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How to read this chart 


» Ths chart is organzed in octaves (Irequency daubling/halving) starting at LHz and 
going higher (2,4,8, eic) ard lower (1/2, 1/4, etc). The octave is 2 natural way to| 
represent frequency 
Frequency increases on the vertical scale in the upward direction, 


The horizontal bars wrap around from far right to far left as the frequency increases 


upwards. 


There is 
“krwn” 


no limit to either end of this chart, however, due to limited space, only the 
items have been shown here. AA frequency of OH ‘= the lewest possible’ 


‘equency but the method of depicting, octaves used here dos not allew for ever 


reaching: 
second), 


‘liz, only approaching it. Also, by the definition of frequency (Cycles per 
there is no such thing as negative Frequency. 


Values on the chart have been labelled with the following colours: [Frequency] mea- 


sured in He 


[Waveleneth] measured in meters, [Energy] measured in electranVolks 
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Ultraviolet Light 


© Uleaviolet ight is beyond the range of human vision 


+ Physidsts have divided ultraviolet ight ranges into Vacuum Utraviolet (VUV), Ex-| 
treme Ultravioie. (EUV), Far Ultraviolet (FUV), Medium Uttravioet (MUV). and 
Near Ultraviolet (NUV) 

UVA, UVB and UV.C ware introduced in the 1030's by the Commission Interna 
‘iorale de Elirage (CIE, International Commission on llminatin) for photobio 
logics spectral kands 


Short-term UV-A exposure causes sun-tanting which he ps to protact against sun- 


bum. Ex; 


posure to UV-B is beneficial to humans by helping the skin produce vitamin, 


D. Excessive UV exposure causes skin damage. UV-C is harmful to humans but is 
used as a germicide 


The CIE 


‘orginally divided UVA and UVB at 315nm, later some photo-dermatologists 


«divided ic at 3200m 
UVA ’s subdivided into UVA1 ard UVA2 for DNA altering effects at 340nm 


The sun 


produces a wide range of frequencies including all the ultraviolet light, 
UVB ts partially filtered by the azone layer and UVC is totally filtered out 


by the earth's atmosphere. 


‘A bumblebee can see light in the UVA range which helps them identify certain 


flowers. 
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Emission and Absorption 


# ASEM passes through elements, certain wavelength bands get absorbed and some 
new ones get emitted. This absorption and emission produces characteristic spectral 


lines for: 


‘each element which are useful in determining the makeup of distant stars. 


These lines are used to prove the red-shi't amount of distant stars. 


When 2 


photon hits an atom it may be absorbed if the enersy Is just right. The! 


nergy level of the clectron is raised ~ essentially holding the radiation. A new photon 
of specific wavelength is created when the ene-gy is released. The jump in energy is 
a discete step and many possible levels of energy exist in an atom 


Jobann Balmer 


reated this formula defining the photon emission wavelength (A); 


where m is the initial electron energy level and n is the final electron energy level 


Much of 


2 =384.56nm (7) 


the interstellar matterismade of the simplest ator hydrogen. The hydrogen 


visible-spectrum emission and absorption lines are shown below. 


Emission Ii 


Aossorption I 


ie, 


ine) Be 


— Balmer series name 


'» Max Planck determined the relationship betweet 
the temperature of an object and its radiation pro 
file; where Ry is the radiation power, A is the 
wavelength, 7 is the temperature: 
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Cosmic Microwave Background Radiation 

© CMB radiation is the leftover heat from the hot early universe, 
hich last scattered abeut 400,000 years after the Big Bang. 
CMB permeates the entire utiverse at 2 temperature of 2725 
+ 0.001K 
CMB was predicted in the 1940's by Ralph Alpher, George 
Gamow and Robert Herman 
Arno Penzias and Robert Witson accidentally discovered CMB. 
while working for Bell Teleghone Laboratories in 1968. 
The intensity is maasured in Mega Jansky (J) per steradion 
Ay = 10° W ford [IT 


Close examination of slight CMB intensity 
variations in diferent parts of the sey hen 
cosmologists study the formation of galaxies 








Electromagnetic Radiation (EMR) 


© EMR is emitted in discrete units called photons but has proverties 
of waves as seon by the images below. EMR can he crested by the 
osellation or acceleration of electrical charge or magnetic field. FMR 
travels through space at the speed of light (2.007 924 58 ><10® m/s) 
EMR consists of an oscilating electrical and magnetic Field which are 
‘at right angles to eachother and spaced at a particular wavelength. 
There is some controversy about the phase rdavonship between the 
electrical and magnetic fiells of EMR, one of the theoretical reare- 
sentations 's shawn here: 


Electric Field Strerath 
B= Magnetic Field Strength 
Wave Nature 


Particle Nature 


‘© The particle rature of EMR is exhibited when a solar cell emits ind 
vidual electrons when struce with very dim light. 


The wave nature of EMR is demonstrated by the famous double sit 
‘experiment that shows canceling and addition of waves. 

Much of the EMR properties are based on theories since we can only 
see the effects of EMR and not the actual photon or wave itsalf 


Albert Einstein theorized that the speed of light is the fastest that 
anything can travel. So far he has not beer proven wrorg. 

EMR can have ts wavelength changed if the source is receding or 
approaching as in the red shift ecample of distart galaxies and stare 
that are moving away from us at very high speeds. The emitted 
spectral light from these receding bodies appears more red than it 
would be if the object was net moving amay from us. 


We only have full electronic control aver frequencies in the microwave 
range and lower. Higter frequencies must be created by waiting for 
the enerzy to be released from elements as photons. We can either 
pump ereray into the elements (ex. heating a rock with vishble EMR 
and letting it release infrared EMR) or let it naturally escape (ex 
uranium decay), 


We can only see the visible spectrum. All other bands of the spectrum 
are depicted as hatched colours §33888 








‘Systeme Intemational d'unité prefixes (SI unit prefixes) 
‘Srmba Exo._[ Multolier 
10% | 1,000,000, 000,000,000 000,000,000 
107 | 1,000,000, 000,000,009 000,000 
20"* | 1,000,000, 000,000,000 00 
20 | 1,000,000, 000,000,000 
10" | 1,000,000,000,000 
to” | 1,000,000, 000 
30° | 1,000,000 
10? | 1.000 
we a 
10= | 0.001 
10=@ | 0-000 001 
10=9 | 0.000 000 oat 
10™ | 0.000 000 000 001 
105 | 0-000 000 000 000 001 
10~ | 0-000 000 000 090 000 ot 
107 | 0-000 000 000 090 000 000 aD 
10~* | 0-000 000 000 000.000 000 G00 ot 























Measurements on this chart 
Name 


Speed of Light 





Value 
2.997 924 68 x10" m/s 
Plance's Constant 6626 1 1 Le 
Planck's Constant (freq) | 1.054 502 10° J-= 
Frequency (cycles / second) He 
Wavelength (meters) m 
Energy (Joules) iH 
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Gamma Rays 


‘© Gamma radiation is the highest energy radiation (up to =: 10™ eV) 
that bas been measured. At this energy, the radiation could be from 
gamma-rays, protons, elactrors, or something else 
Alpha, beta, and delta radiation are rot electromagnetic but are ac 
‘ually parts of the atom being released from a radioactive atom. In 
some cases this can cause gamma radiation. These are rot to be 
confused with brain waves of sirilar names, 
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Television 


+ TV chamet transmitted through cabl 
starting with 
Air ard cable TV stations are broadcast with the separate video, colour, ard audio 
frequency cartiers grouped togetier in a chanel band as flows: 


Television is transmitted in the VHF and UHF ranges (30MHz - 3GHz). 


+ TV channels transmitted over the sir are shown 26| 


(CATV) are shown 2= (TW). CATV channels 
are channds fed back to the cable TV station (like news fead), 
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broadcast in alternating polarities (Ex Ch 1 Is vertical ant 


Video og Audio 


al rt ne Bar eed (HD) Thee stators 
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The 15.7 kHz horizontal sween signal produced by a TV can be heard by some young 


This common contaminant signal to VLF spectra listening is depicted as 





























Shot Wave radio 
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RADIO WAVES, 
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Citizens 


Radio Bands 


* The radio spectrum (ELF to EHF) is populated by mary mere items than can be 
shown on this chart, only a small samping of bards used around the world have 
been shows 


Com murication using EMR is done using either 


= Amplitude Modulation (AM) \A\Vjvwwl\\\\ww\\wvwes\y\oown 


Peery Mtsos 6) YONA 


Each country has its own rules and regulations fer allotting bands in this region. 
For more information, look up the radio com murications autherity in your area (Ex. 
FCC in the US, DOC in Canada). 

Not all references agree on the ULF band range, the HAARP range is used here. 
RAdio Detecting And Ranging (RADAR) uses EMRin the microwave range to detect 
the distance and speed of ebjects. 


Band Radio (CB) contains 40 stations between 26.965-27.405MHz 


Schumann resonance produced nthe cay between the Earth andthe ionophore 
The reant peak ae depicted a 


Hydrogen gas emits radio band EMR at 21cm fl 
o- Sonia nid Freuahen or tpi ao 
Pret submarine commurications 
Cee 
LID Ham ratio and international meter bands 
[EBB Miccclancous short wave radio 
WD Weather stations 


Cellular and PCS Prones (including: FDMA, TDMA, CDMA ranges) 
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Long Wave radio 











Zim ane 61 


























Test DOA pe BDKHZ 122 





aE 3 Te aa 


2.0 km 











bp 579 He 











VLF Very Law Frequency 





790 ke 








Tiskm iid peV 


Tee pay 185 Kee 





= 


Induction 
Heating 























Human Audible range] 
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Sound 


© Although sound, ocaan waves, and heartbeats are not electromag: 
netic, they are included or this chart asa frequency reference. Other 
properties of electromaunetic waves are different from sound waves. 
Sound waves are caused by an oscillating com pression of molecules. 
‘Sound cannot travel in a vacuum such as outer space. 
“The speed of sound in airis 1240kph (770mah). 
Humars can only hear sound between =20Hz to =20kHz 
Infrasound (below 20H2) can be sensed by intemal organs and tauch 
Frequencies in the 0.2He range are often the cause of metien sickness 
Bats can hear sound up to =S0kHz. 
“The 88 piano keys of the Equal Temperament scale are accurately’ 
lecated on the frequency chart 
‘Over the ages people have striven to divide the continuous audio fre- 
quency spectrum into individual musical notes that have karmonicus 
relationships. Microtonal musicians study various scales. One recent 
‘count lists 4700 cifferent musical scales 
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om, This inage deplt sir 
being compressed 25 
sound waves in @ tube 
from 2 speaker ard 
then traveling Uirough 
the tube towards the 
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Gravity Waves 


«© Gravity is the mysterious force that holds large objects together and! 
binds our planets, stars ard galaxies together. Many people have u 
successfully theor'zed about the details of gravity and its relationship 
to.ather forces. There have heen na links between gravity waves and! 
electromagnetic radiation. 

© Gravity is theorized to warp space and time In fact, gravity is re 
sporsible for bending light as observed by the gravity-lens example of 
distant galaxies. 

© “Gravity waves’ would appear 2s ripples in space-time fermed by large! 
objects moving throvah space that might possibly be detected in the 
future by very sensitive instruments 

© The speed that gravity propagates through space has been theorized 
to be the sameas the speed of ight 


Visible Spectrum = 2 


‘© The range of EMR visible to humans is also called “Light” The 
vishle spectrum also closely resembles the range of EMR that filter: 
‘through our atmosphere from the sun 


Other creatures see different ranges of visible light, for example 
bumble-bees can see ultraviolet light and dogs have a different re- 
sponse to colours than do humans. 

The dey is blus kecause our atmosphere scatters ight and the sherter| 
wavelength blue gets scattered the mast. It appears thot the entire 
sky isilluminated by ablue fight butin fact that lights scattered from 
the sun. The longer wavelengths lke red and orange move straight 
through the atmosphere which makes the sun lock like a bright white 
bal containing all the colours of the visible spectrum 


Interestingly, the visible spectrum covers anpraximately one octave 


Astronomers use filters to capture spedific wavelengths and reject 
unwanted wavelengths, the major astronomical (visual) filter bands 
are depicted 25 ja 








Infrared Radiation 

Infrared radiation (IR) Is sensed by humans as heat and \s below the 
range of human vision. Humans (and anything at room temperature) 
are emitters of IR. 
IR remote control signals are invisible to the human eye but can be 
detected by most camcerders. 
Night vision scopes/goggles use a special camera that senses IR and 
corverts the image to vsible light. Some IR cameras employ ar IR 
lamp to hep illuminate the view. 
IR LASERS are used for burning objects. 
A demonstration of IR is to hold a metal bawl in front of your face. 
The IR emitted by your body willbe reflected back using the parabolic 
shape of the bowl and you wil feel the heat. 
Fiber optic based infrared communication signals are sometimes arr 
alfied with Erbium Doped Fiber Amis (ama 








LASER 


‘> LASER is an acronym for Light Amplification by Stimulated Emission 
of Radiation 

# A LASER is a device that produces monochromatic EMR of high 
intensity. 


With proper equipment, any EMR can be made to operate like a 
LASER. Fer example, microwaves are used to creatz 2 MASER, 








Polarization 


‘+ Aza photon (ight particie) travels through space, its axis of electrical 
‘and magnetic fluctuatiors docs not rotate. Therefore, cach photon 
has a foed linear polariy of somenhere betneen Oto 360". Light 
a also be cleulatly and ellipticaly polarwed, 

Some crystals can cause the photon to rotate its polarization, 
Receivers that expect pdlarized photons will not accept photons that 
are in other polarities. (ex. satellite dish receivers have horizontal 
and vertical polarity positions) 

A polarized filter (Ike Polaroid™sunglasses) can be used to demor- 
strate polarized light. One filter wil only let photons that have one 
polarity through. Two overlapping filters at right angles will almost 
totaly block the light that exits, however, 2 third filter inserted be. 
‘ween the fit two at a AB™angle will rotate the polarized light and 
allew some light to coma out the end of all throe fiters. 

Light that reflects off an electrical insulator becomes polarized. Cor- 
ductive reflectors do rot polarize light. 

Pethaps the most reliably polarized light is a rainbow. 

Moorlight is also slightly polarized. You can test this by viewing the 
mooriight through 2 Polaroid™sunglass lens, then rotate that lens, 
the moonlight will din and brighten sightly. 














Brain Waves 


© By connecting: electrodes from the hurran head to an electroen-_ 
cceptalogranh (EEG). itis possible to measure very small cyclic elec 
tical sigrals, 

© Thee has been much study on this rople, but like all effects on 
hhumans, the science is not as exact as the science of materials. 

© Generally, lower brain wave frequencies relate to sleep. and the Figher' 
frequencies relate to alertness 

© Devices have been made for measuring and stimulating brain waves 
to achleve a desired state. 











Refraction 


+» Refraction of EMRis deperdent on waveergth as can be seen by the 
prism example below. 


By using a glass prism, white ight 
can be spread by refraction Into a 
spectrum of Its composite colours. 
All wavelengths of EMR can be r= 
fracted by using the proper mats. 
rials 


Convex lenses make objects ap- 
pear closer ard are used to correct 
far-sitedness 


Focal point 


Concave lenses make objects ap- 
pear farther away and are used to 
correct near sitedness. 


Heavy objects like dense galacies 
and large planets cause light to 
bend due to gravitational lensing 








Reflection 


1» Reflection of EMR is dependent on wavelength as demonstrated when 
visble light and radio waves bounce off objects that X-Rays would 
pass through. Microwaves, which have a large wavelength compared 
to visible light, wil bounce off metal mesh in a microwave oven 
whereas visible Tight will pass through 

EMR of any wavelength can be re 

flected, however, the reflectivity oF 

2 material depends on many fac- 

tors Including the wavelength of 

the Incident beam, 


Source 


The angle of incidence (0,) and 
angle of reflection (#,) are the 
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electricity from radiowaves 3 








Glass housing 


: Lead In Wire 








Antenna 


C2 
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feluri (fig. III.9), schemele fiind echi- 
valente cu reprezentarea de baza din 
fig. I1I.8. Diodele sint legate in seric, 
in forma’ de patrulater, dowd avind 
comun anodul (punctul 2), iar cele- 
lalte dou&d catodul (punctul 4). Ten- 
siunea alternativa de intrare se aplica 
pe diagonala 1—9, jar consumatorul 
se conecteazi pe diagonala 2—4. 


Pentru a urmari functionarea pun- 
tii, si presupunem ci prima alternanta 
sositi in nodul 7 este pozitiva. Ea 
blocheaza dioda D, si o deschide pe 
D,, debitind prin Ks un curent J, 
(sagetile pline), care se intoarce la 





tice’ sau. cu parametri cit mai apro- 
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TII.9. Puntea redresoare in difertte repre- 
zentari. 


circuits used on LC “RadioWaves" 





Insulated Aluminium Plate 


Plate dimensions 58x43cm 
Plate insulated with tape 
2.5mm solid copper wire 
Earth is 1.5m copper pipe 





F \ 


4 —_— wn a Full Wave Rectifier) 
é . 7 


. % Ps | 47uF 250v capacitor 





+—— 16 cm length 


Ee 4mm thickness, 
4cm width, 


Germanium Diode 


IN34 or INS4A 


fei Pisielss - 
TAWA 


You can use 
electrolytic capacitor! 


~- 


Aluminum electrolytic capacitors 
with non-solid electrolyte 
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Germanium Diode 


IN3S4 or INS4A 


copper 
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Ceramic —_Sa 


Germanium Diode 


IN34 or IN34A 
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Circuit Diagram 











Parts List 


All Diodes are 1N4148 


C1---C8 = 0.22uF/100V mylar 


C9----C16 = 33uF/25V electrolytic 
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Resistor 


. = Varlable Capacitor ins 001uf 
| _> Capacitor 


Varlable Capacitor 








Antenna wire 


Polyvarlicdn Torre 


apadter ———F | 
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Anterina lead-in 


Ground wire 
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TO AERIAL, AT LEAST 20 METRES 
(60FT) OF WIRE MOUNTED 7 METRES 
(20FT) MINIMUM ABOVE THE GROUND 


DIODE LOAD RESISTOR, RX, IS ONLY 
REQUIRED IF CRYSTAL RECEIVER IS 
CONNECTED TO HEADPHONE AMPLIFIER. 


100t_ =L1 
26 S.W.G. 
(25 A.W.G.) 


TO EARTH, BISCUIT TIN OR 1M COPPER 
PIPE IN DAMP GROUND. CONNECTION TO 
CENTRAL HEATING PIPEWORK WILL OFTEN 
SUFFICE. 


CRYSTAL 
EARPIECE 
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Step 1: LED+RF Diode 











First Solder the fed parallel to the Rf diode: 


+ Acc Te (Gp AskG@eesticn (GE Comment =) Ceownicsed. 


Step 2: RF Diode+ LED+ Wires 





Ls 


diode 


1 wavelength laop 
ca. 30 cm total 


7.6 cm per side 


~7f.5¢cm 


resonant at 
ca. 1000 MHz 








Pl > 0:56/1:49 
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Driven Element 
28mm Sides 


5-15 Trimmer 
Capacitor 


Reflector Element 
30mm Sides 


Diode 


LOOOpF 


+ 
To Voltmeter 
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DIY Wireless Power - Part 2: Simple Wireless Power Transmission! (CB) 
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DIY Wireless Power - Part 1: TV/FM Antenna,1N34/Germanium Diode 








The simplest FM Crystal Radio Circuit - http://billydiy.blogspot.hk 


Antenna - Extendable Radio 1.8 meter. That also serves as tuning 


1N34A,1N48,AA112, ISS86, ISS106 





D2 
3.5mm Mono earphone Jack for Crystal earphone 


Simple crystal receiver for FM 


Carlo Bramanti 
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FM Crystal Radio Circuit 


Antena 
Simple FM Crystal Radio Circuit | 8 4cmof#i6 
Copper Wire 


1N60 Germanium 


cS Turns of #18 copper 


wire tapped at 2.5 
turns, 12mm inside 
diameter. 


Op! 
Air variable 





Parts List (some of these parts you can buy from our online store): 


e IN60 Germanium Diode 
e 15pF Ceramic Capacitor 
e 50pF Variable Capacitor 
e 150K Ohm Resistor 


e #16 & #18 Copper wires 
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L- 4 turns #18 copper or silver wire, 12mm inside diameter, tapped at 2.5 turns 
Ant - 7 inches of #18 bare copper wire 

C1 - 18 pf ceramic capacitor 

C2 - 50 pf air variable capacitor 

D - 1N34 diode or rock crystal 

R - 150K resistor 


All passive components 

















Two 50v capacitors (0.22 microfarad). These two 
capacitors a por have a positive or negative lead. 









| the slisdes are all facing the same 
‘direction. Digdes come with a band which tells you 
ich sifie is the negative (cathode) side. 


Four germanium 
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iade to the twisted ends of the ceramic capacitors. When soldering the leads of the 1N34 diodes, care must be taken t 





FIG. 9 TERMINAL STRIP 
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Ground Antenna 


Amplifier circuit. The crystal radio used for example purposes is the crystal radio made from scraps here. 


The crystal radio 

in the dotted box 

can be pretty 

much any crystal . 
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4. Results and Analysis 


The simulated and measured results at the output voltage 
of voltage multiplier circuit are shown graphically in 
Figure 8. From the graph analysis, the simulated and the 
measured results agree considerably with each other. The 
measured results are shown to be better than the simula- 
tion results. The reason behind this may be due to the 
uncertainty in series resistance value of the diode ob- 
tained from SPICE parameters in modeling as explained 
in Equation (5). This resistance vale of diodes in practi- 
cal circuit may be lower than in the model, which pro- 
vides fast discharge path, in turn rise in voltage as passes 
through the stages and reaches to final output. In this 
work, the DC output voltages obtained through simula- 
tion and measurement at 0 dBm re 2.12 V and 5.0 V re- 
spectively. These results are comparatively much better 
than in ref. [9], where in at 0 dBm, 900 MHz they achieved 
0.5 V and 0.8 V through simulation and measurement 


Input SMA Connector Schottky Diodes 


Stage Capacitors 


increasing to 1.4 V, 1.67 V, 1.87 V and 2.12 V for 4, 5, 6 
and 7 stages respectively compared to 2 mS as shown in 
[10]. Figure 12 shows that the conversion ratio of 22 ts 
achieved at 0 dBm input power and drops to 2.5 at +40 
dBm, The highest value at 0 dBm is due to the innate 
characteristics of the zero bias Schottky diodes which 
conduct fairly well at higher input voltages. 


5. Conclusion 
From the experimental results, it is found that the pro- 


Table 2, Component used in 7 stage voltage multiplier. 


Name of component Label Value 
Stage capacitors Ci- Cis 3.3 nF 
Stage diodes D,-Dy HSMS 2850 
Filter capacitor Cy 100 nF 
Load resister Ri 100 kQ 


Output SMA Connector 





Filter Circuit 


Figure 7. Photograph of assembled circuit board. 


sign in this paper uses a capacitor across the load to store 
and provide DC leveling of the output voltage and its 
value only affects the speed of the transient response, 
Without a capacitor across the load, the output 1s not a 
good DC signal, but more of an offset AC signal. 

In addition to the above, an equivalent load resistor 1s 
connected at the final node. The output voltage across the 
load decreases during the negative half cycle of the AC 
input signal. The voltage decreases is inversely propor- 
tional to the product of resistance and capacitance across 


Cy Cs 








Source 


the first stage was 3.3 nF, the second stage was 1.65 nF, 
third stage was 825 pF, fourth stage was 415 pF and so 
on, But keeping in view of testing, the capacitance values 
were chosen to have a close match with the standard 
available values in the market. 

Simulation was carried out through 4 to 9 voltage 
doubler stages. Based on results obtained a 7 stage doub- 
ler is best to implemented for this application. 

The design of the printed circuit board (PCB) was car- 
nied out using DipTrace software, The material used to 


Figure 6. Schematic of 7 stage voliage multiplier. 
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Fig. 9. Configuration of a single shunt diode (Class F) rectifier with a dipole 
antenna- 


To antenna 





Load 
Fig. 10. Configuration of the proposed rectifier on coplanar stnplines (CPS). 


TABLE Ill 
CIRCUIT COMPONENTS USED IN THE DESIGN 


5 RT Nominal Value Part number and supplier 
DI Schottky diode _SMS7630-079LF, Skyworks 
LI 47 nH chip inductor —-—-(0603HP47N. Coilcraft 
cl 100 nF GRMIS88R71H104JA93D, 
chip capacitor Murata 


antenna have a radius of 50 mm and a circumference angle of 


am at Ff st T1 at r « taf 


respectively. While the imaginary part of the proposed OCFD 
is around 0) Q at resonant frequencies 0.6 GHz, 1.2 GHz and 2.4 
GHz, which are fo, 2fo, and 4fo respectively. These results have 
demonstrated that the simulated results agree with the OCFD 
theory as discussed in Section III-A. Furthermore, the 
imaginary part of the impedance of the antenna over the 
resonant frequency band from 1.4 te 2 GHz turns from negative 
values (for the reference antenna) to positive values (for the 
proposed antenna). As shown in Fig. 7(b), the value of the 
imaginary part of the proposed antenna impedance varies 
between 0 and 300 © over the desired frequency band. This 
feature could help the proposed antenna to produce a better 
conjugate matching with the rectifier, since the imaginary part 
of the impedance of the rectifier normally varies between -700 
and 0 Q as we discussed earlier. The simulated 3D radiation 
patterns of the proposed antenna at the frequencies of interest 
are depicted in Fig. 8. The 2D polar plots of antenna patterns in 
E-plane and H-plane are shown as well. Here we have only 
showed the directivity (maximum gain) of the antenna (without 
taking the mismatch loss into account). From Fig. 8, it can be 
seen that the antenna has symmetrical patterns about YOZ 
plane with a maximum directivity of 1.8 dBi at 0.9 GHz, 3.5 
dBi at 1.8 GHz and 3.3 dBi at 2.4 GHz. The antenna is more 
directive towards the long arm direction at 1.8 GHz and 2.4 
GHz with the half-power beam-widths (HPBW) of around 174° 
and 185° respectively. The HPBW is about 96° at 0.9 GHz. 

Therefore, the proposed broadband OCFD antenna has 
obtained high impedance over a wide frequency range. The 
proposed design is just an example to illustrate the proposed 
new method. The details of the dipole could be modified 
according to the frequency of interest. 


IV. RECTENNA INTEGRATION 


A. Rectifier Configuration 

The proposed high impedance OCFD antenna may directly 
conjugate match with the input impedance of a rectifier over a 
wide frequency band. The rectifier should only consist of few 
circuit components for rectification, DC storage and output. A 
single shunt diode rectifier is selected due to its very simple 
structure and high conversion efficiency [33]. The 
configuration of the single shunt diode rectifier with a dipole 
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ake and it can be sent in an envelope. I made tens of them and sent them to politicians, newspapers, universities... 1 gzve some to local people. together with 2 user 
| later version, that can be rolled up m an envelope that fits the conditions to be sent with only one stamp. 





37,5 cm BAT 62 12,5em 


BAT62 


BAT62 detection diodes are no more produced. BAT1§ diodes work fine but they wear out; after a few months they stop functioning. a ate little and mechanically fragile MMSD701T1G diodes are sturdy and powerful; an excellent choice for a beginner. Such SMD diodes do also work for cell 
phone frequencies, which allows to test out a anake with a calling call phone pushed against it. But any detection diodes that can manage 100 MHz will do 


The LED Tm currently using is the L-7113SEC-H . It lights up with a low tension and a very low current (the bluer a LED, the more tension it needs). Its color is red yet close to orange hence it is easily seen by the human eye (the eve is most sensitive to green, yellow and orange). The beam is quite narrow so when the LED is 
directed towards somebody's eyes it will appear quite bright. 


adr ers eed Clearer roe Atha Audio signal wire is a practical solution. Use the shielding as one of the two conductors. The lengths of the two segments must not be precise. What matters is that the total length of the snake be 1,5 maters, Do not hesitate to try out 
if little longer or shorter snake gives better res 


A schematic of my current probes, that I connect to a standard multimeter, measuring Volts DC, The measure displayed by the multimeter must be multiplied by 10, When using a 200.0 mV scale, just read while forgetting the dot: 
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BAT15 


10nF 


Lead Free Status Lead Free 


RoHS Status RoHS Compliant 





The MMSD301T1. and MMSD701T1 devices are spin-offs of our popular MMBD301LT1. and MMBD701LT1 SOT-23 devices. They are designed for high- 
efficiency UHF and VHF detector applications. Readily available to many other fast switching RF and digital applications. 


Extremely Low Minority Carrier Lifetime Very Low Capacitance Low Reverse Leakage AEC Qualified and PPAP Capable S Prefix for Automotive and Other 
Applications Requiring Unique Site and Control Change Requirements These Devices are Pb-Free, Halogen Free/BFR Free and are RoHS Compliant* 


XXX G = Specific Device Code SMMSD701T1G = Date Code = Pb-Free Package 
Rating Reverse Voltage MMSD701T1G, SMMSD701T1G Forward Current (DC) Continous Forward Power Dissipation = 25C Junction Temperature Storage 
Temperature Range Symbol VR Value to +150 Unit Vde MG 





Parts Required: Circuit Diagram: 


ZinchiSern) hard wire = 100pF N4148 


+ 100nF & 100pF 
2 N4148 Diode x(2) DH noone Nanas one LED 


Electionics 


3.A bright good quality LED i 


Bread board Arrangement: 
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Tesla Free Energy Air Circuit 
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Tesla Free Energy Air Circuit 












Ceramic 
Earphone 
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Water Pipe 


100 foot antenna wire as high as possible 





40 turns of plastic coated wire tapped 
every § turns on a Quaker Oats Box 
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Radio Galena 





Diodo OA81. 


























Sin las 
medidas 


Conpectas 
menor 
€ficenc7a. 




















Ricevitore a cristallo per FM 


Un progetto di Giacomo Ca 


Seguendo l'invito di Leonardo ho realizzato questo semplice ricevitore a cristallo per FM (fare clic sullo 
schema qua sotto per vederlo ingrandito). 











Figure 1: Magnetic field probe build from a paper clip. 
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Another Prototype similar to the Heathkit using toroid coil 
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(Os AS NO 


This is a dual tuned crystal set made in a box like the CR-1, just a fun prototype I made a few years back. It pulls in AM stations loud and clear. 
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GALENA , Radio AM ,sem pilha. 
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Click on photo for a larger picture 
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Instructions for using 


Philmore Crystal Radio Detector 
AERIAL 







LEADIN WIRE 
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Re, 
°R wet 


This Detector ia « tedic in iteell, as it is posible 
te get reception with it alone, orivided you are within 
25 ~miles » heoadcustiny stetiun, Under very faver- 
sile conditions reception & socwtimes powible at emich 
gremict distances 





In order to get reccjtion, you meed an tal 1 
and headpiyones The ALRIAL ausy const ol 4 to 
> Jeet { cupper wire amu! two tosulatoca. Attach 


Jatore to each ed of che wite. Stretch tho wire 
sliowtng © ittle gag 25 poas:ile, Na part of this wire 
Juntd touch any portion of the building or any other 
ohatruction, 

The LEAD-AIN may: conelat of any desired length 

of covernd wire which will reach from the uerial 
~ + ond of ths fead-in 30 tha the 

olutely clean Wind one end curely arcu 





ive wat —" rite, © 


re te oa 














wit Place the othe cul ip the clip 
T cords leading i Bead pee 
N i wm ill ! 
phone te clip the clip unler the 7 
The nther wire from the t hed *'D" st 
be connected to wuter pipe, rad e arry othee agu 
side connection to be sae! for che groond 


You ere How ready to receive brmadesst... Kise om 


sensitive epot on! tT create) be Weana of the cate 
byis 1 : 


’ 

kere. You may f iy neccarery to “hunt’’ foe 
live sgxvte saa the evyytal 2 } uk parte of “ 
crystal are sent mi ou » vou fiz these sensitive 


spol you wil] mot hear enything. 


If yoo do not at fies yet cezults, do not blame 
the detector, o« every set ip texted before being sipped 
amd will positively yet results ureler the proper *on 
ditions Jo not write in and ask whor the trouble is 
foe 2 personal qumiinatiog of your entire hook-up will 
be necessary. Go over your eerial, ground, various 
connections, éte., and if mrceatary get someone whe 


thoroughly understands radios to help you. 








Unscrew to remove 
or turn crystal 


Crystal holder Cat’s whisker 






Ball — rotates in housing 


Shaft - slides 
ms through ball 


Terminal 






Modern diode (7:5 X 2:5 mm) 


Majoritatea componentelor active folosite {n circui- 
tele electronice moderne sint dispozitivele bazate pe 
semiconductoare. 

Cel mai simplu dispozitiv este dioda punctiformaé cu 
germaniu. Ea are proprietatea de baz4 de a se com- 
porta ca si cum este conectata direct la o sursé electrica 
de curent continuu (plusul sursei la plusul diodel) si 
ca un izolator, cind este conectaté invers la aceeasi 
surs& (plusul sursei la minusu! diodei), ca in figura 2.9. 





FIG, 2.9. 


Dieda punctiform’ cu germania 


PN Dioda stabilizatoare 
pl Diods varicap 


-pi- Dioda luminiscenta LED 
a 
—Pi- Fotodioda 


FIG, 2.10. 


Tipurl de diode semiconductoare 





FIG. 2.11. 


Puntea redresoare 
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Antenna 


90mt 


90 spire su rocchetto diam 9 
90 affiancare e 
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Catswisker 








Lead sulfide crystals, also called “galena" 





Crystal detector, the lever was used to position the spring contact on a crystal face 
capable of performing the radio signal detection. 


Yeah , but how does a galena radio work? Here is the constructive scheme of a receiver of this kind, obtained from a book of popular radio commt 
to the knowledge of the radio, ed. Hepep 1943): 


ANTENAA 





“ig. 13.5. — Pealizzazione pratica dello schema di fig. 13.5 con aggiunta della bobina d’antenna. 


SSE SS FS SiS FES SESS SES Si SGe ERS Qa SnS Eye BSS ais SS eew, 


Many of the younger generation never had the pleasure to have, or to even see 
a real beautiful crystal detector as shown on Picture 1. A detector like that was 
the product of the early 1920's, and it was an expensive, quality, well made 
product. They were usually hands assembled with machine made components. 


This particular "Ernest Roger" detector device is built on an insulated base, 
either wood or most likely of Bakelite, the most widely used and only available 
plastic material at the times. 





OddMix.com 


: z = Many of the younger generation never had the pleasure to have, or to even see a 
Picture 1. "Ernest Roger" Crystal —_ eq) beautiful crystal detector as shown on Picture 1. The new generations are 
detector from 1920 much too involved with technology and playing on their computers or going to an 
online University. This excellent detector holder used copper, brass and bronze generously for the crystal holder and for 
all of the electrodes. 


The most often used crystal in this and similar detectors - then and now - was pyrite or galena as shown in the 1925 listing 
in a table in the "American Mineralogist” publication, that has a listing of thirty three minerals catalogued with rectifying 
detector properties. 


Among the very first commercially produced diodes is the 1N21B shown 
on Picture 2. It is more than curious, that this "diode" is enclosed in a case 
on which there is a slotted screw-head is just visible on the wide side 
(lower right). That screw is connected to a fine "cats whisker" steel wire, a 
few turns of a spring-like device, terminating in a point that is in touch of 
the germanium semiconductor material connected to the top left diode 
terminal. 


The arrangement is much smaller, and more diode like, then the detector 
on Picture 1., but it made in a very similar arrangement, which has 





became known as the point contact diode. From these and similar OddMix.com 

germanium diodes, evolutionary progress Jeads ys to current PN junction — eee 
Silicon, Gallium Arsenide or other more exotic semiconductor materials Picture 2. Early point contact diode with 
which are the achievement of the latest scientific age and many years of adjustable srew 


steady experimentation, research and development. 


DOPED REGION Picture 3 shows the cross section of a hermetically glass enclosed, point contact 
CONTACT Wie OLASS 


diode. If the left side, point contact terminal would be attached to a screw anda 
short spring, and the glass envelope would have a threaded metal part in it, the 
Picture 2 and Picture 3 devices would be nearly identical. 


These point contact "cat's whisker" devices, are still made occasionally because 
of their very small capacitance. As it was discovered early on, they are highly 
OddMix.com | useful in high frequency electronics. All the way up to microwave frequencies 
they useable. The simplest radar detectors usually made with a simple horn 
Picture 3. Point contact diode antenna, a diode similar to Picture 2 and Picture 3 and a transistor amplifier. If 
the designer keeps it simple, and don't use a local oscillator, such radar detectors 
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FIG 2. RECEIVING SET, WITH ANTENNA AND GROUND CONNECTIONS 
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J- LEAD-IN WIRE 
K-LICHTNING SWITCH 

L- GROUND WIRE 

N- LEAD TO RECEIVING SET 
O- INSULATING TUBE 
P- RECEIVING SET 

Q- GROUND FOR RECEIVING SET 


FIG.& 
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J-LEADAN WIRE 

K- LIGHTNING SWITCH 

L- GROUND WIRE 

M- GROUND PIPE 
R N- LEAD TO RECEIVING SET 
O-INSULATING TUBE 
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Tuning 
knob 





Plastic barrel stereo 
(Mains) line socket (see Fig.11) | Wooden 


terminal block 


Fig. 14 Suggested component arrangement for elementary crystal set 


(Wires not connected) 










BNL 
Kuvnia Headphones 
indicates ~° 8a 
variable 
tap = \ : 
(Wires connected) 
(i) Circuit 
Stout copper wires 
Turn number 460'8—1:0 mm)* 
as connexions and support 
4cm 
diam. 





(Ends cleaned 
and tinned) 


Terminal block 
(ii) Coil tappings and mounting 


Fig. 16 Circuit with topped inductor 










Soidered 
Flexible lead 
Terminal ok Tube 


(iii) Alternative mounting 


Connections to inductor 


Turnnumber—~-0 5 15 25 35 


inductor E 
supported on 
receiver base 





aye 
Headphones 
(low impedance) 
(iv) Suggested component arrangement 





Flexible lead 


* 21-19 SWG, 20-18 AWG 


jal 


— 


required) and a flying lead for the diode, these components 
are shown in Fig.16(iv). This is doing the job properly, there i 
no reason however (except for unreliability of contact) why 
both aerial and diode flying leads should not terminate on 
crocodile clips and be clipped onto the chosen taps as 
required. 


Earth is connected to terminal 1 and the headphones to 11 
and 12. Both the aerial and the diode lead are tried at 
terminals 2 — 9, a game of “poke and hope” but one which 
can be rewarding. Remember that generally but not always, 
the tappings with the lower numbers reduce loudness but 
increase selectivity. Aerial to terminal 8, diode to 9 brings us 
back to Fig.13(i) of course. 


5.2 SWITCHED SELECTIVITY 


A technique of selection of aerial and diode tappings by means 


of rotary switches has much to recommend it especially if 
setting changes are likely to be needed for reception of 
different stations. In this case two single-pole 8-way switches 
are required, usually obtainable as | 2-way so leaving 4 spare. 
The drawing symbol shown in Fig.17 speaks for itself with 
regard to its action and it may be found from catalogues that 
there are two types of action, by which is meant the manner 
in which the switch changes over from one contact to the 
adjoining one. Break before make switches disconnect one 
circuit before the next is connected and make before break 
have a change-over period during which both circuits are 
connected at once for a short time. Either type is suitable for 
us. A knob to rotate each switch is also required, a small one, 
say 2 cm diameter or less is ample, if with an indicator line or 
pointer, so much the better. The modifications to Fig.16 for 
switching are given in Fig.17. 


With such rotary switches a search for the optimum arrange- 
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Terminal block (see Fig. 16) 
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r es 
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Fig. 17 - Switching aerial and diode leads 


variable capacitor, the two switches and the headphone socket, 
the ise aa then be of the chassis type. A pair of terminals 
for aerial and earth completes the receiver. On the panel the 
two rotary switches are easily labelled | — 8 but we are still 
uncertain about a tuning dial because we may not have the 
right variable capacitor for the inductor, this is the subject 
of the next section. 


53 GETTING THE RANGE RIGHT 


This is where we pause in receiver construction to remove 

some of the confusion which may still exist with regard to 
the tuning ingredients, wavelength, frequency, inductance 
and capacity, each of which has some bearing on the others, 
‘to fit together these four pieces of the puzzle, so to speak. 
For most crystal sets the inductance is fixed according to 

the variable capacitor available and we tune the receiver over 
the range bv rotating the variable capacitor knob over half a 
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(ii) Arrangement of inductors 


Fig. 21 A double-tuned crystal receiver 





39292936 392086 Position 2 (shifted left) 


(iii) Moving inductor Ly 


To variable capacitor To variable capacitor C2 
(moving plates) (second section, fixed plates) 





Uy Diode and 

Y matching 

‘Ws transformer 
& \\ Nea ee | as in Fig. 16(iv) 

Diode fexibie/ Terminal block 

lead (fixed) 


* See Section 2.4 


(Chimney 
fixing 


even 
better) 








(ii) Attaching aerial to insulator 


Water pipe 


Earth lead to receiver 


(iv) Earth connection to water pipe 


Fig. 12 Aerial/earth systems 


Support wire Aerial 
or rope insulator 


Aerial Support wire 
insulator or rope 


Spon (preferably 15 to 18 m)————> 


End of (Fixed as high 

cerial wire as possible to 

(not connected) _— pole, tree or 
ilding) 





(iii) Room cerial 
Earth lead 
Copper pipe 
Washers 
Ground 


(v) Lead bolted to earth spike 





Headphone cord 






Matching transformer Socket Jack plug 


| Fig. 11 Matching a high impedance receiver to low impedance headphones 
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1 Watt Nuclear Generator - Free Energy 


F Gadget Addict 
Subscribed 138,050 views 
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Voltage Balun / "Magnetic Balun” 
From GWOVMR's plan 
To Long-wire 
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PUN Amieang Long Wire 


Beverage antenna 
Antenna Long Wire 
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Antenna Long Wire or Beverage 
(450 - 550) 





RTX 
(50- 750) 
oe ® se . to Beveroge 
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RTX 50-75 Ohm 





Bal-Un 2:1 per antenna DELTA-LOOP 












Autoformer, not a 
parallel transmission 
line — Ruthroff balun 
(voltage) 


| One or more parallel transmission 
S67 lines, connected various ways — 


J BacAuced 


Guanella balun (current) — core is 
used solely for choking action 





Baluns W7KVI 03/16 - 
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Coax i is unbalanced — 


COAXIAL CABLE 


foil shield 


braided shield 


center conductor 





outer jacket 





Ladder line is balanced 


a oe | 
YE ————————EErrrrr 
| Steve Nichols GOKYA 


Coax is unbalanced, while ladder line and open wire feeder is 
balanced, as long as it is used properly and is kept away from 
metal and “earthy” materials 






TOR OPTICS 
"TOLL FREE ¢ 900-227 -13 282 
oe ver (oes) sean ia « Tw 
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Convert parallel —— : = 
feedline to 


Types of Parallel Line 
— Open Feeder or Ladde 
line 
¢ Typ 450 and 600 ohm 
— Twin Lead 


¢ Common for (old) 
outdoor TV antennas 


— Window line 


¢ Commonly available 
today 


















Formula LUNGHEZ7A DELTALOOGP- | Esempio 14.00 MHz (20 metri) | Lunghezza TOTALE dei LOOP 
Velocita’Luce ; Freq MHz x 0.97= L 299.8 VL: 14.100 MHz x 0,97 | 20.624 metri totale loop 


300 000 . 
= SU se OoT 
MHz 


Formula LUNGHEZZA Stub coax 75 Ohm | Esempio 14.00 MHz (20 metri) | Lunghezza TOTALE cavo75 Ohm 
Lunghezza LOOP x 0.66: 4 20.624 «0.66 :4 3.402 Metri coax RG-59 





AGspire filo 4,5 alla Delta Loop 
su tube plastica J 2.0 
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4 Choke RFI 
» toroide 
cavo RG-58 


5+5 spire 
controfase 


BOCCHETTONE 
INGRESSO ANTENNA 
0-2; 59 












2.Insert metal electrodes and attach multimeter leads [cop- 
per (+), aluminum (-)] For measuring direct current voltage: 
set multimeter function switch to “DCV: 20” take a reading 
in volts DC. for measuring direct current: set multimeter func- 
tion switch to "DCA: 20m” take a reading in milliamps (mA) 
DC. 


Lawn battery (summer), INSET: Marsh mud battery. (Circles show position of electrodes.) 


Calculating Earth Battery Power (W = | * V) 


EXAMPLE: A lawn battery in late summer (little rain) 
produces a 0.65V, 0.2mA current. A battery power 
calculation of 0.00013W (0.13mW). 





i OR i a ak al ; : F/B: 0.00 dB; Rear. Azim. 120 deg, Elev. 60 deg 


4: 1 Ruthroft Voltage Balun 


BALANCED 


UNBALANCED 


* 450 Ohm ladderline 


| Steve Nichols GOKYA 


The Ruthroff or voltage balun is another type. Voltage baluns 
balance the voltages. Current balance is considered to be superior 
to voltage balance. Voltage baluns should not be used in lines with 
high SWR. They have the narrowest impedance and frequency 
range of any balun type. Properly designed voltage baluns have 
low common mode impedance. Properly designed current baluns 
have high common mode impedance, and provide better balance. 
If you want to stop common mode currents flowing on your coax a 
current balun is a better choice. But in the Carolina Windom, which 
uses the vertical coax as a radiator you WANT common mode 
currents, so a Ruthroff voltage balun is better. 


ee ee eS ne ee ee F/B: 0.00 dB; Rear: Azim. 120 deg, Elev. 60 deg 


1:1 Guanella current balun 






BALANCED 


UNBALANCED 


* 450 Ohm ladderline 


A Guanella or current balun is very common. Current baluns stop 
RF from coming back down the outside of the coax shield, and are 


So called that because they "force equal currents in each side of a 
dipole" 
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Material being tested C= 


———__ Insulated Wire 
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Earth Electrical 






Ground Connection 











. <== 130 ft (39.62m) 


Remote Field|R&D Lab 
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Electrically Isolated 
{01/2} Thru-wall Cable Pass 


Vay 


ad 


——:~=OHigh Voltage Dropline 





Weather Station —- 


Electrical Isolation 
dual-tube 


Strain Relief 


Vy 


Isolators 





Towers 130 ft (39.624m) —— 


Giant Test Fixture located at lon Power Group's Florida R&D Test Site 
Four (4) towers 130 ft (39.624m) high - approx 330 ft between towers 
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SEM MAG. 41.54 kx SE Detector 
100 


AS HiVac 


Digital Microscopy Imaging 








lon Power Group’s new method of 
coupling to atmospheric electricity is 
vastly different from all previous 
techniques by virtue of our patented 
breakthrough revealing that carbon 
nanomaterials such as Graphite (and 
Graphene) microscopic shown at left, 
macroscopic shown at right are 
significantly more effective at coupling 
to airborne charge carriers (ions) than 
metal. The use of carbon based 
nanomaterials distinguishes lon Power 
Group from all other researchers. 





I cut a hole in the side of the balun then cut the end off a piece of coax cable I had and soldered it to the contacts of the coax connection. 





EXAMPLE: W1JR (Reisert) Cross-Winding Method 
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Balun 1: 1 for HF 


I:| Voltage balun (*Ruthrott") 





10-15 trifilor burns on ferrite rod. 
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S50. 
Unbalanced 


S02. 
Balanced 


1:1 Voltage Balun on Ferrite Rod - MMUKD 








How to convert seawater into drinking water [Class 6,Chapter14,.. @ 2 @ 
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How to convert seawater into drinking water,[Class 6, Chapter14,. @ »& @ 
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Emergency. DIY Water Distillation for Survival Bug-Out Bag 
ae Tiree, 4/2" wal EAS Deg... 
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Solar Still 


Turns sea water or impure water into drinking water 
BE] Remove trom pack and retain pack to top up sal water in still 
GE] Lay out Solar Stat and infiate vaiveO on floatation ning by mouth 
or by iterator dinghy pump. 
BE] vtiate ciea dome to obtain shape using valve Gin base 


Do nol over inflate MH may be necessary to manually regulate 
dome pressure Guning high temperatures 


BE] Anach tapered bag CO and attachment cord @ to boat or lMteraft. 


BE) Pour 5 litres of sea water into tapered bag Q using pact 
which holds § litres (approa) Close waive (> after filling. 


BE} Ensure both vaives@ are open in reservoir feed tube and «= 
drinkable water wall start to collect in reservoir. Air may & 
need io be squeered oul to assets! collection of water | 


Bd Ensure the Solar Sit js kept in direct sunlight whenever 
Posebie 


vee ce aaa | = IMPORTANT 
3 OO AC AT TP, 
- A i WATER AND AGETATE FO CLAM GALT CAYSTALS AND 
BE) Deity - Agitate Sotar Stil! to dampen tabric bem ——y 
EI) To crain unwanted water open vaive 
Qin base. 


PO. Box 6032 Dunmow CM6 JAS UK. Tel: +44 (0)1371 630 216 Fax: 631 733 e-mail: squamatesales@eacl.com 








Image of a patented lon Collector made of carbon/graphite weighing approximately 1 ounce. 





Large aluminum collection grid ( Mesh type |) 
grid must not touch the earth, place it on 
plastic or wooden poles. 


8 Gauge outdoor electrical 
wire runs to home and DC 
Toon / | Fuse breaker box 
TT | 
PELE 
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Science and Invention for June, 1928 


Remarkable European Experiments with Atmospheric Flectrical 
Discharges with Potentials as High as 3,000,000 Volts 


By HENRY TOWNSEND 


elevation of 350 it, aud these students of 
natural electrical phenomens have found 2 
very desirable logation in lhe Alps, where 
they can suspend between one mounzaia and 
an adjacent one, a strong iron vable having 
a length of about 2,000 ft. ‘This cable is 
about 250 feat above the interyening yalley, 
acl f-orn it these daring engineers have 
suepenced a coarsely woven wire net, which 
serves as an clectrical capacity to gather the 
electricity from the atmosphere. As shown 
in the: pictures, the wire net is supped with 
numereus sharp poiuts to aid in collecting 
the curvent from the air. 

As the accompanying photographs of the 
actual apparatus aud wire cable used last 
year elearly show, an adjustable spark gap 
of considerable leugth is provided. By ac- 
justing this spark esp to yarious lengths, 
it is possible to judge the voltage of the 
discharge which leaps the gap at any mo- 
ment, Mr. BP. Wy. Peek, Jr., tae well-known 
American worker in the realm of high 
voltage measurements, together with other 
engineers, have provided tabulated data and 
curves ior yarivus lengths of both needle 
and sphere type spark saps. As ene af the 
accompanyirg diagrams shows, it is a simple 
matter to caleulate the voltage when a cer- 
tain length of gap is used. The engincer 
first cheeks the length of the gap on the 
chart; he then follows a line horizontally 
from the gap length, te where it intersects 
with the angular line on the chart; and from 
the paint of intersection ke looks in a yisual 
line downward lo a place where the vollage 
is given. Tor needle spurk gap meastre- 
ments, the characteristic curve on the chart 
is practically a. straight line, while far 
spheré gaps the characteristic curve on the 
voltage versus gap leueth, is a curved fine, 
Those interesicd in high voltage measure- 
ments by means of the spark gap method ean 
find the yoktage-gap tables and charts in 
the Standardisation Rules of the American 














Actual photograph of the experimental “kite” 
used hy the German cxperimenters in the 
Alps Mogntains, for the purpose of accumu- 
lating high potcutial electrical discharges 
from the atinosphere, Note the size of the 
insulators, 


Institure of Mlectrical Engineers. Accord- 
ing to Mr. Peek’s researches, the voltage 
per foot of atmospheric electrical discharzes 
is about 100.000, while in laboratory teas- 
urements with A.C, tranafermer high po- 
tential discharges, the average vollage per 
foot of spark was found to be about 150,000 
volts. The voltage of a lightning flash may 
sr? - Pl 
(Centinucd on page 15h) 





11 





















































Actual photo above 


} shows 13 ft., heavy 
spark obtained from 


the collecting uet in 
the lps by the Ger- 
man scientists. The 
yoltage is about 2,000,- 
(00. The spark occurred 
once per second for 30 
ininutes. 


Photo, lefi, shows the 
adjustable spark gap 
used in the Alps. WNo- 
tice the heavy alee- 
trode on the end of the 
adjnstable arm to whick 
the spark jumps. 


—He 


Below we sce 4,000,000- 
volt artificial lightning 
stroke produced in G. 
E. Laboratory at Pitts- 
field, Mass. Note man. 
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Flat Earth CON SPIRES! Cathedral Spires Are Secretly Atmospheric Electricity Ma 
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Charaing from the power lines. 
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must depend on the are vccupied by the building 
church of ordinar esig a would ¢ 
that is, one from th aire, one on both sides of 

s aciva ous to run two cx 


wer, one on each 


wi 


Horizontal Conductors 
» complete the system, all the dow 
t least one horizor 


© flash r portio 


Method of running Conductors. 
he nha hould be key 
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Modern lightning conductors: an illustrated 


30 MODERN LIGHTNING CONDUCTORS. 


surface of the joint need not necessarily exceed that of the cross 
section of the conduc- 
tors. The joint should 
be put together pre- 
viously by screws or 
rivets, and the soldered 
joint, especially if used 
in underground work, 
should be carefully pro- 
tected from local elec- 
trical action by tarred 
rope, Stranded iron con- 
ductors can be connected 
(as previously described) 
by use of a box joint; 
the box, Fig. 28, must 
be of the same metal as 
the conductors. 
Vanes.— Particular 
attention must be paid to 
the necessity of making 
& permanent joint to the 
spindle. A clamp is 
prepared of the same 
material as the spindle, 
and is furnished with 
two bolts to tighten ; if 
iron is used it is well to 
line the clamp with a 
piece of sheet lead, The 
conductor is sweated into 
# socket which is fitted 
with an eye, through 
which one of the tighten- 
ing bolts passes. In the 





Pics, 27.—18haixas IN FORM OF AN ARCH FOR Hic, 28, 
CHIMNEY stack, 


EARTH CONNECTIONS, a) 


case of the vanes of churches and those fixed in inaccessible 
positions, two separate clamps should be used. 

Internal Masses of Metal.—Roof trusses fitted with 
longitudinal iron tie rods will, as a rule, be found to be electrically 
connected, but should this not be the case cach truss must be 
joined to the conductors. All large and long masses of metal, such 
as beams, girders, roof trusses, tie rods, hot water systems, traveller 
ways, hoisting crabs, engines, boilers, large machines, and ventilators 
fixed in the interiors of buildings, should be connected to al) con- 
ductors that pass near them, and as far as possible with one another. 
The discontinvous parts of traveller rails should be connected by 
straps, or in some cases tramway bonds might be used. If electric 
light wires are run in tubes, such as the “ SimpLex,” this should be 
earthed, Metallic contact between lead or zine sheeting and flashings 
should be carefully studied, and for special work strips of sufficient size 
should be either burnt on to lead or soldered in such a way that the 
joint will stand rough usage, and allow for expansion or contraction. 

Earth Connection.—* /¢ is essential that the lower extremity 
of the conductor be buried in permanently damp soil ; hence proximity to 
rain-water pipes, and to drains, is desirable, It is a very good plan to 
make the conductor bifurcate close below the surface of the ground, and 
adopt two of the following methods for securing the escape of the 
lightning into the earth. A strip of copper tape may be led from the 
bottom of the rod to the nearest gas or water main—not merely to a lead 
pipe—and be soldered to it; or a tape may be soldered to a sheet of copper 
3 feet by 3 feet and '¢ inch thick, buried in permanently wet earth, and 
surrounded by cinders or coke; or many yards of the tape nay be laid in 
a trench filled with coke, taking care that the surfaces of copper are, as 
in the previous cases, not Less than 18 square feet. Where iron is used for 
the rod, a galvanised iron plate of similar dimensions should be employed. 

* The use of cinders or coke appears to be questionable owing to 
the chemical or electrolytic effect on copper or iron. Charcoal or 
pulverised carbon (such as ends of arc-light rods) is better. A tubular 
earth consisting of a perforated stee) spike driven tightly into moist 
ground and lengthened up to the surface, the conductor reaching to 
the bottom and being packed with granulated charcoal, gives as much 
effective area as a plate of larger surface, and can easily be kept 
moist by connecting it to the nearest rain-water pipe. The resistance 
of a tubular earth on this plan should be very low and practically 
constant." Lightning Research Committee, 1905. 
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Washington Monument is an Atmospheric Electricity Mast 





Figure 2.3. The lightning rod that Toaldo de- 
signed for the church of San Marco in Venice. 


Giuseppe Toaldo, “Del conduttore elettrico posto 
nel campanile” (Padua, 1776). Franklin Collec- 
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Gilded Temples Are Secretly Atmospheric Electricity Masts 
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ELECTRIC CURRENTS From M.J. Rycroft et al., JASTP, 2000 
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air-Earth current J, 


From R.G. Harrison, Surveys in Geophysics, 2004 
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be 4) 0:01 72:1: 


tesla radiant collector/ion collector with pencil 


Keeping the two wires together, make a few 
mare turns through the center. 


Keen winding until you fit as many turns as. 
will fit ina single layer around the torafd, 
typically 7-10 turns with thin insulated 
wire. 


Clip the wire leads down. Note that we 
have two pairs of wires: one coming out the 
front, and one coming out the back. 


Strip the wire ends. Take ane wire from 
each pair of different color and attach 
them together. 





resistor 







WLI 
+ *. ferrite toroid core 
battery battery wrapped with 
1.5 volts _ voltage transistor two coils of wire 


sar cote ay 


LED - needs 1.85 volts 
(Light Emitting Diode) 
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Two wires 
different colours 


A npn rer | A light emitting diode (LED) 
This one is a ®C337-40 - Any colour, but Not flashing 
but ahy kind will do . 





kia Rese 


Solder the tkO Resistor to 
either of the unsoldered wires 
coming from the inductor. 


Solder the other end of the 
resistor to the base lead of the 
traNsistor. 

On the transistor used here, 
that is the middle lead. 

Cut off the spare ends of 
leads. 


Solder the aNode of the LED 
(the longer leg) to the collector 
lead of the transistor AND the 
remaining wire from the 
iNductor: 

Cut off the ends of the leads. 





Solder the other leg of the LED 
(the cathode) to the emitter 
lead of the traNsistor 

Do NOT cut off the LED leg. 
(Dont wory if you have cut it off - youll 
just Need to Solder another wire to this 
leg so that you ca connect it to the 
battery.) 









First you Need a dead battery 
- that means one where the 
voltage is less than 1.3V. 

You ca see that the batt 

used here has a Voltage of just 
over IV. 





Connect the two soldered wires 
coming from the inductor +o 
the positive (+) side of the 
battery. 

Connect the uncut LED leg (the 
athode) to the negative (-) side 
of the batteru. 









é 
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Copvriaht 2005 Dick Cappels www.proiects.cappels.ora 








ANODE 


The chip is soldered onto the legs of the 
LED and then the wire between pins 1 and 
2 is cut out so there is no connection. The 
inductor is then soldered so as to bridge 
pins 1 and 2. I soldered the inductor on 
before cutting out the wire but it might be 
easier to try some other method. 


As I said previously, this is a tedious 
solder job, and the SOT23 IC is easily 
damaged (ask me how I know!) It takes 
patience and a steady hand to assemble 
these few parts. 


This circuit would work for the LED 
indicator in the 1.5v boosters and would 
most likely be a better choice than the 
Joule Thief that I posted previously. 











Amplified power output :) 


| T 





2n3904 
Transistor 


ik Resistor 





Toroid bead Toroid 


On/Off 


The CIRCUIT 


The circuit is very simple. All the work is done by the 5252F chip. 

It contains an oscillator, a high speed diode and a power transistor. All these components 
inside the "IC" that looks like a 4-leaded transistor! 

This IC is smaller and cheaper than all the parts individually and is less expensive than the 
competition (that costs 70 cents). 

We can produce a complete project for a few dollars and it has two "test features." 

You can place a LED across one of the LEDs on the board and find out the colour as many 
LEDs come in a "clear-as-glass" package and you cannot tell the colour until they are 
illuminated. 

The other feature is INDUCTOR TESTING. 

The current taken by the circuit changes according to the value of the inductor. 

You just need a few reference values and you can work out the value of an inductor within the 
range of the inductors you have used as samples, or slightly higher or lower values. 


white LED 





The layout using component pictures. 


Using a 22QuH, the circuit takes 13mA and illuminates 2 white LEDs very brightly. 
Using 100uH the circuit takes 30mA and the LEDs are really the same brightness. 
Using 33uH the circuit takes 8OmA and the LEDs are just about the same brightness. 


Obviously the 22QuH creates the most efficient circuit. 
The OX4?2A?PFE ie crannhle af deliverina mare than 10NmMA ta the | Fe hirt we anlv need 


Switch 


Resistor 








VWatson's 2 Transistor “Joule Thief" V. Booster 


Uses 2N3904 for output. Coil is 180 aaltetcela=lala'a 
2.9 ohm RF choke (green blob) 


C1 ink or 
TOOQpF °102" 


Jadded | “180 uH, 2.5.0hm 
uF Sete) a@®” RF choke 


oh] ¢y- |=} 7 9 
for] sy-Lel|nels 


White LED 


current : www.rustybolt. info 


sense 
resistors Jan 29, 2012 





Watson's Version of "1 Sv Joule Thief -Blinks Led" => — 
Taken from http:/Awww. youtube. com/watch?v=GVP2QGpk5KE: ‘Nov 14, 2012: : 


WIM MAY(~16-1 [0] ae le]—t-u ole loli 
idgl—m'(e)ie-le|—m-lalemilelaimual— 
LED, but it doesn't blink. 


Two 180 uHin.~ — ; 


4LED! parallel =90 uH 
ei flat | | 


spot - This wiring Diagram is) 
; ‘a Watson's Corrected Version.at - 

: 8 4 bi into. (estes: meh ane eyes =4934° 
1.5V AA cell below. = "> <3 - 2 | 





Watsons Joule Thief Pictorial Diagram 
httpv/rustybolt.info/wordpress/?p=128 2011 Dec 07 


ere ny 
‘el g-— oe -_ 
Fair-Rite | 1.5 Volt AA Cell 

2673002402 —————S TC 
12 Turns 


24 AWG 1k 1000 ohms Emi 
: » Emitter 
Pills brown, black, red, gold Bah 


aicele late —tP 1», ee. 


bic! 


Battery - 


“ Coll- Transistor, = git 


| jew + 
| . NPN General t 
Je EClOl purpose. LEDR 
| Battery + PN2222A, Blue oF | 
2N4401 SABI 





Joule Thief Pictorial Wiring Diagram Dec 11, 2009 


mete i= 
TOROID 






Flat spot 





for 2N4401 “c AAorAAAcell |! www.rustybolt. info 


Watson's * True 2N2222- Joule: Thief: Oct 31;.2010 Boo! 
Not very good performance from an expensivertransistor® _ 


Resistor is.820° tes at FeAl 9N23204 lak athe 
ohms, with a "102" © }, FO-18 metal can package; 
“1000 SF speedup ‘8: -atSto10:times the pricé 
capacitor in © 2). Se! GF the: Legh Pacha. | 

- parallel. eae Xs 








Watson's Tiny Toroid Conventional Joule Thief - 
Yo) Van 334010 }o Mmm) (eo) mi aaleleleme)(erel-)miiat-lamial-mir-lacicjiele 
www.rustybolt.info 


Blue or 
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SOI Le 
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eanits ty 


ihals-'-m "i inlel isle -melem aN A he mm-t-(eam-lelelel mo lalea(—-mle)slemminiiit-lmuveleiare 
on 0.229 inch O.D. toroid, 2 in parallel for main winding. 





| took this photo just before Halloween back in 
2010, after | made this Joule Thief without 
solder and without a toroid. It shows that you 
don't have to know how to solder and you 
don't have to have a toroid to make a working 
Joule Thief — all you need is a screwdriver. 

So do your thing and experiment a bit, and 
see what you can come up with. 





Each screw (except for one) has two washers 
to hold the wires. Putting two or more wires under the screw head without the washers will be 
difficult and the wires will try to come loose. Two or three washers makes it easier and the wires 
are held much firmer. The wood biock is a piece of solid oak that is about a half inch (12mm) 
thick. The oak is very hard and the screw holes have to be drilled out before the screws are put 
in. This also makes it possible to use small screws with a flat end which were used for holding 
plastic parts together. The screw size is about #3 by 3/8 inch long, with coarse threads like a 
sheet metal screw. 


The LED is not very bright because it’s a cheap 3 mm white LED | got from an eBay seller. and it 
has been used a bit so it has dimmed. Use a decent LED and this circuit will be as bright as a 
toroid JT. 


Another Joule Thief | put together is shown in 
the second photo. This uses the bare wires to 
wrap around the joints in place of solder The 
joints are not as mechanically strong as 
solder but for a quick experiment they should 
work okay. [If the JT is going to be used, the 
wire joints may become intermittent or loose 
The solder joints are a much better 
connection. 





Coil consists of two 10 foot 


Watson's Solderless , Joule Thief. Oct 25 2010 
F [Taleltgt-mejmlatiei-iise 


White or blue LED 


2N4401 NPN transistor r telephone wire wound 
1000 ohm resistor ‘y | Weep around a AA cell and tied _ 
| \ @ with wire ties. 





VVatson's ‘Toroid Free’ Air Core Joule Thief 


2.2k Red, 


Red, Red, 
(le) le 
. 


rustybolt.info/wordpress/?p=28/72 May 21, 2012 





VVatson's Nearly Disposable Joule Thief Light 
rustybolt. infofwordpress/?p=2133 — Fri. Apr 13 2012 


Completed circuit ready for coating of silicone sealant. 
Transistor is a BC337. If it was a PN2222A or 2N4401, 
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Watson's Solderless Joule Thief 


http://rustybolt.info/wordpress/?p=5210 
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QN3904 NPN Tronsistor 


Terminals 





PN3904 NPN Tromastor 


Terminals 











Transistor Terminals 


ors 2N3904 
(NPN Transistor) 


LED Terminals 
Negative Side (Cathode) 


FlatEdge —__ , 


shart al 


\ 
Pastive Side (Anode) 
Lang Vyire 





* Battery 


Te shay 





Ferrite toroid core 
with two lengths of 
small diameter wire 
e.g. 26 gauge, 

30 gauge, ... 






resistor 
ko 


OH 
J 


AA batt flat side is facing 
iia out of the page 





one leg is longer 
than the other 










LED (Light Emitting Diode) 


transistor 
PN4401 


(© - Collector, B - Base, E - Emitter) 










2n3904 
Transistor 


. 1k Resistor 





toroid bead 


On/Off 

















MA) 3:25 / 4:23 





* Battery 


Te shay 























1° 10nf ceramic capacitor 103 
2° A090 Germanium signal diode 

1° 2N2222 NPN Transistor bipolar 0.64 40V 
1° RESISTOR 5.6K Ohm 1/4W 


3° 5mm white Emitting led Diode 20 mA 3.2 V | 
































Make ke Super pent, Joule Thief DIY-Circuit! 


3° Axial lead inductor 82uH 1/4W 

1° 10nf ceramic capacitor 103 

2° AOSO Germanium signal diode 

_ MORE VIDEOS - NPN Transistor binotas 0.6A 40V 


a | 
~~ ii 4 = a 


P mY 225/306 


2 Youtube 


a | 





Fermnte torad core 
with two langths of 
small diameter wie 
| &.9. 26 gauge, 

20 gauge, ... 










resistor 
i 


| 
in| | 
2 

= =. 


vee ; one leg is longer 
A hatte flat side is facing ) | than 
AA battery GUL ok the page C poe the other 
a go? LED (Light Emitting Diode) 
ends | 


(C - Collector, B - Base. E - Emitter) 





A conventional joule thief, shows oH 
components and how they are 
connected. This example uses a red 
LED. A ferrite toroid is wound to form a 
coil with primary (white) and feedback 
(green) windings. A 2N2222A transistor 
and 1000 ohm resistor are used. 


The Joule Thief 


”™’ 
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Ve 


Transistor shown (T) is 2N3904 (can also use 2N2222). 

Note LED pins - negative is shorter and has flat on bulb edge. 
2 wires round ferrite ring are wound together, then start of one 
joined to end of other. 

Try adding more and more LEDs... 





Joule Thief 


Résistance 
500- 2000 Ohms 











mEEP\ ys fate 


lis a Rubbish Challenge 
Dog Light 

Joule Thief 

electronics circuit 








ferrite toroid core 
/ wrapped with 
transistor / two coils of wire 





Emitter| Collector “es LED - needs 1.85 volts 
| (Light Emitting Diode) 


—_—— 








3° Axial lead inductor 62uH 1/4W 
1° 10nf ceramic capacitor 103 
2* A090 Germanium signal diode 

1° 2N2222 NPN Transistor bipolar 0.64 40V 
1° RESISTOR 5.6K Ohm 1/4W 

3° 5mm white Emitting led Diode 20 mA 3.2 V 














The joule thief circuit. 


Ferrite toroid core 

with two lengths of 

small diameter wire 
resistor e.g. 26 gauge, 


oc as eet 30 gauge, .. 
nm - 


one leg is longer 


AA batt flat side is facing 
ie out of the page than the other 


transistor LED (Light Emitting Diode) 


2N4401 


(C - Collector, B - Base, E - Emitter) 





Transistor - The legs of the transistor can be determined by noticing that there's a flat side to the transistor case. See the diagram above. A large number of 
transistors have been reported to work: 2N4401, NET123AP, BC547B, 2SC2500, BC337, PN2222, to name just a few. 


LED - One leg of the LED is longer than the other leg. Use this to determine which one goes where. See the diagram above. 


Resistor - The diagram says use a 1 kilo ohm resistor but I've used an 820 ohm one just fine. I've also seen a 2 kilo ohm one in use. Use whatever works for 
you. You can also use a potentiometer (a variable resistor) so that you can easily adjust it to select the resistance that gives the best light. 


Toroid ferrite core - Some people have gotten these by opening up compact fluorescent lightbulbs (CFLs). | took mine out of some device whose original 
function | don't know. To get it working, my first one had just 13 turns for each wire and | used a 30 gauge wire and a 26 gauge wire. The wire must be 
insulated. A variety of number of turns will work. This is something you can play with. Look at the diagram carefully to determine where the wires connect to. 





Superglue four pads to the 
PC board. Make sure they 
are not touching each 
other. You should have 
roughly 1/8 inch between 
the pads. Apply a small 
drop of superglue on the 
board and press the pad 
onto the board with the 
small dimple up. Use a 
small screwdriver to hold 
pressure on the pad until 
the glue dries (about 10 
seconds). 





Solder the 1,000 ohm resistor 
onto pads 1 and 3. When 
soldering all components, 
place a 90-degree bend on the 
ends of the component where 
they touch the pad to allow 
better soldering. There is no 
polarity on a resistor. 





Solder the LED to the board. 
VERY IMPORTANT: Solder the 
long lead to pad 2 and the short 
lead directly to the PC board. 
The LED will not illuminate of 

_ you put it in backwards. If you 

~ look into the LED, the anvil 
shaped part is the lead that gets 
soldered to the PC board. 


Collector - 
Pad 2 





Solder the 
transistor to the 
board. With the 
flat part facing 
you the left lead 
(emitter) is 
soldered directly 


_ to the PC board. 
_ The center lead 
_ (base) is soldered 
to pad 1. The 


right lead 
(collector) is 
soldered to pad 2. 
Failure to install 
this part correctly 
will prevent the 
Joule Thief from 
working. 








Take the two 
pieces of wire and 
untwist them if 
they are twisted. 
The toroid 
requires 12 inches 
of wire. You will 
wind the toroid 
with this pair of 
wires side by side. 


Wind the toroid with 9 
turns of the wire. Each 
turn through the hole in 
the center counts as one 
turn. VERY 
IMPORTANT: You must 
take one wire from 
each side of the 
winding and twist them 
together. This makes 
the transformer 
windings out of phase. 
This is critical to 
operation. Connect one 
wire of each color. 





Solder the twisted 
wires on the toroid 
to pad 4. Solder one 
of the other toroid 
wires (doesn't 
matter which one) 
to pad 2. 


Solder the other 
wire on the toroid 
to pad 3. 








Solder the battery 
holder. Connect a 
short piece of 
wire from the 
positive terminal 
(the one without 
the spring) to pad 
4. Solder the 
negative terminal 
(the one with the 
spring) directly to 
the PC board 
using a short 
piece of wire. Use 
hot glue or some 
other glue to 
secure the battery 
holder to the PC 


Step 1 — Wound the Toroid 





Take the two strands of plastic insulated wire and hold them together. Start off by sticking 
then through the middle of the toroid until you have 2 cm of wire left to make a connection 
with later. Keep the two wires together and wrap them around the toroid until you have 
covered the whole toroid. If you have wire left you can continue until you have about 2 cm 
of wire free on either side. Remove about a 0.5 cm of the plastic insulation on all four of 
the wires as in the photo. You have now wound your toroid and we are ready to continue. 


Step 2 — Join the two coils of Toroid 

The next step is to join the two coils or windings of the toroid. You 
may have noticed the two dots next to the toroid windings in the 
circuit diagram. These two dots indicate the polarity of the 
transformer and as you can see the two windings are opposite to 
each other. To make sure that the polarity of our toroid windings 
are correct we must do the following: 


« If we look at the toroid we noticed that we have two wires of 
different colours sticking out at both ends of the toroid. 

« Take one wire of a specific colour (green in the example) on the 
one side of the toroid and one wire of the other colour (white in 
the example) on the other side of the toroid and connect (or 
solder) them together. These two wires forms the top pole of 
the toroid as in the circuit diagram and is connected to the positive terminal of the 
battery. 








Aconventional joule thief, shows © 
components and how they are 
connected, This example uses a red 
LED. A ferrite toroid is wound to form a 
coil with primary (white) and feedback 
(green) windings. A 2N2222A transistor 
and 1000 ohm resistor are used, 





A joule thief with two axial inductors Oo 
replacing the ferrite toroid, shown ona 
solderless breadboard 









fone WPH Transistor IK Resistor LED 
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Step 2: Schematic Diagrams 






Hand-wound 


ge Caney er ferrite toroid 


aline, NiCD, NiMH 
3- 1.5 V typ.) 





LED: On/Off 


Transistor Terminals 
fee 2N3904 
— (NPN Transistor) 
LED Terminals 


_— 


2N3904 











2.N3904 NPN Tromistor 


Termina\s 


i 


EBC 
E <Emitter 
B= Bas 
C= Collector 








These tiny T231212T toroids from 
Surplussales.com are high permeability so it 
doesn't take much wire to make a good Joule 
Thief coil. The core is less than a quarter inch 
diameter (here is a data sheet in .PDF.). Six 
inches of 30 AWG magnet wire trifilar wound, 
with two of the windings connected in parallel 
for the primary winding. 


The transistor is a BC337-25. | put a 2.2 ohm 
resistor in series with the circuit to measure 





Watson's Tiny Toroid Conventional Joule Thief - 
Nov 18,2009 Not much bigger than the transistor! 
www.rustybolt.info 


Blue or 1.4 


Optional 
2.2 ohm current 


monitoring resistor 


| 1 hee 


Three windings 30 AWG, each about 6 inches long, trifilar wound 
on 0.229 inch O.D. toroid, 2 in parallel for main winding. 


the battery current. It can be put there temporarily and removed when the LED current is what 


you want. How do you change the LED current? Change the 1k resistor to a different value. 
Higher values will reduce the LED current. With the BC337-25 and 1k resistor, the LED current 
should be close to 20 milliamps so it’s probably not wise to go much below 1k. If you use another 


transistor, especially the pipsqueak 2N3904, you may have a hard time getting it to put out 20 


milliamps. 
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3* Axial lead inductor 82uH 1/4W 


1* 10nf ceramic capacitor 103 

2* AOSO Germanium signal diode 

1* 2N2222 NPN Transistor bipolar 0.6A 40V 
1* RESISTOR 5.6K Ohm 1/4W 
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1.3 
Matching circuit 





19 6.1 
Class-F load 





(b) 


Figure 4.1: Proposed positive output voltage rectifier. (a) Stricture and size. 
(b) Photograph. 






Antenna 
Port 


W2 
oe : Shorting vias  —m “s Uo 
vee :  Zero-bias diodes 
—  : DC load 
--- : Ceramic capacitors 


Fig. 3. Layout of the rectifier prototype, printed on RO3206. w, = 72 mil, 
wa = 15 mil, and L; = 171 mil. Fabricated sample is shown in top left, and 
the impedance matching stub is encircled. 
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IEEE ANTENNAS AND WIRELESS PROPAGATION LETTERS, VOL. 


IS, | - Matching Performance (dB) 


———— Imp. Matching 
smemee Realized Gain 


3 2.35 2.4 2.45 2. 
Frequency (GHz) 
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nN 
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10, 2011 


G — Total Realized Gain (dBi) 


Fig. 5. Measured |$),| performance and total realized gain (at boresight) of 


the proposed antenna. Fabricated sample is shown in bottom left. 
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Preparation of the tuning capacitor 





Mount the mounting supports on the tuning capacitor (they are delivered with the tuning capacitor). 
Place the shaft coupler on the shaft of the tuning capacitor. 
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Place the transformer on the frame, fix it with two M4x16 screws, 2 rings and 2 nuts 

The wire of the 68 nF capacitor must stick through the "0" connection of the transformer, and is then soldered. 
Solder the OA95 diode between tuning capacitor and the "0.625W" connection of the transformer. 

The green band on the diode must point towards the transformer. 
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Solder the two wires from the transformer to the headphone socket (see for detail: next picture). 





Solder the two wires from the tuning capacitor to the terminal posts. 
The wire with the red line on it, comes on the upper (antenna) connection. 
The wire without red line, comes on the lower (ground) connection. 





Detail of the wires on the headphone socket. 
The wire without red line comes on the ground connection. 
The wire with the red line comes on the two signal pins, so these two signal pins are connected together. 
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Mount the extension shaft and the knob on the tuning capacitor. 
In the middle position, the pointer on the knob must point upwards. 
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USB Type A Female Field Termination Connector 


L-com Item # USBAFT 


List Price $7.24 
Your Price 1-9 $7.24 
10-24 $6.81 

29-99 $6.37 

100 + Call Us 


Availability: In Stock 
Available for Same Day Shipping 


Quantity , | \ejepepey er) ee 


Email This Page 
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1 LED azul 
(con tension entre 3V y 3,6V) 








USB +5V-+- |}. ff —USB GND 
(negro) 


1 LED rojo 
(con tension entre 1,8V y 2,1V) 


USB +5V+ = USB GND 
(negro) 
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Addie's super foxhole radio schematic 


OKA GH HOON | 
,"" "magnet wire 
120-200 winds 
safety pin | 


jammed into 
#2 pencil lead 
shorter the pencil 










ground: 











the better AJ 
can be combined | ore 
with 1/4" jack | perehalghesinaae 
| the longer 
a oe the better 


A f/ - ie rie 


1/2 blued razor 


other half connected 





to inductor coil 


1/4" jack or pickup 
to be plugged into amp 
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The PO-102, Crystal Radio Kit, w/Slider-Tuning! 
, Perfect for parents, grandparents, 
and teachers to build with kids! 
Also a super starter kit for the 
a ef, beginning adult builder! Includes 
ammo! am small coil form, wire, slider 
| eS ini assembly, capacitors, and diode. 
— = Se Easy parts layout guide provided 
for kids. Excellent performance for such a simple but elegant 
classic slider, Earplug included. 


PO-102, w/Crystal Earphone 





L-1, Coil Assembly 





PO-102, Chassis Assembly, Top-View. y 


FIRE KIT EXAMPLE 
COMPRESSED TRIOXANE 


WATER PROOF CASE 
WATERPROOF MATCHES 


IN WATERPROOF CASE 


. CHEM-LIGHTS 


_ FOR STARTING —e 
a & | 








FARRO ROD 
KEY CHAI 


FOR FARRO ROD 


THE ULTIMATE 
BUG OUT BAG 


. Anglo Arms Rambo Knife 
Anglo Arms Machete 
Austrian Ex-Military Water Flask 
BCB Trekker Lifesaver Pack 
BCB Compact Fishing Kit 
Canadian Gas Mask w/ Filters 
Feit Electric 500 LED Torch 
French Military Mess Tins 
Hexamine Solid Fuel Cooker 
10. Heavy Duty Camo Tarp 
11. Highlander Survival Bag 
42. Highlander Solid Fuel Cooker 
13. Highlander Trekker Hammock 
14. Highlander Folding Saw 
15. Kombat UK W/proof Matches 
16. Kombat UK 40] Molle Bag 
17.Kombat UK Fire Starting Kit 
18. Kombat UK Compass 
19. Kombat UK Throwing Axe 
20. Oasis Water Purification Tablets 
21. Pro Force Survival Saw 
22. Sawyer Mini Water Filter 
23. Sharpening Stone 
24. Survival Mirror 
25. Turboflame Lighter 
26.UST Survival Poncho 
27.Wateproof Rucksack Liner 
HIGHLANDER ar : mica Nels ere Leto Ke 
é . .Wooden Deluxe Knife w/ Case 
Pee | eat i 30. 100ft Paracord 
31.24hrRationPack © 01) 
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: One (1) Amerigiow & Light Sick 

Magnesium Fire Starting Too! 

Sabre 34N-1 Oeterse Spray 

Esergency Survival Glanket 

Spork OD 

New Wire Handle Canteen Cup 

Canteen wi Cover OD tot 

Wise Emergency Food Ki 72% 

Medium Transport Pack Sleck 

Adventurer Knife Kit 

Tnp Wie: Yelow 6 Green 019917 

Waterproof Storage Baz o19152 

Ot fend and Body Warmers (x3) 08016 

Coin Towels 4pk Tubes (x3) 019415 

- 3IN-1 Compess Whistle 019133 
#21. 341N-1 Waterproof Match Tube ois759 
#22. Marching Lensatic Army Compass oo7 127 
#23. Weterproof Matches 016373 
#24: Water Purfication PA+Plus Tebs 012838 
#25: 11 Fomcton Survive! Tool 019145 
#26: German Folding Stowe w Fuci 0033279 


Total: 


Total Bug Out Bag 
Weight. 12.4ibs 
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Bug out Bag 


Handwarmers 
Cotton Balls 
Fire Starter 

Knife 
Matches | 


First Aid Kit wF Quile 


Israeli Banda 


. Water Bottle w/ Charcoal Filte 


Aquamira Tablets 


70 oz Camelbak Bladder in bag 


_ BG Parang 
Fenix Flashlight w/ 
CR123 Batteries 


Baby Wipes 





G EMERGENCY USES FOR PARACORD 


4. Snare 4urishing 


A single length of paracord has been tested 
ifap to handle 550 Ibs of weight. Net 


25risning 
Line 


3°Sheiter 


655ear bag 


There are seven internal 
strands, each of which comes 
apart into two, so there's 14 
thin lines. 
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5 WAY TAG STRIP 36 WAY TAG STRIP - TWO ROWS 


e wired together ,with a little ingenuity, with the component wires being held together in the grip of solderless crocodile clips, whereby the conne 
older. 


2x circuits a plastic Terminal Block (sometimes referred to as a choc' or chocolate block) can be utilised very effectively indeed. These are used 


15 Amp and 30 Amp. The 5 and 15 Amp Terminal Blocks | have found to be the most suitable. The various component wires can be trappec 
makes it easy to change the components around when experiment with different circuits. See The EXPERMENTAL CRYSTAL SET for more dei 


9oogoe8 


“*CHOCOLATE' TERMINAL BLOCK 


Where to connect to the earbud jack. 


For connecting to one earbud only. 


transformer 


one earbud 


‘the otherearbud |; : 





‘Conn ecttofor 
Bitherearbud rene 
For connecting to both earbuds. 


transformer 
VLAAAAAS 
orwww yy 








The current-limiting resistors are part of the cardboard circuit. The black spots are where | used the Bare Conductive 
paint 





The micro:bit is plotting the analog values on the 5x5 LED matrix, which represent the noise level in the room. 


oe 





All you need to get started is a roll of copper tape, a few components and conductive paint. One roll of tape and tube of 
paini can make about 200 circuits. 
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7 LOGIC GATES & 4 USEFUL COMBINATIONS 


Preceding NOT Gate on One Input 
for AND, NAND, OR, NOR Gates 


Standard Logic Gates 


NOT 


AND 


NAND 


OR 


NOR 


XOR 


XNOR 
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MCX MALE 
(OTHER END) 





BNC F 





MCX MALE 
(OTHER END) 












































schematic symbol 


direction ofcurrent flow 
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7. 555 Timer Projects 


In this section we will make : 
7.1 4 Key Piano 
7.2 Light sensitive music circuit 
7.3 Light controlled Police Siren 


7.4 Touch Switch 
7.5 Timer 
7.6 Continuity Tester 


What is it about ? 


555 timer integrated circuit (IC) is a very popular chip used in variety of 
applications like timer, pulse generation and oscillators. This is a low 
cost, stable and widely available chip which makes it favorite for hobby- 
ists. The internal components of 555 as shown in figure consists of 2 comparators 
and a flip flop. All of these components contain 25 transistors and 15 resistors 


The three highlighted 5k resistors shown in figure are the reason why this 





packed in the IC. 
IC is named as 555. 
Pin Name 
1 GND 
2 TRIG 
OUT 
RESET 
Please note the notch 4 CTRL 
near first pin. This is 6 THR 
made to indentify the 7 DIS 
first pin of IC, 
8 Vee 


7.7 Knight Rider 

7.8 Cricket Game 

7.9 Multipurpose circuit 
7.10 Johnson counter 





555—555 





Internal diagram of 555 
O +Voo 


Some Parts of this 
project are available 
in Video CD ROM 





threshokd 6 O 
control 5 © 


Purpose 
Ground reference voltage, low level (0 V) 


The OUT pin goes high and a timing interval starts when this input falls below 1/2 of CTRL voltage 
(which is typically 1/3 of Vec, when CTRL is open). 


This output is driven to approximately 1.7V below +Vec or GND. 


A timing interval may be reset by driving this input to GND, but the timing does not begin again until 
RESET rises above approximately 0.7 volts. Overrides TRIG which overrides THR. 


Provides “control” access to the internal voltage divider (by default, 2/3 Vec). 
The timing (OUT high) interval ends when the voltage at THR is greater than that at CTRL. 


Open collector output which may discharge a capacitor between intervals. In phase with output. 


Positive supply voltage, which is usually between 3 and 15 V depending on the variation. 
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Multiplier 
Black 
Brown 
Fed 


@ectiel: 


Green 


Multiplier 





4.7k ohm 1% 


empl 120 ohm 5% | 





Tolerance 





Tolerance 








ELECTROMAGNETIC RADIATION SPECTRUM 








a man’s height 
eo paperclip blood viruses _. sam & 
XN 2 ee cells (e 2 
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FM rade 
88-108 MHz 


Mobile Phones 
S00MHz-2 


RADAR 
4GHz 1.100 GHz 


oy 


AM radio 
600kHz- 1. 6MHz 





Sources and Uses of 
Frequency Bands 


» Screening 
TV Broadcast Wireless Data '0.2-4.0 THz 
54-700 MHz ~2.4 GHz ” 
“mm wave 
“sub-mm™ 





MAI (3.5T) 
63.66 MHz 





Microwave Oven 


Smart eter 2 4GHz 
“.* Pa 


09245 GHz 






(nm) 


5 
D 






Fiber telecom Dental Curing : 
0.7-1.4 pm 200-350nm 
Medical X-ray 
<a 
2) = BO kev 
Cosmic 
Visible Light Gamma Rays 
700-4000m >10Bev 






Remotes Bagaage Screen 
850 nm 160 keV 
g 
‘ , ‘ 
se 
Suntan sy | a rt 
- s ‘ 
400-280nm ; : si ilaoated 
Night Vision; if Bone Sean 
10-0.7 ym ie 140 kaV 


light emitting diodes , photodiodes | transient voltage 
Nes a, supression diodes 


Se - —_ NH] a 
“ constant current ‘sy - y 4 
diode > 


shottkey diode | step recovery 


zener diodes 


diodes super barrier 
shockley diode diode 
& —m/ —is>- 
| me | } : posnt contact 
tunnel diodes 4, | F 


varactor diodes 


PIN diodes 


re 
a a€ " LASER diodes uy Vaccum diode 


a®¥ at -@s 


silicon controuiea - , GD peltier diodes 
gunn diode crystal diode ectiner Ne 


avalanche diode 





Types of Diode 


X? capacitor tg 
called “mains capacitor” 
electrolytic jf : 


called “can electrolytic” 
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tantalum 
“the line is positive !!! 


gee | the line is 
ee) Hegative Il! 


featad | xe GG ale fa ‘ , 
oe x | S| a/c > Si CE MOUNT Capacitor qreen cap 





surface mount electrolytic 


7a mark negative 


Ea * “pig tail” electro au Ee A 
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ouble-ended electro 
© RE 


—_— -ended electro 
@< 


hy os Wo 


“bead" 










i 
“green cap" 
but RED I! 





high voltage ceramic igh ft . ceramic capacitor capacitor 
(ceramic) 


(ceramic) 





tantalum capacitors can 
“go up in smoke” “bead” tantalum 


Electronics 
Reference Sheet v1.1b 














% : Resistor Ciget Multiolier Totarance 
74> LEDs CAPACITOR ee Lies ch a. co ais 
pela Gold - oO! 25% 
1b Black o 1 5 
Brown | }1 1 ai% 
Red | 2 100 at 
Orange a otk 
Yellow 4 10% . 
Green 5 Tk 20.53, 
& 
7 
B 
P) 





1st Digit {st Digit 
2nd Digit ond Digit 
Multiplier Multiplier. 
Tolerance 


NPN transistor (Current sink) 
(e.g. PN2222) VEC N-channel MOSFET 


VEC 





TO-92 SOT-23 SOT-23 
C ) 





vu 
EBC 





PNP transistor (Current source) 
(e.g. PN2907)} 


To-92 SOT-23 





ia GND 
GND 


* Please note that some components may have adeferant paw than-the one showed above, you should aways check the 
data sheet before using a new oomponen. 


Reich's Orgone Accumulator Box 
Cutaway View of Box Layers 


| Stee! Wool! ’ Inorganic 


| ___ # Deadly Orgone (Negative Etheric) Energy (aka. “DOR” 





How to build a Don Croft ORGONITE CLOUD BUSTER 


Materials List: Refer to ( Part 1 - 2) How to Make an Orgonite CloudBuster: 


Wear safety gear as necessary http://www.youtube.com/watch?v=cCn1DO2Rj6k 
esos sores hes poses: resin. 
& cousins wien ing wood - 


rag Six " pl oct s) 
J 6 pipe e ndcaps and 6 pipe connectors 
2 gallon bucket (polypropylene if possible) 
10 double terminate dqu ar 
aM of the nust fit into gi i] 
for in ‘ on into base of pipes) 
6 pleces of garden hose (3 4" -1" long) 
Resin and meta su table for orgoni 
A roll of tape (duct tape etc) 
Glue (silicone glue will work) 


‘Stick f for mixi ng me tal into re: sin when 
ouring layers: 


Top, m rid ile (te mporary) an d botto m space Ss 
c wood. if not bu sying 
oS or Measure with 


Six 5‘ lengths of copper pipe 
When the orgonite base of the 


Third - The ter 


our double- 


cloud buster is complete, fix Image shortened 
the top pipes to the bottom ones to save space 


using pipe connectors, then 


Six 1‘ lengths of copper pipe 


fix the top spacer in place 
to provide stability. 
Pipe ee 


(1" diameter pipe) ase 


2 Galion ......plastic bucket 
(8" bottom-interior diameter, 


9" top interior diameter) Tes 


Double Treminated Crystal 
(secured into hose with glue) 
garden hose 


3/4" - 1" piece 


(glued into end cap 
with silicone glue) 


Section of 


Copper end cap Four double terminated crystals 
in the base are aligned with the 
cardinal directions 


Taped joint where each 

copper pipe fits into its end cap 

(duct tape or any kind to stop yan 
seeping into endcap) 
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RARE NOTES FROM TESLA ON WARDENCLYFFE 


New York, Aug. 30th, 1901 
46 & 48 East Houston Str 


Mr. Stanford White 
160 Fifth Ave. 
New York City 


My Dear Stanford: 
Many thanks for your suggestions, | am writing to Mr. Powell 
today. Perhaps he will be able to clear the land altogether. 

| want you to understand that | went to the American 
Bridge Company simply because of my anxiety to have the 
work pushed through as fast as practicable. | am only too glad 
to follow your advice and beg you to consider yourself 
absolutely free in your choice and arrangements regarding 
this work. 


Yours very sincerely, 
N. Tesla 


New York, Sep. 12th, 1901 
46 & 48 East Houston Str. 


Babcock & Wilcox Co. 
85 Liberty Street 
New York City 


Gentlemen: 
Under enclosure | forward sketch showing your two boilers 
as they will be placed in my building and their position 


relative to and exact distance from the chimney. The scale is 


% inch to a foot. 

You will greatly oblige me by furnishing the drawings of the 
flues leading to the chimney and the position of the breech, as 
the builder cannot proceed without this information. 


Yours very truly, 
Encl. 





Anyone familiar with the Wardenclyffe Tower 
knows it to have been a colossal structure. Yet, few 


realize that it was supposed to have been even larger. 


Although the exact figures are not revealed, Tesla 
must have drastically underestimated the cost of 
building his structure as is evidenced by the follow- 
ing response to White. 
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Fig. 5 Oscillating statically charged terminal. 






supports 
to ground 


Fig. 6 Oscillating electrostatically charged dome. 


Leicester, North Carolina 28748 USA 7 


N. TESLA 


APPARATUS FOR TRANSMITTING ELECTRICAL ENERGY. 
APPLICATION FILED JAN. 18, 1902. RENEWED MAY 4, 1907. 


1,119,782. Patented Dec. 1, 1914 
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HIGH PRESSURE - (Voltage) 
RESERVOIR 


This patent was the result of Tesla’s 
many high voltage transmission ex- 
periments at Colorado Springs dur- 
ing the carly 1900's. It served as the 
basis for the construction of the 
famous:-‘‘Waldencliff Tower,’’ 
which was intended to become a 
transmission station for wireless elec- 
trical power. 
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a The immortal jellyfish (Turritopsis dohrnii) is capable of biological immortality. 





It's one of few known species capable of reverting completely to a sexually immature, colonial polyp 
stage after having reached sexual maturity as a solitary (free-floating) individual (called a medusa). 


Theoretically, this process can go on indefinitely, effectively rendering the jellyfish biologically 
immortal 
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Figure 3. Pathways of transformation from medusa into polyp. Fate 
of stressed medusae up to |2-tentacle stage (left side), and alternative 
transformations of stressed or spawning medusae from a |4-tentacle or 
16-tentacle stage (right side). The final product is always the polyp colony 
(bottom), directly or through a resting stage 
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Figure 12. (a) Qutput power tor a hali-wave and full-wave CWVM, and (b) 
portable electronic calculator running with the AM energy harvester. 
Detected input signal in LC resonator is 1.5 V at 1 MHz. 
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Figure 4. (a} Ferrite cores used for antenna coil, inset shows the stacked cores, 


and (b} scheme of the composed ferrite core. 
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Figure 5. (a) circuit for a six-stage conventional CWWVM, and (b) circuit for a 


six-stage full wave-CWVM. Here, Cs stands tor the series capacitances. 
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Figure 6. Pictorial image of the AM-RF energy harvesting system. 
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Figure 11. (a) AM fresonator implemented, (b) Full-wave CWVM 


implemented, (c) top view of the AM resonator and full-wave CWVM, and 
(d) lateral view of the AM resonator and full-wave CWVM. 
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Step 1: LED+RF Diode 











First Solder the fed parallel to the Rf diode: 


+ Acc Te (Gp AskG@eesticn (GE Comment =) Ceownicsed. 


Step 2: RF Diode+ LED+ Wires 
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Figure 3 — The 
schematic tor the 
held Strengit Jeter 
tor board 
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DIY Atmospheric Water Generator! - Produces/Extracts Distilled Water from the air! - DIY distiller 
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Step 1: Assembly Instructions 
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The device is II millimeters 
long and about | mm in diameter, 
comparable to a grain of rice. 


A cap made from a special plastic 
covers a hermetically sealed glass 
capsule containing the RFID circuitry. 
The plastic is designed to bond 

with human tissue and prevent the 
capsule from moving around once it 
has been implanted. 


The coils of the antenna 
turn the reader's varying magnetic 
field into current to power the chip. 
The coil is coupled to a capacitor 
to form a circuit that resonates at 
134 kilohertz. 


The chip modulates 
the amplitude of the current going 
through the antenna to continuously 
repeat a 28-bit signal. The bits 
are represented by a change in 
amplitude—low to high or high to low. 
An analysis by Jonathan Westhues, 
of Cambridge, Mass., indicated that 
only 32 of the bits varied between 
any two VeriChips. The rest of the 
bits probably tell the reader when the 
loop starts and may also contain some 
error-checking or correction data. 
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1. Fluorescent Lamp Protector Sleeve — used to make the two Leyden jars. 
2. Staircase Balusters — these will be the supports for the rotating disks 


3. 1/8" Bronze Brazing Rod — will be used to fabricate all of the conductors. If you can't find this at your local 
hardware store look for a welding supply shop, they are sold by the pound and are incredibly useful for 
many things even if you don't own an oxyacetylene torch 


4. Fiberglass Driveway Marker Rod — Make sure it's round and 5/16" in diameter. these will be the shafts and 
insulated supports. 


on 


. 8" OD Thin Wall Brass Tubing — one 7 section. 


6. Knick-Knack Shelf Kit — approximately 24" by 6°. You can use any 34" board you desire, the shelf included 
has 6 nice rail that will add to the overall look of the project 


T. Inline Skate Replacement Wheels — Quantity 2. 

6. Lamp Parts — ‘You will need a selection of lamp parts which may vary depending on what is available at 
your particular store. Pictured here are pull chains. finials, and ball nuts used to make parts of the charge 
collector combs and discharge electrodes. Also pictured are cabinet knobs which were not used in this 
project but would make good alternatives. See the charge collector construction step for details. 

&. 1" Copper Pipe Hangers — These you'll find in the plumbing section, they are copper plated steel 

10. Solder wick (mot pictured) — for the neutralizing brushes, you might have to visit Radio Shack for this. 
11. Rubber feet — Quantity 6. 


12. Clothes Line Pulleys — must be plastic. 


13, 2/16" Acrylic Glazing — enough to cut (2) 14° circles from. Polycarbonate will work too and is easier to 
work with Gut costs more than twice as much. 


14. Aluminum tape (not pictured) — found with the duct tape and HVAC supplies. get the kind with the peel off 
paper backing. 


15. Rubber O-ring belts (not pictured) — available from McMaster-Carr, part number: 94115259 about $15 for 
a package of eight 


The total cost of purchasing the materials new is about $100. However, these are all relatively common items 


Disks and Drive Components: 





Make the cutting tool: 


=" 


. To cut the two 14" acrylic circles we will first need 
to make a tool. Cut a 12” length of wood %” 
square. Pine will work but hardwood is preferable. 

2. Drill a pilot hole near one end and press or drive a 

#6 penny nail through the stick so the point sticks 
out about 1%”. 

3. Drill a second hole exactly 7” from the first and 

insert another #6 penny nail into it. 

4. Use a fine metalworking file to shape the point of 

the second nail as shown. You want to make a 

chisel point with a slight undercut on the leading 

face. 


wimsnhurst-circle-cutter-inset. jpg 


—_— 





Cut the acrylic disks: 


. Lay out your circles with a compass to be sure wimshurst-circle-cutterjpg 


they will both fit on your sheet of acrylic. 

Drill a 1/8" hole in the center of your circle. Be 
gentle when drilling acrylic, it cracks easily. 
Polycarbonate is quite a bit tougher. 

Working on a carpeted floor. insert the unmodified 
nail in the center and begin scoring your circle. Cut 
about a quarter of the way with each stroke and 
work your way around the circumference. 

If the cutter sticks, lift it out and move to a different 


spot. 


. When you think you've gone about halfway 


through, flip the acrylic sheet over and cut from the 
other side. You may end up flipping the sheet 
several times before the circle pops free. 


. Clean up the edge of the circle with some 400 grit 


sand paper and set them aside. 





Cut belt grooves in the skate wheels: 


wimshursi-skate-wheel-qroove jpg 


1. Gently clamp or strap your drill to a workbench as 
pictured. 

2. Assemble a mandrel from a 5/16” bolt and some 
large (fender) washers, when assembled the entire 
wheel must spin, not just the bearings. 

3. Chuck the assembly into the drill. The wheel 
should tum toward you and the speed should be 
fairly fast. 

4. With a crosscut bastard file make a +" wide flat on 
the wheel and then switch to a rat-tail file to cut the 
grove. Apply light and even pressure fo the file_ 





Attach the skate wheels to the disks: 


wimshurst-skate-wheel-mount jpg 


1_ Use a step drill bit like the one pictured to increase 
the size of the hole in the acrylic disk to 5/16”. 
Remember, be gentle and go slowly because 
acrylic is easily cracked. 

2. Remove the washers from the wheel and use the 
5/16" bolt to center the wheel against the disk. 

3. Drill (4) 1/8” holes through the disk, don't drill into 
the wheel. 

4. Switch to a 3/32" bit and drill partway into the 
wheel in 4 places. 

5. Finish the holes with a counter sink. 

6. Now remove the 5/16" bolt and drill the center hole 
out to %° or 5/8" using a step drill, you want the 
edges of the hole completely clear of the rotating 
parts of the wheel bearing. 

7. Install (4) small counter sunken screws, tighten 
these so they just touch the disk, the disk must 
remain as flat as possible. 





Cut the sectors: 


wimshurst-sector-cutting jpg 


1. Decide how many sectors you are willing to cut. 
I'm rather lazy and opted for fewer sectors, 16 per 
disk. If you decide to make 24 or even 32 sectors 
you'll have to make them smaller but you will be 
rewarded with longer sparks. 

2. The sectors are cut from aluminum tape. Make a 
template from a piece of plastic milk jug and trace 
each sector. Cut them individually, don’t be 
tempted to stack multiple layers of tape: the cut 
will end up ragged and will bleed charge away into 
the air. 

3. Tip: | found it easiest to use an X-acto knife and 
straight edge to cut the long sides and then switch 
to scissors for the curved ends. 


Attach the sectors: 


Ny = 





wimshurst-affix-sectors.jpg 


. Lay out a circle on a piece of foam board. 


Draw radial lines to comespond with the number of 
sectors you've chosen 


. Place your template centered at 6 o'clock and 


trace it. The large end should face out and be 
about %" from the edge of the disk. 

Set the disk on the foam board and insert push 
pins around the circumference so it turns in place. 


. Carefully peel and stick the sector in place. It's a 


good idea to make some extra sectors and 
practice this operation first. A length of fiberglass 
rod makes an excellent burnishing tool. 

Tur the disk one line to the left and repeat. 
Always index the line to the first sector you stuck 
down, this will help make the spacing as even as 
possible. 





Prepare the drive pulleys: 


wimshurst-drill-pulley jpg 


1. Remove the pulleys from their cages by drilling out 
the rivets. 

2. Use the step drill to enlarge the holes to 5/16". Drill 
from one side, then the other to enlarge the full 
depth of the hole in the pulley. Note: The use of 
the step drill is especially important here because 
of its self-centering characteristics. 

3. Cut (2) 7" lengths of fiberglass rod. slightly bevel 
the ends with a file to prevent chip out. Be careful 
of the glass fibers, they can be really irritating! 

4. Drill the splines out of the window crack bore with 
a regular 5/16” drill bit. Clamp the crank in a vise 
and go slowly; making sure the bit is in line with 
the axis. 


Cut and drill the supports: 


1. 


N 


Cut 12" off of each of the staircase balusters. 
Choose the end that you think looks best. On my 
prototype machine | used both ends of the same 


baluster and thus had two different style supports. 


Clamp the two supports together as shown and 
drill 5/16" holes 3 %" inches from the bottom 
(Square end) and 11" inches from the bottom. 


The lower hole will need to be reamed out so that 
the fiberglass axle turns freely in it. Use a slightly 
larger drill or rat-tail file for that. You can also drill 
it larger and insert plastic bushings for smoother 
operation. Alternatively you can bore it out with a 
step drill to match the diameter of a pair of skate 
bearings — this works exceptionally smoothly and 
is what | ultimately did to my own machine. 





wimshurst-drill-upright. jpg 





Attach the supports to the base: 


wimshurst-screw-uprights.|pg 


— 


. Draw a line parallel to the back of the base 2 1%" 
in, this is not quite to the center. Draw a second 
line perpendicular to the first on the center of the 
base. 


2. Cut a 1 4" gap in the rail on the center line, as 
pictured. 


3. Drill (2) 3/8" inch holes through the base on the 
center line 5/8" from the front and back edges. 


4 Use 2" drywall screws and large washers to 
attach the supports to the base. The combination 
of the large washer and 3/8” hole will allow you to 
adjust and align the position of the rotating disk 
precisely, 

5. Drill (2) 5/16" holes on the line parallel to the long 
dimension and 7 5/8” from the centerline on each 
side — these holes need to be straight up and 
down so drill carefully, use a small carpenter's 
square to line up the drill. 


Charge Combs and Neutralizing Bars: 





Prepare the charge collectors: 


wimshurst-solder-balls jpg 


1. Use a hacksaw to cut off the nail ends of the pipe 
hanger. The overall length should be 5”. 


2. You'll find small brass ball cap nuts in the 
electrical section at the hardware store; they are 
mast commonly used to secure the top of brass 
outdoor lighting fixtures. 


3. Piace the small brass ball nuts on the ends of the 
hanger, heat them with a small torch and apply 
just enough solder to fill the joint. Note: Be careful 
not to overheat the pipe hanger, it is copper 
plated steel and it you heat it too much the solder 
may not adhere. 


The torch pictured is a Lenk LSP-180 butane 
torch/soldering iron and it is a marvelous tool. 





Attach the collector comb prongs: 


1. You need to make 8-12 pointy prongs down each 
side of the collector comb. | stripped the. 
conductors out of a 3 section of telephone wire to 


2. Wrap the copper wire around the pipe hanger as. 
shown in the left-most example. | made 11 tums. 


3. Cut away the center portion of the wire-on one 
side only and bend the cut ends around the pipe 
hangers. 


4 Spread the prongs out evenly along the portion of 
the charge collector that will be opposite the 





Solder the prongs: 


wimshurst-solder-prongs. jpg 


1. Crimp the ends tightly around the pipe hanger. 


2. Use a large soldering iron to solder each joint. 
Apply sufficient solder so that when you take the 
soldering iron away solder flows down to fill the 
gap at the end of each length of wire. We want to 
avoid any points other then the prongs 
themselves. 


3. Once you've soldered all of the joints cut down 
the center of the wires but don't trim them to 
length until it's time to install the combs. 


Charge collector mount 


| made a couple of different collector mount using 
various lamp parts and cabinet knobs. This was the 
simplest, but you may have to improvise if you can't 
find these particular lamp parts at your local hardware 
store. 


Pictured here right fo left: 
e 23/6" OD thin wall brass tubing 6" long 
e 3/6" threaded collar 
¢ 3/8" Jamp “nipple” 1" long 
6 Lamp washer nut (ihresded) 
e Rubber flat washer 
e 3/6" brass washer 
# 3/8" threaded lamp finial 


e #6-32 screw 





wimshurst-collector-assembly.jpg 


Prepare the collector mount: 


1. Using the step drill, bore out one half ofthe 
threaded collar. 


2. Screw the nipple halfway into the collar and 
insert the brass tubing inte the opposite end and 
solder itin place 


3, Onli one hole straight down inte the top of the 
finial and thread with 96-32 tap. Use the drill 
size written on the tap. 


4, Drila 1/8" hole through the body of tha finial as 
(pictured, this is for the discharge electrode. 


5. Guta ‘4° length from the extra you trimmed off of 
the pipe hanger earlier and solder it to the brass 
washer, this will alow the assembly to clamp and 
hold the change collector pernoendiquiar to the 
support, 


@. Test assemble the mount and then disassemble 
and set aside. 





Prepare the discharge electrodes: 


Wimshursi-discharge-aisembily jpg 


1 Cut two 18" lengths of brazing rod and bend 
them as shown. | bant mine by hand but you 
eould bend aaa length around a five gallon pad 
and then cut it in the center fora neater 
appesrance. 





2. The bails for the discharge electrodes come from 
some more lamp finials, cut them off just below 
the ball with a hacksaw. These balls are about % © wimshurst-discharge-bali-cut jpg 
in diameter. 


3. Solder the discharge balls to the electrodes: fill 
the hole with solder so it makes a smooth 
transition to the rod. 





Note: do not solder the small ball nuts in place! 





Fabrnicate the neutralizing brushes: 
wimshurst-neutralizer-bar-parts jpg 
The neutralizing brushes are made with more brazing 


rod, alligator clips salvaged from a pair of clip-leads. 
and yet another type of lamp finial 





Bend the brush support 


wimshurst-neutralizer-bend jpg 


1. Cut a length of brazing rod 14” long and mark it 
2° from either end. 


2. Make (2) 90 degree bends in the rod at the 2” 
marks. 





Solder the brush support to the brush boss: 


wimshurst-neutralizer-hub jpg 


1. Drill a hole for a set screw in the base of the finial 
and tap with the #6-32 tap. 


2. File a groove in the top of the lamp finials, these 
particular finals have a 3/8" threaded hole in the 
bottom and a small hole in the top. | think they 
are made for ceiling fixtures that have a center 
pull string. 


3. Center the neutralizer bar on the finial and prop it 
So its parallel to the workbench top and solder it 
in place. 





Attach the brush clips to the support: 


wimshurst-neutralizer-clip.jpg 


1. Crimp the alligator clips on to the ends of the 
neutralizer bar and solder. 





Fabricate the Leyden jar shunt: 


wimshurst-layden-shunt.jpg 


1. Cut a 22" length of brazing rod. 
2. Make 90-degree bends, 3 14" in from each end. 


3. Solder two brass balls to the end. These are the 
large brass lamp chain pull balls, smaller finial 
balls or cabinet knobs would work here, too. If 
you use knobs be sure to remove any lacquer 
finish. 





Cut the Leyden jar body: 


wimshurst-layden-cut-tube.jpg 


1. Using the miter box and fine tooth hacksaw, cut 
two 7 1/2" lengths from the fluorescent lamp 
protector sleeve. 





Cut and affix the inner plate: 


wimshurst-layden-plate-inner.jpg 


1. Cut (4) 5" by 6” sheets of heavy duty aluminum 
foil. 


2. Form one sheet by wrapping it around the tube 
and then rolling it so it can be inserted. Roll along 
the 6" axis so the foil cylinder ends up being 5" 
high. 


3. Insert the foil into the tube so that it is 1" from one 
end. Use a couple of rolled up sheets of paper to 
hold the foil firmly against the inside of the tube 
while you tape it in place. The tighter you can 
make it to the inside of the tube the better. 





Affix the outer plate: 


wimshurst-layden-plate-outer jpg 


1. Wrap another piece of aluminum foil around the 
outside and tape it in place. Again, the tighter the 
better, but don't wrinkle the foil. 





Make the bases: 


wimshurst-layden-plate-bottom.jpg 


1. Snap the tube ends onto the opening that is 1" 
from the foil 


2. Make the Leyden jar bases from a pair of plastic 
closet pole mounts. Drill out the center hole to 
5/16". 


Note: These are Stanley brand and | had to trim some 
reinforcing ribs off with an X-acto knife to make them 
slide into the tubes. 


Mount the disks and cnve line: 





1, Slide the disk ande into a support and put on a 
SiG set screw collar, an O-ning belt, the two 


2 Altech the casement window crank to the drive 
shafi, insert the bushings in the supports if you 
pulleys. The pulleys should be a tight fit and you 
will have to faist the shaft back and forth to get & 
through. Don't forget about the belts hanging from 
the top shafi_ one will need a8 tues! so that the 
disks rotate in opposite directions. A collar goes 
on either end of the drive shafi. 


3 Once both shafts are in place, stretch the belt 
Sround the pulleys. (in the picture, the bel weh 
séeing is a reflection of the untussied belt ) 


Note: STE" set screw collars can be found at the 
hardware store but | made my own by drilling cut 
6 S716" nut and threading @ 6-32 screw into the 


Mote: | found that my machine became difficult to 
tum once it was fully changed due to the 
@lectrostatic attraction of the disks. | cuta zs 
washer from a plastic milk jug and placed it on the 
shaft between the disks to remedy this problem. 





Align the disk and collector supports: 


wimshu rst-lineup-collectors jpg 


1. Cut two 11" lengths of fiberglass rod and press 
them into the holes made earlier in the base. 


2. Loosen the screws that hold the two supports to 
the base and slide them around to adjust the 
disks so they line up with the charge collector 
supports. 


3. Re-tighten the supports. 


Install the Leyden jar base and inner plate contact: 


a 





wimshurst-layden-contact-inner jpg 


. Slide the Leyden jar bases onto the fiberglass 


charge collector supports. 


. Slide the charge collector assembly over the 


fiberglass supports. 


. Using about 6" of 14 AWG solid copper wire. 


form the inner plate contact. Wrap it once around 
the brass tube and form two loops in the ends. 


. Using a scrap of the plastic tube as a guide. 


adjust the inner plate contacts so they apply even 
and gentle pressure. You want good contact with 

the foil but you don't want to rip the foil when you 

install the Leyden jars. 


Epoxy the charge collector assembly in place: 


1, Apply epoxy to the end of the rod and slide the 
brass charge collector assembly down onto the 
fiber glass support rod. 


2, Set aside while the epoxy cures. 





wimshurst-collector-epoxy.jpg 





Install Leyden jar and assemble collector: 


wimshurst-layden-complete.jpg 


1. Slide the Leyden jar onto its base, being careful 
not to tear the foil as makes contact. 


2. Line up the charge collector comb and trim the 
prongs. Test spin the disks to see if there is any 
wobble and trim the prongs to come as close as 
possible to the disks without touching. 


3. Assemble the charge collectors. 





Install discharge electrode: 


wimshurst-collector-inplace-2 jpg 


1. Insert the discharge electrodes into the lamp finial 
on the charge collector and tighten the screw to 
hold it in place. 


2. The finial should be tight enough to hold the 
collector comb but allow the discharge electrode 
to move back and forth. If it's too tight, or not tight 
enough, the support rod can be twisted in the 
base to accommodate. 


3. Wrap a small bit of tape around the end of the 
electrode and screw on one of the small ball nuts: 
this will prevent charge from bleeding off the 
sharp end. 





Install neutralizing brushes: 


wimshurst-neutralizer jpg 


1. Slide the neutralizing bars onto the upper shaft 
and adjust them to be about 45 degrees from the 
collector combs. 


2. Sectors should pass through a charge collector, 
encounter a neutralizing bar after about 1/6 of a 
rotation, and then encounter the other charge 
collector after a further 1/3 of a rotation. 


3. Tighten the set screw to secure. 





Position brushes: 


wimshurst-neutralizer-brush.jpg 


1. Clip (2) 1 %" lengths of Solder Wick™ to the ends 
of the neutralizing rods so they make good 
contact with the disk. 





Mount the Leyden jar shunt and add optional finials: 


wimshurst-complete-front jpg 


1. Use small brass wood screws to attach the (2) 
acrylic brackets to the front disk support, leave 
them a little loose at first. 


2. Place the Leyden jar shunt in the brackets and 
line them up so the balls on the shunt lean 
comfortable against the Leyden jars. 


3. Tighten the brackets. 


The two tops of the disk supports looked a little 
bare to me so | raided my junk box for more lamp 
parts and came up with these decorative finials. 
The wealth of finial and cabinet knobs at the 
typical home center means that there are infinite 














Attaching a small ball to the positive electrode will result in larger and more interesting sparks. 


The small ball creates a plume of ionized air that helps the spark jump the gap. 





How the Wimshurst Works 
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How the Wimshurst Works 
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Electrostatic Motor 
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Home Made Electrostatic Motor 
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Clear Disk Electrostatic Motor 
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Thought comtrot: The Utah Electrode Array can be implanted on a human brain. For a podcast and more photes, go to City Weekly.net. 
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Warka Water towers harvest drinkable water from the air 
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Insulated, polished aluminium plate high up in air 


An extra direct earth connection might help 


1N34a germanium diodes as full-wave bridge rectifier 


4mm high load single core copper wire 


Earthis copper pipe 2 metres deep in moist soil 


100uF 50V electrolytic capacitors in parallel 


IMPROVEMENT OF RECEIVER: 


Aluminium plate (foil) 


U U = U1+ U2 


GROUND 
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Make Water Appear Frozen In Time Using Sound 
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These two areas look the same 
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Another view and close up ee ae The blue print of a Sun wheel 
of cylinder which houses 10 people each! From Inside The Control Room = nds 49.000 people as well 
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EACH BIOFRAME HIGHER THAN S°!! Each $‘'" AND HIGHER BIOFRAME IS A MIND, 


I$ CONNECTED, BY ONLY THREE 
ORTHOROTATIONS, TO LAB FRAME 5. 


A PARTICLE IN ONE OF THESE FRAMES 15 A 
“THOUGHT” OR "“"THOUGHTFORM IN A MIND, 






— a — =. 
oan! ee > 
(oh at oS eg melts So 
MATTER ~~ material 7 Sater itreatr sae 
(PARTICLE) ee. ee ree 
i aie is KO =n 
4 | : (VIRTUAL) 
ELECTROMAGNETIC FLUX LINES (thoughts ) 
FIELD (PHOTON) (NEUTRINO?) thought- forms) 
DEBROGLIE bioenergy) 





REGION 
REGION A tate Wel C Ui re, 


pay 
pe ey a 
_ | ! 
| 
— 
= 
——— 
— 


Se 
a 


























— A, | i : — ae hi ts of om i i 
fbb ltd! ila RAL » | 








os 


Making the simplest Transmitter 


DC 6- 9V (battery only) RF output 
(to antenna if need) 















2$C2001 
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transistor 


0.01uF 2 5 
mt" 282001 





copper coated plate 


audio in @ coil 


3-4turns by coated 0.8 mm wire 


@soldered point: ‘om —— iL 


@ : direct to the ground 


— S registers 
470 Q (yellow-violet-brown) 
|@ ; insulated from 10K © (brown-black-orange) 
~~ the ground 


27K Q (red-violet-orange) 
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@ capacitors 
10 PF 
0.01 uF (703) 
1 GF 


@ trimmer capasitor 20PF 


2005-03-16 by Tetsuo Kogawa 
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Input SMA Connector Schottky Diodes Stage Capacitors Output SMA Connector 





Filter Circuit 


Vindem balun 
for kW range 
OH7/SV 2004-08-22 


Surplus ferrite rod 
from OH7XE 
AL=47nHium 
[=160mm, d=9mm 


2x 20 turns, Imm cu 

parallel winding 

(not twisted) 
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a0 on | 200 ohn 
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Three-dimensional micro-fabricated microwave and millimeter- 
wave circuits and antennas 


Another active area of research has been in collaboration 
with Nuvotronics LLC (DAPRA and NASA) in the area of 
wafer-scale microfabricated coaxial lines and passive and 
active coaxial-based components. The advantages of these 
lines, fabricated by Nuvotronics, is extremely low loss into 
the millimeter-wave range, extremely good isolation of 
neighboring lines enabling high density circuits, broad 
bandwidth and low dispersion, and amenability for 
integration with passive and active surface-mount 
components. Our research goals are focused on design of 
completely new components in this technology, in order to 
push the bandwidth, power handling and flexibility for 
various communications and sensing applications. Some 
results include 22:1 bandwidth impedance transformers and 22:1 bandwidth power divider networks 
which operate up to millimeter-wave frequencies. 
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Wireless powering for battery-less sensors 


An area in which we have promising initial results, as well as a best 
paper award, is in RF energy harvesting and wireless powering of 
wireless sensors. This is an area with a strong collaboration with the 
Colorado Power Electronics Center (CoPEC), with strengths in low- 
power management desian. The work resulted in a comprehensive 
patent application and licensing of the IP by several companies, e.g. 
Cymbet The applications are for low-maintenance batteryless 
sensors for manufacturing enviranments, structural monitoring, and 
healthcare. We have shown that broadband statistically varying 
randomly polarized background microwave radiation can be 
efficiently rectified and the stray energy stored over time for useful 
electronic applications. We have also shown that FCC-compliant 
low-power transmitters can be strategically placed to enable 
constant very low power density energy delivery and storage. Our 
goals related to this research are to improve the integration of our 
current hybrid demonstrations, and to expand the circuit-antenna library so that we can address many 
concrete applications with the best-sulted architecture. 





e Reconfigurable antennas 





Rectifier Circuit 


A RF-to-DC rectifier circuit converts collected RF energy to DC electricity. The designed circuit is a half wave voltage doubler circuit with a impedance matching network that matches the rectifier's input impedance to 
500hms for maximum power transfer or minimum power reflection. 





3 prototypes of rectifier circuit j 
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Schematic illustration and implementation of a modularized epidermal RF system for 
wireless power transfer. (a) Image of device while operating an integrated LED via power 
délivered by a remote RF source (15 W, 1.5 mj. The loop antenna, formed with serpentine 
conductive traces in a square layout, spans the perimeter. The inset on the right highlights 


the collection of active components. (b) Top view SEM image of aligned gold pads whose 
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Mechanics of an epidermal RF system. Pictures of an epidermal RF system integrated on the 


skin (a} in its native state, (b) during compression by pinching (c) under uniaxial stretch and 
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Demonstration of RF wireless power transfer. Epidermal RF system operating while (a) 
twisted and |b) repeatedly stretched. (c) Demonstration of the use of an epidermal RF 
system to capture RF output from a cell phone to supply power to an LED. jd) Epidermal RF 
system powering a red LED while on the skin using RF transmitted by a remote source (15 W, 
1.5m, 760 MHz-1,5 GHz), Open-circuit voltage output (e) in air and (f) on skin when 


implemented with different matching components. 


Full sizeimage » 


stretchable electronic systems. 
a 





Wireless thermal conductivity sensor Optical blood 
— oximetry monitor 


(a) Illustrations of the various layers in a representative system, including the active 


electronics (~5 um thick), an ultralow modulus elastomer coating {~100 um thick} and a 
stretchable fabric \~1 mm thick, 90% nylon, 10% spandex). The active electronics layer 
includes a wireless thermal conductivity sensor, a blood flow monitor and an EP sensor. The 
magnified view shows the FS structure of part of an EP sensor, as a coloured scanning 


electron micrograph (SEM; gold corresponds to the conducting traces, scale bar, 100 um), 


Figure 2; Capabilities for applying device to the skin with hairs 
and washing. 





Voltage (V) 


EMG measurement setup (a) and data (b) from inside (w/o hair) and outside of the forearm 
(w/ hair), (¢) Optical images (scale bar, 1: mm) of cleaning with soap and water: as-fabricated 
device (left), after contamination with dirt (center) and after washing with soap and water 
(right), (d) Current-voltage characteristics of an AllnGaP microscale inorganic LED module 
associated with the blood flow monitoring after first use and after washing. The image in the 


inset shows the device immersed in soapy water. 
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ia) Device integration with UL-Sil costing (E=3 kPa), Optical images of a stretchable 


electronic test structure (thickness ~2 ppm) at increasing levels of uniaxial stretching. 
Magnified views of unbroken electronics (blue dotted box) and torn fabric (red dotted bax) 


observed at an applied strain of 220%. (b) Normalized electrical resistance (left y axis) and 


Figure 6: Functional demonstration of cerebral oximetry. 
a 
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(a) Image of a device laminated on the skin of the forehead, with an operating u-ILED 
iwavelength 650 nm) under room light illumination and in the dark. Scale bar, 1 cm. Light 
intensity integrated over the region indicated by the yellow dotted box of the right frame of 
(a), plotted as a function of time (b). (c) Scattered light intensity during mental math and 
rest, mean centred, smoothed with a moving window and averaged over time for each 
condition. Error bars denote +/-1 5.d. of the signal over time in each condition. Reduced 
intensity during mental activity is consistent with increased light absorption induced by 


additional blood tlow in the cerebral cortex, 


Figure 7: Wireless evaluation of skin thermal properties. 
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IR images of a wireless heating device, collected during exposure to RF energy, in a free- 
standing state |a| and mounted on the wrist area (b). (c) 5,; coefficient measured from the 
wireless heating element, evaluated in air and on human skin. (d) Transient control of 


temperature on the skin using the wireless heating element, and measured using an IR 


Figure 8: EP monitoring of a human subject in a driving simulator. 





EP sensors on body 
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(a) (b) (c) 


Fig. 16. Wirelessly RF powered wall clock. (a) Rectenna element. (b) Front view of the clock with eight rectenna elements. (c) Back view of 
the clock showing the separate rectenna element's ground planes. 
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COTS wireless sensor 
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Microstrip patch antenna, 2.45GHz Capacitor i DC-DC boost converter 
Dual Schottky diode Rechargeable Li-lon battery (3V) 


Fig. 20. Packaged 2.45-GHz remote RF battery charger and COTS 433-MHz temperature and humidity sensor. 433-MHz base station not 
shown. 





Fig. 17. E-skin. (a) No voltage supplied: E-skin panel is opaque. (b) Voltage supplied: E-skin panel is optically transparent. 


RF battery charger 


Charge cllffent 





Fig. 21. Wireless energy transport measurement setup. By optimizing the receiver location, a battery may be charged up to 18 m from 
the source. 





Rectifier 





Fig. 16. Fabricated dual-band rectenna prototype [17]. 
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Recent Collaboration In Computational Nanophotonics at Purdue and Beyond 


Chiral Metasurfaces 
for Optical Activity 
(the Shalaev group) 





Compact Cavities and 
Waveguides using 
Reflecting Metasurfaces 
(the Shalaev group) 





High temperature 
thermal emitter for 
thermo-photovoltaics 
(the Shalaev, Shakouri, 
Sands, and Bermel 
groups) 


TIN disk array 
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Nano-imaging and Nanoscope 
Narimanov (Purdue) 

Pendry (Imperal College) 
Zhang (UC Berkeley) 

Liu, UCSD 
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Hybrid Electro-Plasmonic 
Tweezers 

(the Wereley and Boltasseva 
groups) 





Ag nanowires-graphene 
transparent conducting 
electrodes (the Janes group) 





Normal incidence 444i 
from air : 


Optics of Branched Silver Dynamic Plasmonics with Graphene 
Nanowires (the Yong Chen group, the Boitasseva group) 
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Electrically Tunable Damping of Plasmon Resonances with 
Grephene 

Naregh K. Emer, Ting-Feng Chung Meagiie Ni Alexander V. Kididhey, 

Yorg ?. Chen, and Alexandra Goltasurva 


NANO. ces = 


Electrical Modulation of Fano Resonance in Plasmonic 
Nanostructures Using Graphene 

Naresh K Eman Ting: Foe Chung Alexander V. idishey, Viedimir M. Sholbey 
Yorg P Chen, and Alexandre Boltasseva 








Au Nanorod Plasmonics 


(the Wei group) Dynamic Metamaterials and Devices 


(the Boltasseva group) 


Gold Nanorod Arrays as Plasmonic 
Cavity Resonators 
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Enhanced single-photon 
sources based on NV centers 
and metamaterials 

(the Shalaev group) 


nanodiamond 


Nonlinear Optical Properties of 
Alternative Plasmonic Materials 
Bonner, Gavrilenko (NSU) with 
the Boltasseva and Shalaev groups 
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Step 1: Assembly Instructions 
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sistor wires off next to the resistor. These are just the right size at 1 1/3" Jono for 


8 2.5GHz dipole. Throw sway the resistor snd keep the wires 


he module at pins 1 & 3 snd at pins 4.snd 5.Pisce the wires on pins 4 
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end 5 anc solder csrefully using tweezers to hold the wires {if will burn you otherwise) 


Solder st the lowest soldering temperature possible to avoid damaging the module. If the 
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u may dsmege the interns! connections inside the module. Use s 
Dsecs} The wires work ss a dipole antenns to collect the 


2.5GHz energy into the RF (Radio Frequency) Input of the module 





e€ LED with the enode {positive side) onto pin 1 and the cathode (negative side} on 
pin $ snd solder carefully. For those not familiar with LEDs, the tnangle symbol of the 
diode should point to the ground pin of the module (pin 8). Your final microwave harvester 


should look like figure 2 





The implant mounted on the heart of a cow 
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Wireless Power Silicon LSI Chip 


Neural Signal Wy 
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SS architecture of an impfantable wireleas-powered a SS ee 
provide power fo mpolented devices. Adoing 4 ransmiiier chip could allow for neure/ signals to be 
transmitted via the antenna for extemal processing. creat: Toyohashi University OF Technology) 


A research team at Toyohashi | University of f Technology in Japan hes fabricated an implanted wireless power 
transmission (WPT) device to deliver power to.an implanted neural interface system, such as 2 brain-computer interfi 
(BCI) device. 





Described in an open-access paper in Sensors journal, the system avoids having to connect an implanted device to < 
extemal power source via wires through ¢ hole in the skull, which can cause infections through the opening and risk ¢ 
infection and leakage of the cerebrospinal fluid during long-term measurement. The system also allows for free-movir 
subjects, allowing for more natural behavior in experiments. 


CMOS Full Wave Rectifier 
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Photographs of faboceted fexible antenna and bonded CMOS recifer chic with AF transformer foredit 
Kenji Gabe ef al Sensors! 
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Fully functioning sex robots are coming to the UK and their creator is promising “an experience like no other.” 





MARK OF THE BEAST 666 TECHNOLOGY IS HERE 
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Man moves his robotic arms with his MIND: 


© Johns Hopkins University 








There's a new gadget called the " Microwave Regenerative Converter" from Nihon Dengyo Kosaku Co Ltd that 





Fig.7: Revised low power 24GHz rectenna 





Antenna (Front) 


12-way Power Divider 
+ 12 Rectifying Circuits (Back) 
Fig.9: High power 24GHz rectenna 
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Output Voltage (V) 
Fig.8: RF-DC conversion efficiency of revised rectenna 
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Fig.10: RF-DC conversion efficiency 
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Microstrip Antenna 


GaAs 
Barrier Diode 





Fig.4 Rectifying Circuit 
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Fig.5: RF-DC conversion efficiency of ordinary power Fig.6 Measurement Setup 
24GHz rectenna 
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Figure 4.12: Experiment setup for measuring the efficiency of the self-powered 
RF-DC-DC circuit. (a) Experiment setup. (b) Experiment photograph. 
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Aquamate Solar Still 
i Manufactured to ISO 9002 
aes slab NATO Stock no. 4610-66-144-2646 


Aquamate product manufactured by Echomax 


e Tear open pack for emergencies 
=—=_<—= e Easily inflated by mouth 

Lanyard fixing 

Pure water stored in separate pouch 

High visibility orange plastic 

Proven reliability 

Made to ISO 9002 with NATO stock number 





Aquamate Inflatable Solar Stills are light. compact, and very easy to use. They utilize solar radiation to distill and collect pure drinking water from sea 
or impure water. 


The still will produce 500 to 2000 ccs (1 to 4 pints) of water per day and has been used by military and civilian services throughout the world for the 
past 40 years. 


Packs neatly away to 26 x 23 x 7cm. weighs just 1075 grams. At a fraction of the cost of a mechanical or electrical unit this is an ideal addition to the 
safety grab bag for any ocean going yachtsman. 
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Figure 5.7: Photograph of designed rectifiers: A. B and Ch4_rectifier. 
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Brainwave Activity Frequency Description 


"High" 
Beta 


WLAN//WI-Fl/wireless Internet/network and microwave ovens transmit at the ultra 
high frequency 2,45 GHz which disturbs the brain's own clock frequency. WLAN pulsation 
varies. The frequencies of the microwave oven change the molecules and contaminate the 
inner and outer environment. Increasing infertility and cell mutations are the consequences, 


Bluetooth technology, e.g. the wireless headset transmits with a pulsation of 1600 Hz 
in the frequency band 2,45 GHz (= 2450 MHz) 

Mobile phones = 217 electroshocks per second into the nervous system 

= the wireless society short-circuits us and we suffer from disconneXion syndrome, 

G mobile phones transmit by significantly more powerful intensity and the pulsation varies- 
This unnatural intruder causes electrostress which "might" lead to brain stress due to the 
rapid pulsating electroshocks per second. We become electric and are being disconnected 
from the Now. The EU REFLEX study from 2003 with 12 research teams from 7 nations 
proved that our DNA is damaged and cell mutations occur. The results confirm the Frei- 
burg Appeal from 2002 with more than 1.300 worried doctors, the Bamberger Appeal 
from 2004, and the Bamberger doctor's letter from 2006. 

Cordless DECT phones = 100 electroshocks per second into the nervous system 
Cordless DECT technology in private homes or in companies transmit at a frequency pul- 
ating at 100 Hz - non-stop 24/7/365. When connected to the mains and switched on — 
it transmits, also when it is on stand by. The intensity of cordless phones connected to 
traditional wired phone systems are much higher than the intensity of cell phones. The 
base unit equals a mobile phone antenna - just this one is often placed on bed tables or 
close to where people live, eat, and sleep. It disturbs our brain's centre for sleep, life 
energy, and recovery in the Alpha state - we burn out. The base of the brain vibrates 
at 100 Hz - but not pulsated. That is our centre for creativity adn important for spiritual 
development - getting to know one self. Disturbances create a chain reaction throughout 
the entire endocrine system and there- by cause hormonal disturbances - infertility? 
The electric current in the mains oscillate at 50/60 Hz 
Even the AC [alternating current) in television sets, computers and the switches in ordi- 
nary homes influence our cells in an unnatural way. The term electrostress has been 
known as a medical disease in several countries since at least 1969. 
We are being disconnected from the wisdom of the Now by so-called knowledge 
Stress, fear, anxiety, depression, and burn out constantly increase when we are bombar- 
ded with knowledge and information through all channels. We are being held in a state of 
"High" Beta. We become more aggressive, impatient, and short-minded. We become 
imprisoned in our mind - the MATRIX left brain mentality = limitation and resistance. 


Consciousness constantly alert, increase of stress, "fight or flight mechanism" 
Thinking and concentration. Alertness, analytical problem solving, tense, stress, 
agitation, discord, and mental unbalance. As the frequency increases we disconnect 
more and more from what is in the Now. The joy of Life decreases. Our joy centre in the 
brain vibrates at 17,5 Hz. TETRA mobile phones transmit with a pulsating frequency of 
17,65 Hz which seriously disturbs the Calcium-ion flow in and out of the cells of the 
brain.Police and rescue services all over Europe are destined to use TETRA systems. 


Responsibility and action = always in the Now = Flow. Accept is the first step =! 
Living in the Now is the key to understanding and new consciousness. A state of calm- 
ness. Light awareness and alertness. Increased learning ability and sensitiveness. 

A state of Unity between body and Spirit. It is a relaxed, harmonious, energized awaken 
state like a light meditation. We are aware and present in the Now in Alpha - den real 
world. The Limbic Centre in the brain vibrates with 12,5 Hz - it is the centre for sleep. 

Life energy, healing, and recovery. The limbic centre is closely related to our feelings. 

The Pineal Gland is the superior gland in the brain. It vibrates at 10 Hz being the 
frequency for our nerve and time centre. The Pineal Gland produces the transmitter 
Melatonin which controls and regulates the other hormone producing glands and the 
immune system. Melatonin is particularly being produced at night where we are asleep. 
Darkness and silence are both very important factors. Melatonin has a protecting effect 
against cancer, The Pineal Gland is very sensitive towards electromagnetic influences. 

Both light and sounds are electromagnetic signals at different frequencies. Microwaves 
affect all cells and especially the Pineal Gland. Imbalance in the Pineal Gland causes 
increased mental activity which "might" lead to burn out syndrome. 

Meditative state. Deep relaxation. Increased creativity and vivid imagination. Access 

to what is normally unconscious potential. Connected-ness in general is acknowledged in 

a wider context. Being able to connect-the-dots of the "big picture’ 
Regeneration and harmonious balance. The frequency ban 
"field". We "recharge", recover, and maintain homeostasis - the dy 
keeps us alive. Our immune system strengthen, and our sleep is Ir 
we get energy, Life force, and the power needed for a mod 


Very deep relaxation. Deep sleep. Trance. Deep hypnosis. 1 










Antenna under test 


Broadband antenna: 
TDK Horm (1-18GHz) 





. Spectrum analyzer Signal generator SYSTRON DONNER 1710B-S1087 
Agilent NI996A HP (100kHz-6GHz) (1OMHz - 8GHz) 


Fig. 6 Experimental setup to measure the performance of the rectifier in free space 
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RF rectifiers for EM power harvesting ina 
(itm Deep Brain Stimulating device 
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View 
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.. The use of resistance compression 
networks (RCN) have been proposed to 
address this scenario [63]. In a related 
sense, improved RF-DC conversion 
efficiency of rectifier circuits is witnessed 
when appropriate time varying signals 
with high peak-toaverage power ratio 
(PAPR) are employed [64]. Further 
research on the use of RCNs and PAPR 
signals to optimize the performance of 
multiband RF energy harvesting systems 
is needed, and is potentially promising to 
significantly improve the performance of 
RF rectennas in real world applications. ... 
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Thought comtrot: The Utah Electrode Array can be implanted on a human brain. For a podcast and more photes, go to City Weekly.net. 
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Fig. 3. 50-2 folded-dipole antennas shown next to a British £1 coin. (a) DTV, 
GSM900 (BTx), GSM 1800 (BTx) and 3G (BTx) copper wire antennas. (b) 3G 
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Fig. |. Ambient RF energy hurvesting (3) and RF energy harvesting module (DTV bund) (b) 


Fig 9. RF to DC converter 
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Fig. 3. RF Energy receiving antenna layout an 


Fig. 3. RF Energy receiving antenna layout and manufactured prototype 
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Figure 4. PCB of the realized RF harvester at 930MHz using a HSMS-285C diode voltage doubler. The HSMS-285C has the following spice parameters /, = 3pA, C; = 0.18pF and Rg= 25. Coil = 38.5nH at 900MHz with a Q,, of 69. The chip 
capacitors have Q,, of about 1000 at 900MHz. 


cic 


matching|@ ~ 2.2 GHz 





CZs 


Figure 6. Picture and circuit layout of the dual-band RF harvester. The harvester is matched at 935MHz and 2.2GHz. Schottky diodes are HSMS-285x series. C-,=2.7pF, Coil, =39nH; Coil, Q, @ 900MHz =88, C-3=0.8pF, Coil, =2.14nH; Coll, 
Qy @ 1.7GHz =35, C,=100pF. 


Fig. 14 a Two-stages charge pump rectifier with a L-matching network. b Fabricated L-matched two-stages charge pump rectifier 
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Fig. 4 a Delon voltage doubler rectifier with an L-section matching network. b Fabricated PCB of the L-section matched Delon voltage 
doubler rectifier 
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Fig. 9. Configuration of a single shunt diode (Class F) rectifier with a dipole 
antenna- 


To antenna 





Load 
Fig. 10. Configuration of the proposed rectifier on coplanar stnplines (CPS). 


TABLE Ill 
CIRCUIT COMPONENTS USED IN THE DESIGN 


5 RT Nominal Value Part number and supplier 
DI Schottky diode _SMS7630-079LF, Skyworks 
LI 47 nH chip inductor —-—-(0603HP47N. Coilcraft 
cl 100 nF GRMIS88R71H104JA93D, 
chip capacitor Murata 


antenna have a radius of 50 mm and a circumference angle of 


am at Ff st T1 at r « taf 


respectively. While the imaginary part of the proposed OCFD 
is around 0) Q at resonant frequencies 0.6 GHz, 1.2 GHz and 2.4 
GHz, which are fo, 2fo, and 4fo respectively. These results have 
demonstrated that the simulated results agree with the OCFD 
theory as discussed in Section III-A. Furthermore, the 
imaginary part of the impedance of the antenna over the 
resonant frequency band from 1.4 te 2 GHz turns from negative 
values (for the reference antenna) to positive values (for the 
proposed antenna). As shown in Fig. 7(b), the value of the 
imaginary part of the proposed antenna impedance varies 
between 0 and 300 © over the desired frequency band. This 
feature could help the proposed antenna to produce a better 
conjugate matching with the rectifier, since the imaginary part 
of the impedance of the rectifier normally varies between -700 
and 0 Q as we discussed earlier. The simulated 3D radiation 
patterns of the proposed antenna at the frequencies of interest 
are depicted in Fig. 8. The 2D polar plots of antenna patterns in 
E-plane and H-plane are shown as well. Here we have only 
showed the directivity (maximum gain) of the antenna (without 
taking the mismatch loss into account). From Fig. 8, it can be 
seen that the antenna has symmetrical patterns about YOZ 
plane with a maximum directivity of 1.8 dBi at 0.9 GHz, 3.5 
dBi at 1.8 GHz and 3.3 dBi at 2.4 GHz. The antenna is more 
directive towards the long arm direction at 1.8 GHz and 2.4 
GHz with the half-power beam-widths (HPBW) of around 174° 
and 185° respectively. The HPBW is about 96° at 0.9 GHz. 

Therefore, the proposed broadband OCFD antenna has 
obtained high impedance over a wide frequency range. The 
proposed design is just an example to illustrate the proposed 
new method. The details of the dipole could be modified 
according to the frequency of interest. 


IV. RECTENNA INTEGRATION 


A. Rectifier Configuration 

The proposed high impedance OCFD antenna may directly 
conjugate match with the input impedance of a rectifier over a 
wide frequency band. The rectifier should only consist of few 
circuit components for rectification, DC storage and output. A 
single shunt diode rectifier is selected due to its very simple 
structure and high conversion efficiency [33]. The 
configuration of the single shunt diode rectifier with a dipole 
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network @ 13.6MHz -30dBm “TY. 
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Py module 
Microcontroller 


Capacitors we used are electrolytic rated at 400 volts x 47 uF put in series to equal 6,000 
volts, the diodes we used were silicon 1000 volt 2 amp placed in series to equal 6,000 
oo) — Ground was connected to laboratory wall out let ground. 


If you decide to try Tesla's experiment by pumping DC 
into the ground be careful, I tried this and it does work 
but is very dangerous to you or your neighbors. If 
someone is taking a shower or using water they can get 
killed or shocked. do this experiment far away from 
humans and animals. you can get far more energy out 
than you put in. I will not tell you much more because it 
is such a dangerous experiment. 
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CONSTRUCTION 1 


If you examine the following circuits you will 
find that each one is different. In most cases the 
difference lies in the coil design and/or the 
method by which the crystal and aerial is tapped 
into it. Each of these circuits has its own pat- 
ticular advantage to suit different conditions and 
the ideal circuit in some localities is not neces- 
sarily the best in others. It is not just a matter 
of a given circuit giving louder results than an- 
other, if it were there would be no point in 
showing more than one. 

The main problem is to obtain adequate 
selectivity without reducing the volume leve 

A receiver is said to be selective when it tunes 
sharply, a set with poor selectivity allows the 
stations to spread over the dial and when used 
near a transmitter will receive the local stations 
mixed together, which of course is useless. 

Consider Fig. 16a, this is a very simple receiver, 
with no special attempt to provide any great 
amount of selectivity. In areas where 51 
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SHOWN BROKEN AWAY TO 


703 — THE LOW-POWER SINGLE-TUBE TRANSMITTER 


AiG, 
The plete circuit is at the left. The grid coll, leak and srid condenser are to 
the right of the Type 10 tube. The antenna coil is shown swuns eway from the 
plate coil to give loose entenne coupling. 





Late last fall I saw an announcement regarding the upcoming ‘19 
(AWA). Transmitters used during the event must only utilize 1926 
transmitters have to utilize self-excited oscillators! Listening-in 01 
imagine how different the bands must have sounded back in the | 
heard sounded wonderful, considering the simplicity of the transi 
came after watching and listening to WOVLZ's (Neil) superb You 
watch these without wanting to roll-up their sleeves and start bui 


After some research into the 1929 transmitter style, it became ap] 
Tuned (TNT) design. I can well imagine the countless late night 1 
simpler off-shoot of the TPTG design. 








r coils, Once the proper number of turns is reached it is just a matter of flattening and drilling the ot! 
.l wound a plate coil for 40m as well. [haven't been brave enough to try the TNT on 20m vet butIw 








ither wound on bakelite tubing or on well-sealed wood dowel. Not having any bakelite made the choice any easy one, The 1" forms were made from some Yellow € 





resistor was fabricated to resemble the original bakelite-enclosed ‘Pilot’ style, popular in the late 20's. The pictures indicate how this was done and the finished result. The small plexi-glass form was fill 
moved and the entire package was baked in the kitchen toaster oven at its lowest temperature for several hours. This achieved the desired hardening effect and a suitable reproduction Pilot filament r 
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reproduction also, of an early "Lavite' model. The ends of a new wire-wound resistor were removed and found to be made from brass. These ends were then fitted to the body of an older style 10K on red, p 
across the terminals of the grid cap. I found out later that the actual value of the grid leak is quite critical in the TNT. I tried various values and luckily the one I had manufactured turned out to be f perfepte My earlier 
)X-210) required a far larger grid leak to produce best keying and good output. If you are making your own grid leak I would recommend that the value be optimized first, before the grid leak is built in nal form. 








as breadboarded - first using the Type ‘45 and later with the Type '10. Various values were tried for both the grid leak and for the grid capacitor. Both affect keying and out 
ling of the plate voltage in order to remove high voltage from the large exposed tank coil. I did not want to run the chance of accidently grabbing hold of it late some evening 
ference between shunt-feed and the standard series-feed method. It saddens me to think of all of the amateurs of the 20's or 30's that may have been unnecessarily hurt or ki 
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Simple Crystal Radio Circuit 


ANT1 
Amtenna - 20 meters of thin wire hanging vertically or horizontally 


2.5mm Mono Headphone jack 
Aerial Coil& Tuning Coil on Ferrite Powder Rod 


—— Connect groundto Metal Water Pipe 







































































































































































You can buy FM transmitters from : 
AAW Aloe miteclarciealiiccimee)ag 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 








The RF Detector 
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www.bug-transmitter.com 





> pl 9:01/25:16 


Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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Lets build a RF Pen detector .A good tool for testing small FM transmitters. 
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This is not a zener - its a 1N4148. 
Also | have discovered this circuit 
gathers energy from circuits 

running in the garage - not RF 

see Lidmotor's video 

http://www. youtube.com/watch? 
v=Gj_7x9c31Qc 
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This is not a zener - its a 1N4148. 
Also | have discovered this circuit 
gathers energy from circuits 

running in the garage - not RF 

see Lidmotor's video 
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v=Gj_7x9c31Qc 





> pl 0:32/6:02 

















* pales Par aN 


- 
ey, iin - >» 


+ pepanenere, 


=. 
. 



































Energy from RF signals 


C2 


To 
Antenna 


C1 








Pl mh 0:06/ 6:02 















































OV 
oe 
Li 
m 
~s 
st 
= 
™ 








7:30 / 14:19 





(o>) 
a 
= 
™ 
Ss 
fo) 
o 
~~ 


nig 





7:59 / 14:19 





» | 811/14:19 co ae <i a la 











1. 


<P Ol Of 8:43/14:19 eeo™ 


#123: Build a crystal oscillator from schematic thru prototype construction and testing - DIY 
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#74 Quick Tip: Build a Variable RF Tap for your shack or lab 





Tenedaatenene 


a 


> Ppl ) 8:59/44:29 





~ - 


en a gL. |) 








m@)) 17:57 / 44:29 





<> Oe) 18:31/ 44:29 


#74 Quick Tip: Build a Variable RF Tap for your shack or lab 
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#74 Quick Tip: Build a Variable RF Tap for your shack or lab 
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How To Build An RF Sampler Box “~*~ 
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Up next 





Building an RF Signal Sampler for Oscilloscope Measurements 
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Up next AU 
Making a Crystal Radio ( How to make a Crystal Radio ) SA lias 
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Real free energy using capacitor 1000% working 
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Montagem de um radio AM a cristal de Germanio Smarter Data 
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Figure 7. The defined "magnitude ofthe field" depends on the change in 
intensity of the flaws camprising the potential. The E-field is 
onented from high (pressure) in the flaw to low (pressure) 
in energy density over 4 unit length. 
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Figure 8. Maxwell's theory assumed a matter-to-matter transform from cause to effect. 
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The mass-to-mass transform contains two hidden infolded 
transforms: (i) the mass-to-spacetime transform and (ii) the 
spacetime-to-mass transform. VVhat is transmitted and 
propagates in space is a spacetime perturbation. 


Figure 9. Maxwell's matter-to-matter transform contains two hidden transforms: 
(1) matter-to-spacetime, and (2) spacetime-to-matter. 
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Conventional way that bulk vacuum engines are added by adding mass. 
Also, fields aloné may be utilized as "powerful translators* without finesse. 
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Figure 10. Vacuum engines and their utilization. 
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An electric charge Q is a broken 3-symmetry. The mass of the charge continuously 
and violently absorbs virtual photons from the surrounding vacuum, and integrates 


some of them to observable EM longidutinal photons which it emits in 3-space. 





Figure 11. A charged particle continuously absorbs virtual energy from the vacuum, 
integrates some of it into observable energy, and pours out this observable 
EM energy in 3-space in all directions. 
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DISTANCE 


A harmonic set of bidirectional longitudinal EM wavepdirs in 3-space. Unseen 
here is the time-polarized EM wave in the time domain, which reacts with the 
source charge to produce the 3-space biwave potential 


Figure 12. The potential as observed or detected is a harmonic set of 
bidirectional longitudinal EM waves in 3-space. That is, this 
potential is the “effect" of transduction of an incoming 
time-polarized EM wave interacting with the source charge. 
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Figure 13. Concept of the supersystem and its interacting components. 
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Figure 14. A vacuum engine is a set of spacetime demons working 
upon a mass system and its motion through time, at every level. 
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MTW's* general relativity principle 


® Space acts on matter, 
telling it how to 
move. 

@ In turn, matter 
reacts back on space, 
telling it how to 
curve." 





Figure 15. General relativity principle of Misner, Thorne, and Wheeler (MTVWV). 
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Figure 16. The principle of general relativity extended to include the vacuum engine. 
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Figure 17. Active spacetime and a specific vacuum engine (spacetime 
curvature engine). 
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Figure 18. Signal versus vacuum engine, as in Priore’s cellular reversal. 
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Figure 19. All EM energy in the 3-space potential comes from the time-domain. 
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Figure 20. Immune system block diagram. 
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Figure 21. Becker's electrodynamic healing of otherwise intractable 
bone fractures, using weak potentials across the fracture site. 
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Becker's theoretical DC control system 
involved with response to injury 
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Figure 22. Becker's block ieaeras st Dc allicd system involved with 
response to injury. 
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Figure 23. Kaznacheyev's induction of cellular disease and disorder 
at a distance, using novel electromagnetic means. 
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Figure 24. Russian "microwave" radiation of the U.S. Embassy in Moscow. 


http://www.cheniere.org/images/rife/rife24.jpg21.1.2004 17:50:15 


http://www.cheniere.org/images/rife/rife25 jpg 


Mechanism generating the flow 
of a mass through time 


(2) os, ter Th mano 


(AE)(At) + M => (M+AM)At => M + (AE)(At) 
Flow of macroscopic time (observable photon interactions) _ 


m 


A 
= a Ay h yh 
Flow of microscopic time (via virtual photon interactions) 





Figure 25. Mechanism generating the flow of a mass through time. 
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Figure 26. Producing a specific anti-engine for a specific cellular disease condition. 
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Figure 27, Pumping with longitudinal EM waves A also pumps in the time 


domain with time-polarized EM waves T. This time-reverses a 
macroscopic mass andits dynamics. 


http://www.cheniere.org/images/rife/rife27.jpg21.1.2004 17:50:34 


http://www.cheniere.org/images/rife/rife28 .jpg 


Prioré's therapeutic methodology 


e®eeeeceec@eaeseeseeeeeeeeeseeeese 
Time-reverses the cells back to normal state 


SELECT ASET START 
OF TRANSVERSE 
EM WAVES 


MX OUTPUT MX WAVES 

INSIDE STRONG TH A PLASMA 

PULSED DC TO ADD 

MAGNETIC FIELD CONJUGATES 
AD JUST WAVE 

eeeeeseses ee FREQUENCIES 

iF REQUIRED, AND 
IRRADIATE AGAIN 





EXPOSE WHOLE 
BODY OF PATIENT 
TO DIMENSIONED 


MAGHE TIC FIELD 


ANTIE HGINE 
CONTINUES 
TO ACT AND 
TIME -RE VERSE 
CELL AND ALL 
TS PARTS* 


CELL AND 
ALL ITS 
PARTS ARE 





TIVE -EXCITATION 
CHARGING ENDS. 
= IRRADIATION IS 


zs ae HALTED. 
@ 9P4 we Te eEAROEN ‘includes genetics mig 


ee ee 





Figure 28. Block diagram of operation of Prioré's methodology. 
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Figure 29. Block diagram of the cellular regeneration system and its 
overall operation (by the present author). 
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Figure 30. Rife's great secret: Recursive magnification hn virtual state 
vacuum engines and their dynamics to the observable state. 


http://www.cheniere.org/images/rife/rife30.jpg21.1.2004 17:50:44 


The Tom Bearden Website 


Utilizing Scalar Electromagnetics To Tap Vacuum Energy 


Floyd Sweet, Association of Distinguished American Scientists 
2311 Big Cove Road, Huntsville, Alabama 358010 


T. E. Bearden, Association of Distinguished American Scientists 
2311 Big Cove Road, Huntsville, Alabama 35801 


(Also published in: Proceedings of the 26th Intersociety Energy Conversion Engineering Conference (IECEC 


Conf), 
August 4-9, 1991, Boston, Massachusetts. Vol 4, Advanced Energy Concepts, pp. 370-375.) 


Copyright © 1991 by T.E. Bearden & F. Sweet. All Rights Reserved. 


ABSTRACT 


Based on E.T. Whittaker's previously unnoticed 1903-1904 papers which established a hidden 
bidirectional EM wave structure in a standing forcefield free scalar potential, a method of directly 
engineering the ambient potential of the vacuum has been developed and realized experimentally. 


Adding Whittaker's engineerable hidden variable theory to classical electro-magnetics, quantum 


mechanics, and general relativity produces supersets of each discipline. These supersets are joined by 


the common Whittaker subset, producing a unified field theory that is engineerable and tested. 


By treating the nucleus of the atom as a pumped phase conjugate mirror, several working model 
energy units have been produced which excite and organize the local vacuum, increase the local 
virtual photon flux between local vacuum and nucleus, establish coherent self-oscillations between 
the local excited vacuum and the affected nuclei, utilize the self-oscillating standing wave for self- 
pumping of the nuclei/mirrors, introduce a very tiny signal wave to the mirrors, and output into an 
external load circuit a powerful, amplified, time-reversed phase conjugate replica wave at 60 Hertz 
frequency and nominal 120 volt sine wave power. 


Several models have been built, ranging from 6 watts early on to one of 5 kilowatts. Both closed 
batteryless systems with damped positive feedback and open loop systems with battery-powered 
input have been successfully built. Open loop power gains of from 5 x 104 to 1.5 x 10° have been 
achieved. 


Antigravity experiments have also been successfully conducted where the weight of the unit was 
reduced by 90% in controlled experiments, with a signal wave input of 175 microwatts and an output 
of 1 kilowatt. 
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The basic theory of the device is briefly explained and experimental results presented. In the 
demonstration session, a videotape of one operating open-loop unit with a 1.5 x 10° power gain is 
planned, as is the demonstration of an actual working model closed-loop system with a nominal 
rating of 500 watts, and without external power input of any kind. 


The units are solid state, with no moving parts. Each of them comprises a unique form of self- 
powered vacuum triode of extraordinary gain, where the cathode power and plate power are freely 
furnished by the vacuum, and only a small grid signal need be furnished either from an external 
power source or by clamped positive feedback from the device's output. The output is negative 
energy, and some of its unique characteristics are pointed out. 


Implications of the experimental application of the Sweet vacuum triode, the Bearden approach to the 
nucleus as a pumped phase conjugate mirror, and the unified field theory based on Whittaker's 
engineerable hidden variable scalar EM potential theory are also briefly addressed. 


SCALAR ELECTROMAGNETICS 
In 1837 Sir W.R. Hamilton said, 


"The notion of time may be unfolded into an independent pure science... a science of pure time is 
possible." 


As is well-known, the fundamental units utilized in physics are arbitrary. It is even possible to 
construct all of physics on a single unit, time. This oddity shows the truth in Hamilton's statement; it 
is even more odd, because quantum mechanically time is not an observable. This means that the 
observable world can be modeled completely in terms of the nonobservable, which is essentially what 
modern quantum mechanics is now doing. 


Hamilton viewed his magnificent quaternions as essentially having accomplished the mathematical 
structuring of time. Maxwell's original EM theory, as is well-known, was modeled in Hamilton's 
quaternions, not in the highly curtailed Heaviside/Hertz vectors erroneously taught today as 
"Maxwell's theory." 


Not a single one of the present so-called "Maxwell's" vector equations ever appeared in a book or 
paper by James Clerk Maxwell. 


For some years the author has worked on an extended electromagnetics theory, involving the scalar 
component of the quaternion. [Ref. 1] 


In Maxwell's original guaternion theory, this scalar component often remains when the directional 
components zero. Further, it then enfolds vectors and functions of vectors inside, in a hidden variable 
manner. Specifically, the author has patterned a unified field theory concept upon the previously 
unnoticed but remarkable early work of E.T. Whittaker. [Ref. 2] 
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In two fundamental papers in 1903 and 1904, Whittaker showed that all present vector EM can be 
replaced by scalar potential interferometry, and that bidirectional harmonic EM plane wave sets could 
be used to produce a standing wave of force-field-free potential (Figures 1 and 2). 





NOTE: SHAPE MAY BE ALL ABOVE OR ALL BELOW 
AMBIENT VACUUM POTENTIAL 


Thus Whittaker anticipated the quantum mechanical Aharonov/Bohm effect by 55 years, including 
extending it to the macroscopic world instead of the mesoscopic realm where it has been established 
to date. [Ref. 3] 


In modern terms, Whittaker showed how to turn EM wave energy into electrogravitational potential 
energy, then how to interfere two such scalar potential waves to recover electromagnetic energy, even 
at a distance. [Ref. 4] 


This unrecognized work is of great importance: when applied to modern physics, it produces 
supersets of quantum mechanics (QM), classical electromagnetics (EM), and general relativity (GR). 


Further, all three extended disciplines unify on their common Whittaker subset, in a testable and 
engineerable fashion. [Ref. 5] 


file:///C|/bearden/The%20Tom%20Bearden%20Website6.htm (3 of 21)24.11.2003 20:45:04 


The Tom Bearden Website 





GALLOPING 


VELOCITY Scala Potential go 

geo oak ETC. 

for fon ete | ; 
Vavg e of wae, Wavepair #3 

HARMONICS Sig 

¥ re ~ Bs | 

avg rena é Rs ee Wavepair #2 
SUBHARMONICS iG 

" = 

avg Wavrepair 71 
*x* * FIC. 








DISTANCE 


@ 1995 7.E. Bead 
& harmonic set of bidirectional longttudinal EM wavepairs. seis 


Each wavepair is also ane time-polarized EM wave. 


Figure 2. Infolded EM plane wave structure of a Whittaker wave. 


The Nucleus As a PPCM and Triode 


The author has also considered the highly nonlinear nucleus of the atom as a pumped phase conjugate 
mirror (PPCM), having found no other consideration of same in the literature. 


The author also dubbed a PPCM a "triode," since the amplified phase conjugate replica of the signal 
wave is much like the amplified output of a triode, and the signal wave input to a PPCM is much like 
a triode's grid signal input. The PPCM pump wave then corresponds roughly to the power input to the 
cathode and plate of a triode. [Ref. 6] 
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Figure 3. A pumped phase conjugate mirror. 


VACUUM TRIODE BACKGROUND 


About seven years ago, the author was privileged to see and examine an invention of Mr. Floyd 
Sweet, that produced about 6 watts of electrical power from the vacuum itself. 


This remarkable device, which the author dubbed a vacuum triode, in a single unit utilized most of 
the scalar EM concepts the author had so painfully and slowly formulated over the years. 


Sweet, a brilliant inventor with a remarkable knowledge of magnetics, had utilized barium ferrite 
magnets and special coils to produce a solid-state device that successfully tapped the vacuum energy. 


The author quickly put together a theoretical concept for the energy-tapping mechanism, based on 
treatment of the nucleus as a PPCM and Whittaker's scalar EM potential unified field theory. [Ref. 7] 


The author furnished the technical concept, treating the nucleus as a pumped phase conjugate mirror, 


to the inventor along with copies of Whittaker's papers. 


Sweet's Synthesis and Extension 
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Sweet is also a brilliant EM theoretician, working in four, five, or even six dimensions with ease. He 
immediately synthesized the entire PPCM and Whittaker theory, and developed a complete 
theoretical treatment of the device. [Ref. 8] 


He also increased the nuclear potential utilized in the activated nuclei of the device, which increased 
the pumping energy and hence the energy output. He next produced an open-loop vacuum triode 
(VT) with an output of 500 watts, for an input of 33 microwatts. 


Thereafter he produced several other models, including closed-loop systems and one with 5-KW 
output. 


Purpose of This Paper 


Our purpose is to explain the detailed scalar EM concept of the operation of the vacuum triode, since 
it is a universal method for cohering and tapping useful EM energy from the vacuum. 


The author believes that this mechanism is the fundamental mechanism that must be invoked in any 
over-unity device that electromagnetically extracts vacuum energy as electromagnetic effects. 


We also intend to demonstrate a full working model of the device at this conference. Sweet's detailed 
theoretical treatment will be completed and submitted to a major journal shortly, to complete the 
scientific exposition of the new methodology. 


I must also express my deep admiration for my brilliant inventor colleague. It has been a privilege to 
work with him, though under great difficulties and at a distance. He has developed several other 
related devices that are of great importance to the emerging new physics of vacuum engineering, in 
the sense referred to by Lee. [Ref. 9] 


To mention just one, he has produced a magnetic lens which apparently can directly display the 
vacuum's virtual particle flux, or a good analog of it. So far as I am aware, this is the only extant 
instrument today that can perform this feat. 


When the vacuum triode has been proven to the scientific community, it is my intention to nominate 
Sweet for the Nobel Prize he so richly deserves, and seek high scientific endorsements for the 
recommendation. 


INTRODUCTION 
Entropy 


As is well known, in any closed dynamic system the order existing in it will gradually be dissipated, 
as more and more interactions occur. This leads to the notion of entropy as the increasing disorder in 
such systems. The assumptions are 
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1. aclosed system, and 
2. a positive flow of time for the components of the system. 


Actually no such thing as a completely closed system exists in nature. Every mass system is open to 
virtual particle flux exchange with the vacuum, for example, particularly in the nucleus of its atoms, 
where the bulk of its mass is located. 


However, the closed system assumption is reasonably approximated by a great many systems which 
are in stable thermodynamic equilibrium, or nearly so. 


On the other hand, in an open system far from thermodynamic equilibrium, the second law of 
thermodynamics does not necessarily apply, because the system violates both the closed system 
assumption and its equilibrium approximation. [Ref. 10] 


Time Reversal 


Since being discovered in 1972 in the open Soviet literature, the time-reversed (phase conjugate) EM 
wave has also been known. The phase conjugate EM wave is truly time-reversed, as has been shown 
experimentally. Since the time-reversed EM wave violates the second major assumption, the second 

law of thermodynamics need not necessarily hold for time-reversed entities. 


Putting all this together, if one wishes negentropy and hence increased energy in a system, the 
candidate suggested would appear to be a system that was strongly 


1. open loop, 
2. time-reversed, and 
3. far from thermodynamic equilibrium. 


A good overview of time-reversal in physics has been provided by Sachs. [Ref. 11] 


Engineering the Nucleus 


Since the nucleus already provides a myriad of time-reversed processes, engineering the nucleus of 
an atom is a very good candidate for practical negentropy. 


To engineer the nucleus directly, a Whittaker potential is first artificially constructed, by composing a 
harmonic set of phase-locked EM wave/antiwave pairs. It is accented that the antiwaves must be true 
phase conjugates; otherwise they will not constitute a gradient-free Whittaker standing potential 
wave. 


In addition, at least one harmonic interval must be used, and additional harmonic sets are most 
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desirable. The reason is that a space-time lattice must be formed in the vacuum, where the energy is 
additive spatially but oppositive in t-dot, the rate of flow of time, in the fourth dimension. 


So a time-structure is required as well as a spatial structure, which is what is provided by n 
bidirectional harmonic Whittaker EM wave sets, where n is an integer greater than 1. 


Once a specific Whittaker structure has been chosen, the local lattice of space-time is established. 
This establishes phase-locked lattice groupings of coupled photon/antiphoton pairs, or of gravitons. 
In turn, this Whittaker-structured vacuum now contains specific graviton vacuum engines, which 
directly engineer and structure the vacuum's virtual particle flux (VPF) exchange with the nucleus. 
[Ref. 12] 


The nucleus is highly nonlinear, hence strongly phase conjugative, or time-reversed. The ambient 
potential of the local vacuum surrounding the nucleus is in a violent virtual photon exchange with it, 
accounting for its electrical charge. 


Since the preponderant charge is positive, from the viewpoint of the ordinary light observer whose 
light interacts with electron shells, the nucleus may be taken to exhibit time reversal (phase 
conjugation). 


Energy, Time, and Gravitons 


We take the definition of "energy" to be fundamentally an ordering imposed upon the VPF of 
vacuum. We take photon scattering from the electron shells of atoms to be the fundamental exterior 
mechanism producing forward flow of external observer time. 


It then follows that "time's arrow" for the EM observer is due to the universal scattering of photons 
from electron shells. 


In this view, forward (positive) time flow and entropy are due to the same primary action: photon 
scattering from electron shells. It is unfortunate that the concept of "positive" energy has been tied to, 
and defined in terms of, the scattering and dissipation of VPF order as work, or energy expended. 


Via the standard labeling, then, negative energy is the reconstitution of order in the vacuum VPF. It 
should be noted that, in a PPCM, dissipative or external pump wave stress energy can be scavenged 
and re-emitted in perfect order as the phase conjugate replica. This is a negentropic process, for it is 
capable of turning disorder into order. [Ref. 13] 


In the time-reversed PPCM nucleus, we should expect to see appreciable negative energy—that is, 
energy removed from the EM scattering domain. This includes the binding energy of the nucleus, and 
the gravitational (G) potential energy of the EM energy removed from the "scattering interaction 
realm" and locked into the mass. 


Following Sakharov, we hold that the G-field is not a fundamental field of nature, but a composite 
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caused by, or made from, other fields. [Ref. 14] 


To the first order, we assume the G-potential is comprised of coupled photon/antiphoton pairs, on the 
average, where the statistical coupled spin-2 photon/antiphoton pair is a graviton. [Ref. 15] 


We follow the modern view of the field: because of vacuum fluctuations, rigorously one no longer 
speaks of "the" field, but of the probability of a particular field configuration. [Ref. 16] 


We also hold the vacuum to be composed of potentials, and regard the three terms space-time, 
vacuum, and scalar potential as essentially synonymous. 


Newton's Third Law and the Detection Process 


The VPF EM stress of the local vacuum immediately surrounding the nucleus may be decomposed a 
la Whittaker into opposing bidirectional EM plane waves/forces. Thus the nonlinear nucleus may be 
regarded as a pumped phase conjugate mirror, normally with a gain of one. 


In this view, Newton's third law reaction force is generated because the so-called "photon" interaction 
with an atom is in fact a graviton reaction involving a photon/antiphoton pair that is decoupled. 


The decoupled photon normally is absorbed and reradiated by an orbital electron, while the 
decoupled antiphoton interacts with the nucleus, producing a time-reversed twin of the external force 
—or, in other words, Newton's third law reaction force, which gives a slight recoil of the nucleus. 


Half of every measurement physicists normally make is discarded, with the missing half accounting 
only for Newtonian reaction in the meter or instrument, which is usually ignored. 


The fact that half of our measurement interactions are ignored is occasionally discovered and noted 
by physicists, who may even write a paper pointing it out, but no change is instituted in the 
foundations. [Ref. 17 and Ref 18] 


Semiconducting Vacuum and Self-Oscillation 


The vacuum immediately surrounding the nucleus is structured by the nucleus, and is itself nonlinear 
and capable of acting as a semiconductor. [Ref. 19] 


Since both this immediately local semiconductor vacuum and the nucleus it surrounds are highly 
nonlinear, then nonlinear resonance can conceivably be established between them. 


Further, since the resonating system in such case is an open system away from thermodynamic 
equilibrium, the oscillation can be self-sustaining. Such self-oscillation of the pumping of a PCM is 
already well-known in the nonlinear optical literature, particularly with compounds containing 
barium. [Ref. 20] 
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THE VACUUM TRIODE 
The Basic Concept 


As is well-known, a stress can be decomposed into opposing sets of forces. But quantum 
mechanically, the forces we are interested in with our work here are all caused electromagnetically, 
by the exchange of virtual photons. Even mechanical force, according to QM, is caused in this 
manner. Thus opposing electromagnetic or mechanical "stress" sets of bidirectional EM forces are 
microscopically equivalent to the notion of pump waves in nonlinear optics. 


Hence under the proper conditions, it follows that trapped EM stress energy of the vacuum can be 
utilized to "pump" the nucleus. 


Treating the stress-pumped nonlinear nucleus as a PPCM, it follows that the stress energy of the 
vacuum can be tapped by a 4-wave mixing mechanism in the atomic nucleus, to provide amplified 
phase conjugate EM wave outputs from the atom in response to small signal wave inputs. [Ref. 21] 


In the proper nonlinear material, the material may act as a PPCM, in which case there exists a 
suitable connection between the material's atomic nuclei and its external electromagnetic lattice 
bonds, and the amplified phase conjugate replica wave generated in the nucleus will be emitted from 
the material as an EM wave field. This field can then be tapped by suitable means and output to an 
external load circuit. 


Block Diagram of the Vacuum Triode 
Figure 4 shows a basic block diagram of the vacuum triode process, utilized by Sweet in several 
laboratory vacuum energy devices. These devices have ranged from a nominal 500 watt output in a 6- 
Ib. device to 5 kilowatts for a heavier unit. Gains have ranged from 50,000 to 1,500,000 for open- 


loop systems. Both open-loop and closed-loop systems have been built and tested. 


Figure 4 shows a combined block diagram for either a closed-loop or open-loop system. In the open- 
loop system, a barium ferrite magnetic material is used as a pumped phase conjugate mirror. 


In the "standard" design, two opposing PPCMs are used. The advantage of this dual combination is 
the use of self-targeting (repetitive phase conjugation, signal by signal). This has the effect of 


1. stabilizing the Whittaker field, and 


2. producing a quantum potential between the two mirrors, so the mirrors and the Whittaker 
potential between them are essentially one single space-time entity. 


Discussion of a quantum potential is beyond the scope of this paper, but the technical mechanism for 
creating one has been previously presented by the author on several occasions. [Ref. 22] 
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First we will explain the open-loop operation of the vacuum triode. In Figure 4, on the right an 
external 60 Hz, nominal 10 volt AC sine wave of several tens of microwatts in power is input into the 
stabilized field of the barium ferrite magnet structure, where it modulates the field, producing a signal 
wave input into the atoms of the material. 


In the top right block, the EM signal wave interacts with the electron shell of an atom, which in turn 
is EM-coupled to the nucleus. 
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Figure 4. The Vacuum Triode Concept. 


Thus an EM signal wave is input to the nucleus of the atom, which is highly nonlinear (middle top 
block). Earlier, Sweet had specifically conditioned the atomic nuclei with a proprietary process, 
wherein in the barium nucleus a trapped 60 Hz scalar EM spherical wave resonance (self-oscillation) 
exists between the structured semiconductor vacuum immediately surrounding the Ba nucleus. 


In the same activation process, the ambient potential of the surrounding vacuum was raised and 
stabilized, in the two leftmost blocks. 


At this point the nonlinear nucleus is effectively self-pumped by the trapped, excited, spherical scalar 


wave oscillation between the structured semiconductor vacuum and the nucleus. The nucleus is now a 
strongly pumped phase conjugate mirror. 
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Consequently, when the signal wave input arrives, the PPCM nucleus emits an amplified phase 
conjugate replica (PCR) wave, which precisely backtracks the input signal wave. This precise 
backtracking (perfect retroreflection) is referred to as the "distortion correction theorem." 


In short, the powerful PCR wave returns precisely toward the external source, passing through the 
electron shells and arriving in the perturbed barium ferrite magnet assembly field, where it perturbs 
the field. 


A transformer-like system then extracts this magnetic field perturbation and conducts it to the 
external load circuit. 


However, the PCR contains negative energy. Short of the load, the internal circuits run cool, rather 
than heating. This is a signature of a true vacuum energy tapping device. 


Indeed, if the output leads of the Sweet vacuum triode are physically shorted together, a brilliant flash 
occurs, and the leads instantly ice as if dipped in liquid oxygen. This is another signature of the true 
negentropic over-unity vacuum tap. 


Note that the energy extracted from the semiconducting vacuum adjacent to the nucleus is just 
instantly replaced by the surrounding vacuum's inexhaustible energy pool. This is an open-loop 
system, with a hidden energy source: the intense virtual particle flux of the vacuum's ambient charge. 


It is not possible to exhaust that flux, which is often calculated to have an energy density of some 
10100 or more grams per cm>, if the energy were cohered and condensed into mass. 


As can be seen, even a VT gain of 1.5 x 10° represents a "vacuum tap" of an incredibly small 
efficiency, on the order of 10-109 or so. However, the vacuum "river" is so energetic that such 
efficiencies are quite sufficient. 


We accent that the barium ferrite magnetic material must be activated so that stable self-oscillation 
between the barium nucleus and the surrounding semiconductor vacuum exists. Although self- 
oscillating/self-pumped PCMs are known at optical frequencies, Sweet has discovered and perfected 
a brilliant methodology for activating PPCM nuclei at ELF frequencies. 


In a resistive load such as light bulbs, the resistive material accomplishes repetitive phase 
conjugation. Thus in the resistor, half the total energy is expressed as photon or dissipative energy in 
the external (electron shell) level. 


As the excited electrons decay, they emit scattered EM energy as light and heat. This is an exothermic 
interaction. The other half of the total energy reacts in the atomic nuclei, as a phase conjugative or 
endothermic interaction. 


We strongly accent that, Whittaker-wise, there are two electromagnetic channels and two kinds of 
EM: 
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1. external EM, the common electron-shell interacting, entropic, scattering, time-forward kind, 
and 


2. the internal, unsuspected, hidden variable, nuclei interacting, negentropic, reordering/ 
convergent kind. 


Internal EM travels strictly between atomic nuclei, normally not reacting with electron shells unless a 
pumped phase conjugate mirror reaction is invoked in the nucleus to produce a gain somewhat 
greater than unity. 


Thus if we wish to communicate with atomic nuclei directly, and engineer them directly, we must 
utilize the internal EM channel via applied Whittaker methods. 


Antigravity Tests 


Inherent in the preceding discussions is the possibility to turn EM energy into gravitational energy of 
either sign. In other words, one should be able to utilize Sweet's vacuum triode to produce and 
demonstrate antigravity. 


Indeed this is the case. Sweet has also discovered the special alterations necessary to perform 
straightforward transformation of the internal energy in the nucleus to antigravitational energy, 
producing a unilateral thrust upward. 


Note that the bulk of G-potential gradient (G-force-field) occurs Whittaker-wise at ELF frequencies. 
This explains why nonlinear phase conjugate opticians do not notice direct antigravity effects. 


At the optical frequencies at which they work, the effects are so miniscule that they are negligible. 
This is readily explained as follows: In QM, the quantum (photon) is comprised of action (angular 
momentum), not just energy. It is rather like a "piece of energy welded to a piece of time, with no 
seam in the middle." 


Since quantum change occurs in quanta, the decoupling of the energy and time components, in the 
continual interaction of photons with matter, exchanges energy between G-potential of vacuum and 
trapped mass of the atom or particle. In this exchange, small increments of time are continually being 
formed (and unformed, as photon emission occurs). 


Consequently, each mass is moving forward in time in small incremental jumps, usually of 
exceedingly small magnitude. However, the energy and time trapped in a photon are canonical. The 
greater the piece of energy, the smaller the piece of time, and vice versa. 


So if one wishes to stress the "rate of flow of time" significantly, one needs to produce large amounts 
of photons that have very large pieces of time, and consequently little pieces of energy. 


Since the energy of the photon is directly proportional to its frequency, this means that the lower 
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frequency photons have larger time increments, and hence endure over many "regular-sized photon 
absorption/emission changes" to appreciably stress the rate of time flow/production. 


The bottom line is that the standard pumped phase conjugate mirror can be adapted to produce 
antigravity at ELF frequencies, but precisely the same adaptation at optical frequencies will have 
negligible effect. 


With this in mind, the author requested Sweet to perform an antigravity experiment to prove the 
thesis. With Sweet's proprietary adaptation of his vacuum triode/PPCM, the experiment produced 
rather straightforward but spectacular results, as shown in Figure 5. 


The experiment was performed as follows: Rigged for antigravity, the 6-lb. device was placed on a 
scale so that its weight could be continuously monitored. A special external load box was utilized in 
which multiple electric light sockets were connected in parallel. 


Then the external load draw was adjusted by merely screwing in 100-watt lamps, one at a time, with 
measurement and observation pauses in between. The output of the device was 120 volt, negative AC 
sine-wave power at 60 Hz. 


For each 100-watt increment, the load power was recorded and the weight was carefully recorded. 
The results are shown in the rather smooth, classic curve shown in Figure 5. 


At 1,000 watts load draw, the previously 6-lb. device had reduced its weight due to gravity by 90 
percent. At that point the signal-wave (grid) input to the open-loop vacuum triode was only 175.4 
microamps at 10 volts, or just under two milliwatts. 


file:///C|/bearden/The%20Tom%20Bearden%20Website6.htm (14 of 21)24.11.2003 20:45:04 


The Tom Bearden Website 







WEIGHT 
(OUNCES) * OPEN LOOP SYSTEM 
210 POSITIVE POWER INPUT 
NEGATIVE POWER OUTPUT 
180 ~ NESISTIVE LOAD 
60 HERTZ FREQUENCY 
150 
120 
90 
60 
30 
a: 


EXTERNAL ELECTRICAL LOAD 


(HUNDREDS OF WATTS) 
Figure 5. Antigravity Test of Sweet's Adapted Vacuum Triode. 


We accent that the nominal two milliwatt input is only a gating signal. It is the organized, gated 
vacuum energy that is performing the action. 


The experiment was stopped short of actual hovering and flying due to safety considerations. With 
the specific adaptation, magnetic monopoles are deposited in the magnet materials, producing 
internal tensile stress. 


Since no explosive controlled facilities were available, and there was no wish to destroy the VT, the 
experiment was terminated at 90% antigravity performance. 


It was completely successful, and adequately demonstrated the validity of the unified field theory 
concepts utilized in our approach. 


CONCLUSIONS 
A new unified field theory has been developed, tested, and at least partially verified experimentally. 
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The concepts of the theory have been applied by Sweet in a series of inventions that produce readily 
usable, safe electromagnetic power directly from the vacuum. 


The methodology lends itself to formulation of power devices without moving parts. Antigravity, 
predicted by the concepts of the theory, has been demonstrated in actual practical demonstrations on 
the laboratory bench. 


Though not discussed in this paper, application of the concepts and methodology to a large variety of 
other fields, such as medical reversal of aging and curing of almost the entire range of present 
debilitating diseases, has been previously pointed out. [Ref. 23] 


We have also pointed out the mechanism for Kaznacheyev's cytopathogenic effect, or the induction 
of cellular pathology at a distance by electromagnetic means. [Ref. 24] 


We have also pointed out the specific mechanism involved in Priore's device, which in rigorous 
laboratory animal testing under the auspices of eminent French scientists, demonstrated nearly 100 
percent cures for terminal cancers and leukemias, sleeping sickness, artherosclerosis, and other 
debilitating diseases.[Ref. 25] 


We believe we have also produced the concepts enabling the direct engineering and therapeutic 
manipulation of Popp's master cellular control system. [Ref. 26] 


We conclude that the concepts we have utilized and experimentally demonstrated are universal, as 
implied by any notional unified field theory. 


Our conclusion is that the concepts, theory, and experiments, taken together, are sufficient for 
investigation and replication by the scientific community. 


If replicated and fully substantiated, we believe the work will directly point the way to, and usher in, 
a new unified field theory physics of universal application. 


SPECULATED IMPLICATIONS 


As can be seen, the implications of the new approach are profound. The authors believe they have 
ushered in the forerunner of a vast new physics, one which will change our lives, and our view of 
physical reality, in ways previously undreamed of. 


By mastering, controlling, and gating the vast, incredible energy of the seething vacuum, we can 
power our automobiles, flying machines, and technology inexhaustibly. Further, it can be done 
absolutely cleanly; there are no noxious chemical pollutants to poison the biosphere. With practical 
antigravity, ships can be developed to cross the solar system as readily as one crosses the ocean 
today. 


And the ships, automobiles, and technology will never run out of fuel; the inexhaustible vacuum fills 
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every system, everywhere, to overflowing. 


Not discussed in this paper, it turns out that living systems, faced with the problem of achieving 
negentropy so as to maintain their form in a dissipative external physical reality, have always used 
the hidden internal channel for such things as mind, thought, cell control, and living functions. 


With the new methodology, one now faces the advent of access and engineering of the mind and life 
of the observer as readily as the observer's physical body. 


Transmutation of the elements, control of the weather, lighting and powering our cities and homes 
cheaply and cleanly, and provision of plenty for everyone is the vista for the future. We can in fact 
clean up the radioactive wastes, rid ourselves of coarse nuclear and petroleum powerplants. 


We strongly stress that, with the ability to engineer the Schroedinger equation itself, the new 
methodology allows the direct engineering and control of quantum change, and hence of physical 
reality itself. 


The methodology is extendable to hyperdimensions; nested virtual levels of the vacuum are already 
precisely that. The author has already pointed out the application of this emerging technology to the 
absolute cure of diseases such as AIDS, cancer, leukemia, etc., and shown that the Priore device in 
France already proved the efficacy of the application in the 60s and 70s. 


We shall be able to rid ourselves and our descendents of diseases. With direct access to the actual 
software of life and mind, in the future we should be able to achieve levels of education previously 
unattainable, by directly inputting the relevant software. 


Previously we have also pointed out that four nations of the world are already embarked on 
weaponization of scalar EM unified field technology. It is sobering to think that, in addition to having 
the ability to make our planet a paradise for humankind, we also will have the ability to make it a 
hades. 


For that reason, we are doing our best to clarify the technical concept and the theory in this 1991, 
hopefully with the view that humankind will seize upon the positive aspects, and develop and apply 
this technology for the betterment of all people everywhere. 


Long ago, Albert Einstein said these words: 

"It would of course be a great step forward if we succeeded in combining the gravitational field and 
the electromagnetic field into a single structure. Only so could the era in theoretical physics 
inaugurated by Faraday and Clerk Maxwell be brought to a satisfactory close." 


And Teilhard de Chardin wrote: 


"Someday, after we have mastered the winds, the waves, the tides and gravity, we shall harness for 
God the energies of love. Then for the second time in the history of the world man will have 
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discovered fire." 


The authors fervently believe they have come upon fire for the second time, as allegorized by de 
Chardin. If so, let us all use the knowledge wisely. 
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Note that this moves the entire notion of the charge of a fundamental particle to a deeper and 
more extended level. Now the charge may be discretized, but it is not quantized in the hard 
conventional sense. Further, the internal Whittaker structure of the massless VPF photon 
exchange of vacuum and mass, which, quantum mechanically, is what the electrical charge of 
the particle is in the first place, is deterministically structured. Note that this violates the 
present assumption that all like charged particles are identical; now two electrons may have 
either the same or different magnitudes of charge, and even when the magnitudes are the 
same, their internal charge structures (Whittaker structures) and VPF exchange with the 
vacuum may differ. Also note that this resolves the severe QM problem of missing chaos 
(hidden order) in quantum change. The reason for the problem was the use of Gibbs statistics 
with its assumption of random variable change, which a priori excluded hidden order (and 
hence chaos) from QM. That was only a special case, albeit an important one. There are now 
three QM cases: (1) the conventional case, where there is no hidden order; (2) the case where 
there is some hidden order, and the statistics is chaotic, not random; and (3) the case where the 
QM change is deterministic, with essentially total hidden order. Note that the Whittaker 
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methodology allows one to directly engineer cases (2) and (3), including the Schroedinger 
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not apply for the time-reversed case. Merely viewing the energy-dissipating forward time case 
in reverse allows an appreciation of the time-reversed case. In other words, the second law of 
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the increase in order as the time-reversal of the system increases. Thus the complete law 
consists of two parts: (1) the entropic, time-forward case, and (2) the negentropic time- 
reversed case. Since the re-ordering can be amplified at will by a PPCM process, the correct 
distinction between the two subsets of the complete law is important, and applies to real 
systems. 


A.D. Sakharov, Theor. Math. Phys., Vol. 23, 1975, p. 435. 


T. E. Bearden, Gravitobiology: A New Biophysics, Tesla Book Co., 604 Date Ave., Chula 
Vista, CA 91912, 1991. 


C.f. Charles W. Misner, Kip S. Thorne, and John Archibald Wheeler, Gravitation, W.H. 
Freeman and Co., San Francisco, 1973, p. 1191. 


E.g., see Richard Kidd et al, "Evolution of the Modern Photon," Am. J. Phys., 57(1), Jan. 
1989, pp. 27-35. See also R. Chen, "Cancellation of Internal Forces," Am. J. Phys. 49(4), Apr. 
1981, p. 372. 


A nonlinear material may simply emit a photon, or it may act as a phase conjugate mirror 
(PCM) and emit a phase conjugate replica of the absorbed photon. When the material emits a 
normal photon, it measurably recoils. When it emits a time-reversed photon, it does not recoil, 
as already experimentally established in nonlinear phase conjugate optics. The solution to the 
mystery is this: When emitting a normal photon, the material does not act as a PCM. In that 
case the matching antiphoton which split from the interacting graviton (the graviton that 
yielded the external photon) interacts with the nucleus, producing a recoil action with a gain of 
one. Thus Newtonian third-law recoil of the nucleus occurs. On the other hand, when the 
material acts as a PCM, it also emits the antiphoton outside the atom to "backtrack" the 
absorbed "signal wave" photon. In that case there is no Newtonian recoil of the nucleus, 
because the agent for causing recoil did not interact with the nucleus to produce it. 


Richard E. Prange and Peter Strance, "The Semiconducting Vacuum," Am. J. Phys. 52(1), Jan. 
1984, p. 19-21. Also, under nonlinear conditions, a particle can absorb more energy than is in 
the light incident on it, absorbing the energy from the vacuum VPF. C.f. Craig F. Bohren, 
"How Can a Particle Absorb More Than the Light Incident on It?" Am. J. Phys. 51(4), Apr. 
1983, p. 323-327. 


C.f. Pepper, ibid. and Yariv, ibid. For a specific example, see Mary J. Miller et al, Appl. Phys. 
Lett. 41(8), Oct. 15, 1982, p. 689-691. 
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21. Again, for the theory of the PPCM, see Pepper, ibid. and Yariv, ibid. 


22. E.g., see T.E. Bearden, Gravitobiology: A New Biophysics, Tesla Book Co., Chula Vista, CA, 
1991, p. 33-36. 


23. Bearden, AIDS: Biological Warfare, Tesla Book Co., 1988; Gravitobiology: A New 
Biophysics, Tesla Book Co., 1991; Analysis of Scalar Electromagnetics, Tesla Book Co., 
1990. 


24. C.f. Vlail P. Kaznacheyev and L.P. Mikhailova, Ultraweak Radiations in Intercellular 
Interactions, [in Russian], Novosibirsk, 1981; Vlail P. Kaznacheyev, "Electromagnetic 
Bioinformation in Intercellular Interactions," Psi Research, 1(1), Mar. 1982, p. 47-76; N.D. 
Devyatkov, Ed., Applications of Low-Intensity Millimeter Wave Radiation in Biology and 
Medicine, {in Russian], IRE Akad. Nauk. SSSR, Moscow, 1985. 


25. C.f. Antoine Priore, "Method of Producing Radiations for Penetrating Living Cells," U.S. 
Patent No. 3,280,816; Jean-Michel Graille, Le Dossier Priore, De Noel, Paris, 1984 [in 
French]; Christopher Bird, "The Case of Antoine Priore and His Therapeutic Machine: A 
Scandal in the Politics of Science," Appx. I to Bearden, AIDS: Biological Warfare, 1988. 


26. C.f. Fritz Albert Popp, "Photon Storage in Biological Systems," in Fritz Albert Popp et al, 
Eds., Electromagnetic Bio-Information: Proceedings of the Symposium, Marburg, September 
5, 1977, Urban & Schwarzenberg, Baltimore, 1979, p. 123-149; also Biophotonen. Ein neuer 
weg zur Losung des Krebsproblems, Verlag fur Medizin, Heidelberg, 1976 [in German]. 
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@ There is a vast new kind of electrodynamics hidden 
inside all EM potentials, fields, and waves 
26/0 itudinal EM waves and complexes HR 


Return. 


— Oscillations in time domain 






@ These complexes are an infolded general relativity oe 
— Clustered formations Dace : = —— 
— Very powerful, since the E Se he ect 
agent | curvature iis — 


® In general relativity, similar precise complexes ~ 
permeate and act on any mass at all internal levels ee ee 


® With this approach, one can now manipulate matter -- Slide 
living or inert -- in any manner desired, depending 
only on the level of development of the technology 


® Priore unwittingly used this to cure dread diseases 
@ This is a revolution in all of science © TEBEARDEN vaca 


@ We have uncovered the major mechanisms to utilize 








http://www.cheniere.org/briefings/DoDPriore/slides/002.htm24.11.2003 19:13:43 


Priore DoD Briefing 


a 


Solution to Mass Casualties Treatment Problem 


Threat and Current Status 

Historical Solution: Priore Treatment Therapy 
Extended Physics and Background 

Modern WMD Solution: Portable Treatment Systems 
Conclusions; Technology Practical, Proven 
Recommendation: Crash Development Program 


‘On f = Onn [i] on 28 Mar. 1998 


o) 7 12 SPAREN 


http://www.cheniere.org/briefings/DoDPriore/slides/003.htm24.11.2003 19:13:45 





Return 
to Slide 
Index 


Next 
Slide 








Previous 
Slide 


Priore DoD Briefing 


f 


Solution to Mass Casualties Treatment Problem 


Threat and Current Status 

Historical Solution: Priore Treatment Therapy 
Extended Physics and Background 

Modern WMD Solution: Portable Treatment Systems 
Conclusions: Technology Practical, Proven 
Recommendation: Crash Development Program 


6 i =i Orme [a Tor 28 Mar. 7998 


c (am 1h SP ARDEN 


http://www.cheniere.org/briefings/DoDPriore/slides/004.htm24. 11.2003 19:13:47 





Return 
to Slide 
Index 


Next 
Slide 








Previous 
Slide 


Priore DoD Briefing 

















TODAY: 
« Sabotage 
« Chemicals 
« Nuclear materiats Reiiet 
« Powerful oxplosives to Slide 
« Assassination Indes 
* Kidnapping and hostages ——— 
» Contamination 
* Shouldor-firod AD missiles Next 
« Terrorism : 
Slide 
Previous 
’ Slide 
FUTURE ADDITIONS: 
« EM weapons 
+ EM biological warfare 


« Scalar EM weapons 

«Scalar EM disease induction 

» Alteration of bohavior and emotions 
« Attoratron of mormory 

» Ole! Hhought control 

» Action-at-a-distance offects 
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e One terrorist, one light aircraft 
with spray tank 














Return 
© 100 kilograms of anthrax err 
e Flies over greater metropolitan Index 

Washington, D.C. Next 
e Calm night aoe 
e 1-3 million casualties result* —_ 
e Most of those stricken will die on 


e Presently little can be done 
to save the stricken civilians 


e Attacks on several population 
eenters might produce some 
10 million or more casualties 


Ti Oe mec “Per OTA Report to Congress, 1993 
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e Many foreign nations are hostile an 
to the U.S. and sponsor terrorists C 
e Some 25 nations have WMD or y 
are acquiring them 
— BW agents and weapons : 
— Chemical agents and weapons 
— Nuclear materials and weapons ah 
e Thousands of students and emigres a 
e infiltrated teams, BW, other WMD already a 
e Castro guerrillas infiltrated over the years 
e Can do unacceptable damage to U.S. now 
e May reach first strike knockout capabili 
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“Por OTA Report to Congress, 1993 


http://www.cheniere.org/briefings/DoDPriore/slides/008.htm24.11.2003 19:13:59 












° No shelters (reauibe overpressure. | 
e No stockpiled vaccines, medical su oe 
immunoglobulins, masks, suits, food, fuei , 
generators, heaters, water ter purification units 
personnel, and emergency response teams ” 
* Triage, full martial law will be required 6 [= 
e Terrorist teams, ys agents, other WMD on site, waiting 
e Water supplies, food, crops, farm animals also vulnerable 
e Present medical science cannot save very many of the 
casualties, now or in the foreseeable future 


BW filtering, masks, showers, supplies) 
e Totally insufficient medical facilities, 
o answer to massive ntamination problem 
2 » State, cou wal trained for ma ly staffed . 
and insufficie! for mass casualties 
e Electric power grid, bridges, trains, railroads vulnerable 
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involved a dramatic extension to both 


nonlinear optics and general relativity. 

However, nonlinear optics itself had notyet Return 

been born in the 1950s and 1960s when to Slide 

Priore worked out his methodology. The eae 
‘ comes Index 


been previously envisioned even to the 
present day. When the Priore project was Next 








suppressed by the changed French : 
government in the mid-1970s, nonlinear Slide 
optics itself was just being initiated. To 

the present day, however, there has Previ 
previously been no inkling of the dramatic Ache 
extension to NLO that arises by using Slide 


longitudinal EM pump waves and thereby 
pumping in the time domain. 

It is little wonder that Priore himself did 
not understand the nature of the technical 
mechanism he was utilizing, and neither did 
anyone else, and neither has anyone else 
prior to this time. 
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Among other things, Pautrizel treated 
seriously infected immature rats with 
the Priore ray. These rats had never had 
@ mature immune system, When they 
were removed from the machine, they 
still sickened again and died, because 
their immature immune systems could 
not resist the pathogen (Trypanosoma). 
So even though the damaged cells were 
reversed back to normal, the “normal” 
immune system was unable to fight off 
pathogers, which rainfected the cells 
and killed them, killing the rats, 

This established the time-roversal 
nature of = therapy. 
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CELLULAR DISEASE, BY WHEELER'S PRINCIPLE 3 
* DISEASE CAN BE REVERSED BY CREATING AMPLIFIED\S3\\ : 
oe VACUUM ANTI-ENGINE (BEARDEN'S PRINCIPLE) . 
* ANTL-ENGINE IS CREATED BY PUMPING THE NONLINEAR an 
CELLS IN THE "INNER EM" DOMAIN, TIME-REVERSING THEM to Slide 
* PRIORE UTILIZED A PLASMA TO PHASE CONJUGATE AND "INFOLD” | y/ Index 
MULTIPLE BIDIRECTIONAL LONGITUDINAL EM PUMP WAVES ss 
* 47 FREQUENCIES MIXED IN A ROTATING PLASMA Next 
* PHASE CONJUGATES ADDED BY THE PLASMA Slide 
Re * JINFOLDED MIX INTO STRONG PULSED DC MAGNETIC —— 
FIELD, WHICH CARRIED IT INTO ATOMIC NUCLEI 
* PUMPED ALL NONLINEAR CELLULAR COMPONENTS TO —B& 
PRODUCE AMPLIFIED, SPECIFIC VACUUM ANTI-ENGINE Slide 
* NEGATED THE LONG-TERM CUMULATIVE CELLULAR 
DEDIFFERENTIATION ORDER GENERATED BY LONG-TERM 
HYPOXIA. TUMOR CELLS REVERTED TO NORMAL CELLS. 
* SCRUBBED OUT THE CUMULATED PRECANCEROUS STATE 
* RESTORED THE IMMUNE SYSTEM TO HIGH FUNCTIONING 


* NO EXCESSIVE TRAUMA TO TREATED ANIMAL 


cCANCches © 70, ee (eee Te eeeeoee 
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Priore’s therapeutic methodology: 





Time-reverses the cells back to normal state 
FORMA SET | START ) 


EM WAVES (17) to Slide_ 
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NOTE: Priore therapy MAGNITUDE OF 
treats entirebody. ~ SUSCEPTIBILITY 
te ee YT Return 


ho ~~ sBopy “7%, Body Poem to Slide 
; Cells andtissues : Index 


THERAPY: 


damage, etc. Slide 





deterioration. 7 
Previous 
Slide 
Pn PRIORE THERAPY: 
‘ical No scarring 
or physical 
=? damage, etc 
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Extended Physics and Background 

Modern WMD Solution: Portable Treatment Systems 
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* G.J. Stoney: 


Decomposed the scalar potential into bidirectional wave pairs. 


"On a supposed proof of a theorem in wave-motion,” Pra. Mag . 
443), 1897, p. 366-373 (and severst other papers) 


* E.T. Whittaker: 
Decomposed the scalar potential into a series of bidirectional EM wave pairs in 
harmonic series, where the two waves in each pair are conjugates (i.e., a 
wave/antiwave pair) and are longitudinal waves. 


"On the partial differential equations of mathemabon! 
physics.” Math. Ann. Vol 67, 1803, p. 333-385 


Showed that all classical EM - including waves -- can be replaced by two 
interfering scalar potential functions.. (This founded superpotential theory, 
extended by Nisbet, Bromwich, Debye, McCrea, and others.) 


"On an expression of the electromagnetic feild cue to 
electrons by means cf two scalar potential functions,” 


Proc. Lond. Matt, Soc. Series 2 Vol 1. 1M, 9, 387-372 


= R.W. Ziolkowski: 
independently rediscovered the biwave decomposition of the scalar potential and 
added the product set (in theory enabling modulations and communications) to 
Stoney and Whittaker's sum set. 
Various papers, 1965 to date 
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Energetics | Bioenergetics | Psychoenergetics 











* Nonliving systems + Living Systems « Living Systems (Minds) 
Scalar interferometry + Cells, cellular changes . Memories, Emotrons Return 
* Master Cell Contro! (Popp) * Conscious/Unconscious Minds 


* Spacetime Structuring to Slide 
+ Species, Biospheric Minds es 
* Action-at-#-Distance Index 
* Quantum Potentials 
* Scalar interferometry 
« Hidden EM Variatles Next 
+ SWZ Effects 
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A homebrew step attenuator. A network analyzer showed it works well into the VHF spectrum. 
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Bunge on the Status of | 

Classical and Quantum Physics 
“+. itis not usually acknowledged that electro- — retum 
dynamics, both classical and quantal, areina Slide 
sad state... the best modern physicist is the Index 
one who acknowledges that neither classical Next 
nor quantum physics are cut and dried, both Slide 
being full of holes and in need of a vigorous . 
overhauling not only to better cover their own — 
domains but also to join smoothly so as to _ 
produce a coherent picture of the various 
levels of physical reality.” 


“Mario Bunge, a 
(@) (07 E BEARDEN New York, NY, 1967, p. 176.. 





Springer-Verlag, 
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EINSTEIN ON REVIEWING FOUNDATIONS — | 





"..the scientist makes use of a whole arsenal of concepts which 


he imbibed practically with his mother's milk; and seldom if Return 
ever is he aware of the eternally problematic character of his to Slide 
concepts. He uses this conceptual material, or, speaking more aes 
exactly, these conceptual tools of thought, as something anes 
obviously, immutably given; something having an objective 

value of truth which is hardly even, and in any case not Next 
seriously, to be doubted. ...in the interests of science It Slide 

is necessary Over and over again to engage in the critique of 

these fundamental concepts, in order that we may not uncon- Previous 





sciously be ruled by them.” Slide 


Albert Einstein, “Foreword,” in Max Jammer, 
Concepts of Space: The History of the Theories 
of Space in Physics, Harvard University Press, 
Cambridge, Massachusetts, 1969, p. xi-xil. 
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7 Note ! 
plate on i. No “E* or “H" 
' "A \ in vacuum. 
rene only s= E* ae \ Return 
Source qisa 5 \ to Slide 
broken symmetry -_—* eS \ \ Index 
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= joules contin 
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| d zone 
So E=-V one point coulomb 


[Coulombic energy collection density] 
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Material 

















Material 

‘ ectric Electric 

{ All Maxwell's EM entities | 

' Fluid are defined only in and of Fluid ‘ 
’ Disturbed charged matter. All are Disturbed 


material entities. There 
was no place devoid of 
mass, in the universe. 











— 


MAXWELL'S EQUATIONS ARE MATTER-TO-MATTER TRANSFORMS | 
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Return 
to Slide_ 
} Index 
| 
Next 
| Slide 
Material Material ; 
| Electric Electric ial 
| Fluid Fluid 272 | Sue 
Disturbed Disturbed 






Now we are not using 

a material ether. 

ths pe mnees 
changing. 









Electrodynamicists’ Reaction to Removal of the Material Ether 
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THE MISSING INFOLDED 


ELECTRODYNAMICS 







Material Material 


Electric Electric 
Fluid Fluid 
Disturbed Disturbed 


, INTERNESTED SPACETIME CURVATURES = a | 
(VACUUM ENGINES) ie” 
| —__ INFOLDED GENERAL RELATIVITY ai % 4 
_ Ses “a mies 2. 4) LL 
~ ——____ SPACETIME — = > ee 
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Nonlinear Optics 
Distortion Correction Theorem 


= nt i 


/ i, 





"If a scalar wave E;(r) propagates from Previous 
left to right through an arbitrary but lossless |) Slide 
dielectric medium, and if we generate in 

some region of space [say near z = 0] its 

phase conjugate replica E2(r), then Ez 

will propagate backward from right to left 

through the dielectric medium, remaining 

everywhere the phase conjugate of E:." 





IC3-4 (@) 18 pees, 1807 © DARDEN 
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© TE BEARDEN 1997 





*- * * ETC. 
, : Wavepair #3 Detar 
HARMONICS ~3 : to Slide 
Ind 
Wavepair #2 =< 
Next 
Slide 
Wavepair #1 
** * ETC. Previous 
Slide 
In each wavepair the two waves 
The two are phase 


Note: Think of the oscillations as velocity modulations. 
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The Zero-Vector Axiom Destroys 
“Topologies within Topologies” 


e The axiom: There is a unique vector, 0, in V 








(the vector space) such that Return 
ak, ee ee 
e Note that V + 0i= 0;+ V; Oi = - O1= nO; i 
SO Oi = Oj = Ox =...+ On= ... a 


e This makes all 0i equal by assumption, a 
since there is assumed to be only asingle sta 
type O without real components 

e In fact, 0 is not unigue. An infinite number 
of different zero-vector systems, with real 
components, satisfy the zero-vector axiom. 
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A coupled EM wavelantiwave pair infotds electromagnetic 
energy, converting it to gravitational energy. The wavepair 
becomes an electrogravitational standing wave. 





< | emt ee CE meant 
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(waves with velocity v, where 0 < v 





@ Major equations of interest having UPW solutions are: 


— Homogeneous wave equation “Rosioues and Lu, Found, Phys Bettie: 
— Maxwell equations to Slide 
- Dirac, Weyl, and Klein-Gordon equations Index 


@ UPWs are translationally invariant, and do not spread, or 


they reconstruct their original form after a certain period. went 


Slide 
@ UPW solutions have infinite energy. Quasi-UPWs can have 
finite energy and can in principle be launched into space. Previous 


Sli 
® Subiuminal Maxwell solutions are called EM particles. side 
Superluminal Maxwell solutions are called X-waves. 


@ Experimental results indicate such waves will be produced 
within the next few years. @ 1900 TE BEARDEN 


@ Nimtz has translated Mozart's 40th symphony at v = 4.7c. 
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Velocity modulating a longitudinal 


EM wave oscillates rate of flow of time 
SSS SS 


_ Observer sees it this way 


Constant transverse wave magnitude 


Wave oscillates its velocity along 
iz its path, about a nominal value 


Wave oscillates this wa 
Constant transverse magnitude 


Wave oscillates magnitude of its 
transported t, about a nominal value 








« Waves consist of photons 

+ Each photon consists of onergy x time 

+ Each photon carries time as well as energy 

. 

vtompora dynamics. names and 

* Wave complexes carry dynamic time structures as well as 
dynamic energy structures 


©) wer TE BEARDEN 
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(Both photon and antiphoton are longitudinal) 


xv 









LONGITUDINAL In physics, the primary units 
PHOTON 


thing can be expressed, 6.g 


ACTION in terms of time alone. Thus 
i so can photon spin 
VACUUM iS THISA 

ENGINE SPIN 2 ENTITY? 


It is, in the time 
domain. 


| 
y 


REACTION LONGITUDINAL 
ANTIPHOTON 
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Return 
to Slide 
(AE)(At) + M => (M+AM)At => M + (AE)(At) Index 


Flow of macroscopic time (observable photon interactions) 


Next 
Slide 


Previous 
Slide 


Flow of microscopic time (via virtual photon interactions) 





The photon interaction generates an observed quantum change and a discretized jump 
in the rate of time flow. A particle observably Chainies by cals a sitie A tara tke, 
The background flow of time in which the jump in rate occurs, is created by the continual 
absorption and emission of virtual photons. 


Werte OrANDEN 
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(Use of Hidden Information Content of the Field) 
(Can Provide Action-at-a-Distance) 
Return 


to Slide 
Index 







Note: 

Whittaker's 1904 paper 
initiated the entire field 
of superpotential theory, 







Next 
Slide 


Previous 
Slide 


® TE BEARDEN 1967 


(8 to 20 harmonic wavepairs each )} 
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Deep penetration of weak signals in a dense signal 
environment, by nonlinear retroreflection 





generated signals from the interior, impingi jn 
weonite pumped (stressed) nonlinear amos areas 
the simultaneous exterior interactions occur. G@ sn itt meee 
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e Emission very sensitive to almost all 
external and internal influences 

e Both spontaneous and delayed 
luminescence occur 

e Photons stored in cell during the delay 


oe ee zh Sonere inter- 
actions in biologica spelen 
ets an organized field 
at the basis of contro} 
































Return 
to Slide 
a Index 
Leak. rovides ultraweak, coherent e A single delayed biophoton be 
‘ blophaton emiasion from the system able irigget 10°° © reactions ira cell 
+ Fractions) intens patterg: fev few to before its release Next 
«S m almost continuous within Slid 
Be reba drome = optical range from 200-800 nm. Ide 
Previous 
Slide 





Ea oy emission shows biological 
out of equilibrium 

« Emission has holistic characteristics 

e Correlations to most, if not all, of the 

biological functions of the organism 








° Tos e DNA, all other processes are sources 
. wae main process of whole system, 
different processes strongly coupled 
e Information function and sync of 
biological clocks (oscillators) 
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CANCER: CHARACTERISTICS 


NOT ONE DISEASE BUT A WHOLE RANGE 

STARTS IN ORDINARY (AEROBIC) CELL 

CELL SHAKES OFF BODY'S DICTATORIAL CONTROL* 
STARTS UNCONTROLLED DIVISION 

BECOMES A LUMP 

CAN SEND FORTH CANCER CELLS 


THESE FORM METASTASES (SECONDARY TUMORS) 
OFTEN BECOME ANAEROBIC (NON-OXYGEN USING) 


@ ENIGMA IS FAILURE OF IMMUNE SYSTEM 
TO ATTACK SOME TUMOR CELLS 
— SUPPRESSOR CELLS MAY CURB IMMUNE SYSTEM 


*R&R system forces cell back toward anaerobe 


CANCR-3S © 1883 TE Bearden 
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HANGE L# 











ATMOSPHERE Return 
AERORI to Slide 
habeas Index 
Next 
Slide 
e Previous 
ANAEROBES KILLER CELLS ORGANS Slide 
OBLIGATORY (SINGLE CELL es str Slide 
Sa one BOTH AEROBIC STRUCTURES 
SINGLECELL = AND ANAEROBIC) 
SHIELDED 
FROM OXYGEN * NOTE: LIMITED ANAEROBIC RESPIRATION 
STILL TAKES PLACE IN HIGHER AEROBIC 
LIFE FORMS, INCLUDING MAN. 
EVOLUTIONARY TIME 
CANCR-41 © 1003 TE Meander 
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RED BLOOD CELLS ° AIR 
@ Return 
—_. to Slide 
Je os . Index 
on 
Severely reduced o Severe pollution ° Next 
oxygen transport ® Slide 
cS @ (Such as ®@ —_ 
cigarette smoke) a ; 
BLOOD CELLS 9 ° ° ‘ Previous 
LUNG Slide 
SACS 


BODY ATMOSPHERE 


CANCROF @ 1093 T4, Bearden 
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MULTICELL 
AEROBIC’ 
(INCLUDES MAN) Retain 
to Slide 
Index 
Next 
Slide 
CENTRAL CONTROL 
OXYGEN-RICH TIME-FORWARD esas 
a PATH AS IT Slide 


DEVELOPED 


6 =< TIME-REVERSED 
== PATH FOR SUSTAINED 


OXYGEN DEFICIENCY 


SINGLE CELL ~ a 
AEROBIC’ —s cST STEP IN OXYGEN-DEFICIENCY 
DEDIFFERENTIATION 


CANCK-O8 © 1989 TE. Bearden 
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* Two major links uncovered between : 
— The DC system and nervous system 
— The DC system and all body cells 


* Bioelectric potentials of primary importance = 
© Physiology presently considers controls limited to: ha 
— Neural action potential al 
— Various hormone chemical agents Next 
— Chemical agents associated with DNA/RNA system Slide 
* Complete Operational Biological Control System: 
— Controls growth, healing, biological cycles, etc. cae 


— Operates in ANALOG mode; various levels of DC 
— Interlocks physically with nervous system (and may be its precursor) 
— Other chemical agents 
— Tissue growth and healing NOT INCLUDED 

® Medical community now more concerned with diseases resulting from: 
— Inadequate/abnormal growth 
— Inadequate healing 
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Application of DC currents to heal difficult bone 
fractures. Only picoamperes are utilized. Pulsed DC 
current or pulsed magnetic fields may also be utilized. 








Proves that cells can be time-reversed (phase conjugated) 
dedifferentiated) or time-forwarded (redifferentiate 
application of very weak electromagnetic signals, when 
those signals contain longitudinal bidirectional EM “pump 
wave” wavepairs, which cause the cell and its parts to create 
precise vacuum antiengines. 


Turns into type of cell that 
makes bone 

Deposits in fracture site, 

healing the fracture 






(2) Te ARO 
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DIFFERENTIATIO 


Previous 
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Local cellular effect Local nerve effect 


CNS effect Alterations in hormone 
| pattern (prolactin) 
Alterations in tocal 
DC field pattern 


el 
effects — , 
[ Local and systemic 
sees wea 













Dedifferentiation into 
primitive mesenchymal cells 


t 


Phase | Blastema formation 





growth 
Phase Il . 


Redifferantiation into & Spadaro, “Electrical stimulation of 
required cell types , Abia) May 1978 


Restoration of body 
part or tissue 
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@ Standing DC potentials on intact surfaces of all living animals 
demonstrate a complex field pattern spatially related to the 








anatomical arrangement of the nervous system oF 

— Can be measured directly on the peripheral nerves ties 

— Polarity difference related to whether nerve is or is not a sensor ——— 

— Steady (weak) current flow exists Niest 

— Demonstrates solid state/semiconductor phenomena : 

— Accurately reflects (amplitude and polarity) the general level of neural sible 
activity 
* Sleep versus wakefulness Previous 
e Anesthesia versus conscious Slide 


e Other parameters 
@ DC levels determine the level of neural activity 


@ Action potential system exists upon a substratum of DC 
potentials which pre-existed it 


@ DC potentials substrata had and have control functions over 
basic properties of the living organism © TE. BEARDEN 106 
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@ Cellular processes are regulated by a precise control system 

® Attempted to engineering control-system theory 

@ Cells and tissues have solid-state electrochemical features Return 
which provide control signals in the control system to Slide 
— Growth process Tridlex 


— Electron transfer Regeneration in Mamnate” Bul NcY_Aaed. Med. 48(4) may 1072, p: 627-647 
— Semiconduction 


- Self-organizing (NOTE: implies hidden variables and nonlocal causality) Next 
@ Complex electrical events at the minted 6 site initiate cellular Slide 
aspects such as dedifferentiation and mitotic activity _— 
@ neration is a 2-step process, each with different controls 


—- Electrical triggers with threshold values results in appearance of blastema : 
— Complex data transmission to blastema establishes it as a self-organizing Slide 
system capable of growth and redifferentiation 
— Mammals lack ability to produce blastemas except for bone, but partial 
regeneration growth has been shown in response to electrical stimuli 
@ Growth related to electrical more than electrochemical aspects 
@ Hematopoietic marrow as source of cells for the blastema 
— Monocytes can take place in regenerative processes in limbs 
— Lymphocytes can dedifferentiate under certain circumstances 
-— Marrow elements can be induced into osteogenesis © TE BEARDEN 1908 


Previous 
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Corrections For the Present EM Bioeffects Model 


Beers eesesesossseg 
s . 
. 
. 
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Kaznacheyev's Cytopathogenic Mirror Effect 


tix: Disease vacuum engines transported by photons and waves _ 





tas 
Co eek en ence en en een ee enee teen ee eet ent en ret HOTT hOP CTERSLe Pees esebioeeeeseseeee: 


(E) TR PEARCE 1977, 198? 





Note: Minimum lattice is one harmonic interval: IR to UVis such a minimum G-lattice. 
Distant induction of cellular death and diseases, by special EM means. 
Coupled photon-antiphoton pairs (gravitons) in a structured harmonic 
lattice ordering constitute the disease or disorder template. 
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MICROWAVE RADIATION OF 
U.S. EMBASSY IN MOSCOW 


BACKGROUND 


+ Began in latter 1950s 
« Discovered on VP Nixon's trip 
+ Initially thought to be nuclear radiation 
(Discovered w/Geiger counter?) 
+ High level target - U.S. Ambassador 
+ Guarantees personal attention of: 
= U.S. Ambassador to USSR 
= NSA, CIA, DIA, NSC, etc. —— 
= Top consulting scientists Slide 
= Leading U.S. scientific institutions 
* Two U.S. Ambassadors died, another sickened 
* Anomalous health changes in personnel, only : 
in zero-field (zero pot'l gradient) areas! Slide 
* Four U.S. Presidents requested Soviets cease 
= Cut from 18 watts/sq cm to 2 
= Then again increased 
» No one could understand what was going on 
+ Aluminum screens were placed over windows 
* Moscow was declared a hazardous duty zone 


Former U.S, Embassy in Moscow. 


Return 
to Slide 
Index 





Previous 





Selected clipart © by Lotus SmartPics™ 
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_.. 9elf-Targeting in Inner EM 
<@>- Channel Can Produce a —*& 
Quantum Potential 











Once OP is established, Return 

is direct and inatantaneous, Eneray input 

single participant will simultaneously appear in all to Slide 

, the amount depending on their 

fractions of participation with the input station. Ny Index 
Next 
Slide 
Previous 
Slide 
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a. Quantum Potential Characteristics ““""""™ 
@ No point source 








@ Not radiated 
° Guantum potential between two particles 
- Instantaneous coumsation, 20" maitiply-conneuied spece Return 
to Slide 
. . I d 
b. Hidden Variable Theory and the Quantum Potential — 
Next 
Slide 
® "A quantum particle moves as if it were subject, in addition to its Previous 
external potentials, to a potential which is a function of its own Slide 


probability distribution.” 


Bohm's H.V.T. assumes: 
— Particle and wave function real and separate 
Wave function obeys Shroedinger's equation 
Particle obeys classical mechanics 
Particle couples to wave function through a quantum potential 
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e Separated points are eS 5 in MCST 
¢ intervening distance in T is zero 

* Connection is instant and bidirectional 

* Propagation through ST does not apply 











: Return 
* Energy or vacuum engine input to one station ee 
instantly appears at each and every other station, to Slide 
undiminished in magnitude Index 
« Ultimate net-centric warfare effect A —— 
Note: Once OP established 
ps separation distance in 3-space 
: is of no consequence Next 
Pm Slide 
é, Previous 
(Pash —— 
Slide 
\ as -. 
< “*en - Note: Vulnerability. Any other 
Station may insert energy 
or vacuum engines into the 
Same quantum potential. Phase 
, conjugating the hostile engine 
(> T& BEARDEN 1998 can negate its effect everywhere 





http://www.cheniere.org/briefings/DoDPriore/slides/057.htm24. 11.2003 19:17:44 


Priore DoD Briefing 





And Typical Comparative Disease Curves 


Note: There is cumulative genetic damage to germ cells also. 








MULTI- MULTL 
SUPPRESSION AGENT 
OF (MMUNE TREATMENT 4 = intensity of 
SYSTEM gf exposure 
i Return 
to Slide 
DEATH OF THE HOSTIPATIENT ————— 
Index 
PERMANENT DISEASE STATE 
Next 
FULL DISEASE STATE Slide 
TRACE (LOW-LEVEL) GiSEASE 
Previous 
PRE-DISEASE STATE Slide 
SHADOW DISEASE STATE 





EXPOSED WITH MOST CUMULATIVE DAMAGE 
EXPOSED WITH MULTIPLE AGENT INFECTIONS AND RECEIVING MULTITREATMEANT 


ems aaa EXPOSED WITH LESS CUMULATIVE DAMAGE 
———————— ON-SULF WAR: TYRICAL MORMAL DISEASE WHICH KILLS PATIENT 





Ja 2 to) 1 Te er 
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Force Fields and Symmetry 


= Force fields are nature's way of imposing 
local gauge symmetries on the world 

= E.g., electromagnetic field is a manifestation 
of the simplest known gauge symmetry 
consistent with the principles of special 
relativity 

= For the EM case, the gauge transformations 
correspond to changes in ‘voltage’ from place 
to place 


@® T,.E. Bearden 1995, 1996 
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Aspects of Strong Local Asymmetry 
SSS a 


= If local asymmetry is strong, conservation laws 


may be appreciably violated 
e Energy @ T.E Bearden 1995, 1996 
* Charge Return 
e Spin to Slide 
e Momentum a 
* Angular momentum Next 
= Properties of an object may differ appreciably for oo 
® Different observers en er 
e Different detecting means Slide 


e One time to another 
* One position to another 


# STRUCTURING THE INFOLDED EM INSIDE POTENTIALS, 
FIELDS, AND WAVES 
e Strongly breaks local symmetry 
e Provides spacetime engines giving the above effects 
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Other Aspects of 


Strong Local Asymmetry 
eee 





= Local spacetime is curved © T.E Bearden 1995, 1996 

* Lorentz invariance of vacuum is violated poe 
* May be a local "sink" or "source" oe 
= Gravitational/inertial effects from EM os 

= Translation between virtual and observable Next 

* Electrogravitational solitons ls 

* Action at a distance Silas 
= Transmutation effects may exist Slide 


= Scalar/pseudoscalar field translation 
= COMMENT: Thus the use of infolded longitudinal 
EM fields and waves to strongly break local 
symmetry allows internested clustering of 
spacetime curvatures. These spacetime 
structures are vacuum engines, of spacetime engines. 


http://www.cheniere.org/briefings/DoDPriore/slides/061.htm24.11.2003 19:17:56 





Priore DoD Briefing 





oe -_— V =10° volts 
Surface layer of | bs Cellular membrane 
fluid atoms surface 
oe - d =10°’ meter 
E =10° volts/ meter 


Sx f(E*)= f(10") 


© 1997 TE BEARDEN 
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®@ What is taught is the "interaction cross section," i.e., the 
joules collected from the associated S-flow by one point 
coulomb of intercepting/collecting charge. Return 
= = i to Slide_ 
W=Vq = 0q_ (joules) N.. index 
d=W/q  (joules/coul) [2] _ 
ex 


Let @ <1 and fixed; q =n where n= Slide 
W =k, where k =00 [3] previous 
®@ From any "finite" potential, no matter how small, an unlimited siide 
amount of energy can be collected, by increasing the a 
_ collection (number of coulombs) (interaction cross section). 
® Actual magnitude of the potential () must be very, very large, 
since we can treat it as infinite or unlimited, via W = 6 q. 


® Else Equation [1] could not be linear. 








@ Te BEARDEN 187 
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Table A1. THE VACUUM ENERGETICALLY INTERACTS 
WITH EVERY PARTICLE, CONTINUALLY. 

Sa rr a I 
B® The vacuum is: 

@ Ground (zero) state of the electromagnetic (photon) field. 

@ Ground (zero) state of mass field. 

®@ Empty of observable particles or photons. 

@ Filled with non-observablie (virtual) particles and photons. 


@ Violently fluctuating microscopically and electromagnetically. see 
@ Constantly interacting with all particles, including partially to Slide 
shielding their bare charges. Index 
& Lamb Shift ~ vacuum's alteration of the energy level of an electron in the 
hydrogen atom. Next 
-- Difference in energy (frequency units) is 1057.862 MHz. Slide 
-- Lamb was awarded a Nobel Prize for showing this. ~_ 
-- Energy density exceeds that of the sun's surface! adions 


B Casimir Effect -- vacuum creates an attraction between two conducting Slide 
surfaces in close proximity. 
- experimentally proven, well-known. eee aa al 


@ Cole and Puthoff proved that there is no thermodynamic reason why energy 
cannot be extracted from the vacuum as heat and power, and utilized. 


@ The common dipole is a broken symmetry in the virtual photon flux of vacuum. 
it extracts virtual energy, integrates it, and re-emits it as Poynting energy density 
flow S = ExH (which observably interacts with charged particles and magnetic 
poles). 
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CAXelelialem s-(oueltiiimatareliaics) 


® Any EM field or wave is created by (comprised of) two 
potentials which interfere with each other in a given area 
— May be either scalar or vector potentials to Slide 
- May interfere locaily or at a distance a 
- Process is distance independent ae 
@ sr scalar potential is pet fora of a harmonic series of 
bidirectional longitudinal EM wavepairs (Whittaker 1903). Next 
@ Ziolkowski circa 1985 added the interior product setto “Hide 
Whittaker’s sum set. Thus he added modulations. 


Return 








® By assembling a deliberate “sum and product" set of Beau 
biwaves, a scalar potential can be created having an = 
internal deterministic structure. 
- This structures local vacuum aa 
curvatures, in specific forms 


— Now have added vacuum engines 
- Have infolded general relativity inside electrodynamics 


(©) 1990 TE BEARDEN 
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Va r-leasieiag| 
Structured 

Internested patterns _ : Einsteinian spacetime 

of spacetime 

curvature 
Return 
to Slide 
Index 
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Previous 
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Demons are 

EM hidden variables Demons work 
organized into at all levels 
dynamic structures 

at all levels 


TE BEARDEN 1908 
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STRUCTURING 
OF ACTIVE 
SPACETIME 
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(TEMPLATE) .” 
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rapped energy) and its struct Bp curves-and thnsluces aparetione conplanes farginuth 
* Curved and structured spacetime engines produce forces on mass and its components, 
Since vary pose EM orc used aeel of curvature, powerful 
. as 





arranging the LWs in the input EM potentials, 
. Soneral relebaay Genomes dase engineerable in devices chenaaeltea unparalleled capability. 
st curvatures te 
Return 
to Slide 
mass gaged meng scenery a ae 
\ / \ | / Next 
= ae, a 
~~ altered = — > altered Slide 
7 <a — 
P53 \ is Pl / | a> Previous 
Slide 
Complex of ST curvatures 
(vacuum engine, es eens disturbance (engine) 
spacetime engine) @® TE BEARDEN tose 
ics h hidden but I-re 
Infolded inside (comprising | s 20:salted poserital: tao, snd orawie 
{in space in the absence of mass). What are defined as 
, fields, and waves rigorously exist only in, on, and of 
mass, as pointed out by Aharonov and Bohm in 1959. All of this is just 
longitudinal EM waves and their interactions. 
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SIGNAL VERSUS VACUUM ENGINE 





® INFORMATION RECEIVED 


® ANY OVERT PHYSICAL 
oa ACTION MUST BE 
TAKEN BY RECEIVER 


SIGNAL (INFO) 





A. Receiver must do the action itself; vacuum energy is 
petit aha on eat ror aay the action must be to 


€ 1994, 1996, 1997 TE BEARDEN Selectad choat™ by Lotus SmartPics 


& 


—————> * VACUUM FLUX GRADIENTS = 





<> 


VACUUM * “INFORMATION” ITSELF ACTS | 
ACTIVATED 


CHANGE ALL PARTS AND 
ENGINE (STRUCTURE) CHARACTERISTICS OF 
TEMPLATE (FORM) RECEIVER, INSIDE AND OUT 





B. Receiver is acted upon; altered vacuum does the 
po ne lame No en or Rat ty come We nction Sood te 
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e An EM potential is gravitational due to its trapped energy. 
e A local EM potential is a local curvature of spacetime. Return 


e Structured potentials are structured (nested) local to Slide 
spacetime curvatures; hidden variable theory applies. = 


e Structured potentials thus are vacuum engines. — 

e Gradient-free potential penetrates the atom, into nucleus. Slide 

e With steady application, a structured gradient-free potential 
can be used to engineer the atomic nucleus at will. eons 


e Normal cold fusion systems structure a small fraction of = 


their potentials, by chance geometries, boundaries, etc. 
e This produces some new nuclides, but haphazardly. 


e The process can be developed and controlled. The 
nucleus can be deterministically engineered at will. 


© war Te BEARDEN 
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Vacuum Engineering 
Using Inner EM Energy and Structuring to Engineer Physical Reality 


Vacuum Potential (Violent Flux) 








Aaadagemane rian . : Return 











g ° 

Virtual Particle A (P 5 otential to Slide_ Slide 

Flux of Vacuum) gradients etc.) Index 
a Vacuum TxA, ay P etc. 

oa Next 
Slide 
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@ /mpact of Vacuum Engineering » 


« "if they [quantum fluctuations of vacuum] can be [tapped], the 
impact upon our civilization will be incalculable. Oil, coal, 
nuclear, hydropower, would become obsolete -- and so would 
many of our worries about environmental pollution." 





= "Don't sell your oil shares yet -- but don't be surprised if the 8 de 
world again witnesses the four stages of response to any new —— 
and revolutionary development: se cetiaaadien ae 
— 1. It's crazy! 
—2. It may be possible -- so what? — 
— 3.1 said it was a good idea all along. a 
4. | thought of it first. Artur c Clothe — dil acta 
= Com : Nov/Dec, 1994 Slide 
— Every dipole's broken symmetry in its energetic exchange with 
the vacuum already freely extracts vacuum energy. 


—in power sources, the dipole gates the extracted energy out as 
S = EXH, which flows almost entirely outside the conductors. 

— The circuit interacts with, and uses, only about 10°°* of S. The 
electrodynamicists calculate only this small S-component. 
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A, i 
a. Pumping with transverse EM waves b. Pumping with longitudinal EM waves 
produces a time-reversed wave. A, and A, time-reverses fhe mass itself. 
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(Energy and time are canonical) 





@ Time can neither be created nor destroyed 
- Its form can be changed, and it can be positive or negative 
- Time can be collected or dissipated, converged or diverged 
- Time can oscillate and move in waves 
- Longitudinal (infolded) EM waves oscillate time 
@ Time is always in motion, and that motion is variable 
- Collected/collecting time is a continuing stationary 
change in an ongoing time flow 
- Time/collecting time can be internested and internally 
structured 


@ Time has gravitational as 
— Negative (trapped) time is antigravitational 
~ Emitting negative time is gravitational, to the emitter 


@ Nonlinear optical pumping can use longitudinal EM waves 
- Pumping a nonlinear mass by longitudinal (infolded) EM 
waves pumps it in its masstime form, in the time domain 
- This creates an amplified vacuum antiengine for the mass, 
and time-reverses the mass back to a previous state 


@ 1908 TE BEARDEN 


http://www.cheniere.org/briefings/DoDPriore/slides/074.htm24.11.2003 19:19:19 


Return 
to Slide 
Index 


Next 
Slide 


Previous 
Slide 


Priore DoD Briefing 


Return 
to Slide 
Index 


Next 
Slide 





Previous 
Slide 








http://www.cheniere.org/briefings/DoDPriore/slides/075.htm24.11.2003 19:19:25 


Priore DoD Briefing 


@ There is a vast new kind of electrodynamics hidden 
inside all EM potentials, fields, and waves : 





ongitudinal EM waves and complexes 
— Oscillations in time domain Return 
to Slide 


® These complexes are an infolded general relativi bac 
© Beh Owens since the as 
agent of curvature ios wok 
@ in general relativity, similar precise complexes ~ a 


permeate and act on any mass at all internal levels Previous 
@ With this approach, one can now manipulate matter-- _Slide 
living or inert -- in any manner desired, depending 
only on the level of development of the technology 
@ Priore unwittingly used this to cure dread diseases 


® This is a revolution in all of science © TE WEAROEN 1808 
@ We have uncovered the major mechanisms to utilize 
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Index 
Solution to Mass Casualties Treatment Problem 
Threat and Current Status Next 
Historical Solution: Priore Treatment Therapy Slide 
Extended Physics and Background 
Modern WMD Solution: Portable Treatment Systems a 
ide 


Conclusions; Technology Practical, Proven 
* Recommendation: Crash Development Program 


CTEC, Inc. 28 Mar. 1998 
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* FACT: DISEASE-SPECIFIC VACUUM ENGINE PRESENT FOR ANY, 
CELLULAR DISEASE, BY WHEELER'S PRINCIPLE 

* DISEASE CAN BE REVERSED BY CREATING AMPLIFIED 
oan VACUUM ANTI-ENGINE (BEARDEN'S PRINCIPLE) - 
* ANTI-ENGINE IS CREATED BY PUMPING THE NONLINEAR Return 
CELLS IN THE “INNER EM” DOMAIN, TIME-REVERSING THEM (“= to Slide 

* PRIORE UTILIZED A PLASMA TO PHASE CONJUGATE AND "INFOLD” = | Index 
MULTIPLE BIDIRECTIONAL LONGITUDINAL EM PUMP WAVES = 


* 47 FREQUENCIES MIXED IN A ROTATING PLASMA 





Next 
+ PHASE CONJUGATES ADDED BY THE PLASMA — 
Fs * JNFOLDED MIX INTO STRONG PULSED DC MAGNETIC aa 
FIELD, WHICH CARRIED IT INTO ATOMIC NUCLE! 
Previous 





* PUMPED ALL NONLINEAR CELLULAR COMPONENTS TO : 
PRODUCE AMPLIFIED, SPECIFIC VACUUM ANTI-ENGINE Slide 


* NEGATED THE LONG-TERM CUMULATIVE CELLULAR 
DEDIFFERENTIATION ORDER GENERATED BY LONG-TERM 
HYPOXIA. TUMOR CELLS REVERTED TO NORMAL CELLS. 


* SCRUBBED OUT THE CUMULATED PRECANCEROUS STATE 
* RESTORED THE IMMUNE SYSTEM TO HIGH FUNCTIONING 
* NO EXCESSIVE TRAUMA TO TREATED ANIMAL 


camenes + 10M eR Ohne Te eae 
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SURVIVORS OF N CASUALTIES 
(N = 1-40 MILLION) 
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FRACTION SURVIVING 





TYPE TREATMENT RECEIVED 


EXPRESSED IN FRACTION SURVIVING 
B With conventional treatment 

© With 1st generation P-treatment 

© With 2nd generation P-treatment 

B® With 3rd generation P-treatment 
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Solution to Mass Casualties Treatment Problem 


Threat and Current Status 


Historical Solution: Priore Treatment Therapy 


Extended Physics and Background 


Modern WMD Solution: Portable Treatment Systems 
Conclusions: Technology Practical, Proven 
Recommendation: Crash Development Program 


| OF f a Comm [a Te; 
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Summary and Conclusions 


@ A new therapeutic paradigm of great scope 
and effectiveness has been developed 


- Will provide effective, quick treatment of mass casualties 
- Will provide cures for unknown agents 
- No pathogen strains are resistant to this process a 


@® Results have been proven experimentally 
- Documented in French scientific literature 














- Rigorous scientific protocols, eminent scientists ah 

- Technical mechanism deciphered Slide 
@ Will treat and cure many diseases Previous 

- Aids, atheriosclerosis, cancer and leukemia Slide 

- Sleeping sickness © 1993 TE. Bosnten 


® Portable units can be developed quickly 


- 18-month crash development program required 
- high level authority and overwatch essential 


® Will solve the BW mass Casualty treatment 
problem, both civilian and military 
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solution to Mass Casualties Treatment Problem 
Threat and Current Status 
Historical Solution: Priore Treatment Therapy 
Extended Physics and Background 
Modern WMD Solution: Portable Treatment Systems 
Conclusions: Technology Practical, Proven 
Recommendation: Crash Development Program 
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Recommend implementing: 


@ Seisi SS SeaDe ur Stamm 





pilligsise-si22) ee AIE lie Return 
1 8-mont : oject to Slide 
Index 
- SecDef and Congressioni OVerwatch woe 


Presidential] Ee irective 
Parallel logistics Support program Previous 


eed production lines 
bution, storage, maintenance 
tenance training 
usage at all levels 
men, police, National Guard, 
| facilities, etc. 
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Final Thoughts: 


@ The current internal BW threat can sic 
and will kill more Americans than 
all our previous wars combined 


Previous 


@ The Priore technology is the only 
solution in sight that can save 
most of those casualties 
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CTEC, Inc. 

2311 Big Cove Road 
Huntsville, AL 35801 
(256) 533-3682 Ph/ 


MIPEN PAIN FAA TA. 


CTEG, Inc. 


June 24, 1998 


Dr. Jane F. Kinsel, Director 

Office of Policy Analysis 

Department of Health & Human Services 
Bathesda, MD 20892 


Dear Dr. Kinsel: 


Your letter of June 8 is appreciated. However, the entire action package had already gone 
to the Assistant SecDef and also to Major General Neary in the USAF. 


The proof of a revolution in medical treatment was in the package. The basis for it is 
already demonstrated experimentally in the scientific literature, both in the U.S. and in 
France. We are speaking of something already proven, but missed by the entire U.S. 
medical community. Strong words, but true. Let me be specific. 


Any cell in the body can be time-reversed (physics term) or dedifferentiated (biology term) 
back to an earlier state, by pumping (i.e., "Squeezing" in simple terms) that cell with 
longitudinal EM waves as pump waves. There are considerable papers in the French 
scientific literature showing the experimental results. 


Apply that to cancer. We are stating bluntly that all cancerous cells in the body can be 
"depromoted" back to normal cells easily. Further, the damage previously done to them 
(such as by sustained hypoxia due to contaminants reducing the oxygen-carrying ability 
normally given to it by some 60-to-80 surrounding water molecules per red cell and the 
consequent H-bonding interactions) will also be reversed. The cells can all be returned to 
healthy, normal cells again, without "killing" or "burning" or "cutting" anything. 


With some development of the technology, you can quickly and easily cure every cancer 
patient in every hospital in the United States. 


Now apply it to AIDS. Since you can time-reverse every cell in the body, you can time- 
reverse the HIV-infected cells — genetics and all — right back to normal cells with normal 
genetics. Those cells not infected and healthy, will just get a "little younger” again. 


So with that small development, you can quickly and easily cure every AIDS patient in every 
hospital in the United States. 


| would have thought that NIH would certainly be interested in such a revolutionary therapy 
which has already been demonstrated in laboratory experiments. World-renowned French 
scientists — such as the eminent parasitologist Pautrizel and research PhDs assigned 
directly by Robert Courrier, head of the Biology Section of the French Academy of Sciences, 
worked with Prioré in performing those startling experiments that proved what we are 
saying. 


June 24, 1997 
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The method was rigorously shown to cure infectious diseases (such as trypanosomiasis), 
atherosclerosis (which now afflicts millions of Americans), and terminal tumors. It was 
shown to reverse suppressed immune systems back to normal vigorous functioning. 


Please permit me to disagree with you that the examination of such is not the mission of the 
NIH. To the contrary, it is precisely the NIH which should have some of its very best 
scientists looking into this. 


The action package to DoD was to propose a crash program to develop this methodology in 
the form of a small, portable unit for treatment of mass casualties resulting from a terrorist 
BW attack on our cities (now expected in the next few weeks, as you must be aware). The 
leading Arab terrorist of the world has already promised just this. 


We are speaking of several million Americans who are going to die. They are going to die in 
spite of everything that NIH and its labs can do, even though | know you will make a heroic 
effort. With NIH present methods, you cannot do very much for those stricken Americans at 
all. Everything we have in the "normal" kit bag is almost useless against a knowledgeable 
spray attack of modified smallpox (as you know, the Russian secret BW labs have made 
and sold tons of that already, to guess who!). Or a spray of tularemia (you are well aware of 
the extreme lethality of that), or anthrax (easily obtained). It is also common knowledge that 
these terrorist teams with their BW agents are already on site in this country, waiting for the 
word to attack. This has now been officially raised to our primary Strategic Threat. 


In the face of such looming strikes on the U.S., | simply cannot believe that the NIH does not 
feel it within their mission to rigorously check out a proposed method for saving perhaps 
70% of those coming deaths (first generation equipment), and up to 90% with second 
generation equipment. 


Perhaps you just did not read the package carefully. | urge you to do so. 


Else NIH is going to look very, very bad when (1) the strikes do occur, (2) they can't handle 
them (and they cannot, as you well know), (3) they had within their hands in advance, a 
proposed methodology that could have been investigated intensely, to save millions of those 
stricken Americans. 


As a staunch supporter of NIH and especially CDC, | have to believe that there is a different 
attitude there. If NIH is not interested in a previously experimentally demonstrated method 
of saving millions of Americans, then the only recourse left is the political channel. 


| assure you that my critique of electrodynamics is well-founded, as supported by various 
leading physicists such as Nobelist Feynman (who stated bluntly that the field concept is 
wrong), Wheeler, Bunge, and so on. It is inexplicable why all our universities are still 
teaching a 130 year old abridged (Heaviside's) subset of Maxwell's theory, and one that still 
contains a material ether even though that was falsified 110 years ago! 


You already have seen the misuse of this technology by the Russians, in the decades-long 
radiation of the U.S. Embassy in Moscow. Is it not NIH's mission to understand how they 
generated all those diseases and health changes? Have you ever looked into 
Kaznacheyev's experiments showing that ANY cellular disease or disorder can be induced 
in cells at a distance by purely EM means? Have you looked into what got eliminated from 
electrodynamics by ignoring the hidden longitudinal EM inside every potential, field, and 
wave? Do you realize what ignoring that has done to American chemistry, biochemistry, 
and medical science?" 


| would hope that the NIH would at least be interested in its own mission area! 
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| challenge you bluntly to admit that no one presently understands the primary operation of 
the human cellular regenerative system. That's because its technical principle is not 
presently in our recognized physics, biochemistry, and medical science — even though it has 
been in the hard physics literature since 1903-4. Becker's epochal work came closest; since 
he only had access to the conventional EM model, it failed him. But he at least showed you 
rigorously that cells can be changed (both differentiated and redifferentiated) all over the 
map by laughably weak EM — picoamperes of current, which means persistent DC 
potentials. In the microwave radiation of the U.S. Embassy, all the health changes occurred 
in regions absent of fields — i.e., absent of bleed-off of the potentials. Hence in regions of 
stable DC potentials! With 100% correlation of the health changes to persistent, gradient 
free potentials, and 100% anticorrelation to changing potentials (i.e., fields), our own 
scientists concluded totally erroneously that it could not have been the EM radiation causing 
the changes, when their own results had just proven that it was. 


Now | ask you: Can NIH explain how it was that the DC potentials caused those health 
changes? | think not. If it could, it would understand the action package | wrote, and its 
importance. 


This is not a "political" letter. I'm just an ordinary American citizen who has done about 30 
years very hard work on this particular area. The work is good enough now to stand on its 
own merits. The scientific community will eventually accept it, about 50 years from now. 
But we cannot wait 50 years! Those millions of Americans are going to die, because of the 
bureaucracy and inaction of our own scientific organizations. Whether they like it or not, the 
U.S. scientific community is now the forefront of the struggle for this nation to survive. And 
they are failing us dramatically. 


So as a parent who wants his children to live, and his neighbors’ children to live, and those 
millions of soon-to-be stricken Americans to live also, | urge you to at least have someone 
competent in physics (and knowledgeable that the foundations of physics itself are in woeful 
shape!) check the work. Has anybody there read any of the references to the Prioré work | 
cited? Does anyone there realize that there are no EM forcefields in space? Probably not. 


Dr. Kinsel, there is a time for "business as usual" and there is a time to do some Serious 
new work. Those stricken Americans are going to be lying there. Nothing NIH can do is 
going to stop that. That's a given, and it is not my own estimate. It's the official estimate. 
And you Anow you presently do not have the tools to do anything really effective about it. 


Frankly, | interpret your letter to me as just the normal "spin control" for easy disposition. | 
would hope that NIH would seriously rethink the situation, get off the "spin control" and 
"business as usual" posturing, and do something dramatically different for a change. 
What have you got to lose? A little time from perhaps two or three of your best scientists. 
What have you got to gain? Saving untold millions of American lives. A new, a/ready 
partially demonstrated cure for most dread diseases such as AIDS and cancer — diseases 
which you presently cannot do very much about in spite of decades of heroic struggle. 


Sincerely, cc: Senator Shelby, Congr. Cramer 


T.E. Bearden 
President and CEO 


CTEC, Inc. 

T.E. Bearden, President & CEO 

2311 Big Cove Road 

Huntsville, AL 35801-1351 
(256)533-3682 ph/(256)536-0411 Fax 


CTEG, Inc. 


May 12, 1998 


Dr. Harold Varmus, Director 
National Institute of Health 
Bathesda, MD 20892 

(301) 496-1766 


Dear Dr Varmus: 


We have recently sent action documents to the Director of Nuclear and Counterproliferation, Office 
of the DCS, Air and Space Operations, HQ USAF and to the DoD (General Busbee) Assistant 
Secretary of Defense, as well as several Senate and House committees, which may be of interest to 
you. For one thing, we give the technical mechanism used to generate the Gulf War Syndrome. The 
same weaponry is now being used to rapidly induce new strains of certain pathogens worldwide. | 
urge you to closely read that section of the letter to MG Neary which explains the GWS, why the 
French did not get it, and why Southern Iraqis got an increase in cancer and leukemia but not GWS. 
Also explained is how the "microwave radiation" of the U.S. Embassy in Moscow induced diseases 
for decades, and how we failed to comprehend it because the standard EM model deceived us. 


There is a way to treat and quickly cure most diseases, including the mass casualties resulting from a 
terrorist BW strike on our civilian population centers, our military bases, or our forces in the field. 
The method is little known, but was scientifically demonstrated in France in the 1960s and early 
1970s before cancellation of the Prioré Project when the French Government changed. Eminent 
French scientists worked on the project, and the results are fully documented in leading French 
scientific journals. References are listed in a separate attachment. 


Previously the Western scientific community has been unable to understand the technical mechanism 
responsible for such remarkable cures, because of serious foundations flaws in Western physics and 
electrodynamics. Foundations physicists have long been aware our science is flawed, and have 
pointed out many of these fundamental errors. However, the operational science establishment has 
not paid attention, even though physicists such as Feynman and Wheeler pointed out that the notion 
of "force fields in space" was totally wrong. 


As a primary example, there is an "infolded" electrodynamics inside all potentials, fields, and waves 
that is far more primary than the coarse EM that is in our textbooks. It is actually an infolded general 
relativity, and this is what the Russians have weaponized. This infolded EM-GR has been ignored in 
the West (but not in Russia) since 1903. 


As another example the potentials, fields, and waves of present electrodynamics are rigorously 
defined — and exist — only in the presence of mass. They do not exist in such form (force fields and 
oscillating force fields) at all in space, in the absence of mass. Rigorously, Maxwell's equations are 
mass-to-mass transforms, since Maxwell and everyone at the time assumed the ubiquitous presence 
of the material ether. In other words, to the founding electrodynamicists, there was no place in all the 
universe that was devoid of mass. Hence they defined all EM entities as entities containing mass. 
Even though Michelson-Morley experiments of more than a century ago destroyed that material 
ether, not a single Maxwellian equation has ever been changed! They still assume the material ether. 


Page 2 


Specifically missing from our electrodynamics are two essential transforms: (1) the mass-to- 
spacetime transform, and (2) the spacetime-to-mass transform. In other words, these two transforms 
are "infolded" or hidden inside (comprise) the end point extremum case — the mass-to-mass transform 
actually written by Maxwell. 


But these two missing transforms are just general relativity (they correspond precisely to Wheeler's 
principle of general relativity). So general relativity has always been infolded inside electrodynamics 
as we know it, but ignored. Further, this is a very powerful general relativity, since it uses the very 
strong EM force as the agent of spacetime curvature. Hence now one can engineer a powerful 
general relativity in the laboratory and in practical devices, and even action-at-a-distance, which one 
cannot do using merely the staid and weak G-force. 


It turns out that longitudinal EM waves as shown by E.T. Whittaker in 1903 and 1904 are far more 
primary than our present EM theory and even our present GR theory. Both EM and GR are directly 
engineerable using longitudinal EM waves, including subluminal and superluminal EM waves in 
vacuum, and including action at a distance. One can engineer complexes of spacetime curvatures as 
desired, which in turn are spacetime engines (Wheeler's term). These engines can act upon mass — 
either living or inert — in any fashion desired, and at any distance desired. 


The little-known and poorly understood Regeneration & Recovery (R&R) system — as contrasted to 
the immune system — utilizes this exact "spacetime engine" methodology to restore damaged or 
diseased cells, within its limitations — "dedifferentiating" or "time-reversing" them back to normal. 
The mechanism is fully explained in the attached package. The proposed program applies this 
fundamental method to greatly amplify the effect. Thus cancer cells can be reversed back to normal 
cells, HIV-infected cells (HIV-factories) can be reversed back to normal cells (genetics and all), etc. 
This represents a dramatic and unparalleled new medical therapeutic methodology of extreme power. 
The same techniques can simply be conjugated one additional time, and used to produce diseases and 
cellular changes at a distance, including in entire mass populations, as the KGB is doing right now. 
Specifically, by impressing an extremely weak "cocktail mix" of disease spacetime engines on the 
U.S. populace, the immune systems are reacting and being "spread thin" across several "shadow 
state" infectious pathogenic conditions. Thus when an actual terrorist BW attack occurs, the lethality 
of the strike will be remarkably enhanced because the immune systems will be "thinned" in their 
ability to fend off this new pathogen. By doing it this way, BW warfare can actually be conducted 
upon the U.S. without anyone being the wiser. 


Our very survival as a nation is threatened by remarkable KGB weapons using this fully documented, 
extended electrodynamics. Bluntly, unless we take off our scientific blinders and understand Russian 
energetics weapon science, GWS and the Embassy health changes in Moscow were just a picnic 
before what is upon us. After two decades of work on the KGB energetics weapon problem, we have 
fully deciphered the technical mechanisms and what energetics is, as well as citing many of the 
Russian weapon tests and how they were done. Again, you can see that for yourself in the package. 


Now that we understand the technical mechanisms, we are proposing rapid redevelopment of the 
Prioré process, in portable suitcase-sized units to be mass produced and filtered down into the entire 
emergency community for mass treatment of lethal infectious diseases resulting from BW strikes. 
And we are strongly urging the U.S. scientific community to quickly investigate and come to grips 
with this vast new biological engineering mechanism. Our very survival depends on it. 


The inclosed documents provide an overview of the process. There is nothing else on the scientific 
horizon that can save the majority of all those stricken Americans, once the first foreign-sponsored 
terrorist teams strike our population centers with BW agents. 


Sincerely, Incls: Full package with table of contents 


T.E. Bearden 
President & CEO 
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Scalar Wars 
The Brave New World of Scalar 


Electromagnetics 
by Bill Morgan 


For the past six months I have been undergoing the greatest 
paradigm shift I have ever had to go through. It has rattled my 
nerves and shaken my bones. This intense adjustment of my 
"world" has come about by studying the information given by 
Col. Tom Bearden at his website Cheniere. The new knowledge 
there has necessitated a total revision of my ideas about physical 
reality, the world we live in, and the future of humanity. This 
paradigm shifting even actually made me dizzy on certain days 
as I tried to absorb and digest Bearden's vast amount of 
information. I am not a scientist at all, just a layman, and I have 
little comprehension of the math and high physics of this new 
science called "Scalar Electromagnetics." But there is a great 
deal of information at Cheniere which needs to become 
common knowledge as fast as possible, for the sake of the 
survival of life on earth. To that end I have put together this 
small primer of Bearden's ideas, as a kind of "beginner's guide" to his website. (I have tried to 
underline certain words and phrases which are part of the new "jargon" of talking about these 
"new" phenomena. Also I have taken the liberty of bolding certain words and phrases to help 
them stick in the mind). 





(Note: Throughout "EM" means "electromagnetic," and "LW" means "longitudinal wave ") 
This article has six sections: 


New Waves 2. Tapping the Waves 3. Weaponization 4. Healing 5. Psychoenergetics 6. As It Stands 





1. New waves discovered 


Longitudinal EM energy fills vacuum of space, the time domain of spacetime, time as compressed energy, E=tc2, 
waves of time, phase conjugate wave pairs. 


"Electric power is everywhere present in unlimited quantities 
and can drive the world's machinery without the need of coal, 
oil, gas, or any other of the common fuels." Nikola Tesla 


“At any point and at any time, one can freely and 
inexpensively extract enormous EM energy flows directly 
from the active vacuum itself." Tom Bearden 


I guess the first thing to try to comprehend is that a "new" kind of 
electromagnetic (EM) wave has been discovered in the empty 
vacuum of space called “longitudinal”? waves, which, when 
engineered, can be an inexhaustible supply of energy in great 
magnitude at any place in the universe. The word "new" is in 

quotes because the discovery really goes back to Nikola Tesla and 
his discovery of what he called "radiant energy." It is also not 

"new" because the Russians (KGB) have been working on this 
technology for over 30 years and have weaponized these "new" 
longitudinal scalar waves to a great degree. 


These are the very weapons Nikita Khrushchev spoke of in 
January, 1960. 





"By 1957-8 the Soviets had progressed to the point of a giant scalar EM accident in the 
Urals which exploded nearby atomic wastes, devastating the area. They had also 
progressed to development of great new superweapons using their new energetics - 
weapons to which Khrushchev referred in 1960 when he informed the Soviet Presidium 
of a new, fantastic weapon in development, a weapon so powerful that it could wipe out 
all life on earth if unrestrainedly employed."" Tom Bearden 


After over 30 years of development, and extensive testing around the globe, these new scalar 
electromagnetic weapons are up and running and ready to go. Tom Bearden, at his website 
Cheniere, discusses the history of these new scalar electromagnetic weapons in his paper 
"Historical Background of Scalar EM Weapons." 


Some Immediate Implications 


The implications of successful engineering of the longitudinal waves are enormous, and 
will change the world as we know it, one way or another. Among other things, these 
discoveries mean that: 


1. The solutions to the energy crisis and the ''oil problem" are in hand. These oil 
wars are unnecessary. There is endless energy available freely from the domain of time. 


2. Unbelievably powerful weapons are not only possible, but are already operating in 
several nations. The many powers of these weapons are unprecedented and mind- 
boggling. 


3. The cure of diseases such as cancer and AIDS, in fact nearly any disease, has 
become possible within a few years of sufficient funding. Everyone can be made healthy 
and stay healthy. 


4. Mind control on a mass scale has now become possible, and the machines to do it are 
already in place in certain nations. It has become possible to mentally enslave whole 
populations with the twist of a few dials. 


So the layman will need to understand that there is a new kind of electromagnetic energy that is 
altogether different from what he knows, e.g. radio, TV, cell phones, etc. The ordinary EM 
waves that we have known about are called transverse EM waves, to distinguish them from the 
new longitudinal EM waves. These scalar waves do not actually exist in our "material" world, 
but exist only in the vacuum of empty space, or the time domain. And we must keep in mind that 
this vacuum of space we speak of exists all through everything. Even our bodies are mostly 
empty space between atoms and molecules. So the gateway to this seething ocean of energy can 
be there at every point in the universe. This seething ocean of energy is all around us and all 
through us. 


Emptiness is Full 


This amazing discovery announces that the "emptiness" of empty space is in fact not empty, but 
a great ocean of seething energy! 


Col. Bearden refers to this ocean of energy as being of the "time domain." It seems like 
something from Star Trek but this is where scalar electromagnetics has come to. And where it is 
going may be beyond anything Star Trek could have dreamed of. 

We live in a 3- dimensional world, which physics calls '"3-space." But there is also spacetime, or 
4-space, or the "4th dimension." Then suddenly comes this amazing new knowledge that time 


itself is actually compressed energy. And it is energy which is compressed by exactly the same 
factor by which matter is considered compressed energy: the speed-of-light- squared! 


So we have a new companion to the famous E=mc2. It is now paired with E=tc2 (where t is 
actually "delta-t," or change in time). Or (amaze your family and friends and) say: 


"E equals em-cee-squared" 
and 


"E equals delta-tee-cee-squared" 


It has a nice ring to it, like some freedom bell announcing a new era. 


And as the atomic bomb released the compressed energy in matter, so can we now unleash the 
tremendous energy that is compressed into time itself. It gives a completely new meaning to the 
term "time bomb." 


Some New Terminology of Scalar Electromagnetics 


A new Science, several new names 


"Those [Russian] weapon scientists resurrected an old term from the history of 
electrodynamics, called "energetics". That is their approach to a unified field theory, 
where everything is based on "energetics". This model as its foundations uses a very 
similar approach to that "single fundamental unit" model, where energy is the unit. If one 
makes the energy EM in nature, then one has the Russian energetics approach. This 
unified approach gathers everything in, including all energy actions and relations in inert 
matter (the first branch of energetics, called by the same name), all field and matter 
interactions in living matter (the second branch of energetics, called "bioenergetics"), and 
all mind operations and mind-matter interactions (the third branch of energetics, called 
"psychoenergetics"). [ed: sometimes also called "psychotronics" by the Russians] 


Rick Andersen in an article called "What is Scalar Electromagnetics?" describes the new science 
this way: 


"Scalar EM is the brainchild of Lt. Col. (retired) Thomas E. Bearden, a systems analyst 
and wargames specialist who has been advocating a view of electromagnetics which is 
based on the notion of a vast, unseen background of scalar energies (as opposed to vector 
energies) which underlie all physical reality. 


"If Bearden is correct in his Scalar EM theory, then we can build devices which would 
enable us to alter gravity, time, inertia, and the apparent mass of an object. This of course 
has ENORMOUS implications for military applications, space- vehicle drives, time- 
travel, teleportation, paranormal phenomena, and just about every other area one can 


think of." http://twm.co.nz/Beard_scalem.html 


"Time- energy, time-currents, and time- structuring play the dominant role in 
electromagnetics. Time-as-energy eventually becomes engineerable, as easily as is spatial 
energy now. We are always dealing with spacetime and with spacetime curvature." 


Bearden: http://www.cheniere.org/techpapers/Vision %202000%20paper.doc 


The scalar energy discovered in the vacuum of space is sometimes called "zero-point" energy. 
Thomas Valone explains how this term came about. 


What does "Zero Point'' mean? 


"Boyer traces the historical “creation of the vacuum” as proceeding in stages in parallel with the 
historical development of ideas about the vacuum. To paraphrase, he says that in the 17th 
century, it was thought that a totally empty volume of space could be created by simply 
removing all matter and, in particular, all gases. That was our first concept of the vacuum. Just 
get rid of all the gas. Late in the 19th century, it became apparent that the region still contained 
thermal radiation. But it seemed that the radiation might be eliminated by cooling. So the second 
concept of getting a real vacuum is to cool it down to zero temperature. Just go all the way to 
absolute zero. Then we’ ve got a real vacuum. Right? Well, since then, both theory and 
experiment have shown that there is a non-thermal radiation in the vacuum and that it persists 
even if the temperature could be lowered to absolute zero. Therefore, it was simply called the 
“zero point” radiation. "Thomas Valone http://www.seaspower.com/InsideZeroPoint.htm 


"For our very survival, it is absolutely imperative that informed 
citizens be aware of this dramatic change, which is just now 
starting. The powerful new science and engineering must be 
controlled and used for humanity's benefit, not its detriment. 
Else it will eventually be let loose unrestrainedly, to destroy all 
life on earth - a possibility indicated by Nikita Khrushchev in 
1960." - Bearden 


http://www.cheniere.org/explore%20articles/priore1/p4.j 








2. Tapping the waves 


Endless free energy, Tesla's radiant energy, the dipole as the gateway to the energy of the void, MEG in one year, 
Bedini, Yakuza, etc. End of Oil, geopolitical chaos, rogue groups 


Move Over G.E. & Big Oil, Energy is Everywhere! 


Third-world nations set to rise 


"Certain powerful interests did not wish the extended electromagnetics to be discovered 
or taught. That, after all, would lead to free energy and loss of economic control of the 
citizens. That was precisely why Nikola Tesla had already been suppressed ... Today it is 
still being suppressed by the orthodox establishment." 


http://www.cheniere.org/books/ferdelance/s25.htm 


The vast seething ocean of energy of the vacuum, the longitudinal scalar EM waves of the time 
domain, can now be tapped and "transduced" into ordinary (transverse) EM energy in our 3- 
Space world. The process can be compared to putting a paddlewheel into a river. The energy 
acquired is free, since the river is there flowing whether we tap it or not. And it is a mighty river, 
and is not diminished by our paddlewheel. 


This means that a permanent solution to the "energy crisis" is at hand, if only those who hold it 
so secret would give it up to humankind. 


It means our species' insane use of oil is no longer necessary. We can make automobiles that 
need no fuel at all. We can build motors that power themselves. It means that unlimited electrical 
power can be available for free anywhere in the world. Every house and even shack can have its 
own power supply. 


Of course there is the cost of the equipment at first, but the energy flow is free for the 
presumably very long life (no moving parts) of the generator. It will probably take decades to 
shift over to scalar power. 


But the ability to tap the scalar (longitudinal) EM waves of the vacuum (which exists 
everywhere) also means that unbelievably powerful weapons can be, and already have been 
developed. In fact these weapons are so dangerous that the fear engendered becomes a 
psychological obstacle to the grasping of the facts. 


I struggled with this myself for months, and even though Tom Bearden had completely 
convinced me already, it is hard to accept the fact that for everyone on earth the "worst that 
might happen" has suddenly gotten much worse. It takes time to deal with that, to realize it and 
get over it. 


Indeed, the possibilities of these new weapons, which are tapping the huge energies of time, are 
so terrifying it is natural for the mind to simply say: "I don't want to hear about that." 


And the government, likewise, pretends these weapons do not exist and tries to keep it secret 
from the people. Because most people would indeed be truly alarmed to know the actual 
situation. Col. Tom Bearden has decided that the people need to know the truth anyway. As a 
People on a Planet we must face this now, and ban the use of scalar weapons in war or in mass 
mind control. The current deployment of these weapons is a world emergency which we must all 
face. 


The physics and mathematics of the longitudinal waves and the time domain are clearly beyond 
the layman, but I recommend scanning through them anyway just to get a sense of the wonder 
and the elegance of it all and some of the exotic terms which are used. Two of the most 
important papers by Col. Bearden are: 


Giant Negentropy from the Common Dipole 


The Final Secret of Free Energy. 


Despite the complexity of the science involved, Bearden sums up the essential secret of it all in a 
few words. 


"There is no problem at all in extracting all the energy one wishes from the active 
vacuum, anywhere in the universe, at any time. Just make a dipole. 


The problem is in (1) catching some of that freely gushing EM energy in a circuit 
containing a load, and (2) dissipating the caught and collected EM energy in that load to 
power it, without using half the caught energy to destroy the source dipole's). 


That is the ONLY real energy problem on the planet, and always has been." 


http://www.cheniere.org/correspondence/022502.htm 


A dipole could be a battery, which is polarized into negative and positive. Or the terminals of a 
generator. Or any magnet with its two poles. Or an atom with its positive and negative charges. 
Or the earth's magnetic field, the sun, and all heavenly bodies. Even a galaxy must be some kind 
of mega-dipole. Wherever there is a dipole there is already immense scalar EM energy ushering 
out of and back into the vacuum. And there have already been demonstrated a number of diverse 
methods for tapping that energy as it flows. John Bedini, Edwin Gray, Bruce de Palma, and 
others). Bearden provides what he calls a "partial list" on his website. 


"In other words, nature then gladly gives us as much EM energy flow as we need, 
indefinitely — just for paying a tiny little bit initially to "make the little dipole." After 
that, we never have to pay anything again, and nature will happily keep on pouring out 
that 3-flow of EM energy for us. This is the giant negentropy mechanism I uncovered, 
performed in the simplest way imaginable: just make an ordinary little dipole." 


Bearden http://www.cheniere.org/techpapers/Unnecessary%20Energy %20Crisis.doc 


How to Buy a Free Energy Machine 


Answer: Just wait one more year! 2003. Then get off the Grid! 


Perhaps the most eagerly awaited event now is the marketing of Bearden's Motionless 
Electromagnetic Generator (MEG) scheduled to begin in about a year's time. This is 
when the proof will hit the fan. Many people have said to me, when talking about free 
energy, "I'll believe it when I can go to the store and buy one." Hopefully in a year's time 
they will be able to order their own MEG. And then they will believe, because it works 
and is working. 


Says Bearden: "I will admit that the chief scientist of an important experimental group in 
a large company was rather stunned at the type of output we were able to obtain. The 
MEG may look like just a transformer, but it is not. It is a completely different breed of 
Cat.” 


(Bearden : http://www.cheniere.org/correspondence/011202.htm) 


Soon the cat will be fully out of the bag. The first MEG units will supply 2.5 kilowatts of 
free electricity. Forever. Units can be connected together to double or triple the wattage. 
After that gets going, 10 kilowatt generators are planned. Energy will flow freely from 

the time domain indefinitely, and there are no moving parts to wear out. This 
manufacturing project is a heroic effort and will change the world as we know it. For 
once people are in possession of such devices there can be no further denial from anyone, 
including the government and/or "secret- government." 





The Motionless Electromagnetic Generator 
(Successfully replicated here by J. L. Naudin) 


The physics of how the MEG works is explained in the paper "The Motionless 
Electromagnetic Generator: Extracting Energy from a Permanent Magnet with Energy 
Replenishment from the Active Vacuum." 


The device was successfully replicated by J.-L. Naudin in France, and others, like Steve 
Utne, are also working on their own models. But Magnetic Energy Limited's MEG is 
actually scheduled for production soon and looks to be the first commercially available 
free-energy generator in history! 


I imagine it will not take long for tinkerers to put them into their electric cars and make 
the first fuelless automobiles since Tesla's unheralded (and unheeded) experiments. Or 
for builders to begin building houses powered by MEG's. Houses which will never see 
electric bills. How can they ever make enough of these to meet the demand that will 
suddenly be there? Bearden is right, it needs to be an all-out crash program of the 
government on the order of the Manhattan Project. 


I must include here that Bearden is quick to point out that he is not himself the inventor 
of the MEG, but is a partner and advisor in bringing it to the public market through 
Magnetic Energy Limited, Inc. I must also admit that I am praying for the success of this 
venture, and the ending of the absurd and criminal withholding of this technology from 
the people by the black-ops military-industrial people. This secrecy has cost the planet 
over 30 years of unnecessary pollution. 


The first units off the assembly line, which is being set up in a "friendly" unnamed 
nation, will usher the public at last into the new era of scalar electromagnetics. 


As of December, 2001, the situation with the MEG was described by Bearden in a letter. 


"What we presently have with the MEG is a successful laboratory experiment. At 
least a year's very hard research will have to be done before we will be ready to 
put a commercial power supply into production. 


"Consequently, we have made an agreement with a foreign partner (the National 
Materials Science Lab of the National Academy of Sciences of a friendly foreign 
nation) to do that year's research. At the same time, we are trying to make an 
agreement with one or more large financial partners here in the U.S." 


Bearden http://www.cheniere.org/correspondence/121901.htm 


"So we are hopeful that we will be able to start introducing units on the market 
about a year from now. Quite simply, we will either succeed or we will fail. But 
we will give it our very best effort." 


Bearden http://www.cheniere.org/correspondence/012202a.htm 


Bearden has given another technical explanation of how the MEG works here in a letter. 


Motionless Electromagnetic Generator patented, 3-26-2002 


Click here to read the patent 


"In Magnetic Energy Limited, all business discussions and arrangements are taken care of by Dr. 
Lee Kenny, Managing Partner. There are five of us who are co-inventors of the MEG, and two of 
the others are really the principal inventors." Bearden http://www.cheniere.org/megstatus.htm 


Free Energy has been Suppressed 


Secret Government Aware of Free Energy 


"In this world of contemporary times, all the agencies, CIA, FBI, KGB, NSA, Electric 
Power Research Institute, DARPA, Brookings Institution, Henry Kissinger, Edward 
Teller, et al., all are aware of [free-energy researcher Bruce] De Palma and his ideas. 


"Because these individuals and institutions are employed by the ruling elite to forecast 
the future and satisfy present needs and demands, it is clear that free energy is a threat to 
the world order constructed by business and the mindset of those who want to own the 
world. 


"Free energy represents Man's aspirations and dreams of freedom and equality, uniform 
division of resources and the ability to choose one's own future. 


"The fact that free energy is suppressed speaks to the greed and self-interest of a ruling 
elite which, even in the face of an emergency of global starvation, resource depletion and 
environmental pollution, will not give one inch if it means loss of control. This is an 


attitude of paranoid delusion and fantasy which can only arise from the alienation of a 
class of elitists who, through their money, are completely insulated from the reality of the 
day to day fight for existence of the common man." 


http://depalma.pair.com/Absurdity/Absurdity07/ProblemOfFreeEnergy.html 


Bearden describes one case of suppression when the Yakuza killed the Kawai engine in his very 
presence in Huntsville, Alabama. 


"That night a jet arrived from Los Angeles, with a Yakuza on board. The next morning 
Kawai no longer controlled his company, his invention, or his own fate. The Kawai party 
was in fear and trembling. The Yakuza coldly dissolved the agreement, they packed up 
the two Kawai engines we had, and left. And that was that." 


So it is not only governments who are keeping this revolutionary technology from seeing the 
light of day. The Yakuza? KGB? The Aum Shinrikyo cult? Our "leaders" need to be honest 
about what is going on, otherwise they look foolish, acting out a kind of "Alice In Wonderland" 
script before the public, a script that has become completely unbelievable. 


Concerning the criminal withholding of this scalar technology by the military black- budget 
people, and the cover-up of the actual situation regarding scalar weapons throughout the world, 
Tom has this to say: 


"The high government officials of the United States of America grossly violated our 
constitution and their sworn oaths of office. Our constitution specifically charges the 
government of the United States to defend the people of the United States. That means 
our officials are specifically charged with defending our people. Yet they deliberately 
agreed not to do so, and they deliberately sacrificed us in advance. 


"They committed treason of the highest kind, by deliberately surrendering us to total 
destruction anytime the big balloon goes up." 


Bearden http://www.cheniere.org/books/ferdelance/s75.htm 


Energy Crisis Solved 


One of the "must read" documents at Cheniere is “The Unnecessary Energy Crisis: How to Solve It 
Quickly,” especially since the "oil wars," which Bearden has foreseen for decades, have now 
already begun. 


Here are some clips from that Document: 


"To avoid the impending collapse of the world economy and/or the destruction of 
civilization and the biosphere, we must quickly replace much of the "electrical energy 
from oil" heart of the crisis at great speed, and simultaneously replace a significant part 
of the "transportation using oil products" factor also. 
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"The technical basis for that solution and part of the prototype technology required, are 
now at hand. We discuss that solution in this paper." 


And although the solution to the energy problem and the oil wars may be at hand, Bearden 
suggests there is still an urgent rush that needs to be made to save human civilization from 
collapse. 


"Once the technology hardware solutions are ready for mass production, even with a 
massive worldwide deployment effort some five years are required to deploy the new 
systems sufficiently to contain the problem of world economic collapse. This means that, 
by the end of 2003, those hardware technology solutions must have been completed, and 
the production replacement power systems must be ready to roll off the assembly lines en 
masse. 


"The 2003 date appears to be the critical "point of no return" for the survival of 
civilization as we have known it. 


"Reaching that point, say, in 2005 will not solve the crisis in time, and the collapse of the 
world economy as well as the destruction of civilization and the biosphere will still 
almost certainly occur, even with the solutions in hand." 


"The good news is that we now know how to easily initiate continuous and powerful 
"electromagnetic winds" from the vacuum at will. Once initiated, each free EM energy 
wind flows continuously so long as the simple initiator is not deliberately destroyed." 


On page 9 he explains the concept of the dipole, and how there is already huge scalar energy 
flowing in the time domain around any dipole. Hold a magnet or a battery in your hand and you 
hold a stress in time and a beautiful flowing loop of longitudinal waves! 


Bearden decries the scientific community in the West for being unable to let go of their dogma 
long enough to see that the greatest discovery in human history lies at their feet, but for their 
stubborn ignorance. 


"The present energy crisis then is due totally to that "conspiracy of ignorance" we 
referred to, that is maintained by the scientific community, and that has been maintained 
by it for more than 100 years. 


"This is the real situation that the environmentalists must become aware of, if they are to 
see the correct path into which their energies and efforts should be directed — to solve 
both the energy crisis and the problem of gigantic pollution of the biosphere. "As far as 
anyone in the legislative branch of government ever understanding the profundity of the 
discovery and engineering of scalar waves, Tom Bearden says they are at a great 
disadvantage in doing so. 


"The nontechnical person — e.g., a Senator or a Congressperson — is operating under a 
distinct disadvantage. If he or she takes the stance that much better electrical power 
systems can readily be achieved, he or she is in fact opposing almost the entire set of 
University, Government Technical, Power Company, Battery Company, and Organized 


Science communities. Further, in most cases his technical advisors are themselves from 
one or the other of those communities, and likely to go back into that community or those 
communities when the Senator or Congressperson leaves office, or even before. So the 
Congress and the non-technical government community at large operate at a great 
disadvantage...Bearden National Emergency Declaration is Needed 


"The Government Non-Technical community (the Senate and the Congress, in particular) 
are in far better shape than the Government Technical community, to appreciate the 
world implications of the pending economic disaster. I am hopeful that both the 
environmentalists and the Government Non-Technical community will rapidly unite in a 
common goal to get this vacuum energy program launched, under a National Emergency 
declaration. If so, then they can solve the energy crisis and the pending economic crisis, 
in fairly short order, and permanently." 


unnecessary_energy_crisis.htm#congress_disadvantage 


In the conclusion of his paper The Unnecessary Energy Crisis: How to Solve It Quickly Bearden again 
states the urgency of replacing our centralized power grids with highly dispersed and local taps 

on the freely flowing energy of the active vacuum. Given the abilities of the Tesla howitzers, the 
power grids of all nations are sitting ducks. 


"Personally, the present author regards the increasing energy crisis as the greatest 
strategic threat to the United States in its entire history. I will do anything within my 
power to help prevent what I perceive to be the looming economic collapse of the 
Western world, preceded or accompanied by a sudden, explosive, all-out and continuing 
exchange of the WMD arsenals of most of the world. 


..In the name of all humanity, let us begin! Else by the time this first decade of the new 
millennium ends, much of humanity may not remain to see the second decade." 

















3. Weaponization 


Scalar interferometry, Tesla howitzer, Tesla dome, heat/cold, dudding, 10 nations have them, dead-man fusing & 
Insane Systems, scalar strategy, earthquakes and weather wars, solar storms, mind attacks, leased to Yakuza, many 
examples of testing, quantum potential weapons. 


"Indeed, Soviet energetics weapons are now capable of destroying both our triad shield, 
our homeland, our armed forces in the field, and our population, quickly and efficiently. 
We have a new "gap" of monumental proportions: not a missile gap, not a submarine or 
bomber gap, and not even a particle beam or laser gap. We have a scalar electromagnetics 


or electrogravitation gap." Bearden http://www.cheniere.org/books/ferdelance/intro.htm 


"We have a new weapon, just within the portfolio of 
our scientists, so to speak, which is so powerful that, 


if unrestrainedly used, it could wipe out all life on 
earth. It is a fantastic weapon." Khrushchev, to the Presidium, Jan. 1960 


"We've totally missed the most incredible "secret superweapons" development program 
of all times, and the worldwide testing of the weapons themselves. 


"Hiroshima and Nagasaki should serve as object lessons in the price of ignorance of such 
technological breakthroughs. 


"History does repeat itself. But this time it's not we Americans who got the great new 
superweapon first." 


Bearden http://www.cheniere.org/books/ferdelance/s75.htm 


Warfare has been changed forever by the development of these scalar energy longitudinal 
wave howitzers. To get a basic understanding of scalar waves is to have the imagination 
suddenly run wild as all the implications and possibilities regarding warfare fall into place. One 
realizes with a certain horror that the world has totally changed, and that there are some very 
fearsome possibilities. Remember, the power for these weapons comes from the time domain, 
longitudinal EM waves in the vacuum of empty space, and the power is tremendous and mind- 
boggling. Being able to blast away at any target from a distant control booth is something that 
has never happened before. This is incredible power to be in control of and it divides the history 
of weaponry into "before" and "after." And the destructive power of these weapons is delivered 
instantaneously to the target from the local vacuum at the place of the target. 


From an interview: 


Questioner: "Are you saying that real energy can be transmitted faster than the speed of 


light?" 


Bearden: "Yes. But hyperspatially. Not through 3-space, but "around" it. Again, this 
means that it's possible to produce energetic changes in a distant system at a distant place, 
without transmitting energy "through space” in the normal sense. You transmit "around" 
space, so to speak, and directly in time or through a higher dimension, depending on the 
model you're using to understand this. Further, the speed of the internal EM energy 
transmission is not limited to the speed of light." 


http://twm.co.nz/beard_interview.htm 


Here are some initial considerations about 
scalar weapons and scalar wars 


1. Tesla Howitzer 2. Tesla Domes 3. Rogue groups 4. WW III 5. Russian "UFOs?" 


3a. The Tesla Howitzer and its modes of action 


Source: Tom Bearden's weapons slides and Fer-de-Lance Briefing 


For one thing there is no delivery of any thing to any place. Bombs are obsolete. So are the 
planes to get them there. No helicopters necessary. All current nuclear devices are rendered 
nearly useless by electronic "dudding.” All distant-destruction can be done from a control room, 
and to any point on earth. The destructive power of "men" has just increased by orders of 
magnitude. The new weapons could even cause storms on the sun! Thus there is great urgency to 
make these new facts public and known, with the hope that all nations would come together to 
ban the use of scalar weapons. 


Two scalar antennae together along with the computers to control them, make up a scalar 
interferometer, and according to Col. Bearden the Russians have hundreds of such installations 
already. These interferometers are called "Tesla Howitzers." They can deliver a giant blast of 
energy to the distant target site, true "action-at-a-distance”. 


The first howitzer mode is called the "exothermic" mode of operation because immense EM 
energy blasts outward at the target site. The blast of a scalar howitzer can be of near nuclear level 
in destructiveness, and can be repeated easily, at that place, or nearby, or anywhere. 


The howitzer can use a lesser exothermic power setting and simply destroy all electronics in the 
target area. Thus they can render our nuclear missiles inoperable as they sit in their silos by 
"frying" the electronic circuits that guide them. They can bring down any airplane, anywhere in 
the world, at any time. Any person anywhere, if their exact position is known, can be 
assassinated without a shot being fired. 


The howitzers can also bring down power grids anywhere in the world, at any time. Thus they 
could bring Wall Street to an instant halt by disabling all its electronics. Even this one little easy 
tweak of the howitzer could cripple the U.S. economy in a single day. No wonder the "leaders" 
don't want you to know! This is a new era we are in. The discovery and development of scalar 
interferometry has put us in a new world, whether we like it or not. Anyone could be expected to 
go into denial, the befuddled senators and congressmen included. But we have to wake up. 


In a second howitzer mode called the "endothermic" mode, the howitzer sucks energy out of the 
target area, essentially creating a blast of cold at the distant target. It is even capable of freezing 
parts of the ocean. Bearden gives a number of cases where these "cold explosions" have been 
witnessed, mostly by airline pilots. April 9, 1984: 1 2 3) A huge mushroom cloud of mostly 
water is seen rising miles into the sky from out of the ocean, an awesome sight. 


In the endothermic mode the sucked-out energy must go somewhere, so it is vented out at some 
other chosen spot on the earth. These endothermic plumes have been photographed by satellite. 


"The exhaust in the left picture is about 150 miles long, and is nearly horizontal (about 
1.5 degrees above the horizontal). It is entirely consistent with the continuous exhaust 
from a "dumping transfer" scalar EM howitzer in the continuous exothermic mode. (The 
primary howitzer, of course, was activated in the endothermic mode.)" Bearden More 
Plumes 


By using both of these heat (exothermic) and cold (endothermic) modes together the weather can 
be altered anywhere. Warm the air over here, cool it down over there, put a curl in the jet stream, 
dissipate clouds, create clouds, whip up a tornado. Bearden speaks about using the endothermic 
howitzer mode as a weapon of war: 


"Cold explosions can be used to freeze tanks, personnel, and equipment. The equipment and 
tanks thaw out. The personnel thaw out too, but they are dead when they do." Bearden, Fer-de- 
Lance 


(This endothermic mode of the howitzers makes me think that there might one day be a cure for 
the problem of global warming after all. Could not a big device, situated in space or on the 
moon, be able to vent a great deal of excess heat outside the atmosphere into space, thus 
functioning as a kind of planetary thermostat’) 


While the United States has experimented with electomagnetic weapons using ordinary 
transverse EM waves, the longitudinal [LW] weaponized waves are truly of another order 
altogether. 


For one thing they do not have to travel through space, for they come from the time domain, 
which is everywhere. The energy of the blast, the heat or light or whatever, comes from the 
vacuum of space at the location of the target itself. This is astonishing. The weapons actually just 
trigger the release of immense energy from the vacuum at the target location. 


"... It is possible to focus the potential for the effects of a weapon through spacetime 
itself, in a manner so that mass and energy do not "travel through space" from the 
transmitter to the target at all. Instead, ripples and patterns in the fabric of spacetime itself 
are manipulated to meet and interfere in and at the local spacetime of some distant target. 
There interference of these ripple patterns creates the desired energetic effect (hence the 
term energetics) directly in and through the target itself, emerging from the very 

spacetime (vacuum) in which the target is imbedded at its distant location." Bearden Fer- 
de-Lance 


The big Tesla howitzers are aimed at their targets by using a worldwide electromagnetic pattern 
called the "Woodpecker Grid," begun by the Russians in 1976. 


You can hear the Woodpecker signal here: http://www.cheniere.org/misc/woodpeckersound.htm 


The woodpecker grid is just that, a grid of EM waves which provide a channel for the LW waves 
to any point on earth. Computers use the woodpecker grid information to hone down the aiming 
of the howitzers to a pinpoint location on earth. (For that matter, it could be under the earth, in 
space, or under the sea). 


A third howitzer mode is what Col. Bearden calls "Mindsnapper" mode. This is a truly 
frightening mode which affects the electromagnetic mind-body connection. Being mind-snapped 
at a low level would cause you to lose consciousness. Being mind-snapped at a slightly higher 
power would "entrain" all minds in the target area into a kind of hypnogogic trance, a state in 
which they would all be highly susceptible to suggestions and orders. 


Being mind-snapped at high level would so disrupt the mind-body connection that everyone in 
the target area would fall down, instantly dead. Not only that, everything around you and inside 
you would be killed, so that your sterilized body would not rot for quite a long time. 


The Mindsnapper can be used for a small area, or to kill an entire population. In fact, using the 
scalar waves to affect the human mind has become a new field in its own right, and has been 
dubbed "psychoenergetics." (This is discussed below in section 5). 


Bearden describes the use of the howitzer in mind-snapping mode against people, to cause 
unconsciousness or death: 


"From a military viewpoint, these scalar EM weapons are really quite all-around 
weapons. 


"For example, they are very lethal against personnel. 


"Set in the "high intensity pulse mode," one blast and a person's nervous system is 
destroyed instantly. Total, instantaneous death results. One can blast away at entire 
groups of infantrymen, for example. It's the peak power that's important, not the average 
power. So the weapon doesn't require too much battery power. 


"Set on a lower intensity pulse mode, one zap can simply knock out a person, rendering 
him instantly unconscious. Quite useful if one needs prisoners to interrogate. Also very 
silent, which is useful in operations employing stealth and surprise." Bearden 
http://www.cheniere.org/books/ferdelance/s80.htm 


"Those hit by the scalar EM weapon, however, have a most peculiar death mode. 


"Death comes-instantly and totally. There is no convulsion, no response. The entire 
nervous system is destroyed instantly. Every living cell in the body is killed instantly, 
including all bacteria, germs, etc. 


"A body hit with this thing falls like a limp rag and lies where it falls. It doesn't decay in 
even 30-45 days. In a macabre fashion, it's been reduced to something like food irradiated 
with nuclear radiation; everything is killed, so the material is preserved for an extended 
period before any decay can set in." 


Bearden http://www.cheniere.org/books/ferdelance/s8 1.htm 


He goes on to say that the same "bazooka-sized scalar EM pulse weapon" can also be used to 
knock out a tank with one shot (or pulse). So tank warfare is obsolete. Helicopters? Bearden 
points out: "... if he's attacked by a helicopter or a fixed-wing aircraft, he can bring the same 
weapon to bear on it. He can knock down a chopper or a jet. With one shot." 


Obituary for Tank Warfare 


Tanks useless against portable LW weapons 


"For example, suppose one attacks a tank. [with an LW weapon] With scalar EM pulse, 
the personnel die instantly. Total personnel kill is achieved. 


All electronic systems of the tank are dudded. Total systems kill is achieved. The 
ammunition in the tank explodes. Total kill is achieved. 


The fuel explodes. This is another total kill mechanism. 

That tank has been killed totally, by a variety of mechanisms, all simultaneously. 
That's a k-kill in any analyst's book. 

And don't worry about retrieval and repair. That tank is finished permanently. 
Even the most modern tank is just as vulnerable as the most obsolete." 


Bearden http://www.cheniere.org/books/ferdelance/s88.htm 


One begins to get the idea how profoundly the conventional means of warfare have been 
obsoleted. All the usual weapons of war have been rendered nearly useless! And Star Trek's 
"Phaser," with its "stun" and "kill" modes is here at last. 


Although it is the weapons aspect of scalar electromagnetic which has received the most 
developmental effort, Bearden points out that a great many other amazing things that may be 
accomplished in this new field of science. Beam me up Scotty! 


"Superluminal communications systems, hyperspace drive, and materialization and 
dematerialization are all hypothetically possible, using scalar electromagnetics. As the 
technology develops, we should see the development of many of the systems long 
thought impossible except in science- fiction." 


Bearden http://www.cheniere.org/books/ferdelance/s15.htm 


Bearden describes a huge test of the Russian scalar weapons systems which occurred in 1985, a 
test that went completely unnoticed by western scientists: 


"Just before May 1, 1985 the Soviet Union performed a "full-up" operational test of their 
entire strategic scalar EM weapons complex. This test was detected and monitored 
periodically by Frank Golden. Some 27 of these giant Soviet "power taps" were locked 
into the molten core of the earth, producing forced (entrained) scalar resonance of the 
entire planet on 54 controlled frequencies under our very feet. The remainder of the 
scalar frequency spectrum was ablaze with literally hundreds of Soviet scalar 
transmitters: probably the entire strategic scalar command and control system to 


underwater submarines, higher command centers, distant commands, etc. was activated in 
the giant exercise. 


"For several days, the system was exercised on a mind-boggling scale, apparently as part 
of the Soviet Union's highly accentuated 40th anniversary celebration of the end of World 
War IL. 


"Tronically, not a single U.S. intelligence agency, laboratory, or scientist detected this 
monstrous exercise for the new Soviet leader, Gorbachev. Not a one of them had a 
detector for scalar EM radiation, and not a one of them officially believes the exercise 
ever happened.” 


Bearden http://www.cheniere.org/books/ferdelance/s38.htm 


"The Woodpecker grid/howitzer weapon system can be placed over the ocean and used 
against cruise missiles, naval surface-to-air and surface-to-surface missiles, submarine- 
launched ballistic and cruise missiles, etc. Placed over a carrier task force, it can also take 
care of the aircraft launched by the carrier as fast as they are launched. It can also handily 
take care of the missiles launched by guided-missile cruisers of the accompanying task 
force." 


(Bearden http://www.cheniere.org/books/ferdelance/s65.htm) 


The whole series of the Fer-de-Lance briefing slides and comments is a "must read" for anyone 
wanting to be aware of the actual state of things in this world right now. It is a new world and it 
takes some getting used to. Fer-de-Lance speaks clearly, for the layman, of the way things stand. 


What is it like to operate these Tesla Howitzers? Col. Bearden gives us an idea in his "Fer-de- 
Lance" briefing, Slides 66-71. 


Who needs armies anymore? A entire war can be fought and won by a handful of men sitting in a 
comfortable control booth! The scalar electromagnetics revolution has made all previous forms 
of warfare nearly obsolete. 


Why haven't the Russians used the scalar weapons yet? 


Bearden gives his thoughts on this in "Fer-de-Lance." The power of these weapons is so great 
that an accident or war could wipe out all life on earth, and even affect the sun. 


"As can be appreciated, this entire concept [MAD] is now totally obsoleted by the Soviet 
possession of scalar EM weapons. 


‘The "mutual assured destruction" capability -- or MAD concept as it was so aptly named! 
-- is no longer mutual. And for two reasons: (1) the Soviet surprise attack could destroy 
essentially all our Triad forces wherever they are, in the first attack. (2) Even if a very 
small number of our strategic forces survive, the puny strike we could attempt to launch 
could be repeatedly decimated from launch to terminal phase. 


‘The restraint on the Soviets is not because of our Triad forces. The restraint is twofold: 
(1) a second nation has scalar EM weapons, and would undoubtedly unleash them upon 
the Soviet Union with great violence if such a massive world-wide destruction of U.S. 
forces occurred or was threatened (is it really "accidental" that six major Soviet missile 
ammunition storage sites mysteriously exploded within seven months?); (2) the closed- 
loop scalar radiation exchange system of Earth-Sun could be inadvertently "tweaked" in 
the feedback loop from Earth to Sun, so that a large solar scalar resonance was 
stimulated. In that case the Sun could emit a mighty resonant "burp" that would simply 
wipe out all life on Earth in a fiery shower. 


‘The "terror" in the "balance of terror" between nations has just increased by many, many 
orders of magnitude. 


‘The biblical prophecy that the Earth will be wiped out by "fire and brimstone from 
heaven" is very near fulfillment now. 


‘Put another way, the pucker factor -- even on the Russians who may contemplate 
unleashing Armageddon -- is higher than any Western strategic analyst has ever 
imagined, even in his wildest nightmares. 


‘Truly these weapons are "more frightening than the mind of man has imagined," as 
Brezhnev put it in 1975. 


‘The frightening scalar EM weapons can be used, but only very, very gingerly indeed. If a 
slight mistake is made, everybody loses everything." 


Bearden http://www.cheniere.org/books/ferdelance/s74.htm 


But the Russians (KGB) are not the worst of it. Bearden claims that some of the scalar weapons 
have been leased to the Yakuza for about a billion a year, and that only the KGB is holding the 
Yakuza in check from making a full-scale all out scalar attack on the west. 


U.S. Defense Secretary William Cohen 


Warns about eco-terrorism using scalar electromagnetic weapons 


"Others [terrorists] are engaging even in an eco-type of terrorism whereby they can alter 
the climate, set off earthquakes, volcanoes remotely through the use of electromagnetic 
waves... So there are plenty of ingenious minds out there that are at work finding ways in 
which they can wreak terror upon other nations...It's real, and that's the reason why we 
have to intensify our [counter terrorism] efforts." - Defense Secretary William Cohen, 
1997 


In a letter to a writer named "Russell" Bearden says, 


"In short, Russell, the Secretary of Defense of the United States confirmed that there are 
indeed novel kinds of EM weapons, right now and have been for some time, which have 
been and are being used to (1) initiate earthquakes, (2) engineer the weather and climate, 


and (3) initiate the eruption of volcanoes. We wrote about those exact uses of the 
weaponry decades ago. Several nations now have such weapons. Three of them (two on 
one side and the other on a hostile side) are even firing practice shots into Western Australia, 
as a convenient test range." 


http://www.earthchangestv.com/ufo/0209gandor.htm 


Tesla Howitzers in Weather mode 


How to Make Weather 


"Engineering the weather is duck soup; they tested that over the U.S. in 1967, and entered 
upon continuing operations over North America on July 4, 1976 as a grim kind of KGB 
"Bicentennial Gift" to the United States. Here's how it is done with several 

interferometers. 


"First, the interferometers can deliberately make "high pressure areas" (cool the air so it 
shrinks and its "footprint" pressure on the ground increases because its density increases) 
and "low pressure areas" (heat the air so that expands and its "footprint" pressure on the 
ground decreases because its density decreases). Well, if one makes the highs and lows 
where one wishes them, and judiciously and somewhat slowly moves them along a given 
path, these highs and lows will entrain the jet streams and thus "steer" the weather. 


"So if you wish a very cold snap or attack, go up into Canada and start these actions to 
steer down some streams that bring some very frigid air. Establish other highs and lows 
judiciously to "block" or "slow" other jet streams and flows as desired. In this way, one 
can pull the "large cold air masses coming down from Canada" deep into the southern 
USS. at will. They do it regularly. If you wish an ice storm, add an additional current of 
warm moist air you bring up (steer up by using artificial highs and lows) from the ocean. 
Where they meet, you will get freezing rain, then sleet, then severe icing accumulating. 
This type of attack does rather large damage to the struck area." 


http://www.earthchangestv.com/ufo/0209gandor.htm 


Whole websites have now sprung up showing weather radar anomalies which may well be 
indications of scalar weather engineering. One list of over 500 images is here. Cheniere has its 
own collection here. 


In another section at Cheniere are many photos of cloud anomalies which reveal the underlying 
grid along which the clouds are forming or un-forming. Bearden relates a startling incident in 
these clandestine ongoing "weather wars." 


"During the spring of 1986, abnormally strong Soviet weather engineering occurred over 
the U. S., causing a drastic drought in the southeastern U.S. This drought was broken by a 
colleague who used an extremely powerful scalar EM device to redirect jetstreams. A 
most unusual and unique signature of the "blocking" against the Soviet scalar EM actions 
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resulted: Two huge circulations developed in the atmosphere, clearly showed as two 
adjacent giant "holes" in the swirling cloud cover over the middle and eastern U.S. 


"Between these two giant holes, the cloud circulations formed a stream of clouds, moving 
to the south, looking very: much like a giant vertical "bar" of a huge "Y-shaped" cloud 
flow.* Several national weathermen commented on this unusual pattern, which had not 
been observed before. The pattern continued, day after day, as the blocking continued." 


* On the weather maps. 
http://www.cheniere.org/books/analysis/history.htm 


Tesla Howitzers in Earthquake mode 
How to Make an Earthquake 


"Here's how you initiate a very large earthquake with such weapons. Take a convenient 
fault zone of set of them. Focus the interferometry on the fault zone, in the "diverging" 
mode, and deposit EM energy there in the rocks on both sides, increasing (slowly) the 
stress in the rocks by the reverse piezoelectric effect (deposit excess energy, get crystal 
mechanical movements). 


"Do it slowly, and the stress will build up to large pressures well- above a plate slip 
minimum energy required. At some point, the rocks yield and one or both sides "slip" and 
move rather sharply, giving a very large earthquake in that zone. 


"Do the same thing down in the earth (remember, LWs easily penetrate right through the 
earth and ocean at will, and so the "interference zone" focus can be inside the earth or 
beneath the ocean, at will. 


"Anyway, focus this thing down to where the active part of the volcano is still 
slumbering, down where the hole in the plate has been made. Keep increasing the 
deposition of energy in the magma itself, and eventually the increasing pressure from 
deep within that volcano, underground, will cause an eruption. Build the energy slow, 
and the eruption will likely be much larger." 
http://www.earthchangestv.com/ufo/0209gandor.htm 

Yugoslav Earthquake, Followed by Cold Explosion 

Strange Characteristics of Iran Quake, Sep. 1978 


Tesla Howitzers in Tesla's "Big Eye'' mode 


How to make a Big Eye in the Sky 


By using longitudinal wave interferometry in a weakly endothermic mode a new kind of "ra 
is now possible, one which can look right through the earth and oceans. Because the endothermic 


mode extracts energy from the distant target, a pattern of the target area can be scanned for in the 
returned energy. 


"Thus the receiver produces a representation of the energy extracted from various 
locations within the distant endothermic zone. By displaying the received signals 
on an appropriately scanned screen, a representation of the distant scene in the 
intersection zone can be created. Indeed this is a special kind of "microwave 
interferometry," and -- with modern techniques -- the imagery obtained might be 
surprisingly good. With development, it might even become as good as the image 
presently obtained by side-looking acquisition radars. 


"Interestingly enough, since scalar EM beams will easily penetrate the earth or the 
ocean, one can also look beneath the earth or beneath the ocean with this type of 
scanning scalar interferometer. 


"The importance of this capability to strategic and tactical reconnaissance is 
obvious. Camouflage, cover, and concealment have no effect on such a system. 
One can easily look inside buildings and into underground facilities. With a small 
system such as this, the U.S. Marines at Khe Sahn would have had little difficulty 
locating the tunnels continually dug under the perimeter by the Viet Cong. And 
targets under jungle canopies are directly visible." 


Bearden http://www.cheniere.org/books/ferdelance/s42.htm 


Tesla Howitzers can destroy all life on earth 


How to Make a Storm on the Sun!! 
(Just make a big mistake with your Tesla howitzers) 


The deepest dangers of the use of scalar weapons are frighteningly pointed out by Bearden here 
where he considers that the sun, earth and moon (actually the whole solar system) is a delicately 
balanced arrangement of scalar (longitudinal) EM radiation. There is a scalar connection 
between the earth and the sun, which are both giant dipoles gushing energy in the time domain. 
Big scalar events on the earth could alter this balance causing true catastrophe. 


"Indeed, a solar response could be stimulated so that the Sun would violently belch and destroy 
our biosphere, among other effects." 


Unrestrained scalar warfare could cause huge solar storms? To realize that human activity could 
actually affect the sun itself is truly mind boggling. 


Bearden goes on to say: 


"Accordingly, use of huge scalar EM weapons is a double-edged sword. Unless carefully 
employed, use of the weapons could cause a terrible backlash to the user as well as the 
victim, and even accidentally cause the destruction of the earth itself. It is not accidental 


that in 1960 Khrushchev stated that his new fantastic weapon could -- if unrestrainedly 
used -- destroy all life on earth. 


"This appalling backlash potential is apparently what prompted Brezhnev in 1975 to 
make so strong an effort to get agreement to outlaw the development of "new weapons of 
mass destruction” more frightful than the mind of man had even dreamed of. Gromyko 
even introduced such a draft agreement into the proceedings of the United Nations. The 
first article of the draft agreement indicated that the nature of the weapons referred to 
would be negotiated. Sadly, the entire Western world did not even know what the 
Russians were talking about." 


http://www.cheniere.org/books/ferdelance/s24.htm 
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3b. Tesla domes 


(Slide from Cheniere.org) 


The Tesla howitzers can be used in a nearly impregnable defensive mode whereby they throw up 
a dome (Tesla Dome ) or a sphere (Tesla Globe ) of highly powerful electromagnetic energy, 
enough to "dud" or destroy missiles which try to penetrate them. Once again, this energy is not 


going through space from the howitzer, but being made to emerge from the local vacuum at the 
location of the shell. KGB tests of these domes have been witnessed by airline pilots around the 
world. Bearden gives many examples of the Tesla domes being sighted around the world in his 
briefing paper "Fer-de-Lance." (Russian dome test, another globe incident, yet another globe 
test). These giant electromagnetic domes can be hundreds of miles across, or narrowed down 
more to total impermeability. 


"Such a shell may be several hundred miles in diameter at the base. The enormous energy 
required to form such a defense shell is obtained by a "scalar power tap" into the molten 
core of the earth itself, as previously explained. In late April/early May of 1985, 27 such 
"power taps” were placed in the earth by the Soviets. If each tap is capable of powering 
four to six large scalar EM weapons, then the Soviet strategic scalar EM arsenal contains 
over 100 monstrous superweapons capable of generating exothermic explosions, 
endothermic explosions, engineering the weather, locating and destroying underwater 
submarines, detecting and destroying ballistic missiles shortly after launch, detecting and 
destroying long range strategic bombers as soon as they are airborne, etc." 


http://www.cheniere.org/books/ferdelance/s52.htm 


By using nested domes one can protect the domed area even against nuclear radiation 

itself. Tesla globes can be used to hit airborne targets by simply placing a globe of any chosen 
size in the flight path of the incoming missile. It does double duty because the missile hits it 
going in, and then the rubble hits it again going out the other side. 


While the U.S. persists in its useless boondoggle "missile defense system" by shooting a missile 
with a missile (missiles which would already have been "dudded" by the Tesla howitzers), 
between the domes and the globes the Russians (KGB) have in hand (operational) a nearly 
perfect missile defense system. Someone should ask the Secretary of Defense if the U.S. Tesla 
domes are in place. And over which cities? How powerful are our American Tesla domes? 


Bearden cites a number of examples of these domes being tested around the world: 


March 20, 1969 | March 24, 1977 | August 17, 1980 | June 17, 1966 | June 18, 1982 | June 22, 1976 

















In a slide from the Fer-de-Lance briefing it is shown how the "woodpecker grid" itself also acts 
as a sensor, detecting any missile launch anywhere, and how the howitzers can respond instantly 
by delivering a blast to exactly the right coordinates, right along the channels of that same grid 
which is feeding the location information about the missile launch. This certainly beats "trying to 
hit a bullet with a bullet." Especially since YOUR bullet would probably be instantly inoperable 
in a real scalar war situation. 


3c. Rogue Groups in the government 


Bearden fears that these scalar electromagnetic secrets may have fallen into the hands of what he 
called secret "rogue groups" within the labyrinthine depths of the black-ops special-access 
domain of the secret government. "In the extreme, such a deep black program can even become a 


"captured" program," he says, "which is totally in the hands of rogues and no longer reports to or 
is bound by the dictates of the parent government." 


"They have their own agendas. And being rogue groups, they may well bring in 

unethical, immoral tricks: assassination, bribery, entrapment, disinformation, plausible 
deniability, etc. A certain percentage of a highly secret rogue group will wind up using all 
these things and more. It's a human characteristic, the old primate dominance game. Only 
now disguised and hidden under deep classification. ... 


"In highly classified groups, these groups are greatly enabled to joust more widely, 
unethically, and immorally because it is so deeply hidden. So very deep classification 
evokes the growth and intensity of rogue groups. It's the old ‘Power corrupts, and 
absolute power corrupts absolutely’ routine. ... Due to loose formation of rogue groups 
inside such programs, they may have dual or triple purposes, may not operate under very 
much legitimate government control at all, and may operate specifically for the purposes 
of the rogue group or groups that have gained control." 


"The involvement of at least some rogue groups, some being "cowboys" who operate 
well outside all laws and ethics, could also result in such things as assassinations, 
clandestine testing on individuals without their consent, etc. In short, it could account for 
what seems to be actually occurring. " 


http://www.cheniere.org/explore%20articles/mind%20control3/p05.htm 


3d. World War III has already begun 


Because it is now possible to cripple the power grids and electronics of any nation, that nation 
could be reduced to economic ruin without ever firing an actual "shot." Without electricity Wall 
Street cannot operate. Without electricity you quickly need martial law. One no longer needs to 
wage a conventional war anymore at all. There are now lots of new ways to bring any nation to 
its knees. 


"We are at war, whether we like it or not. And we are going to have strategic strikes on 
an unparalleled scale for us. Pearl Harbor was nothing compared to what is coming down, 
once we consider the "augmentation" and such. 


"When that factor is considered, then it's a totally new ball game on replacing the power 
system. There isn't going to be much choice; the old one is going to be destroyed or so 
badly crippled that it will collapse the U.S. economy in a way we have not seen since 
1929. Of course, in such a case hitting us, we will be under martial law, the works, 
everywhere. For one thing, it's the only way you can keep the cities from imploding from 
within, by the criminal element, looting, robbing, killing, etc. Simply wait and see; it's on 
the way." 


Although Bearden has for years decried the "scalar-gap," and chided the military for 
falling so far behind the Russian KGB in the field of scalar electromagnetics, recent 
statements indicate that things may at last have changed somewhat. 


"In the new war, the first phase of WW III has already been completed. Hence President 
Bush's recognition that this is a total war, and has to be taken to the enemy no matter 
where he may be hiding or in what sanctuary or in what foreign nation. This is an entirely 
different war than anything the U.S. has ever fought in its history. And before it is over, it 
is going to kill more Americans than have died in all the previous wars in our history. 

The news media and the public have not yet recognized that awful situation and 
predicament. Most are already thinking that, well, we won in Afghanistan so it's just 
about over. Instead, it has only just begun. 


"Anyway, that's a brief uptake on some of the weapon situation today. Some 10 nations 
or more now have LWIs, and five have the QPs. I'm still working on how many have the 
appalling negative EMP weapons, but would estimate 6 or 7 nations have them in one 
stage or the other, either deployed or in at least advanced development. And in my 
estimation, the Yakuza will have them within three to five years if they have to build 

them themselves, and quicker if they can buy them from the Russians, Chinese, or???" 


Bearden http://www.cheniere.org/correspondence/030202a.htm 


When he was asked the question "Does the government listen to Tom Bearden?" Bearden 
said: 


"Let me speak carefully. I am very satisfied with how I've been listened to in the quarters 
where the rubber meets the road. The West is no longer defenseless, not by any means. 
Cannot amplify it further than that." 


http://www.cheniere.org/correspondence/030202a.htm 


Bearden has briefed the government a number of times and the Cheniere website contains a great 
number of his graphic military briefing slides. 


3e. Are the Russians making ''UFQOs?"' 


Scalar electromagnetics engineering opens the possibility of antigravity vehicles and 
"hyperspace travel." In other words we can now make our own UFO's! Of such scalar-powered 
antigravity vehicles, which have now become possible, Bearden has this to say: 


"We might expect to see such vehicles glowing. Their various surface features and 
mechanisms might appear to be glowing or revolving lights, etc. 


"They could exhibit incredible "aerodynamic performance," seemingly in the atmosphere. 
Actually they would not be moving "through" the atmosphere at all, but through a higher 
space outside each particle of atmosphere. 


"They could seem to materialize and dematerialize. 
"They could seem to plunge into the ocean or rise out of it. 
"They could even seem to operate under the ocean or inside the earth itself. 


"Such anomalous vehicle performances have been seen all over the world, particularly 
since a few years after WWII. 


"It appears that one or more nations of Earth are operating such vehicles now in great 
secrecy. Our own "government" may even be one of these. 


"Tf so, it isn't our true "government/government." Instead, it's the "control 
group/government." It's government at the operational level, but at higher level it belongs 
to certain control groups who have penetrated our government's vitals and taken over all 
such projects." 


Bearden htt 


In an excellent e on her Earthfiles website, Linda Moulton Howe reports on the utter 


bafflement of Norwegian scientists over mysterious lights appearing in the valley of Hessdalen, 
Norway. 








She writes of the research there: "The results can be broken down into two groups: 95% are 
thermal plasmas and 5% are unidentified solid objects. The plasmas emit long wave radio 


frequencies and strangely, their temperatures do not vary with change in size or brightness." She 
quotes the scientists' research summary: 


"1) most of the luminous phenomenon is a thermal plasma; 


2) the light-balls are not single objects but are constituted of many small components 
which are vibrating around a common barycenter; 


3) the light-balls are able to eject smaller light- balls; 
4) the light-balls change shape all the time; 


5) the luminosity increase of the light balls is due to the increase of the radiating area. 
But the cause, and the physical mechanism with which radiation is emitted, is currently 
unknown." 


This would almost certainly seem to be another example of the testing of the scalar howitzers. It 
is baffling because, as Bearden points out repeatedly, Western scientists have limited knowledge 
of the scalar electromagnetic principles by which the howitzers operate. The Hessdalen scientists 
were completely baffled as to where the energy of these plasma balls was coming from. 


Ms. Howe interviews Massimo Teodorani, Ph.D., Astrophysicist, who released the report on the 
2001 Hessdalen sightings. The scientist speaks of the baffling phenomenon observed. 


"T don't know how it is possible that Nature is spontaneously able to do that. Anyway, we 
deduce that the plasma is trapped inside a sort of magnetic cage and the magnetic cage 
closes around the plasma and keeps it fixed in some way, prevents it from expanding. But 
where does it come from? We don't know." 


By what we have been considering here, we can recognize the signatures of scalar 
electromagnetic engineering. If it is a Tesla howitzer, then the energy for the plasma balls is 
coming from the vacuum of spacetime at the very location of the balls themselves, triggered by 
scalar interferometers aimed through the woodpecker grid. 


These kind of balls can be used as marker beacons giving feedback for precision aiming of the 
howitzers. The energy of the marker beacon can be read back into the computers giving precise 
location information for pinpoint aiming. The target area can be very small, or widened out. 


There is a little movie of one of the Hessdalen plasma balls here. It would seem to be a clear 
documentation of a scalar howitzer marker-beacon. How many other current "UFO" sightings are 


actually the witnessing of Tesla howitzer tests? 


In fact there are a great many anomalous events of the past few decades which might very well 
be explained by the Russian testing of their longitudinal electromagnetic weapons. It would seem 
that the mysterious appearance of crop circles around the world could be accomplished by 
feeding a precise mathematical graphic pattern into the computerized aiming software and 
change the very molecular structure of the crops themselves along the lines of that pattern. The 





stalks fall over from the localized effect of the longitudinal waves. A plasma ball tracing 
patterns? Are they slyly sending a message to see if we are "getting it" yet? 


The "Cambridge Angel" - Made by Russian scalar plasma balls? 


Also see: Interview with Tom Bearden 


Attempt to Ban oo, a 
Weapons Worldwide 








# On June 13, 1975, in a major speech Brezhnev urged the 
United States to agree on a ban of research and 
development of new kinds of weapons "more terrible than 
anything the world has known." 

= On July 2, 1975 Brezhnev repeated his proposed ban on 
development of frightful new weapons, to a group of U.S. 
Senators. 

= In August 1975, Ponomarev called for a ban on frightful 
new weapons of mass destruction. 

= On Sept. 23, 1975 Gromyko presented a draft treaty cS 
agreement to the 30th Session of the UN General \ 
Assembly, for banning development of frightful new 
weapons. 

. e on s 
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(Slide from Cheniere.org) 








4. Healing powers of longitudinal waves 


Healing via longitudinal waves, time reversal of cells (de-differentiation), Priore's machine, Bearden’s proposed 
"blanket" version, using the electric power grid for healing waves or for broadcasting disease patterns. Scalar 
Biowar. 


The good news! 


"Any sort of disease whatsoever - physical or mental - will be rapidly curable, simply and 
cheaply. It will be possible to reverse aging and rejuvenate the person. It will be possible 
to regrow limbs and straighten misshapen spines - and directly remove the causes of 
mental diseases and cure them as well. Lifespan will be staggeringly increased, without 
‘old age's debilitation.' AIDS, cancer, leukemia, and genetic diseases will be completely 
conquered. The potential for a true golden era is upon us, for all humanity." 


Bearden- http://twm.co.nz/beard_interview.htm 


Proof of the healing powers of longitudinal waves from the vacuum is seen in the work of 
Antoine Priore who produced longitudinal scalar waves using a gigantic glass tube filled with 
plasma. He himself did not understand why it worked or how it cured cancer in animals. 


"The Priore team cured terminal tumors, trypanosomias, and other dread diseases in 
laboratory animals in France, in the 1960s and 1970s, under rigorous scientific protocols 
by eminent scientists. The Priore project was funded by the French Government to the 
tune of several millions of dollars (equivalent). 
http://www.explorepub.com/articles/energetics.html 





"... Prioré's machines concretely demonstrated a nearly 100% cure of all kinds of 
terminal cancers and leukemias, in thousands of rigorous laboratory tests with animals. 
These results were shown to medical scientists as early 
as 1960." http://www.cheniere.org/priore/index.html 


Bearden has stated that the longitudinal EM waves can 
have a healing effect because they always come in pairs 
called "phase conjugate pairs" and one of the pair is 
time-reversed. This enables engineering of the waves to 
"pump" the cells of the body (with waves from the time 
domain) and actually time-reverse the cells back to a 
previous healthy condition. The scalar cure of cancer 

_ does not involve killing the cancer cells but rather 
pumping them with time energy into a previous 
condition. I know, this seems miraculous, and is it not? 


Priore and his giant plasma tube 








This healing power in the longitudinal waves of the time domain is a mind-boggling thing to 

face. It took me months to get through it, and to suffer the fact that the cure for cancer and AIDS 
was right there, in this new scalar electromagnetics technology, and that it has been kept back 
from the people for so many decades now. 


Bearden has a great deal to say about the work of Priore, who himself did not understand why his 
machine worked. Priore did not know about the longitudinal scalar waves of the time domain. In 
fact, Tom Bearden has supplied, at last, the missing explanation as to how that big giant two- 
story glass tube consistently cured cancer in animals. 


"The medical implications are enormous. By just reversing the damaged cells back to a 
previous physical state, this gives a physics mechanism for controlled cellular dedifferentiation, 
in biology terms. Physicians will time-reverse diseased, damaged or aged cells back to an earlier 
healthy condition, including all the cellular genetics. Normal cells are just reversed to a slightly 
younger condition." 


"We believe this mechanism explains the revolutionary but baffling electromagnetic 
cures achieved by a team of outstanding French scientists in the 1960s and early 70s, 
working with inventor Antoine Prioré. In lab animals, cures were achieved for terminal 
tumors, infectious diseases such as trypanosomiasis, and atheriosclerosis. In addition, 
deliberately suppressed immune systems were dramatically restored. 


"We hypothesize that this is the long-sought mechanism of how the living body heals 
itself. In short, the body's cellular control system induces cellular reversal by weak time- 
domain pumping of the damaged cells and the affected area. The cellular regeneration 
system performs all healing of cellular damage in the body; the immune system heals 
nothing, not even its own damaged cells) . 


"For the first time medical science can develop as a science of healing rather than a 
science of intervention. And it will develop as a science of unlimited healing, since no 
pathogen can resist action by curved spacetime engines." Bearden 


http://www.cheniere.org/techpapers/Vision %202000%20paper.doc 
See Priore's machine _ See Slides of how it works. 


Bearden has extended the Priore work, with the previously missing knowledge now in place, and 
designed a revised system (for irradiating the body with longitudinal waves) which gets rid of 
Priore's giant glass plasma tube and uses instead an antenna unit which surrounds the body. He 
has also provided the missing explanation of how it works. There is an article from "Explore" 
magazine, Part I and Part I. 


In fact, Bearden has presented to the U.S. government a plan to use a portable version of a Scalar 
Healing Blanket where wire channels in the blanket act as a scalar antenna, which can both send 
and receive scalar electromagnetic waves. A two minute treatment of the waves is sufficient to 
restore the body to its earlier healthy condition. Thus even thousands could be treated easily and 
quickly in a biowar mass attack situation. 


RETRORADIATION WITH EMITTED TW EM WAVES 
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longitudinal EM wave sets that pump cells and reverse 
disease and damage 


"To defend against things like anthrax attacks on our civilian population centers, we also 
have recommended to the U.S. Government the crash development of small, portable 
treatment machines—using similar "antiengine- forming" and cellular reversing "porthole 
technology". [See Figure 13 on previous page]. Such portable machines could be 
developed cheaply and quickly, and present government facilities could be used to 
massively attack the correlate database production problem. "The portable treatment units 
could be cranked out by the hundreds of thousands and flooded down through emergency 
response agencies such as the police forces, the National Guard, emergency hospitals, 





emergency response teams, etc." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p04.htm 


The Scalar Healing Blanket would fit into large suitcase. It has three basic parts, the longitudinal 
wave generator, a laptop computer, and the antenna-blanket. The plan was a stroke of Bearden's 
genius, but unfortunately it fell on befuddled government ears. "Unfortunately, so far the DOD 
[Dept. of Defense] doesn't even understand what the heck we're talking about!" 


Article "Healing with Energy": http://www.explorepub.com/articles/energetics.html 


"We tried very hard in 1998 to call attention to the extreme national need for the most 
urgent possible development of a portable computer-controlled treatment device based on 
the experimentally proven Prioré methodology, but extended to a much simpler and far 
more rapid method of treatment. 


"Quick development of this technology could lead to a suitcase size device, capable of 
treating a patient in less than one minute, and stopping the symptoms and disease 
progress cold, then reversing it. Three "less than a minute" treatments one week apart 
would be required for complete cure. As an added advantage, partial reversal of aging in 
older patients would also be accomplished as a bonus, in addition to time-reversing the 
damaged and diseased cells... 


"The method proposed to the DoD in 1998 used normal EM in a peculiar way to force the 
body itself to make its own time-polarized EM waves, and pump every part of its cells -- 
including the genetics -- in the time domain. 


"Quite simply, we are going to be struck this way (QP spreading the immune systems of 
the populace plus professional smallpox, anthrax, etc. BW attacks on our population 
centers) and by other means we've spoken of in other papers and briefings." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


The Dark Side of the Force: 
Creating and broadcasting disease 


Speaking of the scalar wave induction of disease by longitudinal wave patterns Bearden refers to 
work by French scientist Kervran Russian scientist Kaznacheyev, who proved that any disease 
could be transmitted electromagnetically. 


"It works this way: the Kaznacheyev experiments (and others) demonstrated that any 
cellular disease or disorder can be initiated into cells at a distance, by electromagnetic 
means (albeit unusual EM in nature). The decades of microwave radiation of the U.S. 
Embassy in Moscow, was an ongoing set of "stimuli" to ping the U.S. system and, by its 
response, ascertain how far along (or if it was "along") in its knowledge of such weapons. 
The radiation was responsible for many health changes in personnel and for the eventual 
deaths of three U.S. Ambassadors." 


Bearden http://www.cheniere.org/correspondence/021702a.htm 


In a letter he writes, 


"Yes, the Kaznacheyev experiments were quite real; 15,000 or so in military research 
institutes in Siberia. As with so many other novel areas investigated and developed by the 


Soviets, most U.S. investigators just assumed normal EM, which is not what the 
Kaznacheyev experiments involved, and not what was carrying disease induction patterns 
from one cell culture to another in rigorous lab tests." 


How to "Broadcast" Diseases 
Longitudinal EM Biowars 


Bearden explains how the new quantum potential weapons can be used to induce disease-at-a- 
distance in a population, or to "spread" the immune system so thin that a conventional bio-attack 
would be greatly potentiated. By "broadcasting" virtual disease patterns over a population, the 
immune system is so overloaded by the presence of the "shadow" diseases that its effectiveness 
is thinned out. 


"In short, alter the internal wavestructure, and one creates a curved spacetime 'engine' 

that acts on mass in any fashion one chooses to design -- including initiate diseases . . . 
Now visualize one of these 'vacuum engines' or 'spacetime curvature engines’ that acts on 
mass to generate the exact effects produced by anthrax. (Or any other disease one wishes) 
... Call the virtual state of a disease engine the disease pattern in the "shadow" state, just 
prior to becoming observable. . . . 


"And the master cellular control system responds to "coming events that cast their 
shadows before". In short, it responds to the upper level of the "shadow state" of a 
disease, still in the virtual state! (Hey, virtual particles are real, virtual photons are real, 
virtual ST curvatures are real --- just very fleeting, only for another to immediately arise). 
The exchange of virtual particles is known to generate all forces in physics anyway! .. . 


"So the cellular control system responds to "shadow state" disease patterns. Enter a QP 
weapon application. Place a quantum potential weapon "area" on the United States, so 
that the entire populace is in it. The slowly introduce and bring up in the shadow state, 

the necrotizing fasctitis disease engine. At some point, the cellular control systems will 
react, and order the immune system into action. In other words, immune system resources 
will be committed against this "immediately coming" enemy. Bring it on up a little, but 

still just in the shadow state. Voila! Humans form a bell-shaped distribution curve. And 
even if the structure of the QP fluctuates a little, fluctuating a bit stronger and a bit 
weaker, etc. A few of those targeted bodies will now actually develop necrotizing 
fasciitis. So far, just like the U.S. Embassy targeting, except a different "carrier". 


"But now there is an exact signature that this is what is doing it, and not normal vector 
carriers of disease and contact or exposure infection. The few cases of necrotizing 
fasciitis that break out will be most puzzling. They will be randomly scattered across the 


entire nation, and so few that the vector carrier and contact or exposure explanation 
completely fails." 


"And that one happened, right here in the U.S., not so long ago. Check it out. 


"So carefully adjust the patterns for, say, 12 major terrible diseases, to that "adjusted and 
desired shadow state level". Now add all 12 patterns into the internal structure of the 
quantum potential. Now it has 12 shadow state disease engines in it. 


"Place that one on a populace. The cellular control systems order the immune systems 
into action, and they now have to commit their finite resources to 12 different areas. This 
greatly thins the response an immune system can make to any one of those 12 disease 
patterns! In short, it "spreads" the capabilities of the immune system, which can be 
galvanized to great effort, but only can perform a small bit against each area. 


"Suppose one of those "galvanized" areas in the targeted populace's immune systems is 
anthrax. And suppose the bad guys now hit one or more of those cities with a 
professional anthrax attack. A former OTA study showed that a professional anthrax 
aerial spray attack against Washington D.C., dispensing 100 kilograms of anthrax spores 
in the spray, will account for 1 to 3 million casualties. And that's in an "unthinned" set of 
immune systems. In the "thinned" set, one can at least double or triple, and even up to 
five times, that estimate. So conservatively, now there would be from 2 to 6 million 
casualties. And even mild anthrax spray attacks in other "thinned" cities would also be 
amplified. 


"That one is being set up, or already set up, right now. There are other such 
"augmentation" setups also under way. 


"So the weapons alluded to by the SecDef in 1997 are already being employed. WW III 
has already begun, and our populace (and our scientific community) is blissfully unaware 
of it." 


http://www.cheniere.org/correspondence/021702a.htm 


Most of us can remember the strange outbreaks of the so-called "flesh eating disease." It seemed 
to break out here and there randomly with no known cause. Bearden believes this was a test of 
the newer quantum potential weapons which go even beyond the capabilities of the Tesla 
howitzers. 


"The Kaznacheyev "disease induction by novel electrodynamics" work is also the basis 
for the spacetime curvature engines (not EM signals!) carried by quantum potential EM 
biological weapons for distant induction of diseases etc. into the population of an entire 
nation or area, such as the U.S. 


"This quantum potential disease induction weapon -- capable of attacking an entire 
population of a nation or area -- has been tested several times in the U.S. at very low 
levels, in the shadow state only (we explain shortly) and it has a most peculiar signature. 
E.g., one test used necrotizing fasciitis (flesh-rotting disease) engines. 


"The disease ‘engine’ was deliberately kept down in the 'shadow state' (virtual state, just 
below the observable state) so that only a tiny bit of the populace with depressed 
thresholds would "breach the observable threshold’ due to the population forming a bell- 
shaped curve as to the threshold level. The major signature of the test was that the cases 
of the disease broke out totally statistically and randomly, spread all over, without any 
‘disease vector' in between. 


"In short, it was not spread in any manner required by normal deterministic disease 
vectoring, but was a totally random set of occurrences. Several other diseases were also 
tested this way in the American populace, with precisely the same signature." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


"Apparently one planned use of such an augmented clandestine BW weapon will be smallpox, 
e.g. As you know, the Russians did develop smallpox for biological warfare, and even developed 
a new Strain against which previous vaccination is ineffective. 


"The vast numbers of expected casualties, coupled with immune system spreading, are 
absolutely irresistible to the Russian mind. You can count on it that they have seen that 
the smallpox is already on site here, in the U.S. and in the hands of professional terrorist 
teams. Of course, the Russians/KGB will protest they have nothing to do with that! Yet 
likely the KGB will have flatly arranged it or at least assisted it. The capability for mass 
destruction of the nation is so lucrative and easy to achieve in advance, that they would 
never be able to resist doing it." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


Bearden believes the Gulf War Syndrome involved the use of scalar technology to induce a 
disease state, as he stated in a 1997 interview: 


"Tl say this flatly, and I won't answer any further questions about it; the Gulf War 
Syndrome was induced... It was induced with this stuff. All the rest... was contributing 
factors that everybody's talking about... There are some deeper signatures, if you look 
into it very deeply, that show you exactly how it was done and the fact that it was 
induced. It was a test. It was a test of a very special kind of weapon I have not talked 
about yet. Anyway you can use it to create diseases." 


Bearden http://twm.co.nz/beard_weapon.htm 


Besides using the woodpecker grid to target a population, the entire electrical grids of nations 
can be used as "channels" for disease patterns to be broadcast to all people near that grid. Your 
own house wiring can become an antenna, broadcasting these "shadow" patterns of disease, 
weakening your immune system. 


And here one faces the frustrating fact that the same power grids could be set to channel patterns 
which would keep the entire population healthy, rejuvenated, continuously bathing in the time- 
reversing old-age-defying energy of the spacetime vacuum. We have no idea yet of how long the 





human life span could be increased with this new technology. People might be able to live two 
centuries given full humane development of this technology. 


5. Psychoenergetics 


Mental entrainment, inducing hypnogogic trance, mind control, broadcasting thoughts and feelings, the Ant World, 
education via EM [LW] mental download, the "Feelies," revolution in spirituality, "enlightenment machine?" Scalar 
churches? 


Psychoenergetics is simply using the scalar interferometers to manipulate and engineer the 
human psyche. To me it is the most mind-boggling and frightening aspect of longitudinal wave 
engineering. 


The mind is electromagnetic in nature, and itself of the time-domain. It is not observable in 3- 
space. There is no thing you can point to that is the mind. As Bearden says, "The mind is time - 
like." 


The longitudinal scalar EM waves are also of the time-domain. By overlaying certain infolded 
patterns (oscillations in time) on the longitudinal waves, a thought or feeling may be made to 
arise in a person or persons who are in the interference zone (where the wave beams cross). 


The person will not notice anything, feeling that this thought or idea is his or her own idea. The 
longitudinal wave pattern might be a wave of panic or fear that spontaneously sweeps over you, 
perhaps inexplicably. It could even be in the form of a sudden intense patriotism. It could be 
explicit words and phrases, which everyone would think they had thought of by themselves. Or it 
could be rage and hatred, angry and violent. On the other hand It could also be a continuous 
sense of docility and placidity. This is the brave new world of psychoenergetics and the coming 
"Mind Wars." 


Scalar Psychoenergetics in its most primitive form simply "entrains" all minds in the target area 
into a deep hypnogogic trance. In this state of mind people would be suddenly extremely 
suggestible, and would likely believe anything they are told, and would obey any orders given. 
Talk about winning the hearts and minds of the American People! 


Tom Bearden makes me think of Paul Revere , who heroically conveyed important warnings for 
the sake of the new nation. But the words of the famous phrase have now strangely and curiously 
mutated into the once-inconceivable: "One if by land, Two if by mind." 


Indeed one strategy in a Mind War would be to simply take over the minds of the "leaders" of the 
enemy nation. The targeted leader would not be aware that anything was amiss, although he 
might begin to make unexpected changes in policy. 


And are, in fact, any of our "leaders" already having secret thoughts that are not their own? Who 
knows? Frighteningly, we can no longer be sure. The new sciences of scalar electromagnetics 


and psychoenergetics are even now plunging humanity into a sudden science-fiction like world 
beyond anything in humanity's previous imaginings. 


"The Russians reached the point in the mid 1990s that they could take over control of a 
person's mind, with modified longitudinal EM waves including some time-polarized EM 
waves, and with a team of specialists (estimate 25-30 per transmitter, and one transmitter 
and team per controlled person)." Bearden http://www.cheniere.org/misc/time.htm 


In a slide Bearden illustrates how a Scalar War would involve a psychoenergetics attack on the 
operators of the enemy scalar installation, entraining their minds into hypnogogic trance and 
getting them to shut down their systems. 


And ultimately psychoenergetic warfare goes to the very heart of human identity itself. For if my 
thoughts might no longer be "mine," then who and what am I? Can my very sense of being "me" 
be hijacked by some nefarious psychoenergetic scheme? Will the "secret government" eventually 
dictate directly into your mind how you feel about yourself? Or what you think you are? Or what 
you should do? 


How Does Longitudinal EM Mind Control Work? 


The physics of scalar psychoenergetics as expounded by Col. Bearden seems even more arcane 
and over-my-head than that of extracting energy from the vacuum. I can't understand it, but I 
look through it anyway. Each time another tiny understanding might occur, or a term might fall 
into place. I know the mathematics is forever beyond me. 


One paper to begin with is “Mind Control and EM Wave Polarization Transductions” This is 
such serious stuff that Bearden includes a strong warning about misuse of this knowledge. 
Psychoenergetics weapons can mentally maim and physically kill. 


Warning! 


(From "Mind Control and EM Wave Polarization Transductions") 


"This article refers to experimental research techniques which can be detrimental or lethal 
in the hands of any but highly skilled, qualified experimental scientists proceeding under 
proper laboratory safety procedures. The purpose of this article is strictly for information 
to properly qualified and authorized scientists in certified laboratories. We do not propose 
or condone any use of these procedures for nonapproved practice of medicine without a 
license. Neither the publisher nor the author are responsible for accidents or outcomes in 
the use of these experimental procedures and techniques. Any researcher who performs 
these procedures and experiments is acting on his or her own volition, and is solely 
responsible for insuring safety, qualifications, and legality of the acts and their results. 

We neither suggest nor condone unauthorized experimentation on human subjects. Such 
is a criminal violation of the constitutional rights of the subject under Federal and State 
laws, and is both illegal and immoral." 


Bearden http://www.cheniere.org/explore%20articles/mind%20controll/p01.htm 


After the serious warning comes the description of the paper. This is heady stuff for the layman. 


"Calling full attention to the special note above, in this paper we present a high-level 
overview of the novel electromagnetic nature of mind operations, mind and body 
coupling, and intent - the induction of physical 3-space EM energy changes into the brain 
and nervous system, and into every cell of the body, from the mind's time-like coherent 
operations. We summarize the time-polarized electrodynamics used to engineer and 
affect mind operations and the mind-body coupling loop. Transaction mechanisms 
whereby differing EM wave polarization’s can be transformed one-into-the-other are 
presented." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control1/p01.htm 


I will leave it to the technically astute to try to understand the mechanisms of operation which 
are described in scientific language. But there are tidbits for the layman. Here he speaks of the 
difficulty Western scientists have in opening up to the "immaterial" (longitudinal wave) nature of 
the human mind. 


Western Science Remains Largely Materialistic 


"Tronically, most Western scientists are materialists and consider "mind" as a mystical 
and nonscientific concept. They tend to consider mind operations and functions either to 
be simply "meat computer" operations and functions, or at best to be very weak ordinary 
transverse- wave EM operations and functions in the brain and nervous system. This 
serious self- limitation exists because in the body we measure only weak TW [transverse 
wave] EM operations and functions correlated to biological behavior and brain 
operations. We simply do not know how to measure "mind operations" directly. 


"With no mind measurements possible and no instruments, it is understandable that 
Western science considers only the physical side of the mind-matter interface. 


"Presently our scientists do not measure the longitudinally- polarized EM wave operations 
and functions in the body and around it in nature. Few of them are aware that a 
maelstrom of such LW [longitudinal wave] functions exist in the body and in all of nature 
in general." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control1/p05.htm 


Western methods of influencing the mind with EM waves have only used transverse waves, not 
the longitudinal waves of the vacuum. If only transverse waves are used one pretty well has to hit 
the target mind with a sledgehammer of waves. 


Western Science knows only transverse EM waves 
Brute Forcing Time Functions versus Fine Control Methods 


"Tronically, Western mind control researchers using transverse EM waves for mind 
control research, are using a brute force method of evoking and using vacuum engines 


(spacetime curvature engines) and a special form of general relativity, although they do 
not appear to realize it. 


"While KGB scientists also use TW EM "brute force" TW waves when necessary, they 
do "imprint" or "activate" those waves with the desired internal LW and time- polarized 
EM wave and photon structures required to directly perform the mind engineering 
desired... Bearden 


"These "fitted brute-force models" certainly can be very powerful, and certainly can 
produce the exact results shown in the experimental verifications of the fittings. 
However, they do not of themselves allow sophisticated design for example of the 
necessary time-polarized wave assemblies for engineering the entire human collective 
unconscious simultaneously, or for engineering the entire collective unconscious of all 
species on Earth (i.e., Gail’s collective unconscious), or even for precisely engineering 
the memory and knowledge base of an individual. 


Bearden http://www.cheniere.org/explore%20articles/mind%20control1/p09.htm 


The seemingly magical operations of psychoenergetics, sometimes called "psychotronics," 
cannot be achieved with ordinary transverse EM wave energy. But they are possible with 
longitudinal scalar waves because the mind itself is scalar in nature. 


"We note that all mind operations are time-like, i.e., they are comprised as scalar EM 
photon functions and scalar EM wave functions. Thus the mind is a very special kind of 
electromagnetic system, existing in the time domain..." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control1/p08.htm 


The engineering of the mind can only be accomplished with the waves of time. 


The course of psychoenergetics development necessitates the building of a vast database of 
settings and patterns which bring about given mental and/or emotional states. A kind of "gnome" 
of the psyche. Bearden describes the process of the decoding of this "gnome." 


"Now the scientists would perform many phenomenology experiments, making one little 
change at a time and profusely recording the data. Each time, they would establish the 
physical change(s) that occur in the body and/or the mental and emotional changes that 
occur in the mind for each spectral reinsertion back through the "ship's portholes". They 
would simply but painstakingly (over some years) build up an extensive database of those 
individual correlates. 


"In these experiments, the experimenters will eventually be able to provoke any body or 
mind change they wish. Strong emotion. Intense pain. Intense pleasure. Painful thoughts. 
Images. Memories. Perceptions. Dreams. Visions. Memory losses. Memory changes. 
Personality changes. Etc. The "delta" in the emission spectrum (the changes from zero 
reference spectrum) represent the precise totality of all mental, physical, organic, 
chemical, etc. changes and interactions." 
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Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p01.htm 


"A second stage in the research would be to test the correlates and porthole insertions 
upon a statistically significant cross section of ordinary people, and/or specialized 
populations (such as toughened soldiers). The program would evolve a highly complex, 
very effective, ever-improving science and technology of mind and behavior control and 
engineering mechanisms, complete with finished database and developed applications 
equipment." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p02.htm 


Summing up his paper Bearden speculates on what the actual situation the science of 
psychoenergetics probably is. The intense secrecy with which this knowledge has been kept from 
the public has led to the current farce of the "government" pretending it all does not exist, and 
this secrecy may have now put us at great risk. 


"The implication is that in the West one or more highly classified, sustained, heavily 
funded developments in advanced mind control programs, probably exists and probably 
has existed for some time. Due to loose formation of rogue groups inside such programs, 
they may have dual or triple purposes, may not operate under very much legitimate 
government control at all, and may operate specifically for the purposes of the rogue 
group or groups that have gained control. 


"In a nutshell, that's what may be going on in the clandestine mind control projects in 
several Western governments. The involvement of at least some rogue groups, some 
being "cowboys" who operate well outside all laws and ethics, could also result in such 
things as assassinations, clandestine testing on individuals without their consent, etc. In 
short, it could account for what seems to be actually occurring. As also is "usual" in such 
a mess, one or more of the rogue groups eventually may become very powerful because 
their secret weapons are very powerful. They may become confident, thinking they have 
the "best in the world." They may actually believe they are ahead of the Russians..." 


"Remember that, in every large and powerful human organization, the basis for rogue 
groups is power and secrecy. They are always seeking to increase their power, control, 
influence, prestige, etc. Nothing else. Patriotism and mission are—to rogue groups— 
often just idle words. They have their own agendas. And being rogue groups, they may 
well bring in unethical, immoral tricks: assassination, bribery, entrapment, 
disinformation, plausible deniability, etc. A certain percentage of a highly secret rogue 
group will wind up using all these things and more. It's a human characteristic, the old 
primate dominance game. Only now disguised and hidden under deep classification." 


"The Russians, with their additional knowledge of the actual mechanisms in the 
transforms, will be much more advanced than the West, because their fundamental 
psychoenergetics science is far more advanced, so long as we continue to use the old U() 
electrodynamics. Further, the Russians have decades of use of longitudinal interferometry 
beams to reach right through the earth and ocean and produce stringent EM effects at a 
distance. So they will also be able to do the same things here in "mind control" with LW 
[longitudinal wave] interferometers, through intervening mass." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p05.htm 


Bearden cites two examples where he believes the Russian KGB tested the psychoenergetics 
capabilities of their scalar interferometers. One was the case of Captain Button in his A-10 
"Warthog" aircraft on April 2, 1997. 


"Over Arizona, Captain Button was thrown into a hypnogogic state, and his perceptions 
instantly altered and controlled. In his instant "dream-waking" state, everything seemed 
perfectly normal. His sense of direction was altered a bit more than 90 degrees, so he 
simply corrected and turned and "flew toward the range”, actually flying off course by 
more than 90 degrees and ignoring radio contacts. He flew right on out of Arizona." 


"At one point he circled, probably thinking he was over the range, and he probably 
dropped his ordnance there. Then he "flew on back toward home," as he thought in his 
waking dream state, until his fuel ran out and he crashed and died in the explosion— 
dream- thinking until he died that everything was normal. All the while, his sense of the 
passage of time was altered. To him, in his dream-thinking, dream-acting state, 
everything was normal and nothing untoward had happened. So the distant KGB 
transmitters and associated psychoenergetics team controlled him for over an 

hour. "Indeed, that was the exact purpose of the test: demonstrate control (at a great 
distance) of a skilled person performing highly skilled tasks." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p06.htm 


The paper “Mind Control and EM Wave Polarization Transductions” ends with the most chilling 
and frightening possibility of all: the psychoenergetic engineering of the human species as a 
whole. 


The Ant World 


The Final Race for Direct Mind Control of the Entire Human Species 


"The KGB psychoenergetics weapons scientists—because of their direct measurements 
and detections (and use) of t-polarized waves and LWs [longitudinal waves] for 
decades—also understand that Jung's collective unconscious mind (of the entire human 
species) also has its own time-like operations and correlates, which one measures also 
when using t-polarization measurements and sorting it all out. The collective unconscious 
mind operations are buried several levels deeper inside the recursive Whittaker 
structuring inside the EM fields, waves, and potentials. "The KGB scientists also know 
that something very like Gaia — a collective unconscious mind for all species on earth — 
also exists, and they are striving to be able to sort out and measure that one as well. The 
Gaia operations are buried even deeper in the recursive structuring inside the EM fields, 
waves, and potentials.""Actually, from day one, the Russian mind control scientists have 
had their eventual goal set upon this "deeper area of mind and possible mind control" of 
the entire human species. 


"Tam convinced that the KGB psychoenergetics scientists understand this deeper area. If 
they can learn to directly engineer the collective human species unconscious, they can 


then convert the human species easily into a sort of "ant" society, modeled along ideal 
Communism lines, except of course with an excluded "hierarchy at the top” running 
everything. The "ant society" — communist style — is still a variation of feudalism (all 
systems tend to feudalism or some form thereof). "The KGB psychoenergetics weapon 
scientists are seriously pressing on toward that very goal. In my opinion they are not very 
far from it right now... 


"Some versions of Russian mind control devices were used on Russian soldiers in the 
Afghan War to condition them for performance of merciless acts." 13 


Bearden http://www.cheniere.org/explore%20articles/mind %20control3/p07.htm 


More about "The Ant World" 


Whether it is the Russians planning an "ant world" society or rogue U.S. black-ops groups 
withholding a great boon from human race, the secrecy on all sides around has allowed largely 
criminal elements to take over this technology while leaving the civilized elements in the dark. 
Openness and the spreading of this knowledge among good and decent people is essential, and 
for that we will have to overcome our frightened denial. 


"Meanwhile, rogue groups amongst Western clandestine mind control researchers will 
probably arise if they have not already done so. They will likely seek to increase their 
personal control and further isolate the programs from orthodox government review and 
from government and legislative control. They may even divert the research into highly 
illegal and unethical means, because it furthers their own rogue agendas. That is how 
clandestine U.S. government research can sometimes go sour, unless great care is 
exercised by the oversight committees in the House and the Senate. 


"Sometimes when rogue groups do gain control and total secrecy of a given new 
technological area, then what appears to be "U.S. government operations" do start to 
encompass a criminal and unethical operations, hidden usually beneath the deep veil of 
high classification. Also, if it's "scientific," no one is ever brought to justice, even if the 
"evil science actions" are uncovered and publicly revealed." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p08 .htm 


Like the huge energy of the Tesla howitzers, the ability to engineer the mind with longitudinal 
waveforms is a seeming "magical" thing which can be used for good or ill. Bearden envisions 
that further developments will allow something like the "downloading" of knowledge via scalar 
interferometry. Everyone could be highly educated, and quickly and easily. 


In the conclusion of the paper "Mind Control and EM Wave Polarization Transductions" 
Bearden makes a plea to the nations of the world regarding the use of psychoenergetic 
engineering. 


"Let us hope this great new area, already off to a bad start, can be bridled and steered in 
the direction helping and healing people, rather than killing or abusing them. The 
excesses in its bad use are a potent threat to all nations on earth. 


"Yet it can revolutionize medical science, education, communication, and psychology. 

We foresee the day -- perhaps 30 years hence -- when education will be accomplished by 
directly loading the software into the mind. Then in three weeks one will "load" a 
doctorate, say, in physics. In three more weeks on will also load a doctorate in chemistry. 
Another three weeks, in electrical engineering. Another three weeks, an MD And so on. 
When that happens then truly everyone on earth can be educated. Freedom from 
ignorance may well be another great freedom that is legally recognized. There will be no 
impoverished large groups lacking the education to find decent, productive jobs. 


"We urge all nations to use the principles involved: not for human abuse, but for healing, 
educating, uplifting, and life-expanding of every person on earth. If we do, we shall all 
have a far brighter future. Then we shall check what has started out to be the Sword of 
Damocles and turn it into the golden Millennium." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p08 .htm 


(Perhaps after so many frightening topics a slight break is in order here to consider the lighter 
side of psychoenergetics. For example, what will be the ultimate impact on the entertainment 
industry?) 


The Feelies at Last! 


Psychoenergetics will be able to bring about at last, for better or for worse, Aldous 
Huxley's fanciful idea in his novel "Brave New World," an entertainment format which 

he called "The Feelies." Those were something you went to, like going to the movies, but 
you would experience all the actual feelings themselves, as if the depicted events were 
actually happening to you. Although our "leaders" seem too dim to grasp what is going 
on in the world of scalar electromagnetics, it should not take some young Hollywood 
genius too long to understand that The Feelies are now possible, and that the immense 
megabucks of potential profit more than justify heavy investment in bringing it to 

market. 


One can imagine that first "Feelie" theater, 'The Huxley" perhaps, a large comfortable 
area surrounded by nine giant screens (not just one screen!), which become 3D if you put 
on your headset. And The Huxley is fitted with the finest sound, and oh, by the way, a 
modest sized scalar interferometer with computer. And there are one or more new tracks 
now recorded on the film next to the sound track. These are the digital patterns of 
thoughts, feelings, and ideas to be fed into the theater's interferometer. And these 
thoughts and feelings and ideas will be felt by the audience as if they were their own 
thoughts and ideas. It is an entirely new art form. Psychevision. 


As important (and no doubt famous) as the actors would be the "feelers," those from 
whose minds the feelings were lifted in the original programming of the Feelie tracks. 
Because, for example, Brad Pitt might be a good and handsome actor, but can he really 
feel it? Like the dubbing of foreign language films, it might be necessary to dub the 
"emotional track" using a deeper and more profound person's feelings, thoughts and 
ideas. 


It might even be engineered so that if you sat on one side of the theater you would feel 
like the hero, and on the other side you would feel exactly like the bad guy! What would 
that lead to? 


We have all cried at a movie some time, most people have, though they might not want to 
admit it. But this would be deep sobbing and a flood of tears, if the director so desired it. 
You would feel it at your core. Or, take a big chase scene, you would be terrified. They 
are breathing down your neck! You would be gripped by panic. 


For that matter, the whole genre of Horror-Feelie would be too much for many people to 
take. Do I really want to feel that an actual vampire is tearing at my throat with his 
fangs? 


A Religious Feelie would make you feel the exaltation of a saint at his prayers, or give 

you the definite feeling that you are Christ suffering on the cross. All the pain could be 
there too. The stickiness of the blood. The very feeling itself: "Why hast thou forsaken 
me?" Who among us could come up that despair for scanning? Had this been developed a 
bit earlier we might watch a documentary of, say, Mother Theresa, containing her own 
actual deep sense of compassion, which we would feel arising in us as our own. 


Then again, a Psychedelic Feelie could induce an LSD-like state and simply blow the 
audience's minds. 


Even in its simplest most primitive mode, the hypnogogic trance induction with its 
increased suggestibility, would completely alter the experience of even ordinary current 
movie going. 





6. As it Stands - 2002 


"Anyway, it's presently a "Mexican stand-off" with the various parties maneuvering with 
check and countercheck. That is the real "balance of terror" that is held by such a fragile 
balance." 


"You can see the implications if such weapons fall into the hands of the radical terrorists. 
Ordinary positive energy EMP shooters can be made fairly readily and cheaply from 
nearly just Radio Shack parts or surplus parts. It just takes some know-how... When and 
if the Yakuza [Japanese mafia] gets those (and they will, it's just a question of time), you 
can begin to appreciate some of the turns this present terrorism and our war on it will 
take." 


Bearden http://www.cheniere.org/correspondence/021702a.htm 


The very thought of the building of one of these howitzers by "some lone-nut gunman" from 
Radio Shack parts makes one realize how serious it is for humanity to face the crisis it has come 
to. 


Once again, as at the dawn of the nuclear era, humanity finds itself at the crossroads of Heaven 
and Hell. As a species, we must stop and consider. And there is at least one real difference 
between this visit to the crossroads and the last: this time there is a very real possibility of a true 
"earthly heaven" on the Heaven side. 


The poor nations could come to a good life. Disease could be largely eliminated. Fossil fuel 
pollution could end. Global warming could be solved, and the weather could be managed in a 
humane way, bringing water where there is drought, and sunny skies where there is flood. Scalar 
interferometry would be there to avert any possible hits by asteroids or comets. Mars could be 
colonized and terraformed. Everyone would be highly educated through psychoenergetic 
downloading of knowledge. And the wisdom of the wise could be realized directly through 
scalar connection to their minds and hearts. 


These stunning sudden possibilities give me pause to think: if our species has reached this 
crossroads in such a short span of centuries, then surely other species in this vast universe have 
passed this way before and long ago. And of those who chose the path to "planetary heaven," 
what is their life like now? It might be good if some of them were with us now, to guide us 
through this last struggle over this pesky old good-and-evil problem. It is our last chance to 
choose the path which benefits the whole species, and not just some elite group or faction. 


The Disclosure Project 


One person working tirelessly to bring to bring these technologies into the open is Dr. Stephen 
Greer of the Disclosure Project, which is calling for congressional hearings into the issues of 
UFOs and the free energy technology that was, perhaps in part, reverse-engineered from them. 


"Once abundant and nearly free energy is available in impoverished areas for agriculture, 
transportation, construction, manufacturing and electrification, there is no limit to what 
humanity can achieve. It is ridiculous — obscene even — that mind-boggling poverty 
and famine exists in the world while we sit on classified technologies that could 
completely reverse this situation. "So why not release these technologies? Because the 
social, economic and geo-political order of the world would be greatly altered. Every 
deep insider with whom I have met has emphasized that this would be the greatest change 
in known human history. The matter is so highly classified not because it is so silly, but 
because its implications are so profound and far reaching. By nature, those who control 
such projects do not like change. And here we are talking about the biggest economic, 
technological, social and geo-political change in known human history. Hence, the status 
quo is maintained, even as our civilization hurtles towards oblivion... 


"With the types of weapons currently in the covert arsenal — weapons more fearsome 
even than thermonuclear devices — there is no possibility of a survivable conflict. Yet in 
the darkness of secrecy, actions have been taken on behalf of every human that may 


endanger our future. Only a full, honest disclosure will correct this situation. It is not 
possible for me to convey in words the urgency of this." 


Dr. Stephen Greer http://www.disclosureproject.org/ES -DisclosureImplications-2.htm 


Greer and his team have assembled hundreds of witnesses, many of whom are military or ex- 
military, who are ready to testify to congressional hearings what they know about the covert 
black projects which have kept free-energy and antigravity propulsion technology secret from the 
people. 


Greer points out the need to regulate these technologies so they are limited to peaceful uses, but 
this is of course difficult when the government simply chooses to pretend they do not exist. In 

the meantime, as the President and the Defense Department continue the charade of war-as- 
usual, those scalar (longitudinal wave) installations which DO exist continue to fall into ever 

more sinister hands. And there is no reporter in the press brave enough to ask, "Mr. Secretary of 
Defense, what steps are you taking to defend our MINDS from attack by the big Russian 
longitudinal interferometers?" 


Longitudinal Interferometers are Proliferating 


In a later statement Bearden reveals that in fact the Yakuza [Japanese mafia] has already leased 
some of the interferometers with a nearly $1 billion "down payment:" 


"After the collapse of the Soviet Union's economy, lots of things got available for lease or 
purchase that would never have been under the old system. That happened in the 
resulting economic chaos. The Russian Mafia rose to prominence, as did some wheeling 
and dealing entrepreneurs who played both ends against the middle. 


"In that atmosphere, and in the need for money, the KGB allowed leasing of the earlier 
longitudinal EM wave interferometers to a consortium of the Yakuza and Aum 
Shinrikyo. They did this only after they had tested and deployed their great new quantum 
potential weapons. That class of weapon is the dominant weapon on earth. Five nations 
now have it: Brazil, Russia (KGB), China, and two nations friendly to the U.S. The deal 
to lease many of the earlier LWIs [longitudinal wave interferometers] to the Japanese 
Yakuza and Aum Shinrikyo was consummated at the end of 1989, with a down payment 
of $900 million in gold bullion as "up front" money. I don't know what the lease per year 
was and is, but probably something like a billion dollars a year. So the rogue Japanese 
acquired longitudinal EM weapons and that technical know-how. In fact, the Yakuza is 
producing certain kinds of those in its own facilities in Japan now." 


Bearden http://www.cheniere.org/correspondence/030202a.htm 


Personally, I am a little uncomfortable with the knowledge that the Japanese mafia may now be 
able to insert things into my mind. I'd like to sleep at night knowing that my dreams are my own, 
such as they may be, and not some weird fantastic visions cooked up by a criminal organization. 
This is a world emergency. 


And in Bearden's analysis, it all comes back to the issue of energy. It is the energy crisis which is 
now provoking the current "oil wars," since oil production has hit the "Hubbert Peak" and will 
decline. And the electrical power grids must be replaced with scalar power as fast as possible, for 
these grids are now totally vulnerable to any possessor of longitudinal interferometers. They can 
all be wiped out in minutes. By anyone who possesses or controls a Tesla howitzer. 


"Anyway, in my personal view, we should have a national Manhattan Project right now, 
to develop decentralized electrical power systems taking their energy from the vacuum . . 
. The MEG is real and so are several other systems invented by private inventors and 
colleagues. All these efforts should be massively funded and massively and quickly 
developed. The survival of this nation is going to depend upon it. . . . There are many 
other facets, but the major point is that our scientific apparatus and the public are still 
unaware of what a desperate struggle we have entered, since it was thrust upon us. 9-11 
was a wake-up call. It was certainly bad enough, and one grieves for those lost American 
lives. But I fear the worst is yet to come, and it is coming at us like a runaway train 
hurtling right down the track at us." 


Bearden http://www.cheniere.org/correspondence/021702a.htm 


"The electromagnetic weapons mentioned by the Secretary of Defense in April 1997 are 
in terrorist hands also, including the Yakuza and Aum Shinrikyo. That rogue group 
leased those earlier weapons on site in Russia, from the KGB, at the end of 1989. The 
SecDef stated that such weapons were being used to initiate earthquakes, initiate 
volcanoes into eruption, and control and engineer the weather. Quite true. And presently 
there is a truly massive set of weather engineering operations going on over North 
America, from that rogue Japanese group manning the weapons in Russia. Some 10 
nations of the world now have the type of longitudinal EM wave interferometer weapons 
(which are what the SecDef was most probably referring to). There are other even more 
fearsome weapons, possessed by five nations. So a great deal of the state of the world is 
not covered in the news at all, and will not be... 


"We have been in an undeclared war of an eerie kind for some decades. That war seems 
now to have started to heat up also. The destructive capability of some of these weapons 
is awesome, and far greater than nuclear." 


Bearden http://www.cheniere.org/correspondence/021702a.htm 


"In that sense, the first phase of WW III is already completed. Now we are only waiting 
for Phase II. 


"It is against that backdrop that I think one must "analyze" such things as how fast we 
will be replacing the power grid (it's going to go anyway, and catastrophically, the 
terrorists will see to that). And everything we have is critically dependent upon energy, 
from the economy to jobs to mobility, to the millions of trucks that transport our goods 
every day, etc. 


"As far as I am concerned, we are already late in declaring a great national emergency in 
energy, because of the coming destruction of the present energy infrastructure. The 


scientific community should lead, follow, or get out of the way. The emergency is not in 
seeking "alternative but conventional" systems. It is in developing "energy from the 
vacuum" on an emergency, crash basis. 


"Unfortunately, everywhere I look I just see business as usual. Most Americans (and 
news media) seem to think, hey, Afghanistan is finished except for a bit of cleanup, and 
it's just about over). 


"Tt isn't. It has only just begun." 
Bearden http://www.cheniere.org/correspondence/021702a.htm 


Beyond the Howitzers: Quantum Potential Weapons 
Do not use EM propagation through space 


As more and more nations acquire the scalar interferometers, Bearden speculates on the next 
generation of longitudinal weapons called "quantum potential" [QP] weapons. 


"The quantum potential weapons are presently only held by three nations: Russia (in the 
hands of the KGB, which is now know by its new name), Brazil, and the "friendly little 
nation." Red China may be working on them, but is just at the beginning... 


"The QP weapons have been highly reserved by the Russians. However, the complete 
extent of their capabilities is still being figured out... 


"The quantum potential weaponry (possessed by only three nations) is supreme, because 
it uses multiply connected spacetime, and DOES NOT involve propagation of EM energy 
through space as does the longitudinal EM wave interferometers. 


Bearden http://www.cheniere.org/misc/qp.htm 


"The operational deployment of full-scale strategic QP weapons on site in Russia 
occurred at the end of 1989, which is when the formal weapons first went operational. 
These weapons are not in the inventory of the regular Russian armed forces, but all 
research and development, manufacturing, deployment, an manning and employment is 
under the ruthless control of the KGB. Shortly thereafter (within weeks), the KGB leased 
many of their earlier longitudinal EM wave interferometer (LWI) weapons to a rogue 
Japanese group comprised of the Aum Shinrikyo and Yakuza." 


Bearden http://www.cheniere.org/corres pondence/021401.htm 


In another paper, "Time Polarization - Significance and Weaponization," Bearden tells the story 
of how a KGB longitudinal wave attack was averted by the longitudinal weapons of a "friendly 
small nation." 


So as it stands, it is precarious. Not until the people demand an end of what author Jim Marrs has 
dubbed the "Rule by Secrecy," can the people's representatives tackle the big problems of a 
worldwide ban on Scalar Wars and the shifting over to an essentially oil-free economy. 


Latest Update from Tom Bearden - March 2002 


The whole situation is changing so fast that when I asked Tom to look over this article he 
mentioned the seeming contradiction when some of the above statements are taken together. At 
different times the information he has is updated so one has to keep a kind of running track. He 
was kind enough to clear up the confusion here with the situation as it stands as of March, 2002. 


"We knew of three nations having the QP weapons for some time. Then we found out last 
year that five nations had it. So that explains my using the figure "three" first (which 
represented what I knew at the time). Later I found out about the other two nations. 
China, e.g., only deployed its QP weapon this past year. So that explains the apparent 
contradiction between me using "five" in later papers and "three" in earlier ones. It was 

the best information I had at that time. Might mention that so the reader will understand 
the apparent discrepancy." Tom Bearden 


Emptiness is Full of Energy 


"The Tao is an empty vessel; 
it is used, but never filled. 
Oh, unfathomable source 

of ten thousand things! 


"Oh, hidden deep but ever present! 
I do not know from whence it comes. 
It is the forefather of the gods." 


Lao Tzu -Tao te Ching 


Afterward 


Because of the extreme seriousness of the topics brought forward in this article, I asked Tom 
Bearden to look it over to make sure I had not gotten anything too terribly wrong or mixed up. I 
did not want to pass on any misunderstanding of my own. I felt a little nervous writing to an 
eminent scientist, and hoped I had not presumed upon his time. 


But Tom was so kind as to answer immediately, and to my relief I had not gotten anything too 
terribly wrong. Here is his letter, in which he clears up a misunderstanding, and reports on his 
current health treatment, and gives a call to the young grad students to turn themselves loose in 
the whole new field of scalar electromagnetics and free energy. 


Subject: RE: Article on Tom Bearden and "Scalar Wars" 
Date: Fri, 22 Mar 2002 22:54:01 -0600 


Bill, 





Well, I must say I'm astounded at your persistence and hard work in congealing all that together. 
My compliments on a hard job quite well done. 


Couple tiny things: In the area mentioning Kervran and Kaznacheyev: Kervran was French; 
Kaznacheyev was and is Russian. Little typo of "spredding" the immune system. Should be 
"spreading". 


We knew of three nations having the QP weapons for some time. Then we found out last year 
that five nations had it. So that explains my using the figure "three" first (which represented what 
I knew at the time). Later I found out about the other two nations. China, e.g., only deployed its 
QP weapon this past year. So that explains the apparent contradiction between me using "five" in 
later papers and "three" in earlier ones. It was the best information I had at that time. Might 
mention that so the reader will understand the apparent discrepancy. 


Otherwise, it's pretty accurate. 


Just now I'm letting the weapons take care of themselves; have to, as I will be recovering now for 
nearly a year from now after the heart attack last year and discovering that I had contracted 
mycoplasia (the BW modified kind) in Canada in 1968. Finally got a test which confirmed the 
chronic mycoplasia (which I had for 33 years!). The stuff burrows inside one's red corpuscles, 
then draws nutrients from the hemoglobin, hardening it and reducing its ability to take on oxygen 
(by as much as 50% or more). The resulting symptom is loss of endurance (which I had for that 
33 years) -- the so-called "chronic fatigue syndrome". 


Many of the Gulf War Veterans who are sick also have it, though they apparently have other 
complicating factors as well. A very high percentage of persons with chronic fatigue syndrome 
also have mycoplasia. The treatment for the long-standing mycoplasma infection of that nature is 
to stay on antibiotics for a year. The only time the mycoplasma is vulnerable is when one wears 
out a red cell in normal usage, and the body makes a new red cell to replace it. The mycoplasma 
comes out of the dying cell to infect the new replacement cell, so it is exposed and vulnerable at 
that specific time and that time only. The antibiotics kills it at that time. Hence the necessity to 

stay on antibiotics for such a long time so it is continuously in your bloodstream (I've already 

been on antibiotics for over two months, and have at least 10 more months to go). We also take a 
little medical oxygen every day. 


Another symptom of the mycoplasma infection is the association of runaway fibrillation of the 
heart. To stop that, there are pills one takes, and they stop it. But they also further reduce the 
volume of blood pumped by the heart, so that this projects one right back into the hypoxia, dizzy, 
loss of balance, etc. Catch 22 situation; the fibrillation will build and cause heart attack, stroke, 
etc. if not stopped, and if stopped it puts you back in the hypoxia which can cause many things! 
With the conventional treatment, you're damned if you do and damned if you don't. Hence the 
need for a little extra medical oxygen, so you can take the "heart clamp" pill and stop the 
fibrillation, but also augment the oxygen enough to continue to survive without a stroke or some 
such. Interestingly, it's very difficult to even obtain a mycoplasma test, and Medicare fights you 
tooth and nail over paying for the oxygen. Either they will pay for it or I'll pay for it myself; it is 
absolutely necessary. 


After a heart attack, one is treated in the heart clinic by specialists who are very caring and 
excellent practitioners, but know nothing of mycoplasma infection, so not consider it even a part 
of "heart disease", and who are rather puzzled when one has no clogging of the arteries, has the 
right count of red corpuscles (largely nonfunctional, of course, but there), pumps the right 

amount of blood, etc. So they identify and treat only the runaway fibrillation, do not prescribe 

the oxygen -- and essentially place you on a regime as best they know, but one that is guaranteed 
to kill or maim you or turn you into a totally disabled person or human vegetable via stroke, 
paralysis, etc. Fortunately my family doctor will prescribe the oxygen anyway, though I may 

have to pay for it myself. Whatever works! 


However, I'm slowly improving little by little, working as much as I'm able to and trying to 
finish my book: Energy from the Vacuum: Concepts and Principles, and get it to the publisher 
for publication later this year. Hopefully the book will turn all the interested young grad students 
and post-docs loose in the free-energy area. They will not have to spend 30 agonizing years to 
get to where I am, and where a few others are, but can simply start here and go forward. Since 
speed to develop energy from the vacuum is of the essence because of the world situation, I'm 
moving on it as fast as I am physically able to. 


Meanwhile, working with the AIAS (Alpha Foundation's Institute for Advanced Study), the 
AIAS (15 authors) has now gotten about 20 scientific papers published in leading journals 
(Foundations of Physics, Foundations of Physics Letters, Physical Scripta, Optik, etc.) dealing 
with electromagnetic energy from the vacuum. Several more are either approved for publication 
or in the review process also. So slowly we are getting it into the mainstream scientific literature. 
Hopefully it will be in time, but it's cutting it close. 


Very best wishes, 
Tom Bearden 


Late update 


Massive display of longitudinal interferometers? 


UFO Fleet Taped Over Bedhampton, England 


Is this sighting a case of the testing of all the Russian (KGB) longitudinal interferometers at 
once? And coordinating their targeting through the woodpecker grid to a common place, as an 
exercise in making a massive scalar attack upon a given region? Was this a confluence of 
Russian Tesla howitzer marker-beacons? 


Bedhamptor@engiand - March 22 Video Frames by: Bnthony Vo 





Certainly for a massive all-out scalar attack you would want coordinated movements of the target 
areas of many howitzers at once, for you could then just cut a bloody swath across a wide area, 
all the howitzer blasts marching across the land in a kind of scalar version of the "scorched-earth 
policy." All in a line, blasting, and heat, and mind waves. Or you might want to put the blasts all 
in the same place for a truly horrendous destruction. And on top of that biowar on citizens whose 
immune systems have been weakened with the quantum potential weapons. This is the latest 
version of Armageddon. 


And should any madmen gain control of these weapons, any rogue group at all, and should they 
have some agenda to radically depopulate the world, to simply kill by the billion, the means will 
be in their hands to do so. 


Update: MEG patent granted 
Motionless Electromagnetic Generator Patent Granted 


This message is from Jean-Louis Naudin, the French scientist who successfully replicated the 
Motionless Electromagnetic Generator (MEG) in France. He announces the granting of the 
patent to the MEG Builder's group at Yahoo. 


From: jnaudin509@ aol.com 


To: jlnlabs @yahoogroups.com 
Sent: Tuesday, March 26, 2002 2:20 PM 


Subject: [jlnlabs] (Info) GOOD NEWS : The Tom Bearden's MEG IS PATENTED 


Dear ALL, 


GOOD NEWS !!!! 


The Motionless Electromagnetic Generator from Tom Bearden is now PATENTED US 6362718 
granted on March 26, 2002 


US Patent 6,362,718 : 
Motionless Electromagnetic Generator ( MEG ) 


Abstract: An electromagnetic generator without moving parts includes a permanent magnet and a 
magnetic core including first and second magnetic paths. A first input coil and a first output coil 
extend around portions of the first magnetic path, while a second input coil and a second output 
coil extend around portions of the second magnetic path. The input coils are alternatively pulsed 
to provide induced current pulses in the output coils. Driving electrical current through each of 
the input coils reduces a level of flux from the permanent magnet within the magnet path around 
which the input coil extends. In an alternative embodiment of an electromagnetic generator, the 
magnetic core includes annular spaced-apart plates, with posts and permanent magnets extending 
in an alternating fashion between the plates. An output coil extends around each of these posts. 
Input coils extending around portions of the plates are pulsed to cause the induction of current 
within the output coils. 


Inventors: Patrick; Stephen L. (2511 Woodview Dr. SE., Huntsville, AL 35801); Bearden; 
Thomas E. (2211 Cove Rd., Huntsville, AL 35801); Hayes; James C. (16026 Deaton Dr. SE., 
Huntsville, AL 35803); Moore; Kenneth D. (1704 Montdale Rd., Huntsville, FL 35801); Kenny; 
James L. (925 Tascosa Dr., Huntsville, AL 35802) 


Appl. No.: 656313 
Filed: September 6, 2000 


For some technical info see my web site at : http://jnaudin.free.fr/html/meg.htm 


Best Regards 

Jean-Louis Naudin 

Email: JNaudin509 @ aol.com 

Main Web site : http://jInlabs.org 

Site France : http://jInlabs.multimania.com 


Click here to view patent # 6,362,718 


Patent Story on Rense.com: 


Rense.com 
MEG Scalar Energy Device 
Patented - Production Starts Next Year 


From Bill Morgan 
wmorgan @nycap.1r.com 
3-28-2 


Patent was granted on March 26, 2002 for "The Motionless Magnetic Generator," (MEG) US 
Patent 6,362,718, which is likely to become the first commercially available free energy device 
in history in about one year from now. The machine will provide free electricity from the 
vacuum, for the life of the device, which should be a very long life since it has no moving parts. 
You can see a picture of scientist Jean-Louis Naudin's MEG replication model at: 
http://naudin.free.fr/html/meg htm. 


It has strong magnets, coils, and a controller unit with the electronics. Naudin made the 
announcement to the MEG- builder's Yahoo group. The announcement has significance since the 
patent office has always been skeptical of devices which seem to "get-something-for-nothing." 
But according to the new science of scalar electromagnetics, the MEG does not break the law of 
conservation of energy. It's just that the energy is conserved in the fourth dimension, time, and 
not our 3-space world. 


The MEG provides electrical energy by tapping the longitudinal electromagnetic (EM) waves 
which exist in almost infinite abundance in the vacuum of space. This ocean of energy which 
permeates everything is sometimes called the "zero point" energy, since it remains there even at 
absolute zero temperature. 


Four inventors are listed: Stephen L. Patrick, Thomas E. Bearden, James C. Hayes, Kenneth D. 
Moore. 


Tom Bearden has explained the operation of the MEG on his website Cheniere.org, and also 
speaks about the new fearful weapons that can and have been made using the same "longitudinal 
waves" of the vacuum. 


The complicated physics of how the MEG works is explained in the paper "The Motionless 
Electromagnetic Generator: Extracting Energy from a Permanent Magnet with Energy 
Replenishment from the Active Vacuum,” which can be found at Tom Bearden's website: 


cheniere.org.(http://www.help4all.de/energy/MEGpaper. pdf) 


The first MEG units to be produced for sale will output 2.5 kilowatts of free electricity. Forever. 
They should be in production about a year from now. Facilities for manufacturing the device are 
being set up in an unnamed "friendly nation." 


This free electricity will flow indefinitely, without much, or any maintenance. The units may be 
hooked together to provide more wattage, so four of them would provide 10 kilowatts. After 
some production experience units will be made which output 10 kilowatts each. With a couple of 
those units a house could get off the electrical grid. 


Tom Bearden, one of the inventors has said "I will admit that the chief scientist of an important 
experimental group in a large company was rather stunned at the type of output we were able to 


obtain. The MEG may look like just a transformer, but it is not. It is a completely different breed 
of cat." This cat, it would seem, is out of the bag now. 


The ordinary EM waves we are familiar with are called "transverse" waves, to distinguish them 
from the new "longitudinal" EM waves of the vacuum. Bearden has explained in depth on his 
website cheniere.org that wherever there is a dipole (battery, generator, magnet) there is an 
unseen flow of longitudinal EM waves in that local vacuum, the only problem is in tapping that 
energy and "transducing" it to electricity. Bearden says that the problem with all the electrical 
circuits we have is that they are two-wire circuits, a loop by which half the energy goes back to 
destroy the dipole. In the MEG that closed loop is never made. So the dipole is not being 
destroyed. 


Patents are not granted on devices which do not work, so in a sense this announcement proclaims 
a new era. The MEG device itself proclaims and proves that energy is abundantly available 
everywhere, for free. We only have to build the devices to tap it. MEG type devices could be put 
into a car with an electric engine to make a truly fuel-less automobile. Electricity can be 

available in very remote places. People will be able to get off our very terrorist- vulnerable power 
grids. In an era of terrorism a highly dispersed power system would be most desirable rather than 
our centralized systems. 


What is somewhat astonishing to me is the discovery by Bearden et. al. that time itself is actually 
compressed energy, and that this free energy is actually coming from the time domain, the ocean 
of longitudinal EM waves which fill the empty vacuum of spacetime. In fact, time is energy 
compressed by the same factor that matter is compressed energy: the speed-of-light squared. 
Thus there is a new companion to Einstein's E=mc2. Can you say "E equals delta-tee-cee- 
squared?" The "tee" is time and delta-tee is change in time. 


A company has been set up to manufacture the MEG called Magnetic Energy Limited. 


The ramifications of free energy are enormous. The oil wars are not necessary. If we threw as 
much money at this technology as we are spending on the oil wars we would be free of the need 
for oil in less than a decade. With fuelless cars air pollution will be greatly lessened. Third 
world nations can raise their standard of living eventually. And the energy is free. And it never 
runs out. 


I have put together a kind of "Bearden for Beginners" article which explains some of the basic 
concepts of the current state of scalar technology. 


http://www.prahlad.org/pub/bearden/scalar_wars.htm 


The granting of the MEG patent is the herald of the new era of scalar electromagnetics, and the 
free energy which flows forever and never runs out. 


Bill Morgan 
wmorgan @nycap.1r.com 


Do the magnets run down after a while? 


Further developments: Tom Bearden clears up a question 


When the MEG patent was released many questioned the patent language which seemed to imply 
that permanent magnets of the MEG would "wear out" after awhile. I myself wondered about the 
same thing so I put the question to Tom, and here is his reply. 


Dear Bill, 
Thanks for the kind words; much appreciated. 


I'm not up to going on radio or TV, and won't be for quite some time. Still suffering from 
hypoxia, though very slowly improving, and will still be on antibiotics for 10 more 
months at least (maybe longer). 


Obviously an extensive dialog developed between the Patent office and our patent 
attorneys. As best I can understand it, the Patent office accepts the fact that a permanent 
magnet produces and emits energy, or has a history of accepting it. They do not appear to 
be at all cognizant of the broken symmetry of opposite charges, and hence of a dipole. So 
in their opinion (which seems to be vague), the magnet has to use itself up very gradually, 
or some such. So some rewrites were essentially required by the Patent office. 


All I can say is that a magnet is a very durable thing, so long as you don't heat it up too 
much or shock it to much. Certainly one will make a good 20 years, and of course there 
are plenty of magnets that have been around awhile longer. 


That said, in our earliest experiments we did "measure" some such effect, or so we 
thought, until we found that a particular instrument was bad and giving erroneous 
readings. So with a new instrument, we have not observed since then any such readings. 


Out of all that fuzziness came the inclusion of "using up the magnets gradually". So far as 
we are aware (after correcting those early readings on a defective instrument), we have 
seen no such measurements or effects since then at all. Nonetheless, just in case there is 
some very small effect in that respect, at least it's in there. 


Actually, as you are aware, capacitors and solid state components are the major concerns 
for failure, and any system does require maintenance, both periodic and whenever 
malfunction or failure occurs. The MEG is no different from any other device in that 
respect, so of course it will have a component failure rate and maintenance required from 
time to time, just as any other electromagnetic device. But without moving parts, it can be 
ruggedized and made very durable indeed. 


Please give Jeff Rense my regrets, and I do admire his work and his show. He's laying it 
in there. 


The depth of the scientific mindset against COP>1.0 is inexplicable, particularly when 
physics itself already has COP>1.0 validated experiments (such as Bohren's experiment, 


which outputs 18 times as much as one inputs by Poynting calculations), and it works 
every time. Any competent university optics lab can perform the experiment. Also, even 
the conventional texts admit that a charged capacitor or electret laid on a permanent 
magnet, so that the E of the cap or electret and the H of the magnet are at nght angles, is 
a "free energy machine". That silly thing will just sit there and pour out Poynting energy 

S = EXH indefinitely. Years and years and years. If you wait just a single year, that silly 
thing has changed the energy density of a volume of space a light year in radius, reaching 
out well beyond the solar system. Now that's a WHALE of a lot of EM energy that beast 
poured out in that year, and it will still be going strong and pouring it out at a steady rate. 
The charges and dipoles in original matter in the universe have been pouring out EM 
energy in that fashion for some 14 billion years, give or take a billion or so. It's also easy 
to see that, prior to Lorentz's ARBITRARY symmetrical regauging of the Maxwell- 
Heaviside equations, those equations prescribe both EM systems in equilibrium with their 
active environment, and EM systems not in equilibrium with it. The latter systems are 
permitted by the thermodynamics of open disequilibrium systems to perform five magic 
functions: (1) self-order, (2) self-oscillate or self-rotate, (3) output more energy than the 
operator inputs (the active environment inputs the rest of it), (4) power itself and its load 
(the active environment inputs all the energy, like a windmill), and (5) exhibit 

negentropy. That is a well-established thermodynamics. Lorentz arbitrarily discarded all 
such open disequilibrium EM systems in order to get simpler equations having analytical 
solutions and not requiring numerical methods. So he simply scrapped all the really 
interesting and challenging EM systems in Maxwell's theory. ARBITRARILY! 


That our scientific establishment continues to teach only that "half" of the theory, and not 
point out the rest to the young students, and not fund research into developing such 
systems that take energy from the vacuum, is simply inexplicable. It's a matter of total 
dogma, not science at all. 


But hopefully it is changing a little bit. At least now we cite chapter and verse when these 
things were done, and what they are, and the young grad students and post docs can go 
check the papers and make up their own minds. 


That is the real hope of the future: that we get a generation of young fellows, with 
excellent skills, who now know where all the skeletons got hidden in the closet, and 
understand that the electrical engineering model arbitrarily assumes an inert vacuum 
environment (falsified for more than a half century in particle physics) and a local flat 
spacetime (falsified for nearly a century by general relativity). 


Once they know that past history, and go read into what broken symmetry of opposite 
charges means for a dipole and for all dipolar EM circuits, they will set to and change 
that more than a century of error. In that case, we shall have numerous solutions to the 
energy crisis rather quickly, popping up all over. 


Good thing. It will certainly displace some great energy barons, but it will also free the 
populace. One can extract all the EM energy from the vacuum one wishes, anywhere, 
anytime, with ridiculous ease. One can produce that "electrical wind of energy" at will, 
by making a simple dipole and then letting it alone. The only energy problem is in how to 


then intercept some of that energy flow and "catch" it in a circuit, discharge it in a load to 
power it, and not use half the "caught" energy to kill that dipole that is gushing out the 
extracted EM energy from the vacuum. 


Very best wishes, 


Tom Bearden 


END 


The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 


Foundations of Electro-Magnetism 
Slide Series 


e Major Points of Presentation 

e Chung's Carbon Filament Negative Resistor 
e Aharanov-Bohm Effect 

e Absorption and emission reactions (1) 

e Absorption and emission reactions (2) 


e Anti-engine for cell's deviation reverses 
cell back to normal 


e Asymmetric regauging produces excess 
force, which can be used to do work on the 


system 





e Asymmetric regauging produces excess 
force, which can be used to do work on the 


regauging system 





e Becker's bone fracture healing experiments 


e Becker's theoretical control system 
governing regeneration 


e Becker's theoretical DC control system 
involved with response to injury 


e Geometrical Distortion of Poynting Energy 
Flow 


e Cosmic Bootstrap: Before the Big Bang 
e Bridging Enables COP > 1 
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Aspects of Strong Local Symmetry 
Other Aspects of Strong Local Symmetry 
Bunge on the Status of Electrodynamics 


Bunge on the Status of Electrodynamics 
and Physics 


Bunge on the Status of Classical and 
Quantum Physics 


Fractions of BW Casualties Surviving 


First Step in Self-Promotion of Cancer Due 
to Hypoxia 


Differentiation and Dedifferentiation 
Timelines 


Evolution of Cells on Earth 


A Charged Particle q is a Coupled System 
of m and @ 


The Ubiquitous Assumption: Two 
Asymmetrical Regaugings for Net 
Symmetry (1) 


The Ubiquitous Assumption: Two 
Asymmetrical Regaugings for Net 
Symmetry (2) 


The Ubiquitous Assumption: Two 
Asymmetrical Regaugings for Net 
Symmetry (3) 


A Charged Particle is a Coupled System 


The Anomalies in Navy Electrolyte 
Experiments at China Lake 


Chung's Carbon Filament Negative Resistor 
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e Typical circuit has about 10-!3 energy 
collection efficiency 





e Classical View of EM 


e Curved Spacetime acts as source or sink 


e Chronic Disease Puzzling 


e Cancer Characteristics 


e Solving a Cancer Enigma 


e Cancer: Characteristics 


e Nonlinear Optics Distortion Correction 
Theorem 


e The Electronuclear Reaction: Nuclear 


Reactions in TR-Zones (1) 


e The Electronuclear Reaction: Nuclear 
Reactions in TR-Zones (2) 





e The Electronuclear Reaction: Nuclear 


Reactions in TR-Zones (3) 





e In Time-Reversed Zone: Nuclear reactions 
are biased 


e In Time-Reversed Zone: Dynamics may 
be reversed 


e Time-Reversed Zone: Significant only 
after time-density charging 


e A New Conservation of Energy Law 


e Questions on Carcinogens and EM 
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Radiation 


AS DEFINED, fields and potentials only 
exist in and on charged matter 


Serious flaws and errors in classical EM 
theory 


Electrodynamicists' Reaction to Removal 
of the Material Ether 


Reaction to Loss of Material Ether (1) 


Reaction to Loss of Material Ether (2) 


Some EM waves in Spacetime 


Air Medium Disturbances Generated 


When Air is Perturbed by a Plucked Taut 
String 


Launching a Spacetime Perturbation ("EM 
Wave') from a Wire Antenna 


Phase Conjugate Wavepairs Produce New 
Waves 


Scalar Electromagnetics (Energetics) View 
of EM (1) 


Scalar Electromagnetics (Energetics) View 
of EM (2) 
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Scalar Electromagnetics (Energetics) View 
of EM (3) 


Extended General Relativity Principle 
Extension of Work-Energy Theorem 
34 Flaws in Classical EM Theory 
MTW's General Relativity Principle 


Use of General Relativity (GR) in Particle 
Physics 


The Missing Infolded Electrodynamics 


Infolded Engines: Excluded by Present 
Physics 


Mass curves and structures spacetime; ST 
curvatures change and structure mass (1) 


Mass curves and structures spacetime; ST 
curvatures change and structure mass (2) 


At Infinite Velocity: Each Is Every Other 
Lisitsyn's Report: Brain Code Broken 
Lorentz Closed Surface Integration 


Lorentz's physically insignificant energy 
flow can be collected and utilized 


Lorentz surface integration of the Poynting 
vector around a closed surface 


Longitudinal EM Photon Interaction with 
Charge 


Mass is transparent to longitudinal EM 
waves, which move through the infolded 


interiors of internal waves, potentials, and 
fields in the mass. 
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e Pumping with Longitudinal EM waves 
Time-reverses the Mass 


e Maxwell's Quaternion Theory 


e Maxwellian Systems before and after 
Regauging 


e Maxwell's four equations reduce to: Page 1 


e Maxwell's four equations reduce to: Page 2 


e More to come 
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Electrodynamic is seriously flawed 
— Some major flaws 
— Corrections indicated 


Why past corrective attempts failed 
- Force field concept is material 
— Missing two infolded transforms (M->ST; ST->M) 


Missing Infolded general relativity inside electrodynamics 
Several Kinds of EM Waves in Space 


— Howto make 
= Transduction 


A French medical example as a deep experimental dernonstration 
— Spectacular regenerative cures funded by French Govt 
— Not comprehended, therefore suppressed 


Cold Fusion examples of tirne-clensity wave effects 
China Lake instrumental anomalies In electrolysis 
Explanation of anomalous behavior of instruments 
Explanation of new nuclear reactions 

Wave energy transduction provides excess heat 


Urge theorists to consider dramatically new reactions 
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3" Aharonov-Bohm Effect 3. 


= In field-free regions re 
— E-field is zero | aA 
— B-field is zero 

= Potentials still exist, just no gradients 
— Cause real effects 
— Interference is the key » 
— Contain sum-zeroed substructures 


= Does not follow from 
— Mechanics 
— Classical electromagnetics 


=» Required by quantum mechanics A 
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Absorption and emission reactions 
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DECAY BYPRODUCTS OBSERVABLE. 
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ELECTRON ABSORSS T ME 
DENSITY, MOVES TO DFFERENT 
c) At TIME DENSITY LEVEL DECAYS BY 
} : EMITTING LONGITUDINAL OR 
“ex, P SEUDOLONGITUDINAL 
PHOTON 


Ke 


AE remains — 
coupled 


fs 
© TE.BEARDEN 198 


PARTICLE ABSORBS TIME, 
MOVES TO HIGHER 

TME DENSITY. DECAYS BY 
EMITTING TIME-LIKE PARTICLE, 


NONOBSERVABLE BY PRESENT 
MEANS. 


ENTIRE NUCLEUS ABSOREBS TIME, 
EACH PARTICLE ABSORBS OWN. 
DECAY OCCURS BY COMPLEX MODES, 
INCLUDING FISSION OR FUSION. 

SOME DECAY BYPRODUCTS ARE 
NONOBSERVAGBLE (SPACE ABSORBS) 
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Absorption and emission reactions 





TRANSVERSE PHOTON 
ELECTRON ABSORBS PHOTON 
ENERGY, MOVES TO HIGHER 
ENERGY LEVEL. DECAYS ELECTRON ABSORBS TIME 
BY EMITTING PHOTON, DENSITY, MOVES TO 1/ DIFFERENT 
REMOVING At “@ At. TIME DENSITY LEVEL, DECAYS BY 
Me EMITTING LONGITUDINAL OR 
/ We ™M PSEUDOLONGITUDINAL 
Atcoupled PHOTONS 


aie 


At increases 
\-statically ~ 





lowly 
d aoe —> 
PAs 
Figure A. Excited energy density level Figure B. Excited time density level 
oo in cneias ny significant only after enormous 
@ TE BEARDEN 1968 number of increases. 
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ANTI-ENGINE FOR CELL'S DEVIA TION 
REVERSES CELL BACK TO NORMAL 





a 
aa 





: ae | ‘. y . — hs PHYSICAL 
rear Ty ae: 
7 | (NORMAL) 
~ # EXTENDED 
| ‘TIME DELAY FoR 
\ ie RENORMALIZATION 


VACUUM VACUUM/SPACETIVE 


@ 1934, 19957.E BEARDEN 
ENGINE ANTI-ENGINE FOR 
FOR DISEASED CELL'S DISEASE DELTA 


By pumping the internal EM channel, process is dramatically accelerated. 
This is the body‘s normal recovery mechanism, within its limits. 
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Asymmetric Regauging Produces Excess Force, 
Which Can be Used to Do Work on the System 


i Net S metric Regauging Does 
No Excess Work on fe System 


: This little bird put one foot on 

: wire A, and then the second foot 

; on wire A also. He pet symmetrically 
; regauged, so he had no net excess 

: force across him, even though his 

| SSynmetriealiy fegauged eanh foot, 

: regau each foo 

: but both Sica Merk so that one 

; countered the other. e little bird! 








\ 


: Net Asymmetric Regauging Can 
i Do Excess Work on the System 
: This little bird put one foot on 

; wire A, and then the second foot 

: onwire B. He net ety aie ticatly 

} regauged, so he ot ne 

: excess force across him. That 

: force then violently translated his 

; little body parts every which way, 

{ doing lots of work in and on him. 


(c) TE. BEARDEM 1999 
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500,000 Vo Its 


1D00,000 Volts 





Net Symmetric Regauging Does 
No Excess Work on the System 


: This little bird put one foot on 

: wire A, and then the second foot 

: On wire Aalso. He net symmetrically 

; regauged, so he had no net excess 

: force across him, even though his 

: potential energy was increased. He 
asym metrically regauged each foot, 


but both simultaneous! 
countered the other. 


so that one 
ise little bird! 


| Net Asymmetric Regauging Can 
: Do Excess Work on the System 


: This little bird put one foot on 

: wire A, and then the second foot 
on wire B. He net asymmetrically 
regauged, so he had lots of ne 

: excess force across him. That 

; force then violently translated his 
little body parts every which way, 
doing lots of work in and on him. 


Bummer! 
(c) 6. REARDEN 1996 


Figure 32. Asymmetric regauging produces excess force, which can be used 


to do work on the regauging system. 
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e Tiny DC currents (picoamperes) 
e Pulsed DC current can be utilized 
© Pulsed magnetic fields may be utilized 


RED BLOOD CELL 
DEOIFFERENTIATES 


Shucks hemoglobin coat 
Grows nucleus 


NEW CELL 

REDIFF ERENTIATES i. 
Turns into type of cell that 
makes cartilage 


NEW CELL 
REDIFF ERENTIATES 


Turns into type of cell that 
makes bone 

Deposits Infracture site, 

healing the fracture 


















ae 
FRACTURE SITE 


©) 203, 05 TE GRRDEN 
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Trauma Produci 
Tissue Loss 
Local cellular effect Local nerve effect 
CNS effect Alterations in hormone 
patter (prolactin) 
Alterations in local 
DC field pattern 
Local electric 
Local and ri eto 
pools of — cel 
Dedifferentiation into 
Ege tee cells 
Phase | Biastema formation 
growth 
Phase Il ’ 
dish l thal yh eg *Becker & ESR tOrS, “Electrica mma of 


' Bik Nat ed, 40) ay 1972 
Restoration of body p.629 
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INPUT STIMULATION 
DC SYSTEM (PAIN) 


GROWTH 
DIFFERENTIATION 


MITOSIS STIMULATION OF 
DEDIFFERENTIATION REPAIR CELLS 


CENTRAL 
DC SYSTEM 


OUTPUT 
DC SYSTEM 


TOTAL 
CURRENT OF 
INJURY 
Dc SYSTEM 





“Robert 0, veka, Bh Sade etree fo pesecbegesi tio L 
Bioelect os t s, Vo 


Riana po 4 
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Geometrical Distortion of Poynting Energy Flow 


At or near resonance frequency, in the case shown 
ee eee (reaction cross section) 


increases dramatically. 


a. Around an aluminum sphere b. Around an aluminum sphere 
at light energy 8.8 eV. at light energy 5eV. 
Absorption efficiency = 18.00. Absorption efficiency = 0.1. 


Figures per Craig F Bohren, "How can a Sag 3B absorb more than the light incident upon it? “, 
American Journal of Physics, 51(4), Apr. 1983 
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ad 


Cosmic Bootstrap: I~ 
Before the Big Bang: \@ 


Cosmic repulsion behaved like a fluid with 
negative pressure 


The “universe” inflated (expanded) as. a ‘faise 
vacuum 

As the negative-pressure fluid expanded, its 
energy went up rather than down 


When inflation stopped, the faise vacuum 
decayed from its excited state 


jis excitation energy was released in a single 
great burst Paul Davies, Superforce, 1984, p. 194 
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BRIDGING ENABLES COP > 1.0 


§-flow, dé /dt flow, and EMF flow 


=> => > a> o> => o> o> 


S dQidt 
| BLOCKER |: | 


| (Conductor) | | 





Closed Current Closed Current 
Loop A Loop B- 


BRIDGE Patent Pending 
Current loop Bis asymmetrically regauged by 
§, dd /dt, and EMF flowfrom current loop A 


(wate moar 
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Aspects of Strong Local Asymmetry 
el 


® If local asymmetry is strong, conservation laws 
may be appreciably violated 
Energy © TE Bearden 1995.1996 
Charge 
Spin 
Momentum 
Angular momentum 
® Properties of an object may differ appreciably for 
» Different observers 
Different detecting means 
One time to another 
One position to another 


* 6¢ ¢ @ 


e STRUCTURING THE INFOLDED EM INSIDE POTENTIALS, 
FIELDS, AND WAVES 
*® Strongly breaks local symmetry 
* Provides spacetime engines giving the above effects 
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Other Aspects of 
_ Strong Local Asymmetry 








» Local spacetime is curved G TE Bewien 1895, 1908 

= Loreniz invariance of vacuum is violated 

= May be a local “sink” or “source” 

= Gravitational-inertial effects from EM 

= Translation between virtual and observable 

= Electrogravitational solitons 

= Action at a distance 

= Transmutation effects may exist 

: = Somtalen carat field transiation 

COMMENT: Thus the use of infolded longitudinal 

” EM fields and waves to strongly break local 


symmetry allows internesied clustering of 
Spacetime curvatures. These spacetime 


Structures are vacuum engines, or spacetime engines, 
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 Bonaee on the Status of 
Electrodynamics 





. itis not usually acknowledged that electro- 
ear both classical and quantal, are in a 
sad state... 

". the best modern physicist is the one who 
acknowledges that neither classical nor 
quantum physics are cut and dried, both being 
full of holes and in need of a vigorous 
overhauling...” 


*Mano Bunge, Foundations of Physics, Springer-Verlag, 


(©) 1998 TE. BEARDEN New York, N'Y. 1987, p. 176. 
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Bunge on the Status of 
Electrodynamics and Physics 











—— —__— 





",» itis not usually acknowledged that electro- 
dynamics, both classical and quantal, are ina 
sad state... 

"... neither classical nor quantum physics are 
cut and dried, both being full of holes and in 
need of a vigorous overhauling..." 


"Mano Bunge, Foundations of Physics, Springer-Verlag, 
(2) 1986 TE. BEARDEN New ‘York, M187, p. 76., 
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‘ge 2 on the Status of 


Classical and Quantum Physics 
————————————————————————————————————————————— 


. itis not usually acknowledged that electro- 
Jeanie both classical and quantal, are in a 
sad state... the best modern physicist is the 
one who acknowledges that neither classical 
nor quantum physics are cut and dried, both 
being full of holes and in need of a vigorous 
overhauling not only to better cover their own 
domains but also to join smoothly so as to 
produce a coherent picture of the various 
levels of physical reality.” 


“Mario Bunge, Foundations of Physics, Springer-Verlag, 
©) 136 TE BEARDEN New York, NY, 1967, p. 176.. 
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Fraction of Casualties Surviving 


FRACTION SURVIVING 









10 


08 


0.0 


CASUALTIES 
(©) 1986 T & BEARDEN 
T YPE TREATMENT RECEIVED 


EXPRESSED IN FRACTION SURVIVING 
© with conventional treatment 

() With 1st generation Ptreatment 

C) With 2nd generation P-treatment 
@ With 3rd generation P-treatment 


http://www.cheniere.org/images/EMfndns 1/sm%20B Wsurvl.jpg25.4.2005 1:38:15 


http://www.cheniere.org/images/EMfndns 1/cancer1%20sm.jpg 


MULTICELL 
AER OBIC* 
(INCLUDES MAN) 








~~. 








SINGLE CELL * SINGLE CELL 
ANAEROBIC AEROBIC’ 
CENTRAL CONTROL 
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CANCER CELL 


2 
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<== _ PATH FOR SUSTAINED 
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Differentiation and Dedifferentiation Timelines 


CENTRALIZED CONTROL OF CELLULAR 
GROWTH AND REGENERATION 





PRIMORDIAL > SINGLE 
: = 
NORMAL HEALTHY WITH SOME DISEASED 
CELLS AND FUNCTIONS 
A oBic OXYGEN-RICH ENVIRONMENT a 
TINE-FORWARD PATH re — Se 
© 1003, 1008 T.E Bearden FOR HEALING OF CELL DAMAGE 
TIME-REVERSED © TIME-REVERSED 
= —=— Ge patHFOR PATH WHEN NORMAL 
SUSTAINED : PUMPING FAILS TO 
SING SINGLE OXYGEN HEAL CELL 
— a DEFICIENCY 
ANAEROBIC AEROBIC 
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Evolution of Cells on Earth 


EVOLVE TO 








MULTICELL 
AEROBIC: 
(INCLUDES MAN} 
ESSENTIALLY 
ATMOSPHERE ete > 
: TO 
=, SINGLE CELL MULTICELL 
P3508 SINGLE CELL | compoNeNTs | COMPONENTS 
SERER) AEROBIC” - 7 
mi tari a. ce IMMUNE SYSTEM TISSUES 
ANAEROBIC Gy FACULTATIVE WHITE CELLS BONES 
ce ANA s CELL 
OBLIGATORY eee KILLER CELLS ORGANS 
ANAEROBES sar eeep eee ETC. SKIN 
SINGLE CELL = AND ANAEROBIC) STRUCTURES 
SHIELDED | 
FROM OXYGEN * NOTE: LIMITED ANAEROBIC RESPIRATION 
STILL TAKES PLACE IN HIGHER AEROBIC 


UFE FORMS, INCLUDING MAN. 






EVOLUTIONARY TIME 


(©) 188 7. & BEARDEN 
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(A proposed formal definition 
of a charged mass) 








~VACUUM ~~.) \__ 


Dad so pote ly the ile (can n of 


ane = of 
A ny vat ions. 


ohim-t 
ith many ram 


theory, 





"..cunously enough, we do not 
know exactly what charge 8, 
only what # does. Or, equafy 
significa ntly, what it does not do.” 


MiP. Silverman, And ‘vet t Mtoves: Strange 
tere and Subtie Questions inP ing: 





CambidgeU riversity Press, 1958 p. 127. 


. 
4 
S Cc) T.E.BEARDEN 1997 





An electric charge Q consists of a massless flux component and a mass component, 
coupled together (interacting). Q is a broken symmetry. The mass of the charge 
continually and violently exchanges virtual photons with the surrounding vacuum. 
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first order justa violent virtual photon flux. 
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The Ubiquitous Assumption: Two 
Asyrmetrical Repaugings for Net Symmetry 








You rea need Your electrodynamiciet 
a Ma demon, says he can make ona, 
to do some free work. by regauging. 


(Ce) 2. BEARDEN (on 
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The Ubiquitous Assumption: Two 
Asymmetrical Regeugies oe Wet Symmetry 





He says he will do the 
| r UW. Ae 
Maina 





won't 
do any net work for you! 


Co) LE. BEARDEN Ban 


http://www.cheniere.org/images/EMfndns 1/sm%20Chat1b.jpg25.4.2005 1:43:37 


http://www.cheniere.org/images/EMfndns 1/sm%20Chat1c.jpg 


The Ubiquitous Assurnption: 
Asymmetrical Reqaugings for Net Symmetry 
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A Charged Particle Is a Coupled System 


Note: X is a coupling 
operator 





x Pte! WP 
~VACUUM — 


~ CHARGE — 
Foi \ Me Say, 
4 virtual 
Ore photon 
flux 
exchange 


o, 


"..curiously enough, we do not 
know exactly what charge is, 
only what it does. Or, equaliy 
sig nificantly, what it does not do. 

MP. Siemnan, And Yet it Mowes: Strange 


Sys terme and Subtle Questions in Physics, 


C anbridge University Pres, 93, p. 127. 


(6) 19947 . BEARDEN 


is a broken symmetry in its fierce energy exchange with the active vacuum. 


An electric charge ] 2 , 
It coherently integrates some of the virtual energy absorbs and outputs it as Poynting energy flow 
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Chung's Carbon Filament Negative Resistor 





UNIVERSITY AT BUFFALO, NY 


i) FTE Bearden 


| ZZ 
“SSsS5) Wout> Win 


CROSSED CARBON 
FILAMENT LAYERS 





Wins 
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Typical circuit has about 10-13 
energy collection efficiency 








= 
i "< = (Q 1004, 1996 Te eeaRveN 
& ep NIN 
=e Deep space 
S system 
—- Distance traveled by S in one hour is 1.08x10exp(1 2) meters. 


“= Example: 1.3 amps flowing in DC circuit, 1.8 mm diameter copper wire. J =51 A/cm 2 


! 5a. ! 
S violently transports ? provided fromthe source. 
d i= 0.1368 meters j ? sluggishly transports the energy collected and dissipated in the 
circuit. 


For the case discussed, the electron drift velocityin the circuit is about 
3.8 x 10 5 meters/sec. So Ji moves about 0.1368 meters in one hour. 
Thus J? has collected about 0.1368 meters of the ¢-filled Stube. During 
that same hour, the S-flow evoked by the power source will have 
traveled 1.08x1012meters. The ¢ of both currents is the same. Both 
are involved in the same energy-illed tube. Thus S has provided and 


transported about 7.89x1012 times as much energy along the circuit 
in one hour as the j? has been able to collect, transport, and dissipate 
as work in the circuit. Thus this circuit provides about 16'3 collection 
efficiency. 
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S Classical View of EM 


Potentials just mathematical conveniences 

— Not real 

— No internal structure, just magnitude 

Force fields primary, causative, can exist in space in absence 
of observable mass 


- Aji EM actions due fo force fields. none when zero 
- No action at a distance 
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Curved Spacetii 
acts as source eo sink 


« May emit e: ee radiati on 
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* saad energy conservation 
law applies 








_| 
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THE MECHANISMS OF A A SINGLE. CHRONIC 
DISEASE, INCLUDING CANCER 








(Sad, (8857 F Bearden: 


3 Zak SARAGICEL v THE Fenix 
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e Not one disease, but a whole range 
e Starts inc darn | ged 3 ektaly, cell 
‘ oll eienee fod i mel bod) peebt ie] mere) ace) | 











3ecomes alump: 
° Can send forth cancer cells 
= Through | 
e Form metastases (secondary tumors) 
e Often become anaerobic oe 


TE Bedede 
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- - Su ae pressor ficeile isin curb immune s system? 
I abd lace system? normally identified 
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CANCER: CHARACTERISTICS 





® NOT ONE DISEASE BUT A WHOLE RANGE 
© STARTS IN ORDINARY (AEROBIC) CELL 

© CELL SHAKES OFF BODY'S DICTATORIAL CONTROL* 
© STARTS UNCONTROLLED DIVISION 

® BECOMES A LUMP 


=) CAN SEND FORTH CANCER CELLS 
= THROUGH BLOOO 
= THROUGH LYMPH 


® THESE FORM METASTASES (SECONDARY TUMORS) 
® OFTEN BECOME ANAEROBIC (NON-OXYGEN USING} 


® ENIGMA IS FAILURE OF IMMUNE SYSTEM 
TO ATTACK SOME TUMOR CELLS 
—- SUPPRESSOR CELLS MAY CURB IMMUNE SYSTEM 
- TUMOR MAY LACK ANTIGENS NORMALLY IDENTIFIED 
BY THE MIMUNE SYSTEM 
*R&R system forces cell hack toward anaerobe 


(2.4000 TE Eauetew 
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PORTION OF 
E, =INCIDENT WAVE DISTORTING MEDIUM 


E, = TIME-REVERSED WAVE 


© 1094, 1006. 1m TE BEARER 


“If a scalar wave E:(r) propagates from left to right through an 
arbitrary but lossless dielectric medium, and if we generate in some 
region of space [say near z= 0] its phase conjugate replica E2(r), 


then E2 will propagate backward from right to left through the 
dielectric medium, remaining everywhere the phase conjugate of E1." 
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The Electronuclear Reaction: 
Nuclear Reactions in TR-Zones (1) 





- Shae Meutron into proton and vice versa 

= oa high rate (flat spacetime assumed) 
® Statistics become skewed|due to curved ST 
e Can bias statistics toward) ether neutron 

or proton end 
— Biases toward transmutation of elements 
along isomer chains 
— Concept of “isomer” is vastly expanded 
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Nucl C lea ar rR Reactions in TRZo1 ones (2) 


J 





@ Normal dynamics (impulses) may reverse 
— Like charges attract, unlike charges repel 
— Positive charges cluster (are drawn together) 
— H+ tons (protons) may form quasi-nuclei 
= SOEUR ee ae Daseher becomes usisbins 


— Quark access and Tee flipping by El 

— fon clustering emit te 
= Positive mae [YJBS US phase conjugate rigors 
— Time-density waves and tme-energy charging 











http://www.cheniere.org/images/EMfndns 1/Elecnuc2%20sm.jpg25.4.2005 1:55:28 


http://www.cheniere.org/images/EMfndns 1/Elecnuc3%20sm.jpg 


The Electronuclear Reaction: 
suelsar Lis Ta suis in Fit -Zones ) 












as become substantial 
- Time delay (hours, days) 
— Transduction of LW --> TW involved 
— Specific time-charging history of detectors 
is involved in twhether they detect or. oe 
— Longitudinal EM waves become significan 


) cieibuispceembannace ns Uathey eran 
— May emit excess radiatior 
— May ; n ite} ge) excess rao 
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In Time-Reversed Zone: 
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A New Conservation of Energy Law 


Physics conserves total "energy and mass-energy” 
Now also must consider “time-energy” 


Conserve total mass-time-energy (spatiotemporal 
energy) 


Let ET = total energy, EM = mass energy, 
EE = ordinary energy, and Et = time energy. Then 


ET= EE + EM + Et Ch ee TE Damareiay 
(kKEt=> EE> 0) => ET> (EmM+ EE) 


If some Et is transduced into EE , the experiment will 
violate the old spatial mass-energy conservation law 
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QUESTIONS ON CARCINOGENS 
AND EM RADIATION 





m UNRESOLVED QUESTIONS ON EM RADIATION 
- DOSAGES 
— ACTIVE MECHANISMS 
—- REPLICATION DIFFICULTIES 
— MEASUREMENT DIFFICULTIES 
- WHERE, WHEN, HOW ILL EFFECTS OCCUR 


@ SIMILAR QUESTIONS EXIST ABOUT EVERY 
CARCINOGEN 





m SCIENCE REALLY DOESNOT UNDERSTAND THE 
MECHANISMS OF A SINGLE CHRONIC DISEASE, © 1994, 1995 TE. Bearden 
INCLUDING CANCER 

- FACTORS SUCH AS MIND, STRESS, SPONTANEOUS 
REMISSION, PLACEBO EFFECTS, AND COMBINATIONS OF 
FACTORS ARE PARTICULARLY TROUBLESOME 

= GENERATION OF THE PLACEBO EFFECT BY THE 
REGENERATION & RECOVERY SYSTEMIS UNRECOGNIZED 
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As defined, fields and potentials only 


existin and on charged matter 
E=Fiq o2exh 0 hoor 


in vacuum. 





Source qisa a 4 : 
broken symmet 
Leb eg oe a 


in vacuum flux 





S = ExH 
———— 
SOURCE 
A 
ssumed perpetual 
motion machine | not : 
in classical EM pete vo coulom fs inade conuanonly 
in geometrical flow 
distortion zone around 


a point coulomb 
Electrodynamics has nothing a aay Sent what 
exists in space in the absence Of MASS... Owi1« «x0 
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Serious flaws and errors 
in classicalEM theory. 


Eliminates the Internal EM Inside the Scalar Potential, 

No Definition of Electrical Charge orof Scalar Potential, 

Equations StillAssume Material Ether Per Maxwell (Unchanged), 
Use of Force Fields in Vacuum is False (and Known to be $o}, 
Treats Charge qas Unitary Instead of Coupled System g = glqim (q). 
Confuses Massless Potential Gradients as Forces (See #3, #4), 
Does Not Utilize Mass asa Component of Force (See #29), 


Erroneously Assumes EM Force Fields as Primary Causes, 
Topology of EM ModelHas Been Substantially Reduced, 

Does Notinclude Quantum Potentialor Action ata Distance, 
Does Not Include Superluminal Velocity of Inner EM Components, 
Does Not Utilize Extended Near-Field Coulomb Gauge Effects, 
Does Notinclude EM Generatrix Mechanism forTime Flow, 

Does Not Unify Photon and Wave Aspects (Requires 7-D Hodel), 


Does Not Include Electron Spin and Precession (See #19,#24), 
Treats EM Energy As Existing In"Chunks,” Instead ofas Flow, 
Confuses Energy and Energy Collection (See #16), 
Discards HalfofEvery EM Wave in Vacuum (See #22), 
Erroneously Uses Transverse Vacuum Wave; It's Longitudinal. 
Arbitrarily Regauges Maxwell's Equations to Eliminate Overunity, 
Omits Phase Conjugate Optics Effects (The Rule in Internal EM J, 
Does Not Include EW Cause of Newtonian Reaction Force. 
Erroneously Assumes Separate Force Acting on Separate Mass, 
Confuses Detected Electron Precession Waves as Proving Trans: 
yerse EM Wavesin Vacuum (Remnantof Old "EM Fluid" Concept), 
Due to Error in String Wave, Omits the Ubiquitous Antiwave. 
Assumes Equilibrium ;NotTrue Unless Include ¥acuum Interactions, 
Higher Topology Required, to Model Electromagnetic Reality, 
Lorentz surface integration discards Poynting energy transport, 
Has nothing atallto sayaboutform of EM entities in massless space. 
Eliminates the infolded generalrelativity using EM-force as curve agent, 


Does notinclude longitudinal EM waves as time domain oscillations, 
Does notinclude EW mechanism that generates time flow and flow rate. 


wo co ce rere es re PS 
eS ee es 
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| Michetson-Morley 
~ =— experiments, 1880's 


“4 Now we are not using & 

ie 2 material ether. eo 

Trust us! The equations Cy 
donot need changing. 


ELECTROD YNA 
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REACTION TO LOSS OF MATERIAL ETHER 








Nota single 
equation was 
changed! 
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le? | 











Einstein's 
spacetime 
hasn't been 
born yet 













Okay! We will just 
measure material 
entities, and call 

them nonmaterial. 













CAUSE 


© + BEARDEN 1908 


EFFECT 
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GALLOP NG WAVE. 
TRANSVERSE 
WAVE THAT VARIES 
VELOCITY ALONG 
Z-DIRE CTION, IN 
WAVE FASHION. 


TIME-POLARIZED 


(TIME ENERGY) 
(Ex: 0.01 ¢- 100c) OSCILLATIONS 
3-5 PAT IAL SCALAR WAVES. 
ENERGY DENSITY X, ¥, Z FIXED. 
OSCILLATIONS T VARIES. 
TRANSVERSE NONOBSERVABLE. 
WAVES. X AND Y TRANSDUCTION TIME DENSITY OSCILLATIONS. 
ENERGY DENSITY —j————_____ Xx, Y, ZENERGY DENSITY DO NOT VARY.., 
VARIES; Z FIXED. TIME DENSITY VARIES ALONG 
ONG TIVE DENSITY NOTOBSERVABLE, BUT 
dh vay os piel Y uaey TRANS DUCTION IS OBSERVABLE. 


A LITTLE, SURGE OSCILL- 


ATIONS IN Z DIRECTION. TIME DENSITY OSCILLATIONS. 


X, ¥, ZENERGY DENSITY FIXED. 
LONGITUDINAL WAVES. TME DENSITY IS NONOBSERVAGLE, 
X AND Y FIXED; SURGE BUT TRANSDUCTION 
OSCILLATIONS IN Z DIRECTION. 


1S OBSERVABLE. 


TRANSDUCTION © TE BEARDEN 1998 
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Air Medium Disturbances Generated When 
Air is Perturbed by a Plucked Taut String 


The string wave and 
the holder wave 
never leave the string 









and holder 
respectively. 


= 
i OW lS oa 
=e oe oe ees ee — 








String slaps 
air medium 
Wave is pat, WAVE IN STRING (TRANSVERSE) 

: ' f Lower degree of freedom for string 
alternatively ‘ Can only vibrate mostly laterally. 
compressive = = age a DIOS 
and x = Electron 
rarefactive mS we Sas waves 

ae Nuclear 
j | \ "\ ANTIWAVE IN" proton 
4 _ ™ HOLDER waves 


© 100s, 10957. £. BEARDEN alr medium 
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Launching a Spacetime Perturbation 


("EM Wave") from a Wire Antenna 





time forward 
slap (electron) 
time reversed 
ELECTRON SHELLS 
(DAMPED) Q { dese 
Modulations of 
virtual photon flux 
‘ : f r\ Feats intensity 
"NUCLEI rh: ae intensity an 
(HIGHLY DAMPED) . fas vacu 





By omitting the nuclei perturbation wave, Maxwell 
omitted Newton's third law from electrodynamics 


© TE BEAMDEN 104 106 
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TRANSVERSE EM WAVE PLUS LONGITUDINAL EM SURGE WAVE 


PHASE CONJUGATE REPLICA WAVE 
a 
NT MT © 


ee 
TIME DENSITY WAVE 


Oscillates rate of flow of time 
about some average value 


LONGITUDINAL EM WAVE PLUS 
PHASE CONJUGATE REPLICAWAVE ° “7st 
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Scalar Electromagnetics 
(Energetics) View of EM 
e Potentials real; primary causes of EM phenomena 


- Force fields made by differentiations of potentials 
~ Force fields are effects, not pnmary causes 


~ Force fields exist only in, on mass particles 


e Actions due to potentials and their interference 
= Action ata distance or locally 
som @LUt=ToieUlggmeleyialit-im-|plemalelo(-iamy-|g-]e) |= 
e Locally curved spacetime, engineerable by EM 
— Gravity effects not necessarily negligible 
mate }ere) gle pl ea \ViMnie)rel-lrelmatinal-mel—\-lem-b-w-le|-jnime)merl|atr- eli 
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= Scalar Electromagnetics 
(Energetics) View of EM (Cont'd) 


e Potentials have internal structure 
=—- Stoney/VVhittaker structure 
— Longitudinal EM phase conjugate wavepairs 


—- Each waveparr is a time-polarized EM wave 


e Vacuum EM Is a potential and tS 
microstructure raceme 
= Stoney-VVhittake! Sway esicpolmize: Waves 
— Fiuctuations exhibit cnaos 


e Spacetime = Vacuum = Potential = Flux 
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= Scalar Electromagnetics 
(Energetics) View of EM (Cont'd) 


Statistics may have hidden order (already 
chaotic) 

Uses Spacetime curvature engines to 
alter matter (inside-out or outside-in) 
Engineerable EM mechanism generates 
rate of flow of a mass through time 


* Quantum potential with specific QP. can 
be used for instant action at a aistance 
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Extended General Relativity Principle 


TE. DGAR CEN we 
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e Theorem) We=k,- k,; =Ak [1] 


® k must be interpreted not as energy per se, 
but as collectea/collecting energy. 


e The reaction cross section 4 for the collecting 
process must be included. 


® Extension’ We A(k;- k;) =AAk [2] 

¢ Normally 4 <1, as for elastic collision or Stokes 
emission. 

e However, 2 > 1 is now possible, for processes 
which asymmetrically self-regauge. An example 
is Letokhov's negative absorption of the medium. 


® Working models are the Patterson Power Cell” 
and Lawandy lasing without population inversion. 
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e "Space acts on matter, STRUCTURING 


ACTIVE 

telling it how to move. EMME SPACETIVE 
ad *, CURVATURE 
e In turn, matter reacts . Fill 


back on space, telling 
it how to curve.” 


= ee 


F 
i 


ae a, 


_gtTaioietckaly 
ee 
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Use of General Relativity (GR) 
in Particle Physics 





e GR seldom used in particle physics 2 sens 

In cold fusion, Matsumoto* has applied general relativity 
Consistent with important cold fusion results 

Used spacetime (ST) curvature by energy density 
Matsumoto did not utilize: 

= Longitudinal EM waves 

= Time density waves 

= Time density curvatures of ST (gain = 9x10i6) 


*T Matsumoto, *Mechanioms of Electro Nuclear Collapse.” 
Proc WOCF-7, Vancouver, BC; Canada, Apr 1998, p, 88 
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THE MISSING INFOLDED 
ELECTRODYNAMICS 


Maxwellian electrodynamics has 
nothing at all to say about EM 
entities in space or their form 


' INTERNESTED SPACETIME CURVATURES 
| (VACUUM ENGINES 





ee : 
_ BINS IST STEIN'S s -""" @ TE BEARDEN 1o8 
‘ACE =TIME 2\=0e- 
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infolded SES 
| Excluded by Present Physics 









sectronegnetice or quanti mechanics 
« None of these disciplines include such 
Spacerimeé curvature engines (vacuum engines) 


s Thus GR, EM, and QM cannot be unified, 
since ST curvature engines are where the 
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o\ curvatures Propagat, © TE BEARDEN 1998 










mass-to-spacetime spacetime-to-mass 
transformation transformation 


\ / \ j . 
Transmitter —~ \ : a = Receiver 
altered, “ae 


— altered == 
- Cereal) _ er, 


Complex of ST curvatures \ Spacetime disturbance 
a crotch aul (engine) propagates 


Then 'Oo-mass transform contains two nidden Telieliel-te| 
transforms: (i) the 1 mass-to List stead trans n and (ii) the 


spacet! in? on 


[o-mass tra nsform. What i is transmitted elie 
propagates in space is aspacetime p 
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Mass cujfves and structures spacetime; 
Sii curvatures change and structure mass 


ot curvatures Propagar, 


ass-to-spacetime spacetime-to-mass 
transformation transformation 





’ spacetime disturbance 
(vacuumengine) 6 crocs im Propagates 
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* THEORY DEVELOPED AND FITTED 
* HYSTERESIS MEMORY LOOP 
* CONTROLLED EM INDUCTION 
* IMAGES 5 act tsk cota cgtaed 
* SENSATIONS 
* PREDETERMINED EMERGENCE 
* 23 EEG BANDS 


* UPTO 8.1X102 HZ 
* 141 INDEPENDENT CHANNELS 


S.K. Lisitsyn, “Nev Approach to the Amlysis of Hlectroencep halograms, “ 
DDC Report AD7MWS, p. 16-25. 
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Lorentz Closed Surface integration 


= 





® 1997 TE. Bearden 
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Lorentz Closed Surface Integration 


How can they use that old 
physically insignificant wind?!! 





© TE BEARDEN 1958 


Lorentz's physically insignificant energy flow can be collected and utilized. 
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1a. Lorentz surface integration. 


@ tot TE beasoen 


Sin 
xo) |.) : 
haloes Sate sesh eons senast> 


‘.. 


Sour 


See Panotsky & Philips, 


17R Classic al Electricity and 
hac nes, 2nd, edn 


Note: If the S-vector is integrated over the closed surface, then 


all energy transport passage Is zeroed, leaving only the 
very small component of the Input S-flow that is powering 

the joule heating of the resistor. In short, only the small 

component of the S-flow that is equal in magnitude to 


the Slepian vector j? remains. This measures only the tiny 
portion of the S-flow that is “collecting” on electrons 
passing through the resistor, and therefrom being 
dissipated out of the resistor as joule heating It discards 
everything else (al Sygs and Soy). Sy, becomes Sr. 
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e Creates time-density wave pumping 
« Slowly creates time-density charging ar ve 
ia) 






or a? S 
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et 
CHARGED © Wel E. Bearer 


ms elpletcice -ipit-lMelelie-m-le-M-igeliig- elem elise 

Can express all physics in one unit -- e.g., ime 

Boies -mimmellelsl meets eet -en-el-iee ly 

1 sec =9 x 10j6 joules of transverse EM wave energy 
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Figure 1-8. Infolded biwave composition of a scalar potertial. 
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Maxwell's Quaternion Theory ¥Y 





e Quaternions: 
— Discovered by Hamilton in 1843 
— A quaternion has a vector part 
— A quaternion has a scalar part 
— First significant non-arithmetic number system 


~— Higher topology than vector or tensor algebra 
e Maxwell's theory was in quaternion equations 


— 20 equations in 20 unknowns 





— Reduced to a small 4-equation subset 
by Heaviside and Gibbs 
— EM topology dramatically reduced 


@ TE BEARDEN 1905. 1996 
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Maxwell's four equations reduce to: 


Page 1 of 2. 





V’® Pela Pe pets [1] 
ca 
Wate eyed Aye-82 7 Ke 
c at Cc 


Ais replaced by A’, where 
A =A+VA [3] 


The new B' field then becomes 
B=Vx(A+VA)=VxA+0=VxA=B [4] 


A new E-field will also be formed. So let 


© TE BEARDEN 1997 
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Page 2 of 2. 
Per Jackson, (A,®) are habitually chosen so that 
1@e® [6] 


VeA+——=0 
c Ot 


The net symmetrical regauging separates variables. 
Two inhomogeneous wave equations result: 





1 oo [7] 
A sae wat = -47p 

107A An 
V’A-— Ae — [8] 
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Equations [1] and [2] arbitrarily changed to [7] and [8] 
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Figure 19. The world of physical matter exists behind a dramatic 10> filter 
in a fiery cauldron of fierce and primeval EM energy flow. 
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Figure 17. Energy "collected" on a charge depends upon the charge being 
in acontinuous Poynting S-flow. When S ceases, there is no 
excess energy "collected" on the charge. Energy collection 
never occurs in chunks, but is always a dynamic, ongoing process. 
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31B. Reversed second fiber fuse often restores pitted core in cable, filling holes back up. 


Figure 31. Fiber fuse effect and its strange anomalies. 
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Figure 28. Lawandy's experiment (Letokhov-Lawandy effect) with multipass, 
multicollection of energy. Formation of a quantum potential can 
also become involved. Retroreflection and self-targeting are key. 
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Line integral from A around this closed path back to Ais nonc onservative. 
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Figure . The only energy resource problem is the theoretical ostrich problem. 
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Figure 20. One human body produces more energy flow than all the electrical 
power loads on earth dissipate. However, only 100-200 watts of its 
own energy output is collected and dissipated by the body. 


http://www.cheniere.org/images/Energy/015.htm25.4.2005 1:15:48 


Energy 


Return 
-T plate to Slide 
Index 





Next 
Slide 








Previous 
Slide 





EM energy continually flows from this “static” arrangement, 
without any further input of energy by the engineer. ©) mm te weAROEN 





Figure 18. A static" Poynting S-flow free-energy generator. 


http://www.cheniere.org/images/Energy/016.htm25.4.2005 1:16:23 


i 


Lone 
“og 





y and Energy Conservation 


Example: Conservation in 
2D versus 3D topologies 


Return 
to Slide 


Index 
9- CONSERVATION 
feaie , 


2D ~UONSERVATIOUN VIULATED) JTE t y yam Next 


Slide 


Previous 
Slide 


e-D) CONSERVATION 


Increasing the dynamic topology allows lower topology conser vation 
laws to be violated. The lower topology system is now an open system 
| and may seemingly act as asource or sin | 





http://www.cheniere.org/images/Energy/017.htm25.4.2005 1:17:06 


Energy 










IMMEDIATE 
VACUUM 


Return 
to Slide 
Index 


Previous 
SURROUNDING |} Slide ae 


VACUUM 


© 1980, 101, 1009 TE BEARDEN GRID SGNAL 
CLAMPED INPUT 


STABILIZER 





http://www.cheniere.org/images/Energy/018.htm25.4.2005 1:17:31 


The Tom Bearden Website 


Defense Department Briefing on Priore Treatment 
to counter Biological Warfare 


SLIDE LIST 


Solutions to Mass Casualties Treatment Problem 


Threat and Current Status 


. Title Page 

. Key Points in the New Technology 
Title Page 

Title Page 

. The Terrorist Threat 


The Superpower Paradox: Asymmetric Cheap WMD Strategic 
Strike and Destruction 


7. Mass Casualty Problem: Aerial Anthrax Spray on Washington, 
D.C. 
8. Present Status of the WMD Threat to the United States 


9. Some Present Problems in the WMD Defense Capabilities 


DAnNRWN 


Historical Solution: Priore Treatment Therapy 


10. Title Page 

11. Priore's laboratory device for treating small animals 

12. Antoine Priore with the Mayor of Bordeaux 

13. Raymond Pautrizel, eminent French parasitologist, who worked 
with Priore 

14. 12-Foot plasma tube in Priore's large device 

15. Priore's 3 1/2 stories high device for whole body treatment of 
humans 

16. Mechanism of the Priore therapy 

17. Priore's therapeutic methodology: using infolded longitudinal 
EM waves as NLO pump waves, to pump in the time domain 

18. Drastically reduced cumulative deterioration after Priore therapy 


Extended Physics and Background 


19. Title Page 
20. Founders of Scalar Electromagnetics 
21. Subdivisions of Soviet Energetics 


file:///C|/bearden/The%20Tom%20Bearden%20Website.htm (1 of 4)24.11.2003 19:13:33 


The Tom Bearden Website 


22; 
2D: 
24. 
23; 
26. 
Zi 
28. 
29, 


30. 


31. 
32. 
33. 


34. 
20% 
36. 


31. 


38. 


39. 
AO. 
4]. 
42. 
43. 
44. 
45. 
46. 
47. 


48. 
49, 
50. 
51. 
D2. 
mo 
54. 


Bunge on the Status of Classical and Quantum Physics 
Einstein on Reviewing Foundations 

Fields and Potentials have been "defined" only in and on matter 
Maxwell's Equations are Matter-To-Matter Transforms 
Electrodynamicists' Reaction to Removal of the Material Ether 
The Missing Infolded Electrodynamics 

Nonlinear Optics Distortion Correction Theorem 

Infolded longitudinal EM biwave composition of a scalar 
potential 

The Zero-Vector Axiom Destroys "Topologies Within 
Topologies" 

Stoney-Whittaker Bidirectional Longitudinal EM Wave-Pair 
Undistorted Progressive Waves (UPWs) 

Velocity modulating a longitudinal EM wave oscillates rate of 
flow of time 

The Graviton is a Coupled Photon/Antiphoton Pair 
Mechanism for Physical Change and the Flow of Time 

Any EM Field or Wave Pattern is Produced by interference of 
Two Scalar Potential Functions (E.T. Whittaker, 1904) 

Mass is transparent to longitudinal EM waves, which move 
through the infolded interiors of internal waves, potentials, and 
fields in the mass 

Deep penetration of weak signals in a dense signal 
environment, by nonlinear retroreflection 

The Immune System 

Popp's master cellular control system 

Cancer: characteristics 

The evolutionary path of multicellular organisms 

Effect of fluid contamination on hemoglobin's oxygen transport 


First step in Self-Promotion of Cancer due to Hypoxia 
Becker's Cellular Growth Control 


Becker's dc treatment of bone fractures 


Becker's theoretical DC control system involved with responses 
to injury 

Becker's theoretical control system governing regeneration 
Link Between Standing DC Potentials and the Nervous System 
Becker's Findings on Cellular Injury and Regeneration 
Corrections For the Present EM Bioeffects Model 

R&R System - Regeneration Example 

Kaznacheyev's Cytopathogenic Mirror Effect 

Microwave Radiation of U.S. Embassy in Moscow 


file:///C|/bearden/The%20Tom%20Bearden%20Website.htm (2 of 4)24.11.2003 19:13:33 


The Tom Bearden Website 


55. Self-Targeting in Inner EM Channel Can Produce a Quantum 
Potential 

56. Quantum potential and hidden variable theory 

57. Participants in a quantum potential share a common multiply- 
connected spacetime (MCST) 

58. Gulf War Syndrome and Typical Comparative Disease Curves 

59. Force Fields and Symmetry 

60. Aspects of Strong Local Asymmetry 

61. Other Aspects of Strong Local Asymmetry 

62. Small Entities Emit Powerful S-Flows 

63. What is the "magnitude" of a potential? 

64. Table Al. The Vacuum Energetically Interacts With Every 
Particle, Continually 

65. Extended Superpotential Theory (Adding Vacuum Engines) 

66. Vacuum Engine: Jillions of Working ST Demons 

67. Active Spacetime and a Specific Vacuum Engine (A General 
Relativistic Concept and Analogy) 

68. Extension of Wheeler's general relativity principle 

69. Signal versus Vacuum Engine 

70. Electronuclear Interactions by Vacuum Engines 

71. Vacuum Engineering 

72. Impact of Vacuum Engineering 

73. A Dramatic Extension to Nonlinear Optical Pumping 

74. Time Conservation and Some Properties (Energy and time are 
canonical) 

75. A Dramatic Extension to Nonlinear Optical Pumping 

76. Key Points in the New Technology 


Modern WMD Solution: Portable Treatment Systems 


77. Title Page 

78. Portable Priore-Type Treatment System 
79. Portable System Block Diagram 

80. Portable Priore Technology Unit 

81. Saving the Stricken Civilians 


Conclusions: Technology Practical, Proven 


82. Title Page 
83. Summary and Conclusions 


Recommendation: Crash Development Program 


file:///C|/bearden/The%20Tom%20Bearden%20Website.htm (3 of 4)24.11.2003 19:13:33 


The Tom Bearden Website 


84. Title Page 
85. Recommend implementing: 
86. Final Thoughts 


file:///C|/bearden/The%20Tom%20Bearden%20Website.htm (4 of 4)24.11.2003 19:13:33 


Priore DoD Briefing 


. TAS ea Ky Return 


Solution to aie 
Mass Casualties Be Nex 
Treatment Problem 





CTEG, Inc. 28 Mar. 1998 





http://www.cheniere.org/briefings/DoDPriore/slides/001.htm24.11.2003 19:13:40 


Priore DoD Briefing 


= = = — — | 


@ There is a vast new kind of electrodynamics hidden 
inside all EM potentials, fields, and waves 
26/0 itudinal EM waves and complexes HR 


Return. 


— Oscillations in time domain 






@ These complexes are an infolded general relativity oe 
— Clustered formations Dace : = —— 
— Very powerful, since the E Se he ect 
agent | curvature iis — 


® In general relativity, similar precise complexes ~ 
permeate and act on any mass at all internal levels ee ee 


® With this approach, one can now manipulate matter -- Slide 
living or inert -- in any manner desired, depending 
only on the level of development of the technology 


® Priore unwittingly used this to cure dread diseases 
@ This is a revolution in all of science © TEBEARDEN vaca 


@ We have uncovered the major mechanisms to utilize 








http://www.cheniere.org/briefings/DoDPriore/slides/002.htm24.11.2003 19:13:43 


Priore DoD Briefing 


a 


Solution to Mass Casualties Treatment Problem 


Threat and Current Status 

Historical Solution: Priore Treatment Therapy 
Extended Physics and Background 

Modern WMD Solution: Portable Treatment Systems 
Conclusions; Technology Practical, Proven 
Recommendation: Crash Development Program 


‘On f = Onn [i] on 28 Mar. 1998 


o) 7 12 SPAREN 


http://www.cheniere.org/briefings/DoDPriore/slides/003.htm24.11.2003 19:13:45 





Return 
to Slide 
Index 


Next 
Slide 








Previous 
Slide 


Priore DoD Briefing 


f 


Solution to Mass Casualties Treatment Problem 


Threat and Current Status 

Historical Solution: Priore Treatment Therapy 
Extended Physics and Background 

Modern WMD Solution: Portable Treatment Systems 
Conclusions: Technology Practical, Proven 
Recommendation: Crash Development Program 


6 i =i Orme [a Tor 28 Mar. 7998 


c (am 1h SP ARDEN 


http://www.cheniere.org/briefings/DoDPriore/slides/004.htm24. 11.2003 19:13:47 





Return 
to Slide 
Index 


Next 
Slide 








Previous 
Slide 


c © 


en i 


CX 


CECIEYOEO) 
CVE>S-CEC) 
ye 


e 
4 
G 
a 
@: 
© 
C) 


= Jee } — o Ups 





Priore DoD Briefing 

















TODAY: 
« Sabotage 
« Chemicals 
« Nuclear materiats Reiiet 
« Powerful oxplosives to Slide 
« Assassination Indes 
* Kidnapping and hostages ——— 
» Contamination 
* Shouldor-firod AD missiles Next 
« Terrorism : 
Slide 
Previous 
’ Slide 
FUTURE ADDITIONS: 
« EM weapons 
+ EM biological warfare 


« Scalar EM weapons 

«Scalar EM disease induction 

» Alteration of bohavior and emotions 
« Attoratron of mormory 

» Ole! Hhought control 

» Action-at-a-distance offects 


oe ee ee 


http://www.cheniere.org/briefings/DoDPriore/slides/005.htm24.11.2003 19:13:50 


Priore DoD Briefing 










Return 
to Slide 
Index 





\ex, EXPENSIVE, hig, nc 
0 | Dh ¢ ” teen, 


Next 
Slide 





Previous 
Slide 


G 
Simple, cheap, \O ; 


=e Tr mano 


http://www.cheniere.org/briefings/DoDPriore/slides/006.htm24. 11.2003 19:13:52 


Priore DoD Briefing 





e One terrorist, one light aircraft 
with spray tank 














Return 
© 100 kilograms of anthrax err 
e Flies over greater metropolitan Index 

Washington, D.C. Next 
e Calm night aoe 
e 1-3 million casualties result* —_ 
e Most of those stricken will die on 


e Presently little can be done 
to save the stricken civilians 


e Attacks on several population 
eenters might produce some 
10 million or more casualties 


Ti Oe mec “Per OTA Report to Congress, 1993 





http://www.cheniere.org/briefings/DoDPriore/slides/007.htm24.11.2003 19:13:54 


Priore DoD Briefing 





e Many foreign nations are hostile an 
to the U.S. and sponsor terrorists C 
e Some 25 nations have WMD or y 
are acquiring them 
— BW agents and weapons : 
— Chemical agents and weapons 
— Nuclear materials and weapons ah 
e Thousands of students and emigres a 
e infiltrated teams, BW, other WMD already a 
e Castro guerrillas infiltrated over the years 
e Can do unacceptable damage to U.S. now 
e May reach first strike knockout capabili 


i a Te Seenctw 











“Por OTA Report to Congress, 1993 


http://www.cheniere.org/briefings/DoDPriore/slides/008.htm24.11.2003 19:13:59 












° No shelters (reauibe overpressure. | 
e No stockpiled vaccines, medical su oe 
immunoglobulins, masks, suits, food, fuei , 
generators, heaters, water ter purification units 
personnel, and emergency response teams ” 
* Triage, full martial law will be required 6 [= 
e Terrorist teams, ys agents, other WMD on site, waiting 
e Water supplies, food, crops, farm animals also vulnerable 
e Present medical science cannot save very many of the 
casualties, now or in the foreseeable future 


BW filtering, masks, showers, supplies) 
e Totally insufficient medical facilities, 
o answer to massive ntamination problem 
2 » State, cou wal trained for ma ly staffed . 
and insufficie! for mass casualties 
e Electric power grid, bridges, trains, railroads vulnerable 








http://www.cheniere.org/briefings/DoDPriore/slides/009.htm24. 11.2003 19:14:02 











Previous 
Slide 








Priore DoD Briefing 


re ee ‘ull 


Solution to Mass Casualties Treatment Problem | 


Threat and Current Status 

Historical Solution: Priore Treatment Therapy 
Extended Physics and Background 

Modern WMD Solution: Portable Treatment Systems 
Conclusions; Technology Practical, Proven 
Recommendation: Crash Development Program 


On i = Onn [ales 28 Mar. 1998 


http://www.cheniere.org/briefings/DoDPriore/slides/010.htm24.11.2003 19:14:04 





Return 
to Slide 
Index 


Next 
Slide 





Previous 
Slide 





Priore DoD Briefing 


Return 
to Slide 
Index 


Next 
Slide 





Previous 
SMALL : Slide 
ANIMAL ; 

HOLDER 


¥ 








http://www.cheniere.org/briefings/DoDPriore/slides/011.htm24.11.2003 19:14:06 


Priore DoD Briefing 





involved a dramatic extension to both 


nonlinear optics and general relativity. 

However, nonlinear optics itself had notyet Return 
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suppressed by the changed French : 
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longitudinal EM pump waves and thereby 
pumping in the time domain. 

It is little wonder that Priore himself did 
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Among other things, Pautrizel treated 
seriously infected immature rats with 
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@ mature immune system, When they 
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their immature immune systems could 
not resist the pathogen (Trypanosoma). 
So even though the damaged cells were 
reversed back to normal, the “normal” 
immune system was unable to fight off 
pathogers, which rainfected the cells 
and killed them, killing the rats, 

This established the time-roversal 
nature of = therapy. 
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Giant coil 
around 12-ft long 
plasma tube 
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__| Table for reclining 
~ | human body 
’ 


http://www.cheniere.org/briefings/DoDPriore/slides/015.htm24.11.2003 19:14:18 


Priore DoD Briefing 






CELLULAR DISEASE, BY WHEELER'S PRINCIPLE 3 
* DISEASE CAN BE REVERSED BY CREATING AMPLIFIED\S3\\ : 
oe VACUUM ANTI-ENGINE (BEARDEN'S PRINCIPLE) . 
* ANTL-ENGINE IS CREATED BY PUMPING THE NONLINEAR an 
CELLS IN THE "INNER EM" DOMAIN, TIME-REVERSING THEM to Slide 
* PRIORE UTILIZED A PLASMA TO PHASE CONJUGATE AND "INFOLD” | y/ Index 
MULTIPLE BIDIRECTIONAL LONGITUDINAL EM PUMP WAVES ss 
* 47 FREQUENCIES MIXED IN A ROTATING PLASMA Next 
* PHASE CONJUGATES ADDED BY THE PLASMA Slide 
Re * JINFOLDED MIX INTO STRONG PULSED DC MAGNETIC —— 
FIELD, WHICH CARRIED IT INTO ATOMIC NUCLEI 
* PUMPED ALL NONLINEAR CELLULAR COMPONENTS TO —B& 
PRODUCE AMPLIFIED, SPECIFIC VACUUM ANTI-ENGINE Slide 
* NEGATED THE LONG-TERM CUMULATIVE CELLULAR 
DEDIFFERENTIATION ORDER GENERATED BY LONG-TERM 
HYPOXIA. TUMOR CELLS REVERTED TO NORMAL CELLS. 
* SCRUBBED OUT THE CUMULATED PRECANCEROUS STATE 
* RESTORED THE IMMUNE SYSTEM TO HIGH FUNCTIONING 


* NO EXCESSIVE TRAUMA TO TREATED ANIMAL 


cCANCches © 70, ee (eee Te eeeeoee 





Previous 
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Priore’s therapeutic methodology: 





Time-reverses the cells back to normal state 
FORMA SET | START ) 


EM WAVES (17) to Slide_ 
Index 
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NOTE: Priore therapy MAGNITUDE OF 
treats entirebody. ~ SUSCEPTIBILITY 
te ee YT Return 


ho ~~ sBopy “7%, Body Poem to Slide 
; Cells andtissues : Index 


THERAPY: 


damage, etc. Slide 





deterioration. 7 
Previous 
Slide 
Pn PRIORE THERAPY: 
‘ical No scarring 
or physical 
=? damage, etc 


x40 (o) 1000, "ee TE BeamceN 
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a | 


Solution to Mass Casualties Treatment Problem 
Threat and Current Status 
Historical Solution: Priore Treatment Therapy 


| 


ans | 


Pa 


Extended Physics and Background 

Modern WMD Solution: Portable Treatment Systems 
Conclusions: Technology Practical, Proven 
Recommendation: Crash Development Program 


CTEC, Inc. 28 Mar. 1998 


o Te ' 2 OCARCEN 
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* G.J. Stoney: 


Decomposed the scalar potential into bidirectional wave pairs. 


"On a supposed proof of a theorem in wave-motion,” Pra. Mag . 
443), 1897, p. 366-373 (and severst other papers) 


* E.T. Whittaker: 
Decomposed the scalar potential into a series of bidirectional EM wave pairs in 
harmonic series, where the two waves in each pair are conjugates (i.e., a 
wave/antiwave pair) and are longitudinal waves. 


"On the partial differential equations of mathemabon! 
physics.” Math. Ann. Vol 67, 1803, p. 333-385 


Showed that all classical EM - including waves -- can be replaced by two 
interfering scalar potential functions.. (This founded superpotential theory, 
extended by Nisbet, Bromwich, Debye, McCrea, and others.) 


"On an expression of the electromagnetic feild cue to 
electrons by means cf two scalar potential functions,” 


Proc. Lond. Matt, Soc. Series 2 Vol 1. 1M, 9, 387-372 


= R.W. Ziolkowski: 
independently rediscovered the biwave decomposition of the scalar potential and 
added the product set (in theory enabling modulations and communications) to 
Stoney and Whittaker's sum set. 
Various papers, 1965 to date 


@ 't even ot es 
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Subdivisions of 
Soviet Energetics 








VING 
~e b 


Energetics | Bioenergetics | Psychoenergetics 











* Nonliving systems + Living Systems « Living Systems (Minds) 
Scalar interferometry + Cells, cellular changes . Memories, Emotrons Return 
* Master Cell Contro! (Popp) * Conscious/Unconscious Minds 


* Spacetime Structuring to Slide 
+ Species, Biospheric Minds es 
* Action-at-#-Distance Index 
* Quantum Potentials 
* Scalar interferometry 
« Hidden EM Variatles Next 
+ SWZ Effects 
Slide 








Previous 
Slide 





© 106 TE BEARDEN 


Selected cipart © by (MSI MasterChica™ 
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Bunge on the Status of | 

Classical and Quantum Physics 
“+. itis not usually acknowledged that electro- — retum 
dynamics, both classical and quantal, areina Slide 
sad state... the best modern physicist is the Index 
one who acknowledges that neither classical Next 
nor quantum physics are cut and dried, both Slide 
being full of holes and in need of a vigorous . 
overhauling not only to better cover their own — 
domains but also to join smoothly so as to _ 
produce a coherent picture of the various 
levels of physical reality.” 


“Mario Bunge, a 
(@) (07 E BEARDEN New York, NY, 1967, p. 176.. 





Springer-Verlag, 
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EINSTEIN ON REVIEWING FOUNDATIONS — | 





"..the scientist makes use of a whole arsenal of concepts which 


he imbibed practically with his mother's milk; and seldom if Return 
ever is he aware of the eternally problematic character of his to Slide 
concepts. He uses this conceptual material, or, speaking more aes 
exactly, these conceptual tools of thought, as something anes 
obviously, immutably given; something having an objective 

value of truth which is hardly even, and in any case not Next 
seriously, to be doubted. ...in the interests of science It Slide 

is necessary Over and over again to engage in the critique of 

these fundamental concepts, in order that we may not uncon- Previous 





sciously be ruled by them.” Slide 


Albert Einstein, “Foreword,” in Max Jammer, 
Concepts of Space: The History of the Theories 
of Space in Physics, Harvard University Press, 
Cambridge, Massachusetts, 1969, p. xi-xil. 





SOSA < 1453 TE BEARDEN 
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7 Note ! 
plate on i. No “E* or “H" 
' "A \ in vacuum. 
rene only s= E* ae \ Return 
Source qisa 5 \ to Slide 
broken symmetry -_—* eS \ \ Index 


— — ee 
in vacuum flux - 








a= rs | Next 
- 3 Slide 
| Previous 
“ ile ” in front Slide 
brodtie — 
= joules contin 
across the point % jo mounly 
| d zone 
So E=-V one point coulomb 


[Coulombic energy collection density] 
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_ el Einstein's Spacetime 2 lh ics 


Wi ete s ess eae val 22? - 
oa axwell's ~~ 












Material 

















Material 

‘ ectric Electric 

{ All Maxwell's EM entities | 

' Fluid are defined only in and of Fluid ‘ 
’ Disturbed charged matter. All are Disturbed 


material entities. There 
was no place devoid of 
mass, in the universe. 











— 


MAXWELL'S EQUATIONS ARE MATTER-TO-MATTER TRANSFORMS | 
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Return 
to Slide_ 
} Index 
| 
Next 
| Slide 
Material Material ; 
| Electric Electric ial 
| Fluid Fluid 272 | Sue 
Disturbed Disturbed 






Now we are not using 

a material ether. 

ths pe mnees 
changing. 









Electrodynamicists’ Reaction to Removal of the Material Ether 
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THE MISSING INFOLDED 


ELECTRODYNAMICS 







Material Material 


Electric Electric 
Fluid Fluid 
Disturbed Disturbed 


, INTERNESTED SPACETIME CURVATURES = a | 
(VACUUM ENGINES) ie” 
| —__ INFOLDED GENERAL RELATIVITY ai % 4 
_ Ses “a mies 2. 4) LL 
~ ——____ SPACETIME — = > ee 
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Nonlinear Optics 
Distortion Correction Theorem 


= nt i 


/ i, 





"If a scalar wave E;(r) propagates from Previous 
left to right through an arbitrary but lossless |) Slide 
dielectric medium, and if we generate in 

some region of space [say near z = 0] its 

phase conjugate replica E2(r), then Ez 

will propagate backward from right to left 

through the dielectric medium, remaining 

everywhere the phase conjugate of E:." 





IC3-4 (@) 18 pees, 1807 © DARDEN 
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© TE BEARDEN 1997 





*- * * ETC. 
, : Wavepair #3 Detar 
HARMONICS ~3 : to Slide 
Ind 
Wavepair #2 =< 
Next 
Slide 
Wavepair #1 
** * ETC. Previous 
Slide 
In each wavepair the two waves 
The two are phase 


Note: Think of the oscillations as velocity modulations. 
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The Zero-Vector Axiom Destroys 
“Topologies within Topologies” 


e The axiom: There is a unique vector, 0, in V 








(the vector space) such that Return 
ak, ee ee 
e Note that V + 0i= 0;+ V; Oi = - O1= nO; i 
SO Oi = Oj = Ox =...+ On= ... a 


e This makes all 0i equal by assumption, a 
since there is assumed to be only asingle sta 
type O without real components 

e In fact, 0 is not unigue. An infinite number 
of different zero-vector systems, with real 
components, satisfy the zero-vector axiom. 
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A coupled EM wavelantiwave pair infotds electromagnetic 
energy, converting it to gravitational energy. The wavepair 
becomes an electrogravitational standing wave. 





< | emt ee CE meant 
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(waves with velocity v, where 0 < v 





@ Major equations of interest having UPW solutions are: 


— Homogeneous wave equation “Rosioues and Lu, Found, Phys Bettie: 
— Maxwell equations to Slide 
- Dirac, Weyl, and Klein-Gordon equations Index 


@ UPWs are translationally invariant, and do not spread, or 


they reconstruct their original form after a certain period. went 


Slide 
@ UPW solutions have infinite energy. Quasi-UPWs can have 
finite energy and can in principle be launched into space. Previous 


Sli 
® Subiuminal Maxwell solutions are called EM particles. side 
Superluminal Maxwell solutions are called X-waves. 


@ Experimental results indicate such waves will be produced 
within the next few years. @ 1900 TE BEARDEN 


@ Nimtz has translated Mozart's 40th symphony at v = 4.7c. 
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Velocity modulating a longitudinal 


EM wave oscillates rate of flow of time 
SSS SS 


_ Observer sees it this way 


Constant transverse wave magnitude 


Wave oscillates its velocity along 
iz its path, about a nominal value 


Wave oscillates this wa 
Constant transverse magnitude 


Wave oscillates magnitude of its 
transported t, about a nominal value 








« Waves consist of photons 

+ Each photon consists of onergy x time 

+ Each photon carries time as well as energy 

. 

vtompora dynamics. names and 

* Wave complexes carry dynamic time structures as well as 
dynamic energy structures 


©) wer TE BEARDEN 
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(Both photon and antiphoton are longitudinal) 


xv 









LONGITUDINAL In physics, the primary units 
PHOTON 


thing can be expressed, 6.g 


ACTION in terms of time alone. Thus 
i so can photon spin 
VACUUM iS THISA 

ENGINE SPIN 2 ENTITY? 


It is, in the time 
domain. 


| 
y 


REACTION LONGITUDINAL 
ANTIPHOTON 
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(AE)(At) + M => (M+AM)At => M + (AE)(At) Index 


Flow of macroscopic time (observable photon interactions) 


Next 
Slide 


Previous 
Slide 


Flow of microscopic time (via virtual photon interactions) 





The photon interaction generates an observed quantum change and a discretized jump 
in the rate of time flow. A particle observably Chainies by cals a sitie A tara tke, 
The background flow of time in which the jump in rate occurs, is created by the continual 
absorption and emission of virtual photons. 


Werte OrANDEN 
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(Use of Hidden Information Content of the Field) 
(Can Provide Action-at-a-Distance) 
Return 


to Slide 
Index 







Note: 

Whittaker's 1904 paper 
initiated the entire field 
of superpotential theory, 







Next 
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® TE BEARDEN 1967 


(8 to 20 harmonic wavepairs each )} 
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Deep penetration of weak signals in a dense signal 
environment, by nonlinear retroreflection 





generated signals from the interior, impingi jn 
weonite pumped (stressed) nonlinear amos areas 
the simultaneous exterior interactions occur. G@ sn itt meee 
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e Emission very sensitive to almost all 
external and internal influences 

e Both spontaneous and delayed 
luminescence occur 

e Photons stored in cell during the delay 


oe ee zh Sonere inter- 
actions in biologica spelen 
ets an organized field 
at the basis of contro} 
































Return 
to Slide 
a Index 
Leak. rovides ultraweak, coherent e A single delayed biophoton be 
‘ blophaton emiasion from the system able irigget 10°° © reactions ira cell 
+ Fractions) intens patterg: fev few to before its release Next 
«S m almost continuous within Slid 
Be reba drome = optical range from 200-800 nm. Ide 
Previous 
Slide 





Ea oy emission shows biological 
out of equilibrium 

« Emission has holistic characteristics 

e Correlations to most, if not all, of the 

biological functions of the organism 








° Tos e DNA, all other processes are sources 
. wae main process of whole system, 
different processes strongly coupled 
e Information function and sync of 
biological clocks (oscillators) 
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CANCER: CHARACTERISTICS 


NOT ONE DISEASE BUT A WHOLE RANGE 

STARTS IN ORDINARY (AEROBIC) CELL 

CELL SHAKES OFF BODY'S DICTATORIAL CONTROL* 
STARTS UNCONTROLLED DIVISION 

BECOMES A LUMP 

CAN SEND FORTH CANCER CELLS 


THESE FORM METASTASES (SECONDARY TUMORS) 
OFTEN BECOME ANAEROBIC (NON-OXYGEN USING) 


@ ENIGMA IS FAILURE OF IMMUNE SYSTEM 
TO ATTACK SOME TUMOR CELLS 
— SUPPRESSOR CELLS MAY CURB IMMUNE SYSTEM 


*R&R system forces cell back toward anaerobe 


CANCR-3S © 1883 TE Bearden 
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HANGE L# 











ATMOSPHERE Return 
AERORI to Slide 
habeas Index 
Next 
Slide 
e Previous 
ANAEROBES KILLER CELLS ORGANS Slide 
OBLIGATORY (SINGLE CELL es str Slide 
Sa one BOTH AEROBIC STRUCTURES 
SINGLECELL = AND ANAEROBIC) 
SHIELDED 
FROM OXYGEN * NOTE: LIMITED ANAEROBIC RESPIRATION 
STILL TAKES PLACE IN HIGHER AEROBIC 
LIFE FORMS, INCLUDING MAN. 
EVOLUTIONARY TIME 
CANCR-41 © 1003 TE Meander 


http://www.cheniere.org/briefings/DoDPriore/slides/042.htm24.11.2003 19:16:06 


Priore DoD Briefing 
















RED BLOOD CELLS ° AIR 
@ Return 
—_. to Slide 
Je os . Index 
on 
Severely reduced o Severe pollution ° Next 
oxygen transport ® Slide 
cS @ (Such as ®@ —_ 
cigarette smoke) a ; 
BLOOD CELLS 9 ° ° ‘ Previous 
LUNG Slide 
SACS 


BODY ATMOSPHERE 


CANCROF @ 1093 T4, Bearden 
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MULTICELL 
AEROBIC’ 
(INCLUDES MAN) Retain 
to Slide 
Index 
Next 
Slide 
CENTRAL CONTROL 
OXYGEN-RICH TIME-FORWARD esas 
a PATH AS IT Slide 


DEVELOPED 


6 =< TIME-REVERSED 
== PATH FOR SUSTAINED 


OXYGEN DEFICIENCY 


SINGLE CELL ~ a 
AEROBIC’ —s cST STEP IN OXYGEN-DEFICIENCY 
DEDIFFERENTIATION 


CANCK-O8 © 1989 TE. Bearden 


http://www.cheniere.org/briefings/DoDPriore/slides/044.htm24.11.2003 19:16:15 





Priore DoD Briefing 





* Two major links uncovered between : 
— The DC system and nervous system 
— The DC system and all body cells 


* Bioelectric potentials of primary importance = 
© Physiology presently considers controls limited to: ha 
— Neural action potential al 
— Various hormone chemical agents Next 
— Chemical agents associated with DNA/RNA system Slide 
* Complete Operational Biological Control System: 
— Controls growth, healing, biological cycles, etc. cae 


— Operates in ANALOG mode; various levels of DC 
— Interlocks physically with nervous system (and may be its precursor) 
— Other chemical agents 
— Tissue growth and healing NOT INCLUDED 

® Medical community now more concerned with diseases resulting from: 
— Inadequate/abnormal growth 
— Inadequate healing 


http://www.cheniere.org/briefings/DoDPriore/slides/045.htm24. 11.2003 19:16:19 


Priore DoD Briefing 


Application of DC currents to heal difficult bone 
fractures. Only picoamperes are utilized. Pulsed DC 
current or pulsed magnetic fields may also be utilized. 








Proves that cells can be time-reversed (phase conjugated) 
dedifferentiated) or time-forwarded (redifferentiate 
application of very weak electromagnetic signals, when 
those signals contain longitudinal bidirectional EM “pump 
wave” wavepairs, which cause the cell and its parts to create 
precise vacuum antiengines. 


Turns into type of cell that 
makes bone 

Deposits in fracture site, 

healing the fracture 






(2) Te ARO 
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DIFFERENTIATIO 
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Local cellular effect Local nerve effect 


CNS effect Alterations in hormone 
| pattern (prolactin) 
Alterations in tocal 
DC field pattern 


el 
effects — , 
[ Local and systemic 
sees wea 













Dedifferentiation into 
primitive mesenchymal cells 


t 


Phase | Blastema formation 





growth 
Phase Il . 


Redifferantiation into & Spadaro, “Electrical stimulation of 
required cell types , Abia) May 1978 


Restoration of body 
part or tissue 
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@ Standing DC potentials on intact surfaces of all living animals 
demonstrate a complex field pattern spatially related to the 








anatomical arrangement of the nervous system oF 

— Can be measured directly on the peripheral nerves ties 

— Polarity difference related to whether nerve is or is not a sensor ——— 

— Steady (weak) current flow exists Niest 

— Demonstrates solid state/semiconductor phenomena : 

— Accurately reflects (amplitude and polarity) the general level of neural sible 
activity 
* Sleep versus wakefulness Previous 
e Anesthesia versus conscious Slide 


e Other parameters 
@ DC levels determine the level of neural activity 


@ Action potential system exists upon a substratum of DC 
potentials which pre-existed it 


@ DC potentials substrata had and have control functions over 
basic properties of the living organism © TE. BEARDEN 106 
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@ Cellular processes are regulated by a precise control system 

® Attempted to engineering control-system theory 

@ Cells and tissues have solid-state electrochemical features Return 
which provide control signals in the control system to Slide 
— Growth process Tridlex 


— Electron transfer Regeneration in Mamnate” Bul NcY_Aaed. Med. 48(4) may 1072, p: 627-647 
— Semiconduction 


- Self-organizing (NOTE: implies hidden variables and nonlocal causality) Next 
@ Complex electrical events at the minted 6 site initiate cellular Slide 
aspects such as dedifferentiation and mitotic activity _— 
@ neration is a 2-step process, each with different controls 


—- Electrical triggers with threshold values results in appearance of blastema : 
— Complex data transmission to blastema establishes it as a self-organizing Slide 
system capable of growth and redifferentiation 
— Mammals lack ability to produce blastemas except for bone, but partial 
regeneration growth has been shown in response to electrical stimuli 
@ Growth related to electrical more than electrochemical aspects 
@ Hematopoietic marrow as source of cells for the blastema 
— Monocytes can take place in regenerative processes in limbs 
— Lymphocytes can dedifferentiate under certain circumstances 
-— Marrow elements can be induced into osteogenesis © TE BEARDEN 1908 


Previous 


http://www.cheniere.org/briefings/DoDPriore/slides/050.htm24.11.2003 19:17:08 


Priore DoD Briefing 


Corrections For the Present EM Bioeffects Model 


Beers eesesesossseg 
s . 
. 
. 
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Kaznacheyev's Cytopathogenic Mirror Effect 


tix: Disease vacuum engines transported by photons and waves _ 





tas 
Co eek en ence en en een ee enee teen ee eet ent en ret HOTT hOP CTERSLe Pees esebioeeeeseseeee: 


(E) TR PEARCE 1977, 198? 





Note: Minimum lattice is one harmonic interval: IR to UVis such a minimum G-lattice. 
Distant induction of cellular death and diseases, by special EM means. 
Coupled photon-antiphoton pairs (gravitons) in a structured harmonic 
lattice ordering constitute the disease or disorder template. 
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MICROWAVE RADIATION OF 
U.S. EMBASSY IN MOSCOW 


BACKGROUND 


+ Began in latter 1950s 
« Discovered on VP Nixon's trip 
+ Initially thought to be nuclear radiation 
(Discovered w/Geiger counter?) 
+ High level target - U.S. Ambassador 
+ Guarantees personal attention of: 
= U.S. Ambassador to USSR 
= NSA, CIA, DIA, NSC, etc. —— 
= Top consulting scientists Slide 
= Leading U.S. scientific institutions 
* Two U.S. Ambassadors died, another sickened 
* Anomalous health changes in personnel, only : 
in zero-field (zero pot'l gradient) areas! Slide 
* Four U.S. Presidents requested Soviets cease 
= Cut from 18 watts/sq cm to 2 
= Then again increased 
» No one could understand what was going on 
+ Aluminum screens were placed over windows 
* Moscow was declared a hazardous duty zone 


Former U.S, Embassy in Moscow. 


Return 
to Slide 
Index 





Previous 





Selected clipart © by Lotus SmartPics™ 
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_.. 9elf-Targeting in Inner EM 
<@>- Channel Can Produce a —*& 
Quantum Potential 











Once OP is established, Return 

is direct and inatantaneous, Eneray input 

single participant will simultaneously appear in all to Slide 

, the amount depending on their 

fractions of participation with the input station. Ny Index 
Next 
Slide 
Previous 
Slide 
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a. Quantum Potential Characteristics ““""""™ 
@ No point source 








@ Not radiated 
° Guantum potential between two particles 
- Instantaneous coumsation, 20" maitiply-conneuied spece Return 
to Slide 
. . I d 
b. Hidden Variable Theory and the Quantum Potential — 
Next 
Slide 
® "A quantum particle moves as if it were subject, in addition to its Previous 
external potentials, to a potential which is a function of its own Slide 


probability distribution.” 


Bohm's H.V.T. assumes: 
— Particle and wave function real and separate 
Wave function obeys Shroedinger's equation 
Particle obeys classical mechanics 
Particle couples to wave function through a quantum potential 
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e Separated points are eS 5 in MCST 
¢ intervening distance in T is zero 

* Connection is instant and bidirectional 

* Propagation through ST does not apply 











: Return 
* Energy or vacuum engine input to one station ee 
instantly appears at each and every other station, to Slide 
undiminished in magnitude Index 
« Ultimate net-centric warfare effect A —— 
Note: Once OP established 
ps separation distance in 3-space 
: is of no consequence Next 
Pm Slide 
é, Previous 
(Pash —— 
Slide 
\ as -. 
< “*en - Note: Vulnerability. Any other 
Station may insert energy 
or vacuum engines into the 
Same quantum potential. Phase 
, conjugating the hostile engine 
(> T& BEARDEN 1998 can negate its effect everywhere 
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And Typical Comparative Disease Curves 


Note: There is cumulative genetic damage to germ cells also. 








MULTI- MULTL 
SUPPRESSION AGENT 
OF (MMUNE TREATMENT 4 = intensity of 
SYSTEM gf exposure 
i Return 
to Slide 
DEATH OF THE HOSTIPATIENT ————— 
Index 
PERMANENT DISEASE STATE 
Next 
FULL DISEASE STATE Slide 
TRACE (LOW-LEVEL) GiSEASE 
Previous 
PRE-DISEASE STATE Slide 
SHADOW DISEASE STATE 





EXPOSED WITH MOST CUMULATIVE DAMAGE 
EXPOSED WITH MULTIPLE AGENT INFECTIONS AND RECEIVING MULTITREATMEANT 


ems aaa EXPOSED WITH LESS CUMULATIVE DAMAGE 
———————— ON-SULF WAR: TYRICAL MORMAL DISEASE WHICH KILLS PATIENT 





Ja 2 to) 1 Te er 
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Force Fields and Symmetry 


= Force fields are nature's way of imposing 
local gauge symmetries on the world 

= E.g., electromagnetic field is a manifestation 
of the simplest known gauge symmetry 
consistent with the principles of special 
relativity 

= For the EM case, the gauge transformations 
correspond to changes in ‘voltage’ from place 
to place 


@® T,.E. Bearden 1995, 1996 
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Aspects of Strong Local Asymmetry 
SSS a 


= If local asymmetry is strong, conservation laws 


may be appreciably violated 
e Energy @ T.E Bearden 1995, 1996 
* Charge Return 
e Spin to Slide 
e Momentum a 
* Angular momentum Next 
= Properties of an object may differ appreciably for oo 
® Different observers en er 
e Different detecting means Slide 


e One time to another 
* One position to another 


# STRUCTURING THE INFOLDED EM INSIDE POTENTIALS, 
FIELDS, AND WAVES 
e Strongly breaks local symmetry 
e Provides spacetime engines giving the above effects 
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Other Aspects of 


Strong Local Asymmetry 
eee 





= Local spacetime is curved © T.E Bearden 1995, 1996 

* Lorentz invariance of vacuum is violated poe 
* May be a local "sink" or "source" oe 
= Gravitational/inertial effects from EM os 

= Translation between virtual and observable Next 

* Electrogravitational solitons ls 

* Action at a distance Silas 
= Transmutation effects may exist Slide 


= Scalar/pseudoscalar field translation 
= COMMENT: Thus the use of infolded longitudinal 
EM fields and waves to strongly break local 
symmetry allows internested clustering of 
spacetime curvatures. These spacetime 
structures are vacuum engines, of spacetime engines. 
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oe -_— V =10° volts 
Surface layer of | bs Cellular membrane 
fluid atoms surface 
oe - d =10°’ meter 
E =10° volts/ meter 


Sx f(E*)= f(10") 


© 1997 TE BEARDEN 
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®@ What is taught is the "interaction cross section," i.e., the 
joules collected from the associated S-flow by one point 
coulomb of intercepting/collecting charge. Return 
= = i to Slide_ 
W=Vq = 0q_ (joules) N.. index 
d=W/q  (joules/coul) [2] _ 
ex 


Let @ <1 and fixed; q =n where n= Slide 
W =k, where k =00 [3] previous 
®@ From any "finite" potential, no matter how small, an unlimited siide 
amount of energy can be collected, by increasing the a 
_ collection (number of coulombs) (interaction cross section). 
® Actual magnitude of the potential () must be very, very large, 
since we can treat it as infinite or unlimited, via W = 6 q. 


® Else Equation [1] could not be linear. 








@ Te BEARDEN 187 
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Table A1. THE VACUUM ENERGETICALLY INTERACTS 
WITH EVERY PARTICLE, CONTINUALLY. 

Sa rr a I 
B® The vacuum is: 

@ Ground (zero) state of the electromagnetic (photon) field. 

@ Ground (zero) state of mass field. 

®@ Empty of observable particles or photons. 

@ Filled with non-observablie (virtual) particles and photons. 


@ Violently fluctuating microscopically and electromagnetically. see 
@ Constantly interacting with all particles, including partially to Slide 
shielding their bare charges. Index 
& Lamb Shift ~ vacuum's alteration of the energy level of an electron in the 
hydrogen atom. Next 
-- Difference in energy (frequency units) is 1057.862 MHz. Slide 
-- Lamb was awarded a Nobel Prize for showing this. ~_ 
-- Energy density exceeds that of the sun's surface! adions 


B Casimir Effect -- vacuum creates an attraction between two conducting Slide 
surfaces in close proximity. 
- experimentally proven, well-known. eee aa al 


@ Cole and Puthoff proved that there is no thermodynamic reason why energy 
cannot be extracted from the vacuum as heat and power, and utilized. 


@ The common dipole is a broken symmetry in the virtual photon flux of vacuum. 
it extracts virtual energy, integrates it, and re-emits it as Poynting energy density 
flow S = ExH (which observably interacts with charged particles and magnetic 
poles). 
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CAXelelialem s-(oueltiiimatareliaics) 


® Any EM field or wave is created by (comprised of) two 
potentials which interfere with each other in a given area 
— May be either scalar or vector potentials to Slide 
- May interfere locaily or at a distance a 
- Process is distance independent ae 
@ sr scalar potential is pet fora of a harmonic series of 
bidirectional longitudinal EM wavepairs (Whittaker 1903). Next 
@ Ziolkowski circa 1985 added the interior product setto “Hide 
Whittaker’s sum set. Thus he added modulations. 


Return 








® By assembling a deliberate “sum and product" set of Beau 
biwaves, a scalar potential can be created having an = 
internal deterministic structure. 
- This structures local vacuum aa 
curvatures, in specific forms 


— Now have added vacuum engines 
- Have infolded general relativity inside electrodynamics 


(©) 1990 TE BEARDEN 
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Va r-leasieiag| 
Structured 

Internested patterns _ : Einsteinian spacetime 

of spacetime 

curvature 
Return 
to Slide 
Index 
Next 
Slide 
Previous 
Slide 


Demons are 

EM hidden variables Demons work 
organized into at all levels 
dynamic structures 

at all levels 


TE BEARDEN 1908 
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ats STRUCTURING 
SPACETIME OF ACTIVE 
A SPACETIME 


Nig ra ms CURVATURES 
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DETAILS OF 
STRUCTURING 
OF ACTIVE 
SPACETIME 
CURVATURES 


(TEMPLATE) .” 
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rapped energy) and its struct Bp curves-and thnsluces aparetione conplanes farginuth 
* Curved and structured spacetime engines produce forces on mass and its components, 
Since vary pose EM orc used aeel of curvature, powerful 
. as 





arranging the LWs in the input EM potentials, 
. Soneral relebaay Genomes dase engineerable in devices chenaaeltea unparalleled capability. 
st curvatures te 
Return 
to Slide 
mass gaged meng scenery a ae 
\ / \ | / Next 
= ae, a 
~~ altered = — > altered Slide 
7 <a — 
P53 \ is Pl / | a> Previous 
Slide 
Complex of ST curvatures 
(vacuum engine, es eens disturbance (engine) 
spacetime engine) @® TE BEARDEN tose 
ics h hidden but I-re 
Infolded inside (comprising | s 20:salted poserital: tao, snd orawie 
{in space in the absence of mass). What are defined as 
, fields, and waves rigorously exist only in, on, and of 
mass, as pointed out by Aharonov and Bohm in 1959. All of this is just 
longitudinal EM waves and their interactions. 


http://www.cheniere.org/briefings/DoDPriore/slides/068.htm24.11.2003 19:18:31 


Priore DoD Briefing 


SIGNAL VERSUS VACUUM ENGINE 





® INFORMATION RECEIVED 


® ANY OVERT PHYSICAL 
oa ACTION MUST BE 
TAKEN BY RECEIVER 


SIGNAL (INFO) 





A. Receiver must do the action itself; vacuum energy is 
petit aha on eat ror aay the action must be to 


€ 1994, 1996, 1997 TE BEARDEN Selectad choat™ by Lotus SmartPics 


& 


—————> * VACUUM FLUX GRADIENTS = 





<> 


VACUUM * “INFORMATION” ITSELF ACTS | 
ACTIVATED 


CHANGE ALL PARTS AND 
ENGINE (STRUCTURE) CHARACTERISTICS OF 
TEMPLATE (FORM) RECEIVER, INSIDE AND OUT 





B. Receiver is acted upon; altered vacuum does the 
po ne lame No en or Rat ty come We nction Sood te 
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e An EM potential is gravitational due to its trapped energy. 
e A local EM potential is a local curvature of spacetime. Return 


e Structured potentials are structured (nested) local to Slide 
spacetime curvatures; hidden variable theory applies. = 


e Structured potentials thus are vacuum engines. — 

e Gradient-free potential penetrates the atom, into nucleus. Slide 

e With steady application, a structured gradient-free potential 
can be used to engineer the atomic nucleus at will. eons 


e Normal cold fusion systems structure a small fraction of = 


their potentials, by chance geometries, boundaries, etc. 
e This produces some new nuclides, but haphazardly. 


e The process can be developed and controlled. The 
nucleus can be deterministically engineered at will. 


© war Te BEARDEN 
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Vacuum Engineering 
Using Inner EM Energy and Structuring to Engineer Physical Reality 


Vacuum Potential (Violent Flux) 








Aaadagemane rian . : Return 











g ° 

Virtual Particle A (P 5 otential to Slide_ Slide 

Flux of Vacuum) gradients etc.) Index 
a Vacuum TxA, ay P etc. 

oa Next 
Slide 

Previous 
Slide 
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@ /mpact of Vacuum Engineering » 


« "if they [quantum fluctuations of vacuum] can be [tapped], the 
impact upon our civilization will be incalculable. Oil, coal, 
nuclear, hydropower, would become obsolete -- and so would 
many of our worries about environmental pollution." 





= "Don't sell your oil shares yet -- but don't be surprised if the 8 de 
world again witnesses the four stages of response to any new —— 
and revolutionary development: se cetiaaadien ae 
— 1. It's crazy! 
—2. It may be possible -- so what? — 
— 3.1 said it was a good idea all along. a 
4. | thought of it first. Artur c Clothe — dil acta 
= Com : Nov/Dec, 1994 Slide 
— Every dipole's broken symmetry in its energetic exchange with 
the vacuum already freely extracts vacuum energy. 


—in power sources, the dipole gates the extracted energy out as 
S = EXH, which flows almost entirely outside the conductors. 

— The circuit interacts with, and uses, only about 10°°* of S. The 
electrodynamicists calculate only this small S-component. 
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PREVIOUS 
VACUUM 

@ ENGINE 

PREVIOUS 
ss 
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A, i 
a. Pumping with transverse EM waves b. Pumping with longitudinal EM waves 
produces a time-reversed wave. A, and A, time-reverses fhe mass itself. 
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(Energy and time are canonical) 





@ Time can neither be created nor destroyed 
- Its form can be changed, and it can be positive or negative 
- Time can be collected or dissipated, converged or diverged 
- Time can oscillate and move in waves 
- Longitudinal (infolded) EM waves oscillate time 
@ Time is always in motion, and that motion is variable 
- Collected/collecting time is a continuing stationary 
change in an ongoing time flow 
- Time/collecting time can be internested and internally 
structured 


@ Time has gravitational as 
— Negative (trapped) time is antigravitational 
~ Emitting negative time is gravitational, to the emitter 


@ Nonlinear optical pumping can use longitudinal EM waves 
- Pumping a nonlinear mass by longitudinal (infolded) EM 
waves pumps it in its masstime form, in the time domain 
- This creates an amplified vacuum antiengine for the mass, 
and time-reverses the mass back to a previous state 


@ 1908 TE BEARDEN 
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@ There is a vast new kind of electrodynamics hidden 
inside all EM potentials, fields, and waves : 





ongitudinal EM waves and complexes 
— Oscillations in time domain Return 
to Slide 


® These complexes are an infolded general relativi bac 
© Beh Owens since the as 
agent of curvature ios wok 
@ in general relativity, similar precise complexes ~ a 


permeate and act on any mass at all internal levels Previous 
@ With this approach, one can now manipulate matter-- _Slide 
living or inert -- in any manner desired, depending 
only on the level of development of the technology 
@ Priore unwittingly used this to cure dread diseases 


® This is a revolution in all of science © TE WEAROEN 1808 
@ We have uncovered the major mechanisms to utilize 
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\ i | tt | Return 
ia HH |-." i I, to Slide 


Index 
Solution to Mass Casualties Treatment Problem 
Threat and Current Status Next 
Historical Solution: Priore Treatment Therapy Slide 
Extended Physics and Background 
Modern WMD Solution: Portable Treatment Systems a 
ide 


Conclusions; Technology Practical, Proven 
* Recommendation: Crash Development Program 


CTEC, Inc. 28 Mar. 1998 
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* FACT: DISEASE-SPECIFIC VACUUM ENGINE PRESENT FOR ANY, 
CELLULAR DISEASE, BY WHEELER'S PRINCIPLE 

* DISEASE CAN BE REVERSED BY CREATING AMPLIFIED 
oan VACUUM ANTI-ENGINE (BEARDEN'S PRINCIPLE) - 
* ANTI-ENGINE IS CREATED BY PUMPING THE NONLINEAR Return 
CELLS IN THE “INNER EM” DOMAIN, TIME-REVERSING THEM (“= to Slide 

* PRIORE UTILIZED A PLASMA TO PHASE CONJUGATE AND "INFOLD” = | Index 
MULTIPLE BIDIRECTIONAL LONGITUDINAL EM PUMP WAVES = 


* 47 FREQUENCIES MIXED IN A ROTATING PLASMA 





Next 
+ PHASE CONJUGATES ADDED BY THE PLASMA — 
Fs * JNFOLDED MIX INTO STRONG PULSED DC MAGNETIC aa 
FIELD, WHICH CARRIED IT INTO ATOMIC NUCLE! 
Previous 





* PUMPED ALL NONLINEAR CELLULAR COMPONENTS TO : 
PRODUCE AMPLIFIED, SPECIFIC VACUUM ANTI-ENGINE Slide 


* NEGATED THE LONG-TERM CUMULATIVE CELLULAR 
DEDIFFERENTIATION ORDER GENERATED BY LONG-TERM 
HYPOXIA. TUMOR CELLS REVERTED TO NORMAL CELLS. 


* SCRUBBED OUT THE CUMULATED PRECANCEROUS STATE 
* RESTORED THE IMMUNE SYSTEM TO HIGH FUNCTIONING 
* NO EXCESSIVE TRAUMA TO TREATED ANIMAL 


camenes + 10M eR Ohne Te eae 
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SURVIVORS OF N CASUALTIES 
(N = 1-40 MILLION) 


Return 
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FRACTION SURVIVING 





TYPE TREATMENT RECEIVED 


EXPRESSED IN FRACTION SURVIVING 
B With conventional treatment 

© With 1st generation P-treatment 

© With 2nd generation P-treatment 

B® With 3rd generation P-treatment 
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Solution to Mass Casualties Treatment Problem 


Threat and Current Status 


Historical Solution: Priore Treatment Therapy 


Extended Physics and Background 


Modern WMD Solution: Portable Treatment Systems 
Conclusions: Technology Practical, Proven 
Recommendation: Crash Development Program 


| OF f a Comm [a Te; 


* Wee TE ULAR 
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Summary and Conclusions 


@ A new therapeutic paradigm of great scope 
and effectiveness has been developed 


- Will provide effective, quick treatment of mass casualties 
- Will provide cures for unknown agents 
- No pathogen strains are resistant to this process a 


@® Results have been proven experimentally 
- Documented in French scientific literature 














- Rigorous scientific protocols, eminent scientists ah 

- Technical mechanism deciphered Slide 
@ Will treat and cure many diseases Previous 

- Aids, atheriosclerosis, cancer and leukemia Slide 

- Sleeping sickness © 1993 TE. Bosnten 


® Portable units can be developed quickly 


- 18-month crash development program required 
- high level authority and overwatch essential 


® Will solve the BW mass Casualty treatment 
problem, both civilian and military 
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solution to Mass Casualties Treatment Problem 
Threat and Current Status 
Historical Solution: Priore Treatment Therapy 
Extended Physics and Background 
Modern WMD Solution: Portable Treatment Systems 
Conclusions: Technology Practical, Proven 
Recommendation: Crash Development Program 


OF f = Om [elo 28 Mar. 1998 
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Recommend implementing: 


@ Seisi SS SeaDe ur Stamm 





pilligsise-si22) ee AIE lie Return 
1 8-mont : oject to Slide 
Index 
- SecDef and Congressioni OVerwatch woe 


Presidential] Ee irective 
Parallel logistics Support program Previous 


eed production lines 
bution, storage, maintenance 
tenance training 
usage at all levels 
men, police, National Guard, 
| facilities, etc. 
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Final Thoughts: 


@ The current internal BW threat can sic 
and will kill more Americans than 
all our previous wars combined 


Previous 


@ The Priore technology is the only 
solution in sight that can save 
most of those casualties 
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CTEC, Inc. 

2311 Big Cove Road 
Huntsville, AL 35801 
(256) 533-3682 Ph/ 


MIPEN PAIN FAA TA. 


CTEG, Inc. 


June 24, 1998 


Dr. Jane F. Kinsel, Director 

Office of Policy Analysis 

Department of Health & Human Services 
Bathesda, MD 20892 


Dear Dr. Kinsel: 


Your letter of June 8 is appreciated. However, the entire action package had already gone 
to the Assistant SecDef and also to Major General Neary in the USAF. 


The proof of a revolution in medical treatment was in the package. The basis for it is 
already demonstrated experimentally in the scientific literature, both in the U.S. and in 
France. We are speaking of something already proven, but missed by the entire U.S. 
medical community. Strong words, but true. Let me be specific. 


Any cell in the body can be time-reversed (physics term) or dedifferentiated (biology term) 
back to an earlier state, by pumping (i.e., "Squeezing" in simple terms) that cell with 
longitudinal EM waves as pump waves. There are considerable papers in the French 
scientific literature showing the experimental results. 


Apply that to cancer. We are stating bluntly that all cancerous cells in the body can be 
"depromoted" back to normal cells easily. Further, the damage previously done to them 
(such as by sustained hypoxia due to contaminants reducing the oxygen-carrying ability 
normally given to it by some 60-to-80 surrounding water molecules per red cell and the 
consequent H-bonding interactions) will also be reversed. The cells can all be returned to 
healthy, normal cells again, without "killing" or "burning" or "cutting" anything. 


With some development of the technology, you can quickly and easily cure every cancer 
patient in every hospital in the United States. 


Now apply it to AIDS. Since you can time-reverse every cell in the body, you can time- 
reverse the HIV-infected cells — genetics and all — right back to normal cells with normal 
genetics. Those cells not infected and healthy, will just get a "little younger” again. 


So with that small development, you can quickly and easily cure every AIDS patient in every 
hospital in the United States. 


| would have thought that NIH would certainly be interested in such a revolutionary therapy 
which has already been demonstrated in laboratory experiments. World-renowned French 
scientists — such as the eminent parasitologist Pautrizel and research PhDs assigned 
directly by Robert Courrier, head of the Biology Section of the French Academy of Sciences, 
worked with Prioré in performing those startling experiments that proved what we are 
saying. 


June 24, 1997 


Page 2 


The method was rigorously shown to cure infectious diseases (such as trypanosomiasis), 
atherosclerosis (which now afflicts millions of Americans), and terminal tumors. It was 
shown to reverse suppressed immune systems back to normal vigorous functioning. 


Please permit me to disagree with you that the examination of such is not the mission of the 
NIH. To the contrary, it is precisely the NIH which should have some of its very best 
scientists looking into this. 


The action package to DoD was to propose a crash program to develop this methodology in 
the form of a small, portable unit for treatment of mass casualties resulting from a terrorist 
BW attack on our cities (now expected in the next few weeks, as you must be aware). The 
leading Arab terrorist of the world has already promised just this. 


We are speaking of several million Americans who are going to die. They are going to die in 
spite of everything that NIH and its labs can do, even though | know you will make a heroic 
effort. With NIH present methods, you cannot do very much for those stricken Americans at 
all. Everything we have in the "normal" kit bag is almost useless against a knowledgeable 
spray attack of modified smallpox (as you know, the Russian secret BW labs have made 
and sold tons of that already, to guess who!). Or a spray of tularemia (you are well aware of 
the extreme lethality of that), or anthrax (easily obtained). It is also common knowledge that 
these terrorist teams with their BW agents are already on site in this country, waiting for the 
word to attack. This has now been officially raised to our primary Strategic Threat. 


In the face of such looming strikes on the U.S., | simply cannot believe that the NIH does not 
feel it within their mission to rigorously check out a proposed method for saving perhaps 
70% of those coming deaths (first generation equipment), and up to 90% with second 
generation equipment. 


Perhaps you just did not read the package carefully. | urge you to do so. 


Else NIH is going to look very, very bad when (1) the strikes do occur, (2) they can't handle 
them (and they cannot, as you well know), (3) they had within their hands in advance, a 
proposed methodology that could have been investigated intensely, to save millions of those 
stricken Americans. 


As a staunch supporter of NIH and especially CDC, | have to believe that there is a different 
attitude there. If NIH is not interested in a previously experimentally demonstrated method 
of saving millions of Americans, then the only recourse left is the political channel. 


| assure you that my critique of electrodynamics is well-founded, as supported by various 
leading physicists such as Nobelist Feynman (who stated bluntly that the field concept is 
wrong), Wheeler, Bunge, and so on. It is inexplicable why all our universities are still 
teaching a 130 year old abridged (Heaviside's) subset of Maxwell's theory, and one that still 
contains a material ether even though that was falsified 110 years ago! 


You already have seen the misuse of this technology by the Russians, in the decades-long 
radiation of the U.S. Embassy in Moscow. Is it not NIH's mission to understand how they 
generated all those diseases and health changes? Have you ever looked into 
Kaznacheyev's experiments showing that ANY cellular disease or disorder can be induced 
in cells at a distance by purely EM means? Have you looked into what got eliminated from 
electrodynamics by ignoring the hidden longitudinal EM inside every potential, field, and 
wave? Do you realize what ignoring that has done to American chemistry, biochemistry, 
and medical science?" 


| would hope that the NIH would at least be interested in its own mission area! 
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| challenge you bluntly to admit that no one presently understands the primary operation of 
the human cellular regenerative system. That's because its technical principle is not 
presently in our recognized physics, biochemistry, and medical science — even though it has 
been in the hard physics literature since 1903-4. Becker's epochal work came closest; since 
he only had access to the conventional EM model, it failed him. But he at least showed you 
rigorously that cells can be changed (both differentiated and redifferentiated) all over the 
map by laughably weak EM — picoamperes of current, which means persistent DC 
potentials. In the microwave radiation of the U.S. Embassy, all the health changes occurred 
in regions absent of fields — i.e., absent of bleed-off of the potentials. Hence in regions of 
stable DC potentials! With 100% correlation of the health changes to persistent, gradient 
free potentials, and 100% anticorrelation to changing potentials (i.e., fields), our own 
scientists concluded totally erroneously that it could not have been the EM radiation causing 
the changes, when their own results had just proven that it was. 


Now | ask you: Can NIH explain how it was that the DC potentials caused those health 
changes? | think not. If it could, it would understand the action package | wrote, and its 
importance. 


This is not a "political" letter. I'm just an ordinary American citizen who has done about 30 
years very hard work on this particular area. The work is good enough now to stand on its 
own merits. The scientific community will eventually accept it, about 50 years from now. 
But we cannot wait 50 years! Those millions of Americans are going to die, because of the 
bureaucracy and inaction of our own scientific organizations. Whether they like it or not, the 
U.S. scientific community is now the forefront of the struggle for this nation to survive. And 
they are failing us dramatically. 


So as a parent who wants his children to live, and his neighbors’ children to live, and those 
millions of soon-to-be stricken Americans to live also, | urge you to at least have someone 
competent in physics (and knowledgeable that the foundations of physics itself are in woeful 
shape!) check the work. Has anybody there read any of the references to the Prioré work | 
cited? Does anyone there realize that there are no EM forcefields in space? Probably not. 


Dr. Kinsel, there is a time for "business as usual" and there is a time to do some Serious 
new work. Those stricken Americans are going to be lying there. Nothing NIH can do is 
going to stop that. That's a given, and it is not my own estimate. It's the official estimate. 
And you Anow you presently do not have the tools to do anything really effective about it. 


Frankly, | interpret your letter to me as just the normal "spin control" for easy disposition. | 
would hope that NIH would seriously rethink the situation, get off the "spin control" and 
"business as usual" posturing, and do something dramatically different for a change. 
What have you got to lose? A little time from perhaps two or three of your best scientists. 
What have you got to gain? Saving untold millions of American lives. A new, a/ready 
partially demonstrated cure for most dread diseases such as AIDS and cancer — diseases 
which you presently cannot do very much about in spite of decades of heroic struggle. 


Sincerely, cc: Senator Shelby, Congr. Cramer 


T.E. Bearden 
President and CEO 


CTEC, Inc. 

T.E. Bearden, President & CEO 

2311 Big Cove Road 

Huntsville, AL 35801-1351 
(256)533-3682 ph/(256)536-0411 Fax 


CTEG, Inc. 


May 12, 1998 


Dr. Harold Varmus, Director 
National Institute of Health 
Bathesda, MD 20892 

(301) 496-1766 


Dear Dr Varmus: 


We have recently sent action documents to the Director of Nuclear and Counterproliferation, Office 
of the DCS, Air and Space Operations, HQ USAF and to the DoD (General Busbee) Assistant 
Secretary of Defense, as well as several Senate and House committees, which may be of interest to 
you. For one thing, we give the technical mechanism used to generate the Gulf War Syndrome. The 
same weaponry is now being used to rapidly induce new strains of certain pathogens worldwide. | 
urge you to closely read that section of the letter to MG Neary which explains the GWS, why the 
French did not get it, and why Southern Iraqis got an increase in cancer and leukemia but not GWS. 
Also explained is how the "microwave radiation" of the U.S. Embassy in Moscow induced diseases 
for decades, and how we failed to comprehend it because the standard EM model deceived us. 


There is a way to treat and quickly cure most diseases, including the mass casualties resulting from a 
terrorist BW strike on our civilian population centers, our military bases, or our forces in the field. 
The method is little known, but was scientifically demonstrated in France in the 1960s and early 
1970s before cancellation of the Prioré Project when the French Government changed. Eminent 
French scientists worked on the project, and the results are fully documented in leading French 
scientific journals. References are listed in a separate attachment. 


Previously the Western scientific community has been unable to understand the technical mechanism 
responsible for such remarkable cures, because of serious foundations flaws in Western physics and 
electrodynamics. Foundations physicists have long been aware our science is flawed, and have 
pointed out many of these fundamental errors. However, the operational science establishment has 
not paid attention, even though physicists such as Feynman and Wheeler pointed out that the notion 
of "force fields in space" was totally wrong. 


As a primary example, there is an "infolded" electrodynamics inside all potentials, fields, and waves 
that is far more primary than the coarse EM that is in our textbooks. It is actually an infolded general 
relativity, and this is what the Russians have weaponized. This infolded EM-GR has been ignored in 
the West (but not in Russia) since 1903. 


As another example the potentials, fields, and waves of present electrodynamics are rigorously 
defined — and exist — only in the presence of mass. They do not exist in such form (force fields and 
oscillating force fields) at all in space, in the absence of mass. Rigorously, Maxwell's equations are 
mass-to-mass transforms, since Maxwell and everyone at the time assumed the ubiquitous presence 
of the material ether. In other words, to the founding electrodynamicists, there was no place in all the 
universe that was devoid of mass. Hence they defined all EM entities as entities containing mass. 
Even though Michelson-Morley experiments of more than a century ago destroyed that material 
ether, not a single Maxwellian equation has ever been changed! They still assume the material ether. 


Page 2 


Specifically missing from our electrodynamics are two essential transforms: (1) the mass-to- 
spacetime transform, and (2) the spacetime-to-mass transform. In other words, these two transforms 
are "infolded" or hidden inside (comprise) the end point extremum case — the mass-to-mass transform 
actually written by Maxwell. 


But these two missing transforms are just general relativity (they correspond precisely to Wheeler's 
principle of general relativity). So general relativity has always been infolded inside electrodynamics 
as we know it, but ignored. Further, this is a very powerful general relativity, since it uses the very 
strong EM force as the agent of spacetime curvature. Hence now one can engineer a powerful 
general relativity in the laboratory and in practical devices, and even action-at-a-distance, which one 
cannot do using merely the staid and weak G-force. 


It turns out that longitudinal EM waves as shown by E.T. Whittaker in 1903 and 1904 are far more 
primary than our present EM theory and even our present GR theory. Both EM and GR are directly 
engineerable using longitudinal EM waves, including subluminal and superluminal EM waves in 
vacuum, and including action at a distance. One can engineer complexes of spacetime curvatures as 
desired, which in turn are spacetime engines (Wheeler's term). These engines can act upon mass — 
either living or inert — in any fashion desired, and at any distance desired. 


The little-known and poorly understood Regeneration & Recovery (R&R) system — as contrasted to 
the immune system — utilizes this exact "spacetime engine" methodology to restore damaged or 
diseased cells, within its limitations — "dedifferentiating" or "time-reversing" them back to normal. 
The mechanism is fully explained in the attached package. The proposed program applies this 
fundamental method to greatly amplify the effect. Thus cancer cells can be reversed back to normal 
cells, HIV-infected cells (HIV-factories) can be reversed back to normal cells (genetics and all), etc. 
This represents a dramatic and unparalleled new medical therapeutic methodology of extreme power. 
The same techniques can simply be conjugated one additional time, and used to produce diseases and 
cellular changes at a distance, including in entire mass populations, as the KGB is doing right now. 
Specifically, by impressing an extremely weak "cocktail mix" of disease spacetime engines on the 
U.S. populace, the immune systems are reacting and being "spread thin" across several "shadow 
state" infectious pathogenic conditions. Thus when an actual terrorist BW attack occurs, the lethality 
of the strike will be remarkably enhanced because the immune systems will be "thinned" in their 
ability to fend off this new pathogen. By doing it this way, BW warfare can actually be conducted 
upon the U.S. without anyone being the wiser. 


Our very survival as a nation is threatened by remarkable KGB weapons using this fully documented, 
extended electrodynamics. Bluntly, unless we take off our scientific blinders and understand Russian 
energetics weapon science, GWS and the Embassy health changes in Moscow were just a picnic 
before what is upon us. After two decades of work on the KGB energetics weapon problem, we have 
fully deciphered the technical mechanisms and what energetics is, as well as citing many of the 
Russian weapon tests and how they were done. Again, you can see that for yourself in the package. 


Now that we understand the technical mechanisms, we are proposing rapid redevelopment of the 
Prioré process, in portable suitcase-sized units to be mass produced and filtered down into the entire 
emergency community for mass treatment of lethal infectious diseases resulting from BW strikes. 
And we are strongly urging the U.S. scientific community to quickly investigate and come to grips 
with this vast new biological engineering mechanism. Our very survival depends on it. 


The inclosed documents provide an overview of the process. There is nothing else on the scientific 
horizon that can save the majority of all those stricken Americans, once the first foreign-sponsored 
terrorist teams strike our population centers with BW agents. 


Sincerely, Incls: Full package with table of contents 


T.E. Bearden 
President & CEO 
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"Others [terrorists] are engaging even in an eco-type of 
terrorism whereby they can alter the climate, set off 
earthquakes, volcanoes remotely through the use of 
electromagnetic waves... So there are plenty of ingenious 
minds out there that are at work finding ways in which 
they can wreak terror upon other nations...It's real, and 
that's the reason why we have to intensify our 
[counterterrorism] efforts." * 


Secretary of Defense William Cohen at an April 1997 counterterrorism 
conference sponsored by former Senator Sam Nunn. Quoted from DoD 
News Briefing, Secretary of Defense William S. Cohen, Q&A at the 
Conference on Terrorism, Weapons of Mass Destruction, and U.S. 
Strategy, University of Georgia, Athens, Apr. 28, 1997. 


Slides 
(covers period up to 1999) 


e The Coming Strategic Attack on the United 
States 


e Outline 
e Loss of two separate A-10 Warthogs in 1997 


e Typical ABM Defenses (Widely Deployed 
by mid-70s) 
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e Launch Phase Anti-Missile System 
e Launch Phase Anti-Bomber System 


e HC-130s Engines Quit, Aircraft Crashes 
Nov. 22, 1996 


e 1996 Actions by this analyst 


e Additional Information Exists: Not 


Analyzed, Not 
Integrated in Briefing 


e Kill of Arrow DC-8, Gander AFB, Dec. 12 
1985 





e Satellite Photos of Plumes in Soviet Arctic 
Since 1974 
See "Fer de Lance" for additional 
information 


e Aum Shinrikyo ("Supreme Truth" Cult), 
Shoko Asahara, Leader 





Aum Shinrikyo - Anatomy of a Dangerous 
Cult 


e Ashkhabad Problem and Its Solution 


e Strange Characteristics of Iran Quake, Sep. 
1978 


e Iran Earthquake, September 1978 

e Situation Now (Assessment) 

e Situation Now (Assessment 2) 

e Aspects of Strong Local Asymmetry 


e Mass Casualty Problem: Aerial Anthrax 
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Spray on Washington, D.C. 


Present Status of the WMD Threat to the 
United States 


Some Present Problems in the U.S. WMD 
Defense Capabilities 


Internal Terrorist Threat with Weapons of 
Mass Destruction: Now & Future 


Attempt to Ban Energetics Weapons 
Worldwide 


Brezhnev's Schedule 


Large glowing Tesla globe witnessed in Red 
China by hundreds 


Cold Explosion -- 9 April 1984 Near Kurils, 
and formation and growth of spherical shell 
(globe) 

Sequence of Events 


Cold Explosion -- 9 April 1984 Near Kurils, 
and formation and growth of spherical shell 
(globe) 

What They Were 


Cold Explosion -- 9 April 1984 Near Kurils 
(Plus additional weapons effects) 


Countering Insane MAD Systems: 
Find Loophole, Exploit It 


Next Generation Counter to Both Sane and 
Insane MAD systems 


Simultaneous Dudding of Nuclear Weapons 
Worldwide 
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e Simultaneous Dudding of Nuclear Weapons 
Worldwide 


e Operation Divine Wind II 
e Advanced EMBW Applications 
e EM Biological Warfare (EMBW) 


e Microwave Radiation of U.S. Embassy in 
Moscow 


e Pentagon EMI Studies, 1989 
e EM Missile Practice (6 slides) 
e Subdivisions of Soviet Energetics Program 


e Communism's Goal 


e Manuilsky's Goal vs. Status Today (Dec. 
1996) 


e Professor Hellman, German Scientist 





Released from Work in Soviet Union 


e Hemispheres and Globes of Light (4 slides) 


e How Could Such Superweapons Ever Be 
Concealed? 


e Soviets Easily Concealed These 
Superweapons for Four Decades 


e Microscope-type, laser-like interferometer 
for inducing quick o-decay in samples of 
otherwise longer-lived isotopes 


e Longitudinal Wave Interferometry: 
Endothermic 
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Longitudinal Wave Interferometry: 
Exothermic 


U.S. Air Attack on Libya, April 1986 


Lightning Wall 
circa 1959-1960 


Lisitsyn's Report: Brain Code Broken 


Large Longitudinal Wave Interferometer 
(LWI) Accident 


Large Longitudinal Wave Interferometer 
(LWI) Accident 


Use of Hidden Information Content of the 
Field Can Provide Action-At-A-Distance 


Two Types of Mutual Assured Destruction 
(MAD) System 


Psychoenergetics Weapons Teams Mentally 
Disable All Personnel 


Strikes Against Special Ship and Energetics 
Weapons Sites 


"Mindsnapper" Attack on Special Ships and 
Energetics Weapons Sites 


How Much Off Guard Are We? 
(7 Slides) 


Possible Targets: 1995-9 Escalation Phase 
Propagation of Weapon Effects 
Yugoslav Earthquake, Followed by Cold 


Explosion 
April 15th, 1979 
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e Countering an Insane QP Weapon 


e Gulf War Disease: KGB QP Weapon 


Induced ST Curvature Engines for a 
Cocktail of Diseases 


e Self-Targeting in Inner EM Channel Can 
Produce a Quantum Potential 


e Mechanism for Producing a Quantum 


Potential 


e Major Principles for Use of Quantum 
Potential Weapons 


e Major Principles for Use of Quantum 
Potential Weapons (2) 


e Instantaneous Communication by a 
Quantum Potential 


e Participants in a quantum potential share a 
common multiply-connected spacetime 
(MCST) 


e Quake in Tangshan, China 
28 July, 1976 


e Exchanging Earthquakes 


e Instant Communication by a Quantum 


Potential 
e Westerners Do Not React to Slow Threats 
e Characterizing a Given Risk or Risk Factor 
e Technical Risk Management 


e Aum Shinrikyo's Sarin Facility 
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e In Scalar Beam Interference Zone 


e Physicist Schappeller Auralaz Munster, 
Austria 


e Initial Soviet Plan for Cold War, After WWII 





e Josef Stalin: Absolute Dictator 


e Exploding any Resistance by Operational 
Scientists 


e Significant Soviet Statements 


e Captain Svoboda Dives Headlong to Her 
Death 


e T-polarized Beam Projector 

e Possible Tests (1) 

e Possible Tests (2) 

e Possible Tests (3) 

e Possible Tests (4) 

e Mushroom Cloud Rising From Sea 


e Launches from Cape Canaveral and 
Vandenberg AFB Provided Practice Targets 
of Opportunity 


e The sinking U.S.S. Thresher, with her 
controls jammed, implodes when she 
reaches crush depth 


e Embodiment of an instrument array 
sufficient to discriminate when time-density 
charging has occurred, and that transduction 
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of time-charge decay has occurred. 


e Time-Polarized EM Wave Interferometer 


Creating Space-Time Curvature Engines in a 
Distant Interference Zone 


e Transmutation of Radioactive Nuclei at a 
Distance 


e Transmutation of Radioactive Nuclei 


e Typical Tesla Shield, Northern Route of 
Japan 


e A Curious Tide in Human Affairs 


e Large Scalar EM Interferometer (LAST) 
Accident Near Urals, 1958 





e The Superpower Paradox: Asymmetric 


Cheap WMD Strategic Strike and 
Destruction 


e The KGB/Yakuza-Aum War Plan 


e Why Western Science is Ignorant of KGB 
Energetics 


e Transmutation of Radioactive Nuclei at a 
Distance 


e TheYakuza 


e Yugoslav Earthquake, Followed by Cold 


Explosion 
April 15, 1979 


* Note that the Secretary did not speak the words in 
square blocks; these were added by the writers later, 
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probably to "soften the tone" of the Secretary's 
information release. So the Secretary confirmed that 
some nations of the world -- not just some ragged 
terrorists, as the writers tried to imply for spin control -- 
do possess novel electromagnetic weapons and are 
using them to induce earthquakes, engineer the weather 
and climate, and trigger volcanic eruptions. 
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Loss of two separate A-10 Warthogs in 1997 


e A-10 Mysterious Flyaway and Crash - April 
2, 1997 








e Death of Second A-10 Pilot - May 27, 1997 


e Captain Button's Mysterious Flyaway and 
Eventual Crash 


e Death of Second A-10 Pilot - May 27, 1997 
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Armed with: 
- Four 500-lb bombs 
- 30 mm Gatling gun 
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° captain AG Svobody 
e Night training mission 
e@ From Davis-Montham AFB 
@ From same wing as Captain 
Button, who flew his A-10 
off course for over an hour 
and then crashed on April 2. 
@ Climbout from ordnance Companion A-10's 
delivery on target 
e Nosed down etary and 
dived into grou % 

















« Experienced night 
flyer & Instructor 
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and flew into ground 
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Psychoenergetic weapon induced instant hypnogogic state and 
reverted Svoboda 's Sonea of up and dowrt.” 
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A-10 Mysterious Flyaway and Crash 


April 2, 1997 


Armed with: 


- Four 5004b bombs 
- 30 mm Gatling gun 
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Figure 14a. Captain Button's mysterious flyaway and eventual crash. 
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Death of 2nd A-10 Pilot May 27, 1997 
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EARTH'S SURFACE 
SOME OPERATIONAL MODES: 
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Flight 006, 19 Feb. 1985 


off San Francisco, bound 
from Taipei to Los Angeles 
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CTEC PROPRIETAR 


1996 Actions by this analyst 


s |n July 1996, with the kill of TWA-800 it became 
apparent that the KGB/Communists were ptaparing 
a massive strategic energetics attack upon the U.S. © T& BEArSeN 997 

e Began intensive, nearly round-the-clock effort to uncover 
what was happening, and what had occurred in KGB/Com gx 
weapons since 1991 

e Began preparing full-up set of briefing slides simultaneously 
—\n early 1996, had briefed J6 on scalar EM, per his request 
— Had strongly suggested a follow-on weapons brief 

— Adamant opposition by NRL, NOL, others 

® Similar whl) Serer attack scenario in 1986 was 
countered. Soviets at that time did not possess 
operational QP weapons, and so could not successfully 
overcome dead-man fuzing 

— Also could not dud nukes worldwde, because OP required. 
— First lab prototype OP test was in April 1986 

e KGB had solved the dead-man fuzing problem by OP's. . 
Deployed circa 1989-1990. Some earlier weapons then leased. 
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Kill of Arrow DC-8, Gander AFB, Dec. 12, 
1985 


e Slide | 
e Slide 2 
e Slide 3 
e Slide 4 
e Slide 5 


e Slide 6 
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KILL of ARROW DC-8 
Gander AFB, Dec. 12, 1965 


* SOVELE!N Missile Weapon sinke practice 
IWO WEEKS PanlenalGape Gandveral 
: > Offset from night shuttle launch 
a - Elvimissile photographed by Bob Gladwin 


» Associated Marker beacon photographed 
2 Ssigtielizie) Sejsrel salir os) fisielighe |= 
© Halfthougnticing, halfdisagreediintensely 
“Due to icing approved with half absent 
» Separate dissenting nnding issued 
Meise eo fiieisits filclisic) [rei/@euniires sifeiis 
» Feared terronstbomb, VidEast sponsor. 
» Pressured Board, Gen’ Off bulldozed'site 


¥ 


Jn let meli eile mejim-ligetesiim@t-\(-may-|[elicce| " 
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hILi of APRPOW OCs 
Gander Ars, 0es. 14, 198s 


Eyewitness observed beams form in the sky 
Saw streak-down and strike of Elvi missile 

=— Struck right fuselage ahead of the engines 

= Hole Was burned through fuselage there 

= Proto of nole published in Aves) a) 
— eyed iye rales en nel= > 
Consistent with ignition and outgassing of 
plastics in forward cabin 

Consistent with pre-crash HCN deaths 
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FILL of ARP POW 0 Gee 
Bander Ars, Das. 12, 1285 
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aiti fei (ate fi g—elb led [ple le-jelsediiientpigti-jeie)eileqigle 
struck with Eli missile, at lito | 


Hole in night tuselage, ahead of engines 
Slejelplelersiilisheejlelsleyer pepe ciearlei| ipielajene 
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ele emia cers ulan= ereshiae 
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Materials handlers later mysteriously sickened Pwith 
symptoms of longitudinal EM radation induced illne&s *° 
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ol WAU OF ARRON Dic-8 
Gander AFS, Dec. 42, 165 


JOralipjetfdielsmercle |[eremeoelle nem egrellcyerelsigielelgeleiele 
Emulated reducing Specific thrust by icing 
Sader Vita eat Teast) Ey etdal ea 

Hole in right fuselage, ahead of engines 

Not normal explosion; no material ingested 

EfVVimissile explosively eee a) Febrj eleesp lal feyeuy=icebrer:|e)i ap 


outgassed pote obs 4 ; 
Autopsies; Halfiiie passengers died tran Aen 
inhalation # J 
before plane crashed 
Data recorders recorded Verncal Spike oF hit 
Waterials handlers later mysteriously sickened, with 
symptoms of scalar-EM radiation induced illness 
1 Eve witness observed formation and siike of fie 
a. 5f5 tromagnetic missile 


ny 
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Death of the Arrow DC-8 





FUEL 
Dec. 12, 1955 EXPLOSION 


Gander, Newfoundiand AIRCRAFT GLOWING 
: (THRUST REDUCED) 
ENGINE THRUST : 


iS REDUCING 


al tes” 


V7); ey 
= ” — 7 fash re : 


oy al 











) EM MSL STRIKE ‘ 
~o > (MULTIPLE an CYANIDE — 
INSTRUMENT INHALATION 
KINDLING SPIKES) 
(SELF -TARGETING) 








ELECTROSTATIC |EXPLOSIVE 
COOLING OF jPLASTICS 

ENGINE IGNITION, FIRE, 
COMBUSTION |OUTGASSING 


c i 
TAIL OVW . 
- CRASH “ 














ABOUT ONE-HALF 
THE GEEUPANTS BIE 









GRAVITON RADIATION DECAY 
(EXPOSURE OF RECOVERY 

PERSONNEL TO LONGITUOINAL 
EM WAVE RADIATION 















GRAVITON CHARGING 
OF ATOMIC NUCLEI 


-HIGHLY CHARGED PULSE 
INTO ATOMIC NUCLEI 
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»4 Satellite Photos of Plumes g 
ge in Soviet Arctic Since 1974* 
= Two aircraft flew through for analysis 
—Solid material, mostly ice, a little clay 
— Much colder than surrounding air 


— Signature of cold exhaust from exothermic 
sealar interferometry operations DD, 

— No volcanic material #, 

—No radioactive material ¢ %* 
«May be 2 to 3 times as many incidents 

— Only examined satellite imagery in winter 

— Only periodic satellite coverage 

—Hypothesized methane venting, cloud seeding 


ic) TE BEARD "As of 129 this infor ion 
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AUM SHINRIKYO 


("SUPREME TRUTH" CULT) 





i) oe ete Se 
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Ashkhabad Problem 
and Its Solution 





= PROBLEM: 
— Stress increasing in two-plate fault zone 
— 1,000 shocks yearly 
-Kara Kum canal 
-Hydraulic pressure 
— 1948: Ashkhabad 80% destroyed by quake 
s SOLUTION: 


— Stress-relieve plate stresses from fault 


s IMPLEMENTATION: 
— induce nearby earthquake 
—Deceive by predicting a quake, setting off 
nuclear explosion 
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Strange Characteristics 
of Iran Quake, Sep. 1978 


= Signatures greene 
—7.4 on Richter scale 
—No aftershocks: 6.0 expected (normal) 


— Strange epicenter 
— Anomalous depth re 
= Deception 

-10 MT Soviet nuclear explosion 36 hours 
before the quake 

-Prior disinformation regarding Soviet 
attempted development of focusing shock 
waves from underground nuclear 
explosions, to cause distant earthquakes 
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lran Earthquake g 
Sept. 1978 


= Killed 25,000 Iranians 
= Soviet city of Ashkhabad saved 


= Soviets "predicted" quake & 
in advance; then induced it a 
= Quake had serious anomalies (signatures) 
=» Deception measures were used by Soviets 
—Prediction in advance 
—"Theory" of quake-induction by nuclear explosions 


—Fired underground nuclear explosion as 
“Red Herring” candidate for cause Tx 











fc) IS96 7 E BEAR oe 


http://www.cheniere.org/images/weapons/IranQuaksm.jpg8. 11.2003 1:22:33 


http://www.cheniere.org/images/weapons/assesslsm.jpg 


Situation Now (Assessment) x 





night ordnance delivery on target, was struck with 
psychoenergetic weapon takeover. Sense of vertical 
Was reversed. She perceived herself diving, sharply 
corrected, and dove headlong into the ground. 


Additional aircraft kills uncovered, including one 
4-engine aircraft whose engines all failed. This 
closely repeats the earlier 1985-1987 scenario. 
Korean Airlines Flight 801 crashed on Guam on 
anniversary of loading of the atomic bomb that was 
dropped on Hiroshima in WW Il. The Enola Gay, 
which dropped the bomb, took off from Guam In wee 


morning hours of August 6, 1945. The local opns , 
order on Guam was also issued on Aug. 5. sae 
« Presently the Coalition (KGB/Communists/Aum 


Shinrikyo/ Yakuza) is waiting for proper time to 
launch the final strike. It is still on. © rom rm sess 


= In May 1997: second A-10 pilot (lady), in pulp from 6 
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Situation Now (Assessment 2) 


= April 97: Mind control test against Captain Button: 
~ Demonstrates ability to control crewman in 
complex operations for more than one hour. 
— KGB requires one hour total QP crew control 
on a site to have crew disable insane QP wpns. 
=» Once QP systems disabled, Mindsnapper attacks 
and instantly kills every living thing in QP site area. 
Contaminates area for months (emits jibe ataonl 
EM wave radiation, which disrupt any life forms 
attempting to enter struck area). Sites nullified. ........... 
= Mind control over one crewman requires one 
ern: eae plus up to 20-30 operators for 
controlling thoughts, hearing, perceptions, etc. 
= In . 97, KGB building and loying weapons 
the ing crews. Reddy for new attack | 9-2000. 











http://www.cheniere.org/images/weapons/assess2sm.jpg8.11.2003 1:22:39 


http://www.cheniere.org/images/weapons/AsyAspctssm.jpg 


Aspects of Strong Local Asymmetry 





e If local Sey Amey is strong, conservation 
laws may be appreciably violated 
— Energy 
= Charge 
— Spin 
= Momentum 
= Angular momentum 


e Properties of an object may differ 
appreciably for 
— Different observers 
= Different detecting means 
— One time to another 
= One position to another © 7 E Bearden 1995, 1996 
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e One terrorist, one light aircraft 
with spray tank 


e One kilogram of anthrax 

e Flies over greater metropolitan 
Washington, D.C 

e Calm night 

e 1-3 million casualties result* 

e Most of those stricken will die 

e Presently little can be done 
to save the stricken civilians 

e Attacks oe aide pepe 


centers might produce some 
at 0 million or hare casualties 


“PerOTA Report to Congress, 1999 
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e Many foreign nations are hostile 
to the U.S. and sponsor terrorists 


e Some 25 nations have WMD or 
are acquiring them 


—- BW agents and weapons 

— Chemical agents and weapons 

— Nuclear materials and weapons 
e Thousands of students and émigrés © 
e Infiltrated teams, BW, other WMD already 
e Castro guerrillas infiltrated over the years 
e Can do unacceptable damage to U.S. now 
e May reach first strike knockout capabili 


() bat TE peeeten 














"Per OTA Report to Congress, 1993 
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e No shelters (require overpressu 
BW ii Anarhg, Wack showers, supplies) 

« No stockpiled vacc Leap bang Su} ~ 
immunoglobulins, 


psibale sage heaters, maar oon el € 
° Totally insufficient medical fac ities, A 


personnel, and emergency response teams 
@ Meas tole mart Haw will be rogiiirec 













° State, county “lty radequately staffed ; 4 
and insuffic intly trained for mass casualties ae | 


e Terrorist teams, BW agents, other WMD on site, waiting - 

e Water supplies, food, crops, farm animals also vulnerable 

e Electric power grid, bridges, trains, railroads vulnerable 

e Present medical science cannot save very many of the 
casualties, now or in the foreseeable future 


(p fee 7 LARD 
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« Nuclear materials 
« Powerful explosives 
® Assassination 


* Shouwlderfired AD missiles 
« Tevorsim 


FUTURE | 
* Onhodox EM weapons 
s Energetics EM biological warfare 
* Scalar EM (energetics) weapons 
« Scalar EM disease induction 
* Alteration of behavior and emotions 
« Aferation of memory 
* Direct control of Moughts, perception 
« Quantum potential weapons 
« Psychoenergetics weapons 
1 Acton-at-adistance effects eed 1098, 100 TR ADEN 
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Attempt to Ban Energetics » 
Weapons Worldwide 








# On June 13, 1975, in a major speech Brezhnev urged the 
United States to agree on a ban of research and 
development of new kinds of weapons "more terrible than 
anything the world has known." 

# On July 2, 1975 Brezhnev repeated his proposed ban on 
development of frightful new weapons, to a group of U.S. 
Senators. 

ein August 1975, Ponomarev called for a ban on frightful 
new weapons of mass destruction. 

«On Sept. 23, 1975 Gromyko presented a draft treaty 
agreement to the 30th Session of the UN General 
Assembly, for banning development of frightful new 





lest notion what the Russ 





(p) 1996 7.2 BEARDEN 
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@ Brezhnev's Schedule | 


“We are a detente what our predecessors have 
been unable to achieve with the mailed fist... 
= 1985 our stig Agen ba cl irresistible that we can do what we 
wish anywhere on the globe. Leonid Brezhnev, 

in a secret 1973 meeting in Praque 

with European Communist leaders. 


“By the early 1980's we and our allies will control the high seas, 


space, and most of the earth's land area." 
Kosygn, 
to Imelda Marcos, 


July 1978 


In 1985-87, the Soviets did attermpt to move, still constrained by 
nuclear dead man fuzing. That attempt was blocked, salen poche 4 
by scalar EM countering demonstrations and man 
fuzing. 

In April 1986, the first Soviet lab prototype of a quantum ntial 











a 


weapon specifically designed toward 10-min a ttraltntion of nukes 
worldwide was gingerly tested against our U.S. airstrike on Libya. 


It was weakly tested in the "induced EMI" mode, for deception. 


By 1990 that weapon was oyed and a new ©) 1996 TE BEARDEN 
attack preparation phase a entered, scheduled for 1997. 
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COLD EXPLOSION -- 9 April 1984 Near Ku 
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° of water rose 
rapidly from surface, 
mushroomed out 






e Reached 60,000 feet 
380 miles Mttitude in two minutes 


A diameter « Brilliantly gio’ wi lol 
then appeared sy Baas 
¢ Globe increased 
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miles 
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COLD EXPLOSION -- 9 April 1984 Near Kurils 


J 






Superpotential interfer- 
: ometry using LWs 


e First, bei rhe osm 
centerline 380 miles 


6 Tie oad GER E 
of EM energy 
for 1-on-1 targeting 

200 miles ° Larger FA tanyots 

senienting teens 

° ee ST SeGeees. can aes 


ae and ail 


e Use in or out of Earth's 
dirnosphere 
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COLD EXPLOSION -- 9 Apri 1984 Near Kunis 
(Plus adaitional weapons effects) 
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Countering Insane Mad Systems: 
i? Find Loophole, Exploit It 


= If MADs not fakin potential systems, easily countered 
by instant QP strike which destroys targeted MAD weapons 


worldwide with certainty. 


= Have to be certain of types of dead-man fuzing. All dead-man 
fuzing weapons must be included in the assured target list 
for the striking quantum potential weapon. Bg 


= Multiple targeted MADS require multiple vacuum engines in 
the striking quantum potentials. 


= Uncertainty and risk introduced if not certain of all 
MAD systems and all dead-man fuzing systems. 


= Newest generation psychoenergetic LW interferometry weapons 
can instantly take over minds of all personnel on targeted sites 
with targeted crews quickly dis ng their own MAD weapons 
launch capability as well as the weapons themselves. 

=» Mindsnapper then kills all living things and contaminates sites. 

Next generation QP Psy-En weapons can disrupt and destro 

minds of an entire targeted national population. The nature of 

warfare moves irrevocably to the human mind, where of course 

the fundamental problem arises anyhow. 
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® Localized quantum potential in an area, 

used in psychoenergetics mode 
« Gradually produces mild, continuous hypnotic state 

« Targeted population remains entirely conscious, functional 
2 Internal “word thoughts" emerge directly in subconscious 
« Targeted persons all unaware of these "word thoughts" 

« Operates somewhat similar to “post hypnotic suggestion" 
« Gradually changes emotions, psychological outlook 


= Over a period of time, deviates and entrains entire target 
population's outlook, belief structure, temperament 


2 Moves Psywar to inside the human component 
® Human minds are the only battleground Zahn 
e Can be accomplished without overt 


signature 
* Into deoper mind level (collective unconscious) 
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Simultaneous Dudding of 


Nuclear Weapons Worldwide 





e Via quantum potential joining U235 and Plutonium in warheads 

¢ Includes weapons airborne, underwater, in storage 

e These are transmutations of the nuclides themselves 

e Part of the initial barrage launched by Aum/Yakuza/KGB 

© Will occur in the first minutes of the strategic strike, following 
psychoenergetically crew-disabling QP weapons 


— 





Note: Duds both overt and covert nuclear weapons and weapons-grade 
materials -- including “sultcase-delivered" covert weapons on site in @ Le. BEARDEN 1996 
Russia which oth se provide dead man fuzing 
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Simultaneous Dudding of oC 
Nuclear Weapons Worldwide 2. 


¢ Via quantum potential joining U235 and Plutonium warheads 

« Includes weapons airborne, underwater, in storage 

e These are not explosions, but are transmutations and 
CERISE G NSSIONING (208 fissioning rates 


¢ Part of the initial barrage Part of the Initial barrage launched by Aum/Yakuza/KGB 
¢ Will occur in the first minutes of the strategic strike = @ix wanoeniow 


Note: Duds both overt and covert nuclear weapons and weapons-grade materials, 





http://www.cheniere.org/images/weapons/Dudding3sm.jpg8.11.2003 1:23:33 


The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 





Operation Divine Wind II 


Slide 1 
Slide 2 


Slide 3 


Slide 4 
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YAKUZA & 
AUM SHINRIKYO 


DIVINE WIND Il 


xA secret coalition of Yakuza/Aum Shinrikyo and 
Communist forces plan to launch a massive, 
Surprise energetics attack on the United States, 
given a low-risk opportunity. 


* Major weapons utilized will be the scalar EM ermeee 
superweapons Mg ae quantum potential weapcns) 
were developed, deployed, and operated by the KGB under 
the former Soviet Empire, and continuing after its dissolution. KGB 

x Yakuza/Aum crews have extensively trained and test-fired, 
from on-site in Russia. They have ed operational control 
of the first three generation energetics Superweapons (which 
work by superpotential interferometry). 

* The Escalation Phase of interdicting and destro actual 
U.S, targets (e.g., TWA-800, two A-T0s) is al antes PSYCHOENERGETICS 


* The first biow in the oe Phase will dud all nuclear weapons as 
w 


U.S. 








and weapons orldwide, in minutes; destroy special . 
EI population instant and kil 60% of targeted populations 
in fom 10 minutes to 3 days. + geo aon 
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YAKUZA & U.S. 
AUM SHINRIKYO : 
DIVINE WIND Il den 


* A secret coalition of Yakuza/Aum Shinrikyo 
and KGB/Communist forces plans to launch 
a massive, surprise energetics attack on the 
United States and its allies, given the first 
low-risk opportunity. Pn err 


* Attack was thwarted twice in 1997 by a 7%: 
small nation countering with QP weapons. 

* KGB psychoenergetics counter for the last 
QP weapon counter was tested in April 1997. 


* Ready time for a new scheduled attack is 
latter quarter 1999 through first half of 2000. 
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@ AUM SHINRIKYO 


DIVINE WIND II appa 


+A secret coalition of Yakuza/Aum and 
KGB/Communist forces will launch a 
massive, surpretuey eal attack on the 


* Major weapons utilized will be the scalar EM i ai 
superweapons that were developed, deployed, and 
operated by the KGB under the former Soviet Empire, 
and continuing after its dissolution. KGBICOMMUNISTS 


* Yakuza/Aum crews have extensively trained and 
test-fired, from on-site in Russia. They have /eased 
operational control of the energetics superweapons. 


* Escalation Phase of interdicting and destroying actual 
U.S. targets (e.g., TWA-800) is already underway. MINDSNAPPER 











weapons and weapons materials worldwide, in minutes; 
destroy special ship and energetics weapon sites i 
instantly, and kill 80% of targeted populations in 3 days. Quantum 


POTENTIAL 


* The first blow in the Strike Phase will dud all nuclear : = 
j ois ae. 
wer 
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OPERATION DIVINE WIND Il 
Three Phases and Support 
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Operational Phases 


e Phase |: On-Site Training Phase (Completed) 
e Phase Il: Escalation Phase (In Progress) 






&) Was, 1006 LE sEmDEN 


http://www.cheniere 





a Phase lll. 1997 Strategic Strike on the U.S. 


First strike (QP) in Phase Ill duds ali nuclear weapons 


and nuclear powerplants worldwide, in minutes 
Psychoenergetic strike (QP) disables people instantly 
Mindsnapper attack of special assets for 100% success 
QP initiation of fast-acting, lethal diseases kills 80% 

of targeted populations in three days or jess 


Support Plans 


Plan A: Feints, Deception, Sabotage, and 
Terrorism 


e Plan B: Testing and Test Range 
e Plan C: Worldwide Weather Engineering 
e Plan D: Strategic and Combat Intelligence 
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& Advanced EMBW Applications 


e Covert EMBW: Examples 
— Activate materials and their potentials with ST disease engines. 
Potentials superpose and their infolded ST dynamics diffuse 
- Activate water's structuring (H-bonding) potential with disease 
engines 
— Bias electrical power grid ground fields by weak diseases 
— Employ disease-structured quantum potential in distant area 


e Overt death ray (mind snapper) 
=- Powerful scalar EM pulse in target area “jerks” rate of flow of time 
— The "time snap" sharply separates mind from body and each cell 
e EMBW CM: 
- Irradiate bodies with longitudinal EM waves; self-converts to 
t-pumping and produces exact amplified ST antiengine 
- Antiengine arises out of local ST, affects all parts of all cells 
— Cells are t-charged with antiengine structure 


- Continuing action restores regenerative and immune systems and 
reverses cellular damage © TE.GEARCEN 1995, 1999 
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© EM Biological Warfare (EMBW) 





= KGB/Communists have developed highly effective 
— Electromagnetic biological warfare (EMBW) 
— Counters to orthodox biological warfare © TE. SEARDEN 1999 
— Mass death ray weapons 
¢ Small version of 'mindsnapper" tested in Afghanistan 
¢ Killed occupants in two villages, in separate strikes 
¢ Unusual aspects (so-called "smerch" gas) 
=» Russia/KGB is the only group with a complete counter to 
biological warfare, either covert or overt, and to EMBW 
= EMBW (covert and overt) is a preferred option for KGB 
= MAD Doctrine is completely destabilized for a sufficiently covert 
Russian EMBW strike 
~ Situation has existed for at least two decades 
— Can alter germs, bacteria, viruses of specific kind, in a specific 
target area, to produce antibiotic-resistant strains 
— Can induce any kind of cellular disease or damage ata distance 
# U.S. national characteristic: no reaction to slowly increasing threat 
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Microwave Radiation 


of U.S. Embassy in Moscow 


Former U.S. Embassy in Moscow. 








BACKGROUND 

* Began in latter 1950s 
« Discovered on VP Nixon's trip 
« Initially thought to be nuclear radiation 

(Discovered w/Geiger counter?) 
¢ High level target — U.S. Ambassador 
« Guarantees personal attention of: 

= U.S. Ambassador to USSR 

= U.S. President 

™ NSA, CIA, DIA, NSC, etc. 

= Top consulting scientists 

= Leading U.S. scientific institutions 
* Two U.S. Ambassadors died, another sickened 
*« Anomalous health ee in personnel, only 

in zero-field (zero pot'l gradient) areas! 

« Four U.S. Presidents requested Soviets cease 
= Cut from 18 watts/sq cm to 2 

™ Then again increased 
* No one could understand what was going on 
¢ Aluminum screens were placed over windows 
* Moscow was declared a hazardous duty zone 


© wos, 90 Te ween 
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ed Pentagon EM! Studies, 1989 


Washington Post, 22Jan 1989, p, A4 
= Analysts of severe EMI effects in strike on Libya, 1986 
— performed major 3-year, 66-man study 
— Blamed effects on U.S. forces’ own signals 
- Did not know of any other “signals” present 
- Knew nothing of quantum potential weaponry, energetics weaponry 
= 7-month preliminary study 
— Severe EMI Problem exists 
- EMI shielding often waived in our weapon systems 
- Thousands of conflicts possible 
= Also studied UH60 Blackhawk helicopter problems (which were 
due to its lack of good EMI shielding, and not quantum potentials) 
= uncommanded turns 
~ Five EMI crashes 1982-1989 
-— $175 M program to shield it 
So found that U.S. transmission combinations can 
- Affect aircraft flight control 
— Turn off fuel supply 
- Cause uncommanded dive/tum 


- Bring down U.S. warplanes 


* Actually, Libyan EMI was induced by Soviet quantum potential tests 
Which can do all those things and much more @ 1996 TE BEARDEN 
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The Tom Bearden 


Website 


EM Missile Practice 


EM Missile Practice 
Latter Sept. - Early Nov. 1996 
Melbourne, Australia 


Deception: Using EM Missile to Reinforce 
Notion of SAM Attack 


Saturday evening, Nov. 16, 1996 


Intelligence Probe: Insuring U.S. Still 


Unaware of Energetics Weaponry 
Thursday, December 12th, 1996 


EM Missile Strike, Offset from Night 


Shuttle Launch, Cape Canaveral, Florida 
The Smoking Gun in November 1985 


Distant Operator Onsite in Russia Slew 


Away Registration Point 
Marker Beacon over Night Shuttle Launch, 
26 November, 1985 


EM Missile Practice and Deception 
November 17, 1996 
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EM Missile Practice 


Latter Sept.-Early Nov. 1996 


(Multiple Nights, Multiple Streaks Each) 
(Many Witnesses) 


=~ 500 meters (one case) 


Melbourne, Australia 
Australian Associated Press 
Nov. 2, 1996 
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Deception: Using EM Missile to 
Reinforce Notion of SAM Attack 


Saturday Evening 
Nov. 16, 1996 


Note: Meteor shower was forecast, which 


provided perfect decoy to FBI investigators, 
to steer them off the true scent. 


Pakistan International Airlines 
Flight 712, just after takeoff 
from John F. Kennedy Airport, 
on path similar to that taken by 
TWA Flight 800, July 17, 1996 
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Intelligence Probe: Insuring U.S. Still 
Unaware of Energetics Weaponry 


Thursday 

Dec. 12, 1996 
Pilot sighted what he called 
a “green flare”. 
fede lalel-] mia eM-ay-thu-w- elle a 


Saudi Arabian Airlines 747 

en route from Riyadh, Saudi Arabia 
to John F. Kennedy Airport. 

At 12,000 ft., not far from where 
TWA Flight 800 was killed on July 17, 1996 ream 


FBI: "Probably a meteorite.” 


yw 
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y, 


from Night Shuttle Launch 


Cape Canaveral, Florida 


MARKER BEACON 
Over Night Shuttle Launch 
Cape Canaveral, Florida 


~ 


EM MISSILE STRIKE 
26 NOV 1985 


(LIGHT DEVELOPMENT) 26 Now 1985 


OFFSET FROM NIGHT SHUTTLE LAUNCH Photographed by George Suchary 
PHOTO BY BOB GLADWIN “a re ies 


a 
\ 


EM MISSILE STRIKE 
26 NOV 1985 


(DARK DEVELOPMENT) 


OFFSET FROM NIGHT SHUTTLE LAUNCH 


The Smoking Gun in Nov. 1985 
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a m= Distant Operatoy Onsite in RUSSia 
i SAV AVEM nseisieldom mola: 


MARKER BEACON 


Over Night Shuttle Launch 
Cape Canaveral, Florida 


~ 


26 Nov 1985 
Photographed by George Suchary 


28 Nov 1985 
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EM MISSILE PRACTICE 
AND DECEPTION 


Nov. 17, 1996 at 2220 hrs. 


— a Speed Bird 226 


Lufthansa 405 


ie etsan Vicinity of Long Island, New York 


ry 
of kill of TWA-800. Not far from where TWA-800 was killed 


“Inside gloating” by Two aircraft sighted object 
Aum/Yakuza/KGB. 
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Subdivisions of 
Soviet Energetics 






LIVih 1G s oS TEMS 


Bioenergetics Psychoenergetics 
ieee Boted » Toute Neon 





Energetics 
» Nonliving systems 
» Sca terferometry 


« SWZ Effects 


(2 19967 E BEARDEN 
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gr Communism's Goal gx 








«War to the hilt between communism and capitalism 
is inevitable. Today, of course, we are not strong 
enough to attack... To win we shall need the element 
of surprise. The bourgeoisie will have to be put to 
sleep. So we shall begin by launching the most 
spectacular peace movements on record. There will 
be electrifying overtures and unheard-of 
concessions. The capitalist countries, stupid and 
decadent, will rejoice to cooperate in their own 
destruction. They will leap at another chance to be 
friends. As soon as their guard is down, we shall 
smash them with our clenched fist." 


Dimitry Z. Manuilst 
Lenin Schou of Poltical Warfare, Moscow 
(circa 1934) 


( 9987 & BEARDEN 
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Manuilsky's Goal 
vs. Status Toda 


Manuilsky, 1934 Situation, Dec. 1996 


= War is inevitable. _mHas not changed. — 
= Not strong enough # Strong enough now; preparations 
to attack now. completed. Need right opportunity. 


















= Need surprise. a Have achieved total surprise. 

= Must put us to sleer a We are sound a 

= Need most spectacular = Done. We think the Russian threat 

« Electrifying overtures, = Done, and still occurring every day. 
unheard-of concessions. Ithas worked beautifully. 












= Capitalists will cooperate. a Ve are cooperating in spades! 
They will leap to be friends. = We've leaped, and are leaping. 

= They will let down their guard.) = No ABM, junked lots of nukes, 

. shrunk our forces to the bone. 

= We'll strike them then. = They would have struck (twice) in 
1997, but for deterence by another 
nation (not U.S.) having QP weapons 

a They are still looking for a risk-free 
opening to strike 











©) 1995, 1997 TLE. BEARDEN 
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Professor Hellman, German Scientist 
» Released from Work in Soviet Union 





=» Worked in Soviet Union after WWII 

= Eventually escaped to Germany, then 
to Brazil (handsome offer) © ves TE cEAnDEN 

= Took part in highly unusual Soviet energetics 
development and experiments 

=» Large areas of the sea could be and were 
suddenly frozen 

= No particular attention was paid fo this 
information by highly qualified scientists 

s/n intelligence terms, this is A-1 information of 
the highest caliber 

= Bohm also was invited to Brazil, which 
started an energetics weapon program. 
Brazil developed such weapons including weak 
quantum potential weapons (0.95 confidence) 
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The Tom Bearden 
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Hemispheres of Light 


e March 20th, 1969 
Caribbean and Western North Atlantic 





e Hemisphere and Globes, 1977 
24 March, 1977 


e Virgin Islands Incident 
August 1969 


e Typical Shield Test, Northern Route to Japan 
June, 1982 
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Expanding Hemisphere of Light 


Mar. 20,1969 
Caribbean and Western _ 
North Atlantic ; 


C 


» Semicircle 

‘Milky white light 
«Small, intense at first 
»Dimmed as enlarged 
‘Grew to enormous size 
*Lasted 10 minutes, then 
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, 


Hemisphere and Globes 1977 





“EY VE DEARDEN I 


eee eee 
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1969 Virgin Islands Incident 


8:15 P.M. 
Thurs 


“ug St smooth, curved edge 
Faintly lumin i Seen by many residents ) 
¥ 
Pi: wet 
~ ———* 
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NYPICAl SHIEIG TEST NOMEN ROUTE TO Japan 


, 18-27 km diameter 


Asahi Evening News, Tokyo 
June 22, 1982 


Multiple tests seen per month, for years. 
Pilots simply. ceased reporting them. 
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How Could Such Superweapons 
Ever Be Concealed? 


Arthur C, Clarke's law states: 


‘Any sufficiently advanced technology Is 
indistinguishable from magic." 


To U.S. scientists, “magic’ means "impossible" 


Longitudinal EM waves and LW interferometers 
have been regarded as fantasy and impossible 
To deceive foe on rather open use of unknown 
technology without discovery: 

‘Disguise its Uses as Undersiandable 

acciaents, human error, acts o7 nature 

oiner KNOWN tecnnology, etc. 
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Soviets Easily Concealed These 


Superweapons for Four Decades 
Intensive Soviet deception plan utilized 
— Embedded in other weapon system tests 
— (Wade to resemble natural acts, accidents, etc 
— Open science releases coordinated to show 


Russian scientists worked on “normal science 
West thought Russian scientists inferior 
U.S. scientific community was and Is dogmatic, 
and fiercely Suppresses real scientific innovation 
Terribly flawed electrodynamics not So, 
shaken and changed In West VE nce ms 
West had no basis for understanding energetics 
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Precise spacetime curvature engine adds energyto2Hes «-particles inside atomic nuclei, causing tunneling «-decay 












MAIN 
DISPLAY 


UNIT 
(MOVABLE) 












OPERATOR 


to add energy to STATION 


@- padicies, causing 
@- emission and 
decay 


ma 
N 


I bettered 


Elevation 
View 


Figure 26. Microscope-type, laser-like interferometer for inducing quick a-decay 


in samples of otherwise longer-lived isotopes. © TE CEARDEN 198 
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Longitudinal EM Wave Interferometry: 
Endothermic baaliticla 


Meeting of timed pulses i aeare FERENCE 
causes explosive cooling ? 


Ambient vacuum potential 
in distant interference zone 


a eereeets? 










ovesortr® 


Bias 
ead aa dah dh XMTRIRC VR 


ae a aa 


Electrical ground potential 
of transmitter 


Ce) LE. BEARDEN 1936 





_? emerges a4 emerges 
atransmitter/receiver a transmitter/receiver 
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Longitudinal EM Wave Interferometry: 
Exothermic 


Energy input to Energy input to 
a Se tran &. 


AMTR/RCVR 
= as oe) ground potential 
D, of transmitter 









XMTRIRCVR “= 





Bias Heating in 
\ interference zone, 
(D i a a a ——— 


Ambient vacuum potential 
in distant interference zone 2 


Meeting of timed pulses ye a — 
| cae aeapioning aati nao us - { ~ 
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The Tom Bearden 
Website 


Help support the research 





U.S. Air Attack on Libya 
April 1986 


e Slide | 
e Slide 2 


e "Washington Post" Article 
January 22, 1989 
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— ONE F-111 DOWNED 
— NUMEROUS WEAPONS WENT ASTRAY 
EM energy arises from every — THREE FOREIGN EMBASSIES DAMAGED 
paint in spacetime bike - SEVEN AIRCRAFT FORCED TO ABORT 
* COMMANDERS: "US ORTHEM?" 


“Washington Post, 22 Jan. 1989, p. A4 
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U.S. Air Attack on Libya in April 1986 


¢ Established OP with the electronics in our aircraft and missile 
e Subtly jammedthem with spurious EMI noise and signals 





m 4 
as -_ 
> 
A 
Longitudinal , Long uairal 
intert Sut 7 interferometry 
interferometry =: ee 
— : = 
Al > sie ed fp 
© LE BeaRDEN 4987 F interferometer 
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e Aircraft on course of 270 degrees 
e Approached "solid wall of lightning” in 
an otherwise cloudless sky 
— From very high altitude to near the water 
— Extended north-south as far as one could see 
e Radar scope clear 
e Rigged aircraft for heavy weather 
e Plunged directly through wall 
e Wall was very thin  cirea 1959-1960 


Interview with Patrol plane commander 


ote U.S. Navy Ps aircraft 
Over Atlantic, 200 miles east of Norfolk 
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* THEORY DEVELOPED AND FITTED 
* HYSTERESIS MEMORY LOOP 
* CONTROLLED EM INDUCTION 
- IMAGES 
* SENSATIONS 
* PREDETERMINED EMERGENCE 
* 23 EEG BANDS 
- upTo81x107"Hz 
* 41 INDEPENDENT CHANNELS 





A Like, “New Approach wm the Analysis of Eber money bologrmns," 
DO Report ALSO, p. Lies, 


Ci iall bev erc ATs 1A TE, Oe 
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. Large Longitudinal EM Wave 
° Interferometer (LWI) Accident 


e 1958 nuclear explosion near Urals 
— Contaminated 1200 square kilometers 
= Signature of large LVVI accident 


— Buried atomic wastes suddenly exploded 
= Region contaminated to this day 

e Soviets were well along with advanced LW 
prototypes and testing 2) EAROEN woo 10 


— |n Jan. 1960 Khrushchev announced these 
forthcoming fantastic weapons 


— 1958 difficulties would have been resolved by 1960 
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ska Large Longitudinal EM Wave 
Interferometer (LWI) Accident 


e Expected cause of 1958 accident 
— Huge LVV energy beams builtup 
— Catastrophic shortout in transmitter 
— _LVV energy flashed over into earth and spread 
— Struck and fissioned stored nuclear wastes 
e Developed new safety circuits mane 0 


— For transmitter shortout, instantly activates to hold 
VV beam energy and prevent flash-over 


similar accident happened in 1966 at Chernobyl, 
except private U.S, group blew that transmitter 
to prevent catastrophic quake in Califamia 
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(Use of Hidden Information Content of the Field) 
(Can Provide Action-at-a-Distance) 















Note: 
Whittaker's 1904 Interference Zone 
initiated the enti re freld (Potential gradients) 
of superpotential theory. Normal EM Energy: 


May be positive, or 
negative, or fixed 









Hidden 
Bidirectional 
EM energy flow 


Hidden 
Bidirectional 
EM energy flow 


Scalar Potential 
Beams 


Whittaker/Ziolkowski 
Transmitter Arrays * 


© TE Beaden 1994. 1999 ( 8 to 20 harmonic wavepairs each ) 


Figure 5. Scalar potential interferometry (between the two sets of bidirectional 
longitudinal EM wavepair functions) produces all EM force fields and waves. 
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S89 Two Types of Mutual Assured 










= Sane system: 
= Turned off or on standby 
s Wait until attacked or attack is imminent 
=» Humans consider situation, make strike decision 
= Command order issued to weapons officers 
= Human finger initiates launch sequence 
=» Usually requires code entry, etc. for assured launch control 
« Insane system: 
— Computer periodically (e.g., every 2 hours) initiates launch 
= portal Back quence, there is a period (say, 2 min.) where 
ors can enter stop order (usually coded) 
~ f correct stop not entered, weapons atonereery launch 
— if correct computer resets after 
another ote abonn sutomebical lly reinitiates the launch sequence 


ig) oe ee TE Bee 
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sid pra ach Weapons Teams 
<@s> Mentally Disable All Personne! 
(COUNTERS ALL SANE MAD SYSTEMS) 
(NULLIFIES HUMAN COMPONENT OF ALL WEAPON SYSTEMS) 

























ELECTRICAL —™—™~ 
THOUGHT-WORDS 

ARISE DIRECTLY _ 
IN BRAIN, HENCE f 
IN MIND, BYPASSING | 
- SENSORINPUTS _ 













Effects arise in local spacetime, 
simultaneously in all minds in 
the targeted area 





* Site personnel insta 


conroled. 


+ Distant weapon controller 
teams coord crew actions 

* Standdown insane weapons to 
maintenance standby. 

* Mindsnapper then strikes, 
kills all personnel, and 
nullifies site for months. 


indicators: Two A-10 incidents 1997, LIDA device since 1950s, (©) ree TE BEARDEN 
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Strikes Against Special Ship x 


and Energetics Weapon Sites 


e Via powerful scalar EM pulses in each targeted area, so sharp time-4erks occur 
= Mind and its operations exist in time but not in 3-space 

- Coupling interaction of mind operations to body occurs through flow of time 
= Flow or change of flow of time must be smooth, for coupling of mind to body 
Sharp jerk in time flow snaps mind's coupling to body, instantly separates mind 
instant death for every virus, bacterium, cell, insect, mammal, living creature 

e Contaminates struck sites for months, perhaps a year 








Note: In other words, this is the part of the Tabs ra barrage” 
that attacks the enemy's response ri lity (i.e., his “artillery” G) T.E BEARDEN 1396 
and his “airpower") and suppresses it The use of the 
“mindsnapper” weapons provides 100% assurance of success, 
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"MINDSNAPPER" ATTACK ON SPECIAL 
SHIPS & ENERGETICS WEAPONS SITES 











“We have a new, fantastic weapon... owerful that, | if 
oo laa mia e could wipe out tal life on earth.” 


ty einntobreddin, AA 7 
\ a speak eh oPresidium, Pal 
\ y 
NS Sv / iz 


() 1008 TE. BEAPDEN ma, 





a= > —— Minds snapped loose from 
bodies (every living thing) 
Struck areas completely 
sterilized of all life 

LWs emitted; slow decay 
of tim e-charge makes 
TARGETED contamination persistent 


AREAS * Tested twice in Afghanistan 
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How Much Off Guard Are We? 


e Slide 1 
e Slide 2 
e Slide 3 
e Slide 4 
e Slide 5 
e Slide 6 


e Slide 7 
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How Much Off Guard Are We? 





a me roc U.S. forces have no energetics weapons or 
defenses against them 


=» No DoD general, military officer, or enlisted person 
reporting to the government of the United States has any: 
= Training in energetics or energetics weapons 
— Experience in energetics or energetics weapons 
development and usage 
— Training in strategy, tactics, deployment, and 
employment of energetics weapons 
- Knowledge of energetics weapons effects and 
capabilities 
— Knowledge of the energetics werner tactics, 
deployment, and employment by the KGB/Russians 
« Civilian and military, scientific and intelligence, and news 
media personnel do not oc energetics weapons 
effects happening right over their own heads Ow 1: x0. 
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ow Much Off Gua Wy 


® Kill of U.S.S. Thresher in 1963 not recognized. Left signatures. 

= 23 years of KGB weather engineering, particularly over U.S. and 
North America, ignored and not recognized. 

= Decades of irradiation of U.S. Embassy, fatally injuring three U.S. 
Ambassadors, health changes in personne! shrugged off ineptly. 

= Massive building of underground sites, all through former 
Soviet Union, lamely speculated as perhaps "ABM" system or?. 

= 7985, 1986 Soviet kills of U.S. aircraft, spacecraft, personne! ignored 
as "accidents" by legitimate U.S. communities. 

= Quantum potential strike on soldiers in Gulf war ignored. 

= cure potential deterioration of U.S. populace's immune systems 
ignored, 

= Exchange of earthquakes and massive retaliatory destruction of 
Soviet missile ammunition storage sites, 1986-1989, iqnored. 

= U.S. scientific and military communities adamantly refuse to rework 
electromagnetics, though known to be seriously flawed. 

= Refuse to apply Stoney/Whittaker work to engineer hidden variables, 
even though present quantum mechanics aiso known to be wrong 
because it does not contain such “hidden order.” we 4 TE AREEY 

= Refuse to develop, structure, and apply Bohm's quantum potential, 
for instantaneous action at a distance. Russians developed it. 
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How Much 
Off Guard Are We? 


® Kill of U.S.S. Thresher in 1963 
— Not recognized. 
— Left signatures. 
@ 23 years of KGB weather engineering 
— Particularly over U.S. and North America 
— ignored and not recognized. 
® Decades of microwave irradiation of U.S. Embassy 
- Fatally injured three U.S. Ambassadors 
= Induced health changes in personnel 
= Shrugged off ineptly. ae 
@ Massive building of underground sites 
= All through former Soviet Union 
— Lamely speculated as perhaps "ABM" system or?. 
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How Much 
Off Guard Are We? 


®@ 1985, 1986 Soviet kills of U.S. aircraft, spacecraft, 
personnel ignored as “accidents” by legitimate 
U.S. communities. 

® Quantum potential strike on soldiers in Gulf war 
not recognized, ignored. 

© Quantum potential deterioration of U.S. 
populace's immune systems ignored. 

@ Exchange of earthquakes and massive retaliatory 
destruction of Soviet missile ammunition storage 
sites, 1986-1989, ignored. 
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How Mueh 
Off Guard Are We? 


@ U.S. scientific and military communities adamantly 
refuse to rework electromagnetics, though known to 
be seriously awed. 

® Refuse to apply Stoney/Whittaker work to reer 
hidden vari , even though present how 
mechanics also known to be wrong because it does 
not contain such “hidden order.” 

® Refuse to develop, internally structure, and apply 


Bohm's quantum potential, which gives 
instantaneous action at a distance and great energy 
amplification. — 





@ Russians de d quantum potential weapons, 
which obsolete ail other weapons. Oma se noo 
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Re 


_ JUST HOW MUCH OFF GUARD ARE WE? 





Kall, of 


US: 


From The Huntsville (AL) Times 18 Sep 96: 


“Retired Gen. Wayne Downing concluded that U.S. forces 

- are so far superior to potential foes that opponents have 
turned to terrorism as the only way of challenging them." 
The Times also provided the information that 

Defense Secretary William Perry agreed wey 

Gen. Downing's conclusion. 


Kall of 


Arm L i 
Tom io 


fe) hee To 


http://www.cheniere.org/images/weapons/offgard7sm.jpg8.11.2003 1:26:18 


http://www.cheniere.org/images/weapons/offgard8sm.jpg 


QQ JUST HOW MUCH OFF GUARD AR 
Sa 












Blind Euphoria to Even the Ballistic Missile Threat 

e U.S. National Intelligence Estimate (NIE) released in Nov. 

1996 states there is no foreseeable threat to the U.S. from 
“indigenous missiles” for at least 15 years. 

« Clinton has claimed a program for ABM defense is too 
expensive, would violate ABM Treaty with former USSR. 

« Soviets developed an ABM system in violation of the treaty. 

«In June 96 Russia test-launched an SS-19, their 26th ICBM 
test in 5 years. 

e "Russia still retains and is ig twig be vast nuclear 
arsenal... still the only nation of earth that could destro 
America in a matter of minutes. Indeed, given the weakness 

of the Russian Army, Russia's sy ol dg ambitions rest 

more than ever on its nuclear capabilities.” * 

* “For the first time since the dawn of the nuclear age, there is 
not a single Russian missile pointed at America's children.” * 

Comment: Punch a computer button and the missiles are 

pointed! The armed missiles are still there, ready and waiting. 

Bulleted info courtesy Washington Inquirer, June 24, 1996. * House Nat'l Security Chrmn, Floyd Spence. 

© 8 Te om oe ** Bill Clinton, State of the Union Message. 
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Possible Targets: 1995-9 
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Propagation of Weapon Effects 





= All conventional weapons use propagation 
through 3-space of matter or energy or both 
- Matter (bombs, missiles, projectiles, etc.) 
— Energy (EM force fields, sonic force fields, etc.) 
- Basically one-to-one, or one "bus" to many-on-many 
— Finite propagation velocity v: where 0<v <c 
- Time delay: Shielding and pre-strike retaliation possible 
= Structured Structured quantum potential propagates 
vacuum ordering (vacuum engines), instantly 
- Zero time delay (through multiply-connected spacetime) 
= No propagation "through space", no "velocity" as such 
~ Easily one-to-many, without limit 
- Dramatic energy amplifier (gates, amplifies flux ordering) 
- Effects arise in local spacetime; no shielding possible 
~ No range limit, since striking distance always zero 


= QP weapons obsolete all other weapons 


BS, PETE Hees 
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Yugoslav Earthquake, Apr. 15 
Followed by Cold Explosion [1979 


Magnitude 7.2 on Richter scale 
Epicenter 33 km. deep 
More than 100 aftershocks ME aie . r SY 
At Kamenari: abet. |: 
am aXe lGt-\i(ome-1-7-Mitlet-jslcelelisl-le mele 
ae Stoel celiticomeleitiem—<sjieh ies 
ame) (¢ litt -me) mr mere) lem > de)lel-jie)s 
> Similar to Apr. 1984 test off coast of 
Japan, near Kurils (see inset graphics) 
Note that April is a significant test 
apke)enigmse) mm tgi-mOroleslssieiali-je-m(e)e-)er-lsigre 
e) bi (ed t=] c=) ele) eee) mn \'/-)\ a y= Nae) 


OFF JAPAN, NEAR KURILS 
“ f--> : s 
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COUNTERING AN INSANE QP WEAPON: 


Quantum Potential Psychoenergetics 


<@ Strike Mentally Controls All Personnel 


CONTROLLED PERSONNEL DISABLE INSANE QP SYSTEM 
(FOLLOWED BY PERSONNEL KILL OF ENTIRE CADRE BY MINDSNAPPER) 


Bey 00K 


Effects arise in local spacetime, 
simultaneously in ail mindsin 
the targeted area 














(<) 10m TK. ta tow 
2) 


MINDS ARE INSTANTLY eLED 
INTO WAKING-- BUT DEEP 
HYPNOGOGIC TRANCE 

STATE INSERTED THOUGHTS 
ANALOGOUS TO HYPNOTIST. 
PERSONNEL FUNCTION IN AN 
ALTERED, COMPLETELY 
CONTROLLED PERCEIVED REALITY. 


indicators: Captain Button's lengthy A-10 incident in 1997, LIDA device since 1950s. 
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Gulf War Disease: KGB QP Weapon Induced 
ST Curvature Engines for a Cocktail of Diseases 





as aes © 1999 T. E BEARDEN 
AAV > 
Distant Scalar Potential 
interferometer with 
iterative self-targeting 
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_.. Self-Targeting in Inner EM . 
<@ Channel Can Produce a 
~" Quantum Potential 












eo; Se) = 


& eo => => => =@ TIME N 
POTENTIALS INTO LASER-LIKE Aynon 
BEAMS, BETWEEN TWO PUMPED SFR SED TERACTIO : 
SOURCES. NOW ONLY PUMPED SOURCES 


fomer lL WAVES CONNECT 
LINKED OBJECTS. @ 100s. Hs, 19007. seamen 
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TIME 2 
TIME N N's are nodes participating 
No inthe quantum potential. 

a. Iterative retroreflection between any pair of b. The quartum potential exists as narrow, laser-like 
nodes narrows the interconnecting potentials beams between participating nodes, even when 
to a laser4ike, bidrectiona beam. Iterative the nodes are widely separated The beam space 

ase conjugate reflection provides self- is multiply-connected; transmission Is instan- 
rgeting. taneous, 
© 199 195 TE BEARDEN 





Consider the hidden Stoney/Whittak er bidirectional EM waves that comprise the 
potential from each source node. If these nodes have sufficient rian ge of 
dynamic material form, then self-targeting occurs between the two nodes of any 
nodal pair. By iterative phase conjugate reflection, the scattering is narrowed 


into interconnecting wavepairs, in laserdike beams, between each two nodes. 
Thus the interconnecting potentials narrow into laser-like, bidirectional beams, 
The Coulomb gauge mayapply, and a quantum potential may be formed. 


Figure 30. Mechanism for generating a quantum potential, by iterative 
self-targeting induced into a system of multiple scattering nodes. 
Once a QP is established, spatial separation has little or no effect. 
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KES Major Principles for Use of 
‘2e" Quantum Potential Weapons 








» Must disable dead-man fuzing prior to massive 
use of scalar interferometry weapons. 

# Must assure immediate, complete nullification 
of unique enemy assets (quantum potential 
assets, special ships, and energetics weapons). 

= Personnel can be destroyed instantly with 
mindsnapping; area is sterilized of life, and 
effect persists, gradually dying away. 

= Personnel can be disabled instantly with various 
psychoenergetic weapons; area not sterilized. 

= Personnel can be destroyed in short order by 
using EM BW weapons; area not sterilized. 

= If foe has energetics weapons, then it is a 

uick-draw "gunslinger" contest unless insane 
systems deployed. 

= Complete surprise is of decisive importance. 

= Tailor effect used to specific target, objective. : 

= Note: Must use "insane" MAD systems to defer. © **'© =*om 
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ES Waantum Potential Weapons: 
ger" Major Principles (Continued) 








= Three major classes of use exist: wat aa 
~—Use of bulk energy only (as in bulk heating or cooling) without 
substructuring 
~ Use of internal structuring of the bulk energy, so that vacuum engines 
appear in target 
-Use of more deeply nested engines allows direct intervention in mind, 


long term memory, perception, thoughts, emotions, personality 


» Use of vacuum engines allows engineering at a distance of: 
- Atomic nuclei including structures, reactions, and transmutations 
- Bulk matter including translations, lattice bonding, chemistry, chemical 
~~ tnteractions, electromagnetic interactions 
~ Beep biological control SYaieus such as 
e s cellular control (recovery) system 
> Popp's cellular control system 
—- Cells including: 
“> Structuring, differentiation and dedifferentiation 
» Genetic changes, chemical changes 
> Induction of disease states without normal disease vectors 


- Min d/matter interface, including long-term memory, perception, 
~ @motion, thought, menta tal state 
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Instantaneous Communication by a 
Quantum Potential 






Note: The term 
“quantum potential” 

is used in an @ 1038, 9957.E BEARDEN Selected cipart © by Lotus SmartPics ™ 
extended sense. 
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¢ Separated points are superposed in MCST 

¢ Connection is instant and bidirectional 

¢ Propagation through ST does not apply 

¢ Energy or vacuum engine input to one station 
instantly appears at each and every other station, 
undiminished in magnitude 








‘eve. aLiS 
Cont Be 


Bm = a 


—_ 







° ak | station may insert energy 


e Phase conjugation insertion 
negates 
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Quake in Tangshan, China 


2B July, 1978 





e 7.8 on Richter scale 
e Hundreds of thousands killed 
e Accompanied by extensive light, 
electrical effects 
= Starting 3 to 5 days before 
= Communications interference 
within 250 ka 
= Sky lighting observed wie 
e [Personal comments] 
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Exchanging Earthquakes) 











- Quebec 25 Nov 88 
- Pasadena 3 Dec 88 

- Armenia 7 Dec 88 
Call - what do you have? 

- Malibu 18 Jan 89 
Four aces 
- Soviet Central Asia 23 Jan 89 





\Bakerefield & et ‘al Various 


Oyedeawen 100 
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instant Communication 
by a Quantum Potential 


The space is multiply connected; i.e., a 
power cha of 1 watt on any sin 
node has a ion of that power also 
appear simultaneously at each other 
node. Once the QP is established, 
spatial separation has no effect. 


SATELLITE 
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Westemers Do Not React to Slow Threats 





BOA CONSTRICTOR LIGHTMNG STRIHE 


Westerners tend not to react to slowly increasing things, 
but react to rapidly increasing things. 


fe )enee te PLAIDGN 
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CHARACTERIZING A GIVEN RISK OR RISK FACTOR 


Probability of 
Materializing 





Unlikely 


Very 
Unlikely 
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0.00 0.25 0.500 0.75 1,00 


Negligible | _Marginal_| _—Crritical__| _—Crisis__— 


Consequence (or Disutility) of Risk 
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TECHNICAL RISK MANAGEMENT 


SUPPORT RESEARCH IS TECHNICAL RISK REDUCTION 
AND MANDATORY FOR ANY EMERGING TECHNOLOGY 


piers pai: 
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NEGLIGIBLE 
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SUPPORTING TIME 


PHENOMENOLOGY #——————_® 
EXPERIMENTS AND MATH MODELING 
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Aum Shinrikyo's 
Sarin Facilit 


The interior of Satian No. 7, a suspected sarin production plant 


Chemical pliant (the first four stages for productio: im =) 
— 
qe 

















STEPS 4&5 a acca 
[ave Sth-stape production) 


STORAGE 
Reference: Senate Subcommittee Hearings 
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In Scalar Beam Interf 








° Grdlharyenetgy abpesreordisappeare 
(i.€., may produce heating or cooling) 

e Energy bottle effect 

e Can add or extract EM energy 

« Can produce specific ST curvature engines 
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w Physicist Schappeller a 
Auralaz Munster, Austria: 
— British Intelligence interview, about 1948 
—Used Kaluza-Klein theory 
—-Worked with Russians 
= Schappeller claimed he could: 
—Cause “implosions” rather than explosions 
— Use gravitational and electromagnetic 
energy 
— Cause large areas of the ocean to freeze 
— Tap earth-ionospheric field 
- Produce enormous energy 


= This is precisely what Hellman worked 
on in the USSR, after WWIN 4 wssrexs0s 
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Initial Soviet Plan for 
Cold War, After WW II 





= Develop and deploy SAM bomber ry Shae 


» Catch up in atomic weapons 
=« Master and apply rocketry cHek> 
= Wed atomic warheads to rockets —\/~_.3 
alnitiate "Cold" War _ 
—Bleed the dragon \ JN 
— Guerrilla wars 
— Terrorism 
—Insurgencies — FF 
= Find, develop, and weaponize ~ © 
next ‘great technical breakthroug A 
area as highest national priority 









| STE Bea oe 
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Josef Stalin: Absolute Dictator 
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* Secret police and sples everywhere 

* Purged his own officer corps 

«Always deeply suspicious 

* Regularly purged his enemies or those 
perceived to be shaky or untrustworthy 

* Absolute power, justice had nothing to 
do with it 

* Opponents often just disappeared 
in the night, never to be seen again 

* Secret police often tortured, killed them 

* Others sent to slave labor camps to die 
by severe work, starvation, and beatings 
or downright massacre 

* Had experienced unusual abilities of 
Wolf Messing, so knew that some 
persons could do unusual things 

* Forced Soviet weapon physics into this 
psychoenergetics realm also 
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Josef tal in 


= 


melee | ~ 
The Communists slaughtered <i 
20 million Russian Kulaks to 


collectivize Soviet farming Pasamibled Academy 





"The destiny of communism has been frustrated bab U.S. development of the 
atomic bo That is not the dage ebeced technical breakthrough. The next one 
be Soviet! You will provide me with that great new technical through ata 
speed, or / will have your heads. Do! e myself clear, comrades?” 
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Significant 
Soviet Statements 





= "In the final revolution, it does not matter if three-quarters 
of the earth is destroyed, so long as the other quarter 
emerges communist.” [Lenin] 


= "if a means of total neutralization of foreign missiles is to 
be found, it can only come from a group of new principles 


in physics, called energetics.” [Nobelian Petr Kapitsa, to Nikita 
Khrushchev, in answer to Khrushchev's demand for a 100% method of 
defense against long range missile attack.] 


= We will bury you." /Khrushchev, to Nixon, Kitchen Debate] 


=» “We have a new weapon, just within the portfolio of our 
scientists, so to speak, which is so powerful that, if 
unrestrainedly used, it could wipe out all life on earth. 
It is a fantastic weapon." [Khrushchev, speaking to the 
Presidium, Jan. 1960] eps 
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T-Polarized Beam Projector 


For intercepting and Distart Masses 
at Various Angles and Distances 


A beam projector interferometer Spacetime 
may be swept in azimuth and curvature 
elevation, under computer control. engines act 
The interference zone can be within any 
quickly swept through the intercepted 
surrounding volume of space. mass 









Interference 


zone for 
= time-density 
2 waves 
 . 


Lae 
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Launches from Cape Canaveral 
and Vandenberg AFB 
Provided Practice Targets of Opportunity 
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Film Radiation Detectors 


ES 


me SEE 


- =- Experimental Region 






Figure 32. Embodiment of an instrumental array sufficient to discriminate when 
time-density charging has occurred, and that transduction of time-charge 
decay is occurring. @ TE SEAaRDEN 19% 
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Time-Polarized EM Wave a eter reat Space 
Time Curvature Engines in a Distant Interference 
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Transmutation of Radioactive Nuclei at a Distance 
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ss d throu 
sotopes of t 
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Transmutation of Radioactive Nuclei (2) 


Active Spacetime 
Spacetime Curvature Engines 
Specific spacetime curvature curvature Zone of action 
engines used are to add excess engines act \ 
energy to selected radio- within an 
nuclei, including intermediate 









n intercepted 
ecay isotopes. In this way, radioactive 
decay is dramatically speeded wastes, adding 
up. excess energy 
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Abstract: 


The paper deals with electromagnetic threats caused due to Directed Energy Weapons 
(DEW). The area of interest is focused on HPM (High Power Microwaves) and UWB 
(Ultra Wide Bandwidth) as an important part of DEW area. Possible impact on 
electronic structures which can be part of military systems is considered in this paper. 
Some practical results achieved during experiments related to assessment of electronic 
equipment vulnerability is provided with overview of immunity of some equipment to 
HPM and UWB signals at the end of this study. 


Keywords: 


DEW, HPM, UWB, electromagnetic threats, NEC, vulnerability 


1. Introduction 


Directed Energy Weapons (DEW) with various principles seem to be more important 
in the future battlefield. There are several principles which are considered for use in 
the DEW area. Special optical technologies (lasers), sound technologies as well as 
microwave technologies are developed and can be used in special weapon systems to 
disturb military system behaviour or can be used for counter personnel weapons (for 
example Active Denial System working on frequency 94 GHz, see Fig. 1). DEW has 
been mainly considered as technologies suitable for less-lethal or even non-lethal 
technologies which have been subjects of interest within the past years. 

Recent developed military systems consist of equipment which is more and more 
sophisticated and relying on electronics. Very high importance of electronics within 
the military systems is obvious from development of Network Enabled Capabilities 
(NEC) which is a key task of the Czech Armed Forces as well as within the NATO 
(NNEC — NATO Network Enabled Capability). The stage related to "Communication 
and information sharing" has been topical in recent years and characterised by 
development of communication networks. Common network infrastructure can be 
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considered as a fundament of integrated NEC environment. Communication network 
and especially its reliability will have significant influence on mission success. 
Disturbance of these networks could be obviously critical. 

Power electromagnetic fields can be generated by relevant power technologies 
and focused (directed) towards the target with electronics. Shortcuts like HPM (High 
Power Microwave) and UWB (Ultra Wide Bandwidth) are widely used in this area as 
well as HPEM (High Power Electromagnetics) and IEMI (Intentional Electromagnetic 
Interference). Examples of developed technologies which could be easily used like 
DEW against electronics are shown in Figs 2-6 (these technologies were offered or 
presented mainly during relevant conferences in past few years, radiated pulse power 
was hundreds of MW or higher in frequency range of microwaves). 









Aes pies eiy x ee. _ see 
Fig. 1 Humvee with ADS (Active Denial Fig. 2 HPM system DS-110 (built in 
System) mounted [1] suitcase, pulse power 250 MW [2] 





Fig. 3 HPM system with antenna array Fig. 4 HPM system with antenna array 
[2] installed on a tank [2] 
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Fig. 5 Electromagnetic System for Fig. 6 JOLT hyperband system, UWB 
Selective Car Stopping [2] system [3] 


2. Electromagnetic Threats 


As it was mentioned in the introduction an important group of DEW technologies, 
non-lethal technologies, was represented by weapons with use of power 
electromagnetic field destructive effects. 

Next electromagnetic environments are typically considered related to DEW (see 
Fig. 7): 

e HPM: High Power Microwaves, narrowband signals in frequency range from 
hundreds of MHz up to several GHz, electromagnetic strength at the place of 
target typically up to tens of kV/m (strong dependence on range). 

e UWB: Ultra Wide Bandwidth, pulses with rise time typically in hundreds of 
picoseconds and with duration of several nanoseconds, electromagnetic 
strength at the place of target typically up to tens of kV/m (strong 
dependence on range). 

Because HPM and UWB environment is strongly dependent on range and 
moreover these environments may have a wide variety of wave shapes, their 
standardization is very difficult. Now there are only few standards which describe 
HPM and UWB environment generally (e.g. IEC 61000-2-13 [4]). A possible 
approach is to consider various types of HPM and UWB environments that have been 
produced and to consider their possible use in the future against sensitive targets. It is 
always necessary to make relevant analysis of electromagnetic threat where the 
shortest possible distance from HPM or UWB source is a very important parameter. 


2.1. Electromagnetic Strength Assessment 

As a typical possible scenario can be considered HPM (UWB) source with real pulse 
power P = 1 GW and as a worst case special antenna with extremely narrow radiation 
pattern (G=40 dB, respectively D=8750). Now the expected electromagnetic 
strength at the place of threatened equipment (system) can be calculated according to 
next Eq. (1) 


V30PD 


r 


y head 





(1) 


58 L. PaliSek 





where P is radiated power, D is directivity of antenna, r is a distance of threatened 
equipment (system) from radiating antenna. 

Note: Eq. (1) is valid only for direct propagation where reflections are neglected. This 
simplified equation is usually used for the microwave area and short distances. 
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Fig. 7 HPM and UWB comparison with other electromagnetic threats [4] 
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Fig. 8 RF energy propagation from source (HPM or UWB) to equipment (system) 


It is obvious from Eq. (1) that for most cases (distance of directed energy weapon from 
equipment (system) is generally tens of meters), it is possible to consider 
electromagnetic strength up to tens of kV/m. 
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2.2. Critical Frequencies Assessment 


It is very useful to consider transfer function (7) of investigated equipment (system) 
for critical frequencies assessment. Transfer function To (outer) is combined with 7; 
(internal) to form a composite transfer function from incident fields to response box 
inputs in Fig. 9 [5]. Note: To typically corresponds to relationship between incident 
electromagnetic field and surface current and charge densities on the outer surface. T; 
corresponds to transfer function from the surface current and charge densities on the 
outer surface to some interior port of interest, producing voltage and current 
waveforms there. 

From Fig. 9 it is obvious the most important part related to critical frequencies of 
considered system (equipment) is band 2 — resonance region. It is possible to use first 
of all analysis where sizes of equipment (system) as well as used cable lengths are 
considered and next it is important to make relevant measurement of transfer functions 
(shielding effectiveness of used boxes, induced currents and voltages etc.) for transfer 
function (7) assessment. 


Considered frequency spectrum is divided as follows [5] (see Fig. 9): 


Band 1: fs f, = ma (aperture and small antenna coupling region), 
Se ; : 

Band2: fis f<f, = is (resonance region, external and internal), 

Band3: f, sf (integration region), 


where / is characteristic dimension of the object, c is speed of the light, fis considered 
frequency. 


Tol; 
Apertureand = -—- — ——— — — 
Small Antenna r 7 
Coupling Recic ; 2 
ko ner. ved ee iy Resonance Region | Integration Regime 
| (External and | 
Internal) 
Constant 
Constant w to 





Band 1 2nf, Band 2 2nf;, Band 3 


Fig. 9 System response as a function of frequency (logarithmic scales) [5] 


3. HPM and UWB Impact on Electronics 


Electronic systems can be affected by high intense electromagnetic fields causing the 
disturbance or even the permanent damage of the system. According to relevant EMC 
(Electromagnetic Compatibility) standards next performance criteria are usually used: 
A - normal performance within the specification limits 
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B - temporary loss or degradation of function (self-recoverable) 
C - temporary loss of degradation of function, which requires operator intervention or 
resetting 
D - degradation or loss of function which is not recoverable due to damage of 
equipment (components) or software damage 

On the one hand performance criteria are a very important parameter on the other 
hand consequence of IEMI (Intentional Electromagnetic Interference) attack has to be 
considered too. For consequence scaling it is possible to use for example such terms 


won 


like "very limited", "limited", "severe", "very severe" and "catastrophic" [6]. 


4. Vulnerability Assessment 


First of all it is necessary to make analysis where electromagnetic threat assessment is 
done (see chapter 2). Moreover it is necessary to consider criticality of relevant system 
(consequences — see chapter 3). Finally testing plan and testing can be prepared. The 
best way is to start with transfer function measurements (shielding effectiveness 
measurement, induced currents and voltages measurement) which is possible to carry 
out in wide frequency range up to few GHz or higher. After that it is necessary to 
choose possible critical frequencies according to transfer function measurements and 
according to analysis. Chosen frequencies can be used for final high power 
electromagnetic field measurement with HPM and UWB simulator use. Possibilities of 
these simulators are restricted to parameters which cannot be changed or changing 
these parameters takes too much time. Due to this fact it is necessary to choose 
suitable parameters according to analysis and transfer function measurement results 
for this testing. The data gained from analyses and testing has to be considered 
together with possible consequences which can occur. Such data can be used for 
vulnerability assessment. 


5. Practical Results 


A lot of experiments related to electronic equipment vulnerability have been carried 
out in previous projects within the last few years. 

Transfer function measurements were carried out for better understanding of 
electromagnetic field coupling into relevant cables. Tested cables were irradiated with 
electromagnetic field with vertical polarisation and induced voltages were measured in 
frequency range 30 MHz to 1 GHz. It was low power measurement, electromagnetic 
strength of incident electromagnetic field was 1 V/m and measured results were 
recalculated for expected high power electromagnetic field 10 kV/m. Mainly cables 
which are widely installed in computer technologies were used for the purpose of these 
experimental measurements. Few examples are shown in Figs. 10-12. It is possible to 
expect induced voltage levels on regular widely used cables approximately up to 1 kV 
during electromagnetic field incidence with electromagnetic strength 10 kV/m on the 
basis of presented results. The highest induced voltages occur when the length of 
cables is comparable with wavelength of used signal (resonant region, see Figs. 10- 
12). For lower frequencies as well as for higher frequencies induced voltages are 
becoming lower. 
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Fig. 10 Induced voltages on USB cables for electromagnetic strength E = 10 kV/m 
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Fig. 11 Induced voltages on SATA cables for electromagnetic strength E = 10 kV/m 
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Fig. 12 Induced voltages on IDE cables for electromagnetic strength E = 10 kV/m 


Other kinds of experiments in this area are testing with high power 
electromagnetic field irradiation of possible "targets" and evaluation of effects which 
can occur. 

Some examples of tested setups are shown in Figs 13-15. It was verified that 
HPM signals can be used for stopping the car engine (see Fig. 13, HPM generator 
working on frequency 3 GHz with pulse power 500 kW was used for this experiment 
in shielded semi-anechoic chamber) as well as for effective disrupting of computer 
technologies and data transfers (see Figs. 14-16). Standard performance criteria (see 
chapter 3) are usually used for the evaluation of effects. From experiments which were 
carried out it was obvious that electromagnetic strength of few kV/m can be enough to 
achieve effective disturbance on electronics. 

Repetition rate as a parameter of HPM and UWB signals can have an influence 
on some kind of temporary failures (see Fig. 16). Overview of immunity of some 
equipment to HPM and UWB signals is shown in Fig. 17. Typical electronic 
equipment was tested against effects of HPM 3 GHz, 6 GHz, and 9 GHz signals with 
pulse widths in hundreds of ns, repetition rates in hundreds of Hz and against effects 
of UWB signal with rise time of 0.5 ns, pulse duration of 3 ns in single shot regime. 
The most effective signal to disturb electronics from used ones was HPM 3 GHz. Very 
often the sensitivity level was very close to damage level (see Fig. 17). For UWB 
signal it was more typical to achieve temporary failures (sensitivity level) rather than 
some kind of damage. The results from testing showed the most vulnerable parts of 
recent systems are computer technologies including data transfers. 
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Fig. 14 PC setup irradiated with HPM 9 GHz 


64 


L. PaliSek 








Packet loss [%] 


aver aay 

sr 998E 5% 

<<" " sa44% 
we kT Saad 
aeeavaadadad 
R-wenwetaaad 
— eaevededa 
aeeudatcadd 


N\\ 


Fig. 15 Data transfer through UTP cable irradiated with UWB signal 
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Fig. 16 UTP 2 m irradiated with UWB 
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Fig. 17 Sensitivity and damage levels comparison for tested equipment against HPM 
and UWB effects 


6. Conclusion 


Electromagnetic threats HPM and UWB as a part of DEW technologies were briefly 
defined in this paper. Electromagnetic threats assessment as well as vulnerability 
assessment was introduced. Vulnerability of chosen tested equipment was presented 
on relevant examples. It was demonstrated that electronic equipment was vulnerable 
due to electromagnetic field irradiation. In case sensitive electronic equipment is used 
in crucial applications it is necessary to evaluate vulnerability of the system to such 
threats. 

Gained results in the past have lead to starting a new project for the Ministry of 
Defence of the Czech Republic (OSPROZ-DEW1) focused on the assessment of 
vulnerability of weapon systems and parts of communication and information systems 
integrated in NEC which are installed to ordnance of the Army of the Czech Republic 
now. Assessment will be carried out on the basis of relevant analyses as well as 
relevant experimental measurements. The project started in 2009. 
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will be available to treat and possibly cure diabetes, hemo- 
philia and other life-threatening and chronic illnesses. 

Space manufacturing will develop the new metal alloys 
needed for high-temperature processing using advanced nu- 
clear and fusion energy sources. Larger and more perfect 
crystals for the electronics and other industries will be 
produced. 

By themselves, these new industries created by exploit- 
ing the unique environment of space, “pay” for the NASA 
programs. But the indirect impact to the economy has been 
even greater, and more important. These are the so-called 
“spin-offs” from space exploration which have been devel- 
oped by industry using technological breakthroughs funded 
by NASA. 

New materials, such as refractory ceramics and new al- 
loys which withstand the temperature extremes of space flight, 
are used in everything from nuclear power plants to everyday 
kitchen implements. Developments in electronics, including 
miniaturization and sophisticated automation techniques, have 
streamlined the functioning of industry and shortened the 
time (thereby increasing the productivity) of almost every- 
thing we do. 

The machines that monitor all of the vital bodily functions 
of the astronauts who walked on the Moon, now monitor 
premature infants in incubators, and have provided heart 
monitors and miniaturized pacemakers for thousands of 
people. 

The same qualitative impact, magnified many times, will 
result from the development of beam weapons combined with 
the recommitment of the civilian space program to establish 
a permanently manned station in space toward the goal of 
colonizing the Moon and other planets. 

However, studies done by Chase Econometrics and con- 
firmed by independent studies using the Fusion Energy Foun- 
dation’s econometric model show that there is a much greater 
impact that the development of a qualitatively new technol- 
ogy has on an economy. This impact is, strictly speaking, 
not measurable by adding up all the new products and new 
techniques that a new technology introduces; it is the increase 
in productivity throughout the economy as the result of the 
combination of higher manpower skill levels and new scien- 
tific knowledge entering industrial production. One study of 
this induced productivity effect estimated that U.S. produc- 
tivity increased 0.1 percent for every billion dollars spent on 
the space program. This change in productivity alone repre- 
sented an additional $3 billion to the GNP every year it was 
present. An interesting comparison is possible between the 
expenditure of a $1 billion aliquot of the federal budget on a 
high-technology R&D oriented program (like the Apollo pro- 
gram or the development of a beam weapon) and its expend- 
iture on transfer payments, bureaucratic services, or the like. 
The Chase Econometrics study showed that the expenditure 
of this money on high-technology R&D actually lowered 
inflation, while the other expenditure had the opposite effect, 
raising inflation by 0.2 percent. 
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Four types of directed- 
energy weapons 


by Mary McCourt 


In his EJR multi-client report, Beam Weapons: The Science 
to Prevent Nuclear War, Dr. Steven Bardwell describes the 
types of beam weapons on line for development. Each type, 
laser beams, particle beams, microwave beams, and plasma 
beams, is, Bardwell states, ‘‘in principle capable of generating 
the required power and energy [to reach and disarm its target] 
in a form efficiently absorbed by the missile.’” A beam weapon 
effectively disarms a nuclear warhead. A hydrogen bomb can 
be detonated only by an initial powerful atomic-bomb 
explosion capable of setting off a chain reaction in the lithium- 
deuterium fuel. A beam weapon, by pumping energy into the 
very delicately balanced triggering mechanism, prevents the 
initial explosion and essentially turns the warhead into a 
“dud.” The missile, like a satellite, might fall to the earth, 
but it can no longer be detonated. 

Scientists agree that laser-defense battle stations, even 
with the lowest level of laser-beam technology, can be de- 
fended from other beam weapons themselves. But a missile 
cannot be effectively defended from the beam without such 
massive protection that it would lose both the necessary speed 
and distance. , . 


Laser-beam weapons 

Laser beams, particularly the chemical laser, will likely 
be the first deployable beam weapons developed. A laser is a 
beam of very intense, single wavelength electromagnetic 
waves, either of light or high energy X-rays. Such a weapon 
can be focused very precisely because either the light or X- 
ray wavelengths all have the same frequency and phase. The 
five different types of lasers, which can be applied to fusion 
energy as well as beam weapons, are all being researched at 
U.S. laboratories. ; 

The chemical laser, which could be developed for mili- 
tary deployment within five years, uses a gaseous medium in 
which a chemical reaction is induced. The product of the 
reaction emits laser light. The Soviet Union used such a laser 
last year in tests that downed a ballistic missile. 

In a gas laser, a burning gas such as a hydrogen and 
fluorine mixture is suddenly compressed, and the energy 
distribution that results from the compression is then stimu- 
lated to emit single-frequency light waves at very high ener- 
gy. Both the United States and Japan are currently using huge 
gas lasers for nuclear fusion development. 

An electron discharge laser uses replaceable energy 
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from an électron beam to create the source of laser light. Such 
a laser would be very efficient for use in space because its 
energy source is electricity, not an exhaustible chemical fuel. 
Two other types of lasers, X-ray lasers and free-electron 
lasers, yet to be perfected technologically, have greater ad- 
vantages of energy density and flexibility than those listed 
above. The X-ray laser is widely recognized as the most 
promising long-range laser for ballistic missile defense, based 
in space. The X-ray laser, which is just a single pulse, is by 
far the most energy-dense, delivering thousands of times 
more energy per pulse than conventional lasers. In addition, 
the target absorbs the X-rays very efficiently, making this 
weapon capable of very efficient destruction of missiles. 


Particle-beam weapons 

Particle beams also deliver energy in a highly controlled 
pulse traveling at near the speed of light. But instead of a 
pulse of intense electro-magnetic radiation, the particle beam 
consists of subatomic particles, (electrons or protons), 
neutral atoms (usually hydrogen), or (usually magnetized) 
macroscopic particles accelerated to high speeds. A particle 


beam destroys its target, the triggering mechanism, by cre- - 


ating a very intense shock wave within the mechanism, like 
a very small, but extremely heavy and powerful hammer 
striking down on the target. ; 
Electron beams can be generated in the range of million 
of volts. Scientists researching the electron beam for military 
or civilian energy use have discovered that the electron beam 
becomes a complex structure of electrons and a magnetic 
field. Such structured beams are capable of carrying higher 
currents and more energy for much longer distances at much 
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great levels of power output. 

Proton beams, which have been researched intensively 
for the past 30 years, use an electron beam as a seed and then 
are accelerated in their own right. As protons are 2,000 times 
heavier than electrons, a proton beam of the same velocity 
has 2,000 times the energy of an electron beam. 

Neutral particles eliminate many of the problems of 
charged-particle beams, which can degrade both the efficien- 
cy and controllability of the beam. By spring of 1983, U.S. 
researchers will have produced a beam of protons at an energy 
of 2.5 million electron volts, capable of traveling at 99 per- 
cent of the speed of light. 

Control and targeting of a macroscopic particle beam 
would be more difficult, but the unparalleled power density 
of the beam—due to the large mass of the particles—gives it 
great potential as a beam weapon. 

Microwave and plasma beams have only been discussed 

in the United States in the past two years, although it is 
estimated that the Soviet Union is two or three years ahead 
in the production of microwaves. Intense, directional micro- 
waves are generated when electron beams are propagated at 
or near the speed of light through a plasma. Such beams, if 
focused, could destroy delicate electronic equipment in a 
target. 
A plasma beam consists of the highest energy-dense form _ 
of matter, a gas so hot that the electrons and neutrons have 
separated. The plasma forms itself into a complex structure 
of particles and magnetic fields. The unique feature of a 
plasma beam is that it actually requires the atmosphere, which 
hinders the guidance and propagation of other beams, to hold 
in the plasma and sustain the structure. 
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Space-based beam weapons, (left) provide the only feasible means for area defense against nuclear-armed ballistic missiles. The deployment of a weapon 
capable of generating an intense beam of laser light, atomic particles, or plasma, in an orbjt around the earth, would protect the entire United States from 
incoming ballistic missiles. Ground-based beam weapons (right) can provide both area and point defense. Shown here is a conceptual design of a laser beam- 
weapon system built on a mountaintop, which uses a relay mirror to provide aiming and tracking for the weapon. 
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ELECTROMAGNETIC DIRECTED ENERGY WEAPONS 
FOR ELIMINATING ELECTRONIC SYSTEMS 


Capt. Dipl. Eng. Jan VALOUCH 


Annotation: 
The article presents information on the current situation in the development and 
application of electromagnetic weapons and indicates possible trends of their future 
employment. Under the term electromagnetic weapons we understand means and sys- 
tems that use technology generating directed power electromagnetic pulses degrading 
the activities or destructing the electronic circuits of the enemy equipment. This will also 
enable to neutralize or completely destroy the operation of information, communication, 
control, firing and other electronic devices. Electromagnetic weapons are currently in 
o use and greater number of countries realizes the perspectives of their future develop- oe 
ment. 


kk 


1. CURRENT SITUATION OF DEVELOPMENT AND USE OF ELECTRO- 
MAGNETIC WEAPONS IN FOREIGN COUNTRIES 


Principle of electromagnetic weapon activities 


Typical representative of electromagnetic (EMC) weapons are so called Direc- 
ted Energy Weapons (DEW) employing the technology of High Power Microwave 
(HPM). These weapons represent highly sophisticated technology of 21st century. Their 
destructive effect results from the electromagnetic field and they threaten the operation 
of all devices equipped with electronic circuits, especially by the effect of arcing, over- 
load or by discharge of single electronic component parts. These weapons have strong 
physical and psychological impact. 

In general, DEW consists of impulse source of energy, source of microwave radi- 
ation and antenna. The impulse source transforms accumulated energy to high power 
electric pulse with the length of duration in units of nanoseconds. Accumulated energy 
can be in kilo-Joule with the power of gigawatt. In the source of microwave radiation 
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this impulse then acts upon diode and generates a beam of electrons with energy — 
approx, 400 kV, 10—60 kA. This energy is dissipated by the directional antenna. 

Electromagnetic weapons can fundamentally differ in terms of its design and 
application e.g. according to the used frequency band. EMC wide band weapons emit 
in wide frequency range but with low density of energy. These equipments are suitable 
where it is not possible to exactly identify the characteristics of the target — especially its 
working frequencies. Contrary to the narrow-band EMC weapons emit pulses on indivi- 
dual frequencies with enormously high power. Their action upon the target is very effe- 
ctive since impulse resonate with the known frequency of the attacked device. 


Development and application of electromagnetic weapons 


Concerning a development and application of electromagnetic weapons we can 
say that after the EMC weapons emerged from “the unknown” world of classified pro- 
jects, now they are tuned and EMC weapon capability is enhanced. And they are gradu- 
ally mounted on suitable carriers — vehicles, aircraft, ships, bombs, missiles and even 
space ships. The interest is focused not only on single pieces of equipment but also on 
complete systems incl. sensors and equipment to control the combat functions. 

Within the armed forces the employment of EMC weapons have the following 
advantages: 


> very rapid effect against the enemy targets, 
e > usage irrespective of the weather conditions, © 
> coverage of a great amount of various targets with minimum need to be informed 
about their characteristics, 
> threat to less available target — under ground, 
> operational attack (neutralization, destruction or denial of activities of electronic 
assets) at selected levels of warfare, 
> minimum of collateral destruction in politically sensitive environment and use of 
this environment after the end of conflict, 
> reduction of minimum time for tracking and guidance to target. 


USA, Russia, France, China and UK are the countries that achieved the greatest 
progress in the development and application of electromagnetic weapons. The interest 
of other countries (Germany, Belgium, the Netherlands, Denmark, Norway ...) is for a 
long time focused on High Power Microwave (HPM) especially on protection against 
the effects of HPM. As to my opinion this is the beginning of the path for research in the 
Czech Republic. 

Currently, discussions are held on their employment in Iraqi by the U.S. armed 
forces. They could facilitate quickly eliminate the command and control systems of Iraq 
and eliminate communication of their forces without any loss of lives and any collate- 
ral damage. There were some intentions to employ these weapons of electromagnetic 
warfare by the U.S. force in Kosovo and Afghanistan at least in trial operation. It is 
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also interesting the assumption that Russian forces used DEW prior the action against 
terrorists in Moscow theatre in 2002. This weapon was designed to disable the electronic 
detonating primers. The fact is that no Chechen managed to initiate her primer. 


Misuse of electromagnetic weapons 


More frequent are the attacks of terrorists and criminal underworld using the 
electromagnetic means. Among the targets of terrorists can be financial institutions, 
medical facilities, aircraft, automobiles, computer network and other daily used civilian 
and military equipment. The EMC radiation generators can be for example in the brie- 
fcase and that is why it is quite easy to prepare such an attack. First known terrorist 
application of electromagnetic weapons is from 1995 when Chechen rebels used this 
technology against the security system of Russian facility. 

Nobody knows about the use of DEW for criminal activities and terrorist attacks 
with exception of the offenders themselves and their victims. The German experts even 
officially recommended application of these means to the German police units since 
there were recorded several cases of use of DEW by the German underground. With 
DEW it is possible to commit perfect crime, as they leave no evidence. No doubt, in 
future a wide use of these weapons can be expected which can means an increased risk 
of their misuse. 


o Future of electromagnetic weapons oe 


Future of DEW is often discussed in many articles and literature. A part of study 
called Air Force 2025 also deals with the future of DEW employment that was develo- 
ped by the Air University Maxwell Air Force Base, Alabama. This study discusses a 
possibility to employ these means in the spaceships or satellites in order to destroy the 
hostile satellite information and communication channels. 

Development of DEW in terms of their employment is mainly connected with 
mutual co-operation of the army, air force and navy forces. These will be the components 
that are the potential users of DEW. Protection of the aircraft and ships against the effects 
of enemy DEW is being solved. Further, e.g. active use of DEW against the air defense 
and employment of DEW in the aerospace. Within 3—5 years it is expected that DEW 
will be installed into the drones (USA). In respect of technologies for DEW, the research 
will be especially focused on increase of input power of DEW, reduction of size and 
weight and improvement of antenna systems. A very interesting is also a research of 
biological impact of DEW on human being and hazard for the personnel. 
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2. CURRENT SITUATION IN THE AREA OF ELECTROMAGNETIC 
WEAPONS IN THE CZECH REPUBLIC 


The following part of this article briefly discusses NATO RTO — Research and 
Technology Organization (http://www.rta.nato.int), or the activities of selected panels 
with representation of the Czech Republic and which deal with the mentioned issue. 

The panels dealing with this topic are: 

> SCI-119 Tactical Implications of High Power Microwaves, 
> SCI-132 High Power Microwave Threat to Infrastructure and Military Equip- 
ment. 


Since most of activities of these technical panels is classified as NATO SECRET, 
only general character information not subject to classification are provided. 

Panel SCI-119 Tactical Implications of High Power Microwaves started its 
activities in 1998 and terminated it in this year. The objective of the work of its members 
have been mainly solution of issues of use of HPM in the military sector both in terms 
of defense as well as of potential active employment in attack. The most important areas 
solved: 

> design of resources generating HPM, 
> vulnerability of information technology of military infrastructure, 

o > risk of back effect of electromagnetic weapons on friendly troops, oe 
> testing of HPM effects on the off-the-shelf equipment equipped with electronic 

components (personal computers, cellular phones, vehicles, aircraft ...), 

> content of HPM national programs from the viewpoint of: 

— earmarking of specialized workplaces, 

— refinement of the content of solution in the given country, 

— allocation of funds, 

— planning of the number of students studying HPM at the universities, 


gathering of results. 


The issue of HPM is solved by NATO systematically since the beginning of 80-ies 
of the last century. In the short time, it is assumed that new advanced HPM weapons will 
be developed and within NATO this process must be systematically controlled. In this 
area — development of electromagnetic weapons — USA, Russian, France and the UK 
have the greatest success. 

Panel SCI-132 High Power Microwave Threat to Infrastructure and Military 
Equipment commenced its activity by the introductory session in October 2002, held 
in Munster in Germany. Its orientation is linked to the preceding activity of the Panel 
SCI-119. The main activities of the Panel are planned for the period of 2003—2005 and 
single members will deal with the following issues: 

> identification of potential threat of HPM on the military and civilian infrastructure 
and equipment, 
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> research of the penetration and dissemination of HPM in specific devices, 

> research of DEW (Directed Energy Weapons), 

> possibilities how to protect the military equipment against the effect of weapon 
assets on the basis of HPM. 


Other areas considered important by the member of the Panel SCI-132 and that 
are to be in the area of interest are: 
> resistance of military equipment against HPM, 
> implication of HPM in the military field test and system of their evaluation, 
> EMC terrorism. 


The Panel consists of representatives of the following countries: Canada, Czech 
Republic, Denmark, Germany, France, UK, USA, the Netherlands, Norway and Italy. 


CONCLUSION 


Currently, the use of electromagnetic weapons plays the more important role. 
Though, the wider employment of these weapons is expected within 5—10 years, there 
already exist and are used the devices/equipment capable to reliably effect on the enemy 
electronic assets (control, information, communication...) and deny the enemy any fur- 
ther operations. The issue of electromagnetic weapons in the Czech Republic is in the 
o stage of research and that is why the representation and involvement of the Czech repre- oe 
sentatives in the special Panels of NATO RTO or any other international organizations 
and boards is desirable. 
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Background. High power electromagnetic weapons, also referred to as high power 
radiofrequency (HPRF) weapons, are a type of directed energy weapons. The system 
effects of high power electromagnetic environments are well recognized by world 
scientific and military communities. Former CIA Director John Deutch has said that, 
"the electron is the ultimate precision-guided weapon." In the course of the investigation 
ofnuclear EMP effects on electronics during the Cold War period, it became evident that 
garden variety, unprotected electronics would malfunction, in some cases burn out, in the 
presence of electromagnetic fields in the hundreds to thousands of volts per meter. The 
EMP experience has led to the development of non-nuclear high power electromagnetic 
sources to create fields that equal or exceed EMP levels, albeit over relatively small 
ranges. Achievable electronic effects could have serious consequences in terms of 
interruption or termination of critical system operation. The effects are of particular 
interest to the military in the context of information warfare and missile defense. 
Because most critical infrastructures are controlled by electronics, HPRF weapons are a 
concern for civilian systems as well. The weapons could be used to disrupt computer 
electronics controlling electric power grids, telecommunications networks, financial 
institution databases, security systems, and aircraft. 


Military forces in many countries are pursuing the development of HPRF weapons. 
These programs are normally classified. HPRF weapons represent a revolutionary 
concept because they operate at the speed of light, can be used covertly, and harm 
equipment rather than humans (non-lethal). HPRF weapons may be enclosed in 
briefcases, packing containers, truck beds, or aircraft and maneuvered to expose critical 
military or infrastructure systems. 


Electromagnetic Weapon Characteristics. There are three elements to be considered 
in discussing HPRF weapons systems: the weapon itself, the propagation of the weapon 
output to the target, and the target response (see Figure 1). 
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Figure 1. High Power RF Weapon Operation Elements 
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Weapon Design. An HPRF weapon consists of a power source, or driver and a radiating 
antenna. The source is normally pulsed. Outputs may be sine waves (providing a narrow 
frequency band signal) or pulses (providing a wide frequency band signal). High power 
electromagnetic source technology includes electron beam devices (magnetrons, 
vircators, gyrotrons, backward wave oscillators), solid-state devices (bulk avalanche, 
optical switches, silicon carbide circuits) and explosive generators (magnetic flux 
compression using high explosives). Output power levels in the gigawatts are feasible 
over a wide range of frequencies. Design details will determine output characteristics. 
Power, frequency, bandwidth, repetition rate, and duty cycle are the important HPRF 
weapon output parameters. 


The HPRF weapon source must be connected to an antenna with sufficient gain to 
“beam” the RF energy to a useful range. Portability requirements impose major limits on 
antenna area which in turn largely governs the maximum intensity (power per area) that 
can be delivered to a target system at a given range. Compact sources that may be moved 
covertly in briefcases, packing containers, truck beds, or aircraft and maneuvered for 
close-up exposures of critical military or infrastructure systems are of most interest. 
Antenna size limits largely determine the maximum intensity (power/area) that can be 
delivered to a target system at a given range. A table of approximate relative portable 
platform sizes is provided below. 


Table 1. Portable Platform Size Comparisons (Approximate) 
































Capacity: Volume | RF system Basis 
Platform: Weight 
Briefcase 0.02 m* 5 kg Typical hard side 
Footlocker 0.15 40 kg 1 person portable 
Pickup truck 4m 1000 kg | 1 ton capacity 
Econoline van | 8 m° 2000 kg | Bed volume 
Tractor trailer | 80 m°* | 20,000 kg | 20 ton capacity 





High Power Electromagnetic Wave Propagation. Electromagnetic waves propagate at the 
speed of light through the atmosphere. Under most conditions, the atmosphere will not 


attenuate HPRF waves as they travel from source to target. However, if the 
electromagnetic wave’s peak field level exceeds the air ionization threshold a cascade 
process will occur in which an atmospheric plasma is created that will absorb most or all 
of the energy in the wave. This phenomenon is referred to as air breakdown. 


A typical threshold for breakdown at sea level is approximately 1 megawatt/em? . Asan 
example, a 1 Gigawatt source radiating through a 1-foot radius circular antenna will 
produce an average intensity over the antenna of 0.35 megawatts/cm’, a factor of 3 below 
air breakdown. Once away from the antenna, EM intensity falls off as the beam spreads 
(typically as 1/4 ar where r is the distance to the target). 
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The HPREF signal intensity on target depends on source transmission power (P;), antenna 
gain, and range according to the following equation: 
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The antenna gain may be approximated by G = ve where A- 1s the effective antenna 
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area and A is the wavelength of the radiated HPRF signal. This yields a simple formula 
for the intensity on target: 
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So, for example, a | Gigawatt source radiating at 1 GigaHz (A = 0.3m) with a 1-m? 
antenna will produce a beam intensity of 11 kW/m? (or 1.1 watts/cm’) ona target 1000 
meters away. If the pulse duration were 1 microsecond, the energy fluence on target 
would be power xX time or, 1.1 microjoules/cm’. 


Target Response. Once the electromagnetic wave signal reaches the target, its energy 
couples to the system in a very complex manner through various paths associated with 
the topology of the target system. The HPRF signal will induce currents on any external 
conductors (antennas, wires, etc) that penetrate to the system interior. The signal will 
also couple to any external metal shielding and then may reradiate to internal conductors. 
Signal waves will penetrate through any holes in external shielding to interior portions of 
the system. The main concern is the amount of energy that finds its way to critical 
electronic circuits, causing the system to malfunction. 


To simplify coupling calculations, it is possible to determine an effective “coupling cross 
section” for critical internal circuits. In effect, this treats each internal circuit as a 
receiver. The power received by the circuit may be expressed as a simple function in 
incident wave power and an effective coupling cross section: 


P= SA; 


P; is the power induced in the internal circuit, S, is the incident power at the system’s 
exterior, and A, is the coupling cross section of the internal circuit. A, is a function of 
frequency and incorporates all the complexity of coupling including multiple paths, 
layers and mechanisms. There are two major coupling modes, front door and back door, 
as shown in figure 2. 
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Figure 2. Front Door and Back Door Coupling Modes 


The physics of front and back door coupling are the same. In each case, energy resident 
in the incident wave induces currents in the system that flow to a sensitive system circuit. 
Each can be characterized parametrically by equation P; = S; Ag. The coupling cross- 
section, Ag, is typically large for front door coupling and small for back door coupling. 
The coupling cross sections for front door coupling are of the order of the physical area 
of the antenna or aperture. Effective coupling cross section values for back door 
coupling of unhardened systems range from 10“ — 10 cm?. Coupling cross-sections are 
hard to predict analytically and can be determined confidently only by direct 
measurement. This creates a problem for an attacker’s confidence since HPRF effects are 
subject to much higher uncertainties than conventional weapon effects. 


HPRF Weapon Effects on Systems. EMP and HPRF affect systems by disrupting the 
operation of electronic components either temporarily (upset or latchup) or permanently 
(component damage). Damage may be “direct” where energy inherent in the EMP/HPRF 
field is sufficient to cause malfunctions or “indirect” where EMP/HPRF energy triggers 
effects involving a system internal power supply. Even though the power delivered to a 
circuit by the HPRF field is small, the much larger energy available in the system’s 
power supply (or fuel and ordnance) can be improperly diverted by an HPRF induced 
overvoltage arc or malfunction of system digital control circuit, causing major system 
damage. 


Upset refers to an induced change of state in a digital circuit in which the system 
continues to operate, although possibly with erroneous data bit streams. Latchup refers to 
changes of state in digital circuits where the affected portion of the system ceases to 
operate until the system resets itself or (worse) a manual reset is required. In either case, 
system components are not directly damaged and recovery is often possible (depending 
on time criticality of affected function). 


Exploitation of upset effects should not be discounted. In some cases they are 
tantamount to permanent damage. Upset may result in major system damage, e.g., a 
missile plunges into ocean due to a guidance system upset, or computer equipment is 
destroyed by an upset sprinkler system. Small, upset-level transient pulses can also act to 
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trigger the release of energy from a system’s own power supply causing components to 
burn out at fluences much lower than would normally cause permanent damage. 


To give an indication of HPRF wave energies required to cause system effects, ITT 
industries (formerly Kaman Sciences) openly exposed circuit cards to 2.9 GHz 
microwave pulses with duration 1 microsecond. Onset of upset occurred at 1 watt/ cm? 
(equivalent to 1 microjoule/em? for this pulse duration). All components were upset at 
wave intensities of 1000W/cm?. Onset of damage occurred at 100W/cm? (for a 1 
microsecond pulse, this is equivalent to 100 microjoules/em7). All components were 
damaged at wave intensities of 1000 W/ cm? (equivalent to 1000 microjoules/cm’). 


System Protection. System hardening involves a combination of operational and 
hardware techniques. Operational techniques may include the provision of spares for soft 
critical subsystems or boxes, disconnecting susceptible circuits upon warning, and/ or 
establishment of a physical keep-out perimeter (with barriers and/or security force) or 
zones around critical equipment to prevent positioning of HPRF weapons at close ranges. 
Operational controls may also be built into software to provide circumvention and reset, 
error-correcting codes, voting logic, and status detection. For some non time-sensitive 
systems, provisions for rapid system repair may be an option. 


Conceptually, hardware approaches involve placing a conducting material between the 
incident HPRE wave and susceptible internal circuits. Hardening techniques have been 
successfully demonstrated and codified for EMP (ref. article on nuclear EMP). The EMP 
community has placed a heavy reliance on exterior shielding while limiting the number 
of penetrations that have to be individually protected. Such protection applied at the 
system exterior allows interior boxes to go untreated. This approach works well when 
designed in from the start. For retrofit protection, however, it is often prohibitively 
expensive. 


Hardware approaches for HPRF protection, while conceptually similar, have some 
differences in emphasis from EMP. Because EMP is extremely broadband, typically only 
a small fraction of the energy comes through the front door in band. HPRF weapons can 
be tuned to the front door center frequency such that all the beam energy flows into the 
system. Also since HPRF weapons operate at higher frequencies, attention to smaller 
apertures (including cracks and seams) is required and dimensions of waveguide-beyond- 
cutoff penetration treatments will require changes (longer and more narrow waveguides 
are needed). 


Front door in-band protection is one of the more challenging (but not insurmountable) 
HPRF protection problems. The high gains associated with most front door paths make 
these potentially the most susceptible portion of the system. However these well- 
characterized front door receive paths have received much attention in terms of protection 
engineering. Radar systems are often protected from their own or neighboring 
transmitters by a receiver protector or RP. Similar protection can be applied to 
communication receivers against in band HPRE environments. Table 2 summarizes 
HPRE hardening techniques. 
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Table 2. HPRF Hardening Methods 


Gpsrat sonst rechataiss 
Physical keep-out Antenna gain pattern Non corrosive mating 
Software Techniques: 

Circumvention/reset 


Error correcting codes Terminal protection devices 

Voting logic conductive films 

Status detection/ alarm 
and components 


Filtering, limiting at 
penetration points 





Future Directions. HPRF generation techniques have matured to the point where 
practical devices have become technically feasible. Miniaturization of pulse-power 
source components, more efficient power supplies, and advances in electronic pulse 
forming, energy conversion, and antennas enable reduced size and increased efficiency of 
HPREF generation hardware. Simple weapons can also be built using inexpensive 
magnetrons from common microwave ovens. 


Military trends to computerized battle management, weapons tracking, and 
landline/wireless network communications are a double-edged sword, introducing serious 
HPREF vulnerabilities. Military use of commercial off-the-shelf equipment and 
dependence on civilian infrastructure exacerbate the problem. Senior military officials 
have dropped hints about pursuing offense technology but there are no officially 
published details concerning weapon availability or capabilities. 


Several other countries also have extensive background in the development of RF 
weaponry. The former Soviet Union pioneered the development of HPRF weapon 
technology and this technology is now being offered to other countries. According to a 
recent report from the Office of the US Secretary of Defense on the military power of 
China, “Captain Shen Zhongchang from the Chinese Navy Research Institute...envisions 
a weaker military defeating a superior one by attacking its space-based communications 
and surveillance systems...in future wars, Shen highlights radar, radio stations, 
communications facilities, and command ships as priority targets vulnerable to smart 
weapons, electronic attack, and electromagnetic pulse weapons.” It is expected that in 
future conflicts the United States will encounter adversaries using HPRF weapons as part 
of asymmetric tactics to disrupt information systems. 
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See also: Nuclear Electromagnetic Pulse (EMP) 
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The Biophotonic Quantum Holographic Matrix 


by William F. Hamilton III 


ABSTRACT: This paper is an attempt to integrate studies of the quantum potential, quantum 
holography, biophotonics and the enveloping matrix of _ biointegration, 
biocommunication, and bioinformation that composes the web of light and life in living 
organisms and their possible genesis in an electromagnetic infoton. 


Introduction: 


Theoretical physicist David Bohm proposed a new hidden variables theory of Quantum Mechanics. 
He assumes the wave function does not represent just a set of probabilities but an actual field. This field 
exists and acts upon particles the same way a classical potential does. Thus it is a quantum potential 
which is associated to this field and is a function of the wave function. It is postulated here that the 
quantum potential is active -- as a field -- in living cells and organisms and acts upon them. 


The equation Bohm used to represent this quantum potential is: 


U=—E (0? /2m,) (eR R) (1) 


Research reveals that Bohmian quantum potential is still used, but that it may only represent a means 
to extend Quantum Theory into a realistic theory of particles and fields. 


It resolves the dilemma of the appearance -- in one and the same phenomenon -- of both particle and 
wave properties in a rather straightforward manner. Bohmian mechanics is a theory of motion 
describing a particle (or particles) guided by a wave. This guiding wave is usually attributed to atomic 
particles. But it might be more insightfully seen as a traveling soliton or vortex. 


Bohmian mechanics is manifestly nonlocal, and the velocity may depend upon the positions of other 
-- even distant -- particles whenever the wave function of the system is entangled. 


The behavior of the particle is determined by the particle’s position and momentum, the wave field, 
and the sub-quantum fluctuations. 


Bohm's quantum potential binds the entire Universe together into what he liked to call a seamless 
"unbroken wholeness". Every particle in the Universe is connected by the quantum potential to every 
other particle. He likened the cosmos to a hologram in which each point on the film carries information 
about the entire picture. Bohm's GWT -- far more sophisticated than de Broglie's crude version -- is a 
"holistic" vision in which all parts of the Universe are joined to every other part. "Interconnectedness" 
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was one of Bohm's favorite words. He saw the Universe as resembling the unity of a living organism. 
A kind of pantheism not unlike Spinoza's -- a pantheism Einstein himself favored.” [2] 


Bohm referred the holomovement as the basic reality. The pattern formed on a photographic plate 
by light waves that interfere and create a hologram. This pattern is the interaction or interference pattern 
of two parts of a laser light (coherent light). One beam reflects off an object, the other off a mirror. In 
addition, any portion of the holographic plate contains information on the whole object. 


Biohologram: 


Every cell in the human body contains nuclear DNA. Information on the whole body -- much like a 
hologram -- only the cells can go through a process of division and reproduction (mitosis). 


In quantum holography, things are spookier still. While holograms are typically constructed with 
interfering beams of light, in quantum holography the researchers measure the simultaneous arrivals of 
an illuminating photon that is sent into a chamber and a companion photon in the other entangled 
beam.[2] 


time 





P2 (x,) 


Quantum holography -- as depicted in this cartoon -- is a way that physicists could 
produce 3-dimensional images of objects that would be invisible to systems relying 
on classical physics. A source S produces 2 photon beams (hy and hz). The photons 
in hy are quantum mechanically entangled with the photons in hz. When a photon in 
hy; enters chamber C, it encodes 3-dimension information about the enclosed object 
(in this case a Grecian bust) in the interference of the 2 paths it could take -- a path 
that intercepts the object and subsequently is reflected to the chamber wall, and a path 
that misses the object and strikes the chamber wall directly. The second beam hz 
passes through conventional optics and strikes a detector array D. A coincidence 
counter extracts the holographic information by monitoring the relative time between 
a photon in hy striking the chamber wall and its entangled mate in hg arriving at 
detector D. 


Wave Genetics Inc. and the Moscow Institute of Control Sciences are exploring a new concept of the 
genetic code that asserts: 


(1) that the evolution of biosystems has created genetic "texts" -- similar to natural context 
dependent texts in human languages -- shaping the text of these speech-like patterns. 


2) that the chromosome apparatus acts simultaneously both as a source and receiver of these 
genetic texts, respectively decoding-and-encoding them. 


3) that the chromosome continuum of multicellular organisms is analogous to a static-dynamical 
multiplex time-space holographic grating, which comprises the space-time of an organism 
in a convoluted form. 


That is to say, the DNA action -- theory predicts and which experiment confirms -- is ... 


(i) that of a "gene-sign" laser and its solitonic electro-acoustic fields, such that the gene- 
biocomputer "reads and understands" these texts in a manner similar to human thinking but at 
its own genomic level of "reasoning". It asserts that natural human texts (irrespectively of 
the language used) and genetic "texts" have similar mathematical-linguistic and entropic- 
statistic characteristics, where these concern the fractality of the distribution of the character 
frequency density in the natural and genetic texts and where -- in case of genetic "texts" -- the 
characters are identified with the nucleotides, and 


(ii) that DNA molecules -- conceived as a gene-sign continuum of any biosystem -- are able to 
form holographic pre-images of biostructures and of the organism as a whole as a registry of 
dynamical "wave copies" (or "matrixes”) succeeding each other. This continuum is the 
measuring, calibrating field for constructing its biosystem. 


“Complex information can be encoded in EM fields, as we all know from coding-and-decoding of 
television and radio signals. Even more complex information can be encoded in holographic images. 
DNA acts as a holographic projector of acoustic and EM information which contains the informational 
quintessence of the biohologram. Only 3% of human DNA encodes the physical body. The remaining 
97% of the 3 billion base pair genome contains over a million genetic structures -- called transposons -- 
that have the capacity to jump from one chromosomal location to another (Kelleher, 1999). We are 
99.9% alike in our genetic legacy. Our individuality is expressed in 3 million small variations in our 
cells called single nucleotide polymorphisms. 


"Gene-expression is the mechanism by which new patterns are called into being (Rossi, 2000). 
There is also a strong correlation between modulation of the brain’s EM field and consciousness 
(Persinger, 1987; McFadden, 2002). The Gariaev group has discovered a wave-based genome and DNA 
phantom effect which strongly supports the holographic concept of reality (Miller, Webb, Dickson, 
1975). This main information channel of DNA is the same for both photons and radio waves. 
Superposed coherent waves of different types in the cells interact to form diffraction patterns, first in the 
acoustic domain and second in the electromagnetic domain -- a quantum hologram -- a translation 
process between acoustical and optical holograms.” [4] 


The distribution of the character frequency in genetic texts is fractal, so the nucleotides of DNA 
molecules are able to form holographic pre-images of biostructures. This process of "reading and 
writing” the very matter of our being manifests from the genome's associative holographic memory in 
conjunction with its quantum nonlocality. Rapid transmission of genetic information and gene- 
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expression unite the organism as holistic entity embedded in the larger Whole. The system works as a 
biocomputer -- a wave biocomputer. 


The quantum nonlocality of the genetic information is fundamental. Experimental work of the 
Gariaev group shows how quantum nonlocality is directly related to laser radiation from chromosomes 
(coherent light), which jitterbugs its polarization plane to radiate or occlude photons. DNA and the 
genome have now been identified as active "laser-like" environments. Roughly speaking, DNA can be 
considered as a liquid crystal gel-like state that acts on the incoming light in the manner of a solitonic 
lattice. [5] 





Biophotonics 


This entire section is extracted from the History of Biophotonics website: 


Around 1923, Alexander Gurwitsch discovers an "ultra-weak" photon emission from living systems 
(onions, yeast, ...), since he suggested connections between photon emission and cell division rate. He 
calls this photonemission ''mitogenetic radiation". His experiments indicate that the wavelength is in 
the range around 260 nm (Bibliography under Gurwisch and also Ruth (1977, 1979)). 


Around 1950, Russian scientists rediscover "ultra-weak photon emission" from living organisms. 
Most results are published in "Biophysics" (Engl.) and originally in "Biofizika"). ( Bibliography under 
Ruth, 1979). 


Italian nuclear physicists discover by chance "bioluminescence" of seedlings. They do not think that 
this finding is significant, but they publish the results (Colli et al. 1954, 1955, Ruth 1979). 


The Russian biophysicist and the American chemist enunciate the first theory of ultra-weak 
photonemission (UWPE) from biological systems -- the so called "imperfection theory". UWPE shall 


4 


be an expression of the deviation from equilibrium -- some kind of distortion of metabolic processes 
(Zhuravlev 1972, Seliger 1975, Ruth 1979). 


Independently from each other and by different motivations, scientific groups in Australia 
(Quickenden), Germany (Fritz-Albert Popp), Japan (Inaba), and Poland (Slawinski) show evidence of 
ultra-weak photon emission from biological systems by use of modern single-photon counting systems. 
Bibliography (Quickenden, Inaba, Popp &Ruth, Slawinsk1). 


While Quickenden, Slawinski, and Inaba prefer the imperfection theory, Popp and his group 
enunciate just the opposite theory: 


1. The radiation originates from an almost perfect coherent photon field. 
2. Essential sources are the DNA and corresponding resonators in the cells. 


3. The mechanism describes photon storage in cavities and information channels, tuned by 
Casimir forces. 


4. There is a close connection to delayed luminescence which corresponds to excited states of the 
coherent photon field. 


5. The radiation is not the product but essentially the initiator of chemical reactions in the cells. 
The radiation submits the information within and between cells. 


6. The radiation is not limited to the optical range but follows an f = const rule (the occupation 
probability of the phase space is equal for all wavelengths) and extends to longer 
wavelengths including the so-called heat radiation of the body. 

7. This radiation is the proper regulator and information carrier of life. 

The Marburg group of Fritz-Albert Popp calls this phenomenon "biophotons" in order to stress the 
difference to "bioluminescence". Biophotons are single quanta which are permanently-and-continuously 
emitted by all living systems. They are subjects of quantum physics, and they display a universal 
phenomenon attributed to all living systems. Worldwide, all scientists who agree with these statements 


call the radiation "biophotons" and the scientific field "biophotonics". 


From 1972 to 1980, the Marburg group of the leader -- the physicist and Dr. Habil Fritz-Albert Popp 
-- evaluated experimentally all the essential physical properties of biophotons. 


1. The intensity ranges from a few up to some hundreds photons/(sec-cm’). 
2. The spectral distribution follows in the time average an f = const rule. 
3. The modes are strongly coupled. 


4. The delayed luminescence that approaches continuously the biophoton emission follows a 
hyperbolic rather than an exponential relaxation function. 


5. The biophotons origin from an almost fully coherent field. 


6. Cells are able to establish cavity resonators which contribute to biophoton regulation. 
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7. The essential source of non-equilibrium biophoton emission is the DNA. 


This group introduces the first time photocount statistics (PCS) into biophotonics. They show 
evidence that biophotons are emitted according to a Poissonian PCS. Furthermore, they show evidence 
that (1) the delayed luminescence follows a hyperbolic relaxation function rather than an exponential 
one; (2) the modes are strongly coupled; and (3) there are hyperbolic oscillations around the continuous 
hyperbolic relaxation function. The group finds the first time intercellular communication by means of 
biophotons. Later this was confirmed by Albrecht-Biihler (Bacteria), Popp and Chang (dinoflagellates), 
Galle (daphnia), Shen (blood), and Vogel (bacteria). 


(Bibliography under Popp and coworkers, i.e., Bahr, Bohm, Grass, Grolig, Herrmann, Kramer, 
Rattemeyer, Ruth, Schmidt, Wulle, Albrecht-Bihler, Chang, Galle, Shen, Vogel). 


The papers of Popp and his group are examined mainly by the group of B. Chwirot (Kopernikus 
University, Torun). They confirm the essential results (Bibliography Chwirot et al.). 


Herbert Klima (Atom Institute Vienna) performs his dissertation in Popp’s group at the University in 
Marburg. He transfers "Biophotonics" to the University in Vienna -- in particular investigations on laser 
excitation of living systems. 


(Bibliography Klima or Atominstitut Wien). 


J.Slawinski cooperates with the groups in Japan, USA and the Popp-group in Germany. He follows 
mainly the links between biophotons and biochemical reactions. There arises a branch biochemical 
biophotonics that becomes an essential part mainly in Japan and USA.” [6] 


Bioinfotons 


This term “bioinfoton” is one that I am adopting to specify any particle (such as the Ganesh 
Particle*), wave, or biomolecule that transfers information from an emitter to a receptor. It is possible 
that if a biophoton is emitted from a coherent source that it will carry holographic information as a form 
of modulation (possibly frequency-modulated) and produce action or results in biological systems. 


It is possible that biophotons may even be carriers of psi information and that a coherent coupling 
can be established between 2 conscious lifeforms resulting in a transference of information from a 
higher potential field to a field at lower potential. Even though this is conjecture at this point, it suggests 
other means by which disparate lifeforms can communicate. We know there is a process by which trees 
communicate and even signal each other in the face of danger. We may be exchanging information with 
pets and other animals through biophotonic communication. This may be how some people who have a 
"green thumb" affect plants they care for. 


Even communication with other intelligent life forms in the Cosmos may be effected by the 
amplification and vectoring of biophotons or -- via the quantum potential -- produce information at a 
distance. 


A virtual photon flux in the quantum potential may be integrating the coordinated wholeness of the 
organism while the action of bioinfotons may keep every part of the organism in communication with 
every other part. 


Conclusions 


Life and living organisms are more than the sum of their parts and are composed of material and 
non-material parts. The spiral form of DNA evidently produces an electromagnetic wave field that 
informs the organism’s growth and structure. 


Scientist Richard Alan Miller is a pioneer in this field and has written: 


“In a hologram, wave fields interfere with one another to lay the foundations for the reconstruction 
of the image of an object. But how are the wave fields produced? 


The term "holography" comes from the Greek roots meaning "entire" and "to write". In holography, 
the image is projected by a coherent light source split into both the object wave and the reference wave 
background. This dichotomous nature is reflected in the particle/wave nature of the DNA molecule, 
which can be "read out" with biophotons from chromosomes to set up a holographically-produced wave 
field. This superposition of wave fields (object wave and reference wave) creates a wave guide for the 
formation of biological structure. The image is constructed according to the reference information 
contained in the genes. The reconstructed object wave is identical with the object wave field. The 
reconstructed wave fields reproduce exactly the recorded ones (the DNA with genetic code)." [7] 


Mr. Miller also proposes this hypothesis: 
“QUANTUM BIOHOLOGRAPHY 


Hypothesis: The organization of any biological system is established by a complex 
electrodynamical field that is, in part, determined by its atomic 
physiochemical components. These, in part, determine the behavior and 
orientation of these components. This dynamic is mediated through 
wave-based genomes wherein DNA functions as the holographic projector 
of the psychophysical system -- a quantum biohologram." 


I propose that the biohologram is embedded as an integral part of the biocosmic hologram we call 
the"Universe”. 


Dr. Dan Burisch has seen evidence that a Ganesh Particle* can transmute itself into a fully 
functional atypical eukaryotic cell in a matter of seconds -- not eons. Such evidence -- when it becomes 
available -- will change our entire perspective on the existence of a universal holonomic mind that 
informs its creation. 


*Ganesh Particles are charged clusters that extracted from ancient bedrock and have a 


seemingly unknown origin, but carry information which is transferred to cells via a 
crossbridge. (discovered by Dr. Dan B.C. Burisch) 
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e Typical circuit has about 10-!3 energy 
collection efficiency 





e Classical View of EM 


e Curved Spacetime acts as source or sink 


e Chronic Disease Puzzling 


e Cancer Characteristics 


e Solving a Cancer Enigma 


e Cancer: Characteristics 


e Nonlinear Optics Distortion Correction 
Theorem 


e The Electronuclear Reaction: Nuclear 


Reactions in TR-Zones (1) 


e The Electronuclear Reaction: Nuclear 
Reactions in TR-Zones (2) 





e The Electronuclear Reaction: Nuclear 


Reactions in TR-Zones (3) 





e In Time-Reversed Zone: Nuclear reactions 
are biased 


e In Time-Reversed Zone: Dynamics may 
be reversed 


e Time-Reversed Zone: Significant only 
after time-density charging 


e A New Conservation of Energy Law 


e Questions on Carcinogens and EM 
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theory 
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Scalar Electromagnetics (Energetics) View 
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Longitudinal EM Photon Interaction with 
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Mass is transparent to longitudinal EM 
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interiors of internal waves, potentials, and 
fields in the mass. 
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e Pumping with Longitudinal EM waves 
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e Maxwellian Systems before and after 
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e More to come 
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- Force field concept is material 
— Missing two infolded transforms (M->ST; ST->M) 


Missing Infolded general relativity inside electrodynamics 
Several Kinds of EM Waves in Space 


— Howto make 
= Transduction 


A French medical example as a deep experimental dernonstration 
— Spectacular regenerative cures funded by French Govt 
— Not comprehended, therefore suppressed 


Cold Fusion examples of tirne-clensity wave effects 
China Lake instrumental anomalies In electrolysis 
Explanation of anomalous behavior of instruments 
Explanation of new nuclear reactions 

Wave energy transduction provides excess heat 


Urge theorists to consider dramatically new reactions 


http://www.cheniere.org/images/EMfndns 1/majptssm.jpg25.4.2005 1:21:49 


http://www.cheniere.org/images/EMfndns 1/35mm%20INe98-8%20sm.jpg 


Chung's Carbon Filament Negative Resistor } 












































UNIVERSITY AT BUFFALO, NY 





CROSSED CARBON 
FILAMENT LAYERS 





(S88 TE Beorsin 


http://www.cheniere.org/images/EMfndns 1/35mm%20INe98-8%20sm.jpg25.4.2005 1:22:16 


http://www.cheniere.org/images/EMfndns 1/sm%20A Beffect.jpg 


3" Aharonov-Bohm Effect 3. 


= In field-free regions re 
— E-field is zero | aA 
— B-field is zero 

= Potentials still exist, just no gradients 
— Cause real effects 
— Interference is the key » 
— Contain sum-zeroed substructures 


= Does not follow from 
— Mechanics 
— Classical electromagnetics 


=» Required by quantum mechanics A 











http://www.cheniere.org/images/EMfndns 1/sm%20A Beffect.jpg25.4.2005 1:23:05 





http://www.cheniere.org/images/EMfndns I/sm%20Absemitl .jpg 


Absorption and emission reactions 


ELECTRON ABS ORBS PHOTON 
ENERGY, MOVES TO HIGHER 
ENERGY LEVEL DECAYS 
BY EMITTING PHOTON 


lef 7 


| At remains —— 
coupled ___ 


py Ss 


~ Ae 

oe 
PARTICLE ASSORBS ENERGY, 
MOVES TO HIGHER 
ENERGY SHELL, DECAYS BY 
EMITTING ENERGETIC PARTICLE, 
OBSERVABLE.. 


thay 





~ peeeeeusessosaseseseces See eee ee eee 


ENTIRE NUCLEUS ABSORBS ENERGY, 


EACH PARTICLE ABSORBS OWN. 


DECAY OCCURS BY COMPLEX MODES, 


INCLUDING FISSION OR FUSION. 
DECAY BYPRODUCTS OBSERVABLE. 
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ELECTRON ABSORSS T ME 
DENSITY, MOVES TO DFFERENT 
c) At TIME DENSITY LEVEL DECAYS BY 
} : EMITTING LONGITUDINAL OR 
“ex, P SEUDOLONGITUDINAL 
PHOTON 


Ke 


AE remains — 
coupled 


fs 
© TE.BEARDEN 198 


PARTICLE ABSORBS TIME, 
MOVES TO HIGHER 

TME DENSITY. DECAYS BY 
EMITTING TIME-LIKE PARTICLE, 


NONOBSERVABLE BY PRESENT 
MEANS. 


ENTIRE NUCLEUS ABSOREBS TIME, 
EACH PARTICLE ABSORBS OWN. 
DECAY OCCURS BY COMPLEX MODES, 
INCLUDING FISSION OR FUSION. 

SOME DECAY BYPRODUCTS ARE 
NONOBSERVAGBLE (SPACE ABSORBS) 
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Absorption and emission reactions 





TRANSVERSE PHOTON 
ELECTRON ABSORBS PHOTON 
ENERGY, MOVES TO HIGHER 
ENERGY LEVEL. DECAYS ELECTRON ABSORBS TIME 
BY EMITTING PHOTON, DENSITY, MOVES TO 1/ DIFFERENT 
REMOVING At “@ At. TIME DENSITY LEVEL, DECAYS BY 
Me EMITTING LONGITUDINAL OR 
/ We ™M PSEUDOLONGITUDINAL 
Atcoupled PHOTONS 


aie 


At increases 
\-statically ~ 





lowly 
d aoe —> 
PAs 
Figure A. Excited energy density level Figure B. Excited time density level 
oo in cneias ny significant only after enormous 
@ TE BEARDEN 1968 number of increases. 
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ANTI-ENGINE FOR CELL'S DEVIA TION 
REVERSES CELL BACK TO NORMAL 





a 
aa 





: ae | ‘. y . — hs PHYSICAL 
rear Ty ae: 
7 | (NORMAL) 
~ # EXTENDED 
| ‘TIME DELAY FoR 
\ ie RENORMALIZATION 


VACUUM VACUUM/SPACETIVE 


@ 1934, 19957.E BEARDEN 
ENGINE ANTI-ENGINE FOR 
FOR DISEASED CELL'S DISEASE DELTA 


By pumping the internal EM channel, process is dramatically accelerated. 
This is the body‘s normal recovery mechanism, within its limits. 


http://www.cheniere.org/images/EMfndns | /antieng 1 %20sm.jpg25.4.2005 1:25:23 


Asymmetric Regauging Produces Excess Force, 
Which Can be Used to Do Work on the System 


i Net S metric Regauging Does 
No Excess Work on fe System 


: This little bird put one foot on 

: wire A, and then the second foot 

; on wire A also. He pet symmetrically 
; regauged, so he had no net excess 

: force across him, even though his 

| SSynmetriealiy fegauged eanh foot, 

: regau each foo 

: but both Sica Merk so that one 

; countered the other. e little bird! 








\ 


: Net Asymmetric Regauging Can 
i Do Excess Work on the System 
: This little bird put one foot on 

; wire A, and then the second foot 

: onwire B. He net ety aie ticatly 

} regauged, so he ot ne 

: excess force across him. That 

: force then violently translated his 

; little body parts every which way, 

{ doing lots of work in and on him. 


(c) TE. BEARDEM 1999 
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500,000 Vo Its 


1D00,000 Volts 





Net Symmetric Regauging Does 
No Excess Work on the System 


: This little bird put one foot on 

: wire A, and then the second foot 

: On wire Aalso. He net symmetrically 

; regauged, so he had no net excess 

: force across him, even though his 

: potential energy was increased. He 
asym metrically regauged each foot, 


but both simultaneous! 
countered the other. 


so that one 
ise little bird! 


| Net Asymmetric Regauging Can 
: Do Excess Work on the System 


: This little bird put one foot on 

: wire A, and then the second foot 
on wire B. He net asymmetrically 
regauged, so he had lots of ne 

: excess force across him. That 

; force then violently translated his 
little body parts every which way, 
doing lots of work in and on him. 


Bummer! 
(c) 6. REARDEN 1996 


Figure 32. Asymmetric regauging produces excess force, which can be used 


to do work on the regauging system. 
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e Tiny DC currents (picoamperes) 
e Pulsed DC current can be utilized 
© Pulsed magnetic fields may be utilized 


RED BLOOD CELL 
DEOIFFERENTIATES 


Shucks hemoglobin coat 
Grows nucleus 


NEW CELL 

REDIFF ERENTIATES i. 
Turns into type of cell that 
makes cartilage 


NEW CELL 
REDIFF ERENTIATES 


Turns into type of cell that 
makes bone 

Deposits Infracture site, 

healing the fracture 


















ae 
FRACTURE SITE 


©) 203, 05 TE GRRDEN 
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Trauma Produci 
Tissue Loss 
Local cellular effect Local nerve effect 
CNS effect Alterations in hormone 
patter (prolactin) 
Alterations in local 
DC field pattern 
Local electric 
Local and ri eto 
pools of — cel 
Dedifferentiation into 
Ege tee cells 
Phase | Biastema formation 
growth 
Phase Il ’ 
dish l thal yh eg *Becker & ESR tOrS, “Electrica mma of 


' Bik Nat ed, 40) ay 1972 
Restoration of body p.629 
part ortissue 
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INPUT STIMULATION 
DC SYSTEM (PAIN) 


GROWTH 
DIFFERENTIATION 


MITOSIS STIMULATION OF 
DEDIFFERENTIATION REPAIR CELLS 


CENTRAL 
DC SYSTEM 


OUTPUT 
DC SYSTEM 


TOTAL 
CURRENT OF 
INJURY 
Dc SYSTEM 





“Robert 0, veka, Bh Sade etree fo pesecbegesi tio L 
Bioelect os t s, Vo 


Riana po 4 
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Geometrical Distortion of Poynting Energy Flow 


At or near resonance frequency, in the case shown 
ee eee (reaction cross section) 


increases dramatically. 


a. Around an aluminum sphere b. Around an aluminum sphere 
at light energy 8.8 eV. at light energy 5eV. 
Absorption efficiency = 18.00. Absorption efficiency = 0.1. 


Figures per Craig F Bohren, "How can a Sag 3B absorb more than the light incident upon it? “, 
American Journal of Physics, 51(4), Apr. 1983 
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ad 


Cosmic Bootstrap: I~ 
Before the Big Bang: \@ 


Cosmic repulsion behaved like a fluid with 
negative pressure 


The “universe” inflated (expanded) as. a ‘faise 
vacuum 

As the negative-pressure fluid expanded, its 
energy went up rather than down 


When inflation stopped, the faise vacuum 
decayed from its excited state 


jis excitation energy was released in a single 
great burst Paul Davies, Superforce, 1984, p. 194 
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BRIDGING ENABLES COP > 1.0 


§-flow, dé /dt flow, and EMF flow 


=> => > a> o> => o> o> 


S dQidt 
| BLOCKER |: | 


| (Conductor) | | 





Closed Current Closed Current 
Loop A Loop B- 


BRIDGE Patent Pending 
Current loop Bis asymmetrically regauged by 
§, dd /dt, and EMF flowfrom current loop A 


(wate moar 
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Aspects of Strong Local Asymmetry 
el 


® If local asymmetry is strong, conservation laws 
may be appreciably violated 
Energy © TE Bearden 1995.1996 
Charge 
Spin 
Momentum 
Angular momentum 
® Properties of an object may differ appreciably for 
» Different observers 
Different detecting means 
One time to another 
One position to another 


* 6¢ ¢ @ 


e STRUCTURING THE INFOLDED EM INSIDE POTENTIALS, 
FIELDS, AND WAVES 
*® Strongly breaks local symmetry 
* Provides spacetime engines giving the above effects 
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Other Aspects of 
_ Strong Local Asymmetry 








» Local spacetime is curved G TE Bewien 1895, 1908 

= Loreniz invariance of vacuum is violated 

= May be a local “sink” or “source” 

= Gravitational-inertial effects from EM 

= Translation between virtual and observable 

= Electrogravitational solitons 

= Action at a distance 

= Transmutation effects may exist 

: = Somtalen carat field transiation 

COMMENT: Thus the use of infolded longitudinal 

” EM fields and waves to strongly break local 


symmetry allows internesied clustering of 
Spacetime curvatures. These spacetime 


Structures are vacuum engines, or spacetime engines, 
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 Bonaee on the Status of 
Electrodynamics 





. itis not usually acknowledged that electro- 
ear both classical and quantal, are in a 
sad state... 

". the best modern physicist is the one who 
acknowledges that neither classical nor 
quantum physics are cut and dried, both being 
full of holes and in need of a vigorous 
overhauling...” 


*Mano Bunge, Foundations of Physics, Springer-Verlag, 


(©) 1998 TE. BEARDEN New York, N'Y. 1987, p. 176. 
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Bunge on the Status of 
Electrodynamics and Physics 











—— —__— 





",» itis not usually acknowledged that electro- 
dynamics, both classical and quantal, are ina 
sad state... 

"... neither classical nor quantum physics are 
cut and dried, both being full of holes and in 
need of a vigorous overhauling..." 


"Mano Bunge, Foundations of Physics, Springer-Verlag, 
(2) 1986 TE. BEARDEN New ‘York, M187, p. 76., 
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‘ge 2 on the Status of 


Classical and Quantum Physics 
————————————————————————————————————————————— 


. itis not usually acknowledged that electro- 
Jeanie both classical and quantal, are in a 
sad state... the best modern physicist is the 
one who acknowledges that neither classical 
nor quantum physics are cut and dried, both 
being full of holes and in need of a vigorous 
overhauling not only to better cover their own 
domains but also to join smoothly so as to 
produce a coherent picture of the various 
levels of physical reality.” 


“Mario Bunge, Foundations of Physics, Springer-Verlag, 
©) 136 TE BEARDEN New York, NY, 1967, p. 176.. 
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Fraction of Casualties Surviving 


FRACTION SURVIVING 









10 


08 


0.0 


CASUALTIES 
(©) 1986 T & BEARDEN 
T YPE TREATMENT RECEIVED 


EXPRESSED IN FRACTION SURVIVING 
© with conventional treatment 

() With 1st generation Ptreatment 

C) With 2nd generation P-treatment 
@ With 3rd generation P-treatment 
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ANAEROBIC AEROBIC’ 
CENTRAL CONTROL 
OXYGEN-RICH TIME -FORWARD 
eS SS PATH AS IT 
DEVELOPED 
CANCER CELL 


2 


TIME-REVERSED 
<== _ PATH FOR SUSTAINED 
Rete OXYGEN DEFICIENCY 
TIAL SINGLE CELL ; 
AEROBI Sad TR 


ANAEROBIC 
FIRST STEP IN OXYGEN-DEFICIENCY 
@ SHTE, tonten DEDIFFEREN TIATION 
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Differentiation and Dedifferentiation Timelines 


CENTRALIZED CONTROL OF CELLULAR 
GROWTH AND REGENERATION 





PRIMORDIAL > SINGLE 
: = 
NORMAL HEALTHY WITH SOME DISEASED 
CELLS AND FUNCTIONS 
A oBic OXYGEN-RICH ENVIRONMENT a 
TINE-FORWARD PATH re — Se 
© 1003, 1008 T.E Bearden FOR HEALING OF CELL DAMAGE 
TIME-REVERSED © TIME-REVERSED 
= —=— Ge patHFOR PATH WHEN NORMAL 
SUSTAINED : PUMPING FAILS TO 
SING SINGLE OXYGEN HEAL CELL 
— a DEFICIENCY 
ANAEROBIC AEROBIC 
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Evolution of Cells on Earth 


EVOLVE TO 








MULTICELL 
AEROBIC: 
(INCLUDES MAN} 
ESSENTIALLY 
ATMOSPHERE ete > 
: TO 
=, SINGLE CELL MULTICELL 
P3508 SINGLE CELL | compoNeNTs | COMPONENTS 
SERER) AEROBIC” - 7 
mi tari a. ce IMMUNE SYSTEM TISSUES 
ANAEROBIC Gy FACULTATIVE WHITE CELLS BONES 
ce ANA s CELL 
OBLIGATORY eee KILLER CELLS ORGANS 
ANAEROBES sar eeep eee ETC. SKIN 
SINGLE CELL = AND ANAEROBIC) STRUCTURES 
SHIELDED | 
FROM OXYGEN * NOTE: LIMITED ANAEROBIC RESPIRATION 
STILL TAKES PLACE IN HIGHER AEROBIC 


UFE FORMS, INCLUDING MAN. 






EVOLUTIONARY TIME 


(©) 188 7. & BEARDEN 
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(A proposed formal definition 
of a charged mass) 








~VACUUM ~~.) \__ 


Dad so pote ly the ile (can n of 


ane = of 
A ny vat ions. 


ohim-t 
ith many ram 


theory, 





"..cunously enough, we do not 
know exactly what charge 8, 
only what # does. Or, equafy 
significa ntly, what it does not do.” 


MiP. Silverman, And ‘vet t Mtoves: Strange 
tere and Subtie Questions inP ing: 





CambidgeU riversity Press, 1958 p. 127. 


. 
4 
S Cc) T.E.BEARDEN 1997 





An electric charge Q consists of a massless flux component and a mass component, 
coupled together (interacting). Q is a broken symmetry. The mass of the charge 
continually and violently exchanges virtual photons with the surrounding vacuum. 
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Thus @ Is energetically driven by the surrounding vacuum potential, which itself is to 
first order justa violent virtual photon flux. 
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The Ubiquitous Assumption: Two 
Asyrmetrical Repaugings for Net Symmetry 








You rea need Your electrodynamiciet 
a Ma demon, says he can make ona, 
to do some free work. by regauging. 


(Ce) 2. BEARDEN (on 
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The Ubiquitous Assumption: Two 
Asymmetrical Regeugies oe Wet Symmetry 





He says he will do the 
| r UW. Ae 
Maina 





won't 
do any net work for you! 


Co) LE. BEARDEN Ban 


http://www.cheniere.org/images/EMfndns 1/sm%20Chat1b.jpg25.4.2005 1:43:37 


http://www.cheniere.org/images/EMfndns 1/sm%20Chat1c.jpg 


The Ubiquitous Assurnption: 
Asymmetrical Reqaugings for Net Symmetry 
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A Charged Particle Is a Coupled System 


Note: X is a coupling 
operator 





x Pte! WP 
~VACUUM — 


~ CHARGE — 
Foi \ Me Say, 
4 virtual 
Ore photon 
flux 
exchange 


o, 


"..curiously enough, we do not 
know exactly what charge is, 
only what it does. Or, equaliy 
sig nificantly, what it does not do. 

MP. Siemnan, And Yet it Mowes: Strange 


Sys terme and Subtle Questions in Physics, 


C anbridge University Pres, 93, p. 127. 


(6) 19947 . BEARDEN 


is a broken symmetry in its fierce energy exchange with the active vacuum. 


An electric charge ] 2 , 
It coherently integrates some of the virtual energy absorbs and outputs it as Poynting energy flow 
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Chung's Carbon Filament Negative Resistor 





UNIVERSITY AT BUFFALO, NY 


i) FTE Bearden 


| ZZ 
“SSsS5) Wout> Win 


CROSSED CARBON 
FILAMENT LAYERS 





Wins 
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Typical circuit has about 10-13 
energy collection efficiency 








= 
i "< = (Q 1004, 1996 Te eeaRveN 
& ep NIN 
=e Deep space 
S system 
—- Distance traveled by S in one hour is 1.08x10exp(1 2) meters. 


“= Example: 1.3 amps flowing in DC circuit, 1.8 mm diameter copper wire. J =51 A/cm 2 


! 5a. ! 
S violently transports ? provided fromthe source. 
d i= 0.1368 meters j ? sluggishly transports the energy collected and dissipated in the 
circuit. 


For the case discussed, the electron drift velocityin the circuit is about 
3.8 x 10 5 meters/sec. So Ji moves about 0.1368 meters in one hour. 
Thus J? has collected about 0.1368 meters of the ¢-filled Stube. During 
that same hour, the S-flow evoked by the power source will have 
traveled 1.08x1012meters. The ¢ of both currents is the same. Both 
are involved in the same energy-illed tube. Thus S has provided and 


transported about 7.89x1012 times as much energy along the circuit 
in one hour as the j? has been able to collect, transport, and dissipate 
as work in the circuit. Thus this circuit provides about 16'3 collection 
efficiency. 
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S Classical View of EM 


Potentials just mathematical conveniences 

— Not real 

— No internal structure, just magnitude 

Force fields primary, causative, can exist in space in absence 
of observable mass 


- Aji EM actions due fo force fields. none when zero 
- No action at a distance 
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Curved Spacetii 
acts as source eo sink 


« May emit e: ee radiati on 
and | ihe y (e.g., heat) 
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rae iy ( 

i ealWse > TDW 

* saad energy conservation 
law applies 








_| 








©) 4998 TLE. BEARDEN 
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THE MECHANISMS OF A A SINGLE. CHRONIC 
DISEASE, INCLUDING CANCER 








(Sad, (8857 F Bearden: 


3 Zak SARAGICEL v THE Fenix 
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e Not one disease, but a whole range 
e Starts inc darn | ged 3 ektaly, cell 
‘ oll eienee fod i mel bod) peebt ie] mere) ace) | 











3ecomes alump: 
° Can send forth cancer cells 
= Through | 
e Form metastases (secondary tumors) 
e Often become anaerobic oe 


TE Bedede 
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- - Su ae pressor ficeile isin curb immune s system? 
I abd lace system? normally identified 






- Regenerative and recovery system forces 
ce wade ree eneT ne * Beek 
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CANCER: CHARACTERISTICS 





® NOT ONE DISEASE BUT A WHOLE RANGE 
© STARTS IN ORDINARY (AEROBIC) CELL 

© CELL SHAKES OFF BODY'S DICTATORIAL CONTROL* 
© STARTS UNCONTROLLED DIVISION 

® BECOMES A LUMP 


=) CAN SEND FORTH CANCER CELLS 
= THROUGH BLOOO 
= THROUGH LYMPH 


® THESE FORM METASTASES (SECONDARY TUMORS) 
® OFTEN BECOME ANAEROBIC (NON-OXYGEN USING} 


® ENIGMA IS FAILURE OF IMMUNE SYSTEM 
TO ATTACK SOME TUMOR CELLS 
—- SUPPRESSOR CELLS MAY CURB IMMUNE SYSTEM 
- TUMOR MAY LACK ANTIGENS NORMALLY IDENTIFIED 
BY THE MIMUNE SYSTEM 
*R&R system forces cell hack toward anaerobe 


(2.4000 TE Eauetew 
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PORTION OF 
E, =INCIDENT WAVE DISTORTING MEDIUM 


E, = TIME-REVERSED WAVE 


© 1094, 1006. 1m TE BEARER 


“If a scalar wave E:(r) propagates from left to right through an 
arbitrary but lossless dielectric medium, and if we generate in some 
region of space [say near z= 0] its phase conjugate replica E2(r), 


then E2 will propagate backward from right to left through the 
dielectric medium, remaining everywhere the phase conjugate of E1." 
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The Electronuclear Reaction: 
Nuclear Reactions in TR-Zones (1) 





- Shae Meutron into proton and vice versa 

= oa high rate (flat spacetime assumed) 
® Statistics become skewed|due to curved ST 
e Can bias statistics toward) ether neutron 

or proton end 
— Biases toward transmutation of elements 
along isomer chains 
— Concept of “isomer” is vastly expanded 
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Nucl C lea ar rR Reactions in TRZo1 ones (2) 


J 





@ Normal dynamics (impulses) may reverse 
— Like charges attract, unlike charges repel 
— Positive charges cluster (are drawn together) 
— H+ tons (protons) may form quasi-nuclei 
= SOEUR ee ae Daseher becomes usisbins 


— Quark access and Tee flipping by El 

— fon clustering emit te 
= Positive mae [YJBS US phase conjugate rigors 
— Time-density waves and tme-energy charging 
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The Electronuclear Reaction: 
suelsar Lis Ta suis in Fit -Zones ) 












as become substantial 
- Time delay (hours, days) 
— Transduction of LW --> TW involved 
— Specific time-charging history of detectors 
is involved in twhether they detect or. oe 
— Longitudinal EM waves become significan 


) cieibuispceembannace ns Uathey eran 
— May emit excess radiatior 
— May ; n ite} ge) excess rao 
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In Time-Reversed Zone: 
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A New Conservation of Energy Law 


Physics conserves total "energy and mass-energy” 
Now also must consider “time-energy” 


Conserve total mass-time-energy (spatiotemporal 
energy) 


Let ET = total energy, EM = mass energy, 
EE = ordinary energy, and Et = time energy. Then 


ET= EE + EM + Et Ch ee TE Damareiay 
(kKEt=> EE> 0) => ET> (EmM+ EE) 


If some Et is transduced into EE , the experiment will 
violate the old spatial mass-energy conservation law 
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QUESTIONS ON CARCINOGENS 
AND EM RADIATION 





m UNRESOLVED QUESTIONS ON EM RADIATION 
- DOSAGES 
— ACTIVE MECHANISMS 
—- REPLICATION DIFFICULTIES 
— MEASUREMENT DIFFICULTIES 
- WHERE, WHEN, HOW ILL EFFECTS OCCUR 


@ SIMILAR QUESTIONS EXIST ABOUT EVERY 
CARCINOGEN 





m SCIENCE REALLY DOESNOT UNDERSTAND THE 
MECHANISMS OF A SINGLE CHRONIC DISEASE, © 1994, 1995 TE. Bearden 
INCLUDING CANCER 

- FACTORS SUCH AS MIND, STRESS, SPONTANEOUS 
REMISSION, PLACEBO EFFECTS, AND COMBINATIONS OF 
FACTORS ARE PARTICULARLY TROUBLESOME 

= GENERATION OF THE PLACEBO EFFECT BY THE 
REGENERATION & RECOVERY SYSTEMIS UNRECOGNIZED 
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As defined, fields and potentials only 


existin and on charged matter 
E=Fiq o2exh 0 hoor 


in vacuum. 





Source qisa a 4 : 
broken symmet 
Leb eg oe a 


in vacuum flux 





S = ExH 
———— 
SOURCE 
A 
ssumed perpetual 
motion machine | not : 
in classical EM pete vo coulom fs inade conuanonly 
in geometrical flow 
distortion zone around 


a point coulomb 
Electrodynamics has nothing a aay Sent what 
exists in space in the absence Of MASS... Owi1« «x0 
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Serious flaws and errors 
in classicalEM theory. 


Eliminates the Internal EM Inside the Scalar Potential, 

No Definition of Electrical Charge orof Scalar Potential, 

Equations StillAssume Material Ether Per Maxwell (Unchanged), 
Use of Force Fields in Vacuum is False (and Known to be $o}, 
Treats Charge qas Unitary Instead of Coupled System g = glqim (q). 
Confuses Massless Potential Gradients as Forces (See #3, #4), 
Does Not Utilize Mass asa Component of Force (See #29), 


Erroneously Assumes EM Force Fields as Primary Causes, 
Topology of EM ModelHas Been Substantially Reduced, 

Does Notinclude Quantum Potentialor Action ata Distance, 
Does Not Include Superluminal Velocity of Inner EM Components, 
Does Not Utilize Extended Near-Field Coulomb Gauge Effects, 
Does Notinclude EM Generatrix Mechanism forTime Flow, 

Does Not Unify Photon and Wave Aspects (Requires 7-D Hodel), 


Does Not Include Electron Spin and Precession (See #19,#24), 
Treats EM Energy As Existing In"Chunks,” Instead ofas Flow, 
Confuses Energy and Energy Collection (See #16), 
Discards HalfofEvery EM Wave in Vacuum (See #22), 
Erroneously Uses Transverse Vacuum Wave; It's Longitudinal. 
Arbitrarily Regauges Maxwell's Equations to Eliminate Overunity, 
Omits Phase Conjugate Optics Effects (The Rule in Internal EM J, 
Does Not Include EW Cause of Newtonian Reaction Force. 
Erroneously Assumes Separate Force Acting on Separate Mass, 
Confuses Detected Electron Precession Waves as Proving Trans: 
yerse EM Wavesin Vacuum (Remnantof Old "EM Fluid" Concept), 
Due to Error in String Wave, Omits the Ubiquitous Antiwave. 
Assumes Equilibrium ;NotTrue Unless Include ¥acuum Interactions, 
Higher Topology Required, to Model Electromagnetic Reality, 
Lorentz surface integration discards Poynting energy transport, 
Has nothing atallto sayaboutform of EM entities in massless space. 
Eliminates the infolded generalrelativity using EM-force as curve agent, 


Does notinclude longitudinal EM waves as time domain oscillations, 
Does notinclude EW mechanism that generates time flow and flow rate. 


wo co ce rere es re PS 
eS ee es 
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| Michetson-Morley 
~ =— experiments, 1880's 


“4 Now we are not using & 

ie 2 material ether. eo 

Trust us! The equations Cy 
donot need changing. 


ELECTROD YNA 
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REACTION TO LOSS OF MATERIAL ETHER 








Nota single 
equation was 
changed! 
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Einstein's 
spacetime 
hasn't been 
born yet 













Okay! We will just 
measure material 
entities, and call 

them nonmaterial. 













CAUSE 


© + BEARDEN 1908 


EFFECT 
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GALLOP NG WAVE. 
TRANSVERSE 
WAVE THAT VARIES 
VELOCITY ALONG 
Z-DIRE CTION, IN 
WAVE FASHION. 


TIME-POLARIZED 


(TIME ENERGY) 
(Ex: 0.01 ¢- 100c) OSCILLATIONS 
3-5 PAT IAL SCALAR WAVES. 
ENERGY DENSITY X, ¥, Z FIXED. 
OSCILLATIONS T VARIES. 
TRANSVERSE NONOBSERVABLE. 
WAVES. X AND Y TRANSDUCTION TIME DENSITY OSCILLATIONS. 
ENERGY DENSITY —j————_____ Xx, Y, ZENERGY DENSITY DO NOT VARY.., 
VARIES; Z FIXED. TIME DENSITY VARIES ALONG 
ONG TIVE DENSITY NOTOBSERVABLE, BUT 
dh vay os piel Y uaey TRANS DUCTION IS OBSERVABLE. 


A LITTLE, SURGE OSCILL- 


ATIONS IN Z DIRECTION. TIME DENSITY OSCILLATIONS. 


X, ¥, ZENERGY DENSITY FIXED. 
LONGITUDINAL WAVES. TME DENSITY IS NONOBSERVAGLE, 
X AND Y FIXED; SURGE BUT TRANSDUCTION 
OSCILLATIONS IN Z DIRECTION. 


1S OBSERVABLE. 


TRANSDUCTION © TE BEARDEN 1998 
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Air Medium Disturbances Generated When 
Air is Perturbed by a Plucked Taut String 


The string wave and 
the holder wave 
never leave the string 









and holder 
respectively. 


= 
i OW lS oa 
=e oe oe ees ee — 








String slaps 
air medium 
Wave is pat, WAVE IN STRING (TRANSVERSE) 

: ' f Lower degree of freedom for string 
alternatively ‘ Can only vibrate mostly laterally. 
compressive = = age a DIOS 
and x = Electron 
rarefactive mS we Sas waves 

ae Nuclear 
j | \ "\ ANTIWAVE IN" proton 
4 _ ™ HOLDER waves 
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Launching a Spacetime Perturbation 


("EM Wave") from a Wire Antenna 





time forward 
slap (electron) 
time reversed 
ELECTRON SHELLS 
(DAMPED) Q { dese 
Modulations of 
virtual photon flux 
‘ : f r\ Feats intensity 
"NUCLEI rh: ae intensity an 
(HIGHLY DAMPED) . fas vacu 





By omitting the nuclei perturbation wave, Maxwell 
omitted Newton's third law from electrodynamics 


© TE BEAMDEN 104 106 


http://www.cheniere.org/images/EMfndns |/EMwave2%20sm.jpg25.4.2005 2:08:09 


http://www.cheniere.org/images/EMfndns |/EMwave3%20sm.jpg 








/\ji— i> 


TRANSVERSE EM WAVE PLUS LONGITUDINAL EM SURGE WAVE 


PHASE CONJUGATE REPLICA WAVE 
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ee 
TIME DENSITY WAVE 


Oscillates rate of flow of time 
about some average value 
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Scalar Electromagnetics 
(Energetics) View of EM 
e Potentials real; primary causes of EM phenomena 


- Force fields made by differentiations of potentials 
~ Force fields are effects, not pnmary causes 


~ Force fields exist only in, on mass particles 


e Actions due to potentials and their interference 
= Action ata distance or locally 
som @LUt=ToieUlggmeleyialit-im-|plemalelo(-iamy-|g-]e) |= 
e Locally curved spacetime, engineerable by EM 
— Gravity effects not necessarily negligible 
mate }ere) gle pl ea \ViMnie)rel-lrelmatinal-mel—\-lem-b-w-le|-jnime)merl|atr- eli 
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= Scalar Electromagnetics 
(Energetics) View of EM (Cont'd) 


e Potentials have internal structure 
=—- Stoney/VVhittaker structure 
— Longitudinal EM phase conjugate wavepairs 


—- Each waveparr is a time-polarized EM wave 


e Vacuum EM Is a potential and tS 
microstructure raceme 
= Stoney-VVhittake! Sway esicpolmize: Waves 
— Fiuctuations exhibit cnaos 


e Spacetime = Vacuum = Potential = Flux 





http://www.cheniere.org/images/EMfndns 1/EnergEM2%20sm.jpg25.4.2005 2:10:22 


http://www.cheniere.org/images/EMfndns 1/EnergEM3%20sm.jpg 


= Scalar Electromagnetics 
(Energetics) View of EM (Cont'd) 


Statistics may have hidden order (already 
chaotic) 

Uses Spacetime curvature engines to 
alter matter (inside-out or outside-in) 
Engineerable EM mechanism generates 
rate of flow of a mass through time 


* Quantum potential with specific QP. can 
be used for instant action at a aistance 
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Extended General Relativity Principle 


TE. DGAR CEN we 
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e Theorem) We=k,- k,; =Ak [1] 


® k must be interpreted not as energy per se, 
but as collectea/collecting energy. 


e The reaction cross section 4 for the collecting 
process must be included. 


® Extension’ We A(k;- k;) =AAk [2] 

¢ Normally 4 <1, as for elastic collision or Stokes 
emission. 

e However, 2 > 1 is now possible, for processes 
which asymmetrically self-regauge. An example 
is Letokhov's negative absorption of the medium. 


® Working models are the Patterson Power Cell” 
and Lawandy lasing without population inversion. 
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e "Space acts on matter, STRUCTURING 


ACTIVE 

telling it how to move. EMME SPACETIVE 
ad *, CURVATURE 
e In turn, matter reacts . Fill 


back on space, telling 
it how to curve.” 


= ee 


F 
i 


ae a, 


_gtTaioietckaly 
ee 
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Use of General Relativity (GR) 
in Particle Physics 





e GR seldom used in particle physics 2 sens 

In cold fusion, Matsumoto* has applied general relativity 
Consistent with important cold fusion results 

Used spacetime (ST) curvature by energy density 
Matsumoto did not utilize: 

= Longitudinal EM waves 

= Time density waves 

= Time density curvatures of ST (gain = 9x10i6) 


*T Matsumoto, *Mechanioms of Electro Nuclear Collapse.” 
Proc WOCF-7, Vancouver, BC; Canada, Apr 1998, p, 88 
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THE MISSING INFOLDED 
ELECTRODYNAMICS 


Maxwellian electrodynamics has 
nothing at all to say about EM 
entities in space or their form 


' INTERNESTED SPACETIME CURVATURES 
| (VACUUM ENGINES 





ee : 
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infolded SES 
| Excluded by Present Physics 









sectronegnetice or quanti mechanics 
« None of these disciplines include such 
Spacerimeé curvature engines (vacuum engines) 


s Thus GR, EM, and QM cannot be unified, 
since ST curvature engines are where the 
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o\ curvatures Propagat, © TE BEARDEN 1998 










mass-to-spacetime spacetime-to-mass 
transformation transformation 


\ / \ j . 
Transmitter —~ \ : a = Receiver 
altered, “ae 


— altered == 
- Cereal) _ er, 


Complex of ST curvatures \ Spacetime disturbance 
a crotch aul (engine) propagates 
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spacet! in? on 
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Mass cujfves and structures spacetime; 
Sii curvatures change and structure mass 
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(vacuumengine) 6 crocs im Propagates 
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* THEORY DEVELOPED AND FITTED 
* HYSTERESIS MEMORY LOOP 
* CONTROLLED EM INDUCTION 
* IMAGES 5 act tsk cota cgtaed 
* SENSATIONS 
* PREDETERMINED EMERGENCE 
* 23 EEG BANDS 


* UPTO 8.1X102 HZ 
* 141 INDEPENDENT CHANNELS 


S.K. Lisitsyn, “Nev Approach to the Amlysis of Hlectroencep halograms, “ 
DDC Report AD7MWS, p. 16-25. 
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Lorentz Closed Surface integration 


= 
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Lorentz Closed Surface Integration 


How can they use that old 
physically insignificant wind?!! 





© TE BEARDEN 1958 


Lorentz's physically insignificant energy flow can be collected and utilized. 
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1a. Lorentz surface integration. 
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haloes Sate sesh eons senast> 
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Sour 


See Panotsky & Philips, 


17R Classic al Electricity and 
hac nes, 2nd, edn 


Note: If the S-vector is integrated over the closed surface, then 


all energy transport passage Is zeroed, leaving only the 
very small component of the Input S-flow that is powering 

the joule heating of the resistor. In short, only the small 

component of the S-flow that is equal in magnitude to 


the Slepian vector j? remains. This measures only the tiny 
portion of the S-flow that is “collecting” on electrons 
passing through the resistor, and therefrom being 
dissipated out of the resistor as joule heating It discards 
everything else (al Sygs and Soy). Sy, becomes Sr. 
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e Creates time-density wave pumping 
« Slowly creates time-density charging ar ve 
ia) 
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Can express all physics in one unit -- e.g., ime 
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1 sec =9 x 10j6 joules of transverse EM wave energy 
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Figure 1-8. Infolded biwave composition of a scalar potertial. 
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Maxwell's Quaternion Theory ¥Y 





e Quaternions: 
— Discovered by Hamilton in 1843 
— A quaternion has a vector part 
— A quaternion has a scalar part 
— First significant non-arithmetic number system 


~— Higher topology than vector or tensor algebra 
e Maxwell's theory was in quaternion equations 


— 20 equations in 20 unknowns 





— Reduced to a small 4-equation subset 
by Heaviside and Gibbs 
— EM topology dramatically reduced 


@ TE BEARDEN 1905. 1996 
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Maxwell's four equations reduce to: 


Page 1 of 2. 





V’® Pela Pe pets [1] 
ca 
Wate eyed Aye-82 7 Ke 
c at Cc 


Ais replaced by A’, where 
A =A+VA [3] 


The new B' field then becomes 
B=Vx(A+VA)=VxA+0=VxA=B [4] 


A new E-field will also be formed. So let 


© TE BEARDEN 1997 
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Page 2 of 2. 
Per Jackson, (A,®) are habitually chosen so that 
1@e® [6] 


VeA+——=0 
c Ot 


The net symmetrical regauging separates variables. 
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Equations [1] and [2] arbitrarily changed to [7] and [8] 
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Special Note 


This article refers to experimental 
research techniques which can be 
detrimental or lethal in the hands of any but 
highly skilled, qualified experimental 
scientists proceeding under proper 
laboratory safety procedures. The purpose of 
this article is strictly for information to 
properly qualified and authorized scientists 
in certified laboratories. We do not propose 
or condone any use of these procedures for 
nonapproved practice of medicine without a 
license. Neither the publisher nor the author 
are responsible for accidents or outcomes in 
the use of these experimental pro-cedures 
and techniques. Any researcher who 
performs these procedures and experiments 
is acting on his or her own volition, and is 
solely responsible for insuring safety, 
qualifications, and legality of the acts and 
their results. We neither suggest nor 
condone unauthorized experimentation on 
human subjects. Such is a criminal violation 
of the constitutional rights of the subject 
under Federal and State laws, and is both 
illegal and immoral. 


Abstract 


For some time we have been repeatedly 
queried about the technical mechanisms and 
unusual electrodynamics of advanced mind 
control research, both in the West and 
abroad. Calling full attention to the special 
note above, in this paper we present a high- 
level over-view of the novel electromagnetic 
nature of mind operations, mind and body 
coupling, and intentethe induction of 
physical 3-space EM energy changes into 
the brain and nervous system, and into every 
cell of the body, from the mind's time-like 
coherent operations. We summarize the time- 
polarized electrodynamics used to engineer 
and affect mind operations and the mind- 
body coupling loop. Transduction 
mechanisms whereby differing EM wave 
polarizations can be transformed one-into- 
the-other are presented. We give two 
specific examples of lethal foreign military 
tests in 1997 of advanced mind control 
weapons against two military pilots over the 
central U.S. Some dangers and potential 
benefits of the emerging mind control 
technology are pointed out 
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Introduction and Background 


In quantum field theory, there are four polarizations of 


photons.+ Using 4-space and the z-direction as the direction 
of propagation, we have x- and y- polarizations where the 3- 
spatial energy of the photon is oscillating laterally, in the x- 
or y- direction. These are transverse polarized photons, as is 
any combination of the two. The third polarization is along 
the z-direction, which is a longitudinal polarization. In other 
words, the 3-spatial energy of the longitudinal photon cannot 
oscillate in the x- or y- direction, and so it is oscillating to- 
and-fro along the line of motion, z-. The fourth polarization 
occurs when the energy is frozen in all three spatial 
dimensions x-, y-, and z- and it cannot oscillate in any of 
those directions. In that case, the photon oscillates its energy 
in the t- direction, providing the t-polarized photon. We will 
later discuss how time is actually highly condensed energy. 
In Minkowski 4-space, body operations are space-like, and 
are so treated in conventional materialistic physics. Mind and 
mind-operations are time-like, not space-like, even though 


they are totally electromagnetic in nature.” 
As is well-known, all observation in physics is considered 


3-spatial.. Mass is a 3-spatial concept, and we detect 
changes to mass (as, e.g., in the shift of electrons in the 
circuits of electrical instruments). So one may model the 
common physical observation mechanism as a time- 
differentiating process which a priori discards time-change 
and retains 3-spatial energy change.* That is, Minkowski 
reality is modeled in the fundamental units of L3t. Physical 
observation (via the transverse photon interaction) is the 
process given by applying the operator 0/ot to Lt, yielding 
an L3 output. Hence mind and mind operations are excluded 
by the usual physics instruments and observation, which 
simply exclude the time domain in their outputs and do not 
"measure" it. 
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For this reason, physicists have erroneously 
considered mind to be "metaphysical" and nonreal. 
Indeed, most physicists to one extent or the other are 
materialists, and consider the "mind" to be nothing but 
the operations ongoing in a "meat computer." 
Nonetheless, in the time-domain the time is absolutely 
real, and it is completely electrodynamic in nature. 
There is no metaphysics involved, and the temporal 
domain—along with mind and mind operations—is 
simply an erroneously neglected area of physics. In 
present physics, the notion of mind is comfortably 
disposed of by imposing the use of the "observer" 
concept, with out ever specifying that the observer has a 
consciousness and a mind. Indeed, "observation" is only 
about what that "observer" perceives. Obviously, one 
has a dramatically crippled physics if one eliminates that 
nonobservable called "time." Similarly, one also has a 
dramatically crippled physics when one eliminates the 
mechanisms and physics ongoing in those time-like and 
dynamic "things" such as mind, that occupy time and 
function in it. 

From this viewpoint, Western physics adheres to its 3- 
spatial measurement foundation only by ignoring the 
transduction of time-polarized EM changes into 
detectable longitudinal and transverse EM wave 
changes. In this aspect, present Western physics is 
severely self-crippled. 

Time is totally electromagnetic and energetic in 
nature. The flow of time is not a separate external river 
on which a mass floats along like a boat drifting down 
the current of a great flowing river. Instead, the flow of 
time is generated directly on every mass by its total set 
of photon interactions, both virtual and ob servable. We 
have previously presented the exact mechanism for the 
flow of time. [Figure 1] 
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Figure 2. Transduction of EM wave type by successive phase conjugate pairing 
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Figure 3 


Further, a photon is comprised of angular momentum, 
therefore of (energy)x(time). It transports both energy and 
time, not just energy alone. When absorbed by a mass, not 
only does it "energy-excitation" charge the mass, but also it 
"time-excitation" charges it, converting the former "mass" 
to "mass time". Rigorously it is masstime that emits a 
photon, not mass. So a mass moves through time in little 
spurts, by the continual macroscopic addition and 
subtraction of little Dt components. Further, in being 
driven through time, mass is continually altered to 
masstime (a quite different critter from mass), to mass, to 
masstime, to mass, etc. 

In any masstime state, a myriad of tiny virtual photon 
interactions made of very tiny (DE)(Dt)'s interact with that 
same mass during that particular larger Dt of the masstime 
state (m+Dm)(Dt). Hence mass in its alternate masstime 
state has that state internally structured by its surrounding 
environment's interactions with it. The masstime state is 
internally structured energetically in its (DE) component, 
and also internally structured temporally in its (Dt) 
component. 

A standard charged fundamental particle such as an 
electron, e.g., is not necessarily identical with another, 
when the internal structuring of its masstime state is 


considered. Further, by two papers by Whittaker, 
interferometry of masstime states with either energy 
reactions or temporal reactions can yield observable effects 
and changes due to these neglected "hidden variables" in 
the electron's masstime alternative states. To engineer the 
mind and its operations directly, one must perform 
electrodynamic engineering in the time domain, not in the 3- 
space EM energy density domain. The direct engineering 
of time-like mind and mind operations—in all levels and all 
aspects—requires the use of time-polarized photons 


LONGITUDINAL EM WAVES 





INTERFERENCE 


and time-polarized EM waves. This is the rarest form of 
electrodynamics, almost untouched by Western physicists. 
One can either painfully produce such time-polarized 
photons and EM waves and directly irradiate a target mass 
with specific assemblies of them, or one can force the mass 
itself to iteratively transduce ordinary transverse EM waves 
first into longitudinally-polarized EM waves and then into 
time-polarized EM waves. Both will be discussed briefly. 
In the West, it appears that the present author's discovery 
of mechanisms for producing time-polarized (scalar) EM 
waves [see Figure 2] and for transducing between wave 
polarizations has no precedent. [See Figure 3]. While 


scalar (time-polarized) photons are known in the literature,~ 
the creation and use of time-polarized EM waves does not 


seem to appear in the Western physics literature.° 


Wave transduction or polarization transductions are 
terms used by the author for the process of transforming an 
EM wave's particular polarization into another polarization 
type. Such transduction to other than transverse 
polarization forms is little known in the West. It appears 
essentially haphazardly in some experiments, usually 
without any recognition by the experimenters themselves. 
Significant transduction in experiments will also produce 
"strange" and unexplained anomalies in the instruments 


being used for experimental measurements.- 
So most probably Western mind control researchers have 


not recognized the methodology and mechanisms* for 
transducing one type of EM wave polarization directly into 


another. They continue to seek the "mind" in 3-space and 
hence in the brain, rather than in the time domain. On the 
other hand, it appears 


ww i 
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Figure 3. Interference processes for transducing higher EM wave polarizations 
into lower polarization states. 
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Figure 4 


that the Russian KGB energetics weapons scientists— 


particularly those in psychoenergetics'+—have known and 
used methods of transducing one wave polarization into 
another, for at least two decades. It follows that those same 
scientists have very probably developed mind engineering and 
mind control via novel time-polarized EM wave means and a 
dramatically extended electrodynamics of the time-like mind 
operations. 

In the present paper we briefly develop the wave 
transductions and the basis for mind engineering, including the 
specialized use of ordinary transverse wave (TW) EM spectra 
to force internal EM wave transductions and time-domain 
operations inside irradiated bodies, cells, and tissues. Through 
the mind-body coupling mechanism, these transductions of 
transverse EM waves can operate upon the mind and its 
deepest operations as well as upon the body, every cell, and 
every part of every cell. 


Russian Mind Control Uses 
Higher EM Wave Polarizations 


It is apparent that the KGB psychoenergetics weapons 
scientists know and use the full extended EM wave 
polarization range. As a postulation, one would expect our 
own weapons scientists to know and utilize the orthodox 
transverse wave (TW) EM for similar research and 
experimentation. However, in the West scientists are just 
beginning to realize the importance of a very general (and 
weaker) type of longitudinal EM wave (LW) polarization, as 
evidenced by the appearance of dozens of papers on 
"undistorted progressive waves" (UPWs, which are essentially 
imperfect LW s with TW residues remaining). The Los 
Alamos National Laboratory web site has a number of such 


papers—particularly by Rodrigues! and Lu—available for 
free downloading. UPWs 
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have very interesting characteristics. If they were perfect 
longitudinal EM waves, they would have infinite energy 
and infinite speed. Since only imperfect UPWs can be 
physically made, their speed can vary from slower than 
the speed of light to faster than the speed of light. Their 
energy can also vary over a great range. 

Another characteristic of UPWs that are reasonably 
good longitudinal EM waves, is that they pass readily 
through a large depth of water and mass, including 
through the ocean and the earth with only small 
interactions and losses. Yet by interfering two such 
beams of "high quality" UPWs at a great distance, then 
in the interference zone ordinary EM energy will rise 
directly out of local spacetime potential, as essentially 


shown by Whittaker! nearly a century ago. Russian 
weapon research facilities have weaponized these 


effects! for nearly 50 years, under rigid KGB control 
and operation. Nonetheless, even if using only ordinary 
TW waves, Western mind control researchers may get 
some fairly good results, brute-force-like, by using gross 
correlates between just the input irradiating TWs and the 
exhibited behavioral responses of the individual. The net 
input-output correlations can be determined, even though 
not taking into account the actual wave polarization 
transduction mechanisms ongoing inside the irradiated 
dielectric (or brain, or mind, etc.). However, Western 
researchers appear to have no knowledge of the exact 
mechanisms by means of which coherent time-like mind 
operations of a biological organism couple to the 
organism's 3-spatial body to provide the mental control 
loop. They also appear unaware of how the coherent 3- 
spatial behavior responses of the body couple back to the 
time-like mind to provide it with a sensory feedback of 
the body's responses. 


Figure 4 
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Figure 4. A spacetime curvature engine has myriads of small ST curvature 
components which act upon mass at all levels. 
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General Relativity Aspects 


Both these coupling mechanisms can be taken 
directly from general relativity, if one puts one's 
mind to it. However, unless the wave 
polarization transformations are known, it is 
difficult or impossible to apply the ordinary GR 
directly, since relativists usually concentrate 
upon spacetime curvature by altering 3-space 
energy density rather than by altering time- 
polarized "time-energy" density. 

In applied general relativity, spacetime itself 
is an active medium. One speaks of a change in 
spacetime as a "spacetime curvature". Any 
curvature of spacetime in a local region directly 
performs continuous work upon any mass 
embedded in that region. Vice versa, any mass 
(or other concentration of energy) in a local 
spacetime continuously acts upon that spacetime 
to "curve" it. 

So if one wishes to perform actions upon mass 
in a distant region, one may generate local 
curvatures of spacetime in that region, and these 
curvature "engines" will directly act upon the 
mass at all levels. [Figure 4] This is very 
different from energy propagation through space 
from one point to another. Now the "ordinary 
EM energy and actions" arise from every 
spatiotemporal point within the mass, at every 
level, and move upwards (from inside to 
outside). So we speak of specific forms of 
"templates" of nested spacetime curvatures 
formed and utilized to engineer mass "from 
inside out" as spacetime curvature engines or 
vacuum engines. 

Use of vacuum (spacetime curvature) 


engineering is a far more powerful form of 
engineering than is provided by energy 
propagation through space. As an example, it is 
easy to alter the quarks in a nucleon, using 
spacetime curvature engines and time-charging 
decay. Indeed, we have developed the 
mechanisms for cold fusion and the 
electronuclear interaction (formation of new 
nuclides) at feeble energy. An Invention 


has been filed with the U.S. Patent Office, and 
formal patent applications are in preparation. 
Some information on these mechanisms and 


principles has been released, 


Time as Dense EM Energy 
and a Strong Spacetime Curvature 
Agent 


The advantage of using the time-polarized 
"time-energy" for spacetime curvature is that 
time is ordinary energy compressed by a factor 
of at least c2—which, in the MKS system of 
units, is some 9¥10!6. Thus use of time- 
polarized EM photons and waves as ST 
curvature agents gives an amplification of 9 
¥1016 over the use of transverse-polarized EM 
waves for that purpose. In turn, the use of the 
strong EM force in ordinary TW waves as an 
agent of ST curvature is already a nominal 104° 
times as strong as is the weak G force used as 
the agent of ST curvature. 


The bottom line is this: For spacetime 
curvature effects, the use of the t-polarized 
domain provides amplification of some 9¥105° 
greater than the weak G-force ST curvature 


agent usually considered in general relativity~®. 


Western Science Remains Largely 
Materialistic 


Ironically, most Western scientists are 
materialists and consider "mind" as a mystical 
and nonscientific concept. They tend to consider 
mind operations and functions either to be 
simply "meat computer" operations and 
functions, or at best to be very weak ordinary 
transverse-wave EM operations and functions in 


the brain and nervous system.® This serious self- 
limitation exists because in the body we measure 
only weak TW EM operations and functions 
correlated to biological behavior and brain 
operations. We simply do not know how to 


http://www.cheniere.org/explore%20articles/mind%20control1/p05.htm (1 of 2)4/13/2014 4:33:35 AM 


IRIS 


Disclosure an thie work measure "mind operations" directly. 


MIND DOMAIN BODY DOMAIN 


OEE EOE COE EE OES SESE SEES EE ESE SEE SSSE SESE SE SESE SSSR cee CHEESE EEE PEE SEE SE EE EEE EEO EEE EE EEO ee poses: | 


COHERENT 
COHERENT ROTATIONS 
MIND 


IN 4-SPACE 
CHANGES PRODUCE 
(INTENT) 


PROJECTIONS 


| 
| 


i. POSSESS CESSES SSSS SSS SSSS SAAS SEATSSS SHS ET TCHS TSE See 


Figure 5. Mind-to body coupling and body-to-mind coupling. 
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Figure 6 


With no mind measurements possible and no instruments, 
it is understandable that Western science considers only 
the physical side of the mind-matter interface. 

Presently our scientists do not measure the 
longitudinally-polarized EM wave operations and 
functions in the body and around it in nature. Few of them 
are aware that a maelstrom of such LW functions exist in 
the body and in all of nature in general. Presently only 
highly theoretical quantum field theorists seem to even be 
aware of the existence of scalar (t-polarized) photons, and 
even they are unaware of t-polarized EM waves. Certainly 
our scientists do not measure t-polarized EM waves in and 
around the body and in nature, nor do they make them in 
the laboratory. Apparently they have not studied such 
waves and their interactions with matter—living and inert 
—at all. 

But it's even worse. In ignoring the time component 
transported by photons and EM waves, science has also 
erroneously omitted half of the excitation charging and 
excitation decay processes whenever a mass interacts with 
photons and EM waves. More on that later. 


Brute Forcing Time 
Functions versus Fine Control Methods 


Ironically, Western mind control researchers using 
transverse EM waves for mind control research, are using 
a brute force method of evoking and using vacuum 
engines ( spacetime curvature engines) and a special form 
of general relativity, although they do not appear to realize 
it. 

While KGB scientists also use TW EM "brute force" 
TW waves when necessary, they do "imprint" or "activate" 
those waves with the desired internal LW and time- 
polarized EM wave and photon structures required to 
directly perform the mind engineering desired. 
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They also do not hesitate to use LWs and t-polarized 
waves overtly. So in blunt terms, Western compared to 
Russian mind control research is probably like comparing 
an automobile body shop with a fine surgical ward. 
Having long ago worked out all those "exact correlates" to 
the internal "information content of the field" is where the 
KGB scientists are at least 20 years ahead of the West. 

The reason one can get mind and behavior results with 
the TW electromagnetics, while bypassing the real 
mechanism which uses t-polarized waves and photons, is 
due to (1) the very peculiar nature of the EM emission 
from a dielectric, and (2) what can be done by re-radiating 
that dielectric with its emitted spectrum, deliberately and 
very carefully altered in selected parts. We will return to 
that important feature later. 


Polarization and Observability 


As we stated, there are four photon polarizations and 
therefore there must be correspondingly four EM wave 


polarizations~ The first three polarizations are the x-, y-, 
and z- spatial polarizations. The x- and y- polarizations 
are transverse polarizations and the z-polarization is a 
longitudinal polarization along the direction of 
propagation (along the z-axis, by standard notation). 
Simply put, we may visualize the transverse polarizations 
as rather like the wiggling of a fish's tail from side to side 
as the fish moves forward, or a whale's flukes up and down 
as the whale moves forward, or some combination 

thereof. We may visualize the longitudinal polarization as 
a sort of "repetitive accordion effect" along the line of 
motion of the wave. Usually the z- polarization is 
neglected in EM wave theory, although in recent years 
physicists have "rediscovered" longitudinal EM waves and 
are now intensely researching the use and characteristics 


12 
of such waves.— 
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Figure 6. The three divisions of Soviet energetics and their characteristics. 
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Figure 7 


Unfortunately, in quantum field theory there 
has been a tendency to regard the t-polarized or 
"scalar" photon—where the local rate of time is 
oscillated—as unobservable. Oscillation of the 
local rate of time produces powerful oscillations 
of local space-time curvatures, due to the 
extreme energy density of time. Individually, 
the t-polarized photon tends to be unobservable. 
However, a coherent sequential group of such t- 
polarized photons, each individually in the 
virtual state with respect to the external observer, 
may simply integrate in its interaction with mass 
over a short time period into observable change 
because of the coherent integration of virtual 
spacetime curvatures into a larger, observable 
spacetime curvature. 


Rotations and Projections in 4-Space 


Relativistically, any velocity change in 4- 
space is a rotation. Any such rotation in the time- 
domain also creates a tiny projection component 
into 3-space. Any such rotation in the 3-spatial 
domain also creates a tiny projection component 
into the time domain. 

Hence a sufficient series of coherent time- 
domain (mental) changes produces a coherent 
series of virtual changes in 3-space (the body), 
thereby coherently integrating into an observable 
energy change in the body. A sufficient series of 
coherent 3-spatial energy changes produces a 
coherent series of virtual changes in the time 
domain which coherent integrate into an 
observable time-domain change. 


Solution to the Age-Old Philosophical 
Problem of Intent 


This is in fact the solution to the age-old problem 
of intent, or how the nonmaterial (i.e., non-3- 
spatial and non-observable) mind induces a 3- 
spatial, observable energy change upon the 3- 
spatial body. It is also the 


solution to the problem of awareness; 1.e., how 


the mind is aware of itself-~ and of the responses 
of the body. Together the two form a closed 
loop coupling of the mind and body. The time 
delay in the loop together with memory recall for 
comparison, creates the sense of "persistence" of 
self in time. This also creates the sense of being 
a "separate, closed being" (i.e., of separate 
persistence in time—in the living entity). The 
sense of "separation of self from an external 
world" is created by comparing those body-to- 
mind sensory feedbacks which are not correlated 
to the mind's previous feed-forward intent. 


Time As Energy and Why It Is Very 
Dense Energy 


In addition to the three spatial polarizations of 
photons and EM waves, there is a very, very 
useful t-polarization along the time axis. In this 
polarization, the 3-spatial energy is not 
oscillating at all. Instead, the time or time- 
energy is oscillating. Time can be taken to be 
energy compressed by at least c2, so it has at 
least the same energy density as mass. In other 
words, one second is 9x10!6 joules of time- 
energy (energy compressed into time). The t- 
polarized photon or EM wave is called the scalar 
photon or scalar EM wave, respectively. 

To demonstrate why time can be regarded as 
energy, we need only point out that the choice of 
fundamental units in any physics model is totally 
arbitrary. We usually choose these units to ease 
the mathematical manipulation, ease our 
understanding, and simplify the ability to 
visualize or "grasp" the physics. However, if 
one wishes, one can build all of physics from a 
single fundamental unit—e.g., energy. In that 
case, one readily sees that time is a function of 
energy and only energy. Hence it is perfectly 
proper to regard time as energy, and to seek out 
what form the function takes in our normal 
system of units (say, the MKS system). 
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* 4141INDEPENDENT CHANNELS 


8.K. Lisitsyn, “New Approach to the Amilysis of Hectroencep halograms,“ 
DDC Report AD73WS, p, 16-25. 





Figure 7. In the 1960s, Lisitsyn revealed Russian scientists had deciphered 
the human brain code. 
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In that system, it appears that any change in 
time At can be taken as always a function of 
a corresponding change in energy AE, where 
At < (AE) = c? [1] from which it follows that 
AE > (At) x c? [2] For convenience, we 
take the special case where At = (AE) + c? 
[3] AE = (At) x c? [4]. 


Observation as Used in Physics Is 
Spatial 


We note that all mind operations are time- 
like, i.e., they are comprised as scalar EM 
photon functions and scalar EM wave 
functions. Thus the mind is a very special 
kind of electromagnetic system, existing in 
the time domain, and thus "lost" by the 
stripping away of time in the ordinary 
observation process. Physical observation is 
essentially a time-differentiating mechanism 
applied to a 4-spatial change, or in terms of 
MKS fundamental units L and t, observation 
6 is 6 = d/ot(Lt) = L3 [5]. 

Thus, as is well-known in quantum 
mechanics, physical observation is 3-spatial, 
and time is not a physical observable, even 
in theory. Since mind is time-like, it follows 
that mind is not a physical observable either, 
since discarding the time dimension also 
discards the mind. In short, one may also 
take physical operation as the mechanism 
that separates mind and body. To observe is 
to separate. We point out, however, that 
merely "separating and discarding" the time 
domain (as in physical observation of a 
single change) does not eliminate it, nor 
does it eliminate the single time-like mind 
change that may be involved in an 
intentional volition. The time domain 
certainly remains, even though only the 3- 
spatial intersection of the 4-spatial 


mechanism and the resulting "outputs". Soa 
series of coherently integrated "mental 
intent" changes introduced into the human 
body's overall servo-mechanism provides 
the continuing input. From there, ordinary 
physics will generate the resulting actions 
induced in the body by that servomechanism 
and its amplifying mechanisms. 


Two Coupling Mechanisms Make a 
Closed Loop 


This is the "mind-to-body" coupling 
mechanism. [See Figure 5] Itis the 
mechanism whereby the mind is coupled to 
the body, and whereby mental intent is able 
to induce a series of physical inputs into the 
body servomechanism. 

So the body's servomechanism then 
generates the responses of the body 
(including everything from chemistry to 
electrical changes to muscular movements, 
etc.). These responses are changes in 3- 
space. 

The conscious mind is a serial processor, 
though extremely rapid. It produces the 
series of coherent intent inputs for volitional 
behavior. 

The unconscious mind is a massively 


parallel processor2 It continually 
produces the vast series of coherent 
"unconscious intent inputs" for control of all 
the deeper processes in the body, beyond 
usual conscious awareness. 

However, as the body moves or changes 
in 3-space, each resulting quantum change in 
body 3-space is also a slight rotation out of 
3-space and toward the time axis. Hence it 
induces—in the "virtual state" in the time 
domain—a precisely correlated projection. 
The body's responses are in general 
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Minkowski change is given by physical 
observation. So we may Say that the time- 
change remains in the virtual state, with 
respect to attempted physical observation of 
a single Minkowski 4-space change. 


Rotation, Coherent Integration, and 
Intent 


Previously we pointed out that any change 
in a 4-space entity may be regarded as a 
rotation away from the "trajectory" of the 
entity. Hence each and every t-polarized 
change creates a very small projection into 3- 
space by its rotation slightly away from the 
time axis. All mind changes in the time- 
domain actually produce virtual 3-spatial 
projections in 3-space (in the physical 
domain). We define "intent" as the 
continued production of successively 
coherent mental changes, producing 
coherent virtual changes in the 3-space body 
system, with coherent integration of those 3- 
space virtual changes into observable 3- 
space energy inputs into the 3-space body 
system. Successively coherent mind- 
changes will produce successively coherent 
3-space virtual changes. In short, coherent 
mind-changes will produce coherent 
integration of those 3-space virtual 
projections into an observable 3-space 
change. This is the creation of an ordinary 3- 
spatial energy change induced upon the 3- 
space body. In short, this is the mechanism 
whereby time-like mental intent is able to 
produce a series of coherent observable 
quantum changes in the physical body (as in 
the brain and nervous system). 


The Body as a Servomechanism 


From the standpoint of control theory, we 
may consider the body system to be a 


coherent, so a coherent series of virtual state 
changes in the time-domain (in the mind 
realm) are created successively. In short, 
again we have coherent integration, this time 
in the mind or time domain. This produces 
"observable" changes in the time-mind 
domain, which are coherent with the body's 
3-spatial changes actually performed. Thus 
the mind receives feedback directly from the 
physical movements and changes of the 
body. This is the manner in which the body 


is coupled back to the mind.74 

By comparing the "intent" behavioral 
move that was "fed forward" into the body, 
with the return "response" move analog that 
was "fed back" from the body to the mind, 
the mind is able to determine errors and 
differences, and originate additional 
correctional commands. 

Thus the entire mind-body loop is a 
closed-circuit system of feedforward and 
feedback, together with corrections. It also 
has multiple levels of such, infolded in the 
larger volitional levels. See again Figure 4. 

This solves the age-old problem of the 
mechanisms for the mind-body coupling, 
intent, volition, conscious and unconscious 
functioning, sense of the external world, 
sense of the internal world, sense of "being 


in" the external world, etc. 2 


All This Is Included in Russian 
Psychoenergetics 


This is the highly summarized basis for 
psychoenergetics, the KGB's division of 
energetics that deals with the mind and body 
coupling and functions, and direct 
engineering of (1) the mind-body coupling 
and (2) the mind operations directly. [See 
Figure 6] The KGB intent, of course, has 
always been to exploit this science for the 
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complex servomechanism system comprised 
of many subordinate servo systems with 
feedback and feedforward looping. 

Given the input from intent, ordinary 
servo theory will take it from there. Once a 
servo has an input, servomechanism theory 
describes the response of the 


degradation, killing, and control of human 
beings, including all humanity. 

The Russians know full well that, if you 
produce and utilize scalar EM photons and t- 
polarized EM waves, you can directly affect 
and engineer mind and mind operations at 
any and all levels. Western researchers, who 
know nothing of how to make 
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time-polarized photons and time-polarized 
EM waves, do not yet know that. 
Consequently the Russians have developed a 
highly secret science of directly engineering 
the mind and its operations, including 
thought, images, perceptions, feelings, 
emotions, memory, and mind processing. 


Indeed, Lisitsyn= wrote quite specifically of 
this capability in the 1960s. [See Figure 7] 

Western clandestine mind control 
researchers are apparently still slowly and 
painfully fitting TW EM irradiation 
correlates to induced or resulting mental and 
physical behavior responses. They seem 
unaware of the actual wave transductions 
occurring inside the body and mind, but are 
unwittingly inducing those transductions in 
hidden fashion anyway and in "brute-force 
input-response fitting" models. 

These "fitted brute-force models" 
certainly can be very powerful, and certainly 
can produce the exact results shown in the 
experimental verifications of the fittings. 
However, they do not of themselves allow 
sophisticated design—for example—of the 
necessary time-polarized wave assemblies 
for engineering the entire human collective 
unconscious simultaneously, or for 
engineering the entire collective 
unconscious of all species on Earth (i.e., 
Gaia's collective unconscious), or even for 
precisely engineering the memory and 
knowledge base of an individual. 

This fine research article will be 
continued in Part II with Russian 
Methodology, Waves and Wave 


spacetime that is highly active. The mind is 
rooted in the time-domain and projects from that 
domain into 3-space. The body is rooted in the 
3-space domain and projects into the time- 
domain. To "change" or "function" in one 
domain is automatically to function in the other. 
EM and gravitational phenomena are still 
modeled separately by human scientists, but not 
by nature. 

3. In quantum mechanics, time is not an 
observable, but merely a parameter. 

4. It is convenient to consider mass as a 3- 
spatial form of condensed energy. 

5. E. T. Whittaker, "On the Partial Differential 
Equations of Mathematical Physics, " 
Mathematische Annalen, Vol. 57, 1903, p. 333- 
355;— "On an Expression of the 
Electromagnetic Field Due to Electrons by 
Means of Two Scalar Potential Functions, 
"Proc. Lond. Math. Soc., Series 2, Vol. I, 1904, 
p. 367-372. 

6. A NERAC document search yielded some 16 
good references on t-polarized photons, but not 
a single reference on t-polarized EM waves. 

7. E.g., such previously inexplicable instrument 
anomalies have accompanied some excellent 
and rigorous electrolyte experiments at U. S. 
Navy research facilities at China Lake. For a 
description, see Melvin H Miles and Benjamin 
F. Bush, "Radiation measurements at China 
Lake: Real or Artifacts?", Proc. ICCF - 7 
(International Conference on Cold Fusion—7, 
Vancouver, BC, Canada, Apr. 1998, p. 101. For 
a brief explanation of the anomalies, see T. E. 
Bearden, "EM Corrections Enabling a Practical 
Unified Field Theory with Emphasis on Time- 
Charging Interactions of Longitudinal EM 
Waves, " Explore!, 8(6), 1998, p. 7-16;— 
"Toward a Practical Unified Field Theory and a 
Deep Experimental Example," Proc. INE 
Symposium, Univ. Utah, Aug. 14-15, 1998. 

8. Many U. S. researchers and journalists—and 
even many scientists—have wrestled with the 
problems of mind, intent, and mind-body 
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Transduction, The Cellular Control System, 
and other matters of interest. # 
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coupling. Enumeration of those efforts would 
itself require an entire book. For an introduction 
into that domain, the reader is referred to the 
very determined exposé by Cheryl Welsh in her 
very timely book, The 1950's Discovery of the 
Code of the Brain, May 1988, published on the 
Internet. Simply employ any Net search engine 
and search on the name Cheryl Welsh. A 
connection to the site and to Welsh's book will 
immediately be found Welsh's important 
compendium is highly recommended, giving the 
reader a "birds eye view", so to speak, of how 
Western scientists think and proceed regarding 
the subject of mind control by electromagnetic 
means. Unfortunately all journalists so far 
researching the area have not been aware that 
Western electrodynamics itself is seriously 
flawed, and that the great Russian advances in 
mind engineering and mind control are a result 
of their secret but complete revision and 
correction of Western electrodynamics to 
provide the basis for energetics. Until Western 
scientists revise their own decrepit old 
electrodynamics fouling the textbooks, they will 
never catch up to the Russian mind control 
developments springing from intense 
development programs that did that revision in 
the late 1940s and early 1950s. 

9. An Invention Disclosure on these processes 
and enhancement embodiments has been filed 
with the U. S. Patent Office. Formal patent 
applications are also in preparation. 

10. Energetics is a unified science of an 
extended electrodynamics possessing a hidden 
infolded general relativity inside the potentials, 
fields, and waves. It deliberately employs 
higher polarizations (longitudinal and tempic) of 
photons and EM waves to engineer action at a 
distance, use of specific patterns of spacetime 
curvature created at a distance, and direct 
engineering of either inert or living bodies. It 
also encompasses the direct engineering of time- 
like mind and mind functions. It is divided into 
three divisions, depending upon the nature of the 
target. Targeted against inert materials, 
structures, fields, and waves it is called 
"energetics. "Against living bodies, their fields, 
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nucleons, thereby producing new nuclides. We the body, and the coupling and interfiinctioning 
point out that this is actually a very high energy of mind and body. 

reaction; however; since the time-energy is used 22. The methodology also easily extends to 
and is very, very dense, the amount of 3-spatial include deeper interlays for the collective human 
energy that must be used is very small. If this unconscious mind and for Gaia—the collective 
new mechanism holds, it represents a revolution unconscious mind level for all the species on 

in particle physics. earth. 
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inputs from the body to the mind; where these Problems of Bionics— (Selected Articles), 
inputs compare to the recalled memory of the Defense Documentation Center Report AD 
minds inputs to the body. In short, the time- 73005, date unknown, p. 16-25. Available 
delay coherence creates the sense of "existing through the National Technical Information 

in time". Awareness usually System (NTIS). 
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Polarization Transductions, Part 2 


©Copyright 1999 by T.E. Bearden, USA 


This article continues on with TE, Bearden’ article, Part 1 of which was published in 
Volume 9, #2 of Explore! for the Professional. Because we feel that Col. Bearden’s caution 
below ts so very important we are repeating its publication in all parts of this article. 


Special Note 


This article refers to tal research which can 
be detrimental or lethal in the hands of any but highly skilled, quali- 
fied experimental scientists proceeding under proper laboratory safe- 
ty procedures. The purpose of this article is strictly for information to 
properly qualified and authorized scientists in certified laboratories. 
We do not propose or condone any use of these procedures for non- 
approved practice of medicine without a license. Neither the publish- 
er nor the author are responsible for accidents or outcomes in the use 
of these experimental procedures and techniques. Any researcher who 
performs these procedures and experiments is acting on his or her 
own volition, and is solely responsible for insuring safety, qualifica- 
tions, and legality of the acts and their results. We neither suggest nor 
condone unauthorized experimentation on human subjects. Such isa 
criminal violation of the constitutional rights of the subject under 
Federal and State laws, and is both illegal and immoral. 


A Strategic Threat Completely Unrecognized by the West 
The Russian methodology leads directly to rather mind-bend- 
ing, extended capabilities. KGB psychoenergetics scientists seem 
fixed on an eventual goal of directly engineering Jung's collective 
human unconscious, thereby converting the entire human species 
into a sort of “ant” species, In short, they seck to engineer what 
they regard as “perfect communism and perfect order” directly in 
the entire species. Figure 8 indicates the direct connection of every 
human's conscious and unconscious mind to the collective species 
unconscious and to Gaia, the collective unconscious for all species 
on Earth. Since time is internally structured and layered, it fol- 
lows that time-like mind levels are also internested and layered. 

This appears to be a significant strategic threat, well along in 
its development, that our scientific and intelligence communities 
have completely failed to recognize. 

The direct engineering of the entire human collective species is a 
doable.’ It is going to be done, whether we like it or not. In that race 
(which may eventually determine whether or not we retain any per- 
sonal freedom at all), the “democratic” nations are woefully behind. 
Idec the Wied anit cen neal exe le aictvc nace Keak ok 
“arms race” for dictatorship and control of the “collective species 
mind” and we have already almost lost it. The West has not yet even 
developed the overall theory of psychoenergetics, 


Waves and Wave Transductions 
A pure longitudinal EM wave (LW) would have infinite energy 
and infinite speed. In practice, one can only approach this perfect 
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LW wave, and one always has transverse residues remaining. Hence 
the “imperfect” longitudinal EM waves we can make in suitable equip- 
ment and techniques, are known as “undistorted progressive waves” 
(UPWs). The UPWs may have velocity far greater than the speed of 
light, or less than the speed of light. So the speed v of UPW5 can vary as 


O<y<coo [6] 


The Russians also know that, when a nearly-pure longitudi- 
nal EM wave interacts with matter (it usually doesn't interact very 
much, and has a low reaction cross section), the mass immediately 
adds the phase conjugate replica to the interacting LW portion, 
regardless of frequency, thereby transducing the input LW inter- 
actions into scalar (time-polarized) EM interactions. 

One transduces from TW to LW to Scalar EM via iterative phase 
conjugation. One transduces from scalar EM to LW to TW via iter- 
ative interferometry. It took the present author 20 years to discover 
this simple thing; we now have filed an invention disclosure on the 
process and embodiments for performing it, and will be following 
with formal patent applications, Let TW = transverse EM wave, LW 
= longitudinal EM wave, and TDW = time-density EM wave (an- 
other name I use for t-polarized or scalar EM waves, since the density 
of time-energy is what is varying). Let (I) = interfering with, PCR = 
phase conjugate replica wave with a coupled set of parentheses en- 
closing the type of wave. The rules for wave type transduction are: 


TW + PCR(TW) => LW [7] 

LW + PCR(LW) = TDW [8] 
Going the other way, the rules are: 

TDW (I) TDW = LW [9] 

LW (1) LW = TW [10] 


In EM smog (dense EM signals, even though very weak), there 
is increased nonlinear multiwave interactions, both interferomet- 
ric and phase conjugative. So in such EM smog there exists an 
increased, non-negligible component of LW and TDW irradia- 
tion, formed by the above transduction interactions in the irradi- 
ated living cells and bodies. This latter part accounts for many of 
the long term effects which show up in “correlative” studies, but 
which do not show up in the normal limited-frequencies TW 
experiments produced by so-called “physical experiments.” 

The standard EM bioeffects manner of experimenting uses a 
theoretical model of simple, direct energy deposition by means 
of absorption in cells and tissues. Now we must utilize an “open 
system” throughout the body dielectric in which higher polar- 
ized EM energy (either LW or t-polarized) travels readily 
throughout all areas of the body. 


Mind Control and EM Wave Polarization Transductions 


. . a * aa a 


Exprore! VoLume 9, NUMBER 3, 1999 


http://www.cheniere.org/explore%20articles/mind%20control2/p01 .htm (2 of 2)4/13/2014 4:33:41 AM 


http://www.cheniere.org/explore%20articles/mind%20control2/p02.jpg 


EM Bioeffects and Wave Transductions 

In the EM bioeffects experiments to date, there has been ab- 
solutely zero control of the internal transductions, and there has 
been no consideration of them. Almost all transductions of TWs 
into LWs will immediately result into transduction into TDW 
and time-excitation charging of the cells and all their internal 
components. These time-excitation changes (excited states of 
time-charging) will then slowly decay, emitting longitudinal EM 
waves in the process which travel throughout the body. These 
emitted LWs interfere with each other and the LW processes in 
the body, producing low level TW “noise jamming” of the cellu- 
lar processes and—most especially—of the deep cellular control 
system of the body. The latter system functions by means of LWs 
and TDWs. Long-term effects of such “noise jamming” of bio- 
chemistry reactions and the control systems of the cells and body, 
can lead to degenerative diseases such as arthritis, atherosclerosis, 
Alzheimer’s disease, heart disease, cataracts, tumors, leukemia, some- 
what accelerated aging, immune system weakening and depressing, 
etc. As the body’s natural defense and regeneration ability weak- 
ens, opportunistic infections further add to the degeneration. 

It was shown by Whittaker in 1903 that any scalar EM po- 
tential is comprised of a harmonic series of bidirectional longitu- 
dinal EM wavepairs. [See Figure 9] Each longitudinal EM wave 
pair in the harmonic series is a phase conjugate pair. Unknown to 
Whittaker, that “LW phase conjugate pair” is actually a time-po- 
larized EM “photon” structure, containing a phase conjugate LW 
photon substructure. So staid old “voltage” (potential) is com- 
prised of a harmonic series of time-polarized EM waves! 

The corresponding “t-polarized photons” are actually spin-4 
supergravitons comprised of coupled antipairs of LW “photons”. 
Each LW photon is a spin-2 graviton comprised of a coupled 
TW photon-antiphoton pair. Each TW photon and antiphoton 
in the coupled pair has spin-1. The couplet, being the longitudi- 
nal “photon” or graviton, thus has spin-2. And so on. 

In 1904, Whittaker showed that any EM field or wave pat- 
tern can be decomposed into two scalar potential functions. By 
applying Whittaker 1903 decomposition to each scalar poten- 
tial function, any EM field or wave has an enormously rich in- 
ternal structure, comprised of scalar potential functions in inter- 
ference. Each scalar potential function is comprised of 
time-polarized EM waves (made of spin-4 supergravitons). Each 
time-polarized EM wave is further comprised of bidirectional 
longitudinal EM wavepairs. Each longitudinal EM wave is fur- 
ther comprised of phase-conjugate pairs of transverse EM waves. 
Each transverse EM wave is further comprised of two scalar 
potential functions, each of which is in turn comprised of an 
infinite harmonic series of time-polarized EM waves, and so on 
ad infinitum and ad nauseum. Obviously all EM potentials, fields, 
and waves have an enormous “internal structure” or internal “in- 
formation content of the field”. 


The Cellular Control System Uses 
t-Polarized EM Photons and Waves 

The master cellular control system (MCCS) in the body uti- 
lizes these photon-gravitons, their corresponding EM wave po- 
larizations, and transductions between them, By the use of very 
powerfully condensed gravitons and supergravitons, it is able to 
utilize small but highly significant direct curvatures of space- 
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not merely send a “signal” and hope the cell itself acts upon it. 
Instead, it sends an “engine” which alters the local spacetime in 
which the cell and all its components are embedded. This “local 
ST curvature engine” then physically works directly upon the 
cell and all its parts, to alter the cell according to the specific 
“template” of the engine. 

This is the direct application of the Wheeler's simple state- 
ment of general relativity: Mass (trapped energy) acts upon space- 
time to curve it, and curved spacetime acts upon mass to change it. 

Popp’s “ordinary photon” study of this cellular control system? 
therefore will detect the coherent ordinary TW photon residues 
which result from the photon polarization transductions occur- 
ring from the actions of the ST curvature engines upon the cells. 

Cellular division, biochemical processes, growth and growth 
control, cell differentiation and dedifferentiation, etc. are all con- 
trolled by the MCCS or one of its subsystems, using spacetime 
curvature engines. The ordinary TW electronic activity our bio- 
physicists detect and correlate are simply the intermediate com- 
ponents of the actual ongoing polarization transductions. 


The Cellular Control System Uses EM Time-Energy 


One important subsystem of the MCCS controls the immune 
system's functions, including the deepest and most subtle func- 
tioning performed by all elements of the immune system. This 
system has been rather intensively studied, but since our bio- 
physicists have not possessed the full electrodynamics utilized, 
only the correlated residue of normal TW EM waves and pho- 
tons have been recognized and studied. Hence Western biophys- 
ics is in its very crude infancy. 

Incorporation of the total wave and photon polarizations, 
together with their transductions, will eventually present a revo- 
lution in both biomedicine and biophysics. Unfortunately, pres- 
ently our entire medical community is very firmly entrenched in 
only ordinary TW EM polarizations and ordinary biochemistry. 
Our scientists thus are studying less than 1% of the functioning 
of the living organism. 

As an example, since Western scientists have no knowledge 
or research into the time-polarized mind domain and mind-body 
coupling, the mystery of the placebo effect—in which the mind 
has been verified to produce actual physical effects — will indef- 
initely remain a mystery.’ As one result of that “crippling” of our 
medical theory, medical experimenters have to deliberately drive ex- 
periments on drug effects, etc. beyond the “mind's own threshold” of 
physical effect. In short, they have to drive the experimental results 
over and above the results being accomplished by the placebo effect. 
They must perform valid placebo control experiments, and subtract 
the placebo component results from their own experimental re- 
sults, to determine the “delta” induced purely by the drugs. 


The Regenerative Subsystem 


Another important subsystem of the MCCS controls the re- 
generative system of the body. The regenerative system has vari- 
ous mechanisms, including growth control, differentiation and 
dedifferentiation of cells, etc. Becker's portrayal of the regenera- 
tive system is shown in Figure ro. One of its most important 
functions is healing and restoring damaged or diseased cells. It 
does that by a most remarkable process, 

This system has been very poorly studied, mostly by Becker* 
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utilize small but highly significant direct curvatures of space- 
time in precise patterns. In short, it utilizes general relativistic 
spacetime curvature engines, rather than “EM photon signals”, 
to accomplish its control of the cells and their processes. It does 


UvVCD LIAL vy 4 11USt ICM KAvIC prec[ess, 

This system has been very poorly studied, mostly by Becker‘ 
et al., although there is still sporadic, ill-funded, and ill-planned 
research on regenerative effects from time to time.* Becker and 
his colleagues came closest, and—considering the severe limita- 
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tions of the orthodox U(1) EM model available to them—Beck- 
er’s work is particularly revolutionary. He demonstrated beyond 
question that simple DC potentials could generate cellular dif- 
ferentiation and redifferentiation, and produce results at global 
sites in the body and not just at the local injury sites where the 
DC potentials were applied. 

Becker was nominated for a Nobel Prize for his Herculean 
efforts and remarkable results. For his trouble he was hounded, 
his funds were withdrawn, and he was forced to retire at an early 
age in his 50s. His biggest “heresy” was to bravely point out that 
power line radiations had deleterious effects upon biological sys- 
tems, and to testify to it in a series of hearings and court cases 
where a very powerful electrical power industry essentially ran 
rough shod over science and the public. 


Organized Science Is Highly Politicized and Imperfect 

It is not only politicians that are “bought and paid for” by pow- 
erful vested financial interests, In organized science, precisely the 
same arrangement holds true. Scientists are no better or no worse 
than any other segment of humanity. A surprising percentage will 
produce the results desired by their benefactors, if provided with 
cushy jobs, good income, prestige, and secure positions. 

It has been said that money is power. It has also been said 
that power corrupts, and absolute power corrupts absolutely. In 
the scientific community, as well as in the political community, 
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this “great corruption” by great financial power has been elevat- 
ed to an art form. Simply examine the funds made available to 
scientists. There is not enough for all the scientists, so it is fiercely 
competitive. If the scientist does not get grants (¢.g., a would-be 
professor at a university), he does not bring in extra money to 
the university. He cannot get his graduate students funded, so 
his own innovative (read: heretical) research is thwarted. His 
papers are rejected by the journals, and before long he has no 
funded position in science, If lucky, he will be employed in the 
grocery store or the butcher shop, 

Every bit of funding available for the scientists to compete for 
(and apply for grants) already has firmly fixed controls of exactly 
what research can be done with that money, The “science” that will 
be applied is already formulated. That and only that can be done. It 
is a tribute to the dedication and resourcefulness of our working 
scientists themselves, that anything innovative at all gets done. 

One can have a very fine scientific career, tenure as a profes- 
sor, get one’s graduate students funded, get one's papers pub- 
lished in prestigious journals, win awards and achieve stature 
and prestige, if one just plays the desired game prescribed by the 
“old boys schools” in control of almost all the scientific funding. 
Yes, one can permissibly move the decimal point in the present 
models a bit, and be rewarded handsomely for doing so. But one 
is damned if one attempts any serious change or overthrow of 
obsolete scientific models and practices favored by the “system”. 
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Figure 8. Nested levels of consciousness and unconsciousness. 
The mind levels contain the "life" and "mind" dynamics. 
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Figure 9 


That is precisely why all our universities continue to teach a 
terribly flawed electrodynamics that is a caricature with at least 
32 major foundations flaws in it.° 

And that's why the organized Western scientific community 
has betrayed the taxpayers who largely fund its research. In short, 
the scientific community fiercely enforces dogma, suppresses in- 
novation, and has denied the U.S. the very defense we need to 
survive against our pressing enemies who have not been so sci- 
entifically dogmatic. 


Microwave Radiation of the U.S. Embassy in Moscow 


Because of the strongly enforced adherence to the insane foun- 
dations errors in classical electrodynamics, our scientists still do 
not comprehend the decades of so-called “microwave radiation” 
of personnel in the U.S, Embassy in Moscow.’ All diseases and 
health changes produced in those personnel were in field-free 
areas (i.c., where the potentials were persistent and unchanging, 
with no gradients etc.)* No one even thought to look at the “in- 
ner longitudinal EM phase conjugate biwave composition” of 
those potentials, where they would have found the Whittaker 
internal bidirectional longitudinal EM wavepairs and the inter- 
nal time-polarized EM waves. They would also have found the 
infolded, very powerful general relativity: the spacetime curva- 
tures deterministically formed and being utilized to directly al- 
ter the irradiated cells and their constituents. 
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Instead, government-funded studies did a rather straightfor- 
ward “force field” analysis, and concluded that, since there were 
no fields there, it could not have been the microwave radiation. 

Elementary statistics would immediately indicate a different 
conclusion: The diseases and health changes were 100% corre- 
lated to the presence of potentials, and 100% anticorrelated to 
the presence of fields. Hence it was the field-free potentials that 
had to be inducing the diseases and health changes. If it were 
NOT the radiation at all, then some changes would have oc- 
curred in personnel in areas where fields were present, as well as 
in areas where fields were adsent. Since this did not occur, such a 
premise is destroyed by self-contradiction. In short, the data ac- 
tually proved (i) it was indeed the radiation that was causing the 
diseases and health changes, and (ii) further, it was the field-free 
potentials that were the culprit. 

That this elementary statistical conclusion eluded our scientific com- 
munity and our government community, is absolutely inexplicable. 

Three U.S. Ambassadors eventually died of diseases induced 
by their exposure to the Embassy radiation. Ironically, Ka- 
znacheyev’ had openly released some of the results of thousands 
of Soviet military experiments showing that any kind of cellular 
disease or disorder could be induced in targeted cells by novel 
EM radiation emitted from diseased or damaged cells. Appar- 
ently no one in the West deciphered the mechanisms involved 
in Kaznacheyev's epochal work. 
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« A harmonic set of longitudinal phase conjugate wavepairs. 
« In each wavepair the two waves superpose spatially after detection, but travel in opposite 


directions. 


* The convergent wave set is in the imaginary plane, and hence is not observable. It is EM 
energy incoming to the potential (dipolarity) from the ime domain. 


« The charge's spin is 720 degrees, 360 in the real plane and 360 in the imaginary plane. 


e¢ Hence the charge receives the complex convergent EM energy, transduces it into real EM 
energy, and emits enormous energy at the speed of light in all directions -- which includes 
bidirectional pairs in 3-space (after the reaction, being after "observation"). 

e This produces the fields and potentials from the “source charge or dipole.” 


e Mandl and Shaw argue that the scalar (time-polarized) photon and longitudinal photon are observable 
only in similar nairs_ which then makes the instantaneous scalar notential Thus their auantum field 
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Figure 9 
e Mandl and Shaw argue that the scalar (time-polarized) photon and longitudinal photon are observable 
only in similar pairs, which then makes the instantaneous scalar potential. Thus their quantum field 
theory work strongly supports the “negative resistor” interpretation of the scalar potential and our 
solution to the source charge and source dipole problem. 


Figure 9. Infolded longitudinal biwaves (time-polarized EM waves) 
composition of a scalar potential. 
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Figure 10 


The Present Situation in Western EM Bioeffects Research 


Our scientific community has not even designed physical ex- 
periments to validate long-term EM bioeffects of the kind caused 
by induced wave transductions and long-term effects inside the 
absorbing human cells and in the body's regenerative and im- 
mune systems. Western science has no knowledge of these tech- 
nical internal “wave polarization transduction” mechanisms. Yet 
the basis for such mechanisms has existed in the hard physics liter- 
ature for decades. Leading EM bioeffects researchers seem totally 
unaware of small reaction cross sections inside the body cells and 
tissues for the transduction of transverse EM signals into LW and 
t-polarized EM signals. Conventional Western researchers have not 
investigated it, and often will not believe it when it is pointed out 
to them along with the supporting basis in the literature. 

A major part of the mainline “EM bioeffects” community, of 
course, seems comfortably funded largely by the power industry 
etc.'' The record is clear that this dominant, well-funded group 
has little or no intention of “finding” anything that will question 
powerline radiation safety and upset their cushy positions. 

In fact, leading bioeffects researchers have pointed out this 
deliberate biasing of EM bioeffects as a research area. Quoting 
Dr. Andrew A. Marino, one of the great pioneers in the area of 
EM bioeffects"® and powerline radiation assessment." 

“Neither scientists nor the public can rely on power-industry 
research or analysis to help decide whether powerline electro- 


magnetic fields affect human health because power-industry re- 
search and analysis are radically misleading.” 

Dr. Marino then gives the specific details to prove it, and he 
shows specifically how they slant and mangle their experiments 
and interpretations of the results, to do it. If the major financial 
interests cannot scientifically destroy determined, honest research- 
ers such as Marino and Becker, they do not hesitate to attempt 
to destroy them in lawsuits. 


The “Diffusion Mixmaster” at All Body and Cellular Levels 


Every mass and all its particles are in a violent energy ex- 
change with the active vacuum. A human body and every part of 
it is in a continual exchange of EM energy with its environment(s), 
including transverse, longitudinal, and t-polarized (scalar) EM 
energy exchanges. Further, within the dielectric body there is a 
sort of intensive “diffusion” of special kind, actually due to itera- 
tive phase conjugation and iterative interferometry of the dense 
signals environment impinging upon it. This internal “diffusion” 
and transduction (iterative multiwave phase conjugation and it- 
erative multiwave interferometry) thoroughly “mixes up and 
transduces” one type of EM wave or signal into the other, in- 
cluding many of the body’s own TW, LW, and TDW signals. 

Continual or sustained TDW exposure (irradiation by t-po- 
larized EM waves) charges the body and its particles with time- 
excitation charging, something which has been erroneously omit- 
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Figure 10. Becker's model of the Regenerative system of the body. 
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Figure 11 


ted in physics, but is true nonetheless. Inexplicably, physicists 
just ignore what happens time-wise when a mass absorbs a pho- 
ton. We have covered that elsewhere. 

So inside the body dielectric, there is a “diffusion mix” corre- 
late of any and every type of the waves, to any or all of the ex- 
changes, plus the additional internal interactions of the body in 
its TW, LW, and scalar EM wave transductions. There is a one- 
to-one correspondence to any one of the three types of polariza- 
tion waves (transverse, longitudinal, and scalar) and everything 
going on anywhere in the body. 

Note that the type of LW we are using is actually made of 
phase conjugate pairs of transverse EM waves, so its “photons” 
are made of photon/antiphoton pairs. That is, our longitudinal 
EM wave has an internal TW structure, and the LW wave is 
comprised of spin-2 gravitons. Our longitudinal EM wave has 
an internal structure, and it dramatically differs from the LW 
used by the U.S. scientific community which ignores wave, field, 
and potential infolded substructures. Our LW (which seems to 
be what the Russians use) is also a gravitational wave because it 
is comprised of oscillations in its distributions of spin-2 photon/ 
antiphoton pairs (i.e., gravitons). 

The type of t-polarized (scalar) EM wave we are using is a 
phase conjugate coupled pair of the specialized electrogravita- 
tional (EG) LWs. The “t-polarized photons” comprising this t- 
polarized “EM” wave are comprised of spin-4 supergravitons. 


These are, I believe, what the KGB energetics weapons scien- 
tists use also. By iteration, we can go into as deep an internal 
multilevel structuring of EM and EG waves, of any type, via 
methods shown by Whittaker.” 

Now let us examine a body as a dielectric, sitting there in its 
exchange, in relative equilibrium. It turns that every tiniest piece 
of a dielectric participates in any emission from it'’—even the 
emission of a single photon, graviton, or supergraviton. Well, it 
would so participate, due to the special sort of correlated diffu- 
sion and interferometry and phase conjugation that we pointed 
out. Anything that escapes (is re-emitted) from the body, has 
been through this “diffusion wringer”, It has escaped from each 
and every internal part of the body. 


Novel Signatures in Body-Emitted 
EM Radiation of Any Polarization 


A single photon or wave emitted from a dielectric carries in 
its internally structured time component a template of the exact 
internal time structuring of every part of the dielectric emitting 
that photon. It carries in its internally structured energy compo- 
nent a femplate of the internal energy structuring of every part of 
the dielectric emitting it. An emitted EM wave, being a collec- 
tion of emitted photons and photon structures, thus carries the 
same internal structuring of both its transported energy and its 
transported time."* Western scientists do not use the internal 
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structuring of photons and EM sine waves, have no instruments 
for that, and so do not know it. The Russians know it," use it, 
and have developed sophisticated instruments for it for the last 
30 years or more. 

Shortly we will postulate how conventional scientists experi- 
menting with mind and behavior control electromagnetically 
might utilize an immediate consequence of the fact that the spe~ 
cific emission from a body at any time—whatever type of wave 
component we look at—is a total correlate to all that body's in- 
ternal functions, its energy exchanges with its environment, its 
states, its mental states and conditions, etc. 

And we accent that the coherently integrated intent-changes 
in that body from its coupled mind’s operations are also in the 
substructure of photons and EM waves emitted from the living 
body into its environment. 


How Western Mind Control Scientists Might Proceed 


Conventional scientists would ignore scalar photons and 
waves, determine the TW spectrum, and then slowly and pain- 
fully correlate that to the various physical, mental, and emotion- 
al things. That's the way they would Aave to do it, since appar- 
ently they use only standard electrodynamics. They can in fact 
do this via brute force, because that emission TW spectrum is of 
waves escaping from the entire “diffusion machinery” mixmas- 
ter in the body dielectric. It does contain all those integrated 
mind-intent 3-space correlates as well as the ordinary body 3- 
space energy correlates, 

Anyhow, in envisioning Western procedures, the test body would 
be sitting there, in its normal (let’s say fairly normal and quiet) EM 
environment. [See Figure 11] Let’s assume this body is not sick, but 
is healthy and normal. Its emissions are a part of its equilibrium 
condition, It follows that the totality of its TW emissions is corre- 
lated to the sum total of everything that interacted with the body, 
plus its own internal reactions, including from mind-body cou- 
pling. Indeed, everything that has ever happened to that enti- 
ty—physically, mentally, emotionally, etc.—has internal corre- 
lates infolded inside the emitted transverse EM wave spectrum."7 

So first the scientists would simply measure the full envi- 
ronmental TW spectrum down to very tiny levels in all frequency 
bands possible—everything that is coming in to the body from its 
environment. They would probably perform the experiments in a 
triply-shielded Faraday cage, so the external environment outside 
the cage contributes very little transverse EM wave noise (perhaps 
some Schumann resonance). Magnetic wave shielding and ELF 
shielding is something else again, and longitudinal EM wave shield- 
ing is in general not possible unless longitudinal EM waves are em- 
ployed in the shielding. But a “quiet external TW environment” 
enhances the isolation and measurement of the specific TW sig- 
nal transforms the Western experimenters would be secking. 

Then they would measure everything likewise that the body 
is emitting when in that environment. That is the “zero refer- 
ence” or “normal reference” level. They would measure every as- 
pect: frequency, amplitude, phase, wave shape, modulation, etc. 


Probable Experimental and Measurement Techniques 
Next they would selectively irradiate the body with specific 
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They would consider the body dielectric as a “ship with port- 
holes”. Light (EM transverse wave energy) coming out of the 
portholes has originated and adapted from everywhere inside the 
ship and its operations. When the experimenters reinsert energy 
through one or more portholes, they are interested in determining 
precisely which operations inside the ship are affected. So the 
body physiological functions are also heavily instrumented. 

By feeding back in the exact EM pattern and magnitude es- 
caping the body dielectric through a single porthole, one “nulli- 
fies” that part of the emission by producing a net equilibrium in 
that component. This will in turn produce changes elsewhere in 
the spectrum emission from other portholes, and this can be 
measured. It will also produce “stress changes” in specific por- 
tions of the body dielectric, and in the heavily instrumented body 
these physiological, chemical, electrical, etc. changes can also be 
detected, Monitoring of the skin conductance, ¢.g., indicates the 
level of stress, and EEG monitoring with sophisticated instru- 
mentation can indicate something of the brain wave states. 

In short, the necessary measurements from which to construct 
specific correlates can be performed, recorded, and later analyzed. 

This article will be concluded in Volume 9, #4 with Improv- 
ing the Methodology, Further Phenomenology Experiments, Re- 
juvenation and other matters. 
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observing the session as it occurred. It turned out that this particular rejection of the 
boby stilt i in a the wok bad played a major role é in in subsequent deep psychological 
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baby still in the womb had played a major role in subsequent deep psychological 
problems experienced by that person all ber life. To resolve the problem, use of a 
powerful “simulated” reliving pre-birth experience was conducted with the subject 
again in the pre-birth state and actively participating, but now with the father 
figure directly expressing love, acceptance, and cuddling and bugging his daughter. 
This led to a rather dramatic remission of most of the deep psychological problems 
within 24 hours. 
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This outstanding article is the last, Part 3, 
Part I and 2 of which were published in 
Volume 9, #2 and #3 of Explore! for the 
Professional. Because we feel that Col. 
Bearden’s Special Note below is so very 
important we are repeating its publication in 
all 3 parts of this article. 


Special Note 


This article refers to experimental 
research techniques which can be 
detrimental or lethal in the hands of any but 
highly skilled, qualified experimental 
scientists proceeding under proper 
laboratory safety procedures. The purpose 
of this article is strictly for information to 
properly qualified and authorized scientists 
in certified laboratories. We do not propose 
or condone any use of these procedures for 
nonapproved practice of medicine without a 
license. Neither the publisher nor the author 
are responsible for accidents or outcomes in 
the use of these experimental procedures and 
techniques. Any researcher who performs 
these procedures and experiments is acting 
on his or her own volition, and is solely 
responsible for insuring safety, 
qualifications, and legality of the acts and 
their results. We neither suggest nor 
condone unauthorized experimentation on 
human subjects. Such is a criminal violation 


achieving many more effects in the targeted 
bio-organism or groups of them. With 
Hunt's method, the system as an open 
dissipative system far from thermodynamic 
equilibrium in its environment is being 
measured as such. This more directly allows 
for determination of the environmental 
inputs on a much broader range of 
subsystems, both space-like and time-like. 
Particularly for mental and emotional 
correlates to environmental stimuli, such 
measurements and correlations are essential. 


More Comprehensive 
Phenomenology Experiments 


To return: Now the scientists would 
perform many phenomenology experiments, 
making one little change at a time and 
profusely recording the data. Each time, 
they would establish the physical change(s) 
that occur in the body and/or the mental and 
emotional changes that occur in the mind for 
each spectral reinsertion back through the 
"ship's portholes". They would simply but 
painstakingly (over some years) build up an 
extensive database of those individual 
correlates. 

In these experiments, the experimenters 
will eventually be able to provoke any body 
or mind change they wish. Strong emotion. 
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of the constitutional rights of the subject 
under Federal and State laws, and is both 
illegal and immoral. 


Two Ways to Improve the 
Methodology and Experimental 
Correlates 


We diverge momentarily: If they wish to 
improve this methodology, they will 
consider the body dielectric as a nonlinear 
isotropic medium. Then they will pretend 
that the spectrum of difference frequencies 
between each two adjacent waves is the 
spectrum of "emissions" from the body. 
They would also use those, as if they were 
actual emitted spectral signals, instead of the 
actual signals emitted. That procedure will 
give superior correlations, but it is more 
complicated. Part of that is known for 


underwater sonar,! and so our own scientists 
may or may not have realized it for use in 
mind and behavior correlate determination 
with respect to the body dielectric. 

Another dramatic improvement in the 
depth to which the correlates can be 
constructed, is provided by detecting each 
porthole output in a two-channel device, 
where one channel has an adjustable time- 


delay as utilized by Dr. Valerie Hunt.2 The 
two channels—one real-time and one 
slightly delayed—are then mixed, as by 
Hunt's method, producing an instrumental 
measurement of the chaotic part of the 
functions. Again, this can be measured, 
recorded, and later analyzed. It adds (i) a 
completely different kind of 
thermodynamics in the system 
measurements, (1i) a dramatically extended 
set of correlates, (iii) more direct 
measurement of the time-polarization 
causative signals, and (iv) an applications 


Intense pain. Intense pleasure. Painful 
thoughts. Images. Memories. Perceptions. 
Dreams. Visions. Memory losses. Memory 
changes. Personality changes. Etc. The 
"delta" in the emission spectrum (the 
changes from zero reference spectrum) 
represent the precise totality of all mental, 
physical, organic, chemical, etc. changes 
and interactions. 

A particularly vulnerable aspect of every 
mammal is the pleasure center in the brain. 
Experiments have shown that, when this 
center is stimulated, it is the most addictive 
experience possible. Rats will forego food, 
endure electrical shocks, starve, and even 
die to obtain stimulation of this center. 
Obviously a device capable of generating 
signals that evoke direct stimulation of the 


pleasure center in humans would be a 


3 
powerful weapon. 


Extending the Data Base 


See Figure 12. After the researchers have 
made an "individual porthole signal 
insertion" correlate database, then they 
would make a "two, three, four," porthole 
signal insertion correlate database by 
inducing selected multiple changes at once. 
Again they would analyze everything; the 
program would need one or more 
supercomputers. It would also require quite 
a highly qualified multidisciplinary team, 
extensive facilities, substantial funding, and 
would be many years in duration. We are 
describing a decades-long program. But it's 
a doable. 

With sufficient development and 
performance of such a program, the 
researchers would have produced (with 
sufficient testing and analysis, and sufficient 
retest validation and verification) a database 
of "specific correlates for a given overall 
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technology eventually having many desired physical, mental, or physical and 
additional degrees of freedom and therefore 
capable of 
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mental delta." 


A second stage in the research would be 
to test the correlates and porthole insertions 
upon a Statistically significant cross section 
of ordinary people, and/or specialized 
populations (such as toughened soldiers). 
The program would evolve a highly 
complex, very effective, ever-improving 
science and technology of mind and 
behavior control and engineering 
mechanisms, complete with finished 
database and developed applications 
equipment. 


The Dielectric Body as a Ship 
With Portholes 


Again let us review what the EM 
transverse wave irradiation from the body 
dielectric represents. Think of the body 
dielectric as a sort of "ship", with lots of 
portholes. When it gets irradiated, certain 
operations happen internally to that 
radiation, 1.e., certain "processes" and 
"interactions" occur, which change both the 
mental and physical states. The output 
emissions back from the body dielectric, out 
through the filtering "portholes", will 
directly correlate to what has happened 
inside the ship. 


It is terribly important to realize that one 
can use the same frequencies and spectra 
coming back out of those "portholes" to 
insert EM signals and waves etc. back in 
there, and into the deepest processes going 
on in the body and in the mind (at all levels, 


times. So it will reach directly into and 
affect any and every part of the dielectric, as 
you wish, and in whatever manner you have 
correlates for. 


We filed an invention disclosure* on the 
above correlate and "back-porthole" process 
for use in directly inducing full and efficient 
conversion directly to time-density (scalar, 
or time-polarized) EM waves inside the 
body/ cells, therefore immediately and 
directly time-excitation charging the body 
cells and all their internal components. 


Subtracting the Normal 
Correlates to Obtain the Deltas 


A specifically diseased body, e.g., has a 
specifically tailored change in its "normal" 
emission spectra, because of the disease 
condition alteration of its resident spacetime 
curvature engine. By having a database for 
the normal emission spectra of the healthy 
body, one can subtract it from the actual 
emitted spectra, to obtain the "delta 
spectrum”. 


If the correlates have been previously 
determined by the above mentioned research 
program, then one may simply introduce an 
amplified "delta spectrum" into the body, i. 
e., through the portholes. This will 
immediately time-excite the cells and their 
components throughout the body, 
particularly where that disease does exist. It 
turns out that the time-excitation charging 
by that method will "pump" those diseased 
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including the deep unconscious). cells in the time domain. The cells 
themselves (and all their parts) are highly 


Remember, whatever you put back in nonlinear—to time-excitation charging, they 
there, is going back through the "mixmaster" are totally nonlinear. So they will act as 
hopper. It will be iteratively phase rather perfect pumped phase conjugate 
conjugated and interfered with by mirrors, but pumped in the time-energy 
everything, countless domain rather than in the spatial 


RE-RADIATION WITH ALTERATIONS 
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Adjusting broadband signals 
bandwidth and amplification 
——~_ by selecting Indicated alterations 
from database 


sae EXCITATION rey IS STRUCTURED TO CONTAIN Hany PRECISE 
SPACETIME CURVATURE ENGINES FOR TIMEREVERSAL STEERING, 
CHARGING OCCURS QUICKLY. ENGINES CONTINUE TO WORK FOR AN 


EXTENDED PERIOD AFTER CHARGING CEASES. 


Figure 12. Using an amplified replica of the body's own dense, broadband 
Signal 
complex, containing added alterations, to irradiate the body and produce 
deeply-penetrating precise time-density charging for cellular time-reversal 
while steering the time-reversal trajectory to also correct a congenital 
condition. 
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energy domain. This is a dramatic extension 


to nonlinear phase conjugate optics theory. 

General relativity tells us that each 
specific detail of the mass and energy 
structure of each cell and all its parts—down 
to the finest details—is accompanied by a 
precise set of spacetime curvatures. By 
reintroducing the same energy as the disease 
delta TW waves, the affected cells add the 
phase conjugates, converting the inserted 
TW signals into longitudinal EM wave 
signals. The longitudinally-pumped cells 
again phase conjugate, converting these 
longitudinal EM waves to time-polarized 
EM waves, and "charging" the cells and all 
their parts in the time domain. 

Suddenly, at that point the resident 
spacetime curvature engine—trather than 
TW or LW EM waves-serves as the "input 
signal" to the cell-and-its-parts as pumped 
phase conjugate mirrors (PCMs), pumped in 
the time domain. An extension to the 
distortion correction theorem of nonlinear 
optics results. An exact, amplified 
antiengine for the diseased cells—i.e., a 
phase conjugate replica of the resident 
spacetime curvature engine—is formed. 
This amplified antiengine overpowers the 
resident disease engine, powerfully time- 
reversing the cells and their components 
back to a previous healthy state. The time- 
reversal actually occurs over a period of 
time after the "time excitation charge-up" 
ceases, say over the next week or two. 
Usually two to three quick irradiations are 
required, one week apart, to give a time- 
reversing period of three to four weeks. 


force upon the cells or any part. E.g., as 


Pepper” states, 

"On a more fundamental level, the ideal 
lossless PCM reverses all the quantum 
numbers of the incident photon (i. e., linear 
momentum, angular momentum, etc. ). It 
can be shown that the PCM therefore 
experiences no linear or angular momentum 
transfer from the incident photons; hence, 
the PCM is free from photon radiation 
pressure and torques." 

Note that, in ordinary EM theory, it is 
precisely translation forces that are 
engendered upon charged mass by EM 
fields. This process is quite different. In 
biological terms, this process 
dedifferentiates (in physics: time-reverses) 
the diseased cells and all their components— 
including the genes—back to an earlier 
healthy state. 

By taking a diseased body and feeding 
back into it an exact amplified replica of its 
emitted TW spectrum, one can force the 
body to "time-excitation charge" all cells 
and their components immediately, with 
high efficiency. The human body and every 
cell and every part of every cell does the 
necessary "calculation" for the exact 
antiengine for each part. Since time is 
extremely condensed spatial EM energy (by 
a factor of almost 101”), a startling 
contraction occurs in the radiation time 
required to time-charge the cells and their 
components and charged particles. This is a 
method for instant initiation of time- 
charging, hence it is extremely rapid. What 
took Priore several hours of LW irradiation 


to accomplish in the body,2 can now be done 
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Even though appreciable forces are in seconds with this "thwarting" and 
operating internally upon the cells and all spectrum transduction method. In fact, it is 
their parts, there is no net translation an intense stress on the body, and—say— 

should only 
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Figure 13. Portable first-method treatment unit proposed to the Department 
of 
Defense. For treating and curing mass casualties from terrorist BW 
attacks on U.S. population centers. 
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be continued for 30 seconds or so. We 
highly stress that overcharging in this time 
domain can be detrimental or even lethal if 
prolonged. 

At the end of the very short time- 
excitation charging time, the body is "time- 
excitation charged in all its minutest 
particles". So everything is therefore 
pumped in the time domain for the next 
several days after the irradiation is removed, 
since the time-charge decays very gradually 
over a period of time. During that decay 
period, every part of the cell and body acts 
as a pumped phase conjugate mirror 
material, pumped in the time domain rather 
than in the 3-space energy domain. When 
time-pumped, the mass itself reverses to a 
previous physical state. This can be used for 
both nonliving and living masses. Because 
there is no forcible translation manipulation 
of the cells and their parts, it can be utilized 
on living cells in vivo. In the case of 
diseased cells—e.g., AIDS-it appears that 
three precisely determined 30-second "AIDS 
correlate" irradiations a week apart, should 
be sufficient to completely cure AIDS, 
including removal of all HIV-genetics 
changes from every previously infected cell 
of the body. Also, it would accomplish 
considerable rejuvenation of the body 
(making the body younger). 


Rejuvenation: Restore the 
Telomeres and Produce 
Immortal Cells 


Saving Most of the Casualties 
from Mass Terrorist Attacks 


To defend against things like anthrax 
attacks on our civilian population centers, 
we also have recommended to the U.S. 
Government the crash development of small, 
portable treatment machines—using similar 
"antiengine-forming" and cellular reversing 
"porthole technology". [See Figure 13 on 
previous page]. Such portable machines 
could be developed cheaply and quickly, and 
present government facilities could be used 
to massively attack the correlate database 
production problem. The portable treatment 
units could be cranked out by the hundreds 
of thousands and flooded down through 
emergency response agencies such as the 
police forces, the National Guard, 
emergency hospitals, emergency response 
teams, etc. 

Each device could be used in "assembly 
line" fashion upon hundreds of sickened 
patients, in case of aWMD (weapons of 
mass destruction) attack upon one or more 
of our cities. The first generation equipment 
would save probably 70% of the stricken (as 
from anthrax, etc. ). With second generation 
equipment, one would expect 90% of the 
stricken casualties could be saved. 

Just now, there is a very dim prognosis for 
all those casualties, using present available 
treatment capabilities. Time and lack of 
vaccines defeats just about everything that 
can be done. Brutally speaking, most of 
those unfortunate enough to breath in 
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In fact, it is now known that the gradual 
loss of the telomeres—the natural ends of 
chromosomes—in a cell's chromosomes is 
what causes the cell to age. The gradual loss 
of the telomeres and the resulting shortening 
of the chromosomes represents a cellular 
"disease state" or "disorder" state" 
accompanied by a precise delta in the 
spacetime curvature engine accompanying 
every affected (aging) cell. 

By determining the correlate for that 
precise telomere loss in the aging body's 
emitted radiation spectrum, an effective 
telomere regeneration process immediately 
emerges. One simply amplifies that aging 
"precise telomere reduction" correlate and 
reradiates the body with it, passing an 
amplified correlate back into every cell of 
the body. The cells and all their parts— 
including the chromosomes—add the phase 
conjugate replicas, converting the incoming 
TW EM correlates to longitudinal EM wave 
correlates. The cells again phase conjugate 
the LWs and add the phase conjugate 
replicas, converting the LW correlates to 
time-polarized EM wave pumping 
correlates. This latter process time- 
excitation-charges the aging cells and all 
their parts, including the genes and 
chromosomes. The cellular matter itself 
produces the amplified "aging antiengine" 
for each and every cell and telomere ending. 
The result is to again add telomeres, 
converting the cell back to a younger, more 
vigorous cell, and reversing the process of 
aging. 

We point out without further elaboration 
that these methods also introduce direct 
engineering signals into the body's master 
cellular control system, including the 
regenerative subsystem. Hence the body's 
regenerative subsystem is involved in 
helping produce the necessary engines and 


anthrax spores from an attack, are going to 
die. At least 80% of them will expire, in 
spite of everything the present system can do 
for them. 

Note each device could rapidly treat a 
whole series patients, one right after the 
other, merely laying them between 
"blankets" containing wire antennas, 
irradiating with the proper correlate 
spectrum quickly, moving on to the next 
patient, irradiating quickly (seconds), etc. 
The entire apparatus could be made to fit in 
a large suitcase-sized container, and it would 
be highly portable and controlled by a 
laptop-sized computer. 

Unfortunately, so far the DOD doesn't 
even understand what the heck we're talking 
about! The National Institute of Health 
(NIH) and the National Science Foundation 
(NSF) are not interested at all. After all, it 
isn't drugs, vaccines, antibiotics, etc. — 
which are simply not going to do the job. 
However, those are what the government 
and scientific communities are going to 
finance to the tune of hundreds of millions 
of dollars. They are then going to lose 
almost all those mass casualties when the 
terrorist attacks on our population centers 
inevitably occur. 

Those are Americans. They are going to 
die. Most of them could be saved. We 
ought to save them. 

For any change in state (physical, 
chemical, emotional, mental, perceptual), 
the body dielectric "portholes" change and 
the output spectrum changes. The delta 
from zero reference now represents that 
exact change. 


Where Western Mind Control 
Research Has Probably Arrived 


Western mind control researchers 
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operate upon the short telomere chains to 
add back telomeres. More specifically, the 
regenerative subsystem is changed into 
perfect consonance with the external 
introduction of the amplified antiengines. 
That exact process can be used to 
rejuvenate the aged population and remedy 
most of the debilities of growing old. That 
is how we eventually intend to do it, if we 
can convince the U.S. government and the 
U.S. scientific community to perform the 
necessary research and validation. 
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probably first established a correlation 
database of porthole emission correlates to 
changes in internal states, both physical and 
mental. They almost certainly recognize the 
peculiar participation of every part of the 
body dielectric in the TW emission spectrum 
from the body. They will almost certainly 
have opted for this "porthole" notion of 
some similar expression of it, and the 
"thwarting" of these "relaxation and release" 
emission processes to engender internal 
physical changes in the body and in the 
brain-meat-computer, as they see it. 
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They probably experimented with 
different TW EM radiation mixes, to see 
what the body emission change to, and what 
states are induced. Undoubtedly they found 
that the induced states began to correlate 
with the former emission delta data base. 
That is, they found out which delta 
emissions spectra, reversed and amplified 
and fed back thorough the portholes, 
produce what internal changes. 

Use for healing is the simplest of all. Use 
for killing or debilitating is more 
complicated. Of course weapons 
researchers wish to look only at the killing 
aspects. That is something they understand. 
They do not understand healing, for they do 
not even have the "regenerative" or 
"healing" mechanism in any of the scientific 


papers or texts. Becker® came closest in this 
country, and Priore did it in France. Both of 
those scientists were suppressed and paid a 
bitter price for their revolutionary and 
innovative research. 

But look at what has been done, by "input- 
output" correlation research. The scientists 
will have a database now, that tells what 
state emerges in the body and in the mind, 
for what irradiation spectra (frequency, 
relationships, phases, amplitudes, wave 
shapes, etc.) one uses. And they did not 
work out all the wave-to-wave transductions 
ongoing in the mind and body connection 
and in the body and in the mind, 
individually, between TWULWUTDW. 

We suspect that this is the course Western 
mind control researchers will have taken, 
without even realizing the internal wave 
transductions occurring. And they would 
not be concerned with that. They would 
have what they want, for weapons, mind 
control, and behavior control. And they 


of the internal "mix" of the dielectric and all 
its tiniest portions. So Western mind control 
researchers and rogue groups probably do 
get good results. 

We are not just picking on the U.S. 
government here! Internal divisive groups 
exist in all large and powerful groups, and 
joust for power. In highly classified groups, 
these groups are greatly enabled to joust 
more widely, unethically, and immorally 
because it is so deeply hidden. So very deep 
classification evokes the growth and 
intensity of rogue groups. It's the old 
"Power corrupts, and absolute power 
corrupts absolutely" routine. 

The implication is that in the West one or 
more highly classified, sustained, heavily 
funded developments in advanced mind 
control programs, probably exists and 
probably has existed for some time. Due to 
loose formation of rogue groups inside such 
programs, they may have dual or triple 
purposes, may not operate under very much 
legitimate government control at all, and 
may operate specifically for the purposes of 
the rogue group or groups that have gained 
control. 

In a nutshell, that's what may be going on 
in the clandestine mind control projects in 
several Western governments. The 
involvement of at least some rogue groups, 
some being "cowboys" who operate well 
outside all laws and ethics, could also result 
in such things as assassinations, clandestine 
testing on individuals without their consent, 
etc. In short, it could account for what 
seems to be actually occurring. As also is 
"usual" in such a mess, one or more of the 
rogue groups eventually may become very 
powerful because their secret weapons are 
very powerful. They may become 
confident, thinking they have the "best in the 
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would of course ignore the healing aspects. 
And they would get results of course, 
revolutionary results. So they would 
undoubtedly classify the program very 
highly, thinking that they had the best of the 
best. 


Rogue Groups May Also Have 
Arisen to Divert the Purpose of 
the Projects 


And that is where real problems may 
arise. Every human group has within it 
competing subgroups, jousting for power. 
The more highly classified the group and its 
activities, and the less that is known about it 
outside its confines, the more strongly and 
secretly the subgroups can play. So they can 
emerge as rogue groups pursuing their own 
agendas, not that of their duly elected 
governments. In the extreme, such a deep 
black program can even become a 
"captured" program, which is totally in the 
hands of rogues and no longer reports to or 
is bound by the dictates of the parent 
government. 

It has long been suspected in some 
quarters that even the US's highly classified 
research community may be riddled by such 
rogue groups, and so may be certain highly 
sensitive parts of the Research and 
Development community. 

Remember that, in every large and 
powerful human organization, the basis for 
rogue groups is power and secrecy. They 
are always seeking to increase their power, 
control, influence, prestige, etc. Nothing 
else. Patriotism and mission are—to rogue 
groups—often just idle words. They have 
their own agendas. And being rogue groups, 
they may well bring in unethical, immoral 
tricks: assassination, bribery, entrapment, 
disinformation, plausible deniability, etc. A 


world." They may actually believe they are 
ahead of the Russians. 


Where the Russians Probably 
Have Arrived 


On the other hand, the Russians will have 
developed instruments for detecting and 
isolating the LWs and the scalar waves, in 
addition to the ordinary mundane 
instruments for measuring the TWs. So they 
will have not only the TW correlates, but 
also the much finer TWULWUTDW (scalar 
EM wave) correlates. They will understand 
and employ the use of vacuum engines 
(spacetime curvature engines) which 
Western researchers will often invoke but 
not understand or even be aware that this is 
what is being invoked. In other words, 
Western researchers probably just use the 
old method of "input fi set of functions fi 
output". That is the standard basis for 
almost all Western system analysis. With it, 
one doesn't have to know the exact functions 
and processes going on in the middle. One 
just determines a transfer function from a 
given input to the output that results. Then 
one catalogs that transfer function. One 
does that for lots and lots of transfer 
functions for particularly desirable results, 
and one has the system analysis. One also 
has the immediate basis for a rapidly- 
developed applications technology. 

Western scientists are good system 
analysts. But they have little or no 
comprehension of what is really going on in 
that "inside the ship functions" portion, even 
though they have determined the transform 
function which acts upon the input to give 
the "from the portholes" output. 

The Russians, with their additional 
knowledge of the actual mechanisms in the 
transforms, will be much more advanced 
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certain percentage of a highly secret rogue 
group will wind up using all these things and 
more. It's a human characteristic, the old 
primate dominance game. Only now 
disguised and hidden under deep 
classification. 

Nonetheless, the "simplified" TW EM 
"porthole correlate" approach will yield very 
positive results, due to the correlation 
existing with the LW s and scalar portions 


than the West, because their fundamental 
psychoenergetics science is far more 
advanced, so long as we continue to use the 
old U() electrodynamics. Further, the 
Russians have decades of use of longitudinal 
interferometry beams to reach right through 
the earth and ocean and produce stringent 
EM effects at a distance. So they will also 
be able to do the same things here in "mind 
control" with LW interferometers, through 
intervening mass 
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including the earth and ocean. Western mind-control 
scientists and their rogue groups—assuming they exist as 
postulated—largely will not be able to do that, and 
probably won't even recognize Russian testing of 
psychoenergetics weapons directly in or over Western 
nations. 


Russian Lethal Psychoenergetics Mind 
Control Tests Over the U.S. 


In fact, the KGB tested just such highly advanced mind 
control weapons over the middle of the United States in 
1997 on two occasions. The tests were conducted against 
Captain Button in his A-10 "Warthog" aircraft on April 2, 
1997 [See Figure 14], and upon Captain Svoboda in her A- 
10 "Warthog" on May 27, 1997. [See Figure 15]. 

Over Arizona, Captain Button was thrown into a 
hypnogogic state, and his perceptions instantly altered and 
controlled. In his instant "dream-waking" state, everything 
seemed perfectly normal. His sense of direction was 
altered a bit more than 90 degrees, so he simply corrected 
and turned and "flew toward the range", actually flying off 
course by more than 90 degrees and ignoring radio 
contacts. He flew right on out of Arizona. At one point he 
circled, probably thinking he was over the range, and he 
probably dropped his ordnance there. Then he "flew on 
back toward home," as he thought in his waking dream 
state, until his fuel ran out and he crashed and died in the 
explosion—dream-thinking until he died that everything 
was normal. All the while, his sense of the passage of 
time was altered. To him, in his dream-thinking, dream- 
acting 
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state, everything was normal and nothing untoward had 
happened. So the distant KGB transmitters and associated 
psychoenergetics team controlled him for over an hour. 

Indeed, that was the exact purpose of the test: 
demonstrate control (at a great distance) of a skilled 
person performing highly skilled tasks. A secondary 
purpose was to stimulate the U.S. government, watch its 
investigation and findings, and ascertain if the U.S. knew 
of the extent to which Russian KGB mind control 
weaponry had advanced. Obligingly, we proved to me 
KGB that we did not understand what had actually 
happened to Captain Button. 

Captain Svoboda was from the same Wing as Captain 
Button and was its most experienced night fighter A-10 
pilot. In fact, she taught other pilots the fine points of 
night flying combat missions in the A-10. About two 
months after Captain Button's bizarre flight and death, 
Svoboda was engaged in night target bombing on the 
range. Rising from her ordnance drop on me target, 
Svoboda was suddenly struck and rendered hypnogogic 
and in a waking-dream state. Her sense of the vertical was 
instantly reversed. Superb pilot that she was, she 
immediately dream-perceived she was diving, not 
climbing out of the delivery. She instantly corrected to 
"climb out". So in the real world she dived sharply into 
the ground and her aircraft exploded. 

This test demonstrated the instant alteration of a skilled 
pilot's perception, causing that pilot to inadvertently react 
promptly in an unintentionally suicidal manner. A 
secondary purpose of the test was to stimulate the U.S. 
government system again, to see if the system recognized 
what had 


EXPLORE 


A-10 Mysterious Flyaway and Crash 
April 2, 1997 
[uraH | Armed with: 


- Four 5004b bombs 
- 30 mm Gatling gun 





12 43 pm‘ 








M Gddwate 
oEPARTS 


A 
To mbaone 


Figure 14a. Captain Button’s mysterious flyaway and eventual crash. 
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Figure 15 


occurred. Sad to say, it did not and it has not. It was 
lamely speculated that Svoboda probably looked over her 
shoulder like a rank greenhorn, and inadvertently dived 
her aircraft into the ground while looking back at the 
target. If there was one pilot in the USAF who would 
have not done that, it was Captain Svoboda. At any rate, 
the KGB determined that the U.S. scientific, intelligence, 
and governmental communities did not have the foggiest 
notion of what had occurred. 


In private proprietary communications” we have 
explained further, to proper parties, exactly the reasons for 
these two tests, and what exactly was being tested, and 
what is its planned strategic use. 


The Final Race for Direct Mind Control of 
the Entire Human Species 


The KGB psychoenergetics weapons scientists— 
because of their direct measurements and detections (and 
use) of t-polarized waves and LWs for decades—also 
understand that Jung's collective unconscious mind (of the 
entire human species) also has its own time-like operations 
and correlates, which one measures also when using t- 
polarization measurements and sorting it all out. The 
collective unconscious mind operations are buried several 
levels deeper inside the recursive Whittaker structuring 
inside the EM fields, waves, and potentials. 

The KGB scientists also know that something very like 
Gaia— a collective unconscious mind for all species on 
earth—also exists, and they are striving to be able to sort 
out and measure that one as well. The Gaia operations are 
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buried even deeper in the recursive structuring inside the 
EM fields, waves, and potentials. If one reads some later 


books by Kaznacheyev, ~~ e.g , this human species 
unconscious mind aspect and the biosphere unconscious 
mind aspect emerges loud and clear, if one interpolates 
between the lines, so to speak. Actually, from day one, the 
Russian mind control scientists have had their eventual 
goal set upon this "deeper area of mind and possible mind 
control" of the entire human species. 

I am convinced that the KGB psychoenergetics 
scientists understand this deeper area. If they can learn to 
directly engineer the collective human species 
unconscious, they can then convert the human species 
easily into a sort of "ant" society, modeled along ideal 
Communism lines, except of course with an excluded 
"hierarchy at the top" running everything. The "ant 
society""—communist style—is still a variation of 
feudalism (all systems tend to feudalism or some form 
thereof). 

The KGB psychoenergetics weapon scientists are 
seriously pressing on toward that very goal. In my opinion 
they are not very far from it right now. It is simply a 
matter of developing sufficiently complex equipment to be 
able to directly engineer the time-domain substructuring at 
sufficiently deep levels. It is a doable, although it is very, 
very complex and very, very difficult. On the other hand, 
they have been at it for decades. Even in the 50s the 


Russians already had the old LIDA device,” capable of 
inducing a catatonic trance-like state in a mammal—either 
a human or a cat,” for example. Some versions of 
Russian mind control devices were used on Russian 
soldiers in the 
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Figure 15. Captain Svoboda dives headlong to her death. 
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Afghan War to condition them for 


; IZ 
performance of merciless acts.~ 


Potential U.S. Rogue Groups and 
Two Recent Examples 


Meanwhile, rogue groups amongst 
Western clandestine mind control 
researchers will probably arise if they have 
not already done so. They will likely seek to 
increase their personal control and further 
isolate the programs from orthodox 
government review and from government 
and legislative control. They may even 
divert the research into highly illegal and 
unethical means, because it furthers their 
own rogue agendas. That is how clandestine 
U.S. government research can sometimes go 
sour, unless great care is exercised by the 
oversight committees in the House and the 
Senate. 

Sometimes when rogue groups do gain 
control and total secrecy of a given new 
technological area, then what appears to be 
"U.S. government operations" do start to 
encompass a criminal and unethical 
operations, hidden usually beneath the deep 
veil of high classification. Also, if it's 
"scientific," no one is ever brought to 
justice, even if the "evil science actions" are 
uncovered and publicly revealed. 


We Certainly Have Proof of Such 
Rogue Activity. For Example, 
Here are Two Prominent Cases: 


as a result of those ghoulish 
experiments. So what 
happened when this gruesome 
thing was revealed? Again 
President Clinton publicly 
apologized! The head of the 
Executive Branch did not turn 
the macabre matter over to his 
Attorney General to 
prosecute. How many of 
these scientists were 
indicted? Not one. How 
many are going to be 
indicted? Not one. Suppose 
again this had been done by a 
private doctor in his own 
private clinic. You get the 
point. 


There is Little or No Punishment 
of Rogue Scientific Groups 


Shockingly, the U.S. government at the 
highest level has directly shown (and these 
are not all such cases by any means!) that 
mass crimes against U.S. civilians, 
perpetrated by portions of the U.S. scientific 
community in direct conspiracy and in 
secret, Will likely be condoned. The 
perpetrators will not be indicted, tried, or 
convicted. 

Note the connection of the "rogue groups" 
thesis to the above incidents. Note how 
rogue scientific groups got away with it in 
both these cases. There may be other rogue 
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1. For three decades, scientists from the 


U.S. government, universities, and 
civilian contractors secretly 
conspired to treat unsuspecting 
human patients with whole body 
nuclear radiation, including some 
retarded children and cancer 
patients. Some of those patients— 
including some of the retarded 
children—died as a result. These 
illegal experiments were conducted 
in great secrecy, and the results were 
highly classified. Eventually these 
actions were revealed, and a 
Presidential investigation committee 
investigated. These experiments 
would seem to be little different from 
the WWII Nazi and Japanese 
experiments on human prisoners. 
Are those U.S. scientists who were 
responsible for those retarded 
children's' deaths any different from 
the Nazi scientists and criminals we 
executed at Nuremberg? So what 
happened when this terrible thing 
finally came out into the open? 
President Clinton publicly 
apologized! How many of the 
responsible scientists were indicted 
for murder? Not one. None is ever 
going to be. 

Suppose a doctor here in South 
Alabama, with his own private clinic, 
had secretly irradiated those human 
patients and retarded children with 
whole body nuclear radiation, over a 
period of 30 years, resulting in some 
agonizing deaths. How many state 
and federal agencies would have 
come after him with arrest warrants? 
Probably about 50 or so. Would he 
have been indicted, tried, convicted, 
and executed or sent to prison for 


scientific groups getting away with such 
things today. They should not be able to get 
away with it. But they can. 

Perhaps a most startling additional part of 
those two incidents is that there was no great 
public outcry from the scientific community, 
deploring these murders and demanding that 
the criminal scientists be indicted and tried. 

As the old saying goes, "By their silence 
they have convicted themselves." The 
organized scientific community, as a 
community, has shown that it has little or 
no ethics, and—while deploring any 
scientific murdering that "gets revealed,"— 
is not really interested in justice. In short, 
much of the U.S. scientific community may 
now have very little ethics left. 

We are not talking about normal 
individual scientists, but the Big Science 
community. There is a whale of a lot of 
difference between the two. In the Big 
Science community, there can be and there 
are rogue groups. Lots of them. There is 
deep cover, deep classification. And there is 
very probably advanced mind control 
research and testing, be it legal or illegal. 
Hopefully most of it is legal and 
constrained. However, some of it is almost 
certain to be illegal and ill constrained. 

Human beings are still human beings. All 
the good and evil is still there, regardless of 
the group. The stage settings change, but 
the cast of characters and the play never 
change. 

It's sad, but 'twas ever thus. Hidden parts 
of our own governments—and other 
governments throughout the world—are no 
different from the old medieval groups, 
where nobles etc. were always plotting 
against the king, or using the king's power 
for their own nefarious end. The rogue 
groups today are no different from all the 
scheming and conniving groups that 
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life? Absolutely! Would the 
President of the United States have 
apologized? Not on your life; he 
would have turned it over to the U.S. 
Attorney General with a strong 
directive to investigate and prosecute 
on criminal charges. 

. Again for three decades, scientists 
from (i) the U.S. Government, (ii) 
universities, and (iii) civilian 
contractors conspired to give poor 
syphilitic blacks in Tuskegee, 
Alabama a placebo while ostensibly 
treating them for syphilis. The 
purpose of the program was to 
deliberately observe and record the 
ravages of the disease to its fruition 
in their wracked bodies. So the 
scientists deliberately sat there and 
watched their brains rot and their 
bodies rot. They kept meticulous 
notes, of course. It was very 
scientific. And it was macabre. 
They "treated" some 400 blacks in 
the "program." Over 100 blacks died 


destroyed the Roman Empire. Great 
empires fall from within, not usually from 
without! 


Conclusion 


This concludes our brief portrayal of the 
probable directions that mind control 
research has taken, in Russia and in the 
West. It is a novel and powerful area, and it 
poses both severe dangers and great benefits 
to all the peoples of the Earth. 

Let us hope this great new area, already 
off to a bad start, can be bridled and steered 
in the direction of helping and healing 
people, rather than killing or abusing them. 
The excesses in its bad use are a potent 
threat to all nations on earth. Yet it can 
revolutionize medical science, education, 
communication, and psychology. 
Eventually it can engineer the mind and 
memory directly, beneficially. We foresee 
the day—perhaps 30 years hence—when 
education will be 
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accomplished by directly loading the 
software into the mind. Then in three weeks 
one will "load" a doctorate, say, in physics. 
In three more weeks one will also load a 
doctorate in chemistry. Another three 
weeks, in electrical engineering. Another 
three weeks, an M. D. And so on. When 
that happens, then truly everyone on earth 
can be educated. Freedom from ignorance 
may well be another great freedom that is 
legally recognized. There will be no 
impoverished large groups lacking the 
education to find decent, productive jobs. 
We urge all nations to use the principles 
involved: not for human abuse, but for 
healing, educating, uplifting, and life- 
expanding of every person on Earth. If we 
do, we shall all have a far brighter future. 
Then we shall check what has started out to 


446955, Oct. 23, 1998, 
forwarded to US. Patent Office 
on Nov. 4, 1998. 

5. A very good introduction to 
nonlinear phase conjugate optics 
is given by David M. Pepper, 
"Nonlinear Optical Phase 
Conjugation," Optical 
Engineering, 21(2), March/April 
1982, p. 156-183. Also see 
David M. Pepper, "Applications 
of Optical Phase Conjugation," 
Scientific American, 254(1), Jan. 
1986, p. 74-83. 

6. Pepper, Optical Engineering, 
ibid., p. 158. 

7. See T.E. Bearden, Energetics 
of Free Energy Systems and 
Vacuum Engine Therapies, Tara 
Publishing, Internet node www. 
tarapublishing.com/books, July 
1997. See also T.E. Bearden, 
"Energetics Update and 
Summary, " Part I, Explore, 7(6), 
1997, p. 60-67, Part II, Explore!, 
7(7), 1997, p. 53-56; Part II 
Explore!, 8(1), 1997, p. 53-56; 
Part IV; Explore!, 8(3), 1997, p. 
56-63. See also T.E. Bearden, 
"Vacuum Engines and Priore’s 
Methodology: The True Science 
of Energy-Medicine: Parts I and 
II" Explore!, 6(1), 1995, p. 66- 
76; 6(2), 1995, p. 50-62. 
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Howard Friedman, The direct 
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the environment and the 
organism, " New York State 
Journal of Medicine, Vol. 62, 
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be the Sword of Damocles and turn it into 
the golden Millennium. 

We are reminded of a poignant quote 
from Teilhard de Chardin: 

"Someday, after we have mastered the 
winds, the waves, the tides and gravity, we 
shall harness for God the energies of love. 
Then for the second time in the history of 
the world man will have discovered fire." 

May the nations of the world utilize the 
new mind engineering science to truly free 
all minds into a common love of, and respect 
for, their fellow humans of every color, 
creed, and circumstance. As de Chardin 
envisioned, may we use the new science to 
discover a new fire, burning clearer and 
brighter than anything that has gone before. 
4 
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The Tom Bearden 
Website 
Latest cloning research findings by Bedini/Bearden 
The huge dangers of current cloning technology 
Mystery of the death of Australia's cloned sheep explained 
"Spark of Life" 


From "Stranger than Science" 
by Frank Edwards © 1959, 1987 


Did an obscure amateur scientist discover the spark of life? Did Andrew Crosse accidentally 
stumble upon a mixture of chemicals and electricity which produced living things from a 
lifeless compound? If he did not, then just what did he accomplish? The record of his work 
is clear, only the enigma of the results remains to plague science. 


The neighbors of Andrew Crosse regarded him as more devil than man. They did not 
understand the bright flashes that lighted his laboratory windows at night when he was 
tinkering with his crude electrical devices. Not only was he dreaded and shunned as "the 
thunder and lightning man," but he was denounced as an atheist, a blasphemer, and a 
Frankenstein who had best be put in chains for the common safety. 


Andrew Crosse minded his own business, it is true, but his was a very strange business for 
the early 1800's. And one of his experiments remains a very strange business to this day. 


Andrew was an enthusiastic amateur experimenter in the new field of electricity. Out of 
touch with others in the same work, he labored under the double handicap of not knowing 
what had already been done - and of not understanding what he was doing himself. Yet it 
may have been this very lack of knowledge which led him to undertake the experiments 
which were to inscribe his name, however faintly, in the annals of science. 


He decided to induce the development of artificial crystals by subjecting chemicals to 
prolonged exposure to weak electrical currents. Andrew mixed up some silicate of potash 
and hydrochloric acid and into this he dropped a fistsized chunk of oxide of iron. By 
inducing the current from a small battery to trickle through the solution to the oxide of iron, 
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he hoped to bring about the growth of artificial crystals of silica. 


Having arranged this combination of chemicals and current, Andrew set it aside and went 
back to his favorite pastime of studying the spark-gap - the flashes which alarmed his 
neighbors. 


Did he accidentally stumble upon an arrangement which created life from inorganic matter? 


In a paper which he wrote for the London Electrical Society in that same year of 1837, 
Andrew set down this account of his experience. 


He wrote "On the fourteenth day after the commencement of this experiment, I observed 
through a small magnifying lens a few small whitish specks clustered around the middle of 
the electrified stone. Four days later these specks had doubled in size and had struck out six 
or eight fine filaments around each speck . . . the filaments longer than the hemisphere from 
which they projected. 


"On the 26th day of the experiment, the objects assumed the form of perfect insects, 
standing erect on the bristles which they were growing. Although I regarded this as most 
unusual I attached no singular significance to it until two days later, the 28th day of the 
experiment, when the magnifying lens showed that these things were moving their legs. I 
must say now that I was quite astonished. After a few more days they detached themselves 
from the stone and moved about through the caustic acid solution. 


"In the course of a few weeks more than a hundred of them made their appearance on the 
oxide of iron. Under a microscope I examined them and found that the smaller ones had six 
legs, the larger ones had eight. Others who have examined them pronounced them to be of 
the genus acari, but some say they are an entirely new species. 


"I have never ventured an opinion on the cause of their birth for the reason that I have never 
been able to form one. I thought they might have been airborne creatures that had drifted 
into the liquid and prospered, but later experiments with closed vessels, in which the 
ingredients had been purified by baking in the oven, produced identical creatures; therefore, 
I suggest that they must originate in the electrified liquid by some process unknown to me." 


Andrew Crosse realized that he was walking a tightrope before the top scientists of his day. 
He was describing an experience foreign to their accepted understanding and therefore he 
was inviting ridicule. He did not have long to wait. Cries of fraud and hoax engulfed him. 
He and his alleged insects were denounced as nothing more than humbugs. 


Amid all the furor that his announcement had created, Crosse stood alone and helpless. Even 
other scientists who had duplicated his tests with similar results kept their silence. 
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All but one. That voice was raised in his defense and it was such a powerful voice that none 
dared challenge it; for it belonged to the great Michael Faraday. At last Crosse had found his 
champion. 


Faraday reported to the Royal Institution that he too had experienced 
development of these little creatures in the course of his experiments. 

4 But he added that he could not decide whether they had been created in 
the sterile solutions or brought back to life by the electricity! Either 
development would have constituted a milestone in scientific advance, as 
Faraday realized, but he left it to his fellow scientists to make the 
decision, if any. 





Crosse never claimed to have discovered anything. He was merely reporting what had 
happened. After the attacks upon him subsided, he retired to his home in the Quontock hills 
for many more happy years among his test tubes and batteries. 


Although he spent his long life as a humble searcher after scientific truths, the contribution 


for which he is remembered is the controversy over his acari - unwanted then, and 
unexplained to this day. 
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Genus Acari 


Tom Bearden comments (finalized and slightly updated in March 2001). 


It is difficult to make an understandable comment on the business of life, because presently 
scientists have not the foggiest notion what mind, being, life, death, time, etc. are. For that 
matter, they don't really know what matter and energy and charge are either. In the scheme 
of things, our modern "science" is only about three hundred years old, and that's a snap of 
the finger in even just the existence of this world. Much of modern science still considers the 
mind as a "meat computer", or just the physical electrodynamic activity of the brain, etc. 
Materialism has not died, even though quantum mechanics essentially wiped it out decades 
ago, and the old concept of "mass" as something hard, permanent, and "material" has also 
long since vanished. One is referred to the works of Max Jammer to see what the present 
view of "mass" is. Also, without looking up the references again, recent experiments with 
quarks and gluons wound up with experiments in which it mattered not a whit whether one 
considered the mass as zero or nonzero. Nature, it seems, does not have to play by our usual 
"either-or" rules. In physics, of course, this is the duality problem, which to this day has not 
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been resolved because attempts to resolve it have applied Aristotelian logic -- and there is no 
solution to the problem of "opposites being identical" in that logic, which forbids that very 
thing by authoritarianism. 


The modern biogenesis experiments, e.g., never took place in the absence of life. There was 
no "statistical generation of living or quasi-living forms" in the absence of engines for such 
forms. The great rush of Poynting energy flow around the earth, generally parallel to the 
equator, alone carries the "engines" (internal sets of spacetime curvatures) for every form of 
life that ever existed upon the earth. So the experiments were bathed in "living forms and 
dynamics", if one accounts for the internal Whittaker-structuring of electrodynamics -- noted 
but ignored by our scientists for nearly 100 years. 


Quite some time ago, we worked out the nature of mind, and the mind-matter coupling 
mechanism (which is engineerable). We did that in pursuit of the mechanisms in the KGB/ 
Russian psychoenergetics weapon work. I had the last of a 3-part article published in 
"Explore", dealing briefly with mind control technology both the way it is probably done 
clandestinely in this country and how it is done by the KGB/Russians. I'm still trying to get 
the proper parties to believe it; not much progress. However, some very neat information has 
been released on the Internet that very probably reveals why officially there is no interest. 
It's because three decades ago some of our "spooky folks" found (in deep hypnosis 
experiments) that humans are inordinately sensitive to extremely low-level EM signals and 
fields. Even though no detection or sensation may rise to the conscious level, the 
unconscious (which is totally conscious, just massively parallel rather than serial) does sense 
these signals. Voila! It would appear that "very deep black" parts of the community 
probably developed quite good mind influence and mind and behavior control or 
interference using techniques adapted from that work. The reader must always remember 
that just because the overt government does not know something or have something, does 
not at all mean that the covert government doesn't have it. And even in the covert 
government, there are layers within layers. So there, even when the upper levels do not have 
something, it still does not mean that the deeper levels do not have it. The problem with the 
best knowledge and technology, when unknown to the upper covert levels and the overt 
level, is that it is then quite likely to be subverted into the deepest levels, which may have 
their own agendas and may not report to the duly elected U.S. government at all. Indeed, 
such levels often assume that the President himself does not have a "need to know". 


Present physics has erroneously omitted the time increment carried by the photon. The 
overemphasis on the so-called transverse wave (which does not exist as such in vacuum, 
fairly readily shown) has led to our missing the greatest and most important part of 
electrodynamics: the longitudinally polarized EM wave and the time-polarized EM wave. 
For example, mind and mind operations are totally electromagnetic, but use time-polarized 
EM waves rather than the standard stuff. Overtly we do not even have detectors for LPWs 
and TPWs yet; the Russians do. However, every major weapons lab on earth now is aware 
of longitudinal EM waves and their powerful characteristics. Simply read some of the 


http://www.cheniere.org/misc/sparkoflife.htm (5 of 12)4/13/2014 4:34:01 AM 


The Tom Bearden Website 


summary material on Undistorted Progressive Waves (UPWs) on the Los Alamos National 
Laboratory website, e.g. by Rodrigues et al. A UPW is an "imperfect" longitudinal EM wave 


with some remaining transverse wave residue (that is the way it is modeled). 


Let me give you one example of how fouled we are. We still use Aristotelian logic 
primarily. Yet it is an incomplete logic. Let me show you instantly. Take the simple Venn 
diagram of a rectangle lying on its side, divided in half by a vertical line in the middle. Label 
the right rectangular area A. Label the left rectangular area "not-A". What is the line in the 
middle and the border? Both A and not-A, so that A is identical to not-A. Yet the third law 
(law of the excluded middle) forbids A identical to not-A. Apply the third law to the Venn 
diagram. The border disappears, and the middle dividing line disappears. The logic self- 
destructs, because now there is no separate A and no separate not-A. Yet so far as I can 
determine, no one seems to have seen that very simple thing and questioned it. Aristotelian 
logic cannot be applied to the very Venn diagrams used to establish and "prove by 
demonstration" its propositions. We corrected that nearly 20 years ago, and got called every 
kind of lunatic imaginable -- the usual reaction when something fundamentally wrong is 
pointed out in a comfortable part of the prevailing paradigm. These days I simply point to 
Morris Kline's "Mathematics: The Loss of Certainty" to the Aristotelians, and tell skeptics to 
go and read it and then we will discuss the foundations of logic. With a 5-law logic (or 4-law 
with an additional applications rule), one solves the "dividing line" problem nicely. Then 
suddenly things like spacetime and being and mind and nothing etc. can be solved -- in the 5- 
law logic, but never in the 3-law logic. The problem of life itself -- whether terrestrial or 
extraterrestrial -- has no solution in 3-law logic. 


The entire method of Zen is to try to break up the iron Aristotelian bent of the conscious 
(serial processor) mind, and get into the far broader unconscious (totally conscious, 
massively parallel processor) mind. Few have done that. But one cannot present a 5-law 
solution to a 3-law processor; it just "does not compute". It's like putting a thousand slides at 
once on the normal "single slide at a time" projector. The "conscious mind" can see only a 
single slide at a time. So it just sees "black" or "nothing at all". That's why we "see" the 
"massively parallel conscious" mind as "unconscious"! It isn't. But it is a quite different form 
of consciousness which we all have. 


Time is never observed, and no observable is a cause, a priori, because an observable is only 
a frozen, nonchanging 3-spatial "instant snapshot" and therefore the output of the 
observation process, while the causal input is what exists in 4-space prior to its interaction 
with the observation process. When one adds time and time dynamics to one's science, one 
moves far in front of much of present Western physics. E.g., physics has nearly hopelessly 
confused the causal side of the observation mechanism/process with the effect side, 
everywhere, throughout physics -- simply by assuming that observables persist in time -- a 
non sequitur since an observation is a frozen 3-space snapshot at one single instant. 





And sadly, the physicists do not seem to have even realized it!. Not a single paper or text in 
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the West, e.g., illustrates an EM wave in spacetime prior to its interaction with a unit point 
charge. E.g., simply check a fine editorial by Romer. Romer is the editor of American 
Journal of Physics, and we are referring to Robert H. Romer, "Heat is not a noun," American 
Journal of Physics, 69(2), Feb. 2001, p. 107-109; and specifically to his end note #24, p. 

109. Romer takes to task "...that dreadful diagram purporting to show the electric and 
magnetic fields of a plane wave, as a function of position (and/or time?) that besmirch the 
pages of almost every introductory book. ...it is a horrible diagram. 'Misleading' would be 
too kind a word; 'wrong' is more accurate." "...perhaps then, for historical interest, [we 
should] find out how that diagram came to contaminate our literature in the first place." 


But in general physicists continue to charge on, confusing effect as cause. Electrodynamics, 
e.g., is particularly guilty of greatly confusing the two, which is really what is preventing a 
successful and engineerable unified field theory. Further, contemporary classical 
electrodynamicists do not calculate either the field or the potential; instead they calculate the 
reaction cross section of each, interacting with a unit point charge assumed out of nowhere. 
In short, they calculate how much is diverged from the actual field or potential, and then call 
that "little extracted part" the field or potential! Again, they mistake the causal entity 
existing before the interaction with the effect entity existing after the interaction. Well, after 
the interaction has occurred, that result is the effect, not the cause prior to interaction. 
Physics has this so hopelessly snarled that it will require 50 to 100 years before the journals 
and physics societies are likely to even realize it and admit it, and then it will require them 
another 50 years to straighten it out and purge this huge non sequitur from physics theory 
and modeling. 


Anyway, we did model how mind and mind operations operate, including their precise 
nature, how they fit into all this, etc. We thus were able to resolve many previously unsolved 
riddles such as the nature of intent, how a space-less mind operation can generate a spatial 
input to a spatial body and vice versa, etc. We also worked out how to use "effects" systems 
to generate "causal" systems, completely independent of mass -- because the KGB has 
recently completed a completely different kind of weaponry based on this, and different 
from anything that has ever existed in the history of mankind (at least on this planet!). The 
Russians of course were already there; I got there much more crudely by intensely working 
on how to explain what they were doing. 


To see that the effect can generate the cause, just consider the normal "forward time" 
observation process having to operate in a "time-reversed" process. You see, not only must 
we shift observers from frame to frame, but we must also be able to shift them from forward- 
time (of some conveniently chosen outside reference observer) to reversed time (of that 
same reference observer). 


At any rate, it turns out that the entire universe is already "alive" in a very special sense. 
There is no death; there is mind (I use the term "mind" in the most general sense, not just the 
conscious mind which is merely a "periscope" put up and taken down from the 
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unconscious). And mind is not a part of the brain, and it is indeed separated from body but 
intimately linked to it by the mind-body coupling dynamics. Further, any life that has "ever 
existed" still dynamically exists in a special kind of more fundamental electrodynamics 
infolded inside all normal EM fields, waves, and potentials. The Tibetans knew much of this 
very well, but of course in terms that our materialistic science rejects or completely fails to 
understand (as we stated, most of our scientists believe the human is a robot and the mind is 
simply the electrochemical reactions of a "meat computer"!). 


Since ambient spacetime may be modeled as a special kind of "scalar" potential with intense 
energy density, it then decomposes into a series of bidirectional EM longitudinal wavepairs, 
ala Whittaker 1903, except one must use impulse waves so as to include the time dynamics 
part of spacetime, rather than forcefield 3-space type waves. The entire thing -- mind, life, 
matter, fields, waves, spacetime, etc. -- then becomes structurable and directly engineerable 
by novel EM means (such as the O(3) higher symmetry electrodynamics pioneered by Evans 
and Vigier). Longitudinal EM wave technology is the key to developing such mind-body 
coupling mechanisms and engineering of them, at all. One only gets the time-polarized EM 
wave technology after the LPW technology has "done its thing" -- the time-polarized 
technology is far and away the most powerful and primary. 


Also, low frequency photons have far more energy than high frequency photons, if one 
includes the time component, since time is spatial energy compressed by c-squared and has 
the same energy density as mass. Time-energy (highly compressed spatial energy, 
compressed by c-squared but in the time domain rather than in 3-space) and spatial energy in 
the photon are canonical. As the frequency of the photon decreases, its spatial energy 
decreases also with the decreasing frequency. However, the time-energy component 
increases, and its compacted energy increases as the square of the time-component expressed 
in seconds. Hence at lower frequencies the total energy (sum of spatial energy and time 
energy) in the photon increases. Indeed, if one wishes to engineer gravitational effects, it is 
the low frequency photons (low ELF) that are important, because they have far and away 
more "spacetime curving energy" than high frequency photons such as gamma rays. 


At least eight nations on earth now have longitudinal EM wave technology weapons to one 
extent or another. Several of them -- hostile to one another -- are using Western Australia as 


a convenient nearly uninhabited target range. 


Anyway, when you come at the mind-body-life problem with that background (which 
unfortunately required more than 20 years of very hard work!) there appears to be no great 
difficulty in explaining the Faraday, Crosse, Fox, Miller, and Urey biogenesis experiments. 
And yes, there appears to be no difficulty in explaining the "appearance" of "life on earth" in 
the prebiotic soup. It did not really appear out of nowhere spontaneously at all, but simply 
was a sort of sympathetic resonant coupling of physical forms to mind-forms already there. 
None of the experimenters realized that the great Poynting energy flow (and one must add 
back in the missing Heaviside component which is some 10exp13 times larger than the 
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accounted Poynting flow) around the earth parallel to the equator and from West to East, is 
already internally structured with every possible form of life ever in the universe anywhere. 
If we further multiply that Heaviside component by c-squared, so that we can account for the 
time-energy portion of that great energy flow, we can see immediately that life and its 
environment are both living and intercommuting all the while. The creator in fact created a 
living universe, not an inert one (as best we can speak it in the inadequate 3-law logic). If 
one believes in big bangs, then life structuring emerged right along in all the fields and 
waves and energy, right in and out of the big bang. There is not a single point in the universe 
anywhere that is absent of energy and therefore absent of life, in the view of the model I am 
using. 


Understand, one does not have to agree with this model! That is one's own decision. We are 
just pointing out that, if we correct many of the errors known to be in the presently used 
models, this is the kind of reality that readily emerges. We get a physics that is not just an 
"inert" physics, but a living physics where literally the entire universe is "alive" in very 
special manner. 


In deciphering (after 14 years!) the Priore mechanism, I found that incredibly the cellular 
regenerative system does retain the form and "memory" of all the precessor cellular forms. 
Cancer, in fact, is very often due to a direct "order" by that system to a cell (aerobic) to start 
back down the "chain" to an anaerobic cell, because of severe hypoxia and the sustained 
inability of the regenerative system to maintain the cell in aerobic form. It doesn't just send 
an "order", but sends a "precise set of spacetime curvature engines" that go to work on that 
cell and all its parts. The first major step back is to break it loose from centralized control of 
its growth -- whereupon we recognize it as a tumor cell. There are two requirements: (1) 
cellular damage, and (2) "promotion". Biologists do not really understand "promotion", 
because they do not understand the cellular regenerative system—which used time-polarized 
EM waves, and nonlinear optical pumping of the cell and all its parts in the TIME-energy 
domain rather than the SPATIAL energy domain. That sort of pumping creates an 
"antiengine” to its forward time engine resident in the sick cell, thereby time-reversing the 
cell and all its parts back to a previous state on the trail from the early anaerobic single cells 
to the present aerobic cells. 


By the way, recent experiments in cloning are beginning to bear out the fallacy that exact 
electrochemical processes produce the same end physical results, particularly when the 
persistence of the created forms is examined. E.g., cloned rats may live half their lives in 
apparently normalcy—then suddenly grow greatly obese and die. Many other anomalies are 
being uncovered in this fashion. The reason is quite simple: We have some diagrams 
showing that one may introduce an additional "engine" to the pumping of a diseased or 
damaged cell (or a healthy one for that matter), and in the time-reversal process then 
induced, the "time-reversal" process will be diverted from the original trajectory. In short, 
the original full state will not be recovered. 
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This, we pointed out, is a second generation technology to be developed, where a disease 
or disorder must be treated and where also there was never a normal past state anyway. A 
case in point is birth defects, etc. Eventually, if the technology ever is allowed to be funded 
and developed, even those kinds of medical conditions will be treatable and curable. The 
point is that in cloning, one does not use the normal sperm cell and egg, without abnormal 
disruption. There is indeed an abnormal disruption -- and every such physical action or 
change and dynamics certainly involves an additional set of engines. In short, with present 
methods the cloned entity also has introduced into the equation an additional "engine". In the 
fertilization process, there is quite a jump back to a "time-reversed" situation (fertilization is 
the beginning of a physical embodiment, hence from two parts of an embodiment already in 
being, there is a rather dramatic "jump backwards"). The "normal" backwards jump of that 
kind is a normal fertilization of the egg by the sperm. Any change to that procedure, 
represents the insertion of an abnormal engine to be processed in that same "jump back". For 
the methods being used, it appears that the abnormal engines are sufficiently weak that, in 
the cloned animal, some time must expire in its lifetime before the impact of that little 
constant deviation from normal grows to become suddenly significant. 


Indeed, all "living forms" are materialized from energy, but from both matter-energy and 
time-energy and the dynamics of the two. Natural processes include fertilization, birth, etc., 


http://www.cheniere.org/misc/sparkoflife.htm (10 of 12)4/13/2014 4:34:01 AM 


The Tom Bearden Website 


but there is no technical reason whatsoever that the process cannot be direct and even 
directly engineerable. In this "expanded energy" sense, mind energy and dynamics can be 
engineered as well as body matter energy and dynamics. 


To cinch the matter of "engineering living forms", I once participated in a accidental and 
unplanned experiment where Golden materialized living things. Not little bitty things, but 
big things. In my view we actually materialized thought forms, since much later we were 
able to piece together exactly what apparently engendered each part of the phenomena. 
There were multiple (scared) witnesses who prefer never to discuss it. The experiment also 
altered all the clocks in the area for four days before the "time-energy charge" we had 
inadvertently created dissipated. Let me just say that it really got my attention! We never 
repeated that experiment again. But the changes were substantial and the phenomena were 
substantial, and to this day I prefer not to discuss that experiment. It simply cannot be 
understood without the outline sketch we are speaking of, where one accounts for time- 
energy and dynamics as well as material energy and dynamics, and also for the coupling 
dynamics between the two. 


Not only can one have a "material entity" or thing communicating with another "material 
entity" or thing, but one can also have a "mental thing" (time-domain thing with no spatial 
existence) communicating with a "material entity or thing" with only spatial existence, and 
vice versa. There is indeed a coupling two-way mechanism 


Look at the so-called "physical form" -- which almost always one is speaking of as purely 3- 
space. Most scientists have not yet understood that a priori a piece of 3-dimensional mass as 
observed cannot even persist in time! Masstime exists in time, but "mass" is a frozen 3- 
spatial intersection of the spacetime entity. It is exactly comparable to a frozen frame in a 
movie film. The individual frame never has any existence except at a frozen moment in the 
slide projector. "Motion" and "movement" etc. involve the time domain a priori -- hence 
something without any time-component at all, cannot persist or even exist except at one 
frozen moment in time. Hence any observable existed in that single "observation slice" and 
at that "point in time" only. After all, a "point in time" is where time symmetry is broken or 
ceases. In short, it is a time-discontinuity. All observations are such time-discontinuities. 


The SETI problem will not be solved, in my personal opinion (understand, I do not object at 
all if others do not see it this way) until a far greater and deeper understanding is reached by 
our modern physics. Forget communicating with "transverse" waves; longitudinal EM waves 
can travel at any velocity, limited only by how much "residue" of the normal EM wave junk 
is still hanging in there (how much "transverse EM wave noise" is still present. A pure LW 
moves at infinite velocity. As we suggested, simply download the Rodrigues and Lu papers 
carried on the Los Alamos National Laboratory Web site. It appears that now most major 
weapon labs have "discovered" the fact that there can be longitudinal EM waves, and some 
eight or so nations have developed weapons technology from such. If one has such 
technology, all the rest is obsolete. 
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For the skeptic, here is a statement made in 1997 by Dr. William Cohen, then 
Secretary of Defense: 





"Others [terrorists] are engaging even in an eco-type of terrorism whereby 
they can alter the climate, set off earthquakes, volcanoes remotely through the 
use of electromagnetic waves... So there are plenty of ingenious minds out 
there that are at work finding ways in which they can wreak terror upon other 
nations...It's real, and that's the reason why we have to intensify our 
[counterterrorism] efforts." 


[Secretary of Defense William Cohen at an April 1997 counterterrorism conference 
sponsored by former Senator Sam Nunn. Quoted from DoD News Briefing, 
Secretary of Defense William S. Cohen, Q&A at the Conference on Terrorism, 
Weapons of Mass Destruction, and U.S. Strategy, University of Georgia, Athens, 
Apr. 28, 1997.]. 


Any technological civilization that has not solved the fundamental "self-killer" problem of 





the technological species, must and will self-destruct. This follows from simple servo- 
mechanism theory, as we have previously pointed out. The KGB is working on a "solution" 
that is far along: engineer the entire human species quantum potential so that the human 
species can be turned into an "antlike" species, which of course would be the "ideal" 
communist state, in the minds of many Communist party theoreticians. Our guys haven't 
even got started on engineering the quantum potential yet. They have not yet even 


discovered the big ball park, let alone the big ball game. 


Anyway, that is just some comments for your personal information. What really is 
happening in the "hidden weapons" area and "hidden weapons science area" is already so 
advanced in some quarters that science fiction pales by comparison. The real question is 
whether we shall survive very much longer, and whether we shall mature rapidly enough to 
begin to use these technologies for the benefit of humanity, rather than for its destruction. 


Sincerely, 
Tom Bearden 


Additional Comments from Tom dated 9 July, 2001 
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Another device that uses the new hyperspatial, virtual state, nested modulation technology (and has done so for seventeen or 
eighteen years) is Dr. Pat Flanagan's neurophone. With brilliant insight and intuition far beyond that of science at the time, Pat 
invented and patented the instrument by the time he was seventeen years old. The neurophone is a device that, contrary to all 
present theory and knowledge, will directly “pump the brain” and reproduce sound and information directly in the brain and mind 
system, without going through the auditory system at all. A simplified diagram of Pat's improved neurophone is shown in Figure 
11. 
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Figure 11. A simplified diagram of the improved Flanagan neurophone 


Briefly, the device takes a complex signal, such as the sound of an orchestra playing a musical interlude, and electrically processes 
it as shown in the figure. First the signal is passed into a section that clips everything into a series of square waves, remarkably 
analogous to the sort of clipped waves Lisitsyn confirms are the information carriers of the human brain. Next the square waves are 
differentiated, yielding a series of sharp spikes (note that these spikes retain the pulse-time content of the clipped signal). These 
spikes are again differentiated, and since these are finite spikes with real nonzero rise times and decay times rather than theoretical 
constructs, a series of noisy spikes results from the second differentiator section. From here, the noisy spikes are introduced to 
special contact electrodes, one of which is normally placed on the forehead, while the other may be placed almost anywhere, 
including on the foot. Nowhere are any sound waves introduced to the head. 


The square-wave clipper section reduces the complex signals, their overtones, and their complex modulations to square waves, 
retaining the temporal content of the wave mix but not the waves themselves. The first and second differentiators heighten or filter 
through the temporal content of the higher-order differentiations, that is, they serve as a band pass filter unit to accent the time 
keying of the neutrinic and mindfield portions or aspects of the signal. When these time spikes are then introduced across the body 
as pulsed voltages, they are modulated directly on the dendrite firings of the brain and nervous system, providing direct and pulsed 
modulation of the neutrinic and mindfield component channels of the mind-brain-consciousness-life loop itself. Thus the 
neurophone directly inputs information into the brain and nervous system, bypassing all the normal sensory systems that lie between 
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the mind-brain loop and the outside environment. 


Indeed, a similar development has been reported by two University of Missouri researchers. Dr. Donald York, a 
neurophysiologist, and Dr. Thomas Jensen, a speech pathologist, have recently reported identifying and decoding twenty-seven 
words and syllables in specific brain wave patterns and correlating these electroencephalographic patterns with both the spoken word 
and the silently thought word in about forty subjects. At present, Dr. York and Dr. Jensen are programming a computer with a brain 
wave vocabulary, to monitor and read the EEG of a stroke victim's brain and help stroke victims who have lost their powers of 
speech to communicate. 


While all such developments can obviously be misused, their potential for assistance to mankind is enormous. Indeed, my own 
premise that brain linkage is possible and can be used to advance all mankind to the sixth stage of species evolution is slowly being 
proven. It is within our reach now to develop a multi-channel communications system that will directly link brains, minds, and 
consciousness into a single functional being; and I have already pointed out that the psychokinetic power of the emergent entity 
increases exponentially with the number of linked stages. The normal corpus callosum linkage of the two cerebral halves in each 
human head proves that brains, minds, and beings can be linked and integrated into one. 


The Excalibur Briefing details the basic concepts of the theory involved in hyperspace-virtual state engineering, and thus in the 
engineering of mind-life-consciousness links to multicellular organisms here on earth. Pat Flanagan's neurophone proves that 
complex information can be implanted directly in the brain and mind, bypassing the normal isolating barriers. Drs. York and Jensen 
have shown that the brain wave does indeed contain recognizable, decodable information analogues. Lisitsyn has already reported 
measuring the number of independent channels involved and has documented the importance of the clipped brain waves as opposed 
to the sine-wave content. If we have the vision, we can still develop a brainlink and rapidly apply it to link sixty to one hundred 
persons, thereby opening a conscious, multidimensional “eye” for the collective human unconsciousness, gently rousing ZARG into 
wakefulness, and fulfilling human destiny without undergoing the psychotronic Armageddon planned by the Soviets. The time is 
short, but it can still be done if the funding, the vision, and the team can be established on a crash priority basis. 


SOVIET “WOODPECKER” SIGNALS 


But, as I have said, all this can be used for the detriment of mankind as well as for its benefit. Unfortunately, it appears that the 
Soviet Union has chosen to weaponize the effects on a global scale. A prime example is the “woodpecker” signals emanating from 
the USSR in the 5-30 megahertz region and interfering with communications around the earth. 


These complex woodpecker signals appear to originate from two or three dozen powerful Soviet transmitters, each with a power 
estimated as high as 40 megawatts (Figure 12). 
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Figure 12. The Soviet “woodpecker” signals 
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The pioneering experimental measurements of these signals by Dr. Robert Beck and William Bise have shown just how deadly a 
potential may be possessed by the signals. These measurements have been performed in Eugene and Portland, Oregon; Los 
Angeles, California; Huntsville, Alabama; and several other locations. They have been particularly significant on the West Coast in 
and around Eugene, Oregon because of the presence of a direct current transmission line several hundred miles long, which has acted 
as a long wire antenna, picking up the signals and rebroadcasting them with appreciable gain in the vicinity. 


Typically the signals may be found on, say, sixteen different carriers between 10 and 20 megahertz. Twelve of the carriers may 
appear normal, with normal side-bands, and the other four may have the carrier and both sidebands suppressed but still show the 
biologically significant modulation (for example, 10 hertz). On all sixteen channels a strong 10 hertz modulation may appear, all 
perfectly time synchronized and in phase channel-to-channel. The received signal from one of these carriers may be twenty-five to 
thirty times as strong as the earth's back-ground magnetic field, which is oscillating at approximately 7.0 to 7.5 hertz. Other 
complex modulation frequencies, many of them changing, are present on the various channels. 


Normally, the brainwaves of mammals in an area are gently entrained by the normal oscillations of the earth's magnetic field and 
are oscillating along at, say, 7.5 hertz. Under continuous radiation from the Soviet woodpecker signals, a percentage (say 30 
percent) of the mammalian brains may be captured by the 10 hertz modulation on the overpowering Soviet signals. These captured 
brains are now in forced oscillation and are riding along in phase with the 10 hertz Soviet modulation. In other words, a certain 
percentage of the human brains in an area will phase lock to the 10 hertz modulation, and that will effectively lock into those brains 
the sixteen carrier frequencies with their concomitant frequency mixes and complex signal modulations. If the signals are made 
much more powerful (for example, by focusing them onto one particular area or increasing the power of the transmitters), then a 
much higher percentage of brainwave entrainment can be accomplished in the targeted area. By simply adding on the desired 
modulation patterns, the Soviets can now pump material directly into the mind-brain-consciousness-life loops of the entrained 
brains. The weapon implications are enormous: raw emotion such as sheer terror or panic can be transmitted; death or disease 
patterns of all kinds can be transmitted; informational content (thoughts and ideas) can be impressed directly into the captured brains 
and minds and processed as if originating inside each brain itself. Indeed, as long as the Soviets keep the effects rather gentle, an 
entire population can be subtly influenced without governmental notice. Certain specific ELF frequencies can rapidly disable or 
even kill, and for wartime use those frequencies can be directly implanted in the captured brains themselves by the woodpecker 
signals. It appears that 1984 came a little early, and one can perhaps now understand Brezhnev's strange 1975 proposal to the SALT 
negotiations that we should also consider outlawing the development of new weapons more frightful than the mind of man has ever 
conceived. 


The signals also have direct application against strategic targets other than personnel. For example, by incorporating the correct 
nested modulation pattern, the positron kindling (electron squelching) pattern can be impressed. By beaming through the earth (with 
a circularly polarized signal or with other complex modulation forms), a beam with a strong neutrinic component, which will 
squelch electrons and which will interact with great preference for strong voltages or strong magnetic fields, can be directed at a 
target complex. In the targeted area aircraft and communications systems can be disabled; automobile, truck, and other ignition 
systems will fail; power transformers and large motors and generators will fail; power transmission systems with their associated 
high voltages will fail; and so on. Even independent, self-contained emergency power equipment, such as at military installations 
and strategic missile sites, will fail to operate. Further, to some of these signals, the earth and the sea are as transparent as glass, and 
so underwater nuclear submarines can be electrically disabled on station before their missiles can be fired, while strategic missile 
complexes can be electrically disabled before their deadly nuclear missiles can be hurled toward their distant targets. If some 
submarines and land complexes succeed in firing missiles before being disabled, these missiles can be electrically dudded and 
scrubbed from the sky over Soviet territory while still far from their intended targets. 


So, as stated at the end of Excalibur, the players are on stage and in place. The final act begins. One thing is sure—mankind will 
never be the same again after seeing the play! 
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LASER WEAPUN SYSTEMS 


Lockheed Martin has specialized in laser weapon system development for 40 
years, with advancements in areas such as precision pointing and control, line- 
of-sight stabilization and adaptive optics — essential functions in harnessing and 
directing the power of a laser beam — and in compact, robust, spectrally beam- 
combined fiber laser devices that provide unmatched performance. 


Lockheed Martin’s directed energy 
(DE) laser program draws upon our 
proven expertise across a broad range 
of capabilities, as well as our spirit of 
innovation. Our experience includes: 


e The beam-control/fire-control 
system for a megawatt-class laser 
that destroyed a ballistic missile in 
flight 


e High-power spectrally beam- 
combined fiber lasers that provide 
the most efficient conversion of 
platform prime power into lethal 
power on target 


e Unique SWIR component 
capabilities that significantly extend 
the ISR (intelligence, surveillance, 
and reconnaissance) range of the 
DE laser system 


e Widespread weapons-system and 
platform integration experience 
across all DoD services 


REVOLUTIONARY TECHNOLOGY 


Laser weapons are a revolutionary 
technology because of the advantages 
of speed, flexibility, precision and low 
cost per engagement that are only 
possible with lasers. 


These advantages apply to stand-alone 
DE laser systems as well as to weapon 
systems that combine DE and kinetic 
energy capabilities. In these cases, DE 
operates as a force multiplier, enabling 
the warfighter to counter a growing 
range of emerging threats. 


DE weapons are characterized by: 
e Very deep magazine 
e Extremely low cost per engagement 
e Speed of light delivery 


These strengths mean that they are 
well-suited to countering large numbers 
of inexpensive, highly maneuverable 
threats that might otherwise exhaust 
the magazines of our current defensive 
kinetic energy (KE) weapons. By using DE 
and KE weapons together, the warfighter 
will be able to neutralize emerging 
swarming threats while reserving our 
most capable kinetic weapons to defend 
against our adversaries’ largest and 

most hardened threats. DE weapon 
systems support multi-mission scenarios, 
and can be readily augmented by 
communications functions, as well as 
unprecedented intelligence, surveillance 


and reconnaissance range, and precision. 





In addition, Lockheed Martin’s directed 
energy weapons bring some important 
and unique advantages to the warfighter: 
e A robust and highly-maintainable 
laser architecture that is designed 
to minimize life-cycle cost and to 
maximize up-time 


¢ Output laser power that can be 
rapidly adjusted between low 
and maximum power to support 
disrupt, disable, and destroy 
capabilities 


e Highly parallel laser architecture 
that supports graceful 
degradation by eliminating almost 
all single points of failure 





e Highest system efficiency 
demonstrated in any DE laser 
system; minimizing size weight 
and power requirements for 
DE platforms such as Army and 
Marine Corps ground vehicles, 
Navy DDG and LCS ships, and 
SOCOM AC-130 


e Highest lethality laser to minimize 
engagement time 





LOCKHEED MARTIN IS ADVANCING AND DEMONSTRATING 
A RANGE OF LASER WEAPON SYSTEM TECHNOLOGIES: 


ADAM (Area Defense ALADIN (Accelerated Laser ATHENA (Advanced Test 
Anti-Munitions) Demonstration Initiative) High Energy Asset) 
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e Autonomous operations for rocket e 30-kilowatt laser made by combining e Represents highest power level 
threats; accepts external sensor cue when many fiber lasers into a single, near- documented by a laser weapon system 
required; capable of continuous operation perfect-quality beam of light of this type, while retaining excellent 

e Successfully engaged constrained and e Uses approximately 50 percent less beam quality and electrical efficiency 
free-flying rockets, an unmanned aircraft electricity than alternative solid-state e First field testing of an integrated 
systems (UAS) target in flight, and a small laser technologies 30-kilowatt single-mode fiber laser 
boat e Spectral Beam Combining sends beams weapon system prototype 

e Affordable commercial-off-the-shelf from multiple fiber laser modules, e Uses the proven high-energy laser 
(COTS) based system with very low cost- each with a unique wavelength, weapon system architecture from our 
per-kill; deep magazine; scalable precision into a combiner that forms a single, ADAM system, and incorporates the 
effects powerful, high-quality beam 30-kilowatt ALADIN laser 


¢ Capable of close-in defense (1-4 km) 


RELI (Robust Electric Laser Initiative) 
ABC Turret (Aero-adaptive for Army HELMTT (High Energy Laser 
Aero-optic Beam Control) Mobile Test Truck) Demonstrator 





Modular 60-kW laser in development for 


Prototype turret with the ability to fire 


in any direction mounted on tactical the U.S. Army 
aircraft e Proven affordable weapon architecture 

e First turret to demonstrate a 360- that supports size, weight and power 
degree field of regard for laser weapon constraints for air, sea and land platforms 
systems on an aircraft flying near the e Scalable design combines multiple 
speed of sound kilowatt lasers to attain various weapon 

e Validated performance with nearly 60 power levels 
flight tests conducted in 2014 and 2015 e Modularity results in a reliable and low 


using a business jet as a low-cost flying maintenance laser system that minimizes 
test bed single points of failure 
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Axial Vircator for Electronic Warfare Applications 
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Dept. of Radar, University of Defence, Kounicova 65, 662 10 Brno, Czech Republic 
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Abstract. This paper deals with a high power microwave 
generator with virtual cathode — vircator in axial release 
for electronic warfare applications. The classification of 
directed energy weapons microwave (DEWM) is intro- 
duced together with basic block diagrams of a particular 
class of DEWM. In the paper, methods for designing virca- 
tor pulsed power supply, axial vircator structure, meas- 
urement methods and experimental results are presented. 
The vircator in electromagnetic ammunition is powered by 
magneto-cumulative generator and in weapons for defense 
of objects (WDO), it is powered by Marx generator. The 
possible applications of a vircator in the DEWM area are 
discussed. 


Keywords 


Electronic warfare, directed energy weapons micro- 
wave, high power microwave, magneto-cumulative 
generator, Marx generator, pulse forming line, virca- 
tor. 


1. Introduction 


Electronic warfare (EW) is defined as the art and sci- 
ence of preserving the use of the electromagnetic spectrum 
for friendly use while denying its use to the enemy. Elec- 
tromagnetic spectrum is, of course, reaching from DC to 
light (and beyond). Thus, electronic warfare covers the full 
radio frequency spectrum, the infrared spectrum, the opti- 
cal spectrum, and the ultraviolet spectrum. 


Electronic warfare has classically been divided into: 


e Electronic warfare support (ES), which includes the 
receiving part of EW. 


e Electronic attack (EA), which includes jamming, 
chaff, flares used to interfere with the operation of ra- 
dars, military communication, and head-seeking wea- 
pons. Over the last years, EA also includes antiradia- 
tion weapons (ARW) and directed energy weapons 
(DEW). 


e Electronic protection (EP), which is directed into de- 
sign or operation of radars or communication sys- 
tems to counter the effect EA. 


A detailed classification of EW can be found in [1]. 


Today the directed energy weapons (DEW) are sig- 
nificant in terms of the electronic attack (EA). Consider- 
able financial resources are directed especially to the re- 
search of DEW working in microwave band (directed en- 
ergy weapons microwave — DEWM), which derive their 
benefits from incidence of electromagnetic pulses (EMP) 
on electronic devices. The EMP effect was first observed 
during the early testing of high altitude airburst nuclear 
weapons [2]. The effect is characterized by production of 
avery short (hundreds of nanoseconds) but intense elec- 
tromagnetic pulse, which propagates away from its source 
with ever diminishing intensity, governed by the theory of 
electromagnetism. The EMP is in effect an electromagnetic 
shock wave. This pulse of energy produces a powerful 
electromagnetic field, particularly within the vicinity of the 
weapon burst. The field can be sufficiently strong to pro- 
duce short lived transient voltages of hundreds of volts to 
kilovolts on exposed electrical conductors, such as wires or 
conductive tracks on printed circuit boards. 


At present, a high intensity EMP can be successfully 
generate without using nuclear weapons. This fact is very 
significant especially for applications in the EW area. It is 
this aspect of the EMP effect which is of military signifi- 
cance, as it can result in irreversible damage to a wide 
range of electrical and electronic equipment, particularly 
computers and radio or radar receivers. Depending on the 
electromagnetic hardness of the electronics (a measure of 
the equipment's resilience to this effect) and the intensity of 
the field produced by the weapon, the equipment can be 
irreversibly damaged or even electrically destroyed. The 
damage inflicted is not unlike the damage experienced by 
exposure to close proximity lightning strikes, and may 
require complete replacement of the equipment, or at least 
substantial portions of it [3], [4]. 


2. Directed Energy Weapons Micro- 
wave 


Directed energy weapons microwave (DEWM) gen- 
erate very high-powered electromagnetic impulse (EMP) in 
the microwave band. From the generated signal bandwidth 
point of view, there are two classes of generators for the 
design and construction of DEWM in order to produce 
electromagnetic field with sufficient power: 
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e Narrowband — very similar to the radar transmitters; 
usually generate a modulated harmonic signal. This 
class is called the high power microwave (HPM). 


e Ultra-wideband (UWB) — generates high power vide- 
osignal illuminated by a broadband antenna. 


The application of directed energy weapons microwave 
(DEWM) determines their design. There are two groups of 
directed energy weapons microwave: 


e Single shot DEWM, 
e Repetitive pulsed power systems. 


The electromagnetic weapon modes closely relate to 
the mission of these weapons. Electromagnetic ammunition 
usually uses single shot DEWM while weapons for defense 
of objects (WDO) usually use repetitive pulsed power 
systems. The typical pulse repetition frequency of DEWM 
is nearly one thousand pulses per seconds. Recently, there 
has been a trend of increase in the pulse repetition fre- 
quency beyond tens of thousands pulses per seconds. The 
actual DEWM construction depends on the concrete sup- 
posed combat use, on the required measure, range and so 
on. The following text will be dedicated to experimental 
verification of some technology usable in narrowband 
DEWM or HPM. Questions regarding classification, con- 
struction and possible use of generators for DEWM are 
answered in more detail in [4], [5] and [6]. 


2.1 Basic Block Diagram of DEWM 


HPM design depends on the specific assumed applica- 
tion of DEWM. There are difference approaches to the 
design and realization of electromagnetic ammunition and 
to the design and realization of weapons for defense of 
objects (WDO). These differences mostly affect the choice 
of the power sources and the construction of modulators. In 
electromagnetic ammunition, a highly limiting factor is the 
demand for low weight and small proportions. This fact 
also sharply limits the choice of the power microwave tube. 


Electromagnetic ammunition usually uses single shot 
DEWM. The single shot high-energy high-voltage pulsed 
source has to fulfill hard requirements on the high amount 
of the delivered energy with respect to the source volume 
[MJ/m*]. The best solution of this requirement is 
amagneto-cumulative generator that reaches up to 
8000 MJ/m*. A block diagram of a HPM generator in elec- 
tromagnetic ammunition is shown in Fig. 1. 


Primary 
source 





Fig. 1. Block diagram of a HPM generator in electromagnetic 


ammunition. 


In the block diagram, the primary source feeds the 
stator coil of a magneto-cumulative generator (MCG), 
which creates a powerful magnetic field in the surrounding 
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fittings filled with an explosive. At the moment of achiev- 
ing the primary current peak value, the explosive is shoot- 
ing. The explosion causes expansion of fitting that per- 
forms compression of the magnetic field inside the stator 
coil of MCG. Compression of magnetic field causes dra- 
matic growth of the current flowing through MCG (hun- 
dreds of kiloamperes). The MCG output is connected to 
a pulse forming network that provides transformation of 
heavy current to an impulse high voltage (hundreds of 
kilovolts), which feeds a high power microwave electron 
tube (HPM ET). The generated microwave is emitted 
through antenna (ANT) to the space. 


A block diagram of a HPM generator in weapons for 
defense of objects (WDO) is shown in Fig. 2. 


Modulator 





Fig. 2. The block diagram of HPM generator in Weapons for 
Defense of Objects (WDO). 


In weapons for defense of objects (WDO), the HPM 
generator works similarly as the HPM generator in elec- 
tromagnetic ammunition. Since WDOs usually generate 
power microwave pulses repetitively, a modulator with this 
capability has to be used instead of MCG. Modulators with 
Marx capacitor banks, Tesla transformers or transductors 
with fast opening switches are used most often. In this class 
of DEWM, other types of high power microwave electron 
tubes (HPM ET) are also used. They may generate micro- 
wave pulses with high pulse repetition frequency. 


3. Energy Sources for Directed Energy 
Weapons Microwave 


The electromagnetic pulse sources for DEWM are en- 
tirely based on energy acquired from the chemical energy 
of explosion that compresses the magnetic flux made by 
coil (MCG) or by discharging a capacitor bank. These two 
possibilities are the best solutions for generation of pulses 
with sufficient amount of energy in a short time. Other 
methods were used to generate pulses in the beginning of 
DEWM research or in laboratory. 


3.1 Helical Magneto-Cumulative Generator 


MCGs are entirely based on the energy acquired from 
chemical energy of explosion that compresses magnetic 
flux made by coil. MCG physical principles, classification 
and applications are described in more detail in [7]. The 
main part of research was focused on the possibility of 
using a magneto-cumulative generator for electromagnetic 
ammunition power supply. For that reason, 4 versions of 
low power MCGs were designed, realized and tested in 
order to verify their characteristics, construction principle, 
explosive initialization method and verifying a measure- 
ment method. 
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The tested magneto-cumulative generator in Fig. 3 
consists of an aluminous cylindrical stator, inside is 
a 16 screw helical coil from 2 mm copper wire, a copper 
armature tube with 38 mm outer diameter and 4 mm wall 
thickness filed by octogen (explosive). The explosive is 
electrically initiated. The load coil represented by a copper 
strip in shape of a loop connects the stator with the arma- 
ture. In the right side of stator, there is a crowbar switch 
made of a brass plate to perform disconnecting of the pri- 
mary current source. An insulator circle is responsible for 
separation of the stator and the armature. 





Fig. 3. Low power MCG. 


Low power magneto-cumulative generator characteristics: 


C,; = 190 uF — primary capacitor capacity 
Up = 800 V — voltage of capacitor 

Lg = 13.1 pH — stator coil inductance 

R =0.0175 © — stator coil resistance 

T) =3.13x10*s — primary current period 

In = 2750 A — maximum primary current 
Tq =73 us — explosive initiation delay 


Fig. 4 presents the low power magneto-cumulative 
generator output current time history calculated from the 
voltage measured by Rogowski coil. The primary current 
In= 2750 A gives the generator peak output current 
Jou = 27 kA. The detailed test description and measured 
results can be found in [8], [9], [10] and [11]. The purpose 
of the mentioned tests was: 


e Verify the method of generating a high energy pulse 
by magnetic flux compression using explosive; 


e Solve the primary current magneto-cumulative gen- 
erator power supply; 


e Find the peak primary current and an explosive initia- 
tion synchronization method; 


e Find a high current measurement method. 
All the requirements were met. 


To use a magneto-cumulative generator for single 
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Fig. 4. Low power magneto-cumulative generator output cur- 
rent time history. 


shot high power high voltage pulse generator, it is neces- 
sary to obtain a high-level output current. Because of that 
reason, a middle power MCG was designed and realized. It 
is a two-stage helical magneto-cumulative generator using 
a dynamic transformer to increase the output voltage. In 
Fig. 5, there is a schematic plot of the generator’s first 
stage. The magneto-cumulative generator power supply 
primary current, the initiation of the explosive and the 
output high current measure was analogical to the low 
power magneto-cumulative generator described above. 


2 





1 — First stage coil, 2 — Load coil, 3 — Armature 
with explosive, 4 — Insulator 


Fig. 5. Schematic drawing of first stage of middle power 
MCG. 


Fig. 6 shows a photo of the middle power magneto- 
cumulative generator’s first stage prepared to the test. 


Magneto-cumulative generator characteristics: 


C,; = 125 uF — primary capacitor capacity 

Up = 5000 V — voltage of capacitor 

Lg = 323 pH — stator coil inductance 

Ty = 3x10" s — primary current period 

In = 2650 A — maximum primary current value 


L, =300 nH — load inductance 
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Fig. 7. Middle power magneto-cumulative generator output 
current time history. 


In Fig. 7, the generator output current time history 
measured during test is shown. The primary current 
In = 2650 A gave the generator peak output current 
Lou = 350 kA. 


The next step in the magneto-cumulative generator re- 
search is the implementation and verification of a dynamic 
transformer. The dynamic transformer’s role is an increase 
of the output voltage to about 70 kV. Magneto-cumulative 
generator’s second stage supplies a load coil through an 
electric breaker. The beaker interrupts the current in the 
load circuit in a very short time to enable transfer of the 
energy from the magnetic field to the high voltage pulse. 
These activities will be done in the next step of the research 
and development. The further trends are described in [12]. 


3.2 Pulsed Power Supply With Capacitive 
Storage of Energy 


For some pulse applications in weapons for defense of 
objects (WDO)), it is desirable to couple the Marx generator 
directly to the vacuum diode; however, the pulse rise time 
is then limited by the Marx inductance and capacitance, 
and the impedance of the generator is greater than typically 
several tens of ohms. In order to produce short, fast-rising, 
low-impedance beam outputs, it is customary to use the 
Marx to charge a pulse-forming line (PFL). Although the 
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PFLs may be constructed in a variety of shapes (strip, co- 
axial, radial, etc.), they are typically used in only two types 
of circuits— the simple transmission line, and the double, 
or Blumlein line. In contrast to the simple transmission 
line, an alternate circuit invented by A. D. Blumlein is 
capable of producing an output pulse into a matched load 
that equals the charge voltage. A cylindrical version of the 
Blumlein circuit fabricated by our team is represented in 
Fig. 8. It consists of three coaxial cylinders with the inter- 
mediate cylinder being charged by the Marx generator. The 
Marx generator is shown in Fig. 9. The center cylinder is 
connected to the outer grounded cylinder by an inductor. 
Ideally the inductor acts as a short during the charge cycle, 
and then as an open for the short duration of the output 
pulse [13]. Pulsed power supply parameters are shown in 
Tab. 1. 























Marx generator Pulse forming line 
Number of stage n=18 Impedance 91Q 
Capacity of Istage 100 nF Length lm 
Input voltage Uin=25 kV Pulse duration 60 ns 
Output voltage Uou=450 kV | Working medium water 











Tab. 1. Pulsed power supply parameters. 





Fig. 8. Cylindrical version of the Blumlein circuit. 





Fig. 9. Marx generator. 


4. High Power Microwave Generator 


A wide range of HPM devices exists. Relativistic kly- 
strons, magnetrons, slow wave devices, reflex triodes and 
vircators are all examples of the available technology 
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base [5]. From the perspective of an electromagnetic wea- 
pon or warhead designer, the device of choice will be the 
vircator at this time. The vircator is mainly a one shot de- 
vice capable of producing a very powerful single pulse of 
radiation, yet it is mechanically simple, small and robust, 
and can operate over a relatively broad band of microwave 
frequencies. The physics of the vircator tube are substan- 
tially more complex than those of the preceding devices. 
The fundamental idea behind the vircator is that of acceler- 
ating a high current electron beam against a foil or a grid 
anode. Many electrons will pass through the anode, form- 
ing a bubble of space charge behind the anode. Under the 
proper conditions, this space charge region will oscillate at 
microwave frequencies. If the space charge region is placed 
in a resonant cavity which is appropriately tuned, very high 
peak powers may be achieved. Conventional microwave 
engineering techniques may then be used to extract the 
microwave power from the resonant cavity. Because the 
frequency of oscillation is dependent upon the electron 
beam parameters, vircators may be tuned or chirped in 
frequency, where the microwave cavity will support appro- 
priate modes. Power levels achieved in vircator experi- 
ments range from 170 kW to 40 GW over frequencies 
spanning the decimeter and centimeter bands [5]. 


4.1 Vircator Operation Fundamentals 


The basic idea of the vircator is to accelerate a dense 
flush of an electron beam against a grid or a foil anode. 
Plenty of electrons pass through the anode and form 
a region of a space charge behind the anode called virtual 
cathode“. This region of a space charge at corresponding 
conditions can oscillate in a region of microwave frequen- 
cies. It is possible to tune the vircator in a broad band of 
frequencies using only a change of a space charge density. 
There is no necessity to have an external magnetic field for 
a correct vircator function. In Fig. 10, an axial vircator is 
shown. Electron beam passes through the foil or the grid 
anode. Microwave power is brought out axially, too. Fre- 
quency changes appear in vircator with standard geometry 
when the distance between the anode and the cathode gets 
smaller due to filling the working space by plasma. Effi- 
ciency of a standard geometry vircator is ordinarily about 
ones percent. 


Insulator Anode 


is Window 






Cathode Virtual cathode 


Fig. 10. Schematic drawing of axial vircator. 


Despite its low efficiency, vircator is very attractive 
for army applications because it is very simple to be made, 


it is a compact device and there it is no need to have an 
external magnetic field. For more information about con- 
struction and properties of various types of vircators you 
can see e. g. [5], [13] and [14]. 


4.2 Mathematical Description of Vircator 
Operation 


For microwave frequency generation, it is necessary 
to meet a number of conditions relevant to the power sup- 
ply and geometric proportions of a vircator electrode. De- 
termination of these conditions results from [15] and we 
use simplified geometry displayed in Fig. 11 to derive the 
mathematical characterization. 


The most common case is that a pulse duration 7 is 
much longer than a beam transit time across cavity 
T>> LIC. 


We assume that an external axial magnetic field ob- 
structs transverse electron motion. The space charge of the 
beam makes a negative potential energy e® in drift space 
which breaks the electrons. If the space charge potential 
reaches the value of accelerating voltage (electrons are 
stopped in beam), the beam with bigger current cannot 
expand. There is a value of current which causes stopping 
of electrons. This value is called the vacuum critical cur- 
rent. There has to be the above mentioned critical current to 
make the vircator generate microwave oscillations. 


Hollow electron beam 


Cathode OR 


Vacuum 








= 
0 L z[m] 


Fig. 11. Simplified geometry of axial vircator. 


We suppose a hollow beam; whose charge is concen- 
trated in a thin layer with radius r. Behind the transition 
space (which is comparable to the radius of chamber — 
backward conductor), there is nearly homogenous poten- 
tial. It is possible to determine the potential quantity with 
consideration that it is a coaxial capacitor and its inner 
cylinder is saturated by beam charge. 


Capacity of the coaxial capacitor is given by 





_2-H-&, (1) 


1) 


where é is the vacuum electric permittivity, R is the cham- 
ber radius, r is the beam radius. 
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The potential is given by the equation 


me 
tears (2) 


where Q is the charge linear density, C is the capacity per 
length unit. We can define the charge linear density as 


o=- (3) 


where v is an electron module velocity and the current is 
defined by the equation 


I=e-n-v'S (4) 
where e is the charge of an electron, is the linear electron 


density, S is the profile of the electron beam. 


When (1) and (3) are substituted into (2), we can ob- 
tain expression for the potential in the form 


R 
geld raf] . 


C 2Q-m-éy-v 


(5) 


The electron velocity v is associated with its initial 
energy and potential by the energy preservation law 


M,*VoC +eB=m,-¥-C° (6) 


where yg is the initial relativistic factor of the beam, y is the 
relativistic factor inside a system reduced due to potential. 


The relativistic factor inside a system can be ex- 
pressed by the equation 





e®P 
Y=%o+ 5 (7) 
m,:C 


e 


where m, is the electron mass and c is the speed of light. 
The relativistic factor can also be expressed by 


Yas seea Ns, (8) 


The electron velocity in drift space v can be specified 
from following equations: 


(9) 


(10) 











Substituting (10) 
(ev) / (mc), we can get 


into (3) and multiplying by 


erie” 
7 


} 2-1-é-m-C 





_ (11) 





The function F(®) has its peak value under the con- 
ditions describes by 
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1 
5=N-Y? - (12) 





The evaluation is written in the form 


wo-(P]- ee. 


There is no possibility to find the solution of (11) for 
bigger values of function F(®). According to (13), the cri- 
_2:0-& mc 


tical vacuum current is 
2 3 
2 a [ ] : (14) 
el a) 
- 


When we substitute the known constants (like m= 
3.1415), we obtain the equation 


Li a [A= (15) 


where J,,is the critical vacuum current [kA]. 





I 





For vircator implementation, energy of electrons of 
about 500 keV is considered, which corresponds to the 
relativistic factor of yp = 2. Thus planar diode current lim- 
ited by space charge follows the three-half Child-Langmuir 
law 


2. 
I ~ Th St (16) 
ka 


where U is the voltage between anode and cathode, S;, is the 
surface of cathode, d;,, is the distance between anode and 
cathode. 


An important characteristic of a vacuum planar diode 
is its impedance, which is given by 


1p 
Z =1.36-10°-U 2 ee (17) 


NK, 
where r; is the radius of the cathode. 


The vacuum critical current is the maximal current 
that can distribute itself through vacuum. It means it is 
possible to measure the same current until the distance is 
bigger than the diameter of beam. It is just the same value 
when the potential of space charge of electron beam is 
equal to the accelerating voltage. That is the limit where 
the virtual cathode is generated and the vircator starts 
working. The generated frequency depends on the plasma 
frequency of the electron beam. The plasma frequency is 
determined by the electron beam current density. The 
plasma frequency is the frequency of electrons in space 
charge field oscillations. The electrons can oscillate due to 
the influence of repulsive force which takes effect between 
particles with the same charge. The plasma frequency de- 
pends on the concentration of electrons in the beam. The 
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current density is given by the number of charges which are 
able to pass through the surface of 1 m* per one second. 
Thus we can calculate the current density i [Am™] 


i=e-n,-c, (18) 


where e is the electron charge, ny is the electron volume 
density and c, is the electron velocity. 


Plasma frequency of the electron beam is approxi- 
mately given by 


Foe =9-10" Vii (19) 


4.3. Axial Vircator Design 


Following the theoretical assumptions given above, 
the axial vircator with grid anode was fabricated. The struc- 
ture of the grid anode enables repeated operation in contra- 
distinction to vircator with a foil anode. The cathode di- 
ameter r,=17.5mm and the working chamber radius 
R=40 mm were chosen in order to decrease the value of 
the vacuum current. The critical vacuum current is 
I, = 4.63 kA in this configuration. The vircator impedance 
matching to the forming line is a very important require- 
ment for vircator’s correct operation. Because of that, 
a cathode with a possibility to change the distance d,, be- 
tween cathode and anode is fabricated. The cathode is 
made as a cylindrical carbon block. The anode grid is made 
from pyrolitic carbon. 


In Fig. 12, there is section picture of the built-up axial 
vircator with the possibility to the change distance between 
anode and cathode. In Fig. 13, there is a view of the fabri- 
cated vircator. The vircator is fed by a pulse generator 
formed by Marx generator and pulse forming line described 
in Section 3.2. The connection between the axial vircator 
and the output of pulse forming line is shown in Fig 14. 
Vircator voltage is measured by a cylindrical capacitive 
probe, which is a part of pulse forming line output circuit. 
Vircator current is measured by Rogowski coil placed in 
the outer cylinder of the pulse forming line. Vircator volt- 
age time history is displayed in Fig. 15 and vircator current 
time history is displayed in Fig. 16. 


Compared to other types of microwave tubes, the mi- 
crowaves generated by an axial vircator cover a relatively 
wide frequency band. In Fig. 17, the frequency spectrum of 
the signals generated by the realized axial vircator is 
shown. The dominant frequencies of the generated micro- 
wave signals are placed in the band of 0.5 to 1.5 GHz. The 
frequency spectrum was acquired on the basis of informa- 
tion measured by a digital oscilloscope Tektronix TDS 
7704B connected to broadband antenna EMCO 3115. For 
the measurement the microwave output power of the virca- 
tor, a measuring device was designed and made, using 


calorimetric method for the power measurement. A detailed 
power sensor description can be found in [18]. A more 
detailed description the of axial vircator research results is 
given in [6], [14], [16] and [17]. 


Is 


|> 





1 cathode contact ring, 2 ceramic insulator, 3 anode contact ring, 
4 pipe for vacuum pumping shelter 


Fig. 12. Section picture of built-up axial vircator with possibil- 
ity to change distance between anode and cathode. 





S— 





Fig. 13. View of fabricated axial vircator with adjustable dis- 
tance between anode and cathode. 





Fig. 14. View of fabricated axial vircator connected to the 
pulse forming line. 
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Fig. 15. Vircator current time history. 
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Fig. 16. Vircator voltage time history. 
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Fig. 17. Frequency spectrum of signals generated by realized 
axial vircator. 


5. Conclusion 


The research of directed energy weapons microwave 
validated substantial technology applicable in electro- 
magnetic ammunition and in weapons for defense of ob- 
jects (WDO). The axial vircator is the most important com- 
ponent part applicable in both categories of DEWM. Do- 
minant frequencies of the generated microwave signal are 
placed in band of 0.5 to 1.5 GHz. To fulfill the vircator 
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minimal proportion requirements to be able to use the vir- 
cator as a DEWM, it is necessary to shift the vircator do- 
minant frequencies to the 3 GHz band. This requirement 
can be reached by arranging the cathode size efficiently 
and consequentially optimizing the distance between anode 
and cathode. Great attention also has to be paid to increase 
the specific dielectric strength of the output window of the 
axial vircator. 
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INDUSTRY GROUP 





The Biological Technologies Office (BTO) of the 
Defense Advanced Research Projects Agency (DARPA) 
is sponsoring an Industry Group to support the 
Neural Engineering System Design (NESD) Program. 





NESD is a highly interdisciplinary program requiring extensive 
integration of new research and technology. To facilitate the development 
and adoption of NESD technologies, DARPA has organizedan industry 
group for potential proposers. Members of this group have agreed to 
provide access to rapid prototyping and manufacturing of advanced 
neuro-engineering components, including state-of-the-art electronics, 
photonics, computing, assembly and packaging. 


This document contains all responses to Special Notice 16-17 
as of March 10, 2016. Any updates will be posted at 


http: //www.darpa.mil/work-with-us /opportunities. 
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Allen Institute for Brain Science 


Primary Contact 


Christof Koch, Ph.D. / christofk@alleninstitute.org 


About 


The Allen Institute for Brain Science is an independent, non-profit medical research 
organization that has embarked on a concerted, ten-year effort, involving more than 
300 scientists, engineers, technologists and other specialists, to understand the 
cerebral cortex in the mouse and in the human at the cellular level. We are built 
upon the notion of Big Science, Team Science and Open Science in the service of 
Basic Science with an explicit mission to accelerate understanding of the human 
brain in health and disease. Our data are freely and publicly available at 
www.brain-map.org. 


Capabilities 

e We seek to experimentally and computationally characterize the components 
(cell types) of the rodent visual thalamo-cortical system at the molecular, 
transcriptional, electron-microscopic, electrophysiological, morphological and 
functional levels to study how these components integrate information to generate 
high-level cognitive functioning such as object recognition. 

¢ To study such high-level functioning, we use various in vivo perturbation and 
monitoring techniques (e.g. optical stimulation, extracellular depth recordings, 
wide and narrow-field Ca-imaging, etc.), very high density silicon probes (364 
probes per shaft) as well as state-of-the art computer models that capture cortical 
information processing at varying levels of granularity. 

¢ To understand the human brain, the Institute is also engaged in cell typing from 
human brain tissue harvested from patients undergoing brain surgery. 

¢ Thus, we are routinely recording intracellularly from single and multiple cells from 
ex vivo human lateral temporal cortex and as well as performing morphological 
characterization on these same cells). 








Capabilities 

e We also have extensive experience with the genomic and transcriptional 
architecture of the human brain. 

e We are interested in applying this knowledge for medical and translational 
purposes and to help facilitate advancement of CNS disorder therapies. 


Facilities II 

The Allen Institute headquarters, a 270,000 square foot life sciences building, is 
located in Seattle’s South Lake Union neighborhood, the city’s biotechnology hub. 
We are a high-throughput facility, home to custom-designed robotic systems, 
automated technologies, premier bench laboratory space and all the high-powered 
computing hardware and software necessary for processing petabytes of data. 


Additional Contacts 


Erica Sessle, MPH, MPhil / ericas@alleninstitute.org 
Jennifer Pawlosky / jenniferp@alleninstitute.org 
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Bionics Institute 


Primary Contact 


Rob Shepherd / rshepherd@bionicsinstitute.org 


Capabilities 

Medical device safety and efficacy testing (in vitro and in vivo) 

e Design, rapid prototyping & validation testing 

e Accelerated aging & flexion testing 

e Electrochemical impedance spectroscopy 

e Acute feasibility studies 

¢ Chronic safety and biocompatibility studies 

e Drug delivery techniques 

e Histology & data analysis 

e Scanning electron microscopy of implanted materials 

e Preclinical animal model development 

Custom device prototyping & fabrication 

e Design and fabrication of custom electrode arrays and surgical tools 

e Use of FDA approved materials 

‘First in human’ clinical trials 

Clinical and Scientific Track Record 

e 35 years of internationally recognised experience & scientific excellence 

e Extensive clinical, academic & commercial partnerships 

e Proven research & clinical development pathways 

Staff and Facilities 

e Experienced and qualified scientists, engineers and 
clinicians 


e Co-located in a major Australian hospital 
e Purpose built equipment and facilities 
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Boston Micromachines Corp 


Primary Contact 


Paul Bierden / pab@bostonmicromachines.com 


About 

Boston Micromachines Corporation (BMC) is the leading provider of 
microelectromechanical systems (MEMS) deformable mirror products and has 
expertise in the design of adaptive optics systems. The company’s suite of 
award-winning compact DM products is the most cost-effective, highest 
performance mirrors in the market today. By applying wavefront correction, 
BMC devices can be used in a variety of applications which include laser beam 
shaping, microscopy, astronomy, and vision science. Located in Cambridge, MA, 
BMC is privately held and offers custom-designed manufacturing services in 
addition to its portfolio of standard DM products and adaptive optics systems. 


Capabilities 
The specific capabilities/services the company provides in relation to the 
NESD falls into two categories: 


Deformable mirrors systems for use in neurological imaging instruments 

e MEMS deformable mirrors ranging in size from 140 - 1000 actuators 

e Mirror surface geometries of continuous, segmented, and hexagonal tip-tilt 
¢ High speed drive electronics 








These devices are currently being used in in vivo neural imaging systems at 
various premier research institutions around the country. Boston 
Micromachines also provides research and development services for advancing 
the deformable mirror and drive electronics technology and design to better 
fit specific applications. 


e Advanced imaging systems utilizing adaptive optics to improve resolution 
and contrast in in vivo subsurface imaging application (i.e. deep penetration 
brain imaging) 





Boston 
Scientific 


Advancing science for life™ 





Boston Scientific 


Primary Contact 


Rafael Carbunaru / Rafael.carbunaru@bsci.com 


Capabilities 

e Lead prototyping 

e Firmware modifications to the implantable pulse generators (IPG) 

e Software modifications to the computer programmers (CP) 

e Use of advanced computational models and predictive algorithms for 
parameters and programming guidance for neurostimulation 


Additional Contacts 

e Stephen Carcieri / Stephen.Carcieri@bsci.com 
e Hemant Bokil / Hemant.Bokil@bsci.com 

e Michael Moffitt / Michael.Moffitt@bsci.com 
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Chronocam 


Primary Contact 
Luca Verre / lverre@chronocam.com 


Capabilities 

e Extensive know-how in designing, developing and industrialising 
asynchronous, event-based, bio-inspired vision sensors 

e Expertise in developing and customising event-based, bio-inspired computer 
vision algorithms for a large number of applications spanning from autonomous 
navigation, security and surveillance, aerospace and defence to biomedical 
devices and smart objects 

e System integration capabilities: development of camera systems relying on 
Chronocam's proprietary vision sensors and development of embedded 
software porting Chronocam’s proprietary computer vision algorithms on a 
large number of processing platforms (such as: CPUs, GPUs, FPGA) 


Additional Contacts 


Christoph Posch / cposch@chronocam.com 


Xavier LaGorce / xlagorce@chronocam.com 
Thomas Finateau / tfinateu@chronocam.com 
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Cirtec 


Primary Contact 


Heather Dunn / Heather.Dunn@cirtecmed.com 


About Cirtec 

Cirtec Medical has been providing contract design, development, and 
manufacturing services to the medical device industry since our founding in 
Massachusetts in 1986. Today, Cirtec has over 150 employees in our two 
facilities on the east and west coasts. 


Cirtec has supported active implantable developers throughout our history. 
Early projects focused on hermetic welding and testing services for implantable 
neurostimulation devices, with service offerings expanding to provide full 
design and development. In all, Cirtec has worked with over 60 different 
companies and institutions developing active implantable devices, with over 
30 in the neuromodulation space. We work with companies and institutions of 
all sizes, from early stage starts-ups to large, well-established medical device 
manufacturers. We also work frequently with research laboratories and 
academic groups; our current projects include development and manufacturing 
of an implantable neurostimulator used for research and recently approved for 
clinical study under a feasibility IDE. 


Capabilities 

Cirtec is ISO 13485 certified and FDA registered. 
Cirtec supports the full product development cycle from 
conceptual development and requirements definition 
through clinical and commercial manufacturing. 








Our engineering teams including mechanical, electrical, and software design 
resources as well as process development, manufacturing, and quality engineering. 
Cirtec has a robust and flexible quality system; start-up companies and 
research groups often choose to work under our quality system rather than 
developing their own. We provide design history file management and document 
control services. We can also perform or contribute to requirements 
documentation, risk management activities, and design verification activities. 
Our manufacturing capabilities relevant to active implantable devices include: 


e Laser welding e Surface treatment 

e Resistance welding e Ultrasonic cleaning 

e Electrical assembly e Epoxy molding and adhesion 

e Laser marking e Silicone molding and adhesion 
e Laser ablation e Packaging and labelin 


Manufacturing capabilities are supported by in-house test capabilities. 
These include mechanical testing, hermetic leak testing, bench level and 
automated electrical testing, environmental conditioning, and custom test 
setups such as soak or pressure testing. 


Our manufacturing infrastructure includes multiple ISO class 7 cleanrooms 
and ESD safe handling procedures for all devices. Cirtec provides complete 
supply chain management services, leveraging our extensive Approved Supplier 
List and robust inventory management and material traceability procedures. 








VALUE TO PROPOSING TEAMS: There are six primary areas where 
Cirtec capabilities provide value to proposing teams. 





Hermetic package and barrier design 







































































Hermetic Leak specification development 
barrier Internal moisture management: Vacuum bake, desiccant handling, 
development residual gas analysis testing 
Hermetic sealing (welding, brazing) and testing 
Soldering, wire bonding, and die bonding 
Electrical Coil winding 
assembly ESD-safe workspaces 
Lithium battery safe handling procedures 
Bench and automated testing 
Interconnect Feedthrough design and sourcing 
development Hardwired and disconnectable design 
Fabrication and testing 
Epoxy, silicone, and parylene encapsulation 
Encapsulauon La d lation design to manage fluid ingress 
yered encapsu g g g 
In-house design, tooling, molding, testing 
Sterile Package design 
packaging Pouch and tray packaging and labeling 
Off-the-shelf double sterile tray system 
Sterilization service provider management 
Design control support and design history file maintenance 
GMP manufacturing 
Quality system Supply chain management 
support 





Procedures for and support of requirements definition, risk 
management, design verification, and process validation 

















Dragon ID 


Primary Contact 


Eugene Malinskiy / eugene@dragonid.com 


Capabilities 

¢ Our staff is very experienced working within the complexities of the 
medical system from observing physicians in the operating room to bringing 
devices through regulatory approval. 

e We have engineers with process development and industrial experience, 
including interfacing directly with manufacturers. 

e We have software engineers experienced in both hardware and software 
engineering and experience in microcode and embedded systems, end user 
applications, and high performance computing. 

¢ In addition to engineering talent, we staff researchers, designers, and SMEs 
to bring a truly interdisciplinary approach to innovation and design for a 
project. 

e We have experience recruiting, establishing, and coordinating relationships 
between global stakeholders for complex projects to maximize accountability 
and efficiency for a product while minimizing bureaucracy required. 

e We work with our world--class partners in industries such as industrial 
design, rapid multi--material prototyping, materials selection, and 
manufacturing in order to round out our capabilities for a product. 
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Freedom Photonics LLC 


Primary Contact 


Leif Johansson / leif@freedomphotonics.com 


About 

Founded in 2005 we are privately held Limited Liability Company based in Santa 
Barbara, California with ISO Qualification in process, certification in Q2 2016. We 
develop, manufacture and market complete photonic integrated circuit based 
products (Indium Phosphide, PLC, Si Photonics). 


Our main markets in components, modules and subsystems are for fiber-optic 
communication, free-Space-optical (FSO) communication and infrared sensors and 
illuminators. 


Capabilities 
We offer electronics design, assembly and testing with expertise in photonic design, 
packaging, control electronics, manufacturing and qualification. 


We offer services across development and have a premier R&D compound 
semiconductor facility with lithography (steppers, DUV stepper, EBL), wet and dry 
etching, deposition and characterization capabilities. 


Our Business Model 

Conceptualization, prototyping and development 

e Fast R&D turn-around and low cost device fabrication in Nanotech cleanroom facility 
(Freedom Photonics employees) 

e Internal multi-project wafer runs 


Volume device production with commercial foundries worldwide 

e Fabrication processes designed for manufacturability 

e Access to manufacturability and production capacity, qualified processes 
e Experience in outsourcing volume device manufacturing 

Significant internal capability for assembly, packaging, test 


; 





Capabilities and Facilities I - Photonics Design and Fabrication 

Design 

¢ Commercial and proprietary tools for passive and active PIC modeling, (Lumerical, 
native FDTD/BPM code, mode solvers, mask layout, SOA/active region models, 
Simwindows, SRIM) 


Mask layout 
e Proprietary scripting tool, with design rule checker and automated mask plate layout 


Fabrication 
e Full wafer process, die pick-and-place, wedge bonder, ball- bonder, auto-cleaver, 
pull-tester, etc. 


Capabilities and Facilities II - Photonics Production Test 
e Photonic device bar level probe 

e Chip-on-carrier level (probe card) 

e Package; DC, spectral, and data testing 

e Burn in - monitored, environmental chambers 


Capabilities & Facilities III - Packaging 

Several in-house systems with laser welding and UV curing capability. 
e Custom tooling, TOSA packages, 14 pin butterflies etc. 
e ZEMAX commercial optical train design tool 
Capabilities and Facilities IV - Electronics 

e Digital and Analog Electronics 

e FPGA design and verification tools in house 

e Commercial tools for board layout 

¢ Outside foundry for PCB fabrication and stuffing 

e Electronics workstations for assembly and test 

e Oscilloscopes, sources, multi-meters 


We perform contract fabrication and engage with a number of domestic and 
international fabrication providers, both full process or selected fabrication steps 
are available. 








IMEC 


Primary Contact 


Barun Dutta / Barundeb.Dutta@imec.be 


Capabilities 
IMEC is interested in making its comprehensive capabilities available for joint- 
research programs for solutions in Life Sciences Technologies, Healthcare and 
Bio-medical engineering, including: 

e Semiconductor/nanotechnology 

e Process technology 

e Design technology and systems/software technologies 


Additional Contacts 
Maarten Willems / Maarten.Willems@imec.be 
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Infinite Arthroscopy 


Primary Contact 
Daniel Dudley / d.dudley@infinitearthro.com 
About 


Weare exclusively focused on developing new medical technologies with an 
emphasis on translating innovations from other industries to the operating 
theatre. We have experience in the full life cycle of medical device development 
from initial conception to regulatory submission. We have large number of rapid 
prototyping and fabrication techniques available in-house including but not 
limited to software-based design, stereolithography, fused deposition modelling, 
PCB milling, and machining. Our staff includes designers, engineers, health care 
professionals, and subject matter experts from a diversity of industries allowing 
us to leverage a far wider knowledge base than the standard medical device 
company. We maintain a nationwide network of leading physicians and institutional 
partners to develop, refine, and validate our technologies according to 
contemporary healthcare practice and needs. 


Capabilities 

Infinite Arthroscopy also maintains a portfolio of intellectual property derived 
from our medical device technologies that would be available to the NESD 
Industry Group. Two relevant examples are listed below. 








Infinite Arthroscopy, Inc. Proprietary Technologies: 
Novel Light Source 


e Miniaturized / Ruggedized 

e Low power (sub 1 watt) 

e Low heat (to LEDs of comparable lumen-output) 

¢ High lumen output 

e Long Lifetime (50,000+ hours) 

e Emits only target wavelength(s) (Capacity to customize to project needs) 
Command/Control Architecture for Medical Devices 

e HIPAA/FTC Approved for use in Operating Rooms 

e Uninterrupted High-bandwidth capacity 

e Transmission below standard RF noise floor 

e Encrypted protocol 


Additional Contacts 
Howard Fein / h.fein@infinitearthro.com 








Inscopix 


Primary Contact 


Pushkar Joshi / pushkar@inscopix.com 


Capabilities 

e Neuroscience application development and validation (surgical procedures 
for rodents and non-human primates, application of biological reagents 
within our own life science lab) 

e Optical system development (lens design and simulation, LED light source 
development, prototyping) 

e Hardware system (FPGA-based and/or microcontroller based mixed-signal 
systems especially involving imaging, mechanical packaging) development, 
testing, and prototyping 

e Software (application, image processing, computer vision, analytical) 
development and testing 

e Mechanical accessories development (design, prototyping via 3D printing) 

e With these capabilities, we can customize Inscopix's existing and emerging 
systems and applications, or develop new systems and applications for or 
with other proposers in support of this program. 


Additional Contacts 
Shung Chieh / schieh@inscopix.com 
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Nanomedical Diagnostics 


Primary Contact 


Brett Goldsmith / brgoldsmith@nanomedicaldiagnostics.com 


Capabilities 

e Graphene FET sensor array chips appropriate for integration with nearly any 
biochemical or electrochemical interaction 

e Current sensor hardware capable of measuring biochemical and bioelectric 
interactions over time with 10 millisecond time resolution, and spatial 
resolution less than 10 microns 

e Capability to produce sensor hardware with time resolution approaching one 
microsecond with a spatial resolution less than 2 microns 

e Expertise in combining electronic materials, packaging and assembly with 
active biological materials 

e Projected FDA clearance for an in vitro clinical product, and associated 
manufacturing chain, using graphene sensors by mid 2017 

e Graphene appropriate for use in medical sensors integrated into an electronic 
or implantable platform of your choosing 

¢ Chemical and biochemical expertise in biochemical attachment and blocking 
techniques specialized for boosting specificity of electronic readout of 
biological interactions 

e A complete "turnkey" R&D system for using graphene sensor chips 

e Hardware and software appropriate for reading graphene biosensors 


Additional Contacts 
Francie Barron / fbarron@nanomedicaldiagnostics.com 








Naval Research Laboratory 


Primary Contact 
Dr. Jas. S. Sanghera / sanghera@nrl.navy.mil 
About 


NRL is the corporate research laboratory for the Navy and Marine Corps and 
conducts a broad program of scientific research, technology and advanced 
development. 


The Optical Materials and Devices Branch has five primary areas: high purity 
chemicals, specialty optical materials, silica fiber technology, optical devices and 
advanced concepts. 


Capabilities 
We have expertise in the research, development and fabrication of glasses, glass- 
ceramics, ceramics, crystals, bulk optics, films, waveguides and optical fibers. 


We offer a full suite of capabilities to make transparent ceramics to solve the 
ceramic packaging needs of NESD, some key properties: 

e UV to RF transparency tailoring 

¢ Tougher, stronger, harder than glass 

e Electrically inert 

e Demonstrated conformal shapes 

¢ Demonstrated bonding technologies 

e Vertical integration 


Our facilities include class 100 clean rooms, powder processing equipment, 
sintering systems, and characterization capabilities (XRD, SEM, TEM, optics labs, 
mechanical testing). 


Some of our prior applications include: Conformal Optics, IR simulators, photonic 
mast design, flexible PV’s, IRCM, and Directed Energy Weapons. 


Additional Contacts 
Shyam Bayya / shyam.bayya@nrl.navy.mil 


: 








Star Lab 


Primary Contact 


Adam Fraser / adam.fraser@starlab.io 


About 

Star Lab is a high-tech small business focused on complex systems security 
research and development, with significant expertise and a pedigree of success 
developing security technologies for safety-critical and mission-critical systems. 
The company specializes in the areas of high-assurance operating systems, 
technology protection, applied cryptography, and anti-tamper, and is also a leader 
in kernel/hypervisor/embedded software development. Star Lab has offices in 
Washington D.C. and Huntsville, AL. 


Additional Contacts 


Irby Thompson / irby@starlab.io 
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Qualcomm 

Primary Contact 

Karim Arabi / karabi@qti.qualcom.com 
Capabilities 


Experience in building an end-to-end platform as a reference design for 
interface with brain 

Experience in driving an industry wide standard effort to 

standardize a communication medium and protocol for brain interface 
Advanced low power wireless solutions, RF interface, MODEM system 
solutions and related electronics for brain interface 

Advanced wireless charging and powering solutions for brain implants 
Ultra low power electronic design solutions at advanced technology nodes 
suitable for brain implants to enable always on monitoring and processing 
Ultra low power DSP solutions, stream data processing and data 
compression and decompression solutions 


Additional Contacts 
Rudy Beraha / rberaha@qti.qualcomm.com 
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History 

Probably no more “intrusive and persistent” method of obtaining information 
about a person exists than reading their mind.! Research on mind-reading has 
been vigorously pursued by US government agencies and various academic 
centers since the 1970s, and continues to this day. 


Since 1973 DARPA has been studying mind-reading with EEG hooked to 
computers, using scientists at the University of Illinois, UCLA, Stanford 
Research Institute, Massachusetts Institute of Technology, and the University 
of Rochester. 


They developed a system that could determine how a person perceived 
colors or shapes and were working on methods to detect daydreaming, 
fatigue, and other brain states. Although the device had to be calibrated for 
each person’s brain by having them think a series of specific thoughts, the 
calibration was quick. 


In 1974 another very basic mind-reading machine was created by researchers 
at Stanford Research Institute. It used an EEG hooked to a computer which 
allowed a dot to be moved across a computer screen using thought alone. 
When interpreting people’s brainwaves, it was right about 60% of the time. 
During these tests scientists discovered that brain patterns are like 
fingerprints, each person has their own. So, each computer would have to be 
calibrated for a specific person. 


Another method to address this issue was to store a large amount of generic 
patterns on the computer, so when it encountered a brain pattern it didn’t 
recognized, it used one that most resembled it. Since then, DARPA has 
sponsored Brain-Computer Interface (BCI) and mind-reading programs at 
Duke University, MIT, University of Florida, and New York State University, 
Brooklyn. 


The Human Computer Interaction group at Tufts University has studied mind- 
reading funded by grants from a government research and education agency 
known as the National Science Foundation (NSF). Carnegie Mellon University, 
Stanford University, and the MIT Sloan School of Management have studied 
mind-reading. The Computer Laboratory at the University of Cambridge in 
England has developed mind-reading machines based on facial expressions. 


Other academic institutions that have participated in mind-reading projects 
include the University of California, Berkeley, University of Maryland, and 
Princeton University in New Jersey. Microsoft has studied mind-reading using 
EEG to better accommodate its users. Emotiv Systems built a mind-reading 
gaming device which uses EEG to infer the mental states of video game 
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players. Honda Motors and Advanced Telecommunications Research Institute 
International (ATR) have studied mind-reading. 


Neuroimaging Devices 

Scientists discovered that the neural code of the human brain is similar to 
the digital code of a computer. To some extent, they have deciphered this 
code. Prior to this, they assumed that it was necessary to identify the 
neurons associated with specific acts, which would have made mind-reading 
much more difficult. 


They now understand that it’s not necessary to monitor billions of neurons to 
determine which are connected to a particular thought or act. Only a small 
number of them need to be monitored to accomplish this. To monitor these 


neurons researchers use neuroimaging devices. They include event-related 
Mark M. f 


optical signal (EROS), functional magnetic resonance imaging (fMRI), 





electroencephalography (EEG), functional near-infrared imaging (fNIR), 
magnetoencephalography (MEG), and positron emission tomography (PET). 
These devices may be combined for a more accurate reading. 


There are basically two types of measurements, direct methods and indirect 

methods. Direct methods measure changes in electromagnetic fields and 

currents around the brain which are emitted from the surface of the scalp, ‘ ; , 
or they monitor the neurons themselves. Indirect methods measure BSP hi Den tks a OO 
hemodynamic (blood movement) changes of hemoglobin in specific tissue Revolutionary WY Coasters ty 
compartments. For 


iiiate a Mite as)! 


Both of these methods are almost simultaneous with neuronal activity. 
Regarding sensors, there are invasive ones which must be implanted, and 
non-invasive ones which can be worn on the scalp, in the form of a 
headband. 





Electroencephalography (EEG) provides a direct method for determining 
brain states and processes by measuring the electrical activity on the scalp 
produced by the firing of neurons in the brain. EEG has been around for over 
100 years. EEG is commonly used in neuroscience, cognitive science, and 
cognitive psychology. It is inexpensive, silent, non-invasive, portable, and 
tolerates movement. 


Wireless EEG which uses non-invasive sensors that have physical contact with 
the scalp can transmit the signals to a remote machine for deciphering. 
Although, in 1976 the Los Angeles Times reported that DARPA was working on 
an EEG to detect brain activity several feet from a person’s head, which was 
to be completed in the 1980s. EEG normally produces only a general 
indicator of brain activity. 


However, in 2008 Discovery News reported that a company called Emotiv 
Systems developed an algorithm that decodes the cortex, providing a more 
accurate measurement. “We can calibrate the algorithm across a wide range 
of technologies with the same resolution you would get from placing an 
invasive chip inside the head,” said Tan Le, president of Emotiv Systems. 


Functional magnetic resonance imaging (fMRI) measures the blood flow in the 
brain in response to neural activity. Active neurons use oxygen, which is 
brought to them by blood. The more active a region of the brain is the more 
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blood flows in the area. This movement of blood is referred to as 
hemodynamic activity. FMRI can detect which areas are receiving blood, 
which indicates that they’re processing information. 


The fMRI provides an indirect measurement of brain processes. It is the most 
common method of neuroimaging, and can produce 2 and 3-dimensional 
images. It is non-invasive, and can record signals from all brain regions, 
unlike EEG which focuses on the surface only. 


Functional near-infrared imaging (fNIR) provides an indirect measurement of 
brain activity by detecting hemodynamic changes in the cortex. Although it is 
based on different principles, in that it uses light, it functions in the same 
manner as fMRI. FNIR can provide an almost continuous display of these 
changes in the cortex. It is inexpensive, non-invasive, and portable. A 
wireless headband with sensors exists for this device. 


Event-related optical signal (EROS) is a brain-scanning device that focuses 
near-infrared light into the cerebral cortex to detect the density of neurons 
indicated by the transparency of brain tissue. Because it can only detect 
these changes a few centimeters deep, it can only image the cerebral 
cortex. Unlike fNIR, which is an optical method for measuring blood flow, 
EROS detects the intensity of neurons themselves and provides a direct 
measurement of brain activity. It is very accurate, portable, inexpensive, 
and non-invasive. A wireless headband with sensors exists for this device. 


Capabilities 

Mind-reading can be accomplished by first having a computer learn which 
brain patterns are associated with specific thoughts, then store the decoded 
information in a database. This machine learning is accomplished using a 
type of artificial intelligence (Al) called an algorithm. A very basic algorithm 
is a spell checker, which uses a database of common mistakes associated 
with a particular sequence of letters to present suggestions to a user. 


“The new realization is that every thought is associated with a pattern of 
brain activity,” proclaimed neuroscientist John Dylan Haynes, in Newsweek 
International on February 4, 2008. “And,” says Haynes, “you can train a 
computer to recognize the pattern associated with a particular thought.” 


In a January 2000 issue of US News and World Report, Lockheed Martin 
neuroengineer Dr. John Norseen announced, “Just like you can find one 
person in a million through fingerprints ... you can find one thought in a 
million.” This can be accomplished using Al and HCI, or what Dr. Norseen 
calls biofusion. 


The decoded brain signals can be stored in a database. Then when someone 
is scanned, the computer detects the pattern and matches the signals to the 
database of known meanings. But it’s not necessary to scan a brain to decode 
its signals for every single thought, such as a picture. 


Instead, after the machine has learned how to decipher patterns associated 
with specific thoughts such as images, more images can be added to the 
program and the computer can use the process it used for the other images 
as a model to somewhat accurately detect additional thoughts. 
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Both words and images can be detected using mind-reading devices with Volume II: The New War 
varying degrees of accuracy. This can occur for words and images being 
viewed by a person on an external display, such as a book, or words and The New War 


images just being thought of with no external stimuli. The New Enemy 


“It is possible to read someone’s mind by remotely measuring their brain Initiatives to Remove Civil Liberties 


activity,” announced New Scientist in their Mind-Reading Machine Knows The Investigation 


What You See article of April of 2005. The Computational Neuroscience Surveillance Technology and Methods 


Laboratories at the Advanced Telecommunications Research Institute Mind-Headin 
International (ATR) in Kyoto Japan, and Princeton University in New Jersey, 
proved that by monitoring the visual cortex with fMRI they could determine Volume Il Commentar 


which basic objects (sets of lines) a person was looking at. 
Volume Ill: Weapons of The New War 


When the objects were combined, they could even determine which one was 
being focused on. According to the scientists, it may be possible not only to Introduction to Nonlethal Weapons 


view but also to record and replay these images. They announced that the Leas\iel ao) Cole4 (ot=l LO )oY=rer-tu lela} 


technology could be used to figure out dreams and other secrets in people’s Introduction to Directed-Enersy Weapons 


High-Powered Microwaves 
Vanderbilt University in Nashville has conducted simple mind-reading tests High-Powered Lasers 


minds. 


using an fMRI/Computer, which learned what basic images a group of test cout Waeemene 
subjects was looking at. They were able to predict with 50% accuracy which 

objects the test subjects were thinking of when they were asked only to Computer Metwork Operations 
remember what they had seen, without being shown the images. Microwave Hearing 


On March 6, 2008 ABC News reported that neuroscientists at the University of silent Subliminals 


California at Berkeley accomplished mind-reading by monitoring the visual Use of Citizen Informants 


cortex with an fMRI connected to a self-learning (artificial intelligence) Cel a=uniter-lr-laYe ln ite] ColsaLer-1i 


computer program. Weather Warfare 


First, they used 1750 pictures to build a computational database for the Miscellaneous Weapons and Tactics 
computer to learn with by flashing the pictures in front of test subjects Volume Ill Commentan 
connected to an fMRI. This allowed the algorithm to decipher the brain 

patterns and associate them with the images. Volume IV: The Coverup 


In addition to deciphering these brain patterns, the computer recorded the Volume IV Introduction 


process that it used to accomplish this, and built a model based upon it. : ; : 
; : : : Schizophrenia Spectrum Disorders 
Then, without scanning the test subjects, they added 120 new pictures to the 


program and allowed it to create its interpretation of what the new brain Control of the Medical Industr 
signals would be, based on the previous model. Another Look at Schizophrenia 


Then they had the test subjects look at these pictures which they had never Political Considerations 


seen while being scanned. The computer predicted what they were looking Punitive Psychiatry in Communist Russia 


at 72% of the time. The scientists announced that the model could be used as Coverup Initiatives 


a basis to predict the brain activity associated with any image. 
Volume IV Commentary 


What this means is that it’s not necessary to scan a brain to obtain the eoyarellUsiteyal 

meaning of each signal. Once the model had been developed, they could 

simply add new pictures to the database/dictionary. The scientists suggested Appendix 

that out of 1 billion pictures, the computer would be accurate about 20% of 

the time. A Brief History of PsyOp 


Small-Scale Wars 
Images which are not consciously seen by a person can even be detected by 
Nongovernmental Organizations 


Human-Computer Intelligence Network 


mind-reading machines. Researchers at University College London flashed 
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pictures in quick succession to test subjects connected to an fMRI. Although antic Tian 
Electronic _lyranny 


some of these pictures were invisible to the subjects, they were accurately : 
Other Devices Connected to the GIG 


recorded 80% of the time by the computer. 


My Experience 
Like a fingerprint, each person has their own brainprint. Therefore, 


calibration for each brain is necessary. This is accomplished by having the Sources 


person think a series of specific thoughts. In the case of EEG, this calibration 
can take less than a minute. However, because the signals which represent Other Sites 





thoughts are similar from one person to the next, a universal mind-reading 
database has been suggested. NWAWA 2M W aX-dm bce Ce {=ya) =aval Oxere)an] 


www.RichEssence.com 
Using fMRI, scientists at Carnegie Mellon University (CMU) discovered that the 


brain patterns associated with specific thoughts are quite similar among 
multiple people. This, they stated, would provide the opportunity to create a 
universal mind-reading dictionary. 


Scientists at the University of California at Berkeley mentioned that a 
“general visual decoder” would have great scientific use. Likewise, the brain 
patterns associated with specific words that occur when people are reading 
are also basically the same. This similarity of brain functions associated with 
words seems to have been an evolutionary development which allowed for an 
advantage in communication. 


A mind-reading machine capable of determining the brain pattern associated 
with a specific word was developed by scientists at CMU. Brain scans using 
fMRI were taken of test subjects who were given a variety of words to think 
of in order to train the computer. An important consideration here is that 
they were not viewing these words on an external display, only thinking 
about them. After the computer identified the brain patterns associated with 
those words, the subjects were given two new words to think about, which 
the computer accurately determined. 


Although, in this particular study only a couple of words were tested, it 
proves that after a model of how to decipher brain signals was created, Al 
could accurately determine new words that subjects were thinking about. 
“These building blocks could be used to predict patterns for any concrete 
noun,” proclaimed Tom Mitchell of the Machine Learning Department. 


In February of 2004 Popular Science announced that a mind-reading 
computer could, in theory, translate a person’s working verbal memory onto 
a computer screen. “You could imagine thinking about talking and having it 
projected into a room 2,000 miles away,” says Professor Craig Henriquez at 
Duke University’s Center for Neuroengineering, who has studied mind-reading 
for DARPA. He added, “It’s very, very possible.” 


FMRI can be used to determine if someone is reading or writing. 
Neuroscientists can determine when a person is reading by monitoring their 
brainwaves. They can almost determine exactly what they’re reading. And 
because these patterns are similar from one person to the next, a universal 
device for determining what people are reading is possible. 


In March of 2008 both Technology Review and ABC News revealed that an 
fMRI could in theory be used to display a person’s dreams. Then in December 
of 2008, scientists at ATR in Kyoto Japan announced that they developed a 
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technology that would eventually allow them to record and replay a person’s 
dreams. 


Emotions from love to hate can be recognized by neuralimaging. The level of 
stress a person is experiencing can also be measured. Brain states such as 
honesty, deception, and even self deception, can be measured. 


Patterns associated with decisions can also be read. Scientists from CMU, 
Stanford University, and the MIT Sloan School of Management were able to 
accurately predict the purchasing decisions of test subjects in a virtual 
shopping center. They monitored the subject’s level of interest in a product 
as well as their decision to purchase it. 


Neuroimaging can also detect decisions about how someone will later do a 
high-level mental activity. Neuroimaging can be used to determine if 
someone is speaking or reading. It can be used to detect areas of the brain 
that are active when someone is hearing a sound, or touching an object. 


Brain patterns associated with specific physical movements, such as a finger, 
can be deciphered with neural imaging. The mere intention to make a 
physical movement can be detected before the actual movement is made. 


Cameras 
A type of mind-reading is possible with cameras connected to computers. 


One such device, called the Emotional Social Intelligence Prosthetic (ESP), 
was developed at the MIT Media Laboratory in 2006. It consists of a tiny 
camera that can be worn on a hat, an earphone and a small computer that is 
worn on a belt. It infers a person’s emotional state by analyzing 
combinations of subtle facial movements and gestures. 


When an emotional state is detected, the wearer is signaled through the 
earphone to adjust their behavior in order to gain the attention of the 
target. The computer can detect 6 emotional states. It can also be adjusted 
for cultural differences and configured specifically for the wearer. 


Around this time, the Computer Laboratory at the University of Cambridge, 
UK, developed a similar camera-based mind-reading machine. It uses a 
computer to monitor, in real-time, combinations of head movement, shape, 
color, smiles, and eyebrow activity to infer a person’s emotional state. 


It detects basic emotional states such as happiness, sadness, anger, fear, 
surprise, and disgust, as well as more complex states. It’s accurate between 
65 and 90 percent of the time. “The mind-reading computer system presents 
information about your mental state as easily as a keyboard and mouse 
present text and commands,” they announced. 


Used for Surveillance 


Mind reading exists. The DOD and various institutions have vigorously 


researched this subject since at least the mid 1970s. “Mapping human brain 
functions is now routine,” declared US News and World Report, in an article 
entitled Reading Your Mind—And Injecting Smart Thoughts, of January of 
2000. 


Both words and images, being viewed or thought, can be mind-read. Various 
emotional states as well as mental processes such decisionmaking, reading, 
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writing, movement and the intention to make a movement, can be detected 
with mind-reading devices. Perceptions such as touch, sound, and light can 
also be detected. 


The proposed uses for mind-reading technology are positive. Some include 
determining if people in comas can communicate, helping stroke patients 
and those who suffered brain injuries, aiding those with learning disorders, 
assisting with online shopping, and improving people’s communications skills. 


However, other uses that have been suggested include the monitoring of 
unconscious mental processes, and interrogation of criminal suspects and 
potential terrorists. Dr. John Alexander mentioned that the recent 
developments in mind-reading technology would take surveillance to new 
levels by allowing investigators to “peer into the inner sanctum of the mind,” 
in order to determine if a suspect has caused, or will likely cause a crime. 


Dr. Norseen has sent R&D plans to the pentagon to have tiny mind-reading 
devices installed at airports to profile potential terrorists. He suggested that 
these devices could be functional by 2005. In August of 2008, CNN stated 
that the US military’s knowledge obtained from mind-reading research could 
be used to interrogate the enemy. 


Law Enforcement Technology announced in September of 2005 the existence 
of a new forensic technology known as Brain Fingerprinting, which has 
already been used in hundreds of investigations as a lie detector by the CIA, 
FBI and law enforcement agencies in the United States. 


Brain Fingerprinting is admissible in court, because unlike a polygraph, which 
relies on emotional responses, it uses EEG to see how the brain reacts to 
words and pictures related to a crime scene. Dr. Larry Farwell, its inventor, 
says it is completely accurate. According to the report it will be used to help 
speed-up investigations. 


Sources 


Endnotes 
1 Another possible method to obtain information is Remote Viewing. 


RV is the ability to produce correct information about people, events, 
objects, or concepts that are somewhere else in space and time, and 
are completely blind to the viewer collecting the information. It can be 
used to describe people or events, produce leads, reconstruct events, 
make decisions, and make predictions about the future. See Remote 
Viewing Secretsby Joseph McMoneagle. RV tests were conducted by the 
US government over a 20-year period during Project Stargate, a 
classified initiative by the CIA which began in 1972 and lasted until 
about 1994. Most of the 154 tests and 26,000 trials took place at the 
Cognitive Sciences Laboratory at Forte Meade, Maryland. A majority of 
the results of the project are still classified. See the /ourna/ of 
Parapsychologyarticles, Remote Viewing by Committee September 22, 
2003, by Lance Storm and Experiment One of the SAIC Remote Viewing 
Program, of December 1, 1998, by Richard Wiseman and Julie Milton. 


The success of the project varies depending on the source. Allegedly 


the original tests were conducted under rigid scientific conditions, 
which had impressive results. However, the same sources describe RV 
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in general as ineffective. See Discover Magazine's article, C/A ESP, on 
April 1, 1996, by Jeffrey Kluger, and the Washington Post’sreport, Many 
Find Remote Viewing a Far Fetch from Science, on December 2, 1995, 
by Curt Suplee. According to author McMoneagle, an original viewer 
during Project Stargate, it is accurate about 50 or 60 percent of the 
time. Nevertheless, RV will be used to obtain intelligence, according to 
John B. Alexander. See The New Mental Battlefield, which appeared in 
the December 1980 issue of Military Review. Also see the June 1998 
Research Report Number 2 of the University of Bradford's Non-Lethal 
Weapons Research Project (BNLWRP), for how RV has been added to the 
NLW arsenal. According to multiple sources, US government agencies 
are now using the consulting services of RV professionals. This was 
reported on January 9, 2002 in the University Wire's (Colorado Daily) 


article, Clairvoyant Discusses Reveals Details of Remote Viewing, by 


Wendy Kale, and in the Bu//etin of the Atomic Scientists on September 
1, 1994, in its report, The Soft Kill Fallacy by Steven Aftergood. In his 
book Winning The War: Advanced Weapons, Strategies, and Concepts 
for the Post-911 World, Alexander had this to say regarding RV: "Since 
the beginning of history, humans have made anecdotal references to 
innate abilities to foretell the future, to know what was occurring at 
distant locations or the status of people separated from them, and to 
find resources they need without any traditional means of accessing 
that information." He continued: "Studies have demonstrated beyond 
any doubt that these nontraditional capabilities exist. ... [RV can] 
radically change our means of gathering intelligence. It holds the 
promise of providing information about inaccessible redoubts and 
advances in technology. More importantly, once these skills are 
understood, those possessing them will be able to determine an 
adversary's intent and be predictive about the events." 


2 Because neuroimaging technology decodes brain patterns to 
thoughts, some argue that it technically doesn't read a person's mind. 
However, because specific thoughts and brain states can be 
deciphered, here it is referred to as mind-reading. Additionally, most 
mainstream documents refer to this as mind-reading, despite the fact 
that it is actually brainwave-reading. 


3 Magnetoencephalography (MEG) and positron emission tomography 
(PET) can also be used to infer a person's neurophysiological state. But 
because they are impractical for field use due to their large size and 
harmful radiation, MEG and PET won't be considered here. However, 
DARPA is in the process of developing a small helmet-sized MEG device 
which would be connected to a portable computer. See the article Mind 
over Machinein the February 1, 2004 issue of Popular Science, by Carl 
Zimmer. 


Copyright © 2011 Mark Rich. All rights reserved. Mark (at) NewWorldWar.org 
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Summary 


The Navy is currently developing three potential new weapons that could improve the ability of 
its surface ships to defend themselves against enemy missiles—solid state lasers (SSLs), the 
electromagnetic railgun (EMRG), and the hypervelocity projectile (HVP). 


Any one of these new weapon technologies, if successfully developed and deployed, might be 
regarded as a “game changer” for defending Navy surface ships against enemy missiles. If two or 
three of them are successfully developed and deployed, the result might be considered not just a 
game changer, but a revolution. Rarely has the Navy had so many potential new types of surface- 
ship missile-defense weapons simultaneously available for development and potential 
deployment. 


Although the Navy in recent years has made considerable progress in developing SSLs, EMRG, 
and HVP, a number of significant development challenges remain. Overcoming these challenges 
will likely require years of additional development work, and ultimate success in overcoming 
them is not guaranteed. 


The issue for Congress is whether to approve, reject, or modify the Navy’s funding requests and 
proposed acquisition strategies for these three potential new weapons. Potential oversight 
questions for Congress include the following: 


e Using currently available approaches for countering anti-ship cruise missiles 
(ASCMs) and anti-ship ballistic missiles (ASBMs), how well could Navy surface 
ships defend themselves in a combat scenario against an adversary such as China 
that has large numbers of ASCMs (including advanced models) and ASBMs? 
How would this change if Navy surface ships in coming years were equipped 
with SSLs, EMRG, HVP, or some combination of these systems? 


e How significant are the remaining development challenges for SSLs, EMRG, and 
HVP? 


e Are current schedules for developing SSLs, EMRG, and HVP appropriate in 
relation to remaining development challenges and projected improvements in 
enemy ASCMs and ASBMs? To what degree are current schedules for 
developing SSLs, EMRG, or HVP sensitive to annual funding levels? 


e When does the Navy anticipate issuing roadmaps detailing its plans for procuring 
and installing production versions of SSLs, EMRGs, and HVP on specific Navy 
ships by specific dates? 


e Will the kinds of surface ships that the Navy plans to procure in coming years 
have sufficient space, weight, electrical power, and cooling capability to take full 
advantage of SSLs (particularly those with beam powers above 200 kW) and 
EMRG? What changes, if any, would need to be made in Navy plans for 
procuring large surface combatants (1.e., destroyers and cruisers) or other Navy 
ships to take full advantage of SSLs and EMRG? 


e Are the funding sources for SSLs, EMRG, and HVP in Navy and Defense- Wide 
research and development accounts sufficiently visible for supporting 
congressional oversight? 
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Introduction 


Issue for Congress 


This report provides background information and issues for Congress on three potential new 
weapons that could improve the ability of Navy surface ships to defend themselves against enemy 
missiles—solid state lasers (SSLs), the electromagnetic railgun (EMRG), and the hypervelocity 
projectile (HVP).’ 


Any one of these new weapon technologies, if successfully developed and deployed, might be 
regarded as a “game changer” for defending Navy surface ships against enemy missiles. If two or 
three of them are successfully developed and deployed, the result might be considered not just a 
game changer, but a revolution. Rarely has the Navy had so many potential new types of surface- 
ship missile-defense weapons simultaneously available for development and potential 
deployment. Although the Navy in recent years has made considerable progress in developing 
SSLs, EMRG, and HVP, a number of significant development challenges remain. 


The issue for Congress is whether to approve, reject, or modify the Navy’s funding requests and 
proposed acquisition strategies for these three potential new weapons. Congress’ decisions on this 
issue could affect future Navy capabilities and funding requirements and the defense industrial 
base. 


Scope of Report 


SSLs are being developed by multiple parts of the Department of Defense (DOD), not just the 
Navy. SSLs, EMRG, and HVP, moreover, have potential application to military aircraft and 
ground forces equipment, not just surface ships. And SSLs, EMRG, and HVP can be used for 
missions other than defending against ASCMs and ASBMs.’ This report focuses on Navy efforts 
to develop SSLs, EMRG, and HVP for potential use in defending Navy surface ships against 
ASCMs and ASBMs. It supersedes an earlier CRS report that provided an introduction to 
potential Navy shipboard lasers.” 


Note that while fictional depictions of laser weapons in popular media often show them being 
used to attack targets at long ranges, the SSLs currently being developed by the Navy for 
potential shipboard use would be used to counter targets at short ranges of about a mile to perhaps 
a few miles. 





' Railgun is also spelled as rail gun; EMRG is also abbreviated as EM railgun; hypervelocity is also spelled as hyper- 
velocity or hyper velocity. 

> As discussed later in the report, the Navy is exploring the potential for using shipboard lasers to counter small boats 
and unmanned aerial vehicles (UAVs), and EMRG can be used to attack land targets. 

3 CRS Report R41526, Navy Shipboard Lasers for Surface, Air, and Missile Defense: Background and Issues for 
Congress, by Ronald O'Rourke. This earlier CRS report has been archived and remains available as a supplementary 
reference source on potential Navy shipboard lasers. 
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Background 


Strategic and Budgetary Context 


Concern about Survivability of Navy Surface Ships 


Although Navy surface ships have a number of means for defending themselves against anti-ship 
cruise missiles (ASCMs) and anti-ship ballistic missiles (ASBMs),* some observers are 
concerned about the survivability of Navy surface ships in potential combat situations against 
adversaries, such as China, that are armed with advanced ASCMs and with ASBMs.° Concern 
about this issue has led some observers to conclude that the Navy’s surface fleet in coming years 
might need to avoid operating in waters that are within range of these weapons, or that the Navy 
might need to move toward a different fleet architecture that relies less on larger surface ships and 
more on smaller surface ships and submarines.° Such changes in Navy operating areas and fleet 
architecture could substantially affect U.S. military strategy and the composition of the Navy’s 
shipbuilding expenditures. 


Navy surface fleet leaders in early 2015 announced a new organizing concept for the Navy’s 
surface fleet called distributed lethality. Under distributed lethality, offensive weapons such as 
ASCMs are to be distributed more widely across all types of Navy surface ships, and new 
operational concepts for Navy surface ship formations are to be implemented. The aim of 
distributed lethality is to boost the surface fleet’s capability for attacking enemy ships and make it 
less possible for an enemy to cripple the U.S. fleet by concentrating its attacks on a few very- 
high-value Navy surface ships (particularly the Navy’s aircraft carriers).’ Perspectives on whether 





“ These include the following: operating ships in ways that make it hard for others to detect and accurately track Navy 
ships; jamming or destroying enemy targeting sensors; interfering with the transmission of targeting data from sensors 
to weapon launchers; attacking weapon launchers (which can land-based launchers or launchers on surface ships, 
submarines, or aircraft); and countering ASCMs and ASBMs headed toward Navy ships. Navy measures for countering 
ASCMs and ASBMs headed toward Navy ships include the following: jamming a missile’s guidance system; using 
decoys of various kinds to lure enemy missiles away from Navy ships; and shooting down enemy missiles with surface- 
to-air missiles and the Phalanx Close-In Weapon System (CIWS), which is essentially a radar-controlled Gatling gun. 
Employing all these measures reflects a long-standing Navy approach of creating a multi-layered defense against 
enemy missiles, and of attacking the enemy’s “kill chain” at multiple points so as to increase the chances of breaking 
the chain. (The kill chain is the sequence of steps that an enemy must complete to conduct a successful missile attack 
on a Navy ship. This sequence includes, at a basic level of description, detecting and tracking the Navy ship, passing 
that information from sensors to the weapon launcher, launching the weapon, and guiding the weapon all the way to the 
Navy ship. Interfering with any one of these actions can break the kill chain and thereby prevent or defeat the attack.) 


° See, for example, Andrew F. Krepinevich, Maritime Warfare in a Mature Precision-Strike Regime, Washington, 
Center for Strategic and Budgetary Assessments, 2014, 128 pp. For more on China’s ASCMs and ASBMs, see CRS 
Report RL33153, China Naval Modernization: Implications for U.S. Navy Capabilities—Background and Issues for 
Congress, by Ronald O'Rourke. 


ASCMs and ASBMs are not the only reasons that some observers are concerned about the future survivability of U.S. 
Navy surface ships in combat situations; observers are also concerned about threats to U.S. Navy surface ships posed 
by small boats, mines, and torpedoes. 


6 See, for example, Phillip E. Pournelle, “The Deadly Future of Sea Control,” U.S. Naval Institute Proceedings, July 
2015: 26-31. 


T See, for example, Thomas Rowden, Peter Gumataotao, and Peter Fanta, “Distributed Lethality,” U.S. Naval Institute 
Proceedings, January 2015: 18-23; Sam LaGrone, “SNA: Navy Surface Leaders Pitch More Lethal Ships, Surface 
Action Groups,” USNI News, January 14, 2015; Kris Osborn, “Navy Unveils New Surface Warfare Strategy,” 
Military.com, January 14, 2015; Sydney J. Freedberg Jr., “‘If It Floats, It Fights,’: Navy Seeks ‘Distributed Lethality,” 
Breaking Defense, January 14, 2015; Mike McCarthy and Megan Eckstein, “Navy Eyeing A ‘Hunter Killer’ Surface 
(continued...) 
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it would be cost effective to spend money spreading offensive weapons across a wider array of 
Navy surface ships might be influenced by views on whether those surface ships can adequately 
defend themselves against enemy missiles. 


Depth of Magazine and Cost Exchange Ratio 


Two key limitations that Navy surface ships currently have in defending themselves against 
ASCMs and ASBMs are limited depth of magazine and unfavorable cost exchange ratios. Limited 
depth of magazine refers to the fact that Navy surface ships can use surface-to-air missiles 
(SAMs) and their Close-in Weapon System (CIWS) Gatling guns to shoot down only a certain 
number of enemy unmanned aerial vehicles (UAVs) and anti-ship missiles before running out of 
SAMs and CIWS ammunition*—a situation (sometimes called “going Winchester”), that can 
require a ship to withdraw from battle, spend time travelling to a safe reloading location (which 
can be hundreds of miles away),’ and then spend more time traveling back to the battle area. 


Unfavorable cost exchange ratios refer to the fact that a SAM used to shoot down a UAV or anti- 
ship missile can cost the Navy more (perhaps much more) to procure than it cost the adversary to 
build or acquire the UAV or anti-ship missile. In the FY2016 defense budget, procurement costs 
for Navy SAMs range from about $900,000 per missile to several million dollars per missile, 
depending on the type.'° 


In combat scenarios against an adversary with a limited number of UAVs and anti-ship missiles, 
an unfavorable cost exchange ratio can be acceptable because it saves the lives of Navy sailors 
and prevents very expensive damage to Navy ships. But in combat scenarios (or an ongoing 
military capabilities competition) against a country such as China that has many UAVs and anti- 
ship missiles and a capacity for building or acquiring many more, an unfavorable cost exchange 
ratio can become a very expensive—and potentially unaffordable—approach to defending Navy 
surface ships against UAVs and anti-ship missiles, particularly in a context of constraints on U.S. 
defense spending and competing demands for finite U.S. defense funds. 





(...continued) 


Fleet, Would Require Upgunning Existing Ship Fleets,” Defense Daily, January 15,2015: 1-3; Richard Scott, 
“Offensive Language: USN Sets Out Surface Firepower Strategy,” Jane’s International Defence Review, May 2015: 
42-47; Megan Eckstein, “Navy Studying Implications of Distributed Lethality in Wargames Series,” USNI News, July 
9, 2015; Lara Seligman, “Navy Establishes Task Force To Study Impact of Distributed lethality,” Inside the Navy, July 
10, 2015. 


8 Navy cruisers have 122 missile cells; Navy destroyers have 90 or 96 missile cells. Some of these cells are used for 
storing and launching Tomahawk land attack cruise missiles or anti-submarine rockets. The remainder are available for 
storing and launching SAMs. A Navy cruiser or destroyer might thus be armed with a few dozen or several dozen 
SAMs for countering ASCMs and ASBMs. Countering ASCMs or ASBMs with SAMs might sometimes require 
shooting two SAMs at each ASCM or ASBM. 


° The missile cells on a Navy cruiser or destroyers are clustered together in an installation called a Vertical Launch 
System (VLS). VLS cells cannot be reloaded while the ship is underway; a ship needs to return to a port or a calm 
anchorage to reload its VLS. 


'© Unit procurement costs for ship-launched SAMs in the FY2016 are as follows: about $900,000 for the Rolling 
Airframe Missile (RAM), about $1.1 million to about $1.5 million for the Evolved Sea Sparrow Missile (ESSM), about 
$3.9 million for the SM-6 Block 1 missile, about $14 million for the SM-3 Block 1B missile, and more than $20 
million for theSM-3 Block IIA missiles. RAM and ESSM are short-range missiles for defense against aircraft and 
ASCMs. The SM-6 Block 1 is a medium-range missile used for both defense against aircraft and ASCMs, and terminal 
(i.e., endo-atmospheric) defense against theater-range ballistic missiles. The SM-3 Block 1B and SM-3 Block IIA are 
used for mid-course (i.e., exo-atmospheric) defense against theater-range ballistic missiles. 
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SSLs, EMRG, and HVP offer a potential for dramatically improving depth of magazine and the 
cost exchange ratio: 


e Depth of magazine. SSLs are electrically powered, drawing their power from 
the ship’s overall electrical supply, and can be fired over and over, indefinitely, as 
long as the SSL continues to work and the ship has fuel to generate electricity. 
The EMRG’s projectile and the HVP (which are one and the same—see next 
section) can be stored by the hundreds in a Navy surface ship’s weapon 
magazine." 


e Cost exchange ratio. An SSL can be fired for a marginal cost of less than one 
dollar per shot (which is the cost of the fuel needed to generate the electricity 
used in the shot), while the EMRG’s projectile/HVP has an estimated unit 
procurement cost of about $25,000.” 


For additional discussion of the strategic and budgetary context in which the programs discussed 
in this report and other Navy programs may be considered, see CRS Report RL32665, Navy 
Force Structure and Shipbuilding Plans: Background and Issues for Congress, by Ronald 
O'Rourke. 


SSLs, EMRG, and HVP in Brief 
SSLs 


Overview 


The Navy in recent years has leveraged both significant advancements in industrial SSLs and 
decades of research and development work on military lasers done by other parts of DOD to 
make substantial progress toward deploying high-energy SSLs'* on Navy surface ships. Navy 
surface ships would use high-energy SSLs initially for countering small boats UAVs, and 
potentially in the future for countering ASCMs and ASBMs as well.'* High-energy SSLs on Navy 
ships would be short-range defensive weapons—they would counter targets at ranges of about 
one mile to perhaps eventually a few miles.’ 





"Tn July 2015, the Navy issued a request for information (RFI) to industry for the fabrication of a prototype EMRG 
mount that would store a minimum of 650 rounds. (RFI for Fabrication of Prototype Mount for Naval Railgun, 
Solicitation Number: N00024-15-R-4132, FedBizOpps.gov, July 29, 2015. See also Justin Doubleday, “Navy 
Developing Integrated Mount For Electromagnetic Railgun,” Inside the Navy, July 31, 2015.) 


'? Sources for cost of HVP: David Martin, “Navy’s Newest Weapon Kills at Seven Times the Speed of Sound,” CBS 
News (cbssnews.com), April 7, 2014; Kris Osborn, “Navy Will Test its Electromagnetic Rail Gun aboard DDG 1000,” 
DefenseTech, April 15, 2015. 


'3 Tn discussions of potential Navy shipboard lasers, a high-energy laser is generally considered to be a laser with a 
beam power of at least 10 kilowatts (kW). 


'4 Tn general, lasers would counter small boats and missiles by heating and burning holes in their skins, and causing 
thermal damage to their interiors. Lasers can also be used to “dazzle” (i.e., interfere with) electro-optical sensors on a 
boat or missile. 

'S The Navy has also performed research and development work on a different kind of laser, called the free electron 
laser (FEL). In recent years, Navy research and development work on potential shipboard lasers has shifted more to 
SSLs. For background information on the FEL, see CRS Report R41526, Navy Shipboard Lasers for Surface, Air, and 
Missile Defense: Background and Issues for Congress, by Ronald O'Rourke. 
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In addition to a low marginal cost per shot and deep magazine, potential advantages of shipboard 
lasers include fast engagement times, an ability to counter radically maneuvering missiles, an 
ability to conduct precision engagements, and an ability to use lasers for graduated responses 
ranging from detecting and monitoring targets to causing disabling damage. Potential limitations 
of shipboard lasers relate to line of sight; atmospheric absorption, scattering, and turbulence 
(which prevent shipboard lasers from being all-weather weapons); an effect known as thermal 
blooming that can reduce laser effectiveness; countering saturation attacks; possible adversary 
use of hardened targets and countermeasures; and risk of collateral damage, including damage to 
aircraft and satellites and permanent damage to human eyesight, including blinding. These 
potential advantages and limitations are discussed in greater detail in the Appendix. 


Selected Key Developments 
Key developments in the Navy’s high-energy SSL development effort include the following: 


e Between 2009 and 2012, the Navy successfully tested a prototype SSL called the 
Laser Weapon System (LaWS) against UAVs in a series of engagements that took 
place initially on land and subsequently on a Navy ship at sea. 


e Between 2010 and 2011, the Navy tested another prototype SSL called the 
Maritime Laser Demonstration (MLD) in a series of tests that culminated with an 
MLD installed on a Navy ship successfully engaging a small boat. 


e In April 2013, the Navy announced that it planned to install LaWS on the USS 
Ponce (pronounced pon-SAY)—a converted amphibious ship that is operating in 
the Persian Gulf as an interim Afloat Forward Staging Base (AFSB[I]) 8 _to 
conduct evaluation of shipboard lasers in an operational setting against swarming 
boats and swarming UAVs.’’ The system was installed in August 2014 (see 
Figure 1, Figure 2, and Figure 3). 


e In March 2014, it was reported that the Navy anticipated moving to a shipboard 
laser program of record in “the FY2018 time frame” and achieving an initial 
operational capability (IOC) with a shipboard laser in FY2020 or FY2021."8 





'© An AFSB operates as a “mother ship” for Navy helicopter and small boat operations. The Ponce is serving as an 
interim AFSB pending the arrival of a new AFSB that is currently being built. 


'7 “Navy Leaders Announce Plans for Deploying Cost-Saving Laser Technology,” Navy News Service, April 8, 2013; 
Thom Shanker, “Navy Deploying Laser Weapon Prototype Near Iran,” New York Times, April 9, 2013: 4; Mike 
McCarthy, “Navy Deploying Laser For Taking Out Drones,” Defense Daily, April 9, 2013; Graham Warwick, “U.S. 
Navy Planning Gulf Deployment For Laser Weapon,” Aerospace Daily & Defense Report, April 9, 2013: 6; Megan 
Eckstein, “Navy-Built Laser Weapon System Will Begin Demo On Ponce In Early 2014,” Inside the Navy, April 15, 
2013. See also Lara Seligman, “Navy-built LaWS To Begin Demo This Summer, IOC Slated For FY-20-21,” Inside 
the Navy, March 24, 2014; Office of Naval Research, “All Systems Go: Navy’s Laser Weapon Ready for Summer 
Deployment,” Navy News Service, April 7, 2014. 


Swarming refers to the use of boats and UAVs in large numbers, or swarms, in an attempt to confuse and overwhelm a 
target ship’s defensive systems. 


'8 Lara Seligman, “Navy-built LaWS To Begin Demo This Summer, IOC Slated For FY-20-21,” Inside the Navy, 
March 24, 2014. A program of record, or POR, is a term sometimes used by DOD officials that means, in general, a 
program in the Future Years Defense Plan (FYDP) that is intended to provide a new, improved, or continuing materiel, 
weapon, or information system or service capability in response to an approved need. The term is sometimes used to 
refer to a program in a service’s budget for procuring and deploying an operational weapon system, as opposed to a 
research and development effort that might or might not eventually lead to procurement and deployment of an 
operational weapon system. 





Congressional Research Service 5 


Navy Lasers, Railgun, and Hypervelocity Projectile: Background and Issues for Congress 





In December 2014, the Navy declared LaWS on the Ponce to be an “operational” 
system.” 


In January 2016, the Navy stated that it anticipated releasing a directed energy 
weapon roadmap in February 2016.” 





DA December, 11, 2014, press report stated 


The Navy’s first-of-a-kind laser deployed on a vessel sailing in the Persian Gulf has been declared 
operational and can be used by the crew to defend itself against potential threats, the service’s head 
of the Office of Naval Research said on Wednesday [December 10, 2014]. 


Rear Adm. Matthew Klunder told reporters on a conference call that Central Command has been 
green lighted to use the laser in the event of a threat, approval that has been passed along to the 
ship’s commanding officer. The 30-kilowat laser, known as the Laser Weapon System, or LaWS, 
was installed on the USS Ponce in August [2014]. 


The ship later departed for the Persian Gulf and the LaWS successfully carried out operational 
testing recently by striking a fast attack boat and drone, Klunder said, adding that this marks the 
“historic” first ever operational deployment of a directed energy weapon. 


(Mike McCarthy, “Navy Authorized To Use Ship-Based Laser In Battle,” Defense Daily, 
December 11, 2014: 3. See also Sam LaGrone, “U.S. Navy Allowed to Use Persian Gulf Laser for 
Defense,” USNI News, December 10, 2014; Philip Ewing, “Navy Declares Laser Weapon 
‘Operational,’” Politico Pro (Pro Defense Report), December 10, 2014.) 


The Navy testified on February 24, 2016, that 


° Justin Doubleday, “Winter: Navy Directed-Energy Strategy To Be Released This Month,” Inside the Navy, February 


1, 2016. 


the Solid State Laser Quick Reaction Capability (SSL-QRC) was fielded as a science and 
technology demonstration aboard the USS PONCE. It was successfully demonstrated as an 
effective weapon system and was subsequently transitioned to the fleet in the Central Command 
area of responsibility and is now an operational system. 


(Statement of Rear Admiral Mathias W. Winter, United States Navy, Chief of Naval Research, 
Before the Emerging Threats and Capabilities Subcommittee of the House Armed Services 
Committee on The Fiscal Year 2017 Budget Request, February 24, 2016, p. 15.) 
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Figure |.Laser Weapon System (LaWS) on USS Ponce 
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Source: Navy photograph dated November |6, 2014, accompanying David Smalley, “Historic Leap: Navy 


Shipboard Laser Operates in Arabian Gulf,” Navy News Service, December 10, 2014, accessed August 12, 2015, at 
http://www.navy.mil/list_all-asp?id=84805. 


Figure 2. Laser Weapon System (LaWS) on USS Ponce 














Shipboard Laser Operates in Arabian Gulf,” Navy News Service, December 10, 2014, accessed August 12, 2015, at 
http://www.navy.mil/list_all.asp?id=84805. 
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Figure 3. Laser Weapon System (LaWS) on USS Ponce 
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Source: Navy photograph dated November | 6, 2014, accompanying David Smalley, “Historic Leap: Navy 
Shipboard Laser Operates in Arabian Gulf,” Navy News Service, December 10, 2014, accessed August 12, 2015, at 
http://www.navy.mil/list_all-asp?id=84805. 


SSL Technology Maturation (SSL-TM) Program 


LaWS has a reported beam power of 30 kilowatts (kW),”’ which is strong enough to counter 
small boats and UAVs. As a follow-on effort to LaWS and MLD, the Navy initiated the SSL 
Technology Maturation (SSL-TM) program, in which industry teams led by BAE Systems, 
Northrop Grumman, and Raytheon, among others, competed to develop a shipboard laser with a 
beam power of 100 kW to 150 kW, which would provide increased effectiveness against small 


71 See, for example, Mike McCarthy, “Navy Authorized To Use Ship-Based Laser In Battle,” Defense Daily, December 
11, 2014: 3. 
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boats and UAVs.” Boosting beam power further—to something like 200 kW or 300 kW—could 
permit a laser to counter at least some ASCMs. Even stronger beam powers—on the order of at 
least several hundred kW, if not one megawatt (MW) or more—could improve a laser’s 
effectiveness against ASCMs and enable it to counter ASBMs.”* 


On October 22, 2015, DOD announced that it had selected Northrop Grumman as the winner of 
the SSL-TM competition. DOD’s contract-award announcement stated: 


Northrop Grumman Space and Mission Systems Corp., Redondo Beach, California, is 
being awarded a $53,151,809 cost-plus-fixed-fee contract for the Solid State High Power 
Laser Weapon System Demonstrator (LWSD) program.... The Office of Naval Research 
seeks to continue the advancement of SSL weapon system designs, architectures, and 
component technologies. The government believes that improvements in lethality may be 
achieved through maturation and optimization of a variety of system characteristics, 
including laser power, beam quality, beam director architecture, and other physical and 
optical aspects of the laser, beam director, and system design. Leveraging our experience 
and internal investments, the Northrop Grumman team is ready to fully support the three 
phases of the LWSD program. This contract contains options, which if exercised, will 
bring the contract value to $91,057,597. Work will be performed in Redondo Beach, 
California, and is expected to be completed Oct. 21, 2016. If options are exercised, work 
will continue through July 7, 2018.... This contract was competitively procured under the 
Office of Naval Research broad agency announcement 15-0005 entitled “Solid State, 
High Power Laser Weapon System Demonstrator (LWSD) Design, Development and 
Demonstration for Surface Navy, USN.” Six proposals were received in response to this 
solicitation.” 


A December 22, 2016, Northrop Grumman news release about the October 22, 2016, contract 
award stated: 


During Phase | of the LWSD contract, Northrop Grumman will develop a detailed design 
for the new system. Phase 2 will include assembly and ground test of the system, while 
Phase 3 will comprise at-sea testing of the system aboard the Navy's Self Defense Test 
Ship (SDTS). The Navy will lead this testing with Northrop Grumman providing 
technical support. The SDTS is the former USS Paul F. Foster (DD-964). 


According to Renard, Northrop Grumman's LWSD is well suited to support the Navy's 
planned initial testing on the SDTS. The company has designed its system to be installed, 
however, with minimal modification or additional costs, for demonstration on the Navy's 
DDG-51 FLT II class destroyers.” 





2 For more on the SSL-TM program, see Office of Naval Research, “Solid-State Laser Technology Maturation 
Program,” accessed August 11, 2015, at http://www.onr.navy.mil/Media-Center/Fact-Sheets/Solid-State-Laser- 
Technology-Maturation-Program.aspx; Office of Naval Research, “Solid State Laser Technology Maturation 
Program,” September 2012, accessed August 11, 2015, at http://www.onr.navy.mil/~/media/Files/Fact-Sheets/35/Solid- 
State-Laser-Technology-Maturation-Program-2012-a.ashx; Office of Naval Research, “Research and 
Development/Technology Maturation of Solid State High Power Laser Weapon Systems, Subsystems, and/or 
Components for Surface Navy, USN, Broad Agency Announcement (BAA),” ONR BAA # 12-019, 2012, accessed 
August 11, 2015, at http://www.onr.navy.mil/~/media/files/funding-announcements/baa/2012/12-019.ashx; Future 
Force, “Developing a High-Energy Laser for the Navy,” January 23, 2015, accessed August 11, 2015, at 
http://futureforce.navylive.dodlive.mil/2015/01/high-energy-laser/. 

°3 Ror additional discussion, see CRS Report R41526, Navy Shipboard Lasers for Surface, Air, and Missile Defense: 
Background and Issues for Congress, by Ronald O'Rourke, particularly the section entitled “Required Laser Power 
Levels for Countering Targets” and Appendix A on “Laser Power Levels Required to Counter Targets.” 

24 DOD contract award announcements for October 22, 2015, accessed December 18, 2015, at: 

http://w ww.defense.gov/News/Contracts/Contract-View/Article/625630. 


°5 “US Navy Selects Northrop Grumman to Design and Produce Shipboard Laser Weapon System Demonstrator,” 
(continued...) 
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Figure 4 shows an artist’s rendering of LWSD installed on the Navy’s Self Defense Test Ship (the 
USS Paul F. Foster [DD-964], an old Spruance [DD-963] class destroyer). 


Figure 4. Laser Weapon System Demonstrator (LWSD) on Self Defense Test Ship 
Artist’s rendering 





Source: Cropped version of image accessed on March 18, 2016, at 
http://media.globenewswire.com/cache/|89/hires/394 | 2.jpg. 


Figure 5 is a detail from the above photo. 





(...continued) 

December 22, 2016, accessed March 18, 2016, at: 
http://www.globenewswire.com/newsarchive/noc/press/pages/news_releases.html?d=10158731 . See also Richard 
Scott, “Northrop Grumman To Build on MLD for SSL Demonstrator,” IHS Jane’s International Defence Review, 
February 2016: 5. 
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Figure 5. Laser Weapon System Demonstrator (LWSD) on Self Defense Test Ship 


Artist’s rendering 











Source: Cropped version of image accessed on March 18, 2016, at 
http://media.globenewswire.com/cache/|89/hires/394 | 2.jpg. 


Figure 6 Is an Office of Naval Research (ONR) graphic illustration of the LWSD’s major 
components. 
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Figure 6. ONR Graphic of LWSD Components 
Artist’s rendering 
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Source: Slide from February 2016 ONR briefing to CRS on SSL-TM program, received from Navy Office of 
Legislative Affairs February 26, 2016. 


Directed Energy Roadmap 
A July 28, 2015, press report stated: 


[Secretary of the Navy Ray] Mabus said he would release a DE [directed energy]”° 


roadmap this fall that “charts our course for research, development, and fielding of high 
power radio frequency weapons, lasers, and directed energy countermeasures. And I will 
follow it up with my guidance to the Program Objective Memorandum for [Fiscal Year 
2018],”’ which, importantly, establishes a resource sponsor and a program of record.”... 


Also meant to help quicken the pace of progress, the Office of Naval Research will take 
lessons learned from the [USS] Ponce to inform the Solid State Laser Technology 
Maturation program that aims to produce a 100-150 kilowatt laser prototype for at-sea 
testing in 2018, or sooner if possible. Rear Adm. Bryant Fuller, Naval Sea Systems 
Command (NAVSEA) chief engineer, said... that everything the Navy learned about rules 





°6 Tasers and another class of weapons called high-power microwave (HPM) weapons are referred to collectively as 
directed-energy weapons because they achieve their effects by directing electromagnetic energy at their targets. 


°1 The Program Objective Memorandum (POM) is an internal DOD document that guides the preparation of a budget 
for a particular fiscal year. 
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of engagement and how to use LaWS in an operational environment would apply to 
larger laser weapons as well. Leveraging the operational knowledge Ponce gained will 
help the Navy field whatever comes out of the SSL-TM effort much more rapidly. 


In the meantime, Mabus said the Laser Weapon System (LaWS) will continue its work in 
the Middle East after early success led officials to extend its deployment.”* 


EMRG 


In addition to SSLs, the Navy since 2005 has been developing EMRG, a cannon that uses 
electricity rather than chemical propellants (i.e., gunpowder charges) to fire a projectile.” In 
EMRG, “magnetic fields created by high electrical currents accelerate a sliding metal conductor, 
or armature, between two rails to launch projectiles at [speeds of] 4,500 mph to 5,600 mph,””? or 
roughly Mach 5.9 to Mach 7.4 at sea level.*! Like SSLs, EMRG draws its power from the ship’s 
overall electrical supply.*” The Navy originally began developing EMRG as a naval surface fire 
support (NSFS) weapon for supporting U.S. Marines operating ashore, but subsequently 
determined that the weapon also has potential for defending against ASCMs and ASBMs.”? In 
response to Section 243 of the FY2012 National Defense Authorization Act (H.R. 1540/P.L. 112- 
81 of December 31, 2011), the Navy in September 2012 submitted to the congressional defense 
committees a report on the EMRG development effort.** 


Following tests with early Navy-built EMRG prototypes, the Navy funded the development of 
two industry-built EMRG prototype demonstrators, one by BAE Systems and the other by 
General Atomics (see Figure 7 and Figure 8). 





°8 Megan Eckstein, “Mabus: Adversaries Showing Interest in Directed Energy; Navy Needs to Move Faster,” USNI 
News, July 28, 2015. 


>? Because it uses electricity rather than a powder charge to accelerate the projectile, Navy officials sometimes refer to 
EMRG as a launcher rather than a gun or cannon. 


> Grace Jean, “With a Bang, Navy Begins Tests on EM Railgun Prototype Launcher,” Navy News Service, February 
28, 2012, accessed August 12, 2015, at http://www.navy.mil/submit/display.asp?story_id=65577. 


3! The speed of sound in air (i.e., Mach 1), varies with altitude; at sea level, it is approximately 761 miles an hour. (See 
for example, the table entitled “Speed of Sound at Different Altitudes,” accessed August 12, 2015, at 
http://w ww.fighter-planes.com/jetmach1.htm. 


* Unlike SSLs, however, EMRG is not a directed energy weapon, because it achieves its effects by firing a physical 
projectile at the target, not by directing electromagnetic energy at the target. See also footnote 26. 


33 For a recent article discussing the use of EMRG in countering ASCMs and ASBMs, see Sam LaGrone, “Navy Wants 
Rail Guns to Fight Ballistic and Supersonic Missiles Says RFI,” USNI News, January 5, 2015. 


*4 U.S. Navy, Electromagnetic Railgun System: Final Report to the Congressional Defense Committees, August 2012, 
with cover letters dated September 18, 2012. For a press report discussing the Navy’s report to Congress, see Dan 
Taylor, “Stackley: Navy Identifies Four Technical Hurdles To Railgun Development,” Inside the Navy, November 19, 
2012. 
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Figure 7. Industry-Built EMRG Prototype Demonstrator 
BAE prototype 


a 





Source: Navy photograph dated July 8, 2014, associated with Office of Naval Research Public Affairs, “From 
Research to Railgun: Revolutionary Weapon at Future Force EXPO,” Navy News Service, January 13, 2015, 
accessed August |2, 2015, at http://www.navy.mil/submit/display.asp?story_id=85 | 66. 
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Figure 8. Industry-Built EMRG Prototype Demonstrator 


General Atomics prototype 








Source: navy photograph dated July 8, 2014, accessed August 12, 2015, at 
http://www.navy.mil/view_image.asp?id=| 80994. 


The two industry-built prototypes are designed to fire projectiles at energy levels of 20 to 32 
megajoules,** which is enough to propel a projectile 50 to 100 nautical miles.*° (Such ranges 
might refer to using the EMRG for NSFS missions. Intercepts of ASCMs and ASBMs might take 
place at much shorter ranges.) The Navy began evaluating the two industry-built prototypes in 
2012. 


In April 2014, the Navy announced that it plans to temporarily install a prototype EMRG aboard a 
Navy Joint High Speed Vessel (JHSV) in FY2016, for use in at-sea tests.*” Figure 9 is an artist’s 
rendering of that installation. 


In January 2015, it was reported that the Navy is projecting that EMRG could become operational 
ona Navy ship between 2020 and 2025.** In April 2015, it was reported that the Navy is 
considering installing an EMRG on a Zumwalt (DDG-1000) class destroyer by the mid-2020s.” 





°° The Navy states that “a megajoule is a measurement of energy associated with a mass traveling at a certain velocity. 
In simple terms, a one-ton vehicle moving at 100 mph equals a magajoule of energy.” (Office of Naval Research Public 
Affairs, “Navy Sets New World Record with Electromagnetic Railgun Demonstration,” Navy News Service, December 
10, 2010, accessed August 12, 2015, at http://www.navy.mil/submit/display.asp?story_id=57690.) 

6 Grace Jean, “With a Bang, Navy Begins Tests on EM Railgun Prototype Launcher,” Navy News Service, February 
28, 2012, accessed August 12, 2015, at http://www.navy.mil/submit/display.asp?story_id=65577. 

37 Naval Sea Systems Command Office of Corporate Communication, “Navy to Deploy Electromagnetic Railgun 
Aboard JHSV,” Navy News Service, April 7, 2014, accessed August 12, 2015, at 
http://www.navy.mil/submit/display.asp?story_id=80055. 

38 Sam LaGrone, “Navy Wants Rail Guns to Fight Ballistic and Supersonic Missiles Says RFI,” USNI News, January 5, 
2015. 

° Sam LaGrone, “Navy Considering Railgun for Third Zumwalt Destroyer,” USNI News, February 5, 2015 (updated 
(continued...) 
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Figure 9. EMRG Prototype Demonstrator Installed on a JHSV 
Artist’s rendering 














Source: Briefing slide entitled “FY16 At-Sea Test of Railgun” in Navy briefing entitled “Railgun Program 
Overview,” undated but posted at InsideDefense.com on April 14, 2015. (InsideDefense.com states that the 
briefing was presented at a public conference on April 14, 2015.) 


HVP 


As the Navy was developing EMRG, it realized that the guided projectile being developed for 
EMRG could also be fired from 5-inch and 155mm powder guns.’ Navy cruisers each have two 





(...continued) 


February 11, 2015); Mike McCarthy, “Navy Aiming To Put Railgun On Third Zumwalt Destroyer,” Defense Daily, 
February 6, 2015; Kris Osborn, “Navy Will Test its Electromagnetic Rail Gun aboard DDG 1000,” DefenseTech, April 
15, 2015. For more on Zumwalt-class destroyers, see CRS Report RL32109, Navy DDG-51 and DDG-1000 Destroyer 
Programs: Background and Issues for Congress, by Ronald O'Rourke. 


“° The Navy describes the HVP as “a next generation, common, low drag, guided projectile capable of completing 
multiple missions for gun systems such as the Navy 5-Inch, 155-mm, and future railguns.... HVP’s low drag 
aerodynamic design enables high velocity, maneuverability, and decreased time-to-target. These attributes coupled with 
accurate guidance electronics provide low cost mission effectiveness against current threats and the ability to adapt to 
air and surface threats of the future.” (Office of Naval Research, Hypervelocity Projectile,” September 2012, accessed 
August 14, 2015, at http://www.onr.navy.mil/~/media/Files/Fact-Sheets/35/Hypervelocity-Projectile-2012B.ashx.) The 
Navy states that HVP weighs 23 pounds. (Source: David Martin, “Navy’s Newest Weapon Kills at Seven Times the 
Speed of Sound,” CBS News (cbssnews.com), April 7, 2014.) 


BAE Systems states that HVP is 24 inches long and weighs 28 pounds, including a 15-pound payload. The total length 
and weight of an HVP launch package, BAE Systems states, is 26 inches and 40 pounds. BAE states that the maximum 
rate of fire for HVP is 20 rounds per minute from a Mk 45 5-inch gun, 10 rounds per minute from the 155mm gun on 
DDG-1000 class destroyers (called the Advanced Gun System, or AGS), and 6 rounds per minute from EMRG. HVP’s 
firing range, BAE Systems states, is more than 40 nautical miles (when fired from a Mk 45 Mod 2 5-inch gun), more 
than 50 nautical miles (Mk 45 Mod 4 5-inch gun), more than 70 nautical miles (155mm gun on DDG-1000 class 
destroyers), and more than 100 nautical miles (EMRG). (BAE Systems, “Hypervelocity Projectile (HVP),” 2014, 
(continued...) 
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5-inch guns, and most Navy destroyers each have one 5-inch gun. The Navy’s three new Zumwalt 
class (DDG-1000) destroyers, which are under construction, each have two 155mm guns. 


The projectile is a hypervelocity projectile when fired from either EMRG or a powder gun, but 
the term HVP tends to be used more frequently in connection with the concept of firing it from a 
powder gun. Figure 10 and Figure 11 show the HVP. 


Figure 10. Photograph Showing HVP 











Source: Navy photograph dated April 4, 2014, with a caption that reads: “Rear Adm. Matthew Klunder, chief of 
naval research, shows off a Hypervelocity Projectile (HVP) to CBS News reporter David Martin during an 
interview held at the Naval Research Laboratory's materials testing facility. The HVP is a next-generation, 
common, low drag, guided projectile capable of completing multiple missions for gun systems such as the Navy 
5-inch, 155-mm, and future railguns,” accessed August 12, 2015, at 

http://www.navy.mil/view_image.asp?id=1 74517. 





(...continued) 


accessed August 14, 2015, at http://www.baesystems.com/download/BAES_178505/hyper-velocity-projectile-hvp- 
datasheet.) 


In July 2015, the Navy issued a request for information (RFI) to industry for the fabrication of a prototype EMRG 
mount capable of handling an integrated launch weight package of 22 kg, or about 48.5 pounds. (RFI for Fabrication of 
Prototype Mount for Naval Railgun, Solicitation Number: N00024-15-R-4132, FedBizOpps.gov, July 29, 2015. See 
also Justin Doubleday, “Navy Developing Integrated Mount For Electromagnetic Railgun,” Inside the Navy, July 31, 
2015.) 
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Figure 11. HVP 


Multi-Mission HVP 
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Source: Slide 7 from Navy briefing entitled “Electromagnetic Railgun,” NDIA Joint Armaments Forum, 
Exhibition & Technology Demonstration, May 14, 2014, LCDR Jason Fox, USN, Assistant PM [Program 
Manager], Railgun Ship Integration, Distribution A, Approved for Public Release, accessed August 13, 2015, at 
http://www.dtic.mil/ndia/20 | 4armaments/WedFox.pdf. 


When fired from 5-inch powder guns, the projectile achieves a speed of roughly Mach 3, which is 
roughly half the speed it achieves when fired from EMRG, but more than twice the speed of a 
conventional 5-inch shell fired from a 5-inch gun.*' This is apparently fast enough for countering 
at least some ASCMs. The Navy states that “The HVP—combined with the MK 45 [5-inch 
gun]“*—will support various mission areas including naval surface fire support, and has the 
capacity to expand to a variety of anti-air threats, [and] anti-surface [missions], and could expand 
the Navy's engagement options against current and emerging threats.” 


One advantage of the HVP/5-inch gun concept is that the 5-inch guns are already installed on 
Navy cruisers and destroyers, creating a potential for rapidly proliferating HVP through the 
cruiser-destroyer force, once development of HVP is complete and the weapon has been 





“! Source: Sam LaGrone, “Updated: Navy Researching Firing Mach 3 Guided Round from Standard Deck Guns,” USNI 
News, June 1, 2015 (updated June 2, 2015). 

” The type of 5-inch gun on Navy cruisers and destroyers is called the Mark 45. 

‘3 Naval Surface Warfare Center Dahlgren Division Corporate Communications, “DEPSECDEF Loads HVP on Test 
Range, Observes Repetitive Rate Electromagnetic Railgun's Commissioning Series,” Navy News Service, May 8, 2015, 
accessed August 12, 2015, at http://www.navy.mil/submit/display.asp?story_id=86987. 
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integrated into cruiser and destroyer combat systems. Figure 12 shows HVP launch packages 
configured for 5-inch guns, 155mm guns, and EMRG. 


Figure 12. HVP Launch Packages 
Launch packages for 5-inch gun, 155mm gun, and EMRG 
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Source: BAE Systems, “Hypervelocity Projectile (HVP),” 2014, accessed August 14, 2015, at 
http://www.baesystems.com/download/BAES_1|78505/hyper-velocity-projectile--datasheet. 


Figure 13 is a slide showing the potential application of HVP to 5-inch power guns, 155mm 
powder guns, and EMRG. The first line of the slide, for example, discusses HVP’s use with 5- 
inch powder guns, stating that it uses a high-explosive (HE) warhead for the NSFS mission;™ that 
a total of 113 5-inch gun barrels are available in the fleet (which could be a reference to 22 
cruisers with two guns each, and 69 destroyers with one gun each); and that as a game-changing 
capability, it is guided and can be used at ranges of up to 26 nautical miles to 41 nautical miles for 
NSFS operations, for countering ASCMs, and for anti-surface warfare (ASuW) operations (i.e., 
attacking surface ships and craft). 


“4 The “KE” in the next line down means that when fired from EMRG, the projectile can alternatively attack targets 
using its own kinetic energy (i.e., by simply impacting the target at hypersonic speed). 





Congressional Research Service 19 


Navy Lasers, Railgun, and Hypervelocity Projectile: Background and Issues for Congress 





Figure 13. HVP Application to Various Launchers 
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Source: Slide 16 from Navy briefing entitled “Electromagnetic Railgun,” NDIA Joint Armaments Forum, 
Exhibition & Technology Demonstration, May 14, 2014, LCDR Jason Fox, USN, Assistant PM [Program 
Manager], Railgun Ship Integration, Distribution A, Approved for Public Release, accessed August 13, 2015, at 
http://www.dtic.mil/ndia/20 | 4armaments/WedFox.pdf. 


Figure 14 is a not-to-scale illustration of how HVPs fired from EMRGs and 5-inch guns can be 
used to counter various targets, including ASCMs and ASBMs. 
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Figure 14. Navy Slide Depicting Operations Against Various Target Types 
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DISTRIBUTION STATEMENT A. Approved for public release. 


Source: Slide 5 from Navy briefing entitled “Electromagnetic Railgun,” NDIA Joint Armaments Forum, 
Exhibition & Technology Demonstration, May 14, 2014, LCDR Jason Fox, USN, Assistant PM [Program 
Manager], Railgun Ship Integration, Distribution A, Approved for Public Release, accessed August 13, 2015, at 
http://www.dtic.mil/ndia/20 | 4armaments/WedFox.pdf. 


An April 11, 2016, press report states: 


The Pentagon wants to take a weapon originally designed for offense, flip its punch for 
defense and demonstrate by 2018 the potential for the Army and Navy to conduct missile 
defense of bases, ports and ships using traditional field guns to fire a new hypervelocity 
round guided by a mobile, ground variant of an Air Force fighter aircraft radar. 


The Strategic Capabilities Office is working with the Army, Navy and Air Force to craft 
a Hypervelocity Gun Weapon System that aims, in part, to provide China and Russia an 
example of a secret collection of new U.S. military capabilities the Defense Department 
is bringing online in an effort to strengthen conventional deterrence. 


"It is a fantastic program," Will Roper, Strategic Capabilities Office director, said in a 
March 28 interview with reporters, who said the project aims "to completely lower the 
cost of doing missile defense" by defeating missile raids at a lower cost per round and, as 
a consequence, imposing higher costs on attackers.” 


A May 5, 2016, press report states: 


5 Jason Sherman, “SCO Aims To Flip The Script on Missile Defense With Hypervelocity Gun,” Inside the Navy, April 
11, 2016. 
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Come January [2017], the Pentagon will almost assuredly have new leadership, complete 
with a new vision for how the Department of Defense should operate, organize and plan 
for the future. 


It’s a reality facing down Defense Secretary Ash Carter and Deputy Secretary Bob Work 
as they try to complete a transformation at the Pentagon, one which both men have said is 
vital to making sure the US is able to maintain its technological edge against great 
powers like Russia and China in the future. 


While Carter has made his reach-out to nontraditional communities the centerpiece of his 
initiative, Work’s focus has been the “Third Offset,” a series of technological bets, 
largely focused on man-unmanned teaming, that he believes will pay off in the future. 


So how do you make sure that a long-term project like the Third Offset keeps going 
under a new administration? 


“We have three really complimentary ways to go about this,” Work said Monday at an 
event hosted by the Atlantic Council. 


The first, he explained, is giving many options to the next administration. 


“First of all, I’m going to be central to the transition, so I am going to be able to 
personally talk with the transition team and explain to them what we have pursued and 
why we have pursued it, and let them make their own decisions,” Work said. 


“One of the things we have done in our program is build in a lot of different options that 
they can pull levers on,” Work explained. 


As an example, he pointed to the idea of an electromagnetic railgun. Initially, Work and 
his team thought that was an area that would be a major focus of development, but as 
they experimented they realized that a powder gun with a hypervelocity round could have 
almost the same impact — but at a fraction of the cost, because it did not require the 
development, testing and adaptation of a new gun. 


“We’re going to say ‘look, this is the place where [we think] you want to put your 
money,’ but we’re going to have enough money in both the electromagnetic railgun and 
the powder gun that if the new administration says ‘I really want the electromagnetic 
railgun, this is the way I want to go,’ knock yourself out,” Work said. “We’ve set you up 
for success.”*° 


Indirectly Improving Ability to Counter ASCMs and ASBMs 


As discussed earlier, SSLs currently under development have enough beam power to counter 
small boats and UAVs, but not enough to ASCMs or ASBMs. Even so, such SSLs could 
indirectly improve a ship’s ability to counter ASCMs and ASBMs by permitting the ship to use 
fewer of its SAMs for countering UAVs, and more of them for countering ASCMs and ASBMs. 
Similarly, even though HVPs fired from 5-inch powder guns would not be able to counter 
ASBMs;, they could indirectly improve a ship’s ability to counter ASBMs by permitting the ship 
to use fewer of its SAMs for countering ASCMs and more of its SAMs for countering ASBMs. 


Remaining Development Challenges 


Although the Navy in recent years has made considerable progress in developing SSLs, EMRG, 
and HVP, a number of significant development challenges remain. Overcoming these challenges 


4© Aaron Mehta, “Pentagon No. 2: How to Keep Third Offset Going in the Next Administration,” Defense News, May 


5, 2016. 
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will likely require years of additional development work, and ultimate success in overcoming 
them is not guaranteed.*’ 


SSLs 


As shown in Figure 15, remaining development challenges for SSLs include, among other things, 
making the system rugged enough for extended shipboard use, making the beam director (the 
telescope-like part of the laser that sends the beam toward the target) suitable for use in a marine 
environment (where moisture and salt in the air can be harsh on equipment), and integrating the 
system into the ship’s electrical power system and combat system. 


A January 23, 2015, blog post co-authored by the Office of Naval Research’s program officer for 
the Navy’s SSL program states: 


In the near term, many challenges remain to develop and operate high-energy laser 
systems in the maritime environment that are unique to the Navy and Marine Corps. 
Among these challenges is dealing with the heat generated as power levels increase. A 
second issue is packing sufficient power on the platform, which will require advanced 
battery, generator, power conditioning, and hybrid energy technologies. Current laser 
technologies are approximately 30 percent electrically efficient. Corrosion and 
contamination of optical windows by shipboard salt spray, dirt, and grime also are 
technical challenges. In addition, atmospheric turbulence resulting from shifting weather 
conditions, moisture, and dust is problematic. Turbulence can cause the air over long 
distances to act like a lens, resulting in the laser beam’s diffusing and distorting, which 
degrades its performance. 


Much progress has been made in demonstrating high-energy laser weapon systems in the 
maritime environment, but there is still much to be done. Additional advances will be 
required to scale power levels to the hundreds of kilowatts that will make high[-]Jenergy 
lasers systems robust, reliable, and affordable. Higher power levels are important for the 
ability to engage more challenging threats and improve the rate and range at which 
targets can be engaged. 


The programs managed by ONR are addressing these remaining issues while positioning 
this important warfighting capability toward an acquisition program and eventual 
deployment with the fleet and force.”® 





‘7 Laser skeptics sometimes note that laser proponents over the years have made numerous predictions about when 
lasers might enter service with DOD, and that these predictions repeatedly have not come to pass. Viewing this record 
of unfulfilled predictions, skeptics might argue that “lasers are X years in the future—and always will be.” Laser 
proponents acknowledge the record of past unfulfilled predictions, but argue that the situation has now changed 
because of rapid advancements in SSL technology and a shift from earlier ambitious goals (such as developing 
megawatt-power lasers for countering targets at tens or hundreds of miles) to more realistic goals (such as developing 
kilowatt-power lasers for countering targets at no more than a few miles). Laser proponents might argue that laser 
skeptics are vulnerable to what might be called cold plate syndrome (i.e., a cat that sits on a hot plate will not sit on a 
hot plate again—but it will not sit on a cold plate, either). 


48 Peter Morrison and Dennis Sorenson, “Developing a High-Energy Laser for the Navy,” Future Force, January 23, 
2015, accessed August 13, 2015, at http://futureforce.navylive.dodlive.mil/2015/01/high-energy-laser/. The authors are 
identified at the end of the post as follows: “Peter Morrison is the Office of Naval Research’s program officer for the 
Navy’s Solid-State Laser program. Dennis Sorenson is a contractor with the Office of Naval Research.” 
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Figure 15. Development Challenges for SSLs 
As of February 2013 
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Source: Slide from Navy briefing entitled “Navy Solid State Laser Program Overview,” ASNE Day 2013, Mr. 
Peter “Rollie” Morrison, ONR 35 S&T Program Office, February 22, 2013, accessed August 13, 2015, at 
https://www.navalengineers.org/ProceedingsDocs/ASNEDay201 3/Morrison_Pres.pdf. 


EMRG and HVP 


As shown in Figure 16, remaining development challenges for EMRG involve items relating to 
the gun itself (including increasing barrel life to desired levels), the projectile, the weapon’s 
electrical power system, and the weapon’s integration with the ship. Fielding HVP on cruisers and 
destroyers ships equipped with 5-inch and 155mm powder guns would additionally require HVP 
to be integrated with the combat systems of those ships. 
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Figure 16. Development Challenges for EMRG 
As of May 2014 
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Source: Slide 9 from Navy briefing entitled “Electromagnetic Railgun,” NDIA Joint Armaments Forum, 
Exhibition & Technology Demonstration, May 14, 2014, LCDR Jason Fox, USN, Assistant PM [Program 
Manager], Railgun Ship Integration, Distribution A, Approved for Public Release, accessed August 13, 2015, at 
http://www.dtic.mil/ndia/20 | 4armaments/WedFox.pdf. 


The Navy states: 


The EMRG effort began in FY 2005 with a focus on the barrel, power storage, and rail 
technology. In 2015, the Navy is testing full-scale industry advanced composite launchers 
for structure strength and manufacturability, and has advanced the pulsed-power system 
design from single-shot to actively cooled repeated rate operations. Building on the 
success of the first phase, the second phase started in 2012 with a focus on developing 
equipment and techniques to fire ten rounds per minute. Thermal-management techniques 
required for sustained firing rates are in development for both the launcher system and 
the pulsed-power system. The Office of Naval Research will develop a tactical prototype 
EMRG launcher and pulsed-power architecture suitable for advanced testing both afloat 
and ashore. Railgun demonstration has been funded to occur in FY 2016.” 


A June 2015 press report states: 


As the Navy prepares to test its electromagnetic railgun at sea for the first time in 2016, 
service leaders said one of the biggest challenges will be integrating the new technology 
onto existing platforms..... 





” U.S. Navy, U.S. Navy Program Guide 2015, p. 169. 
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[Vice Adm. William Hilarides, commander of Naval Sea Systems Command] said he is 
positive the Navy will successfully demonstrate the weapon’s ability to fire from the 
Trenton, but one of the biggest challenges will be configuring the railgun so that it fits 
within the power structure of other existing platforms. 


“Those are not 600-ton margin ships,” he said [meaning ships with 600 tons of growth 
margin available to accommodate EMRG]. “If they have 60 tons, if they have 16 tons, 
then we’ll be talking about what do we take off our existing destroyers, cruisers and other 
ships in order to get this incredible capability [on them].” 


These types of discussions are influencing ship designs as program managers look at 
what systems are indispensable and what can be exchanged, Hilarides said. 


Integrating the railgun into the fleet won’t be a swift process. 


It will be at least 10 years until the railgun is fielded on new ships and potentially 30 
years past that before the Navy considers removing powder guns from the fleet entirely 
and transitioning to energy weapons alone, according to Hilarides.”” 


Issues for Congress 


Potential Oversight Questions 


Potential oversight questions for Congress regarding Navy programs for SSLs, EMRG, and HVP 
include the following: 


e Using currently available approaches for countering ASCMs and ASBMs, how 
well could Navy surface ships defend themselves in a combat scenario against an 
adversary such as China that has large numbers of ASCMs (including advanced 
models) and ASBMs? How would this change if Navy surface ships in coming 
years were equipped with SSLs, EMRG, HVP, or some combination of these 
systems? 


e How significant are the remaining development challenges for SSLs, EMRG, and 
HVP? 


e Are current schedules for developing SSLs, EMRG, and HVP appropriate in 
relation to remaining development challenges and projected improvements in 
enemy ASCMs and ASBMs? To what degree are current schedules for 
developing SSLs, EMRG, or HVP sensitive to annual funding levels? 


e When does the Navy anticipate issuing roadmaps detailing its plans for procuring 
and installing production versions of SSLs, EMRGs, and HVP on specific Navy 
ships by specific dates? 


e Will the kinds of surface ships that the Navy plans to procure in coming years 
have sufficient space, weight, electrical power, and cooling capability to take full 
advantage of SSLs (particularly those with beam powers above 200 kW) and 
EMRG? What changes, if any, would need to be made in Navy plans for 
procuring large surface combatants (i.e., destroyers and cruisers) or other Navy 
ships to take full advantage of SSLs and EMRG? 


°° Allyson Versprille, “Integration Biggest Challenge for Railgun,” National Defense, June 2015. See also Lance M. 
Bacon, “3-Star: ‘Lot of Work’ Before Railgun Arrives in Fleet,” Navy Times, February 5, 2015. 





Congressional Research Service 26 


Navy Lasers, Railgun, and Hypervelocity Projectile: Background and Issues for Congress 





e Are the funding sources for SSLs, EMRG, and HVP in Navy and Defense- Wide 
research and development accounts (see “Summary of Congressional Action on 
FY2017 Funding” below) sufficiently visible for supporting congressional 
oversight? 


Legislative Activity for FY2017 


Summary of Congressional Action on FY2017 Funding 


Funding in the defense budget for research and development work on Navy SSLs, EMRG, and 
HVP is spread across several research and development account line items (which are known as 
program elements, or PEs). The PEs shown in Table 1 capture much but not necessarily all of the 
funding for developing Navy SSLs, EMRG, and HVP. The PEs shown in the table, moreover, 
include funding for efforts other than Navy SSLs, EMRG, and HVP, so congressional changes 
from requested amounts might or might not relate to SSLs, EMRG, or HVP. 


Table |. Summary of Congressional Action on FY1I7 Funding 


In millions of dollars, rounded to nearest tenth 











Authorization Appropriation 
Program Element (PE) number, PE 
name, FY16 budget line number Req. HASC SASC Conf. HAC SAC Conf. 
06021 14N, Power Projection Applied 414 414 414 414 
Research, line 4 
0602750N, Future Naval Capabilities 165.1 165.1 165.1 157.1 
Applied Research, line 13 
0603114N, Power Projection Advanced 96.4 106.4 81.4 76.6 
Technology, line 16 
0603673N, Future Naval Capabilities 249.1 249.1 239.1 252.1 
Advanced Technology Development, line 21 
0603925N, Directed Energy and Electric 32.7 32.7 32.7 32.7 
Weapon System, line 75 
0604250D8Z, Advanced Innovative 844.9 804.9 844.9 844.9 


Technology, line 95 





Source: Table prepared by CRS based on Navy FYI7 budget submission and committee and conference 
reports. 


Notes: HASC is House Armed Services Committee; SASC is Senate Armed Services Committee; HAC is 
House Appropriations Committee; SAC is Senate Appropriations Committee; Conf. is conference agreement. 
The PEs shown in the table below capture much but not necessarily all of the funding for work on Navy SSLs, 
EMRG, and HVP. The PEs shown in the table, moreover, include funding for efforts other than Navy SSLs, 
EMRG, and HVP. 


FY2017 National Defense Authorization Act (H.R. 4909/S. 2943) 


House 


The House Armed Services Committee, in its report (H.Rept. 114-537 of May 4, 2016) on H.R. 
4909, recommended the funding levels shown in the HASC column of Table 1. The 
recommended increase of $10 million for PE 0603114N, Power Projection Advanced Technology 
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(line 16) is for “Program increase for common mount.” (Page 498) The recommended reduction 


of $40 million for PE 0604250D8Z, Advanced Innovative Technology (line 95) is for “SCO” (the 
Strategic Capabilities Office). (Page 518) H.Rept. 114-537 states: 


H.Rept. 


Common mount for electromagnetic railgun 


The budget request contained $96.4 million in PE 63114N for power projection advanced 
technology. Of this amount, $15.4 million was included for the Navy’s electromagnetic 
railgun prototype. 


The committee remains supportive of the Navy’s program for developing and deploying 
an electromagnetic railgun. The committee recognizes the growing imperative for the 
Navy to field this type of weapon, not only to increase capabilities for naval surface fire 
support and ballistic missile defense, but to also decrease the cost exchange model when 
comparing the railgun to conventional missiles or guns. However, the committee is 
increasingly concerned that the shift in emphasis to the hypervelocity projectile by the 
Strategic Capabilities Office has left the Navy with a funding gap in developing the 
requirements and design for a common mount, which is a necessary prerequisite to 
getting this capability into operational use. Therefore, the committee directs the Secretary 
of the Navy to provide a briefing to the House Committee on Armed Services by 
February 15, 2017, on the plan and milestone schedule for demonstrating and deploying a 
common railgun mount for sea- and land-based applications. 


The committee recommends $106.4 million, an increase of $10.0 million, in PE 63114N 
to support the development of a common mount for the sea-based and land-based 
electromagnetic railgun. (Page 61) 


114-537 also states: 
Strategic Capabilities Office 


The budget request contained $844.9 million in PE 64250D8Z for development activities 
of the Strategic Capabilities Office (SCO). 


Created in 2012 by the Deputy Secretary of Defense, SCO has the mission to identify, 
analyze, demonstrate, and transition game-changing applications of existing and near- 
term technology to shape and counter emerging threats. SCO is comprised of a relatively 
small number of personnel and relies on other program office personnel and resources to 
execute its mission. The committee appreciates the nature of SCO’s mission and 
sustained leanness of the organization; however, the committee notes the budget for SCO 
has grown exponentially each fiscal year. For example, the fiscal year 2017 budget 
request is nearly double the request for fiscal year 2016. 


The committee is concerned that such rapid budget growth may bring with it some risks, 
including the demands on SCO’s small staff, demands on other Department of Defense 
personnel, and impact of SCO decisions on existing programs. For example, the 
committee is aware of SCO’s inclusion on the electromagnetic railgun development, and 
subsequent reprioritizing of its planned investment in that program for fiscal year 2017, 
resulting in a funding gap that could not be covered by the program office. 


Additionally, the committee remains concerned that the transition of technologies from 
SCO has not been adequately captured and conveyed to the oversight committees. The 
report required by the committee report (H. Rept. 114-102) accompanying the National 
Defense Authorization Act for Fiscal Year 2016 has not been delivered and is now almost 
6 months late. In order to support prudent use of taxpayer resources, and to ensure proper 
oversight of these activities, the committee believes this report should be provided and 
concerns addressed before supporting full funding of planned activities. 


Therefore, the committee recommends $804.9 million, a decrease of $40.0 million, in PE 
64250D8Z for development activities of the Strategic Capabilities Office. (Page 92) 
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Section 220 of H.R. 4909 as reported states: 


H.Rept. 


H.Rept. 


SEC. 220. Designation of Department of Defense senior official with principal 
responsibility for directed energy weapons. 


Not later than 180 days after the date of the enactment of this Act, the Secretary of 
Defense shall— 


(1) designate a senior official already serving within the Department of Defense as the 
official with principal responsibility for the development and demonstration of directed 
energy weapons for the Department; and 


(2) set forth the responsibilities of that senior official with respect to such programs. 
114-537 also states: 
Five-inch precision guided projectile development for naval surface fire support 


In the committee report (H. Rept. 114-102) accompanying the National Defense 
Authorization Act for Fiscal Year 2016, the committee noted “that current surface Navy 
gunnery requirements are outdated and that new technologies such as railgun and directed 
energy weapons are nearing readiness for technology transition.” The committee 
referenced the Advanced Naval Surface Fires (ANSF) initiative and noted the ANSF was 
assessing options for providing a near-term 5-inch guided munition capability. The 
committee understands this capability would provide for improved and extended-range 
naval surface fire support. The committee continues to support the need for this precision 
guided capability and is also aware of the Hypervelocity Gun Weapon System (HGWS) 
program that is currently under consideration by the Strategic Capabilities Office (SCO). 
The committee notes the HGWS program would “flip the cost equation using 
conventional guns to defend forward bases against raids of advanced cruise and ballistic 
missiles” and believes there could be applications for use in 5-inch gun systems for naval 
surface fires support. The committee is encouraged by the development of both of these 
initiatives and expects the Navy and SCO to coordinate on these capabilities. The 
committee also expects the Navy to proceed forward with an accelerated development 
and acquisition strategy for this needed capability that is consistent with acquisition 
reform principles. (Pages 62-63) 


114-537 also states: 
Technology enablers for directed energy weapon systems 


The committee is aware that the Department of Defense has made significant advances in 
the development and operational demonstration of directed energy weapons systems. 
Each military department has demonstrated a marquee program in this area, such as the 
Navy’s Laser Weapon System deployed on the USS Ponce, the Army High Energy Laser 
Mobile Demonstrator, and the Marine Corps’ Ground Based Air Defense System. Along 
with technology demonstration activities like the Robust Electric Laser Initiative and the 
High Energy Liquid Laser Area Defense System, each of these programs demonstrated 
the increased power output and power on target necessary to develop a militarily useful 
directed energy weapon. 


However, as the Department has made progress in raising the power levels of these 
systems, it has also demonstrated the need for emphasis on development in other 
technology areas necessary to realize the full potential of laser weapons. For example, 
higher power output requires improved beam control to engage targets at greater 
distances, as well as better thermal management systems to dissipate the increased heat 
load. As the Department has been overcoming foundational technical challenges, new 
challenges have emerged that will impact the operational uses for directed energy 
weapons. 
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Therefore, the committee directs the Assistant Secretary of Defense for Research and 
Engineering, in coordination with the research components of the military departments 
and the High Energy Laser Joint Technology Office, to provide a briefing to the House 
Committee on Armed Services by January 20, 2017. This briefing should provide a 
roadmap for enabling technologies, including: 


(1) Beam directors and adaptive optics, including deformable mirrors; 
(2) Thermal management needs and capabilities; 

(3) Integration challenges with fire control systems, including potential 
future needs for fire control for laser systems; 

(4) Power architectures and power electronics needs; 

(5) Facilities and test range capabilities; and 


(6) Other areas as deemed by the Secretary. (Page 93) 


Senate 


The Senate Armed Services Committee, in its report (S.Rept. 114-255 of May 18, 2016) on S. 
2943, recommended the funding levels shown in the SASC column of Table 1. The 
recommended reduction of $15 million to PE 0603114N, Power Projection Advanced Technology 
(line 16) is for “General decrease.” (Page 481) The recommended reduction of $10 million to PE 
0603673N, Future Naval Capabilities Advanced Technology Development (line 21) is for 
“Capable manpower, and power and energy.” (Page 481).°' S.Rept. 114-255 states: 


Power projection advanced technology 


The budget request included $96.4 million in PE 63114N for power projection advanced 
technology. The committee notes that the Navy, Air Force, Defense Advanced Research 
Projects Agency, Strategic Capabilities Office, and other elements within the Department 
of Defense are all pursuing advanced power projection technologies and systems. The 
committee is concerned that these efforts are not well-coordinated and have uncertain 
pathways for transition to programs of record. In addition, the committee notes that the 
budget request represents an almost 200 percent increase over the amount enacted for 
fiscal year 2016. The committee believes that such a large increase in budget is not 
warranted and is concerned about the ability of the programs to absorb the additional 
funding. Consequently, the committee recommends a decrease of $15.0 million in PE 
63114N, but directs that this reduction not be assessed against solid state laser maturation 
efforts. (Page 52) 


Section 216 of S. 2943 as reported states: 


>! This recommended reduction of $10 million does not appear to relate (at least not directly) to lasers, the 
electromagnetic railgun, or the HVP. S.Rept. 114-255 states: 


Capable manpower and power and energy 


The budget request included $249.1 million in PE 63673N for future naval capabilities advanced 
technology developments. The activities listed under this program element include capable 
manpower and power and energy. The committee believes that the work plans for fiscal year 2017 
on these activities does not warrant the level of funding included in the budget request. For 
example, the committee notes that the research included in these two projects include development 
of new personnel and management methodologies, and capabilities in energy security. Both of 
these efforts could be better coordinated with other organizations performing similar research. 
Consequently, the committee recommends a decrease of $10.0 million in PE 63673N to be 
distributed appropriately from capable manpower and power and energy. (Page 53) 
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SEC. 216. Directed energy weapon system programs. 


(a) Inclusion of Directed Energy Weapon System programs in the rapid acquisition 
authority program.— 


(1) IN GENERAL.—Section 806(c)(1) of the Bob Stump National Defense 
Authorization Act for Fiscal Year 2003 (Public Law 107-314; 10 U.S.C. 2302 note) is 
amended by adding at the end the following new subparagraph: 


“(D) (i) In the case of any supplies and associated support services that, as determined in 
writing by the Secretary of Defense without delegation, are urgently needed to eliminate 
a deficiency in directed energy weapon systems, the Secretary may use the procedures 
developed under this section in order to accomplish the rapid acquisition and deployment 
of needed offensive or defensive directed energy weapon systems capabilities, supplies, 
and associated support services. 


“(i) For the purposes of directed energy weapon systems acquisition, the Secretary of 
Defense shall consider use of the following procedures: 


“(1) The rapid acquisition authority provided under this section. 


“(ID Use of other transactions authority provided under section 2371 of title 10, United 
States Code. 


“CID The acquisition of commercial items using simplified acquisition procedures. 


“(IV) The authority for procurement for experimental purposes provided under section 
2373 of title 10, United States Code. 


“(iii) In this subparagraph, the term ‘directed energy weapon systems’ means military 
action involving the use of directed energy to incapacitate, damage, or destroy enemy 
equipment, facilities, or personnel.”. 


(2) CONFORMING AMENDMENTS.—Section 2373 of title 10, United States Code, is 
amended— 


(A) in subsection (a), by striking “and aeronautical supplies” and inserting “, aeronautical 
supplies, and directed energy weapon systems”; and 


(B) by adding at the end of the following new subsection: 


“(c) Directed energy weapon systems defined.—In this section, the term ‘directed energy 
weapon systems’ means military action involving the use of directed energy to 
incapacitate, damage, or destroy enemy equipment, facilities, or personnel.” 


(b) Joint Directed Energy Program Office.— 


(1) REDESIGNATION.—The High Energy Laser Joint Technology Office of the 
Department of Defense is hereby redesignated as the “Joint Directed Energy Program 
Office” (in this subsection referred to as the “Office’”’). 


(2) STRATEGIC PLAN FOR DEVELOPMENT AND FIELDING OF DIRECTED 
ENERGY WEAPONS CAPABILITIES.—In addition to the functions and duties of the 
Office in effect on the day before the date of the enactment of this Act, the Office shall 
develop a strategic plan for development and fielding of directed energy weapons 
capabilities for the Department, in which the Office may define requirements for directed 
energy capabilities that address the highest priority warfighting capability gaps of the 
Department. 


(3) ACCELERATION OF DEVELOPMENT AND FIELDING OF DIRECTED 
ENERGY WEAPONS CAPABILITIES.— 


(A) IN GENERAL.—To the degree practicable, the Office shall use the policies of the 
Department that are revised pursuant to this section and new acquisition and management 
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practices established pursuant to this section to accelerate the development and fielding 
of directed energy capabilities. 


(B) ENGAGEMENT.—The Secretary shall ensure that use of policies and practices 
described in subparagraph (A) include engagement with defense and private industries, 
research universities, and unaffiliated, nonprofit research institutions. 


Regarding Section 216, S.Rept. 114-255 states: 


S.Rept. 


Directed energy weapon system programs (sec. 216) 


The committee remains concerned about the Department of Defense’s inability to field an 
operational directed energy system. The committee is aware that the military services and 
industry partners have developed sufficient directed energy weapon capabilities for 
specific scenarios—like the High Energy Laser Mobile Demonstrator (HEL—MD) to 
counter rocket, artillery and mortar for base protection purposes and the Counter 
Electronics High Powered Microwave Advanced Missile Project (CHAMP) for disabling 
an adversary’s electronics while avoiding collateral damage. These programs, as well as 
other high energy laser weapon systems, have been tested and demonstrated, but have 
failed to transition to acquisition programs of record. 


The committee notes that directed energy capabilities have the potential to support many 
operational missions in cost effective and efficient manners. In response to these factors, 
the committee recommends a provision that would amend section 806 of the Bob Stump 
National Defense Authorization Act for Fiscal Year 2003 (Public Law 107-314) to grant 
rapid acquisition authorities for directed energy weapon systems to accelerate the 
development and fielding of this technology and to help offset the gains of potential 
adversaries. 


The committee notes that since 1960, the Department of Defense has invested more than 
$6.0 billion in directed energy science and technology initiatives. However, the 
committee remains concerned that, despite this significant investment, the Department’s 
directed energy initiatives are not resourced at levels necessary to transition them to full- 
scale acquisition programs. The committee notes with concern that years of investment 
have not to date resulted in any operational systems with high energy laser capability. 


The committee highlights that the Defense Science Board Task Force on Directed Energy 
Weapon Systems and Technology Applications found that “directed energy offers 
promise as a transformational ‘game changer’ in military operations, able to augment and 
improve operational capabilities in many areas.” The task force further concluded that the 
range of potential applications is sufficient to warrant significantly increased attention to 
the scope and direction of efforts to assess, develop, and field appropriate laser, 
microwave, and millimeter wave weapons. Consistent with the findings of the task force, 
the committee believes that directed energy weapons systems offer significant benefits in 
terms of cost effectiveness, sustainability, magazine capabilities, and precision targeting. 
(Pages 46-47) 


114-255 also states: 
High energy laser joint technology office 


The budget request included $42.3 million in PE 62890F for high energy laser research. 
The committee notes that this program element funds defense high energy laser applied 
research through the High Energy Laser Joint Technology Office. However, the 
committee is concerned that the Joint Technology Office has not received sufficient 
funding in recent years to drive the maturation of high energy laser technology. As an 
example, the committee notes with concern that no laser technologies have yet been 
fielded or deployed, despite promising development and field tests. Given the importance 
of directed energy weapons systems in general as noted elsewhere in this Act, and of high 
energy laser systems in particular, the committee is concerned that budget request for this 
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program element will be insufficient for supporting the joint technology office. 
Accordingly, the committee recommends an increase of $5.0 million in PE 62890F for 
the high energy laser joint technology office. (Pages 54-55) 


S.Rept. 114-255 also states: 
Directed energy systems prototyping 


The budget request included no money in PE 64342D8Z for defense technology offsets. 
The committee notes with disappointment that the administration did not view it as a 
priority to request funds through this program element. Particularly with the high-profile 
emphasis placed on the Department of Defense’s Third Offset Strategy, the committee is 
disappointed to see this program be unfunded. In addition, as noted elsewhere in this 
report, the committee is deeply disappointed with how the technology offset funding 
enacted in fiscal year 2016 was allocated. As noted, none of the money was put towards 
directed energy, in contradiction to the clear intent of Congress that half of the money be 
used to bolster directed energy technologies. While the committee does not recommend 
additional unrestricted funds for the technology offsets program, the committee 
underscores that directed energy systems are still critical areas of work in need of greater 
support and attention. The committee believes that the Department needs to focus in 
particular on the transition from lab development to deployment and _ fielding. 
Consequently, the committee recommends a general increase of $25.0 million in PE 
64342D8Z to be used only for the purposes of directed energy systems prototyping. 
(Pages 59-60) 


S.Rept. 114-255 also states: 
Laser weapon system demonstrator 


The Committee commends the Navy for initiating and funding the Laser Weapon 
Systems Demonstrator (LWSD) and believes that this is an important step toward 
maturing technologies that could ultimately enable the deployment of a shipboard 
maritime laser weapons system. While the Committee understands that the Navy 
envisions transitioning laser weapons to a formal Program of Record in the 2020s, it 
appears that the Navy has not programmed funding beyond the LWSD sea-based tests to 
support the installation of LWSD on a DDG or for the design and procurement of a 
formal maritime laser program. 


The committee expects that the Secretary of the Navy will keep the congressional defense 
committees updated on its plan to seamlessly transition the LWSD to a shipboard 
weapons system following sea-based testing and to a formal maritime laser Program of 
Record, technical progress toward developing the capability, and programmatic steps 
being taken to move to demonstration and deployment of advanced laser systems. (Page 
70) 


FY2017 DOD Appropriations Act (H.R. 5293) 


House 


The House Appropriations Committee, in its report (H.Rept. 114-577 of May 19, 2016) on H.R. 
5293, recommended the funding levels shown in the HAC column of Table 1. The recommended 
reduction of $8 million to PE 0602750N, Future Naval Capabilities Applied Research (line 13) is 
for “FORCENET excessive growth” ($5 million), “Power and energy previously funded efforts” 
($2 million), and “Sea shield previously funded efforts” ($1 million). (Page 228) The 
recommended reduction of $19.8 million to PE 0603114N, Power Projection Advanced 
Technology (line 16) is for “Precision strike technology excess growth.” (Page 228) The 
recommended net reduction of $3 million to PE 0603673N, Future Naval Capabilities Advanced 
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Technology Development (line 21) consists of a reduction of $2 million for “Power and energy 


previously funded efforts,” a reduction of $2 million for “Sea shield previously funded efforts,” 


and an increase of $7 million for “Program increase—ASW [antisubmarine warfare] research.” 
(Page 228) 


H.Rept. 114-577 states: 


HIGH ENERGY LASERS 


The Committee is aware of efforts within the High Energy Laser Joint Technology Office 
to develop advanced, directed-energy, high energy laser weapons that have the potential 
to perform a wide variety of military missions. The Committee encourages the Secretary 
of Defense to explore further development and evaluation of this important technology. 
(Page 264) 


Directed Energy Weapon Systems Acquisition Act of 2016 (H.R. 
4964/S. 2778) 


House 


H.R. 4964 was introduced in the House on May 5, 2016. The text of H.R. 4964 as introduced 


states: 


SECTION 1. Short title. 


This Act may be cited as the “Directed Energy Weapon Systems Acquisition Act of 
2016”. 


SEC. 2. Findings. 
Congress makes the following findings: 


(1) The Committee on Armed Services of the Senate noted in the report accompanying S. 
1356 (S. Rept. 114-49; 114th Congress) that since 1960, the Department of Defense has 
invested more than $6,000,000,000 in directed energy science and technology initiatives, 
and that the Committee is concerned that, despite this significant investment, the 
Department's directed energy initiatives are not resourced at levels necessary to transition 
them to full-scale acquisition programs. 


(2) The Defense Science Board Task Force on Directed Energy Weapon Systems and 
Technology Applications (the “Task Force”) found that “directed energy offers promise 
as a transformational ‘game changer’ in military operations, able to augment and improve 
operational capabilities in many areas”. 


(3) Despite this potential, years of investment have not resulted in any operational 
systems with high energy laser capability. 


(4) The Task Force believes that the range of potential application is sufficient to warrant 
significantly increased attention to the scope and direction of efforts to assess, develop, 
and field appropriate laser, microwave, and millimeter wave weapons. 


SEC. 3. Inclusion of directed energy weapon system programs in the rapid acquisition 


authority program. 


(a) In general—Section 806(c)(1) of the Bob Stump National Defense Authorization Act 
for Fiscal Year 2003 (Public Law 107-314; 10 U.S.C. 2302 note) is amended by adding 
at the end the following new subparagraph: 


“(D) (i) In the case of any supplies and associated support services that, as determined in 
writing by the Secretary of Defense without delegation, are urgently needed to eliminate 
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a deficiency in directed energy weapon systems, the Secretary may use the procedures 
developed under this section in order to accomplish the rapid acquisition and deployment 
of needed offensive or defensive directed energy weapon systems capabilities, supplies, 
and associated support services. 


“(il) For the purposes of directed energy weapon systems acquisition, the Secretary of 
Defense shall consider use of the following procedures: 


“(1) The rapid acquisition authority provided under this section. 


“(ID Use of other transactions authority provided under section 2371 of title 10, United 
States Code. 


“CID The acquisition of commercial items using simplified acquisition procedures. 


“(IV) The authority for procurement for experimental purposes provided under section 
2373 of title 10, United States Code. 


“(ili) In this subparagraph, the term ‘directed energy weapon system’ means military 
action involving the use of directed energy to incapacitate, damage, or destroy enemy 
equipment, facilities, or personnel.”. 


(b) Conforming amendments.—Section 2373 of title 10, United States Code, is 
amended— 


(1) in subsection (a), by striking “‘and aeronautical supplies” and inserting “, aeronautical 
supplies, and directed energy weapon systems”; and 


(2) by adding at the end of the following new subsection: 


“(c) Directed energy weapon system defined —In this section, the term ‘directed energy 
weapon system’ means military action involving the use of directed energy to 
incapacitate, damage, or destroy enemy equipment, facilities, or personnel.” 


SEC. 4. Joint Directed Energy Program Office. 


(a) Redesignation—The High Energy Laser Joint Technology Office of the Department 
of Defense is hereby redesignated as the “Joint Directed Energy Program Office” (in this 
section referred to as the “Office’’). 


(b) Strategic plan for development and transition of directed energy weapons capabilities 
toward fielding.—In addition to the functions and duties of the Office in effect on the day 
before the date of the enactment of this Act, the Office shall develop a strategic plan for 
development and transition of directed energy weapons capabilities toward fielding for 
the Department, in which the Office may define requirements for directed energy 
capabilities that address the highest priority warfighting capability gaps of the 
Department. 


(c) Acceleration of development and transition of directed energy weapons capabilities 
toward fielding.— 


(1) IN GENERAL.—To the degree practicable, the Office shall use the policies of the 
Department that are revised pursuant to this Act and new acquisition and management 
practices established pursuant to this Act to accelerate the development and transition of 
directed energy capabilities toward fielding. 


(2) ENGAGEMENT.—The Secretary shall ensure that use of policies and practices 
described in paragraph (1) include engagement with defense and private industries, 
research universities, and unaffiliated, nonprofit research institutions. 


Senate 


S. 2778 was introduced in the Senate on April 12, 2016. The text of S. 2778 as introduced states: 
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SECTION 1. Short title. 


This Act may be cited as the “Directed Energy Weapon Systems Acquisition Act of 
2016”. 


SEC. 2. Findings. 
Congress makes the following findings: 


(1) The Committee on Armed Services of the Senate noted in the report accompanying S. 
1356 (S. Rept. 114-49; 114th Congress) that since 1960, the Department of Defense has 
invested more than $6,000,000,000 in directed energy science and technology initiatives, 
and that the Committee is concerned that, despite this significant investment, the 
Department's directed energy initiatives are not resourced at levels necessary to transition 
them to full-scale acquisition programs. 


(2) The Defense Science Board Task Force on Directed Energy Weapon Systems and 
Technology Applications (the “Task Force”) found that “directed energy offers promise 
as a transformational ‘game changer’ in military operations, able to augment and improve 
operational capabilities in many areas”. 


(3) Despite this potential, years of investment have not resulted in any operational 
systems with high energy laser capability. 


(4) The Task Force believes that the range of potential application is sufficient to warrant 
significantly increased attention to the scope and direction of efforts to assess, develop, 
and field appropriate laser, microwave, and millimeter wave weapons. 


SEC. 3. Inclusion of directed energy weapon system programs in the rapid acquisition 
authority program. 


(a) In general—Section 806(c)(1) of the Bob Stump National Defense Authorization Act 
for Fiscal Year 2003 (Public Law 107-314; 10 U.S.C. 2302 note) is amended by adding 
at the end the following new subparagraph: 


“(D) (i) In the case of any supplies and associated support services that, as determined in 
writing by the Secretary of Defense without delegation, are urgently needed to eliminate 
a deficiency in directed energy weapon systems, the Secretary may use the procedures 
developed under this section in order to accomplish the rapid acquisition and deployment 
of needed offensive or defensive directed energy weapon systems capabilities, supplies, 
and associated support services. 


“(i1) For the purposes of directed energy weapon systems acquisition, the Secretary of 
Defense shall consider use of the following procedures: 


“(1) The rapid acquisition authority provided under this section. 


“(ID Use of other transactions authority provided under section 2371 of title 10, United 
States Code. 


“CID The acquisition of commercial items using simplified acquisition procedures. 


“(IV) The authority for procurement for experimental purposes provided under section 
2373 of title 10, United States Code. 


“(ili) In this subparagraph, the term ‘directed energy weapon system’ means military 
action involving the use of directed energy to incapacitate, damage, or destroy enemy 
equipment, facilities, or personnel.” 


(b) Conforming amendments.—Section 2373 of title 10, United States Code, is 
amended— 


(1) in subsection (a), by striking “‘and aeronautical supplies” and inserting “, aeronautical 
supplies, and directed energy weapon systems”; and 
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(2) by adding at the end the following new subsection: 


“(c) Directed energy weapon system defined. —In this section, the term ‘directed energy 
weapon system’ means military action involving the use of directed energy to 
incapacitate, damage, or destroy enemy equipment, facilities, or personnel.” 


SEC. 4. Joint Directed Energy Program Office. 


(a) Redesignation—The High Energy Laser Joint Technology Office of the Department 
of Defense is hereby redesignated as the “Joint Directed Energy Program Office” (in this 
section referred to as the “Office’). 


(b) Strategic plan for development and transition of directed energy weapons capabilities 
toward fielding.—In addition to the functions and duties of the Office in effect on the day 
before the date of the enactment of this Act, the Office shall develop a strategic plan for 
development and transition of directed energy weapons capabilities toward fielding for 
the Department, in which the Office may define requirements for directed energy 
capabilities that address the highest priority warfighting capability gaps of the 
Department. 


(c) Acceleration of development and transition of directed energy weapons capabilities 
toward fielding.— 


(1) IN GENERAL.—To the degree practicable, the Office shall use the policies of the 
Department that are revised pursuant to this Act and new acquisition and management 
practices established pursuant to this Act to accelerate the development and transition of 
directed energy capabilities toward fielding. 


(2) ENGAGEMENT.—The Secretary shall ensure that use of policies and practices 
described in paragraph (1) include engagement with defense and private industries, 
research universities, and unaffiliated, nonprofit research institutions. 
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Appendix. Potential Advantages and Limitations of 
Shipboard Lasers 


This appendix presents additional information on potential advantages and limitations of 
shipboard lasers. 


Potential Advantages 


In addition to a low marginal cost per shot and deep magazine, potential advantages of shipboard 
lasers include the following: 


Fast engagement times. Light from a laser beam can reach a target almost 
instantly (eliminating the need to calculate an intercept course, as there is with 
interceptor missiles) and, by remaining focused on a particular spot on the target, 
cause disabling damage to the target within seconds. After disabling one target, a 
laser can be redirected in several seconds to another target. 


Ability to counter radically maneuvering missiles. Lasers can follow and 
maintain their beam on radically maneuvering missiles that might stress the 
maneuvering capabilities of Navy SAMs. 


Precision engagements. Lasers are precision-engagement weapons—the light 
spot from a laser, which might be several inches in diameter, affects what it hits, 
while generally not affecting (at least not directly) separate nearby objects. 


Graduated responses. Lasers can perform functions other than destroying 
targets, including detecting and monitoring targets and producing nonlethal 
effects, including reversible jamming of electro-optic (EO) sensors. Lasers offer 
the potential for graduated responses that range from warning targets to 
reversibly jamming their systems, to causing limited but not disabling damage (as 
a further warning), and then finally causing disabling damage. 


Potential Limitations 


Potential limitations of shipboard lasers include the following: 


Line of sight. Since laser light tends to fly through the atmosphere on an 
essentially straight path, shipboard lasers would be limited to line-of-sight 
engagements, and consequently could not counter over-the-horizon targets or 
targets that are obscured by intervening objects. This limits in particular potential 
engagement ranges against small boats, which can be obscured by higher waves, 
or low-flying targets. Even so, lasers can rapidly reacquire boats obscured by 
periodic swells. 


Atmospheric absorption, scattering, and turbulence. Substances in the 
atmosphere—particularly water vapor, but also things such as sand, dust, salt 
particles, smoke, and other air pollution—absorb and scatter light from a 
shipboard laser, and atmospheric turbulence can defocus a laser beam. These 
effects can reduce the effective range of a laser. Absorption by water vapor is a 
particular consideration for shipboard lasers because marine environments 
feature substantial amounts of water vapor in the air. There are certain 
wavelengths of light (i.e., “sweet spots” in the electromagnetic spectrum) where 
atmospheric absorption by water vapor is markedly reduced. Lasers can be 
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designed to emit light at or near those sweet spots, so as to maximize their 
potential effectiveness. Absorption generally grows with distance to target, 
making it in general less of a potential problem for short-range operations than 
for longer-range operations. Adaptive optics, which make rapid, fine adjustments 
to a laser beam on a continuous basis in response to observed turbulence, can 
counteract the effects of atmospheric turbulence. Even so, lasers might not work 
well, or at all, in rain or fog, preventing lasers from being an all-weather solution. 


e Thermal blooming. A laser that continues firing in the same exact direction for a 
certain amount of time can heat up the air it is passing through, which in turn can 
defocus the laser beam, reducing its ability to disable the intended target. This 
effect, called thermal blooming, can make lasers less effective for countering 
targets that are coming straight at the ship, on a constant bearing (i.e., ““down-the- 
throat” shots). Other ship self-defense systems, such as interceptor missiles or a 
CIWS, might be more suitable for countering such targets. Most tests of laser 
systems have been against crossing targets rather than “down-the-throat” shots. 
In general, thermal blooming becomes more of a concern as the power of the 
laser beam increases. 


e Saturation attacks. Since a laser can attack only one target at a time, requires 
several seconds to disable it, and several more seconds to be redirected to the 
next target, a laser can disable only so many targets within a given period of time. 
This places an upper limit on the ability of an individual laser to deal with 
saturation attacks—attacks by multiple weapons that approach the ship 
simultaneously or within a few seconds of one another. This limitation can be 
mitigated by installing more than one laser on the ship, similar to how the Navy 
installs multiple CIWS systems on certain ships. 


e Hardened targets and countermeasures. Less-powerful lasers—that is, lasers 
with beam powers measured in kilowatts (kW) rather than megawatts (MW)— 
can have less effectiveness against targets that incorporate shielding, ablative 
material, or highly reflective surfaces, or that rotate rapidly (so that the laser spot 
does not remain continuously on a single location on the target’s surface) or 
tumble. Small boats (or other units) could employ smoke or other obscurants to 
reduce their susceptibility to laser attack.*” Measures such as these, however, can 
increase the cost and/or weight of a weapon, and obscurants could make it more 
difficult for small boat operators to see what is around them, reducing their 
ability to use their boats effectively. 


e Risk of collateral damage to aircraft, satellites, and human eyesight. Since 
light from an upward-pointing laser that does not hit the target would continue 
flying upward in a straight line, it could pose a risk of causing unwanted 
collateral damage to aircraft and satellites. The light emitted by SSLs being 
developed by the Navy is of a frequency that can cause permanent damage to 
human eyesight, including blinding. Blinding can occur at ranges much greater 
than ranges for damaging targeted objects. Scattering of laser light off the target 
or off fog or particulates in the air can pose a risk to exposed eyes.” 


a2 See, for example, “Kelsey D. Atherton, “China Plans To Defeat American Lasers With Smoke,” Popular Science, 
May 3, 2016. 


>? The United States in 1995 ratified the 1980 Convention on Prohibitions or Restriction on the Use of Certain 
Conventional Weapons Which May be Deemed to be Excessively Injurious or to Have Indiscriminate Effects. An 
(continued...) 
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For additional background information on potential Navy shipboard SSLs, see CRS Report 
R41526, Navy Shipboard Lasers for Surface, Air, and Missile Defense: Background and Issues 
for Congress, by Ronald O'Rourke. 


Author Contact Information 


Ronald O'Rourke 
Specialist in Naval Affairs 
rorourke @crs.loc.gov, 7-7610 





(...continued) 


international review of the convention began in 1994 and concluded in May 1996 with the adoption of, among other 
things, a new Protocol IV on blinding laser weapons. The protocol prohibits the employment of lasers that are 
specifically designed to cause permanent blindness to the naked eye or to the eye with corrective eyesight devices. The 
United States ratified Protocol IV on December 23, 2008, and it entered into force for the United States on July 21, 
2009. DOD views the protocol as fully consistent with DOD policy. DOD believes the lasers discussed in this report 
are consistent with DOD policy of prohibiting the use of lasers specifically designed to cause permanent blindness to 
the naked eye or to the eye with corrective eyesight devices. For further discussion, see Appendix I (“Protocol on 
Blinding Lasers”) in CRS Report R41526, Navy Shipboard Lasers for Surface, Air, and Missile Defense: Background 
and Issues for Congress, by Ronald O'Rourke. 
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5, Psychoenergetics 


Mental entrainment, inducing hypnogogic trance, mind control, broadcasting thoughts and feelings, the Ant World, 
education via EM [LW] mental download, the "Feelies," revolution in spirituality, "enlightenment machine?" Scalar 
churches? 


Psychoenergetics is simply using the scalar interferometers to manipulate and engineer the human psyche. To me it is 
the most mind-boggling and frightening aspect of longitudinal wave engineering. 


The mind is electromagnetic in nature, and itself of the time-domain. It is not observable in 3-space. There is nothing 
you can point to that is the mind. As Bearden says, "The mind is time-like." 


The longitudinal scalar EM waves are also of the time-domain. By overlaying certain infolded patterns (oscillations in 
time) on the longitudinal waves, a thought or feeling may be made to arise in a person or persons who are in the 
interference zone (where the wave beams cross). 


The person will not notice anything, feeling that this thought or idea is his or her own idea. The longitudinal wave 
pattern might be a wave of panic or fear that spontaneously sweeps over you, perhaps inexplicably. It could even be 
in the form of a sudden intense patriotism. It could be explicit words and phrases, which everyone would think they 
had thought of by themselves. Or it could be rage and hatred, angry and violent. On the other hand It could also be a 
continuous sense of docility and placidity. This is the brave new world of psychoenergetics and the coming "Mind 
Wars." 


Scalar Psychoenergetics in its most primitive form simply "entrains" all minds in the target area into a deep 
hypnogogic trance. In this state of mind people would be suddenly extremely suggestible, and would likely believe 
anything they are told, and would obey any orders given. Talk about winning the hearts and minds of the American 
People! 


Tom Bearden makes me think of Paul Revere, who heroically conveyed important warnings for the sake of the new 
nation. But the words of the famous phrase have now strangely and curiously mutated into the once-inconceivable: 
"One if by land, Two if by mind." 


Indeed one strategy in a Mind War would be to simply take over the minds of the "leaders" of the enemy nation. The 
targeted leader would not be aware that anything was amiss, although he might begin to make unexpected changes 
in policy. 


And are, in fact, any of our "leaders" already having secret thoughts that are not their own? Who knows? 
Frighteningly, we can no longer be sure. 


The new sciences of scalar electromagnetics and psychoenergetics are even now plunging humanity into a sudden 
science-fiction-like world beyond anything in humanity’s previous imaginings. 


"The Russians reached the point in the mid 1990s that they could take over control of a person’s mind, 
with modified longitudinal EM waves including some time-polarized EM waves, and with a team of 
specialists (estimate 25-30 per transmitter, and one transmitter and team per controlled person)." 
Bearden: http://www.cheniere.org/misc/time.htm 


In a slide (below image) Bearden illustrates how a Scalar War would involve a psychoenergetics attack on the 
operators of the enemy scalar installation, entraining their minds into hypnogogic trance and getting them to shut 
down their systems. 


http://www. bibliotecapleyades.net/scalar_tech/esp_scalarwar04.htm 


1/26/2018 Scalar Wars - Psychoenergetics 


COUNTERING AN INSANE QP WEAPON: 


<@. Quantum Potential Psychoenergetics 


Strike Mentally Controfs All Personnel 


CONTROLLED PERSONNEL DISABLE INSANE QP SYSTEM 
(FOLLOWED BY PERSONNEL KILL OF ENTIRE CADRE BY MINDSNAPPER) 


E001 


Effects arise in local spacetime, 
simultaneously in all minds in 
the targeted area 












(©) om 3e tta oe 


MINDS ARE INSTANTLY PLACED 
INTO WAKING -- BUT DEEP -- 
HYPNOGOGIC TRANCE 

STATE. INSERTED THOUGHTS 
ANAL OGOUS TO HYPNOTIST. 
PERSONNEL FUNCTIONIN AN 
ALTEREO, COMPLETELY 
CONTROLLED PERCEIVED REALITY. 


Indicators: Captain Button's lengthy A-10 incident in 1997, LIDA device since 1%0s. 


And ultimately psychoenergetic warfare goes to the very heart of human identity itself. 


For if my thoughts might no longer be "mine," 


e Then who and what am |? 

e Can my very sense of being "me" be hijacked by some nefarious psychoenergetic scheme? 

e Will the "secret government" eventually dictate directly into your mind how you feel about 
yourself? 

e Or what you think you are? 

e Or what you should do? 


How Does Longitudinal EM Mind Control Work? 


The physics of scalar psychoenergetics as expounded by Col. Bearden seems even more arcane and over-my- 
head than that of extracting energy from the vacuum. | can’t understand it, but | look through it anyway. Each time 
another tiny understanding might occur, or a term might fall into place. | know the mathematics is forever beyond me. 


One paper to begin with is Mind Control and EM Wave Polarization Transductions. This is such serious stuff that 
Bearden includes a strong warning about misuse of this knowledge. 


Psychoenergetics weapons can mentally maim and physically kill. 


Warning! 


http://www. bibliotecapleyades.net/scalar_tech/esp_scalarwar04.htm 
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(From "Mind Control and EM Wave Polarization Transductions") 


"This article refers to experimental research techniques which can be detrimental or lethal in the hands 
of any but highly skilled, qualified experimental scientists proceeding under proper laboratory safety 
procedures. The purpose of this article is strictly for information to properly qualified and authorized 
scientists in certified laboratories. 


We do not propose or condone any use of these procedures for non-approved practice of medicine 
without a license. Neither the publisher nor the author are responsible for accidents or outcomes in the 
use of these experimental procedures and techniques. Any researcher who performs these procedures 
and experiments is acting on his or her own volition, and is solely responsible for insuring safety, 
qualifications, and legality of the acts and their results. 


We neither suggest nor condone unauthorized experimentation on human subjects. Such is a criminal 
violation of the constitutional rights of the subject under Federal and State laws, and is both illegal and 
immoral." 

Bearden: http://www.cheniere.org/explore articles/mind control1/p01.htm 


After the serious warning comes the description of the paper. This is heady stuff for the layman. 


"Calling full attention to the special note above, in this paper we present a high-level overview of the 
novel electromagnetic nature of mind operations, mind and body coupling, and intent - the induction of 
physical 3-space EM energy changes into the brain and nervous system, and into every cell of the body, 
from the mind’s time-like coherent operations. 


We summarize the time-polarized electrodynamics used to engineer and affect mind operations and the 
mind-body coupling loop. Transaction mechanisms whereby differing EM wave polarization s can be 
transformed one-into-the-other are presented." 

Bearden: http://www.cheniere.org/explore articles/mind control1/p01.htm 


| will leave it to the technically astute to try to understand the mechanisms of operation which are described in 
scientific language. But there are tidbits for the layman. 


Here he speaks of the difficulty Western scientists have in opening up to the "immaterial" (longitudinal wave) nature of 
the human mind. 


Western Science Remains Largely Materialistic 


"Ironically, most Western scientists are materialists and consider "mind" as a mystical and nonscientific 
concept. They tend to consider mind operations and functions either to be simply "meat computer" 
operations and functions, or at best to be very weak ordinary transverse-wave EM operations and 
functions in the brain and nervous system. This serious self-limitation exists because in the body we 
measure only weak TW [transverse wave] EM operations and functions correlated to biological behavior 
and brain operations. We simply do not know how to measure "mind operations" directly. 


"With no mind measurements possible and no instruments, it is understandable that Western science 
considers only the physical side of the mind-matter interface. 


"Presently our scientists do not measure the longitudinally-polarized EM wave operations and functions 


in the body and around it in nature. Few of them are aware that a maelstrom of such LW [longitudinal 
wave] functions exist in the body and in all of nature in general." 


Bearden: http://www.cheniere.org/explore articles/mind control1/p05.htm 


Western methods of influencing the mind with EM waves have only used transverse waves, not the longitudinal waves 
of the vacuum. 


If only transverse waves are used one pretty well has to hit the target mind with a sledgehammer of waves. 


http://www. bibliotecapleyades.net/scalar_tech/esp_scalarwar04.htm 
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Western Science knows only transverse EM waves 


Brute Forcing Time Functions versus Fine Control Methods 


"Ironically, Western mind control researchers using transverse EM waves for mind control research, are 
using a brute force method of evoking and using vacuum engines (spacetime curvature engines) and a 
special form of general relativity, although they do not appear to realize it. 


"While KGB scientists also use TW EM "brute force", TW waves when necessary, they do "imprint" or 
"activate" those waves with the desired internal LW and time-polarized EM wave and photon structures 
required to directly perform the mind engineering desired... 

Bearden 


"These "fitted brute-force models" certainly can be very powerful, and certainly can produce the exact 
results shown in the experimental verifications of the fittings. However, they do not of themselves allow 
sophisticated design for example of the necessary time-polarized wave assemblies for engineering the 
entire human collective unconscious simultaneously, or for engineering the entire collective unconscious 
of all species on Earth (i.e., Gaia's collective unconscious), or even for precisely engineering the 
memory and knowledge base of an individual. 

Bearden: http://www.cheniere.org/explore articles/mind control1/p09.htm 


The seemingly magical operations of psychoenergetics, sometimes called "psychotronics," cannot be achieved with 
ordinary transverse EM wave energy. But they are possible with longitudinal scalar waves because the mind itself is 
scalar in nature. 


"We note that all mind operations are time-like, i.e., they are comprised as scalar EM photon functions 
and scalar EM wave functions. Thus the mind is a very special kind of electromagnetic system, existing 
in the time domain..." 

Bearden: http://www.cheniere.org/explore articles/mind control1/p08.htm 


The engineering of the mind can only be accomplished with the waves of time. 


The course of psychoenergetics development necessitates the building of a vast database of settings and patterns 
which bring about given mental and/or emotional states. 


A kind of "gnome" of the psyche. Bearden describes the process of the decoding of this "gnome." 


"Now the scientists would perform many phenomenology experiments, making one little change ata 
time and profusely recording the data. Each time, they would establish the physical change(s) that occur 
in the body and/or the mental and emotional changes that occur in the mind for each spectral reinsertion 
back through the "ship’s portholes". They would simply but painstakingly (over some years) build up an 
extensive database of those individual correlates. 


"In these experiments, the experimenters will eventually be able to provoke any body or mind change 
they wish. Strong emotion. Intense pain. Intense pleasure. Painful thoughts. Images. Memories. 
Perceptions. Dreams. Visions. Memory losses. Memory changes. Personality changes. Etc. The "delta" 
in the emission spectrum (the changes from zero reference spectrum) represent the precise totality of all 
mental, physical, organic, chemical, etc. changes and interactions." 

Bearden: http://www.cheniere.org/explore articles/mind control3/p01.htm 


"A second stage in the research would be to test the correlates and porthole insertions upon a 
statistically significant cross section of ordinary people, and/or specialized populations (such as 
toughened soldiers). The program would evolve a highly complex, very effective, ever-improving 
science and technology of mind and behavior control and engineering mechanisms, complete with 
finished database and developed applications equipment." 

Bearden: http://www.cheniere.org/explore articles/mind control3/p02.htm 


Summing up his paper Bearden speculates on what the actual situation the science of psychoenergetics probably is. 


The intense secrecy with which this knowledge has been kept from the public has led to the current farce of the 
"government" pretending it all does not exist, and this secrecy may have now put us at great risk. 


http://www. bibliotecapleyades.net/scalar_tech/esp_scalarwar04.htm 
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"The implication is that in the West one or more highly classified, sustained, heavily funded 
developments in advanced mind control programs, probably exists and probably has existed for some 
time. 


Due to loose formation of rogue groups inside such programs, they may have dual or triple purposes, 
may not operate under very much legitimate government control at all, and may operate specifically for 
the purposes of the rogue group or groups that have gained control. 


"In a nutshell, that’s what may be going on in the clandestine mind control projects in several Western 
governments. The involvement of at least some rogue groups, some being "cowboys" who operate well 
outside all laws and ethics, could also result in such things as assassinations, clandestine testing on 
individuals without their consent, etc. In short, it could account for what seems to be actually occurring. 


As also is "usual" in such a mess, one or more of the rogue groups eventually may become very 
powerful because their secret weapons are very powerful. They may become confident, thinking they 
have the "best in the world." They may actually believe they are ahead of the Russians..." 


"Remember that, in every large and powerful human organization, the basis for rogue groups is power 
and secrecy. They are always seeking to increase their power, control, influence, prestige, etc. Nothing 
else. Patriotism and mission are to rogue groups often just idle words. They have their own agendas. 


And being rogue groups, they may well bring in unethical, immoral tricks: assassination, bribery, 
entrapment, disinformation, plausible deniability, etc. A certain percentage of a highly secret rogue 
group will wind up using all these things and more. It’s a human characteristic, the old primate 
dominance game. Only now disguised and hidden under deep classification." 


"The Russians, with their additional knowledge of the actual mechanisms in the transforms, will be much 
more advanced than the West, because their fundamental psychoenergetics science is far more 
advanced, so long as we continue to use the old U (I) electrodynamics. 


Further, the Russians have decades of use of longitudinal interferometry beams to reach right through 
the earth and ocean and produce stringent EM effects at a distance. 


So they will also be able to do the same things here in "mind control" with LW [longitudinal wave] 
interferometers, through intervening mass." 
Bearden: http://www.cheniere.org/explore articles/mind control3/p05.htm 


scalar interferometers. 


One was the case of Captain Button in his A-10 "Warthog" aircraft on April 2, 1997. 


"Over Arizona, Captain Button was thrown into a hypnogogic state, and his perceptions instantly altered 
and controlled. In his instant "dream-waking" state, everything seemed perfectly normal. His sense of 
direction was altered a bit more than 90 degrees, so he simply corrected and turned and "flew toward 
the range", actually flying off course by more than 90 degrees and ignoring radio contacts. He flew right 
on out of Arizona." 


"At one point he circled, probably thinking he was over the range, and he probably dropped his 
ordnance there. Then he "flew on back toward home,” as he thought in his waking dream state, until his 
fuel ran out and he crashed and died in the explosion dream-thinking until he died that everything was 
normal. 


All the while, his sense of the passage of time was altered. To him, in his dream-thinking, dream-acting 
state, everything was normal and nothing untoward had happened. So the distant KGB transmitters and 
associated psychoenergetics team controlled him for over an hour. 


"Indeed, that was the exact purpose of the test: demonstrate control (at a great distance) 
of a skilled person performing highly skilled tasks.” 


Bearden: http://www.cheniere.org/explore articles/mind control3/p06.htm 


The paper Mind Control and EM Wave Polarization Transductions ends with the most chilling and frightening 
possibility of all: the psychoenergetic engineering of the human species as a whole. 
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The Ant World 


The Final Race for Direct Mind Control of the Entire Human Species 


"The KGB psychoenergetics weapons scientists because of their direct measurements and detections 
(and use) of t-polarized waves and LWs [longitudinal waves] for decades also understand that Jung’s 
collective unconscious mind (of the entire human species) also has its own time-like operations and 
correlates, which one measures also when using t-polarization measurements and sorting it all out. The 
collective unconscious mind operations are buried several levels deeper inside the recursive Whittaker 


structuring inside the EM fields, waves, and potentials. 


"The KGB scientists also know that something very like Gaia a collective unconscious mind for all 
species on earth also exists, and they are striving to be able to sort out and measure that one as well. 
The Gaia operations are buried even deeper in the recursive structuring inside the EM fields, waves, 
and potentials." 


"Actually, from day one, the Russian mind control scientists have had their eventual goal set upon this 
"deeper area of mind and possible mind control" of the entire human species. 


"| am convinced that the KGB psychoenergetics scientists understand this deeper area. If they can learn 
to directly engineer the collective human species unconscious, they can then convert the human 
species easily into a sort of "ant" society, modeled along ideal Communism lines, except of course with 
an excluded "hierarchy at the top" running everything. The "ant society" communist style is still a 
variation of feudalism (all systems tend to feudalism or some form thereof). 


"The KGB psychoenergetics weapon scientists are seriously pressing on toward that very goal. In my 
opinion they are not very far from it right now... 


"Some versions of Russian mind control devices were used on Russian soldiers in the Afghan War to 
condition them for performance of merciless acts." 13 


Bearden: http://www.cheniere.org/explore articles/mind control3/p07.htm 
More about "The Ant World" 


Whether it is the Russians planning an "ant world" society or rogue U.S. black-ops groups withholding a great boon 
from human race, the secrecy on all sides around has allowed largely criminal elements to take over this technology 
while leaving the civilized elements in the dark. 


Openness and the spreading of this knowledge among good and decent people is essential, and for that we will have 
to overcome our frightened denial. 


"Meanwhile, rogue groups amongst Western clandestine mind control researchers will probably arise if 
they have not already done so. They will likely seek to increase their personal control and further isolate 
the programs from orthodox government review and from government and legislative control. They may 
even divert the research into highly illegal and unethical means, because it furthers their own rogue 
agendas. That is how clandestine U.S. government research can sometimes go sour, unless great care 
is exercised by the oversight committees in the House and the Senate. 


"Sometimes when rogue groups do gain control and total secrecy of a given new technological area, 
then what appears to be "U.S. government operations" do start to encompass a criminal and unethical 
operations, hidden usually beneath the deep veil of high classification. Also, if it’s "scientific," no one is 
ever brought to justice, even if the "evil science actions" are uncovered and publicly revealed." 
Bearden: http://www.cheniere.org/explore articles/mind control3/p08.htm 


Like the huge energy of the Tesla howitzers, the ability to engineer the mind with longitudinal waveforms is a seeming 
"magical" thing which can be used for good or ill. Bearden envisions that further developments will allow something 
like the "downloading" of knowledge via scalar interferometry. Everyone could be highly educated, and quickly and 
easily. 
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In the conclusion of the paper "Mind Control and EM Wave Polarization Transductions" Bearden makes a plea to the 
nations of the world regarding the use of psychoenergetic engineering. 


"Let us hope this great new area, already off to a bad start, can be bridled and steered in the direction 
helping and healing people, rather than killing or abusing them. The excesses in its bad use are a 
potent threat to all nations on earth. 


"Yet it can revolutionize medical science, education, communication, and psychology. We foresee the 

day - perhaps 30 years hence - when education will be accomplished by directly loading the software 

into the mind. Then in three weeks one will "load" a doctorate, say, in physics. In three more weeks on 
will also load a doctorate in chemistry. Another three weeks, in electrical engineering. 


Another three weeks, an MD And so on. When that happens then truly everyone on earth can be 
educated. Freedom from ignorance may well be another great freedom that is legally recognized. 


There will be no impoverished large groups lacking the education to find decent, productive jobs. 


"We urge all nations to use the principles involved: not for human 
abuse, but for healing, educating, uplifting, and life-expanding of every 


person on earth. If we do, we shall all have a far brighter future. Then 
we shall check what has started out to be the Sword of Damocles and 
turn it into the golden Millennium." 





Bearden: http://www.cheniere.org/explore articles/mind control3/p08.htm 


(Perhaps after so many frightening topics a slight break is in order here to consider the lighter side of 
psychoenergetics. For example, what will be the ultimate impact on the entertainment industry?) 


The Feelies at Last! 


Psychoenergetics will be able to bring about at last, for better or for worse, Aldous Huxley’s fanciful idea in his novel 
"Brave New World,” an entertainment format which he called "The Feelies." 


Those were something you went to, like going to the movies, but you would experience all the actual feelings 
themselves, as if the depicted events were actually happening to you. 


Although our "leaders" seem too dim to grasp what is going on in the world of scalar electromagnetics, it should not 
take some young Hollywood genius too long to understand that The Feelies are now possible, and that the immense 
megabucks of potential profit more than justify heavy investment in bringing it to market. 


One can imagine that first "Feelie" theater, "The Huxley" perhaps, a large comfortable area surrounded by nine giant 
screens (not just one screen!), which become 3D if you put on your headset. And The Huxley is fitted with the finest 
sound, and oh, by the way, a modest sized scalar interferometer with computer. And there are one or more new tracks 
now recorded on the film next to the sound track. 


These are the digital patterns of thoughts, feelings, and ideas to be fed into the theater’s interferometer. And these 
thoughts and feelings and ideas will be felt by the audience as if they were their own thoughts and ideas. It is an 
entirely new art form. Psychevision. 


As important (and no doubt famous) as the actors would be the "feelers," those from whose minds the feelings were 
lifted in the original programming of the Feelie tracks. Because, for example, Brad Pitt might be a good and handsome 
actor, but can he really feel it? Like the dubbing of foreign language films, it might be necessary to dub the "emotional 
track" using a deeper and more profound person’s feelings, thoughts and ideas. 





It might even be engineered so that if you sat on one side of the theater you would feel like the hero, and on the other 
side you would feel exactly like the bad guy! What would that lead to? 
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We have all cried at a movie some time, most people have, though they might not want to admit it. But this would be 
deep sobbing and a flood of tears, if the director so desired it. You would feel it at your core. Or, take a big chase 
scene, you would be terrified. They are breathing down your neck! You would be gripped by panic. 


For that matter, the whole genre of Horror-Feelie would be too much for many people to take. Do | really want to feel 
that an actual vampire is tearing at my throat with his fangs? 


A Religious Feelie would make you feel the exaltation of a saint at his prayers, or give you the definite feeling that you 


are Christ suffering on the cross. All the pain could be there too. The stickiness of the blood. The very feeling itself: 
"Why hast thou forsaken me?" Who among us could come up that despair for scanning? 


Had this been developed a bit earlier we might watch a documentary of, say, Mother Theresa, containing her own 
actual deep sense of compassion, which we would feel arising in us as our own. 


Then again, a Psychedelic Feelie could induce an LSD-like state and simply blow the audience’s minds. 


Even in its simplest most primitive mode, the hypnogogic trance induction with its increased suggestibility, would 
completely alter the experience of even ordinary current movie going. 


Go Back to Scalar War 


Go Back to Psychoenergetics 
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.. scalar Wars 


The Brave New World of Scalar Electromagnetics 


by Bill Morgan 


(See also NEW 2007: Book Review of Bearden's "Oblivion - America at the Brink") 





Tom Bearden (2001) 
Lieutenant Colonel, U.S. Army (Retired) 


For the past six months I have been undergoing the greatest paradigm shift I 
have ever had to go through. It has rattled my nerves and shaken my bones. 
This intense adjustment of my "world"has come about by studying the 
information given by Col. Tom Bearden at his website Cheniere. The new 
knowledge there has necessitated a total revision of my ideas about physical 
reality, the world we live in, and the future of humanity. 


This paradigm shifting even actually made me dizzy on certain days as I tried 
to absorb and digest Bearden's vast amount of information. I am not a scientist 
at all, just a layman, and I have little comprehension of the math and high 
physics of this new science called "Scalar Electromagnetics."But there is a 
great deal of information at Cheniere which needs to become common 
knowledge as fast as possible, for the sake of the survival of life on earth. 


To that end I have put together this small primer of Bearden's ideas, as a kind 
of "beginner's guide" to his website. (I have tried to underline certain words 
and phrases which are part of the new "jargon" of talking about these "new" 
phenomena. Also I have taken the liberty of bolding certain words and phrases 
to help them stick in the mind). 


ote: Throughout "EM" means "electromagnetic," and "LW" means "longitudinal wave") 
8 2 g 


You can download this article in Word format 


This article has six sections: 


1. New Waves 2. Tapping the Waves 3. Weaponization 4. Healing 5. Psychoenergetics 6. As It Stands 


2006 NOTE: Click here for a current status history of the MEG from Tom Bearden 


1.New waves discovered 


Longitudinal EM energy fills vacuum of space, the time domain of spacetime, time as compressed 
energy, E=tc2, waves of time, phase conjugate wave pairs. 


"Electric power is everywhere present in unlimited quantities 
and can drive the world's machinery without the need of coal, 
oil, gas, or any other of the common fuels." Nikola Tesla 


“At any point and at any time, one can freely and 
inexpensively extract enormous EM energy flows directly 
from the active vacuum itself." Tom Bearden 


I guess the first thing to try to comprehend is that a "new" kind 
of electromagnetic (EM) wave has been discovered in the 
empty vacuum of space which, when engineered, can be an 
inexhaustible supply of energy in great magnitude at any place 
in the universe. The word "new" is in quotes because the 
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discovery really goes back to Nikola Tesla and his discovery of 
what he called "radiant energy." It is also not "new" because the 
Russians (KGB) have been working on this technology for over 
30 years and have weaponized these "new" longitudinal scalar 
waves to a great degree. 





These are the weapons Nikita Khrushchev spoke of in January, 1960. 


"By 1957-8 the Soviets had progressed to the point of a giant scalar EM 
accident in the Urals which exploded nearby atomic wastes, devastating 
the area. They had also progressed to development of great new 
superweapons using their new energetics - weapons to which Khrushchev 
referred in 1960 when he informed the Soviet Presidium of a new, 
fantastic weapon in development, a weapon so powerful that it could 
wipe out all life on earth if unrestrainedly employed." tom Bearden 


After over 30 years of development, and extensive testing around the globe, these new 
scalar electromagnetic weapons are up and running and ready to go. Tom Bearden, at 
his website Cheniere, dicusses the history of these new scalar electromagnetic 


weapons in his paper "Historical Background of Scalar EM Weapons." 


Some Immediate Implications 


The implications of successful engineering of the longitudinal waves 
are enormous, and will change the world as we know it, one way or 
another. Among other things, these discoveries mean that: 


1. The solutions to the energy crisis and the "oil problem" are in 
hand. These oil wars are unnecessary. There is endless energy 
available freely from the domain of time. 


2. Unbelievably powerful weapons are not only possible, but are 
already operating in several nations. The many powers of these 


weapons are unprecedented and mind-boggling. 


3. The cure of diseases such as cancer and AIDS, in fact nearly any 
disease, has become possible within a few years of sufficient 
funding. Everyone can be made healthy and stay healthy. 


4. Mind control on a mass scale has now become possible, and the 
machines to do it are already in place in certain nations. It has 
become possible to mentally enslave whole populations with the 
twist of a few dials. 


So the layman will need to understand that there is a new kind of electromagnetic 
energy that is altogether different from what he knows, e.g. radio, TV, cell phones, 
etc. The ordinary EM waves that we have known about are called transverse EM 
waves, to distinguish them from the new longitudinal EM waves. These scalar waves 
do not actually exist in our "material" world, but exist only in the vacuum of empty 
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space, or the time domain. And we must keep in mind that this vacuum of space we 
speak of exists all through everything. Even our bodies are mostly empty space 
between atoms and molecules. So the gateway to this seething ocean of energy can be 
there at every point in the universe. This seething ocean of energy is all around us and 
all through us. 


Emptiness is Full 


This amazing discovery announces that the "emptiness" of empty 
space is in fact not empty, but a great ocean of seething energy! 


Col. Bearden refers to this ocean of energy as being of the "time 
domain." Energy out of time? It seems like something from Star Trek 
but this is the point which the new science of scalar electromagnetics 
has reached. And where it is going may be beyond anything Star Trek 
could have dreamed of. 


We live in a 3-dimensional world, which physics calls "3-space." But 
there is also spacetime, or 4-space, or the "4th dimension." Then 
suddenly comes this amazing new knowledge that time itself is actually 
compressed energy. And it is energy which is compressed by exactly 
the same factor by which matter is considered compressed energy: the 


speed-of-light-squared! 


So we have a new companion to the famous E=mce2. It is now paired 
with E=te2 (where t is actually "delta-t," or change in time). Or (amaze 
your family and friends and) say: 


"E equals em-cee-squared" 
and 


"E equals delta-tee-cee-squared" 
It has a nice ring to it, like some freedom bell announcing a new era. 
And as the atomic bomb released the compressed energy in matter, so 


can we now unleash the tremendous energy that is compressed into 
time itself. It gives a completely new meaning to the term "time bomb." 





Some New Terminology of Scalar Electromagnetics 
A new science, several new names 


"Those [Russian] weapon scientists resurrected an old term from the 
history of electrodynamics, called "energetics". That is their approach 
to a unified field theory, where everything is based on "energetics". 
This model as its foundations uses a very similar approach to that 
"single fundamental unit" model, where energy is the unit. If one 
makes the energy EM in nature, then one has the Russian energetics 
approach. This unified approach gathers everything in, including all 
energy actions and relations in inert matter (the first branch of 
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energetics, called by the same name), all field and matter interactions 
in living matter (the second branch of energetics, called 


" 


(the third branch of energetics, called "psychoenergetics"). [ed: 
sometimes also called "psychotronics" by the Russians] 


"Note that the weaponeers sliced energetics into three branches, with 
each branch depending on the nature of the "targeting". 


"So I took a hint from them, since the stuff and the approach worked. 
They had already weaponized it highly." 


Bearden : http://www.cheniere.org/correspondence/021502a.htm 
See also "Subdivisions of Soviet Energetics" 


Rick Andersen in an article called "What is Scalar Electromagnetics?" 
describes the new science this way: 


"Scalar EM is the brainchild of Lt. Col. (retired) Thomas E. Bearden, a 


systems analyst and wargames specialist who has been advocating a view of 
electromagnetics which is based on the notion of a vast, unseen background of 
scalar energies (as opposed to vector energies) which underlie all physical 


reality. 


"If Bearden is correct in his Scalar EM theory, then we can build devices 


which would enable us to alter gravity, time, inertia, and the apparent mass of 


an object. This of course has ENORMOUS implications for military 


applications, space-vehicle drives, time-travel, teleportation, paranormal 


phenomena, and just about every other area one can think of." 
http://twm.co.nz/Beard_scalem.html 


"Time-energy, time-currents, and time-structuring play the 
dominant role in electromagnetics. Time-as-energy eventually 
becomes engineerable, as easily as is spatial energy now. We 
are always dealing with spacetime and with spacetime 
curvature." 


Bearden:http://www.cheniere.org/techpapers/Vision%202000%20paper.doc 


The scalar energy discovered in the vacuum of space is sometimes called 


"zero-point" energy. Thomas Valone explains how this term came about. 





What does "Zero Point" mean? 


"Boyer traces the historical “creation of the vacuum” as proceeding 
in stages in parallel with the historical development of ideas about 
the vacuum. To paraphrase, he says that in the 17th century, it was 
thought that a totally empty volume of space could be created by 


simply removing all matter and, in particular, all gases. That was our 


first concept of the vacuum. Just get rid of all the gas. 


Late in the 19th century, it became apparent that the region still 


contained thermal radiation. But it seemed that the radiation might be 


eliminated by cooling. So the second concept of getting a real 
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vacuum is to cool it down to zero temperature. Just go all the way to 
absolute zero. Then we’ve got a real vacuum. Right? Well, since 
then, both theory and experiment have shown that there is a non- 
thermal radiation in the vacuum and that it persists even if the 
temperature could be lowered to absolute zero. Therefore, it was 
simply called the “zero point” radiation." 


Thomas Valone http://(www.seaspower.com/InsideZeroPoint.htm 





"For our very survival, it is absolutely imperative that informed 
citizens be aware of this dramatic change, which is just now 
starting. The powerful new science and engineering must be 
controlled and used for humanity's benefit, not its detriment. Else it 
will eventually be let loose unrestrainedly, to destroy all life on 
earth - a possibility indicated by Nikita Khrushchev in 1960." - 
Bearden 


http://www.cheniere.org/explore%20articles/priore1/p4.j 








2. Tapping the waves 


Endless free energy, Tesla's radiant energy, the dipole as the gateway to the energy of the void, 
MEG in one year, Bedini, Yakuza, etc. End of Oil, geopolitical chaos, rogue groups 


Move Over G.E. & Big Oil, Energy is Everywhere! 
Third-world nations set to rise 


"Certain powerful interests did not wish the extended 
electromagnetics to be discovered or taught. That, after all, would 
lead to free energy and loss of economic control of the citizens. 
That was precisely why Nikola Tesla had already been suppressed ... 
Today it is still being suppressed by the orthodox establishment." 


http://www.cheniere.org/books/ferdelance/s25.htm 


The vast seething ocean of energy of the vacuum, the longitudinal scalar EM 
waves of the time domain, can now be tapped and "transduced" into ordinary 
(transverse) EM energy in our 3-Space world. The process can be compared to 
putting a paddlewheel into a river. The energy acquired is free, since the river is 
there flowing whether we tap it or not. And it is a mighty river, and is not 
diminished by our paddlewheel. 


This means that a permanent solution to the "energy crisis" is at hand, if 
only those who hold it so secret would give it up to humankind. 


It means our species' insane use of oil is no longer necessary. We can make 
automobiles that need no fuel at all. We can build motors that power themselves. 
It means that unlimited electrical power can be available for free anywhere in the 
world. Every house and even shack can have its own power supply. 


Of course there is the cost of the equipment at first, but the energy flow is free 
for the presumably very long life (no moving parts) of the generator. It will 
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probably take decades to shift over to scalar power. 


But the ability to tap the scalar (longitudinal) EM waves of the vacuum (which 
exists everywhere) also means that unbelievably powerful weapons can be, and 
already have been developed. In fact these weapons are so dangerous that the 
fear engendered becomes a psychological obstacle to the grasping of the facts. 


I struggled with this myself for months, and even though Tom Bearden had 
completely convinced me already, it is hard to accept the fact that for everyone 
on earth the "worst that might happen" has suddenly gotten much worse. It takes 
time to deal with that, to realize it and get over it. 


Indeed, the possibilities of these new weapons, which are tapping the huge 
energies of time, are so terrifying it is natural for the mind to simply say: "I 
don't want to hear about that." 


And the government, likewise, pretends these weapons do not exist and tries to 
keep it secret from the people. Because most people would indeed be truly 
alarmed to know the actual situation. Col. Tom Bearden has decided that the 
people need to know the truth anyway. As a People on a Planet we must face this 
now, and ban the use of scalar weapons in war or in mass mind control. The 
current deployment of these weapons is a world emergency which we must all 
face. 


The physics and mathematics of the longitudinal waves and the time domain are 
clearly beyond the layman, but I recommend scanning through them anyway just 
to get a sense of the wonder and the elegance of it all and some of the exotic 
terms which are used. Two of the most important papers by Col. Bearden are: 


Giant Negentropy from the Common Dipole 
The Final Secret of Free Energy. 


Despite the complexity of the science involved, Bearden sums up the essential 
secret of it all in a few words. 


"There is no problem at all in extracting all the energy one wishes 
from the active vacuum, anywhere in the universe, at any time. Just 


make a dipole. 


The problem is in (1) catching some of that freely gushing EM 
energy in a circuit containing a load, and (2) dissipating the caught 
and collected EM energy in that load to power it, without using half 
the caught energy to destroy the source dipole's). 


That is the ONLY real energy problem on the planet, and always has 
been." 


http://www.cheniere.org/correspondence/022502.htm 


A dipole could be a battery, which is polarized into negative and positive. Or the 
terminals of a generator. Or any magnet with its two poles. Or an atom with its 
positive and negative charges. Or the earth's magnetic field, the sun, and all 
heavenly bodies. Even a galaxy must be some kind of mega-dipole. Wherever 
there is a dipole there is already immense scalar EM energy ushering out of and 
back into the vacuum. And there have already been demonstrated a number of 


http://www. prahlad.org/pub/bearden/scalar_wars.htm 6/63 


1/26/2018 


Scalar Wars The Brave New World of Scalar Electromagnetics 


diverse methods for tapping that energy as it flows. (John Bedini, Edwin Gray, 
Bruce de Palma, and others). Bearden provides what he calls a "partial list" on 
his website. 


"In other words, nature then gladly gives us as much EM energy 
flow as we need, indefinitely — just for paying a tiny little bit 
initially to "make the little dipole." After that, we never have to pay 
anything again, and nature will happily keep on pouring out that 3- 
flow of EM energy for us. This is the giant negentropy mechanism 
I uncovered, performed in the simplest way imaginable: just make 


an ordinary little dipole." Bearden 
http://www.cheniere.org/techpapers/Unnecessary%20Energy%20Crisis.doc 





Important note 2006: Since the enthusiastic early report below, the hopeful timetable envision 
has gone quite off track. Bearden had said that the MEG could appear as early as 1-2 years 
after getting funding for the final research and scale-up. They have still NOT gotten the 
funding as of 2006. 


Click here for a current status history of the MEG from Tom Bearden 


The original text of article continues here... 


How to Buy a Free Energy Machine 


Answer: Just wait one more year! 2003. Then get off the Grid! 
[note 2006: The above line was unfortunately naive and overly optimistic! - author] 


Perhaps the most eagerly awaited event now is the marketing of Bearden's Motionless 
Electromagnetic Generator (MEG) scheduled to begin in about a year's time. This is 
when the proof will hit the fan. Many people have said to me, when talking about free 
energy, "I'll believe it when I can go to the store and buy one." Hopefully in a year's 
time they will be able to order their own MEG. And then they will believe, because it 
works and is working. 


Says Bearden: "I will admit that the chief scientist of an important experimental group 
in a large company was rather stunned at the type of output we were able to obtain. 
The MEG may look like just a transformer, but it is not. It is a completely different 
breed of cat." 

Bearden : http://www.cheniere.org/correspondence/011202.htm 


Soon the cat will be fully out of the bag. The first MEG units will supply 2.5 kilowatts 
of free electricity. Forever. Units can be connected together to double or triple the 
wattage. After that gets going, 10 kilowatt generators are planned. Energy will flow 
freely from the time domain indefinitely, and there are no moving parts to wear out. 
This manufacturing project is a heroic effort and will change the world as we know it. 
For once people are in possession of such devices there can be no further denial from 
anyone, including the government and/or "secret-government." 
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i a A 
The Motionless Electromagnetic Generator 
(Successfully replicated here by J. L. Naudin) 





The physics of how the MEG works is explained in the paper "The Motionless 
Electromagnetic Generator: Extracting Energy from a Permanent Magnet with Energy 
Replenishment from the Active Vacuum." 


The device was successfully replicated by J.L. Naudin in France, and others, like 
Steve Utne, are also working on their own models. But Magnetic Energy Limited's 
MEG is actually scheduled for production soon and looks to be the first commercially 
available free-energy generator in history! 


I imagine it will not take long for tinkerers to put them into their electric cars and 
make the first fuelless automobiles since Tesla's unheralded (and unheeded) 
experiments. Or for builders to begin building houses powered by MEG's. Houses 
which will never see electric bills. How can they ever make enough of these to meet 
the demand that will suddenly be there? Bearden is right, it needs to be an all-out 
crash program of the government on the order of the Manhattan Project. 


I must include here that Bearden is quick to point out that he is not himself the 
inventor of the MEG, but is a partner and advisor in bringing it to the public market 
through Magnetic Energy Limited, Inc. I must also admit that I am praying for the 
success of this venture, and the ending of the absurd and criminal withholding of this 
technology from the people by the black-ops military-industrial people. This secrecy 
has cost the planet over 30 years of unnecessary pollution. 


The first units off the assembly line, which is being set up in a "friendly" unnamed 
nation, will usher the public at last into the new era of scalar electromagnetics. 


As of December, 2001, the situation with the MEG was described by Bearden in a 
letter. 


"What we presently have with the MEG 1s a successful laboratory 
experiment. At least a year's very hard research will have to be done 
before we will be ready to put a commercial power supply into 
production. 


"Consequently, we have made an agreement with a foreign partner (the 
National Materials Science Lab of the National Academy of Sciences of a 
friendly foreign nation) to do that year's research. At the same time, we 
are trying to make an agreement with one or more large financial partners 


here in the US." http://www.cheniere.org/correspondence/121901.htm 
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"So we are hopeful that we will be able to start introducing units on the 
market about a year from now. Quite simply, we will either succeed or we 


will fail. But we will give it our very best effort." 
http://www.cheniere.org/correspondence/012202a.htm 


Bearden has given another technical explanation of how the MEG works here in a 
letter. 


Update : Motionless Electromagnetic Generator patented, 3-26-2002 


Click here to read the patent 


"In Magnetic Energy Limited, all business discussions and arrangements are taken 
care of by Dr. Lee Kenny, Managing Partner. There are five of us who are co- 


inventors of the MEG, and two of the others are really the principal inventors." Bearden 
http://www.cheniere.org/megstatus.htm 


Lee Kenny can be reached by E-mail at: jlkenny@ingr.com 





Free Energy has been Suppressed 


Secret Government Aware of Free Energy 


"In this world of contemporary times, all the agencies, CIA, FBI, 
KGB, NSA, Electric Power Research Institute, DARPA, 
Brookings Institution, Henry Kissinger, Edward Teller, et al., all 
are aware of [free-energy researcher Bruce] DePalma and his 
ideas. 


"Because these individuals and institutions are employed by the 
ruling elite to forecast the future and satisfy present needs and 
demands, it is clear that free energy is a threat to the world order 
constructed by business and the mindset of those who want to 
own the world. 


"Free energy represents Man's aspirations and dreams of freedom 
and equality, uniform division of resources and the ability to 
choose one's own future. 


"The fact that free energy is suppressed speaks to the greed 
and self-interest of a ruling elite which, even in the face of an 
emergency of global starvation, resource depletion and 
environmental pollution, will not give one inch if it means loss of 
control. This is an attitude of paranoid delusion and fantasy 
which can only arise from the alienation of a class of elitists who, 
through their money, are completely insulated from the reality of 
the day to day fight for existence of the common man." 


http://depalma.pair.com/Absurdity/Absurdity07/ProblemOfFreeEnergy.html 





"Before the turn of the century, Nikola Tesla had discovered and was 
utilizing a new type of electric wave. Tesla repeatedly stated his 
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waves were non-Hertzian, and his wireless transmissions did not fall 
off as the square of the distance. His discovery was apparently so 
fundamental (and his intent to provide free energy to all humankind 
was so clear) that it was responsible for the withdrawal of his 
financial backing, his deliberate isolation, and the gradual removal of 
his name from the history books." 


Bearden http://www.cheniere.org/books/part1/starting%20pages.htm 


Bearden describes one clear case of the suppression of free energy when the 
Yakuza killed the Kawai engine in his very presence in Huntsville, Alabama. 


"That night a jet arrived from Los Angeles, with a Yakuza on board. 
The next morning Kawai no longer controlled his company, his 
invention, or his own fate. The Kawai party was in fear and 
trembling. The Yakuza coldly dissolved the agreement, they packed 
up the two Kawai engines we had, and left. And that was that." 


So it is not only governments who are keeping this revolutionary technology from 
seeing the light of day. The Yakuza? KGB? The Aum Shinrikyo cult? Our 
"leaders" need to be honest about what is going on, otherwise they look foolish, 
acting out a kind of "Alice In Wonderland" script before the public, a script that 
has become completely unbelievable. 


Concerning the criminal withholding of this scalar technology by the military 
black-budget people, and the cover-up of the actual situation regarding scalar 
weapons throughout the world, Tom has this to say: 


"The high government officials of the United States of America 
grossly violated our constitution and their sworn oaths of office. Our 
constitution specifically charges the government of the United States 
to defend the people of the United States. That means our officials 
are specifically charged with defending our people. Yet they 
deliberately agreed not to do so, and they deliberately sacrificed us in 
advance. 


"They committed treason of the highest kind, by deliberately 
surrendering us to total destruction anytime the big balloon goes 


up." 


Bearden http://www.cheniere.org/books/ferdelance/s75.htm 





Energy Crisis Solved 


One of the "must read" documents at Cheniere is The Unnecessary Energy Crisis: 
How to Solve It Quickly, especially since the "oil wars," which Bearden has 
foreseen for decades, have now already begun. 


Here are some clips from that Document: 
"To avoid the impending collapse of the world economy and/or the 


destruction of civilization and the biosphere, we must quickly replace 
much of the "electrical energy from oil" heart of the crisis at great 
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speed, and simultaneously replace a significant part of the 
"transportation using oil products" factor also. 


"The technical basis for that solution and part of the prototype 
technology required, are now at hand. We discuss that solution in this 
paper." Bearden 


And although the solution to the energy problem and the oil wars may be at hand, 
Bearden suggests there is still an urgent rush that needs to be made to save human 
civilization from collapse. 


"Once the technology hardware solutions are ready for mass 
production, even with a massive worldwide deployment effort some 
five years are required to deploy the new systems sufficiently to 
contain the problem of world economic collapse. This means that, by 
the end of 2003, those hardware technology solutions must have been 
completed, and the production replacement power systems must be 
ready to roll off the assembly lines en masse. 


"The 2003 date appears to be the critical "point of no return" for the 
survival of civilization as we have known it. 


"Reaching that point, say, in 2005 will not solve the crisis in time, 
and the collapse of the world economy as well as the destruction of 
civilization and the biosphere will still almost certainly occur, even 
with the solutions in hand." 


"The good news is that we now know how to easily initiate 
continuous and powerful "electromagnetic winds" from the vacuum 
at will. Once initiated, each free EM energy wind flows continuously 
so long as the simple initiator is not deliberately destroyed." 


On page 9 he explains the concept of the dipole, and how there is already huge 
scalar energy flowing in the time domain around any dipole. Hold a magnet or a 
battery in your hand and you hold a stress in time and a beautiful flowing loop of 
longitudinal waves! 


Bearden decries the scientific community in the West for being unable to let go of 
their dogma long enough to see that the greatest discovery in human history lies 
at their feet, but for their stubborn ignorance. 


"The present energy crisis then is due totally to that "conspiracy of 
ignorance" we referred to, that is maintained by the scientific 
community, and that has been maintained by it for more than 100 
years. 


"This is the real situation that the environmentalists must become 
aware of, if they are to see the correct path into which their energies 
and efforts should be directed — to solve both the energy crisis and 
the problem of gigantic pollution of the biosphere." 


As far as anyone in the legislative branch of government ever understanding 
the profundity of the discovery and engineering of scalar waves, Tom Bearden 
says they are at a great disadvantage in doing so. 
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"The nontechnical person — e.g., a Senator or a Congressperson — 
is operating under a distinct disadvantage. If he or she takes the 
stance that much better electrical power systems can readily be 
achieved, he or she is in fact opposing almost the entire set of 
University, Government Technical, Power Company, Battery 
Company, and Organized Science communities. Further, in most 
cases his technical advisors are themselves from one or the other of 
those communities, and likely to go back into that community or 
those communities when the Senator or Congressperson leaves 
office, or even before. So the Congress and the non-technical 
government community at large operate at a great 

disadvantage.. Bearden 


National Emergency Declaration is Needed 


"The Government Non-Technical community (the Senate and the 
Congress, in particular) are in far better shape than the Government 
Technical community, to appreciate the world implications of the 
pending economic disaster. I am hopeful that both the 
environmentalists and the Government Non-Technical community 
will rapidly unite in a common goal to get this vacuum energy 
program launched, under a National Emergency declaration. If so, 
then they can solve the energy crisis and the pending economic crisis, 
in fairly short order, and permanently." 


unnecessary energy crisis.htm#congress_ disadvantage 





In the conclusion of his paper The Unnecessary Energy Crisis: How to Solve It Quickly 


Bearden again states the urgency of replacing our centralized power grids with highly 
dispersed and local taps on the freely flowing energy of the active vacuum. Given the 
abilities of the Tesla howitzers, the power grids of all nations are sitting ducks. 


"Personally, the present author regards the increasing energy crisis as the greatest 
strategic threat to the United States in its entire history. I will do anything within my 
power to help prevent what I perceive to be the looming economic collapse of the 
Western world, preceded or accompanied by a sudden, explosive, all-out and continuing 
exchange of the WMD arsenals of most of the world. 


...dn the name of all humanity, let us begin! Else by the time this first decade of the 


new millennium ends, much of humanity may not remain to see the second 
decade." 





3. Weaponization 


Scalar interferometry, Tesla howitzer, Tesla dome, heat/cold, dudding, 10 nations have them, dead-man fusing 
& Insane Systems, scalar strategy, earthquakes and weather wars, solar storms, mind attacks, leased to 
Yakuza, many examples of testing, quantum potential weapons. 
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"Indeed, Soviet energetics weapons are now capable of 
destroying both our triad shield, our homeland, our armed 
forces in the field, and our population, quickly and efficiently. 
We have a new "gap" of monumental proportions: not a missile 
gap, not a submarine or bomber gap, and not even a particle 
beam or laser gap. We have a scalar electromagnetics or 
electrogravitation gap." Bearden 
http://www.cheniere.org/books/ferdelance/intro.htm 


"We have a new weapon, just within the portfolio of our 
scientists, so to speak, which is so powerful that, if 
unrestrainedly used, it could wipe out all life on earth. It is a 
fantastic weapon." Khrushchev, to the Presidium, Jan. 1960 


"We've totally missed the most incredible "secret superweapons" 
development program of all times, and the worldwide testing of the weapons 
themselves. 


"Hiroshima and Nagasaki should serve as object lessons in the price of 
ignorance of such technological breakthroughs. 


"History does repeat itself. But this time it's not we Americans who got the 
great new superweapon first." 


Bearden http://www.cheniere.org/books/ferdelance/s75.htm 


Warfare has been changed forever by the development of these scalar energy 
longitudinal wave howitzers. To get a basic understanding of scalar waves is to have the 
imagination suddenly run wild as all the implications and possibilities regarding warfare 
fall into place. One realizes with a certain horror that the world has totally changed, and 
that there are some very fearsome possibilities. Remember, the power for these weapons 
comes from the time domain, longitudinal EM waves in the vacuum of empty space, and 
the power is tremendous and mind-boggling. Being able to blast away at any target from 
a distant control booth is something that has never happened before. This is incredible 
power to be in control of and it divides the history of weaponry into "before" and "after." 
And the destructive power of these weapons is delivered instantaneously to the target 
from the local vacuum at the place of the target. 


From an interview: 


Questioner: "Are you saying that real energy can be transmitted faster than the 
speed of light?" 


Bearden: "Yes. But hyperspatially. Not through 3-space, but "around" it. Again, 


this means that it's possible to produce energetic changes in a distant system at a 
distant place, without transmitting energy "through space" in the normal sense. You 
transmit "around" space, so to speak, and directly in time or through a higher 
dimension, depending on the model you're using to understand this. Further, the 
speed of the internal EM energy transmission is not limited to the speed of light." 


http://twm.co.nz/beard_interview.htm 





Here are some initial considerations about 
scalar weapons and scalar wars 


1. Tesla Howitzer 2. TeslaDomes 3. Rogue groups 4.WWHIII 5. Russian "UFOs?" 
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1. The Tesla Howitzer 


and its modes of action 
Source: Tom Bearden's weapons slides and Fer-de-Lance Briefing 


For one thing there is no delivery of any thing to any place. Bombs are 
obsolete. So are the planes to get them there. No helicopters necessary. All 
current nuclear devices are rendered nearly useless by electronic "dudding." All 
distant-destruction can be done from a control room, and to any point on 

earth. The destructive power of "men" has just increased by orders of magnitude. 
The new weapons could even cause storms on the sun! Thus there is great 
urgency to make these new facts public and known, with the hope that all 
nations would come together to ban the use of scalar weapons. 


Two scalar antennae together along with the computers to control them, make up 
a scalar interferometer, and according to Col. Bearden the Russians have 
hundreds of such installations already. These interferometers are called "Tesla 
Howitzers." They can deliver a giant blast of energy to the distant target site, true 
"action-at-a-distance". 


The first howitzer mode is called the "exothermic" mode of operation because 
immense EM energy blasts outward at the target site. The blast of a scalar 
howitzer can be of near nuclear level in destructiveness, and can be repeated 
easily, at that place, or nearby, or anywhere. 


The howitzer can use a lesser exothermic power setting and simply destroy all 
electronics in the target area. Thus they can render our nuclear missiles 
inoperable as they sit in their silos by "frying" the electronic circuits that guide 
them. They can bring down any airplane, anywhere in the world, at any time. 
Any person anywhere, if their exact position is known, can be assassinated 
without a shot being fired. 


The howitzers can also bring down power grids anywhere in the world, at any 
time. Thus they could bring Wall Street to an instant halt by disabling all its 
electronics. Even this one little easy tweak of the howitzer could cripple the U.S. 
economy in a single day. No wonder the "Ieaders" don't want you to know! This 
is a new era we are in. The discovery and development of scalar interferometry 
has put us in a new world, whether we like it or not. Anyone could be expected 
to go into denial, the befuddled senators and congressmen included. But we have 
to wake up. 


In a second howitzer mode called the "endothermic" mode, the howitzer sucks 
energy out of the target area, essentially creating a blast of cold at the distant 
target. It is even capable of freezing parts of the ocean. Bearden gives a number 
of cases where these "cold explosions" have been witnessed, mostly by airline 
pilots. April 9, 1984: 1 2 3) A huge mushroom cloud of mostly water is seen 
rising miles into the sky from out of the ocean, an awesome sight. 


In the endothermic mode the sucked-out energy must go somewhere, so it is 
vented out at some other chosen spot on the earth. These endothermic plumes 
have been photographed by satellite. 
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"The exhaust in the left picture is about 150 miles long, and is nearly horizontal (about 
1.5 degrees above the horizontal). It is entirely consistent with the continuous exhaust 
from a "dumping transfer" scalar EM howitzer in the continuous exothermic mode. (The 
primary howitzer, of course, was activated in the endothermic mode.)" Bearden More 
Plumes 


By using both of these heat (exothermic) and cold (endothermic) modes together 
the weather can be altered anywhere. Warm the air over here, cool it down over 
there, put a curl in the jet stream, dissipate clouds, create clouds, whip up a 
tornado. Bearden speaks about using the endothermic howitzer mode as a 
weapon of war: 


"Cold explosions can be used to freeze tanks, personnel, and 
equipment. The equipment and tanks thaw out. The personnel thaw 
out too, but they are dead when they do." Bearden, Fer-de-Lance 





(This endothermic mode of the howitzers makes me think that there might one 
day be a cure for the problem of global warming after all. Could not a big device, 
situated in space or on the moon, be able to vent a great deal of excess heat 
outside the atmosphere into space, thus functioning as a kind of planetary 
thermostat?) 


While the United States has experimented with electomagnetic weapons using 
ordinary transverse EM waves, the longitudinal [LW] weaponized waves are 


truly of another order altogether. 


For one thing they do not have to travel through space, for they come from the 
time domain, which is everywhere. The energy of the blast, the heat or light or 
whatever, comes from the vacuum of space at the location of the target itself. 
This is astonishing. The weapons actually just trigger the release of immense 
energy from the vacuum at the target location. 


"... 1t is possible to focus the potential for the effects of a weapon 
through spacetime itself, in a manner so that mass and energy do 
not "travel through space" from the transmitter to the target at all. 
Instead, ripples and patterns in the fabric of spacetime itself are 
manipulated to meet and interfere in and at the local spacetime of 
some distant target. There interference of these ripple patterns 
creates the desired energetic effect (hence the term energetics) 
directly in and through the target itself, emerging from the very 
spacetime (vacuum) in which the target is imbedded at its distant 
location." Bearden Fer-de-Lance 
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The big Tesla howitzers are aimed at their targets by using a worldwide 


electromagnetic pattern called the "Woodpecker Grid," begun by the Russians in 
1976. 





You can hear the Woodpecker signal here: 
http://www.cheniere.org/misc/woodpeckersound.htm 





The woodpecker grid is just that, a grid of EM waves which provide a channel for 
the LW waves to any point on earth. Computers use the woodpecker grid 
information to hone down the aiming of the howitzers to a pinpoint location on 
earth. (For that matter, it could be under the earth, in space, or under the sea). 


A third howitzer mode is what Col. Bearden calls "Mindsnapper" mode. This 
is a truly frightening mode which affects the electromagnetic mind-body 
connection. Being mind-snapped at a low level would cause you to lose 
consciousness. Being mind-snapped at a slightly higher power would "entrain" all 
minds in the target area into a kind of hypnogogic trance, a state in which they 
would all be highly susceptible to suggestions and orders. 


Being mind-snapped at high level would so disrupt the mind-body connection 
that everyone in the target area would fall down, instantly dead. Not only that, 
everything around you and inside you would be killed, so that your sterilized 
body would not rot for quite a long time. 


The Mindsnapper can be used for a small area, or to kill an entire population. 
In fact, using the scalar waves to affect the human mind has become a new field 
in its own right, and has been dubbed "psychoenergetics." (This is discussed 
below in section 5). 


Bearden describes the use of the howitzer in mind-snapping mode against 
people, to cause unconsciousness or death: 


"From a military viewpoint, these scalar EM weapons are really 
quite all-around weapons. 


"For example, they are very lethal against personnel. 


"Set in the "high intensity pulse mode," one blast and a person's 
nervous system is destroyed instantly. Total, instantaneous death 
results. One can blast away at entire groups of infantrymen, for 
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example. It's the peak power that's important, not the average power. 
So the weapon doesn't require too much battery power. 


"Set on a lower intensity pulse mode, one zap can simply knock out a 
person, rendering him instantly unconscious. Quite useful if one 
needs prisoners to interrogate. Also very silent, which is useful in 


operations employing stealth and surprise." Bearden 
http://www.cheniere.org/books/ferdelance/s80.htm 


"Those hit by the scalar EM weapon, however, have a most peculiar 
death mode. 


"Death comes-instantly and totally. There is no convulsion, no 
response. The entire nervous system is destroyed instantly. Every 
living cell in the body is killed instantly, including all bacteria, 
germs, etc. 


"A body hit with this thing falls like a limp rag and lies where it falls. 
It doesn't decay in even 30-45 days. In a macabre fashion, it's been 
reduced to something like food irradiated with nuclear radiation; 
everything is killed, so the material is preserved for an extended 
period before any decay can set in." 


Bearden http://www.cheniere.org/books/ferdelance/s8 1.htm 


He goes on to say that the same "bazooka-sized scalar EM pulse weapon" can 
also be used to knock out a tank with one shot (or pulse). So tank warfare is 
obsolete. Helicopters? Bearden points out: "... if he's attacked by a helicopter or a 
fixed-wing aircraft, he can bring the same weapon to bear on it. He can knock 
down a chopper or a jet. With one shot." 


Obituary for Tank Warfare 


Tanks useless against portable LW weapons 


"For example, suppose one attacks a tank. [with an LW weapon] 

With scalar EM pulse, the personnel die instantly. Total personnel kill is 
achieved. 

All electronic systems of the tank are dudded. Total systems kill is achieved. 
The ammunition in the tank explodes. Total kill is achieved. 


The fuel explodes. This is another total kill mechanism. 

That tank has been killed totally, by a variety of mechanisms, all 
simultaneously. 

That's a k-kill in any analyst's book. 

And don't worry about retrieval and repair. That tank is finished 
permanently. 

Even the most modern tank is just as vulnerable as the most obsolete." 


Bearden http://www.cheniere.org/books/ferdelance/s88.htm 


One begins to get the idea how profoundly the conventional means of warfare 
have been obsoleted. All the usual weapons of war have been rendered nearly 
useless! And Star Trek's "Phaser," with its "stun" and "kill" modes is here at 
last. 
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Although it is the weapons aspect of scalar electromagnetic which has received 
the most developmental effort, Bearden points out that a great many other 
amazing things that may be accomplished in this new field of science. Beam me 
up Scotty! 


"Superluminal communications systems, hyperspace drive, and 
materialization and dematerialization are all hypothetically 
possible, using scalar electromagnetics. As the technology develops, 
we should see the development of many of the systems long thought 
impossible except in science- fiction." 


Bearden http://www.cheniere.org/books/ferdelance/s15.htm 


Bearden describes a huge test of the Russian scalar weapons systems which 
occurred in 1985, a test that went completely unnoticed by western scientists: 


"Just before May 1, 1985 the Soviet Union performed a "full-up" operational test of 
their entire strategic scalar EM weapons complex. This test was detected and 
monitored periodically by Frank Golden. Some 27 of these giant Soviet "power taps" 
were locked into the molten core of the earth, producing forced (entrained) scalar 
resonance of the entire planet on 54 controlled frequencies under our very feet. The 
remainder of the scalar frequency spectrum was ablaze with literally hundreds of 
Soviet scalar transmitters: probably the entire strategic scalar command and control 
system to underwater submarines, higher command centers, distant commands, etc. 
was activated in the giant exercise. 


"For several days, the system was exercised on a mind-boggling scale, apparently as 
part of the Soviet Union's highly accentuated 40th anniversary celebration of the end 
of World War II. 


"Ironically, not a single U.S. intelligence agency, laboratory, or scientist detected this 
monstrous exercise for the new Soviet leader, Gorbachev. Not a one of them had a 
detector for scalar EM radiation, and not a one of them officially believes the 
exercise ever happened." 


Bearden http://www.cheniere.org/books/ferdelance/s38.htm 


"The Woodpecker grid/howitzer weapon system can be placed over the ocean and 
used against cruise missiles, naval surface-to-air and surface-to-surface missiles, 
submarine-launched ballistic and cruise missiles, etc. Placed over a carrier task force, 
it can also take care of the aircraft launched by the carrier as fast as they are 
launched. It can also handily take care of the missiles launched by guided-missile 
cruisers of the accompanying task force." 


(Bearden http://www.cheniere.org/books/ferdelance/s65.htm ) 


The whole series of the Fer-de-Lance briefing slides and comments is a "must 
read" for anyone wanting to be aware of the actual state of things in this world 
right now. It is a new world and it takes some getting used to. Fer-de-Lance 
speaks clearly, for the layman, of the way things stand. 


What is it like to operate these Tesla Howitzers? Col. Bearden gives us an idea in 
his "Fer-de-Lance" briefing, Slides 66-71. 


Who needs armies anymore? A entire war can be fought and won by a handful of 


men sitting in a comfortable control booth! The scalar electromagnetics 
revolution has made all previous forms of warfare nearly obsolete. 


http://www. prahlad.org/pub/bearden/scalar_wars.htm 18/63 


1/26/2018 Scalar Wars The Brave New World of Scalar Electromagnetics 
Why haven't the Russians used the scalar weapons yet? 


Bearden gives his thoughts on this in "Fer-de-Lance." The power of these 
weapons is so great that an accident or war could wipe out all life on earth, and 
even affect the sun. 


"As can be appreciated, this entire concept [MAD] is now totally 
obsoleted by the Soviet possession of scalar EM weapons. 


"The "mutual assured destruction" capability -- or MAD concept as it 
was so aptly named! -- is no longer mutual. And for two reasons: 
(1) the Soviet surprise attack could destroy essentially all our Triad 
forces wherever they are, in the first attack. (2) Even if a very small 
number of our strategic forces survive, the puny strike we could 
attempt to launch could be repeatedly decimated from launch to 
terminal phase. 


'The restraint on the Soviets is not because of our Triad forces. The 
restraint is twofold: 


(1) a second nation has scalar EM weapons, and would 
undoubtedly unleash them upon the Soviet Union with 
great violence if such a massive world-wide destruction 
of U.S. forces occurred or was threatened (is it really 
"accidental" that six major Soviet missile ammunition 
storage sites mysteriously exploded within seven 
months?); 


(2) the closed-loop scalar radiation exchange system 
of Earth-Sun could be inadvertently "tweaked" in the 
feedback loop from Earth to Sun, so that a large solar 
scalar resonance was stimulated. In that case the Sun 
could emit a mighty resonant "burp" that would simply 
wipe out all life on Earth in a fiery shower. 


'The "terror" in the "balance of terror" between nations has just 
increased by many, many orders of magnitude. 


'The biblical prophecy that the Earth will be wiped out by "fire and 
brimstone from heaven" is very near fulfillment now. 


‘Put another way, the pucker factor -- even on the Russians who may 
contemplate unleashing Armageddon -- is higher than any Western 
strategic analyst has ever imagined, even in his wildest nightmares. 


'Truly these weapons are "more frightening than the mind of man has 
imagined," as Brezhnev put it in 1975. 


'The frightening scalar EM weapons can be used, but only very, very 
gingerly indeed. If a slight mistake is made, everybody loses 


everything." 


Bearden http://www.cheniere.org/books/ferdelance/s74.htm 
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But the Russians (KGB) are not the worst of it. Bearden claims that some of the 
scalar weapons have been leased to the Yakuza for about a billion a year, and that 
only the KGB is holding the Yakuza in check from making a full-scale all out 
scalar attack on the west. 


U.S. Defense Secretary William Cohen 
Warns about eco-terrorism using scalar electromagnetic 
weapons 


"Others [terrorists] are engaging even in an eco-type 
of terrorism whereby they can alter the climate, set 
off earthquakes, volcanoes remotely through the 
use of electromagnetic waves... So there are plenty 
of ingenious minds out there that are at work 
finding ways in which they can wreak terror upon 
other nations...It's real, and that's the reason why 
we have to intensifour [counter terrorism] efforts." - 
Defense Secretary William Cohen, 1997 


In a letter to a writer named "Russell" Bearden says, 


"In short, Russell, the Secretary of Defense of the United States 
confirmed that there are indeed novel kinds of EM weapons, 
right now and have been for some time, which have been and 
are being used to (1) initiate earthquakes, (2) engineer the 
weather and climate, and (3) initiate the eruption of volcanoes. 
We wrote about those exact uses of the weaponry decades ago. 
Several nations now have such weapons. Three of them (two on 
one side and the other on a hostile side) are even firing practice 
shots into Western Australia, as a convenient test range." 


http://www.earthchangestv.com/ufo/0209gandor.htm 


See Also: 
Examples of scalar weapons testing around the globe 





See Also: Powers of the Longitudinal Interferometers 


Tesla Howitzers in Weather mode 





How to Make Weather 


"Engineering the weather is duck soup; they tested that over the U.S. 
in 1967, and entered upon continuing operations over North America 


on July 4, 1976 as a grim kind of KGB "Bicentennial Gift" to the 
United States. Here's how it is done with several interferometers. 


"First, the interferometers can deliberately make "high pressure areas" 
(cool the air so it shrinks and its "footprint" pressure on the ground 
increases because its density increases) and "low pressure areas" (heat 


the air so that expands and its "footprint" pressure on the ground 
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decreases because its density decreases). Well, if one makes the highs 
and lows where one wishes them, and judiciously and somewhat 
slowly moves them along a given path, these highs and lows will 
entrain the jet streams and thus "steer" the weather. 


"So if you wish a very cold snap or attack, go up into Canada and start 
these actions to steer down some streams that bring some very frigid 
air. Establish other highs and lows judiciously to "block" or "slow" 
other jet streams and flows as desired. In this way, one can pull the 
"large cold air masses coming down from Canada" deep into the 
southern U.S. at will. They do it regularly. If you wish an ice storm, 
add an additional current of warm moist air you bring up (steer up by 
using artificial highs and lows) from the ocean. Where they meet, you 
will get freezing rain, then sleet, then severe icing accumulating. This 
type of attack does rather large damage to the struck area." 


http://www.earthchangestv.com/ufo/0209gandor.htm 


Whole websites have now sprung up showing weather radar 
anomalies which may well be indications of scalar weather 
engineering. One list of over 500 images is here. Cheniere has its own 
collection here. 


Here is an animated anomaly with cloud formation. 


In another section at Cheniere are many photos of cloud anomalies 
which reveal the underlying grid along which the clouds are forming 
or un-forming. Bearden relates a startling incident in these ongoing 
"weather wars." 


"During the spring of 1986, abnormally strong Soviet 
weather engineering occurred over the U. S., causing a 
drastic drought in the southeastern U.S. This drought 
was broken by a colleague who used an extremely 
powerful scalar EM device to redirect jetstreams. A 
most unusual and unique signature of the "blocking" 
against the Soviet scalar EM actions resulted: Two huge 
circulations developed in the atmosphere, clearly showed 
as two adjacent giant "holes" in the swirling cloud cover 
over the middle and eastern U.S. 


"Between these two giant holes, the cloud circulations 
formed a stream of clouds, moving to the south, looking 
very: much like a giant vertical "bar" of a huge "Y- 
shaped" cloud flow.* Several national weathermen 
commented on this unusual pattern, which had not been 
observed before. The pattern continued, day after day, as 
the blocking continued." 


* On the weather maps. 


http://www.cheniere.org/books/analysis/history.htm 





Tesla Howitzers in Earthquake mode 


http://www.prahlad.org/pub/bearden/scalar_wars.htm 


21/63 


1/26/2018 


Scalar Wars The Brave New World of Scalar Electromagnetics 


How to Make an Earthquake 


"Here's how you initiate a very large earthquake with such weapons. 
Take a convenient fault zone of set of them. Focus the interferometry 
on the fault zone, in the "diverging" mode, and deposit EM energy 
there in the rocks on both sides, increasing (slowly) the stress in the 
rocks by the reverse piezoelectric effect (deposit excess energy, get 
crystal mechanical movements). 


"Do it slowly, and the stress will build up to large pressures well- 
above a plate slip minimum energy required. At some point, the 
rocks yield and one or both sides "slip" and move rather sharply, 
giving a very large earthquake in that zone. 


"Do the same thing down in the earth (remember, LWs easily 
penetrate right through the earth and ocean at will, and so the 
"interference zone" focus can be inside the earth or beneath the 
ocean, at will. 


"Anyway, focus this thing down to where the active part of the 
volcano is still slumbering, down where the hole in the plate has been 
made. Keep increasing the deposition of energy in the magma itself, 
and eventually the increasing pressure from deep within that volcano, 
underground, will cause an eruption. Build the energy slow, and the 
eruption will likely be much larger." 


http://www.earthchangestv.com/ufo/0209gandor.htm 


Yugoslav Earthquake, Followed by Cold Explosion 
Strange Characteristics of Iran Quake, Sep. 1978 





Tesla Howitzers in Tesla's "Big Eye" mode 





How to make a Big Eye in the Sky 


By using longitudinal wave interferometry in a weakly endothermic 
mode a new kind of "radar" is now possible, one which can look 
right through the earth and oceans. Because the endothermic mode 
extracts energy from the distant target, a pattern of the target area 
can be scanned for in the returned energy. 


"Thus the receiver produces a representation of the energy 
extracted from various locations within the distant endothermic 
zone. By displaying the received signals on an appropriately 
scanned screen, a representation of the distant scene in the 
intersection zone can be created. Indeed this is a special kind of 
"microwave interferometry," and -- with modern techniques -- the 
imagery obtained might be surprisingly good. With development, it 
might even become as good as the image presently obtained by 
side-looking acquisition radars. 


"Interestingly enough, since scalar EM beams will easily penetrate 
the earth or the ocean, one can also look beneath the earth or 
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beneath the ocean with this type of scanning scalar interferometer. 


"The importance of this capability to strategic and tactical 
reconnaissance is obvious. Camouflage, cover, and concealment 
have no effect on such a system. One can easily look inside 
buildings and into underground facilities. With a small system such 
as this, the U.S. Marines at Khe Sahn would have had little 
difficulty locating the tunnels continually dug under the perimeter 
by the Viet Cong. And targets under jungle canopies are directly 
visible." 


Bearden http://www.cheniere.org/books/ferdelance/s42.htm 








Tesla Howitzers can destroy all life on earth 





How to Make a Storm on the Sun!! 
(Just make a big mistake with your Tesla howitzers) 


The deepest dangers of the use of scalar weapons are frighteningly 
pointed out by Bearden here where he considers that the sun, earth 
and moon (actually the whole solar system) is a delicately balanced 
arrangement of scalar (longitudinal) EM radiation. There is a scalar 
connection between the earth and the sun, which are both giant 
dipoles gushing energy in the time domain. Big scalar events on the 
earth could alter this balance causing true catastrophe. 


"Indeed, a solar response could be stimulated so that the Sun 
would violently belch and destroy our biosphere, among other 
effects." 


Unrestrained scalar warfare could cause huge solar storms? To realize 
that human activity could actually affect the sun itself is truly mind 
boggling. 


Bearden goes on to say: 


"Accordingly, use of huge scalar EM weapons is a 
double-edged sword. Unless carefully employed, use of 
the weapons could cause a terrible backlash to the user as 
well as the victim, and even accidentally cause the 
destruction of the earth itself. It is not accidental that in 
1960 Khrushchev stated that his new fantastic weapon 
could -- if unrestrainedly used -- destroy all life on earth. 


"This appalling backlash potential is apparently what 
prompted Brezhnev in 1975 to make so strong an effort 
to get agreement to outlaw the development of "new 
weapons of mass destruction" more frightful than the 
mind of man had even dreamed of. Gromyko even 
introduced such a draft agreement into the proceedings of 
the United Nations. The first article of the draft 
agreement indicated that the nature of the weapons 
referred to would be negotiated. Sadly, the entire Western 


http://www. prahlad.org/pub/bearden/scalar_wars.htm 


23/63 


1/26/2018 


Scalar Wars The Brave New World of Scalar Electromagnetics 


world did not even know what the Russians were talking 
about." 


http://www.cheniere.org/books/ferdelance/s24.htm 





2. Tesla domes provide 
near-perfect defense shield. 


INTERFEROMETRY 
» {HEMISPHERICAL SHELL) 





wae 


(Slide from Cheniere.org) 


The Tesla howitzers can be used in a nearly impregnable defensive mode whereby 
they throw up a dome (Tesla Dome) or a sphere (Tesla Globe) of highly powerful 
electromagnetic energy, enough to "dud" or destroy missiles which try to penetrate 
them. Once again, this energy is not going through space from the howitzer, but being 
made to emerge from the local vacuum at the location of the shell. KGB tests of 
these domes have been witnessed by airline pilots around the world. Bearden gives 
many examples of the Tesla domes being sighted around the world in his briefing 
paper "Fer-de-Lance." (Russian dome test, another globe incident, yet another globe 
test). These giant electromagnetic domes can be hundreds of miles across, or narrowed 
down more to total impermeability. 


"Such a shell may be several hundred miles in diameter at the base. The 
enormous energy required to form such a defense shell is obtained by a 
"scalar power tap" into the molten core of the earth itself, as previously 
explained. In late April/early May of 1985, 27 such "power taps" were 
placed in the earth by the Soviets. If each tap is capable of powering four 
to six large scalar EM weapons, then the Soviet strategic scalar EM 
arsenal contains over 100 monstrous superweapons capable of 
generating exothermic explosions, endothermic explosions, engineering 
the weather, locating and destroying underwater submarines, detecting 
and destroying ballistic missiles shortly after launch, detecting and 
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destroying long range strategic bombers as soon as they are airborne, etc." 
http://www.cheniere.org/books/ferdelance/s52.htm 


By using nested domes one can protect the domed area even against nuclear 
radiation itself. Tesla globes can be used to hit airborne targets by simply placing a 
globe of any chosen size in the flight path of the incoming missile. It does double duty 
because the missile hits it going in, and then the rubble hits it again going out the other 
side. 


While the U.S. persists in its useless boondoggle "missile defense system" by shooting 
a missile with a missile (missiles which would already have been "dudded" by the 
Tesla howitzers), between the domes and the globes the Russians (KGB) have in hand 
(operational) a nearly perfect missile defense system. Someone should ask the 
Secretary of Defense if the U.S. Tesla domes are in place. And over which cities? How 
powerful are our American Tesla domes? 


Bearden cites a number of examples of these domes being tested around the world: 
March 20, 1969 | March 24, 1977 | August 17, 1980 | June 17, 1966 | June 18, 
1982 June 22, 1976 











In a slide from the Fer-de-Lance briefing it is shown how the "woodpecker grid" itself 
also acts as a sensor, detecting any missile launch anywhere, and how the howitzers 
can respond instantly by delivering a blast to exactly the right coordinates, right along 
the channels of that same grid which is feeding the location information about the 
missile launch. This certainly beats "trying to hit a bullet with a bullet." Especially 
since YOUR bullet would probably be instantly inoperable in a real scalar war 
situation. 


3. Rogue Groups in the government 


Bearden fears that these scalar electromagnetic secrets may have fallen into the hands 
of what he called secret "rogue groups" within the labyrinthine depths of the black- 
ops special-access domain of the secret government. "In the extreme, such a deep 
black program can even become a "captured" program," he says, "which is totally in 
the hands of rogues and no longer reports to or is bound by the dictates of the 
parent government." 


"They have their own agendas. And being rogue groups, they may well 
bring in unethical, immoral tricks: assassination, bribery, entrapment, 
disinformation, plausible deniability, etc. A certain percentage of a highly 
secret rogue group will wind up using all these things and more. It's a 
human characteristic, the old primate dominance game. Only now 
disguised and hidden under deep classification. ... 


"In highly classified groups, these groups are greatly enabled to joust 
more widely, unethically, and immorally because it is so deeply hidden. 
So very deep classification evokes the growth and intensity of rogue 
groups. It's the old 'Power corrupts, and absolute power corrupts 
absolutely' routine. ... Due to loose formation of rogue groups inside such 
programs, they may have dual or triple purposes, may not operate under 
very much legitimate government control at all, and may operate 
specifically for the purposes of the rogue group or groups that have 
gained control." 
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" 


"The involvement of at least some rogue groups, some being "cowboys 
who operate well outside all laws and ethics, could also result in such 
things as assassinations, clandestine testing on individuals without their 
consent, etc. In short, it could account for what seems to be actually 
occurring. " 


http://www.cheniere.org/explore%20articles/mind%20control3/p05.htm 





4. World War Ill has already begun 


Because it is now possible to cripple the power grids and electronics of any nation, 
that nation could be reduced to economic ruin without ever firing an actual "shot." 
Without electricity Wall Street cannot operate. Without electricity you quickly need 
martial law. One no longer needs to wage a conventional war anymore at all. There are 
now lots of new ways to bring any nation to its knees. 


"We are at war, whether we like it or not. And we are going to have 
strategic strikes on an unparalleled scale for us. Pearl Harbor was nothing 
compared to what is coming down, once we consider the "augmentation" 
and such. 


"When that factor is considered, then it's a totally new ball game on 
replacing the power system. There isn't going to be much choice; the old 
one is going to be destroyed or so badly crippled that it will collapse the 
U.S. economy in a way we have not seen since 1929. Of course, in such a 
case hitting us, we will be under martial law, the works, everywhere. For 
one thing, it's the only way you can keep the cities from imploding from 
within, by the criminal element, looting, robbing, killing, etc. Simply wait 
and see; it's on the way." 


Although Bearden has for years decried the "scalar-gap," and chided the military for 
falling so far behind the Russian KGB in the field of scalar electromagnetics, recent 
statements indicate that things may at last have changed somewhat. 


"In the new war, the first phase of WW III has already been completed. 
Hence President Bush's recognition that this is a total war, and has to be 
taken to the enemy no matter where he may be hiding or in what 
sanctuary or in what foreign nation. This is an entirely different war than 
anything the U.S. has ever fought in its history. And before it is over, it is 
going to kill more Americans than have died in all the previous wars 
in our history. The news media and the public have not yet 
recognized that awful situation and predicament. Most are already 
thinking that, well, we won in Afghanistan so it's just about over. Instead, 
it has only just begun. 


"Anyway, that's a brief uptake on some of the weapon situation today. 
Some 10 nations or more now have LWIs, and five have the QPs. I'm still 
working on how many have the appalling negative EMP weapons, but 
would estimate 6 or 7 nations have them in one stage or the other, either 
deployed or in at least advanced development. And in my estimation, the 
Yakuza will have them within three to five years if they have to build 
them themselves, and quicker if they can buy them from the Russians, 
Chinese, or???" Bearden 
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When he was asked the question "Does the government listen to Tom Bearden?" 
Bearden said: 


"Let me speak carefully. I am very satisfied with how I've been listened to 
in the quarters where the rubber meets the road. The West is no longer 
defenseless, not by any means. Cannot amplify it further than that." 


http://www.cheniere.org/correspondence/021102a.htm 





Bearden has briefed the government a number of times and the Cheniere website 
contains a great number of his graphic military briefing slides. 


5. Are the Russians making "UFOs?" 


Scalar electromagnetics engineering opens the possibility of antigravity vehicles and 
"hyperspace travel." In other words we can now make our own UFO's! Of such 
scalar-powered antigravity vehicles, which have now become possible, Bearden has 
this to say: 


"We might expect to see such vehicles glowing. Their various surface 
features and mechanisms might appear to be glowing or revolving lights, 
etc. 


"They could exhibit incredible "aerodynamic performance," seemingly in 
the atmosphere. Actually they would not be moving "through" the 
atmosphere at all, but through a higher space outside each particle of 
atmosphere. 


"They could seem to materialize and dematerialize. 
"They could seem to plunge into the ocean or rise out of it. 


"They could even seem to operate under the ocean or inside the earth 
itself. 


"Such anomalous vehicle performances have been seen all over the 
world, particularly since a few years after WWII. 


"It appears that one or more nations of Earth are operating such vehicles 
now in great secrecy. Our own "government" may even be one of these. 


"If so, it isn't our true "government/government." Instead, it's the "control 
group/government." It's government at the operational level, but at higher 
level it belongs to certain control groups who have penetrated our 
government's vitals and taken over all such projects." 


Bearden http://www.cheniere.org/books/ferdelance/slide32.htm 


In an excellent article on her Earthfiles website, Linda Moulton Howe reports on the 
utter bafflement of Norwegian scientists over mysterious lights appearing in the valley 
of Hessdalen, Norway. 
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She writes of the research there: "The results can be broken down into two groups: 
95% are thermal plasmas and 5% are unidentified solid objects. The plasmas emit 
long wave radio frequencies and strangely, their temperatures do not vary with change 
in size or brightness." She quotes the scientists’ research summary: 


"1) most of the luminous phenomenon is a thermal plasma; 

2) the light-balls are not single objects but are constituted of many small 
components which are vibrating around a common barycenter; 

3) the light-balls are able to eject smaller light-balls; 

4) the light-balls change shape all the time; 

5) the luminosity increase of the light balls is due to the increase of the 
radiating area. But the cause, and the physical mechanism with which 
radiation is emitted, is currently unknown." 


This would almost certainly seem to be another example of the testing of the scalar 
howitzers. It is baffling because, as Bearden points out repeatedly, Western scientists 
have limited knowledge of the scalar electromagnetic principles by which the 
howitzers operate. The Hessdalen scientists were completely baffled as to where the 
energy of these plasma balls was coming from. 


Ms. Howe interviews Massimo Teodorani, Ph.D., Astrophysicist, who released the 
report on the 2001 Hessdalen sightings. The scientist speaks of the baffling phenomon 
observed. 


"I don't know how it is possible that Nature is spontaneously able to do 
that. Anyway, we deduce that the plasma is trapped inside a sort of 
magnetic cage and the magnetic cage closes around the plasma and keeps 
it fixed in some way, prevents it from expanding. But where does it 
come from? We don't know." 


By what we have been considering here, we can recognize the signatures of scalar 
electromagnetic engineering. If it is a Tesla howitzer, then the energy for the plasma 
balls is coming from the vacuum of spacetime at the very location of the balls 
themselves, triggered by scalar interferometers aimed through the woodpecker grid. 


These kind of balls can be used as marker beacons giving feedback for precision 
aiming of the howitzers. The energy of the marker beacon can be read back into the 
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computers giving precise location information for pinpoint aiming. The target area can 
be very small, or widened out. 


There is a little movie of one of the Hessdalen plasma balls here. It would seem to be a 
clear documentation of a scalar howitzer marker-beacon. How many other current 
"UFO" sightings are actually the witnessing of Tesla howitzer tests? 


In fact there are a great many anomalous events of the past few decades which might 
very well be explained by the Russian testing of their longitudinal electromagnetic 
weapons. It would seem that the mysterious appearance of crop circles around the 
world could be accomplished by feeding a precise mathematical graphic pattern into 
the computerized aiming software and change the very molecular structure of the 
crops themselves along the lines of that pattern. The stalks fall over from the localized 
effect of the longitudinal waves. A plasma ball tracing patterns? Are they slyly 
sending a message to see if we are "getting it" yet? 





The "Cambridge Angel" - Made by Russian scalar plasma balls? 


Also see: Interview with Tom Bearden 
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Attempt to Ban Energetics 
Weapons Worldwide A 








= On June 13, 1975, in a major speech Brezhnev urged the 
United States to agree on a ban of research and 
development of new kinds of weapons "more terrible than 
anything the world has known." 

= On July 2, 1975 Brezhnev repeated his proposed ban on 
development of frightful new weapons, to a group of U.S. 
Senators. 

= In August 1975, Ponomarev called for a ban on frightful 
new weapons of mass destruction. a 

= On Sept. 23, 1975 Gromyko presented a draft treaty 4 
agreement to the 30th Session of the UN General \ 
Assembly, for banning development of frightful new 
weapons. 


= No one had the foggiest notion what the Russians were 
talking about! 





@ 19967 © Se4RnEN 


(Slide from Cheniere.org) 








4. Healing powers of longitudinal waves 


Healing via longitudinal waves, time reversal of cells (de-differentiation), Priore's machine, Bearden’s 
proposed "blanket" version, using the electric power grid for healing waves or for broadcasting disease 
patterns. Scalar Biowar. 


The good news! 


"Any sort of disease whatsoever - physical or mental - will 
be rapidly curable, simply and cheaply. It will be possible to 
reverse aging and rejuvenate the person. It will be possible to 
regrow limbs and straighten misshapen spines - and directly 


remove the causes of mental diseases and cure them as well. 
Lifespan will be staggeringly increased, without 'old age's 
debilitation.' AIDS, cancer, leukemia, and genetic diseases will 
be completely conquered. The potential for a true golden era is 
upon us, for all humanity." 


Bearden- http://twm.co.nz/beard_interview.htm 





Proof of the healing powers of longitudinal waves from the vacuum is seen in the 
work of Antoine Priore who produced longitudinal scalar waves using a gigantic 
glass tube filled with plasma. He himself did not understand why it worked or how 
it cured cancer in animals. 


"The Priore team cured terminal tumors, trypanosomias, and other 
dread diseases in laboratory animals in France, in the 1960s and 1970s, 


under rigorous scientific protocols by eminent scientists. The Priore 
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project was funded by the French Government to the tune of several 
millions of dollars (equivalent). http://www.explorepub.com/articles/energetics.html 


"... Prioré's machines concretely demonstrated a nearly 100% cure of 
all kinds of terminal cancers and leukemias, in thousands of rigorous 
laboratory tests with animals. These results were shown to medical 
scientists as early as 1960." hitp:/www.cheniere.org/priore/index.html 


Bearden has stated that the longitudinal EM waves can have a healing effect 
because they always come in pairs called "phase conjugate pairs" and one of the 
pair is time-reversed. This enables engineering of the waves to "pump" the cells of 
the body (with waves from the time domain) and actually time-reverse the cells 
back to a previous healthy condition. The scalar cure of cancer does not involve 
killing the cancer cells but rather pumping them with time energy into a previous 
condition. I know, this seems miraculous, and is it not? 


| 9 . This healing power in the longitudinal 
| . waves of the time domain is a mind- 
boggling thing to face. It took me 
months to get through it, and to suffer 
the fact that the cure for cancer and 
AIDS was right there, in this new 
scalar electromagnetics technology, 
and that it has been kept back from the 
people for so many decades now. 


Bearden has a great deal to say about the 
work of Antoine Prioré, who himself did 
not understand why his machine 
worked. Priore did not know about the 
longitudinal scalar waves of the time 
domain. In fact, Tom Bearden has 
supplied, at last, the missing 

explanation as to how that big giant 
two-story glass tube consistently cured 
cancer in animals. 





Priore and his giant plasma tube 


"The medical implications are enormous. By just reversing the 
damaged cells back to a previous physical state, this gives a physics 
mechanism for controlled cellular dedifferentiation, in biology terms. 
Physicians will time-reverse diseased, damaged or aged cells back 
to an earlier healthy condition, including all the cellular genetics. 
Normal cells are just reversed to a slightly younger condition." 


"We believe this mechanism explains the revolutionary but baffling 
electromagnetic cures achieved by a team of outstanding French 
scientists in the 1960s and early 70s, working with inventor Antoine 
Prioré. In lab animals, cures were achieved for terminal tumors, 
infectious diseases such as trypanosomiasis, and atheriosclerosis. In 
addition, deliberately suppressed immune systems were dramatically 
restored. 
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"We hypothesize that this is the long-sought mechanism of how the 
living body heals itself. In short, the body's cellular control system 
induces cellular reversal by weak time-domain pumping of the 
damaged cells and the affected area. The cellular regeneration system 
performs all healing of cellular damage in the body; the immune 
system heals nothing, not even its own damaged cells) . 


"For the first time medical science can develop as a science of 
healing rather than a science of intervention. And it will develop as a 
science of unlimited healing, since no pathogen can resist action by 
curved spacetime engines." Bearden 


http://www.cheniere.org/techpapers/Vision%202000%20paper.doc 


See Priore's machine See Slides of how it works. 


Bearden has extended the Priore work, with the previously missing knowledge now 
in place, and designed a revised system (for irradiating the body with longitudinal 
waves) which gets rid of Priore's giant glass plasma tube and uses instead an 
antenna unit which surrounds the body. He has also provided the missing 
explanation of how it works. There is an article from "Explore" magazine, Part I 
and Part II. 
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In fact, Bearden has presented to the U.S. government a plan to use a portable 
version of a Scalar Healing Blanket where wire channels in the blanket act as a 
scalar antenna, which can both send and receive scalar electromagnetic waves. A 
two minute treatment of the waves is sufficient to restore the body to its earlier 
healthy condition. Thus even thousands could be treated easily and quickly in a 
biowar mass attack situation. 


"To defend against things like anthrax attacks on our civilian 
population centers, we also have recommended to the U.S. 
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Government the crash development of small, portable treatment 
machines—using similar "antiengine-forming" and cellular reversing 
"porthole technology". [See Figure 13 on previous page]. Such 
portable machines could be developed cheaply and quickly, and 
present government facilities could be used to massively attack the 
correlate database production problem. 


"The portable treatment units could be cranked out by the hundreds 
of thousands and flooded down through emergency response agencies 
such as the police forces, the National Guard, emergency hospitals, 
emergency response teams, etc." - Bearden 






AP Ne 





ntenna Pad 


(Slide from Cheniere.org) 


The Scalar Healing Blanket would fit into large suitcase. It has three basic parts, 
the longitudinal wave generator, a laptop computer, and the antenna-blanket. The 
plan was a stroke of Bearden's genius, but unfortunately it fell on befuddled 
government ears. "Unfortunately, so far the DOD [Dept. of Defense] doesn't even 
understand what the heck we're talking about!" 


Article "Healing with Energy": http://www.explorepub.com/articles/energetics.html 


"We tried very hard in 1998 to call attention to the extreme national 
need for the most urgent possible development of a portable computer- 
controlled treatment device based on the experimentally proven Prioré 
methodology, but extended to a much simpler and far more rapid 
method of treatment. 


"Quick development of this technology could lead to a suitcase size 
device, capable of treating a patient in less than one minute, and 
stopping the symptoms and disease progress cold, then reversing it. 
Three "less than a minute" treatments one week apart would be 
required for complete cure. As an added advantage, partial reversal of 
aging in older patients would also be accomplished as a bonus, in 
addition to time-reversing the damaged and diseased cells... 


"The method proposed to the DoD in 1998 used normal EM ina 
peculiar way to force the body itself to make its own time-polarized 
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EM waves, and pump every part of its cells -- including the genetics -- 
in the time domain. 


"Quite simply, we are going to be struck this way (QP spreading the 
immune systems of the populace plus professional smallpox, anthrax, 
etc. BW attacks on our population centers) and by other means we've 
spoken of in other papers and briefings." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


The Dark Side of the Force: 


Creating and broadcasting disease 





Speaking of the scalar wave induction of disease by longitudinal wave patterns 
Bearden refers to work by French scientist Kervran and Russian scientist 
Kaznacheyev, who proved that any disease could be transmitted 
electromagnetically. 


"It works this way: the Kaznacheyev experiments (and others) 
demonstrated that any cellular disease or disorder can be initiated into 
cells at a distance, by electromagnetic means (albeit unusual EM in 
nature). The decades of microwave radiation of the U.S. Embassy in 
Moscow, was an ongoing set of "stimuli" to ping the U.S. system and, 
by its response, ascertain how far along (or if it was "along") in its 
knowledge of such weapons. The radiation was responsible for many 
health changes in personnel and for the eventual deaths of three U.S. 


Ambassadors." Bearden http://www.cheniere.org/correspondence/021702a.htm 


In a letter he writes, 


"Yes, the Kaznacheyev experiments were quite real; 15,000 or so in military 
research institutes in Siberia. As with so many other novel areas investigated and 


developed by the Soviets, most U.S. investigators just assumed normal EM, which 
is not what the Kaznacheyev experiments involved, and not what was carrying 
disease induction patterns from one cell culture to another in rigorous lab tests." 


How to "Broadcast" Diseases 
Longitudinal EM Biowars 


Bearden explains how the new guantum potential weapons can be used to 


induce disease-at-a-distance in a population, or to "spread" the immune 
system so thin that a conventional bio-attack would be greatly 
potentiated. By "broadcasting" virtual disease patterns over a population, 
the immune system is so overloaded by the presence of the "shadow" 
diseases that its effectiveness is thinned out. 





"In short, alter the internal wavestructure, and one creates a 
curved spacetime ‘engine’ that acts on mass in any fashion one 
chooses to design -- including initiate diseases .. . Now 
visualize one of these 'vacuum engines' or 'spacetime curvature 
engines' that acts on mass to generate the exact effects 
produced by anthrax. (Or any other disease one wishes) . . . 
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Call the virtual state of a disease engine the disease pattern in 
the "shadow" state, just prior to becoming observable. . . . 


"And the master cellular control system responds to "coming 
events that cast their shadows before". In short, it responds to 
the upper level of the "shadow state" of a disease, still in the 
virtual state! (Hey, virtual particles are real, virtual photons are 
real, virtual ST curvatures are real --- just very fleeting, only for 
another to immediately arise). The exchange of virtual particles 
is known to generate all forces in physics anyway! .. . 


"So the cellular control system responds to "shadow state" 
disease patterns. Enter a QP weapon application. Place a 
quantum potential weapon "area" on the United States, so that 
the entire populace is in it. The slowly introduce and bring up in 
the shadow state, the necrotizing fasciitis disease engine. At 
some point, the cellular control systems will react, and order the 
immune system into action. In other words, immune system 
resources will be committed against this "immediately coming" 
enemy. Bring it on up a little, but still just in the shadow state. 
Voila! Humans form a bell-shaped distribution curve. And even 
if the structure of the QP fluctuates a little, fluctuating a bit 
stronger and a bit weaker, etc. A few of those targeted bodies 
will now actually develop necrotizing fasciitis. So far, just like 
the U.S. Embassy targeting, except a different "carrier". 


"But now there is an exact signature that this is what is doing it, 
and not normal vector carriers of disease and contact or 
exposure infection. The few cases of necrotizing fasciitis that 
break out will be most puzzling. They will be randomly 
scattered across the entire nation, and so few that the vector 
carrier and contact or exposure explanation completely fails." 


"And that one happened, right here in the U.S., not so long ago. 
Check it out. 


"So carefully adjust the patterns for, say, 12 major terrible 
diseases, to that "adjusted and desired shadow state level". Now 
add all 12 patterns into the internal structure of the quantum 
potential. Now it has 12 shadow state disease engines in it. 


"Place that one on a populace. The cellular control systems 
order the immune systems into action, and they now have to 
commit their finite resources to 12 different areas. This greatly 
thins the response an immune system can make to any one of 
those 12 disease patterns! In short, it "spreads" the capabilities 
of the immune system, which can be galvanized to great effort, 
but only can perform a small bit against each area. 


"Suppose one of those "galvanized" areas in the targeted 
populace's immune systems is anthrax. And suppose the bad 
guys now hit one or more of those cities with a professional 
anthrax attack. A former OTA study showed that a professional 
anthrax aerial spray attack against Washington D.C., dispensing 
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100 kilograms of anthrax spores in the spray, will account for | 
to 3 million casualties. And that's in an "unthinned" set of 
immune systems. In the "thinned" set, one can at least 
double or triple, and even up to five times, that estimate. So 
conservatively, now there would be from 2 to 6 million 
casualties. And even mild anthrax spray attacks in other 
"thinned" cities would also be amplified. 


"That one is being set up, or already set up, right now. There 
are other such "augmentation" setups also under way. 


"So the weapons alluded to by the SecDef in 1997 are 
already being employed. WW III has already begun, and 
our populace (and our scientific community) is blissfully 
unaware of it." 


http://www.cheniere.org/correspondence/021702a.htm 


Most of us can remember the strange outbreaks of the so-called "flesh eating 
disease." It seemed to break out here and there randomly with no known 
cause. Bearden believes this was a test of the newer quantum potential 
weapons which go even beyond the capabilities of the Tesla howitzers. 


"The Kaznacheyev "disease induction by novel 
electrodynamics" work is also the basis for the spacetime 
curvature engines (not EM signals!) carried by quantum 
potential EM biological weapons for distant induction of 
diseases etc. into the population of an entire nation or area, such 
as the U.S. 


"This quantum potential disease induction weapon -- capable 
of attacking an entire population of a nation or area -- has been 
tested several times in the U.S. at very low levels, in the shadow 
state only (we explain shortly) and it has a most peculiar 
signature. E.g., one test used necrotizing fasciitis (flesh- 
rotting disease) engines. 


"The disease 'engine' was deliberately kept down in the 'shadow 
state' (virtual state, just below the observable state) so that only 
a tiny bit of the populace with depressed thresholds would 
"breach the observable threshold’ due to the population forming 
a bell-shaped curve as to the threshold level. The major 
signature of the test was that the cases of the disease broke 
out totally statistically and randomly, spread all over, without 
any ‘disease vector' in between. 


"In short, it was not spread in any manner required by normal 
deterministic disease vectoring, but was a totally random set 
of occurrences. Several other diseases were also tested this way 
in the American populace, with precisely the same signature." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


"Apparently one planned use of such an augmented clandestine 
BW weapon will be smallpox, e.g. As you know, the Russians 
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did develop smallpox for biological warfare, and even 
developed a new strain against which previous vaccination is 
ineffective. 


"The vast numbers of expected casualties, coupled with immune 
system spreading, are absolutely irresistible to the Russian 
mind. You can count on it that they have seen that the smallpox 
is already on site here, in the U.S. and in the hands of 
professional terrorist teams. Of course, the Russians/KGB will 
protest they have nothing to do with that! Yet likely the KGB 
will have flatly arranged it or at least assisted it. The capability 
for mass destruction of the nation is so lucrative and easy to 
achieve in advance, that they would never be able to resist 
doing it." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


Bearden believes the Gulf War Syndrome involved the use of scalar 
technology to induce a disease state, as he stated in a 1997 interview: 


"T'll say this flatly, and I won't answer any further questions 
about it; the Gulf War Syndrome was induced... It was 
induced with this stuff. All the rest... was contributing factors 
that everybody's talking about... There are some deeper 
signatures, if you look into it very deeply, that show you exactly 
how it was done and the fact that it was induced. It was a test. It 
was a test of a very special kind of weapon I have not talked 
about yet. Anyway you can use it to create diseases." 


Bearden http://twm.co.nz/beard_weapon.htm 





Besides using the woodpecker grid to target a population, the entire electrical grids 
of nations can be used as "channels" for disease patterns to be broadcast to all 
people near that grid. Your own house wiring can become an antenna, broadcasting 
these "shadow" patterns of disease, weakening your immune system. 


And here one faces the frustrating fact that the same power grids could be set to 
channel patterns which would keep the entire population healthy, rejuvenated, 
continuously bathing in the time-reversing old-age-defying energy of the spacetime 
vacuum. We have no idea yet of how long the human life span could be increased 
with this new technology. People might be able to live two centuries given full 
humane development of this technology. 








5. Psychoenergetics 


Mental entrainment, inducing hypnogogic trance, mind control, broadcasting thoughts and feelings, the 
Ant World, education via EM [LW] mental download, the "Feelies," revolution in spirituality, 
"enlightenment machine?" Scalar churches? 


Psychoenergetics is simply using the scalar interferometers to manipulate and 
engineer the human psyche. To me it is the most mind-boggling and frightening 
aspect of longitudinal wave engineering. 
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The mind is electromagnetic in nature, and itself of the time-domain. It is not 
observable in 3-space. There is no thing you can point to that is the mind. As Bearden 
says, "The mind is time-like." 


The longitudinal scalar EM waves are also of the time-domain. By overlaying certain 
infolded patterns (oscillations in time) on the longitudinal waves, a thought or 
feeling may be made to arise in a person or persons who are in the interference 
zone (where the wave beams cross). 


The person will not notice anything, feeling that this thought or idea is his or her 
own idea. The longitudinal wave pattern might be a wave of panic or fear that 
spontaneously sweeps over you, perhaps inexplicably. It could even be in the form of 
a sudden intense patriotism. It could be explicit words and phrases, which everyone 
would think they had thought of by themselves. Or it could be rage and hatred, angry 
and violent. On the other hand It could also be a continuous sense of docility and 
placidity. This is the brave new world of psychoenergetics and the coming "Mind 
Wars." 


Scalar Psychoenergetics in its most primitive form simply "entrains" all minds in the 
target area into a deep hypnogogic trance. In this state of mind people would be 
suddenly extremely suggestible, and would likely believe anything they are told, and 
would obey any orders given. Talk about winning the hearts and minds of the 
American People! 


Tom Bearden makes me think of Paul Revere, who heroically conveyed important 
warnings for the sake of the new nation. But the words of the famous phrase have 
now strangely and curiously mutated into the once-inconceivable: "One if by land, 
Two if by mind." 


Indeed one strategy in a Mind War would be to simply take over the minds of the 
"leaders" of the enemy nation. The targeted leader would not be aware that anything 
was amiss, although he might begin to make unexpected changes in policy. 


And are, in fact, any of our "leaders" already having secret thoughts that are not their 
own? Who knows? Frighteningly, we can no longer be sure. The new sciences of 
scalar electromagnetics and psychoenergetics are even now plunging humanity into a 
sudden science-fiction-like world beyond anything in humanity's previous 
imaginings. 


"The Russians reached the point in the mid 1990s that they could take 
over control of a person's mind, with modified longitudinal EM waves 
including some time-polarized EM waves, and with a team of specialists 
(estimate 25-30 per transmitter, and one transmitter and team per 
controlled person)." Bearden 





In a slide Bearden illustrates how a Scalar War would involve a psychoenergetics 
attack on the operators of the enemy scalar installation, entraining their minds into 
hypnogogic trance and getting them to shut down their systems. 


And ultimately psychoenergetic warfare goes to the very heart of human identity 
itself. For if my thoughts might no longer be "mine," then who and what am I? Can 
my very sense of being "me" be hijacked by some nefarious psychoenergetic scheme? 
Will the "secret government" eventually dictate directly into your mind how you feel 
about yourself? Or what you think you are? Or what you should do? 
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How Does Longitudinal EM Mind Control Work? 


The physics of scalar psychoenergetics as expounded by Col. Bearden seems even 
more arcane and over-my-head than that of extracting energy from the vacuum. I can't 
understand it, but I look through it anyway. Each time another tiny understanding 
might occur, or a term might fall into place. I know the mathematics is forever 
beyond me. 


One paper to begin with is Mind Control and EM Wave Polarization Transductions 
This is such serious stuff that Bearden includes a strong warning about misuse of 
this knowledge. Psychoenergetics weapons can mentally maim and physically kill. 


Warning! 


(From "Mind Control and EM Wave Polarization Transductions") 


"This article refers to experimental research techniques which can be 
detrimental or lethal in the hands of any but highly skilled, qualified 
experimental scientists proceeding under proper laboratory safety 
procedures. The purpose of this article is strictly for information to 
properly qualified and authorized scientists in certified laboratories. We 
do not propose or condone any use of these procedures for nonapproved 
practice of medicine without a license. Neither the publisher nor the 
author are responsible for accidents or outcomes in the use of these 
experimental procedures and techniques. Any researcher who performs 
these procedures and experiments is acting on his or her own volition, 
and is solely responsible for insuring safety, qualifications, and legality 
of the acts and their results. We neither suggest nor condone 
unauthorized experimentation on human subjects. Such is a criminal 
violation of the constitutional rights of the subject under Federal and 
State laws, and is both illegal and immoral." Bearden 


After the serious warning comes the description of the paper. This is heady stuff for 
the layman. 


"Calling full attention to the special note above, in this paper we present 
a high-level overview of the novel electromagnetic nature of mind 
operations, mind and body coupling, and intent - the induction of 
physical 3-space EM energy changes into the brain and nervous system, 
and into every cell of the body, from the mind's time-like coherent 
operations. We summarize the time-polarized electrodynamics used to 
engineer and affect mind operations and the mind-body coupling loop. 
Transduction mechanisms whereby differing EM wave polarizations can 
be transformed one-into-the-other are presented." Bearden 





I will leave it to the technically astute to try to understand the mechanisms of 
operation which are described in scientific language. But there are tidbits for the 
layman. Here he speaks of the difficulty Western scientists have in opening up to the 
"immaterial" (longitudinal wave) nature of the human mind. 





Western Science Remains Largely Materialistic 


"Ironically, most Western scientists are materialists and consider 
"mind" as a mystical and nonscientific concept. They tend to 
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consider mind operations and functions either to be simply "meat 
computer" operations and functions, or at best to be very weak 
ordinary transverse-wave EM operations and functions in the brain 
and nervous system. This serious self-limitation exists because in 
the body we measure only weak TW [transverse wave] EM 
operations and functions correlated to biological behavior and brain 
operations. We simply do not know how to measure "mind 
operations" directly. 


"With no mind measurements possible and no instruments, it is 
understandable that Western science considers only the physical 
side of the mind-matter interface. 


"Presently our scientists do not measure the longitudinally- 
polarized EM wave operations and functions in the body and 
around it in nature. Few of them are aware that a maelstrom of 
such LW [longitudinal wave] functions exist in the body and in 
all of nature in general.” Bearden 








Western methods of influencing the mind with EM waves have only used transverse 
waves, not the longitudinal waves of the vacuum. If only transverse waves are used 
one pretty well has to hit the target mind with a sledgehammer of waves. 


Western Science knows only transverse EM waves 


Brute Forcing Time Functions versus 
Fine Control Methods 


"Ironically, Western mind control researchers using transverse 
EM waves for mind control research, are using a brute force 
method of evoking and using vacuum engines (spacetime 
curvature engines) and a special form of general relativity, 
although they do not appear to realize it. 


"While KGB scientists also use TW EM "brute force" TW 
waves when necessary, they do "imprint" or "activate" those 
waves with the desired internal LW and time-polarized EM 


wave and photon structures required to directly perform the 
mind engineering desired... Bearden 


"These "fitted brute-force models" certainly can be very 
powerful, and certainly can produce the exact results shown in 
the experimental verifications of the fittings. However, they do 
not of themselves allow sophisticated design for example of the 
necessary time-polarized wave assemblies for engineering the 
entire human collective unconscious simultaneously, or for 
engineering the entire collective unconscious of all species on 
Earth (i.e., Gaia's collective unconscious), or even for precisely 
engineering the memory and knowledge base of an 
individual. Bearden 
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The seemingly magical operations of psychoenergetics, sometimes called 
"psychotronics," cannot be achieved with ordinary transverse EM wave energy. But 
they are possible with longitudinal scalar waves because the mind itself is scalar in 
nature. 


"We note that all mind operations are time-like, i.c., they are comprised 
as scalar EM photon functions and scalar EM wave functions. Thus the 
mind is a very special kind of electromagnetic system, existing in the 
time domain..." Bearden 





The engineering of the mind can only be accomplished with the waves of time. 


The course of psychoenergetics development necessitates the building of a vast 
database of settings and patterns which bring about given mental and/or emotional 
states. A kind of "genome" of the psyche. Bearden describes the process of the 
decoding of this "genome." 


"Now the scientists would perform many phenomenology experiments, 
making one little change at a time and profusely recording the data. Each 
time, they would establish the physical change(s) that occur in the body 
and/or the mental and emotional changes that occur in the mind for each 
spectral reinsertion back through the "ship's portholes". They would 
simply but painstakingly (over some years) build up an extensive 
database of those individual correlates. 


"In these experiments, the experimenters will eventually be able to 
provoke any body or mind change they wish. Strong emotion. Intense 
pain. Intense pleasure. Painful thoughts. Images. Memories. Perceptions. 
Dreams. Visions. Memory losses. Memory changes. Personality changes. 
Etc. The "delta" in the emission spectrum (the changes from zero 
reference spectrum) represent the precise totality of all mental, physical, 
organic, chemical, etc.changes and interactions." Bearden 


"A second stage in the research would be to test the correlates and 
porthole insertions upon a statistically significant cross section of 
ordinary people, and/or specialized populations (such as toughened 
soldiers). The program would evolve a highly complex, very effective, 
ever-improving science and technology of mind and behavior control and 
engineering mechanisms, complete with finished database and developed 
applications equipment." Bearden 


Summing up his paper Bearden speculates on what the actual situation the science of 
psychoenergetics probably is. The intense secrecy with which this knowledge has 
been kept from the public has led to the current farce of the "government" 
pretending it all does not exist, and this secrecy may have now put us at great risk. 


"The implication is that in the West one or more highly classified, 
sustained, heavily funded developments in advanced mind control 
programs, probably exists and probably has existed for some time. Due 
to loose formation of rogue groups inside such programs, they may have 
dual or triple purposes, may not operate under very much legitimate 
government control at all, and may operate specifically for the purposes 
of the rogue group or groups that have gained control. 
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"In a nutshell, that's what may be going on in the clandestine mind 
control projects in several Western governments. The involvement of at 
least some rogue groups, some being "cowboys" who operate well 
outside all laws and ethics, could also result in such things as 
assassinations, clandestine testing on individuals without their consent, 
etc. In short, it could account for what seems to be actually occurring. 
As also is "usual" in such a mess, one or more of the rogue groups 
eventually may become very powerful because their secret weapons are 
very powerful. They may become confident, thinking they have the "best 
in the world." They may actually believe they are ahead of the 
Russians..." 


"Remember that, in every large and powerful human organization, the 
basis for rogue groups is power and secrecy. They are always seeking to 
increase their power, control, influence, prestige, etc. Nothing else. 
Patriotism and mission are—to rogue groups—often just idle words. 
They have their own agendas. And being rogue groups, they may well 
bring in unethical, immoral tricks: assassination, bribery, entrapment, 
disinformation, plausible deniability, etc. A certain percentage of a highly 
secret rogue group will wind up using all these things and more. It's a 
human characteristic, the old primate dominance game. Only now 
disguised and hidden under deep classification." 


"The Russians, with their additional knowledge of the actual 
mechanisms in the transforms, will be much more advanced than the 
West, because their fundamental psychoenergetics science is far more 
advanced, so long as we continue to use the old U(1) electrodynamics. 
Further, the Russians have decades of use of longitudinal 
interferometry beams to reach right through the earth and ocean and 
produce stringent EM effects at a distance. So they will also be able to do 
the same things here in "mind control" with LW [longitudinal wave] 
interferometers, through intervening mass." Bearden 


Bearden cites two examples where he believes the Russian KGB tested the 
psychoenergetics capabilities of their scalar interferometers. One was the case of 
Captain Button in his A-10 "Warthog" aircraft on April 2, 1997. 


"Over Arizona, Captain Button was thrown into a hypnogogic state, and 
his perceptions instantly altered and controlled. In his instant "dream- 
waking" state, everything seemed perfectly normal. His sense of 
direction was altered a bit more than 90 degrees, so he simply corrected 
and turned and "flew toward the range", actually flying off course by 
more than 90 degrees and ignoring radio contacts. He flew right on out of 
Arizona." 


"At one point he circled, probably thinking he was over the range, and he 
probably dropped his ordnance there. Then he "flew on back toward 
home," as he thought in his waking dream state, until his fuel ran out and 
he crashed and died in the explosion—dream-thinking until he died 
that everything was normal. All the while, his sense of the passage of 
time was altered. To him, in his dream-thinking, dream-acting state, 
everything was normal and nothing untoward had happened. So the 
distant KGB transmitters and associated psychoenergetics team 
controlled him for over an hour. 
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"Indeed, that was the exact purpose of the test: demonstrate control (at a 
great distance) of a skilled person performing highly skilled tasks." 


The paper Mind Control and EM Wave Polarization Transductions ends with the most 
chilling and frightening possibility of all: the psychoenergetic engineering of the 
human species as a whole. 


The Ant World 


The Final Race for Direct Mind Control of the Entire 
Human Species 


"The KGB psychoenergetics weapons scientists—because of their 
direct measurements and detections (and use) of t-polarized waves 
and LWs [longitudinal waves] for decades—also understand that 
Jung's collective unconscious mind (of the entire human species) 
also has its own time-like operations and correlates, which one 
measures also when using t-polarization measurements and sorting 
it all out. The collective unconscious mind operations are buried 
several levels deeper inside the recursive Whittaker structuring 
inside the EM fields, waves, and potentials. 


"The KGB scientists also know that something very like Gaia — a 
collective unconscious mind for all species on earth — also exists, 
and they are striving to be able to sort out and measure that one as 
well. The Gaia operations are buried even deeper in the recursive 
structuring inside the EM fields, waves, and potentials." 


"Actually, from day one, the Russian mind control scientists have 
had their eventual goal set upon this "deeper area of mind and 
possible mind control" of the entire human species. 


"I am convinced that the KGB psychoenergetics scientists 
understand this deeper area. If they can learn to directly engineer 
the collective human species unconscious, they can then convert 
the human species easily into a sort of "ant" society, modeled 
along ideal Communism lines, except of course with an excluded 
"hierarchy at the top" running everything. The "ant society" — 
communist style — is still a variation of feudalism (all systems 
tend to feudalism or some form thereof). 


"The KGB psychoenergetics weapon scientists are seriously 
pressing on toward that very goal. In my opinion they are not very 
far from it right now... 


"Some versions of Russian mind control devices were used on 
Russian soldiers in the Afghan War to condition them for 


performance of merciless acts." Le 


http://www.cheniere.org/explore%20articles/mind%20control3/p07.htm 


More about "The Ant World" 





Whether it is the Russians planning an "ant world" society or rogue U.S. black-ops 
groups withholding a great boon from human race, the secrecy on all sides around has 
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allowed largely criminal elements to take over this technology while leaving the 
civilized elements in the dark. Openness and the spreading of this knowledge among 
good and decent people is essential, and for that we will have to overcome our 
frightened denial. 


"Meanwhile, rogue groups amongst Western clandestine mind control 
researchers will probably arise if they have not already done so. They 
will likely seek to increase their personal control and further isolate the 
programs from orthodox government review and from government and 
legislative control. They may even divert the research into highly illegal 
and unethical means, because it furthers their own rogue agendas. That is 
how clandestine U.S. government research can sometimes go sour, 
unless great care is exercised by the oversight committees in the 
House and the Senate. 


"Sometimes when rogue groups do gain control and total secrecy of a 
given new technological area, then what appears to be "U.S. government 
operations" do start to encompass a criminal and unethical operations, 
hidden usually beneath the deep veil of high classification. Also, if it's 
"scientific," no one is ever brought to justice, even if the "evil science 
actions" are uncovered and publicly revealed." Bearden 


Like the huge energy of the Tesla howitzers, the ability to engineer the mind with 
longitudinal waveforms is a seeming "magical" thing which can be used for good or 
ill. Bearden envisions that further developments will allow something like the 
"downloading" of knowledge via scalar interferometry. Everyone could be highly 
educated, and quickly and easily. 


In the conclusion of the paper "Mind Control and EM Wave Polarization 
Transductions" Bearden makes a plea to the nations of the world regarding the use 
of psychoenergetic engineering. 


"Let us hope this great new area, already off to a bad start, can be bridled 
and steered in the direction helping and healing people, rather than 
killing or abusing them. The excesses in its bad use are a potent threat 
to all nations on earth. 


"Yet it can revolutionize medical science, education, communication, and 
psychology. We foresee the day -- perhaps 30 years hence -- when 
education will be accomplished by directly loading the software into 
the mind. Then in three weeks one will "load" a doctorate, say, in 
physics. In three more weeks on will also load a doctorate in chemistry. 
Another three weeks, in electrical engineering. Another three weeks, an 
M.D. And so on. When that happens then truly everyone on earth can be 
educated. Freedom from ignorance may well be another great freedom 
that is legally recognized. There will be no impoverished large groups 
lacking the education to find decent, productive jobs. 


"We urge all nations to use the principles involved: not for human abuse, 
but for healing, educating, uplifting, and life-expanding of every person 
on earth. If we do, we shall all have a far brighter future. Then we shall 
check what has started out to be the Sword of Damocles and turn it into 
the golden Millennium." Bearden 
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(Perhaps after so many frightening topics a slight break is in order here to 
consider the lighter side of psychoenergetics. For example, what will be 
the ultimate impact on the entertainment industry?) 





The Feelies at Last! 


Psychoenergetics will be able to bring about at last, for better or for 
worse, Aldous Huxley's fanciful idea in his novel "Brave New 
World," an entertainment format which he called "The Feelies." 
Those were something you went to, like going to the movies, but you 
would experience all the actual feelings themselves, as if the depicted 
events were actually happening to you. Although our "leaders" seem 
too dim to grasp what is going on in the world of scalar 
electromagnetics, it should not take some young Hollywood genius 
too long to understand that The Feelies are now possible, and that the 
immense megabucks of potential profit more than justify heavy 
investment in bringing it to market. 


One can imagine that first "Feelie" theater, "The Huxley" perhaps, a 
large comfortable area surrounded by nine giant screens (not just one 
screen!), which become 3D if you put on your headset. And The 
Huxley is fitted with the finest sound, and oh, by the way, a modest 
sized scalar interferometer with computer. And there are one or more 
new tracks now recorded on the film next to the sound track. These 
are the digital patterns of thoughts, feelings, and ideas to be fed into 
the theater's interferometer. And these thoughts and feelings and ideas 
will be felt by the audience as if they were their own thoughts and 
ideas. It is an entirely new art form. Psychevision. 


As important (and no doubt famous) as the actors would be the 
"feelers," those from whose minds the feelings were lifted in the 
original programming of the Feelie tracks. Because, for example, Brad 
Pitt might be a good and handsome actor, but can he really feel it? 
Like the dubbing of foreign language films, it might be necessary to 
dub the "emotional track" using a deeper and more profound person's 
feelings, thoughts and ideas. 


It might even be engineered so that if you sat on one side of the 
theater you would feel like the hero, and on the other side you would 
feel exactly like the bad guy! What would that lead to? 


We have all cried at a movie some time, most people have, though 
they might not want to admit it. But this would be deep sobbing and a 
flood of tears, if the director so desired it. You would feel it at your 
core. Or, take a big chase scene, you would be terrified. They are 
breathing down your neck! You would be gripped by panic. 


For that matter, the whole genre of Horror-Feelie would be too much 
for many people to take. Do I really want to feel that an actual 
vampire is tearing at my throat with his fangs? 


A Religious Feelie would make you feel the exaltation of a saint at his 
prayers, or give you the definite feeling that you are Christ suffering 
on the cross. All the pain could be there too. The stickiness of the 
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blood. The very feeling itself: "Why hast thou forsaken me?" Who 
among us could come up that despair for scanning? Had this been 
developed a bit earlier we might watch a documentary of, say, Mother 
Theresa, containing her own actual deep sense of compassion, which 
we would feel arising in us as our own. 


Then again, a Psychedelic Feelie could induce an LSD-like state and 
simply blow the audience's minds. 


Even in its simplest most primitive mode, the hypnogogic trance 
induction with its increased suggestibility, would completely alter the 
experience of even ordinary current movie going. 





6. As it Stands - 2002 
[Note 2006: Click here for a current status history of the MEG from Tom Bearden] 


"Anyway, it's presently a "Mexican stand-off" with the various parties 
maneuvering with check and countercheck. That is the real "balance of 
terror" that is held by such a fragile balance." 


"You can see the implications if such weapons fall into the hands of the 
radical terrorists. Ordinary positive energy EMP shooters can be made 
fairly readily and cheaply from nearly just Radio Shack parts or surplus 
parts. It just takes some know-how... When and if the Yakuza [Japanese 
mafia] gets those (and they will, it's just a question of time), you can begin 
to appreciate some of the turns this present terrorism and our war on it will 
take." Bearden 


The very thought of the building of one of these howitzers by "some lone-nut gunman" 
from Radio Shack parts makes one realize how serious it is for humanity to face the 
crisis it has come to. 


Once again, as at the dawn of the nuclear era, humanity finds itself at the crossroads of 
Heaven and Hell. As a species, we must stop and consider. And there is at least one real 
difference between this visit to the crossroads and the last: this time there is a very real 

possibility of a true "earthly heaven" on the Heaven side. 


The poor nations could come to a good life. Disease could be largely eliminated. Fossil 
fuel pollution could end. Global warming could be solved, and the weather could be 
managed in a humane way, bringing water where there is drought, and sunny skies 
where there is flood. Scalar interferometry would be there to avert any possible hits by 
asteroids or comets. Mars could be colonized and terraformed. Everyone would be 
highly educated through psychoenergetic downloading of knowledge. And the wisdom 
of the wise could be realized directly through scalar connection to their minds and 
hearts. 


These stunning sudden possibilities give me pause to think: if our species has reached 
this crossroads in such a short span of centuries, then surely other species in this vast 
universe have passed this way before and long ago. And of those who chose the path to 
"planetary heaven," what is their life like now? It might be good if some of them were 
with us now, to guide us through this last struggle over this pesky old good-and-evil 
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problem. It is our last chance to choose the path which benefits the whole species, 
and not just some elite group or faction. 


The Disclosure Project 


One person working tirelessly to bring to bring these technologies into the open is Dr. 
Stephen Greer of the Disclosure Project, which is calling for congressional hearings 
into the issues of UFOs and the free energy technology that was, perhaps in part, 
reverse-engineered from them. 


"Once abundant and nearly free energy is available in impoverished areas 
for agriculture, transportation, construction, manufacturing and 
electrification, there is no limit to what humanity can achieve. It is 
ridiculous — obscene even — that mind-boggling poverty and famine 
exists in the world while we sit on classified technologies that could 
completely reverse this situation. 


"So why not release these technologies? Because the social, economic 
and geo-political order of the world would be greatly altered. Every 
deep insider with whom I have met has emphasized that this would be the 
greatest change in known human history. The matter is so highly classified 
not because it is so silly, but because its implications are so profound and 
far reaching. By nature, those who control such projects do not like change. 
And here we are talking about the biggest economic, technological, social 
and geo-political change in known human history. Hence, the status quo is 
maintained, even as our civilization hurtles towards oblivion... 


"With the types of weapons currently in the covert arsenal — weapons 
more fearsome even than thermonuclear devices — there is no possibility 
of a survivable conflict. Yet in the darkness of secrecy, actions have been 
taken on behalf of every human that may endanger our future. Only a full, 
honest disclosure will correct this situation. It is not possible for me to 
convey in words the urgency of this." 


Dr. Stephen Greer http://www.disclosureproject.org/ES-DisclosureImplications-2.htm 


Greer and his team have assembled hundreds of witnesses, many of whom are military 
or ex-military, who are ready to testify to congressional hearings what they know about 
the covert black projects which have kept free-energy and antigravity propulsion 
technology secret from the people. 


Greer points out the need to regulate these technologies so they are limited to peaceful 
uses, but this is of course difficult when the government simply chooses to pretend they 
do not exist. In the meantime, as the President and the Defense Department continue 
the charade of war-as-usual, those scalar (longitudinal wave) installations which DO 
exist continue to fall into ever more sinister hands. And there is no reporter in the press 
brave enough to ask, "Mr. Secretary of Defense, what steps are you taking to defend 
our MINDS from attack by the big Russian longitudinal interferometers?" 


Longitudinal Interferometers are Proliferating 


In a later statement Bearden reveals that in fact the Yakuza [Japanese mafia] has 
already leased some of the interferometers with a nearly $1 billion "down payment:" 
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"After the collapse of the Soviet Union's economy, lots of things got 
available for lease or purchase that would never have been under the old 
system. That happened in the resulting economic chaos. The Russian Mafia 
rose to prominence, as did some wheeling and dealing entrepreneurs who 
played both ends against the middle. 


"In that atmosphere, and in the need for money, the KGB allowed 
leasing of the earlier longitudinal EM wave interferometers to a 
consortium of the Yakuza and Aum Shinrikyo. They did this only after 
they had tested and deployed their great new quantum potential weapons. 
That class of weapon is the dominant weapon on earth. Five nations now 
have it: Brazil, Russia (KGB), China, and two nations friendly to the U.S. 
The deal to lease many of the earlier LWIs [longitudinal wave 
interferometers] to the Japanese Yakuza and Aum Shinrikyo was 
consummated at the end of 1989, with a down payment of $900 million in 
gold bullion as "up front" money. I don't know what the lease per year was 
and is, but probably something like a billion dollars a year. So the rogue 
Japanese acquired longitudinal EM weapons and that technical know- 
how. In fact, the Yakuza is producing certain kinds of those in its own 
facilities in Japan now." 


http://www.cheniere.org/correspondence/030202a.htm 


Personally, I am a little uncomfortable with the knowledge that the Japanese mafia may 
now be able to insert things into my mind. I'd like to sleep at night knowing that my 
dreams are my own, such as they may be, and not some weird fantastic visions cooked 
up by a criminal organization. This is a world emergency. 


And in Bearden's analysis, it all comes back to the issue of energy. It is the energy 
crisis which is now provoking the current "oil wars," since oil production has hit the 
"Hubbard Peak" and will decline. And the electrical power grids must be replaced with 
scalar power as fast as possible, for these grids are now totally vulnerable to any 
possessor of longitudinal interferometers. They can all be wiped out in minutes. By 
anyone who possesses or controls a Tesla howitzer. 


"Anyway, in my personal view, we should have a national Manhattan 
Project right now, to develop decentralized electrical power systems taking 
their energy from the vacuum . . . The MEG is real and so are several other 
systems invented by private inventors and colleagues. All these efforts 
should be massively funded and massively and quickly developed. The 
survival of this nation is going to depend upon it... . There are many other 
facets, but the major point is that our scientific apparatus and the public 
are still unaware of what a desperate struggle we have entered, since it 
was thrust upon us. 9-11 was a wake-up call. It was certainly bad 
enough, and one grieves for those lost American lives. But I fear the worst 
is yet to come, and it is coming at us like a runaway train hurtling right 
down the track at us." 


http://www.cheniere.org/correspondence/021702a.htm 


"The electromagnetic weapons mentioned by the Secretary of Defense in 
April 1997 are in terrorist hands also, including the Yakuza and Aum 
Shinrikyo. That rogue group leased those earlier weapons on site in 
Russia, from the KGB, at the end of 1989. The SecDef stated that such 
weapons were being used to initiate earthquakes, initiate volcanoes into 
eruption, and control and engineer the weather. Quite true. And presently 
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there is a truly massive set of weather engineering operations going on 
over North America, from that rogue Japanese group manning the weapons 
in Russia. Some 10 nations of the world now have the type of longitudinal 
EM wave interferometer weapons (which are what the SecDef was most 
probably referring to). There are other even more fearsome weapons, 
possessed by five nations. So a great deal of the state of the world is not 
covered in the news at all, and will not be... 


"We have been in an undeclared war of an eerie kind for some decades. 
That war seems now to have started to heat up also. The destructive 
capability of some of these weapons is awesome, and far greater than 
nuclear." 


http://www.cheniere.org/correspondence/021702a.htm 


"In that sense, the first phase of WW III is already completed. Now we are 
only waiting for Phase II. 


"It is against that backdrop that I think one must "analyze" such things as 
how fast we will be replacing the power grid (it's going to go anyway, and 
catastrophically, the terrorists will see to that). And everything we have 
is critically dependent upon energy, from the economy to jobs to mobility, 
to the millions of trucks that transport our goods every day, etc. 


"As far as Iam concerned, we are already late in declaring a great national 
emergency in energy, because of the coming destruction of the present 
energy infrastructure. The scientific community should lead, follow, or get 
out of the way. The emergency is not in seeking "alternative but 
conventional" systems. It is in developing "energy from the vacuum" on an 
emergency, crash basis. 


"Unfortunately, everywhere I look I just see business as usual. Most 
Americans (and news media) seem to think, hey, Afghanistan is finished 


except for a bit of cleanup, and it's just about over). 


"It isn't. It has only just begun." 


http://www.cheniere.org/correspondence/021702a.htm 





Beyond the Howitzers: Quantum 


Potential Weapons 
Do not use EM propagation through space 


As more and more nations acquire the scalar interferometers, Bearden 
speculates on the next generation of longitudinal weapons called 
"quantum potential" [QP] weapons. 


"The quantum potential weapons are presently only held 
by three nations: Russia (in the hands of the KGB, which is 
now know by its new name), Brazil, and the "friendly little 
nation." Red China may be working on them, but is just at 
the beginning... 
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"The QP weapons have been highly reserved by the 
Russians. However, the complete extent of their capabilities 
is still being figured out... 


"The quantum potential weaponry (possessed by only three 
nations) is supreme, because it uses multiply connected 
spacetime, and DOES NOT involve propagation of EM 
energy through space as does the longitudinal EM wave 
interferometers. 


http://www.cheniere.org/misc/gp.htm 


"The operational deployment of full-scale strategic QP 
weapons on site in Russia occurred at the end of 1989, 
which is when the formal weapons first went operational. 
These weapons are not in the inventory of the regular 
Russian armed forces, but all research and development, 
manufacturing, deployment, an manning and employment is 
under the ruthless control of the KGB. Shortly thereafter 
(within weeks), the KGB leased many of their earlier 
longitudinal EM wave interferometer (LWI) weapons to a 
rogue Japanese group comprised of the Aum Shinrikyo and 
Yakuza." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


In another paper, "Time Polarization - Significance and Weaponization," Bearden tells 
the story of how a KGB longitudinal wave attack was averted by the longitudinal 


weapons of a "friendly small nation." 


So as it stands, it is precarious. Not until the people demand an end of what author Jim 
Marrs has dubbed the "Rule by Secrecy," can the people's representatives tackle the big 
problems of a worldwide ban on Scalar Wars and the shifting over to an essentially oil- 
free economy. 


Latest Update from Tom Bearden - March 2002 


The whole situation is changing so fast that when I asked Tom to look over this article 
he mentioned the seeming contradiction when some of the above statements are taken 

together. At different times the information he has is updated so one has to keep a kind 
of running track. He was kind enough to clear up the confusion here with the situation 
as it stands as of March, 2002. 


"We knew of three nations having the QP weapons for some time. Then we 
found out last year that five nations had it. So that explains my using the 
figure "three" first (which represented what I knew at the time). Later I 
found out about the other two nations. China, e.g., only deployed its QP 
weapon this past year. So that explains the apparent contradiction between 
me using "five" in later papers and "three" in earlier ones. It was the best 
information I had at that time. Might mention that so the reader will 
understand the apparent discrepancy." Tom Bearden 
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Emptiness is Full of Energy 


"The Tao is an empty vessel; 
it is used, but never filled. 
Oh, unfathomable source 

of ten thousand things! 


"Oh, hidden deep but ever present! 
I do not know from whence it comes. 
It is the forefather of the gods." 


Lao Tzu -Tao te Ching 





Afterword 


Because of the extreme seriousness of the topics brought forward in this article, I asked 
Tom Bearden to look it over to make sure I had not gotten anything too terribly wrong or 
mixed up. I did not want to pass on any misunderstanding of my own. I felt a little nervous 
writing to an eminent scientist, and hoped I had not presumed upon his time. 


But Tom was so kind as to answer immediately, and to my relief I had not gotten anything 
too terribly wrong. Here is his letter, in which he clears up a misunderstanding, and reports 
on his current health treatment, and gives a call to the young grad students to turn 
themselves loose in the whole new field of scalar electromagnetics and free energy. 





Subject: RE: Article on Tom Bearden and "Scalar Wars" 
Date: Fri, 22 Mar 2002 22:54:01 -0600 


Bill, 


Well, I must say I'm astounded at your persistence and hard work in 
congealing all that together. My compliments on a hard job quite well done. 


Couple tiny things: In the area mentioning Kervran and Kaznacheyev: Kervran 
was French; Kaznacheyev was and is Russian. Little typo of "spredding" the 
immune system. Should be "spreading". 


We knew of three nations having the QP weapons for some time. Then we 
found out last year that five nations had it. So that explains my using the figure 
"three" first (which represented what I knew at the time). Later I found out 
about the other two nations. China, e.g., only deployed its QP weapon this past 
year. So that explains the apparent contradiction between me using "five" in 
later papers and "three" in earlier ones. It was the best information I had at that 
time. Might mention that so the reader will understand the apparent 
discrepancy. 
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Otherwise, it's pretty accurate. 


Just now I'm letting the weapons take care of themselves; have to, as I will be 
recovering now for nearly a year from now after the heart attack last year and 
discovering that I had contracted mycoplasia (the BW modified kind) in 
Canada in 1968. Finally got a test which confirmed the chronic mycoplasia 
(which I had for 33 years!). The stuff burrows inside one's red corpuscles, then 
draws nutrients from the hemoglobin, hardening it and reducing its ability to 
take on oxygen (by as much as 50% or more). The resulting symptom is loss of 
endurance (which I had for that 33 years) -- the so-called "chronic fatigue 
syndrome". 


Many of the Gulf War Veterans who are sick also have it, though they 
apparently have other complicating factors as well. A very high percentage of 
persons with chronic fatigue syndrome also have mycoplasia. The treatment 
for the long-standing mycoplasma infection of that nature is to stay on 
antibiotics for a year. The only time the mycoplasma is vulnerable is when one 
wears out a red cell in normal usage, and the body makes a new red cell to 
replace it. The mycoplasma comes out of the dying cell to infect the new 
replacement cell, so it is exposed and vulnerable at that specific time and that 
time only. The antibiotics kills it at that time. Hence the necessity to stay on 
antibiotics for such a long time so it is continuously in your bloodstream (I've 
already been on antibiotics for over two months, and have at least 10 more 
months to go). We also take a little medical oxygen every day. 


Another symptom of the mycoplasma infection is the association of runaway 
fibrillation of the heart. To stop that, there are pills one takes, and they stop it. 
But they also further reduce the volume of blood pumped by the heart, so that 
this projects one right back into the hypoxia, dizzy, loss of balance, etc. Catch 
22 situation; the fibrillation will build and cause heart attack, stroke, etc. if not 
stopped, and if stopped it puts you back in the hypoxia which can cause many 
things! With the conventional treatment, you're damned if you do and damned 
if you don't. Hence the need for a little extra medical oxygen, so you can take 
the "heart clamp" pill and stop the fibrillation, but also augment the oxygen 
enough to continue to survive without a stroke or some such. Interestingly, it's 
very difficult to even obtain a mycoplasma test, and Medicare fights you tooth 
and nail over paying for the oxygen. Either they will pay for it or I'll pay for it 
myself; it is absolutely necessary. 


After a heart attack, one is treated in the heart clinic by specialists who are 
very caring and excellent practitioners, but know nothing of mycoplasma 
infection, so not consider it even a part of "heart disease", and who are rather 
puzzled when one has no clogging of the arteries, has the right count of red 
corpuscles (largely nonfunctional, of course, but there), pumps the right 
amount of blood, etc. So they identify and treat only the runaway fibrillation, 
do not prescribe the oxygen -- and essentially place you on a regime as best 
they know, but one that is guaranteed to kill or maim you or turn you into a 
totally disabled person or human vegetable via stroke, paralysis, etc. 
Fortunately my family doctor will prescribe the oxygen anyway, though I may 
have to pay for it myself. Whatever works! 


However, I'm slowly improving little by little, working as much as I'm able to 
and trying to finish my book: Energy from the Vacuum: Concepts and 
Principles, and get it to the publisher for publication later this year. Hopefully 
the book will turn all the interested young grad students and post-docs loose in 
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the free-energy area. They will not have to spend 30 agonizing years to get to 
where I am, and where a few others are, but can simply start here and go 
forward. Since speed to develop energy from the vacuum is of the essence 
because of the world situation, I'm moving on it as fast as I am physically able 
to. 


Meanwhile, working with the AIAS (Alpha Foundation's Institute for 
Advanced Study), the AIAS (15 authors) has now gotten about 20 scientific 
papers published in leading journals (Foundations of Physics, Foundations of 
Physics Letters, Physical Scripta, Optik, etc.) dealing with electromagnetic 
energy from the vacuum. Several more are either approved for publication or 
in the review process also. So slowly we are getting it into the mainstream 
scientific literature. Hopefully it will be in time, but it's cutting it close. 


Very best wishes, 


Tom Bearden 


Late update 


Massive display of longitudinal interferometers? 


Is this sighting a case of the testing of all the Russian (KGB) longitudinal 
interferometers at once? And coordinating their targeting through the woodpecker grid 
to a common place, as an exercise in making a massive scalar attack upon a given 
region? Was this a confluence of Russian Tesla howitzer marker-beacons? 


Bedhampton@Engiand - March 22, 
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Certainly for a massive all-out scalar attack you would want coordinated movements of 
the target areas of many howitzers at once, for you could then just cut a bloody swath 
across a wide area, all the howitzer blasts marching across the land in a kind of scalar 
version of the "scorched-earth policy." Allin a line, blasting, and heat, and mind 
waves. Or you might want to put the blasts all in the same place for a truly horrendous 
destruction. And on top of that biowar on citizens whose immune systems have been 
weakened with the quantum potenial weapons. This is the latest version of 
Armageddon. 


And should any madmen gain control of these weapons, any rogue group at all, and 


should they have some aggenda to radically depopulate the world, to simply kill by the 
billion, the means will be in their hands to do so. 


Update: MEG patent granted 





Motionless Electromagnetic Generator 
Patent Granted 


This message is from Jean-Louis Naudin, the French scientist who successfully 
replicated the Motionless Electromagnetic Generator (MEG) in France. He 
announces the granting of the patent to the MEG Builder's group at Yahoo. 


----- Original Message ----- 

From: jnaudin509@aol.com 

To: jlnlabs@yahoogroups.com 

Sent: Tuesday, March 26, 2002 2:20 PM 

Subject: [jlnlabs] (Info) GOOD NEWS : The Tom Bearden's MEG IS PATENTED 


Dear ALL, 
GOOD NEWS !!!! 


The Motionless Electromagnetic Generator 
from Tom Bearden is now PATENTED 
US 6362718 granted on March 26, 2002 


US Patent 6,362,718 : 
Motionless Electromagnetic Generator ( MEG ) 


Abstract: An electromagnetic generator without moving parts includes a permanent 
magnet and a magnetic core including first and second magnetic paths. A first 
input coil and a first output coil extend around portions of the first magnetic path, 
while a second input coil and a second output coil extend around portions of the 
second magnetic path. The input coils are alternatively pulsed to provide induced 
current pulses in the output coils. Driving electrical current through each of the 
input coils reduces a level of flux from the permanent magnet within the magnet 
path around which the input coil extends. In an alternative embodiment of an 
electromagnetic generator, the agnetic core includes annular spaced-apart plates, 
with posts and permanent magnets extending in an alternating fashion between the 
plates. An output coil xtends around each of these posts. nput coils extending 
around portions of the plates are pulsed to cause the induction of current within the 
output coils. 
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Inventors: Patrick; Stephen L. (2511 Woodview Dr. SE., Huntsville, AL 35801); 
Bearden; Thomas E. (2211 Cove Rd., Huntsville, AL 35801); Hayes; James C. 
(16026 Deaton Dr. SE., Huntsville, AL 35803); Moore; Kenneth D. (1704 
Montdale Rd., Huntsville, FL 35801); Kenny; James L. (925 Tascosa Dr., 
Huntsville, AL 35802) 


Appl. No.: 656313 
Filed: September 6, 2000 


For some technical info see my web site at : http://jnaudin. free. fr/html/meg.htm 


Best Regards 

Jean-Louis Naudin 

Email: JNaudin509@aol.com 
Main Web site : http://jInlabs.org 


Site France : http://jInlabs.multimania.com 


Click here to view patent # 6,362,718 





Patent Story on Rense.com: 





Important Note 2006! MEG delayed: Click here for a current status 
history of the MEG from Tom Bearden 





Rense.com 


MEG Scalar Energy 
Device 
Patented - Production 
Starts Next Year 


From Bill Morgan 
3-28-2 


Patent was granted on March 26, 2002 for "The Motionless Magnetic 
Generator," (MEG) US Patent 6,362,718, which is likely to become 
the first commercially available free energy device in history in about 
one year from now. The machine will provide free electricity from the 
vacuum, for the life of the device, which should be a very long life 
since it has no moving parts. You can see a picture of scientist Jean- 
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Louis Naudin's MEG replication model at: 
http://jnaudin. free. fr/html/meg.htm. 


It has strong magnets, coils, and a controller unit with the electronics. 
Naudin made the announcement to the MEG-builder's Yahoo group. 
The announcement has significance since the patent office has always 
been skeptical of devices which seem to "get-something-for-nothing." 
But according to the new science of scalar electromagnetics, the MEG 
does not break the law of conservation of energy. It's just that the 
energy is conserved in the fourth dimension, time, and not our 3-space 
world. 


The MEG provides electrical energy by tapping the longitudinal 
electromagnetic (EM) waves which exist in almost infinite abundance 
in the vacuum of space. This ocean of energy which permeates 
everything is sometimes called the "zero point" energy, since it 
remains there even at absolute zero temperature. 


Four inventors are listed: Stephen L. Patrick, Thomas E. Bearden, 
James C. Hayes, Kenneth D. Moore. 


Tom Bearden has explained the operation of the MEG on his website 
Cheniere.org, and also speaks about the new fearful weapons that can 
and have been made using the same "longitudinal waves" of the 
vacuum. 


The complicated physics of how the MEG works is explained in the 
paper "The Motionless Electromagnetic Generator: Extracting Energy 
from a Permanent Magnet with Energy Replenishment from the 
Active Vacuum," which can be found at Tom Bearden's website: 


cheniere.org.(http://www.help4all.de/energy/MEGpaper.pdf) 


The first MEG units to be produced for sale will output 2.5 kilowatts 
of free electricity. Forever. They should be in production about a year 
from now. Facilities for manufacturing the device are being set up in 
an unnamed "friendly nation." 


This free electricity will flow indefinitely, without much, or any 
maintenance. The units may be hooked together to provide more 
wattage, so four of them would provide 10 kilowatts. After some 
production experience units will be made which output 10 kilowatts 
each. With a couple of those units a house could get off the electrical 
grid. 


Tom Bearden, one of the inventors has said "I will admit that the chief 
scientist of an important experimental group in a large company was 
rather stunned at the type of output we were able to obtain. The MEG 
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may look like just a transformer, but it is not. It is a completely 
different breed of cat." This cat, it would seem, is out of the bag now. 


The ordinary EM waves we are familiar with are called "transverse" 
waves, to distinguish them from the new "longitudinal" EM waves of 
the vacuum. Bearden has explained in depth on his website 
cheniere.org that wherever there is a dipole (battery, generator, 
magnet) there is an unseen flow of longitudinal EM waves in that 
local vacuum, the only problem is in tapping that energy and 
"transducing" it to electricity. Bearden says that the problem with all 
the electrical circuits we have is that they are two-wire circuits, a loop 
by which half the energy goes back to destroy the dipole. In the MEG 
that closed loop is never made. So the dipole is not being destroyed. 


Patents are not granted on devices which do not work, so in a sense 
this announcement proclaims a new era. The MEG device itself 
proclaims and proves that energy is abundantly available everywhere, 
for free. We only have to build the devices to tap it. MEG type devices 
could be put into a car with an electric engine to make a truly fuel-less 
automobile. Electricity can be available in very remote places. People 
will be able to get off our very terrorist-vulnerable power grids. In an 
era of terrorism a highly dispersed power system would be most 
desirable rather than our centralized systems. 


What is somewhat astonishing to me is the discovery by Bearden et. 
al. that time itself is actually compressed energy, and that this free 
energy is actually coming from the time domain, the ocean of 
longitudinal EM waves which fill the empty vacuum of spacetime. In 
fact, time is energy compressed by the same factor that matter is 
compressed energy: the speed-of-light squared. Thus there is a new 
companion to Einstein's E=mc2. Can you say "E equals delta-tee-cee- 
squared?" The "tee" is time and delta-tee is change in time. 


A company has been set up to manufacture the MEG called Magnetic 
Energy Limited. 


The ramifications of free energy are enormous. The oil wars are not 
necessary. If we threw as much money at this technology as we are 
spending on the oil wars we would be free of the need for oil in less 
than a decade. With fuel-less cars air pollution will be greatly 
lessened. Third world nations can raise their standard of living 
eventually. And the energy is free. And it never runs out. 


I have put together a kind of "Bearden for Beginners" article which 
explains some of the basic concepts of the current state of scalar 
technology. 


http://www.prahlad.org/pub/bearden/scalar_wars.htm 
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Status History of the MEG 


updated Oct. 26, 2006 


Important notes on the status of the MEG (Motionless 
Electromagnetic Generator) 


Since the time this "Scalar Wars" article was written the 
timetable of the MEG has been thrown off considerably. 
Bearden had originally said the MEG could be marketed within 
1-2 years of receiving funding for final research and scale- 
up costs. | thought certainly it would not take very long, but 
over 5 years later they still have not gotten the $10 million or so 
necessary. There are various reasons for this, some of which 
Tom Bearden has written about. 


The place for updates on the MEG status is Tom Bearden's 
correspondence section at his website Cheniere.org: 


http://www.cheniere.org/correspondence/index.html 


Here are a few of his reports which detail the history of the 
MEG status : 


Mar. 6, 2006 
http://www.cheniere.org/correspondence/030206.htm 


May 16, 2005 
http://www.cheniere.org/correspondence/051605.htm 


Jan. 19, 2005 
http://www.cheniere.org/correspondence/011905.htm 


Dec. 5, 2004 
http://www.cheniere.org/correspondence/120504.htm 


Do the magnets run down after a while? 


FT 
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Further developments 
Tom Bearden clears up a question 


When the MEG patent was released many questioned the patent language which 


seemed to imply that permanent magnets of the MEG would "wear out" after awhile. I 


myself wondered about the same thing so I put the question to Tom, and here is his 
reply. 


Dear Bill, 
Thanks for the kind words; much appreciated. 


I'm not up to going on radio or TV, and won't be for quite some time. Still 
suffering from hypoxia, though very slowly improving, and will still be on 
antibiotics for 10 more months at least (maybe longer). 


Obviously an extensive dialog developed between the Patent office and 
our patent attorneys. As best I can understand it, the Patent office accepts 
the fact that a permanent magnet produces and emits energy, or has a 
history of accepting it. They do not appear to be at all cognizant of the 
broken symmetry of opposite charges, and hence of a dipole. So in their 
opinion (which seems to be vague), the magnet has to use itself up very 
gradually, or some such. So some rewrites were essentially required by the 
Patent office. 


All I can say is that a magnet is a very durable thing, so long as you don't 
heat it up too much or shock it to much. Certainly one will make a good 
20 years, and of course there are plenty of magnets that have been around 
awhile longer. 


That said, in our earliest experiments we did "measure" some such effect, 
or so we thought, until we found that a particular instrument was bad and 
giving erroneous readings. So with a new instrument, we have not 
observed since then any such readings. 


Out of all that fuzziness came the inclusion of "using up the magnets 
gradually". So far as we are aware (after correcting those early readings on 
a defective instrument), we have seen no such measurements or effects 
since then at all. Nonetheless, just in case there is some very small effect 
in that respect, at least it's in there. 


Actually, as you are aware, capacitors and solid state components are the 
major concerns for failure, and any system does require maintenance, both 
periodic and whenever malfunction or failure occurs. The MEG is no 
different from any other device in that respect, so of course it will have a 
component failure rate and maintenance required from time to time, just as 
any other electromagnetic device. But without moving parts, it can be 
ruggedized and made very durable indeed. 


Please give Jeff Rense my regrets, and I do admire his work and his show. 
He's laying it in there. 


The depth of the scientific mindset against COP>1.0 is inexplicable, 
particularly when physics itself already has COP>1.0 validated 
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experiments (such as Bohren's experiment, which outputs 18 times as 
much as one inputs by Poynting calculations), and it works every time. 
Any competent university optics lab can perform the experiment. Also, 
even the conventional texts admit that a charged capacitor or electret laid 
on a permanent magnet, so that the E of the cap or electret and the H of the 
magnet are at right angles, is a "free energy machine". That silly thing will 
just sit there and pour out Poynting energy S = EXH indefinitely. Years 
and years and years. If you wait just a single year, that silly thing has 
changed the energy density of a volume of space a light year in radius, 
reaching out well beyond the solar system. Now that's a WHALE of a lot 
of EM energy that beast poured out in that year, and it will still be going 
strong and pouring it out at a steady rate. The charges and dipoles in 
original matter in the universe have been pouring out EM energy in that 
fashion for some 14 billion years, give or take a billion or so. It's also easy 
to see that, prior to Lorentz's ARBITRARY symmetrical regauging of the 
Maxwell-Heaviside equations, those equations prescribe both EM systems 
in equilibrium with their active environment, and EM systems not in 
equilibrium with it. The latter systems are permitted by the 
thermodynamics of open disequilibrium systems to perform five magic 
functions: (1) self-order, (2) self-oscillate or self-rotate, (3) output more 
energy than the operator inputs (the active environment inputs the rest of 
it), (4) power itself and its load (the active environment inputs all the 
energy, like a windmill), and (5) exhibit negentropy. That is a well- 
established thermodynamics. Lorentz arbitrarily discarded all such open 
disequilibrium EM systems in order to get simpler equations having 
analytical solutions and not requiring numerical methods. So he simply 
scrapped all the really interesting and challenging EM systems in 
Maxwell's theory. ARBITRARILY! 


That our scientific establishment continues to teach only that "half" of the 
theory, and not point out the rest to the young students, and not fund 
research into developing such systems that take energy from the vacuum, 
is simply inexplicable. It's a matter of total dogma, not science at all. 


But hopefully it is changing a little bit. At least now we cite chapter and 
verse when these things were done, and what they are, and the young grad 
students and post docs can go check the papers and make up their own 
minds. 


That is the real hope of the future: that we get a generation of young 
fellows, with excellent skills, who now know where all the skeletons got 
hidden in the closet, and understand that the electrical engineering model 
arbitrarily assumes an inert vacuum environment (falsified for more than a 
half century in particle physics) and a local flat spacetime (falsified for 
nearly a century by general relativity). 


Once they know that past history, and go read into what broken symmetry 
of opposite charges means for a dipole and for all dipolar EM circuits, 
they will set to and change that more than a century of error. In that case, 
we shall have numerous solutions to the energy crisis rather quickly, 
popping up all over. 


Good thing. It will certainly displace some great energy barons, but it will 

also free the populace. One can extract all the EM energy from the 

vacuum one wishes, anywhere, anytime, with ridiculous ease. One can 
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produce that "electrical wind of energy" at will, by making a simple dipole 
and then letting it alone. The only energy problem is in how to then 
intercept some of that energy flow and "catch" it in a circuit, discharge it 
in a load to power it, and not use half the "caught" energy to kill that 
dipole that is gushing out the extracted EM energy from the vacuum. 


Very best wishes, 


Tom Bearden 





END 
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Compact Pulsed Power for Directed 
Energy Weapons 


David Price,* Carl Bloemker, Edward Goldman, David Nett, 
Sidney Putnam, Doug Weidenheimer, Roger White, 
and Tony Wynn 
Titan Corporation, 2700 Merced Street, San Leandro, California 94377 


The Titan Corporation has been developing directed energy technologies since the early 
1980s. Over this time Titan has provided advanced power supplies for electromagnetic 
gun and laser research while making broader contributions in the field of high-power 
microwaves (HPM). Titan’s HPM work expanded from initial efforts fielding and 
operating the first gigawatt-level oscillators for susceptibility test applications, to 
research and development maximizing the peak and average output powers and overall 
efficiency realized from such systems. As interest in HPM technology has spread globaily, 
Titan has leveraged this core competency and provided the HPM equipment for nearly all 
of the major European effects test facilities. Titan’s current interests focus on compact, 
efficient and reliable directed energy weapon systems and the advanced subsystems and 
components that enable the same. Specific subsystems of interest include pulse-forming 
networks and intermediate energy storage and power conditioning elements 
(electronically reconfigurable batteries and power ride-thru subsystems). These 
subsystems are designed for reduced size and weight while still meeting severe service, 
platform integration, lifetime, and thermal management constraints. Specific componenis 
under development at Titan include laser-gaied solid-state switches and both high peak 
and high average power, frequency-agile, HPM oscillators. Status and recent results from 
this research are presented. 


KEYWORDS: Electronically reconfigurable batteries, High-power microwaves, Laser-gated solid-state 
switches, Magnetron, Power-ride thru, Pulsed power, Reltron 


1. Introduction and Previous Work 


Directed energy weapons (DEWs) are emerging as a key defense technology of the early 
21st century. The first laser antimissile and antiartillery systems are within perhaps five years 
of deployment, and newly envisioned information warfare and nonlethal point defense mis- 
sions are hastening the deployment of high-power microwave (HPM) systems. Department 
of Defense (DoD) programs in “more electric” and “all-electric” platforms and electrically 
driven weapon and self-defense systems are promoting the development of laser, high- 
power radio frequency (RF) and both electromagnetic (EM) and electrothermal/chemical 
(ETC) gun technologies. In fact, the DoD’s current fundamental “transformation” efforts 
are based on stressing the development of capabilities to deal with threats emerging in the 
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Table 1. Triservice directed energy applications 





U.S. Army [Future Combat System (FCS)—hybrid electric drive vehicles} 
e Advanced armaments—electrothermal/chemical guns 
e Enhanced area air defense—solid-state heat capacity laser system 
e Counter- HARM 
e Counter-ATGM 
e Countermine (electronically fuzed and wide-area threats} 
U.S. Navy [All-Electric Ship Programs (Integrated Propulsion System and DDX)] 
e Advanced stand-off shore bombardment—electromagnetic guns 
« Advanced anti-ship missile defense (free-electron laser and HPM) 
e Nonlethal area denial 
U.S. Air Force (more electric aircraft program and advanced UAV programs) 
» Enhanced self-defense—solid-state heat capacity laser system 
@ Space-based laser program 
@ Airborne laser 
e Suppression of enemy air defense 
e Aircraft self-defense 
® Close air support 
@ Defensive and offensive counter air 
e Strategic attack/strike warfare, attack operation/air interdiction 
» Combat search and rescue 
® Area denial 
e Cruise missile defense 





Table 2, Countries now developing high-power RF technology 








Programs Countries 

Major United States, China 

Medium-scale United Kingdom, France, Germany, Russia 

Emerging Sweden, Japan, India, Taiwan, Australia, Israel, South Korea 





Information Age instead of emphasizing countermeasures to specific threats. DEWs hold 
the promise of engaging multipte threats and multiple threat types, thereby fitting very well 
into this conceptual paradigm. Some specific examples of defense applications of DEW 
technologies are shown in Table 1. 

The initiatory HPM programs in the USSR and United States have evolved and influenced 
foreign allies and threats to take an interest (Table 2). The collapse of the USSR fed to 
the dispersal of Russian and Ukrainian HPM workers and the proliferation of the Soviet 
technology to the Third World. This global emergence is driven by at least two factors: 
1) The dependence of both military systems and civilian support infrastructure on sensitive 
electronics is increasing, and 2) after a more-than-20-year effort, an understanding of the 
susceptibilities of both military and commercial systems to HPM threats is maturing. 

For these reasons the Titan Corporation has taken a keen interest in the development 
of systems, subsystems, and advanced components across several different technologies to 
support HPM and laser directed energy programs. 
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In 1997, Maxweil Technologies purchased Physics International (PI) from Primex Tech- 
nologies and merged two of the three most prominent, commercial, pulsed power entities 
in the United States. PI and Maxwell pulsed power capabilities were combined into a new 
entity, Maxwell Physics International, which became a component of Maxwell’s Systems 
Division. Maxwell subsequently decided to leave the DoD and Department of Energy (DOE) 
pulsed power business altogether and sold the combined Maxwell/PI pulsed power divisions 
to the Titan Corporation, the parent company of Pulse Sciences Incorporated (PSI). Now, 
the three most prominent names in commercial pulsed power are combined as the Pulse 
Sciences Division (Titan-PSD) of the Titan Corporation. 

In March 2002, Titan completed the acquisition of Jaycor and its subsidiary California 
Tube Laboratory (CTL). This acquisition established Titan as one of the world’s primary 
industrial authorities on electromagnetic effects and suppliers of RF and narrow-band mi- 
crowave DEW technologies and associated electrical power systems. High average power, 
high efficiency, magnetrons; high peak power, pulsed, relativistic magnetrons and super- 
reltrons; short pulsed, ultra-broad-bandwidth systems and megawatt-class power supplies 
and power conditioning subsystems are all designed and manufactured by Titan. This paper 
will chronicle some of the past and report on some of the current contributions that Titan 
has made to the development of pulsed power technology for DEW applications. 


1.1. Previous Titan work in support of HPM programs 


Titan-PSD has been developing directed energy technologies since the early 1980s. In this 
time, Titan has delivered capacitor banks for electromagnetic gun research with a total stored 
energy exceeding 200 MJ and advanced pulsed power systems for several large laser systems 
(Fig. 1). Over 40 years, Titan-PSD has delivered more than 200 pulsed power systems for 
electromagnetic pulse (EMP), x-ray, and lightning simulation; flash radiography; and other 
applications worldwide. Although somewhat peripheral to DEW research proper, these 
projects have nonetheless formed much of the experience base supporting Titan’s directed 
energy technologies contributions. 

Titan’s primary contributions have been in the field of HPM (Fig. 2). Work started in 1984 
when Titan set up and began operating a susceptibility effects test facility for the Defense 
Threat Reduction Agency (DTRA). A 30 x 20 x 16 ft anechoic chamber to support this 
work was originally designed to operate in X-band and above, At the outset of the U.S. 
HPM directed energy program the community felt that the higher gains possible from fixed 
antenna sizes at higher frequencies would drive technology development into these bands. 
Over the next 10-plus years, the 25 effects test programs conducted on strategic and tactical 
systems in the Titan facility and tests conducted at other sites both confirmed that the lowest 
susceptibility thresholds are observed in the S-band and beiow. HPM source development 
history has mirrored these findings. 


1.1.1. HPM source developments at Titan. In 1983 Titan initiated HPM source re- 
search in its test facility by developing first C-X band overmoded vircators!” and later an 
L-band vircator.!? These systems produced gigawatt outputs through the oscillating virtual 
cathode mechanism. Their main shortcoming was their broad bandwidth due to chirping 
induced by diode gap closure. To address this shortcoming Titan developed the first cay- 
ity vircator® that reduced the output bandwidth from several hundred megahertz to a few 
tens of megahertz. Versions of these devices were soon after sold to Nucletudes in France 
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(e) 


Fig. 1. Titan-PSD has designed, fabricated, and delivered the pulse power subsystems 
for most of the major electric gun facilities worldwide: (a) the decommissioned 32-MJ 
Thunderbolt System built for a Strategic Defence Initiative Office (SDIO) project; (b) the 
existing 32-MJ Kirkcudbright system currently being operated by the United Kingdom; 
(c) the first transportable pulse power subsystem designed for an electric weapon sys- 
tem. [This 8.5-MJ stored energy subsystem, consisting of four separate PFNs, was de- 
signed by Titan-PSD under the Army/Army Research Development and Engineering Center 
(ARDEC) Balanced Technology Initiative and was capable of delivering up to 5 shots at 3 
rounds per minute.]; (d} the 52-MJ bank delivered to the ARDEC for electromagnetic and 
coil gun research; (e) the pulsed power driver for the 40-MJ OMEGA laser at the Univer- 
sity of Rochester; and (f) a portion of the 100-Hz, 750-kV, 1.25-4s modulator for NRL's 
EMRLD laser. 


and Culham Laboratory in the United Kingdom to help kick-start HPM effects testing and 
technology development programs at each location. 

Titan initiated work on magnetrons by acquiring S- and X-band, A-6 versions from Bekifi 
at the Massachusetts Institute of Technology.? These devices were integrated into the Titan 
test facility, and within two years an L-band version of this same design was developed. i 
An S-band magnetron was sold commercially to Thales in France in 1987 to help kick-start 
HPM effects testing and technology development programs there. 

This HPM source development work soon expanded from the initial efforts to field 
gigawatt-level vircators and magnetrons for the effects testing applications to the develop- 
ment of other high-power sources. These include narrow-band klystrons (both high- and 
low-perveance variants) and reltrons, as well as ultra-wide-band systems. In parallel, the 
peak and average power and spectral characteristics of these HPM sources were being ex- 
plored in research involving phase locking, repetitive pulsing, and frequency agility. Other 
related Titan work included the development of pulsed power systems to drive these HPM 
sources involving several different architectures [pulse-forming networks (PFNs) with ca- 
pacitive energy storage and voltage adders with magnetic compression power conditioning]. 
These advancements are described briefly in the following. 


Journal of Directed Energy, 1, Fall 2003 


I “ 
evereny ree | 
we / 

pip: 


~~ 





52 PRICE ET AL. 










1980 1990 2000 
Compact Systems " 


High Duty GW-Level 
HPM ‘daa 3 ry 


— 


1 Ls Reltrons 


Susceptibility 
Testing 





ee 


Fig. 2. Titan contributed to the field of HPMs in three distinct eras: 1) susceptibility effects 
testing, 2) HPM source development, and (currently) 3) DEW system development. The 
effects testing work started in 1984. Then, Titan operated the DTRA susceptibility effects 
test facility supporting tests for external DoD users. Soon thereafter Titan began using the 
facility for its own end-to-end DEW research programs. In parallel, Titan HPM source devel- 
opment efforts initially focused narrowly on providing the facility with minimum essential 
capability but soon expanded to meet specific weaponization and testing requirements. Dur- 
ing this period, Titan performed some of the seminal narrowband HPM work associated 
with phase-locking, frequency agility, and repetitive operation. Source development work 
continues today, focusing on improving energy output and tunable bandwidth. These ef- 
forts are combined with the development of other advanced pulsed power subsystems and 
components needed to realize compact, efficient, and reliable DEW systems. 


In the late 1980s, Titan S-band magnetrons were used in a three-year effort to understand 
how to achieve output powers exceeding 10 GW from a phase-locked array.” Many mission 
scenarios for DEW systems that could produce burnout or upset in military targets using 
only a single HPM pulse drove output requirements to this 10-GW level. The combination 
of gigawatt-level sources locked in phase appeared an effective way to realize this output 
level without increasing the RF fields and beam energies within individual diodes (and 
dealing with the RF breakdown and thermal issues that would certainly ensue). In this 
effort both master/slave and peer configurations were investigated to understand the optimal 
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architecture for such an array. In the end, a module of seven “peer-coupled,” 2.8-GHz, 
magnetrons was built that produced an output power of 2.9 GW. Extrapolation to even 
higher output levels appeared feasible. 

At this time, the HPM community was beginning to recognize that there must exist 
a middle ground between HPM and electronic warfere (EW) DEW concepts. The HPM 
approaches were characterized by superpower, single-shot, single-frequency, pulse formats, 
while the EW approaches made use of very low powers but incorporated modulations in 
the output pulse formats to effectively exploit susceptibilities within their intended targets. 
To access this middle ground the HPM sources had to first be shown capable of operation 
in repetitive or burst modes. This burst capability would be surely required of any DEW 
system, if only to engage multiple threats deployed in sorties or clusters. In response to 
these weaponization considerations Titan-PSD developed relativistic magnetrons capable 
of operation in 1-kHz bursts.’ A 1.1-GHz, L-band, magnetron was driven by a magnetic pulse 
compression modulator (see discussion below) and achieved 250-pps repetitive operation at 
1.2-GW peak power, in a burst of 100 shots. The average power of 12.6 kW during the burst 
remains today the state of the art for gigawatt peak power sources. To demonstrate that the 
magnetron’s diode could recover in a time short enough to support higher repetition rates, 
the device was run for ~5 pulses (limited by the modulator) with 1 ms between individual 
pulses. 

In the early 1990s both Jaycor and PI were actively extolling the use of frequency- 
agile waveforms to enhance lethality in backdoor attacks. Frequency agility exploits the 
characteristics of typical coupling cross sections that show pronounced dependence on 
microwave frequency. An HPM source that can sweep or hop frequency across a band has 
a higher probability of matching to a coupling resonance than a source fixed at a single 
frequency. Because of this strong dependence of backdoor coupling and susceptibility 
levels on microwave frequency, it was apparent that test facilities needed the capability 
to vary frequency continuously in order to obtain a comprehensive and accurate assessment 
of any given test asset’s susceptibilities. In response to these testing and weaponization 
considerations Titan-PSD developed frequency-tunable magnetrons. These oscillators can 
be tuned £17% about a central frequency,!° which today still represents the state of the art. 
In the mid-1990s these magnetrons were integrated into advanced concept demonstrations 
for the Army and were also exported to the United Kingdom as part of an HPM test facility. 

In the late 1980s and early 1990s Titan-PSD developed several ultra-broad-bandwidth 
(UWB) systems for Army and Air Force DEW research programs. The first system was 
based on a spark gap-switched Marx that drove a variety of different broadband antennas. 
It could launch 200-MW total RF power in 3-ns pulses with rise times of ~300 ps at a 
repetition rate of a few pulses per second. This compact, self-contained system was used in 
both indoor susceptibility tests and outdoor technology demonstrations. A second project 
produced a system that could launch impulse waveforms at 200 pps in burst mode.!> A 
3,66-m-diameter paraboloidal reflector was driven at its feed by a hydrogen switch that was 
integrally coupled to a novel electromagnetic lens. The radiated waveform had a rise time of 
~100 ps and a 10-90 rise-to-fall pulse width of 45 ns. The peak electric field on bore-sight 
measured at 305 m was 4.2 kV/m. 

Titan invented the supet-reltron in 1992, A suite of tubes that operate between 0.7 and 
4.5 GHz has been developed since that time.!? These novel cubes represent a marriage be- 
tween pulse power and conventional high-power klystron techniques. An energetic electron 
beam is modulated by periodic virtual cathode formation, and the bunched electron beam is 
postaccelerated to energies approaching 1 MeV. Microwave power is extracted with ~50% 
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Table 3. Operating parameters of Titan-built modulators for DEW applications 





Pulse 
Voltage, Pulse repetition Pulse Average Switch 

Modulator kV Current width frequency energy power type 
LS-15 SQ 10kA 100ns 19kHz S503 95kW Spark gap 
NED laser driver +40 260A 2 es 10Hz 3k) 30kW = Thyratron 
EMRLD PFN 750 4 38kA 1.3 us 125Hz 35k] 4.4MW Spark gap 
EMRLD (trigger) 600 260A 400ns 125Hz 100) 12.5kW Spark gap 
OMEGA? laser 1S 128kA 200 ys Single 40MJ — Ignitrons 

driver shat 
CLIAHPM driver 750 10kA 100ns 250Hz 750] 188kW Magnetic 
ORION HPM 500 1OkA 30-300ns 100Hz 250J 25kW = Thyratron 

driver 
Compact HPM 450 9kA 450ns 10Hz L8kI 18kW Spark gap 

driver 


*120 modules, each storing 0.33 MJ. 


conversion efficiency downstream in a dual-cavity output section that is tuned to the bunch 
frequency. The reltrons can produce microwave pulse widths approaching 1 ys and pulse 
energies of a few 100 J, outstripping the relativistic magnetrons that to date are limited to 
pulse widths of about 100 cycles and pulse energies below 100 J. 

In response to the HPM effects testing considerations discussed above, Titan devel- 
oped frequency-tunable reltrons. These oscillators can be tuned +10% about a central 
frequency.'! These devices are still in development today (see Sec. 2) and have been pro- 
vided to both France and Germany as HPM threat simulators. 


1.1.2. Development of pulse power modulators for DEW applications at 
Titan. Titan has developed a large number of modulators for a variety of laser and HPM 
DEW applications, with voltage ratings from tens of kilovolts to several megavolts and 
average power levels from tens of kilowatts to multimegawatts (Table 3). They also range 
from relatively simple units to complex, state-of-the-art devices with various different ar- 
chitectures and subsystems. These include PFNs for generating the required pulse shapes; 
thyratron switching for precise timing of the pulse switching into the load; law inductance 
layouts for fast output pulse rise times and high-turns-ratio pulse transformers for gener- 
ating the high voltage outputs. The switching technologies include thyratrons, spark gaps, 
magnetic switches, and solid-state devices, such as metaloxide semiconductor field effect 
transistors (MOSFETs), insulated gate bipolar transistors (IGBTs), and thyristors (Fig. 3). 

Several of these modulators have been designed for long-lifetime, reliable operations. 
Such features are essential if these systems are to find their way into military applications. As 
an example, the Defense Advanced Research Projects Agency (DARPA) excimer Raman- 
shifted laser device (EMRLD) modulator (a 100-Hz, 750-kV, 1.25-js, lumped-element 
PFN to pump an excimer laser) was specifically designed for and demonstrated a lifetime 
of 10!° shots. 

The ORION pulser (Fig. 3b) design has command resonant charge and intermediate 
energy storage sections each switched by thyratrons that drive a step-up transformer and 
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{a) (b) 
Fig. 3. Titan-PSD pulsed power systems based on (a) spark gap, (b) thyratron, and 
(c) magnetic switching. 


Table 4. Key operating parameters in European HPM test facilities 





Power Maximum Maximum Shots 
HPM density, Range, Frequency, pulse repetition per Source 
facility Wiem* =m MHz width,ns rate,Hz burst type 
UK—Orion >120 100 1,070-3,300 100 100 100 Magnetrons 
France— >1,000 ~100 700-3,300 300 1 _— Reltrons and 
Hyperion magnetrons 
Germany >170 15 700-1,450 300 10 100 Reltrons 


Sweden® ~120 15-25 L-Ku 500-5,000 1,000 Continuous Reltrons 


“This facility uses conventional high power klystrons in L-, S-, C-, X-, and Ku-bands, with maximum 
power 25-0.25 MW. 


PFN. The modulator can fire 1,000 pulses in a burst at repetition rates up to 100 pps and 
produces 500 kV into a 50 load. It has been used to drive relativistic magnetrons® for 
HPM effects measurements. 

The Compact Linear Induction Accelerator (CLIA) (Fig. 3c) was developed for moderate- 
repetition-rate HPM source research and development.! CLIA operates at 250 pps with 
750-kV, 10-kA, 100-ns output pulses. The system uses thyratron and magnetic switching 
throughout and produces 188-kW average power into the load. CLIA is not actively cooled 
and so is restricted to burst operation with 5,000 pulses in a burst. CLIA has been used to 
drive both magnetron and klystron loads. This technology is scalable to kilohertz repetitive 
operation. 


1.1.3. Titan pulse power systems for HPM simulation. In addition to work done 
supporting domestic RF and microwave DEW research and development, Titan has provided 
HPM simulation systems for all of the world’s major HPM test facilities in Sweden, France, 
the United Kingdom,'* and, most recently, Germany. The microwave test parameters and 
operational capabilities achievable in these international facilities are summarized in Table 4. 
The types of Titan HPM sources that produce the intense microwave environments are also 
given. Work continues today upgrading those systems and providing similar hardware for 
several non-European countries. 
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2. Most Recent Contributions 


Titan-PSD has taken an interest in the full spectrum of developments of advanced sub- 
systems and components that the three U.S. services will require to realize their DEW and 
electric platform goals. These developments enable many different military missions and 
cut across many different technologies; advanced capacitors, switches, transmission sys- 
tems, RF, and optical systems. Some of the pulse power and power electronic subsystem 
and component developments that Titan is pursuing are summarized in Table 5. 

The following subsections describe five electrical subsystems and three components that 
Titan-PSD is curzendy developing for DEW applications. 


2.1. Titan-PSD development of subsystems for DEW applications 


2.1.1. HPM modulator. Titan-PSD has a conceptual design of a high-voltage-pulse 
power subsystem for a short-pulse HPM system. The given RF pulse output parameters led 
us to choose a specific tube that is compatible with the constraints of an airborne system, 
namely the magnetron with a 20Q impedance and 33% efficiency in a short-pulse mode. 
Our pulse power design concept is driven by the tube input requirements (2022 load, 40-ns 
pulse width, 10 pps) and comprises a low-impedance, water-filled, stepped-pulse forming 
line (PFL) charged by a fast Marx and discharged through a self-breaking, spark-gap output 
switch. An advantage to using a liquid dielectric PFL is that its impedance can be easily 
varied along its length to accommodate variations in load impedance. Input power to the 
Marx is from two 400-V series strings of lithium ion batteries with solid-state switched 
intermediate voltage multipliers providing +40 kV. Batteries are recharged from aircraft 
power through a small voltage converter. 

Figure 4 is a simplified circuit diagram of the pulse power modulator coupled to a 202 
constant impedance load though a transit-time isolator. The transit-time isolation is integral 
to the two parallel cables that couple the output of the pulsed power modulator to the 
microwave source. The Marx stores 1,140 J at a voltage of £40 kV. It erects to a 1,280-kV 
open circuit voltage after a trigger pulse is applied to several of its switches from the trigger 
generator. Near peak PFL voltage, the self-firing spark gap closes, and energy is transferred 
to the tube at a peak voltage of 640 kV. 

Figure 5 shows the voltage and current in the load computed from a more detailed version 
of the circuit depicted in Fig. 4. Note that the current is multiplied by a factor of 10, Voltage 
rises in about 11 ns (10-90%), and the width at the peak is approximately 40 ns. We 
recognize that the impedance of the magnetron can vary during RF generation, but the 
constant impedance model is sufficient here, An advantage to using a liquid dielectric PFL 
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Fig. 4. Simplified circuit diagram of the pulse power modulator coupled to a 20Q constant 
impedance load though 2 transit time isolator. This impedance represents a magnetron 
electron tube load. 
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Table 5. Titan advanced DEW power technology development rationales 

















What need does the development What need does the development of high 
of pulsed power technology fulfill? power/high current technology fulfill? 
It is an enabler for advanced electric It is an enabler for advanced electric 
weapons and self-defense systems. weapons und self-defense systems. 
System User System User 
Dynamic Army (FCS), Navy Solid-state Army (Anti-Aircraft and 
protection (carrier) lasers Anti-Missile), 
Navy (ASMD) 
ETC Army (FCS), Navy (shore HPM Army (FCS), Navy (non- 
bombardment) lethal area denial) 
HPM/electro- Army (FCS), Navy (non- EMALS Navy (carriers) 
magnetic lethal area denial and 
pulse ASMD), Air Force 
(SEAD) 
EM gun Navy (shore Electric ar- Navy 
bombardment) resting gear 
UWB Ali services (counter C41) Ride-thru All services 





It is an enabler for electrically 
driven platforms: 
e FCS platforms for the Army 
e Combatants such as DD21 for the Navy 
e More electric aircraft for the Air Force 





It is an enabler for commercial spin-offs: It is an enabler for commercial spin-offs: 








e Environmental remediation systems e Electric vehicles 

» Material surface treatments e Commercial power distribution and control 

* Pulsed thrusters for satellite e Advanced semiconductor lithography 
station keeping 

What must we accomplish at What must we accomplish at 
the subsystem level? the subsystem level? 

» Develop compact, reliable, e Develop compact, reliable, affordable prime 
affordable PFNs power, power conversion and controls 

« Develop compact, reliable, « Develop compact, reliable, affordable 
atfordable modulators intermediate energy stores 

e Develop compact, reliable, affordable  « Develop compact, reliable, 
intermediate energy stores affordable ride-thru systems 

What must we accomplish at Whut must we accomplish at 
the component level? the component level? 

« Develop high-encrgy-density, » Develop high-current-density, high-voltage 
fast-discharge capacitors stand-off solid-state switches 

« Develop long-life, reliable, ® Develop affordable ultracapacitors 
high-current switches 

« Develop compact inductors » Develop compact, reliable, efficient, 
for pulse control high-average-power HPM sources 


e Develop affordable ultracapacitors 
e Develop compact, reliable, efficient, 
high-average-power HPM sources 
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Fig. 5. Voltaye and current (multiplied 10x) in the magnetron load computed using detailed 
version of the simplified circuit diagram in Fig. 4. 


is that its characteristic impedance can eusily be varied along its length to accommodate 
variations in load impedance. 

Our compact pulse power system conceptual design mounts ull of the subsystems and 
components in a frame that is 24 in, wide x 24 in. high x 144 in. long. The total weight 
of the system, including the frame, sealed enclosures, and internal mountin gs, is 1,420 Ib, 
Figure 6 is a dimensioned diagram of the subsystem that is designed to fit into the port 
bay of an unmanned aerial vehicle (UAV) with the source in the starboard bay. Frames and 
supports have been omitted for clarity. 


2.1.2. Compact PFN, Titan-PSD has designed, fabricated, and delivered the pulsc 
power subsystems for most of the major electric gun facilities worldwide. These facilities 
were dedicated to electric gun research and for this reason were designed with a premium 
on reliubility and ease of use of the pulse power subsystem. Compactness was a secondary 
consideration given the large amount of real estate available for the subsystem. 

The 8.5-M3 stored cnergy subsystem, consisting of four separate PFNs (Fig. Ic), was the 
first design to use the high-energy-density, 2.5-J/ec (2.5-MI/n*) polyvinylidenc fluoride 
(PVDF) Aerovox capacitors; the overall energy density of the PFNs is less than 0.5 MJ/m?>. 
This low energy density is partially due to the use of “Jelly-roil” inductors whose large 
external fields forced the separation of components and resulted in a low component packing 
fraction. 

Figure 7 is a photograph of a 250-kJ PFN that was constructed under a DIRA/Navy- 
sponsored ETC gun development project and that was incorporated for a time into the 
Army/Tank-Automotive and Armaments Command (TACOM) Combat Hybrid Power Sys- 
tem (CHPS) system integration laboratory.* Titan-PSD designed this PFN module for com- 
paciness by developing innovative bus work and a closed-tield inductor for use with the 
2.5-Jécc PVDF capacitors. These advances in component design allowed us to achieve a 
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Fig. 6. Top and cnd vicws of the pulse powcr subsystem concept design. The upper portion 
will be mounted in a frame and placed in one bay of a UAV. The vacuum bushing and the 
source will be placed in a second bay, 


yery high packing factor and un overall energy density of 1.25 MJ/m*, This module designed 
in 1994 still represents the state of the art in PFN design. Minor variants to the design are 
under consideration today for EM gun applications. 

Titan-PSD has estimated the increases in the overall energy density of small (250—-500-kJ) 
PFN modules that could be rcalized by achicving specific advances in component 
technologies.? This inchides the use of an existing, more compact vacuum output switch 
(developed by Titan-PSD) and existing, more compact diodes for the crowbar switches. We 
would design a higher-energy-density, closed-field inductor and eliminate the dump resistors 
and associated hardware. Rather than having to dump energy into a resistor, advanced pulsed 
power syslems would be charged by four-quadrant converters capable of returning energy 
from the PFN to an intermediate energy store. When 5-J/cc film or ceramic, high-energy, 
reversal tolerant capacitors become available, the utilization of advanced components would. 
lead to a PFN design with an energy density of 3.25 MJ/m*. 


2.1.3. Power supplies for laser applications. ‘litan-PSD’s San Diego operations are 
actively engaged in building innovative high-average-power systems. Titan is currently 
delivering power conditioning and control clements for the high-power RF klystrons that 
will power the DOE Spallation Neutron Source that is now under construction at Oak Ridge, 
Tennessee, and a serics of multimegawatt rectifiers for the U.S. Navy’s Electro-Magnetic 


tHigher energy densities could be achieved in the design of larger modules due to economics af scale. 
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Fig, 7, Photograph of the 250-kJ PFN with the state-of-the-art, 1.25-MJ/m? overall energy 
density. Titan-PSD has operated this PFN into resistive loads at a rate of 1/3 Hz for extended 
periods. Gperational limits were imposed by the heating of the load, not by the performance 
of any component of the PFN. 


Aircraft Launch System (EMALS). Most recently, Titan has developed conceptual compact 
power supply designs for deployable pulse power systems for the Strategic Illumination 
Laser (SIL). The SIL is a diode-pumped, solid-state laser for use as a designator as a 
part of the U.S. Air Force’s Missile Defense Agency’s Airborne Laser (ABL). These power 
supplies will drive compact arrays of light-emitting diodes (LEDs), which will in turn pump 
the solid-state lasing medium. 

Titan’s proposed SIL power supply system will consist of a group of innovative ballast- 
type isolated power converter modules, each fed by its own active-power-factor-corrected 
rectifier module. By this method the input current harmonic distortion will be minimized, 
resulting in an overall system power factor of 0.995, which will be acceptable for the 
Boeing-747 type aircraft (ABL platform) power system. The whole power system will be 
protected against faults by appropriate fuses and circuit breakers. Initial size and weight 
estimates for the total power system is 65 liters of total volume and 140 kg of mass, The 
driving factor in the weight and volume is the need to meet the power factor requirements. 
Given a dedicated power source, the size and weight could be halved. 

Two basic topologies have heen examined for power factor correction. They are the 
“Vienna rectifier,’ first proposed by researchers in the Vienna Technical University, and the 
hex-bridge bidirectional inverter. Both topologies do not contain any magnetic components, 
operating at line frequency, and both can provide a power factor over 0.99, All merits and 
drawbacks of both topologies have been initially analyzed, and the Vienna approach is 
favored for this application. 
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For the ballast inverter Titan-PSD selected the variable-frequency, zero-power switching 
full bridge quasi-resonant inverter topology. It is new and until recently not well known 
but is very promising for multikilowatt power supplies. It shows excellent average to peak 
ratio for the semiconductor switches, close to the theoretical limit of 50%, and a good 
power transformer copper utilization factor, typically 90%. It is intrinsically output current 
limiting and therefore operates well in a current regulated mode and is tolerant to output 
short circuits. Using this converter topology allows the design to reach unprecedented power 
conversion efficiency (real value 95%) with excellent reliability. 


2.1.4. Electronically reconfigurable battery. We consider a DEW power system in 
which a 10-kV capacitive store is required to operate repetitively. If the system operates at 
3 pps, even for a short period of time, the recharge time would be about 300 ms and the 
recharge power would be about 500 kWayg (1 MW). An important system issue is the size 
and weight of the 500-kW power conditioning unit. 

Titan-PSD has developed a means to eliminate the need for intermediate power condi- 
tioning for many DEW systems mounted on hybrid electric vehicles by using the on-board 
batteries to charge the capacitive store directly. Our approach uses electronic switching to 
convert the battery modules in the mobility store from a parallel configuration providing 
vehicle load leveling and/or silent mobility capability, to a series configuration that delivers 
500 kW at 10 k¥ to recharge the capacitor bank and back again. We refer to this as an 
“electronically reconfigurable battery” (ERB). Note that all of the batteries are recharged 
in parallel. A similar approach is used in capacitive Marx generators to achieve very high 
voltage pulsed output. 

Figure 8 is a schematic drawing of the circuit of an ERB in a hybrid electric drive vehicle. 
In this schematic circuit, some battery modules are always in parallel] and connected to the 
vehicle bus. Others. along the left-hand side of the drawing, can be switched between a 
parallel configuration, which supports the vehicle bus, and series operation for charging 
the DEW store. Electronic reconfiguration requires three switches per battery module. 
All switches, with the exception of the output switch, need only block the voltage of a 
single battery module and open at near zero current (characteristic of capacitor charging) 
in normal operation. Passive snubbing controls the transient conditions during erection and 
de-erection. Reconfiguration can be accomplished in less than 1 ms using off-the-shelf, 
solid-state switches such as IGBTs or MOSFETs. 

Figure 8 shows an erectable battery module charging a Guillemin E-type network, 
Switches 2 and 3 are battery isolation switches, and switch 4 is a series switch. These 
switches are rated only for the module voltage (1 kV in this case). Mechanical contactors 
parallel the isolation switches for better efficiency during periods when the pulse power 
system is not in use. Switch 4 is the output switch, which is rated for the full output of the 
ERB (10 kV and 50 A) and is most likely a series stack of the same switches used for 2-4. 
For fault protection and charge interrupt at current, a vacuum contactor and fuse are placed 
in series with the output switch. All switches are optically isolated with gate power drawn 
from their adjacent modules. Switch 6 is a high-voltage and current-closing switch, either 
vacuum or solid state. 

Assuming a 20-ton-class vehicle and extrapolating from CHPS requirements, we have 
developed a conceptual design of an ERB for a hybrid electric vehicle with a system meeting 
the following requirements: 1) Deliver up to 400 kW to the vehicle bus at 1 kV in parallel 
operation; 2) techarge a 150-k] capacitive store to 10 kV in 300 ms, and 3) support 30— 
45-min silent operation at 80 KW. These requirements mandate the use of very high energy 
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Fig. 8. Schematic circuit of the ERB. Shown is a generic circuit topology for charging a 
Guillemin E-type network. For the present application, the 10 modules in the dynamic store 
ure all erected in series to produce a 10-kV outpuc. A feature of the ERB is that the dynamic 
portion of the store may be erected in combinations of series/parallel modules to provide 
any output voltages that are an integer multiple of the DC bus voltage. This voltage agility, 
in theory, would allow a single dynamic store to power several loads with different input 
voltage requirements on the same platform such as ETC guns and HPM systems. 


and power density batteries such as the HP series of lithium ion batteries being developed 
by SAFT and the lithium polymer batteries produced by Ultralife Batteries, Inc., for use 
in cell phones. The SAFT batteries have a slight advantage in usable power density and 
packaging for military use, whereas the Ultralife batteries have an advantage in cost due to 
volume production and a potential for more compact packaging (thin, rectangular) in ERB 
service. A design and trade study will select the most appropriate cell for the application. 
We chose the Ultralife cells for the conceptual design used for purposes of discussion in 
this paper because of our expericnce with them in our laboratory tabletop ERB and because 
of the availability of these ceils over a range of capacities from 120 mA-h to 3.5 A-h, 

The ERB system in this case constitutes only 1/3rd of the total battery for erected (dy- 
namic) operation. The remaining 2/3rds of the store (static) is dedicated to load teveling and 
silent mobility. The total capacity of ~290 MJ (80 kW-h) accommodates silent mobility 
requirements. With only 1/3rd (90 MJ, 25 kW-h) of the total capacity configured for on- 
command electronic erection and de-erection, the vehicle energy slorage system maintains 
its load leveling and silcnt operation capability even when the pulse power system is active. 

For our conceptual design, we assemble 53 Ultralife polymer batteries into individual 
200-V stacks. Five of these stacks are placed in series to obtain an output voltage equal 
to that of the vehicle bus. In the static portion of the store. 20 such series stacks of the 
UBC34106102 cells (5,300 total cells) are needed to provide the 200-MJ nominal capacity. 
In the dynamic portion of the store, the UBC383562 cell is used because of its higher current 
rating. Due to the smaller size of these cells, there can be as many as 4 in parallel by 53 
in scries per 200-V unit, and five such units will form an erectable module. The module 
will incorporate al] necessary switches and isolation and thermal management hardware. 
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Ten modules will constitute the entire dynamic store (~90 MJ, 10,600 total cells). The 
total battery volume in the static and dynamic stores is ~0.282 m, and the accessories 
are expected to add another 0.4-0.6 m? for a total volume of less than 1 m*. The weight 
for just the batteries would be ~572 kg, with accessories of much Jower density adding 
another 100-200 kg, for a total weight of less than 700 kg. Charging of the ERB is always 
performed at bus voltage with the dynamic store in parallel configuration. 

in load leveling or silent mobility operation, the charge state of the ERB is continuously 
monitored and controlled by the vehicle's systems. When the pulse power mode is activated, 
the mechanical contactors bypassing the isolation switches arc opened. Next, all isolation 
switches are opened, followed by the closing of all series switches, and the ERB begins 
charging the capacitive store. Initially, the load looks like a short circuit, and the charging 
current is limited by the internal impedance of the ERB cells. As the charge on the bank 
increases, the charging current diminishes, and the cell voltage begins to rise. Near full 
charge, the current approaches zero and the ERB output voltage rises to its maximum of 
~10 kV. Voltage on the store is monitored and is regulated by chopping the ERB output 
(ie., opening and closing the series and output switches as necessary to maintain charge 
against leakage; this has heen demonstrated in the laboratory at rates of up to | kHz). When 
the store discharges, the output switch opens immediately and remains open long enough 
for the closing switch to recover (1-10 ms). The ERB can remain erected for as long as the 
pulse power system is active, Recharging of the store is then initiated by reclosing the ERB 
output switch. When the pulse power system is deactivated, the dynamic store is rcturned 
to its paralle! configuration by opening the series switches (de-erecting). The dynanic store 
can then be recharged from the vehicle power bus. 

We have created an ERB laboratory demonstration consisting of five erectable modules 
of 40 V. The Ultralife UBC383562 cells were used and arranged on PC boards that were in 
turn stacked via standoffs. Isolation and series switching was via optically coupled IGBTs. 
Some figures of merit (FOM) from the ERB testing include a demonstrated current rise 
time to 80 A of 4 us al 200 V and an erection/de-erection frequency of 1 kHz for use in 
voltage regulation. A FOM from the four series cell tests is a demonstrated current rise time 
to 120 A of I ys, ina maximum power transfer configuration. 


2.1.5. Intermediate energy storage. In the preceding section Titan-PSD identified a 
need for and established the technical feasibility of an advanced technology power condi- 
tioning element to charge capacitive stores in DEW systems. The ERB is the solution with 
the highest efficiency and energy and power density possible. This is critical in order to 
realize a manageably sized DEW system, A second similar, critical issue in the design and 
use of pulsed electrical weapon systems involves the level of available platform power, If 
this power is insufficient to support the required operational burst length and repetitive fire 
rate of the system, then it may be necessary to incorporate intermediate energy storage into 
the system design. Intermediate storage could be practically achieved through the use of 
secondary batteries, flywheels, and ultracapacitors (also referred to as electric double-layer 
capacitors or EDLCs). Figure 9 is a schematic diagram of intermediate energy stores in two 
DEW systems. 

Figure 10 shows a present application of an EDLC energy storage system in provid- 
ing ride-through of voltage sags and momentary outages for an induction motor. The 
output of the store is connected across the direct current (DC) link of the asynchronous 
drive and supports its voltage. Titan-PSD has manufactured a ride-through system that 
has been demonstrated to respond to sags and outages within 10 ms. It can provide 
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Fig. 10. Circuit diagram of an EDLC ride-through system supporting the DC link of an 
asynchronous drive (ASD). 


100 kW for up to 5 s, which is sufficient to allow for orderly shutdown in a prolonged 
outage. 

Titan-PSD has also developed several concept designs of EDLC energy storage systems 
for military applications. For example, one EDLC system design would be capable of 
supporting the DC link in a Navy shipboard system at 480 V for 12.5 s at 250 kW. This 
system is estimated to be 50% smaller and lighter than a corresponding flywheel system 
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(i.c., the Caterpillar UPS-250 system). With minor modifications, the same system (or 
several systems in parallel) could be used as an intermediate energy store for DEW systems. 


2.2. Titan advanced component developments to enable DEWs 


2.2.1, Solid-state switches for severe service. The key enabling technology for nearly 
all puise power systems for DEW applications is the switch that initiates and delivers the 
pulsed electrical output from the electrical energy store to the load. This switch must hold 
off high voltage (typically >10 kV), close rapidly (<1! js), carry high peak current (100- 
500 kA) with high initial rate of rise (50-100 kA/scs), sustain a high total action (> 107 A*-s), 
and recover rapidly (<10 ms). In addition, the switch must support high current density, 
operate reliably under mechanically stressing conditions, have minimum wei ght and volume 
claims, and not require ancillaries such as vacuum pumps or gas flow subsystems. At present, 
the hydrogen thyratron is most frequently selected to meet these simultaneous requirements, 
bul thyratrons are large and heavy devices, with auxiliary equipment that consumes several 
kilowatts and often require immersion in oil. The Army Research Laboratory has been 
actively sceking solid-state devices for DEW utility’ and Titan-PSD is weighing in by 
developing a high fluence, laser gated and pumped (silicon) thyristor (LGPT) that will 
satisfy these requirements, 

High fluence optical gating of thyristor switches has been chosen for numerous pulscd 
power switching applications. Light activation with high fluence laser sources enables the 
use of solid-state switching devices in performance parameter spaces previously serviced 
only by vacuum and gas spark gaps. If the output from the high fluence source is properly 
distributed within the switching medium, the di /dt capability of the switch does not depend 
on the rate of plasma spreading. Rather, df /d? becomes a function of the rate of rise of the 
optical fluence. In addition, optical gating eliminates the extensive and intrusive physical 
gate structure that limits the conduction area of the highest di/dt conventional solid-state 
devices, Properly designed laser-gated devices are typically capable of higher di /dr, peak 
current, and charge transfer for a given silicon area than conventional solid-state devices. 

The band edge for intrinsic siticon is ~1.12 eV, corresponding to ~ 1,111 nm. However, 
silicon is an indirect band-gap material so that the opticat phonon energy (0.063 eV) adds 
to the photon energy to create e—h pairs out to 1,170 nm. In most previous cfforts involving 
direct laser-gating of silicon devices, a solid-state Jaser was used; Lypically either Nd:YAG 
or Nd:YVO at 1,064 nm. However, over the past 10 years, the development of compact 
diode-pumped solid-state lasers has significantly reduced the size of the requisite optical 
sources and improved their lifetime and reliability. More important, the InGaAs laser diode 
bars that were developed for pumping these solid-state lasers have been pushed to longer 
wavelengths, approaching and exceeding that of the silicon band edge. Sn principle, the 
center wavelength of InGaAs laser diode bars is selectable by design over a continuum 
from 850 nm through at least 1,150 nm. This allows direct optical gating and pumping of 
silicon by the diodes without any of the intermediary options of the preceding paragraph. 
Figure 11 is an illustration of an on-board laser diode gated and pumped silicon thyristor, 
which is one of the candidate approaches in development now. 

Titan-PSD is currently performing on two programs and has finished a third that provide 
technical leverage for further switch development. Our Electra Advanced Pulsed Power 
Program is a five-year, Naval Research Laboratory (NRL)/DOE-sponsored effort to develop 
advanced pulsed power components and systems for KrF laser IFE (krypton fluoride laser 
inertial fusion energy). The most critical component is the primary switch, and we are 


Journal of Directed Energy, 1, Fall 2003 


66 PRICE ET AL. 


(+ 16.4 kV working) 





Fig. 11. Illustration of a laser gated and pumped thyristor. 


developing an on-board LGPT for this role. The switching requirements are repetitive, 
high peak current and di/dr, as well as high efficiency (the switch dissipates <1.5% of 
stored energy) and long lifetime (10° shots). The LGPT is to be used in a Marx generator, 
and the single device operating parameters are 16.4-kV working voltage, current density 
2.25 kA/cm?, peak current 225 kA, max di /dt 900 kA/j/s, pulse width 800 ns, and repetition 
rate 5 pps continuous. The lifetime requirement limits the thermal excursion per pulse to a 
few degrees, and therefore the action per square centimeter is low (~2 A?-s). 

Another current Titan-PSD program is to develop compact pulsed power components 
for the Air Force Research Laboratory (AFRL) at Kirtland Air Force Base. Components 
under development enable a compact, long-lifetime Marx-PFN driver for a narrowband 
HPM source. The di/dr requirement is a few hundred kA/js/em*(Si) or 2 MA/jus total, 
with a peak current of 30 kA. To satisfy the switching requirements for this application, we 
are considering the LGPT, a solid-state laser activated switch, and a hybrid combination of 
the two. 

Although the action and charge transfer in these Electra and AFRL applications are 
substantially less than that found in some pulse power applications, they serve to illustrate 
our confidence in the high power laser diode bars for high di/dr service. In both cases, the 
pulse width of the energy transfer is short enough that thyristor action has barely begun by 
the time the pulse is over. Because of this, a large fraction of the total charge conducted 
during the pulse must be supplied optically. The diode laser bars and their drive circuitry 
are capable of supplying an illumination fluence of up to 6 kW/cm?(Si) within 20 ns and 
sustaining that level for at least several microseconds. Fluence of several kilowatts per 
square centimeter is desirable for initial gating in many DEW applications. The required 
fluence drops to 250-500 W/cm? for continuous pumping. 

Another effort was recently undertaken in a conceptual design study for an optically gated 
and pumped switch for rectification of compulsator (pulsed alternator) output for driving an 
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electromagnetic gun. This completed study was performed by Titan-PSD and the Optiswitch 
Technology Corporation for the Institute for Advanced Technology (IAT). The on-board 
LGPT design was chosen because of the customer's desire Lo reduce the overull device count 
and silicon area compared with conventional devices. Specifically, we designed a 16.7 kV, 
100-1 15-cm? asymmetric (blocks voltage forward direction only) thyristor and scrics diode. 
Depending on the allowable temperature excursion per shot, our approach replaces ~80 
conventional devices with 3-5 series pairs (6-10 devices total; 340-500 cm? active) for the 
same forward losses. This is possible because continuous pumping of thick (2.5-mm), high- 
voltage (15-20-kV) deviccs with photo-carriers mitigates the carrict population deficit in 
the n-base. Electrically gated devices of the same voltage capability typically exhibit huge 
commutation and conduction losses and are therefore impractical for this type of service. 
Reverse blocking was handled by a series optically pumped diode. Separating the forward 
and reverse blocking functions allowed more freedom in designing for reverse recovery, 
a feature deemed necessary due to repeated failures of symmetric (blocks voltage both 
directions) devices in this service, Laser diode pumping served to reduce the forward losses 
in the series diode element as in the thyristor. 

The switch was designed to handle a peak current of 1.6 MA (3.3-4.7 kA/em’) for 600 zs 
when installed in a half-wave, four-phase rectifier. Nine total cycles are rectified per shot 
of the electromagnetic gun. The initial design (500 cm? active) limited the temperature 
excursion per shot to ~100°C, commensurate with a service life of ~10* shots. In the 
extreme, the current density could be pushed to 4.7 kA/cm/? and optical pump power doubled, 
resulting ina AT approaching 180°C and ~200-shot lifetime. The laser diode bars in the 
initial case provided a constant 500 W/cm? of silicon for each 600-418 conduction phase. 
This goes to 1 k W/cm? in the extreme case. 


2.2.2. Next generation reltron microwave gencrator development. Reltron HPM 
sources were invented and developed by R. Bruce Miller of Titan Advanced Innovative 
Technologies from the mid-1980s through 1998, The PSD of Tilan assumed responsibility 
for reltron contracts in 1998. Projects included one complete HPM simulator for a gov- 
ermment research Jaboratory in Germany and eight reltron tubes of various specifications. 
In developing these eight tubes, enough mechanical and electrical modifications have been 
included to justify their designation as “second-generation” designs. 

Reltrons are both compact and efficient. The electron beam is highly modulated over 
~10 cm and postaccelerated prior to drifting to the output cavities and beam collector. 
This beam transport requires only ~75-cm overall length for L-band tubes (Fig. 12). The 
output cavities are incorporated into a standard rectangular waveguide. Microwave power is 
efficiently extracted (~80%) directly in TEj9 mode. The overall efficiency (peak electrical 
to microwave power) is 30-40%. 

In general these new tubes move the reltron technology base in the directions of longer 
pulsewidths (~1—2 js), increased frequency tunability (~+13%), lower driver voltages 
(500-600 k¥}, and higher repetition rates (~10 Hz for demountable versions, ~300 Hz 
for sealed tubes). Second-generation improvements include a new high voltage insulator 
design, new movable current contacts for the modulation and output cavity tuners, reduced 
outgassing, and monolithic grids. The frequency range for these eight tubes covers 700- 
1,450 MHz. Programs are in place now to extend this range. 

In addition to the objective to extend the frequency coverage, efforts are underway to im- 
prove beam optics to reduce current losses and thereby improve efficiency and microwave 
output power. A new beam current diagnostic package has been recently implemented to 
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Fig, 12. L-band reltron capable of generating flat 200-MW, 900-ns pulses with frequency 
stability 8f/f < 0.3. This generation of reltrons is capable of RF pulse widths of ~300 RF 
cycles, repetitive pulse operation from single-shot to 10 Hz, and +10% continuous- 
frequency tunahility. 


better infer basic pertormance parameters and to assist in comparing benchmarking simu- 
lations. These calculations simulate performance in the actual geometry and are generated 
with a three dimensional particle-in-cell code (the LSP code from Mission Research Car- 
poration). Measured waveforms generated by a recently delivered L-band tube arc shown in 
Fig. 13. This tube produces ~185 MW in flat, 900-ns pulses with excellent frequency sta- 
bility. The LSP code was essential during this tube’s development. A new era in microwave 
tube design has emerged with the development of accurate three-dimensional modcls. 


2.2.3. HEM magnetron. Backdoor microwave effects on electronics systems in mad- 
ern weapons fall into three broad categories. Two categories are characterized by high peak 
power density and microwave formats that overwhelm the target system with an electric 
field that is high enough to cause circuit upset or burnout. In the third category, effects 
are caused by coupling spurious signals inte the target system, akin to classical smart jam- 
ming, interference or spoofing? techniques used by the EW countermeasures community. 
The DEW microwave pulse formats appropriate to the latter class of effects are gener- 
ally distinguished from upset and damage pulse formats by lower peak power density 
thresholds but more specific requirements on frequency and amplitude modulations and 


+ Low incident microwave levels can cause “interference” with the operation of threat weupon electronic systems, 
producing high levels of noise in sensitive circuitry to “musk” ue signals. The incident microwave signal is said 
to “spoof” if it is tailored to “mimic” the true signal and to thereby produce false commands. 
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Fig. 13. Waveforms from the 185-M W L-band reltron: the top trace is the hetcrodyne (1.0. = 
|.3 GHz) showing excellent frequency stability, and the second trace is the steady, flallop 
oulpul power measured with a calibrated directional coupler. (The data are conditioned 
with a low-pass filter; higher harmonic content is know to be more than 13 dB below the 
primary L-band signal.) The third trace is the radiated power monitored with an uncalibrated, 
free-field B-dot, and the last trace is an uncalibrated profite of the Marx current. 





Fig. 14. Titan's L-band HEM magnetron. This is the highest-average-power magnetron that 
is commercially available. 
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Fig. 15. The principal system elements of the ATD system are a power supply, a modulator, 
an HEM source, and an antenna. These components are supported by a control system 
and a cooling system. For the DTRA ATD ground-based system the powcr supply and 
operators’ console(s) are housed in a shelter mounted on one flatbed trailer while the 
remaining components ure mounted on another flatbed trailer (out of the field of view to 
the right). The system was designed to broadcast 2-MW pcuk power pulses with an average 
power of 300 kW for 30-s missions. This yields a peak fluence of 1 mW/cm? at a range of 
2,400 m. 


repetition rate. All three categories of effects can be induced by DEW systems based 
on high-power RF, narrow-band, pulsed HPM or long-pulse, high-energy microwaves 
(HEMs). 

Titan has developed an HEM laboratory source and an HEM advanced technology 
demonstration (ATD) source for DEW purposes at its California Tube Laboratory. These 
HEM sources have efficiencics of approximately 859%. This high cfficiency minimizes 
prime power and cooling requirements, thus significantly minimizing overall DEW sys- 
tem size and weight. The HEM magnetron, shown in Fig. 14, has produced 900-kW 
peak and 150-kW average powers and can easily be upgraded to 300-kW average power. 
The unique modulation characteristics of this magnetron can produce modulation ef- 
tects of 30 MHz or greater in the target systems. More operational details are given in 
Table 6. 

The ATD system shown in Fig. 15 combines the outputs of two 150-kW-average-output 
power magneirons, The maximum peak output power obtained to date is 1.2 MW. The 
magnetrons with their respective magnet yokes each weigh about 200 tbh, and each takes 
up about 4 ft". When combined their efficiency is over 76%, therefore together they absorb 
only 95 kW and are actively cooled. Variants of this RF system are suitable for Army, Navy, 
and Air Force missions. 
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Table 6. California tube laboratory HEM magnetron operational specifications 





Parameter Value 
Frequency, fixed 915 MHz (890-920 MHz possible as well) 
Power output 

Continuous wave 300-kW minimum 

Pulse 600-kKW peak (900 actually achieved) 

300-kW avg (nominal 50% duty) 

Pulse width 10s of microseconds to 5 ms 
Peak anode voltage 42 kV 
Peak anode current 17A 
Beam efficiency 88% typical 
Water-cooled anode 20 gpm typical 
Filament 12 VAC, 200-A typical standby 


—_— rrr 


3. Conclusions and Significance 


The first laser and HPM DEWs are just now being deployed, and new threats emerging in 
the information age will sustain the need for continued DEW development and acceptance. 
The deployment of even more advanced DEW systems and in fact the DeD’s intent to field 
more (or all) clectric fighting platforms depend critically on the availability of compact, 
lightweight, efficient pulsed power subsystems and long-lived, reliable advanced power 
conditioning and front-end components. 

Titan has been supporting U.S. directed energy programs by providing services and 
analysis and developing advanced technologies since the early 1980s. Today, Titan is the 
only U.S. industrial supplier of commercial HPM generators, We have advanced pulsed 
power and power electronics technology development programs involving intermediate 
and primary electrical energy storage, solid-state switching, power conditioning, electrical- 
to-microwave conversion, and novel microwave antennas underway now. Titan is focused 
on providing pulsed power and C4ISR (command, control, communications, computers, 
intelligence, surveillance, and reconaissance) solutions for national defense and is intent on 
maintaining its industrial leadership in military information technologies. 
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1,349,104, Radiosignaling System. James Harris Rogers. Filed Jan. 17, 
1918. 


1,303,729, Wireless Signaling System. James Harris Rogers. Filed Jan. 
10, 
1919. 


1,303,730, Radiosignaling System. James Harris Rogers. Filed Jan. 11, 
1919. 


1,316,188, Radiosignaling System. James H. Rogers. Filed Mar. 28, 
1919. 
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FOREWORD 


The long-searched-for Tesla secrets have been solved by Tom 
Bearden. Part I contains the specific description of the solutions to 
Tesla's secrets and the Soviet Tesla weapons. 

The present electromagnetic theory has several flaws, and it is these 
errors that have hidden the long-sought unified field theory. The 
explanations presented by the author provide clarity and understanding 
to related Tesla writings and patents. 

Before the turn of the century, Nikola Tesla had discovered and 
was utilizing a new type of electric wave. Tesla repeatedly stated that 
his waves were non-Hertzian, and that his wireless transmissions did 
not fall off as the square of the distance. The author has found that the 
wave which Tesla was using is a longitudinal scalar wave, capable of 
many times the speed of light. When coupled with another scalar 
wave (Tesla wave), 
the resulting vector wave can be the source of electromagnetic energy 
for electrical power, a protective force field, or a destructive weapon. 

The booklet is well illustrated with special drawings by Hal 
Crawford. The bibliography includes corroborating information on all 
major points. Part II presents reprints or the entire subject matter of 
selected articles from the bibliography, plus additional references of 
importance. Articles are arranged in chronological order. Also 
included are nine patents by James Harris Rogers which were the basis 
of successful wireless communication during World War I. These 
principles of underground and sub-sea wireless were based on Tesla's 
discoveries. 

Bearden's solutions are truly a major breakthrough, and an absolute 
necessity to the understanding of existing Tesla writings. It is also 
important that more should be known of this extraordinary individual, 
Thomas E. Bearden. 


BIOSKETCH: 


A nuclear engineer, wargames analyst, and military tactician, 
Lieutenant Colonel (Retired) Tom Bearden has over 26 years 
experience in air defense systems, tactics and operations; technical 
intelligence, anti-radiation missile countermeasures; nuclear weapons 
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employment, computerized wargames; and military systems 
requirements. 

He is currently with the Alabama division of a large aerospace 
company where he is involved in determining the future requirements 
for laser weapons. 

Lieutenant Colonel Bearden obtained a Master of Science degree in 
nuclear engineering from the Georgia Institute of Technology and a 
Bachelor of Science degree in mathematics from Northeast Louisiana 
University. He is also a graduate of the U.S. Army Command and 
General Staff College and several U.S. Army artillery and missile 
schools. 

He has had direct experience with tube artillery and with the Ajax, 
Hercules, Hawk, and Patriot missile systems and the production of 
technical intelligence on Soviet surface-to-air missile systems for 
the U.S. Army/Department of Defense. 

Tom holds a Sandan (third degree black belt) in Yoseikan aikido; 
is a singer, guitarist and songwriter; member of Mensa, Society for the 
Investigation of the Unexplained, Vestigia, the American Association 
of Meta-Science: and is on the board of governors of the U.S. 
Psychotronics Association. In addition, he is Alabama Director of a 
small nonprofit foundation, the Association of Distinguished American 
Scientists and is a MUFON adviser on nuclear engineering. 

He also edits Specula, Journal of the American Association of Meta- 
Science. 

Tom is primarily active as a theorist on UFOs, parapsychological 
and paranormal phenomena, and psychotronics. He is the author of a 
book, The Excalibur Briefing, Strawberry Hill Press, 2594 15th 
Avenue, San Francisco, California 94127 and has numerous technical 
papers dealing with new paradigm physics, paranormal phenomena, 
and Soviet psychotronic weapons. 

Finally, Bearden's Solutions to Tesla's Secrets and the Soviet Tesla 
Weapons promises to be recognized in the future as a major 
contribution to our present technology. 

JTR 
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TESLA'S SECRET AND THE SOVIET TESLA WEAPONS 
© T.E. Bearden 1981 
With Special Drawings by Hal Crawford 


Before the turn of the century, Nikola Tesla had discovered and was 
utilizing a new type of electric wave. Tesla repeatedly stated his waves were 
non-Hertzian, and his wireless transmissions did not fall off as the square of 
the distance. His discovery was apparently so fundamental (and his intent to 
provide free energy to all humankind was so clear) that it was responsible for 
the withdrawal of his financial backing, his deliberate isolation, and the 
gradual removal of his name from the history books. 

By 1914 or so, Tesla had been successfully isolated and was already 
nearly a '"nonperson." Thereafter Tesla lived in nearly total seclusion, 
occasionally surfacing (at his annual birthday party for members of the press) 
to announce the discovery of an enormous new source of free energy, the 
perfection of wireless transmission of energy without losses, fireball weapons 
to destroy whole armies and thousands of airplanes at hundreds of miles 
distance, and a weapon (the "Tesla Shield," I've dubbed it ) that could 
provide an impenetrable defense and thus render war obsolete. 

In my pursuit of Tesla's secret, it gradually became apparent to me 
that present orthodox electromagnetic theory is seriously flawed in some 
fundamental respects. One of these is in the definition and use of , the 
scalar electrostatic potential. It is this error which has hidden the long-sought 
unified field theory from the theorists. 

In the theory of the scalar electrostatic potential (SEP), the idea is 
introduced of work accomplished on a charge brought in from a distance 
against the scalar field. The SEP is not a vector field, but is a scalar field. 
Indeed, scalar potential cannot of itself perform work on a charged mass; if it 
could do so, then tremendous force would exist on every mass due to the 
extremely high SEP of the vacuum itself. Only a differential of SEP between 
two spatial points can produce force or accomplish work. (Rigorously, a 
differential of scalar potential between two spatial points constitutes a 
vector. Only a vector can produce force and do work.) 

Also, work can only be done on a mass. Further, it takes time* to 
move an electron or other charged mass between two spatial points, and so 
the work performed by a spatial differential of the -field requires time. 
Rigorously, the delta SEP is voltage, not SEP per se, and is directly related to 
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E field. The entire voltage concept depends on the work performed in 
moving a mass, after that mass has moved. The idea of "voltage" always 
implies the existence of a steady differential of @ between two spatial points 
for a finite length of time, and it also involves the assumption of a flow of 
actual mass having occurred. SEP, on the one hand, is always a single-point 
function; on the other hand, difference in potential (i.e., V) is always a two 
point function, as is any vector. 

Yet many graduate level physics and electromagnetics papers and texts 
erroneously confuse @ and V in the static case! Such an interpretation is of 
course quite incorrect. 


* Two spatial points involve at least At = AL/c in time. All vectors and 
gradients involve 2 separated spatial points, and thus present timelines in 4- 
space. 04 is a point, not a line, in 4-space. 


Another common assumption in present EM theory -- that the 
electrostatic potential (9) of the normal vacuum is zero -- has no legitimate 
basis. In fact, we know @p is nonzero because the vacuum is filled with 
enormous amounts of fluctuating virtual state activity, including incredible 
charge fluctuations. And by virtue of its point definition, must be the 
"instantaneous intensity" of these fluctuations -- but both in space and time. 
The scalar electrostatic potential is therefore the "Instantaneous stress" on 
spacetime itself, and a measure of the intensity of the virtual state flux 
through a 4-dimensional spacetime point. 

Potential theory was largely developed in the 1800's, before the theory 
of relativity. Time flowrate was then regarded as immutable. Accordingly, 
electrostatic "intensity" was chosen as "spatial intensity," with the 
connotation of "spatial flux density." This assumes a constant, immutable 
rate of flow of time, which need not be true at all if we believe relativity. 
Such a spatial "point" intensity is actually a "line" in 4-space, and not a 4- 
dimensional "point" at all. Thus the spatial potential -- 3 -- is a very special 
case of the real spacetime potential -- 4, or charge and electromagnetic 
theory today is accordingly a special case of the real 4-space 
electromagnetism that actually exists! Note also that charge is a 4- 
dimensional concept. 

Now mass is a Spatial, 3-dimensional concept. Rigorously, mass does 
not exist in time -- masstime exists in time. Mass and charge are thus of 
differing dimensionalities! 

Also, according to quantum mechanics, the charge of a particle -- e.g., 
of an electron -- is due to the continual flux of virtual particles given off and 
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absorbed by the observable particle of mass. Thus charge also is 
conceptually a measure of the virtual flux density, and directly related to 0. 
Further, since the charge exists in time, it is the charge of a particle of spatial 
mass that gives it the property of masstime, or existing in time. 

Here a great confusion and fundamental error has been thrown into the 
present EM theory by the equating of "charge" and "charged mass." As we 
have seen, the two things are really very different indeed. 

To speak of a spatial "amount" of charge erroneously limits the basic 
EM theory to a fixed time flowrate condition (which of course it was 
considered to be, prior to Einstein's development of relativity). Thus when 
the limited present theory encounters a "relativistic" case (where the time 
flowrate changes), all sorts of extraordinary corrections must be introduced. 
The real problem, of course, is with the fundamental definitions of 
electrostatic potential and charge. The spatial "amount" of charge (i.e. the 
coulomb) as we presently erroneously use the term, is actually the spatial 
amount of observable "charged mass." To correct the theory, one must 
introduce the true 4-space SEP and separate the definitions of charge and 
charged mass. 

Only when a mass is moved does one have work -- and voltage or 
vector fields. (The reason one has voltage and E field connected to a normal 
electrostatically charged object in the laboratory is because an excess of 
charged-particle masses are assembled on the object, and these masses are in 
violent motion! A true static charge would have no E field at all. ) 


Table 1. Some Present Theoretical Facts 


e 3-FIELD CONCEIVED BEFORE RELATIVITY 


- POINT FUNCTION IN SPACE 
- LINE FUNCTION IN SPACETIME 
- TIME FLOWRATE CONSIDERED 
IMMUTABLE 

- SPECIAL CASE OF @,,...... © 


e GRADIENT BETWEEN TWO POINTS IN @3 FIELD 


- PRODUCES VOLTAGE 

- PRODUCES E FIELD 

- MOVES ELECTRON 

- IS AN AREA IN 4-SPACE 


e GRADIENT MAY BE BETWEEN SEPARATED POINTS IN TWO 
SUPERPOSED @-FIELDS 


e O-FIELD CAN "MOVE" AT INFINITE VELOCITY* 
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* JACKSON, CLASSICAL ELECTRODYNAMICS, 2ND EDITION, P. 223 


Table 2. Some Proposed @, Characteristics 


a SPATIOTEMPORAL @, FIELD 


* STRESS ON SPACETIME 
= CAN CHANGE RATE OF FLOW OF TIME 


® GRADIENT BETWEEN 2 POINTS IN @, FIELD 


- PRODUCES COMPLEX Vj, 
- WILL MOVE ELECTRON IF 
-- Vg #0, AND 
== nv) = NW = { 
- WILL NOT MOVE ELECTRON IF 
-- Vz = 0, OR 
~~ WL PNG 


© GRADIENT MAY BE BETWEEN SEPARATED POINTS IN THO 
SUPERPOSED @,, FIELDS 


© —@y WAVE MOVES AT 0 < wy <o 
® By WAVE TS COMPLEX AND LONGITUDINAL 


-field need not involve observable mass accumulation, but only 
charge (virtual flowrate intensity) accumulation. Accumulated masses are 
like so many gallons of water; accumulated charge is like so much pressure 
on both the water (space) and the time in which the water is existing. 

Now, if one varies the SEP solely as a point function, one would have a 
purely scalar complex longitudinal wave, and not a vector wave at all. This 
is the fundamentally new electrical wave that Tesla discovered in 1899. 

Rigorously, all vector fields are two-point functions and thus 
decomposable into two scalar fields, as Whittaker showed in 1903. It follows 
that any vector wave can be decomposed into two scalar waves. By 
implication, therefore, a normal transverse EM vector wave, e.g., must 
simply be two coupled scalar (Tesla) waves -- and these scalars 
independently would be longitudinal if uncoupled. An ordinary transverse 
EM vector wave is thus two pair-coupled Tesla scalar longitudinal waves, 
and only a single special case of the much more fundamental 
electromagnetics discovered by Nikola Tesla. 


http://www.cheniere.org/books/part l/starting %20pages.htm (4 of 14)24.11.2003 21:26:09 


The Tom Bearden Website 


A Tesla (scalar potential) wave -- 1.e., a massless wave in pure 0p, the 
stress of the spacetime medium would have very strange characteristics 
indeed. For one thing, since it moves in a complex 4-space, it has many more 
modes of movement than does a simple wave in 3-space. And for another 
thing, it need not be bound at all by the speed of (vector) light. In current 
theory, one 3-field does not directly interact or couple with other existing 63- 


fields except by simple superposition. Therefore presently the -field is 
considered to have no drag limitation at all, hence infinite velocity. (E.g., as 
stated in Jackson, Classical Electrodynamics, 2nd edition, page 223.) 

Actually, a @4-wave can and will interact with some of the other 
existing o,-waves in the medium transversed, and this interaction can involve 
pair-coupling into EM vector fields and waves, an interaction not presently in 
the electrodynamics theory. The result of scalar pair-coupling creates a finite 
amount of vector "drag" on the @4-wave, so it then has less than infinite 
velocity. However, if this drag is small due to limited pair-coupling, the 
scalar wave's velocity through the slightly dragging medium still may be far 
greater than the speed of vector EM waves (light) in vacuum. On the other 
hand, if the pair-coupling is made severe, the @-wave may move at a speed 
considerably below the speed of vector light waves in vacuum. The velocity 
of the ,-wave is thus both variable and controllable or adjustable (e.g., 
simply by varying its initial amplitude, which through a given medium 
changes the percentage of pair-coupling and hence the degree of drag on the 
scalar wave). The Tesla scalar wave thus can have either subluminal or 
superluminal velocity, in contradiction to present theory. 

Note that the scalar wave also violates one of Einstein's fundamental 
postulates -- for the speed of our "new kind of light" wave is not limited to c, 
and need not be the same to every observer. Thus Tesla scalar waves lead to 
anew "superrelativity” of which the present Einstein relativity is only a 
highly special case! 


Table 3. Tesla Waves Can: 


e ESTABLISH STANDING WAVES 

- in the earth 

- in the ionosphere 
TAP ENERGY FROM THE EARTH'S CORE 
TRAVEL FASTER OR SLOWER THAN LIGHT 
CHANGE RATE OF TIME FLOW 
AFFECT ALL FIELDS, INCLUDING GRAVITY 
COMMUTE BETWEEN VIRTUAL AND 
OBSERVABLE 
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Figure 1. Tesla's Standing Columnar Wave 


But let us now look for some subtle but real examples of scalar waves 
and scalar pair-coupling in nature. As is well known, a tectonic fault zone 
can provide anomalous lights, sounds, etc. from stresses, piezoelectrical 
activity, and telluric currents in the earth and through the fault zone. In 
examining the fault zone phenomena, I finally realized that a fault zone was 
literally a scalar interferometer i.e., if one can have scalar @4-waves, they can 
interfere, either constructively or destructively. Their interference, however, 
produces scalar pair-coupling into vector EM waves. This coupling may be 
at a distance from the interferometer itself, and thus the interferometer can 
produce energy directly at a distance, without vector transmission through the 
intervening space. Coupling of @ waves with the paired scalars comprising 
ordinary EM vector waves can also occur. If this triplex coupling forms 
additional EM vector waves 180 degrees out of phase, the ordinary EM wave 
is diminished or extinguished. If the scalar triplex coupling occurs so as to 
create vector EM waves in phase with the interacting vector EM wave, the 
amplitude of the ordinary vector wave is increased. 

Scalar potential waves can thus augment or diminish, or create or 
destroy, ordinary EM waves at a distance by pair-coupling interference under 
appropriate conditions, and this is in consonance with the implications of 
Whittaker's fundamental 1903 work. 
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ALL VECTORS AND 
ee ee VECTOR FIELDS 
ARE CREATED 

BY SCALAR 
INTERFEROMETRY 
AND PAIR 
COUPLING 


EM COUPLING 
CONDITION 


AL/c = AT 





% 9. 
| jie 


EACH TINY STRESSED CRACK 
ACTS AS A SCALAR 
INTERFEROMETER 





LOCKED-IN STRESSED CRACKS 


BECOMES A PRIGOGINE CRYSTAL 


Figure 3. Natural Scalar Interferometers 
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An earthquake fault zone is such a scalar interferometer. Stresses and 
charge pileups exist in the plates on each side adjacent to the fault, with stress 
relief existing in the middle in the fault fracture itself. Since the rock is locally 
nonlinear, the mechanical stresses and electrical currents in it are also locally 
nonlinear. This results in the generation of multiple frequencies of 4,-waves 


from each side of the fault interferometer, yielding two complex Fourier 
expansion patterns of scalar potential waves. On occasion these two Fourier- 
transformed scalar wave patterns couple at a distance to produce stable ordinary 
electromagnetic field in a 3-dimensional spatial pattern -- e.g., a stress light 
such as the Vestigia light covered in Part I of The Excalibur Briefing. Driven 
by the erratic two scalar Fourier expansion patterns of the scalar interferometer 
(whose input stresses normally slowly change), an erratic, darting, hovering 
"spooklight" of the variety studied by Vestigia is produced. 

As the stresses change in each side of the interferometer, the distant 
scalar coupling zone is affected. Thus the stresslight moves and its form 
changes, but it may be relatively stable in form for seconds or minutes. Since 
the stresses in the rock may be intense, the stress light may involve an intense 
pair of @-patterns coupling into the sphere or ball of vector EM energy. The 
atoms and molecules of the air in the region of the coupled stresslight ball thus 
become highly excited, giving off radiant energy as the excited states decay. 

Since much of the piezoelectric material in the stressed rocks is quartz 
grains, the features of quartz are of particular interest. Each little quartz grain 
is itself highly stressed, and has stress cracks. It is therefore a little scalar 
interferometer. Further, quartz is transparent to infrared and ultraviolet; and the 
random orientation of all the quartz scalar interferometers may also form a 
Prigogine system far from thermodynamic equilibrium. If so, this system can 
tap into highly energetic microscopic electromagnetic fluctuations to produce 
large-scale, ordered, relatively stable patterns of electromagnetic energy at a 
distance. 

In short, all of this lends support to the formation of relatively stable but 
somewhat erratic patterns of electromagnetic energy at a distance from the fault 
itself. In the atmosphere, such scalar interferometers could form in clouds or 
even in the air or between clouds and earth. If so, such rare but occasional 
"weather" scalar interferometers could account for the rare phenomenon of ball 
lightning. The intense energy of the ball of lightning, as compared to the lesser 
energy of an earthstress light, could well be due to the enormous electrical 
charges between clouds or between cloud and earth, available to fuel the scalar 
interferometer. Very probably it is this phenomenon which gave Tesla the clue 
to scalar wave interferometry. 

Thus such phenomena as earthstress lights, ball lightning, and the Tesla 
system of wireless transmission of energy at a distance with negligible losses 
and at speeds exceeding the speed of light may be explained. They are 
complex, however, and involve fundamental changes to present 
electromagnetic theory. These changes include utilizing 4-space scalar 
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electrostatic potentials, scalar waves, pair coupling, ordinary 3-dimensional 
Fourier expansion, the Prigogine effect, and the properties of piezoelectric 
materials in rocks. 

Since the scalar potential also stresses time, it can change the rate of flow 
of time itself. Thus it affects anything which exists in time -- including the 
mind, both of the individual and at various levels of unconsciousness. 
Therefore the same functions that result in earthstress lights also affect mind 
and thought, and are in turn affected by mind and thought. This is the missing 
ingredient in Persinger's theory that UFO's are correlated with, and a result of, 
fault zones and earth stresses. While Persinger seems to feel this is a "normal 
physics" explanation, it indeed involves a paranormal explanation. 

The time-stressing ability of the true @ scalar wave also explains the 


interaction of such earthstress lights with humans and human intent, as noted by 
other researchers. (E.g., the lights that repeatedly seemed to react to the 
observers, as detailed by Dr. Harley Rutledge in his epoch-making Project 
Identification, Prentice-Hall, 1981.) 

These ideas in condensed form comprise the concepts required to violate 
the speed of light and produce an ordinary electromagnetic field at a distance, 
using scalar interferometry, without losses -- as Tesla had done in his wireless 
transmission system which he had tested prior to 1900 and had perfected by the 
1930's. Scalar interferometry can give stable regions of EM or "light energy" at 
a distance without losses, particularly as detailed in the beautiful Vestigia 
experiments, and it is within our grasp to utilize the new effects. Indeed, any 
stress crack in a material can result in the scalar potential interferometer effect. 
Exophoton and exoelectron emission -- poorly understood but already known in 
fatiguing of materials -- must be at least partly due to the scalar interferometer 
effect. 

However, one additional caution should be advanced. Normal movement 
of electrons allows so much "sideplay" movement of the electrons -- and there 
is so much such sideplay electron motion in the surrounding vicinity -- that pair 
coupling is almost instantaneous for small waves. Thus orbital electrons in 
atoms seem to absorb and emit vector EM photons. Actually they also emit 
some percentage of scalar waves as well. Since a scalar wave is comprised 
exclusively of disturbance in the virtual state, it need not obey the conservation 
of energy law. Further, a scalar wave of itself does not "push electrons" or 
other charges; hence it is nearly indetectable by present detectors. Ionization 
detectors such as a Geiger counter tube, e.g., are exceptions if the scalar wave 
encountered is fairly strong. In that case sufficient triplex coupling with the 
ionized gas occurs to produce additional ionization or charge, breaching the 
tube's cutoff threshold and producing a cascade discharge of electrons and 
voltage which is detected. But weak scalar waves are presently indetectable by 
ordinary instruments. However, these small scalar waves are detectable by 
sensitive interferometry techniques e.g., such as an electron interferometer. 
Since the use of such instruments is quite rare, then indeed we have been living 
immersed in a sea of scalar waves without knowing it. 

Finally, the percentage of scalar waves produced by changes in charged 
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mass pileups can be increased by utilizing charged mass streaming. Essentially 
the charged masses must be moved suddenly, as quickly as possible, at or near 
the complete breakdown of the medium. For this reason, Tesla utilized 
sparkgaps in his early transmission systems, but also found that he could induce 
ionized media to "breakdown" in such fashion by a slow growth process. One 
of his early patented atmospheric wireless transmission systems is based on this 
fact. However, it was necessary to use a very high voltage, insuring extreme 
stress on the medium and hence some spillover stress onto time itself. In other 
words, 3 is always an approximation; at sufficiently high spatial stress, 
sufficient spillover 4 exists to give Tesla scalar waves. For this reason, Tesla 
used very high voltages and extremely sharp discharges to give "streaming" of 
the charged masses and thus high percentages of 0, waves. This suggests that 
the breakdown of dielectrics is a much richer phenomenon than is presently 
allowed for in the conventional theory. 

To summarize, electrostatic potential -- @-field is stress on the spacetime 
medium at a four-dimensional point. I. e. , itis a sort of pressure on the 
medium, but pressure on all four dimensions, not just on the three spatial 
dimensions. Thus in the new standard theory, 0, may have complex values. In 


addition, a @-wave is to be interpreted as a scalar longitudinal wave in complex 
spacetime -- directly in Op, the normal average 4-space stress itself. And charge 
and charged mass must be recognized as two separate concepts. This is the gist 
of what I finally recognized about Nikola Tesla's work and fundamental 
discovery. 

This is exciting, for it means that Tesla stress waves can affect either 
space or time individually, or both space and time simultaneously, or even 
oscillate back and forth between primarily affecting time and primarily 
affecting space, Tesla's waves were actually these o-field scalar waves. As 
such, they were fundamentally different from ordinary electromagnetic waves, 
and had entirely different characteristics, just as Tesla often stated. E. g., a 
Tesla wave can either move spatially, with time flowing linearly; move 
temporally only (sitting at a point and waxing and waning in magnitude -- but 
changing the rate of flow of time itself in doing so, and affecting gravitational 
field, fundamental constants of nature, etc, ), or move in a combination of the 
two modes. In the latter case, the Tesla wave moves in space with a very 
strange motion -- it oscillates between (1) spatially standing still and flexing 
time, and (2) moving smoothly in space while time flows smoothly and evenly. 
I.e., It stands at one point (or at one columnar region), flexing for a moment; 
then slowly picks up spatial velocity until it is moving smoothly through space; 
then slows down again to a "standing column," etc. This is Tesla's fabulous 
"standing columnar wave." 
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Figure 4. Exoelectric Emission 
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Figure 5. The Tesla Effect 


Another wild characteristic of the Tesla wave is that it can affect 
the rate of flow of time itself; hence it can affect or change every other 
field including the gravitational field -- that exists in time flow. It can 
also affect all universal constants, the mass of an object, the inertia of 
a body, and the mind and thoughts as well! All of these exist in the 
flow of time, and they are affected if the time stream in which they 
exist is affected. This was the awful secret that Tesla partially 
discovered by 1900, and which he came more and more to fully realize 
as he pursued its nature and its ramifications into the 1920's and 
1930's. 

Tesla also found he could set up standing 6-field waves through 
the earth. He in fact intended to do so, for he had also discovered that 
all charges in the highly stressed earth regions in which such a 
standing wave existed produced 6-fields which would feed (kindle) 
energy into the standing o-field wave by pair coupling. I-e., normal 
vector field energy would "assemble" onto the scalar matrix wave by 
means of pair-coupling. Thus by transmitting a scalar standing wave 
into the earth, he could easily tap the fiery scalar fields produced in the 
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molten core of the planet itself, turning them into ordinary 
electromagnetic energy. In such case, a single generator would enable 
anyone to put up a simple antenna and extract all the free energy 
desired. 

When Tesla's alarmed financial backers discovered this was his 
real intent, they considered him a dangerous madman and found it 
necessary to ruthlessly stop him at all costs. And so his financial 
support was withdrawn, he was harassed in his more subtle patent 
efforts (and the patents themselves were adulterated), and his name 
gradually was removed from all the electrical textbooks. By 1914 
Tesla, who had been the greatest inventor and scientist in the world, 
had become essentially a nonperson. 

A few other persons in the early 1900's also were aware that 
potential and voltage are different. And some of them even learned to 
utilize Tesla's o-field, even though they only vaguely understood they 
were utilizing a fundamentally different kind of electromagnetic 
wave. For example, James Harris Rogers patented an undersea and 
underground communications system which Tesla later confirmed 
utilized Tesla waves. The U.S. secretly used the Rogers 
communications system in World War I to communicate with U.S. 
submarines underwater, and to communicate through the earth to the 
American Expeditionary Force Headquarters in Europe. The Rogers 
system was declassified after the War and very shortly after that, it had 
mysteriously been scrubbed off the face of the earth. Again, potential 
stress waves -- Tesla waves -- were eliminated and "buried." 

Probably the most brilliant inventor and researcher into Tesla's 
electromagnetics was T. Henry Moray of Salt Lake City, Utah. Dr. 
Moray actually succeeded in tapping the limitless zero-point energy of 
vacuum (spacetime) itself. By 1939, Dr. Moray's amplifier contained 
29 stages and its output stage produced 50 kilowatts of power from 
vacuum. Interestingly, another 50 kilowatts could be tapped off any 
other stage in the device -- which consequently could have produced 
almost 1.5 megawatts of electrical power! Dr. Moray's epoch-making 
work was suppressed also. His device -- which represented over 20 
years of heartbreaking accumulation of 29 working tubes from 
thousands made -- was destroyed by a Soviet agent in 1939, but not 
before the agent had obtained the drawings for building the tubes and 
the device itself. Today the Moray amplifier is a standard component 
of many of the Soviet secret superweapons and Tesla weapons. 

In the 20's and 30's, Tesla announced the final perfection of his 
wireless transmission of energy without losses even to interplanetary 
distances. In several articles (e.g., H. Winfield Secor, "Tesla Maps 
Our Electrical Future, " Science and Invention, Vol. XVII, No.12, pp. 
1077, 1124-1126), Tesla even revealed he used longitudinal stress 
waves in his wireless power transmission. Quoting from the article, 
"Tesla upholds the startling theory formulated by him long ago, that 
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the radio transmitters as now used, do not emit Hertz waves, as 
commonly believed, but waves of sound." "He says that a Hertz wave 
would only be possible in a solid ether, but he has demonstrated 
already in 1897 that the ether is a gas, which can only transmit waves 
of sound; that is such as are propagated by alternate compressions and 
rarefactions of the medium in which transverse waves are absolutely 
impossible." The wily Tesla did not reveal, of course, that such scalar 
waves nearly always immediately pair-coupled into vector waves 
when produced by normal means. Tesla himself was working with 
longitudinal scalar waves. 


Table 4. Rogers' Undersea and Underground Communication System 


e SECRETLY USED BY U.S. IN WWI 
e COMMUNICATED TO SUBS UNDERWATER 
- ANY DEPTH, UP TO 30 KHZ 
- REDUCED DEPTH, >30 KHZ 
e COMMUNICATED TO EXPEDITIONARY HQ 
OVERSEAS 
- 5,000 TIMES STRONGER THAN AERIAL 
- STATIC-FREE 
e DECLASSIFIED IN 1919 
- TO REVOLUTIONIZE COMMUNICATIONS 
- TO END ALL SURFACE ANTENNAS 
e MYSTERIOUSLY "LOST" 
e REDISCOVERED AND "LOST" THREE TIMES AFTER 
WWII 


continued 
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Scalar Potential Interferometer 
Figure 6. Multimode Tesla Weapon 


In the 1930's Tesla announced other bizarre and terrible weapons: a 
death ray, a weapon to destroy hundreds or even thousands of aircraft 
at hundreds of miles range, and his ultimate weapon to end all war -- 
the Tesla shield, which nothing could penetrate. However, by this 
time no one any longer paid any real attention to the forgotten great 
genius. Tesla died in 1943 without ever revealing the secret of these 
great weapons and inventions. 


Unfortunately, today in 1981 the Soviet Union has long since 
discovered and weaponized the Tesla scalar wave effects. Here we 
only have time to detail the most powerful of these frightening Tesla 
weapons -- which Brezhnev undoubtedly was referring to in 1975 
when the Soviet side at the SALT talks suddenly suggested limiting 
the development of new weapons "more frightening than the mind of 
man had imagined." One of these weapons is the Tesla howitzer 
recently completed at the Saryshagan missile range and presently 
considered to be either a high-energy laser or a particle beam weapon, 
(See Aviation Week & Space Technology, July 28, 1980, p. 48 for an 
artist's conception.) 
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Aviation Week & Space Technology July 28, 1980 
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Figure 7. Tesla Weapons at Saryshagan 


The Saryshagan howitzer actually is a huge Tesla scalar interferometer 
with four modes of operation. One continuous mode is the Tesla 
shield, which places a thin, impenetrable hemispherical shell of energy 
over a large defended area. The 3-dimensional shell is created by 
interfering two Fourier-expansion, 3-dimensional scalar hemispherical 
patterns in space so they pair-couple into a dome-like shell of intense, 
ordinary electromagnetic energy. The air molecules and atoms in the 
shell are totally ionized and thus highly excited, giving off intense, 
glowing light. Anything physical which hits the shell receives an 
enormous discharge of electrical energy and is instantly vaporized -- it 
goes pfft! like a bug hitting one of the electrical bug killers now so 
much in vogue. 


If several of these hemispherical shells are concentrically stacked, 
even the gamma radiation and EMP from a high altitude nuclear 
explosion above the stack cannot penetrate all the shells due to 
repetitive absorption and reradiation, and scattering in the layered 
plasmas. 


In the continuous shield mode, the Tesla interferometer is fed by a 
bank of Moray free energy generators, so that enormous energy is 


available in the shield. A diagram of the Saryshagan-type Tesla 
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howitzer is shown in figure 7. Hal Crawford's fine drawing of the 
interferometer end of the Tesla howitzer is shown in figure 6. Hal's 
exceptional rendition of the Tesla shield produced by the howitzer is 
shown in figure 8. 


INTERFEROMETRY 
{HEMISPHERICAL SHELL) 





Figure 8. The Tesla Shield 
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Figure 9. Tesla Terminal Area Defense System 


In the pulse mode, a single intense 3-dimensional scalar phi-field pulse 
form is fired, using two truncated Fourier transforms, each involving 
several frequencies, to provide the proper 3-dimensional shape (Figure 
10). This is why two scalar antennas separated by a baseline are 
required. After a time delay calculated for the particular target, a 
second and faster pulse form of the same shape is fired from the 
interferometer antennas. The second pulse overtakes the first, catching 
it over the target zone and pair-coupling with it to instantly form a 
violent EMP of ordinary vector (Hertzian) electromagnetic energy. 
There is thus no vector transmission loss between the howitzer and the 
burst. Further, the coupling time is extremely short, and the energy 
will appear sharply in an "electromagnetic pulse (EMP)" strikingly 
similar to the 2-pulsed EMP of a nuclear weapon. 


This type weapon is what actually caused the mysterious flashes off 
the southwest coast of Africa, picked up in 1979 and 1980 by Vela 
satellites. The second flash, e.g., was in the infrared only, with no 
visible spectrum. Nuclear flashes do not do that, and neither does 
superlightning, meteorite strikes, meteors, etc. In addition, one of the 
scientists at the Arecibo Ionospheric Observatory observed a 
gravitational wave disturbance -- signature of the truncated Fourier 
pattern and the time-squeezing effect of the Tesla potential wave -- 
traveling toward the vicinity of the explosion. 
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TESLA HOWITZER 
(SCALAR INTERFEROMETER) 


Figure 10. "Nuclear" Flashes off the Coast of Africa 
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Lithuania - 10 Sep 1976 - British European Airways Flight #831 
between Moscow and London 


CIA Report Released under FOIA 
Figure 11. Continuous Tesla Fireball 


The pulse mode may be fed from either or -- if the 
Moray generators have suffered their anomalous "all fail" malfunction 
-- ordinary explosive generators. Thus the Tesla howitzer can always 
function in the pulse mode, but it will be limited in power if the Moray 
generators fail. 


In the continuous mode, two continuous scalar waves are emitted -- 
one faster than the other -- and they pair-couple into vector energy at 
the region where they approach an in-phase condition. In this mode, 
the energy in the distant "ball" or geometric region would appear 
continuously and be sustained -- and this is Tesla's secret of wireless 
transmission of energy at a distance without any losses. It is also the 
secret of a "continuous fireball" weapon capable of destroying 
hundreds of aircraft or missiles at a distance. An example of a Soviet 
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test of this mode of operation is shown in figure 11. 


Witness to a super weapon? 





Nick Downie describes the strange lurid glow that flared silently over 
the Hindu Kush 


THE SUNDAY TIMES, 17 AUGUST 1980 


(Multiple incidents in Sept., 1979) 
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Figure 12. Tesla EMP Globe 
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The volume of the Tesla fireball can be vastly expanded to yield a 
globe which will not vaporize physical vehicles but will deliver an 
EMP to them to dud their electronics. A test of this mode is shown in 
figure 12. (See also Gwynne Roberts, "Witness to a Super Weapon?", 
the London Sunday Times, 17 August 1980 for several other tests of 
this mode at Saryshagan, seen from Afghanistan by British TV 
cameraman and former War Correspondent Nick Downie.) 


If the Moray generators fail anomalously, then a continuous mode 
limited in power and range could conceivably be sustained by 
powering the interferometer from more conventional power-sources 
such as advanced magnetohydrodynamic generators. 
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Figure 13. Tesla ABM Defenses 
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Figure 14. Moray/Tesla Technology: Star Wars Now 


Typical strategic ABM uses of Tesla weapons are shown in figure 13. In 
addition, of course, smaller Tesla howitzer systems for anti-tactical ballistic missile 
defense of tactical troops and installations could be constituted of more 
conventional field missile systems using paired or triplet radars, of conventional 
external appearance, in a scalar interferometer mode. 


With Moray generators as power sources and multiply deployed reentry 





vehicles with scalar antennas and transmitters, ICBM reentry systems now can 
become long range "blasters" of the target areas, from thousands of kilometers 
distance (figure 14). Literally, "Star Wars" is liberated by the Tesla technology. And 
in air attack, jammers and ECM aircraft now become "Tesla blasters." With the 
Tesla technology, emitters become primary fighting components of stunning power. 


The potential peaceful implications of Tesla waves are also enormous. By 
utilizing the "time squeeze" effect, one can get antigravity, materialization and 
dematerialization, transmutation, and mindboggling medical benefits. One can also 
get subluminal and superluminal communication, see through the earth and through 
the ocean, etc. The new view of phi-field also provides a unified field theory, 
higher orders of reality, and a new super-relativity, but detailing these possibilities 
must wait for another book. 


With two cerebral brain halves, the human being also has a Tesla scalar 
interferometer between his ears. And since the brain and nervous system processes 
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avalanche discharges, it can produce (and detect) scalar Tesla waves to at least a 
limited degree. Thus a human can sometimes produce anomalous spatiotemporal 
effects at a distance and through time. This provides an exact mechanism for 
psychokinesis, levitation, psychic healing, telepathy, precognition, postcognition, 
remote viewing, etc. It also provides a reason why an individual can detect a "stick" 
on a radionics or Hieronymus machine (which processes scalar waves), when 
ordinary detectors detect nothing. Unfortunately there is not room to develop the 
implications of this human Tesla interferometry in detail, for that must wait for yet 
another book, presently in its initial stages, that Hal Crawford and I are writing. 


Table 5. Orders of Reality 
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Figure 15. Implications of Tesla Potential 


SOLUTIONS 


At the July 1981 U.S. Psychotronics Association's Annual Conference in 
Dayton, Ohio, I presented the first rough paper on the Tesla secret and scalar 
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interferometry. A videotape of the presentation was made and will shortly be 
available. I am also scheduled to make a special presentation at the Alternate 
Energy Conference in Toronto, Canada in latter October, 1981. A professional, 
videotaped two-hour presentation on this subject is also being prepared. Wide 
distribution of the material through the international underground physics and 
technology network has already been made. This time, God willing, Tesla's secret 
will not be suppressed for another 80 years! 

And perhaps it is not yet too late. The material has cost me (now) some 16 
years of agonizing labor and nearly $100,000 of my own personal funds. No 
orthodox university, scientific group, foundation, or governmental agency would 
support such an effort, either financially or otherwise. Indeed, most ordinary 
journals will not even accept material on such matters. Nonetheless, the area is of 
overwhelming importance and I truly believe Tesla's lost secret will shortly affect 
the lives of every human being on earth. 

Perhaps with the free and open release of Tesla's secret, the scientific and 
governmental bureaucracies will be. shocked awake from their slumber, and we can 
develop defenses before Armageddon occurs. Perhaps there is hope after all -- for 
even Brezhnev, in his strange July, 1975 proposal to the SALT talks, seemed to 
reveal a perception that a turning point in war and weaponry may have been 
reached, and that human imagination is incapable of dealing with the ability to 
totally engineer reality itself. Having tested the weapons, the Soviets must be aware 
that the ill-provoked oscillation of timeflow affects the minds and thoughts -- and 
the very lifestreams and even the collective species unconsciousnesses -- of all 
lifeforms on earth. They must know that these weapons are two-edged swords, and 
that the backlash from their use can be far more terrible to the user than was the 
original effect to his victim. 

If we can avoid the Apocalypse, the fantastic secret of Nikola Tesla can be 
employed to cure and elevate man, not kill him. Tesla's discovery can eventually 
remove every conceivable external human limitation. If we humans ourselves can 
elevate our consciousness to properly utilize the Tesla electromagnetics, then Nikola 
Tesla -- who gave us the electrical twentieth century in the first place -- may yet 
give us a fantastic new future more shining and glorious than all the great scientists 
and sages have imagined. 
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TOWARD A NEW ELECTROMAGNETICS 


Part III: Clarifying the Vector Concept 


© 1983 T.E. Bearden 
-- IMPLICATIONS -- 


Some of the fundamental concepts of the new 
Tesla electromagnetics are presented. The new 
concepts have startling implications: 

(1) No force or force field exists as such in 
vacuum. 

(2) Hertzian (transverse) electromagnetic waves 
do not travel through the vacuum, just as Tesla stated. 

(3) Forceless, massless Tesla (scalar) 
longitudinal waves actually transit the vacuum. Tesla 
called them "electrical sound waves." 

(4) At present there are actually four different 
FUNDAMENTAL TYPES of vectorial entities in 
physics, erroneously confused as one and the same. 

(5) Tesla longitudinal scalar waves are also 
"time" waves and can affect anything and everything 
that exists in time. 

(6) The fundamental constants of nature (which 
exist in time) can be altered by Tesla scalar waves, 
which oscillate the values of the constants. 

(7) Every vector and scalar has an internal 
substructure, which can be independently affected and 
changed. This allows the direct engineering of the 
virtual state and the vacuum itself. 

(8) All observable forces (electrical, mechanical, 
gravitational, etc.) arise in, on, and OF the actual 
substructure of the "accelerating mass particle" itself, 
not as an "external" massless force or force field 
applied "to" a mass . 

(9) Physical reality itself -- and the "physical 
laws of nature" 
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can be deliberately changed and engineered. 

(10) All "physical reality" is totally internal to 
the physical changes of the mass particles of the 
detector system of the observer. 

(11) Relativity's speed of light limitation applies 
only to the changes of the basic mass particles of the 
detecting instrument. 

(12) Detection of superluminal effects cannot be 
accomplished by a "single stage" or "single shift 
" (single interaction) detector . 

(13) Detection of superluminal effects is 
permitted by "multiple stage" or "multiple shift" 
interactions where the last interaction is a conventional 
interaction of photon vs. detector particle. (The two- 
slit apparatus for detection of electron diffraction is an 
example. First, the superluminal DeBroglie waves 
interact with the slits, which are "tuned" toward the 
electron's DeBroglie wavelength. The interaction with 
TWO slits produces subluminal interference effects, 
which then interact back upon the physical electron. 
The apparatus is thus an electron interferometer 
capable of detecting superluminal waves by a two- 
stage interaction). 

(14) Interference is the most common first-stage 
superluminal interaction to accomplish "downshifting" 
superluminal entities to luminal or subluminal 
velocities. Superposition of superluminal "phase" 
waves (such as deBroglie waves, which individually 
always move faster than the speed of light) interferes 
the waves to create a subluminal group velocity, which 
may then interact with an ordinary mass particle in the 
detection system. 

(15) Any otherwise physical vector must exist 
as an unzipped (segmented) or "shadow" vector in 
vacuum. "Radiation" of a vector EM wave from the 
electron gas in an antenna into vacuum results in the 
"choking off" of the mass of the transversely oscillating 
electrons in the antenna. Since the spinning electron 
mass is the "zipper" that makes or comprises the 
physical vector in the first place, this throttling of the 
mass flow unzips the E and B vectors, leaving whirling 
(massless magnetic scalar potential) segments of 
massless charge flux (massless electrostatic scalar 
potential). This unzipped whirling pattern of charge 
flux (scalar massless A/®) is what radiates into vacuum 
and propagates through it. This is a special kind of 
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scalar wave pattern, not a physical or vector wave. 

(16) The spin of a charged particle is the 
mechanism for integrating or "zipping together" the 
individual virtual fragments of a shadow vector into a 
real (observable) vector. For "uncharged particles" 
such as neutrons, it is the spins of its virtual charged 
components. that accomplish the integration or zipping. 

(17) All fundamental charged particles are 
constantly accelerated. There is no such thing as an 
"unaccelerated" particle, except as a gross average over 
time or length. Further, all of them are spinning. 

(18) All changes to and from a physical vector 
or scalar system must arise in and come from its own 
internal substructure, which is zipped to its spinning 
particle of mass. 

(19) All fundamental particles are charged 
internally. That is, they are dynamic assemblages of 
smaller charged particles. If the average sum of the 
total internal charge is essentially zero over some 
finite, small increment of time, the particle is externally 
uncharged. If the sum is not essentially zero, the 
particle is also externally charged. 

(20) There are no static physical things in 
existence. In physical reality, something appears 
"static" only at a particular level. Upon sufficiently 
fine examination, it is composed of accelerating parts, 
and thus comprised of "fluctuations." 

(21) Since (a) the basic physical (mass) vector 
consists of a "smeared particle," where particle and 
smear are inseparable, (b) the conceptual particle also 
is accelerated, and (c) the "smearing" is for a small 
increment of time and a small increment of length; then 
the basic constituency of "physical reality" is 
inseparable "force x time x length," or action. The 
basic "quantum" of physical change is thus comprised 
of action. 

(22) Since to "detect" we must "stop" the action, 
separate or split the quantum into two pieces 
("canonical" pieces) , and compare (measure) one piece 
by throwing away the other, then each physical 
observable must have a differential operator (the 
"separating agent") corresponding to it. This accounts 
for the fundamental postulate of quantum mechanics 
whereby every observable has a corresponding 
operator. Further, since what remains is totally relative 
to what was split out and thrown away, physical change 
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is totally "relative." This accounts for the fact that 
observed reality is relative, each part to each other. 

(23) As a special case, we may assume that we 
can evaluate a physical change at a point (without 
length). If so, when we discard length, the remaining 
basic vector is momentum. This approximation holds 
only so long as the system to which it is applied 
essentially does not change over the quantal fragment 
of length discarded -- 1.e., it holds for the linear case. 
Conservation of momentum, then, is violated when 
sufficient nonlinearity in length is present. 

(24) As a second special case, we may assume 
that we can evaluate a physical change in a spatial 
manner (without time). If so, when we discard time, 
the remaining basic vector is energy (has the units of 
energy or work). This approximation holds only so 
long as the system to which it is applied essentially 
does not change over the quantal fragment of time 
discarded -- 1.e., it holds for the linear case. 
Conservation of energy, then, is violated when 
sufficient nonlinearity in time is present. Since a 
"virtual change" a priori is defined as a total 
nonlinearity in the observer's quantal time increment 
but not outside it, then virtual interactions can and do 
violate conservation of energy within that time 
increment, but not out of it -- so long as the time 
interval itself is considered linear. If the time interval 
is sufficiently nonlinear, then the virtual change may 
result in violation of the conservation of energy 
externally to the time increment. In that case, an 
"observable change" results . 

(25) As a third special case, we may assume 
that we can evaluate the "instantaneous value" of a 
physical change at a static point in space. To do so, we 
must discard both time (to be instantaneous) and length 
(to be at a spatial point), and the remaining basic vector 
is force. This approximation holds only so long as the 
system to which it is applied essentially does not 
change over the quantal fragment of time or the quantal 
fragment of length discarded. Conservation of force, 
then, is violated when sufficient nonlinearity in time or 
length is present. 

(26) A new conservation of energy law is 
required, one which unites the present conservation of 
energy law with an altered form of the conservation of 
charge law. Briefly, the total equivalent of mass, 
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observable energy, and massless charge (anenergy) is 
conserved. 

(27) All AL and At fragments are produced and 
destroyed one at a time, in the action fissioning of a 
single quantum of action (detection process). Each VL 
and Vt is discretized but not quantized. Since quanta 
do not superpose, the "external universe" is continually 
created and destroyed in the detector's mass system, 
one quantum at a time, at a very high rate. This 
interpretation gives physical meaning to the creation 
and annihilation operators of quantum mechanics. 

(28) Since the detecting mass system is itself 
continually created and destroyed one quantum at a 
time, ultimately all is mind changes, and only mind 
changes. The observer's life, mind, and being 
transcend all materialistic interpretations of reality -- as 
indeed does the very fact of the "existence" of a 
perceived external universe. 


Next Page 
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TOWARD A NEW ELECTROMAGNETICS 
PART II: CLARIFYING THE VECTOR CONCEPT 


-- Electrical Physics Presently Has a Mindset -- 


In examining the foundations of geometry, 
mechanics, and electromagnetics, it becomes strikingly 
clear that substantial -- even grave theoretical errors 
were made early on and perpetuated into the existing 
theory. These errors are now so firmly entrenched that 
they form a part of the "mindset" of almost all 
physicists, engineers, and scientists. 

So ingrained are these errors and inconsistencies 
that the orthodox scientist/theoretician finds it almost 
impossible to break out of them. 

The present mindset is analogous to the 
Newtonian mindset which so fiercely resisted the new 
ideas of relativity, shortly after the turn of the century. 
However, after a few scientists formulated the rules 
and theory of the "relativity mathematics game," a new 
generation of students, not yet so firmly engrained in 
the Newtonian mindset, could grasp the new relativity 
when their teachers expounded it. 


In this short series of papers I will roughly 
outline where the founders of mechanics and 
electromagnetics went wrong, and indicate the way to 
correct the fundamental errors. In addition, I will 
briefly point out some of the implications, and speak of 
some direct experimental proof. 


Next Page 
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TOWARD A NEW ELECTROMAGNETICS 
PART II: CLARIFYING THE VECTOR CONCEPT 


NOTES AND REFERENCES 


1. Bearden, T. E., "Comments on the New Tesla 
Electromagnetics: Part I: Discrepancies in the Present 
EM Theory;" "Part II: The Secret of Electrical Free 
Energy," Tesla Book Company, 1580 Magnolia Ave., 
Millbrae, CA 94030, 1982. 


2. Bearden, T. E., "Solutions to Tesla's Secrets and the 
Soviet Tesla Weapons," Tesla Book Co., 1981. Also 
Ratzlaff , John T., "Reference Articles for Solutions to 
Tesla's Secrets," Tesla Book Co., 1982. 


3. Note we are applying the rule, "A thing is that 
which it does, and it does that which it is." Actually 
this is one statement of a fourth fundamental law of 
logic not incorporated by Aristotle. See Bearden, "A 
Conditional Criterion for Identity, Leading to a Fourth 
Law of Logic," DTIS report, available through the 
National Technical Information System, Port Royal 
Road, Springfield, VA 22161. 


4. Specifically, the resulting theory becomes a 
curtailed, special case of the much more fundamental 
electrodynamics and electromagnetics that actually exist 


5. We point out here that measuring a field of force 
existing in the electron gas in a probe of the measuring 
instrument is not at all the same thing as measuring a 
force in the vacuum, nor does it establish that a force 
exists in vacuum. Indeed, it is already well known that 
the FIELD concept itself will not withstand rigorous 
logical examination. For a discussion rather clearly 
showing the present difficulty in defining a field, see 
Robert Bruce Lindsay and Henry Margenau, 
Foundations of Physics, Dover Publications, New 
York, 1963, pp. 283-287. Note particularly on p. 283 
that a "field of force" at any point is actually DEFINED 
only for the case when a unit mass is present at that 
point. It is then illogically ASSUMED that the force 
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continues to exist at the point in the ABSENCE of the 
mass, which of course need not follow at all. On p. 
284, note the similar logical paradox connected with 
the idea of a scalar gravitational potential field. The 
potential (field) is only defined at a point when mass is 
present at that point, .and it is specifically defined as 
the potential energy per unit mass for a particle present 
at that point. IF THERE IS NO MASS PRESENT, 
NEITHER A FORCE VECTOR FIELD NOR A 
SCALAR POTENTIAL FIELD IS DEFINED 
THERE. ASSIGNMENT OF THESE FIELDS TO 
THE POINT IN THE ABSENCE OF THE MASS IS 
AN ASSUMPTION, NOT AT ALL A DEFINITION. 
SINCE A TRUE DEFINITION IS AN IDENTITY, 
THEN THE ENTITY IDENTIFIED (DEFINED) TO 
INCLUDE THE PRESENCE OF MASS IS NOT 
IDENTICAL TO THE ENTITY RESULTING WHEN 
THAT MASS IS ABSENTED. 

To see just how arbitrary and postulational are 
present. "definitions" of mass and force, see Lindsay 
and Margenau, op. cit., pp. 84-101. Also see Richard 
P. Feynman, Robert B. Leighton, and Matthew Sands, 
The Feynman Lectures on Physics, Addison-Wesley, 
New York, Vol.1,. 1963, Fourth Printing July 1966, p.2- 
4 for a definition of the electric field in the context of 
its POTENTIALITY for producing a force. Again, the 
force only exists when a particle of mass is present. 
From these examples, one can see the implication that 
A PHYSICAL FIELD IS SOMETHING SUCH THAT, 
WHEN A MASS IS INTRODUCED INTO IT, THE 
MASS EXHIBITS AN EFFECT. For a "force field," 
this is tantamount to stating that there exists some 
mechanism connected with a field which, in the 
presence of a mass causes a force to be exhibited. In 
that case the force is an EFFECT, not a cause, and 
there is a more fundamental mechanism that 
GENERATES FORCE ITSELF. See also field 
discussions in Feynman, Richard, The Character of 
Physical Law, M.I.T. Press, Cambridge, MA, March 
1967, 2nd printing September 1967, passim. 


6. While in Europe prior to 1881, Albert Abraham 
Michelson performed his first interferometer 
experiments to determine the velocity of the earth 
through the ether, obtaining essentially null results. At 
the Case School of Applied Science in Cleveland, 
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Ohio, he perfected his interferometer experiment from 
1883 to 1887, assisted by a colleague, chemist Edward 
Williams Morley. By 1887 the results were ready and 
announced. Michelson himself thought his experiment 
had proven Stokes' theory of an ether dragged along by 
the earth in motion, and thus motionless with respect to 
the earth. This was at odds, however, with certain 
other experiments indicating a moving ether. The 
Michelson-Morley experiment was finally reconciled 
with these other experiments by Fitzgerald's suggestion 
in 1892 that the physical dimensions of material bodies 
are altered when they are in motion. In 1907 
Michelson was awarded the Nobel prize, the first 
American to receive it in the sciences. 


7. See Lindsay and Margenau, Foundations of Physics, 
1963, pp. 324-326; D. C. Miller, "The Ether Drift 
Experiment and the Determination of the Absolute 
Motion of the Earth," Reviews of Modern Physics, 
Vol. 5, p. 203, 1933. Actually the experiments did not 
yield a conclusively null result, but rather showed large 
systematic trends. For a typical elimination of the 
systematic trends, see Handschy, M. A., "Re- 
examination of the 1887 Michelson-Morley 
experiment," American Journal of Physics, Vol. 50, 
No. 11, Nov. 1982, pp. 987-990. See Rho Sigma, 
Ether-Technology, CSA Printing & Bindery, Lakemont 
Georgia, 30552, 1977 for several enlightening points 
on the vacuum ether: See A. K. Lapkovskii, 
"Relativistic Kinematic Equations and the Theory of 
Continuous Media," Soviet Physics Journal, Vol. 21., 
No. 6, June 1978 for an abstract describing Soviet 
utilization of the concept of a small particle (called by 
Bearden a quiton, in Quiton/Perceptron Physics, DTIS, 
1973) of the medium. See Belyaev, B. N., "On 
Random Fluctuations of the Velocity of Light in 
Vacuum," Azvestiya Vysshikh Uchebnykh Zavedenii, 
Fizika, No. 11, Nov. 1980, pp. 37-42, translation by 
Plenum, for discussion of the proven variation of the 
speed of light in vacuum; the velocity of light in a 
vacuum on earth is measured to be higher than the 
velocity of light in the vacuum of deep space. See 
Graham, G. M. & Lahoz, D. G., "Observation of 
static electromagnetic angular momentum in vacuo," 
Nature, Vol. 285, 15 May 1980, pp. 154-155 for the 
first direct observation of free electromagnetic angular 
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momentum in vacuum. See Davies, Paul, "Something 
for nothing," New Scientist, 27 May 1982, pp. 580- 
582 for a discussion showing that modern theories of 
the vacuum reveal that even empty space is seething 
with activity; an ether of sorts emerges from vacuum 
fluctuations due to quantum mechanics considerations. 
See Hooper, William J., "All-Electric Motional Electric 
Field Generator," U.S. Patent No. 3,610,971, October 
5, 1971 for a generator which produces a gravitational 
or inertial field. Einstein suggested that vacuum, 
complete with electromagnetic and gravitational fields, 
be called the ether. Dirac certainly did not abandon an 
ether, for in 1954 he stated "The aetherless basis of 
physical theory may have reached the end of its 
capabilities and we see in the aether a new hope for the 
future." James Clerk Maxwell derived his famous 
equations based on an ether theory. Sir Arthur 
Eddington also believed firmly in an ether. Sir Oliver 
Lodge actually pointed out the dilemma which yields 
the approach in this paper: writing of the ether in his 
book, The Ether of Space, Harper & Bros., New York, 
1909, he stated: "We have no means of getting hold of 
the ether mechanically; we cannot grip it or move it in 
the ordinary way: we can only get it electrically. We 
are straining the ether when we charge a body with 
electricity; it tries to recover, it has the power of 
recoil.... "But when electrical theory was being 
founded, scientists thought of space as something 
rather fixed, and FILLED WITH a thin material ether. 
They did not realize that space itself does not exist 
except after an observation; before the observation, 
spacetime exists -- indefinite in both length and time. 
They did not know that electrostatic scalar potential in 
fact was spacetime, hence also the vacuum and the 
ether. In assuming that the charge of vacuum is zero 
and that charge and charged mass are identical, they 
hid the answer to the dilemma and placed the 
foundations of electromagnetics on its present unsound 
basis. 


8. The field, of course, is indeed a highly useful 
concept and this author certainly does not recommend 
its abandonment. Instead, he recommends that it be 
placed on a sounder logical basis. 


9. Specifically, they came to feel that the "electric 
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field" which was improperly defined -- was what was 
waving. 


10. In fact Einstein once proposed that the vacuum, 
complete with its electromagnetic and gravitational 
fields, should be called the ether. His proposal was not 
adopted. (See Born, Max, Einstein's Theory of 
Relativity, Revised Edition, Dover Publications, New 
York, 1965, p. 224. ) 


11. Particularly from the work of Schrodinger, Born, 
Dirac and others. 


12. For example, see Lindsay and Marge. nau, op. cit., 
pp. 287-288. A physical vector is thought to be defined 
by its magnitude, its direction in space, and its 
transformation characteristics. Actually that is a 
geometrical vector, not a physical vector. It does not 
tell us WHAT A VECTOR CONSISTS OF, but only 
tells us some of its important characteristics. 
Remember that a true definition must be an identity. 


13. Here a reading of Lindsay and Margenau, op. cit., 
pp. 79-81 may prove enlightening. Also note that 
velocity, or L/T considered "at an instant" (stopped), 
represents an idea of "motionless motion" and is an 
application of the fourth law of logic. For a discussion 
of the fourth law of logic and its usage, see Bearden, 
Thomas E., "A Conditional Criterion for Identity, 
Leading to a Fourth Law of Logic," Specula, Journal of 
the A.A.MLS., P.O. Box 1182, Huntsville, AL 35807, 
combined Vol. 3, No. 4/Vol. 4, No. 3, Oct 1980 - Mar 
1981, pp. 50-57 (also available from Defense Technical 
Information Service). 


14. Note this is an identity of opposites, which 
explicitly violates the three Aristotlean laws of logic. 
See Bearden, "A Conditional Criterion for Identity, 
Leading to a Fourth Law of Logic," loc. cit., 1981. 


15. Again note the fourth law of logic: zero motion 
(the absence of motion) being recognized as a special 
case of the presence of motion. Also, physical reality 
consists of internested levels, and any physical object 
has an internal substructure of nested levels of finer 
structure, extending down into the virtual 
(nonobserved) state. For a vector to model (apply to) a 
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physical object, it itself must be modeled in such 
fashion as to reflect this kind of substructure. Thus the 
use of geometrical vectors as models of physical 
objects in motion is presently flawed in a fundamental 
fashion. 


16. The reader is most strongly urged to read Morris 
Kline, Mathematics: The Loss of Certainty, Oxford 
University Press, New York, 1980 as a prelude to 
understanding what mathematics is and is not, and 
what it does and does not. 


17. Refer to Lindsay & Margenau, op. cit., pp. 79-81 
to see how the ideas of motion and vector are 
inextricably entangled with the idea of a particle. 


18. Call it uncertainty or call it constituency; a 
quantum change is composed of two canonical entities 
inextricably welded together into a single entity. 


19. Time is an unavoidable, nonexclusive constituency 
of the welded quantum. 


20. Simply from the definition of force as 
CONSISTING OF a time- and length-smeared mass 
motion change. 


21. The force is an effect, not a cause. It IS the 
smeared charged particle. It is CAUSED by a more 
fundamental mechanism. It is the result of the 
combination of (1) a nonzero del phi, and (2) the 
presence of a spinning charged particle. IN A DEL 
PHI, THE SPINNING CHARGED PARTICLE 
ACCELERATES ITSELF! This is the fundamental 
secret of free energy that was suppressed, to bury the 
fundamental work of Nikola Tesla, shortly after Tesla 
was forced to abort his Wardenclyffe attempt to 
provide the world with free energy. 


22. To quote: "The Hertz wave theory of wireless 
transmission may be kept up for a while, but I do not 
hesitate to say that in a short time it will be recognized 
as one of the most remarkable and inexplicable 
aberrations of the scientific mind which has ever been 
recorded in history. " Nikola Tesla, "The True 
Wireless, " Electrical Experimenter, May 1919, p. 87. 
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23. De Beauregard, O. Costa, "Running backwards 
the Mermin device: Causality in EPR correlations," 
American Journal of Physics, Vol. 51, No. 6, June 
1983, p. 515. 


24. Note the Soviet scientist Kozyrev's experiments 
with time waves. See Kozyrev, N. A., "Possibility of 
Experimental Study of the Properties of Time," 
September 1967, pp. 1-49, in JPRS 45238, May 1968. 
Kozyrev reports real physical effects from the 
oscillation of time. Also, note that scalar potential 
energy of appreciable size with respect to a particle's 
rest energy can force the situation to be relativistic, 
even though the velocity of the particle with respect to 
the velocity of light is small. That is, electrostatic 
scalar potential alone can cause variation in the rate of 
flow of time and hence vary physical characteristics. 
See Bloch & Crater, "Lorentz-invariant potentials and 
the non-relativistic limit," American Journal of 
Physics, Vol. 49, No.1, 1981, pp. 67-75. By inference, 
oscillating the electrostatic scalar potential can produce 
time waves and lead to direct physical effects. 


25. It is already shown in the literature that the 
electrostatic scalar potential (ESP) can affect spacetime 
(ST) in the same manner as velocity. Cf Bloch & 
Crater, op. cit., 1981. Now note that, to any quantal or 
macroscopic observer, the existence of the 4-space 
volume of ST implicit in (At)(Av), where v is volume, 
cannot be separated from the existence of the 
subquantal entities that exist therein. We therefore 
DEFINE the magnitude of the ESP as the summation 
of the absolute values of all the internal virtual vectors 
in the (At)(Av) quantum of ST, divided by the absolute 
value (magnitude) of (At)(Av). We take the view that 
no such thing as "unstressed" ST physically exists, and 
that "spacetime" and "stressed spacetime" are 
identical. Hence ESP and ST are one and the same 
thing. Note that this implies that the virtual density of 
ST is variable, and is nothing but the magnitude of the 
ESP. In EM theory, the assumption that the ESP of 
vacuum (Wo) is equal to zero is in serious error. In 


fact, Oo IS "spacetime of the laboratory observer," in 
the new view. 


26. For example, the definition of the electrostatic 
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potential (ESP) is usually taken as "the work which 
must be done against electric forces to bring a unit 
charge from a reference point to the point in question; 
the reference point is located at an infinite distance, or, 
for practical purposes, at the surface of the earth or 
some other large conductor." (McGraw-Hill 
Dictionary of. Scientific and Technical Terms, ed. 
Daniel N. Lapedes, second edition, 1978, p. 518.) 
Note that this is NOT a definition at all, for it is not an 
identity. Instead, it is the statement that, if an ESP 
exists at a point and a unit charged mass (assumed to 
be at a point) is brought in from infinity toward the 
ESP location point, the amount of work it is necessary 
to expend upon the mass of the particle is equal to the 
magnitude of the ESP. The ESP exists whether or not 
any work at all is expended, and whether or not a 
charged unit mass is brought in. To adequately define 
ESP, we must define its identity, or what it consists of, 
in the absence of mass, since we have conceived the 
ESP to exist at a vacuum point. Further, the definition 
usually taken is completely a 3-space definition. 
Instead, in our new view the ESP is to be taken at a 
point in n-space, where n is equal to or greater than 4. 


27. See Bearden, Quiton/Perceptron Physics, 1973, 
available through the DTIS. See also Bearden, The 


Excalibur Briefing, Strawberry Hill Press, San 
Francisco, CA, 1980. Ultimately all physical 
phenomena are mindchanges in the minds of all the 
observers. 


28. And then assumes this summation value is zero. 
29. See note 25 above. 


30. Bearden, The Excalibur Briefing, Strawberry Hill 
Press, San 
Francisco, CA, 1980. 


31. Cf Rauscher, E. A., "Electromagnetic and Non- 
Linear Phenomena in Complex Minkowski Spaces," 
Tecnic Research Laboratories, 64 Santa Margarita, San 
Leandro, CA 94579. Presented at the 1983 March 
Meeting of The American Physical Society in Los 
Angeles, CA 21-25 March, 1983. This is a truly 
remarkable paper of great significance. Rauscher, a 
world-class physicist, has presented a new theoretical 
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model for some rather extraordinary possible 
extensions of present electromagnetics. 


32. Cf Muses, Charles, Introduction to Jerome 
Rothstein's Communication, Organization, and 
Science, The Falcon's Wing Press, Indian Hills, 
Colorado, 1958. The entire foreword by Muses is a 
remarkable document, which analyzes the structure of 
time itself. See also his profound summary paper, 
"Hypernumbers II" in the January 1978 issue of 


Applied Mathematics and Computation, published by 
Elsevier. 


Next Page 
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TOWARD A NEW ELECTROMAGNETICS 
PART III: CLARIFYING THE VECTOR Help support the work 
CONCEPT 


ADDITIONAL NOTES AND REFERENCES 


Although quotes and direct utilization of 
material from these references were not 
incorporated in this paper, the following 
references were also consulted. In addition,’ 
several notes are added for further clarity. 


33. Rupert Sheldrake, A New Science of Life: The 
Hypothesis of Formative Causation, J. P. Tarcher, Inc., 
Los Angeles, CA, 1981. @, the electrostatic scalar 
potential field, in my opinion is actually the 
morphogenetic field that Sheldrake proposes. 


34. Briefly, by a "particle" we mean an entity so 
constructed that, if any part of it changes all of it 
changes. From the viewpoint of the particle, this 
implies that to change is to detect, and to detect is to 
change. Also, internal and external become 
synonymous, in the "detected" sense. The idea of a 
"fundamental particle" in physics actually invokes the 
fourth law of logic implicitly. 


35. Only if a thing dimensionally contains time, can it 
"occupy time." This point is so obvious that one 
wonders how so many of the scientists and 
mathematicians seem to have missed it. By this 
criterion, e.g., mass does not exist in time, a priori. To 
"observe" or detect, in fact, means to stop time, thus 
collapsing the wave function. However, it reduces the 
observable or detectable to a spatial quantity, not a 
spatiotemporal quantity. In other words, the ordinary 
scientific method destroys a part of reality in each 
detection or measurement, yielding only a partial truth. 
not fundamental truth. 


36. Note that electrostatic scalar potential is actually 
infinite-dimensional and hyperspatial. The coverage of 
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this paper is still only a special case. By Tesla 
technology, it is possible to do direct engineering in 
hyperspace -- beyond our present space and time, with 
all that that statement implies. 


37. Bob Sloan, "Nikola Tesla: The Greatest Inventor 
of all Time?". IEEE Antennas and Propagation Society 
Newsletter, June 1983, pp. 9-11. A very succinct 
summary of the importance Tesla played in ushering in 
the modern age. 


38. Gerald E. Brown and Mannque Rho, "The 
structure of the nucleon," Physics Today, Vol. 36, 
No.2, February 1983, pp. 24-32. Recommended as a 
summary of the new thinking as to the structure of the 
nucleon: a bag containing three quarks, surrounded by 
a cloud of mesons which squeeze the bag. 


39. John J. O'Neill. Prodigal Genius: The Life of 
Nikola Tesla. Angriff Press, P.O. Box 2726, 
Hollywood, CA 90028, new printing 1981. 


40. Margaret Cheney, Tesla: Man Out of Time, 
Prentice-Hall, Englewood Cliffs, NJ, 1981. 


41. John T. Ratzlaff and Leland I. Anderson. Dr. 
Nikola Tesla 
Bibliography. Palo Alto. CA, 1979. Indispensable. 


42. Dr. Nikola Tesla: Selected Patent Wrappers, 
compiled by John T. Ratzlaff, multiple volumes. 1980. 
Available from The Tesla Book Company, 1580 
Magnolia, Millbrae, CA 94030. Tesla's 
correspondence with the U.S. Patent Office, when 
patiently trying to obtain patents. He spent a great deal 
of time trying to convince the Patent Office that his 
inventions would indeed work. Some of them required 
12 years to obtain, and then were "watered down" in 
the process. 


43. Thomas Commerford Martin, The Inventions 


Researches and Writings of Nikola Tesla, Originally 


published in 1894 by The Electrical Engineer, New 
York; republished in 1977 by Omni Publications, 


Hawthorne, CA 90250. 





44. Ernest Nagel and James R. Newman, Godel's 
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Proof, New York University Press, 1958. 


45. Yakov P. Terletskii, Paradoxes.in the Theory of 
Relativity, With a Foreword by Banesh Hoffman, 
translated from the Russian, Plenum Press, New York, 
1968. Of particular interest is the discussion on 
particles with imaginary masses, moving faster than the 
speed of light, contained in pp. 104-107. Such particles 
can in principle be experimentally detected. In fact, it 
would appear that the well known exchange of virtual 
particles between two other particles, such that each 
turns into the other, is such a case. (Note that protons 
and neutrons in the nuclei of atoms do precisely this.) 


46. Robert M. Besancon, Ed., The Encyclopedia of 
Physics, Second Edition, Van Nostran Reinhold, New 
York, 1974. Particularly see the discussion on the 
electron, pp. 272-274. Note this discussion predates 
Stanford University's experiments yielding fractional 
charge, though it does point out that several physicists 
had also reported measuring fractional charges on the 
electron. See also the discussions of ionization, 
Michelson-Morley experiment, the photon, and 
propagation of electromagnetic waves. 


47. Robert Eisberg and Robert Resnick, Quantum 
Physics of Atoms, Molecules, Solids, Nuclei, and 
Particles, John Wiley & Sons, New York, 1974. 





48. R. K. Bullough and P. J. Caudrey, eds., Solitons, 
Springer-Verlag, New York, 1980. 


49. James Dale Barry, Ball Lightning and Bead 
Lightning, Plenum Press, New York, 1980. Note 
particularly p.196, for a short discussion on flashless 
discharges. An extensive bibliography is also included. 


50. Harley D. Rutledge, Project Identification, The 


First Scientific Field Study of UFO Phenomena, 
Prentice-Hall Inc., Englewood Cliffs, NJ, 1981. 


51. John J. Reitz, Frederick J. Milford, and Robert W. 
Christy, Foundations of Electromagnetic Theory, Third 
Edition, Addison-Wesley, Reading, MA, 1979. 

52. The entire series of handbooks by William Corliss, 


dealing with anomalies and unusual natural phenomena 
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of all kinds. Corliss is a national treasure, and his 
handbooks are absolutely indispensable. 

See particularly his Handbook of Unusual Natural 
Phenomena, The Sourcebook Project, Box 107, Glen 
Arm, MD 21057, 1977 and his Lightning, Auroras, 


Nocturnal Lights, and Related Luminous Phenomena, 
1982. 


53. Bernard d'Espagnat, Conceptual Foundations of 
Quantum Mechanics, W. A. Benjamin, Menlo Park, 
CA, 1971. 


54. D.W.G. Ballentyne and D.R. Lovett, A Dictionary 
of Named Effects and Laws in Chemistry, Physics and 
Mathematics, Fourth Edition, Chapman and Hall, New 
York, 1980. Check this neat little book to discover 
some very odd effects in materials. 


55. David Bohm, The Special Theory of Relativity, W. 
A. Benjamin, New York, 1965. 


56. Albert Einstein, Relativity: The Special and the 
General Theory, Crown Publishers, New York, 1961. 


See particularly the discussion of relativity and the 
problem of space, in Appendix V. 


57. Edwin F. Taylor and John Archibald Wheeler, 
Spacetime Physics, W. H. Freeman and Co., San 
Francisco, 1966. Note particularly the discussion on 
observers and frames in the first two dozen pages. On 
p.19, note that the notion of a frame requires an infinite 
observer distributed through each and every "point" 
that was clock-synchronized in a frame. Since all 
observers are localized, a better idea is to realize that 
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TOWARD A NEW ELECTROMAGNETICS 
PART II: CLARIFYING THE VECTOR 


CONCEPT 


-- It Started With Geometry and Grew -- 


At the very beginning of what we call the 
"scientific period," mathematics was both king and 
queen, and Euclidean geometry was its handmaiden. 
So we ask, "What precisely is geometry?" Here we are 
not interested in a "textbook" answer, but in an answer 


indicating what geometry really does.* In other words, 
with what does geometry concern itself, and what is the 
fundamental nature of those things with which it 
concerns itself? 

Briefly, geometry -- at its foundation -- is totally 
spatial. It is fitted to, and expressed in terms of, the 
TOTAL ABSENCE OF MASS. Thus the geometer 
deals in abstract, massless entities called "points," 
"lines," "planes" etc. When the geometer speaks of 
"motion," he speaks of a time-smeared, length-smeared 
point. Geometry at heart is massless, and a "geometer's 
vector" is a highly specific type of "system." In fact, it 
represents the "time-smearing" and "length-smearing" 
of a point. A priori, the fundamental concept of the 
geometrical vector has taken a "spatial" entity and 
introduced a hidden involvement with "time." 

Modern mathematics and physics have 
followed an intertwined development for several 
hundred years. And both sprang as offshoots of the 
original work of the geometers. Let us briefly sketch 
the overall path of interest taken by these two 
developing disciplines. 

With the advent of Descartes's fundamental work, 
algebra was combined with geometry to yield analytic 
geometry, a new and powerful mathematical tool. 

With the invention of calculus by Leibniz and Newton, 
both mathematics and physics received a giant 
impetus. Differential geometry and vector 
mathematics arose in full splendor and, in physics, 
mechanics leaped to the forefront with Newton's 
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profound work. 

But the mechanics made a most fundamental 
error when they simply applied the geometer's vector to 
a mass, to produce -- so they thought -- a mass vector. 
That which rigorously applies only to the absence of 
mass cannot be so lightly applied to the presence of 
mass without the risk of serious limitations in the 
resulting theory. The precise difference between a 
geometer's massless vector and a mechanic's mass- 
vector is one of the issues to be developed in this thesis. 

As rapid development continued in mechanics 
and mathematics, certain physicists were involved in 
intense experimental work on charged matter, 
becoming the first electricians. Both the preceding 
mathematical ideas and constructs as well as the 
preceding (partially erroneous) mechanics constructs 
and ideas were applied by the electricians, struggling 
with their pith balls, cat fur, and glass rods to 
understand, quantify, and model electrical forces and 
the phenomena of charged matter. In other words, the 
electricians strove to formulate the physics and 
dynamics of charged matter and its interactions by 
simply "adding to" the work of the geometers and 
mechanics. Here again, a fundamental logical error 
was made. That (geometry) which a priori applies only 
to the absence of mass, and that (mechanics) which a 
priori applies only to the absence of charge, cannot be 
lightly applied to the presence of charged mass (both 
mass and charge)4 without risking the incorporation of 
grave limitations in the resulting theory. 

After the profound work of Maxwell, the idea of 
FIELDS OF FORCE became more prominent, until the 


field concept ruled the day. The electricians 
continued, pushing the idea of fields into space and 
vacuum itself, along the way inventing the idea of 
"charge effects" existing even in the massless vacuum, 
with concomitant fields. Meanwhile, they had 
thoroughly confused chargeless point-smeared, 
chargeless mass-smeared, length-smeared and time- 
smeared vectors. 

After a set of fundamental experiments designed 
to detect motion of the material ether yielded 


essentially null results®, Michelson and Morley were 
regarded as having completely disposed of the ether -- 
even though the experiments only disposed of material 
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ethers, and not Lorentz-invariant non-material ethers/. 
Maxwell's equations and the field concept were 


elevated to profound importance. Then, after 
Einstein's fundamental relativity work shortly after the 
turn of the century, the ether concept faded away and 
the field concept reigned supreme. Indeed, in their 
enthusiasm the interpreters of relativity went so far as 
to affirm that one can have a wave without any 
medium; that is. that something can be moving 


(waving) without anything there to move!2 And with 
great glee they pronounced the final end to the idea of 
"ether" as a medium, even though Einstein himself 


never did any such thing? With the advent of 
Einstein's General Theory of Relativity, even matter 
came to be regarded as just a special "kink" or 
curvature in spacetime or "vacuum nothing." 

Quantum mechanics arose and even certainty and 
determination fell. Chaos, probability, and randomness 
now assumed the ruling position. Probability waves 


(and probability fields) arose, — as did quantum fields 
of various kinds. The intermingling of these concepts 
with the concepts of electrodynamics pushed the idea 
of the field even farther into esoteric realms. 

The point is, each of these developing disciplines 
incorporated and built on the foregoing disciplines. 
From the beginning of geometry, there was no rigorous 


definition of a vector, and there is none today. From 
the beginning of mechanics, in their foundations the 
theorists made grave logical errors by incorporating the 
geometer's vector; errors so great that today mechanics 
and electromagnetics are severely flawed, as is 
everything that came after them and built upon their 
illogical foundations. 
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CONCEPT 


-- Points and Motion -- 


It is my purpose in this paper to expose in a very 
simple fashion the most basic errors that were made. 


One basic error involves the idea of motion itself. 

In formulating concepts of motion, the 
geometers used a "point in motion" to determine or 
specify, for example, velocity. Now a "point" is a static 
concept a priori. To determine (or even to think and 
perceive) motion, one must determine that it occupies 
two different points (positions or locations) at two 
different times, yet consider both points at the same 
time. Indeed, that is precisely what the arrow means 
that is used to represent a vector. A "point in motion" 
therefore represents a contradiction of opposites. That 
is, it represents the idea that "that which is motionless 


has motion." 4 Even with this, there is a difference in 
a spatial point and a spatiotemporal (spacetime) point. 
To exist at all, a spatial point must be moving in time; 
in other words, it is a spatiotemporal line, even if it is a 
static spatial point. 

Vector analysis was constructed in the abstract -- 
again, a massless point in motion possessed or 
constituted a velocity vector, etc. In massless ( and 
timeless) space, FIELDS were defined: "scalar" fields 
constituted the assignment of a simple motionless 
number (magnitude) to each spatial point, while 
"vector" fields constituted the assignment of a "simple 
vector" (magnitude and velocity) to each spatial point. 
But the MATHEMATICAL vector system consisted of 


massless (point) motional relationships, recognizing 


‘ ; See 
zero motion as a special case of motion.— 


Of course mathematics development was also 
always intertwined with practical problems. With the 
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sustained application of mathematics to gross physical 
material problems, mechanics slowly arose. 

These developments required decades and even 
centuries to occur completely. All along the way, 
innovations and changes -- and additions to the 
mathematical formulism were being derived and taught 
to students as the "natural" system of reality. A 
permanent mindset was being forged. 

Indeed, mathematics was regarded as THE single 
human expression of fundamental truth. Not until 
Godel's work in the twentieth century did it become 
evident that MATHEMATICS IS SIMPLY A GAME 
PLAYED ACCORDING TO ASSIGNED RULES, 
AND THERE IS NO ULTIMATE TRUTH IN 


MATHEMATICS ALONE.“ It is a most useful game, 
of course, since it is the game fitted to perception. 

Thus it applies, essentially, to whatever can be 
perceived. But to be applied to physical systems, it 
must be changed, altered, updated, and fitted as the 
perceiving/detecting instruments become ever more 
subtle. 
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-- Four Types of Vectors Actually Emerged -- 


As the physical sciences slowly developed and 
incorporated abstract geometry and mathematics, in 
actuality four major types of vectors and two major 
states of observation evolved, although this fact did not 
become apparent to the scientists. Specifically, the 
mathematicians and scientists failed to recognize the 
differences in the four types of vectors, hopelessly 
intermingling them and confusing them as a single 
class of vector. Further, they did not appreciate that a 
fundamental vector conceptually is a UNITARY 
SYSTEM, and the system represented by one of these 
four types of vectors utilizes and is comprised of 
different components, "welded together with no seam 
in the middle." 

Conceptually (and from a systems viewpoint), 
the four types of vectors are (1) the chargeless, 
massless spatial system vector (geometer's vector), (2) 
the uncharged mass system vector (mechanic's vector), 
(3) the charged mass system vector (electrician's 
vector), and (4) the charged space system vector 
(advanced electrician's vector). These four 
fundamentally different vectors are shown in Figures 1, 
2, 4, and 9 in a simplified manner. 

The major problem was that, beginning with the 
geometer's vector, these four major types of vectors 
were not treated as systems. Instead, their "vector" 
aspects were hopelessly confused and intermeshed, and 
no distinctions were made between them. And in the 
foundations of the mathematical constructs, time- 
smearing was not recognized at all. 
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-- Quantum Mechanics Compounds the Problem -- 


In addition, the two presently recognized 
observation states -- observable and nonobservable 
(virtual) -- were of course unknown to the early 
geometers and electricians, and these ideas were not 
incorporated directly into the theoretical foundation. 

From particle physics and quantum mechanics, 
we now understand that physical reality is structured of 
an observable state, underlaid with an infinite number 
of ever finer, successive levels of virtual 
(unobservable) states. At least reality is most 
accurately modeled in that fashion, according to 
particle physics today. 

It is also well known, for example, that at the 
most fundamental level, one cannot actually separate 
nonmotion from motion (which implies, for example, 
that one cannot separate mass and velocity). In other 
words, a "mass in motion" idea is actually incorrect, at 
the most basic level. What actually exists is a sort of 
"smeared mass". That is, "mass-motion" is 
fundamentally what exists, not mass IN motion . 

Actually, all that the Heisenberg Uncertainty 
Principle implies is this fact: If one examines the 
concept of "static (non-smeared) thing in non-static 
(smeared) motion", in ever finer detail, one reaches a 
degree of fineness where the "smearing" is paramount 
and one cannot have an un-smeared or "separate static 
thing" to be in motion. Instead, one only has the 
smeared, 4-dimensional spacetime entity, without 3- 
dimensional spatial separations. 

This means, for example, that at the most basic 
level, it is actually incorrect to represent a momentum 
with a little static particle of mass connected to a 
spatial velocity vector. It is incorrect to think of the 
system as comprised of TWO SEPARATE ENTITIES, 
(1) a mass, and (2) a massless spatial system velocity 
vector (a geometer's vector). 

We mention in passing that, presently, we 
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understand that every particle is continually 
accelerating. First, the particle has spin, which 
involves rotation, which means that every "part" of the 
periphery of the particle is accelerated toward the 
center axis of spin. Second, every particle is 
continuously "fluctuating," and these fluctuations are 
accelerations. Further, we must consider any change 
such as an acceleration -- as existing in a small time 
increment, and occurring in a small length increment. 
Thus mass particles actually exist as (mass x 
acceleration x time x length). This of course has the 
dimensions of ACTION or angular momentum. The 
"real" world of physical matter, then, is composed of 
building blocks of action, called "quanta." Any other 
physical "quantity" must be obtained by fissioning 
(differentiating) the action quantum. For this reason, 
quantum mechanics presently must postulate that to 
every observable there corresponds an operator. 
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-- To Summarize Briefly -- 


Let us now summarize these concepts and further 
examine their impact. 

In physics, there must actually exist four major 
KINDS of vectors, rather than just one as prescribed by 
present interpretation. These vectors are "built" 


starting with four major kinds of particles. These are: 
(1) the spatial point, (2) an uncharged mass particle, (3) 
a charged mass particle, and (4) a charged spatial 
point. Further, each of the four vectors at its most 


fundamental level (that is, at the quantum level)!® is 
actually an inseparable, unitary SYSTEM welded into a 
single undivided entity containing time and existing 


nonexclusively in time. When we look at or 
represent the so-called "parts" of the system, we are 
looking at them before they are welded together into 
the physical vector. That is, whenever we speak of 
"parts, " we imply that a "cutting" or "differentiating" 
action has been implied to separate the system into 
such "parts." 

From such considerations, four different kinds of 
system vectors result. 
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(GEOMETER'S VECTOR) 


Figure 1. Uncharged spatial (massless) system vector. 


UNCHARGED SPATIAL (MASSLESS) SYSTEM 
VECTOR 
-- (Figure 1) -- 


This is the geometer's abstract vector, consisting 
of a "point in motion." (Actually, it is a "smeared 
point," for example.) However, so ingrained is the 
concept of a "point in motion" velocity vector that we 
now consider it to be "natural" because of its total 


familiarity. But simply ask, "WHAT is in motion?" 


and you immediately see the difficulty. To have a 
WHAT, one must "stop the action" (detect or measure), 
separating "static" from "non-static." Acceleration and 
other vectors, etc. have also been derived by the 
geometer and utilized in similar fashion. All are 
massless. 


Next Page 


http://www.cheniere.org/books/part3/UNCHARGED.htm?24. 11.2003 21:28:59 


TOWARD A NEW ELECTROMAGNETICS PART HI 


TOWARD A NEW ELECTROMAGNETICS 
PART II: CLARIFYING THE VECTOR CONCEPT 





(MECHANIC'S VECTOR) 


Figure 2. Chargeless mass system vector. 


CHARGELESS MASS SYSTEM VECTOR 
-- (Figure 2) -- 


This type of vector actually is the essential vector 
of mechanics, involving mass-motion (momentum), 
force (mass-motion change), etc. The fundamental 
difference between this type of vector and the 
geometer's vector is the presence of smeared mass 
existing in time (i.e., mass-time), welded together with 
a geometer's vector, but with no seam in the middle, 
into anew kind of "vector" AS A SYSTEM. The 
vector is the SYSTEM EXISTING IN TIME . 

To illustrate: 

"Momentum" is more properly referred to as 
"mass-motion" rather than "mass in motion." That is, 
at the fundamental level, the mass is NOT "separate" 
from its motion. It is NOT separated from the time in 
which the smearing occurs. The idea of momentum, 
however, is really to express the time-density of the 
mass-smeared-through-length. It is, in other words, the 
time rate of length-smearing of mass. Now in our 
minds we have conceived that 
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P = mov (1) 


where, by the symbol © we mean "coupled to"; but we 
actually have 


Pp = [mv] (2) 


where we are not allowed to separate (even in thought) 
mand VW. Quantum mechanics agrees with this 
essentially, because P is a canonical variable linked to 
length, in any observable physical change. (The 
REASON p is canonically linked to AL is because P 
is the time-rate of length-smearing of m. If there is no 
length, there is no length-smearing of m to have a time 
rate OF in the first place.) 

Note that, not only is 


Pp = (mv) (3) 
but also 
Pp = [mv] (4) 


which is a much stronger and quite different statement. 
That is, P is IDENTICALLY (MV ) not just 


calculably EQUAL TO (m)(‘W). This means that P 1S 
a SYSTEM that is COMPRISED of mass-motion. 
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-- What Force Is -- 


We now note that force, for example, is -- and 
may be defined as -- the time-rate of change of 
momentum, or 


Fid/dt{p] © 


and this identity states that a force -- any force is 
COMPRISED OF time-changing "mass-motion." As 
such, the force vector is a mass-system vector, not just 
a massless spatial vector. Fundamentally, this mass- 
system vector is a totally different creature from a 
massless spatial vector. Our present manner of 
considering force as a geometer's vector "separately 
applied to" a mass particle is completely erroneous at 
the quantum level. Instead, fundamentally force is 
always a mechanic's vector. Force is an EFFECT, not 
a CAUSE. 

And here mechanics made a most fundamental 
error, in not recognizing the difference between its kind 
of vector and that of the geometer. 
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--Force and Hertzian Waves Cannot Exist in Vacuum -- 


Note that one cannot have an observable "force 
vector" existing’ in vacuum a priori. 
For example, we have the definition of force as 


P 2 (6) 


or 





FP ={[ma+hv) 7” 


and we see that, rigorously, a force vector CONSISTS 
OF (not, "is equal to") a time-changing mass-motion 
vector system. IF THERE IS NO OBSERVABLE 
ACCELERATING MASS PRESENT, THEN THERE 
CAN BE NO OBSERVABLE FORCE PRESENT. 
The mass can accelerate in time (increase or decrease 
of mass) or space (increase or decrease of velocity) or 
both. 


Observable force CANNOT exist in vacuum (in 


the absence of mass), a priori.72 


However, assume for a moment that one could 
have a massless force vector, as assumed in present 
electrical theory. Let this force vector appear at a point 
in the vacuum. Since the vacuum has zero observable 
mass, it would have zero inertial resistance to this 
hypothetical observable force -- hence the observable 
force would instantly produce an "infinite" acceleration 
of its point of application, vanishing with it into the 
infinite distance. Therefore our fictitious force would 
disappear the instant it appeared! In any case, it could 
not be retained at a point in the vacuum for any finite 
length of time, however small. 

The direct implications are that (1) something 
other than an observable electrical force field exists in 
the vacuum, and (2) there must exist a more 
fundamental mechanism by which this "something 
else" generates or CREATES a force on/of a moving 
electrically charged mass. (Note again that, at the most 
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basic level, any particle of mass is always quivering, in 
motion, and accelerating. from quantal considerations 
alone.) 

Thus immediately we have discovered something 
unique about so-called "force-fields" in vacuum: for 
example, about gravitational field, electrical field, and 
magnetic field (and the strong force and the weak force 
as well). These fields do not exist at all as ordinary 


force vectors -- and real force fields -- in vacuum! E 


and B fields, e. g., are defined in terms of force per unit 
electrical charged mass and magnetically charged 
mass, respectively. In the absence of mass, they cannot 
exist. 


And this in turn means that transverse EH field 
waves (Hertzian waves) cannot exist in a vacuum. 
Indeed, they appear on, and ARE CONSTITUTED of, 
the charged-mass-motion that changes, and they appear 
where such change occurs, as a result of an introduced 


mass.~! But in the absence of the spinning charged 
particle of mass, they do not exist as force fields at all. 

Hertzian waves exist in a transmitting whip 
antenna, for example, in the oscillating electron gas 
along its length. Something else entirely different 
exists in vacuum between the transmitting antenna and 
the receiving antenna. Then in the receiving antenna, 
Hertzian waves again exist in the oscillating electron 
gas along its length. (See Figure 3. ) 
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Figure 3. Detection of "transverse" and 
longitudinal waves 


This is interesting, for Nikola Tesla stated 
several times that HERTZIAN WAVES CANNOT BE 
PRODUCED IN A VACUUM, NOR CAN THEY 


TRAVEL IN A VACUUM. 

Tesla was correct, as we are beginning to see. 

We shall later return to show in what form so- 
called "force-fields" actually exist in vacuum. 

For now, I point out that I am stating a 
fundamental change to all of physics, including both 
mechanics and electromagnetics. 
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(ELECTRICIAN'S VECTOR) 


Figure 4. Charged mass system vector. 


-- CHARGED-MASS-SYSTEM VECTOR -- 
-- (Figure 4) -- 


The third type of vector we meet is the vector 
mass system where the mass is charged. First, we point 
out a serious error in present electromagnetic (EM) 
theory. That is, in present theory it is implicitly 
assumed that 


qd =m (8) 


In other words, "charge" and "charged mass" are 
erroneously assumed to be identically the same thing. 
In the days when electricians were playing with 
pith balls and striving to uncover the secrets of 
electricity, they knew nothing at all about the virtual 
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state, and consequently nothing about a "virtual particle 
flux" on a particle of mass causing (and comprising) 
the "charge" of that mass. 

Today, of course, we know from particle physics 
and quantum mechanics that the "charge" on an 
observable particle of mass IS due to a flux of virtual 
(nonobservable) particles on and off the mass of the 
observable particle (see figure 5). A charged mass is 
thus presently known to be a SYSTEM: a massless 
charge flux, coupled to a bare particle (chargeless 
mass) constitutes a "charged particle." 


a 


“~~ pa 


COT 


Figure 5. The "charge" on an electron mass consists of 
a flux of virtual particles on and off the mass. 


Thus, actually the "charge" is the virtual 
(unobservable, or SPATIO-TEMPORAL) flux to and 
from the observable SPATIAL particle of mass. So, 
rigorously, 


a an (9) 
But instead, 
q = [d/dm(q,,)] (10) 


and this is a definition and therefore an identity. This 
definition alone affects all present electromagnetics 
theory. 

To illustrate: In founding electrical theory, early 
scientists dealt with forces generated by charged 
masses (for example, charged pith balls). They later 
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FIXED 
"STATIC" 
CHARGE 


extrapolated the experimental results they obtained (or 
thought they obtained) with the smallest charged mass, 
a charged particle. In Figure 6, I show the classic 
situation for derivation of the idea of E-field (except 
we have used an electron for our test charge, rather 
than a pith ball). 











my 

A negatively charged test mass ap 

(for example, an electron) brought 

into the vicinity of a fixed charged 
MASS Qn, experiences an acceleration 

as shown. At the quantum level, the 
smeared electron cannot be separated 
from the smearing, and it BECOMES the 
charged-mass-motion-changing vector Fomo 


Figure 6. A test charge (charged mass) brought near a fixed charge 


(charged mass) experiences an acceleration. 
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Now note that what actually happens is that the 
unrestrained test charge becomes a CHARGED MASS 
SYSTEM VECTOR (a "smeared charged mass-motion 
changing"). The "test charge" BECOMES a charged mass 
force vector; it does not have a separate geometer's vector 
"appear on it." What actually happens is shown in Figure 


7. 
il 
— E * an 
Fam = Ce 
i, 


Figure 7. A charged-mass-system vector. 


That is, in the simplest (nonrelativistic) case, for an 
electron what happens is 





— [4omoa,) (11) 


and this is a DEFINITION. That is, considered instantly, 
the electron exists as a charged-mass electrical force 
CONSISTING OF/COMPRISED OF a charge flux q, 


canonically coupled to a mass, with that subsystem then 
canonically coupled to a spatial acceleration vector, ALL 
AS A SINGLE ENTITY, WITHOUT ANY "SEAMS" 


BETWEEN ITS "PARTS." The ae IS THE 


ELECTRON SYSTEM ITSELF; it is NOT a "spatial 
vector." Rigorously, it does not exist in the absence of the 
smeared electron mass, a priori. 

Again, in assuming this force exists in the absence 
of the smeared mass of the moving particle, 
electromagnetics theory is in serious logical error. 

Referring back to Figure 6, we see that, if we repeat 
the experiment many times and with the test charge in 
many locations, we have the situation shown in Figure 8. 
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ee 





Figure 8. Repeating the "test charge" experiment. 


It is found that, rigorously, 


qn. 
1 2) (12) 


where | an is a charged mass system vector. Erroneously, 
this has been stated one way or another as 


where F’ is assumed to be a spatial system vector. Further, 
this confusion has been carried over into the definition of 


the E-field as: 
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(14) 
cm 

In this definition, E -- which is a charged mass system 

vector -- has been confused as a charged spatial system 


vector, where F* is regarded simply a spatial system 
vector! Actually, the definition of the E-field should be 





(15) 


cm 


where F’.,,, is a charged mass system vector. Failure to 


properly define the E-field has caused the conception of 
the E-field to be falsely perpetuated as existing in vacuum. 


The E-field is TREATED this way in present EM 
theory. Hence present theory falsely assumes that the 


observable E-field can exist in vacuum. 


What actually exists in space, E-field-wise, is a 
special kind of ordered virtual state pattern in a series of 
spinning "scalar" fields. This virtual state pattern or 
"shadow vector" field will be explained later. 

Note again that one cannot have a "force vector" 
existing in vacuum - a priori. 

However, assume for a moment that one could have 
a massless force vector, as presently assumed. Let this 
force vector appear at a point in the vacuum. Since the 
vacuum has zero observable mass, it would have zero 
inertial resistance to this hypothetical observable force 
hence the observable force would instantly produce an 
"infinite" acceleration of its point of application, vanishing 
with it into the distance. Therefore our fictitious force 
would disappear the instant it appeared! In any case, it 
could not be retained at a point in the vacuum for any 
finite length of time, however small. 

The direct implications are that (1) something other 
than an observable electrical force field exists in the 
vacuum, and (2) there must exist a more fundamental 
mechanism by which this "something else" generates or 
CREATES a change on/of an accelerating electrically 
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charged mass particle. (Note again that at the basic level, 
any particle of mass is ALWAYS quivering and 
accelerating, from quantal fluctuation considerations 


alone.) Causality has no arrow microscopically." 


Next Page 
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CONCEPT 





(ADVANCED ELECTRICIAN'S VECTOR) 


Figure 9. Charged spatial (massless) vector. 
-- CHARGED SPATIAL (MASSLESS) VECTOR -- 


We recognize now that 
de F am (16) 


and that q, is simply the virtual-particle flux that 
constitutes charge -- and indeed constitutes vacuum 
itself! 

We DEFINE vacuum, based on Figure 5, as 
shown in Figure 10. 
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There is no “emptiness filled 
with charge."' Rather, there is 
massless charge, from which 
emptiness is constructed, and 
? from which spacetime is con- 
structed, and from which mass 
and motion are constructed. 





Figure 10. Removing the bare particle (mass) from 
a charged particle leaves the charge. 
The vacuum is DEFINED AS the charge. 


That is, vacuum may be defined as pure massless charge 
flux. This flux IS identically "spacetime" as well. Vacuum is 
pure @-field (electrostatic scalar potential). Here again, in 
present theory it is assumed that 


Oo =0 (17) 


which, by our new definition of vacuum, is quite false. 
We now note that, if we insist on assigning a spatial 
vector to the vacuum, we have the situation shown in Figure 11. 


he 
se = fy 
4 OTK ~f \%> 


Figure 11. Assigning a spatial vector to the 
charged vacuum 





ad i pe z, al 
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CONCEPT 


-- THE SHADOW VECTOR -- 


Note that this spatial vector e. represents — Ups. that is, 


—e. = =-Ve 18 
a V2. (18) 
but e. cannot be a force (mass system) vector. It can only exist as 
an ordered pattern in the virtual flux between two separated points of 
the vacuum; that is, as an ordered pattern in the virtual state. 
Literally, c. exists only as a tiny bit of order existing in great 


disorder. 
In other words, the present EM theory is incorrect in stating 
that 
E = -g 19 
m g. (19) 
in vacuum in the absence of an observable spinning charged particle, 
since 
e€ E 20 
eg # E, (20) 


The actual existence of e. may be visualized in terms of 


successive differentials of KF , broken into differentials en so small 


that, observably, each little differential's mass component m has 
become virtual, so that 


GE Sn (21) 


where subscript m stands for mass, subscript v for virtual, and 
observably 
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Gun = az. (22) 


but, in the absence of a spinning charged particle, 
2 
E, * f4E,, (23) 


since the eon components remain individually separated. That is, in 


macro-time a SHADOW force vector exists, made of microscopically 
ordered BUT UNJOINED (unintegrated) "virtual state" vector 
differentials of what would be an observable mass system force 


vector En if integrated. 


Thus, the "E-vector" E. that exists in vacuum is a "shadow" 
vector as shown in figure 12. 


Figure 12. A "shadow vector" € 5 


We say that such a previous mass system vector, broken into 
ordered but unjoined virtual vectors by the absenting of all mass, is a 
SHADOW VECTOR, and we label it with a subscript vm, to 
represent "virtual mass" system. To the macro observer, this is the 
kind of "vector" that exists in vacuuo. 

Note that, observably, the shadow vector merely represents a 
special ordering in Vo. It is NOT an OBSERVABLE (mass system) 
vector, but it IS an ordered series of consecutive virtual vectors. 

With each virtual bit vector, a virtual time exists as well, and 
these "virtual time bits" are also ordered consecutively (in 
macrotime). 

I point out that any observable vector must be finite, and so it 
must have a finite magnitude (finite length). In the simplest case, this 
length AL is related to a At by 
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AL = cAt (24) 


What I am saying is that ANY observable spatial vector is actually a 
spatiotemporal vector, and the MAGNITUDE of any vector is related 
to TIME (to the existence of that vector in time) at the most 
fundamental level. Suffice it to say that, if the fundamental quantum 
level (At) aspect of a vector is interfered with, then the 
MAGNITUDE of the vector is interfered with. That is, if we can 
make a time wave, we can change or affect ANY vector's magnitude, 
including the magnitude of mass system vectors and charged mass 
system vectors. Such a "time wave" can be made easily, and it has 
been. 
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TOWARD A NEW ELECTROMAGNETICS 
PART II: CLARIFYING THE VECTOR 


CONCEPT 


-- A Scalar is a Zero Vector -- 


Now let us look at the idea of a scalar. 

A "scalar" may in a general sense be considered 
as the sum of the "absolute values" of the individual 
vector components of a system of vectors whose 
observable resultant is zero. That is, it represents the 
magnitude of the internal stress of a vector system, 
with the absence of a single observable directionality of 
the system. It also follows that every scalar is actually 
a stressed zero vector, and every zero vector is a scalar. 

Thus we have four major types of scalars related 
to the four types of vectors: 


(a) s, = lv,| (25) 
(b) s, = lvl (26) 
(c) 5, = [Yom (27) 
(d) S, = Ive! (28) 


where S stands for scalar, V for vector, and subscript s 
for spatial, m for mass, and c for charged. 

For example, comparing equations (25) and 
(26), it can easily be seen that twice as many "point- 
motions" is not at all the same thing as twice as many 
"gram-mass-motions." The two resulting vector 
systems are quite different. 
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TOWARD A NEW ELECTROMAGNETICS 
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CONCEPT 


-- Virtual and Observable Aspects -- 


We must also examine some aspects of "virtual" 
and "observable." 

For example, we construct several spatial vector 
summations in Figure 13. The "resultants" of these 
spatial vectors are all equal. However, the actual sums, 
even though equal, are quite different, because their 
internal "stresses" (substructure forms) are quite 
different. 


+4 fh 


SUPERPOSITION DOES NOT ELIMINATE THE VIRTUAL SUBSTRUCTURE. 


When the time aspects of the vector systems of 
Figure 13 are considered, one can easily understand the 
problem. That is, the resultant of each of these 
"systems" is zero, and so one can say that the vectorial 
"magnitude" of the system is zero since the magnitude 
of the resultant vector is zero. However, in each case 
the "action" represented by each vector element 
actually occurs in a finite tiny At. So: (1) The zero 
resultant must exist for a finite At, and (2) all the 
actions indicated by the system component vectors 
actually occur in that At. The absolute value of the 
"activity per unit time per unit volume" of such a zero- 
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resultant system thus has physical meaning, and one 


may refer to this notion as the "stress" on spacetime, 
or the "electrostatic scalar potential" of the system. 
Note that this differs from the present definition of 
electrostatic scalar potential, which becomes just a 


special case of the more fundamental potential defined 


here.2° 


The derivatives of this spatiotemporal stress also 
have physical meaning. The time derivative is 
indicative of the stress on the flow of macroscopic time 
at a fixed spatial point, and the spatial derivative is 
indicative of the stress on space. Here one is 
confronted with the fact that what we call "space" and 
"time" are continually being created, directly in the 


physical observing/detecting apparatus itself~” That 
is, rigorously, "detected physical reality" exists totally 
in and of the mass-changes of the observer's mass or 
his detecting instruments. In the fundamental detection 
process itself, there is a flow of the rate of creation of 
spatial lengths and a flow of the rate of creation of time 
lengths. Indeed, to a linear observer the stress on the 
creation of the flow of time controls the flow of the 
creation of space, and the stress on the creation of the 
flow of space controls the flow of the creation of time. 
The change in the stress on 4-space (ordinary 
Minkowskian space-time) controls the "curvature of 
that spacetime" in the fifth dimension. The change in 
the stress on 5-space controls the "curvature of that 5- 
space spacetime” in 6-space, and so on. Development 
of these facets of the new concepts is beyond the scope 
of this paper.) 
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TOWARD A NEW ELECTROMAGNETICS 
PART II: CLARIFYING THE VECTOR Help support the work 
CONCEPT 


-- SCALARS AND VECTORS HAVE SUBSTRUCTURES -- 


As can now be seen, the sum of each structure in figure 13 
is observably zero. Therefore we might define the sum as a "zero 
spatial vector." We note, however, that it actually exists for a time 
At and is thus a spatiotemporal entity, rigorously. 

If we define the internal stress action A in a region As3At of 
spacetime as 


nh 


= : 29 
Arete, = 2 |i! 29) 


and the 4-space internal stress intensity or potential as 


3, 


- =. (30) 
(4s7st)+o | 43 ot 


where . S is any internal vector in the substructure, As? is the 


spatial volume (about a point) containing vector . s, and At is the 
inseparable time during which these component actions occurred, 
then we see that, stress-wise, all the "zero-vectors" in figure 13 are 
quite different in their internal stresses, 4-space potentials, and 
internal substructures. For the five "zero sum" vectors, 
OBSERVABLY we have 


4 (31) 


whether or not 
As? At, = AstAt, (m#n; 1<m<5;1<n<5) (32) 
But considering the substructures, 
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6 #0 


Sa n (l<m<5;1<n<5; m#n) (33) 


I now point out that a scalar can be regarded as a stressed 
zero-sum vector, where the magnitude S of the scalar represents 
the internal stress intensity caused by the substructure of the zero- 
vector. 

Thus, generally, 


S(s"t) = lim sai te! (34) 





That is, in general any observable scalar has, consists of, and is 
comprised of a VIRTUAL (unobservable) substructure that is very 
real indeed. One must also consider the scalar as existing for some 
finite time At, (at least for the time of one quantum change), and 
the intensity of the virtual actions occurring in the spatiotemporal 
substructure of the scalar during that time At is proportional to the 
magnitude of the scalar. 

Normally, the concept of a scalar -- as presently used -- 
makes no allowance for the scalar to exist in time, or for a virtual 
vector substructure, or for any patterning inside the substructure. 
This is equivalent to assuming that 


> 
Ill 
o 


(35) 


and that all . s's are evenly distributed. That is, from this new 
viewpoint, presently the mathematical theory assumes all scalars to 
have an equal density of virtual activity per spatiotemporal volume 
in its virtual substructure, and an isotropic virtual pattern 


distribution of an infinite number of equal virtual vectors in its 4- 


2 
space substructure.7> 


In the new approach, neither of these two assumptions need 
hold -- though in special cases they can hold. Thus present 
orthodox theory is just a single special case of a more fundamental 
approach indicated here. 

Note that, by directly affecting and changing the virtual 
substructures of scalars and vectors, we can directly perform 
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virtual. state engineering, and this allows us to directly "engineer" 
the so-called "laws of nature" of the normal observable laboratory 
state and thus ENGINEER AND CHANGE PHYSICAL 


REALITY ITSELF. 
In the new approach, we can (observably) have 


2+2#4 (36) 


or 


2+2=4 (37) 


by the following means: In the first case (equation 36), we assume 
that the virtual substructures are patterned, and interact nonlinearly 
in such a way as to produce an extra observable. Thus we have a 
delta added to the normal observable scalar results of the 
interaction, as follows: 


29 + 29 = 49 + Ay-so (38) 


where subscript "o" means observable and "v" means virtual. Note 
that 


Ay.>0 (39) 


indicates a delta due to virtual substructure interactions yielding an 
extra observable delta. This extra delta may be either scalar or 
vector in nature, depending on the circumstances and the particular 
interactions. 

Note also that any vector or scalar must now be considered 
to HAVE, CONTAIN, and CONSIST OF an infinite substructure. 
And note that, similar to the scalar case, from the new viewpoint 
the present theory assumes each scalar (point) of the vector to have 
a structure similar to that of equation (34), except that now the 
scalars are ordered, with a linearly decreasing internal stress 
density per unit scalar along the line of the vector. 
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In the new approach, vector interaction (superposition, for 
example) can now violate present theory, if the two virtual 
substructures interact nonlinearly to produce a nonzero, observable 
delta. Observably (macroscopically) , this delta, again, may be 
either "scalar" or "vector." 

This approach now becomes consistent with quantum mechanics 
at the foundation level. 
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TOWARD A NEW ELECTROMAGNETICS 
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CONCEPT 


-- Substructures, Virtual Levels, and Hyperspaces -- 


In the new approach, our definitions and 
assumptions immediately drive us to a picture of an 
infinite set of nested levels of substructures in the 
virtual state. That is, anyone component (scalar or 
vector) in one level of virtual state has an infinite 
number of even finer virtual components, one level 
more subtle. 

AND THAT IS WHAT PARTICLE PHYSICS 
AND QUANTUM MECHANICS ALREADY 
REVEAL ABOUT THE STRUCTURE OF 
PHYSICAL REALITY. 

So these definitions and assumptions now 
provide the basis for a new vector mathematics that is 
in accord with, and fitted to, modern physical 
observations. 

We have a picture such that any observable 
scalar or vector contains a virtual substructure (virtual 
level 1). Any scalar or vector in virtual level 1 also 
contains a finer virtual substructure, in virtual level 2. 
And so on ad infinitum. 

Each succeedingly finer level of virtual state can 
be modeled as a hyperdimension (higher spatial 
dimension) as I pointed out in Appendix 1 to my book, 
The Excalibur Briefing.3° 

Thus this approach immediately ties into 
hyperdimensional or hyperspatial theory -- such as 
Elizabeth Rauscher's 8-dimensional theory! and 
C. Muses's hypernumber theory.32 

The new definitions and assumptions are far 
richer than what is allowed by tensors, though there are 
many similarities. Muses's work, however, essentially 
can encompass most of these definitions and concepts, 
except the distinct types of vectors are not so clearly 
delineated in his theory (at least to my comprehension 
of it.) His theory does provide a nested, 
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hyperdimensional structure of time, however, and thus 
allows "scalar" waves in the hyperspatial structure of 
time -- in other words, observably "scalar" waves in the 
virtual state structure of spacetime, or pure Tesla 
waves, or simply "time" waves. 

These are the bare notes; from this approach, 
already new (proprietary) mechanisms and exact 
specifications to make scalar waves -- in essentially 
whatever quantity and degree desired -- appear to have 
been successfully accomplished by my close 
colleagues. 

The new approach is real and it leads to a new 
physics. And I believe that the very beginnings of the 
new physics are already working on the laboratory 
bench. 

Nikola Tesla discovered the most essential 
features of the new electromagnetics over eighty years 
ago and was simply suppressed for his efforts. Now, 
although it has been eighty years in the reborning, 
Tesla electromagnetics is once again loose in the 
Western world. 

This time, let us hope that it fares better at the 
hands of orthodox science and large financial control 
groups than it did for Nikola Tesla. 
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--FOREWORD -- 


This paper is an adaptation of the oral/visual presentation given 
by the author at the 1983 Annual Conference of the U. S. 
Psychotronics Association on Saturday, July 23, 1983. 

The presentation was delivered directly from the vugraphs 
alone, and not from a formal, written text. 

The title of the presentation at the conference was "New 
Electromagnetics: Where the 'Old Math' Took the Wrong Turn." 

As originally conceived, the lecture was to be given in a single 
period of some 45 minutes and cover only the first part of this paper, 
the clarification of the vector concept in physical theory. The 
Symposium director so graciously scheduled two periods instead, 
allowing time to present additional material further clarifying vector 
and scalar waves, and to present a variety of unusual physical 
mechanisms that apply the concepts. 

After the conference, the author prepared this paper directly 
from the same slides, in the same order. However, no attempt was 
made to match the words in this paper to the words actually delivered 
in the formal presentation. The gist of the two, however, are the same 
-- except that, in the conference lecture, the author covered (as an 
aside) some important additional material: (1) the nature of what 
actually occurs in an "electrical ground," and (2) the author's 
explanation of the theory of Tesla's magnifying transmitter. 

An audio tape and a videotape of the author's USPA 
presentation were made by the conference officials. Copies are 
available at nominal cost from Mr. Robert Beutlich, Secretary/ 
Treasurer, U. S. Psychotronics Association, 3459 Montrose Avenue, 
Chicago, Illinois 60618, U.S.A., 
phone (312) 478-7715. 
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TOWARD A NEW ELECTROMAGNETICS 
© 1983 T.E. BEARDEN 
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SLIDE 2. 


OUTLINE 


e MAIN BRIEFING 
> TRANSLATOR EFFECTS 
> POTENTIAL WEAPONS 
> INCIDENTS 
> CONCLUSION 


e HISTORICAL BACKGROUND 
> TESLA/MORAY 
> WWII AND AFTER 


e ELEMENTS OF THE EMERGING 
THEORY 


> LONGITUDINAL/ TRANSVERSE 
WAVES 

> VACUUM/MASS EFFECTS 

> FLAWS IN VECTOR THEORY 

> IMPLICATIONS 


This presentation is one part of a three part presentation, 
consisting of the main briefing on physical effects, the historical 
background, and the elements of the emerging new electromagnetics. 

In this present briefing I will not cover the historical 
background. Instead, first I will address the concepts of the new 
theory, and then I will give an abbreviated main briefing, including 
some weapon aspects. I will present one simple free energy motor and 
show how it works, and where it gets its energy. 

Much of this material I have known for some time, but have 
hesitated to release it because it enables one to develop -- in a fairly 
straightforward manner -- weapons and beams (ray) systems that can 
disable electronics, computers, communications, and people. Anyone 
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handy in electronics, who has a few thousand dollars and access to 
bench equipment and an electronics parts supply house, can develop 
these weapons in his or her basement workshop. But because certain 
very radical elements in this country already know some of this 
information and may plan to utilize such devices in criminal activities, 
I am openly releasing the information as a warning, to be prepared. 

Of course there are many good things that can be developed 
with this technology, including machines to heal a remarkable variety 
of ailments and illnesses. I strongly urge everyone to use this 
information wisely and only to benefit other human beings. There 
exists a cosmic or karmic law for those who misuse it against their 
fellow persons; if one does that, one will assuredly suffer the 
consequences. 

Also, I strongly urge the development of Western defenses 
against the Soviet strategic and tactical weapons; already developed 
utilizing these principles. Unless the West wakes up to the extreme 
urgency of this task, in the near future we may be overwhelmed in 
short order by a much harsher, dictatorial system. If that should 
happen, it will plunge the human race into a new dark ages far more 
terrible than that dark period in history following the fall of Rome. 

These are the final times, and this is the beginning of the final 
technology. The ability to directly engineer physical reality itself has 
been laid in our laps. Pandora's box is already spilled open, and there 
is no longer any stopping the new technology. 

Let us prepare, then, for that which is to come. 

With these introductory remarks, let us now turn to the main 
presentation. 
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CHARACTERISTICS OF SELECTED CONCEPTS 


| CONCEPT | CHARACTERISTIC 


FLOW OF OBSERVABLE MASS 
¢ ENERGY ARTICLES 


¢ ANENERGY FLOW OF VIRTUAL PARTICLES 
¢ PRESENT VIRTUAL PARTICLE FLUX TIED 


"CHARGE" TO 
OBSERVABLE MASS PARTICLES 


TRUE CHARGE | VIRTUAL PARTICLE FLUX 


MULTI-DIRECTIONAL FLOW 
THROUGH A POINT 
FLUX 


UNI-DIRECTIONAL MOVEMENT 
FLOW OF A FLUX 
[GRADIENT] 
CURRENT UNI-DIRECTIONAL GRADIENT 
OFA 


[USUALLY CONSTRAINED] FLUX 





On this slide I show some fundamental defining characteristics of 
energy, "charge" or charged mass as presently in the theory, flux, flow, 
and current. These fundamental concepts are often somewhat 
confused in the literature. 

Particularly note that the concept of energy, being tied to "the 
capacity to do work," is specifically tied to the concept of mass. 
Eventually, energy must be expressed in terms of moving masses -- 
specifically, in accelerating or decelerating masses. 

I introduce the term "anenergy" here, specifically in relation to 


http://www.cheniere.org/books/part4/s03.htm (1 of 2)24.11.2003 21:31:24 


a ee. ) 





The Tom Bearden Website 


the concept of a virtual particle. Anenergy is roughly equivalent to the 
present idea of "virtual energy," 
except it more precisely implies the flow or flux of virtual particles. 
We also redefine charge as virtual particle flux, in order to 
remove the present error in EM theory where "charge" always implies 
a charged mass. The electrostatic scalar potential, phi (@) , then 
merely becomes the intensity of the massless charge -- that is, the 
intensity of the virtual particle flux -- at a point. Let me point out, 
however, that in the new view this "point" is always in n-dimensional 
space, where n is equal to or greater than four. The present 3-space 
formulation of @ is thus a highly special case. 
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SLIDE. 4 


QUOTE FROM NIKOLA TESLA: 


"THE HERTZ WAVE THEORY OF WIRELESS 
TRANSMISSION MAY BE 

KEPT UP FOR A WHILE, BUT I DO NOT HESITATE 
TO SAY THAT 

IN A SHORT TIME IT WILL BE RECOGNIZED AS 
ONE OF THE MOST 

REMARKABLE AND INEXPLICABLE ABERRATIONS 
OF THE SCIENTIFIC 

MIND WHICH HAS EVER BEEN RECORDED IN 
HISTORY." 


Nikola Tesla 
"The True Wireless,'' 
The Electrical Experimenter 


One of the things we will find is that Hertz or transverse 
electromagnetic waves are strictly mass waves in a charged mass 
particle medium. 

For example, transverse EM waves do not, and CAN not, exist 
in vacuum. Vacuum EM waves are longitudinal waves of 
compression and rarefaction. What is compressed and rarified is the 
virtual particle flux that comprises vacuum itself. Vacuum EM waves 
in this virtual flux are just like sound waves in air -- in the flux of 
molecules and atoms that comprise the atmospheric gas. 

Nikola Tesla, of course, knew this and he frequently pointed out 
the falsity of the accepted transverse wave theory. Here is one Tesla 
quote, for example, taken from The Electrical Experimenter. (PAUSE) 

Almost every scientist -- even the "Tesla bugs" -- have thought 
Tesla wrong in his adamant opposition to the idea of Hertzian waves in 
the vacuum. 
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As we shall see, Tesla was right and all the present scientists 
and textbooks are wrong . 
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SLIDE 5. 


FIXED 
“STATIC” 
CHARGE 


FORCE BETWEEN TWO LIKE CHARGES 


A NEGATIVELY CHARGED 


= TEST MASS 
gy? 






2° BROUGHT INTO 


1 ~~ VICINITY OF q, 


EXPERIENCES 


NOTE THE 
SPINNING. 
DONE WITH A 
FOR THERE 


NATURE. 


In my presentation last year, I noted some 22 fundamental flaws 
in present electromagnetics theory. One of these flaws was in the 
actual vector theory itself. As we shall discover, one cannot simply 
plug geometrical vectors into physical systems without making 
fundamental errors. The vector concept itself must be adapted, for 
there are now four different kinds of vectors in physics, all confused as 
the same thing. We will come to that shortly. 

To begin, let us look at the fundamental kind of experiment, 
shown on this slide, from which the idea of electrical force and electric 
field was taken. 

We have a fixed static charged object q(1) in the laboratory, and 
we bring in a test charged mass q(2). The test charged mass may even 
be a single electron, as we illustrate here. We show in our example the 
fixed charge to be negative. When we release the test charge electron, 
it accelerates away from the fixed charged mass, as shown on the 
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diagram. Note that we have no force at all until we bring in the test 
charged mass. Indeed, we shall find that the force is actually 
COMPRISED OF the accelerating test electron. Specifically, it is not 
something mysterious which appears in vacuum and PUSHES on the 
electron. We shall find that FORCE IS AN EFFECT, NOT A 
CAUSE. It CONSISTS OF the "smeared mass" that is accelerating -- 
in this case, it consists of the smeared, accelerating electron. 

We summarize the experiment: in the absence of the charged 
test particle, no force exists in the vacuum. When we bring in the test 
charged mass, it accelerates away, and THE FORCE CONSISTS OF 
THAT ACCELERATING CHARGED MASS PARTICLE. The 
experiment does not at all address or deal with WHAT EXISTS IN 
THE VACUUM AROUND CHARGED MASS Q(1) IN THE 
ABSENCE OF TEST CHARGED MASS Q(2). Any assumption of a 
force existing in the vacuum is sheer speculation and not based on this 
experiment. 
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SLIDE 6. 


REPETITIONS LEAD TO THE VECTOR "FIELD" CONCEPT 


REPEATING FIGURE 4 A NUMBER OF 
TIMES LEADS TO SETS OF FORCE 
ARROWS, WHICH WE THEN VISUALIZE 
IN TOTAL AS A FIELD, £, OF FORCE(S) 
ABOUT q, 


RIGOROUSLY, THIS "FORCE FIELD" 
WOULD REQUIRE THAT A SPINNING 
CHARGED PARTICLE OF MASS EXIST 
AT EACH AND EVERY POINT IN SPACE 
ABOUT q, 





On this slide, we show that, as we repeat the experiment by 
bringing in the test charged mass from differing directions, the same 
thing happens around the fixed charged mass q(1). Test charged mass q 
(2) -- our electron -- accelerates radially away from q(1). 

AS we repeat the experiment and draw many of the little arrows 
radially outward, gradually the idea of a "vector field" emerges. That 
is, we form the idea that, at every point in space around fixed charge q 
(1), there exists one of our little vector arrows. Thus we assign a vector 
field to the space: to every point of it, there is assigned both a 
magnitude and a direction. 

However, note that this does not describe the situation as it 
exists, at any time, in the "present." That is, rigorously any one arrow 
only exists whenever a little test charged mass is present and 
accelerating radially away. 

We may take the view that the arrow WILL exist WHEN a test 
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charged mass is brought to that point and released. In that case, the 
arrow WILL exist in the FUTURE, not the present. And we may refer 
to that as, it POTENTIALLY exists, when and if.. ..etc. 

So already we see a fundamental logical problem in the idea of 
such a field. It WILL exist in the future, but only POTENTIALLY 
exists in the present. 

Of course I am not the first one to point out such difficulties; the 
fact that the field concept is erroneous is already well-known to 
foundations scientists. But it is such a USEFUL concept that it is 
retained. 

Now the E-field, or electric field, is defined as "the accelerating 
force on a charged mass per unit charged mass accelerated by it." If 
there is no charged mass present to be accelerated, then there can be no 
E-field present. 

So E-field cannot exist in vacuum, for vacuum presupposes the 
absence of all observable mass. 

So we can rigorously say that no E-field of force exists around 
the charged mass q(1) INTHE PRESENT. At best, it can only 
POTENTIALLY exist IN THE FUTURE. 
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A SCALAR HAS A HIDDEN [VIRTUAL] VECTOR 
SUBSTRUCTURE 


VESSEL 


PRESSURE P AT A POINT 
IN A CONTINUOUS FLUID 
IN A CLOSED VESSEL 






THE ACTUAL MICROSCOPIC 
SITUATION AT POINT P 


Our next slide shows that a physical scalar quantity has a 
hidden vector substructure. 

For example, we show on the left a closed vessel containing a 
pressurized gas. The pressure at a point in the gas is a scalar quantity, 
since it has a magnitude but not a direction. However, physically what 
we have in the gas is a flux of individual molecules continually 
through any small volume, which we may let approach a point in the 
limit. Thus we have a flux in all directions through the point at which 
we specify pressure. 

That is, the scalar "pressure" at a point may be said to contain a 
substructure of individual molecule flow vectors. 
All physical process scalars have such hidden substructures. In 
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the equilibrium case, the summation of all the individual flux vectors 
yields a resultant vector zero. 

Thus we take the view that ANY PHYSICAL PROCESS 
SCALAR IS ALSO A ZERO VECTOR, AND ANY ZERO VECTOR 
IS A SCALAR AND CONTAINS A SUM-ZERO HIDDEN VECTOR 
SUBSTRUCTURE. 
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SCALAR AND VECTOR SUBSTRUCTURES 
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Now let us see if we can do some unusual thinking about the 
hidden vector substructure of a scalar or zero-vector. 

On the leftmost figure in this slide, we show a plate with 
balanced opposing forces. The vector summation of all the forces’ is 
zero, So the system has no resultant vector. The plate therefore does 
not move. However, the plate -- that is, the medium in which the 
forces act -- is stressed, much like the previous example of pressure in 
a gas. The difference is that now the stress is patterned in its 
substructure, and not random. Now suppose we rhythmically vary the 
forces, each the same, in a regular manner in time. Yet we maintain a 
continuous balance, so there is never a system resultant greater than 
zero. In this case, we maintain our vector zero, but we are producing 
regular stress waves in the plate medium.. 

I think you now can see that I can vary the individual opposing 
vector pairs so that rhythmic waves flow from top to bottom, or from 
bottom to top. That, of course, will describe a vector gradient 
traveling through the medium, and that will be an ordinary "vector 
wave." Is there any way I can make waves through the medium, and 
not have such vector waves ever appear? 

Indeed there is, if I look further into the substructure. Take one 
point on one of the vectors shown acting on the plate in the left 
diagram. That point is a scalar, and it also has a substructure of even 
finer vectors, as shown in the lower middle figure. And any point in 
one of these second-order hidden vectors is a scalar and composed of a 
still finer hidden vector substructure, as shown in the lower right 
figure. This process repeats ad infinitum, and all is structures within 
structures. At least it can be modeled that way, for it already is treated 
that way in particle physics. 

Now go back to the second order vector substructure. Here I 
can establish whatever patterns I wish, and not affect the first order 
pattern shown in the figure on the left. I can even rhythmically vary 
things in the second order substructure, and leave a blissfully 
unchanged first order substructure, to the first order observer. 

So I can make as many waves; as I wish through the medium, as 
long as I stay second order or higher, and the external observer will 
never see any change at all unless he has a special detector of some 
sort to detect the lower substructure changes. 

As I showed in the Appendix to my book, The Excalibur 
Briefing, these substructures are in reality the same thing as 
hyperspaces. And movements in them can proceed much faster than 
the speed of light. 

So I can have higher order signals and waves through the 
stressed medium without changing the overall first order stress in the 
medium. 

This is a sort of super-relativity; the present relativity is just a 
special case. 
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Superluminal communication systems are perfectly possible, but 
not with the present first order transmitters and receiver/detectors. 

Note also that higher order stresses -- stresses in the higher order 
substructures -- represent special stresses in time, and time has an 
internal stress-pattern substructure. The higher order stress waves are 
phase waves or phase fluctuations in that respect. 

Also note that Charles Musés has already created the 
hypernumber mathematics of the structure of time, and it is largely in 
his mathematics that these concepts will have to be mathematically 
modeled. 
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SLIDE 9. 


SUPERPOSITION DOES NOT ELIMINATE 
THE VIRTUAL SUBSTRUCTURE 


+4 fh 


A. : E. 


TWO OR MORE MACROSCOPICALLY "EQUAL" 
VECTORS OR SCALARS CAN DIFFER 
DRASTICALLY IN THEIR VIRTUAL 
SUBSTRUCTURE DISTRIBUTIONS. EVEN TWO 
"ZEROS" MAY BE DYNAMICALLY DIFFERENT 
DUE TO THEIR DIFFERING SUBSTRUCTURES. 


Next we show some simple substructures of a zero vector. All of 
these vector systems sum to zero vectorially. Note that if we 
superpose two of these structures, all substructure vectors are still 
present., and the vector summation is still zero. 

Also notice that, from the standpoint of substructuring, zeros can 
be and are drastically different. 

We can even make rhythmic waves in the substructure by 
superposing patterned zero vectors in a regular fashion. 


Next Slide 


http://www.cheniere.org/books/part4/s09.htm24. 11.2003 21:31:46 


The Tom Bearden Website 


The Tom Bearden 


Website 


SLIDE 10. 


PHYSICAL VECTORS 


e VECTOR: A "SMEARED 
PARTICLE" 


e FOUR MAJOR PARTICLES IN 
PHYSICS: 
- POINT [MASSLESS, 
CHARGELESS] 
- MASS [CHARGELESS] 
- CHARGED MASS 
- CHARGED POINT [MASSLESS} 


e LEADS TO FOUR MAJOR 
VECTORS: 
- GEOMETER'S 
- MECHANIC'S 
- ELECTRICIAN'S 
- ADVANCED ELECTRICIAN'S 


In quantum mechanics, as we approach the quantum level, we find 
that the notions of a particle (static concept) and a wave become 
inseparable. That is, any particle becomes a "smear" in length and 
time, and it becomes inseparable from its smear. At the quantum 
level, there is no separate energy, length, mass, momentum, energy, or 
time -- all are welded together inextricably into a quantity called 
"action," having the units of angular momentum. 

So at the fundamental quantum level, a moving point becomes a 
smear, and a vector represents a physical, undifferentiated entity. 

To go quickly, we now define a vector as consisting of a 
smeared particle. That is, the particle is smeared in both time and 
length, and it is not differentiated from time or length. 
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There are four kinds of particles in physics which can be 
smeared to form vectors. First, there is a point in space or spacetime. 
This point may be approximated as massless and chargeless. At least 
that is the way the geometers of old conceived it in the abstract, and so 
the idea of a "point" in space assumes it to be chargeless and 
massless. Second, there is a tiny particle of mass, often abstracted to 
be a "point-mass," but visualized as having no charge. This is the 
mechanic's particle. Third, there is a tiny charged mass, such as an 
electron, and this is the electrician's particle. Again, it is often 
abstracted as a charged point-mass. Fourth, there is a charged point, 
having no mass, and this is the advanced electrician's particle, which 
he uses to form the idea of potentials and fields. 

Smearing these four particles at the fundamental quantum level 
produces four different kinds of physical vectors: the geometer's, the 
mechanic's, the electrician's and the advanced electrician's vectors. 
They are all different. 
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THE FOUR VECTORS OF PHYSICS 


MASSLESS SPATIAL MASS SYSTEM 
SYSTEM VECTOR VECTOR 
(GEOMETER'S VECTOR) (MECHANIC'S VECTOR) 





CHARGED MASS (4) CHARGED SPATIAL 
SYSTEM VECTOR 


Pests % Be 
oh, TEP 
(ADVANCED ELECTRICIAN'S 


(ELECTRICIAN'S VECTOR) VECTOR) 





On this slide we show a graphic illustration of each of these 
vectors. 

Note that they may be visualized as smeared particles, but the 
particle is not separate from the smear in time and length. 

Each vector must be considered as a unitary entity -- itis a 
special kind of quantum, if you will. 

Each is a special quantum of motion. 

And Dewey Larson has it right when he says, "All is motion." 
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SLIDE 12. 


FORCE DEFINITION 


e A TRUE DEFINITION IS AN IDENTITY. 


F =d/dt (mv) 


e FORCE CONSISTS OF 
THE TIME RATE OF CHANGE OF 
MOMENTUM 


e MOMENTUM IS A MASS SMEARED 
THROUGH 
A LENGTH IN A CERTAIN TIME 


e FORCE CONSISTS OF MASS- 
MOTION-CHANGE 





e FORCE IS AN EFFECT, NOT A CAUSE ! 
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We now look a little closer at the concept of a force. 

I point out that a true definition is an identity. If a supposed 
definition of an entity is not an identity for that entity, then it is not a 
definition at all, but only a statement ABOUT the entity. 

It may come as somewhat of a shock to the normal engineer and 
scientist that the foundations concepts of physics -- such as force, 
mass, energy, etc. -- are ALL in serious difficulty and contain many 
unresolved logical conflicts. 

Force is in that kind of difficulty, and it has that kind of logical 
conflict. 

In fact, in its force equations, physics has not even applied its 
own present definition of force. 

As we show here, force is generally defined as the time rate of 
change of momentum. 

If that is true, then as an identity the definition states that a force 
CONSISTS OF the time rate of change of momentum. 

And of course, momentum is mass times velocity. Hence 
momentum is a mass smeared through a length and through a certain 
time. 

Force then consists of the time rate of change of that smearing. 
That is, we smear the mass through time and length, faster or slower. 

But if force CONSISTS OF that smearing change, it does not 
CAUSE it. 

Force is thus an effect or result, not a cause. 

This implies that there is a more fundamental mechanism that 
causes or generates force itself -- ANY force. If we can find that 
hidden mechanism, we may well find the long-sought unified field 
theory, since it will unify all forces on a common mechanism. 
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SLIDE 13. 


FORCE IS AN EFFECT NOT A CAUSE 


1. P= MV (MACROSCOPIC! 
2. P = [MV (MICROSCOPIC! 
3. F = uP (MACROSCOPIC) 
ee ee a) 
=(Mv + Ma] 
5, F =(mil (NONRELATIVISTIC! 


G6. FORCE CONSISTS OF A “SMEARED MASS” 
7. IT 1S MASS-ACCELERATION, IT DOES NOT CAUSE IT. 
8. FORCE IS AN EFFECT, NOT A CAUSE! 
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On this slide, we show briefly how one might express this idea 
in mathematical symbology. 

Macroscopically, momentum consists of mass times velocity. 
Microscopically, the mass and the velocity are inextricable, and it is 
not proper to speak of a "mass in motion," but only of "mass-motion." 
We show this in equation 2. 

We take the macro definition of momentum, as shown in 
equation 3, and express it for the microscopic, unseparated case, as 
shown in equation 4. 

In the nonrelativistic case, we may consider m-dot to be zero, 
since the time rate of change of mass is almost zero. In that case, force 
may be defined for the microscopic case as a smeared accelerating 
mass, as shown in equation 5. 

Force thus consists of the welded mass and acceleration, with no 
seam in the middle. 

It IS mass-acceleration; it does not CAUSE it. Therefore force 
is an effect, not a cause. 


Next Slide 
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FORCE AND E-FIELD D0 NOT EXIST IN VACUUM 


I Fy = [Mp ° #] 

2. WITHOUT M, THERE IS NO Mp, NOR Fp 

3. HENCE FORCE DOES NOT EXIST IN VACUUM. 

4. Ene 

5. WITHOUT M, THERE 1S NO Fam, NOR gen. 

6. HENCE E-FIELD DOES HOT EXIST IN VACUUM. 
7, SIMILARLY, B AND G DO NOT EXIST IN VACUUM. 


8. NO FORCE FIELD EXISTS IN VACUUM. 
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But if force CONSISTS OF mass welded to acceleration, it 
cannot exist in the absence of mass. 

Hence force does not exist in 
vacuum. 

Further, the E-field (Electric field) of a charged particle is 
defined as the force on a charged mass, divided by the mass. 
That is, the E-field is thought to represent the force per unit 
charged mass. And then it is assumed to exist in vacuum. 

But vacuum is without mass or charged mass, observably. 
Without mass, neither force nor charged mass exists. 

Therefore the E-field does not exist in the vacuum. 

Magnetic field (B) and gravitational field (G) are similarly 
defined, and they have the same logical difficulties. 

Therefore neither magnetic field nor gravitational field 
exist in vacuum. 

A priori, NO force field exists in vacuum. 

The greatest error in physics has been the assignment of a 
force as a cause, and thus assigning it to the vacuum. The force is 
an effect, and it never exists in vacuum, a priori. 


Next Slide 
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SLIDE 15. 


COROLLARIES 


e MORE PRIMARY MECHANISM 
CAUSES/GENERATES 
FORCE -- ANY FORCE 


e FORCE DOES NOT EXIST IN VACUUM, 
SINCE 
VACUUM IS THE ABSENCE OF MASS 


e FORCE FIELDS DO NOT EXIST IN 
VACUUM 
e E-FIELD 
¢ B-FIELD 


e TRANSVERSE [HERTZIAN] WAVES 
DO NOT EXIST IN VACUUM 
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Without belaboring the issue, I now point out and 
summarize some of these conclusions. 

First, a more primary mechanism causes or generates force 
-- ANY force. 

Second, force implies the presence of mass a priori. Force 
does not exist in vacuum, since vacuum is the absence of 
mass. _ 

Third, no force fields of any kind exist in vacuum, 
including E-field, B-field, and gravitational 
field. _ 

Fourth, since Hertzian waves are defined in terms of E and 
H force fields, and these fields do not exist in vacuum, then 
Hertzian waves do not exist in vacuum. 

Tesla pointed out long ago that vacuum EM waves are 
longitudinal waves, not Hertz waves. Vacuum EM waves are 
similar to sound waves in a gas. 

The Hertz wave exists as a matter wave in the electron gas 
in a transmitting antenna, and in the electron gas in a receiving 
antenna, but does not exist in the vacuum in between the two 
antennas. Between them, EM waves are longitudinal waves. 
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SLIDE 16. 


ENERGY IS DERIVED, NOT FUNDAMENTAL 


e@ ENERGY IS CONGRUENT TO WORK 
iW=F-ds 
BUT FORCE IS AN EFFECT, NOT A CAUSE 
THUS WORK IS AN EFFECT, NOT A CAUSE 
ENERGY=WORK CAPACITY 
A MORE FUNDAMENTAL MECHANISM GENERATES “ENERGY” 


_ AA 
AE AT 


@ ENERGY IS AN EFFECT, NOT A CAUSE 


Energy is usually taken as "the capacity to do work" at 
some future time. In other words, when we refer to the energy of 
something, we refer to HOW MUCH WORK IT CAN DO IN 
THE FUTURE, IF AND WHEN WE ARRANGE FOR IT TO 
DOIT. Rigorously, a body has no "work" at a particular instant 
in time, so we use "energy" to refer to potential work that can, or 
will, be done in the future. Thus energy is always congruent to 
work in the future. 

And for that reason, the units of energy are the units of 
work; the only difference is in the time the work is done, relative 
to the "now" or "present" we are speaking of. 

Energy is the potential for work to be done in the future. 

But what is work? 

Well, work is defined in terms of the movement of a force 
through a distance. And it is understood that only the projection 


http://www.cheniere.org/books/part4/s16.htm (1 of 3)24.11.2003 21:32:05 


SLIDE 


of the force along the line of movement is "working." Thus work 
is defined differentially as shown on the slide. The differential of 
work is equal to the dot product of the moving force times the 
differential of displacement. 

But as we have seen, force is an effect, not a cause. 

That is, when we calculate the work done, it's always in the 
past, never in the present or future. It's always been DONE, and 
has been expended. 

Being in the past, it's gone forever, so it certainly isn't the 
CAUSE of anything which happens in the future. 

Thus work is an effect, not a cause. 

That's interesting, because then it certainly does not 
directly generate "energy," since energy is something in the 
present which speaks of future work to be done. 

Rigorously, the fundamental quantum -- which is what 
exists in the present, in unseparated and unquantized form -- 
consists of action. NOT energy, NOT time, NOT length, NOT 
momentum exclusively, but all of these INclusively. 

And a change in energy occurs when a quantum is 
separated at a certain rate in time. Thus delta energy equals the 
time rate of change of action, or delta action divided by the delta 
time used in separating the quantum and fissioning it into parts 
(collapsing the wave function). 

Thus energy itself is an effect or result of a more 
fundamental mechanism, and it is not a cause. 

In quantum mechanics all this has been neatly "buried" 
in the mysterious "collapse of the wave function," which is 
supposedly what "causes" everything to happen. And then we 
swear that what results after the collapse is a totally statistical 
selection from the possible states of the system we 
are examining. We thus say that the microworld is 
totally statistical at base. Of course we also build a wave 
equation or wave function which propagates forward in time with 
rigorous causality, and that wave or function absolutely controls 
the basket of "possible states" allowed . 

All that says is that the "wave function times time" is what 
exists in the present, when observation has not been made by 
"stopping time." And then we "stop time" in a rather blunt 
manner, somewhat like firing a billiard ball blindly into a group 
of billiard balls on a table, and we live with what gets hit and 
pops out. 

If we examine this "time" that is flowing, look into its 
substructure, and arrange that substructure as we will, we can 
control which "billiard ball" is hit and which pocket it goes into. 
By working on the vector substructures of time, we can thus 
deliberately control the microworld and make it causal, not 
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statistical. Quantum mechanics is in error in stopping where it 
has; it is presently only a first order approximation of the real 
quantum mechanics that awaits. 

Einstein was correct after all; God does NOT play dice 
with the universe when one considers all levels. 

One finds oneself in a statistical situation at one level only 
when the constituent sublevels of it are uncontrolled. 


Next Chapter 
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SLIDE 17. 


EXISTENCE IN, AND PASSAGE THROUGH, TIME 


IN RELATIVITY, TRANSLATION OF A BODY AND 
PASSAGE THROUGH 
TIME ARE RELATED 

AL=CAT 


e ''MASS" IS SPATIAL 
- DOES NOT EXIST IN TIME 
- '"MASS-TIME" EXISTS IN TIME 


VIRTUAL FLUX TO AND FROM A BARE 
PARTICLE DETERMINES ITS 
"PASSAGE THRU TIME" 


SPHERICAL SPIN OF A MASS PARTICLE [L?] 
COUPLES IT TO THE 

SPACETIME VACUUM [L3T] VIRTUAL PARTICLE 
FLUX 


PASSAGE THROUGH ORDINARY TIME IS 
CONTROLLED BY 
CREATION AND ANNIHILATION OF QUANTA 
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On this slide, we simply point out that translation of a 
body through space and its passage through time are related, 
according to relativity. 

Now "mass" is spatial. 

It does not exist in time. 

Only things which contain the unit of time can "exist in 
time." 

Otherwise, the thing only exists as such when the passage 
of time has been momentarily stopped -- usually by photon 
emission and the consequent carrying off of the time unit by the 
photon. 

Since every mass that has temperature -- and every mass 
does -- is continually absorbing and emitting photons, then the 
mass is continually grabbing a time tail (absorption) and losing it 
(emission) shortly thereafter. 

Masstime is what exists in time, not mass. 

And every mass particle is continually turning from mass 
to masstime to mass, etc. 

Indeed, it is the summation of the absorption and emission 
of virtual subquanta by a mass particle -- 1.e., its "charge" -- that 
determines its rate of flow through "time." 

And the spherical spin of a mass particle couples the 
particle of mass to the spacetime vacuum; that is, to the virtual 
particle flux. 

Passage through ordinary time is controlled by creation 
and annihilation of quanta, and these processes are controlled by 
substructure (subquantal) actions and interactions. 
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SOME IMPLICATIONS 


e MODIFIES CONSERVATION OF 
CHARGE 


« MODIFIES CONSERVATION OF 
ENERGY 
° MASS 
° ENERGY 
© ANENERGY (MASSLESS CHARGE) 


e MODIFIES NEWTON'S LAW 


© FOR EVERY ACTION, THERE IS AN 
OPPOSITE AND EQUAL REACTION 


® REACTION NEED NOT BE LOCAL 


® REACTION NEED NOT BE 
ANTIPARALLEL 


e UNIFIED FIELD THEORY 
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Without belaboring the issue, I now simply point out some 
implications of the new approach. 

First, we modify two laws -- the conservation of charge and 
the conservation of energy -- by combining them into one law, a 
new conservation law in which anenergy is conserved. 

Neither charge per se nor energy per se need be conserved; 
but the overall anenergy (massless charge) equivalency is what is 
conserved. This allows us to derive mechanisms for free energy 
from the vacuum, for example. These mechanisms readily 
violate the present conservation of energy law, but do not violate 
the overall conservation of anenergy law. 


It is the total anenergy equivalency of mass, energy, and 


massless charge that is now to be conserved in general. The old 
laws are now just special cases. 


Also, Newton's third law -- for every action there is an 
equal and opposite reaction -- is modified. It still applies, but in 
changed form. 

The reaction still occurs, but it need not be local, and it 
need not be antiparallel to the original action. 

Thus it is now possible to design and build a "locally 
reactionless" inertial space drive for a vehicle. 

The final implication is that the common mechanism 
producing force -- any force -- provides a unified field theory. 
Specifically, it provides one which easily lends itself to direct 
engineering. It is not esoteric nor mysterious. It is practical and 
physical, and it can be done with some modifications to our 
present electrical circuits and devices. 
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SLIDE 19. 


CONSERVATION OF ANENERGY (AE): 
(AN EXPANDED ENERGY CONSERVATION LAW) 


1. CONSERVATION OF CHARGE: 
- “CHARGE” = MASS [Mg] + CHARGE [AEg) 
~ [Mc] +IAEg=K, 


2. CONSERVATION OF ENERGY: 
- DYNAMIC ENERGY IE) 
- ENERGY EQUIVALENCE OF MASS [Me 


‘ |E| + [Mel = Ko 
3. ADDING (1) AND (21: 
IM. |] + |AEg| + 1El + [Mg] = Ky + Ko = Kg 
4. LETTING |M|=|Mpl+ |Mel, 
|M| + |E|+ |AE,| = Kg 
5. LETTING |M|=AEy, |EI = |AEo|, |AEg| = AEg 
AE; + AEg + AEs =Kq 
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We briefly show a simplified derivation of the new 
conservation of anenergy law. 

We express the conservation of charge law by correcting 
the term "charge" to show its true meaning: charged mass. We 
use the absolute value symbol to mean the "anenergy 
equivalency." 

As shown on the slide, we account separately :for the mass 
(m-sub-c) of the conserved charges and the virtual particle charge 
flux (the anenergy -- AE-sub-c) of the charges conserved. That 
law now says that the absolute values of the masses and the 
massless charge fluxes have a total constant summation. 

For a dynamic mass, we do a similar thing, in this 
simplified case ignoring potential energy of position, and taking 
the energy equivalence of the dynamic energy (M-sub-E) and the 
rest mass energy of the particles, M-sub-E. The conservation of 
energy now states that these two terms have a constant absolute 
value summation. 

We add equations 1 and 2, getting equation 3. We 
consolidate like terms to get equation 4. 

Expressing all terms in their anenergy equivalencies 
(absolute values), we get equation 5, which is the overall 
conservation of anenergy equivalency. 

Note that we now can change mass into energy or 
anenergy (massless charge), energy into mass or anenergy, and 
anenergy into mass or energy. 

Thus we can turn everything into pure vacuum ether (pure 
massless charge, pure anenergy, pure electrostatic scalar 
potential, pure stress on spacetime) or we can turn part of the 
vacuum into energy or particles of mass. 

Vacuum now becomes a very real thing indeed. 

It is pure anenergy. 

Pure massless charge, pure electrostatic scalar potential, 
pure "broken bits" (subquantal bits) of (quantized) energy. 

The vacuum is identically the virtual state. 

It is not an emptiness filled with virtual things; rather, it IS 
the sum total of those virtual things, for they are totally 
unseparated until some sort of "conceptual observation" 
is invoked. 

Physics should have adopted Einstein's suggestion that the 
vacuum, complete with its EM and gravitational fields, be called 
the ether. 
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FREE ENERGY IS ALLOWED 


e ANY ONE-WAY GATING PROCESS 
FROM ANENERGY 
TO ENERGY YIELDS "FREE ENERGY" 
SINCE 
THE ANENERGY IS 
AUTOMATICALLY REPLENISHED 


BY THE UNIVERSE. 
itn ESENT 


MASSLESS . 
MASS 
CHARGE ENERGY 


— 
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Now we can put the search for free energy devices on a 
rigorous scientific basis. 

As shown here, mass and energy are translatable one into 
the other. So are massless charge and energy. 

And the universe is filled with fantastic amounts of 
anenergy; ultimately, that is what the universal vacuum IS. 

Any one-way gating process from anenergy to energy 
yields "free energy" since the anenergy is automatically 
replenished by the universe. 

A sort of Maxwell's demon, after all, is what we need. 
Only we need one which works with the virtual state, not 
observable molecules. 

Fortunately nature has provided several Maxwell's demons 
of this sort, if we but recognize them and learn to use them. 
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SCALAR POTENTIAL CAN FORCE 
THE RELATIVISTIC CASE 


e FOR SCALAR POTENTIAL 
ENERGY 
OF APPRECIABLE SIZE 
RELATIVE TO 
A PARTICLE'S REST 
ENERGY. 
o NEWTONIAN 
MECHANICS AND 
o THE SCHRODINGER 
EQUATION 


e MAY BE INADEQUATE 
e EVEN IF V/C IS SMALL 


Bloch & Crater, "Lorentz-invariant 
potentials and the non-relativistic 
limit," American Journal of Physics, 
Vol. 49, No. 1, Jan. 1981, pp. 67- 
75 
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First, let us now digress to point out that one 
does not have to have relativistic velocity to obtain 
relativistic effects. 

One can use the common electrostatic scalar 
potential to drive the situation relativistic. On this slide 
we show just one of several references in the standard 
literature that address this fact. 

Let's understand what we are saying. 

Anything you get from a relativistic situation, 
you can get directly by cleverly applying electrostatic 
scalar potential. 

You can get a change in the passage through 
time, you can get energy changes, mass changes, 
inertial resistance changes, etc. 

You can bend, warp, and twist spacetime like a 
pretzel. 

If you "wave" the scalar potential by simply 
varying it , you can create pure time waves. You can 
also produce pure inertial field waves, pure 
gravitational waves, etc. 

The ability to engineer the curving of spacetime 
allows the direct ability to engineer physical reality 
itself. 
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SCALAR STRESS WAVE 
[O-WAVE] [TESLA WAVE] 


VELOCITY 





tbe 
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- 9s vo,#-E 


On this slide we now show a simple way to 
make a scalar, zero-vector wave -- the kind of wave 
originally discovered by Nikola Tesla. 

It's simple. We just believe that a sum-zero 
vector substructure makes a scalar quantity, and we 
MAKE some scalars that way. 

We also understand that a zero-gradient of a 
scalar is a zero vector, so that the scalar itself may be 
taken to be a zero vector. 

The simplest explanation of this wave is as 
follows: 

First, in physics we have two competing, 
mutually exclusive theories as to the nature of 
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electromagnetic energy: the wave theory and the 
particle theory. Physicists argued for decades over 
these theories, for some experiments support one and 
some support the other. They never solved the 
problem; they just agreed to quit arguing. They 
formulated the "duality" principle to allow the saving 
of face to both sides. 

Briefly, the duality principle implies that, 
whatever the nature of electromagnetic energy is before 
an interaction, in the interaction you can get it to act as 
a wave or as a particle. In other words, AS IT 
EXISTS, BEFORE THE INTERACTION, it is 
implicitly both particle and wave, joined together in 
some fashion, without being explicitly either one. 

With the fourth law of logic, this becomes 
perfectly clear. With three-law Aristotlean logic, the 
problem is unresolvable. 

Let us use this idea of "explicit duality without 
implicit duality" to analyze the wave shown on the 
slide. 

First, from a wave aspect, the E-fields and the B- 
fields of the two waves do superpose and vectorially 
add. Since the waves are 180 degrees out of phase, the 
exterior resultant wave has a zero electric field and a 
zero magnetic field. Therefore it is a "zero-vector" 
wave, or "scalar" wave. It's a wave of pure stress in 
spacetime. 

However, this scalar wave has a precisely 
determined substructure, consisting_of two ordinary 
sine waves, each of which comprises an ordinary E-H 
vector EM wave. 

Now we apply the photon consideration 
(remember, before we interact with the wave, it must 
implicitly possess BOTH wave and particle natures 
combined, and we have so far only examined the 
implication of the wave nature. 

The theory of photons' states that they are 
monocular critters. Photons pass right through other 
photons without interaction, in a linear situation. 
Therefore they can coexist without interaction, which is 
what we show here. 

One photon, by the way, is one wavelength . 

The photon theory requires that both substructure 
waves continue to exist as independent photons. 
Therefore we are assured that our substructure is intact. 

However, notice that the totality of the two 
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waves stresses spacetime. In other words, we have 
twice the stress on spacetime now as we would have 
from either wave separately. 

This wave is therefore just a pure stress wave in 
spacetime itself. 

This thing oscillates time, oscillates the relativity 
of the situation, and can affect energy, time flow rate, 
inertia, gravity, etc. aspects of an absorbing system. 

Note that we have a rhythmic oscillation in phi 
(©), and we have a longitudinal stress wave, very 
similar to a sound wave. The MEDIUM for this wave 


is the virtual particle flux that identically comprises 
vacuum spacetime itself. 
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SLIDE 23. 
SCALAR O-WAVE PRODUCTION 
+E VIRTUAL GROUND 
+E 
F=5 SPINNING 
” CHARGED PARTICLE 


WILL NOT PRECESS 


COMPRESSIVE 
STRESS 





STRESS LEVEL 
ON SPACETIME 


On this slide we show how to regard the 
magnitude of the stress, by using one wave envelope as 
"virtual ground." In the top diagram, the original E- 
field stress of each wave has a magnitude of 5, and the 
composite stress wave now has a magnitude of 10, in 
whatever units we choose to express them. 

We show in the bottom diagram that during one 
half cycle we have compressive stress in the virtual 
particle vacuum flux, and during the second half cycle 
we have tensile stress. 

This shows the wave is like a sound wave in the 
gaseous molecules of the air. 

However, this wave has one difference. It also 
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oscillates time, and thus has at least one additional 
degree of freedom, compared to ordinary EM waves. 
In fact, this wave can be made n-dimensional 
and hyperspatial. 
As a first order approximation, we can treat 
such a wave in 
a spatial fashion, if the wave is not too great in 
magnitude and the relativistic oscillation of time and 
inertia is not too large. 
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A SIMPLIFIED CHARGED PARTICLE 


VIRTUAL 
PARTICLE 
, FLUX 






CHARGED PARTICLE 
“= _ ATTACHED TO FLUX 
BY ITS SPIN 


(THINK OF THE FLUX IN AND OUT, EXCEPT GRADIENTS 
ARE SPIRAL-LIKE, DUE TO PARTICLE'S SPIN) 


We now digress slightly to pick up some more 
concepts. 

On this slide, we show a simplified physical 
model of a charged particle. According to present 
particle physics, we 
model it as an observable, spinning bare mass in the 
middle, connected to a spray of virtual particles on and 
off the mass in all directions. 

It is the spin of the mass that "attaches" the 
spray of virtual particles to and from itself. 

Note that, because of the spin, the gradient lines 
of flux will actually be spiral or vortex in nature. 

Also note that, when EM theory was founded, no 
one knew that an electron was spinning. Electron spin 
was therefore omitted from the foundations of present 
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electromagnetic theory, and compensated for later by 
strictly ad hoc measures. 
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A CHARGED PARTICLE IS A 
SPECIAL KIND OF "SPRAY NOZZLE" 









eine 
SPRAY ON “ 
AND OFF ~ 


} ef POINT IN 4-SPACE 
SPINNING ‘oat , i 
. g@ IS INTENSITY OF 


‘i CHARGED 
a PARTICLE) _—— FLUX OR SPRAY 
i ie a 


(SPRAY IS THROUGH 4 DIMENSIONS, NOT JUST 3) 


Here we show a very important concept, and a 
very important fact of nature. 

A charged particle may be idealized as a special 
kind of spray nozzle. 

The 3-dimensional particle of mass is spraying 
out virtual particle fluid, and sucking in virtual particle 
fluid, in four or more dimensions. 

We never have to furnish or replenish the spray. 
Nature provides that. And it's inexhaustible. It comes 
from the entire virtual particle flux vacuum of the 
universe. It's already connected firmly to matter, by its 
connection to the spinning charged particle of mass. 

I repeat and strongly stress: This tremendous, 
continuous spray of virtual particles is absolutely free, 


http://www.cheniere.org/books/part4/s25.htm (1 of 2)24.11.2003 21:32:34 


The Tom Bearden Website 


and absolutely furnished by the universe. 

We don't have to create the basic pumps for the 
fluid. We just move the spray nozzles around, by 
moving the spinning charged masses around. 

We never furnish any ultimate energy to or in 
our present EM circuits. We just pump around the 
spray nozzles, gating the spray furnished by the 
universe. 
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SLIDE 26. 


AN OBSERVABLE CHARGED PARTICLE IS DIRECTLY 
CONNECTED TO VIRTUAL PARTICLE FLUX VACUUM 





On this slide we accent that our 3-dimensional 
particle of mass is directly connected by its spin to the 
vacuum ether itself. To the virtual particle flux that 
identically IS the vacuum spacetime. 

Interestingly, relativity states that the mass 
itself is nothing but a "kink" or curvature in spacetime . 

The fact that the surface of the particle is 
spinning at right angles to the virtual particle vacuum 
flux "drags" part of the flux along with it, spiraling it, 
and certainly "kinking" or "bending" the vacuum flux . 

That's the MECHANISM for the bending of 
spacetime. And that's what MAKES the particle of 
mass in the first place, and reduces its dimensionality 
to three. 
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Also note that the vacuum IS phi-sub-zero, and 
that is never 
a zero value. This is contrary to present EM theory, 
which erroneously assumes phi-sub-zero -- the charge 
of vacuum -- to be zero or non-existent. 
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SLIDE 27. 


SPIN COUPLES VACUUM TO PARTICLE 


SPHERICAL ROTATION IS THE KEY 


A PARTICLE CAN BE MODELED AS 
A SPHERICALLY ROTATING VORTEX 
OF SPACETIME 


ITS MASS IS DUE TO ITS SPIN 


THE SPINNING OBJECT IS 
CONTINUALLY CONNECTED 
TO ITS ENVIRONMENT 


e VERY HIGH VALUES OF 
ELECTROSTATIC POTENTIAL 
CAN INDUCE RELATIVISTIC 
CONDITIONS 


o CHANGE RATE OF FLOW 
OF TIME 


o EVEN THOUGH VELOCITY 
IS NONRELATIVISTIC 


E.P.BATTEY-PRATT AND T.J.RACEY 
"GEOMETRIC MODEL FOR FUNDAMENTAL 
PARTICLES," 

INTL. J. OF PHYS. 19, NO. 6, 437-475, 1980 
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In fact, the bits and pieces of many of the new 
concepts are strewed all through the scientific 
literature. Here we show one example, establishing a 
good model that spin of a particle couples the particle 
to the vacuum . 

This paper is by E.P. Battey-Pratt and T.J. 
Racey, and was . published in the International Journal 
of Physics in 1980. 

Note again that very high values of electrostatic 
potential 
can induce relativistic conditions, even though 
relativistic velocity is not present. 
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SLIDE 28. 


ELECTRON PRECESSION (SIMPLIFIED) 


¢ SPIN AXIS MOVING 


PRECESSION AXIS 









VELOCITY 


ELECTRON PATH 


FREE ELECTRON 
PRECESSION AXIS 


On this slide I show the effects of precession of 
an electron when it encounters a longitudinal scalar 
wave that contains "spin vortex holes" for the electrons 
to fall into and mesh its spin with. 

The basic idea here -- that electron precession 
accounts for the Hertzian waves in the electron gas in a 
transmitting antenna and in a receiving antenna, came 
from my close colleague and friend, Frank Golden, and 
I am most happy to give him full credit for this 
important insight. 

As we have previously stated, transverse (force) 
waves cannot exist in vacuum in the absence of mass. 
Hertz waves therefore cannot exist in vacuum, just as 
Tesla stated. 

Yet we know that Hertz waves exist in the 
electron gas in 
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our transmitting antennas and in the electron gas in our 
receiving antennas. How then do we get Hertz waves 
here, if only longitudinal waves can exist in the 
vacuum in between? 

Electron precession is the key. 

We never measure what's happening in vacuum 
with our instruments. Instead, almost always we 
measure what is happening to and in the electron gas in 
our antenna or probe and feeding current to the 
instrument. 

Here we show a "normal" EM vacuum wave -- 
which is a longitudinal wave containing spin vortexes 
from the electrons that generated it -- approaching and 
striking a spinning charged electron. As the peak and 
trough of the wave passes, it is as if we had a force 
pressing against the spinning electron, first along the 
line of wave travel, and then antiparallel to the wave 
travel. (that is, "explaining" it in present concepts.) 

The electron acts as a little gyroscope, and 
precesses laterally, first in one direction and then the 
other. 

Therefore the wave recovered in the electron gas 
in our receiving antenna or instrument probe is a 
transverse Hertzian matter wave. 

Hertz waves are always matter vector waves. 

Vacuum EM waves are always nonmaterial 
longitudinal scalar waves. 

Longitudinal scalar waves in vacuum normally 
contain many spinning vortex "holes" of flux, created 
from the spinning electrons which launched the wave 
and stayed behind in the transmitting antenna. This 
kind of longitudinal wave is directly detectable by a 
normal free electron charged gas in a receiving antenna 
or probe. It also directly interacts with free electrons in 
a conducting metal shield, and so is shielded by 
Faraday cages. 

On the other hand, our zero-vector longitudinal 
wave, made 
by opposing waves, contains opposing spin holes 
which annihilate or cancel each other. 

In the absence of spin holes, the longitudinal 
wave will not mesh with spinning electrons in a 
conductor, and so it is not detectable in the normal 
fashion. It also does not interact with free electrons in 
a conducting metal shield, so it readily penetrates 
Faraday cages. 
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An easy way to see that electrons do not interact 
with that substructured longitudinal zero-vector wave is 
to visualize both substructure component waves 
interacting on the electron simultaneously, pushing in 
opposite directions equally. In that case the electron 
tries to precess in both directions, equally, and so it 
does not precess in either direction. Therefore it does 
not "detect" the passing wave. 

The wave without "golf ball holes", however, is 
detectable 
by any circuit having high nonlinearity actions 
occurring in it. Such highly nonlinear dynamic areas 
act to provide a phase shifting between the composite 
substructure waves. This phase shift results in 
violation of the sum-zero condition, producing a 
"normal" EM wave which deposits energy in the out-of- 
phase area. 

From the spin vortex "golf ball hole" concept, 
the out-of-phase condition means that now we have an 
alternating preponderance of spin holes, spinning first 
in one direction and then in the other. Thus the 
electrons in the nonlinear, phase shift area are hooked 
and oscillated (precessed) to and fro, producing energy. 

Solid state, highly doped transistors are 
particularly vulnerable to this effect, as are gas 
discharge tubes, spark and cascade ion discharges, 
plasmas, etc. 
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SLIDE 29. 


VACUUM/SPACETIME IS 
PURE VIRTUAL PARTICLE FLUX (@, ) 


VIRTUAL PARTICLE FLUX 
SPACETIME 
ANENERGY 


® 


e MASSLESS CHARGE 


e 
WAL? VACUUM IS IDENTICAL TO: 


VOR 








VACUUM IS: 


e MADE OF UNQUANTIZED ACTION 

e WITHOUT DEFINITE LENGTH INTERVALS 
e WITHOUT DEFINITE TIME INTERVALS 

e N-DIMENSIONAL (UNFIXED) 


We pause here to again summarize some 
important things we now know about vacuum. 

Vacuum IS IDENTICAL TO virtual particle 
flux, spacetime, anenergy, Phi-subzero, massless 
charge, unquantized action, and infolded energy, 
momentum, length, time, power, velocity, acceleration, 
etc. 

Vacuum is made of unquantized action, 
dimensionally. 

It is without definite length or time, as Einstein 
stated. 

It is n-dimensional, where n is always four or 
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greater. 

It is not an emptiness filled with things. Rather, 
it is identically a plenum filled with things which are 
totally unseparated, unfixed, and undetermined. 

From vacuum: mass, energy, time, frames, and 
all the rest of physical reality are dynamically made. 

Vacuum is the ether. The ether has never been 
eliminated from physics. Ether just has become much 
more subtle, and physicists have used other names for 
it. 
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SLIDE 30. 


VACUUM IS: 


e SPACETIME (L°T, WHERE n = 3) 

e CHARGE (MASSLESS) 

e ELECTROSTATIC SCALAR POTENTIAL 
Dy #0 
ERROR IN PRESENT THEORY 

e BROKEN BITS OF ENERGY 
(SUBQUANTAL) 

e PURE VIRTUAL PARTICLE FLUX 

e O-WAVE FLUX 

e MULTILEVEL, STRUCTURED, 
PATTERNED 

e A VIRTUAL PLENUM 

AN OBSERVABLE EMPTINESS 


Again, we list some of the things that vacuum 
identically 
is. 

It is spacetime, massless charge, electrostatic 
scalar potential, broken bits (subquantal) of energy, 
pure virtual particle flux, zero-vector wave flux, 
multilevel, structured, patterned, a virtual plenum, and 
an observable emptiness. 

It is all things and contains all things in potential 
state. 

It is not, in that it is not observable. But from it 
comes 
all observables. 

It is both ordered and disordered, 
simultaneously. 
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It involves four-law logic, not just three-law 
Aristotlean logic. 
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SLIDE 31. 


GRADIENT OF ELECTROSTATIC POTENTIAL 


IN VACUUM 
VO#E 
ON AND OF A MOVING CHARGED PARTICLE 
VO=E 


Again I accent that, in vacuum in the absence of 
a charged spinning particle of observable mass, del-phi 
does not yield an E-field, and the conventional 
equations of EM are wrong in that respect. 

In the presence of a spinning charged particle, in 
a del-phi which contains electron-vortex-holes to mesh 
with, the charged particle attaches itself to the moving 
del-phi flux gradient, moving itself with the river. This 
produces an E field. The E-field CONSISTS OF the 
smeared electron, it does not CAUSE THE 
MOVEMENT of the electron. It is an effect, not a 
cause. The conventional equation for del-phi equals E 
is correct for matter waves in electron gases; it is not 
correct in vacuum itself. 
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SLIDE 32. 


IN A VO, A CHARGED PARTICLE MOVES ITSELF 


V@>0 IMPLIES A MOVING RIVER, AND THE 
CHARGED PARTICLE IS "HOOKED TO" THE RIVER 





Ve RIVER 


We show clearly on this slide that a spinning 
charged particle, when it hooks to a spin-hole in a del- 
phi river, MOVES ITSELF. 

Note that a del-phi implies a "pressure 
difference" in phi-flux between two points. Therefore 
there is a moving river -- a gradient -- of phi-dot, 
moving from the higher pressure to the lower. 

If a charged particle is attached to this moving 
river, it flows along with the river. It is just like putting 
a boat into a moving stream of water. If the boat 
"latches" to the moving water, it moves with the river. 

Electron spin and spin vortexes in the del-phi 
mesh, to accomplish the "hooking" or "latching." 
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Once hooked into a moving river, the electron 
moves itself. One does not have to furnish work to 
move it. 

If the river is accelerating, the electron will 
accelerate itself. 

By cleverly gating such rivers into and onto 
sources of free electrons, one can directly produce free 
energy. 

The extra energy comes from converting 
anenergy (massless charge, vacuum flux) to energy of a 
moving mass. 
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SLIDE 33. 


ELECTROMAGNETIC WAVES 
IN ELECTRON GAS IN A CONDUCTOR 


e VECTOR WAVES 
e CONTAIN E, B FIELDS 


e GENERATED BY SPIN COUPLING 
OF ELECTRONS 
WITH SCALAR WAVE "SPIN- 
HOLES" 


e WAVES OF FORCE 


HERTZIAN WAVES 


e TRANSVERSE WAVES 


e WAVES OF ELECTRON 
PRECESSION 
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Here we pause to summarize the 
characteristics of electromagnetic waves in the electron 
gas of a conductor. 

First, these are vector EM waves in the 
accepted sense. 

They contain E and B fields. 

They are generated by spin coupling of 
electrons with spin-holes in a scalar wave delta-phi 
river. The electrons move themselves under that 
condition, producing work and forces. 

They are waves of force or force field 
variations. 

They are Hertzian waves. 

They are transverse oscillatory, not 
longitudinal. 

They are matter waves. 

They are waves of electron precession. 
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ELECTROMAGNETIC WAVES IN VACUUM 


e SCALAR LONGITUDINAL 
WAVES 


e VECTOR ZERO [O] WAVES 

e WITHOUT E, B FIELDS 

e INTERNALLY STRUCTURED 
e PATTERNED 


e MAY CONTAIN ELECTRON 
"SPIN-HOLES" 


Here we summarize the characteristics of 
electromagnetic waves in vacuum. 

They are scalar longitudinal waves of alternate 
compression and rarefaction of the vacuum virtual 
particle flux. 

That is, they are waves of electrostatic 
potential. 

They are zero-vector waves. 

They are internally structured and patterned. 

They usually contain electron "spin holes" 
unless made in a fashion so as to make opposing spin 
holes that cancel each other. 

Since they are pure phi-waves, they need not be 
limited in velocity to the speed of light. 

They are hyperspatial waves. 

They are waves in virtual state itself. 
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SLIDE 35. 


DETECTION OF 
TRANSVERSE AND LONGITUDINAL WAVES 


ANT 









transverse oscillations 
induced in electron gas 







NORMAL “transverse” 







NORMAL 













EM XMTR EM wave 
(Actually a special DETECTION 
type of scalar wave. ) 
a no detection 
NORMAL longitudinal | NORMAL 





XLTR/XMTR 


EM wave 


EM ff Cen 


SPECIAL 
DETECTOR 


Jetects 





no transverse 


oscillations induced ~~ 





In the top drawing on this slide, we show a 
normal transmitter putting out a normal EM wave, 
which received in a normal antenna/receiver. What we 
call a "transverse" wave rigorously exists only in the 
electron gas in the transmitting antenna and in the 
electron gas in the receiving antenna. Specifically, a 
longitudinal wave exists in the vacuum in between the 
two antennas. However, due to the method of 
production, the longitudinal wave contains spin-holes 
for electrons, so the electrons in the receiving antenna 
readily couple with the wave by falling into and 
meshing their spins with the spins of the spin-vortex 
holes. Electron precession produces electron gas 
waves that are transverse oscillatory, hence Hertzian 
waves in nature. 

In the bottom drawing, we show a translator/ 
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transmitter. In other words, we oppose ordinary EM 
waves in a sum-zero substructure, deliberately 
producing longitudinal EM waves in vacuum with the 
spin-hole vortexes canceling each other. This type of 
wave does not "hook" spinning electrons in the normal 
receiving antenna, and thus it is not detected. The 
normal antenna/receiver system never sees it at all. 

However, by means of a special antenna which 
generates nonlinear phase shifts in the composite 
substructure waves, "hooking" holes are restored in an 
oscillatory nature. Electrons then hook with this output 
and detect the wave. 

Note that it requires a two-stage detector, 
operated in an interferometer fashion, to detect this 
pure scalar wave. 
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SLIDE 36. 


CREATING A "RIVER" OF ANENERGY 


PROVIDE TWO “LOCKED-IN” SEPARATED §-SOURCES 
wee OF DIFFERENT MAGNITUDES 










“RIVER” OR FLOW VECTOR 
OF VIRTUAL PARTICLES 


V¢ IS A REGION OF CURVED 
SPACETIME, AND ENERGY 
IS NOT CONSERVED 


IN VACUUM, THIS IS NOT YET A 
VOLTAGE DROP (NO MASS 
FLOW), 

NOR IS THERE AN E-FIELD 


Now if we wish to get free energy, we are going 
to have to provide a continuous anenergy river, and a 
means of tapping it to produce mass movement. 

This slide shows one easy way to make an 
anenergy river. 

We simply pump some electrons (spray nozzles) 
onto an elevated charged ball, and we LEAVE them 
there. A second ball is connected to ground. A higher 
phi -- that is, a denser spray -- is now in the vicinity of 
the elevated ball on the left. A lower phi -- that is, a 
less dense spray -- is in the vicinity of the lower ball on 
the right. Between the two balls, now, there is a 
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gradient in phi, and a virtual flux flowing from the 
"higher virtual pressure" to the "lower virtual pressure." 

This del-phi river does NOT constitute an E- 
field, as we 
have previously pointed out. 

The del-phi region, however, is definitely a 
region of 
curved spacetime. As is well known from general 
relativity, in such a region energy need not be 
conserved. 

Therefore it is entirely possible -- consistent with 
ordinary physics -- to violate conservation of energy in 
this del-phi river, if one believes general relativity. If 
one argues adamantly that conservation of energy 
cannot be violated under any circumstances, then one 
must throw out general relativity. Also, one must 
throw out most of particle physics, whose explanations 
presently involve virtual interactions, each of which 
violates the conservation of energy. 
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SLIDE 37 


A 2-WIRE SYSTEM IS CONSERVATIVE 


® HAS LOSSES 
® DOES NOT BREAK EVEN 


d iv ® DOES NOT PRODUCE FREE ENERGY 
14 


e 
Ja * «—ELECTRON “SPRAY NOZZLES" 
DISSIPATED 






REPLENISH SPRAY NOZZLES BY PUMPING MORE 
ELECTRONS. (MOVING ELECTRON MASSES AGAINST 
A "SPRAY PILEUP" REQUIRES WORK. 


Here we show that, as engineers, we've all been 
tricked into releasing our virtual rivers so that we 
would not discover free energy. 

While I cannot prove this as yet, I tentatively 
suspect that J. P. Morgan and Thomas Edison are 
directly responsible for this occurring. Tesla utilized a 
single-wire system; we have all been taught to utilize 
only two-wire systems. 

What we in effect do is connect a wire or circuit 
to our charged ball, allowing our hose nozzles to drain 
away. 

In other words, we first do some work to pump 
hose nozzles (electrons) into and onto our elevated 
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reservoir, SO we will obtain a denser flux, and a flux 
river to utilize. Then we release the nozzles 
themselves, and let THEM move on the flux river, 
deplenishing our river. Of course we can get back as 
much energy as we pumped up there in the first place. 
But this two-wire system is at best theoretically even. 
Since real circuits have losses, we can never even quite 
break even. Thus we have to continue to pump hose 
nozzles, and let them bleed off to provide energy, in a 
less-than-100% fashion. 

By foolishly releasing our hose nozzles, we 
guarantee that we will never achieve free energy. And 
that's nice, because the people who control things, and 
for their own wealth and power depend on selling us 
energy at high prices, are guaranteed to stay in power 
and control. 

One is never truly free unless one is energy 
independent, in a self-contained fashion. 

Tesla nearly succeeded in giving us free or very 
cheap, inexhaustible energy -- and for that reason was 
quickly and dramatically suppressed. 

Only three graduate schools of electrical 
engineering existed in the U.S. The only one of any 
real importance was at Columbia University. 

Only one or two professors were necessary to 
"reach" to modify and subtly direct the entire 
foundations of the emerging electrical theory. 

Professors were in general poor, and had no 
research funds unless some rich industrialist or 
philanthropist gave them a few dollars. 

The setup then was certainly very ripe for 
Morgan and Edison to stop free energy, and suppress 
Tesla at the same time. They could have done so by 
influencing only one -- or at most two -- theoreticians 
at Columbia. 

At any rate, the theory was developed in such 
fashion as to rule out the single wire circuit and the 
longitudinal wave. Free energy was suppressed, and 
the financial empires of Morgan and Edison stayed 
secure. 


Next Slide 


http://www.cheniere.org/books/part4/s37.htm (2 of 2)24.11.2003 21:33:07 





The Tom Bearden Website 


The Tom Bearden 
Website 


SLIDE 38. 
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Here we show another easy source of a higher 
vacuum charge, hence an easy source for a free river. 

Simply charge up a sphere. As is well known, 
inside that sphere one has no del-phi. So one can 
introduce an electron therein and not produce an E- 
field . 

However, since we've piled up additional spray 
nozzles, the density of the spray inside the sphere (as 
well as outside it) is certainly higher. 

In other words, the inside of the sphere is also a 
source 
for an increased del-phi river. In the bottom drawing, 
we drill 
a tiny hole in the sphere, insulate a thin wire running 
into the inside of the sphere, and run the wire out to a 
terminal opposing another grounded terminal. 
Between the two terminals now there must exist a del- 
phi river. 

And between those terminals there now exists a 
curvature of spacetime, hence the theoretical possibility 
to obtain free energy without violation of principles. 
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SLIDE 39. 


ONE-WAY GATE VALVE 


(ANENERGY TO ENERGY) 
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IF PROPERLY OSCILLATE \e > i Vy 
A-APPLICATION, GET > aa 
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~~ “ 
“~—— —sAMENERGY I9-FIELD) IS CONVERTED 


* SIMILAR THING IM NUCLEUS 


TO EWERGY, YIELDING “FREE ENERGY” 
FROM THE VACUUM 


* TRANSMUTE ELEMENTS IKERVAAN EFFECT 
* SPEED UP RADIOACTIVITY IREICH EFFECT) 


Here we show one way to provide a one-way 
gate valve from a del-phi river to energy released into 
the outside world. 

By providing a properly tuned, oscillating phi 
wave, one can cause an orbital electron in an atom to 
raise itself to an excited state. Remember, in a del-phi, 
an electron that hooks to it raises itself. 

We then switch out the phi application, and the 
excited electron decays in normal fashion, emitting a 
normal photon of energy. 

By phase locking the processes, one produces 
a steady stream of photons. 
By absorbing or directing the photons, one can 
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produce heat, light, energy beams, etc. 

By this means, one produces free energy by 
gating anenergy into energy. 

And if one does not release spray nozzles in 
the phi-oscillations which feed the mechanism, one has 
an inexhaustible energy production. 

A very similar thing can be done with the 
excited states of the nucleus. For example, by using a 
radioactive material with a predisposition to emit some 
particle -- say an electron -- the nucleus can be made to 
continually emit the particles WITHOUT ITSELF 
DECAYING INTO BYPRODUCTS. In other words, 
an electron is lifted from the Dirac sea of vacuum to 
instantly replace the electron emitted from the nucleus. 

This provides a one-way gate valve from the 
Dirac sea to the external universe. 

Theoretically, these mechanisms are no more 
mysterious than a hydraulic ram, which raises water 
higher than the stream that feeds the ram. 

In the 20's and 30's, T. Henry Moray 
successfully built such gating devices for converting 
vacuum anenergy to external energy. 

In the Kervran effect, living systems are able 
to directly transmute elements, even though they only 
possess feeble energies, by influencing the virtual 
particle interactions in the nucleus that furnish its 
binding energy. 

Reich used an adaptation of a cloudbuster -- 
which emits scalar waves -- to drastically speed up 
radioactive decay of radioelements. 

Both plants and animals transmute elements 
by similar processes. 
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On this slide, we show a theoretical scheme 
which several researchers have discovered and used to 
build simple free energy motors. 

In this scheme, we drive an ordinary d.c. series 
motor by a two wire system from an ordinary battery. 
The motor produces shaft horsepower, at -- say -- some 
30 or 40 percent efficiency, compared to the power 
drained from the battery. This much of the circuit is 
perfectly ordinary. 

The trick here is to get the battery to recharge 
itself, without furnishing normal power to it, or 
expending work from the external circuit in the process. 

To do this, recall that a charged particle ina 
"hooking" del-phi river moves itself. This is true for an 
ion, as well as for an electron. We need only make the 
del-phi in correct fashion and synchronize it; 
specifically, we must not release the hose nozzles we 
utilize to produce our del-phi river or waves. 

The inventors who have discovered this have 
used various variations, but here we show a common 
one. 

First, we add an "energizer" (often referred to 
by various other names) to the circuit. This device 
makes the del-phi waves we will utilize, but does NOT 
make currents of electron masses. In other words, it 
makes pure @-dot. It takes a little work to do this, for 
the energizer circuit must pump a few charges now and 
then. So the energizer draws a little bit of power from 
the motor, but not very much. 

Now we add a switching device, called a 
controller, which breaks up power to the motor in 
pulses. During one pulse, the battery is connected and 
furnishes power to the motor; during the succeeding 
pulse, the battery is disconnected completely from the 
motor and the output from the energizer is applied 
across the terminals of the battery. 

If frequency content, spin-hole content, etc. 
are properly constructed by the energizer, then the ion 
movements in the battery reverse themselves, 
recharging the battery. Again, remember that these 
ions MOVE THEMSELVES during this recharge 
phase. Specifically, we are NOT furnishing ordinary 
current to the battery, and we are not doing work on it 
from the energizer. 

If things are built properly, the battery can be 
made to more than recover its charge during this pulse 
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cycle. 

To prevent excess charge of the battery and 
overheating and destroying it, a sensor is added which 
senses the state of charge of the battery, and furnishes a 
feedback signal to the controller to regulate the length 
of recharge time per "power off" pulse. In other words, 
the system is now self-regulating. 

The relation between power pulses and 
recharge pulses is shown on the graphs at the bottom. 
Note that regulation may decrease the time of recharge 
application of the del-phi river. 

This system, if properly built and tuned, will 
furnish "free shaft energy" continually, without 
violating conservation of anenergy. Remember that the 
del-phi condition across the battery terminals means 
that spacetime is suddenly curved there, and 
conservation of energy need no longer apply. 

Again, this system is consistent with general 
relativity and with the fact that O-field alone can drive 
a Situation relativistic. We have deliberately used these 
facts to do direct engineering. Our "extra energy" 
comes from shifting phi-flux -- the energy of the 
universal vacuum spacetime -- directly into ordinary 
energy for our use. Thus we draw on an inexhaustible 
source, and our device is no more esoteric than a 
paddlewheel in a river. The only difference is that, in 
this case, we have to be clever enough to make and 
divert the river in the right timing sequency. 

This is a free energy device which an 
ordinary person, who knows a little electronics, can 
experiment with in the basement. To develop it, one is 
talking several thousands of dollars and a lot of 
persistence and tinkering; one is not talking millions. 


WARNING: THE PRECEDING EXPERIMENTS 
ARE HAZARDOUS. DO NOT ATTEMPT THESE 
EXPERIMENTS UNDER ANY 
CIRCUMSTANCES UNLESS YOU ARE AN 
EXPERIENCED ELECTRICAL RESEARCHER, 
EXPERIENCED IN PERFORMING 
EXPERIMENTS WITH LEAD-ACID BATTERIES 
AND PULSE CHARGE AND DISCHARGE OF 
SAME, AND UNLESS YOU ALSO USE ALL 
SAFETY PRECAUTIONS SUCH AS GOGGLES 
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AND PROTECTIVE GLOVES, SLEEVES, AND 
APRON. YOU MUST NOT HAVE OTHER 
INFLAMMABLE LIQUIDS OR OTHER 
SUBSTANCES PRESENT WHICH COULD BE 
IGNITED AND BURN OR EXPLODE. SURGED 
LEAD-ACID BATTERIES PRODUCE 
HYDROGEN GAS, WHICH CAN EASILY 
EXPLODE SINCE SPARKING ALSO CAN 
OCCUR. THE ACID FROM SUCH AN 
EXPLOSION CAN EASILY BLIND YOU IF IT 
GETS IN YOUR EYES, AND IT CAN BURN 
YOUR SKIN. IN ADDITION, LEAD AND LEAD 
COMPOUNDS ARE POISONS, AND ARE TO BE 
HANDLED ONLY BY EXPERIENCED 
RESEARCHERS. THESE EXPERIMENTS ARE 
NOT FOR AMATEURS UNDER ANY 
CIRCUMSTANCE, BUT ONLY FOR 
EXPERIENCED PROFESSIONALS WITH 
PROPER KNOWLEDGE AND TRAINING, AND 
USING PROPER PRECAUTIONS. NEITHER 
THE AUTHOR NOR THE PUBLISHER IS 
REPONSIBLE OR LIABLE FOR ANY 
ACCIDENTS OR DAMAGE YOU MAY 
ENCOUNTER, AND ALL EXPERIMENTATION 
WITH THESE DEVICES AND PROCEDURES IS 
AT YOUR OWN ASSUMED PERSONAL RISK. 
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We now turn to a fundamental concept we need 
in order to understand some of the effects used by the 
Soviets in their Tesla weapons. 

Note that one other country -- one not hostile to 
the U.S. -- also has such weaponry. 

This slide shows the concept of a 
TRANSLATOR. Briefly, if 
we input a transverse matter wave, the translator 
outputs a scalar longitudinal wave without spin vortex 
hooks. If we input a scalar longitudinal wave -- even 
one without hooks -- the translator puts out a normal 
vector transverse matter wave. 

We define a translator as anything which will 
accomplish one or both of those functions (usually 
both). 

Basically, any device which is TOTALLY 
nonlinear to transverse waves will produce scalar 
waves from a transverse wave input. Any device 
which is totally nonlinear to longitudinal waves will 
produce transverse waves from a longitudinal wave 
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input. 

It is comparable to certain plasmas, which, as is 
well 
known, produce such a translator effect. If you input 
longitudinal waves, you get transverse waves. If you 
input transverse waves, you get longitudinal waves. 
And the plasma is rather totally nonlinear. 

Again, if our translator outputs non-hooking 
waves, it means that the component substructure waves 
oppose each other in sum zero fashion, and "kill" or 
nullify the vortex spin-holes. 
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SLIDE 42. 


TRANSVERSE WAVE INTERFERENCE 
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On this slide we show "normal " transverse wave 
interference, as we presently teach it in our textbooks. 

We visualize two identical transmitters, each 
producing a beam in a pattern of about 55 degrees of 
so. 

Where these beams overlap -- in the ideal, 
perfect case, we have constructive and destructive 
interference, with absolute zero-vector linear regions 
being formed. We put in the energy, and out-of-phase 
interference creates the zero zones, which contain no 
energy as such. 

We point out, however, that these zero-lines are 
scalars, 
and contain high stresses on spacetime. 
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On this slide we show the interference pattern 
that emerges from the interference of two identical 
scalar wave beams from translator/transmitters. 

Now note we are interfering two zero-vector 
waves, each containing a substructure. In this case we 
assume similar substructures. 

What happens now is that we get a similar 
interference pattern, but with some startling 
differences. 

First, we put in the zero-lines. These represent 
in-phase conditions for the substructures. 

Second, the substructures themselves interfere, 
and form energy in the grid zones between intersecting 
zero-lines. 

In the perfect case, however, this energy cannot 
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radiate away. It is physically created and trapped as if 
in an "energy bottle." We are CREATING this energy 
at a distance, and storing it in a bottle. If the bottle 
were perfect, we would continue to accumulate energy 
in the grid zones -- notice we are continuing to pour 
energy into both transmitters, and there is zero ordinary 
energy anywhere else except in the grid zone "bottles." 

If we turn off the transmitters smoothly, we 
extinguish the energy in the bottle completely. It is 
sucked right out of there, and the vacuum returns to its 
normal condition. 

If we erratically and nonlinearly turn off the 
transmitters, we destroy the bottle and "dump" the 
energy suddenly. This is exactly like a sudden EMP 
from a nuclear weapon. A sudden pulse of energy is 
freed to radiate and interact in the region where the 
bottle was. 

The high altitude booms off the East coast of the 
U.S. a few years ago were made in precisely this 
fashion, from such a weapon being adjusted and 
calibrated in the Soviet Union. 
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SLIDE 44. 


CREATING ENERGY AT A DISTANCE 
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Figure 5. Scalar potential interferometry (between the two sets of bidirectional 
longitudina EM wavepair functions) produces all EM force fields and waves. 


But let us look at one way to do this sort of thing 
more efficiently. 

Here we show two scalar transmitters (that is, two 
translator /transmitters) which form narrow beams, and 
which cross those beams at a distance. 

In the crossing zone, scalar interference is 
established, making an energy bottle and producing 
trapped or locked in energy. 

If I have a physical target in that crossed zone, I 
can 
literally "fry" the target, for I get all the power inputted 
to the transmitters contained in the bottle zone. I don't 
have any square law losses. 

I can heat a metal object white hot at a distance, 
for example. Because all real bottles are slightly 
imperfect, the real bottle is leaky and some photons 
escape. I can observe the white hot steel in the bottle, 
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and I can record and measure the temperature from the 
escaping photons, by simple radiometric methods. 

Now if I smoothly turn off both transmitters 
linearly, all the energy in the bottle disappears 
immediately. I can immediately reach in and pick up a 
black, cool piece of steel. And that cannot be done with 
ordinary inductive or radiowave heating. 

That has been done in a laboratory on the North 
American continent. 


Next Slide 


http://www.cheniere.org/books/part4/s44.htm (2 of 2)24.11.2003 21:33:29 


The Tom Bearden Website 


The Tom Bearden 
Website 


SLIDE 45. 


NONLINEARITIES CAUSE SHIFTING 
[PARTIAL TRANSLATION] 
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Here we show the results of electrical 
nonlinearities in an object which encounters a true 
translated (non-hooking) scalar wave. All objects have 
some electrical nonlinearities in them, and so all act 
partially as translators. 

This means that any real object creates a small 
scalar aura around itself from its continual temperature 
interactions -- from absorbing and radiating ordinary 
EM waves. In addition, the object normally is subject 
to undetected scalar wave radiations, and so it also 
produces a small aura of transverse vector waves 
around itself by translation. 

All real objects accomplish at least a little bit of 
translation. 
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We examine now an object with temperature, 
that is, a normal object continually absorbing ordinary 
EM radiation and continually emitting EM radiation. 


The object has a small fraction of its incident 
energy expressed as a scalar aura around it, because of 
translation. Note that normal detectors will not detect 
this aura, but special two-stage interferometric 
detectors will detect it. Also note that the object 
replenishes- the ordinary radiation flow by its 
translation of some of its incident scalar radiation into 
the normal or "transverse" (so-called) radiation. 
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The entire internal pattern -- all interactions and 
functions of the body -- are precisely present in its 
scalar aura, down to the finest detail. This makes an x- 
ray pale by comparison. 


True psychics actually use the nonlinearity of 
their nervous systems (note the avalanche ion 
discharges across dendrite gaps) and the interferometric 
aspects (note two cerebral hemispheres, connected by a 
corpus callosum) to detect the scalar aura. This is a 
physical fact and not esoteric delusion. To control this, 
however, is normally as difficult as learning to walk a 
high wire and do acrobatics on it. There are not many 
high wire walkers in the world, but it certainly is a skill 
within human control capability and purview. 


T. Galen Hieronymus was absolutely correct 
when he stated that the entire internal working pattern 
of an object is radiated by that object in terms of an 
extraordinary energy, which he called "eloptic" energy. 
It is actually translated scalar wave energy, and entirely 
consistent with present EM theory when the glaring 
errors in its foundations are corrected. 


Shortly I hope we will see instrumentation 
which can directly examine the scalar aura in the finest 
detail, seeing every illness, and simply setting dials to 
radiate the body with gentle, harmless scalar waxes to 
directly correct illnesses. 
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SLIDE 47. 


VIRTUAL FLUX AND MAGNETIC FIELD 
[LINEAR CASE] 
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Briefly, let's look at some nice things we can do 
with magnetism. Specifically, let's find out how to 
make magnetic monopoles and use them to do things in 
the laboratory. This again has been done in a 
laboratory on the North American continent. 

First, about all the present science can tell us 
about a magnet is that "a big magnet is made of littler 
magnets." And if we examine one of the smaller 
magnets, it's made of even smaller magnets. This is 
like saying big dirt piles are made of smaller dirt piles, 
and that explains what dirt is. 

However, let's use that with our knowledge of 
the virtual flux vacuum. 

In this slide, we show diagrammatically the 
situation fora common magnet. Note that domains in 
the magnetic material are themselves little magnets, 
and their alignment and vector summation determine 
whether or not there's said to be a magnetic field 
present. Nonzero summation states that there's a 
resultant magnetic vector, and hence an external 
magnetic field. Zero summation states there's no 
external nonzero resultant, hence no external magnetic 
field. 

Actually, there's an external scalar magnetic 
potential field, even when the external vector magnetic 
field is zero. The substructure is still there. 

If we pursue this "big magnets are composed of 
smaller magnets," eventually we reach the quantum 
threshold, and we have a substructure of virtual, 
subquantal magnets in vacuum, in the virtual particle 
flux. At least we conceive each little virtual particle as 
if it were spinning, and hence a little magnet. 

We put a conceptual bag around each little 
virtual magnet. 

In a linear situation, the north pole is as strong as the 
south pole, and so just outside the bag, the poles cancel 
or appear zero. Since the virtual bag appears to be zero 
length to an external macro observer, the poles seem to 
be directly superposed on top of each other, yielding no 
pole at all to the observer. 

However, you and I now know that both poles 
are still in there, in the virtual substructure, and we 
certainly have remaining with us a translated scalar 
magnetic field. 

There's a virtual flux to and from each 
observable particle of charged mass in the observable 
state as shown, but this flux is now scalar in virtual 
magnets, except for nonlinearities in the structures 
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above the quantum level. Thus accelerated portions -- 
atoms with electrons in whirling orbit, spinning 
electrons, protons, etc. -- possess nonzero ordinary 
vector magnetic fields by translation. Again, notice the 
successive interlocking levels of reality, all the way 
from deep in the virtual state into interlocking levels in 
observable state. 
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Now let us look at a non-linear case of the same 
sort of thing. Now the bags are still around the little 
virtual magnets, but they are nonlinear. This means 
that, to an observer outside the bag, one pole seems 
bigger or more powerful than the other. In other words, 
to the quantum observer, this bag appears to be a 
magnetic monopole at a point. 

In the flux still on and off each observable 
spinning charged mass, we now have a steady 
component of "monopoles". If we have a standing 
scalar wave present in a physical material in which the 
nonlinearity exists -- and the scalar waves can even be 
PRODUCING that nonlinearity -- we will have nodes 
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available at which the monopoles will congregate and 
emerge and interact. 

North monopoles will congregate at one node, 
while south monopoles will congregate at the next, and 
so on in alternating fashion. 

That means that, at anyone node, monopoles of 
the same kind are steadily being "deposited" in the 
material. These monopoles strongly repel each other, 
and so the material at that node is increasingly stressed 
in a tensile fashion. 

Eventually the material will be torn apart at the 
node, 
stress relieving the situation. Movement of the 
material will release the nonlinear condition, stopping 
monopole production and deposit. However, at a break 
node, the same kind of magnetic pole will appear on 
each side of the break. 

That is, the breaks will be N-N, S-S, N-N, S-S, 
etc. 

An ordinary magnetic does not do that when it 
breaks. Instead, it breaks N-S, N-S, etc. 
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Again, metal has been broken in a North 
American laboratory utilizing the production and 
deposit of magnetic monopoles in this fashion. 

On this slide we show what was done. 

An ordinary bar of steel was exposed to standing 
scalar 
waves in a nonlinear situation, depositing magnetic 
monopoles at the wave nodal points in the metal bar. 
The breaks occurred as shown on this slide. 

Much of what I am presenting is based on 
certain experiments accomplished in experimental 
laboratories here and abroad. Most of the mechanisms 
have actually been produced in the lab. However, 
these are proprietary labs and I cannot violate trust and 
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reveal the precise construction details utilized. In some 
cases I have not seen the precise constructions, but only 
the direct results. 

But ironically, the production of magnetic 
monopoles -- which has fiercely resisted the normal 
scientific approach -- yields readily to the new 
approach. 
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We now show schematically how to produce an 
inertial field, or antigravity. Also an inertial space 
drive can be produced in this manner. 

This again has been done in a North American 
laboratory. In fact, inertial fields have been produced in 
more than one lab here in North America. 

In the setup shown here, three translator/ 
transmitter projectors are used and oriented so as to 
give three-dimensional interference, or interference 
along all three spatial axes. 

By controlling the substructures of the three 
projectors all together, one can control the precise 
phasing in all substructures, with respect to a common 
time reference. 

By this means, a unilateral force can be created 
of each and every charged mass particle (that is, on 
each proton) in the nucleus. 
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Since we know that the neutrons and protons in 
a nucleus of an atom are continually interchanging, one 
into the other, back and forth, all of the nucleons can be 
treated as "diffuse protons" for mass purposes, and 
scalar wave interaction purposes. 

Thus if we have the correct pattern to affect 
protons, we can control the phases of the substructure 
waves of the projectors so as to produce unilateral, 
parallel forces on and of each spinning proton in the 
nucleus. 

This means we can produce unilateral thrust in 
an object exposed to the triad interference of the 
projectors. 

In short, this produces antigravity. If sufficient 
force is produced, the test object in the interference 
zone simply lifts itself off against earth gravity. This 
has been done in North America. 

If we phase the projectors so that 
counterbalancing forces are produced on each proton, 
we can either make the proton "lighter" inertially or 
"heavier." 

In fact, we could "freeze" a common pistol so 
that it could not be moved and its trigger could not be 
pulled, simply by sufficiently increasing its inertia. 
This was done in experimental demonstrations in 
Toronto, Canada in 1969, and witnessed by the Chief 


of the Homicide Squad of the Toronto police. It was 
his pistol that was frozen for the demonstration. 

If the projectors themselves are on board a space 
capsule, for example, they can produce such a 
unilateral thrust in and of a central mass or disc 
attached to the of the craft. By this means, an inertial 
spacedrive can be built. 
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Now let us look at some of the effects on 
humans, when radiated with a true scalar wave beam 
from a translator/transmitter. 

First, the human nervous system is highly 
nonlinear. Essentially, across billions of synapses, 
sudden ion discharges -- analogous to spark discharges 
-- are continually or periodically occurring. Brain 
waves, for example, are not waves along wires; instead, 
they are waves of avalanche discharges across 
tremendous numbers of nerve cell gaps. 

The central nervous system is thus highly 
nonlinear, and the gap firings of the nerve endings act 
as translators. 

These translators partially translate incident 
scalar waves, so that additional transverse matter waves 
-- or ordinary energy inputs -- occur in the ion 
discharges. 

Thus additional energy is being added to the 
nervous system by incident scalar waves. 

Many long-term effects of the environment on 
the body are gradually kindled in this fashion, even 
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over a period of years. 

For a stronger dosage of scalar waves, the 
nervous system experiences "jamming" of its signals. 
This leads to four basic "noise jamming" effects. 

If a small dose is absorbed, the interference is 
slight. One feels as if one had taken a whiff of 
anaesthesia -- an unreal, dreamy feeling. 

If a slightly larger dose is absorbed, the 
interference is moderate. Now the single channel 
system -- the motor system -- goes, and the individual 
is paralyzed. Mentally he is barely conscious, in a sort 
of hypnogogic, waking dream state. Any tendency 
toward epileptic seizure or other nervous disorder may 
surface here, as may heart palpitations or even heart 
failure. 

For a heavier dosage yet, the interference is now 
strong. Now the multiple systems start failing. 
Consciousness is lost and the individual is in a deep 
coma. In addition, seizures and convulsions, and loss 
of control of some body functions, may occur. The 
autonomic nervous system is keeping the heart beating 
with difficulty and keeping the body gasping for breath. 

For a very strong dosage, the entire nervous 
system fails and death results almost immediately. 
This is quite similar to the effects of nerve gas. 

These are the four major symptoms of scalar 
wave radiation of the body and translating absorption 
by the nervous system in an uncoordinated fashion. 
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If we now add precisely patterned modulations 
to the substructure waves of the scalar zero vector 
beam, we can induce deliberate patterns in the dosage 
absorbed by a biological system. 

As Kaznacheyev's experiments showed, any 
death or disease pattern can be induced upon an 
electromagnetic carrier -- specifically, upon the near- 
ultraviolet as an example. Some of his experiments 
were duplicated at the University of Marburg in West 
Germany, utilizing infrared carriers. These patterns 
can be dumped into cell cultures, eventually kindling 
the pattern of death or disease in the target cells. 
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The same can be done to a human from an 
external source. The major entry point is the 
acupuncture system, which reacts to scalar waves and 
transfers them to the nervous system for translation. 

Pavlita, Czechoslovakian engineer, has built 
"psychotronic generators" for over 30 years that affect 
the human body. Adamenko, Soviet physicist, found 
that the acupuncture points formed groupings or 
plexuses that were frequency sensitive. In other words, 
certain frequency bands affect one plexus more than 
others. Further, these acupuncture points are known to 
be connected to effects produced at remote locations in 
the body. 

Pavlita stated he had found 64 different sensitive 
"points" on the body, and had succeeded in building a 
generator for each. If by his points he meant 
Adamenko's plexuses, then frequency patterns can be 
created that affect certain acupuncture groupings -- and 
thereby certain specific body locations and effects -- 
more than others. 

It thus appears reasonable that, by placing the 
proper frequency pattern in the modulations of the 
substructure waves feeding into the translator/ 
transmitter, the scalar ray or beam can be made highly 
selective as to body part affected and the effect 
generated or kindled in the body. 

By this means, specifically tailored attacks on 
the body can be created. 

Strong emotions such as sheer terror, 
overpowering rage, blind panic, etc. can be induced. 
Or physical effects such as epileptic seizure, loss of 
control of internal functions, loss of muscular control, 
severe weakness, specific failure of an individual organ 
such as the heart or liver, or blackouts and comas can 
be induced. In addition, patterns for specific toxins and 
diseases can be induced. With a strong absorption, 
these changes can be effected quickly. Imagine 
bubonic plague developing in 30 seconds, for example, 
or the effects of a cobra bite developing in 10 seconds. 

If the individual is placed in crossed interference 
beams (that is, in the interference zone of a scalar 
interferometer), strong effects can be produced 
essentially instantly, including instantaneous death. 

Of course BENEFICIAL effects can also be 
accomplished. As instrumentation is developed, one 
should be able to scan the aura, do a computerized 
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readout to show the different medical problems either 
developed or developing in the body, have the 
computer compose a "cancellation or offsetting 
pattern," and radiate the body with a totally beneficial 
pattern, customized for that particular condition at that 
particular time. One should be able to quickly cure 
cancers and leukemias, for example, even of the brain 
and of the bone marrow. One may even be able to 
quickly reverse the effects of aging; at least there is no 
foreseeable reason why it should not be possible. 

The new technology is a very powerful tool, and 
it can be used for either good or bad, depending upon 
the intent of the developer and the user. 
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SLIDE 53. 


GROUND-TO-AIR USE 
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Here we show another use of the scalar beam 
technology already developed by foreign powers. 

A modified track radar -- either continuous 
wave or pulsed -- transmits a scalar wave beam. It 
radiates an incoming hostile aircraft, keeping the beam 
on it, and kindling energy in the nonlinear electronic 
circuits of the aircraft by translation. Communications, 
navigation systems, avionics systems, electronic fuze 
systems, ignition and control systems, airborne radar, 
missile armament electronics, etc. are all vulnerable to 
this translation kindling of internally jamming energy 
from the incident scalar beam. 

The electronics can be knocked out and the 
aircraft knocked down. 

The pilot himself is also vulnerable because of 
his highly nonlinear central nervous system. 

Some or all of the eight F-111's mysteriously 
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lost in 
Vietnam may have been bagged by modified SA-2 
FANSONG radars, using this effect. 
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SLIDE 54. 


TACTICAL AIR-TO-GROUND USAGE 
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As shown on this slide, the technology is also 
usable from aircraft against ground targets, particularly 
ground-based radars and communications systems. 

As shown, the aircraft has a modified jammer, 
able to emit a beam of scalar energy from one or more 
translator/transmitters. 

By simply training a beam on the radar, eventually the 
radar can be knocked out. That is the simplest use. 

A more sophisticated usage is provided by more 
than one translator/transmitter, acting as a scalar 
interferometer. 

In this mode, each translator/transmitter emits 
multiple scalar carrier frequencies. Two Fourier 
expansions are established, so that a three dimensional 
"pall" or sphere of interference-zone energy is 
established. By pulsing or phasing, this ball is moved 
to strike the location of the radar, delivering a large 
burst of energy to it and knocking it out. Alternatively, 
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the energy bottle is "dumped" when it reaches the 
targeted radar or its near vicinity. 

A still better way is to fire one Fourier scalar 
pattern directly at the target radar, then fire a second 
pulse faster so that it overtakes the first directly upon 
the target. (The ensemble of such a pattern acts as a 
soliton, and its velocity is controllable by controlling 
the amplitude of the pattern generated). 

When the second scalar overtakes the first, a 
sharp interference is formed, with a fast energy bottle, 
which is then nonlinearly dumped in microseconds or 
milliseconds. In this fashion, all the energy put out by 
the jammer is delivered directly upon and into the 
target in one sharp EMP pulse, much like that from a 
small nuclear explosion. The target is destroyed. 

Note that such a weapon can be utilized against 
tanks, vehicles, explosives, missiles, ammunition, 
bridges (the airblast), bunkers (the blast can occur 
INSIDE the enclosure), ships, planes, personnel, and 
targets of varied types. 

The Soviets have had such secret weapons for 
years. 

One additional country has them also. 
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SLIDE 55. 


INTEGRATED WEAPONS DISPLAY 
(MODIFIED JAMMER) 
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Here we show diagrammatically what a modified 
Soviet integrated weapons display for a modified 
jammer might be, to employ scalar interferometer 
weaponry. 

As the "main bang" is emerging from the antenna 
of the 
target radar on the ground, the phi-field from it reaches 
to infinity, including through the aircraft with a finite 
magnitude. In the alrcraft, two channels act in 
interferometer fashion as a scalar detector for phi-dot. 
The main bang creation (phi-dot) is detected, and 
displayed as the leftmost pulse. 

At that time, a computer time-base starts 
clocking off microseconds. 

At some time later, the third channel, acting as a 
normal receiver, receives the ordinary "Hertz" pulse 
from the radar, which has traveled to the aircraft at the 
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speed of light. 

The computer converts elapsed time between the 
scalar pulse and the Hertz pulse to range. 

Azimuth and elevation angle to the radar are 
obtained by normal angle tracking. 

At this time, the computer has the exact 
coordinates of the radar, allowing for motion of the 
aircraft during the lapse time. 

The computer switches the interferometer into 
transmit mode, and arranges amplitude patterns to 
target the radar. 

It fires the first scalar pulse, then fires the second 
so as to create the full EMP directly upon the target. 

The EMP flash occurs, destroying the radar. 

At that time, another target can be processed. 

In a more advanced weapon, scanning may be 
used to detect, locate, target, and engage multiple 
targets, including incoming air-to-air and surface-to-air 
missiles, one after another. 

The same weapon is usable against a variety of 
aerial and ground based targets. 

The major weapon is the electronic emitter, not a 
missile or ordinary ordnance. 

Hordes of such special "jammer aircraft" now 
become a potent force on the battlefield, destroying all 
before them with annihilating ray weapons. 

Star war is a reality now. 

The High Frontier is already seriously obsolete. 

Our entire defense establishment is completely 
vulnerable to these weapons at present, for we have not 
developed countermeasures or defenses. 
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TOWARDS A NEW ELECTROMAGNETICS 
PART 4: VECTORS AND MECHANISMS CLARIFIED 


SLIDE 56 
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On this slide we show another effect which can 
be obtained. We can make an airplane invisible to 
ordinary radar. 

Imagine now the same "jammer" type aircraft 
with three channels, one for use in scalar 
interferometry and one as an ordinary channel. 

This time, a Fourier interference pattern is 
established around the aircraft, so this establishes an 
"energy bottle" around the plane. We specifically 
arrange this bottle in the frequency band of the hostile 
radar we wish to avoid. For multiple bands, we 
establish multiple bottles -- this just requires more 
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frequencies or more translator/transmitters. 

The beam from the ground radar now strikes the 
energy bottle, and its energy enters and is trapped in 
the bottle grids. Since the bottle is leaky, the incident 
energy gradually disperses and "leaks" out all around, 
with very little emerging energy. 

The ground radar receives no return pulse or 
reflection. 

Therefore it sees no target. 

The same interferometer system is usable both 
in this defensive screen fashion and in the attack 
fashion previously discussed. 

Use of this system has been demonstrated 
internationally. 

An energy bottle has been created in a North 
American laboratory as well. 
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SLIDE 57. 


NETWORK OF VIRTUAL TRANSMITTERS 
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As is well-known, for years the Soviets have 
blanketed the world with large, powerful transmitter 
signals in the communications band, referred to as the 
"Woodpecker" signals because of the staccato noise the 
chirped signals make to the ear. The carriers have been 
modulated with known harmful bioactive ELF 
frequencies. At least some effects have been noted on 
humans from these signals, and other human effects are 
suspected but not proven. 

In addition, evidence exists that such 
transmitters, utilized in the scalar transmission mode, 
may have been used to cause earthquakes and to 
control the weather. High altitude bursts off the coast 
of the Eastern United States and Canada, over 
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Timmons, Ontario, Canada, and off the coast from St. 
Petersburg, Florida have occurred also. 

Mysterious "blackouts" of U. S .satellites -- and 
British satellites -- have occurred. These would be 
difficult to explain as the result of illumination from a 
ground laser, but easily explained as the result of 
illumination from a ground-based scalar beam or scalar 
interferometer. 

Strange patterns of micro sky quakes and micro 
earthquakes occurred at various locations throughout 
the U.S. just before and shortly after the death of 
Leonid Brezhnev. These strongly appear to be 
connected with the adjustment of a scalar interference 
pattern -- a gigantic "energy bottle" across North 
America, as shown on this slide. 

Shortly after this suspected adjustment and 
alignment, the underground net in the U.S. detected the 
emergence of numerous ELF-modulated signal carriers 
throughout the U.S., generally utilizing carriers in the 
vicinity of 40 MHz. Locations of the apparent 
transmitters were such places as Atlanta, North 
Georgia, St. Petersburg, Florida; Mississippi; Alabama; 
in the vicinity of Washington, D.C.; near Boston; 
around the Great Lakes; Michigan; in the Pacific 
Northwest (Washington and Oregon); and in both 
northern and southern California. 

Researchers knowledgeable of the Soviet 
woodpecker signals and ELF modulations detected and 
reported these signals. 

Physical effects were reported and correlated to 
the signals, including wakefulness at night, 
restlessness, fatigue, headaches, nausea, ringing in the 
ears, anxiety, disturbed dreams, etc. 

What appears to have occurred is the adjustment 
and 
alignment of a vast scalar interference pattern across 
the U.S. Recall that energy emerges in each grid, by 
phase interference between the composite substructure 
waves of the scalar beams. 

Thus the Woodpecker "over-the-horizon radars," 
as accepted 
by Western intelligence analysts, may have acquired a 
diabolical new strategic capability. 

It is as if the Soviets had been permitted to build 
a vast network of transmitters directly on U.S. soil, for 
hostile employment against U.S. citizens. 

Shortly after the net was aligned, a curious 
pattern of weather assaults on the U.S. began. 
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Storms assaulted California unceasingly. Then 
they roared across the Rockies, dipping sharply down 
to hit the Texas Panhandle, and bending northeast 
again to assault the South and the East. 

The mighty jetstreams themselves were diverted 
and "kinked" into this looped, distorted pattern. 

And the storms and floods assaulted the U.S. one 
after the other in this highly unusual fashion. 

I maintain that the virtual transmitter net, just 
established by the Soviets and adjusted in on the U.S., 
was tested in the weather control mode. If so, it proved 
highly effective. Imagine what would have happened 
to the U.S. if it had been unleashed full force, and not 
just "gently tested." 

And imagine what happens when disease, death, 
and nervous system disturbances are modulated upon 
these blanketing signals. The "transmitters" for the 
patterns are in each grid, all across the U.S.! And there 
are no physical transmitters there to destroy. 

A counter is needed quickly. A simple one 
would consist of recording the signals in each grid 
zone, analyzing the substructure, reversing the signals 
and their structured patterns 180 degrees, and feeding 
the "cancellation signals" out in each area. 

A great strategic Russian weapon of devastating 
power and potential is now operating directly on U.S. 
soil. The need for a crash countermeasures program is 
urgent. 

In 1975 Brezhnev had introduced to the SALT 
talks the 
strange proposal that we should also consider 
outlawing the development of new weapons more 
frightful than the mind of man 
had ever imagined. We didn't know what the Russians 
were talking about. When we asked them later what 
weapons they meant, they referred vaguely to weapons 
of an electromagnetic nature. 

The presentation I have just given you is part of 
what Brezhnev meant. 
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SLIDE 58. 


CONCLUSION 





In conclusion, today I have released a number of 
powerful mechanisms that result from the new 
technological concepts. Many of these were originally 
discovered -- at least in rudimentary form -- by Nikola 
Tesla. In the West, the suppression of Tesla led to the 
suppression of these effects. And our knowledge of 
them went to the grave with Tesla. 

After World War II, the Soviet Union mounted a 
massive campaign to obtain all the scientific literature 
of the West and 
thoroughly digest it. Great centers were set up, and 
thousands 
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of PhD's devoted to this purpose. Gradually they 
synthesized 

this technology from the errors in EM foundations they 
uncovered, and from obscure, ignored papers published 
in the orthodox 

Western scientific literature. 

They rediscovered the technology of Tesla, 
Moray, and 
Rogers. And they have highly weaponized the effects, 
and adjusted and aligned the weapons upon us. 

Now the radical movements are onto part of this 
technology. As late as about six months ago, one such 
group discovered how to build a translator and a scalar 
beam projector. Excitedly, they planned to build them 
the size of a large pistol, powered by a portable battery 
pack, and sell them to street criminals to kill or stop the 
police. They planned to get rich by this illicit means. 
At that time, a personal friend of mine, who moves in 
underground circles, was attempting to purchase one of 
the prototypes for my analysis. Fortunately, the 
inventor stepped into the beam of one of his devices 
and was almost killed. This frightened the group, and 
at least for now they have desisted. But be 
forewarned: this technology is coming down the pipe, 
and the police establishments in the West are in for the 
shock of their lives if the scientific community does not 
wake up and prepare defenses. 

Again I urge my fellow colleagues to experiment 
vigorously with these new concepts, but build 
equipment for the benefit of man. Insect control, 
disease elimination and control -- both are noble 
purposes. Defense against the hostile use of such 
devices is also a fitting purpose. 

We are in the final days, and the final technology 
is upon us. It is a stupendous tool for either good or 
bad, and assuredly it will be utilized for both means. I 
call attention once again to the fact that my ultimate 
purpose is to use this technology benevolently to 
achieve mind linkage, and elevate man from his present 
brutish state to the lofty state that is his destiny and his 
true God-nature. 

For better or worse, Tesla technology is once 
again loose in the world, this time for good, and on a 
massive scale. 

Let us prepare ourselves for a wild canoe ride, 
for the real white water lies just ahead. 
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Thank you for your attention, and good evening. 
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Captain Michael H. Smith, USN 
Commander, NSWCDD 


Dahlgren first launched research and development efforts de- 
voted to harnessing the power of electromagnetic energy over 
40 years ago. From early work with voltage multipliers and pulse- 
powered technology, to today’s high-energy lasers and high-pow- 
er microwave technologies, the Naval Surface Warfare Center, 
Dahlgren Division (NSWCDD) has led, and continues to lead, 
cutting-edge directed-energy research, development, testing, and 
evaluation. Our commitment in this area only grows stronger— 
evidenced by our chartering of the Directed Energy Warfare Of- 
fice (DEWO)—in order to provide increased focus on warfighting 
applications of these technologies. 

Today’s military forces face a wide array of challenges in di- 
verse operating environments around the world. Directed ener- 
gy offers unique and flexible options to address today’s challenges, 
as traditional kinetic weapons are often of limited value in peace- 
keeping missions and in urban environments, where restricted 
rules of engagement typify the norm. Kinetic weapons can also be 
more costly or ineffective to employ against asymmetric threats. 

The Chief of Naval Operations (CNO) recently placed add- 
ed emphasis on directed energy and on expanding the range of di- 
rected-energy capabilities. In response, scientists and engineers at 
NSWCDD are actively developing prototype systems in a num- 
ber of areas that you will read about in this issue—areas that have 
been successfully demonstrated and tested in our Navy laborato- 
ries and ranges. 

In this issue of The Leading Edge magazine, you will trace the 
rich history of directed-energy work at Dahlgren, gain insight into 
directed-energy weapons already fielded or being readied for the 
field, and learn about prototypes that show real promise for pro- 
viding incredibly effective offensive and defensive directed-ener- 
gy solutions. For example, scientists and engineers at NSWCDD 
are leading the way toward realizing small, lightweight radio fre- 
quency (RF) transmitters using high-power, solid-state switching 
amplifiers for the development of counter-improvised explosive 
device detection and neutralization systems. You will also learn 
about diverse applications of directed-energy technology—such 
as research and testing of laser glare devices and laser eye protec- 
tion—and have the opportunity to gain a better understanding of 
the Department of Defense (DoD) acquisition framework and the 
challenge of maintaining cost and schedule estimates while deliv- 
ering weapons systems that are critical to the warfighter. 

From lasers to high-power electrical vehicle-stopping systems, 
I am sure you will be fascinated and, along with me, be impressed 
with the advancements our scientists, engineers, and technical 
staff are achieving in the directed-energy arena to support of our 
men and women in uniform. 








EDGE 


DIRECTED-ENERGY TOPICS IN THIS ISSUE 





Dale Sisson 
Head, Electromagnetic and 
Sensor Systems Department 
NSWCDD Dahlgren, Virginia 





Welcome to our Directed Energy issue of the Leading Edge 
magazine. This issue represents the third in a trilogy of issues 
covering the truly fascinating and incredibly challenging area 
of naval warfare in the operational electromagnetic environ- 
ment. In our first issue, we covered the full range of operational 
and readiness implications when operating in the electromag- 
netic environment. ‘Then, in our second issue, we highlighted 
the complexities and dynamics of providing relevant and effec- 
tive sensors and radars to our warfighters. Now, we focus on 
directed energy and relate how the Naval Sea Systems Com- 
mand (NAVSEA) Warfare Centers, and the Naval Surface War- 
fare Center, Dahlgren Division's (NSWCDD’s), in particular, 
are working on state-of-the-art directed-energy weapons capa- 
bilities for the warfighter. 

In this issue, we first look back to the early years, decades 
ago, when directed-energy weapons research began. We exam- 
ine the history of directed energy, and we cover significant dis- 
coveries and achievements made by NAVSEA Warfare Center 
scientists and engineers, and others in the scientific communi- 
ty. We then relate information about several of our current di- 
rected-energy initiatives, and about how we're working hard to 
solve some of the most complex technical challenges associat- 
ed with directed-energy weapons. We highlight how others in 
the Navy, such as the Naval Medical Research Unit in San An- 
tonio, Texas, are also conducting research into directed ener- 
gy and how our forces can better protect themselves from the 
effects of directed energy. We show how directed energy can 
be employed in a variety of offensive and defensive, lethal and 
nonlethal situations. We explain how directed-energy weapons 
work and how they can be employed in various environments 
against a wide range of situations. Lastly, we look forward as we 
provide technical and strategic leadership for the efficient and 
effective development, acquisition, and fielding of directed-en- 
ergy systems for the warfighter. 

So, if you want to learn about what the NAVSEA Warfare 
Centers and others in the Navy are doing in the area of directed- 
energy weapons, look no further than this issue of the Leading 
Edge magazine. I’m confident that you will be impressed by the 
progress made in this most important technology field. 
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Directed-energy weapon (DEW) technologies typically take the form of high- 
energy lasers (HELs), high-power microwaves (HPMs), and charged-particle beams. 
This article focuses on the first two technology areas, as they have reached the point of 
being ready for operational testing and evaluation, and in some cases, operational use 
on the battlefield. DEWs have been popularized in science-fiction writings for over a 
hundred years. The Department of Defense (DoD) has been investing in their develop- 
ment since the 1970s. This article will not go into technical depth regarding the various 
directed-energy (DE)-related efforts currently underway in the Navy, but rather, it will 
overview DE areas under development and relate recent Navy leadership activity. Oth- 
er articles in this issue of The Leading Edge magazine will provide the reader with much 
greater technical and programmatic details on various DE efforts. 


HIGH-ENERGY LASER WEAPONS 

HEL weapon systems have been envisioned for a great many years, to include be- 
ing referred to as Martian “Heat Ray” weapons in H.G. Wells’ epic novel The War of the 
Worlds, originally published in 1898. In reality, a high-average-power laser weapon sys- 
tem is very similar to a “heat ray’, or even a blow torch. During the early years of DoD 
investments in DE technology, the Navy led the development of HEL with the creation 
of the world’s first megawatt-class, continuous-wave, Mid-Infrared Advanced Chemi- _ 
cal Laser (MIRACL), located at White Sands Missile Range (WSMR). Roughly 80 years 
after the work of H.G. Wells, the U.S. Navy tested the MIRACL laser and ultimately 
used that laser system to engage static and aerial targets in the desert of WSMR in the 
following years. While that laser proved to be the wrong choice for the Surface Navy's 


_ self-defense mission, it did spawn work by the Air Force on the Airborne Laser (ABL), 


and the Army on the Tactical High-Energy Laser (THEL). In 2000 and 2001, the THEL 


Pppeccesstuly shot down 28 supersonic Katyusha artillery rockets and 5 artillery shells. 





In 2010, the ABL successfully engaged and de- 
stroyed tactical ballistic missiles during the boost 
phase of their flight. All three of these laser sys- 
tems—the MIRACL, the ABL, and the THEL— 
are chemical lasers that utilize toxic chemicals 
and operate in less than optimal wavelengths that 
make them a poor choice for most naval applica- 
tions. The MIRACL is shown in Figure 1. 

Recent advances in solid-state lasers, to in- 
clude fiber lasers, have moved these electric la- 
sers to the forefront of the Department's research 
and development (R&D) for near-term HEL ap- 
plications in the services. The Navy has particular 
interest in electric lasers, to include the free-elec- 
tron laser (FEL), for shipboard self-defense and 
force protection applications. The speed-of-light 
delivery of HEL energy can defeat the high-g ma- 
neuvers of newly developed foreign antiship 
cruise missiles (ASCMs). Thus, the Office of Naval 
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Research (ONR) started an FEL Innovative Naval 
Prototype (INP) program in FY10, with a goal of 
reaching the output power of 100 kW. The even- 
tual goal of the FEL program is to reach the multi- 
megawatt power level with wavelength selectivity. 
The Naval Sea Systems Command (NAVSEA) Di- 
rected Energy and Electric Weapons Program 
Office (PMS 405) has been actively developing a 
fiber laser-based Laser Weapon System (LaWS) 
that could be a retrofit to augment the current ca- 
pabilities of the Close-In Weapon System (CIWS) 
currently deployed on many surface combatants. 
The Naval Surface Warfare Center, Dahlgren Di- 
vision (NSWCDD), is the Technical Direction 
Agent and lead system integrator for PMS 405 on 
the LaWS program. The Naval Air Systems Com- 
mand (NAVAIR) has interest in compact, solid- 
state HEL systems for aircraft self-protect and 
air-to-ground engagements, and will be starting a 





Figure 1. Mid-Infrared Advanced Chemical Laser (MIRACL) 
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fiber laser-based ONR Future Naval Capability ef- 
fort in FY12. LaWS is shown in Figure 2. 


Like lasers, microwave weapons have been fan- 
tasized about ever since the invention of microwave 
power generators. In fact, in 1932 it was generally 
recognized by the British government that bomb- 
ers, ostensibly German bombers, would be able to 
penetrate British air space and bomb its civilian 
population and infrastructures. In 1934, the Air 
Ministry initially asked Robert Watson-Watt, of 
the National Physical Laboratory, if he could build 
a “death ray” that could kill enemy pilots or deto- 
nate bombs while they are still on the planes of en- 
emy aircraft. Such a “death ray” had been proposed 
to the Air Ministry by Harry Gindell-Mathews 
10 years earlier in 1924. Watson-Watt, a former 
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meteorologist who had become an expert on ra- 
dio signals, suggested that energy reflected from an 
aircraft could be used to locate it. His experiments 
were successful and RADAR (radio detection and 
ranging), a name coined by the U.S. Navy in 1940, 
was born. While RADAR is not a DEW in the way 
they are thought of today, its roots can clearly be 
traced to the military’s desire for such capabilities. 

The Navy’s HPM, or high-power radio-frequen- 
cy (RF) systems, have been progressively increasing 
in power density to the point where it is now feasi- 
ble to integrate the technology into weapon systems 
for deployment. While initial HPM applications 
suffered from their inability to obtain militarily 
useful outcomes, either due to technology limita- 
tions, difficult concept of operations (CONOPS), 
or inherent robustness of potential target systems, 
many feasible military applications for using HPM 





Figure 2. Laser Weapon System (LaWS) 


devices have surfaced over recent years to include 
nonlethal, antipersonnel weapons and nonkinetic, 
antimateriel weapons. While these concepts of- 
fer unique capabilities to the warfighter due to the 
nonkinetic effects they generate, other warfighting 
concepts—such as stopping vehicles, or countering 
hidden roadside bombs or improvised explosive de- 
vices (IEDs)—are difficult to achieve by any other 
means. The multifrequency Radio-Frequency Ve- 
hicle Stopper (RFVS) system is shown in Figure 3. 
In addition, the difficulty in overcoming the 
propagation losses associated with HPM has driv- 
en some concepts into platforms such as un- 
manned aerial vehicles (UAVs) or cruise missiles 
that deliver the HPM device to the target for a 
close-in engagement. Over the past 10 years, field- 
testable prototypes have been developed to dem- 
onstrate the operational utility of these concepts, 
and in some cases, those prototypes have or will 
be deployed operationally to support our troops in 
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theater. It is only through the hard work and perse- 
verance of the Naval Research Enterprise (NRE), as 
well as other DoD laboratories, that concepts that 
were once only laboratory curiosities are now mak- 
ing their way onto the battlefield and contributing 
to the fight. 


FOREIGN DIRECTED-ENERGY WEAPON 
(DEW) DEVELOPMENT 

While the United States has been very active in 
this warfighting area, significant foreign DEW de- 
velopment also has elevated the need for the Navy 
to afford these threats a higher priority. This can be 
done either by incorporating the necessary DEW 
countermeasures into weapon systems, platforms, 
and critical infrastructures, or by adapting the 
CONOPS and tactics, techniques, and procedures 
(TTPs) employed by our armed forces to proper- 
ly account for those foreign DEW systems. Mate- 
riel developers need to understand how this threat 





Figure 3. Multifrequency RF Vehicle-Stopper (RFVS) System 
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is evolving and properly address it during the de- 
sign of their systems. They also need to address DE 
in the development of their system threat assess- 
ments. There has been movement on the HPM side 
to modify existing military standards, such as MIL 
STD 464' and others, to now include information 
on potential HPM threats. For example, in the HEL 
arena, work has been accomplished in the develop- 
ment of protective measures for eyes; however, this 
threat needs to be considered during the system 
development process. It is well known that build- 
ing in countermeasures is much cheaper during 
the initial development of a system, vice trying to 
retrofit systems with countermeasures once a new 
threat is on the battlefield. As analysts evaluate the 
foreign development of DE technologies, and the 
trends become clearer, it is the responsibility of the 
acquisition community to take this threat into con- 
sideration and ensure that weapon systems, plat- 
forms, and infrastructures will be available and 
at full capability when needed. By accounting for 
foreign threat developments, assessing blue force 
susceptibilities and vulnerabilities, and adopting 
appropriate measures to negate or counter these 
threats, naval forces will avoid technological sur- 
prise on the battlefield in the future. 


REQUIREMENTS 

The DE programs briefly mentioned in this 
article, and covered more deeply in this and oth- 
er publications, offer warfighters unique capa- 
bilities not currently found in their arsenal. The 
continuing problem, however, is matching those 
unique capabilities to vetted operational require- 
ments. The DE technical community has made 
great strides in helping the operational communi- 
ty understand the capabilities of DE weapons and 
their potential military effects on targets. The lack 
of formal requirements, however, has yielded more 
of a technology push—rather than an operational 
pull—of various DE capabilities. Progress has been 
made, but more effort is required if DE capabilities 
are to be developed and transitioned between sci- 
ence and technology (S&T), and formal programs 
of record. Notwithstanding, the current outlook 
and trends are positive. 





A RESURGENCE OF NAVY INTEREST IN 
DIRECTED ENERGY 

The Navy’s interest in DEWs for future mari- 
time operations has increased in recent years due 
to a number of weapons development successes. 
Recognizing the importance and value of DEWs, 
NAVSEA reestablished the Navy Directed Ener- 
gy Weapons Program Office (PMS 405) in 2004. 
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Accordingly, PMS 405 was designated as the point 
of contact for matters related to DE and electric 
weapon systems (EWS) development and acqui- 
sition initiation for NAVSEA, and for matters 
being coordinated with other federal agencies and 
military services. PMS 405’s mission is to transi- 
tion technology from the laboratory to prototype/ 
advanced development/testing for operational de- 
velopment and use.”* 

The Navy also established its first formal ex- 
ecutive position for DE (ST-level), the Navy’s Dis- 
tinguished Engineer/Scientist for Directed Energy, 
at NSWCDD in August 2004. Following the es- 
tablishment of this position, NAVSEA then for- 
mally established a Technical Authority Warrant 
for Directed Energy and Electric Weapon Systems 
(DE&EWS)—Surface Ships in July 2008. The scope 
of the warrant includes the transition of S&T de- 
velopment to weapon system development of le- 
thal and nonlethal capabilities associated with the 
DE&EWS for Surface Ships.* This included, but 
was not limited to, the following: 

e Laser Weapon Systems 
¢ High-Energy Lasers 
¢ Solid-State Lasers 
¢ Free-Electron Lasers 
« Femtosecond Ultrashort Pulse Lasers 
¢ Laser-Induced Plasma Channel 
¢ Lethality/Vulnerability 
Electromagnetic Rail Gun Weapon System 
High-Power Microwave 
¢ Active Denial System 
¢ Laser-Guided Energy 
Maritime Directed Energy Test Center 
Electromagnetic Launch of Weapons (ex- 
cluding the Electromagnetic Aircraft Launch 
System (EMALS)) 

Then, within the NAVSEA Warfare Center En- 
terprise, Warfare Center leadership established two 
technical capabilities (TCs): an NSWCDD TC for 
DE systems research, development, test, and evalu- 
ation (RDT&E); and a Naval Surface Warfare Cen- 
ter, Port Hueneme Division (NSWCPHD) TC for 
in-service engineering, test and evaluation (T&E), 
and integrated logistics support to DE systems. 
NSWCDD leads all S&T and RDT&E for the devel- 
opment and weaponization of DE systems for sur- 
face, air, and ground environments. It also leads the 
development of offensive and defensive DE technol- 
ogies needed to characterize and exploit vulnerabil- 
ities, provide weapons, and protect against attack. 
NSWCDD provides the technologies, devices, and 
systems designed to create or control electromag- 
netic energy used to cause persistent disruption or 
permanent damage by attacking target materials, 


electronics, optics, antennas, sensors, arrays, and 
personnel, including nonlethal applications. NSW- 
CPHD provides in-service engineering, T&E, and 
integrated logistics support to DE systems through- 
out the system life cycle. 

The Navy further demonstrated increased 
interest in DE when Assistant Secretary of the 
Navy (Research, Development & Acquisition 
(ASN(RDA)) designated NAVAIR offensive and 
defensive leads for naval aviation DE activities: 

¢ Program Executive Officer for Unmanned 

Aviation and Strike Weapons (PEO(U&W)), 
assigned as the offensive DE lead for naval 
aviation 

e PEO for Tactical Aircraft Programs (T), as- 

signed as the defensive lead for naval avia- 
tion 

Concerning future initiatives, the Chief of Na- 
val Operations (CNO) tasked the Strategic Studies 
Group (SSG) to examine a topic entitled “Mari- 
time Operations in the Age of Hypersonic and Di- 
rected-Energy Weapons.”* The intent of the study 
was to provide Navy leadership with an under- 
standing of where DE technologies and weapons 
are today and how they might influence future 
maritime operations. The theme of the study was 
completed during FY10, the results of which dis- 
cuss many DE concepts, as well as tactics for the 
employment of DE capabilities. The study’s find- 
ings are currently under review and consideration 
by senior Navy leadership. 
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CONCLUSION 

While H.G. Wells’ The War of the Worlds nov- 
el and television programs like Star Trek popular- 
ized the notion of using DE for weapons in years 
past, today— through persistent DEW RDT&E— 
Navy leadership is realizing the great potential that 
DEWSs offer naval warfighters and homeland de- 
fenders. The scientific and technical advances the 
Navy has made in HEL and HPM in recent years 
have been nothing short of extraordinary. More- 
over, future technological and engineering advanc- 
es undoubtedly will result in profound differences 
in our nation’s future warfighting capabilities. Na- 
val DEWs, therefore, are no longer just a future 
weapon concept...they are here today. 
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In 1962, the United States set off a megaton nuclear weapon 250 miles above the 
Pacific. The blast caused a large imbalance of electrons in the upper atmosphere that 
interacted with the Earth’s magnetic field to create oscillating electric fields over a large 
area of the Pacific. These fields were strong enough to damage electronics in Hawaii, a 
thousand miles away, and clearly demonstrated the effects of an electromagnetic pulse 
(EMP). It didn't take long for the military to begin considering ways to create such 
pulses without using nuclear weapons. 

In the late 1960s, the Special Applications Branch at the Naval Weapons Laboratory 
at Dahlgren began studying ways to generate high-power oscillating electric fields that 
could be used as a weapon to damage enemy electronics. These devices were basically 
high-power versions of the old spark-gap transmitters used in the early days of radio. 
To construct a device that could produce nuclear EMP-like fields, stored electrical en- 
ergy was converted to radio-frequency (RF) energy that could be radiated from an an- 
tenna through the atmosphere to a target. These devices typically would store energy in 
a high-voltage capacitor and release the energy quickly using a spark-gap switch. This 
would then drive oscillating currents on an antenna, causing it to radiate. To achieve 
field strengths of thousands of volts per meter, typical of a nuclear EMP, devices operat- 
ing at hundreds of thousands of volts or more were needed. 

A number of radiating devices were studied in the early 1970s. Most belonged to a 
class of devices called Hertzian oscillators. A capacitor is charged to high voltage, the 
switch is closed, and current flows in the circuit, causing the stored energy to oscil- 
late between the electric field of the capacitor and the magnetic field of the inductor. 
To charge the capacitor to extremely high voltages, a step-up transformer of some type 
must be used. One of the fastest voltage multipliers, the Marx generator, was frequent- 
ly used. The losses from internal resistance and external radiation damp the oscillat- 
ing waveform, typically after a few cycles. The radiated pulses are, therefore, short in 
time and broad in frequency content.' A simple diagram of the inductance-capacitance 
oscillator (L-C oscillator) is shown in Figure 1. 
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Many types of Hertzian devices were designed, constructed, and tested at Dahlgren dur- 
ing the 1970s. The transmission-line oscillator, or cavity oscillator, used a quarter-wavelength 
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HISTORICAL OVERVIEW OF 
DIRECTED-ENERGY WORK AT DAHLGREN 


da/dt COAXIAL PROBE 


TOP CAPACITOR 


INDUCTIVE PATH 


ANTENNA 


\ PRESSURE COLLAR 


BOTTOM CAPACITOR PLATE 


CROSS SECTION OF AN L-C OSCILLATOR 


Figure 1. Inductance-Capacitance Oscillator (L-C Oscillator) Diagram 


coaxial pipe, which was switched at one end, to create 
the oscillating waveform. A frozen wave generator, 
a different type, had quarter-wave sections of cable 
that were charged plus and minus to create a two- 
cycle waveform “frozen” in the cable. All sections 
were simultaneously switched, causing the wave to 
travel to an antenna. A special folded design was de- 
veloped so one switch could be used, eliminating 
the multiswitch synchronization problem. A Ross 
circuit used a square wave pulse, which traveled 
down cable “tees,” creating reflections, which were 
timed to create several RF cycles. In the Travetron, 
the turn-on time of a series of spark-gap switch- 
es was incorporated as a designed delay, creating 
reflections through a series of gaps to produce the 
waveform. This design allowed higher frequencies. 
All of these devices were designed, built, and test- 
ed to determine power and frequency capabilities, 
as well as efficiency. 

Scientists and engineers at Dahlgren built and 
tested versions of Hertzian oscillators operating up 
to half a million volts. These devices powered rel- 
atively simple monopole or dipole antennas that 
could produce very high electric fields at hun- 
dreds of meters. In the early 1970s, a special out- 
door field-measurement range was constructed. 
It housed high-voltage systems in underground 
trailers that fed antennas above ground on a spe- 
cially-built, 100-m-long ground plane that was 
constructed for testing and field measurements. A 
picture of the ground place in a fielded measure- 
ment range is shown in Figure 2. Field probes were 
even carried aboard helicopters to make measure- 
ments above ground effects, as shown in Figure 3. 


Other types of devices to produce pulses were 
constructed, too. Vector inversion generators used 
spiral-wound capacitive plates to generate high 
voltages without transformers.”*’ The Landecker 
ring used a paddle-wheel arrangement of capac- 
itors and inductors charged in parallel and dis- 
charged in series. The circular arrangement was 
designed so the entire system would radiate as a 
magnetic dipole, thus forming its own antenna.* 
Switch timing was critical, and Dahlgren engineers 
attempted to verify reports that Landecker devel- 
oped a specific type that brought all capacitor leads 
into a single-center spark gap. 

Scientists and engineers also looked at devices 
that used explosives to generate the electrical energy 
needed. These included explosive flux compressors 
of several types, which generated fields and then ex- 
plosively squeezed the fields between conductors to 
amplify the peak power. In the early 1970s, a large 
(70-ft clear zone) anechoic chamber was construct- 
ed at Dahlgren with an explosive chamber in one 
end. Explosives would be set off in the chamber to 
drive various types of flux compressor schemes that 
would generate electrical pulses fed into an oscillator 
and antenna in the anechoic chamber. Pulse param- 
eters and field strengths could be measured. Imped- 
ance-matching networks, matching transformers, 
and methods of improving efficiency were studied. 
Tests were performed at Dahlgren and at Los Ala- 
mos using large antennas suspended from balloons.” 
In other schemes, piezoelectric devices were devel- 
oped, which could be compressed hydraulically and 
then quickly released to produce high voltages. The 
concept was to use explosives to generate the high 
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Figure 3. Airborne Electric Field Measurements 


pressures. Ferroelectric and ferromagnetic trans- 
ducers driven by explosives were also tested.° 


SPECIAL EFFECTS WARHEAD 
(SEW) PROGRAM 

In 1973, Dahlgren began the SEW Program to 
look at the feasibility of “burning out” enemy radar 
and missile systems using single-shot, very high- 
peak-power EMPs. The program looked at the 
feasibility of constructing an electromagnetic war- 
head that could disable electronics beyond a nor- 
mal hard-kill explosive range as far as a mile away. 
The program was funded at several million dollars 
a year through most of the 1970s. 

A major thrust of the SEW Program was to 
better understand the effects of high fields on mil- 
itary electronics. Little information was available 
on the vulnerability of foreign or US. electronics, 
particularly entire systems. A trailer-based RF im- 
pulse system, employing a Marx-driven L-C oscil- 
lator charged at two million volts, was constructed 
at Dahlgren. This Transportable Oscillating Pulser 
System (TOPS) was connected to a large bounded- 
wave structure that produced uniform fields over a 
region large enough to place an entire radar or mis- 
sile system. The electric field emitted from the throat 
of this system was so high that a special bag of high- 
voltage gas was needed until the radiating structure 
became large enough to transition to the normal at- 
mosphere. A picture of TOPS is shown in Figure 4. 


HISTORICAL OVERVIEW OF 
DIRECTED-ENERGY WORK AT DAHLGREN 


Since many important target systems were not 
available for testing, much of the vulnerability in- 
formation was obtained from U.S. electronics, and 
estimates were then made for foreign systems. In 
addition to the tests done at Dahlgren, pulsers were 
also constructed in mobile trailers that could be 
transported to other sites for testing against simu- 
lated or actual targets. The Mobile Oscillating Puls- 
er System (MOPS) was an example that was carried 
to test sites, such as China Lake, to perform tests 
against radars and simulated foreign systems. 

A key requirement for the SEW Program was 
to demonstrate enforceable target vulnerability, 
which means that a high percentage of the time a 
large percentage of the targets are affected. One im- 
portant finding was the broad difference between 
an electromagnetic safety concern—where a 1 per- 
cent vulnerability was far too great—and a weap- 
on concern—where a 10 percent vulnerability was 
not good enough. The field strengths between the 
safety requirements and weapon requirements of- 
ten were many orders of magnitude apart. 

The SEW Program looked at many types of 
electronic component vulnerability, subsystem 
vulnerability, and complete system vulnerability. 
As a result, energy tables for burnout effects were 
developed. Subsequently, Dahlgren performed nu- 
merous field tests against radar and communica- 
tions systems between 1973 and 1978, and funded 
component and subsystem testing on missiles. 





Figure 4. Transportable Oscillating Pulser System (TOPS) 
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REPETITIVE SYSTEMS FOR 
ELECTRONIC WARFARE 

The electric fields required to damage military 
electronics in the 1970s often were very high, and 
ranges typically were limited. As a spinoff of pro- 
grams trying to damage targets with a single pulse, 
some of these devices were reduced in size and 
power, and operated in a repetitive mode to gen- 
erate noise pulses for the purpose of electronical- 
ly jamming target systems. In 1976, the Naval Air 
Systems Command (NAVAIR) began the Electro- 
magnetic Countermeasures Program to study the 
application of high-repetition-rate Hertzian devic- 
es for use as noise jammers. The initial targets were 
low-frequency radars. 

In late 1976, Dahlgren performed effectiveness 
tests against various radars using helicopter-mount- 
ed Hertzian jammers. These devices were able to 
screen incoming target aircraft at useful ranges. The 
concept of a forward-launched rocket to deliver a 
parachute-suspended Hertzian jammer also was in- 
vestigated. Dahlgren teamed with engineers at Chi- 
na Lake to study packaging concepts of utilizing an 
extended 5-inch Zuni rocket as a forward-fired de- 
livery vehicle. A prototype is shown in Figure 5. 

Similar Hertzian devices were considered for 
use as communications and data-link jammers. 
Several antenna deployment schemes were devel- 
oped, and by fall 1978, successful ground launches 
had been performed in which the deployment se- 
quence and jammer operation were demonstrated. 
The name Zuni Expendable Pulsed-Power Oscil- 
lator (ZEPPO) was given to the project. Dahlgren 
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Figure 5. ZEPPO Payload 
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teamed with the Naval Avionics Center (NAC) to 
build the systems. By 1980, China Lake fired the 
first air-launched prototypes at both low and high 
altitudes. Devices, batteries, spark gaps, and anten- 
nas continued to be developed, and new targets— 
such as spread-spectrum systems—were tested. 
Other delivery systems besides rockets were also 
considered. 


THE PULSED POWER 
TECHNOLOGY PROGRAM 

Large directed-energy weapons (DEWs) of- 
ten required megawatts or gigawatts of peak power, 
so methods of supplying and modifying this pow- 
er were needed. As Dahlgren became involved in a 
broad range of DEW systems, one attribute became 
more and more obvious: the size, weight, and cost of 
a directed-energy (DE) system were dominated by 
the pulsed-power technologies needed to drive the 
system, not by the source device itself. Consequent- 
ly, more effort began to be devoted to the power-de- 
livery technologies needed for many of the weapon 
concepts. Pulsed-power components enabled ener- 
gy to be stored over long periods of time (seconds) 
and released very quickly (nanoseconds) to obtain 
a billion times increase in peak power. 

Dahlgren hosted a pulsed-power systems 
symposium and workshop in 1976 and helped 
initiate the International Pulsed Power Confer- 
ences, which began in 1977 and continues today 
under the Institute of Electrical and Electron- 
ics Engineers (IEEE). As Dahlgren’s involvement 
with systems design increased, it became apparent 
that new technologies were needed in the prime- 
power and pulsed-power area to support a vari- 
ety of new concepts. Dahlgren urged the Navy to 
initiate a Pulsed Power Technology Program to 
develop power sources, energy storage systems, 
high-power switches, and power conditioning sys- 
tems needed for a variety of future weapons. This 
program was initiated in 1978 and was originally 
funded by NAVAIR and then by the Directed En- 
ergy Program Office (PMS 405) in the early 1980s. 
In addition to the Pulsed Power Technology Pro- 
gram, PMS 405 also began funding free-electron 
lasers (FELs), chemical lasers, high-power mi- 
crowaves (HPMs), and charged-particle beams 
(CPBs). The Pulsed Power Technology Program at 
Dahlgren, in turn, funded many areas of research, 
both internal and external, over the next 10 years. 
Dahlgren served as the focal point for the Navy’s 
science and technology (S&T) in pulsed power 
and funded many universities, government lab- 
oratories, and commercial companies under the 
Pulsed Power Technology Program. 


To provide large amounts of electrical prime 
power, new types of rotating machines were stud- 
ied, including flywheels, conventional alternators, 
homopolar generators, rotary flux compressors, 
and compensated pulsed alternators. These ma- 
chines attempted to produce fast, high-power puls- 
es using special materials to reduce losses, eddy 
currents, and mechanical stresses. MHD genera- 
tors were developed using rocket-motor propellant 
that could be started and stopped. In the mid- 
1980s, a full-scale hybrid (solid fuel/liquid oxidiz- 
er) combustor was fabricated and tested at 10 MW, 
achieving world records for power-to-weight ra- 
tio and conductivity. By 1980, new types of energy 
storage systems were studied, including inductive 
storage and advanced capacitors using new types 
of insulating materials and geometries. During the 
late 1980s, programs such as the Mile-Run Capac- 
itor Program reduced the capacitor size by a fac- 
tor of 10 through better synthesis of polymer films. 

Beginning with internal independent research 
funds, Dahlgren developed liquid dielectric mate- 
rials based on water/glycol mixtures at low tem- 
peratures. These water-capacitor devices could 
hold energy for orders-of-magnitude longer time 
periods than ever before, allowing pulseforming 
lines to be constructed that could be charged di- 
rectly from rotating machines. Dahlgren scien- 
tists developed a world-record high-voltage water 
capacitor that could hold pulses for milliseconds 
and became internationally recognized experts in 
water breakdown.”® 

High-power fast switching was another impor- 
tant area of research. Dahlgren funded companies 
to develop new types of multistage thyratrons that 
could operate at very high voltages. By the early 
1980s, multistage thyratrons capable of operating 
at over 200 kV, 40 kA with 20 nsec risetimes were 
demonstrated. Vacuum switches, ignitrons, plas- 
ma pinch switches, pseudospark switches, back- 
lighted thyratrons, and e-beam switches all were 
studied, as well as a variety of spark-gap switches. 
Higher power solid-state switches were developed, 
too, using new geometries and substrate materi- 
al. Superconducting coils were considered, both 
for energy storage and as opening switches. Dahl- 
gren engineers developed exploding-wire opening 
switches, and several types of plasma pinch switch- 
es were funded. They also worked on stacked cable 
pulsers. Additionally, concepts for electromag- 
netic armor were developed. These systems used 
high-density capacitors to blunt penetrators. In- 
ductive energy storage—which could be far denser 
than capacitors—was studied, including methods 
of generating the seed current and the problematic 
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high-voltage opening switch. Opening switches— 
which were needed for inductive energy store sys- 
tems—were studied, as well as magnetic switches, 
which used saturating magnetic material to sharp- 
en pulses. Magnetic switches operating at 10 kHz 
were demonstrated by 1983.’ 

In 1985, Dahlgren used internal funds to up- 
grade a facility to provide controls, diagnostics, and 
200 kW of average power at 50 kV to accommodate 
testing of new switches and water-based capacitors. 
This facility could control the power with a vacu- 
um-tube pulser and could generate over a million 
volts with a rep-rated Marx generator. The facility 
was used to: 

¢ Develop water-dielectric energy storage, rep- 

rated spark gaps, and pseudospark switches. 

Test a variety of switches developed by con- 

tractors, such as back-lighted thyratrons.'°"! 
A picture of one system being tested—a water pulse- 
forming line and spark-gap switch—is shown in 
Figure 6. 

Dahlgren concentrated in-house switching ef- 
forts in spark gaps. New types of gases were stud- 
ied, as well as electrode materials, gas-flows, switch 
geometries, and triggering techniques to produce 
high-repetition-rate switches for electronic war- 
fare, as well as particle-beam weapons.” Dahlgren 
scientists and engineers demonstrated 100-us re- 
covery of spark-gap switches after handling kilo- 
joules of energy at hundreds of kilovolts, a world 
record.’* The High Energy 2-Pulse System for fast 
recovery experiment is shown in Figure 7. 

In 1986, Dahlgren ran a workshop on high- 
power switching for Navy tactical and Depart- 
ment of Defense (DoD) strategic applications and 
became involved with numerous DoD working 
groups on electromagnetic propulsion, high-pow- 
er diagnostics, advanced energy conversion, pow- 
er modulators, and pulsed power. Spark gaps were 
investigated to create underwater noise for subma- 
rines. Dahlgren also led four North Atlantic Treaty 
Organization (NATO) Advanced Study Institutes 
in Europe and the UK on various pulsed-pow- 
er topics. International assessments of key pulsed- 
power technologies were also performed. 


PARTICLE-BEAM WEAPONS 

Particle-beam weapons were a major focus of 
DE work during the 1970s and 1980s. A CPB weap- 
on takes subatomic particles, generally electrons, 
and accelerates them to near the speed of light be- 
fore sending them toward a target. These fast elec- 
trons penetrate deeply into most materials, so they 
are difficult to counter. The high-current electron 
beam was to be accelerated by an induction-type 
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Figure 7. High Energy 2-Pulse System 


accelerator, repetitively pulsed. High electron- 
beam currents (kiloamps) and a hole-boring series 
of pulses were anticipated to create a stable, long- 
range beam. Since the beam was capable of pene- 
trating quickly and deeply into any target material, 
it had the potential to damage electronics and set 
off explosives before salvage fuzing could occur. 
The beam was predicted to be all-weather and es- 
sentially countermeasure-proof. Even a near miss 
could cause substantial damage from high fields 
and X-rays produced by the deceleration of elec- 
trons as they hit air molecules near the target. The 
CPB concept is shown in Figure 8. 

Scientists and engineers from Dahlgren worked 
on the pulsed-power technologies needed to drive 
these machines beginning in 1980, and it became 
a major focus of the Pulsed Power Technology 
Program.'* The White Oak Laboratory developed 
beam-steering concepts and looked at material in- 
teractions. By 1989, the program investigated: 

e Propagation 

¢ Compact Recirculating Accelerators 

¢ Pointing and Tracking 

e Prime Power 

¢ Material Interaction 

 Fratricide 

For a compact shipboard system, recirculating 
accelerators were needed to make multiple passes 
of the electron beam past the accelerating cavities. 
This required a high-power, fast recovery switch, 
which Dahlgren began working on in 1988. Using 
patented hydrogen switches and special triggering 
techniques—efforts that had begun with internal 
research funds—Dahlgren demonstrated spark- 
gap switches, the only technology that could meet 
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the current, voltage, and recovery requirements at 
that time.’” The High-Voltage 5-Pulse System ex- 
periment is shown in Figure 9. 

During these technology efforts, significant 
advances were achieved in all aspects of the pro- 
gram. These included: 

¢ Generating high-current, high-energy beams 

(although still below weapons parameters) 

¢ Demonstrating a 360° turn in a high-current 

beam 

¢ Propagating a single pulse through the air 

¢ Demonstrating beam steering on a small scale 

« Performing target interaction measurements 

Multipulse, long-range propagation was never 
demonstrated. A comprehensive tri-service sum- 
mary called the Net Technical Assessment for CPB 
was sponsored by the Defense Advanced Research 
Projects Agency (DARPA) in 1987 to describe the 
accomplishments of the program. The report said 
compact accelerators were the most pressing tech- 
nology need. As a result, most funding was di- 
rected toward this topic. Funding was stopped in 
the early 1990s, however, due to the high expense, 
stretched timelines, and changes in the threat. 


PULSED POWER AND 
ELECTROMAGNETIC LAUNCHERS 
During the 1980s, the Army and Air Force 
looked at short-range electromagnetic weapons 
to penetrate stronger armor with higher veloci- 
ties. The Navy worked on concepts for a weapon 
that could be mounted on ships to intercept missile 
systems at line-of-sight distances. The Navy—then 
the biggest user of space systems—was also inter- 
ested in studies showing that small satellites could 
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Figure 8. Charged-Particle Beam (CPB) Concept 
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Figure 9. High-Voltage 5-Pulse System Experiment 


be electromagnetically launched into low Earth or- 
bit for the fraction of the cost for a normal launch. 

Through the 1980s, electric guns were funded 
by independent research and independent explor- 
atory development programs at Dahlgren, study- 
ing electric gun concepts for both rail guns and 
electrothermal (ET) guns. Kinetic energy weapons 
were also investigated as part of the Pulsed Power 
Technology Program. Under these programs, pure 
electric launchers were developed and tested at 
Dahlgren, including ones that self-formed projec- 
tiles.'~'® Also studied were ET guns that used the 
discharge of electrical energy at the gun breech to 
generate a plasma jet. This plasma jet heated a low- 
molecular-weight working fluid, such as water, to 
produce a heated gas that accelerated the projectile 
to higher velocities than conventional explosives. 
The Electrothermal-Chemical (ETC) Gun con- 
cept augmented the electrical energy generating 
the plasma jet with a chemical reaction. A 127mm 
ETC gun was investigated, and a 60mm ETC gun 
was tested at Dahlgren, with the ability to fire short 
bursts at a rate of 100 rounds per minute.” 
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Early Dahlgren work on_ electromagnetic 
launchers—along with capacitor development and 
switch advances from the Pulsed Power Technol- 
ogy Program—allowed Dahlgren to provide the 
Navy with detailed conceptual designs in the late 
1990s for near-term, long-range rail guns based on 
capacitor energy store. These efforts helped sup- 
port the decision to begin a long-range rail-gun 
program at Dahlgren that continues today, result- 
ing in world-record achievements. Capital invest- 
ment funds were used to construct a high-energy 
facility in 2005 to test pulsed-power components 
and module designs for use in electromagnet- 
ic launcher programs. An early electromagnetic 
launcher is shown in Figure 10. 


HIGH-ENERGY LASERS (HELS) 

In general, megawatts of continuous laser 
power are required to kill hard targets at long rang- 
es. Laser technologies that can produce this much 
power are very limited. The Navy was a leader in 
developing powerful chemical lasers in the 1970s 
and 80s. These lasers burned chemical reactants to 
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Figure 10. Early Electromagnetic Launcher at Dahlgren 


generate the excited states for lasing, thus reduc- 
ing the need for large amounts of electrical pow- 
er. The Navy built an entire HEL system, including 
the Mid-Infrared Advanced Chemical Laser 
(MIRACL) and the Sea-Lite beam director. By 
1990, this building-sized system demonstrated 
shooting boosters, missiles in flight, and superson- 
ic vehicles. However, the system had drawbacks 
because it: 

¢ Used hazardous, expensive chemicals 

¢ Had propagation problems at the mid- 

infrared wavelength 

¢ Was large in size and high in cost 

FELs require electron accelerators similar to 
CPB weapons, so they also are large and complex. 
However, they can be designed to operate at opti- 
mum wavelengths and scale nicely to higher pow- 
ers. The Strategic Defense Initiative began working 
on FELs in the late 1980s, funding the advanced 
test accelerator at LLNL, originally developed for 
CPBs. FELs were also studied under the Strategic 
Defense Initiative Organization (SDIO) to be used 
as an antisatellite weapon. These lasers went from 
milliwatts to watts under SDIO, and then to kilo- 
watts more recently with work at the Thomas Jef- 
ferson National Accelerator Facility in Virginia. 


Space-based lasers and relay mirror systems were 
studied under SDIO funding, too, including the 
development of the Advanced Beam Control Sys- 
tem for beam steering, beam control, rapid optical 
retargeting, and self-alignment. 

Dahlgren engineers concentrated its internal 
laser efforts on medium-power soft-kill weapons. 
They performed tests against sensors and cam- 
eras, and investigated damage thresholds. In the 
late 1980s, Dahlgren engineers worked with opti- 
cal augmentation to locate enemy optics for target- 
ing and on green laser dazzlers for defense against 
small-boat attack. There were efforts to harden 
electro-optical equipment, including sights and 
night-vision systems for the Marines, and laser 
eye-protection filters for goggles and binoculars. 
Laser systems were also investigated for remotely 
cutting holes and wires to disable electronics. Le- 
thality work continued under funding from the 
Joint Technology Office for High-Energy Lasers to 
look at alternative wavelengths and pulse shapes in 
addition to modern target materials.” 

Dahlgren scientists continued to investi- 
gate laser-damage thresholds for materials, com- 
ponents, and subsystems for a variety of laser 
technologies. Near the start of the 21st century, 
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commercial lasers based on pumping optical fi- 
bers with semiconductor lasers became common 
and more powerful. Dahlgren purchased the Na- 
vy’s largest collection of fiber lasers in 2004 and 
began investigating ways to combine multiple 
beams into a laser weapon. These lasers have very 
high efficiencies, above 20 percent, and the fiber- 
optic output reduces the requirement for complex 
optical paths. In 2008, Dahlgren engineers dem- 
onstrated a laser capability to ignite spinning mor- 
tar rounds, and in 2009, engineers demonstrated 
the capability of fiber lasers in a shoot down of soft 
targets at China Lake, California. 








RESURGENCE OF DIRECTED ENERGY 

With the fall of the Soviet Union and a greatly 
altered threat, DoD funding (particularly technol- 
ogy funding) experienced an overall decline in the 
late 1980s and early 1990s. This caused Navy man- 
agers to emphasize near-term, lower risk, evolu- 
tionary concepts. The Pulsed Power Technology 
Program and the Navy’s Charged Particle Beam 
Program both came to an end. Investigations into 
HPM weapons declined as the difficulty of burn- 
out of military electronics—particularly analog 
components—became apparent. Problems with 
propagation and cost caused the Navy to greatly 
reduce efforts on chemical lasers. With the cancel- 
lation of major programs, Dahlgren used internal 
funding in 1990 to keep a core technical capabili- 
ty together, which was necessary for the Center to 
remain in the mainstream of tactical DE and its 
associated technologies. Efforts continued in wa- 
ter breakdown, testing of contractor-developed 
pulsed-power components, and electric guns. 
New talent and technologies from universities 
were brought in to jump-start new projects. Tun- 
able waveform generators using unique semicon- 
ductor materials were developed. These used bulk 
semiconductor material, fabricated in-house, that 
could be used as a fast switch controlled by laser 
light for both on and off operation. This allowed 
faster repetition rates and better triggering than 
could be done with small spark gaps, as well as 
the ability to create specific waveforms.” “Green” 
technologies were also investigated using non- 
thermal plasmas and spark-gap shock waves for 
cleaning and pollution reduction.” New types of 
particle detectors and magnetic field sensors were 
developed, and new methods of infrastructure 
protection were investigated.” Soft-kill weapons, 
both optical and HPM, continued to be studied. 
Short-pulse jamming of spread-spectrum systems 
was investigated, as well as beat-wave coupling 
and special waveforms.” 
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A number of trends led to a resurgence of 
DEWs by the end of the 20th century. The DoD 
trend in using digital electronics and off-the-shelf 
commercial technologies increased dramatically. 
The pace of change in electronics and computers 
changed rapidly, too. Most of these new electronic 
systems had never been tested for vulnerability, and 
there was a question of how much they would in- 
crease military vulnerability to RF or HPM attack. 
The reduced emphasis on nuclear EMP shielding 
meant more military electronics were not as well 
protected from RF attack. Consequently, interest 
in protecting U.S. military and civilian infrastruc- 
ture increased, including systems in foreign coun- 
tries. Moreover, with the increasing reliance on 
civilian infrastructure, such as power, communica- 
tions, and emergency and industrial systems—all 
of which were controlled by digital electronics— 
the potential that an adversary could attack in- 
frastructure systems to affect or divert military 
operations became an increasing concern. Follow- 
ing several major terrorist attacks during this time 
period, there was also concern about the impact of 
an RF attack on airport towers, financial systems, 
alarm systems, and industrial plants. Human fac- 
tors—such as a state of confusion experienced by 
humans—also played an important part in deter- 
mining the overall effects of an RF attack. 

The asymmetric threat—where large numbers 
of cheap weapons in a swarm attack could overrun 
a few sophisticated weapons—caused more con- 
cern. As the asymmetric threat to the surface Navy 
pushed the limits of conventional defensive sys- 
tems, DE—with it speed-of-light propagation, soft- 
kill potential, and cheap rounds—offered tactical 
advantages, either as an adjunct to convention- 
al systems or as stand-alone systems. Additionally, 
there was an increased emphasis on nonlethal, pre- 
cise accuracy and graduated effects that could be 
used. Moreover, the idea that future battles would 
be fought together with civilians and friendly forc- 
es on the battlefield increased the importance of 
low collateral damage and antimateriel attacks. 

The Joint Program Office for Special Technol- 
ogy Countermeasures (JPO/STC), located at Dahl- 
gren, began efforts concerning the vulnerability of 
new digital systems to RF attack. The program also 
established a DoD-wide database of vulnerability 
data, source designs, and RF-effects information— 
bringing together much of the information col- 
lected by the services over the years. The program 
looked at the protection of modern digital infra- 
structure systems and funded a facility constructed 
in 1992 to test large-scale electromagnetic vulnera- 
bilities to various methods of attack. 


In the late 1990s and early 2000s, Dahlgren 
initiated programs regarding the potential for RF 
attack using nonkinetic disruption, with mini- 
mal collateral damage. Capital investment funds 
were used to construct a test facility for this ef- 
fort in 1998. Dahlgren developed RF payloads 
for remotely piloted vehicles and demonstrat- 
ed their effectiveness in field tests in 1999, and in 
similar tests in 2007. The successful completion 
of Project Guillotine was DoD’s first demonstra- 
tion of this type of HPM technology. As the need 
for statistical vulnerability to commercial digital 
systems became apparent, Dahlgren construct- 
ed instrumented test facilities in 1999 and 2002. 
Two multistory buildings could be reconfigured 
to reflect different types of building construction 
and electromagnetic shielding. Large complex- 
es of electronics, computer networks, server sys- 
tems, telephone systems, security systems, and 
various types of digital industrial controls could 
be assembled, instrumented and exposed to at- 
tack from an external device or technique. This 
program-funded complex—called the Maginot 
Open Air Test Site (MOATS) facility—continues 
to be used to test target systems, as well as a variety 
of RF weapon technologies developed internal- 
ly and by external and international organiza- 
tions. A picture of the MOATS facility is shown in 
Figure 11. 

As the need for additional DE laboratory space 
and testing capabilities became apparent, Dahl- 
gren applied for military construction funds, and 
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in 2008, constructed the Naval Directed Energy 
Center (NDEC), with access to Dahlgren’s over- 
water test range. Other construction funds were 
used to construct a remote facility at the Pumpkin 
Neck Explosive Test Range to serve as a laser back- 
stop and measurement facility, as well as an explo- 
sive-test staging area. These facilities already have 
been used to develop and test fiber lasers against 
modern threat targets. Construction is currently 
underway to build an expansion of the NDEC and 
a 120-m laser test laboratory building using an ex- 
isting tunnel structure. This collection of facilities 
represents very important capabilities to develop 
and test future DE systems. 


CONCLUSION 

For over 40 years, the Naval Surface Warfare 
Center, Dahlgren Division (NSWCDD) has been 
a leader in developing DE devices, pulsed-pow- 
er systems, and electric weapons. Its people have 
contributed many publications and patents, and 
set world records. DEWs tend to be complex and 
technically challenging to build. Regardless, these 
weapons offer important, powerful advantages, 
such as: 

e Deep Magazines 

¢ Cheap Rounds 

¢ Fast Targeting 

¢ Variable Lethality 

¢ Pinpoint Targeting 

Asa result of NSWCDD’s leadership, persistent 
scientific initiatives, and leading-edge engineering 





Figure 11. MOATS Facility Undergoing Testing with an RF Weapon (on right) 
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over the years, naval warfighters will increasing- 


ly 


find themselves turning to DEWs when dealing 


with situations spanning the spectrum of conflict. 
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The idea of using light as a weapon can be traced back to Hippocrates, command- 
er of the Greek forces in 212 B.C. His forces supposedly set fire to the sails of the Roman 
fleet by focusing sunlight with mirrors. Weapons systems based on lasers and “ray guns,” 
long a staple of science fiction, have captured the imagination of people everywhere. But 
with steady progress toward the development of lasers in the last 40 years, viable, state- 
of-the-art laser weapon systems have now become a reality. 

The production of lasers in the modern scientific world is fairly new. The first laser 
was developed in the 1960s and represented the beginning of a drastic change in how 
the military viewed warfare. The late 1970s and 1980s, too, marked a busy time peri- 
od for developing lasers into possible weapon systems. All branches of the military and 
industry were striving to master high power levels, beam control, and adaptive optics. 
In 1999, the Department of Defense (DoD) formally recognized lasers as future weap- 
ons and began research and development (R&D). In 2000, the Joint Technology Office 
for High Energy Lasers was formed to bring all laser technologies together to develop a 
complete laser weapon system that could be used by the warfighter. 


ELECTROMAGNETIC SPECTRUM 

The electromagnetic spectrum contains all the types of electromagnetic energy, in- 
cluding radio waves, microwaves, infrared, visible light, ultraviolet, and gamma rays. 
Laser is an acronym for “light amplification by stimulated emission of radiation.” Light, 
therefore, is a type of electromagnetic radiation. Light is made up of tiny packets of en- 
ergy called photons. The amount of energy is what determines the wavelength. Lasers 
are usually infrared (1 mm to 750 nm) and visible light (750- to 400-nm wavelength). 
Microwaves are mostly high-frequency radio waves (millimeters to centimeters), with 
wavelengths 10,000 times longer than lasers. Diffraction of any electromagnetic radia- 
tion beam is based on the wavelength and aperture size. For the same aperture size, la- 
sers diffract 10,000 times less than microwaves. This allows the beam to reach farther 
ranges while maintaining a small spot size of concentrated energy on the target. Lasers 
are preferred in specific scenarios because of minimal diffraction. The electromagnetic 
spectrum is shown in Figure 1. 
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The quantum mechanical idea of stimulated emission of light was discovered by 
Albert Einstein in 1917 and is one of the fundamental ideas behind the laser. Einstein 
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Figure 1. Electromagnetic Spectrum 


theorized that when a photon interacts with an 
atom or molecule in an excited state, two photons 
are produced when the atom or molecule leaves the 
excited state. Population inversion occurs when the 
atoms or molecules are in the excited state. In order 
for molecules to come out of the normal “ground” 
state, a source of power must be introduced to the 
system energizing the atoms to the excited state. 
When many photons are passed through many ex- 
cited atoms, more and more photons are produced. 
The photons are contained and reflected back and 
forth in a cavity, with mirrors usually on each end. 
The mirror on the output end is only partially re- 
flective, allowing some photons to leak through, 
creating the laser beam. 

The difference between an everyday light bulb 
and the light of a laser is temporal and spatial co- 
herence. In a light bulb, the light emits photons 
equally in all directions. The light is random, out of 
phase, and multiwavelength. A laser emits coher- 
ent light, so photons travel in identical direction 
and phase. A laser is also monochromatic, i.e., light 
of one wavelength. Another significant difference 
is that laser light is highly collimated, which means 
the laser beam can travel long distances with min- 
imum spreading. 

The laser gain medium through which the pho- 
tons travel to become amplified or magnified can 
vary. The source of power used to excite the medi- 
um, achieving population inversion, can be the re- 
sult of a chemical reaction, an electric discharge, 


a flash lamp, another laser, or some other excita- 
tion mechanism. The type of the lasing medium 
determines the type of laser. The three categories 
in which lasers are usually classified are chemical, 
gas, and solid state. A laser can also be continuous 
wave (CW) or pulsed. Each type of laser produces a 
specific wavelength of radiation. It is important to 
note that different wavelengths of radiation inter- 
act with the atmosphere differently. A laser beam is 
either scattered or absorbed by air molecules, water 
vapor, or dust. Longer wavelengths scatter less and 
are absorbed more than shorter wavelengths; our 
sky is blue because the shorter blue wavelengths 
of light are scattered more than the longer wave- 
lengths.’ Gamma rays are so highly absorbed that 
they cannot propagate more than a few feet in the 
air. Thus, some laser wavelengths are scattered or 
absorbed more than others. This makes laser wave- 
lengths with minimum absorption better for use 
as directed-energy weapons since they propagate 
through the atmosphere better than others. For ex- 
ample, the carbon-dioxide (CO,) laser is strongly 
absorbed by water vapor, so any use near the ocean 
will be negatively affected. Near-infrared and infra- 
red lasers have shorter wavelengths with negligible 
absorbance. The optimal laser choice, therefore, 
would be a wavelength-tunable laser that could 
vary depending on the atmospheric conditions, 
such as the free-electron laser (FEL). 

Lasers have affected almost every type of mod- 
ern technology. Most laser technologies use low 
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powers and were mastered very quickly. They are 
used in many everyday appliances, such as scan- 
ning/inventory devices, surgery/medicine, hair re- 
moval, presentation pointers, law enforcement, 
ranging and sighting devices, welding applications, 
and much more. Using a laser as a weapon has 
many advantages. For example, a laser: 

« Is unaffected by gravity 

¢ Causes minimal collateral damage 

Travels at the speed of light 

¢ Can precisely reach far distances 

¢ Is capable of causing a specific, 

predetermined amount of damage to targets 

The theory behind these capabilities makes the 
laser weapon a prime choice in multiple engage- 
ment scenarios. However, developing lasers with 
higher powers to use as a weapon has proven more 
difficult than first considered. 


MILITARY LASER HISTORY 
AND LASER TYPES 

Generally, a laser weapon is any laser used 
against the enemy with more than 50 kW to mega- 
watts of power. This is much greater power than 
commercial lasers. Accordingly, they have greater 
support needs, including: 

¢ Environmental and personnel safety 

e Mirror coatings 

¢ Chilling requirements 

e Power requirements 

« Laser fuel storage 

¢ Alignment and tracking requirements 
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In 1960, the very first laser (a ruby laser) was 
built, producing minimal power. This event was 
followed by many other laser technology develop- 
ments. The first chemical laser, hydrogen fluoride 
(HF), was built in 1965, producing 1 kW. It was 
then that DoD became interested in researching 
and developing a more powerful laser for weap- 
on applications. Subsequently, in 1968, the Defense 
Advanced Research Projects Agency (DARPA) 
Baseline Demonstration Laser produced 100 kW, 
and the Navy- ARPA Chemical Laser (NACL) pro- 
duced 250 kW in 1975. The very first laser is de- 
picted in Figure 2. 


Solid-State Lasers (SSLs) 

An SSL uses a solid lasing medium, such as a 
rod made up of glass or crystal, or a gem, like the 
ruby laser. Along with the rod or host material is 
an active material, such as chromium, neodymi- 
um, erbium, holmium, or titanium. Chromium is 
the active material used in ruby lasers. Neodymi- 
um is the active material in the most widespread 
applications. A flash lamp, arc lamp, or anoth- 
er laser carries out the optical cavity pumping to 
achieve population inversion and stimulate the la- 
ser beam. The Neodymium Yttrium-aluminum 
garnet (Nd:YAG) laser is a popular SSL. It oper- 
ates at a 1064.5-nm wavelength and can be pulsed 
wave or CW. A great advantage of these lasers is 
that the wavelength and pulse duration can be var- 
ied considerably.' The power level can reach up to 
megawatts when using Q-switching to achieve 
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Figure 2. First Ruby Laser Developed in 1960 by Research Physicist Theodore H. Maiman 


28 


short pulse lengths. The various interactions with 
the laser and different crystalline materials can 
double the electromagnetic frequency, which will 
halve the wavelength, bringing the laser beam into 
the visible range, 532 nm (green). The wavelength 
can be further divided down three or four times, 
making this laser range from the near-infrared to 
the ultraviolet wavelength. These lasers are com- 
monly used for rangefinders and target designa- 
tors. Other advantages of these lasers are that they 
can be made very small, rugged, cheap, and bat- 
tery-powered. Characteristics of SSLs are shown 
in Table 1. 


Chemical Lasers 

A chemical laser uses chemical reaction to cre- 
ate population inversion in the lasing medium. One 
example is the Mid-Infrared Advanced Chemical 
Laser (MIRACL) developed in the mid-1980s. The 
MIRACL is a continuous-wave, mid-infrared (3.8- 
ut) laser. Its operation is similar to a rocket engine in 
which a fuel (ethylene, C2H4) is burned with an ox- 
idizer (nitrogen trifluoride, NF3).” Free, excited flu- 
orine atoms are among the combustion products. 
Just downstream from the combustor, deuterium 
and helium are injected into the exhaust. Deuteri- 
um (U) combines with the excited fluorine to cre- 
ate excited deuterium fluoride (DF) molecules, 
while the helium stabilizes the reaction and con- 
trols the temperature.” The laser’s resonator mir- 
rors are wrapped around the excited exhaust gas, 
and optical energy is extracted. The cavity is active- 
ly cooled and can be run until the fuel supply is ex- 
hausted. The laser's megawatt-class output power 
can be varied over a wide range by altering the fuel 
flow rates and mixture. The laser beam in the reso- 
nator is approximately 21-cm high and 3-cm wide. 
Beam-shaping optics are used to produce a 14- x 
14-cm (5.5- x 5.5-inch) square, which is then prop- 
agated through the rest of the beam train. Diagnos- 
tics for evaluating the beam shape, absolute power, 
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and intensity profile are used on each firing of the 
laser. The beam can be directed to a number of dif- 
ferent test areas or to the SEA LITE beam director.’ 
The DF Chemical Laser (MIRACL) and the Sea Lite 
Beam are shown in Figure 3. 

The laser and beam director were integrated 
in the mid-1980s at the Army’s High Energy La- 
ser Systems Test Facility (HELSTF) at White Sands 
Missile Range, New Mexico. Following integration, 
extensive tests were conducted in the areas of: 

¢ High-power optical components and beam- 

path conditioning 

¢ Beam-control techniques 

¢ High-power propagation 

¢ Target damage and vulnerability 

« Target lethality’ 

Tests supported by the MIRACL included: 
¢ The high-power dynamic with flying drone 
(BQM-34) 

¢ Conventional defense initiative with flying 

drone 

¢ High-velocity target test with Vandal 
Missile 
High-altitude target tests with flying drone 
Missile and plume tests using the 1.5-m 
aperture 

¢ Radiometrically calibrated images and 

spectral radiometry 

These successful tests are what made many be- 
lieve that MIRACL was the first and only success- 
ful laser weapon system developed by the Navy 
prior to the Navy Laser Weapon System (LaWS).’ 


Gas Lasers 

Gas lasers are a type of chemical laser that uses a 
pure gas or gas mixture to produce a beam. The typ- 
ical gas laser contains a tube with mirrors on each 
end. One end transmits the beam out of the cavi- 
ty. Most gas lasers use electron-collision pumping, 
with electric current passing through the gas. Some 
use optical pumping with flash lamps. The helium 


Table 1. Characteristics of Solid-State Lasers 


EMC Tare dam (ala) 


Alexandrite 700-830 


Erbium 


Holmium: glass 1950 


Neodymium 1064/1123/1318/1370 
Neodymium: glass 1060 

Neodymium: YAG 1064.5 

Ruby 694.3 
Titanium-sapphire 660-1060 


850/1230/1540/1730/2900 





Typical Power Typical Operation 


Pulsed/CW tunable 
Pulsed 

Pulsed 

Pulsed 

Pulsed 

Pulsed/CW 

Pulsed 

Pulsed/CW tunable 


5 watts 

8 watts 
milliwatts 
megawatts 
megawatts 
megawatts 
10-15 watts 
15 watts 
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Sea Lite Beam 


Figure 3. DF Chemical Laser (MIRACL) and Sea Lite Beam 


neon (HeNe) laser is a very well-known gas laser. It 
produces a bright red, continuous beam of low pow- 
er. It is used for many applications such as scanning, 
alignment, measurement, and stabilization devices. 
University students use them in optical training lab- 
oratories. Many larger lasers contain a HeNe inside 
the beam path, as well to verify beam alignment. 
HeNe lasers are fairly cheap and very rugged. They 
can work continuously for thousands of hours. 

CO, lasers are in the gas family. These lasers 
were the earliest, truly high-power lasers and have 
been among the most crucial lasers used in R&D 
for high-energy laser (HEL) weapons. In industry, 
the more powerful CO, lasers are used for weld- 
ing, drilling, and cutting. There are many different 
types of CO, lasers that vary in pumping design. 
CO, lasers work by burning a hydrocarbon fuel 
(like kerosene or methane) in oxygen or nitrous 
oxide. The hot gas flows through a comb of noz- 
zles, expands quickly, and achieves population 
inversion. The gas then flows through an optical 
resonator at supersonic speeds, resulting in stimu- 
lated emission and a laser beam.* 

CO, lasers have been researched for use as 
nonlethal weapons. The wavelength produced by a 
CO, laser is also absorbed by glass. For example, 
the beam does not penetrate a windshield. Thus, 
shooting a CO, laser at a vehicle's windshield could 
deter a threat by damaging the windshield or by 
causing a dazzling effect to reduce the visibility of 
the driver, while not reaching the driver at all. 

The gas dynamic laser (GDL) is a CO, la- 
ser based on differences in relaxation velocities 
of molecular vibrational states. The laser medi- 
um’s gas has properties such that an energetically 
lower vibrational state relaxes faster than a high- 
er vibrational state; thus, a population inversion is 
achieved in a particular time. A GDL is shown in 
Figure 4. Characteristics of chemical and gas lasers 
are identified in Table 2. 
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Fiber Lasers 

Modern fiber lasers are considered SSLs. They 
are powered by electricity, making them highly 
mobile and supportable on the battlefield. Fiber la- 
sers use optical fibers as the gain media. In most 
cases, the gain medium is a fiber doped with rare 
earth elements—such as erbium (Er3+), neodym- 
ium (Nd3+), ytterbium (Yb3+), thulium (Tm3+), 
or praseodymium (Pr3+)—and one or several laser 
diodes are used for pumping. Optical fibers have 
been used in industry, specifically for telecommu- 
nications to transport information via light. With 
developing technology, optical fibers have become 
high-energy, powerful laser energy sources. Fiber 
lasers have proven to have much benefit over tra- 
ditional SSLs. They are rugged and do not require 
a clean room to operate or maintain, as most oth- 
er laser systems do. They also are extremely efh- 
cient; however, they cannot operate well in all 
weather conditions. One example is the IPG CW 
fiber lasers, which produce moderate beam qual- 
ity, causing damage to materials and components 
through thermal heating and burn-through. The 
Naval Surface Warfare Center, Dahlgren Division 
(NSWCDD) purchased eight commercially avail- 
able 5.5-kW IPG lasers, where two multimode 
(seven fibers) lasers are housed per cabinet. This 
type of laser is easy to mount due to the flexible fi- 
bers. The IPG CW Fiber Laser is shown in Figure 5. 


Miscellaneous Lasers 

There are other types of lasers that do not nec- 
essarily fit into the chemical or solid-state catego- 
ries. These include semiconductor lasers, used in: 


¢ Television ¢ Radios 
¢ CD Players ¢ Telecommunications 
¢ Dye Lasers ¢ Medicine 


e Spectroscopy « Astronomy 
There also are the FELs mentioned previous- 
ly. The FEL is a completely different breed of laser. 
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Figure 4. Alaser engineer inspects a gas dynamic laser after installation 
aboard an NKC-135 airborne laser laboratory. 


Helium-Neon 

Krypton 

Argon 

Xenon fluoride (excimer) 
Argon fluoride (excimer) 
Krypton fluoride (excimer) 
Deuterium fluoride (chemical) 
Hydrogen fluoride (chemical) 
Carbon dioxide 

GaAlAs (semiconductor) 


Table 2. Characteristics of Chemical/Gas Lasers 


Wavelength (nm) Typical Power 


543/632.8 
350-647 
350-514.5 
351 

193 

249 
3,000—-4,200 
2,600—3,000 
9,000—12,000 
750-900 


.0001-—.001 watts 
.0001-.05 watts 
.001-6.0 watts 
.001—20 watts 
.05-30 watts 


7-100 watts 


.01—-100 megawatts 
.01—-150 megawatts 
-1-15,000 megawatts 
10-4,000 milliwatts 





Figure 5. IPG CW Fiber Laser System 


Typical Operation — 


CW 

CW 

CW 

CW 

Pulsed 
Pulsed 
Pulsed/CW 
Pulsed/CW 
Pulsed/CW 
Pulsed 
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It uses electrons to create photons instead of some 
type of matter. The electrons are produced, col- 
lected, and directed to flow at very high speeds. To 
excite the electrons, they are passed through a “wig- 
gler,’ i.e., a series of magnets positioned in such a 
way that electromagnetic radiation (light) is pro- 
duced when the electrons release photons. ‘The sig- 
nificant feature of the FEL is that the wavelength 
can be controlled, depending on the magnet po- 
sitions and the speed of electrons. This versatili- 
ty makes the FEL particularly appealing. However, 
the footprint of the FEL system is too large to trans- 
form into any ideal defense weapon. The Jefferson 
Laboratory in Newport News, Virginia, has an FEL 
and continues to maintain and test its capabilities 
and effects. This laser was new to the military in the 
late 1990s and received funding to optimize its ca- 
pabilities and integrate as a defense weapon. Al- 
though great progress has been made, the required 
footprint could be much larger than desired. Con- 
sequently, some interest in the FEL has shifted to 
other HEL sources. 

Many scientists foresee the probability of us- 
ing the laser as a global weapon. This possibility is 
proven through basic laws of physics. Actually im- 
plementing such a system, however, can be more 
difficult. The global weapon concept uses a base 
laser with optics and is strategically positioned in 
space to be able to direct its beam multiple plac- 
es on Earth at the speed of light with maximum 
power levels. This idea faces significant problems, 
including appropriate power levels, optics to han- 
dle such levels, propagation issues, and the ethical 
measures behind any global weapon. Still, the idea 
presents interesting possibilities. 


LASER WEAPON DEVELOPMENT 

The following paragraphs highlight some of 
the laser weapons that have been successfully de- 
veloped over the last 40 years. 


Baseline Demonstrator Laser (BDL) Hydrogen 
Fluoride (HF) 

In 1973, TRW Inc. produced the world’s first 
high-energy chemical laser, the Baseline Demon- 
stration Laser, for DoD. After that, TRW Inc. pro- 
duced and demonstrated six more HELs, including 
the MIRACL (1985) and Alpha (2000), the nation’s 
only megawatt-class chemical lasers. 


Navy-ARPA Chemical Laser (NACL) HF 

The NACL was mated with the Navy Pointer 
Tracker at TRW Inc’s San Juan Capistrano, Cali- 
fornia, facilities in the 1975-1978 time frame. This 
was the Navy’s initial, integrated HEL system test 
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bed and was used to provide the first demonstrated 
kill of an operational missile in 1978. 


Alpha HF—Built for Strategic Defense Initiative 
(SDI) Space-Based Laser (SBL) 

Alpha, an HF laser, was the baseline technology 
for the SBL readiness demonstration (SBLRD). In 
1991, the Alpha laser demonstrated megawatt-class 
power levels similar to MIRACL, but in a low-pres- 
sure, space operation environment. Alpha dem- 
onstrated that multimegawatt, space-compatible 
lasers can be built and operated. 


Tactical High-Energy Laser (THEL) 

The THEL is a DF chemical laser developed 
by the Army. In 2000 and 2001, THEL shot down 
28 Katyusha artillery rockets and 5 artillery shells. 
On 4 November 2002, THEL shot down an incom- 
ing artillery shell and a mobile version successfully 
completed testing. Subsequently, during a test con- 
ducted on 24 August 2004, the system successfully 
shot down multiple mortar rounds. These tests rep- 
resented actual mortar threat scenarios in which 
both single mortar rounds and salvo were tested 
and intercepted. A photograph of THEL is shown 
in Figure 6. 


Advanced Tactical Laser (ATL) 

The ATL uses a closed-cycle, chemical oxy- 
gen-iodine laser (COIL) with beam control, which 
lases at a 1.315- wavelength. The ATL was devel- 
oped to engage tactical targets from a moving plat- 
form at ranges of approximately 10 km. It can spot 
a 10-cm-wide beam on a distant target for up to 
100 shots. This beam has enough power to slice 
through metal at a distance of 9 miles. The aircraft 
equipped with the ATL weapon system is shown in 
Figure 7. 

A specially modified 46th Test Wing NC-130H 
aircraft equipped with the ATL weapon system 
fired its laser while flying over White Sands Mis- 
sile Range, New Mexico, successfully hitting a tar- 
get board located on the ground. Equipped with a 
chemical laser, a beam control system, sensors, and 
weapon-system consoles, the ATL is designed to 
damage, disable, or destroy targets with little or no 
collateral damage. 


Airborne Laser (ABL) (CO,) Chemical Oxygen 
The ABL C-130H aircraft contains three laser 
beam systems: the powerful killing primary laser 
beam (ATL), a set of illuminating laser beams for 
infrared surveillance and high-speed target acqui- 
sition, and a beacon laser for a high-precision laser 
target tracking beam control system. The primary 
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Figure 6. Tactical High-Energy Laser (THEL) 





Figure 7. 46th Test Wing NC-130H Aircraft Equipped with the 
ATL Weapon System 


laser beam is generated by a megawatt COIL locat- 
ed at the rear of the fuselage. The high-power la- 
ser beam travels towards the front of the aircraft 
through a pipe. The pipe passes through a Station 
1000 bulkhead/airlock, which separates the rear 
fuselage from the forward cabins. The high-pow- 
er beam passes through the fine beam control sys- 
tem mounted on a vibration-isolated optical bench. 
Beam pointing is achieved with very fast, light- 
weight steering mirrors, which are tilted to follow 
the target missile. The ABL finally destroyed a tar- 
get while in flight at White Sands Missile Range in 
August 2009. The 12,000-lb ABL locked onto an un- 
specified ground target and fired the laser, making 
the target disappear. Although it was successful at 


this demonstration, using the ABL in the fleet has 
fallen out of favor due to affordability and technol- 
ogy problems. The ABL is shown on an aircraft in 
Figure 8. 


Joint High-Power Solid-State Laser (JHPSSL) 

In hopes of accelerating SSL technology for 
military uses, work is being performed by the 
U.S. Army Space and Missile Defense Command 
(SMDC) and the Army Test and Engineering Cen- 
ter at White Sands Missile Range. The technology 
uses an electric laser diode to shoot light into 32 
garnet crystal modules that combine to create “laser 
amplifier chains” producing 15 kW. By using sev- 
en chains and by combining multiple beams, they 
have reached 105 kW in the laboratory operating 
in a clean room. The program's ultimate goal is for 
a laser system to reach high powers outside a labo- 
ratory environment. Fielding such a delicate opti- 
cal structure can present significant barriers for this 
laser system. Nonetheless, it will be a great accom- 
plishment for a variety of force protection missions, 
such as shipboard defense against cruise missiles. 
The JHPSSL system is shown in Figure 9. 


Navy Laser Weapon System (LaWS) 

The Navy LaWS is the most recent, success- 
ful laser weapon. It uses an electric-fiber laser de- 
sign, avoiding the problems that chemical lasers 
present. In the summer of 2009, the Naval Sea 
Systems Command (NAVSEA)—with support 
from NSWCDD-—successfully tracked, engaged, 
and destroyed unmanned aerial vehicles (UAV) 


33 


Directed Energy 





LEADING | Past, Present, and Future 
EDGE y 





Figure 8. Airborne Laser (ABL) 





Figure 9. Joint High-Power Solid-State Laser (JHPSSL) System 
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in flight at the Naval Air Warfare Center, China 
Lake, California. A total of five targets were en- 
gaged and destroyed during the testing, which 
represented a first for the U.S. Navy. The laser was 
fired through a beam director on a Kineto Track- 
ing Mount similar to the Sea Lite beam director. 
The system used fiber lasers in the configuration 
and has proven to be a rugged and dependable 
choice for the warfighter’s needs. A photograph of 
LaWS is shown in Figure 10. 

Laser weapon systems development in recent 
years has taken giant steps forward. Dedicated 
R&D has advanced the state of the art consid- 
erably. What was unimaginable only a few short 
years ago, today has become reality. According- 
ly, given continued R&D, warfighters in the near 
term will have additional weapon options to 
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choose from for dealing with a spectrum of threats 
and contingencies. 
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Figure 10. Navy Laser Weapon System (LaWS) 
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The Naval Sea Systems Command (NAVSEA) 
established the Navy Directed Energy Weapons 
Program Office in January 2002 and subsequently 
chartered the Directed Energy and Electric Weap- 
on Systems Program Office (PMS 405) in July 
2004.'* Its mission is to change the way the Navy 
fights in the 21st century by transitioning directed- 
energy and electric weapon technology, providing 
the warfighter with additional tools to fight today’s 
and tomorrow’s wars. In support of this mission, 
the Laser Weapon System (LaWS) was developed, 
which potentially adds a suite of tools for offensive 
and defensive operations. 

The LaWS program is managed by PMS 405 in 
cooperation with the Program Executive Office In- 
tegrated Warfare Systems (PEO IWS), the Navy’s 
Close-In Weapon System (CIWS) manager. A mul- 
tilaboratory/multicontractor organization led by 
the Naval Surface Warfare Center, Dahlgren Divi- 
sion (NSWCDD), has been executing the program 
since March 2007. The potential advantages of a le- 
thal, precise, speed-of-light weapon are numerous 
and have been recognized for many years. Howev- 
er, even in light of these advantages, there are real- 
ities that need to be considered for any program to 
succeed to the point that an actual system is placed 
in the hands of the warfighters. 

The LaWS system offers viable solutions for an 
important subset of threats while fitting into ac- 
ceptable size and weight constraints. In addition, 
since LaWS is a fully electric laser, the operation 
of the system does not require the handling and 
storage of hazardous chemicals, such as hydrogen 
fluoride. As will be discussed later, due to the in- 
corporation of high levels of commercial off-the- 
shelf (COTS) technology, the LaWS system also 
has advantages for topside design, logistic sup- 
portability, and cost. Thus, LaWS could enable the 
Navy to address adverse cost-exchange situations, 
which can occur when engaging proliferated in- 
expensive threats such as unmanned aerial vehi- 
cles (UAVs). 


BACKGROUND 

Based on mission analysis work conducted pri- 
or to the LaWS program and additional work done 
as part of the program, it became clear that a num- 
ber of factors require careful consideration. First, a 
high-power laser is not likely to replace anything 
on a ship in the next 5 years. For a new system to 
be added to a ship, a high-power laser must supple- 
ment current capabilities or provide new capabili- 
ties that clearly justify its addition. Second, because 
a laser provides such a diverse set of capabilities, 
conventional air-to-air warfare (AAW) models— 
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such as the Fleet AAW Model for Comparison of 
Tactical Systems (FACTS), Antiair Warfare Simu- 
lation (AAWSIM), and Extended Air Defense Sim- 
ulation (EADSIM), as well as other existing AAW 
analysis approaches—are not well suited for show- 
casing current or near-term laser-weapon capa- 
bilities. While they can (and have) been used for 
laser-weapon analysis, their application to a mega- 
watt-class laser that could “instantly” destroy boats 
or cruise missiles (akin to missile engagements) is 
a more straightforward application of the existing 
models and techniques. 

In November 1995, the Chief of Naval Opera- 
tions requested that the National Research Coun- 
cil initiate, through its Naval Studies Board, a 
thorough examination of the impact of advancing 
technology on the form and capability of the naval 
forces to the year 2035. A major observation of the 
report is quoted below: 


Numerous laboratory and field-test ver- 
sions of laser weapons have been developed 
and demonstrated. They have worked as 
expected and demonstrated suitable lethality 
against their intended targets. The primary 
factors that have inhibited the transition of 
the technology into deployed systems are size 
and weight. Generally, the conceptual designs 
of laser weapons that are scaled for combat 
effectiveness are too large to be appealing to 
users; conversely, weapons that are sized for 
platform convenience generally lack convinc- 
ing lethality.’ 


Subsequently, an August 2006 U.S. Air Force 
(USAF) Scientific Advisory Board Study examined 
the increasing threat posed by UAVs in some de- 
tail. Key conclusions included: 


No single system can completely address 
the UAV threat. A single sensor solution 
is inadequate because of the size and speed 
challenges presented by small UAVs. A sin- 
gle-weapon-layer solution fails to provide for 
adaptability to multiple scenarios or adequate 
probability of kill. 


Key recommendations of the USAF Advisory 
Scientific Board Study included: 


Develop and field longer-term upgrades 
to counter increased UAV threats. They 
include:...a small, multimission air/air and 
air/ground weapon; and directed-energy air 
defense weaponry.* 
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In addition to the USAF Scientific Adviso- 
ry Board study, a 2007 OPNAV Deep Blue Study 
noted the potential advantage of nonkinetic defeat 
options and recommended that the Navy acceler- 
ate development of nonkinetic systems to include 
high-energy lasers (HELs).° 

The laser power levels likely to be available in 
the near term, within reasonable size and cost, are 
in the neighborhood of 100 kW of radiated pow- 
er. While this power level is not adequate to en- 
gage certain threats, such as cruise missiles or 
tactical ballistic missiles at tactically useful ranges, 
there is still a wide spectrum of threats that could 
be engaged at ranges that are comparable to many 
current ship-defense weapons, including minor- 
caliber guns and small missiles. The spectrum of 
threats includes: 

« UAVs 

¢ Missile Seekers 

e Intelligence, Surveillance, and 

Reconnaissance Systems 

¢ Rockets 

¢ Man-Portable Air-Defense Systems 
(MANPADS) 

Mortar Rounds 
¢ Floating Mines 
Artillery Rounds 


LAWS ON CIWS 

The Mk 15 Phalanx CIWS can often de- 
tect, track, and (sometimes) identify poten- 
tial threats at ranges well outside the effective 
range of the 20mm gun. These functions are 
accomplished using the search/track radar sys- 
tem and the Phalanx Thermal Imager (PTI). 
When added to the Phalanx mount and point- 
ed in the same direction as the gun (see Fig- 
ure 1), a laser weapon could potentially add 
a number of useful functions and capabilities 
to the mount, but technical challenges must 
be overcome. Preliminary analyses of the me- 
chanical characteristics of the mount suggest 
that the additional weight that could be add- 
ed to the mount must be kept under approxi- 
mately 1200-1500 lb. Additionally, it is highly 
desirable that the addition of the laser weap- 
on not substantially affect the train/elevation 
operation of the mount in angle, peak veloci- 
ty, or acceleration. Consequently, use of rapid- 
ly evolving fiber laser technology appears to be 
the only currently foreseeable path to adding 
significant laser energy directly to the mount 
within these constraints. 

One major driver in the genesis of the 
LaWS system was the availability of relatively 
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low-cost COTS fiber-optic lasers. Because these fi- 
bers are flexible, they obviate the need for an ex- 
pensive coudé path system (an optical mirror/lens 
assembly that turns radiation 90° and may also sup- 
port rotation of the beam director), thus allowing 
the use of low-cost mount technology, as well as the 
retrofitting of the system on existing mounts. The 
last factor is extremely important because of the 
scarcity of topside real estate on today’s ships. These 
fiber-optic lasers do have limitations in terms of 
power, although power levels are growing with ad- 
vancing technology. The reality today is that, in or- 
der to get adequate lethality from a system based on 
this technology, the use of a beam-combining ap- 
paratus utilizing several individual fibers is neces- 
sary. (Figure 2 depicts combining multiple fibers in 
the same beam director.) Furthermore, a smaller 
beam size is desirable since this drives power densi- 
ty up—increasing the performance required for the 
tracking and pointing elements of the system. Thus, 
a high-resolution fine track sensor is needed, as well 
as an appropriately robust line-of-sight control. 


A POTENTIAL SUITE OF LAWS- 
RELATED CAPABILITIES 

Potential added capabilities that an adjunct 
LaWS could contribute to the total ship combat 
system are briefly outlined in the following sub- 
sections. 








Figure 1. LaWS Mounted on CIWS 


LASER WEAPON SYSTEM (LAWS) ADJUNCT TO THE 
CLOSE-IN WEAPON SYSTEM (CIWS) 





Figure 2. Cutaway View of the LaWS Beam Director 





The optics that would be added for the laser 
to detect and track targets in support of a laser en- 
gagement would immediately contribute addition- 
al capabilities to the entire ship combat system even 
without operating the laser. A laser-gated illumi- 
nator, part of the tracking system, significantly in- 
creases the signal to the background level of tracked 
targets and provides good range resolution as well. 
The additional sensitivity and angle resolution pro- 
vided by the LaWS optics would allow the identi- 
fication, precision tracking, and “monitoring” (at 
high resolution) of potential threats or vehicles of 
interest at substantially greater ranges than could 
be achieved by the PTI alone. The Phalanx radar, 
or another source, would have to provide an initial, 
accurate cue to facilitate initial acquisition. Once ac- 
quired, the target could be examined and monitored 
with high resolution at range. This capability could 





make a substantial contribution to identification ef- 
forts—efforts to determine intent and potentially 
even to documenting target behavior to resolve is- 
sues with rules-of-engagement doctrine. It is wide- 
ly recognized that rules-of-engagement issues, such 
as threat identification and intent determination, 
are among the most difficult problems faced by ship 
commanding officers. 
Unambiguous V ge 
Ifa fraction of the laser energy is routed through 
a frequency-doubling crystal, an intense, visible 
beam can be projected to significant ranges to pro- 
vide a clear, unambiguous warning that a potential 
target is about to be engaged unless an immediate 
change in behavior is observed. This feature also 
would have utility for dazzling aircraft, surface ve- 
hicle, or submarine sensors, and would provide ex- 
ceptional long-range, unambiguous warning to 
boats or aircraft at night. 


a HO Dvan > 
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Sensor Destruction at Range 

Many electro-optical (EO) sensors are quite 
susceptible to damage by laser energy in the fiber- 
laser band as is the case with infrared (IR) missile 
seekers with germanium optics. The frequency- 
doubling feature described in the previous para- 
graphalso wouldbe useful to ensure that aband-pass 
filter at a single frequency could not be applied as 
an effective countermeasure. The intent here would 
be to destroy the seeker or imager at ranges well be- 
yond those achievable by the Phalanx 20mm gun. 
Other examples include intelligence, surveillance, 
reconnaissance, and targeting sensors on UAVs or 
unmanned surface vehicles (USVs). 


IR Missile Assist at Range 

Many targets of interest—including UAVs, 
USVs, and small boats—are somewhat “marginal” 
from a target-signature standpoint, particularly at 
the maximum range of existing IR guided missiles 
such as the FIM-92 Stinger, the FGM-148 Javelin, 
the RIM-116 RAM, and the AIM-9X Sidewinder. 
The CIWS laser adjunct could potentially “correct” 
this situation by laser heating target vehicles to en- 
hance their signature to existing IR guided missiles. 
Note that this is NOT “conventional” semiactive-la- 
ser (SAL) guidance—the LaWS is not a coded il- 
luminator, nor do the seekers in question rely on 
this coding. The IR missiles would be unmodified 
weapons taken from inventory. The LaWS adjunct 
would simply contribute laser energy that heats 
the target and enhances its signature for the mis- 
sile. While, at the ranges envisioned, this laser heat- 
ing alone would not be sufficient to “kill” the target, 
it could definitely heat the target. It should also be 
noted that the laser “illumination” could potential- 
ly be used to preferentially select a specific target 
from among a group of targets for engagement by a 
missile. It is expected that these engagements could 
occur at ranges of two to four times the effective 
Phalanx gun engagement ranges. Use of LaWS in 
this manner would be exactly analogous to the use 
of a SAL designator for a SAL guided missile, such 
as the AGM-114 Hellfire. It is expected that similar 
rules of engagement would apply. 


Direct Target Destruction by Laser Heating 

Some threats are known to be vulnerable to di- 
rect destruction by the application of laser ener- 
gy for an appropriate period of time. The currently 
envisioned system would be able to destroy a sub- 
set of naval threats at ranges comparable to, and 
in some cases greater than, the ranges achieved 
with modern, stabilized guns using EO fire con- 
trol systems and modern ammunition. In the case 
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of a LaWS adjunct, the addition of the laser would 
open new options for a firing/engagement doctrine 
and would be expected to conserve CIWS rounds 
for use on threats that are not appropriate for this 
laser power level. While the laser is often quoted as 
having an “unlimited magazine,” the true number 
of threats that can be engaged by the laser in any 
period of time is limited by the required illumina- 
tion time and by the time required to evaluate a 
kill and transition to the next target. Thus, for par- 
ticular target velocities and numbers, the “effective 
laser magazine” might be added to the CIWS mag- 
azine to increase the total number of targets en- 
gaged by the combined system. 


LAWS ACCOMPLISHMENTS 

A government/industry team, led by govern- 
ment technical personnel, have achieved signifi- 
cant accomplishments since the start of the LaWS 
program in 2007; specifically, the team: 

¢ Conducted mission analyses 
Developed threat lethality estimates 
Performed industry surveys for critical com- 
ponents and subsystems 
Performed extensive trade-off analyses 
Designed a prototype system 
Constructed the system—the prototype di- 
rector and mount (see Figure 3) 

Performed numerous laboratory-based tests 
of subsystems and the complete prototype 
Validated system operation with a full-up 
field test at high power using BQM-147A 
UAV target drones 

Additionally, the team was able to minimize the 
cost of the prototype by leveraging hardware that 
had already been developed or procured for oth- 
er applications, including an L3-Brashear tracking 
mount, a 50-cm telescope, and high-performance 
IR sensors. Some components were commercially 
procured, such as the 5.4-kW fiber lasers. Figure 4 
shows three laser cabinets, containing two lasers 
apiece, resulting in a total power output of 32.4 kW. 
Other components, such as the beam combiner 
and much of the system software required for op- 
eration and target tracking, had to be specifically 
designed, fabricated, and tested. 

The LaWS program achieved a highly success- 
ful field test/demonstration in June 2009 when the 
prototype successfully engaged and destroyed five 
drone targets at tactically significant ranges at the 
China Lake, California, test range (see Figure 5). 


ADDITIONAL WORK TO BE DONE 
Since the LaWS prototype sits on a dedicated 
gimbal, much additional work needs to be done 
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Figure 4. IPG Laser Cabinets 
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Figure 5. BQM-147A During LaWS Engagement 


to place the weapon on the CIWS mount. The 
latter would require new control systems and 
optomechanical hardware for line-of-sight stabi- 
lization. Other aspects of the shipboard environ- 
ment are also more stressful, and future mission 
areas may require an increasingly robust capa- 
bility to deal with optical turbulence and the 
high-clutter environment of the ocean surface. 
Additional laser power might also be required. 
These modifications, depending on the level 
of capability desired, will require engineering 
modifications to the system. Engineering analy- 
sis and design to address these issues is current- 
ly underway at NSWCDD. 

While the aforementioned engineering issues 
are important to address, there are additional tech- 
nical issues that have yet to be analyzed. These is- 
sues are concerned with the potential utility of 
the system. Indeed, most of the detailed techni- 
cal analyses and experiments performed thus far 
have focused on target destruction, with some ef- 
fort expended on the issue of seeker damage/de- 
struction. Developing credible lethality estimates 
for various potential threat targets is clearly very 
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important, but one consequence of the lethality fo- 
cus is that necessary, detailed, defendable technical 
analysis, analytic model development, and experi- 
ments have not been performed to explore the oth- 
er functions/features that a CIWS Adjunct LaWS 
might provide to the overall ship combat system. 
Some of these contributions might become “rou- 
tine” if the LaWS were available. 

For example, a hard-kill engagement of a tar- 
get by a Navy shipboard weapon is a relatively rare 
event, even during wartime conditions. On the oth- 
er hand, ships in combat zones—and elsewhere— 
constantly have the problem of detecting potential 
threats, tracking them, identifying them, deter- 
mining their intent, and providing warning. Thus, 
use of the LaWS system, at less than its full lethal 
potential, could become a daily, standard practice. 
It is still not clear how these potential benefits and 
capabilities could be measured or quantified to the 
satisfaction of key decision makers. 

Likewise, other potential advantages of laser 
weapons—such as the potential for precision en- 
gagement, covert engagement, fire starting, grad- 
uated lethality, low cost per shot, and “unlimited” 


magazine—have not been subjected to rigorous 
technical analysis for feasibility, utility, and prac- 
ticality. These investigations need to be performed 
and are gradually being addressed within the 
LaWS program. 

Although the Phalanx CIWS system is cur- 
rently installed on a number of Navy surface 
warships—either a single mount or a double 
mount—there are still significant numbers of 
ships that do not have a Phalanx system. It is high- 
ly desirable to make LaWS potentially available to 
virtually any ship that could benefit from the en- 
hanced capabilities. 

While the technical issues associated with the 
addition of LaWS to the Phalanx CIWS will be 
somewhat different from those associated with 
adding a LaWS system to other weapon systems— 
or the provision of a “stand-alone” LaWS—they do 
not appear to be insurmountable. For example, a 
LaWS beam director might be added to the stabi- 
lized Mk 38 Mod 2 25mm gun or the Mk 46 Mod 2 
30mm gun. A LaWS beam director might be add- 
ed to (or even substituted for) the Mk 46 EO Sight 
on DDGs or added to the trainable RAM launcher. 
Other options may exist as well. 

The issue of defending combat logistics force 
ships, joint sealift ships, and certain support vessels 
from attacks from small boats or UAVs is also rele- 
vant. These ships often have little or no installed de- 
fensive capabilities for potential terrorist or pirate 
threats, and expeditionary security detachments do 
not have decisive warning or engagement capabil- 
ity. In addition, there are severe limitations placed 
on concept of operations (CONOPS) and rules of 
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engagement due to the limited objectives/limited 
means of the various missions. 

A system such as LaWS could provide gradu- 
ated lethality from warning to destruction. It also 
could provide additional applications to minimize 
risk to sea base platforms and enhance sea shield 
capabilities against nonstate threats. If acceptable 
rules of engagement can be established, the advan- 
tages of graduated lethality might be extended to 
ships in port or entering/exiting harbors. 

While considerable additional work needs to 
be done to produce a tactical system, the LaWS 
program's recent demonstration of capability pro- 
vides strong evidence that a useful, tactical system 
could be produced within reasonable cost, volume, 
weight, and power constraints to provide the war- 
fighter with a suite of additional tools to fight to- 
day’s and tomorrow's wars. 
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An already tense situation quickly escalated. Everyone within the combat informa- 
tion center of the Navy’s newest all-electric ship suddenly realized that two surface- 
skimming, antiship missiles were bearing down on their destroyer. With less than 30 sec- 
onds to impact, the tactical warfare officer gave the order to fire. Seconds later, the first 
surface-skimming missile vanished from all tracking consoles. Another order to fire 
closely followed, and the second missile threat was also destroyed. Consequently, with- 
in a matter of 10 seconds from threat recognition to threat elimination, the Navy’s new- 
est all-electric ship was able to destroy two incoming threats by using one of the Navy’s 
newest weapon systems—the free-electron laser. 

Does this scenario of a Navy all-electric ship, employing a high-energy laser to 
shoot down enemy surface-skimming antiship missiles, sound like inevitable reality or 
unattainable science fiction? For scientists and engineers working on directed-energy 
systems for the Navy, the answer does not lie solely in the advanced technical challeng- 
es associated with developing directed-energy weapons. Rather, the answer also lies in 
how well scientists and engineers understand and adhere to the Department of Defense's 
(DoD’s) Defense Acquisition Management System (DAMS) framework governing the 
development of new weapon systems. 
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The way in which DoD identifies needs and subsequently develops, tests, procures, 
and sustains weapon systems has evolved over time. Today’s acquisition foundation can 
be traced back to the Packard Commission report in 1986, where many of this report's 
recommendations became part of the Goldwater-Nichols DoD Reorganization Act of 
1986. This evolution continued along three tracks: 

1. Requirements moving from threat-based to capability-based 

2. The resource allocation system adding execution reviews with concurrent pro- 

gram and budget reviews 





3. The acquisition process attempting to incor- 

porate a more flexible and tailored process 

These three tracks form the Defense Support 
System organizational structure: the Joint Capabil- 
ities Integration and Development System (JCIDS) 
process; the Planning, Programming, Budgeting, 
and Execution (PPBE) process; and the DAMS 
process, respectively. These three processes oper- 
ate as “systems of systems” and are referred to as 
the “Big A” acquisition process shown in Figure 1.' 

While all three of these phases hold their own 
level of importance, the major focus for scientists 
and engineers at research and development (R&D) 
facilities is the “Little a” acquisition process. It is 
this “Little a” acquisition process, where the rules 
and processes are found, that governs how DoD 
goes about developing a new materiel solution to 
a validated warfighter requirement. These rules 
and processes are codified within DoD Instruction 
5000.02, Operation of the Defense Acquisition Sys- 
tem, which was issued in December 2008. 

The acquisition framework associated with 
DoD Instruction 5000.02 is the DAMS structure. 
This framework, shown in Figure 2, consists of nu- 
merous strategically placed milestones and major 
program reviews to ensure proper programmat- 
ic oversight.” Each of the milestones has specific 
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Figure 1. Defense Support System Organizational Structure 


45 





(Program 
Initiation) 


Materiel 
Solution 
Analysis 


Materiel 
Development Post - Post - 
Decision PDRA CDRA 


Technology 
Development 


Engineering and 
Manufacturing 
Development 


Directed Energy 
RDT&E, Acquisition, and 
Warfare Management 


* The materiel development decision precedes 
entry into any phase of the acquisition 
management system 


¢ Entrance criteria met before entering phase 


° Evolutionary acquisition or single step to 
full capability 


1OC FOC 


Production & Deployment 
Operations & 
Support 
FRP 


Decision 
LRIP/OT&E Review 


Pre-Systems Acquisition Systems Acquisition 


© = Decision Point 


LA = Milestone Review oy = Decision point if PDR is not conducted before Milestione B 





Figure 2. DoD Acquisition Framework 


criteria that must be satisfied before a program is 
allowed to further proceed along the DAMS. The 
programs Milestone Decision Authority (MDA) 
rests with the individual responsible for decid- 
ing if the milestone criteria have been met and, 
if so, for allowing the program to proceed to the 
next phase of the acquisition process. Designation 
of a program’s MDA depends on a program’s lev- 
el of research, development, test, and evaluation 
(RDT&E) and procurement funding. For example, 
an Acquisition Category (ACAT) I program is de- 
fined as an eventual total expenditure for RDT&E 
of more than $365 million in fiscal year (FY) 2000 
constant dollars or, for procurement, of more than 
$2.19 billion in FY 2000 constant dollars. In this 
case, for an ACAT ID (“D” refers to the Defense 
Acquisition Board (DAB)) the Under Secretary of 
Defense for Acquisition, Technology and Logistics 
(USD(AT&L)) is the MDA; for an ACAT IC (“C” 
refers to Component or Service), the MDA is the 
Head of the DoD Component or, if delegated, the 
Component Acquisition Executive.’ 

In addition, civilian and military workforce 
members within the DoD whose job responsibili- 
ties are deemed acquisition-related find themselves 
with a training requirement necessary to carry out 
their acquisition-related job responsibilities. Spe- 
cifically, these workforce members are required to 
gain acquisition training and education with the 
passage of the Defense Acquisition Workforce Im- 
provement Act (DAWIA) signed into law in 1990. 
The current certification process comprises three 
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levels covering 16 different career fields. Each of 
these 16 career fields has a set of specific train- 
ing, education, and experience requirements that 
must be met in order for an individual to achieve 
Level 1, Level 2, or Level 3 certification. The De- 
fense Acquisition University (DAU) provides the 
necessary training classes required for the certifi- 
cation. DAU identifies “core-plus” training class- 
es and continuous learning modules for each level 
of certification. The core-plus classes and modules 
are not required for certification but are identified 
as additional sources of information to assist indi- 
viduals in becoming more knowledgeable about 
their career field beyond the minimum standards 
required for certification. The most up-to-date cer- 
tification frameworks for all 16 career fields can be 
found at the following DAU website: http://icata- 


log.dau.mil/onlinecatalog/CareerLvLaspx 


DEFENSE ACQUISITION REFORM 

The DoD acquisition environment is under- 
going continuous change. The issuance of DoD In- 
struction 5000.02 marked the opening salvo of what 
has become seemingly constant updates, modifica- 
tions, and guidance impacting how DoD procures 
weapon systems to meet warfighter requirements. 
In addition to DoD’s issuance of DoD Instruction 
5000.02, the Government Accountability Office 
published a stream of reports and findings that in- 
dicate significant cost growth and schedule delays 
in major defense acquisition programs. In 2009, 
Secretary of Defense Robert M. Gates proclaimed 
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a new way of doing business within DoD when it 
comes to weapon systems acquisition. Pressures are 
building for every program to maintain cost and 
schedule estimates while delivering the technical 
requirements originally developed to support the 
warfighter. 

Moreover, there have been two major policy 
issuances. As previously mentioned, the first was 
DoD Instruction 5000.02 in December 2008. This 
update of the rules and processes governing DoD 
weapon systems acquisition primarily impacted 
the early part of the DAMS framework. The prob- 
lem was that weapon system programs were failing 
their initial operational test and evaluation phases 
at alarming rates—many times traced to program 
offices attempting to design weapon systems with 
immature technology. Such failures were prevent- 
ing those programs from proceeding to a full-rate 
production decision review and, more importantly, 
causing a repeat of some of the DAMS framework, 
which translated to increased costs and delayed 
initial operational capability timelines. 

DoD Instruction 5000.02 attempted to solve 
this problem with three main emphases. First, a 
mandatory requirement was inserted for compet- 
itive prototyping prior to program initiation at 
Milestone B. The intent was to ensure a competition 
among contractors competing for a contract award. 
The theory was that such a competition would re- 
duce technical risk, validate designs, improve cost 
estimates, evaluate manufacturing processes, and 
refine requirements. Reducing technical risks was 


especially important because weapon system pro- 
grams were expected to demonstrate a technolo- 
gy readiness level (TRL) of six—where the system/ 
subsystem model or prototype is demonstrat- 
ed in a relevant environment—by the time a pro- 
gram reached Milestone B. TRLs are categorized 
ona scale of 1 to 9. A TRL of 1 is the lowest level of 
technology readiness, where scientific research be- 
gins to be translated into applied R&D. A TRL of 9 
is the highest level of technology readiness, where 
the actual system is proven through successful mis- 
sion operations. A TRL of 6 represents a major step 
up in a technology's demonstrated readiness. Using 
TRLs enables consistent comparisons of technical 
maturity across different types of technologies, giv- 
ing program decision makers a common bench- 
mark to consider when assessing program risk. 
Note that TRLs are meant to capture a level of tech- 
nical maturity, not the probability of occurrence 
(i.e., the likelihood of attaining a required maturity 
level) or the impact of not achieving a level of tech- 
nical maturity.* 

The second emphasis was on a stricter adher- 
ence to systems engineering processes and tech- 
nical reviews. Too often weapon system programs 
were not closely following systems engineering 
processes or avoiding due diligence when it came 
to the definition of successful exit criteria for a 
technical review. Consequently, all technical ef- 
forts must be outlined in a program’s systems en- 
gineering plan. The program manager will use the 
eight technical management processes—decision 
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analysis, technical planning, technical assessment, 
requirements management, risk management, con- 
figuration management, technical data manage- 
ment, and interface management—to manage the 
technical development of the system increments, 
including the supporting or enabling systems.” 
The program manager will use the eight techni- 
cal processes—stakeholders requirements defini- 
tion, requirements analysis, architectural design, 
implementation, integration, verification, valida- 
tion, and transition—to design the system, subsys- 
tems, and components, including the supporting 
or enabling systems required to produce, support, 
operate, or dispose of a system.° Figure 3 provides 
an overlay of the new DoD Instruction 5000.02 
and Secretary of the Navy (SECNAV Instruction) 
5000.2D (Implementation and Operation of the 
Defense Acquisition System and the JCIDS), and 
shows the timing of specific systems engineering 
technical reviews as a program matures through 
the DAMS. 

The third emphasis was a more prominent role 
of the MDA, starting with a mandatory requirement 
that all weapon system programs seeking a full or 
partial materiel solution must hold a Materiel De- 
velopment Decision chaired by the MDA. Thus, the 
old Design Readiness Review was replaced with the 
Post-Critical Design Review Assessment chaired by 
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the MDA. In short, the MDA was to become a more 
prominent figure in the oversight of a weapon sys- 
tem program's progress. 

The second relatively recent major policy is- 
suance was the Weapon Systems Acquisition Re- 
form Act (WSARA) of 2009, implemented by 
Directive-Type Memorandum (DTM) 09-027 in 
December 2009. This DIM amended DoD In- 
struction 5000.02, the Defense Federal Acquisition 
Regulation Supplement (DFARS), and associated 
business practices within the Defense Acquisition 
Guidebook (DAG). The WSARA implementation 
brought about changes to policies and procedures 
across 13 categories. Some of the WSARA chang- 
es most relevant to the Navy directed-energy com- 
munity include: 

« Analysis of alternatives study guidance 

e Acquisition strategies to ensure competition 

e Competitive prototyping 

¢ Developmental test and evaluation 

¢ Systems engineering 

¢ Preliminary design reviews 

¢ Critical cost growth 


THE ACQUISITION IMPACT 

So why should the directed-energy communi- 
ty care about these acquisition policy changes? Be- 
cause these policy changes impact the community's 
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ability to develop, produce, and/or sustain direct- 
ed-energy weapon systems. The ultimate goal of 
the directed-energy community is to deploy direct- 
ed-energy weapons to the fleet. Accordingly, re- 
gardless of which phase or phases an organization 
in the community supports, its actions are impact- 
ed by the language in DoD Instruction 5000.02 and 
the WSARA of 2009. The more scientists and en- 
gineers in the organization are aware of governing 
policy documents like DoD Instruction 5000.02, 
the better their chances are of meeting DoD lead- 
ership’s expectations in terms of cost, schedule, and 
technical effectiveness. 

Actions have shown that DoD senior leader- 
ship has come to expect all weapon system pro- 
grams to adhere to the current acquisition-related 
policy and guidance changes. As mentioned earlier, 
major weapon system programs have recently been 
canceled or restructured for not meeting DoD se- 
nior leadership expectations—something that 
rarely occurred previously. In today’s environment, 
technology alone will not carry the argument for a 
programs survivability. Directed-energy weapons 
definitely carry the allure of a “Star Wars-like” ca- 
pability, but these same weapon systems will need 
to show sustainable cost and schedule compliance 
if they are to come to fruition. Resources are too 
limited, and the warfighter has too many needs to 
allow unsustainable weapon system programs to 
continue. Therefore, everyone involved with the 
development, procurement, and/or sustainment of 
a directed-energy weapon system needs to have an 
adequate understanding of the acquisition under- 
pinnings now governing DoD. 


SUMMARY 

The proverbial “winds of change” are blow- 
ing across the DoD acquisition landscape. The 
management of major weapon systems dependent 
upon cutting-edge technologies—such as those of 
directed energy—cannot afford to conduct busi- 
ness in a manner reminiscent of bygone days. 
Everyone involved with the development, produc- 
tion, or sustainment of a directed-energy weapon 
system needs to understand the “rules of engage- 
ment” laid down by the most recent DoD acquisi- 
tion policy guidance. Highly skilled scientists and 
engineers typically already understand the need 
for a structured systems engineering approach to 
problem solving. Today, though, more than ever, 
cost and schedule must be factored in as potential 
tradespace to deliver the ultimate goal: a cost-effec- 
tive, directed-energy weapon system delivered in a 
timely manner while meeting the warfighter’s re- 
quirements. Scientists and engineers who adhere 
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to these recent acquisition changes will help their 
organizations achieve this goal, thereby ensuring 
that warfighters will be armed with the most tech- 
nologically superior weapons possible. 
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WHAT ARE ELECTRIC WEAPONS? 

Most conventional weapons rely on chemical energy (explosives) as their destruc- 
tion mechanism, either to explode on target, like bombs, or to create kinetic energy, like 
a bullet. Electric weapons are different. Electric weapons use stored electrical energy, 
rather than explosives, to attack or destroy the target. Electric weapons generally fall into 
two categories: directed-energy weapons (DEWs) and electromagnetic (EM) launchers. 
DEWs send energy, instead of matter, toward a target, and can be separated into three 
types: laser weapons, particle-beam weapons, and high-power microwave (HPM) or ra- 
dio-frequency (RF) weapons. EM launchers use electrical energy to throw a mass at a 
target, thus making them distinct from directed energy. There are also three types of EM 
launchers: rail guns, coil guns, and induction drivers. All involve the use of strong mag- 
netic fields to push against projectiles. While electric guns are an electric weapon, they 
are not a DEW. 

High electrical powers and large energies are needed for all these weapons. Tech- 
nologies for storing and controlling electric power are needed and are commonly called 
pulsed-power technologies. Electric guns are often associated with DEWs due to their 
common reliance on pulsed-power technology. The types of electric weapons are shown 
in Figure 1. 





Figure 1. Types of Electric Weapons 


There are a number of powerful advantages of 
electric weapons over conventional explosives: 

e DEWs have a near-zero time of flight com- 
pared to conventional ordnance, allowing 
longer decision times and quicker reaction 
times. 

e Electric weapons have a large “magazine” ca- 
pacity, often limited only by the ability of the 
power source to recharge the system. The fir- 
ing rate depends on how fast the system can 
be recharged, which in turn, depends on the 
available power source. 

« The cost of engagement is greatly reduced. 
With increasingly sophisticated convention- 
al weapons, the cost of practice rounds, such 
as a missile, can be millions. For an electric 
weapon, the cost per engagement is greatly 
reduced, making the attack of small targets 
(the asymmetric threat) less costly and train- 
ing much more affordable. 

e There is the potential for variable lethality, 
where the weapon effects can be controlled 
or attenuated to provide a warning or non- 
lethal effect. Otherwise, a full-power setting 
can be used to destroy the target. 

e Electric weapons have the benefit of in- 
creased safety since less ordnance needs to 
be stored. Logistics costs less, and underway 
replenishment is easier since explosives are 
reduced or eliminated. 

e Electric weapons can be used in conjunc- 
tion with conventional weapons to height- 
en overall combat system effectiveness, such 
as knocking out electronics before engaging 
with a kinetic weapon. 

Historically, the key Navy scenario for us- 
ing directed-energy technologies has been close- 
in protection of naval vessels from antiship cruise 
missiles, particularly in a littoral environment. The 
ability of a DEW’s speed-of-light engagement is 
particularly attractive under conditions of short 
warning times from supersonic stealthy missiles. 
However, increasingly difficult and problematic 
threats from nonmilitary aircraft and surface ships, 
countersurveillance platforms, fast patrol boats, 
unmanned aerial vehicles (UAVs), and terrorist in- 
flatable boats or jet skis present different challeng- 
es. The threat has shifted from small numbers of 
expensive targets in open water to large numbers 
of small and cheap targets among neutral forc- 
es. The unique characteristics offered by DEWs, 
when compared to traditional weapon systems, al- 
low them to be applied across a spectrum of threat 
roles, particularly in friendly or neutral-rich re- 
gions where precision pointing or less-than-lethal 


THE BASICS OF ELECTRIC WEAPONS AND 
PULSED-POWER TECHNOLOGIES 


capability is paramount. The potential for HPM to 
counter electronics at levels below human effects 
makes them ideal nonlethal weapons. Electromag- 
netically launched projectiles allow longer range, 
shorter flight times, reduced reliance on air strikes 
and missiles, and safer storage and replenishment. 
With military budgets being squeezed, the low cost 
of directed-energy engagements, which often re- 
quire just a few gallons of fuel, cannot be overem- 
phasized. Instead of million-dollar missile shots, 
electric weapons allow new tactics, warning shots, 
and continual fire against large and small targets. 
They also allow inexpensive practice and training 
for improved readiness. 


PULSED POWER FOR ELECTRIC 
WEAPONS 

A useful rule of thumb is that a stick of TNT 
contains about a megajoule (MJ) of chemical en- 
ergy, and this amount is often needed to destroy 
a military target. To destroy a target with an elec- 
tric weapon, the electrical energy must also be de- 
posited quickly. Surprisingly, a candy bar also has a 
megajoule of chemical energy, but it is released very 
slowly when we eat it. Many electric weapons re- 
quire peak powers of more than a gigawatt (GW) or 
energies more than a megajoule. The time scales for 
delivery range from milliseconds to nanoseconds. 
As an example, delivering 1 MJ of energy in 10 us 
requires 100 GW of power, which is more than a 
commercial power plant can produce. It is not prac- 
tical to build continuous power supplies to directly 
drive most electric weapons. Consequently, pulsed- 
power technologies are needed to store energy at 
low power rates and release it quickly for weapon 
use. A pulsed-power system takes electrical pow- 
er from a prime source (like a motor), stores it, and 
transforms the power to meet specific user require- 
ments. The importance of a pulsed-power system is 
often underappreciated. For most electric weapon 
systems, the system size, weight, volume, and reli- 
ability are dominated by the pulsed-power chain. 
Pulsed-power components must be improved 
along with the weapon technology to make elec- 
tric weapons systems practical. A block diagram of 
a pulsed-power system is shown in Figure 2. 

Electrical energy can be stored in many ways, 
such as a battery (actually a chemical storage). A 
car battery has about a megajoule of energy, but 
it takes many seconds to drain it. A much faster 
method of storing electrical energy is in a capacitor, 
which can be discharged in milliseconds or faster. 
Inductive methods store the energy in the magnet- 
ic fields of a coil. This has the potential of achiev- 
ing higher energy density than capacitors, but 
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when the supporting systems are considered, the 
technology becomes less attractive. Energy storage 
for electric weapons can also be done with chem- 
ical explosive energy, where an explosive force is 
converted into electrical energy using techniques 
such as flux compression. Energy can be stored in 
the inertia of rotating machines and flywheels, but 
the energy can be released only as fast as the fly- 
wheel or motor can be stopped, usually in seconds. 
In many cases, several stages of energy store are 
used where each stage is faster than the last. Once 
the energy is stored, it must be released quickly us- 
ing a high-power switch. There are many types of 
switches. Perhaps the most common type for elec- 
tric-weapon applications has been the spark gap. 
Many types of controlled spark gaps exist, includ- 
ing pin-triggered, laser-triggered, field distortion, 
and simple overvolted. To achieve high repetition 
rates, flowing oil or gas can be used to flush the hot 
spark products, or sealed gaps using special fast-re- 
covery gases, such as hydrogen, can be employed. 
Other switches, such as vacuum tubes and solid- 
state switches, can be used if they can handle the 
voltages and currents needed. Solid-state technol- 
ogies, such as thyristers, have become very capa- 
ble in recent years. Once the energy is switched 
out, there is usually some additional power condi- 
tioning, where transformers or pulse-forming net- 
works are used to provide the desired pulse shape, 
voltage, and current required for the weapon. For 
rapid firing rates or continuous use, high average 
input powers are needed. 
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ALL-ELECTRIC SHIP 

One of the major impediments to the develop- 
ment of electric weapons systems for Navy ships 
has been a lack of electrical prime power. Current 
surface combatant designs employ up to 90 percent 
of engine power mechanically dedicated solely to 
propulsion. These designs are unable to provide 
the tens to hundreds of megawatts (MW) of elec- 
trical power capacity required for many electric 
weapons. The solution is an electric-drive ship that 
uses all the engine power to generate electricity, en- 
abling it to allocate power to weapons or propul- 
sion as needed. In recent years, the Navy has been 
investigating cost-effective power-system options 
to meet future platform requirements. 


HIGH-POWER MICROWAVE (HPM) 
AND RF WEAPONS 

Microwave weapons are generally considered 
to use frequencies above a gigahertz, whereas low- 
er frequencies are generally called RF weapons. 
These weapons are more powerful than electron- 
ic warfare systems and are designed to create ex- 
tended disruption or permanent damage. An HPM 
weapon is considered to have a peak power of more 
than 100 MW, or energies above 1 J. The energy can 
enter a target through intended RF paths, such as 
target antennas (front door), or unintended paths, 
such as housing joints, cavities, and circuit wires 
(back door). Pulses ranging from a few nanosec- 
onds to microseconds in duration can be sufficient 
to reset computers, cause loss of stored data, or 





cause microprocessors to switch operating modes. 
Nonlinear circuits and components can rectify sig- 
nals and absorb energy outside of their normal op- 
erating parameters. Figure 3 illustrates some of the 
vulnerability areas on a missile body. 

RF or HPM devices can be divided into nar- 
rowband or wideband systems, dependent upon 
the employed pulse length. Narrowband systems 
are similar to high-power radar pulses and produce 
RF radiation with a very narrow bandwidth (fre- 
quency coverage). The damage concept is to create 
enough energy in a target to overheat or overload 
electronic components. Wideband systems gener- 
ally produce very short pulses (nanoseconds) and 
typically operate in lower frequency ranges. Wide- 
band systems produce much lower average powers 
and rely on high-peak electric fields to produce re- 
set or arcing of digital components. Creating short 
pulses—often only a few RF cycles long—generates 
a very broad frequency output to take advantage 
of a target’s weak point. But, it also means that the 
energy is spread over many frequencies, so there 
may be very little energy at a specific vulnerable 
frequency. Vulnerability data is critical to estimate 
the effectiveness of HPM weapons. Ultimately, air 
breakdown will limit the amount of energy out of 
an antenna to around 1 MW/cm’. 

HPM devices can produce effects that range 
from denying the use of electronic-based equip- 
ment to disrupting, damaging, or destroying such 
equipment. HPM weapon advantages include all- 
weather capability, low precision pointing require- 
ments, and effects persistence after the radiated 
EM energy “beam” has been turned off. One major 
advantage of HPM is that electronics are general- 
ly more vulnerable to high fields and high energies 
than humans. This provides the ability to attack 
electronics without harming people, which makes 
HPM an ideal choice for nonlethal applications. 

Two major challenges of implementing HPM 
technologies into an operational weapon systems 
platform are: 

1. Fratricide, or self-destruction, can be a prob- 

lem because of the large areas affected by the 
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sidelobes and near field of any meaning- 
ful HPM weapon system. Therefore, when 
attacking a target of interest with an HPM 
weapon, there is a greater risk of disruption 
to systems that were not intended to be tar- 
geted but fell within the sphere of influence. 
Host platforms, therefore, may need to un- 
dergo interference hardening. 

2. With regard to battle damage assessment, 
kinetic weapons have the advantage of typi- 
cally leaving visual evidence. HPM weapon 
systems do not leave large holes in a target 
but create more subtle influences as a result 
of attacking critical electronic components. 
Consequently, it can be more difficult to as- 
certain whether a target’s capabilities have 
been sufficiently degraded or destroyed— 
and for how long—in determining wheth- 
er a mission was successful. 

For HPM system development, a fundamental 
challenge is the understanding of what it takes to 
affect the target. Coupling mechanisms, where EM 
energy enters and affects the target system, are ex- 
tremely complex. The vulnerability of components 
is often vastly different if it is outside or inside a cir- 
cuit board or enclosure. Effects depend upon the in- 
teractions with other components, connectors, and 
nearby conductors. The effects on a component can 
vary many orders of magnitude depending on fre- 
quency, orientation, cracks and seams, protective 
circuits, pulse energy, and duration. Research re- 
garding effects on missiles has shown large varia- 
tions not only between designs, but also between 
different serial numbers due to assembly meth- 
ods, cable routing, and component variations. With 
the increasing use of commercial equipment by 
the military, such as computers and radios, effects 
are difficult to predict due to constant design and 
component changes. In general, electronics are get- 
ting smaller and operating at lower voltages, mak- 
ing them more sensitive to high fields. But smaller 
components often have lower pickup areas, and the 
proliferation of interfering signals has increased the 
amount of shielding on modern electronics. When 
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Figure 3. HPM Coupling Paths on Missile Body 
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target systems are located inside structures or build- 
ings, it becomes even more difficult to predict. Ef- 
forts to predict reflections and interference inside 
complex structures become extremely complicated. 
Accordingly, generic electronics kill using universal 
waveforms is not likely. There continues to be a lot 
of hype about what RF weapons can do, but the idea 
that a backpack device can wipe out all electronics 
in a city is no more realistic than a hand-held laser 
cutting through a bank vault door. 


HIGH-ENERGY LASERS (HELS) 

A laser generally produces a beam of coher- 
ent light at a specific wavelength dependent on 
the atomic structure of the lasing substance. Only 
certain substances have the atomic properties ap- 
propriate for producing laser light, and these are 
often limited in power. Lasers are characterized 
by the substance being lased (gas, liquid, or solid) 
and the “pumping” process (light energy, electric- 
ity, or chemical reaction). A resonant optical cav- 
ity provides the means for aligning the energy in 
the beam and extracting that energy. A military la- 
ser system also includes beam processing or beam- 
path conditioning, beam pointing and control 
and—for long-range applications—adaptive optics 
to compensate for the atmosphere. 

Until recently, HELs have been driven by chem- 
ical energy, so very little electrical power or pulsed 
power was needed. Chemical lasers use the reac- 
tions of gases or liquids to create the excited energy 
states necessary for laser emission. Large chemical 
lasers and beam directors have been developed by 
the Navy in recent decades and have successfully 
ruptured fuel tanks and downed supersonic mis- 
siles. However, these lasers required high-velocity, 
chemical-reaction chambers and emitted hazard- 
ous gaseous by-products. They often operated at 
wavelengths where the atmosphere absorbed much 
of the energy. Absorption creates thermal bloom- 
ing, whereby absorbed energy in the air creates 
a negative lens that defocuses the beam. Increas- 
ing the power of the laser increases the energy ab- 
sorbed and worsens the problem. The Army and 
Air Force are developing chemical lasers for air- 
borne applications, where atmospheric absorption 
is less of a problem. Recent Navy interest in HELs 
has concentrated on lasers that are electrically pow- 
ered, rather than chemically powered, and that op- 
erate at shorter wavelengths to allow smaller optics 
and more efficient propagation near the water. 

Small semiconductor (or diode) lasers use cur- 
rent flow through an electrical junction to excite 
electrons and create laser light. These lasers are 
very limited in power, so research has focused on 
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using large numbers of lasers assembled into a co- 
herent array. Semiconductor lasers also create effi- 
cient light to excite or “pump” other types of lasers. 
Solid-state lasers (SSLs) use crystalline materials 
mixed (doped) with elements needed for proper 
lasing. SSLs show strong promise for compact, me- 
dium-power HEL weapon systems. Scaling these 
systems up to megawatt levels creates extreme heat 
in the crystal material, making it very difficult to 
prevent internal damage. Forced cooling and the 
heat capacity of large masses are under study. 

Fiber lasers—which use semiconductor diode 
lasers to pump a flexible, doped crystalline fiber 
(similar to a fiber-optic line)—have demonstrated 
high efficiency and relatively high power. The tech- 
nology is being used in the welding and cutting in- 
dustries. Methods of pumping large numbers of 
fiber-optic lasers and combining them are being in- 
vestigated. An example is shown in Figure 4. 

The free-electron laser (FEL) operates dif- 
ferently from a conventional laser. An FEL uses a 
high-voltage electron accelerator to push electrons 
through a magnetic “wiggler” to create light radia- 
tion across a tunable band of frequencies. The FEL 
is extremely complex and large, but scaling to very 
high powers may be possible. Perhaps the biggest 
promise of the FEL is the ability to design the laser 
at an ideal atmospheric propagation wavelength. 
Significant technical hurdles remain in reaching 
the status of a deployable FEL, in scaling the beam 
to megawatt powers and in providing the necessary 
engineering to turn a laboratory device into a weap- 
on system of reasonable size. For Navy application, 
FELs will require improvements in areas of radia- 
tion shielding, high vacuum, high-current photo- 
injectors, and probably cryogenic cooling—all of 
which must be integrated into a ship’s basic design. 

Fiber lasers and SSLs are the leading-candi- 
date Navy lasers for medium power, as FELs are 
for high power. All are electrically driven and can 
meet the requirement for shorter wavelength, ca- 
pable of transmitting at the “maritime window” of 
approximately 1 u. 

HEL weapons’ advantages include a highly di- 
rectional and narrowly focused beam, providing: 

e Minimal collateral damage 

¢ Speed-of-light delivery 

¢ Rapid retargeting 

¢ Low cost of engagement 
Disadvantages center on: 

¢ Limited range due to atmospheric attenuation 

¢ Weather limitations 

¢ Low efficiency (often less than 10 percent) 

¢ Need for eye protection 

Relatively large size and weight requirements 





Figure 4. Drawing of Laser Weapon System (LaWS) 


Long dwell times (seconds) will be needed for 
most targets. As with RF systems, there is a potential 
nonlethal or variable lethality capability since the 
energy can be easily defocused. A critical challenge 
is the understanding of a laser beam’s propagation 
through a maritime boundary layer environment, 
where the sea and air interface creates turbulence 
and moisture gradients. Measuring the atmosphere 
and compensating for variations in real time may re- 
quire adaptive optics or “rubber mirrors” that can be 
constantly adjusted to compensate for changes. Fo- 
cusing a small spot at long range will require high 
beam quality and large optics, probably meter-size 
mirrors that are very highly reflective and very clean. 

HELs in the future are expected to be able to fo- 
cus energy to a spot size of much less than a meter 
at ranges of kilometers. This will necessitate very 
accurate target tracking systems, and precise stabi- 
lization and beam-pointing systems, both of which 
are difficult but should be feasible in the near term. 
Real-time atmospheric measuring systems will be 
needed for compensation techniques. Methods to 
protect the sensitive optical system from salt spray 
and corrosion will also be needed. 

From a lethality perspective, three consider- 
ations need to be better understood before a HEL 
can be deemed a true weapon system: 

1. Achievable spot size of beam on target at 

range 

2. Amount of coupling into the target material 

3. Subsequent effects of the damage inflicted 


For the more severe threats, 
such as high-speed, antiship cruise 
missiles, HELs face the difficult 
task of engaging maneuverable, 
stealthy, inbound missiles. As 
such, a better quantitative un- 
derstanding of the interactions 
among a laser beam’s energy de- 
position, target material, and 
flight dynamics is needed. 


PARTICLE BEAMS 

A particle-beam weapon is 
a directed flow of atomic or sub- 
atomic particles. These parti- 
cles can be neutral or electrically 
charged. Neutral beams need to 
be used outside the atmosphere 
(in space), where charged par- 
ticles would repel and fly apart. 
Charged-particle beams (CPBs) 
are easier to make and are used 
within the atmosphere, where 
air molecules can constrain the 
beam. A CPB weapon transmits matter—not just 
EM waves—like lasers and microwave weapons. 
The particles are near the speed of light and deposit 
their kinetic energy deeply into any target materi- 
al. They have the potential to be highly destructive 
weapons and are very difficult to shield against. 

Charged particles are produced by applying a 
strong electric field near a material that emits elec- 
trons. These electrons then pass through accel- 
erating stages with high voltage gradients (often 
megavolts), which increase the electron’s veloc- 
ity. As the electrons pass each stage, the veloci- 
ty increases until they approach the speed of light 
(become relativistic), at which point they have sub- 
stantial energy to penetrate a target. The accelerat- 
ing systems can be linear, but a recirculating design 
is more compact and can reuse stages. These sys- 
tems are basically high-current versions of scientif- 
ic particle accelerators. 

Once the electron beam is produced, it must 
propagate to the target. High-velocity electrons 
will not go far before they collide with air mole- 
cules and lose energy. The fact that air molecules 
struck by the beam are heated and moved out of 
the way for a short period of time creates a rarified 
“hole” in the atmosphere through which a second 
pulse can travel farther. In this manner, a fast series 
of pulses can “hole-bore” to the target, each pulse 
going farther than the last. The final pulse must 
have enough energy to damage the target. The de- 
celeration of electrons in the atmosphere causes 
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Bremsstrahlung radiation in the forward direction 
toward the target, creating gamma rays that, in 
turn, create X-rays and RF radiation.’ These effects 
can cause electronic upset and “soft-kill’ mecha- 
nisms even if the beam slightly misses the target. 
The beam of electrons is typically a few centi- 
meters in diameter. When a beam strikes a target, 
the energy is deposited deep in the material (the 
collision cross section is small because of the rela- 
tivistic speeds) in microseconds (much faster than a 
laser), creating thermal shock that is very difficult to 
shield against. For an explosive target, there is also 
the possibility of causing a deflagration or low-order 
burn, disrupting the normal warhead mechanism. 
Scientists studying CPB weapons made sig- 
nificant technical advancements in the 1980s, but 
the weapons are still far from being practical. A 
CPB weapon is technically very challenging and 
expensive to build. Studies project that the vol- 
ume requirements necessary for a CPB system 
could be on the order of a 5-inch gun system. Ad- 
vantages of a CPB weapon include rapid penetra- 
tion, a deep magazine, all-weather capability, and 


NCI N| =i (OM at | =i mB) 
GENERATED AROUND 
RAILS AS CURRENT 
FLOWS THROUGH 
CIRCUIT 


SWITCH CLOSES, 

CURRENT FLOWS 

THROUGH RAILS & 
ARMATURE 





Technology, Modeling, and Assessment 





soft-kill mechanisms for a near miss. Problems in- 
clude complexity, size, limited range, and the need 
to demonstrate compact accelerators and propa- 
gation mechanisms. 


ELECTROMAGNETIC (EM) LAUNCHERS 

A number of technology concepts to launch 
projectiles exist using electrical energy. These sys- 
tems rely on large currents in conductors, creating 
strong magnetic fields that drive a projectile. The 
velocity of a normal powder gun projectile is limit- 
ed by the expansion speed of the explosive powder, 
and present military guns are reaching that limit. 
With an electric gun, the fields can push projectiles 
much faster, providing longer ranges and increased 
kinetic energies. The simplest version is an EM rail 
gun, shown in Figure 5. 

In any conducting loop, the generated magnet- 
ic field tries to expand the loop. If everything is held 
in position, the only movable item is the conducting 
projectile, which moves down the rails in an attempt 
to expand the loop. Since megajouoles of projectile 
energy are needed for EM rail guns, energy storage 


LORENTZ FORCE 
ACCELERATES 
ARMATURE AND 
PROJECTILE DOWN 
BARREL 


NCIN | = WOR al = mB) 
INTERACTS WITH 
ARMATURE CURRENT, 
GENERATING A 
LORENTZ FORCE 


CURRENT FLOWING IN THE 
RAILS CREATES A 
MAGNETIC FIELD, WHICH 
INTERACTS WITH THE 
CURRENT IN THE 
ARMATURE TO GENERATE A 
LORENTZ (JxB) FORCE 
Millions of amps are needed! 


Figure 5. Electromagnetic (EM) Rail Gun Concept 
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mechanisms that can store about 100 MJ are need- 
ed, along with the ability to discharge the energy in 
milliseconds. To generate useful forces, millions of 
amps of current are needed—a major challenge and 
significant loss mechanism. Large capacitor banks 
with very high-current switches are required. Spark 
gap switches have historically been the only option, 
but new high-current solid-state switches are now 
becoming available. Capacitor energy densities, too, 
have improved an order of magnitude in the last few 
decades. Rotating machines have also been consid- 
ered because they are smaller than equivalent ca- 
pacitor banks, but extracting the energy quickly, 
without tearing the machine apart, has been prob- 
lematic. The launch energy of various projectiles is 
shown in Figure 6. 





° 20 mm --0.1 Megajoules 

* 76mm --1 Megajoule 

° 5/54 = --10 Megajoules 

° 8/55 ~~ --40 Megajoules 

¢ 16” gun --300 Megajoules 

¢ Aircraft --50 Megajoules 
(30,000 kg @ 50 m/sec) 


Kinetic Energy of Conventional Launch Packages 








Figure 6. Launch Energy of Various Projectiles 


A rail gun is probably the most compact form 
of electric launcher. However, it requires direct 
electrical contact between the projectile and barrel 
rails, creating the potential for arcing, melting, and 
erosion. Coil guns use a series of sequentially fired 
coils around a “barrel” to push the projectile in 
stages. This does not require direct electrical con- 
tact, so it avoids rail erosion but requires a series of 
fast timed switches and more space. Linear induc- 
tion motors are basically unrolled electric motors 
and have been used on electric trains and roller 
coasters, typically with magnetic levitating systems 
to avoid contact erosion. This concept is being de- 
veloped by the Navy for launching aircraft. The 
energy to launch an aircraft is similar to a large- 
caliber projectile—more weight but less speed. The 
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slower speeds are more suitable for rotating ma- 
chines since the launch times are seconds rather 
than microseconds.' Electrothermal guns and elec- 
trothermal-chemical (ETC) guns use a combina- 
tion of electricity and chemicals. Electrical energy 
is used to initiate chemical reactions that can pro- 
duce lightweight driving gases, like steam, or allow 
more energetic propellants that are difficult to ig- 
nite in a conventional fashion. 
Some advantages of electrically driven projec- 
tiles include: 
¢ Higher projectile velocity (over convention- 
al explosives) 
¢ Very long range (>100 miles) with lower cost 
than missiles 
¢ Time-critical delivery (because of shorter 
time of flight) 
¢ Safer projectile stowage (minimal explosives) 
¢ Potentially adjustable velocity levels, for bet- 
ter accuracy and controllable damage 
The potential of having nonexplosive rounds 
and magazines is very attractive for the Navy. For 
long-range, large-caliber EM projectiles, the kinet- 
ic energy from the projectile velocity is greater than 
the chemical explosive energy in a conventional 
round traveling much slower. Therefore, damage 
can be equivalent even without explosives. System 
size and lifetime are still behind conventional sys- 
tems, but getting close. 


OUTLOOK 

Challenges remain for many electric weapon 
concepts. These weapon systems appear promis- 
ing to meet the increasingly important asymmet- 
ric threats with low-cost precision rounds. They 
also can be employed across the energy spectrum 
for nonlethal targeting. Electric weapon systems 
will, in many cases, continue to supplement exist- 
ing kinetic weapon systems in the near term. De- 
spite technology challenges, directed-energy and 
electric weapons hold great promise in offering the 
future warfighter unique combat capabilities not 
currently available. 


ENDNOTE 
a. Bremsstrahlung—a type of radiation emitted when high-energy 


electrons are decelerated. (German for braking radiation) 
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By Joseph F. Sharrow 





Not long ago, around the mid-1980s, development of most new mechanical sys- 
tems—such as automobiles, consumer products, and military devices—was performed 
manually on a drafting table or drawing board, much like the present-day version shown 
in Figure 1. These tables and boards performed a necessary function, but they offered 
little assistance other than for drawing lines. Engineers used them to prepare layouts, or 
two-dimensional sketches of what they were designing. They then would take these lay- 
outs to a draftsman, who would create drawings of each part in the device. The drawings 
would subsequently be sent to a manufacturing facility. 

This layout and drawing preparation process typically would need to be repeated 
multiple times because mistakes would be made, or design issues would be discovered 
late in the process. Similarly, the manufacturing process would sometimes require mul- 
tiple iterations as well because of the inherent limitations in designing three-dimen- 
sional (3-D) devices on two-dimensional boards. This less-than-ideal process made it 
difficult to design and manufacture even mundane products and frequently resulted in 
things that just didn’t work. With the emergence of early computerization, numerical 
analyses of more complex systems began to be performed. These analyses were conduct- 
ed to ensure that the systems worked in the real world. For example, engineers might 
conduct a structural analysis of the forces in a loaded dump-truck bed to make sure that 
the frame wouldn't bend and fail. Because of the difficulty in performing these analy- 
ses, they would often require a specially trained group of structural engineers, expensive 
software, and large mainframe computers, limiting their use to only the largest, most 
well-funded companies or organizations. 
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With the availability of smaller scale computers and more economical software in 
the mid-to-late 1980s, CAD was born, initiating a period of rapid improvement in the 
design process. This was driven, in part, by the introduction of software packages such 
as AutoCAD. Initially, these software packages only attempted to automate drawing 
lines by making wireframe (stick-figure) versions on the computer of what previous- 
ly had been made by hand on the drafting board. This reduced the difficulty in making 
changes in the development process, but it still limited the engineer's pallet to a two-di- 
mensional space. What was really needed was a 3-D method of design. Solid modeling 





Solid Modeling in the Development Process 
Need -> Design/ Analysis —> Documentation > Manufacturing -—> Solution 


Solid Modeling Software: 











Figure 1. Drawing Board 
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addressed this need beginning in the late 1980s to 
early 1990s. 

Solid modeling is analogous to taking blocks of 
clay and cutting and forming them into the shape 
of a solid part on a computer. These 3-D parts are 
then put together in an assembly, more accurately 
representing real-world devices. Though original- 
ly used only in a limited way for specialized appli- 
cations in the aircraft and automobile industries, 
it wasn't until the 1990s that solid modeling expe- 
rienced widespread availability and mainstream 
acceptance due to software packages such as Pro/ 
ENGINEER. Figure 2 summarizes how Pro/ENGI- 
NEER and other similar packages fit into the de- 
velopment of new products. The general flow of the 
process moves from left to right. 

Initially, nearly all 3-D solid modeling pack- 
ages required significant computing and graphics 
display power, necessitating the use of large graph- 
ics workstations running the UNIX operating sys- 
tem. Rapid advances in computing and graphics 
power have since enabled nearly all packages to 
run efficiently on personal computers (PCs) and 
laptops, bringing solid modeling and analysis ca- 
pability into the mainstream. 
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Figure 2. Solid Modeling in the Development Process 
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SOLID MODELING OF 
DIRECTED-ENERGY SYSTEMS 

Engineers working in the Directed Ener- 
gy Division at the Naval Surface Warfare Center, 
Dahlgren Division (NSWCDD), use solid model- 
ing to develop hardware for nearly all of its pro- 
grams. Both Pro/ENGINEER and SolidWorks are 
used extensively to develop new products in virtual 
3-D space. Additionally, the structural simulation 
package within Pro/ENGINEER is used to deter- 
mine stresses and natural frequencies of parts and 
assemblies. Consequently, these packages have en- 
abled a single mechanical engineer in the Directed 
Energy Division and a draftsman in the Engage- 
ment Systems Department at Dahlgren to perform 
the design and analysis work that would have re- 
quired an entire group of engineers and draftsmen 
just a few years ago. Today, collaboration among 
many organizations using similar packages has be- 
come commonplace. Insofar as solid modeling has 
become an indispensable tool for development and 
collaboration, its successful implementation re- 
quires proper training and experience before engi- 
neers can use it effectively, just as medical surgeons 
require training in the use of advanced robotic sur- 
gical devices before they can be used effectively. 
Thus, while these high-tech modeling systems not 
only have reduced the number of personnel need- 
ed for design and development, they have enabled 
the Navy to get significantly more bang for its buck 
while supporting warfighting needs. An example of 
how solid modeling is currently being used is dis- 
cussed below. 


NAvY LASER WEAPON SYSTEM 
(LAWS) BEAM DIRECTOR 

The Directed Energy Warfare Office (DEWO) 
and Directed Energy Division at Dahlgren are cur- 
rently developing the Navy LaWS for the Naval Sea 
Systems Command's Directed Energy and Electric 
Weapon Systems (DE&EWS) Program Office (PMS 
405). The program's goal is to take advantage of cur- 
rently available industrial laser technology and in- 
corporate it into a future naval weapon system. As 
part of the development process, major subsystems 
have been integrated with a Kineto Tracking Mount 
(KTM) into a LaWS beam director. The KTM/beam 
director was modeled and analyzed using Pro/EN- 
GINEER. Ultimately, the resulting LaWS will be 
installed on Navy ships on the Close-In Weapon 
System (CIWS) gun mount. During field testing in 
June 2009 at the Naval Air Warfare Center, China 
Lake, California, the prototype KTM/beam direc- 
tor successfully destroyed five unmanned aerial ve- 
hicles (UAVs). The actual beam director used in the 
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China Lake testing is shown in Figure 3; the Pro/ 
ENGINEER assembly model used for development 
is shown in Figure 4. 

The LaWS effort took advantage of many as- 
pects of solid modeling including collaboration, 
structural and modal analysis, and manufactur- 
ing drawing creation. The project required devel- 
opment of new, unique hardware, as well as the 
integration of electronic models from commercial 
vendors. The KTM model was provided by L-3 
Brashear and was originally designed using Pro/ 
ENGINEER. The beam-directing telescope mod- 
el was provided by RC Optical Systems, Incor- 
porated, and was originally made in SolidWorks. 
These models were combined with many new op- 
tical and structural components developed by the 
Directed Energy Division into a single, compre- 
hensive assembly model. This model was instru- 
mental in understanding the interaction of the 
many components, and its use increased accura- 
cy and precision that would have been impossible 
with old-fashioned two-dimensional develop- 
ment processes. Figure 5 shows a cross section 
through the main portion of the beam director, 
revealing the complexity of the many parts and 
subassemblies required for such a device. In addi- 
tion to modeling the mechanical components, the 
actual laser beams were also included to better un- 
derstand their path through the various mirrors 
and optical devices in the beam director, and to 
better highlight any interference they might have 
with structural components within the KTM or 
telescope. 

Numerous analyses were performed to make 
sure that everything worked the way it was intend- 
ed. One major analysis addressed the telescope 
mount. To ensure that the beams were stable at 
range, the mount had to be extremely stiff. The best 
way to ensure this was to perform a structural anal- 
ysis using the structural simulation package within 
Pro/ENGINEER. Figure 6 shows the results of that 
analysis: a displacement plot in which different col- 
ors represent how much the telescope will move 
when the KTM rotates at its maximum speed. The 
large cylindrical object simulates the mass of the 
telescope. The minimum amount of displacement 
is indicated by blue, and the maximum is shown 
in red. This analysis verified that the movement of 
the telescope, relative to the optical components 
within the optics breadboard, was acceptable and 
should perform well at the range specified by the 
program office. 

After modeling and analysis were completed, 
manufacturing drawings of custom parts were cre- 
ated by the Engagement Systems Department to be 
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Figure 3. LaWS Beam Director 





Figure 4. LaWS Beam Director Assembly Model 
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Figure 5. LaWS Beam Director Cutaway 
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Figure 6. Displacement Plot 
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sent to manufacturing facilities, such as machine 
shops. One example is shown in Figure 7, which 
shows the first sheet of the multisheet drawing 
needed to manufacture the large plates that sup- 
port the telescope from the center platform of the 
KTM. One of these plates is also shown in the dis- 
placement plot in Figure 6. 

Even though it would be possible for one person 
to do all of the modeling, analyses, and drawings for 
a particular program, a more efficient process takes 
advantage of using the best skills available by col- 
laborating with other experts. Collaboration en- 
ables assembly, part, and drawing files to be sent 
electronically, eliminating the need for collocating 
personnel. Drawings for the LaWS program, for in- 
stance, were made using noncollocated personnel 
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across base at NSWCDD. They could just as easi- 
ly have been made using personnel from across the 
country. 

The LaWS program exemplifies how the Di- 
rected Energy Division uses solid modeling to 
enhance the quality and effectiveness of Navy di- 
rected-energy capabilities. As a result, warfighters 
will be better armed with more effective weapons 
and capabilities for future naval conflicts. 
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Figure 7. Manufacturing Drawing 
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A FUNDAMENTAL KEY TO NEXT-GENERATION 
DIRECTED-ENERGY SYSTEMS 


By Directed Energy Division, Electromagnetic and Sensor Systems Department 


Imagine an explosive ordnance disposal (EOD) unit on a routine scouting patrol 
deep in the notorious “Triangle of Death” south of Baghdad, where Marines, Sailors, 
and Soldiers frequently find themselves exposed to improvised explosive devices (IEDs). 
Fortunately, this newly outfitted unit is equipped with the latest unmanned, mobile, re- 
mote-controlled, radio frequency (RF) transmitter used as a directed-energy weapon 
(DEW). The integrated system provides comprehensive IED prediction, detection, pre- 
vention, and neutralization capabilities. Lightweight, pocket-sized transmitters carried 
by each warfighter constantly communicate sensor intelligence, key vital signs, critical 
conditions, and location telemetry to a geostationary satellite (GEOSAT). It intercepts, 
collects, and retransmits intelligence and situational awareness data simultaneously to 
any command post in the world and to each member of the unit on patrol. Highly eff- 
cient, miniature, switch-mode, RF amplifiers with high-power density (small size and 
weight with high-power output) enable these visions of future capabilities as their sys- 
tems’ transmitter backbone. 

To civilians, the miniaturization of modern wireless (electromagnetic) devices is 
considered a mere convenience or luxury, i.e., Blackberries, mobile phones, and high- 
speed wireless network connections. To the next-generation warfighter, miniaturized, 
wireless, directed-energy (DE) systems open the door to the realization of a whole new 
set of effective and efficient wireless modalities. And while the capabilities mentioned 
in the above scenario are not yet available to warfighters, researchers believe they have 
uncovered the key to next-generation DE systems leading to the miniaturization of 
DE devices. 


NEXT-GENERATION DE SYSTEM REQUIREMENTS 

At the Naval Surface Warfare Center, Dahlgren Division (NSWCDD), key system 
requirements for effective next-generation DE systems are being researched and devel- 
oped for applications to counter IEDs, to detect explosively formed penetrators (EFPs), 
to neutralize explosives, and to predict threat locations. Next-generation DE systems 
must yield a high probability of mission success and be inherently safe to operate. By 
design, they must minimize or eliminate the risk of hostile attack or collateral damage 
especially during screening missions. Considering the DEW example above, practical 
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080102-N-1132M-006 SHEIK SA'ID, Iraq (2 January 2008) U.S. Army Soldiers attached to 3rd Squadron, 2nd 
Cavalry Regiment patrol and search for weapons or Improvised Explosive Devices (IEDs) during a clearing 
mission. (U.S. Navy photo by Mass Communication Specialist 1st Class Sean Mulligan/Released) 


next-generation DE systems must be physically 
characterized by: 

¢ Low mass (weight) 

¢ Small size (volume) 

¢ High-power output with respect to size or 
high-power density 
High efficiency for extended mission use 
Minimized prime power and cooling support 
Portability 
Mobility 
Configurability 

They must also ensure a high probability of mis- 
sion effectiveness. The DEW must be easily trans- 
portable and agile, adapting to the immediate, local 
military mission requirements in various warfight- 
ing environments. Additionally, DE systems must 
be mechanically robust and able to withstand the 
shock and vibration of combat missions in rough 
and rugged environments. The key requirement— 
efficiency—fundamentally facilitates all required 
characteristics, including mass and size. 


MOVING BEYOND REQUIREMENTS 
Scientists at NSWCDD, sponsored by the Of- 
fice of Naval Research (ONR), are researching and 
developing key system requirements for effective 
next-generation DE systems to counter IEDs, to 


detect EFPs, to neutralize explosives, and to pre- 
dict threat locations. 

Researchers at NSWCDD are leading the way 
toward realizing small, lightweight, RF transmit- 
ters using high-power, solid-state, switch-mode 
amplifiers, theoretically 100 percent efficient. These 
practical switch-mode amplifier realizations are 
at least 1/100 the volume and weight of any com- 
mercially available linear solid-state amplifier of 
comparable power output. The challenges includ- 
ed assessing what type of active amplifier device 
and operation would provide the greatest power 
density (power output per unit volume and mass) 
with its necessary auxiliary systems, such as prime 
power generation and cooling of waste heat. Such 
a device also needed to provide sufficient output 
power based on required standoff range and IED 
system-coupling efficiency while also maintaining 
a manageably-sized, easily transportable system. 
Researchers initially considered tube-based sys- 
tems, but large, heavy, direct-current (DC) power 
supplies are required, and typically 40 percent of 
the input power is dissipated in heat, which negates 
any possibility of miniaturization. 

Upona practical review of amplifier-class oper- 
ations and suitable active amplifier devices, howev- 
er, research pointed to contemporary switch-mode 
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amplifier schemes (e.g., Class-E and Class-F) us- 
ing solid-state technology—such as the high-elec- 
tron mobility transistor (HEMT)—as satisfying 
the high-power density and abusive mechanical 
requirements for expected worst-case transporta- 
tion and operation in a rugged environment. To 
significantly impact reduction of size and weight, 
practical, high-efficiency thresholds were defined 
for next-generation DE systems at 90 percent and 
greater. The key technology enabler to realize am- 
plifier high efficiency in high-power amplifiers 
up to 60 kW was found in exploiting contempo- 
rary switch-mode amplifier architecture with effi- 
cient power combining. Particularly, switch-mode 
schemes in Class-E and Class-F operation as sol- 
id-state, active-hybrid planar topology designs 
were found to be necessary and sufficient for DE 
applications. These analyses led to a novel, Class-E 
RF switch-mode amplifier design. A Class-E RF 
switch-mode amplifier can theoretically oper- 
ate at 100-percent efficiency. For every input watt 
supplied, an RF output watt is produced. The con- 
ductors and dielectric substrate of the hybrid pla- 
nar load network and the commercial off-the-shelf 
(COTS) transistor all exhibit some small degree of 
power loss, suggesting an estimated practically re- 
alized efficiency of 90 percent. 

Moreover, the amplifier under research con- 
sisted of a novel microwave load network operat- 
ing with high-power output at ultrahigh frequency 
(UHF). This research led to the state of the art in 
Class-E designs leading by hundreds of watts, sever- 
al hundred megahertz in frequency, and roughly 10 
percentage points in efficiency. A common, solid- 
state, high-power amplifier design technique sums 
the phase and amplitude of smaller amplifier units 
to the large values required for DE systems. A prac- 
tical hardware limitation exists that limits the theo- 
retically infinite number of fixed RF output power 
units to a finite number. Approximately 60-kW 
RF output power sets the boundary as the largest 
hardware realization. By applying spatial power 
combining in the propagating medium, phased- 
array antennas can be employed with constructive 
wave interference in air that would allow sufficient 
RF power densities on target, based on the number 
of elements in the array. This technique eliminates 
the traditional hardware necessary to power com- 
bine the smaller power-amplifier elements, realiz- 
ing a much simplified DE system with enhanced 
power density in the transmitter, and reduced mass 
and volume. 

The key to ultrahigh efficiency in a switch- 
mode amplifier, such as Class-E or Class-F, is found 
in zero-voltage switching (ZVS). Here, the load 
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network is not only designed to be resonant at and 
around a particular desired switching frequency, it 
must simultaneously act to force the voltage across 
the switch to be zero when current flows and when 
it switches off; hence, theory suggests that no pow- 
er is dissipated because the product of current 
through, and voltage across, the switch is zero. 
It is this aspect of the design that makes the job 
of switch-mode amplifier realization difficult. Of 
course, in practice, a small voltage exists for a very 
short time during the switching action, resulting 
in a small amount of input power being dissipated 
in heat. This theoretical description also assumes 
that all components are ideal (i-e., no impedance 
to current flow exists in the switch when turned 
on). All realistic switches exhibit finite impedance 
when turned on, which does dissipate some wast- 
ed energy, but again, this is very small in modern 
HEMT devices using the ZVS technique. 

Class-E switch-mode amplifier theory de- 
velopment began in the United States during the 
1960s, with details published in 1975, although 
some earlier reports were published in Russia. 
Lumped element electrical components (RF choke 
inductors and metal film capacitors) were initial- 
ly used in lower frequency (3 to 30 MHz) proto- 
types. As engineers attempted higher frequency 
designs in the very high frequency (VHF) range, 
solid-state transistor switch parasitic intrinsic and 
packaging elements found inside the transistor be- 
gan to be used as some of the key components nec- 
essary for ZVS. These parasitic elements included 
stray capacitance caused by differences of poten- 
tial between parts inside the transistor and induc- 
tance caused by bond wire length that is used to 
connect the transistor to accessible terminals in its 
packaging. At microwave frequencies, these par- 
asitic elements become sensitive, invoking un- 
intended significant changes to load networks 
designed to operate with the transistors. Intrinsic 
elements include drain-to-source breakdown volt- 
age capability and peak current capability. As the 
need for higher frequency operation and higher 
power increased, constraints of key transistor pa- 
rameters became difficult to produce in tradition- 
al silicon technology: 

¢ High instantaneous transient (peak) current 

capability through the transistor 

e Moderate breakdown potential across the 

transistor 

e Low output capacitance 

Only within the past few years have transis- 
tor manufacturers produced COTS transistors that 
meet the required capabilities necessary to oper- 
ate in switch mode for microwave frequencies and 
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081107-N-1120L-072 RAMADI, Iraq (7 November 2008) Joint EOD Rapid Response Vehicles (JERRVs) assigned to Naval Mo- 
bile Construction Battalion (NMCB) 7’s convoy security element are secured following an escort mission from a forward operating 
base. The Cougar-type JERRVs are employed by coalition forces for escort and logistics missions, and to protect personnel from 
IEDs. NMCB 7 is deployed to U.S. Forces Central Command to provide contingency construction support to coalition forces in sup- 
port of Operations Enduring Freedom and Iraqi Freedom. (U.S. Navy photo by Mass Communication Specialist 2nd Class Michael B. 


Lavender/Released) 


high-power output. Selection is still somewhat lim- 
ited for designers. 

New transistor technology known as galli- 
um nitride (GaN) HEMTs—using state-of-the- 
art manufacturing processes with GaN on silicon 
carbide materials—now facilitates Class-E high- 
power amplifier (100-W) designs at ultrahigh fre- 
quencies. The design process for switch-mode 
amplifiers is radically different than linear amplifi- 
ers, so engineers have tended to continue using lin- 
ear amplifier design techniques due to familiarity, 
rather than advance to the switch-mode designs. 
Today, the Class-E and Class-F unit power output 
(greater than 100 W) capability and upper frequen- 
cy limitation is based on a lack of available HEMTs 
with the necessary parameter capabilities. 

Most recently, transistor manufacturers have 
limited their investment in the Class-E amplifier sol- 
id-state switch market due to no commercial mar- 
ket mandate. An assortment of presently available 
HEMTs provides a low-power capability in terms of 
1- to 10-W output power for Class-E amplifiers in 
the cell phone market. The need remains to continue 


advancing in commercially manufactured HEMTs 
with key capabilities necessary to realize larger unit 
power output, hundreds of watts to a thousand 
watts, for practical implementation in DE systems. 


POSSIBLE MULTIPLE APPLICATIONS 





Directed-Energy Weapon Systems 

Expanding on the vision of the next-genera- 
tion DEW system mentioned at the beginning of 
this article, further imagine that EOD scouts de- 
tect a laser fluorescence signature of C4 high ex- 
plosive and chlorine outgasses in the vicinity of an 
abandoned vehicle 2-km north of their current po- 
sition. An electronic support measure (ESM) team 
on board an approaching clearing vehicle initiates 
RF jamming and electromagnetic surveillance pro- 
cedures. Electronic specialists also scan the area 
with ground-surface differential thermography— 
particularly to detect possible buried IEDs and 
EFPs or their tiny command wires, crush wires, or 
pressure plates—while clearing a pathway to the 
abandoned roadside vehicle. 
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Upon arrival at a500-m safe distance, the EOD 
specialists command the RF transmitter’s robotic 
platform, also equipped with sensitive gamma-ray 
planar and computed tomography (CT) imaging 
to navigate toward and around the vehicle, inter- 
rogating every possible hiding place. It disclos- 
es an IED in the fuel tank. The specialist lifts the 
transmitter arming safety and commands the re- 
mote transmitter to radiate a prescribed dose of 
RF energy directed at a carefully chosen com- 
ponent of the vehicle-borne IED (VBIED) sys- 
tem. Without entering the vehicle, the advanced 
screening system detects and defuses the deadly 
IED buried within the rusty, metal vehicle chas- 
sis. Within minutes, the suspected VBIED threat 
is entirely neutralized, with absolutely no wound- 
ed warfighters or casualties. 





Pictured here is the National Aeronautics and Space Administra- 
tion/National Oceanic and Atmospheric Administration (NASA/ 
NOAA) Geostationary Operational Environmental Satellite-P 
(GOES-P) launching from Cape Canaveral Air Force Station, 
Florida, aboard a Delta IV rocket procured by Boeing Launch 
Services on 4 March 2010. Built by Boeing Space and Intelli- 
gence Systems, GOES-P will provide NOAA and NASA scien- 
tists with data to support weather, solar, and space operations, 
and will enable future science improvements in weather predic- 
tion and remote sensing. Additionally, GOES-P will provide data 
on global climate changes and capability for search and rescue. 
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Mobile Ad-Hoc Wireless Network (MANET) 

Beyond IED detection and _ neutralization, 
imagine an expeditionary unit on patrol, with each 
member equipped with an RF transceiver about 
the size and weight of a cigarette pack with an ul- 
trahigh-efficient switch-mode amplifier. The min- 
iature transceiver constantly communicates sensor 
intelligence, key vital signs, critical conditions, 
and location telemetry to a GEOSAT. This small 
switch-mode amplifier has the needed output 
power to reach an altitude of 35786 km, where the 
GEOSAT intercepts, collects, and retransmits this 
intelligence and situational awareness data to any 
command post in the world and to each member 
of the unit on patrol simultaneously. The expedi- 
tionary unit, spread out over a wide area with large 
interspacing, shares the situational awareness and 
intelligence data of each other at the speed of light. 
Thus, near real-time, worldwide communications 
with ubiquitous secure access from the battlefield 
is possible in a multiple-input, multiple-output 
(MIMO) architecture. The same system could pro- 
vide a soldier-to-soldier MANET. 

Next-generation switch-mode RF amplifier 
designs could also optimize payload weight and 
volume on board new communication satellites 
while supplying higher power density and mak- 
ing efficient use of the solar power supply budget. 
Improved switch-mode amplifier power output, 
when combined with enhanced antenna design, 
would minimize Earth-station antenna size re- 
quirements. The recently launched satellite shown 
at left demonstrates an example of the latest anten- 
na technology. 


LOOKING FORWARD 

Miniaturizing next-generation DE systems 
opens up a whole new world of applications to sup- 
port warfighters in ways unimaginable just a few 
years ago. Reduction of transmitter mass and vol- 
ume, accompanied with high efficiency, creates a 
welcome trickle-down effect. Low profile, small, 
lightweight DE systems means: 

¢ Less vulnerability to attack 

¢ Greater mobility and maneuverability 

¢ Simplified logistics with less fuel-supply de- 

mands 

¢ Less impact on the environment 

Clandestine operations, too, could be execut- 
ed with greater ease and simplified logistics sup- 
port. In the case of MIMO MANETs, miniaturized 
high-power density transmitters could further ex- 
pand capabilities for the warfighter, enabling them 
to carry high-power transmitters to communicate 
with satellites or other supporting platforms. The 





satellite industry itself could benefit from minia- 
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turized switch-mode amplifiers with much high- 


er power density microwave transmitters, resulting 
in reduced payload mass and volume; this also re- 
duces Earth-station antenna gain and size require- 
ments. 


CONCLUSION 

NSWCDD is meeting the demanding require- 
ments of next-generation DE systems with Class-E 
RF transmitter switch-mode amplifiers designed to 
operate at ultrahigh efficiency, greater than 90 per- 
cent. Having discovered the key to next-generation 
DE systems, researchers at NSWCDD are focusing 
, on the urgent need to counter IED systems with 
small, lightweight, highly efficient transmitters that 
use switch-mode amplifiers. Considering the mul- 
tiplicity of additional applications, all advance- 
ments made in amplifier counter-IED applications 
can be transferred to other applications in the fu- 
ture. Accordingly, while the capabilities suggested 
in this article might seem somewhat far-fetched, in 
reality, they are realizable in the near term. It is pro- 


jected that NSWCDD will soon have its first 250-W 


UHF amplifier unit prototype ready. These units 
will fit in the palm of an average-sized adult’s hand 
and can be power combined to the level necessary 
for platform and mission requirements. A fully re- 
alized, fieldable DEW system prototype is possible 
in just a few years. 
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Active Denial Technology (ADT)—which encompasses the use of millimeter waves 
as a directed-energy, nonlethal, counterpersonnel weapon—has the potential to provide 
an important new escalation-of-force capability to U.S. operating forces. ADT projects 
a focused beam of 95-GHz millimeter waves to induce an intolerable heating sensation 
on an adversary’s skin, repelling the individual with minimal risk of injury. More than a 
decade of research has established the biological and behavioral effects of ADT for large 
spot size systems, such as Active Denial System 1 (Figure 1). While the effects of this 
large spot size system have been successfully established, the technology that produces 
those effects has the potential to progress in a number of ways, particularly with the de- 
velopment of smaller, lighter, and lower-cost systems. 

One research effort focuses on the development of smaller, lighter, and lower cost 
ADT demonstrators that produce commensurate “ADS-effects,” with effective spot size 
and power densities on target. In support of this effort, the Joint Non-Lethal Weap- 
ons Program (JNLWP) sponsored the Naval Surface Warfare Center, Dahlgren Division 

(NSWCDD) to develop a “smart target system,” which measures the millimeter-wave 
[™ beam using fast-response, 95-GHz diode detectors. NSWCDD subsequently developed 
ee and tested the W-Band Beam Diagnostic Array to characterize the system’s beam with a 

temporal resolution of 30 Hz and a high spatial resolution of 1 inch. 

The current method of measuring the 95-GHz beam is to use carbon-loaded Teflon 
(CLT) to produce an average power beam image. This method works as the CLT is ex- 
posed to the system’s beam. The material heats, over a period of seconds, proportional to 
the magnitude of the radio frequency (RF) field, resulting in an image as shown in Fig- 
ure 2. After the exposure, the specific heat capacity of the CLT can be used with the tem- 
perature increase in the CLT to provide an indication of the total energy deposited in the 
material. This method produces a good representation of the average RF field; however, 
any peak variations in the beam are averaged out. 

To allow for high temporal-resolution measurements of the 95-GHz beam, a high- 
density, 95-GHz diode-detector array was commissioned by the Joint Non-Lethal Weap- 
ons Directorate (JNLWD), and was designed and built by NSWCDD, with support from 
Millitech, Inc. The array consists of a center 11 x 11 matrix (shown in Figure 3) with four 
removable arms that can be attached (shown in Figure 4), resulting in a measurement 
area of approximately 1 x 1 m. 
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Figure 1. Active Denial System 1 


Each element’s profile consists of the individ- repeatable between detector elements. Therefore, 
ual horn antenna from the array, an attenuator, when the detector elements arrived at NSWCDD, 
a detector, and a SubMiniature version A (SMA) each detector element was paired with a variable 


connection to the digitizer circuit- 
ry. This configuration allows for the 


power received from the antenna he 

to be attenuated and converted to a 

direct current (DC) output capable 390 

of being measured by an analog-to- 

digital converter. The machined an- = 

tenna elements provide a uniform 370 

effective area for each element, al- 

lowing field strength (W/cm?) to be = 

converted into power received (W Bee 

or dBm). The aperture antennas 

also provide an impedance match ae 

between free space and the wave- ba 

guide system. A cross-sectional 

view of the array element is shown 320 

in Figure 5, followed by a signal 

flow diagram shown in Figure 6. a 
The basic principle of operation oe 


behind the array is that the deriv- 
ative of the diode detector’s pow- Figure 2. CLT Representation of Small, 95-GHz Spot 
er vs. output voltage curve is very 


71 





m@)) 6:32 / 13:14 





LEADING ._ 


t 34.00cm 


seeocoeoocece cso 
o-oo) 
a - o-oo) 
- a -B-B---8- 2-8-8) 
a - a ---------) 
a -o-e------ 
seoeoooeoeocecses 
- a -B-B---o-- 8-8-8) 
o-oo) 
a -o-e------- 
i -B-B--- a - 8) 




















Figure 3. Main Array Face 


attenuator and calibrated as a single unit. The cal- 
ibration was accomplished by inserting a known 
input power of +5 dBm into the input of the atten- 
uator and setting the DC output voltage at a prede- 
termined millivolt (mV) output. This allowed the 
detector’s individual offset voltages to be removed 
and caused the detectors to behave in a repeatable 
manner. The attenuator is able to be adjusted by 
varying the depth that the aluminum nickel card is 
inserted into the section of waveguide. 

The final section of the electrical system con- 
verts the DC voltage output from the detectors to 
a digital signal to send back to the operator sta- 
tion. For this, it was determined that a 16-bit dig- 
itizer would be required to enable measuring the 
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Figure 4. Full W-Band Array 


microvolts output by the detectors on the low end 
of their range, while still allowing the digitizer to 
measure the full output voltage of 1.8 V for high- 
input powers. Also, due to the proximity of the 
operator to the array and overall system flexibil- 
ity, it was determined that Ethernet communica- 
tions would provide a sufficient means of reading 
the system data. 

To display the data to the operator, a two-di- 
mensional array is populated and displayed for the 
user (shown in Figure 7). This allows values to be 
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Figure 5. Cross-Sectional View of Array Element 
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Figure 7. Array’s Operator Interface Showing a Small Spot Source 


read directly from the display corresponding to the 
watts per centimeter squared (W/cm’) present at 
the array face. Data also is recorded so that it can be 
viewed later in a player application, such as a vid- 
eo file, or it can be viewed in a spreadsheet appli- 
cation, frame by frame. The data shown in Figure 7 
is representative of small-source testing performed 
recently and very clearly shows the beam profile. 


CONCLUSION 

NSWCDD engineers successfully met the 
W-band array’s design goals of providing a high 
temporal-resolution image of 95-GHz beams. The 


system has been tested against two active deni- 
al systems, providing good agreement with the 
currently accepted methods, as well as valuable 
information regarding the system’s beam charac- 
teristics. These accomplishments will allow future 
system development to take advantage of this bet- 
ter understanding to possibly reduce system size 
and increase the effective range. A better under- 
standing of the 95-GHz beam helps to facilitate 
future ADT development for this much-needed, 
nonlethal escalation-of-force capability for US. 
warfighters, homeland defenders, and law en- 
forcement personnel. 
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The military operates in the land, air, and mari- 
time environments. In each of these environments, 
lasers and laser devices are increasingly being seen 
and used in a variety of ways. Accordingly, the 
military must protect itself and civilians from the 
potentially dangerous effects of lasers and other di- 
rected-energy devices. 

Lasers are being used on the ground to de- 
termine the intentions of people who approach 
checkpoints and to dissuade aircraft from entering 
restricted airspace. Laser weapons are also being 
developed for use in the maritime environment. 
With the use of lasers comes the requirement for 
eye protection. The eye is particularly sensitive to 
lasers and its anatomy includes optical components 
that amplify the power of incoming light. Conse- 
quently, the potential for injury or blinding is great. 

Naval Medical Research Unit-San Anto- 
nio (NAMRU-SA) is poised to lead the way in re- 
searching and testing laser glare devices and laser 
eye protection. The mission of the NAMRU-SA 
is to conduct medical, dental, and directed-ener- 
gy biomedical research, which focuses on ways to 
enhance the health, safety, performance, and oper- 
ational readiness of Navy and Marine Corps per- 
sonnel, and addresses their emergent medical and 
dental problems in routine and combat opera- 
tions. NAMRU-SA was officially commissioned on 
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6 May 2009 and is a subordinate command under 
the Naval Medical Research Center (NMRC) in Sil- 
ver Spring, Maryland, reporting to Navy Medicine 
Support Command (NMSC) in Jacksonville, Flor- 
ida. NAMRU-SA consolidates the Naval Health 
Research Center Detachment Directed Energy 
Bioeffects Laboratory, the Naval Institute for Den- 
tal and Biomedical Research in Great Lakes, and 
the NMRC Combat Casualty Care research func- 
tion. As part of the Base Realignment and Clo- 
sure (BRAC) 2005, NAMRU-SA has moved to Fort 
Sam Houston. Two new buildings that have been 
constructed are the Battlefield Health and Trau- 
ma Research Institute and the Tri Service Research 
Laboratory. A conceptual drawing of the NAMRU- 
SA Tri-Service Research Laboratory (to house di- 
rected-energy research) is shown in Figure 1. 
Many factors must be considered when lasers 
operate in military environments. On the ground, 
lasers offer a greater likelihood of close contact ex- 
posure. In aviation and maritime environments, 
the mobility of lasers is limited to permanent fix- 
tures on aircraft or ships, so target acquisition can 
be much more complicated. Often ignored, but just 
as important and common to all environments, are 
the psychological factors that need to be explored. 
These factors include clarifying intentions, commu- 
nications, and effectiveness. In certain situations, 





Figure 1. Naval Medical Research Unit — San Antonio Tri-Service Research Laboratory at 
Fort Sam Houston, San Antonio, Texas (artist's concept) 
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sometimes lasers are coupled with other modali- 
ties, such as auditory instructions. 

On the ground, laser exposure has been shown 
to interfere with driving vehicles, making color 
judgments, and target shooting. In aviation, lasers 
can interfere with pilot vision, causing afterimages, 
glare, or temporary ocular injury, with attendant 
effects on navigation and control. In the maritime 
environment, lights frequently are used to signal a 
variety of messages, from direction (left, right, etc.) 
to more complicated messages such as “man over- 
board.” More prolific use of lasers underscores the 
need for laser eye protection, a dynamic area of 
research, which must respond to changing threat 
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wavelengths and changing environments. Figure 2 
shows NAMRU-SA personnel executing an opera- 
tional field test at Kennedy Space Center, July 2009. 

Recent studies undertaken by NAMRU-SA 
have investigated the use of laser dazzlers on sail- 
ors in small boats.* In these studies, participants 
were exposed to the laser glare at different angles 
and distances, in both day and night conditions. 
Study protocols were approved in accordance with 
the Institutional Review Board in compliance with 
all applicable federal regulations governing the pro- 
tection of human subjects. Participants were given a 
survey assessing their subjective response to the la- 
ser, as well as a more objective visual eye chart. The 





Figure 2. NAMRU-SA personnel execute operational field test at Kennedy Space Center, July 2009, in 
which a nonlethal laser prototype is evaluated for power delivery (stability and beam propagation) at range 
and human visual effectiveness aboard a maritime target. 
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results suggested that participants were 
most affected by the laser at night when 
they were looking straight at it (as opposed 
to many degrees away) and at the closest 
exposure distances. The most surprising 
finding, however, was that some partic- 
ipants reported being drawn to the laser 
rather than away from it, especially at far- 
ther distances. Participants remarked that 
they couldn't tell what the signal was, so 
they would want to go closer to find out. 
This illustrates that the assumption (by 
some)—that distant laser lights will deter 
and repel innocent mariners—might not 
always be true. Further research is needed 
to verify this finding, however, before em- 
ploying laser glare devices in the maritime 
environment. Figure 3 shows NAMRU- 
SA personnel executing operational field 
tests, which were conducted at Cheatham 
Annex, Virginia, and Panama City, Flori- 
da, in 2008-2009. 

These studies also brought the factor 
of communication to light. Participants 
remarked that “green is not a threaten- 
ing color,’ and some thought “it could be 
a signal for help?” Many felt curious about 
the “blinking light” used in the study and 
would go closer or try to contact the ves- 
sel to determine the intent of the mes- 
sage. Green lasers are used because they 
are more visually salient; however, they 
may not be as psychologically salient. 
Participants remarked that if the signal 
were paired with another signal, such as 
an auditory one, then the message of “warning” or 
“do not come closer” might be clearer. 

Lastly, these studies brought to light the mat- 
ter of effectiveness. Laser glare devices are used to 
stop or alter the behavior of the recipient, but one 
study yielded mixed results. At close distances, par- 
ticipants noticed the signal, felt affected by it, and 
reported that their behavior changed in the man- 
ner desired by the person pointing the laser. But 
at greater distances, behavior might not change. 
Thus, these findings need to be replicated in differ- 
ent maritime scenarios in order to be truly useful in 
developing laser glare devices. This particular study 
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Figure 3. A compact hand-held laser is evaluated for effectiveness in 
maritime defense against small-boat attacks. 


was encouraging regarding the effectiveness and vi- 
sual usefulness of glare devices, but it brought up 
new questions about their psychological impact on 
behavior. Resolving these questions must be an in- 
tegral goal of technical research and development 
studies to determine the operational effectiveness of 
directed-energy devices, not just for the maritime 
environment, but for all military environments. 


ENDNOTE 

a. Results and technical reports are available upon request from 
the corresponding author or from the NAMRU-SA Public Af- 
fairs Officer. 
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MICROWAVE TECHNOLOGY 


By Jacob Walker and Matthew McQuage 





The Directed Energy Warfare Office (DEWO) and Directed Energy Division at the 
Naval Surface Warfare Center, Dahlgren Division (NSWCDD) merge past research 
and data with continuous innovation in the field of high-power microwave(s) (HPM) 
to address the critical need for nonlethal, nonkinetic weapons. HPM weapons can be 
described as nonkinetic devices that radiate electromagnetic energy in the radio fre- 
quency (RF) or microwave spectrum. They are designed to disrupt, deny, degrade, 
damage, or destroy targets. In essence, this is achieved when high-power electromag- 
netic waves propagate through air and interdict targets by traveling through the exte- 
rior layers of structures and coupling energy to critical electronic components. Since 
effectiveness against a wide range of targets is the goal, HPM has become a collective 
term for various technologies: wave shapes, source frequencies, and the distribution of 
varying signal bandwidths. It is the objective of HPM research and assessment, there- 
fore, to address targets for which no engagement option currently exists. NSWCDD is 
working to identify optimal HPM mission platforms and move relevant technologies 
into the field. 


HPM INITIATIVES 

NSWCDD has actively pursued HPM research since the advent of the field in the 
1970s. Since then, scientists and engineers have conducted HPM research and devel- 
opment in many areas, including hydrogen spark-gap switching, spiral generators, and 
related technologies. More currently, the Directed Energy Division developed a vari- 
ety of high-power wideband RF systems based on pulsed power and Marx generators 
(Figure 1). In addition to the extensive work accomplished in HPM and RF source de- 
velopment, NSWCDD contributed substantially to the area of counter-HPM vulnera- 
bility assessments. Researchers developed site assessment guides and threat brochures, 
as well as a number of wideband RF sources, to determine the susceptibility of elec- 
tronic equipment to high-power RF interference. This latter effort involved assessing 
and exploiting the weaknesses of specified electronic targets to various HPM and RF 
threats. Data gleaned from these efforts was then used to support optimized prototypes 
and system designs employing effects-based design methodology. NSWCDD utilized 
these wideband RF sources to determine the susceptibility of a multitude of military 
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Figure 1. Examples of NSWCDD Marx Generators 
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and electronic infrastructure equipment to high- 
power RF interference. 


HPM COUNTERATTACK 
OPERATIONAL OVERVIEW 

Research in support of HPM-driven electron- 
ic attack increased significantly as the demand 
for nontraditional warfare emerged. Tradition- 
al kinetic weapons often are of limited value in 
peace-keeping missions, for example, as today’s 
enemies frequently are embedded within civil- 
ian populations and structures. This creates the 
need for novel HPM technologies that minimize 
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the risk of collateral damage while effectively 
neutralizing threats. Dahlgren researchers con- 
duct HPM system research and development—as 
well as lethality and weapon effectiveness assess- 
ments—to address this need while developing 
technologies against a wide variety of electron- 
ic targets. These projects leverage NSWCDD’s as- 
sets, including the Maginot’ Open Air Test Site 
(MOATS), state-of-the-art RF diagnostics, and 
modeling and simulation tools to identify appli- 
cations and platforms in which HPM technolo- 
gies can be employed. Figure 2 shows a computer 
model of the MOATS facility and a modeling and 





(b) 


Figure 2. Modeling and Simulation Depicting (a) NSWCDD Test Facility and (b) Simulation of Radiated RF 
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simulation graphic depicting the RF emitted by 
an HPM dipole antenna. 

Potential platforms for HPM integration in- 
clude: man-portable, aerial, vehicle, and vessel- 
mounted systems. These platforms all provide 
unique methods for delivery of HPM sources. For 
example, aerial delivery—which, in many ways, is 
the most challenging due to size and weight con- 
straints—can increase the effective range of these 
systems and can engage multiple targets at close 
range without endangering personnel. Likewise, 
vehicles and vessel-mounted HPM systems pro- 
vide a way for law enforcement and the military to 
stop vehicles in chase scenarios almost as soon as 
they begin. The goal of all of these projects is to 
provide military forces with the ability to employ 
nonkinetic, electronic strike technologies against 
an adversary’s electronics. 

The DEWO and Directed Energy Division are 
uniquely positioned to provide numerous capa- 
bilities for in-house development while engaging 
with the private sector to test and provide feed- 
back on HPM systems developed externally. In 
the past decade, NSWCDD has evaluated several 
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HPM systems at Dahlgren to determine their ef- 
fectiveness against various electronic targets while 
maintaining the Office of the Secretary of Defense's 
Tri-Service RF Directed Energy Weapon (DEW) 
Database. This database contains all effects data 
collected from directed-energy tests performed 
within the U.S. Air Force, Army, and Navy. 


CONCLUSION 

NSWCDD continues to pioneer HPM source 
development and lethality and integration stud- 
ies, leading to the demonstration and delivery of 
prototype capabilities. It also is committed to re- 
searching and developing critical subsystems for 
HPM delivery. By leveraging numerous target as- 
sets and sophisticated diagnostic equipment—in 
conjunction with MOATS—NSWCDD has po- 
sitioned itself at the forefront of HPM electronic 
attack, leading the way in the development and de- 
livery of these capabilities to the warfighter. 
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Mortars and rockets are common weapons confronting U.S. troops abroad. Insur- 
gents fire the inexpensive projectiles into populated areas, intending to kill or injure 
service members and to inflict physical damage. While kinetic solutions like guns and 
missile interceptors are used to counter rockets and mortars, laser counter rocket, artil- 
lery, and mortar (C-RAM) systems present a promising solution to counter these chal- 
lenging threats in the near future. 

Scientists and engineers at the Naval Surface Warfare Center, Dahlgren Division 
(NSWCDD) have been researching, developing, testing, and evaluating laser C-RAM 
systems through collaboration, modeling and simulation, and experimentation. The 
Joint Technology Office (JTO) and the Directed Energy and Electric Weapons Program 
Office (PMS 405) sponsored the first year of these initiatives in 2007. Consecutive and 
current work has been sponsored by the Office of Naval Research (ONR) Expeditionary 
Maneuver Warfare and Combating Terrorism S&T Department. 


In preparation for the development of a laser C-RAM system, an understanding 
of the vulnerability of rockets and mortars to laser energy was crucial. Engineers from 
NSWCDD and the U.S. Army Space and Missile Defense Command (SMDC) collab- 
orated on laser C-RAM efforts. Engineers analyzed the RAM threat and examined a 
variety of targets, accessing RAM vulnerabilities to laser energy by utilizing theoreti- 
cal, numerical, and experimental work. They then developed theoretical models that 
captured the physics of the laser-induced failures of targets containing high explosives 
(HE). Additionally, NSWCDD engineers enhanced lethality simulations using a tool 
called the Effectiveness Toolbox to model engagements of RAM targets with laser ener- 
gy. Figure 1 shows a screen capture from the Effectiveness Toolbox. 

The resulting simulations included results from a laser atmospheric propagation 
model and a thermal model to determine the effect of the laser energy on the target. The 
simulations also incorporated target trajectories necessary for modeling the changing 
laser conditions on the target resulting from the engagement of a ballistic target. Sub- 
sequent to modeling these effects, live testing was performed. Figure 2 shows the lasing 
and destruction of a RAM target during live testing. 


LASER COUNTER ROCKET, ARTILLERY, 
AND MORTAR (C-RAM) EFFORTS 





Figure 1. Screen Capture from the Effectiveness Toolbox Showing the Laser Engagement of a Mortar Target 





Figure 2. Explosive Target is Destroyed with NSWCDD’s Fiber Lasers 
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NSWCDD engineers conducted two large ex- 
perimental tests to determine the vulnerability of 
HE targets to laser energy using NSWCDD’s High- 
Energy Fiber lasers. The first test was conducted 
jointly with SMDC. During these two tests, over 
40 RAM targets were destroyed under different la- 
ser conditions, producing significant information 
on laser lethality. Researchers measured the failure 
times of multiple targets for different laser powers, 
spot sizes, incidence angles, and aimpoints. The ex- 
perimental data yielded by the tests increased engi- 
neers’ understanding of the vulnerability of targets 
containing energetic materials. This data was then 
used to benchmark predictive models. 

Future tests are planned with additional HE 
targets to further the knowledge of RAM vulner- 
ability. These tests are controlled and conducted 
carefully to ensure that good data is obtained. Ac- 
curate measurements of laser power on the target 
and the resulting target failure times must be made 
during the tests. To that end, NSWCDD engineers 
leverage Division-wide expertise in lasers and op- 
tics with its long history of explosives testing to 
achieve meaningful test results. NSWCDD per- 
sonnel have been instrumental in improving tech- 
niques to measure the spatial profile of laser power 
on a target. The spatial distribution of laser power 
target is critical to understanding the target's 
e. Figure 3 shows a laser beam’s spatial power 
listribution measured during a test. 











Figure 3. Laser Power Spatial Variation from a C-RAM Test 
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application into advanced w n 
Navy’s Laser Weapon System (LaW; 
example, is examining a laser system built ar 
efficient fiber lasers. This is significant because a 
high-energy fiber laser system offers two critical 
advantages over gun and missile interceptor C- 
RAM systems. First, the laser has a great depth of 
magazine since it requires only electricity for op- 
eration. Consequently, unlike a gun system, which 
has a limited supply of ammunition, a laser sys- 
tem is limited only by its supply of electrical en- 
ergy. Second, a laser system offers a cost per kill 
that is significantly lower than alternative systems 
because only electricity is being expended instead 
of gun ammunition or a costly missile interceptor. 
This low cost per kill also better matches the low 
cost of the RAM target being engaged. 

High-Energy Fiber Laser C-RAM systems will 
provide significant advantages in defeating the 
RAM threat while augmenting existing C-RAM 
solutions. More importantly, laser C-RAM sys- 
tems will help protect members of the armed forc- 
es from the inexpensive, yet often deadly threats 
posed by rockets and mortars. 
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VEHICLE STOPPER 


By Stephen A. Merryman 


The widespread use of vehicle-borne improvised explosive devices (VBIEDs) in Iraq 
and Afghanistan has resulted in large numbers of military and civilian personnel being 
killed or injured. Consequently, the Joint Non-Lethal Weapons Directorate’s (JNLWD) 
top priority is to identify, investigate, and develop technologies and capabilities to non- 
lethally stop both vehicles and vessels outside of minimum “keep-out ranges” (i.e., rang- 
es where the rules of engagement would dictate the use of lethal force) and to mitigate 
the blast effects from a VBIED. 

One of these technologies is the multifrequency Radio-Frequency (RF) Vehicle 
Stopper (RFVS), a high-power microwave (HPM) weapon under development at the 
Naval Surface Warfare Center, Dahlgren Division (NSWCDD). A prototype RFVS sys- 
tem, designed to meet the mission criteria for fixed-checkpoint protection and com- 
pound protection, is slated for completion in FY 13. Science and technology (S&T) work 
continues in parallel to the prototype system's construction to broaden its applicability 
to include convoy protection and the establishment of a quick safe zone. This article de- 
scribes the 4-year research effort that resulted in the specification of the RFVS system 
design. Figure 1 shows an illustration of a candidate RFVS platform with the system set 
up for fixed-checkpoint protection. 

The RFVS system uses high-power magnetron tubes to generate intense RF pulses 
that interfere with a vehicle's electronics, rendering it temporarily inoperable. The en- 
gine cannot be restarted while the RF is on but is readily restarted once the RF is turned 
off. Thus, the RFVS system allows for the maintenance of a safe keep-out zone in situa- 
tions that might otherwise require the use of lethal force. The defined measure of success 
for this system is a demonstrated, effective capability against more than 80% of the can- 
didate target-vehicle-class list, which includes passenger cars and large vehicles. 

As a nonlethal capability, the effects to the target vehicle are short term and almost 
always reversible, so that the vehicle is not stranded, which would burden the warfight- 
er with the task of its removal. Moreover, as with all directed-energy weapons, the RFVS 
system delivers energy at the speed of light. In contrast with other nonlethal vehicle 
stopping concepts and systems, however, RFVS does not need to be pre-emplaced and 
has a limitless magazine. 
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Figure 1. Illustration of Candidate RFVS System Setup for Checkpoint Protection 


BACKGROUND 

Using HPM or RF energy to stop an automo- 
bile engine is not a new concept; it has been under 
investigation for some time in private, academic, 
and military sectors. To that end, the RFVS pro- 
gram leveraged as much historic work as possi- 
ble while collaborating with academic and military 
laboratories and while aggressively pursuing con- 
tacts in the automobile industry to gain knowledge 
of vehicle electronic design and function. 

In 2005, the JNLWD funded the then-Directed 
Energy Technology Office (DETO) at NSWCDD 
to perform an extensive reverberation chamber 
test series to characterize the vulnerability of a rep- 
resentative cross section of automobiles to a wide 
range of HPM source frequencies.* The purpos- 
es of the tests were twofold. First, the applicabil- 
ity of the Army’s Ground Vehicle Stopper (GVS) 
data set needed to be established for newer vehi- 
cles, and second, a thorough, source-technology 
independent assessment of vehicle vulnerabilities 


needed to be performed. The rationale behind the 
latter was to establish vehicle vulnerabilities with- 
out inadvertently biasing the process. Only after 
the full assessment was performed would factors 
such as concept of operations (CONOPS) and sys- 
tem requirements come into play. Figure 2 is a pho- 
tograph of reverberation chamber testing. 

Over the past decade, a significant number of 
private, academic, and military laboratories have 
investigated the susceptibility of automobiles to 
HPM energy. The range in approaches spans the 
gamut from isolated component testing, through 
direct injection and radiated testing of electronic 
control units (ECUs), and continuing through full 
vehicle radiated testing. Each of the different test 
methods has its strengths and weaknesses. Testing 
of isolated ECUs in controlled laboratory condi- 
tions is arguably the best way to determine exactly 
how a specific unit is responding to the RF. How- 
ever, whether or not the identified susceptibilities 
continue to hold true when the unit is in place in a 
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Figure 2. Vehicle on a Dynamometer in the NSWCDD Reverberation Chamber 


vehicle, or whether the results apply to other vehi- 
cles’ ECUs, remains a significant question that lim- 
its the applicability of the results. 

Full vehicle testing and failure analysis of the 
ECU can be a daunting task. That said, full vehi- 
cle testing affords the advantage of ensuring that 
the response is commensurate with expectations 
of genuine engagements. The test approach one 
chooses to take depends upon resources, test facili- 
ty availability, and most importantly, the objectives 
of the program. For the RFVS program, the objec- 
tives were to identify an HPM waveform that is 
effective against a broad class of the candidate tar- 
get vehicles and to ensure that the identified wave- 
form could be generated with a source that can be 
packaged in a footprint and cost amenable to mil- 
itary users. To meet the program's objectives, the 
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RFVS program chose to invest the majority of its 
resources in full vehicle testing. While the focus of 
the effects testing portion of the RFVS program has 
remained on full vehicle testing, both time and re- 
sources have been devoted to fostering and main- 
taining connections with academia and the auto 
industry. There is concerted effort to keep abreast 
of the latest trends in automotive technology, to 
ensure that the current RFVS system design will 
continue to be effective against future vehicle de- 
signs, and to leverage all research that might aid in 
future RFVS designs. 


SYSTEM OPERATION 

The majority of current HPM system concepts 
employ a narrowband, single-frequency HPM 
source. In contrast, RFVS utilizes multiple HPM 


frequencies. The rationale for using multiple fre- 
quencies is associated with increased system effec- 
tiveness. Electromagnetic (EM) energy can be used 
to disrupt or damage an electronic target. In order 
for the energy to affect the electronics, however, it 
must be able to reach a critical component(s) in- 
side the target. This involves a process referred to 
as coupling. Different EM waveforms are more or 
less effective against specific targets depending, in 
part, on their frequency, as different frequencies 
couple better or worse depending on varying target 
geometries. To be specific, each piece of electron- 
ics has specific resonance frequencies that most ef- 
fectively facilitate coupling energy to the target. 
Unfortunately, these resonant frequencies can be 
unique to each piece of equipment. Consequently, 
a single-frequency waveform might be very effec- 
tive against one target, but less effective against an- 
other target. Therefore, a system that utilizes either 
a sweep of frequencies or multiple frequencies will 
be more effective against a larger target set. This is 
not a novel idea, but rather one that has been read- 
ily acknowledged within the HPM community for 
some time and fervently embraced by the RFVS 
program. Current technology limitations prohib- 
it high-power-swept frequency sources as viable 
options, leading to the idea of a multifrequen- 
cy source. The more frequencies that are used, the 
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more effective the system; however, a trade-off is 
made with system size and cost as the number of 
source frequencies is increased. 


BRASSBOARD SYSTEM 

After completion of the exhaustive vehicle ef- 
fects characterization testing in 2006, the RFVS 
program identified the optimal number of fre- 
quencies needed to meet mission requirements. It 
then used this information in the design and con- 
struction of the Brassboard System. The purpose in 
constructing the Brassboard System was to demon- 
strate the benefit of the multifrequency approach 
and the ability to meet mission objectives with 
specified power on target requirements. Construc- 
tion of the RFVS Brassboard System began in 2007 
and was completed in 2008. The Brassboard Sys- 
tem was not constructed with specific system foot- 
prints in mind. Thus, the antenna and conex used 
are significantly larger than those in the prototype 
design. The RFVS team collaborated with a Ma- 
rine Corps service representative identified by the 
JNLWD to flesh out the specifics of the mock 
checkpoint to be used in the RFVS Brassboard Sys- 
tem Demonstration. Figure 3 provides a diagram 
of the checkpoint setup used in the RFVS Brass- 
board Demonstration. Figure 4 provides photo- 
graphs of the RFVS Brassboard System. 


ANTENNA / SOURCE 


SERPENTINE 


OVERWATCH LIFT 
WITH CREW 
SERVED WEAPONS 


SCOUT SECTION 
IN OVERWATCH 


Figure 3. Schematic of Checkpoint Setup 
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Demonstration Test Setup 


Figure 4. Photograph of the RFVS Brassboard System and Demonstration Setup 
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The Brassboard System Demonstration was 
conducted in Spring 2008. The Demonstration 
was a success, and funding for the RFVS prototype 
was consequently approved. To date, 42 passen- 
ger vehicles (cars, pickup trucks, vans, and sport 
utility vehicles (SUVs)) and 3 large trucks (dump 
truck and tractors) have been tested as part of the 
REVS program. 


WAY AHEAD 

The JNLWD continues to work with the Di- 
rected Energy Warfare Office (DEWO) toward the 
development of a fieldable multifrequency RFVS 
system. Once the capability is fully developed, 
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tested, and certified ready for operational use, 
warfighters and civilians alike will benefit greatly. 
Lives will no doubt be saved using the ability to 
stop vehicles nonlethally and mitigate the blast ef- 
fects from VBIEDs. 


ACKNOWLEDGMENT 
Dr. Cynthia Ropiak (SAQ Consulting) contrib- 
uted to this article. 


ENDNOTE 
a. The Directed Energy Technology Office (DETO) was renamed the 
Directed Energy Warfare Office (DEWO) in August 2009. For ref- 
erence, see the charter for the DEWO, NSWCDD, 17 August 2009. 
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HIGH-POWER ELECTRICAL VEHICLE-STOPPING SYSTEMS 


By Jordan Chaparro and Melanie Everton 








92 


The military needs devices that can safely and reliably stop or arrest vehicles. The 
primary concern is security at entry control points and vehicle check points similar to 
the one shown in Figure 1. In such scenarios, it is desirable to be able to stop unauthor- 
ized vehicles at predefined standoff ranges to protect personnel, equipment, and criti- 
cal infrastructure. 

Both the military and civilian law enforcement agencies face similar issues with 
chase scenarios, where concerns over bringing an offending vehicle to a stop without 
killing or injuring innocent civilians, or causing collateral damage, often prolongs high- 
speed pursuits. That said, currently employed nonlethal options for arresting vehicles 
have significant logistical limitations and carry a high cost per use. 

The Naval Surface Warfare Center, Dahlgren Division’s Directed Energy Warfare 
Office (DEWO), under the sponsorship of the Joint Non-Lethal Weapons Directorate 
(JNLWD), investigated compact systems designed to couple high-power electrical im- 
pulses to a target vehicle to stop its engine. Such systems are highly portable, can oper- 
ate remotely, can be deployed quickly by a two-man team, and can engage hundreds of 
targets before requiring any significant maintenance. 


SYSTEM OVERVIEW 

Conceptually, electrical vehicle-stopping systems are fairly simple devices. The sys- 
tems use several stages of energy compression to take a low-peak power source—like a 
battery pack—and create very intense, short-duration, oscillating electrical impulses. The 
block diagram, shown in Figure 2, illustrates the principal components of such a system. 

A high-energy density, 300-V lithium battery pack, similar to what might be found 
in a hybrid vehicle, serves as the prime power source for the device. These batteries are 
capable of driving the system for hundreds of engagements before requiring recharge. 

The direct current bus from the batteries is stepped up to several kilovolts in order 
to charge a capacitive voltage multiplier, such as a Marx Generator, Spiral Line Genera- 
tor, or Tesla Transformer. Once triggered, these generators charge a resonant circuit to 
hundreds of kilovolts which, when switched, generate the desired oscillating waveform. 
Coupling this electrical pulse to a target may be accomplished by direct electrode con- 
tact, by radiating the waveform from a broadband antenna structure, or by a combina- 
tion of both methods. 
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Figure 1. An Azerbaijani Soldier Guarding Entry Control Point 1 at the Haditha Dam in Support of Operation Iraqi Freedom 
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Figure 2. System Block Diagram for Generic Electrical Vehicle-Stopping Systems 
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The system is monitored and controlled by 
an integrated system computer. A laptop com- 
puter, remotely connected to the system control- 
ler through either fiber optic or a wireless network, 
can be used to arm the system. At this point, mo- 
tion detection sensors trigger the pulse train upon 
the targeted vehicle. The laptop can also be used to 
monitor the system’ status, change system param- 
eters, and receive data collected during the last en- 
gagement event. 

A conceptual rendering of how such a sys- 
tem might look when in use is shown in Figure 3. 
Traffic would be funneled with barriers to a sin- 
gle lane. When not engaged, the system electrodes 
would sit flush with the roadway unit, with an ex- 
posed height of less than 3 inches. When required, 
the electrodes could be released to make contact 
with a vehicle's undercarriage and deliver the elec- 
trical impulses. 


COMPARISON WITH EXISTING SYSTEMS 
Tire spike systems are frequently employed but 
do not limit the momentum, drive, or control of a 
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vehicle to an extent that could be useful in any type 
of control or checkpoint scenario. Consequently, 
while tire spike systems are primarily used in high- 
speed pursuit applications, they are limited, in that 
they cripple the target just enough to allow law en- 
forcement to force the vehicle to a stop. 
Restraining nets are most comparable to elec- 
trical vehicle stoppers with respect to their intend- 
ed application and desired effect. Restraining net 
systems and electrical vehicle stoppers both com- 
pletely arrest vehicles, although by different means. 
Restraining nets bind the front axle of the vehicle, 
causing it to forcibly lose momentum and skid to 
a stop. Thus, the vehicle operator loses the abili- 
ty to steer the vehicle, further resulting in a lower 
potential for collateral damage. Electrical systems 
stop the engine of the vehicle, leaving the operator 
with control for the duration of the vehicle’s mo- 
mentum. Physical barrier structures can then be 
employed to force an affected vehicle to stop in a 
fairly short distance. Modern vehicles lose power 
steering when the engine is cut off, such that the 
maneuverability of the vehicle is limited enough to 
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Figure 3. Conceptual Rendering of an Employed Electric Vehicle Stopping System 
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allow normally nonrestrictive serpentines to be ef- 
fective at limiting roll-off distances. 

One key logistical advantage of electrical vehi- 
cle stoppers, compared to restraining nets, is the 
average cost per engagement. Restraining net sys- 
tems are one-time use devices that cost several 
thousand dollars each. Electrical systems initially 
cost tens of thousands of dollars but can perform 
thousands of stops within the expected lifetime of 
the device. Also, there is no requirement to phys- 
ically reset or reload an electrical system, as with 
restraining nets. The maintenance required for 
electrical systems involves the occasional replace- 
ment of electrode arms and the inspection of the 
system connections and pressure levels. 

Operationally, both systems have limitations on 
the types of targets that can be effectively stopped. 
Restraining nets are limited by vehicle momen- 
tum, which can be a product of high speeds or large 
vehicles. Electrical systems are not limited by ve- 
hicle size or speed, but they require additional sup- 
port from structures—such as serpentines or speed 
bumps—to force the target to brake and dissipate 
its momentum once the engine has been stopped. 

Both devices typically cause damage to target- 
ed, stopped vehicles. Restraining nets almost al- 
ways cause tire damage. Less commonly, brake 
lines, front axles, wheels, and transmissions also 
might be damaged. Electrical systems typically 
damage engine controllers, security modules, and 
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engine sensors. In addition, noncritical parts— 
such as gauges, radios, and cabin fans—also might 
be damaged. Moreover, moving affected targets is 
much less of an issue with electrical stoppers than 
vehicles stopped by net systems, which must first 
have the net cut away and freed before the target is 
moved to the side of the roadway. 





SYSTEM REFINEMENT AND 
LOOK FORWARD 

Previous attempts to field electrical vehicle- 
stopping systems have been hampered by limit- 
ed success rates on a large population of vehicles. 
Many models of vehicles are easily affected by any 
type of large injected current, while others are fair- 
ly resistant. Through carefully designed and con- 
trolled experiments, and logistical regression 
modeling techniques, the DEWO team has been 
able to determine key waveform attributes that 
scale with stopping effectiveness rates on a repre- 
sentative population of vehicles. Successful stop 
rates exceeding 90 percent have been achieved on 
a diverse vehicle test set by engineering system 
resonators to enhance system performance The 
DEWO team, through continued research, testing, 
and evaluation, is continuing its work to increase 
the reliability and effectiveness of these systems to 
make them more compact and to improve their 
functionality for future military and law enforce- 
ment applications. 
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By Jacob Walker 
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The employment of small vessels to attack mer- 
chant ships and other seafaring units has emerged 
as a significant threat to international navigation 
and safe operations on the high seas. Along with 
swarm tactics, small vessels have been known to 
carry improvised explosive devices, help smug- 
gle terrorists and weapons, and serve as attack 
platforms on the water for larger weapons. While 
kinetic solutions serve as the decisive option, alter- 
native solutions that employ nonlethal means are 
being explored. A depiction of a swarm of small 
vessels ready to attack is shown in Figure 1. 

The Naval Surface Warfare Center, Dahlgren 
Divisions (NSWCDD’s) Directed Energy Warfare 
Office (DEWO) is evaluating directed-energy (DE) 
concepts based on high-power microwave (HPM) 
technology for nonlethal vessel-stopping applica- 
tions. Nonlethal weapons are defined by the De- 
partment of Defense (DoD) as weapons that are 





explicitly designed and primarily employed so as to 
incapacitate personnel or materiel while minimizing 
fatalities, permanent injury to personnel, and unde- 
sired damage to property and the environment.' 
Several methodologies exist for using nonle- 
thal means to stop small vessels. They include: 
¢ Running-gear or prop entanglement systems 
¢ Exhaust stack blockers 
e A sea-anchor vessel-stopping system, which 
casts a net across the bow of a vessel to im- 
part resistance 
¢ Small-craft disablers, which insert a spear 
into the hull and deploy a fin that drags in 
the water, making steering impossible 
Prop entanglement systems, exhaust stack 
blockers, and sea-anchor systems are useful and ef- 
fective, but all are operationally difficult to deliv- 
er when deployment methods rely on positioning 
them in front of, or directly over, a vessel moving 


Figure 1. Depiction of a Small-Vessel Swarm Ready to Attack 
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at high speeds. Small-craft disablers also are a for- 
midable vessel-stopping solution and may be easi- 
er to deploy, but they cause permanent damage to 
the vessel in question. 

Under the direction of the Joint Non-Lethal 
Weapons Directorate (JNLWD), the DEWO is in 
the initial stages of a multiyear effort to evaluate 
DE concepts for nonlethal vessel-stopping applica- 
tions. It is currently focusing on HPM technology. 
This technology uses HPM sources to radiate radio 
frequency (RF) pulses downrange to interfere with 
motor-control electronics and significantly impede 
or stop small-vessel motors with minimal collater- 
al damage. These RF pulses can be generated using 
different technologies ranging from wideband LC 
oscillators and microwave tubes (e.g., magnetrons, 
klystrons, and backward wave oscillators) to emerg- 
ing solid-state technologies (e.g., nonlinear trans- 
mission line and photo-conductive switching). An 
outboard motor on a test stand is shown in Figure 2. 

In comparison to kinetic weapons or other non- 
lethal systems, HPM avoids gross physical destruc- 
tion to the vessel while, more importantly, providing 
zero-to-low risk of human injury. HPM accomplish- 
es this at safe distances using speed of light delivery, 
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therefore making evasion difficult, if not impossible, 
with the added benefit of scalable effects ranging 
from disruption to damage. Despite its numerous 
advantages, the use of HPM technology as a non- 
lethal weapon presents challenges as well, including 
a trade-off between system size and standoff range. 
This is particularly important when considering the 
use of HPM systems in different environments. 
Upfront HPM source development costs rep- 
resent one of the biggest challenges. However, 
long-term savings associated with HPM technolo- 
gy can offset this challenge. For example, prop en- 
tanglement systems might be deployed only once 
before they are rendered useless. HPM sourc- 
es integrated onto a ship or other military vehicle 
can be employed in potentially thousands of mis- 
sions, therefore resulting in a lower cost per single 
use, bringing overall associated costs of the sys- 
tem down significantly. Priorities for HPM nonle- 
thal weapons include developing a system effective 
against different types of small vessels. 
NSWCDD’s Directed Energy Division began 
HPM susceptibility testing to determine the ef- 
fectiveness of HPM weapons against relevant out- 
board engines. This involves testing small vessels in 





Figure 2. Outboard Motor Test Stand 
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a variety of environments, including reverberation 
and anechoic chambers, and open-air testing. All 
help identify different, effective waveform param- 
eters such as frequency, pulse width, rise time, and 
required power or energy on target. They further 
facilitate the identification of design specifications 
necessary for an eventual HPM source. This source, 
once developed, will then be integrated into one 
of several potential platforms. Candidate concepts 
of deployment include U.S. Coast Guard and na- 
val vessels in addition to unmanned surface or aer- 
ial vessels. Another potential application might be 
to supplement existing Coast Guard or Navy plat- 
forms used for fast-boat interdiction with an HPM 
vessel-stopping capability. A small-vessel test using 
an HPM source is shown in Figure 3. 

Developing solutions for the growing threat 
that small vessels pose to navigation and safe op- 
erations in the world’s oceans is one of JNLWD’s 
top priorities. Using nonlethal HPM weapons to 
stop vessels will provide the warfighter with a via- 
ble option for swarm threat and fast-boat interdic- 
tion. DEWO is working diligently to accelerate this 
technology and provide a DE alternative to kinetic 
weapons and fulfill this long overdue capability gap. 


NONLETHAL SMALL-VESSEL STOPPING WITH 
HIGH-POWER MICROWAVE TECHNOLOGY 


REFERENCE 
1. Department of Defense Dictionary of Military and Associated 
Terms, Joint Publication 1-02, 12 April 2001 (as amended through 
19 August 2009). 








Figure 3. Small-Vessel Testing Using a High-Power Microwave Source 
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We look forward as we provide enterprise-wide 
technical and strategic leadership for the efficient 
and effective development, acquisition, and fielding 
of directed-energy systems for the warfighter. 


Dale Sisson 
Head, Electromagnetic and 
Sensor Systems Department 
NSWCDD, Dahlgren, Virginia 
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ABBREVIATIONS AND ACRONYMS 


Acceleration or atto (10°'* multiplier) 
Ampere, Area, Altitude, Angstrom 
(A), Antenna Aperture, or Aerial 

No evidence of failure report 


A/A, A-A, AA Air-to-Air or Anti-Aircraft 


AA-() 


Air-to-Air missile number () 
Anti-Aircraft Artillery 

Army Aviation Association of 
America 

Advanced Airborne Expendable 
Decoy 

Air-to-Air Missile 

Advanced Anti-Radiation Guided 
Missile 

Anti-Air Warfare 

Automatic Built-in-Test 

Air Breathing Missile or Anti-ballistic 
Missile 

Aircraft (also acft.) 

Alternating Current 

Associate Contractor Agreement or 
Airspace Coordination Area 
Acquisition Category 

Air Combat Command 

Aircraft Configuration Control Board 
Aircraft (also A/C) 

Aircraft Carrier Landing System 
Advanced Cruise Missile or Air 
Combat Maneuvering 

Acquisition 

Antenna Coupler Set 

Advanced Concept Technology 
Demonstration 

Analog to Digital 

Advanced Development Model 
Automatic Data Processing or 
Advanced Development Program 
Airborne Electronic Attack 
Aviation Electronic Combat (Army) 
Automatic Electronic Guided Intercept 
System 

Accessible Emission Limit 

Active Electronically Scanned Array 
Airborne Early Warning 

Antenna Factor, Air Force, or Audio 
Frequency 

Air Force Base or Airframe Bulletin 
Automatic Frequency Control or 
Airframe Change 

Automated Financial Information 
Processing System 


AFOTEC 
A/G 
AGB 
AGC 
AGI 


AGL 
AGM 
AGS 
AHWS 

Al 

AIAA 
AIC 

AIM 
AIRLANT 


AIRPAC 


A-Kit 





AOC 


AOT 


APC 


APN 
APO 


Air Force Operational T&E Center 
Air-to-Ground 

Autonomous Guided Bomb 
Automatic Gain Control 

Auxiliary General Intelligence 
(Intelligence-gathering Ship) 

Above Ground Level 

Air-to-Ground Missile 

Angle Gate Stealer 

Advanced Helicopter Weapons 
System 

Artificial Intelligence, Air Intercept, or 
Airborne Interceptor 

American Institute of Aeronautics and 
Astronautics 

Air Intercept Control 

Air Intercept Missile 

Commander, U.S. Naval Air Forces, 
Atlantic Fleet 

Commander, U.S. Naval Air Forces, 
Pacific Fleet 

Anti-jamming or Anti-Jam 

Aircraft wiring kit for a system 
(includes cabling, racks, etc. excluding 
WRAs) 

Air Logistics Center 

Amplitude Modulation 

Aircraft Maintenance Department 
Advanced Multiple Environment 
Simulator 

Advanced Memory Loader/Verifier 
Amplifier 

Advanced, Medium-Range, Air-to-Air 
Missile 

American National Standards Institute 
Antenna 

Operational Availability 
Acousto-Optical 

Angle of Arrival, Angle of Attack, or 
Analysis of Alternatives (similar to 
COEA) 

Association of Old Crows 
(Professional EW Society) or Award 
of Contract 

Angle Only Track, Angle Off Tail, or 
Acquisition-on-Target 

Amphenol Precision Connector or 
Armored Personnel Carrier 

Aircraft Procurement, Navy 

Armed Forces (or Army or Air) Post 
Office, Acquisition Program Office 


APU 

AR 

ARM 

ARO 

A/S, A-S, AS 
ASC 

ASCM 

ASE 


ASIC 
ASK 
ASM 
ASO 
A-Spec 
ASPJ 
ASPO 


ASR 
ASRAAM 
ASTE 


ASW 
ATA 
ATARS 


ATC 
ATD 
ATE 
ATEDS 


ATF 
ATIMS 


ATIRCM 


ATP 
ATR 


ATRJ 
AUTODIN 
AUX 

avdp. 

Avg 
AWACS 
AZ 


Auxiliary Power Unit 

Anti-reflection or Aspect Ratio 
Anti-radiation Missile 

After Receipt of Order 
Air-to-Surface 

Air Systems Command 

Anti-ship Cruise Missile 

Aircraft Survivability (or Survival) 
Equipment, Allowable Steering Error, 
or Automatic Support Equipment 
Application Specific Integrated Circuit 
Amplitude Shift Keying 
Air-to-Surface Missile 

Aviation Supply Office 

System Specification 

Airborne Self-Protection Jammer 
Avionics Support (also Systems) 
Project Office (also Officer) 
Advanced Special Receiver or 
Airport/Airborne Surveillance Radar 
Advanced Short Range Air-to-Air 
Missile 

Advanced Strategic and Tactical 
Expendables 

Anti-submarine Warfare 

Advanced Tactical Aircraft 
Advanced Tactical Air 
Reconnaissance System 

Air Traffic Control 

Advanced Technology Demonstration 
Automatic Test Equipment 

Advanced Technology Expendables 
and Dispenser Systems 

Advanced Tactical Fighter (F-22) 
Airborne Turret Infrared Measurement 
System or Airborne Tactical 
Information Management System 
Advanced Threat Infrared 
Countermeasures 

Acceptance Test Procedure 
Autonomous Target Recognition, 
Airborne Transportable Rack, 
Atlantic Test Range 

Advanced Threat Radar Jammer 
Automatic Digital Network 

Auxiliary 

Avoirdupois (system of measures) 
Average 

Airborne Warning and Control System 
Azimuth (also Az) 


C 
cc’) 


Cl (C*l) 


CAD 
CAE 
CAG 
CAGE 
CAIV 
CAL 


Bandwidth (also BW) or Magnetic 
inductance 

Best and Final Offer 

Bus Adapter Unit 

Bus Controller 

Battle Damage Assessment 

Battle Damage Indication 

Beat Frequency Oscillator 
Background Investigation 
Battlefield Identification, Friend, or 
Foe 

Built-in-Test, Binary Digit or 
Battlefield Information Technology 
Built-in-Test Equipment 

Bus Interface Unit 

Avionics “Black Box” WRAs 
Bombardier/Navigator 

Bayonet Navy Connector 

Basic Ordering Agreement 
Swedish chaff dispenser in a launcher 
Band Pass Filter 

Bits Per Second 

Bureau of Medicine (Navy) 

Bureau Number (aircraft) 

Bottom Up Review 

Beyond Visual Range 

Beamwidth (referring to an antenna) 
or sometimes Bandwidth 
Backward Wave Amplifier 
Backward Wave Oscillator 


Speed of Light = 3x10° meters/sec = 
1.8x10'? furlongs per fortnight or 1.8 
terafurlongs per fortnight, or centi 
(10°) multiplier 

Electron Charge, Coulomb, 
Capacitance, Celsius, Centigrade, 
Confidential, Roman numeral for 100, 
or a programming language (also C+ 
and C++) 

Command and Control 

Command, Control, Communications 
(and Computers) 

Command, Control, Communications, 
(Computers) and Intelligence 
Computer-Aided Design 
Computer-Aided Engineering 

Carrier Air Group 

Commercial and Government Entry 
Cost as an Independent Variable 
Calibration 


CAM 


CAO 


CAP 
CAS 


CASS 


CAT 


CB 
CBD 
CBIT 
CBO 
CCA 
CCB 
CCD 
CCM 
CCN 


CCU 
cd 


CD 
CDC 
CDR 
CDRL 
CE 
CECOM 


CEESIM 


CEP 
CFA 
CFAR 
CFE 
CG 


CI 
CIA 
CIC 


CID 
CILOP 
CINC 


CIP 
CIS 


CIWS 


Computer-Aided Manufacturing or 
Constant Addressable Memory 
Competency Aligned Organization or 
Contract Administrative Officer 
Combat Air Patrol 

Close Air Support or Calibrated 
Airspeed 

Consolidated Automated Support 
System 

Catapult or Cockpit Automation 
Technology 

Citizens Band (also see Seabee) 
Commerce Business Daily 
Continuous Built-in-Test 
Congressional Budget Office 
Circuit Card Assembly 
Configuration Control Board 
Charge Coupled Device 
Counter-Countermeasures 
Contract Change Number or 
Configuration Change Notice 
Cockpit Control Unit 

Candela (SI unit of luminous 
intensity) 

Compact Disk or Control and Display 
Combat Direction Center 

Critical Design Review 

Contract Data Requirements List 
Conducted Emission 
Communications and Electronics 
Command (Army) 

Combat Electromagnetic Environment 
Simulator 

Circular Error Probability 
Cognizant Field Activity 

Constant False Alarm Rate 
Contractor Furnished Equipment 
Center of Gravity, Commanding 
General, Command Guidance, or 
Cruiser 

Configuration Item 

Central Intelligence Agency 
Combat Information Center (now 
called CDC) 

Combat Identification or Charge 
Injection Device 

Conversion in Lieu of Procurement 
Commander in Chief 

Capital Improvement Program 
Commonwealth of Independent States 
(11 of 15 former Soviet Union 
territories except Estonia, Georgia, 
Latvia, and Lithuania) 

Close-In Weapon System 





CO 


COB 
COCOM 
COEA 


COG 
COMM 
COMSEC 
CONSCAN 
CONUS 
CO-OP 

COR 
CORPORAL 


Cos 
COSRO 
COTS 
CP 

CPS 
CPU 
CRC 
CRFM 
CRISD 


CRLCMP 


Coherent Jamming 

Command Launch Computer 
Centimeter 

Countermeasures or Configuration 
Management 

Command Mission Computer or 
Commandant Marine Corps 
Countermeasure Dispensing System 
Complementary Metal-Oxide 
Semiconductor 

Configuration Management Plan 
Common Missile Warning System 
Commander, Naval Air Forces 
Commander, Naval Air Forces 
Atlantic ( also COMNAVAIRLANT) 
Commander, Naval Air Forces Pacific 
(also COMNAVAIRPAC) 
Communications, Navigation, and 
Identification 

Commanding Officer, Contracting 
Officer, Change Order, or Carbon 
Monoxide 

Close of Business 

Combatant Command 

Cost and Operational Effectiveness 
Analysis 

Center of Gravity or Cognizant 
Communications 

Communications Security 

Conical Scanning Radar 
Continental United States 
Cooperative (countermeasures) 
Contracting Officers Representative 
Collaborative On-Line 
Reconnaissance 
Provider/Operationally Responsive 
Attack Link 

Cosine 

Conical-Scan on Receive Only 
Commercial Off-The-Shelf 
(hardware/software) 

Circularly Polarized (antenna), Central 
Processor, or Command Post 
Computer or Control Power Supply 
(depends on application) 

Central Processing Unit 

Originally Chemical Rubber 
Company, now published reference 
books by CRC Press 

Coherent RF Memory 

Computer Resources Integrated 
Support Document 

Computer Resources Life Cycle 
Management Plan 





CRO 
CRT 


CSAR 
Crypto 
CS 
CSC 
CSCI 


C-Spec 
CSS 
CTR 
CVN 
CVR 


CWBS 
CWI 


DBOF 
dBsm 


dBW 
DC 


DCE 
DCS 


Countermeasures Response 
Optimization 

Cathode Ray Tube or Combat Rated 
Thrust (afterburner) 

Combat Search and Rescue 
Cryptographic 

Conducted Susceptibility 
Commodity Software Change 
Computer Software Configuration 
Item 

Product Specification 

Contractor Support Services 
Chesapeake Test Range 

Aircraft Carrier 

Nuclear Powered Aircraft Carrier 
Crystal Video Receiver 
Continuous Wave or Chemical 
Warfare 

Contract Work Breakdown Structure 
Continuous Wave IIluminator 
Calendar Year 


Distance, Diameter, or deci (107 
multiplier) 

Distance, Diameter, Electron 
displacement, Detectivity, Doppler, 
Density, or Roman numeral for 500 
deca (10° multiplier) 
Digital-to-Analog 

Defense Acquisition Board 

Digital to Analog Converter or Dept 
of Army Civilian 

Defense Acquisition Regulation 
Defense Advanced Research Projects 
Agency 

Database 

Decibel 

dB referenced to the Carrier Signal 
Decibel antenna gain referenced to an 
isotropic antenna 

Decibel referenced to the power of 
one milliwatt 

Defense Business Operations Fund 
Decibel value of radar cross section 
referenced to a square meter 
Decibel referenced to the power of 
one watt 

Direct Current, Discrete Circuit, or 
District of Columbia 

Data Communication Equipment 
Direct Commercial Sales or 
Distributed Control System 


DDI 
DDS 
DECM 


deg 
DEMVAL 


DET 
DF 
DFT 
DI 
DIA 


DID 
DIRCM 
DJ 
D-Level 
DM 
DMA 


DME 
DNA 


DOA 
DOD or DoD 
DoDISS 


DOM 
DON 
DOS 
DOT&E 


DPRO 
DRB 
DRFM 
DSARC 


DSN 
DSO 
DSP 
D-Spec 
DT (&E) 


DTC 
DTE 
DTO 


DTRMC 


Digital Display Indicator 

Direct Digital Synthesizers 
Deceptive Electronic Countermeasures 
(also Defensive ECM) 

Degree 

Demonstration Validation (also 
DEM/VAL) 

Detachment 

Direction Finding 

Discrete Fourier Transform 

Data Item 

Defense Intelligence Agency or 
Diameter 

Data Item Description 

Directed Infrared Countermeasures 
Deceptive Jamming 

Depot Level Maintenance 

Data Management (also manager) 
Direct Memory Address or Defense 
Mapping Agency 

Distance Measuring Equipment 
Defense Nuclear Agency, Does Not 
Apply, or Deoxyribonucleic Acid 
Direction of Arrival 

Department of Defense 

DoD Index of Specifications and 
Standards 

Depth of Modulation 

Department of the Navy 

Disk Operating System 

Director, Operational Test & 
Evaluation 

Defense Plant Representative Office 
Defense Review Board 

Digital RF Memory 

Defense Systems Acquisition (and) 
Review Council 

Defense Switching Network 
Dielectrically Stabilized Oscillator 
Digital Signal Processor 

Process Specification 

Development or Developmental Test 
(and Evaluation) 

Design to Cost 

Data Terminal Equipment 

Digitally Tuned Oscillator or Defense 
Technology Objectives 

Defense (or DoD) Test Recourse 
Management Center 


ECAC 


ECCM 


ECL 
ECM 


ECN 
ECO 
ECP 


ECR 


ECS 
ECSEL 


ECU 
EDM 
EED 
EEPROM 


EHF 


EIA 
EID 
EIRP 
EL 





Electron charge or base of natural 
logarithms (2.71828...) 

Electric Field Intensity or Strength, 
Energy, East, or Exa (10'* multiplier) 
Electromagnetic Environmental 
Effects 

Electronic Attack (similar to older 
term of ECM) 

Electronic Combat 

Electromagnetic Compatibility 
Analysis Center (DOD), now Joint 
Spectrum Center 

Electronic Counter-Countermeasures 
(similar to newer term of EP) 
Emitter Coupled Logic 

Electronic Countermeasures (similar 
to newer term of EA) 

Engineering Change Notice 
Engineering Change Order 
Engineering Change Proposal or 
Egress Control Point 

Electronic Combat Range (China 
Lake) or Electronic Combat & 
Reconnaissance 

Environmental Control System 
Electronic Combat Simulation and 
Evaluation Laboratory 

Electronic Control Unit 
Engineering Development Model 
Electro-Explosive Device 
Electrically Erasable/Programmable 
Read-only Memory 

Extremely High Frequency [30 to 300 
GHz] 

Electronic Industries Associates 
Emitter Identification Data 
Effective Isotropic Radiated power 
Elevation (also El) 

Extremely Low Frequency [3 Hz to 3 
kHz] 

Electronics Intelligence 

Emitter Library Notation 
Electromagnetic 

Electronic Mail 

Electromagnetic Compatibility 
EMC Advisory Board 

Emission Control 

Engineering and Manufacturing 
Development 

Electromagnetic Environment 
Electromagnetic Interference 
Electromagnetic Pulse 
Electromagnetic Radiation 


EMS 


Electromagnetic Susceptibility, 
Electromagnetic Spectrum 
Electromagnetic Vulnerability 
Electro-Optic, Electro-Optical, or 
Engineering Order 

Electronic Order of Battle or Expense 
Operating Budget 

Electro-Optic Countermeasures 
Electro-Optical Frequency (300 to 3 x 
10’ GHz) 

Electronic Protection (similar to older 
terms of ECCM and DECM) 
Environmental Protection Agency 
Electrically Programmable Read-only 
Memory 

Electronic Counter-Countermeasures 
(also Protection) Requirements and 
Assessment Manual 

Effective Radiated Power 

Electronic Surveillance (similar to 
older term of ESM) 

Electrostatic Discharge 

Electronic Support Measures (similar 
to newer term of ES) 

Evolved Sea Sparrow Missile 
Electronics Technician 

Elapsed Time Indicator 

EW Tactical Information and Report 
Management System 

Estimated Time to Repair 

Earned Value Management 
Electronic Warfare , Early Warning, 
or Expeditionary Warfare 

EW Battle Management 

EW Data Systems 

EW Intelligence Analysis 

Electronic Warfare Integration & 
Reprogramming (USAF database) 
Electronic Warfare Master Plan 
Electronic Warfare Officer 
Electronic Warfare Reprogrammable 
Library (USN) 

EW Systems Integration 

EW Software Support Activity 
Expendable Countermeasure 


femto (107° multiplier), Frequency 
(also F), or lens fnumber 

Frequency (also f), Force, Farad, 
Faraday Constant, Female, Fahrenheit, 
Noise Figure, Noise Factor or 
“Friendly” on RWR display 


F2T2EA 


F/A 
FAA 


FORCECAP 
FOT&E 
FOTD 
FOUO 

FOV 

FPA 

fps 
FRACAS 


FRB 
FRD 
FSD 
FSED 
FSK 
FSU 
ft 
FTC 
FTD 
FWD 
FY 


Find, Fix, Track, Target, Engage, 
Assess (targeting of hostile forces) 
Fighter/Attack 

Federal Aviation Administration 
Forward Air Controller 

Federal Acquisition Regulations or 
False Alarm Rate 

Footcandle (unit of illuminance) 
Functional Configuration Audit 
Fire Control Radar 

Frequency Domain Reflectometry 
Forward Edge of the Battle Area 
Field-Effect Transistor 

Fleet EW Center 

Fast Fourier Transform 

First In / First Out 

Federal Information Processing 
Resources 

fluid 

AAA Shrapnel, from the German 
“Flieger Abwher Kanone” (AAA gun 
that fires fast and furiously) 
Forward Looking Infrared 
Flightline Payload Simulator 
Flight 

Frequency Modulation or Failure 
Mode 

Foreign Material Exploitation 
Failure Mode and Effects Analysis 
Foreign Military Sale(s) 

Full Operational Capability 
Foreign Object Damage 

Force Combat Air Patrol 
Follow-On Test and Evaluation 
Fiber Optic Towed Device 

For Official Use Only 

Field of View 

Focal Plane Array 

feet per second 

Failure, Reporting, Analysis, and 
Corrective Actions System 

Failure Review Board 

Functional Requirements Document 
Full Scale Development 

Full Scale Engineering Development 
Frequency Shift Keying 

Former Soviet Union 

Feet or Foot 

Fast Time Constant 

Foreign Technology Division (USAF) 
Forward 

Fiscal Year 


Q 99 


G&A 
GaAs 
GACIAC 


gal 
GAO 
GBU 
GCA 
GCI 
GENSER 
GEN-X 
GFE 
GHz 
GI 
GIDEP 


GIG 
GIGO 
GOCO 


GOFO 
GP 
GPI 
GPIB 
GPS 
GSE 


HF 
HIL or HITL 


Gravity (also G) 

Universal Gravitational Constant (also 
K), Giga (10° multiplier), 
Conductance, or Gain 

General and Administrative (expense) 
Gallium Arsenide 

Guidance and Control Information 
Analysis Center (DoD) 

Gallon 

General Accounting Office 

Guided Bomb Unit 

Ground Controlled Approach 
Ground Control Intercept 

General Service 

Generic Expendable 

Government Furnished Equipment 
GigaHertz 

Government Issue 

Government Industry Data Exchange 
Program 

Global Information Grid 

Garbage In / Garbage Out 
Government Owned Contract 
Operated 

General Officer / Flag Officer 
General Purpose 

Ground Plane Interference 

General Purpose Interface Bus 
Global Positioning System 

Ground Support Equipment 


hours, hecto (10° multiplier), Plank’s 
constant, or height (also H) 

Height (also h), Henry (Inductance), 
or Irradiance 

High-speed Anti-Radiation Missile 
Homing All the Way Killer 
Handbook 

High Duty Factor 

High Explosive 

High Energy Frequency (3x10’ to 
3x10'* GHz) 

High Energy Laser 

Helicopter 

Hazards of Electromagnetic Radiation 
to Fuel 

Hazards of Electromagnetic Radiation 
to Ordnance 

Hazards of Electromagnetic Radiation 
to Personnel 

hexadecimal 

High Frequency [3 - 30 MHz] 
Hardware-in-the-Loop 


Home-On-Jam 

Higher Order Language 
High-Pass Filter 
Hewlett-Packard Interface Bus 
Hewlett-Packard Interface Loop 
High Powered Microwave 

High Pulse Repetition Frequency 
hour 

High Speed Data Bus 
Heads-Up Display 

High Voltage 

Hardware 

Hardware Configuration Item 
Hardware-in-the-loop 

Hertz (Cycles per second) 


current (also I) 

Current (also i), Intensity, Irradiance, 
Intermediate, or Roman Numeral for 
One 

Information Assurance 

Integrated Air Defense System 
In-Phase and Quadrature 

Indicated Airspeed 

In Accordance With 

Initiated Built-in-Test 

Interference Blanker Unit 

Integrated Circuit 

Interface Control Document 

Initial Capabilities Document 
Improved Countermeasure Dispenser 
Integrated Communication, 
Navigation, Identification Avionics 
Inverse Conical Scan or 
Intercommunications System (aircraft) 
In Compliance With 

Identification 

Institute For Defense Analysis 
Integrated Defensive Electronic 
Countermeasures 

Institute of Electrical and Electronic 
Engineers 

Intermediate Frequency 
Identification Friend-or-Foe 
Instantaneous Frequency 
Measurement 

Instrument Flight Rules 

Inspector General 

Imaging Infrared 


I-Level 


ILS 


ILSMT 


IM 
IMA 

in 
INEWS 
INS 
INT 

IO 

1/0 
IOC 


IOT&E 
IPO 


IPR 
IPT 


IR 
IR&D 


IRCM 
IRDS 
IREXP 
IRIG-B 
IRLS 
IRS 


IRST 
ISAR 
ISO 


ISP 


ISR 
ITU 


IV&V 


IW 


Intermediate Level of Repair (also 
“T’ Level) 

Integrated Logistic Support, 
Instrument Landing System, or Inertial 
Locator System 

Integrated Logistic Support 
Management Team 

Intermodulation or Item Manager 
Intermediate Maintenance Activity 
Inch 

Integrated Electronic Warfare System 
Inertial Navigation System 

Intensity 

Information Operations 

Input/Output 

Initial Operational (also Operating) 
Capability 

Initial Operational Test and Evaluation 
International Projects (Program) 
Office 

In-Progress/Process Review 
Integrated Product (also Program) 
Team 

Infrared 

Independent Research and 
Development 

Infrared Countermeasures 

Infrared Detecting System 

IR Expendables 

Inter-range Instrumentation Group B 
Infrared Line Scanner 

Interface Requirements Specification, 
IR Suppression or Internal Revenue 
Service 

Infrared Search and Track 

Inverse Synthetic Aperture Radar 
Derived from the Greek “isos” 
meaning “equal,” the official title is 
International Organization for 
Standardization 

Integrated Support Plan 

Intelligence Support Plan 
Interference to Signal Ratio (also I/S) 
International Telecommunications 
Union 

Independent Validation and 
Verification 

Information Warfare 


JEM 
JETS 
JEWC 
JEWEL 
JIOWC 
JMEM 
JMR 
JOVIAL 
JPATS 
JIS 

JSF 
JSGCC 


JSIR 


JSOW 


JSTARS 


JTA 
JTAT 


Jamming, Radiance, Current Density, 
or Joules 

Joint Architecture for Aircraft 
Survivability 

Jammer (illuminating) Chaff 

Judge Advocate General 

Jamming Analysis Measurement 
System 

Jamming Aircraft & Radar Simulation 
Joint Air-to-Surface Standoff Missile 
Joint Advanced Strike Technology 
Jet Assisted Takeoff or JAmmer 
Technique Optimization 

Joint Command and Control Warfare 
Center (now JIOWC) 

Joint Concept Technology 
Demonstration 

Joint Chiefs of Staff or Joint Spectrum 
Center (formerly ECAC) 

Joint Direct Attack Munition 

Joint Electronic Attack and 
Compatibility Office 

Journal of Electronic Defense 
(Published by the Association of Old 
Crows) 

Jet Engine Modulation 

Joint Emitter Targeting System 

Joint EW Conference or Joint EW 
Center (then JC2WC & now JIOWC) 
Joint Electronic Warfare Effects 
Laboratory 

Joint Information Operations Warfare 
Command 

Joint Munitions Effectiveness Manual 
Jammer 

Julius’ Own Version of International 
Algorithmic Language (Air Force 
computer programming language) 
Joint Primary Aircraft Training 
System 

Jamming to Signal Ratio 

Joint Strike Fighter 

Joint Services Guidance and Control 
Committee 

Joint Spectrum Interference 
Resolution (signal interference portion 
of MIJI) 

Joint Stand-Off Weapon (AGM- 
154A) 

Joint Surveillance Target Attack Radar 
System 

Jammer Threat Analysis 

JATO Techniques Analysis and 
Tactics 


JTCG/AS 


JTCG/ME 


JTIDS 


JV or J/V 


LAN 
LANTIRN 


LASER 


LAT 
Ibs 

LCC 
LCD 


LCP or LHCP 
LDF 

LDS 

LED 

LEX 

LGB 

LF 

LIC 


Joint Technical Coordinating Group 
for Aircraft Survivability 

Joint Technical Coordinating Group 
for Munitions Effectiveness 

Joint Tactical Information Distribution 
System 

Joint Venture 


kilo (10° multiplier) or Boltzmann 
Constant 

Kelvin, Cathode, Universal 
gravitational constant (also G), or 
Luminous efficacy 

Knots Calibrated Airspeed 
kilogram 

KiloHertz 

Killed in Action 

Knots Indicated Air Speed 
Kilometer 

Thousand Source Lines of Code 
(software) 

Knot (nautical miles per hour) 
Kilowatt 


length (also L) or liter 

Length (also 1), Loss, inductance, 
Luminance, or Roman Numeral for 
fifty 

Laser Detection and Ranging (i.e., 
laser radar) 

Local Area Network 

Low Altitude Navigation & Targeting 
Infrared for Night 

Light Amplification by Stimulated 
Emission of Radiation 

Latitude (0-90° N or S from equator) 
pounds 

Life Cycle Cost(s) 

Liquid Crystal Display or Lowest 
Common Denominator 

Left-hand Circular Polarization 
Low Duty Factor 

Laser Detecting Set 

Light-Emitting Diode 

Leading Edge Extension 

Laser Guided Bomb 

Low Frequency [30 - 300 kHz] 
Low Intensity Combat or Laser 
Intercept Capability 


LPI or LPOI 
LPRF 
LR 
LRA 
LRF 
LRIP 
LRU 
LSA 
LSAR 
LSB 
LSI 
LSO 
LSSO 





List Processing (A programming 
language used in artificial intelligence) 
Low Light Level (as in LLL TV) 
lumen (SI unit of luminous flux) 
Natural Logarithm 

Local Oscillator or Low Observable 
Letter of Agreement (or Acceptance) 
Line of Bearing (see also AOA) 
Logarithm to the base 10 (also log) or 
Logistician 

Longitude (0-180° E or W from 
Greenwich, U.K.) 

Level of Repair 

Level of Repair Analysis 

Long Range Navigation 

Lobe on Receive Only 
Line-of-Sight 

Large Phased-Array Radar 

Low Probability of Detection 

Low Pass Filter 

Low Probability of Intercept 

Low Pulse Repetition Frequency 
Lethal Range 

Line Replaceable Assembly 

Laser Rangefinder 

Low Rate Initial Production 

Line Replaceable Unit 

Logistic Support Analysis 

Logistic Support Analysis Record 
Least Significant Bit 

Large Scale Integration 

Landing Signal Officer 

Laser System Safety Officer 

Look Through Blanking Bus 

Long Wave Infrared 

Laser Warning Receiver 

Lux (SI unit of illuminance) 
Landing Zone 


milli (10° multiplier), meter, or 
electron mass 

Mega (10° multiplier), Male, Mach 
number, or Roman numeral for 1,000 
Missile Alert or Missile Active 
Magnetic Anomaly Detection (also 
Detector) 

Microwave Acoustic Delay Device 
Maintenance Action Form 

Marine Aircraft Group or Magnetic 
Marine Air-Ground Task Force 
Man-portable Air Defense System 





M&s 
MASER 


MATE 
MAW 


MICRON 
MiG 


MIGCAP 
MIJI 


mil 
MIL 


MILCON 
MILSPEC 
MILSTRIP 


MIMIC 


MIN 
Mincon 
MIPPLE 


MIPS 


ML 
MLC 
MLV 
MLVS 





Modeling and Simulation 
Microwave Amplification by 
Simulated Emission of Radiation 
Modular Automatic Test Equipment 
Missile Approach Warning system 
(also MAWS) or Marine Aircraft 
Wing 

Maximum or Maximum aircraft power 
(afterburner) 

Multiple Beam Forming Network 
Mission Computer 

Marine Corps Information Operations 
Center 

Micro-Channel Plate 

Mission Data File 

Multiple Display Indicator or Miss 
Distance Indicator 

Mission Data Generator 

Minimum Discernible Signal or 
Minimum Detectable Signal 
Multipurpose Display Unit 
Medium Frequency (300 kHz to 3 
MHz) 

Multifunction (video) Display 
Missile Guidance 

MegaHertz (10° Hz) 

Missing in Action 

Microwave Integrated Circuit or 
Management Information Center 
10° meter 

Mikoyan-Gurevich (Soviet aircraft 
manufacturer) 

MiG Combat Air Patrol 
Meaconing, Intrusion, Jamming, & 
Interference (also see JSIR) 
One-thousandth of an inch 

Military power (100%, no afterburner) 
or Military 

Military Construction 

Military Specification 

Military Standard Requisitioning and 
Issue Procedure(s) 

Microwave Monolithic Integrated 
Circuit (also MMIC) 

Minimum 

Minimal Construction 

RWR display switching between 
ambiguous emitters 

Millions of (Mega) Instructions Per 
Second 

Missile Launch 

Main Lobe Clutter 

Memory Loader Verifier 

Memory Loader Verifier Set 








MOSAIC 


MOU 
MPD 


MPE 

mph 
MPLC 
MPM 
MPPS 
MPRF 

mr or mrad 
MRC 


MTTR 
MUXBUS 
MVS 





Millimeter 

Man Month 

Microwave Monolithic Integrated 
Circuit (also MIMIC) 

Millimeter Wave (40 GHz or higher 
per IEEE, but commonly used down to 
30 GHz) 

Memorandum of Agreement 
Measure of Effectiveness 

Methods of Moments (also MoM) or 
Metal-Oxide-Metal 

Modulation on Pulse or Measure of 
Performance 

Million Operations Per Second 
Minimum Operational Sensitivity, 
Military Occupational Specialty, 
Metal-Oxide Semiconductor, or 
Measure of Suitability 

Modeling System for Advanced 
Investigation of Countermeasures 
Memorandum of Understanding 
Multi-Purpose Display or Microwave 
Power Device 

Maximum Permissible Exposure 
Miles per Hour 

Multi-Platform Launch Controller 
Microwave Power Module 

Million Pulses Per Second 

Medium Pulse Repetition Frequency 
Milliradian 

Maintenance Requirement Card or 
Medium Range CAP 

Meals Ready to Eat 

Milliseconds 

Most Significant Bit 

Multi-Sensor (also Source) 
Integration, Management Support 
Issues, or Medium Scale Integration 
Missile and Space Intelligence Center 
Mean Sea Level (altitude) or Missile 
Mean Time Between Failures 
Moving Target Indicator (or 
Indication) 

Mean Time To Repair 

Multiplex Bus 

Minimum Visible Signal 
Microwave 

Milliwatt 

Mid Wave Infrared 

Missile Warning Set 

Man Year 
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N 


n/a 
NA 
NADEP 
NASA 


NATO 
NATOPS 


NAV 
NAVAIR 


NavMPS 
NAVSEA 


NAWCAD 


NAWCWD 


NBC 
NCTR 
NDI 


NEI 
NEMP 
NEOF 
NEP 
NF 
NFO 
NGJ 
NIOC 


NIPO 
NIR 
nm 


NM or NMI 
NMCI 
NNWC 
NOHD 
NORAD 


NRE 
NRL 
NRZ 
NSA 
nsec or ns 
NSN 
NSWC 

nt 








nano (10° multiplier) or number of 
elements 

Noise, Newton (force), Radiance, 
North, or No 

Not Applicable (also N/A) 
Numerical Aperture 

Naval Aviation Depot 

National Aeronautics and Space 
Administration 

North Atlantic Treaty Organization 
Naval Air Training and Operating 
Procedures Standardization 
Navigation 

Naval Air Systems Command (also 
NAVAIRSYSCOM) 

Naval Mission Planning System 
Naval Sea Systems Command (also 
NAVSEASYSCOM) 

Naval Air Warfare Center Aircraft 
Division 

Naval Air Warfare Center Weapons 
Division 

Nuclear, Biological, Chemical 
Non-Cooperative Target Recognition 
Non-Developmental Item or Non 
Destructive Inspection 

Noise Equivalent Power 

Nuclear Electromagnetic Pulse 

No Evidence of Failure 

Noise Equivalent Power 

Noise Figure or Noise Factor (also F) 
Naval Flight Officer 

Next Generation Jammer 

Navy Information Operations 
Command 

Navy International Program Office 
Near Infrared 

nanometer or Nautical Mile (also NM 
or NMI) 

Nautical Mile (also nm) 

Navy Marine Corps Intranet 

Naval Network Warfare Command 
Nominal Ocular Hazard Distance 
North American Air Defense 
Command 


NPG or NPGS Naval Post Graduate School 


Non-Recurring Engineering 
Naval Research Laboratory 
Non Return to Zero 

National Security Agency 
Nanosecond 

National Stock Number 

Naval Surface Weapons Center 
Nit (SI unit of luminance) 








OEWTPS 


OFP 
OJT 
O-Level 


OMA 
OMB 
OMEGA 


ONR 

OOK 
OPEVAL 
OPM 
OPSEC 
OPTEVFOR 
OR 


ORD 
OSD 
OSHA 
OSIP 


OSM 


OSRB 
OT (&E) 
OTD 
OTH 
OTH-B 
OTH-R 
OTH-T 
OTRR 
OUSD 


OZ 


Naval Undersea Warfare Center 
Night Vision Goggles 

Naval Warfare Information 
Publication 

Naval Warfare Publication 


Optical 

Originating Agency’s Determination 
Required 

Operational Advisory Group 
Operations and Maintenance, Navy 
(also O&M,N) 

Overtaken (Overcome) By Events 
Offensive Counter Air 
Organizational Electronic Warfare 
Test Program Set 

Operational Flight Program 
On-the-Job Training 

Organizational Level of Repair (also 
“O” Level) 

Organizational Maintenance Activity 
Office of Management and Budget 
Optimized Method for Estimating 
Guidance Accuracy (VLF Navigation 
System) 

Office of Naval Research 

On-Off Keying 

Operational Evaluation 

Office of Personnel Management 
Operational Security 

Operational Test and Evaluation Force 
Operational Requirement or 
Operationally Ready 

Operational Requirements Document 
Office of the Secretary of Defense 
Occupational Safety and Health Act 
Operational Safety Improvement 
Program 

Operating System Memory or SMA 
connector made by Omni-Spectra 
Operational Software Review Board 
Operational Test (and Evaluation) 
Operational Test Director 

Over the Horizon 

Over-the-Horizon Backscatter 
Over-the-Horizon Radar 
Over-the-Horizon Targeting 
Operational Test Readiness Review 
Office of the Under Secretary of 
Defense 

ounce 
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pico (10°? multiplier) or page 
Power, Pressure, or Peta (10'° 
multiplier) 

Pre-Planned Product Improvement 
Pascal (pressure) 

Public Address or Program Analyst 
Periodic Built-in-Test 

Pulse Compression, Personal 
Computer, or Photoconductive 
Physical Configuration Audit 
Pulse Code Modulation 
Probability of Detection 

Pulse Doppler 

PD Illuminator or Post Detection 
Integration 

Plasma Display Panel 

Pretty Darn [sic] Quick 
Preliminary Design Review 

Pulse Descriptor Word 

Personnel Exposure Limits 
Photoelectromagnetic 

Program Executive Officer 
Power Factor or Pico Farads 
Probability of False Alarm 
Precision Guided Munition 

Phot (unit of illuminance) 
Probability of Hit 

Greek letter 2 

Probability of Intercept (also POI) 
Positive Identification 

Personal Identification Number 
Product Improvement Plan or 
Predicted Intercept Point 

Picture Element 

Probability of Kill or Peak 
Precision Location Strike System 
Phase Modulation or Program 
Manager 

Program (also Project) Manager, Air 
Passive Missile Approach Warning 
System 

Program Manager, Ship 
Photomultiplier Tube 

Program Manager, Warfare 
Positive to Negative Junction (also 
p-n) 

Part Number 

Point of Contact 

Primed Oscillator Expendable 
Transponder 

Probability of Intercept (also PI) 
Polarization 

Program Objective Memorandum 


POP Pulse-on-Pulse or Product RCVR 


Optimization Program RDT&E 
POST Passive Optical Seeker Technology 
(Stinger missile) RDY 
PPI Plan Position Indicator RE 
PPS Pulses Per Second REC 
PRF Pulse Repetition Frequency RET 
PRI Priority or Pulse Repetition Interval RF 
PROM Programmable Read-only Memory RFEXP 
PRR Production Readiness Review or RFI 
Pulse Repetition Rate 
PRT Pulse Repetition Time RFP 
P, Probability of Survival RFQ 
P’s & Q’s Pints and Quarts (small details) RFSS 
PSK Phase-shift Keying 
PUPS Portable Universal Programming RGPO 
System RGS 
PV Photovoltaic RGWO 
pw or PW Pulse Width RHAW 
PWB Printed Wiring Board 
RHAWS 
RINT 
RIO 
q electron charge RM 
Q Quantity Factor (figure of merit), rms or RMS 
Quadrature, aerodynamic pressure, or RNG 
Charge (coulomb) ROC 
QA Quality Assurance ROE 
QC Quality Control ROI 
QED Quod Erat Demonstradum (end of ROM 
proof)(Satirically “quite easily done”) 
QML Qualified Manufacturer Listing ROR 
QPL Qualified Parts List 
QRC Quick-Reaction Capability ROT 
QRD Quick Reaction Demonstration ROWG 
QRT Quick-Reaction test 
RPG 
RPM 
RPT 
rorR Radius or Range RPV 
R Resistance, Reliability, or Roentgen RRT 
rad Radian 
R&D Research and Development RS 
RADAR Radio Detection and Ranging 
RADHAZ Radiation Hazard RSDS 
RAM Random Access Memory, Radar RSO 
Absorbing Material, Rolling Airframe 
Missile, or Reliability, Availability, RST 
and Maintainability RT 
R&M Reliability and Maintainability 
RAT Ram Air Turbine 
RBOC Rapid Blooming Offboard Chaff RUG 
RCP or RHCP Right-hand Circular Polarization RWR 
RCS Radar Cross Section Rx 
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Receiver 

Research, Development, Test, & 
Evaluation 

Ready 

Radiated Emissions 

Receive 

Return 

Radio Frequency 

RF Expendables 

Radio Frequency Interference, Ready- 
For-Issue, or Request for Information 
Request for Proposal 

Request for Quotation 

Radio Frequency Simulation System 
(Army) 

Range Gate Pull Off 

Range Gate Stealer 

Range Gate Walk Off (see RGPO) 
Radar Homing and Warning Receiver 
or Radar Homing All the Way 
Radar Homing and Warning System 
Radiation Intelligence 

Radar Intercept Officer 

Radar Mile 

Root Mean Square 

Range 

Required Operational Capability 
Rules of Engagement 

Return on Investment 

Read-only Memory or Rough Order of 
Magnitude 

Range Only Radar or Rate of Return 
(financial) 

Rate of Turn 

Response Optimization Working 
Group 

Receiver Processor Group 
Revolutions per Minute 

Repeat 

Remotely Piloted Vehicle 

Rapid Reprogramming Terminal (a 
type of MLVS) 

Radiated Susceptibility or Remote 
Station 

Radar Signal Detecting Set 

Range Safety Officer or Receiver, Set- 
on 

Receiver Shadow Time 

Remote Terminal, Termination 
Resistance, or Receiver/Transmitter 
(also R/T) 

Radar Upgrade 

Radar Warning Receiver 

Receive 


s, S, or sec 
S 


SA 


SA-() 
SAE 
SAM 
SA-N-() 
SAR 


SATS 
SAW 
SBIR 
SCI 
SCIF 


SCN 
SCR 
SCP 
SCRB 
SCUD 


SE 
SDLM 
SDI 
SEAD 


SEAL 
sec 
SECDEF 
SEI 
SEMA 
SERD 


SHAPE 


SHF 
SI 


SIF 

SIGINT 

SIJ 

SIM 

sin 
SINCGARS 


SIRCM 


seconds 

Signal Power, Surface Area, Secret, 
Electrical conductance (siemens), 
South, Scattering (as in S-parameters), 
or Seconds 

Situational Awareness, Semi-Active, 
Spectrum Analyzer, or Surface-to-Air 
(also S/A or S-A) 

Surface-to-Air missile number () 
Society of Automotive Engineers 
Surface-to-Air Missile 

Naval Surface-to-Air missile number 
Synthetic Aperture Radar, Special 
Access Required, Semi-Active Radar, 
Search and Rescue, or Specific 
Absorption Rate 

Semi-Active Test System 

Surface Acoustic Wave 

Small Business Innovative Research 
Sensitive Compartmented Information 
Sensitive Compartmented Information 
Facility 

Specification Change Notice 
Software Change Request 

Software Change Proposal 

Software Configuration Review Board 
Soviet short-range surface-to-surface 
missile 

Support Equipment 

Standard Depot Level Maintenance 
Strategic Defense Initiative 
Suppression of Enemy Air Defense 
(pronounced “seed” or “C add”) 
Sea-Air-Land (Navy special forces) 
seconds (also S or s) 

Secretary of Defense 

Specific Emitter Identification 
Special Electronic Mission Aircraft 
Support Equipment Recommendation 
Data 

Supreme Headquarters Allied Powers 
Europe (NATO military command) 
Super High Frequency (3 to 30 GHz) 
Special Intelligence or System 
International (Units) 

Selective Identification Feature 
Signals Intelligence 

Stand-In Jamming (also S/J) 
Simulation 

Sine 

Single Channel Ground and Airborne 
Radio System 

Suite of IR Countermeasures 


SIRFC 





SOW 


SPAWAR 


SPEC 
SPIRITS 


SPO 
SPY 
sq 

sr 

SRA 
SRAM 
SRB 
SRBOC 


SRD 


SRS 
SRU 
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Suite of Integrated RF 
Countermeasures 

Support Jamming 

Stand-In Jamming or Signal to 
Jamming Ratio 

Side lobe or Sea Level (also S.L.) 
Standoff Land Attack Missile 
Side-Looking Airborne Radar 
Side Lobe Clutter 

Source Lines of Code or Sea Lines of 
Communication 

Statute Mile (also sm) or Standard 
Missile 

Scheduled Maintenance Action or 
Sub-Miniature A connector 
Sub-Miniature C connector 
Subject Matter Expert 

Support Material List 

Stores Management Set or Status 
Monitoring System 
Signal-to-Noise Ratio 

Supersonic Naval Ordnance Research 
Track 

Special Need to Know 

Safety of Flight 

Stand-off Jammer 

Sound Navigation and Ranging 
Statement of Objectives 
(replacing SOW) 

Standard Operating Procedures 
Scan-on-Receive Only 

“Save Our Ship” (distress call with 


easy Morse code, i.e. ¢ ee ——— eee) 
Statement of Work (being replaced by 
SOO) 


Space and Naval Warfare Systems 
Command 

Specification 

Spectral Infrared Imaging of Targets 
and Scenes 

System Program Office 

Radar on an AEGIS ship 

Square 

Steradian 

Shop Replaceable Assembly 

Static Random Access Memory 
Software Review Board 

Super Rapid Blooming Offboard 
Chaff 

Systems Requirements Document 
Software Requirements Specification 
Shop Replaceable Unit 





SSA 


SSB 
SSI 
SSJ 
SSM 
SSRO 
SSW 
S&T 
STANAG 
STAR 
stat 
STBY 
STC 


STD 


STE 
STOVL 
STP 


STR 


STT 

STU 
SUBSAM 
SUT 

S/W 
SWAP 
SWC 
SWM 
SYSCOM 


+ 


TAAF 
TAC 
TACAIR 
TACAMO 


TACAN 
TACDS 


TACTS 


Software (also Special or System) 
Support Activity, Source Selection 
Activity, or Solid State Amplifier 
Single Side Band 

Small Scale Integration 

Self Screening Jamming 
Surface-to-Surface Missile 

Sector Scan Receive Only 

Swept Square Wave 

Science and Technology 
Standardization Agreement (NATO) 
System Threat Assessment Report 
Statute 

Standby 

Sensitivity Time Control, Short Time 
Constant or SHAPE Technical Center 
Software Test Description, Standard, 
or Sexually Transmitted Disease 
Standard Test Equipment 

Short Takeoff and Vertical Landing 
Software Test Plan, or Standard 
Temperature and Pressure (0°C at | 
atmosphere) 

Software (also System) Trouble 
Report 

Single Target Track 

Secure Telephone Unit 
Subsurface-to-Air Missile 

System Under Test 

Software (also SW) 

Size, Weight, And Power 

Scan With Compensation 

Swept Wave Modulation 

Systems Command 


Time (also T) 

Time (also t), tera (10'” multiplier), 
Temperature, or Telsa 

Target Acquisition or Terrain 
Avoidance 

Test, Analyze, and Fix 

Tactical Air Command (now ACC) 
Tactical Aircraft 

Take Charge and Move Out (airborne 
strategic VLF communications relay 
system) 

Tactical Air Navigation 

Threat Adaptive Countermeasures 
Dispensing System 

Tactical Aircrew Combat Training 
System 


TAD 


T&E 
TALD 
TAMPS 


TAR 


TAS 

TBA 

TBD 
TBMD 

TD 

TDD 
TDM 

TE 

TEA 
TEAMS 
TECHEVAL 
TEL 

TEM 
TEMP 
TEMPEST 


TENA 
TERPES 


TGT 
TIM 
™ 


TMD 
TNC 
TOA 
TOJ 
TOO 


TOR 


TOS 
TOT 
TOW 


TPI 
TPS 
TPWG 
TQM 
TR 
TRB 
TRD 
TREE 
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Threat Adaptive Dispensing, 
Temporary Additional (also Active) 
Duty, or Tactical Air Direction 

Test & Evaluation 

Tactical Air Launched Decoy 
Tactical Automated Mission Planning 
System 

Target Acquisition Radar or Training 
Administrative Reserve 

True Airspeed 

To Be Announced 

To Be Determined 

Theater Ballistic Missile Defense 
Technical Directive (also Director) 
Target Detection Device 

Time Division Multiplexing 
Transverse Electric 

Technology Exchange Agreement 
Tactical EA-6B Mission Support 
Technical Evaluation 

Transporter Erector Launcher 
Transverse Electromagnetic 

Test and Evaluation Master Plan 
Not an acronym. Certification of 
reduced electromagnetic radiation for 
security considerations 

Training Enabling Architecture 
Tactical Electronic Reconnaissance 
Processing and Evaluation System 
Target 

Technical Interchange Meeting 
Telemetry, Transverse Magnetic, or 
Technical Manual 

Theater Missile Defense 

Threaded Navy Connector 

Time of Arrival 

Track on Jam 

Target of Opportunity (HARM 
operating mode) 

Tentative (also Tactical) Operational 
Requirement or Time of Receipt 
Time on Station 

Time on Target 

Tube-Launched, Optically-Tracked, 
Wire-guided 

Test Program Instruction 

Test Program Set or Test Pilot School 
Test Plan Working Group 

Total Quality Management 
Transmit / Receive 

Technical Review Board 

Test Requirements Document 
Transient Radiation Effects on 
Electronics 


uoru 


Geel es 
i? 
> 
< 


GC CC Cec 
agZ775 


fos 
n 
° 
g 
— 
n 


sts 


Cade 


e 
= 





cca 
z 


Tuned Radio Frequency 

Test Readiness Review 

Top Secret 

Tangential Sensitivity 

Tri-Service Standoff Attack Weapon 
Target Track 

Time To Impact/Intercept 
Time-to-Go 

Transistor-Transistor Logic 

Target Tracking Radar 

Television 

Thrust Vector Control 

Track While Scan or Tail Warning 
System 

Track While Scan on Receive Only 
Traveling Wave Tube 

Traveling Wave Tube Amplifier 
Transmit 

Type Commander 


micron / micro (10° multiplier) 
Unclassified, Unit, or Unknown (on 
RWR display) 

nmanned Aerial System 

nmanned (also uninhabited) Air (or 
Aerial) Vehicle 

Uninhabited Combat Air Vehicle (new 
USAF term for UAV) 
User Data File 
User Data File Generator 
User Data Module 
U 
G 
U 


cm en 


Itra High Frequency (300 MHz to 3 
Hz) 

Itra Low Frequency (3 to 30 Hz) 
Micrometer 

United Nations 

Unknown (also U) 

Unique Planning Component 
Uninterruptable Power Supply 
Microseconds 

Jnited States 

Jnited States of America or United 
tates Army 

Jnited States Air Force 

nited States Marine Corps 

Jnited States Navy 

ninhabited Tactical Aircraft 

Jnit Under Test 

JItraviolet 


Acc 


Ciere 





Creo 


Vv 
Vv 


VA 


VAQ 
V&V 
VCO 
Vde or VDC 
VDT 
VECP 
VF 
VFO 
VFR 
VGPO 
VGS 
VGWO 
VHF 
VHSIC 
VID 
VLF 
VLSI 
VLSIC 
VMAQ 


vP 
VQ 


VRAM 
VS or vs 
V/STOL 


Volts (also V), Velocity (also V or v;,) 
Volts (also v), Velocity (also v or v;), 
Volume, or Roman Numeral for five 
Veterans Administration, Volt- 
Amperes 

Prefix for Navy tactical EW squadron 
Validation and Verification 

Voltage Controlled Oscillator 

Volts Direct Current 

Video Display Terminal 

Value Engineering Change Proposal 
Prefix for Navy fighter squadron 
Variable Frequency Oscillator 
Visual Flight Rules 

Velocity Gate Pull Off 

Velocity Gate Stealer 

Velocity Gate Walk Off 

Very High Frequency (30 - 300 MHz) 
Very High Speed Integrated Circuit 
Visual Identification 

Very Low Frequency (3 to 30 kHz) 
Very Large Scale Integration 

Very Large Scale Integrated Circuit 
Prefix for Marine Tactical EW 
Squadron 

Prefix for Navy patrol squadron 
Prefix for Navy special mission 
(usually reconnaissance) squadron 
Video Random Access Memory 
Velocity Search or Versus (also vs.) 
Vertical/Short Take-off and Landing 
(also VSTOL) 

Velocity (also V or v) 

Vertical Takeoff and Landing 
Voltage Standing Wave Ratio 
Voltage Variable Attenuator 


Watts, Weight, or West 
Warning & Targeting 

Wartime Reserve Mode 

Weber (magnetic flux) 

Work Breakdown Structure 
Waveguide, circular 

Windowed Fourier Transform 
Working Group on Infrared 
Background 

Write Once Read Many [times] 
(Refers to optical disks) 

Weight on/off Wheels (also WonW or 
WoffW) 

Weapons Procurement, Navy or 
Weapon 


WR 
WRA 
WRD 
WSSA 
WVR 


YIG 


IxLR, 2xLR 


lvl or 1-v-1 


2D 


3D 
3M 


Waveguide, rectangular 

Weapon Replaceable Assembly 
Waveguide, rectangular double ridged 
Weapons System Support Activity 
Within Visual Range 


Multiplication symbol 

Reactance, Experimental, 
Extraordinary, Roman Numeral for 
ten, or X axis 

Cross Eye 

Cross Polarization 

Transmit 

Transmitter 


Yes or Y-Axis 
Yttrium-Aluminum Garnet 
Yard 

Yttrium-Iron Garnet 


Impedance, Zenith, or Z-Axis 


One (or two or three etc.) Times 
Lethal Range 
One versus One (Aerial engagement) 


Two Dimension 


Three Dimension 
Navy Maintenance and Material 
Management System 
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CONSTANTS, CONVERSIONS, and CHARACTERS 


DECIMAL MULTIPLIER PREFIXES EQUIVALENCY SYMBOLS 
Symbol Meaning 

Proportional 

Roughly equivalent 

Approximately 

Nearly equal 

Equal 

Identical to, defined as 

Not equal 

Much greater than 

Greater than 

Greater than or equal to 

Much less than 

Less than 

Less than or equal to 

Therefore 

Degrees 

Minutes or feet 

Seconds or inches 


Prefix Symbol Multiplier 
exa 10'8 
peta 
tera 
giga 

mega 
kilo 

hecto 
deka 
deci 
centi 
milli 
micro 
nano 
pico 
femto 
atto 





AAR MV YI WH [eee 8 


Of 


Prose Boab oeorZQnuvum 


UNITS OF LENGTH UNITS OF SPEED 


linch(in) = 2.54 centimeters (cm) 1 foot/sec (fps) = 0.59 knot (kt)* 
1 foot (ft) 30.48 cm = 0.3048 m 


lyard(yd) = 0.9144 meter 
1 meter (m) 39.37 inches 


0.68 stat. mph 
1.1 kilometers/hr 
1000 fps 600 knots 


1 kilometer (km) 0.54 nautical mile 
0.62 statute mile 1 kilometer/fhr = 0.54 knot 


1093.6 yards (km/hr) = 0.62 stat. mph 
3280.8 feet 0.91 ft/sec 


1 statute mile = 0.87 nautical mile 1 mile/hr (stat.) = 0.87 knot 


(sm or stat. mile) 1.61 kilometers (mph) = 1.61 kilometers/hr 


1760 yards 1.47 ft/sec 
5280 feet 


1.15 stat. mph 
1 nautical mile = 1.15 statute miles 1.69 feet/sec 
(nm or naut. mile) 1.852 kilometers ~ 1.85 kilometer/hr 


2025 yards 0.515 m/sec 
6076 feet *A knot is | nautical mile per hour. 


1 furlong 1/8 mi (220 yds) 





UNITS OF VOLUME UNITS OF WEIGHT 


1 kilogram (kg) 2.2 pounds (Ibs) 


1 gallon = 3.78 liters 
1 pound 0.45 Kg 


231 cubic inches 16 ounce (oz) 

0.1335 cubic ft 1 oz 437.5 grains 
lcarat = 200mg 

lstone(U.K.) = 6.36kg 


NOTE: These are the U.S. customary (avoirdupois) equivalents, 


4 quarts 
8 pints 


ZS . . the troy or apothecary system of equivalents, which differ 
1 fl ounce 29.57 cubic centimeter (cc) markedly, was used long ago by pharmacists. 


or milliliters (ml) 
UNITS OF POWER / ENERGY 


dan | a, ABABT Ce 1H.P. = 33,000 ft-lbs/min 
550 ft-Ibs/sec 


746 Watts 


UNITS OF AREA 


lsqmeter = 10.76sq ft = 2,545 BTU/hr 
(BTU = British Thermal Unit) 


645 sq millimeters (mm) 


1 sq in 
1,000,000 sq mil 1BTU = _ 1055 Joules 


~ 


1 mil 0.001 inch 778 ft-lbs 


1 acre 43,560 sq ft 0.293 Watt-hrs 


SCALES TEMPERATURE UNITS OF TIME 

CONVERSIONS l year = 365.2 days 

OCTAVES 1 fortnight = 14 nights 

“N” Octaves = Freq to Freq x pai s Pe) . ioe - (weeks) 

: C = (5/9)( °F - 32) 1 century 100 years 

ie., One octave would be 2 to 4 GHz : : 

Two Octaves would be 2 to 8 GHz “K= °C + 273.16 Vanillenmiom: = 1,000 years 
°F = (9/5)( °K - 273) + 32 

Three octaves would be 2 to 16 GHz oC Oe Sak NUMBERS 


° ° l decade = 10 
K = (5/9)( °F - 32) + 273 
DECADES G/N ) 1 Score 20 


“N” Decades = Freq to Freq x 10% ay: 9 
1 Bill = Ixl Ss 
i.e., One decade would be 1 to 10 MHz : eas ee es a aes ) 
Two decades would be | to 100 MHz ais 10" (U.K.) 


Three decades would be (million million) 
1 to 1,000 MHz 


RULE OF THUMB FOR ESTIMATING DISTANCE TO LIGHTNING / EXPLOSION: 


km: Divide 3 into the number of seconds which have elapsed between seeing the flash and hearing the noise. 

miles: Multiply 0.2 times the number of seconds which have elapsed between seeing the flash and hearing the noise. 
Note: Sound vibrations cause a change of density and pressure within a media, while electromagnetic waves do not. 
An audio tone won’t travel through a vacuum but can travel at 1,100 ft/sec through air. When picked up by a 
microphone and used to modulate an EM signal, the modulation will travel at the speed of light. 





Physical Constant Quoted Value a al — 


Avogadro constant 
Bohr magneton 


Boltzmann constant 


Electron charge 
Electron specific charge 


Electron rest mass 


Faraday constant 


Gravity (Standard Acceleration) 


Josephson frequency to voltage ratio 


Magnetic flux quantum 
Molar gas constant 


Natural logarithm base 





Newtonian gravitational constant 


Permeability of vacuum 
Permittivity of vacuum 


Pi 


Planck constant 
Planck constant/27 


Quantum of circulation 


Radius of earth (Equatorial) 


Rydberg constant 


Speed of light 


Speed of sound 
(dry air @ std press & temp) 


Standard volume of ideal gas 


Stefan-Boltzmann constant 


6.0221367 x 107 
9.2740154 x 10~* 


1.380658 x 107 
1.602177 33 x 10°” 


-1.758819 62 x 10"! 


9.1093897 x 10°! 
9.6485309 x 10* 


9.80665 or 
32.174 


4.8359767 x 10'* 
2.06783461 x 10° 


8.314510 
= 2.71828 


6.67259 x 10! 
An x 107 


~ 8.8541878 x 10°? 
~ 3.141592654 


6.62659 x 104 
1.05457266 x 10% 


3.63694807 x 107 


6.378 x 10° or 
3963 


1.097373 1534 x 107 
2.9979246 x 108 


331.4 


22.41410 x 10° 


5.67051 x 10° 


Jemol eK"! 


dimensionless 


meekg 'es* 
H/m 


F/m 


dimensionless 





* S is the one-standard-deviation uncertainty in the last units of the value, d is a defined value. 
(A standard deviation is the square root of the mean of the sum of the squares of the possible deviations) 


THE SPEED OF LIGHT SPEED OF LIGHT 


ACTUAL UNITS RULE OF UNITS IN VARIOUS MEDIUMS 
THUMB 
= = mise s : cee The speed of EM radiation through a 
= 2.9979246 x 10 | m/sec | =3x108 | msec substance such as cables is defined by the 
| 299.79 | Gee 
~ 3.27857 x 10° = 3.28 x 10 Where: ut, = relative permeability 
€, = relative permittivity 
= 5.8275 x 108 =5.8 x 10° The real component of ¢, = dielectric 
constant of medium. 

~ 1.61875 x 10° = 1.62x 10° EM propagation speed in a typical cable 

ee 8 oh 9 might be 65-90% of the speed of light in a 


APPROXIMATE SPEED OF SOUND (MACH 1) SPEED OF SOUND 


Sea Level (CAS/TAS) 36,000 ft* (TAS) (CAS) IN VARIOUS MEDIUMS 

1230 km/hr Decreases 1062 km/hr 630 km/hr eae Spee’ (ft/sec) 

765 mph Linearly 660 mph 391 mph ey ; ca 

665 kts To> 573 kts 340 kts seh Water 4.700 

* The speed remains constant until 82,000 ft, when it increases linearly to 1215 km/hr (755 mph, Salt W re 900 
656 kts) at 154,000 ft. Also see Section 8-2 for discussion of Calibrated Air Speed (CAS) and True alt Water > 
Airspeed (TAS) and a plot of the speed of sound vs. altitude. Glass 14,800 
Steel 20,000 








DECIMAL / BINARY / 
HEX CONVERSION TABLE 


02h 
03h 
04h 


06h 


[om [7 [0001 [karo 


18 10010 12h 





When using hex numbers it is always a good idea to use “h” as a suffix to avoid confusion with decimal 
numbers. 


DECIMAL TO HEX CONVERSION 


Both the following methods must use long division. Method one computes the digits from right 
to left while method two works from left to right. 


Method one: To convert a decimal number above 16 to hex, divide the number by 16, then 
record the integer resultant and the remainder. Convert the remainder to hex and write this down - this 


will become the far right digit of the final hex number. Divide the integer you obtained by 16, and again 
record the new integer result and new remainder. Convert the remainder to hex and write it just to the left 
of the first decoded number. Keep repeating this process until dividing results in only a remainder. This 
will become the left-most character in the hex number (i.e., to convert 60 (decimal) to hex we have 60/16 
= 3 with 12 remainder). 12 is C (hex) - this becomes the right most character. Then 3/16=0 with 3 
remainder. 3 is 3 (hex). This becomes the next (and final) character to the left in the hex number, so the 
answer is 3C. 


Method two: Use table of powers to work the digits from left to right: 
For example: Here is your Decimal Number - 9379 


Step 1 - Set up your chart: 


eae ae a (Ea (Ee 





Step 2 - Look in the table for the highest divisible number in the chart. 
9379 / 4096 = 2 (the left-most Hex digit) 
Must use long division to calculate the remainder (1187) 





Step 3 - Divide the remainder with its highest divisible number in the chart: 
1187 / 256 = 4 (the next digit to the right) 
Must use long division to calculate the remainder (163) 





Step 4 - Divide the remainder with its highest divisible number in the chart: 
163 / 16 = 10 (or “A” from table L-1) (the next digit to the right) 
Must use long division to calculate the remainder (3) 





Step 5 - The remainder will not divide: remainder = 3 (the right-most Hex digit) 





ae a eee 


HEX TO DECIMAL CONVERSION 


To convert a hex number to decimal, multiply each hex digit converted to decimal by the decimal 
equivalent of the hex power represented and add the results. 


For example: Here is your Hex Number - 24A3 


Step 1 - Set up your chart: 


Le RS Se Sess 








Step 2 - Place the numbers in a table: 





Step 3 - Multiply the Hex number times the power value: 


2 x 4096 = 8192 
4x 256 = 1024 
A(10) x 16 = 160 
3x1 7 3 


Step 4 - Add up your values: 
Decimal value is 9379 


GREEK ALPHABET 


Alphabet ; Alphabet : 





LETTERS FROM THE GREEK ALPHABET COMMONLY USED AS SYMBOLS 


Symbol Name Use 

v7 alpha space loss, angular acceleration, or absorptance 

B beta 3 dB bandwidth or angular field of view [radians] 

r Gamma __ reflection coefficient 

y gamma ___ electric conductivity, surface tension, missile velocity vector angle, or gamma ray 
A Delta small change or difference 

) delta delay, control forces and moments applied to missile, or phase angle 

Eg epsilon emissivity [dielectric constant] or permittivity [farads/meter] 

n eta efficiency or antenna aperture efficiency 

oO Theta angle of lead or lag between current and voltage 

Qor‘ _ theta azimuth angle, bank angle, or angular displacement 

A Lambda acoustic wavelength or rate of energy loss from a thermocouple 

X lambda —_ wavelength or Poisson Load Factor 

uu mu micro 10 © [micron], permeability [henrys/meter], or extinction coefficient [optical region] 
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Vv nu frequency 

1 pi 3.141592654+ 

p rho charge/mass density, resistivity [ohm-meter], VSWR, or reflectance 

x Sigma algebraic sum 

o sigma radar cross section [RCS], Conductivity [1/ohm-meter], or Stefan-Boltzmann constant 

T Tau VSWR reflection coefficient 

Tt tau pulse width, atmospheric transmission, or torque 

® Phi magnetic/electrical flux, radiant power [optical], or Wavelet’s smooth function [low pass filter] 
0) phi phase angle, angle of bank, or beam divergence [optical region] 

Y Psi time-dependent wave function or Wavelet’s detail function [high pass filter] 

Vy psi time-independent wave function, phase change, or flux linkage [weber] 

Q Omega Ohms [resistance] or solid angle [optical region]. Note: inverted symbol is conductance [mhos] 
@ omega carrier frequency in radians per second 


MORSE CODE and PHONETIC ALPHABET 


X - X-ray 
Y - yankee 
Eas 


Note: The International Maritime Organization agreed to officially stop Morse code use by February 1999, however 
use may continue by ground based amateur radio operators. (The U.S. Coast Guard discontinued its use in 1995.) 








BASIC MATH / GEOMETRY REVIEW 


EXPONENTS LOGARITHMS TRIGONOMETRIC 


FUNCTIONS 
log (xy) = log x + log y 
sin x = cos (x-90°) 
log (x/y) = log x - log y 
cos X = -sin (x-90°) 
log (x) = N log x 
tan x = sin x /cosx = 1/cotx 


Ifz=logx then x=10* 


sin’ x + cos’x = 1 
Examples: log 1=0 
log 1.26=0.1; log 10=1 


if 10 log N = dB#, 
then 10°89 -N 





A radian is the angular measurement of an arc which has an arc length equal to the radius of the 
given circle, therefore there are 27 radians in a circle. One radian = 360°/2m = 57.296....° 
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ELLIPSE 


Area = aab 
Approx circumference 


ar, fa? +b? 
7 


SPHERE 


OO 


DERIVATIVES 


SOLID 


Area = lw 
Volume = lwh 


2 
Surface area = 4a1 


Volume = 4/3 ar? 


Cross Section (circle) 
Area = a1 


Assume: a = fixed real #; u, v & w are functions of x 
d(a)/dx = 0; d(sin u)/dx = du(cos u)/dx 
d(x)/dx = 1 ; d(cos v)/dx = -dv(sin v)/dx 


d(uvw)/dx = uvdw/dx + vwdu/dx + uwdv/dx +...etc 


Differentiating Circuit 


Square 
Wave 
Input 
Signal 


Integrating Circuit 
R + 


aA 


RECTANGLULAR 


a, 


{ 


ANGLES 


r?- x? + 
Y : < 


Sin 6 = yr Cos 6 = xi 


CYLINDER 


wi 


Volume — amr2h 


Lateral surface 
area — 2arh 


Tan 8 = yx 
TRIANGLES 
Angles: A+B+C = 180° 
ce? = a® +b? - 2ab cos C 
Area = 1/2 he = 1/2 ab sin 


b= jee + h= 


INTEGRALS 


Note: All integrals should have an arbitrary 
constant of integration added, which is left off for 


clarity 


Assume: a = fixed real #; u, & v are functions of x 


Jadx =ax and fa f(x)dx = alf(x)dx 


J(u tv)dx = Judx + fvdx ; JeXdx = e* 


\(sin ax)dx = -(cos ax)/a ; J(cos ax)dx = (sin ax)/a 


Period of input 


Period of input larger than RC 


smaller than RC 





Increasing rep rate reduces amplitude 
of triangular wave.(DC offset unchanged) 


Ne 











MATHEMATICAL NOTATION 


The radar and EW communities generally accept some commonly used notation for the various 
parameters used in radar and EW calculations. For instance, “P” is almost always power and “G” is 
almost always gain. Textbooks and reference handbooks will usually use this notation in formulae and 
equations. 


A significant exception is the use of “a” for space loss. Most textbooks do not develop the radar 


equation to its most usable form as does this reference handbook, therefore the concept of “a” just isn’t 
covered. 


Subscripts are a different matter. Subscripts are often whatever seems to make sense in the 
context of the particular formula or equation. For instance, power may be “P”, “Py”, “P,”’, or maybe “P,”. 
In the following list, generally accepted notation is given in the left hand column with no subscripts. 
Subscripted notation in the indented columns is the notation used in this handbook and the notation often 
used in the EW community. 


a = Space loss 
a; = One way space loss, transmitter to receiver 
Q2 = Two way space loss, xmtr to target (including radar cross section) and back to the revr 
dit = One way space loss, radar transmitter to target, bistatic 
Oj, = One way space loss, target to radar receiver, bistatic 


Other notation such as om may be used to clarify specific losses, in this case the space loss 
between a target and missile seeker, which could also be identified as },. 


A = Antenna aperture (capture area) 
A. = Effective antenna aperture 
A = Angstrom 


B = Bandwidth (to 3dB points) 
By: = 3 dB IF bandwidth of the receiver (pre-detection) 
B,; = Bandwidth of the jamming spectrum 
Bunz = 3 dB bandwidth in MHz 
By = Equivalent noise bandwidth, a.k.a. B 
By = 34dB video bandwidth of the receiver (post-detection) (Subscript V stands for video) 
BF = Bandwidth reduction factor jamming spectrum wider than the receiver bandwidth) 
BW = Beamwidth (to 3 dB points) 


c = Speed of Light 


f = Frequency (radio frequency) 
f. = Footcandle (SI unit of illuminance) 
fp = Doppler frequency 
fp = Received frequency 
f; = Transmitted frequency 
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G = Gain 


G, = Gain of the transmitter antenna 
G, = Gain of the receiver antenna 
Gy = Gain of the transmitter/receiver antenna (monostatic radar) 
G; = Gain of the jammer 
Gy, = Gain of the jammer antenna 
Gyr = Gain of the jammer transmitter antenna 
Gy = Gain of the jammer receiver antenna 
G, = Gain of reflected radar signal due to radar cross section 


h = Height or Planks constant 
Hyadar = Height of radar 
target = Height of target 


J = Jamming signal (receiver input) 
Jamming signal (constant gain jammer) 


= 
TT 


Jo = Jamming signal (constant power jammer) 
J/S_ = Jamming to signal ratio (receiver input) 
k = Boltzmann constant 
Ki234 = Proportionality constants, see Sections 4-3, 4-4, 4-5, and 4-1 respectively. 
i = Lambda, Wavelength or Poisson factor 
L = Loss (due to transmission lines or circuit elements) 
N = Receiver equivalent noise input (kT,B) 


NF = Noise figure 


P = Power 
Pa = Probability of detection 
Pp = Power density 
Py; = Power of a jammer transmitter 
P, = Probability of false alarm 
P, = Power received 
P, = Power of a transmitter 


R = Range (straight line distance) 


R,; = Bistatic radar transmitter to target range 
R, = Bistatic radar target to receiver range 
R; = Range of jammer to receiver (when separate from the target) 
Rym = Range in nautical miles 
o = Sigma, radar cross section (RCS) 
S = Signal (receiver input) 
Sr = Radar signal received by the jammer 
Smin = Minimum receiver sensitivity 
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= Time 

= Integration time 
= Pulse Rise Time 
= Pulse Width 


= Velocity 
= Radial velocity 
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FREQUENCY SPECTRUM 


Figure 1, which follows, depicts the electromagnetic radiation spectrum and some of the 
commonly used or known areas. Figure 2 depicts the more common uses of the microwave spectrum. 
Figure 3 shows areas of the spectrum which are frequently referred to by band designations rather than by 


frequency. 
Section 7-1 provides an additional breakdown of the EO/IR spectrum. 


To convert from frequency (f) to wavelength (A) and vice versa, recall that f = c/A, or A = c/f; 
where c = speed of light. 
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Some quick rules of thumb follow: 


Metric: 


Wavelength in cm = 30/ frequency in GHz 
For example: at 10 GHz, the wavelength = 30/10 = 3 cm 


English: 
Wavelength in ft = 1 / frequency in GHz 
For example: at 10 GHz, the wavelength = 1/10 = 0.1 ft 


gO! ZLy3sHOmM 
gO! Z1yaH¥O3N 
OL ZYSHYEAD 
OL ZLYaHyyal 
oO, ZLYSHWINad 


pot 
gO 
9,0 

OL 


St 


m7 
i 
xm 
m9 

aco 
=—am 
N= 
“oO 
< 


SAvd DINSOD 


(SyS15W) 
HLONATSAA 
t 


—s 
2, 


Ob 
Ob 
Ob 
Ob 
OL 
pol 
p-0F 


HBIINOMd | OL 
pt 


o- 


w'Y33N 
NX “LINN-X.. Ol 


WU "YS NON en 52 L 
¥ ‘WOULSENY | O I 





we "YJB Wao 
Wa "3 LST TI 
we "3 JSC SIN 


Figure 1. Electromagnetic Radiation Spectrum. 
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Figure 3. Frequency Band Designations. 


See Section 7, Figure 1 for a more detailed depiction of the UV and IR spectrum. 


2-3.2 








DECIBEL (dB) 


The Decibel is a subunit of a larger unit called the bel. As originally used, the bel represented the 
power ratio of 10 to 1 between the strength or intensity i.e., power, of two sounds, and was named after 
Alexander Graham Bell. Thus a power ratio of 10:1 = 1 bel, 100:1 = 2 bels, and 1000:1 = 3 bels. It is 
readily seen that the concept of bels represents a logarithmic relationship since the logarithm of 100 to the 
base 10 is 2 (corresponding to 2 bels), the logarithm of 1000 to the base 10 is 3 (corresponding to 3 bels), 
etc. The exact relationship is given by the formula 


Bels = log(P2/P)) [1] 
where P./P; represents the power ratio. 


Since the bel is a rather large unit, its use may prove inconvenient. Usually a smaller unit, the 
Decibel or dB, is used. 10 decibels make one bel. A 10:1 power ratio, 1 bel, is 10 dB; a 100:1 ratio, 
2 bels, is 20 dB. Thus the formula becomes 


Decibels (dB) = 10 log(P2/P) [2] 


The power ratio need not be greater than unity as shown in the previous examples. In equations [1] 
and [2], P; is usually the reference power. If P2 is less than Pj, the ratio is less then 1.0 and the resultant 
bels or decibels are negative. For example, if P2 is one-tenth P;, we have 


bels = log(0.1/1) = -1.0 bels 
and dB = 10 log(0.1/1) = -10 dB. 


It should be clearly understood that the term decibel does not in itself indicate power, but rather is a 
ratio or comparison between two power values. It is often desirable to express power levels in decibels 
by using a fixed power as a reference. The most common references in the world of electronics are the 
milliwatt (mW) and the watt. The abbreviation dBm indicates dB referenced to 1.0 milliwatt. One 
milliwatt is then zero dBm. Thus P; in equations [1] or [2] becomes 1.0 mW. Similarly, the abbreviation 
dBW indicates dB referenced to 1.0 watt, with P. being 1.0 watt, thus one watt in dBW is zero dBW or 
30 dBm or 60 dBuW. For antenna gain, the reference is the linearly polarized isotropic radiator, dBLI. 
Usually the “L” and/or “T” is understood and left out. 


dBc is the power of one signal referenced to a carrier signal, i.e., if a second harmonic signal at 
10 GHz is 3 dB lower than a fundamental signal at 5 GHz, then the signal at 10 GHz is -3 dBc. 
THE DECIBEL, ITS USE IN ELECTRONICS 
The logarithmic characteristic of the dB makes it very convenient for expressing electrical power 
and power ratios. Consider an amplifier with an output of 100 watts when the input is 0.1 watts 
(100 milliwatts); it has an amplification factor of 


P,/P,; = 100/0.1 = 1000 


or a gain of: 
10 log(P2/P,) = 10 log(100/0.1) = 30 dB. 


(notice the 3 in 30 dB corresponds to the number of zeros in the power ratio) 
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The ability of an antenna to intercept or transmit a signal is expressed in dB referenced to an 
isotropic antenna rather than as a ratio. Instead of saying an antenna has an effective gain ratio of 7.5, it 
has a gain of 8.8 dB (10 log 7.5). 


A ratio of less than 1.0 is a loss, a negative gain, or attenuation. For instance, if 10 watts of power 
is fed into a cable but only 8.5 watts are measured at the output, the signal has been decreased by a 
factor of 
8.5/10 = .85 
or 10 log(.85) = -0.7 dB. 


This piece of cable at the frequency of the measurement has a gain of -0.7 dB. This is generally 
referred to as a loss or attenuation of 0.7 dB, where the terms “loss” and “attenuation” imply the negative 
sign. An attenuator which reduces its input power by factor of 0.001 has an attenuation of 30 dB. The 
utility of the dB is very evident when speaking of signal loss due to radiation through the atmosphere. It 
is much easier to work with a loss of 137 dB rather than the equivalent factor of 2 x 10". 


Instead of multiplying gain or loss factors as ratios we can add them as positive or negative dB. 
Suppose we have a microwave system with a 10 watt transmitter, and a cable with 0.7 dB loss connected 
to a 13 dB gain transmit antenna. The signal loss through the atmosphere is 137 dB to a receive antenna 
with an 11 dB gain connected by a cable with 1.4 dB loss to a receiver. How much power is at the 
receiver? First, we must convert the 10 watts to milliwatts and then to dBm: 


10 watts = 10,000 milliwatts 


and 
10 log (10,000/1) = 40 dBm 
Then 
40 dBm - 0.7 dB + 13 dB - 137 dB + 11 dB - 1.4dB =-75.1 dBm. 
-75.1 dBm may be converted back to milliwatts by solving the formula: 
mW = 198"! 
giving: 10°" = 0.00000003 mw 


Voltage and current ratios can also be expressed in terms of decibels, provided the resistance 
remains constant. First we substitute for P in terms of either voltage, V, or current, I. Since P=VI and 
V=IR we have: 

P=PR=VR 


Thus for a voltage ratio we have: dB = 10 log[(V2/R)/(V /R)] = 10 log(V2/V,°) 
= 10 log(V./V,)" = 20 log(V./V)) 


Like power, voltage can be expressed relative to fixed units, so one volt is equal to 0 dBV or 120 dBuV. 


Similarly for current ratio: dB = 20 log(1./I)) 


Like power, amperage can be expressed relative to fixed units, so one amp is equal to 0 dBA or 
120 dBuA. 
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Decibel Formulas (where Z is the general form of R, including inductance and capacitance) 


£2 20 ios #2 = 201082 


Pi E] I] 


When impedances are unequal: dB= 10log¢2 = 20log Bes E0108 ee. 


Pi See Fae 


When impedances are equal: dB=/0log— 








SOLUTIONS WITHOUT A CALCULATOR 


Solution of radar and EW problems requires the determination of logarithms (base 10) to calculate 
some of the formulae. Common “four function” calculators do not usually have a log capability (or 
exponential or fourth root functions either). Without a scientific calculator (or math tables or a Log-Log 
slide rule) it is difficult to calculate any of the radar equations, simplified or “textbook.” The following 
gives some tips to calculate a close approximation without a calculator. 


DECIBEL TABLE 


F Voltage or : Voltage or 
PB | Power Ratio | Current Ratio PB | Power Ratio | Current Ratio 





If the power in question is not a multiple of ten, then some 
estimation is required. The following tabulation lists 


‘ ‘ some approximations. Some would be useful to 
that are a multiple of 10 to the absolute magnitude of WeniOrize: 


the power ratio is to place a number of zeros equal to 
that multiple value to the right of the value 1. 
40 dB=10,000:1 (for power) 


For dB numbers which are a multiple of 10 
An easy way to remember how to convert dB values 


DB RULES OF THUMB 
Multiply Multiply 
Current / Voltage By Power By: 
if+dB if -dB if +dB if -dB 
1 
1.26 
1.58 


Minus dB moves the decimal point that many places 
to the left of 1. 
-40 dB = 0.0001 : 1 (for power) 


For voltage or current ratios, if the multiple of 10 is 
even, then divide the multiple by 2, and apply the above 
rules. 40dB=100 :1 (for voltage) 

-40 dB = 0.01: 1 
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You can see that the list has a repeating pattern, so by remembering just three basic values such 
as one, three, and 10 dB, the others can easily be obtained without a calculator by addition and subtraction 
of dB values and multiplication of corresponding ratios. 


Example 1: 


A 7 dB increase in power (3+3+1) dB is an increase of (2 x 2 x 1.26) =5 times whereas 
A 7 dB decrease in power (-3-3-1) dB is a decrease of (0.5 x 0.5 x 0.8) = 0.2. 


Example 2: Assume you know that the ratio for 10 dB is 10, and that the ratio for 20 dB is 100 
(doubling the dB increases the power ratio by a factor of ten), and that we want to find some intermediate 


value. 
RATIO RATIO 
(working down from 20 dB) + (working up from 10 dB) 


from Table (@100) —» , 20 


/* +3 dB = 2x40 = 80 
-3 dB = 0.5x100 = 50 7 / 

i +3 dB = 2x20 = 40 
-3 dB = 0.5x50 = 25 14 


( 13 43 dB = 2x10 = 20 
-3 dB = 0.5x25 = 12.5 11 7 


10 ‘~«— from table (@10) 


We can get more intermediate dB values by adding or subtracting one to the above, for example, 
to find the ratio at 12 dB we can: 


work up from the bottom; 12 = 1+11 so we have 1.26 (from table) x 12.5 = 15.75 
alternately, working down the top 12 = 13-1 so we have 20 x 0.8 (from table) = 16 


The resultant numbers are not an exact match (as they should be) because the numbers in the 


table are rounded off. We can use the same practice to find any ratio at any other given value of dB (or 
the reverse). 


dB AS ABSOLUTE UNITS 





dB AS ABSOLUTE UNITS 
Power in absolute units can be expressed by using dBm POWER dBW 
1 Watt (or 1 milliwatt) as the reference power in the 1 Mw 60 
denominator of the equation for dB. We then call it dBW or 1kw 30 
dBm. We can then build a table such as the adjoining one. 100 W 20 
10 W 10 
From the above, any intermediate value can be found 1 W (1000 mW) 
using the same dB rules and memorizing several dB values for 100 mw 
determining the absolute power, given 48 dBm power output, 10 mw 


2 mW 
1.58 mW 
1.26 mw 

1 mW 


we determine that 48 dBm = 50 dBm - 2 dB so we take the 
value at 50 dB which is 100W and divide by the value 1.58 
(ratio of 2 dB) to get: 








100 watts/1.58 = 63 W or 63,291 mW. 
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Because dBW is referenced to one watt, the Log of the power in watts times 10 is dBW. The 
Logarithm of 10 raised by any exponent is simply that exponent. That is: Log(10)* = 4. Therefore, a 
power that can be expressed as any exponent of 10 can also be expressed in dBW as that exponent times 
10. For example, 100 kW can be written 100,000 watts or 10° watts. 100 kW is then +50 dBW. Another 
way to remember this conversion is that dBW is the number of zeros in the power written in watts times 
10. If the transmitter power in question is conveniently a multiple of ten (it often is) the conversion to 
dBW is easy and accurate. 
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DUTY CYCLE 


Duty cycle (or duty factor) is a measure of the fraction of the time a radar is transmitting. It is 
important because it relates to peak and average power in the determination of total energy output. This, 
in turn, ultimately affects the strength of the reflected signal as well as the required power supply capacity 
and cooling requirements of the transmitter. 


Although there are exceptions, most radio frequency (RF) measurements are either continuous 
wave (CW) or pulsed RF. CW RF is uninterrupted RF such as from an oscillator. Amplitude modulated 
(AM), frequency modulated (FM), and phase modulated (PM) RF are considered CW since the RF is 
continuously present. The power may vary with time due to modulation, but RF is always present. 
Pulsed RF, on the other hand, is bursts (pulses) of RF with no RF present between bursts. The most 
general case of pulsed RF consists of pulses of a fixed pulse width (PW) which come at a fixed time 
interval, or period, (T). For clarity and ease of this discussion, it is assumed that all RF pulses in a pulse 
train have the same amplitude. Pulses at a fixed interval of time arrive at a rate or frequency referred to as 
the pulse repetition frequency (PRF) of so many pulse per second. Pulse repetition interval (PRI) and 
PREF are reciprocals of each other. 


PREF = 1/T = 1/PRI [1] 


Power measurements are classified as either peak pulse power, P,, or average power, Paye. The 
actual power in pulsed RF occurs during the pulses, but most power measurement methods measure the 
heating effects of the RF energy to obtain an average value of the power. It is correct to use either value 
for reference so long as one or the other is consistently used. Frequently it is necessary to convert from P, 
to Paye, or vice versa; therefore the relationship between the two must be understood. Figure 1 shows the 
comparison between P, and Pave. 


> “—— PW orT 
“@—T or PRI 


TIME ==> 


Figure 1. RF Pulse Train. 





The average value is defined as that level where the pulse area above the average is equal to area 
below average between pulses. If the pulses are evened off in such a way as to fill in the area between 
pulses, the level obtained is the average value, as shown in Figure 1 where the shaded area of the pulse is 
used to fill in the area between pulses. The area of the pulse is the pulse width multiplied by the peak 
pulse power. The average area is equal to the average value of power multiplied by the pulse period. 
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Since the two values are equal: 


Pave X T=P, x PW [2] 
or 

Paye/Pp = PW/T [3] 
Using [1] 

Paye/Pp = PW/T = PW x PRF = PW/PRI = duty cycle [4] 


(note that the symbol t represents pulse width (PW) in most reference books) 


The ratio of the average power to the peak pulse power is the duty cycle and represents the 
percentage of time the power is present. In the case of a square wave the duty cycle is 0.5 (50%) since the 
pulses are present 1/2 the time, the definition of a square wave. 


For Figure 1, the pulse width is 1 unit of time and the period is 10 units. In this case the duty 
cycle is: 
PW/T = 1/10 = 0.1 (10%). 


A more typical case would be a PRF of 1,000 and a pulse width of 1.0 microseconds. Using [4], 
the duty cycle is 0.000001 x 1,000 = 0.001. The RF power is present one-thousandth of the time and the 
average power is 0.001 times the peak power. Conversely, if the power were measured with a power 
meter which responds to average power, the peak power would be 1,000 time the average reading. 


Besides expressing duty cycle as a ratio as obtained in equation [4], it is commonly expressed as 
either a percentage or in decibels (dB). To express the duty cycle of equation [4] as a percentage, 
multiply the value obtained by 100 and add the percent symbol. Thus a duty cycle of 0.001 is also 0.1%. 


The duty cycle can be expressed logarithmically (dB) so it can be added to or subtracted from 
power measured in dBm/dBW rather than converting to, and using absolute units. 


Duty cycle (dB) = 10 log(duty cycle ratio) [5] 
For the example of the 0.001 duty cycle, this would be 10 log(0.001) = -30 dB. Thus the average 
power would be 30 dB less than the peak power. Conversely, the peak power is 30 dB higher than the 


average power. 


For pulse radars operating in the PRF range of 0.25-10 kHz and PD radars operating in the PRF 
range of 10-500 kHz, typical duty cycles would be: 


Pulse ~ 0.1-3% 7 0.001 - .03 = -30to-15 dB 
Pulse Doppler ~ 5 - 50% = 0.05 - .5 = -13to-3dB 
Continuous Wave ~ 100% = 1 = 0 dB 


Intermediate Frequency Bandwidths of typical signals are: 


Pulse 1 to 10 MHz 
Chirp or Phase coded pulse 0.1 to 10 MHz 
CW or PD 0.1 to 5 kHz 


PREF is usually subdivided into the following categories: Low 0.25-4 kHz; Medium 8-40 kHz; 
High 50-300 kHz. 
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DOPPLER SHIFT 


Doppler is the apparent change in wavelength (or frequency) of an electromagnetic or acoustic 
wave when there is relative movement between the transmitter (or frequency source) and the receiver. 


Summary RF Equation for the Two-Way (radar) case Summary RF Equation for the One-Way (ESM) case 





2(V xmir EV ret) Fy, V xmur or Rec T 
. F reo = F stn * Fp = F seme * c 


F rec= F sme + Fn =F rime * 


Cc 


Rules of Thumb for two-way signal travel 
(divide in half for one-way ESM signal measurements) 
At 10 GHz, fp = 
35 Hz per Knot 
19 Hz per km/Hr 
67 Hz per m/sec 
61 Hz per yd/sec 
20 Hz per ft/sec 


To estimate fp at other frequencies, multiply these by: 
F xm (GHZ) 
10 





The Doppler effect is shown in Figure 1. In everyday life this effect is commonly noticeable when 
a whistling train or police siren passes you. Audio Doppler is depicted, however Doppler can also affect the 
frequency of a radar carrier wave, the PRF of a pulse radar signal, or even light waves causing a shift of 


color to the observer. 


Waves Waves 
Compressed Stretched 


a 


Frequency ZOOM 1! Frequency 


Increase Decrease 





Figure 1. Doppler Frequency Creation From Aircraft Engine Noise. 


How do we know the universe is expanding? 


Answer: The color of light from distant stars is shifted to red (see Section 7-1: higher 4 or lower 
frequency means Doppler shift is stretched, i.e., expanding). 


A memory aid might be that the lights from a car (going away) at night are red (tail lights)! 
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Doppler frequency shift 
is directly proportional to 
velocity and a radar system can 
therefore be calibrated to 
measure velocity instead of (or 
along with) range. This is done 
by measuring the shift in 
frequency of a wave caused by 
an object in motion (Figure 2). 

* Transmitter in motion 

* Reflector in motion 


TRANSMITTER MOVING 
SURFACE ESM/RUWR MEASURES DOPPLER 


(One-way Doppler Change) 


TRANSMITTER 


REC EWER 


REFLECTOR MOVING 
SURFACE RADAR MEASURES DOPPLER 


RECEIVER MOVING 
AIRBORNE ESM/RvWR MEASURES DOPPLER 


(One-way Doppler Change) 


ell 


REC EWER 


ry 


TRANSMITTER 


ALL THREE MOVING 
AIRBORNE RADAR MEASURES DOPPLER 
(Two-way Doppler Change) 


* Receiver in motion 
* All three 


For a closing relative velocity: 
* Wave is compressed 


* Frequency is increased RECEIVER 


For an opening relative velocity: 
* Wave is stretched 
* Frequency is decreased 


(Two-way Doppler Change) 





TRANSMITTER & 
REC EWER 


TRANSMITTER & 


Figure 2. Methods of Doppler Creation. 


To compute Doppler frequency we note that velocity is range rate; V = dr/dt 


For the reflector in motion case, 
you can see the wave compression effect 
in Figure 3 when the transmitted wave 
peaks are one wavelength apart. When 
the first peak reaches the target, they are 
still one wavelength apart (point a). 





When the 2nd peak reaches the 
target, the target has advanced according 
to its velocity (vt) (point b), and the first 
reflected peak has traveled toward the 
radar by an amount that is less than the 
original wavelength by the same amount 
(vt) (point c). 


As the 2nd peak is reflected, the 
wavelength of the reflected wave is 2(vt) 
less than the original wavelength (point d). 


The distance the wave travels is twice the target range. 
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Figure 3. Doppler Compression Equivalent to Variable 
Phase Shift. 


The reflected phase lags transmitted 


phase by 2x the round trip time. For a fixed target the received phase will differ from the transmitted 
phase by a constant phase shift. For a moving target the received phase will differ by a changing phase 


shift. 
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For the closing target shown in Figure 3, the received phase is advancing with respect to the 
transmitted phase and appears as a higher frequency. 


Doppler is dependent 
upon closing velocity, not poe RADAR VELOCITY 
actual radar or target velocity ; 
as shown in Figure 4. 


For the following 
equations (except radar 
mapping), we assume the NOTE: If altitude is different, then additional 
radar and target are moving angular components will have to be considered oS 
directly toward one another to Je 
simplify calculations (if this ge 
is not the case, use the 
velocity component of one in 
the direction of the other in Figure 4. Doppler Depends Upon Closing Velocity. 


the formulas). 


awe 





For the case of a moving reflector, doppler frequency is proportional to 2x the transmitted frequency: 
Higher rf = higher doppler shift 
fp = (2 x Vrarget)(E/c) 





Speed of Light 


Likewise, it can be shown that for other cases, the following uN 
relationships hold: 


c = 2.9979 x 10° m/sec 
For_an airplane radar _with an airplane target (The “all three c = 5.8275 x 10° nm/hr (knots) 





moving” case, aircraft radar transmitter, target, and aircraft radar c = 9.8357 x 10° ft/sec 
receiver) 
fp = 2(Vradar + Viarget)(f/c) 





For the case of a semi-active missile receiving signals (Also “all three moving”’) 
fp = (Vradar a5 2V Target +V missite)(f/c) 





For the airplane radar with a ground target (radar mapping) or vice versa. 
fp = 2(Vradar Cos@ Cose)(f/c), Where 0 and @ are the radar scan azimuth and depression angles. 


For a ground based radar with airborne target - same as previous using target track crossing angle and 
ground radar elevation angle. 


For the ES/ESM/RWR_ case where only the target _or receiver _is moving (One-way Doppler 


measurements) 
fp = V receiver or Target (f/c) 


Note: See Figure 4 if radar and target are not moving directly towards or away from one another. 
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Figure 5 depicts FO a a yh pm wo ey 
the results of a plot of the 50 a ned cmt i ee 
| | | 

















above equation for a | ; 
moving reflector such as PaaS | eo ee oe 
: : | | 
might be measured with a yao] _ DOPPLER FREQUENCY SHIFT meat : 
ground radar station * - | a 
illuminating a moving 3 ~ Bi ie ar. ae as arn ip ae han 
i z 
aircraft. Lt herein may Ser ae in Ron aero Ee oN GEO oT 
ra 
Ww 254. 4----4----L_547 1-4 eT Le 
It can be used for & | f | | 8GHz | 
; ; © 929 | | | | | 
the aircraft-to-aircraft wi SSS SSS Ser ea eet <sp? GHz 4-5-4 
i a | | | 6 GHz 
case, if the total net i] jee ea Tt cos 
closing rate of the two 8 ; rr 
aircraft is used for the 10 4 ~~ Al ete ares aaa a ar a el tees 
speed entry in the figure. 5 5 errr roe PO Mite ee No 
Ze l l l l l 
0 
theatalso: De used 04 02 03 04 05 06 O7 08 09 1.0 
for the ES/ESM case CLOSING SPEED (KNOTS x 1000) . 
(one-way doppler 
measurements) if the Figure 5. Two-Way Doppler Frequency Shift. 


speed of the aircraft is 
used and the results are divided by two. 
SAMPLE PROBLEMS: 


(1) If a ground radar operating at 10 GHz is tracking an airplane flying at a speed of 500 km/hr tangential 
to it (crossing pattern) at a distance of 10 km, what is the Doppler shift of the returning signal? 


Answer: Since the closing velocity is zero, the Doppler is also zero. 


(2) If the same aircraft turns directly toward the ground radar, what is the Doppler shift of the returning 
signal? 


Answer: 500 km/hr = 270 kts from Section 2-1. From Figure 4 we see that the Doppler frequency is 
about 9.2 KHz. 


(3) Given that a ground radar operating at 7 GHz is Doppler tracking an aircraft 20 km away (slant range) 
which is flying directly toward it at an altitude of 20,000 ft and a speed of 800 ft/sec, what amount of 


VGPO switch would be required of the aircraft jammer to deceive (pull) the radar to a zero Doppler 
return? 


Answer: We use the second equation from the bottom of page 2-6.3 which is essentially the same for this 
application except a ground radar is tracking an airplane target (vs. an airplane during ground mapping), 
so for our application we use a positive elevation angle instead of a negative (depression) angle. 


fp = 2(V, Cos 8 Cos @)(f/c), where 0 is the aircraft track crossing angle and @ is the radar elevation angle. 


Since the aircraft is flying directly at the radar, 0 = 0°; the aircraft altitude = 20,000 ft = 6,096 meters. 
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Using the angle equation in Section 2-1, sin @ = x/r = altitude / slant range, so: 
(~ = sin" (altitude/slant range) = sin’! (6,096 m/ 20,000 m) = 17.7° 


Fp = 2(800 ft/sec Cos 0° Cos 17.7°)(7x10° Hz / 9.8357 x 10° ft/sec) = 10,845 Hz 
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ELECTRONIC FORMULAS 


2 
Ohm/’s Law Formulas for D-C Circuits. E=IR= Pe PR P=[R=El= fe 
I R 


Ohm’s Law Formulas for A-C Circuits and Power Factor. 


2 
es ee - |P% Pa/7 GkOa IE Gee OO 
Icos® cos © Z 


In the above formulas © is the angle of lead or lag between current and voltage and cos © = P/EI = power 
factor or pf. 





oe Active power wm watts ) SB ey we R 
Apparent power (in volt - amps) Z 





Note: Active power is the “resistive” power and equals the equivalent heating effect on water. 


Voltage/Current Phase Rule of Thumb Remember “ELI the ICE man” 


ELI: Voltage (E) comes before (leads) current (I) in an inductor (L) 
ICE: Current (1) comes before (leads) Voltage (E) in a capacitor (C) 


Resistors in Series Riotai= R1it+ Ro= R3t-- 





Two Resistors in Parallel p= Ri Ro 
Rit R2 
Resistors in Parallel, General Formula Rena uf 
total 1 7 7 
—+—+—+4+ 
Ri Ro R3 


Resonant Frequency Formulas *Where in the second formula f is in kHz and L and C are in 
microunits. 

















= —— or f= pees i A or L= IOS Ge i or C= e805 
2aVLC° VLC 4’ f?C’ foe 4m? f? L’ bie 8 
I ee R eer 
Conductance G= = (for D-C circuit) G=— (for A-C circuit) 
R’+ 
1 I Xt 
Reactance Formulas’ y= a X,=27 fh L= 
2a fC 2nf Xc 2nf 


Impedance Formulas Z=./R?+(X,-Xc-) (for series circuit) 


Z= eee (for Rand X in parallel) 


Q or Figure of Merit Q=** or #5 
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Frequency Response 


Inductor * ete, Resister “Cartoon” memory aid 
htt oe 


J Dc 
= — Blocked 
j Block | atte nuate 


Dc 








SUITE pass 
Passes 
Pere dk Low Freq | Attenuate *| Attenuate * | Attenuate 
AC f \ iN { \ High Freq 
Passes 
High 
NSAI Freq Block Pass Attenuate High Freq 
* Attenuation varies as a function of the value of ihe each device and the frequency J ‘ ‘ ‘ Blocked 
Sinusoidal Voltages and Currents = 4, ~~. Peak 
‘ .-- Effective 
Effective value = 0.707 x peak value - - -Average 





[Also known as Root-Mean Square (RMS) value] 


Half Cycle Average value = 0.637 x peak 


AMPLITUDE 


Peak value = 1.414 x effective value 


*, Effective value = 1.11 x average value 


Wye (Y) or Star Delta 


Three-phase AC Configurations 

(120° phase difference between each voltage) 
If the connection to a three phase AC configuration is 
miswired, switching any two of the phases will put it back in 
the proper sequence. 
Electric power for ships commonly uses the delta 
configuration, while commercial electronic and aircraft applications commonly use the wye 
configuration. 





Color Code for House Wiring: PURPOSE: Color Code for Chassis Wiring: 
Black or red HOT Red 
White NEUTRAL (Return) White 
Green or bare GROUND Black 
Color Code for Resistors: First and second band: Third band Fourth band 
(and third band # of zeros if not gold/silver) Multiplier Tolerance 
0 Black 5 Green .l Gold 5% Gold 
1 Brown 6 Blue .O1 Silver 10% Silver 
2 Red 7 Violet 20% No color 
3 Orange 8 Gray 
4 Yellow 9 White 


The third color band indicates number of zeros to be added after figures given by first two color 
bands. But if third color band is gold, multiply by 0.1 and if silver multiply by 0.01. Do not confuse with 
fourth color-band that indicates tolerance. Thus, a resistor marked blue-red-gold-gold has a resistance of 
6.2 ohms and a 5% tolerance. 
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MISSILE AND ELECTRONIC EQUIPMENT DESIGNATIONS 


Missiles are designated with three letters from the columns below plus a number (i.e., AIM-7M) 
Suffixes (M in this case) indicate a modification. 


First Letter Second Letter Third Letter 
Launch Environment Mission Symbols Vehicle Type 
A Air D Decoy 
B Multiple 


C Coffin 
H Silo stored 


M Guided Missile 

E Special electronic N Probe (non-orbital instruments) 
G Surface attack R Rocket (without installed or 

I Intercept, aerial remote control guidance) 

Q Drone 

T Training 

U_ Underwater attack 

W Weather 


L_ Silo launched 
M Mobile 

P Soft Pad 

R Ship 

U_ Underwater 





U.S. military electronic equipment is assigned an identifying alphanumeric designation that is 
used to uniquely identify it. This system is commonly called the “AN” designation system, although its 
formal name is the Joint Electronics Type Designation System (JETDS). The letters AN preceding the 
equipment indicators formerly meant “Army/Navy,” but now are a letter set that can only be used to 
indicate formally designated DOD equipment. The first three letters following the “AN/” indicate 
Platform Installation, Equipment Type, and Equipment Function, respectively. The appropriate meaning 
is selected from the lists below. The letters following the AN designation numbers provide added 
information about equipment. Suffixes (A, B, C, etc.) indicate a modification. The letter (V) indicates 
that variable configurations are available. The letter (X) indicates a development status. A parenthesis ( ) 
without a number within it indicates a generic system that has not yet received a formal designation, e.g., 
AN/ALQ(). Quite often the () is pronounced “bow legs” since they look like the shape of cowboy legs. 


First Letter Second Letter Third Letter 
Piloted aircraft Invisible light, heat radiation Bombing 
Underwater mobile, Carrier Communications 
submarine Radiac Direction finder, reconnaissance 
Pilotless carrier Photographic and/or surveillance 
Fixed ground Telegraph or teletype Ejection and/or release 
General ground use Interphone and public address Fire control or searchlight directing 
Amphibious Electromechanical or inertial wire Recording and/or reproducing 
M Mobile (ground) covered Computing 
P Portable Telemetering M Maintenance and/or test assemblies 
S Water Countermeasures N Navigation aids 


T Ground, transportable 

U General utility 

V_ Vehicular (ground) 

W Water surface and 
underwater 
combination 

Z Piloted-pilotless 
airborne vehicle 
combination 


M Meteorological 

N Sound in air 

P Radar 

Q Sonar and underwater sound 
R Radio 

S_ Special or combinations of types 
T Telephone (wire) 

V Visual and visible light 

W Armament 

X Facsimile or television 

Y Data Processing 


Q Special or combination of purposes 

R Receiving, passive detecting 

S Detecting and/or range and 
bearing, search 

T Transmitting 

W Automatic flight or remote control 

X Identification and recognition 

Y Surveillance and control 





This page intentionally left blank. 


RADAR HORIZON / LINE OF SIGHT 


There are limits to the reach of 
radar signals. At the frequencies 
normally used for radar, radio waves 
usually travel in a straight line. The 
waves may be obstructed by weather or 
shadowing, and interference may come 
from other aircraft or from reflections 
from ground objects (Figure 1). 


RADAR HORIZON 


As also shown in Figure 1, an 
aircraft may not be detected because it is 
below the radar line which is tangent to 
the earth’s surface. 


——— 


GROUND GLUTTER 
Some rules of thumb are: 





Range (to horizon): 
Ryw= 1.23 Iyadar With hin ft Figure 1. Radar Horizon and Shadowing. 


Range (beyond horizon / over earth curvature): 


Row = 1.23 ( Vhindart [Ranger with hin ft 


In obtaining the radar 
horizon equations, it is common EARTH CURVATURE NOMOGRAPH 
practice to assume a value for the 
Earth’s radius that is 4/3 times the apo iF 
actual radius. This is done to a i 
account for the effect of the ue ee Mean. ea 
atmosphere on radar propagation. ANTENNA H=osra(h1.22 Jf” 

For a true line of sight, such as 220 —7— 20 

used for optical search and rescue, 
the constant in the equations 
changes from 1.23 to 1.06. 


A nomograph for 
determining maximum target range 
is depicted in Figure 2. Although 
an aircraft is shown to the left, it 
could just as well be a ship, with 
radars on a mast of height “h.” 
Any target of height (or altitude) 
“H” is depicted on the right side. 





See also Section 5-1 on 
ducting and refraction, which may 
increase range beyond _ these 
distances. 


Figure 2. Earth Curvature Nomograph. 
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This data was expanded in 
Figure 3 to consider the maximum 
range one aircraft can detect another 
aircraft using: 


ug 23 (Gh eh) 


(with h in feet) 


= 
= 
Ww 
*] 
= 
< 
cc 
= 
= 
= 
= 


It can be used for surface 
targets if Htarger = 0. It should be 
noted that most aircraft radars are 
limited in power output, and would 
not detect small or surface objects at La cs 
the listed ranges. TARGET ALTITUDE (k feet) 





Figure 4 depicts the Figure 3. Aircraft Radar vs. Aircraft Target Maximum Range. 
maximum range that a ship height 
antenna can detect a zero height object (i.e., rowboat). 


RADAR HORIZON (NM) 


ANTENNA HEIGHT (feet) 





Figure 4. Ships Radar Horizon With Target on the Surface. 
In this case “H” = 0, and the general equation becomes: Rix (WM) = 1.23 lhe 


Where h, is the height of the radar in feet. 
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Figure 5 depicts the same for aircraft radars. It should be noted that most aircraft radars are 
limited in power output, and would not detect small or surface objects at the listed ranges. 


AIRCRAFT RADAR HORIZON WITH TARGET ON THE SURF ACE 


= 
= 
= 
° 
N 
m3 
S 
= 
” 
< 
a 
< 
m7 


ANTE NHA HEIGHT kk feet) 





Figure 5. Aircraft Radar Horizon With Target on the Surface. 


Other general rules of thumb for surface “targets/radars” are as follows: 


For Visual SAR: For ESM: 


Rvisua(NM)= 1.05.) Acft Alt in ft Rism(NM)= 1.5,/Acft Alt in ft 
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PROPAGATION TIME / RESOLUTION 


t 
1. ROUND TRIP RANGE: R= = with t = time to reach target 


Rules of Thumb 
In one usec round trip time, a The time it takes to travel to 
wave travels to and from an and from an object at a 
object at a distance of: distance of: 
=150m 1 m = 0.0067 sec 
= 164 yd 1 yd =0.006 psec 
= 500 ft 1 ft = 0.002 psec 
= 0.08 NM 1 NM = 12.35 usec 
= 0.15 km 1 km = 6.7 usec 


2. ONE WAY RANGE: R =ct with t = time to reach target 


Time Distance Traveled Distance Time it Takes 
1 milli sec (ms) 165 NM 1NM 6.18 sec 
1 micro sec (Us) 1000 ft 1km 3.3 psec 
1 nano sec (ns) 1 ft 1 ft 1 nsec 


3. UNAMBIGUOUS RANGE 
ce PRI 
Z 

Normally a radar measures “distance” to 
the target by measuring time from the last 
transmitted pulse. If the inter-pulse period (T) 
is long enough that isn’t a problem as shown in =A 
“A” to the right. When the period is shortened, 
the time to the last previous pulse is shorter =e TIME 
than the actual time it took, giving a false Seen 


(ambiguous) shorter range (figure “B”). 





(DISTANCE BETWEEN PULSES): R= 


Transmitted Pulse 






Target Return 


« Range 





Ambiguous 
< Range 






Rules of Thumb B 
RNM = 81Pms Real Range 
RKm = 150Pms t= pRl=1/PRF—» TIME 


Where Pimms is PRI in milliseconds 


4. RANGE RESOLUTION 
Rules of Thumb 
500 ft per microsecond of pulse width 
500 MHz IF bandwidth provides 1 ft of resolution. 


Di. BEST CASE PERFORMANCE: 


The atmosphere limits the accuracy to 0.1 ft 
The natural limit for resolution is one RF cycle. 
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MODULATION 


Modulation is the process whereby some characteristic of one wave is varied in accordance with 
some characteristic of another wave. The basic types of modulation are angular modulation (including 
the special cases of phase and frequency modulation) and amplitude modulation. In missile radars, it is 
common practice to amplitude modulate the transmitted RF carrier wave of tracking and guidance 
transmitters by using a pulsed wave for modulating, and to frequency modulate the transmitted RF carrier 
wave of illuminator transmitters by using a sine wave. 


Frequency Modulation (FM) - As 
shown in Figure 1, an unmodulated RF signal in 
the time domain has only a single spectral line 
at the carrier frequency (f.) in the frequency 
domain. If the signal is frequency modulated, 
as shown in Figure 2 (simplified using only two 
changes), the spectral line will correspondingly Figure 1. Unmodulated RF Signal. 
shift in the frequency domain. The bandwidth 
can be approximated using Carson’s rule: 
BW = 2(Af + fm), where Af is the peak deviation 





TIME DOMAIN PLOT FREQUENCY DOMAIN 


Lollg 


RF Carrier (e.g. 10 GHz) 


Amplitude 
Amplitude 


Carrler Frequency 
at 10 GHz 








of the instantaneous frequency from the carrier TIME DOMAIN PLOT FREQUENCY DOMAIN 
and fm is the highest frequency present in the Las GHe eo I0.SGH2 oe 

modulating signal. There are usually many | 

more “spikes” in the frequency domain than 


Amplitude 
Amplitude 


: ; 9.5 10 10.5 Freq 
depicted. The number of spikes and shape of Occurs Qceurs Qcours GHz 
rom rom 





the frequency domain envelope (amplitude) are Btot4 tito tots 








based on the modulation index B. The 
modulation index is related to the same two 
factors used in Carson’s rule. A high Af means a higher modulation index with many more “spikes” 
spread across a wider bandwidth. 


Figure 2. RF Signal With Frequency Modulation. 


Amplitude Modulation (AM) - 





If the signal in Figure 1 is amplitude TIME DOMAIN PLOT FREQUENCY DOMAIN 
modulated by a sinewave as shown in AF Carrier (Fe), e.g. 10 GHz 2 
Figure 3, sidebands are produced in the a = 

° Qa 
frequency domain at F, + Fam. AM 3 £ re Reaiancy 
other than by a puts sine wave will E Amplitude Modulation Envelope 1Ghe GHz 
cause additional sidebands normally at arse aurea 
F, + nFam, where n equals 1, 2, 3, 4, 9,999,999,900Hz — 10,000,000,100 Hz 
etc. Detected Signal (Fam), e.g. 100 Hz 





Figure 3. Sinewave Modulated RF Signal. 
Pulse modulation is a special 


case of AM _ wherein the carrier TIME DOMAIN PLOT FREQUENCY DOMAIN 
frequency is gated at a pulsed rate. __ Square Wave AM Envelope CF ee 

7 H H = 
When the reciprocal of the duty cycle 2 = PP a Ps 

3 4 a 

of the AM is a whole number, = § A 
harmonics corresponding to multiples & AE Carlet Carer Frequency 
of that whole number will be missing, at 10 GHz 
e.g., in a 33.33% duty cycle, AM wave Coney onlinde Madhiatealey 
will miss the 3rd, 6th, 9th, etc. Derectes Slate 





DASEOOMCS WAU sa SqUaNS SWAVE “OF Figure 4. Square Wave Modulated RF Signal (50% Duty Cycle). 
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50% duty cycle triangular wave will miss the 2nd, 4th, 6th, etc. harmonic, as shown in Figure 4. It has 
sidebands in the frequency domain at F, + nFam, where n= 1, 3, 5, etc. The amplitude of the power level 
follows a sine x / x type distribution. 

Figure 5 shows the pulse width (PW) in the time domain which defines the lobe width in the 
frequency domain (Figure 6). The width of the main lobe is 2/PW, whereas the width of a side lobe is 
1/PW. Figure 5 also shows the pulse repetition interval (PRD) or its reciprocal, pulse repetition frequency 
(PRF), in the time domain. In the frequency domain, the spectral lines inside the lobes are separated by 
the PRF or 1/PRI, as shown in Figures 7 and 8. Note that Figures 7 and 8 show actual magnitude of the 
side lobes, whereas in Figure 4 and 6, the absolute value is shown. 


The magnitude of each spectral component for a rectangular pulse can be determined from the 
following formula: 
t sin(nazt/T ) T= pulse width (PW) 


An = 2A — ——————___ where: ; and A= Amplitude of rectangular pulse [1] 
T nat/T T = period (PRI) 


RF Pulse 


Spectrum Envelope 


5 Modulating Pulse 
le T 1 Time 


tT = Pulse Width T= PRI = 1/PRF 








| ewhe oIPW-m| Frequency 


Figure 6. Sidelobes Generated by Pulse 
Figure 5. Pulse Width and PRI/PRF Waveforms. Modulation (Absolute Value). 





Figure 7 shows the spectral lines for a square wave 50% duty cycle), while Figure 8 shows the 
spectral lines for a 33.33% duty cycle rectangular wave signal. 


Note 2nd, 4th, 6th, etc Note 3rd, 6th, 8th, atc. 
‘are missing . ; harmonics are missing, Spectral Line Spacing =1/ PAI 
harmonics are missing , Spectral Line Spacing =1/PAI pectral Line Spacing 
ie. Zero amplitude ie zero amplitude 
Amplitude changes trom + to - Ampliiude changes trom + to - 
at avery 1/PW interval at every 1/ PW interval 








ob eye Frequency 3 PAL et | Frequency 
af -2IPW PW 1ePW OPW BPW 3/PW -2iPW -1/PW 1/PWoOfPW oa/PW 





Figure 7. Spectral Times for a Square Wave Figure 8. Spectral Lines for a 33.3% Duty Cycle. 
Modulated Signal. 


Fundamental Resultant 


Figure 9 shows that for square wave ~ AN avail 
pe ae ears a square Wave 


AM, a significant portion of the component 
modulation is contained in the first few 
harmonics which comprise the wave. There are 
twice as many sidebands or spectral lines as there NAY! AYA 
are harmonics (one on the plus and one on the 3rd Harmonic 5th Harmonic 








minus side of the carrier), Each sideband 
represents a sine wave at a frequency equal to the Figure 9. Square Wave Consisting of Sinewave 
difference between the spectral line and f.. Harmonics. 
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A figure similar to Figure 9 can be created for any rectangular wave. The relative amplitude of 
the time domain sine wave components are computed using equation [1]. Each is constructed such that at 
the midpoint of the pulse the sine wave passes through a maximum (or minimum if the coefficient is 
negative) at the same time. It should be noted that the “first” harmonic created using this formula is NOT 
the carrier frequency, f., of the modulated signal, but at F, + Fam. 


While equation [1] is for rectangular waves only, similar equations can be constructed using 
Fourier coefficients for other waveforms, such as triangular, sawtooth, half sine, trapezoidal, and other 
repetitive geometric shapes. 


PRI Effects - If the PW remains constant but PRI increases, the number of sidelobes remains the 
same, but the number of spectral lines gets denser (move closer together) and vice versa (compare 
Figures 7 and 8). The spacing between the spectral lines remains constant with constant PRI. 


Pulse Width (PW) Effects - If the PRI remains constant, but the PW increases, then the lobe 
width decreases and vice versa. If the PW approaches PRI, the spectrum will approach “one lobe,” Le., a 
single spectral line. The spacing of the lobes remains constant with constant PW. 





RF Measurements - If the receiver bandwidth is smaller than the PRF, the receiver will respond to 
one spectral line at a time. If the receiver bandwidth is wider than the PRF but narrower than the 
reciprocal of the PW, the receiver will respond to one spectral envelope at a time. 





Jet Engine Modulation (JEM) 





Section 2-6 addresses the Doppler shift in a 


transmitted radar signal caused by a moving target. FREQUENCY DOMAIN 
The amount of Doppler shift is a function of radar setoeen 16 cis g 

carrier frequency and the speed of the radar and radar from a = 

target. Moving or rotating surfaces on the target es 

will have the same Doppler shift as the target, but balloon. 

will also impose AM on the Doppler shifted return Reflection from a 

(see Figure 10). Reflections off rotating jet engine encore 3 

compressor blades, aircraft propellers, ram air 400 Mts tmaMda = af 14 KHZ 
turbine (RAT) propellers used to power aircraft recive ae < 

pods, helicopter rotor blades, and _ protruding 10 GHz 
surfaces of automobile hubcaps will all provide a aoroeoene 3 

chopped reflection of the impinging signal. The moving at 400 kts 

reflections are characterized by both positive and arte eke roles E 


negative Doppler sidebands corresponding to the 
blades moving toward and away from the radar 
respectively. 


Frequency 





Figure 10. Doppler Return and JEM. 


Therefore, forward/aft JEM does not vary 

with radar carrier frequency, but the harmonics contained in the sidebands are a function of the PRF of 
the blade chopping action and its amplitude is target aspect dependent, i.e., blade angle, intake/exhaust 
internal reflection, and jet engine cowling all effect lateral return from the side. If the aspect angle is too 
far from head-on or tail-on and the engine cowling provides shielding for the jet engine, there may not be 
any JEM to detect. On the other hand, JEM increases when you are orthogonal (at a right angle) to the 
axis of blade rotation. Consequently for a fully exposed blade as in a propeller driven aircraft or 
helicopter, JEM increases with angle off the boresight axis of the prop/rotor. 
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TRANSFORMS / WAVELETS 


Transform Analysis 





Signal processing using a transform analysis for calculations is a technique used to simplify or 
accelerate problem solution. For example, instead of dividing two large numbers, we might convert them 
to logarithms, subtract them, then look-up the anti-log to obtain the result. While this may seem a three- 
step process as opposed to a one-step division, consider that long-hand division of a four digit number by 
a three digit number, carried out to four places requires three divisions, 3-4 multiplication’s, and three 
subtractions. Computers process additions or subtractions much faster than multiplications or divisions, 
so transforms are sought which provide the desired signal processing using these steps. 


Fourier Transform 


Other types of transforms include the Fourier FUNDAMENTAL 
transform, which is used to decompose or separate a waveform 
into a sum of sinusoids of different frequencies. It transforms 
our view of a signal from time based to frequency based. 
Figure 1 depicts how a square wave is formed by summing 
certain particular sine waves. The waveform must be 
continuous, periodic, and almost everywhere differentiable. FIFTH HARMONIC 
The Fourier transform of a sequence of rectangular pulses is a 
series of sinusoids. The envelope of the amplitude of the 
coefficients of this series is a waveform with a Sin X/X shape. SUM - Approximation of 
For the special case of a single pulse, the Fourier series has an ia as aca 
infinite series of sinusoids that are present for the duration of 
the pulse. 


THIRD HARMONIC 





Figure 1. Harmonics. 
Digital Sampling of Waveforms 





To process a signal digitally, 
we need to sample the signal 
frequently enough to create a 
complete “picture” of the signal. 
The discrete Fourier transform (DFT) 
may be used in this regard. Samples 
are taken at uniform time intervals as 
shown in Figure 2 and processed. 





Figure 2. Waveform Sampling. 


If the digital information is Samples Sum Results 
multiplied by the Fourier coefficients, a aed a Digital x1 Cos (w) 
digital filter is created as shown Figure 3. ! | | ! Filter abi aa 
If the sum of the resultant components is -»| T le SDIEP een 
zero, the filter has ignored (notched out) Xy cos(yw) 
that frequency sample. If the sum is a Filter Coefficients 
relatively large number, the filter has cos (w) 
passed the signal. With the single sinusoid cas (26) 
shown, there should be only one resultant. 
(Note that being “zero” and relatively large cos(yw) 





cos (Sw) 





Figure 3. Digital Filtering. 
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may just mean below or above 
the filter’s cutoff threshold.) 





ely we Ny 
~% 7eS 


Figure 4 depicts the | 
process __ pictorially: The Q QO o 
vectors in the figure just "Strobe Light" /™ a 
Fillets 200 Hz 300 Hz 400 He 


happen to be pointing in a aS 
cardinal direction because the 


strobe frequencies are all Foti 
multiples of the vector (phasor) aon be 











rotation rate, but that is not Conact” 
Interest 
normally the case. Usually the © -cqicoieeretenchee 0.02 see = 4 strobes Fiesta Uiatoles 0.02 cee = B strobes 
vectors will point in a number 
of different directions, with a 
ent. di i Fillet Integration over a 0.02 second Interval Be Al eta 
resultant in some direction eres 
other than straight up. 
tyr ate = 0 fo be oy ee oe 
ht 1 in 





In addition, sampling 
normally has to taken at or 
above twice the rate of interest 
(also known as the Nyquist rate), otherwise ambiguous results may be obtained. Figure 4 is under- 
sampled (for clarity) and consequently does not depict typical filtering. 


Figure 4. Phasor Representation. 


Fast Fourier Transforms 





One problem with this type of processing is the large number of additions, subtractions, and 
multiplications which are required to reconstruct the output waveform. The Fast Fourier transform (FFT) 
was developed to reduce this problem. It recognizes that because the filter coefficients are sine and 
cosine waves, they are symmetrical about 90, 180, 270, and 360 degrees. They also have a number of 
coefficients equal either to one or zero, and duplicate coefficients from filter to filter in a multibank 
arrangement. By waiting for all of the inputs for the bank to be received, adding together those inputs for 
which coefficients are the same before performing 
multiplications, and separately summing those combinations 
of inputs and products which are common to more than one 
filter, the required amount of computing may be cut 
drastically. 


e The number of computations for a DFT is on the 
order of N squared. 





e The number of computations for a FFT when N is 
a power of two is on the order of N log, N. 
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For example, in an eight filter bank, a DFT would 
require 512 computations, while an FFT would only require 
56, significantly speeding up processing time. 





Figure 5. Windowed Fourier 
Transform. 
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Windowed Fourier Transform 


The Fourier transform is continuous, so a windowed Fourier transform (WFT) is used to analyze 
non-periodic signals as shown in Figure 5. With the WFT, the signal is divided into sections (one such 
section is shown in Figure 5) and each section is analyzed for frequency content. If the signal has sharp 
transitions, the input data is windowed so that the sections converge to zero at the endpoints. Because a 
single window is used for all frequencies in the WFT, the resolution of the analysis is the same (equally 
spaced) at all locations in the time-frequency domain. 


The FFT works well for signals with smooth or uniform frequencies, but it has been found that 
other transforms work better with signals having pulse type characteristics, time-varying (non-stationary) 
frequencies, or odd shapes. 


The FFT also does not distinguish sequence or timing information. For example, if a signal has 
two frequencies (a high followed by a low or vice versa), the Fourier transform only reveals the 
frequencies and relative amplitude, not the order in which they occurred. So Fourier analysis works well 
with stationary, continuous, periodic, differentiable signals, but other methods are needed to deal with 
non-periodic or non-stationary signals. 


Wavelet Transform 





Low High 
The Wavelet transform has _ been frequencies fre quencies 
evolving for some time. Mathematicians are better | | are better 
theorized its use in the early 1900’s. While the fr solved in GW resolved in 
. : : requency [| 
Fourier transform deals with transforming the Yj, 


time domain components to frequency domain 
and frequency analysis, the wavelet transform 
deals with scale analysis, that is, by creating 
mathematical structures that provide varying 
time/frequency/amplitude slices for analysis. 
This transform is a portion (one or a few cycles) 
of a complete waveform, hence the term 
wavelet. 
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The wavelet transform has the ability to 
identify frequency (or scale) components, 
simultaneously with their location(s) in time. 
Additionally, computations are directly 
proportional to the length of the input signal. Figure 6. Wavelet Transform. 
They require only N multiplications (times a 
small constant) to convert the waveform. For 
the previous eight filter bank example, this would be about twenty calculations, vice 56 for the FFT. 





In wavelet analysis, the scale that one uses in looking at data plays a special role. Wavelet 
algorithms process data at different scales or resolutions. If we look at a signal with a large “window,” 
we would notice gross features. Similarly, if we look at a signal with a small “window,” we would notice 
small discontinuities as shown in Figure 6. The result in wavelet analysis is to “see the forest and the 
trees.” A way to achieve this is to have short high-frequency fine scale functions and long low-frequency 
ones. This approach is known as multi-resolution analysis. 
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For many decades, scientists have wanted more appropriate functions than the sines and cosines 
(base functions) which comprise Fourier analysis, to approximate choppy signals. (Although Walsh 
transforms work if the waveform is periodic and stationary). By their definition, sine and cosine 
functions are non-local (and stretch out to infinity), and therefore do a very poor job in approximating 
sharp spikes. But with wavelet analysis, we can use approximating functions that are contained neatly in 
finite (time/frequency) domains. Wavelets are well-suited for approximating data with sharp 
discontinuities. 


The wavelet analysis procedure is to adopt a wavelet prototype function, called an “analyzing 
wavelet” or “mother wavelet.” Temporal analysis is performed with a contracted, high-frequency version 
of the prototype wavelet, while frequency analysis is performed with a dilated, low-frequency version of 
the prototype wavelet. Because the original signal or function can be represented in terms of a wavelet 
expansion (using coefficients in a linear combination of the wavelet functions), data operations can be 
performed using just the corresponding wavelet coefficients as shown in Figure 7. 


If one further chooses the 


best wavelets adapted to the data, or Samples 

truncates the coefficients below some x1 2X4 KS Digital Sum Results 
given threshold, the data is sparsely Filter pane 
represented. This “sparse coding” Multiplication Depending on 
aes wavelets an sscalleit tool a —| T — : ae 

the field of data compression. For nee 

instance, the FBI uses wavelet coding Spacing 


Wavelet Coefficients 


to store fingerprints. Hence, the Wilea-cinttos) 


concept of wavelets is to look at a 


signal at various scales and analyze it Figure 7. Wavelet Filtering. 
with various resolutions. 





Analyzing Wavelet Functions : : ; 
Daubechies Wavelet Coifman Wavelet (Coiflet) 

Fourier transforms deal with 

just two basis functions (sine and 
cosine), while there are an infinite 
number of wavelet basis functions. 
The freedom of the analyzing 
wavelet is a major difference 
between the two types of analyses 
and is important in determining the Harr Wavelet Symmlet Wavelet 
results of the analysis. The “wrong” 
wavelet may be no better (or even 
far worse than) than the Fourier 
analysis. A successful application 
presupposes some expertise on the 
part of the user. Some prior 
knowledge about the signal must 
generally be known in to select the 


most suitable distribution and adapt Figure 8. Sample Wavelet Functions. 
the parameters to the signal. Some 


Amplitude 
Amplitude 


Amplitude 
Amplitude 
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of the more common ones are shown in Figure 8. There are several wavelets in each family, and they 
may look different than those shown. Somewhat longer in duration than these functions, but significantly 
shorter than infinite sinusoids is the cosine packet shown in Figure 9. 


Wavelet Comparison With Fourier Analysis 





While a typical Fourier transform provides frequency content information for samples within a 
given time interval, a perfect wavelet transform records the start of one frequency (or event), then the start 
of a second event, with 


amplitude added to or | ANALYZING WAVELET FUNCTION 
subtracted from, the base event. (Cosine Packet) INPUT WAVEFORM 


Example 1. 


Wavelets are especially 
useful in analyzing transients 
or time-varying signals. The 


a 
a= 
= 
= 
a 
é 
= 


input signal shown in Figure 9 Time (Sec) 0.26 0.5 0.75 
consists of a sinusoid whose Timed pee) 
frequency changes in stepped POWER SPECTRUM TIME - FREQUENCY PLOT 


increments over time. The 
power of the spectrum is also 
shown. Classical Fourier 
analysis will resolve the 
frequencies but cannot provide 
any information about the 


Frequency (Hz) 
Frequency (Hz) 


-80 40 





times at which each occurs. Amplitude (dB) Time (Sec) 
Wavelets provide an efficient 
means of analyzing the input Figure 9. Sample Wavelet Analysis. 


signal so that frequencies and 

the times at which they occur can be resolved. Wavelets have finite duration and must also satisfy 
additional properties beyond those normally associated with standard windows used with Fourier 
analysis. The result after the wavelet transform is applied is the plot shown in the lower right. The 
wavelet analysis correctly resolves each of the frequencies and the time when it occurs. A series of 
wavelets is used in example 2. 
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Example 2. 


High Paes Filter OUTPUTS of FILTERS 
(HPF) 


Figure 10 shows the With No Noise Input 
input of a clean signal, and one 
with noise. It also shows the 
output of a number of “filters” 
with each signal. A 6 dB S/N 
improvement can be seen from 


the d4 output. (Recall from | wiincenbel 

Section 4.3 that 6 dB ; dab 4108 
corresponds to doubling of Signal Without Noise ' ieemaasinaiee 
detection range.) In the filter Pit i 1S annem en 
cascade, the HPFs and LPFs Palen 4 ci Riemann 
are the same at each level. The Signal With -5 dB Noise $ cocina by2 penne, 
wavelet shape is related to the ea coha\ tn BAHU, 





HPF and LPF in that it is the 
“impulse response” of an 
infinite cascade of the HPFs 
and LPFs. Different wavelets have different HPFs and LPFs. As a result of decimating by 2, the number 
of output samples equals the number of input samples. 


Figure 10. Example 2 Analysis Wavelet. 


Wavelet Applications 





Some fields that are making use of wavelets are: astronomy, acoustics, nuclear engineering, 
signal and image processing (including fingerprinting), neurophysiology, music, magnetic resonance 
imaging, speech discrimination, optics, fractals, turbulence, earthquake-prediction, radar, human vision, 
and pure mathematics applications. 


See Andrew Bruce, David Donoho, and Hong-Ye Gao, “Wavelet Analysis,” IEEE Spectrum, 
Vol. 33 No. 10, October 1996. 
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ANTENNAS 


Antenna Introduction / Basics 
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ANTENNA INTRODUCTION / BASICS 
Rules of Thumb: 


1. The power gain of an antenna with losses, excluding input impedance pyere py 8 and ¢ are the elev &az 
mismatch, is given by: 





another is : beamwidths in degrees. 
a nA = Efficiency For approximating an antenna pattern with : 
Gx— Where A= Physical aperturearea gsi 2kn (1) A rectangle; X = 41253, 1 yyieq = 0.7 
A= wavelength BWy BWo (2) An ellipsoid; X = 52525, Nypicat = 9.55 
2. Directive gain of rectangular X-Band Aperture 
G=1.4LW Where: Length (L) and Width (W) are in cm 







3. Power gain of Circular X-Band Aperture 
G=d’y Where: d= antenna diameter in cm 
n = aperture efficiency 


3. dB Beamwidth 


4 power 
i es a * a “ : Se ase . 707 volta 
4. Directive gain of an imaginary isotropic antenna radiating in a eee 


uniform spherical pattern is one (0 dB). 


Antenna 
Radiation 
Pattern 


Peak power 


5. Antenna with a 20 degree beamwidth has approximately a 20 dB _tofirst nul 
directive gain. 





6. 3 dB beamwidth is approximately equal to the angle from the peak 
of the power to the first null (see figure at right). 


7. Parabolic Antenna Beamwidth: BW = 704 


d 


Where: BW = antenna beamwidth; %=wavelength; d= antenna diameter. 


The antenna equations which follow relate to Figure | as 
a typical antenna. In Figure 1, BW, is the azimuth beamwidth and 
BW, is the elevation beamwidth. Beamwidth is normally 
measured at the half-power or -3 dB point of the main lobe unless 
otherwise specified. See Glossary. 

BWa 

The gain or directivity of an antenna is the ratio of the 
radiation intensity in a given direction to the radiation intensity Figure 1. Antenna Aperture. 
averaged over all directions. 

Quite often directivity and gain are used interchangeably and it sometimes leads to overly 
optimistic antenna performance estimations. The difference is that directivity is based solely on antenna 
pattern shape estimation where antenna losses such as dielectric, ohmic resistance, and polarization 
mismatch are neglected. If these losses are included in the antenna gain calculations, the antenna gain is 
then referred to as the power gain. Moreover, if additional impedance mismatch or VSWR losses are 
included in the antenna system gain estimation, the antenna gain calculations are then referred to as the 
realized gain. However, using directive gain (or directivity) calculations is very convenient in practice for a 
first order idealized antenna performance estimation. 
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Normalizing a radiation pattern by the integrated total power yields the directivity of the antenna. 


This concept in shown in equation form by: 


0<¢< 360° 





D(6,¢)=10 Loe] ae 


Where D(8,@) is the directivity in 
dB, and the radiation pattern power in a 
specific direction is P,(0,0), which is 
normalized by the total integrated 
radiated power. Another important 
concept is that when the angle in which 
the radiation is constrained is reduced, the 
directive gain goes up. For example, 
using an isotropic radiating source, the 
gain would be 0 dB by definition (Figure 
2(a)) and the power density (Py) at any 
given point would be the power in (Pin) 
divided by the surface area of the 
imaginary sphere at a distance R from the 
source. If the spacial angle was 
decreased to one hemisphere (Figure 
2(b)), the power radiated, P;,, would be 
the same but the area would be half as 
much, so the gain would double to 3 dB. 


I] Pin(0,6) Sin 6 dO dd 





(9.6) 
0<@< 180° 


(a) SPHERE (Isotropic source) 


(b) HEMISPHERE 


Figure 2. Notional Representation of Directive Antenna Gain. 


Likewise if the angle is a quarter sphere, (Figure 2(c)), the gain would be 6 dB. Figure 2(d) shows a pencil 
beam. The gain is independent of actual power output and radius (distance) at which measurements are 


taken. 


Real antennas are different, 





however, and do not have an ideal 
radiation distribution. Energy varies 
with angular displacement and losses 
occur due to sidelobes. However, if 
we can measure the pattern, and 
determine the beamwidth we can use 
two (or more) ideal antenna models to 
approximate a real antenna pattern as 
shown in Figure 3. 


Assuming the antenna pattern 
is uniform, the gain is equal to the area 








IDEAL ANTENNA PATTERN 
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(measured atthe O45 powerord 707 voltage points) 








of the isotropic sphere (4zr’) divided 
by the sector (cross section) area. 


Area of Sphere 


Figure 3. Antenna Beamwidth. 


[2] 





Area of Antenna pattern 


It can be shown that: 
41 


G »—————_ 
BW 6a BW oe 


£0 (radians) 


41 


B Ws az= Azmith beamwidth in radians 


[3] 


here : 
BWo el= Elevation beamwidth in radians 
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From this point, two different models are presented: 


(1) Approximating an antenna pattern using an elliptical area, and 
(2) Approximating an antenna pattern using a rectangular area. 


Approximating the antenna pattern as an elliptical area: 


Where 8=BVV,, and d= BY, 





Area of ellipse = 2 a b =a (r sin 0)/2 |[ (r sin @)/2 |= (a r sin 8 sin )/4 








Area of Sphere Se) 4 «16 
Area of Antenna pattern ae r sindsing) sin@sing 





For small angles, sin @ = 9 in radians, so: 
ns aa 16 _ 16 s sm) ___ 52525. 52525 [4] 
singsinO @O/(radians) ¢0\ 2n2an ~ O (degrees)  BW5 BW (degrees) 





The second term in the equation above is very close to equation [3]. 

For a very directional radar dish with a beamwidth of 1° and an average efficiency of 55%: 
Ideally: G = 52525, or in dB form: 10 log G =10 log 52525 = 47.2 dB 

With efficiency taken into account, G = 0.55(52525) = 28888, or in log form: 10 log G = 44.6 dB 


Approximating the antenna pattern as a rectangular area: 





a=rsin®, b=rsing, area=ab=r sin@ sing 


Area of Sphere _ 4m — 42 


Area of Antenna pattern’ y? sin@sing sin@sing 











Where 8=BW,, and d= BW, For small angles, sin @ = @ in radians, so: 
The second term in the equation above is identical to equation [3]. 
— 4am | 41 fe ro) 41253 = 41253 
singsin@ @O(radians) ¢0\ 2722 ~ 0 (degrees) BW54BWo (degrees) 
: 41253 : : 
Converting to dB, Gyax (dB) = 10 Log] ————— | with BW, and BW in degrees [6] 
BW 5BWo 


For a very directional radar dish with a beamwidth of 1° and an average efficiency of 70%: 
Ideally (in dB form): 10 log G =10 log 41253 = 46.2 dB. 
With efficiency taken into account, G = 0.7(41253) = 28877, or in log form: 10 log G = 44.6 dB 


Comparison between elliptical 
and__rectangular__areas__ for 


antenna pattern models: 

By using the rectangular model 
there is a direct correlation 
between the development of 
gain in equation [5] and the ideal 
gain of equation [3]. The 
elliptical model has about one es a 
dB difference from the ideal ‘poeunsa Menielh 
calculation, but will yield the 
same real antenna gain when 
appropriate efficiencies are 
assumed. 
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The upper plot of Figure 4 
shows the gain for an ideal Figure 4. Antenna Sector Size vs. Gain. 

antenna pattern using the 

elliptical model. The middle 

plot shows the gain for an ideal antenna using the rectangular model. The lower plot of Figure 4 shows the 
gain of a typical real antenna (rectangular model using an efficiency of 70% or elliptical model using an 
efficiency of 47%). 


Gain as a function of i: 

When 0 = 0, each wave source in Figure 5 is in phase 
with one another and a maximum is produced in that ANTENNA BORESIGHT 
direction. 


Conversely, nulls to either side of the main lobe will 
occur when the waves radiating from the antenna 
cancel each other. The first null occurs when there is 
a phase difference of 4/2 in the wave fronts 
emanating from the aperture. To aid in visualizing 
what happens, consider each point in the antenna 
aperture, from A to C in Figure 5, as a point source 
of a spherical wave front. If viewed from infinity, 
the electromagnetic waves from each point interfere 
with each other, and when, for a particular direction, 
§ in Figure 5, each wave source has a corresponding 
point that is one-half wavelength out of phase, a null 
is produced in that direction due to destructive 
interference. 





Figure 5. Directional Gain vs. Wavelength. 


In Figure 5, the wave emanating from point A is out of phase with the wave from point B by one-half of a 
wavelength. Hence, they cancel. Similarly, a point just to the right of point A cancels with a point just to 
the right of point B, and so on across the entire aperture. Therefore, the first null in the radiation pattern is 
given by: 


Sin 9 = A/L and, in radians, 0 = A/L (for small angles) [7] 
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As the angle off boresight is increased beyond the first null, the intensity of the radiation pattern rises then 
falls, until the second null is reached. This corresponds to a phase difference of two wavelengths between 
the left and right edges of the aperture. In this case, the argument proceeds as before, except now the 
aperture is divided into four segments (point A canceling with a point halfway between A and B, and so on). 


The angle 0 is the angle from the center (maximum) of the radiation pattern to the first null. The null-to-null 
beam width is 28. Generally, we are interested in the half-power (3 dB) beamwidth. It turns out that this 
beamwidth is approximately one-half of the null-to-null beamwidth, so that: 


BWs3 ap & (%2)(20) = A/L [3] 


Therefore, beamwidth is a function of the antenna dimension “L” and the wavelength of the signal. It can 
be expressed as follows: Note: for circular antennas, L in the following equations = diameter 


BWo(az) = WLaz ere aNd BWocern = Le ett [9] 


Substituting the two variations of equation [9] into equation [3] and since La, ef times Le es = Ac (effective 
capture area of the antenna), we have: 


41 = 41 Laz Lei = 4n Ae [10] 


Gr . 2 2 
BW 4 BW 9 (radians) A A 
Note: Equation is approximate since aperture efficiency isn’t included as is done later in equation [12]. 


The efficiency (discussed later) will reduce the gain by a factor of 30-50%, i.e. real gain = .5 to .7 times 
theoretical gain. 


Unity Gain Antenna. 

If a square antenna is visualized and G=1, Ap=A’/ 4a. When a dimension is greater than 0.28 4 (~“%A ) it is 
known as an electrically large antenna, and the antenna will have a gain greater than one (positive gain 
when expressed in dB). Conversely, when the dimension is less than 0.28 i (~'4A )(an electrically small 
antenna), the gain will be less than one (negative gain when expressed in dB). Therefore, a unity gain 
antenna can be approximated by an aperture that is “4A by ‘AA. 


Beamwidth as a Function of Aperture Length 
It can be seen from Figure 5, that the wider the antenna aperture (L), the narrower the beamwidth will be for 


the same A. Therefore, if you have a rectangular shaped horn antenna, the radiation pattern from the wider 
side will be narrower than the radiation pattern from the narrow side. 


APERTURE EFFICIENCY, y 


The Antenna Efficiency, 1, is a factor which includes all reductions from the maximum gain. 1 can be 
expressed as a percentage, or in dB. Several types of “loss” must be accounted for in the efficiency, 1: 





(1) Illumination efficiency which is the ratio of the directivity of the antenna to the directivity 
of a uniformly illuminated antenna of the same aperture size, 
(2) Phase error loss or loss due to the fact that the aperture is not a uniform phase surface, 


(3) Spillover loss (Reflector Antennas) which reflects the energy spilling beyond the edge of 
the reflector into the back lobes of the antenna, 
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(4) Mismatch (VSWR) loss, derived from the reflection at the feed port due to impedance 
mismatch (especially important for low frequency antennas), and 
(5) RF losses between the antenna and the antenna feed port or measurement point. 


The aperture efficiency, Na, is also known as the illumination factor, and includes items (1) and (2) above; it 
does not result in any loss of power radiated but affects the gain and pattern. It is nominally 0.6-0.8 for a 
planer array and 0.13 to 0.8 with a nominal value of 0.5 for a parabolic antenna, however n can vary 
significantly. Other antennas include the spiral (.002-.5), the horn (.002-.8), the double ridge horn 
(.005-.93), and the conical log spiral (.0017-1.0). 


Items (3), (4), and (5) above represent RF or power losses which can be measured. The efficiency varies 


and generally gets lower with wider bandwidths. Also note that the gain equation is optimized for small 
angles - see derivation of wavelength portion of equation [7]. This explains why efficiency also gets lower 
for wider beamwidth antennas. 


EFFECTIVE CAPTURE AREA 


Effective capture area (A.) is the product of the physical aperture area (A) and the aperture efficiency (n) or: 


2: 
A= A=2° [11] 





GAIN AS A FUNCTION OF APERTURE EFFICIENCY 


The Gain of an antenna with losses is given by: 


n= Aperture Efficiency 
G= 4nmnA 


2 


[12] 





WhereA = Physical aperture area 


A= wavelength 
Note that the gain is proportional to the aperture area and inversely proportional to the square of the 
wavelength. For example, if the frequency is doubled, (half the wavelength), the aperture could be 
decreased four times to maintain the same gain. 
BEAM FACTOR 
Antenna size and beamwidth are also related by the beam factor defined by: 


Beam Factor = (D/A)-(Beamwidth) where D = antenna dimension in wavelengths. 


The beam factor is approximately invariant with antenna size, but does vary with type of antenna aperture 
illumination or taper. The beam factor typically varies from 50-70°. 


APERTURE ILLUMINATION (TAPER) 


The aperture illumination or illumination taper is the variation in amplitude across the aperture. This 
variation can have several effects on the antenna performance: 


(1) reduction in gain, 
(2) reduced (lower) sidelobes in most cases, and 
(3) increased antenna beamwidth and beam factor. 


Tapered illumination occurs naturally in reflector antennas due to the feed radiation pattern and the 
variation in distance from the feed to different portions of the reflector. Phase can also vary across the 
aperture which also affects the gain, efficiency, and beamwidth. 


CIRCULAR ANTENNA GAIN 
Solving equation [12] in dB, for a circular antenna with area 1D7/4, we have: 

10 Log G = 20 Log (D/A) + 10 Log (n) + 9.94 dB; where D = diameter [13] 
This data is depicted in the nomograph of Figure 6. For example, a six foot diameter antenna operating at 


9 GHz would have approximately 44.7 dB of gain as shown by the dashed line drawn on Figure 6. This 
gain is for an antenna 100% efficient, and would be 41.7 dB for a typical parabolic antenna (50% efficient). 
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& a Ny 
i= a 


WAVELENGTH (Centimeters) 


NOTE: The Gain below assumes 7 = 1.0 

If 7 = 0.79, subtract 1 dB 
= 0.5, subtract 3 dB (typical parabolic antenna) 
= 0.25, subtract 6 dB 
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Figure 6. Antenna Gain Nomograph. 
An example of a typical antenna (with losses) showing the variation of gain with frequency is depicted in 


Figure 7, and the variation of gain with antenna diameter in Figure 8. The circle on the curves in Figure 7 
and 8 correspond to the Figure 6 example and yields 42 dB of gain for the 6 ft dish at 9 GHz. 
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Example Problem: If the two antennas in the drawing are “welded” together, how much power will be 
measured at point A? (Line loss L; = L, = 0.5, and 10log L; or L2 = 3 dB) 


Multiple choice: 
A. 16dBm b. 28 dBm c.4dBm d. 10 dBm e.<4dBm 





Answer: +10 dBm Signal 


The antennas do not act as they normally would since the antennas are operating in the near field. They act 
as inefficient coupling devices resulting in some loss of signal. In addition, since there are no active 
components, you cannot end up with more power than you started with. The correct answer is 
“e. <4 dBm.” 


10 dBm - 3 dB - small loss -3 dB = 4 dBm - small loss 


If the antennas were separated by 5 ft and were in the far field, the antenna gain could be used with space 
loss formulas to calculate (at 5 GHz): 10 dBm - 3 dB + 6 dB - 50 dB (space loss) + 6 dB -3 dB =-34 dBm (a 
much smaller signal). 
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Figure 8. Gain of a Typical Dish at 9 GHz (With Losses). 
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POLARIZATION 


Table 1 shows the theoretical ratio of power transmitted between antennas of different 
polarization. These ratios are seldom fully achieved due to effects such as reflection, refraction, and other 
wave interactions, so some practical ratios are also included. 


Table 1. Polarization Loss for Various Antenna Combinations. 


Transmit Ratio of Power Received to Maximum Power 


Becoive Stennis ical Spi 
Antenna Theoretical Practical Horn Practical Spiral 


ae Polarization Ratio in as Ratio in as Ratio in 
Polarization 
Vertical Vertical 1 = * N/A 
Vertical | Slant (45° or 135°) 

Vertical | Horizontal 

Vertical | Circular (right-hand or left-hand) 
Horizontal | Horizontal 


| | 

| | - 

| | 

| | 
Horizontal | Slant (45° or 135°) | | 

| | 

| | 

| | 


| 
20dB | 1/ 


Horizontal | Circular (right-hand or left-hand) 
Circular (right-hand) | Circular (right-hand) 

Circular (right-hand) | Circular (left-hand) 20 dB 1/100 
Circular (right or left) | Slant (45° or 135°) - 


* Approximately the same as theoretical. 
Note: Switching transmit and receive antenna polarization will give the same results. 


Lo 
* 
* 
* 








The polarization of Antenna with two 
z a orthogonal conductors 
an electromagnetic wave is 
defined as the orientation of $ 


the electric field vector. Direction 
Recall that the electric field FT Tavel 

vector is perpendicular to 

both the direction of travel ie 
and the magnetic field vector. 
The polarization is described 
by the geometric figure traced 
by the electric field vector 
upon a stationary plane perpendicular to the direction of propagation, as the wave travels through that plane. 
An electromagnetic wave is frequently composed of (or can be broken down into) two orthogonal 
components as shown in Figure 1. This may be due to the arrangement of power input leads to various 
points on a flat antenna, or due to an interaction of active elements in an array, or many other reasons. 


The sum of the E field vectors determines the sense of polarization 





Figure 1. Polarization Coordinates. 


The geometric figure traced by the sum of the electric field vectors over time is, in general, an 
ellipse as shown in Figure 2. Under certain conditions the ellipse may collapse into a straight line, in which 
case the polarization is called linear. 


In the other extreme, when the two components are of equal magnitude and 90° out of phase, the 
ellipse will become circular as shown in Figure 3. Thus linear and circular polarization are the two special 
cases of elliptical polarization. Linear polarization may be further classified as being vertical, horizontal, or 
slant. 


Figure 2 depicts plots of the E field vector while varying the relative amplitude and phase angle of its 
component parts. 
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Ratio of 


Wave is travelling toward viewer - Out of the paper 


Vertical polarization 


Counter Clockwise 


-180° -135° -90° 45° 


Clockwise 


O° 6 6+45°) «6 +90° «6+135° «#+180° 


Phase angle between E Field Vectors 





Figure 2. Polarization as a Function of E, / E, Ratio and Phase Angle. 
Adopted from J.D. Kraus, “Antennas,” 2" ed. Figure 2-37 


For a linearly polarized antenna, the 
radiation pattern is taken both for a co-polarized 
and cross polarized response. The polarization 
quality is expressed by the ratio of these two 
responses. The ratio between the responses must 
typically be great (30 dB or greater) for an 
application such as cross-polarized jamming. 
For general applications, the ratio indicates 
system power loss due to polarization mismatch. 
For circularly polarized antennas, radiation 
patterns are usually taken with a rotating linearly 
polarized reference antenna. The reference 
antenna rotates many times while taking 
measurements around the azimuth of the antenna 
that is being tested. The resulting antenna 
pattern is the linear polarized gain with a cyclic 
ripple. The peak-to-peak value is the axial ratio, 
and represents the polarization quality for a 
circular polarized antenna. The typical RWR 
antenna has a maximum 3 dB axial ratio within 
45° of boresight. 





Figure 3. Circular Polarization — E Field. 


For any antenna with an aperture area, as the aperture is rotated, the viewed dimension along the 
axis remains constant, while the other viewed dimension decreases to zero at 90° rotation. The axial ratio of 
an antenna will get worse as the antenna is rotated off boresight because the field contribution from the axial 
component will remain fairly constant and the other orthogonal component will decrease with rotation. 


The sense of antenna polarization is defined from a viewer positioned behind an antenna looking in 
the direction of propagation. The polarization is specified as a transmitting, not receiving antenna 
regardless of intended use. 


We frequently use “hand rules” to describe the 
sense of polarization. The sense is defined by which 
hand would be used in order to point that thumb in the 


Fingers in 
direction of propagation and point the fingers of the a aa The pie ica 
same hand in the direction of rotation of the E field Of Propagation of Rotation of 
vector. For example, referring to Figure 4, if your thumb Of Wave E Field Vector 


is pointed in the direction of propagation and the rotation 
is counterclockwise looking in the direction of travel, 
then you have left hand circular polarization. 


Optics people view an aperture from the front 
and therefore use the opposite reference. 








The polarization of a linearly polarized horn Figure 4. Left Hand Polarization. 


antenna can be directly determined by the orientation of 
the feed probe, which is in the direction of the E-field. 


In general, a flat surface or sphere will reflect a linearly polarized wave with the same polarization 
as received. A horizontally polarized wave may get extended range because of water and land surface 
reflections, but signal cancellation will probably result in “holes” in coverage. Reflections will reverse the 
sense of circular polarization. 


If the desired antenna is used for receiving a direct transmission as shown in Figure 5, the same 
polarization sense (specified if transmitting) is required for maximum signal reception in this situation. Buy 
two right-hand or two left-hand circularly polarized antennas for this case. When you procure antennas, 
remember that the polarization is specified as if transmitting, regardless of intended use. 





Wave propagation between two identical antennas is analogous to being able to thread a nut from 
one bolt to an identical opposite facing bolt. 


FIAGP ry anema ATIF] RET RHCP 5, amen 


NOTE: This figure depicts an example only, all polarizations can be reversed. 
In either case, the antennas should be identical. 





Figure 5. Same Circular Polarization. 
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If the desired antenna is used for a receiving a wave with a single or odd number of reflections, such as a 
bistatic radar where separate antennas are used for transmit and receive as shown in Figure 6, then 
opposite circularly polarized antennas would be used for maximum signal reception. In this case buy 
antennas of opposite polarization sense (one left hand and one right hand). 


Single 


AAG P rs antenna Reflector 
Targets 
RCVR PG 
Por ag. FetPhte 


A ae or S$ phere 


LHGP AN Kenna 


NOTE: This figure depicts an example only, all polarizations can be reversed. 
In either case, the antennas should have opposite polarization. 





Figure 6. Opposite Circular Polarization. 


In acorner reflector, waves reflect twice before returning to the receiver as shown in Figure 7, consequently 
they return with the same sense as they were transmitted. In this case (or any even number of reflections) 
buy antennas of the same polarization sense. 


= : Corner 
FHGP antenna = Reflector 


Targets 


PG 
ei 


NOTE: This figure depicts an example only, all polarizations can be reversed. 
In either case, the antennas should be identical. 





Figure 7. Circular Polarization With Comer Reflector. 


An aircraft acts as both a corner reflector and a “normal” reflector so the return has mixed 
polarization. Most airborne radars use the same antenna for transmitting and receiving in order to receive 
the corner reflections and help exclude receipt of reflections from rain (single polarization reversal), 
however in doing so there is about a 5-9 dB loss from the ideal receiver case. It should be noted that the 
return from raindrops is attenuated by approximately 20 dB. 
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RADIATION PATTERNS 


The radiation pattern is a graphical depiction of the relative field strength transmitted from or 
received by the antenna. Antenna radiation patterns are taken at one frequency, one polarization, and one 
plane cut. The patterns are usually presented in polar or rectilinear form with a dB strength scale. Patterns 
are normalized to the maximum graph value, 0 dB, and a directivity is given for the antenna. This means 
that if the side lobe level from the radiation pattern were down -13 dB, and the directivity of the antenna was 
4 dB, then the sidelobe gain would be -9 dB. 


Figures 1 to 14 on the pages following depict various antenna types and their associated 
characteristics. The patterns depicted are those which most closely match the purpose for which the given 
shape was intended. In other words, the radiation pattern can change dramatically depending upon 
frequency, and the wavelength to antenna characteristic length ratio. See Section 3-4. Antennas are 
designed for a particular frequency. Usually the characteristic length is a multiple of 1/2 minus 2-15% 
depending on specific antenna characteristics. 


The gain is assumed to mean directional gain of the antenna compared to an isotropic radiator 
transmitting to or receiving from all directions. 


The half-power (-3 dB) beamwidth is a measure of the directivity of the antenna. 


Polarization, which is the direction of the electric (not magnetic) field of an antenna is another 
important antenna characteristic. This may be a consideration for optimizing reception or jamming. 


The bandwidth is a measure of how much the frequency can be Bandwidth 


Ratio 


varied while still obtaining an acceptable VSWR (2:1 or less) and minimizing 
losses in unwanted directions. See Glossary, Section 10. 


A 2:1 VSWR corresponds to a 9.5 dB (or 10%) return loss - see Section 6-2. 


Two methods for computing antenna bandwidth are used: 


Narrowband by %, B= [Fe 100), where Fc = Center frequency 


Fe 


Broadband by ratio, B = Fu 


Fi, 


An antenna is considered broadband if Fy / F, > 2. The table at the 
right shows the equivalency of the two, however the shaded values are not 
normally used because of the aforementioned difference in 
broadband/narrowband. 








Should there be ever a need to express bandwidth of an antenna in one or the other alternative 
formats, a conversion between the two narrowband and broadband bandwidth quantities can be easily 
calculated using the following relationships: 


Calculate broadband ratio B,, given narrowband B%, 


Bup = (200 + B%)/(200 — B%) [1] 
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Calculate narrowband B% given broadband ratio By, 
B% = 200 * (Bbb — 1)/( Bbb + 1) [2] 


For an object that experiences a plane wave, the resonant mode is achieved when the dimension of 
the object is nA/2, where n is an integer. Therefore, one can treat the apertures shown in the following figure 
as half wave length dipole antennas for receiving and reflecting signals. More details are contained in 
Section 8-4. 


“ VERTICAL (Elevation) 





The following lists antenna types by page number. The referenced page shows frequency limits, 
polarizations, etc. 








Type Page Type Page 
4 arm conical spiral 3-3.6 log periodic 3-3.8 
alford loop 3-3.4 loop, circular 3-3.4 
aperture synthesis 3-3.8 loop, alford 3-3.4 
array 3-3.8 loop, square 3-3.4 
axial mode helix 3-3.5 luneberg lens 3-3.9 
biconical w/polarizer 3-3.6 microstrip patch 3-3.9 
biconical 3-3.6 monopole 3-3.3 
cavity backed circuit fed slot  3-3.5 normal mode helix 3-3.5 
cavity backed spiral 3-3.9 parabolic 3-3.7 
circular loop 3-3.4 patch 3-3.9 
conical spiral 3-3.5 reflector 3-3.10 
corner reflector 3-3.9 rhombic 3-3.3 
dipole array, linear 3-3.8 sinuous, dual polarized 3-3.6 
dipole 3-3.3 slot, guide fed 3-3.9 
discone 3-3.4 slot, cavity backed 3-3.9 
dual polarized sinuous 3-3.6 spiral, 4 arm conical 3-3.6 
guide fed slot 3-3.9 spiral, conical 3-3.5 
helix, normal mode 3-3.5 spiral, cavity backed 3-3.5 
helix, axial mode 3-3.5 square loop 3-3.4 
horn 3-3.7 vee 3-3.3 
linear dipole array 3-3.8 yagi 3-3.8 
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Antenna Type Radiation Pattern Characteristics 


Polarization: Linear 
Vertical as shown 


MONOPOLE Elevation: 
o w Typical Half-Power Beamwidth 
Zz ; ) 45 deg x 360 deg 





Typical Gain: 2-6 dB at best 
Bandwidth: 10% or 1.1:1 


Frequency Limit 
Lower: None 
Upper: None 


Remarks: Polarization changes to 
horizontal if rotated to horizontal 


Polarization: Linear 


Vertical as shown 
“12 DIPOLE Elevation: 


Z J Cee Typical Half-Power Beamwidth 
‘ \/ 80 deg x 360 deg 





= ~ & / Typical Gain: 2 dB 
L=~2 Bandwidth: 10% or 1.1:1 


Frequency Limit 
Lower: None 
Upper: 8 GHz (practical limit) 


Remarks: Patter and lobing changes 
significantly with L/f. Used as a gain 
reference <2 GHz. 


Polarization: Linear 
Vertical as shown 


Typical Half-Power Beamwidth 
60 deg x 60 deg 

Elevation & : ; 

Azimuth: Typical Gain: 2to7 dB 


Bandwidth: "Broadband" 





Frequency Limit 
Lower: 3 MHz 
Upper: 500 MHz (practical limits) 


Remarks: 24KHz versions are known to 
exist. Terminations may be used to 
reduce backlobes. 


RHOMBIC Polarization: Linear 
Vertical as shown 


Z Typical Half-Power Beamwidth 


Elevation & 60 deg x 60 deg 
Azimuth: Typical Gain: 3 dB 
-_~.. ry) Bandwidth: "Broadband" 


<2 : /~ Frequency Limit 


Lower: 3 MHz 
Upper: 500 MHz 





Remarks: Termination resistance 
used to reduce backlobes. 





Figure 2. Vee and Rhombic Antenna Characteristics. 
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Z 


CIRCULAR LOOP Elevation: 
(Small) oe a 
Zz Y 


Azimuth: 


Z 


Elevation: 
aw Y 


SQUARE LOOP 
(Small) Z 


Radiation Pattern 


Elevation: 


Azimuth: 


ALFORD LOOP Elevation: 


Z 


Antenna Type Radiation Pattern Characteristics 


Polarization: Linear 
Horizontal as shown 


Typical Half-Power Beamwidth: 
80 deg x 360 deg 


Typical Gain: -2 to 2 dB 
Bandwidth: 10% or 1.1:1 
Frequency Limit: 


Lower: 50 MHz 
Upper: 1 GHz 


Polarization: Linear 
Horizontal as shown 


Typical Half-Power Beamwidth: 
100 deg x 360 deg 


Typical Gain: 1-3 dB 
Bandwidth: 10% or 1.1:1 
Frequency Limit: 


Lower: 50 MHz 
Upper: 1 GHz 


Characteristics 


Polarization: Linear 
Vertical as shown 


Typical Half-Power Beamwidth: 
20-80 deg x 360 deg 


Typical Gain: 0-4 dB 
Bandwidth: 100% or 3:1 
Frequency Limit: 


Lower: 30 MHz 
Upper: 3 GHz 


Polarization: Linear 
Horizontal as shown 


Typical Half-Power Beamwidth: 
80 deg x 360 deg 


Typical Gain: -1 dB 
Bandwidth: 67% or 2:1 
Frequency Limit: 


Lower: 100 MHz 
Upper: 12 GHz 





Figure 4. Discone and Alford Loop Antenna Characteristics. 
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Antenna Type Radiation Pattern Characteristics 


Polarization: Circular 
AXIAL MODE HELIX Left hand as shown 


Z 


Typical Half-Power Beamwidth: 


diaaHX, spacing Elevation & 50 deg x 50 deg 
BY4 Azimuth ‘ ; 
| j< Typical Gain: 10 dB 


Bandwidth: 52% or 1.7:1 





Frequency Limit 
Lower: 100 MHz 
Upper: 3 GHz 


Remarks: Number of loops >3 


Z Polarization: 


NORMAL MODE HELIX Elevation: Circular - with an ideal pitch to 
Z aa diameter ratio. 
Y 


Typical Half-Power Beamwidth: 
60 deg x 360 deg 


Azimuth: \ Typical Gain: 0 dB 
Bandwidth: 5% or 1.05:1 
Frequency Limit 


Lower: 100 MHz 
Upper: 3 GHz 





Figure 5. Axial Mode Helix and Normal Mode Helix Antenna Characteristics. 


Antenna Type Radiation Pattern Characteristics 


CAVITY BACKED 


SPIRAL (Flat Helix) [Se tee ions Cteult 


Elevation & Typical Half-Power Beamwidth: 
Azimuth 60 deg x 90 deg 


Typical Gain: 2-4 dB 





Bandwidth: 160% or 9:1 


Frequency Limit: 
Lower: 500 MHz 
Upper: 18 GHz 


CONICAL SPIRAL eos, ; 
Polarization: Circular 
Left hand as shown 


i Typical Half-Power Beamwidth: 
Elevation & 
Azimuth 60 deg x 60 deg 


Typical Gain: 5-8 dB 





Bandwidth: 120% or 4:1 


Frequency Limit: 
Lower: 50 MHz 
Upper: 18 GHz 





Figure 6. Cavity Backed Spiral and Conical Spiral Antenna Characteristics. 
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Antenna Type Radiation Pattern Characteristics 


4 ARM CONICAL SPIRAL Elevation: 


DUAL POLARIZED SINUOUS 


Elevation & 
Azimuth 


Antenna Type 


BICONICAL 


Z 


Azimuth: 


BICONICAL W/POLARIZER Elevation: 


Z 


Polarization: Circular 
Left hand as shown 


Typical Half-Power Beamwidth: 
50 deg x 360 deg 


Typical Gain: 0 dB 
Bandwidth: 120% or 4:1 
Frequency Limit: 


Lower: 500 MHz 
Upper: 18 GHz 


Polarization: Dual vertical or 
horizontal or dual Circular right hand 
or left hand with hybrid 


Typical Half-Power Beamwidth: 
75 deg x 75 deg 


Typical Gain: 2 dB 
Bandwidth: 163% or 10:1 
Frequency Limit: 


Lower: 500 MHz 
Upper: 18 GHz 


Characteristics 


Polarization: Linear, 
Vertical as shown 


Typical Half-Power Beamwidth: 
20-100 deg x 360 deg 


Typical Gain: 0-4 dB 
Bandwidth: 120% or 4:1 
Frequency Limit: 


Lower: 500 MHz 
Upper: 40 GHz 


Polarization: Circular, 
Direction depends on polarization 


Typical Half-Power Beamwidth: 
20-100 deg x 360 deg 


Typical Gain: -3 to 1 dB 
Bandwidth: 100% or 3:1 
Frequency Limit: 


Lower: 2 GHz 
Upper: 18 GHz 





Figure 8. Biconical and Biconical With Polarizer Antenna Characteristics. 


Antenna Type Radiation Pattern Characteristics 


Z 
Elevation: Polarization: Linear 
V4 ; Typical Half-Power Beamwidth: 
ae a 40 deg x 40 deg 


3.dB beamwidth = 56 B¥dz Typical Gain: 5 to 20 dB 


Bandwidth: 
If ridged: 120% or 4:1 


J i‘ Y If not ridged: 67% or 2:1 
Frequency Limit: 
x Lower: 50 MHz 
Upper: 40 GHz 


Azimuth: 


3 dB beamwidth = 70 ~®¥dx 


HORN W / POLARIZER a Polarization: Circular, 
Elevation: Depends on polarizer 
Z \ 
WY y Typical Half-Power Beamwidth: 
\ 40 deg x 40 deg 


Typical Gain: 5 to 10 dB 


















































Bandwidth: 60% or 2:1 


















































Frequency Limit: 
Lower: 2 GHz 
Upper: 18 GHz 





Characteristics 


Polarization: 
Takes polarization of feed 


Typical Half-Power Beamwidth: 


1 to 10 deg 
Elevation & 


Azimuth Typical Gain: 20 to 30 dB 


Bandwidth: 33% or 1.4:1 
limited mostly by feed 





Frequency Limit: 
Lower: 400 MHz 
Upper: 13+ GHz 


PARABOLIC Polarization: 
Takes polarization of feed 


Gregorian 


: Typical Half-Power Beamwidth: 
a Elevation & 1'to 10 deg 
. Azimuth 


Typical Gain: 20 to 30 dB 
Bandwidth: 33% or 1.4:1 





Cassegrain Frequency Limit: 
Lower: 400 MHz 
Upper: 13+ GHz 





Figure 10. Parabolic (Prime) and Parabolic Antenna Characteristics. 
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Antenna Type Radiation Pattern Characteristics 
Z 
Polarization: Linear 
/ . Horizontal as shown 
( Typical Half-P ower Beamwidth 


Elevation: ‘ 50 deg X 50 deg 


Typical Gain: 5 to 15 dB 


pznulh: Bandwidth: 5% or 1.05:1 


Frequency Limit: 


Lower: 50 MHz 
Upper: 2 GHz 


Polarization: Linear 


LOG PERIODIC 


Z 


Typical Half-P ower Beamwidth: 
60 deg x 80 deg 


Typical Gain: 6 to 8 dB 


EIEN Ps Bandwidth: 163% or 10:1 


: Frequency Limit: 
Azimuth: » Lower: 3 MHz 
YK Upper: 18 GHz 


Remarks: This array may be formed 
with many shapes including dipoles or 
toothed arrays. 


LINEAR DIPOLE ARRAY 
(Corporate Feed) Polarization: Element dependent 
Vertical as shown 


Z 
Typical Half-Power Beamwidth: 


Related to gain 


Typical Gain: Dependent on 
number of elements 


Bandwidth: Narrow 


Frequency Limit: 
Lower: 10 MHz 
Upper: 10 GHz 


APERTURE SYNTHESIS 


vs All characteristics dependent on 
elements 


Elevation & 

Azimuth 

Remarks: Excellent side-looking, 
ground mapping where the aircraft is a 
moving linear element. 








Figure 12. Linear Dipole Array and Aperture Synthesis Antenna Characteristics. 
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Antenna Type Radiation Pattern Characteristics 


CAVITY BACKED 


CIRCUIT FED SLOT 


(and Microstrip Patch ) : 
Elevation & 


Azimuth 





GUIDE FED SLOT Z 


Elevation: 
Zz 4 S 





CORNER REFLECTOR 


Z 


Elevation: (Z-Y) 
Azimuth: (X-Y) 


Dependent upon feed emitter 


LUNEBURG LENS 


Z 


Elevation & 
Azimuth 





Polarization: Linear, vertical as shown 
Typical Half-Power Beamwidth: 

80 deg x 80 deg 

Typical Gain: 6 dB 

Bandwidth: Narrow 


Lower: 50 MHz 
Upper: 18 GHz 


Frequency Limit: 


Remarks: The feed line is sometimes 
separated from the radiator by a 
dialetric & uses capacititive coupling. 
Large conformal phased arrays can be 
made this way. 


Polarization: Linear, 

Typical Half-Power Beamwidth 
Elevation: 45-50 

Azimuth: 80 

Typical Gain: 0 dB 
Bandwidth: Narrow 

Frequency Limit: 

Lower: 2 GHz 

Upper: 40 GHz 


Remarks: Open RF Waveguide 


Polarization: 
Feed dependent 


Typical Half-Power Beamwidth 
40 deg x variable 


Typical Gain: 10 dB above feed 
Bandwidth: Narrow 

Frequency Limit 

Lower: 1 GHz 

Upper: 40 GHz 

Remarks: Typically fed with a dipole 
or colinear array. 

Polarization: 


Feed dependent 


Typical Half-Power Beamwidth: 
System dependent 


Typical Gain: System dependent 


Bandwidth: Narrow 


Frequency Limit 
Lower: 1 GHz 
Upper: 40 GHz 


Remarks: Variable index dielectric 
sphere. 





Figure 14. Corner Reflector and Luneburg Lens Antenna Characteristics. 
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FREQUENCY / PHASE EFFECTS OF ANTENNAS 


The radiation patterns of the antennas presented in the previous section are for antenna geometries 
most commonly used. The antenna should be viewed as a matching network that takes the power from a 
transmission line (50 ohm, for example), and matches it to the free space “impedance” of 377 ohms. The 
most critical parameter is the change of VSWR with frequency. The pattern usually does not vary much 
from acceptable to the start of unacceptable VSWRs (> 2:1). Fora given physical antenna geometric size, 
the actual radiation pattern varies with frequency. 


The antenna pattern depicted in Figure | is for the dipole pictured in Section 3-3. The maximum 
gain is normalized to the outside of the polar plot and the major divisions correspond to 10 dB change. In 
this example, the dipole length (in wavelengths) is varied, but the same result can be obtained by changing 
frequency with a fixed dipole length. From the figure, it can be seen that side lobes start to form at 1.254 
and the side lobe actually has more gain than the main beam at 1.5. Since the radiation pattern changes 
with frequency, the gain also changes. 





Figure 1. Frequency Effects. 
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Figure 2 depicts phase/array effects, which are yet another method for obtaining varied radiation 
patterns. In the figure, parallel dipoles are viewed from the end. It can be seen that varying the phase of the 
two transmissions can cause the direction of the radiation pattern to change. This is the concept behind 
phased array antennas. Instead of having a system mechanically sweeping the direction of the antenna 
through space, the phase of radiating components is varied electronically, producing a moving pattern with 
no moving parts. It can also be seen that increasing the number of elements further increases the directivity 
of the array. In an array, the pattern does vary considerably with frequency due to element spacing 
(measured in wavelengths) and the frequency sensitivity of the phase shifting networks. 


TWO 3/2 DIPOLES 
Spacing = WW? 


Spache ee END FIRE ARRAY Utilizing these techniques, 


a phased array antenna 
can be constructed by 
gh = 90° simply electronically 
Progressive varying the phase in js 
Shift Hrogressi¥e repetitive 
manner in order to create a 
specific scan pattern. 





Figure 2. Phase / Array Effects*. 


* Note: Assuming Figure 2 depicts x-y plane antenna pattern cross section, to achieve the indicated array 
patterns using dipole antennas, the dipole antenna elements must be aligned with the z-axis. 


Two antennas that warrant special consideration are the phased array and the Rotman bootlace type 
lens. Both of these antennas find wide application in EW, RADAR, and Communications. The phased 
array will be described first. 


LINEAR PHASED ARRAY 


The linear phased array with equal spaced elements is easiest to analyze and forms the basis for most 
array designs. Figure 3 schematically illustrates a corporate feed linear array with element spacing d. 
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It is the simplest and is SIDE 
still widely used. By controlling 
the phase and amplitude of 
excitation to each element, as 
depicted, we can control the 
direction and shape of the beam 
radiated by the array. The phase 


SCANNED BEAM 
DIRECTION 





Aba Ea a 6, 





free 
excitation, @(n), controls the hire aeee ci ae es 
beam pointing angle, 6,, in a tee. a 
phased array. To produce a Tacs 
broadside beam, 8,=0, requires SHIFTERS 
phase excitation, o(n)=0. Other POWER 


DISTRIBUTION | 


scan angles require an NETWORK 


excitation, (n) =nkd sin(@,), 
for the nth element where k is 
the wave number (27/)). In this Figure 3. Corporate Fed Phased Array. 

manner a linear phased array can 

radiate a beam in any scan direction, 9, provided the element pattern has sufficient beamwidth. The 
amplitude excitation, A,, can be used to control beam shape and sidelobe levels. Often the amplitude 
excitation is tapered in a manner similar to that used for aperture antennas to reduce the sidelobe levels. 
One of the problems that can arise with a phased array is insufficient bandwidth, since the phase shift 
usually is not obtained through the introduction of additional path length. However, it should be noted that 
at broadside the corporate feed does have equal path length and would have good bandwidth for this scan 
angle. 





ANTENNA INPUT 





The linear array described above would yield a narrow fan 
beam in the plane normal to the plane containing the array and scan 
direction, with the narrow beamwidth in the plane of the array. To 
obtain a pencil beam it would be necessary to array several of these 
linear arrays in such a manner resulting in a planar array of radiating 
elements. A problem associated with all electronic scanning is 
beam distortion with scan angle. Figure 4 illustrates this 
phenomenon. It results in spread of the beam shape with a 
concomitant reduction in gain. This effect is known as “scan loss.” 
For an ideal array element, scan loss is equal to the reduction in 
aperture size in the scan direction which varies as cos 0, where @ is 
the scan angle measured from the planar array normal. 





Figure 4. Beam Distortion. 


When elements are spaced greater than 4/2 apart, grating lobes are possible when scanning. As the 
beam is scanned further from broadside, a point is reached at which a second symmetrical main lobe is 
developed at the negative scan angle from broadside. This condition is not wanted because antenna gain is 
immediately reduced by 3 dB due to the second lobe. Grating lobes are a significant problem in EW 
applications because the broad frequency bandwidth requirements mean that at the high end of the 
frequency band, the elements may be spaced greater than 1/2. Therefore in order to avoid grating lobes over 
a large frequency bandwidth, element spacing must be no greater than i/2 at the highest frequency of 
operation. 


There are many other factors to consider with a phased array such as coning, where the beam curves 
at large scan angles, and mutual coupling between elements that affect match and excitation. Excessive 
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mutual coupling will invariably result in blind scan angles where radiation is greatly attenuated. These 
issues will not be covered in detail here. 


Of interest is the gain of the array which is given by: 


N 
Array Gain=G,(0)e by Ain) eit pire Where each element is as described in Section 3-4. 


n=1 


G,(8) is the element gain which in this case has been taken the same for all elements. Note that if 
we set A(n)=1, and o(n)=0, then at broadside where sin(0) = 0, the gain would be (N G,). This represents 
the maximum gain of the array, which typically will not exceed na, and is a familiar figure. It should be 
noted that in practical array design, the element pattern characteristics are greatly influenced by mutual 
coupling and that the characteristic of elements at the edge of the array can deviate significantly from those 
near the center. 


ROTMAN BOOTLACE LENS 


Another method of 
feeding an array of elements is 
to use a lens such as the 
Rotman (rhymes with rotten) 
Bootlace type shown in 
Figure 5. The lens consists ofa Wavefront 
parallel plate region (nowadays 
microstrip or stripline 
construction) and cables of 
specified length connecting the 
array of elements to the parallel 
plate region. The geometry of 
the lens and the cable lengths 
are designed so that all ray 
paths traced from a beam port 
on the right side to its 
associated wavefront on the Figure 5. Rotman Bootlace Lens. 
left array port side, are equal. 

This tailoring of the design is accomplished at three focus points (beam ports 1, 4, and 7 in Figure 5). 
Departure from perfect focus at intermediate beam ports is negligible in most designs. 
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The Rotman lens provides both true time delay phase shift and amplitude taper in one lens 
component. The true time delay is one of the distinct advantages of the lens over the phase shifted array 
since that makes it independent of frequency. To understand how the taper is obtained requires knowledge 
of the parallel plate region. For a stripline design the unit would consist of a large flat plate-like center 
conductor sandwiched between two ground planes, and having a shape much like that of the plan view 
outline shown in Figure 5 with individual tapered launchers (connectors) attached to each beam port and 
array port. If the antenna is in the receive mode, the energy intercepted on the array port side can be 
controlled by the angle subtended by the tapered sections of the connector (launcher) much like a larger 
antenna would intercept a larger portion of energy from free space. 
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Unlike the phased array with its fine beam steering, the Rotman lens provides only a distinct set of 
beams. Fine steering is obtained by combining beams either equally or unequally to form intermediate 
beams. As can be seen in Figure 6, this results in a broader beam with less gain but lower side lobes than the 
primary beams. 


High transmit power can be obtained using a Rotman lens by placing a low power amplifier 
between each lens output port and its antenna. In this case a separate Rotman lens would have to be used for 
receiving. 
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Figure 6. Primary and Intermediate Beam Formation in Lens Arrays. 
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ANTENNA NEAR FIELD 


As noted in the sections on RF propagation and the radar equation, electromagnetic radiation 
expands spherically (Figure 1) and the power density at a long range (R) from the transmitting antenna is: 


= P:G; 
4m R? 





Pp [1] 


When the range is large, the spherical surface of uniform power density appears flat to a receiving 
antenna which is very small compared to the surface of the sphere. This is why the far field wave front is 
considered planar and the rays approximately parallel. Also, it is apparent that at some shorter range, the 
spherical surface no longer appears flat, even to a very small receiving antenna. 


The planer, parallel ray approximation is valid for distances greater than the distance where the 
phase error is 1/16 of a wavelength or 22.5 degrees. This distance is given by 





Ry= where A is the wavelength and D is the largest dimension of the transmit antenna. [2] 


Antenna measurements made at distances greater than R z generally result in negligible pattern error. 
Distances less than R ¥ is termed the near-field. 


If the same size antenna is used for multiple frequencies, Rg will increase with increasing 
frequency. However, if various size antennas are used for different frequencies and each antenna is 
designed with D as a function of A (A/2 to 100A), then Rg will vary from c/2fto 20000c/f. In this case Re will 
decrease with increasing frequency. For example: a 10A antenna at 3 GHZ has a D of 100 cm and 
corresponding R¢ of 20 m, while a 10A antenna at 30 GHz has a D of 10 cm and corresponding R¢ of 2 m. 


While the above analogy provides an 
image of the difference between the near and 
far fields, the relationship must be defined as a 
characteristic of the transmitting antenna. 


Actual antennas, of course, are not 
ideal point source radiators but have physical 
dimensions. If the transmitting antenna placed 
at the origin of Figure 1 occupies distance D 
along the Z-axis and is boresighted along the 
Y-axis (@ = 90), then the geometry of point P 
on the sphere is represented in two dimensions 
by Figure 2. For convenience, the antenna is 
represented by a series of point sources in an 
array. 





Figure 1. Spherical Radiation to Point “P” from an Ideal 
Point Source. 


3-5.1 


When point P is close to the antenna, 
as in Figure 2, then the difference in distance 
of the two rays r and R taken respectively from 
the center of the antenna and the outer edge of 
the antenna varies as point P changes. 





Derivation of equation [2] is given as 
follows: 


From Figure 2, the following applies: 














ee Og [3] 
z=rcos 0 [4] 
Figure 2. Near Field Geometry of Point “P” for a 
y=rsin0 ana [5] Non-Ideal Radiator With Dimension D. 
Ray te-2 ayy’ + 2-22) [6] 
Substituting [3] and [4] into [6] R=,/-?+ [-2(r cos 0 )z' + (z' ’] [7] 


which puts point P into spherical coordinates. 


Equation [7] can be expanded by the binomial theorem which for the first three terms, reduces to: 


(z')’ sin’ @ fe [8] 


R=r-z' cos@+—~———_ + ....... 
2r 


In the parallel ray approximation for far field calculations (Figure 3) the third term of [8] is 
neglected. 


The distance where the far field begins (R¢s) (or where the near field ends) is the value of r when the 
error in R due to neglecting the third term of equation [8], equals 1/16 of a wavelength. 


Rg is usually calculated on boresight, so 8 = 90° and the second term of equation [8] equals zero 
(Cos 90° = 0), therefore from Figure 3, where D is the antenna dimension, R¢ is found by equating the third 
term of [8] to 1/16 wavelength. 





(2) 
SnO=Sin00=1and 2 =D? grat 








2Rg 16 
16(D/2Y _ 2p? 
iS oie ear [9] 


Equation [9] is the standard calculation of far field given in all references. 
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Besides [9] some general rules of thumb for far field conditions are: 
r>>D or r>>a 


If the sphere and point P are a very great distance from the antenna, then the rays are very nearly 
parallel and this difference is small as in Figure 3. 





Figure 3. Far Field Parallel Ray Approximation for Calculations. 


For reference purposes, a simplified alternative method to derive minimum far field distance 
approximation for an antenna or an antenna array with aperture size “d” is presented in Figure 4 without the 
need to resort to the spherical coordinate system and the Binomial Theorem. This approach illustrates a 
simple application of the Pythagorean Theorem. The Prr symbol represents an arbitrary point in the far 
field at antenna boresight. Refer to relevant quantities shown in Figure 4. 
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Aperture 














Figure 4. Alternative Geometry for Far Field Estimation. 


From Figure 4, the distance “r” is the maximum propagation path difference across a given antenna 
aperture endpoint locations. Expressing this propagation path difference in terms of a wavelength provides 
means to derive an equation for generalized far field range relationship. Note a slight change of notation 
between Figures 3 and 4. A derivation of results already shown in Equations [2] & [9] is given as follows. 


From Figure 4, the following applies: 
(R +1) =(d/2)? + R? 
Collecting terms and cancelling, 
2Rr +r =d7/4 
Simplifying with a noted valid assumption, 
2Rr = d’/4, since r<<R 
Solving for “r” (see Figure 4) 
r= d’/(8R) 
For far field condition assume r <A/16. Substituting “r’” in terms of lambda, 


M16>r=d°(8R) > Prr>2d°/a 


As shown, Equation [14] represents the same result as Equation [9] derived earlier. 
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[10] 


[11] 


[12] 


[13] 


[14] 


The power density within the near field varies as a function of the type of aperture illumination and 
is less than would be calculated by equation [1]. Thus, in the antenna near field there is stored energy. (The 
complex radiation field equations have imaginary terms indicating reactive power.) Figure 5 shows 
normalized power density for three different illuminations. 


Curve A is for reference only and shows how power density would vary if it were calculated using 
equation [1]. 


Curve B shows power density variations on axis for an antenna aperture with a cosine amplitude 
distribution. This is typical of a horn antenna in the H-plane. 


Curve C shows power density variations on axis for a uniformly illuminated antenna aperture or 
for a line source. This is typical of a horn antenna in the E-plane. 


Curve D shows power density variations on axis for an antenna aperture with a tapered 
illumination. Generally the edge illumination is approximately -10 dB from the center illumination and is 
typical of a parabolic dish antenna. 


Point E For radiation safety purposes, a general rule of thumb for tapered illumination is that the 
maximum safe level of 10 mW/cm? (~200 V/m) is reached in the near field if the level at Rg reaches 
0.242 mW/cm‘’ as can be verified by computing the power density at point E in Figure 5. (10 mW/cm’ at 
point E extrapolates to 0.242 mW/cm? [16 dB lower] at R=R¢, or Y axis value =1). Figure 1 in Section 3-6 
depicts more precise values for radiation hazard exposure. 


Point F Far Field Point. At distances closer to the source than this point (near field), the power 
density from any given antenna is less than that predicted using Curve A. At farther distances, (far field) 
power densities from all types of antennas are the same. 
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Figure 5. Antenna Near-Field On-Axis Power Density (Normalized) 
for Various Aperture I]uminations. 
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FOR FAR FIELD MEASUREMENTS: 








ONE WAY SIGNAL STRENGTH (8) 3 TWO WAY SIGNAL STRENGTH (8) 
2R 2R 
8 decreases by 6 dB t 8 decreases by 12 dB tT 
6 dB when the distance doubles 12 dB when the distance doubles 
(1/4 pwr) R C1/16 pers) R 
12 dB 
@ ie Sincreases by 6 dB & (16x pwe) Sincreases by 12 dB R 
T when the distance is half L T when the cistance is half 4 
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When free space measurements are performed at a known distance from a source, it is often 
necessary to know if the measurements are being performed in the far field. As can be seen from Curve A 
on Figure 5, if the distance is halved (going from 1.0 to 0.5 on the Y axis), the power density will increase 
by 6 dB (going from 0 to 6 dB on the X axis). Each reduction in range by 4 results in further 6 dB increases. 
As previously mentioned, Curve A is drawn for reference only in the near field region, since at distances 
less than Rg the power density increases less than 6 dB when the range is halved. In the far field, all curves 
converge and Equation [1] applies. 


When a measurement is made in free space, a good check to ensure that is was performed in the far 
field is to repeat the measurement at twice the distance. The power should decrease by exactly 6 dB. 
A common error is to use 3 dB (the half power point) for comparison. Conversely, the power measurement 
can be repeated at half the distance, in which case you would look for a 6 dB increase, however the assumed 
extrapolation conclusion is not as certain, because the first measurement could have been made in the far 
field, and the second could have been made in the near field. 


Care must be exercised in using the 2d?/d far field measurement criterion. For antennas with moderate 
sidelobe levels (>-25 dB) pattern errors are negligible and the error in directivity is less than 0.1 dB and this 
measurement distance suffices in most cases. However low sidelobe antennas require longer measurement 
distances. For example, maintaining a | dB or less sidelobe error for a linear array with a -40 dB sidelobe 
level requires a measurement distance of 6d’/. “. This corresponds to criterion for “r” in Equation [14] to 
be changed from r < 4/16 to r< 1/48 or 7.5 deg. 


[1] R. C. Hansen. “Measurement Distance Effects on Low Sidelobe Patterns,” JEEE Transactions on 
Antennas and Propagation, Vol. AP-32, No. 6, June 1984. 
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RADIATION HAZARDS 


Radiation Hazard (RADHAZ) describes the hazards of electromagnetic radiation to fuels, 
electronic hardware, ordnance, and personnel. In the military these hazards are segregated as follows: 


1) Hazards of Electromagnetic Radiation to Personnel (HERP) 
2) Hazards of Electromagnetic Radiation to Ordnance (HERO) 
3) Hazards of Electromagnetic Radiation to Fuel (HERF) 


The current industrial specifications for RADHAZ are contained in ANSI/IEEE C95.1-1992 which 
was used as a reference to create the combined Navy regulation NAVSEA OP3565 / NAVAIR 16-1-529. 
Volume I contains HERP and HERF limits - its current version is REV 5. Volume II (REV 6) covers 


HERO. These limits are shown in Figure | although all values have been converted to average power 
density. 


OP 3565 _ specifies 
HERO RADHAZ levels at 
frequencies below | GHz in peak 
value of electric field strength 
(V/m), while levels above 
200 MHz are specified in 
average power density 
(mW/cm”) - note the overlapping 
frequencies. Since Figure 1 
depicts power density as the 
limits, you must convert the 
average values to peak field 
strength for use at lower 
frequencies. Also many 
applications of EMC work such 
as MIL-STD-461 use limits 
based on the electric (E) field 
strength in volts/meter. 
Remember that P=E’/R, and 
from Section 4-2, we note that 
R=377Q for free space. It can 
also be shown that the magnetic Figure 1. Radiation Hazards to Personnel and Ordnance. 
field strength (H field in 
Amps/meter) = I/m where I=E/R. Don’t forget that RMS = 0.707 Peak. With the units of Pp in mW/cm”, E 
in V/m, and H in A/m, then Pp (mW/cm’) = E’ / 3770 = 37.7 H’. It should thus be noted that a 100 times 
increase in power (mW/cm”) is only a 10 times increase in V/m. 
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The potential dangers to ordnance and fuels are obvious because there could be an explosive “chain 
reaction” by exploding; consequently, these limits are generally lower than personnel limits. There are 
three HERO categories. The HERO limit 2 is for HERO “unsafe” or “unreliable” explosive devices with 
exposed wires arranged in optimum (most susceptible) receiving orientation. This usually occurs during 
the assembly/disassembly of ordnance, but also applies to new/untested ordnance until proven “safe” or 
“susceptible.” The HERO limit 1 is for HERO susceptible ordnance fully assembled undergoing normal 
handling and loading operations. HERO safe ordnance requires no RF radiation precautions. A list of 
which specific ordnance (by NALC) falls into each category can be found in OP 3565 along with specific 
frequency restrictions for each piece of ordnance. For example, all missiles of one variety are susceptible 
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(HERO 1 limits), while another missile has both susceptible and safe variants (with no RADHAZ limits). 


Other ordnance may be HERO unsafe (HERO 2 limits). 


The danger of HERP occurs 
because the body absorbs radiation and 
significant internal heating may occur 
without the individual’s knowledge 
because the body does not have internal 
sensation of heat, and tissue damage may 
occur before the excess heat can be 
dissipated. As shown in Figure 1, the 
current “restricted” limit is for individuals 
more than 55” tall because they have more 
body mass. In other words, all people 
may be exposed to the lower limit, but 
only persons taller than 55” may be 
exposed to the higher limit of 10 mW/cm’. 





NAVSEA OP 3565 will be 
updated in the future to be compatible 
with DoD INST 6055.11 dated Feb 21, 
1995 which supersedes it. The personnel 
radiation levels in Figures 2 and 3 were 
taken from the new release of DoD INST 
6055.11. 
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Figure 2. Lower Frequency HERP from DoD INST 6055.11. 


Unlike the existing “restricted limit” of NAVSEA OP 3565 discussed above, in the revised DoD 
instruction for personnel radiation hazards, a different approach to exposure was taken. 
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Figure 3. Radiation Hazards to Personnel from DoD INST 6055.11. 
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AVERAGE POWER DENSITY - rriifer? 


Two maximum hazard limits are defined; 


1) Controlled Environments - where personnel are aware of the potential danger of RF exposure 
concurrently with employment, or exposure which may occur due to incidental transient passage 
through an area, and; 

2) Uncontrolled Environments - A lower maximum level where there is no expectation that higher 
levels should be encountered, such as living quarters. 








These Personnel Exposure Limits (PELs) are based on a safety factor of ten times the Specific 
Absorption Rate (SAR) which might cause bodily harm. The term PEL is equivalent to the terms 
“Maximum Permissible Exposure (MPE)” and “Radio Frequency Protection Guides (RFPG)” in other 
publications. 


There are several exceptions to the max limits in Figs 2 and 3 (in some cases higher levels are 
permitted): 


e High Power Microwave (HPM) system exposure in a controlled environment, which has a 
single pulse or multiple pulses lasting less than 10 seconds, has a higher peak E-Field limit of 
200 kV/m. 

e EMP Simulation Systems in a controlled environment for personnel who are exposed to 
broad-band (0.1 MHz to 300 GHz) RF are limited to a higher peak E-Field of 100 kV/m. 

e The given limits are also increased for pulsed RF fields. In this case the peak power density per 
pulse for pulse durations < 100 msec and no more than 5 pulses in the period is increased to: 
PELPulse = PEL x TAVG/5 x Pulse Width, and the peak E-field is increased to 100 kV/m. If 
there are more than 5 pulses or they are greater than 100 msec, a time averaged PD should not 
exceed that shown in Figure 3. 

e A rotating or scanning beam likewise reduces the hazard, so although an on-axis hazard might 
exist, there may be none with a moving beam. The power density may be approximated with: 

PDscan = PDfixed (2 x Beam Width / scan angle) 

e Many other special limitations also apply, such as higher limits for partial body exposure, so if 
in doubt, read the DoD Inst 6055.11 in detail. Field measurements may be measured in 
accordance with IEEE C95.3-1991. 


The PELs listed in Figures 2 and 3 were selected for an average RF exposure time at various 
frequencies. In a controlled environment, this averaging time was selected as 6 minutes for 0.003 to 
15,000 MHz. If the exposure time is less than 6 minutes, then the level may be increased accordingly. 
Similar time weighted averages apply to uncontrolled environments, but it varies enough with frequency 
such that DoD INST 6055.11 should be consulted. 


NAVSEA OP 3565 contains a list of Navy avionics which transmit RF as well as radars along with 
their respective hazard patterns. Special training is required for individuals who work in areas which emit 
RF levels which exceed the uncontrolled levels. Warning signs are also required in areas which exceed 
either the controlled or uncontrolled limits. 


Although E-Field, H-Field, and power density can be mathematically converted in a far-field plane 
wave environment, the relations provided earlier do not apply in the near field, consequently the E- or 
H-field strength must be measured independently below 100 MHz. It should be noted that the 
specifications in NAVSEA OP 3565 for lower frequency HERO limits are listed as peak E-field values, 
whereas lower RF limits in DoD INST 6055.11 on HERP are in average (RMS) E-field values. Upper 
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frequency restrictions are based on average (RMS) values of power density in both regulations except for 
certain circumstances. 


HERF precautions are of more general concern to fuel truck operators. However, some general 
guidelines include: 


e Do not energize a transmitter (radar/comm) on an aircraft or motor vehicle being fueled or on 
an adjacent aircraft or vehicle. 

e Do not make or break any electrical, ground wire, or tie down connector while fueling. 

e Radars able to illuminate fueling areas with a peak power density of 5 W/cm2 should be shut 
off. 

e For shore stations, antennas radiating 250 watts or less should be installed at least 50 ft from 
fueling areas (at sea 500 watts is the relaxed requirement). 

e For antennas which radiate more than 250 watts, the power density at 50 ft from the fueling 
operation should not be greater than the equivalent power density of a 250 watt transmitter at 
50 ft. 
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ACTIVE ELECTRONICALLY SCANNED ARRAYS (AESA) 


Scanning phased arrays employing electronically controlled phase shifters (e.g., PiN diode, ferrite) 
have been used in high power radar applications since the early 1960s. These are planar arrays and 
generally use a corporate type feed structure to array rows of elements in one dimension of the array and use 
an analogous feed to array the rows in the orthogonal dimension of the array, resulting in a single feed point. 
A high power RF transmitter, usually employing some sort of liquid cooling, is used to excite the array. 
This architecture is cumbersome and difficult to package and the high power transmitter is a single point of 
failure for the system. 


The maturation of solid state transmit/receive modules (T/R) using Gallium Arsenide (GaAs) 
technology or more recently Gallium Nitride (GaN) technology has made AESAs a practical reality. The 
T/R modules consist of a low noise amplifier (LNA) for the receive function and a solid state high power 
amplifier (SSPA) for realization of the transmit function. The T/R module may also contain the necessary 
phase control elements for beam scanning. A generic 8-element AESA for one dimension is shown in 
Figure 1. 
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Figure 1. Eight Element AESA. 


Electronically scanned phased array designs with decade bandwidths have been reported in the 
open literature for many years. However those reported are only lab versions and none have been 
implemented in a fielded system. In addition, the high average power requirement, particularly for EW 
systems, calls for the use of GaN SSPA technology and this, in conjunction with the dense array packaging 
requirement, poses severe heat dissipation/cooling issues. 
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AESAs for EW applications impose design considerations vastly different from an AESA for radar. 
In contradistinction with high peak power radar applications (e.g., AN/APG79), the high average power 
large duty factors (sometimes CW) requirements for EW impose severe design requirements and 
constraints for the wide bandwidth AESA. Incorporation of an AESA in airborne environment, with its 
concomitant restrictive volume, further exacerbates design constraints. 


The heat dissipation problem is of major concern in modern high power AESAs. Due to the 
behavior of microwave transistor amplifiers, the power added efficiency (PAE) of a TR module transmitter 
is typically a relatively small fraction of the total prime power consumption. As a result, an AESA will 
dissipate a lot of heat, which must be extracted. The reliability of GaAs and GaN MMIC chips improves if 
the RF amplifier system operates at reduced temperatures. Traditional air cooling used in most established 
avionic hardware is ill suited to the high packaging density of an AESA. As a result modern AESAs are 
predominantly liquid cooled. A typical liquid cooling system will use pumps to drive the coolant through 
channels in the cooling plenum of the array, and then route it to a heat exchanger. In comparison, with a 
conventional air cooled fighter radar, the AESA will be more reliable but will require more electrical power 
and more cooling infrastructure, and typically can produce much higher average transmit power. 


ADVANTAGES OF AESA RADIATORS 


AESAs add many capabilities of their own to those of the Passive Electronically Steered Array 
(PESAs). Among these are: the ability to form multiple beams, to scan without mechanical steering, to use 
each transmit/receive module for different roles concurrently, like radar detection, and, more importantly, 
their multiple wave and scanning frequencies create multiple difficulties for traditional, correlation-type 
radar detectors. 


LOW PROBABILITY OF INTERCEPT 


Radar systems work by sending out a signal and then listening for its echo off distant objects. Each 
of these paths, to and from the target, is subject to the inverse square law of propagation. That means that a 
radar’s received energy drops with the fourth power of distance, which is why radar systems require high 
powers, often in the megawatt range, to be effective at long range. 


The radar signal being sent out is a simple radio signal, and can be received with a simple radio 
receiver. It is common to use such a receiver in the targets, normally aircraft, to detect radar broadcasts. 
Unlike the radar unit, which must send the pulse out and then receive its reflection, the target’s receiver 
does not need the reflection and thus the signal drops off only as the square of distance. This means that the 
receiver is always at an advantage over the radar in terms of range. It will always be able to detect the signal 
long before the radar can see the target’s echo. Since the position of the radar is extremely useful 
information in an attack on that platform, this means that radars generally must be turned off for lengthy 
periods if they are subject to attack; this is common on ships, for instance. 


Turning that received signal into a useful display is the purpose of the RWR. Unlike the radar, 
which knows which direction it is sending its signal, the receiver simply gets a pulse of energy and has to 
interpret it. Since the radio spectrum is filled with noise, the receiver’s signal is integrated over a short 
period of time, making periodic sources like a radar add up and stand out over the random background. 
Typically RWRs store the detected pulses for a short period of time, and compare their broadcast frequency 
and pulse repetition frequency against a database of known radars. The rough direction can be calculated 
using a rotating antenna, or similar passive array, and combined with symbology indicating the likely 
purpose of the radar - airborne early warning, surface to air missile, etc. 
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This technique is much less useful against AESA radars. Since the AESA can change its frequency 
with every pulse, and generally does so using a pseudo-random sequence, integrating over time does not 
help pull the signal out of the background noise. Nor does the AESA have any sort of fixed pulse repetition 
frequency, which can also be varied and thus hide any periodic brightening across the entire spectrum. 
Traditional RWRs suffered significantly decreased effectiveness against AESA radars. 


HIGH JAMMING RESISTANCE 


Jamming is likewise much more difficult against an AESA. Traditionally, jammers have operated 
by determining the operating frequency of the radar and then broadcasting a signal on it to confuse the 
receiver as to which is the “real” pulse and which is the jammer’s. This technique works as long as the radar 
system cannot easily change its operating frequency. When the transmitters were based on klystron tubes 
this was generally true, and radars, especially airborne ones, had only a few frequencies to choose among. 
A jammer could listen to those possible frequencies and select the one to be used to jam. 


Since an AESA could change its operating frequency with every pulse, and spread the frequencies 
across a wide band even in a single pulse, jammers are much less effective. Although it is possible to send 
out broadband white noise against all the possible frequencies, this means the amount of energy being sent 
at any one frequency is much lower, reducing its effectiveness. In fact, AESAs can then be switched to a 
receive-only mode, and use these powerful jamming signals instead to track its source, something that 
required a separate receiver in older platforms. 


AESA radars can be much more difficult to detect, and so much more useful in receiving signals 
from the targets, that they can broadcast continually and still have a very low chance of being detected. 
This allows such radar systems to generate far more data than traditional radar systems, which can only 
receive data periodically, greatly improving overall system effectiveness. 


OTHER ADVANTAGES 


Since each element in an AESA is a powerful radio receiver, active arrays have many roles besides 
traditional radar. One use is to dedicate several of the elements to reception of common radar signals, 
eliminating the need for a separate radar warning receiver. The same basic concept can be used to provide 
traditional radio support, and with some elements also broadcasting, form a very high bandwidth data link. 


AESAs are also much more reliable than either a PESA or older designs. Since each module 
operates independently of the others, single failures have little effect on the operation of the system as a 
whole. Additionally, the modules individually operate at lower powers and voltages so the need for a large 
high-voltage power supply is eliminated. 


Replacing a mechanically scanned array with a fixed AESA mount can help reduce an aircraft’s 


overall RCS, but some designs (such as the Eurofighter Typhoon) forgo this advantage in order to combine 
mechanical scanning with electronic scanning and provide a wider angle of total coverage. 
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3-7.4 


FRACTAL ANTENNAS 


The term fractal, which means broken or irregular fragments, was originally coined by 
B.B. Mandelbrot [1] to describe a family of complex shapes that possess self-similarity in their geometrical 
structure. In-depth studies of the patterns of nature provided inspiration for the development of fractal 
geometry where it has been used to model numerous natural objects. Recent advances in the antenna art 
have led to the application of fractal geometry instead of convention Euclidean geometric concepts to the 
design of wide bandwidth, low profile, compact antennas. 


A fractal antenna is an antenna that uses a fractal, self-similar design to maximize the length, or 
increase the perimeter (on inside sections or the outer structure), of material that can receive or transmit 
electromagnetic radiation within a given total surface area or volume. The earliest published reference to 
use of the term fractal radiators and fractal antennas to refer to fractal shaped antenna elements appeared 
May 1994 [2]. 


Such fractal antennas are also referred to as multilevel and space filling curves, but the key aspect 
lies in their repetition of a motif over two or more scale sizes, or “iterations.” For this reason, fractal 
antennas are very compact, multiband or wideband, and have useful applications in many commercial and 
military systems. 


A good example of a fractal antenna as a space-filling curve is in the form of a Minkowski Island 
(Figure 1). Here, each line of copper is just a small fraction of a wavelength [3]. 


A fractal antenna’s response differs markedly from traditional antenna designs, in that it is capable 
of operating with good-to-excellent performance at many different frequencies simultaneously. Normally 
standard antennas have to be “cut” for the frequency for which they are to be used — and thus the standard 
antennas only work well at that frequency. This makes the fractal antenna an excellent design for wideband 
and multiband applications. 


50 


KS 


Figure 1. An Example of a Fractal Antenna: a Space-Filling 
Curve Called a Minkowski Island. 


Antenna elements (as opposed to antenna arrays) made from self-similar shapes were first created 
by Nathan Cohen, then a professor at Boston University, starting in 1995 [4]. Cohen’s efforts with a variety 
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of fractal antenna designs were first published in 1995 (thus the first scientific publication on fractal 
antennas), and a number of patents have been issued from the 1995 filing priority of invention. Most 
allusions to fractal antennas make reference to these “fractal element antennas.” 


Many fractal element antennas use the fractal structure as a virtual combination of capacitors and 
inductors. This makes the antenna have so that it has many different resonances that can be selected and 
adjusted by choosing the proper fractal design. Electrical resonances may not be directly related to a 
particular scale size of the fractal antenna structure. The physical size of the antenna is unrelated to its 
resonant or broadband performance. The general rule of antenna length being near target frequency 
wavelength does not apply itself in the same way with fractal antennas. 


This complexity arises because the current on the structure has a complex arrangement caused by 
the inductance and self capacitance. In general, although their effective electrical length is longer, the 
fractal element antennas are physically smaller. 


Fractal element antennas are shrunken compared to conventional designs and do not need 
additional components. In general, the fractal dimension of a fractal antenna is a poor predictor of its 
performance and application. Not all fractal antennas work well for a given application or set of 
applications. Computer search methods, optimization algorithms, and antenna simulations are commonly 
used to identify which fractal antenna designs best meet the need of the application. 


Although the first validation of the technology was published as early as 1995 [4] recent 
independent studies show advantages of the fractal element technology in real-life applications, such as 
radio frequency identification and cell phones. 


A different and also useful attribute of some fractal element antennas is their self-scaling aspect. In 
1999, it was discovered that self-similarity was one of the underlying requirements to make antennas 
“invariant” (same radiation properties) at a number or range of frequencies. Previously, under Rumsey’s 
Frequency Independent Antenna Principle, it was believed that antennas had to be defined by angles for this 
to be true; the 1999 analysis [5], based on Maxwell’s equations, showed this to be a subset of the more 
general set of self-similar conditions. Hence fractal antennas offer a closed-form and unique insight into a 
key aspect of electromagnetic phenomena to wit the invariance property of Maxwell’s equations. 


Antenna tuning units are typically not required on fractal antennas due to their wide bandwidth and 
complex resonance. However, if a transmitting antenna has deep nulls in its response or has 
electromagnetic structural issues that require equalization then an antenna tuning unit should be used. 


In addition to their use as antennas, fractals have also found application in other antenna system 
components including loads, counterpoises, and ground planes. Confusion by those who claim “grain of 
rice”-sized fractal antennas arises, because such fractal structures serve the purpose of loads and 
counterpoises, rather than bona fide antennas. 


Fractal inductors and fractal tuned circuits (fractal resonators) were also discovered and invented 
simultaneously with fractal element antennas. An emerging example of such is in metamaterials. A recent 
report demonstrates using close-packed fractal resonators to make the first wideband metamaterial 
“invisibility cloak” at microwave frequencies [6]. Fractal filters (a type of tuned circuit) are another 
example of fractal geometry in microwave componentry. 


As fractals can be used as counterpoises, loads, ground planes, and filters, all parts that can be 


integrated with antennas, they are considered parts of some antenna systems and thus are discussed in the 
context of fractal antennas. 
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4-0.2 


FIELD INTENSITY and POWER DENSITY 


Sometimes it is necessary to know the actual field intensity or power density at a given distance from 
a transmitter instead of the signal strength received by an antenna. Field intensity or power density 
calculations are necessary when estimating electromagnetic interference (EMI) effects, when determining 
potential radiation hazards (personnel safety), or in determining or verifying specifications. 


Field intensity (field strength) is a general term that usually means the magnitude of the electric field 
vector, commonly expressed in volts per meter. At frequencies above 100 MHZ, and particularly above one 
GHz, power density (Pp) terminology is more often used than field strength. 

Power density and field intensity are related by equation [1]: 


| ne Se 
P= =.= 
Z, 120n 377 





[1] 


where Pp is in W/m’, E is the RMS value of the field in volts/meter and 377 ohms is the characteristic 
impedance of free space. When the units of Pp are in mW/cm’, then Pp (mW/cm’) = E’/3,770. 


Conversions between field strength and power density when the impedance is 377 ohms, can be 
obtained from Table 1. It should be noted that to convert dBm/m’ to dBuV/m add 115.76 dB. Sample 
calculations for both field intensity and power density in the far field of a transmitting antenna are in 
Section 4-2 and Section 4-8. Refer to chapter 3 on antennas for the definitions of near field and far field. 


Note that the “/” term before m, m’, and cm’ in Table 1 mean “per,” i.e., dBm per m’, not to be 
confused with the division sign which is valid for the Table 1 equation P=E’/Z,. Remember that in order to 
obtain dBm from dBm/m’ given a certain area, you must add the logarithm of the area, not multiply. The 
values in the table are rounded to the nearest dBW, dBm, etc. per m’ so the results are less precise than a 
typical handheld calculator and may be up to % dB off. 


VOLTAGE MEASUREMENTS 





Coaxial cabling typically has input impedances of 50, 75, and 93Q, (+2) with 50Q being the most 
common. Other types of cabling include the following: TV cable is 75Q (coaxial) or 300Q (twin-lead), audio 
public address (PA) is 600Q, audio speakers are 3.2 (4), 8, or 16. 


In the 50Q case, power and voltage are related by: 
P=—=—=S50/’ [2] 
Zo 50 


Conversions between measured power, voltage, and current where the typical impedance is 50 ohms 
can be obtained from Table 2. The dBA current values are given because frequently a current probe is used 
during laboratory tests to determine the powerline input current to the system. 


MATCHING CABLING IMPEDANCE 


In performing measurements, we must take into account an impedance mismatch between 
measurement devices (typically 50 ohms) and free space (377 ohms). 


Table 1. Conversion Table - Field Intensity and Power Density 
Pp = E’/Zy (Related by free space impedance = 377 ohms) 


Pp 10 Log Pp 
a8 spied 
130,000 
66,300 
23,900 


10,600 
2,650 


20 log 10° (E) 
Ree 


dBuV/m 



































NOTE: Numbers in table rounded off. 


FIELD STRENGTH APPROACH 


To account for the impedance difference, the antenna factor (AF) is defined as: AF=E/V, where E is 
field intensity which can be expressed in terms taking 377 ohms into account and V is measured voltage 
which can be expressed in terms taking 50 ohms into account. Details are provided in Section 4-12. 


POWER DENSITY APPROACH 

To account for the impedance difference, the antenna’s effective capture area term, A, relates free 
space power density Pp with received power, P,, i.e. P}= Pp Ae. A- is a function of frequency and antenna 
gain and is related to AF as shown in Section 4-12. 
SAMPLE CALCULATIONS 

Section 4-2 provides sample calculations using power density and power terms from Tables 1 and 2, 
whereas Section 4-12 uses these terms plus field intensity and voltage terms from Table 1 and Table 2. Refer 
the examples in Section 4-12 for usage of the conversions while converting free space values of power density 
to actual measurements with a spectrum analyzer attached by coaxial cable to a receiving antenna. 


Conversion Between Field Intensity (Table 1) and Power Received (Table 2). 


Power received (watts or milliwatts) can be expressed in terms of field intensity (volts/meter or 
uv/meter) using equation [3]: 











; BP 
Power received (P,. )= — [3] 

(Bey 480 7° f° 
or in log form: 10 log P, = 20 log E+ 10 log G - 20 log f+ 10 log (c?/4802°) [4] 
Then 10 log Pr = 20 log E, + 10 log G - 20 log f, + Ky [5] 

5 , 
Where K,=10 log c 5° Sete us aide 5 
480 7 as required (volts to uv) (Hz to MHz or GHz) 


The derivation of equation [3] follows: Values of K, (dB) 


Een ete Sa Sie eee) (GH 
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.. P,= (E2/120)(A’G/4n) terms (v’/m?Q)(m’) 
X=c/f Section 2-3, terms (m/sec)(sec) 
”.P, = (E*/480n’)(c? G/f?) which is equation [3] 


terms (v7/m’Q)(m7/sec’)(sec”) or v7/Q = watts 


Table 2. Conversion Table - Volts to Watts and dBuA. 
(P, = V,/Z - Related by line impedance of 50 Q) 








POWER DENSITY 


Radio Frequency (RF) propagation is defined as the travel of electromagnetic waves through or along 
amedium. For RF propagation between approximately 100 MHz and 10 GHz, radio waves travel very much 
as they do in free space and travel in a direct line of sight. There is a very slight difference in the dielectric 
constants of space and air. The dielectric constant of space is one. The dielectric constant of air at sea level is 
1.000536. In all but the highest precision calculations, the slight difference is neglected. 


From chapter 3, Antennas, an isotropic radiator is a theoretical, lossless, omnidirectional (spherical) 
antenna. That is, it radiates uniformly in all directions. The power of a transmitter that is radiated from an 
isotropic antenna will have a uniform power density (power per unit area) in all directions. The power density 
at any distance from an isotropic antenna is simply the transmitter power divided by the surface area of a 
sphere (42R’) at that distance. The surface area of the sphere increases by the square of the radius, therefore 
the power density, Pp, (watts/square meter) decreases by the square of the radius. 


Power density from __ ip, where : P,= Transmitter Power 





- 1 
an isotropic antenna 2 An R? R= Range From Antenna (i.e., radius of sphere) mM 


P, is either peak or average power depending on how Pp is to be specified. 


Radars use directional antennas to channel most of the radiated power in a particular direction. The 
Gain (G) of an antenna is the ratio of power radiated in the desired direction as compared to the power 
radiated from an isotropic antenna, or: 


Maximum radiation intensity of actual antenna 





Radiation intensity of isotropic antenna with same power input 


The power density at a distant point from a radar with an antenna gain of G, is the power density from 
an isotropic antenna multiplied by the radar antenna gain. 


_ PG; 
4m R° 
P, is either peak or average power depending on how Pp is to be specified. 





Power density from radar, Pp 


[2] 


Another commonly used term is effective isotropic radiated power (EIRP), where EIRP = P; G;. 
ERP is also used but EIRP is preferred because it specifically defines the type of reference antenna as 
isotropic. 


A receiving antenna captures a portion of this power determined by its effective capture Area (A,). 


The received power available at the antenna terminals is the power density times the effective capture area 
(A.) of the receiving antenna. 


e.g., If the power density at a specified range is one microwatt per square meter and the antenna’s 


effective capture area is one square meter then the power captured by the antenna is one microwatt. 





For a given receiver antenna size the capture area is constant no matter how far it is from the 
transmitter, as illustrated in Figure 1. Also notice from Figure | that the received signal power decreases by 
1/4 (6 dB) as the distance doubles. This is due to the R’ term in the denominator of equation [2]. 
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Figure 1. Power Density vs. Range. 


Sample Power Density Calculation - Far Field 
(Refer to Section 3-5 for the definition of near field and far field) 

Calculate the power density at 100 feet for 100 watts transmitted through an antenna with a gain of 
10. 


Given: P,;= 100 watts G,=10 (dimensionless ratio) R= 100 ft 


This equation produces power density in watts per square range unit. 


pp= L1G = C00 watts) 19 _ 9 9980 watts/ f? 
4nR°  —42(100 ft ) 





For safety (radiation hazard) and EMI calculations, power density is usually expressed in milliwatts 
per square cm. That’s nothing more than converting the power and range to the proper units. 


100 watts = 1 x 10? watts = 1 x 10° mW 
100 feet = 30.4785 meters = 3047.85 cm. 


5 
= PGi (10 M99 9 9086 mW cm’ 
4m R42 (3047.85cm ) 





D 


However, antenna gain is almost always given in dB, not as aratio. It’s then often easier to express 


EIRP in dBm. 


P, watts 100 
bi 210g | 70 es | S008 
PAaomy e| ImW | sa 


G, (dB) = 10 Log S] = 10 Log (10) = 10 dB 


EIRP (dBm) = P, (dBm) + G, (dB) = 50 + 10 = 60 dBm 
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To reduce calculations, the graph in Figure 2 can be used. It gives EIRP in dBm, range in feet and 
power density in mW/cm”. Follow the scale A line for an EIRP of 60 dBm to the point where it intersects the 
100 foot range scale. Read the power density directly from the A-scale x-axis as 0.0086 mW/cm*’ (confirming 
our earlier calculations). 
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Figure 2. Power Density vs. Range and EIRP. 
Example 2 


When antenna gain and power (or EIRP) are given in dB and dBm, it is necessary to convert back to 
ratios in order to perform the calculation given in equation [2]. Use the same values as in example | except 
for antenna gain. 


Suppose the antenna gain is given as 15 dB: G, (dB) = 10 Log (G,) 


G, (dB) 


Therefore: G,= [10] 70 





)- [10] (70) 31.6228 


pp= PG _ U0 mW) 31-6228) _ 9 6971 mW om? 


4m (3047.85 )° 


Follow the 65 dBm (extrapolated) EIRP line and verify this result on the A-scale X-axis. 
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Example 3 - Sample Real Life Problem 


Assume we are trying to 
determine if a jammer will damage 
the circuitry of a missile carried 
onboard an aircraft and we cannot 
perform an actual measurement. 
Refer to the diagram at the right. 


Given the following: 
Jammer power: 500 W (P, = 500) 


Jammer line loss and antenna gain: 
3 dB (G; = 2) 





Missile antenna diameter: 10 in 
Missile antenna gain: Unknown 


Missile limiter protection (maximum antenna power input): 20 dBm (100mW) average and peak. 


The power density at the missile antenna caused by the jammer is computed as follows: 


_ PiGr _ S00W (2) 





a 3 =8.56W/ m 
4m R°  4n[(10ft)(.3048m/ft) ] 
The maximum input power actually received by the missile is either: 
P,= Pp A, (if effective antenna area is known) or 


P,= Pp Gu/4a (if missile antenna gain is known) 


To cover the case where the missile antenna gain is not known, first assume an aperture efficiency of 0.7 for 
the missile antenna (typical). Then: 





P, = Pp An = 8.56 W/m (x)[ (10/2 in)(.0254 m/in) ] * (0.7) = 0.3 watts 


Depending upon missile antenna efficiency, we can see that the power received will be about 3 times 
the maximum allowable and that either better limiter circuitry may be required in the missile or a new location 
is needed for the missile or jammer. Of course if the antenna efficiency is 0.23 or less, then the power will 
not damage the missile’s receiver. 


If the missile gain were known to be 25 dB, then a more accurate calculation could be performed. 
Using the given gain of the missile (25 dB= numeric gain of 316), and assuming operation at 10 GHz 
(A = .03m) 


P. = Pp Gnd’ / 4 = 8.56 W/m? (316)(.03)"/ 42 = .19 watts (still double the allowable tolerance) 
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ONE-WAY RADAR EQUATION / RF PROPAGATION 
The one-way (transmitter to receiver) radar equation is derived in this section. This equation is most 


commonly used in RWR, communications, or ESM type of applications. The following is a summary of the 
important equations explored in this section: 


ONE-WAY RADAR EQUATION 


_ PiG: Ae 
4m R? 


Peak Power at 
4 A. 


2 





Receiver Input, P..(or S)= Pp Ae and Antenna Gain, G= 


2 
or: Equivalent Area, A.= GA 
Values of K, (in dB) 

¥ Range f, in MHz f,inGHz 
| ( Note:4=“) ims fe 2 
7 NM 37.8 97.8 
km 32.45 92.45 
m 27.55 32.45 
On reducing to log form this becomes: yd -28.33 31.67 
10log P, = 10log P, + 10log G,; + 10log G, - 20log fR + 20log (c/4z) ft -37.87 = 22.13 


So the one-way radar equation is : 


P; G: G, a: c 
(40R J (4nf RY 
* keep A, c, and R in the same units 


S(or P,) = 


=P.6.6;| 





or in simplified terms: 
10log P, = 10log P, + 10log G, + 10log G, - a; (in dB) 








Note: Losses due to antenna 
polarization and atmospheric 
absorption (Sections 3-2 & 
5-1) are not included in any of 
Note: To avoid having to include additional terms for these these equations. 
calculations, always combine any transmission line loss with antenna 

gain 


Where: a, = one-way free space loss = 20log (fR) + K, (in dB) and: 
K, = 20log [(42/c)(Conversion factors if units if not in m/sec, m, and Hz)] 





Recall from Section 4-2 that the power Same Antenna 
density at a distant point from a radar with an antenna Capture Are 
gain of G, is the power density from an isotropic 
antenna multiplied by the radar antenna gain. 


PiG; 
47 R’ 





Power density from radar, Pp = 


If you could cover the entire spherical 
segment with your receiving antenna you would 
theoretically capture all of the transmitted energy. Pee es Sie! a, creed eal a i. i 
You can’t do this because no antenna is large enough. 
(A two degree segment would be about a mile and Figure 1. Power Density vs. Range. 
three-quarters across at fifty miles from the 
transmitter.) 


Range 1 gm Range 2 
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A receiving antenna captures a portion of this power determined by its effective capture Area (A.). 
The received power available at the antenna terminals is the power density times the effective capture area 
(A.) of the receiving antenna. 


For a given receiver antenna size the capture area is constant no matter how far it is from the 
transmitter, as illustrated in Figure 1. This concept is shown in the following equation: 
Peak Power at Receiver input, 


_ Pi G; Ae 


ia which is known as the one-way (beacon) equation [2] 
aR 


Pr (or S) = PpA. 





In order to maximize energy transfer between an antenna and transmitter or receiver, the antenna size 
should correlate with frequency. For reasonable antenna efficiency, the size of an antenna will be greater than 
/4. Control of beamwidth shape may become a problem when the size of the active element exceeds several 
wavelengths. 


The relation between an antenna’s 
effective capture area (A,) or effective aperture 


and its Gain (G) is: 





4 
Antenna Gain, G= a [3] 
a Lower Freque Higher Frequercy 
or : Equivalent Area, A.= “< [4] peter He a 


Low Frequency -——_ Higher Frequenoy ay 
AteraAara Areia Ara 


Recebed Signal [a Rece bed Signal = 


Since the effective aperture is in units 
of length squared, from equation [3], it is seen 
that gain is proportional to the effective 
aperture normalized by the wavelength. This 
physically means that to maintain the same 
gain when doubling the frequency, the area is reduced by 1/4. This concept is illustrated in Figure 2. 


Figure 2. Capture Area vs. Frequency. 





If equation [4] is substituted into equation [2], the following relationship results: 


P:G:GrV? _ P:G;G,A’ 
(4n)R? (4aR/ 





Peak Power at Receiver Input = S (or Pp) = [5] 





This is the signal calculated one-way from a transmitter 

to a receiver. For instance, a radar application might be to s SE en eee aR 
determine the signal received by a RWR, ESM, or an ELINT l S decreases by 6 dB t 
receiver. It is a general purpose equation and could be applied ree when the distance doubles R 
to almost any line-of-sight transmitter to receiver situationifthe |——————————————————-—-—-| 
RF is higher than 100 MHZ. - an Sincreases by 6 dB = 

T when the distance is half a 

8 O5R 
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The free space travel of radio waves can, of course, be blocked, 
reflected, or distorted by objects in their path such as buildings, flocks o 
birds, chaff, and the earth itself. 


As illustrated in Figure 1, as the distance is doubled the received 
signal power decreases by 1/4 (6 dB). This is due to the R’ term i 
equation [5]. 


To illustrate this, blow up a round balloon and draw a square on the 
side of it. If you release air so that the diameter or radius is decreased by 
1/2, the square shrinks to 1/4 the size. If you 
further blow up the balloon, so the diameter or 


radius is doubled, the square has quadrupled in on 
TRANSMITTER 
area. 


The one-way free space loss factor (a), 


Values of K, (dB) 
Range f,in MHz ff in GHz 
(units) K,= 

37.8 


32.45 
-27.55 
-28.33 
-37.87 


PHYSICAL CONCEPT - One-way Space Loss 





RECEIVER 


S$ (orP,) 
(sometimes called the path loss factor) is given by 
the term (42R°)(41/2”) or (4nR /A)*. As shown in EQUIVALENT CIRCUIT - One-way Space Loss 
Figure 3, the loss is due to the ratio of two factors acta RECEIVER 
(1) the effective radiated area of the transmit 
antenna, which is the surface area of a sphere « ,, TRANS MITTER TO RECEIVER 
(4nR°) at that distance (R), and (2) the effective ssa bat — 


capture area (A.) of the receive antenna which has EQUIVALENT CIRCUIT - One-Way Space Loss with Actual Antennas 


a gain of one. If a receiving antenna could TBANSHITIER 
capture the whole surface area of the sphere, there 
would be no spreading loss, but a practical 
antenna will capture only a small part of the 
spherical radiation. Space loss is calculated using 
isotropic antennas for both transmit and receive, 
SO 0, is independent of the actual antenna. Using 
Gr = 1 in equation [11] in Section 3-1, A, =A7/4n. 


RECEIVER 


G 


Figure 3. Concept of One-Way Space Loss. 





Since this term is in the denominator of a, the higher the frequency (lower 1) the more the space loss. Since 
G,and G, are part of the one-way radar equation, S (or P,) is adjusted according to actual antennas as shown in 


the last portion of Figure 3. The value of the received signal (S) is: 


PiGiGrd” _ pig 


_ Xn 
S (or Ppr)= (an) R t 161 ans 


To convert this equation to dB form, it is rewritten as: 





10 Log (S or Pr) = 10 Log (PtGtGr) + 20 Log a 
4nfR 


Since 4 = c / f, equation [7] can be rewritten as: 
10 Log (S or P,) = 10 Log(P; G:G,) - o1 


. 4nf R 
Where the one-way free space loss, a), is defined as: q,=20 Log 22%) * 
Cc 
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[6] 


[7] 


[8] 


[9] 


The signal received equation in dB form is: 10log (P, or S) = 10log P,+ 10log G,+ 10log G, - a, [10] 


The one-way free space loss, 0, can be given in terms of a variable and constant term as follows: 


ai=20Log| “2 ) =20Log f,R+K, (indB) [11] 


Cc 


The value of f, can be either in MHz or GHz as shown with commonly used units of R in the 
adjoining table. 


where K ,= 20 Log = e (Conversion units if not in m/sec, m, and 1) 
c 


Note: To avoid having to include additional terms for these calculations, always combine any 
transmission line loss with antenna gain. 


A value for the one-way free space loss (a) can be obtained from: 


(a) The One-way Free Space Loss graph (Figure 4). Added accuracy can be obtained using the 
Frequency Extrapolation graph (Figure 5) 


(b) The space loss nomograph (Figure 6 or 7) 


(c) The formula for a, equation [11]. 


FOR EXAMPLE: 


Find the value of the one-way free space loss, a), for an RF of 7.5 GHz at 100 NM. 

(a) From Figure 4, find 100 NM on the X-axis and estimate where 7.5 GHz is located between 
the 1 and 10 GHz lines (note dot). Read a, as 155 dB. An alternate way would be to read the 
a, at | GHz (138 dB) and add the frequency extrapolation value (17.5 dB for 7.5:1, dot on 
Figure 5) to obtain the same 155 dB value. 

(b) From the nomogram (Figure 6), the value of a; can be read as 155 dB (Note the dashed line). 

(c) From the equation 11, the precise value of a, is 155.3 dB. 

Remember, a1, is a free space value. If there is atmospheric attenuation because of absorption of RF 


due to certain molecules in the atmosphere or weather conditions etc., the atmospheric attenuation is in 
addition to the space loss (refer to Section 5-1). 
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Figure 4. One-Way Free Space Loss. 
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Figure 5. Frequency Extrapolation. 
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Figure 7. One-Way Space Loss Nomograph for Distances Less Than 10 Nautical Miles. 
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Figure 8 is the visualization of the losses occurring in one-way radar equation. Note: To avoid 
having to include additional terms, always combine any transmission line loss with antenna gain. Losses due 
to antenna polarization and atmospheric absorption also need to be included. 


NOTE: Drawing not to scale 


Note: Inthe example on page 4-3.16, 
the receiver antenna gain is negative 
VS positive. 
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! 
1 
! 
1 
1 
1 
Approaching Receiver 

! 

1 

I If power is actually measured in this region, 


‘gt is stated in either power density (m¥Vicm?) i 
or field intensity (im) 
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Figure 8. Visualization of One-Way Radar Equation. 


RWR/ESM RANGE EQUATION (One-Way) 


The one-way radar (signal strength) equation [5] is rearranged to calculate the maximum range Rynax 
of RWR/ESM receivers. It occurs when the received radar signal just equals Sin as follows: 





7 a = 
R ~ P.G:G, A’ P:G:G,c° : PG Ae |? 
max 2 or 2 or as 
(47 ) Simin (47f ) Simin 41 Simin [12] 
In log form: 
20log Rmax = 10log P+ 10log G, - 10log Spin - 20log f+ 20log(c/4z) [13] 


and since K; = 20log {4z/c times conversion units if not in m/sec, m, and Hz} 
(Refer to Section 4-3 for values of K). 


10log Rmax = “[ 10log P,+ 10log G; - 10log Simin - 20log f- Ki] (keep P,; and Spin in same units) [14] 


M dB 
If you want to convert back from dB, then Rinax = oa , where M dB is the resulting number in the 


brackets of equation 14. 
From Section 5-2, Receiver Sensitivity / Noise, S,in1s related to the noise factor S: 


Smin = (S/N min (NF)KT,B [15] 
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> Pl ..ad)..3:32/735 





The one-way RWR/ESM range equation becomes: 











1 1 1 
Rinax & PiGiGr A’ ae P:GiGre ot PGi Ac : [16] 
(47 J (SIN ),.. (NF) KT.B (4af J’ (SIN ).... (NF) KT, B 4x (S/N )... (NF) KT.B 


RWR/ESM RANGE INCREASE AS A RESULT OF A SENSITIVITY INCREASE 


As shown in equation [12] Sai OC Ries Therefore, -10 log Spin &¢ 20 logRmax and the following 
table results: 


% Range Increase: Range + (% Range Increase) x Range = New Range 

i.e., for a 6 dB sensitivity increase, 500 miles +100% x 500 miles = 1,000 miles 
Range Multiplier: Range x Range Multiplier = New Range 

i.e., for a 6 dB sensitivity increase 500 miles x 2 = 1,000 miles 


dB Sensitivity % Range Range dB Sensitivity % Range Range 
Increase Increase Multiplier Increase Increase Multiplier 


6 1.06 10 216 3.16 
12 1.12 11 255 3.55 
19 1.19 12 298 3.98 
26 1.26 13 347 4.47 
4] 1.41 14 401 5.01 
58 1.58 15 462 5.62 
78 1.78 16 531 6.31 
2.0 17 608 7.08 
2.24 18 694 7.94 
2.51 19 791 8.91 
2.82 20 900 10.0 


2 
3 
4 
5 
6 
7 
8 
9 





RWR/ESM RANGE DECREASE AS A RESULT OF A SENSITIVITY DECREASE 


As shown in equation [12] Ga ee Riva. Therefore, -10 log Spin &¢ 20 logRmax and the following 
table results: 


% Range Decrease: Range - (% Range decrease) x Range = New Range 

i.e., for a 6 dB sensitivity decrease, 500 miles - 50% x 500 miles = 250 miles 
Range Multiplier: Range x Range Multiplier = New Range 

i.e., for a 6 dB sensitivity decrease 500 miles x .5 = 250 miles 
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dB Sensitivity % Range Range dB Sensitivity % Range Range 
Decrease Decrease Multiplier Decrease Decrease Multiplier 


- 0.5 6 0.94 -10 68 0.32 
- 1.0 11 0.89 -1l 72 0.28 
- 1.5 16 0.84 - 12 75 0.25 
-2 21 0.79 - 13 78 0.22 
-3 29 0.71 - 14 80 0.20 


-4 37 0.63 - 15 82 0.18 
-5 44 0.56 - 16 84 0.16 
-6 50 0.50 -17 86 0.14 
-7 56 0.44 - 18 87 0.13 
-8 60 0.4 - 19 89 0.11 
-9 65 0.35 - 20 90 0.10 





Example of One-Way Signal Strength: A 5 (or 7) GHz radar has a 70 dBm signal fed through a 5 dB loss 
transmission line to an antenna that has 45 dB gain. An aircraft that is flying 31 km from the radar has an aft 
EW antenna with -1 dB gain and a 5 dB line loss to the EW receiver (assume all antenna polarizations are the 
same). 





Note: The respective transmission line losses will be combined with antenna gains, i.e.: 
-5 +45 = 40 dB, -5 - 1 =-6 dB, -10 + 5 =-5 dB. 
(1) What is the power level at the input of the EW receiver? 


Answer (1): P, at the input to the EW receiver = Transmitter power - xmt cable loss + xmt 
antenna gain - space loss + revr antenna gain - rcvr cable loss. 


Space loss (from Section 4-3) @ 5 GHz = 20 log fR + K, = 20 log (5x31) + 92.44 = 136.25 dB. 
Therefore: 


P, = 70 + 40 - 136.25 - 6 = -32.25 dBm @ 5 GHz (P, = -35.17 dBm @ 7 GHz since a = 139.17 dB) 
(2) If the received signal is fed to a jammer with a gain of 60 dB, feeding a 10 dB loss 
transmission line which is connected to an antenna with 5 dB gain, what is the power level from the 
jammer at the input to the receiver of the 5 (or 7) GHz radar? 
Answer (2): P, at the input to the radar receiver = Power at the input to the EW receivert+ 
Jammer gain - jammer cable loss + jammer antenna gain - space loss + radar revr antenna gain - radar revr 


cable loss. Therefore: 


P, = -32.25 + 60 - 5 - 136.25 + 40 = -73.5 dBm @ 5 GHz. (P, = -79.34 dBm @ 7 GHz 
since o; = 139.17 dB and P, = -35.17 dBm). 


This problem continues in Sections 4-4, 4-7, and 4-10. 
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TWO-WAY RADAR EQUATION (MONOSTATIC) 


In this section the radar equation is derived from the one-way equation (transmitter to receiver) which 
is then extended to the two-way radar equation. The following is a summary of the important equations to be 


derived here: 


TWO-WAY RADAR EQUATION (MONOSTATIC) 


Peak power at the 
radar receiver input is: ‘ 


_PiG.GAo 
(4m J R’ 


-P.6.6,| 


On reducing the above equation to log form we have: 
10log P, = 10log P, + 10log G, + 10log G, + 10log o - 20log f- 40log R - 30log 42 + 20log c 


or in simplified terms: 


omen ] 
(4 J f° R’ 


10log P, = 10log P, + 10log G, + 10log G,+ G,- 2a, (in dB) 


Note: A= c/f and o = RCS 


* keep A orc,o,and R in the same units 


Note: Losses due to antenna polarization and atmospheric absorption (Sections 3-2 and 5-1) are not included in these 


equations. 





Target gain factor, G, = 10log o + 20log f; + K, (in dB) 





K, Values 
(dB) RCS (6) ~—f; in MHz 


(units) K,= 
-38.54 
-48.86 


Figure 1 illustrates the 
physical concept and equivalent 
circuit for a target being illuminated 
by a monostatic radar (transmitter 
and receiver co-located). Note the 
similarity of Figure | to Figure 3 in 
Section 4-3. Transmitted power, 
transmitting and receiving antenna 
gains, and the one-way free space 
loss are the same as those described 
in Section 4-3. The physical 
arrangement of the elements is 
different, of course, but otherwise 
the only difference is the addition of 
the equivalent gain of the target 
RCS factor. 


fin GHz 





K, Values Range 
(dB) (units) 


One-way free space loss, a, = 20log (f; R)+ K, (in dB) 


NM 


PHYSKAL CONCEPT 


TRANSMITTER 


TRANSMITTER 


RECEIVER 


TRAM SHMITTER TO TARGET 
O,, ONE-WAY SPAGE Loess 


TARGET TO RECENER 
Oy, ONE-WAY SPAGE LOSS 


f, in MHz 


fin GHz 





TARGET 


Sg 


ea OF RAGS 


GAIN OF RAGS 





Figure 1. The Two-Way Monostatic Radar Equation Visualized. 
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From Section 4-3, One-Way Radar Equation / RF Propagation, the power in the receiver is: 


Received Signal _ P,G,G,A° 


2 [1] 
at Target (4mR ) 


4 
From equation [3] in Section 4-3: Antenna Gain ,G = ae [2] 





Similar to a receiving antenna, a radar target also intercepts a portion of the power, but reflects 
(reradiates) it in the direction of the radar. The amount of power reflected toward the radar is determined by 
the Radar Cross Section (RCS) of the target. RCS is a characteristic of the target that represents its size as 
seen by the radar and has the dimensions of area (o) as shown in Section 4-11. RCS area is not the same as 
physical area. But, for a radar target, the power reflected in the radar’s direction is equivalent to re-radiation 
of the power captured by an antenna of area o (the RCS). Therefore, the effective capture area (A.) of the 
receiving antenna is replaced by the RCS (0). 


410 Reflected Signal p,G, 4? 4n0 
= [3] so we now have: aos 
av’ from target (4aR y 4? 





G, [4] 


The equation for the power reflected in the radar’s direction is the same as equation [1] except that P, 
G,, which was the original transmitted power, is replaced with the reflected signal power from the target, from 
equation [4]. This gives: 


Reflected Signal Received Back _ P,G,4’4mo0__ G, A? 





[5] 





at Input to Radar Receiver (4mR) 2? (4aR 
If like terms are cancelled, the two-way radar 
TWO WAY SIGNAL STRENGTH Oe equation results. The peak power at the radar 
§ 8 decreases by 12 dB tT receiver input 1S. 
Gea when the distance doubles R 
pet Pe 
—-------- ee 2 2 
P,G,G,2 o Oc 
Presta S increases by 12 dB - Pas — 7 4 = P,G;:G; 3 2g 
T when the distance is half 4 (47 ) R (4 ) f R 
§ O.5R 
* Note: A=c/fand o =RCS. Keep A orc, o, and R in 











the same units. 
On reducing equation [6] to log form we have: 


10log P, = 10log P, + 10log G, + 10log G, + 10log o - 20log f- 40log R - 30log 42 + 20log c [7] 
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[6] 


Target Gain Factor 





If Equation [5] terms are rearranged instead of cancelled, a recognizable form results: 





a 410 Ze 
S (or P,)=(P:G;G,)® e ° [8] 
(or P,)=( | |. 2 ).) 4] 
In log form: 
A 4n0 A 
1OloglS (or P,)]= 10l0g P,+ 10086, + 10108 G,+ 20108] | + 10108) 2 | + 20108| | [9] 
47R AZ 47R 


The fourth and sixth terms can each be recognized as -o,, where a is the one-way free space loss factor 
defined in Section 4-3. The fifth term containing RCS (0) is the only new factor, and it is the “Target Gain 
Factor.” 


In simplified terms the equation becomes: 
10log [S (or P,)] = 10log P, + 10log G, + 10log G, + G, - 20, (in dB) [10] 


Where a, and G, are as follows: 


From Section 4-3, equation [11], the space loss in dB is given by: 


R * 
a,= 20 log a =20log f,R+K, where K,= 20 log | «Conversion units if not inm/sec,m, and 1) [11] 
c c 


* Keep c and R in the same units. The 
table of values for K; is again presented here for || One-way free space loss, a, = 2Olog (f,R) + K, (in 
completeness. The constant, K,, in the table dB) 
includes a range and frequency unit conversion 
factor. K, Values Range f, in MHz 


(dB) (units ) K,= 


While it’s understood that RCS is the 
antenna aperture area equivalent to an 
isotropically radiated target return signal, the 
target gain factor represents a gain, as shown in 
the equivalent circuit of Figure 1. The Target 
Gain Factor expressed in dB is G, as shown in 
equation [12]. 


NM 








2 


2 
Go= 10tog| |= 10109] #2" |= 010g + 20.06 f+ K: (in dB) [12] 
c 





2 


where = 10 
c 


4m. Frequency and RCS (Hz to MHz or GHz )’ 
conversions as required (meters to feet )° 
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The “Target Gain Factor” (G,) is a composite of RCS, frequency, and dimension conversion factors 
and is called by various names: “Gain of RCS”, “Equivalent Gain of RCS”, “Gain of Target Cross Section’, 
and in dB form “Gain-sub-Sigma”’. 


If frequency is given in MHz and RCS (o) is in m’, the formula for G, is: 





2 6 2 
G,=10log.o + 20log f’, + 10log tno(<_) en o( 20 ) [13] 


or: G,=10loga + 20 log f,- 38.54 (in dB) [14] 


Target gain factor, G, = 10log co + 20log f, + K, (in 
dB) 


K, Values 


(dB) RCS (0) f, in MHz f, in GHz 


(units) K,= 
-38.54 
-48.86 





For this example, the constant K, is -38.54 dB. K, values for various area and frequency and 
frequency units are summarized in the adjoining table. 


In the two-way radar equation, the one-way free space loss factor (a1) is used twice, once for the 
radar transmitter to target path and once for the target to radar receiver path. The radar illustrated in Figure | 
is monostatic so the two path losses are the same and the values of the two o,’s are the same. 


If the transmission loss in Figure 1 from P; to G, equals the loss from G, to P,, and G, = G,, then 
equation [10] can be written as: 


10log [S or P,] = 10log P, + 20log Gy - 20,+G, (in dB) [15] 


The space loss factor (a) and the target gain factor (G,) include all the necessary unit conversions so 
that they can be used directly with the most common units. Because the factors are given in dB form, they are 
more convenient to use and allow calculation without a calculator when the factors are read from a chart or 
nomograph. 


Most radars are monostatic. That is, the radar transmitting and receiving antennas are literally the 
same antenna. There are some radars that are considered “monostatic” but have separate transmitting and 
receiving antennas that are co-located. In that case, equation [10] could require two different antenna gain 
factors as originally derived: 


10log [S or P,] = 10log P, + 10log G, + 10log G,- 20;+G, (in dB) [16] 
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Note: To avoid having to include additional terms for these calculations, always combine any transmission 
line loss with antenna gain. 


Figure 2 is the visualization of the path losses occurring with the two-way radar equation. Note: to 
avoid having to include additional terms, always combine any transmission line loss with antenna gain. 
Losses due to antenna polarization and atmospheric absorption also need to be included. 


*If power is actually measured in region A or B, itis stated . 
in either power density (mVVfcrre) or field intensity (Vérn) Note: Not to scale 
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Figure 2. Visualization of Two-Way Radar Equation. 


RADAR RANGE EQUATION (Two-Way Equation) 


The Radar Equation is often called the “Radar Range Equation.” The Radar Range Equation is 
simply the Radar Equation rewritten to solve for maximum Range. The maximum radar range (Rinax) 1s the 
distance beyond which the target can no longer be detected and correctly processed. It occurs when the 
received echo signal just equals Sinin- 


The Radar Range Equation is then: 








1 vi, 1 

25/4 2 4 4 

Rinax = EiGiGrd o or P; GG oa] or P; cna [17] 
(42 y Simin (4x ) f S min (42 ) Simin 


The first equation, of the three above, is given in Log form by: 
AOlog Rmnax = 10log P; + 10log G, + 10log G, + 10log o - 10log Simin - 20log f- 30log 42 + 20log c [18] 


As shown previously, Since K; = 20log [(42/c) times conversion units if not in m/sec, m, and Hz], we have: 
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10log Rmax = % [10log P, + 10log G, + 10log G, + 10log o - 10log Sin - 20log f; - K; - 10.99 dB] [19] 


If you want to convert back from dB, then One-way free space loss, 0, = 2Olog (f,R) + K, (in 
dB) 
my M dB 
Rinax = 10° 40 K, Values Range f, in MHz f, in GHz 


(dB) (units) K Ks 


NM 97.8 
92.45 
32.45 
31.67 
22.13 


Where M GB is the resulting number within the 
brackets of equation 19. 


From Section 5-2, Receiver Sensitivity / Noise, 
Simin 18 related to the noise factors by: 





Simin = (S/N ) nin (NF) RT 0 B [20] 


The Radar Range Equation for a tracking radar (target continuously in the antenna beam) becomes: 











I I 
Ria P.G:G. Ao : Ae P.G:G,c° : . P: Gi Ac O [21] 
(470 )(S/N ) yin (NF)KT 0B (47 J’ f° (SIN )yin(NE)KTB (420) (S/N nin(NFKT,B 


P, in equations [17], [19], and [21] 1s the peak power of a CW or pulse signal. For pulse signals these 
equations assume the radar pulse is square. If not, there is less power since P, is actually the average power 
within the pulse width of the radar signal. Equations [17] and [19] relate the maximum detection range to 
Smin, the minimum signal which can be detected and processed (the receiver sensitivity). The bandwidth (B) 
in equations [20] and [21] is directly related to Sin. B 1s approximately equal to 1/PW. Thus a wider pulse 
width means a narrower receiver bandwidth which lowers Sin, assuming no integration. 


One cannot arbitrarily change the receiver bandwidth, since it has to match the transmitted signal. 
The “widest pulse width” occurs when the signal approaches a CW signal (see Section 2-11). A CW signal 
requires a very narrow bandwidth (approximately 100 Hz). Therefore, receiver noise is very low and good 
sensitivity results (see Section 5-2). If the radar pulse is narrow, the receiver filter bandwidth must be 
increased for a match (see Section 5-2), i.e. a 1 tts pulse requires a bandwidth of approximately 1 MHz. This 
increases receiver noise and decreases sensitivity. 


If the radar transmitter can increase its PRF (decreasing PRI) and its receiver performs integration 
over time, an increase in PRF can permit the receiver to “pull” coherent signals out of the noise thus reducing 
S/Nimin thereby increasing the detection range. Note that a PRF increase may limit the maximum range due to 
the creation of overlapping return echoes (see Section 2-10). 


There are also other factors that limit the maximum practical detection range. With a scanning radar, 
there is loss if the receiver integration time exceeds the radar’s time on target. Many radars would be range 
limited by line-of-sight/radar horizon (see Section 2-9) well before a typical target faded below Synin. Range 
can also be reduced by losses due to antenna polarization and atmospheric absorption (see Sections 3-2 
and 5-1). 
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Two-Way Radar Equation (Example) 


Assume that a 5 GHz radar has a 70 dBm (10 kilowatt) signal fed through a 5 dB loss transmission 
line to a transmit/receive antenna that has 45 dB gain. An aircraft that is flying 31 km from the radar has an 
RCS of 9 m’. What is the signal level at the input to the radar receiver? (There is an additional loss due to 
any antenna polarization mismatch but that loss will not be addressed in this problem). This problem 
continues in Sections 4-3, 4-7, and 4-10. 


Answer: 
Starting with: 10logS= 10log P,+ 10log G,+ 10log G, + G, - 2a, (in dB) 


We know that: a, = 20log fR + K, = 20log (5x31) + 92.44 = 136.25 dB 
and that: G, = 10log o + 20log f, + K, = 10log 9+ 20log 5 + 21.46 = 44.98 dB (see Table 1) 
(Note: The aircraft transmission line losses (-5 dB) will be combined with the antenna gain 


(45 dB) for both receive and transmit paths of the radar) 


So, substituting in we have: 10log S = 70 + 40 + 40 + 44.98 - 2(136.25) = -77.52 dBm @ 5 GHz 





The answer changes to -80.44 dBm if the tracking radar operates at 7 GHz provided the antenna gains 
and the aircraft RCS are the same at both frequencies. 


a; = 20log (7x31) + 92.44 = 139.17 dB, G,=10log 9 + 20log 7 + 21.46 = 47.9dB (see Table 1) 





10log S = 70 + 40 + 40 + 47.9 - 2(139.17) = -80.44 dBm @ 7 GHz 


Table 1. Values of the Target Gain Factor (G,) in dB for Various Values of Frequency and RCS. 


RCS - Square meters 
(GHz) | 0.05 | 5 | 9 | 10 | 1001000 | 10,000 _| 


Note: Shaded values were used in the examples. 





TWO-WAY RADAR RANGE INCREASE AS A RESULT OF A SENSITIVITY INCREASE 


As shown in equation [17] ae oC Reice Therefore, -10 log Smin CC 40 logRinax and the table 
below results: 


% Range Increase: Range + (% Range Increase) x Range = New Range 

i.e., for a 12 dB sensitivity increase, 500 miles +100% x 500 miles = 1,000 miles 
Range Multiplier: Range x Range Multiplier = New Range 

i.e., for a 12 dB sensitivity increase 500 miles x 2 = 1,000 miles 
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Table 2. Effects of Sensitivity Increase. 


dB Sensitivity % Range Range dB Sensitivity % Range Range 
Increase Increase Multiplier Increase Increase Multiplier 


OANIDHDUNAKRWhN;: 





TWO-WAY RADAR RANGE DECREASE AS A RESULT OF A SENSITIVITY DECREASE 


As shown in equation [17] Smin! OC Rmax’ Therefore, -10 log Smin 0 40 logRmax and the table 
below results: 


% Range Decrease: Range - (% Range Decrease) x Range = New Range 
i.e., fora 12 dB sensitivity decrease, 500 miles - 50% x 500 miles = 250 miles 





Range Multiplier: Range x Range Multiplier = New Range 
i.e., fora 12 dB sensitivity decrease 500 miles x 0.5 = 250 miles 


Table 3. Effects of Sensitivity Decrease. 


dB Sensitivity % Range Range dB Sensitivity % Range Range 
Decrease Decrease Multiplier Decrease Decrease Multiplier 
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ALTERNATE TWO-WAY RADAR EQUATION 


In this section the same radar equation factors are grouped differently to create different constants 
as is used by some authors. 


TWO-WAY RADAR EQUATION (MONOSTATIC) 


Peak power at the PIG GA O*_PiG Gunse * 
radar receiver P= a 


input is: (4n)R’ (Ary f° R 
* Keep A orc, o, and R in the same units. On reducing the above equation to log form we have: 
or: 10log P, = 10log P, + 10log G, + 10log G,- a, (in dB) 





( Note:A=— and ois RCS ) 


Where: 02 = 20log f\R’ - 10log 0+ K3, and K; = -10log ¢7/(4z)° 
Note: 
Losses due to antenna polarization and atmospheric absorption (Sections 3-2 and 5-1) are not included in these equations 
K; Values: 
(dB) 





In the last section, we had the basic radar equation given as equation [6] and it is repeated as 
equation [1] in the table above. 


In Section 4-4, in order to maintain the concept and use of the one-way space loss coefficient, a, we 
didn’t cancel like terms which was done to form equation [6] there. Rather, we regrouped the factors of 
equation [5]. This resulted in two minus a terms and we defined the remaining term as G,, which accounted 
for RCS (see equation [8] & [9]). 


Some authors take a different approach, and instead develop an entirely new single factor 2, which is 
used instead of the combination of a, and Gg. 


If equation [1] is reduced to log form, (and noting that f= c/A) it becomes: 
10log P, = 10log P, + 10log G, + 10log G, - 20log (fR’) + 10log 6 + 10log (c”/(4z)°) [2] 


We now call the last three terms on the right minus a and use it as a single term instead of the two 
terms a, and G,. The concept of dealing with one variable factor may be easier although we still need to 
know the range, frequency, and radar cross section to evaluate a. Additionally, we can no longer use a 
nomograph like we did in computing o, and visualize a two-way space loss consisting of two times the one- 
way space loss, since there are now 3 variables vs. two. 


Equation [2] reduces to: 


10log P, = 10log P, + 10log G, + 10log G, - a, (in dB) [3] 
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Where a) = 20log (f\R’) - 10log o + K; and where f is the MHz or GHz value of frequency and 
K; = -10log (c’/(4n)’) + 20log (conversion for Hz to MHz or GHz)+ 40log (range unit conversions if not in 
meters) - 20log (RCS conversions for meters to feet) 


The values of K; are given in the table above. 


Comparing equation [3] to equation [10] in Section 4-4, it can be seen that a2 = 20) - Ge. 
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TWO-WAY RADAR EQUATION (BISTATIC) 


The following table contains a summary of the equations developed in this section. 


TWO-WAY RADAR EQUATION (BISTATIC) 
Note : A=c/f and o = RCS 


* keep 2 or c,o, and R in the same units 


r 


pe : 3 
radar receiver input is: (4x) Rix Rix 


2 2 > 
Peak power at the _P:G:G,A oO =P.G,G, ae = 
(47 ) f Rr Rr 


On reducing the above equation to log form we have: 
10log P, = 10log P, + 10log G, + 10log G, + 10log o - 20log f + 20log c - 30log 4x - 20log Ry, - 20log Rrx 


or in simplified terms: 10log P, = 10log P, + 10log G, + 10log G, + G, - a7, - Gp, (in dB) 
Where 7, corresponds to transmitter to target loss and ax corresponds to target to receiver loss. 


Note: Losses due to antenna polarization and atmospheric absorption (Sections 3-2 and 5-1) are not included in these 
equations. 








Target gain factor, G, = 10log o + 20log f; + Ky (in dB) One-way free space loss, Ors or rx = 20log (fi. Rrx or Rx) + Ky (in dB) 


K, Values K, Values Range Jf, in MHz f, in GHz 
(dB) RCS (6) —f; in MHz jf, in GHz (dB) (units) = K,= 
(units) K,= NM : 97.8 
-38.54 : Km . 92.45 
-48.86 . m : 32.45 
yd ; 31.67 
ft ‘ 22.13 





BISTATIC RADAR PHYSICAL CONCEPT .- 





There are also true bistatic radars 0 ONE Wa ui sane a | > 
_ 7 %! i; | a 
radars where the transmitter and aces 
receiver are in different locations as is en 
depicted in Figure 1. The most | 
[ 











TARGET TO RECEIVER | 
Cp, ONE-WAY SPACE Loss | 


commonly encountered bistatic radar ’ 


application is the semi-active missile. 
The transmitter is located on, or near, the 
launch platform (surface or airborne), and 
the receiver is in the missile which is 
somewhere between the launch platform 
and the target. 





TRANSMITTER TO TARGET 


TRANSMITTER Cy. ONE-WAY SPACE LOSS GAIN OF ACS 
The transmitting and receiving 
: RECEIVER TARGET TO RECEIVER 
antennas are not the same and are not in (tp, ONE-WAY SPACE LOSS 
4 


the same location. Because the target-to- 
radar range is different from the target-to- 
missile range, the target-to-radar and 
target-to-missile space losses are Figure 1. Bistatic Radar Visualized. 


different. 
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The peak power at the radar receiver input is: 


_P:GiG: AO _ oc 
(4% J Ri; Rix (41) f° Rix Rix 
Keep A or c, o, and R in the same units. 


PG, a,| | ( Note ‘A= and o= RCS) [1] 

On reducing the above equation to log form we have: 
10log P, = 10log P, +10log G, +10log G, +10log o - 20log f +20log c - 30log 42 - 20log Rx - 20log Rax [2] 
or in simplified terms: 

10log P, = 10log P, + 10log G, + 10log G,+ G,- O7,- Gp, (in dB) [3] 

Where 7, corresponds to transmitter to target loss and a, corresponds to target to receiver loss, or: 

Ox = 20log(/iT1.) + K; GndB) and = ap, = 20log(f\TRx) + K; (in dB) 

with K, values provided on page 4-6.1 and with f| being the MHz or GHz value of frequency. 


Therefore, the difference between monostatic and bistatic calculations is that two a’s are calculated 
for two different ranges and different gains may be required for transmit and receive antennas. 


To avoid having to include additional terms for these calculations, always combine any transmission 
line loss with antenna gain. 


As shown in Figure 2, it should also be noted that the bistatic RCS received by the missile is not 
always the same as the monostatic RCS. In general, the target’s RCS varies with angle. Therefore, the 
bistatic RCS and monostatic RCS will be equal for receive and transmit antennas at the same angle to the 
target (but only if all three are in a line, as RCS also varies with elevation angle). 


SEMI-ACTIVE 





Figure 2. Bistatic RCS Varies. 
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JAMMING TO SIGNAL (J/S) RATIO - CONSTANT POWER [SATURATED] JAMMING 


The following table contains a summary of the equations developed in this section. 


JAMMING TO SIGNAL (J/S) RATIO (MONOSTATIC) 
JS = (P; Giada R’) /(P,G,6) (ratio form)* — or: 


10log J/S = 10logP; + 10logGj, - 10logP, - 10logG, - 10logo* + 10.99 dB + 20logR* 
Note (1): Neither fnor A terms are part of these equations 


* Keep R and o in same units 





Target gain factor, (in dB) 
G, = 10logo + 20log f; + Ky 


K, Values (dB): 
RCS (co) f; in MHz f; in GHz 


(units) K,= K,= 
m2 -38.54 21.46 
ft2 -48.86 11.14 


If simplified radar equations developed in previous sections are used: 


10log J/S = 10logP; + 10logG,, - 10logP, - 10logG,-G,+a, (in dB) 
Note (2): the 20log f; term in -G, cancels the 20log f term in a; 


One-way free space loss (dB) 
JAMMING TO SIGNAL (J/S) RATIO (BISTATIC) 


Ryx 1s the range from the radar transmitter to the target. See note (1). Ol; OF Oty = 
xX 


20log (f R) a K, 


JS = (Pj Gada Rr) /(P; Go) (ratio form) * or: 


K, Values (dB): 
10log J/S = 10logP; + 10logG,, - 10logP, - 10logG, - 10logo* + 10.99 dB + 20logR7,** Range f, in MHz f, in GHz 


If simplified radar equations developed in previous sections are used: see note (2). be ) ae oe 
km 32.45 92.45 

10log J/S = 10logP; + 10logG;, - 10logP; - 10logG,- G+ ar, (in dB) m -27.55 32.45 
ft -37.87 22.13 





This section derives the J/S ratio from the one-way range equation for J and the two-way range 
equation for S, and deals exclusively with active (transmitting) Electronic Attack (EA) devices or systems. 
Furthermore, the only purpose of EA is to prevent, delay, or confuse the radar processing of target 
information. 


By official definition, EA can be either Jamming or Deception. This may be somewhat confusing 
because almost any type of active EA is commonly called “jamming,” and the calculations of EA signal in the 
radar compared to the target signal in the radar commonly refer to the “jamming-to-signal” ratio (“J-to-S” 
ratio). Therefore this section uses the common jargon and the term “jammer” refers to any EA transmitter, 
and the term “jamming” refers to any EA transmission, whether Deception or Concealment. 


Jamming: “Official” jamming should more aptly be called Concealment or Masking. Essentially, 
Concealment uses electronic transmissions to swamp the radar receiver and hide the targets. Concealment 
(Jamming) usually uses some form of noise as the transmitted signal. In this section, Concealment will be 
called “noise” or “noise jamming.” 


Deception: Deception might be better called Forgery. Deception uses electronic transmissions to 
forge false target signals that the radar receiver accepts and processes as real targets. 


“J designates the EA signal strength whether it originates from a noise jammer or from a deception 
system. 


4-7.] 


Basically, there are two different 
methods of employing active EA against 
hostile radars: 


SELF SCREEWMING JAMMHG 


Self Protection EA 
Support EA TAR RG ET 
JOMMER 
For most practical purposes, Self 
Protection EEA is usually Deception and 
Support EA is usually noise jamming. As the 
name implies, Self Protection EA is EA that is 
used to protect the platform that it is on. Self 
Protection EA is often called “self screening cactint 
jamming,” “Defensive EA” or historically WITH 
“Deception ECM.” The top half of Figure 1 ne 
shows self-screening jamming. 


ESCORT JAMMING Reet 





Figure 1. Self Protection and Escort Jamming. 
The bottom half of Figure | illustrates 


escort jamming which is a special case of support jamming. If the escort platform is sufficiently close to the 
target, the J-to-S calculations are the same as for self protection EA. 


Support EA is _ electronic 
Phas ote transmissions radiated from one platform 

and is used to protect other platforms or 
fulfill other mission requirements, like 
distraction or conditioning. Figure 2 
illustrates two cases of support jamming 
STAND-OFF JAMMING protecting a striker - stand-off jamming 
(SOJ) and stand-in jamming (SIJ). For SOJ 
the support jamming platform is maintaining 
an orbit at a long range from the radar - 


SE RADAR (os i usually beyond weapons range. For SIJ, a 
eT BS) ) remotely piloted vehicle is orbiting very 


Nerniy close to the victim radar. Obviously, the 
are jamming power required for the SOJ to 





STAND-IN JAMMING screen a target is much greater than the 
jamming power required for the SIJ to 
Figure 2. Support Jamming. screen the same target. 


When factoring EA into the radar equation, the quantities of greatest interest are “J-to-S” and Burn- 
Through Range. 


“J-to-S” is the ratio of the signal strength of the jammer signal (J) to the signal strength of the target 
return signal (S). It is expressed as “J/S” and, in this section, is always in dB. J usually (but not always) must 
exceed S by some amount to be effective, therefore the desired result of a J/S calculation in dB is a positive 
number. Burn-through Range is the radar to target range where the target return signal can first be detected 
through the jamming and is usually slightly farther than crossover range where J=S. It is usually the range 
where the J/S just equals the minimum effective J/S (See Section 4-8). 
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The significance of “J-to-S” is sometimes misunderstood. The effectiveness of EA is not a direct 
mathematical function of “J-to-S.” The magnitude of the “J-to-S” required for effectiveness is a function of 
the particular EA technique and of the radar it is being used against. Different EA techniques may very well 
require different “J-to-S” ratios against the same radar. When there is sufficient “J-to-S” for effectiveness, 
increasing it will rarely increase the effectiveness at a given range. Because modern radars can have 
sophisticated signal processing and/or EP capabilities, in certain radars too much “J-to-S” could cause the 
signal processor to ignore the jamming, or activate special anti-jamming modes. Increasing “J-to-S” (or the 
jammer power) does, however, allow the target aircraft to get much closer to the threat radar before burn- 
through occurs, which essentially means more power is better if it can be controlled when desired. 


IMPORTANT NOTE: If the signal S is CW or PD and the Jamming J is amplitude modulated, then the J 
used in the formula has to be reduced from the peak value (due to sin x/x frequency distribution). The amount 
of reduction is dependent upon how much of the bandwidth is covered by the jamming signal. To get an 
exact value, integrals would have to be taken over the bandwidth. As a rule of thumb however: 

e Ifthe frequency of modulation is less than the BW of the tracking radar reduce J/S by 10 Log (duty cycle). 

e Ifthe frequency of modulation is greater than the BW of the tracking radar reduce J/S by 20 Log(duty cycle). 


For example; if your jamming signal is square wave chopped (50% duty cycle) at a 100 Hz rate while 
jamming a 1 kHz bandwidth receiver, then the J/S is reduced by 3 dB from the maximum. If the duty cycle 
was 33%, then the reduction would be 4.8 dB. If the 50% and 33% duty cycle jamming signals were chopped 
at a 10 kHz (vice the 100 Hz) rate, the rule of thumb for jamming seen by the receiver would be down 6 dB 
and 9.6 dB, respectively, from the maximum since the 10 kHz chopping rate is greater than the 1 kHz receiver 
BW. 





J/S for SELF PROTECTION EA vs. MONOSTATIC RADAR 


Figure 3 is radar jamming visualized. The Physical concept of Figure 3 shows a monostatic radar that 
is the same as Figure 1, Section 4-4, and a jammer (transmitter) to radar (receiver) that is the same as Figure 
3, Section 4-3. In other words, Figure 3 is simply the combination of the previous two visual concepts where 
there is only one receiver (the radar’s). 


PHYSICAL CONCEPT 


RADAR 
POWER 


RADAR 
RECEIVER SIGNAL = POWER + GAINS -LOSSES 





Figure 3. Radar Jamming Visualized. 
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The equivalent circuit shown in Figure 4 applies to jamming monostatic radars with either self protect 
EA or support EA. For self protect (or escort) vs. a monostatic radar, the jammer is on the target and the radar 
receive and transmit antennas are collocated so the three ranges and three space loss factors (a’s) are the 
same. 


MONOSTATIC For tWlonostatic 
EQUIVALENT CIRCUIT Rry= Pre = Rix 


e1= Ty =Apy = Ix 


a orTx' ONE-WAY SPACE LOSS COLLOCATED 
Foal 


eater RADAR oe x GAIN OF RCS 
r 


COLLOCATED ANTENNA . TARGET 


Te RECENER 
ONEWAY SPAGE LOSS 


<a 1 orJx" R 
(TOTAL SIGNAL = J+ 3) JAMMER 
ANTENNA, 


SIGNAL =POWER+GAINS-LOSSES (indB) GAIN (S44) POWER (Py) 





Figure 4. Monostatic Radar EA Equivalent Circuit. 


J-S Ratio (Monostatic) - The ratio of the power received (P,; or J) from the jamming signal transmitted 
from the target to the power received (P, or S) from the radar skin return from the target equals J/S. 





2 
From the one way range equation in Section 4-3: P,lor J = pa Gee [1] 
(4aR ) 
2 
From the two way range equation in Section 4.4: P,2o0rS= PiGiGrA Oo [2] 
(4x )° R’ 


2 3 4 a * 
so J PGi Ged Cr) as sHiGeTE (ratio form) [3] 
S  P.G,G,A° o(4aR) P,G,o 


* Keep R and o in the same units. 





On reducing the above equation to log form we have: 


10log J/S = 10log P; + 10log Gj, - 10log P, - 10log G; - 10log o + 10log 4a + 20log R [4] 








or 10log J/S = 10log P; + 10log Gj, - 10log P, - 10log G, - 10log o + 10.99 dB + 20log R [5] 


Note: Neither fnor i terms are part of the final form of equation [3] and equation [5]. 
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J/S Calculations (Monostatic) Using a One Way Free Space Loss - The simplified radar equations 
developed in previous sections can be used to express J/S. 





From the one way range equation Section 4-3: 

10log (P, or J) = 10log Pj + 10log Gja + 10log G,- a; (in dB) [6] 
From the two way range equation in Section 4.4: 

10log (Px or S) = 10log P, + 10log G, + 10log G, + G, - 2a, (in dB) [7] 
10log (J/S) = 10log P; + 10log Gj, - 10log P; - 10log G; - Ge + a (in dB) [8] 


Note: To avoid having to include additional terms for these calculations, always combine any 
transmission line loss with antenna gain. The 20log f; term in -G, cancels the 20log f, term in a). 


Target gain factor, G, = 10log o + 20log f; + Ky One-way free space loss, a, = 20log (f;R) + Ky 
(in dB) (in dB) 


K,; Values Range (fin MHz f/f; in GHz 
K, Values (dB) (units) K,= K,= 
(dB) RCS (o) fin MHz ff; in GHz NM 37.8 97.8 


(units) K3= K= km 32.45 92.45 
m -38.54 m 29,55 32.45 
fi -48.86 11.14 yd -28.33 31.67 

ft 237.87 22.13 





J/S for SELF PROTECTION EA vs. BISTATIC RADAR 


The semi-active missile illustrated in 

Figure 5 is the typical bistatic radar which would SEMI-ACTIVE 
require the target to have self protection EA to 
survive. In this case, the jammer is on the target 
and the target to missile receiver range is the 
same as the jammer to receiver range, but the 
radar to target range is different. Therefore, only 
two of the ranges and two of the a’s (Figure 6.) 
are the same. 





Figure 5. Bistatic Radar. 


In the following equations: 


Ox = The one-way space loss from the radar transmitter to the target for range Rr 
The one-way space loss from the target to the missile receiver for range Rrx 


Like the monostatic radar, the bistatic jamming and reflected target signals travel the same path from 
the target and enter the receiver (missile in this case) via the same antenna. In both monostatic and bistatic 
J/S equations this common range cancels, so both J/S equations are left with an Ry,’ or 20 log Ry, term. 
Since in the monostatic case Ry, = Rp, and ar, = Gr, , only R or @; is used in the equations. Therefore, the 
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> Pl @) 640/775 





bistatic J/S equations [11], [13], or [14] will work for monostatic J/S calculations, but the opposite is only true 
if bistatic Ry, and a7, terms are used for R or a terms in monostatic equations [3], [5], and [8]. 


The equivalent circuit shown in Figure 6 applies to jamming bistatic radar. For self protect (or escort) 
vs. a bistatic radar, the jammer is on the target and the radar receive and transmit antennas are at separate 
locations so only two of the three ranges and two of the three space loss factors (a’s) are the same. 


BISTATIC For Bistatic 
EQUIVALENT CIRCUIT Ary = Fy #R 7, 
5 = py Uy, FH, anda, 
COLLOCATED 


RAD AR 
TRANSMITTER a GAIN OF RCS 
TARGET 
RECEIVER 


SEPARATE 
LOCATIONS arr ra 
(TOTAL SIGNAL = J +S) JAMMER 
ANTENNA, 


SIGNAL = POWER +GAINS-LOSSES (in dB) GAIN (G,) POWER CP ) 
J 





Figure 6. Bistatic Radar EA Equivalent Circuit. 


J-to-S Ratio (Bistatic) When the radar’s transmit antenna is located remotely from the receiving antenna 
(Figure 6), the ratio of the power received (P, or J) from the jamming signal transmitted from the target to the 
power received (P,. or S) from the radar skin return from the target equals J/S. For jammer effectiveness J 
normally has to be greater than S. 


. . é _ P; G ja G, Phe 
From the one way range equation in Section 4-3: P,lor J= ae (Ry, =Rex) [9] 
(4a Rr) 
2 
From the two way range equation in Section 4.4: P,2o0r S= pee [10] 
(47 ) Rr Rrx 
J j ia Ur : 41 : rr i j ig 40 i ; 
= J _PiGiuG zal J Ri Rr _ Pi Gig4% Ro (ate foun) 1] 
S P:GiG- A O(42 Rex) P:G:o 
* Keep R and o in the same units. 
On reducing the above equation to log form we have: 
10log J/S = 10log P; + 10log Gj, - 10log P, - 10log G; - 10log o + 10log 4a + 20log Rr, [12] 
or 10log J/S = 10log P; + 10log Gj, - 10log P, - 10log G, - 10log o + 10.99 dB + 20log Rrx [13] 








Note: To avoid having to include additional terms for these calculations, always combine any 
transmission line loss with antenna gain. Neither fnor 4 terms are part of the final form of equation [11] 
and equation [13]. 


4-7.6 


Bistatic J/S Calculations (Bistatic) Using a One Way Free Space Loss - The simplified radar equations 
developed in previous sections can be used to express J/S. 





From the one way range equation in Section 4-3: 


10log (P,; or J) = 10log P; + 10log G;, + 10log G, - dgx (all factors dB) [14] 
From the two way range equation in Section 4-4: 

10log (Pz or S) = 10log P, + 10log G, + 10log G, + Gg - ar, - Orx (all factors dB) [15] 
10log (J/S) = 10log P; + 10log Gj, - 10log P, - 10log G, - G, + ary (all factors dB) [16] 


Note: To avoid having to include additional terms for these calculations, always combine any 
transmission line loss with antenna gain. The 20log f; term in -G, cancels the 20log f; term in a. 


Target gain factor, G, = 10log o + 20log f; + Ky One-way free space loss 
(in dB) Oty se Re = 20log fiRrx or Rx a K, (in dB) 


K> Values K, Values Range f,in MHz /; in GHz 
(dB) RCS(o) fiinMHz /; in GHz (dB) (units) Ki= 
(units) K,= K,= NM 37.8 


m -38.54 21.46 km 32.45 
ft -48.86 11.14 m -27.55 
yd -28.33 
ft -37.87 





Saturated J/S (Monostatic) Example (Constant Power Jamming) 


Assume that a 5 GHz radar has a 70 dBm signal fed through a 5 dB loss transmission line to an 
antenna that has 45 dB gain. An aircraft is flying 31 km from the radar. The aft EW antenna has -1 dB gain 
and a 5 dB line loss to the EW receiver (there is an additional loss due to any antenna polarization mismatch 
but that loss will not be addressed in this problem). The aircraft has a jammer that provides 30 dBm saturated 
output if the received signal is above -35 dBm. The jammer feeds a 10 dB loss transmission line which is 
connected to an antenna with a 5 dB gain. Ifthe RCS of the aircraft is 9 m’, what is the J/S level received by 
the tracking radar? 


Answer: The received signal at the jammer is the same as the example in Section 4-3, i.e. answer (1) = 
-32.3 dBm @ 5 GHz. Since the received signal is above -35 dBm, the jammer will operate in the saturated 
mode, and equation [5] can be used. (See Section 4-10 for an example of a jammer in the linear region.) 


10log J/S = 10log P; + 10log Gj, - 10log P; - 10log G; - 10log o + 10.99 dB + 20log R 


Note: the respective transmission line losses will be combined with antenna gains, 
i.e. -5 + 45 = 40 dB & -10 +5 =-5 dB. 


10log J/S = 30 - 5 - 70 - 40 - 9.54 + 10.99 + 89.8 = 6.25 dB @ 5 GHz* 





* The answer is still 6.25 dB if the tracking radar operates at 7 GHz provided the antenna gains and the 
aircraft RCS are the same at both frequencies. 


4-7.7 


In this example, there is inadequate jamming power at each frequency if the J/S needs to be 10 dB or 

greater to be effective. One solution would be to replace the jammer with one that has a greater power output. 

If the antenna of the aircraft and the radar are not the proper polarization, additional power will also be 
required (see Section 3-2). 


4-7.8 


BURN-THROUGH / CROSSOVER RANGE 


The burn-through equations are derived in this section. These equations are most commonly used in 
jammer type of applications. The following is a summary of the important equations explored in this section: 


J/S CROSSOVER RANGE (MONOSTATIC) (J = S) hapa Aiea: 
Keep R and o in same units 


Ry-s =[ (Pi G6) / (Pj Gia 4) (dB Ratio) 


K, Values (dB): 
Range f; in MHz in GHz 
or 20 log Ry-s = 10log P, + 10log G, + 10log o - 10log P; - 10log Gj, - 10.99 dB || (mits) = Ki= 

——, m —--27.55 
If simplified radar equations already converted to dB are used: ft 3787 22.13 
20 log Ry-s = 10log P, + 10log G, + G, - 10log P; - 10log G,, - K; - 20log f; (dB) 

BURN-THROUGH RANGE (MONOSTATIC) 
The radar to target range where the target return signal (S) can first be detected 
through the EA (J). 
Rar = [ (Pt Ge 6 Jimin ett) / (P} Gia 410 S) J"? (dB Ratio) 





Target gain factor 
(dB) 
G, = 10log o + 20log fi+Ky 








K, Values (dB): 
or 20logRgr = 10logP, + 10logG, + 10logo - 10logP; - 10logG,, + 10log(Jmin eS) - 10.99 |] RCS (c) f, in MHz in GH 
If simplified radar equations already converted to dB are used: (units) K3= Ky= 
20log Rar = 10logP, + 10logG, + G, - 10logP; - 10logGj_ - K; + 10log(Imin ea/S) - 20log f\(in dB)* MS ay 
fis MHz or GHz value of frequency ‘ e802 MS 
BURN-THROUGH RANGE (BISTATIC) 
Ry, 1s the range from the radar transmitter to the target and is different from Rr, which is the range from 


the target to the receiver. Use Monostatic equations and substitute R7, for R 














CROSSOVER RANGE and BURN-THROUGH RANGE 


To present the values of J and 
S, (or J/S) over a minimum to 
maximum radar to target range of 
interest, equation [1], Section 4-7. 
which has a slope of 20 log for J vs. 
range and equation [2], Section 4-7, 
which has a slope of 40 log for S vs. 
range are plotted. When plotted on 
semi-log graph paper, J and S (or J/S) 
vs. range are straight lines as 
illustrated in Figure 1. 


Figure 1 is a sample graph - it 
cannot be used for data. 


The crossing of the J and S 
lines (known as crossover) gives the 
range where J = S (about 1.29 NM), 
and shows that shorter ranges will 
produce target signals greater than the 
jamming signal. 


The point where the radar 
power overcomes the jamming signal 


J/S CROSSOVER and BURN-THROUGH RANGES 
J=$+6dB (for this example) 
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Figure 1. Sample J and S Graph. 





30 40 50 60 








80 100 


is known as burn-through. The crossover point where J = S could be the burn-through range, but it usually 
isn’t because normally J/S > 0 dB to be effective due to the task of differentiating the signal from the jamming 
noise floor (see receiver sensitivity section). For this example, the J/S required for the EA to be effective is 
given as 6 dB, as shown by the dotted line. This required J/S line crosses the jamming line at about 2.8 NM 


which, in this example, is the burn-through range. 


In this particular example, we have: 


P,= 80 dBm G, = 42 dB 
P; = 50 dBm Gia = 6 dB 
o=18m 


f= 5.9 GHz (not necessary for all calculations) 


A radar can be designed with higher than necessary power for earlier burn-through on jamming 
targets. Naturally that would also have the added advantage of earlier detection of non-jamming targets as 


well. 





CROSSOVER AND BURN-THROUGH RANGE EQUATIONS (MONOSTATIC) 


To calculate the crossover range or burn-through range the J/S equation must be solved for range. 
From equation [3], Section 4-7: 


G.4 Z 
fei we (ratio form) Solving forR: R= P:iGiot [1] 
S P,.G,o Pi) Gia4aS 


BURN-THROUGH RANGE (MONOSTATIC) - Burn-through Range (Monostatic) is the radar to target 
range where the target return signal (S) can first be detected through the jamming (J). It is usually the range 
when the J/S just equals the minimum effective J/S. 


O J mine 
Rage PGi Ininese (burn-through range) [2] 
P;Gia4aS 


20log Rgr = 10log P; + 10log G; + 10log o - 10log P; - 10log Gja + 10log (Jminef/S) - 10.99 dB B] 











or in dB form, (using 10log 42 = 10.99 dB): 





RANGE WHEN J/S CROSSOVER OCCURS (MONOSTATIC) - The crossover of the jammer’s 
20 dB/decade power line and the skin return signal’s 40 dB/decade power line of Figure | occurs for the case 
where J = S in dB or J/S=1 in ratio. Substituting into equation [1] yields: 


Ru-s) = Gre (Crossover range) [4] 
P; G ja 4m 
or in dB form: 


20log Ry-s = 10log P; + 10log G,+ 10log o - 10log Pj - 10log Gj, - 10.99 dB [5] 


Note: keep R and o in same units in all equations. 


CROSSOVER AND BURN-THROUGH EQUATIONS (MONOSTATIC) 
USING @ - ONE WAY FREE SPACE LOSS 


The other crossover burn-through range formulas can be confusing because a frequency term is 
subtracted (equations [6], [7] and [8]), but both ranges are independent of frequency. This subtraction is 
necessary because when J/S is calculated directly as previously shown, 2’ or (c/f)” terms canceled, whereas in 
the simplified radar equations, a frequency term is part of the G, term and has to be cancelled if one solves for 
R. From equation [8], Section 4-7: 


10log J/S = 10log P; + 10log Gj, - 10log P; - 10log G,- G, + a, (factors in dB) 


or rearranging: a = 10log P,+ 10log G, + G, - 10log P; - 10log Gj, + 10log (J/S) 


from Section 4-4: a, = 20log f;Ri + Ky or 20log Ry = a - K, - 20log fy 
then substituting for a): 


20log R; = 10log P, + 10log G, + G, - 10log P; - 10log Gj - K; + 10log (J/S) - 20log f; (in dB) [6] 


EQUATION FOR BURN-THROUGH RANGE (MONOSTATIC) - Burn-through occurs at the range when 
the J/S just equals the minimum effective J/S. G, and K, are as defined on page 4-8.1. 


20log Rgr = 10log P; + 10log G; + G, - 10log P; - 10log Gj, - Ki + 10log (Imin eS) - 20log f; (in dB) [7] 


EQUATION FOR THE RANGE WHEN J/S CROSSOVER OCCURS (MONOSTATIC) 


The J/S crossover range occurs for the case where J = S, substituting into equation [6] yields: 


20log Ry-s = 10log P; + 10log G; + G, - 10log Pj - 10log Gj, - Ki - 20log f; (factors in dB) [8] 


BURN-THROUGH RANGE (BISTATIC) 


Bistatic J/S crossover range is the radar-to-target range when the power received (S) from the radar 
skin return from the target equals the power received (J) from the jamming signal transmitted from the target. 
As shown in Figure 6, Section 4-7, the receive antenna that is receiving the same level of J and S is remotely 
located from the radar’s transmit antenna. Bistatic equations [11], [13], and [14] in Section 4-7 show that J/S 
is only a function of radar to target range, therefore J/S is not a function of wherever the missile is in its flight 
path provided the missile is in the antenna beam of the target’s jammer. The missile is closing on the target at 
a very much higher rate than the target is closing on the radar, so the radar to target range will change less 
during the missile flight. 


It should be noted that for a very long range air-to-air missile shot, the radar to target range could 
typically decrease to 35% of the initial firing range during the missile time-of-flight, i.e. A missile shot at a 
target 36 NM away, may be only 12 NM away from the firing aircraft at missile impact. 


Figure 2 shows both the J/S CROSSOVER and BURN-THROUGH RANGES 
jamming radiated from the target and BISTATIC) 


the power reflected from the target as 
a function of radar-to-target range. 
In this particular example, the RCS is 
assumed to be smaller, 15 m’ vice 18 
m” in the monostatic case, since the 
missile will be approaching the target 
from a different angle. This will not, 
however, always be the case. 























In this plot, the power 
reflected is: 
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previously in the example on | PXAMPLEONLY 


page 4-8.1, we find that the crossover : ae 
point is at 1.18 NM (due to the Figure 2. Bistatic Crossover and Burnthrough. 





assumed reduction in RCS). 


CROSSOVER AND BURN-THROUGH RANGE EQUATIONS (BISTATIC) 


To calculate the radar transmitter-to-target range where J/S crossover or burn-through occurs, the J/S 
equation must be solved for range. From equation [11] in Section 4-7: 


J _ Pi Gia 4% Rix 
S P.G,o 


J 
Solving for Ry: Rp= FiGe? [9] 
P;Gia4a2S 
Note: 


Bistatic equation [10] is identical to monostatic equation [1] except Ry, must be substituted for R and a 
bistatic RCS (0) will have to be used since RCS varies with aspect angle. The common explanations will not 
be repeated in this section. 





(ratio form) 





BURN-THROUGH RANGE (BISTATIC) - Burn-through Range (Bistatic) occurs when J/S just equals the 
minimum effective J/S. From equation [9]: 


P; GiO J mine a 
Rrer = aS ratio form [10] 
Tx(BT) P; 6; 4n S ( K ) 





or in dB form: 

20log Rrxe1y = 10log P; + 10log G, + 10log o - 10log P; - 10log Gj, + 10log (Jmin efe/S) - 10.99 dB 
If using the simplified radar equations (factors in dB): 

20log Rrxwr = 10log P; + 10log G, + G, - 10log P; - 10log Gj - Ky + 10log (Jmmin ete/S) - 20log fi 


Where G, and K, are defined on page 4-8.1 


RANGE WHEN J/S CROSSOVER OCCURS (BISTATIC) 





The crossover occurs when J = S in dB or J/S = 1 in ratio. 


Oo é 
Rrwg=s) = ease Ge (ratio) 
P; G ja 41 


or in log form: 
20log Rrxg-s) = 10log P; + 10log G, + 10log o - 10log Pj - 10log Gj, - 10.99 dB 
If simplified equations are used (with G, and K, as defined on page 4-8.1) we have: 
20log Rrxg=s) = 10log P; + 10log G; + G, - 10log Pj - 10log Gj - Ki - 20log f; (factors in dB) 


Note: keep R and o in same units in all equations. 


DETAILS OF SEMI-ACTIVE MISSILE J/S 


[11] 


[12] 


[13] 


[14] 


[15] 


Unless you are running a large scale computer simulation that includes maneuvering, antenna 
patterns, RCS, etc., you will seldom calculate the variation in J/S that occurs during a semi-active missile’s 
flight. Missiles don’t fly straight lines at constant velocity. Targets don’t either - they maneuver. If the 
launch platform 1s an aircraft, it maneuvers too. A missile will accelerate to some maximum velocity above 


the velocity of the launch platform and then decelerate. 


The calculation of the precise variation of J/S AJ/S (dB) 
J/S during a missile flight for it to be effective (dB) 
requires determination of all the appropriate velocity 


vectors and ranges at the time of launch, and the 


accelerations and changes in relative positions 


during the fly out. In other words, it’s too much Intercept Type | At 2 sec. to Intercept: 
work for too little return. The following are AAM Head-on: 


simplified examples for four types of intercepts. Sal 


ncoming Target: 


In these examples, all velocities are constant, and are AAM Tail Chase: 


all along the same straight line. The missile velocity 
is 800 knots greater than the launch platform 
velocity which is assumed to be 400 kts. The missile 
launch occurs at 50 NM. 


SAM Outbound Target: 





For the AAM tail chase, the range from the radar to the target remains constant and so does the J/S. 


In these examples the maximum variation from launch J/S is 4 





t 6 dB. That represents the difference in the 


radar to target range closing at very high speed (AAM head on) and the radar to target range opening at 
moderate speed (SAM outbound target). The values shown above are examples, not rules of thumb, every 


intercept will be different. 


Even for the simplified linear examples shown, graphs of the J and S will be curves - not straight 
lines. Graphs could be plotted showing J and S vs. radar to target range, or J and S vs. missile to target range, 
or even J/S vs. time of flight. If the J/S at launch is just barely the minimum required for effectiveness, and 
increasing it is difficult, then a detailed graph may be warranted, but in most cases this isn’t necessary. 
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SUPPORT JAMMING 


The following table contains a summary of equations developed in this section: 


MAIN LOBE JAMMING TO SIGNAL (J/S) RATIO (For SONSU) | sect gain factor 


G, = 10Logo + 20Log f; + K, (in dB) 
K, Values (dB): 
RCS (6) f,in MHz =f, in GHz 
10log J/S_ = 10log Pj - 10log[ BW;/BWa] + 10log Gj, - 10log P, - 10log G, - 10log o + | (units) Ka= K3= 
10.99 dB + 40log Ray - 20log Ruy * ee m -38.54 21.46 
ft -48.86 11.14 








J/S = (Pj Gin 4t Ray’) / (P: Go [BWs/BWe] Rix’) (ratio form)* 


or if simplified radar equations are used: 


10log J/S = 10log P; - BF + 10log Gia - ajx - 10log P, - 10log G,- G, + 2a) (in dB)* 
SIDE LOBE JAMMING TO SIGNAL (J/S) RATIO (For SOJ/SIJ) 


One-way free space loss, 
. Q OF Ory = 20Log(fiR) + K, (in dB) 
VS = (Pj Gia Gust) 4 Ras) / (Pr Ge Gat) 6 [BWy/BWr] Ry”) (ratio form)* | K, values (dB): 


Range f,inMHz ff; in GHz 
(units) K,= 

NM 37.8 

Km 32.45 


m -27.55 
10log J/S = 10logP; - BF + 10logG,, + 10logGysz) - ax - LOlogP, - 10logG,- 10logG,aw)- Go + 201 yd -28.33 


10log J/S = 10log P; - BF + 10log G;, + 10log Gysz) - 10log P, - 10log G, - 10log Gra) + > il, 
10.99 dB - 10log o + 40log Rz, - 20log Rj, * ee 


or if simplified radar equations are used (in dB)*: 


Ry Range from the support jammer transmitter to the radar receiver ft -37.87 
Rrx Range between the radar and the target 
BF 10 Log of the ratio of BW, of the noise jammer to BW of the radar receiver | * Keep R and o in same units 
Side lobe antenna gain 
Main lobe antenna gain 
One way free space loss between SOJ transmitter and radar receiver 
One way space loss between the radar and the target 








Support jamming adds a few 
geometric complexities. A SOJ platform 
usually uses high gain, directional 
antennas. Therefore, the jamming 
antenna must not only be pointed at the 
victim radar, but there must be alignment <x <4 
of radar, targets, and SOJ platform for the 

TARGET so/4 


jamming to be most effective. Two cases 


will be described, main lobe-jamming 
and side-lobe jamming. Figure 1. Radar Antenna Pattern. 











Support jamming is usually applied against search and acquisition radars which continuously scan 
horizontally through a volume of space. The scan could cover a sector or a full 360°. The horizontal antenna 
pattern of the radar will exhibit a main lobe and side lobes as illustrated in Figure 1. The target is detected 
when the main lobe sweeps across it. For main lobe jamming, the SOJ platform and the target(s) must be 
aligned with the radar’s main lobe as it sweeps the target(s). 


For side lobe jamming, the SOJ platform may be aligned with one or more of the radar’s side lobes 
when the main lobe sweeps the target. The gain of a radar’s side lobes are many tens of dB less (usually more 
than 30 dB less) than the gain of the main lobe, so calculations of side lobe jamming must use the gain of the 
side lobe for the radar receive antenna gain, not the gain of the main lobe. Also, because many modern radars 


4-9.] 


employ some form of side lobe blanking or side lobe cancellation, some knowledge of the victim radar is 
required to predict the effectiveness of side lobe jamming. 





All radar receivers are frequency 85% OF JAMMING IN RECEIVER 
selective. That is, they are filters that allow SPOT JAMMING 
a ‘ RADAR 3dB BANDYVIDTH 
only a narrow range of frequencies into the Reducing jamming 
: : : ‘ in the receiver from 
receiver circuitry. Deceptive EA, by 100% to 85% 3 JAMMER 3a BANDWIDTH 
iti i i d JS b E JAMMER P OVER 
definition, creates forgeries of the real signal Nee anaes = SCRE GEECT Rud 
and, ideally, are as well matched to the radar iat 2 2 Aare SIGNAL: 
receiver as the real signal. On the other FREQUENCY 
hand, noise jamming probably will not 
match the radar receiver bandwidth 14% OF JAMMING IN RECEIVER 
characteristics. Noise jamming is either spot BARRAGE JAMMING 
H é * H ¢ JAMMER POWER 
jamming or barrage jamming. As illustrated Reducing jamming Sig Pal epst ENSIT? SPECTRUM 
; 7 ‘ ; ‘ H in the receiver from 
in Figure 2, spot jamming is simply anneein 14s 
narrowing the bandwidth of the noise reduces J/S by RADAR 3d8 


: : 6.6 dB. BANDWIDTHS 
jammer so that as much of the jammer 


power as possible is in the radar receiver 
bandwidth. Barrage jamming is using a 
wide noise bandwidth to cover several radars Figure 2. Noise Jamming. 

with one jammer or to compensate for any 

uncertainty in the radar frequency. In both cases some of the noise power is “wasted” because it is not in the 
radar receiver filter. 


J/S 8.6 dB 





In the past, noise jammers were often described as having so many “watts per MHz.” This is nothing 
more than the power of the noise jammer divided by the noise bandwidth. That is, a 500 watt noise jammer 
transmitting a noise bandwidth of 200 MHz has 2.5 watts/MHz. Older noise jammers often had noise 
bandwidths that were difficult, or impossible, to adjust accurately. These noise jammers usually used manual 
tuning to set the center frequency of the noise to the radar frequency. Modern noise jammers can set on the 
radar frequency quite accurately and the noise bandwidth is selectable, so the noise bandwidth is more a 
matter of choice than it used to be, and it is possible that all of the noise is placed in the victim radar’s 
receiver. 


If, in the example above, the 500 watt noise jammer were used against a radar that had a 3 MHz 
receiver bandwidth, the noise jammer power applicable to that radar would be: 


3 MHz x 2.5 watts/MHz =7.5 watts _ 38.75 dBm [1] 


The calculation must be done as shown in equation [1] - multiply the watts/MHz by the radar 
bandwidth first and then convert to dBm. You can’t convert to dBm/MHz and then multiply. (See derivation 
of dB in Section 2-4) 


An alternate method for dB calculations is to use the bandwidth reduction factor (BF). 


ar.) [2] 


The BF is: BF wz=10 Log ai 
BWe 


where: BW, is the bandwidth of the noise jammer, and BWk is the bandwidth of the radar receiver. 


4-9.2 


The power of the jammer in the jamming equation (P;) can be obtained by either method. If 
equation [1] is used then P; is simply 38.75 dBm. If equation [2] is used then the jamming equation is written 
using (P; - BF). All the following discussion uses the second method. Whichever method is used, it is 
required that BW; >BWr. If BW; < BWa, then all the available power is in the radar receiver and equation 
[1] does not apply and the BF = 0. 


Note: To avoid having to include additional terms for the following 


calculations, always combine any transmission line loss with antenna 
gain. 





MAIN LOBE STAND-OFF / STAND-IN JAMMING 


The equivalent circuit shown in Figure 3 applies to main lobe jamming by a stand-off support aircraft 
or a stand-in RPV. Since the jammer is not on the target aircraft, only two of the three ranges and two of the 
three space loss factors (a’s) are the same. Figure 3 differs from the J/S monostatic equivalent circuit shown 
in Figure 4 in Section 4-7 in that the space loss from the jammer to the radar receiver is different. 


MAINLOBE STAND-OFF / STAND-IN A For tat 
EQUIVALENT CIRCUIT i 


a, ort ONE-WAY SPAGE LOSS SEPARATE 
aéo” = LOCATIONS 


J eee a GAIN OF ROS 
TARGET 


dx d 
et x), anda, 


SOLLOGATED 


REGENER 


(TOTAL SIGNAL =J +5) ee 
ANTENNA, 


SIGNAL = POWER + GAINS - LOSSES (in dB} GAIN (Ga) oo gi) JAMMER 
POWER (P, } 





Figure 3. Main Lobe Stand-Off / Stand-In EA Equivalent Circuit. 


The equations are the same for both SOJ and SIJ. From the one way range equation in 
Section 4-3, and with inclusion of BF losses: 
Pj GjaGrA° BW 
ATR) BWs 


P,G:G, z oO [4] 
(41 J Rix 





P,lor J= [3] 


From the two way range equation in Section 4.4: p.2orS= 


7 ; 3 a 4 . a j ja 4 tx 
ea ee Pi GjaG A AL) Re BWa — Pi Giat® Rr BWe (ratio form) [5] 


S  P,G:G,VO(4TRx) BWs = PiG, OR BW, 
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Note: Keep R and o in the same units. Converting to dB and using 10 log 4a = 10.99 dB: 
10log J/S = 10log P; -10log [BW;/BWa] +10log G;, -10log P, -10log G, - 10log o + 10.99 dB +40log Rx, -20log Rj, [6] 


If the simplified radar equation is used, the free space loss from the SOJ/SIJ to the radar receiver is 
Qjx, then equation [7] is the same as monostatic equation [6] in Section 4-7 except a), replaces a, and the 
bandwidth reduction factor [BF] losses are included: 


10log J = 10log P; - BF + 10log Gj, + 10log G, - ax (factors in dB) [7] 


Since the free space loss from the radar to the target and return is the same both ways, O71; = Orx = 01, 
equation [8] is the same as monostatic equation [7] in Section 4-7. 


10log S = 10log P, + 10log G, + 10log G, + G, - 2a; (factors 
in dB) [8] 


and 10log J/S = 10log P; - BF + 10log Gia - a) - 10log P, - 10log G;- G,+ 2a;  (factorsindB) [9] 
Notice that unlike equation [8] in Section 4-7, there are two different o’s in [9] because the signal paths 


are different. 


SIDE LOBE STAND-OFF / STAND-IN JAMMING 


The equivalent circuit shown in Figure 4. It differs from Figure 3, (main lobe SOJ/SIJ) in that the 
radar receiver antenna gain is different for the radar signal return and the jamming. 


SIDE LOBE STAND-OFF / STAND-IN For SOJSIJ 
EQUIVALENT CIRCUIT 


a, or Tx ONE-WAY SPACE LOSS SEPARATE 
a LOCATIONS 


8 MITTER RADAR z GAIN OF RCS 
ANTENNA a ONE-WAY SPACE LOSS 
| 


1 or Fix TARGET 
COLLOGATED GAIN 


a ONE-WAY SPAGE LOSS (*8) 
2or Ix 8) 
. <Sieu | | : | E JAMMER & 
(TOTAL SIGNAL = J+S) ANTENNA 


SIGNAL = POWER + GAINS - LOSSES {in dB) GAIN (G,y) eames JAMMER 
POWER (P,} 





Figure 4. Side Lobe Stand-Off / Stand-In EA Equivalent Circuit. 


To calculate side lobe jamming, the gain of the radar antenna’s side lobes must be known or 
estimated. The gain of each side lobe will be different than the gain of the other side lobes. If the antenna is 
symmetrical, the first side lobe is the one on either side of the main lobe, the second side lobe is the next one 
on either side of the first side lobe, and so on. The side lobe gain is Gs_,, where the ‘n’ subscript denotes side 
lobe number: 1, 2, ..., n. 
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The signal is the same as main lobe equations [4] and [8], except G, = Gyr) 


P.G: Gran) A° 





P,20rS= ratio form [10] 
nvr, "eden 

If simplified radar equations are used: 

10log S = 10log P, + 10log G, + 10log Gra) + Gg - 20) (factors in dB) 


The jamming equation is the same as main lobe equations [3] and [7] except G, = Gysr): 





J= Pj Gia Guay A’ BW [11] 
(4x Rx) BW; 
10log J = 10log P; - BF + 10log Gj, + 10log Gyr) - x (factors in dB) [12] 


J _ Pi Gja Gyr 4% Rix BW 
SS P.G: Gin) © Rie BW 


so (ratio form) [13] 





Note: keep R and o in same units. Converting to dB and using 10log 42 = 10.99 dB: 


10log J/S = 10logP; - BF+ 10logGja t 10logGis1) - 10logP, - 10logG; - 10logGymt) - 10logo + 10.99 dB + 40logR 7, - 20logRj, 
(factors in dB) [14] 


If simplified radar equations are used: 


10log J/S = 10log Pj - BF + 10log Gj, + 10log Gygry - ax - 10log P; - 10log G; - 10log Gia) - Go + 20; [15] 
(in dB) 
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JAMMING TO SIGNAL (J/S) RATIO - CONSTANT GAIN [LINEAR] JAMMING 


JAMMING TO SIGNAL (J/S) RATIO (MONOSTATIC) 
J _ Gjarsy Gi G jar A” _ G jcrsy Gj G jartsy 
S 410 4no f° 





(ratio form) 
Target gain factor, 


Gjarx) = The Gain of the jammer receive antenna G, = 10log o + 20log f, + K, (dB) 
Gj = The gain of the jammer 
Gjatx) = The Gain of the jammer transmit antenna 

or: K, Values (dB): 

10log J/S = 10log Giarx) + 10log Gj + 10log Girt) - 10log (416/47) RCS (co) f,inMHz ff, in GHz 


(units) K,= = 


or if simplified radar equations developed in previous sections are m? -38.54 


used: fi? -48.86 11.14 
10log J/S = 10log Gjarx + 10log G; + 10log Gjats)- Gs (dB) 


* Keep A and o in same units. Note: 4 = c/f 


JAMMING TO SIGNAL (J/S) RATIO (BISTATIC) 


Same as the monostatic case except G, will be different since RCS (6) varies with aspect angle. 








Since the jammer on the SELF SCREENING/ESCORT JAMMING 
target is amplifying the received 
radar signal before transmitting it RADAR: 80dBm + 42d 
back to the radar, both J and S : MMER: 60dBm + 





experience the two way range 
loss. Figure 1 shows that the 
range for both the signal and 
constant gain jamming have a 
slope that is 40 dB per decade. 
Once the jammer output reaches 
maximum power, that power is 
constant and the jamming slope 
changes to 20 dB per decade 
since it is only a function of one 
way space loss and the J/S 
equations for constant power 
(saturated) jamming must be 
used. 30 40 §060 80 100 
EXAMPLE ONLY RANGE to TARGET (NM) 
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Normally the constant 
gain (linear) region of a repeater Figure 1. Sample Constant Gain / Constant Power Graph. 
jammer occurs only at large distances from the radar and the constant power (saturated) region is reached 
rapidly as the target approaches the radar. When a constant gain jammer is involved it may be necessary to 
plot jamming twice - once using J from the constant power (saturated) equation [1] in Section 4-7 and once 
using the constant gain (linear) equation [4], as in the example shown in Figure 1. 
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CONSTANT GAIN SELF PROTECTION EA 


Most jammers have a constant power output - that is, they always transmit the maximum available 
power of the transmitter (excepting desired EA modulation). Some jammers also have a constant gain (linear) 
region. Usually these are coherent repeaters that can amplify a low level radar signal to a power that is below 
the level that results in maximum available (saturated) power output. At some radar to target range, the input 
signal is sufficiently high that the full jammer gain would exceed the maximum available power and the 
jammer ceases to be constant gain and becomes constant power. 


To calculate the power output of a constant gain jammer where: 


SR = The Radar signal at the jammer input (receive antenna terminals) 
Gjarx) = The Gain of the jammer receive antenna 

Gj = The gain of the jammer 

Ox = The one-way free space loss from the radar to the target 

Picg = The jammer constant gain power output 

Pp = The maximum jammer power output 

Ler = The jammer receiving line loss; combine with antenna gain Gjarx) 


From equation [10], Section 4-3, calculate the radar power received by the jammer. 


10log Sp; = 10log P, + 10log G; - atx + 10log Giarxy (factors in dB) [1] 
The jammer constant gain power output is: 10log Picg = 10log Sj + 10log Gia [2] 
and, by definition: Picg <P; [3] 


MONOSTATIC 


The equivalent circuit shown in Figure 2 is different from the constant power equivalent circuit in 
Figure 4 in Section 4-7. With constant gain, the jamming signal experiences the gain of the jammer and its 
antennas plus the same space loss as the radar signal. 


JAMMER CONSTANT GAIN (LINEAR) Feenernee 
EQUIVALENT CIRCUIT (MONOSTATIC) ANTENNA GAIN 


a ONE-WAY SPAGE LOSS 


1 or Tx' 


TRANSMITTER RADAR GAIN OF RCS 
ANTENNA a or Foc | ONE-WAY SPACE LOSS 


COLLOCATED GAIN TARGET JAMMER 


N44 AMPLIFIER 
a ONE-WAY SPAGE LOSS 


1ortk' 


(TOTAL SIGNAL =J +5) JAMMER TRANS MITTER 


ANTENNA GAIN (Gag) 
SIGNAL POWER+ GAINS - LOSSES jin dB) 


For Monostatic: Pex = Rrx Ors = Oe = Ot = ot 





Figure 2. Jammer Constant Gain EA Equivalent Circuit (Monostatic). 
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To calculate J, the one way range equation from Section 4-3 is used twice: 





pa PGi G sates A” Gj C jars) GeV” " 
(40k J (42R y 
_P:GiG, A’ o 


From the two way range equation in Section 4-4: S$ 5 
(4m J’ R* 


[5] 


J _ Giarsy Gj Gjattsy A” 
410 





Terms cancel when combined: Keep Aand oinsameunits [6] 


Or in dB form: 10log J/S = 10log Giarxy + 10log Gj + 10log Gjactx - 10log (40/2) [7] 


Since the last term can be recognized as minus G, from equation [10] in Section 4-4, where the target 
gain factor, G, = 10log (40/2") = 10log (4x0 f7/c’), it follows that: 


10log J/S = 10log Gjary + 10log Gj + 10log Gjty - Go (factors in dB) [8] 


Target gain factor, G, = 10log o + 20log fi + K, (in dB) 


K> Values 
(dB) RCS(o) f,inMHz ff, in GHz 


(units) K j= K2= 
mn’ -38.54 21.46 
fv -48.86 11.14 





BISTATIC 


The bistatic equivalent circuit shown in Figure 3 is different from the monostatic equivalent circuit 
shown in Figure 2 in that the receiver is separately located from the transmitter, Ry, # Rp, or Rj, and G, will 
be different since the RCS (6) varies with aspect angle. 


JAMMER CONSTANT GAIN (LINEAR) JAMMER RECEIVER 
EQUIVALENT CIRCUIT (BISTATIC) ANTENNA GAIN 


ae ONE-WAY SPAGE LOSS 


TRANS MITT ER RADAR z GAIN OF Fos 
ANTENNA thes ONE-WAY SPACE LOSS 


SEPARATE LOGATIONS GAIN TARGET JAMMER 


ae RECEIVER AMPLIFIER 
 ,ONE-WAY SPAGE LOSS 


dx 


(TOTAL SIGNAL =J+S) JAMMER TRANSMITTER 
ANTENNA GAIN (Girma) 
SIGNAL POWER+GAINS - LOSSES fn dB) 


For Bistatic: Are = Raw et Ao ore = oe ot 





Figure 3. Jammer Constant Gain EA Equivalent Circuit (Bistatic). 
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To calculate J, the one way range equation from Section 4-3 is used twice: 


2 2 
=, P, Gi est G; G ja(tx) ome (R5x = Rrx) [9] 
(42 Rr) (47 Rex) 








2 U 
From the two way range equation in Section 4-4: g= PiGiGra (o’ is bistatic RCS) [10] 
3 2 p2 
(47 )° Rix Rex 
2 
Terms cancel when combined: 2. = Giatty Gi Gary A Keep A and o in same units [11] 
S 410" 
Or in dB form: 10log J/S = 10log Giarx + 10log Gj + 10log Giarty) - 10log (4107/2) [12] 


Since the last term can be recognized as minus G, from equation [10] in Section 4-4, where the target gain 
factor, G, = 10log (410'/2”) = 10log (410’f7/c"), it follows that: 


10log = 10log Gjarx + 10log G; + 10log Giatx) - Go’ (factors in dB) [13] 


Target gain factor, G, = 10log o + 20log fi + Ky (in dB) 


K, Values 
(dB) RCS(o) fiinMHz fin GHz 


(units) K,= K y= 
m’ -38.54 21.46 
fv -48.86 11.14 
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Linear J/S (Monostatic) Example (Linear Power Jamming) 


Assume that a 5 GHz radar has a 70 dBm signal fed through a 5 dB loss transmission line to an 
antenna that has 45 dB gain. An aircraft that is flying 31 km from the radar has an aft EW antenna with -1 dB 
gain and a 5 dB line loss to the EW receiver (there is an additional loss due to any antenna polarization 
mismatch but that loss will not be addressed in this problem). The received signal is fed to a jammer with a 
gain of 60 dB, feeding a 10 dB loss transmission line which is connected to an antenna with 5 dB gain. 


If the RCS of the aircraft is 9 m’, what is the J/S level received at the input to the receiver of the 
tracking radar? 


Answer: 
10log J/S = 10log Gjary + 10log Gj + 10log Gyartx) - Go 


G, = 10log o + 20log f, + K, = 10log 9 + 20log 5 + 21.46 = 44.98 dB 


Note: | The respective transmission line losses will be combined with antenna gains, 
i.e. -1 -5 =-6 dB and -10+5=-5 dB 


10log J/S = -6 + 60 - 5 - 44.98 = 4.02 dB @ 5 GHz 


The answer changes to 1.1 dB if the tracking radar operates at 7 GHz provided the antenna gains and 
aircraft RCS are the same at both 5 and 7 GHz. 


G, = 10log 9 + 20log 7 + 21.46 = 47.9 dB 
10log J/S = -6 + 60 - 5 - 47.9 = 1.1 dB @ 7 GHz 
Separate J (-73.5 dBm @ 5 GHz and -79.34 dBm @ 7 GHz) and S (-77.52 dBm @ 5 GHz and 


-80.44 dBm @ 7 GHz) calculations for this problem are provided in Sections 4-3 and 4-4, respectively. 
A saturated gain version of this problem is provided in Section 4-7. 
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RADAR CROSS SECTION (RCS) 


Radar cross section is the measure of a target’s ability to reflect radar signals in the direction of the 
radar receiver, 1.e. it is a measure of the ratio of backscatter power per steradian (unit solid angle) in the 
direction of the radar (from the target) to the power density that is intercepted by the target. 


The RCS of a target can be viewed as a 
comparison of the strength of the reflected signal 
from a target to the reflected signal from a perfectly 
smooth sphere of cross sectional area of 1 m’ as 
shown in Figure 1. 


The conceptual definition of RCS includes 
the fact that not all of the radiated energy falls on the 
target. A target’s RCS (0) is most easily visualized as 
the product of three factors: 


o = Projected cross section x Reflectivity x 
Directivity. 





RCS(o) is used in Section 4-4 for an equation Figure 1. Concept of Radar Cross Section. 


representing power reradiated from the target. 
Reflectivity: The percent of intercepted power reradiated (scattered) by the target. 


Directivity: The ratio of the power scattered back in the radar’s direction to the power that would 
have been backscattered had the scattering been uniform in all directions (i.e. isotropically). 





Figures 2 and 3 show that RCS does 0.093m 
not equal geometric area. For a sphere, the Small Flat Plate 
= nr’ i i Flat plate RCS o=4na7/2 
RCS, o = ar’, where r is the radius of the = ib Tg ets 
sphere. or 0.01 m? at 1 GHz 


Sphere O= ar 











The RCS of a sphere is independent of roe 
frequency if operating at sufficiently high 
frequencies where 4<<Range, and << 
radius (r). Experimentally, radar return a 

: t 4 
reflected from a target is compared to the Pe toinae ee ees a a 
radar return reflected from a sphere which = 14.000 rm? at 19 GHz : Independent | 
has a frontal or projected area of one square or 140 m? at 1 GHz . of Frequency* 
meter (i.e. diameter of about 44 in). Using 
the spherical shape aids in field or 
laboratory measurements since orientation 
or positioning of the sphere will not affect 
radar reflection intensity measurements as a Figure 2. RCS vs. Physical Geometry. 
flat plate would. If calibrated, other sources 
(cylinder, flat plate, or corner reflector, etc.) could be used for comparative measurements. 


* See creeping wave discussion for exception when Ac< Range andaser 





To reduce drag during tests, towed spheres of 6”, 14”, or 22” diameter may be used instead of the 
larger 44” sphere, and the reference size is 0.018, 0.099, or 0.245 m respectively instead of 1 m’. When 
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smaller sized spheres are used for tests you may be operating at or near where A~radius. If the results are then 
scaled to a 1 m* reference, there may be some perturbations due to creeping waves. See the discussion at the 
end of this section for further details. 
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Figure 3. Backscatter From Shapes. 


In Figure 4, RCS patterns 


: RELATIVE MAGNITUDE (dB sm) 
are shown as objects are rotated 


S60" Pathern +90" Pattern + GO" Pattern 


about their vertical axes (the arrows 
indicate the direction of the radar 
reflections). 
The sphere is essentially the Fj 
same in all directions. ee 


The flat plate has almost no 
RCS except when aligned directly 


toward the radar. 4 


The corner reflector has an 
RCS almost as high as the flat plate 
but over a wider angle, 1.e., over 
+60°. The return from a corner 
reflector is analogous to that of a flat plate always being perpendicular to your collocated transmitter and 
receiver. 





SPHERE FLAT PLATE SOARMER 





Figure 4. RCS Patterns. 





Targets such as ships and aircraft often have many effective corners. Corners are sometimes used as 
calibration targets or as decoys, i.e. corner reflectors. 
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An aircraft target is very complex. It has a 
great many reflecting elements and shapes. The RCS of 
real aircraft must be measured. It varies significantly 
depending upon the direction of the illuminating radar. 


Figure 5 shows a typical RCS plot of a jet 
aircraft. The plot is an azimuth cut made at zero 
degrees elevation (on the aircraft horizon). Within the 
normal radar range of 3-18 GHz, the radar return of an 
aircraft in a given direction will vary by a few dB as 
frequency and polarization vary (the RCS may change 
by a factor of 2-5). It does not vary as much as the flat 
plate. 


As shown in Figure 5, the RCS is highest at the 
aircraft beam due to the large physical area observed by 
the radar and perpendicular aspect (increasing 
reflectivity). The next highest RCS area is the nose/tail Figure 5. Typical Aircraft RCS. 
area, largely because of reflections off the engines or 
propellers. Most self-protection jammers cover a field of view of +/- 60 degrees about the aircraft nose and 
tail, thus the high RCS on the beam does not have coverage. Beam coverage is frequently not provided due to 
inadequate power available to cover all aircraft quadrants, and the side of an aircraft is theoretically exposed 
to a threat 30% of the time over the average of all scenarios. 





Typical radar cross sections are as follows: Missile 0.5 sq m; Tactical Jet 5 to 100 sqm; Bomber 10 
to 1000 sq m; and ships 3,000 to 1,000,000 sq m. RCS can also be expressed in decibels referenced to a 
square meter (dBsm) which equals 10 log (RCS in m’). 


Again, Figure 5 shows that these values can vary dramatically. The strongest return depicted in the 
example is 100 m’ in the beam, and the weakest is slightly more than 1 m’ in the 135°/225° positions. These 
RCS values can be very misleading because other factors may affect the results. For example, phase 
differences, polarization, surface imperfections, and material type all greatly affect the results. In the above 
typical bomber example, the measured RCS may be much greater than 1000 square meters in certain 
circumstances (90°, 270°). 


SIGNIFICANCE OF THE REDUCTION OF RCS 
If each of the range or power equations that have an RCS (0) term is evaluated for the significance of 


decreasing RCS, Figure 6 results. Therefore, an RCS reduction can increase aircraft survivability. The 
equations used in Figure 6 are as follows: 


: 2 
Range (radar detection): = Pi Gi oe Ao thesia Ries ore eR 
From the 2-way range equation in Section 4-4: (4x J R? 
Range (radar burn-through): Ror= PiGio Therefore, Rpr2 « 6 or o'” & Ret 


The crossover equation in Section 4-8 has: P;G;4a 


Jj 
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Power (jammer): Equating the received signal return (P,) in the two way range equation to the 
received jammer signal (P,) in the one way range equation, the following relationship results: 


_PiG,G,2’o _ P)GjG. A 





(4x J’ R? (4aR 
tT t 
s J 


Therefore, Pj) co or ox P; 


Note: jammer transmission line loss is combined with the jammer antenna gain to obtain G,. 





° - 
2 
- uU 
= > 
= 2 
ono 
g Ei 
x = 
Ww 
ran) 
8 
cL fia 
8 5 
Oo z 
Ww 
ow o 
nm 5 
9 > 
Q B 
< rc 
oO 
a=] 








¥ f 

dB REDUCTION OF RANGE 7 

0.0 4.8! 391 62 89 420 45.9 21.0 280 400  -0 

0.0 o9¥ 49 !' 34 44 60 80 +105 +140 -20.0 -00 
MMER} 0.0 


-0.46 465 22 80 40 $2 70 100  -o 


Figure 6. Reduction of RCS Affects Radar Detection, Burn-through, and Jammer Power. 


2 
4 
“E------- 


Example of Effects of RCS Reduction - As shown in Figure 6, if the RCS of an aircraft is reduced to 0.75 
(75%) of its original value, then (1) the jammer power required to achieve the same effectiveness would be 
0.75 (75%) of the original value (or -1.25 dB). Likewise, (2) If Jammer power is held constant, then burn- 
through range is 0.87 (87%) of its original value (-1.25 dB), and (3) the detection range of the radar for the 
smaller RCS target (jamming not considered) is 0.93 (93%) of its original value (-1.25 dB). 


OPTICAL / MIE / RAYLEIGH REGIONS 


Figure 7 shows the different regions applicable for computing the RCS of a sphere. The optical 
region (“far field” counterpart) rules apply when 2ar/A > 10. In this region, the RCS of a sphere is 
independent of frequency. Here, the RCS of a sphere, c= ar’. The RCS equation breaks down primarily due 
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to creeping waves in the area where A~2ar. This area is known as the Mie or resonance region. If we were 
using a 6” diameter sphere, this frequency would be 0.6 GHz. (Any frequency ten times higher, or above 
6 GHz, would give expected results). The largest positive perturbation (point A) occurs at exactly 0.6 GHz 
where the RCS would be 4 times higher than the RCS computed using the optical region formula. Just 
slightly above 0.6 GHz a minimum occurs (point B) and the actual RCS would be 0.26 times the value 
calculated by using the optical region formula. If we used a one meter diameter sphere, the perturbations 
would occur at 95 MHz, so any frequency above 950 MHz (~1 GHz) would give predicted results. 


CREEPING WAVES 


The initial RCS assumptions presume that we are operating in the optical region (A<<Range and 
i<<radius). There is a region where specular reflected (mirrored) waves combine with back scattered 
creeping waves both constructively and destructively as shown in Figure 8. Creeping waves are tangential to 
a smooth surface and follow the “shadow” region of the body. They occur when the circumference of the 
sphere ~ 4 and typically add about 1 m’ to the RCS at certain frequencies. 


RAYLEIGH MIE OPTICAL* 
10 


RAYLEIGH REGION 
o = [ar ][7.11(kr)‘] 


where: k = 27/r 


MIE (resonance) 


o=4nr° at Maximum (point A) 
6 =0.26ar at Minimum (pt B) 


OPTICAL REGION 
o= amr 
(Region RCS ofa sphere is 
independent of frequency) 1.0 10 
Daria 
* "RE far teld" equivalent 


Courtesy of Or. Allen E. Fuhs, Pho. 





Figure 7. Radar Cross Section of a Sphere. 
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ADDITION OF SPECULAR AND CREEPING WAVES 
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Figure 8. Addition of Specular and Creeping Waves. 
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EMISSION CONTROL (EMCON) 


When EMCON is imposed, RF emissions must not exceed -110 dBm/meter’ at one nautical mile. It 
is best if systems meet EMCON when in either the Standby or Receive mode versus just the Standby mode 
(or OFF). If one assumes antenna gain equals line loss, then emissions measured at the port of a system must 
not exceed -34 dBm (i.e. the stated requirement at one nautical mile is converted to a measurement at the 
antenna of a point source - see Figure 1). If antenna gain is greater than line loss (i.e. gain 6 dB, line loss 
3 dB), then the -34 dBm value would be lowered by the difference and would be -37 dBm for the example. 
The opposite would be true if antenna gain is less. 


MIL-STD-461B/C RE-0O2 or 


Seam or MIL-STD-461D RE-102 Maximum 


Connector 70 dBy vin for externally mounted systems EMCON 
Leak age Emissions 


4 
=| Meter 


— ae —=y 1 Nautical mile 


T 


G 
-34 dBm (at RF port) —t't = -410 dBmim? 
(For Line Loss = Antenna Gain) R 





Figure 1. EMCON Field Intensity / Power Density Measurements. 


To compute the strength of emissions at the antenna port in Figure 1, we use the power density 
equation (see Section 4-2) 


_ PG 
47 R’ 





Pp [1] or rearranging P.G; = Pp (4nR’) [2] 


Given that Pp = -110 dBm/m’ = (10)"' mW/m’, and R = 1 NM = 1852 meters. 


P.G, = Pp (4aR’) = (107 'mW/m’)(4n)(1852m)* = 4.31(10)* mW = -33.65 ~ -34 dBm 
at the RF system antenna as given. 


or, the equation can be rewritten in Log form and each term multiplied by 10: 
10log P, + 10log G, = 10log Pp + 10log (4nR’) [3] 


Since the m? terms on the right side of equation [3] cancel, then: 
10log P, + 10log G, =-110 dBm + 76.35 dB = -33.65 dBm ~ -34 dBm as given in Figure 1. 


If MIL-STD-461B/C RE02 (or MIL-STD-461D RE-102) measurements (see Figure 2) are made on 
seam/connector leakage of a system, emissions below 70 dBuV/meter which are measured at one meter will 
meet the EMCON requirement. Note that the airframe provides attenuation so portions of systems mounted 
inside an aircraft that measure 90 dBuV/meter will still meet EMCON if the airframe provides 20 dB of 
shielding (note that the requirement at one nm is converted to what would be measured at one meter from a 
point source). 
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The narrowband emission limit shown in Figure 2 for RE02/RE102 primarily reflect special concern 
for local oscillator leakage during EMCON as opposed to switching transients which would apply more to the 
broadband limit. 
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Figure 3. MIL-STD-461 Narrowband Radiated Emissions Limits. 





Note that in MIL-STD-461D, the narrowband radiated emissions limits were retitled RE-102 from the 
previous RE-02 and the upper frequency limit was raised from 10 GHz to 18 GHz. The majority of this 
section will continue to reference REO2 since most systems in use today were built to MIL-STD-461B/C. 


P.G; 
4m R? 





For the other calculation involving leakage (to obtain 70 dBuV/m) we again start with: Pp = 


and use the previous fact that: 10log (P,G,) = -33.6 dBm = 4.37x10* mW (see Section 2-4). 


The measurement is at one meter so R? = 1 m? 
4.37x 10° 
1 


we have: mW/ m? =.348x 10°? MW/ m? = - 44.6 dBm/ m? = Pp @ 1 meter 


Using the field intensity and power density relations (see Section 4-1) 





E=\ Pp Z =3.48x 198 © 377Q = 36.2x 1074 V/m 
Changing to microvolts (1V = 10° pV) and converting to logs we have: 


20 log (E) = 20 log (10° x 36.2x10%) = 20 log (.362x10*) = 71.18 dBuV/m ~ 70 dBuV/m as given in 
Figure 1. 
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Some Words of Caution 





A common error is to only use the one-way free space loss coefficient o, directly from Figure 6, 
Section 4-3 to calculate what the output power would be to achieve the EMCON limits at 1 NM. This is 
incorrect since the last term on the right of equation [3] (10 Log(4mR”)) is simply the Log of the surface area 
of a sphere - it is NOT the one-way free space loss factor a1. You cannot interchange power (watts or dBW) 
with power density (watts/m? or dBW/m’). 


The equation uses power density (Pp), NOT received power (P,). It is independent of RF and 
therefore varies only with range. If the source is a transmitter and/or antenna, then the power-gain product (or 
EIRP) is easily measured and it’s readily apparent if 10log (P, G,) is less than -34 dBm. If the output of the 
measurement system is connected to a power meter in place of the system transmission line and antenna, the 
-34 dBm value must be adjusted. The measurement on the power meter (dBm) minus line loss (dB) plus 
antenna gain (dB) must not be higher than -34 dBm. 


However, many sources of radiation are through leakage, or are otherwise inaccessible to direct 
measurement and Pp must be measured with an antenna and a receiver. The measurements must be made at 
some RF(s), and received signal strength is a function of the antenna used therefore measurements must be 
scaled with an appropriate correction factor to obtain correct power density. 


RE-02 Measurements 

When RE-02 measurements are made, several different antennas are chosen dependent upon the 
frequency range under consideration. The voltage measured at the output terminals of an antenna is not the 
actual field intensity due to actual antenna gain, aperture characteristics, and loading effects. To account for 
this difference, the antenna factor is defined as: 


AF=E/V [4] 


where E= Unknown electric field to be determined in V/m (or pV/m) 
V = Voltage measured at the output terminals of the measuring antenna 


For an antenna loaded by a 50 © line (receiver), the theoretical antenna factor is developed as follows: 
Pp A. = P, = V/R = V,/50 or V, = V50 PpAc 


From Section 4-3 we see that A. = G,A7/4z, and from Section 4-1, E” = 377 Pp therefore we have: 


pate __AB77Po____ 9.73 
Ve Jfs0P,(42G,/4n) ANG, 


Reducing this to decibel form we have: 





[5] 


20 log AF = 20 log E - 20 log V = 20 log eee | with A in meters and Gain numeric ratio (not dB) [6] 


AN GSUBr 


This equation is plotted in Figure 3. 
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Since all of the equations in this section were developed using far field antenna theory, use only the 
indicated region. 
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Figure 3. Antenna Factor vs. Frequency for Indicated Antenna Gain. 


In practice the electric field is measured by attaching a field intensity meter or spectrum analyzer with 
a narrow bandpass preselector filter to the measuring antenna, recording the actual reading in volts and 
applying the antenna factor. 


20log E = 20log V + 20log AF [7] 


Each of the antennas used for EMI measurements normally has a calibration sheet for both gain and 


antenna factor over the frequency range that the antenna is expected to be used. Typical values are presented 
in Table 1. 


Table 1. Typical Antenna Factor Values. 


1 GHz - 10 GHz Conical Log Spiral or Ridged Horn 21-48 dB 
1 GHz - 18 GHz Double Ridged Horn 21-47 dB 


18 GHz - 40 GHz Parabolic Dish 20-25 dB 27 - 35 
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The antenna factor can also be developed in terms of the receiving antenna’s effective area. This can 
be shown as follows: 


poE_ B77 Po _ 2.75 
Vi J50PpA. Ae 





[8] 





Or in log form: 


20 log AF = 20 log E - 20 log V = 20 log 2 [9] 


Ae 


While this relation holds for any antenna, many antennas (spiral, dipole, conical etc.) which do not 
have a true “frontal capture area” do not have a linear or logarithmic relation between area and gain and in 
that respect the parabolic dish is unique in that the antenna factor does not vary with frequency, only with 
effective capture area. Consequently a larger effective area results in a smaller antenna factor. 


A calibrated antenna would be the first choice for making measurements, followed by use of a 
parabolic dish or “standard gain” horn. A standard gain horn is one which was designed such that it closely 
follows the rules of thumb regarding area/gain and has a constant antenna factor. Ifa calibrated antenna, 
parabolic dish, or “standard horn” is not available, a good procedure is to utilize a flat spiral antenna (such as 
the AN/ALR-67 high band antennas). These antennas typically have an average gain of 0 dB (typically -4 to 
+4 dB), consequently the antenna factor would not vary a lot and any error would be small. 


EXAMPLE: 


Suppose that we want to make a very general estimation regarding the ability of a system to meet 
EMCON requirements. We choose to use a spiral antenna for measurements and take one of our samples at 
4 GHz. Since we know the gain of the spiral is relatively flat at 4 GHz and has a gain value of approximately 
one (0 dB) in that frequency range. The antenna is connected to a spectrum analyzer by 25 feet of RG9 cable. 

We want to take our measurements at 2 meters from the system so our setup is shown as follows: 


Spiral 
Antenna 






25 tt Spectrum 
RG Cable Analyzer 


Our RG9 cable has an input impedance of 50Q, and a loss of 5 dB (from Figure 5, Section 6-1). 
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First, let’s assume that we measure -85 dBm at the spectrum analyzer and we want to translate this 
into the equivalent strength at 1 NM. Our power received by the antenna is: P,=-85 dBm + 5 dB line loss = 
-80 dBm 


also Pp =P,/A, and A, = Gd’/4n = (G/4n)e(c/f)’ = (1/4) 0(3x10°/4x 10°)? = 4.47x107% m? 


in log form: 10 Log Pp = 10 Log P, - 10 Log A, = -80 dBm + 33.5 = -46.5 dBm/m” 
at our 2 meter measuring point 


To convert this to a value at 1 NM, we use 
P, Gi = Ppo@i am AnR,? = Pp@2m AnR, and we solve for PD@1 am 


in log form after cancelling the 4x terms: 


10 Log Pp@! am = 10 Log Pp@2m+ 10 Log (Rom/Rinm)” = -46.5 dBm/m” - 59.3 dB = -105.8 dBm/m* 
which is more power than the maximum value of -110 dBm/m’ specified. 


If we are making repetitive measurement as we might do when screening an aircraft on the flight line 
with numerous systems installed, or when we want to improve (reduce) the leakage on a single system by 
changing antennas, lines, connectors, or EMI gaskets or shielding, this mathematical approach would be 
unnecessarily time consuming since it would have to be repeated after each measurement. A better approach 
would be to convert the -110 dBm/m’ value at 1 NM to the maximum you can have at the measuring 
instrument (in this case a spectrum analyzer), then you could make multiple measurements and know 
immediately how your system(s) are doing. It should be noted that -90 to -100 dBm is about the minimum 
signal level that can be detected by a spectrum analyzer, so you couldn’t take measurements much further 
away unless you used an antenna with a much higher gain. 


In order not to exceed EMCON, the power density must not exceed -110 dBm/m’ at 1 NM, which is 
10’ mW/m’. 


P, Gi = Po@ nm 4nR = Po@2 m 4nR 
we solve for Pp@2m= 10°''(1852m)?/(2m)’ = 8.57 x 10° mW/m? = -50.7 dBm/m? 


We’ll be using a spectrum analyzer, so we want to compute what the maximum power or voltage may 
be. 


Method 1 - Using the Power Density Approach 


Using logs/dB and the values of Pp@2 m and A, determined previously: 
10 Log P, = 10 Log Pp + 10 Log A, = -50.7 - 33.5 = -84.2 dBm 


taking line loss into account we have: -84.2 - 5 dB =-.89.2 dBm as the maximum measurement reading. 
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If we wanted to calculate it in volts, and take into account our line impedance we would have the following: 








P, = Pp A, = V7/R = V7/50Q. also A.=GA’/4n so solving for V we have: 


Ae A ee tell Goren, 
. Pal 4n lr (5) 


since our line loss is 5 dB, we have -5 dB = 20 Log V,/V,. Solving for V2 we get 7.79x10° volts or -89 dBm 
as a maximum at our measurement device input. We can see immediately that our value of -85 dBm that we 
measured on the previous page would not meet specifications, and neither would any signal with more power 
than -89 dBm. 











8 2 
R - sm L(2) |s00-128:10°a (before line loss) 
m \ 4x 








Method 2 - Using the Antenna Factor Approach 





Starting with the same value of power density that we obtained above (8.57x10° W/m”), we find the 
field intensity from Table 1, Section 4-1 to be approximately 65 dBuv/m. Also from Figure 3 in this section, 
AF = 43 dB @ 4 GHz (by calculating with equation [6], the exact value is 42.3 dB). 


From equation [6]: 

20log V = 20log E - 20log AF 

20log V = 65 - 43 = 22 dBuv/m. 

Since dBuv/m = 20 log (V)(10°) = 20 log V + 20 log 10° = 20 log V + 120, we see that to get an 
answer in dBv we must subtract 120 from the dBuv/m value so: Vag = 22 - 120 =-98dBv. We then subtract 
our line loss (-5 dB) and we have: 

V =-98 - 5=-103 dBv = 17 dBuv = 7.1x10° volts 
using the fact that P = V’/R and for the input line R = 50Q, P = 1x10" W = -120 dBW = -90 dBm 

Although this method is just as accurate as that obtained using method 1, the values obtained in 

Table 1, Section 4-1, and Figure 3 must be interpolated, and may not result in values which are as precise as 


the appropriate formulas would produce. 


Sample Problem: What is the approximate transmit power from a receiver? 





A. 1 nanowatt (nW) F. 100 wW K. 10 W 

B. 10 nW G. 1 milliwatt (mW) L. 100 W 

C. 100 nW H. 10 mW M. 1 kilowatt (kW) 
D. 1 microwatt (uW) I. 100 mW N. 10kW 

E. 10 pW J. 1 watt (W) O. 100 kW 


The question may seem inappropriate since a receiver is supposedly a passive device which only 
receives a signal. If the receiver was a crystal video receiver as shown in Section 5-3, it wouldn’t transmit 
power unless a built-in-test (BIT) signal was injected after the antenna to periodically check the integrity of 
the microwave path and components. The potential exists for the BIT signal to leak across switches and 
couple back through the input path and be transmitted by the receiver’s antennas. 
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If the receiver uses a local oscillator (LO) and a mixer to translate the signal to an intermediate 
frequency (IF) for processing (such as a superhet shown in Section 5-3), there is the potential for the CW LO 
signal to couple back through the signal input path and be transmitted by the receiver’s antenna. Normally a 
mixer has 20 dB of rejection for the reverse direction. In addition, the LO may be further attenuated by 
receiver front end filters. 


In both cases, the use of isolators described in Section 6-7 could be used to further attenuate any 
signals going in the reverse direction, i.e. back to the antenna. A good receiver design should ensure that any 
RF leakage radiated by the receiver will not exceed the EMCON level. 


In answer to the initial question, “transmit” leakage power should be less than -34 dBm (0.4 1. W) to 


meet EMCON. Therefore, the real answer may be “A,” “B,” or “C” if EMCON is met and could be “D” 
through possibly “G” if EMCON is not met. 
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INTRODUCTION 


EW JAMMING TECHNIQUES 


Electronic jamming is a form of Electronic Attack where jammers radiate interfering signals toward 
an enemy’s radar, blocking the receiver with highly concentrated energy signals. The two main technique 
styles are noise techniques and repeater techniques. The three types of noise jamming are spot, sweep, and 
barrage. Repeater techniques can be further subdivided into categories as shown in Figure 1. 


ECM 
Generation 
Method 











Jamming 


(Concealment) 


Deception 
(Forgery) 








Passive 
(Reflection) 


Active 


(Transmitting) 


Figure 1. EA Repeater Technique Divisions. 


ASYNCHRONOUS SWEPT WAVE MODULATION (ASWM) 


ASWM is synonymous with A-SWM. Asynchronous indicates that the waveform is free running - 
also see SSWM. A swept wave modulation is essentially a swept amplitude modulation (SAM). It is a 
waveform that is swept between two frequencies that are usually chosen to bracket a radar’s passive angle 
scanning rate. The modulation amplitude can be either down modulated or On-Off Keyed (OOK). The down 
modulated shape can be square wave, rectangular wave, linear (e.g. a sine wave), or a combination. The OOK 
modulated shape can be square wave or rectangular wave. 


BARRAGE JAMMING 


The jamming of 
multiple frequencies at once by 
a single jammer. The 
advantage is that multiple 
frequencies can be jammed 
simultaneously; however, the 
jamming effect can be limited 
because this requires the 
jammer to spread its full power 
between these frequencies. So 





BARRAGE JAMMING 14% OF JAMMING IN RECEIVER 


JAMMER POWER 


JAMMER 
3dB BANDWIDTH DENSITY SPECTRUM 
\ NOON 


Oe me. 
> RADAR 3dB 
; | ea | | ia =| PST eanowioras 
él, lll, i 


\ 1_y» 


Reducing jamming 
in the receiver from 
100% to 14% 
reduces J/S by 
8.6 dB. 





J/S @H8.6 dB 


RADARS 


Figure 2. Barrage Jamming. 


the more frequencies being jammed, the less effectively each is jammed. 
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CROSS POLARIZATION (X-POL) 


(1) A self-screening or support EA technique that causes angle errors in tracking radars and sensing 
errors in jamming suppression EP systems of surveillance radars by radiating a signal that is orthogonally 
polarized to the principal polarization of the victim radar. (2) A technique used against monopulse and other 
passive lobe tracking radars. Requires a strong jam-to-signal ratio or the skin echo will show up in the pattern 
nulls. 


HOME ON JAM (HOJ) 

A means whereby a missile guidance receiver utilizes the self-screening target jamming signal to 
develop angular steering information so that the missile can home on that target. 
IMAGE JAMMING 

Jamming at the image frequency of the radar receiver. Barrage jamming is made most effective by 
generating energy at both the normal operating and image frequency of the radar. Image jamming inverts the 
phase of the response and is thereby useful as an angle deception technique. Not effective if the radar uses 
image rejection. 
INVERSE CON SCAN (ICS) 


One method of 
confusing a radar operator or 


Target 


Target Return - Off Boresight 





fire control radar system is to A 

provide erroneous target >. le) —— 
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accomplished by first sensing 

the radar antenna or antenna Target Return - Tight Tracking On Boresight 


dipole scan rate and then 
modulating repeater amplifier 



































gain so that the weapons ICS ECM Signal 
system will fire at some 
bearing other than the true 
target bearing. 

Real Target 

Target Return Plus ICS ECM Signal 
c 
J/S REQUIREMENT ie ait 2 
meee lull ll 

signal ratio for effective | | | | | | 











‘alse Target 





coverage of the true target. 
Usually on the order of zero 


Figure 3. Inverse Con Scan. 
dB (J/S=1). 
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LINEAR MODULATION 


A modulation technique in which the output varies in a straight line (linear) manner with the input 
(modulating) waveform. This is different from a discontinuous (On-Off) modulation. Typically the 
modulating waveform is a ramp or triangular wave but could also be a sine wave modulating input. 


LOBE ON RECEIVE ONLY (LORO) 


Predicting the future location of a target (to track) requires that the radar look at areas where the target 
is not located. When this scanning is accomplished with the radiated beam, large angle targets such as chaff 
clouds can create complete radar “white-out.” RWR indications can be obtained before actual target lock-on. 

These problems can be overcome by scanning only the receiving antennas and using a separate transmitting 
antenna pointed only at the target. 


InaLORO system, a transmitting antenna emits a few “exploratory” pulses along a direction obtained 
from an acquisition radar. These exploratory pulses are the acquisition mode of the TTR. That is, in its 
acquisition mode the small beamed TTR must scan the large location segment provided by the acquisition 
radar. In radars equipped with Fast Time Constant, the return pulse is applied to a differentiator of extremely 
short time constant. When the pulse is received, it is “cut-off” on the leading edge and only that portion is fed 
to the computer. This allows the radar to effectively track on the leading edge of the target. FTC does not 
improve the range resolution but it can prevent any countermeasures aft of the target which are in the same 
resolution cell as the target (such as chaff) from interfering with the radar receiver. 


The receiving antennas scan their sector for the target return due to these exploratory pulses; as the 
power centroid is located, the center of the receiving pattern is brought onto the target. The transmitting 
antenna, which is slaved to the receiving antenna, is then pointing directly at the desired target and only that 
target is radiated during tracking. This approach allows a very small radiated beam, but the resolution cell of 
the system is still that of the receiving antenna. 











NOISE JAMMING 
The transmission of noise-like ai CONVENTIONS E NOISE 
signals in the target system’s radar receiver 5 | 
bandpass. At low power levels, noise z 
jamming has the characteristics of receiver |Z FAH 
noise and can be mistaken by the radar > 
operator as a problem with the radar. The TARGET RANGE/TIME 
object of noise jamming is to introduce a LOCATION 
disturbing signal into the hostile electronic RANGE GATED NOISE 
equipment so that the actual signal is NOISE TIMEGATE 


obscured by the interference. The victim of 
this disturbance might be a radar receiver, a 
communications network, or a data link. 


AMPLITUDE 





See also Barrage Jamming and TARGET Cece 
Spot Jamming. LOCATION 





Figure 4. Noise Jamming. 
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ON-OFF MODULATION 


On-Off Modulation is any modulation which switches rapidly between two states. This definition 
includes pulse radar operation. 


On-Off Keying (OOK) is the envelope modulation of a jamming signal with a rectangular wave. The 
modulation rate and duty cycle are adjusted commensurate with the victim radar’s processing time constants. 
These can be related to AGC time constants, logic time-outs, data sampling cycles, or any other data 
processing response times. 


An important distinction must be made between the terms On-Off Keying and Blinking. While both 
terms involve envelope modulations that turn a jamming signal on and off, the term OOK is used as the 
envelope modulation of a single jamming signal, and the term blinking is used as the tactical application of 
OOK involving two or more cooperative jamming platforms. 


PSEUDO RANDOM NOISE (PRN) 
A controlled, noise-like, pulse pattern repeated in synchronism with the victim radar pulse repetition 


frequency. Synonymous with quasi-noise jamming. 


Target Current RF 
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Figure 5. Random Dual Line. 
RANDOM DUAL LINE (RDL) 
RDL is a coherent repeater technique that is essentially the same as velocity noise (VN), narrow band 
noise (NBN), and pseudo random noise (PRN) except that no false Doppler frequencies are stepped directly 


over the target return. The objective is to prevent the momentary additions of the EA signal and target signal 
that might highlight the presence of a coherent return. 
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RANDOM RANGE PROGRAM (RANRAP) 


A dynamic False Target Jamming technique program to create multiple realistic targets of varying 


size and distance from the jamming plane. 


RANGE GATE PULL OFF (RGPO) 


Once a tracking radar 
has detected a target, it will 
place range gates to either side 
of it. Range gates essentially 
blank out all signals which 
originate from ranges outside a 
narrow window, substantially 
increasing the signal-to-noise 
ratio and protecting the radar 
against unsynchronized jamming 
pulses. The radar ‘concentrates’ 
on a short range interval which 
encloses the target’s location, 
and it no longer looks out for 
other targets. This state is 
known as ‘lock-on’. But range 
gates can be ‘stolen’, and it is 
the objective of the Range Gate 
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Figure 6. Range Gate Pull Off. 


Target Range 


Pull-Off (RGPO) technique to break lock and escape from out of the window. 


RGPO works as follows: 


Upon detection (or assumption) that a tracking radar has locked on, the on-board jammer is switched 


on and starts to work in a couple of phases: 


1. 


23 


First, a sample of the illuminating pulse signal is taken and the radar’s pulse repetition frequency 
(PRF) is determined. This sample is amplified and retransmitted simultaneously when further pulses 
are received. The aircraft actually highlights itself on the radar screen. The jamming power is 
steadily increased, and this continues until the replica is much stronger than the echo from the aircraft 
skin return. At this time, the sensitivity of the tracking radar’s receiver is usually reduced in order to 
avoid overload. This causes the skin echo vanishes below the noise floor. 


Another replica is transmitted after each of the ‘dummy’ skin echoes. The power of the second 
replica is increased while the dummy is made weaker. 


Next, the tracker has locked on to the delayed replica, whereas the skin return has decreased into the 
noise. With respect to each of the radar’s pulses, the replica is now being delayed by small, but 
increasing amounts of time. The range gates, of course, follow the dummy target which appears to be 
receding. This continues until the range gates have been moved away from the target’s real position. 
The result is that the radar is tracking a phantom target and the skin return is being blanked out by 
the range gates. 


Finally, the jammer is switched off and leaves the radar with just nothing but noise inside the window 
between its range gates. Break-lock was successfully achieved and the “tracking” radar needs to 
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switch back into a search or acquisition mode and loses time. The whole cycle will start again if the 
target is still within range and is reacquired. 


As described above, RGPO creates only false targets which appear at greater ranges than the real 
target because the deceptive signal is transmitted after the skin echo. However, if the victim radar’s PRF is 
constant then the time of incidence of the next radar pulse can be calculated and jamming pulses can be 
placed such that false targets at closer ranges are also produced. 


SCINTILLATION (SCINT) 


Scintillation is not an EA technique by itself, it is an implementation of an EA technique. 
Scintillation is simply superimposing a small, pseudo random amplitude modulation on the EA signal to 
make it appear more realistic to a manual operator. 


SPOT JAMMING 


Occurs when a jammer SPOT JAMMING 85% OF JAMMING IN RECEIVER 
focuses all of its power on a RADAR 3dB BANDWIDTH 
single frequency. While this Reducing jamming 








would severely degrade the | ™ rear P = JAMMER 3dB BANDWIDTH 

“4° . ‘0 ‘0 a 
ability to track on the jammed raducse dS by > eet 
frequency, a frequency agile 0.7 dB. a . a. DENSITY SPECTRUM 
radar would hardly be affected ED = Sic SPAN AR SIGNAL 
because the jammer can only JIS WH0.7 dB = REGUENGY 
jam one frequency. While 
multiple jammers could Figure 7. Spot Jamming. 


possibly jam a range of 
frequencies, this would consume a great deal of resources to have any effect on a frequency-agile radar, and 
would probably still be ineffective 


SWEPT JAMMING 

This happens when a jammer’s full power is shifted from one frequency to another. While this has 
the advantage of being able to jam multiple frequencies in quick succession, it does not affect them all at the 
same time, and thus limits the effectiveness of this type of jamming. Although, depending on the error 
checking in the receiver(s) this can render a wide range of receivers effectively useless. 


SWEPT AMPLITUDE MODULATION (SAM) 


The OOK frequency is linearly varied in a sawtooth fashion between preset frequency limits while the 
duty factor is held constant. 
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SWEPT WAVE MODULATION (SWM) 


A swept wave modulation.2 (SWM.2) is essentially a swept amplitude modulation (SAM). It is a 
waveform that is swept between two frequencies that are usually chosen to bracket a radar’s passive angle 
scanning rate. SWM can be either Synchronous Swept Wave Modulation.2-; (S-SWM) or Asynchronous 
Swept Wave Modulation.2-; (A-SWM.2-;). The modulation amplitude can be either down modulated or 
On-Off Keyed (OOK). The down modulating shape can be square wave, rectangular wave, linear (e.g. a sine 
wave), or a combination. The OOK modulating shape can be square wave or rectangular wave. 


PERIOD 
25% of PERIOD 





Figure 8. Typical Linear SWM Modulation. 
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Figure 9. Rectangular SWM. 


SYNCHRONOUS SWEPT WAVE MODULATION (SSWM) 


SSWM is synonymous with S-SWM. S-SWM and A-SWM are essentially the same except that 
asynchronous means that the waveform is free running and synchronous means that when a radar scan or 
TWS beam can be detected, the modulation waveform is synchronized to the detected beam. For 
programming purposes A-SWM sets sweep limits and rate by frequency (Hz), while S-SWM sets them by 
period (mSec). 


Active Con-Scan radars will not have a detectable modulation if the target is being tightly tracked in 


the center of the beam. Therefore, a SWM can “jog” the tracking sufficiently to detect the modulation and 
allowing subsequent synchronization of the SWM waveform. 
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TRACK WHILE SCAN JAMMING 


The technique of shifting or 
“walking” EA pulses off target. Many angle 
jamming techniques are effective. 


VELOCITY FALSE TARGETS (VFT) 


VFT is a pseudo-random false 
Doppler target concealment technique. It is 
designed for use against radars that acquire 
Doppler targets with a bank of contiguous 
narrow band filters. A false Doppler target is 
programmed to remain in a Doppler filter 
long enough for the radar processing to 
declare it a valid target return, but not long 
enough for the radar processing to establish 
tracking. 


The false Doppler target is then 
switched to the next pseudo-randomly 
selected frequency and repeated. It is 
intended to overload the radar processing 
and/or the operator’s ability to identify an 
actual target. In the illustration, the VFTs 
jump around in the indicated numerical order. 
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Figure 10. TWS Jamming. 
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Figure 11. Velocity False Targets. 
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VELOCITY GATE PULL OFF 


This is a method of 
capturing the velocity gate of a 
Doppler radar and moving it away 
from the skin echo. Similar to the 
RGPO, but used against CW or 
Doppler velocity tracking radar 
systems. The CW or pulse doppler 
frequency, which is amplified and 
retransmitted, is shifted in 
frequency (velocity) to provide an 
apparent rate change or Doppler 
shift. 


VELOCITY NOISE (VN) 


VN is a coherent repeater 
technique. The objective is to 
create noise centered on a coherent 
radar’s RF, with a noise bandwidth 
that is close to, or less than, the 
radar’s bandwidth and conceal the 
target, or destroy target signal 
coherency. VN is generated by 
pseudo randomly stepping a 
frequency over the victim radar’s 
bandwidth. The dashed RF lines 
represent possible frequencies and 
the solid line represents the 
frequency currently active. 
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Figure 12. Velocity Gate Pull Off. 
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Figure 13. Velocity Noise. 
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RF ATMOSPHERIC ABSORPTION / DUCTING 


Signal losses are associated with each stage of signal processing in both the transmitting and 
receiving portions of the system. The transmitting losses include power transmission efficiency, waveguide 
and antenna losses, and duplexer losses. In the receiver, losses include antenna, waveguide, RF amplifier, 
mixer, and IF amplifier. 


In addition to these losses, energy traveling through the atmosphere suffers from atmospheric 
attenuation caused primarily by absorption by the gasses. For lower frequencies (below 10 GHz), the 
attenuation is reasonably predictable. For high frequencies in the millimeter wave range, the attenuation not 
only increases, but becomes more dependent upon peculiar absorbing characteristics of HO, On», and the like. 


Figure 1 shows the areas of peak absorption in the millimeter wave spectrum. Figure 2 shows how 
the intensity of precipitation can affect atmospheric attenuation. 
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Figure 1. Atmospheric Absorption of Millimeter Waves. 
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ATMOSPHERIC ATTENUATION 
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Figure 2. Atmospheric Attenuation. 


Ducting is an increase in range that an electromagnetic wave will travel due to a temperature 
inversion of the lower atmosphere (troposphere) as shown in Figure 3. The temperature inversion forms a 
channel or waveguide (duct) for the waves to travel in, and they can be trapped, not attenuating as would be 


expected from the radar equation. Ducting may also extend range beyond what might be expected from 
limitations of the radar horizon (see Section 2-9). 


The ducting phenomena is frequency sensitive. The thicker the duct, the lower the minimum trapped 
frequency. 





Figure 3. Ducting. 


A similar occurrence takes place with ionospheric refraction, however the greatest increase in range 
occurs in the lower frequencies. This is familiar to amateur radio operators who are able to contact 
counterparts “around the world.” 


RECEIVER SENSITIVITY / NOISE 


RECEIVER SENSITIVITY 


Sensitivity in a receiver is normally taken as the minimum input signal (Sin) required to produce a 
specified output signal having a specified signal-to-noise (S/N) ratio and is defined as the minimum signal-to- 
noise ratio times the mean noise power, see equation [1]. For a signal impinging on the antenna (system 
level) sensitivity is known as minimum operational sensitivity (MOS), see equation [2]. Since MOS includes 
antenna gain, it may be expressed in dBLi (dB referenced to a linear isotropic antenna). When specifying the 
sensitivity of receivers intended to intercept and process pulse signals, the minimum pulse width at which the 
specified sensitivity applies must also be stated. See the discussion of post-detection bandwidth (By) in 
Section 5-2 for significance of minimum pulsewidth in the receiver design. 


Snin = (S/N) minKT,B(NF) receiver sensitivity (“black box” performance parameter) [1] 


or MOS = (S/N) minkT,B(NF)/G — system sensitivity 1.e. the receiver is connected to an antenna [2] 
(transmission line loss included with antenna gain) 


where: S/Nmin = Minimum signal-to-noise ratio needed to process (vice just detect) a signal 
NF = Noise figure/factor 
k = Boltzmann’s Constant = 1.38 x 107° Joule/°K 
Ty = Absolute temperature of the receiver input (°Kelvin) = 290°K 
B 7 Receiver Bandwidth (Hz) 
G = Antenna/system gain 


We have a lower MOS if temperature, bandwidth, NF, or S/Nmin decreases, or if antenna gain 
increases. For radar, missile, and EW receivers, sensitivity is usually stated in dBm. For communications and 
commercial broadcasting receivers, sensitivity is usually stated in micro-volts or dBuv. See Section 4-1. 


There is no standard definition of sensitivity level. The term minimum operational sensitivity (MOS) 
can be used in place of Siin at the system level where aircraft installation characteristics are included. The 
“black box” term minimum detectable signal (MDS) is often used for Sin but can cause confusion because a 
receiver may be able to detect a signal, but not properly process it. MDS can also be confused with minimum 
discernable signal, which is frequently used when a human operator is used to interpret the reception results. 
A human interpretation is also required with minimum visible signal (MVS) and tangential sensitivity 
(discussed later). To avoid confusion, the terms Spin for “black box” minimum sensitivity and MOS for 
system minimum sensitivity are used in this section. All receivers are designed for a certain sensitivity level 
based on requirements. One would not design a receiver with more sensitivity than required because it limits 
the receiver bandwidth and will require the receiver to process signals it is not interested in. In general, while 
processing signals, the higher the power level at which the sensitivity is set, the fewer the number of false 
alarms which will be processed. Simultaneously, the probability of detection of a “good” (low-noise) signal 
will be decreased. 


Sensitivity can be defined in two opposite ways, so discussions can frequently be confusing. It can be 
the ratio of response to input or input to response. In using the first method (most common in receiver 
discussions and used herein), it will be a negative number (in dBm), with the more negative being “better” 
sensitivity, e.g.,-60 dBm is “better” than -50 dBm sensitivity. If the second method is used, the result will be 
a positive number, with higher being “better.” Therefore the terms low sensitivity or high sensitivity can be 
very confusing. The terms S,,in and MOS avoid confusion. 
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SIGNAL-TO-NOISE (S/N) RATIO 


The Signal-to-Noise Ratio (S/N) (a.k.a. SNR) in a receiver is the signal power in the receiver divided 
by the mean noise power of the receiver. All receivers require the signal to exceed the noise by some amount. 
Usually if the signal power is less than or just equals the noise power it is not detectable. For a signal to be 
detected, the signal energy plus the noise energy must exceed some threshold value. Therefore, just because 
N is in the denominator doesn’t mean it can be increased to lower the MOS. S/N is a required minimum ratio, 
if N is increased, then S must also be increased to maintain that threshold. The threshold value is chosen high 
enough above the mean noise level so that the probability of random noise peaks exceeding the threshold, and 
causing false alarms, is acceptably low. 


Figure 1 depicts the concept of required S/N. It can be seen that the signal at time A exceeds the S/N 
ratio and indicates a false alarm or target. The signal at time B is just at the threshold, and the signal at time C 
is clearly below it. In the sample, if the temperature is taken as room temperature (T, = 290°K), the noise 
power input is -114 dBm for a one MHz bandwidth. Normally S/Ninin may be set higher than S/N shown in 
Figure | to meet false alarm specifications. 
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Figure 1. Receiver Noise Power at Room Temperature. 


The acceptable minimum Signal-to-Noise ratio (or think of it as Signal above Noise) for a receiver 
depends on the intended use of the receiver. For instance, a receiver that had to detect a single radar pulse 
would probably need a higher minimum S/N than a receiver that could integrate a large number of radar 
pulses (increasing the total signal energy) for detection with the same probability of false alarms. Receivers 
with human operators using a video display may function satisfactorily with low minimum S/N because a 
skilled operator can be very proficient at picking signals out of a noise background. As shown in Table 1, the 
setting of an acceptable minimum S/N is highly dependent on the required characteristics of the receiver and 
of the signal. 


Table 1. Typical Minimum S/N Required. 


Skilled Auto- Auto-detection with Amplitude, AOA Phase AOA Amplitude 


Operator Detection TOA, and Frequency Measurements | Interferometer Comparison 


3to8dB | 10to14dB 14 to 18 dB 14 to 18 dB 16 to 24 dB 
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A complete discussion of the subject would require a lengthy dissertation of the probability and 
statistics of signal detection, which is beyond the scope of this handbook, however a simplified introduction 
follows. Let’s assume that we have a receiver that we want a certain probability of detecting a single pulse 
with a specified false alarm probability. We can use Figure 2 to determine the required signal-to-noise ratio. 


S/N EXAMPLE 


If we are given that the desired probability of detecting a single pulse (Pa) is 98%, and we want the 
false alarm rate (P,) to be no more than 10°, then we can see that S/N must be 12 dB (see Figure 2). 
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Figure 2. Nomograph of Signal-to-Noise (S/N) Ratio as a Function of Probability of Detection (Py) and 
Probability of False Alarm Rate (P,). 


MAXIMUM DETECTION RANGE (ONE-WAY) 


From Section 4-3, the one way signal strength from a transmitter to a receiver is: 


PGiG7 
Sion p=. 
( Rr) (4) R? 


For calculations involving receiver sensitivity the “S” can be replaced by Smin. Since Simin = (S/N) min 
kT,B(NF), given by equation [1], the one-way radar equation can be solved for any of the other variables in 
terms of receiver parameters. In communication, radar, and electronic warfare applications, you might need 
to solve for the maximum range (Rmax) where a given radar warning receiver could detect a radiated signal 
with known parameters. We would then combine and rearrange the two equations mentioned to solve for the 


following one-way equation: 

















a PG: GV? a Pi Gi Gy c* 7 P: Gi Ac [3] 
(470) (SIN in k To B (NF) (4nf J (SIN yi, kT. B (NF) 4 (S/N ) i,k TB (NF) 


min 


5-2.3 


We could use standard room temperature of 290° K as T,, but NF would have to be determined as 
shown later. 


In this calculation for receiver Rmax determination, P,, G;, and A are radar dependent, while G,, S/Ninin, 
NF, and B are receiver dependent factors. 


Equation [3] relates the maximum detection range to bandwidth (B). The effects of the measurement 
bandwidth can significantly reduce the energy that can be measured from the peak power applied to the 
receiver input. Additional bandwidth details are provided in Sections 4-4, 4-7, and in other parts of this 
section. 


NOISE POWER, kT,B 


Thermal noise is spread more or less uniformly over the entire frequency spectrum. Therefore the 
amount of noise appearing in the output of an ideal receiver is proportional to the absolute temperature of the 
receiver input system (antenna etc) times the bandwidth of the receiver. The factor of proportionality is 
Boltzmann’s Constant. 


Mean noise power of ideal receiver = kT,B = Py (Watts) 
Mean noise power of a real receiver = (NF)KT,B (Watts) 


The convention for the temperature of T, is set by IEEE standard to be 290°K, which is close to 


ordinary room temperature. So, assuming T, = 290°K, and for a bandwidth B = 1 Hz, kT,B = 4x107! W = 
-204 dBW = -174 dBm. 


For any receiver bandwidth, multiply 4x107' W by the bandwidth in Hz, or if using dB; 
10 log kT,B = -174 dBm + 10 Log (actual BW in Hz) or -114dBm-+ 10 Log (actual BW in MHz) 
and so on, as shown by the values in Table 2. Table 2. Sample Noise Power Values (kT,B). 


Typical values for maximum sensitivity of 
receivers would be: 


RWR -65 dBm 
Pulse Radar -94 dBm 4x10" -84 
CW Missile Seeker -138 dBm 





If antenna contributions are ignored (see note in Table 4) for a CW receiver with a 4 GHz bandwidth, 
the ideal mean noise power would be -174 dBm + 10 Log(4x10°) =-174 dBm + 96 dB =-78 dBm. A skilled 
operator might only be able to distinguish a signal 3 dB above the noise floor (S/N=3 dB), or -75 dBm. A 
typical radar receiver would require a S/N of 3 to 10 dB to distinguish the signal from noise, and would 
require 10 to 20 dB to track. Auto tracking might require a S/N of approximately 25 dB, thus, a receiver may 
only have sufficient sensitivity to be able to identify targets down to -53 dBm. Actual pulse receiver 
detection will be further reduced due to sin x/x frequency distribution and the effect of the measurement 
bandwidth as discussed in Sections 4-4 and 4-7. Integration will increase the S/N since the signal is coherent 
and the noise is not. 
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Noise Bandwidth 





Equivalent Noise Bandwidth (By) - Set by minimum pulse width or maximum modulation bandwidth 
needed for the system requirements. A choice which is available to the designer is the relationship of pre- and 
post-detection bandwidth. Pre-detection bandwidth is denoted by By, while post-detection is denoted By, 
where V stands for video. The most affordable approach is to set the post-detection filter equal to the 
reciprocal of the minimum pulse width, then choose the pre-detection passband to be as wide as the 
background interference environment will allow. Recent studies suggest that pre-detection bandwidths in 
excess of 100 MHz will allow significant loss of signals due to “pulse-on-pulse” conditions. Equations [4] 
and [5] provide By relationships that don’t follow the Table 3 rules of thumb. 


Table 3. Rules of Thumb for By a.k.a. B (Doesn’t apply for S/N between 0 and 10 to 30 dB). 


S/N out Linear Detector Square Law Detector 








Low S/N (< 0 dB) By= 4 (2 Br By- By )/4(S/N ),, | Bu= Je Bur By ~ By )/ (SIN ) ou 





For a square law detector: () 





[4] 


os 2+ +4 Phe )-1 
N V 


(SIN ) 


out 


At high (S/N)ou, the 1/(S/Nou) term goes to zero and we have: = =By=By[ 2+ V4] =4 By, 


At low (S/N)out, the 1/(S/Nout) term dominates, and we have: 








py=p, [(2Bel Bt 2 Br By - By’ 
ft (SIN ) (S/N ) 


out out 


For a linear detector: 











Bra S H?(2Bir- Br) 5 


out 


H is a hypergeometric (statistical) function of (S/N)in 


H =2 for (S/N) in << 1 
H=1 for (S/N)in >> 1 


I 
At high (S/N)out, the 1/(S/Nout) term goes to zero and we have: By = ee an v7; Br (4 By) = Br 


At low (S/N)out, the 1/(S/Nou) term dominates, and we have: 


Bunce [BH (2 Bir- By) _ |2 Bw By- By” 
N 4 (S/N )..,, 4 (S/N ).., 


Note (1): From Klipper, “Sensitivity of Crystal Video Receivers With RF Pre-amplification,” The Microwave Journal, August 1965. 


TRADITIONAL “RULE OF THUMB” FOR NARROW BANDWIDTHS (Radar Receiver Applications) 
Required IF Bandwidth for Matched Filter Applications: 


1 Bire= Pre - detection RF or IF bandwidth 
Where : 


PW win PW min = Specified minimum pulse width =t 





Bye 


Matched filter performance gives maximum probability of detection for a given signal level, but: 
(1) Requires perfect centering of signal spectrum with filter bandwidth, (2) Time response of matched pulse 
does not stabilize at a final value, and (3) Out-of-band splatter impulse duration equals minimum pulse width. 
As aresult, EW performance with pulses of unknown frequency and pulse width is poor. 


Required Video Bandwidth Post - Detection . 
q By= a Where : By = Post - detection bandwidth 
Traditional" Rule of Thumb" PWoin 





Some authors define By in terms of the minimum rise time of the detected pulse, i.e., By = (0.35 to 
0.5)/t, min, where t, = rise time. 





REVISED “RULE OF THUMB” FOR WIDE BANDWIDTHS (Wideband Portion of RWRs) 








The pre-detection bandwidth is chosen based upon interference and spurious generation concerns. 
The post-detection bandwidth is chosen to “match” the minimum pulse width. This allows (1) Half 
bandwidth mistuning between signal and filter, (2) Half of the minimum pulse width for final value 
stabilization, and (3) The noise bandwidth to be “matched” to the minimum pulse width. Asa result, there is 
(1) Improved EW performance with pulses of unknown frequency and pulse width, (2) Measurement of in- 
band, but mistuned pulses, and (3) Rejection of out-of-band pulse splatter. 


NOISE FIGURE / FACTOR (NF) 


Electrical noise is defined as electrical energy of random amplitude, phase, and frequency. It is 
present in the output of every radio receiver. At the frequencies used by most radars, the noise is generated 
primarily within the input stages of the receiver system itself (Johnson Noise). These stages are not 
inherently noisier than others, but noise generated at the input and amplified by the receiver’s full gain greatly 
exceeds the noise generated further along the receiver chain. The noise performance of a receiver is described 


5-2.6 


by a figure of merit called the noise figure (NF). The term noise factor is synonymous, with some authors 
using the term “factor” for numeric and “figure” when using dB notation. (The notation “F,” is also 
sometimes used instead of “NF.”) The noise figure is defined as: 


NF = Noise output of actual receiver _ N 








=10 log N out 


in 


““_ orindB: 10 Log 


Noise output of actual receiver 
Noise output of ideal receiver GN 


Noise output of ideal receiver 


in 


A range of NF values is shown in Table 4. 


Table 4. Typical Noise Figure / Factor Value. | Decimal =| cB 


Passive lossy network (RF transmission line, attenuator, etc.) Same as reciprocal of | Same as dB 
Example: 20 dB attenuator (gain = 0.01) gain value ex: 100 value ex: 20 


Solid State Amplifier (see manufacturers specifications) fl AE 


Traveling Wave Tube (see manufacturers specifications) 10 to 100 10 to 20 


Antennas (Below ~ 100 MHz, values to 12 dB higher if pointed 1.012 to 1.4 0.05 to 1.5 
at the sun) 

Note: Unless the antenna is pointed at the sun, its negligible NF can be ignored. 

Antenna gain is not valid for NF calculations because the noise is received in the near 

field. 


An ideal receiver generates no noise internally. The only noise in its output is received from external 
sources. That noise has the same characteristics as the noise resulting from thermal agitation in a conductor. 
Thermal agitation noise is caused by the continuous random motion of free electrons which are present in 
every conductor. The amount of motion is proportional to the conductor’s temperature above absolute zero. 
For passive lossy networks, the noise factor equals the loss value for the passive element: 





Where L = Ratio Value of Attenuation 
LL ie.Fora3dB attenuator,G =0.5 and L=2 
.. NF =2 and 10\og NF =3 dB 


N out AT. B 
GNn Lipp 
L 








NF 


A typical series of cascaded amplifiers is shown in Figure 3. 


Nin = kKTB1 Nout 
O}S—-Or]D>-OfD>+8. 


KTB1( NF -1) kTBaf NF2 -1) kTB3( NF3 -1) kTB4( NF4 -1) 





Figure 3. Noise Factors for Cascaded Amplifiers (NF¢a). 


Loss (negative gain) can be used for the gain value of attenuators or transmission line loss, etc to 
calculate the noise out of the installation as shown in the following equation: 


B2(NF2-1) , Bs(NF3-!) | Bs(NFs-)) , 
BiG BiGiG2 BiGiG2G; 





Now = Nin G NF a= kT Bi( G:GoG3-- (wv ~ ‘ ) (ratio form) [6] 
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If the bandwidths of the amplifiers are the same, equation [6] becomes: 


Nigel NESE NET 
Gi GiG2 GGG; 





Noa Nw NFAT B¢ GiG.G0-){ NEA | (ratio form) [7] 


Pre-amplifier Location Affects Receiver Input Noise 


As shown in Figure 4, if a 2 to 12 GHz receiver 
installation doesn’t have enough sensitivity, it is best to 
install an additional amplifier closer to the antenna 
(case 1) instead of closer to the receiver (case 2). In both 
cases, the line loss (L) and the amplifier gain (G) are the 
same, so the signal level at the receiver is the same. For CASE 2 
case 1,8,;=P,,+G-L. Incase 2, S,=P;,-L+G, so S; 
= S,. The noise generated by the passive transmission ; L= 2008 
line when measured at the receiver is the same in both 
cases. However, the noise generated inside the amplifier, 
when measured at the receiver input, is different. 








Figure 4. Pre-Amp S/N. 


For this example, case 2 has a noise level at the input to the receiver which is 19.7 dB higher than 
case | (calculations follow later). 


Table tak 
a — a He 


* Amplifier NF value from Table 4. 





Using equation [3] and the data in Tables 5a and 5b, the noise generated by the RF installation is 
shown in Tables 6a and 6b (the negligible noise contribution from the antenna is the same in both cases and is 
not included) (also see notes contained in Table 4): 


Table 6a. Case 1 Table 6b. Case 2 
100-1 


G(NF) = 316.2 (0.01)| 4+ 
MY ( i( 316.7 


)= 13.066 GINF)=0.01(3162)| 100+ 2% |= 1264.8 


10 log G(NF) = 11.34 dB 10 log G(NF) = 31 dB 


Noise at receiver: 


Nout: = -74 dBm + 11.34 dB = -62.7 dBm Nout2 = -74 dBm + 31 dB = -43 dBm 





Nout2 - Nout: = 19.7 dB. The input noise of -74 dBm was calculated using 10 log (kTB), where B = 10 GHz. 


Note that other tradeoffs must be considered: (1) greater line loss between the antenna and amplifier 
improves (decreases) VSWR as shown in Section 6-2, and (2) the more input line loss, the higher the input 
signal can be before causing the pre-amplifier to become saturated (mixing of signals due to a saturated 
amplifier is addressed in Section 5-7). 
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Combining Receive Paths Can Reduce Sensitivity 





Ifa single aircraft receiver processes both forward and aft signals as shown in Figure 5, it is desirable 
to be able to use the receiver’s full dynamic range for both directions. Therefore, one needs to balance the 
gain, so that a signal applied to the aft antenna will reach the receiver at the same level as if it was applied to 
the forward antenna. 


A 
-3 dB Hybrid 


* Antenna G and WF insignificant for this e<ampe Rarcelver 
(566 note in Table 4) 


Figure 5. Example of Pre-Amplifier Affecting Overall Gain / Sensitivity. 





Common adjustable preamplifiers can be installed to account for the excessive transmission line loss. 
In this example, in the forward installation, the level of the signal at the receiver is the same as the level 
applied to the antenna. Since the aft transmission line has 5 dB less attenuation, that amount is added to the 
preamplifier attenuator to balance the gain. This works fine for strong signals, but not for weaker signals. 
Because there is less loss between the aft preamplifier and the receiver, the aft noise dominates and will limit 
forward sensitivity. If the bandwidth is 2-12 GHz, and if port A of the hybrid is terminated by a perfect 50Q 
load, the forward noise level would be -65.3 dBm. If port B is terminated, the aft noise level would be 
-60.4 dBm. With both ports connected, the composite noise level would be -59.2 dBm (convert to mw, add, 
then convert back to dBm). For this example, if the aft preamplifier attenuation value is changed to 12 dB, 
the gain is no longer balanced (7 dB extra loss aft), but the noise is balanced, i.e., forward = -65.6 dBm, aft = 
-65.3 dBm, and composite -62.4 dBm. If there were a requirement to see the forward signals at the most 
sensitive level, extra attenuation could be inserted in the aft preamplifier. This would allow the forward noise 
level to predominate and result in greater forward sensitivity where it is needed. Calculations are provided in 
Tables 7 and 8. 


Table 7. Summary of Gain and NF Values for Figure 5 Components. 


| dB ee SS ee 





Aft NF = 22.79 therefore 10 log NF = 13.58 dB. Input noise level = -74 dBm + 13.58 dB = -60.42 dBm = -60.4 dBm 
Fwd NF = 7.495 __ therefore 10 log NF = 8.75 dB. Input noise level = -74 dBm + 8.75 dB = -65.25 dBm = -65.3 dBm 
The composite noise level at the receiver = -59.187 dBm = -59.2 dBm. 
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Table 8. Effect of Varying the Attenuation (shaded area) in the Aft Preamplifier Listed in Table 7. 


Aft Attn | Aft Attn Aft Fwd Composite Min Signal Aft Fwd 
NF Gain Noise Noise Noise Received *** Input Input 


-55.8dBm | -65.3dBm | -55.4dBm || -43.4dBm_ | -48.4dBm | -43.4dBm 


* Gain Balanced ** Noise Balanced *** ~~ S/N was set at 12 dB 





TANGENTIAL SENSITIVITY 


Tangential sensitivity (TSS) is the point 
where the top of the noise level with no signal 
applied is level with the bottom of the noise level 
on a pulse as shown in Figure 6. It can be 
determined in the laboratory by varying the 
amplitude of the input pulse until the stated 
criterion is reached, or by various approximation 
formulas. 





Figure 6. Tangential Sensitivity. 





The signal power is nominally 8+1 dB above the noise level at the TSS point. TSS depends on the 
RF bandwidth, the video bandwidth, the noise figure, and the detector characteristic. 


TSS is generally a characteristic associated with receivers (or RWRs), however the TSS does not 
necessarily provide a criterion for properly setting the detection threshold. Ifthe threshold is set to TSS, then 
the false alarm rate is rather high. Radars do not operate at TSS. Most require a more positive S/N for track 
(> 10 dB) to reduce false detection on noise spikes. 


SENSITIVITY CONCLUSION 
When all factors effecting system sensitivity are considered, the designer has little flexibility in the 
choice of receiver parameters. Rather, the performance requirements dictate the limit of sensitivity which can 


be implemented by the EW receiver. 


1. Minimum Signal-to-Noise Ratio (S/N) - Set by the accuracy which you want to measure signal 
parameters and by the false alarm requirements. 


2. Total Receiver Noise Figure (NF) - Set by available technology and system constraints for RF front 
end performance. 
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3. Equivalent Noise Bandwidth (By) - Set by minimum pulse width or maximum modulation 
bandwidth needed to accomplish the system requirements. A choice which is available to the designer is the 
relationship of pre- (By) and post-detection (By) bandwidth. The most affordable approach is to set the post- 
detection filter equal to the reciprocal of the minimum pulse width, then choose the pre-detection passband to 
be as wide as the background interference environment will allow. Recent studies suggest that pre-detection 
bandwidths in excess of 100 MHz will allow significant loss of signals due to “pulse-on-pulse” conditions. 


4. Antenna Gain (G) - Set by the needed instantaneous FOV needed to support the system time to 
intercept requirements. 
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RECEIVER TYPES AND CHARACTERISTICS 


Besides the considerations of noise and noise figure, the capabilities of receivers are highly dependent 


on the type of receiver design. Most receiver designs are trade-offs of several conflicting requirements. This 
is especially true of the Electronic Support Measures (ESM) receivers used in Electronic Warfare. 


This section consists of a figure and tables that provide a brief comparison of various common ESM 


receiver types. Figures | and 2 show block diagrams of common ESM receivers. Table | is a comparison of 
major features of receivers. Table 2 shows the receiver types best suited for various types of signals and 
Tables 3 and 4 compare several direction of arrival (DOA) and emitter location techniques. Table 5 shows 
qualitative and quantitative comparisons of receiver characteristics. 
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Figure 1. Common ESM Receiver Block Diagrams. 
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Figure 2. Common ESM Receiver Block Diagrams (Continued). 
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Table 1. Comparison of Major Features of Receivers. 


Principal Applications 


Wideband Simple, inexpensive, instantaneous, Ne frequen y rexolusion 
; . ‘ Poor sensitivity and Poor RWR 
High POI in frequency range : ; 
simultaneous signal performance 


Option in RWR, Frequency 
measurement in hybrid 
Shipboard ESM, 

Cannot sort simultaneous signals |Jammer power 

Relatively poor sensitivity management, SIGINT 
equipment 

Narrow-band_ |High sensitivity Slow response time SIGINT equipment 

scanning Good frequency resolution Poor POI Air and ship ESM 


Superhet Simultaneous signals don’t interfere |Poor against frequency agility Analysis part of hybrid 


Wide-band Beterresponsstime 4nd POL Spurious signals generated Shipboard ESM 
Superhet Poorer sensitivity Tactical air warning 
‘ Wide bandwidth, Near instantaneous, |High complexity, cost; Lower SIGINT equipment 
Channelized ‘ SA eaa ey tit eee 
Moderate frequency resolution reliability; limited sensitivity Jammer power management 


Near instantaneous, Hi gh complexity, SIGINT equipment 
. . ; Limited bandwidth a ee 
Microscan Good resolution and dynamic range, Boek : Applications for fine freq 
; : ..:,. |No pulse modulation information : f 
analysis over wide range 

Near instantaneous, Good resolution, 

Acousto-optic |Good simultaneous signal capability |High complexity; new technology 
Good POI 


Note: The Microscan receiver is also known as a compressive receiver 


Relatively simple 
Frequency resolution 
Instantaneous, high POI 





Table 2. Receiver Types vs. Signal Types. 


Siem Receiver Type 


Wide-Band TRF Crystal Narrow-Band | Wide-Band : : Acousto- 
Type [epi Vie carne 
Sauéial desis Special Yes, but 
CW P 8 design for | interferes with 
pulsed reception 


Yes, but won’t 
recognize as 
same source 
No/Yes, 
Yes (within depending 
passband) on readout 
time 
No/Yes, 
depending 
on readout 
time 
Yes, within No/Yes, Yes No/Yes, Yes 
acceptance depending on (reduced |depending on} (reduced 
BW BW sensitivity) | scanrate | sensitivity) 
Yes, within No/Yes, Yes 
: Yes (reduced 
acceptance depending | (reduced Ss (reduced 
BW on BW sensitivity) sensidyity) sensitivity) 


Yes, doesn’t 
measure 
frequency 


No/Yes, No/Yes, 
depending on imprecision 
scan rate in TOA 


Spectrum 





5-3.2 


Table 3. Direction of Arrival Measurement Techniques. 


_————— Amplitude Comparison Phase Interferometer 


Git ih estes Typically 4 to 6 Equal Spaced Antenna 2 or more RHC or LHC Spirals in Fixed 
on Elements for 360° Coverage Array 


7 Oiw A Caz A 
DF Accuracy DF ace * 248 DF ace * 2nd cosO 


(Gaussian Antenna Shape) 


DF Accuracy Decrease Antenna BW; Decrease Amplitude | Increase Spacing of Outer Antennas; 
Improvement Mistrack; Increase Squint Angle Decrease Phase Mistrack 


Typical DF Accuracy 3° to 10° rms 0.1° to 3° rms 
Sensitivity to High Sensitivity; Mistrack of Several dB Relatively Insensitive; Interferometer Can 
Multipath/Reflections | Can Cause Large DF Errors be Made to Tolerate Large Phase Errors 


Reflection Free Area; Real Estate for 
Array; Prefers Flat Radome 


; ; Crystal Video; Channelizer; Acousto-Optic; 
Applicable Receivers Coinpressive: Superheterodynd Superheterodyne 


ACgg= Amplitude Monopulse RatioindB S= Squint Angle in degrees 93y~= Antenna Beamwidth in degrees 


Platform Constraints Locate in Reflection Free Area 





Table 4. Emitter Location Techniques. 


Measurement Advantages Disadvantages 
Technique 


Non-instantaneous location 


Triangulation Single Aircraft ieiueaed BERT AOUEMON 
targeting 
Not forward looking 
Single Aircraft Accuracy degrades rapidly at low 
Azimuth/elevation alate 
Instantaneous location possible Function of range 


Very complex, diverse systems 


VCR MERI Ee 10m required, at least 3 aircraft 


Time Difference of High quality receivers, DME (3 sites) 


Can support weapon delivery position 


: very wideband data link 
requirements 


Arrival 
(Pulsed signals) 
Very high performance control 
processor; requires very high 


reliability subsystems 


Very rapid, can handle short on-time 
threat 
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Table 5. Qualitative Comparison of Receivers. (From NRL Report 8737) 


Receiver Type 


Feature Wide-Band | TRF Crystal Narrow-Band} Wide-Band : : : 
| Pee OMAR tales Video IFM Sues Sipeiiict Channelized | Microscan |Acousto-optic 
Instantaneous Ve Ve 
Analysis ee Narrow ed Narrow Moderate Wide Wide Moderate 
: wide wide 
Bandwidth 
Preauecy Wary Fair Good Ney Poor Fair Good Good 
Resolution poor good 
Poor ; Poor ; 
Sensitivity | (No preamp) ha (No preamp) ee Fair ae a Good 
Fair (preamp) 8 Fair (preamp) 8 8 8 
Dyan Fair Tait) Good Noa Fair Good Fair Poor 
Range good good 
Speed of Very Very Very Very 


Short pulse 
Good Good 


Very 


good Fair 


Good Good Good Fair 


Retention of 


Signal 
Character- 
istics 
Applicability 
to Exotic 
Signals 


Width 
Capability 


Pootr/ 
fair 
Poor (high 
Density false alarm 


Performance vale rom 
background) 


High signal 


Fair/ 
good 
Simultaneous : 
; Fair/ 
Signal Poor d 
Capability B00 


Moderate Moderate 
depending on} depending on 
application | application 


I i : 
ceed Poor Fair 
to Jamming 
Power eee Low/ 
Requirements Moderate 


RF Range Mule 
(GHz) 


octave 
Max 


(0.5-40) 
Instantane- 
ous Analysis 
Bandwidth 


Processing 
Gcmplexity Moderate 
Poor/ 
Fair 


Moderate 


0.15-18 


>0.5 to 40 
separate 


As high as 
desired with 
equivalent 
reduction in 
resolution 


Multi- 
octave 
(1 octave 
per unit) 


Multi- 
octave 

(to 17.5 
GHz) 


Measurement | Measurement 
accuracy no | accuracy no 
better than better than 
analysis BW | analysis BW 


Frequency 


Accuracy one 


<0.01 to 40 


a) 
io) 
3° 
5 


0.5% to 1% +1 MHz 


Fair/ 
good 


Fair/ 
good 
Fair Fair/good, 
(depending 
on BW) 


Fair 
(depending 
on BW) 


Low-high 
Moderate 


Good 


Moderate 


~2 GHz 
without 
degradation, 
17.5 GHz 
with 
degradation 


0.5 to 2 
depending 
on PW 
limitation 


50 MHz 


500 MHz 


0.5 to 3 10 KHz 





MHz 


Fair/ 
good 


Fair/ Fair/ 
good good 
depending on 
architecture mood ror 
& processing 
Moderate | depending on} Complex 
architecture 


Boer Good Good Good 
Fair 
. Moderate/ 
Moderate High Moderate High 


0.5 to 18 0.5 to 60 


Simple signal 
processing 
complex data 
processing 


0.5-4 (0.5-18 
channelized 
and down 
conversion) 








t] MHz 
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Receiver Type 
Feature Wide-Band | TRF Crystal Narrow-Band} Wide-Band 
Superhet Superhet 


CW to 4 ns 
Pulse Width Cee eee ee eat s00: | a | Cw 45950 
with 20 MHz (depending 
Range : . MHz : ns 
resolution : on resolution) 
resolution 


egies | 100500: | ee 0.5 to 1 
Resolution ino. Better MHz a mat MHz 
than BW) freq vernier) 
-40 to -50 Better -80. 500 
Sensitivity | (no preamp) than -80 preamp) -90, 1 MHz MHz -70, 10-50 -90, 5-10 -70 to -80 
(dBm) -80 (with with -75 (preamp) BW BW MHz BW MHz BW 
preamp) preamp 4 GHz BW 
Maximum | ae 
Dynamic 70 70-80 epremD) 50-80 40-60 25-35 
Range (dB) ane 
(saturated) 


: 0.5 ms 
Tuning 1.0s : ‘ 
! 50 ms (integration 
Time (1 octave) 2 
time) 
: ns ms -10 ms ~0.1s .10 ms ~1 us 
Signal ID 
Time 


a <20 (octave 1309-200 
MENOUE HC So Caatte unit) a for 0.5 
Wcien processor) 3 65-75 (full ate Cer to 18 GHz a ao 
(Ib) only) 
coverage) coverage 


Size / Sm/Moderate Moderate Large 
Mininnira Small 600-1000 Moderate ee il 4000-8000 Moderate Small 
be ~100 1500-3000 mee (0.5-18 GHz | 1200-2000 | 800-1900 
Volume (in?) | (w/processor) nen thousand 
miniaturized coverage 


100 (with ~50 350 to 1200 
processor) | 60 (without for 0.5 to 


Power <10 without | processor) Sua 18 GHz 


(W) 
processor coverage 


Low/ Moderate/ Moderate/ . Moderate/ Low/ 


Channelized | Microscan |Acousto-optic 











Minimum 
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RADAR MODES 


Typical Radar modes are listed below in the general functional category for which they were 
designed. Not all of these modes are applicable to all radars and certain radars have additional modes. 


e NAVIGATION 


Terrain avoidance - A mode in which the radar is set at a fixed depression angle and short range to 
continuously sweep the ground area directly in front of the aircraft in order to avoid mountains. This is 
particularly useful during flight into unfamiliar territory when clouds, haze, or darkness obscure visibility. 





Ground mapping - A mode in which the radar uses a variety of techniques to enhance ground 
features, such as rivers, mountains, and roads. The mode is unlike air-to-air modes where ground return is 
rejected from the display. 


Precision velocity update / Doppler navigation - A mode in which the radar again tracks ground 
features, using Doppler techniques, in order to precisely predict aircraft ground speed and direction of motion. 
Wind influences are taken into account, such that the radar can also be used to update the aircraft inertial 
navigation system. 





e FIGHTER MISSIONS 


Pulse search - Traditional pulse techniques are used to accurately determine range, angle, and speed 
of the target. Limitations are easy deception by enemy jamming, and less range when compared to other 
modes. 


Velocity search - A high PRF Pulse Doppler waveform is used for long range detection primarily 
against nose aspect targets, giving velocity and azimuth information. Although velocity search can work 
against tail-on targets, the Doppler return is weaker, consequently the maximum detection range is also much 
less. When the target is in the beam (flying perpendicular to the fighter), the closure (Doppler) is the same as 
ground return and target return is almost zero. 


Track While Scan (TWS) - A system that maintains an actual track on several aircraft while still 
searching for others. Since the radar is sharing its computing time between targets, the accuracy is less 
precise than for a single target track (STT) mode of operation. 


Raid assessment - A mode in which the radar has an STT ona single target, but is routinely driven off 
by a small amount in order to determine if multiple aircraft exists in the immediate vicinity of the target 
aircraft. 


Single-Target-Track (STT) (including air combat maneuvering modes) - Highly precise STT modes 


are used to provide the most accurate information to the fire control computer so that accurate missile or gun 
firing can be accomplished. The fire control radar continuously directs energy at the target so that the fired 
missile locates and tracks on the reflected energy from the target. Air combat maneuvering modes are 
automatic modes in which the radar has several sweep patterns fixed about the aircraft axis, such that little or 
no work is required of the pilot in order to lock up a target. 
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e AIR-TO-GROUND MISSIONS 


Weapons delivery - A mode in which ground features are tracked, and particular emphasis is placed 
on determining range to the ground target, angle of dive, weapons ballistic tables, and aircraft speed. 


Surveillance/tracking of ground forces/targets - Similar to the above with emphasis on multiple 
ground features and less on weapons delivery data. 





Reconnaissance - A specific navigational mode to aid in identifying specific targets. 


e AIR-TO-SURFACE MISSIONS 


ASW - Navigational techniques specializing in specific search patterns to aid in detection of enemy 
submarines. 


e TECHNIQUES USED FOR MULTIPLE APPLICATIONS 


Synthetic Aperture Radar (SAR) - A form of radar that uses the relative motion between an antenna 
and its target region, to provide coherent-signal variations, in order to obtain finer spatial resolution than is 
possible with conventional beam-scanning means. SAR is usually implemented by mounting a single beam- 
forming antenna on a moving platform such as an aircraft from which a target scene is repeatedly illuminated 
with pulses of radio waves at wavelengths anywhere from a meter down to millimeters. The many echo 
waveforms received successively at the different antenna positions are coherently detected and stored and 
then post-processed together to resolve elements in an image of the target region. 





Over-The-Horizon Radar (OTHR) - uses the refraction of high frequency radiation through the 
ionosphere in order to detect targets beyond the line-of-sight. The complexities of the ionosphere can 
produce multipath propagation, which may result in multiple resolved detections for a single target. When 
there are multipath detections, an OTHR tracker will produce several spatially separated tracks for each 
target. Information conveying the state of the ionosphere is required in order to determine the true location of 
the target and is available in the form of a set of possible propagation paths, and a transformation from 
measured coordinates into ground coordinates for each path. Since may be no other information as to how 
many targets are in the surveillance region, or which propagation path gave rise to which track, there is a joint 
target and propagation path association ambiguity which must be resolved using the available track and 
ionospheric information. 
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GENERAL RADAR DISPLAY TYPES 


There are two types of radar displays in common use today. 


RAW VIDEO 


Raw video displays are simply oscilloscopes that display the detected and amplified target return 
signal (and the receiver noise). Raw video displays require a human operator to interpret the various target 
noise and clutter signals. 


On the left hand display of Figure 1, an operator could readily identify three targets and a ghost (a 
ghost is a phony target that usually fades in and out and could be caused by birds, weather, or odd temporary 
reflections - also referred to as an angel). Target 3 is a weak return and hidden in the noise - an operator can 
identify it as a target by the “mouse under the rug” effect of raising the noise base line. 


SYNTHETIC VIDEO 


Synthetic video displays use a computer to clean up the display by eliminating noise and clutter and 
creating its own precise symbol for each target. 


On the right hand display target 1 comes and goes because it is barely above the receiver noise level - 
notice that it is quite clear on the raw video. Target 3 wasn’t recognized by the computer because it’s too far 
down in the noise. The computer validated the ghost as a target. The ghost might be a real target with glint or 
ECM characteristics that were recognized by the computer but not the operator. 


ANGEL 
TGT 1 TGT2 TGT3 (Host) ANGEL (GHOST) - see text 


TGT 3 


TGT 2 


NOISE 
ry rl a y TGT 1 
t 


RAW VIDEO 


SYNTHETIC VIDEO 





Figure 1. Radar Display Types. 
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SEARCH AND ACQUISITION RADARS 


They generally use either a PPI or a sector PPI display as shown in Figure 2. PPI displays can be 
either raw video or synthetic video. 


PPI scope (plan position indicator). 
Polar plot of direction and distance. 
Displays all targets for 360 degrees. 


Sector PPI scope. 
Polar plot of direction and distance. 
Displays all targets within a specific sector. 
Origin may be offset so that “your” radar position may be off the scope. 


TRACKING RADARS 


Usually use some combination of A, B, C, or E scope displays. There are many other types of 
displays that have been used at one time or another - including meters - but those listed here are the most 
common in use today. 


SECTOR PPI 


E 
L 
E 
Vv 
A 
T 
| 
0 
N 


(- +) 
RANGE or VELOCITY AZIMUTH /ELEVATION AZIMUTH 


A-SCOPE B-SCOPE / E-SCOPE C-SCOPE 





Figure 2. Common Radar Displays. 
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A-SCOPE 
Target signal amplitude vs. range or velocity. 
Displays all targets along pencil beam for selected range limits. 


Displays tracking gate. Usually raw video. Some modern radars have raw video a-scopes as 
an adjunct to synthetic video displays. 


Must be used with a separate azimuth and elevation display of some sort. 


Also called a range scope (R-Scope). 


B-SCOPE 
Range vs. azimuth or elevation. Displays targets within selected limits. 
Displays tracking gate. May be raw or synthetic video. 
Surface radars usually have two. One azimuth/one elevation which can result in confusion 
with multiple targets. 
C-SCOPE 
Azimuth vs. elevation. Displays targets within selected limits of az and el. 
Displays tracking gate. May display bull’s-eye or aim dot. 


May have range indicator inserted typically as a marker along one side. Usually synthetic 
video. 


Pilots eye view and very common in modern fighter aircraft heads up displays for target 
being tracked. 


Could be used in any application where radar operator needs an “aiming” or “cross hair” 
view like a rifle scope. 


E-SCOPE 


Elevation vs. Range similar to a B-scope, with elevation replacing azimuth. 
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IFF - IDENTIFICATION - FRIEND OR FOE 


Originated in WWII for just that purpose - a way for our secondary radars to identify U.S. aircraft 
from enemy aircraft by assigning a unique identifier code to U.S. aircraft transponders. 


The system is considered a secondary radar system since it operates completely differently and 
independently of the primary radar system that tracks aircraft skin returns only, although the same CRT 
display is frequently used for both. 


The system was initially intended to distinguish between enemy and friend but has evolved such that 
the term “IFF” commonly refers to all modes of operation, including civil and foreign aircraft use. 


There are five major modes of operation currently in use by military aircraft plus two sub-modes. 


e Mode | is anon-secure low cost method used by ships to track aircraft and other ships. 


e Mode 2 is used by aircraft to make carrier controlled approaches to ships during inclement 
weather. 


e Mode 3 is the standard system also used by commercial aircraft to relay their position to ground 
controllers throughout the world for air traffic control (ATC). 


e Mode 4 is secure encrypted IFF (the only true method of determining friend or foe) Military 
only 





e Mode 5 — provides a cryptographically secured version of Mode S and ADS-B GPS position. 
(military only). Mode 5 is divided into two levels. Both are crypto-secure with Enhanced 
encryption, Spread Spectrum Modulation, and Time of Day Authentication. Level | is similar to 
Mode 4 information but enhanced with an Aircraft Unique PIN. Level 2 is the same as Mode 5 
level one but includes additional information such as aircraft position and other attributes 


e Mode “C” is the altitude encoder (military and civilian). 


e Mode S —provides multiple information formats to a selective interrogation. Typically aircraft 
are assigned a unique 24-bit Mode S address. The Mode S address is partitioned and a group of 
address ranges are allocated to each country. Some countries change the assigned address for 
security reasons, and thus it might not be a unique address. (military and civilian) 


The non-secure codes are manually set by the pilot but assigned by the air traffic controller. 


A cross-band beacon is used, which simply means that the interrogation pulses are at one frequency 
and the reply pulses are at a different frequency. 1030 MHz and 1090 MHz is a popular frequency pair used 
in the U.S. 


The secondary radar transmits a series of selectable coded pulses. The aircraft transponder receives 
and decodes the interrogation pulses. If the interrogation code is correct, the aircraft transponder transmits a 
different series of coded pulses as a reply. 

The advantage of the transponder is that the coded pulses “squawked” by the aircraft transponders 
after being interrogated might typically be transmitted at a 10 watt ERP, which is much stronger than the 


microwatt skin return to the primary radar. Input power levels may be on the order of several hundred watts. 


The transponder antenna is low gain so that it can receive and reply to a radar from any direction. 
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An adjunct to the IFF beacon is the altitude encoding transponder known as mode C - all commercial 
and military aircraft have them, but a fair percentage of general aviation light aircraft do not because of cost. 
The number of transponder installations rises around many large metropolitan areas where they are required 
for safety (easier identification of aircraft radar tracks). 


Air traffic control primary radars are similar to the two-dimensional search radar (working in azimuth 
and range only) and cannot measure altitude. 


The expanded display in figure | is typical of an air traffic control IFF response. The aircraft was 
told to squawk a four digit number such as “4732.” The altitude encoded transponder provides the aircraft 
altitude readout to the ground controllers display along with the coded response identifying that particular 
aircraft. 


~~ eee 


- 


TRANSPONDER 


INTERROGATOR 





Figure 1. IFF Transponder. 


In addition to systems with active electronic data interchange between airborne and ground 
equipment, some military surveillance systems can provide targeting in tactical applications. The 
development of automated techniques for use against ground targets is typically referred to as Automatic 
Target Recognition (ATR). When used against air targets, it is typically referred to as Non-Cooperative 
Target Recognition (NCTR). The requirements for radar target recognition are complex since typical targets 
have background clutter and often multiple targets types exist. 
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RECEIVER TESTS 


Two tone and spurious response (single signal) receiver tests should be performed on EW and radar 
receivers to evaluate their spurious free dynamic range. A receiver should have three ranges of performance: 
(1) protection from damage, (2) degraded performance permitted in the presence of a strong interfering 
signal(s) and no degradation when only a strong desired signal is present, and (3) full system performance. 


The original MIL-STD-461A design requirement and its companion MIL-STD-462 test requirement 
specified four receiver tests. These standards allowed the interfering signal(s) to be both inband and out of 
band, which is meaningful for design and test of EW receivers, however inband testing generally is not 
meaningful for narrowband communications receivers. These standards were difficult to follow and had to be 
tailored to properly evaluate the EW and radar system. MIL-STD-461B/C still allowed the interfering 
signal(s) to be both inband and out of band but deleted the single signal interference test (CS08 Conducted 
Susceptibility test). MIL-STD-461D/-462D leave the pass/fail criteria entirely up to what is listed in the 
individual procurement specification. It also places all interfering signals out of band, redesignates each test 
number with a number “100” higher than previously used, and combines “CS08” as part of CS104. 
Therefore, to provide meaningful tests for EW and radar systems, the procurement specification must specify 
the three ranges of performance mentioned in the beginning of this section and that the tests are to be 
performed with the interfering signal(s) both inband and out of band. The four tests are as follows (listed in 
order of likelihood to cause problems): 


MIL-STD-461A_| _MIL-STD-461D 


Undesired, Single signal interference test CS08 Part of CS104 
Desired with undesired, two signal interference tests CS04 CS104 


Two signal intermodulation test CS03 CS103 
Two signal cross modulation test CS05 CS105 


The rest of this section explains the application of these tests and uses the names of the original 
MIL-STD-461A tests to separate the tests by function. 





TEST SETUP 


A directional coupler used 
backwards (as shown here in Figure 1) 
is an easy way to perform two signal aa Reena isolator 
tests. The CW signal should be applied | Being Tested 
to the coupling arm (port B) since the 2 
maximum CW signal level is -10 dBm. 
The pulse signal should be applied to 
the straight-through path (port C) since 
the maximum pulse level is +10 dBm 
peak. These power levels are 
achievable with standard laboratory 
signal generators, therefore one doesn’t have to resort to using amplifiers which may distort the signals. 
Always monitor the output signal to verify spectrally pure signals are being applied to the test unit. This can 
be accomplished by another directional coupler used in the standard configuration. Dissimilar joints or 
damaged or corroded microwave components can cause mixing. This can also result if the two signal 
generators are not isolated from one another. Therefore, even if a directional coupler is used to monitor the 
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To Spectrum Analyzer 





Figure 1. Receiver Test Setup When Antenna Can Be Removed. 
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signal line, it is still advisable to directly measure the input to the receiver whenever there is a suspected 
receiver failure. This test does not need to be performed in an EMI shielded room and is more suitable for a 
radar or EW lab where the desired signals are readily available. 


If the receiver’s antenna is active or S) F Frequency Source 
é 1 
cannot be removed, a modified test as To Spectrum Analyzer 


shown in Figure 2 should be performed. 
The monitoring antenna which is connected 





pe dB 





—_ isolator oan 
—< 


to the spectrum analyzer should be the 














same polarization as the antenna for the do Figen |v! 
: 2 : with active a 
receiver being tested. Amplifiers may be antenna Directional 


Coupler 





required for the F; and F; signals. It is 
desirable to perform this test in an anechoic Figure 2. Receiver Test Setup When Antenna Is Active. 
chamber or in free space. 

In the following discussion of CS08, CS04, CS03, and CSO0S tests, it is assumed that when the receive 
light illuminates, the receiver identifies a signal that matches parameters in the User Data File (UDF) or pre- 
programmed list of emitter identification parameters. Ifa receiver is different, the following procedures will 
have to be appropriately tailored. Ifthe UDF does not have entries for very low level signals in the 10% and 
90% regions of each band, complete testing is not possible. Most problems due to higher order mixing 
products and adjacent band leakage are only evident in these regions. In the following tests, the lowest level 
where the receive light is constantly on is used to identify the minimum receive level. Ifa receiver has a 
receive level hysteresis or other idiosyncrasy, then using a 50% receive light blinking indicator may be more 
appropriate. Whatever technique is appropriate, it should be consistently used during the remainder of the 
test. The maximum frequency for testing is normally 20 GHz. Ifa millimeter wave receiver is being tested, 
the maximum frequency should be 110 GHz. 


CS08 - UNDESIRED, SINGLE SIGNAL INTERFERENCE TEST 


MIL-STD-461B/C (EMI design requirements) deleted this test. MIL-STD-461D allows a single 
signal test as part of CS104 (CS04) but specifies it as an out of band test. The original CS08 inband and out 
of band test is still needed and is the most meaningful test for wide band EW receivers which have a 
bandwidth close to an octave. This test will find false identification problems due to 1) lack of RF 
discrimination, 2) higher order mixing problems, 3) switch or adjacent channel/band leakage, and 4) cases 
where the absence of a desired signal causes the receiver to search and be more susceptible. In this latter case, 
a CS04 two signal test could pass because the receiver is captured by the desired signal, whereas a CS08 test 
could fail. Examples of the first three failures are as follows. 
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EXAMPLE 1 


A 2 to 4 GHz receiver which uses 
video detection (e.g., crystal video) and 
doesn’t measure RF is used for this example. 
This receiver assumes that if the correct Pulse 
Repetition Interval (PRI) is measured, it is 
from a signal in the frequency band of 
interest. Three cases can cause false 
identification. Refer to Figure 3. 
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(1) Region A&C. The 2 to 4 GHz 


band pass filter will pass strong signals in Figure 3. Frequency 











ney (GHz) 


Areas in a Sample 2-4 GHz 


regions A&C. If they have the correct PRI, Receiver. 


they will also be identified. 


(2) Region B. Any other signal besides the desired signal in the 2 to 4 GHz region that has the 


correct PRI will also be identified as the signal of interest. 


(3) Region D. Band pass filters with poor characteristics tend to pass signals with only limited 
attenuation at frequencies that are three times the center frequency of the band pass filter. If these signals 


have the correct PRI, they will be incorrectly identified. 


High duty cycle signals (CW or pulse doppler) in regions A, B, C, and D may overload the processing 
of signals, saturate the receiver, or desensitize the receiver. This case is really a two signal CS04 test failure 


and will be addressed in the CS04 section. 


EXAMPLE 2 


A receiver measuring the carrier frequency of each pulse 
(i.e., instantaneous frequency measurement (IFM)) and the PRI is used 
for this example. False signal identification can occur due to higher 
order mixing products showing up in the receiver pass bands. These 
unwanted signals result from harmonics of the input RF mixing with 
harmonics of the Local Oscillator (LO). Refer to Figures 4 and 5. 


Mixers are nonlinear devices and yield the sum, difference, and 


the original signals. Any subsequent amplifier that is saturated will 
provide additional mixing products. 
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&to 10 GHz 2to4 GHz 





LO 
6 GHz 


Figure 4. Low Side Mixing. 
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If a 8.5 GHz signal with a 1 kHz _ PRI is 
programmed to be identified in the UDF, measurements are 
made at the 2.5 GHz Intermediate Frequency (IF), i.e., RF- Desired 
LO = IF = 8.5-6 = 2.5 GHz. 


The same 2.5 GHz signal can result from an RF 


signal of 9.5 GHz due to mixing with the second harmonic ‘ <— Bene 
of the LO ie., 2 X 6 - 9.5 = 2.5 GHz. This signal will be MN 

substantially attenuated (approximately 35 dB) when — 

compared to the normal IF of 9.5 - 6 = 3.5 GHz. If the ' 1? Re 
receiver has filters at the IF to reduce the signal density and 

a filter has minimum insertion loss at 2.5 GHz and Correct  Extraneous 

maximum insertion loss at 3.5 GHz, then only the low level UDF signal 





2.5 GHz signal will be measured and assumed to be due to a Signal 


8.5 GHz input signal whereas the input is really at 9.5 GHz. Figure 5. Low Side Mixing Results. 


Spurious intermodulation products can also result from Mixer 
high side mixing, but generally the suppression of undesired 
signals is greater. In this case, the LO is at a frequency higher EF mp IF 
than the RF input. This is shown in Figures 6 and 7. &®to 10 GHz 2to4 GHz 
: : LO 
Table 1. Intermodulation As previously 12 GHz 





Product Suppression. mentioned, the amplitude of 
intermodulation products is Figure 6. High Side Mixing. 


jeevanaerne Ge greatly reduced from that of 

LO | RF the original signals. Table 1 foO=(5en: 

shows rule of thumb t 

approximate suppression i Undesired 
(reduction), where AP = /*_ IF =3RF-2L0 
Prr(dBm) - Pio(dBm). As can i: 

be seen, the strength of the LO 
is a factor. The higher the LO 
power, the more negative the 
suppression becomes. 


— 


Desired 
IF =LO-RF 


se) 10 EF 


If one assumes the 
maximum RF power for full Extraneous Correct 
system performance is +10 Signal Oe 
dBm and the LO power level is signal 
+20 dBm, then AP = -10 dB Figure 7. High Side Mixing Byproducts. 
minimum. Therefore in this 
example, the 3RF-2LO mixing product would be 2AP - 44 = - 20-44 = 
Courtesy Watkins-Johnson -64 dB when compared to the desired mixing product. 
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The use of double mixing, as shown in Figure 8, can significantly reduce unwanted signals but it is 
more expensive. For a 8 GHz signal in, one still generates a 2 GHz IF but by mixing up, then down, 
unwanted signals are not generated or significantly suppressed. 
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Desired Desired 
IF = LO-RF IF = LO-RF 





Figure 8. Double Mixing. 
Some of these problems can be corrected by: 


(1) always having LOs on the high side versus low side of the input RF (but this is more 
expensive), 


(2) using double mixing 


(3) software programming the receiver to measure for the potential stronger signal when a weak 
signal is measured in a certain IF region, and 


(4) improved filtering of the LO input to the mixer and the output from the mixer. 


EXAMPLE 3 


If the same receiver discussed in example 2 had additional bands (Figure 9) and used a switch at the 
IF to select individual bands, a strong signal in an adjacent band could be inadvertently measured because: 


(1) the switch, which may have 80 dB of isolation when measured outside the circuit, may only have 
35 dB isolation when installed in a circuit because of the close proximity of input and output lines, 


(2) the strong signal in one band may have the same IF value that is being sought in an adjacent band, 
and 


(3) the additional parameters such as PRI may be the same. 
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As shown in Figure 9, assume 









































that in band 2 we are looking for a Direc Tonal SuUBIEr 

4.5 GHz signal that has a PRI of 1 kHz. Serre 2t04 ai Frequencies in GHz 
Measurements are made at an IF of 

3.5 GHz since LO-RF = IF = 8-4.5 = 

3.5 GHz. If a 6.5 GHz signal is applied ant cy i 2to4 

to band 3, its IF also equals 3.5 since LO=A 

LO-RF = 10-6.5 = 3.5 GHz. If this is a an (z ¢ 2 
strong signal, has a PRI of 1 kHz, and cara) ——+——-2 tad —. “‘Srocesaing 
there is switch leakage, a weak signal O=10 t 

will be measured and processed when the 

switch is pointed to band 2. The receiver ar " “ 4 ts 

measures an IF of 3.5 GHz and since the O=68" i 





switch is pointed to band 2, it scales the 
measured IF using the LO of band 2 1.e., 
LO-IF = RF = 8-3.5 = 4.5 GHz. Figure 9. Multi Band Receiver With Common IF. 
Therefore, a 4.5 GHz signal is assumed 

to be measured when a 6.5 GHz signal is applied. Similarly this 6.5 GHz signal would appear as a weak 
3.5 GHz signal from band | or a 9.5 GHz signal from band 4. 





* Use of low side LO was done to emphasize a CSO08 problem 


In performing this test it is important to map the entries of the UDF for each band i.e., show each 
resulting IF, its PRI, and the sensitivity level that the receive light is supposed to illuminate, i.e., if a test in 
one band used a PRI corresponding to a PRI in another band where the receive threshold is programmed to 
not be sensitive this will negate the effectiveness of a cross coupling test. Mapping the UDF will facilitate 
applying a strong signal to one band using the PRI of a desired signal in an adjacent band. 


CS08 TEST PROCEDURE 


Assume that the receiver band is 2 
to 4 GHz as shown in Figure 10. Pick the 
UDF entry that has the greatest sensitivity. 
UDF #1 entry is for a 3+.05 GHz signal with 
a PRI of 1 kHz. If the test signal is set for 
the UDF #1 PRI, a receive light will also 
occur at the frequencies of UDF #2 if it also 
has the same PRI (this is not a test failure). UDF #1 UDF #2 
If adjacent bands don’t also have entries 
with the same PRI, then the test should be 
repeated for the band being tested with at 
least one of the adjacent band PRI values. Figure 10. Receiver Band With Multiple UDF Entries. 





Attenuation 





(1) Set the receiver or jammer to the receive mode, verify it is working for UDF #1 and record 
P,, the minimum signal level where the receive light is constantly on. 


(2) Raise this signal to its maximum specified level for full system performance. If a maximum level 
is not specified, use +10 dBm peak for a pulse signal or -10 dBm for a CW signal. 


(3) Tune this strong RF signal outside the UDF #1 range and record any RF frequency where the 
receive light comes on. If another inband UDF has the same PRI, this is not a failure. 
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(4) This test is performed both inband and out of band. Out of band tests should be performed on the 
high end to five times the maximum inband frequency or 20 GHz, whichever is less, and on the low end to 
IF/5 or 0.05 FO, whichever is less, unless otherwise specified. The out of band power level is +10 dBm peak 
for a pulse signal or -10 dBm for a CW signal, unless otherwise specified. 


(5) Ifa receive light comes on when it is not supposed to, record the RF and reduce the power level 
to where the receive light just stays on constantly. Record this level P1. The interference rejection level is 
P1-PO= PIR 


(6) Repeat this test for each type of signal the receiver is supposed to process, i.e., pulse, PD, 
CW, etc. 


CS04 - DESIRED WITH UNDESIRED, TWO SIGNAL INTERFERENCE TEST 


The intent is for a weak desired signal to be received in the presence of an adjacent CW signal. The 
desired signal is kept tuned at minimal power level and a strong unmodulated signal is tuned outside the UDF 
region. Radar and EW receivers without preselectors are likely to experience interference when this test is 
performed inband. Receivers with nonlinear devices before their passive band pass filter, or filters that 
degrade out of band, are likely to experience susceptibility problems when this test is performed out of band. 


Tests performed inband - An unmodulated CW signal is used. If the receiver is supposed to handle 
both pulsed and CW signals, this test is performed inband. Ifthe pulse receiver is supposed to desensitize in 
order to only process pulse signals above the CW level, then only this limited function is tested inband i.e., 
normally the levels correspond, if a CW signal of -20 dBm is present, then the receiver should process pulse 
signals greater than -20 dBm. 


CS04 TEST PROCEDURE 


(1) As shown in Figure 11, initially 
the pulse signal is tuned to Fo and the 





© 
minimum receive level Po is recorded, 1.e., A= ! 
minimum level where the receive light is s | (gg Strong CW, 
constantly on. - weak 1, | ona 
= Pulse ' | 
: : . <f Signal 
(2) The pulse signal is raised to the 
maximum specified level for full system UDF #1 4 ai 
performance and tuned on either side of Fo to 
find the frequencies on both sides (Fyign and Frequency | 
Frow) where the receive light goes out. Ifa 
maximum pulse power level is not specified, Figure 11. CS04 Test Signals. 


then +10 dBm peak is used. In some receivers 
F, and Fy are the band skirts. 


(3) The pulse signal is returned to the level found in step 1. A CW signal at the maximum specified 
CW power level for full system performance is tuned above Fy and below F,. Ifa maximum CW power level 
is not specified, then -10 dBm is used. Anytime the receive light is lost, the tuned CW RF value is recorded. 
The CW signal should be turned off to verify that the pulse signal can still be received in the absence of 
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interference. If the pulse signal is still being received, then the interfering CW signal should be reapplied and 
decreased to the lowest power level where the receive light stays on constantly. Record this level P,. The 
interference rejection level is P; - Py = Pr. 


(4) Out of band tests should be performed to five times the maximum inband frequency or 20 GHz, 
whichever is less, and on the low end to IF/5 or 0.05 Fy, whichever is less, unless otherwise specified. The 
out of band CW power level is -10 dBm unless otherwise specified. 


Failures - Out of band test 


(1) Ifa non-linear device such as a limiter is placed before a band pass filter, a strong out of band 
signal can activate the limiter and cause interference with the inband signal. The solution is to place 
all non-linear or active devices after a passive band pass filter. 


(2) Band pass filters with poor characteristics tend to pass signals with only limited attenuation at 
frequencies that are three times the center frequency of the band pass filter. Passage of a CW or high 
duty cycle signal that is out of band may desensitize or interfere with the processing of a weak inband 
signal. 


CS03 INTERMODULATION TEST 


This two signal interference test places a pulse signal far enough away (Af) from the desired UDF 
frequency (Fo) that it won’t be identified. A CW signal is initially placed 2Af away. If an amplifier is 
operating in the saturated region, these two signals will mix and produce sum and difference signals. 
Subsequent mixing will result in a signal at the desired UDF frequency Fp since F, - (F>-F,) = Fo. These two 
signals are raised equally to strong power levels. If no problem occurs, the CW signal is tuned to the upper 
inband limit and then tuned out of band. A similar test is performed below Fo. 


CS03 TEST PROCEDURES 





(1) Set the receiver or jammer to 
the receive mode. Verify it is working at a 
desired signal frequency, (Fo), and record 
the minimum signal level i.e., lowest level 
where the receive light is constantly on 
(record this level Po). 
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(2) The modulated signal is raised 
to the maximum specified level for full 
system performance and tuned on either 
side of Fp to find the frequency F, on both ; me : 
sides where the receive light ae out. Ifa Bigune 12. par Co0s. Deskieney 
maximum power level is not specified, 
+10 dBm peak is used. The difference between F, and Fp is Af as shown in Figure 12. 


Frequency 
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(3) As shown in Figure 13, a pulse 
signal is tuned to F; and a CW signal is 
tuned to F, where F, = F; + Af on the high 
side. The power level of the two signals is 
initially set to Po and raised together until 
the maximum specified levels for full system 
performance are reached. If maximum 
power levels are not specified, then 
+10 dBm peak is used for the pulse signal 
and -10 dBm is used for the CW signal. 
Whenever the receive light comes on, the 
two signals should be turned off individually 
to verify that the failure is due to a 
combination of the two signals versus (1) a 
single signal (CS08) type failure or 
(2) another inband UDF value has been 
matched. Ifthe failure is due to the two signal operation, then the power level (P; and P>) of F, and F, should 
be recorded. If P;=P., the intermodulation rejection level is P|-Po=Pim. If Pi#P2, it is desirable to readjust 
them to be equal when the receive light just comes on. 


Attenuation 


Frequency 





Figure 13. CS03 Testing Signal. 


(4) Once the F; + F, signals are raised to the maximum power test levels described in step 3 without a 
failure, then F2 is tuned to the upper limit of the band. F, should also be tuned out of band to five times the 
maximum inband frequency or 20 GHz whichever is less unless otherwise specified. The out of band power 
level is -10 dBm unless otherwise specified. Whenever the receive light comes on, F, should be turned off to 
verify that the failure is due to a two signal test. If it is, turn F, back on and equally drop the power levels of 
F, and F; to the lowest level where the receive light just comes on. Record the power levels (P; and P3). 


(5) Step 3 is repeated where F, is Af below Fo and F,=F,-Af. Step 4 is repeated except F. is tuned to 
the lower limit of the band. F, should also be tuned out of band down to 0.1 Fo, unless otherwise specified. 


(6) Normally if a failure is going to occur it will occur with the initial setting of F; and F2. Care must 
be taken when performing this test to ensure that the initial placements of F; and F, do not result in either of 
the signals being identified directly. 


As shown in Figure 14, if F,; was placed at 
3.2 GHz it would be identified directly and if F, was 
placed at 3.4 GHz it would be identified directly. 





Whereas, if F; was at 3.1 GHz and F, was at 3.2 GHz 34 CHT 3.6 GHT 
neither interfering signal would be identified directly but cw cw 
their intermodulation may result in an improper 

identification at Fo. Later when F, is tuned higher, the Figure 14. Sample UDF Entries. 


receive light will come on around 3.4 GHz and 3.6 GHz. 
This is not a test failure just a case of another inband UDF value being matched. 
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CS05 - CROSS MODULATION 


This two signal interference test places a Asmplifier Linear 
weak CW signal where the receiver is programmed 
for a pulse signal and tunes a strong pulse signal 
elsewhere. As shown in Figure 15, when an 
amplifier is saturated, lower level signals are 
suppressed. When an amplifier is operated in the 
linear region all signals receive the rated linear gain. Amplifier Saturated 
In this test the pulse signal will cause the amplifier to ae t aa 
kick in and out of saturation and modulate the weak 
CW signal. The receiver may measure the 
modulation on the CW signal and incorrectly identify 
it as a pulse signal. 






































Amplifier Linear Arnplifier Linear 






































Figure 15. Cross Modulation Example. 
CS05 TEST PROCEDURE 


(1) Initially the pulse signal is 
tuned to Fp and the minimum power level Po 
where the receive light is constantly on is 








c - 

recorded. = ] 7 
iis] | | ! Strong Pulse Signal 
=] i 2 (No response) 

(2) As shown in Figure 16, the . 

signal is raised to the maximum specified z Weak Pulse Sign ai 

level for full system performance for a pulse -dBy} —" a aoe 

signal and tuned on either side of Fp to find 2 GHz 

the frequencies on both sides, (Fyigh and 

Frow) where the receive light goes out. Ifa Frequency 

maximum pulse power level is not 


specified, then +10 dBm peak is used. Figure 16. Initial CSO5 Test Signals. 


(3) The pulse signal from step 2 is turned off and a second signal is placed at Fo. It is a CW 
signal that is 10 dB stronger than the peak power level (Po) measured is step 1. The receive light should 
not come on. 


(4) As shown in Figure 17, the strong pulse signal of step 2 is turned back on and tuned above Fy and 
then tuned below F,. Out of band tests should be performed to the maximum RF of the system + maximum 
IF or 20 GHz whichever is less and on the low end to the minimum RF of the system minus the maximum IF, 
unless otherwise specified. 
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(5) Ifa receive light occurs, turn 
off the weak CW signal since the “failure” 
may be due to the tuned pulsed signal, 1.e., a 
CS08 failure or another inband UDF value 
has been matched. 


If the light extinguishes when the 
weak CW signal is turned off, then turn the 
signal back on, reduce the value of the high 
level pulse signal until the minimum level is 
reached where the light stays on constantly. 

Record this level as P}. 


The cross modulation rejection level 
is P,-Py-10 dB = Pc. 
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Figure 17. Final CS05 Test Signals. 
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SIGNAL SORTING METHODS and DIRECTION FINDING 


As shown in Figure 1, signal processing is basically a problem of signal detection, emitter parameter 
measurement and correlation, emitter sorting, identification, and operator notification. 


ELINT TYPICAL ESM/ RWR SIGNAL PROCESSING 


Database 
(Location) 


De-inteneave 
(Sort) Signals 


Determine Correlate : Take Direct 
Signal Type and (Identification) CM Action 
Characteristics 


Determine 
Location Record 
(DF) Results 





Figure 1. Signal Processing Steps. 


The ultimate goal of this processing is to classify radar signals by their unique characteristics and to 
use this data to identify enemy radars operating in the environment, determine their location or direction, 
assess their threat to friendly forces, and display this information to the operator. 


While not all electronic support measures (ESM) or radar warning receiver (RWR) systems perform 
every step in this process, each completes some of them. For example, ESM systems seldom initiate direct 
CM action, while RWRs sometimes do. Also ESM systems frequently record electronic data for future use, 
but few RWRs do. ESM systems place more emphasis on accurate emitter location and hence direction 
finding capabilities, while RWRs usually give a rough estimate of position/distance. 


The typical emitter characteristics that an ESM system can measure for a pulse radar include the 
following data: 


Radio Frequency (RF) 

Amplitude (power) 

Direction of Arrival (DOA) - also called Angle of Arrival (AOA) 
Time of Arrival (TOA) 

Pulse Repetition Interval (PRI) 

PRI type 

Pulse Width (PW) 

Scan type and rate 

Lobe duration (beam width) 


SO! DOO ON Re GaN 
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However, this list is not comprehensive. Other emitter parameters are available which may be 
necessary to characterize the threat system. 


More sophisticated ESM systems can measure additional parameters, such as PRI modulation 
characteristics, inter- and intra-pulse Frequency Modulation (FM), missile guidance characteristics 
(e.g., pattern of pulse spacing within a pulse group), and Continuous Wave (CW) signals. 


Still other parameters which can describe an electromagnetic wave but are currently not commonly 
used for identification include polarization and phase. However, as threat emitters begin to use this data more 
frequently to avoid jamming the more important they may become in identifying signals. 


Some of the emitter characteristics which describe an electromagnetic wave are shown in Figure 2. 


Polarization 
Frequency 


Waveshape 
(Pulse width & interval) 
and Amplitude 


These variables can be constant or time varying 





Figure 2. Information Content of an Electromagnetic Wave. 


Table | illustrates the relative importance of several measured parameters during various stages of 
signal processing. 
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Table 1. Importance of Emitter Parameters During Signal Processing. 


Parameter Pulse Train Emitter Intercept 
De-interleavement Identification Correlation 


Frequency 
Amplitude 

Angle of Arrival 
TOA 

PRI 

PRI type 

PW 

Scan rate and type 
Lobe Duration 


N 
N 
N 


SCONNNONKE 
RPNrRNNCOCO SO 
Re SR NO NO RK Ne 


0 Not Useful 1 Some Use 2 Very Useful 





Some emitter parameters can be measured using a single pulse; these parameters are referred to as 
monopulse parameters. The monopulse parameters include RF, PW, DOA, amplitude and TOA. RF can be 
determined on a pulse-by-pulse basis by receivers that can measure frequency. Frequency is very useful for 
emitter identification since most radars operate at a single frequency. Most real-time systems measure pulse 
width instead of pulse shape because the latter is much more difficult to characterize mathematically. 
Unfortunately, the apparent pulse width can be severely distorted by reflections, and consequently, its 
usefulness for emitter identification is limited. DOA cannot be used for emitter identification, but is excellent 
for sorting signals. A number of ESM systems use both frequency and DOA information to distinguish the 
new signals from the old (that is, known) ones. Amplitude also cannot be used for emitter identification. 
However, it can be used for sorting and for gross distance estimation using precompiled emitter’s effective 
radiated power. Moreover, amplitude in conjunction with TOA can be used to determine the emitter’s scan 
characteristics. 


Other emitter parameters such as PRI, guidance and scan characteristics can be determined only by 
analyzing a group of pulses. All these parameters are useful for emitter identification; unfortunately, they 
require time for data collection and analysis, and call for sophisticated signal processing algorithms. 


The problem of signal recognition in real-time is complicated by two factors: modulation of the 
signals and the very high pulse densities expected in the environment. Complex modulations (for example, 
inter-pulse RF modulation, intra-pulse RF modulation and agile Pulse Repetition Frequencies (PRFs)) present 
a significant pattern recognition problem for a number of ESM systems. It is expected that during some 
missions, hundreds of emitters will be transmitting simultaneously in the same vicinity. Wide-open 
antenna/receiver combination systems may have to cope with up to a million PPS. Even narrow-band 
receivers can expect data rates up to 100,000 PPS. At these rates, a single modern computer cannot be 
expected to process all the pulses, derive the characteristics for all emitters and identify the emitters in 
real-time. Other factors which encumber signal recognition include missing pulses, atmospheric noise and 
multiple reflections of pulses. 


Present RWRs are designed primarily to cope with stable emitters. A stable emitter is one whose 
frequency and pulse repetition interval (PRI) remain relatively constant from pulse to pulse. The future threat 
will move steadily away from the stable emitter towards agile emitters which vary their frequency and PRI 
characteristics. The first change in this direction is towards the patterned agile emitter which varies its pulse 
and frequency parameters in accordance with a specific pattern. Examples of patterned agile emitters are MTI 
radars which use staggered PRFs, pulse Doppler radars which change frequency and PRF ona block-to-block 


basis, and certain frequency-agile radars whose transmitter frequency is mechanically modulated in a 
systematic pattern (e.g., spin-tuned magnetron). The next step in this evolution is towards truly agile emitters 
which change their frequency and PRF in a random manner on a pulse-to-pulse basis. One tempering factor 
in this evolution is that radars which process Doppler must maintain a constant frequency for at least two 
consecutive pulses. 


In addition to agile frequency and PRI parameters, the future threat will be composed of a number of 
high-PRF pulsed Doppler, burst-frequency, CW, pulse-compression, agile-beam, and LPI radars, which use 
pseudo-noise waveforms. This conglomeration of radar types will cause a high signal density which must be 
segmented into a manageable data stream by the use of both frequency and spatial filtering in the RWR. 
While frequency and PRI are good parameters for sorting present-day non-agile emitters, they are poor or 
useless parameters for sorting agile emitters. 


Angle of arrival is generally regarded as the best initial sorting parameter because it cannot be varied 
by the emitter from pulse to pulse. 


PASSIVE DIRECTION FINDING AND EMITTER LOCATION 


Direction finding (DF) systems provide several important functions in modern EW systems. We have 
already discussed the importance of measuring the emitter’s bearing, or angle of arrival (AOA), as an 
invariant sorting parameter in the deinterleaving of radar signals and in separating closely spaced 
communication emitters. In addition, the conservation of jamming power in power-managed ECM systems 
depends on the ability of the associated ESM system to measure the direction to the victim emitter. A 
function which is becoming increasingly important in defense suppression and weapon delivery systems 
involves locating the emitter’s position passively. This can be accomplished from a single moving platform 
through successive measurements of the emitter’s angular direction, or from multiple platforms which make 
simultaneous angular measurements. 


The emitter identification function requires identifying and associating consecutive pulses produced 
by the same emitter in angle of arrival (AOA) and frequency. The AOA is a parameter which a hostile emitter 
cannot change on a pulse-to-pulse basis. However, to measure the AOA of pulses which overlap in the time 
domain first requires them to be separated in the frequency domain. The advanced ESM receivers which 
accomplish this function must operate over several octaves of bandwidth while providing RMS bearing 
accuracies on the order of at least 2 degrees with high POI and fast reaction time in dense signal 
environments. 


There are basically three methods, depicted in | TRlANGULATION 
Figure 3, which allow the passive location of stationary 
ground-based emitters from airborne platforms. 


These are: 


1. The azimuth triangulation method where the 
intersection of successive spatially displaced 
bearing measurements provides the emitter 
location. 





2. The azimuth/elevation location technique, which 
provides a single-pulse instantaneous emitter 
location from the intersection of the measured 
azimuth/elevation line with the earth’s surface. 


TIME DIFFERENCE OF ARRIVAL 


3. The time difference of arrival (TDOA), or 
precision emitter location system (PELS) method, i eS 
which measures the difference in time of arrival 


of a single pulse at three spatially remote 
locations. 





Additional methods include: 


1. Phase rate of change, which is similar to Figure 3. Passive Emitter Location Techniques. 


triangulation, except it makes calculations using 
the phase derivative. 


2. Angle distance techniques, where the distance from the emitter is derived from the signal strength (with 
known “threat” characteristics). 


3. RF Doppler processing, which measures Doppler changes as the aircraft varies direction with 
respect to the “target” radar. 


The relative advantages and disadvantages of each are given in Table 2. 
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Table 2. Emitter Location Techniques. 


Measurement : 
a eeteen Advantages Disadvantages 
Technique 


Non-Instantaneous Location; 


Triangulation Single Aircraft Inadequate Accuracy for Remote Targeting; 


Not Forward Looking 
Seer Accuracy Degrades Rapidly at Low Altitude; 
Azimuth/Elevation | Instantaneous Location 


Paeeible Function of Range 


Very Complex, At Least 3 Aircraft; High Quality 


Very High Precision Receivers; DME (3 Sites); 


Can Support Weapon Very Wideband Data Link; 
Delivery Position 
Requirements 


Time Difference of 
Arrival (Pulsed 
Signals) 


Very High Performance Control Processor; 


Requires Very High Reliability Subsystems. 


Very Rapid, Can Handle 


? Requires common time reference and correlation 
Short On-Time Threat 


operation for non-pulse signals. 





The triangulation method has the advantage of using a single aircraft, and its accuracy is greatest for a 
long baseline and the broadside geometry. The accuracy degenerates as the aircraft heading line approaches 
the boresight to the emitter. 


The azimuth/elevation technique also has the advantage of using a single aircraft, but suffers from the 
difficultness of making an accurate elevation measurement with limited vertical aperture and in the presence 
of multipath effects. 


The TDOA technique requires multiple aircraft and is complex, but has high potential accuracy. The 
determination of the location of the site involves the solution of at least two simultaneous second order 
equations for the intersection of two hyperbolas which represent T - T; = Constant #1 and T; - T, = Constant 
#2. This method can be used to obtain a fix for an emitter which radiates only a single pulse. 


ANGLE-OF-ARRIVAL (AOA) MEASUREMENTS 


Several of the above DF measurements require AOA determination. Threat AOA measurements are 
also required to inform the aircrew in order to position the aircraft for optimal defense. 


As shown in Figure 4, angle-of-arrival measuring systems fall into three main system categories of: 
1. Scanning beam 


2. Amplitude comparison or Simultaneous-multiple-beam 
3. Phased Interferometer techniques 


* Scanning Beam 


- Slow Response il 


. seg? - 
- Low Probability of Intercept ey 


» Amplitude Comparison 
- Very Common, Low Cost 
- Small Size 


- Relatively Low Resolution 
- One RF Path per Band/Sector 


» Phased Interferometer or Array 
- Very High Resolution 
- High Cost 


- Larger Size 
- 3-5 Antennas/RF Paths per 
Band/Sector Cc 
{ 


- Conformal Arrays Possible 
DOA=ff& Phase} 





Figure 4. Angle-of-Arrival Measurement Techniques. 


Scanning Beam 


The mechanically scanning beam, or “spinner,” requires only a single receiver and also exhibits high 
sensitivity due to the use of a directive antenna. The disadvantage is that the “spinner” usually exhibits slow 
response because it must rotate through the coverage angle (e.g., 360 degrees) to ensure that it intercepts an 
emitter. Also, if the emitter uses a scanning directional antenna, both beams must point at each other for 
maximum sensitivity, which is a low probability occurrence. Both of these effects cause the mechanically 
scanning beam technique to have a low probability of intercept (POI). 


Amplitude Comparison 


The two primary techniques used for direction finding are the amplitude-comparison method and the 
interferometer or phase-comparison method. The phase-comparison method generally has the advantage of 
greater accuracy, but the amplitude-comparison method is used extensively due to its lower complexity and 
cost. Regardless of which technique is used, it should be emphasized that the ultimate rms angular accuracy 
is given by: 





AO k Op where 03 is the antenna’s angular beamwidth, or interferometer lobe width, 
SNR and SNR is the signal-to-noise ratio. 


Thus, phase interferometers that typically use very widebeam antennas require high signal-to-noise 
ratios to achieve accurate angle-of-arrival measurements. Alternately, a multi-element array antenna can be 
used to provide relatively narrow interferometer lobes, which require modest signal-to-noise ratios. 


Virtually all currently deployed radar warning receiving (RWR) systems use amplitude-comparison 
direction finding (DF). A basic amplitude-comparison receiver derives a ratio, and ultimately angle-of-arrival 
or bearing, from a pair of independent receiving channels, which utilize squinted antenna elements that are 
usually equidistantly spaced to provide an instantaneous 360° coverage. Typically, four or six antenna 
elements and receiver channels are used in such systems, and wideband logarithmic video detectors provide 
the signals for bearing-angle determination. The monopulse ratio is obtained by subtraction of the detected 
logarithmic signals, and the bearing is computed from the value of the ratio. 


Amplitude comparison RWRs typically use broadband cavity-backed spiral antenna elements whose 
patterns can be approximated by Gaussian-shaped beams. Gaussian-shaped beams have the property that the 
logarithmic output ratio slope in dB is linear as a function of angle of arrival. Thus, a digital look-up table 
can be used to determine the angle directly. However, both the antenna beamwidth and squint angle vary 
with frequency over the multi-octave bands used in RWRs. Pattern shape variations cause a larger pattern 
crossover loss for high frequencies and a reduced slope sensitivity at low frequencies. Partial compensation 
of these effects, including antenna squint, can be implemented using a look-up table if frequency information 
is available in the RWR. Otherwise, gross compensation can be made, depending upon the RF octave band 
utilized. 


Typical accuracies can be expected to range from 3 to 10 degrees rms for multi-octave frequency 
band amplitude-comparison systems which cover 360 degrees with four to six antennas. 


The four-quadrant amplitude-comparison DF systems employed in RWRs have the advantage of 
simplicity, reliability, and low cost. Usually, only one antenna per quadrant is employed which covers the 2 
to 18 GHz band. The disadvantages are poor accuracy and sensitivity, which result from the broad-beam 
antennas employed. Both accuracy and sensitivity can be improved by expanding the number of antennas 
employed. For example, expanding to eight antennas would double the accuracy and provide 3 dB more gain. 
As the number of antennas increases, it becomes appropriate to consider multiple-beam-forming antennas 
rather than just increasing the number of individual antennas. The geometry of multiple-beam-forming 
antennas is such that a conformal installation aboard an aircraft is difficult. Therefore, this type of installation 
is typically found on naval vessels or ground vehicles where the space is available to accommodate this type 
of antenna. 


Simultaneous-multiple-beam (amplitude comparison) 


The simultaneous-multiple-beam system uses an antenna, or several antennas, forming a number of 
simultaneous beams (e.g., Butler matrix or Rotman lens), thereby retaining the high sensitivity of the scanning 
antenna approach while providing fast response. However, it requires many parallel receiving channels, each 
with full frequency coverage. This approach is compatible with amplitude-monopulse angular measuring 
techniques which are capable of providing high angular accuracy. 


A typical example of a multiple-beam antenna is a 16-element circular array developed as part of a 
digital ESM receiver. This system covers the range from 2 to 18 GHz with two antenna arrays (2 to 7.5 GHz 
and 7.5 to 18 GHz), has a sensitivity of -55 to -60 dBm and provides an rms bearing accuracy of better than 
1.7 degrees on pulsewidths down to 100 ns. 


Phased Interferometer Techniques 


The term interferometer generally refers to an array type antenna in which large element spacing 
occurs and grating lobes appear. 


Phase interferometer DF systems are utilized when accurate angle-of-arrival information is required. 
They have the advantage of fast response, but require relatively complex microwave circuitry, which must 
maintain a precise phase match over a wide frequency band under extreme environmental conditions. When 
high accuracy is required (on the order of 0.1 to 1°), wide baseline interferometers are utilized with ambiguity 
resolving circuitry. The basic geometry is depicted in Figure 5, whereby a plane wave arriving at an angle is 
received by one antenna earlier than the other due to the difference in path length. 


The time difference can be expressed as a 


ANTENNA 
phase difference: BORBSIGHT LINE OF SIGHT 
TO BMITTBR 


@ = @At = 22a(f/c) = 2m (d sin 0)/A, 


where @ is the angle of arrival, 
dis the antenna separation, and 
iis the wavelength in compatible units. 


The unambiguous field of view (FOV) is given 
by 0 = 2 sin (x/2d), which for 2/2 spacing results in 


180° coverage. This spacing must be established for the RECBIVBR 
highest frequency to be received. 
Interferometer elements typically use broad 
antenna beams with beamwidths on the order of 90°. 
This lack of directivity produces several adverse effects. 
First, it limits system sensitivity due to the reduced $ DETECTOR 
antenna gain. Secondly, it opens the system to 
interference signals from within the antenna’s broad _‘ Figure 5. Phase Interferometer Principle. 


angular coverage. The interference signals often include 
multipath from strong signals which can limit the accuracy of the interferometer. 





In an interferometer, the locus of points that produce the same time or phase delay forms a cone. 
The indicated angle is the true azimuth angle multiplied by the cosine of the elevation angle. The error in 
assuming the incident angle to be the azimuth angle is negligible for signals near the antenna’s boresight. At 
45° azimuth and 10° elevation, the error is less than 1°, increasing to 15° for both at 45°. Two orthogonal 
arrays, one measuring the azimuth angle and the other the elevation angle can eliminate this error. For targets 
near the horizon, the depression angle is small, thereby requiring only horizontal arrays. 


The rms angular accuracy of an interferometer in radians is given by: 


op=Aa/(me [SNR ), where Aa = A/(d-cos8) is the separation between adjacent nulls. 


For a two-element interferometer, the spacing (d) must be 4/2 or less to provide unambiguous, or 
single lobe + 90°, coverage. This, in effect, sets a wide interferometer (or grating) lobe which must be split 
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by a large factor to achieve high accuracy. This, in turn, imposes a requirement for high SNR to achieve the 
large beam-splitting factor. For example, if 0.1° accuracy is required from an unambiguous two-element 
interferometer, then a SNR of about 50 dB is required to achieve this accuracy. This may be difficult to 
achieve considering the inherently low sensitivity of an interferometer system. 


When high accuracy is required from an interferometer system, it is usual to employ separations 
greater than A/2. The increased separation sets up a multi-grating-lobe structure through the coverage angle 
which requires less SNR to achieve a specified accuracy. For example, a two-element interferometer with 
164 spacing would set up a 33-grating-lobe structure (including the central lobe) throughout the + 90° 
coverage angle. Within each of the 33 grating lobes, it would only require a SNR on the order of 20 dB to 
achieve 0.1° accuracy. However, there would be 33 ambiguous regions within the + 90° angular coverage 
and also 32 nulls (where the phase detector output is zero), about which the system would be insensitive to an 
input signal. The ambiguities could be resolved by employing a third antenna element with i/2 spacing, 
which would provide an accuracy on the order of 3° with 20 dB SNR. This accuracy is sufficient to identify 
which of the 33 lobes contains the signal. Providing coverage in the null regions requires additional antenna 
elements. 








Interferometers employing multiple antenna elements are called multiple-baseline interferometers. In 
a typical design, the receiver consists of a reference antenna and a series of companion antennas. The spacing 
between the reference element and the first companion antenna 1s A/2; other secondary elements are placed to 
form pairs separated by 1, 2, 4, and 8 wavelengths. The initial AOA is measured unambiguously by the 
shortest-spaced antenna pair. The next greatest spaced pair has a phase rate of change which is twice that of 
the first, but the information is ambiguous due to there being twice as many lobes as in the preceding pair. 
A greater phase rate of change permits higher angular accuracy while the ambiguity is resolved by the 
previous pair. Thus, the described multiple-baseline interferometer provides a binary AOA measurement 
where each bit of the measurement supplies a more accurate estimate of the emitter’s AOA. 


Harmonic multiple-baseline interferometers use elements which are spaced at 2"-A/2, with n= 0, 1, 2, 
3. Innonharmonic interferometers, no pair of antennas provides a completely unambiguous reading over the 
complete field of view. For example, the initial spacing in the nonharmonic interferometer might be A, while 
the next companion element spacing 1s 31/2. Ambiguities are resolved by truth tables, and hence the accuracy 
is set by the spacing of the widest baseline antenna pair. Nonharmonic interferometers have been 
implemented over 9:1 bandwidths (2 to 18 GHz) with rms accuracies from 0.1 to 1° and with no ambiguities 
over + 90°. The principal advantage of the nonharmonic over the harmonic interferometer is the increased 
bandwidth for unambiguous coverage. 





Interferometer DF accuracy is determined by the widest baseline pair. Typical cavity-backed spirals, 
track to 6 electrical degrees, and associated receivers track to 9°, resulting in an rms total of 11°. Ata typical 
16 dB SNR, the rms phase noise is approximately 9 electrical degrees. For these errors and an emitter angle 
of 45°, a spacing of 25A is required for 0.1° rms accuracy while a spacing of 2.5 is needed for 1° accuracy. 
For high accuracy, interferometer spacings of many feet are required. In airborne applications, this usually 
involves mounting interferometer antennas in the aircraft’s wingtips. 


The characteristics of typical airborne amplitude comparison and phase interferometer DF systems are 


summarized in Table 3. The phase interferometer system generally uses superheterodyne receivers which 
provide the necessary selectivity and sensitivity for precise phase measurements. 
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Table 3. Direction of Arrival Measurement Techniques. 


Amplitude Comparison Phase Interferometer 


: Typically 4 to 6 Equispaced Antenna 2 or more RHC or LHC Spirals in 
penser Conneumaton Elements for 360° Coverage Fixed Array 
A 


Ow ACaw : 
DF Accuracy Bs 24S on DFacc = 


Shape) 

Decrease Antenna BW Increase Spacing of Outer 
Decrease Amplitude Mistrack Antennas; 

Increase Squint Angle Decrease Phase Mistrack 


Typical DF Accuracy 


Sensitivity to High Sensitivity Relatively Insensitive; 


Multipath/ Mistrack of Several dB Can Cause Interferometer Can Be Made to 
Reflections Large DF Errors Tolerate Large Phase Errors 
Reflection Free Area; 


———A@ 
2nd cos @ 


DF Accuracy 
Improvement 


Platform Constraints Locate in Reflection Free Area Real Estate For Array; 


Prefers Flat Radome 
: : Crystal Video; Channelizer; Acousto- 
Applicable Receivers Optic: Conipressive: Gunerhercrodyne Superheterodyne 


ACgg = Amplitude Monopulse Ratio in dB 
S = Squint Angle in degrees 
Osw = Antenna Beamwidth in degrees 
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MICROWAVE WAVEGUIDES and COAXIAL CABLE 


In general, a waveguide consists of a 
hollow metallic tube of arbitrary cross section 
uniform in extent in the direction of propagation. 
Common waveguide shapes are rectangular, 
circular, and ridged. The rectangular waveguide 
has a width a and height b as shown in Figure 1. 
Commonly used rectangular waveguides have an 
aspect ratio b/a of approximately 0.5. Such an 
aspect ratio is used to preclude generation of 
field variations with height and their attendant 
unwanted modes. Waveguides are used 
principally at frequencies in the microwave 
range; inconveniently large guides would be Figure 1. The Rectangular Waveguide. 
required to transmit radio-frequency power at 
longer wavelengths. In the X-Band frequency 
range of 8.2 to 12.4 GHz, for example, the U.S. standard rectangular waveguide, WR-90, has an inner width 
of 2.286 cm (0.9 in.) and an inner height of 1.016 cm (0.4 in.). 





In waveguides the electric and magnetic fields are confined to the space within the guides. Thus no 
power is lost to radiation. Since the guides are normally filled with air, dielectric losses are negligible. 
However, there is some I’R power lost to heat in the walls of the guides, but this loss is usually very small. 


It is possible to propagate several modes of 
electromagnetic waves within a waveguide. The physical 
dimensions of a waveguide determine the cutoff frequency for 
each mode. If the frequency of the impressed signal is above 
the cutoff frequency for a given mode, the electromagnetic 
energy can be transmitted through the guide for that particular 
mode with minimal attenuation. Otherwise the 
electromagnetic energy with a frequency below cutoff for that 
particular mode will be attenuated to a negligible value in a 
relatively short distance. This grammatical use of cutoff 
frequency is opposite that used for coaxial cable, where cutoff 
frequency is for the highest useable frequency. The dominant 
mode in a particular waveguide is the mode having the lowest 
cutoff frequency. For rectangular waveguide this is the TEj9 
mode. The TE (transverse electric) signifies that all electric 
fields are transverse to the direction of propagation and that 
no longitudinal electric field is present. There is a 
longitudinal component of magnetic field and for this reason 
the TEm:, waves are also called Hm, waves. The TE 
designation is usually preferred. Figure 2 shows a graphical depiction of the E field variation in a waveguide 
for the TEj0, TEs, and TE39 modes. As can be seen, the first index indicates the number of half wave loops 
across the width of the guide and the second index, the number of loops across the height of the guide - which 
in this case is zero. It is advisable to choose the dimensions of a guide in such a way that, for a given input 
signal, only the energy of the dominant mode can be transmitted through the guide. For example, if for a 
particular frequency, the width of a rectangular guide is too large, then the TE2) mode can propagate causing a 
myriad of problems. For rectangular guides of low aspect ratio the TE29 mode is the next higher order mode 


Waveguide Crass Section 





Figure 2. TE Modes. 
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and is harmonically related to the cutoff frequency of the TE;) mode. It is this relationship together with 
attenuation and propagation considerations that determine the normal operating range of rectangular 
waveguide. 


The discussion on circular waveguides will not be included because they are rarely used in the EW 
area. Information regarding circular waveguides can be found in numerous textbooks on microwaves. 


CHARACTERISTICS OF STANDARD RECTANGULAR WAVEGUIDES 


Rectangular waveguides are commonly used for power transmission at microwave frequencies. Their 
physical dimensions are regulated by the frequency of the signal being transmitted. Table 1 tabulates the 
characteristics of the standard rectangular waveguides. It may be noted that the number following the EIA 
prefix “WR” is in inside dimension of the widest part of the waveguide (i.e., WR90 has an inner dimension 
of 0.90”). 


DOUBLE RIDGE RECTANGULAR WAVEGUIDE 


Another type of waveguide commonly used in 
EW systems is the double ridge rectangular waveguide. 
The ridges in this waveguide increase the bandwidth of 
the guide at the expense of higher attenuation and lower = =a 
power-handling capability. The bandwidth can easily 
exceed that of two contiguous standard waveguides. 
Introduction of the ridges mainly lowers the cutoff —ya 
frequency of the TE, mode from that of the unloaded 
guide, which is predicated on width alone. The reason 
for this can easily be explained when the field 
configuration in the guide at cutoff is investigated. At 
cutoff there is no longitudinal propagation down the 
guide. The waves simply travel back and forth between the side walls of the guide. In fact the guide can be 
viewed as a composite parallel plate waveguide of infinite width where the width corresponds to the direction 
of propagation of the normal guide. The TE; 9 mode cutoff occurs where this composite guide has its lowest- 
order resonant frequency. This occurs when there is only one E field maximum across the guide which occurs 
at the center for a symmetrical ridge. Because of the reduced height of the guide under the ridge, the effective 
TEj,o mode resonator is heavily loaded as though a shunt capacitor were placed across it. The cutoff 
frequency is thus lowered considerably. For the TE29 mode the fields in the center of the guide will be at a 
minimum. Therefore the loading will have a negligible effect. For guides of proper aspect ratio, ridge height, 
and ridge width, an exact analysis shows that the TE1) mode cutoff can be lowered substantially at the same 
time the TE) and TE3) mode cutoffs are raised slightly. Figure 3 shows a typical double ridged waveguide 
shape and Table 2 shows double ridged waveguide specifications. In the case of ridged waveguides, in the 
EIA designation, (WRD350 D36) the first “D” stands for double ridged (“‘S” for single ridged), the 350 is the 
starting frequency (3.5 GHz), and the “D36” indicates a bandwidth of 3.6:1. The physical dimensions and 
characteristics of a WRD350 D24 and WRD350 D36 are radically different. A waveguide with a MIL-W- 
23351 dash number beginning in 2 (i.¢e., 2-025) is a double ridge 3.6:1 bandwidth waveguide. Likewise a 1- 
is a single ridge 3.6:1, a 3- is a single ridge 2.4:1, and a 4- is a double ridge 2.4:1 waveguide. 





Figure 3. Double Ridge Waveguide. 
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Figure 4 shows a comparison of the frequency /attenuation characteristics of various waveguides. 
The attenuation is based on real waveguides which is higher than the theoretical values listed in Tables 1 


and 2. Figure 5 shows photographs of waveguides with some common connectors. 


attenuation characteristics of various RF coaxial cables. 
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Figure 4. Attenuation vs. Frequency for a Variety of Waveguides and Cables. 


Table 1. Rectangular Waveguide Specifications. 


Waveguide] JAN WG | MIL-W-85 5 


Freq 
Range 
(GHz) 


Freq 
Cutoff 
(GHz) 


Power 
(at 1 Atm) 


WR284 RG48/U 1-039 Copper 2.60 - 2.08 45 | 7650 
RG75/U 1-042 |Aluminum]| 3.95 36 

WR229 | RG340/U 1-045 Copper 3.30- | 2.577 | 30 | 5480 | .946-.671 | 2.418x1.273 | 0.064 
RG341/U 1-048 |Aluminum} 4.90 24 1.422-1.009 

WR187 RG49/U 1-051 Copper 3.95- | 3.156 | 18 | 3300 
RG95/U 1-054 |Aluminum] 5.85 14.5 


Insertion 
Loss 
(dB/100ft) 


742-.508 
1.116-.764 


1.395-.967 
2.097-1.454 


Dimensions (Inches 


[ons 
3.000x1.500 


1.000x1.000 |} 0.064 


WRI59 | RG343/U 1-057 Copper 4.90 - | 3.705 | 15 | 2790 | 1.533-1.160 | 1.718x0.923 | 0.064 
RG344/U 1-060 |Aluminum| 7.05 12 2.334-1.744 

WR137 | RGS5O/U 1-063 Copper 5.85 - | 4.285 | 10 | 1980 | 1.987-1.562 | 1.500x0.750 | 0.064 
RG106/U 1-066 |Aluminum| 8.20 8 2.955-2.348 

WRI112 | RGSI/U 1-069 Copper 7.05- | 5.26 6 | 1280 | 2.776-2.154 | 1.250x0.625 | 0.064 
RG68/U 1-072 |Aluminum|_ 10.0 4.8 4.173-3.238 


WR90 | RG5S2/U | 1-075 Copper | 8.2- | 6.56 | 3 | 760 | 4.238-2.995 | 1.000x0.500] 0.05 
RG67/U | 1-078 |Aluminum| 12.4 2.4 6.506-4.502 
WR75_ | RG346/U | 1-081 Copper | 10.0- | 7.847 | 2.8 | 620 | 5.121-3.577 | 0.850x0.475 | 0.05 
RG347/U | 1-084 |Aluminum} 15.0 29 7.698-5.377 
WR62. | RG9I/U | 1-087 Copper | 12.4- | 9.49 | 1.8 | 460 | 6.451-4.743 | 0.702x0.391 | 0.04 
RG349/U | 1-091 |Aluminum} 18.0 1.4 9.700-7.131 
WRS51_ | RG352/U | 1-094 Copper | 15.0- | 11.54 | 1.2 | 310 | 8.812-6.384 | 0.590x0.335| 0.04 
RG351/U | 1-098 |Aluminum} 22.0 1 13.250-9.598 
WR42. | RG53/U | 1-100 14.08 
26.5 
WR34_ | RG354/U | 1-107 17.28 
33.0 
WR28 | RG271/U | 3-007 0.5 | 100 | 23.02-15.77 | 
40.0 


13.80-10.13 | 0.500x0.250 


Fil 


16.86-11.73 


0.420x0.250 
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Figure 5. Waveguides With Some Common Connections. 
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Table 2. Double Ridge Rectangular Waveguide Specifications. 


re Freq Power ee : 4 
Ree Cutort nag bee Dimensions (Inches) 


(Gite) | (Gi) @m [A TELCTP TEL, 


_ =e | 7 ax | i aie 
WRD350 | 4-029 Alum 3.50- | 2.915 | 18 | 150 | 0.0307 1.48 | 0.688 | 1.608 | 0.816} 0.37 | 0.292 
D24 4-303 Brass 8.20 0.0303 
4-031 Copper 0.0204 
4-033 Alum 4.75- | 3.961 85 | 0.0487 1.09 | 0.506] 1.19 | 0.606 | 0.272 | 0.215 
4-034 Brass 11.00 0.0481 
4-035 Copper 0.0324 
WRDS500 | 2-025 Alum 5.00- | 4.222 | 4 15 0.146 | 0.752 | 0.323 | 0.852 | 0.423 | 0.188 | 0.063 
D36 2-026 Brass 18.00 0.141 
2-027 Copper 0.095 
Alum 6.50- | 5.348 25 0.106 | 0.720 | 0.321 | 0.820 | 0.421 | 0.173 | 0.101 
Brass 18.00 0.105 
Copper 0.07 
4-037 Alum 7.50- | 6.239 | 4.8 0.0964 | 0.691 | 0.321 | 0.791 | 0.421 | 0.173 | 0.136 
4-038 Brass 18.00 0.0951 
4-039 Copper 0.0641 
4-041 Alum |11.00-] 9.363 | 1.4] 15 0.171 0.471 | 0.219 | 0.551 | 0.299 | 0.118 | 0.093 
4-042 Brass 26.50 0.169 
4-043 Copper 0.144 
4-045 Alum | 18.00 -| 14.995 5 0.358 | 0.288 | 0.134 | 0.368 | 0.214 | 0.072 | 0.057 
4-046 Brass 40.00 0.353 
4-047 Copper 0.238 
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VOLTAGE STANDING WAVE RATIO (VSWR) / REFLECTION COEFFICIENT 
RETURN LOSS / MISMATCH LOSS 


When a transmission line is terminated with an impedance, Z,, that is not equal to the characteristic 
impedance of the transmission line, Zo, not all of the incident power is absorbed by the termination. Part of 
the power is reflected back so that phase addition and subtraction of the incident and reflected waves creates a 
voltage standing wave pattern on the transmission line. The ratio of the maximum to minimum voltage is 
known as the Voltage Standing Wave Ratio (VS WR) and successive maxima and minima are spaced by 180° 
(1/2). 


VSWR = Emax _ Ei © where Emax = maximum voltage on the standing wave 
Pa Seen. Emin = minimum voltage on the standing wave 

Ei = incident voltage wave amplitude 

Er = reflected voltage wave amplitude 


The reflection coefficient, p, is defined as E,/E; and in general, the termination is complex in value, so 
that p will be a complex number. 


Additionally we define: [= Eu fo The refection coefficient, p, is the absolute value of the 
Zit Zo 
magnitude of I. If the equation for VSWR is solved for the reflection coefficient, it is found that: 
Reflection VSWR-1 dt 
fl — =p=|T|=— _ Consequently, VSWR= anti ct 
Coefficient VSWR+1 l-p 


The return loss is related through the following equations: 


Return P; E VSWR -1 
=10log| —|=-20 lo ~ |=-20 log] ————_|=- 20 lo 
Loss e| | Beal ad 





r i 


Return loss is a measure in dB of the ratio of Return | % Power / : : 
F ia . VSW Reflection | Mismatch 
power in the incident wave to that in the reflected Loss Voltage | Coefficient | Loss (dB) 


wave, and as defined above always has a positive (dB) Loss 

value. For example if a load has a Return Loss of 0/0 
10 dB, then 1/10 of the incident power is reflected. ein 
The higher the return loss, the less power is actually 40/200 
lost. 74/27.3 
9.6 /31.6 
Also of considerable interest is the i oe 
Mismatch Loss. This is a measure of how much the 25.1/50.0 
transmitted power is attenuated due to reflection. It 30.9 / 55.5 
is given by the following equation: 36.3 / 60.0 
40.7 / 63.6 
: ~ 2 44.7 / 66.6 
Mismatch Loss = -10 log (1 -p*) 676/818 
81.9/90.5 
For example, an antenna with a VSWR of ie fa 

2:1 would have a reflection coefficient of 0.333, a 





mismatch loss of 0.51 dB, and a return loss of * Divide % Voltage loss by 100 to obtain p 
(reflection coefficient) 
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954dB (11% of your 
transmitter power is reflected 
back). In some systems this 
is not a trivial amount and 
points to the need for 
components with low VSWR. 


If 1000 watts 
(60 dBm/ 30 dBW) is applied 
to this antenna, the return loss 
would be 9.54 — GB. 
Therefore, 111.1 watts would 
be reflected and 888.9 watts 
(59.488 dBm/29.488 dBW) 
would be transmitted, so the 
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attenuation improves the 
VSWR of a load or antenna. 
For example, a transmitting 
antenna with a VSWR of 10:1 (poor) and a line loss of 6 dB would measure 1.5:1 (okay) if measured at the 
transmitter. Figure | shows this effect. 


Figure 1. Reduction of VSWR by Attenuation. 


Therefore, if you are interested in determining the performance of antennas, the VSWR should always 
be measured at the antenna connector itself rather than at the output of the transmitter. Transmit cabling will 
load the line and create an illusion of having a better antenna VSWR. Transmission lines should have their 
insertion loss (attenuation) measured in lieu of VSWR, but VSWR measurements of transmission lines are 
still important because connection problems usually show up as VSWR spikes. 


Historically VSWR was measured by probing the transmission line. From the ratio of the maximum 
to minimum voltage, the reflection coefficient and terminating impedance could be calculated. This was a 
time consuming process since the measurement was at a single frequency and mechanical adjustments had to 
be made to minimize coupling into circuits. Problems with detector characteristics also made the process less 
accurate. The modern network analyzer system sweeps very large frequency bandwidths and measures the 
incident power, P;, and the reflected power, P,. Because of the considerable computing power in the network 
analyzer, the return loss is calculated from the equation given previously, and displayed in real time. 
Optionally, the VSWR can also be calculated from the return loss and displayed real time. 


If a filter is needed on the output of a jammer, it is desirable to place it approximately half way 
between the jammer and antenna. This may allow the use ofa less expensive filter, or a reflective filter vs. an 
absorptive filter. 


Special cases exist when comparing open and shorted circuits. These two conditions result in the 


same co VSWR and zero dB return loss even though there is a 180° phase difference between the reflection 
coefficients. These two conditions are used to calibrate a network analyzer. 
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MICROWAVE COAXIAL CONNECTORS 


For high-frequency operation, the average circumference of a coaxial cable must be limited to about 
one wavelength in order to reduce multimodal propagation and eliminate erratic reflection coefficients, power 


losses, and signal distortion. 


Except for the sexless APC-7 connector, all other connectors are identified as either male (plugs) 
which have a center conductor that is a probe or female (jacks) which have a center conductor that is a 
receptacle. Sometimes it is hard to distinguish them as some female jacks may have a hollow center “pin” 


which appears to be male, yet accepts a smaller male contact. 


An adapter is an approximately zero loss interface between two connectors and is called a barrel when 
both connectors are identical. A number of common of coaxial connectors are described below, however 
other special purpose connectors exist, including blind mate connectors where spring fingers are used in place 
of threads to obtain shielding (desired connector shielding should be at least 90 dB). 





APC-2.4 (2.4mm) - The 50 Q APC-2.4 (Amphenol Precision Connector- 
2.4 mm) is also known as an OS-50 connector. It was designed to operate at 
extremely high microwave frequencies (up to 50 GHz). 





APC-3.5 (3.5mm) - The APC-3.5 connector provides repeatable connections 
and has a very low VSWR. Either the male or female end of this 50 Q 
connector can mate with the opposite type of SMA connector. The APC-3.5 
connector can work at frequencies up to 34 GHz. 





2.4 mm jack - 3.5 mm jack 





APC-7 (7mm) - The APC-7 was developed by HP, but has been improved 
and is now manufactured by Amphenol. The connector provides a coupling 
mechanism without male or female distinction and is the most repeatable 
connecting device used for very accurate 50 QO measurement applications. 
Its VSWR is extremely low up to 18 GHz. Other companies have 7mm 
series available. 


ve A 








BNC (OSB) - The BNC (Bayonet Neill-Concelman or Bayonet Navy 
Connector) was originally designed for military system applications during 
World War II. The connector operates best at frequencies up to about 
4 GHz; beyond that it tends to radiate electromagnetic energy. The BNC 
can accept flexible cables with diameters of up to 6.35 mm (0.25 in.) and 
characteristic impedance of 50 to 75 Q. It is now the most commonly used 
connector for frequencies under | GHz. Other names the BNC has picked 
up over the years include: “Baby Neill-Concelman”, “Baby N connector”, 
“British Naval Connector”, and “Bayonet Nut Connector” 








BNC female jack 
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C - The C (Concelman) coaxial connector is a medium size, older type 
constant 50 Q impedance. It has a bayonet (twist and lock) connection. It is 
larger than the BNC, but about the same as Type N. It has a frequency 
range of 0-11 GHz 





SC (OSSC) - The SC type connector is a screw version of the “C” 
connector. 


C Plug (top) 








SMA (OSM/3mm) - The SMA (Sub-Miniature A) connector was originally 
designed by Bendix Scintilla Corporation, but it has been manufactured by 
the Omni-Spectra division of M/ACOM (as the OSM connector) and many 
other electronic companies. It is a 50 Q threaded connector. The main 
application of SMA connectors is on components for microwave systems. 
The connector normally has a frequency range to 18 GHz, but high 
performance varieties can be used to 26.5 GHz. 





SMA Plug (above) 


SMA Jack 








SSMA (OSSM) - The SSMA is a microminiature version of the SMA. It is 
also 50 Q and operates to 26.5 GHz with flexible cable or 40 GHz with 
semi-rigid cable. 








SSMA jack - BNC jack 
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SMC (OSMC) - The SMC (Sub-Miniature C) is a 50 Q or 75 QO connector 
that is smaller than the SMA. The connector can accept flexible cables with 
diameters of up to 3.17 mm (0.125 in.) for a frequency range of up to 
7-10 GHz. 





SMC Plug - SMA Jack 
(Some call this a SMC 
Jack, even though it has a 
female connector) 





SMB (OSMB) - The SMB is like the SMC except it uses quick disconnect 
instead of threaded fittings. It is a 50 / 75 Q connector which operates to 
4 GHz with a low reflection coefficient and is useable to 10 GHz. 





SMB Plug (above) 


<=. , (Was . . mm 


SMB Jack 











TNC (OST) - The TNC (Threaded Neill-Concelman or threaded Navy 
Connector) is merely a threaded BNC. The function of the thread is to stop 
radiation at higher frequencies, so that the connector can work at frequencies 
up to 12 GHz (to 18 GHz when using semi-rigid cable). It can be 50 or 
ISO: 


For size comparison here is a SMA plug - TNC plug 











; ; 
@ 


TNC Plug (above) 








TNC Jack 
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Type N (OSN) - The 50 or 75 Q Type N (Navy) connector was originally 
designed for military systems during World War II and is the most popular 
measurement connector for the frequency range of 1 to 11 GHz. The 
precision 50 Q APC-N and other manufacturers high frequency versions 
operate to 18 GHz. 





For size comparison here is a picture of Type N plug - TNC jack 





N Jack 














Note: Always rotate the movable coupling nut of the plug, not the cable or fixed connector, when 
mating connectors. Since the center pin is stationary with respect to the jack, rotating the jack puts torque on 
the center pin. With TNC and smaller connectors, the center pin will eventually break off. 


An approximate size comparison of these connectors is depicted below (not to scale). 








Lage ==—===— >= == === Medium ====—=====$====$==$=555555>> Small 
SC 7mm N TNC/BNC 3.5mm SMA 2.4mm SSMA SMC 


Figure 1 shows the frequency range of several connectors. 


Note: Just because connectors can be 
connected together, doesn't mean they 
will work properly with respect to power 
handling and frequency. 
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Figure 1. Frequency Range of Microwave Connectors. 
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POWER DIVIDERS AND DIRECTIONAL COUPLERS 


A directional coupler is a passive device 
which couples part of the transmission power by 
a known amount out through another port, often 
by using two transmission lines set close enough 
together such that energy passing through one is | p, Coupled Por Isolated Fort 
coupled to the other. As shown in Figure 1, the 
device has four ports: input, transmitted, coupled, 
and isolated. The term “main line” refers to the 
section between ports 1 and 2. On some Figure 1. Directional Coupler. 
directional couplers, the main line is designed for 
high power operation (large connectors), while the coupled port may use a small SMA connector. Often the 
isolated port is terminated with an internal or external matched load (typically 50 ohms). It should be pointed 
out that since the directional coupler is a linear device, the notations on Figure | are arbitrary. Any port can 
be the input, (as in Figure 3) which will result in the directly connected port being the transmitted port, 
adjacent port being the coupled port, and the diagonal port being the isolated port. 


A Input Port 





Physical considerations such as internal load on the isolated port will limit port operation. The 
coupled output from the directional coupler can be used to obtain the information (1.e., frequency and power 
level) on the signal without interrupting the main power flow in the system (except for a power reduction - see 
Figure 2). When the power coupled out to port three is half the input power (i.e., 3 dB below the input power 
level), the power on the main transmission line is also 3 dB below the input power and equals the coupled 
power. Such a coupler is referred to as a 90 degree hybrid, hybrid, or 3 dB coupler. The frequency range for 
coaxial couplers specified by manufacturers is that of the coupling arm. The main arm response is much 
wider (i.e., if the spec is 2-4 GHz, the main arm could operate at 1 or 5 GHz - see Figure 3). However it 
should be recognized that the coupled response is periodic with frequency. For example, a 4/4 coupled line 
coupler will have responses at nd/4 where n is an odd integer. 


Common properties desired for all directional couplers are wide operational bandwidth, high 
directivity, and a good impedance match at all ports when the other ports are terminated in matched loads. 
These performance characteristics of hybrid or non-hybrid directional couplers are self-explanatory. Some 
other general characteristics will be discussed below. 


COUPLING FACTOR 


The coupling factor is defined as: Coupling factor (dB) = - 10 log a 
; P) 


where P, is the input power at port | and P3 is the output power from the coupled port (see Figure 1). 


The coupling factor represents the primary property of a directional coupler. Coupling is not 
constant, but varies with frequency. While different designs may reduce the variance, a perfectly flat coupler 
theoretically cannot be built. Directional couplers are specified in terms of the coupling accuracy at the 
frequency band center. For example, a 10 dB coupling + 0.5 dB means that the directional coupler can have 
9.5 dB to 10.5 dB coupling at the frequency band center. The accuracy is due to dimensional tolerances that 
can be held for the spacing of the two coupled lines. Another coupling specification is frequency sensitivity. 
A larger frequency sensitivity will allow a larger frequency band of operation. Multiple quarter-wavelength 
coupling sections are used to obtain wide frequency bandwidth directional couplers. Typically this type of 
directional coupler is designed to a frequency bandwidth ratio and a maximum coupling ripple within the 
frequency band. For example a typical 2:1 frequency bandwidth coupler design that produces a 10 dB 
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coupling with a +0.1 dB ripple would, using the previous accuracy specification, be said to have 9.6+0.1 dB 
to 10.4+0.1 dB of coupling across the frequency range. 





























































































































LOSS 
In an ideal directional coupler, the er Ing eee wo 
main line loss port 1 to port 2 (P; - Pz) due a0 if 
to power coupled to the coupled output port 1.95 = 
is: 0.458 el 
0.0496 8 
Insertion loss (b)= 10109 1-2: renee 
1 











The actual directional coupler loss 
will be a combination of coupling loss, 
dielectric loss, conductor loss, and VSWR 
loss. Depending on the frequency range, 
coupling loss becomes less significant above 15 dB coupling where the other losses constitute the majority of 
the total loss. A graph of the theoretical insertion loss (dB) vs. coupling (dB) for a dissipationless coupler is 
shown in Figure 2. 


Figure 2. Coupling Insertion Loss. 


ISOLATION 


Isolation of a directional coupler can be defined as the difference in signal levels in dB between the 
input port and the isolated port when the two output ports are terminated by matched loads, or: 


Isolation (dB) = - 10 log aa) 
P; 


Isolation can also be defined between the two output ports. In this case, one of the output ports is 
used as the input; the other is considered the output port while the other two ports (input and isolated) are 
terminated by matched loads. 


Consequently: Jsolation (dB) = - 10 log Bs 
P 


2 


The isolation between the input and the isolated ports may be different from the isolation between the 
two output ports. For example, the isolation between ports 1 and 4 can be 30 dB while the isolation between 
ports 2 and 3 can be a different value such as 25 dB. If both isolation measurements are not available, they 
can assumed to be equal. If neither are available, an estimate of the isolation is the coupling plus return loss 
(see VSWR section). The isolation should be as high as possible. In actual couplers the isolated port is never 
completely isolated. Some RF power will always be present. Waveguide directional couplers will have the 
best isolation. 


6-4.2 


If isolation is high, directional couplers 
are excellent for combining signals to feed a 
single line to a receiver for two-tone receiver 
tests. In Figure 3, one signal enters port P; and at ee 
one enters port P», while both exit port P,. The Ps 
signal from port P; to port P, will experience 
10 dB of loss, and the signal from port P, to port 
P, will have 0.5 dB loss. The internal load on the 
isolated port will dissipate the signal losses from 
port P; and port P,. If the isolators in Figure 3 are 
neglected, the isolation measurement (port P, to ; 
port P;) determines the amount of power from the Figure 3. Two-Tone Receiver Tests. 
signal generator F, that will be injected into the 
signal generator F;. As the injection level increases, it may cause modulation of signal generator F,, or even 
injection phase locking. Because of the symmetry of the directional coupler, the reverse injection will happen 
with the same possible modulation problems of signal generator F, by F,. Therefore the isolators are used in 
Figure 3 to effectively increase the isolation (or directivity) of the directional coupler. Consequently the 
injection loss will be the isolation of the directional coupler plus the reverse isolation of the isolator. 





DIRECTIVITY 


Directivity is directly related to Isolation. It is defined as: 


Directivity (dB) =- 10 log £4.=- 10 log £4. + 10 log £2 
P 


3 P; P; 
where: P3 is the output power from the coupled port and P, is the power output from the isolated port. 


The directivity should be as high as possible. Waveguide directional couplers will have the best 
directivity. Directivity is not directly measurable, and is calculated from the isolation and coupling 
measurements as: 


Directivity (dB) = Isolation (dB) - Coupling (dB) 


HYBRIDS 


The hybrid coupler, or 3 dB directional coupler, in which the two outputs are of equal amplitude takes 
many forms. Not too long ago the quadrature (90 degree) 3 dB coupler with outputs 90 degrees out of phase 
was what came to mind when a hybrid coupler was mentioned. Now any matched 4-port with isolated arms 
and equal power division is called a hybrid or hybrid coupler. Today the characterizing feature is the phase 
difference of the outputs. If 90 degrees, it is a 90 degree hybrid. If 180 degrees, it is a 180 degree hybrid. 
Even the Wilkinson power divider which has 0 degrees phase difference is actually a hybrid although the 
fourth arm is normally imbedded. 


Applications of the hybrid include monopulse comparators, mixers, power combiners, dividers, 
modulators, and phased array radar antenna systems. 
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AMPLITUDE BALANCE 


This terminology defines the power difference in dB between the two output ports of a 3 dB hybrid. 
In an ideal hybrid circuit, the difference should be 0 dB. However, in a practical device the amplitude balance 
is frequency dependent and departs from the ideal 0 dB difference. 


PHASE BALANCE 


The phase difference between the two output ports of a hybrid coupler should be 0, 90, or 180 degrees 
depending on the type used. However, like amplitude balance, the phase difference is sensitive to the input 
frequency and typically will vary a few degrees. 


The phase properties of a 90 degree hybrid coupler can be used to great advantage in microwave 
circuits. For example in a balanced microwave amplifier the two input stages are fed through a hybrid 
coupler. The FET device normally has a very poor match and reflects much of the incident energy. However, 
since the devices are essentially identical the reflection coefficients from each device are equal. The reflected 
voltage from the FETs are in phase at the isolated port and are 180° different at the input port. Therefore, all 
of the reflected power from the FETs goes to the load at the isolated port and no power goes to the input port. 

This results in a good input match (low VSWR). 


If phase matched lines are used for an 
antenna input to a 180° hybrid coupler as shown 
in Figure 4, a null will occur directly between the 
antennas. If you want to receive a signal in that 
position, you would have to either change the 
hybrid type or line length. If you want to reject a 


signal from a given direction, or create the 
difference pattern for a monopulse radar, this is a o= 190° 
good approach. 


Sum Oifference 





Figure 4. Balanced Antenna Input. 
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OTHER POWER DIVIDERS 


Both in-phase (Wilkinson) and quadrature (90°) 
hybrid couplers may be used for coherent power divider 
applications. The Wilkinson’s power divider has low 
VSWR at all ports and high isolation between output ports. 
The input and output impedances at each port is designed to 
be equal to the characteristic impedance of the microwave 
system. A typical power divider is shown in Figure 5. 
Ideally, input power would be divided equally between the 
output ports. Dividers are made up of multiple couplers, 
and like couplers, may be reversed and used as multiplexers. 
The drawback is that for a four channel multiplexer, the 
output consists of only 1/4 the power from each, and is 
relatively inefficient. Lossless multiplexing can only be Figure 5. Power Divider. 
done with filter networks. 





Coherent power division was first accomplished by means of simple Tee junctions. At microwave 
frequencies, waveguide tees have two possible forms - the H-Plane or the E-Plane. These two junctions split 
power equally, but because of the different field configurations at the junction, the electric fields at the output 
arms are in-phase for the H-Plane tee and are anti-phase for the E-Plane tee. The combination of these two 
tees to form a hybrid tee allowed the realization of a four-port component which could perform the vector sum 
(x) and difference (A) of two coherent microwave signals. This device is known as the magic tee. 


POWER COMBINERS 


Since hybrid circuits are bi-directional, they can be used to split up a signal to feed multiple low 
power amplifiers, then recombine to feed a single antenna with high power as shown in Figure 6. This 
approach allows the use of numerous less expensive and lower power amplifiers in the circuitry instead of a 
single high power TWT. Yet another approach is to have each solid state amplifier (SSA) feed an antenna 
and let the power be combined in space or be used to feed a lens which is attached to an antenna. (See 
Section 3-4.) 
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Figure 6. Combiner Network. 


Sample Problem: 


If two | watt peak unmodulated RF carrier signals at 10 GHz are received, how much peak power 
could one measure? 


A. 0 watts The phase enor could be due toa hybrid being used to combine the same signal received from two aircraft antennas. 





B. 0.5 watts 


C. | watt 





D. 2 watts 


E. All of these 


The answer is all 
of these as shown 


Any other phase relations hip will produce a 
signal somewhere batween O and 2 watts. 
This showe signal thatara go" out of phase. 


in Figure 7. If 180" outot phasa, signalscancal If in phase, the signals add, so 
and there is zem watts reamaived thera would be 2 watts resaived 





Figure 7. Sine Waves Combined Using Various Phase Relationships. 


6-4.6 


ATTENUATORS / FILTERS / DC BLOCKS 
ATTENUATORS 


An attenuator is a passive microwave component which, when inserted in the signal path ofa system, 
reduces the signal by a specified amount. They normally possess a low VSWR which makes them ideal for 
reducing load VSWR in order to reduce measurement uncertainties. They are sometimes used simply to 
absorb power, either to reduce it to a measurable level, or in the case of receivers to establish an exact level to 
prevent overload of following stages. 


Attenuators are classified as either fixed or variable and either reflective or non-reflective. The fixed 
and variable attenuators are available in both waveguide and coaxial systems. Most of the receivers under 
20 GHz use coaxial type attenuators. 


FIXED 


The performance characteristics of a fixed attenuator are: 


1. input and output impedances 
2. flatness with frequency 
3. average and peak power handling capability 
4. temperature dependence 
VARIABLE 


The variable attenuator can be subdivided into two kinds: step attenuator and continuously variable 
attenuator. In a step attenuator, the attenuation is changed in steps such as 10 dB, | dB or 0.5 dB. Ina 
continuously variable attenuator, the attenuation is changed continuously and a dial is usually available to 
read the attenuation either directly or indirectly from a calibration chart. 


For a variable attenuator, additional characteristics should be considered, such as: 


1. amount or range of attenuations 

2. insertion loss in the minimum attenuation position 

3. incremental attenuation for step attenuator 

4. accuracy of attenuation versus attenuator setting 

5. attenuator switching speed and switching noise. 
REFLECTIVE 


A reflective attenuator reflects some portion of the input power back to the driving source. The 
amount reflected is a function of the attenuation level. When PIN diodes are zero or reverse biased, they 
appear as open circuits when shunting a transmission line. This permits most of the RF input power to travel 
to the RF output. When they are forward biased, they absorb some input, but simultaneously reflect some 
back to the input port. At high bias current, most RF will be reflected back to the input resulting in a high 
input VSWR and high attenuation. 
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ABSORPTIVE 


The VSWR of a non-reflective (absorptive) PIN diode attenuator remains good at any attenuation 
level (bias state). This is accomplished by configuring the diodes in the form of a Pi network that remains 
matched for any bias state or by use of a 90° hybrid coupler to cancel the waves reflected to the input 
connector. 


MICROWAVE FILTERS 


INTRODUCTION 


Microwave filters are one of the most important components in receivers. The main functions of the 
filters are: (1) to reject undesirable signals outside the filter pass band and (2) to separate or combine signals 
according to their frequency. A good example for the latter application is the channelized receiver in which 
banks of filters are used to separate input signals. Sometimes filters are also used for impedance matching. 
Filters are almost always used before and after a mixer to reduce spurious signals due to image frequencies, 
local oscillator feedthrough, and out-of-frequency band noise and signals. There are many books which are 
devoted to filter designs. There are many kinds of filters used in microwave receivers, so it is impossible to 
cover all of them. 


If a filter is needed on the output of a jammer, it is desirable to place it approximately half way 
between the jammer and antenna vs. adjacent to either. The transmission line attenuation improves the 
VSWR of the filter at the transmitter. This may allow use of a less expensive filter, or use ofa reflective filter 
vs. an absorptive filter. 


A filter is a two-port network which will pass and reject signals according to their frequencies. There 
are four kinds of filters according to their frequency selectivities. In the examples that follow, f, = low 
frequency, fy = medium frequency, and fy = high frequency. Their names reflect their characteristics, and 
they are: 


1. A low-pass filter which passes the low frequency signals below a predetermined value as shown 


in Figure 1. 
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Figure 1. Low-Pass Filter. 
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2. A high-pass filter which passes the high frequency signals above a predetermined value as in 
Figure 2. 
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Figure 2. High-Pass Filter. 


3. A band-pass filter which passes signals between two predetermined frequencies as shown in 
Figure 3. 
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Figure 3. Band-Pass Filter. 


A band-pass filter with different skirt slopes on the two sides of the pass band is sometimes referred 
to as an asymmetrical filter. In this filter the sharpness of the rejection band attenuation is significantly 
different above and below the center frequency. One additional note regarding band-pass filters or filters in 
general, their performance should always be checked in the out-of-band regions to determine whether or not 
they possess spurious responses. In particular they should be checked at harmonics of the operating 
frequency. 


4. A band reject filter (sometimes referred to as a bandstop or notch filter) which rejects signals 
between two predetermined frequencies such as high power signals from the aircraft’s own radar 
as shown in Figure 4. 
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Figure 4. Band-Reject Filter. 


In general, filters at microwave frequencies are composed of resonate transmission lines or waveguide 
cavities that, when combined, reflect the signal power outside the filter frequency pass band and provide a 
good VSWR and low loss within the frequency pass band. As such, specifications for filters are maximum 
frequency, pass band loss, VSWR, and rejection level at a frequency outside of the pass band. The trade-offs 
for filters are a higher rejection for a fixed frequency pass band or a larger frequency pass band for a fixed 
rejection, which requires a filter with more resonators, which produce higher loss, more complexity, and 
larger size. 


DC BLOCKS 





DC Blocks are special connectors which have a capacitor 
(high pass filter) built into the device. There are three basic types: 


1. INSIDE - The high pass filter is in series with the 
center conductor as shown in Figure 5. DC is blocked 
on the center conductor. 





Figure 5. Inside DC Block. 
2. OUTSIDE - The high pass filter is in series with the 
cable shield as shown in Figure 6. 


3. INSIDE/OUTSIDE - A high pass arrangement is connected to both the inner and outer 
conductors. 


DC Blocks are ideal for filtering DC, 60 Hz, and 400 Hz from the RF line. 


In general, capacitors with a large value of capacitance do 
not have the least loss at microwave frequencies. Also, since 
capacitance is proportional to size, a large size produces more 
capacitance with more inductance. Because of these reasons, D.C. 
blocks are typically available with a high pass frequency band 
starting in the region of 0.1 to 1 GHz. 





Figure 6. Outside DC Block. 


6-5.4 


TERMINATIONS / DUMMY LOADS 


A termination is a one-port device with an impedance that matches the characteristic impedance of a 
given transmission line. It is attached to a certain terminal or port of a device to absorb the power transmitted 
to that terminal or to establish a reference impedance at that terminal. Important parameters of a termination 
are its VSWR and power handling capacity. In a receiver, terminations are usually placed at various 
unconnected ports of components such as hybrid and power dividers to keep the VSWR of the signal path 
low. It is extremely important that the isolated port in a directional coupler and the unused port of a power 
divider (i.e., only three ports of a four-way power divider are used) be properly terminated. All of the design 
considerations of directional couplers and power dividers are based on the fact that all ports are terminated 
with matched loads. Ifan unused port is not properly terminated, then the isolation between the output ports 
will be reduced which may severely degrade the performance of the receiver. 


A termination is the terminology used to refer to a low power, single terminal device intended to 
terminate a transmission line. Similar devices designed to accommodate high power are generally termed 
dummy loads. 


TERMINATIONS 


Terminations are employed to terminate unconnected ports on devices when measurements are being 
performed. They are useful as dummy antennas and as terminal loads for impedance measurements of 
transmission devices such as filters and attenuators. 


The resistive elements in most terminations are especially fabricated for use at microwave 
frequencies. Two types are commonly employed: (1) resistive film elements, and (2) molded resistive tapers. 
The resistive film is very thin compared to the skin depth and normally very short relative to wavelength at 
the highest operating frequency. The molded taper consists of a dissipative material evenly dispersed in a 
properly cured dielectric medium. Both forms of resistive elements provide compact, rugged terminations 
suitable for the most severe environmental conditions with laboratory stability and accuracy. 


Terminations should be properly matched to the characteristic impedance of a transmission line. The 
termination characteristics of primary concern are: 


a. operating frequency range d. VSWR 
b. average power handling capability e. size 
c. operating temperature range f. weight 


Many microwave systems employ directional couplers which require terminations on at least one 
port, and most have various modes of operation or test where terminations are needed on certain terminals. 


A matched termination of a generalized transmission line is ideally represented by an infinite length 
of that line having small, but non-zero loss per unit length so that all incident energy is absorbed and none is 
reflected. 


Standard mismatches are useful as standards of reflection in calibrating reflectometer setups and other 


impedance measuring equipment. They are also used during testing to simulate specific mismatches which 
would be encountered on the terminals of components once the component is installed in the actual system. 
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The following table shows common mismatches with the impedance that can provide the mismatch. 


Common Mismatches (Zo = 50 Q) 
Z, (higher) Z, (lower) 
50 Q (matched) 50 Q (matched) 


oye 62.5 Q 
S054 33.3 Q 





DUMMY LOADS 


A dummy load is a high power one port device intended to terminate a transmission line. They are 
primarily employed to test high power microwave systems at full power capacity. Low power coaxial loads 
are generally termed terminations and typically handle one watt or less. 


Most radars or communications systems have a dummy load integrated into them to provide a non- 
radiating or EMCON mode of operation, or for testing (maintenance). 


Three types of dissipative material are frequently employed in dummy loads: (1) lossy plastic, 
(2) refractory, and (3) water. 


The lossy plastic consists of particles of lossy material suspended in plastic medium. This material 
may be designed to provide various attenuations per unit length but is limited as to operating temperature. It 
is employed primarily for low power applications. 


The refractory material is a rugged substance that may be operated at temperatures up to 1600°F. It is 
virtually incapable of being machined by ordinary means but is often fabricated through diamond wheel 
grinding processes. Otherwise material must be fired in finished form. Such material is employed in most 
high power applications. 


The dissipative properties of water are also employed for dummy load applications. Energy from the 
guide is coupled through a leaky wall to the water which flows alongside the main guide. Water loads are 
employed for extremely high power and calorimetric applications. 


While dummy loads can operate over full waveguide bands, generally a more economical unit can be 
manufactured for use over narrower frequency ranges. 


The power rating of a dummy load is a complex function dependent upon many parameters, including 
average and peak power, guide pressure, external temperature, guide size, air flow, and availability of 
auxiliary coolant. The average and peak powers are interrelated in that the peak power capacity is a function 
of the operating temperature which in turn is a function of the average power. 


6-6.2 


CIRCULATORS AND DIPLEXERS 


A microwave circulator is a nonreciprocal ferrite device 
which contains three or more ports. The input from port n will come 
out at port n + | but not out at any other port. A three-port ferrite 
junction circulator, usually called the Y-junction circulator, is most 
commonly used. They are available in either rectangular waveguide 
or strip- line forms. The signal flow in the three-port circulator is 
assumed as 12, 2-43, and 3-41 as shown in Figure 1. 


If port 1 is the input, then the signal will come out of port 2; 
in an ideal situation, no signal should come out of port 3 which is 
called the isolated port. The insertion loss of the circulator is the 
loss from 1 to 2, while the loss from | to 3 is referred to as isolation. 
A typical circulator will have a few tenths of a dB insertion loss 
from port | to 2 and 20 dB of isolation from port | to 3 for coaxial 
circulators (30 dB or more for waveguide circulators). When the 
input is port 2, the signal will come out of port 3 and port | is the 
isolated port. Similar discussions can be applied to port 3. 


2 


Figure 1. Symbolic Expression for a 
Y-Junction Circulator. 


Since circulators contain magnets, they should not be mounted near ferrous metals 
since the close proximity of metals like iron can change the frequency response. 


As shown in Figure 2, if one port of a circulator is 
loaded, it becomes an isolator, i.e., power will pass from ports 
one to two, but power reflected back from port two will go to 
the load at port three versus going back to port one. 


As shown in Figure 3 this circulator is made into a 
diplexer by adding a high pass filter to port two. Frequencies 
from port one that are below 10 GHz will be reflected by port 
two. Frequencies above 10 GHz will pass through port two. At 
the 10 GHz crossover frequency of the diplexer, a 10 GHz signal 
will be passed to both ports two and three but will be half 
power at each port. Diplexers or triplexers (one input and three 
output bands), must be specifically designed for the application. 
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Figure 2. Isolator From A Circulator. 
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Figure 3. Diplexer From A Circulator. 


Another useful 
device is the 4-port Faraday 
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symbolically in Figure 4. 
These waveguide devices 
handle very high power and 
provide excellent isolation 
properties. It is useful when 
measurements must be made 
during high power 
application as shown. A 
water load is used to absorb 
the high power reflections 
so that a reasonable power 
level is reflected to the 
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Power toa. Wieasarement Figure 4. Faraday Rotator Circulator. 


Device - The ideal input to a 
measurement device is in the 0 to 10 dBm (1 to 10 mW) range. Check manufacturer’s specification for 
specific maximum value. 





If the RF transmission lines and_ their 
components (antenna, hybrid, etc.) can support the 
wider frequency range, circulators could be used to 
increase the number of interconnecting RF ports from 
two as shown in Figure 5, to four as shown in Figure 6. 
Figure 7 shows an alternate configuration using 
diplexers which could actually be made from circulators 
as shown previously in Figure 3. 
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Figure 7. Alternate Low/High Band 


Figure 6. Low/High Band Configuration. Configuration, 
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MIXERS AND FREQUENCY DISCRIMINATORS 


Mixers are used to convert a signal from one frequency to another. This is done by combining the 
original RF signal with a local oscillator (LO) signal in a non-linear device such as a Schottky-barrier diode. 


The output spectrum includes: 


The original inputs, LO and RF 

All higher order harmonics of LO and RF 

The two primary sidebands, LO + RF (m,n = 1) 

All higher order products of mLO + nRF (where m,n are integers) 
A DC output level 








The desired output frequency, commonly called the intermediate frequency (IF), can be either the 
lower (LO-RF) or upper (LO+RF) sideband. When a mixer is used as a down converter, the lower sideband is 
the sideband of interest. 


A microwave balanced mixer makes use of the 3 dB hybrid to divide and recombine the RF and LO 
inputs to two mixing diodes. The 3 dB hybrid can be either the 90° or 180° type. Each has certain 
advantages which will be covered later. The critical requirement is that the LO and RF signals be distributed 
uniformly (balanced) to each mixer diode. 


Figure | is a typical balanced mixer block diagram. The mixer diodes are reversed relative to each 
other; the desired frequency (IF) components of each diode are then in-phase while the DC outputs are 
positive and negative respectively. 


The two diode outputs are summed in a tee where the DC terms cancel and only the desired IF 
component exists at the IF port. 
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Figure 1. Mixer Block Diagram. 
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Other types of mixers exist, including the double-balanced mixer, and the Ortho-Quad® (quadrature 
fed dual) mixer. The relative advantages and disadvantages of each of the four types are summarized in 
Table 1. 


Table 1. Mixer Comparison. 


90° Hybrid 


180° Hybrid 
Double- poor low Very good | very good high extremely 
Balanced -excellent wide 


Orino Quad 





NOTES: 
(1) Poor = 2.5:1 typical; Good = 1.3:1 typical 
(2) Conversion loss: lowest: 5-7 dB typical; Low 7-9 dB typical 
(3) Poor: 10 dB typical; Good: 20 dB typical; Very Good: 25-30 dB typical; Excellent: 35-40 dB typical 
(4) Poor: partial rejection of LO/RF even harmonics 
Fair: slightly better 
Good: can reject all LO even harmonics 
Very Good: can reject all LO and RF even harmonics 





Used in various circuits, mixers can act as modulators, phase detectors, and frequency discriminators. 


The phase discriminators can serve as a signal processing network for systems designed to monitor 
bearing, polarization, and frequency of AM or FM radiated signals. 


A frequency discriminator Delay Line 

uses a phase discriminator and adds a of time T Differential 
power divider and delay line at the Amplifiers 
RF input as shown in Figure 2. The —f> 
unknown RF signal “A” is divided ae “A - : ae Phase eee 
between a reference and delay path. Aree ecu mmnera —>P cosa 
The differential delay (T) creates a 
phase difference (0) between the two 
signals which is a linear function of 
frequency (f) and is given by 8 = 
2nfT. 





Figure 2. Frequency Discriminator. 


When the two output signals are fed to the horizontal and vertical input of an oscilloscope, the 
resultant display angle will be a direct function of frequency. 


DETECTORS 


A detector is used in receiver circuits 
to recognize the presence of signals. Typically 
a diode or similar device is used as a detector. 
Since this type of detector is unable to 
distinguish frequency, they may be preceded 
by a narrow band-pass filter. 





A typical simplistic circuit is shown in 


ere |. Figure 1. Typical Diode Detector Circuit. 


To integrate a pulse radar signal, we can add 
capacitance to the circuit in parallel with the output 
load R, to store energy and decrease the bleed rate. 
Figure 2 shows a typical input/output waveform 
which detects the envelope of the pulse radar signal. 
From this information pulse width and PRF 
characteristics can be determined for the RWR UDF 
comparison. 
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Figure 2. Demodulated Envelope Output. 


Square Law 
When the diode is reverse biased, very little __y Aegion 

current passes through unless the reverse breakdown 
voltage is exceeded. When forward biased and after 
exceeding the cut-in voltage, the diode begins to 
conduct as shown in Figure 3. At low voltages, it first 
operates in a square law region. Detectors operating in 
this region are known as small signal type. If the 
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voltage is higher, the detector operates in a linear paves scl » 


region, and is known as the large signal type. 








Figure 3. Diode Electrical Characteristics. 
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The power/voltage characteristics for a typical 
diode detector is shown in Figure 4. 
Linear 
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In the square law region, the output voltage V, 
is proportional to the square of the input voltage Vi, 
thus V, is proportional to the input power. 
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Figure 4. Diode Power/Voltage Characteristic. 


Linear Detector 


In the linear detection region, the output voltage is given by: 


V, = mV; and since P=V7/R, Poe “Ve 
Where m is the constant of proportionality 


Log Detector Amplifier 





Another type of detector arrangement is the 
Log detector amplifier circuit shown in Figure 5. It is 
formed by using a series of amplifiers and diode 
detectors. Due to the nature of the amplifier/diode 
characteristics, the output voltage is related to the 
power by: 








P, oc 1gPve*s Figure 5. Log Detector. 
Where p and q are constants of proportionality 


The Log detector has good range, but is hampered by large size when compared to a single diode 
detector. 


Pulse Width Measurements 

If the pulse width of a signal was specified at the one-half power point, the measurements of the 
detected signal on an oscilloscope would vary according to the region of diode operation. If the region of 
operation is unknown, a 3 dB attenuator should be inserted in the measurement line. This will cause the 
power to decrease by one-half. The (temporary) peak amplitude on the oscilloscope becomes the amplitude 


reference point for measuring the pulse width when the external 3 dB attenuator is removed. 


These voltage levels for half power using the three types of detectors are shown in Table 1. 
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Table 1. Detector Characteristics. 


SS eee) ee ee SS 


Output Voltage When 
Input Power is A very small value. 
P 0.5 Vin 0.707 Vin ~ 0.15 Vin for typical 
reduced by Half (3 . 
dB) 5 stage log amplifier 


Poorest sensitivity 
Greatest dynamic range 
(to 80 dB) 


Sensitivity & Good sensitivity Less sensitivity 
Dynamic Range Small dynamic range | Greater dynamic range 





Also see the Microwave Measurements section subsection entitled “(Half Power or 3 dB Measurement Point.” 
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RF / MICROWAVE AMPLIFIERS 


An amplifier is one of the most essential and ubiquitous elements in modern RF and microwave 
systems. Fundamentally, an amplifier is a type of electronic circuit used to convert low-power signals into 
ones of significant power. The specific requirements for amplification are as varied as the systems where they 
are used. Amplifiers are realized using a wide range of different technologies, and are available in many form 
factors. While the performance of an amplifier can be measured by wide range of attributes, several important 
ones include: gain, power added efficiency (PAE), input and output return loss, 1-dB compression point 
(Pius), Stability, linearity, intermodulation distortion, and noise figure. 


Traveling Wave Tubes (TWTs) 





A traveling-wave tube (TWT) is a specialized vacuum tube used in electronics to amplify radio 
frequency (RF) signals to very high power. A TWT is a component of an electronic assembly known as a 
traveling-wave tube amplifier (TWTA), often pronounced “Tweet-uh.” While trades between these 
parameters exist, modern TWTAs are capable of providing very high gains (>50 dB), multiple octaves of 
bandwidth, high efficiency, and output powers that range from tens to thousands of watts. Pulsed TWTAs 
can reach even higher output powers. Figure | presents a simplified diagram of a helix-type TWT. 





1 2 3 4 567 8 














Figure 1. Cutaway view of a helix TWT. 
(1) Electron gun; (2) RF input; (3) Magnets; (4) Attenuator; 
(5) Helix coil; (6) RF output; (7) Vacuum tube; (8) Collector. 
Reproduced from Wikipedia. 


The device is an elongated vacuum tube with an electron gun (a heated cathode that emits electrons) 
at one end. A solenoid coil wrapped around the tube creates a magnetic field which focuses the electrons into 
a beam, which then passes down the middle of a wire helix that stretches the length of the tube, finally 
striking a collector at the other end. An input signal is coupled into the helix near the emitter, is amplified by 
the electron beam as it travels down the length of the tube, and the amplified signal is coupled to an external 
port near the collector. 
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The helix, which acts as a RF transmission line, delays the signal to near the same propagation speed 
as the electron beam. The speed at which the electromagnetic wave travels down the tube can be varied by 
changing the number or diameter of the turns in the helix. While propagating along the tube, the EM wave 
interacts with the electron beam. Since the electromagnetic wave effectively propagates slower than the 
electron beam, the electrons “bunch up” and modulate the input signal, giving up energy in the process - an 
effect known as velocity modulation. Thus, the traveling wave progressively grows in amplitude as it 
propagates down the tube towards the collector. 


Figure 2 features a photo of a high voltage power supply and TWT. 





Figure 2. TWTA Including High Voltage Power Supply (top) and TWT (bottom). 


Historically, TWTAs have been used in satellite transponders, radars, and in electronic warfare and 
self-protection systems. Recently, with the advent of wideband, high power solid-state amplifier solutions, 
however, TWTAs are slowly being replaced due to the higher reliability of their solid state counterparts. 


Microwave Power Modules (MPMs) 





A Microwave Power Module (MPM) is a hybrid solution between solid-state and vacuum tube 
electronics, which aims to take advantage of the best features of both technologies. They feature a solid-state 
pre-amplifier, miniaturized TWTA, and a high-density power supply, all integrated into a unit much more 
compact and lightweight than the traditional TWTA. While MPMs generally don’t provide as much power as 
their larger TWTA counterparts, their lighter weight, compact form factor, and relaxed power supply 
requirements (often 28 VDC or 270 VDC) enable use in applications where a TWTA would not be possible. 


Similar to TWTAs, MPMs are capable of providing very high gains (>50 dB), multiple octaves of 


bandwidth, high efficiency. Typical power levels range from tens to hundreds of watts, with ~1 kW 
capability for pulsed MPMs. 
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Figure 3. 40W Ka-band MPM With Components Identified. 
Image from JEEE Magazine, December 2009, page 42. 


They have found applications in phased array antennas, lower-power radar transmitters, satellite 
communications, EW systems, and UAVs. 


Solid State 


Solid-state electronics, including amplifiers, are built entirely from solid materials and in which the 
electrons, or other charge carriers, are confined entirely within the solid material. The building material is 
most often a crystalline semiconductor. Solid-state power amplifiers, or SSPAs, are fabricated on many 
different semiconductor technologies, some of which include GaAs, GaN, InP, SiGe, CMOS. A photo of a 
GaN SSPA is presented in Figure 4. 





Figure 4. Typical SSPA. Note the GaN die and external impedance matching networks. 
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In general, SSPAs are heralded as having a higher reliability than TWTAs. While high power SSPAs 
are available on the market, achieving high efficiency has been a challenge as many amplifier stages often 
need to be combined to meet to achieve power levels in the tens to hundreds of watts. Multi-stage designs 
increase size, weight, and power (SWAP) and decrease PAE (due to ohmic losses in the combining networks), 
which is one reason why TWTs and MPMs still provide excellent alternatives for medium to high power 


applications. 


Below is a table that attempts to compare and contrast different solid-state technologies in the context 
of microwave networks and amplifiers. It is by no means complete, but provides a general overview. 


Table 1. Comparison Between Different Semiconductor Process Technologies. 














Not a good overall microwave 























frequency, wide bandwidth PAs 
Can operate hotter than GaAs, Si, or 
SiGe 





Silicon e Cheapest substrate due to CPU substrate 
p 
variants industry e Results in lossy, high noise figure, low 
(CMOS, e Can be fabricated with nanometer power components 
SiGe) accuracy e Crystal is fragile 
e Junction temperatures limited to ~110C 
e High performance at low voltage e Less mature, “niche” fabrication 
Indium e Good thermal stability houses 
Phosphide |e Results in high efficiency PAs, e Brittle, fragile material 
Variants particularly at lower operating voltage | e Higher cost than GaAs 
(InP/InGaP) |e Extremely low noise figure e Low breakdown voltage — not good for 
e Useful through W-band and beyond high power 
e Most mature, widespread technology 
e Many transistor variants (MESFET, 
. PHEMT, MHEMT, HBT, etc) : : : 
Gallium . ate e High noise figure, Noise figure and 
: e = High reliability 
Arsenide ; - power performance 
: e Fairly low cost (but more than silicon) : ; 
variants : e Difficult to summarize - depends on 
(GaAs) e Great microwave substrate fieanestedepeaieed 
e Low loss, high ¢,. YP 
e 16-20V breakdown possible 
e Junction temperatures up to 150C 
Up to 10x the power density of GaAs 
e High breakdown voltage (100V e Currently more expensive than GaAs, 
Galina possible) but costs are decreasing 
Nitride (GaN) | ° Results in high efficiency, high e Difficult to fabricate 


High power density leads to thermal 
challenges 
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SIGNAL GENERATION 


Signal generators, also known variously as function generators, RF and microwave signal generators, 
pitch generators, arbitrary waveform generators, digital pattern generators or frequency generators are 
electronic devices that generate repeating or non-repeating electronic signals (in either the analog or digital 
domains). They are generally used in designing, testing, troubleshooting, and repairing electronic or electro- 
acoustic devices; though they often have artistic uses as well. 


There are many different types of signal generators, with different purposes and applications (and 
at varying levels of expense); in general, no device is suitable for all possible applications. 


Analog Signal Generators 





RF signal generators are 
capable of producing CW (continuous 
wave) tones. The output frequency can 
usually be tuned anywhere in their 
frequency range. Many models offer 
various types of analog modulation, 
either as standard equipment or as an 
optional capability to the base unit. 
This could include AM, FM, ®M 
(phase modulation) and _ pulse 
modulation. Another common feature 
is a built-in attenuator which makes it possible to vary the signal’s output power. Depending on the 
manufacturer and model, output powers can range from -135 to +30 dBm. A wide range of output power is 
desirable, since different applications require different amounts of signal power. For example, if a signal has 
to travel through a very long cable out to an antenna, a high output signal may be needed to overcome the 
losses through the cable and still have sufficient power at the antenna. But when testing receiver sensitivity, a 
low signal level is required to see how the receiver behaves under low signal-to-noise conditions. 





RF signal generators are required for servicing and setting up analog radio receivers, and are used for 
professional RF applications. 


Arbitrary Waveform Generator 





An arbitrary waveform generator (AWG) is a piece of electronic test equipment used to generate 
electrical waveforms. These waveforms can be either repetitive or single-shot (once only) in which case some 
kind of triggering source is required (internal or external). The resulting waveforms can be injected into a 
device under test and analyzed as they progress through the device, confirming the proper operation of the 
device or pinpointing a fault in the device. 


Unlike function generators, AWGs can generate any arbitrarily defined wave shape as their output. 
The waveform is usually defined as a series of “waypoints” (specific voltage targets occurring at specific 
times along the waveform) and the AWG can either jump to those levels or use any of several methods to 
interpolate between those levels. 
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Because AWGs synthesize the waveforms using (baseband) digital signal processing techniques, their 
maximum frequency is usually limited to no more than a few gigahertz (~10 GHz being the latest state-of-the- 
art in 2012). 


A major difficulty in generating non-repetitive waveforms at higher frequencies with AWGs is the 
large amount of data required to describe high-frequency baseband signals. For example, a 20 gigasample/sec 
arbitrary waveform with 8 bits of resolution requires 20 GB of data to represent every | second of signal, 
regardless of that signal’s nature. Generating such large digital data streams and delivering them to the DAC 
in the AWG is an increasingly difficult problem as DAC upper frequencies continue to grow. 


AWGs, like most signal generators, may also contain an attenuator, various means of modulating the 
output waveform, and often contain the ability to automatically and repetitively “sweep” the frequency of the 
output waveform (by means of a voltage-controlled oscillator) between two operator-determined limits. This 
capability makes it very easy to evaluate the frequency response of a given electronic circuit. 


AWGs can operate as conventional function generators. These would include standard waveforms 
such as sine, square, ramp, triangle, noise, and pulse. Some units include additional built-in waveforms such 
as exponential rise and fall times, sinx/x, cardiac. Some AWGs allow users to retrieve waveforms from a 
number of digital and mixed-signal oscilloscopes. Some AWGs may display a graph of the waveform on 
their screen - a graph mode. Some AWGs have the ability to generate a pattern of words from multiple bit 
output connector to simulate data transmission, combining the properties of both AWGs and digital pattern 
generators. 


One feature of direct digital synthesizer (DDS) based arbitrary waveform generators is that their 
digital nature allows multiple channels to be operated with precisely controlled phase offsets or ratio-related 
frequencies. This allows the generation of polyphase sine waves, I-Q constellations, or simulation of signals 
from geared mechanical systems such as jet engines. Complex channel-channel modulations are also 
possible. 


Vector Signal Generators 





Modern vector signal generators 
can be seen as a hybrid of the arbitrary 
waveform generator and the analog 6 LS 
signal generator, combining a lower- —— 
bandwidth AWG _~ with analog 
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frequency typically). 


With the advent of digital 
communications systems, it is no longer 
possible to adequately test these systems with traditional analog signal generators. This has led to the 
development of vector signal generators, also known as digital signal generators. These signal generators are 
capable of generating digitally-modulated radio signals that may use any of a large number of digital 
modulation formats such as QAM, QPSK, FSK, BPSK, and OFDM. In addition, since modern commercial 
digital communication systems are almost all based on well-defined industry standards, many vector signal 


6-11.2 


generators can generate signals based on these standards. Examples include GSM, W-CDMA (UMTS), 
CDMA2000, LTE, Wi-Fi (IEEE 802.11), and WiMAX (IEEE 802.16). In contrast, military communication 
systems such as JTRS, which place a great deal of importance on robustness and information security, 
typically use very proprietary methods. To test these types of communication systems, users will often create 
their own custom waveforms and download them into the vector signal generator to create the desired test 
signal. 
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DIGITAL SIGNAL PROCESSING COMPONENTS 


The goal of DSP is usually to measure, filter and/or compress continuous real-world analog signals. 
The first step is usually to convert the signal from an analog to a digital form, by sampling and then digitizing 
it using an analog-to-digital converter (ADC), which turns the analog signal into a stream of numbers. 
However, often, the required output signal is another analog output signal, which requires a digital-to-analog 
converter (DAC). Even if this process is more complex than analog processing and has a discrete value range, 
the application of computational power to digital signal processing allows for many advantages over analog 
processing in many applications, such as error detection and correction in transmission as well as data 
compression. With the increasing bandwidth and dynamic range of ADC and digital components, common 
analog RF signal processing operations such as filtering, threshold detection, and pulse compression are being 
carried out in the digital domain. Additionally new capabilities such as synthetic aperture radar (SAR), digital 
RF memory (DRFM), and space-time adaptive processing (STAP) are wholly enabled by the increasing 
power of digital processing components. 


Analog-to-Digital Converter 


An analog-to-digital converter (abbreviated ADC, A/D or A to D) is a device that converts a 
continuous quantity to a discrete time digital representation. An ADC may also provide an isolated 
measurement. The reverse operation is performed by a digital-to-analog converter (DAC). 


Typically, an ADC is an electronic device that converts an input analog voltage or current to a digital 
number proportional to the magnitude of the voltage or current. However, some non-electronic or only 
partially electronic devices, such as rotary encoders, can also be considered ADCs. 


Resolution 


The resolution of the converter indicates the number of discrete values it can produce over the range 
of analog values. The values are usually stored electronically in binary form, so the resolution is usually 
expressed in bits. In consequence, the number of discrete values available, or “levels,” is a power of two. For 
example, an ADC with a resolution of 8 bits can encode an analog input to one in 256 different levels, since 
2° = 256. The values can represent the ranges from 0 to 255 (i.e. unsigned integer) or from —128 to 127 
(1.e., signed integer), depending on the application. 


Resolution can also be defined electrically, and expressed in volts. The minimum change in voltage 
required to guarantee a change in the output code level is called the least significant bit (LSB) voltage. The 


resolution Q of the ADC is equal to the LSB voltage. The voltage resolution of an ADC is equal to its overall 
voltage measurement range divided by the number of discrete values: 


Ersr 
=r 


where M is the ADC’s resolution in bits and Egsp is the full scale voltage range (also called ‘span’). 
Egsr iS given by 


Ersa ™ Prep — Vi reftow 
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where Vem and Veerow are the upper and lower extremes, respectively, of the voltages that can be coded. 


Normally, the number of voltage intervals is given by 
Ne 2¥ 4 
where M is the ADC’s resolution in bits. 
That is, one voltage interval is assigned in between two consecutive code levels. 


A typical 3 bit (2° = 8-level) coding scheme is depicted in Figure 1. 
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Figure 1. An 8-level (3 bit) ADC Coding Scheme. 


Example: 


Assume input signal x(t) = A cos(t), A=5V 

Full scale measurement range = -5 to 5 volts 

ADC resolution is 8 bits: 2* - 1 = 256 - 1 = 255 quantization levels (codes) 

ADC voltage resolution, Q =(5 V — [-5] V) / 255 = 10 V/ 255 ~ 0.039 V = 39 mV. 


In practice, the useful resolution of a converter is limited by the best signal-to-noise ratio (SNR) that 
can be achieved for a digitized signal. An ADC can resolve a signal to only a certain number of bits of 
resolution, called the effective number of bits (ENOB). One effective bit of resolution changes the signal-to- 
noise ratio of the digitized signal by 6 dB, if the resolution is limited by the ADC. Ifa preamplifier has been 
used prior to A/D conversion, the noise introduced by the amplifier can be an important contributing factor 
towards the overall SNR. 
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Accuracy 


An ADC has several sources of errors. Quantization error and (assuming the ADC is intended to be 
linear) non-linearity are intrinsic to any analog-to-digital conversion. There is also a so-called aperture error 
which is due to a clock jitter and is revealed when digitizing a time-variant signal (not a constant value). 


These errors are measured in a unit called the least significant bit (LSB). In the above example of an 
eight-bit ADC, an error of one LSB is 1/256 of the full signal range, or about 0.4%. 


Sampling Rate 


The analog signal is continuous in time and it is necessary to convert this to a flow of digital values. 
It is therefore required to define the rate at which new digital values are sampled from the analog signal. The 
rate of new values is called the sampling rate or sampling frequency of the converter. 


A continuously varying band limited signal can be sampled (that is, the signal values at intervals of 
time T, the sampling time, are measured and stored) and then the original signal can be exactly reproduced 
from the discrete-time values by an interpolation formula. The accuracy is limited by quantization error. 
However, this faithful reproduction is only possible if the sampling rate is higher than twice the highest 
frequency of the signal. This is essentially what is embodied in the Shannon-Nyquist sampling theorem. 


Oversampling 


Usually, for economy, signals are sampled at the minimum rate required, with the result that the 
quantization noise introduced is white noise spread over the whole pass band of the converter. Ifa signal is 
sampled at a rate much higher than the Nyquist frequency and then digitally filtered to limit it to the signal 
bandwidth there are the following advantages: 


e Digital filters can have better properties (sharper roll-off, phase) than analog filters, so a sharper anti- 
aliasing filter can be realized and then the signal can be down-sampled giving a better result 

e A 20-bit ADC can be made to act as a 24-bit ADC with 256 oversampling 

e The signal-to-noise ratio due to quantization noise will be higher than if the whole available band had 
been used. With this technique, it is possible to obtain an effective resolution larger than that 
provided by the converter alone. 

e The improvement in SNR is 3 dB (equivalent to 0.5 bits) per octave of oversampling which is not 
sufficient for many applications. Therefore, oversampling is usually coupled with noise shaping. 
With noise shaping, the improvement is 6L+3 dB per octave where L is the order of loop filter used 
for noise shaping. e.g. - a 2nd order loop filter will provide an improvement of 15 dB/octave. 


Digital to Analog Converter (DAC) 


Digital-to-analog converters (DACs) perform the inverse function of the ADC. As such, the 
aforementioned principles of accuracy, resolution, sampling and oversampling, etc. apply equivalently. 
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Field-Programmable Gate Array (FPGA) 





A field-programmable gate array (FPGA) is an integrated circuit designed to be configured by the 
customer or designer after manufacturing—hence “field-programmable.” The FPGA configuration is 
generally specified using a hardware description language (HDL), similar to that used for an application- 
specific integrated circuit (ASIC). Circuit diagrams were previously used to specify the configuration, as they 
were for ASICs, but this is increasingly rare. FPGAs can be used to implement any logical function that an 
ASIC could perform. The ability to update the functionality after shipping, partial re-configuration of a 
portion of the design and the low non-recurring engineering costs relative to an ASIC design (notwithstanding 
the generally higher unit cost), offer advantages for many applications. 


FPGAs contain programmable logic components called “logic blocks,” and a hierarchy of 
reconfigurable interconnects that allow the blocks to be “wired together”—somewhat like many (changeable) 
logic gates that can be inter-wired in (many) different configurations. Logic blocks can be configured to 
perform complex combinational functions, or merely simple logic gates like AND and XOR. In most FPGAs, 
the logic blocks also include memory elements, which may be simple flip-flops or more complete blocks of 
memory. 


FPGAs are becoming increasingly more popular for implementing RF signal processing functions 
such as signal compression (matched filtering), channel selection, modulation / demodulation, etc. 
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MICROWAVE MEASUREMENTS 


Measurement Procedures 


Calculate your estimated power losses before attempting to perform a measurement. The ideal input 
to a measurement device is in the 0 to 10 dBm (1 to 10 mW) range. 


Linearity Check 


To verify that a spectrum measurement is accurate and signals are not due to mixing inside the 
receiver, a linearity check should be performed, i.e., externally insert a 10 dB attenuator - if measurements are 
in the linear region of the receiver, all measurements will decrease by 10 dB. If the measurements decrease 
by less than 10 dB, the receiver is saturated. If the measurements disappear, you are at the noise floor. 


Half-Power or 3 dB Measurement Point 

To verify the half power point of a pulse width measurement on an oscilloscope, externally insert a 
3 dB attenuator in the measurement line, and the level that the peak power decreases to is the 3 dB 
measurement point (Note: you cannot just divide the peak voltage by one-half on the vertical scale of the 
oscilloscope). 
VSWR Effect on Measurement 

Try to measure VSWR (or reflection coefficient) at the antenna terminals. Measuring VSWR of an 


antenna through its transmission line can result in errors. Transmission lines should be measured for insertion 
loss not VSWR. 


High Power Pulsed Transmitter Measurements 


When making power measurements on a high power pulsed transmitter using a typical 40 dB 
directional coupler, an additional attenuator may be required in the power meter takeoff line, or the power 
sensor may be burnt out. 

For example, assume we have a | megawatt transmitter, with PRF = 430 pps, and PW = 13 us. 
Further assume we use a 40 dB directional coupler to tap off for the power measurements. The power at the 
tap would be: 

10 log(P,) - 10 log(DC) - Coupler reduction = 

10 log(10’mW) - 10 log(13x10°)(430) - 40 dB = 

90 dBm - 22.5 dB - 40 dB = 27.5 dBm (too high for a power meter) 


Adding a 20 dB static attenuator to the power meter input would give us a value of 7.5 dBm or 
5.6 mW, a good level for the power meter. 
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High Power Measurements With Small Devices 





When testing in the presence of a high power radar, it is normally necessary to measure the actual 
field intensity. The technique shown in Figure 4, in Section 6-7, may not be practical if the measurement 
device must be small. An alternate approach is the use of a rectangular waveguide below its cutoff frequency. 
In this manner, the “antenna” waveguide provides sufficient attenuation to the frequency being measured so 
it can be coupled directly to the measurement device or further attenuated by a low power attenuator. The 
attenuation of the waveguide must be accurately measured since attenuation varies significantly with 
frequency. 
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ELECTRO-OPTICS AND IR 
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ELECTRO-OPTICAL SYSTEMS AND EW COUNTERMEASURES 


INTRODUCTION 


The development of infrared countermeasures and the evaluation of their performance against 
threat missiles is a broad, complex technical field. Much of the detailed information about the threats to 
be countered and the characteristics of the countermeasures themselves is understandably sensitive, 
beyond the limitations of this document. More detailed information can be requested, provided the 
requesting organization has the necessary clearance and need to know. Such requests will be considered 
on a case-by-case basis. Information will be provided only upon written concurrence of the controlling 
Government organization. 


There are many electro-optical (EO) electronic warfare (EW) systems, which are analogous to 
radio frequency (RF) EW systems. These EO EW systems operate in the optical portion of the 
electromagnetic spectrum. Electro-optics (EO), as the name implies, is a combination of electronics and 
optics. By one definition EO is the science and technology of the generation, modulation, detection and 
measurement, or display of optical radiation by electrical means. Most infrared (IR) sensors, for example, 
are EO systems. In the popularly used term “EO/IR,” the EO is typically used to mean visible or laser 
systems. The use of EO in this context is a misnomer. Actually, almost all “EO/IR” systems are EO 
systems as defined above. Another often-used misnomer is referring to an EO spectrum. EO systems 
operate in the optical spectrum, which is from 0.01 to 1000 micrometers. EO systems include, but are not 
limited to, lasers, photometry, infrared, and other types of visible, and UV imaging systems. 


Within the broad field of Electronic Warfare, electro-optical systems are prevalent for 
communication systems and offensive and defensive applications. Lasers have been used extensively for 
weapons guidance purposes, warhead fuzing applications, targeting systems and other offensive weapons 
related purposes. Understanding electro-optical and radiometric principles and sensors is critical to the 
development of vehicle survivability systems. These principles range from signature reduction and 
camouflage to active countermeasure systems such as lamp-based and laser jammers to passive threat 
warning systems and expendable flare decoys. 


Although military systems operate in many portions of the electro-optical spectrum, the infrared 
is of paramount importance for remote detection systems and weapons applications. Missile seekers, 
Forward Looking Infrared (FLIR) systems, and Infrared Search and Track Systems all operate in the 
infrared portion of the spectrum. 


OPTICAL SPECTRUM 


The optical spectrum is that portion of the electromagnetic spectrum from the extreme ultraviolet 
(UV) through the visible to the extreme IR. Figure 1 shows the optical spectrum in detail. The end points 
of the optical spectrum are somewhat arbitrary. 


IR spectrum terminology has also varied through the years, with near (near visible), or short- 
wavelength infrared (SWIR) being on the high frequency end. Then as frequency decreases the spectrum 
is followed by intermediate or mid-wavelength infrared (MWIR), then far or long-wavelength IR 
(LWIR), and finally extreme IR. 
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Figure 1. Optical Spectrum. 


RADIOMETRIC QUANTITIES AND TERMINOLOGY 


The common terms used to describe optical radiation are the source parameters of power, radiant 
emittance (older term) or radiant exitance (newer term), radiance, and radiant intensity. They refer to 
how much radiation is given off by a body. The parameter measured by the detector (or collecting 
object/surface) is the irradiance. Any of these quantities can be expressed per unit wavelength in which 
case the subscript is changed from e (meaning energy derived units) to 4 and the term is then called 
“Spectral ...X...”, i.e. I, is radiant intensity, while I, is spectral radiant intensity. These quantities in terms 
of currently preferred “Systéme International d’ Unités” (SI units) are defined in Table 1. 


Table 1. Radiometric SI Units. 


Symbol 
PQ | Radiant Energy SSS*d—S Ges) 
| o.| Radiant Power (or flux) Rate of transfer of radiant energy 


emitted from a surface 
per unit projected area 


rier me |r 
from a point source 
a 
incident upon a surface 


Spectral ... (Quantity) per unit wavelength interval (Units) nm’! or pm! 


a X, 1s generalized = each unit on a per wavelength basis; for example, L, would be called 
“spectral radiance” instead of radiance. 
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In common usage, irradiance is expressed in units of Watts per square centimeter and 
wavelengths are in wm instead of nanometers (nm). Other radiometric definitions are shown in Table 2. 


Table 2. Other Radiometric Definitions. 


Symbol 
| a | Absorptance' | =(*) absorbed / (*) incident 
|p | Reflectance |p = (*) reflected / (*) incident 


T= (*) transmitted / (*) incident 


= Emissivity € =(*) of specimen / numeric 
(*) of blackbody @ same temperature 


Where (*) represents the appropriate quantity Q, ®, M, E, or L 
Note (1) Radiant absorptance should not be confused with absorption coefficient. 





PHOTOMETRIC QUANTITIES 


Whereas the radiometric quantities ®., M., I., Le, and E, have meaning throughout the entire 
electromagnetic spectrum, their photometric counterparts ®,, M,, I,, Ly, and E, are meaningful only in the 
visible spectrum (0.38 pm thru 0.78 pm). 


The “standard candle” was redefined as the new candle or candela (cd). One candela is the 
luminous intensity of 1/60th of 1 cm* of the projected area of a blackbody radiator operating at the 
temperature of the solidification of platinum (2045 °K). By definition, the candela emits one lumen (Im) 
per steradian. 


Table 3 displays the photometric quantities and units. These are used in dealing with optical 
systems such as aircraft television camera systems, optical trackers, or video recording. 


Table 3. Photometric SI Units. 


Se tauminos energy | _lumen sec_(Im s) | 
or Luminous Power luminant energy 
Luminous Exitance Luminant power per unit area 
or flux density emitted from a surface 
(formerly luminous emittance) 
Luminance Luminous flux per unit solid nit (nt) or 


(formerly brightness) angle per unit projected area candela / m* 
or Im/sr-m* 


(formerly candlepower) angle from a point source or |m/sr 
een | dargensnuce | ks 
(formerly illumination) wegen i a surface or lm/m°* 


Luminous | Luminousefficacy Im | Im/w Ww 





Table 4 displays conversion factors for commonly used illuminance quantities. 


Table 4. Illuminance Conversion Units. 


Footcandle (fe) Phot (ph) 
| Tux (Im m”) a 0.0929 
1 footcandle (Im ft") 10.764 i 0. 001076 










[pot (im em”) =o 


THE BASIC PRINCIPLES 

The processes of absorption, SET Gamer. P 
reflection (including scattering), and Transmittance, t 
transmission account for all incident radiation 
in any particular situation, and the total must 
add up to one in order that energy be Absorptance, ot 
conserved: 


Incident Radiation 





+p+T=1 hi in Fi 2: te : 
al an sen gangs Figure 2. Radiation Incident on a Body. 
If a material is opaque (no 
transmission), then: absorption + reflection = 1 


In addition to the above processes, optical (including IR) radiation interacts with matter the same 
as radiation in any other part of the spectrum, including: 


Diffraction — around edges 

Emission — from matter by conversion from another form of energy 

Interference — constructive and destructive 

Refraction — bends when passing between two media with different 

propagation speeds (Snell’s Law) 

5. Scattering — when interacts with particles whose size approaches length of the wave 
6. Polarized - electric field is partially polarized by reflection from dielectric 


paeneth 


STERADIAN — SOLID ANGLE 


Of significance to many terms and units in radiometric calculations is the solid angle. Figure 3 is 
a pictorial depicting the relationship of area, distance, and solid angle. By definition, the ratio of area on 
the surface of a sphere to the square of distance (the radius) is the unit less parameter solid angle, or 
steradian in the SI system of units. Solid angle is usually abbreviated as “sr” or given the Greek letter, Q. 
The steradian is a dimensionless quantity in radiometric calculations. 
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Solid angle (Q) = Area/ Distance*2 





Source : Receiver 


Distance 


Figure 3. Solid Angle. 


A sphere contains a solid angle of 47 steradians; a hemisphere contains 27 steradians, and so on. 
The area is a curved surface, but in most applications, the solid angles are sufficiently small that the area 
can be approximated as a plane. Also, for small angles, the solid angle in steradians is approximately 
equal to the product of two plane angles in radians. 


CONVERSIONS 


IR wavelengths are typically expressed in pm, visible wavelengths in wm or nm, and UV 
wavelengths in nm or angstroms. Table 5 lists conversion factors for converting from one unit of 
wavelength to another. The conversion is from column to row. For example, to convert from pm to nm, 
multiply the value expressed in wm by 10°. IR wavelengths are also sometimes expressed in a frequency- 
like unit called wavenumbers or inverse centimeters. A wavenumber value can be found by dividing 
10,000 by the wavelength expressed in ym. For example, 2.5 um converts to a wavenumber of 4000 or 
4000 inverse centimeters (cm). 


Table 5. Wavelength Conversion Units. 


From -> Angstroms - A 


Multiply b 
To get \ Eee 





BASIC RADIANT POWER RELATIONSHIPS 


Radiant intensity is the most commonly used term to describe the radiant power of a source per 
unit solid angle. Radiant Intensity offers the advantage of being a source term, like radiance, that is not 
related to the size of the radiating source. In practice, radiant intensity is a derived term and is not 
directly measurable. If the Instantaneous Field of View (IFOV), which represents the smallest optical 
resolution element of a remote sensor, subtends an angle smaller than the size of the radiating source, the 
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sensor responds directly to radiance. If the IFOV of the sensor subtends an angle larger than the radiating 
source, the sensor responds to irradiance. The relationship among radiant intensity, radiance, and 
irradiance is shown in the following equation: 


Where: 
I= Intensity. Radiant intensity is the target source power per unit solid angle, in Watts/steradian. 


E = Irradiance. Irradiance is the received power density in Watts/cm2 incident on a distant 
sensor. Irradiance is the quantity measured or detected by a distant sensor where the target 
is not spatially resolved (i.e., where the target subtends an angle smaller than the resolution 
or field of view of the instrument.) 


L = Radiance. Radiance is the intensity per unit area of source, in W/cm?/steradians. Radiance is 
the quantity measured by a camera or imaging system, where the target is optically resolved 
(i.e., where the target subtends an angle much greater than the resolution or instantaneous 
field of view of the imager.) 


A= Area. Area is the cross-sectional or projected area of the target in cm’. 


D = Distance. Distance between the target and sensor in cm. 


Q = Solid angle subtended by the target in steradians. Solid angle appears directly or indirectly in 
many infrared quantities. The solid angle subtended by a source is the ratio of the source 
area to the square of distance. 


All remote sensors receive energy from a source through an atmospheric path. The atmosphere 
attenuates the propagation of energy due to scattering, absorption, and molecular rotation and vibration, 
depending on the wavelengths involved. The atmosphere itself also radiates. All incident energy on a 
remote sensor, except as received under vacuum conditions, is detected through the atmosphere. The 
term apparent is applied to a radiometric quantity to acknowledge the presence of atmospheric effects. A 
remote sensor, responding the radiance of a source over an atmospheric path, responds to apparent 
radiance. 


Real sensors do not respond uniformly to energy. Sensors have non-uniform spectral and spatial 
response due to many factors, including detector and optical characteristics. All energy received by the 
detector is spectrally weighted by the spectral response of the instrument. The term effective is applied to 
acknowledge the non-uniform response of the instrument. 


Outside of a vacuum, all radiation incident on a remote sensor is attenuated by atmospheric 
effects such as scattering and absorption. Where the atmosphere absorbs, it also emits. Path radiance is 
the term applied to the contribution of the atmospheric path to the received radiation. The term apparent 
is applied to radiometric quantities to acknowledge the influence of the atmosphere on the received 
radiation. 


DOMAINS, DISTRIBUTIONS, AND SENSOR RESPONSE 


Radiant power that is emitted or reflected from a source is distributed across multiple dimensions 
or domains. The three domains that are most important to radiometric applications are spectral (Figure 4), 
spatial (Figure 5), and temporal (Figure 6). Knowing how the radiant power from a source is distributed 
across each domain is important to understanding performance of an EW system, whether it be a sensor, a 


weapon, or a countermeasure. 
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Figure 4. Sample Spectral Distribution of a Solid Material. 
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In the spectral domain, radiation is distributed as a function of wavelength (or 
wavenumber). Radiation from solid materials is distributed as a continuum in 
accordance with Planck’s formula. The graph above shows the spectral distribution 
of radiation from a 600 degree Celsius blackbody after passage through the 
atmosphere. Radiation from gases appears at specific wavelength “lines” 
corresponding to molecular resonances. 
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In the spatial domain, radiation is distributed as a function of angle, position, size, 
shape, or orientation. The graph above shows the radiance of a circular target as 
viewed by an imaging system. 


Figure 5. Sample Spatial Distribution of a Circular Target Image. 
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In the temporal domain, radiation is distributed as a function of time (or frequency). 
Most IR target sources, such as aircraft and ground vehicles, change slowly with time 
and can be considered steady state for measurement purposes. However, IR 
countermeasures systems and devices, such as jammers and decoy flares, have high 
frequency content that must be considered in their design and effectiveness 
assessment. 


Figure 6. Sample Temporal Distribution of a Modulated Source. 








All electro-optical sensors have some sensitivity to how radiation is distributed across the different 
domains. This sensitivity or response takes the following forms: 


1. Spectral response: 


a. 


May be broad in the case of a radiometer or imager, or narrow in the case of a 
spectrometer where response takes the form of resolution. 


Spectral response is chosen to exploit particular spectral features of interest in a target. 


Non-uniformity of spectral response can have a significant effect on the performance of 
sensor. 


2. Spatial response: 


a. 


May be broad in the case of a radiometer or spectrometer, where spatial response takes 
the form of sensitivity across the sensor’s FOV. In the case of an imager, the spatial 
response may be narrow because spatial response takes the form of the resolution or 
IFOV. 


Required spatial resolution is defined by the size and radiant power of the source, the 
distance between the source and the target, and by the sensitivity of the sensor. 
Non-uniformity of spatial response can have a significant effect on the performance of 
sensor. 

Response to radiation from the background within the FOV is primarily a spatial 
response issue and can be significant to sensor performance. 


3. Temporal response: 


a. 


b. 


Takes the form of bandwidth or, in the case of a digital system, of sampling frequency. 
Unlike spectral and spatial response, temporal response includes the response time of the 
detector and all of the electronics, data transfer time, and processing time for a sensor. 
Non-uniformity across a region is usually not a concern. Temporal response is usually 
uniform for target frequencies that fall well below the low-pass or Nyquist breakpoints. 


Sensors respond to received radiant power by integrating the power distribution in each domain 
under the corresponding response curve. Sensors respond in multiple domains, so output is proportional 
to a multi-dimensional, weighted integral. Figure 7 illustrates response-weighting, or convolution, of 
radiation with instrument response in the spectral domain. The concept applies equally in the spatial 


domain. 
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Non-uniform sensor response across a domain distorts the distribution of received radiant 
power by weighting the radiation at some wavelengths differently than others. Instrument 
output is proportional to the integral of this weighted product, which makes instrument 
response shape an embedded part of both the measurement and the calibration. Some 
consequences of non-uniform response are: 


e Two different sources with identical power, but different distributions will 
produce different measurement values. 


If two different sources (such as the calibration and the target) have similar 
relative power distributions, the relative weighting by the instrument will be the 
same for both sources, so the shape and degree of non-uniformity has little or no 
effect. This will be discussed in more detail later as a key strategy in calibration 
to reduce measurement uncertainty. 





Figure 7. Response-Weighting in the Spectral Domain. 


The consequence of instrument output being proportional to multiple weighted integrals is that 
the characteristics of the instrument affect the measured value in ways that cannot be easily extracted or 
corrected. Understanding non-uniformity in sensor response is critical to understanding performance and 
evaluating the effectiveness of the system. 
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INFRARED SOURCE CHARACTERISTICS 


Reflectance 


Reflectance is generally categorized as either specular (mirror-like) or diffuse (scattered by 
reflection from a rough surface). Most surfaces exhibit both types of reflection, but one typically 
dominates. Reflections from smooth surfaces are specular. Reflectance is a unitless quantity between 
zero and one that is the ratio of reflected power to the incident power. Reflectance varies with angle from 
the normal and with wavelength. 


Diffuse reflectors scatter incident radiation broadly. Johann Heinrich Lambert described an ideal 
diffuse reflector in which the intensity of reflected rays is distributed as a cosine of the angle from the 
normal, regardless of the angles of the arriving incident rays. Such a surface is described as Lambertian. 
The same relationship applies to a diffuse source. If the source is perfectly diffuse, the radiance is 
independent of the viewing angle because the projected area of the source also varies as a cosine function 
of the angle from normal. 


While no surface is perfectly diffuse, standard paint on most aircraft, for example, is near enough 
for at least a first approximation. Significant effort has gone into measuring and describing surface 
properties of military vehicles to support modeling and simulation activities. Bidirectional Reflectance 
Distribution Function (BRDF) is defined as the ratio of the reflected radiance to the incident irradiance at 
a wavelength, A. 


The BRDF provides a complete description of the reflectance properties of a surface. 
Measurements of BRDF are made in specially equipped optical laboratories. For aircraft, a typical use of 
BRDF data is in computer models that predict the reflections of the earth and sun from the aircraft 
fuselage and wings. 


Emissivity 


Emissivity is a unitless quantity that is a measure of the efficiency of a surface as an absorber or 
emitter. Emissivity is expressed as a number between 0.0 and 1.0. According to Kirchoff’s Law, for an 
opaque object in thermal equilibrium, i.e., no net heat transfer, the emissivity equals the absorptance. In 
other words, a perfect emitter is also a perfect absorber. This ideal emitter is known as a blackbody. A 
surface with an emissivity of 1.0 emits the maximum radiation that Planck’s Law allows. A body for 
which the emissivity is constant with wavelength but less than 1.0 is commonly known as a graybody. 
Planck’s equation is typically expressed for an ideal blackbody emitter, but multiplying the blackbody 
expression by the emissivity term expresses the spectral distribution of power for a graybody. 


Electromagnetic (EM) radiation, including infrared radiation, can be characterized by amplitude, 
frequency (or wavelength), coherency, and polarization properties. Amplitude refers to the magnitude of 
the electromagnetic wave. Coherency refers to the degree in which the electromagnetic waves maintain a 
constant phase difference, both spatially and temporally. Polarization is a description of the orientation of 
the wave’s propagation perpendicular to the direction of travel. Like all electromagnetic radiation, 
infrared radiation travels as an EM field with the propagation velocity of the speed of light in a vacuum, 
and slower through air and other dielectrics. , Infrared radiation also exhibits both wave and particle 
properties. Which property is used depends on the application: Waves are used for applications 
involving propagation and geometrical optics, while particles (photons) are used for most detector 
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applications. The energy of a photon is inversely proportional to its wavelength (ic/A) where h is the 
Planck’s constant, and c is the speed of light. 


Infrared radiation also interacts with matter in a variety of ways: 


* Reflects — wave is reflected from a surface. 

¢ Refracts — direction of wave bends when passing between two transparent media with 
different propagation speeds. 

* Scatters — when interacts with particles whose size approaches the wavelength of the 
radiation. 

¢  Diffracts — around edges of an obstruction. 

¢ Interferes — constructively and destructively. 

¢ Absorbs — when absorbed by matter, radiation is (usually) converted into heat energy. 

¢ Emits — radiation is emitted from matter by conversion from another form of energy. 

¢ Transmitted — propagates through a transparent medium (or vacuum). 


Plank’s Law: 


Infrared is directly related to the heat radiated from matter. Anything with a temperature above 
absolute zero (-273.15 degrees Celsius) radiates in the infrared. Planck’s Law, discovered by German 
Physicist Max Planck, mathematically describes the distribution of radiant power across the spectrum for 
a given temperature. The form presented below calculates source radiance in Watts/sr/em’/ 1: 


i= Ci Where: C, = 2mc*h = 3.7415 x 10E+04 W cm” p* 
a i) 7 Cy = ch/k = 1.4389E+04 pK 
c = speed of light; h = Plank’s constant; k = Boltzmann’s constant 


With 4 in p and T in Kelvin (= °C + 273.15) 


The behavior of Planck’s curve with temperature is fundamental to every infrared detection 
scenario. Figure 8 shows Planck’s equation for a single temperature. The shape of this curve resembles a 
wave of water, with a steep rise in power on the short wavelength side of the peak and a tail off on the 
long wavelength side. 
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As temperature increases, 
Planck’s curve translates: 

(1) upward (greater power) and 
(2) toward shorter wavelengths. 


Radiant Power —P 
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Figure 8. Temperature Effects and Power Distribution. 


When temperature increases, two significant changes in power distribution occur and are 
governed by the following two relationships: 


Stefan-Boltzmann Law: 


The total power under the curve increases proportionally to the fourth power of the temperature. 
According to the Stefan-Boltzmann law, the total radiant emittance (power) of a blackbody is: 





2 Ke 
M= oT" Where: o= = - = 5.67 x 10° Watts cm? ° K* 
Cc 
and T is in Kelvin 


This is Plank’s radiation law integrated over all values of i. 


Wein’s Displacement Law 
The peak emission translates toward shorter wavelengths. 


Wein’s displacement law takes the derivative of the Plank’s law equation to find the wavelength 
for maximum spectral exitance (emittance) at any given temperature: 


Amax = 2897.8 /T where T = temperature is in Kelvin 


The surface of the sun radiates with a spectral distribution like that of a 5900 Kelvin source. In 
accordance with Wein’s Law, the wavelength at which the radiation for a 5900 Kelvin source peaks is 
approximately 490 nanometers. The maximum sensitivity of the day-adapted human eye (photopic) 
occurs at about 555 nanometers, which happens to be in a highly transparent region of the atmosphere. In 
other words, the temperature of our sun and the transmission of our atmosphere are conveniently matched 
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to the response of the human eye. Figure 9 shows the relationship between the response of the human eye 
and the spectral distribution of solar irradiance. 
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Figure 9. Power Distribution of the Sun Related to the Human Eye. 
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Unlike other electromagnetic radiation, the peak radiation from objects at the temperature of the 
earth, and of humans, vehicles, aircraft, etc., lies at infrared wavelengths. This makes the infrared portion 
of the spectrum militarily important. 


For detection of an object, whether it is with the human eye or with an electro-optical sensor, it is 
not where the maximum emissions occur in the spectrum that is important. It is where the maximum 
difference between the target and background lies that is most significant. 


The absolute signature of a source or target is the power radiated and reflected by the target 
without influence from background radiation. Absolute signature can be measured with an instrument 
such as an imaging camera at close range, producing highly resolved IR imagery. The difference between 
radiation from a target and its background is its contrast. Contrast is the target signature relative to a 
specific background. Contrast irradiance is the quantity detected by any remote sensor or missile. 
Contrast varies greatly with background conditions. 


Figure 10 shows several different types of source distributions encountered by infrared sensors. 
Most targets of military interest are a complex combination of spectral contributions from a variety of 
sources. For example, the signature of an aircraft can typically be described by the contributions from 
airframe, hot engine parts, and plume. 
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Figure 10. Spectral Distribution of Various Targets. 
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ATMOSPHERIC TRANSMISSION 


The radiation emitted or reflected from the targets and backgrounds must pass through the 
intervening atmosphere before reaching the detection system. The radiation is absorbed and re-emitted by 
molecular constituents of the atmosphere and scattered into and out of the path by various aerosol 
components. 


Figure 11 reveals the presence of atmospheric windows, i.e. regions of reduced atmospheric 
attenuation. IR detection systems are designed to operate in these windows. Combinations of detectors 
and spectral bandpass filters are selected to define the operating region to conform to a window to 
maximize performance and minimize background contributions. 
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Figure 11. Atmospheric Transmission Over | NM Sea Level Path. 
The molecules that account for most of the absorption in the IR region are water, carbon dioxide, 


nitrous oxide, ozone, carbon monoxide, and methane. Figure 12 shows an expanded view of the infrared 
portion of the spectrum. 
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Figure 12. Transmittance of Atmosphere Over | NM Sea Level Path (Infrared Region). 


The transmission in a window is greatly dependent on the length and characteristics of the path. 
As path length increases, absorption gets deeper and broader. Water vapor also has a significant effect 
overall on transmission through the atmosphere. High relative humidity attenuates transmission at all 
optical wavelengths. 
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used tools is MODTRAN™ : : ; . 
(MODerate Resolution Figure 13. Transmittance at Various Altitudes. 


Atmospheric TRANsmission). 


MODTRAN™ models atmospheric propagation of EM radiation from 0.2 to 100 um. MODTRAN was 
developed by Spectral Sciences Inc. and the United States Air Force Research Laboratory. 
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ELECTRO-OPTICAL COMPONENTS AND SENSORS 


Almost all IR instruments, missiles, search systems, etc. have similar functional components. 
Basic components typically include: 


e Optics - Reflective or refractive lenses to: 
o Collect radiation. Irradiance (power density) is increased by collecting radiation over a 
large area and focusing down to a small area. 
o Form or focus an image that will be used to extract information about the target. 


e Filter(s) - Spectral and spatial filters to distinguish target from background and to extract 
o Target information. 
o Spectral filters restrict sensitive wavelength range. 
o A spatial filter separates image information by features such as size or position. 


e Detector - A transducer to convert received radiation to an electrical signal for processing. 


e Electronics - Used to amplify and condition the detector signal and perform some action, such 
as controlling a servo for tracking and guidance or recording the received information. In 
addition to the above, the optical head may also contain a window to protect the electronics and 
an output unit consisting of indicators or displays. 


Windows / Domes / Lens Materials 


For most applications of EO systems in EW the detection system is protected from the 
environment by a window or dome of optically transmissive material. The window operates both as a 
weather seal and, in some cases, helps to define the spectral response region of the system. In some cases 
the window functions as a lens. 


IR energy interacts with matter in ways we associate with light (reflection, refraction, and 
transmission). Lower energy of IR photons results in different optical properties than light. For example: 


e Glass and water are not transparent to wavelengths longer than about 3 microns. 
e Silicon and germanium are highly transparent to infrared radiation, but are opaque to visible 
light. 


Transmission bands of representative window or lens materials are shown in Figure 14. The end 
points depicted are for the 10% transmission wavelengths. Not shown in Figure 14 are the various UV 
transmissive glasses such as Pyrex, Corex, and Vycor or Amorphous Material Transmitting IR radiation 
(AMTIR) which are various combinations of Ge-As-Se (AMTIR-1), As-Se (AMTIR-2, 4, & 5), Ge-Sb-Se 
(AMTIR-3), As-S (AMTIR-6). 
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Figure 14. Transmission of Selected Window / Lens Materials. 


Objective Lens 


The objective lens is the first optical element in a lens in a typical sensor or missile seeker. The 
objective lens serves two main functions: 


e Collect radiation (i.e., multiply irradiance (power density) by collecting over a large area and 


focusing onto a small area) 
e Form an image of the target scene onto a filter and detector array. 


Lens Types 


Lenses for the IR can be either refractive or reflective. Refractive optics are “straight through” 
lenses, with the light never making large bends as shown in Figure 15. 
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Figure 15. Refractive Lens. 


A common reflective design used in many missiles is the Cassegrain. The Cassegrain design 
shown in Figure 16 is compact in size for its focal length. 
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Figure 16. Cassegrain Lens. 


Optical Filters 

Filters may be divided into two major categories: (1) spectral and (2) spatial. 

Most optical radiation detectors have a wider sensitivity band than desired for the particular 
application. Spectral filters restrict sensitive wavelength range. Reasons for filtering include: 


enhancement of target-to-background contrast, avoidance of unwanted plume emissions and/or 
atmospheric absorption regions, and extraction and measurement of target spectral features. 
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To further define the system sensitivity, band interference filters or absorption filters are used. 
An absorption filter is a bulk material with a sharp cut-on or cut-off in its transmission characteristic. A 
cut-on and a cut-off filter can be combined to make a bandpass filter. By selecting absorption 
characteristics of absorption filters combined with the response of a detector, the desired system response 
can be obtained. An interference filter is composed of dielectric coatings on an appropriate substrate 
combined in such a way to produce cut-on, cut-off, or bandpass filters. Interference filters allow more 
control of the final response characteristics and smaller elements. See Figure 17. 
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Figure 17. Spectral Bandpass Filter. 


Most spectral filters are of the thin-film interference type. Layers of dielectric material are 
vacuum deposited on a substrate window material. Typical substrate materials in IR are sapphire, silicon, 
and germanium. Thickness of deposited layers designed to have constructive interference to pass desired 
radiation at desired wavelengths and destructive interference to block undesired wavelengths Besides 
spectral filters, EO system optics often have antireflection (or AR) coatings to eliminate or greatly reduce 
unwanted reflections between optical elements. 


A spatial filter separates information in a scene image by features such as size or position. Spatial 
filters take a variety of forms. Some common types and their functions include: 


e Field stop: limits an instrument’s field of view. Blocks unwanted sources (such as sun) outside 
nominal field of view. 

e Mechanical modulator or “chopper.” 

e Reticle: A mechanical modulator used in many missile designs. Usually discriminates against 
extended sources (such as background) in favor of “point” target sources and provides target 
directional information from modulation phase. 


Detector Coolers 


Many IR detectors have to be cooled for proper operation. Most systems use closed-cycle coolers 
or thermoelectric coolers. Thermoelectric coolers use the Peltier effect, which produces a reduced 
temperature by passing a d-c current through a thermoelectric junction. Multi-stage coolers can cool a 
detector down to below 200°K. Closed-cycle coolers typically are of the Stirling cycle design and utilize 
the expansion of a gas (helium) to cool a cold finger attached to the detector. These generally operate at 
liquid nitrogen temperature (77°K). 
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Detectors 


A detector is a transducer that transforms electromagnetic radiation into a form, which can be 
more easily detected. In the detectors of interest to EW the electromagnetic radiation is converted into an 
electrical signal. In some systems the signal is processed entirely within the system to perform its 
function. In others the signal is converted to a form to allow the human eye to be used for the final 
detection and signal analysis. 


Detectors are transducers than convert optical radiation into electrons. The physical effects by 
which electromagnetic radiation is converted to electrical energy are divided into two categories: photon 
effects and thermal effects. EW systems primarily use detectors dependent on photon effects. These 
effects can be divided into internal photo effects and external photo effects. 


The external photo effect is known as photoemission. In the photoemissive effect, photons 
impinging on a photocathode drive electrons from its surface. These electrons may then be collected by 
an external electrode and the photocurrent thus obtained is a measure of the intensity of the received 
radiation. 


Internal photoeffects of interest are the photoconductive effect and the photovoltaic effect. In the 
photoconductive effect, absorbed photons cause an increase in the conductivity of a semiconductor. The 
change is detected as a decrease in the resistance in an electrical circuit. In the photovoltaic effect, 
absorbed photons excite electrons to produce a small potential difference across a p-n junction in the 
semiconductor. The photovoltage thus produced may be amplified by suitable electronics and measured 
directly. 


Thermal detectors respond directly to heat. Examples of these devices include bolometers, 
thermopiles, and pyroelectric detectors. The pyroelectric effect is an example of the thermal effect. The 
pyroelectric effect is a change in polarization in a crystal due to changes in temperature. Radiation falling 
on such a crystal is detected by observing the change in polarization as a build up of surface charge due to 
local heating. When coated with a good black absorber, the crystal will be sensitive to a wide band of 
wavelengths. 


Figure 18 shows the spectral sensitivity range of typical detectors using these effects. 
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Figure 18. Spectral Range of Various Detectors. 
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Detector Types 


Photoconductive detectors operate as resistors in a circuit. The resistance of the detector changes 
as the radiation incident on its surface changes. For EW applications, the most photoconductive detector 
types include: Indium Antimonide (InSb), which can also be operated in photovoltaic mode; Gallium 
Arsenide (GaAs); Lead Sulfide (PbS); and Lead Selenide (PbSe). 


Photovoltaic detectors, the most common detectors used in modern EW and military sensor 
applications, produce a voltage that is proportional to the incident radiation. Common examples of 
photovoltaic detectors are Indium Antimonide (InSb) and Mercury Cadmium Telluride (HgCdTe). Both 
of these detector types offer high sensitivity when cryogenically cooled. 


Diode phototubes and photomultipliers are commonly used detectors for UV systems including 
many operational missile-warning systems. These types of tubes offer the advantage of operating 
uncooled which can significantly reduce the complexity of a sensor system and offer increased reliability. 
Most of the modern IR sensors require cooled detectors. InSb, for example, requires cooling to 77 Kelvin 
to achieve the necessary sensitivity. Depending on the application, HgCdTe can be operated at somewhat 
higher temperature conditions. 


A Photoelectromagnetic (PEM) detector has a junction that generates a current when exposed to 
light in a magnetic field. 


Some detectors (such as InSb) have multiple modes of operation, including: Photoconductive 
(PC), Photovoltaic (PV), or Photoelectromagnetic (PEM) modes of operation. 


Detector Parameters and Figures of Merit 


The important parameters in evaluating a detector are the spectral response, time constant, the 
sensitivity, and the noise figure. 


The spectral response determines the portion of the spectrum to which the detector is sensitive. 


The time constant is a measure of the speed of response of the detector. It is also indicative of 
the ability of the detector to respond to modulated radiation. When the modulation frequency is equal to 
one over the time constant, the response has fallen to 70.7 % of the maximum value. The time constant is 
related to the lifetime of free carriers in photoconductive and photovoltaic detectors and to the thermal 
coefficient of thermal detectors. The time constant in photoemissive devices is proportional to the transit 
time of photoelectrons between the photocathode and anode. 


The sensitivity of a detector is related to its responsivity. The responsivity is the ratio of the 
detected signal output to the radiant power input. For photoconductive and photovoltaic detectors the 
responsivity is usually measured in volts per watt -- more correctly, RMS volts per RMS watt. However, 
the sensitivity of a detector is limited by detector noise. Responsivity, by itself, is not a measure of 
sensitivity. Detector sensitivity is indicated by various figures of merit, which are analogous to the 
minimum detectable signal in radar. Such a quantity is the noise equivalent power (NEP). The NEP is a 
measure of the minimum power that can be detected. It is the incident power in unit bandwidth, which 
will produce a signal voltage equal to the noise voltage. That is, it is the power required to produce a 
signal-to-noise ratio of one when detector noise is referred to unit bandwidth. The units of NEP are 
usually given as watts, but more correctly, are watts/Hz” or watts-sec ”. 
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Another figure of merit is the noise equivalent irradiance (NEI). The NEI is defined as the 
radiant power per unit area of the detector required to produce a signal-to-noise ratio of one. The units of 
NEI are watts per square centimeter. 


Noise equivalent power (NEP) is the radiant power required to produce a signal to noise ratio of 
one for a detector. Detectivity (D) of a detector is defined as the reciprocal of the NEP. The units of D 
are watts '-sec~*. A higher value of detectivity indicates an improvement in detection capability. Since 
D depends on detector area, an alternate figure of merit, known as D-star (D*). D* is the detectivity 
measured with a bandwidth of one hertz and reduced to a responsive area of one square centimeter. The 
units of D* are cm-watts ':sec “”. D* is the detectivity usually given in detector specification sheets. 
Typical spectral detectivity characteristics for various detectors are shown in Figure 19. 
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Figure 19. Spectral Detectivity of Various Detectors. 


Besides the NEI mentioned above, the quantum efficiency of the photocathode is also a figure of 
merit for photoemissive devices. Quantum efficiency is expressed as a percent -- the ratio of the number 
of photoelectrons emitted per quantum of received energy expressed as a percent. A quantum efficiency 
of 100 percent means that one photoelectron is emitted for each incident photon. 


There are other figures of merit for television cameras. The picture resolution is usually 
described as the ability to distinguish parallel black and white lines and is expressed as the number of line 
pairs per millimeter or TV lines per picture height. The number of pixels in the scene also defines the 
quality of an image. A pixel, or picture element, is a spatial resolution element and is the smallest 
distinguishable and resolvable area in an image. CCD cameras with 512 x 512 elements are common. 
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Another resolution quantity is the gray scale, which is the number of brightness levels between black and 
white a pixel can have. 


Noise in Detectors 


The performance of a detector is limited by noise. The noise is the random currents and voltages 
that compete with or obscure the signal or information content of the radiation. Five types of noise are 
most prominent in detectors: (1) thermal, (2) temperature, (3) shot, (4) generation-recombination, and 
(5) 1/f noise. 


Thermal noise, also known as Johnson noise or Nyquist noise, is electrical noise due to random 
motions of charge carriers in a resistive material. 


Temperature noise arises from radiative or conductive exchange between the detector and its 
surroundings, the noise being produced by fluctuations in the temperature of the surroundings. 
Temperature noise is prominent in thermal detectors. 


Shot noise occurs due to the discreetness of the electronic charge. In a photoemissive detector 
shot noise is due to thermionic emission from the photocathode. Shot noise also occurs in photodiodes 
and is due to fluctuations in the current through the junction. 


Generation-recombination noise is due to the random generation and recombination of charge 
carriers (holes and electrons) in semiconductors. When the fluctuations are caused by the random arrival 
of photons impinging upon the detector, it is called photon noise. When it is due to interactions with 
phonons (quantized lattice vibrations), it is called generation-recombination noise. Johnson noise is 
predominant at high frequencies, shot noise predominates at low frequencies, and generation- 
recombination and photon noise are predominant at intermediate frequencies. 


As the name implies, 1/f noise has a power spectrum that is inversely proportional to frequency. 
It is dominant at very low frequencies. In photoemissive detectors it is called flicker noise and has been 
attributed to variation in the emission from patches of the photocathode surface due to variation in the 
work function of the surface. In semiconductors 1/f noise is also called modulation noise. Here it is 
apparently due to surface imperfections and ohmic contacts (which are a form of surface imperfection). 


Infrared Spectral Region and Features of Interest 


Different portions of the infrared spectrum are common for particular applications. The reasons 
for the selection of a specific window are often sensitive and beyond the scope of this document, but 
selections are typically based on several key considerations: 


Target characteristics such as size and spectral distribution of signature. 
Background radiance and clutter. 

Atmospheric effects (transmission, path radiance, scintillation, etc.). 
Distinguishing characteristics between natural and man-made sources. 


Table 6 describes some of the types of characteristics that are prevalent in the short-wavelength 
(SWIR) infrared (0.7 to 3.0 microns), mid-wavelength (MWIR) infrared (3.0 to 6.0 microns) and long- 
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wavelength (LWIR) infrared (7.0 to 14.0 microns) along with some types of systems that operate in these 
regions. 


Table 6. Infrared Features, Regions, and Types of Systems. 





























Dominant natural source: Sun 
Near or Short Atmospheric: 
Wave IR Transmission: High 
(SWIR) Path radiance: Scattered sunlight 
Dominant aircraft IR component: Sunlit airframe 
Anti-aircraft threat: Vehicle-launched SAM 
Dominant natural source: Sun 
Atmospheric: 





Transmission: | High transmission “windows” between H2O and 


Mid-wave IR CO, absorption 























(MWIR) Path radiance: Scattered sunlight below 3 microns 
Thermal at longer than 3 microns 
Dominant aircraft IR component: Engine hot parts and plume 
Anti-aircraft threat: All AAMs and SAMs 
Dominant natural source: Earth 
Atmospheric: 
Far or Long- Transmission: High 
wave IR Path radiance: Low: small thermal emission from ozone 
(LWIR) Dominant aircraft IR component: Airframe direct emission and terrestrial 
illumination 
Anti-aircraft threat: Airborne IRST. No anti-aircraft missiles 

















Sensors and Detection 


Figure 20 shows a generalized 
detection problem. On the left of the 
diagram are the radiation sources - the sun, 
background, and the target of interest. In 
the middle is the intervening atmosphere, 
which attenuates the radiation as it travels 
to the detection system shown on the right 
of the diagram. 
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Figure 21 shows the basic 
relationships that are critical to detection 
of a target in the infrared. The figure is 
based on a generalized aircraft, but the 
principles apply whether the target is in 
fact an aircraft against a sky background Figure 20. Generalized Detection Problem. 
or a ground vehicle being viewed from 
above against a terrain background. At detection, most targets are unresolved. The sensor’s ability to 
detect the target against background in this case is driven primarily by noise equivalent irradiance. 
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Irradiance = Intensity / (Range?) 
E = |/R2 
where: 






E= Irradiance at sensor (Wicm2) 
R = sensor-to-target range (cm) 





Range to target 
=R (cm) 


Sensor @® 














Figure 21. Detection of a Target with a Remote Sensor. 


Each of the equations shown in Figure 21 in reality has atmospheric effects and attenuation due to 
transmission losses and contributes to path radiance. Just as the power distribution of the target and 
background vary with wavelength, atmospheric effects are also spectrally selective. 


Figure 22 shows the roll off of irradiance as a function of range for two different aircraft. 
Detection occurs at the point of intersection with the sensors noise equivalent irradiance. In the case of 
threat missiles, there is often a signal-to-noise threshold required for launch of the missile to ensure target 
quality prior to launch. The product of noise equivalent irradiance and the threshold for these systems is 
known typically as the minimum trackable irradiance (MTI). This is the figure used to calculate detection 
range for such systems. 


In an effort to simplify calculations, band average atmospheric transmission values are often 
applied during analysis of detection scenarios. The target itself is non-uniformly distributed as a function 
of wavelength, and the atmospheric effect is non-uniform, so this approach is mathematically incorrect 
since it pulls a non-constant term out of an integral. The degree of error introduced by the band average 
approach depends on the spectral distribution of the source and the overall transmission of the band in 
question, but caution should be applied when applying band averages. All calculations involving 
atmospheric propagation should be done spectrally and then integrated to provide the in-band value. 
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Figure 22. Detection Range Calculation. 
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Sensor Characterization 


As described in a previous section, the output of every sensor is proportional to an integral of the 
received radiation weighted by the instrument’s response function in that domain. Every sensor responds 
to radiation in accordance with the characteristics of the sensor and its components. 


Characterization quantifies the sensor’s response shape. Knowledge of response shape is 
essential to the design of a sensor and understanding its performance in with changing ambient conditions 
and against various types of targets in real environments. 


Normalization 


Calibration of a sensor, which describes its response to known input sources, and characterization 
of the sensor would ideally be the same process. Ideally, the absolute instrument response would be 
mapped over a domain with a traceable standard laboratory source that was tunable across the range of 
interest. In the spectral domain, for example, this would require a tunable monochromater whose output 
beam provided a level of spectral irradiance traceable to a radiation standard and that also had a 
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cryogenically-cooled background source. The result would be an absolute spectral response function in 
units of output reading per unit radiance (or irradiance) as a function of wavelength. 


In practice, it is sufficient and more practical to separate the characterization and calibration 
processes, so characterization determines only the relative response shape rather than absolute. 
Calibration then incorporates the results of the shape characterization to determine the absolute 
instrument response. Both, however, are important to understanding performance of a sensor. 


Characterization uses a variety of different methods and sources to map relative response shapes. 
The response curve is then normalized and this normalized curve is used in the later derivation of the 
calibration coefficients. Different normalizations, such as normalization to an average value, are possible, 
but the convention throughout most of the measurement community today is to normalize response curves 
to unity at the peak. 


When the contributions of all the components are combined into one curve, the result is then peak 
normalized and this, now unitless, curve is used in the calibration calculations. 


Calibration 


Sensor calibration, which is the process of relating the known input power to the output of a 
sensor, requires the use of standard sources, typically National Institute of Standards and Technology 
(NIST) traceable blackbodies and various other laboratory equipment such as collimators which make all 
of the rays coming from the source parallel to each other, thus representing a source at infinity. Figure 23 
is a pictorial illustration of the calibration of a sensor. 
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Calibration quantifies the relationship between input radiant power and 
output reading. 











Figure 23. Sensor Calibration Relates Input Power to Output. 


Calibration of a sensor usually involves two major steps. Responsivity is the change in output of 
the sensor to changing input. For a sensor that responds linearly, for example, responsivity represents the 
slope of the curve when source radiance or incident irradiance is plotted against output voltage or counts 
for a digitized system. Figure 24 represents a calibration curve for a sensor that has a linear change in 
output over its dynamic range with changing input power. The slope of the curve is the “m” in the linear 
equation. Not all sensors respond linearly with power. Higher order response coefficients are common, 
especially for bolometers and infrared focal plane array sensors operated at short integration times. For 
these the process of determining the response of the instrument is the same, the curve just yields higher 
order terms. 
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Figure 24. Calibration of a Sensor to Determine Responsivity and Offset. 


For most electro-optical sensors, the responsivity does not change with ambient temperature. In 
other words, the non-constant terms in the calibration equation, whether it is linear or higher order, do not 
change with changes in temperature. Over time, however, as detectors decay, responsivity decreases. 
This would show itself on the Figure 24 as an increase in the slope value, i.e., higher input power is 
required for the same output as the detector becomes less responsive. 


Offset 


Offset is another important parameter for instrument calibration. For any real (non-ideal) 
instrument, the response curve does not pass through zero. There are several reasons for this; one being 
that except in a complete vacuum, zero radiance does not exist. Additionally, contributions from detector 
noise and radiation from the optical elements in the lens, which cause the offset to drift with changes in 
ambient temperature, contribute to the offset term. Some amount of offset is designed into the system as 
well. All electronic circuits have some amount of DC drift. To prevent clipping of the signal if this drift 
should go below the lower limit of the analog-to-digital converter, the “bottom end” level is adjusted up 
to some offset level. The consequence of this offset voltage is the addition of a y-intercept term (b), 
which also must be quantified by the calibration if the sensor is a laboratory instrument. For a sensor that 
is used for contrast detection, the intercept value is unimportant since it subtracts out in the contrast 
calculation. 


Sensitivity 


Sensitivity for a sensor is determined to a large extent by the noise level in the detector output. 
For focal plane array detector, pixel-to-pixel non-uniformity also limits the sensitivity of the system since 
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detection is determined by contrast with surrounding pixels. In practice, at least for cooled infrared 
sensors, detection is typically limited by background and not noise limits. 


Instrument Response Uniformity and Non-Uniformity Correction 


In reality, all sensors exhibit non-uniform response in all of the domains referenced previously. 
For example, in the spatial domain, the raw output of an infrared focal plane array detector exhibits pixel- 
to-pixel offset differences and response differences across the field-of-view. The response change is the 
result of two primary factors. Since each pixel is essentially a unique detector, it exhibits unique response 
because of manufacturing tolerances, slight differences in crystal structure, etc. Additionally, most 
electro-optical sensors implement an aperture or “field stop” in the case of infrared sensors, that limits the 
radiation that can reach the detector outside of the sensor’s desired field-of-view. Radiation entering at 
angles off of normal to the detector shows a cosine roll-off in incident power. The result is a reduction in 
responsivity for pixels that are radially separated from the center of the detector. For the majority of 
systems, an optical gain correction can be applied to compensate for the change in response. The typical 
method involves using an extended blackbody source that fills the FOV of the sensor. Reference images 
are collected with the source at two temperatures that are well separated across the sensor’s dynamic 
range. This process is typically called a “2-point” correction. Actual temperature is unimportant. Slope 
corrections can be determined for each pixel. The result is a gain map that can be stored in the sensor 
electronics that can be applied to each image to correct for the non-uniform spatial response across the 
detector array. Pixel-to-pixel offset maps can be determined using one of the same reference images. 
Pixel slope and offset corrections are typically derived as normalized quantities relative to a center pixel, 
average of center pixels, or maximum value. The application of the correction maps to the images is 
commonly referred to as “non-uniformity correction.” Figure 25 shows the transition from a raw image 
to a non-uniformity corrected image. 





4 f ; | 











Figure 25. Non-Uniformity Correction of a Mid-IR Image. 
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Bad Pixel Replacement 


Focal plane arrays have pixels that are either unresponsive or responsive outside of useful limits. 
Figure 25 shows some of the bad pixels that appear as small black spots in an image from an InSb IRFPA 
imager. Bad pixels can be identified during laboratory calibration or with a sensor mounted reference 
source. There are many approaches to replacement of bad pixels and the best approach often depends on 
the sensor characteristics and its application. One common approach is simply to replace the pixel with 
the average of its nearest neighbors. 


INFRARED THREATS TO AIRCRAFT AND THEIR COUNTERMEASURES 


IR guided missiles are the largest single cause for aircraft losses since the start of the 1991 Gulf 
war. All missiles designed within the last 20 years have counter-countermeasures circuitry. Every 
missile can be defeated with IR countermeasures given time to develop and test devices and techniques, 
but many missiles have not been exploited and the variety and complexity of the different designs present 
formidable challenges to the US countermeasure community. 


The IR “signature” of any aircraft has three main components: 


e Engine exhaust plumes 
e Engine hot parts (tailpipe, etc) 
e Airframe (aerodynamic heating & reflection from sun, earth, etc) 


Infrared guided missiles modulate the signal produced by the aircraft in contrast with its 
background. Previous generations of missiles used reticles to produce signal waveforms that would 
provide spatial and temporal information from which signal processing could produce trackable 
information. 


IR Missile Operation 





Aircraft (or any other object) can be intercepted using several different types of guidance. The 
simplest type is pure pursuit, where the missile is always pointed directly at the target location. This is 
not aerodynamically efficient since the missile would follow a longer (curving) flight path when 
following a crossing target. 


Most missile guidance systems are designed to lead the target so that intercept occurs at the point 
where the target will be at the time the missile arrives. This requires that the missile fly a course so the 
relative bearing to the target stays constant (constant “line of sight” angle). The LOS angle is determined 
by missile speed relative to the target (higher closing speed = smaller angle). The size of the angle isn’t 
important; only that it be constant (zero line of sight rate) as shown in Figure 26. 
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Figure 26. Missile Proportional Navigation. 


This intercept course (“proportional navigation”) requires that the missile have two separate servo 
loops: (1) a target tracker and (2) a wing control servo to control direction of flight 


For a missile to guide to its intended target, it needs a tracker, which contains the 
following elements: 


Optics to collect and focus IR from target. 

Gimbals to allow movement to point the optics. 

Gyro stabilization to isolate optics from missile body. 

Detector to convert the received IR to electrical signal. 

Stabilization (gyro) to isolate from missile body. 

A method to determine target direction to enable closed-loop tracking. 
A method to distinguish the target from natural background. 


The target tracker is the “window” into the missile’s guidance through which it can be 
deceived by countermeasures. 


The problem of determining target direction with a single detector was solved by forming an 
image of the target scene onto the center of a reticle disk that spun with the optics. Unlike, for example, 
the reticle in a rifle telescope that superimposes cross hairs, the reticle in a missile acts as a kind of shutter 
that blocks the passage of IR through part of the reticle and allows IR to pass through the other part. A 
target image falling on the opaque portion is blocked and produces no detector signal. A target image 
falling on the transparent portion is passed on to the detector. When the reticle is spun, IR from a target 
off center is alternately passed and blocked, resulting in amplitude modulation (AM). The phase of this 
modulation relative to a spin reference is used to tell target direction from center. A closed servo loop 
moves the optics to keep the target centered on the reticle. This is depicted in Figure 27. 
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Figure 27. Basic Reticle Design. 


Target trackers have another problem: The aircraft target must be distinguished from natural 
background sources, such as sunlit clouds and terrain. To solve this, they look for features in the spectral, 
spatial, and temporal domains where the target is different from background. 


e Temporal: There is no difference. Neither clouds nor aircraft signature are time varying. 

e Spectral: Some difference. Choice of wavelength band yields helpful differences between target 
and background, but this is not sufficient by itself. 

e Spatial: The most viable option. Aircraft are smaller than clouds and terrain. Background 
radiation can be greatly reduced by spatial filtering. 


If half of the reticle is made with opaque “spokes,” then some irradiance from targets with small 
images (such as aircraft) will be modulated more completely and generate a stronger signal at a faster 
modulating rate than large images (clouds) as shown in Figure 28. 
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Figure 28. IR Seeker Design for Background Discrimination. 
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The past figure and the following two figures (29 and 30) depict a spin-scan reticle used on the 
early Sidewinder designs. After the detector preamp, signal goes through a narrow bandpass filter to 
improve S/N. The AM waveform is then rectified and filtered. Target direction is determined from AM 
envelope phase. 
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Figure 29. Spin Scan Seeker. 
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Figure 30. Spin Scan Waveforms for Off-Center Target. 


Spin-scan has the following characteristics that are important to countermeasures: 


e The tracker loop drives to null the signal to zero. This occurs when the target is on the 
optical axis and the target image is at the center of the reticle. 

e If the target is off-center, an AM carrier “error signal” is generated, where the phase of 
the modulation envelope indicates the target direction. 


With spin scan, the missile is always looking at the target. This vulnerability to jammers led to 
the next evolution in target trackers: conical scan. 


Conical scan borrows concept from early fire-control radars, which used a nutating feed horn. A 
con scan tracker is shown in Figure 31. With con scan: 


e The secondary mirror of the Cassegrain is canted so the field of view seen by the detector 
sweeps out a pattern of overlapping circles. 

e A target image at boresight falls near the edge of the reticle instead of center. 

e Reticle pattern is same all the way around. (Usually tapered spokes.) 


7-1.35 





Modulation of target near boresight is FM rather than AM. This allows tighter tracking. 
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Figure 31. Conical Scan Tracker. 


In the con scan tracker, as the missile instantaneous field of view nutates about a target on 


boresite, (moving through positions at t, through ts; shown in Figure 32), the apparent position of a target 
image on the reticle sweeps out the circular pattern shown. 
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Figure 32. Image on a Con Scan Reticle: Target at Boresite. 


If the target is off boresight as shown in Figure 33, the detector receives a signal of 
varying pulse widths. 
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For larger angles off boresight, the target image falls outside the FOV of the detector for 
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Figure 33. Image on a Con Scan Reticle: Target off Boresite. 


The waveform produced by a target on boresite is a constant amplitude carrier at the reticle 
chopping frequency as shown in Figure 34. A target slightly off boresite produces a constant amplitude 
carrier that is frequency modulated at spin frequency. 
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Figure 34. Conical Scan Seeker Output. 


A target further off boresite leaves the missile field of view during part of the scan, producing an 
amplitude-modulated waveform similar to that of a spin scan tracker. The important difference is that 
with a spin scan tracker, the target never leaves the missile field of view. With con scan, the target may 
fall outside the missile FOV at certain times during the scan. Because con-scan trackers do not 
necessarily view the target continuously, they can have high resistance to jammers. 


Other types of seeker scan patterns now exist. The Rosette scan pattern shown in Figure 35 is 
one such example. It has an even higher resistance to countermeasures. 
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Figure 35. Rosette Scan Pattern. 


Imaging arrays of detectors without reticles are newer yet. They may be classified as either 
staring (every pixel sees the entire scene), or scanning arrays, where the optics plays a role in determining 
which “pixels” are exposed to optical / IR radiation. 


INFRARED COUNTERMEASURE (IRCM) 
Flares 


Figure 36 shows a Navy F/A-18E Super Hornet aircraft dispensing IRCM flares from its internal 
flare dispensers. IRCM have been the staple of countermeasures protection for military aircraft more than 
four decades. Flares are designed to transfer the track of an attacking infrared missile by exhibiting 
characteristics that confuse the tracking and guidance algorithms built into the missile. Modern missiles 
incorporate Counter-Countermeasures (CCM) capabilities including hardware configurations, circuitry, 
and logic to help identify countermeasures and reject them from processing. CCM capabilities can be 
based on spectral, spatial, and temporal features of the target scene. As missiles continue to improve in 
their sensitivity, range, maneuverability, and CCM capabilities, flares continue to evolve in order to keep 
pace with the evolving threat. 





Figure 36. Navy F/A-18E Aircraft Dispensing IRCM Flares. 
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Over the years the Navy has fielded many flare types including the MJU-2/B, MJU-8, MJU-32, 
MJU-38, MJU-27, MJU-49, and many other improved versions of these flares and other types as well. 
IRCM flares continue to be the prevailing countermeasure for military aircraft protection by offering cost 
effective and robust protection. 


Dispenser Systems 


Most Navy fixed wing and rotary wing aircraft are equipped with countermeasures dispenser 
systems. These systems are critical to the survivability of the aircraft in a hostile threat environment. 
Modern dispensers such as the AN/ALE-47 offer high reliability and substantial programming capability 
that allows flare dispenses to be tailored for maximum protection of the host aircraft type. AN/ALE-47 is 
highly integrated into the aircraft over the 1553 data buses. The dispenser can incorporate information 
from several aircraft systems including missile-warning systems to improve its responses to threats and 
provide vital situational awareness to the aircrew. 


Impulse Cartridges 


IRCM flares are dispensed from the aircraft flare dispensers with electrically initiated impulse 
cartridges. Impulse cartridges incorporate energetic materials within a small confined canister. Upon 
application of a voltage to the electrical leads, a bridge wire in contact with the energetic materials burns 
through, igniting the propellant materials. The expanding gases push the flare from its case, held captive 
in the aircraft dispenser. Impulse cartridges for Navy use have been designed to withstand the extreme 
electro-magnetic environments encountered around aircraft carriers and other combat ships. Examples of 
impulse cartridges include the CCU-63 and CCU-136. 


Infrared Jammers 


Several lamp-based and mechanically modulated jammers have been developed over the years for 
protection of aircraft. Examples include the AN/ALQ-144 and AN/ALQ-157, predominantly used on 
helicopters and cargo aircraft. These jammers offer some level of protection over a broad field-of-regard 
and offer the advantage of continuous operation. 


In principle, these jammers produce a modulated signal in the track band of the threat that 
corrupts the target tracking pulses in the missile seeker. 


Passive Missile Warning Systems 


Infrared-guided weapons provide passive attack capabilities against military vehicles. Unlike a 
radar-guided weapon that actively emits radiation and tracks the reflected pulses from the target, infrared 
weapons track radiation already being emitted from the target. Attacking missiles fly at very high speeds, 
and they are exceptionally maneuverable. Missile warning systems must be capable of detecting the 
threat, alerting the aircrew, and cueing a countermeasures response within sufficient time to counter the 
attacking missile. The time from launch to impact can be very short, making timely detection critical. 
Active warning systems have been developed in the past that use Doppler Radar capabilities to detect 
missiles, but passive missile warning systems have been preferred because of the desire to minimize 
emissions from the aircraft under attack. 
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Several passive missile-warning systems have been developed over the years for military aircraft. 
These systems operate in a variety of different parts of the electro-optical spectrum, but the most common 
are ultraviolet and infrared sensor systems. Examples of passive missile warning systems include 
AN/AAR-47, AN/AAR-54, AN/AAR-57, AN/AAQ-24 (both passive and active components), and the 
Joint and Allied Threat Awareness System (JATAS), currently under development by the Navy. Passive 
missile warning sensors continue to improve with advances in detector technologies, particularly with 
imaging detectors. These sensors provide excellent angle-of-arrival information, necessary to support 
cueing of laser based countermeasures, and advanced processing to detect and declare threat missiles in 
cluttered environments. 


Laser Countermeasures 


Laser-based infrared countermeasures have been in development for many years. Several 
systems have been fielded over the past fifteen years including the AN/AAQ-24 system on Air Force 
cargo aircraft and helicopters and a derivative system for Marine Corps helicopters. 


Although configurations vary, most of these systems incorporate a single multi-band laser or 
several single-band lasers that produce modulated waveforms designed to corrupt a missile’s guidance 
target tracking. The laser optics are located in a tracking gimbal that provides agile and rapid pointing 
over a broad field-of-regard. Laser based countermeasures require a relatively high angle of arrival 
accuracy from the host aircraft’s missile warning sensor. Upon declaration of the threat, the missile 
warning system hands-off track to the tracking gimbal and cues the lasers to lase. A tracking camera in 
the tracking gimbal with high optical resolution helps to maintain track on the threat missile through the 
engagement period. 


LASERS 


The word laser comes from Light Amplification by Stimulated Emission of Radiation. A laser 
system emits light that is generated through a process of stimulated emission. The radiation produced by 
a laser exhibits high temporal and spatial coherence. In order to begin the process of stimulated emission, 
the lasing medium absorbs the energy from a pump source. The atoms in the lasing medium are excited 
to a higher energy state. These atoms will eventually return to their ground state. A large number of 
atoms that are excited to higher states create a population inversion. Population inversion describes the 
number of atoms in excited state versus the number of atoms in the ground state. In order for the atoms to 
return to their ground state, they must release energy. This energy is released in the form of photons. 
Energy of a photon is expressed as 


oa z 
Where 
E= Energy, generally electron volts (eV) 
h = Planck’s constant = 4.136 x 10°'° (eV's) 
c= speed of light = 2.998 x 10° (m/s) 
A= wavelength of light in meters 


The energy that must be released by the atom to return to the ground state will direct the 


wavelength of the photon emitted since h and c are constants. If all the excited atoms released the same 
amount of energy to return to their ground state, the released photons would all have the same wavelength 
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and would be considered fully monochromatic. Most lasers do not emit a single wavelength but a range 
of slightly differing wavelengths (AA). 


The lasing medium may be a solid, a gas, liquid, or plasma. Some laser types include gas, 
chemical, dye, fiber-based, solid-state and semiconductor lasers. The laser radiation can be output in a 
continuous wave (CW) or in a pulsed wave. A continuous wave laser emits light that maintains a steady 
amplitude and frequency. A pulse wave will vary in amplitude and is also characterized by the systems 
pulse repetition frequency (PRF). The PRF is defined as the number of pulses emitted during a unit of 
time. Figure 37 shows the spectral output of several laser types. 


The first laser was constructed by Theodore Maiman at Hughes Research Laboratories in Malibu, 
California. This laser was a pulsed, solid-state ruby laser. The ruby laser uses a synthetic ruby crystal as 
the lasing medium. A xenon flash lamp is used to excite the atoms in a ruby rod to higher energy levels. 
The highly polished and mirrored ends of the rod form a resonant cavity. One end of the rod has a 
slightly lower reflectivity. The lamp excitation produces an inverted population of excited atoms, which 
are stimulated to relax to lower energy levels releasing their extra energy as photons. Repeated 
reflections off the mirrored ends of the rod causes the photons to bounce back and forth through the rod 
stimulating further emissions at the same wavelength and phase producing a highly coherent beam, which 
finally passes through the lower reflectivity end. 
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Figure 37. Spectral Lines / Ranges of Available Lasers. 


The typical laser rangefinder uses a solid-state laser with a neodymium-YAG crystal lasing at 
1.06 um. 


Gas lasers can be pulsed or CW. The gas dynamic laser obtains its inverted population through a 


rapid temperature rise produced by accelerating the gas through a supersonic nozzle. In chemical lasers 
the inversion is produced by a chemical reaction. In the electric discharge laser the lasing medium is 
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electrically pumped. The gas can also be optically pumped. In an optically pumped gas laser the lasing 
medium is contained in a transparent cylinder. The cylinder is in a resonant cavity formed by two highly 
reflective mirrors. 


Many gas lasers use carbon dioxide as the lasing medium (actually a mixture of CO, and other 
gases). These are the basis for most high energy or high power lasers. The first gas laser was an optically 
pumped CW helium-neon laser. The common laser pointer is a helium-neon laser operating at 
0.6328 um. The lasing medium is a mixture of helium and neon gas in a gas discharge or plasma tube. 


The dye laser is an example of a laser using a liquid for the lasing medium. The lasing medium is 
an organic dye dissolved in a solvent such as ethyl alcohol. Dye lasers operate from the near UV to the 
near IR, are optically pumped, and are tunable over a fairly wide wavelength range. 


Another type of laser is the semiconductor or injection laser, also known as a laser diode. The 
junctions of most semiconductor diodes will emit some radiation if the devices are forward biased. This 
radiation is the result of energy released when electrons and holes recombine in the junction. There are 
two kinds of semiconductor diode emitters: (1) the light emitting diode (LED), which produces incoherent 
spontaneous emission when forward biased and which has a broad (800 angstrom) spectral output, and 
(2) the laser diode, which maintains a coherent emission when pulsed beyond a threshold current and 
which has a narrow spectral width (< 10 angstrom). In the laser diode the end faces of the junction region 
are polished to form mirror surfaces. They can operate CW at room temperatures, but pulsed operation is 
more common. Figure 38 shows a typical diode laser structure. 








Metal heat sink P-type active layer 


SiO2 











Figure 38. Diode Laser Construction. 


Fiber lasers use fibers that are doped with rare-earth elements as the pumping medium. These 
rare-earth elements include elements such as Erbium (most common), Ytterbium, and Neodymium. 
There are other elements such as Thulium that are used for doping purposes. Erbium doped fiber lasers 
can emit in the 1.5 to 1.6 micron wavelength, which is important due to eye safety concerns in this part of 
the spectrum. Other wavelength emissions for Erbium include 2.7 and 0.55 microns. 


Fiber based laser systems are beneficial in many ways. The fiber gain medium is compact 
compared to many other types of gain medium and is highly efficient. The fiber gain medium can also be 
physically manipulated to save space. Fiber based lasers are able to achieve high output powers. The 
gain medium of a fiber laser can extend for several kilometers to achieve these higher power outputs. The 
fact that the light is already propagating in a flexible fiber can also allow for system designs that 
implement a gain cavity in one location and then deliver the output in another location. 


7-1.42 


Q-switching is a common means of obtaining short intense pulses from lasers. The Q-switch 
inhibits lasing until a very large inverted population builds up. The switch can be active or passive. A 
passive Q-switch switches at a predetermined level. An active Q-switch is controlled by external timing 
circuits or mechanical motion. The switch is placed between the rod (or lasing medium) and the 
100 percent mirror. Figure 39 shows an arrangement using a Pockels cell as an active Q-switch. 


(m=) 


100% Pockels . Laser Output 
Mirror Cell Polarizer Crystal Mirror 





Figure 39. Q-Switch Arrangement. 


Other methods of obtaining pulsed operation include using pump sources that are pulsed and 
mode-locking. 


FIBER OPTICS 


Fiber optic cables are the optical analog of RF waveguides. Fiber optic cables are made from 
transparent dielectrics. The fiber optic cable acts as an optical waveguide allowing light to propagate 
along the length of the fiber by using the principle of total internal reflection. This phenomenon can only 
occur under certain conditions relating to the material indices of refraction and the light ray’s angle of 
incidence. Some benefits of fiber optic fiber include low losses, bandwidth, electromagnetic interference 
immunity, size, and weight. 


Consider the physical construction of a bare optical fiber, depicted in Figure 40. A bare optical 
fiber is simply the inner glass core and the surrounding glass sleeve. The core must have a higher index 
of refraction than the cladding, n; > n2. When n; > np, light impinging the boundary between the core and 
the cladding will totally internally reflect if the incident angle at each reflection is greater than the critical 
angle, 0,.. sin 8,= (m2/ n;) 






Cladding, n, 


Figure 40. Bare Fiber Optic Cable. 
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Incident rays on the face of the fiber must intersect at angles less than 9,,,. for the internal ray, 0, 
to intersect at 8... When rays intersect the front face of the fiber at angles greater than 0,, they are only 
partially reflected in the core and will leak out. 


There are many varieties of optical fibers. Optical fibers can either be single mode or multimode. 
Single mode fibers are fibers which propagate a single mode down the length of the fiber while 
multimode fibers can propagate many modes. Single mode fibers typically have a much smaller core 
diameter, typically around 8 to 10 um. Their cladding is usually 125 um. Multimode fibers typically 
have core diameters around 62.5 um with 125 um claddings. These diameters can vary depending on the 
application. Loss in multimode fibers over a | kilometer distance is typically around | dB at 1310 nm. 
This value will vary some with changes in wavelength. Single mode fibers can maintain the quality of a 
light pulse over longer distances than multimode fibers due to modal dispersion effects that occur in 
multimode fibers. Typical losses for a single mode fiber over | kilometer is approximately .3 dB at 
1310 nm. Again, this value will vary some with changes in wavelength. However, multimode fiber is 
much less expensive than single-mode and can have a lower connection loss due to the larger core 
diameter. Multimode fiber is commonly used in communications. 


In addition to single mode or multimode, a fiber can have a step index profile or a graded index 
profile. Figure 41 depicts the two profiles. The step index profile maintains a uniform index of refraction 
within the core. A graded index profile has a peak index of refraction at the center of the core. The index 
of refraction value rolls off from the center to lower values closer to the cladding interface. This profile 
assists with the modal dispersion issue found in multimode fiber. 
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Figure 41. Fiber Profiles for a Single Mode Step Index and a Multimode Graded-Index Fiber. 


Most fiber is not used in a bare form and has some additional layers of protection around the 
cladding. These layers can include a 250 um buffer with a 900 um PVC tight buffer. Some fiber will 
also contain aramid yarn followed by a 3 mm PVC furcation tube. Buffer tubes are often used to assist 
with identification and provide damage protection. The outer layers can provide additional isolation from 
environmental factors and lower optical crosstalk. 
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There are also more specialized types of fiber that include polarization maintaining and photonic 
crystal fibers. Polarization maintaining fibers are not constructed with a cylindrical core but instead use 
elliptical, bow-tie styled cores or stress rods located in the cladding (PANDA style). These are shown in 
Figure 42. 





Elliptical Bow-Tie PANDA 


Core Stress rod 











Figure 42. Polarization Maintaining Optical Fiber Types. 


Polarization maintaining fibers maintain the state of the linearly polarized light propagating 
through the fiber. This type of fiber is used when the polarization state of the light cannot vary within a 
system. Photonic crystals propagate light by an arrangement of very small and closely spaced air holes 
that are maintained throughout the length of the fiber. Applications of photonic crystal fibers are varying 
and can be used in fiber lasers, amplifiers, sensors, and telecom. 


It is well known that fiber optics has many communication applications; however, improvements 
in fiber optic technology have lent themselves to many EO applications. Many EO components are now 
fiber based and can interface with the tremendous advancements in fiber-based laser systems as well as 
other EO systems. An example of the use of fiber optics in an EW system is the AN/ALE-50 and 55 
Fiber-Optic Towed Decoy (FOTD). The FOTD uses fiber optic cabling to communicate with the jammer. 
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LASER SAFETY 
Lasers are divided into the following classes: 


Class | Low power / non-hazardous 
Class 2/2a Low power / minor controls necessary 


Emit less than 1 mW visible CW radiation. Not considered hazardous for 
momentary (<0.25 sec) unintentional exposure. Class 2a lasers are those class 2 
lasers not intended to be viewed, i.e. supermarket scanners. 


Class 3a/3b Medium power / direct viewing hazard / little diffuse reflection hazard. 


Class 3a Visible lasers with 1-5 mW power output, invisible lasers, and those having 
1-5 times the Accessible Emission Limit (AEL) of class 1 lasers. 

Class 3b All other class 3 lasers at all wavelengths which have a power output less than 
500 mW. 

Class 4 High power / eye & skin hazard / potential diffuse reflection hazard or fire hazard 


There are several pertinent instructions and guidelines regarding laser use. They are: 


e OPNAVINST 5100.27B Navy Laser Hazards Control Program 
(which replaced OPNAVINST 5100.27A and SPAWARINST 5100.12B) 


e MIL-HDBK-828B, Range Laser Safety 
e ANSI Z136.1-2007, American National Standard for the Safe Use of Lasers (Parent) 


Every Navy command which uses lasers must have a Laser System Safety Officer (LSSO). All 
LSSOs must attend a Navy LSSO course. 


There are four categories of LSSOs. 


e Administrative Laser Safety Officer (ALSO) 
e Technical Laser Safety Officer (TLSO) 

e Laser Safety Specialist (LSS) 

e Range Laser Safety Specialist (RLSS) 


See OPNAVINST 5100.27B for details of their qualifications and responsibilities. 


The hazard ranges of interest are the NOHD for direct viewing of a beam and the rj(safey OF Tr(safe) 
for viewing a beam reflected off an object such as a wall. These are depicted in Figure 1. The Maximum 
Permissible Exposure (MPE) values present laser safety levels as a function of exposure time, laser PRF, 
pulse duration, and wavelength. Different tables are used for eye safety while directly viewing a beam, 
for viewing a diffusely reflected beam, and for skin exposure. 


7-2.1 


For repeated pulses the following equation is used to calculate the maximum permissible 
exposure (MPE). 


MPE(single pulse) 


MPE (repeated pulse) = 
( PRF xt, )” 


[1] 


Where PRF is the pulse repetition frequency of the laser and t, is the exposure duration. 


For visible lasers t, is usually taken as 1/4 second and for non-visible lasers a value of 10 seconds 
is used. 


Figure | depicts some laser hazard distances. 
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Figure 1. Laser Hazard Distances. 


Range laser safety specialists shall be designated for external operations. Range test plans shall 
specify: 


e Permissible aircraft flight paths, and ship or vehicle headings. 
e Hazard areas to be cleared. 

e Operational personnel locations. 

e Types of surveillance to be used to ensure a clear range. 

e Radio / communications procedures. 
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During laser operations no portion of the laser beam may extend beyond the controlled target area 
unless adequate surveillance can prevent radiation of unprotected areas. Class 3 and class 4 lasers shall 
not be directed above the horizon unless coordinated with those responsible for the given airspace (FAA, 
Navy, Air Force, etc). 


In an industrial environment, warning and hazard signs and lights will be posted, a hazard zone 
shall be designated when lasers are in operation, and training shall be provided to operators in the proper 
eye and body (skin) protection required. Interlocks to laser operation shall be provided when there is the 
possibility of unauthorized personnel entering the hazard area. 


Fiber optic cables usually have laser power sources so appropriate warnings or labels need to be 
applied to connections or possible breakage points. 
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AIRCRAFT DYNAMICS CONSIDERATIONS 


Free Fall / Aircraft Drag 
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FREE FALL / AIRCRAFT DRAG 


The purpose of this section is to get an awareness of the distance traveled by a flare or other object 
such as a bomb, which is jettisoned or dropped by an aircraft. This will give the reader an appreciation for the 
significance of aircraft tactical altitude. 


From Newton’s second law of motion: 
F=ma where: F = Force 


m, = Mass of object 
a = Acceleration 


and the law of gravitation: F=G “as 
¥ 
English Units SI Units 

where: F= Force of attraction lb; Newton 

G = universal gravitational constant 3.44x10° ft*/Ib-sec* — 6.67x10"'! m’/kg-sec” 

Mo, m= Masses (not weight) of object & earth slug kg 

r = distance between center of gravity of objects feet meter 

Combining the two equations and solving for “a”: 
Gm. ia 
a=——=g_, the familiar constant acceleration due to gravity. 


Since G and m, are fixed and the variation in r (the distance from the earth’s center) is small except 
for satellites, “g” is considered fixed at 32.2 ft/sec’. 


For objects with a constant acceleration (g), it can be shown that: 


Ps d= distance traveled 
d=y,t+— gt where vi= Initial velocity 
2 t=time 


g = acceleration 


For a falling object, Figure 1 on the following page may be used to estimate time/distance values. 
e The upper curve is for an object shot upward with an initial velocity of 50 ft/sec. 


e The middle curve is for an object shot horizontally with an initial velocity of 50 ft/sec or one that is 
a free-falling object dropped with no initial vertical velocity. 


e The lower curve is for an object with a downward initial velocity of 50 ft/sec. 
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Notes: 
1) 50 ft/sec is the typical cartridge ejection velocity of a flare/chaff expendable. 
2) The top curve actually goes up 39 feet before starting back down, but this is difficult to see due to the 
graph scale. 
3) This simplification ignores the effects of air drag or tumbling effects on a falling object which will 
result in a maximum terminal velocity, with resultant curve straightening. 
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Figure 1. Object Fall Rate. 


SAMPLE CALCULATIONS 


Let us assume that we want to know how far a bomb or other object has fallen after 13 seconds if it 
had been dropped from an aircraft traveling at 450 kts which was in a 40° dive. 


Our initial vertical velocity is: 450 kts (Sin 40°) (1.69 ft/sec per knot) = 489 ft/sec downward 


d=Vit+ “gt? = -489(13) + 4(-32.2)(13)" = - 6355 - 2721 = -9,076 ft. 


Remember to keep the signs (+/-) of your calculations in agreement with whatever convention you are 
using. Gravity pulls downward, so we used a minus sign for acceleration. Also the initial velocity was 
downward. 


In reality, any object may well have reached terminal velocity before the time indicated using the 
above formula or Figure 1. In this example, the actual distance determined from ballistics tables would have 
been 8,000 ft, which is about 13% less than the above calculation would indicate. The drag characteristics of 
the object determine how much shorter the distance will be. In any case, it will not have dropped farther. 
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AIRCRAFT DRAG INDEX POINTS 


Tactical aircraft carry stores in various combinations depending upon the mission. Each store has a 
different drag load which affects range. The pilot needs to know the total drag load in order to determine his 
aircraft range on a particular mission. Adding up the total drag in pounds of force for wind resistance would 
be cumbersome. Therefore, the drag of the stores is compared to a known reference drag (usually the 
aircraft), and expressed as a percentage of aircraft drag multiplied by some constant. This ratio is variously 
called drag count, drag index, or drag points. For instance, if a missile has 100 pounds of drag and the 
reference aircraft drag is 50,000 pounds, the ratio is 100/50,000 = 0.002. Multiply this by a constant of 100 
(for example) and the drag index point is 0.2. The pilot only needs to look on a chart to see what the drag 
index points are for his stores, add up the drag points, and look on a chart to see what his aircraft range and 
best range (or endurance) speed will be. 
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MACH NUMBER and AIRSPEED vs. ALTITUDE 
MACH NUMBER is defined as a speed ratio, referenced to the speed of sound, i.e. 


Velocity of Interest 
Velocity of Sound 


MACH NUMBER = (at the given atmospheric conditions) [1] 


Since the temperature and density of air decreases with altitude, so does the speed of sound, hence a 
given true velocity results in a higher MACH number at higher altitudes. 


AIRSPEED is a term that can be easily confused. The unqualified term airspeed can mean any of the 
following: 


a. Indicated airspeed (IAS) - the airspeed shown by an airspeed indicator in an aircraft. Indicated 
airspeed is expressed in knots and is abbreviated KIAS. 


b. Calibrated airspeed (CAS) - indicated airspeed corrected for static source error due to location of 
pickup sensor on aircraft. Calibrated airspeed is expressed in knots and is abbreviated KCAS. 
Normally it doesn’t differ much from IAS. 


c. True airspeed (TAS) - IAS corrected for instrument installation error, compressibility error, and errors 
due to variations from standard air density. TAS is expressed in knots and is abbreviated KTAS. TAS 
is approximately equal to CAS at sea level but increases relative to CAS as altitude increases. At 
35,000 ft, 250 KIAS (or KCAS) is approximately 430 KTAS. 


IAS (or CAS) is important in that aircraft dynamics (such as stall speed) responds largely to this 
quantity. TAS is important for use in navigation (True airspeed + wind speed = ground speed). 





Figures 1 and 2 depict relations between CAS and TAS for various altitudes and non-standard 
temperature conditions. The first graph depicts lower speed conditions, the second depicts higher speeds. 


As an example of use, consider the chart on the next page. Assume we are in the cockpit, have read our 
IAS from the airspeed indicator, and have applied the aircraft specific airspeed correction to obtain 
370 KCAS. We start at point “A” and go horizontally to our flight altitude at point “B” (25,000 ft in this 
case). To find our Mach, we go down vertically to point “C” to obtain 0.86 Mach. To get our TAS at our 
actual environmental conditions, we go from point “B” vertically until we hit the Sea Level (S.L.) reference 
line at point “D”, then travel horizontally until we reach our actual outside air temperature (-20°C at altitude) 
at point “E”, then go up vertically to read our actual TAS from the scale at point “F” (535 KTAS). If we 
wanted our TAS at “standard” temperature and pressure conditions, we would follow the dashed lines slanting 
upward from point “B” to point “G” and read 515 KTAS from the scale. Naturally, we could go into the 
graph at any point and go “backwards” to find CAS from true Mach or TAS. 


Figure 3 shows a much wider range of Mach numbers. It contains only TAS and Mach, since aircraft 
generally do not fly above Mach 2, but missiles (which don’t have airspeed indicators) do. The data on this 
graph can be obtained directly from the following formula for use at altitudes of 36,000 ft and below: 





Speed of Sound (KTAS)= 29.06 ¥ 518.7-3.57 A Where A=altitude(K ft) [2] 
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The speed of sound calculated from this formula can be used with the equation on the first page to 
obtain Mach number. This equation uses the standard sea level temperature of 59° F and a lapse rate of 
-3.57°/1000 ft altitude. Temperature stabilizes at -69.7° F at 36,000 ft so the speed of sound stabilizes there at 
573 knots. See the last page of this section for a derivation of equation [2]. 
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Figure 2. TAS and CAS Relationship With Varying Altitude and Temperature (Continued). 
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Figure 3. Mach Number vs. TAS Variation With Altitude. 


The following is a derivation of equation [2] for the speed of sound: 


Given: p = pressure (Ib/ft*) T = absolute temperature (°Rankine) = °F + 459.7 

v= specific volume (ft*/Ib) w = specific weight (Ib/ft*) = 1/v 

R =a constant (for air: R = 53.3) p = density = w/g= I/gv .. v=1/gp 
From Boyle’s law of gasses: pv = RT, therefore we have: p/p = gRT = (32.2)(53.3)T = 1718 T [3] 
It can also be shown that: p/p’ = constant; for air y = 1.4 [4] 
From the continuity equation applied to a sound wave: pAV, = (ptdp)A(V, + dV,) [5] 
Expanding and dropping insignificant terms gives: dV,=-V, dp/p [6] 


Using Newton’s second law (p + pV,/2 = a constant) and taking derivatives: dp = -pV.dV, 


Substituting into [6] gives: V.’ =dp/dp [7] 


Then taking derivatives of [4] and substituting in [7] gives: V,= [8] 


cy 


Pp 
ye) 


Then using [3] gives: V,=.f/7@RT =.1.4(1718)T = 49/T [9] 
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Using a “Standard” atmosphere of 59° F @ Sea Level (S.L.) and a lapse rate of -3.57°/1000 ft altitude: 








749 [459.7 05023 57 A | OOS 250. 0651 757A. whichigeqnationD} 
sec hr 6076 ft 
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MANEUVERABILITY 


A useful function is to determine how many “G’s” an aircraft Table 1. G vs. Angle of Bank. 
might require to make a given turn without altitude loss. From (No altitude loss) 
Newton’s laws, F cos @ = W, where: F = force applied to an aircraft, 
W = weight, and » = bank angle. By definition “G’s” is the ratio of the 
force on an object to its weight, i.e., G = F/W = I/cos 9. 


Simple calculations will show the results presented in Table 1, 
to the right. 


Given that the average structural limit of an aircraft is about 
7 G’s, the maximum bank angle that can be achieved in level (non- 
descending) flight is 81.8°. 








Figure | can be used to determine the turn radius and rate-of-turn for any aircraft, given speed and 
angle of bank (assuming the aircraft maintains level flight). It may also be used in the reverse context. It 
should be noted that not all aircraft can fly at the speeds depicted - they may stall beforehand or may be 
incapable of attaining such speeds due to power/structural limitations. 


In the example shown on Figure 1, we assume an aircraft is traveling at 300 kts, and decides to make 
a 30° angle of bank turn. We wonder what his turn radius is so we can approximate his flight path over the 
ground, and what his rate of turn will be. We enter the chart at the side at 300 kts and follow the line 
horizontally until we intercept the 30° “bank angle for rate of turn” line. We then go down vertically to 
determine the 2.10°/sec rate of turn. To get radius, we continue horizontally to the 30° “bank angle for turn 
radius” line. We can then go down vertically to determine the radius of 13,800 ft. 
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Figure 1. Aircraft Turn Rate / Radius vs. Speed. 
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The exact formulas to use are: 


Vv’ 





Rate of Turn= 


a anes Radius of Turn = 


11.26 tan() 


Another interesting 
piece of information might 
be to determine the distance 
a typical aircraft might 
travel during a maneuver to 
avoid a missile. 


Birds-eye view 
of aircraft in 
level horizontal 


Figure 2 shows a ia 


birds-eye view of such a 
typical aircraft in a level 
(constant altitude) turn. 


To counter many 
air-to-air missiles the pilot 
might make a level turn, 
however in countering a 
SAM, altitude is usually lost 


V =Velocity (Knots) 
and @= Angle of Bank 


Where : 


ASSUME: 
Vac= 400 Kts &is pulling ? G'sintum 


From Table 1: 
Angle of bank = 92° 


From Figure 1: 
Rate of Turn (ROT) = 18°fsec 
Radius of Tur = 2100 ft 


In 4 sec turning, the plane will have turned 90°, 
in 10 sec it will have turned 180° 


In § sec withoutturning, the plane will have 
traveled 3333 ft, in 10 sec it will have traveled 
6666 ft. 


5 Sec 
4999 ft 





Figure 2. Maneuvering Aircraft. 
for two reasons: (1) the ‘ 5 


direction of maneuvering against the missile may be downward, and (2) many aircraft are unable to maintain 
altitude without also losing speed. These aircraft may have insufficient thrust for their given weight or may 
be at too high an altitude. The lighter an aircraft is (after dropping bombs/burning fuel), the better the 
performance. Likewise, the higher the altitude, the poorer the thrust-to-weight ratio. Maximum afterburner is 
frequently required to maintain altitude at maximum “G” level. 


REFERENCE AXES (Roll, Pitch, Yaw) 


~ 
oo 
4 


The rotational or oscillating movement of an Pitch Axis — 





aircraft, missile, or other object about a longitudinal axis is 
called roll, about a lateral axis is called pitch, and about a 
vertical axis is called yaw as shown in Figure 3. 


1 - Yaw Axis. 


aes 
ee - Rall Axis 


Figure 3. Reference Axes. 
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SAMPLE CALCULATIONS 


If we want to determine the rate of turn or turn radius more precisely than can be interpolated from 


the chart in Figure 1, we use the formulas. For our initial sample problem with an aircraft traveling 300 kts, 
in a 30° angle of bank turn, we have: 





Raieof Tan 1091 tan(d) _ 1091 tan(30) _ 2 1°/sec 
V 300 
2 o: 
Radius of Turn = aE 8 13,844 ft 


These are the same results as we determined using Figure 1. 
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EMP / AIRCRAFT DIMENSIONS 


An aircraft flying in the vicinity of an electromagnetic pulse (EMP) acts like a receiving antenna and 
picks up EMP radiation in relation to size like a dipole (or half-wavelength dipole). The electromagnetic 
pulse spectrum decreases above 1 MHz as shown in Figure 1, so an F-14 aircraft that is an optimum 2 
wavelength antenna at ~8 MHz will pick up less EMP voltage than a B-52 or an aircraft with a trailing wire 
antenna. A rule of thumb for the voltage picked up is: 


Vemp = 8.1 volts/ft times the maximum dimension of the aircraft in feet 


This rule of thumb was generated because a single linear relationship between voltage and aperture 
seemed to exist and compared favorably with more complex calculations for voltage picked up by various 
aircraft when subjected to EMP. 


Table | shows various aircraft and the frequencies they would be most susceptible to, using f = c/A, 
where A matches the selected aircraft dimension for maximum “antenna reception effect.” This should be a 
design consideration when trying to screen onboard avionics from the effects of EMP. 


The following is a partial listing of aircraft types vs. identifying prefix letters (several are used in 
Table 1): 


Attack Tanker Trainer 

Bomber Observation Utility 

Cargo Patrol Vertical or Short Takeoff 
Electronic Surveillance Special mission and Landing (V/STOL) 
Fighter Reconnaissance Experimental 

Helicopter Anti Sub/Ship Prototype 


-70 dB fdecade 


-40 dB fdecade 


= 
ty 
— 
mi 
+ 
— 
= 
= 
LL 


1] MHZ 100 MHz 
Frequency ie 


Figure 1. EMP as a Function of Frequency. 
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Table 1. Aircraft Dimensions and Equivalent Antenna Aperture. 


‘Aivopatt Height Frequency Length Frequency a Frequency 
Mission mee (ft.) (MHz) (ft.) (MHz) (ft,) (MHz) 
2 72 


ELECTRONIC EA-6B 16.50 59.64 29.82 59.34 16.58 8.29 53.0 18.57 9.29 
WARFARE EA-18 16.0 61.47 30.74 60.17 16.35 8.17 44.67 | 22.02 | 11.01 


F-15 
F-16 
F/A-18C/D 
F/A-18E/F 
F-22 
F-35A 
F-35C 
F-117 


P-3C 33.75 29.16 14.58 8.45 4.23 99.67 9.87 4.94 
S-3A 22.75 43.25 21.63 18.45 9.23 68.67 | 14.33 7.17 
P-8 42.1 23.36 11.68 7.6 3.8 123.6 7.96 3.98 


AV-8B 11.64 84.45 42.23 46.3 21.23 10.62 30.3 32.44 | 16.22 
V-22 18.1 54.3 27.2 57.3 17.17 8.58 84.5 11.64 5.82 
15.0 65.6 32.78 51.2 19.2 9.61 35 28.1 14.05 


HELICOPTERS 


7143 


SPECIAL EC-130Q 38.5 25.56 12.78 99.34 9.91 4.96 132.58 | 7.42 3.71 
ELECTRONICS 


TRAINER T-2B 14.8 66.49 33.25 38.7 25.43 12.72 37.85 | 26.00 13.0 
T-39D 16.0 61.50 30.75 43.75 22.49 11.25 44.34 | 22.19 | 11.10 
T-45 13.5 72.86 36.43 39.33 25.0 12.5 30.8 31.93 | 15.97 





8-4.2 


DATA TRANSFER BUSSES 
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DATA BUSSES 


INTRODUCTION 


The avionics systems on ROM/UDF 


aircraft frequently contain general 
purpose computer components 
which perform certain processing 
functions, then relay this 
information to other systems. 
Some common examples are the 
mission computers, the radar 
processors, RWRs, and jammers. 
Each system is frequently laid out 


as shown in Figure 1. FAiS-232 Misc- Storage Devices 
RS-422 Display je. Disk, Tape ete 
FAS-485 etc. 
The Input/Output (I/O) IEEE-488 
modules will vary in function, but MIL-STD-1553 
all serve the same purpose - to MIL-STD-1773 


GPIB, HPIB, HPIL ete. 





translate the electrical signals from 
one protocol to one of another in 
order to exchange information. I/O 
modules are used similarly in 
general purpose computers in laboratories to test equipment and/or tie computers together via a local area 
network (LAN) to exchange information. Some of the methodologies include a star, ring, or bus type network 
(see terminology at the end of this section). 


Figure 1. Avionics Block Diagram. 


A number of network “models” exist for describing the functions, interfaces and protocols involved in 
network data interchange. Regardless of the descriptive model used, all strive toward the same end and none 
actually changes the detailed implementation. Table | shows the layer names and the number of layers of 
networking models presented in Internet Engineering Task Forces (IETF) Request For Comments (RFCs) and 
in common use by textbooks. 


Table 1. Some Common Network Architecture Models. 


IETF-RFC 1122 Stallings | Cisco Academy 
Four layer __|Five-layer Internet model or| TCP/IP 5-layer Five layer Four layer 
Internet model TCP/IP protocol suite reference model |TCP/IP model| Internet model 


Application Application Application Application Application 


Host-to-host 
T rt 
Transport Transport Transport or transport ranspo 


Internetwork 
Link Dan link Data link (Network| Network Network 
interface) access interface 


Po Physical (Hardware) Physical as 





These textbooks are secondary sources that may be contrary to the intent of RFC 1122 and other 
primary sources such as the Open Systems Interconnection (OSI) Reference Model developed by the 
International Organization for Standardization (ISO). 
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The OSI Reference Model is a more general description for layered communications and computer 
network protocol design. The IETF makes no effort to follow the OSI model although RFCs sometimes refer 
to it. The description of the OSI layers is shown in Table 2. 


Table 2. OSI Reference Model. 


Misc Example IP Suitte 


DHCP, DNS, FTP, 
7| APPLICATION Meaning of data HL7, Modbus Gopher, HTTP, NTP, 
SMTP, SNMP, Telnet 

6 [PRESENTATION Building blocks of data” | “sci, BRCDIC, MIDI MIME, XDR, SSL 

and encryption 
Opening and closing of 
5 SESSION specific communication Nelo. Sar Hale NetBIOS, RTP, SAP 
paths — Simplex, SDP 


4 | TRANSPORT Error checking | ss NBF-——si|- PPTP, SCTP, TCP, UDP 
Determination of data 
3) NETWORK paths within the network NBF, Q.931, IS-IS IP, ICMP 
Data transmission, source, 802.3 (Ethernet), PPP 
Dae destination, and checksum | 802.1 1a/b/g/n MAC, FDDI peak cia cas 
Voltage levels, signal RS-232, 10Base-T, 

A layer is a collection of conceptually similar functions that provide services to the layer above it and 
receives service from the layer below it. On each layer an instance provides services to the instances at the 
layer above and requests service from the layer below. For example, a layer that provides error-free 
communications across a network provides the path needed by applications above it, while it calls the next 


lower layer to send and receive packets that make up the contents of the path. Conceptually two instances at 
one layer are connected by a horizontal protocol connection on that layer. 








Most networks do not use all layers. For example, RS-232 is only a physical layer. Ethernet is only 
layers 1 and 2. TCP/IP is a protocol, not a network, and uses layers 3 and 4 regardless of whether layers 1 
and 2 are a telephone line, wireless connection, or 10Base-T Ethernet cable. 


Most of the sections in this division discuss the lowest (physical) layer of communication. There are, 
however, several more areas of general interest which are included in later sections such as Ethernet and 
TCP/IP. These are used in general purpose computers like the desktop PC or lab networks, and are not 
commonly used in aircraft. 


The typical high-speed data busses on avionics/computers do not operate as fast as the CPU clock 
speed, but they are much faster than the interface busses they connect to. There are a number of interface 
busses (physical layer in network model) which are widely used by aircraft, avionics systems and test 
equipment. The most common include the RS-232, the RS-422, the RS-485, the IEEE-488 (GP-IB/HP-IB) 
and the MIL-STD-1553A/B. The MIL-STD-1773 bus is a fiber optic implementation of the 1553 bus and 
may be used in the future when technology requires it to reduce susceptibility to emissions or other reasons. 
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A summary of these more common types follows in Table 3, which includes a brief descriptive 
comparison, while a section covering each in more detail is provided later. 


Table 3. Summary of Physical Bus Characteristics. 
Max 
# of Rise Data 
Terminals 
RS-232C 100 feet max 1 Serial | 3-20 | 150 - 19,200 5- to 8- bit 
50 ft at 20k bps baud per sec serial 


RS-422 1.2 km 10° Serial 3 see figure in | <0.1 T, | unspecified 
RS-232 
section 


RS-485 10 MHz 


IEEE-488 20 meters 14 Parallel 16 500 kHz 8-bit parallel 
(GP-IB/HP-IB) 


HP-IL 20kBPS | | _ serial 
MIL-STD-1553B 300 feet 32 Serial 3 1 MHz 100- | 20-bit serial 
MIL-STD-1773 N/A 300 ns 


NOTES FROM TABLE: 





(1) Max Number of Terminals does not include the bus controller. 

(2) Including ground/shield 

(3) T, = time duration of the unit interval at the applicable data signaling rate (pulse width) 

(4) Length is function of data signaling rate influenced by the tolerable signal distortion, amount of 
longitudinally coupled noise and ground potential difference introduced between the controller and 


terminal circuit grounds as well as by cable balance. See RS-422 section for graph. 


(5) Physical arrangement of multiple receivers involves consideration of stub line lengths, fail-safe networks, 
location of termination resistors, data rate, grounding, etc. 


(6) Rate can go up to 1 MHz if special conventions are followed. 


(7) Max Number of Terminals includes terminal reserved for broadcast commands. 


BUS TERMINOLOGY 
10BASE-T: Standard “Plain Vanilla” Ethernet based on Unshielded Twisted Pair wire 
10BASE-F: 10Mbps fiber optic Ethernet 
100BASE-T: Standard “Fast Ethernet” based on twisted pair copper wire 


ADDRESS: A unique designation for the location of data or the identity of an intelligent device; allows each 
device on a single communications line to respond to its own message. 


ASCII (American Standard Code for Information Interchange): Pronounced asky. A seven-bit-plus- 
parity code established by ANSI to achieve compatibility between data services. 


ASYNCHRONOUS OPERATION: Asynchronous operation is the use of an independent clock source in 
each terminal for message transmission. Decoding is achieved in receiving terminals using clock information 
derived from the message. 


BAUD: Unit of signaling speed. The speed in baud is the number of discrete events per second. If each 
event represents one bit condition, baud rate equals bits per second (BPS). When each event represents more 
than one bit, baud rate does not equal BPS. 


BIT: Contraction of binary digit: may be either zero or one. A binary digit is equal to one binary decision 
or the designation of one or two possible values of states of anything used to store or convey information. 


BIT RATE: The number of bits transmitted per second. 

BRIDGE: A network bridge connects multiple network segments at the data link layer (layer 2) of the OSI 
model, and the term layer 2 switch is very often used interchangeably with bridge. Bridges are similar to 
repeaters or network hubs, devices that connect network segments at the physical layer; however, with 


bridging, traffic from one network is managed rather than simply rebroadcast to adjacent network segments. 


BROADCAST: Operation ofa data bus system such that information transmitted by the bus controller or a 
remote terminal is addressed to more than one of the remote terminals connected to the data bus. 


BUS CONTROLLER: The terminal assigned the task of initiating information transfers on the data bus. 


BUS MONITOR: The terminal assigned the task of receiving bus traffic and extracting selected information 
to be used at a later time. 


BYTE: A binary element string functioning as a unit, usually shorter than a computer “word.” Eight-bits per 
byte are most common. Also called a “character.” 


COMMAND/RESPONSE: Operation ofa data bus system such that remote terminals receive and transmit 
data only when commanded to do so by the bus controller. 


CRC: Cyclic Redundancy Check; a basic error-checking mechanism for link-level data transmissions; a 


characteristic link-level feature of (typically) bit-oriented data communications protocols. The data integrity 
of a received frame or packet is checked by an algorithm based on the content of the frame and then matched 
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with the result that is performed by a sender and included in a (most often, 16-bit) field appended to the 
frame. 


CROSSOVER CABLE: Cable with transmit/receive pairs reversed so one computer or hub or switch can 
link directly to another. 


DATA BUS: Whenever a data bus or bus is referred to in MIL-STD-1553B, it shall imply all the hardware 
including twisted shielded pair cables, isolation resistors, transformers, etc., required to provide a single data 


path between the bus controller and all the associated remote terminals. 


DCE (Data Communications Equipment): Devices that provide the functions required to establish, 
maintain, and terminate a data-transmission connection; e.g., a modem. 


DHCP: Dynamic Host Configuration Protocol - permits auto-assignment of temporary IP addresses for new 
devices logging in 


DNS: Domain Name Server - associates names with IP addresses 
DTE (Data Terminal Equipment): Devices acting as data source, data sink, or both. 
DUPLEX: Communication traveling between two nodes in both directions 


DYNAMIC BUS CONTROL: The operation of a data bus system in which designated terminals are offered 
control of the data bus. 


EIA (Electronic Industries Association): A standards organization in the U.S.A. specializing in the 
electrical and functional characteristics of interface equipment. 


FDM (Frequency-Division Multiplexer: A device that divides the available transmission frequency range 
into narrower banks, each of which is used for a separate channel. 


FDX (Full Duplex): Simultaneous, two-way, independent transmission in both directions (4-wire). 
FTP: File Transfer Protocol - the most popular mechanism for bulk movement of files on TCP/IP. 


GATEWAY: Device which links Ethernet to dissimilar networks and transfers data at the application layer 
level. Interface cards link the PC to Ethernet via the PCI, ISA, PCMCIA, PC/104, or other buses. 


GPIB: General Purpose Interface Bus (see section 9-5), 


HALF DUPLEX: Operation of a data transfer system in either direction over a single line, but not in both 
directions on that line simultaneously. 


HANDSHAKING: Exchange of predetermined signals between two devices establishing a connection. 
Usually part of a communications protocol. 


HPIB / HPIL: Hewlett-Packard Interface Bus / Hewlett-Packard Interface Loop 


HUB: The simplest method of redistributing data, are “dumb,” not interpreting or sorting messages that pass 
through them. A hub can be as simple as an electrical buffer with simple noise filtering. It isolates the 


impedances of multiple spokes ina star topology. Some hubs also have limited store-and-forward capability. 
They indiscriminately transmit data to all other devices, which are still on the same collision domain, 
connected to the hubs. They are not assigned MAC addresses or IP addresses. 


IEEE (Institute of Electrical and Electronic Engineers): An international professional society that issues 
its own standards and is a member of ANSI and ISO. 


IP: Internet Protocol portion of TCP/IP. It is a protocol used for communicating data across a packet- 
switched network. 


IP ADDRESS: Address of a TCP/IP enabled device on an Intranet or Internet — in the form 
XXX.XXX.XXX.XXX, Where xxx is an integer between 0 and 255. 


LAN: Local Area Network 
MAC: Media Access Control - the physical components which disassemble Ethernet message fames 


MANCHESTER ENCODING: Digital encoding technique (specified for the IEEE 802.3 Ethernet baseband 
network standard) in which each bit period is divided into two complementary halves; a negative-to-positive 
(voltage) transition in the middle of the bit period designates a binary “1,” while a positive-to-negative 
transition represents a “0.” The encoding technique also allows the receiving device to recover the 
transmitted clock from the incoming data stream (self-clocking). 


MESSAGE: A single message is the transmission of a command word, status word, and data words if they 
are specified. For the case of a remote terminal to remote terminal (RT to RT) transmission, the message shall 
include the two command words, the two status words, and data words. 


MODE CODE: A means by which the bus controller can communicate with the multiplex bus related 
hardware, in order to assist in the management of information flow. 


MODEM (Modulator-Demodulator): A device used to convert serial digital data from a transmitting 
terminal to a signal suitable for transmission over a telephone channel, or to reconvert the transmitted signal 
to serial digital data for acceptance by a receiving terminal. 


MULTIPLEXOR (also Multiplexer): A device used for division of a transmission into two or more 
subchannels, either by splitting the frequency band into narrower bands (frequency division) or by allotting a 
common channel to several different transmitting devices one at a time (time division). 


NETWORK: An interconnected group of nodes; a series of points, nodes, or stations connected by 
communications channels; the assembly of equipment through which connections are made between data 
stations. 





NODE: A point of interconnection to a network. Normally, a point at which a number of terminals or tail 
circuits attach to the network. 


PARALLEL TRANSMISSION: Transmission mode that sends a number of bits simultaneously over 
separate lines (e.g., eight bits over eight lines) to a printer. Usually unidirectional. 


PHASE MODULATION: One of three ways of modifying a sine wave signal to make it “carry” 
information. The sine wave or “carrier” has its phase changed in accordance with the information to be 
transmitted. 

PING: Packet Inter Net Groper - very useful utility which probes for the existence of a TCP/IP host 


POLLING: A means of controlling devices on a multipoint line. 


PORT: A number in TCP/IP to which services are assigned; e.g. FTP is port 21; SMTP is port 25; HTTP is 
port 80. 


PROTOCOL: A formal set of conventions governing the formatting and relative timing of message 
exchange between two communicating systems. 


PULSE CODE MODULATION (PCM): The form of modulation in which the modulation signal is 
sampled, quantized, and coded so that each element of information consists of different types or numbers of 
pulses and spaces. 

REMOTE TERMINAL (RT): All terminals not operating as the bus controller or as a bus monitor. 
REPEATER: Buffer which cleans up, strengthens and re-transmits a signal. 


ROUTER: Repeater which selectively re-distributes messages based on IP address 


SERIAL TRANSMISSION: The most common transmission mode; in serial, information bits are sent 
sequentially on a single data channel. 


SNMP: Simple Network Management Protocol; allows monitoring and management of a network. 


SOCKET: Specific instance of an IP address and Port number that represents a single connection between 
two applications. 


STAR TOPOLOGY: Topology which allows only one device at each end of a wire and requires repeaters 
for more than two devices. 


STUBBING: Stubbing is the method wherein a separate line is connected between the primary data bus line 
and a terminal. The direct connection of stub line causes a mismatch which appears on the waveforms. This 
mismatch can be reduced by filtering at the receiver and by using bi-phase modulation. Stubs are often 
employed not only as a convenience in bus layout but as a means of coupling a unit to the line in such a 
manner that a fault on the stub or terminal will not greatly affect the transmission line operation. In this case, 
a network is employed in the stub line to provide isolation from the fault. These networks are also used for 
stubs that are of such length that the mismatch and reflection degrades bus operation. The preferred method 
of stubbing is to use transformer coupled stubs. The method provides the benefits of DC isolation, increased 
common mode protection, a doubling of effective stub impedance, and fault isolation for the entire stub and 
terminal. Direct coupled stubs should be avoided if at all possible. Direct coupled stubs provide no DC 
isolation or common mode rejection for the terminal external to its subsystem. Further, any shorting fault 
between the subsystems’ internal isolation resistors (usually on the circuit board) and the main bus junction 
will cause failure of that entire bus. It can be expected that when the direct stub length exceeds 1.6 feet, that it 
will begin to distort the main bus waveforms. Note that this length includes the cable runs internal to a given 
subsystem. 


SUBSYSTEM: The device or functional unit receiving data transfer service from the data bus. 
SWITCH: Repeater which selectively re-distributes messages based on hardware MAC address 


SYNCHRONOUS TRANSMISSION: Transmission in which data bits are sent at a fixed rate, with the 
transmitter and receiver synchronized. Synchronized transmission eliminates the need for start and stop bits. 


TCP: Transmission Control Protocol - mechanism in TCP/IP that ensures that data arrives intact and in 
correct order 


TELNET: Standard interface through which a client may access a host as though it were local 


TERMINAL: The electronic module necessary to interface the data bus with the subsystem and the 
subsystem with the data bus. Terminals may exist as separate units or be contained within the elements of the 
subsystem. 


TIME DIVISION MULTIPLEXING (TDM): The transmission of information from several signal sources 
through one communication system with different signal samples staggered in time to form a composite pulse 
train. 


UDP: User Datagram Protocol - lower overhead alternative to TCP protocol which does not guarantee 
message delivery 


WORD: A set of bits or bytes comprising the smallest unit of addressable memory. In MIL-STD-1553B, a 
word is a sequence of 16 bits plus sync and parity. 


RS-232 INTERFACE 
INTRODUCTION 


The RS-232 interface is the Electronic Industries Association (EIA) standard for the interchange of 
serial binary data between two devices. It was initially developed by the EIA to standardize the connection of 
computers with telephone line modems. The standard allows as many as 20 signals to be defined, but gives 
complete freedom to the user. Three wires are sufficient: send data, receive data, and signal ground. The 
remaining lines can be hardwired on or off permanently. The signal transmission is bipolar, requiring two 
voltages, from 5 to 25 volts, of opposite polarity. 


COMMUNICATION STANDARDS 


The industry custom is to use an asynchronous word consisting of: a start bit, seven or eight data bits, 
an optional parity bit and one or two stop bits. The baud rate at which the word sent is device-dependent. 
The baud rate is usually 150 times an integer power of 2, ranging from 0 to 7 (150, 300, 600, ...., 19,200). 
Below 150 baud, many system-unique rates are used. The standard RS-232-C connector has 25 pins, 21 pins 
which are used in the complete standard. Many of the modem signals are not needed when a computer 
terminal is connected directly to a computer, and Figure 1 illustrates how some of the “spare” pins should be 
linked if not needed. Figure 1 also illustrates the pin numbering used in the original DB-25 connector and 
that now commonly used with a DB-9 connector normally used in modern computers 


Specifying compliance to RS-232 only establishes that the signal levels in two devices will be 
compatible and that if both devices use the suggested connector, they may be able to be connected. 
Compliance to RS-232 does not imply that the devices will be able to communicate or even acknowledge 
each other’s presence. 


RS-232 Interface 
Ground 


Transmit data Transmit data 
esate 4 ~“< Reseive data 


Request to send Request to send 


Carrier detect Carrier detect 


TERMINAL 


fag 
rT) 
| 
o 
= 
o 
*) 


Data set ready Data set mady 


Data terminal ready Data terminal ready 





Figure 1. Direct-to-Computer RS-232 Interface. 
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Table 1 shows the signal names, and functions of the RS-232 serial port pinout. Table 2 shows a 
complete pin description. 


Name Pin Signal Name 


AB 


CD 


Pin Description Pin Description 


1 PG 
Protective 
Ground 
TxD 
Transmit Data 
RxD 
Receive Data 
RTS 
Request to Send 


5 CTS 
Clear to Send 


7 SG 
Signal Ground 
20 DTR 
Data Terminal 
Ready 





Table 1. RS-232 Serial Port Pinout. 


Function 


This line is connected to the chassis ground of the GPIB-232CV. Since the 
GPIB-232CV chassis ground is not connected to earth ground, pin | 
should be connected on both serial devices. 

This line carries serial data from the GPIB-232CV to the serial host. 


This line carries serial data from the serial host to the GPIB-232CV. 


This signal line is driven by the GPIB-232CV and when asserted indicates 
that the GPIB-232CV is ready to accept serial data. The GPIB-232CV un- 
asserts RTS when it is no longer ready to accept serial data because of a 
buffer full condition. 

This signal line is asserted by the serial host and sensed by the GPIB- 
232CV. When asserted, it indicates that the serial host is ready to accept 
serial data. When unasserted, it indicates that data transmission should be 
disabled. 

This line establishes a reference point for all interface voltages. 


This signal line is asserted by the GPIB-232CV to signal that it has been 
powered on, and is ready to operate. 


Table 2. RS-232C Interface Signals. 


Pin Description 


1 Protective Ground 10 (Reserved for Data Set Testing) 19 Secondary Request to Send 
2 Transmitted Data 11 Unassigned 20 Data Terminal Ready 


4 Request to Send 13 Sec. Clear to Send 22 Ring Indicator 


(DTE/DCE Source) 
Timing (DCE Source) Timing (DTE Source) 


3. Received Data 12 Sec. Rec’d. Line Sig. Detector 21 Signal Quality Detector 


7 Signal Ground 16 Secondary Received Data 25 Unassigned 
(Common Return 


Poe pas | 
Detector (DCE Source) 
9 (Reserved for Data Set | 18 Unassigned 
el a 
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Electrical Characteristics: The RS-232-C specifies the signaling rate between the DTE and DCE, and a digital 
signal is used on all interchange circuits. The RS-232 standard specifies that logic “1” is to be sent as a 
voltage in the range -15 to -5 V and that logic “0” is to sent as a voltage in the range +5 to +15 V. The 
standard specifies that voltages of at least 3 V in amplitude will always be recognized correctly at the receiver 
according to their polarity, so that appreciable attenuation along the line can be tolerated. The transfer rate is 
rated > 20 kbps and a distance of < 15m. Greater distance and data rates are possible with good design, but it 
is reasonable to assume that these limits apply in practice as well as in theory. The load impedance of the 
terminator side of the interface must be between 3000 and 7000 ohms, and not more than 2500 pF. 





Table 3, summarizes the functional specifications of the most important circuits. 


Table 3. RS-232-C Circuit Definitions. 


Direction : 
to: 


Data Signals 


Transmitted Data (BA) 
Received Data (BB) 


Timing signals 
Transmitter Signal Element Timing (DA) 
Transmitter Signal Element Timing (DB) 


Data generated by DTE 
Data Received by DTE 


Clocking signal, transitions to ON and OFF occur at center of each signal element 
Clocking signal, as above; both leads relate to signals on BA 


Receiver Signal Element Timing (DD) Clocking signal, as above, for circuit BB 
Control Signals 

Request to Send (CA) 

Clear to Send (CB) 

Data Set Ready (CC) 

Data Terminal Ready (CD) 

Ring Indicator (CE) 

Carrier Detect (CF) 

Signal Quality Detector (CG) 

Data Signal Rate Selector (CH) 

Data Signal Rate Selector (CI) 


DTE wishes to transmit 

DCE is ready to transmit; response to request to send 

DCE is ready to operate 

DTE is ready to operate 

Indicates that DCE is receiving a ringing signal on the communication channel 
Indicates that DCE is receiving a carrier signal 

Asserted when there is reason to believe there is an error in the received data 
Asserted to select the higher of two possible data rates 

Asserted to select the higher of two possible data rates 


Ground 
Protective Ground (AA) 
Signal Ground (AB) 


Attached to machine frame and possibly external grounds 
Establishes common ground reference for all circuits 





Range: The RS-232-C standard specifies that the maximum length of cable between the transmitter and 
receiver should not exceed 100 feet. Although in practice many systems are used in which the distance 
between transmitter and receiver exceeds this rather low figure. The limited range of the RS-232C standard is 
one of its major shortcomings compared with other standards which offer greater ranges within their 
specifications. One reason why the range of the RS-232C standard is limited is the need to charge and 
discharge the capacitance of the cable connecting the transmitter and receiver. 


Mechanical Characteristics: The connector for the RS-232-C is a 25 pin connector with a specific 
arrangement of wires. In theory, a 25 wire cable could be used to connect the Data Terminal Equipment 
(DTE) to the Data Communication Equipment (DCE). The DTE is a device that is acting as a data source, 
data sink, or both, e.g. a terminal, peripheral, or computer. The DCE 1s a device that provides the functions 
required to establish, maintain, and terminate a data-transmission connecting, as well as the signal conversion, 
and coding required for communication between data terminal equipment and data circuit; e.g. a modem. 
Table 4, shows the complete summary of the RS-232-C, e.g., descriptor, sponsor, data format, etc. 
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Table 4. Summary of the RS-232-C. 


Data Format 5- to 8- bit serial 
Transfer Type 


Error Optional Parity Bit 
Handling 


25-pin female connector on DCE; 25-pin male connector on DTE 


20 kbs 


Remarks RS-232 is used in the microcomputer world for communications between two DTEs. 
The null-modem is included into one or both connecting devices, and/or cable and is 
seldom documented. As a result, establishing an RS-232 connection between two 


DTEs is frequently a difficult task. 
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RS-422 BALANCED VOLTAGE INTERFACE 


Specifying compliance to RS-422 only establishes that the signal between the specified devices will 
be compatible. It does not indicate that the signal functions or operations between the two devices are 
compatible. The RS-422 standard only defines the characteristic requirements for the balanced line drivers 
and receivers. It does not specify one specific connector, signal names, or operations. RS-422 interfaces are 
typically used when the data rate or distance criteria cannot be met with RS-232. The RS-422 standard allows 
for operation of up to 10 receivers from a single transmitter. The standard does not define operations of 
multiple tri-stated transmitters on a link. 


The RS-422-A interfaces between the Data Terminal Equipment (DTE) and Data Communication 
Equipment (DCE) or in any point-to-point interconnection of signals between digital equipment. It employs 
the electrical characteristics of balanced-voltage digital interface circuits. 


The balanced voltage digital interface circuit will normally be utilized on data, timing, or control 
circuits where the data signaling rate is up to 10 Mbit/s. While the balanced interface is intended for use at 
the higher data signaling rate, it may (in preference to the unbalanced interface circuit ) generally be required 
if any of the following conditions prevail: 


e The interconnecting cable is too long for effective unbalanced operation. 


e The interconnecting cable is exposed to an extraneous noise source that may cause an unwanted 
voltage in excess of + 1 volt measured differentially between the signal conductor and circuit 
common at the load end of the cable with a 50 ohm resistor substituted for the generator. 


e tis necessary to minimize interference with other signals. 


e Inversion of signals may be required, i.e. plus to minus MARK may be obtained by inverting the 
cable pair. 


Applications of the balanced voltage digital interface circuit are shown in Figure 1. 


LEGEND: 
OTE = Data Terminal Equipment 


OGE = Data Gommunication Equipment 
[> = Interface Generator 


= Interface Load 


BY = Balanced Interface Curcuit 
—s>— =Telecommunication Ghannel 





Figure 1. Application of a RS-422 Circuit. 
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While a restriction on maximum cable length is not specified, guidelines are given later with respect 
to conservative operating distances as function of data signaling rate. 


For a binary system in which the RS-422-A is designed, the data signaling rate in bit/s and the 
modulation in bauds are numerically equal when the unit interval used in each determination is the minimum 
interval. 


Electrical Characteristics: 


The balanced voltage digital interface circuit consists of three parts: the generator (G), the balanced 
interconnecting cable, and the load. The load is comprised of one or more receivers (R) and an optional cable 
termination resistance (RT). The balanced voltage interface circuit is shown in Figure 2. 


Environmental Constraints: 


Balanced voltage digital interface conforming to this standard will perform satisfactorily at data 
signaling rates up to 10 Mbit/s providing that the following operational constraints are satisfied: 


e The interconnecting cable length is within that recommended for the applicable data signaling 
rate (see Figure 3) and the cable is appropriately terminated. 

e The common mode voltage at the receiver is less than 7 volts (peak). The common mode voltage 
is defined to be any uncompensated combination of generator-receiver ground potential 
difference, the generator offset voltage (Vos), and longitudinally coupled peak noise voltage 
measured between the received circuit ground and cable within the generator ends of the cable 
short-circuited to ground. 


BALANCED 


GENERATOR “ERIN RECEIVER 


A As 
a 
2 To 


To additional! 
receivers, 
Va if any 
LEGEND: 
Ri = Optional Cable Termiration Resistance 
Va = Ground Potent&al Difference 
A,B = Generator Interface Points 
Aa, Br = Load Interface Points 
C = Generator Circuit Ground 
Cy = Load Circuit Ground 
Note: The physical connections of multiple receiver is not defined 





Figure 2. Balanced Digital Interface Circuit. 
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Interconnecting Cable Guidelines: 


The maximum permissible length of cable separating the generator and the load is a function of data 


signaling rate and is influenced by the tolerable signal distortion, the amount of coupled noise and ground 
potential difference introduced between the generator and load circuit as well as by cable balance. The curve 
of cable length versus signaling rate is given in Figure 3. This curve is based upon using 24 AWG copper, 
twisted-pair cable with a capacitance of 52.5 pF/meter terminated in a 100 ohm load. As data signaling rate is 
reduced below 90 kbit/s, the cable length has been limited at 1200 meters by the assumed maximum allowable 
6 dBV signal loss. 


Industry customs are not nearly as well established for RS-422 interfaces as they are for RS-232. The 
standard specifies use of the 37-pin “D”; the 9-pin “D” is specified for use with the secondary channel. Most 
data communications equipment uses the 37-pin “D”; many computer applications use a 9-pin “D” only. 
Some equipment applications use the 25-pin “D” defined for RS-232. 


Compatibility With Other Interfaces: 


Since the basic differential receivers of RS-423-A and RS-422-A are electrically identical, it is 
possible to interconnect an equipment using RS-423-A receivers and generators on one side of the interface 
with an equipment using RS-422-A generators and receivers on the other side of the interface, if the leads of 
the receivers and generators are properly configured to accommodate such an arrangement and the cable is not 
terminated. 


This circuit is not intended for interoperation with other interface electrical circuits such as RS-232-C, 
MIL-STD-188C, or CCITT (Comite Consultatif Internationale Telegraphique et Telephonique), 
recommendations V.28 and V.35. Under certain conditions, the above interfaces may be possible but may 
require modification of the interface or equipment; therefore satisfactory operation is not assured and 
additional provisions not specified herein may be required. 
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Figure 3. Data Signaling Rate vs. Cable Length. 
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RS-485 INTERFACE 


STANDARD FOR ELECTRICAL CHARACTERISTICS OF GENERATORS AND RECEIVERS FOR 
USE IN BALANCED DIGITAL MULTIPOINT SYSTEMS 


Introduction: The RS-485 is the recommend standard by the Electronic Industries Association (EIA) that 
specifies the electrical characteristics of generators and receivers that may be employed for the interchange of 
binary signals in multipoint interconnection of digital equipments. When implemented within the guidelines, 
multiple generators and receivers may be attached to a common interconnecting cable. An interchange 
system includes one or more generators connected by a balanced interconnecting cable to one or more 
receivers and terminating resistors. 


Electrical Characteristics: 

The electrical 
characteristics that are 
specified are measured at 
an interconnect point 
supplied by the devices 


Balanced 

manufacturer. Figure 1 Interconnecting 

: : Cable 
shows an interconnection 
application of generators Interface 

; : Described in 

and receivers having the LEGEND: This Standard 
electrical parameters G = Generator 
specified. The elements in R_ =ReceWver 

: : G/F = Combination Generator / Receiver 
the application are: a ; 

ti : L =Length of stub: the guideline assumes length of stub to be effectively zera 

eenenates Pree eNotes Ri = Termination resistance; location and value are not specified in this 
transmission cables, and standard, but a generator can drive 32 unit loads plus two termination 


resistances of 120 ohms each. 





termination resistances 
(Rt). The loads on the 
system caused by each 
receiver and passive generator shall be defined in terms of unit loads. Each generator can drive up to 32 unit 
loads consisting of both receivers and generators in the passive state. The loading caused by receivers and 
passive generators on the interconnect must be considered in defining the device electrical characteristics. 
Two areas are of concern: the DC load and the AC load characteristics. The DC load is defined as a number 
or fractions of “unit loads.” The AC loading is not standardized but must be considered in the design of a 
system using the devices meeting this standard. 


Figure 1. Multipoint Interconnect Application. 


General System Configuration: The generators and receivers conforming to the RS-485 standard can operate 
with a common mode voltage between -7 volts and +7 volts (instantaneous). The common mode voltage is 
defined to be any uncompensated combination of generator-receiver ground potential difference and 
longitudinally coupled peak noise voltage measured between the receiver circuit ground and cable with the 
generator ends of the cable short circuited to ground, plus the generator offset voltage (Vos). 


Grounding Arrangements: Proper operation of the generator and receiver circuits requires the presence of a 
signal return path between the circuit grounds of the equipment at each end of the interconnection. The 
grounding arrangements are shown in Figure 2. Where the circuit reference is provided by a third conductor, 
the connection between circuit common and the third conductor must contain some resistance (e.g., 
100 ohms) to limit circulating currents when other ground connections are provided for safety. Some 
applications may require the use of shielded interconnecting cable for EMI or other purposes. The shield 
shall be connected to frame ground at either or both ends, depending on the application. 
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Balanced Interc onnecting 
Cable Pair 


v7 Logic reference 


1 
Optional ! 100 Q * 
Strap 1/2 W 
Chassis reference 


Earth (safety) reference 


Resistor must become an open NOTE: Third conductor not required if earth 
circuit when overloaded reference provided in each using equipment. 





Figure 2. Grounding Arrangements. 
Similarity with RS-422-A: 
In certain instances, it may be possible to produce generators and receivers that meet the requirements 
of both RS-422-A and of RS-485. Table 1 depicts the differences in parameter specifications which exist 


between the two documents. 


Table 1. Comparison of RS-422-A and RS-485 Characteristics. 


Min. output voltage 2V into 100 ohm 1.5 V into 54 ohms 
> 1/2 open circuit V 


150 mA maximum ee 


I 
Inonto-7,412 volts | CSC—CSCSCSCCSdSs«250. AA pez 
<0.1 t, , 100 ohm load <0.3 t,, 54 ohm, 50 pF load 


Where t, = time duration of the unit interval at the applicable data signaling rate (pulse width). 
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IEEE-488 INTERFACE BUS (HP-IB/GP-IB) 


In the early 1970’s, Hewlett-Packard came out with a standard bus (HP-IB) to help support their own 
laboratory measurement equipment product lines, which later was adopted by the IEEE in 1975. This is 
known as the IEEE Std. 488-1975. The IEEE-488 Interface Bus (HP-IB) or general purpose interface bus 
(GP-IB) was developed to provide a means for various instruments and devices to communicate with each 
other under the direction of one or more master controllers. The HP-IB was originally intended to support a 
wide range of instruments and devices, from the very fast to the very slow. 


DESCRIPTION 


The HP-IB specification permits up to 15 devices to be connected together in any given setup, 


including the controller if it is part of the system. A device may be capable of any other three types of 
functions: controller, listener, or talker. A device on the bus may have only one of the three functions active 
at a given time. A controller directs which devices will be talkers and listeners. The bus will allow multiple 
controllers, but only one may be active at a given time. Each device on the bus should have a unique address 
in the range of 0-30. The maximum length of the bus network is limited to 20 meters total transmission path 
length. It is recommended that the bus be loaded with at least one instrument or device every 2 meter length 
of cable (4 meters is maximum). The use of GP-IB extenders may be used to exceed the maximum permitted 
length of 20 meters. 


ELECTRICAL INTERFACE 


The GP-IB is a bus to which many similar modules can be directly connected, as is shown in 


Figure 1. A total of 16 wires are shown in the figure - eight data lines and eight control lines. The bus cables 
actually have 24 wires, providing eight additional for shielding and grounds. 


8 - wire data bus 


Ready for data 


End or Identify 





Figure 1. [EEE-488 (HP-IB / GP-IB) Bus Configuration. 
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The GP-IB defines operation of a three-wire handshake that is used for all data transfers on the bus. 
The bus operation is asynchronous in nature. The data-transfer rate of the GP-IB is 500 kHz for standard 
applications and can go up 1 MHz if special conventions are followed. Each transaction carries 8 bits, the 
maximum data bandwidth is on the order of 4 to 8 megabits (1 M byte) per second. The bus is a two way 
communications channel and data flows in both directions. Figure 2 illustrates the structure of the GP-IB bus 
and identifies the 16 connections of the interconnecting cable. 


GPIB GPIB GPIB GPIB 
Listner Listner Listner Listner 
and/or and/or and/or and/or 
Talker Talker Talker Talker 


Data Bus 





Figure 2. GP-IB Instrumentation Bus Structure. 


The cabling limitations make it a less-than-ideal choice for large separation between devices. These 
limitations can be overcome with bus extenders. Those attempting to use bus extenders should be aware that 
few extenders are as transparent as claimed. This is especially true in handling of continuous data and 
interrupts. In nonextended environments, it provides an excellent means for high-speed computer control of 
multiple devices. 


The following table shows the various interface functions, the mnemonics and the descriptions. 
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Table 1. GP-IB Interface Functions. 


Interface Function | Mnemonic Description 


Talker (extended talker) T (TE) | Device must be able to transmit 


Listener (Extended L(LE) _ | Device must receive commands and data 
listener) 
Source Handshake Device must properly transfer a multiline message 


Acceptor Handshake Device must properly receive remote multiline messages 
Remote/Local RL Device must be able to operate from front panel and remote information from bus 


Service Request SR Device can asynchronously request service from the controller 

Parallel Poll PP Upon controller request, device must uniquely identify itself if it requires service 
Device Clear DC Device can be initialized to a predetermined state 

Device Trigger DT A device function can be initiated by the talker on the bus 


Controller Device can send addresses, universal commands, address commands, and conduct 
polls 


This code describes the type of electrical drivers in a device 





The cabling specifications of the GP-IB interface system permit interconnecting all devices together 
in a star or linear configuration. The GP-IB connector is a 24-pin ribbon-type connector. 


In summary, Table 2 on this page and the next shows the complete description of the GP-IB data bus. 


Table 2. GP-IB Data Bus Description. 


IEEE-488, GP-IB, HP-IB, or [EC-625 


Descriptor | 8-bit parallel, Arbitration Token passing: the Connector | 24-pin Amphenol 
monodirectional, multi- controller addresses Female connector on 
master (token passing) the next controller equipment chassis. 
One controller, one SRQ_ Service request DIO! 1@ 13 
talker, several listeners when the controller DIO2 2m 14 

assigns modes DIO3 3m #15 


Sponsor Hewlett-Packard Error Parity bit DIO7 when Bee a 
handling 7-bit ACSII characters 


: EOL 5m@ 17 
IEBE 488, IEC 625 Bus length 


DAV 68 #818 
space 


NRFD7m@ 19 
NDAC 8m #20 
IFC 9M M21 
SRQ 10m m22 
ATN 11 m@ 23 
Shid 2 @ m24 


Transfer Write only, talker toward . 
type listener(s) or commander Remarks The 488 is most commonly 
iowardcallorker used for data acquisition of 


H-P peripherals. 


Programmable interfaces 
and drivers exist and 
simplify the development of 
microprocessor interfaces. 


Timing Handshaken 3-wire References IEEE Computer 
broadcast transfer: Society 
DAV data valid 
NDAC Not data accepted 
NRFD Not ready for 
data 
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HP-IL VARIATION 


Since introduction of the IEEE-488, technology produced a generation of medium-speed, low-power, 
instrumentation which had a need to operate in an automatic test system such as the GP-IB. The HP-IL 
(Hewlett-Packard Interface Loop), was introduced to meet this need. The HP-IL is a low-cost, low-power 
alternative to the GP-IB system. The HP-IL and GP-IB provide the same basic functions in interfacing 
controllers, instruments, and peripherals, but they differ in many other respects. HP-IL is suitable for use in 
low-power, portable applications (typically used for interface of battery-power systems). The GP-IB is not 
practical to operate from battery power. The HP-IL maximum data rate is 20K bytes per second. This is a 
high rate compared to the RS-232C, but much slower than GP-IB. The HP-IL can operate over distances of 
up to 100 meters between any two devices. Since it is a loop environment, there is no maximum system cable 
restriction. The basic device-addressing scheme allows for up to 30 devices on a loop. 
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MIL-STD-1553 & 1773 DATA BUS 
PURPOSE 


In recent years, the use of digital techniques in aircraft equipment has greatly increased, as have the 
number of avionics subsystems and the volume of data processed by them. 


Because analog point-to-point wire bundles are inefficient and cumbersome means of interconnecting 
the sensors, computers, actuators, indicators, and other equipment onboard the modern military vehicle, a 
serial digital multiplex data bus was developed. MIL-STD-1553 defines all aspects of the bus, therefore, 
many groups working with the military tri-services have chosen to adopt it. 


The 1553 multiplex data bus provides integrated, centralized system control and a standard interface 
for all equipment connected to the bus. The bus concept provides a means by which all bus traffic is available 
to be accessed with a single connection for testing and interfacing with the system. The standard defines 
operation of a serial data bus that interconnects multiple devices via a twisted, shielded pair of wires. The 
system implements a command-response format. 


MIL-STD-1553, “Aircraft Internal Time-Division Command/Response Multiplex Data Bus,” has 
been in use since 1973 and is widely applied. MIL-STD-1553 is referred to as “1553” with the appropriate 
revision letter (A or B) as a suffix. The basic difference between the 1553A and the 1553B is that in the 
1553B, the options are defined rather than being left for the user to define as required. It was found that when 
the standard did not define an item, there was no coordination in its use. Hardware and software had to be 
redesigned for each new application. The primary goal of the 1553B was to provide flexibility without 
creating new designs for each new user. This was accomplished by specifying the electrical interfaces 
explicitly so that compatibility between designs by different manufacturers could be electrically 
interchangeable. 


The Department of Defense chose multiplexing because of the following advantages: 


Weight reduction 
Simplicity 
Standardization 
Flexibility 


Some 1553 applications utilize more than one data bus on a vehicle. This is often done, for example, 
to isolate a Stores bus from a Communications bus or to construct a bus system capable of interconnecting 
more terminals than a single bus could accommodate. When multiple buses are used, some terminals may 
connect to both buses, allowing for communication between them. 


MULTIPLEXING 


Multiplexing facilitates the transmission of information along the data flow. It permits the 
transmission of several signal sources through one communications system. 
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BUS 


The bus is made up of twisted-shielded pairs of wires to maintain message integrity. MIL-STD-1553 
specifies that all devices in the system will connect to a redundant pair of buses. This provides a second path 
for bus traffic should one of the buses be damaged. Signals are only allowed to appear on one of the two 
buses ata time. Ifa message cannot be completed on one bus, the bus controller may switch to the other bus. 

In some applications more than one 1553 bus may be implemented on a given vehicle. Some terminals on 
the bus may actually connect to both buses. 


BUS COMPONENTS 


There are only three functional modes of terminals allowed on the data bus: the bus controller, the 
bus monitor, and the remote terminal. Devices may be capable of more than one function. Figure | illustrates 
a typical bus configuration. 


Bus Remote Remote 
Controller Terminal Terminal 
Bc RT RT 


Shielded Two-wire CableBus 
Remote 


Terminal 
RT 





Figure 1. 1553 Bus Structure. 


e Bus Controller - The bus controller (BC) is the terminal that initiates information transfers on the 
data bus. It sends commands to the remote terminals which reply with a response. The bus will 
support multiple controllers, but only one may be active at a time. Other requirements, according 
to 1553, are: (1) it is “the key part of the data bus system,” and (2) “the sole control of 
information transmission on the bus shall reside with the bus controller.” 


e Bus Monitor - 1553 defines the bus monitor as “the terminal assigned the task of receiving bus 
traffic and extracting selected information to be used at a later time.” Bus monitors are frequently 
used for instrumentation. 

e Remote Terminal - Any terminal not operating in either the bus controller or bus monitor mode is 


operating in the remote terminal (RT) mode. Remote terminals are the largest group of bus 
components. 


MODULATION 


The signal is transferred over the data bus using serial digital pulse code modulation. 
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DATA ENCODING 
The type of data encoding used by 1553 is Manchester II biphase. 
e A logic one (1) is transmitted as a bipolar coded signal 1/0 (in other words, a positive pulse 


followed by a negative pulse). 
e A logic zero (0) is a bipolar coded signal 0/1 (1.e., a negative pulse followed by a positive pulse). 


(ee One Bit Time 


NRZ (+) 
Data (0) 


Manchester Il (+) 
Bi-Phase Level { 0) 





Figure 2. Data Encoding. 


A transition through zero occurs at the midpoint of each bit, whether the rate is a logic one or a logic 
zero. Figure 2 compares a commonly used Non Return to Zero (NRZ) code with the Manchester II biphase 
level code, in conjunction with a 1 MHz clock. 


BIT TRANSMISSION RATE 


The bit transmission rate on the bus is 1.0 megabit per second with a combined accuracy and long- 
term stability of +/- 0.1%. The short-term stability is less than 0.01%. 


There are 20 1.0-microsecond bit times allocated for each word. All words include a 3 bit-time sync 
pattern, a 16-bit data field that is specified differently for each word type, and 1 parity check bit. 


WORD FORMATS 


Bus traffic or communications travels along the bus in words. A word in MIL-STD-1553 is a 
sequence of 20 bit times consisting of a 3 bit-time sync wave form, 16 bits of data, and 1 parity check bit. 
This is the word as it is transmitted on the bus; 1553 terminals add the sync and parity before transmission 
and remove them during reception. Therefore, the nominal word size is 16 bits, with the most significant bit 
(MSB) first. 


There are three types of words: command, status, and data. A packet is defined to have no inter- 
message gaps. The time between the last word of a controller message and the return of the terminal status 
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byte is 4-12 microseconds. The time between status byte and the next controller message is undefined. 
Figure 3 illustrates these three formats. 
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Figure 3. 1553 Word Formats. 


COMMAND WORD 


Command words are transmitted only by the bus controller and always consist of: 


3 bit-time sync pattern 

5 bit RT address field 

1 Transmit/Receive (T/R) field 

5 bit subaddress/mode field 

5 bit word count/mode code field 
1 parity check bit. 


DATA WORD 


Data words are transmitted either by the BC or by the RT in response to a BC request. The standard 
allows a maximum of 32 data words to be sent in a packet with a command word before a status response 
must be returned. Data words always consist of: 


e 3 bit-time sync pattern (opposite in polarity from command and status words) 


e 16 bit data field 
e 1 parity check bit. 
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STATUS WORD 


Status words are transmitted by the RT in response to command messages from the BC and consist 
of: 


3 bit-time sync pattern (same as for a command word) 
5 bit address of the responding RT 

11 bit status field 

1 parity check bit. 


The 11 bits in the status field are used to notify the BC of the operating condition of the RT and subsystem. 


INFORMATION TRANSFERS 
Three basic types of information transfers are defined by 1553: 
e Bus Controller to Remote Terminal transfers 
e Remote Terminal to Bus Controller transfers 


e Remote Terminal to Remote Terminal transfers 


These transfers are related to the data flow and are referred to as messages. The basic formats of 
these messages are shown in Figure 4. 


From Controller From RT Next Sequence 
oe Receive Data Data Data Status Command 
Trenciak Command | vord Word a Word # Wore 


From Controller From RT Meot Sequence 
RT to 


Controller Transtn tt re Status Data Data Data Command 
Transfer Command Word v¥tord Word # Word 


From Frown 
From Controller Transm iting FT Receiving RT 


to | Receive | Transmit |, | Status | Data Paes Penal bol Menitliy 
ranster 7 Command | Command Word | Word | Word Word Word |# 


RT = Remote Terminal ** = End of transmission tram that unit # = End ofoverall sequence 





Figure 4. 1553 Data Message Formats. 


The normal command/response operation involves the transmission of a command from the BC toa 
selected RT address. The RT either accepts or transmits data depending on the type (receive/transmit) of 
command issued by the BC. A status word is transmitted by the RT in response to the BC command if the 
transmission is received without error and is not illegal. 
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Figure 5 illustrates the 1553B Bus Architecture in a typical aircraft. 


Fire Control Inertial 
Navigation a Santee | ous come | Mavigation 
a Unit 





Figure 5. Typical Bus Architecture. 


MIL-STD-1773 


MIL-STD-1773 contains the requirements for utilizing a fiber optic “cabling” system as a 
transmission medium for the MIL-STD-1553B bus protocol. As such, the standard repeats MIL-STD-1553 
nearly word-for-word. The standard does not specify power levels, noise levels, spectral characteristics, 
optical wavelength, electrical/optical isolation or means of distributing optical power. These must be 
contained in separate specifications for each intended use. 


Data encoding and word format are identical to MIL-STD-1553, with the exception that pulses are 
defined as transitions between 0 (off) and 1 (on) rather than between + and - voltage transitions since light 
cannot have a negative value. 


Since the standard applies to cabling only, the bus operates at the same speed as it would utilizing 
wire. Additionally, data error rate requirements are unchanged. 


Different environmental considerations must be given to fiber optic systems. Altitude, humidity, 


temperature, and age affects fiber optics differently than wire conductors. Power is divided evenly at 
junctions which branch and connectors have losses just as wire connectors do. 
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ETHERNET 
HISTORY 


Ethernet was originally developed by Digital, Intel, and Xerox (DIX) in the early 1970’s at the Xerox 
Palo Alto Research Center (PARC). The two primary inventors were Robert Metcalf and David Boggs. 


IEEE Project 802 was set up in February 1980 to provide standards for Local Area Network (LAN) 
and Metropolitan Area Network (MAN) Architecture. The following committees were established: 


e JEEE 802.1: Standards related to network management. 


e JEEE 802.2: General standard for the data link layer in the OSI Reference Model. The IEEE divides 
this layer into two sub-layers -- the logical link control (LLC) layer and the media access control 
(MAC) layer. The MAC layer varies for different network types and is defined by standards IEEE 
802.3 through IEEE 802.5. 


e JEEE 802.3: Defines the MAC layer for bus networks that use CSMA/CD. This is the basis of 
what is most commonly referred to as the Ethernet standard. 
e JEEE 802.4: Defines the MAC layer for token-bus networks. 
e JEEE 802.5: Defines the MAC layer for token-ring networks. 
e JEEE 802.6: Standard for Metropolitan Area Networks (MANSs). 
e JEEE 802.7-9 Inactive Standards: 
o  JEEE 802.7: Broadband local area networks. The working group is currently inactive. 


o JEEE 802.8: The Fibre Optic Technical Advisory Group was to create a LAN standard 
for fiber optic media used in token passing computer networks like FDDI. 


o IEEE 802.9: Integrated Services (IS) LAN Interface at the MAC and Physical Layers. 
e JEEE 802.10: A standard for security functions that can be used in both LAN and MAN. 
e JEEE 802.11: Wireless LAN MAC and physical layer 


e JEEE 802.12: Demand Priority Access Method, Physical Layer and Repeater used in star 
topology, 1|00VG-AnyLAN, etc 


e JEEE 802.16: Fixed broadband wireless LAN 

Ethernet versions 1.0 and 2.0 followed after the original development until the IEEE 802.3 committee 
altered the structure of the Ethernet II packet to form the Ethernet 802.3 packet. You will currently see either 
Ethernet II (DIX) format or Ethernet 802.3 format being used. 

IEEE 802.3 Ethernet uses Manchester Phase Encoding (MPE) for coding the data bits on the outgoing 
signal. 
INTRODUCTION 

Ethernet is a family of frame-based computer networking technologies for local area networks 
(LANs). The ‘Ether’ part of Ethernet denotes that the system is not meant to be restricted for use on only one 


medium type. Copper cables, fiber cables and even radio waves can be used. 


Ethernet is standardized as IEEE 802.3. The combination of the twisted pair versions of Ethernet for 
connecting end systems to the network, along with the fiber optic versions for site backbones, is the most 
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widespread wired LAN technology. It has largely replaced competing LAN standards such as token ring, 
FDDI, and ARCNET. 


Ethernet defines a number of wiring and signaling standards for the Physical Layer of the OSI 
networking model, through means of network access at the Media Access Control (MAC) / Data Link Layer, 
and a common addressing format. Therefore, Ethernet defines the lower two layers of the OSI Reference 
Model (see Data Busses Section intro). Ethernet sometimes implies an attached protocol—such as TCP/IP, 
however TCP/IP really defines the transport and network layers, respectively, of the OSI model. 


Ethernet was designed as a ‘broadcast’ system, i.e. stations on the network can send messages 
whenever and wherever they want. All stations may receive the messages, however only the specific station 
to which the message is directed responds. To handle simultaneous demands, the system uses Carrier Sense 
Multiple Access with Collision Detection (CSMA/CD). 


CARRIER SENSE MULTIPLE ACCESS WITH COLLISION DETECTION (CSMA/CD) 


When an Ethernet station is ready to transmit, it checks for the presence of a signal on the cable. Ifno 
signal is present then the station begins transmission. However, if a signal is present then the station delays 
transmission until the cable is not in use. If two stations detect an idle cable and at the same time transmit 
data, then a collision occurs. On a star-wired, unshielded twisted pair (UTP) network, if the transceiver of a 
sending station detects activity on both its receive and transmit pairs before it has completed transmitting, 
then it decides that a collision has occurred. On a coaxial system, a collision is detected when the DC signal 
level on the cable is the same or greater than the combined signal level of the two transmitters. Line voltage 
drops dramatically if two stations transmit at the same time and the first station to notice this sends a high 
voltage jamming signal around the network as a signal. The two stations involved with the collision quit 
transmitting again for a random time interval. 


A Collision Domain is that part of the network where each station can ‘see’ other stations’ traffic both 
unicast and broadcasts. The Collision Domain is made up of one segment of Ethernet coax (with or without 
repeaters) or a number of UTP shared hubs. A network is segmented with bridges that create two segments, 
or two Collision Domains where a station on one segment cannot see traffic between stations on the other 
segment unless the packets are destined for itself. If it can still see all broadcasts on the segmented 
network(s), no matter the number of segments, it is a Broadcast Domain. 


ETHERNET FRAME 


Figure 1 depicts the structure of the older DIX (Ethernet IJ) and the now standard 802.3 Ethernet 
frames. The numbers above each field represent the number of bytes. 
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Figure 1. Ethernet Frame. 


e Preamble field: Establishes bit synchronization and transceiver conditions so that the circuitry 
synchs with the received frame timing. The DIX frame has 8 bytes for the preamble rather than 7, as 
it does not have a Start Frame Delimiter (or Start of Frame). 

e Start Frame Delimiter: Sequence 10101011 in a separate field, only in the 802.3 frame. 

e Destination address: Hardware address (MAC address) of the destination station (usually 48 bits i.e. 
6 bytes). 

e Source address: Hardware address of the source station (must be of the same length as the 
destination address, the 802.3 standard allows for 2 or 6 byte addresses, although 2 byte addresses are 
never used, N.B. Ethernet II only uses 6 byte addresses). 


e Type: Specifies the protocol sending the packet such as IP or IPX (only applies to DIX frame). 


e Length: Specifies the length of the data segment, actually the number of LLC data bytes, (only 
applies to 802.3 frame and replaces the Type field). 

e LLC: Logical Length Control is a data communication protocol layer which provides 
multiplexing and flow control mechanisms that make it possible for several network 
protocols (IP, IPX) to coexist within a multipoint network and to be transported over the 
same network media. 


e Data: Actual data which is allowed anywhere between 46 to 1500 bytes within one frame. 
e Pad: Zeros added to the data field to ‘Pad’ a short data field to 46 bytes (applies to 802.3 frame). 
e CRC: Cyclic Redundancy Check to detect errors during transmission (DIX version of FCS). 


e FCS: Frame Check Sequence to detect errors that occur during transmission (802.3 version of CRC). 
This 32-bit code has an algorithm applied to it, which will give the same result as the other end of 
the link, provided that the frame was transmitted successfully. 


From the above we can see that the maximum 802.3 frame size is 1518 bytes and the minimum size is 
64 bytes. Packets that have correct CRCs (or FCSs) but are smaller than 64 bytes are known as ‘Runts’. 


The hardware address, or MAC address is transmitted and stored in Ethernet network devices in 


Canonical format i.e. Least Significant Bit (LSB) first. The expression Little-Endian is used to describe the 
LSB format in which Ethernet is transmitted. On the other hand, Token Ring networks and the subset, Fiber 
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Distributed Data Interface (FDDI) networks, transmit the MAC address with the Most Significant Bit 
(MSB) first, or Big-Endian, This is known as Non-Canonical format. Note that this applies on a byte-by- 
byte basis i.e. the bytes are transmitted in the same order, it is just the bits in each of those bytes that are 
reversed. The storage of the MAC addresses in Token Ring and FDDI devices however, may sometimes still 
be in Canonical format so this can sometimes cause confusion. The reference to, the distribution of MAC 
addresses and the Organizationally Unique Identifier (OUI) destinations are always in Canonical format. 


The Logical Link Control (LLC) protocol data unit (PDU) is defined in IEEE 802.2 and operates with 
802.3 Ethernet as seen in Figure 2. 


DSAP SSAP 
address address Control Information 
8 bits 8 bits 8 or 16 bits M*8 bits 


DSAP address Destination service access point address field 








SSAP address Source service access point address field 


Control Control field [16 bits for formats that include 
sequence numbering, and 8 bits for formats that 
do not (see 5.2)] 


Information Information field 
* Multiplication 


M An integer value equal to or greater than 0. 
(Upper bound of M is a function of the medium 
access control methodology used.) 





Figure 2. LLC Format. 


LLC is based on the High-Level Data Link Control (HDLC) data protocol format. Whereas Ethernet 
II (2.0) combines the MAC and the Data link layers restricting itself to connectionless service in the process, 
IEEE 802.3 separates out the MAC and Data Link layers. [EEE 802.2 is also required by Token Ring and 
FDDI but cannot be used with the Novell ‘Raw’ format. There are three types of LLC; Type 1, which is 
connectionless, Type 2 which is connection-oriented, and Type 3 for Acknowledged Connections. 


The Service Access Point (SAP) is used to distinguish between different data exchanges on the same 
end station and basically replaces the Type field for the older Ethernet II frame. The Source Service Access 
Point (SSAP) indicates the service from which the LLC data unit is sent, and the Destination Service Access 
Point (DSAP) indicates the service to which the LLC data unit is being sent. As examples, NetBIOS uses the 
SAP address of FO whilst IP uses the SAP address of 06. The following lists some common SAPs: 


00 - Null LSAP 

02 - Individual LLC Sublayer Management Function 
03 - Group LLC Sublayer Management Function 

05 - IBM SNA Path Control (group) 
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06 - Internet Protocol (IP) 

18 - Texas Instruments 

42 - IEEE 802.1 Bridge Spanning Tree Protocol 
80 - Xerox Network Systems (XNS) 

86 - Nestar 

AA - SubNetwork Access Protocol (SNAP) 

EO - Novell NetWare 

FO - IBM NetBIOS 

F5 - IBM LAN Management (group) 

FE - ISO Network Layer Protocol 


The Control Field identifies the type of LLC, of which there are three: 


e Type 1 - Data (PDUs) shall be exchanged between LLCs without the need for the establishment 
of a data link connection. These PDUs shall not be acknowledged, nor shall there be any flow 
control or error recovery. This is called Unsequenced Information (UI). 


e Type 2—Needs data link connection. Uses Information (I) frames and maintains the sequence 
numbers during an acknowledged connection-oriented transmission. 


e Type 3-—No data link connection required. Uses Acknowledged Connection (AC) frames in an 
acknowledged connectionless service. 


MAC ADDRESS 


With an Ethernet MAC address, the first octet uses only the lowest significant bit as the 
Individual/Group (I/G) bit address identifier. If it is zero it indicates the address is individual. If it is one, it 
indicates a group address. The Universally or Locally administered (U/L) address bit is the bit of octet 0 
adjacent to the I/G address bit. This bit indicates whether the address has been assigned by a local or 
universal administrator. Universally administered addresses have this bit set to 0. If this bit is set to 1, the 
entire address (i.e., 48 bits) has been locally administered. 


The first 3 octets of the MAC address form the Organizational Unique Identifier (OUI) assigned by 
IEEE to organizations that requires their own group of MAC addresses. 
SUBNETWORK ACCESS PROTOCOL (SNAP) 

The SNAP protocol was introduced to allow an easy transition to the new LLC frame format for 


vendors. SNAP allows older frames and protocols to be encapsulated in a Type 1 LLC header making any 
protocol ‘pseudo-IEEE compliant’. SNAP is described in RFC 1042. Figure 3 shows how it looks: 
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Figure 3. Ethernet Frame SNAP-encapsulated in IEEE 802.5 Frame. 


It can be seen that it is an LLC data unit (sometimes called a Logical Protocol Data Unit (LPDU)) of 
Type | (indicated by 03). The DSAP and SSAP are set to AA to indicate that this is a SNAP header coming 
up. The SNAP header then indicates the vender via the Organizational Unique Identifier (OUI) and the 
protocol type via the Ethertype field. In the example above the OUI is 00-00-00 which means that there is an 
Ethernet frame. An ethernet type (Ethertype) of 08-00 would indicate Internet IP is the protocol. The official 
list of types can be found at IEEE. Although vendors tend to be are moving to LLC1 on the LAN, SNAP still 
remains. 


TRANSMISSION MEDIA 
10Base-5 - largely obsolete, but may still be in use. 


Traditionally, Ethernet is used over ‘thick’ coaxial cable called 10Base-S (the ‘10’ denotes 10Mbps, 
base means that the signal is baseband 1.e. takes the whole bandwidth of the cable (so that only one device can 
transmit at one time on the same cable), and the ‘5’ denotes 500 m maximum length). The minimum length 
between stations is 2.5 m. 


The cable is run in one long length forming a ‘Bus Topology’. Stations attach to it by way of inline 
N-type connections or a transceiver, which is literally screwed into the cable (by way of a ‘Vampire Tap’) 
providing a 15-pin Attachment Unit Interface (AUI) connection (also known as a DIX connector or a DB-15 
connector) for a drop lead connection (maximum of 50 m length) to the station. The segments are terminated 
with 50 ohm resistors and the shield grounded at one end only. 


The segment could be appended with up to a maximum of 4 repeaters; therefore 5 segments (total 
length of 2,460 m) can be connected together. Of the 5 segments only 3 can have devices attached (100 per 
segment). This is known as the 5-4-3 rule. A total of 300 devices can be attached on a Thicknet broadcast 
domain. 
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10Base-2 — dominant for many years 


It was common to see the Thick coax used in Risers to connect Repeaters, which in turn provide 
‘Thin Ethernet’ coaxial connections for runs up to 30 workstations. Thin Ethernet (Thinnet) uses RG-58 
cable and is called 10Base-2 (The ‘2’ now denoting 200 m maximum length - strictly speaking this is 185 m). 
The minimum length between stations is 0.5 m. 


Each station connects to the thinnet by way of a Network Interface Card (NIC), which provides a 
BNC (British Naval Connector). At each station the thinnet terminates at a T-piece and at each end of the 
thinnet run (or ‘Segment’) a 50-ohm terminator is required to absorb stray signals, thereby preventing signal 
bounce. The shield is grounded at one end only. 


A segment can be appended with other segments using up to 4 repeaters, i.e. 5 segments in total. Two 
of these segments however, cannot be tapped; they can only be used for extending the length of the broadcast 
domain (to 925 m). What this means is that 3 segments with a maximum of 30 stations on each can give you 
90 devices on a Thinnet broadcast domain. 


10Base-T — Most widespread today 


The most common media used in of Ethernet today involves use of Unshielded Twisted Pair (UTP) or 
Shielded Twisted Pair (STP). For instance, Category 5 UTP can be installed in a ‘Star-wired’ format, with 
runs recommended at no greater than 100 m (including patch leads, cable run and flyleads) and Ethernet Hubs 
with UTP ports (RJ45) centrally located. It has been found though that runs of up to 150 m are feasible, the 
limitations being signal strength. Also, there should be no more than a 11.5 dB signal loss and the minimum 
distance between devices is 2.5 m. The maximum delay for the signal in a 10Mbps network is 
51.2 microseconds. This comes from the fact that the bit time (time to transmit one bit) is 0.1 microseconds 
and that the slot time for a frame is 512 bit times. 


In order to connect to Ethernet in this ‘Star Topology’, each station has a NIC, which contains an 
RJ45 socket which is used by a 4-pair droplead to connect to another nearby RJ45 socket. 


Each port on the hub sends a “Link Beat Signal’ which checks the integrity of the cable and devices 
attached, a flickering LED on the front of the port of the hub tells you that the link is running fine. The 
maximum number of hubs (or, more strictly speaking, repeater counts) that you can have in one segment is 
four and the maximum number of stations on one broadcast domain is 1024. 


9-7.7 


The advantages of the UTP/STP technology are gained from the flexibility of the system, with respect 
to moves, changes, fault finding, reliability, and security. The following table shows the RJ45 pin-outs for 
10Base-T: 


RJ45 Pin | Function Color 
1 Transmit White/Orange stripe 
2 Transmit Orange 
3 Receive White/Green stripe 
4 Blue 
5 White/Blue stripe 
6 Receive Green 
7 White/Brown stripe 


8 Brown 


If you wish to connect hub to hub, or a NIC directly to another NIC, then the following 10Base-T 
crossover cable should be used: 





Figure 4. 10Base-T Crossover. 


The 4-repeater limit manifests itself in 10/100Base-T environments where the active hub/switch port 
is in fact a repeater, hence the name multi-port repeater. Generally, the hub would only have one station per 
port but you can cascade hubs from one another up to the 4-repeater limit. The danger here is that you will 
have all the traffic from a particular hub being fed into one port so care would need to be taken on noting the 
applications being used by the stations involved, and the likely bandwidth that the applications will use. 


There is a pre-standard called Lattisnet (developed by Synoptics), which runs 10 MHz Ethernet over 


twisted pair but instead of bit synchronization occurring at the sending (as in 10Base-T) the synchronization 
occurs at the receiving end. 
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10Base-F 


The 10Base-F standard defines the use of fiber for Ethernet. 10Base-FL describes the standards for 
the fiber optic links between stations and repeaters, allowing up to 2 km per segment on multi-mode fiber. It 
replaces the 1987 FOIRL (Fiber Optic Inter-Repeater Link), which provides the specification for a fiber optic 
Media Attachment Unit (MAU) and other interconnecting components. Two related standards are essentially 
“dead”: 10Base-FB allows up to 2 km per segment (on multi-mode fiber) and is designed for backbone 
applications such as cascading repeaters. In addition, there is the 10Base-FP (Passive components) standard 


The 10Base-F standard allows for 1024 devices per network. 


Fast Ethernet - 100Base-T 





Fast Ethernet is the most popular of the newer standards and is an extension to 10Base-T. The ‘100’ 
denotes 100 Mbps data speed and it uses the same two pairs as 10Base-T and must only be used on 
Category 5 UTP cable installations with provision for it to be used on Type | STP. The actual data 
throughput increases by between 3 to 4 times that of 10Base-T. 


Fast Ethernet is specified in 802.3u and uses the same frame formats and CSMA/CD technology as 
normal 10Mbps Ethernet. The difference is that the maximum delay for the signal across the segment is 
5.12 microseconds instead of 51.2 microseconds. This stems from the fact that the bit time (time to transmit 
one bit) is 0.01 microseconds and that the slot time for a frame is 512 bit times. The Inter-Packet Gap (IPG) 
for 802.3u is 0.96 microseconds as opposed to 9.6 microseconds for 10Mbps Ethernet. 


Whereas 10Base-T uses Normal Link Pulses (NLP) for testing the integrity of the connection, 
100Base-T uses Fast Link Pulses (FLP) which are backwardly compatible with NLPs but contain more 
information. FLPs are used to detect the speed of the network (e.g. in 10/100 switchable cards and ports). 
The distance must not exceed 100 m. 


The IEEE uses the term 100Base-X to refer to both 100Base-Tx and 100Base-Fx and the Media- 
Independent Interface (MII) allows a generic connector for transceivers to connect to 100Base-Tx, 100Base- 
Fx and 100Base-T4 LANs. 


There is no such thing as the 5-4-3 rule in Fast Ethernet. All 10Base-T repeaters are considered to be 
functionally identical. Fast Ethernet repeaters are divided into two classes of repeater: Class I and Class II. A 
Class I repeater has a repeater propagation delay value of 140 bit times, whilst a Class II repeater is 92 bit 
times. The Class I repeater (or Translational Repeater) can support different signaling types such as 100Base- 
Tx and 100Base-T4. A Class I repeater transmits or repeats the incoming line signals on one port to the other 
ports by first translating them to digital signals and then retranslating them to line signals. The translations 
are necessary when connecting different physical media (media conforming to more than one physical layer 
specification) to the same collision domain. Any repeater with an MII port would be a Class I device. Only 
one Class I repeater can exist within a single collision domain, so this type of repeater cannot be cascaded. 


A Class II repeater immediately transmits or repeats the incoming line signals on one port to the other 


ports: it does not perform any translations. This repeater type connects identical media to the same collision 
domain (for example, TX to TX). At most, two Class II repeaters can exist within a single collision domain. 
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The cable used to cascade the two devices is called and unpopulated segment or IRL (Inter-Repeater Link). 
The Class II repeater (or Transparent Repeater) can only support one type of physical signaling. 


100Base-T4 


100Base-T4 was an early implementation of Fast Ethernet. It requires four twisted copper pairs, but 
those pairs were only required to be category 3 rather than the category 5 required by TX. One pair is 
reserved for transmit, one for receive, and the remaining two will switch direction as negotiated. A very 
unusual 8B6T code is used to convert 8 data bits into 6 base-3 digits (the signal shaping is possible as there 
are three times as many 6-digit base-3 numbers as there are 8-digit base-2 numbers). The two resulting 
3-digit base-3 symbols are sent in parallel over 3 pairs using 3-level pulse-amplitude modulation (PAM-3). 


100Base-T2 


This little known version of Fast Ethernet is for use over two pairs of Category 3 cable and uses 
PAM-5 for encoding. There is simultaneous transmission and reception of data in both pairs and the 
electronics uses DSP technology to handle alien signals in adjacent pairs. 100Base-T2 can run up to 100 m 
on Category 3 UTP. 


100Base-Fx 


100Base-Fx is a version of Fast Ethernet over optical fiber. It uses a 1300 nm near-infrared (NIR) 
light wavelength transmitted via two strands of optical fiber, one for receive (RX) and the other for transmit 
(TX). Maximum length is 400 meters (1,310 ft) for half-duplex connections (to ensure collisions are 
detected) or 2 kilometers (6,600 ft) for full-duplex over multimode optical fiber. Longer distances are 
possible when using single-mode optical fiber. 100Base-Fx uses the same 4B5B encoding and NRZI line 
code that 100Base-TX does. 100Base-Fx should use the following connectors: SC, straight tip (ST), or media 
independent connectors (MIC), with SC being the preferred option. 100Base-Fx is not compatible with 
10Base-FI, the 10 MBit/s version over optical fiber. 


100Base-Sx 


100Base-Sx is a version of Fast Ethernet over optical fiber. It uses two strands of multi-mode optical 
fiber for receive and transmit. It is a lower cost alternative to using 100Base-Fx, because it uses short 
wavelength optics (850 nm) which are significantly less expensive than the long wavelength optics used in 
100Base-Fx. 100Base-Sx can operate at distances up to 300 meters (980 ft). 


100Base-Sx uses the same wavelength as 10Base-F, the 10 MBit/s version over optical fiber. Unlike 
100Base-Fx, this allows 100Base-Sx to be backwards-compatible with 10Base-Fl. Because of the shorter 
wavelength used and the shorter distance it can support, 100Base-Sx uses less expensive optical components 
(LEDs instead of lasers) which makes it an attractive option for those upgrading from 10Base-F] and those 
who do not require long distances. 
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100Base-Bx 


100Base-Bx is a version of Fast Ethernet over a single strand of optical fiber (unlike 100Base-Fx, 
which uses a pair of fibers). Single-mode fiber is used, along with a special multiplexer which splits the 
signal into transmit and receive wavelengths. The two wavelengths used for transmit and receive are either 
1310/1550 nm or 1310/1490 nm. Distances can be 10, 20, or 40 km. 


100VG-AnyLAN 





Based on 802.12 (Hewlett Packard), 100VG-AnyLAN uses an access method called Demand Priority. 
The ‘VG’ stands for ‘Voice Grade’ as it is designed to be used with Category 3 cable. This is where the 
repeaters (hubs) carry out continuous searches around all of the nodes for those that wish to send data. If two 
devices cause a ‘contention’ by wanting to send at the same time, the highest priority request is dealt with 
first, unless the priorities are the same, in which case both requests are dealt with at the same time (by 
alternating frames). The hub only knows about connected devices and other repeaters so communication is 
only directed at them rather than broadcast to every device in the broadcast domain (which could mean 100’s 
of devices!). This is a more efficient use of the bandwidth. This is the reason why the new standard was 
developed as it is not strictly Ethernet. Standard 802.12 is designed to better support both Ethernet and Token 
Ring. 


The encoding techniques used are 5B/6B and NRZ. All four pairs of UTP are used. On Cat3 the 
longest cable run is 100 m but this increases to 200 m on Cat5. The clock rate on each wire is 30 MHz; 
therefore 30 Mbits per second are transmitted on each pair giving a total bit rate of 120 Mbps. Since each 
6-bits of data on the line represents 5 bits of real data due to the 5B/6B encoding, the rate of real data being 
transmitted is 25 Mbps on each pair, giving a total real data rate of 100 Mbps. For 2-pair STP and fiber, the 
bit rate is 120 Mbps on the transmitting pair, for a real data transmission rate of 100 Mbps. 


Gigabit Ethernet 





Although the functional principles of Gigabit Ethernet are the same as Ethernet and Fast Ethernet i.e. 
CSMA/CD and the Framing format, the physical setup is very different. One difference is the slot time. The 
standard Ethernet slot time required in CSMA/CD half-duplex mode is not long enough for running over 
100 m of copper, so Carrier Extension is used to guarantee a 512-bit slot time. 


1000Base-X (802.32) 





The 802.3z committee is responsible for formalizing the standard for Gigabit Ethernet. The 1000 
refers to 1 Gbps data speed. The existing Fiber Channel interface standard (ANSI X3T1 1) is used and allows 
up to 4.268 Gbps speeds. The Fiber Channel encoding scheme is 8B/10B. 


Gigabit Ethernet can operate in half or full duplex modes and there is also a standard 802.3x which 
manages XON/XOFF flow control in full duplex mode. With 802.3x, a receiving station can send a packet to 


a sending station to stop it sending data until a specified time interval has passed. 


There are three media types for 1000Base-X. 1000Base-Sx, 1000Base-Lx, and 1000Base-Cx. 
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1000Base-Sx (‘S’ is for Short Haul) uses short-wavelength laser (850 nm) over multi-mode fiber. 
1000Base-Sx can run up to 300 m on 62.5/125 um multimode fiber and up to 550 m on 50/125 um multimode 
fiber. 


1000Base-Lx (‘L’ is for Long Haul) uses long wavelength laser (1300 nm) and can run up to 550 m 
on 62.5/125 um multi-mode fiber or 50/125 um multi-mode fiber. In addition, 1000Base-Lx can run up to 


5 km (originally 3 km) on single-mode fiber using 1310 nm wavelength laser. 


1000Base-Cx is a standard for STP copper cable and allows operation up to 25 m over STP cable. 


1000Base-T (802.3ab) 





Many cable manufacturers are enhancing their cable systems to ‘enhanced Category 5’ (Cat 5e) 
standards in order to allow Gigabit Ethernet to run at up to 100 m on copper. The Category 6 standard has yet 
to be ratified, and is not being pursued very strongly. 


In order to obtain the 1000 Mbps data bit rate across the UTP cable without breaking the FCC rules 
for emission, all 4 pairs of the cable are used. Hybrid circuits at each end of each pair are used to allow 
simultaneous transmission and reception of data (full-duplex) by separating the transmission signal from the 
receiving signal. Because some transmission signal still manages to couple itself to the receiving side there is 
an additional echo canceller built in, this is called a Near End Crosstalk (NEXT) canceller. 


Encoding is carried out with PAM-S. 
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TRANSMISSION CONTROL PROTOCOL / INTERNET PROTOCOL 


Transmission Control Protocol / Internet Protocol (TCP/IP) is the communication protocol for the 
Internet. 


Whereas IP handles lower-level transmissions from computer to computer as a message makes its 
way across the Internet, TCP operates at a higher level, concerned only with the two end systems, for example 
a Web browser and a Web server. In particular, TCP provides ordered delivery of a stream of bytes from a 
program on one computer to another program on another computer. Besides the Web, other common 
applications of TCP include e-mail and Internet file transfer like FTP. Among its other management tasks, 
TCP controls message size, the rate at which messages are exchanged, and network traffic congestion. Your 
computer Internet address is a part of the standard TCP/IP protocol and so is your domain name. 


Inside the TCP/IP standard there are several protocols for handling data communication: 


TCP (Transmission Control Protocol) communication between applications 
UDP (User Datagram Protocol) simple communication between applications 
IP (Internet Protocol) communication between computers 

ICMP (Internet Control Message Protocol) for errors and statistics 

DHCP (Dynamic Host Configuration Protocol) for dynamic addressing 


TCP: If one application wants to communicate with another via TCP, it sends a communication 
request. This request must be sent to an exact address. TCP is responsible for breaking data down into IP 
packets before they are sent, and for assembling the packets when they arrive. After a “handshake” between 
the two applications, TCP will set up a “full-duplex” communication between the two applications. The “full- 
duplex” communication will occupy the communication line between the two computers until it is closed by 
one of the two applications. UDP is very similar to TCP, but simpler and less reliable. 


IP: IP is responsible for sending the packets to the correct destination. IP does not occupy the 
communication line between two computers and hence reduces the need for network lines. Each line can be 
used for communication between many different computers at the same time. With IP, messages (or other 
data) are broken up into small independent “packets” and sent between computers via the Internet. IP is 
responsible for “routing” each packet to the correct destination. 


When an IP packet is sent from a computer, it arrives at an IP router. The IP router is responsible for 
“routing” the packet to the correct destination, directly or via another router. The path the packet will follow 
might be different from other packets in the same communication chain. The router is responsible for the 
right addressing, depending on traffic volume, errors in the network, or other parameters. 


Each computer must have a unique IP address before it can connect to the Internet. Each IP packet 
must also have an address before it can be sent to another computer. TCP/IP uses 32 bits (4 bytes), of four 
numbers between 0 and 255, separated by a period, to address a computer. A typical IP address is of the 
format: 192.255.30.50 


Domain Names: A name is much easier to remember than a 12 digit number. The names used for 
TCP/IP addresses are called domain names. “navy.mil” is a domain name. Subdomains are identified by 
prefixes to the main domain name (separated by a period). When you address a web site, like 
http://www.navair.navy.mil the name is translated to a number by a Domain Name System (DNS) Server. 
DNS servers are connected to the Internet all over the world. When a new domain name is registered together 
with a TCP/IP address, all DNS servers are updated with this information. 
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BROWSER AND OTHER APPLICATION LAYER PROTOCOLS 


DHCP - Dynamic Host Configuration Protocol. DHCP is used for allocation of dynamic IP addresses to 
computers in a network. 


FTP - File Transfer Protocol. FTP takes care of transmission of data files between computers. 


HTTP - Hyper Text Transfer Protocol - takes care of the communication between a web server and a web 
browser. It is used for sending requests from a web client (a browser) to a web server, returning web content 
(web pages) from the server back to the client. 


HTTPS - Secure HTTP. HTTPS typically handles credit card transactions and other sensitive data. 


IMAP - Internet Message Access Protocol. The IMAP protocol is used by email programs (like Microsoft 
Outlook) just like the POP protocol (discussed below). The main difference between the IMAP protocol and 
the POP protocol is that the IMAP protocol will not automatically download all your emails each time your 
email program connects to your email server. The IMAP protocol allows you to look through your email 
messages at the email server before you download them. With IMAP you can choose to download your 
messages or just delete them. This way IMAP is useful if you need to connect to your email server from 
different locations, but only want to download your messages when you are back in your office. 


NTP - Network Time Protocol. NTP is used to synchronize the time (the clock) between computers. 

POP - Post Office Protocol. The POP protocol is used by email programs (like Microsoft Outlook) to retrieve 
emails from an email server. If your email program (also called email client), uses POP, all your emails are 
downloaded to your computer each time it connects to your email server. 

SMTP - Simple Mail Transfer Protocol. The SMTP protocol is used for the transmission of e-mails to another 
computer. Normally your email is sent to an email server (SMTP server), and then to another server or 
servers, and finally to its destination. SMTP can only transmit pure text. It cannot transmit binary data like 
pictures, sounds, or movies directly. SMTP uses the MIME protocol to send binary data across TCP/IP 


networks. 


SNMP - Simple Network Management Protocol. SNMP is used for administration of computer networks. 


PRESENTATION LAYER PROTOCOLS 


MIME - Multi-purpose Internet Mail Extensions protocol. Converts binary data to pure text. The MIME 
protocol lets SMTP transmit multimedia files including voice, audio, and binary data. 


SSL - Secure Sockets Layer. The SSL protocol is used for encryption of data for secure data transmission. 


LOWER LAYER PROTOCOLS 


ARP - Address Resolution Protocol. ARP is used by IP to find the hardware address of a computer network 
card based on the IP address. 


BOOTP - Boot Protocol. BOOTP is used for booting (starting) computers from the network. 


ICMP - Internet Control Message Protocol. ICMP takes care of error-handling in the network. 


LDAP - Lightweight Directory Access Protocol. LDAP is used for collecting information about users and 
e-mail addresses from the internet. 


PPTP - Point to Point Tunneling Protocol. PPTP is used for setting up a connection (tunnel) between private 
networks. 


RARP - Reverse Address Resolution Protocol. RARP is used by IP to find the IP address based on the 
hardware address of a computer network card. 
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GLOSSARY 


ACCEPTABLE DEGRADATION - The allowable reduction in system performance. For a fire 
control radar, the acceptable degradation is usually expressed as a reduction in range; for example, the 
maximum lock-on range might be degraded by 25 percent without loss of essential defense capability. 





ACQUISITION - A procedure by which a fire control tracking radar attains initial lock-on. Usually, 
the approximate target coordinates are supplied to the tracking radar and it searches a predetermined volume 
of space to locate the target. 


AEROSOLS - Solid particles dispersed in the atmosphere having resonant size particles with a high 
index of refraction. The particles both scatter and absorb visual and laser directed energy so as to cut down 
on weapon systems directed by these techniques. 


AFC (AUTOMATIC FREQUENCY CONTROL) - An arrangement whereby the frequency of an 
oscillator or the tuning of a circuit is automatically maintained within specified limits with respect to a 
reference frequency. A magnetron drifts in frequency over a period of time. The AFC ofa radar makes the 
local oscillator shift by an equal amount so the IF frequency will remain constant. 





AGC (AUTOMATIC GAIN CONTROL) - A method for automatically obtaining an essentially 
constant receiver output amplitude. The amplitude of the received signal in the range gate determines the 
AGC bias (a DC voltage) which controls the receiver gain so as to maintain a nearly constant output even 
though the amplitude of the input signal changes. 


AMPLIFIER - An electronic device used to increase signal magnitude or power. See also GaAs FET 
Amplifier, Klystron Amplifier, Traveling-Wave Tube Amplifier. 


AMPLITUDE MODULATION (AM) - A method of impressing a message upon a carrier signal by 
causing the carrier amplitude to vary proportionally to the message waveform. 








AMPLITUDE SHIFT KEYING (ASK) - A method of impressing a digital signal upon a carrier signal 
by causing the carrier amplitude to take different values corresponding to the different values of the digital 
signal. 


ANGLE JAMMING - ECM technique, when azimuth and elevation information from a scanning fire 
control radar is jammed by transmitting a jamming pulse similar to the radar pulse, but with modulation 
information out of phase with the returning target angle modulation information. 





ANGULAR SEPARATION - This term is frequently used to indicate a protective (from EMI) zone 
for a missile. The interfering antenna axis must be separated, throughout the critical portion of the missile 
flight, from the missile by the specified angle. The vertex of the angle is at the interference source antenna. 





ANTENNA BEAMWIDTH - The angle, 
in degrees, between the half-power points eer 
(-3 dB) of an antenna beam. This angle is also REFLECTOR 
nearly that between the center of the mainlobe 
and the first null. The angle is given for both 
horizontal and vertical planes unless the beam is 
circular. When so indicated, the term may refer to the angular width of the mainlobe between first nulls 
[beamwidth between first nulls (BWFN)]. See also Antenna Pattern. The figure illustrates vertical profile for 
antenna displaying a 10-degree beamwidth characteristic. The values can vary dramatically with frequency. 
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ANTENNA CROSS TALK - A measure of undesired power transfer through space from one antenna 
to another. Ratio of power received by one antenna to power transmitted by the other, usually expressed in 
decibels. 


ANTENNA ISOLATION - The ratio of the power input to one antenna to the power received by the 
other. It can also be viewed as the insertion loss from transmit antenna input to receive antenna output to 
circuitry. 





ANTENNA LOBING - Two lobes are created 
that overlap and intercept at -1 to -3 dB. The LOBE oF ENERGY 
difference between the two lobes produces much 
greater spatial selectivity than provided by either lobe 
alone. (See also Lobe, Antenna.) 





PATTERN oF 


ANTENNA NUTATING - An antenna, as 
used in automatic-tracking radar systems, consisting of 
a parabolic reflector combined with a radiating element 
which is caused to move in a small circular orbit about 
the focus of the antenna with or without change of polarization. The radiation pattern is in the form ofa beam 
that traces out a cone centered on the reflector axis. The process is also known as nutating conical scanning. 








ANTENNA PATTERN - A cross section of the 
radiating pattern (representing antenna gain or loss) in any 
plane that includes the origin (source reference point) of eae 
the pattern. Both horizontal and vertical polar plots are ance 
normally used to describe the pattern. Also, termed “polar 
diagram” and “radiation pattern.” 





ANTENNA, PENCIL-BEAM - A _ highly 
directional antenna designed that cross sections of the 
major lobe are approximately circular, with a narrow beamwidth. 








ANTI-CLUTTER CIRCUITS (IN RADAR) - Circuits which attenuate undesired reflections to permit 
detection of targets otherwise obscured by such reflections. 





APERTURE - In an antenna, that portion of the plane surface area near the antenna perpendicular to 
the direction of maximum radiation through which the major portion of the radiation passes. The effective 
and/or scattering aperture area can be computed for wire antennas which have no obvious physical area. 


A-SCOPE - A cathode-ray oscilloscope used in radar systems to display vertically the signal 
amplitude as a function of time (range) or range rate. Sometimes referred to as Range (R)-Scope. 


ASYNCHRONOUS PULSED JAMMING - An effective form of pulsed jamming. The jammer 
nearly matches the pulse repetition frequency (PRF) of the radar; then it transmits multiples of the PRF. Itis 
more effective if the jammer pulsewidth is greater than that of the radar. Asynchronous pulsed jamming is 
similar to synchronous jamming except that the target lines tend to curve inward or outward slightly and 
appear fuzzy in the jammed sector of a radar scope. 





ATTENUATION - Decrease in magnitude of current, voltage, or power of a signal in transmission 
between two points. May be expressed in decibels. 
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AUTOMATIC FREQUENCY CONTROL - See AFC. 


AUTOMATIC GAIN CONTROL - See AGC. 





BACKWARD WAVE OSCILLATOR (BWO) - A cross-field device in which an electron stream 
interacts with a backward wave on a nonreentrant circuit. This oscillator may be electronically tuned over a 
wide range of frequencies, is relatively unaffected by load variations and is stable. BWO is commonly 
pronounced “be woe”. 





BALANCED MIXERS - The two most frequently encountered mixer types are single-balanced and 
double-balanced. In a double-balanced mixer, four Schottky diodes and two wideband transformers are 
employed to provide isolation of all three ports. 





BALLISTIC MISSILE - Any missile which does not rely upon aerodynamic surfaces to produce lift 
and consequently follows a ballistic trajectory when thrust is terminated. 


BANDPASS FILTER - A type 
of frequency discrimination network 
designed to pass a band or range of | S!rength 
frequencies and produce attenuation to 
all other frequencies outside of the pass 
region. The figure illustrates a typical 
bandpass filter, incorporating a 
bandpass region of (F;,)-(F)), offering no 
rejection (0 dB) to desired signal (Fn) 
and much higher rejection to the 
adjacent undesired signals Fy, and F\. 
The upper and lower frequencies are usually specified to be the half power (-3 dB) or half voltage points 
(-6 dB). 
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BANDWIDTH - An expression used to define the actual operational frequency range of a receiver 
when it is tuned to a certain frequency. For a radar receiver, it is the difference between the two frequencies 
at which the receiver response is reduced to some fraction of its maximum response (such as 3 dB, 6 dB, or 
some other specified level). The frequencies between which “satisfactory” performance is achieved. Two 
equations are used: 


Narrowband by % ( si 


)(100) ; Broadband by ratio ai 


c 1 


Where F.,= Upper ; F,= lower ; F..= center =( F,,+ F,)+2 





See also Receiver Bandwidth and Spectrum Width. 


BARRAGE NOISE JAMMING - Noise jamming spread in frequency to deny the use of multiple 
radar frequencies to effectively deny range information. Although this is attractive because it enables one 
jammer to simultaneously jam several radars of different frequencies, it does have the inherent problem that 
the wider the jamming spread, the less jamming power available per radar, i.e. the watts per MHz bandwidth 
is low. 





BATTERY, MISSILE - A missile battery consists of a missile launcher and its associated missile fire 
control systems (such as a MK 11 MOD 0 Missile Launcher and two MK 74 MOD 0 Missile Fire Control 
Systems). 
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BEACON - A system wherein a transponder in a missile receives coded signals from a shipboard 
radar guidance transmitter and transmits reply signals to a shipboard radar beacon receiver to enable a 
computer to determine missile position. The missile beacon transmitter and shipboard radar beacon receiver 
are tuned to a frequency different from that of the guidance transmitter. 


BEAM - See Lobe, antenna. The beam is to the side of an aircraft or ship. 


BEAM, CAPTURE - See Capture Beam. 





BEAM-TO-BEAM CORRELATION (BBC) - BBC is used by frequency scan radars to reject pulse 
jamming and jamming at a swept frequency. Correlation is made from two adjacent beams (pulses). The 
receiver rejects those targets (signals) that do not occur at the same place in two adjacent beams. 


BEAMWIDTH - See Antenna Beamwidth. 
BEAT FREQUENCY OSCILLATOR (BFO) - Any oscillator whose output is intended to be mixed 


with another signal to produce a sum or difference beat frequency. Used particularly in reception of CW 
transmissions. 





BINGO - The fuel state at which an aircraft must leave the area in order to return and land safely. 
Also used when chaff/flares reach a preset low quantity and automatic dispensing is inhibited. 


BIPOLAR VIDEO - Unrectified (pre-detection) IF (both positive and negative portions of the RF 
envelope) signals that arise from the type of detection and console display employed in pulse Doppler and 
MTI receivers. 


BISTATIC RADAR - A radar using antennas at different locations for transmission and reception. 

BLANKING - The process of making a channel, or device non-effective for a certain interval. Used 
for retrace sweeps on CRTs or to mask unwanted signals such as blanking ones own radar from the onboard 
RWR. 

BOGEY - Unknown air target. 

BURN-THROUGH RANGE - The ability of a radar to see through jamming. Usually, described as 


the point when the radar’s target return is a specified amount stronger than the jamming signal (typical values 
are 6 dB manual and 20 dB automatic). See Section 4-8. 





BUTT LINE - Line used for reference in measurement of left/right location. One of several aircraft 
references. See also fuselage station and water line. 


CAPTURE BEAM - A wide beam 
incorporated in capture transmitters of beam 
rider (command guided) missile systems to MISSHE /\\2=< 
facilitate gaining initial control of a missile i 
immediately after launch. Upon capture, the ZaaN 
system then centers the missile in the narrow 
guidance beam. The figure illustrates a 
launched missile at point of capture. 
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CAPTURE TRANSMITTER - A transmitter employing a wide beam antenna to gain initial control of 
in-flight missile for the purpose of centering the missile in the guidance transmitter antenna beam. See also 
Capture Beam. 


vtec (Carrier Frequency) 


CARRIER FREQUENCY - The basic 








radio frequency of the wave upon which Spectra Line Spacing = TPA! 
modulations are impressed. Also called 
ees : liftude ch from + to- 
“Carrier” or f,. See figure at right. aa i/PW interval . 
CATCH-22 - A lose-lose situation, PRI eh ae ! Frequency 
from the book of the same name. PW 2jw -1IPW ew aipWw PW 





CAVITY - A space enclosed by a conducting surface used as a resonant circuit at microwave 
frequencies. Cavity space geometry determines the resonant frequency. A storage area for oscillating 
electromagnetic energy. 


CENTER FREQUENCY - The tuned or operating frequency. Also referred to as center operating 
frequency. In frequency diversity systems, the midband frequency of the operating range. See also Carrier 
Frequency. 





CHAFF - Ribbon-like pieces of metallic materials or metalized plastic which are dispensed by aircraft 
or ships to mask or screen other “targets.” The radar reflections off the chaff may cause a tracking radar to 
break lock on the target. The foil materials are generally cut into small pieces for which the size is dependent 
upon the radar interrogation frequency (approximately 1/2 wave length of the victim radar frequency). Being 
this length, chaff acts as a resonant dipole and reflects much of the energy back to the radar. Also see 
rainbow, rope, stream chaff, and window. 


CHANNEL - A frequency or band of frequencies. In guided missile systems, an assigned center 
frequency and a fixed bandwidth around it. Designates operating frequency of track radars and 
frequency/code assignments of X-band CW illuminators. 


CHIRP - A pulse compression technique which uses frequency modulation (usually linear) on pulse 
transmission. 


CHIRP RADAR - See PC. 


CIRCULARLY POLARIZED JAMMING - The techniques of radiating jamming energy in both 
planes of polarization simultaneously. With this method, there is a loss of 3 dB of effective power in either 
linear plane, and substantial loss if the opposite sense of circular polarization is used (i.e. left vs. right). See 
Section 3-2. 


CLUTTER, RADAR - Undesired radar CROUND TARGET 
returns or echoes resulting from man-made or : geet 
natural objects including chaff, sea, ground, and JeitermePlaee HILLY 


rain, which interfere with normal radar system 
observations. The figure illustrates a target being masked by ground clutter 











CO-CHANNEL - This term is used to indicate that two (or more) equipments are operating on the 
same frequency. 


COHERENT - Two signals that have a set (usually fixed) phase relationship. 
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COINCIDENCE DETECTOR - This radar video process requires more than one hit in a range cell 
before a target is displayed. This prevents video interference from pulses coming from another radar, because 
such interference is unlikely to occur twice in the same range cell. 





COLLIMATION - The procedure of aligning fire control radar system antenna axes with optical line 
of sight, thereby ensuring that the radars will provide for correct target illumination and guidance beam 
positioning. 





COMMAND CODE - Modulations superimposed upon transmitter carrier signals to provide 
electronic instructions to an airborne guided missile or pilotless aircraft. The receiver of the remotely guided 
vehicle is preset to accept only a selected transmitter code to eliminate the possibility of the vehicle 
responding to commands of extraneous signals. Missile command codes include instructions such as arm, 
warhead detonate, and self destruct. 





COMMAND GUIDANCE - A guidance system wherein intelligence transmitted to the missile from 
an outside source causes the missile to traverse a directed flight path. 





CONICAL SCAN - See Antenna, Nutating. 





CONTINUOUS WAVE and CONTINUOUS WAVE ILLUMINATOR - See CW and CWI. 


COOPERATIVE COUNTERMEASURES - (CO-OP) Generic term for jamming the same threat 
radar from two or more separate platforms that are in the same radar resolution cell. 








COUPLING FACTOR - A multiplying factor, expressed in dB, used to express the change in EM 
energy intensity from a radar transmitter to a receiver. The factor includes the antenna gains and the loss 
(basic transmission loss) caused by the distance between the antennas. The factor will usually be a negative 
dB figure (a reduction in intensity) because basic transmission loss is always a large negative value. The 
antenna gains may be positive (pointed toward each other) or negative (no main beam interactions). 


CROSS MODULATION - Intermodulation caused by modulation of the carrier by an undesired 
signal wave. 





CROSS POLARIZATION - or “Cross Pole,” is a monopulse jamming technique where a cross- 
polarized signal is transmitted to give erroneous angle data to the radar. The component of the jamming 
signal with the same polarization as the radar must be very small. 


CW (CONTINUOUS WAVE) - In radar and EW systems this term means that the transmitter is on 
constantly; i.e., not pulsed (100% duty cycle). These systems may frequency or phase modulate the 
transmitter output. A CW radar has the ability to distinguish moving targets against a stationary background 
while conserving spectrum bandwidth compared to pulsed radar requirements. A CW radar extracts accurate 
target range-rate data but cannot determine target range. 





CWI (CONTINUOUS WAVE ILLUMINATOR) - A surface or aircraft-based CW transmitter 
employed in semiactive homing missile systems where the transmitter illuminates the target and the missile 
senses the reflected energy. The transmitter also provides a reference signal to the missile rear receiver to 
allow determination of range-rate data and target identification. CW transmitter emissions are sometimes 
coded corresponding to the associated missile receiver codes to reduce the possibility of the “missile 
accepting commands of extraneous signals. 
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DECIBEL (dB) - A dimensionless unit for expressing the ratio of two values of power, current, or 
voltage. The number of decibels being equal to: dB = 10 log P,/P, = 20 log V2/V, = 20 log L/T, 
Normally, used for expressing transmission gains, losses, levels, and similar quantities. See Section 2-4. 

DECEPTION - The deliberate radiation, reradiation, alteration, absorption or reflection of 
electromagnetic energy in a manner intended to mislead the enemy interpretation or use of information 
received by his electronic systems. 

dB - See Decibel, or Decibel Section 2-4. 


dBc - Decibels referenced to the carrier signal. 


dBi - Decibels referenced to an isotropic radiator. (dBLi indicating linear isotropic radiator is 
sometimes used). 


dBm - Decibels relative to 1 mW. dBm is calculated by using the ratio of some power (expressed in 
mW) to 1 mW. For example, | mW is 0 dBm and 10 mW is +10 dBm. 


dBsm - Decibel referenced to one square meter. 
dBv / dBuv - Decibels referenced to one volt or microvolt, i.e. 0 dBv is | volt or 120 dBuv. 


dBW / dBuW - Decibels referenced to 1 watt or one microwatt, i.e. 0 dBW is 1 watt or 30 dBm or 
60 dBuW. 





DEMODULATOR - A device employed to separate the modulation signal from its associated carrier, 
also called Second Detector. See also Detection. 





DESIGNATION : The assignment of a Haan 
fire control radar to a specific target by supplying ENVELOPE 
target coordinate data to the radar system. 

RF CARRIER 

DETECTION - Usually refers to the 
technique of recovering the amplitude DETECTED 
modulation signal (envelope) superimposed on a SIGNAL 


carrier. See figure at right. 





DICKE FIX - This type of radar processing occurs in the IF amplifier. A limiter follows a wideband 
amplifier, and then the signal goes to a matched filter amplifier. This discriminates against pulses that are too 
long (clutter) or too short (interference). The “DICKE FIX” is a technique that is specifically designed to 
protect the receiver from ringing caused by noise, fast-sweep, or narrow pulse jamming. The basic 
configuration consists of a broadband limiting IF amplifier, followed by an IF amplifier of optimum 
bandwidth. The limit level is preset at approximately the peak amplitude of receiver noise, the bandwidth 
may vary from 10 to 20 MHz, depending on the jamming environment. This device provides excellent 
discrimination against fast sweep jamming (10-500 MHz), usually something on the order of 20 to 40 dB, 
without appreciable loss in sensitivity. However, strong CW jamming will seriously degrade the performance 
of the DICKE FIX because the CW signal captures the radar signal in the limiter. 


DIELECTRICALLY STABILIZED OSCILLATOR - The DSO uses a dielectric resonator as the 
frequency determining element. When the dielectric material is properly selected and used, the variations in 
dielectric constant vs. temperature and the dimensions of the resonant structure vs. temperature tend to cancel 
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out, providing relatively good frequency vs. temperature stability. The DSO offers frequency accuracy and 
stability, low power consumption and high reliability. Some of the commonly used materials are barium, 
zirconium, or tin tinates. The composition of these materials may be controlled to achieve any frequency 
variation with temperature with close tolerances. 


DIODE - An electronic device which restricts current flow chiefly to one direction. See also Gunn 
diode, IMPATT diode, PIN diode, point contact diode, Schottky barrier diode, step recovery diode, tunnel 
diode, varactor diode. 


DIODE SWITCH - PIN-diode switches provide state-of-the-art switching in most present-day 
microwave receivers. These switches are either reflective or nonreflective in that the former reflect incident 
power back to the source when in the isolated state. While both types of switches can provide high isolation 
and short transition times, the reflective switch offers multi octave bandwidth in the all shunt diode 
configuration, while the non-reflective switch offers an octave bandwidth. 





DIPLEX - The simultaneous transmission or reception of two signals using a common feature such as 
a single antenna or carrier. Typically, two transmitters operate alternately at approximately the same RF and 
using a common antenna. See Section 6-7 for a discussion of diplexers. 


DIRECTIONAL COUPLER - A 4-port transmission coupling device used to sample the power 
traveling in one direction through the main line of the device. There is considerable isolation (typically 
20 dB) to signals traveling in the reverse direction. Because they are reciprocal, the directional coupler can 
also be used to directively combine signals with good reverse isolation. The directional coupler is 
implemented in waveguide and coaxial configurations. See Section 6-4. 


DIRECTIVITY - For antennas, directivity is the maximum value of gain in a particular direction. 
(Isotropic point source has directivity = 1). For directional couplers, directivity is a measure (in dB) of how 
good the directional coupling is and is equal to the isolation minus the coupling. See Section 6-4. 


DISH - A microwave reflector used as part of a radar antenna system. The surface is concave and is 
usually parabolic shaped. Also called a parabolic reflector. 


DOPPLER EFFECT - The apparent 
change in frequency of an electromagnetic wave 
caused by a change in distance between the 
transmitter and the receiver during 
transmission/reception. The figure illustrates the 
Doppler increase that would be realized by 
comparing the signal received from a target Ae eens oa re 
approaching the radar site to the transmitted 
reference signal. An apparent frequency decrease would be noted for targets departing the radar location. 
Differences can be calibrated to provide target range-rate data. 





TAANSMITTED SiGNAL 





DRY RUN - A test run with aircraft/ship armament and/or EW switches off. 


DUCTING - The increase in range that an electromagnetic wave will travel due to a temperature 
inversion of the atmosphere. The temperature inversion forms a channel or waveguide (duct) for the waves to 
travel in, and they can be trapped, not attenuating as would be expected from the radar equation. 


DUMMY LOAD (Radio Transmission) - A dissipative but essentially nonradiating substitute device 
having impedance characteristics simulating those of the antenna. This allows power to be applied to the 
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radar transmitter without radiating into free space. Dummy loads are commonly used during EMCON 
conditions or when troubleshooting a transmitter at a workbench away from its normal environment. 


DUPLEXER - A switching device used in radar to permit alternate use of the same antenna for both 
transmitting and receiving. 


DUTY CYCLE - The ratio of average power to peak 
power, or ratio of pulse length to interpulse period for pulsed 
transmitter systems. Interpulse period is equal to the AVERAGE POWER 
reciprocal of the pulse repetition rate. Je INTERPULSE PERIOCD—4 
See Section 2-5. 





The duty cycle ofa radar having a pulse length of 0.3 usec and a PRF of 2000 pulses/sec is computed 
as follows: 
Interpulse Period, T = PRI = 1/PRF = 500 usec 


Pulselength _ 0.3 usec 


Duty Cycle= = 0.0006 (or 0.06%) Or Duty Cycle (dB) = 10log(Duty cycle) = -32.2 dB 





Interpulse Period 500 musec 


An output tube providing an average power of only 90 watts for such a system would, therefore, provide a 
peak power of: 


Average Power _— 90 
Duty Cycle 0.0006 





Peak Power = = 150,000 W or 52 dBW or 82 dBm 


EFFECTIVE RADIATED POWER (ERP) - Input power to the antenna in watts times the gain ratio 
of the antenna. When expressed in dB, ERP is the transmitter power (Pr), in dBm (or dBW) plus the antenna 
gain (Gr) in dB. The term EIRP is used sometimes and reiterates that the gain is relative to an isotropic 
radiator. 





EGRESS - Exit the target area. 


ELECTROMAGNETIC COUPLING - The transfer of electromagnetic energy from one circuit or 
system to another circuit or system. An undesired transfer is termed EMI (electromagnetic interference). 





EMC (ELECTROMAGNETIC COMPATIBILITY) - That condition in which electrical/electronic 
systems can perform their intended function without experiencing degradation from, or causing degradation to 
other electrical/electronic systems. More simply stated, EMC is that condition which exists in the absence of 
EMI. See also Intersystem and Intrasystem EMC tests. 





EME (ELECTROMAGNETIC ENVIRONMENT) - The total electromagnetic energy in the RF 
spectrum that exists at any given location. 


EMI (ELECTROMAGNETIC INTERFERENCE) - Any induced, radiated, or conducted electrical 
emission, disturbance, or transient that causes undesirable responses, degradation in performance, or 
malfunctions of any electrical or electronic equipment, device, or system. Also synonymously referred to as 
RFI (Radio Frequency Interference). 





EMI MODEL - Usually a set of equations or logical concepts designed to illustrate the interactions, 
the detailed parameters considerations, and mathematical procedures necessary for proper analysis of a given 
EMI situation. 
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EMITTER - Any device or apparatus which emits electromagnetic energy. 


EMP (ELECTROMAGNETIC PULSE) - The generation and radiation of a very narrow and very 
high-amplitude pulse of electromagnetic noise. It is associated with the high level pulse as a result of a 
nuclear detonation and with intentionally generated narrow, high-amplitude pulse for ECM applications. In 
the case of nuclear detonations, EMP consists of a continuous spectrum with most of its energy distributed 
through the low frequency band of 3 KHz to 1 MHz. 





ERROR SIGNAL - In servomechanisms, the signal applied to the control circuit that indicates the 
degree of misalignment between the controlling and the controlled members. In tracking radar systems, a 
voltage dependent upon the signal received from a target whose polarity and magnitude depend on the angle 
between the target and the center axis of the scanning beam. 





FAST TIME CONSTANT - See FTC. 


FEET DRY / WET - Aircraft has crossed from water to shore / aircraft has crossed from shore to 





water. 


FERRET - An aircraft, ship, or vehicle especially equipped for the detection, location, recording, and 
analyzing of electromagnetic radiations. 


FIELD STRENGTH - The magnitude of a magnetic or electric field at any point, usually expressed in 
terms of ampere turns per meter or volts per meter. Sometimes called field intensity and is expressed in 
volts/meter or dBuv/meter. Above 100 MHz, power density terminology is used more often. See 
Section 4-1. 





FIRST HARMONIC - The fundamental (original) frequency. 





FREQUENCY AGILITY - A radar’s ability to change frequency within its operating band, usually on 
a pulse-to-pulse basis. This is an ECCM technique employed to avoid spot jamming and to force the jammer 
to go into a less effective barrage mode. 





FREQUENCY AGILITY RADAR - A radar that automatically or semiautomatically tunes through a 
discrete set of operating frequencies in its normal mode of operation. 





FREQUENCY DIVERSITY RADAR - A radar system technique, employed primarily as an 
antijamming feature, where the transmitter output frequency varies randomly from pulse to pulse over a wide 
frequency range. 





FREQUENCY RANGE - (1) A specifically designated portion of the frequency spectrum; (2) ofa 
device, the band of frequencies over which the device may be considered useful with various circuit and 
operating conditions; (3) of a transmission system, the frequency band in which the system 1s able to transmit 
power without attenuating or distorting it more than a specified amount. 





FREQUENCY SHIFT KEYING (FSK) - A form of FM where the carrier is shifted between two 
frequencies in accordance with a predetermined code. In multiple FSK, the carrier is shifted to more than two 
frequencies. FSK is used principally with teletype communications. 


“FRUIT” - In a radar beacon system, there is a type of interference called “FRUIT,” caused by 
beacon replies to interrogation asynchronous with the observer’s interrogator. The largest amount of this 
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interference is received through the sidelobes of the interrogating antenna, but it can become dense enough to 
cause false target indications. 


FTC (FAST TIME CONSTANT) - An antijam feature employed in radar systems where receiver 
circuits may be selected to provide a short time constant to emphasize signals of short duration to produce 
discrimination against the low frequency components of clutter. 


FUNDAMENTAL FREQUENCY - Used synonymously for tuned frequency, carrier frequency, 
center frequency, output frequency, or operating frequency. 


FUSELAGE STATION or just STATION - A reference point (usually the nose of an aircraft) used to 
measure or identify fore and aft locations. One of several aircraft location designations - also see butt line and 
water line. 


GaAs FET AMPLIFIER - Because of their low noise, field-effect transistors are often used as the 
input stage of wideband amplifiers. Their high input resistance makes this device particularly useful in a 
variety of applications. Since the FET does not employ minority current carriers, carrier storage effects are 
eliminated giving the device faster operating characteristics and improved radiation resistant qualities. 





GAIN - For antennas, the value of power gain in a given direction relative to an isotropic point source 
radiating equally in all directions. Frequently expressed in dB (gain of an isotropic source = 0 dB). The 
formula for calculating gain is: 

P. (0,0) = Radiation intensity in given direction 


ENE» where 
Pin ; Pin = Power into lossless antenna radiating uniformly in all directions 


G 


Note: (1) Ifradiation efficiency is unity, then gain = directivity 1.e. if directivity = 2, then gain = 3 dB, etc. 
(2) Interference losses within an array also affect gain 
(3) See Section 3-1 for further details 


For amplifiers, gain is the ratio of the output power to input power (usually in dB). 


GATE (RANGE) - A signal used to select radar echoes corresponding to a very short range 
increment. Range is computed by moving the range gate or marker to the target echo; an arrangement which 
permits radar signals to be received in a small selected fraction of the time period between radar transmitter 
pulses. 





GATING - (1) The process of selecting those portions of a wave which exist during one or more 
selected time intervals; (2) the application of a square waveform of desired duration and timing to perform 
electronic switching; (3) the application of receiver operating voltages to one or more stages only during that 
portion of a cycle of operation when reception is desired. See also Gate (Range). 


GCI (GROUND-CONTROLLED INTERCEPT) - Vectoring an interceptor aircraft to an airborne 
target by means of information relayed from a ground-based radar site which observes both the interceptor 
and the target. 





GIGA - A prefix meaning 10” (times a billion). For example, gigahertz (GHz). 


GLINT (In Radar) - 1. The random component of target location error caused by variations in the 
phase front of the target signal (as contrasted with Scintillation Error). Glint may affect angle, range of 
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Doppler measurements, and may have peak values corresponding to locations beyond the true target extent in 
the measured coordinate. 2. Electronic countermeasures that uses the scintillating, or flashing effect of 
shuttered or rotating reflectors to degrade tracking or seeking functions of an enemy weapons system. 


GUARDBAND - A frequency band to which no other emitters are assigned as a precaution against 
interference to equipments susceptible to EMI in that band. 


GUIDANCE, BEAM RIDER - A missile guidance technique which is dependent on the missile’s 
ability to determine its positions with reference to the center of scan of the guidance radar beam and thus 
correct its trajectory on the basis of detected errors. 





GUIDANCE CODE - A technique of modulating guidance transmitter carriers with coded pulses 
compatible with the receiver code of the missile assigned that system, thus reducing the possibility of the 
missile accepting erroneous commands of other transmissions. 





GUIDANCE, COMMAND - A guidance system wherein intelligence transmitted to the missile from 
an outside source causes the missile to traverse a directed path in space. 





GUIDANCE, HOMING, ACTIVE - A system of homing guidance wherein both the transmitter and 
receiver are carried within the missile. 














GUIDANCE, HOMING, PASSIVE - A form of homing guidance, which is dependent on a missile’s 
ability to detect energy emitted by the target. Frequently termed Home-On-Jam (HO)J). 























GUIDANCE, HOMING, SEMIACTIVE - A system of homing guidance wherein the missile uses 
reflected signals from the target which has been illuminated by a source other than within the missile. See 
also CWI. 





GUIDANCE, INERTIAL - A self-contained system independent of information obtained from 
outside the missile, usually using Newton’s second law of motion. 





GUNN DIODE - The Gunn diode is a transferred electron device which because of its negative 
resistance can be used in microwave oscillators or amplifiers. When the applied voltage exceeds a certain 
critical value, periodic fluctuations in current occur. The frequency of oscillation depends primarily upon the 
drift velocity of electrons through the effective length of the device. This frequency may be varied over a 
small range by means of mechanical tuning. 


HARMONIC - A sinusoidal component of a periodic wave or quantity having a frequency that is an 
integral multiple of the fundamental frequency. For example, a component which is twice the fundamental 
frequency is called the second harmonic. (The fundamental is the first harmonic, which is frequently 
misunderstood.) 


HERTZ - The unit of frequency equal to one cycle per second. 


HOME-ON-JAM (HOJ) - See Guidance, Homing, Passive. 





HORN ANTENNA - A flared, open-ended section of waveguide used to radiate the energy from a 
waveguide into space. Also termed “horn” or “horn radiator.” Usually linearly polarized, it will be vertically 
polarized when the feed probe is vertical, or horizontally polarized if the feed is horizontal. Circular 
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polarization can be obtained by feeding a square horn at a 45° angle and phase shifting the vertical or 
horizontal excitation by 90°. 


HYPERABRUPT VARACTOR OSCILLATOR - Due to a non-uniform concentration of N-type 
material (excess electrons) in the depletion region, this varactor produces a greater capacitance change in 
tuning voltage and a far more linear voltage-vs.-frequency tuning curve. As a result, this device has an 
improved tuning linearity and low tuning voltage. 


IF INTERMEDIATE FREQUENCY) - The difference frequency resulting from mixing (beating) the 
received signal in a superheterodyne receiver with the signal from the local oscillator. The difference 
frequency product provides the advantages inherent to the processing (amplification, detection, filtering, and 
such) of low frequency signals. The receiver local oscillator may operate either below or above the receiver 
tuned frequency. A single receiver may incorporate multiple IF detection. 





IF = Fy0 - Fo (for a local oscillator operating above the fundamental) 


where: 
Fo = Received fundamental frequency Antenna 
F,o = Local oscillator frequency 60 MHz IF 





Desired recelved 
The simplified block diagram illustrates a typical mixing | $19"! (1050 MHz) 
procedure employed in radar systems to obtain desired Local Oscillatar 
IF frequencies. The local oscillator is tuned above the (1170 MHz} 
fundamental frequency in this example. It should be 
noted that an undesired signal received at the receiver image frequency of 1170 MHz will also produce the 


desired 60 MHz IF frequency; this relationship provides the receiver image. See also Image Frequency. 





IFF (IDENTIFICATION FRIEND OR FOE) - A system using radar transmission to which equipment 
carried by friendly forces automatically responds by emitting a unique characteristic series of pulses thereby 
distinguishing themselves from enemy forces. It is the “Mode IV” for the aircraft transponder. See also 
transponder. 


IMAGE FREQUENCY 7 Desired received 
That frequency to which a given signal (1050 MHz) 





superheterodyne receiver __is Fic - Fo = IF 
inherently susceptible, thereby 5 ute oe 
rendering such a receiver extremely 60 MHz IF 
Image Frequency 
vulnerable to EMI at that | ¢F,=4170MHz} 
frequency. The image frequency is Lower Sideband Upper Sideband 
located at the same frequency IF = Ro - Fo = Af IF = Fa - io = Af 


difference (Af) to one side of the 


: : Local Oscillator 
: (Fio=1110MHz)| =F Fis Fo 
local oscillator as the tuned 


Af Af 
(desired) frequency is to the other 


side. An undesired signal received 
at the image frequency by a superheterodyne receiver not having preselection would, therefore, mix (beat) 
with the oscillator, produce the proper receiver IF, and be processed in the same manner as a signal at the 
desired frequency. See also receiver selectivity. 





IMAGE JAMMING - Jamming at the image frequency of the radar receiver. Barrage jamming is 
made most effective by generating energy at both the normal operating and image frequency of the radar. 
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Image jamming inverts the phase of the response and is thereby useful as an angle deception technique. Not 
effective if the radar uses image rejection. 


IMPATT DIODE - The IMPATT (IMPact Avalanche and Transit Time) diode acts like a negative 
resistance at microwave frequencies. Because of this property, Impatt diodes are used in oscillators and 
amplifiers. Usually the frequency range is in the millimeter wave region where other solid state devices 
cannot compete. 


INGRESS - Go into the target area. 


INSERTION LOSS - The loss incurred by inserting an element, device, or apparatus in an 
electrical/electronic circuit. Normally expressed in decibels determined as 10 log of the ratio of power 
measured at the point of insertion prior to inserting the device (P) to the power measured after inserting the 
device (P2). Insertion loss (dB) = 10 log P;/P>. 


INTEGRATION EFFECT - Pulse radars usually obtain several echoes from a target. If these echoes 
are added to each other, they enhance the S/N ratio, making a weak target easier to detect. The noise and 
interference do not directly add from pulse to pulse, so the ratio of target strength to undesired signal strength 
improves making the target more detectable. Random noise increases by the square root of the number of 
integrations, whereas the signal totally correlates and increases directly by the number of integrations, 
therefore the S/N enhancement is equal to the square root of the number of integrations. 





INTERFERENCE - See EMI. 





INTERFERENCE PARAMETERS - Equipment and propagation characteristics necessary for the 
proper evaluation of a given EMI situation. 


INTERFERENCE/SIGNAL RATIO - See I/S Ratio. 








INTERFERENCE THRESHOLD - The level of interference normally expressed in terms of the I/S 
(interference/signal) ratio at which performance degradation in a system first occurs as a result of EMI. 











INTERFEROMETER - When two widely spaced antennas are arrayed together, they form an 
interferometer. The radiation pattern consists of many lobes, each having a narrow beamwidth. This antenna 
can provide good spatial selectivity if the lobe-to-lobe ambiguity can be solved such as using amplitude 
comparison between the two elements. 





INTERMODULATION - The production, in a nonlinear element (such as a receiver mixer), of 
frequencies corresponding to the sums and differences of the fundamentals and harmonics of two or more 
frequencies which are transmitted through the element; or, the modulation of the components of a complex 
wave by each other, producing frequencies equal to the sums and differences of integral multiples of the 
component frequencies of the complex wave. 


INTERSYSTEM EMC - EMC between the external electromagnetic environment (EME) and an 
aircraft with its installed systems. Generally, only system BIT must operate properly on the carrier deck 
while all system functions must operate properly in the operational EME. 


INTRASYSTEM EMC - EMC between systems installed on an aircraft, exclusive of an external 
environment. 
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INVERSE CON SCAN - One method of confusing a radar operator or fire control radar system is to 
provide erroneous target bearings. This is accomplished by first sensing the radar antenna scan rate and then 
modulating repeater amplifier gain so the weak portion of the radar signal is amplified by the jammer, while 
the strong portion is not, so the weapons systems will fire at some bearing other than the true target bearing. 
The angle deception technique is used to break lock on CONSCAN radars. 


INVERSE GAIN - Amplification, inverse modulation, and re-radiation of a radar’s pulse train at the 
rotation rate of the radar scan. Deceives a conical scanning radar in angle. 





ISOTROPIC ANTENNA - A hypothetical antenna which radiates or receives energy equally in all 
directions. 








IS RATIO Q(NTERFERENCE-TO-SIGNAL RATIO) CSR) - The ratio of electromagnetic 
interference level to desired signal level that exists at a specified point in a receiving system. The ratio, 
normally expressed in dB, is employed as a tool in prediction of electronic receiving system performance 
degradation for a wide range of interference receiver input levels. Performance evaluations compare actual 
I/S ratios to minimum acceptable criteria. 


JAFF - Expression for the combination of electronic and chaff jamming. 


JAMMING - The deliberate radiation, reradiation, or reflection of electromagnetic energy with the 
object of impairing the use of electronic devices, equipment, or systems by an enemy. 


JATO - JAmmer Technique Optimization group -- Organization coordinates EA technique 
development and evaluation efforts in support of naval airborne EA (ALQ-99, USQ-113, ALQ-227, 
ALQ-231, ALE-43). The group is run out of PMA-234 and comprised of elements at NAWCWD-Point 
Mugu, Johns Hopkins University/ Applied Physics Lab, Naval Research Lab, and NSWC-Crane. Efforts 
include M&S, Lab test, ground test, flight test, direct fleet support, and requirements and test support to 
development programs. 


JINK - An aircraft maneuver which sharply changes the instantaneous flight path but maintains the 
overall route of flight. More violent than a weave. 





JITTERED PREF - An antijam feature of certain radar systems which varies the PRF consecutively, 
and randomly, from pulse to pulse to prevent enemy ECM equipment from locking on, and synchronizing 
with, the transmitted PRF. PRF is synonymous with pulse repetition rate (PRR). 





JTAT - JATO Techniques Analysis and Tactics -- Analysis documents produced by JATO to advise 
EA systems operators on the best ways to employ their systems by region, mission and equipment 
configuration. Currently covering ALQ-99 and USQ-113 on EA-6B; ALQ-99 and ALQ-227 on EA-18G, and 
ALQ-231 on AV-8B. 


KILO - A prefix meaning 10° (times one thousand). For example, kilohertz. 


KLYSTRON AMPLIFIER - An electron beam device which achieves amplification by the 
conversion of periodic velocity variations into conduction-current modulation in a field-free drift region. 
Velocity variations are launched by the interaction of an RF signal in an input resonant cavity and are coupled 
out through an RF output cavity. Several variations including reflex and multi cavity klystrons are used. 


KLYSTRON, MULTICAVITY - An electron tube which employs velocity modulation to generate or 
amplify electromagnetic energy in the microwave region. Since velocity modulation employs transit time of 
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the electron to aid in the bunching of electrons, transient time is not a deterrent to high frequency operations 
as is the case in conventional electron tubes. See also Velocity Modulation. 


KLYSTRON, REFLEX - A klystron which employs a reflector (repeller) electrode in place of a 
second resonant cavity to redirect the velocity-modulated electrons through the resonant cavity. The repeller 
causes one resonant circuit to serve as both input and output, which simplifies the tuning operation. This type 
of klystron is well adapted for use as an oscillator because the frequency is easily controlled by varying the 
position of the repeller. See also Velocity Modulation. 





LEAKAGE - Undesired radiation or conduction of RF energy through the shielding of an enclosed 
area or of an electronic device. 


LENS, RADAR (MICROWAVE) - The purpose of any such lens is to refract (focus) the diverging 
beam from an RF feed into a parallel beam (transmitting) or vice versa (receiving). The polarization is feed 
dependent. 





LIGHT AMPLIFICATION BY STIMULATED EMISSION OF RADIATION (LASER) - A process 


of generating coherent light. The process utilizes a natural molecular (and atomic) phenomenon whereby 
molecules absorb incident electromagnetic energy at specific frequencies, store this energy for short but 
usable periods, and then release the stored energy in the form of light at particular frequencies in an extremely 
narrow frequency-band. 


LIMITING - A term to describe that an amplifier has reached its point of saturation or maximum 
output voltage swing. Deliberate limiting of the signal is used in FM demodulation so that AM will not also 
be demodulated. 


LITTORAL - Near a shore. 


LOBE, ANTENNA - Various parts of the 
antenna’s radiation pattern are referred to as lobes, ist Side Lobe 
which may be subclassified into major and minor lobes. 
The major lobe is the lobe of greatest gain and is also 
referred to as the main lobe or main beam. The minor 
lobes are further subclassified into side and back lobes 
as indicated in the figure to the right. The numbering of 
the side lobes are from the main lobe to the back lobe. 








LOCAL OSCILLATOR FREQUENCY - An internally generated frequency in a superheterodyne 
receiver. This frequency differs from the receiver operating frequency by an amount equal to the IF of the 
receiver. The local oscillator frequency may be designed to be either above or below the incoming signal 
frequency. 





LOG VIDEO - This receiver process, generally implemented in the IF, compresses the dynamic range 
of the signal so both weak and strong signals are displayed without changing the gain setting. Output voltage 
can be calibrated in volts/dB of input power. 


LONG PULSE MODE - Many pulsed radars are capable of transmitting either long or short pulses of 
RF energy. When the long pulses of RF energy are selected manually (or sometimes automatically), the radar 
is said to be operating in the long pulse mode. In general, “long pulse mode” is used to obtain high average 
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power for long-range search or tracking, and “short pulse mode” gives low average power for short-range, 
high-definition, tracking or search. 


LOOSE DEUCE - General term for two aircraft working in mutual support of each other. 
LORO (LOBE-ON-RECEIVE-ONLY) - A mode of operation generally consisting of transmitting on 


one non-scanning antenna system and receiving the reflected energy on another scanning system (The 
receiver could be TWS, Conical, or monopulse). 





MACH NUMBER - The ratio of the velocity of a body to the speed of sound in the medium that is 
being considered. In the atmosphere, the speed of sound varies with temperature and atmospheric pressure, 
hence, so does mach number. 





MAGNETIC ANOMALY DETECTOR - A means of detecting changes in the earth’s magnetic field 
caused by the presence of metal in ships and submarines. 





MAGNETRON - A magnetron is a thermionic vacuum tube which is constructed with a permanent 
magnet forming a part of the tube and which generates microwave power. These devices are commonly used 
as the power output stage of radar transmitters operating in the frequency range above 1000 MHz and are 
used less commonly down to about 400 MHz. A magnetron has two concentric cylindrical electrodes. Ona 
conventional magnetron, the inner one is the cathode and the outer one is the anode. The opposite is true for a 
coaxial magnetron. 


MAGNETRON OSCILLATOR - A high-vacuum tube in which the interaction of an electronic space 
charge and a resonant system converts direct current power into ac power, usually at microwave frequencies. 
The magnetron has good efficiency, is capable of high power outputs, and is stable. 


MATCHED FILTER - This describes the bandwidth of an IF amplifier that maximizes the 
signal-to-noise ratio in the receiver output. This bandwidth is a function of the pulsewidth of the signal. 


MDS (MINIMUM DETECTABLE/DISCERNIBLE SIGNAL) - The receiver input power level that 


is just sufficient to produce a detectable/discernible signal in the receiver output. The detectable term is 
interchangeable with S,,in and the discernable term is interchangeable with MVS. See Section 5-2. 


MEACONING -- A system receiving radio signals and rebroadcasting them (or just transmitting) on 
the same frequency to confuse navigation. The meaconing station attempts to cause aircraft to receive 
inaccurate range or bearing information. 


MEATBALL - Visual light “ball” seen in Fresnel lens optical landing system (FLOLS) by pilot 
during carrier or Navy field landing. Used as a reference to determine if flight path is high or low. 


MEGA - A prefix meaning 10° (times one million). For example megahertz (MHz) 


MICROVOLT PER METER - A commonly used unit of field strength at a given point. The field 
strength is measured by locating a standard receiving antenna at that point, and the “microvolts per meter” 
value is then the ratio of the antenna voltage in microvolts to the effective antenna length in meters. Usually 
used below 100 MHz. Above 100 MHz, power density terminology is normally used. 
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MICROWAVE AMPLIFICATION BY STIMULATED EMISSION OF RADIATION (MASER) - A 


low-noise radio-frequency amplifier. The emission of energy stored in a molecular or atomic system by a 
microwave power supply is stimulated by the input signal. 


MISS DISTANCE - Used variously in different contexts. The distance from the missile to the 
geometric center of the aircraft, or the closest point of approach (CPA) of the missile to any portion of the 
aircraft such as the aircraft nose or telemetry pod, etc. 





MISSILE SYSTEMS FUNCTIONS - Examples of missile system functions are: “acquisition” (ability 
to lock-on a desired target); “tracking” of a target; “guidance” of a missile toward a target; “illumination” ofa 
target so that a homing missile can home on the reflected RF illumination; and “command” signal 
transmission to a missile to cause it to arm, to detonate, to commence homing, or to destroy itself. 





MIXERS - See Balanced and Schottky Diode Mixers. 





MODULATION - The process whereby some AMPLITUDE MODULATED 
characteristic of one wave is varied in accordance with RF CARRIER 
some characteristic of another wave. The basic types of AMPLITUDE MODULATING 
modulation are angle modulation (including the special PULSE WAVE 
cases of phase and frequency modulation) and amplitude mGUcATiNE. Gane 
modulation. In missile radars, it is common practice to WAVE 


amplitude modulate the transmitted RF carrier wave of 
tracking and guidance transmitters by using a pulsed wave AMPLITUDE MODULATED 
for modulating, and to frequency module the transmitted RF CARRIER 

RF carrier wave of illuminator transmitters by using a sine 
wave. 





MODULATION, AMPLITUDE - This type of modulation changes the amplitude of a carrier wave in 
responses to the amplitude of a modulating wave. This modulation is used in radar and EW only as a switch 
to turn on or turn off the carrier wave; i.e., pulse is a special form of amplitude modulation. 








MODULATION, FREQUENCY - The frequency of the modulated carrier wave is varied in 
proportion to the amplitude of the modulating wave and therefore, the phase of the carrier varies with the 
integral of the modulating wave. See also Modulation. 


MODULATION, PHASE - The phase of the modulated carrier is varied in proportion to the 
amplitude of the modulating wave. See also Modulation. 





MONOPULSE - (See figure to right) A T6T ABOVE RADAR 
type of tracking radar that permits the extracting BEAM CENTER LINE 
of tracking error information from each received 
pulse and offers a reduction in tracking errors as 
compared to a conical-scan system of similar 
power and size. Multiple (commonly four) [BIA 
receiving antennas or feeds are _ placed pI 
symmetrically about the center axis and operate 
simultaneously to receive each RF _ pulse 
reflected from the target. A comparison of the 
output signal amplitude or phase among the four i 
antennas indicates the location of the target with 
respect to the radar beam center line. The output 
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oo 
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of the comparison circuit controls a servo system that reduces the tracking error to zero and thereby causes the 
antenna to track the target. 


MOS (MINIMUM OPERATIONAL SENSITIVITY) - The minimum signal which can be detected 
and automatically digitally processed by a radar without human discrimination. 


MTI (MOVING TARGET INDICATOR) - This radar signal process shows only targets that are in 
motion. Signals from stationary targets are subtracted out of the return signal by a memory circuit. 








MULTIPATH - The process by which a transmitted signal arrives at the receiver by at least two 
different paths. These paths are usually the main direct path, and at least one reflected path. The signals 
combine either constructively or destructively depending upon phase, and the resultant signal may be either 
stronger or weaker than the value computed for free space. 


MULTIPLEX - Simultaneous transmission of two or more signals on a common carrier wave. The 
three types of multiplex are called time division, frequency division, and phase division. 


MULTIBAND RADAR - A type of radar which uses simultaneous operation on more than one 
frequency band through a common antenna. This technique allows for many sophisticated forms of video 
processing and requires any jammer to jam all channels at the same time in order to be effective. 


MVS (MINIMUM VISIBLE SIGNAL) - The minimum input pulse signal power level which permits 
visibility of the output pulse, such as on a radar A-scope display. This level is determined by initially setting 
the input level above the visible detection threshold, and then slowly decreasing the amplitude. 





NOISE FIGURE, RECEIVER - A figure of merit (NF or F) of a system given by the ratio of the 
signal-to-noise ratio at the input, S; / Nj, divided by the signal-to-noise ratio at the output, S,/No. It essentially 
expresses the ratio of output noise power of a given receiver to that of a theoretically perfect receiver which 
adds no noise. 








S./ N N SYSTEM OUTPUT Noise Power Added 
Noise Figure = ——— = —* By Receiver 
So/No GN; Input Power Input Power 
times Power Gain Gi times Power Gain 
: ‘ Boe 
Where S, = GS; and G is the gain of the system. Perfect System Actual System 





Noise figure is usually expressed in dB and given for an impedance matched condition. Impedance mismatch 
will increase the noise figure by the amount of mismatch loss. NF is usually given at room temperature; 17°C 
or 290°K. See Section 5-2. 


NOISE JAMMING - A continuous random signal radiated with the objective of concealing the 
aircraft echo from the enemy radar. In order for it to be effective, it must have an average amplitude at least 
as great as the average amplitude of the radar echo. There are three major categories of noise jamming which 
are grouped by how jamming power is concentrated: Spot, barrage, and swept jamming. (See individual 
definitions) 





NONCOHERENT - Two signals that have no set phase relationship. 





NOTCH - The portion of the radar velocity display where a target disappears due to being notched 
out by the zero Doppler filter. If not filtered (notched), ground clutter would also appear on the display. A 
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notch filter is a narrow band-reject filter. A “notch maneuver” is used to place a tracking radar on the beam of 
the aircraft so it will be excluded. 


NULL, ANTENNA PATTERN - The directions of minimum transmission (or reception) of a 
directional antenna. See also Lobe, Antenna. 





NULL 


NULL FILL - The nulls in an antenna mn NULL PARTIALLY 
pattern may be reduced (filled) by using a K ) 
second ancillary (spoiler) antenna whose pattern 


is such that it fills in the nulls of the main PATTERN OF PATTERN OF COMPOSITE PATTERN OF 
MAIN ANTENNA ANCILLARY MAIN PLUS ANCILLARY 
antenna pattern. (PRE—NULL FILL} ANTENNA ANTENNA (NULL FILL) 





NUTATION - As applied to current missile system radars, this term refers to the mechanical motion 
of an antenna feed to produce a conical scan (fixed polarization) by the main beam ofa tracking antenna, thus 
providing a means of developing tracking error signals. See also Antenna, Nutating. By analogy, “Nutation” 
also is used to denote the electrical switching of the quadrants of a seeker antenna. See also Interferometer. 
The effect is similar to that of a conical scan. 


NUTATOR - A motor-driven rotating antenna feed used to produce a conical scan for a tracking 
radar. See also Antenna, Nutating. Also, the electrical circuits necessary to effect nonmechanical conical 
scans. See also Nutation. 


OPERATIONAL CONSTRAINTS - Limitations on operating procedures in order to prevent 
interference between missile systems on a ship or between missile systems in a formation of ships under 
operational conditions. These limitations consist of such things as limited frequency bands or channels in 
which the radars may be tuned, limited sectors of space into which radar beams may be pointed, limits on 
minimum spacing between ships, limits on what codes may be used by radars and missiles on each ship, and 
limits on minimum interval between firing of certain missiles. 





OSCILLATORS - Devices which generate a frequency. See also Backward Wave, Dielectrically 
Stabilized Oscillator, Hyperabrupt Varactor Oscillator, Magnetron Oscillator, Varactor Tuned Oscillator, and 
YIG tuned oscillator. 





OSCILLATOR, LOCAL - See Local Oscillator Frequency. 





PALMER SCAN - Conical scan superimposed on another type of scan pattern - usually a spiral 
pattern. 


PARAMETER - A quantity which may have various values, each fixed within the limits of a stated 
case or discussion. In the present case, some examples of parameters; would be: radar frequency, limited by 
the tuning range of the radar; missile range, limited by the maximum operating range of the missile; or a 
missile code, limited by the number of codes available and by the codes that the ship radars are set up to 
operate on. 


PASSIVE ANGLE TRACKING - Tracking of a target using radiation from the target (such as 
jamming), with no radiation from the radar itself. Only angular tracking is possible under these conditions 
since no measurement of time of travel of radiation to the target is possible, as is required to obtain target 
range. 





PC (PULSE COMPRESSION) - The process used in search and tracking pulse radars whereby the 
transmitted pulse is long, so as to obtain high average transmitter output power, and the reflected pulse is 
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processed in the radar receiver to compress it to a fraction of the duration of the transmitted pulse to obtain 
high definition and signal strength enhancement. Pulse compression may be accomplished by sweeping the 
transmitted frequency (carrier) during the pulse. The returned signal is then passed through a 
frequency-dependent delay line. The leading edge of the pulse is therefore delayed so that the trailing edge 
catches up to the leading edge to produce effectively a shorter received pulse than that transmitted. Pulse 
compression radars are also referred to as CHIRP radars. Other more sophisticated pulse compression 
techniques are also possible and are becoming more popular. 


PENCIL BEAM - A narrow circular radar beam from a highly directional antenna (such as a 
parabolic reflector). 





PHASED ARRAY RADAR - Radar using many antenna elements which are combined in a 
controlled phase relationship. The direction of the beam can be changed as rapidly as the phase relationships 
(usually less than 20 microseconds). Thus, the antenna typically remains stationary while the beam is 
electronically scanned. The use of many antenna elements allows for very rapid and high directivity of the 
beam(s) with a large peak and/or average power. There is also a potential for greater reliability over a 
conventional radar since the array will fail gracefully, one element at a time. 





PIN DIODE - A diode with a large intrinsic (I) region sandwiched between the P- and N- doped 
semiconducting regions. The most important property of the PIN diode is the fact that it appears as an almost 
pure resistance at RF. The value of this resistance can be varied over a range of approximately one- 
10,000 ohms by direct or low frequency current control. When the control current is varied continuously, the 
PIN diode is useful for attenuating, leveling and amplitude modulation of an RF signal. When the control 
current is switched on and off or in discrete steps, the device is useful in switching, pulse modulating, and 
phase shifting an RF signal. 


POINT CONTACT DIODE - This was one of the earliest semiconductor device to be used at 
microwave frequencies. Consisting of a spring-loaded metal contact on a semiconducting surface, this diode 
can be considered an early version of the Schottky barrier diode. Generally used as a detector or mixer, the 
device is somewhat fragile and limited to low powers. 





POLARIZATION - The direction of the electric field (E-field) vector of an electromagnetic (EM) 
wave. See Section 3-2. The most general case is elliptical polarization with all others being special cases. 
The E-field of an EM wave radiating from a vertically mounted dipole antenna will be vertical and the wave 
is said to be vertically polarized. In like manner, a horizontally mounted dipole will produce a horizontal 
electric field and is horizontally polarized. Equal vertical and horizontal E-field components produce circular 
polarization. 


PORT - The left side of a ship or aircraft when facing the bow (forward) 


POWER (AVERAGE) FOR PULSED 
RADARS - Average power for a pulse radar is the 
average power transmitted between the start of one 
pulse and the start of the next pulse (because the time 
between pulses is many times greater than the pulse xt >] ee entee ies 
duration time, the average power will be a small lnc a i 
fraction of peak power). 

















For this example: Peak Power = 1 MW, Pulse Time (t) =0.5 microsecond, and Interval Between Pulses (T) = 
1000 microseconds (1000 pps). 
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Peak Power = Pwr during pulse time (t) = 1 MW = 10° Watts = 90 dBm. 


Avg Power = Average Power During Time (T) = 10° x t/T 
= 10° x 0.5/1000 = 0.5 x 10° = 0.5 kilowatt = 57 dBm or 27 dBW 


POWER OUTPUT - Power output of a transmitter or transmitting antenna is commonly expressed in 
dBW or dBm. One megawatt would be expressed as 60 dBW or 90 dBm: 





10 log (1 megawatt / 1 watt) = 10 log (10°/10°) 10 log (1 megawatt / 1 milliwatt) = 10 log (10/10°) 
=10x6=60dBW =10x9=90dBm 


POWER (PEAK) FOR PULSED RADARS - Peak power for a pulsed radar is the power radiated 
during the actual pulse transmission (with zero power transmitted between pulses). 


POWER FOR CW RADARS - Since the power output of CW transmitters (such as illuminator 
transmitters) usually have a duty cycle of one (100%), the peak and average power are the same. 





POWER DENSITY - The density of power in space expressed in Watts/meter’, dBW/m’, etc. 
Generally used in measurements above 100 MHz. At lower frequencies, field intensity measurements are 
taken. See Section 4-1. 





PPI-SCOPE - A radar display yielding range and azimuth (bearing) information via an intensity 
modulated display and a circular sweep of a radial line. The radar is located at the center of the display. 





PRESELECTOR - 
A device placed ahead of IF 
the mixer in a receiver, 
which has __ bandpass — em 
characteristics such that the 


desired (tuned) RF signal, 
the target return, is allowed 
to pass, and other undesired 
signals (including the image frequency) are attenuated. 





PROPAGATION - In electrical practice, the travel of waves through or along a medium. The path 
traveled by the wave in getting from one point to another is known as the propagation path (such as the path 
through the atmosphere in getting from a transmitting antenna to a receiving antenna, or the path through the 
waveguides and other microwave devices in getting from an antenna to a receiver). 





PULSE COMPRESSION - See PC. 


PULSED DOPPLER (PD) - A type of radar that combines the features of pulsed radars and CW 
Doppler radars. It transmits pulses (instead of CW) which permits accurate range measurement. This is an 
inherent advantage of pulsed radars. Also, it detects the Doppler frequency shift produced by target range rate 
which enables it to discriminate between targets of only slightly different range rate and also enables it to 
greatly reduce clutter from stationary targets. See also Doppler Effect. 





PULSE LENGTH - Same meaning as Pulsewidth. 
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PULSE MODULATION - A special case of amplitude modulation wherein the carrier wave is varied 
at a pulsed rate. Pulse Modulation - The modulation of a carrier by a series of pulses generally for the 
purpose of transmitting data. The result is a short, powerful burst of electromagnetic radiation which can be 
used for measuring the distance from a radar set to a target. 


PULSE REPETITION FREQUENCY (PREF) - The rate of occurrence of a series of pulses, such as 
100 pulses per second. It is equal to the reciprocal of the pulse spacing (T) or PRT. (PRF = 1/T = 1/PRI). 
Sometimes the term pulse repetition rate (PRR) is used. 


PULSE REPETITION FREQUENCY (PRF) STAGGER - The technique of switching PRF (or PRI) 


to different values on a pulse-to-pulse basis such that the various intervals follow a regular pattern. This is 
useful in compensating for blind speeds in pulsed MTI radars. Interpulse intervals which differ but follow a 
regular pattern. 


PULSE REPETITION INTERVAL (PRI) or TIME (PRT) - Time between the beginning of one pulse 


and the beginning of the next. 


PULSE SPACING - The interval of time between the leading edge of one pulse and the leading edge 
of the next pulse in a train of regularly recurring pulses. See also Pulse Repetition Frequency. Also called 
“the interpulse period.” 





PULSEWIDTH - The interval vee 


. . PULSE 
of time between the leading edge of a LEADING EDGE SON WIDTI TRAILING EDGE 
pulse and the trailing edge of a pulse 50% 


(measured in microseconds for the ue ——$» 
short pulses used in radar). Usually 
measured at the 3 dB midpoint (50-percent power or 70% voltage level) of the pulse, but may be specified to 
be measured at any level. See Section 6-10 for measurement techniques. 





QUANTIZE - The process of restricting a variable to a number of discrete values. For example, to 
limit varying antenna gains to three levels. 


RADAR - Radio detection and ranging. 


RADAR CROSS SECTION - A measure of the radar reflection characteristics of a target. It is equal 
to the power reflected back to the radar divided by power density of the wave striking the target. For most 
targets, the radar cross section is the area of the cross section of the sphere that would reflect the same energy 
back to the radar if the sphere were substituted. RCS of sphere is independent of frequency if operating in the 
far field region. See Section 4-11. 





RADAR RANGE EQUATION - The radar range equation is a basic relationship which permits the 
calculation of received echo signal strength, if certain parameters of the radar transmitter, antenna, 
propagation path, and target are known. 





_PiGiG Ao 


Givens: (dn) 74 (freespace) as the basic two-way radar equation (see Sections 4-4 thru 4-6) 
: a)R 


where: 
P, = Peak power at receiver input 
X = Wavelength of signal (length) = c/f 
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P, = Transmitted signal level (power) 


R = _ Range of target to radar (distance) 

G, = Gain of transmitting antenna (dimensionless ratio) 
o = Radar cross section of target 

G, = Gain of receiving antenna (dimensionless ratio) 


In practical use, the radar range equation is often written in logarithmic form, all terms expressed in decibels, 
so that the results can be found by simple processes of addition and subtraction. Using the above equation 
and A= c/f. 


10 log P, = 10 log P, + 10 log G, + 10 log G, + 10 log o - 40 log R - 20 log f + 20 log c - 30 log 4a 
where: f= Signal frequency (cycles {dimensionless }/time) c = Speed of light (length/time) 











10 log P, = 10 log P, + 10 log G, + 10 log G, + G, - 2a; 


where a and G, are factors containing the constants and conversion factors to keep the equations in consistent 
units. 


Refer to Sections 4-4 through 4-6. 
RADAR TRIGGER KILL - see Trigger Kill, Radar. 


RADIATION EFFICIENCY - E = Pragiated/Pin (ideal=1) 





RADIATION PATTERN - See Antenna Pattern. 


RADIO FREQUENCY - See RF. 


RADIO FREQUENCY INTERFERENCE - See RFI. 





RAIL KEEPING - Ability of countermeasures to keep the missile on the launch rail, 1.e., prevent 
launch. 


RAINBOW - A technique which applies pulse-to-pulse frequency changing to identifying and 
discriminating against decoys and chaff. 


RANGE CELL - In a radar, a range cell is the smallest range increment the radar is capable of 
detecting. Ifa radar has a range resolution of 50 yards and a total range of 30 nautical miles (60,000 yds), 
there are: 60000/50 = 1,200 range cells. 


RANGE GATE - A gate voltage used to select radar echoes from a very short range interval. 


RANGE GATE PULL OFF (RGPO) - Deception technique used against pulse tracking radars using 
range gates. Jammer initially repeats the skin echo with minimum time delay at a high power to capture the 
AGC circuitry. The delay is progressively increased, forcing the tracking gates to be pulled away (“walked 
off’) from the target echo. Frequency memory loops (FML’s), or transponders provide the variable delay. 





RANGE RATE - The rate at which a radar target is changing its range with respect to the radar (in 
feet per second for example). Note that this rate is not the same as target velocity unless the target is moving 
straight toward or straight away from the radar. 
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RANGE SCOPE - See A-Scope or PPI. 





RECEIVER BANDWIDTH - The difference 
between the limiting frequencies within which 


F: 
it— Receiver Bandwidth 





c 

receiver performance in respect to some characteristic | & Ganda oenianasie 
falls within specified limits. (In most receivers this | & a 3 0B decrease and is also 

‘ : ' pa called the half power points 
will be the difference between the two frequencies s 
where the intermediate frequency (IF) amplifier gain 
falls off 3 dB from the gain at the center IF Conerat 
frequency.) See also Receiver Selectivity. Frequency 





RECEIVER SELECTIVITY - The SELECTIVITY 
degree to which a receiver is capable of [Wide receiver bandwidth \\\_ Narrow receiver bandwidth 
differentiating between the desired signal and [#"#sited signal will passs inetegae 7 stgnal elecuen 
signals or interference at other frequencies. 
(The narrower the receiver bandwidth, the 
greater the selectivity.) 





*. 
Desired Signal Undesired Signal 


REFLECTION - The turning back (or 
to the side) of a radio wave as a result of impinging on any conducting surface which is at least comparable in 
dimension to the wavelength of the radio wave. 


RESOLUTION - In radar, the minimum separation in angle or in range between two targets which the 
radar is capable of distinguishing. 


RF (RADIO FREQUENCY) - A term indicating high frequency electromagnetic energy. 





RFI (RADIO FREQUENCY INTERFERENCE) - Any induced, radiated, or conducted electrical 
disturbance or transient that causes undesirable responses or malfunctioning in any electrical or electronic 
equipment, device, or system. Same as EMI. Not to be confused with the logistic term ready for issue (also 
RFD). 





RING AROUND - A condition in which a repeater jammer’s total gain, from receiver antenna to 
transmitter antenna, exceeds the antenna isolation resulting in the repeater amplifying its own internal noise. 
Akin to positive feedback in an amplifier that causes unwanted oscillations. 





RING AROUND (RADAR-TO-MISSILE) - The condition where radio frequency interference 
signals from a transmitter of one missile radar enter the receiving circuits of a missile under the control of 
another missile radar. 


RING AROUND (RADAR-TO-RADAR) - The condition where radio frequency interference signals 
from a transmitter of one radar enter the receiving circuits of another radar. 





ROPE - An element of chaff consisting of a long roll of metallic foil or wire which is designed for 
broad, low-frequency response. See Chaff. 


R-SCOPE - (RANGE SCOPE) See A-scope or PPI. 


SAFETY OF FLIGHT (SOF) TEST - A flight test to verify that anew or modified subsystem will not 
cause a major problem with the aircraft, i.e., interference can occur, but will not be such that required 
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navigational systems will fail or which might potentially cause the loss of an aircraft under all normally 
expected weather conditions. 


SCAN - To transverse or sweep a sector or volume of airspace with a recurring pattern, by means of a 
controlled directional beam from a radar antenna. See also “Antenna, nutating.” 


SCHOTTKY BARRIER DIODE - The Schottky barrier diode is a simple metal-semiconductor 
boundary with no P-N junction. A depletion region between the metal contact and the doped semiconductor 
region offers little capacitance at microwave frequencies. This diode finds use as detectors, mixers, and 
switches. 





SCHOTTKY DIODE MIXER - The mixer is a critical component in modern RF systems. Any 
nonlinear element can perform the mixing function, but parameters determining optimal mixing are noise 
figure, input admittance, and IF noise and impedance. The Schottky diode is particularly effective because of 
its low noise figure and nearly square law characteristics. 





SCHOTTKY DIODE SWITCH - Standard P-N diodes are limited in switching ability at high 
frequencies because of capacitance provided by the minority carriers. The Schottky diode overcomes this 
problem by use of the metal-semiconductor junction with inherently low carrier lifetimes, typically less than 
100 picoseconds. 





SEARCH RADAR - A radar whose prime function is to scan (search) a specified volume of space 
and indicate the presence of any targets on some type of visual display, and, in some cases, to provide 
coordinates of the targets to a fire control system to assist in target acquisition and tracking. 





SEEKER - The seeker consists of circuitry in a homing missile which detects, electronically 
examines, and tracks the target; provides data for controlling the flight path of the missile; and provides 
signals for destroying the missile or for detonating it at intercept. (The seeker function is similar to that of an 
interferometer.) 


SELF-SCREENING JAMMING (SSJ) - Each aircraft carries its own jamming equipment for its own 
protection. 


SENSITIVITY - The sensitivity of a receiver is taken as the minimum signal level required to 
produce an output signal having a specified signal-to-noise ratio. See also Minimum Visible Signal and 
Minimum Discernible Signal (MDS). 

SENSITIVITY TIME CONTROL - See STC. 


SENSOR - The receiver portion of a transmitter/receiver pair used to detect and process 
electromagnetic energy. 


SHIELDING - The physical arrangement of shields for a particular component, equipment, or system, 
(A shield is a housing, screen, or other material, usually conducting, that substantially reduces the effect of 
electric or magnetic fields on one side of the shield upon devices or circuits on the other side.) Examples are 


tube shields, a shielded enclosure or cabinet for a radar receiver, and the screen around a screen room. 


SHORT PULSE MODE - See Long Pulse Mode. 
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SIDEBAND - A signal either above or Carrier Frequency 


below the carrier frequency, produced by the Lower Upper Lower Upper 
modulation of the carrier wave by some other | Sideband Sideband — Sideband Sideband 
wave. See figure at right > a 


SIDELOBE - See Lobe, Antenna. Frequency Frequency 


Carrier modulated by a sine wave Carrier amplitude modulated by a pulse 





SIGNAL STRENGTH - The magnitude 
of a signal at a particular location. Units are volts per meter or dBV/m. 





SIGNATURE - The set of parameters which describe the characteristics of a radar target or an RF 
emitter and distinguish one emitter from another. Signature parameters include the radio frequency of the 
carrier, the modulation characteristics (typically the pulse modulation code), and the scan pattern. 


SILICON CONTROLLED SWITCH - A P-N-P-N device able to operate at sub-microsecond 
switching speeds by the application of gate signals. Because it is a four layer device, this switch is also 
known as a tetrode thyristor. 





SLANT POLARIZATION - Technique of rotating a linear antenna 45° so it can receive or jam both 
horizontal and vertical polarization although there is a 3 dB loss. See Section 3.2. 





SOLID STATE STAMO - A stable master oscillator constructed using transistors and other solid 
state devices as opposed to vacuum tubes. See also STAMO. 





SPECTRUM - The distribution of power versus frequency in an electromagnetic wave. See also 
Spectrum Signature Analysis and illustrations under Sideband. 


SPECTRUM ANALYZER - An electronic device for automatically displaying the spectrum of the 
electromagnetic radiation from one or more devices. A cathode ray tube display is commonly used to display 
this power-versus frequency spectrum. For examples of two types of displays, see illustrations under 
Sideband. 


SPECTRUM SIGNATURE ANALYSIS - The analysis of the electromagnetic radiation from an 
electronic device to determine the relative power in each sideband, harmonic, and spurious emission 
compared to the carrier frequency. This particular distribution (or spectrum) is peculiar to the device and can 
identify this type of device, thereby acting as an identifying “signature.” 





SPECTRUM WIDTH (TRANSMITTER) - The difference between the frequency limits of the band 
which contains all the spectrum frequency components of significant magnitude. 


SPOILER ANTENNA - An antenna used to change (spoil) the antenna pattern of a second antenna so 
as to reduce the nulls in the pattern of the second antenna. See also Null Fill. 


SPOKING (RADAR) - Periodic flashes of the rotating radial display. Sometimes caused by mutual 
interference. 





“SPOOFING” - A type of deception by using an electronic device to transmit a “target” echo. The 
spoofing transmitter must operate at the same frequency and PRF as the radar to be deceived. The radar main 
pulse triggers the spoofing transmitter which, after a delay, transmits a false echo. 
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Electronics Tech - RF Amp 


SPOT JAMMING - Narrow frequency band jamming concentrated against a specific radar at a 
particular frequency. The jamming bandwidth is comparable to the radar bandpass. Can deny range and 
angle information. 


SPURIOUS EMISSION - Electromagnetic radiation transmitted on a frequency outside the 
bandwidth required for satisfactory transmission of the required waveform. Spurious emissions include 
harmonics, parasitic emissions, and intermodulation products, but exclude necessary modulation sidebands of 
the fundamental carrier frequency. 





SQUINT ANGLE - 
The angular difference 
between the axis of the 
antenna mainlobe and the ea eres Squint Angle 
geometric axis of the Reflector Geometric Axis--" =~ ~~--~---._, _ 
antenna reflector, such as K 
the constant angle 


maintained during conical scan as the mainlobe rotates around the geometric axis of the reflector. 








STAGGERED PRE - Staggered PRF allows an increase in MTI blind speeds such that no zeros exist 
in the velocity response at lower velocities. In a two-period mode, the usual “blind speed” or occurrence of a 
zero in the velocity response is multiplied by a factor which is a function of the ratio of the two repetition 
periods. 





STAMO (STABLE MASTER OSCILLATOR) - A very stable (drift free) oscillatory used to provide 
a precise frequency for transmission and for comparison with the reflected radar signal returned to the 


receiver, such as in a Doppler radar where a precise difference between transmitted and received signals must 
be measured to determine accurately the Doppler frequency. 


STAND-FORWARD JAMMING - A method which places the jamming vehicle between the enemy 
sensors and attack aircraft. 





STAND-IN JAMMING (SIJ) - Similar to stand-forward jamming but usually using an UAV witha 
lower powered jammer instead of a jammer aircraft. 











STAND-OFF JAMMING (SOJ) - An ECM support aircraft orbits in the vicinity of the intended 
target. As the fighter-bomber pilot starts his strike penetration, the ECM aircraft directs jamming against all 
significant radars in the area. This technique provides broad frequency band ECM without affecting 
performance of the strike aircraft. 


STARBOARD - The right side of a ship or airplane when facing the bow (forward). 


STC (SENSITIVITY TIME CONTROL) - Gain control that reduces the radar receiver gain for 
nearby targets as compared to more distant targets. STC prevents receiver saturation from close-in targets. 





STEP RECOVERY DIODE - A charge-controlled switch which ceases current conduction so rapidly 
that it can be used to produce an impulse. Cyclic operation of the diode can produce a train of impulses 
which when used with a resonant circuit can produce a single frequency output at any harmonic of the pulse 
frequency. 


STERADIAN - Unit of solid angle. An entire sphere has 47 steradians. 
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STREAM CHAFF - Operational technique of dropping large quantities of chaff for a continuous 
period of time. This results in a “ribbon” or “stream” of returns many miles in lengths on radarscopes. The 
penetrating strike force can then use the resulting chaff corridor to mask their penetration. 


SUBHARMONIC - A frequency which is an integral submultiple of another frequency. For example, 
a sine wave whose frequency is one-third of the frequency of another sine wave is called the third 
subharmonic. (3 MHz is the third subharmonic of 9 MHz). 





SUPERHETERODYNE RECEIVER - A receiver that mixes the incoming signal with a locally 
generated signal (local oscillator) to produce a fixed, low intermediate frequency (IF) signal for amplification 
in the IF amplifiers. 








SUPPRESSION - Elimination or reduction of any component of an emission, such as suppression of 
a harmonic of a transmitter frequency by band rejection filter. 


SUPPRESSION OF ENEMY AIR DEFENSES (SEAD) - Activity which neutralizes, destroys, or 
temporarily degrades enemy air defense systems by using physical attack or electronic means (SEAD 
pronounced “seed” or “C add”). 





SUSCEPTIBILITY - The degree to which an equipment or a system is sensitive to externally 
generated interference. 


SWEPT JAMMING - Narrowband jamming which is swept through the desired frequency band in 
order to maximize power output. This technique is similar to sweeping spot noise to create barrage jamming, 
but at a higher power. 





SWITCHES - See also Diode Switch, Silicon Controlled Switch, Schottky Diode Switch. 


SYNCHRODYNE - A klystron mixer amplifier stage in a transmitter, where two signal frequencies 
are applied as inputs and a single amplified signal is taken out. 





TARGET SIZE - A measure of the ability of a radar target to reflect energy to the radar receiving 
antenna. The parameter used to describe this ability is the “radar cross section” of the target. The size (or 
radar cross section) of a target, such as an aircraft, will vary considerably as the target maneuvers and presents 
different views to the radar. A side view will normally result in a much larger radar cross section than a 
head-on view. See also Radar Cross Section. 


TERMINAL IMPEDANCE - The equivalent impedance as seen by the transmitter/receiver. 
TERRAIN BOUNCE - Term for jamming that is directed at the earth’s surface where it is reflected 


toward the threat radar. Reflected jamming creates a virtual image of the jamming source on the earth as a 
target for HOJ missiles. 





THERMISTOR - A resistor whose resistance varies with temperature in a defined manner. The word 
is formed from the two words “thermal” and “resistor,” 


THRESHOLD ISR - The interference to signal ratio (ISR) at which the performance of a receiver 
starts undergoing degradation. It must be determined by tests. 
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TRACKING RADAR - A radar whose prime function is to track a radar target and determine the 
target coordinates (in range and angular position) so that a missile may be guided to the target, or a gun aimed 
at the target. 


TRACKING RADAR RECEIVER - These are of two primary types: conical scan and monopulse. 
(1) The conical scan system directs the radar signal in a circle around the target. The radar paints this circle 
15 to 40 times per second. As the target moves out of the center of this circle, the radar develops aim error 
voltages and re-aims the antenna. (2) The monopulse system directs four beams at the target simultaneously. 
The target is in the middle of the four beams. If the target is not in the center, the radar return develops an 
aim error voltage to re-aim the antenna. 





TRACK WHILE SCAN (TWS) RADAR - Although it is not really a tracking radar in the true sense 
of the word, it does provide complete and accurate position information for missile guidance. In one 
implementation it would utilize two separate beams produced by two separate antennas on two different 
frequencies. The system utilizes electronic computer techniques whereby raw datum is used to track an 
assigned target, compute target velocity, and predict its future position, while maintaining normal sector scan. 
Most aircraft use only a single antenna. 





TRADE-OFF TABLES - A set of tables showing the various combinations of two or more variables 
that are related in that making one variable better will make the other variable worse. The trade-offhelps find 
the best solution considering all combinations. (For example, how a no-interference condition can be 
maintained if two emitter platforms are brought close together, if at the same time the frequency separation 
between their radar transmitters is increased.) 





TRANSIENT - A phenomenon (such as a surge of voltage or current) caused in a system by a sudden 
change in conditions, and which may persist for a relatively short time after the change (sometimes called 


ringing). 


TRANSPONDER - A transmitter-receiver capable of accepting the electronic challenge of an 
interrogator and automatically transmitting an appropriate reply. There are four modes of operation currently 
in use for military aircraft. Mode | is anonsecure low cost method used by ships to track aircraft and other 
ships. Mode 2 is used by aircraft to make carrier controlled approaches to ships during inclement weather. 
Mode 3 is the standard system used by commercial aircraft to relay their position to ground controllers 
throughout the world. Mode 4 is IFF. See also IFF. 





TRAVELING-WAVE TUBE AMPLIFIER - The TWT is a microwave amplifier capable of operation 
over very wide bandwidths. In operation, an electron beam interacts with a microwave signal which is 
traveling on a slow wave helical structure. The near synchronism of the beam and RF wave velocities results 
in amplification. Bandwidths of 3:1 are possible. Operation at high powers or at millimeter wavelengths is 
possible at reduced bandwidths. 


TRIGGER KILL (RADAR) - A method employed to momentarily disable certain radar system 
circuits to reduce or eliminate RF emissions which may cause an EMI/EMC or RADHAZ situation such as on 
the deck of a ship. 





TUNNEL DIODE - The tunnel diode is a heavily doped P-N junction diode that displays a negative 
resistance over a portion of its voltage-current characteristic curve. In the tunneling process, electrons from 
the p-side valence bands are able to cross the energy barrier into empty states in the N-side conduction band 
when a small reverse bias is applied. This diode is used as a microwave amplifier or oscillator. 
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UPLINK - The missile guidance signal which passes midcourse correction command guidance 
intelligence from the guidance radar site to the missile. 


VARACTOR DIODE - A P-N junction employing an external bias to create a depletion layer 
containing very few charge carriers. The diode effectively acts as a variable capacitor. 


VARACTOR TUNED OSCILLATOR - A varactor diode serves as a voltage-controlled capacitor in a 
tuned circuit to control the frequency of a negative resistance oscillator. The major feature of this oscillator is 
its extremely fast tuning speed. A limiting factor is the ability of the external voltage driver circuit to change 
the voltage across the varactor diode, which is primarily controlled by the driver impedance and the bypass 
capacitors in the tuning circuit. 








VELOCITY GATE PULL-OFF (VGPO) - Method of capturing the velocity gate of a Doppler radar 
and moving it away from the skin echo. Similar to the RGPO, but used against CW or Doppler velocity 
tracking radar systems. The CW or pulse doppler frequency, which is amplified and retransmitted, is shifted 
in frequency (velocity) to provide an apparent rate change or Doppler shift. 


VELOCITY MODULATION - Velocity modulation is modification of the velocity of an electron 
beam by alternately accelerating and decelerating the electrons at a frequency equal to the input frequency. 
Thus, the electrons are segregated in bunches, each bunch causing a cycle or current as it passes an output 
electrode. The velocity of the electrons is thus a function of the modulation voltage. See also Klystron, 
Multicavity and Klystron, Reflex. 


VICTIM - A receiver (radar or missile) that suffers degradation due to ECM or EMI effects. 


VIDEO - Receiver RF signals that have been converted (post detection) into a pulse envelope that can 
be seen when applied to some type of radar visual display; also used to describe the actual display itself (such 
as the video on an A-scope). 


WARM - Acronym for Wartime Reserve Mode. Any mode of operation of a radar or ECM that is 
held in reserve, and never used, except in actual combat. 





WATER LINE - A reference line used for vertical measurements. When used with an aircraft it is 
usually the ground with the landing gear extended normally. One of several aircraft location designations, 
also see butt line and fuselage station. 


WAVEGUIDE - A transmission line consisting of a hollow conducting tube of arbitrary geometry 
(usually rectangular, but may be circular) within which electromagnetic waves may propagate. 


WAVELENGTH (A) - The distance traveled by a wave in one period (the period is the time required 
to complete one cycle). 1 =c/f. In the atmosphere, electromagnetic waves travel at c, the speed of light 
(300 million meters per second or 30 cm/nsec). At 5 GHz, one wavelength = 6 cm. At 10 GHz, one 
wavelength = 3 cm. 





WAVEMETER - An instrument for measuring the frequency of a radio wave. The wavemeter is a 
mechanically tunable resonant circuit. It must be part of a reflection of transmission measurement system to 
measure the maximum response of a signal. Below 20 GHz, the wavemeter has been replaced by the 
frequency counter with much greater accuracy and ease of use. 


WEAVE - Anaircraft maneuver that smoothly changes the instantaneous flight path but maintains the 
overall route of flight. Not as violent as a jink. 
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WET RUN - A test run with ship / aircraft armament and/or EW switches on. 


WILD WEASEL - USAF aircraft (F-4Gs during Desert Storm) used for suppression of enemy air 
defense (SEAD) mission. 


WINDOW - WWII name for chaff 


YIG TUNED OSCILLATOR - A YIG (yttrium iron garnet) sphere, when installed in the proper 
magnetic environment with suitable coupling will behave like a tunable microwave cavity with Q on the order 
of 1,000 to 8,000. Since spectral purity is related to Q, the device has excellent AM and FM noise 
characteristics. 





ZENER DIODE - A diode that exhibits in the avalanche-breakdown region a large change in reverse 
current over a very narrow range in reverse voltage. This characteristic permits a highly stable reference 
voltage to be maintained across the diode despite a wide range of current. 
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The truth is liberating at the same time paralysing. Laurence Mountford 


Introduction 

Just read it. Every word in this document is true, and it is the most important document to 
ever reach the internet. This document is written to empower good people of the world 
against the tyranny which exists all around us in our world today. Effectively, the document 
presented here discloses concealed information about the extent to which medicine, science, 
and technology has advanced in our current era. Moreover, I am disclosing this information 
because I have been extensively abused, and I am victim of current advances in medicine, 
science, and technology, which I describe in detail below. There are many, many, other 
victims of abuse, including myself, and therefore it is our plea that you read this document 
with an open mind and you investigate ALL statements which may initially irk you and 
appear ‘suspect’ to begin with (the circumstantial evidence is available all around you); 
because as a victim of abuse, I can honestly say, there is nothing worse than experiencing 
abuse, and those who have the power to protect you from your abusers, ignore you. 


I will now discuss what qualifies as whistle blowing disclosure. After detailing the criteria 
which qualifies for whistle blowing disclosure, I will detail aspects of the Serious Crime Act, 
and preface a foundation which defines, explains, and references key information for the 
reader to understand as well as explore the extent to which medicine, science, and technology 
has advanced today; all for the express purpose of compelling the reader that medicine, 
science, and technology, has advanced at an incredible rate; that current advances in 
medicine, science and technology are withheld from public knowledge; and finally these 
advancements in medicine, science, and technology, have been and are currently used to 
commit serious unspeakable crimes against humanity and our environment here on earth. 
Moreover, it is my aim to present this information as coherently as possible to assist the 
reader to save me, and save many, many others who experience abuse daily resulting from 
concealed advances in technology. 


Whistle Blowing: Qualifying Disclosure 


In the United Kingdom under the Public Interest Disclosure Act (1998) (PIDA) section 43B, 
a “qualifying disclosure” (whistle blowing disclosure) implies “any disclosure of information 
which in the reasonable belief of the worker, tends to show one of the following: 


a) That a criminal offence has been committed, is being committed or is likely to be 
committed, 

b) That a person has failed, is failing or is likely to fail to comply with any legal 
obligation to which he is subject 

c) That a miscarriage of justice has occurred, is occurring or is likely to occur, 

d) That the health or safety of any individual has been, is being or is likely to be 
endangered, 

e) That the environment has been, is being, or is likely to be damaged, or 

f) That information tending to show any matter falling within any one of the preceding 
paragraphs has been, or is likely to be deliberately concealed” 
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Furthermore, under the Enterprise and Regulatory Reform Act (ERRA) 2013 section 17 (The 
new ‘public interest’ test) is added for whistle blowing disclosures, amending section 43B of 
the Employment Rights Act (ERA) 1996 and therefore now reads as such (new words 
underlined): 


“(1) In this part a ‘qualifying disclosure’ means any disclosure of information which, in the 
reasonable belief of the worker making the disclosure, is made in the public interest and 
tends to show one or more of the following-- [criminal offence, breach of legal obligation, 
etc].” (Halliday 2013, p. 2). 


The following information is presented with the express intent that it is made in the public 
interest, and meets the all criteria set out in section 43B (a-f) of PIDA as well as the ‘public 
interest test’, ERRA section 17. Furthermore, in order for the reader to perceive the credence 
of my statements, so that (s)he has impetus to research the validity of my statements and not 
dismiss it as folly supplied by an internet troll who has nothing better to do than waste 
peoples’ time, I will cite the Serious Crime Act 2015 here for the express purpose of 
convincing the reader that all statements made in this document and my original document 
are indeed FACTUAL! THIS IS NO HOAX. THIS IS NO JOKE. This is simply what is 
happening in the world today. 


The Serious Crime Act 2015 


The Serious Crime Act 2015 (UK) section 41, 3ZA, amends section 3A of the Computer 
Misuse Act 1990 which previously read [under Computer Misuse Offences]: 


("3A Making, supplying or obtaining articles for use in offence under section 1 or 3 


1) [That] A person is guilty of an offence if he makes, adapts, supplies or offers to supply any article intending 
it to be used to commit, or to assist in the commission of, an offence under section | or 3. 


To: [The Serious Crime Act 2015, section 41, 3ZA] 


3ZA Unauthorised acts causing, or creating risk of, serious damage 


(1) A person is guilty of an offence if— 


(a) the person does any unauthorised act in relation to a computer; 


(2) Damage is ofa “material kind” for the purposes of this section if it is— 
(a) damage to human welfare in any place; 
(b) damage to the environment of any place; 


(c) damage to the economy of any country; or 


(d) damage to the national security of any country. 
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3) For the purposes of subsection (2)(a) an act causes damage to human welfare only if it causes — 
(a) loss to human life; 


(b) human illness or injury; 


(4) It is immaterial for the purposes of subsection (2) whether or not an act causing damage — 
(a) does so directly; 


(b) is the only or main cause of the damage. 


(5) In this section— 


(c) a reference to a country includes a reference to a territory, and to any place in, or part or region of, a 


country or territory. 


(6) A person guilty of an offence under this section is (unless subsection (7) applies) liable, on conviction on 


indictment, to imprisonment for a term not exceeding 14 years, or to a fine, or to both. 


(7) Where an offence under this section is committed as a result of an act causing or creating a significant risk 


of— 
(a) serious damage to human welfare of the kind mentioned in subsection (3)(a) or (3)(b), or 
(b) serious damage to national security, 


a person guilty of the offence is liable, on conviction on indictment, to imprisonment for life, or to a fine, or 
to both.” 


In laymen’s terms it is a serious crime (Serious Crime Act 2015), punishable by 
imprisonment, a fine, or both, to cite hatred or spread hoaxes by use of a computer which 
would cause mass hysteria or public dissension. I have been condemning public figures, high 
profile individuals, celebrities, singers, movie stars, directors, politicians, world leaders, 
royalty, anti-secret society ‘truthers’ (who are really misinformation agents, and agents of 
deception) etc. —the list is long - since 2011 and NOT a single one of these high profile 
people has issued a public statement saying “I do not like how you have tarnished my name” 
or filed a law suit against me. Why you may ask? Because every word I have stated and will 
state again (in this document) is true. 


Fundamentals 


Before I describe the heinous crimes committed against me and many others (including 
unsuspecting civilians of the world) it is important that I explain, define, and reference: 


e Key figures such as Phil Schneider, George Green and Aaron Russo, so that the 
reader has reference points to verify the extent to which technology has advanced in 
our present era (and continues to advance); 

e Define and briefly explain the transhumanist / post human agenda (for those who may 
be unfamiliar with their aims). 

e Define and explain rapid eye movement (R.E.M) sleep, the phases of sleep, and what 
happens to the (original’s) body during sleep. 
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Reference advances in technology, with particular attention to: Memory suppression 
technologies; Mind-voice technology; H.A.A.R.P technology, RFID microchip 
technology, and MK Ultra technology (CIA’s mind control program); 

Define and explain cloning; the different types of clones; cloning centres and cloning 
technology; 

Define drip feed disclosure / evaluative conditioning and explain why it occurs; 
Explain what ‘consciousness transfer’ is to the best of my knowledge, and cite drip 
feed disclosure articles with the express intent to allow the reader to grasp the abuse I 
have suffered daily at the hands of my tormentors. 


Key Figures 
Phil Schneider 





Phil Schneider (pictured) had 17 years experience working in government black projects 
carrying a level three security clearance. He was a geologist and engineer who worked in the 
black projects underground bases at Area 51, S-4, and Los Alamos. 


He is most notable for disclosing (Schneider 1995; 1996; Open Minds 2011): 


The ‘black budget’ expenditure of the United States, which Schneider claims to be 
between 1.023 trillion U.S. dollars every 2 years ( over $500 billion per year); 

Deep Underground Military Bases (also known as D.U.M.Bs -“dumbs”), and at the 
time of his lecture (Schneider, 1995), —that there are 131 active Deep Underground 
Military Bases present in the United States, and 1477 Deep Underground Military 
Bases worldwide; 

Each D.U.M.B costs on average 17-19 billion U.S. dollars; paid for by the taxpayer; 
and it takes approximately a year-and-a-half to 2 years to build D.U.M.Bs with 
sophisticated methods. 

That military technology outstrips the general public’s technology at a rate of 44 to 45 
years of technology for every calendar year which passes. In other words for every 12 
months which passes military technology will have advanced by 44 years than what 
we as the general public is currently accustomed to. Therefore as a rough example if 
we were to take the year Facebook was founded (2004) as a base year, then the 
military technology since the creation of Facebook will have outstripped what the 
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general public is accustomed to by as much as 484 years(!) (2015 - 2004 = 11. 11 x 
44 = 484). Similarly, if we are to use the year which YouTube was founded as a base 
year (2005), once again, military technology would be 440 years more advanced than 
what the public is currently accustomed to today. 


For the purpose of disclosing current advances in medicine, science and technology, and 
how such advances are used against me and the people of the world to commit monstrous 
crimes I will use 1945 as a base year. Everything will become apparent including why I 
use 1945 as a base year for my disclosure, but for the express purpose of compelling the 
reader to investigate my disclosure I must present everything, logically, sequentially, 
methodologically, and provide references for the reader in a coherent way to enable him 
or her to pay serious attention to my eye witness accounts. Therefore, at this present 
stage keep in mind the year 1945, and the fact that military technology outstrips the 
general public’s technology at a rate of 44 years for every 12 months which passes. 
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George Green 





George Green (pictured) was affiliated with U.S. Presidential candidates, and was once asked 
to be the Finance Chairman for the next President of the United States. Green would later 
declined the offer of Finance Chairman when a comment made by Ted Kennedy regarding 
sleeping with Green’s 14 year old daughter caused George Green to re-evaluate his 


associations with this in- group. 


During his 2008 interview with Project Camelot (2008a; 2008b), Green disclosed the 
following noteworthy information: 


U.S. presidents are “selected” and not elected. This is clearly expressed in a story 
Green recounts, when Green asks: 

“Who is going to be the next President of the United States [for him to overlook 
their finances]?” 

And the reply was: “Jimmy Carter” 

Green responds: "Jimmy who?" 

The reply Green received was: "Well, he's the Democratic Governor of Georgia." 
George Green: "But I've been voting Republican." 

Green was then confronted by a tall man, Paul Volcker (American Economist, and 
Chairman of Federal Reserve under Jimmy Carter and Ronald Regan), who 
walked over and said, “Son, don't worry about it [Republican or Democrat], we 
control 'em both." 

U.S. scientists learned how to make people (clones) since 1938 -walking talking 
ones —and the scientists call these people “synthetics” or “the others”. 

Cloning technology is relatively advanced. All that has to be done is take two cells 
from the original, give the cells a small electrical charge (retain a fertilised egg), 
then all one needs is a receiver (a womb / artificial womb for the fertilised egg to 
grow). 

Scientist were excited by the synthetic technology because it meant that spare 
organ parts could be grown for an “original” human without rejection, because 
theoretically speaking, the DNA of the synthetic is the same as the original. 

Green gives an example of a cloned Politician: George Walker Bush. Green 
advices the viewer to seek old video recordings of George W. Bush, and compare 
the old George W. Bush, with the George W. Bush during Bush’s second term, 
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-in terms of mannerism, speech pattern, body language etc. (old videos of George 
Walker Bush (Boringest 2006; Fox 4 News - Dallas-Fort Worth 2014) are 
presented in the References section). 

e Scientist have also learned how to make these synthetic people within a few 
months, to the point where the synthetic can be a walking, talking duplicate of the 
original, intact with all the memories and experiences of the original. The only 
problem is that the memory, experiences, and functioning capabilities of these 
synthetics are like: “A DVD recorder. Sometimes you have glitches, and you have 
to take the synthetics to Camp David occasionally [every 6 months to a year] to 
get them tuned up.” 

e Remember these synthetics are people too, they can think and act just like you 
can, but they do not have a soul. 

e Most of the world leaders have been bought and paid for [by men in the 
background] and are created to think a certain way —to meet the agendas of these 
men who remain in the background. 

e The global elite plans on depopulating the current human population of over 7 
billion to 500 million people. This is corroborated by the “Georgia Guidestones” 
(WorldTruth 2014). 

e Vladimir Putin is executing plans to bring the United States down and into a 
massive depression. Furthermore, China agrees with Vladimir Putin’s plans; 
stating that the Chinese government has not been a Superpower for over 5000 
years and “It is their turn to run the world.” 

e China has the capacity to set back / shut down all of U.S. computing and electrical 
systems within two days. 


At this present stage, the most salient points to keep in mind from Green’s accounts are that: 
U.S. presidents are selected and not elected; and most importantly, that scientists have been 
capable of creating synthetics (cloning people) since 1938. If you have kept in mind 
Schneider’s statement (1995; 1996), (that for every 12 months which passes military 
technology increases by the equivalent of 44 years compared to what the general public is 
accustomed to) —then learning that scientists have been capable of cloning humans since 1938 
should not come as much surprise. Again, everything regarding my disclosure will become 
apparent, and I thank these men for disclosing their information, because it helps the reader to 
corroborate my disclosure. 
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Aaron Russo 





Aaron Russo (pictured) was an American businessman, director, and political activist. He is 
best known for directing blockbuster films suchas Trading Places, The Rose and Wise Guys. 


Russo believed that a human being “Should stand for something, and do the right thing when 
the time calls to act”. Consequently, during the latter part of his career he did his best to warn 
the American public by producing documentaries such as Mad as Hell (1996), Freedom to 
Fascism (Russo 2006), and Reflections and Warnings (Jones 2008). 


Russo disclosed the following key information in Freedom to Fascism (Russo 2006): 


Income Tax 


There is no law requiring Americans to pay income tax. Although this is a truth, I 
DO NOT advocate Americans NOT to pay income tax (and neither did Russo). 
This is simply because the Federal Reserve can imprison you and seize your 
possessions for not paying income tax (although there is no law requiring Americans 
to do so). So for the sake of avoiding hassle for the mean time —pay your income 
taxes. 

To further illustrate the above point, Bob Shultz speaking at “We the People 
Foundation” said the following: “Most people believe that the income tax system is 
legal and that the revenue from the tax is used in the public interest. However, there is 
a substantial conclusive body of evidence that proves that our income tax system 
represents the most pernicious form of tyranny. It is the greatest hoax ever perpetrated 
by government against the working men and women of America.” 

Charlie Beall: “The federal government itself refuses to provide, the American 
people, who are coercively being subjected to this extraction of their private property, 
without any underlying legal justification. There is no law. There is no law that 
requires the average American worker in the private sector to pay a direct un- 
apportioned tax on their labour and compensation for services. There is no law.” 
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e State Representative — Phil Hart —(R-Idaho): “You can look through the statutes, and 
look for the law that requires you to pay, and when you do that, you cannot identify a 
law that requires the average person in America who earns a wage and works in 
private business to pay an income tax.” 

e Peter Gibbons (Tax Attorney) —It’s actually very simple. Congress tried to enact an 
income tax in 1894 —The Supreme Court said that is unconstitutional. When The 
Supreme Court says something is unconstitutional, it’s unconstitutional They 
(Congress) tried again in 1913 —and The Supreme Court said —the 16'" amend ment- 
“No new power of taxation” —so if they (Congress) didn’t have it then (1913) and they 
didn’t get it; they DON’T have it. There is no constitutional base for a tax on the 
wages for Americans living and working in the 50 States of the union. Period. End of 
argument. 


Radio Frequency Identification (RFID) Microchips 


e The latest technology for identifying people at the point of self, when they make 
purchases —is actually the implantable (RFID) microchip. There are microchips 
that can actually be imbedded directly into human flesh... It’s a tiny glass capsule 
about the size of a grain of rice... it contains an RFID computer microchip with a 
coiled antenna and it can transmit information also at a distance. 

e Katherine Albrecht —Author of “Spychips” (2005) makes the following comment: 
“RFID is a technology that uses tiny computer technology the size of a grain of 
sand or smaller; hooked up to miniature antennas to transmit information about 
items at a distance. Back in 1999, Procter and Gamble, Gillette, and MIT got 
together to find a way to commercialise this technology and make it small enough, 
make it efficient enough and make it low cost enough to essentially ---their dream 
is to put these tiny computer chips on every physical item manufactured on planet 
earth.” 

e Radio waves can travel through walls, they can travel through wood, and they can 
travel through things we normally rely on to protect our privacy, forexample your 
purse, your bag-pack, your pocket, —anything you are wearing or carrying. 

e One of the most worrisome applications of RFID microchips, are proposals to put 
them into cash, meaning that it would be able to track every bank note where it 
had been, who it had been issued to, and create in essence an audit trail. That 
would essentially take away the anonymity of cash we now enjoy today. 

e Once everything you do is tied down to a single number and there is no longer the 
ability to pay with cash, then all it takes to render you a non citizen 1s to simply 
turn that microchip off. You will no longer be able to participate in any 
function in society including buying food. Once money becomes digitised 
through RFID technology, the elite can deduct whatever amount of money 
they want out of your microchip, whenever they want. They can trace you 
whenever they want. You will be at their mercy. 
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Habeas Corpus 


Habeas Corpus is “[A] writ [formal document] requiring a person under arrest to be 
brought before a judge or into court, especially to secure the person's release unless 
lawful grounds are shown for their detention” (Legal-dictionary 2015). 

During the Bush Presidency [2001-2009 (History 2015)], President Bush signed 
executive orders giving him sole authority to impose martial law, and suspend Habeas 
Corpus. This gives him doctorial power over the people without any ‘checks and 
balances.’ 

In other words, “The government can jail you for life without charges, without a trial, 
without a lawyer” (Russo 2006). 

Furthermore: “The National Defense Authorization Act [4] signed by President 
Obama on the 31 st December 2011 authorises the indefinite detention, without trial or 
indictment, of any US citizens designated as enemies by the executive.” See Paye 
(2013) for further discussion re garding the suspension of Habeas Corpus. 


Fraudulent Manipulation of Election Results 


In 2004 at the “Forum of Presidential Election” Clinton Eugene Curtis, a former 
Computer Programmer for NASA and ExxonMobil testified under oath that election 
results can be rigged using electronic programs. 

In 2004 he gave the following abridged testimony (Russo 2006): 

Judge: Mr Curtis, are there programs which can be used to secretly fix elections? 
Curtis: Yes. 

Judge: How do you know that to be the case? 

Curtis: Because in October of 2000 I wrote a prototype for present congressman 

Tom Feeney, and the company I worked for in Oviedo Florida —it did just that. 

Judge: And when you said, “it did just that” —it would rig an election? 

Curtis: It would flip the vote 51:49 —-whoever you wanted it to go to, and whichever 
race you wanted to win. 

Judge: And would that program that you designed be something that election officials 
that might be on county boards would actually, could detect? 

Curtis: They’d never see it. 

Judge: So how would such a program, a secret program that, fixes the election —how 
could it be detected? 

Curtis: You would have to view it either with source code, or you would have to 
have a receipt and then count the hard paper against the actual vote total —other than 
that you won’t see it. 

Judge: Given the availability of such vote rigging software and the testimony that has 
been given under oath of substantial statistical anomalies and gross differences — 
between exit polling data and the actual tabulated results, do you have an opinion 
whether or not Ohio elections, the Ohio Presidential elections was hacked? 
Curtis: Yes. I would say it was. 
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Person in the audience: ---So in other words there is absolutely no assurance 
whatsoever in anything in regard to these machines? 

Curtis: Absolutely none. 

See Truthstream (2006) for further details regarding the full account of Curtis’ 
testimony on how elections can be manipulated. 

Moreover, voting machine manufactures refuse to allow anyone to see the source 
code. Without paper ballots, the honesty of any election cannot be verified. 


The War on Terrorism is the War on Your Freedom 


It is time to wake up America. These ID cards are not about defeating terrorism, but 
they are ALL about controlling the American people. 

The (mainstream) media controls the information that a person gets in various ways. 
They can make sure that the average American watching T.V. or reading the 
newspaper is going to come out with a certain mindset. She is going to say this is 
good, that’s bad —and that is all they (media/elites) have to do. 


Whoever Makes the Money Makes the Rules 


As Mayer Rothschild said “Give me control of a nation’s money supply, and I care 
not who makes its laws”. Mayer Rothschild, private banker, —knew that he and the 
other bankers would now control the laws of the nation. Government gave these 
bankers one of its most important powers, and now had to borrow money from the 
bankers and pay interest to finance the government. 

America has gone from people owning their own property, owning their own 
businesses —to a nation in debt because all the money is created by borrowing (from 
private banks) and this country has become one where people just live by borrowing. 


Russo’s Message to Mankind 


If you are in the military or law enforcement, remember you swore an oath [to uphold 
the law of the land]. You did not swear an oath to promote world government, or 
corporations. 

Now that you do understand what happened [to America, and the monetary system 
based on debt slavery] and how it is leading to a tyrannical one world government — 
the future of mankind depends on you —will you choose freedom or slavery? 

Stop being passive liberals. Stop being passive conservatives. Stop being passive 
centralists. Stop being passive human beings! When the media starts telling you that 
the country will fall apart if this is done... Do not be fooled!! 

Remember these are sick, malevolent and twisted people we are dealing with, trying 
to save themselves. Squash their agendas and stay on course. 

“I believe the time for mankind is time to give all or perish. Grow up or die. Grow up 
and become adults. Act like adults. Take some responsibility. The world which you 
have perceived is childlike; —and now the curtain has been pulled back for all to see.” 
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Unless people get active [get fully informed, and learn how governments of the world 
are conspiring against their people] and say —I am going to help shut down the Federal 
Reserve System; I am going to shut down the powers that be -the whole human race 
is doomed otherwise. 

We are coming near the end game and things are starting to accelerate... —and people 
are looking at the world leaders to declare martial law [which in turn will rid Habeas 
corpus]. 


Let’s Consolidate our Problems 


If we can all get focused on how to win the game instead of all these different 
objectives —such as people are fighting for a better environment; people are fighting to 
keep their guns/gun control; there are all these different issues which are going on 
around the world -and which are all important on their own —but if we can consolidate 
on that and focus —and take all those people —and say —hey let’s shut down the Federal 
Reserve, then we’ ll deal with those issues. Let’s go to the agenda, the objective, the 
root cause of man’s problems, first, then we’ Il go back to the other stuff. 

That is the priority right now. You have to cut off the head of the beast. And the head 
of the beast is the Federal Reserve System and the people behind it. You see, and that 
is what will save the world, and if people understand that —and they stop being 
passive liberals, and stop being passive republicans, but rather become active human 
beings —that is what will save the world! 


Aaron Russo: Reflections and Wamings 


In this documentary Russo recalls his relationship with Nick Rockefeller. Russo shares 


critical information Rockefeller discussed with him. 


The Falsehood of September 11th 2001 


Russo met Nick Rockefeller through a female attorney who telephoned Russo and 
said “One of the Rockefellers would like to meet you.” Russo made a documentary 
called Mad as Hell (1996), and Rockefeller had watched the video and knew Russo 
was running for Governor of Nevada and wanted to meet him. Russo said “Sure I'd 
like to meet him’, and the two met and talked. Rockefeller proved to be a very smart 
man and shared ideas with Russo and was the person to tell Russo 11 months before 
9/11 happened ““There was going to be an event...” 

Rockefeller never told Russo what the event was going to be; but, there was going to 
be an event —and out of that event, we [America] were going to invade Afghanistan, 
to run pipelines from the Caspian Sea; we were going to invade Iraq, to take over the 
oil fields and establish a base in the Middle East, and make it all part of the New 
World Order; and we would go after (Hugo) Chavez and Venezuela —and sure 
enough, later when 9/11 happened —and I remember he was telling me how you are 
going to see soldiers looking in caves for people in Afghanistan and Pakistan and all 
these places and there is going to be this war on terror which has no real enemy and 
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the whole thing is a giant HOAX, but it is a way for the government to take over the 
American people (and the world). 

There is no question about it [that 9/11 is a hoax]. Nick Rockefeller said to Russo: 
“There is going to be a “War on Terror” and he was laughing. Who are we fighting 
against...2 Why do you think 9/11 happened and then nothing has happened since 
then? Do you think that our security is so great here that these people who pulled off 
9/11, who were able to lock down another plane...? Come on it is ridiculous... 9/11 
was done by people in our own government and our own banking system to 
perpetuate the fear of the American people into subordinating themselves to anything 
the government wants them to do. That is what it is about and to create this endless 
war on terror. 

Nick Rockefeller was laughing when he said, “We are going to be sending men into 
caves in Afghanistan and Pakistan” —and it was just cynical, he kept laughing and 
saying “Look how stupid everyone is! We can do whatever we want!” 

9/11 was the first lie; and the next lie was to go into Iraq, to get Saddam Hussein out 
with his weapons of mass destruction (when the real issue was control of the oil 
fields) that was the next lie. 9/11 created an endless war on terror that would go on 
and on and youcan never define a real winner. There is no one to defeat and so it goes 
on and on forever. And they cando whatever they want; because they scared the hell 
out of the American public. 

This whole war on terror is [perpetuated on] a fraud. It is a farce. It is very difficult to 
say it out loud because people are intimidated in saying it. Because if you say it they 
want to make you into a nutcase —but the truth has to be... and the truth has to come 
out. The fact of the matter happens to be the whole war on terror is a fraud, it is a 
farce. Yes. There is a war going on in Iraq, because we invaded Iraq, and people over 
there are fighting... but the ‘war on terror’ —it is a JOKE —you know, and until we 
discover what really happened in 9/11 and who was responsible for 9/11 —because 
that is where the war on terror emanates from. That is where it comes from. It was 
9/11 which allowed this war on terror to begin and until we get to the bottom root of 
9/11 —the truth of 9/11 we’ll never know about the war on terror. 

Russo was in Tahiti when 9/11 happened and he got a call from his son — and his son 
said —“The twin towers, they were just attacked and they are falling down or 
something...” Russo was in Tahiti and had just woken up from sleep. Russo didn’t 
realise what it was immediately (11 months after Rockefeller had told him about 9/11 
and it had happened —because Rockefeller said there was going to be an event —he 
wasn’t specific) —but after Russo saw that America was going to go to Iraq and 
Afghanistan, that is when he realised, and equated it to what Rockefeller had said. 
9/11 was only a manifestation to create a fear in the American public. So that we 
would obey and do what they want us to do. Take for example, Richard Reed ‘The 
shoe bomber’ —now here is a guy who is 6 feet 6, ugly as can be; I heard he smelled... 
He sits on a plane, lights a match in a non-smoking area, to put his shoe on fire... 
surrounded by people... That is idiotic! If you were going to blow up a plane... you 
would go into the bathroom... you close the door... and you put your shoe on fire... 
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you are not going to sit there.... surrounded by people, lighting matches in a no 
smoking flight... they (elite) want you to believe this nonsense. That is ridiculous! 

The war on terrorism is to keep people in fear. It is an endless war without a real 
enemy (‘terrorists’) —so that people would submit and do whatever the government 
wants them to. Submit to searches, give you ID cards, put Radio Frequency 
Identification (RFID) chips in you etc. You become servants to the elite that is what 
this is all about... 

Freedom of liberty is what people really want, and it is time to stop the duplicity of 
the government from lying to us. You see many people know the truth of what is 
happening in this country; like 9/11 but they are afraid to stand up. People have to 
stand up and find their courage and say “I’m not going to take this anymore, I know 
the truth” —and they create a situation where if you tell the truth, you are considered a 
lunatic. 

In other words if someone goes ona T.V. show and says that 9/11 was an inside job — 
immediately the person is labelled an idiot or crazy. They call you names. You 
cannot be afraid of that. 

If youdo not fight the corruption and you do not stand up for what is right in life, you 
end up being a serf and a slave and you are leaving your children a world in which 
you would not want to live in yourself, so how can you in decency behave that way? 
You have to stand up for what is right in life, and unless you do that you are nothing. 


The New World Order Agenda 


The whole agenda is to create a one world government where everyone has an RFID 
chip implanted in them. All the money is to be in those chips [a cashless world]. This 
information came straight from Nick Rockefeller himself. That is what the ultimate 
plans of the global elite, banking industry and Rockefeller wants to accomplish. 

The agenda is to implant everyone with RFID microchips. All money is transferred to 
those microchips. There is no more cash. Money would be in microchips. Instead of 
having cash, you would have money in your microchips, but whenever they want, 
they (elite) could take whatever amount out of your microchip whenever they want to. 
Total control. If you are a protestor they just turn off your chip; you cannot buy food; 
you cannot do anything; it is total control of the people. 

So they want a one world government controlled by them. Everyone being chipped, 
all the money in those chips, and they control the chips and they control people, and 
you become a slave. You become a serf to these people —that is their goal. That is 
their goal; that is their intentions. 

Russo did not believe in enslaving people and Rockefeller would question him in the 
following manner: “Why do you care about them? Why do you care about those 
people? What difference does it make to you [Aaron]? Take care of your own life. 

Do the best you can for you and your family. What do the rest of the people mean to 
you? They don’t mean anything to you. They are just serfs. They are just people...” 
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e Rockefeller asked —“Why are you fighting for the people for, what is it all about? The 
people have to be ruled. The constitution, what you are standing for is only for a few 
people, it’s only for a few individuals who can live that way and we believe that it is 
best for society to be ruled by an elite people who control everything.” Russo told 
Rockefeller he does not believe that. Russo believes: “God put me on this earth to be 
best person I could be and put everyone on this earth to be the best they can be, and 
NOT to be a slave and a sheep to YOU and these people (elite) —and I do not 
understand why you want to control everything. What is the need for that?” 

e It was just a lack of caring [from Rockefeller’s part], and that is just not who Russo 
was. It was just sort of like cold you know, and Russo used to say to Rockefeller, 
“What is the point, of all this? You have all the money in the world you need; you 
have all the power you need, what is the point? What ts the end goal? Rockefeller 
said “The end goal is to get everyone chipped. To control the whole society. To have 
the elite people [the bankers and government] controlling the world.” 


Women’s Liberation from the Perspective of the Elite 


e Women’s’ Liberation was founded by the Rockefellers. 

e Rockefeller asked Russo: “What do you think women’s liberation was about?” At the 
time Russo had a pretty conventional thinking about it and he said “It’s about women 
having the right to work; get equal pay with men; just like they won the right to vote.” 
At this point Rockefeller started to laugh and he said to Russo “Youre an idiot” 

e Rockefeller said —“Let me tell you what that was about. We the Rockefellers funded 
women’s’ liberation. We are the ones who got it all over the newspapers and 
television. The Rockefeller foundation —and you want to know why? There were two 
primary reasons:” 

e 1) “We couldn’t tax half the population before Women’s Liberation and the second 
reason was” 

e 2) “Now we get the kids at an early age [because both parents are away from home 
working] —we can indoctrinate the kids how to think, so it breaks up their family —the 
kids start looking at the state as the family, as the school as the officials as their 
family, not as their parents teaching them, and so those are the two primary reasons 
for women’s liberation.” 

e Russo thought, up to that point, Women’s Liberation was a noble thing; however 
when he saw the Rockefellers’ intentions behind it, where they were coming from 
when they created Women’s Liberation; the thought process of it; Russo saw the evil 
behind what he thought was a noble venture. 


America is a Republic 


e America is a constitution republic / it is supposed to be a constitution republic —and 
NOT a democracy. The majority should not rule, and nor should the majority take 
over the inalienable rights of the minority. 
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Americans pledge allegiance to the “Flag and the Republic which it stands” —and 
NOT democracy. 

Democracy is the worst form of government you can have because it is majority rule. 
Therefore the government can tell you what to do because ‘the majority’ wants it. It is 
irrelevant what the majority wants. Decisions should not take away the inalienable 
rights of an individual. 

Russo also said “It doesn’t matter who you vote for, republican or democrat; —they are 
the same —neither one of them is stopping the Federal Reserve or paying income 
taxes. 

The elite (Federal Reserve) have taken over the American government; there is no 
difference between republicans and democrats. There is no difference between the 
two parties. The duality is manufactured. They (Federal Reserve; central banks) 
control both parties. It doesn’t matter to the elite which one wins, because whoever is 
running for President will be someone they anoint. Whoever runs for President, will 
do whatever the elite want them to do. The fact of the matter happens to be that you 
cannot win an election unless you have enough money to win; they (Federal Reserve; 
central banks) make sure who gets the money. 


Depopulation 


Russo and Rockefeller discussed many things —and one of the things Rockefeller 
brought up in conversation was reducing the world population. Rockefeller felt that 
there are too many people in the world. Ina way Russo agreed that there are too many 
people in the world, but he does not think he has the authority to say who dies and 
who lives; but the elite felt that they want to reduce world population and Rockefeller 
felt it should be reduced by half. 

Rockefeller even mentioned to Russo in conversation, that they were having a real 
problem trying to solve the Israel/Palestine problem —and they were playing with the 
idea of bringing Israel to Arizona —and taking everybody from Israel and giving 
everybody a million dollars, and setting up Israel in the state of Arizona —because that 
is a problem that they are not in charge of. 


Borrowing Money from Private Banks causes Inflation and Debt 


These people (elite) control the money so they make all the rules, and therefore they 
put the rules in which they want into effect, and the truth is America has really 
become a socialist communistic country. Everyone says it is a capitalistic country, 
but how can it be a capitalistic country when you have a central bank? That is the first 
question people should ask. It can’t be. It is a planned economy, it is a phony! 

If they want to create prosperity, they just print dollars, or put digits into the economy. 
Now you have prosperity. You do not have real prosperity, you do not have real 
manufacturing, you just have money being injected in which is infusion of credit. This 
makes the government go into more debt. 
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Whoever makes the money makes the rules. Rothschild said that. Why are we 
allowing these private bankers to make the money for our country? It is nonsense. 
Why are we paying interest to these banks to make money for us when the 
government can do it itself without paying interest, without all that debt? There is no 
answer to that question and it is a question no politician will raise. Everybody talks 
about America’s debt... We are in debt because we borrow money... but we don’t 
HAVE to borrow money. They designed it so that we can go into debt. We can create 
the money, and back it by gold so that they cannot create too many of it, so that you 
do not have the inflation, and do what the Founding Fathers told us. 

Why in the world does the American government borrow money from the banks when 
they have the ability to create it themselves without borrowing it, and paying interest 
on it? Why? Nobody can answer that question —not one politician ever raises that. 
Why does the American government ever borrow money, when they can create it 
without paying interest? 

—And people say that —well if the American government creates it, it will cause 
inflation. And that is their answer. And Russo says well let’s look at it: the American 
government has the Federal Reserve do it, which creates the same inflation as if they 
did it, but also with the inflation —now you are getting massive debt —so with the 
Federal Reserve you have inflation and debt. Now if the American government made 
the money, backed by gold which would limit the amount they could make —you 
wouldn’t have debt and you wouldn’t have inflation. 

It wasn’t until 1913 when the Federal Reserve came in, that America had inflation. 
Before then there was no inflation for 100 years. There were points and spikes, mostly 
during the Civil War —but basically there was no inflation other than during that short 
period of time. I mean a loaf of bread would cost the same thing. People could plan 
their lives. 

Today, they have planned inflation, and now you have two parents working, they 
cannot afford to take and pay for their family anymore; the kids are going to state run 
schools now, the kids are being indoctrinated how to think; they are being given 
Ritalin, they are being given all these drugs, the whole country is being dumb down, it 
is all because of the Federal Reserve System; and the Federal Reserve system and 
these bankers are responsible for the demise of America. And if we ever want to win 
this battle you must shut down the Federal Reserve System, and we must shut down 
these bankers and restore sound money to this country. 

If you analyse the situation and if you realise that since the Federal Reserve has come 
into being since 1913, illegally, without a constitutional amendment, by bribing a few 
senators during Christmas vacation, they turned over the most important power that 
the American government has, the creation and issuance of money to a private bank. 
Through that private bank issuing money they have destroyed this country. They have 
destroyed the purchasing power of money in this country; they have created social 
programs that are destroying this country. 

The Federal Reserve has created massive inflation in America which means the 
American worker has to keep on making more money to keep up with the cost of 


22|Page 


living. The more money they make to keep up with the cost of living, the less 
competitive they become in the world economy. So now what happens is that we have 
to pay our workers so much to keep up with the cost of living; and then they (elite; 
government; corporations etc.) say screw the American worker; let’s go overseas now 
to get the cheap labour. 

The inflation the Federal Reserve has created has now allowed other countries to 
outcompete us. Other countries do not have to pay as much money as we have to pay 
to our workers to survive. So now we are not competitive anymore and we have lost 
our manufacturing base. We have lost our competitive edge. 

‘Freedom to Fascism” is a documentary that everybody should see. Russo and his 
team show the fraud of the income tax; they show how Judges put people into jail for 
no reason; they show the corruption of the justice system. They show how the Federal 
Reserve came into being and how it is controlling society and how all the central 
banks are working together through the bank of International Settlements, in 
Switzerland which is the central bank for all central banks and how all are working 
together to create this one world government; this one world order; which is what they 
are trying to do. 


The Deception of the Council of Foreign Relations (CFR) 


Russo was interested in joining the Council of Foreign Relations, but he found out 
from Rockefeller himself, that part of the end goal of the CFR is to get everyone 
RFID chipped. To control the whole society and have the elite people (bankers, 
government etc.) controlling the world. Russo asked Rockefeller “Do all the people in 
the CFR believe the way that you do?” Rockefeller said “No, no, no. Most of them 
believe they are doing the right thing. A lot of them believe it is better off being 
socialistic. We have to convince people that socialism is really capitalism.” Because 
America is becoming a socialistic country; it is a communist country today. 

Russo’s friendship with Rockefeller became one where they would share thoughts, 
ideas and philosophies and Rockefeller wanted Russo to become a part of what they 
were doing [enslavement agenda], and for Russo to become a member of the CFR; 
Rockefeller offered various business opportunities for Russo to get involved in the 
CFR and to not take up the fight or the battle that Russo had been taking up in the 
past. Rockefeller wanted Russo to drop the idea of helping the people; because “What 
was the point in Russo fighting for the people?” Rockefeller would question. 

Russo asked Rockefeller do all the people of the Council of Foreign Relations feel the 
same way you feel? Rockefeller said “A lot of them think they are doing the right 
thing, they think that socialism is the best way to go (but this form of socialism 
involves redistributing the wealth for the elites and not to everyone), they think that 
they are doing the right thing.” But the people at the (very) top they all know the truth 
of what is happening. (Therefore, the good people in the CFR are also under an 
illusion, and do not know that effectively they are working for evil men who have the 
overall goal to control the populace of the world). 
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So it is compartmentalised within the elite structure as well. All the people in the CFR 
-2000 to 3000 people like Dan Raddler —they don’t know what is going on--- they join 
the CFR because it is prestigious. They think it is good for business, it is good for 
this; they don’t know what is really happening —the evil that comes out of it —that is 
emanating out of it. 

In terms of the CFR, in terms of compartmentalisation, there are many good people 
which Russo believes are part of these organisations who do not even understand 
what these organisations are really about. For example, when Russo was in Germany, 
doing cancer treatment, there was a gentleman there who was visiting a friend of his 
with cancer. The gentleman visiting his friend was a member of the CFR, and him and 
Russo were talking and Russo showed him the movie (Freedom to Fascism (2006)); - 
-and he said, “Oh my god! I’m going to resign.” “I had no idea this is what the CFR is 
about”. He had no idea; he is just a nice guy, who thought he was joining a prestigious 
organisation. 

A lot of people join the CFR because they think it is a prestigious organisation; it will 
help them in business; make good business contacts etc. They do not have an 
understanding that the CFR is really about world domination. How they, and the 
Trilateral Commission, The Bilderberger [Group], the banks, all work together to 
control the people —a lot of them do not understand that. They do not see the big 
picture. They think: Oh the CFR is a prestigious organisation. I’ ll make this, Pll make 
that, and I can do business deals. It is just business to them. The CFR wants to get the 
people in there that have influence and power, and so they are part of that 
(enslavement agenda), and so they are not opposed to them. So the whole country is 
becoming the haves and the have not. You are getting the very, very wealthy and the 
middle class being destroyed and you are getting the poor people. 

In Russo’s words: “You can call the CFR what you like, but it is a criminal 
organisation. Run by criminals. But people do not think of it as a criminal 
organisation, because it has ‘class’; ‘style’; ‘prestige’; —and it is ‘respected’; so people 
do not look at it as being a criminal organisation. That is what a great job they have 
done.” 


Combining America, Mexico and Canada into one Country 


Imagine this... here you are in America, and they (elite) are combining American, 
Canada and Mexico into one country. The North American union. And the American 
people do not know anything about it. It is not even in the press. They would rather 
talk about Rosy O’Donnell and Donald Trump calling each other names than 
discussing the fact that we are merging into one country. This isn’t even reported. 

The fact of the matter happens to be, that tells you how controlled the media is. The 
elite control the media, and they control governments and they are all in bed together. 
Here you are combining American, Canada and Mexico into one country, and you do 
not see it in the press. You do not see it in the press. Why? This should be one of the 
top stories everywhere —and the elite are not worried about it. That tells you—there is 
the evidence that [media] it is controlled. They do not want the American people to 
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know what is going on, that is why they do not protect our borders. That is why we 
are losing our constitution, the very document that secures our freedoms. 


Russo’s Vision on How to Bring These People Down 


There is no question we are in tyranny, there is no question that the American citizen 
is no longer a free individual human being, to do the things that they wish to do. 
We’re slaves and it is getting worse. 

We are dealing with complete evil; and until the American people wake up and say, 
we do not want this evil in our country anymore and we want to come back to a 
country of decency and goodness, integrity and honour, we are going down that road 
and that is what it is going to take? It is going to take people to stand up and say we 
do not want to live in this kind of world anymore. I believe we should pull all of our 
troops out of Iraq, I believe we should leave other countries alone. Let other countries 
live their lives the way they choose to. Stop trying to spread ‘democracy’ around the 
world, which is the worst form of government there is anyway (because 51 percent 
rule over 49%), restore our republic to what it is supposed to be and go back to what 
the founding fathers gave us. Restore the republic. 

In Russo’s opinion: The populace must shut down the Federal Reserve System —and 
there has to be an uprising. There has to be an uprising. People have to stand up. One 
person cannot do it alone. You cannot do it alone. People do not seem to have the 
courage to do what they have to do. 

A lot of people in Hollywood know the truth, they do not want to stand up and speak 
about it; I know many of them have seen my movie (Freedom to Fascism (2006)) and 
they know I am right, and they want to talk about it because everybody is afraid. 
Everybody is afraid because they think that the money they get from the Federal 
Reserve is really money and they have a comfortable lifestyle and they are afraid of 
change. They are afraid to stand up for what is right, and until people are willing to 
stand up and have the courage to do what they need to do, it is not going to change; 
and hopefully we can affect change when people stand up and say “Hey, I’ve had 
enough”. 

We (the populace) have one advantage. They (elite) need us to cooperate. See, if we 
do not cooperate with them, they cannot win. They always need our cooperation with 
them to go along with their programs. They try to “sell us”. Democracy; this majority 
says this; believe in this; do this, do that; the war on terror; we have to be scared... 
They are always trying to do things to “sell to us” to go along with them, and once we 
learn not to cooperate with them; then we win the game. 

That is the point, do not cooperate with them, and do not go along with the program 
anymore. Stop it. Join forces, and bring freedom back to this country. It is going to 
take people who believe in freedom; The Constitution and the Founding Fathers, 
Thomas Jefferson, to make this country whole again, because right now it is in the 
grip of the evil ones, and the only way to stop that is for good men to stand up. 
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e We have to stop being scared. We have to do what is necessary to take back what is 
ours. We have to stop these bankers, these elite, full of liars, congressmen full of liars. 
They are destroying our borders. 

e So through these bankers, attempting to take over America, knowing that America 
was the freest nation on this earth, it was necessary for them to takeover America, 
take away gun rights, freedom to bear arms, and create a country where we become 
Slaves, because once they take over America, the rest of the world becomes a lot 
easier for them. And so by creating 9/11, an event to terrify the American people that 
we are being ‘attacked by terrorist’, you create a world where there is an enemy that 
can never be pinpointed. You can never win the battle. It is 100 year war — a never 
ending war on terrorism. So you are always fighting this war, and through the war on 
terrorism, through 9/11 which is the first lie, then you create the war on terrorism 
which is the next lie, then you create the war in Iraq through weapons of mass 
destruction, which is the next lie —so you get one lie, to the next lie, to the next lie, -- 
now it is going to be Iran the next lie —and sending more troops and insurgents into 
Traq. 

e Restore America’s Republic back to what it is supposed to be. Get the bankers out of 
our government. Get government to stop borrowing money from the banks. 
Government should make its own money; restore the Republic. Restore individual 
freedoms. That is what this country is about -and until we do that we are going to be 
Slaves. 

e You have to take away the creation of money away from the private bankers and you 
will solve 95% of your problems. 

e Americans, mobilise, stand tall, stand together, tell the government you are “Mad as 
hell!” Do not cooperate with the government do not accept a National ID card. Do 
everything in your power to restore freedom and your individuality back to America. 
Stop being a country run by the institutions for the institutions. Let’s go back to “We 
the people, by the people for the people”, as opposed to, we the institutions, by the 
institution, for the institution. Stand up for your individual rights. Stand up for the 
God leaders that are in each and every one of us! 


The Trans-humanist / Post Human Agenda 


Transhumanism is a cultural and intellectual movement that believes we can, and should, 
improve the human condition through the use of advanced technologies. One of the core 
concepts in transhumanist thinking is life extension: through genetic engineering, nanotech, 
cloning, and other emerging technologies, eternal life may soon be possible. Likewise, 
transhumanists are interested in the ever-increasing number of technologies that can boost our 
physical, intellectual, and psychological capabilities beyond what humans are naturally 
capable of (thus the termfranshuman) (Anthony 2013). Transcranial direct current 
stimulation (tDCS), for example, which speeds up reaction times and learning speed 
by running a very weak electric current through your brain, (Anthony 2012) has already been 
used by the US military to train snipers. On the more extreme side, transhumanism deals with 
the concepts of mind uploading (to a computer), and what happens when we finally craft a 
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computer with greater-than-human intelligence (the technological singularity) (See: “How to 
create a mind, or die trying”, Hewitt 2012) (Anthony 2013). 


Moreover, put simply, “posthumanism” can be defined as that condition in which humans 
and intelligent technology are becoming increasingly intertwined (TheNanoAge 2015). For 
readers interested in learning more about the posthuman / transhuman agenda see BT Soul 
Catcher 2025 (BEAMS 2007); Avatar Project 2045 (2045 Initiative 2015; Borghino 2012) 
and Mind Clone Robot (Bloomberg Business 2015; RT 2015) which have all been disclosed 
as methods of transferring the human consciousness to a computer. 


The Phases of Sleep and Rapid Eye Movement (R.E.M) Sleep 


Sleepers pass through five stages of sleep: 1, 2, 3, 4, and REM (rapid eye movement) sleep. 
These stages progress cyclically from stage | through REM then begin again with stage 1. A 
complete sleep cycle takes an average 90 to 110 minutes (Sleepdex 2015). In other words, 
after falling asleep, it takes approximately 90-110 minutes to enter REM sleep. 
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Image 1: Stages of sleep. Source: Slee pdex: (2015) 
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Any sufficiently advanced technology is indistinguis hable from magic. 
Arthur C. Clarke 


REM Sleep 


Most dreaming occurs during Stage Five, knownas REM. REM sleep is characterized by eye 
movement, increased respiration rate, and increased brain activity. REM sleep is also referred 
to as paradoxical sleep because, while the brain and other body systems become more active, 
your muscles become more relaxed, or paralyzed. Dreaming occurs because of increased 
brain activity, but voluntary muscles become paralyzed. Voluntary muscles are those that you 
need to move by choice, for example, your arms and legs. Involuntary muscles are those that 


include your heart and gut. They move on their own (Sleepdex 2015; Walcutt 2013). 


Rapid eye movement, or REM sleep, is when you typically dream. You may have images 
float by in earlier stages, particularly when you are going through Alpha or Theta (brain 
waves), but the actual dream state occurs in REM (Walcutt 2013). 


This period of paralyzation is a built-in protective measure to keep you from harming 
yourself When you are paralyzed, you can’t leap out of bed and run. Do you ever feel like 
you can’t escape during a dream? Well, the truth is, you can’t. You can breathe, and your 


heart is working, but you really can’t move (Walcutt 2013). 


The reader is also advised to see the Horizon documentary “Why Do We Dream?” (BBC 
Horizon 2009). This video is available, on YouTube, and details sleep, the phases of sleep, 
REM sleep, the period of paralysation and more. 


Current Advances in Technology 


This is a section some readers may have difficulty with, because reading about these current 
technologies alone, one cannot help but feel that such technologies described below sound 
like the stuff of science fiction and fantasy -although they have been corroborated through 
public drip- feed disclosure (explained below). Nevertheless, I urge the reader to keep in mind 
Arthur C. Clarke’s quote (above), as well as Phil Schneider’s testimony regarding the 
advancements of military technology in comparison to the general public’s technology (for 
every 12 months, military technology outstrips the technology the public is accustomed to by 
a rate of 44 years). Moreover, for the reader who finds difficulty understanding the 
technologies described below, seek the supporting articles / videos. 
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Memory Suppression Technologies 

Memory suppression technologies are any scientifically advanced technologies which are 
used to suppress memory. Examples of how memories can be suppressed can be found by 
reading Winter’s (2014) article which details how memories can be suppressed using light; 
and Greenberg’s (2013) article which discusses memory suppression through gene / chemical 
modification. 


Mind-Voice Technology 

Mind-voice technology is an advanced technology which is capable of reading, listening, 
hearing or broadcasting your inner voice / thoughts. Examples of articles which discuss mind- 
voice technology are: Prigg (2014) details software which can read the inner voice; and New 
Scientist (2014) which also discusses a brain decoder which can eavesdrop on one’s inner 
voice. 


H.A.A.R.P. Technology 

The High Frequency Active Auroral Research Program (HAARP) is a radio transmitting 
system that can bounce signals off the ionosphere (a region of the Earth’s upper atmosphere 
60km (37 miles) to 1000km (620 miles) altitude) and back to earth to probe deep into the 
earth or sea, its proponents say. The system could locate minerals or communicate with 
submarines. (Begich & Manning 1997; Sheen, Begich & Robbins 2005). 


HAARP can also: 


e Disrupt human mental processes. 

e Knock out all global communications systems. 

e Manipulate global weather. 

e Change weather patterns over large areas. 

e Interfere with wildlife migration patterns. 

e Hurt ecosystems. 

e Negatively affect your health, moods, and mental states. 
e Unnaturally impact the Earth’s upper atmosphere. 
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This illustration (below) shows the ionosphere's relationship to the Earth. The illustration 
appeared in the HAARP Environmental Impact Statement on page 10-125 of Volume II. 
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Image 2: The ionos phere's relationship to earth. S ource: (Begich & Manning 1997) 


The ionosphere protects the earth HAARP (High frequency Active Auroral Research 
Program) is made to beam more than 1.7 gigawatts (billion watts) of radiated power into the 
ionosphere -the electrically charged layer above Earth‘s atmosphere. Put simply, the 
apparatus is a reversal of a radio telescope - just transmitting instead of receiving. It will boil 
the upper atmosphere. After disturbing the ionosphere, the radiations will bounce back onto 
the earth in the form of long waves which penetrate our bodies, the ground, and the oceans. 


HAARP represents a technology which could lead to a new class of weapons that could 
change our world profoundly - an all-purpose military tool If misused, the tool could mess 
up the weather. It could be used against humanity in a way that would change what people 
think, believe and feel. It could be used for good or evil, just as a harp can produce the music 
of Mozart or the melody of a death march. 


H.A.A.R.P. and Weather Control 


e “The theoretical implication [of Dr. Robert Helliwell and John Katsufrakis of 
Stanford University in 1974] suggested by their work is that global weather control 
can be attained by the injection of relatively small 'signals' into the Van Allen belts 
(radiation belts around Earth) - something like a super-transistor effect” said Frederic 
Jueneman. 

e Yes. The weather can be controlled using HAARP technology. 
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e A series of weather disasters began in 1960, according to a CIA report mentioned in 
the editorial, but at the time climatologists couldn‘t look ahead and see that droughts, 
floods and abnormal temperatures would continue beyond that decade. As if natural 
disasters weren‘t bad enough, the CIA reported that national governments were 
already able to manipulate weather for military purposes [using HAARP technology]. 


As far back as 1958, the chief White House advisor on weather modification, Captain 
Howard T. Orville, said the U.S. Department of Defence (DoD) was studying ways to 
manipulate the charges of the earth and sky and so affect the weather by using an electronic 
beam to ionize or deionize the atmosphere over a given area. In 1966, Professor Gordon J. F. 
MacDonald, associate director of the Institute of Geophysics and Planetary Physics at the 
University of California, Los Angeles, was a member of the President’s Science Advisory 
Committee, and later a member of the President's Council on Environmental Quality. 


Gordon J. F. MacDonald published papers on the use of environmental control technolo gies 
for military purposes. MacDonald made a revealing comment: —The key to geophysical 
warfare is the identification of environmental instabilities to which the addition of a small 
amount of energy would release vastly greater amounts of energy. MacDonald had a number 
of ideas for using the environment as a weapon system and he contributed to what was, at the 
time, the dream of a futurist. When he wrote his chapter, —“How to Wreck the Environment” 
for the book “Unless Peace Comes” he was not kidding around. 


In the text MacDonald describes the use of weather manipulation, climate modification, polar 
ice cap melting or destabilization, ozone depletion techniques, earthquake engineering, ocean 
wave control and brain wave manipulation utilizing the planet‘s energy fields. He also said 
that these types of weapons would be developed and, when used, would be virtually 
undetectable by their victims. He was not some wire haired fanatic when he made these 
observations in 1966 -he had the credentials of a world recognized scientist. What his 
futuristic concepts became, are the things which projects like HAARP are made of... 


H.A.A.R.P. and Mind Control 


e Radio frequency radiation, acting as a carrier for extremely low frequencies (ELF), 
can be used to wirelessly entrain (adjust) brain waves. 

e We are talking about very, very low power requirements. The trick for influencing 
brain activity is in the combination of frequency, power level and wave form. 

e As Dr. Patrick Flanagan, one of America’s most gifted inventors noted in an 
interview, the HAARP project could be not only the biggest ionospheric heater in the 
world, but also the biggest brain-entrainment (brain adjustment) device ever 
conceived. 

e According to HAARP records, when the device is built to full power it can send very 
low frequency (VLF) and extremely low frequency (ELF) waves using many wave 
forms at energy levels sufficient to affect the mental states of entire regional 
populations. 
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The HAARP transmitting system could be used unintentionally or intentionally to 
alter mental functions. 

If HAARP is tuned to the right frequency, using just the right wave forms, mental 
disruption throughout a region could occur intentionally or as a side effect of the radio 
frequency transmissions [in other words: “mind contro!’’]. 


RFID Technology 
Radio Frequency Identification (RFID) microchips are microchips that can be directly 
imbedded into human flesh. This section discusses the dangers of RFID chips. See Rense 
(2001) for full review. 


RFID technology links the brains of people via implanted microchips to satellites 
controlled by ground-based super-computers. 

Today they are small enough to be inserted into the neck or back, and also 
intravenously (through a vein) in different parts of the body during surgical 
operations, with or without the consent of the subject. It is now almost impossible to 
detect or remove them. 

Implanted human beings can be followed anywhere. 

Today's microchips operate by means of low-frequency radio waves that target them. 
With the help of satellites, the implanted person can be tracked anywhere on the 
globe. 


RFID Technology and the Medical Profession 


One reason the dangers of implantable microchip technology has remained a state 
secret is the widespread prestige of the psychiatric DIAGNOSTIC STATISTICAL 
MANUAL IV produced by the U.S. American Psychiatric Association (APA), and 
printed in 18 languages. Psychiatrists working for U.S. intelligence agencies no doubt 
participated in writing and revising this manual. This psychiatric "bible" covers up the 
secret development of Mind Control technologies by labelling some of their effects as 
symptoms of paranoid schizophrenia. 

The Psychiatric Diagnostic Statistical Manual (DSM) for mental disorders has been a 
brilliant cover up operation in 18 languages to hide the atrocities of military and 
intelligence agencies' actions towards their targets.) THE MANUAL LISTS ALL 
MIND CONTROL ACTIONS AS SIGNS OF PARANOID SCHIZOPHRENIA. 

If a target is under surveillance with modern technology via TV, radio, telephone, 
loudspeakers, lasers, microwaves, poisoned with mind altering drugs via air-ducts, 
giving familiar smells which cause headache, nausea and so forth, if s/he claims 
her/his clothes are poisoned, her/his food or tap water as well --- all medical schools 
teach their students that the person is paranoid, ESPECIALLY if s/he believes 
intelligence agencies are behind it all. 

Never is the medical profession told that these are routine actions all over the world 
by intelligence agencies against their targets. Thus, victims of mind control are falsely 
considered mentally ill and get no help since they are not believed and their suffering 
is doubled by misinformed health professionals. 
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Further Implications of RFID Technology 


e How many people realize what the implications of implantable chips actually mean? 
It means total loss of privacy and total outside control of the person's physical body 
functions, mental, emotional and thought processes, including the implanted person's 
subconscious and dreams! For the rest of his / her life! 

e It sounds like science fiction but it is secret military and intelligence agencies’ mind 
control technology, which has been experimented with for over half a century (since 
1950s). Totally without the knowledge of the general public and even the general 
academic population. 

e Supercomputers in Maryland, Israel and elsewhere with a speed of over 20 BILLION 
bits/sec can monitor millions of people simultaneously. In fact, the whole world 
population can be totally controlled by these secret brain-computer interactions, 
however unbelievable it sounds for the uninformed. 

e Neuro-electromagnetic involuntary human experimentation has been going on with 
the so-called "vulnerable population" for over 50 years, in the name of "science" or 
"national security" contrary to all human rights. It happens today in the USA, Japan, 
and Europe. With few exceptions, the mass media suppresses all information about 
the entire topic. 

e Only increased public awareness of the microchip implants, thei frightful 
consequences to privacy by influencing of individuals' thoughts and actions, causing 
people to become biological robots with physical and emotional pain whenever the 
supercomputer technician so wishes, is enough reason to refuse to take the microchip 
into your body for whatever reason. 

e It is the biggest threat to humanity and the most sinister plan to enslave the human 
race forever. 


If you have a choice and want to remain a normal human being with privacy, DO NOT have 
your children implanted NOR yourself implanted with RFID microchip(s) (or any other type 
of implantable microchip). Otherwise your vision, hearing, sensing, thoughts, dreams and 
subconscious will be influenced by an outsider, who does not have your best interests in 
mind. For the rest of your life! 


Mind Control: MK Ultra Technology 

MK Ultra today has evolved from the 1950s variation of mind control (MK Ultra 
Compendium 1980), whereby drugs such as LSD, and interrogation were used as methods to 
weaken the mind of the individual to force confessions through mind control. Today, mind 
control is achieved through the implantable microchip (mentioned above; Rense 2001). 


e The brain functions of an implanted person can then be remotely monitored by 
supercomputers and even altered through the changing of frequencies. 

e Once implanted, the U.S. National Security Agency's (NSA) 20 billion bits / second 
supercomputers could now "see and hear" what you are experiencing with a remote 
monitoring system (RMS). 
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e Every thought, reaction, hearing and visual observation causes a certain neuro logical 
potential, spikes, and patterns in the brain and its electromagnetic fields, which can 
now be decoded into thoughts, pictures and voices. MK Ultra technology is therefore 
capable of Mental Video and Audio Projection, as well as Artificial Telepathy. 

e The mass media have not reported that an implanted person's privacy vanishes for the 
rest of his or her life. S/he can be manipulated in many ways. Using different 
frequencies, the secret controller of MK Ultra technology can even change a person's 
emotional life. S/he can be made aggressive or lethargic. Sexuality can be artificially 
influenced. Thought signals and subconscious thinking can be read, dreams affected 
and even induced, all without the knowledge or consent of the implanted person by 
using MK ultra technology. 

e Memory suppression technologies are used in conjunction with MK Ultra technology, 
which enables the programmer to control certain memories the victim remembers. 
The use of memory suppression technologies and MK Ultra technology allows the 
programmer to reinforce behaviour and elicit specific conditioned responses. 

e Mind control techniques, such as MK Ultra, can be used for political purposes. The 
goal of mind controllers today is to induce the targeted persons or groups to act 
against his/her own convictions and best interests. Zombified individuals can even be 
programmed using MK Ultra technology, to murder and remember nothing of their 
crime afterward. 

e The goal of mind control, using MK Ultra technology is to program an individual to 
carry out any task against thei will and self-preservation instinct and to control the 
absolute behaviour and thought patterns of the individual. The purpose of mind 
control, using MK Ultra technology is to disrupt memory, discredit people through 
unusual behaviour, to make them insane or to commit suicide or murder. 


See Mind-Computer (2012) which discusses how artificial telepathy is achieved. Artificial 
telepathy, also known as ‘brain to brain communication’, is also possible using MK Ultra 
technology. Furthermore, review: Jim Cristea (2009); Berkeley News (2011); UC Berkeley 
Campus Life (2011) CTForecaster (2013); nature video (2013) and Stromberg (2013). The 
above mentioned articles and videos describe, demonstrate, and corroborate how audio and 
video projection of the brain is achieved; how dreams can be recorded and projected digitally; 
how the brain can be scanned to reveal hidden information personal to an individual; and 
what a person’s underlying intentions are, by using brain scans. Moreover, the articles and 
videos mentioned above confirm the functionalities of MK Ultra technology. 


Furthermore, when our brain functions are connected to supercomputers by means of RFID 
technology, MK Ultra technology and other implantable microchips, it will be too late for 
protest. This threat can be defeated only by educating the public, using available literature on 
biotelemetry (electronic equipment that receives signals from radio transmitters) and 
information exchanged at international congresses. 
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Human Cloning 

There are currently five different types of clones, concealed from public knowledge. There 
are Mark 1 clones; Mark 2 Clones; Mark 3 Clones; and Mark 4 clones and reanimated clones. 
Moreover, there are two types of cloning techniques: duplication cloning and replication 
cloning. 


Mark | clones are REM sleep driven clones. However, the technology used for Mark 1 clones 
causes many side effects and therefore Mark 1 REM sleep driven clones are no longer a 
preferred choice. 


Mark 2 clones are also REM sleep driven clones. Mark 2 clones have fewer side effects than 
Mark 1 clones, and therefore Mark 2 clones are currently the preferred method for REM sleep 
driven clones. 


Mark 3 clones are independent clones which operate on microchip containing the entire 
consciousness of an individual. 


Mark 4 clones are also independent clones, operating on a microchip which contains the 
entire consciousness of an individual and is an advanced version of a Mark 3 clone. 


These independent clones (Mark 3 and Mark 4) have a lifespan of 6 months to 12 months and 
require adjustments after this period to run efficiently once more. Without these adjustments, 
their functionality weakens. 


To “reanimate” means “to restore to life; resuscitate; revive”. Consequently, reanimated 
clones are clones which are genetically identical to that of a person who once lived. 


Replication cloning is what the public is most familiar with. Replication cloning involves 
giving birth to a genetic identical of an original where the newborn starts life off as a baby 
and matures. The newborn is referred to as a clone. 


However, duplication cloning is a current concealed advanced from of cloning, and it 
involves taking as little as two cells from an individual, adding a constant electrical charge to 
the cells until a complete human being is formed. 


Duplication cloning is similar to the process of regenerative medicine as demonstrated by Dr. 
Stephen Badylak’s video “How to grow a New Fingertip” (CBS 2008; Science Channel 
2014) where Badylak states: ‘A whole human canbe grown within 9 months.’ On average it 
takes 5 months to grow a duplicate clone of an original by means of advanced scientific and 
technological regenerative procedures. 
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Cloning Centre and Cloning Technology 


A cloning centre is a place where clones are produced. Cloning technology are the 
advancements in medicine, science and technology used to produce duplicate and replicate 
copies of originals. 


Drip Feed Disclosure and Evaluative Conditioning 
Drip Feed Disclosure 


Drip feed disclosure is the process of supplying information but in small amounts overtime. 
Drip feed disclosure is also the process of revealing information slowly overtime, possibly 
telling lies to conceal certain aspects of the truth until the source administering the drip feed 
disclosure has adequate time to let out the truth in a slow and controlled way, thereby 
delaying the betrayed partner (in this disclosure, the public) from having the “complete truth” 
for some time. 


Drip feed disclosure is also a method to gauge public reaction used by governments, the 
media, multinational corporations and organisations as well as high ranking officials to “test” 
whether the general public is acceptant of the concealed information or not. When the public 
reacts favourably to the drip feed disclosure, more information is revealed and made public, 
and it appears to the unsuspecting observer that the people involved in making the disclosure 
are taking positive steps towards a favourable goal for all. However, when the public reacts 
adversely; information contradicting the drip feed disclosure is presented, and an expert is 
presented to the public who voices the concerns of the general public, and therefore it appears 
that the opinions of the public have been noted and research and development will not 
continue in the initial stated direction. Nevertheless, the truth remains concealed and research 
and development continues despite the aversions of the public. 


Examples of drip feed disclosure involve articles such as mind uploading / downloading 
(BEAMS 2007), Mind Clone Robots (Bloomberg Business 2015; RT 2015), The 2045 Avatar 
Project (2045 Initiative 2015; Borghino 2012). I am here to tell you that I have been a spy for 
over 30 years and such technological accomplishments which are posted under trans- 
humanism / post-humanism genre have been realised many years ago and are available 
today. They are just concealed from the public. 


Furthermore, Dolly the sheep was announced as the first publicly cloned mammal (Animal 
Research 1996), but how many readers can say they know that, four years later, a monkey 
(BBC News 2000), our closest primate, was cloned? This is publicly disclosed knowledge, 
but I suspect not many people know of a cloned monkey four years after Dolly. This is 
because there was such a worldwide adverse reaction to genetic cloning when Dolly was 
made public, that the disclosure of the cloned Rhesus monkey (BBC News 2000) was not 
made public knowledge ona grand scale. 
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Evaluative Conditioning 

Evaluative conditioning is defined as a change in liking, which occurs due to an association 
with a positive or negative stimulus (see De Houwer et al., 2001). Simply put, this means that 
our preferences for brands, products, people and other things can be influenced and even 
modified by the presence of something we like or dislike strongly (Hale 2012). 


In many settings, a neutral stimulus, called a “conditioned stimulus”, often coincides with 
some desirable or undesirable object, called the unconditioned stimulus. An unknown brand, 
for example, might appear in a commercial that also depicts a happy child. Over time, stimuli 
that often coincide with desirable objects are perceived more favourably, whereas stimuli that 
often coincide with undesirable objects are perceived less favourably--called evaluative 
conditioning (De Houwer, Thomas, & Bauyens, 2001; Walter, Nagengast, & Trassilli, 2005; 
Moss 2009). An “unconditioned response” is a response to a neutral stimulus we have no / 
little control over. It is a natural automatic response. 


In other words, our preferences for liking or disliking brands, products etc. (the neutral 
stimulus) can be influenced by embedding (implicitly placing) the brand etc. (neutral 
stimulus) with positive or negative associations. Overtime our conditioned response becomes 
one of conditioned favourable or negative response towards the brand, product etc. (neutral 
stimulus) when we are faced with the brand, product etc. at a future date. Our preferences 
have been guided overtime. Evaluative conditioning can change our preferences when carried 


out subliminally or implicitly; it does not have to be explicit. 


In media; music; movies; and other forms of popular culture and entertainment, images and 
symbols (of stimuli which cause undesirable consequences) are embedded subliminally and 
implicitly and are paired with positive associations as a formof evaluative conditioning, This 
causes individuals who have no preconceived judgements of the stimulus to be guided to 


have positive associations with a stimulus which causes undesirable consequences. 


In popular culture; media; advertisements; movies; music and other forms of entertainment, 
evaluative conditioning is used as a method of hinting (that something is wrong); showing off 
of power (ie. nothing can be done to stop the negative stimulus) and as a form of gloating 
(ze. we’ve pulled off the negative stimulus / we are pulling it off). In over the 30 years I have 
been a spy, I have witnessed methods of evaluative conditioning used to hint, show off 
power, and gloat more often than not, and evaluative conditioning is not used just to guide 


social order. 
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The fortunate aspect is that once a person learns that his / her preferences are being guided by 
methods of evaluative conditioning, in order to influence the person to have positive 
associations with negative stimuli (or feel powerless towards the negative stimuli); and that 
the stimulus (brand / product) does in fact cause undesirable consequences —then the ‘spell’ is 
broken. The person can now choose how he or she responds to the brand etc. Usually, once 
all is known: a negative stimulus is associated with negative associations; despite it being 


portrayed as positive through evaluative conditioning. 


Consciousness Transfer 


Consciousness is defined as ‘the state of being aware of and responsive to one’s 
surroundings; a person’s awareness or perception of something” (Dictionary Reference 
2015). Consciousness can also be described as: individual awareness of a person’s unique 


thoughts, memories, feelings, sensations and environment (Cherry 2015). 


John Locke (1632-1704) was an English philosopher, Oxford academic and medical 
researcher who argues that it is sameness of consciousness rather than sameness of substance 
that constitutes personal identity. Consequently, if the psychological life is transferred from 
the body of a prince to the body of a cobbler (shoe mender), Locke argues, the resulting 
person will be the prince and not the cobbler. He would be responsible for the prince’s 
actions and not the cobbler’s; those who were close to the prince could continue their 
relationships with him but those who had relationships with the cobbler could not, and so on 
(Schechtman 2012, p.334). Moreover, basic Lockean intuition has proved to be that 
“consciousness transfer” can be thought of as the feat in which the person moves from one 
body into another (Schechtman 2012, p.334). 


Consciousness transfer can also be thought of as the process of transferring or copying the 
mental content (including long-term memory and “self’) from a particular brain and copying 
it to a computational device; artificial body or avatar body such as that of a robot or clone 
version of the original. The computation device, robot or the clone, will then respond 
essentially the same way as the original brain (as suggested by Lockean theory on 
consciousness transfer) and therefore the computational device, robot or clone experiences 
having a conscious mind and essentially the behaviour of the computational device, robot or 


clone, can be attributed as belonging to that of the original. 
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It is OF MONUMENTAL IMPORTANCE that the reader understands the above statement 
regarding consciousness transfer is a method of CURRENT concealed advances in 
technology and not a concept relegated only to the genre of science fiction. At the very least 
the reader should be open to the possibility of consciousness transfer and the implications of 
consciousness transfer, in order to truly begin to understand the extent to which current 


concealed advances in technology are used to commit monstrous crimes. 


I understand the above sounds unsettling, but there are also many wonderful concealed 
advances in technology (detailed in the disclosure section). The marvels in technological 
feats and human accomplishment will be released for the benefit of mankind once the world 
learns about the monstrous crimes which are committed against the them, and the earth, 
through the use of highly concealed technological advances and the good people of the world 


band together to put an end to the tyranny around us. 


Now is also a good time to remind the reader that if military technology advances by a rate of 
44 years for every 12 months which passes, then since 1945 military technology has 
advanced by a rate of more than 3000 years compared to the technology the public is 
currently accustomed to (44 times 70 = 3080). Now ask yourself honestly, in 3000 years 
from now (the year is 5015) don’t you think humans will have been capable of developing a 
method which allows them to transfer their consciousness from one body to the next and 
more? 


I am here to tell you that I have been a spy for over 30 years and that from the intelligence I 
have gathered over the years it has been illustrated to me countless times that consciousness 
transfer is indeed fact and currently exists. Consciousness transfer has been achieved since 
1945, although this accomplishment in human advancement (and more) is concealed from 
public knowledge. Moreover, consciousness transfer is a highly advanced form of concealed 
technology used by high ranking members of society to commit unspeakable crimes against 
the public. 


Furthermore, for the reader who wishes to understand how consciousness transfer is possible, 
see Petkova and Ehrsson (2008) and Ehrsson (2013). In the video Professor Henrik Ehrsson 
(2013) demonstrates: 


1) Consciousness transfer from one body to the next (owning another body other than 
ones original) 

2) Physiological evidence for owning the new body. In other words when consciousness 
has been transferred and the person perceives the new body as that of his or her own; 
when the new body is threatened as the mannequin (new body) was in the experiment, 
individuals still perceived the mannequin body as that of their own and became 
frightened (displayed biological and physiological responses). 

3) Visual perception and stimulation causes us to perceive ownership of a new body. 

4) The new body we inhabit must be similar to that of our own (it does not matter 
whether the new body is smaller or larger than our original so long as_ the 
measurements are proportional) for consciousness transfer to occur. 
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5) That it is possible for consciousness to be transferred to another person’s body and 
have (or perceive) ownership of other person’s body while being localised in your 
own body. In other words, dual consciousness is possible. 


Petkova and Ehrsson’s (2008) and Ehrsson’s (2013) research gives one of the clearest 
publicly disclosed explanations of consciousness transfer and I urge the reader to watch the 
video in order to better understand my disclosure. One of the main findings from his research 
is that perception is not rigid; and perception does shape reality. Sight and synchronous 
(going on at the same time) stimulation can, and does alter the brains perception of reality. 
Sight and synchronous stimulation activates certain parts of the brain (the sensory parts of the 
brain and the motor (movement) parts of the brain). The match between the two (sight and 
stimulation) “convinces” the brain that “hey, I’m no longer in this body; I’m in that one or 
that I have a third arm (although it is a false limp) etc. Accordingly, “perception is reality”. 


Disclosure: Save the Victims through your Diligence 

I’ve done my best to preface this information as logically, sequentially and methodologically 
for the reader as possible. I have stated what the law is on ‘whistle blowing’; I have given 
references and definitions where appropriate and I have provided many sources in order for 
the reader to research, corroborate, and better understand my disclosure, so that he or she 
becomes compelled to help me and victims like me, defeat tyranny and save the future of 
mankind; therefore if there are any areas of my disclosure which still appears suspect —and I 
understand, after all my efforts things may still not appear clear to some readers because we 
are dealing with highly advanced concealed technologies which are not available in the world 
the general public lives in; and therefore it is difficult to fathom and furthermore conceive 
that men can be so evil to their fellow humans through the use of advances in science and 
technology. Nevertheless, I promise you, I have no reason to lie, I am victimised daily 
because of these technologies, and therefore my only option is to tell the truth, and nothing 
but the truth so that the people of the world can put an end to this grave injustice. 


For the reader who still finds it difficult to accept my disclosure after first read, I want you to 
do two things: 


1) Give me the benefit of the doubt. I am asking you to do this because as I stated earlier, 
one of the hardest things to do as a victim of abuse is to come forward about the abuse you 
have suffered. It is even more heartbreaking when nobody believes you. Consider all the 
victims of paedophiles you have heard about on the news. I cannot speak for their individual 
cases but I can attest to the fact it affects my mental psyche beyond comprehension; there is 
nothing worse than being ignored and that nobody believes you. So on that premise, please 
give me the benefit of the doubt, because I’m sure the majority of good human beings out 
there will feel worse when it is proven that I ama victim of severe abuse and you ignored me, 
when you could have done everything in your power to save me. 


2) Set out on a genuine quest to debunk my disclosure. If my disclosure appears suspect to 
you to begin with, then set out on a genuine and investigative quest to debunk my disclosure 
because, if my disclosure initially appears circumspect to believe, then I should be proven 
false within minutes of your research of my disclosure, because even professionals make 
mistakes. There will be something about the disclosure which will just not ‘add up’. 
However, when a person is telling the truth, then it is very difficult to debunk that person. 

I promise you, it will be worth your time to know the real truth about the world, simply 
because the truth is liberating. 
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I would also like to remind you that the truth about the world has been hidden from the public 
for many decades, therefore when you do hear the truth of course it is going to sound absurd 
to begin with; but keep an open mind and pursue till you know what truth is; because “to 
“know” is to understand with certainty”. 


Words of Inspiration: Personalized from a Theoretical Physicist —Thomas 





Campbell 


The following gives an introduction to many aspects which occur in this world behind closed 
doors or in plain sight depending on how familiar the reader is with the topics. Evidently, a 
lot of what is written predominantly affects the people of the world and it is time the people 
of the world stood up and reclaimed their world. I cannot stress this importance enough! The 
disclosure is also a basis which explains many of the anomalies which exist in the world 
today. I apologise in advance if the disclosure is too shocking to be believable (initia lly) and 
it shakes the foundations of your belief systems... but as I’ve said, rather than lash out at the 
information, you must question your own belief system... and probe into the mechanisms 
which have influenced you to adopt your current belief system... only then does the shock 
subside... and you can move forward with an open mind through investigation, which should 
lead you to either corroborate or debunk the disclosure. Keep in your heart: scepticism, 
optimism and open mindedness (Campbell 2008). Scepticism keeps you from believing 
fallacies. It keeps you from falling into that which you have not yet proven for yourself. 
Scepticism is a requirement for breakthroughs. Optimism gives you the ability to give merit 
to that which you have not yet proven for yourself and Open Mindedness gives you the 
ability to “see” that which has not yet been proven. 


The Science of Hidden Consciousness 


Furthermore, “Consciousness Science Kept Hidden” (YesEthan 2013) illustrates: 


e “The heart is an electrical organ. It produces by far the strongest form of bio 
electricity in our body; up to 40-60 times stronger than the second most powerful 
source —which is the brain. This electrical energy travels through every single cell in 
our body and in a sense, binds the cells together. The bio-electricity field is strong 
enough that it can even be detected outside of the body; out into space; beyond the 
skin. It is very measurable electromagnetic energy, much like radio waves. What we 
found is that the heart produces an electromagnetic field that surrounds our entire 
body 360 degrees; and it can be detected about 3-4 feet with megatron meters outside 
of the body. Researchers at the medical facility in Kansas —say they have detected it 
10-12 feet. So regardless of how far it goes, what is interesting is that we produce this 
electromagnetic field which can be detected; it can be measured, with sensitive 
mainstream medical equipment.” -Howard Martin (co Author) “The Heart Math 
Solution” 

e Scientific studies have shown: that the heart is not only the most powerful centre in 
the body, it is the most intelligent and has the ability to receive precognition 
(knowledge ofa future event or situation, especially outside one’s normal sense of 
perception). If we can create coherence with our heart and mind centre we can access 
our intuition more frequently. 
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When you read my disclosure, remember that it is the heart and NOT the brain which is the 
most powerful centre in the body; the heart is the most intelligent; it has the ability to receive 
precognition and intuition about a future event, before it actually occurs; therefore if you 
find that your heart is in resonance with the themes I disclose; do not fight it with the ego of 
the mind; when our egos get in the way it overrides our heart’s intuition; your heart is capable 
of discerning the truth of an event before your brain becomes conscious of it; by all means 
listen to your heart, and allow your brain to naturally develop its intuition. It will be the 
coherence between your heart first, and then your mind centre which will allow you to access 
your intuition. 


Make an effort and reach your own conclusions to the point where you feel comfort in the 
fact that you KNOW the information contained in this disclosure is indeed factual. This will 
be the point you will have become empowered with golden truth and compelled to fulfil your 
duty as a human being and also spread the truth far and wide. Yes, we are all living in very 
interesting times. 


Disclosure: Donald Marshall’s Message to the World 

My name is Donald Marshall. I have been cloned by a large secretive cult know as “The 
Freemasons” and “The Vril Society” and “Scientologist” together called the Illuminati. For 
readers unfamiliar with The Illuminati see “The New World Order” (1990) by A. Ralph 
Epperson and Appendix C in this document; an introductory guide to the Illuminati and their 
agenda for the world is presented. 


Furthermore, I have to tell you that human cloning has been done since 1945. Now is also a 
very good time to recall Phil Schneider’s comment (Schneider was a Geologist and Engineer 
who worked on black projects and Deep Underground Military Bases (DUMBs)): “That for 
every 12 months which passes, military technology advances by a rate of 44 years compared 
to the technology the public is currently accustomed to” (Schneider 1995; 1996; Open Minds 
2011). George Green (a former Financier affiliated with U.S. Presidential candidates) also 
attests to the fact that humans have been cloned since 1938 (Green 2008a; 2008b). Therefore 
if we take 1945 as a base year, then military technology or hidden technology has advanced 
by the rate equivalent to 3080 years than the technology the general public is currently 
accustomed to (2015 — 1945 = 70 years; 70 multiplied by 44 = 3080). So yes, humans have 
been cloned since 1945 and continue to be cloned today and that current hidden technology in 
the year 2015 is as much as 3000 years ahead of the technology the public is currently 
accustomed to. I'll repeat myself because it is very important the reader understands the 
above statement, even if, the rest of the disclosure is hard to fathom after first read. The two 
most important things to keep in mind are: 

1) Humans have been cloned for over 70 years (since 1945); 

2) Present hidden technology is more advanced -as much as 3080 years more advanced- than 
what the public is currently accustomed to and technology continues to advance at an 
incredible rate. 


The Two Types of Cloning Techniques 


Now there are two different types of cloning techniques, there is replication cloning and 
duplication cloning. Replication cloning is the type of cloning the public has generally heard 
of. Replication cloning involves taking the nucleus (the DNA) out of a donor egg, and 
replacing it with new DNA from the person to be cloned. After a few days the resulting 
embryo can be implanted for pregnancy. The newborn starts life off as a genetic copy of an 
original. 
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Duplication cloning, on the other hand, is the second hidden method and type of cloning 
where the DNA from the person is grown ina big thick tank full of (salty) water. It involves a 
method of regenerative technology where the cells are agitated and agitated and over the 
course of 5 months, a fully formed duplicate clone body of an original is developed. The 
Illuminati used to have to use a tissue sample from the original or the cells from women’s pap 
smears because this contained rich cells to make duplicate clones; they also used children’s 
foreskins which were discarded at the hospital that got removed. That is what happened to 
me. I had my foreskin removed at age 4 —and by age 5 the Illuminati grew duplicate clones of 
me. Now the Illuminati say they have upgraded the technology since 2000 and now all they 
need is blood from the original. They then agitate the blood cells over and over again through 
regenerative technology, until a fully formed duplicate clone body of an original is produced. 
For readers who are unfamiliar with regenerative procedures, see Dr Stephen Badylak’s video 
on “How to grow a new fingertip” (Science Channel 2014) and Carmichael (2013) which 
discuses how scientists cloned a mouse from a blood sample (this is another example of drip- 
feed disclosure). Regenerative science and medicine (CBS 2008) does work; I’ve seen it 
many times. 


The Different Grades of Clones: “Mark 1” to “Mark 4” Clones 


There are a few different grades of clones that I know of. There are: “Mark 1” to “Mark 4” 
clones. Mark | clones were available at the end of World War II (1945). Mark 1 clones were 
rapid eye movement (REM) driven clones but they were primitive grades of cloning with lots 
of side effects caused to the original Mark 1, REM driven clones were called “Organic 
Robotoids”, even though there are no robotic parts to the clone at all. See Dr Peter Beter’s 
discussion on “Organic Robotoids” (Beter 2011). 


Donald Marshall’s Dilemma with “Mark 2” Sleep Driven REM Clones 

The problem I am having is with Mark 2 REM driven clones. “Mark 2” is a rapid eye 
movement (REM) driven clone. In other words, Mark 2 clones are sleep driven clones. REM 
Sleep is the fifth stage of sleep (Sleepdex 2015). The first REM cycle usually happens 90 
minutes to 110 minutes after we fall asleep (Sleepdex 2015). What that means is: currently, 
this is the [lluminati’s main form of communication. They do not call people on the phone; 
they do not meet at the Bohemian Grove anymore (they only meet there once a year for 
traditional purposes). Since they discovered the science of sleep driven cloning, they meet at 
the cloning centre WHEN THEY GO TO SLEEP (The cloning centre is a physical location, 
located 5 / 6 hours radius from the Robert Pickton Farm (Port Coquitlam, British Columbia, 
Canada) at a nature reserve). 


Consciousness Transfer Happens When the Original Reaches REM Sleep 


The Illuminati can transfer the consciousness of an original once the person reaches REM 
Sleep if there is a duplicate clone of the original at the cloning centre, once the person goes to 
sleep (90 minutes to 110 minutes after falling asleep). So what happens is that the 
consciousness of the original is transferred to the duplicated clone body (the duplicated clone 
body is grown within 5 months by regenerative technology) once the original reaches REM 
sleep. The original’s consciousness is transferred from the original’s body, although the 
original’s body is still in their bed, asleep at home; to a duplicated REM driven clone body at 
the cloning centre and the original ‘wakes up’ as a cloned version of himself / herself at the 
cloning centre. It is a great marvel of science and one man’s greatest achievements, but it is 
kept hidden and used for sinister purposes which I discuss below. I must address the readers 
at this point who are lost at the thought of duplication cloning, and consciousness transfer. 
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For readers who may have difficulty understanding the process of duplication cloning, see the 
video which features Dr Stephen Badylak (CBS 2008; Science Channel 2014). Badylak 
describes and illustrates how a new fingertip can be grown within 4 weeks, by the process of 
regenerative technology. Duplication cloning works a similar way; involving regenerative 
technology whereby the cells are agitated and agitated, and over the course of 5 months a 
fully formed duplicate clone body of an original is grown. Moreover, readers should also 
view the Horizon documentary “Why Do We Dream?” (2009); the documentary clearly 
explains the phases of sleep; particularly REM sleep. The documentary also clearly explains 
that during REM phase sleep the whole body shuts down, and it is only the brain which is 
active. The fact that the brain is still active, although the body is inactive, is a perfect 
opportunity for consciousness transfer; and this is usually the moment the Illuminati transfer 
the consciousness of a person who is asleep, to a cloned version of himself / herself. The 
reader should also explore Ehrsson’s (2013) lecture on consciousness transfer. In the video, 
Ehrsson (2013) clearly explains how through the first person visual perspective (seeing 
through the eyes), and through synchronous (occurring at the same time) stimulation of a 
body part, individuals can perceive and see the world from another body different from their 
original. In other words, so long as people can see through the eyes, and the body is 
stimulated, the match between the visual perspective and feeling body sensations allows the 
individual to see and perceive the world through another body different from their original. 
The consciousness has been transferred to another body. 


Ehrsson (2013) also demonstrates that consciousness is linked. Once consciousness is 
transferred (ftom the original’s body to the new body), even though the new body is not the 
persons original body; when the new body is attacked, because the person perceives the 
world through the new body, everything feels “very real”. When the new body (for which the 
person’s consciousness has been transferred to) is attacked, the original still perceives the 
threat as “real”, and therefore the person displays a biological and physiological fear response 
in their original body; the heart rate increases, as does respiration (breathing) rate, as well as 
anxiety. 


Donald Marshall is an Original as he sits at Home Typing this Disclosure 

This is how advanced technology is today. This is also exactly what happens to me. I am an 
original as I sit at home here typing this disclosure, but when I enter REM sleep, my entire 
original body shuts down, and only my brain is active. The Illuminati have linked my 
consciousness to a REM driven duplicate clone body of me. Therefore, as soon as I enter 
REM sleep, they are alerted to the fact that I have entered stage five of the sleep cycle, and in 
REM sleep, because they have a green and red light above duplicate clones at the cloning 
centre. The red light indicates that the original is awake, and the green light lets them know 
that original has entered REM phase sleep and it is time to transfer their consciousness to a 
duplicate clone version. They cannot transfer the consciousness of an original before REM 
phase or when the original is awake. When they try and transfer consciousness before an 
original is in REM phase it makes the original have intense headaches. Setting an alarm every 
90 minutes to wake up and then go back to sleep also does not work in terms of avoiding 
REM sleep and having your consciousness transferred, because the body requires REM sleep, 
and therefore you become very tired, quickly, if youdo not get REM sleep. If you stay awake 
for four days without REM sleep you begin to hallucinate; after seven days without REM 
Sleep you will die. 
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When Donald Marshall's REM Driven Cloned Experiences Began 

This whole sordid episode began when I was 5 years old, after going to the doctors to get my 
foreskin removed, at age 4. The tissues from my discarded foreskin were used to grow 
multiple duplicate clones of me. Within months, I was having my consciousness transferred 
to a REM driven, 5 year old clone version of me every time I entered REM sleep. The reason 
the Illuminati did this was because they wanted to use me as what they term “a diddle kid” — 
in other words they wanted to have sex with an REM driven, 5 year old, duplicate clone 
versionof me. This is what they do. They clone people. They make duplicate clone bodies of 
people to victimise in terrible ways, and they clone children for men with undeveloped 
penises to have sex with. 


However, I could never remember any of these REM driven clone experiences when I woke 
up for 25 years; because another aspect of REM driven cloning is that the Illuminati have the 
advantage of being able to suppress the experiences of people who have their consciousness 
transferred to their REM driven duplicate clone versions through advanced memory 
suppression technologies. For the reader who wishes to understand how memory suppression 
works see Winter (2014). Memories are stored and retrieved from different parts of the brain. 
Interactions between the cerebral cortex (the outer layer of the brain) and hippocampus need 
to work together in order to bring the memories out of mental storage to be re-experienced by 
the mind (Winter 2014). Therefore all that has to be done is for them to turn off the nerve 
cells which communicate with the cerebral cortex and hippocampus for the evening which 
you went to sleep and had your consciousness transferred to a REM driven duplicate clone 
version of you, and you will not remember anything. The technology is so advanced; they 
can, and do suppress memories at a push of a button. Therefore, the victim wakes up the next 
morning and will not remember a single REM driven duplicate clone experience. All that 
they will be aware of is that they did not have a dream the previous night. 


This is what happened to me for over 25 years. I wasn’t allowed to remember these REM 
driven duplicate clone experiences until I turned 30. My memories were suppressed for 25 
years. I would wake up many days, after a night’s sleep, thinking ‘I didn’t have a dream last 
night’; or I would wake up the next morning and I would be sick, although I went to sleep the 
previous night feeling completely healthy. Throughout the years, I thought I had terminal 
illness; because whenever I went to see a doctor, the diagnosis would always come back that 
‘there was nothing wrong with me’. 


However, over the course of 25 years when I was memory suppressed, and not allowed to 
remember my REM sleep driven clone experiences, the Illuminati were using me to produce 
songs, lots and lots of songs, and whenever I could not produce a song, or did not want to, 
they would stab my REM driven clone body; sodomize my REM driven clone body; chain 
me to a crucifix and burn my REM driven clone and torture me for all kinds different 
reasons; and even when I was compliant and did what they told me to, I was attacked, simply 
because some members of the Illuminati wanted to know what it feels like to stab someone. 
Now because consciousness is linked (Ehrsson 2013), all these REM clone torture 
experiences affected me in my original body, and I have a weak heart today because of it, at 
the age of 39. The memories of my REM clone driven experiences also had to be released to 
me slowly (see Alford (2014) and FW: Thinking (2014) —for an example of how memories 
can be wiped and restored) over the course of many months because I had been through so 
much horror and torture that if the memories was released all at once, I would have had a 
heart attack in my real body and died. 
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This is one of the main reasons the Illuminati currently use REM sleep driven cloning 
(besides sex and torture): to plagiarise talented people under duress. There are many people 
including me who have been, and are plagiarised on a daily basis. Their consciousness is 
transferred to their REM driven clone alternates, and night after night and under duress they 
are forced to reveal their money making ideas or face torture or clone death; clone death after 
clone death. That is what the movie Inception (2010) is about: REM sleep driven cloning, and 
stealing ideas from the minds of unsuspecting individuals. The Illuminati actually made the 
film Inception (2010) as well as The Island (2005), Avatar (2009) and The 6" Day (2000); the 
films mentioned above contain references of cloning and REM driven cloning to show off 
the luminati’s ‘power’ and throw in the world’s face and laugh. 


The Science of REM Driven Cloning Began in 1945 


I am one of the few people fortunate, or unfortunate depending on how you look at it, who 
remembers all of my REM driven cloning experiences because these memories were released 
to me at the age of 30. I remember many people who have attended and still attend the 
cloning centre which they bring me to over the course of 34 years. 1am currently 39 years old 
and was brought there since the age of 5. The science of REM sleep driven cloning was first 
discovered in 1945, and at first it was just a political thing which leaders of the world did. 
Through the science of REM sleep driven cloning, political figures, heads of state and royalty 
met each other as REM driven clones versions of their selves when they went to sleep and 
discussed worldly affairs in complete secret with each other. They also did whatever they 
wanted with each other as REM driven clones, which they could not do in their original 
bodies such as sex, fighting each other to the death, jumping off cliffs as their REM driven 
clones, and just about anything you can think of when one has the ability of pseudo- 
immortality as a sleep driven clone version of themselves hidden from the guise of the world 
and general public. 


Well they soon got bored of each other very quickly, and started to make REM driven 
duplicate clones of movie stars, musicians, celebrities and public figures from all walks of 
life to hang with as REM driven clones and now they all get together for a disgusting time as 
REM driven clones when they go to sleep. Most of the G20 political leaders meet at the 
cloning centre as REM driven clones when they go to sleep to discuss worldly matters and 
watch gruesome things done to innocent and unsuspecting civilians, who are also REM sleep 
driven clones at the cloning centre, but civilians have their memories suppressed. This is what 
the films Hostel (2006); Hostel: Part IT (2007); and Hostel: Part III (2011) (Illuminati made 
films) -are about: -rich people paying to torture and kill innocent people at a secluded 
location for sport; just that at the cloning centre, the Illuminati members torture and kill REM 
driven clones of innocent people. 


Therefore, depending on what was done to your REM driven clone, you could wake up the 
next day with a very intense headache in your original body, if your REM clone was 
repeatedly punched in the head; an upset stomach in your original body if your internal 
organs were tortured; achy limbs; and worst of all, feel sick all over; although the previous 
evening you went to sleep feeling healthy. Remember consciousness is linked (Ehrsson 
2013), therefore whatever happens to your REM driven clone will affect you in your original 
body. Even when they suppress your memory; the previous night’s experiences still affects 
you in your original body. You wake up with the knowledge that you did not dream the 
previous evening when you went to sleep, and with certain illnesses depending on what was 
done to your REM driven clone. 
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Help Donald Marshall STOP REM Driven Cloning NOW! 

Everything I discuss in this disclosure is firsthand witness accounts. I have seen and 
experienced horror spectacles done to innocent civilians and to me. For the sake of humanity 
and the innocent children brought to the cloning centres all over the world; I must tell the 
whole world about this and the good people of this world MUST HELP ME TO BRING 
THIS TO A STOP. My sense of duty, moral correctness, and conscience cannot allow me to 
stay silent about this evil. REM sleep driven cloning, and the torture of innocent civilians as 
REM driven clones; having REM driven clone sex with beautiful, imnocent unsuspecting 
civilians of the world; the paedophilia of children through the process of REM driven 
cloning; REM driven sex slavery; the plagiarism of talented individuals through the process 
of REM driven cloning; and REM driven idea slavery, whereby talented individuals must 
produce new ideas and concepts daily (or whenever they sleep) or be stabbed or tortured in 
their sleep as REM clones —is the most vicious and pernicious form of tyranny ever to occur 
against humanity and IT MUST BESTOPPED NOW! 


Do Not Panic, Riot, or Cause Chaos. This is Very Important. 

Now I must preface this carefully, because members of the Illuminati have told me that I 
have to put this in an eloquent fashion, in a way which does not make people panic because 
people finding out about REM driven cloning, and the extent of the evil it has been used for, 
and continues to be used for; it could cause loss of social order, riots and anarchy in the 
streets. Moreover, I too DO NOT want riots and anarchy in the streets, despite the fact that I 
am vehemently angry considering the extent to which they plagiarised my talents over the 
years. If you are a good person reading this, and you want to help and you want social order 
restored for the benefit of mankind, promise yourself; me; all the innocent children they have 
affected through REM driven cloning, and the children of the future that you will NOT riot, 
and destroy a world for children who are going to inherit the world. This is very important. 
Remember the Illuminati have highly advanced technologies (kept hidden and secret), 
including weaponry, and they are just waiting for any excuse to use it on the populace. In all 
revolutions, the populace always win, and I want this disclosure and the end of REM driven 
sleep cloning to go smoothly. I want the good people of the world to keep spreading this 
information, keep spreading this disclosure all over social media, tell your close friends, your 
family, and as many people on social media platforms as you can. The internet, and radio 
shows with small audiences are the only forms of communication the Illuminati do not 
control. They own all forms of television networks, even including the Aboriginal People’s 
Television Network (APTN), and therefore a message as important as this will never reach 
the average man or woman through television because it does not serve their agenda. 


Spread this Disclosure Document until it reaches the Armed Forces 

I want this message to reach the armed forces, because currently people in the armed forces 
are following orders, yet they do not know how corrupt their governments and people in high 
profile places are. They are unknowingly defending these corrupt people. People in the armed 
forces will NOT defend these corrupt people nor will they harm civilians when they realise 
that these corrupt people have been growing duplicate clone bodies of civilians, transferring 
civilians consciousness to their duplicate clone versions when the victim reaches REM sleep, 
and torturing civilians in their sleep; having sex with under-aged REM driven cloned 
children; having sex with innocent and unsuspecting adults as REM driven sleep clones, 
against their will; torturing REM driven clones for sport; and for money-making ideas to 
benefit their own pockets while they make innocent civilians sick and have side effects in 
their original bodies from REM sleep driven cloning technology. No. The armed forces will 
not accept that. Therefore keep spreading and sharing this information for everyone to see so 
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that it reaches personnel in the armed forces ASAP! I want the armed forces to overthrow 
these corrupt people. The Illuminati think they are very sly and untouchable because together 
they hold most of the wealth in the world. We must show them that they are not untouchable. 
Please do all you can, to share and spread this message. It is the most important message to 
ever reach the internet because it affects all our liberties. 


I must also address the readers who may feel afraid in spreading my message because they 
may want to do the right thing, but they are terrified the Illuminati may degrade or end their 
lives. As unbelievable as the next thing I am going to share sounds, it is a belief system which 
shapes the reality of the Illuminati and therefore they themselves are afraid to do anything 
which may degrade their lives or ‘eternal soul’. 


They believe that they are the ‘fornicators’ mentioned in The Bible, and if they were to 
degrade or harm the lives of anyone aiding me, they would suffer the wrath of God when they 
die. Notice I said when they die, but so long as they are still alive they can do all the evil 
they like, with little consequence, as they do in their REM driven clone versions at the 
cloning centre; worshipping Lucifer and doing all sorts of ungodly things. They even say God 
does not exist, only science and technology; yet they are afraid of dying. Very afraid of 
dying; because they believe they’ ll meet God’s judgement. I’m just relaying what they have 
told me. They are weird like that. They also follow Hopi Indian Prophecy, Mayan Prophecy 
and Nostradamus Prophecy. They mix and match those three prophecies and come up with 
their own religion of what may or may not happen in the future. 


Donald Marshall is NOT “The New Age Saviour”. Nobody wants to bea 
‘saviour’ 

Furthermore, THEY believe I am a new age saviour for the end times; that I was going to 
save the world from something, according to the Nostradamus prophecy (quatrains); the 
Illuminati consider Nostradamus the greatest prophet ever to walk the earth. They are in awe 
of him. 


I DO NOT endorse their claims. I just want REM driven cloning to stop and these people 
face punishments for their crimes against humanity. I really do not endorse such claims, but if 
it saves my life and yours, so be it. In reality and practicality, nobody wants to be ‘the 
saviour’; not with such tyranny and pernicious evil such as this. We’d rather all just be living 
normal lives without the knowledge and practice of REM driven sleep cloning which is used 
for torture, clone death spectacles and sex with children. My friends on Facebook do not 
want to be heroes or ‘saviours’ either; nobody really does, but we do it out ofa sense of duty, 
moral correctness and our conscience would never rest knowing the true extent of evil in this 
world, and doing nothing to end it. So all that saviour and Nostradamus prophecy talk, it is 
just the Illuminati; they like to quote prophecies, and make them come true to make 
themselves feel special. 


Like I said, they are weird. I’m just relaying what they say, and I do not endorse the new age 
saviour Claims. I’m just a normal guy, who was unfortunate to be cloned when he had his 
foreskin removed at age 4. This could have happened to anyone. Thankfully I had a very 
active imagination at the age of 5 and with the use of the technologies such as Mind-voice 
technology (that is what the Illuminati call it) it allowed me to make songs to keep the 
perverts off me. Mind-voice technology is just a technology which can tune into the inner 
voice in your head (See articles by Prigg (2014) and New Scientist (2014) —which discuss 
how scientist can listen to your inner voice; —it is similar to how Mind-voice technology 
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works). Therefore, when you hear the sound of a guitar; the sound of drums; or any 
instrument for that matter; after hearing the sound, when you imagine the sound you heard, 
your REM driven clone can replicate this sound with Mind-voice technology exactly; and I 
used Mind- voice technology to make many, many songs over the years. As I’ve said, and I'll 
say it again: technology today is very advanced. 


How the Nostradamus Prophecies shapes the lives of the Illuminati 


Also another reason they have not killed me is because the Illuminati said “If they do, 
everyone is going to know I am telling the truth”, -which I am with my right hand to God and 
I cannot lie about this stuff; the things I have seen are too sinister and diabolical. It would 
make me as bad as them if I did. Furthermore, because they follow the Nostradamus 
prophecies religiously, they have told me that they believe anyone helping me is considered 
part of “The Army of Light” and again, to hurt or degrade anyone helping me, considered 
part of The Army of Light would incur the wrath of God; and that to hurt anyone considered 
part of The Army of Light will degrade their lives; they will suffer misfortune and entire ruin 
as will their eternal soul. These are just some of the interpretations of the Nostradamus 
quatrains they have relayed to me. These people are beyond crazy, zealot and religious 
fanatics. Nevertheless, the main point to remember by all this is that you are safe, and they 
cannot hurt you, they are scared to hurt you, as well as kill me because prophecies have 
shaped their lives and the lives of their ancestors for hundreds of years. 


Furthermore, and practically, I have told too many people that this is the extent, to which 
technology has developed in our current day, and it is kept secret and hidden from the public 
for nefarious purposes and this is what the Illuminati do: REM sleep driven cloning. I have 
been spreading this information since 2011 and not one of these high profile people, 
government officials or celebrity figures has issued a (public) statement against me or taken 
me to court over libel charges because I’m telling the truth; and their statements would not 
hold in court. 


I have also told over a million Arabs; I have appeared on radio interviews with Vinny 
Eastwood (Vincent Eastwood 2013); Jeanice Barcelo (Jeanice Barcelo 2013); and Lisa 
Phillips on the Cry Freedom Radio show (Astral 7ight 2013a — 2013h). I have reached 
audiences as many as 280,000 views on the Vinny Eastwood Show (Vincent Eastwood 2013) 
alone. However, I must stress that YouTube reduces the view count of my interviews every 
so often in order to suppress the truth so that my interviews do not get featured on their 
platform. Nevertheless, there is safety in numbers and rest assured there are new people 
waking up to the disclosure of REM driven sleep cloning every day; and therefore you can 
share and spread this information without any worry about facing reprisals from the 
Illuminati, even if you do not believe that it is in fact their beliefs in Nostradamus prophecies 
which is saving you and I from the Illuminati. 


HIV/AIDS has been cured; so have many forms of cancer 


Now is also a good time to share with the reader that this situation is not all ‘doom and 
gloom.’ In their quest to perfect technologies, science and medicine, the Hluminati discovered 
the cure for HIV/AIDS; cancer (except pancreatic cancer); Alzheimer’s; Dementia and many 
more debilitating diseases which humanity suffers with. They relayed the fact that they found 
the cure for HIV/AIDS by stimulating the cells in an oxygenated rich environment because 
diseases/viruses cannot thrive in an oxygenated rich environment (in layman’s terms). Magic 
Johnson was cured from AIDS this way and they use him as a spokesperson to sell the 
retrovirus pills which they know is not as effective. However, the greed these people have, 
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knows no bounds, and because they receive too many donations for HIV/AIDS as well as 
cancer donations they do not announce they have cured HIV/AIDS or cancer publicly. As 
I’ve told you, and will continue to tell you: technology is far, far, FAR advanced than what 
you currently see around you. With the help of the good people of earth I promise to release 
these technologies for the benefit of mankind, and all reading this disclosure can hold me to 
this. You must hold me to this. It is time we ended corrupt governments and corrupt 
individuals in high positions of power in this world. Hold me to this. 


I hope you are now beginning to understand why this is a world emergency and why these 
corrupt people must be ousted and overthrown. I also hope you understand why you must not 
riot or cause chaos because as I said at the beginning of this disclosure “TI write this to 
empower good people of the world against the tyranny which exists all around us in our 
world today”; I did NOT write this to cause chaos, public dissension or anarchy. Good 
people of the world will inherit the earth once these corrupt people are overthrown. 
Therefore, under no circumstance must you destroy the world when you are going to inherit 
it. No matter how angry this disclosure makes you; no matter how angry the diabolical people 
who commit these crimes against humanity make you feel. Let’s make sure this goes 
smoothly. Keep spreading and sharing this information, until this disclosure reaches the 
armed forces; until the armed forces bring these corrupt people to their knees. We are about 
to inherit the earth; by all means let’s ensure everything goes smoothly. Now that you 
understand how important this disclosure is and that the overthrow of these corrupt 
individuals must progress smoothly, I’ ll continue. 


The Behaviour of High Profile People at the Cloning Centre 


The high profile individuals who attend these REM driven clone gatherings in their sleep 
have nothing better to do than to show off in disgusting ways. They have no shame and it 
seems nothing embarrasses them. Some REM sleep driven, cloning centre attendees, sit in the 
stands of an unused arena, smaller than a hockey rink, but it still has the capacity to seat 
between approximately 300 to 400 people. There is dirt in the centre of the rink where ice 
would be. They have frightened REM driven clones of children walk into the middle of the 
dirt rink to be victimised for a bizarre and disgusting spectacle. Sometimes, they have 
animals like dogs have sex with the REM driven clone children, while a man holds the dogs 
on leash so that it wouldn’t bite the child on the back of the neck; which I have seen happen 
before. They all try to outdo each other in their levels of depravity; to be evil is to be “cool” 
to them. 


The Ring Leaders of the Cloning Centre 


I will now discuss the ring leaders, but before I name names, please understand that I am not 
someone who has collated stories and evidence together over the internet. [REALLY do not 
need to do this. Every time I enter REM sleep, the ring leaders at the cloning centre transfer 
my consciousness to a duplicate clone version of me. I have seen and talked with these 
monsters over the course of 34 years as REM driven clones at the cloning centre. However, I 
do understand that for the average reader, without understanding how far medicine, science 
and technology has advanced; without seeing or hearing people, other than me, discuss the 
crimes the ring leaders of the cloning centres commit, it is very difficult to imagine that this is 
what these high profile people are involved with, and do. Nevertheless, I guarantee it; this is 
the true extent and prevalence of evil in our world. 
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Their public personas, and public images is well managed by their PR teams, and therefore 
for the average person it is difficult to imagine these people in any other way but “positive”; 
but these people behind closed doors are the most evil, sick and twisted people I have ever 
had the misfortune of encountering. It is also difficult to take in what I am saying because I 
am not a public figure, nor do I have the “influence” or public image these people have; the 
general populace have never met, or heard of me, or known who Iam; if this was the case my 
eye witness testimony alone will be enough; however, I do understand that we are dealing 
with highly advanced technologies, thousands of years advanced compared to what the 
general public is accustomed to, and because of this I provide references for the reader; I 
provide references for the reader to have something to corroborate what I am disclosing; and 
I provide references for the reader to see past the illusions these people have created. 


Moreover, as “Consciousness Science Kept Hidden” demonstrates (YesEthan 2013): 
remember that it is the heart and not the brain which is the most powerful centre in the body, 
the heart is the most intelligent; it has the ability to receive precognition and intuition about a 
future event, before it actually occurs, therefore if you find that your heart is in resonance 
with the names mentioned; do not fight it with the ego of the mind; when our egos get in the 
way it overrides our heart’s intuition; your heart is capable of discerning the truth of an event 
before your brain becomes conscious of it; by all means listen to your heart, and allow your 
brain to naturally develop its intuition. It will be the coherence between your heart first, and 
then your mind centre which will allow you to access your intuition. 


The references I provide for the reader to corroborate what I am about to say includes: 
“Appeal from Survivors of Canadian Genocide” (inifiniLor 2013); Tila Tequila —“Missing 
Children and Cloning Centres” (Astral 7ight 20131); “Royal Babylon by Heathcote Williams” 
(MrCowshedder 2012); and “THIS MOVIE WILL BLOW YOUR F%SNG MIND” 
(Kafka W instonWorld 2014). 


Watch all the above videos and you will easily see all that I disclose. In Appeal from 
Survivors of Canadian Genocide interview (inifiniLor 2013): Listen to the indigenous people 
Stee-mas and Wahtsek speak about the pain and torment they have suffered under the Crown, 
the Vatican, the government, and churches of Canada. 50,000 to 150,000 indigenous children 
have gone missing because of the involvement of the Crown, the Vatican, the government, 
and the churches of Canada; and all these factions involved know this! 


Tila Tequila is a television personality who has attended the cloning centres as a REM driven 
clone since childhood. In Tila Tequila’s radio phone in (Astral 7ight 20131), the audio is not 
very Clear for the majority of her disclosure; she was also frightened and therefore she sounds 
most animated; however her words are clear at the following points of the audio (I also 
provide a transcript in the appendices section: “Appendix A”’): 


4.00 min: Cloning Centres and they take your children... 

4.25 min: —There are these CLONING CENTRES —I’m not even talking about child 
molestation here... 

5.40 min —They take your children —-they not only molest them; men f*** them; and make 
them shoot each other... 

7.59 min- There is a point where you cannot just turn the other way, you know this stuff is 
going onand you go ‘oh well, youknow... that’s their problem; let’s just turn the other cheek. 
How long are you going to turn the other cheek until it happens to your own freaking 
children? 
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10.34 min - Do you know why they love children? Because they are innocent souls; they are 
mnocent... they are the most innocent, pure beings in this planet. They are not harmed by 
anything. They are new to the world; bright-eyed, pure innocent children. That is why these 
disgusting paedophile... and these clone rings, cloning centres, satanic rituals, Brownsville 
Texas... there are many of the of the cloning centres where they take your children that go 
missing. 


Royal Babylon by Heathcote Williams (MrCowshedder 2012) addresses the fact that for 
Brits, despite their mordinate pride about their tradition, it is often revealed they know little 
about it than anyone. The documentary then goes on to address the fact that Prince Phillip the 
Duke of Edinburgh, has a lust for blood-sports which includes shooting endangered wildlife 
and mammals which he considers ‘culling’. The documentary is also notable for 
demonstrating to the viewer that Queen Elizabeth II redistributed as much as 2.1 million for 
her private income from 276 people from Merseyside and Lancashire. These people had no 
will, so their property was grabbed. The same is true for the Duchy of Cornwall. If you die 
without making a will, everything you possess will go to Prince Charles. Furthermore, 
Queen Elizabeth II is the largest land owner on earth. Queen Elizabeth II: head of state of the 
United Kingdom, and 31 other states and territories is the legal owner of about 6600 million 
acres of land; one six of the earth’s non ocean surface. She is the only person on earth who 
owns whole countries, and who owns countries that are not her own domestic territory. This 
land ownership is separate from her role as head of state; is different from other monarchies 
where no such claim is made —Norway, Belgium, Denmark etc. The value of her land holding 
is £17,600,000,000,000 (17.6 trillion Pounds) (approximately)). 


In “THIS MOVIE WILL BLOW YOUR F%SNG MIND” (KafkaWinstonWorld 2014), 
readers with a deeper knowledge of the Illuminati and the agenda of the Illuminati will easily 
spot the minor inaccuracies in the documentary. However, the documentary provides a good 
reference and foundation for anyone new to the topic of the Illuminati and their agendas for 
the world. The documentary demonstrates how the world is currently a deception within a 
deception coated in reverse psychology. It gives widespread insight into the Royal family of 
England, and their lineage. 


Furthermore, the documentary provides information that the world’s most popular religions 
have been infiltrated with Hluminati dogma, in secret. The documentary details how (some) 
modern Christians, Jews, and Muslims do not (yet) recognise their common enemy because 
that enemy is invisible (until now). The enemy hides within their own religions. The enemy 
also hides within the activist community (anti- Illuminati movements), it finances big budget 
documentaries and movements. The end game is to sell a divisive (creating strong 
disagreement), anti-capitalistic, atheistic message and deliver trusting followers right into the 
lap of a communist (one government) New World Order. The enemy is the Illuminati. 


The documentary also details that: “Today, the bloodlines of this unholy alliance are on the 
final stages of establishing one world religion, one world government, and one world ruler [-- 
that is IF, the good people of this world do nothing to stop them]. The Windsor Royals are at 
the control of this web of deceit. It is a known fact that Adam Weishaupt (the founder of the 
Illuminati) took refuge and got assistance from the German Saxe-Coburg Gotha Royal 
family. The Saxe-Coburg Gotha’s changed their German name to Windsor (in 1917). The 
Windsor’s public image is a facade, to hide the cesspool from which they operate behind the 
scenes; their power and control cascades out of Buckingham Palace to the elite bloodlines 
who run world affairs.” 
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For anyone who thinks they know they Royal family of England, did you know that still to 
this day: they have a person appointed called “Groom of the Stool”? What is a “Groom of the 
stool”, you may ask? A Groom of the stool is responsible for stools. The kind you sit on and 
the kind youexpel. In other words a Groom of the stool wipes Royal bottoms. The above has 
been confirmed to me by Prince Charles of Wales himself as REM driven clones at the 
cloning centre, and I quote: “It gives youthe feeling of being completely taken care of’ when 
I asked Prince Charles (as a REM driven clone) why they still have that. But don’t just take 
my word for this; research “Groom of the stool”. 


The Royal Family of England 


As most of readers have already guessed; and as unbelievable as it may currently sound to 
some readers, the ring leaders of these cloning centres includes the royal family of England. 
As I’ve said REM driven cloning started as far back as 1945, and it was just a political thing, 
but Queen Elizabeth II has been involved with REM driven cloning since its inception! Yes! 
Queen Elizabeth II; Phillip, Duke of Edinburgh and Prince Charles of Wales are the worst of 
them. They are unbelievable depraved perverts all showing off to the celebrities who attend 
these REM driven clone gatherings. Elizabeth has the REM sleep driven cloned children at 
the cloning centre call her “Lilli-bet” and Elizabeth as a REM driven clone herself does 
ungodly things to these REM driven cloned children. Some she fakes being nice to; some she 
is terrible to; and as a REM sleep driven clone Elizabeth cuts these REM driven clone 
children with swords while they scream. The decent people at these cloning centres who have 
had their consciousness transferred into their duplicate REM driven clones, and are there 
against their will, like I am; they are terrified to say anything against Elizabeth and her 
cronies. Most of these decent people also have their children’s consciousness transferred into 
their REM driven duplicate clones, and Elizabeth and her cronies hold these decent peoples’ 
children as hostage; to be torn apart; clone death after clone death if they have the slightest 
inkling of informing anyone, but as Elizabeth and her cohort have been torturing me as REM 
driven sleep clones anyway, I will disclose all that they do. 


Vladimir Putin is also there, as an REM driven clone, and he loves to put the fear of torture 
and death into people, but he is essentially a perverted coward himself. Most of the famous 
people who attended the cloning centre as REM driven clones are ashamed to speak or be 
seen by me there very much; because they are ashamed of the perverse and disgusting 
gatherings. I am a decent person, even when my consciousness is transferred to my REM 
duplicate clone alternative, and I will not participate in these depraved acts; so they use me as 
an example and torture me for being a good person. They have drugged my REM driven 
clone, and as I’ve mentioned because consciousness transfer is real (Ehrsson 2013) and 
because consciousness is linked, therefore everything feels “real as real”; when I’m drugged 
as a REM driven clone, I behave exactly as any person would on hard drugs (although I have 
never taken any drugs in my original body); my vision is blurry and my balance affected; 
they have used this as method of having me do disgusting things in a blurred state, 
videotaping these dirty acts and editing a highlight reel which also depicts me doing 
disgusting things to show to the world when the world learns of their depraved natures and 
their public personas are shattered so that I can be despised as much as they will be when the 
entire world learns about this. Furthermore, because of the microchip inserted in my REM 
driven clone; they mind controlled me like a “Manchurian Candidate” (The Manchurian 
Candidate 2004) using MK Ultra technology, which is far more advanced than the 
declassified MK Ultra techniques (MK Ultra Compendium 1980) mentioned online today 
which references MK Ultra techniques in the 1970s. See Rense (2001) for a detailed 
explanation of how implanted microchips work, and how these chips allow the programmer 
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control victims. C.S.LS Canadian intelligence are all involved; they have REM driven clones 
too; including a lot of Commissionaires and Canadian Prime Minister Steven Harper himself; 
They do what Elizabeth says, and seem to follow her every whim without question. It 
doesn’t matter who you are; if you have a cute child, or a talented child with imagination, 
creativity and moneymaking potential (such as business smarts; song making ability; literary / 
oratory ability etc. -you name it so long as your child has moneymaking value to them) they 
will send for the blood record of your child; agitate the blood cells over and over until a 
duplicate clone of your child is grown; they will then transfer your child’s duplicate clone 
body from the tank they were grown onto a steel rack; the steel racks contain 5 rows and each 
row holds a duplicate cloned body; once your child goes to sleep in his or her original body 
and once they enter REM sleep (90 minutes to 110 minutes after they first fall asleep) the 
Illuminati are alerted to this fact by a green light above your child’s duplicate clone at the 
cloning centre and they then transfer your child’s consciousness to the REM driven duplicate 
clone; this is the point where the prime evils molest your children; and so your children are 
being molested in their sleep as REM driven clones and then they suppress the child’s 
memory or implant false memories (see Kim (2013) and Alford (2015) —on how false 
memories can be implanted) so your children wake up not remembering dreams from the 
previous night, or if they do remember anything, the memory is false. These depraved acts 
very much stunt children’s development; it causes them to have learning disabilities; 
unexplained depression; loneliness; suicidal thoughts, and all kinds of side effects. 


The cloning centre is a paedophiles paradise and it must be stopped! Elizabeth secretly owes 
a few music companies too (Universal and others) with bands under contract; she forces me 
under a knife to compose music for them; if I can’t she will stab my REM driven clone; burn 
my REM driven clone and have her pervert thugs smash my REM driven clone body there. 
As Ehrsson (2013) demonstrated, because consciousness is linked; and consciousness transfer 
leads the person who has had their consciousness transferred to still perceive reality as “real 
as real” in the new body; I have the same biological and physiological responses as I would 
have if these attacks were occurring to my original body. This has caused me to have heart 
damage and severe debilitating headaches. Because my memories were released to me; I can 
now also remember all my past REM driven clone memories since age 5; as well as the 
previous night’s REM driven cloned memories (when I have my consciousness transferred to 
the cloning centre) which causes severe stress to my mental psyche and mental well being. 


As unbelievable as the above statement sounds regarding Elizabeth’s ownership of music 
companies, just go and listen to the song “Abadon” performed by Boondox (RainmanJhof 
2011) on YouTube. There are two “Abadon” versions; the version you seek can be found in 
the Reference section uploaded by RainmanJhof (2011); skip to 2:46 min (or listen to the 
whole song; pay particular attention at 2:46 min) and you will hear loud and clearly, 
Elizabeth say “Drop the mother f****ing base”. That is Elizabeth’s voice; you can compare it 
to any of her Christmas speeches. That is her. Elizabeth said the above as a REM driven 
clone at the cloning centre. I know. I was there. They got so confident, that nobody would 
ever find out about their REM driven cloning shenanigans, that they even had me sing ona 
song I produced: “Where’d You Go” -—Fort Minor (Murdok Dubstep Remix) 
(MurdokDubstep 2010), available on YouTube. Tila Tequila and I sing on this remixed track 
as REM driven clones (MurdokDubstep 2010); I start to sing from 1:44 min onwards. You 
can compare the voice you hear in the song with the Vinny Eastwood interview (Vincent 
Eastwood 2013). That is me, in both cases, and that song was recorded at the cloning centre. 
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One good person at the cloning centre; Bernie Mac (also as an REM clone version of 
himself); who was an actor and comedian, tried to stand up for me and speak up for me 
saying ‘Cloning and torturing people here, it’s not right to do to a human being...’ and “This 
place is the devil’... Bernie Mac also tried to have others join him in speaking out against the 
REM driven clone torture zone while he was having his consciousness transferred to his 
REM clone driven version. Elizabeth and Philip tortured him for 4 to 5 hours continuously at 
the cloning centre as an example of their ‘power’, Bernie Mac had an aneurysm (brain bleed) 
the next day and died. This is one of the aspects about REM driven clone torture: if you 
torture a REM driven clone continuously for hours on end, you will cause the person to die in 
their original body from a heart attack or aneurysm (while they sleep); even if they do 
manage to wake up the next day; because of the constant pain their consciousness has 
recorded; and because consciousness is linked they will wake up only to have a heart attack 
or aneurysm in their original bodies the following day. If you apply a constantly electrical 
current to a REM driven clone, that person will either have a heart attack or die from 
aneurysm in their original bodies while they sleep. 


This form of murder is similar to the CIA’s heart attack gun (Non Mirage Truth Vision 
2015); which was declassified in the 1970s and was a weapon used for causing heart attacks 
in victims, undetectable as the cause of heart attack under autopsy. The difference with REM 
driven clone death as a form of weaponry is that hardly anyone has heard of death by REM 
driven clone torture. Moreover, the perpetrator can be thousands of miles away from the 
victim; the culprit just needs a duplicate REM driven clone of the victim to torture or apply a 
constant electrical current to; this is exactly what is going on in our world every day. When 
Elizabeth and Philip don’t like someone and they want to get rid of that person, they clone 
that person; torture his or her REM driven clone till that person has a heart attack or 
aneurysm in their original body and dies. 


This is what Elizabeth and Duke Phillip did to the indigenous people in Canada. The video 
reference (inifiniLor 2013) provided above, regarding the genocide of the indigenous people 
of Canada discusses this very topic (inifiniLor 2013). As Elizabeth and Duke Phillip visited 
Canada as clones, when they killed the native children; they both had solid alibis of being in 
England at the time. They then cloned all the witnesses of the Canadian missing children’s 
case and had them remotely killed by applying constant electric currents to their REM driven 
clones; one by one and each witness either died of a heart attack or aneurysm. They just 
dispatched the last witness by also applying a constant electric current to the persons REM 
driven clone because the missing children’s case was building momentum. 


After Bernie Mac’s death everyone is afraid to speak up; they all became afraid of suffering 
the same fate. All it will take is a few lie detector tests from an independent source; and I will 
volunteer for them; they cover up for themselves so carefully that lie detector tests from an 
independent source unconnected to them in anyway will be the only viable method. I know 
many know non- famous people who have also attended these clone centre gatherings as their 
REM driven clone duplicate versions and also remember the clone gathering experiences in 
their original bodies (because they were not memory suppressed) that could be given lie 
detector tests to prove this. When it comes to the sexual exploitation of a child, lie detectors 
are admissible in Canadian courts. I need decent people with integrity to speak about this 
filthy business; to testify about who is involved. There is much to tell about the Illuminati and 
Tama wealth of information about this topic. 
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-RJ45 plug 





Elizabeth also had Princess Dianna Spencer killed by having someone shine the brightest 
light known to mankind through the window side on her car; they served away to avoid the 
light and hit the divider; it was no paparazzi. I first wrote about this in my original disclosure 
in 2011; this was corroborated by an article 2 years AFTER I had made my original 
disclosure. See Radar Online (2013) for the corroborating article. Furthermore, “Candle in 
the wind” performed by Elton John (SadSongs4You 2010) was not Dianna’s “death song’; it 
was “Bigger than us” performed by “White Lies” (WhiteLiesVevo 2010). The Illuminati 
released this song, deliberately, 13 years after Dianna’s death, again as a show of their 
‘power’. I did not want to compose this song but Elizabeth and her thugs threatened to stab 
and burn my REM driven clone repeatedly if I did not. Listen to the lyrics. I'll provide some 
of the lyrics here for those of you who are feeling too shocked by these revelations: 


White Lies Lyrics “Bigger than us” 


You took the tunnel route home. 

You've never taken that way with me before. 
Did you feela need for change? 

Apologies on your fingernails, 

Love flickered in the city of lights 

Like internet and radio waves. 


I don’t need your tears 
I don’t want your love 
I’ve just got to get home 


And I feel like I'm breaking up 
But I wanted to stay. 
Headlights on the hillside 
Don't take me this way. 

I don't want you to hold me 

I want you to pray, 

‘cause it's bigger than us. 


Are you beginning to see why these people must be stopped and stopped immediately? Are 
you beginning to see why it is no longer okay to ‘turn a blind eye’ or “bury your head in the 
sand’, and hope it all goes away? Can you see why I need the good people of this world to 
keep sharing this disclosure (online); to tell your friends and family until this information 
reaches the armed forces so that the armed forces can bring these people to their knees. I also 
do not want innocent civilians to get hurt despite the monstrosities these people cause to 
humanity ona daily basis. I want the overthrow to progress smoothly so that the good people 
of the earth can inherit the world, with all technologies and medical advancements which 
benefit mankind, made available to all. This is why I maintain my composure and resolve, in 
spite of the evil I see on a daily basis, and you the reader must also maintain your composure 
and resolve in spite of the evil which I am disclosing, so that we do not inherit a torn down 
world after we have completely overthrown these malevolent, sinister and corrupt hypocrites! 
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Furthermore, Diana survived the car crash; and while, either on her way to hospital or in 
hospital, Dianna was injected with a high concentration of salt, which is near undetectable in 
an autopsy and she died. Elizabeth did this because Diana was going to marry an Arab named 
Dodi Fayed. The Illuminati hate Arabs because for the most part, Arabs have not broken their 
relationship with God. Dianna hated her association with these people; Dianna knew about 
REM driven, sleep cloning and wanted nothing to do with it; but she was afraid of being 
killed and so said nothing. I know a lot about this and many more deplorable things the 
Illuminati have done over the course of 34 years and I will be more than happy to reveal all 
the evil they have done; as well as all the wonderful discoveries and progresses they have 
made in medicine, science and technology, which they have withheld from the general public. 
Iam very happy to disclose all, because I known once the world learns of all they have done, 
we truly will begin to see the end of such evil on this planet. Just make sure you keep 
spreading this disclosure and it reaches the armed forces soon. Soon, soon, soon! 


Help Donald Marshall by Sharing this Disclosure with Y our Close Friends 
and Family 


If you are reading this, then you have to help me. I know some of you may be reading this 
thinking, but I am just an ordinary man or woman Donald, I know you are telling the truth; I 
can feel it in my heart and my head that what you say is true and that you are telling the truth 
(which I promise you, with my right hand to God I am) but I’m just an ordinary man / woman 
Donald; I don’t have any power; I don’t have any influence; or because of the position I am 
currently in I can’t speak out against these people; and I am just an ordinary man / woman I 
cannot be expected to take on the world’s problems. You are right if you are thinking and 
feeling this, and I do not expect or want you to take on the world’s problems. All I want you 
to do is share this information with close friends and family initially, because when you do 
that, at least that is one more person who will know about the true extent of evil in this world. 
When your close friend or family member also shares my disclosure with another close 
friend, the disclosure will eventually spread exponentially. It will also be one more person 
who has your well being in their thoughts because I understand how scary it is to know this. 
Therefore remember there is safety in numbers; and the more people you tell in your social 
circle, the more you can all look out for each other. So feel free to share my disclosure with 
close friends and family. Do not talk about my disclosure in public (for now) if it makes you 
feel uncomfortable. Moreover, if you want to reach more people (other than your initial social 
circle) the best way, is to do it online: through social media, such as Facebook, Twitter, and 
YouTube etc. As I’ve already mentioned, the Illuminati controls all forms of media except 
the internet. 


The Illuminati, being so ‘confident’ at the time with the evil they wield onto the world, put 
my face on a Megadeth album cover titled The World Needs a Hero (2001) (to mock me) 
when I was 23. I posed for this album cover at the cloning centre when I was 23, and the 
album was released with a picture of my face, as a REM driven clone, 3 years later when I 
was 26. They did this because they were extremely confident that nothing would ever be 
proven. Google image it, although I am 39 now, you can still tell that it is me. The image 
shows what I end up looking like after an REM driven clone gathering with a skeleton 
popping out from my chest. I understand most of you are going to continue reading because 
although it is “liberating”, it is also “paralysing” at the same time (Laurence Mountford) to 
realise what the truth of the world is, so I will display two images below, but promise 
yourself, that you will Google search this image in your spare time. 
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Image 3: Megadeth Album Cover: The World Needs a Hero (2001) 





On Giecgadeth's "The Werld 
Bere" Album Gever 











Image 4: My original body: top left (age 37) and bottom right (age 37); 
compared to my 23 year old REM driven duplicate clone body (top right and bottom left) 
at the cloning centre. 
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You can clearly see from the images that, it is in fact me. In Image 4, you can also compare 
what my real body (top left and bottom right) looks like compared to my duplicate clone 
body. Duplicate clones do not come out of the tank looking 100% like the original; it’s 99% - 
there are always some slight variations as some have commented that the eyebrows and nose 
in the picture, bottom right, is not the same (as the duplicate clone on the album cover). 
However, to people who make such comments, I say: my eyebrows and nose is the same 
when you compare it to the pictures of my original body (top left and bottom right). Also, 
remember that the image on the album cover is a duplicate REM driven clone of me. REM 
duplicate clones do not come out of the tank looking 100% like the original. There are always 
slight variations; but the wrinkles on my 37 year old forehead (when I took the picture in my 
original body; top left and bottom right) is similar to my 23 year old wrinkles, the lips are the 
same; and the face which you see, is definitely, the same! Yes. REM duplicate cloning is real; 
going to sleep and waking up as a cloned version of version of you is real and we must put a 
stop to it now! 


The Deplorable Nature of the Iluminati 


My own family has been turned against me one by one. The Illuminati have told my family 
members when they were REM driven clones at the cloning centre, things such as I secretly 
hit or molested their children; poisoned their pets when the pets died of sickness and other 
such things to make my own family hate me and not want to help me. Even when my family 
side with me there at the cloning centre, as REM driven clones of themselves; and my family 
members say “They do not believe that Donny did all those horrid things’ -which they have 
been told; Elizabeth then says “Are you cooling me a liyah?!” in her dis gusting croaking 
voice made as low as low and evil sounding as she can make it, complete with psychotic and 
malevolent glare; and as terrified REM drivenclones my family say “No, no, of course [what 
you are saying] it’s true”, stuttering and afraid as REM clones. My mother Catherine 
McMahon sold me into this REM driven sex and torture cloning slavery when she remarried 
a man named Gordon Cohoon; Gordon’s whole family is in this scummy secret society, his 
brothers Tom and Tony Cohoon; his sisters Darlene and Bernadette Cohoon; they fear the 
new and improved lie detector tests; and all it would take, is for an independent source, far, 
far removed from any association with the Illuminati to administer these lie detector tests on 
me AND the above named people to prove this unequivocally. 


Half way through the making of my original disclosure document (in 2011), when I went to 
Sleep that evening, the Illuminati transferred my consciousness to my REM driven clone and 
introduced me to a man (who was also a REM driven clone) named TROY LANDRY. He is 
an alligator trapper from Louisiana on the TV program named “Swamp People”. Troy Landry 
said “If I send my [original] disclosure out to the public then he would take a power drill to 
my shin bone at the cloning centre and suck the marrow ftom my [REM driven clone’s] 
bones.” It is similar to spinal tap, and one of the WORST things you can do to a REM driven 
clone besides burning a REM driven clone. I told Troy that I will be sending out my 
disclosure to the public, because I have to escape the cloning centre, and so, Troy Landry did 
just that. It was excruciatingly painful; all the REM driven clones that were sat in the stands 
of the arena just watched; slack-jawed. Troy Landry is an insatiable child molester and an 
extra retarded REM driven clone. A side effect of REM driven cloning is that as a REM 
driven clone version of yourself, your emotions are heightened and you are less smart as you 
are when you are experiencing the world in your original body. Nevertheless, Troy Landry is 
extra retarded as a REM driven clone. 
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In Louisiana, when Troy sees a young boy that he likes, Troy asks of the boy’s name and tells 
the boy “He is an alligator hunter”; Troy then proceeds to shake the boy’s hand; Troy then 
has his paedophile friends at the local cloning centre find the boy’s blood records to grow 
duplicate clones of the boy. Five months later, there are multiple REM driven duplicate clone 
bodies of the boy grown for Troy Landry to victimise before the crowd of onlookers. All 
members of the Illuminati do this; it’s just a way of life to them; they consider themselves 
‘the privileged people’ in the world power organisation. Almost all the cast on the “Swamp 
People” television program attended the cloning centre as REM driven duplicate clones of 
themselves, when they go to sleep. After putting a power drill to my shin bone, Troy Landry 
asked me again, “Will I send my [original] disclosure out?” I said “Yes” to which he replied 
‘1’ ll do the same to your pelvic bone everyday!” The pain on my pelvic bone was far worse 
than when Troy put the power drill to my REM driven clone shin bone. I told Troy “I have no 
choice but to inform the public” — and so Troy put a power drill to my REM driven pelvic 
bone, everyday... and it is the worst pain ever... you forget your own name; where you are; all 
you know is pain; and you beg God or anything to save you from it... 


Another deplorable thing which the Illuminati did in real life is: The Canadian government 
were trying to lower the amount of prostitutes on the streets (Elizabeth hates prostitutes) so 
they had a man named Robert Pickton start killing the women and feeding the women to pigs 
on his farm. The Illuminati had a camera set up in the upper corner of a room in Pickton’s 
house and recorded Pickton hitting these women over the head with a hammer (a ball-peen 
hammer). They took the recordings, all 49 of these murders, and they all watch them at the 
cloning centre. To be seen as ‘tough’ at the cloning centre is to watch all 49 of the Pickton 
murders without having it affect your psyche. Elizabeth loves watching the Pickton murders 
and she says she has a macabre fascination with death. Canadian Prime minster Steven 
Harper knows all about the conduct of the Pickton murders; he has seen all the recordings and 
cheers on as the rest of them do. If Mr. Pickton says anything about his involvement with the 
Illuminati, or the recordings, they will apply a constant electrical current to his REM driven 
clone until Pickton has a heart attack or aneurysm in his original body. 


What Happened to Britney Spears? 

The Pickton murders are also the reason Britney Spears ‘lost it? and shaved her head bald. 
She had watched too many Pickton murders as a REM driven clone at the cloning centre and 
it drove her ‘over the edge’. I'll also reference the following songs performed by Britney 
Spears so that the reader has more corroborating evidence to add to the ever increasing pile. 
Search for the video “Break the Ice” (BritneySpearsVevo 2009) on YouTube. In the 
Japanimation video; at the beginning of the video; that is a cloned cartoon version of Britney 
Spears being grown in a big thick thank full of water (1 second to 7 seconds); and at 1:32 min 
to 1:43 min Britney walks into the cloning centre. This is EXACTLY how the cloning tubes 
are in real life. They are stacked one on top of the other, each filled with salty water. Britney 
Spears made this video because she said a fantasy of hers is to “Blow up a cloning centre”. 
The Illuminati allowed her to release this video because at the time they figured nobody 
would ever figure it out. I have provided the images on the next page. 
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Image 5: Britney Spears is being grown as a duplicate clone in a cloning tube. The depiction is 
EXACTLY how the duplicate clones are grown in the Cloning Centre... with wires extending from the 
body; in a big thick tank full of salty water. 





Image 6: Britney S pears walks into the cloning centre. The cloning tubes are stacked one on top of 
another. This is EXACTLY how these cloning tubes are in real life at the Cloning Centre. 





Image 7: The Cloning Centre depicted from an aerial view. 
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In “Hold it Against Me” (BritneySpearsVevo 2011) performed by Britney Spears; Britney is 
depicted fighting against her clone at 2:46 min till the end of the video. In “Mona Lisa” 
(SimpleGirHewer 2007) later remade by Britney Spears she changed the words in the song 
from “gone” to “cloned”. I'll provide the lyrics to chorus here because they have not changed 
iton A-Z lyrics etc., but listen to the song and you will clearly hear the following: 


Britney Spears Lyrics “Mona Lisa” 


She’s the original (yeah, yeah) 
She’s unforgettable (yeah yeah) 
She wants you to know (yeah) 
She’s been cloned... 

It’s kind of incredible (yeah yeah) 
She’s so unpredictable (yeah yeah) 
She wants you to know (yeah) 
She’s been cloned, 

She’s been cloned, 

She’s been cloned... 


Yes. Britney Spears and many other celebrities want you to know they have been cloned. The 
celebrities are depending on you, the ordinary man / woman; the populace, as I am depending 
on you to spread this message fast and far. In fact Elizabeth has said that “If any public 
person speaks out, they will die!” Therefore, public figures cannot openly discuss this topic to 
warn the populace —so they hint. It is NOW up to the ordinary man and woman to end this. 
Furthermore, Elizabeth has a nuclear bomb hooked up at the cloning centre which she can 
press at any time to wreck havoc on the world unsuspectingly. Thankfully, I managed to 
convince Elizabeth not to do such a silly thing. I hope you can now understand why everyone 
is terrified of Elizabeth at the cloning centre, and why this is a world emergency and we are 
depending on you to share and spread my disclosure! 


NEVER EVER SELL YOUR SOUL 


In This Physical World Selling Your Soul Is Selling Your REM Driven Clone 


Furthermore I must discuss an entrapment many up and coming ‘stars’ fall into. You have 
most likely heard many public figures say “I sold my soul to the devil” or some variation of 
“I sold my soul”. I am now going to address the aspect of “selling souls” or “selling your 
soul” which Iam sure you have heard many of these celebrities talk about. I’Il address this as 
coherently as I can because the on the surface selling your soul talk is difficult to contemplate 
especially if you consider the soul to be a metaphysical, ethereal or mystical part separate 
from your earth body. Moreover, we live ina physical world, so selling a metaphysical aspect 
of you sounds incomprehensible (at first). For the most part we have little understanding of 
what the soul is. However, we are told that the soul is a part of us which never dies and it 1s 
eternal. It is all that we are, ever were, and ever will be. Now our faiths and beliefs come into 
question, because if you are an atheist: there is no God, selling your soul is a bunch of crazy 
nonsense. 
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From a practical perspective it also seems difficult to fathom, because if you go on what you 
have been told, you are selling an intangible part of yourself to be used by someone else for 
whatever they wish; and so if you get into the headspace of viewing your soul as something 
separate from you or that you are in control of your mind and your body, then again, ‘selling 
an intangible aspect of you’ again sounds like nonsense because right now nobody controls 
you; you are controlling you; so what are you really selling? Thin air? 


Many up and coming ‘stars’ think this way when they are confronted with “se Iling their soul” 
aspect. The up and coming ‘stars’ are blinded by the prospect of being super famous and 
super rich; and in the moment they are confronted with “selling their soul” they believe these 
Illuminati people, are a group of over religious zealots and that they, -the up and coming 
‘stars’ are taking advantage of the Illuminati because the ‘soon to be ‘stars’’ do not believe 
(in that moment) it is possible to sell your soul, and only consider being super rich and super 
famous; so the ‘stars’ sign their ‘soul’ over. 


At this point, it is usually too late for the up and coming ‘star’; because what they have 
actually sold, in this physical world, is the use of their REM driven clone to the Illuminati. 
They have sold their REM driven clone to be used for REM driven sex by perverse old men 
and women whenever they enter REM sleep. 


These celebrities are not memory suppressed either; so whenever they enter REM sleep, their 
consciousness is transferred to their REM driven clone, to be used for whatever the [luminati 
wish: usually sex as REM driven clones with dirty and perverse old men in return for a 
promotion in the entertainment industry; such as movie role, advertisements, concert gigs 
etc. It is a very, very, sick business, and once these up and coming ‘stars’ get into the 
business they are trapped. Now you can begin to understand why so many celebrities, 
although on the surface it appears they have it all, are depressed; and do random and crazy 
things. It is a cry for help. Their illogical behaviours, (not all) for the most part, can be 
attributed to REM driven cloning. Furthermore, the Illuminati consider ‘selling your soul’ 
(the use of your REM clone) a very serious business. They do not joke about this; and there 
are NO RETURNS. Once you have sold the use of your REM driven clone for promotions 
etc., that’s it. If you ever make a fuss and want your ‘soul’ back, in other words: you no 
longer wish to have your REM driven clone to be used by dirty old men for sex; the 
Illuminati will kill you by applying a constant electric current to your REM driven clone until 
you have a heart attack or aneurysm in your original body and die. It is as simple as that. 


For example, Whitney Houston wanted nothing to do with the cloning centres, she said she 
would keep quiet; she never wants to be in the spotlight; she never wants to do radio or 
television. Let bygones be bygones, I’ll go my way and you can go your way. The Illuminati 
were extremely angry! They had bank-rolled her, and now she didn’t want to be their ‘friend’ 
or ever associate with them again. She was sacrificed; she was killed with a constant electric 
current to her REM clone. She had sold her soul, in the beginning of her career; in other 
words, the “use of her REM clone”. Earlier in Whitney Houston’s career, she had signed that 
they can use her REM driven clone however they wish. 
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I have also seen people say “No” —when confronted with ‘selling their souls’. These people 
are then memory suppressed, and will not remember the proposal of their REM driven 
experience. The people who also refuse to sell the use of their REM driven clone (‘sell their 
souls’) are blacklisted secretly, and they will never receive a high paying movie role, concert 
gig, advertisements etc. If you have ever wondered why so many talented people have not 
‘made it’ —they refused to sell their souls, in other words, the use of their REM driven clones 
in exchange for promotions. This is how the entertainment industry really works. Another 
aspect of selling your soul, in other words, selling your REM driven clone is that you are 
also agreeing to sell your children, and your children’s children etc.; your whole lineage to 
the Hluminati; for the Hluminati to use your unborn children for paedophilia, torture, sex 
sports and other grotesque and ungodly things when they sleep. It is a nasty business. 
NEVER EVER sell your soul. 


The lesson is very important. NEVER EVER, ‘sell your soul’; NEVER, EVER! You will 
experience the worst nightmare situation ever, and in this physical world, that is the use of 
your REM driven clone to be used for sex sports. You’ ll never have a decent night’s sleep 
ever again, and you will always retain the full memory of your REM driven clone 
experiences; as well as, you will be selling your unborn children into this dirty business. 
Even when confronted with this as a joke: never sell your soul. Never Ever! The physical 
aspect you are confronted with when asked to ‘sell your soul’ is: “YOU”, and everything 
which makes you, “you”; your ideas, your creativity, your privacy, your biology; everything 
which makes you, you. Never sell your soul, which in this life is currently the use of your 
REM driven clone! Never, ever! I hope that is well received. 


Fake Alien Abductions conducted through REM Driven Cloning Technology 


I must add they grow duplicate REM driven clones of people from all walks of life and then 
they transfer the persons consciousness to their REM driven clone version at the cloning 
centre while the person’s REM driven duplicate clone is chained down to stainless steel 
corpse tables; or they pre-inject the REM driven duplicate clones with drugs before 
transferring the consciousness so that once the consciousness has been transferred, the REM 
driven clone cannot move. This is the point when they usually send people into the room 
dressed as aliens. It is a fake alien abduction. It’s just these Illuminati people dressed in 
Hollywood quality accessories and they make the REM driven duplicate clones which have 
either been chained to the steel corpse tables or pre-injected with drugs, believe they are 
having an ‘alien abduction’. Members of the Illuminati even dye chicken skin grey, and 
stretch it over a mask for realism and perform “experiments” on the immobile REM driven 
clones; the perverts anally probe them; they rape their limb bodies and do not suppress the 
victims memories; so these victims wake up thinking they have been abducted by aliens but 
in reality, they had their consciousness transferred to their duplicate clone versions when they 
entered REM sleep and they were violated. The victims do not know where to turn and 
naturally, they are embarrassed. Some victims even try and do install cameras all around their 
bedrooms in order to videotape themselves while they sleep; to prove they have been ‘taken’; 
but to no avail they have not been taken; they have been cloned and had their consciousness 
transferred to their REM driven duplicate copies once they enter REM sleep by the most 
disgusting perverts in the world. The scum even videotape these ‘abductions’ to watch later 
as sick demented porn. These fake abductions are conducted by the Illuminati more often 
than you can imagine. They just keep doing it to random people over and over and overt... 
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Tam THE Spy for Humanity against the Corruption of the Illuminat 


Over the years the Illuminati have offered me: a priceless katana (Samurai sword); a rigged 
jackpot winning lottery ticket; REM drivenclone slaves to keep me quiet, any of the prettiest 
women I’ve ever seen; any girl from high school; Vladimir Putin’s daughter; even children; I 
do the right thing and spit in their REM driven clone faces; jam my fingers into their eyes but 
they have the technology to turn off the pain sensors of a REM driven clone, and therefore 
they have their pain receptors turned off as REM clones, while my pain receptors are fully on 
(sometimes even beyond the threshold of what is normal pain for a human). See the online 
articles: Science Daily (2014) and RT (2014) which discuss how pain receptors can be turned 
on and off in humans. Not much will hurt their REM driven clones other than getting dirt or 
vomit in a wound or bleeding too much. However, they have perfected the science and 
technology of REM driven cloning and therefore it only takes time and approximately $30 to 
grow new duplicate clone bodies. I started to smear excrement in their faces as a REM driven 
clone at the cloning centre in an attempt to deter them; I have never handled faeces in my 
original body, but I do this as a REM driven clone at the cloning centre, and even that does 
not deter them from their depraved ways. I composed a song which was later performed by 
“One Republic” referring to it called “All the Right Moves” (“All the right friends in all the 
right places... All the right moves in all the right faces"). I’ve made so many songs with MK 
Ultra technology (Rense 2001; Jim Cristea 2009; Berekley News 2011; Mind-Computer 2012 
nature video 2013) and Mind-voice technology (New Scientist 2014; Prigg 2014) it is 
ridiculous. You see it is very easy to make music using Mind-voice technology; Flo-Rida 
used Mind-voice technology to produce the song “Whistle” when I first made my original 
disclosure (in 2011). The song is a taunt at me about my “whistle blowing disclosure” 1.e. 
‘Can Donald blow the whistle? Etc. etc.” The thing is, anyone with a talent for music can 
make music much easier with the technologies which they have (MK ultra technology; Mind- 
voice technology); however, the Illuminati made more money from the music I composed, 
and so over the years, they just kept using me, over and over and over again, for rock, pop, 
rap, country etc. There are so many people involved in this REM driven cloning business, it 
is staggering; the organisation is vast. The only things the Illuminati fear are nuclear war; the 
new and improved lie detector tests and the general populace spreading my DISCLOSURE 
DOCUMENTS. 


For those of you thinking Queen Elizabeth II looks like a kindly little old lady and you still 
cannot believe that all this is true, although I have provided plenty of evidence to the contrary 
as well as evidence of her saying “Drop the mother f***ing base” as a REM driven clone on 
a song track (RainmanJhof 2011); you could not be more wrong. She is the worst human 
being I have ever seen or heard of. It is so sad to see these REM driven women and children 
having their consciousness transferred to their REM driven clone duplicates and brought to 
the centre of the dirt rink, sitting there naked, afraid and crying and raped and beaten for 
sport, for the rich and famous. REM driven cloned women and children display the most 
range of emotions, and it is the saddest thing to see there. Therefore, of course I cannot bring 
myself to be a part of this despite any riches which the Illuminati offer me. 


Over the 31 years when I was having my consciousness transferred to my REM driven clone 
at the cloning centre; Elizabeth, Vladimir and many, many Illuminati members and cloning 
centre attendees discussed many topics with me. These Illuminati people, such as Elizabeth 
and Vladimir, as well as many others confided in me because I had composed songs since I 
was 5 years old. 
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For readers struggling with the idea that a5 year old can compose such wonderful songs at 
such a young age I will remind you that, it is easier to compose songs with technologies such 
as MK Ultra and Mind-voice technology. One is only limited by their imagination and 
creativity. Moreover, research talented children. I won’t provide references of talented 
children here because I want to protect children from the Illuminati, and not have children 
exploited like I was; and for the readers who are parents; | am sure you know how talented, 
creative, and imaginative your children are. 


Accordingly, since the age of 5, Elizabeth, Vladimir and many, others confided me in me 
because they thought I was special, and wanted me to hang with them; some of these 
Illuminati people, I had composed their favourite songs; I was also memory suppressed for 
many years so they thought it was harmless to tell me everything that exists or is possible. 
They were trying to impress me and amaze me, and therefore they showed me plenty of their 
technologies and what they had. They wanted me to me a willing, full Illuminati member; so 
over the years I feigned interest and pretended to like these Illuminati people, so that I could 
learn what they do and how they do it. I was looking for a way to block the consciousness 
transfer to a clone during REM sleep, or hoping they would reveal this part to me; but they 
did not, and I did not find a method to block the consciousness transfer. However, I bided my 
time, until I knew just about everything they do; so that I could reveal to the world everything 
they do; to give humanity a fighting chance against everything they do and as a consequence, 
I became a spy for humanity against the corruption of the Illuminati. 


The Threat to Humanity when the H.A.A.R.P Grid is Complete 

One of the most important topics which they discussed with me that I must add to this 
disclosure is HAARP technology and their plans for HAARP technology. I have discussed 
the basics of HAARP above. HAARP radio transmitters have to be placed at certain points 
across earth to complete a ‘HAARP grid’. Once all the installations are completed over the 
earth HAARP will have more functions as a grid than the basics described. The Illuminati 
have told me, there is a possibility the HAARP grid will be capable of time travel, although 
there is a 50/50 chance using HAARP for time travel could destroy the earth. They also told 
me that once the HAARP installations are completed, the HAARP grid will be able to bend 
space and make the distance between, for example, Earth and Pluto approximately 1000 
miles for a few seconds, and then the distance will go back to normal. 


The Illuminati also said, once the HAARP grid is completed, they would be able to mind 
control people like never before without the use of RFID microchips or MK Ultra. Life on 
earth will be much worse once all the HAARP installations are up and working together in 
unison. The grid has to be complete though. HAARP cannot achieve time travel manipulation 
and mind control if it is just located in one or a few locations around the earth. There must be 
a certain number of HAARP installations around the world, in certain locations around the 
world; and the HAARP radio transmitters must be working in unison in order to achieve time 
travel manipulation and mind control of the populace of earth. 


This is what they told me as REM driven clones at the cloning centre. This disclosure could 
be false, or a half truth. I do not know. However, it is very important that I add this to the 
disclosure because the Illuminati are working twice as fast to complete the HAARP grid to 
achieve their aim of mind control over the entire population since I the time I sent out my 
first disclosure (in 2011). Whether or not they will achieve their aim of total mind control 
once all the HAARP installations are completed is NOT something we can afford to debate. 
They also told me that once the HAARP installations are completed; they will have the 
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capability to mind control anyone remotely like never before, at the push of a button. 
HAARP will also be capable of setting back time; which the Hluminati will use if they are 
ever in danger of being exposed. However, the Illuminati will remember the previous time, 
and the general populace will NOT remember the previous time, so that the Hluminati can 
correct the mistake(s) which led to their downfall. Once the HAARP grid is completed, 
humanity will be slaves forever. This is why we cannot afford to debate. Furthermore, from 
the book “Angels don’t play this HAARP” (Begich & Manning 1997, p. 8), it is estimated 
that the HAARP grid will be completed by approximately 2017; others estimate by the year 
2020. The important thing to note is that humanity does not have long, until the HAARP grid 
is completed. 


I must also add the positive side of HAARP, because as I have said, there is nothing 
inherently evil about technology. Technology is just a tool; it depends on the person using it. 
HAARP used correctly, and in the hands of honest men and women, will tame the weather 
with no adverse effects. Therefore humanity is on a timeline and a deadline to bring the 
Illuminati to an end. HAARP is one of the main reasons, this disclosure must spread, and 
spread fast. 


See below for possible HAARP locations around the earth (Rense 2011). The HAARP sites 
are located globally where the richest mineral belts are located. Sub-surface mineral 
exploration has been done from satellites by radio tomography that is 100% accurate. 
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Image 8: Possible H.A.A.R.P. Locations. Source: Rense (2011) 
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REM Driven Cloning is the Most Terrible Nightmare Situation Ever 
Furthermore, in terms of REM driven cloning; Fefe Dobson (singer) and Kurt Russell (actor) 
told me during my original disclosure (2011) specifically, to include in my disclosure that 
they do not like the cloning centre and they didn’t torture me. Then they said not to mention 
them, but I will mention them again. Mila Kunis (actress) from “That 70s Show” stabbed in 
my REM driven clone body multiple times when I made my original disclosure and I was 
rendered immobile for saying that “She is a slimy scumbag for hanging with these people” 
and for also saying “She has enormous eyeballs and looks like a lemur”. Mila Kunis (as a 
REM driven clone at the cloning centre) then begged me not to mention her (in my original 
disclosure, but I’1l mention her again too) and then Mila Kunis said “She doesn’t want to go 
to the clone zone anyway” and the Illuminati then deactivated her consciousness from her 
REM driven clone body, and she left. Her REM driven clone body went limp at the point 
where her consciousness was deactivated from it; her REM driven clone body looked ‘dead’, 
and she was gone. Some of the privileged people at the cloning centre are allowed NOT to 
have their consciousness transferred to their REM driven, clone duplicate versions (or they 
attend the cloning centre willingly when they want), but not me. I am an imprisoned slave in 
the worst nightmare situation. I told Nicole Leone (Madonna) also a REM driven clone at the 
cloning centre, that I was going to tell everyone that she coerced me to compose songs for her 
throughout my life (as REM driven clones). Nicole Leone (Madonna) told me VERY 
specifically to say in my disclosure here “She is not afraid!” and “No one will believe me and 
nothing will come of this”. I beg you to help me prove her wrong. 


Moreover, having your consciousness transferred to a REM driven clone alternative inhibits 
the person’s ability to dream for that evening. Although your original body is immobile and 
asleep in your bed, when they transfer your consciousness you have actually ‘woken up’ as a 
REM driven clone version of you at a physical location here on earth; therefore you walk and 
talk as a clone version of you. You are not dreaming; you are just a REM driven clone for the 
evening. Furthermore, when the Illuminati restore your memories (as they have with me) or 
do not suppress the memory of your REM driven cloning experience for the evening (such as 
with the fake alien abductions), you will remember the experience as ‘clear as daylight on a 
summer’s day’; the experience is ‘clear as a bell’ as life is in your original body. 


It is unlike dreaming, where dreams are fuzzy, incoherent and with random conjecture. The 
Illuminati know this as a fact, and therefore pre-inject the REM driven clones of random 
unsuspecting civilians for the evening with drugs before they transfer the person’s 
consciousness. They tell the person who has had their consciousness transferred to their REM 
driven clone all sorts of nonsense: such as they are in the 5'" Dimension; the astral plane; a 
singularity; the spiritual realm; Valhalla; quantum hopping etc. and all sorts of fallacies so 
that the person will not have a coherent picture of what has happened or what is happening. 
The truth is that person has had their consciousness transferred to their REM driven duplicate 
clone when they went to sleep and entered REM sleep; thei original body still remains asleep 
in their bed; their consciousness however is now transferred to a clone duplicate alternative, 
and the person is ‘awake’, walking and talking as a cloned version of themselves in a 
physical location. The Illuminati allow some people to retain some of these REM driven 
clone experiences to affect their mental psyche. 
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The physical location where the populace will be able to verify these REM driven clones is 
somewhere within 5/6 hours drive, in a radius of the Robert Pickton farm, Port Coquitlam, 
British Columbia, in Canada, somewhere at a remote nature reserve. This is the cloning 
centre all the rich and famous attend because it is above ground and the rich and famous 
don’t like the ‘hospital smell’ of underground cloning centres. The above ground cloning 
centre located in Canada is the cloning centre I have my consciousness transferred to when I 
Sleep. It is guarded by military personnel. There are many cloning centres all over the world; 
as Phil Schneider (1995; 1996) disclosed as far back as the mid 1990s when he spoke: there 
were 1477 Deep Underground Military Bases (DUMBs) worldwide and 131 active DUMBs 
in the United States alone. Each DUMB costs on average 17 -19 billion U.S. dollars; paid for 
by the taxpayer; and it takes approximately a year-and-a-half to 2 years to build DUMBs with 
sophisticated methods. DUMBs contain cloning floors, and have an entire floor dedicated to 
human cloning, where duplicate clones are grown of unsuspecting civilians (remember they 
just need your blood / DNA); and unsuspecting civilians have their consciousness transferred 
to their REM driven clones at a physical location, which is usually these Deep Underground 
Military Bases when they sleep; unsuspecting civilians are memory suppressed, also to be 
used for gruesome torture and sex sports; as well as the plagiarism of talented individuals. 
Schneider gave the above statistics in the mid 1990s; chances are there are more DUMBS and 
cloning centres worldwide today. 


Are you beginning to understand why this is the worst nightmare situation ever? Can you 
understand how: you, your friends, your family, your brothers, your sisters, aunties, uncles, 
children, work colleagues and anyone else you have contact with in your network, may be 
involved in this REM driven cloning business and will not even be fully aware of the 
situation or remember any experiences which they may have had once they wake up from 
Sleep and they are back in their original bodies? I remember all of the REM driven clone 
experiences as clear as daylight because my memories are fully restored. Can you understand 
why the Illuminati must be stopped and stopped immediately? This REM driven clone 
business is vast, and it affects everyone, not just me. 


This is why I mention that I am fortunate or unfortunate to remember all these experiences 
clearly depending on how you view it. | am unfortunate in the sense that I can recall all the 
depraved things these people do as REM driven cloned duplicates as clear as daylight and it 
affects my mental psyche. However, the fortunate part is: because I can recall all these 
experiences Clearly, I can inform the world about the evil committed against humanity in a 
clear and logical way for the average reader to understand and verify, so that the populace 
can bring these people to justice for the crimes they have perpetrated against humanity and 
continue to inflict on humanity. For anyone who has had their intellectual property stolen by 
the Illuminati as a consequence of the technologies they have used on you unsuspectingly, 
you will be able to sue and regain monetary reward for the theft of intellectual property as 
well as invasion of your privacy. 


I do not want to get too far ahead, because at this present moment, it is very important (I 
cannot say it enough) that this disclosure spreads (this is the stage we are currently at); it 
reaches the armed forces; to enable the armed forces to realise the crimes committed against 
humanity because of these people (the armed forces are kept ‘out of the loop’; they just 
“follow orders’); the armed forces will have to perform a military coup and bring this people 
to their knees. This is the point where the ordinary man / woman can have his REM driven 
cloning experiences restored, (that is if you want to) and sue / rightfully reclaim damages and 
legalreward for any crimes committed against him or her. 
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The Meek Shall Inherit the Earth 


As you can see if everything goes smoothly; the meek shall inherit the earth. This is why you 
must maintain your composure and resolve, as I do every single day. You must not riot or 
cause chaos, damage property or undertake any act which will cause public dissension. The 
good people of this earth are about to inherit the earth; under no circumstance must you 
destroy anything. At the end of this currently dire and complicated situation; humanity will 
inherit the cure for HIV/AIDS, cancer, Alzheimer’s, dementia, you name it —many 
debilitating diseases known to man; and other such wonderful technologies like hypersonic 
trains which run on magnets and are capable of doing Mach 5 (Mach 5 is the equivalent of 
3806 miles per hour or 6125 kilometres per hour; Schneider (1995; 1996) also mentions the 
availability of Mach 5 trains in his disclosure, back in the 1990s). These trains can be used to 
deliver foods which are discarded in More Economically Developed Countries (MEDCs) to 
Less Economically Developed Countries (LEDCs) because these trains can travel thousands 
of miles within minutes. Yes. The Illuminati have all these wonderful technologies and more, 
but withhold it, and in turn withhold the progress of humanity. Yes. Plenty of man’s problems 
can be solved when we address the root causes of our problems, and one of the root causes of 
humanity’s problems is: REM driven human cloning which is currently in the hands of evil 
men. Even REM driven cloning can be used for the benefit of mankind when this tool is in 
the hands of righteous men. It can be used learn new skills in your sleep: such as gain extra 
qualifications; learn how to speak a new language; play instruments etc. —so long as 
memories are not suppressed, you will be able to perform the skills you learned as a REM 
clone in your original body when you wake up. As you see there is nothing wrong with most 
technologies; it all depends on the person / people using it. Nevertheless, although they may 
be beneficial uses to REM driven cloning not yet realised, we must be shut down REM 
cloning before we can even consider how REM driven cloning may benefit mankind, because 
at this present moment all that REM driven human cloning is used for is to commit evil, 
particularly against unsuspecting civilians. 


It is OK to feel angry about all these crimes committed against humanity daily. But do not let 
these evil crimes rule you, in fact, let it motivate you; let it motivate you to the point where 
you will stand up and speak out to ensure that these crimes end. I think about the children 
and the future of the world every day; that is what motivates me and I view my situation as a 
God-given mission to bring these people to justice. I view things this way to maintain my 
sanity and composure. This is what keeps me going despite the extreme evil I experience, and 
it helps me to maintain my resolve and composure. The fact that I do not want a single child 
to grow up ina world, where they are being messed with in their sleep is what keeps me 
going despite this extreme evil. Some children are even kidnapped and brought to the cloning 
centre in their original bodies, again to be messed with. This is the root cause of why so many 
children go missing across the world. I’m sure any rational thinking human being feels the 
same way I do, and does not want their children, or any child to inherit a sick world governed 
by sick individuals. 


I am a baptised Roman Catholic and a God fearing man. I believe there is a Creator of the 
universe but the [luminati tell me there is no God, only science and technology. The 
Illuminati are also responsible for the death of the young beauty pageant girl Jean-Benet 
Ramsay; her parents are in this REM driven cloning business. Casey Anthony’s daughter; as 
well as, Casey Anthony (before she died) AND Casey Anthony’s parents also attend the 
cloning centre as REM driven clones. Many others; a man had his wife killed and this was 
mentioned on the news; it was an Asian woman whose rich husband had killed her; the 
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husband said the wife was responsible for their son’s death. Elizabeth’s response was that 
“Rich people in this organisation (The Illuminati) do not go to jail, they are covered for.” 


Stephen Spielberg and George Lucas are Illuminati members and they willing attend the 
cloning centre as REM driven clones when they sleep. George Lucas made other Illuminati 
members light my REM driven clone body on fire for the end of his movie Star Wars 
Episode III: Revenge of the Sith (2005).George Lucas said (as a REM driven clone) he 
wanted Hayden Christensen “To scream realistically”. Hayden Christensen (also a REM 
driven clone at the cloning centre) watched me, and listened to my screams and groans of 
pain and copied the sounds coming from my burning REM driven clone exactly. Hayden 
Christensen knows he is a REM driven clone when he goes to sleep and Hayden Christensen 
knows his consciousness is transferred when he reaches REM sleep. Hayden Christensen 
knows all about REM driven human cloning, and he is a “privileged” Illuminati member. 
Natalie Portman also knows all there is to know about REM driven human cloning; as does 
approximately a quarter of the “Star Wars” cast. Many directors have attended the cloning 
centre as REM driven clones too, and have used me in a similar role playing situation; they 
have caused me to have excruciating pain as a REM driven clone, to see what kind of squeak 
or screech I will make, as if I were less than a dog; and when I am a bloody mess on the floor 
as a REM driven clone; that is when they usually crawl on my broken REM driven clone 
body and sodomize me saying something like “They love me and they cannot control 
themselves because I made all their favourite songs and I’m so “special”. 


My ribs in my REM driven clone body will be broken, I will have suffered internal bleeding 
and will be crying or screaming, if I am able, but they just continue to sodomize me, and 
videotape such a depraved act of wickedness so that they can view it again like “evil 
porno graphy”. 


The REM driven cloned children, who have their consciousness transferred while they sleep 
at home in bed, in their original bodies, need a familiar face to talk to as REM clones or all 
they do is scream and cry at the cloning centre; that is where Joy Geizer comes in. Joy Geizer 
is married to my half brother from my father’s first marriage; Joy Geizer is a REM driven 
clone girl guide leader, and when the [luminati clone young girls, Joy Geizer speaks to these 
REM driven cloned girls; Joy Geizer keeps the REM driven cloned girls calm and “pimps” 
them out for free, knowing that these young girls will have their memories suppressed, and 
therefore they will not remember the experience and will not talk about it when they wake up. 
All the Geizers are in this REM driven, human cloning business; there are many people who 
remember these REM driven cloning experiences in their ‘awake state’ and in their original 
bodies who could be polygraph tested by independent polygraph testers. The police, and 
polygraph testers in my City of Halifax, Nova Scotia are compromised (they attend cloning 
centres as REM driven clones too); they cover up for child molesters and therefore cannot be 
trusted to fairly administer a polygraph test; as I said, commissionaires and C.S.LS are 
heavily involved. All it would take is a few polygraph tests to prove these things 
unequivocally, because for those of you who have ‘eyes’, you can already see that REM 
driven cloning is real, and that this ts actually the way of the world. I will take these 
polygraph tests publicly too, and demand that my mother and step father submit to them. 
They have told me, they wouldn’t even attempt to lie ona polygraph. 
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Human cloning, particularly REM driven human cloning, is one of the absolute truths of this 
world; hidden from the world for over 70 years. My life and the freedoms of many, many 
people, including the reader (you) depend on this disclosure. The Illuminati say that the world 
finding out about REM driven human cloning will set the stage for the end of the world; 
people panicking and destroying property because of the evil these people have committed, 
but as I’ve said: prove them wrong, because we are going to inherit the earth, so there is no 
need to riot or cause public dissension. There will be no end of this world; just the end of the 
crazy Illuminati people. They always like to think and behave so negatively, don’t they? 
*Sigh*. Furthermore, the whole talk about 2012; December 21“ 2012 and the end of the 
world Mayan Prophecy; that was really about the world finding out REM driven human 
cloning, and the sick and sadistic nature it has been used for by these sick and sadistic people. 
Under no circumstance must you riot; you must prove you are better than these savage 
barbarians. Ill say it again, because it is important: we are going to inherit the earth, and 
therefore the smart and right thing to do, is not to destroy anything, especially the earth which 
you shall inherit. 


Furthermore, I hope you are beginning to understand that the good people of this world must 
bring these people to justice and stop their wicked ways. I sincerely wrote this disclosure so 
that the good people of earth would be empowered to put a stop to their wicked ways. I wrote 
this disclosure to empower the good people of earth against tyranny and not so that the world 
would end. Therefore you must understand that the downfall of these Luciferians (Illuminati) 
must progress smoothly, because unless you have been to the cloning centre as a REM driven 
clone and retained the full memories of your experience, it is difficult to understand the level 
of depravity and sub human cruelty; it is beyond anything that has ever been heard of, and 
there is much more to tell. 


Ignore this disclosure and you will condemn me to a horrible eventual death and you will 
encourage them that ‘they are all ‘powerful’’. This is not an exaggeration. There is no need to 
exaggerate even President Barrack Obama is involved in the REM driven cloning business 
and attends the cloning centre as a REM driven clone version of himself, when he goes to 
Sleep. He and his wife Michelle Obama attend these REM driven clone gatherings. Barrack 
Obama has even told me as a REM driven clone, at the cloning centre “Donny, we’re all 
powerful. You are a slave and the people here [as REM driven clones at the cloning centre] 
won't speak up for you for fear of torture or death. Now make us a new song or we’ ll gut you 
like fish and leave you to writhe in agony!” 


Be Wary of: Shills; Trolls; Disinformation Agents and Double Agents 


There are many, many disinformation agents whose aim it is, is to denounce or debunk me. 
Be very wary of them. They DO NOT, and cannot debunk me, because after all, everything I 
have disclosed is truth. Although the truth concerns highly advanced concealed technolo gies, 
so it is a bit difficult to fathom at first, but keep reading, and you will realise that all which I 
have disclosed is true. Be very wary of the disinformation agents. 


The most common thing these people say is that “Donald is a paranoid schizophrenic” —yet, 
ask them to detail the ins and outs of what a paranoid schizophrenic is and what specifically 
qualifies Donald to be a ‘paranoid schizophrenic’; there is a high probability they will not be 
able to explain this to you, logically, sequentially and methodologically. Their main goal is 
just to make it as difficult for newcomers to understand what the real truth of this world is 
and as I have disclosed; and one of the root causes of man’s problems is REM driven cloning. 
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Some disinformation agents are paid by the Hluminati, to behave this way, and are all too 
happy to echo empty statements (without any substantial evidence for their claims) because it 
provides them with a pay check. I will provide the following reference for the reader which 
discusses the signs and symptoms of a paranoid schizophrenic; all for the express intent for 
the reader to further understand paranoid schizophrenia. You can read more about paranoid 
schizophrenia on Medical News Today (2015). The link is provided in the reference section. 
You are welcome to read my Facebook wall and within days, you will realise I converse with 
others quite naturally. You can also ask individuals who have spoken to me through Skype or 
met me; but if this is not a viable option for you; all you have to do is read my Facebook wall 
and within days, you'll see that whoever makes such harsh and untrue remarks on my 
character is in fact a disinformation agent. 


Furthermore, remember we live in a 3D physical world; and there is always a physical aspect 
to how something manifests. Therefore, when you hear others discussing concepts such as 
‘Tila Tequila demonstrated an ‘energy ball’ right on camera; Why didn’t Donald discuss 
that?!’ Please understand that these people are trying to deceive you with misinformation. 
There are also professional disinformation agents to be wary of. I do not perceive anything 
extra-ordinary in the world when I am awake in my original body beyond the five senses. I 
don’t see orbs, auras or anything of the like. All I will ever discuss are practical things which 
have been unequivocally proven to me as fact; because in the situation the earth is currently 
in, I cannot afford to speculate. 


Contact Information 


My Facebook is: https ://www.facebook.com/donald.marshall.148 
You can also press CtrHC lick (hold “Ctrl” on your keyboard and left 
“Click” with your mouse, onthe image to your right). 





I have a public wall on Facebook which starts from March 2012. In other words, all posts are 
made public since March 2012 and you do not have to join my friends list or subscribe me to 
see what I post (although you will have to have a Facebook account). I suggest that 
newcomers start reading from March 2012, and be patient, and read everything. You can 
read everything and learn the real truth of the world free of charge. I don’t wish to write a 
book, I am not looking to turna profit from this; I want to crush these guys and shut down the 
cloning centres! 


It also worthwhile to add that: I am not asking for donations. I do not want ANY donations. 
Ever! These disclosures are far more important than any donations. This is NOT my job. I 
have a job. [am an independent contractor; carpentry is my trade and I earn a living this way. 
If you sincerely want to help; the best way to help is to spread and share my disclosures. That 
is all I ever ask for, so that eventually, the world knows about REM driven human cloning, 
and the armed forces can bring these people to their knees. That is all I want; spread, 
spread, and spread this disclosure. I will never ever ask for donations. Ever! Please keep 
this in mind, and anyone who asks for donations in my name or on my behalf should not be 
trusted. I, Donald Marshall, will NEVER EVER ask for any donations. I hope that is well 
received. 
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You can also view Proboards which has all my Facebook posts and have been archived by 
Celine O’Carroll and Astral 7ight by visiting: toms 


http ://donaldmarshall.proboards.com/ 
You can also press Ctrl+Click (hold “Ctrl” on your keyboard and left 


“Click” with your mouse, on the image to your right). 





There is a search function on Proboards, and you can use this to search for and read all the 
disclosures I have made regarding REM driven clones, the people involved and more. I 
understand that it is human nature to want to know, which people have been to the cloning 
centre as REM driven clones; therefore, use the search function to read about any public 
figure which I have already covered that you have an inkling about. You can also post 
anonymously on Proboards and Celine and other Administrators will transfer your question 
onto Facebook which I’ ll answer. 


Donald Marshall Revolution is a website which details a brief overview of the Illuminati. 
http ://donaldmarshallre volution.com/ 

You can also press Ctrl+Click (hold “Ctrl” on your keyboard and left 
“Click” with your mouse, onthe image to your right). 





Interviews 
You can listen to the radio interviews I have done. Listen for consistency; particularly 
anything which you do not hear me, pronounce clearly for the first time; the best thing to do 
is to pause the recording at that particular point and replay it. You should also research the 
statement you do not understand. Sometimes reading helps comprehension a lot faster. 


One of the main reasons you should pause and replay the recordings is because: the truth has 
been kept hidden for so long that a lot of what I discuss in my interviews are beyond most 
people’s current world view; so at some points I may speak too fast for you; my audio/ 
microphone may not be so clear so you may miss what I say etc. 


A friend has told me that when he first watched the Vinny Eastwood interview; he did not 
hear me say the word “scars” (When Vinny asked: ‘How do I know I’m the real me?’) 
although he replayed that particular point in the video 8 times. Everything was just beyond 
his current comprehension, at the time. No matter how many times he replayed that part he 
really could not hear me say the word “scars” —so he let that part go, and played the rest of 
the interview, pausing, and replaying points which he did not understand, especially to 
comprehend whether I was talking about my original body or my REM driven clone duplicate 
body. He also listened to all my interviews for consistency, to note any ‘slip ups’, or any parts 
of my testimonies which do not ‘add up’. He would listen to all my interviews, pausing and 
replaying parts he did not understand and he would reserve his judgements until he felt 
everything I was saying was for example as ordinary as: ‘I woke up today, brushed my teeth, 
and took the dog for a walk’. He was also patient to realise the truth. After listening to my 
interviews he would just let it ‘sink in’. A week later he would come back and listen to the 
same interviews, to test whether his comprehension on the topics I discuss has improved, and 
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whether he can understand what I am saying without having to pause and repeat at certain 
points in my interview; and soon enough he could now hear me say “scars” at that particular 
point of the Vinny Eastwood interview. He had reached the point where all topics I discuss 
sounded to him like I’m saying everyday common place stuff that people have heard, such as: 
‘I woke up today, brushed my teeth, and took the dog for a walk’. For anyone who may 
struggle to understand the topics I discuss: I strongly recommend you take the above 
approach as my friend did; soon enough, you too will realise the real truth of the world like 
he has: REM driven cloning, kept secret and used for sinister purposes. 


I cannot say the following is true for everybody, however, an unproductive venture a 
complete newcomer can do is to listen to my interviews first time, all the way through, 
without pausing or replaying parts which they do not fully understand; If you do this and if 
there is just a single part of my interviews which does not make sense to you; this will 
interfere with your understanding of the entire interview. Remember, all I am discussing is 
technology, thousands of years advanced compared to what you currently use; available 
today, hidden and secret. If things start to get too complex for you, reduce it to its bare 
minimums: (advanced) science and technology. I hope that helps. 


Another thing which I do in my interviews, that friends have picked up on, 1s: -because REM 
driven cloning has been my reality for many years; I don’t differentiate between my original 
body and my REM driven clone body. I just say: I did this, I did that, and Elizabeth did this 
and that, therefore it can become very confusing for newcomers. Please bare with me; 
although I’m more emotional as a REM driven clone, and not as smart as I am in my original 
body (this is a side effect of cloning: REM driven clones are more emotional than normal, 
and dumber than they are in their original bodies) I’m still “me” when my consciousness is 
transferred; I have all the experiences and knowledge which makes me, “me” and therefore I 
naturally do not differentiate between my REM driven clone version, and my original body as 
an outsider discussing these concepts would. I understand it helps comprehension so I have 
painstakingly done this throughout this disclosure. 


I hope this helps; and I hope this helps to better understand my disclosure as well as the 
interviews which I have done. On the next page you can find the links to my interviews. You 
can copy and paste the links to your web browser or press Ctr}+C lick — (hold “Ctrl” on your 
keyboard and left “Click” with your mouse, on the images below) to direct you to the 
interviews. 
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Links to Donald Marshall Interviews 


Vincent Eastwood 


Copy and paste the link below to your web browser. 
https //www.youtube.com/watch?v=M_1UiFeV5Jg&ab_channel=VincentEastwood 





OR Press Ctrl+C lick (on the image below) to follow the link. 





Jeanice Barcelo 


Copy and paste the link below to your web browser. 
https //www.youtube.com/watch?v=3uzgu4ekT3c&ab_channel=JeaniceBarcelo 
OR Press Ctrl+C lick (on the image below) to follow the link. 











Lisa Phillips (CFR) 


Copy and paste the link below to your web browser. 
https //www.youtube.com/watch?v=UonnFuHLJKc&ab_channeE-Astral7ight 





OR Press Ctrl+C lick (on the image below) to follow the link. 
Listen to parts 1 through 8. 
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Radio Presenters —Contact Donald Marshall 


Anyone who sincerely wants to contact me for radio interviews on their show is welcome to 
do this. Please contact me through Proboards by leaving a message for me to contact you. 


Professionals who_understand “Consciousness Transfer” —Contact_Donald 
Marshall 


Any neuroscientists, engineers or professionals who understand how consciousness transfer 
works, and can provide me with a detailed methodology of how to block the consciousness 
transfer to my REM driven clone; please message me on Proboards, and this will be greatly 
appreciated. 


Email 

I currently do not have a contactable email address. In my original disclosure, the email 
address has been compromised (hacked), and so has any other email accounts I created: 
Yahoo, hotmail, Gmail, AOL etc. It doesn’t matter; they eventually get hacked; for whatever 
reason, the [luminatido not want me to have an email account. 


How to Learn More about Donald Marshall’s Whistle Blowing Disclosures 


The best ways to learn about the truth of the world is through my Facebook page and 
Proboards. There is a mountain of evidence which has been collated over the years, and 
corroborates all that I have disclosed here. I also understand that for some people it is 
impractical to read three years worth of Facebook posts, especially when some post are 
repetitive; contain unnecessary comments from trolls, shills and other disinformation agents. 
Therefore, I am currently compiling 5 documents which should make it easier for others to 
read and understand everything quickly; as well as, for others to share and spread those 5 
documents including this main disclosure document —so 6 documents about the real truth of 
the world. All for free! ! 


These documents include: 

e “Frequently Asked Donald Marshall Questions” —This will contain all the general 
FAQs which I have been asked over the years; all in one place. 

e “Experiences from the cloning centre” —This document will contain the full disclosure 
of my REM driven cloning experiences from the cloning centre when I go to sleep; all 
in chronological order. 

e “List of people to avoid” This will contain a whole list of trolls, shills, and 
disinformation agents and double agents in alphabetical order, to avoid at all costs, in 
real life and online; -all complied in one place; and the reasons why they should be 
avoided. 

e “Public Figures and their relationship with Donald Marshall as REM driven clones” — 
this will be a complete list of every public figure I have ever come into contact with 
as a REM driven clone; and you will be able to read about all the public figures I have 
met as REM clones, as well as the experiences, all in one place. 

e “The subterranean underground colonists: The Vril” —this will be everything about the 
biological parasites the Illuminati harbour. Yes. The [Illuminati harbour biological 
parasites, which they use against unsuspecting humans. I told you the Illuminati were 
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the biggest depraved perverts ever to grace God’s earth. REM driven human cloning, 
kept secret from the world for over 70 years is difficult to fathom as it is, as are these 
biological parasites. These parasites are also one of the main root causes of 
humanity’s problems here on earth, and must be rendered extinct. In this document 
you will be able to learn everything about their, strengths, weaknesses, psychology, 
biology, ecology, sexuality and arm yourself with knowledge which ensures that 
humanity exterminates these parasites from our earth, forever. The secret of Vril; a 
secret no more! 


I hope after reading my eye witness statements presented in this document that you have now 
began to understand that this is simply what is happening in our world today. 


Heed my disclosure, very diligently. At the start of my disclosure I asked the reader to do two 
things: 


1) Give me the benefit of the doubt —because there is nothing worse than being a victim 
of abuse, reporting it and the people who have the power to stop it, ignore you; 

2) Set out on a genuine quest to debunk my disclosure. I understand that for some 
people, plenty of what I have disclosed will still sound ‘too out there’ beyond their 
current scope of reality to be believable. For such people, the honest thing to do is to 
start with the first topic which you do not fully understand and explore it, either by 
finding that corresponding topic on Proboards (Donald Marshall Proboards 2015), and 
continuing your research from there; or just Google any topic you currently do not 
understand and review the topic on websites such as New Scientist (2015), Gizmag 
(2015), Motherboard (2015), BBC News (2015a; 2015b), BBC Future (2015), The 
Guardian (2015a; 2015b) The Independent (2015a; 2015b), Daily Mail Online (2015) 
and start reading more articles in the Science and Technology columns because these 
people have been telling you what they have been doing for decades. Consequently, 
keep in mind that articles which discuss ‘future’ technologies and ‘improvements’ in 
medicine or science, are articles, which are really discussing present technologies, 
and achievements in science and medicine already realised; because most of these 
achievements have been realised decades ago. It just hasn’t been fully disclosed 
publicly. 


I have also saved and backed-up every reference (except the homepages of the websites 
referenced) in this document; therefore if a link or video is ever deleted let me know. 


How Much Do You Know About Post-humanism / Trans-humanism? 


Furthermore, you have to be honest here: because if youdo not know much or anything about 
post-humanism / trans-humanism then I am afraid to say, -and this is no fault of yours — that 
you are behind in this the world; simply because these Illuminati people are Post- humanists; 
and that is the direction the want the rest of the world to go. They want the world to reacha 
destination where human cloning is common place; a world where downloading your mind / 
entire life experience onto a computer microchip and living on as a cloned version of you 
with the microchip running the consciousness to be common place; and these Illuminati Post- 
humanists want the world to head in a direction where it is commonplace to molest children 
through science and technology. No. This really is not Science-Fiction, this is the world we 
live in today; this is why such marvels in science, medicine and technology has been withheld 
from the general public and kept hidden by an ‘elite’ group of people because if these people 
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honestly came forward, and said “We have invented this technology and we want to use it for 
this “negative” purpose” —the populace would not accept it, and these people will be lynched 
in the streets before lunchtime. Therefore, through concealed advancements in medicine, 
science and technology, the Illuminati can live out their inner depraved cravings and commit 
crimes against humanity and the world, for which most people will be too blind to see or even 
fathom, because the hidden science and technology is beyond the average person’s current 
comprehension. 


Therefore, please attain an education in post-humanism / trans-humanism because these 
Illuminati people believe they can rival creation, nature and the marvels of the universe 
through science, medicine and technology. The Illuminati go against creation; they go 
against nature; and they go against humans. They don’t consider themselves humans. They 
consider themselves post- humans and believe they can become “gods” through advancements 
in medicine, science and technology. See LawOfldentity (2014) and Mark Dice (2014) for 
Richard Seed’s comments on ‘becoming gods’ through transhumanism. Richard Seed is a 
Physicist with a Ph.D. from Harvard University; he is well known in the controversial cloning 
debate and declares his aspirations to "become god" saying 'We are going to become Gods, 
period. If you don't like it, get off. You don't have to contribute, you don't have to participate, 
but if you are going to interfere with me becoming a God, you're going to have trouble. 
There'll be warfare.’ If you value humanity, do your best to attain an education in the trend of 
post-humanism / trans-humanism; otherwise the future of mankind will be bleak. We must do 
everything we can to stop these people. 


This is of uttermost importance. REM driven cloning of is the most terrible thing in the 
world, especially when it involves unsuspecting civilians, and worst of all, imnocent children. 
If you choose NOT to do anything you allow the Illuminati to continue to clone your 
children, sisters, wives, and sons. You allow the Illuminati to continue to hijack the minds of 
your children, sisters, wives, and sons while they sleep, through concealed advancements in 
science and technology. You allow the Illuminati to transfer the consciousness of your 
children, sisters, wives and sons to their REM driven duplicate clone versions while they 
Sleep, whereby the Illuminati molest your children, sisters, wives and sons, which will cause 
them to have learning disabilities, unexplained depression and suicidal thoughts, as well as all 
kinds of side effects. 


This IS your ONLY chance to end these monsters. There is a deadline! 


This is your ONLY chance to do something to end these monsters. We are on a timeline and 
there is a deadline. As I have already mentioned, as well as, the top scientists in the field of 
physics and geophysics have mentioned: HAARP is not only capable of controlling the 
weather; once the HAARP grid is completed and working at full power, it will be capable of 
mind control over entire populations. We will all be slaves to the Illuminati FOREVER. Our 
freewill will be gone forever. Furthermore, if they achieve their aim of time travel with 
HAARP technology, future generations of humanity will never be able to stop them, because 
as they have told me: ‘They will always be able to go back to a previous time, and correct the 
mistake(s) which led to their downfall’. This is the Illuminati’s end game and what they wish 
to achieve. This is why this disclosure is so heavy, and so important. It goes beyond REM 
driven cloning; although it is important the world understands REM driven cloning. The 
future of humanity is at stake; and because of the 2-5 year deadline until the HAARP grid is 
completed, it is ttme humanity stood up and brought an end to the Illuminati: This REALLY 
is your ONLY chance to end these monsters! 
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The only way for evil to triumph is for good people to do nothing. 
Edmund Burke 


Remember for every 12 months which passes military / concealed technology outstrips the 
technology the general public is accustomed to by 44 years (Schneider 1995; 1996). Close 
your eyes and think 44 years into the future. The year is 2059. What kind of technologies do 
you expect mankind to have? Do it for real; don’t just read the words. Close your eyes and 
imagine. The year is 2059. What kind of technologies does mankind have? You see. It is ‘out 
of this world’ technology, right. This is exactly what is going on today in the year 2015. It’s 
just that it is hidden. That’s all. Not so difficult to fathom now. 


Do NOT Be Afraid to Help. We OQutnumber the Illuminati by 1,000,000:1 


Don’t be afraid to help. These people are easily defeated when good people stand together as 
one. These Illuminati people total no more than 10,000 people. 10,000 people against 
7,000,000,000 (7 billion) people —that’s less than 0.000001 % of the world’s population. Now 
can you begin to understand how prevalent evil can be when a small organised group of 
individuals, as little as 10,000 of the world’s most evil and tyrannical people all work 
together in unison to exert their influence over the world? The world does not have to be this 
way. We outnumber the Illuminati people by a 1,000,000 to 1. For every Illuminati person 
there is, there are one million people who are not luminati, therefore do not to be afraid to 
help; all you will be doing is helping humanity rid itself of its sickness. So please feel free to 
share and spread my disclosure far and wide. 


For those of you whom this applies to: remember the Illuminati (and I know it sounds 
ridiculous despite the evil they do) are deeply religious. They believe anyone aiding me is 
part of the “Army of Light” prophesised by Nostradamus; and to harm or degrade the life of 
anyone assisting me will bring them to their ultimate end and they will incur the wrath of 
God; they will suffer utter ruin and demise in their lives if they are to hurt you; they are very 
scared of people who can see through the lies and deceptions they have inflicted on the 
world. So please, stay calm, do not stress your heart, and know that you are safe, and they 
cannot hurt you. You can feel safe in the knowledge that you can do the right thing by 
helping me. They told me this as REM driven clones on the night of 21“ of February 2014 
when I went to sleep. The above is exactly what they said. 


For anyone interested in understanding the interpretations of the Nostradamus Prophecies, 
Crystal Links (2015) provides a good source for all 942 of the quatrains. Delores Cannon is 
also an author who has written three volumes called “Conversations with Nostradamus” and 
for anyone interested you can read these online (Galactic 2012a; Galactic 2012b) as well as 
watch her YouTube videos (CreativeForce Video 2014; Disclose TruthTV 2015). 


Yes. This is the state of the world today: a deception within a deception coated in reverse 
psychology; and fact is indeed stranger than fiction. Now after everything I have said, if you 
are still sceptical and ‘in-between’ on this issue then the best thing for you to do is to pay 
attention to your dreams; or lack of dreams —they are your own experiences and you cannot 
deny your experiences. 
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In other words, you may be having REM driven cloned experiences too; for some people they 
have a ‘dream’, where they are in the same environment, over and over and over again; or the 
theme being discussed in their ‘dreams’ is the same over and over and over again; or the 
environment their ‘dreams’ take place always appear to happen in the same 3 or 4 
environments over and over again —no matter what the theme is. In each scenario there is a 
likely probability that these are not just dreams, and in fact these people have had their 
consciousness transferred to the REM driven clone duplicates and the Illuminati is trying to 
extract something from them, once that is done they implant a false memory (See Kim (2013) 
and Alford (2015) for discussions on how false memories are implanted) so you wake up 
with the feeling of remembering something, but in actuality it is false; or you wake up with 
no memory of dreams from the previous evening, which means there is a high probability that 
you had your memories suppressed when your consciousness was transferred to your REM 
driven clone. This is why I say you can be sceptical about everything I have said (for now), 
but pay attention to your dreams, or lack of dreams, they are your own experiences, and you 
cannot deny your own experiences. 


Notew orthy Frequently Asked Question 


A Frequently Asked Question I receive, which is worth a mentioning here, is as follows: 
Q: Donald, if everything you have said is true...; in other words human clones walk among us 
now ina multilayered conspiracy which reaches the highest levels of government; armed 
with this knowledge what does one do exactly? What happens now, Donald? You obviously 
want to spread the word and make people aware but to what end? 


DM: In short: I want to bring a complete end to the Illuminati and usher ina “Golden Age” 
of mankind. This question is best answered by detailing my ‘Mission and Vision’ for ending 
the Illuminati completely. 


Donald Marshall’s Mission and Vision on How to Bring Down The Illuminati 


e This disclosure must spread, and spread FAST and FAR! 

e If you now understand everything I have disclosed in this document as truth, then do 
not waste any more time. Share this disclosure with your wives, husbands, brothers, 
sisters’ aunties, uncles, friends, co-workers, and children. We all have a part to play in 
saving the world from a premature doom. 

e Call friends who have not heard from you in a while and tell them you have important 
news to share. Share this document. Share it on social media such as Facebook; 
Twitter; Instagram; Dropbox; Slideshare etc. 

e Keep sharing this document until it comes to the attention of the Armed Forces. The 
Armed Forces will have to intervene. Once the Armed Forces intervene we will have 
reached the middle stage of this vision and will be witnessing a complete end to the 
Illuminati. Until then, we’re in the beginning stages, so please; spread this document 
faster and further. The quicker it is spread; the quicker the Hluminati are ended. 

e Once the Armed Forces have intervened a Military coup can be orchestrated against 
these vile people. 

e Cloning centres can then be shut down once these people are overthrown. 
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The freeing of any missing people (children; teens; adults) trapped in the cloning 
centres can commence (once the Armed Forces intervene). 

HAARP (as well as other highly advanced technologies) can now be contained and 
not used for adverse effects against the world (once the world learns of this 
disclosure). 

These Illuminati people will then HAVE to appear in court for their crimes against 
humanity. 

Suing the Illuminati members in court (once court proceedings commence... we will 
be past the midpoint of my vision, and closer towards witnessing a complete end to 
the Hluminati). 

The populace (and it will be your choice) can then have their REM driven clone 
experiences restored and also sue and claim any legal reward / compensation. 

After the populace has sued the Illuminati for their crimes against humanity; the 
punishments can commence. 

Punishments will include: imprisonment and executions of these sick and malevolent 
people. The imprisonment and executions of evil Illuminati members will bring an 
end to the Illuminati. 

After the punishments and executions; Governments worldwide can now be replaced 
with incorrupt individuals, worldwide. 

The structure of Governance will also have to change. The reason for this because 
future generations will always be able to check their leaders and governance more 
appropriately; so that the depraved and subhuman acts I described can NEVER be 
committed against humanity again; nor will world leaders be capable of committing 
such monstrous crimes in such secrecy ever again. 

Ensuring that the laws of the land always progresses in line with advancements in 
medicine, science and technology; as well as, ensuring law progresses in the 
directions of Research and Development (R&D) regarding future technologies, 
science and medicine. 

Release of technologies, science and medicine which benefit mankind. 

Commence a “Golden Age” of mankind. 
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If you do not fight the corruption and you do not stand up for what is right in life, 
you end up being a serf and a slave and you are leaving your children a world in 
which you would not want to live in yourself, so how can you in decency behave that 
way? You have to stand up for what is right in life, and unless you do that you are 
nothing. 

Aaron Russo 


Empowerment by Virtue of Golden Truth 


As you can see, despite all the horror of the world I currently present: if everything goes 
smoothly, the good people of this world, truly will inherit it. This is why despite any anger, 
sadness, or fears you may have; you must not riot, damage property or cause chaos or bring 
about any other form of public dissension. You cannot stay silent, or ignore the issue in the 
hope that the threat removes itself. You are called to act; you must take action to help bring 
the Illuminati to an end; you must act while at the same time, you must maintain your 
composure and resolve to ensure that the whole procedure goes smoothly, and we all inherit a 
world we want to live in. 


Your life, at this very moment, is more important than you may have probably ever 
imagined. You have purpose. Through you, and other good people around the world, together 
we can bring an end to such unspeakable forms of tyranny in this world. It is my humble 
stance that you have now become truly empowered with golden truth and you are now 
compelled to bring this tyranny to an end. 


Do not waste the knowledge you have obtained from this disclosure. It is my only hope to 
escape this man made living hell. It is my only hope, as well as, the hope of many REM 
clones imprisoned there, as well as, real people who go missing daily, and are trapped in the 
cloning centres. 


We sincerely beg you. 


Donald Marshall 
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Appendices 


Appendix A: Thien Thanh Thi Nguyen (Tila Tequila) Transcript 
Link: https://www. youtube.com/watch? v=7mRZ7ItF9ls&ab_channe-EAstral7ight 


00.00 — 1.10 min: You know what... since you f****** with my program darling Queen 
Elizabeth [II] and the paedophilia ring and the cloning centres, and the cloning centres. That’s 
right darling the cloning centres. Parents listen to me right now, they are blocking me but that 
is quite alright. They are blocking me but that is quite alright. Because I have many, many 
other forces; I shall not say their names right now, but I have many big plans to expose all of 
you disgusting, sadistic f***s! Okay? That is all. I shall save that for another time. But, 
however, I shall REPEAT: that was just an introduction to the reptilian family, leading all the 
way back. They call themselves the “The Black Nobility”. Now that is just one part of it; 
alright? 


1.11 -2.47 min: The Black Nobility; the reptilian family; all the way back from ancient 
times; so which they think... they feel like they are the divine chosen ones... from whom may 
I ask? Definitely. Definitely not God. Our creator of the world. Reptilians: they feed on 
blood; children; the paedophilia ring; recently busted. Oh! It has been going on for centuries. 
Parents listen to me carefully. I don’t care if I’m cutting out. I will continue this and I am not 
alone on this battle. Believe THAT! Believe THAT! I am not alone on this battle. I started 
out alone but Iam marching on with MILLIONS; okay? So sit your old a** down okay. 
Because you are gonna roll over, but it doesn’t matter anyway because you are all ancestral 
f***s! Who interbreed... ancestral f*****o... and then... and then... Oh! Only going to talk 
about cloning those children and... oh! And all those many children’s parents listen to me 
carefully. 


2.48 -4.24 min: Hundreds of missing children come up every year. You wonder... why? 
How? How could this be? And then there is so called CPS [Child Protection Services] or 
whatever they are called; they come and take your children, just, just for nothing; right? Not 
to discredit everybody, because not everybody is bad. I’m talking about the bad people. And 
they take your kids... they take them as this... they treat them like... I can’t even say the word. 
It’s disgusting, it’s sadistic. They... they... they take your kids... they toss them out like little 
[inaudible] cause they are so f*****g_. Pardon my French, but then again when I’m dealing 
with these evil cum-buckets I have no holy words coming out of my mouth, because these are 
the only words they resonate to. So therefore that’s how I refer to them. Because they can 
only [inaudible] ...their masters whiplash on them with these [inaudible] words of cursing, 
vileness and slaving and that is not what the true God is; okay? The God of Hell...; 


Anyways... 
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4.25 — 5.30 min: There are these CLONING CENTRES where they take your children and 
do sadistic things to them. I’m not even talking about child molestation here; not to mention; 
uh there is one of them that got caught, flying out to Florida; to meet up with a four year old 
little girl, to have sex with a four year old girl. That’s right. Google it because it is so highly 
sinful.. We have commercials about... you know starving kids; you know save the starving 
kids and it is heartbreaking. We can have commercials about it... why? Because it is a 
horrible thing and people can have commercials about it. WHY do we not have commercials 
about... ‘Daddy please don’t, don’t. Mommy please don’t let daddy let daddy touch me?’ — 
because it is disgusting! It is so disgusting; beyond sin that no one, NO ONE, can even make 
a commercial about that because that’s how sinful it is. 


5.31 — 7.19 min: Do you understand that? Do you understand how sinful that is? These 
people, I’m not even going to call them people; alright? They take your children; they not 
only molest them; men f*** them and make them shoot each other. They give them guns. It’s 
either you shoot him or I’m gonna shoot you. They are... mind you, they are children. 
Children. Yes. I’m speaking out, because I... uh! Who else is doing this? You’re all just 
[inaudible]... shame on you... And actually the most recent paedophilia... got taken down... 
WOW! How long did that take? Really?! Do you know how long this has been going on? 
*Sigh* Alright I’m gonna calm down... but as a parent and I love parents out there. My heart 
goes out to all the parents out there who have missing children. You know, we all pray for 
them; every day. And I put ona bold face in public every day; because there needs to be 
someone strong, believe that. But my strength comes from somewhere... that I have a very 
vulnerable emotional side where I feel very strongly for these children and innocent peop le. 
So therefore I want to speak out. 


7.20 — 9.10 min: I have and I have my passion too; and in the end you shall all know why I 
am so passionate about exposing every single one of these scumbags; okay? The truth shall 
prevail and you all will know why. So, as for you parents... ah... there are no words to 
describe. But let me just expose because you can’t just... there is a point where you CANNOT 
just turn the other way. You know this stuff is going on; and you go ‘Oh well... that’s their 
problem. Let’s just turn the other cheek.’ How long are you going to turn the other cheek, 
until it happens to your own freaking children? When, when, when your own child; three 
years old, get’s run out [kidnapped] and gets blasted right in the head with a gun... yeah... 
there’s more to that people; okay? And I’m not just saying that coming from some... I mean, 
actually, mothers, fathers out there... If you found out... I’m sure you would do way worse 
than what I am just saying. I’m just using voc. I’m just annihilating them vocally. I’m sure 
the parents out there who find out what their children have gone through, their missing 
children. I am pretty positive more than just a vocal annihilation of these scumbags that do 
this to your children; okay? 
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9.11 — 10.32 min: So keep on turning the other cheek folks. Hey, go and turn the other cheek; 
you are with the others. Iam not. 1 AM NOT. Like I said you... There is only two ways to go 
about this: you’re either with us: the good guys, or you’re with the others. There is no in- 
between. Cause if you are in-between, hiding like cowards, turning the other cheek; doing 
whatever; well then you are a freaking coward and you are just a sheep. And sheep end up 
dying because you know what you are owned by “The Others”. So pick one: you’re either 
one of us: the good guys or you’re part of the others. That is simple as that! Two choices: 
good guys; bad guys. In-between you’re dead because the bad guys are going to suck your 
soul out [transfer your consciousness to your REM driven clone] and do some sadistic stuff to 
you and watch, and make you watch while they pretty sadistic stuff to your children as well. 


10.33 — 11.33 min: Do you know why they love children? Because they are innocent souls; 
they’re innocent... they’re, they’re the most innocent pure beings in this planet. They’re not 
harmed by anything. They’re new to the world; bright-eyed pure innocent children. That is 
why these disgusting paedophile and these clone rings; cloning centres; satanic rituals; 
Brownsville Texas... There are many other cloning centres where they take your children that 
go missing. And you wonder why? What happens to them? I’m sorry to break this to you but 
that is what happens. Now either do you want to know what happens to them or do you want 
to turn the other freaking cheek? 


11.34 — 13.09 min: Tune into my next show. I’m gonna upload stuff; I have an arsenal ready 
to blow up! Okay. And I have reason behind this. You all should know my personal reason 
soon; but this has nothing to do with me right now. But know that I’m back, I’m back with a 
vengeance and I’m back with an army full of people around the world who are sick and tired 
of treated like animals; or quote, unquote “COWS”. We all know what that means. For the 
outside world (the masses) we all know the term “sheep”, sheeple. But for the insiders we 
know what the cows are don’t we? You know what “The Others” like to do with the cows, 
right? They start to herd you in... and to... yeah...’m gonna end it at that. And to all the 
parents, families and children out there, I love youso much. I... have to maintain composure, 
because that is what I do. That is all. Over and out. 
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Appendix B: MK Ultra 


MK Ultra -noun: [Manufacturing Killers Utilizing Lethal Tradecraft Requiring 
Assassinations] The goal of mind control, using MK Ultra technology is to program an 
individual to carry out any task against ther will and self-preservation instinct, and to control 
the absolute behaviour and thought patterns of the individual. 


Modern-day MK Ultra involves an implantable microchip which is inserted into a Mark 2 
clone of the victim. Every thought, reaction, hearing and visual observation causes a certain 
neurological potential, spikes, and patterns in the brain and its electromagnetic fields, which 
can now be decoded by the implantable microchip into thoughts, pictures and voices. The 
thoughts, pictures and voices of the implanted Mark 2 clone (victim) can now be displayed 
visually and heard on any system capable of converting visual images, suchas a television or 
a computer. These images are usually displayed ona giant screen at the cloning centre. 


The purpose of MK Ultra is to elicit a specific conditioned response in a victim (desired by 
the programmer) to an otherwise neutral stimulus. In other words, through the process of 
“classical conditioning” (which involves learning a new behaviour via the process of 
association. In simple terms two stimuli are linked together to produce a new learned 
response in a person) the implanted Mark 2 REM duplicate clone (victim) is placed thorough 
many similar recurring scenarios which are experienced (or perceived) by the victim as 
“real”, because the programmer manipulates the victim’s audio and visual field, and 
continuously pairs the victim with the neutral stimulus, so that either a positive or negative 
conditioned response is elicited in the victim towards the neutral stimulus. 


In other words an implanted victim can be placed in many recurring situations deemed as 
frightful, where a mystery stranger saves the victim from the frightful situation over and over 
again. The victim will now have positive associations towards the mystery stranger and 
therefore the conditioned response is now one of ‘positive associations’ (towards the mystery 
stranger who did not elicit sucha reaction before). 


MK Ultra techniques are administered through Mark 2 (sleep driven) clones. In other words 
classical conditioning happens when the person sleeps. Memory suppression technologies are 
also used in conjunction with MK Ultra technology, which enables the programmer to control 
certain memories the victim remembers. The use of memory suppression technologies and 
MK Ultra technology allows the programmer to reinforce behaviour and elicit specific 
conditioned responses (in an original). 


Therefore, in our example above, when the original meets the mystery stranger in real life, 
the original (victim) will be predisposed to the mystery stranger and automatically ‘feel safe’ 
around this person and may even believe that he / she should ‘date this mystery stranger’ — 
depending on what was programmed; because the victim was conditioned to elicit such an 
emotional response towards the mystery stranger in his / her sleep as a Mark 2 REM driven 
clone through MK Ultra functionality. 
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MK Ultra can also be used to create zombified individuals who are programmed to murder 
and remember nothing of their crime afterward. MK Ultra (technology) can also be used to 
disrupt the memory of the original, discredit people through unusual behaviour, make the 
person insane or commit suicide and murder. 


MK Ultra has much functionality. Furthermore, because of its video and audio projection 
functionality, MK Ultra can also be used to compose music. MK Ultra is capable of relaying 
the Mark 2 REM driven clone’s subconscious and conscious mind as visual images and 
audio, projected onto a screen. Therefore thoughts, pictures and voices which have been 
experienced consciously and subconsciously in one’s life can be displayed visually and 
audibly on a television or computer screen. The Mark 2 clone now has the option of 
harmonising these thoughts, pictures, and voices into a coherent order which produces music 
through the thought process of his or her imagination. See Jim Cristea (2009); Berkeley News 
(2011); UC Berkeley Campus Life (2011) CTForecaster (2013); nature video (2013) and 
Stromberg (2013) for examples and discussions and the capability of MK Ultra technology. 
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Appendix C: The Illuminati 


Illuminati —noun: A modern-day criminal organisation operated by reprobate (depraved, 
unprincipled and wicked person) criminals. Their main agenda: is to enslave the whole world 
through advanced concealed technologies. 


Today’s Illuminati trace their roots back to Professor Adam Weishaupt who found the 
Illuminati on 1“ May 1776. Since the inception of the Illuminati the intent has always been, 
and remains: “to bring about a NEW World Order that writes God out of the picture and 
deifies (glorifies) Lucifer.” This intent 1s still prevalent today. The following excerpt is 
derived from A. Ralph Epperson (1990) The New World Order: 


Weishaupt was a teacher of Cannon Law (law governing the affairs of a Christian Church, especially 
the law created or recognised by the Papal authority in the Roman Catholic Church) at the University 
of Ingolstadt in Bavaria, now part of Germany. 


He even told the world, in his writings, where he would conceal the Order: "None is fitter than the 
three lower degrees of Free Masonry; the public is accustomed to it, expects little from it, and therefore 
takes little notice of it." He felt that this secrecy would lead him to success because he felt no one 
would be able to break into it. He wrote: "Our secret Association works in a way that nothing can 
withstand ...." 


Weishaupt accepted the fact that all secret associations and secret orders had two doctrines, one 
concealed and reserved for the Masters... the other public ...." and the Illuminati was [and are to this 
day] a secret society with two doctrines. 


Professor Weishaupt, its founder, boasted of his organization's secrecy. He realized that this secrecy 
would enable them to decide the fate of nations and because their deliberations were secret, no outsider 
could interfere. He wrote: "The great strength of our Order lies in its concealment; let it never appear in 
its own name, but always covered by another name, and another occupation." Weishaupt later wrote 
about that secrecy in a letter to a fellow member of the Illuminati: "Nothing can bring this about [the 
new world order] but hidden societies. Hidden schools of wisdom are the means which will one day 
free men from their bonds [the "bonds" of religion] Princes and nations shall vanish fromthe earth." So 
the secret societies were created to bring the world to the new society known as the New World Order. 
The members of these organizations obviously feel that their goals are so noble that they may perform 
whatever tasks are required of them to bring that goal to fruition. This means that murder, plunder, and 
lying all become acceptable as long as these methods assist its members in obtaining their goal. 


Adam Weishaupt, the founder of the Illuminati, wrote over and over and over again, that "the ends 
justified the means." Weishaupt also told initiates to use whatever means, which included murder, to 
achieve the goals of the association that he was joining. And that the major goal of the Illuminati, was 
the destruction of all religion, including Christianity. That meant that if Christians physically stood in 
the way, they could be removed by simply murdering them. Weishaupt even went so far as to say that 
anyone not willing to take the life of another was unfit to join the Illuminati. He wrote the following in 
a letter to a fellow member in 1778: "No man is fit for our Order who is not ... ready to go to every 
length ...." 


Another reason, that Weishaupt felt that the Illuminati would succeed, was the fact that he was offering 
his members worldwide power. He felt that this inducement would enable him to draw into his 
organization only those who would do anything to satisfy that desire for power. He wrote: "The true 
purpose of the Order was to rule the world. To achieve this it was necessary for the Order to destroy all 
religions, overthrow all govern ments and abolish private property." 
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But his religion had a different base than the traditional religion: his was based upon a worship of 
reason: "... then will Reason rule with unperceived sway." "... Reason will be the only code of Man. 
This is one of our greatest secrets." "When at last Reason becomes the religion of man, then will the 
problem be solved." Weishaupt's dedication of his organization to "reason" makes some sense when the 
reader recalls that "reason" has been defined as the "unbridled use of man's mind to solve man's 
problems without the involvement of God." The Bible calls this "the fruit of the tree of the knowledge 
of good and evil." It was this knowledge that God wanted man not to have, and it was the promise 
made to man by Lucifer that man could have it by eating of "the fruit." In addition, Weishaupt's 


religion offered its believers a reward not offered by any other religion: worldwide power! 


wow 


Weishaupt wrote: "The pupils [members of the Illuminati] are convinced that the Order will rule the 
world. Every member therefore becomes a ruler." Weishaupt's religion not only offered power to his 
believers, but he offered them something else not guaranteed by any other religion: worldly success. He 
said that once a candidate had achieved the exalted degree of Illuminatus Minor, the fourth of the 
thirteen inside his Order, his superiors would: "assist him [the member] in bringing his talents into 
action, and [would] place him in situations most favourable for their exertion, so that he may be 
assured of success." Finally, the goal of the Illuminati was "man made perfect as a god - without God." 


The ideology of “man made perfect as a god —without God” still remains to this day, and it is 
practiced by today’s Illuminati members. The above phrase is what ties in Luciferian worship 
and trans-humanism. Lucifer is idolised by Hluminati members as the deity who gave man 
‘knowledge’ and therefore is worthy of worship; God, -according to Luciferians, -did not 
want man to have knowledge and therefore is despised by Luciferians. Ingrained in the trans- 
humanism doctrine is the believe that: ‘man can become ‘god’ through science and 
technology and in turn overthrow the Creator of the universe: God’. See LawOfldentity 
(2014) and Mark Dice (2014). 


These are the basics of Luciferianism. Therefore everything which is natural or pertains to 
nature must be contended or destroyed by Luciferians. This is why Illuminati members 
endorse having sex with children, killing first born sons, and drink blood. All the above go 
against nature and according to the ‘edicts of Lucifer’: paedophilia makes the person 
committing the act younger (it doesn’t, it is just an excuse to act perverse on children because 
they know children are vulnerable); killing your first born son gives you good luck and 
fortune in this life (so yes, some Luciferians have sacrificed their first bon sons); and 
Illuminati members believe drinking blood / cannibalism is a ‘purifying agent’ (although in 
reality it causes spongiform encephalitis (holes in the brain)). 


Modern-day Illuminati members still retain the goal of its founder “to bring about a NEW 
World Order that writes God out of the picture and deifies (glorifies) Lucifer.” Infiltration 
through secrecy, still remains their mode of operation, for the current Illuminati and therefore 
they have secretly infiltrated all the major religions on earth; government and education — 
where each successive generation is being dumb down; they have continually diminished the 
ability for individuals to own private property, or claim inheritance; divided people against 
each other to continually diminish patriotism; and have continually diminished family values. 


They also compartmentalise their knowledge between members. Until I fully exposed the 
Illuminati, many people who have been REM clones at the cloning centre did not know they 
were in fact REM drivenclones, and thought they were in the 5'" Dimension; the astral plane; 
a singularity; the spiritual realm; Valhalla; quantum hopping; a time stutter etc. or whatever 
else the Illuminati told them. 
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Today’s Illuminati members also meet in secret (just like the founding members) as REM 
driven clones, when they go to sleep. Furthermore, because Illuminati meetings are in secret 
and not many people know the exact location (because knowledge is compartmentalised) of 
the cloning centre; or the fact that their consciousness has been transferred to Mark 2 REM 
driven clone bodies at the cloning centre (and they are not in their original bodies); as well as 
the fact that unsuspecting civilians have their memories suppressed; the points mentioned 
above are the reasons the Illuminati believe ‘they are all powerful and untouchable’; and as a 
consequence, today’s Illuminati members do all the disgusting things they want, because they 
believe no outsider can interfere. 


The ring leaders of the Illuminati today also believe “the ends justify the means”. This is why 
they clone, torture, molest, murder, and rape unsuspecting civilians as REM driven clones in 
their sleep. The Illuminati of today offer their members incitements to go along with their 
agenda and not oppose them (or face death). Another popular method is to entice their target 
with many, many wonderful prospects, and have the target believe they are joining a noble 
and prosperous venture, so that the target fulfils the objectives of the Illuminati unknowingly; 
promoting the Illuminati in a positive way, because the target has been deceived to perceive 
the nature of the Illuminati as ‘positive’; by the time the target finds out the true intent of the 
Illuminati, and the evil which emanates from it, it is too late. Those who rise up in the ranks 
of the Illuminati are the men and women who have an insatiable lust for power, and most 
importantly: the men and women who want to rule the world. 


Modern-day [Illuminati members also wish to become gods (through technology); overthrow 
the Creator, and achieve their overall aim of enslaving mankind. This is why they clone 
people, and clone people in high rank society from all walks of life (movie stars, musicians, 
politicians etc.; whether the person willing wants to be part of the Illuminati or not) so long as 
that person is in a position of power and influence, the Illuminati clone that person, and 
threaten that person, for example -“Hey, you’re going to hang with us —or else” —through 
such coercion, the people in high rank society who have power and influence will not oppose 
the Illuminati’s plans to become gods; enslave mankind forever; and rule the world. Another 
reason for cloning high rank society is to include these people into the Illuminati (willingly or 
unwillingly) to ensure the world’s populace remains in ignorance (because once all the world 
leaders and high rank society are cloned and under the coercion of the Illuminati nobody in a 
position of influence or power can warn the populace against the Illuminati) until the 
Illuminati’s plan is completed and they have enslaved the world forever. 
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The Illuminati’s overall aim of ‘becoming gods’ and ruling the world, as well as, mind 
controlling all the inhabitants of earth is also the reason the Illuminati: 


Administer drip feed disclosure through media, by telling some truths mixed with lies 
in order to conceal their true intentions and overall aim, and prevent the betrayed 
partner (the public) ftom ever discovering “the complete truth”; 

Administer evaluative conditioning, by placing their symbols and ideology in popular 
media with positive associations, so that the unknowing and unsuspecting public will 
eventually become predisposed to the Illuminati and unsuspectingly have a positive or 
neutral response towards the Illuminati; 

Because they want to become ‘gods’ is also the reason the Illuminati is promoting 
RFID microchips and only discussing RFID microchips positively, while at the same 
time placing suppression (gagging) orders on anyone who speaks negatively about 
RFID microchips —which implies an unsuspecting public will willingly accept the 
microchip; and at the point of transaction, the person will have (unknowingly) given 
up their privacy to a third party (the Illuminati) for the rest of his / her life; 

Their aim to become ‘gods’ is also the reason the Illuminati are hurriedly trying to 
complete the HAARP grid across earth —because a complete HAARP grid will allow 
them to achieve their goal of mind control over the entire world; which fulfils their 
objective of becoming gods; because a complete HAARP grid will be capable of time 
travel, and therefore the Illuminati will be capable of going back to a previous time to 
correct the mistake(s) which led to their downfall; the Hluminati members will retain 
the knowledge of the previous time, and the rest of humanity will have no recollection 
of sucha memory. 


The Illuminati is not a joke. It is not fiction. They are very real, and part of humanity’s 
reality; and through advanced concealed technologies the Illuminati aim to enslave humanity 
forever. The ring leaders of the present Illuminati includes Queen Elizabeth II, Prince Philip 
Duke of Edinburgh, Prince Charles of Wales and Vladimir Putin. I have also detailed the 
actions of the ringleaders in the main text in this disclosure, as well as, detailed other modern- 
day evil Illuminati members on my Facebook and Proboards. It is time the good people of 
earth, stopped being afraid, do the right thing, put a stop to this evil, and save themselves, as 
well as their children’s children from being slaves forever. Spread and share this disclosure. 


92|Page 


Glossary 


Aneurysm -noun: Anexcessive swelling of the wall of an artery at a fixed point in the body. 
A brain aneurysm is therefore a: bulge or ballooning in a blood vessel in the brain. It often 
looks like a berry hanging on a stem. A brain aneurysm can leak or rapture, causing bleeding 
into the brain. 


Brain Aneurysm -noun: see Aneurysm. 


Clone —noun: a cell, group of cells, an organism produced asexually froma single ancestor 
and is genetically identical to a single ancestor. 


Concealed Technology -noun: hidden machinery and devices undisclosed and currently 
unavailable for public consumption. Concealed (or military) technology develops at a rate of 
44 years for every 12 months which passes in comparison to the technology the public is 
currently accustomed to. Origin: Phil Schneider. 


Cloning Centre —noun: a physical location (on earth) where duplicate and replicate clones 
are produced. These physical locations are usually Deep Underground Military Bases 
(DUMBs). DUMBs have an entire floor dedicated to cloning. It is also a place where 
Illuminati members meet with each other as REM driven clones. The above-ground cloning 
centre where many high profile people attend can be found within a radius of 5/6 hours drive 
from the Robert Pickton Farm Port Coquitlam, British Columbia, in Canada, somewhere at a 
remote nature reserve. 


Cloning Technology -noun: the technological advancements in medicine, science and 
technology used to produce duplicate and replicate copies of originals. 


Conditioned Response -noun: an automatic response established by training to an ordinarily 
neutral stimulus. 


Conditioned Stimulus —noun: A previously neutral stimulus that, after repeated association 
with an unconditioned stimulus, elicits the response produced by the unconditioned stimulus 
itself. 


Consciousness —noun: the state of being aware of and responsive to one’s surroundings; a 
> 
person’s awareness or perception of something. 


Consciousness Transfer -noun or verb: the process of transferring or copying the mental 
content (including long-term memory and “self’) ftom a particular brain and copying it to a 
computational device; artificial body or avatar body such as that of a robot or clone version of 
the original. It is also the feat in which the person’s mental content (long term memory and 
“self’) moves from one body into another. 


Depopulation verb: to remove or reduce the population of, as by destruction or force. 
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Drip Feed Disclosure noun or verb: is the process of supplying information but in small 
amounts overtime. Drip feed disclosure is also the process of revealing information slowly 
overtime, possibly telling lies to conceal certain aspects of the truth until the source 
administering the drip feed disclosure has adequate time to let out the truth in a slow and 
controlled way, thereby delaying the betrayed partner (in this disclosure, the public) from 
having the “complete truth” for some time. 


DUMB -noun: [Deep Underground Military Base] a facility directly owned and operated by 
or for the military or one of its branches that shelters military equipment and personnel, and 
facilitates training and operations beneath the surface of the earth. 


Duplicate Clone -noun: a fully formed human body which is a genetic copy of original 
developed through the process of regenerative technology. Duplicate clones are grown ina 
big thick tank full of (salty) water. 


Duplication Cloning -verb: involves agitating the cells of on an original repetitively until a 
fully formed human body of the original is developed. Duplicate clones take an average of 5 
months to form into a fully developed human body of the original through the process of 
regenerative medicine and technology. 


Evaluative Conditioning -noun: is a change in liking, which occurs due to an association 
with a positive or negative stimulus. 


H.A.A.R.P. Technology —noun: [High frequency Active Auroral Research Program] a radio 
transmitting system that can bounce signals off the Earth’s upper atmosphere, (60km (37 
miles) to 1000km (620 miles) high) back to probe deep into the earth or sea. HAARP is also 
capable of: disrupting human mental processes; knocking out all global communication 
systems; changing weather patterns over large areas; interfering with wildlife and migration 
patterns; hurting ecosystems; negatively affect human beings health, moods and mental 
states; and unnaturally ‘boil’ the earth’s upper atmosphere. HAARP used correctly will 
control the weather without any adverse effects. 


H.A.A.R.P. Grid —noun: a network of radio transmitters which can bounce signals off the 
earth’s upper surface. Each transmitter is located at a specific point across earth and 
communicates in unison with other radio transmitters across the earth. At this present time of 
writing, a HAARP grid has not been completed, although the Illuminati are working twice as 
fast to complete a HAARP grid. The threat to humanity once a HAARP grid is completed 
includes: mind control over the entire world’s inhabitants. A completed HAARP grid will 
also be capable of time travel, and therefore the Illuminati will always be able to go back toa 
pervious point in time to correct the mistake(s) which led to their downfall. Humanity will be 
Slaves forever. 


Habeas Corpus -noun: is [A] writ [formal document] requiring a person under arrest to be 
brought before a judge or into court, especially to secure the person's release unless lawful 
grounds are shown for their detention. 


Heart Attack -noun: A sudden occurrence of a blockage of the flow of blood to the heart. 


Human Clone —noun: The creation ofa genetically identical copy of a human. 
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Ionosphere —noun: the layer of the earth's atmosphere which contains a high concentration of 
ions and free electrons and is able to reflect radio waves. It lies above the mesosphere and 
extends from about 60km (37 miles) to 1,000 km (620 miles) above the earth's surface. 


Iuminati —noun: A modern-day criminal organisation operated by reprobate (depraved, 
unprincipled and wicked person) criminals. Their main agenda: is to enslave the whole world 
through advanced concealed technologies. See Appendix C for further discussion. 


Mark 2 Clone —noun: Is a sleep driven clone; specifically, a REM sleep driven clone. A 
Mark 2 Clone is activated by transferring the consciousness of an original into a Mark 2 
Clone only when the original reaches REM sleep (usually 90- 110 minutes after the original 
falls asleep). Once the consciousness of the original is transferred from the original’s body to 
the Mark 2 Clone, the Mark 2 clone is now capable of motion: such as walking, talking etc. 
The Mark 2 clone ‘drops limp’ and becomes motionless once the original wakes up from 
sleep. The original’s consciousness no longer resides in the Mark 2 clone (once the original is 
awake) and therefore the Mark 2 clone is now incapable of motion. Mark 2 Clones are also 
known as “REM Driven Clones” and “REM Duplicate Clones”. 


Memory Suppression —noun or verb: is the selective removal of memories or associations 
with the mind using memory suppression technology. 


Memory Suppression Technology —noun: any scientifically advanced technology used 
selectively to remove memories from the conscious mind. 


Mind-Voice Technology —noun: an advanced technology capable of reading, listening, 
hearing and broadcasting a person’s inner voice or thoughts. It is capable of replicating 
sounds exactly. Therefore an individual can hear the sound of drums, a guitar or any 
instrument and replicate that sound exactly just by thinking about it. Consequently, Mind- 
voice technology has the functionality of producing music. 


Military Technology —noun: machinery and devices developed from scientific knowledge 
used by the Armed Forces which advance at a rate of 44 years for every 12 months which 
passes, compared to the technology the public is accustomed to. Origin: Phil Schneider 


MK Ultra -noun: [Manufacturing Killers Utilizing Lethal Tradecraft Requiring 
Assassinations] The goal of mind control, using MK Ultra technology is to program an 
individual to carry out any task against their will and self-preservation instinct and to control 
the absolute behaviour and thought patterns of the individual. See Appendix B for further 
details. 


Neutral Stimulus —noun: is a stimulus which initially produces no specific response other 
than focusing attention. In classical conditioning, when used together with an unconditioned 
stimulus, the neutral stimulus becomes a conditioned stimulus. 


Negative Association -noun: is an undesirable experience or perception. 


Negative Stimulus -noun: a stimulus with undesirable consequences. 
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New World Order -noun: [NWO] Agenda. The whole NWO agenda is to turn humanity into 
mindless slaves forever; whereby the post-humans / trans-humans mind control the entire 
world’s populace either through RFID microchips or a completed HAARP grid. Another 
aspect of the NWO agenda is to depopulate the world’s current population of 7.3 billion 
people to 500 million people (and never exceed a world population of 500 million people 
afterwards); ruled by a one world government; a one world ruler; with a one world religion. 
See Appendix C for more details. 


Original —noun: A person who is not a clone. 


Pain Receptor -noun: Any one of the many nerve endings throughout the body that warn of 
harmful changes in the environment such as excessive pressure or temperature. 


Positive Association -noun: is a desirable experience or perception. 
Positive stimulus -noun: a stimulus with desirable consequences. 


Posthumanism —noun: seeks to rewrite the very definition of being human. It is the 
condition in which humans and intelligent technology become intertwined. In the Posthuman 
there are no essential differences or absolute demarcations between bodily existence and 
computer stimulation, cybernetic mechanism and biological organism, robot technology and 
human goals. 


Posthuman -noun: see Posthumanism. 
Project MK Ultra -noun: see MK Ultra. 


Regenerative Medicine -noun: (of a living organism) the process of re- growing new tissues 
after loss or damage. 


Regenerative Technology -noun: any machinery or device developed from scientific 
knowledge which has the capability to re- grow new tissues after loss or damage. 


REM Sleep —noun: [Rapid Eye Movement] is the fifth stage of sleep in the sleep cycle. It 
takes 90 - 110 minutes to reach REM sleep after we fall asleep. REM sleep is also known as 
the “period of paralysation”. The involuntary muscles such as the brain become more active 
whereas voluntary muscles (those that you move by choice) such as your arms and legs 
become more relaxed or paralysed. REM sleep is a kind of sleep that occurs at intervals 
during sleep, and it is characterised by rapid eye movements. 


REM Driven Clone -noun: [Rapid Eye Movement Driven Clone] a clone that can only 
become activated, once the original is in REM sleep. See Mark 2 Clone. 


REM Duplicate Clone -noun: [Rapid Eye Movement Driven Clone] A clone developed by 
regenerative medicine and technology and is therefore an identical copy of an original. REM 
duplicate clones can only become activated when the original is in REM sleep. See Mark 2 
Clone. 
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REM Driven Clone Death —noun: the process where an original dies because of constant 
torture to their REM driven clone or where a constant electrical current is applied to the REM 
driven clone resulting in death of an original usually in the form of an aneurysm or heart 
attack (because consciousness is linked) in the original’s body. 


REM Driven Clone Torture —noun or verb: the action or practice of inflicting serve pain 
on a REM driven clone. REM driven clone torture causes biological and physiological 
responses in the original’s body because consciousness is linked. Intermittent REM driven 
clone torture (depending on what is done) causes the original to experience severe headaches, 
an upset stomach, achy limbs, sickness; a weakened heart. Continuous REM driven clone 
torture will lead to the death of the original; usually in the form of aneurysm or heart attack in 
the original’s body. 


Replication Cloning —verb: involves giving birth to a genetic identical of an original where 
the newborn starts life offas a baby and matures. The newborn is referred to as a clone. 


RFID Technology [Radio Frequency Identification] -noun: are electronic microchips the size 
of a grain of sand that can be directly embedded into the human flesh. RFID microchips 
communicate wirelessly through the use of electromagnetic fields to transfer data. RFID 
microchips link the brains of people via the implanted microchip to satellites controlled by 
ground base super-computers. The dangers of RFID microchips to the implanted person are: 
total loss of privacy and total control of the person’s physical body functions, mental and 
emotional thought processes, including the implanted person’s subconscious or dreams —for 
the rest of that person’s life! RFID microchips are also tracking devices, and the implanted 
person can be tracked anywhere on the globe. 


Selling One’s Soul -verb: to sell the use one’s “Mark 2" REM driven clone to the Illuminati, 
for the Illuminati to use the individual’s Mark 2 REM driven clone in whatever manner the 
Illuminati wishes. There are no returns once the individual has signed over his / her (soul) 
Mark 2 REM driven clone. When an individual sells their (soul) Mark 2 REM driven clone, 
the person has also entered into a contract to sell the Mark 2 REM driven clone(s) of their 
current children (if they have any) as well as any unborn children the person may have later 
in life. The person sells all their descendants (souls) Mark 2 REM driven clones to the 
Illuminati, once the individual sells their (soul) Mark 2 REM driven clone to the Illuminati. 
Selling one’s (soul) Mark 2 REM driven clone is considered a serious business transaction 
to the Illuminati. There are no returns. If the person ever makes a fuss and wants their (soul) 
Mark 2 REM driven clone back, the Illuminati will either torture the person’s Mark 2 Clone, 
or apply a constant electric current to the person’s Mark 2 Clone until the person either has a 
heart attack or aneurysm in their original body. This is what public figures are hinting at 
when they say “They have sold ther soul”. They have sold the use of their Mark 2 REM 
driven clone to the Hluminati. Selling one’s soul is not a joke. Never sell your soul. 


Stimulus —noun: is something that causes a reaction, especially interest, excitement or 
energy. It is also an energy change registered by the senses. For example a stimulus can be a 


shinny object for a baby. 


Technology —noun: machinery and devices developed from scientific knowledge. 
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Technological Advancement -noun: is incorporating, by means of experimental 
development, a characteristic or capability not previously existing or available in standard 
practice, into a new or existing process or product that enhances a_ product's 
performance. Novelty, uniqueness, or innovation alone does not indicate a technological 
advancement. 


Transhumanism —noun: the belief or theory that the human race can evolve beyond its 
current physical and mental limitations, especially by means of science and technology. 


Unconditioned Response —noun: is a response to a neutral stimulus we have no / little 
control over. It is a natural automatic response. For example, food is an unconditioned 


stimulus for a hungry animal, and salivation is the unconditioned response. 


Unconditioned Stimulus —noun: A stimulus that elicits an unconditioned response. 
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Tetryonic Theory 


The unified quantum field geometry of charged EM mass-ENERGY-Matter in motion 


"...the scientist makes use of a whole arsenal of concepts which he imbibed practically with his 
mother's milk; and seldom if ever is he aware of the eternally problematic character of his concepts. 
He uses this conceptual material, or, speaking more exactly, these conceptual tools of thought, as 
something obviously, immutably given; something having an objective value of truth which is hardly 
even, and in any case not seriously, to be doubted. ...in the interests of science it is necessary over 
and over again to engage in the critique of these fundamental concepts, in order that we may not 
unconsciously be ruled by them." [Albert Einstein] 


Given the range and applied scope of Quantum Physics in today’s modern technologic World there 
remains a driving desire to rationalise our numerous disparate scientific theories into one coherent 
theory with a intuitive model that can be applied equally to the Quantum and Cosmological scales of 
our Universe. 


Such a theory would need to preserve the currently observed outcomes and present established 
theories in a new light, offering additional testable predictions of its own, and ideally do so ina 
manner that is simpler than that of the established theories and hypothesises. 


Many foundational properties of Quantum Mechanics remain unaddressed by scientific theory and 
in the following pages an overview of the key quantum properties challenging our current scientific 
advancement will be highlighted, including a number of assumptions that currently impede the 
development of a fully realised, coherent solution to all of our current scientific questions. 


While Mathematics is the language of Science it remains a language that lacks a well-defined 
physical model on which to test it and further its many and varied solutions to Quantum & 
Cosmological scale physics. It is this lack of any rigid, enforceable GEOMETRY that has allowed the 
development of numerous disjointed statistical and probabilistic solutions to physical problems, in 
turn impeding our scientific understanding and advancement of quantum processes. 


The Standard Model has many observed and testable components to it but more recently new 
theories have emerged to contest it without being rigorously testable themselves. They rely on the 
established foundation provided by the Standard Model but try to explain its various deficiencies ad- 
hoc with various suppositions without any solid footing of their own. 


Often the only way to progress further in our scientific endeavours is to retrace our footsteps in 
science and to develop new physical models on which we can discern our known results and 
observations thus excluding any false or misleading assumptions (mathematical of otherwise). 


In doing so there exists the promise that a simple underlying foundation can be found to the physics 
of our Universe, revealing new and exciting advances in Science that will allow us to usher in a new 
age of scientific and technological advancement for the betterment of humanity as a whole. 


‘Tetryonics — The charged geometry of EM mass-ENERGY-Matter’ whose founding principle is that 
EQUILATERAL Planck energies are the foundation geometry for all quantum mechanical processes is 
presented here as just such a solution to the current quandaries of Quantum Mechanics. 
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EM mass-Energy momenta 





Energy, in Physics, is an indirectly aay Planck's Constant pir td 
observed quantity of a system that & | 

imbues it with the ability to exert a i Ss 
Force or do Work over a distance. E 
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mass 


The most recent attempt to quantify its 
characteristics (with respect to heat and light) led to the discovery of Planck’s constant and the 
development of Quantum Mechanics 


The application of a simple proposition (that Energy has an equilateral geometry) opens the door on 
a greater understanding of the mechanics of the quantum world, a realm that will be forever beyond 
the reach of our physical eyes. 


The myriad of perplexing properties of quantum properties (such as Charge, mass & Matter) and the 
astonishing outcomes of quantum experiments (Interference and Wave-Particle duality) can now all 
be readily modelled and explained rationally on a solid geometric footing. 


Paving the way for new discoveries and a greater understanding of our Universe and its mechanics 


uantised Angular Momenta 
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This unit of motion is found throughout 
Quantum Mechanics and is directly 
related to the square energy levels in 





nuclear processes. 


The equilateral EM fields of energy quanta are constrained by its geometry and this geometry lies at 
the heart of understanding the quantum world in all its beauty. 


It determines properties such as Electric permittivity and Magnetic permeability, the vector direction 
of linear momentum and relates the scalar property of electromagnetic mass directly to velocity. 
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‘band aid’ additions to the Standard model in 
v’ attempts to explain its observed properties. 





The most recent attempt at an explanation was 
Special relativity theory which in turn led to 
our current models of charge from 





creates an additional magnetic moment through the relativistic distortion of spherical bodies of 
Matter. 


Equilateral Planck energy momenta geometries and Matter topologies offer a completely different 
explanation for the source of electrostatic charges and their associated magnetic moments. 


Positive and Negative charges are revealed to be opposite side of the same quantum energy ‘quoin’, 
and can be modelled electrically as ideal quantum inductive loops. It is equilateral geometry that 
gives rise to the physical properties of quantised angular momenta, inertial mass, elemental charges 
and even the geometric topology of Matter itself. 


In a planar 2D form they form a neutral EM energy momenta geometry but it is when they form the 
topology of 3D Matter they are expressed as either Positive or Negative electric charge fascia. 


ODD number energy quanta [W Bosons] combine via their magnetic bases in fixed quantum steps to 
create the ‘squared’ nuclear energy levels so familiar to quantum mechanics and form the basis for 
ElectroMagnetic Induction. 


It is their rigid equilateral 
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Energy, mass and Charge. 


As separated charges seek equilibrium they provide motive energies & the quantum scaffolding for 
large scale Matter topologies and their force interactions throughout our Universe. 





mass-ENERGY-Matter 


All Energy has an EM mass equivalence and equally any object with EM mass has energy equivalence 


But there has never been a formal scientific definition and associated equation to distinguish the 
property of EM mass from that of 


EM mass-Energy-Matter 
Matter. 
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Using Tetryonic geometry it can be 
clearly demonstrated that 
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used for each other inappropriately even in scientific peer-reviewed literature. 


ElectroMagnetic mass is the two dimensional (planar) measurement of Energy per unit of Time 
whereas Matter is a measure of the tetrahedral energies found in a spherical volume of 3D space. 


Mass-energy can be viewed as the paper from which 3D Matter is created when it is folded into a 
tetrahedral shape (the quantum canvas covering the topology of Matter) 


The often used tem of ‘massless’ is now shown to be a misnomer that should be removed from the 
scientific vocabulary except where it specifically refers to empty space (devoid of any energies). 


Matter is now formally defined geometrically as 4nz tetrahedral standing wave of EM energy and it 
is the tetrahedral topology of Tetryons 
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3D EM mass-Energy-Matter particies 
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the interactive forces between them 
Tetryon imbuing motion into our Universe. 


M Matter at rest is comprised of EM mass- 
energies that are always in motion and 


A Tetryon is 4 standing wave of EM energy 
that crentes » 4: cetyahedral geometry Matter 





propagating in a tetrahedral EM standing 
wave. 


To cause at will the birth and death of matter would be man's grandest deed, which would give him 
the mastery of physical creation, make him fulfil his ultimate destiny." 
[Nikola Tesla] 


Sub-Atomic Particles 


Using equilateral energy all the mass-energy geometries & mass-Matter topologies of EM fields and 
particles can be physically modelled revealing the known Standard Model particle sand a few more. 


Bosons are shown to be transverse EM fields that facilitate EM induction and Photons are revealed 
as longitudinal dual-charge pairs possessing a neutral EM charge and inherent magnetic moment. 


The net unidirectional momentum of Bosons then distinguishes them from Photons that possess a 
bi-directional momentum 


Closer examination of the geometries highlights a long-standing error in the mathematical 
formulation of QM energy formulas, namely the mistaken interchanging of Planck’s quanta [v] for 
Einstein’s frequency [f] in relation to Energy. 
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Historically these particles have been classified according to their charges and masses, Tetryonic 
geometry now provides a 3D physical model of all the particles highlighting the physical source of 
the 1/3 charges of Quarks and revealing charge to be the foundational geometry of all Matter. 


Tetryons are 47 charge topologies that are the foundational quanta of Matter and surprisingly have 
a mass-charge ratio identical to that of Leptons explaining how these particles have remained 
hidden from accelerator experiments. 


Quarks are 12x charge geometries where the attractive strong charge interactions between their 


fascia form 87 particle topologies with entirely different properties to that of Leptons 


Leptons also have 127 charge geometries but with repulsive fascia that result in them forming the 
quantum equivalent of a 6 loop rotor 


Protons and Neutrons are 36x charge geometries [that result in 202 Baryon topologies] and have 
identical masses (against the current model of baryonic masses which derived from an entirely 
different process where Neutrons are formed by Protons absorbing electrons). 


The Particle Zoo 


Baryons — the building blocks of atomic nuclei can be formed from many tri- quark combinations and 
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A sound understanding of EM mass-energy geometries & the charged topologies of all sub-atomic 
Matter particles reveals the true genesis of all of the Baryons to be found in the particle zoo. 


Tetryonic geometries facilitate the precise 3D modelling of all the periodic elements, allotropes and 
compounds enabling the development of new classes of materials and medicines providing us with 
many new insights into Quantum Chemistry and large scale Matter in general. 


uantum Electro-Dynamics [QED 


Adding to the mysteries of quantum mechanics is a number of well-known QED effects that have 
also eluded physical explanation — to date 


Wave Particle Mechanics - : In 1865, James Maxwell Clerk 


unified the then disparate 
theories of Electric and Magnetic 
fields into a theory of 
Electromagnetism and related 





then to the velocity of light. 


The exact quantum geometry for 
EM wave geometries (and the 
photons comprising them) that 
explains their Wavefunctions and 
observed inference patterns 





represents one of the greatest 
challenges to developing a concise fully realised quantum theory of EM radiation. 


Wave-Particle duality dating back to the 17" century is perhaps the best known example of quantum 
behaviour that has defied precise modelling despite intense effort by scientists around the World for 
over two centuries 


The application of equilateral energy momenta to the charged geometries of Photons and EM waves 
not only explains these long standing mysteries but also removes the quantum fuzziness introduced 
by Heisenberg’s Uncertainty principle, in turn clearing the way for Science to develop an advanced 
understanding of Electricity, its role in Quantum ElectroDynamics and provide new clean forms of 
energy from quantum processes. 


Photo-electrons and spectral lines 


Quantum Electrodynamics 


The physical relationship 
between Spectral lines, 
Rydberg’s Constant and the 
Kinetic energies of Photo- 
electrons as they interact 
V/\/e with photons and atomic 
yA . nuclei is quickly revealed 
spires ib when equilateral energy 
geometries are employed 


It is the rigid geometry of 
equilateral Planck energy 
momenta that gives rise to 
the invisible forces of 





Faraday’s Electric and 
Gauss’ Magnetic fields as well as Newton’s Action-at-a-Distance. 


Quantised Angular Momentum, a direct measure of the long hidden equilateral geometry of Energy, 
is revealed as the source of Charge, the physical constants and even the geometry of EM mass- 
energy & Matter itself. 


The geometry of Nuclear Forces and Constants 


Charge interactions resulting from equilateral EM energy geometries have been mistakenly 
developed into three disparate nuclear forces: 


The EM Force is the result of 2nz charge geometries acting along transverse or longitudinal 
directions (or in superposition) in the forms of Bosons and Photons 


The Weak Force is the inductive coupling of the magnetic permeability of adjacent energy 
geometries 


The Strong Force is the attractive force between opposite charged fascia of Tetryonic Matter. It can 
also form a repulsive force between similar charged fasciae resulting in charged Leptons [electrons]. 


Gravitation (mathematically identical to Coulomb’s Force save for strength and source) can also be 
modelled as the geometric mean of super-positioned EM waves. 


All of which are determined by the Fine Structure Constant — the mysterious hand of GOD — setting 
the strength of EM interactions and determining Charge on the quantum level. 


Applying equilateral geometry to energy momenta quanta, the Tetryonic model of EM mass- 
ENERGY-Matter quickly evolves to explain many additional electrical properties such as Voltage, 
Current and Power 


Quantum Chemistry 


Applying tetrahedral Matter topologies to quantum chemistry leads to a number of significant 
advances in the understanding of chemical processes most notably: 


e Accurate models for all periodic elements and their associated allotropes 
e Advanced molecular orbitals plots 

e Exact rest masses for all elements and 

e Anew Periodic table based on the charged topologies of Matter 


Improving upon and extending the Aufbau principle with charged geometries leads to many 
refinements in chemical engineering and facilitates the building of accurate 3D models of all 
elements, isotopes and compounds. 


Every element can be analysed from the quantum level upwards revealing its exact 3D topology, 
quark configuration, rest mass-Matter-energies and chemical properties. 


And number of misconceptions can be quickly clarified and corrected in turn advancing our 
understanding to the physical mechanics underlying chemical processes like chemical bonding, 
element family properties and the structures of complex chemical compounds. 


Hydrocarbons and Carbohydrates have already been modelled using equilateral charge topology 
with the results matching the 
established chemical models of 
Nobel gases, Core electrons, Lewis 
diagrams and the most recent 
electron photographs of these 
babi be { chemical properties of atoms. 


: MBER: , sac Even DNA can be modelled in 3 
dimensions leading to a greater 
understanding of the role of 
quantum mechanics in biological 





processes and the interaction of 
EM radiation on organic 
compounds. 


A highly developed quantum model of chemical elements and compounds will allow us to model 
chemical and biological structures in hitherto unimagined detail and facilitate the building of 
complex (and increasingly accurate) models of all chemical compounds and biological processes. 


A Unified field equation 


In physics a Unified Field Theory is a type of theory that allows all that is usually thought of as a 
fundamental force or 


elementary particle to be m Unified Field Equation M 
formulated in terms of a single for Tetryonic EM mass-Energy-Matter 
equation that explains all their nt{Imav4] ae dbyt cr charged geomet and ‘x{[m. 4] 


disparate properties. 


It is considered the holy grail of 
Science, offering the promise of 





advances in Technology, Energy 
and Medicine unparalleled in nif [cu lfmav4] 


im [|e \mav4] 


Human history. 
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Equilateral energy provides the an [[selfmav'] 2an{{cnfmev ] 
foundation for the creation of a n[[cnJ{mov4] : : 36n([[s1][mav4] 


single equation that expresses 
EM mass-ENERGY and Matter as the result of geometric & topological charge interactions. 


Applying equilateral geometry to Planck energy momenta quanta has been shown to firmly resolve 
many of the current mysteries plaguing the Standard model and provides a firm foundation for the 
development of a single unified quantum theory uniting all quantum and macroscopic forces. 


It effortlessly merges all the tested features of Classical mechanics with the statistical probabilities of 
quantum mechanics and scales up to the cosmological scale of General Relativity. 


Equilateral charged energy geometries provide a quantifiable foundation for advances in: 


e Quantum Mechanics 
e Quantum Electrodynamics 
e Quantum Chemistry 
e Quantum Cosmology 


Explaining the quantum mysteries of mass & 
Matter, Wave-Particle duality and 
gravitational Singularities by challenging the 
very foundational assumptions of Relativity 
and the role of charge in our Universe. 





Mathematical principles such as re-normalisation, probabilities and square roots of negative 
numbers can all be geometrically modelled through Tetryonics leading to further advances in fields 
such as biology, medicine, quantum computing and telecommunications 


Through the charged geometry of Tetryonics many of the erroneous theories that have been 
developed during the last 100 years can be falsified at last providing a solid foundation for further 
advances in science and mathematics. 


Gravitation 


Fields of Interaction The force of Gravity has been long-held to be the 





<P> mysterious force that holds our Universe together, 
. shaping the Stars and holding us to the Earth as we 
orbit our own SUN. 


- EM Tetryonic geometry reveals its quantum mechanics to 
be the result of electromagnetic fields and the effect 
produced by the geometry of Matter in these fields. 





Comvergerd (rently (ale 
seonbere o uelater a shire towns j 
ttcection betes Ineo eee ten eee 


i a sopitexeeve  \ewton saw Gravity as a force that acts 
instantaneously on distant bodies of Matter while Einstein dismissed the force between the bodies 
and explained it as the result of the ‘curvature of Spacetime’. 


In fact the Gravitational field is comprised of 3 separate components, each of which produces 
differing forces of interaction, but all 


Gravitational geometries 


combine to produce the nett Gravitational 
field that we observe and describe as 





strictly convergent Gravity. 


Gravity fields are created by the topology 
of Matter itself as it displaces and distorts 
the Vacuum energies surrounding it. 


vs 


Gradient 
Electric fields diverge radially from all 
Matter as it is heated, or placed in motion 





by other forces creating an interactive Both Newton and Emwtem (ated to define and distinguish beteren LM masa fe Matter 
field with both divergent and convergent equatorial regions of force and acceleration. 


Dipole Magnetic fields located around the Polar Regions of all Matter also create a perturbative 
force on bodies close to them 


Although Newton’s and Einstein’s theories were both correct in their respective analysis of the 
forces at work they both failed to define and distinguish between EM masses and Matter leading to 
the continued debate over the true nature and 
Stellar mechanics physical formulation of quantum gravity. 


These three quantum forces [G+E+M] combine to 
produce a field of gravitational acceleration that was 
so eloquently modelled by Newton back in the 16" 
century through his inverse square law. 


And these 3 distinct forces also combine to produce 
the stellar mechanics that power the Stars —a 





Gravito-Electro-Magnetic pinch. 
The force of Gravity, created by the geometry of Matter draws Matter toward the core of Stars. 


And the GEM pinch singularity at the core of the Star destroys Matter (collapsing its 3D geometry), 
turning it into radiant 2D ElectroMagnetic radiation (Light). 


Energy from the Stars 


Virtual particles, Dark Energy and Dark Matter (were all developed to explain the observed 
mechanics of our Universe) and can now be revealed to be differing manifestations of the 
electromagnetic force interacting at various angles to, and with, the standing-wave topologies that 
create it. 


Quantum fields of Planck energies combine to 


Virtual Particles 


create charged 2D geometries of radiative 
ElectroMagnetic fields that in turn spread out 
interacting with each other to give us the 
fundamental laws of Attraction and 
Repulsion. 


The 3D standing-wave topologies of Matter 
provide a rigid structure that displaces the 
surrounding Vacuum energies and creates a 
pressure gradient which we call Gravity. 





And the destruction of these Matter topologies in turn creates radiant energies that propagate out 
into the surrounding space to weaken and form the Vacuum energies that permeate all of Space. 


The eternal cycle of Matter creation and destruction within Stars and Galaxies is what drives the 
Universe we see today causing it to contract as it forms gravitational Matter and to expand as it 
restructures the standing-wave Matter into radiant forms of Energy (Light and heat). 


The same process offers us clean, limitless energy for all our needs as well as unlimited resources 
from the restructuring of this energy into its varied elemental and compound forms. 


Our toxic stockpiles of radioactive wastes can be completely eliminated from the environment and 
electrical power can be safely stored as mass within large-scale models of the deuterium nuclei and 
distributed worldwide to any location without the need for transmission lines. 


Even hydro-electric storage schemes can be eliminated, returning water courses to their natural 
states of flow in turn reducing conflicts stemming from the flow of this precious resource worldwide. 


Through the geometries of equilateral Planck 
energies and the application of the Tetryonic 
unified field equation of mass-ENERGY-Matter 
in motion to our needs, for the first time in 
Humanity’s history, we have the chance to 





advance our civilization to new pinnacles of 
technology and understanding in turn leaving our World a better place than we found it to be. 


The age old dilemma of technological advancement versus environmental pollution is at an end 


We stand on the threshold of realising one of the greatest advances in scientific understanding ever 
witnessed but we must also endeavour to redress our current social challenges with an equally 
rigorous determination to ensure all of Humanity benefits from this discovery 


eee rer ABRAHAM [2012] 


Tetryonics .... Challenging and correcting the foundations of quantum theory 


Electric field permittivity has a 2pi (rhombic) field geometry while magnetic field permeability is always 
the result of two separate equilateral magnetic fields that form a magnetic dipole moment 


Where two or more rhombic electric fields interact a Coulombic —charge force of interaction results 
Where two or more equilateral magnetic fields interact a Gaussian-Ampere forces of interaction 
results [opposite fields attract - same fields repel] 


The classical model of the unidirectional electrostatic force fields of point charged particles is 
corrected to show a bidirectional arrangement of equilateral Planck energy momenta geometries 
within the electrostatic field that creates the bi-directional forces of charge interactions 


Where two similar coupled equilateral energy momenta fields combine an electrostatic field is created 
Where two opposite coupled equilateral energy momenta fields combine a magnetic dipole is created 


The arrangement and asymmetry of Planck quantum charges with in any EM field determines the 
motion and acceleration of charged particles within the field of electrostatic force 


The classical forces of attraction should be renamed forces of interaction 
(as they result from bidirectional quantum vector forces) 


All electromagnetic fields are comprised of a squared number of equilateral Planck energy momenta 
quanta (whose asymmetrical distribution of equilateral Planck quanta results in a net divergent Force) 
with a convergent vector force component 


When modelled with equilateral Planck geometries electromagnetic fields follow the Biot-Savart Law: 
e Rhombic electric fields follow the inverse squared law of propagation 
e Equilateral magnetic fields follow the inverse squared law of propagation 
e Magnetic dipole fields follow an inverse cubed law of propagation 


The equilateral geometry of quantised angular momentum creates chirality at the quantum level in 
physics (rotation does not affect the charge of plank quanta, but mirroring and/or spatial coordinate 
translations do) 


All positive charged fields can be modelled as having a clockwise inductive flux geometry 
All negative charged fields can be modelled as having an anticlockwise inductive flux geometry 
(with OMEGA representing equilateral geometries per second and PI reflecting their scalar areas] 


All W bosons are comprised of an odd number of equilateral Planck quanta in a trapezoidal geometry 
All Z bosons are comprised of an even number of equilateral Planck quanta in a dual-trapezoidal 
geometry (neutral Z bosons are equivalent in terms of Planck mass energy momenta to photons save 
their net geometry) 


All charged fascia [Higgs bosons] are comprised of squared numbers of equilateral Planck quanta in 
an equilateral geometry. 


The odd quanta W bosons within electromagnetic fields form quantum levels of charged mass-energy 
momenta 


The Planck equation [E=n.hv] of quantised energy is a generalised equation of Planck geometries 
(and applies to all energy momenta arrangements equally) 


Bosons and Quantum levels are a transverse measure of mass energy momenta in EM fields 
Photons are a longitudinal measure of mass energy momenta within the same electromagnetic fields 


Equilateral Planck energy momenta per second [E/c’2] equates to mass geometries 
Equilateral Planck energies momenta per second squared [E/c‘4] equates to Matter topologies 


Interactive mass energy geometries can combine via the weak force to form standing wave Matter 
topologies 


Standing wave Matter topologies can combine via the strong force to form elementary subatomic 
particles 


The fundamental Matter quantum of all physics is the tetryon (a tetrahedral mass-energy Matter 
topology) which is formed from photons of electrostatic energy and can be found as positive, neutral 
or negative charges topologies 


These three forms of charged tetryons form the foundation of all the physical Matter of our universe 
as they seek a state of equilibrium, Tetryons are not spherical point charges — they are tetrahedral, 
likewise the subatomic particles they form are not spherical point charges - they are [T]z Tetryonic 
charge topologies 


The Tetryonic topologies created by tetryons as they combine to form elementary particles creates 
new forms of closed volume topologies that follow Euler’s characteristic [V+F-E = 2] for Platonic solids 


Quarks and leptons are comprised of 12 charged mass energy geometries 
- quarks form [8z] octahedral Matter topologies 
- leptons form [127] dodecahedral Matter topologies 


and 


Baryons are comprised of 36 charged mass energy geometries 
- forming [207] |cosahedral Matter topologies 


Anti-UP quark's are comprised of 2 positive and 8 negative charges 
creating a net charge of -8 /-2/3 elementary charge] 

DOWN quark's are comprised of 4 positive and 8 negative charges 
creating a net charge of -4 /-1/3 elementary charge] 

Anti-DOWN quark's are comprised of 8 positive and 4 negative charges 
creating a net charge of 4 [1/3 elementary charge] 

UP quark's are comprised of 10 positive and 2 negative charges 
creating a net charge of 8 [2/3 elementary charge] 


Positrons are comprised of 12 positive charges 
creating a net charge of +12 [positive integer elementary charge] 
neutrinos are comprised of 6 positive and 6 negative charges 
creating a net charge of 0 [no elementary charge] 
Electrons are comprised of 12 negative charges 
creating a net charge of -12 [negative integer elementary charge] 


Protons are comprised of 24 positive charges and 12 negative charges 
creating a net charge of +12 [positive integer elementary charge] 
Neutrons are comprised of 18 positive and 18 negative charges 
creating a net charge of 0 [no elementary charge] 
anti-Neutrons are comprised of 18 positive and 18 negative charges 
creating a net charge of 0 [no elementary charge] 
anti -Protons are comprised of 12 positive charges and 24 negative charges 
creating a net charge of -12 [negative integer elementary charge] 


Rest lepton topologies have a completely neutralised magnetic dipole structure and all leptons 
(charged or neutral) have identical physical Matter topologies 

Their rest masses are the result of the number of plank quanta comprising each Matter topology with 
applied forces creating additional asymmetrical KEM fields resulting in kinetic energies, magnetic 
moments and vector velocities of motion 
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As the energies of motion are added to equilateral KEM fields the Planck quanta themselves are 
physically WAVE-length Lorentz contracted 


(Lorentz contractions apply to mass energy geometries only - NOT to Matter topologies) 


Matter topologies are Lorentz invariant to velocity changes (or acceleration) 
The relativistic distortion of spherical point charges in physics is no longer applicable, in turn 
undermining a basic tenet of special relativity as postulated by Albert Einstein 


It is the equilateral secondary KEM fields of motion created by applied forces to material 
Matter topologies (and the asymmetrical distribution of plank charges therein) that creates the 
magnetic moments associated with charged particles in motion, not the relativistic distortion 
of spherical bodies of Matter as postulated by Einstein in special relativity 


These secondary KEM fields of motion also contain the kinetic EM energies and vector [Square root] 
linear momentum of material particles in motion - the mass energy momenta density and physical 
geometries of Matter topologies is unaffected by applied forces or changes to velocity-momenta 


The changing Lorentz contracted mass energies of kinetic EM fields contributes to the total relativistic 
mass energy of Matter topologies but in no way changes the mass energy distribution of the Matter 
component of particles in motion itself - leading in turn to varying generations of subatomic particles 
with in the particle families themselves 


The net asymmetric KEM field geometry of each particles in motion is reflective of the charged 
distribution of the Matter topology of the particle itself. 


Mesons are created when quark and anti-quark particles combine via the strong force interaction 
between their charged fascias to create unique 14 pi Matter topologies (neutral or charged pions) 


These strong interactions between opposite charge fascia of material particles and the resulting 
Matter topologies are evidence of the fact that Matter-antimatter combinations do not necessarily 
result in the explosive annihilation of the particles concerned (in fact the combining of opposite 
charge quarks is a necessary step in the formation of the baryons) 


All Baryons are Matter topologies created from the combination of tri-quark topologies 

The quark's combine via their opposite charged [Higgs] fascia to create neutral and charged 
elementary topologies 

Due to this opposite charge interaction the charged distribution of baryonic topologies does not follow 
the textbook given arrangements of [UUD] & [DDU] instead they are arranged as follows: 


Protons UP + DOWN + UP 
Neutrons DOWN + UP + DOWN 
anti-Neutrons anti-DOWN + anti-UP + anti-DOWN 
anti-Protons anti-UP + anti-DOWN + anti-UP 


The specific arrangement of charged fascia within these respective Matter topologies goes on to 
facilitate nuclear bonding via the residual strong force between atomic nuclei, following the charge 
arrangement given in modern textbooks does not allow the formation of baryons or their subsequent 
bonding to form larger scale atoms and molecules 


Protons and neutrons are revealed to have quark arrangements that are mirror symmetries of each 
other, revealing the neutral charge neutron to have a complementary negative charge arrangement to 
that of protons. 


The increased Planck mass energy contents of various families of quarks facilitates the creation of a 
huge number of possible Baryon topologies resulting in the particle zoo of subatomic elements 
created in particle collisions within accelerator experiments - all of these elements can be easily 
modelled and accounted for using Tetryonic mass-energy Matter topologies 


Additionally, the particles often referred to as gluons within the standard model can be easily 
accounted for and explained as being neutral tetryons within Tetryonic theory - where these neutral 
charge Matter topologies form a neutral Matter dielectric between charged tetryons to facilitate the 
strong force interaction and the formation of larger particles 


Neutral tetryons (gluons) can also form particles in their own right (neutrinos and glue-balls), as can 
charged tetryons (charge-ball particles), most of which are short lived 


Tetryonics reveals the previously hidden geometry and topology of electromagnetic fields and 
subatomic particles and the geometric relationship and interplay between electric permittivity and 
magnetic permeability within all EM field that results on the speed of light in any medium. 


As well as the revealing a geometric source of all physical constants within physics itself, Tetryonic 
charge geometries show the weak force to be a magnetic dipole [edge] interaction between mass 
energy geometries and Matter topologies and the strong force to be a charge [fascia] interaction 
between Matter topologies themselves 


The equilateral [quantised angular momentum] of inductive Planck mass energy geometries within 
squared [HIGGS] fascia of Matter topologies is what creates inertial properties of Matter at the 
quantum level 


The strong force between charged parallel Higgs fascia of Matter topologies results in ‘hidden’ 
partitions of mass energy with in the Matter topologies of quark's and baryons leading to the inability 
of mathematics online to accurately model and understand the physics of creating these particles at 
the quantum level 


Tetryonic charged mass energy geometries allows for the accurate 2D and 3D modelling of all Matter 
topologies and fields of Force interactions within physics 


It reveals that the deuterium atom [not the hydrogen atom] is the quantum building block of all 
elementary Matter - the unique charge topology of deuterium (consisting of a proton, neutron and 
electron) can be related to the electromechanical topology and function of quantum synchronous 
converters. 


These quantum synchronous converters absorb and emit mass energies via the rotating electrons 
[quantum rotors] bound to the nuclei by way of radiant bosons and photons [heat and light] 


The net charge of Deuteron nuclei facilitates their binding together to form helium and larger atoms, 
while stored mass energy quanta within their Matter topology results in raised quantum grounds 
states that can all be modelled mathematically using Schrodinger’s wavenumbers 


The simpler geometric charge topology reveals visually how the mass energy content of baryons 
directly affects the angular momentum and energy levels of photo electrons bound to atomic nuclei, in 
turn revealing that larger elements be created in two ways - namely by the addition of a neutron to a 
Hydrogen atom (as classically modelled in modern chemical physics) or through the raising of Planck 
mass-energy quanta within the deuterium Matter topology itself 


Deuterium nuclei without any bound photo-electrons form quantum batteries with EM mass energies 
can be stored indefinitely without being released. 

These nuclei can be arranged atomically in either a series, parallel or empty parallel configuration 
each of which affects the ground energy states of the respective nuclei created. 

Where photo-electrons (quantum rotors) are attracted and bind to these nuclei (quantum batteries) 
the stored mass energies can then be released in a controlled manner via spectral line emissions, or 
energy can be added via spectral line absorption. 


As photo-electrons are bound to the deuteron nuclei the energy levels are affected directly by the 
mass energy levels of the nuclei that they bind to, in turn affecting their KEM field energies 

The square root linear momentum of KEM field energies normally creates a vector motion but in the 
case of bound electrons this vector motion is turned into an angular motion resulting in electron spin 
within the nucleus. 


The direction of the spin is always reference with respect to the nuclear magnetic moment resulting in 
up and down electron spins and their associated magnetic dipole moments 


The kinematics of KEM fields provides an easy visual explanation of Newton's 2nd law of motion - 
namely that deceleration can be seen as the removal of odd number quanta from the squared kinetic 
energy fields and acceleration can be viewed as the addition of odd numbered quanta to squared 
kinetic energy fields. 


The addition or subtraction of odd numbered Planck quanta from squared energy fields results in 
changing square root linear momentum for the particles that these fields are associated with - this 
changing linear momentum over time can be equated to acceleration leading to Newton's formulation 
of Force = mass x acceleration [F = ma = dp/t = dmv/t] 


Using the equilateral geometry of Planck's constant we can now unify classical mechanics with 
quantum mechanics and reveal the underlying dynamics of relativistic mass energies of motion (as 
well is providing an electromechanical explanation of inertia in the physics of Matter in motion) 


Newton's vector linear momentum [p=mv] forces are revealed to be the geometric square root of 
Leibnitz's scalar energies [E/mv‘*2] with their associated inertial mass being a measure of the scalar 
energies per second [m=E/v*2] 


Linear momentum [mv] is differentiated from vector velocities [v] through the equilateral geometry of 
energy per second [m] in tetryonics, with the total linear momentum of any EM field or system of 
particles being the vector some of the square root Planck linear momentum of the quanta in the fields 
comprising the system 


Once the equilateral field geometry of KEM fields is revealed it is easy to show that the total energy of 
the field [E=mv“2] is the result of the kinetic energies [12Mv“*2] plus the magnetic moment [1/2Mv%2] of 
any material topology in motion 


This in turn allows for a rigid geometric differentiation of quantised angular momentum [Q] in Planck 
quanta, the linear momentum [p] of any system and the classical angular momentum [vector rotation 
about a point] in physics 


These geometric definitions of mass energy momenta in physical systems as portrayed in Tetryonic 
theory reveal a differing geometric relationship to that commonly portrayed in modern physics i.e. 
neutralising right angled Pythagorean triangles] 


Additionally Lorentz corrections factors are restricted to planar 2-D mass energies of KEM fields 
associated to particles in motion where changes of velocity force result in the addition or subtraction 
of equilateral Planck quanta from the KEM field geometry resulting in the physical expansion or 
contraction of Planck geometries within the field 


Tetryonic theory's geometric definition and application of quantised angular momentum with respect 
to mass energy momenta in physics allows for the physical modelling of mass energy and Matter at 
all scales of physics and their unification of classical, quantum and relativistic mechanics 


The 'squared' energies of quantum mechanics and statistical distributions of the math associated with 
quantum mechanics is now revealed in an entirely new light facilitating the macro scale modelling of 
all hitherto unseen quantum particles and processes. 


The geometric relationships between charge, mass geometries and Matter topologies is easily 
visualised and applied to all physics revealing quantised angular momenta [QAM] to be the hidden 
variable of Planck's constant [h]....... 


The modelling of quantised angular momentum as an equilateral geometry allows for the elimination 
of Heisenberg's uncertainty principle and Bell's inequality from the foundational tenants of quantum 
mechanics 


Both the position and momentum of particles and fields can be now modelled at any stage of a 
system's spatio-temporal development and evolution using these simple equilateral charged 
geometries of mass energy momenta 


Precise rest mass energies of any Matter topology can be calculated from 1st principles allowing for 
accurate modelling of all quantum systems and even periodic elements - expanding our knowledge of 
chemical systems and processes 


The Planck-Compton frequency, de Broglie wavelength, absolute rest mass and charge Matter 
topology of all periodic elements, compounds and molecules can now be calculated with absolute 
certainty and precision and can be related back to Avogadro's number for all elements in chemistry 


The exponential energy levels of atomic nuclei and atomic processes of energy release can also now 
be shown to be the result of an underlying geometric Planck scale geometry inherent to all mass 
energy Matter within physics 


Einstein's mass energy equivalence formula is shown to be a geometric relationship between 
measurements of energy per second and inertial mass........ combined with Tetryonics new definition 
of Matter as energy per second squared we can now show that Einstein's famous formulation is an 
incomplete formulation of the mass-ENERGY-Matter relationship that applying only to specific 
processes within our physical universe 


The Lorentz corrections on which special relativity is based are shown to be WAVE-length and QAM 
corrections for the changing physical geometries of scalar mass energies per unit of time in spatial co- 
ordinate systems (c’%2) and that additional time-based dimensional analysis must be taken into 
account in order to define and differentiate between electromagnetic mass and Matter in physics 


The application of squared (equilateral) geometries to physics in the role of quantised angular 
momentum has been overlooked since the inception of physics itself, but with the inclusion of this 
geometry a rigid geometric grammar can now be imposed upon the mathematics of physics leading to 
the correction of many erroneous mathematical assumptions 


An exact value from first principles for Planck's constant can be calculated and Avogadro's 
number can be confirmed and related to the absolute rest mass of hydrogen atoms. 


A geometric representation of Coulomb's charged field interactions and the impedance of free space 
can also be provided for all physical processes allowing for a fast and accurate visualisation of energy 
mechanics at all scales of physics 


Tetryonics theory’s equilateral charged mass energy and polyhedral Matter topologies allow for the 
modelling and differentiation of energy in all its forms within any spatial coordinate system providing a 
vast improvement over relativity's use of stress energy tensors and non-Euclidean geometries in 
modelling physical systems 


All fields and particles can be defined and differentiated in terms of their charged mass energy 
geometries and Matter topologies respectively and the differentiation of elemental families into their 
generations can be easily accounted for through the addition of mass energies of motion to secondary 
KEM fields associated with each particle grouping 


Inertial resistance to force can be modelled and explained through the equilateral geometry of 
quantised angular momentum when viewed as an electromechanical equivalent to an inductive loop 
of energy 


Electromagnetic inertial mass can now be clearly defined as a measure of the inductive EM energy 
density of any charged 2D planar Planck geometry in any spatial co-ordinate system of measurement 


3D Matter can now be viewed and modelled as the closed topology created by 2D mass energies 
through charge interactions in any spatial co-ordinate system of measurement per second squared 


Additionally physical terms such as 'mass-less' particles are shown to be a misnomer as any 
field or particle must by definition contain energy per unit of time - and should be more 
appropriately re-termed Matter-less or weightless particles 


Tetryonics theory defines, differentiates and unifies energy in all its forms (mass, Matter & Force) 
through the equilateral geometry of quantised angular momentum at the quantum level, allowing for 
the development of a unified field equation that models physics on all scales and reveals a common 
geometric thread to all the disparate fields of physics that to date have defied unification 


Equilateral (SQUARED) energy fields of Planck quanta comprised of statistical distributions of (ODD) 
transverse bosons and (EVEN) longitudinal photons account for all the quantum mechanical 
processes of physics including EM field geometries and material particle topologies and electron spin 


Principle quantum levels [1st Schrodinger wave-numbers] are shown to be the result of the series 
addition of deuterium nuclei in atomic elements with their resulting energy levels determining the 
squared energy levels of bound photoelectron KEM fields — in turn forming the foundation of discrete 
quantum jumps of electrons bound to atomic nuclei 


The bound photo-electron can only transition between allowed squared energy levels permitted by the 
energy levels of deuterium nuclei to which they are bound and once free from the atomic nuclei the 
electron can emit or absorbed a continuous spectra of light photons - but while bound to the 
deuterium nuclei in atoms it can only have specific [squared] KEM energy levels 


The complex, asymmetric tri-quark (9 tetryon) Matter topology of baryons directly affects the magnetic 
moment of protons and neutrons in motion making them considerably weaker than the symmetric 
axial Bohr magnetron of electrons in motion 


As the Bohr magneton of photo-electrons is determined by the squared energies of its secondary 
KEM field confusion has arisen with respect to the allocation of spins to subatomic particles, Tetryonic 
geometries now correct for this and suggest that the electron historically viewed as a spin 1/2 particle 
is in fact a spin 3 particle under the formal definitions of spin rotations i.e. rotating at 120° can bring it 
back to an identical quantum state as the initial state measured] 


Again Tetryonic theory and its energy geometries in addition to explaining and correcting electron 
spins also shows that the term electron spin can now be taken literally when modelled with Tetryonic 
geometries to provide an accurate description of the origin of magnetic moments for electrons, in turn 
undermining the foundational postulate of special relativity that these magnetic moments are the 
result of the distortion of spherical point charges and that relativistic Lorentz contractions apply to 
Matter topologies 


Dirack's constant, or Planck's reduced constant [h/2z], is revealed to be a measure of the electric 
permittivity of a relativistic electron's KEM field, and the measurement of the associated magnetic 
dipole of the same KEM field results in the mistaken concept of 1/2 spins in the measurement of Bohr 
magnetons 


The magnetic vector created by the Bohr magneton [or KEM field dipole] when measured with respect 
to the nuclear magneton [Proton magnetic moment] produces either a higher energy [parallel] or lower 
energy [anti-parallel] state for all atomic nuclei 


It is the arrangement of these parallel or anti-parallel magnetic dipoles within atomic nuclei that 
determines the exact frequency-wavelength (energy level) of emitted spectral lines with the interaction 
of a particle’s magnetic dipole moment with external electromagnetic fields creating Lorentz forces 


As electrons and protons have identical quantum Matter topologies [elementary charges] but differing 
mass energy contents the electron is able to create a much larger secondary KEM field (with 
associated magnetic dipole moment) for the same velocity [12Mv‘2] 


The energy level differences created by the parallel or anti-parallel spin coupling of electrons with 
protons or deuterium nuclei within atomic elements creates the hyperfine splitting and Zeemen effects 
observed and spectral lines 


As the electron is now shown to be a complex non-spherical particle topology when it binds with 
protons to form hydrogen the unique Matter topology of both the proton and the electron [Hydrogen] 
create a small but detectable precession in the motion of the spinning electron as compared to that of 
the motion of the same electron in a deuterium nuclei 


Additionally, as all periodic elements, compounds and molecules are comprised of deuterium nuclei 
(not hydrogen as currently supposed) the orientation and spin direction of electrons bound within 
these nuclei results in the diamagnetic and paramagnetic properties of various macro-scale materials 


Tetryonics theory reveals that the mass charge ratio is of particles are measure of the constituent 
mass energy geometries that go into making the particle's final Matter topology that we observe a 
measure 


But unlike the current mathematical approach the geometric approach of Tetryonics reveals the 
hidden mass energy partitions within the Matter topology of all subatomic particles and that particles 
such as tetryons (the quantum building blocks of all Matter) are in fact hidden within the debris of 
current collider results. 


4 quantum charge tetryons have the same1/3 partial elementary charge as some quarks, and 


can be measured as having the same mass charge ratio's as charged leptons such as 
positrons and electrons in collider experiments. 


seated ents To be continued [QED, Chemistry, Cosmology, Mathematics, Biology and economic theory] 
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XII 


The Russians have sustained the largest weapons 
development program ever launched by any 
nation, and they have kept it effectively hidden 
from prying Western eyes. I have called this 
program "Fer-de-Lance," after the deadly South 
American pit viper of that name. 


The dreaded fer-de-lance is a snake of great 
agility and lethal effect. It often ambushes its 
hapless prey, striking unexpectedly and without 
warning. Its first sudden strike is usually lethal to 
its victim, which promptly expires in writhing 
agony. Since the Soviet development of scalar 
EM weapons has been designed for the same 
purpose, the name seems appropriate. 


we 
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September 15, 1998 
Update 


Note: We have placed this update as a section in front of the original paper. This 
leads to some redundancy, which remains to insure clarity. 


' This is an updated and slightly sanitized version of a paper originally prepared for and 
transmitted to selected Senators and Congresspersons. 

> The present name of the old KGB is the Federal Security Services. The leopard's spots remain 
the same, regardless of its new name—at least for a die-hard old communist faction of it. 
Presently the helm of Russia has been turned over to a new Premier who has an extensive KGB 
background. However, Putin has chosen to differ from the traditional KGB outlook and seems 
intent on becoming America's trusted cheap oil partner and supplier, in a bid to help his economy 
and pump much-needed funds into it. His friendship with George Bush may be one of the turning 
points of this new century He at least has achieved sufficient control over much of the KGB to 
get on with trying to solve his economic problems and break the old "die-hard communist" mold a 
bit 
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2002 OVERVIEW AND BACKGROUND 


For some time, Russia and several other nations have possessed highly advanced 
"extended-electromagnetics" (energetics) weapons of a very novel kind, using a 
dramatically extended electrodynamics theory {1}. To comprehend these 
weapons requires a combination of non-Abelian electrodynamics in at least the 
0(3) gauge symmetry {2}, general relativity, Bohm's interpretation of quantum 
mechanics {3}, and the use of time-domain (scalar) energy, fields, and potentials 
to directly enter distant 3-spatial points without propagating energy through 3- 
space. It also requires correcting many of the serious errors in classical 
electrodynamics. Probably the most elegant and applicable extant model to deal 
with these phenomena and weapons is Sachs' {4} unification of general 
relativity and extended electrodynamics, particularly as implemented in O(3) 
electrodynamics. O(3) allows direct engineering by modified EM means. 


Most of these energetics weapons are more advanced than what has previously 
been known to the U.S. military, intelligence, and scientific communities, 
although parts of the communities are finally making real progress in 
understanding such "revolutionary" areas. For example, every major weapons 
lab on earth seems to have discovered longitudinal EM waves and longitudinal 
EM wave weapons—the scalar interferometry we have been discussing for so 
long {5}. A major contributing factor holding back U.S. catch-up is that the 
flawed foundations of Maxwell's 1865 theory {6} have not been changed by the 
Western scientific community. 


Historically, the scientific community exerts resistance to substantial innovation. 
Often 40 to 50 years are required to do what can be done with a concerted effort 
in four years. The Manhattan Project in W W II is a notable example of where 
the scientific community made a maximum effort and did a difficult job in four 
years. Also, "skunk works" efforts continue to be utilized for very rapid 
development when something really advanced is to be done and done quickly. 


With the U.S. substantially behind in these "new" strategic superweapons, a new 
Manhattan Project would appear to be advisable and warranted. There are at 
least some indications that such may actually be going on at last. We hope the 
indications are true. 


A sobering development that occurred early this year (2002) was China's 
deployment of both quantum potential (QP) weapons {7} and negative energy 
electromagnetic pulse (EMP) weapons (a type which we originally called the 
MindSnapper to disguise its true nature) {8,9}. The QP weapons are the 
dominant weapons on Earth today, followed closely by negative energy EMP 
weapons in second place. We have not been able to ascertain exactly how many 
nations have the negative energy EMP weapons, but it is at least five at the time 
of this writing. 
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The U.S. is still well behind in the use of special "engines" (special curvatures 
of spacetime and their dynamics, but achieved with higher group symmetry 
electrodynamics) for directly engineering the mind itself, and for producing 
nonmaterial robot systems made totally of such engines—"causal system 
robots" which we will mention later. Several of the Western nations do 
accomplish work in the mind control area, but use a sort of "brute force" method 
oriented on frequency and frequency changes, etc. where the true active mode is 
the unsuspected transformations of the U(1) electrodynamics to a higher group 
symmetry unified field theory electrodynamics, accomplished by the human 
body tissues and structures themselves. 


Western scientists have not realized that all EM energy in 3-space actually 
comes from the time domain fo each point in 3-space and returns from that 3- 
spacc point back to the time domain.’ Hence "propagation" of 3-space EM 
energy is actually the propagation of a "circulation" of EM energy between the 
time domain and 3-space, involving each 3-space point presently said to be 
"occupied" by the energy. Unfortunately, Western science is still unaware that 
no observable exists in time, a priori, since by definition it has no extension in 
the time dimension at all {10}. Instead, an observable continually recurs as a 
frozen 3-space snapshot of an ongoing dynamic 4-space interaction, due to the 
continual repetition of the observation process which is the application of a d/dt 
operator to the ongoing 4-interaction. Hence, we "see" physical reality (3-space 
reality) similarly to the way we view a "motion picture" series of successive 
frozen frames. The major result of this flaw (mistaking a 3-space observable as a 
4-spatial cause) in Western science is that Western science still extensively 
substitutes effect for cause—e.g., in the notion of a separate 3-force acting on a 
separate 3-mass. No such situation exists in nature, and nothing "moves" or 
"changes" in 3-space alone. For an entity to exist in time, it requires at least 4- 
space because a time length is required. Nonetheless, the West is making 
progress. If some of its scientific dogma can be overcome, the younger scientists 
will break free and readily do the job required for the defense of this nation. 


Mad Scramble of Soviet Science After the End of WWII 


During WW II the West produced a great technical breakthrough and obtained 
the atom bomb as a decisive new weapon. While speeding up his own atomic 


3 Specifically, energy comes from the time domain to the negative 3-charge, thence to the positive 
3-charge, thence back to the time domain in a 4-circulation of EM energy. With extra energy 
appearing and present at the negative charge due to entering 3-space there, and with less energy 
present at the positive charge due to the energy leaving 3-space there, there is a delta in energy 
density (pressure) across a dipolarity, oriented from negative to positive. That is the exact basis of 
the T. T. Brown unilateral thrust force, and the force used in the "lifters" experiments today. To 
calculate the force, the long-unaccounted Heaviside energy flow component must also be 
accounted— not just the weak Poynting flow component. 
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weapons program’ as a result, Stalin also ordered his own Academy of Sciences 
to quickly derive the next great new technical breakthrough, and he held the top 
scientific leaders themselves personally accountable to him, to see that it was 
done at all speed (Figure 1). 


The Communists starved 
millions of Russian Kulaks to 
collectivize Soviet farming 
Assembled Academy 





Stalin 


"The destiny of communism has been frustrated by the U S development of the 
atomic bomb That is not the last great technical breakthrough The next one WILL 
be Soviet! You will provide me with that great new technical breakthrough at all 
speed, or | will have your heads Do | make myself dear, comrades?" 


Figure 1 Stalin's dictum removed any resistance from his scientific community. 


Simply put, Stalin placed the heads of the Soviet scientific leaders on the 
chopping block, since he was an absolute dictator and often killed or imprisoned 
those who opposed his instructions. To survive, the leaders of the Soviet 
Academy had to demand the utmost of their subordinates, because they 
themselves had to report their progress or lack of it to a dictator who would and 
did take swift action if they did not produce results. Thus, Stalin simply 
bypassed the usual scientific posturing and protracted delay so typical of our 
Western scientific bureaucracies.” If the Directors of the Russian scientific 


* At the Potsdam conference, after Truman informed him the U.S. had just exploded a great new 
explosive weapon, Stalin secretly called the head of his nuclear weapons program and ordered 
him to accelerate the Soviet nuclear weapons program. 

Asa simple example, the U.S. National Academy of Sciences, National Research Council, 
National Academy of Engineering, and the National Science Foundation—and all the electrical 
engineering departments at all the universities in the U.S.—have not yet recognized that all EM 
circuits and systems are in fact powered by EM energy extracted directly from the seething local 
vacuum by the source charges and dipoles in the circuit or system, and particularly by the broken 
symmetry of the source dipole in the generator or other primary power source. They also have not 
yet solved the more than a century-old source charge problem, but continue to support 
engineering models assuming that the charge freely creates real EM energy out of nothing at all, 
in total violation of the conservation of energy law, and pours that created energy out, freely and 
continuously, to establish its associated fields and potentials and their energy reaching across the 
universe. The agencies thus unwittingly advocate perpetual motion machines on a scale 
unparalleled in history. They continue to support an electrical engineering model and a classical 


I ol ou DeE LANCE 


community dragged their feet and did not push his desired program to the limit, 
their heads would roll—and some did. 


As a result of Stalin's forceful intervention, the entire Soviet scientific 
community was galvanized into a most intensive review of all of physics. The 
scientists desperately sought to quickly uncover potential breakthrough areas 
that could be developed into the great leap forward that Stalin demanded. They 
had to have progress, and they had to have it rapidly. 


One Institute Had 2,000 PhDs and a Full Support Staff 


Large review institutions were quickly set up, staffed with the best Soviet 
scientists and support translators and teams. One such search institute involved 
some 2,000 Ph.Ds along with their support staffs. Soviet ships brought in 
shiploads of copies of all the scientific journals of the West—from the 
beginning—, and they were reviewed paper-by-paper, page-by-page. Anything 
novel and implying new scientific possibilities, or anything that had not been 
adequately followed up, was laid aside in a "select" pile for further review and 
decision by the best Soviet theoreticians available {11}. 


One gets a new physics by discovering shortcomings and flaws in the old one. 
This intensive Russian search almost immediately uncovered the deep flaws in 
classical electrodynamics—flaws that have been propagated throughout most 
other branches of science. Classical electrodynamics (and electrical engineering) 
is particularly beset by hoary flawed foundations problems, dating from at least 
1865. As an example, the equations did and still do assume a material ether, and 
they have since the beginning! Not a single equation was changed when the 


electrodynamics model which do not even model the active vacuum and its exchange with every 
charge, much less a broken symmetry in that exchange. So none of those agencies even knows 
what powers an electrical circuit, 45 years after the proof of broken symmetry was accomplished 
by Wu and her colleagues in 1957, and the Nobel Prize was then quickly awarded to Lee and 
Yang the very same year (1957) for predicting that broken symmetry revolution. In the modern 
view a charge is a dipolarity, when its vacuum interaction is considered. As a dipolarity, every 
charge exhibits the proven asymmetry of opposite charges, in its interaction with the active 
vacuum. The charge thus extracts and outpours real observable EM energy from the vacuum, 
freely and continuously, and it exhibits COP =00. Those agencies—along with nearly all the rest 
of the U.S. scientific community—still naively assume that a COP>1.0 EM system (i) is 
impossible, (ii) is against the laws of nature, and (iii) is a forbidden perpetual motion machine. In 
nearly half a century since the discovery of the broken symmetry of opposite charges, those 
agencies have yet to apply that finding to electrical engineering and engineering curricula. 
Frankly, since they have dragged their collective feet for nearly a half century on extracting EM 
energy from the vacuum, what is needed is a Stalin to put his iron boot firmly to their posteriors 
and call their attention to it in language they cannot ignore. The pollution of the planetfor energy 
purposes and the imminent oil and energy wars that will ravish the earth are directly due (i) to 
this inexplicable dogma upheld by the scientific community and (ii) to the community's continued 
falsehoods equating EM COP>1.0 to perpetual motion machines. The continuing failure to 
incorporate the active vactnun exchange—and its broken symmetry—into electrical engineering 
and classical electromagetics also poses an unacceptable threat to the continued survival of this 
nation. 
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Michelson-Morley experiments in the 1880s destroyed the material ether itself. 
The classical EM model also assumes a flat local spacetime (falsified by general 
relativity since 1915) and an inert vacuum (falsified in particle physics for 
several decades). It still assumes the same EM field in mass-free space as exists 
in mass—a non sequitur of major impact. Just to make the Maxwell-Heaviside 
equations easier to solve and avoid numerical methods, the totally arbitrary 
Lorentz symmetrical regauging® discards all EM systems far from equilibrium 
with their active vacuum environment. In fact, there is no "active vacuum 
environment" in the model, much less a broken symmetry in that exchange. Yet 
that very broken symmetry is exhibited by every charge and dipole {12}, and 
thus by every EM circuit and system. That asymmetry is involved in the 
continuously increasing giant negentropy poured out by every charge in the 
universe, thereby generating all EM fields and potentials and their energy, 
eventually reaching even across the universe, and with perfect macroscopic 
order and time duration as long as one wishes. Indeed, all electrodynamics is in 
total violation of the second law of thermodynamics, to any macroscopic size 
level and time duration desired.’ 








The terribly flawed electrodynamics model was completely overhauled by the 
Russian scientists very quickly, and the work was accomplished by some of the 
best nonlinear scientists in the world. Already present at the time were many 
things available to assist in dramatically extending {13} the hoary 1865 
Maxwellian electrodynamics {6}. Gauge field theory was available since the 
turn of the 20th century, and the top theoreticians could readily see that 
something more than Abelian electrodynamics was firmly required in particle 
physics. The Yang-Mills {14} theory met that need in 1954 by originating non- 
Abelian gauge theory. 


Situation in the Early 1950s 


By 1950, Stalin's scientists had the beginnings of what they dubbed "energetics' 
{15,16}, which we would dub an "engineerable unified field theory" 
{17,18,19}. Longitudinal EM waves were primary {20,5} in that more 


1 


® Actually a version of this symmetrical regauging was first performed by Ludwig Valentin 
Lorenz, "Ueberr die Identitat der Schwingungen des Lichts mit den elektrischen Stromen," Ann. 
Phys. Chem., Vol. 131, 1867, p. 243-263—only two years after Maxwell published his seminal 
theory in 1865. The paper is also published in English, as Ludwig Valentin Lorenz, "On the 
identity of the vibrations of light with electrical currents," Phil. Mag., Ser. 4, Vol. 34, 1867, p. 
287-301. Unfortunately not much attention was paid to Lorenz's effort, since he independently 
derived electrodynamics. Decades later, when H. A. Lorentz also published symmetrical 
regauging of the Maxwell-Heaviside equations, he was given credit for it with no further mention 
of Lorenz. A proper historical summary of this has been given by J. D. Jackson and L. B. Okun, 
"Historical roots of gauge invariance," Rev. Mod. Phys., Vol. 73, July 2001, p. 663-680. This is 
an excellent coverage of the history of who actually did what and when, and who got credit for it. 
’ This dramatically extends the size regions (microscopic through colloidal) and the time 
durations (momentary to two seconds) where the second law is known and proven not to 
necessarily apply. 
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fundamental approach. By the mid 1950s, one can pick out of the open literature 
{21} increasing incidences of prototype Russian energetics weapon testing 
around the world. In 1960, Khrushchev {22} spoke obliquely of these "fantastic 
new weapons" that were "just within the portfolio of the Soviet scientists," so to 
speak. Commercial aircraft sightings (Figure 2) and the reports of their captains 
and crews are also a particularly significant source of sightings of Russian 
energetics weapons tests, as are sightings by ships' crews (Figure 3) and ground 
observers (Figure 4). 


18-27 km diameter 


Asahi Evening News, Tokyo 
June 22, 1982 


Multiple tests seen per month, for years. 
Pilots simply ceased reporting them. 





Figure 2 Typical shield test, northern route to Japan, seen by passing airliner. 
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Figure 4 Nick Downie's sighting from the ground of distant Soviet missile shield tests. 


1963 Deployment and Immediate Use of Scalar 
Interferometers 

The first huge scalar potential interferometers {23,24} of strategic range and 
power (Figure 5) were deployed by the Soviets in 1963, and one was used to kill 
the U.S.S. Thresher nuclear attack submarine (Figure 6), leaving clearly 
recognizable signatures {25}. 


Since 1963, the Russians have had the equivalent of more than seven additional 
Manhattan Projects (using the Russian 5-year program instead of the 4-year 
Manhattan Project), back-to-back, in development of energetics weaponry. The 
energetics weapons have never been given to the regular Russian forces. Instead, 
all research, production, siting, manning, and employment are by the KGB and 
still under ruthless KGB control by die-hard communist factions {26}. 
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Figure 5 Scalar (longitudinal EM wave) interferometer. 
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Figure 6 Kill of the U.S.S. Thresher. With her controls jammed, the hull of the doomed 
submarine implodes when she reaches crush depth 


An Example of Russian Technology Astonishing Western 
Scientists 


Some years ago, coordinating with a Western but non-US aerospace firm, I 
furnished the firm with the names and addresses of some Russian scientists in 
Moscow, since it was clear from their internet site that the scientists were on the 
fringes of the KGB energetics weapons program. An excellent European 
engineer fluent in Russian was sent in, several times. Several unusual things 
were demonstrated to him, including (i) transmitting enormous energy down a 
very thin wire, and (ii) cold molding, or turning metal into a liquid at room 
temperature, pouring it into a mold, and then letting it sit and harden. All 
without heating. 


The engineer also closely questioned the Russian scientists about Russian 
energetics weaponry, a subject the scientists were most reluctant to discuss. 
Finally they admitted the energetics weapons existed, and they actually obtained 
a meeting between the engineer and the KGB General who had directed the 
Soviet energetics weapon program for more than 20 years. In the meeting, the 
General coldly admitted the weapons, stated that "Of course you are not going to 
be allowed to see those!" and confirmed that somehow the Russians obtained 
everything the present author writes, as soon as he writes it {27}. 


The engineer then brought the Russian scientists to his aerospace firm in that 
Western nation, where the scientists demonstrated cold molding to assembled 
scientists and some U.S. personnel. I forwarded a written explanation to the 
Western scientists of how the cold molding was performed technically. Later, on 
calling the engineer again, I discovered that the foreign authorities of that 
country had suddenly classified everything over there, and the engineer could no 
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longer even talk to me without filing a Foreign Intelligence Contact Report. My 
own part in all this was completely open-source, pro bono, and I had already 
written of it openly and publicly. 


Softening of Metal at a Distance Was One Effect Used 
Against the Challenger 


At any rate, earlier I had openly advanced (and printed) the same mechanism, 
since it was the metal softening mechanism used by the KGB to kill the U.S. 
Challenger spacecraft in 1986. Publicly I had been resoundingly called a lunatic 
for advancing such a "preposterous" thesis. Nonetheless, metal softening by a 
distant LWI (longitudinal wave interferometer) was definitely utilized as part of 
the kill of the Challenger, as a close colleague here in the U.S. proved 
experimentally, detecting and demonstrating that metal-softening Russian signal 
prior to the kill of the Challenger. He amplified the signal and demonstrated on 
the bench its nearly instant softening of nails, rendering the nails momentarily as 
limp as wet noodles (Figure 7). Nails from the same box, not exposed to the 
signal, remained hard and could be hammered into a board. Not so the nails 
from the box that were exposed to the amplified Soviet signal! Those nails 
folded up like a wet noodle when tapped with a hammer, and could not be 
driven into a board. 


Working unpaid with the foreign scientists, we had in fact obtained the 
"smoking gun" proving that this cold molding capability rigorously existed in 
the KGB inventory. Further, it had existed so long that the KGB had essentially 
declassified it so that the civilian Russian scientists seeking employment funds 
from the West could utilize it. 
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Figure 7 Proof of metal-softening signal: Golden softens nails with amplified Woodpecker 
signal. 


Energetics: Three Branches and a Strategic Deception Plan 
The energetics weapons use exotic polarizations of EM waves, quantum 
potentials, and the "infolded" LW electrodynamics (both scalar and longitudinal 
photons) inside and comprising every "ordinary" transverse EM field and wave. 
The KGB energetic weapons are categorized (Figure 8) according to what they 
are targeted against: 


(1) against inert matter, fields, and potentials etc., that branch of weapons 
is called by the same name, energetics weapons. 


(2) Against living tissue, bodies, cells, biofields, biopotentials, etc., they 
are known as bioenergetic weapons. Disease-induction 
electrodynamics such as used to irradiate the U.S. Embassy in Moscow 
are examples of bioenergetic weapons. 

(3) Against the mind, thought, memory, behavior, and the mind-body 
coupling mechanism, they are known as psychoenergetic weapons. 


Particularly in the latter mode, these weapons also use time-polarized 
(scalar) EM waves and time-polarized (scalar) photons as well {28}. 
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Figure 8 Three branches of Russian energetics weapons. 


The KGB also implemented an elaborate and continuing deception plan, as is 
standard military practice for any great strategic attack plan. The KGB deception 
plan has been highly successful {29} in keeping the United States convinced 
that these weapons do not exist, and convinced that the standard strategic 
nuclear weapons possessed by the West are "leading" and "superior." 


Strategic Attacks Scheduled and Why We Were Not 
Destroyed 


Indeed, the West's nuclear weapons are inferior to Russian energetics weapons, 
particularly to the quantum potential weapons (Figure 9) deployed at the end of 
1989 and to the newer "causal system" weapons deployed since the first of 
1999, where functional robot systems (Figure 10) are made of nonmaterial 
spacetime curvatures and their dynamics only! In the event of a full strategic 
Russian energetics strike, an opening strike with quantum potential weapons 
{30} will dud all nuclear weapons on earth, all nuclear power systems, and all 
nuclear propulsion systems in about 10 minutes. This takes care of most of the 
USS. strategic armament, within the first 10 minutes. The publicized strategic 
weapons of this nation have in my opinion been almost defenseless now for at 
least a full decade {31,32}, but I also believe that situation may be rapidly 
changing for the better. 


A friendly little foreign nation does have such weapons including QP weapons 
that operate in multiply connected spacetime (MCS). That little nation has been 
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responsible for our continued survival and has continued to deter the planned 
KGB strategic energetics strikes upon the West. There are indications (though 


still not certain) that at least one—and possibly two—other friendly Western 
nation also possesses such weapons. 





Figure 9 Quantum potential instantly attacking widely separated targets. 
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Figure 10 Causal system robots (CSRs). These are sets of ST curvature engines, with functions 

organized into a single complex weapon system with communication, propagation, weapons 

effects, and command and control functions incorporated. When the CSR interacts with mass, 
the mass performs those system functions. 
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Twice in 1997 alone we were within days of the scheduled total strategic 
destruction ofthe U.S. by die-hard KGB energetic weapons, with all-out 
strategic attacks actually scheduled in each case. The first attack was scheduled 
in latter February but was quickly countered. The attack was immediately 
rescheduled for May 1. The U.S. intelligence and scientific communities were 
apparently unaware of what was happening, and still do not believe it. However, 
as this author previously informed appropriate government agencies a few days 
prior to the attack scheduled for May 1, 1997, U.S. intelligence agencies 
certainly intercepted my urgent personal fax directly to the prime minister of the 
friendly little nation, urgently requesting that the "sane" command and control 
of the countering MCS/QP weapons be changed to "insane" control and spelling 
out the compelling reason why it was necessary. 


In the insane weapons control mode, the computer periodically (say, every two 
hours) initiates launch sequence for the weapon, automatically. If any operating 
personnel remain alive on site, there is a designated short period in the sequence 
where the onsite personnel can countermand the order and abort the launch. If 
(he order is not countermanded, the launch is not aborted and the "doomsday" 
weapon automatically fires. In that case, KGB military power and most of 
Russia would disappear from the face of the earth. 


This was necessary to nullify the impending strikes of MindSnapper negative 
energy EMP weapons {33} on those critical friendly QP weapon sites to 
instantly kill all personnel on site. Strike by the MindSnapper instantly kills 
every living thing in the area, and a protracted contamination remains whereby 
the struck areas emit longitudinal EM waves. If one attempts to insert new crews 
to resume operation of the weapons, the crewmen sicken and then die in the 
entry attempt. First, increasingly severe interference between mind and body 
control occurs. Then the individuals waver, lose consciousness, go into seizures, 
and their minds gradually de-couple from their bodies and they die. Fortunately, 
alter my fax message the C3 system was changed to the insane mode, and the 
Russians were notified, just in the nick of time {34}. To prevent their own 
destruction by the certain insane counterstrike, the KGB aborted the looming 
strategic strikes. 


Ironically, at about the very time that the KGB strategic armada was standing 
down, Secretary of Defense Cohen {35} was making the following statement in 
Georgia: 


"Others are engaging even in an eco-type of terrorism 
whereby they can alter the climate, set off earthquakes, 
volcanoes remotely through the use ofelectromagnetic 
waves...So there are plenty ofingenious minds out there that 
are at work finding ways in which they can wreak terror upon 
other nations...It's real, and that's the reason why we have to 
intensify our efforts.” 


Almost certainly Secretary Cohen had no knowledge that, so to speak, a great 
Sword of Damocles hanging over his head was being removed by a friendly 
little foreign nation at that very moment, as he uttered those words apparently 
referring to the older longitudinal EM wave interferometer weapons. I suspect 
that Dr. Cohen is to this day still unaware of the incidents that were ongoing at 
the time of his poignant statement. 


Attempts to Alert the Nation 


We alerted the President and the National Security Council as early as 1984 
(Figure 54). In 1998 we also furnished selected Senators, Congresspersons, and 
certain high-level U.S. government agencies with color copies of a 200-page 
briefing and expose {36} of—among other things—these weapons, their testing, 
and their clandestine use against the U.S. since 1963. Because of the nearly 50 
years of demonstrated induction of diseases {37, 38} (Figure 11) in personnel in 
the U.S. Embassy in Moscow (e.g., responsible for the deaths of three U.S. 
Ambassadors), we also included part of the briefing on the Priore work {39} 
(Figure 12) showing the remarkable cellular changes (time-reversal of diseased 
states back to a previous earlier healthy condition) that can be and had been 
experimentally induced by energetics under rigorous scientific controls. 
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Figure 11 Microwave radiation of U.S. Embassy in Moscow. 


We proposed to the DoD a very rapid, high priority development program to 
develop portable suitcase-sized computer-controlled treatment devices (Figure 
13) capable of saving a majority of mass casualties—e.g., from a professional 
large anthrax attack on a major population center. 
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Figure 12 Priore’ laboratory and device for treating small animals. 
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Figure 13 Portable unit for rapid treatment of mass casualties. 


The Responses 


The responses—or more exactly the near total lack thereof—by various U.S. 
government agencies were enlightening. E.g., the National Institutes of Health 
(NIH) never let the package out of its Policy (i.e., political spin control) section. 
It did not check a single scientific reference on a proven method documented in 
the hard French scientific literature for reversing terminal cancer, infectious 
diseases, etc. Not a single scientist called me to discuss such a proven, 
revolutionary effect. Instead, the NIH Policy section simply shipped the package 
over to the DOD as "their problem, not ours." That was because the package 
also explained how the Gulf War Disease was induced, including how semen 
can cause infection of the wife, and how the structured body biopotential of the 
sickened veteran can induce similar structuring of the biopotentials of his 
children by proximity, thus inducing various aspects of the disease. 


Effective Survival Treatment of Mass Casualties Could Be 
Developed 


Meanwhile, we had uncovered a way to dramatically speed up the Priore healing 
process, and use only normal transverse EM radiations for ready adaptation of 
existing equipment, while still forcing the same time-reversal of diseased and 
damaged cells back to normal. Just much faster. This meant that very small, 
suitcase-sized treatment units (Figure 13) could now be developed in a 
reasonable time—e.g., in two to three years, given a high priority, intense effort, 
adequate funding, and a carefully chosen scientific team. 


So, we proposed a crash development by DOD of a small, suitcase-size portable 
device for quick, mass treatment of mass U.S. casualties following terrorist 
attacks on our cities using weapons of mass destruction. Eventually an 
innocuous reply (forced by my congressman) simply stated "it was not 
supported by the literature." In the package, of course, I had specifically cited 
the numerous scientific papers in the French scientific literature reporting and 
proving the experimental results. I had also worked 14 years to decipher the 
mechanism actually performing the revolutionary healing accomplished in 
rigorous animal testing by the Priore team. Eleven years after suppression of the 
Priore effort, the University of Bordeaux, which had been pressured into 
rejecting Priore's doctoral thesis, did approve and publish a doctoral thesis by 
Perisse on the work {40}. 


The National Science Foundation (NSF) did not reply at all. Yet at the time the 
official strategic threat to the United States listed WMD attack on our cities and 
great population centers as the greatest threat of all (Figure 14). Today, as 
everyone knows we are in a war after the terrorist attack on the twin towers in 
New York and on the Pentagon on September 11, 2001. The U.S. government 
clearly recognizes that it is not a matter of if additional attacks on the U.S. cities 
and populace will occur, but when. The terrorists are also known to have already 
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infiltrated weapons of mass destruction such as biological warfare weapons 
(anthrax, smallpox, bubonic plague, etc.) Nonetheless, apparently the NSF 
simply did not believe a novel but rigorously demonstrated-in-the-1960s 
unorthodox process that could potentially save most of those millions of 
Americans who otherwise will surely die—and who are going to die in the first 
major WMD strike on our population centers. 


RECOGNIZED TODAY: 

e Sabotage and interdiction 

@ Chemical and biological 

@ Nuclear materials 

@ Powerful explosives 

e Assassination, hostages 

@ Contamination 

e Shoulder-fired AD missiles 

@ Terrorism 

e Nuclear weapons hidden 
in our cites (but shunned) 





PRESENT BUT UNRECOGNIZED: 


Negative energy EMP weapons 

© Quantum potential weapons 

@ EM biological warfare 

* Scalar EM weapons 

@EM disease induction and 
Spreading of immune systems 

® Akeration of behavior and emotions 

@ Alteration of memory and perception 

@ Contro/ of thought and behavior 

@ Action at a distance effects 

® Causai System Robots (CSRs) 





Figure 14 The mass destruction weapons threat to our populace. 


The entire scientific method is based on assigning priority to experimental truth 
rather than dogmatic belief. If experiments refute the theory, the theory must be 
changed and the experimental results accepted. Else one is not following 
scientific method. Apparently the National Science Foundation does not follow 
scientific method, nor does it seem interested in doing so. Neither do the 
National Institutes of Health. The decisive results of some 2,000 rigorous animal 
experiments reported in the refereed scientific literature in leading French 
journals, by multiple established French scientists, were simply ignored because 
the results are contrary to present dogma. Meanwhile, four years have been lost. 
During that four years, the portable units could have already been developed, 
mass produced, and made available to treat and save millions of coming U.S. 
civilian casualties. Apparently the lives of those Americans are not as important 
as maintaining the present medical dogma. When those millions do die—and 
they will—we shall most certainly remind those agencies of the caliber of their 
dedication to scientific method and of their service to their fellow Americans. In 
my personal view, ignoring a chance to save so many Americans is treason of a 
very special kind. 
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The Official Silence Was Deafening 


Not a single scientist in any of those and other organizations seems to have 
taken the package seriously. Not one called me to discuss it, or apparently 
studied the references, etc. No one asked for a personal briefing. No one was 
interested in the actual photo of the strike of a Russian EM missile from a scalar 
interferometer, offset from a U.S. night shuttle launch (Figure 15) from Cape 
Canaveral in latter November 1985, or the photo of the actual registration point 
ball of light high in the air (Figure 16) over that same shuttle launch {41}. The 
same weapon then killed the Arrow DC-8 at Gander, Newfoundland about two 
weeks later (Figure 17). An eyewitness (or more than one) actually observed the 
streak of light from the sky that struck the Arrow DC-8 in the right fuselage 
ahead of the engines {42,43}, after the thrust of the engines were reduced during 
take-off by use of a negative energy (cooling) interferometer. A similar ball of 
light associated with the kill of a Titan missile fired from Vandenberg AFB in 
early 1986 {44} and printed in Aviation Week & Space Technology magazine, 
was also apparently of no concern. 
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Figure 15 Soviet EM missile strike offset from U.S. shuttle launch at Cape Canaveral on 26 Nov. 
1985. This is the smoking gun. 


These remarks are intended to show the lack of understanding that has existed in 
our governmental, scientific, and intelligence communities of what energetics is 
and of the great energetics superweapons that have been developed. With the 

present rapidly growing interest in longitudinal EM waves, however, we suspect 
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that such lack of understanding is now no longer the case. We certainly hope 
that is true, and we are 
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Photographed by George Suchary 





Two weeks later, the same weapon killed the Arrow DC-8 
at its takeoff from Gander, Newfoundland. 





26 Nov1985 


Figure 16 Marker beacon above US. shuttle launch at Cape Canaveral, 26 Nov. 1985. Russian 
crews were using shuttle launches as practice ICBM launch targets. 
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Figure 17 Kill of the Arrow DC-8 at Gander, Newfoundland Dec. 12,1985. 


much encouraged that at least one—and possibly two—friendly Western nations 
now possess quantum potential weapons. 


The Long Dry Spell in Correcting Electrodynamics May Be 
Slowly Ending 


In over 20 years of unrelenting effort, until 1999 we were unable to get any 
significant Western scientists of real "horsepower" (e.g., in non-Abelian 
electrodynamics, foundations errors in electrodynamics, advanced gauge field 
theory, general relativity, etc.) to meticulously examine conventional U(1) 
electrodynamics and its glaring errors, and to look at weapons implications of 
higher group symmetry electrodynamics. 


Beginning about three years ago, however, a noted scientist, Dr. Myron Evans 
{45,2}, along with other theoretical scientists of the Alpha Institute's Institute of 
Advanced Study (AJAS), have been extending electrodynamics by developing 
the 0(3) electrodynamics. They also have deeply examined the Whittaker work 
of 1903 and 1904 on which the early part of the Russian energetics weapons are 
based {24}. 


The AIAS analyses, and subsequent papers by Dr. Evans and Alex Labounsky 
as well as by the entire AIAS group, have clearly established the primary 
importance of time-like precursors of EM fields, operating in massfree 
spacetime where fields E and B cannot exist. These time-like precursors create 
all the rest of the conventional electrodynamic entities {46}. This is a dramatic 
extension to electrodynamics and physics across the board. More than 100 
papers have been produced to date, with more than thirty published in journals 
such as Foundations of Physics, and many of the others are either accepted or 
still in the referee process with various journals. Some 60 of the papers were 
published as a single special edition of the Journal ofNew Energy (JNE) in 
latter 1999, and a second edition of Modern Nonlinear Optics, Wiley, 2001 has 
been published with many important papers. 


However, the problem is that the scientific community, which is strongly 
committed to "business as usual", has funded none of this work. The 
conventional lead agencies of the community are still in the "ostrich position", 
with their heads buried very firmly in the sand with respect to the terrible 
damage they continue to enforce on this nation by their continued perpetuation 
of an old, long-archaic, inadequate electrodynamics and electrical engineering. 


Engineerable Unified Field Theory Is Now Clearly Appearing 


The rapidly emerging AIAS extension of electrodynamics has "met in the 
middle" with Sachs' {4} revolutionary generalization of general relativity and 
electrodynamics. For the first time, an engineerable unified field theory— 
employing 0(3) electrodynamic means—is now being produced. The AIAS 
work in 0(3) electrodynamics was shown to be an important subset of Sachs' 
approach. It also now provides the full, rigorous theoretical foundation and 
model for the Priore mechanisms and results. 





We also comment most strongly that the important SU(2)xSU(2) 
electrodynamics as developed by Barrett (47) leads to essentially the same 
conclusions, since Barrett's electrodynamics is homomorphic with 0(3) 
electrodynamics. Barrett, of course, is one of the pioneers of ultrawideband 
radar—another scientific area that was fiercely opposed and suppressed by the 
orthodox U.S. establishment for some time. Ironically, today those very 
scientists who were so dogmatic in their vociferous condemnation of UWB 
radar, have assumed the mantle of "experts in the UWB field", sometimes even 
taking credit for having "advanced it" in the first place. 


Examples of Some Major Non Sequiturs in Conventional 
Electrodynamics 


In every textbook and millions of technical papers in the West, 
electrodynamicists routinely calculate the "magnitude of the scalar potential". 
Actually, not a single one—including Maxwell—calculated or calculates the 
magnitude of the potential itself. Instead, they universally calculate the reaction 
cross section of the potential at a point occupied by an assumed 
intercepting/collecting unit point static charge {48}. At best that is a 
representation of the intensity of the field at each point. The reaction cross 
section of the potential with a fixed unit point static charge is indeed a scalar 
value. The "scalar" potential itself, on the other hand, is not its own reaction 
cross-section at each point of itself, and it is not a scalar entity at all! Instead, it 
is a harmonic bundle of bidirectional EM longitudinal phase conjugate 
wavepairs, as shown by E. T. Whittaker in 1903 {49}. It is and always has been 
a multi-vectorial, multiwave entity. By slightly reinterpreting Whittaker's work 
to agree with quantum field theory, the scalar potential is also a circulation of 
EM energy from the time domain to 3-space and back to the time domain, at 
every point in space that is occupied by the potential. 


Further, the "field" notion is utilized in two self-contradictory manners. On the 
one hand, it is assumed in the massless reaches of space, and on the other hand it 
is assumed in mass, which is the only case in which aforce field is properly 
defined® The so-called "electromagnetic field" existing in empty space is not an 
EM force field at all, but a curvature or curvatures of spacetime with assorted 
ilynamics. Spacetime is after all active, and being active means curvatures and 
ilynamics. As rigorously shown by the AIJAS theoreticians, what exists in 
spacetime—before the force-fields appear on reacting charged mass—are time- 
like and longitudinal scalar potentials and fluxes. These "pre-EM field" entities 
in fact interact with mass to produce all the force fields (the electromagnetic 
fields). Mass is a component of force; simply by F == dp/dt, which is expanded 


® Since Maxwell and the original pioneers believed in a material ether filling all space, to them 
there was not a single point anywhere in the universe that was devoid of mass. Hence to them 
there was only one kind of field: the kind that exists in mass. 
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into F = d(myv)/dt, which is ma + v(dm/dt). Note that both terms have mass as a 
component. Hence there is no force or forcefield when mass is absent. Present 
mechanics is seriously wrong (and has been wrong for hundreds of years) in 
assuming a separate massless force acting upon a separate mass. 


Jackson, one of the ablest classical electrodynamicists of our day, adroitly states 
how electrodynamicists skirt that issue. Quoting, p. 249 of his Classical 
Electrodynamics, second edition: "Most classical electrodynamicists continue to 
adhere to the notion that the EMforce field exists as such in the vacuum, but do 
admit that physically measurable quantities such as force somehow involve the 
product of charge and field." 


Our comment is that one does not get an observable until after the interaction of 
a cause with a previous effect, to provide a change (a new effect). The 4-cause 
itself—in this case the field that actually exists in the vacuum—is never 
observed nor is it observable. Its effect (force with an affected observable mass 
as a component of it) is observed. The field in space and the field in matter thus 
do not even have the same fundamental units, but differ by a factor of m. In 
electrodynamics the m is avoided by "defining" the field as force per unit 
coulomb of "charge" (without saying or accounting "charged mass"). 


Wide Confusion of Cause and Effect 


Present electrodynamics (and even the hoary old mechanics, as pointed out) has 
thoroughly confused the causal (4-space) side of the observation process with 
the effects (3-space) side—observation yields 3-spatial entities, not 4-spatial. 
Indeed, as is well known, time is not observable, even in theory. That is really 
because observation is a d/dt process applied by the 3-space intermediary (e.g., 
mass) being acted upon by the causal (4-space) entity in spacetime, to produce a 
change in that intermediary (3-spatial) that results (is observed). A priori, the 
output of the observation process does not even exist in time, since its 
fundamental units are LLL and not LLLT. The observation process is thus 
d/dt(LLLT) => LLL. 


Further, electrodynamics omits the fact that, not only does the causal entity act 
upon the intermediary to produce the effect (changes to the intermediary), but 
those changes (effects) also act back (in reverse) through the intermediary to 
produce changes in the causal entity itself. This mutual interaction between 
cause and effect (but never stressed in exactly that manner) is well known in 
GR, where the curvature of spacetime acts upon mass-energy to change it, and 
the resulting change in mass-energy also acts back upon spacetime to curve it. 
The omission of the latter "back reaction" in EM theory by Maxwell resulted in 
omitting half the energy, half the wave, and half the causal entity in spacetime, 
as well as half the effect. The missing half of the effect appears as the 
Newtonian third law reaction, which in electrodynamics is just mystically 
"assumed" to be an effect without a cause. 


The vast importance of restoring this missing "back action of effect upon cause" 
is because it can be deliberately utilized to directly engineer the causal (4-space) 
state itself, producing nonmaterial "engines" and unobservable functioning robot 
systems comprised entirely of curvatures of spacetime and their dynamics. Such 
"causal system robots" (CSRs) can be designed and engineered to then perform 
almost any desired action upon normal mass systems they encounter. The robots 
also can easily penetrate vast depths of mass, which is mostly empty space filled 
with potentials, fields and waves—all of which are just bundles of longitudinal 
EM waves and their dynamics. "Mass" is actually a vast superhighway through 
which such CSRs can easily move at the speed of light {50}. 


CSRs: Engineering the Unobserved Causal Side To Create 
Functional Systems 


Understanding early on the mutual interaction between cause and effect that 
existed in their energetics, the Russians were able to engineer this totally new 
kind of system: the causal system robot or CSR (Figure 10). With sufficient 
theoretical development, one can "work backwards" by adroitly re-engineering 
the effect to obtain a desired causal system (spacetime curvature set along with 
its impressed dynamics; (Figure 18) corresponding to some physical system and 
its changes one desires to engender. One thereby directly creates a deterministic 
set of spacetime curvatures and impressed dynamics, which we call an "engine" 
(Figure 18). This ST curvature engine system can then function as a completely 
separate system {51} (Figure 10). One can communicate with it via longitudinal 
EM waves, control it, etc. By building in scalar interferometry functions, the 
CSR can be given "weapons" capabilities, etc. 








¢ All levels of energy 
structures and all levels STRUCTURING 
of time structures mold ACTIVE OF ACTIVE 


1 s 
spacetime geometry. SPACETIME mpeaa =, 


¢ The "pattern" is called a template for a 
vacuum engine (spacetime curvature 
engine). 

¢ Spatial and temporal stucnines of the 
engine act upon mass at all levels. 


This produces a template of forces, for 
precise translations and stresses within the 
mass at all levels. The forces exist in both 
time and 3-space. 





Figure 18 The principle of general relativity extended to include the concept of the vacuum 
engine. 
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In theory such a CSR can be assembled to perform any desired function or 
complex of functions upon matter, fields, potentials, etc. that is desired. In short, 
one can build real, functioning "infolded" (subspace) robot weapon systems 
using this "backward engineering of spacetime itself process. The huge 
underground facilities (hundreds) that the Russians continued to build after the 
collapse of the Soviet economy and the fall of the Soviet Union, apparently 
contained the full CSR development and control facilities as well as the 
operational systems employed for this totally new kind of weapon system. 


A great engineering of the future lies in engineering CSRs, which already 
constitute a great leap forward past the material nanobot technology being 
pursued in the West. 


Making the First CSR is Extremely Difficult; Making a Million 
Copies Is Easy 


The development of a specific CSR with a specific set of functions is akin to 
developing a highly complex software system of major proportions (several tens 
of millions of lines of code). The job is extremely difficult, and tortuous 
"debugging" is required for a lengthy period. Once a single CSR is completed 
and debugged, however, the production of thousands or even many millions of 
copies is then a trivial task. 


The CSR may be visualized as a sort of vast complex of longitudinal EM waves 
(recall, we are speaking of ST curvatures, not the conventional EM waves 
thought to operate on a flat spacetime. A/J EM waves operate in a curved 
spacetime a priori, as clearly shown by Sachs). It turns out that all matter is 
mostly empty space, filled with potentials and fields. Space itself, considering its 
energetics, may be taken as a giant scalar potential. All those potentials and 
fields and waves are in fact nothing but sets of longitudinal EM waves and 
dynamics. In short, they are vast superhighways for the travel of CSRs and the 
propagation of longitudinal EM waves. 


A CSR can be embedded within any kind of EM potential, wave, or field. So to 
replicate one, one embeds it in a magnetic signal and records that signal on a 
diskette or other media. Then one makes millions of copies of the diskette, for 
perhaps 10 cents or less each. Or do it en masse, by first completing a CD-ROM 
with a hundred or two hundred CSRs embedded in its signals (Figure 19). Then 
simply reproduce the CD-ROM. Every reproduction has another hundred or two 
exact duplicates of those CSRs, made for almost no cost at all. With 
communications built into the CSRs, the command and control facilities take 
charge of them, give them individual numbers or designations, and a robot 
armada emerges with most unusual capabilities indeed. 


The puzzling underground facilities in Russia (which our fellows apparently 
never deciphered and which remained a mystery) apparently contained the 
scientific teams, the research and development facilities, the production 
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facilities, and the command and control facilities for the new vast CSR weapon 
complex. It was to see its first great employment at the end of 1999. 
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Figure 19 Mass reproduction ofa CSR is simple and inexpensive. The CSR resides in, or 
propagates inside, any EM signal, potential, or field. 
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In 1999 The KGB Deployed Massive Numbers of CSRs for a 
Strategic Attack 


In latter 1999 the KGB began massively deploying these CSRs of various types 
throughout the Western world, particularly including the United States. They 
simply sent the CSRs back "inside" the potentials and fields and waves being 
emitted from radio stations, TV stations, power lines, satellites, communications 
systems, inside matter, etc. These CSRs were deployed and infiltrated in major 
command posts and installations throughout the U.S. and its allies. True to form, 
the KGB even "stimulated" some major computer systems in critical U.S. 
government facilities by having the robots "surface" some effects on the 
Computers, right through the firewall programs (whose EM signals and 
operations indeed provided nice superhighways for the robots). Our fellows 
detected the interference as a "sophisticated computer hacking attack" 
(puzzlingly from the Russian Academy of Science), and then the robots 
"submerged" again after deliberately performing actions to produce obvious 
changes and guarantee the U.S. detection of those changes. The purpose of this 
"stimulus and probe" was to see if the U.S. was aware of CSRs and CSR 
technology. We clearly showed we were not, and we still are not aware of them. 
Further, the entire government apparatus—including all our vaunted national 
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laboratories—knows absolutely nothing at all about CSRs, and none of the 
laboratories believe it. That is the same posture they've been in with respect to 
energetics weapons for a half-century. Apparently they will be in that same 
posture for another half century, left to their own devices. 


However, I was not allowed to remain a casual onlooker for this new CSR 
armada! The KGB also planned to use me as a stimulus to ping the government 
yet another way, and then assess the government's response. 


Here in Huntsville, suddenly I was personally struck by such a CSR right from 
my computer monitor, with the attack riding through the light from the monitor 
to my eyes and retinas and right into the brain and nervous system (Figure 20). 
This was the type of CSR that can lurk in any potential or field inside a 
computer, and then strike and kill the operator looking at the screen. The CSR 
took over control of the machine, split the screen so that only one-inch 
horizontal strips were luminous—one at the top and the other at the bottom of 
the screen with the middle dark. These two separated horizontal strips allowed 
scalar interferometry via the inner LWs comprising the light from the two strips. 
The LWI signals crossed in my vision center, where suddenly ordinary EM 
signals and waves were produced by the scalar interferometry occurring there. 





Stimulating apparently the | 
only analyst capable of 21719! 

recognizing a CSR attack \ 
and connecting it with the 
scheduled giant strategic 
CSR attack. 


KGB General commanding 
the energetics weapon 
previously confirmed that 
what this analyst writes on 
his computer is received as 
soon as he writes it. 
Apparently accomplished 
by Tempest techniques or 
directly by energetics. 





Figure 20 Present author struck by CSR in latter 1999 as a deliberate nonfatal stimulus. 


I saw rapid blinding flashes like a hundred flashbulbs exploding at once right in 
my face. However, the signals representing those "flashes" were being created 
right there in my vision center. An external camera would have recorded only 
the weirdly separated screen display. It would not have shown the brilliant 
flashes of light I was seeing, unless it was set up stereoscopically. The strike was 
deliberately sustained for only about 10 seconds so as to be severe but nonlethal; 
about 30 seconds would be totally lethal. Violent fibrillation of the heart also 
resulted explosively, and I was instantly hypnogogic and seriously weakened by 
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sudden hypoxia from near total lack of blood pumping (because of the 
fibrillation). The purpose was apparently to strike the only analyst in the U.S. 
who would recognize what the nature of the attack was, stimulate him, watch 
him try to notify the government, and then observe the government's reaction. It 
look four days to recover from the strike. But I knew immediately what had 
made the strike, and that I had been hit with a CSR weaponized by having a 
built-in scalar interferometry capability. It was also a very sophisticated CSR, as 
it showed by assuming complete "intelligent" control of my computer's 
functions. 


When I finally recovered, I did notify the government and warn them of CSRs, 
exactly as anticipated by the KGB. As might be expected, the government's total 
disbelief and lack of reaction clearly showed they knew nothing of CSRs. They 
simply did not believe such weapons existed or even could exist. Sadly, once 
again one faced the "not invented here" syndrome. General relativity and its 
provision for spacetime curvatures and their associated dynamics (engines) 
operating back upon mass are apparently just supposed to remain a theoretical 
curiosity. Why, obviously no scientist in his right mind would think of 
weaponizing such! 


A more correct answer is, "Like hell they wouldn't!" American scientists would 
not think of it, but Russian scientists with their national chess-playing 
psychology will immediately seize upon any opportunity—even many moves 
ahead in the game—and develop it and utilize it. They understand and use the 
boa constrictor. We only understand and use the immediate rattlesnake. 


How the Asymmetrically Deployed Strategic Attack Was 
Stopped in Its Tracks 


However, we also alerted the "little nation" that has advanced EM weapons 
technology, which—since early 1997—has been saving the U.S. by forcing the 
abortion of impending KGB energetics weapons attacks. 


When I warned them in 1997 about the MindSnapper weapons and mind-control 
weapons used against Captains Button and Svoboda, unknown to me at the time 
they later reacted and suddenly destroyed those facilities in Russia (apparently 
with violent scalar interferometry strikes). So that mind-control type of attack 
being readied for 1999 was thwarted for a few years by these strikes sometime 
prior to mid-1998. 


But to return to the CSRs. In the latter quarter of 1999, the Russians were 
developing and deploying throughout the West numerous kinds of CSRs. So the 
period at the end of 1999/first few days of 2000 attack was already scheduled for 
a massively programmed CSR attack. It was designed to cripple the entire 
nation, and perhaps even collapse it economically, yet all would be blamed on 
Y2K! Our scientific ignorance guaranteed that we would blame it on something 
mundane that our scientists could understand: Y2K problems in all the old 
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software programs running so much of our automated systems, communications, 
and centralized functioning, accounting, banking, etc. In short, the KGB planned 
to give us a bicentennial gift: a Y2K nightmare far beyond our wildest fears. 


After my recovery from the CSR strike in the latter quarter of 1999, I again 
urgently alerted the friendly nation of the development of CSRs and their 
widespread deployment—and informed them of the personal attack on me and 
specifically why it was made nonfatal. Of course I also alerted our own 
government. We were scheduled for a real Y2K problem that would curl one's 
hair, so to speak, with everything imaginable failing—and probably all blamed 
on Y2K. 


Admirably, beginning just at the end of 1999, the friendly nation simply began 
methodically and massively cleaning out all the CSRs, and they disposed of 
them in very short order! Such CSR systems’ may easily be located and 
destroyed by strategic longitudinal EM wave weapons {52}, when and if one has 
the longitudinal EM wave technology sufficiently developed. So Y2K came and 
went with only a few relatively minor incidents from the normal Y2k problems 
expected.” 


However, unknown to our scientists and intelligence community, a great war of 
a very special kind—the Earth's first strategic subspace war—had just been 
silently fought and won, right there inside our power systems, command and 
control systems, major weapon systems, electrical power systems, electrical 
control systems of our nuclear submarines and strategic bombers and missiles, 
even inside the electronics of our nuclear warheads, etc. And not a bobble 
showed on the surface, anywhere. This was the first real "subspace" war, where 
weapons made of pure spacetime curvatures and dynamics were involved as the 
main offensive battle systems. LWI destruction of numerous CSRs inside 
potentials and fields in various electronic equipment throughout the nation, 
created little or no overt signs at all. 


This time we won, thanks to the "good guys" and not to our own scientific 
community. Next time we may not be so fortunate. 


The Mostly-lgnored Time-Energy Interaction 


For some inexplicable reason, physicists in the West have omitted one-half the 
actual photon interaction." If one allows the spatial energy component of the 
photon to interact, then one must also account for the simultaneous interaction 
of the time-component of the photon. A mass m absorbing a photon (AE)(At) 


° These early CSRs apparently had no "stealth" capabilities built-in, so they were easily detected 
and destroyed, rather like shooting fish in a rain barrel. 

'Rven so, anormally disastrous Y2K problem was narrowly averted, in the nick of time, by a 
concerted national software reprogramming effort massively mounted and costing billions of 
dollars. Otherwise, the expected "ordinary" Y2K problem would have been very bad indeed. 
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becomes masstime (m+dm)t, not mass m. Mass m and masstime mt are as 
different as are force F and impulse Fr. No scientist in his right mind would 
ignore the ¢ in Ft and consider just the force F. Yet that exact kind of giantfaux 
pas has been done for many decades now in the photon interaction. And it is still 
ubiquitously done in physics. Mass does not emit photons; masstime does. 
Again, physicists confuse effect and cause. 


As the Russian energetics weapon scientists know full well, time is actually 
spatial energy compressed enormously, by at least the factor c’. Hence time has 
at least the equivalent energy density of mass. The greatest amount of "energy" 
existing in a photon—particularly in lower frequency photons—is in that "time' 
part that is arbitrarily ignored and discarded. An ELF photon has enormously 
more total energy—by many orders of magnitude—than does a gamma ray 
photon. 


1 


Energy and time components in the photon are canonical. Low frequency 
photons are reduced in the magnitude of their spatial energy component and 
thereby maximized in their time components. For the ordinary (decompressed) 
energy equivalency of the time component, one must multiply the time in 
seconds by c’. Halving the frequency, e.g., doubles the time component, whose 
spatial equivalent energy is now (2t)x(c’). With respect to the original photon, 
the new total energy (achieved by halving the frequency) is given by 

((AEy/2) x [(2At) xc”] = [(AE)(At)x c?]. So halving the photon's frequency 
increases its total energy by a factor of c”, which is approximately by a factor of 
9x 10'°. Hence photons actually carry enormously greater total energy (most is 
locked up as time) at low frequency than at high frequency. Indeed, the highest 
energy photon interactions in the universe are at low frequency, ifand when a 
transduction of the available time-energy into spatial energy occurs. 


This has been completely missed in the West, but not by the Russian energetics 
weapons scientists. They have been engineering that formidable new high 
energy but low frequency physics—a physics far more energetic than that used 
in our most energetic colliding beams in "conventional high energy physics". 


The cold fusion processes'” stumbled onto by Western scientists are using the 


"Tl e., except for accounting for the overall "action" (angular momentum) and such things as 
minimum action theorems, etc. Treating the photon's increment of time specifically as a 
formidably compressed piece of spatial EM energy does not appear in Western physics. It has 
long been utilized in the KGB's secret energetics weapon science. 

For an explanation of the use of time-reversal zones in cold fusion experiments, and some of 
the resulting new transmutation reactions that result, see T. E. Bearden, Energyfrom the Vacuum: 
Concepts and Principles, "Chapter 10: Cold Fusion: Low Spatial-Energy Nuclear Reactions at 
High Time-Energy," Cheniere Press, Santa Barbara, CA, 2002. Available from 

www cheniere.org. Statistically, the formation of significant time-reversal zones is guaranteed by 
the transient fluctuation theorem of Denis Evans et al., and by recent experimental work by Evans 
et al. proving that such zones (where the reactions run backwards) can and do occur at up to 
micron (colloidal) size and for up to two seconds in duration. We stress that this is a recognized, 
proven violation of the second law of thermodynamics already known to physics. 
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time-energy component of photon interactions, to generate enormous localized 
EM energy directly upon the interior quarks and gluons of nucleons {53}. We 
worked out a speculative explanation of the active time-energy transduction 
mechanisms that fits all the experimental phenomena, including the eerie 
instrument anomalies occurring in rigorous electrolyte experiments at China 
Lake for some years. That is included in my new book, Energy from the 
Vacuum: Concepts and Principles, Cheniere Press, Santa Barbara, CA, 2002, 
available from www.cheniere.org. 


Of course consistency alone does not prove it conclusively; consistency is a 
necessary but not sufficient condition for proof. But at least the proposed 
explanation is consistent, and nothing else seems to be, at this time. In one 
chapter in my referenced new book we do cover the cold fusion mechanism and 
give specific new nuclear reactions producing the excess deuterium, tritium, and 
alpha particles in so many successful cold fusion experiments worldwide. 


My "time-reversal zone" approach is stringent, because the recent work by 
Denis Evans et al. {54} has clearly shown that reactions can and do run in 
reverse—totally in violation of the second law of thermodynamics—at micron 
(colloidal) level in size and for up to two seconds in duration (and sometimes 
even a little longer). So experimental demonstration that the "time reversal 
zones" I assumed can and do indeed occur has now been accomplished by Evans 
etal. This provides strong experimental and theoretical support for the basic 
assumption (of the formation and momentary existence of localized time 
reversal zones that subsequently decay) we used to derive the fundamental cold 
fusion mechanism including some of the specific reaction equations for excess 
deuterium, tritium, and alpha particles now demonstrated in hundreds of 
successful experiments. 


In a reversed zone the law ofattraction and repulsion ofcharges is reversed, so 
that like charges attract—sometimes so closely that each enters the strong force 
region of the other, forming a quasi-nucleus (Figure 21). As the time-reversal 
zone subsequently decays back to a time-forward zone, the reduced strong force 
is restored much faster than the Coulomb force is reduced and then reversed 
back to normal. So during this readjustment decay process, the quasi-nucleus 
will simply change to an isomer and a known nucleus by quark-flipping to 
change an H+ ion to a neutron. Note that the "reversal zone" momentarily 
changes the Coulomb barrier—always the only thing that has really prevented 
chemical fusion and transmutation at low spatial energy—to a Coulomb 
attractor. Hence cold fusion—as now backed up by more than 600 successful 
experiments worldwide, by multiple laboratories and researchers in multiple 
nations—is an established fact and a herald for a vast new science based on 
deliberate and intentional reversal of the Coulomb barrier and use of time- 
energy. 


With its usual perspicacity, the organized U.S. scientific community has flubbed 
it—and flubbed it badly—with respect to cold fusion. Its contribution has 
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largely been a tirade of ad hominem attacks, slander, and libel of a viciousness 
seldom seen in the annals of science. Once again, the community is far more 
devoted to defending its cherished dogma (and its own rice bowls from the 
conventional Big Nuclear Science that cold fusion thoroughly upsets), than it is 
in applying scientific method which calls for believing the experiments and 
changing the dogmatic theory. 


e Fermions time-reverse in even 


numbers 
e Like charges cluster ©--© 
@ Aqueous solutions contain H+ 

ions, which are just protons -©) ©O- 
@ Quarks flip as TR zone fades 


20H: +1Hi) — 4GM1) > 2(on1 + 1A) 
— .He:s = helium (alpha) 


Figure 21 Example ofa time-reversed zone nuclear reaction common in successful cold fusion 
experiments. 


Development of Threats and Scheduled Attacks Aborted 


KGBenergetics weapons have long constituted our single most pressing yet 
largely unrecognized national security problem. That problem has also increased 
with the growing development and deployment of such weapons by other 
nations such as China. Some 10 nations, for example, now have scalar 
interferometry weapons, and even the Japanese Yakuza has them and also has 
their own secret facilities for producing them in Japan, including small portable 
units developed for use in assassination and terrorist type warfare within a 
targeted nation—the United States of America. 


Unknown to our government, we narrowly escaped destruction twice in the first 
half of 1997 from scheduled all-out strategic KGB energetics weapons attacks. 
Only the actions of a friendly small country countered the attacks and caused the 
KGB to abort on each occasion. 


When the second scheduled Russian strategic attack was aborted just prior to 
May 1, 1997, anew KGB counter-counter for the friendly counter used by the 
little nation in latter April 1997 was already rapidly being deployed. The new 
Russian counter-counter—seizure and control of the mind of an operator at a 
distance, and complete control of his actions while he performs sophisticated 


technical tasks—was tested in two separate incidents {55}, first on Captain 
Button (Figure 22, Figure 23) and then on Captain Svoboda about two months 
later (Figure 24), each flying an A-10 Warthog aircraft over the U.S. 


Instant hypnogogic state 

Sense of horizontal direction skewed 
Sense of time distorted 

Dream-thinking, flew a “normal mission" off 
course for over an hour and then crashed 
At one point, circled. May have dropped 
ordnance there, dream-thinking he was on 
range and attacking a target 
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control of person and his precise 
actions at a distance 
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Can control crew operations 
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Figure 22 Captain Button's bizarre flight to his death on 2 April 1997. 





Armed with: 
-Four 500-b bombs ril 9 
- 30 mm Gatling gun 


Figure 23 Captain Button's flyaway path to his eventual fatal crash. 


The highly successful test against Captain Button (Figure 22, Figure 23) is 
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particularly significant, as we have explained. Captain Button was controlled 
while performing highly technical operations, for more than a full hour, and one 
hour was apparently the acceptance test specification. Captain Svoboda (Figure 
24) simply had her mental perception of up and down instantly reversed while 
climbing her A-10 warthog from low level ordnance delivery on target. 
Erroneously perceiving she was diving, she immediately "corrected" sharply to 
"climb", thereby diving headlong into the ground and perishing in the resulting 
explosion of her aircraft. 
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Figure 24 Climbing out of low-level ordnance delivery, Captain Svoboda suddenly dives 
headlong to her death on 27 May 1997. 


Svoboda's kill demonstrated a tactical destruction usage, whereas Button's test 
demonstrated a strategic hostile usage of the adversary's defending weapons 
crew to take action against the adversary's defending strategic weapons system. 
A new KGB strategic energetics attack against the United States—using the 
mind control (psychoenergetics) weaponry to take over the operators of the little 
nation's QP weapon sites and stand the sites back down for maintenance—was 
rescheduled apparently for latter 1997 to mid-1998 or so. It appears that the 
extensive preparations for that attack were totally destroyed clandestinely and 
very suddenly by the friendly little nation some time after we warned them, as 
we mentioned above. 


However, still another Russian counter—the development of "weaponized 
engines" (functioning causal system robot weapons, "infolded electromagnetic" 
in form) consisting of organized and functioning systems of spacetime 
curvatures operating in and traveling through EM fields, potentials, waves, and 
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signals—came on line (Figure 10, Figure 18). The KGB simply altered the 
attack plan for a Millennium Strike and completed the forward deployment of 
these eerie new CSR systems by introducing millions of them directly 
throughout U.S. facilities, command centers, weapon systems, power grids, 
ships, aircraft, submarines, missiles, nuclear warheads, computers, 
communications systems, etc. 


We estimate that several million such systems were introduced in that manner, 
and readied for the Millennium Strike. The United States and its allies were and 
are almost totally unprepared for this dramatically new kind of strategic warfare 
that has been developed and deployed against us. No such weapons have 
previously existed in history. Consequently our national survival and the 
survival of our allies was once again at stake—and right on schedule during the 
critical period from mid-1999 through mid-2000 that we had predicted back in 
1997. 


The die-hard elements of the KGB indeed had a new millennium gift for us, but 
it was not at all the kind of gift we would appreciate. The KGB is not a 
monolith! This plot apparently did not include Putin, and it did not include the 
rest of the KGB, particularly that element reporting to Putin. 


Live Destructive Tests Over and Near the U.S. Have 
Continued 


Without elaboration, we believe that the Learjet crash incident and the EA-990 
crash incident may have been very sophisticated tests of these new robotic 
causal EM systems. We also believe that the long years of Russian construction 
of over a thousand mysterious underground facilities, even though the Russian 
economy was collapsed and the citizens and soldiers were destitute, is 
significant. Those facilities apparently contain the set of command and control 
systems for this vast new strategic weapon system. 


The facilities also include the "factories" where the CSRs are made, because the 
factories are unlike any other factories ever conceived. They do not build 
"physical" systems, but something more like "software." Only now the 
"software program" itself is an independent robotic system, with a full set of 
weapon systems functions, and capable of independent navigation and 
functioning anywhere, while remaining under KGB command and control via 
longitudinal EM wave communications infolded inside the potentials of earth, 
ocean, and space. The facilities also contain the operational forces, headquarters, 
and communication and control systems that maintain, deploy, and employ 
(fight) these CSR systems, and direct the battle. 


The purpose of the 1998 document we sent to DoD—which did not include the 
causal robot system armadas later deployed throughout everything in the West— 
was to inform selected members of the Senate and Congress of the energetics 
threat situation and summarize it for them. Accordingly, we presented the 
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background of the development and testing of the KGB energetics weapons 
since WW II, in some detail, for selected Legislators and their staffs. We also 
included some specifics on the failure of the U.S. scientific community to keep 
American science and technology abreast of that of our adversaries. 


The Scientific Basis For Energetics Weapons Is Established 


As pointed out above, the scientific basis for our early use of Soviet scalar EM 
interferometry is now rigorously established by work accomplished by the 
Alpha Foundation's Institute of Advanced Study. It is also rather "old hat" now 
that all major weapons labs have discovered longitudinal EM waves and are 
actively working on and with them. The Director of the AIAS, Dr. Myron 
Evans, is an eminent scientist and theoretician with over 600 papers in the hard 
science literature. He and his colleagues also have had zero funding for their 
work on the higher group symmetry electrodynamics necessary to understand 
such things as energetics. A combination of non-Abelian electrodynamics, 
advanced gauge field theory, and the impact of E. T. Whittaker's work shortly 
after the turn of the century has shown that scalar interferometry is real, and that 
weapons based on scalar interferometry can be a potent threat on the battlefield. 
The time-like (time-energy) basis for electrodynamics is now clearly 
established. 


With this important new work, we are now only some 40 years behind the 
Russian weapons scientists! But we are beginning to close the gap—and 
hopefully that will be done very rapidly. 


In 1999 after being personally attacked by a CSR, I again contacted the office of 
the leader of the friendly small nation and again furnished all the information we 
possess on the new CSR systems programmed by the KGB as a countering 
method against the small nation's QP weapons. The outcome was that the little 
nation destroyed the CSRs in time, as we stated above. We were lucky that (i) 
the KGB did attack me with one of the weapons, deliberately to "get my strong 
and immediate attention", and (ii) deliberately did not kill me with the strike. 
Otherwise, there would have been no warning to the little nation, and the U.S. 
and its allies would have experienced a "Y2K" problem worse than their wildest 
fears, possibly collapsing the economy of the United States and much of the 
developed world. 


Our Situation Here In the U.S. Is Precarious 


Meanwhile, our own scientific community apparently does little or nothing in 
these areas, except to castigate, slander and libel anyone daring to suggest that 
such "out of the box" weapons areas even exist. E.g., there does not appear to be 


a single U.S. scientist who knows how to create a time-polarized EM wave." 
There do not seem to be any concerted programs to deal with t-polarized 
photons and t-polarized EM waves. Our scientists still firmly believe that one 
has to propagate spatial EM field energy through space to affect a target 
electromagnetically, when that was obsoleted by Russian "subspace EM 
longitudinal wave propagation" weapon systems deployed as early as 1963, and 
was completely obsoleted by deployment of quantum potential weapons in 
1989. 


Yet a close colleague of the present author has single-handedly developed and 
demonstrated prototype superluminal communication systems using the infolded 
(longitudinal EM wave) electrodynamics, and these systems would have been 
heading onto the market in latter 2001 except for the sudden bankrupting of the 
major backing company. There has not been any funding forthcoming for his 
revolutionary work, but only clumsy attempts to take it from him. It is my fear 
that the further clumsy takeover attempts will be successful, and this desperately 
needed technology will never see the light of day in defense of our nation. As a 
single example without further discussion, his work revolutionizes the present 
notions used in the rapid development of quantum communication and quantum 
computing, because it revolutionizes the very notion of the Q-bit, completely 
removing the statistics of the quantum state and making it engineerable. This of 
course is completely counter to present QM notions, but is consistent with the 
Bohm hidden variable approach to quantum mechanics. 


Meanwhile, our own weapon scientists apparently still do not recognize the 
possibility of a superluminal longitudinal EM wave communication system, and 
appear to have no motivation or intention to develop such. This is in a way quite 
sad; quantum tunneling at more than four times the speed of light, of a clearly 
recognizable Mozart symphony, has already been demonstrated in a section of a 
waveguide {56}. Whatever one wishes to call it and however one wishes to do 
it, superluminal communication of intelligible signals has been clearly 
demonstrated in the laboratory. For the "infolded" longitudinal EM waves, all 
the "normal" or "envelope" EM waves, potentials, and fields are just great 
superwaveguides for such longitudinal EM wave "tunneling through subspace" 
at superluminal speeds. 


'S Keeping one's sense of humor, apparently there has also not been a U.S. scientist who even 
recognized and knew what actually powered an electrical circuit, until our solution to the source 
charge problem and publication of it in 1998. Eerily, even after the technical basis for a solution 
had been proven in particle physics in 1957, no one seemed to have applied the broken symmetry 
of opposite charges to the common dipole and to a dipolarity such as a scalar potential and a 
charge (with its associated virtual charges of opposite sign, in the modern view). Everyone 
accepted that the fields and potentials and their energy are established by their associated source 
charges, but no one had stated that the source charge receives its input energy from its asymmetry 
in its seething energy exchange with the active vacuum. 
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The Dominant Weapons Are Quantum Potential Weapons 


Full-bore deployment of Russian quantum potential weapons occurred by the 
end of 1989, the first lab prototype weapon having been tested in April 1986 
against the U.S. air attack on Libya (Figure 25). Beside Russia, two other 
nations—Brazil and the "little friendly nation"—also had developed quantum 
potential {57} weapons. The United States did not develop them, or at least 
apparently not just yet. 
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Figure 25 US. air strike on Libya, April 1986. 


Burlier this year (2002), China also deployed QP weapons, and we now find that 
another friendly nation has them as well. That brings the total to five, as of this 
writing. Two of those are friendly, and a third is astraddle of the fence, so to 
speak. The other two are Russia (the KGB) and China. 


At this point China could go either way, so it represents a future enigma. China 
hascontrol of the Panama Canal, and has inserted more than 200,000 Chinese 
into Panama—which is on the way to gradually becoming a Chinese territory, as 
soon as the Chinese in Panama outnumber the native Panamanians. In addition, 
under the Clinton administration China gained access through two U.S. ports 
(with little checking, so anything can easily be inserted). China also has 
additional ports in the Western hemisphere. China is almost certain to eventually 
attack and seize Taiwan, which puts her on a collision course with the U.S., 
since the U.S. has an agreement to defend Taiwan. She has also declared the 
South China Sea—through which passes some 60% of the oil bound for Japan, 
and much oil for other nations also—to be Chinese territorial waters. China also 
has developed bioenergetics weapons, having long ago induced cancer into most 


of the GRU Russian representatives then serving in China. She almost certainly 
has or is rapidly working to develop psychoenergetics weapons as well. 


So far as I am aware, there still exists not a single funded U.S. scientific 
program to directly correct the glaring errors in our own classical 
electrodynamics—such as those problems deplored by Nobelist Feynman and 
Wheeler {58,59,60}. Both knew that the force field concept in space was 
erroneous. As they put it, only the "potential" for the force field exists in space, 
in case some charged mass is available there for interaction. But the field itself 
is created by the interaction and is the effect of it. It does not exist before the 
interaction occurs. Yet all our texts continue to teach the disinformation of the 
"field in space." And our science community continues to fiercely defend such 
dogma, attacking and sometimes destroying the careers of those brave scientists 
who do try to change it. 


One notes that time is multiply-connected, since in theory the same instant exists 
at every point in the universe. Or said another way, in any instant in time, every 
point in the universe simultaneously exists. 


Operating in the time-domain as a causal system, and then turning out of one 
point there into any point in 3-space desired, is a means of producing "action at 
a distance" that obsoletes our old concept of transmitting the energy directly 
through space {61}. 


Presently the U.S. scientific community has little predisposition toward energy 
turning into the time-domain, operating in the time-domain, then turning out of 
the time-domain into any desired point in 3-space, anywhere in the universe.'* 
Every 3-space point in the universe simultaneously exists in (is superposed in) 
each point in time, as those points in time occur. In one sense, time can be 
considered to be the total multiple connectedness of space! We suspect that it 
may even be possible to interpret "instantaneous" communication—as by a 
quantum potential—in that "in here-out there" instantaneous fashion via 
"tunneling through the multiple connection of the time channel”. 


Finally, mass—being an observable and 3-spatial—does not exist in time. Mass 
continually turns into masstime (by photon absorption), then masstime turns 
back into mass (by photon emission). Masstime exists in time, but mass does 
not. U.S. scientists also seem unaware that the so-called "rate of flow of a mass 
through time" is generated by the sum total of all photon interactions (both 
virtual and observable) with that mass. The ubiquitous interaction of a mass with 
photons also causes that mass to continually recur, and thus to seemingly 
"continuously exist." It is continually observed, but it does not continuously 


'4 Tf one models the time domain in three dimensions instead of one, e.g., then in theory it 
becomes possible to "flip" a 3-dimensional mass object into the time 3-domain at a single 
"moment," then rotate from that "time 3-point" back into 3-space at a new 3-space location 
anywhere in the universe. Hence the "beam 'em up Scotty!" of the old Star Trek (and the more 
modern beaming version) may hold more of a promise than just for science fiction entertainment. 
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exist! Since the photon interaction is engineerable, then it follows that a specific 
muss can be time-reversed back to an earlier state {62}. 


Cellular Time Reversal: Revolutionary Healing by a Team of 
French Scientists 

Priore and eminent French scientists {39,40} unwittingly used the mechanism 
for time-reversing a mass and every part of it, to time-reverse diseased and 
damaged cells, including tumor cells, physically changing them back to their 
previous healthy physical state and condition in vivo. This included all parts of 
the cell, including its genetics. The Priore team demonstrated revolutionary 
cures of terminal tumors, infectious diseases, atheriosclerosis, and restored 
depressed immune systems. 
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Figure 26 Simplified diagram of the immune system. 


The immune system (Figure 26) heals nothing, not even its own damaged cells. 
The human cellular regenerative system {63} is responsible for all healing in the 
body—and it utilizes time reversal of the damaged cells as the active healing 
mechanism. The regenerative system (Figures 27, 28, 29) pumps the damaged 
cells with longitudinal EM waves (and therefore with time-polarized EM waves, 
which always accompany longitudinal EM waves), inducing the cells and all 
their parts to add the phase conjugates, thereby forming time-polarized EM 
waves and pumping in the time-domain rather than the 3-space domain. This 
dramatically extends nonlinear optics to the time domain, and mass pumped in 
that fashion is time-reversed (propagated back along its own time-track, to a 
previous physical condition. 
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Figure 27 Becker's theoretical control system involved with response to injury. 
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Figure 28 Becker's proposed control system governing regeneration. 
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Figure 30 Kaznacheyev's electromagnetic induction of cellular disease and disorder. 


Kaznacheyev has shown that essentially any cellular disease or disorder can be 
electromagnetically induced in cells at a distance (Figure 30). Together with 
Becker's work, this shows that the cells can be altered either detrimentally 
(disease induction) or beneficially (disease elimination) by purely 
electromagnetic means. It would seem that diseases such as AIDS, e.g., could be 
rather dramatically cured by use of whole-body longitudinal EM wave radiation 
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(with its simultaneously time-polarized EM wave radiation), as was done for 
other diseases by the Priore team and properly reported in the French scientific 
literature. We have also uncovered a process and method for causing the body to 
directly produce the time-polarized EM wave pumping, reducing the irradiation 
to perhaps 30 seconds of pumping instead of two or three hours {64}. 


Becker's Study of the Cellular Regeneration System 


In all our medical science, the only true healing procedures being utilized appear 
to be the use of Becker et al.'s tiny EM stimulation across otherwise intractable 
bone fractures {65} (Figure 31), to dedifferentiate (time-reverse) red blood cells, 
then redifferentiate (time-forward) them again twice to form osteoblasts, which 
are deposited in the fracture site to make new bone growth. All the other 
medical procedures seem to be interventions, not healing. After the 
intervention—which of course may be urgently necessary—it is then up to the 
body to heal itself (restore its cellular and tissue damage and functioning). So we 
have little healing science today, and in fact our medical establishment hardly 
funds any healing studies at all. EM radiation is usually considered as something 
that simply heats tissue. Our present medical science is deeply engrossed in 
studying the immune system. Again, the immune system heals nothing, not even 
its own damaged cells. 
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Figure 31 Becker's epochal bone fracture healing. 


After the immune system "kills the bad guys" and saves the day, the battlefield 
is littered with residue and many cells of the body are damaged. The immune 
system sends in large scavenger cells that clean up the residue. And that's it for 
the immune system. Comparing it to an army's operation in the field, the 
immune system is the combat troops, not the medical services. 


Restoration (healing) of the damaged cells back to normal is accomplished by 
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the cellular regeneration system (Figure 29). This system is little known and 
little studied, but mostly studied by Becker (Figures 27, 28). It is a system that 
functions electrodynamically, but uses time-domain pumping to time-reverse the 
cells and their every part (including their genetics) back to an earlier state. In 
biology, the effect is called dedifferentiation, but without any knowledge of the 
actual EM mechanism. 





So, within its capabilities, the cellular regenerative system in the body already 
uses longitudinally polarized EM waves, time-polarized EM waves (TPWs), and 
optical pumping by LWs and TPWs. Here we point out that neither the 
longitudinal photon nor the scalar (time-polarized) photon is individually 
observable; however, the combination of the two is observed as the 
instantaneous scalar potential {66}. With a little correction to properly make the 
phase conjugate replica wave a time-polarized EM wave, Whittaker's 
fundamental bidirectional EM longitudinal wave decomposition of the scalar 
potential (Figure 32) is consistent. Immediately the direct involvement of both 
the scalar photon and the longitudinal photon—and both the scalar EM wave 
and the longitudinal EM wave—are seen in Becker's bone-healing work using a 
scalar potential (Figure 31). 
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A harmonic set of longitudinal wavepairs. In each wavepair the two waves 
Superpose spatially, but travel in opposite directions. The two are phase 
conjugates and time-reversed replicas of each other. Thus they comprise a 
coupled longitudinal wave and antiwave. The photons must be coupled Into 
photor/antiphoton pairs (gravitons) by a strong application of the distortion 
correction theorem of nonlinear optics. Each wave in the biwave pair is a galloping 
wave. Each wavepair is a standing electrogravitational wave. 

Note: Think of the osciffations as velocity modulations. 

The time-density carried by the waves is oscillating. 


Figure 32 Infolded longitudinal EM biwaves composition of a scalar potential, per Whittaker 
1903. 


Priore unwittingly stumbled onto the actual mechanism used by all biological 
systems in "healing" (cellular regeneration), and also recognized how to amplify 
it (Figure 12). But no one understood its exact nature, including Priore and the 
scientists who worked with him at the time, and the conventional community 
still does not understand it. The Russian scientists not only understood it early 
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on, but weaponized it as well. So did the Chinese. 


Need to Correct and Extend Classical Electrodynamics 


The organized scientific community's protracted defense of a seriously flawed 
classical electrodynamics is long standing. The conventional, comfortable ways 
of "doing business as usual, leisurely" now threatens the survival of the nation 
itself. We need to quickly admit and correct long-standing EM errors—such as 
calculating a reaction cross-section of an entity and calling it the magnitude of 
the entity itself! Our electrical texts continue to make that fundamental mistake, 
and they have done it now for 100 years or more. We need to quickly change the 
classical EM model to include the active vacuum and its interaction, and we 
need to change all textbooks to clearly state that all EM energy in the universe 
comes from the active vacuum, via the asymmetry of the source charges in their 
fierce energy exchange with it. 


We also need to point out that all primary electromagnetic entities—the charge, 
the field, the potential, and every joule of EM energy in the universe—totally 
violates the second law of thermodynamics. The charge produces continuously 
increasing negentropy, the field and the potential are formed at expanding light 
speed across the universe and are perfectly ordered (thereby totally violating the 
statistical mechanics basis of the second law), and every joule of EM energy is 
either field energy or potential energy, and hence violates the same statistical 
basis of the second law. 


The Situation Is Serious 


Admittedly these are strong statements highly critical of our scientific 
establishment's track record. But our national survival continues to be 
increasingly at stake, the situation is serious, and we must not continue to bury 
our collective heads in the sand like ostriches. We simply cannot continue to 
idly sit by and pontificate while other groups and nations methodically 
maneuver technically to cut our collective throats with advanced weapons we 
cannot defend against, once they find a way to "get by" the little nation that has 
been countering them for some years. Our own beloved nation may have less 
than 10 years {67} and perhaps less than three years to survive, unless the 
organized scientific community is galvanized to focus its very best scientific 
efforts in the energetics area. 


So far, in truly innovative approaches to new methods for electrical energy, the 
U.S. scientific community is about as energetic as a sand terrapin sleeping in the 
tropical sun. There is no discernible move to recognize the seriousness of the 
problem, or to do anything effective about it. In 45 years, the asymmetry of the 
dipole (and the charge in its modern view as a dipolarity of special kind) has not 
made it across the university campus from the particle physics department to the 
electrical engineering department. In fact, the implication of broken symmetry to 
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electrical engineering and classical electrodynamics seems to still be completely 
unnoticed by the National Academy of Sciences, the National Science 
Foundation, our universities, and our great national laboratories. In the scientific 
community, other than work on vaccines etc., it is largely "business as usual." 


A New Manhattan Project Is Warranted 


Our need in the energetics weapons area is extreme, as are our needs in the 
medical area for quick, cheap, easy, and effective portable treatment of the 
coming mass casualties and our coming dramatic needs in energy. We do have 
superb scientists with the horsepower necessary to do something about it. The 
astounding, independent work of Sachs, the AIAS, and a few other scientists— 
which we stress has been unfunded—already clearly proves that. But unless we 
change the organized scientific community's normal rather snail-like pace—by a 
strong measure such as a Presidential Decision Directive and a declaration of a 
Nalional Emergency—the U.S. scientific community will overshoot the point of 
no return now approaching. 


We need a new Manhattan-type project. We need it very quickly. If we do not 
change and focus our present scientific procedure, then—all too shortly—little 
that the scientific and intelligence communities are doing will be of value. We 
shall all be very, very dead or else in a new Dark Ages where most of the world 
economy has collapsed and freedom has largely disappeared from the face of the 
Earth. 


T. E. Bearden, Ph.D. 

Lieutenant Colonel, U.S. Army (Retired) 
President & CEO, CTEC, Inc. 

Director, Assoc. of Distinguished American 
Scientists 


2002 ENERGETICS WEAPONS THREAT TO THE U.S. 


T. E. Bearden 2000 
Updated Oct. 1,2002 


The U.S. Narrowly Escaped Energetics Destruction Twice in 
1997 


On two occasions in 1997 (latter February and on May Day), we were scheduled 
In be strategically attacked without warning and completely destroyed. Eerily, in 
public statements the leader of the Aum Shinrikyo sect (Figure 33) had 
foreshadowed the dates for the planned attacks, since his group was also 
involved—in fact, shooting down the TWA-800 (Figure 34) as advanced 
practice and stimulation of the U.S. to see if it knew what was afoot. Those two 
planned strategic strikes in 1997 were avoided only in the nick of time by 
actions of a friendly little foreign country, which was the only nation on earth at 
the time that could counter the KGB quantum potential (QP) weapons. I am sure 
that proper U.S. agencies intercepted my urgent personal faxes to the Defense 
Attache in Washington, DC and directly to the Prime Minister of the nation 
involved. Actions by that nation did succeed in averting our destruction in the 
nick of time. 


= Formed in 1987. Over 60,000 members. 
More than $1 billion in gold and cash. 

® Taught that U.S. would strike Japan with 
devastating blow in latter 1997 
= Japan should make preemptive strike first 
= AUM would get mass destruction weapons 


= Was Mach ing BW ace ons (anthrax, 
botulism, Bre a ( 


= Developed own nine | weapons 

® Sarin attack on Japanese subways 

= Formed alliance with Japanese Yakuza 

= AUM/Yakuza leased operational use of strategic 
Soviet energetics weapons in latter 1989 

® Trained crews, planned to strike U.S. aterrible Stoke Asahara, Leader 
"pre-emptive" blow in 1997 by assisting KGB 

® Using deception, killed targets such as TWA-800 


“| am certain that in 1997, Armageddon will break out. By ‘break out' | mean that war 
will erupt and that it will not end soon. Violent batties will continue for a couple of years. 
During that time, the world population will shrink markedly... A Third World War will 
break out, | stake my religious future on this prediction. | am sure it will occur.” 


AUM SHINRIKYO 


“SUPREME TRUTH CULT 
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Figure 33 Planned KGB/Yakuza/Aum Shinrikyo attack in 1997 was foreshadowed in public 
statements made by Shoko Asahara. 
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Figure 34 Kill of TWA Flight 800 on 17 July 1996 by Yakuza and Aum Shinrikyo. 


Only five nations or national groups have quantum potential (QP) weapons, 
though one or more additional nations are almost certainly working on them and 
may even have them. First of the five is the KGB in Russia (the weapons are not 
in the regular Russian forces, and never have been). Second is the friendly little 
foreign country to whom we presently owe our continued survival. The third is 
Brazil (which has had a small and successful QP weapon program for some 
time). China deployed QP weapons in early 2002, and I recently found that at 
least one other friendly nation has them as well. I'm not too impressed with that 
other friendly nation, since they played no role in saving our bacon in 1997. It 
appears they did not actually know the coming attacks were imminent. They 
certainly do not have Causal System Robot weapons, nor do they believe such 
weapons even exist. 


Initiation of the Brazilian Energetics Weapon Program 


Brazil implemented an energetics weapons program after it employed the 
repatriated Dr. Hellman, a German scientist taken to Russia after WW II along 
with the German radar team. Years after being taken to Russia, Hellman was 
repatriated and made his way back to Germany. In a news interview Hellman 
reported that he had worked directly on the development of Soviet secret EM 
weapons which could suddenly free/.e large areas of the ocean surface. That of 
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course is a scalar interferometry weapon, producing negative (converging) EM 
energy rather than positive (diverging) EM energy in their distant interference 
zones. 


Also, when the U.S. made David Bohm persona non grata in the McCarthy 
witch-hunts, Bohm was later employed in lecturing and teaching in Brazil for 
some time. At the time our own scientists continued to pontificate as to whether 
they liked or could tolerate Bohm's quantum potential and his hidden variable 
interpretation of quantum mechanics {3}. Meanwhile, the KGB weapon 
scientists and the Brazilian Hellman project seized upon Bohm's hidden variable 
theory with alacrity as soon as he published his seminal paper. Those two 
weapon groups were already familiar with the internal longitudinal EM wave 
structuring of potentials, fields, and waves (Whittaker 1903), and immediately 
saw the fantastic weapons implications of a deliberately structured quantum 
potential, containing a specific "engine" as desired. Most of our scientists still 
are unaware of it to this day, and are unaware of its formidable weapon 
implications when combined with Whittaker's 1904 superpotential paper, his 
1903 potential decomposition, and quantum field theory. Most of our scientists 
stilladhere to the Bohr interpretation of QM, which excludes the normal, 
everyday, observable, ordered universe we all inhabit and observe.’ 


The Bohm quantum potential is, after all, a scalar potential, and at least in theory 
it has a Whittaker biwave decomposition {68}. Even in the Coulomb gauge, the 
scalar potential has infinite velocity, as pointed out by Jackson.'° 


Several tests of the "cold explosion" Russian weapons referred to by Hellman 
have since been openly made. One major test seen by at least five jetliner crews 
was the anomalous rapidly rising cloud and subsequent extremely huge light 
globe (ABM energy shield) effects off the Kurils in April 1984 (Figure 35). Two 
excellent scientific articles on the physical phenomena observed in that incident 
are published in the prestigious journal Science {69}. We had explained the cold 
explosion phenomena and the ABM energy shield effects some years before that 
incident. Even ordinary superpotential theory {70} and longitudinal EM wave 
interferometry at a distance can substantiate the capability. We also positively 
confirmed by private sources that the scalar interferometry, the MindSnapper 
(negative energy EMP), and the cold explosion weaponry are real. 


This exclusion is euphemistically known as the "missing chaos" problem in quantum 
mechanics, and it is resolved in Bohm's hidden variable approach. 
'8J.D Jackson, Classical Electrodynamics, 2nd Edn., John Wiley & Sons, New York, 1975, p. 
222, 223. Usually the instantaneous scalar potential contributes only to the near field. 
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Figure 35 Exothermic (cold) explosion off the Kurils 9 April 1984. A second test, an expanding 
globe of light, was added in the exothermic mode to demonstrate rapid serial switching 
between weapon modes. 


Related Phenomena 


In 1969 in Toronto, Canada, Sid Hurwich demonstrated a device capable of 
"freezing" a pistol lying on a table so that the gun could physically not be 
moved and the trigger could not be pulled {71}. For this exhibition of strong 
electrogravitation, general relativistic fields initiated by the EM force field 
(including the usually unaccounted Heaviside nondiverged component that 
Lorentz arbitrarily discarded) as the agent of spacetime curvature were used 
{72}. The strength of the effect was attested by the fact that the hands of the 
observers’ watches all showed "no passage of time" during the half hour they 
were in the room with Hurwich's device operating."” 


Rapid development of that strong electrogravitational technology and 
concomitant energetics then proceeded in another nation. Weapons of such 
nature were then employed by that nation a few years later, in two well-known 
international incidents. Clear signatures of the nature of the weaponry utilized 
were present in those incidents. Details of these incidents will not be included in 
this paper. 


'7 We point out that this is highly interesting itself, since it showed that the observers were 
operating in a different frame from that of the watches and the gun, which were "frozen". We also 
point out that recently light itself has been "stopped" in quantum experiments, yielding something 
quite similar. 


Since the energetics weaponry already utilized special EM “hidden variables," 
Bohm’'s hidden variable theory and quantum potential were directly adapted into 
the program to dramatically extend it into the development of quantum potential 
weapons. 


Stalin Personally\nitiated the Soviet Energetics Program 
with the Greatest Urgency 


While Stalin was at the Potsdam conference, at the close of WWII, the U.S. 
exploded the first atomic bomb in the desert. Truman informed Stalin in general 
terms that a powerful new U.S. weapon had been successfully tested. Secretly, 
Stalin already knew of our atomic bomb progress, for he had a spy in the 
program. While he was still at Potsdam, he then secretly called the Director of 
the Soviet atomic weapons program and directed a speed-up. 


After we exploded two atomic bombs on Japan, the Japanese surrendered and 
WWII was over. See again Figure 1. Stalin vehemently ordered his Academy of 
Sciences to produce the next great technical breakthrough at all possible speed, 
sincethe American atomic bomb had frustrated his plan to wait two years after 
the war while the West speedily disarmed, then march into Europe and take it in 
sixweeks. Now his massed troops could just be bombed back into the Stone 
Age by U.S. bombers using atomic bombs. 


A Great Technical Breakthrough in Physics Can Always be 
Had in Four Years 


The scientific community can have a great new technical breakthrough 
whenever its furious and dogmatic resistance to innovative discoveries or the 
possibility of innovative developments can be suspended. All that is necessary is 
a concentrated group of highly skilled, open-minded scientists, the money and 
facillities,and a strong headlock placed on the powerful but dogmatic scientific 
groups who would otherwise hamstring the program and destroy it.'* 


'8Present day examples are (i) the cold fusion fiasco, where the U.S. scientific community has 
revealed furious determination toignore more than 600successfulexperiments worldwide, (ii)a 
similar fury against any and all research into extracting EM energy from the vacuum, even though 
all EM energy comes directly from the active vacuum via the proven asymmetry of source 
charges and dipoles, (iii) violent suppression of proven "extended electrodynamics" methods of 
rapidly curing severe diseases, even in terminal stage (resistance to anything except "cut, drug, 
burn"' and anything that would interfere with the monstrous profits of the large pharmaceuticals), 
(iv) continuing dedication to an electrical engineering model that does not even model or apply 
what powers an electrical circuit, (v) continuing resistance to quantum potential research and 
development, (vi) slavish dedication to "big nuclear science", massive accelerators, dangerous 
nuclear power plants, and a "hot fusion WPA program", even though much higher energy physics 
than these programs advocate and use can be and is being done on the tabletop, using time-energy 
instead of spatial energy, and (vii) increasing "lock-up" of all research funds into the organized 
hierarchy's politically approved agenda. The community has deviated so far from scientific 
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We proved it in the WWII Manhattan Project, where we went from nearly zilch 
to the operational atomic bomb in 4 years. But we did it only by secretly 
bypassing the conventional U.S. scientific establishment. Einstein wrote to 
President Roosevelt around the scientific community, and when the President 
approved and ordered the highly classified program, conventional scientists not 
on the project were just parked on the sideline and ignored so that the job could 
be completed. The naysayers were also muzzled because of the extreme 
classification of the project; they faced jail if they engaged in their usual ad 
hominem attacks and dogmatic eloquence. 


Further, today the "Skunk Works" approach repeatedly proves that bold new 
projects can be done, when the skilled scientists and facilities are mobilized and 
no adamant opposition by the conventional community is tolerated. 


Numerous examples of the U.S. scientific community's suppression of 
innovation and new technology can easily be furnished. Such are well known to 
any historian of science. Cold fusion, the amorphous semiconductor by 
Ovshinsky, the first laser papers, ultrawideband radar, Mayer's original 
conservation of energy law, Boltzmann's work, Wegener's continental drift, 
flight of heavier-than-air machines, the rocket as a great strategic weapon, and 
hundreds of other examples come readily to mind. Such suppression has been 
the major characteristic of the organized scientific community since its 
inception, as pointed out by numerous leading scientists and authors. As Planck 
stated, usually one gets a new physics only after the old physicists who so 
adamantly oppose it just die off and get out of the way. 


Today, the U.S. scientific community is in fact our "front line troops," 
although—except for a little lip service—the managers of the organized 
scientific community are blissfully unaware of it and have little or no sense of 
mission in out-of-the-box areas with respect to national survival. It is ironical, 
e.g., that our orthodox scientific community does not even know what powers an 
EM circuit—energy extracted directly from the vacuum by the asymmetry of the 
source charge (considered in its modern view as a dipolarity) and by the source 


method in defending archaic theory in the face of experiments that falsify it, that the ubiquitous 
violation of the law of increasing entropy (second law of thermodynamics) by electrodynamics 
itself continues to be adamantly resisted using ad hominem and inflammatory attacks, slander and 
libel, and destruction of scientific careers of researchers. We flatly are not getting our taxpayer 
money's worth from our present scientific community, and—barring a Stalin-like shakeup from 
top to bottom—we are not going to get our money's worth in the future unless the community is 
forced to free up funds for young graduate students and postdoctoral scientists wishing to work in 
"out of the box" scientific areas. As Max Planck stated, "An important scientific innovation rarely 
makes its way by gradually winning over and converting its opponents: it rarely happens that 
Saul becomes Paul. What does happen is that its opponents gradually die out, and that the 
growing generation is familiarized with the ideas from the beginning." In other words, one 
doesn't get a scientific innovation until the old dogs so bitterly opposing it just die off and get out 
of the way. This long-known and stated characteristic of the scientific community—its fierce and 
unrelenting resistance to change and innovation—is presently the greatest threat to the survival of 
this nation. 








dipole (Figure 36). 
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Figure 36 Energy extracted from the vacuum by the asymmetry of the source dipole powers 
every electric power line and electric circuit. 


A Typical Example: The Suppression of Cold Fusion 


As an example, much of U.S. Science—dominated by nuclear factions since the 
adventof the atomic bomb in WWII—vehemently attacked cold fusion and the 
cold fusion researchers, including wholesale ad hominem attacks, with a 
viciousness seldom seen in the history of science. Many dogmatic scientists 
declared the entire field at best a mistake and at worst a fraud. Even the 
character of many of the leading cold fusion scientists was openly impugned and 
the researchers were slandered and libeled. All this was done by conventional 
dogmaticscientists who have not solved the fundamental source charge problem 
{10,12}, have no inkling that all EM energy in 3-space comes from the time- 
domain {10}, and have not a clue as to what really powers every EM circuit. 
Since they also do not know where the electrical energy driving the chemistry 
actually comes from, they have no knowledge of the effects of time-energy in 
electrolyte solutions. 


They also appear to have little or no knowledge of the implications of Evans' 
and Searles' transient fluctuation theorem’? in thermodynamics showing to what 
degree the second law of thermodynamics can be violated and reactions can run 


DJ. Evans and D. J. Searles, Phys. Rev. E, Vol. 50, 1994. p. 1645. 
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in reverse, nor its extension to the micron (colloidal) size level and to two 
seconds in duration.” If they did, then they would realize that the Coulomb 
barrier provided by repulsion of like charges (such as two H+ ions), often 
reverses into the attraction of like charges, with the barrier changing into the 
Coulomb attractor. This can last (by experimental proof shown by Evans ef al.) 
up to two seconds, in a volume of fluid up to a micron in diameter. Hence it is 
not "against the laws of physics and thermodynamics" to observe attraction of 
two protons in an electrolyte so closely that each enters the strong force region 
of the other and the two form a quasi-nucleus. In the decay of this reversal zone, 
the preferred decay of the quasi-nucleus can be by quark flipping in one of the 
protons, yielding an atom of deuterium emerging from the decayed time reversal 
zone. Such results have been meticulously observed in many cold fusion 
experiments in multiple labs and nations, and by multiple researchers. Since 
these and other novel nuclear transmutation results are replicated experiments 
(more than 600, in multiple labs, multiple nations, and by multiple researchers), 
it means that no amount of theory can refute them or the results. The harsh 
skeptics launching the frenzied ad hominem attacks are thus revealed as the 
unscientific bigots they are, since they ignore substantial experimental results 
that contradict the prevailing theory. The excess energy production and 
inexplicable new nuclides (Figures 21, 37, 38) obtained by these multiple 
experimenters are completely inexplicable by ordinary nuclear interactions in 
the accepted theory. 


¢ Fennions time-reverse in even (+)-=(+) 


numbers 


e Like charges cluster -() e- 


e Aqueous solutions contain H+ 
ions, 
which are just protons 

¢ Quarks flip as TR zone fades 


TIME REVERSAL ZONE 


(GHi + 1H1) > (oni + 1H1) = 1H2 deuterium 


Figure 37 Electronuclear reaction in a time-reversed zone producing excess deuterium ions. 


GM. Wang, E. M. Sevick, Emil Mittag, Debra J. Searles, and Denis J. Evans, "Experimental 
Demonstration of Violations of the Second Law of Thermodynamics for Small Systems and Short 
Time Scales," Phys. Rev. Lett., 89(5), 29 July 2002, 050601. 
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« As TR zone decays, quasi-nucleus is 
usually in an excited state 
— Decay action starts from every point in 
spacetime inside the nucleons 
— Moves from inside toward outside 
— Strikes the nearly free quarks first 
* Decay occurs by easy quark flip 
* Quasi-nucleus transmutes to an isobar 
« If quasi-nucleus is a stable state in a 
forward time zone, no decay occurs. 





sH2 + 1H2 — 2H, 


Figure 38 Electronuclear reaction in a time-reversed zone producing excess alpha particles. 


Meanwhile, the U.S. Patent Office has been instructed not to accept any patent 
applications that would interfere with present nuclear planning. Positive cold 
fusion results have also been successfully obtained in several U.S. government 
laboratories, including at China Lake where very strange instrumental effects 
have the experimental team puzzled. I proposed an explanation of those 
anomalies in August 1998, and have included it in my book just published in 
September 2002 {73}. 


Revolutionary New Processes Are Hidden in the Cold Fusion 
Experimental Results 


Once understood, cold fusion holds the breathtaking key to systems that 

consume datiny fraction oftime flow itselfas a fuel to produce copious heat 
energy for the world's needs. Unknown to the conventional scientists, of course, 

electrodynamics itselfalready does this, butithasjust not been recognized and 

accepted. Transducing one microsecond per second of time into transverse wave 
EM energy will produce some 9x10'° watts of real electrical power, if all the 
transduced EM energy is intercepted and used. This is the real way to extract 
energy from the vacuum and use it cleanly and cheaply. 





To grasp such a notion, recall that the fundamental units used in physics are 
completely arbitrary. It is perfectly possible to express all physics in only a 
single fundamental unit—for example, the joule. Time then becomes totally a 
function of energy. So it is not so insane after all to express time as highly 
compressed energy. Mass is also highly compressed energy. That concept is 
now familiar after Einstein, the nuclear age, and E = mc’. Time-as-energy is just 
as straightforwardas mass-as-energy, but it has just not yet come into 
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recognition. 


The use of time as compressed energy, however, leads to some profoundly new 
types of electronuclear reactions presently unknown in particle physics. These 
new transduction reactions produce the new nuclides in cold fusion experiments, 
and generate the electronuclear interaction. We explain that in some detail in 
our new book, Energyfrom the Vacuum, previously cited {10}. 





When interpreted as using time-energy, cold fusion shows us the way to a new 
electronuclear regime of nuclear reactions where nuclei, elements, and 
compounds can just be directly assembled by comparatively weak (in terms of 
spatial energy!) electromagnetic interactions. Presently we have made 
substantial progress in understanding the fundamental mechanisms generating 
these electronuclear reactions, after presenting preliminary results in August 
1998. 


As one example, time-reversing a single fermion (a particle with spin 1/2, 3/2, 
etc.) is precluded by the Pauli exclusion principle. But one can time reverse two 
of them, or any even number n, where they act as a semi-boson or group of 
semi-bosons. Simply put, if a time-reversal zone is established momentarily in 
the region where like charges exist, then the n-tuple fermion cluster can be 
achieved because the law of attraction and repulsion of charges is temporarily 
reversed {74,75}. This unexpected "attraction of paired fermions of like sign" 
will form quasi-nuclei in many cases, particularly in small clusters of two or 
four, etc. 


Hence two H+ hydrogen ions (two protons) in such a time-reversal zone in a 
fluid are drawn together into a quasi-nucleus, which actually is an excited 
isomer of deuterium (Figure 37). Time-reversal zones are temporary in cold 
fusion experiments due to the statistics of their formation and the transient 
fluctuation theorem {76} of thermodynamics. As the time reversal zone decays, 
the quasi-nucleus of two protons is increasingly in an excited and unbalanced 
state. The excited-state diproton nucleus decays by flipping a quark in one 
proton, converting it to a neutron. That produces a neutron + proton nucleus, 
which is a deuterium ion, strictly by electronuclear means. Or four protons may 
cluster by "attraction in a time-reversal zone" and form a 4-p nucleus. That is an 
excited isomer of a helium nucleus. As the time-reversal zone decays, first one 
quark flips in one proton and then another quark flips in a second proton. That 
produces a helium nucleus - i.e., an alpha particle. Or two deuterium ions can 
attract and form a quasi-nucleus (Figure 38), which is already an exact isomer of 
a helium nucleus and thus easily decays into an alpha particle by simply 
"tightening" as the weakened strong force recovers faster than the Coulomb 
force can reduce, vanish, and resume in the opposite direction. The exact 
reaction equations for these reactions are given in my new book, Energy from 
the Vacuum {10}. 





We filed an Invention Disclosure on the process of forming and using time- 


reversal zones to cause like charges to attract and unlike charges to repel in 
vacuo, in fluids, and in other media, resulting in the formation of semi-nuclei as 
excited isomer states of other nuclei, followed by decay into new nuclides. We 
will follow it with patent applications in the future. This represents a completely 
new kind of particle physics interaction presently not included in the textbooks, 
and not requiring high-energy processes. Literally thousands of new nuclear 
interactions—all permissibly violating the second law of thermodynamics 
because the statistics permit such violations and experiments prove it—are now 
possible. 


Cold fusion does indeed hold a new kind of nuclear physics in its hand—but a 
physics presently considered very alien by our orthodox nuclear science 
community. For decades nuclear scientists have been seeking ever more 

spatially energetic particle smashing, believing that extreme high energy nuclear 
reactions and transmutations cannot possibly be done with charged particles at 
low spatial energy. One is sympathetic to the scientists, because even the 
concept of "low spatial energy transmutation" itself sounds like an oxymoron. 
And it would be, ifone were limited to spatial energy alone, as is presently 
assumed by physicists. But one is also speaking of the neglected and 

compressed huge time-energy component of those low-spatial energy photons, 
and that is quite a different matter. The lower the spatial energy of the photon 
(the lower its frequency), the greater the amount of compressed energy 
transported in the time component as "time". The transposition of time-polarized 
EM energy into longitudinally polarized EM energy—and vice versa—is 

already justified in quantum field theory. Use of that extremely high energy 
component by its transposition or partial transposition into spatial energy in fact 
provides a much higher energy physics interaction than present orthodox high 
energy physics utilizes, knows, or considers. 





Almostall the learned scientists are thinking only of spatial energy, since that is 
the only kind they have been "taught" to consider. Hence, from their view (i.e., 
on the premise of their implicit assumption) it is perfectly "logical" to condemn 
cold fusion, since in their view, "cold" implies low (spatial) energy and "fusion" 
implies high (spatial) energy transmutation. What is unknown to the orthodox 
community is that the "cold" in cold fusion also implies "extraordinarily high 
time-energy". So with a little transduction of highly compressed time-energy 
into spatial energy, "cold" fusion actually can imply "extremely high spatial 
energy made available by transduction" also. 


As an example, the Chief Editor of Science recently had the courage {77} to 
publish results of sonoluminescence research reporting positive experimental 
transmutation results {78}. A paper was then published in Nature {79}, pointing 
out thatthe (spatial) energy involved is insufficient for such nuclear 
transmutation temperature, thereby implying that the reactions reported by the 
first researchers are not possible. 


However, given formation of a time-reversal zone, this second paper is not 
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necessarily applicable to the sonoluminescence fusion process, because the 
paper is based on an unwitting two-part premise that (i) only spatial energy can 
be usedfor nuclear transmutation and (ii) no time-reversal zones exist to nullify 
that premise by having reactions (such as the law ofattraction and repulsion of 
charges) run backwards. That premise is already experimentally proven to be 
invalid by Evans et al., and it fails when the time reversal zone effect is 
considered. 


We strongly stress that thermodynamics—both in theory and as demonstrated in 
experiments—not only allows but predicts—for a certain fraction of the time— 
the formation and existence of just such "reversal zones" where the usual 
reactions run in reverse {76}. Itis also experimentally proven {54}. In that case 
a much higher energy—time energy—can be and is employed to convert the 
Coulomb barrier into the Coulomb attractor.” We know now (from the 
experimental demonstrations by Denis Evans et al.) that such "reversal zones" 
may be up to a micron in size and may endure for up to two seconds. The 
subsequent decay of that TRZ then allows the quasi-nuclei temporarily formed 
in it to decay by quark flipping alone, allowing the quasi-nucleus to easily 
transmute into a perfectly well known nuclear reaction product. 


To quote Arthur C. Clarke, when a learned scientist says something is possible, 
he is probably right. When he says something is impossible, he is probably 
wrong. 


Stalin's Dictatorial Impact on Soviet Scientific Management's 
Response 


Stalin was a powerful dictator. He simply killed or jailed those who opposed his 
will. So after his blunt order (Figure 1) circa latter 1945 to find a great new 
technical breakthrough area quickly, his Academicians and high level science 
managers were faced with a severe dilemma: They could not afford to oppose or 
criticize a vigorous search for new innovations and a great breakthrough, and 
they could not remain passive. Their very lives depended on they themselves 
personally finding such a breakthrough in great haste and presenting it to 
Stalin. They had to actively spur the efforts of their most outstanding 
subordinates and Soviet science itself, or suffer dire personal consequences. 
Siberia and prison camps loomed for the lot of them unless they produced. 





To put it bluntly, Stalin "got their collective attention” and their "whole-hearted 
support." Those few who resisted simply were shipped post-haste to the 
notorious prisons of Siberia, and worked to death in short order. 


°! We strongly point out that, when the reactions run backward and negentropy appears in those 
reversed regions, the conservation of energy law is violated unless time-energy is being converted 
to spatial energy. Either we must begin accounting time as energy, or we must give up the 
conservation of energy law itself. The obvious solution is to account the time energy being 
utilized, as well as the 3-space energy. 


So the highest-level Soviet scientific managers now desperately demanded of 
their subordinate scientists anything—anything at all—that was novel and had 
breakthrough implications. An almost convulsive national scientific effort was 
launched immediately, with hardly a detracting voice. A great team of the very 
best Soviet scientists was rapidly formed and methodically searched the 
scientific literature of the world from beginning to end. Nothing even remotely 
like that search and review has ever occurred in the West. 





For example, one great technical center set up by the Soviets had a staff of about 
2000 Ph.D.s with associated translators, staffs, etc. The Soviets purchased and 
hauled in copies of all the scientific literature of the West—by the shiploads—to 

such centers. Their scientists then methodically went through the material, 
journal by journal, paper by paper, page by page. There are and always have 
been myriads of innovations and discoveries sitting on the shelf in the scientific 
literature, never followed up, or opposed by standard models and credos. The 
first tier of reviewing Soviet scientists was composed of excellent scientists. 
They skimmed out the "cream" into a select pile which the second tier then 
analyzed in depth. The second tier was composed of the best nonlinear scientists 
in the world—the "superscientists." 


They were seeking new principles ofnature that could rapidly be developed into 
highly advanced technology, and they found them—-sitting there in the literature, 
already pointed out, and long ignored by the Western scientific community. 








Shortly Stalin had his great new breakthrough area emerging, and they had their 
heads. 


Our Own Science Community's Progress During These 
Decades 


For decades foundations physicists (Bunge, Feynman, Wheeler, Lindsey, 
Margenau, etc.) in the U.S. have repeatedly pointed out the substantial 
foundations problems in electrodynamics. Nobelist Feynman and the great John 
Wheeler tried to "fix" the problem whereby electrodynamics still erroneously 
assumes force fields in a space filled with a material ether (unit point positive 
charge, unit point north pole, and unit point mass assumed at every point in 
space). Unfortunately they failed, primarily because their absorber theory {80} 
contradicted the photon hypothesis and hence quantum mechanics. 


Meanwhile, our own National Science Foundation and National Academy of 
Sciences has directed only minimal work on correcting electrodynamics and 
dramatically extending it. Faraday and Maxwell—as did every other scientist at 
the time—trigorously assumed a material ether. Maxwell's equations also 
implicitly included that material ether assumption. They still do, even after 
Heaviside's truncation and Lorentz's symmetrical regauging, because none of the 
Maxwell-Heaviside equations were changed to eliminate the material fields in 
space (material ether) assumption after the Michelson-Morley experiments 
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falsified it. 


Every major university in America still teaches that implicit material ether, even 
though it was falsified over a century ago. That is an exact measure of the 
caliber of "foundations" work our own scientific community does if left alone. 
In more than 100 years, they have not even chosen to root out the material ether 
from electrodynamics. 





Figure 39 This polluted and suffering planet. Direct result of the scientific community's 
adamant resistance to upgrading classical electrodynamics and electrical engineering. 


The prevailing flippant attitude is that, "Well, your TV set works, doesn't it?" 
Yes it does, but we also do not have practical electrogravitation and inertial 
propulsion, nor do we have cheap clean EM energy from the vacuum. Instead, 
we have a severely polluted planet (Figure 39), ever increasing deaths from 
biospheric fumes and polluting byproducts, increasing destruction of species, 
and a monstrous unleashing of far more coal and hydrocarbon burning in our 
near future while the world tears itself apart and destroys its economy and 
civilization in a rising series of oil and energy wars. The direct responsibility for 
that mess lies directly with the scientific community and its fierce resistance to 
innovative research and development, and changing a century-old, long 
outmoded classical EM and electrical engineering model. 


Wryly put, it's high time we "got the lead out" of EM field theory, where the 
lead is the material ether and other non-sequiturs cluttering the theory. 


Such drastic modeling errors would not be tolerated of government-funded 
aerospace engineers and contractors developing a new missile system. So it 
should be equally intolerable in the government-funded scientific community 


and in fact in the civilian scientific community as well, and it should not be 
tolerated of either the National Academy of Sciences or the National Science 
Foundation. 


Einstein {81} said it perfectly, as follows: 


"\..the scientist makes use ofa whole arsenal of concepts 
which he imbibed practically with his mother's milk; and 
seldom if ever is he aware of the eternally problematic 
character ofhis concepts. He uses this conceptual material, 
or, speaking more exactly, these conceptual tools of thought, 
as something obviously, immutably given; something having 
an objective value oftruth which is hardly even, and in any 
case not seriously, to be doubted... in the interests of science 
it is necessary over and over again to engage in the critique of 
these fundamental concepts, in order that we may not 
unconsciously be ruled by them. " 


Upholding and perpetuating flawed electrodynamics models seriously impedes 
the progress of scientific development and revolutionary new technology.”””* At 
some point, one must legitimately question the upper management of the U.S. 
scientific community for not modifying classical EM and electrical engineering 
to include the active vacuum exchange with every charge and EM system. In not 
doing so, they continue to advocate perpetual motion source charges, creating 
energy from nothing, on a scale unparalleled in history. 


It is little wonder that we do not have electrical power systems that successfully 
and freely utilize more than a trillionth of the vacuum energy they freely extract 
from the local vacuum. There is not now and there never has been a single 


ni Oddly, the conventional electrodynamics model assumes that every source charge freely creates 
encrgy out of nothing at all, and pours this energy out continuously in all directions, thereby 
establishing its associated EM fields and potentials at light speed, reaching out across the 
universe. From the 1960s alone, the total assumption of incredibly vast numbers of perpetual 
motion machines has been carefully hidden from the new students, so that today even many 
professors do not realize that in their model all EM fields and potentials, and every joule of EM 
energy in the universe, are assumed to be created by a vast assortment of perpetual motion 
machines called source charges. That problem has not been solved in electrical engineering or in 
classical electrodynamics, and if the scientists have their way, it is not going to be solved. Yet the 
basis for its solution—the asymmetry of opposite charges such as the dipolarity (in the modern 
view) ofa source charge—has been in particle physics since 1957, with the award of the Nobel 
Prize to Lee and Yang in December of that year. 

2 One keeps one's sense of humor. The raucous skeptics and "defenders of the orthodox EM 
faith'' who so noisily denounce legitimate COP>1.0 EM system researchers as "perpetual motion 
nuts", are themselves unwittingly the greatest perpetual motion nuts ever recorded in history. 
Further, they are so ignorant of what their present model actually means, that they do not even 
know it. It is one thing to be ignorant and to recognize it; it is quite another thing to be ignorant 
and soignorant one does not know it—45 years after broken symmetry was rigorously 

established experimentally by Wu and her colleagues, and the Nobel Prize awarded to Lee and 

Yang. 





electrical engineering department, professor, or textbook that knows what 
actually powers an EM circuit—real observable EM energy extractedfrom the 
local seething vacuum by the source charges and the source dipolarity. 


Since our scientific community cannot seem to make such a simple change (as 
including the active vacuum's interaction with every charge and the charge's 
broken symmetry in that interaction) even 45 years after the basis for that 
change has been resoundingly proven in particle physics, our national survival is 
at stake and the nation itself is seriously threatened by the superweapons 
developed by the KGB over the last five decades. We would have already been 
totally destroyed—twice in 1997 alone—had it not been for the intervention of a 
friendly little foreign nation. My colleagues and I played a very small alerting 
role in those affairs, so we are speaking from experience, not from extrapolation. 
We would be quickly destroyed today, were it not for the continuing "balance of 
terror" provided by the little nation. 


U.S. Scientists Have Committed Monstrous Crimes and Gone 
Unpunished 


Rather sadly, we also point out another thing that has to be said: scientists are no 
more moral or immoral than any other slice ofAmerican citizens. A percentage 
of scientists is capable of committing horrible scientific crimes, as distasteful as 
such a statement may be. That includes the deliberate experimentation on 
humans, resulting in deaths. In short, at least manslaughter and perhaps even 
murder, since knowledge of the probable results was there beforehand. 


One would think U.S. scientists would never scientifically condone and perform 
experiments leading to mass deaths for 30 years (i) as they did in the Tuskegee 
case in Alabama. Over 400 poor blacks were supposedly treated for syphilis, 
while actually not being treated at all, but were deliberately tricked and allowed 
to rot with syphilis so our "ethical" scientists could watch how their brains 
decayed, so to speak. Over 100 of those poor blacks died with the disease while 
the scientists cold-bloodedly watched them expire and kept meticulous records. 
Or (ii) as they did in the case of whole body nuclear radiation for 30 years— 
again by trickery, deceit, and illegal use of security classification to hide these 
acts—of helpless retarded children and others, some of whom also died. 


Once these heinous incidents were exposed publicly, the political power of the 
scientific community is such that no scientist was ever indicted or triedfor these 
heinous mass murders, and none is going to be. The scientific community has 
not fiercely called for punishment of these mass murderers amongst their 
midst—guilty of precisely the same kind of horrible actions for which we tried 
and executed war criminals at Nuremberg. 


Incredibly, the President of the United States formally apologized for these 
incidents! He did not turn the case over to the Justice Department for 
prosecution of high crimes against humanity and mass murder, as would have 
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been done for ordinary citizens. Had a single doctor in his private clinic done 
such things on his own, he would have been arrested, summarily tried, and either 
sentenced to life in prison or executed. 


The sad thing is that there was really no sharp clamor from the scientific 
community to bring their fellow scientists to justice, a la Nuremberg. By their 
silence, the organized scientific community showed a side that scientists are 
loftily not supposed to possess. So long as the scientific community continues to 
tolerate those mass murders ofAmerican citizens and not callforjustice, then 
just so long do they stand convicted by their own resounding silence and 
inaction. 


We cite these painful incidents (there are others!) to point out that one must not 
deify the scientific community. The conduct of science is no better and no worse 
than the conduct of human affairs in other areas. Science is also a big business, 
and it has its moral scientists and its immoral scientists. It does its moral 
business and it does its immoral business. 


We painfully submit that both sides of the scientific character must be 
considered, when one examines such things as the tolerance or intolerance of the 
scientific community to dramatic innovation and "out ofthe box" research. We 
have to consider it now, because it has become a serious threat to the continued 
survival of our nation. The conduct of scientific affairs will unavoidably include 
suppression, maneuvering, spin control, and fierce struggle for power and 
funds—such is in the very nature of human beings, and it is present in the 
scientific community on a bell-shaped curve as in all other human communities. 
It is ongoing widely today, and to an uncomfortably large extent much of 
science has been captured and effectively controlled by controlling the scientific 
funding and prescribing what research must be done for the funds available. 


As the French say, "The more things change, the more they remain the same." 

Science is still the same way as it was when Planck made his famous statement. 
It will still be that way tomorrow, and a century from now. As with any other 
big enterprise, it has to have checks and balances imposed and enforced on it 
from outside—by the government itself. Little or no indication exists of that 
happening in the near future, until we get something like an anthrax spray attack 
on a large city, and have a million or more Americans dying in the streets. 


Energetics: New Principles of Physics and How the Soviets 
Found Them 
Under Stalin's whip, the Soviets particularly sought anything that indicated 
possible new principles ofnature. It is no accident that Nobelist Petr Kapitsa 
later informed Nikita Khrushchev that a means of total neutralization of foreign 
missiles could only come from a group ofnew principles in physics called 
energetics. A group of new principles is precisely what energetics is. So if our 
scientific and intelligence communities wish to understand energetics, they must 
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first understand the new principles it is based upon. They cannotjust simply 
apply ordinary electrodynamics and "business as usual" as they have largely 
done. The massive Soviet scientific search program spurred by Stalin is where 
those new principles came from. 


When the first tier of Soviet review scientists found something that had not been 
followed up, and saw that it had significant implications if found valid, that 
paper was laid aside into a "select" pile. That select pile then went to the "super" 
scientists, for full-blown review and analysis by some of the brightest and 
sharpest minds on the planet. 


1 


The Russians came up almost immediately with Whittaker's 1903 and 1904 
work. That work shows a hidden electrodynamic longitudinal EM wavepair 
structure (in phase conjugate pairs) inside the scalar potential and comprising it. 


This is a dramatic extension of electrodynamics to incorporate a full-infolded 
general relativity infolded inside the electrodynamics. Whittaker showed that 
scalar potential functions in interference already create all the "normal" fields 
and waves anyway (the beginning of superpotential theory). This novel 
interferometry and its inherent capability for action-at-a-distance did not elude 
the Russian superscientists. The superb Soviet scientific team came up with that 
and with much, much more. 


Nothing like the comprehensive, intense review of the entire scientific literature 
has been accomplished by the U.S. scientific community. Nothing like it is 
being done now. 


Longitudinal EM Wave Interferometry Energetics Was 
Almost Immediately Uncovered 


At the end of WW II, the German radar team and infrared team were taken to 
Russia. Both teams were years ahead of their Western counterparts. 


One of my close colleagues has validated that the German radar team had some 
severe instrumental anomalies while still in Germany. We think this is what they 
were: 


In WW II the Germans invented radar absorbing materials, to coat their 
submarine snorkels and prevent Allied antisubmarine warfare bombers from 
tracking the snorkels and destroying the subs. A wide variety of highly 
nonlinear, doped materials were investigated. In addition to single beam radar 
cross section, the Germans also examined the materials in multi-beam 
illumination circumstances. 


It appears that, in some multibeam experiments with some materials, conditions 
were just right so that the multi-illuminated absorbing material acted as a 
pumped phase conjugate mirror (PCM), and wave-to-wave interactions 
emerged. This meant that the absorber material PCM would suddenly gather up 
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all the energy in the pumping beams, use one of the other beams as a signal 
input beam, and fire an amplified retroreflected pulse right back down the signal 
input beam, wrecking the experiment and creating havoc in surrounding 
equipment. 


When the German radar team went to Russia, their knowledge of these 
anomalies went with them. In the desperate Russian scientific climate to find 
lust such anomalies, this startling and anomalous phenomenon would have been 
exhaustingly examined and studied, once the German radar engineers got to 
Russia to their new laboratories. 


In short, it appears that the Russians quickly came up with what today is called 
"nonlinear phase conjugate optics," but first in the radar band rather than 
optics. So before 1950, it appears that the Russians already had working phase 
conjugating pumped phase conjugate mirrors for the radar bands and in other 
bands. 


Fisher {82} details that we Americans did not "stumble onto" practical phase 
conjugate optics experiments until Russian physicists briefed Lawrence 
Livermore National Laboratory scientists in 1972 about the strange wave in 
many of their optical experiments that "came out of nowhere and restored order 
from disorder." At that time, the KGB energetics weapon scientists had known 
aboutphase conjugate retroreflection and its amplified pumping, for more than 
20 years. Indeed, the first giant strategic scalar interferometers had already been 
deployed and utilized to kill the U.S.S. Thresher nearly a decade earlier (Figure 


By 1950 Russian Energetics Was Off and Running 


By the beginning of the 1950s, the Russian scientists under iron KGB control 
were already experimenting with "scalar potential interferometry" at a distance, 
a la Whittaker 1904. Here transverse EM waves, EM fields, and EM energy— 
either divergent (heating) positive energy or convergent (cooling) negative 
enery—could be readily created at a distance {83} (Figures 40 and 41). 
Further, the longitudinal EM wavepairs used in this interferometry had the 
marvelous characteristic of easily penetrating right through the earth and ocean, 
with only a little intervening interaction, given that the LWs are sufficiently well 
made {84}. The interferometry "beams" can and do also move superluminally— 
again, right through the earth and ocean. 


“Ofcourse, they would also have investigated it at all other bandsas well. 
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Figure 40 Scalar interferometry in the endothermic (cooling) mode. 


It is not accidental that Admiral Gorshkov, head of the Soviet Navy, would later 
bluntly state: "We have made the oceans of the world transparent." And so they 
had. 
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Figure 41 Scalar interferometry in the exothermic (heating) mode. 


By 1950, the Russian scientists were experimenting with deliberately creating 
and phase conjugating longitudinal EM waves, forming phase conjugate 
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wavepairs. They then assembled the desired (mathematically calculated) sets of 
those waves, adjusted frequencies and magnitudes, phasing, etc., to produce EM 
potentials having a desired deterministic internal spacetime curvature set 
(internal spacetime engines) and dynamics. 


As a result, by the mid-50s Russian weapon scientists were already 
experimenting in bioenergetics with the direct inductance of diseases and health 
changes via the transmission into human targets of such "internally structured" 
EM potentials, fields, and waves. They were also experimenting with the 
production of EM energy, potentials, fields, and waves at a distance, directly 
through the earth and the ocean. Either heating (energy flow divergence) 
(Figure 41) or cooling (energy flow reconvergence) (Figure 40) could be 
produced at will in the distant interference zone, merely by altering the bias 
voltage on the chassis grounds of the interferometer's transmitters. Rapid 
switching between the exothermic and endothermic modes thus was 
straightforward {85}, as demonstrated (Figure 35). 


By the latter '50s, longitudinal wave interferometry weapons had already 
emerged from advanced engineering development and were in full production 
engineering toward deployment. The LIDA device {86} and even more 
advanced versions for directly affecting the human mind and its state of 
consciousness had emerged in psychoenergetics as one class of devices rather 
openly released and utilized. The LIDA uses structured EM microwaves {87} to 
induce a hypnogogic or cataleptic type of trance-like state in either a human or a 
cat. as tested years later by Dr. Ross Adey of the U.S. Early prototypes were 
purportedly used against our prisoners in North Korea during the Korean War to 
assistin their brainwashing by their North Korean Captors. Prisoners reported 
that its effects were irresistible. 


Meanwhile, energetics weapon testing in several major modes was being 
conductcd, particularly from Soviet research ships over remote regions of the 
ocean and at night. Descriptions of such tests—many of them seen by passing 
ship's captains—can readily be found in the open maritime literature. We 
gathered and published many such incidents and cited references. 


Deployment of the Soviet Energetics Weapons and Their 
Quick Use 


In January 1960 Khrushchev spoke obliquely of these "fantastic" new 
superweapons, just within the portfolio of the Soviet scientists, so to speak, in an 
important speech to the Presidium. Parts of that speech were reported in the New 
York Times {88}. No one in the West knew what Khrushchev was talking 

about. Our intelligence community, which bases many of its assessments on the 
tired old phrase "We have no evidence that..." simply treated it as propaganda, 
It wasn't, and the U.S.S. Thresher was to be destroyed (Figure 6) three years 
Tater by that same weapon Khrushchev was speaking of. 
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Khrushchev began rapidly inserting long-range missiles and nuclear warheads 
into Cuba in 1962, precipitating the Cuban Missile Crisis. Kennedy knew 
Khrushchev's strategic bombers and rockets were in horrible shape, due to direct 
information received from Colonel Oleg Penkovskiy, a Russian spy in our 
employ courtesy of British Intelligence. No one knew of the superweapons, but 
they were not yet operationally ready in Oct.-Nov. 1962. So Kennedy called 
Khrushchev's bluff and faced him off. Blustering awhile to obtain U.S. 
assurance that it would not invade Cuba, Khrushchev was forced to back down 
and withdraw the missiles. In his exuberance he had simply moved too fast in 
inserting the missiles into Cuba. Had he waited a few months later, the strategic 
superweapons would have been operational and ready. Any U.S. naval 
blockading force would have thus faced quick and eerie destruction or disabling, 
as was soon to be demonstrated in the case of the U.S.S. Thresher and its surface 
companion, the U.S.S. Skylark. 


This severe loss of face by Khrushchev, before the Communist Party, made it 
imperative that he do something quite dramatic to stay in power, and do it as 
quickly as possible. 


Khrushchev's first large, full-up, strategic longitudinal EM wave energetics 
interferometer weapon became operational on site by April 1, 1963. A few days 
later, Khrushchev employed it to kill the U.S.S. Thresher atomic submarine 
(Figure 6) underwater off the East Coast of the U.S. By simply creating EM 
noise in an interference zone placed on, in, and around the sub underwater, and 
thus jamming the sub's electrical controls so that it could not be controlled, the 
helpless sub sank to crush depth and imploded. The U.S.S. Skylark on the 
surface had multiple systems seriously jammed or rendered nonoperational. This 
was the Russian deception plan, to have the kill of the sub resemble an accident. 


One day after the successful clandestine kill of the Thresher, the same weapon 
was used to demonstrate a powerful underwater electromagnetic burst 100 miles 
north of Puerto Rico (Figure 42). The energetics underwater burst equaled a 
substantial deep underwater nuclear explosion in size. The burst was seen by a 
passing U.S. jetliner crew and was reported to the FBI and the U.S. Coast Guard 
when the aircraft landed in Florida. A colleague interviewed the co-pilot of the 
aircraft, and relayed the interview information to me. 


Khrushchev's 
Second 
Demonstration 


Deep Underwater EM 
Explosion 11 Apr. 1963 


(Similar to this photo set of 
a deep underwater nuclear 
test explosion) 
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(One of the deepest 
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Figure 42 Deep underwater nuclear burst, demonstrating same water phenomenology 
produced by Khrushchev's second demonstration on 11 Apr. 1963, the day after killing the 
USS. Thresher. 


Why the Soviets Could Continue to Attack and Kill U.S. 
Targets with Impunity 


Ironically, Khrushchev clearly demonstrated the inability of U.S. science to 
comprehend the numerous test incidents of Soviet LW interferometers, 
including the actual destruction of strategic U.S. targets (our latest and greatest 
nuclear attack submarine!) right off our coast. The greatest strategic weakness of 
the U.S.—andthe thing thatmayyetcompletelydestroyallofus—is the 
continuing snail-like pace of U.S. scientific progress in revising, correcting, and 
extending its seriously flawed classical electrodynamics model. This scientific 
inertia placed us several decades behind in development ofdefenses in the areas 
of longitudinal EM wave weapons, quantum potential weapons, and causal 
system weapons. It countered our strategic nuclear armada for two decades. We 
were for some time analogous to the Spanish Navy with its wooden ships, when 
it faced and was destroyed by American steel ships. Hopefully at least some 
moremodernworkhasnowbeenaccomplishedinhigher groupsymmetry 
electrodynamics, so that we are not quite as defenseless as weformerly were. 
But we still have a very long way to go. 


When one performs a standard strategic analysis on a nation, one of the areas 
examined in depth is called national style. One of the major characteristics in the 
U.S. national style is that we do not react to slowly increasing threats or changes 
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(Figure 43). That style particularly applies to the scientific community. Because 
of it, the Russians knew that our government only inches forward in achieving 
new basic science. We run at enormous speed, doing applied science. We are 
essentially Romans and great engineers. We are largely not Greeks and not great 
esthetics discoverers. We also will just ignore new threats if they emerge very 
slowly and are only gradually perceived, and we will hide behind that infamous 
phrase, "We have no evidence that..." 





BOA CONSTRICTOR LIGHTNING STRIKE 


Americans tend not to react to slowly increasing things, 
but react to rapidly increasing things. 


Figure 43 America's national style: we do not react to slowly increasing threats. 


In short, we react to the coiled rattlesnake, not to the boa constrictor. We are 
now in a long, bloody, costly war against terrorism because of that very 
characteristic of our national style. For decades, the slowly increasing 
infiltration of terrorists and their weapons was just ignored. Oh, yes, the official 
"threat studies" pointed it out, placidly.*” But no one got very excited about it. 
The prevailing attitude was that "Ah, yes, but nothing like that will happen on 
my watch!" 





As clearly demonstrated by their successful decades-long radiation of the U.S. 
Embassy in Moscow, the KGB chess masters knew that, if the test kills using 


>> Indeed, if one will look at the threat studies prior to William Cohen taking office as U.S. 
Secretary of Defense, one will find widespread complacency about the terrorist threat, and mostly 
just lip service to it. It was definitely not very important to most of the intelligence and scientific 
community. Cohen built a fire under the entire threat community, forcing them to get their act 
together and start actually studying the terrorist threat, asymmetrical warfare capabilities and 
dangers, and what could be done about it. He did force the research and threat communities to do 
a creditable job of studying it, and to publish reports detailing it. Unfortunately, the tenor of the 
political community outside SecDef Cohen's control was basically "business as usual, not to 
worry." September 11, 2001 changed all that forever. Once again we had waited until the 
rattlesnake struck and actually bit us, before the nation rose up and paid attention. 


11H DI tANCE 
74 


their superweapons were not too often repeated, and if they even vaguely 
resembled other things known in the world, the U.S. scientific community and 
government investigators would resist all suggestions of Russian superweapons 
and super technology using new principles of nature. And so would our 
intelligence community, since they rely on the scientific community for their 
scientific assessments. They were well aware of our historical "ostrich" position 
(Figure44). 
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Figure 44. The only energy resource problem is the theoretical ostrich problem in science. We 
mustbecome theoretical owls, rather than ostriches. 


The KGB deception just depended upon the U.S. tiger to keep its stripes and 
exhibit its normal reactions or lack thereof. They also utilized (i) a series of 
strategicdeception plans, deliberately designed to perform the tests suggestive 
of discredited phenomena such as UFO reporting and "lights at night" types of 
things, and (ii) a continuing series of subtle and anomalous stimuli (probes) 
designed to rather slowly attract the attention of U.S. Governmentathigh levels, 
and of state-of-the-art U.S. government scientific contractors as well. The trick 
was not to attract U.S. attention too suddenly or too strongly. Show them the 
slow boa constrictor, not the lightning-fast rattler, and see how they reacted, if at 
all. By their reactions, the KGB could assess whether or not the U.S. 
government, intelligence, and scientific communities understood what was 


happening. 
Precisely as anticipated by the KGB, we showed them for some decades that we 
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really had little or no comprehension of the superweapons and their testing right 
over our heads. Even today, at least in the open community there is still little 
recognition, even of the violent weather war raging right over our own heads 
since July 4, 1976 and easily recognized.”° 


A case in point was the deliberate induction of diseases and health changes in 
U.S. personnel in the U.S. Embassy in Moscow for over 40 years (Figure 11). 
On a continuing basis, this excellent intelligence probe showed (by the U.S.'s 
actions or lack thereof) that we knew nothing about energetics. 


Another KGB probe method was to kill a target once in a while, such as a 
jetliner or a submarine (deliberately rather seldom here, because the U.S. 
military would react if a certain frequency threshold were exceeded). Such kills 
resemble or can be posed as natural accidents or terrorist incidents. Quite a 
number of such incidents have occurred over the last three decades. The 
National Transportation Safety Board (NTSB) does not have higher group 
symmetry electrodynamics in its knowledge base or on its "checklists", nor does 
it have scalar interferometry, psychoenergetics, bioenergetics, or quantum 
potentials. In total, the results of deliberate stimuli of the U.S. continually 
assured the KGB chess masters (with 100% certainty) that we were a complete 
novice in the energetics game, and we were a lamb increasingly ready for the 
slaughter. 


The major contribution to the continued success of these deliberate measures by 
the KGB has been provided for decades in the "nonreaction ofour own 
scientific community to slowly increasing threats." To a lesser extent, our own 
intelligence community has also not focused sufficiently open-minded and 
highly qualified scientists to comprehend what is occurring in "new principles of 
nature” phenomena. "In the box" electrical engineers with Bachelor of Science 
degrees often are the analysts who analyze and assess such "out of the box" 
phenomena. Good luck! 


Ordinary radar engineers may analyze an ordinary radar rather well. They will 
never, never become aware of a radar beam carrying infolded spacetime 
curvature engines. Such is not even in their lexicon or in their belief structure. 
They have no understanding or experience at all with longitudinal or time- 
polarized EM waves—most have never even heard of time-polarized EM 
waves. Mention curvatures of spacetime and their dynamics as deliberate 
"engines" impressed inside EM fields and potentials and waves, and one gets a 
glaze right over the eyes of the intelligence analyst recipient. 


Western science conceives the mind as a meat computer, and does not 
understand that mind operations are totally electromagnetic and causal, but 
nonphysical—meaning in the time domain rather than in 3-space. Mind 


6 The weather war over our heads has been particularly violent, and violently resisted, this year 
(2002). 
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operations primarily use time-polarized EM waves rather than the transductions 
into transverse EM waves that the scientists actually measure. Hence Western 
science has not the foggiest notion as to what Russian psychoenergetics is all 
about, or how it can even "be." Certainly Western science has had no notion of 
deliberately creating time-polarized EM waves for direct engineering within the 
mind itself and within the mind's time-EM operations. 


As Arthur C. Clarke puts it in his "third law," "Any sufficiently advanced 
technology is indistinguishable from magic. " 


Our long fascination with our "normal" (optics, IR, UV, radar, COMINT, 
satellite photography, etc.) technological intelligence collection systems will 
certainly not lead to any great breakthrough understanding of Russian energetics 
weaponry. That could only have come through HUMINT or COMINT. 
HUMINT is an area which, in the past, we have mostly just neglected or given 
lip service to for decades—and that came back to bite us severely on September 
11,2001. Even when we use HUMINT, it will not yield energetics results if the 
managers and directors themselves (and the agent handlers in the field) have no 
understanding of it and do not even know the proper questions to ask. And the 
system will not deliver results if the Intelligence Collection Requirements do not 
address the proper issues because ordinary electrical engineers and conventional 
electrical physicists having no inkling of psychoenergetics, or how it works, 
drew them up. 


COMINT, on the other hand, suffers from its own extraordinary prolific 
output -as well as by only conventional analysts and conventional scientists 
examming it. Warehouses of COMINT information often have not even been 
read in any way except a casual glance by ajunior analyst, and certainly have 
not had serious foundations scientists examine it in detail. ELINT does a little 
better insofar as a human analyst looking at it, but then what is a conventional 
electrical engineer or radar engineer to make of a giant hemispherical globe that 
slowlyforms and expands from a tiny "seed bubble" of intense glowing light 
that appears (Figure 35), as it did off the Kurils in April 1984? What will he 
label it? "Light phenomena?" Where are the technical descriptors of the actual 
process forming the phenomenon? Where are the implications as to the strategic 
military use of such phenomena? The reader can see the point. For decades our 
analysts ignored prolific reports of such incidents by the hundreds. Why, 
everybody knewitwasglowingswampgas! 
One cannot even write a proper "intelligence collection requirement" if one does 
not understand the basic phenomenology. Soessentially no one in U.S. 
intelligence was writing the proper intelligence collection requirements. 


TheScience Behind the Soviet Energetics Weapons 


The science behind these weapons is called energetics. (See again Figure 8.) 
Energetics consists of three branches, depending upon the nature of what is 
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being targeted. The branch targeted against nonliving matter is just called the 
same name: Energetics. Targeted against living cells and biological material, the 
nervous system, etc., that branch of energetics is called bioenergetics. Against 
the mind and its functions (which are time-like and thus involve scalar photons 
and time-polarized EM waves), energetics is called psychoenergetics {89}. See 
Figure 45. Psychoenergetics includes both the conscious~’ and unconscious 
mind”* of the individual—and even Jung's collective unconscious mind” of the 
entire human species {90}, and in fact even the collective unconscious mind in 
all species on earth, which corresponds to Lovelock's Gaia concept. 
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Figure 45 Mind levels are subject to engineering by higher group symmetry electromagnetic 
(psychoenergetic) weapons. 


We remind the reader that we are talking physics, not metaphysics and not 
mysticism. Strong Soviet physics developments over a sustained period have 
occurred in all three energetics areas, and these areas continue to be developed 
at present. 


Once a nation enters into LW EM development, it has just entered into unified 


°7 The conscious mind is a very fast serial processor, processing one snapshot at a time. 

°8 The unconscious mind is a massively parallel processor, doing a great many things 
simultaneously. It is totally conscious, but multiply so. Since the serial processor conscious mind 
can only "see a single slide projector in the viewgraph at one time", when it "looks at the 
unconscious mind" it sees a large number of slides simultaneously, hence just sees "black" or 
"nothingness" (no single thing). 

ce Jung himself labeled it a mind (and hence a living entity). His modern followers shudder at 
such a concept, and very much downplay the "mind" and "entity" aspect, preferring that it just go 
away. 
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field theory development also. Particularly with longitudinal EM waves, one is 
directly engineering general relativity itself, and spacetime itself, as well as the 
dynamics of spacetime curvatures and sets of such curvatures. But it is an even 
greater unified field theory than Western physicists suspect. Not only does it 
unite the four forces of physics, but it also unites mind and matter and their 
dynamics as well. 


We shall also refer to time-polarized EM waves as time-density waves. The 
reason is that a time-polarized EM wave is one where the EM energy is on the 
time-axis and oscillating along it, like the squeezing of an accordion. In short, it 
is a longitudinal EM wave on the 4th Minkowski axis ict, where the only 
variable is t. Hence it is a wave of the variation of time-density along that axis. 





All three branches of KGB energetics use longitudinal EM waves, longitudinal 
EM wave interferometry, and Whittaker-structuring of fields and waves to 
provide organized curvatures of spacetime known as spacetime engines or 
vacuum engines. They also use time-polarized EM waves, as mentioned above. 
Any or all can also employ the quantum potential as well as negative energy 
EMP aspects. For now, the reader should just recognize that each infolded 
longitudinal EM wavepair comprising the scalar potential, includes both a time- 
density wave along the time axis and a longitudinal EM wave in 3-space {91}. 
So ordinary electrostatic scalar potential fi—ordinary voltage—is made of a 
harmonic structure of coupled time-polarized and longitudinal EM wavepairs. 





Oscillations of time density oscillate the local rate of flow of time. In turn, since 
time has the energy density of mass, its spatial energy equivalence Wis given by 
W=c’t. Any change in a time density wave is a very powerful oscillation of 
local spacetime curvature. So time-density waves constitute a very powerful 
form of infolded general relativity, inside potentials and hence inside all EM 
waves and fields. The KGB weapon scientists call that inner general relativity 
(time density waves) the information content of the field. Unfortunately our 
follows confuse that term with common "spectral analysis" which it very 

def initely is not. But as part of the deception plan, the Russians are quite happy 
to help them think it is exactly that, and in fact the Russians go to some pains to 
continue to help our fellows think that. 





KGB energetics involves the use of a highly structured general relativity 
infolded inside electrodynamics—inside EM potentials, fields, and waves 
regardless of type. In addition, that very special GR is using the very strong EM 
force along the time axis as the main agent of curvature. By deliberately 
structuring these time-polarized EM waves and their dynamics, extremely 
powerful spacetime curvature enginescanbeemployed, eithercreatedlocally or 
at a real distance, or also globally in an entire selected distant region. 





Once these spacetime curvature engines structure the distant targeted spacetime 
region. Then in that interference zone the engines therein act upon any mass 
present. In theory, any physical effect known can be engineered, according to 
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general relativity, once one can create and utilize the proper set of spacetime 
curvatures (the proper set of spacetime curvatures and their dynamics). In GR, 
curvature of spacetime acts directly upon any mass present, and vice versa. With 
such technology one can therefore engineer mass to any level and at any 
distance (and eventually in any quantity) at will, using energetics methodology. 
The engineered mass may be either living or inert {92}. It follows that 
bioenergetics and psychoenergetics effects can also be engineered at a distance 
in similar manner. All it requires is the proper engines for the effects desired in 
the targets desired. 


By using time-density waves and their dynamics, mind itself can be engineered 
and controlled at a distance as in the cases of Captains Button (Figures 22 and 
23) and Svoboda (Figure 24). 


The Importance of Scalar Photons and Time-Density Waves 


Now we digress momentarily. Again, there are four major photon polarizations 
in quantum field theory {93}. The first two are transverse photons, polarized in 
the x- and y-direction respectively (transversely to the line of propagation, which 
is customarily taken along the z- axis). Ordinary transverse EM waves are 
comprised of such photons or blends thereof. Though ignored, EM waves prior 
to interaction with mass do transport EM time-energy as well as EM spatial 
energy, though in electrodynamics that time-energy transport has been ignored, 
thus confusing the effect with the cause. 


The third polarization is a longitudinal photon, vibrating along the z- direction 
(the direction of propagation). Obviously longitudinal EM waves are comprised 
of such longitudinal EM photons. 


The fourth polarization is a scalar photon, since it oscillates only along the time 
axis (the word "scalar" refers to the fact that it has no vector field component in 
3-space). In American physics the latter photon is largely ignored since time is 
not an observable in quantum mechanics. However, such scalar photons do 
comprise time-density waves and EM time-energy currents, and they are 
involved in powerfully curving spacetime via oscillating the time domain. 
Hence by their oscillations they produce spacetime curvature oscillations, which 
in turn project small components into 3-space. Sufficient such coherent 
projection components are in fact longitudinal waves in 3-space. 





The combination of the scalar and longitudinal photons is observable as the 
instantaneous scalar potential, and when Whittaker's 1903 decomposition of the 
scalar potential is slightly corrected, then the scalar potential is comprised of 
coupled pairs of waves, where each pair consists of a time-polarized EM wave 
coupled to a longitudinal EM wave. The combination of the scalar and 
longitudinal EM waves in the presence of charge is observable as the 
macroscopic scalar potential. Negative charge absorbs the time-polarized photon 
from the time domain and re-emits a longitudinal photon in 3-space, while the 


ii» DI ITtkKNCE 


80 


positive charge absorbs a longitudinal photon from 3-space and re-emits a time- 


polarized photon in the time domain. 


Psychoenergetics: Engineering the Mind-Matter Interaction 


by Engineering Mind 


We shall be interested in what actually constitutes a living biological system in 
the psychoenergetics view (Figure 46). Mind operations are time-like rather than 


existing in 3-space, and for that reason mind and its operations are not 
observable. Observation is a d/dt operator acting on an LLLT ongoing 


interaction, which removes the T and leaves a frozen LLL snapshot, via 
d/dt(LLLT) => LLL. Imposition ofobservation itselfbreaks, any and all 
connection with time-like operations, including mind and its operations. 
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Figure 46 A living biological system (psychoenergetics view). 


"Dynamics" involves "velocity", and in general relativity's 4-space velocity is 
rotation (Figure 47). Any mind-operation orchange is dynamics and produces a 
small velocity, which is a small rotation. This projects a very small component 
into 3-space, in the physical body, but still in the virtual state. We are speaking 
of physics rather than metaphysics! Sufficient coherent mind operations 
(changes) have just such small (virtual) rotation components in 3-space that will 
project coherent little projection components (virtual) into 3-space. Coherently 
sustaining these components (intent) results in their coherent integration to 
breach the quantum threshold and become detectable (produce an observable 3- 
space result). That is how an "intent" change sustained in the mind becomes an 


actual physical energy input to the body and nervous system. 
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An object moving with velocity 

v <c has rotated slightly out 

of 3-space toward the time 
dimension. 

Its “projection” back 

into 3-space is shorter, providing 

the Lorentz- Fitzgerald contraction. 
When velocity v = c, a full right-angle 
turn has been made, and the object 
has "lost" its projection along its 
direction of motion. 

Hence it appears as a 2-dimensional 
plane moving at the speed of light; 
in short, a photon or a light wave. 





Lorentz-Fitzgerald Contraction 
Figure 47 Velocity is rotation. Necessary to understand the mind-body coupling mechanism. 


We again stress that the scalar potential is comprised of coupled time-density 
and longitudinal EM wavepairs. Mental operations also are time-density wave 
changes, hence they are changes to the interior of potentials, including the 
ambient potential of the vacuum itself. Potentials superpose, and their coherent 
internal structures add (integrate) coherently. Hence, mind changes can 
coherently integrate to produce minute but real, observable, physical input 
changes to the body system. Mind permeates the body via the interlinked and 
superposed potentials of the body. The living bio-organism's mind and its 
operations can be modeled as an organized operating wave dynamics inside a 
scalar potential and superposed potentials of the body of that organism. Since 
fields are made from the more fundamental potentials, these operations also 
function inside the fields of the body. The organized time-density dynamics 
constitute both the conscious mind and its operations and the unconscious mind 
and its operations. More subtle depths of the time-density dynamics also 
constitute the human collective unconscious mind functions and operations. 
Again, we are speaking physics, not mysticism. 


See Figure 48. The "component projection" (coherent integration) process from 
time-like mind operations into 3-space in the body potentials introduces into the 
living body the physical commands correlated to the mental intent of that entity. 
This is the solution {94} to the long unresolved philosophical problem of intent, 
and addresses the unresolved physics problem of just what constitutes the 
"observer." But the subsequent physical changes accomplished by the 
responding body as a servomechanism, also produce small rotations into the 
time domain (into the mind domain) but in the virtual state. However, a series ol’ 
coherent physical changes produces coherent virtual state changes in the mind 
realm, which in turn coherently integrate into perceptual input. In this fashion, 





the mind senses the response of the body to its order, and any errors in that 
response that need correction. The time delay gives also the sense of identity and 
personal persistence, hence creates the perception of self, the "responding body 
belonging to self," etc. Interwoven perceptions of coherent rotation changes 
from other 3-space phenomena that do not respond to mind intent, also create 
the perception of the "separate physical world." That these phenomena do not 
respond directly to mental intent creates the perception of the "separateness" of 
this "external" physical world, while the interweaving creates the perception of 
"existing simultaneously" with or in the external world. 
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Figure 48 Mind-body coupling mechanism at work. 


All of that perception, dynamics, rotation, and processing is subject to direct 
engineering via psychoenergetics means. 


Without further elaboration, we again stress that the conscious mind is a serial 
processor, whereastheunconsciousisamassivelyparallelprocessor. 
Westerners are prone to equate self to consciousness or conscious mind 
operation alone. That is not the case. Consciousness is just one attribute of the 
self (of the total feedback loop having delay between feedforward and 
feedback). 


The totality is the mind-body coupling mechanism (Figure 48) enabling a living 
biologicalsystem(Figure46). 


By using time-density waves formed of scalar photons, the mind realm also can 
be directly engineered by the same energetics technology. Hence, for the 

Russian energetics weapon scientists there followed the development of 

psychoenergetics as an entire class of breakthrough electromagnetic weaponry. 
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This resulted in the development of not only a unified physics of matter and 
space, but also a unified physics of mind and matter reaction. Any true unified 
field theory must integrate the observer and the unobserved as well as the 
various categories of the observed. It is now possible to directly model and 
engineer both physical and mental reality and their interaction. Russian 
psychoenergetics has been developed to do precisely this {95}. 


Quantum Potential Weapons Are Utilized in All Three 
Energetics Branches 


In addition to scalar interferometers, there is another category of energetics 
weapons used in all three branches. That category involves the use of quantum 

potential weapons, after David Bohm's quantum potential in his hidden variable 
interpretation of quantum mechanics {96}, published in Physical Review in 
1952. We openly published one mechanism for creating a quantum potential 
{97}; there are others. 





Presently these quantum potential weapons are the most powerful and most 
flexible weapons on earth. Nothing else can stand against them. Any nation not 
possessing QP weapons is already a second-rate power, regardless of how many 
nuclear missiles, bombers, and submarines it possesses, or how many high- 
energy lasers and high power microwave weapons it possesses. 


The greatest problem the Soviets had was not in making the QP itself, but in (a) 
localizing its creation to the specific area or region desired, and (b) restricting its 
coupling to the type of equipment, entity, level, size, type of nuclei, etc. that was 
desired. We have not yet fully solved the problem of how they are able to do 
that, but have made a little progress upon it. 


The Importance of Longitudinal EM Waves 


The KGB energetics weapons use longitudinally polarized and time-polarized 
EM waves as their basis, rather than transversely polarized EM waves. There is 
a surge of renewed U.S. interest—and a revolution in electrodynamics—just 
underway in this country (and in the major weapons laboratories of other 
nations) vis a vis longitudinal EM wave solutions to the major equations of 
physics. E.g., one may check the Los Alamos National Laboratory Internet web 
site for summary papers by Rodrigues and Lu {98}. There are now formal EM 
wave solutions faster than light speed, slower than light speed, etc. {99}. There 
is also experimental support for superluminal tunneling of EM waves in 
waveguides {100}. In addition, as is well known, the speed of the ordinary 
scalar potential is infinite in the Coulomb (transverse) gauge {101} 


Higher topological algebra is being used to embed the electrodynamics in most 
of the KGB energetics work. Maxwell's original theory {6} was some 20 
quaternion and quaternion-like equations in 20 unknowns. Quaternion algebra 
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has a higher topology than either vectors or tensors. Heaviside and others 
reduced the quaternion-like theory of Maxwell down to four equations in four 
unknowns—or to two coupled equations, depending upon how represented— 
and formed the much lower topology vector algebra in the process. This 

serously demoted the topology of electrodynamics and placed undue limitations 
upon what can be done with it. The subsequent mathematical promotion of 
electrodynamics to tensor algebra still did not recover much of the EM 
functioning possible in quaternion algebra. An even vaster, far more powerful 
electrodynamics emerges in Clifford Algebra electrodynamics, which may be 
the coming modern trend. 


However, even with Clifford Algebra, there remain fundamental foundations 
difficulties—such as bluntly confusing energy transport with energy dissipation, 
by arbitrarily integrating the Poynting vector around a closed surface so as to 
select only the divergent portion of the Poynting energy flow. That produces the 
energy dissipation flow associated with the circuit, not the overall energy flow 
associated with it. The overall energy flow is some 10'° times greater in a 
nominal case, as (i) discovered by Heaviside in the 1880s, (11) never even 
considered by Poynting, and (iii) deliberately discarded by Lorentz with a little 
integration trick {102} still used by classical electrodynamicists and electrical 
engineers. Electrical engineering departments, professors, and texts do not know 
and do not teach that all EM power sources—such as generators and batteries— 
actually pour out of their terminals a far greater energy flow than the meager 
shaft energy input to the generator or the chemical energy dissipated in the 
battery. Lorentz arbitrarily discarded the huge Heaviside nondiverged output 
energy flow component a century ago, with the observation that it "has no 
physical significance" {103,104}. 


Part of the emerging electrodynamics revolution is intuitively obvious. Higher 
topology algebra used in one's electrodynamics model means that lots more 
things can be done—in circuits, equipment, and components. As an example, 
suppose one can only draw geometrical figures on a flat, uncurved plane. Then 

compare the figures there to what can be drawn when a third dimension is added 
so that the plane can be curved, twisted, folded, stretched, compressed, etc. in 3- 
dimensional space. That is similar to the dramatic differences between 
electrodynamics in a higher topology algebra and electrodynamics in the far 
more limited tensor and vector algebras. 


Further, if someone's circuits are working in a higher topology, a lower topology 
analysis will not even see their true functioning. This turns out to be true for 
Tesla's work, where so many pundits have used vector or tensor algebra in the 
belief that they therefore knew what Tesla was doing. They did not, nor did they 
even use the proper tools to see what he did. For the proof, see Barrett's 
examination of Tesla's actual patented circuits, using quaternions {105}. 





Energy, Wave Energy, and Wave Speed are All Dramatically 
Altered 


The energy of a pure longitudinal EM wave (LW) is infinite (unlimited). In 
practice, only an imperfect LW is produced experimentally, and therefore its 
energy is finite, but that energy may be extremely large, and the wave's 
propagation may be many times faster than the speed of light. This is much like 
quantum tunneling, which has been measured to be superluminal. Nimtz et al., 
e.g., have transmitted Mozart's 40th symphony through a barrier in a waveguide 
at 4.7 times the speed of light {100}. Other researchers have transmitted 
information at lesser velocities but still at greater than c, the speed of light in 
standard vacuum. 


Einstein assumed light speed in vacuum to be universally constant. That is 
correct for transverse photons and transverse EM waves, but not necessarily for 
other polarizations. Instead, it can be a function of the energy density of the 
vacuum (i.e., its stress energy density), which can be a matter of the gauge and 
the wave polarization. Further, c as a constant applies to transverse polarized 
EM waves (which are "surface" waves of the medium, so to speak) and not to 
longitudinal or time-polarized EM waves (which are "subsurface" or "subspace" 
waves). In general, the speed of the EM wave can be a function of the energy 
density of the vacuum (i.e., its stress time-energy density). And it is also a 
function of the type of EM wave being utilized. 


"Empty space" is filled and writhing with the continual transiting of higher order 
EM waves, the presence of standing high order EM waves, and energetically 
organized regions where the energy is in the LW mode and in the time-density 
mode. Indeed, space (more correctly, spacetime) itself is nothing but a plenum 
of such waves and their wave-to-wave interactions. 


The longitudinal and time-density effects in empty space are correlated with 
seasonal and periodic variations of time-charging and longitudinal EM wave 
emissions from planets, stars, etc. As aresult, the characteristics of empty space 
itself periodically vary, and these can be detected as variations in the speed of 
light through the affected space. 


The interplanetary radar measurements, e.g., do indeed show several periodic 
variations of the speed of light in interplanetary space, on a weekly and 
essentially monthly basis. In this data the proclaimed constant speed of light is 
upheld only by averaging the measurements over a month-long period, as shown 
by Wallace {106}. Actually, the scientists are dealing with variations of the 
periodically varying local time-density of spacetime, but have not taken that into 
account. 


There are also specialized "galloping wave" zones, created by variations in the 
interferometry of the interpassing and interfering longitudinal EM waves in 
space. Such galloping waves from wave interferometry are already known in the 
literature {107} from 0.1 to 100 times the speed of light, but they do this on a 


| | ou Di LANCE 
86 


"surge forward and lag backward" mode about an average speed of c in the 
laboratory here on earth. In space away from planetary masses, that value "c" 
varies from its textbook value also. 


All that has really been shown is that interplanetary space is not quite uniform 
after all, contrary to present scientific assumptions. 


One would think that this fundamental foundations anomaly shown by the 
interplanetary radar measurements would excite the entire scientific community 
and trigger a massive scientific investigation. Instead, scientists such as Wallace 
who publish critical analyses showing that the data directly prove the variation 
of cin "ordinary" space, are just ignored and essentially "parked on the 
side-lines" until they eventually fade away. 


A Process for Creating Longitudinal and Time-Density EM 
Waves 


Todaywe know that some plasmas very often can produce a longitudinal EM 
wave from a transverse EM wave, and can produce a transverse EM wave from 
an input longitudinal EM wave. This was not known when the Priore team was 
performing its experimental work. However, it provides one method for 
producing and detecting longitudinal EM waves. 


The Priore team in France unwittingly made longitudinal EM waves by 
inputing transverse EM waves into Priore's rotating plasma in a giant plasma 
tube (Figures 12 and 49). 


¢ At the end ofthe project, 
Priore had developed a 
large unit to treat humans. 


¢ A few were treated. 


* Cures replicated what had been 
done in lab animals. 


¢ The massive size ofthe unit and 
long treatment time (hours) 
made the process bulky and 
very inconvenient — and 
expensive. 


¢ We proposed a way to do it 
with a suitcase-sized unit and a 
treatment time oftwo minutes.* 
*See Porthole Briefing, www.cheniere.org 





Figure 49 Priore's large plasma tube installation in his 3-stories-high treatment facility for 
humans. Results obtained in animal experiments were also duplicated in human experiments. 


Quantum Potentials and Multiply Connected Spacetime 
It appears that a sufficiently clean longitudinal EM wave can be utilized to 
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create a quantum potential, very similar to Bohm's notion, by iterative 
retroreflection between two phase conjugate reflectors. When sufficient iterative 
self-targeting occurs and persists, the waves eventually "snap in" and fully 
converge to laser-like beams without any energy divergence {97}. At that point, 
one has achieved an essentially "pure" LW, which has infinite velocity. For all 
practical purposes, there is then little or no difference between this wave and a 
quantum potential. 


A pure longitudinal EM wave just "appears instantly" everywhere in space that 
it will be. It is already an element of a quantum potential. In this sense, all that a 
"quantum" potential is, is an ordinary scalar potential in which the composite 
EM longitudinal phase conjugate wavepairs really are pure longitudinal EM 
waves. It would seem that this also moves the gauge to the Coulomb gauge, so 
far as the potential is concerned. It follows that, by establishing significant and 
clean longitudinal EM wave contact between any two points via iterative 
retroreflections, one establishes a quantum potential if sufficient harmonics are 
established in the contact. The implications for "phase conjugate shooting" to go 
one step farther are obvious. 


By "scanning" an area with the appropriate LW transmitter array, with 
deliberately imperfect LWs so that contact reaction occurs, and then decreasing 
the imperfections in the scanning by iterative retroreflection, it appears that a 
quantum potential can be created and connected between the transmitters and a 
desired distant region. 


Essentially, in the case of pure longitudinal EM waves and quantum potentials, 
we must model the situation in terms of a multiply connected spacetime. The 
divergence-free waves are now pure longitudinal waves in one sense, and pure 
potential beams in another sense. In any case, the Coulomb gauge applies. As is 
well-known, the potential moves at infinite velocity in the Coulomb gauge. 





Thus a single station can be connected by such a QP to any number of distant 
stations—by first "knitting them together" into a common multiply connected 
spacetime by iterative mutual LW self-targeting beams. It matters not if one or 
more distant station(s) is/are then moved beyond the star Sirius; the moment an 
energy signal appears in the initiating station, itis already instantly in each 
distant coupled station anywhere in the entire universe. There is no separation 
distance involved. Here one no longer needs to propagate transverse EM wave 
energy painfully through space at the speed oflight. Instead, one is now dealing 
with multiply connected spacetime. One now has the instant appearance in each 
and every distant coupled target of the energy input into the single 
"transmitting" or "coupling" station. So the process is a startling and giant 
"energy amplification method" as should be expected from something that has 
infinite energy in the first place! 


One vulnerability and disadvantage of a QP weapon is that, if the target is aware 
of one's coupling and also has QP technology, he can now immediately send 
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back any energy form or "greetings" he wishes, from any one of his coupled 
targets. He can even do it inadvertently, without even knowing he has been 
coupled by a quantum potential. In other words, the QP provides a two-way 
Street, if the target is aware of it and has the technology himself, and even ifhe is 
unaware of it and does not have the technology. For that reason, actual use of 
the QP weapon in strategic strikes requires caution and special considerations. 
Usually it requires very rapid single use and then cessation of any further usage. 


Need for Caution with QPs Used Against Biological 
Organisms 


Another QP weapon disadvantage is that rather extreme care must be rigidly 

exercised, particularly when linking living creatures. For living things, the QP is 
best utilized in the absolute minimum energy mode. E.g., an extremely weak OP 
already links every member ofthe human species. Suppose one increased that 
linkage intensity carelessly. Immediately the entire human race is in grave 
difficulty. Every death of a person feeds into every other living person. Every 
birth of a baby feeds into every living human. Even the fertilization of one 
human ova instantly feeds into all other ova. The integration of all those changes 
would totally disrupt—and instantly destroy—all human life on Earth. Since 
chimpanzees have very similar genetics to that of humans, all the chimps would 
probably die also. Other higher primates would also suffer or die, as would 
many other species. 








What might be useful, of course, would be to use a QP to kill every smallpox, 
HIV, Ebola, and other dread disease pathogen on Earth. If so, it would first have 
to be made extraordinarily specific, else it could threaten all or most of the life 
on Earth. 


A very useful adjunct would be to use a QP device to nearly instantly scrub and 
decontaminate (disinfect) an anthrax-contaminated large city—such as New 
York or Washington, D.C.—by instantly killing all the anthrax spores in that 
locality. Or to clean all the antibiotic-resistant staph pathogens out of U.S. 
hospitals by just killing them all instantly and periodically. Or to rid the Earth of 
necrotizing fasciitis—flesh eating disease pathogens. 


Anextremely localized QP could be used to connect with all HIV viruses and 
DNA inside an AIDS patient's own DNA. One could then kill the HIV viruses 
not yet integrated into the patient's cellular DNA. One could also time-reverse 
the patient's own HIV-infected DNA back to normal, effectively "removing" the 
HIV DNA already dumped into the patient's own infected cells. In theory, 100% 
of the HIV infection could be removed from the patient's body, restoring him or 
her to a completely HIV-free condition. 


A Hypothetical Example 
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Suppose one arbitrarily increased the even weaker QP that presently joins all 
living things on Earth, regardless of species. Instantly every living thing on 
Earth would die, and the Earth would be instantly converted to a sterile planet. 


Even though physically embodied life was gone, however, all the forms of those 
species would remain in spacetime activity, their vacuum engines—for both 
minds and bodies—forever embedded in the local potentials and fields of the 
material Earth. In other words, the Earth's potentials and the local spacetime 
potential would still be dimensioned and conditioned for the life forms that once 
moved upon it in physical form. The dimensioning and conditioning (engines) 
for every life form that ever lived on the Earth exists now at every point in the 
Earth and in the local spacetime. With proper application of energetics, in theory 
it is possible to recover any of these life forms desired, back into living form. 





When one understands that environmental aspect, one understands why the 
Miller-Fox-Urey biogenesis experiments {108,109,110} (Figure 50) would still 
produce living organisms again. A physically dead planet or test flask is not 
necessarily a "completely dead" planet or flask, when one considers the 
presence of spacetime engines and dimensioned potentials. One recalls that 
these forms and engines contain not only physical forms, but also the mind- 
aspects and the mind/body coupling and dynamics aspects as well. 


In short, the entire biochemical notion of biogenesis from truly inert matter 
devoid of any form of life or pattern of life appears to be a false premise. Since 
potentials reach to the end of the universe, then any structured potential 
structures (dimensions) the universal vacuum potential everywhere in the 
universe {111}. The Miller-Fox-Urey experiments were not performed in a truly 
"sterile" environment after all, when the new energetics is considered {112}. 
One realizes that the entire universe is alive; the mere presence of a single living 
microbe or other form anywhere establishes an entire living noosphere. The 
Russian researchers—such as Kaznacheyev {113}— into EM induction of 
disease in targeted cells at a distance also realized that biology included a 
noosphere, and it could be engineered. 
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Figure 50 Typical Miller-Fox-Urey biogenesis experimental apparatus. 


Herman Kahn, then director of the Hudson Institute (a leading think tank), once 
remarked that it did not concern him that there existed mechanisms that would 
destroy all physical life on earth. Instead, he stated, it concerned him that he 
know almost 200 such mechanisms. The quantum potential weaponry is yet 
another doomsday weapon with a thousand lethal mechanisms to add to Kahn's 
list, were he still with us. 


The QP Weapon Is a Superb Energy Amplifier "For Free" 


In a multiply connected spacetime established between multiple separated (to 
the observer) stations, one can instantly input one megawatt of power into every 
distant stution by inputting it into a single station. Suppose that coupling station 
is coupled via QP to one million distant stations (scattered anywhere in the 
universe). Then in each distant coupled station there now instantly appears one 
megawatt of power, even though we have input only a single megawatt in our 

"transmitter" coupled station. This is a superb one-on-many weapon system and 
energy amplifier—perhaps the ultimate weapon system. 


AS ananalogy for understanding, one can look at it this way. Put a dot (point) on 
a piece of paper. Mathematics tells us that an indefinite number of other points 
can be "superposed" directly on that original point. Now input some "energy" 
into the original point. It instantly appears in each and every other superposed 
point. That is precisely the way a quantum potential linkage between stations 


© However, we should not be loo surprised at such "astonishing" effects, once we appreciate that 
with thequantum potential and pure longitudinal waves one is playing with infinite energy 
anyway. 
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works, except that in normal singly-connected 3-space the points are observed 
by a normal observer to be widely separated. Aristotelian logic—which is an 
"either/or" logic—does not apply. Instead, a higher topology logic applies.*! 


The QP weapon can be used with microwatt input to induce low-level disease 
states or pre-disease states (shadow disease states) (Figure 51) in entire 
populations. Tests done in this fashion will violate the "vector carrier" aspect of 
infectious disease transmission. Instead, the tests will cause a few widely spaced 
nearly simultaneously cases of the disease being tested. Several such tests (e.g., 
with necrotizing fasciitis) have already been conducted in the populace of the 
United States. 








Observable state 


"Shadow disease 
state" when 
immune system 
reacts 





Figure 51 The shadow disease state is that structured virtual state level of the promoting 
disease engine template, at which the immune system reacts. 


Or a QP weapon can be used with megawatt or gigawatt input to blast multiple 
distant targets simultaneously. One may destroy, e.g., every single transmitter of 
a given type. Or one may instantly kill all ships and weapons and paraphernalia 
in a large naval task force steaming toward its target. Or if one wishes to take 
the ships and equipment, the weapon can just kill all the humans instantly in that 
task force. ICBM sites, e.g., are vulnerable and obsolete since 1990 to any 
nation possessing QP weapons. So are underwater nuclear submarines and long- 
range strategic bombers. The entire strategic and tactical armada we have built 
up so painfully over the decades is obsoleted—also meaning countered—by any 
enemy possessing sufficiently advanced energetics weapons, and particularly 
quantum potential weapons. 


3! We developed such a logic years ago, and have recently included it in Energy from the Vacuum 
2002, ibid. 
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Other Novel Uses of QP Weapons 


Ifan enemy has such QP weapons and you do not, you are easily and directly 
destroyed at will, once certain other deterrents are overcome. One of these 
previous deterrents that had to be overcome was the stability of nuclear weapons 
in our nuclear arsenal. To remove this stability and render them easily destroyed, 
the holder of a scalar interferometry capability could induce sudden massive 
fissioning and fusioning of many of the targeted onsite weapons if the scalar 
potential interferometers were used massively. However, the resulting 
tremendous nuclear explosions—many "in the dirt and dirty"—would also 
unacceptably damage the attacker. Further, major antagonists usually 
clandestinelyintroduced hidden nuclear weapons into the cities and target areas 
of their opponents, which practice was known as "dead man fuzing." The notion 
was that, even if one side suddenly destroyed the other, that destroyed side could 
still detonate its secret nuclear weapons hidden in the attacker's homeland 
territory, destroying him as well. In essence, the killed side (the "dead man") 
had set off the fuzing of his pre-planted weapons, to destroy the attacker even 
though the "dead man" was already dead. 


One strong reason that the Russians pursued the quantum potential weapon so 
strongly was precisely because it offered a mechanism to solve this "dead-man 

fuzing" problem, removing it as a viable deterrent. Obviously it would be quite 
advantageous to be able to dud or destroy these hostile weapons in one's very 

midst, even though one did not know their locations, and pull the fangs of the 
dead-manfuzing installed by one's opponent. 


There appear to be ways of directly connecting a QP, e.g., to every atomic 

nucleus ofa given type, in a given region (say, in aregion consisting of on the 
surface of the Earth, in the Earth to some depth, in nearby space, on the surface 
of the ocean, and beneath the ocean). Connection can be made, e.g., to every 
U235 nucleus and to every weapons grade plutonium nucleus. Or with the 

technology developed, the users ought to be able to make such connection only 
between certain pre-selected localized amounts of U235 nuclei or plutonium 
nuclei. 


Now suppose that such a QP is established between weapon-sized groups of 
U235 atoms. Then one hits one U235 nucleus in such a group in an activator 
station with a neutron bullet. Voila! One simultaneously hits every other linked 
U235 atom (including the activator station—one just blew it to smithereens if it 
contained very many U235 nuclei) in such weapon-sized groups. The raw U235 
in oresin nature is still okay if the ore contained only tiny traces of U235 nuclei. 
But all the "neutron-struck" fissionable nuclei in nuclear weapons worldwide— 
regardless ofowner or location—fission in the weapons immediately. That 
destroys all the nuclear weapons on Earth—including the clandestine nuclear 
weapons that various nations have spirited into other nations perceived to be 
theirenemies, asa "checkmate" against sudden surprise attack. One does not 
need to know where a weapon is at all. 
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However, it gets all the weapons by exploding them, and that itself could create 
a giant nuclear destruction and fallout problem that would probably do in most 
life on earth because a great many nuclear weapons will have exploded "in the 

dirt and dirty." In short, it is an entirely unacceptable solution to the dead-man 

fuzing problem. 


Of course, no sane enemy would wish to use the QP in such fashion, because it 
is quite suicidal for him and essentially destroys civilization. But suppose the 
sane enemy is well aware of the exact nature of the new cold type nuclear 
reactions (we explained these in an initial rough paper given in August 1998 at 
an Energy conference in Utah). The energy initiating these "time-reversed" 
nuclear reactions starts from "inside" the nucleons in the nucleus and moves 
outward (that is true of any "reversed" zone). 


Via quantum potential joining U235 and Plutonium in warheads 
Includes weapons airborne, underwater, in storage 
Transmutations of the nuclides themselves 

Part of the initial barrage launched by Aum/Yakuza/KGB 

Will occur in the first minutes (10) of the strategic strike, following 
psychoenergetically crew-disabling QP weapons 





Note Duds both overt and covert nuclear weapons and weapons-grade matenals -- including 
“suitcase-delivered” covert weapons on site in Russia which otherwise provide dead man fuzing 


Figure 52 Simultaneous dudding of nuclear weapons worldwide. Also duds nuclear reactors 
and nuclear propulsion systems. 


Direct isomeric transmutation then becomes a preferred decay reaction to induce 
in the nuclear weapons one wishes to dud. By gradually inducing (slowly 
"kindling") one of these transmutation reactions, one can just "transmute" the 
U235 to—say—an isomer such as U238, with some readjustment and energy 
balancing in the ensuing rebalancing decay processes. In that way, one gets no 
nuclear explosions. One can even choose the transformation or several 
successive transformations so as to minimize any resulting nuclear radiation. 
The attacker also destroys all the nuclear reactors, including those in civilian 
power plants, nuclear submarines, and elsewhere. But he gets just about all the 
nuclear weapons if he transforms both U235 and plutonium (Figure 52). In 
about 10 minutes he will dud them all, without any nuclear explosions, but he 
would probably allow about one hour "just for good measure and nearly 100% 
certainty." 
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This offered the Soviets the ideal solution to the worrisome hostile nuclear 
arsenals of the world, since they also had additional nonnuclear strategic 
weapons of a different kind and of great power. 


Apparently that very kind of QP weapon became operational, on site in Russia, 
circa 1989 under KGB control. For the first time, it provided the KGB with a 
guaranteed solution to the nuclear dead-man fuzing problem that had until then 
prevented its massive use of the scalar potential interferometers (such as in 
1985-1986 as originally envisioned by Brezhnev). 


By almost simultaneously leasing the earlier scalar interferometer weapons to 
the Yakuza and Aum Shinrikyo at the end of 1989, the KGB obtained an influx 
of vast new funds {114}. It thus concentrated even more intensely on the more 
advanced energetics weapons such as QP weapons and psychoenergetics 
weapons {115}. 


So with a QP weapon one can attack multitudes of targets, using a single 
"coupler" or "transmitter," all without "propagating the EM energy through 3- 
space."' Further, with the technology developed, only the number of outrigger 
stations coupled limits the energy amplification achievable. One can alter matter 
at any level, from the quarks in the protons and neutrons in the nucleus, to the 
lattice bonds, to the molecular bonds, etc. Or one can structure the emerging 
energy (that emerges directly out of the local spacetime itself), so that structured 
local spacetime curvatures (engines) appear in the target zone(s). These ST 
engines can be generated so as to perform macroscopic functions against real 
systems—e.g., jamming electronics, as against the U.S. air attack on Libya in 
April 1986 (Figure 25), or as was done by a longitudinal EM wave 
interferometer in the attack and kill of the U.S.S. Thresher (Figure 6) in April 
1963 {116}. 





The U.S. Narrowly Escaped Destruction Twice in 1997 Alone 


On two occasions in 1997 the United States would have been utterly destroyed 
by the die-hard faction of the KGB, except for direct countering by a friendly 
little foreign nation. The present author and three colleagues played a very 
minor role by alerting that nation to the impending attacks. There was certainly 
no reason to contact officials of our own country; the U.S. was and is powerless 
to prevent such attacks, although hopefully that is changing! It made much better 

sense contact the only nation that could possibly avert our impending disaster. 
Of course we later also informed proper U.S. government officials of our 
actions. 


The first strategic attack was scheduled for between early to mid-February, and 
involved (1) dudding all nuclear weapons, (2) striking the QP weapons in the 
little nation simultaneously, as well as extant scalar interferometer weapon sites 
in other foreign nations, and (3) then leisurely blasting cities, facilities, and 
installations with iterative and continued scalar interferometer strikes. This third 
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phase would include work assigned to the Yakuza/Aum Shinrikyo teams. That is 
how the Yakuza (and Aum Shinrikyo) expected to revenge themselves for the 
Western defeat of Japan in WWII, and for the West's dropping the atomic bomb 
on Nagasaki and Hiroshima. To be able to "get in on the kill" is why the Aum 
Shinrikyo and Yakuza leased the scalar (longitudinal EM wave) interferometers 
from the Russians in the first place {117}. 


These, along with negative energy EMP weapons, are the kind of energetics 
weaponry that now determines our fate, and against which the U.S. presently has 
still inadequate defenses. Our own scientific community does not believe such 
weapons even exist—apparently due to the "not-invented-here" syndrome. Most 
of the U.S. scientific community is thus relatively useless and outdated as far as 
contributing to the strategic survival of the United States is concerned. 


Purpose of the Novel Attack on Captain Button 


Hopefully, some scientists are aware of the strange incident that involved the 
mental seizure of Captain Button in his A-10 (Figure 22) and controlling him for 
well over an hour (Figure 23), including controlling his perceptions, intent, and 
actions while performing complex technical tasks. That was the test of a KGB 
psychoenergetics weapon, developing and to be deployed by the KGB. That was 
the "acceptance test", so to speak—deliberately conducted over the United 
States—for the KGB's system that would be produced in numbers sufficient to 
counter the QP weaponry, if the QPs of the little friendly nation were to be 
placed in the insane command and control mode. This was yet another Soviet 
counter, planned for the near future against the counter by which the little nation 
did force abortion of the KGB second attack (scheduled for May 1) in 1997. 


The purpose of the attack on Captain Button can be understood as follows: The 
later second scheduled strategic attack on the U.S.—scheduled for May 1, 
1997—was forcibly aborted after the friendly defending nation switched to an 
insane command and control mode. The insane C3 mode counters the 
MindSnapper type attack that instantly kills all on-site operators and renders the 
sites too "hot" for new personnel to come in from outside and control it. In 
short, the U.S. could have been destroyed in that scheduled May 1 attack, but 
with the change of the friendly QP weapons to insane C3, Russia would also 
have perished in the immediate quantum potential counterblow from the little 
nation®” that would have been automatically delivered by the site weapons 
themselves. The May | attack had been predicated upon the fact that a 
preliminary MindSnapper (negative energy EMP) attack on the friendly QP 


* There are also variations. As an example, the insane C3 can also include a separate channel 
requiring a countering "punch in" code every 15 minutes (as in a heightened alert status) or the 
control system will order the launch initiation (this accepts that all on site personnel have now 
been suddenly killed). So the insane control system is also flexible, and many variations and 
considerations are possible. 


weapon sites would have instantly killed all persons on site,*’ and neutralized 
the site for some months because of the resulting longitudinal EM radiation. 
However, the shift of the C3 of the QP weapons to insane mode rendered such a 
pre-emptive MindSnapper attack totally ineffective because Russia would still 
have been destroyed. 


Hence another countering means was required, and in fact that additional system 
was already in development. It was a very sophisticated array of 
psychoenergetic weapons, each with a special, highly trained team of operators 
capable of fully controlling one targeted individual while he was directed and 
controlled to go about performing desired technical tasks. We estimate that it 
required one psychoenergetic weapon (very complex, multiple transmitters) and 
an operator team of perhaps 20 to 30 skilled operators (one for each major 
human function to be controlled) to adequately control the mind and actions of 
one distant person performing quite technical tasks. Hence several hundred such 
"weapon sets" were required to take over all persons on the targeted QP 
weapons sites in the friendly nation, have the controlled crews deactivate the QP 
weapons including using the security code and procedures to standdown for 
maintenance, etc. 


Once the QP weapons were totally on standdown, then the MindSnapper would 
have struck suddenly and killed every living thing on site, neutralizing the site 
for several months due to subsequent strong longitudinal EM wave emissions 
from the struck site. No new crews could have entered the site and lived, so the 
sites could not be operated after MindSnapping, even though the QP weapons 

were still intact butjust on standby. Ofcourse, a third phase then would have 
involved strikes by scalar EM interferometers to leisurely and completely 

destroy the systems and sites, permanently taking out the physical system as 
well. With the first two of that three-part series of strikes completed 
successfully, then the KGB weapon sites would have been absolutely free to 
blast North America and our European allies into smoking ruins, leisurely and at 
will, given the first 10 minutes of dudding all nuclear warheads worldwide, to 
take care of that old type of "dead man fuzing". 


From the open reports of the Button incident, and from the kill of Captain 
Svoboda a few weeks later, the nature of the next strategic attack that would be 
scheduled was immediately apparent. Accordingly, we warned the little nation 
about the shift to a new attack plan, and estimated the new schedule between 
mid - 1999 and the first of 2000. Of course, we also passed that information on to 


2 We point out that it required a longer time to develop the more powerful negative energy EMP 
weapons capable of just destroying the sites, personnel and all. The first effective weapons of that 
type could easily kill personnel brains, nervous systems, and hearts while still doing little damage 
tothe much more robust QP systems and onsite equipment. 
34 We strongly believe there are shielding provisions at those sites, against scalar interferometry 
attacks, which reduces their effectiveness and delays their destructiveness. However, so far this 
analyst has not deciphered those shielding methods or mechanisms. 
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our government as well, but apparently, no one believed it. The proper U.S. 
intelligence agencies, however, certainly intercepted my faxes to the little 
nation's Military Attache in Washington D.C., and particularly my fax a few 
days before May 1, sent directly to the Prime Minister of that nation and urging 
the change to an insane command and control system for the QP weapons and 
the reason why. 


It turned out that, some months after I alerted them to the coming 
psychoenergetics, MindSnapper, and scalar interferometry attack in that order, 
to be scheduled between mid-to-end of 1999, apparently the friendly nation 
suddenly struck and utterly destroyed the KGB facilities for the MindControUer 
negative energy EMP weapons being painfully built up in sufficient number. 
Probably scalar interferometry weapons were used to destroy them. The onsite 
psychoenergetics crews and facilities were destroyed and neutralized 
completely. 


Anyway, as we passed mid-1999, the type of "Y2K" problem we were worrying 
about was whether or not the attack was on, headlined by a psychoenergetics 
weapon strike on the little nation first, with the three phases as previously 
scheduled back in 1997. 


Later, in early 1999 I realized the Russian/KGB development of the causal 
system robots (Figure 10), mentioned in the introduction. In the latter part of the 
third quarter of the year, working at my computer at night, I was struck by one 
of these very beasts from within my computer (Figure 20), in very bizarre but 
unmistakable fashion (previously detailed). In 10 seconds I was nearly killed 
and severely disabled for a period of time (it took four days to recover 
completely). Because of the features deliberately utilized by the CSR on my 
computer screen so I would recognize it, I grasped the nature of the attack (the 
KGB wanted me to recognize it, and live to tell about it!), how it was done, how 
itjammed the brain and vision center and strongly fibrillated the heart, upset the 
equilibrium, etc. I also realized that, in 20 seconds or so additional exposure, I 
would have been a very dead person, expiring with a very violent heart attack 
and severe brain embolisms. Note that the CSR deliberately struck directly from 
the computer screen through my retinas and onto the nervous system, passing 
through the vision center and flashing it tremendously, and jamming my mind, 
brain, and nervous system. 


When I recovered shakily about four days later, I notified the small nation, once 
again, as best I could, giving the exact symptoms of the attack and explaining 
what it was. By then I knew what was coming down, the form it would take, and 
the deceptive cover (Y2K uncorrected errors!). 


The little nation then quickly proceeded to search out—apparently inside the 
North American signals, potentials, fields, and waves "superhighways" for the 
CSRs—all the CSRs and destroy them in place. It turns out to be a fairly 
straightforward operation, once one possesses advanced longitudinal EM wave 
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interferometry weapons and techniques. Locating a "very dense" and very 
dynamic set of LWs performing organized functions is analogous to a normal 
radar locating a large bomber in cloud cover. One "burst" from the LW "radar," 
and the targeted CSR is completely disrupted and electronically destroyed. 


So a very short (lasting a few days) and strange strategic battle was fought in 
infolded space or subspace, inside our electrical and electrical systems and 
inside the fields, potentials, and waves in them. A mighty attacking armada of 
perhaps several million main battle systems was intercepted and destroyed 
throughout our homeland, without the slightest notice by our own government, 
scientific, and intelligence communities. And without a whimper of what is 
usually recognized as "combat actions". 


Afterwards, a very simple and innocuous little message was received which, 
reading between the lines, simply meant "thank you very much." In short, my 
hard-pressed colleagues and I got a small "Attaboy!" for our role in alerting the 
friendly nation. 


So Y2K and the Millennium Celebration came, while we waited to see if the 
CSRs were gone or if they would erupt with damage all over the U.S. 
Fortunately, they were gone like popping balloons, and so the fourth scheduled 
strategic attack upon the U.S. in the space of three years—this time actually 
launched—was successfully destroyed. 


Whatever I can do to help the survival of my country I will continue to do 
without hesitation, regardless of whether the U.S. scientific, intelligence, and 
military communities are aware of the new threat or not, and regardless of 
whether they believe it or not. Presently our fate and that of the Western world 
rests on the shoulders of a small but advanced and friendly nation. That is 
beginning to change, it seems, but still not swiftly enough to suit our needs. 


We simply must change all that, by developing QP weapons and defenses 
ourselves. It is not an option; as an example, China has now finished—as of 
earlier 2002—and deployed QP weapons. Almost simultaneously, China also 
finished and deployed the more powerful negative energy EMP (MindSnapper- 
type but much more powerful) weapons and deployed them as well. So we have 
entered a very dangerous period when the strategic changes that are likely to 
occur will be both massive and traumatic. 


AS this is being written in early October 2002, it is obvious that our nation is 
also preparing to strike Iraq if need be, either with a coalition effort or alone. If 
so, then Saddam Hussein will certainly unleash whatever terrorist forces he has 
in North America. He will attempt to unleash upon us all the weapons of mass 
destruction at his command. This could even happen within the next 30 days, 
with the MidEast exploding, giant polarization of the Arab world, general chaos 
in the MidEast and upset of world oil supplies, and skyrocketing fuel and energy 
costs with severe impact upon the already seriously ailing U.S. stock market. 
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If Saddam Hussein succeeds in doing sufficient damage to our cities and energy 
infrastructure with more weapons of mass destruction than we have credited him 
with, then the potential economic collapse of the United States and much of the 
developed world is an uncomfortable possibility. If that happens, turf wars will 
erupt all over the world, the world economy may collapse, the KGB and rogue 
Japanese (Yakuza and Aum Shinrikyo) will move and unleash further 
destruction, Pakistan and India are likely to erupt into a nuclear war, and several 
other regions may also erupt into nuclear war and use weapons of mass 
destruction. What China might do in such event is anybody's guess. 


In short, the Armageddon we have so long feared, with the resulting collapse or 
destruction of much of civilization, could well be approaching. Let us hope that 
dark picture is terribly, terribly wrong, and that we successfully avoid 
Armageddon one more time! 


Meanwhile, we would be in much better shape to weather the coming storm had 
our scientific community not grossly betrayed us. But if and when millions of 
Americans are dying in the streets with no effective means of treatment, and no 
effective defenses to prevent onslaught after onslaught against our nation, all 
those deaths and all that suffering will be directly the fault of our own organized 
scientific community. 


Rogue Japanese (Yakuza and Aum Shinrikyo) Have a Role 


In the information briefing furnished the previously named agencies, we briefly 
detailed the elements of the attack, how our own nuclear weaponry can be 
dudded anywhere, etc. 


We also detailed the strange role of the Japanese Yakuza and the Aum 
Shinrikyo, who leased the operational use of the early generations of KGB 
longitudinal wave interferometry weapons in 1990 directly from the KGB. The 
first down payment on the lease was $900 million. I previously furnished 
pertinent information on this to an investigative U.S. Government agency. Since 
then, the Yakuza have set up their own scalar interferometry weapons 
development facilities in Japan, including portable energetics weapons,* and 
have assumed a very secret and nearly unsuspected role somewhat similar to Bin 
Laden's role in the attacks of September 11, 2001—but much more deadly when 
the coming Armageddon erupts. 


Inducing the Gulf War Disease 


In 1986, the Russians had already solved the dead man fuzing problem 
theoretically, but had not yet completed the development and deployment of the 


* We strongly suspect some of these portable weapons have already been infiltrated into the 
United States—e.g., to be used against nuclear power plants and other lucrative targets such as 
refineries, oil fields, etc. 


necessary QP weaponry. The KGB's first "combat demonstration" test of the 
ability to localize a QP in a selected region of space was against the U.S. air 
attack on Libya in 1986. That test apparently used a laboratory apparatus to 
prove the process. In short, it was a major milestone whose success moved the 
system into full production engineering and production. The system was then 
developed at very high speed after the successful demonstration in 1986. The 
first strategic KGB QP weapon(s) became operational on site in latter 1989. 


It was this QP weapon that was used to generate the so-called Gulf War Disease 
in our soldiers in the MidEast. In the action package, I explained precisely how 
that was done. I have also finally placed the simplified gist of that explanation 
openly on the Internet for all to see (website www.cheniere.org). Those 

suffering U.S. veterans were casualties of war, not victims ofjust nerve gas 
whiffs or chemicals or their own stress, etc. The initial U.S. Government and 
USS. scientific community's assertion that "it was all in their heads" and due to 

stress, insults every veteran who has ever served his nation. One justifiably has 
contempt for such treatment of our veterans. Sadly, the latest "studies" are 
beginning to conclude the same thing once again. 


Apparently our intelligence and military command agencies have not yet learned 
the lesson of the decades long Soviet microwave radiation of the U.S. Embassy 
in Moscow, which was responsible for health changes of many kinds in U.S. 
personnel and was also responsible for the deaths of three U.S. Ambassadors to 
the Soviet Union. Apparently we are still using radar engineers and electrical 
engineers for electrodynamics analysis, and these analysts apparently still 
believe that in the absence of the EM fields there can be no induced EM effects. 
One sadly comments that, just as the electrical engineering departments of our 
universities have been unable to walk across the campus to the particle physics 
department and find out what the discovery of broken symmetry in 1957 
portends for their discipline and model, then the intelligence community 
apparently has not yet learned that no EM analysis of such things as the 
microwave radiation of the U.S. Embassy in Moscow or the shootdown of the 
TWA-800is worth a tinker's dam unless it is a higher group symmetry EM 
analysis. As Barrett showed, our fellows still have not grasped what Nikola 
Tesla already accomplished in actual patented circuits circa 1900 and shortly 
thereafter. Tensor analysis and vector analysis simply will not show what is 
really there. 


Our veterans were hit with a "cocktail mix" of specialized disease "spacetime 
curvature engines" just below the observable threshold, inthe "shadow" (virtual, 
but nearly observable) state*’ (Figure 53). The immune systems and the cellular 


One should think deeply aboutthis, interms ofthe solutiontothesourcecharge problem 
(which our engineers have not thought of very much, much less solved). Every charge already 
"engineers" the virtual stale at will, converting virtual energy into deterministic observable EM 

energy. Thatmeans we can directly engineer the virtual state vacuumitselfif we put our mindsto 
it. Actually Nobelist Lee has already pointed out that we have not even tried to do this! See T. D. 
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regenerative systems do react to that shadow state level. 
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Figure 53 Spreading (thinning) the immune system's ability available to meet a new 
pathogen. 


Such a "simultaneous mix" shadow induction "spreads" the reacting finite 
immune system and regenerative system (Figure 53) and their resources all 
across that entire mix of shadow diseases, so that only a much smaller portion of 
the immune system and of the regenerative system is directed against any one of 
the shadow diseases. This in turn greatly heightens (by a factor of 5 or more) the 
susceptibility of the body to all additional disease pathogens, and it greatly 
lowers the ability of the body to recover from any disease or biological warfare 
strike. In addition, the exposed veteran's body fluids and masses have 
accumulated a persistent "time-density charging” that very slowly decays (by 
emission of weak longitudinal EM waves) over months or even a few years.*” 
The sperm from these veterans did indeed have the innate "engines" and 
therefore the capability to gradually infect their wives. So did the saliva in their 
mouths. The weak "dimensioned" LW radiation from their bodies could also 
slowly alter the cellular regeneration and immune systems of their family 
members in close proximity, over a period of time, thus inducing the disease in 
them {118,119,120}. 


Lee, Particle Physics and Introduction to Field Theory, Harwood, New York, 1981, in his 
"Chapter 25: Outlook: Possibility of Vacuum Engineering," p. 824-828. On p. 383 Lee points out 
that the microstructure of the scalar vacuum field (i.e., of vacuum charge) is not utilized. We add 
that the West does not utilize it. It has been utilized for some decades in the former Soviet Union 
and now in the continuing KGB energetics and bioenergetics weapons programs. 

37 See T. D. Lee, "Can Time Be a Discrete Dynamical Variable?." Phys. Lett., 122B(3,4), Mar. 
10, 1983, p.217-220. 
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The induction of GWS in our troops was in fact a test for the present clandestine 
use—already ongoing—of that technique to spread the immune and regenerative 
systems of the targeted U.S. population. This in turn gradually makes us more 
susceptibleto terrorist BW attacks and disease pathogens of all types from 
anyone else. This tactic is already in place and accomplished, and it will 
substantially increase the American civilian casualties in our cities when they 
are subjected to terrorist BW attacks in the near future. Those attacks now will 
have some five times the effectiveness that our present planners estimate. In 
short, it is going to insure the deaths of millions more Americans. The 
approaching war in the MidEast, with Saddam Hussein's unleashing of his 
terrorist assets in the U.S. to the maximum extent possible, thus will probably 
see a five-fold increase in the effectiveness of some of his mass destruction 
weapons that Hussein's assets are able to unleash on America. 


The entire affair of the Gulf War Disease was both a preliminary test and also a 
magnificent intelligence probe by the KGB, to clearly demonstrate once again 
that the U.S. Government and the U.S. scientific community are still nearly 
totally unknowledgeable of QP weaponry, immune and regenerative system 
"spreading," disease induction by bioenergetics means, etc. It follows a 
methodology used with great success for four decades by the KGB,”* and one 
that our own government, scientific community, and military community has yet 
to decipher. So long as the threat only slowly increases, Americans remain 
complacent in their ignorance, ignoring the boa constrictor slowly strangling 
them, while awaiting the cobra seen in the distance?’ We have unwittingly 
cooperated with the KGB boa constrictor for four decades, even as it slowly 
prepared to crush us. In the Gulf War, that crushing moved to the next threshold, 
to actually inflict casualties and deaths on U.S. troops and totally get away with 
it because of the bioenergetics (in the Russian sense) ineptness ofthe U.S. 
scientific community. 











38 The decades-long microwave radiation of the U.S. Embassy and induction of health changes 
and diseases, was acase in point. A high level target—the U.S. Ambassador—was involved, 
guaranteeing U.S. Governmentattention at the highest level. Puzzled, the U.S. government would 

then call in their most trusted EM scientific analysis groups. By the responsive actions then taken 

by the U.S. at the Embassy, the KGB could ascertain with absolute certainty whether or not our 

scientists knew of the use of infolded engines in bioenergetics. For more than four decades our 
actions assured them with 100% certainty that we knew nothing of what their "information 
content of the field and potential" actually was, or how it had been weaponized and was being 
used right in front of our faces and before the entire world. 

*It is bizarre that our scientific community—even after those decades of EM induction of 

diseases andhealthchangesin Americanpersonnelinthe U.S. EmbassyinMoscow—stilldonot 

and cannot believe that conditioned EM radiation can induce cellular disease. Such total 
blindness is inexplicable. 


40-Years of Russian Induction of Diseases In U.S. Embassy 
Personnel 


Sadly, our own fellows have never even figured out how the diseases and health 
changes were previously induced by the KGB for decades in personnel in the 
former American Embassy in Moscow. Three U.S. Ambassadors to the Soviet 
Union died as a result of their exposure to that radiation. Many other Americans 
on site were made ill or suffered health changes. 


When Johns Hopkins scientists studied the problem, they found a most 
anomalous thing: no health changes occurred in areas where the EM forcefields 
existed in the microwave radiation. Instead, the health changes only occurred in 
areas where the potentials were gradient free so that the force fields were zero— 
and thus the potentials (and their specific internal "engines") were persistent. 
Using only a classical EM force field analysis—which does not show any of the 
internal longitudinal EM wave substructuring of the fields, potentials, and 
waves—the Johns Hopkins scientists erroneously concluded that it could not 
have been the weak microwave radiation causing the health difficulties, because 
no such health difficulties occurred where the forcefields were present. That is, 
they very naively assumed that "no force fields" meant no EM effects were 
possible. Their entire findings thus were based on a total non sequitur, the 
assumption that there can be no electromagnetically induced physical changes in 
matter in the absence of fields! The Aharonov-Bohm effect alone falsifies that 
entire premise. So does general relativity and higher group symmetry 
electrodynamics. 


Actually, the Johns Hopkins scientists had just clearly proven the exact opposite: 
that it indeed was the radiation that induced the health changes. That is simply 
shown statistically, and it is a deep and continuing mystery how good scientists 
and their governmental overwatch did not notice the violation of inference 
methodology. 


Simply put, there was 100 percent correlation to the presence of gradientfree 
EM potentials— the persistent kind. There was zero correlation (or 100% 
anticorrelation) to the presence of the normal electric and magnetic fields—i.e., 
where the potentials changed over a very small region of space. Hence it could 
only have been the constant potentials, else we must throw out statistical 
inference theory altogether. 


If the changes had not been caused by the EM radiation at all, one would have 
had some health changes in regions where fields were present and some health 
changes where the fields were absent. Considering the lengthy time the radiation 
persisted and the number of personnel affected, the statistics are decisive. 
Without question, the cause was indeed the persistent potentials where the force 
fields were zero. Whittaker's two papers—one in 1903 and the other in 1904- 
would then show how it was done. The 1904 paper and superpotential theory 
alone would not have explained it, since that alone does not include the 
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"information content of the field"—i.e., spacetime curvature engines infolded 
inside the normal EM potentials, fields, and waves. 


So, the U.S. government and U.S. scientific community "botched it badly," 
unfortunately, by elemental statistical inference standards. And unfortunately, 
they have continued to "botch it" to this day. Both the scientific community and 
the intelligence community missed it. Elementary statistics theory alone, 
coupled with the Johns Hopkins results, clearly indicates that the microwave 
radiation was causing the health changes, to a very high degree of confidence. 


This demonstrates how "totally inexplicable" some of the effects generated by 
longitudinal EM wave interferometry and by "structured" or dimensioned 
potentials, fields, and waves can seem to our conventional scientists. If we 
examine the serious foundations flaws in classical electrodynamics and 
electrical engineering taught in our universities, and the near-total lack of higher 
group symmetry electrodynamics training, we can understand why our scientists 
and intelligence analysts did not and do not have the background required to 
properly assess the incidents and effects. 


Western Electrodynamics Is in Sad Shape 


Actually,numerous scientists have long pointed this out. For example, quoting 
Mario Bunge {121}: "...it is not usually acknowledged that electrodynamics, 
both classical and quantal, are in a sad state." 


In quantum electrodynamics, it is the potentials that are the primary causes of all 
electromagnetic phenomena, not the force fields as used by Johns Hopkins and 
the Government in its analysis. We know that classical EM is wrong in its focus 
upon force fields as primary EM causes; the Aharonov-Bohm effect, Berry 
phase, and geometric phase work in some 20,000 papers in the physics literature 
already show that. Indeed, we also know that the classical force fields do not 
even exist apart from mass; in space, only the potential for such a force field 
exists, in case some charged matter is brought in to interact with the EM entity 
as it exists in mass-free space (as curvatures of spacetime). 


The Aharonov-Bohm effect and its implications have been published in Physical 
Review—our most prestigious physics journal—since 1959. Later publications 
have included the Berry phase extension of the AB effect, and Aharonov and 
Anandan's further extension of the Berry phase to what is today called the 
geometric phase. The potentials are indeed the primary EM causes, and the force 
fields do not even exist as such in mass-free space, but only in mass. Yet our 
classical EM taught in our universities has not been changed in its fundamental 
acceptance of the material ether since 1865. 


Every university in America is still teaching and defending a rather mangled 
electrodynamics where 


(1) The material ether is still assumed, even though destroyed more than a 


FER ODE LANCE 
105 


a 
_— vita? @ a 


“ 


x 


i 
= 


-_ il ) 





(2) 


(3) 


century ago by the Michelson-Morley experiments; 


The force fields are erroneously assumed to exist in massfree space, but in 
force-free form(!!!) when what actually exists there as an EM disturbance is 
a general relativistic perturbation of spacetime (i.e., an oscillation of the 
local curvature of spacetime). Actually, force identically is the time rate of 
change of momentum, where momentum is mass times velocity. Thus mass 
is a component of force and force field. There is no force or force field 
without mass. As Feynman put it, there is no force field in massless space; 
instead, there is only the potential for such a force field to be formed at the 
various points, should a charged mass be placed at (added to) each of them; 


The source charges are erroneously assumed to create their fields and 
potentials and all that energy in them, reaching across the entire universe 
from each and every charge, right out of nothing at all. This perpetual 
motion and creation of energy error continues even though particle physics 
has known (and proven, both theoretically and experimentally) that any 
charge (as a set of composite dipoles, when the charge is taken with its 
clustering virtual charges of opposite sign) is a broken symmetry in its 
fierce energy exchange with the vacuum. Hence the charge extracts that 
energy in its fields and potentialsfrom the active vacuum, and outputs the 
extracted energy across space {122}. 


Our own electrodynamicists and electrical engineering professors and 
departments would have us believe - and they continue to imply such in every 
university in America—that every charge is a perpetual motion machine clearly 
in violation of the master energy conservation dictum that energy can neither be 
created nor destroyed. The complete lack of scientific understanding that every 
charge extracts energy from the vacuum and freely and continuously pours it out 
as real observable EM energy, is reflected in rather silly "witch-hunts" {123} 
against electrical systems which exhibit more energy output than the operator 
himself inputs—i.e., systems which exhibit a coefficient of performance (COP) 
of COP>1.0, which are open EM systems far from equilibrium in their active 
environmental exchange. 


Let us reason together! If the second law of thermodynamics really did prohibit 
COP>1.0 electrical systems, then it also would prohibit the demonstrated COP = 
oo of a solar cell array. It would also prohibit the demonstrated COP>1.0 
mechanical systems such as a windmill, waterwheel, or sailboat—all of which 
have COP =oo! In other words, the second law cannot even be a law if it 
discriminates only one type of energy prohibited from being used for COP> 1.0, 


For some inexplicable reason, EM COP>1.0 systems have come to be 
dogmatically labeled "perpetual motion machines" by the professional skeptics 
since EM systems must take their excess energy from the known active vacuum 
environment! In short, the dogmatic scientific community is saying that 
"windmill-type EM systems" with COP =ooare permissible for exchanges with 


physically active and observable environments (such as the sunlight used in 
solar cells, the heat in the air used in heat pumps, the water currents used 
hydroelectric power plants, the winds used in windmill power generation, etc.), 
but they are not permissible for exchanges with the proven modern active 
vacuum virtual particle flux energy environment, even though the discovery of 
broken symmetry in 1957 already proves that all EM energy is indeed freely 
taken from the seething vacuum environment by the asymmetry of the modern 
dipolarity of the source charge! We refer the interested reader to the proven 
broken symmetry of opposite charges {124}. We also refer the reader to 
Nobelist T. D. Lee's statement applicable to the skeptics’ naive notion of 

symmetry. Finally, in modern physics all the major forces of nature are 
generated by the exchange of virtual particles. It is these forces that then 
translate against a resisting mass or entity to provide useful work. So all useful 
work in the universe already comes from the interactions of the seething virtual 
flux of the vacuum. On what distant planet have the skeptics been hiding while 
all this modern physics has been developed? 


One must keep one's sense of humor! It is ironic but true that every major 
university in the U.S. continues to teach, uphold, and advocate—by 
implication—EM charges as ubiquitous perpetual motion machines, freely 
creating energy from nothing. And that is those professional skeptics and witch- 
hunters never mention that their own naive understanding of electrodynamics 
already implicitly assumes and teaches perpetual motion machines freely 
creating energy from nothing at all—and on a scale unparalleled in scientific 
history! 


We have one chart with some 32 major foundations errors and flaws in the 
electrodynamics taught in all our schools; there are many others in addition. 
This erroneous teaching has so indoctrinated our graduate students that most 
electrical engineers no longer know the real difference between power (the rate 
of change of form of energy and thus the rate of production of work) and rate of 
energy flow (whether it is being dissipated or not). 


Every textbook speaks of "sources furnishing power," when it is the rate of 
dissipation of energy in the individual loads and losses to provide the rate of 
doing work that constitutes power. Sources do not furnish power! They furnish 
energy flow (specifically, their source dipole furnishes energy flow, extracted 
and transduced directly from the active vacuum, and only a tiny bit of that 
enormous energy flow is diverged into the circuit and used). The various 
components of the receiving circuit interact with that energy flow to catch and 

dissipate a little of it, thus producing power and work locally in the intercepting 
and dissipating component. 


A massive nondivergent (nonintercepted) energy flow has zero power (time-rate 
of doing work), but ifintercepted and diverged, the divergence may develop 
enormous power (timerate of doing work) in and upon the interceptor, diverger, 
or collector. Even many physicists today are confused on the difference between 
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rate of work and rate of energy flow per se. E.g., for about 30 years now, there 
has been a polite debate involving that very subject in the American Journal of 
Physics. It is still not completely resolved, because the argument has not actually 
addressed where all EM energy in fields, potentials, and waves comes from in 
the first place: directly from the seething vacuum via the asymmetry of the 
source charge. It also has not addressed the long unaccounted giant Heaviside 
nondiverged energy flow component. 


Toward a Deeper Electrodynamics 


The first thing the Soviet Academicians did after WW II was to completely 
overhaul electrodynamics, but in highly classified areas controlled totally by the 
KGB. Stalin's boot firmly planted on their backside saw to it, creating the 
terrible fear that if they failed to produce, they would surely die. Not having 
experienced such a "Stalin boot," our own scientific community continues 
leisurely onward, while it teaches 110 years old electrodynamic material filled 
with non-sequiturs. 


The Russian use of the "information content of the field" euphemism is a case 
in point. Our fellows (in both the intelligence community and the scientific 
community) assume the Russians are speaking of simple transverse EM wave 
spectral analysis. Nothing could be farther from the truth. Let me explain. 


In 1903, E.T. Whittaker—a leading theoretical physicist at the time—showed 
that any scalar potential is comprised of a harmonic set of bidirectional 
longitudinal EM wavepairs. Each pair consists of a longitudinal EM wave and 
its true phase conjugate replica (i.e., its "antiwave", or time-reversed twin, 
coupled together). 


Unknown to Whittaker, that LW wavepair actually includes a time-density wave 
in the time domain, coupled to a longitudinal EM wave in 3-space. Per quantum 
field theory {66}, such a coupled pair would be observable as the scalar 
potential. Knowledge of this specialized coupling is necessary in order to 
properly decipher the Priore mechanism. That mechanism was demonstrated to 
time-reverse (dedifferentiate) a diseased or damaged cell and all its parts back to 
it previous normal state, genetics and all. The time-reversal was accomplished 
by "pumping" the cell and all its parts in the time-dimension so that time- 
reversal propagation of the mass-energy is achieved. The time-domain pumping 
is done by the associated time-density wave, which always accompanies any 
longitudinal EM wave a priori. So sometimes we sloppily say that the 
"longitudinal EM wave pumping" causes the time reversal of the mass, but it is 
really the associated time-density wave pumping that causes it. The time-density 
wave component also can cause time charging or time-excitation charging of a 
mass. During its alternate existence as masstime, the time portion is altered, and 
that is a time-excitation or time-energy excitation. 


It turns out the human cellular regenerative system (Figure 29) also uses the 
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same time-excitation charging methodology to produce time-pumping of the cell 
and all its parts. This produces a slow time-reversal (dedifferentiation) of 
damaged cells back to a previous state. This is in fact the basic mechanism for 
healing, as used by the living body. 


Reversing aluminum, for example, just converts it back to ordinary aluminum. 
Not too interesting. 


Reversing an HIV infected cell, however, would produce a healthy, normal cell 
with normal genetics. When a damaged cell turns into a cancerous cell, it is due 
to a process called promotion (change of the cell to a cancerous cell). Reversing 
a cancerous cell would change it back to a healthy, normal cell again—in short, 
it would constitute demotion of cancer and then healing of the damage in the 
now normal but damaged cell. In the AIDS patient, simply pumping the entire 
body with the time-density wave accompanying the longitudinal EM waves 
produced in a plasma—as Priore did for terminal tumors—would time-reverse 
all cells, completely ridding them of any residue of HIV infection. This would 
remove all the "HIV factories", thus completely solving the problem of AIDS. 
We have also uncovered a more advanced process where matter can essentially 
be directly engineered in any conceivable manner, including nuclear 
transmutation etc. We have filed a Provisional Patent Application and will file 
formal patent applications on those processes in the future, as soon as funds are 
available (patent attorneys are expensive!) 


Time Is Highly Compacted Energy 


Since time is energy compacted by some 9x10'°, even small time-density 
changes can produce enormous spatial energy, should any of that compacted 
energy be transduced from time-density waves into transverse EM waves and 
thus into spatial EM energy. Such transduction can indeed occur in nonlinear 
materials and processes, such as in electrolysis. 


The New Transduction Model Explains the Cold Fusion 
Results and Mechanisms 


In August 1998, we presented a conference paper pointing out that cold fusion 
uses this very transduction ofEM wave types, one into the other. We presented 
such new concepts as (1) TW to LW to TDW transduction and in the other 
direction also, (ii) time density charging of a particle to an excited time-density 
state (analogous to energy charging to an excited energy state), and (iii) the 
observation that excess phase conjugation in a local region can generate a time 
reversal zone where like charges attract and unlikechargesrepel. 





With these concepts we were able to explain the excess heat appearing in the 
cold fusion experiments of hundreds of researchers. We also came up with (iv) a 
totally new class of nuclear reactions without the usual high-energy 


considerations. That is, we showed the exact nature of the electronuclear 
reaction that is forming the anomalous nuclides in cold fusion experiments. 
Production of the new nuclides was revealed to be simply what one would 
expect from this mechanism, as indeed was particle clustering of like-charged 
particles. 


We also explained (v) all the instrumental anomalies occurring in a series of 
well-documented cold fusion electrolysis experiments at China Lake. In fact, 
(vi) we added a completely new term to the conservation of energy law, thereby 
extending it. 


An updated explanation is included in my new book, Energyfrom the Vacuum, 
2002, ibid. With the new transduction interactions, one must state that the total 
energy in (a) spatial energy form, (b) mass-energy form, and (c) time-energy 
form is what is conserved. 


So when transduction occurs in cold fusion experiments (electrolysis), some of 
the time-density charge energy is gradually transduced into ordinary transverse 
EM wave energy, which as it scatters produces excess heat not accounted for in 
present particle physics interaction models. 


Scientists with only the "old" 2-term Einstein conservation law in mind, will be 
firmly convinced that this excess heat represents a violation of conservation of 
energy, hence is impossible. So they will question the calorimetry ability of the 
cold fusion scientists, etc. Unfortunately, the more ardent defenders of the 
orthodox faith will unjustifiably impugn the intentions and morals of the 
experimenters themselves with vicious ad hominem attacks. Such has indeed 
been precisely the case. Many of the harsh scientific critics have acted like cur 
dogs in a pack attack, and not as scientists at all. 


Once one analyzes cold fusion in the new 3-term conservation manner and with 
the new transduction concepts, one immediately sees that the overall 
conservation of energy is upheld, while the special case represented by the 
former energy conservation law (conservation of the sum of the spatial energy 
and the mass-energy) is permissibly violated. The former case was a special case 
in that it arbitrarily assumed that no transduction of time-energy into spatial 
energy or mass energy—or vice versa—occurred. 


In essence, successful cold fusion experiments show that, via transduction, a bit 
of time itself can be "utilized for fuel" and transduced into ordinary EM energy. 
Energy-wise the system has become a nonlinear open dissipative system*” far 


“° But we point out one idiosyncrasy of thermodynamics, which defines a "closed system" as one 
in which mass does not cross the system boundary, but energy is free to exchange across that 
boundary {125}. Hence, eerily a "closed thermodynamic system" is actually an open system with 
respect to energy exchange between system and environment. As such, energy-wise the system 
can be a system far from energetic equilibrium with its external active environment, and still be 
considered a closed thermodynamic system! Energetically, a closed thermodynamic system that 
exchanges energy but not mass is permitted to exhibit COP>I .0 and even COP = 00! 
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from thermodynamic equilibrium {125}. As such, it is permitted to (1) self- 
organize, (2) self-oscillate, (3) output more energy than it itself has, by merely 
receiving, converting, and using excess energy from its environment (in this 
rase, from the transduction of a tiny bit of the time-charging that has occurred), 
(4) power itself while simultaneously powering a load or performing useful 
work, and (5) exhibit negentropy. With the exception of transduction of time- 
charge into excess energy, all of that is already in the thermodynamics texts, 
though it has not been clearly spelled out in electromagnetics texts. The source 
charge, e.g., exhibits all five of those capabilities. The inclusion ofthe time- 
domain as part of the external active environment, however, is an extension of 
previous open dissipative system work by leading researchers such as 
Prigogine. It dramatically extends the meaning of "active environment". 


Why There Is a Time Delay in the Onset of Cold Fusion 
Phenomena 


With an energy-to-time compaction ration of 9x10'° , energy processes have to 
transduce spatial energy into time for quite a while in order to build up very 
much time-excitation charge. This leads to an initial delay in the onset of the 
"new law" transduction phenomena, as directly shown by the vast majority of 
careful cold fusion experiments. This build-up occurs during the "palladium- 
lattice loading" time, e.g. 





By the same token, there is a time delay after cutoff of the input power to such 
experiments, during which time the slowly decaying time-density charge by its 
transduction into spatial energy continues to maintain the anomalous new 
processes (such as excess heat production) as they slowly subside. So the hours- 
long or even days-long delay phenomena after input power shutdown are also 
explained by the new approach. 


In summary, there exist some very anomalous but very good experiments by 
excellent scientists—more than 600 of them—that are at least totally consistent 
with the above new wave polarization transduction model. Consistency with 
experiments is the first element of proof (it is necessary but by itself it is not 
sufficient). The new model also contains and obeys the conventional 
conservation of energy law until the new transduction phenomena become 
observable, at which time the extended energy conservation law applies. So in 
its lower limit, the new model corresponds to the present model—again, another 
requirement of any model purporting to extend a scientific area past that area's 
conventional model description. 


The KGB weapons scientists—not the regular Russian academic 
establishment—have about a 40-year lead on us in all these areas. While our 
own scientists have dallied and pursued the standard model, the Russian weapon 

scientists have produced the equivalent of 10 Manhattan Projects, back-to-back, 
in the"new" energetics area. 


The Early Soviet Longitudinal Wave Interferometers 


Using longitudinal EM waves, the early KGB energetics interferometers could 
pass their beams right through the earth and ocean. LWs readily penetrate 
matter, reacting with it only weakly. 


Some LW interferometry was also done using ordinary EM waves as carriers for 
the LW wave functions. Each such transverse wave carrier is in fact two scalar 
potential functions (Whittaker 1904, the initiation of superpotential theory). In 
each scalar potential for which functions are extracted and used to make the 
normal transverse carrier wave, there exist LW biwave pairs comprising said 
potential. So by assembling the desired LW biwave subsets, the two scalar 
potentials and their resulting interference-produced carrier wave are internally 
structured as desired. This is the use of the so-called internal information 
content of the field. We speak of such a deliberately structured potential, field, or 
wave as having been conditioned, dimensioned, or activated. If these terms are 
deemed inappropriate, just use the more generic term "internally structured." 
Then one has to explain what the "internal" is, and how this "internal" can be 
"structured." 








In the distant interferometry zone, those dimensioned potentials, fields, or carrier 
waves would interfere and produce the desired alterations in the local spacetime 
(including specific spacetime curvature engines). Remember, the potentials are 
just bundles of special waves. We are discussing a special form of nonlinear 
multiwave interferometry, where the individual waves and waveforms 
comprising the total wave package assembly constituting a carrier have been 
carefully chosen in advance. 


In the local spacetime in the distant interference zone, such multiwave 
longitudinal EM wavepair interferometry creates ordinary EM waves and energy 
that arise directly from each and every point in that individual interference zone. 
We stress that ordinary transverse wave EM energy propagation through the 
intervening space between the interferometer transmitters and the distant target 
does not occur. 


In January 1960, in a speech to the Presidium, those are the weapons then in 
final engineering development for production that Khrushchev spoke of as 
"fantastic new weapons". 


Khrushchev Killed the Thresher to Prevent His Own 
Dismissal 


The first deployed large force-structure interferometer weapons became 
operational circa | April 1963. Khrushchev was still smarting from his Cuban 
missile crisis fiasco and his humiliation by Kennedy. Having overplayed his 


hand and gotten caught,"’ Khrushchev was desperate to stay in power and not be 
thrown out by the Communist Party leaders for such a massive loss of face. 


On April 10 of 1963 Khrushchev used his new interferometers to reach through 
the earth and ocean and "kindle" EM jamming in the electrical controls of the 
U.S.S. Thresher nuclear submarine underwater off the East Coast of the U.S. 
The reader should recall that, wherever the interference zone is established— 
including in the earth or underneath the ocean, in the atmosphere, or in space— 
the energy arises directly out of the local spacetime. There is no Faraday 
shielding of such effects, which do not depend upon ordinary transverse wave 
EM field energy propagation through space. The energy appears everywhere 
within the targeted object, simultaneously. 











It is extremely important that the reader recognize the dramatic difference in the 
way energy propagates in the new mode as compared to the old "propagation 
through space" mode. In the old mode, energy transport arises in one spatial 
location and is considered to proceed serially through the intervening spatial 
points to the intercepting and interacting particle's location. The Poynting model 
presently uses only this mode. In other words, the energy propagates from 
without the object to the object, and thence inward inside the object, if possible 
as the object interacts. 


On the other hand, when the energy arises at each and every point in spacetime, 
it then propagates outward from each arising point. Thus in the nucleus of an 
atom,the "energy flow" starts at all interior spatial points and flows or diffuses 
outward in all directions. So the energy "meets" and interacts with the quarks in 
the nucleons, before it meets the "nucleon as a whole” and translates it. For this 
reason, with energetics itis easier to alter and "flip" quarks in nucleons than itis 
to translate nucleons, since one is using the new energy propagation mode. This 
simple_reversal of the_outside-to-inside energy propagation to_an_"inside-to- 
outside" mode, is a revolution inparticle physics and effects on materials. 








In fact, the energy dramatically enters the "interior" areas of nuclei, nucleons, 

etc. in a manner heretofore impossible or extremely difficult to achieve by high- 
energy physics, whichcan only doit by smashing into the object with sheer 
brute kinetic energy. Therefore the new "inside to outside" energy propagation 

mode can produce—at feeble spatial energy—extraordinary nuclear interactions 

not possible by brute force "outside-to-inside" energy propagation means. By 
controlling the structuring ofthe arising of the energy at each point in spacetime, 

the energystructure interacting with the quarks and other interior components 
can be tailored to order. This is the primary secret of transmuting an element at a 

distance by a specialized energetics weapon. The structuring of the emerging 


“'Oddly, had he simply waited a few more months or a year before injecting the missiles and 
nuclear warheadsintoCuba, Khrushchev'sstrategicscalarinterferometers wouldhavebecome 
operational. With those in operation, a "Cuban missile crisis" might well have had a different 
outcome. 


internal energy can be deliberately tailored to change quarks in—say—some of 
the nucleons of U235 and plutonium nuclei. In this fashion nuclear warheads, 
nuclear powerplants, and nuclear propulsion systems of atomic submarines can 
be altered at a distance, beneath the earth's surface, beneath the ocean's surface, 
in space above the earth, etc. 


The EM "hash" emerging from the Russian interferometry simply jammed the 
electrical controls and systems of the Thresherfrom inside its very electrical 
circuits. Out of control and helpless, the Thresher sank to crush depth and 
imploded (Figure 6). The EM "splatter" from that interferometry, arising from 
the local spacetime throughout a surrounding region, engulfed the Skylark, the 
surface companion of the Thresher. The resulting spurious EM jamming 
severely interfered with multiple electronic systems on the Skylark. Several 
electronic systems just ceased working altogether. Their electrical forces were 
time-energy excited and time-reversed so that electron currents in them became 
impossible (blocked). 


It required over an hour for the Skylark to transmit an emergency message back 
to the Navy that the sub was in difficulty, through all that interferometry 
jamming effects. The Russians undoubtedly "tracked" the sub till it imploded, 
then cut off the interferometry. As the "time-density charging" in the area 
slowly diminished, all failed electronic systems in the Skylark returned to full 
functioning. This was because the excess time-energy excitation just decayed 
away, so that electrical currents could again flow. 


Khrushchev Demonstrated the Powerful Blast Capability of 
Strategic Interferometry 


The next day, 100 miles north of Puerto Rico, the same KGB interferometer 
weapon was powerfully pulsed to produce a giant EM burst deep under the 
ocean's surface (Figure 42). A cone of water rose up from the surface to about a 
half-mile in height, observed by the startled crew of a passing U.S. jetliner and 
reported to the FBI and Coast Guard when the aircraft landed in Florida. As it 
rose, the cone of water spread into a cauliflower shape typical of a deep 
underwater nuclear burst that does not vent the gas bubble. Then that giant 
cauliflower of water fell back out of the sky and into the ocean. The second 
successful demonstration of Khrushchev's scalar interferometer weapon had 
been made for the benefit of the Presidium and the leaders of the Communist 
Party. 


With those two dramatic tests, Khrushchev had killed the latest and greatest U.S 
atomic submarine and demonstrated the awesome power of energetics weapons. 
He had shown the leaders of the Communist Party that the U.S. had no inkling 
of his new superweapons. He had struck the U.S. a formidable blow in a direct 
act of war—but a new kind of clandestine energetics war—and gotten clean 
away with it. Now it was Kennedy, rather than Khrushchev, who had been 


duped. So had the entire U.S. Intelligence Community and the U.S. Scientific 
Community. Sadly, mostly they apparently remain duped or partially duped to 
this day. 


Khrushchev managed to stay in power nearly two years longer by these two 
demonstrations. So the KGB/Soviets embarked on a decades-long program of 
buildup and development of the new weaponry, clandestinely, in order to take 
the U.S. by surprise attack and destroy it utterly. 


In 1972 Brezhnev named 1985 as the target year when Russia would be able to 
do as it pleased, and would essentially control the land, the oceans, and space 
{126}. This was stated at a secret meeting of the European Communist parties in 
Europe. A British intelligence agent was in the meeting, and furnished the U.S. 
that information. Later it was openly released and published. 


The Russians met that 1985 deadline, and the resulting increase in killing U.S. 
missiles and aircraft in 1985-1986 was most indicative. Other indicators such as 
massive weather engineering were already ongoing. 


Weather Engineering Over North America 


The first KGB weather engineering tests over the U.S., using their relatively 
new interferometers, produced signatures of anomalous perfectly round holes 
appearing in clouds. These experiments started in 1967 or thereabouts. The 
Russians gave us that very severe "deep freeze" winter of 1967, as an initial 
weather-engineering test of their energetics interferometry weapons. 


The KGB communists do have a sense of historical dates, and they often do 
things on certain dates in symbolic fashion. Full-time Soviet weather 
engineering over North America started in earnest on July 4th, 1976—our 
Independence Day and our bicentennial. This was the KGB's "gift" to the United 
States on such a historic occasion. Full-bore weather engineering over the 
Americas has continued to this day, and even increased. It was passed into the 
hands of the Yakuza and the Aum Shinrikyo upon their leasing of those 
interferometers on site in Russia at the end of 1989. In 1985 I produced a rather 
crude videotape” (40 minutes) with pictures of the giant radial cloud signatures 
etc. associated with such weather engineering operations since 1976. 


The basic weather engineering method is simple. Use an LW interferometer 
(LWI) to reach through the earth and cool the air in a region and produce a high- 
pressure area, due to the densification of the air. Use another interferometer to 
heat another area and form a low-pressure area, due to the expansion of the air. 
Then carefully steer those highs and lows by gradually and slowing rotating the 
distant antennae and slowly adjusting the interferometry range simultaneously, 
according to a calculated schedule. 


OTB. Bearden, "Soviet Weather Engineering Over North America," 1985. 
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The “No Fibbin’” 


RF Field Strength Meter 


The field strength meter is simple, effective and easy 


to construct. This project answers that age-old 


question—is anything radiating from this antenna? 


T his low budget homebrew project 
will pay big dividends in making 
sure you get the best signal out 
of your antenna system. And it needs no 
batteries. 

In the 25 years I have spent working 
as a telecommunications technician, one 
of the most useful, yet simple, pieces of 
test gear I have used is the RF field 
strength meter. Its only job is to give you 
a relative signal strength reading of near 
field RF signal radiated from a transmit- 
ting antenna, After the bench testing is 
done and antenna VSWR is measured, 
nothing else will give you a better idea 
of transmitter and antenna performance 
than the RF field strength meter. 

Any ham who has a 146 MHz or a 
440 MHz hand-held transceiver is at the 
mercy of the sales brochures when choos- 
ing the best flexible [rubber duck] antenna 
for your radio. How many times have you 
not been able to work a repeater or work 
simplex nearly as well as someone else 
who has a similar radio or one with even 


Antenna 


less RF output power than yours? How can 
you tell if the wire inside a flexible an- 
tenna has broken or if the antenna doesn’t 
radiate well? The RF field strength meter 
will soon reveal how well (or how poorly) 
your antenna is radiating. The meter is 
great for determining the front to back ra- 
tio and forward gain of a Yagi or quad. You 
can also compare relative signal strength 
between a 4, 2 and */s wavelength antenna 
on your vehicle. You might be surprised 
at the results! 

The “No Fibbin’” field strength meter 
can be made using parts that many hams 
already have around the shack. The best 
results will be obtained using germanium 
or Schottky small signal diodes, a metal 
enclosure and an analog meter movement 
(which has a low full-scale deflection cur- 
rent). The other component values are not 
critical; close is good enough. All the parts 
can be mounted on a small pre-punched 
PC board or they can be wired point-to- 
point without a PC board. In either case, 
keep the component leads as short as pos- 





Figure 1—Schematic diagram of the signal strength meter. RS = Radio Shack 


(www.radioshack.com/). 
C1-C3—0.01 pF capacitors (RS 272-1051 


or equiv). 
D1, D2—1N34A diodes (RS 276-1123). 
L1i—100 WH inductor (RS 273-102). 
M1—Analog meter, 50 pA (RS 910-0360). 
R2—Sensitivity control potentiometer, 
10 kQ (RS 271-1715). 


an Mscaeee =s1 ANNAN —— 


Antenna—BNC female chassis mount 
socket. Antenna selection should 
match the frequency band for VHF and 
UHF. A random length of wire might 
work best for close field measurements 
on HF to 40 meters. Metal box 
enclosure is mandatory. 






The RF Signal Strength 

meter responding to my Kenwood 
TH-26AT transmitting on 147.900 MHz 
with 1 W, 2 feet away from the meter. 

The sensitivity control is set at mid range. 





Figure 2—Close up of the circuit board. 


By that means, the LWIs easily catch, entrain, and steer the jetstreams largely 
responsible for our weather. Put sharp loops and twists in that steering, and the 
huge angular momentum of the jetstreams developed in those sharp turns and 
circles will spawn tornadoes, violent weather, etc. 


The first complete weather engineering system over North America in 1976 also 
used the Woodpecker's normal EM carrier signals with dimensioning and 
internal assemblage of the composite longitudinal EM wavepairs. A giant 
"interference grid" was established over much of North America. A great deal of 
local adjusting of the interferometry in the grid was necessary. These local grid 
readjustments caused "sudden popouts" of EM energy, creating many 
atmospheric booms, rumbles, and explosions. 


To really stir up big weather trouble, the Russians—and now the Yakuza and 
Aum Shinrikyo—also heat or cool areas of the ocean where El Nino and similar 
"water engines" form. A dimensioned LW interferometer is required for this 
operation. By slowly and protractedly heating or cooling the water in one of the 
"warm water engines" fueling the weather, one causes a very significant, long- 
term, later effect on perhaps an entire continent. 


One can create great droughts in some areas, great floods in others, etc. The 
KGB has been doing this extensively, since 1976. The great floods in Red China 
a few years ago are a direct example of KGB/Yakuza weather engineering, as is 
much of the extreme heat of 1998. In fact, thanks to the weather operations of 
the Yakuza under their KGB mentors, 1998 was the overall hottest year on 
record till then, since records were kept. At least for the summer of 2002, the 
record may have been broken again, with a significant season of giant forest 
fires burning away. 


One purpose of the excess heating of the atmosphere, of course, is to do damage. 
An added "benefit" to the KGB is to furnish support to the environmentalists 
who are concerned about global warming. Understand, there is indeed such a 
thing as global warming. But by augmenting the atmospheric (and ice sheet) 
heating just a bit in a single year, the statistical analyses are skewed. The skewed 
analyses will show that the global warming problem is far more imminent than it 
really is, if the LWI engineering of it were suspended. Nobody on either side of 
the global warming debate seems aware of the LWI intervention that is ruining 
the results of their models and calculations. 


In turn, the heightened global warming indications, detected as a result of the 
LWI interruptions, impel strong activist support for such things as the Kyoto 
treaty, which is specifically designed to the strategic detriment ofthe U.S. if and 
when the U.S. Senate ever approves it. The Kyoto treaty does not even apply to 
some 160 countries including Russia, China, etc. This focuses a certain 
proportion of our government time and effort in grappling with an inflated 
global warming problem, immediately. It directly fits the KGB strategy of 
"spreading" our government energy and attention all over the map, anywhere 


but upon the coming strategic energetics strike and upon energetics weaponry. 


The die-hard section of the KGB strategists are chess players. They will come at 
you anyway, anyhow, and anywhen that they can. Everything that can be 
impressed to serve or support the overall objective, will be impressed and used. 
That is the overriding principle when analyzing Russian KGB strategy. 


Khrushchev meant every word of it when he said to Nixon in their famous 
Kitchen Debate: "We will bury you!" Interestingly, to this day Americans and 
their government officials have continued to be deceived as to exactly what 
Khrushchev meant. He meant it literally. 


Earthquakes to Order 


According to U.S. Defense Secretary Cohen, electromagnetic induction of 
earthquakes is now recognized by the U.S. Department of Defense, considering 
his little-noticed statement in Georgia in 1997, which we previously quoted. An 
interesting exchange of induced earthquakes (Figure 54) had occurred in latter 
1988 and early 1989. Here two sides seemed to be "counting rifles." 


Opening bet (induced quakes) 


- Quebec 25 Nov 88 
- Pasadena 3 Dec 88 
Raise you 
- Armenia 7 Dec 88 
v) Call - what do you have? 
- Malibu 8 Jan 89 
Four aces 


- Soviet Central Asia 23 Jan 89 


Clear table (stress relief) 
- Bakersfield CA et al. various 





Figure 54 Counting rifles with earthquakes: Put up or shut up. 


As Secretary Cohen made his April 1997 statement obliquely recognizing the 
scalar interferometer weapons, the little friendly nation had just completed 
countering and averting a massive strategic energetics strike upon the United 
Statesand Western Europe, scheduled for May 1, 1997 —just three days later. A 
little more than two months earlier, a previously scheduled attack had also been 
countered and averted by the same friendly little nation. 


Once one can reach into or through the earth and ocean and create energy in a 
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desired interference zone, induction of earthquakes is simple. Use the 
interferometers to deposit energy in a fault zone over a period of time. Keep it 
up, and the piezoelectric plates build up enough mechanical stress to forcibly 
"slip" and produce an earthquake. 


Put the energy in very slowly, and one gets a long "overpotential" effect where 
the rocks do not slip for a long time, while the energy builds to higher levels due 
to the static friction of the rocks. Then there occurs a rather rapid catastrophic 
slip. In short, one produces a large destructive earthquake. The KGB weaponry 
can produce earthquakes of the highest magnitude if they work at it. 


If one wishes to induce a quake in an area where there are no known faults, then 
one simply focuses the interference zone there inside the solid rocks and 
proceeds to deposit the energy, preferably rather quickly (in hours instead of 
days). The entire rock will be expanded and it will fracture, producing an 
anomalous so-called "flat plate" earthquake. 


Around the early 1900s, the "normal" rate of large earthquakes was two or three 
per year. That gradually increased after WW II. During one week in year 2000, 
there were some 20 major earthquakes around the globe. Obviously, someone is 
doing it, since this is far beyond what could be expected naturally. Presently that 
"someone" is mostly the Yakuza and Aum Shinrikyo, on site in Russia and 
leasing the LWIs. With the scheduled CSR attacks forcibly aborted, the KGB 
has the problem of restraining an increasingly impatient Yakuza and Aum 
Shinrikyo group, while keeping them paying the lucrative lease money. 
Consequently, inducing some big earthquakes is one way to "keep the troops 
occupied and busy." Shooting down the occasional aircraft or missile is another 
way. 


I worked for 8 years or more with an inventor (Floyd Sweet, now deceased) who 
had an energy device {127,128} sensitive to artificially induced quakes of that 
fashion, even such quakes thousands of miles away. The device would sit right 
on top of a normal quake and not react. We could tell within some 8-10 
thousand miles—and often even for greater distances— which quakes were 
artificial and which were natural. 


So during that period I was able to clearly ascertain what was going on, and who 
was doing what to whom, and which quakes were normal and which were 
manmade. Several artificial U.S. quakes, the Armenia quake, and a subsequent 
big quake in Russia were particularly interesting in the mid and latter 1980s. The 
huge 1976 China quake was directly induced by the KGB. 





Figure 55 Brewer briefs President Reagan on Soviet scalar EM weapons October 1984, then 
briefs National Security Council 


In 1984, on my behalf Roy Brewer {129} had briefed President Reagan on these 
scalar interferometry weapons (Figure 55), then briefed the National Security 
Council. Let us hope that these high level briefings may have borne at least 
some fruit. 


Readying the Weapons for the 1985 Readiness 
Demonstration Tests 


In latter April 1985 I received an urgent call from my close colleague Frank 
Golden. In his avionics repair work, he suddenly found that his best calibration 
instruments were very "noisy." He replaced one expensive instrument, and the 
secondwas "noisy," also. A third proved equally noisy. This was unparalleled. It 
was not the instruments, but instead it was all the electronics to be repaired, that 
wereemittingelectromagneticnoise! 


So Frank borrowed one expensive instrument and brought it home for the 
weekend. He altered it by a proprietary method so that he could detect energetics 
radiation. Voila! The entire earth was alive with Soviet energetics signals. The 
weak interferometry of so many signals impinging into the weakly interacting 
electronic systems to be repaired, had generated the electronic noise his 
instruments had detected. 


In response to Frank's call, I immediately proceeded to his location. I personally 
observed on the oscilloscope, as detected by Golden, some 27 pairs of Russian 
energetics signals, each of the two in a pair being 12 kilohertz apart. (We have 
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previously explained why two frequencies are used, and one "pretends" one 
transmitted the difference frequency). Each of these frequency pairs represented 
the entire earth held in entrained resonance. Each pair was an "energy tap" in the 
earth, extracting enormous energy from the heat of the molten core of the earth 
itself and outputting it as 12 kilohertz power for transmission to giant 
interferometry weapon sites. 


Each "tap" was extracting energy sufficient to power perhaps 4 to 6 of the giant 
intercontinental energetics interferometer weapons. We were observing 
something like 100 to 150 massive weapons on line and radiating. A full-up 
strategic dress rehearsal—or preparations for a full-up strategic attack on the 
U.S.—was underway. 


Gorbachev was still a "new man on the job" at that time. Further, 1985 was the 
40th anniversary of the end of WWII, and a very important occasion for the 
Communists and in fact for all Russians. The May Day celebrations that year 
went on for several days, not just on May 1. 


What we were seeing were preparations for a massive May Day weaponry 
demonstration in and around May 1, 1985. We were observing the preparation 
and demonstrated readiness of all that great armada of Soviet energetics 
weapons, to meet Brezhnev's 1985 schedule laid down back in 1972 {126}. 


Longitudinal EM wave communications to deep underwater Soviet subs, the 
huge interferometer armada, and everything else—all were being readied and 
demonstrated. I can assure the reader that observing full rehearsal of 
preparations for the next World War was a most sobering experience. 


After May 1, most of the armada of interferometers was stood down again 
because it had been demonstrated that the "ready schedule" had been met. All 
but one of the giant energy taps in the Earth were also stood down again. That 
one remained active. 


The May Day report to the heads of the Communist Party that year must have 
really been something! 


As usual, apparently our own scientific and intelligence communities did not 
detect the main activities, and would not have believed it if one told them. They 
certainly did not believe it when I published it in 1986 in Fer-de-Lance, but 
labeled it sheer fantasy or at best total conjecture. 


It was neither fantasy nor conjecture. It was direct experimental measurement. It 
was in fact what used to be called scientific method. The problem with our 
intelligence agencies was that they operated behind policies. Once the policy is 
decided, then regardless of what the intelligence analysis indicates, anything 
against the official policy is just ignored. This neat little policy method of doing 
business has resulted in making our intelligence agencies some of the most 
political-minded and manipulative groups on Earth. 


Meeting the 1985 Schedule for Readiness 


In 1985, KGB/Russian preparations began in earnest for the energetics weapons 
readiness projected for that year by Brezhnev in 1972. Being full-bore tests, 
these actually went after destruction of vehicles and killing people. These were 
actual acts of war. The so-called "Cold War" was not nearly so cold as pictured 
in the news media! 


Early that year, an LWI was used to cool the combustion in the engines of ajet 
liner off the coast of San Francisco, bound for Los Angeles (Figure 56). This 
flamed-out the engines. The stricken craft fell 30,000 feet before the time- 
density "cooling" charge drained away, sufficient for the pilot to restart his 
engines and limp into San Francisco. Gravitational and inertial anomalies—a 
clear signature ofthe use of this EM/GR weapon—were exhibited upon the 
personnel in the cockpit. The official investigators ignored those signatures; 
after all, such is not in their standard checksheets! And everybody knows the 
standard checklists are already perfect! 
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Figure 56 Extinguishing combustion in the engines of a jetliner 19 Feb. 1985. 


KGB Crews Regularly Practiced Against U.S. Rocket Launches 
from Cape Canaveral 


In a late Nov. 1985 night shuttle launch at Cape Canaveral, the Russian 
interferometer crews continued their practice of using the U.S. shuttle launches 
as convenient "simulated" ICBM launches, for energetics interferometer crew 
practice (Figures 15 and 16). EM missiles (balls of EM energy formed in the 
area by distant LW interferometry through the earth) were used as the 
"destructive agent", but were offset from the actual launch in order not to 
destroy the shuttle. This was normal crew drill, not combat operations. The 
practice range for energetics weapons is—as might be expected—the actual 
targeted area and targeted nation itself. 


As shown in Fer-de-Lance, I published an actual picture (Figure 15) of such a 
KGB EM missile strike, offset from that shuttle launch in late Nov. 1985 and 
snapped by Bob Gladwin. I also published an actual picture of a second such 
EM ball of glowing energy (Figure 16), over the launch site for the same launch, 
and used as a registration point (the LWs deviate slightly in passage through the 
earth, since the potentials in the earth are not constant). George Suchary took the 
second photo. 


A standard artillery "shift-from-known registration point" method of firing was 
being used. In other words, the crews establish LW track on that EM registration 
ball, right through the earth. That represents a point having a known set of 
coordinates—a registration point—established in the firing computer. Then 
when the targeted strategic missile (in this case the shuttle's main booster) 
ignites, the interferometer also tracks the huge ionization target of the exhaust 
with the same weapon system. 


That gives a known relative location of the missile rear end, with respect to 
one's registration settings for the registration point ball of light. Then add some 
meters to move up onto the missile body proper, and voila! The center of the 
target missile that will be fired is now in the bulls-eye, so to speak. That is a 
standard "shift from a known registration point" method of shooting, well 
known to every artillery group on the planet. The "marker beacon" is what is 
known as a "high burst registration," except it is not a burst but a steady ball of 
energy maintained over the area as the registration point. 


The distant rocket or missile can now be destroyed in a variety of ways: 


(1) Just create a sudden EM surge arising right in that spacetime (that is, just 
pulse the interferometer). That burns out some of the inner electronics of the 
missile, causing partial or complete missile failure. 


(2) Sharply pulse the interferometer to introduce EM energy surges and sparks 
in the fuel or solid propulsion, igniting it massively and blowing up the 
rocket. Works well for aircraft fuel tanks as well. 


(3) Form another EM missile and hit the missile broadside with that, burning 
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through it and destroying it immediately. 


(4) Hit it with an explosive EM missile internally, instantly exploding the 
missile into pieces. Or 


(5) Hit it with several of the above simultaneously. 


Suchary and Gladwin had captured the direct evidence of KGB dress rehearsal 
for the strike and kill of the Arrow DC-8 in Gander, Newfoundland about two 
weeks later. 


Kill of the Arrow DC: Practice Turned into Performance 


Two weeks later, the same KGB weapon tested against the Cape Canaveral 
shuttle launch was used to destroy the Arrow DC-8 at Gander, Newfoundland, 
killing some 256 occupants, 248 of them being U.S. soldiers returning from 
peace-keeping operations overseas. The aircraft was not iced up; later that was 
clearly established. 


See Figure 17. As the ill-fated Arrow aircraft began its thrust down the runway 
for takeoff, it was already under LW interferometer track (the exhausts of the 
engines were being precisely tracked) by distant KGB operators. The KGB 
operators simply began to cool the combustion gases in the engine combustion 
chambers as had been done to a U.S. jetliner earlier that same year (Figure 56) 
off thecoast of San Francisco (there they had completely flamed out the 
engines). Now they did not want to flame out the engines during take-off, but 
just wanted to reduce the thrust of those engines. 


So the available thrust of the engines began decreasing as the aircraft picked up 
speed on the runway toward takeoff, even though the turbines were rotating at 
full speed. For powered flight, it is the thrust-per-drag ratio that is important. 
One can reduce that ratio by ice-loading and therefore increasing the overall 
aircraft drag, as all Transportation Safety Board checksheets assume if the 
engines are at full rotation and if operation and icing conditions are present. Or 
one can reduce the ratio by reducing the engine thrust itself, as was done for the 
Arrow, even though the plane is de-iced. All the Transportation Safety Board 
checksheets assume that it has to be drag increase, and thus due to icing. 





The National Transportation Safety Board (NTSB) investigators know nothing 
about longitudinal EM wave interferometry and its capabilities—and its 
development by several nations of the world. Neither do their checksheets. 
Sadlly,the NTSB is not even aware that the electrodynamics and electrical 
engineeringit assumes is so perfect is in fact a decrepit old model based on 
century-old errors. They are unaware that much better electrodynamics models 
have long been developed for particle physics, because the crusty old classical 
model is totally inadequate. Their checksheets also are "unaware" of anything 
really modern such as electrodynamics models of the higher group symmetry 
kind. 
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The thrust reduction by combustion gas cooling does not appear on the official 
checksheets and is never considered. It is not considered to this day. It will 
probably still not be considered this century. 


Observers on the ground heard those engines "laboring," which can be a direct 
symptom of combustion gas cooling and engine thrust reduction. Rough running 
and missing can be another, if the cooling increases. Engine flameout occurs 
when the combustion no longer can be sustained because of the dramatically 
lowered temperature of the gases. 


The Arrow Pilot Sensed the Lack of Power, But the Aircraft 
Was Immediately Hit 


See Figure 17. At rotation and liftoff, the pilot of the Arrow DC-8 immediately 
sensed his lack of lift, and started a slow turn to the right, apparently intending 
to come around and land again as an emergency measure. Meanwhile, crossed 
beams had formed in the sky above and off to the right side. From those crossed 
beams of light, there shot down a bright "streak" of light that struck the fuselage 
of the aircraft in the right side, ahead of the engines. That was the EM missile 
strike—just as had been offset from the shuttle launch two weeks earlier in 
Florida, and photographed by Bob Gladwin. 


That piece of Arrow DC-8 fuselage hit by the EM missile, with the burned hole 
in it, was recovered and tested. Tests showed no explosive residues on the edges 
of the hole, so it was not made by a bomb or other explosive device. Instead, it 
was made by an EM missile of the type that over a decade later hit the TWA- 
800 several times off Long Island and killed it. 


In the Arrow aircraft's kill, the fiery EM missile sharply ignited the plastics in 
the forward cabin, which explosively outgassed. One product of such outgassing 
is hydrogen cyanide. A whiff or two, and all the passengers in that section were 
already dying of cyanide poisoning. Jn the autopsies of the recovered bodies, 
about half the passengers were already dead of cyanide poisoning before the 
plane impacted the ground and exploded. They died while that aircraft was still 
flying and sinking tail-first toward the ground. 











The results of those autopsies were deliberately withheld from the Canadian 
investigative board. 


The impact of the EM missile on the Arrow DC-8 was clearly recorded by 
sharp, vertical EM surges (spikes) in traces on both data recorders on board the 
aircraft. In Gravitobiology, on p. 82 I printed the recorded sensor responses for 
that signature also. 
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Elements of the U.S. Government Deliberately Suppressed 
Vital Evidence 


Several eyewitnesses, including Judy Parsons, physically observed the formation 
of the crossed beams in the sky. Parsons and perhaps others actually saw the 
streak-down and strike of the EM missile when it hit the doomed Arrow DC-8. 
Parsons tried to testify, but her testimony was never allowed to be heard by the 
Canadian Transportation Safety Board. A major U.S. News agency interviewed 
her, but then squelched the story for some "unknown reason." Other witnesses 
(who are still reluctant to come forward) did observe the strike of the EM 
missile also. 


Why would the U.S. government deliberately suppress information relating to 
the cause of the deaths of 248 of our soldiers returning from peacekeeping 
missions overseas? Why were they so determined that this direct act of war be 
declared an "accident" in the face of overwhelming evidence that it was not an 
accident at all? 


Iran Contra was not yet divulged at the time. Recall, at very high level our own 
fellows had directly violated the law, and were engaged in the illegal Iran Contra 
fiasco up to their eyeballs. Also, some officials in Washington in certain high 

U. S. Government circles were in near panic, in their personal (erroneous) firm 
belief that a MidEast-sponsored terrorist bomb had destroyed the Arrow. In that 
case, so they reasoned, with the murder of 248 of our soldiers, the American 
public would be so aroused and angry that they would force military action 
against the MidEast nation or group, and that would then reveal Iran Contra. Too 
many highly placed people's hands were dirty! 


So extreme spin control was the major requirement. Damn how many American 
soilders had just been killed in an overt act of war against the U.S. Damn the 
implications of the use of eerie new weapons we did not possess. A hue and cry 
from the U.S. public would almost certainly reveal Iran Contra and smoke out 
the duly secrets. That must not happen at any cost. Some high officials— 
particularly the ones who engage in such illegal acts, in assassinations, murders, 
etc.—are far more interested in covering up their nefarious deeds than they are 
interested in any kind ofjustice or morality. Consequently, the fix was in. 


So U.S. officials placed enormous pressure on Canada to produce afinding of 
icing. Lots of other skullduggery occurred, which probably constituted criminal 
activity by some U.S. officials. A high-ranking U.S. military officer arrived on 
site quickly, apparently under orders to erase that scene as fast as possible. He 
almost immediately wanted the Canadians to bulldoze over the site, even before 

recovery operations were complete and while the investigation was just getting 
underway. The site was bulldozed over in unseemly haste not long thereafter. 
That would appear to possibly constitute deliberate tampering with the evidence 
at an official site of investigation, on the part of whoever ordered the General to 
bulldoze the site precipitously. 





Figure 3—The case, circuit board and antennas for the field strength meter. 
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MILITARY RADIO COLLECTORS 
TO MEET 


© The Military Radio Collectors Associa- 
tion will hold its third annual meet at the 

West End Fairgrounds, Gilbert, Pennsylva- 
nia, September 6-8, 2002. Hours are 0800 
to 1700 local time. Activities include equip- 
ment displays, on the air operation, formal 
presentations and a swapmeet. For more in- 
formation, see www.milradio.org/ or con- 
tact Pete Hamersma, WB2JWU, PO Box 

467, Holderness, NH 03245, e-mail 

pehamers @ worldpath.net. 
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al =i = B= 74 Or 


© In the item concerning magnetic head- 
ings in “The Doctor is IN.” QST, Jul 2002, 
p 47, the Doctor reversed his plus and mi- 
nus signs. The first paragraph should read: 


The ARRL maps are calibrated in True 
degrees, referred to True North (“straight 
up” on the maps). Magnetic headings are 
calculated by taking the True headings and 
subtracting the Magnetic Declination (also 
called the Magnetic Variation in nautical 
applications). For example, if the map 
shows a variation (declination) of 12° east, 
this means that Magnetic North is 12° east 
of “straight up.” So, a heading of 45° True 
is equivalent to a magnetic heading of 45° 
— 12° east = 33° magnetic. For a westerly 
variation (for example 6° west), add the 
value for variation. Thus, 45° True + 6° 


Revised Figure 1 
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© An error appears in Figure | of “The ‘No 
Fibbin’ RF Field Strength Meter” (Aug 
2002 OST, p 28). The correct way to wire 
D2 is the anode to ground and the cathode 
to the anode of D1 (also the junction of RI 
and D1). As shown in the photos, Cl is 
optional and an additional 0.01 uF bypass 
capacitor can be installed across the meter 
movement.—John Noakes, VE7NI 
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west = 51° magnetic. An old mariner’s ditty, 
“east is least; west is best,” can help you 

remember that you subtract an easterly dec- 
lination or add a westerly declination to 

convert True to Magnetic. 


© Anerror appears in Figure | of “The “No 
Fibbin’ RF Field Strength Meter” (Aug 
2002 OST, p 28). The correct way to wire 
D2 is the anode to ground and the cathode 
to the anode of D1 (also the junction of R1 
and D1). As shown in the photos, C1 is 
optional and an additional 0.01 uF bypass 
capacitor can be installed across the meter 
movement.—John Noakes, VE7NI 
Previous * Next Feedback 





In addition, witnesses such as Parsons were never allowed to testify. The 
Canadian Board waited until the half of its members who strongly opposed any 
ad hoc finding were absent, and hastily approved a finding of icing as the cause 
of the "accident." Later the disgruntled Board members who were absent when 
the "voting" occurred, issued their own minority report. Unfortunately they 
knew nothing of scalar interferometry and energetics weapons, and so they 
strongly believed it had to be sabotage and explosives. 


Anyway, the blackguards hiding Iran Contra buried the incident, and the savage 
kill of 248 of our soldiers and 8 civilians went unpunished. Anyone such as the 
present author who pointed out what had really happened and why, was just 
branded a lunatic. After all, the blackguards who do not flinch at murder and 
unapproved assassination do not blink an eye at slander and libel. 


The sad part is those fine young soldiers and the 8 civilians who were killed, and 
the grief and lasting changes made to their families. It is the children who had to 
grow up without their fathers, the mothers whose husbands were suddenly dead, 
etc. They deserved much better from their government than they got. 


Other Direct Energetics Signatures on the Arrow DC-8 


Meanwhile, in the lifting DC-8 the strike of the EM missile had also time- 
density charged the forward cabin materials. Those materials slowly decayed 
from their excited states via longitudinal EM wave emission. When a human 
body is subjected to fairly significant LW waves (accompanied with their time- 
density waves), it gets its internal immune system and cellular regeneration 
system "jammed," since these systems use LWs and accompanying time-density 
waves. The cells and tissues are also "time-energy charged" as well, and so 
spurious LWs continued to be slowly emitted in their tissues and cells locally, 
leading to gradual, general debilitation. After a time delay for the effects of this 
time-charge decay to be exhibited, such exposed persons will get sick with odd 
symptoms of various diseases such as influenza. 


The ground handlers on the scene and exposed to the struck materials of the 
aircraft, were also exposed to longitudinal EM wave radiation from those 
materials which had been instantly "time-charged" at the powerful strike. Hence 
they were exposed to fairly significant LW waves, and should therefore have 
shown later symptomology. 


Some 60 or so of the ground handlers actually retrieving the crash materials later 
sickened with all sorts of mysterious maladies: dizziness, stomach cramps, flu- 
like symptoms, weakness, nausea, fatigue, etc.—precisely what would be 
expected if some the materials they were handling were emitting longitudinal 
EM radiation, exposing them to significant LW radiation. That is a clear 
signature again ofa strike by an EM missile, and the exposure of those retrievers 


to LW emissions. In no normal way could 60 of those ground crewmen handling 
the wreckage debris all come down simultaneously with the exact symptoms of 
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LW radiation sickness, unless that was what it actually was. 


Many of those sickened persons remained debilitated for years. Probably a few 
arestill alive and debilitated. 


There are other signatures on the Arrow DC-8 kill. I did a small bit of work on 
the problem in the interests of Arrow airlines, but of course the conventional 
investigators they also hired could only conceive of an ordinary explosive. 
Nevertheless, I did tell them as best I could what happened to their aircraft, their 
crewmembers, and our own valiant soldiers. 


Our troops on board the tragic Arrow DC-8 did not die from a simple over-iced 
plane that crashed as a result of carelessness in deicing operations. They died as 
the result ofan act ofwar against the U.S., carried out by the KGB as a test in 
an entire series to demonstrate the 1985 readiness that Brezhnev had specified 
in 1972. That war is still partially ongoing and undeclared to this very day, with 
other players such as the Yakuza and Aum Shinrikyo also now in the game— 
and possibly even the Chinese, who certainly have had the weapons for some 
time, and have had QP weapons and negative energy EMP weapons since earlier 
this year (2002). 


With the kill of the Arrow DC-8, the KGB made its deadline that had been set 
down 13 years earlier by Brezhnev. To meet the 1985 schedule, something 
significant had to be killed successfully and clandestinely, no later than Dec. 31, 
1985.The KGB made the schedule on December 12, 1985, by killing the Arrow 
DC-8 after a warm-up and full dress rehearsal against a U.S. night shuttle launch 
at Cape Canaveral about two weeks earlier. And they also demonstrated just 
how ignorant of such energetics weapons and their usage the U.S. government, 
scientific community, and investigative boards really were. 


We were fortunate they did not just go ahead and kill that same shuttle in late 
November 1985. Instead, they waited and killed the Challenger a few months 
later. 


Other Acts of War Completed the Milestone 


Apparently the final demonstration of milestone completion called for the 
destruction of an aircraft, kill of an ICBM, kill of a space shuttle, induction of 

earthquakes, and demonstration of the new quantum potential weapon still in the 
advanced laboratory stage. The KGB completed much of the milestone 
demonstrationin 1985. The remainder they completed in 1986. 


In January 1986 they killed the space shuttle Challenger, and the very next night 
the KGB even gave a big party in Moscow, to celebrate the "perfect success of 
their active measures" against the shuttle. General Daniel O'Connor, former 
head of U.S.Army intelligence, personally issued an alert to many high-ranking 
U.S. government officials, pointing out the almost certain involvement of the 
KGB and the fact that the loss of the shuttle was almost certainly due to a hostile 
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act by the Soviets. 


In April 1986 (May Day report time was coming!) the KGB killed a Titan ICBM 
fired from Vandenberg Air Force Base. They also induced several large 
earthquakes for practice, and then began the induction of the long-dreaded 
"giant California quake" in the San Andreas Fault zone. 


This latter induction of what would have been a massive quake in both San 
Francisco and Los Angeles, and all along the San Andreas Fault, was countered 
(destroyed) by a civilian group known to this author, with a backlash that 
resulted in the Chernobyl incident. 


In April 1986 (for the same May Day report) the KGB also demonstrated the 
effectiveness of their newly emerging quantum potential weapon against the 
convenient U.S. air attack on Libya (Figure 25). 


Kill of the Titan Missile Over Vandenberg Air Force Base 


In 1986, the KGB began gingerly using those energetics interferometry weapons 
to kill other U.S. aircraft and several U.S. missiles, including killing a Titan 34- 
D fired from Vandenberg AFB on 18 April 1986. The Titan was killed 9 
seconds after launch, partially crippling the U.S. space surveillance program. 
That kill was part of the demonstration of readiness milestone completion. 


There was a completely decisive signature on the kill of the Titan. Simply check 
Aviation Week & Space Technology, 124 (17), Apr. 28, 1986, p. 18, where a 
picture (the one taken from longer range) of the Titan explosion is printed. Look 
about an inch above that explosion, which is already well developed. There 
above the Titan explosion sits the KGB ball of light registration point, just as it 
was sitting over the night shuttle launch in Cape Canaveral in latter Nov. 1985 
when videotaped by a private photographer. 


I persuaded NBC engineer Ron Cole and his colleagues to analyze a copy of that 
video tape frame by frame. In 17 frames, that little ball of energy above the 
explosion moved off on its own course, independent of the Titan explosion. 
Since the launch area for such missile launches is controlled and there were no 
aircraft over the explosion, then one again has a very clear signature. The KGB 
killed the Titan, with 100% certainty. 


That of course was a test of the interferometry weapons in the role of Launch 
Phase ABM system. Tested against the Arrow, the KGB operators were 
emulating test of the system in a Launch Phase Antibomber role. These were 
vital strategic weapon tests. I published details of the use of the weapons in 
many other roles. 








Dead-Man Fuzing and Outside Assistance Deterred a Full 
Strategic Attack in 1986 


We have previously documented and published why the U.S. was not fully 
attacked and destroyed by the Soviets in 1986. It was because of our nuclear 
facilities, warheads, etc. which would have exploded, creating great fallout 
hazards worldwide, and because of nuclear dead-man fuzing weapons 
clandestinely placed in Russia by one or more other nations. 


A friendly small nation possessing energetics weapons also intervened directly 
in 1986, and blew up several Russian missile ammunition storage sites, some 
five or so in six months. In one such explosion, about one third of all the 
missiles in the Russian Northern Fleet were destroyed. As we stated, the so- 
called "Cold War" was not nearly so cold as has been represented. 


In short, the friendly little nation served notice on the Soviets that, if they moved 
against the West, the Soviet Union itself would suffer terribly. They put it in 
language clearly understood by the KGB. So any full-up strategic attack for that 
period was stalemated by that combination of factors. 


A major concern for the Soviets was their inability to counter the dead-man 
fuzing problem posed by nuclear weapons clandestinely hidden inside Russia 
and by the nuclear warheads and reactors inside the targeted nation(s). They 
already had the quantum potential (QP) answer theoretically, and had conducted 
a demonstration test of a laboratory QP device, but they had not yet completed 
the QP weapon systems and deployed them. 


Nonetheless, a very powerful strike of peculiar nature—induction of a giant 
earhquake in the San Andreas Fault zone, including in both Los Angeles and 
San Francisco—was scheduled. This strike would have caused billions of 
dollars worth of damage and would have killed perhaps 200,000 Americans. The 
initiation of the strike was actually begun in April 1986—as the reader can begin 

to see, there was to be one helluva May Day report in 1986! Incredibly, a private 
group here in the U.S. then made a unique and unprecedented contribution that 
saved the day for Los Angeles and San Francisco. 


What Really Happened in the Chernobyl! Disaster 


Usingthe "inside" of the Woodpecker beams as superhighways for their 
longitudinal waves and interferometry, in April 1986 the KGB interferometers 
had started their build-up of substantial induced EM energy in the sides of the 

San Andreas Fault that runs through Los Angeles and up through San Francisco. 
Two beams were being used by the Soviets: One was coming down on the target 
from the North—coming over the North Pole regions and the ice caps—and one 
was coming around from the East and upon the target area. Completely (100%) 

certain signatures were present, including some ELF "chugger" waves 

symptomatic of the Soviet method of inducing very large quakes. The time- 


energy is being used, hence very low frequency ELF is employed to maximize 
the amount of time-energy available for transduction in the rocks on the side of 
the fault. The Soviets were building up a very large earthquake—indeed, to 
spawn a whole series of such quakes all along the San Andreas fault—with 
severe aftershocks following after the main quake had done terrible damage. In 
short, they were preparing to hit California with the "big one" that everybody 
had been anticipating and dreading for so long. 


A private group contacted me. They stated they could take out one of the 
transmitters by producing a powerful (giant) phase conjugate replica signal pulse 
upon it that would backtrack right into the transmitter and catastrophically burn 
it out—a surface application of the "phase conjugate shooting" once considered 
for armed satellites that could shoot down rising hostile ICBMs at 10,000 miles 
distance. As I understood it, they had a new kind of essentially noise-free 
regenerative amplifier, used in a transmitter. This meant that extreme 
amplification could be achieved in a pulse response to a received Woodpecker 
signal, before the transmitter burned out.’ Since the group had no knowledge of 
the exact KGB transmitter locations or the possible consequences of such an 
action, they asked my opinion as to the risks associated. This placed me in a real 
quandary. 


At the time, the U.S. was literally under siege. We have mentioned some of the 


‘3 A very subtle but important point is this: An energy flow of any amount—say, 10°’ joules per 
second—has absolutely zero power if none of that energy flow is diverted or changed in form. So 
if one has a truly perfect noise-free amplifier, and a pure noise-free energy signal input, the signal 
energy input can be directly and freely amplified without limit, so long as those noise-free 
conditions can be upheld. In short, that rigorously constitutes regauging, and the widely used and 
well-known axiom of gauge freedom—the ability to change the local energy density of a system 
or spacetime freely and at will—applies. Relativistically, such re-gauging is merely rotating the 
frame of the system away from the laboratory frame. This group indeed had such an amplifier, 
which I physically saw, and apparently has it today. Our present texts have not yet realized the 
real implications of gauge freedom: It means that one can freely amplify energy without limit, 
once certain conditions (no divergence of the energy or change of its form) are met. This does not 
violate energy conservation; the "potential energy of a system" is not a fixed number at all, but 
depends on the frame of the observer vis a vis the frame of the system. We point out that there 
really are no true conservation laws in general relativity unless introduced by arbitrary measured 
The great Hilbert already knew this in 1917, two years after the advent of Einstein's general 
relativity. Hilbert stated: "/ assert... thatfor the general theory of relativity, i.e., in the case of 
general invariance of the Hamiltonian function, energy equations... corresponding to the energy 
equations in orthogonally invariant theories do not exist at all. I could even take this 
circumstance as the characteristic feature of the general theory of relativity." [D. Hilbert, 
Gottingen Nachrichten, Vol. 4, 1917, p. 21]. Loskutov and Logunov commented as follows: "In 
formulating the equivalence principle, Einstein actually abandoned the idea of the gravitational 
field as a Faraday-Maxwell field, and this is reflected in the pseudotensorial characterization of 
the gravitational field that he introduced. Hilbert was the first to draw attention to the 
consequences of this. .... Unfortunately, ... Hilbert was evidently not understood by his 
contemporaries, since neither Einstein himself nor other physicists recognized the fact that in 
general relativity conservation laws for energy, momentum, and angular momentum are in 
principle impossible." ["Nonuniqueness of (he predictions of the general theory of relativity," 
Sov. J. Part. Nucl, 18(3), May-June 1987, p 179). 
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"target year" activities, such as kill of the Arrow DC-8, flameout ofjet engines 
early in 1985, target practice against shuttle launches at Cape Canaveral in 
November 1985, etc. Actually kill of targets had continued in 1986. A huge 
earthquake followed by several large aftershocks had been used against Mexico 
City on 19 September 1985, causing great damage and demonstrating a little of 
what might be expected when they chose to hit Los Angeles and San Francisco 
much harder. The Mexico City quake had been preceded by an induced, giant 
hailstorm weeks earlier, and on the evening of 18 September 1985 by giant 
radial cloud signatures accompanying the generation of excess energy in the 
underlying rocks as the KGB prepared next day's giant Mexico City quake. The 
reader should recall that, working with Sweet during this period, I knew with 
certainty which earthquakes were natural and which were manmade. 


U.S. missiles and aircraft had been hit, the Challenger had been destroyed, and 
the Titan 34-D had been destroyed at Vandenberg AFB on 18 April 1986, 
accompanied bya 100% indicator (the substantiated presence ofthe marker 
beacon for registration and shift firing). In addition, a little Richter 5.3 quake in 
the San Francisco Bay area had been induced by the Soviets on 31 March 1986, 
a quake which was correlated with preparatory activity on the Woodpecker 
transmitter signals the day before, showing Soviet induction of the energy to 
create the quake. Again, we had instrumental evidence that it was manmade. 


That quake on 31 March had been a "warm-up" and practice for the big one now 
about to be induced in both Los Angeles and San Francisco, and along the San 
Andreas Fault. In fact, it appeared that the entire fault zone would be stimulated 
by deposit of excess energy all along its length. In that case, induction of a 
distrituted California quake of unprecedented extent and great magnitude was 
now in process, though just beginning. If that event or those events occurred, the 
loss of American lives and property would be staggering. 


The High Side Risk Factor 


The group's query to me presented a very difficult decision situation. Such huge 
Soviet interferometer beams, once built up, contain enormous longitudinal EM 
wave energy. Ifa Soviet transmitter were near large nuclear facilities, and were 
instantly blown and shorted, all that potential energy might flash directly into 
the ground. 


In case of such a catastrophic transmitter failure, an enormously powerful 
longitudinal wave pulse would spread out in all directions in the surrounding 
earth. The first nuclear material the pulse encountered would be fissioned 
abruptly and very violently. If the transmitter were within a few kilometers of 
one or more of the large "monster" Soviet ICBM sites, the full-up explosion of 
several 30 or 40 megaton warheads might result—in the dirt and dirty. The 
resulting fallout and contamination would be massive, would spread round the 
world, and would eventually kill millions for years to come. Nuclear reactor 
stationswere a similar risk; instant fission of all the fissionable material in one 
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of them would constitute an unprecedented and giant nuclear explosion, in the 
dirt and dirty. That was the high side risk. 


The Low Side Risk Factor 


The low side risk would be that little or nothing at all would happen; perhaps a 
tremor induced in a nearby fault zone, etc. I knew that the Soviets—after an 
early Kyshtym transmitter failure—had produced such a flashover on a much 
smaller scale and that flashover had caused the nuclear explosion of nearby 
stored nuclear wastes. The resulting fallout contaminated some 1200 square 
kilometers, which is still contaminated to this day. I also knew that, after 
Kyshtym, the Soviets had installed safety devices on all their scalar 
interferometer transmitters in case ofjust such failures. 


So if the safety devices held when the transmitter suddenly shorted out, they 
could hold the longitudinal EM wave beams and potentials long enough to drain 
the energy slowly and harmlessly into the earth over an extended period. That 
was the low side risk. 


The most likely consequence, of course, would be somewhere in the middle, 
between the extreme upper risk and lower risk limits. In other words, we could 
expect some bad repercussions in the Soviet Union almost certainly, but 
hopefully it would mostly be confined to that spot. 


Consequences of Not Taking Counterfire Action 


If no action were taken, the risk to the U.S. was appalling. Ifthe transmitters 
continued, then perhaps 200,000 Americans were going to die in Los Angeles 
and San Francisco and along the San Andreas Fault. Perhaps 300,000 more 
Americans would be injured, and many of them would also die. Enormous 
physical damage would also be done, and those basins would be disaster areas 
for some years to come. It would be interpreted by our inadequate scientific 
community as a great "natural" disaster caused by a giant earthquake, and the 
ghost of Khrushchev would have had one more laugh at us, with his words "We 
will bury you!" silently ringing in the ether. 


My Recommendation to the Counterf ire Group 


To save those American lives, some reasonable element of risk had to be 
accepted. In other words, it became a classic "risk-to-benefit" military analysis, 
but one that was deadly serious. To me, as a military person the medium risk 
had to be accepted in such case. 


I gave the group my reasoning. They then asked what I would personally do if 
my own finger were on the fire switch. I answered that I would take out the 
transmitter or transmitters and save those American lives, accept the medium 
risk, trust in God, and pray for the best. Military decisions often have to be made 
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in just such uncertain conditions. If one's military could not make such tough 
decisions, then one's military forces would inevitably lose their wars. 


The Group Fired and Took Out a Transmitter 


The group thanked me, stated that they would fire, and hung up the phone. See 
Figure 57. They did fire on April 25, just as they promised, and they did destroy 
one of the KGB transmitters—apparently located some kilometers (perhaps 30?) 
from the Soviet nuclear reactors at Chernobyl. 


At the moment the transmitter was hit and destroyed, engineer Bill Bise—out in 
the field with magnetic field detectors and measuring the Woodpecker beams— 
observed the abrupt failure of the Woodpecker transmitter beam coming around 
the Earth from the East. Thus, he actually detected the successful destruction of 
that distant interferometer transmitter. Unknowingly he had detected the results 
of a great counterstrike in a very dangerous strategic battle. 
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Figure 57 Chemobyl disaster 25-26 April 1986. 


Results at the Transmitter and at Chernobyl 


We were very, very lucky. At the destroyed transmitter site, the safety circuits 
kicked in and caught the huge beam potential and held it for about 24 hours, 
gradually draining down the intense beam energy into the earth in a slow 
manner all the while. 


A frantic Russian message to the Chernobyl reactors galvanized the operators to 


immediately shut down those reactors (put in the cadmium control rods). 
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However, the uranium in the fuel rods was of course still sitting there. 
Chernobyl! then waited with bated breath to see if the safety circuits would hold. 


Then on 26 April, the safety circuits at the transmitter site finally crumbled, and 
a far weaker LW flashover occurred than would have occurred earlier without 
the safety. The spreading LWs in the earth struck the nearest reactor core at 
Chernobyl, preceded seconds before by a tremor induced in the earth at 
Chernobyl as the LWs arrived. Part of the struck uranium in the core fissioned 
immediately, venting the containment structure and spewing out radioactive 
material. Nuclear fallout spread over much of Europe. The rest of the disaster is 
well known. 


That unknown group, in my estimation, saved a large number of American 
lives—at least 200,000 or more and perhaps as many as 300,000. They also 
prevented enormous physical damage to California, both to Los Angeles and 
San Francisco and to points in between. The members of that group are the 
unsung heroes of this bizarre episode. It is my hope that I may live to turn the 
names of those persons in for the award of a very high Presidential medal. Until 
then I will not reveal those names under any circumstance. 


Whether or not the U.S. scientific and intelligence communities know it or 
believe it is of no concern. What matters is that a great many Americans are still 
alive, and their children born since then are alive. Those Americans otherwise 
would have been very, very dead or never born. I personally have reflected on 
those desperate circumstances many times. IfI had it to do over again, I would 
unhesitatingly urge the same action: Fire and save those American lives, and 
accept the medium risk. And pray. 


And I did pray after recommending the strike. In my opinion, this time my 
fervent prayers were answered. I am extraordinarily sorry for the civilian deaths 
that occurred; all one can say is that it was under severe circumstances and in a 
very peculiar—and very desperate—war. 


The Soviets had many other interferometers on line. They induced a substantial 
earthquake in Mexico at the end of April. Thus they did complete their 
"earthquake footsteps" of the milestone. On 7 May they induced a 7.7 Richter 
quake in the Aleutian Islands. If 7.7 to 9.5 quakes had hit all along the San 
Andreas Fault in Los Angeles and San Francisco and in between, then the 
destructive scenario I had envisioned for the West Coast would have occurred. 
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Figure 58 "Bottling up" shield practice over Atlanta 12 Nov. 1986. With a real shield, aircraft 
or missiles flying into it (from inside or from outside) explode and are destroyed. 


On 12 November 1986 the Soviets even placed a giant "dummy shield" 
(practice) over Atlanta, Georgia (Figure 58). If the shield had been real and not 
just practice, any aircraft and missiles flying into it would have been instantly 
exploded and destroyed. That mode—"bottling up" a strategic weapons area—is 
useful to nullify an entire strategic ICBM launch complex or a large bomber 
base, etc. It can also "bottle up" a large carrier task force at sea, including the 
aircraftand the Tomahawk missiles, the shells from the naval guns, etc. 


Kill of the Challenger Included Use of Metal-Softening 


As we mentioned, during that 1986 preparation period the Russians also 
destroyed the Challenger spacecraft (January 28, 1986). Numerous signatures 
abounded, all of which we have already published. 


A few weeks before the kill of the Challenger, a close colleague had 
experimentally proven that a metal-softening signal was indeed placed on the 
Russian "woodpecker" signals (Figure 7). He did this quite simply: he wired 
himself into a receiver, through an intervening amplifier, and tuned the receiver 
to the Woodpecker signals.“* Then he took nails from a can of nails he was 


“ Here he was taking advantage of the fact that the infolded LW signals inside the Woodpecker 
carrier wave, comprising the "engines" for metal-softening, also constitute "perfect" divergence- 
free EM energy, so to speak, at least overall. Amplifying the signal also amplifies the "engine" 
inside it. When connected to his body, "potentials superpose" is the rule, and that transferred the 
amplified engines to his body and into the EM field immediately surrounding his body. Hence he 

softened the hammer metal a tiny bit, and softened the much less tempered nails quite a bit more. 
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Figure 1—Schematic diagram of the signal strength meter. RS = Radio Shack 


(www.radioshack.com/). 


C1-C3—0.01 uF capacitors (RS 272-1051 
or equiv). 

D1, D2—1N34A diodes (RS 276-1123). 

L1—100 WH inductor (RS 273-102). 

M1—Analog meter, 50 nA (RS 910-0360). 

R2—Sensitivity control potentiometer, 
10 kQ (RS 271-1715). 


Antenna—BNC female chassis mount 


socket. Antenna selection should 
match the frequency band for VHF and 
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work best for close field measurements 
on HF to 40 meters. Metal box 
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Fiaure 2—Close up of the circuit board. 


using, and hit them with a hammer to drive them into planks. The nails all 
folded up instantly like totally wet noodles. A couple dozen, one right after the 
other. Simultaneously, his son—who was not connected to the Soviet signal— 
was pounding nails from the same box, normally and without difficulty. None of 
the nails picked up and pounded by his son experienced any difficulty or 
softness. 


Then my friend disconnected himself from the signal, and waited a bit. 
Whereupon when he then used nails from that same box, he drove them in 
without difficulty. There were no more "wet noodle" nails. 


We reach a very simple conclusion: When he connected to an amplified 
Woodpecker signal, his body was time-excitation charged (quick charge and 
quick decay) with a specific signal so that the nails he picked up were charged. 
Then when hit with the hammer, the nails acted as if made of very limp rubber 
without a rebound. When he disconnected from the amplified Woodpecker 
signal, and waited a moment for the induced charge in his body to dissipate, the 
nails also discharged their engines and quit acting like limp rubber bands when 
hit, and became normal nails with normal behavior. That would seem to be quite 
sufficient to prove the thesis. 


The Challenger was then destroyed, as we previously printed, with numerous 
signatures of the hit, including even a KGB party in Moscow to celebrate the 
success of killing the vehicle (and getting away with it). 


Cold Molding: An Epilog to the Metal-Softening Donnybrook 


I was called a total lunatic for pointing out a metal-softening capability on the 
Russian signals. So be it. Metal softening is achieved by an engine which serves 
as a pumped phase conjugate mirror for the vibrations and signals in the lattice 
bonds of metals. Build up that engine in the metal until the precisely reversed 
and overlaid signals negate the normal signals, and one has "dissolved" the 
lattice bonds, converting the solid to a liquid. Lattice bond cancellation is not 
heating. 


But that was not to be the end of the "metal softening" story. 


A few years later, working informally with a large UK aerospace firm "for free", 
I furnished them an address in Moscow of some Russian scientists associated on 
the perimeter of the KGB energetics weapon program. The address had been 
taken from their cautious advertisement for business on the Internet and 
furnished to me by a correspondent. A UK engineer fluent in Russian was sent 
to meet with those scientists in Russia. They nervously showed him several 
novel things, one of which was "cold-molding" of metal. The liquefied the metal 


The result was that a hammer blow onto a nail head resulted in the nail acting as a limp noodle 
upon impact. 


without heating, poured it in a mold, and waited for the "effect" to wear off and 
the liquid to turn back into a solid again. 


Briefly, an energetics charge (using LWs) was induced on the metal lattice 
vibrations, adding their phase conjugate replicas to the interior LWs comprising 
the lattice bond signals. The metal's atoms were time-density charged to an 
excited state (presently not recognized in Western science). Thereupon the metal 
lattice EM forces "dissolved" and the metal became liquid at room temperatures 
and without heating. The cool liquid metal was then poured into a mold. Then 
after awhile, the time-density charge and slowly drained away, and the metal 
resumed its normal solid state—all without any heating whatsoever. 


On a subsequent trip the engineer brought that Russian team itself out of Russia 
and to the UK. The Russian scientists demonstrated cold molding to assembled 
UK scientists, and to some U.S. visitors. The phenomenon was physically 
demonstrated and proven. 


I was correct about the metal softening then. We were also correct back there in 
1986 about the metal-softening signal employed against the Challenger (together 
with several other things). 


There are numerous other signatures on the death of the Challenger. Again, the 
death of the Challenger was not an accident. It was due to a deliberate act of 
war by the KGB. The KGB knew in advance—after substantial probing 
incidents—that they would get away with it. And they did so. 


Additional Update from Year 1998 to Year 2,000 Has Been 
Given 


In the action package we sent to the DoD in 1998, we told the rest of the KGB 
energetics weapons story up to that date. We gave the attack plans as we saw 
them and the most useful types of attacks to be expected. 


I hope the reader is interested in this special energetics weapons information. 
High power microwave weapons, high energy lasers, and nuclear weapons are 
useful but no longer decisive weapons either strategically or on the battlefield 
against a foe equipped with such energetics weapons, and particularly against a 
foe equipped with quantum potential weapons and negative energy EMP 
weapons. 


At present, we are intensely watching to see if we can pick up indicators for the 
next scheduled strategic attack, its probable timing, and the "new twists" 
included in it. 


Presently, we have perhaps an 80% chance that the little nation can once again 
counter any new threat and cause the KGB to abort the impending attack. On the 
other hand, with Putin apparently limiting at least some of the action of the 
KGB, we have moved into our present asymmetrical warfare against terrorism— 
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and ultimately against the extensive terrorist teams and assets already infiltrated 
into our homeland. 


As a single example, before the collapse of the former Soviet empire, the 
Russians long ago slipped in nuclear weapons (from 20 to 40 KT) and hid them 
in all our large cities and population centers, along with the Spetznaz teams to 
detonate them on command.” Several nations have introduced teams with 
normal sabotage assets and also with weapons of mass destruction such as 
radioactive nuclear materials (for a dirty bomb), anthrax, smallpox, bubonic 
plague, etc. Behind the scenes, the die-hard remnant of the old KGB crew are 
using QP weapons to "spread" the immune systems (Figure 53) of our populace 
and materially enhance any BW strikes that the terrorists unleash. The rogue 
Japanese team (Yakuza and Aum Shinrikyo) on site in Russia are using their 
LWIs in a giant weather war and the occasional kill of an aircraft, etc. Over the 
decades Castro infiltrated some 10,000 guerrilla/special forces types trained in 
camps in Southern Mexico for decades. Probably at least half are still loyal and 
dedicated—and waiting to blow up bridges, power substations, high voltage 
power distribution system towers, dams, harbor facilities, refineries, pipelines 
(both oil and gas), etc. The first phase of WW III—delivery of the weapons of 
destruction and mass destruction to the targets along with means to unleash 
them—has already been accomplished. 


We are particularly struggling against the rise of asymmetrical warfare—the 
superpower's paradox (Figure 59)—and our present involvement in that "new" 
kind of warfare is still quite foreign to us. Only time will tell how well we fare 
in this new type of war, which we will be engaged in for many years to come. 
Vice President Cheney rightly regards it as almost a state of perpetual warfare 
we shall have to learn to live with, as shown by his words on Oct. 21, 2001: 


"The war on terrorism will not be over in our lifetime. It is different than the 
Gulf War was in the sense that it may never end. At least not in our lifetime. The 
way I think of it is, it's a new normalcy." 


S See Stanislav Lunev (with Ira Winkler), Through the Eyes of the Enemy, Regnery, Washington, 
1998. Lunev is a high-ranking GRU defector. He is a former Colonel in the GRU, the military 
counterpart of the KGB. In p. 22-33, he summarizes the Spetznaz capabilities. On p. 22-27, he 
summarizes Spetznaz use of nuclear weapons already on American soil. On p. 26, he gives some 
of the ways in which the Soviets easily brought nuclear weapons into the U.S. On p. 30 he 
confirms Russian seismic weapons. Use of EMP weapons is on p. 30-31. Use of very, very low 
frequency weapons to destroy the human brain, put people into a zombie-like state, and aid in 
brainwashing is confirmed on p. 31. And this is information Okayed by the CIA for release! 
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Figure 59 The superpower paradox: Asymmetric cheap WMD strategic strikes and destruction, 
later becoming extremely high tech and extreme yield. 


There is Also a Severe Bioenergetics (EM Biological Warfare) 
Threat 


The threat from bioenergetics is equally vivid. That old die-hard section of the 
KGB can now attack an entire population, e.g., with electrodynamically 
(energetics) induced diseases of any kind whatsoever, particularly when using 
QP weapons. Such attacks are totally immune to inoculations and antibiotic 
treatment. Any kind of strain or variation of a disease can also be induced in the 
pathogen pool for that disease. Against a foe who has such capabilities, our 
entire medical establishment—including all our emergency treatment procedures 
and agents—is obsolete right now. A vaccination and the presence of antibodies, 
e.g., does absolutely nothing against the EM induction of the exact physical 
effects and form of a disease, as shown in the decades-long "microwave 
radiation" ofthe U.S. Embassy in Moscow (Figure 11). 


To the Assistant to the SecDef in such matters, in 1998 we furnished a 200+ 
page briefing package and loosely proposed a crash development of the new 
type of medical therapeutic treatment devices pioneered and proven by the 
Priore group in France in the 1960s and early 1970s. Later, Congressman 
Cramer queried that office for an answer. 


Unfortunately the Assistant SecDefs office erroneously responded to 
Congressman Cramer thatnothinginthe literature supportedthe mechanisms 

proposed. Indeed, the package we furnished contained a detailed list citing the 

hard French scientific papers in the literature, reporting the exact experiments 


and the astounding results obtained. Some 2,000 highly successful animal 
experiments for more than a decade of experiments in fact supported the thesis, 
and higher group symmetry electrodynamics fully supports the ability to use EM 
means to make spacetime curvature engines, so that these engines then interact 
back upon the targeted matter to perform the actions desired. That it does not 
appear in conventional electrical engineering is of no consequence; it appears in 
physics and it is good physics, just on the cutting edge. 


We also reported, explained, and cited Becker's epochal work (Figures 27 and 
28), which is copiously published in the hard literature and which was an 
example of the fundamental mechanism also. Becker was twice nominated for a 
Nobel Prize for his outstanding work. Unfortunately, the Assistant SecDefs 
office responded with a non sequitur. 


Packages were sent also to NIH, NSF, CDC, and several other government 
agencies. Not a single one of those agencies was interested enough to have a 
competent scientist contact me and discuss the area. I strongly doubt that a 
single scientist anywhere in the Government bothered to seriously read and 
ponder the material so painfully and expensively compiled and furnished. 
Lieutenant Colonel (Retired) Ken Moore and I worked our fingers to the bone 
for weeks, preparing that briefing, and we spent all the spare money doing it that 
we could rake up and obtain. 


The near-total lack of response itself seems astounding, but it clearly shows the 
state of U.S. science with respect to novel energetics innovations, even long 
after those innovations have been experimentally proven and documented in the 
hard literature, and even after they have been weaponized against us. It is a 
direct indication of why the U.S. never deciphered what was going on in some 
four decades of Soviet weak microwave radiation of the U.S. Embassy in 
Moscow, including the kill (eventual deaths) of three U.S. Ambassadors. 


For decades there have been manipulations, to say the least, in the hotly 
contested field of the biological effects of EM radiation. We refer the interested 
reader to an excellent expose of that situation: The expose is by Dr. Andrew A. 
Marino, Ph.D., J.D., Powerline Electromagnetic Fields and Human Health, 
which is current. I believe it can be freely downloaded from: 
http://www.ortho.lsumc.edu/Faculty/Marino/PowerlineTOC.html. Dr. Marino 
has been personally and deeply involved in the investigation of EM bioeffects, 
in court cases, and in Blue Ribbon Panel investigations and proceedings. The 
book is an eye-opener, and it gives one a good view of the machinations in the 
EM bioeffects field. We quote directly from Dr. Marino, Chap. 6, p. 1: 


"Oversimplistic as it may sound, whoever pays for EMF 
bioeffects research and analysis determines what data is 
produced and the way it is interpreted. Soon after the 
possibility that powerline EMFs were health risks was raised 
in a legal dispute involving the New York Public Service 


to 


or 


Commission, power companies and their trade associations, 
particularly the Electric Power Research Institute (EPRI), 
became massively involved in EM bioeffects research. 
Subsequently, the power industry dominatedfunding of the 
effects ofpowerline EMFs, both in terms ofabsolute dollars 
and compared with dollars from non-industry sources...the 
power companies and their trade associations were deeply 
deceitful regarding the information they provided to scientists 
and to the public regarding the potential health hazards of 
powerline EMFs." 


In the entire EM bioeffects field, there does not appear to be any mention of, 
study of, or recognition of EM bioeffects induced by the most powerful EM 
factors: longitudinal EM wave irradiation, time-polarized EM wave irradiation, 
and time-excitation charging of particles throughout the body and its cells, with 
resulting emission of transduced longitudinal and transverse EM radiation from- 
within-to-without. 


National Institute of Health Reaction 


NIH replied to my letter and action package from their Policy—tead: spin 
control—Section. They noted that the package mentioned the Gulf War 
Syndrome, which was not in their mission area. So they just sent it off packing 
DoD (simplest way to get rid of it, apparently no one seriously read it or even 
cared to read it). I queried them back by separate response letter about their lack 
of interest in a revolutionary proven new medical methodology well- 
documented to cure cancer and other dread diseases, in many hundreds of 
experiments by leading French medical scientists. This was certainly within 
their mission area. 


They hastily replied from the Policy Section that, yes of course NIH was 
interested in all such things, and told me where to "submit a proposal." We 
never got out of their Policy department. Again, not a single competent scientist 
in the U.S.'s supposed master medical agency apparently even read the package 
cared to call and discuss the matter. This was an indicator of their total lack of 
any grasp of the energetics threat, its testing, and its use to induce the Gulf War 
Disease. 


Nowperhapsone can see why we are so far behind the KGB energetics weapons 
scientists and weapons program. 


Marino, ibid., is particularly enlightening on the adamant opposition by 
appropriate sections of NIH vis a vis the harmful effect of nonionizing EM 
radiation. 


No responses at all were received from the NSF and the CDC, or the other U.S. 
government agencies to which the package was furnished. 


The CDC of course comes under NIH, and thus its responses or lack thereof 
would be dictated by the parent NIH policies. As for the NSF, Marino, ibid., 
again is enlightening on the qualifications or lack thereof of its membership. 


So as the reader can see, the top of the medical establishment in this nation is 
flatly not interested in any "controversial" or "out of the box" proven method for 
curing cancer, dread diseases, and mass treatment of those millions of American 
casualties that are coming in our cities and population centers. Again, they 
directly ignore scientific method's very premise: [fthe experiment is replicated 
and contradicts the theory, accept the experiment and change the theory. 1 
personally concluded that the U.S. Medical establishment largely does not 
follow scientific method, but follows dogma and the already approved 
methodologies. 


How the New Revolution in Medical Healing Works 


For the reader who is a medical scientist and trained in physiology and biology, 
one might be interested in that revolutionary French therapeutic methodology 
and how it worked (before it was ruthlessly suppressed in the early 1970s). 


Priore's apparatuses (Figures 12,49, and 60) simply pumped the cells of the 
entire body with longitudinal EM waves (each accompanied of course by its 
time-polarized twin, in a Whittaker pairing). The cells and every part of them 
are very nonlinear, so they act as pumped phase conjugate mirrors for Whittaker 
wave-pair engines resident in the cells and acting as "input signal complexes". 


Once the cells are pumped by these now-established time-density waves, the 
damaged or diseased cellular masses slowly "charge up" with excess time- 
excitation. The irradiation took several hours, and this was the "activation" or 
"time-excitation charging" stage. Thereafter, the time-charge decayed slowly, all 
the while constituting pumping of every cell and every part of it, in the time 
domain. 


The resident engine in the cell contains two components: (1) the normal or 
healthy component, and (2) the abnormal component representing disease or 
debility. Pumping these two components time-reverses both of them and 
amplifies that reversal. This creates amplified and incredibly precise antiengines 
in each cell and in each part of each cell. These antiengines override the weaker 
cellular engines resident. In turn, this "reversing" action of the antiengines 
causes the pumped cellular masses (actually the mass-energy, in its exact 
structure and dynamics)—at any and all levels, including the genetics—to be 
time-reversed back to normal. In biological instead of physics terms, it 
"dedifferentiated" the diseased or altered cells back to a previous healthy state 
by simply eliminating the diseased engine component. This is a dramatic 
extension _ofnonlinear optical phase conjugation from the 3-space pumping 
domain to pumping in the complex (time) plane, and it is effective for time- 
reversing mass-energy at any and allfrequencies. We accent that the cellular 
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Figure 60 Block diagram of Priore's healing (regenerative and time-reversing) process. 


Normal cells are just backed up to a slightly younger condition. Diseased cells 
have their abnormal engine component overridden and reversed back to zero (its 
earlier state), so that only a slightly younger normal engine remains resident in 
the cell. This simultaneously reverses the cellular masses back to their previous 
healthy condition. 


Contrast this direct healing mechanism to the action of the immune system. 


The immune system itself does not heal anything. It contains the killers, the 
scavengers, the locators, the markers, the attackers, and the troops manning the 
ramparts. Usually after a fierce battle with invading hostile pathogens, it wins. 
Lots of cells still living are damaged in the melee. The immune system 
scavenger cells then scavenge up the residue littering the battlefield. But the 
immune system _itselfcannot heal and restore a single damaged cell, including 
one of its own. 





That healing and restoration of damaged cells is the job of the regenerative 
system, still little known and inadequately studied today. Perhaps the most 
fundamental studies were mostly by Becker et al. some decades ago. The 
regenerative system (Figure 29) is an EM system in its operation, as clearly 
shown by Becker (Figures 27 and 28), yet it is able to physically differentiate 
and dedifferentiate cells from one form to another at will, and in highly selective 
fashion. The regenerative system acts within its limitations (only weak pumping 
can be done for the time-reversal of diseased or damaged cells) to eliminate the 
delta (the deviation from normal of the resident engines in the pumped cell). 
That restores the normal (healthy) engine and slightly amplifies it as well. 
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It is obviously of the utmost medical importance to understand and apply (and 
amplify) this little-known technical mechanism by which the regenerative 
system is able to restore damaged cells back to normal. 


It turns out that the regenerative system in its novel EM functioning uses 
precisely LW and TDW pumping of those damaged cells and gradually time- 
reverses their entire masses back to a normal healthy state, within its 
limitations. 


This is the secret of the mechanism of the cellular regenerative system—which 
is an electrodynamic system of very unusual nature. The exact mechanism has 
not previously appeared in the literature. It took me 14 years to uncover that 
fundamental mechanism, and another 4 or 5 to refine it a bit, even though both 
Priore and Becker (as well as others) applied it decades before without being 
able to fully decipher it. 


The experimental proof is already in the literature, once one understands the 
higher topology EM unwittingly used by both Becker and the Priore team. The 
proper types of higher group symmetry electrodynamics required to understand 
the action of the cellular regenerative system are available. There exist scientists 
skilled in their application and use. These scientists and that higher group 
symmetry electrodynamics are little used, and are never used at all in the 
medical field. There exists no funding anywhere for higher EM examination and 
modeling of the functioning of the cellular regenerative system—i.e., for the 
fundamental healing process. 


Just imagine what this could mean to medicine: One can now develop a new 
medical science to amplify and apply nature's own proven method of restoration 
and healing ofdamaged cells, including all their damaged genetic material. It 
matters not what caused the damage, whether pathogen or gamma radiation, 
whatever. This new therapeutic method is a totally new general relativistic 
process where powerful spacetime engines are created which work directly upon 
the damaged cell and every part of it, physically reversing the cell and all its 
parts precisely back to normal condition. 











General relativity rigorously tells us that a precise spacetime curvature engine 
(set of precise spacetime curvatures) is present and active for every specific 
disease condition and every nuance in it. It also tells us this flawed (disease or 
damage carrying engine) continuously operates on the cellular mass at every 
level, maintaining the exact physical condition of the cell and its dynamics. By 
creating a precise "anti-engine" and amplifying and applying it, general 
relativity assures us that we are physically acting upon the cell and all its parts 
at every level, down to the smallest—to precisely return every part in perfect 
proportion back to a previous normal healthy condition. Pautrizel directly 
proved the time-reversal to an actual earlier state of the cells and the organism 
(Figure 61). Amplification by time-domain EM pumping, means that we can 
cause this time-reversal of the cells back to normal to happen much more 
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quickly than can the body itself, which can only pump very weakly. 


¢ Pautrizel compared identical treatment of immature 
rats with immature immune systems, and mature rats 
with mature immune systems. 


¢ Treatment restored the damaged mature system back 
to full mature functioning, and it promptly recognized 
and dispatched the pathogens. 


¢ Treatment restored the damaged immature system 
back to full immature functioning, unable to cope, 
and the pathogens promptly reinfected and killed the 
immature rat. 


* The lesson: The body is indeed returned to a 
previous physical state. The pathogens themselves 
are not killed by the treatment, but by restoring the 
ability of the immune system to recognize and destroy [4 


them. - ’ 
PROF RAYMOND PAUTRIZEL 


* Only the previous ability of the immune system is (Renowned Parasitologist) 
restored by the process. 





Figure 61 Pautrizel's proof of time reversal of the stricken cells back to a previous state. 


General relativity also assures us that any and every disease is subject to this 
novel treatment approach, even diseases which have resisted every other known 
therapy. The Sachs unified general relativity and electrodynamics, and GR/EM 
unification applications in O(3) electrodynamics produced by Evans, for the first 
time provide a solid theoretical basis for Priore's methodology and his 
evolutionary results. They also offer direct engineering of startling physical 
cures, once the technology is developed. 


The profound implications of that treatment can be seen. Apparently, however, 
our leading governmental agencies and health agencies do not see it, do not wish 
to see it, have no appreciation for general relativistic effects in healing, and do 
not intend to have any appreciation for general relativistic effects in healing. 
Indeed, they seem totally uninterested in even trying to comprehend and 
research the fundamental healing mechanism demonstrated by nature herself. 


What the French Researchers Showed 


Among other things, the Priore team produced revolutionary cures of terminal 
tumors, infectious trypanosomiasis, suppressed immune systems, and 
atheriosclerosis in several thousand laboratory animals in rigid laboratory tests 
under rigorous protocols. Eminent scientists such as Robert Courrier and 
Raymond Pautrizel worked with the Priore team. Courrier was head of the 
Biology Section of the French Academy of Sciences at the time, also Secretaire 
Perpetuel of the Academy, and a noted scientist of high stature. Courrier 
personally presented the astounding Priore results to the entire assembled 
French Academy. He also sent his own most able scientist assistant to personally 
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Figure 3—The case, circuit board and antennas for the field strength meter. 





FEEDBACK 


® An error appears in Figure | of “The ‘No 
Fibbin’ RF Field Strength Meter” (Aug 
2002 OST, p 28). The correct way to wire 
D2 is the anode to ground and the cathode 
to the anode of D1 (also the junction of R1 
and D1). As shown in the photos, Cl is 
optional and an additional 0.01 uF bypass 
capacitor can be installed across the meter 
movement.—John Noakes, VE7NI 


prepare the terminal tumor grafts on the lab animals before their treatment. 


A world-renowned parasitologist who did enormously important work with 
Priore was Raymond Pautrizel, who is still alive at this writing though quite 
aged. Pautrizel was greatly persecuted for his years of determination and effort. 
Courtesy of Pautrizel via the late Christopher Bird, I personally have the very 
Ph.D. thesis that Priore himself submitted to the University of Bordeaux on his 
revolutionary work. That thesis was maliciously rejected in the suppression that 
was applied to the project. When the French Government changed to a Leftist 
government in the mid-70s, Government support was immediately withdrawn 
and the project was ruthlessly suppressed. Priore later sickened and died and that 
was the end of that. More than a decade later a brave and determined Pautrizel 
finally was able to get a doctoral thesis approved in the Priore work area, at the 
same university, by another doctoral candidate, Eric Perisse {40}. 


There are two U.S. patents on the Priore device itself, and of course several 
French patents also. 


All the above was rigorously documented in the 1998 package prepared and 
submitted by Ken Moore and I. 


While Priore was still alive, a team with which I was connected attempted to 
mount a well-funded effort to restore the Priore methodology while Priore was 
still alive. We also were viciously suppressed. The lives of our financial backers 
and their families were threatened. The head of our project was viciously 
attacked financially and destroyed, fleeing the country for his very life. Whoever 
thinks that dramatically innovative medical science in this country is just sweet 
reason and scientific method, should have a strong enema to remove the serious 
blockages interfering with his perceptions. 


This vicious outside suppression of our project so infuriated me that I made a 
solemn promise that, were it humanly possible, I would decipher the Priore 
process before I died. It took 14 years, but we made good on that promise. 
During the 20 years or so since our project was suppressed, it is heartbreaking to 
consider the millions of children and sickened and suffering people who could 
have been saved had the project continued and succeeded. It is heartbreaking 
now to consider the coming millions of casualties in our civilian populace in our 
cities, most of who are going to die from mass destruction weapons. And most 
of those would not have to die, would the scientific community waken from its 
long sleep and discover some modern physics and higher group symmetry 
electrodynamics—and their application to solve nature's mechanism for healing. 


When one time-reverses the body's cells and all their parts, one forces the 
diseased cells to dedifferentiate back to healthy state. We strongly accent that 
this is accomplished by unified GR/EM processes involving precisely organized 
spacetime curvatures and their local actions in the cells and all their inner 
components, down to the finest level. It can be rigorously expressed in good 
unified physics, as expressed in an electrodynamics such as O(3). 
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The nondamaged or nondiseased cells just get a little younger. That is also 
highly beneficial; it reverses the ravages of aging, just a little. Indeed, one of the 
implications of the Priore mechanism is that aging can indeed be reversed by the 
process and treatment. Again, one must keep one's sense of humor. In order to 
get this technology and therapeutic method born, what seems to be needed is an 
extremely wealthy person, strongly desiring to live longer than the expected life 
span and do it in a vigorous, healthy body—and who is willing to fund the 
project with the necessary $60 million required so to redevelop and extend the 
Priore technology so it can be readily applied. A byproduct will be the saving of 
millions of American lives when those coming mass casualties from weapons of 
mass destruction occur in our cities. 


How the Regeneration Mechanism Was Finally Deciphered 


What took so long in deciphering the mechanism was the problem of how to 
make such precisely tailored and exact ST curvature engines, specifically so that 
they are exact antiengines for a specific disease and even a specific pathogen, 
and even for different versions of the engines for different cells in a single body 
having different strains of the same pathogen, having different body DNA, etc. 
For years, the solution of that task seemed hopeless. How on earth could one 
possibly work all that out in a hundred lifetimes, so that it could be precisely 
calculated even by an array of the most powerful computers on Earth? 


After years of struggling with the problem, in one stroke of enlightenment it was 
revealed tobethe simplest thing in all the world. Absolutely no calculation was 
necessary, andthe exact amplified antiengine effect was a fairly simple and 

straightforward thing to obtain. General relativity tells us that every cellular 
mass and each part of it, has its own unique spacetime curvature engine, to the 
finest detail and an exact fit. As Wheeler put it so nicely {130}, "Space acts on 
matter, telling it how to move. In turn, matter reacts back on space, telling it 
how to curve. " The mass and its dynamics and the engine and its dynamics 
constantly interactuponeachother,and"keepattunedandinperfect 
adjustment,” so to speak. 


That means that a "normal" cell already has just such a precise "normal" ST 

engine residing in it, and acting upon every component at every level—even in 
the atomic nuclei. Well, a diseased cell has an absolutely specific structuring, 
and therefore it also has an absolutely specific ST engine structuring. A priori 
that resident structuring for the diseased or damaged state in the individual cell 
differs (by some delta) from the structuring of the normal healthy cellular state 
for that individual cell. 


Voila! That means that the ST engine for the damaged cell can be decomposed 
into two parts (two engines): (1) the normal "healthy cell" state engine, and (2) a 
delta ST engine that has been added to it so that together the two comprise the 
full ST engine for the exact individual condition of the cell. 








What is now needed is a way to produce an exact antiengine of two parts: (1) 
one for the normal engine and (2) a second one for the delta (disease) engine. 
Applying this amplified and combined "antiengine" would overpower the 
resident combined engine, precisely reversing the cellular condition by reducing 
the delta to zero. Rigorously, the cellular mass and every part of it must then 
also revert to a previous physical state, or else we must complete discard general 
relativity itself. 


Well, if we were to just time-reverse the resident engine and its two 
components, that would give us the perfect antiengine with its two components. 
Amplifying this antiengine would then produce one that was more powerful than 
the resident engine in the cell. Applying that amplified antiengine to the cell, 
that would not really change the "normal" engine component, but it would 
precisely reduce the delta engine component back to zero (its previous state, 
before it was there!) Voila! A specific healing signal of perfect structure, for the 
specific deviant condition of the individual cell and its every part. 


Since we have a combined GR/EM to use, we can think electrodynamically 
about this general relativity problem. Immediately we see that phase conjugate 
optics is a candidate, since the "resident composite engine" can correspond to 
the "signal" or input wave, and the pumping of the nonlinear mass of the cell 
and its parts (where they act as nonlinear phase conjugate mirror materials) 
produces an exact phase conjugate replica (the exact amplified antiengine). The 
presence of that antiengine overrides the magnitude of the resident engine, and it 
moves the cell precisely back along the temporal path previously taken. In short, 
it applies a specific kind of dedifferentiation of the cell back to its previous 
healthy condition. 


Since we extend phase conjugate pumping to the time-energy domain, then the 
resident composite engine and its time-stream component are the "input." The 
amplified antiengine and its time domain component will then forcibly 
propagate that pumped mass energy back over the time trajectory previously 
taken by it. In short, it will time-reverse the cell and all its parts back to a 
previous condition, completely eliminating the delta (disease or disorder). The 
beauty is that it will also reverse damaged or altered genetics, such as in the 
AIDS disease. It can do this prior to the appearance of health symptoms—it can 
be done as soon as the patient tests positive for HIV. 


Since the antiengine is amplified, it moves the cell back to normal fairly rapidly 
(in a few hours, for example). At least the time charge for the reversal process is 
delivered in that period; one may allow (as Priore did) a full week for the time- 
charge and its transduction to continue reversing the cells. But it is much faster 
than the normal speed of the human regeneration system using the same process, 
because now we have greatly amplified the time-reversal rate. 


It is therefore ideal for a method of quickly treating mass casualties, particularly 
since it can be developed and used in a portable unit about the size of a large 


suitcase (Figure 13). 


Interestingly, during the radiation with LW EM radiation, one also pumps the 
pathogen and time-reverses it as well. Its "normal state" towards the beginning 
was a condition whereby it could move with relative immunity past the immune 
system's opposition, having deceived the immune system. In the treatment, a 
small amount of the pathogen is therefore converted back into this condition just 
shy of the beginning, where that part of the pathogens is resistant to the immune 
system. However, a very small, short "post treatment" irradiation with LW 
radiation for a much shorter interval and at weaker power, will clean up this 
altered pathogen residue by allowing the immune system to recognize it and 
destroy it. Pautrizel clearly demonstrated this significant fact. 


Cellular and Body Rejuvenation are Possible, Once the 
Technology is Developed 


One can in fact really accomplish rejuvenation of the aged and infirm, as the 
technology is developed. One could certainly solve the major problems of 
Medicare, and cut the patient load at least in half, relatively quickly and 
inexpensively. Of course lots of big U.S. drug companies will be rather violently 
opposed to any such idea, because much of their empire would be threatened. 
Much of the organized medical community depends largely on the Big Drug 
Approach. So the organized medical community will also vehemently oppose it, 
just as the formal medical science community in France viciously opposed it. 


One could also produce cheap, portable LW treatment units en masse, which is 
what we were suggesting to the Assistant. SecDef. That way one could flood the 
emergency response system (response teams, hospitals, fire stations, police 
precinct stations, schools, etc.) with quick and effective treatment devices. They 
could be used to rapidly {131} treat those millions of American casualties that 
are going to occur when one or more of our cities are attacked in the near future 
by terrorist WMD attacks. This would save the lives of most of those stricken 
millions of Americans. 


Mow Many Americans Could Be Saved? 


Foran anthrax attack on Washington, D.C., first generation equipment could 
save perhaps 70% of those sickened Americans, almost all of who are going to 
die with present capabilities. With second-generation equipment, one could save 

perhaps 90%. 


For ananthrax attack without spreading via QP clandestine preparation of the 
populace, one would save 0.7 to 2.1 million Americans. With clandestine KGB 
QP spreading and a 5:1 increase in the yield of the anthrax strike, one would 
save 3.5 to 10.5 million Americans. 


For a truly nightmare attack (as a worst case scenario) perhaps 5 major cities 
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might be attacked in such manner and to such degree. In that case, one is talking 
about saving 3.5 to 10.5 million Americans for the unspread attack case, and up 
to 17.5 to 52.5 million Americans for the spread case. 


Further, the development of the necessary portable treatment units is doable and 
affordable, for mass treatment capability. Training on a portable machine could 
be done for a high school student in 30 minutes or less, and that student could 
then give emergency treatment effectively. 


Absolutely nothing else out there can presently warrant such projections. Yet 
this is the very technology our own medical science community is eminently 
uninterested in, has no knowledge of, does not wish to obtain any knowledge of, 
and does not wish to scientifically discuss. 


There Are No Resistant Strains to the New Technology, and 
There Cannot Be Any 


A most interesting thing is that there cannot be a "resistant strain" of a pathogen 
for the new treatment methodology, a priori. No mass can shield against 
spacetime curvature effects. Slight adjustments of the controls will adjust the 
spacetime engines being utilized. Two or three hour's work with a developed 
unit and a lab team on a new strain would suffice to completely determine the 
required adjustments, once the technology is developed. The new information 
could then be quickly relayed to all stations treating patients. On each treatment 
device, adjusting a few dials and controls for the laptop computer controlling the 
unit will do the trick. The use of the final device would be so simple that a 
teenager could be trained to use it in less than 30 minutes. 


Such new capabilities are urgently needed not only for the millions of civilian 
casualties we expect in the future, but also for support of our armed forces in the 
field. Frankly, the anthrax shots are not going to do them much good, once one 
realizes that the "spreading" of their immune and regenerative systems is 
already occurring via KGB quantum potential means. Camel pox is available to 
any terrorist foe, and has almost the identical actions and constitution as 
smallpox. Indeed, it is almost identical to smallpox. 


The Gulf War Disease and Syndrome were just small preludes of what is to 
come and what is already being used against the entire U.S., though as yet very 
clandestinely. Look again at the Kaznacheyev work. He clearly proved in 
thousands of successful experiments that any kind of cellular disease or damage 
or death whatsoever, can be induced at a distance by novel EM means. 
Replication experiments were successfully accomplished at the University of 
Marburg and also at the University of Sydney. 


Results of the Priore’ Treatments Are Well-Documented and 
Independently Supported 


The Priore team's results are well documented in the hard French scientific 
literature. At least one French doctoral thesis was eventually accepted upon the 
work. The astounding results really occurred. They were scientifically 
substantiated under rigorous protocols and even police-guarded labs for tests by 
a learn of outside scientists. To then deny those results simply because no one 
has understood the active mechanism until now, is to deny the scientific method 
itself: Believe the experiment when it refutes the prevailing theory. 


There is also independent work by other scientists that strongly supports the 
Priore results, once the mechanism is finally understood. 


Robert Becker et al. in the U.S. conclusively showed that living cells in situ can 
be dedifferentiated, redifferentiated, etc. by laughably weak currents 
(picoamperes) and DC potentials (which are comprised of those famous 
Whittaker pairs). Becker was unaware that his potentials included time density 
waves and longitudinal waves, as predicted by quantum field theory and as 
shown by Whittaker in 1903 (once one understands that a bidirectional phase 
conjugate longitudinal EM wavepair is a time-density EM wave coupled to a 
longitudinal EM wave). Application of such EM potentials by Becker 
transformed red blood cells into pre-cartilage cells, then further into pre-bone 
cells. That latter cell type was then deposited in bone fractures, healing them 
when nothing else would. Becker and others have demonstrated partial 
regeneration of limbs in small test mammals, using the technique. The bone- 
healing techniques were finally approved by the FDA and are often used in 
some hospitals for treating otherwise intractable bone fractures. 


Since then,other scientists have shown the directed formation of other types of 
body cells from cells from distant parts of the body (i.e., muscle-type cells from 
cells produced in the bone marrow, etc.). Such things are now well documented 
in the U.S. literature, in at least several hundred papers and in the leading 
journals including Nature, Science, etc. 


The Present Threat Is Urgent, and Our Strategic Destruction 
is Still at Issue 


Our own medical community, our science community, and our intelligence 
community are at least 20 years or more behind the KGB right now. We are also 
behind the Chinese. In many respects our scientists have simply missed the 
biggest scientific breakthrough of the century. 


It is urgent that we find some way to counter and avoid future strategic 
energetics attacks sure to be scheduled. The eventual attack actually launched— 
if the little nation's QP weapons can be countered first—would destroy the U.S. 
in about 2 hours. It only takes about 10 minutes, it seems, for the QP weapons 


already deployed to negate almost all our strategic nuclear arsenal. Thereafter, 
the KGB and Yakuza/Aum Shinrikyo can simply attack us at will and utterly 
destroy the U.S. To any loyal American, that is an entirely unacceptable 
solution. 


The most urgent requirement would seem to be immediate and strong contact at 
the highest level between the U.S. government and the leaders of the little 
foreign nation (and the other friendly nation) that presently is guarding the 
ramparts and saving our necks. A cooperative crash program to develop our own 
QP weapons would seem to be the order of the day, if it can in any fashion be 
negotiated. But to have any chance of success, the President and the Congress 
will have to use the utmost care in selecting the U.S. negotiators and scientists to 
explore this possibility. 


Immediate transfer of the requisite capabilities to the U.S. would be desirable, at 
least from our own view. From their view, of course, we do not necessarily 
resemble a trustworthy scientific partner at all, based on our past scientific 
performance, and it is up to the U.S. scientific community to prove to them that 
the leopard really has changed its spots. That would all have to be negotiated 
and worked out. 


If that is not possible, then it is of extreme urgency that our own country 
embarks upon a new Manhattan Project to develop strategic quantum potential 
weapons and defenses. It would be a great relief to discover that such had 
already been started, but I fear not. 


Desperately Needed Defensive Capabilities Can be Provided 
by a QP Solution 


We pose one more very, very useful QP capability prior to closing. As we 
stated, if'a large U.S. city is hit with—say—an anthrax attack done in 
professional manner, we would expect 1-3 million casualties, according to a 
well-known major U.S. government study. With immune/regenerative spreading 
presently already ongoing here in our populace by KGB QP weapons, that figure 
may actually increase by about 5-fold. So the casualties (prompt and delayed) 
might well reach 5-15 million, in a single professional anthrax spray attack by 
two persons from one light plane on a calm night dispensing 100 kilograms of 
anthrax spores sprayed over the city with a simple agricultural sprayer. With the 
indicated Priore technology and treatment units in all emergency response 
hands, at least 70% or so of those casualties could be saved. Otherwise, 
presently almost all of them will die. That dramatic saving of lives is one 
desperately needed capability that could be met. 


But there is a further capability of LW technology that nothing else presently 
known can do without serious impact upon the populace. 


After the prompt and shortly delayed casualties are mostly cured and the 


remaining fraction dies, a terrible problem of BW contamination still remains. 
No one anywhere really knows how to clean up an entire city from anthrax 
spores. But unless harshly decontaminated, that contaminated city is going to be 
effectively uninhabitable for decades to come, if only the present technology and 
methods are available. Islands of the coast of Scotland, where anthrax was tested 
decades ago, are still "hot" and contaminated—and off limits. 


The indications are that our nation has developed chemical sprays that can kill 
and neutralize the anthrax, including in the lungs of the populace breathing the 
spray. On the other hands, it is indicated that the spray is a high physical stress 
factor, and some of the more debilitated citizens will be injured or even killed by 
the spray itself. This includes babies and small children, the aged, those with 
lung and breathing difficulties, etc. As a matter of national survival, desperate 
diseases do deserve desperate remedies. So while spraying the zone might itself 
sicken and kill some thousands of our weaker citizens, at least—so the thinking 
would go—it saves millions. This of course is similar to the use of triage— 
reserving treatment and scarce medical capabilities and supplies for treating 
those most likely to live and recover with treatment, rather than treating those 
more seriously affected and less likely to survive. Sadly, presently triage will 
almost certainly be necessary because of very short supplies and treatment 
teams, etc. So most of those 1 to 3 million casualties will simply be dragged 
aside and left to die, and just made as comfortable as possible. 


However, the QP technology can be adapted to produce systems that can indeed 
do complete decontamination, very quickly, and without harm to the citizens in 
zone. The anthrax can simply be modified by specialized spacetime curvature 
engines—specialized EM fields and waves carrying hidden inner "information 
content of the field" engines that are designed specifically to change and destroy 
anthrax and nothing else. Eventually one could develop the capability to do it 
similarly for any other major contaminant, including nuclear radioactive 
materials contamination of a major city. 


Any strategic and tactical analyst can immediately see the tremendous value of 
such capabilities. 


In Conclusion 


I hope the above admittedly lengthy overview is of interest to the reader and 
useful. If we are to survive the debacle that now looms before us in this new 
asymmetrical war we shall be in for decades, it will require the efforts of leading 
and dedicated Lawmakers and Overwatch persons. Without firm prodding, the 
military, scientific, and intelligence communities are likely to just continue their 
present pace until many or most of us all die suddenly. 


The KGB energetics threat is still real and imminent; Russia is not a monolith 
and Putin still does not have complete control over the KGB. Another full 
strategic attack is sure to be scheduled before very long by either that die-hard 
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faction of the KGB, the Yakuza/Aum Shinrikyo, the Chinese (particularly if 
they move against Taiwan and we defend), or someone. And so our possible 
deaths also to be taken into account, if we just continue to do business as usual. 


Along with other Americans, I love my country and served it to the best of my 
ability for 20 years of active duty. It is the survival of America itself that is now 
at stake, both in the asymmetrical war against terrorists and in the continuing 
war against energetics weapons. Our scientific, military, and intelligence 
communities simply must be jolted awake and into massive efforts in energetics. 


We have the scientists with the required capability. We have the facilities. We 
have the leadership, and we can do it if we can put this thing under a 
Presidential Decision Directive, under an Executive Order and a Declaration of 
National Emergency (along with the several already in effect). 


Thomas E. Bearden, Ph.D. 

Lieutenant Colonel, U.S. Army (Retired) 

President and CEO, CTEC, Inc. 

Director, Assoc. Distinguished American Scientists 
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1986 FER DE LANCE INTRODUCTION & BRIEFING ON SOVIET 
SCALAR ELECTROMAGNETIC WEAPONS 


This briefing presents the basic concepts of Soviet scalar electromagnetic 
weapons, some of the major types available, and evidence of their widespread 
testing. 


Scalar Electromagnetics is Electrogravitation 


Scalar electromagnetics is an extension of present electromagnetics (EM) to 
include gravitation. That is, it is a unified, and, what is more important, it is a 
unified engineering theory. Nikola Tesla initially discovered its basis. 


In the scalar EM extension, EM field energy can be turned into gravitational 
field energy and vice versa. This exchange can be patterned and localized, in 
specific areas or objects. Such a controlled change of electromagnetics to 
gravitation is not possible in the normal EM or physics presently taught in 
Western textbooks. However, the bits and pieces of the theory have been 
scattered through the physics literature for some time, but no orthodox Western 
scientist seems to have realized that these anomalous portions could be 
integrated into a startling new physics. Unorthodox experimenters, inventors, 
and scientists have made discoveries in this arena for several decades, but again 
have not realized the exact implications or the precise manner in which their 
results could be combined with present electrical physics. 


Fer-de-Lance 


Such sluggishness is certainly not present in the Soviet Union. For over three 
decades, the Soviet Union has been developing electrogravitation and applying 
it to develop strange new secret weapons of incredible power and capability. 
Theyhave sustained the largest weapons development program ever launched 
by any nation, and they have kept it effectively hidden from prying Western 
eyes. | have called this program "Fer-de-Lance," after the deadly South 
American pit viper of that name. 


The dreaded fer-de-lance is a snake of great agility and lethal effect. It often 
ambushes its hapless prey, and strikes unexpectedly and without warning. Its 
first sudden strike is usually lethal to its victim, which promptly expires in 
writhing agony. Since the Soviet development of scalar EM weapons has been 
designed for the same purpose, the name seems appropriate. 


The equivalent effort of about seven Manhattan projects has been poured into 
Fer-de-Lance by the Soviets, and the program has been successful almost 
beyond imagination. The eery weapons are now developed, deployed, and 
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tested. The ambush has been completed; Fer-de-Lance is coiled and ready to 
strike. 


Energetics and Directed-Energy Weapons (DEWs) 


The ordinary Soviet name for this type of weapons science is energetics. In the 
West, that term is believed to be associated with conventional directed-energy 
weapons (DEWs) such as particle beam weapons, lasers, radio frequency (RF) 
directed-energy devices, etc. The Soviets do not limit the term in this way. 


Western scientists are familiar only with directed-energy weapons where 
fragments, masses, photons, or particles travel through space and contact the 
target to deliver their effects. Hence in their thinking they limit the Soviet term 
"energetics" to the type of weapons they themselves understand - exotic but 
normal weapons using energy or mass traveling through space to impact a 
target. 


However, it is possible to focus the potential for the effects of a weapon through 
spacetime itself, in a manner so that mass and energy do not "travel through 
space” from the transmitter to the target at all. Instead, ripples and patterns in the 
fabric of spacetime itself are manipulated to meet and interfere in and at the 
local spacetime of some distant target. There interference of these ripple patterns 
creates the desired energetic effect (hence the term energetics) directly in and 
through the target itself, emerging from the very spacetime (vacuum) in which 
the target is imbedded at its distant location. As used by the Soviets, energetics 
refers to these eerie new superweapons, as well as to the more mundane DEWs 
known to the West. 


As a consequence of the Soviet breakthrough and decades of feverish 
development, monstrous strategic weapons undreamed of in the West are 
already in Soviet hands. A noose is slowly and steadily being tightened about 
our throats, and it is already the 11th hour. 


The Soviets Use a Deception Plan 


Concomitant with this supersecret development program, the Soviets developed 
and implemented an elaborate deception plan to conceal these startling weapons 
and their nature from Western eyes until it is too late. Soviet deception has been 
so successful that even when Western scientists are confronted with the actual 
Soviet tests of these weapons directly over their heads, they do not recognize the 
weaponry nor the nature of the effects produced. 











As early as January 1960, Nikita Khrushchev announced the Soviet 
development of a new, fantastic weapon. On May 1, 1960 Soviet defensive 
radars - rigged as prototype weapons of this new kind - probably downed 
Francis Gary Powers's high-flying U-2 reconnaissance plane over the Soviet 
Union, precipitating a major diplomatic incident. 
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On April 10, 1963 one of the first new superweapons operationally deployed 
was used to destroy the U.S.S. Thresher atomic submarine underwater, off the 
east coast of the U.S. The next day, April 11, 1963 the same deployed 
superweapon was utilized in a different mode to produce a giant underwater 
explosion in the ocean over the Puerto Rican Trench, 100 miles north of Puerto 
Rico. 


Over the years, various aircraft were interfered with or downed as tests of these 
Soviet weapons. A particular case involved the mysterious loss of F-111s in the 
Vietnam conflict. At least one downed F-111 crew was recovered in the 

subsequent _ prisoner-of-war exchange. On that aircraft, all electrical systems 
suddenly were in difficulty simultaneously. All emergency indicator lamps were 
lit up, "like a Christmas tree." This was probably due to special Soviet teams 
converting some North Vietnamese SA-2 missile system radars to the scalar EM 
mode, and employing "scalar beam" interference to produce spurious EM noise 
throughout the electrical and electronic systems of the aircraft. 











In late April/early May of 1985, the entire armada of Soviet strategic scalar EM 
superweapons was activated as a special celebration of the 40th anniversary of 
the end of WWII. Activation of this armada (which probably contained over 100 

giant weapons), together with 27 giant power systems and a large number of 

command and control transmissions, was monitored on an advanced, proprietary 

detection system by Frank Golden. After the giant strategic exercise, which 

lasted several days, most of the weapons and power sources were once again 
stooddown to "standby." 


The NASA shuttle launches provided a convenient opportunity for Soviet testing 

of these superweapons in a Launch Phase ABM mode, where a launched missile 

can be detected and destroyed shortly after liftoff. At first, electromagnetic pulse 
(EMP) bursts on the early shuttle trajectory were deliberately delayed in time, to 

prevent actual destruction of the target and avoid alerting the U.S. that 
something unusual was happening. 


Theshuttle launch of November 26, 1985 saw a particularly significant-test of 
this kind. In this case, a very loud "sonic boom" or explosion occurred over the 
launch site 12 minutes after shuttle liftoff, when the shuttle was already away 
and downrange. At least two previous shuttle launches had also been used as 
pseudotargets, with delayed booms occurring over the launch site well behind 
the vehicles. 


After the lack of U.S. reaction to these three tests showed that the U.S. still had 
no knowledge of the new technology and did not even recognize its 
employment, the Soviets apparently decided to proceed with tests where the 
targetvehicles wouldactuallybedestroyed. 


On December 12, 1985 the same Soviet weapon tested against the NASA shuttle 
launches may have deliberately interfered with the controls of an Arrow DC-8 
taking off from Gander Air Force Base, Newfoundland. At an altitude of 100 
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feet, the aircraft - carrying over 250 U.S. soldiers and civilian crew members - 
lost power and sank into the ground tail-low, killing everyone on board. Three 
Canadian witnesses to the crash were interviewed over the Canadian Broadcast 
Corporation's television news on April 8, 1986 at 10 p.m. No flame or smoke 
issued from the plane before its descent and crash. However, the aircraft was 
seen to be mysteriously glowing with a yellow glow. That is a signature of the 
use of a scalar howitzer in the "continuous EM emergence" mode, similar to the 
manner in which the F-111s were downed in Vietnam. In short, the DC-8's 
electrical systems were interfered with by electromagnetic noise created 
throughout each increment of spacetime occupied by the aircraft. The powerful 
charge created in and on the aircraft also apparently caused the loss of two 
engines, one after the other. With its controls ineffective and power drastically 
reduced, the aircraft sank to earth, still in its "tail down" configuration from 
takeoff, and crashed and burned. The "yellow glow" was a corona due to the 
acquisition of a high electrical charge by the skin of the aircraft. 





Other factors contributing to the crash may have been reduced lift due to poor 
engine maintenance, increased weight of the aircraft due to icing, and heavy 
loading. Still, no one has recognized the significance of the "yellow glow" or 
what it implies, or the possible connection between loss of the aircraft and 
previous Soviet testing of-a Launch Phase ABM system against U.S. shuttle 
launches. 


As this book goes to press, the last two U.S. Air Force Titan 34-D missiles fired 
from Vandenberg Air Force Base in California have blown up shortly after 
launch. The first one blew up on Aug. 28, 1985 just after lift-off. That loss has 
been attributed to failure of a high-powered fuel pump, causing a massive 
oxidizer leak and a smaller fuel leak. The second Titan loss occurred on April 
18, 1986 when the missile blew up 5 seconds after lift-off. Its loss is still under 
investigation and no determination of cause has been made. Apparently the 
shuttle and the Titan presently provide the only viable launch vehicles for 
launching U.S. "spy" satellites. The loss of these sensitive satellites - if indeed 
they constituted the payloads - cannot help but be damaging to our strategic 
surveillance capability. According to the Los Angeles Times, the single 
remaining KH-11 satellite was launched in December 1984 and, with an 
expected life of two to three years, it could stop functioning later this year. 





Whether or not significant Woodpecker grid activity existed in the vicinity of 
the Titan launch of August 1985 is unknown at this time. However, significant 
activity in the grid definitely occurred before the April 18 Titan disaster and on 
the same day. 


On Easter Sunday, Mar. 30, 1986 engineer Ron Cole observed significant cloud 
signatures of grid pattern activity, correlated with Soviet Woodpecker 

measurements. On April 18, the present author observed traces of a cloud radial 
over Huntsville, Alabama and took photographs of it. Preliminary reports from 
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Thousand Oaks, California indicate extensive grid activity again on April 18, the 
day the second Titan exploded. 


At least the second of these two missile destructions shortly after launch is 
suspicious, since the grid positively was active during that time. Also, a clear 
trail of Launch Phase A8M system indicators exists back to the massive scalar 
exercise of April/May 1985. The first Titan explosion in Aug. 1985 thus falls 
within the Soviets’ "now let's test them against U.S. launch vehicles" period. 
The second Titan loss follows highly suspicious losses of the Arrow DC-8 on 
Dec -T7 1985 and the Challenger on Jan. 28, 1986. The same Soviet weapon 
system that destroyed those targets may also have destroyed one or both of the 
critical Titans. 


The Soviets have also been able to significantly engineer the weather over North 
America for more than a decade without being found out. They have tested a 
fantastic range of anti-ballistic missile (ABM) defense weapons for over two 
decades, and no one is the wiser in the West. 


As previously stated, prior to the end of November, 1985, at least three "wet- 
run" tests of a Soviet "launch phase ABM system" against actual U.S. shuttle 
launches were made directly over Cape Canaveral itself, and still no one 
recognized what was happening or what sort of weapon was being tested. On 
December 12, destruction of the Arrow DC-8 in Newfoundland produced no 
indications that the Americans and Canadians knew anything about the nature of 
the weapon possibly used. 


Accordingly, after a sufficient wait to test our reactions (if any), the Soviets 
prepared to actually destroy a shuttle after its launch. 


Destruction of the Challenger in January 1986 


As the whole world knows, on January 28, 1986 the shuttle Challenger was 
launched from Cape Canaveral, Florida after exposure to undesirable weather 
conditions, and disastrously exploded shortly after launch. The evidence seems 
to indicate that, as the rising vehicle was stressed, one end of its right booster 
broke loose, twisting away and into the main fuel tank, causing rupture, spillage 
of the fuel and catastrophic explosion. Several other anomalies still exist, 
however, and it is clear that a problem existed with at least one of the booster 
scals. All seven astronauts aboard the flight were killed in the fiery destruction 
of the vehicle. 


Of course no one had recognized that the Soviets had already tested a launch- 
phase anti-ballistic missile (LPABM) system against three of our previous 
shuttle launches. These "wet-runs" used a deliberate "time offset" to delay the 
explosive emergence of electromagnetic energy in a launched shuttle's location 
along its trajectory. The delayed test shots resulted in very large "booms" above 
the Iaunch site after the shuttle was safely out of the area, but did not destroy the 


shuttle vehicles themselves. For example, the delayed-shot boom occurred 12 
minutes after the evening launch of Nov. 26, 1985. Even a marker beacon (large 
light in the sky) was utilized on that launch shortly after lift-off. The marker 
beacon was photographed. In addition, another photograph taken in a time 
sequence shows another sudden streak of light coming down and ending in a 
burst of light. This was probably a spatially-offset test of the "pulse" mode for 
destroying the shuttle. The "light burst" would have been detected in the Soviet 
Union and scored against its intended offset position. However, another 
mechanism may have been used to cause destruction of the shuttle itself. 


On Jan. 1, 1986 the presence of a metal-softening signal added on to the Soviet 
LPABM system's scalar EM transmissions was detected by a surprised Frank 
Golden. The metal-softening ability of the detected signal was experimentally 
verified by him. Golden also locally nullified the action of the scalar EM signal 
in a test, rather conclusively establishing (1) that it existed and (2) what it was. 
The signal was apparently being prepared for use against an upcoming U.S. 
shuttle launch. 


Just prior to the launch of the shuttle in late January, 1986, the Soviets 
accomplished significant weather engineering over the U.S. The jet stream was 
severely bent southward in the middle of the U.S., bending rightward again to 
move across the Florida panhandle. Icy cold air from Canada was drawn far 
down, into Florida and onto the Challenger sitting on its launch pad. This 
exposure to cold outside its tested range was probably an additional factor 
contributing to the Challenger's failure. Positive signatures of the Soviet weather 
engineering and jet stream manipulation were observed and photographed by 
several persons, particularly in Alabama and California. 


On January 28, 1986, the Soviet scalar EM weapon system effects were sharply 
localized in the launch zone. Localization involved higher frequencies being 
present; these are quite painful to small brains - whose hemispheres act as a 
scalar interferometer and detector - such as in birds. As commented upon by 
national news commentators, strangely the birds were not flying that morning. 
Indeed, they were staying down on the ground or avoiding the area, since the 
sky over the area was painful to them. 


As the Challenger rose, the metal-softening signal would have been experienced 
in and around the boosters shortly after ignition, since the booster flame acts as a 
special "ion-plasma" turner/detector for the scalar signal. (Certain plasmas have 
a unique characteristic: they transform an input transverse wave to a longitudinal 
wave, or an input longitudinal wave to a transverse wave.) The effect of such a 
local signal is to "change mass in the immediate vicinity" with the particular 
scalar resonance signal. (Mass acts as a capacitance or accumulator for scalar 
resonance). 


The ill-fated Challenger was doomed. After ignition, the booster flame acted as 
a ionic plasma detector/amplifier for the scalar metal-softening signal on the 


Soviet Woodpecker grid. The metal in and around the booster flame was slowly 
and steadily weakening due to charge-up with the metal-softening pattern. This 
attributed to booster leakage from the already cold-damaged seal. The leaking 
booster poured out smoke and later flame, contributing to the impending 
disaster. 


Substantial winds and air turbulence over the site increased the stress on the 
Challenger as it rose through this region. This also contributed to the impending 
disaster and may have been deliberately created there by Soviet weather 
engineering. 


As the Challenger stressed, eventually one or more weakened metal mounts 
gave way, partially freeing the end of the right booster. The booster oscillated, 
rotating into the tank and rupturing it. Contact of the escaping liquid fuel and the 
flame resulted in a fiery explosion, destroying the vehicle. 


Even so another anomalous flame or light was observed on the vehicle, and may 
have represented a very small additional "pulse mode energy form" produced by 
the Soviet weapon that was attacking the Challenger. The shock of the explosion 
probably killed the astronauts instantly, although the cabin appears to have 
remained essentially intact while it plunged several miles to the ocean below. 


By treating excess cold exposure to the shuttle, inducing metal-softening in and 
around the ignited booster, and possible adding a deliberate "intensely hot spot", 


the_Soviets caused the Challenger to weaken and destroy itself shortly after 
launch, in so subtle a fashion that NASA scientists would not suspect what had 
actually caused the mishap. The Soviets also had previously withdrawn all their 
trawlers and ships which normally shadow a shuttle launch, to prevent any 
suggestion of Soviet presence near or involvement in the catastrophic accident. 


A few days later, sporadically intense "high frequency localization signals" were 
still present on the grid, at least at one hinge-point at Birmingham, Alabama. 
From 14 February 1986, many birds inadvertently flew into the zone when an 
intense breakout of these components occurred, and dead birds fell from the sky 
in substantial numbers. 


* According to an Urgentgram sent out by General D. Graham, on the evening 
of the Challenger's loss, KGB headquarters held a party to celebrate "success of 
their active measure against the shuttle." Note that all Soviet scalar EM weapons 
- development, testing, deployment, and usage - is under command and control 
of the KGB. 


Among other things, this briefing details the bizarre series of indicators that 
showed theSoviet intention to destroy the vehicle, and documents the accidental 
discovery of the signal with which they intended to cause the shuttle to fail and 
destroy itself. 


Technological Surprise and a New Hiroshima 


Sadly, the bureaucratic smugness of orthodox Western scientists has materially 
assisted the Soviet deception process. Most Western managerial scientists - 
particularly in weapons development activities — have continued to view the 
Soviets as ignorant peasants, still trying to clean the mud off their boots. This 
view, of course, is totally untrue and unwarranted. 


It takes only a few examples to refute this attitude. In nonlinear mathematics, 
engineering and science, the Soviets have led their Western counterparts since 
the beginning. The electromagnetic pulse (EMP) effect of a nuclear explosion 
appeared in the ordinary Soviet scientific literature before Western scientists 
were even aware that the effect existed. The Soviets continue to lead the world 
in explosive welding, titanium forming and welding, etc. While the Soviet 
scientists exhibit little inclination to build good washing machines, they 
certainly do produce state-of-the-art technology — and beyond — in any area in 
which they focus their main efforts. (We do lead the Soviets in some areas such 
as computers, computer software, miniaturization, etc.) 


Once before, a modern nation - the United States - developed a mighty weapon 
in secrecy and used it to force a powerful foe - Japan — to its knees. The 
mindbending atomic blows to Hiroshima, and shortly after to Nagasaki, showed 
once and for all that in the modern age technological surprise can prove instantly 
disastrous. Yet in our scientific arrogance, we have assumed that no one else 
will ever do such a thing. We have assumed that it certainly could never happen 
to us, and that the "secret weapon" scenario will never be repeated. On the 
contrary, it has happened again, someone else has done it, and it has happened to 
us. 


It has also become fashionable in the West to believe that all the laws of physics 
are already discovered. We assume we already know all of them. While we have 
been pridefully crowing this tune, the Soviets have been steadily discovering 
new laws in secret, as well as new ways to circumvent the old laws. 


We Have Given Up Defense in the Larger Sense 


Meanwhile, to defend ourselves strategically, we have chosen to forego 
"defense" and rely almost totally on building a powerful strategic offense that is 
capable (we think!) of destroying our would-be enemies anywhere in the world. 
Our offensive striking power is based mostly on a triad of deterrent forces - 
land-based ballistic missiles, submarine-launched ballistic missiles, and strategic 
bombers. The cruise missile is presently being added to the triad. If this 4-part 
offense were nullified or destroyed by Soviet secret weapons, we would be 
powerless to prevent our own destruction and Soviet domination of the world. 





We have been viewing ourselves as Samson, confident in the strength of our 
locks. 


Yet literally our locks have been secretly shorn and the Philistines are already 
upon us. Indeed, Soviet energetics weapons are now capable of destroying our 
triad shield, our homeland, our armed forces in the field, and our population, 
quickly and efficiently. We have a new "gap" of monumental proportions: not a 
missile gap, not a submarine or bomber gap, and not even a particle beam or 
laser gap. We have a scalar electromagnetics or electrogravitation gap. 





In this briefing, it is my purpose to show a portion of the Soviet weapons 
developments that have lead me to such dire conclusions. The Fer-de-Lance 
briefing is also an attempt to galvanize our leaders and scientists into action, for 
our present total vulnerability to the Soviet Fer-de-Lance weapons is intolerable 
and unacceptable. 


Unless we achieve defenses — and quickly — our own demise in a fashion similar 
to the Hiroshima-Nagasaki scenario is inevitable and imminent. 
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Slide 001: Characterization 


We point out at the beginning that this briefing and its interpretation are the 
result of 22 years of analysis and effort by a single analyst. It is entirely 
unofficial. It is not approved or disapproved by any corporation, company, or 
government agency. It has been prepared by this analyst at nights, on weekends, 
on holidays, and during off-duty time. 


It has been prepared mostly at personal expense, though several grants and 
support have been received from R. J. Reynolds II, Peter Kelly, Mike Bearden, 
Interdimensional Sciences, Association of Distinguished American Scientists, 
and others. Very valuable assistance has been received from the U.S. 
Psychotronics Association and the Planetary Association for Clean Energy. 
These contributions are deeply appreciated and most gratefully acknowledged. 


Graphics and artwork support by Hal Crawford, Margaret Wilson, Tommy 
Neumann, Ron Cole, and Lee Giles has been invaluable. My sincere thanks go 
to these artists who have made the presentation vivid and imaginative. A great 
deal of background support was given by Joe Gambill, Frank Golden, Tom 
Herold, Ken Moore, Pete Kelly, Eike Mueller and Mel Bartlett and is deeply 
appreciated. 


Finally, the help of many other persons and colleagues too numerous to 
enumerateisalso gratefully acknowledged. 





If the U.S. bureaucracy ever moves and develops defenses against scalar EM 
weapons, it will largely be due to the support of the persons and organizations 
who have freely given of their talents and resources to further this effort. 


OUTLIHE 


* THREE VIEWS OF ELECTROMAGNETICS 
e EXTENDED AHARONOV-BOHM EFFECT 
*« SCALAR ELECTROMAGENTICS 
* KILL/DAMAGE MECHANISMS 
* VULNERABILITY 

o ELECTRONICS 

a PERSONNEL 

o EQUIPMENT 

om MATERIAL 
* SUMMARY 


Slide 002: Outline 


This presentation does not attempt to cover the complete field of energetics 
weapons developed by the Soviet Union. Instead, it concentrates on the major 
areas necessary to understand the type of weapons likely to be unleashed on our 
strategicand tactical installations and our troops and their equipment. It does not 
attempt to present the frightful bio-electromagnetic weapons the Soviets have 
developed to be unleashed on our populace at large and on our troops in the 
field. Also, the briefing does not dwell on the historical progression, but on the 
types of weapons themselves. 


Of necessity, it presents several shortcomings in classical EM, and presents 
three differing views of electromagnetics and what can be done with them. The 
briefing particularly stresses the Aharanov-Bohm (AB) effect. This mesoscopic 
effect, which produces action at a distance by pure EM flux and not EM force 
fields, has been extended by the Soviet weapons developers into the 
macroscopic world around us. 


In addition, we develop the basic concepts of scalar electromagnetics and how 
electrogravitation is achieved. The basic concepts of scalar interferometry and 
scalar resonance are briefly advanced, and a few of the major kill and damage 
mechanisms are presented. The nearly total vulnerability of our present 
electronicequipment, personnel,communications, vehicles, aircraft, ships, 
missiles, submarines, nuclear weapons, and materiel is stressed. 


Finally, a short summary is given to highlight the main points of the briefing. 
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ELEMENTS OF THE EMERGING THEORY 
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Slide 003: Elements of the Emerging Theory 


Specifically, we will point out some flaws in vector mathematics itself, 
particularly with the concept of the zero force vector. The zero force vector is a 
system of forces that sum to a zero resultant. Hence the components of the 
summation represent a patterned stress in the medium to which they are applied, 
or in which they are imbedded. This includes the vacuum (spacetime) medium. 
In classical electromagnetics, this vacuum stress due to a zero-vector summation 
of EM force fields has been totally omitted and ignored. 


As such, the EM "zero" force-vector summation produces a "trapped internal 
EM flux and flux pattern, without resultant (external) force field" condition - 
precisely as does the Aharonov-Bohm effect. The components of the artificially 
zeroed system, however, can be transmitted and still maintain their special 
relationship and coherence. While the AB effect has been shown to hold for the 
mesoscale (a few thousands of angstroms), the zero-vector scalar EM effect can 
hold for hundreds of thousands of kilometers. 


To provide a unified electrogravitation, we adapt Kaluza-Klein 5-dimensional 
gravitational concepts to the idea of the zero-vector stress system in vacuum- 
spacetime. We also point out how simultaneously varying the magnitudes of the 
force components of a stress, all in phase, produces a stress wave or scalar EM 
wave. Scalar waves are almost always absorbed and emitted by the nucleus of 
the atom, not by the electrons in orbit. 


The relationship of mass and vacuum, and the constitution of the vacuum, are 
pointed out from the viewpoint of modern quantum mechanics. 
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How a scalar wave resonance differs from conventional EM resonance is 
developed briefly. Mass and inertia are the direct result of - and are - trapped 
scalar resonance. The trapping mechanism is the spin of the particle. 


Severely limiting assumptions in ordinary general relativity (OGR) are pointed 
out. In OGR, it is assumed that the local frame is always a Lorentz frame, and 
never curved. In other words, local spacetime is always assumed to be flat. This 
saves the conservation laws, simplifies relativity, and reduces "general" 
relativity to special relativity with distant perturbations and curvatures. 





By removing this ad hoc assumption, a much richer local general relativity 
results. This local general relativity is readily engineered. Note that, in OGR, the 
physicist has actually assumed that he can never "engineer" local general 
relativity! Indeed, with the scalar EM approach, he can easily do so, in 
contradiction to what is taught in all Western universities. 





By engineering a local general relativity (LGR), the individual conservation 
laws can be violated locally. This includes the conservation of 
energy/momentum, and the conservation of charge, for example. 








The major implication of this startling new engineering physics is that one can 
engineer physical reality itself. For example, elements can be transmuted with 

minuscule energy input, free energy devices are possible, action at a distance is 
possible, communication faster than light speed is possible, etc. 


By using the zero-vector approach, the virtual state can be organized and made 
largely deterministic, rather than statistical. This means that the probabilities of 
the states propagated forward by the Schroedinger equation can be engineered 
and changed. Whether or not a certain quantum change shall emerge or not can 
be determined or substantially influenced in advance. Bohm's hidden variable 
theory now becomes directly engineerable. This is a drastic change to quantum 
mechanics and physics in general. 





Another implication is that this is the final engineering, for it allows the direct 
engineering of physical reality itself. Humans must now find a way to resolve 
their differences peacefully, or shortly Man will destroy himself and his 


biosphere by his own hand. 
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J KINDS OF ELECTROMAGHETICS 
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Slide 004: Three Kinds of Electromagnetics 


There are actually three kinds - or three views - of EM. These are (1) the 
classical view, (2) the quantum mechanical view, and (3) the scalar EM or 
electrogravitational view. 


In the classical view, the potentials are just mathematical conveniences and do 
not physically exist. The real causative agents are the force fields, and there is 
no longer any electromagnetics going on if the force fields reduce to zero. 
Further, the ideas of "charge" and "charged mass" have been made erroneously 
synonymous. 


Of course the classical view was formed from the idea of a thin material ether, 
with electricity as a thin fluid, long before the discovery of the electron. Since 
most earlier scientists studied string waves and these are transverse, the EM 
wave was modeled as a transverse wave. Also, detection equipment actually 
detected transverse waves. The role of electron spin and drift velocity, which 
would have shown that force-field-causing EM waves in the vacuum could only 
be longitudinal, was not yet discovered. Maxwell's equations and the classical 
approach became so engrained that the basic derivations were never corrected 
for more modern discoveries. 


The quantum mechanical view, on the other hand, regards the potentials as the 
real physical actants, and the force fields are just effects derived from the 
potentials by differentiating operators. Classically oriented physicists have 
adamantly opposed this foundations requirement of QM because it would 
require nearly a complete redo of EM theory. It would also rather drastically 
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change our ideas of physical reality. For years a controversy has raged around 
the Aharonov-Bohm effect (which demonstrates the reality of the potentials, 
among other things). Only this year - 1986 - have most physicists finally 
accepted the AB effect with its implications (see Physics Today, Jan. 86). 
However, no changes have yet been made to EM theory and the basic classical 
approach to electrical physics and engineering. 


Yet even the QM view is flawed, since it has not examined the structure of EM 
forces which sum to a vector zero. Such a system produces stress, and if the 
summation is in the vacuum itself, it produces stress of vacuum/spacetime. 
Rigorously, this is a gravitational effect, and the energies of the various EM 
components in the local region are locked into an artificial potential. From 
general relativity, this type of potential where the energy density of vacuum is 
altered is a gravitational potential. From Kaluza-Klein unified theory, it is at 
least a 5-dimensional gravitational potential. 








If the individual force vector components of the vector zero are varying in 
magnitude - say, all in phase - then they produce a gravitational wave. The 
energy density of the local vacuum is being rhythmically varied. Call such an 
EM wave a scalar EM wave, where, by "scalar" we imply that, to an external 
observer, the EM force vector resultants are identically zero, but the local 
gravitational potential of the wave is varying. Thus this is an electrogravitational 
wave, and vector zeroing of EM force fields constitutes a means of changing 
EM field energy into G-field energy. On the other hand, by breaking up the 
coherence of the zero-vector summation of the EM forces, nonzero EM 
resultants are recovered, constituting the change of gravitational energy into EM 
energy. 


A simple means to break zero-summed coherence is by interference of two or 
more such zero-vector waves. 


In this, third view of EM, action at a distance is easily possible, and is the norm 
rather than the exception. In addition, a new kind of resonance - scalar 
resonance - exists. The scalar EM wave does not interact with orbital electrons, 
but rather with the interior of the nuclei of atoms. Thus the new scalar EM 
resonance is between nuclei and within nuclei. 


HOHM-AHAROHOD EFFECT 


* IN FIELD-FREE REGIONS 
1B E-FIELDIS ZERO 
@ B-FIELD IS ZERO 
* POTENTIALS STILL EXIST 
@ CAUSE REAL EFFECTS 
m INTERFERENCE IS KEY 
CONTAIN SUM-ZEROED SUBSTRUCTURE 
* DOES NOT FOLLOW FROM 
@ MECHANICS 
© CLASSICAL ELECTROMAGNETICS 
* REQUIRED BY QUANTUM 
ELECTRODYNAMICS 


Slide 005: Bohm-Aharonov Effect 


In 1959, Aharonov and Bohm published a fundamental paper in Physical 
Review, which pointed out the QM implications of potentials as the real entities, 
while force fields were derived effects. They showed that, even in the presence 
of zero EM force fields, the potentials may still exist and produce real effects in 
physical systems. They also suggested experiments to prove these predictions. 


Interference of the potentials is the key mechanism producing real effects in 
charged particle systems, even in the presence of zero E-field and zero B-field. 
Unfortunately the AB paper did not address the issue of zero-summed systems 
of EM force fields as one way of producing artificial potentials having unique 
characteristics 


At any rate, the "AB effect," as it came to be called, was rather hotly resisted 
and debated over the years, until finally it has generally been accepted as proven 
in 1986. The principle represents a violation of both classical mechanics and 
classical electromagnetics. It is required, however, by quantum mechanics and 
quantum electrodynamics. And experiment has proved it. 


(See Y. Aharonov and D. Bohm, "Significance of Electromagnetic Potentials in 
the Quantum Theory," Physical Review, Second Series, 115(3), Aug. 1, 1959, p 
485-491.). 
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Slide 006: A-Field is Real 


In classical EM, the vector magnetic potential (the A-field) had been defined as 
a mathematical convenience by the equation 


VxA=B [lj 


But if the potentials are real, then conceivably the A field can be loosed from its 
enchainment to the Vx operator. In that case, it becomes a free, new, and 
independent field of nature with potentially unique characteristics. For example, 
its defining equation shows that magnetic force field can be made from it, and 
the rightmost term of the equation 


E =-V@ -dA/dt [2] 
shows that its time rate of change makes an electric field. 


Let us explain this in more simple terms, and somewhat more precisely than 
conventional theory. We will use the Kaluza unified G-EM interpretation and 
electron flow in our explanation. 


In the A-field, we have a certain kind of 5-dimensional G-potential which can 
bleed-off as EM force fields in two ways: (1) in a swirl fashion, where the 
vortex producing the swirl moves parallel to electron movement, and the 
swirling is a torque or spin, and (2) in a linear fashion, where the time rate of 
change of the A-potential produces a linear E-field on the electrons. 
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The first bleed-off as given by equation [1] constitutes the magnetic B-field, and 
the second bleed-off as given by the rightmost term of equation [2] creates a 
component of the overall electrical E-field. (Bleed-off of the electrostatic scalar 
potential produces the other component of the E-field). 


Now in general relativity (GR) theory, "the" G-potential is just a conglomerate 
of many things, each of which has the characteristic of curving spacetime. "The" 
gravitational field is not a single thing at all, but is composed of a collection of 
many things. 


Thus if we realize that both the electrostatic scalar potential (@-field) and the 
magnetic vector potential (A-field) are components of the 5-d G-potential, then 
we see immediately that bleed-off of these two components of the 5-d G- 
potential creates all normal EM force fields. 


It follows that, if we produce a zero-vector summation of the two or more EM 
bleed-offs, we are actually "putting as much back in" to the 5-d G-potential 
through its A and @ components as we are taking out electromagnetically. In 
that case, the 5-potential is in a state of equilibrium with respect to EM bleed- 
off. It is now forced to bleed-off in the only other way it can: as ordinary 4- 
dimensional gravitational field. Thus by vector-zeroing EM force fields, we turn 
EM field energy into G-field energy and vice versa, via the intermediary of the 
5-potential. 


At any rate, soon after publication of the Aharonov-Bohm paper, experiments 
showed that, if the magnetic field is trapped inside a long solenoid, a phase shift 
still is induced in the two-slit electron experiment, even though - classically - 
no contact of the enclosed magnetic field and the moving electrons occurs. This 
phase shift is explained by the fact that the freed A-field exists outside the 
trapping solenoid, even though the B-field does not. Consequently, interaction 
of this free A-field with the electrons produces a phase shift of the QM 
interference detection pattern. 


This proves that A-field is real and causes physical effects. 


It also proves that a form of action at a distance is real, just as required by 
quantum mechanics. 


Years ago, Frank Golden and this author - together with Dr. William Tiller - 
experimented with "free A-field" devices. Golden went on to develop prototype 
transmitters and receivers and a prototype underwater communication system. 


Since that time, Gelinas has patented several curl-free magnetic vector potential 
(free A-field) devices: see U.S. patent no. 4,447,779, May 8, 1984; 4,429,288. 
Jan. 31, 1984; 4,429,280, Jan. 31, 1984; and 4,432,098, Feb. 14, 1984. These 
patents are assigned to Honeywell. 


(See also Theodor Kaluza, Sitz. Berlin Preuss, Adad. Wiss. 966, 1921.). 


QUAKTUM HOH-LOCALITY 


“The non-local aspect of quantum 

systems is... a general property of nature, 
and not just a freak situation manufactured 
in the laboratory.” 


PAUL DAVIES, SUPERFORCE 
1984 (PAGE 48) 


Slide 007: Quantum Non-Locality 


Indeed, quantum systems exhibit nonlocal effects that are general properties of 
nature. These effects are not just freak situations manufactured in subtle 
laboratory experiments. 


However, if spatial coherence in such microscopic effects can be induced and 
sustained, then action-at-a-distance can be obtained in large macroscopic 
systems. This is the engineering aspect of the scalar EM approach. 


It is also the aspect that the Soviets have secretly weaponized for over three 
decades. 


The zero-vector EM force-field summation of multiple EM waves is used to 
transport specific time-phased patterns of EM polarization of vacuum to a 
distance. There interference of two or more such patterns results in the 
interference of the internal patterns, breaking of the phase relations, and 
appearance of positive (added) or negative (extracted) EM energy in the 
intersection region. 
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VECTOR MATHEMATICS HAS A FURDAMENTAL PROBLEM 


IN ITS AXIOM FOR THE ZERO VECTOR, 
VECTOR ANALYSIS DISCARDS ZERO VECTOR 
SUMMATIONS OF ACTIVE SYSTEMS 

OF VECTORS. 


VECTOR ZERO 1S MADE THE ABSENCE 
OF ALL VECTORS 


(IT CAN ALSO BE THE PRESENCE OF REAL 
VECTORS WHOSE VECTOR SUMIS 03.) 


Slide 008: Vector Mathematics has a Fundamental Problem 


In its concept of the zero vector, vector mathematics discards zero-vector 
summations of active systems of vectors. It replaces such a summation with a 
zero vector. This is fine for mathematics as an abstract system, but it is in error 
when applied to real electromagnetic force fields of nature. 


In the abstract mathematics, a vector zero summation is made the "absence of all 
finite vectors". Further, all vector zeros are made equal. No concept of the 
"internal stress" of the zero vector exists in abstract vector mathematics. 


However, physically the zero summation or "balancing" of vector forces in a 
medium represents stress in that medium. In the physical case, a vector zero 

summation system of non-zero vectors has a dynamic substructure, and this 

substructure is an individual. 


Obviously, in the physical case vector zero summations may materially differ, 
both in the pattern of stress and the magnitude of stress. They cannot all be 
equated. Further, they are not the absence of vectors, but represent the presence 
of vectors in a special manner. Such a zero summation of EM vector forces 
directly stresses the "medium" - which may be the vacuum itself. 


In the physical case, several changes to the axioms of abstract vector 
mathematics are required. (1) the "potential" of a vector zero must be taken into 
account, such as is represented by the sum of the squares of the magnitudes of 
its vector components. (2) the specific deterministic pattern of the vector 
components comprising the zero must be taken into account. (3) The dynamic 
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variation in both the deterministic directions and deterministic magnitudes of the 
components and of the overall pattern must be taken into account. (4) 
Frequencies of the changes in the direction, magnitude, and actual makeup of 
the vector zero must now be accounted for. That is, time and wavelengths are 
rigorously aspects of the vector zero, and these may be deterministic variables. 
Since time itself is now a variable aspect of the vector, the vector zero system 
can affect its "rate of time flow" in the observer's system. (5) Since a "reference 
vector zero" can be established at any point of a vector magnitude, then 
individual vectors themselves may have dynamic substructures inside a special 
"zero reference" in and on the vector. The patterned potential of a vector is a 
reality. 


This leads to a system of "vectors nested inside vectors" ad infinitum. In other 
words, it leads to an infinite-dimensional system, and the "opening" of every 
finite closed vector system through its vector zeroes. 





For application to physical electrogravitational systems, at least 5 dimensions 
are required, four of space and one of time. 


Here we still are considering only a special case where all vector zero 
summations represent EM force field energy locked in a gravitational potential, 
or gravitational force field energy locked inside the EM potentials. That is, we 
are prescribing a system where the only intertranslation of energy is among 
mass, EM field, gravitational field, and vacuum virtual energy (anenergy). 


(See T. E. Bearden Toward a New Electromagnetics: Part III: Clarifying the 
Vector Concept, Cheniere Press, Santa Barbara, Ca. www.cheniere.org, 1983; 


Part 4: Vectors and Mechanisms Clarified, 1983. See also E. T. Whittaker, Proc. 
Lond. Math. Soc. 1, 367, 1903; Robert Bruce Lindsay and Henry Margenau, 
Foundations of Physics, Dover, New York, 1963, p. 283-287; Richard P. 
Feynman et al, The Feynman Lectures on Physics, Addison-Wesley, New York, 
Vol. I, p.2-4.). 





THE 2ERO-DECTOR ARIOM 


¢“ THERE IS A UNIQUE VECTOR, 0, INV 
(THE VECTOR SPACE) 
SUCH THAT 
V+0=0+V”" 
0; = Oj 


¢ THIS MAKES ALL O; EQUAL BY ASSUMPTION, 
SINCE THERE IS ASSUMED TO BE ONLY 
A SINGLE TYPE O WITHOUT REAL 
COMPONENTS 


Slide 009: The Zero-Vector Axiom 


This slide shows a standard mathematical statement of the zero-vector axiom, 
used in many texts. 


As can be seen, all zero-vectors are made identical, and no substructure is 
considered. 


Such an abstract system of vector mathematics does not fit physical reality. 
However, when all one's EM foundations concepts are strongly conditioned in 
this fashion, the gravitational aspects of EM are discarded. 


Further, EM theory, experiments, and equipments will be developed along these 
limiting lines. In that case, EM engineering of gravitational effects will not be 
developed. One will assume that it is impossible to have a locally curved 
spacetime, and hence all local frames will be Lorentz frames. Therefore the 
conservation laws will rigorously apply. 


Further, the nonlocal quantum effects will stay firmly in the microscopic world 
where they belong. Physical macro-reality will stay stable and predictable in a 
classical manner. 


General relativity (in curved spacetimes) will be restricted to the special case of 
the local special relativistic (uncurved) spacetime, with only distant 
perturbations (spacetime curvatures). 


The world will stay sane and "normal", and the totally variable insanity of 
physical reality will remain bottled up in the minute microworld or the distant 
maelstrom of suns, stars, black holes, etc. 


The Aharonov-Bohm heresy will stay kaput in the real world and will not be 
unleashed beyond mesoscopic reality — a few thousand angstroms or so. 


With such an error in the application of vector mathematics to physical science, 
we become "flatland physicists," so to speak. We become like skimmer bugs on 
the surface of a pond; we have no appreciation of the dynamics of the depths 
below or of the heavens above. 


Worse, we condition our development of instruments according to the fixed 
notions in our heads. Then we use these "biased" instruments to do experiments 
that reaffirm our notions. Any deviation suggested to this is considered heresy 
and nonsense. 


And as Max Planck once pointed out, you will get a new physics only when the 
old physicists — who so adamantly oppose it — die off. 


ARE THESE SYSTEMS EQUAL? 
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Slide 010: Are These Systems Equal? 


Shown here are some representations of various very simple zero-vector 
systems. As can be seen, the stress magnitudes and the spin and dynamics of all 
of these systems are very different. 


Further, their "stress potential" substructures are not composed of a huge 
collection of little random force vectors. Instead, their substructures are 
deterministic. If the components being put into the zeros are varied in direction 
and magnitude, but always sum to a zero resultant, then highly complex 
substructure dynamics may be created and utilized, infolded (Bohm's term) 
inside the zero vector. 


In theory one can establish "channels" of communication and power 
(magnitude) transmission without ever surfacing a nonzero EM force field. In 
practice one can do this with very little EM spillout. Thus one can establish 
electrogravitational channels and energy transmission inside normal EM 
potentials and/or ordinary EM carrier waves. 





One can use a conventional system of EM potentials, force fields, and waves as 
a special kind of "wiring circuit" in and through which to transmit and produce 
electrogravitational effects. By distant interference, EM effects at a great 
distance can be accomplished, yet no "ordinary EM energy" has passed between 
the transmitters and the distant interference zone. 
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INFOLDED SYSTEMS ARE ERCLUDED BY PHYSICS 


DYNAMIC ZERO-VECTOR SYSTEMS ARE 

NOT CONSIDERED IN ORDINARY GENERAL 
RELATIVITY, CLASSICAL ELECTROMAGNETICS, 
OR QUANTUM MECHANICS. 


Slide 011: Infolded Systems are Excluded by Physics 


Unfortunately, these infolded dynamic zero-vector systems have been 
eliminated from physics. 


They are omitted in classical EM, ordinary general relativity (OGR), and 
quantum mechanics. 


That is, they have been omitted in Western physics. 


They have not been omitted in secret Soviet weapons labs and weapons 
development programs. 
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KALUZA GEOMETRY 


* THEORDOR KALUZA, POLISH PHYSICIST 


+ UNIFIED THEORY OF ELECTROMAGNETICS 


AND GRAVITY (1921) 
m 5- DIMENSIONAL SPACETIME 
@ 5-DIMENSIONAL GRAVITY FIELD 
@ ELECTROMAGNETISM IS THAT PART THAT 
OPERATES IN THE FIFTH DIMENSION 


Slide 012: Kaluza Geometry 

In 1921, Theordor Kaluza, a Polish physicist, published a unified theory of 
electromagnetics and gravitation. Albert Einstein, who had had the paper for two 
years, recommended his paper for publication. In that theory, five dimensions - 
four space and one time - are utilized in the basic model. This gives a 5- 
dimensional spacetime. 


In the model, electromagnetics and ordinary gravity are two aspects of a single 
more fundamental field: the 5-space gravity field. Electromagnetism is that part 
of the 5-field that operates (bleeds-off) in the fifth dimension. 


The ordinary 4-space G-field is the small residue that spills over into our 
ordinary 4-space, and doesn't slide around into the fifth dimension and bleed-off 
there as electromagnetics. 


Implicit in the theory, but not explicitly stated, is the fact that the 5-space G- 
potential bleeds-off in two fashions: (1) in the 5th dimension nearly unopposed, 
to produce what we see as EM force fields, and (2) in the ordinary 4-space we 
live in, which we see as ordinary gravitational field. 


Normally almost all the force field bleed-off is in the fifth dimension as EM; 
only a minuscule bit bleeds off as 4-gravity. 


Just as one example, between two electrons the 5-space G-potential bleeds-off 
into electric force field about 10” times as much as it bleeds-off into 4-space G- 
field. 


A POTERTIAL 1S A CHANGE 1H THE STRESS OF VACUUM 


bye SPACETIME CURVATURE 





Slide 013: A Potential is a Change in the Stress of Vacuum 


In physics, the idea of a "potential" is very poorly defined, if at all. The normal 
"definition" for the electrostatic scalar potential, for example, is not a definition 
at all. Instead, it's an abstract operation that tells how to mathematically 
calculate the magnitude of the potential, by pushing a unit charge in from 
infinity, against the potential field. 


Now ultimately a definition must be an identity statement, not an operational 
statement about something. 


Since I could find hardly anyone who actually understood what a potential was, 
and how or of what it was composed, I simply took quantum mechanics at face 
value and constructed this model. 


First, the modern view of the vacuum is that it is not an emptiness, but a plenum. 
It's teeming with an incredible amount ofraw energy, existing totally as the 
temporary bits of energy of virtual particles. That is, the vacuum "energy" exists 
as the nonintegrated energies of little particles which appear from nothing fare 
spontaneously created) and disappear into nothing (are spontaneously 
annihilated) almost instantly. This happens so fast that the little particle and its 
energy cannot individually be detected; it doesn't hang around long enough. 


Hence the fleeting little booger is called a "virtual" particle. Like, "We had 'im 
there man, for just a moment, but he was gone before we could grab 'im!" 
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This kind of ghostly particle, however, is very real in modern physics. All 
observable forces are theorized to be due to the integration or collection of a 
large number of virtual forces created by exchange of these little particles. 


However, this implies a peculiar thing about the vacuum "energy." Actually it's 
vacuum energies, for each little bit of energy only exists momentarily, then 
returns to the nothingness from which it came. That is, vacuum virtual energies 
are totally unintegrated. Each "bit" of virtual energy exists individually. These 
virtual energies cannot be "added up" to compute the "available energy" unless 
some collector or integrating mechanism puts them together. 


That is, unless some kind of "zipper" is there to "zip them together" into 
macroscopic, observable energy. The usual "zipper" is a spinning, observable 
particle of mass. We say that the vacuum energy is unzipped and hence 
unobservable in that state. We say that "observable energy" is just zipped- 
together vacuum energies - integrated by and on a spinning, observable particle 
of mass. 


So the vacuum can be visualized as a special sort of violent, unzipped plasma, 
where the particles of the plasma are fleeting and do not last. We can speak of it 
also as a sort of special unzipped gas, in the same manner. 


The "pressure" of the vacuum gas we refer to as "stress." Due to its violent 
boiling activity, the vacuum gas is always under very high stress. 


This "stressed virtual plasma" identically IS the vacuum and identically IS 
spacetime. Length, time, frame, mass, etc. - all arise by zipping operations (or 
understood zipping operations) in and of this raw vacuum/spacetime. When one 
uses the vacuum notion in this manner, one now uses the term "ether" again. 
However, this is not the old "thin material ether that hangs around"; this is an 
entirely new kind. It's a virtual flux and a virtual plasma. 


The ether is also what we call "spacetime" in relativity. As can be seen, 
spacetime is stressed. Further, spacetime has a substructure. 


By an uncurved spacetime, we mean one in which the stress of these virtual 
particles (the "pressure in the ethereal gas," so to speak) is constant from one 
place to another and from one time to another. Indeed, we also should mean that 
the stresses of the individual components of the entire plasma are constant from 
one place to another and from one time to another. 


By definition, when we determine the lengths between every two points, we 
determine a frame. (Actually, we have prescribed a universal "length zipping" 
operation/mechanism as well as its characteristics.). A "linear frame" or 

"Lorentz frame" is one in which the pressure or stress remains constant. It may 
be higher than ambient vacuum, however, due to a particle's or an object's 
motion through the observer's ether. In the case of constant velocity, the 
particle/object encounters a higher level of virtual particle flux in the observer's 
ether, like a vehicle moving through raindrops. It encounters a constant rate of 
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flux, however. In such constant velocity case, the moving object's frame is said 
to be "rotated," but not curved, with respect to the laboratory frame of the 
observer. 


In a "curved" spacetime, we mean one in which the stress of vacuum increases 
or decreases from one place to another, or from one time to another, or both. At 
one fixed location, if spacetime is curved, then the stress is increasing or 
decreasing as a function of time. That is, the flux density of that area is 
changing. We may visualize the local frame as undergoing angular acceleration, 
rotating more or rotating less. This is a non-Lorentz frame, or curved spacetime. 
It is also a nonlinear vacuum. 


In such a vacuum, local gradients exist in the flux of virtual particles. If affected 
by (coupled to) one or more of these gradients by a nonzero coefficient, a local 
object experiences effects (forces and actions) "without observable cause." 

Observably, conservation laws may be locally violated by these "virtual rivers' 
of vacuum by coupling, just as a paddlewheel dipped in a river violates its own 
local "conservation of energy" due to the river providing an energy source to it. 


1 


One must be very careful with the "pressure" analogy, however, when one 
utilizes unified theory (Kaluza theory). We now have a virtual plasma vacuum 
in five dimensions, not four. But the basic notions to enable our visualization 
and understanding still apply. 
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Slide 014: Type of Potential Depends on the Particle(s) 


Now one can see that, by choosing the type or class of virtual particle, and 
looking at its potential or stress in the vacuum, one can have many kinds of 
"potentials" existing in the overall "gravitational potential" of vacuum 
spacetime. 


For example, the stress of the virtual photon flux (which is what causes 
electrical charge) is called "electrostatic scalar potential."* 


We can choose any other class of virtual particle we wish, and there exists a 
potential (and "change") for it. There are quark potentials, neutrinic potentials, 
etc. 


Indeed, one of the reasons for ignoring Kaluza unified theory for so long was 
that it predicts a great many types of potentials and fields which have never been 
observed and which are unknown. Approximations, which neglected all these 
mysterious, and unknown fields, gave erroneous results. Perplexed physicists, 
seeking to simplify matters, simply turned away from it in frustration. They 
returned to it in the mid-70's when it appeared that 1 1-dimensional Kaluza-Klein 
theory possibly offered a complete unified theory. 


Actually, the diversity of new fields in Kaluza theory was its strength not its 
weakness. That they are presently unobservable and undetectable is beside the 
point. Neither is time directly observable; however, we have worked out handy 
procedures and measurements of spatial quantities, which allow us to infer time. 
We have not just tried to drop it from physics! 
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And indeed the Kaluza theory is consistent with experiment when the higher 
fields are included. The message is, we must work out "clocks" for these new 
potentials and fields, so that they can be inferred with at least some degree of 
precision 


e The character of movement also determines the type of potential. The 
longitudinal (radial) movement of the virtual photon flux is implied in 
electrostatic scalar potential. The swirl (tangential) component of this flux 
might be taken as the magnetostatic scalar potential - a magnetic pole - 
when the cw and ccw components of the swirl balance, but the sum of their 
absolute values differs from the sum of the absolute values of the 
corresponding tangential components in the swirl flux of the local ambient 
vacuum. If this swirl stress is higher than the vacuum swirl stress, this 
constitutes a north magnetic pole. If lower, it constitutes a south magnetic 
pole. If there is a prevalence of direction (cw or ccw) in the swirl (i.e., one 
component exceeds the other), this corresponds to the magnetic vector 
potential (the A-field) when the A-field is freed from the magnetic force 
field (B-field) — i.e., when A-field is freed from its Vx operator in the 
equation VxA = B. The bleed-off of the excess swirl stress from the north 


magnetic pole to the deficient swirl stress of the south magnetic pole 
constitutes the magnetic force field, B — usually referred to simply as the 
"magnetic field." 
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Slide 015: A Potential Extends to Infinity & Involves the 
Entire Universe 

As shown on this slide, the change in the stress of vacuum due to a potential 
tapers off to infinity. Its magnitude normally does not reduce to zero until 
infinity. 

Some types of potentials reduce much faster or slower than others, however, and 


so - at some distance away from a common origin of the potentials, one or more 
may be neglected in its (their) overall effects on an experiment or system. 


Also, the speed of propagation of potential is highly dependent upon (1) what 
type of virtual particle or particles produce its stress, (2) its magnitude, (3) its 
composition, and (4) the presence or absence of coupling objects and other 
interacting potentials. 


Fundamental observable particles are like little spray pumps and little vacuum 
cleaners at the same time. 


Each is emitting virtual particles into the vacuum in a spray or flux, and at the 
same time it is absorbing virtual particles from the vacuum spray or flux. It's a 
little dynamo, and nature furnishes its driving energy unceasingly. 





However, each little virtual particle it emits is itself such a little simultaneous 
pump and vacuum cleaner. That is, it's also emitting an even finer (and faster) 
flux of smaller virtual particles, and at the same time it's also absorbing flux al 
this time finer level. 


"Bigger fleas have smaller fleas to bite em; 
And so on ad infinitum". 


We may consider the vacuum to be made of an infinite number of virtual state 
layers or levels. 


It is not too difficult to show that each of these successively deeper, nested 
"layers" of virtual state corresponds to a successively higher dimension being 
added to our 4-space basic spacetime. So hyperdimensions and deeper levels of 
virtual state are one and the same thing. 














The basic "speed" of the first layer is c, the speed of light. 
The basic "speed" of the second layer is c’. 
And so on. 


This is interesting. We may directly engineer the virtual state by means of the 
vector zero (scalar electromagnetics) approach. By nesting vector zeros inside 
other vector zeros, we may directly engineer the deeper layers of virtual state, 


and consequently hyperdimensions. 


Scalar electromagnetics thus is virtual state engineering and hyperspatial 
engineering at one and the same time. 


Superluminal communications systems, hyperspace drive, and materialization 
and dematerialization are all hypothetically possible, using scalar 
electromagnetics. As the technology develops, we should see the development 
of many of the systems long thought impossible except in science fiction. 
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Slide 016: A Natural Potential 


There are two broad categories of EM potentials, depending upon the way in 
which they are formed. 


The two categories of potential formation are: (1) natural, and (2) artificial. 


The difference is in the virtual particle flux substructure that comprises the 
potential. 


If the substructure of emerging and vanishing virtual particles is random and 
without deliberate order (polarization) except in one broad, overall sense, then 
that is a natural potential. As such, there is no deterministic functioning going on 
inside the substructure of the potential itself. The potential can only act "as a 
whole" on a charged particle system. 


Natural potentials have substructures of random virtual vector components. Any 
small amount of coherence as a function of distance vanishes quickly (on the 
order of a few thousand angstroms at most, according to present Aharonov- 
Bohm experiments). 
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Slide 017: An Artificial Potential 


An artificial potential by definition has a substructure composed of deterministic 
observable vector components, summed to an overall zero vector. Coherence as 
a function of distance can be maintained over enormous macroscopic distances - 
even hundreds of thousand of kilometers - by simultaneous transmission of the 

entire cluster of substructure components as a coherent "zero" group. 


To the conventional linear EM detector, at any point along its transmission path, 

this substructure is detected as a zero-E vector and a zero-H vector. Hence the 
conventional detector does not see the artificial potential, even if its "stress 

magnitude" (a function of the magnitudes of all summed components) changes. 


Action at a great distance is possible with this artificial potential, however, if a 
highly nonlinear situation is met so that the phasing of the components is broken 

or significantlyaltered. In that case, the components do not sum to zero after 
their dephasing, and real EM force fields emerge. This "dephasing" can be made 
to occur at the distant nonlinearity. 


Actionat a great distance is not possible with the natural potential, but is 
possiblewiththeartificial potential. 


Further, with the transmitted artificial potential, VO must be applied from the 
transmitter to the distant interruption zone, as if there were no intervening space 
between. 





Note that VO may be positive or negative. Thus energy may emerge at the 
distant disruption, or be extracted from there. In the first case, energy is input to 
the transmitter, to re-emerge at the distant dephasing zone. In the latter case, 
energy is extracted (disappears) from the distant dephasing zone and is received 
(reappears) back at the transmitter 
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Slide 018: Producing an Artificial Potential 


ANartificial potential is deterministically patterned spacetime stress, made by 
opposing E-fields and/or B-fields so that they sum to vector zeros in a special 
pattern. 


The resulting zero-summed envelope has no EM force field, to an external 
observer/detector. 


However, the infolded E-field and B-field vector components still exist and act. 
They may dynamically vary, so long as their summation is always kept to zero. 


The simplest variation is to vary all their magnitudes at once, by the same 
degree. In that case, each one comprises an "EM wave." However, the 
summations of this cluster or "locked group" of waves still exhibit a zero-E and 
zero-B field to any external observer/detector. In other-words, to an external 
observer, one now hasa varying wave of pure spatiotemporal stress, but one that 
has a deterministic structure. This is a scalar EM wave, or electrogravitational 
wave. It is also an alternating current of specific scalar pattern. 





Varying the stress of spacetime locally, curves it locally. This violates the 
conventional assumption of restricted general relativity that local spacetime is 
uncurved (is a Lorentz frame). 


By use of scalar EM waves with deliberate substructures, one can engineer 
Bohm's "hidden variables" so that quantum mechanics becomes deterministic 


rather than statistical. This is a drastic change to the common (Bohr) 
interpretation of quantum mechanics. 


And Einstein's intuition that God does not play dice with the universe turns out 
to be correct after all. 


Since physicists haven't seen where the real game was being played, it has all 
seemed bewilderingly statistical to them. 


IF RO OBSERVABLE MASS FLOWS: 
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Slide 019: If No Observable Mass Flows: 


Since there are no observable mass particles flowing in vacuum, there are no 
observable force fields produced. Only virtual force fields can be produced in 
the virtual particle medium that is vacuum itself. 


Thus (here is no observable E-field in the vacuum surrounding a charged point. 
There is, however, a virtual E-field there. When an observable charged particle 
such as an electron is introduced in the surrounding vacuum and "couples to" 
(integrates, zips together) the virtual E-field, an observable E-vector force is 
produced on and of the observable charged particle. 


(For the classically trained electrical engineer or electrical physicist, the 
statementthat no E or B fields as such exist in vacuum, is usually bewildering. 
Let me point out that any so-called "vector field" (such as the assumed E and B 
vacuum fields) can mathematically be replaced with two scalar fields. See E. T. 
Whittaker, Proc. Lond. Math. Soc.1, 366, 1903. What we are saying here is that 
the definition of an E field is in terms of force per unit charged mass. The scalar 
fields - which are actually what exist in vacuum - provide only a virtual or 
unzipped E field, until an observable spinning particle couples to both of them 
by virtue of its "dynamo flux pump" action. The ensemble, then, of two 
electrostatic scalar potentials coupled to a spinning observable particle, 
constitutes andistheso-called"E-field.") 


When detecting these "vacuum E-fields," itis the free electrons in the electron 
gas inour probe or antenna which couple to the two "Whittaker scalar fields". 
These electrons produce ensembles that interact with each other collectively. 


Radio a galena FM 
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Charges in this electron-gas coupled medium is what we actually detect - not 
"what is in the vacuum." 


To repeat this again for emphasis: The usual detector is an "electron-wiggle" 
detector. It detects changes in its own conduction electron gas, not in the 
vacuum itself. That is, the disturbance in the virtual-particle vacuum interacts 
with the observable particles of the electron gas, if (and only if) the spins of 
these observable particles couple the vacuum disturbance to the electrons and 
integrate their virtual components. After integration, an observable disturbance 
of the integrating object - say, the electron - results. It is this electron gas 
disturbance that is "detected" by almost all orthodox EM detectors. 


If the spin of the observable conduction electrons cannot couple the electron to 
the vacuum flux disturbance, then the normal "simple" detector will not detect 
the disturbance. (By a "simple" detector we mean one in which the electrons are 
able to couple to the vacuum disturbance! Little circular definition here!) 





Now most potentials reach to infinity before reducing to zero. The change in the 
virtual particle flux intensity of vacuum - which comprises the potential - 
decreases with distance from the potential. The magnitude of the change tails oft’ 
toward zero as one approaches infinity. 


To any finite distance, then, there exists a decreased gradient in the change of 
the virtual flux intensity of vacuum, from a potential. Therefore virtual particles 
are flowing in the direction of the decrease of this gradient, just as gas molecules 
flow from a region of high pressure toward a region of lower pressure. 


So there is a virtual particle "river" in the vacuum between any two separated 
points of different potential magnitude. The type of potential determines the type 
of virtual particle(s) in the river. 


If the potential is natural, the gradient river does not carry any coherent 
substructure. 


If the potential is artificial, the gradient river carries the coherent substructure 
everywhere within it. In this case, there is a flow or "river" of the virtual 
structure of this coherent pattern in the vacuum between two separated points of 
different "potential" in that pattern. 


GRAVITATIONAL POTENTIAL: A CONGLOMERATE OF STRESS TYPES 


r~ SPACETIME QUaVATURE ae 


Lining 


PARTICLES 





Slide 020: Gravitational Potential: A Conglomerate of Stress 
Types 

Rigorously, all EM potentials are actually part of the overall 5-dimensional 
gravitational potential. 


There is no such thing as "the" singular gravitational potential: instead, it is a 
conglomerate of different stress types and patterns, each of which is named for 
the type of action that produces it. 


The movement of charged particles, for example, creates electromagnetic 
potentials. At any point in vacuum, the potential consists of a flux of virtual 
particles. 


The vacuum contains a great variety of particle fluxes. There are virtual photons, 
virtual electrons, virtual positrons, virtual protons, virtual pions, virtual 
neutrinos, etc. 


The conglomerate stress from all these virtual particle stresses constitutes the 
overall gravitational potential 





WHAT GRAVITATIONAL FIELD IS 
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Slide 021: What Gravitational Field Is 


As previously stated, there is no such single thing as "the" gravitational field, as 
is assumed in the Newtonian sense. 


G-field is a conglomerate of many component potentials and other entities. 
Rigorously, anything that "curves spacetime" is a gravitational field. 


In the modern view, all forces ultimately arise, by some means, from the curving 
of spacetime. Thus all forces and force fields are related to - and caused by, so 
to speak - gravitational field. 


If the vacuum stress is uniform from one place to another in an observer's frame 
then the observer's spacetime is uncurved. The observer's frame, is said to be 
linear or uncurved; or a Lorentz, frame. In such a situation the conservation laws 
rigorously apply for macroscopic, closed systems. 





If the vacuum stress is not uniform from one place to another, then the 
spacetime is curved. In such a situation the conservation laws may be violated 
for macroscopic systems, since they are "opened" to the vacuum stress, and 
vacuum virtual particle flux gradients exist across the system or portions of it. 


Note that the overall stress magnitude may be constant across a region, but its 
composition may change. That is, two or more components may vary 
canonically. In that case, the spacetime is uncurved in the gross external sense, 
but contains specialized "internal" curvature patterns locally. Depending upon 


reaction to the canonical infolded curvature patterns, some macroscopic systems 
will still exhibit conservation, but certain other macroscopic systems may not. 


An example is symmetry breaking. Here charge, parity, and time symmetry may 
be violated individually or in pairs, but not all three simultaneously. An overall 
conservation law is obeyed, but any two of the three conservation laws can be 
(und are) violated. 
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Slide 022: EM Force Fields are Releases of Gravitational 
Potential via Observable Mass Flows 

In Kaluza theory, we may take EM force fields to be the Sth dimensional 
"pleeding-off" of a 5-G potential. However, in vacuum alone this bleeding-off is 
totally within the virtual state. That is, only virtual EM force fields exist in 
vacuum. 


By the ordinary term "EM force fields," physics has chosen to imply 
measureable or observable E and B force fields. 


That implies that the 5-G potential gradient flows of virtual particle flux must be 
coupled to observable charged particles - such as electrons, protons, ions, etc. - 
before observable E and B force fields exist. 


Rigorously, E and B force fields consist of the virtual E and B force fields 
coupled to observable charged particles. They do not "cause" a particle to 
accelerate; they are the product of the particle and its acceleration. 


As these observable particles are themselves "spray pumps” producing virtual 
particle flux, then a collection of them represents an increased or decreased flux 
(for negative or positive charge) vis-a-vis the ambient background flux of 
vacuum. Nature furnishes the continuous power to drive these "virtual flux" 
pumps. 


Normally, EM potentials are formed in natural and manmade electrical circuits 
by collections of these observable particle "spray pumps." Such collections of 
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increased or decreased "spray flux" density, of course, represent 5-potentials, 
gravitationally. 


Release of these pumps in conductors or in the vacuum itself results in creating 
E-fields and B-fields on and of the moving observable charged particles. But 
release of the observable-particle spray-pumps from the collection (the potential 
"pressure head" or "source") reduces the potential or "pressure" at the source. 


Thus the formation of E and B fields represents the release of the 5-potentials. 
Hence EM force fields are the bleed-off of 5-dimensional G-potential via 
observable mass flow. 


Since classical EM always seeks to create the force fields, it always bleeds-off 
and discards the gravitational effects that could be otherwise achieved. 


To allow orthodox EM flow is to dissipate the gravitational effects. 


Strangle the orthodox EM flows, and you can keep and use the amplified 
gravitational effects. 
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Slide 023: Scalar O-Wave Production 


We now visualize the formation of waves of pure stress in the spacetime 
medium (in the vacuum). These we call scalar EM waves, Tesla waves, 
electrogravitational waves, longitudinal EM waves, waves of pure potential, 
electrostatic/magnetostatic waves, and zero-vector EM waves. All these terms 
are synonymous. Each sheds its own particular light upon the nature of these 
waves or of their original discoverer, Nikola Tesla. 











We use a gedanken experiment, or thought experiment, in which we can be 
"perfect." 


Thus we have two single-frequency EM sine waves whose E-field componenls 
are shown on the slide. The two waves are of the same frequency, traveling 
together in the same direction, and superposed 180 degrees out of phase with 
each other. 


In this case, at any spatial point, the summation E and B fields are vector zeros. 


However, if we plot the spatiotemporal (vacuum) stress induced by the wave, wo 
see that it constitutes a sine wave, with compressive stress in one half cycle and 
tensile stress in the second half cycle. 


Rigorously this defines a "longitudinal" EM wave - or what Tesla called a 
"sound wave in the nonmaterial ether." 


Also, rigorously it is a gravitational wave, for it is a wave of the curvature of 
spacetime (nonlinearity of vacuum) itself. That is, what is changing in the wave 
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is the vacuum stress, or intensity of the virtual particle flux of vacuum. That is 
identical to changing the curvature of spacetime. In one half-cycle, spacetime is 
curved positively. In the second half-cycle, spacetime is curved negatively. 


Since the increase or decrease of the intensity of virtual particle flux (vis-a-vis 
the ambient vacuum's virtual flux intensity) represents electrical charge, then in 
one half-cycle negative charge is represented, and in the other half-cycle 
positive charge is represented. This directly explains the "positron-electron pair" 
representation of an electromagnetic photon - the "photon" being one 
wavelength. 


1 


In one half-cycle, time moves slower. In the second half-cycle, time moves 
faster. Thus scalar waves can also be considered to be "tempic" waves (to use 
Wilbur Smith's term), or oscillations of the rate of flow of time itself, about the 
ambient rate of time flow. Since these oscillations are variations in the curvature 
of spacetime, then they represent gravitational or force-generating waves, when 
coupled to a mass. 


Variations in the rate of flow of time produce force, just as any other type of 
curvature in space-time does. 
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SCALAR ELECT ROMAGHETICS 
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m PHASING IS KEY 
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@ USE PHASE-LOCKED FORCE-FIELD BEAMS 
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B STANDARD BEAMING ANTENNA 
© CONVENTIONAL BASIC CIRCUITS 
© SLIGHT CIRCUIT MODIFICATIONS 


Slide 024: Scalar Electromagnetics 


To rehash: scalar waves are zero-vector waves. Patterned E and B fields exist in 
a relationship where their summation equals vector zero. Electromagnetically, 
the zero EM "envelope" of a scalar EM wave is composed of a zero-summation 
of infolded finite EM force-vectors. 


However, the internal (infolded) substructure is deliberate, macroscopic, and 
ordered. Vacuum is polarized deterministically by the wave, and macroscopic 
spacetime is locally curved by it. 


These substructure components constitute Bohm's "hidden variables." They can 
be manipulated and varied at will. Phasing, beaming, frequency, superposition, 
interference, resonance, and Fourier expansion are the keys to scalar EM 
engineering. 


To make a scalar beam, special modifications are made to the EM wave 
transmitter so that, effectively, the transmitter transmits multiple transmissions 
simultaneously, and these vectorially sum to zero. This is the same thing as 
transmitting multiple phase-locked EM force-field beams simultaneously, in the 
sum-zeroed fashion. 


Standard beaming antennas and conventional circuits can readily be utilized 
with slight modifications. 


Any radar can be converted to a scalar EM radar quite simply. Indeed, a 
modification kit to accomplish that can be developed and held until the scalar 
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mode is desired. The modification kit can be quickly installed to provide the 
scalar capability. 


Scalar radars, for example, cannot track "corner reflector" targets. However, 
they can magnificently track smoothly filleted corners; rounded, smoothly 
curved surfaces; and curved or flat metalized dielectrics. Against aerial targets 
using special construction to lower their cross-section to normal radars, the 
application of the scalar radar mode is immediately obvious. 


Scalar waves pass through the electron shells of an atom and interact with the 
nucleus. They are continually absorbed and emitted by all nuclei in the universe. 


BACKGROUND FOR THE BRIEFER. 


Any large collection of nuclei - such as a star or a planet - is a strong absorber 
and radiator of scalar wave radiation. 


The Sun is a particularly strong source of scalar radiation. This radiation 
penetrates the Earth deeply, interacting more and more with the deeper layers 
which, under greater mechanical stress, are more nonlinear. Most of the heat in 
the molten core of the Earth comes from the dephasing of a portion of this 
absorbed scalar radiation from the Sun, liberating ordinary EM energy as heat. 


The Earth also re-radiates scalar wave radiation back to the Sun. The Sun and 
Earth are thus coupled into a "scalar" system in equilibrium or near-equilibrium. 
Each body in the couplet possesses both a feed-forward and a feedback loop. 


The Earth also radiates scalar wave radiation to the Moon, and the Moon 
reradiates scalar radiation back to the Earth. The Earth and Moon also are 
coupled into a "scalar" system in equilibrium or near-equilibrium. Again, each 
body in the couplet possesses both a feed-forward and a feedback loop. 


The Sun and Moon are correspondingly coupled into a scalar system in 
equilibrium or near-equilibrium, each with both a feed-forward and a feedback 
loop. 


The Earth, Sun, and Noon thus form a triad-coupled system of special 
importance to the stability of our existence here on Earth, and the stability of our 
biosphere. 


And so on with all the other planets in the solar system, and combinations 
thereof. 


The solar system is thus a very sensitive scalar-coupled system, with strong 
subsystems within it. 


ADDED FOR THE BRIEFER: 


Actually this scalar coupling of the solar system provides a major check on 
unreslricted use of the large Soviet strategic scalar EM weapon systems. If 
significant scalar effects are produced on earth in a "pulse" mode, pulsed 
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Figura 2: Schema elettrico della radio a galena FM. 


I componenti adoperati sono: 


L1 = vedi testo (sezione Bobine L1 e L2); 

L2 = 0.137H, vedi Figura 7; 

CV1 = Johnson 160-211-1 (2.7 — 10.8)pF per sezione; 
CV2 = trimmer tubolare da (5 + 15)pF; 

D1 = diodo Schottky Skyworks modello SMS7630-001; 
D2 = diodo di segnale 1N4148; 

R1 = 47kQ, 1/4W: 

Cl = 100pF ceramico a disco; 

Cu = cuffie ad alta impedenza (2k2 o superiore); 
ATX = connettore ATX femmina e header pin; 

Due connettori banana femmina. 


disturbance of the earth-sun and earth-moon systems results. Here a danger 
exists that one or more natural resonances of the coupled system may be excited. 
If the feedback stimulation of the Sun is not insignificant, for example, large 
sunspot activity may result sometime thereafter, say in a day or two. If too much 
or too sharp stimulation occurs on earth, the coupled resonant response from the 
sun could be disastrous. Indeed, a solar response could be stimulated so that the 
Sun would violently belch and destroy our biosphere, among other effects. The 
simplest doomsday stimulation would be for a violent expulsion of Solar EM 
energy and particles to occur. If this were due to resonance, the expulsion of 
Solar EM energy and particles would continue during some decay time. In that 
case, fiery destruction of the earth, strongly indicative of Biblical prophecy, 
would result. Particularly sensitive are the resonances of the sun-earth, sun- 
moon, and earth-moon systems. 








Note the abnormal influence of the moon on tides - tides of both the tectonic 
plates and the oceans. One cannot help but point out that, if the earth-moon 
resonant system were overstimulated, one might expect violent earthquakes of 
extraordinary magnitude, and tremendous tidal waves hundreds of feet in height. 
(The potential connection to legends of earth-destroying floods, evidences of 
extreme water levels in mountains, and legends of ancient cataclysmic 
destruction of supposedly advanced technological oceanic cultures is obvious.) 


Accordingly, use of huge scalar EM weapons is a double-edged sword. Unless 
carefully employed, use of the weapons could cause a terrible backlash to the 
user as well as the victim, and even accidentally cause the destruction of the 
earth itself. It is not accidental that in 1960 Khrushchev stated that his new 
fantastic weapon could - if unrestrainedly used - destroy all life on earth. 


This appalling backlash potential is apparently what prompted Brezhnev in 1975 
to make so strong an effort to get agreement to outlaw the development of "new 
weapons of mass destruction" more frightful than the mind of man had even 
dreamed of. Gromyko even introduced such a draft agreement into the 
proceedings of the United Nations. The first article of the draft agreement 
indicated that the nature of the weapons referred to would be negotiated. Sadly, 
the entire Western world did not even know what the Russians were talking 
about. 


ROGERS” UNDERSEA & UHDERGROUHD COMMUNICATIONS SYSTEMS 
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* REDISCOVERED AND “LOST” 3 TIMES AFTER WWII 


Slide 025: Rogers' Undersea & Underground 
Communications Systems 


In an article in the March 1919 issue of the Electrical Experimenter, a real 
bombshell was released on an unsuspecting world. 





In that issue, details of the Rogers'undersea and underground communication 
systems werereleased. These systems had been classified SECRET during 
WWI, and used to communicate with (1) U.S. submarines underwater around 

the world, and (2) U.S. Expeditionary Forces Headquarters overseas. 


Subs at any submerged depth could be reached with transmitters of frequencies 
up to 30 kiloHertz. At reduced depths, frequencies above 30 kHz could be used. 


At the headquarters of U.S. overseas forces, the signals were received through 
the earth. They were 5,000 times stronger than aerial signals through the 
atmosphere, and static-free. 


The Rogers' systems were covered by a series of patents. They used special 
antennas implanted in the ground. 


While the patents are somewhat confused, several of the diagrams in the 

Hectical _ Experimenter reveal that the antennas were producing scalar waves. 
Scalar waves can indeed travel through the earth and through the ocean. Indeed, 
if good quality scalar waves are made, then frequencies well above 30 kHz can 
be sent throughthe ocean. Multi-megahertz frequencies, for example, are easily 
achievable. (The problem, of course, is that these waves are pure zero-vector 





artificial potentials that do not move electrons in the conduction gas of a 
conventional antenna/receiver combination. Normal receivers and detectors do 
not see them. Special underwater detectors - such as those developed by Frank 
Golden - are required.). 








With the startling declassification and revelation of the Rogers' systems, it was 
expected that all communications would be revolutionized, and that all surface 
antennas would be removed. 


Strangely, this entire technology faded away quickly, as if it had never been. 
Certain powerful interests did not wish the extended electromagnetics to be 
discovered or taught. That, after all, would lead to free energy and loss of 
economic control of the citizens. That was precisely why Nikola Tesla had 
already been suppressed. 


According to the important research of Dr. Robert Beck, the same scalar 
technology has been rediscovered and mysteriously "lost" at least three times 
after World War IT! 


Today the orthodox establishment is still suppressing it. 


One wonders why no orthodox physicist - with the single exception of Dr. 
Hooper (see U.S. patents 3,610,971, Oct. 5, 1971 and 3,656,013, Apr. 11, 1972) 
- seems to have experimented with deliberately constructed zero-vector EM 
waves and devices, and published his results in the literature. 


One would think that any university physics department would wish to explore 
such a gaping void with at least a few graduate student experiments, if for no 
other reason than scientific curiosity, particularly when the experiment is easily 
performed, it is totally different from anything else in the theory or literature, 
and the implications may be formidable. A true scientist in that related field 
ought to try it! 
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HOW DOES THE ROGERS SYSTEM WORK? 


“WE DO NOT KNOW AS YET HOW THE 
ROGERS SYSTEM WORK. 


++» ROGERS HIMSELF TAKES THE VIEW— 

AND HE JS SECONDED BY TESLA—THAT THE 
TRANSOCEANIC MESSAGES WHICH HE RECEIVES 
.»» ARE NOT HERZIAN WAVES...” 


H. GERNSBACK 


ELECTRICAL EXPERIMENTER 
6(11), MARCH 1919, PAGE 52 


Slide 026: How does the Rogers System Work? 


In the same March 1919 issue of Electrical Experimenter, Hugo Gernsback 
pointed out that no one as yet knew how the Rogers’ system actually worked. 





Rogers himself believed he was not using conventional Hertzian waves. 


Nikola Tesla himself confirmed that the underground and undersea waves were 
not Hertzian waves. 


If so, they could only have been scalar waves. 
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SCALAR EM WAVES ARE EMITTED & ABSORBED BY THE HUCLEUS 


Slide 027: Scalar EM Waves are Emitted & Absorbed by the 
Nucleus 


Normally scalar EM waves do not couple to orbital electrons. Entering into the 
atom, incoming scalar EM waves penetrate the electron shells without 
interaction. They continue, penetrating into the interior of the closely packed 
nucleus, where the extreme nonlinearity of the charged virtual particle flux that 
binds the nucleons together distorts the scalar wave, dephasing its summed EM 
vector components. This produces a nonzero EM resultant and polarized pattern 
directly inside the virtual particle charge flux of the nucleus. 


The new EM resultant immediately couples the distorted scalar wave to the 
nucleus, resulting in absorption of the wave and incorporation of its polarization 
pattern into the nucleus' virtual flux. This in turn results in a slightly excited 
nucleus. Normally the excited nucleus will promptly decay by emitting another 
scalar wave, which passes through the orbital electron shells and radiates out 
into the universe. 


However, as can be seen, if the same strong scalar pattern is constantly radiated 
into the nucleus and absorbed by it, the excitation of the nucleus "charges up," 
leading to decay by other modes. In this manner the nucleus can be engineered 
even transmuted - by rather minuscule power of the engineering radiation 
signal. 


This is how living biological systems are able to transmute elements, as 
discovered by Louis Kervran. (Kervran was nominated for the 1977 Nobel Prize 


for this work.). The biosystem produces scalar EM waves. If the appropriate 
signal is employed into and on the appropriate nucleus, a changed element 
emerges. In this fashion chickens denied sufficient calcium in their diet, but 
allowed a surplus of potassium, are able to transmute some of the potassium into 
calcium. Note that one of the isotopes of potassium is an isomer of normal 
calcium. Transmutation of this potassium isomer to calcium is easiest. 


HUCLE! OF THE UNIVERSE CONTIKUALLY ERCHANGE SCALAR EM WAVES 





Slide 028: Nuclei of the Universe Continually Exchange 
Scalar EM Waves 

Thus scalar EM waves are continually exchanged by all nuclei of the universe, 
and the vacuum is - among other things - a seething cauldron of scalar 
radiation. 


In fact, it is this seething scalar wave cauldron that creates the virtual particles 
and the virtual particle flux of vacuum itself. (Since the scalar EM wave 
represents an oscillation of the curvature of spacetime, and since everything - 
virtual or observable - is a curvature of spacetime, then scalar waves can be 
taken as the universal generatrix. 


The intensity of the trapped scalar flux in the nucleus of an atom is responsible 
for the mass and inertia of the nucleus. 


Mass is localized trapped scalar resonance. 
The trapping agent is the spin of a particle. 


The mass and inertia of the particle are due to the scalar resonance that is 
trapped. Increasing the amplitude of the trapped scalar resonance increases the 
mass and inertia; decreasing the amplitude decreases the mass and inertia. 


CONVERTING EM FIELD ERERGY 10 G-FIELD EHERGY € VICE-VERSA 


5-D G-FIELD 





Slide 029: Converting EM Field Energy to G-Field Energy & 
Vice-Versa 


According to Kaluza theory, there are no such things as a separate EM field and 

a separate gravity field. Instead, in five dimensions there is only one field: the 5- 

d gravitational field. The EM field is the 5th dimensional aspect, while our 

normal 4-dimensional G-field is the other aspect of the 5-field, in our normal 4- 
space. 


Thus we may say that the 5-field is composed of two components: the Sth 
dimensional component (our normal EM field) and the component occupying 
our normal 4 dimensions (our normal G-field). 


The 5-d "force" field, of course - or the 5-space analogy to a force field - would 
be due to a gradient or "bleed-off of the 5-d gravitational potential. This 

gradient in turn is composed of two components: the 5th dimensional "bleed- 
off"' outside our normal 4-space (this outer bleed-off is our normal EM force 
field) and the bleed-off inside our normal 4-space (this inner bleed-off is our 
normal G-field). 


Normally the 5-potential bleeds-off outside our 4-space as EM field, far greater 
than it bleeds-off inside our world as G-field. Between two electrons, for 
example, the electric field is about 10” times as strong as the G-field. Since in 
the Kaluza view there is only one 5-d G-potential that is causing both force 
fields, this shows that there is an incredibly greater EM bleed-off of the 5- 


potential between the two electrons than there is a G-field bleed-off between 
them. 


As shown on the diagram, the 5-d G-field is normally comprised almost entirely 
of the 5th dimensional EM field. Only a small 4-space G-field component exists. 


However, suppose we were to "block" the bleed-off of the 5-potential in the EM 
mode. Then none of the 5-potential could bleed-off in the 5th dimensional EM 
field. Instead, it would be forced to bleed-off into the 4-space G-field. In our 
two-electron example, this "perfect case" would result in the disappearance of 
the E-field between the two electrons, and the G-field between them would 
increase to about 10” times its normal strength. 


The end result would be that, by blocking the EM force field bleed-off, EM field 
is converted to G-field. In addition, EM field energy is converted to G-field 
energy. With the extremely amplified gravitational and inertial effects that 
result, one can now accomplish direct engineering of gravitation, mass, and 
inertial effects. 


We can effectively accomplish this "blocking the EM bleed-off by opposing 
EM force fields so that they sum to vector zero. This is the same as summing 
various 5th dimensional gradients of the 5-potential to a zero vector resultant. In 
that case, as much "EM bleed-back to 5-potential" occurs as there is "EM bleed- 
off from 5-potential." This places the 5-potential in equilibrium with respect to 
EM bleed-off. 


Also, another nice thing results: Since we can readily vary the magnitudes of the 
EM force field components of the vector zero summation, we can actually form 
phased "zero vector waves" by increasing and decreasing the magnitudes of all 
the component EM vectors in phase, but retaining their vector summation 
always equal to zero. 


In that case we have produced a very simple 5-space G-potential wave, which 
concomitantly forces phase-locked variations in the 4-space G-potential. In 
short, we have produced an electrogravitational (EG) wave, or scalar EM wave 
for short. This wave described is the simplest EG scalar wave we can produce; 
much more complex EG waves can be produced and used for highly specialized 
purposes. 





The scalar EG wave changes EG potential energy into 4-gravity potential energy 
in one half-cycle, and changes 4-G potential energy into EG potential energy in 
the other half-cycle. However, the EG potential energy in the first half-cycle 
does not react electromagnetically in linear circumstances, since it is 
electromagnetically a linear vector zero. 


So our scalar EG wave actually oscillates energy back and forth between a 
locked-in 5th dimensional EM potential and a 4-space G-potential. As can be 
seen, to the linear 4-space observer this scalar EG wave appears as a purely 
gravitational wave, with G-potential magnitude varying in a wavelike manner. 





HORMAL EM BLEEDS-OFF G-FIELD 








+0 
G-FIELD BLEED 


Slide 030: Normal EM Bleeds-Off G-Field 


For easy visualization, we may regard the situation in the analogy shown on the 
slide. 


The 5-potential of 5-space vacuum is like a high pressure in a big tank. The tank 
has a huge open door in the 5th dimension, leading to rapid bleed-off of the 5- 

presure through the big door; that is, as EM field. Only a very small hole in the 
tank normally exists in our own 4-space world, so only a very small amount of 
the pressure bleeds off as our G-field. 
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Figura 9: Particolare del diodo sulla basetta 
millefori. 
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Figura 8: Vista posteriore del cablaggio 


SCALAR EM FORCES 4-0 G-FIELD 





Slide 031: Scalar EM Forces 4-D G-Field 


As can be seen however, if we shut the big door so that we have only a little 
bleed-off through the seals, then most of the pressure is forced to bleed-off 
through the small opening, greatly enlarging it. In that case, most of the 5- 
potential bleeds-off as 4-G force field. 


The mass exposed to such increased 4-G bleed-off exhibits a much greater mass 
and inertia. 


In fact, mass itself can act as an accumulator for the effect, and it can increase its 
ability to store trapped scalar resonance. This increases its inertia. 


By the use of scalar EM (blocking the EM bleed-off), we can input normal EM 
energy and obtain powerful gravitational and inertial effects. Many other 
powerful effects can also be obtained. 


DETECTION OF ELECTRO-GRADITATION 


@ WHEN ORDINARY EM FORCE FIELDS ARE 
INTERFERED/SUMMED TO PRODUCE ZERO, AND ARE ALSO 
LOCKED TOGETHER, THEY PRODUCE STRESS OF VACUUM 
(GRAVITATIONAL POTENTIAL OF FIELD). 

THiS IS ELECTRO-GRAVITY. 


@ WHEN ELECTRO-GRAVITATI ONAL FIELDS ARE 
INTERFERED/SUMMED TO PRODUCE ZERO, AND ARE 
LOCKED TOGETHER, THEY PRODUCE ORDINARY 
ELECTRO-MAGNETIC FORCE. 


Slide 032: Detection of Electro-Gravitation 


Here arc two magic rules in the scalar electrogravitational business: 


(1) When ordinary EM force fields are interfered or summed so that they 
produce vector zero, and the fields are locked together, they produce stress of 
vacuum (5-potential). One component of this 5-potential is the 4-space G- 
potential. Since bleed-off as a gradient of this 4-space G-potential is all that is 
allowed, then the EM destructive interference/zero summation bleeds-off to 
produce gravitational force field. This is because opposing equal forces, which 
sum to a vector zero force field resultant, actually produce a stress potential 
having stress energy of spacetime. And that is a curvature of spacetime, hence 
gravitational. 





In short, total destructive interference of EM waves or force fields produces 
excess stress potential energy in spacetime, and therefore gravitational force 
field on detecting/coupled particles. 


(2) When electrogravitational fields are interfered/summed to produce vector 
zero, this destructive interference/zero summation bleeds-off to produce 
ordinaryelectromagneticforcefield. 





In short, destructive interference of scalar EM waves or fields 
(electrogravitational waves or fields) produces electromagnetic force fields on 
detecting/coupled __ particles. 
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BACKGROUND FOR THE BRIEFER: 


Mathematically we can summarize this as follows; 











Ga - 4) = Guy. 4) (m) + Gy . 4) CEM) 3 

Ga. n= Gs Gia 4 
If E = LaF; = 0, E;+0; B = La;B; = 0, B; + 0 [5] 
then Ga -4) (m) = Gq - 4) (EM) = Gs = Ga - 5) 6 
and Gs = Gy -4) =fl2(a; JEI")] + 2f2(a; [B)] ql 
and Ga -s) = Gs = Gay - 4) (m) = Gy - 4) (EM) = f(0) + g(AD [8 
Where: 


Gy, -s) is the 5-d G potential, or total G-stress on dimensions 1-5. 
Gs is the combined EM potential, or G-stress on dimension 5 only. 


Gy, . 4) (m) is the normal 4-d G-potential of mass alone, or the G-stress 
due to mass-gravity. 


Gy; -4) (EM) is any extra 4-d G-potential of mass due to conversion 
from Gs stress (normally zero). 


E and B are the electric and magnetic force fields. 
@ is the electrostatic scalar potential. 
A is the magnetic vector potential. 


Thus the age-old scientific dream of direct engineering of gravitational field — 
and of spacetime itself — can now become reality. To start, one simply makes 
an intense EM vector zero and varies its stress intensity and internal pattern of 
summed components. One also varies the reference potential at which the 
patterned EM stress zero is created, and the frequency of internal component 
variation. 


BACKGROUND FOR THE BRIEFER. 











He that has ears, let him hear. 
Here is the secret of antigravity 


The "electrical charge" of a charged particle — such as one of the orbital 
electrons of an atom or one of the protons of its nucleus — represents a 
difference in flux intensity (potential) between the local particle and its ambient 
vacuum. 





It's the continual bleed-off of gravitational charge as electrical charge. 
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If that bleed-off is reversed or stopped, a drastic effect on the gravitational 
potential and charge ensues. The 5-potential and 5-charge have become 4-G- 
potential and 4-d-charge respectively. 


Thus "charging" an object with its scalar EM pattern charges it gravitationally. 
Now the only "bleed-off channel" is through the 4-G force field. 


Further, in a nucleus the nucleons continually change back and forth between 
proton and neutron, so the electrical charge is "spread" throughout the nucleus 
and shared by all the nucleons. 


Further, each element (actually each isotope) has its own unique "ensemble 
pattern" of Fourier expansion scalar frequencies, amplitudes, etc. This pattern, 
of course, can be reproduced artificially and transmitted by modified EM 
transmitters (i.e., by scalar EM transmitters). There is, however, a sort of 
"master key" scalar EM (EG) pattern for nucleons (protons and neutrons which 

are changing back and forth into each other by exchange of virtual charge 
currents). 


Ifone "reverses the charge" by inverting this pattern, and then "charges up a 
mass with the inverted charge," to the external observer the charging mass just 
gets lighter and lighter, and its inertia gets less and less. Eventually it seems (to 
him) to acquire negative mass and negative inertia, and just accelerate away 
from the earth. The object "falls upward" instead of "falling downwards." 


There are also some weird time effects. The object can be moving slower 
through time than the laboratory observer, or even be moving backwards 
through time with respect to the laboratory observer. (Don't believe everything 
they laught you in relativity; none of those professors had ever engineered a 
single general relativistic situation. Little that they teach in GR is based on direct 
experimcnt. Most of what they teach is already experimentally proven to be 
incomplete orinneedoffurtherextension.). 











But back to our slide. 


Inside the pattern itself, it's just a quite normal pattern. No change in or on the 
object seems to have occurred, to it, if the charge is evenly accomplished 
throughout the object. Indeed, to an internal observer it's the external 
environment that seems to have suddenly gotten very strange! This is what 

occasionally happens toahaplessaircraft orshipthatexperiences anomalous 

spatiotemporal difficulty in an occasionally scalar-active area such as the 
Bermuda triangle. Under the right conditions, the vehicle's gravitational charge 
is affected by anomalous changes in the scalar radiation from the earth in that 
area. To the passengers and crew, it is the external environment that suddenly 
seems weird. In addition, on-board EM and inertial instruments may be affected, 
and other electrogravitational effects may also occur, due to differing rates of 
charge in different parts of the vehicle.). 
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"Reversing or lowering the EG-charge" is controlled by means of biasing the 
ground potential on the ensemble pattern transmitters. These transmitters can 
even be on-board the vehicle itself. (Remember, in scalar EM to transmit is also 
to receive. A vehicle can change its own bias potential (with respect to local 
vacuum G-potential) by properly transmitting, which translates to "receiving 
potential charge." The charge current can either be negative or positive (its 
potential can be lowered or increased vis-a-vis that of the vacuum.) Think of this 
as handling positive and negative energy, which means positive and negative 
gravity. 


By "fiddling" with this, you can float metal. Or a human body. Or a battleship. 
Or a high-speed vehicle containing a crew. 


You can even "dematerialize it" or "teleport it." 


The Philadelphia Experiment may have been real after all. If so, the test ship and 
its personnel were "blasted" into this strange realm, instead of making a gentle, 
controlled entry. 


Suppose you materially lower or reverse (adjust) the gravitational charge 
(gravitation 5-potential with zero-summed EM to throttle EM bleed-off). At zero 
gravitational charge, to the external observer, such an assumed vehicle would 
seem to have no mass and no inertia. It is capable of extreme accelerations, right 
angle turns at full speed, etc. It is also right on the point of dematerialization, 
and may appear to be glowing or just a vehicle of light. 





If the pilot wishes to "land," of course he must adjust the charge on the vehicle. 


Ifthe pilot wishes to "dematerialize" or "teleport," again he must adjust the 
charge on the vehicle. 


Ifhe wishes to go "hyperspatial,” again he must adjust the charge on the vehicle 
and allow the proper bleed-off to produce a hyperspatial force. That's done with 
nested zero summations and nested patterns of scalar EM transmission. 


That is, he can charge and bias the vehicle in multiple, nested zero-summations 
simultaneously. 


That is necessary for hyperspatial control and travel. 


Note that in lower hyperspace such a vehicle could do some very strange things. 
Such as "penetrate" solid matter (actually, it goes "around" the 3-space matter in 
a 4th Kaluza-Klein space). 


We might expect to see such vehicles glowing. Their various surface features 
and mechanisms might appear to be glowing or revolving lights, etc. 


They could exhibit incredible "aerodynamic performance," seemingly in the 
atmosphere. Actually they would not be moving "through" the atmosphere at all 
but through a higher space outside each particle of atmosphere. 


They could seem to materialize and dematerialize. 
They could seem to plunge into the ocean or rise out of it. 
They could even seem to operate under the ocean or inside the earth itself. 


Such anomalous vehicle performances have been seen all over the world, 
particularly since a few years after WWI. 


SCALAR WADE DETECTOR 


(DETECTS ELECTROGRAVITATIONAL WAVES] 


FARADAY CAGE 


* BEDIN| VERSO 
DEA/FARETTOD 





\ 
\—~ cuaven seacetine 
O33 wore Macner > 40.000 pun 


Slide 033: Scalar Wave Detector 


On this slide we show a concept for a detector for scalar EG waves. This is the 
Bedini scalar wave detector, adapted from an original concept by Dea and 
Faretto. 


The idea is quite simple: install a very powerful bar magnet vertically inside a 
grounded Faraday cage. Then install an open-ended coil longitudinally above 
the magnet so that a line through the longitudinal axis of the magnet passes 
through the longitudinal axis of the coil above it. The open end of the coil does 
not touch the magnet. 


Connect the other end of the coil to a variable tuning capacitor, so that the coil 
and capacitor form a tunable, series-LC-oscillatory circuit. The output of the 
capacitor is connected to a transistorized preamplifier inside the cage. A tuning 
shaft for the capacitor is very carefully passed through a small hole in the shield 
to allow tuning from outside. 


The output of the preamp passes very carefully through a small hole in the 
shield, through a shielded cable, to an adjacent oscilloscope. The cable shield in 
also grounded to reference ground potential. 


The theory is as follows: Suppose a normal EM wave appears inside the cage, 
above the magnet or closely adjacent thereto. In that case a coupled oscillation 
appears in the field of the magnet, and this oscillation is coupled to the coil 
immediately above it. If the oscillation is within the bandwidth of the tuned 


scries LC circuit, detection occurs. This is amplified by the preamp and passed 
to the oscilloscope, where it is displayed on the scope. 


Note that the detector detects normal EM wave. Now our problem is: how do we 
get an EG wave to be detected? And how do we assure that we do not detect 
ordinary EM waves from outside? 


Actually this is simple. Ordinary waves (except for quite low frequency) will be 
grounded out by the Faraday shield, and will not penetrate the cage. Thus these 
normal EM waves cannot enter the cage and appear above the magnet. They will 
not be detected. 


Scalar EG waves, on the other hand, will enter the cage since they do not couple 
to conduction electrons in the metal of the cage. Above the pole of the magnet, 
spacetime is locally bent. After all, a pole is a magnetostatic scalar potential, 
which is a part of the conglomerate called "G-potential." The pole represents an 
increase (or decrease, depending upon whether it is a north or a south pole) in 
the magnetostatic component of the local G-potential. This is a curvature of 
spacetime. An EG wave entering this region adds a varying component of 
magnetostatic G-potential, which bleeds-off in the coil as an ordinary EM wave. 


Another way to view the detector is to model the EG wave as a longitudinal 
wave, and an ordinary EM wave as a transverse wave. When the EG wave enters 
the curved spacetime region above the magnet, to the coil (the "observer" in this 
case) the longitudinal aspect of the EG wave appears to be rotating back and 
forth, so that an oscillating transverse component is present. This transverse 
component appears to the coil as an ordinary EM field, and so the LC circuit 
detects it if it is in the proper frequency band. 


Yet another way to view the situation is to realize that an EG wave entering the 
magnet results in an oscillation component added to the magnetostatic scalar 
potential (pole strength) of the magnet. Accordingly, the magnet is a receiver 

for scalar waves, which are detected to "bleed-off as an oscillation of the 
magnetic field strength of the magnet. Coupling of this oscillating magnetic field 
to the coil creates an oscillating current flow into the capacitor. This oscillates 
the voltage input to the preamp, which amplifies and feeds the signal to the 


oscilloscope for display. 


In fact rather like the latter view! It is important to remember that a 
magnetostatic potential and anelectrostatic potential canbe oscillatedby a 
scalar EG wave. By placing a magnetic material inside a Faraday cage, the 
oscillation ofthe magnetostatic scalar potential (pole strength of the magnet) can 
be used as the EG detecting mechanism. By placing a chargeable material inside 
a Faraday cage, the oscillation of the electrostatic scalar potential can be 
detected. (Possibleexamplesofthelattertypedetectors are givenby 
Hodowanec, Radio Electronics, April 1986.) 

















Note also that one may detect waves at one reference level and not at another. 
Changing the bias on the zero-reference ground of the Bedini detector affects the 
detection. To look inside a normal EM carrier (such as the Woodpecker) and see 
what scalar signals are riding upon it, the carrier may be used to bias the 
reference ground of the Bedini detector. 


To produce a spectrum analyzer, simply use additional series resonant LC tuning 
circuits in parallel (put multiple taps on the coil, and wire each tap to a separate 
tuning capacitor of different capacitance). Again, varying the zero reference 
level is important, as is varying the strength of the magnet. 


Golden also has invented an excellent series of scalar wave detectors based upon 
quite different proprietary principles. 


The bottom line is: we can indeed rigorously detect and measure scalar EG 
waves. When one considers the large sums of money presently being spent to 
bury large aluminum cylinders etc. in an attempt to detect gravitational waves, 
one wonders why some funds could not be released to a few unorthodox 
researchers by the National Academy of Sciences to fund the proven creation 
and detection of electrogravitational waves! 


Note from TEB: I understand that it took Bedini about 600 attempts before he 
got the device to work. It was then handed over to a different party to produce, 
who made some "improvements," and the device then failed to work. 
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SCALAR RESONAKCE 
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Slide 034: Scalar Resonance 


Here we explain a new kind of resonance: scalar EH resonance, or 
electrogravitationalresonance. 


First, imagine we have a standard resonant cavity, represented by the two walls 
in our diagram. In this cavity we have a resonant EM wave moving back and 
forth, represented by the forward-most plane. In accordance with convention, we 
show the E-field vector and the B-field vector at right angles in this moving 
wave front. As the wave front moves back and forth, the vectors vary back and 
forth; however, at any one point between the walls, the two vectors always have 
the same value. Thus our resonant EM wave forms a standing wave in the 

cavity. 


Now imagine that a second wave front, precisely like the first and of the same 
frequency, is superposed over the first wave front and travels along with it. This 

second wave - the "antiwave" - has its force vectors 180 degrees out of phase 
with the force vectors of the reference wave. Hence the E-fields and B-fields of 
the two superposed waves always sum to vector zeros, anywhere in the cavity. 
To an external observer, the cavity contains no ordinary electromagnetic force 
fields, hence no ordinary EM energy. 


However, the energy density of a single EM sine wave in vacuum is given by 


[E7+B7]/8x [9] 





Figura 10: Cablaggio del diodo rivelatore. 


This energy density is always positive. Hence the energy density of the two 
waves at any point x between the walls is equal to 


(E°+B°\/4x [10] 
where 
E = E(x); B = B(x) [11] 


Thus the energy density of vacuum varies with x. But, rigorously, since the 
resultant E and B fields are zero, this describes a standing gravitational wave. 
Hence we have a standing EG wave, existing in the resonant cavity. This is an 
example of scalar resonance. Rigorously the cavity has mass and inertia, to an 
outside observer, as a result of the two warps in spacetime it contains. 


Note that in one half-cycle the energy density of vacuum is greater than ambient, 
and in the other half-cycle it is less. In the region of one half-cycle, time flows at 
a faster rate than to the ambient observer, and in the other half-cycle time flows 
at a slower rate than to the ambient observer. 


One half-cycle appears to contain negative electrical charge, and the other 
appears to contain positive charge. 


One half-cycle appears to contain a north pole (positive magnetostatic scalar 
potential), and the other half-cycle appears to contain a south pole (negative 
magnetostatic scalar potential). 


Perhaps now one can begin to understand why a continuously accelerated orbital 
electron in the atom does not radiate EM energy, completely in violation of 
Maxwell's equations. The electron is naught but a complex aspect of a standing 
scalar resonance, existing between the nucleus and the orbit. 
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SCALAR RESOHAHCE 


* NOT IN PRESENT TEXTBOOKS 

* CONTROLS NATURE OF PARTICLE 
* BENDS SPACETIME 

+ CONTROLS MASS 

* CONTROLS INERTIA 

* CONTROLS GRAVITY 

* CAN FLOW 

* A” MASS” IS LIKE A CAPACITANCE 
* HAS A SCALAR MAGNITUDE 

* HAS SPECIFIC PATTERNING 


Slide 035: Scalar Resonance 


Scalar resonance is not in the conventional textbook. 


Scalar resonance is a particular zero-summed multi-resonance, 
electromagnetically, so that it does not act in an electromagnetic manner. 





A scalar resonance is a standing electrogravitational wave. It can be made 
electrically, but it is not electrical in behavior. 


In any scalar resonance, spacetime is curved, and it is the magnitude (and 
direction; of this spacetime curvature that is oscillating in "standing wave" 
fashion. In respect to stress of the vacuum medium, one half of a standing sine 
wave of scalar resonance is tensile; the other half is compressive. However, this 
is with respect to the local ambient stress of vacuum. 


"Mass" of a particle is just a characteristic exhibited by a trapped scalar 
resonance. Usually this trapping is done by the "spin" of the individual particle. 


The concept of "mass" may be compared to the concept of "capacitance." That 
is, a mass is an accumulator for scalar waves; that is, for scalar resonances. It is 
continually being "charged" and "discharged" by absorption and emission of 
scalar waves from and to the ambient vacuum scalar wave flux. 


Indeed, the magnitude of a mass may be defined in terms of the absolute value 
of this "switching" (absorption = switch in; emission = switch out) rate. In a 
very early paper I defined the mass of an object as proportional to the absolute 
value of the sum of the input and output switching rates, where each "switch" 
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represents a change of action of h/(4). (Bearden, Quiton/Perceptron Physics: A 
Theory of Existence, Perception, and Physical Phenomena, Mar. 1973, AD 
763210, available through NTIS.) In that scheme, one kilogram of mass equals a 
switch rate of 17.053 x 10°° switches per second. An object is in a Lorentz frame 
when the switch-in and switch-out rates are equal in a given direction. If, in 
addition, the in-out rates in all directions are constant, the object is "stationary" 
with respect to a Lorentz observer. If not constant in all directions, the object is 
in acurved spacetime with respect to a Lorentz observer. In that case either the 
object's local spacetime is warped or the object is in a generalized, accelerated 
frame. 








In the normal linear spacetime, the "charging" and "discharging" are equal in all 
directions; hence the "mass" exhibited in any direction is the same. 


With respect to an "external observer's" equilibrium flux, a moving object 
encounters an increased amount of flux rate along its line of motion, just as a 
moving object in a rainstorm encounters more raindrops per second in the 
direction of its path, than does a stationary object. Encountering increased scalar 
wave flux (with respect to the external observer) forces the moving object to 
absorb and emit scalar waves at a higher rate along its direction of motion than 
when it is not moving. Thus to the external observer, the mass of the object has 
increased, insofar as any disturbing force along its line of motion is concerned. 





At right angles to its line of motion, however, the flux rate is precisely the same 
as when the object is at rest. Therefore the "mass" of the moving object with 
respect to any disturbing force at right angles to its line of motion has not 
changed, as seen by the external Lorentz observer. 


Thus is explained both parts of one of the alltime great mysteries of special 
relativity: (1) how the mass of an object increases with respect to its motion, and 
(2) why the mass only increases with respect to its line of motion, and not at 
right angles to it. 


The inertia of a particle is due to its mass, 1.e., to the total magnitude of its 
trapped scalar resonance. 


The gravitational attraction between two masses is due to their spacetime 
curvature. Further, mass is like a capacitance. It can trap additional scalar waves 
as trapped resonance; hence increase its magnitude or "inertial charge." Or, it 

can discharge more scalar waves than it absorbs; hence decrease its magnitude 

or "inertial charge." 


Those scalar waves emitted from resonance are emitted as a pattern ensemble of 
the resonance. Hence they may be regarded as constituting a current of scalar 
resonance leaving the mass-accumulator-object. Scalar waves absorbed into 
trapped resonance may be regarded as constituting a current of scalar resonance 
into the mass-accumulator-object. Thus it is proper to speak of scalar resonance 
as being able to "flow." 
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Further, it is possible to increase the mass of an object directly, by transmitting 
scalar EM waves to it so that it absorbs them. (By "absorbing" scalar waves one 
means that more enter the object than leave it, so the object acts as an inertial 
accumulator charging up with inertial charge. This is done by insuring that the 
reference potential of the scalar wave transmitter is higher than the reference 
potential of the irradiated object.) 


It is also possible to decrease the mass of an object directly, by transmitting 
scalar EM waves to it so that it emits more than it absorbs. (By "emitting" scalar 
waves one means that more leave the object than enter it, so the object acts as if 
it were an inertial accumulator that is discharging its inertial charge. This is done 
hy insuring that the reference potential of the scalar wave transmitter is lower 
than the reference potential of the irradiated object.) 


As can be seen, the scalar wave "transmitter" is actually somewhat comparable 
to a heat pump; it can either act as an "energy transmitter" or as an "energy 
extractor," depending upon the difference in potential between "transmitter" and 
"receiver." 


Finally, scalar resonance can have a specific pattern: both in frequency and in 
spatial curvature aspects, as well as "rate of flow of time" aspects. Indeed, 
scalar-wise every object has its individual "scalar pattern" which is a unique 
fingerprint. Since that print is spatiotemporal, it is a product of the object's entire 
past history. Thus - scalar-wise - no two objects are identical. 


This brings up another rather amazing potential: If a reasonably precise scalar 

pattern of an object can be "irradiated" and resonated with scalar waves, energy 

may be created in or extracted from the distant object, just as stimulating one 

tunning fork can excite another at a distance by sympathetic resonance. We leave 

it as an exercise for the reader to ascertain the relevance of this statement to 
clairvoyance, radionics, remote viewing, etc. 


For the skeptic, however, we must point out that - rigorously - quantum 
mechanics requires that, continually, in any localized region of spacetime, the 
"pattern" of any object in the universe appears momentarily in the virtual state, 
purely from statistical considerations alone. So long as the situation remains 
statistical, any place in the universe can continue to have the "ghosts" of 
everything present there, in an ethereally thin pattern, and the observable world 
will not be affected by it. However, if one can discriminate and scalarly 
"charge" or "discharge" individual patterns in this "ghost-realm," action-at-a- 
distance is directly possible, as is materialization and dematerialization. If one 
accepts that even thought itself produces such virtual "ghost-patterns" in the 
virtual particle flux of vacuum, then it is at least theoretically possible to even 
materializethoughtsandthoughtimages. 


We have entered a new kind of reality where the old rules and the old limitations 
do not necessarily apply. 


SCALAR RESONANCE CURRENTS 


CURRENTS OF SCALAR RESONANCE CAN FLOW TO CHARGE A MASS 
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Slide 036: Scalar Resonance Currents 


As we pointed out, we can often greatly simplify matters by considering currents 
of scalar resonance. These currents flow from higher potential to lower 
potential, regardless of whether we are considering "transmission" or 
"reception." 





Indeed, to "transmit at lower potential" is to receive, and to "receive at higher 
potential" is to transmit. 


Thus the "transmitter-receiver" is a special system where simply biasing the two 
nodes differently determines which way the scalar resonance current will flow. 


We may increase or decrease an object's inertia and mass, simply by properly 
biasing the transmitter-receiver system's two nodes. 


In one accidental experiment of some hours in duration, Golden charged up an 
area so that, locally, all clocks became erratic. This included electrical clocks, 
battery-driven watches, wind-up kitchen clocks, and a pendulum-operated 
grandfather's clock. The rate of flow of time itself was apparently altered in the 
local area by the accumulated charge, which took some four days to drain off 
and discharge. At the end of the four days of discharge, all clocks and watches 
had returned to normal. 
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Slide 037: Transverse Wave Interference 


On this slide we show the orthodox representation of EM wave interference. 


The chart is stylized since we assume two single-frequency EM waves that 
intersect and interfere in the indicated region. 


In the interference zone, in-phase wave amplitudes add (constructive 
interference) while out-of-phase wave amplitudes subtract (destructive 
interference). In our stylized mode, we show the zero-summed locations as lines. 


Conventionally, these interfering waves are considered to be transverse waves in 
vacuum. 


The point is, in this scheme we think of "putting in the waves of finite 

amplitude, and creating the zero-amplitude regions by destructive interference." 

Wecreate additional waves of increased-amplitude regions by constructive 
iterference. 


Note that this view is only half correct. It addresses the electromagnetics, but not 
the gravitational aspects. Actually the regions of destructive EM interference are 

regions of constructive G-interference, and the regions of constructive EM 
interference are regions of destructive G-interference. 
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Slide 038: Transverse Wave Interference 


Here we show the same interference situation, only now we think of transmitting 
scalar EM waves, which we model as longitudinal waves. 


Again we assume two single-frequency scalar EM waves that intersect and 
interfere in the indicated region. 


However, to an external observer, each of these waves individually appears to 
have zero E and H fields, hence to contain zero EM energy. That is, 
conventionally we seem to be transmitting waves of "pure potential," without 
any "force field" amplitudes whatsoever. We say we are transmitting waves of 
"artificial potential," since we deliberately constructed the zero-vector- 
summation scalar waves in the first place. 


In the interference zone, a strange thing now happens. The relative magnitudes 
of the artificial potential of one wave with respect to the artificial potential of the 
other depend upon the phase relationship between the two. Further, whether the 
"gradient" so established appears negative or positive also depends upon the 
phase relationship between the two. 


What results is most interesting: the out-of-phase condition now produces an 
EM gradient whose sign and magnitude are functions of the location within the 
interference zone. 
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Thus one now has real, non-zero EM potential gradients, both electrical and 
magnetic. And so real EM energy has emerged in an interference pattern within 
the area. 


Ironically, we get essentially what we had before! Only now we have "put in the 
zero-reference lines, and produced the non-zero gradient (energy) zones." 


In other words, we have recreated ordinary EM energy at a distance, directly 
from the interference of gravitational potential energy (anenergy). 


And, to the laboratory observer, there has been no "EM wave" energy flow 
through the intervening space. 


This was Tesla's secret of "wireless transmission of energy to a distance without 
losses." 


Further, in a hypothetically perfect case, the interference represents a sort of 
"energy bottle." 


But now recall our need to take the sign of the scalar current into account. In this 
energy bottle, then, EM energy emerges and stabilizes - if and only if our 
transmitters are at higher reference potential than the ambient interference zone. 
If our transmitters are biased at lower potential, then energy is extracted from 
the energy bottle and re-emerges back at the transmitters, where it must be 
extracted and disposed of, if the transmitters are not to be burned out. 


BACKGROUND FOR THE BRIEFER: 








If we interfere two transmitters in a region of great energy -such as the molten 
core of the earth itself- and bias the transmitters negatively, we can extract 
enormous energy directly from that distant source! 


Indeed, a slight variation of this effect is precisely how the Soviet Union obtains 
the enormous energy with which to power its incredibly powerful strategic 
"continent-buster" scalar EM weapons. Scalar frequency pairs - 12 kiloHertz 
apart - are transmitted into the earth itself on some portion of the earth's "giant 
scalar resonance" frequency curve. Biasing the two transmitters differently with 
respect to each other produces a high potential difference (voltage) between 
them. At the same time, biasing them both negative with respect to the earth's 
molten core produces a scalar resonance current from the core to the two 
transmitters. In the "outer loop" between the two scalar transmitters, there 
appears a gigantic voltage and gigantic electrical current that can be captured by 
appropriate means. This electrical power is tapped off and transmitted to 
incredibly powerful scalar EM weapon systems. There special accumulators and 
switchers are are utilized to provide the power of many Niagaras to each weapon. 


Just before May 1, 1985 the Soviet Union performed a "full-up" operational test 
of their entire strategic scalar EM weapons complex. This test was detected and 
monitored periodically by Frank Golden. Some 27 of these giant Soviet "power 
taps" were locked into the molten core of the earth, producing forced (entrained) 
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scalar resonance of the entire planet on 54 controlled frequencies under our very 
feet. The remainder of the scalar frequency spectrum was ablaze with literally 
hundreds of Soviet scalar transmitters: probably the entire strategic scalar 
command and control system to underwater submarines, higher command 
centers, distant commands, etc. was activated in the giant exercise. 


For several days, the system was exercised on a mind-boggling scale, apparently 
as part of the Soviet Union's highly accentuated 40th anniversary celebration of 
the end of World War II. 


Ironically, not a single U.S. intelligence agency, laboratory, or scientist detected 
this monstrous exercise for the new Soviet leader, Gorbachev. Not a one of them 
had a detector for scalar EM radiation, and not a one of them officially believes 

the exercise ever happened. 
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Slide 039: Creating Energy at a Distance 


A most useful device is obtained if one uses a scalar interferometer where the 
two transmitters transmit beams that intersect at a distance. 


In the interference zone, an energy bottle is created. 


By biasing the transmitter reference potentials well above that of the distant 
energy bottle, EM energy emerges in that zone. In that case the interferometer is 
operating in the exothermic mode. 


By biasing the transmitter reference potentials well below that of the distant 

energy bottle, EM energy is extracted from the distant zone and emerges from 
the transmitter. In that case the interferometer is operating in the endothermic 
mode. 


If the transmitters transmit continuously, the effect in the distant zone is 
continuous. 


Ifeach transmitter transmits a pulse, and the two pulses meet in the distant 
intersection zone, then an explosive emergence or extraction of energy occurs at 
the distant interference zone, depending upon whether the interferometer is 
operating in the exothermic or the endothermic mode. 
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Slide 040: Exothermic Mode (Scalar Interferometer) 


For a scalar interferometer, "del phi" (the gradient of the potential) applies 
between the transmitter site and the distant intersection site, not to the 
intervening space in between. Thus one speaks of "energy flow" as being 
between transmitter and intersection, without any "in between." In the 
intervening space, all the energy exists as locked-in artificial potential, not EM 
force field energy (gradient bleed-off of potential). 


In the exothermic mode, the ground potential of the transmitter is biased well 
above the ground potential of ambient vacuum. Energy enters the transmitter 
and "disappears", to "reappear" in the distant interference zone. 


If continuous wave transmission is used, the energy continuously appears in the 
distant zone. 


If pulse transmission is used and timed so that the two scalar pulses meet in the 
distant zone, energy explosively appears there. 


If multiple frequencies are transmitted in the manner of a Fourier expansion of a 
particular geometric form, then a 3-dimensional energy form appears at the 
distant intersection. In this manner, a spherical or hemispherical shell (a globe of 
"dome" of EM energy) can be created at a distance. If pulse transmission is 
used, this will be an impulsive or explosive emergence of that energy form. If 
continuous transmission is used, this will be a continuous glowing form. 


By feeding incredibly powerful transmitters with large amounts of energy 


extracted from the earth's molten core by "energy taps," very large spherical 
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globes and hemispherical domes of EM energy can be created. The energy in the 
interference "shell" of such a sphere or hemisphere is sufficiently dense to lift 
Dirac matter from the Dirac sea of the vacuum. Thus the shell contains a 
glowing plasma. 


Many such scalar howitzer signatures have been seen over the oceans, 
particularly over the North Pacific by jet airliners flying into and out of Japan. 
Also, such globes and domes of light have been seen deep within the Soviet 
Union, by observers in Afghanistan and by pilots of aircraft landing in Iran. 


In the impulsive exothermic mode, a large visible flash will occur ifEM energy 
in the visible spectrum is produced. "Flashes" in the infrared may similarly 
occur, if the emerging energy is in that spectral band. In September 1979 our 
Vela satellites detected such a large "nuclear flash" over the South Atlantic, off 
the southern coast of Africa. A second "nuclear flash" detected by the Vela 
satellites in 1980 was in the infrared only. Some years ago, a series of 
Momalous "flashes" and "booms" occurred off the east coast of the United 
States. These were due to the orientation and alignment -and registration - of 
one or more Soviet "scalar howitzers" - scalar EM interferometers in the 
exothermicmode. 


Large "booms" occurred over the shuttle launch site at Cape Canaveral, 
associated withthree shuttle launches priortotheendofNovember 1985. These 

were tests of such exothermic scalar EM howitzers, being tested as part of the 
Soviet Launch Phase ABM system. In that mode, the scalar pulses from the two 
transmitters are injected into special zero-reference scalar EM "channels" 

established in the EM carriers of the Woodpecker over-the-horizon radars. The 
scalar pulses travel through these channels, traveling in the ordinary EM beam 
of the transmitter and following it in its curvature around the earth in the earth- 
ionospheric waveguide. The scalar pulses are timed, phased, and oriented so as 
to meet the rising shuttle. In these tests the transmissions were offset in time so 
the shuttle would not actually be destroyed, but the system could be tested 

against actual shuttle launches in the U.S. 


The specific uses of these various exothermic modes will be covered in later 
partsofthebriefing. 
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Slide 041: Endothermic Mode (Scalar Interferometer) 


In the endothermic mode, the bias on the transmitters is such that energy is 
extracted from the distant intersection zone, to re-emerge at the transmitters. 
There the energy must be caught and disposed of if it is not to burn out the 
transmitters. When very large amounts of energy are extracted from distant 
points, the Soviets often use a "dump" method of temporarily capturing, and 
storing in an accumulator, the heat energy emerging at the transmitters. A 
"scalar energy tap" established into the accumulator then feeds a second 
howitzer in the exothermic mode. This howitzer is focused on a distant dumpsite 
- often Bennett Island, where U.S. weather satellites continually observe 
exhausts. 


In the impulsive endothermic mode, energy is impulsively extracted from the 
distant intersection zone. In the atmosphere this results in a very sharp cooling, 
or a "cold explosion." It also results in the type of boom and rumble often 
associated with thunder after a lightning bolt. 


On April 9, 1984 the Soviet Union tested such a "cold explosion" off the coast 
of Japan, near the Kuril Islands. In the suddenly induced low pressure "cold 
zone" above the ocean, ocean water was sharply sucked up from the ocean, 
forming a dense cloud. Then air rushing in to the low pressure zone forced the 
cloud upward, forming a mushroom much like that of an atomic explosion in 
visual appearance, except for the absence of a flash and the absence of a giant 
shock wave moving out away from the site of the explosion. (In this case the 


Soviets controlled the rise time of the pulse so that no "giant atmospheric boom" 
occurred.). 


As the cloud rises, it expands by mixing - very similar to a giant thunderhead 
buildup, except much faster. In this case the cloud rose to 60,000 feet in about 2 
minutes, spreading out until it reached a diameter of about 200 miles. The pilots 
andcrews of several Boeing 747 jet airliners in the general vicinity saw the 
incident. Sometime after that, a U.S. weather satellite photo of the area occurred. 
The cloud in that photo has an anomalous density distribution, differing from 
that of all other clouds in the area. 


Fil 01 IANCI 
243 


TESLA’S “BIG EYE” FOR REMOTE DIEWING 


CAN BE FOCUSED TO A SPECIFIC DEPTH 
IN THE EARTM, THE OCEAN, OF INSIDE 
AN ENCLOSUAE. 


SCaLan — 


SCAN) Se rh 





Swale 
|, MEGATIVE 
y\, @tas 


raacer 
EXTRACTION 
ZOnweE 


_—— 


7) | 


INTERFERENCE SCREEN La MEGATIVE 
\ fs OAs 


acatam “/>-Z_Gean 
RCVAsX MTR 


Slide 042: Tesla's "Big Eye" for Remote Viewing 


Nikola Tesla also planned a very special use for his endothermic scalar 
interferometer. He planned to produce what he called his "big eye to see at a 
distance." 


This is accomplished as shown on the diagram. First, the system is only weakly 
endothermic, so that only a small amount of energy is extracted from the distant 
target. Also, the beams are "scanned" by an open receiver, timewise, from side 
to side and top to bottom. By scanning yet another single beam through the 
intersection zone and phasing its pulses, an even better representation can be 
obtained. Thus the receiver produces a representation of the energy extracted 
from various locations within the distant endothermic zone. By displaying the 
received signals on an appropriately scanned screen, a representation of the 
distant scene in the intersection zone can be created. Indeed this is a special kind 
of "microwave interferometry,” and - with modern techniques - the imagery 
obtained might be surprisingly good. With development, it might even become 
as good as the image presently obtained by side-looking acquisition radars. 


Interestingly enough, since scalar EM beams will easily penetrate the earth or 
the ocean, one can also look beneath the earth or beneath the ocean with this 
type of scanning scalar interferometer. 


The importance of this capability to strategic and tactical reconnaissance is 
obvious. Camouflage, cover, and concealment have no effect on such a system. 
One can easily look inside buildings and into underground facilities. With a 
small system such as this, the U.S. Marines at Khe Sahn would have had little 


difficulty locating the tunnels continually dug under the perimeter by the Viet 
Cong. And targets under jungle canopies are directly visible. 


BACKGROUND FOR THE BRIEFER: 


It requires little imagination to see that this system is easily adapted to produce 
an "underwater radar." With such devices, the problem posed by the underwater 
nuclear submarine is solved. For example, an entire area can be continually 
searched, much like acquisition radar systems do now. A submarine can be 
detected and tracked, and none of its ordinary detectors will detect anything out 
of the ordinary. By using a separate pair of beams in the exothermic mode, 
powerful scalar pulses can be fired at the distant sub, intersecting at the 
submarine in a violent EMP throughout the sub and its armament. Thus the sub 
and all its missiles are destroyed instantly. 


Or, continuous exothermic transmission can be used by the targeting weapon at 
lesser power, gradually interfering with the sub's electrical systems and causing 
it to lose control. The sub then sinks to crush depth and implodes. 


Precisely that scenario seems to be what happened on April 10, 1963 to the 
U.S.S. Thresher nuclear submarine. It left a signature: the sub's surface 
companion, the nearby U.S.S. Skylark, was in the "splatter zone" of the 
underwater scalar interference. That is, spurious EM noise was being generated 
In all the Skylark's electrical systems, some of which were actually disabled. So 
intense was the "electronic jamming" that it required over an hour and a half for 
the Skylark to transmit an emergency message back to its headquarters that the 
Thresher was in serious trouble and contact with it had been lost. Some of the 
Skylark's communication systems actually failed, but later resumed operation 
inexplicably, once the jamming was gone. That type of "jamming" of multiple 
bands and multiple electronic equipments, of course, together with the 
anomalous failure of electronic equipment and its later mysterious recovery, 
were direct signatures of the use of the exothermic scalar interferometer against 

the undersea target area in the vicinity of the Skylark. 


The very next day, Apr. 11, 1963, the same Soviet scalar EM howitzer system 
was tested in the "destroy submarine" pulse mode. A huge underwater EM blast 
occured off the coast of Puerto Rico, about 100 miles north of the island. The 
underwater explosion caused a huge boiling of the surface of the ocean, 
followed by the rising up of a giant mushroom of water about a third of a mile 

high. The mushroom of water then fell back into the ocean, completing the 
signuture. 


Fortunately the startled crew of a passing U.S. jetliner that was just passing its 
checkpoint in that area saw the entire incident. (See Robert J. Durant, "An 
Underwater Explosion - or What?", Pursuit, 5(2), April 1972, p. 30-31.) 


Thesetwoincidents werefull-up operational testsof Khrushchev'snewly 
deployed superweapons. He probably staged this dramatic one-two punch in a 


desperate effort to recover face with the Communist Party after his disastrous 
facedown by Kennedy in the Cuban Missile Crisis a few short months 
previously. Apparently the attempt was successful, since he remained in power 
another year before being deposed. 
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Slide 043: Site of Mystery Cloud 

On this slide we show the location of the "cold explosion" off the coast of Japan 
on April 9, 1984. The site of the explosion was only about 200 miles from 
downtown Tokyo. The crews of several jet airliners, including Japan Air Lines 
Flight 36, saw it. 
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Slide 044: Mushroom Cloud from Sea off Japan near Russian 
Test Area 


A short time before, the Soviets had hastily announced missile tests would be 
conducted into a zone some distance away from the cold explosion site. This 
may have been intended as deception to cover this incident, should any foreign 
nation indicate they understood what was going on. 


It also was a direct "stimulus" to the Japanese and the rest of the world: That is, 
stimulate the system and see if the scientists recognize what happened. If they 
do, then they know about scalar EM weapons. If they don't, then their countries 
know nothing of scalar EM weapons, and those countries are defenseless against 
them. 


At any rate, at about 5:14 a.m. Pacific Standard Time on April 9, 1984, a giant 
mushroom cloud erupted above the ocean south of the Kuril Islands. The 
mushroom rose rapidly, expanding as it rose. In two minutes it had reached an 
altitude of 60,000 feet and a diameter of about 200 miles. 


One pilot of a Boeing 747 who observed the cloud was a former B-52 bomber 
pilot. He described the cloud as very similar to a mushroom cloud from a 
gigantic nuclear explosion, except there was no flash of visible light. Taking 
evasive action, he turned off course away from the blast, and braced for a blast 
shock wave, which never came. 


MUSHROOM CLOUD RISING FROM SEA (COLD EXPLOSION) 


* 0514 HOURS, 9 APRIL 1984 
* GRAY-WHITE CLOUD APPEARED 
* ROSE 60,000 FT IN 2 MINUTES 
* 180 MILES S.E.OF HOKKAIDO 
200 MILES FROM TOKYO 
SOUTH OF KURIL ISLANDS 
SOVIET MISSILE TESTING SCHEDULED 
ABOUT 350 MILES AWAY 
AT 2100 HOURS, 9 APRIL 1984 


Slide 045: Mushroom Cloud Rising from Sea 


Indeed, this highly anomalous cloud was due to a cold explosion - a test of a 
Soviet scalar EM howitzer in the pulsed endothermic mode. 


In the weapon's targeted interference zone, EM energy (heat) was rapidly 
withdrawn when the biased endothermic extraction occurred. Above the ocean 
anintense low-pressure zone was created. Water from the ocean was sucked up, 
as if by a giant vacuum cleaner. The water was violently broken into droplets, 
forming a dense cloud, with a strong upward momentum. 


The surrounding higher-pressure air rushed into the low-pressure zone, pushing 
the risingdense cloud of water vapor upward as its upward momentum 
continued. Mixing caused rapid expansion of the rising cloud, causing its 
density to thin measurably as it rose and expanded. An effect very similar to the 
formation of a strong thunderhead resulted, except much faster. 


The mixing cloud also resembled the mushroom cloud from a giant nuclear 
explosion, just as an emerging thunderhead does. 


But no outward blast wave resulted as does from a nuclear explosion. Also, no 
visible flash occurred, probably as a result of deliberate design by the Russians. 


Thus a beautiful "stimulus" and test was conducted: quite a few airliners were 
"pinged," providing a high-level stimulus to competent observers. The news was 
sure to be reported by them to several nations. The press was sure to pick up the 
story. This was a high order stimulus to see whether the U.S., Japan, or other 





potential adversaries of the Soviet Union recognized the testing of a cold 
explosion weapon. 


By our reaction, we assured them (with high confidence) that we still knew 
nothing of scalar EM interferometry or cold explosions. 
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Slide 046: Mushroom Cloud from Sea off Japan 


Five Boeing 747's flew through or near the cloud on their way to Anchorage, 
Alaska. The aircraft were checked at Anchorage for radioactive contamination, 
but nothing was found. This showed that the huge "explosion" had been non- 
nuclear. 


The ocean in the area is also about 21,000 feet deep. That is really too deep for a 

submarine volcano to have erupted and caused the cloud. (Besides, a volcano 

would have continued to snort at least a bit, and so that appears to be out of the 
questionasapossiblecauseoftheincident.) 


In short, a manmade phenomenon is indicated. 


Indeed, we know it was a cold explosion. As I've stated previously, a colleague 
has in fact produced the basic effect over a dish of water in the laboratory, using 
a small scalar interferometer in the endothermic mode. 
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Slide 047: Not a Known Natural Phenomenon 
Further, the story does not end there. 


A geophysicist at the University of Hawaii, Dr. Daniel A. Walker, together with 
his colleagues monitor an array of hydrophones on the ocean bottom, recording 
signals such as seismic incidents, volcano eruptions, etc. 


Dr. Walker and his colleagues performed a comprehensive analysis of the data 
recorded by the hydrophones in and around the time of the incident in question. 
The data shows the absence of any natural seismic or volcanic event that could 
have caused the April 9th phenomenon off the coast of Japan. 


He and his colleagues concluded that it was either an as yet unknown natural 
phenomenon, or a man-made phenomenon. 


Their report is published in Science. (Walker et al, "Kaitoku Seamount and the 
Mystery Cloud of 9 April 1984," Science, 227(4687), Feb. 8, 1985, p. 607-611.) 
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Slide 048: Explosive Events seen on Soviet Island 


Here are two U.S. weather satellite photos of the anomalous exhausts on Bennett 
Island we previously referred to. 


The exhaust in the left picture is about 150 miles long, and is nearly horizontal 
(about 1.5 degrees above the horizontal). It is entirely consistent with the 
continuous exhaust from a "dumping transfer" scalar EM howitzer in the 
continuous exothermic mode. (The primary howitzer, of course, was activated in 
the endothermic mode.) 


I think any open-minded investigator must admit that that is indeed a very 
powerful jet-like exhaust, and not like anything one ever sees from a natural 
volcano or geological gas vent. Ifanyone knows of such an anomalous volcanic 
or geological exhaust, I would be most delighted to see a photo or report. To my 
knowledge, no such natural photo exists, and no such natural exhaust has ever 
been reported. 


The right picture shows the "puff of an explosive emergence of the exhaust. In 

other words, this one is the exhaust from a "dumping transfer" howitzer used in 
the pulsed exothermic mode. Since it did not have so much energy to dump, it 
could dump it in a pulse. Again, the primary howitzer, of course, was activated 
in the endothermic mode. 


Over 100 weather satellite photos of these anomalous exhausts have been taken 
since 1974. 


One or more U.S. aircraft have even been vectored through the exhausts, and 
samples of the exhaust taken and analyzed. The exhaust is made up of a little 
clay and mud and water, and is colder than the surrounding air. 
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Slide 049: Explosive Events seen on Soviet Island 


U.S. weather analysts euphemistically call these exhausts from Bennett Island 
plumes. 


Here is another U.S. weather satellite photo, showing the twin emergence of 
multiple puffs. 


One might expect such exhausts if the secondary "dumping transfer" howitzer is 
operated in the continuous mode, with continuous extraction by "power tapping" 
the accumulator of the primary howitzer. In that case, the signature of the 
exhaust would expose the operation of the primary howitzer. For example, this 
exhaust would indicate multiple puffs, hence probably multiple frequencies and 
multiple primary transmitters, each phased in a controlled manner. That of 
course indicates the production of Fourier expansion forms - of 3-dimensional 
geometrical forms - by the primary howitzer(s). Since these are puffs, it may 
indicate the explosive formation of distant spherical balls of energy by the 
primary howitzer. This in turn indicates the use of a howitzer system in the 
"pulse firing” mode, which can be used against missiles, ships, aircraft, ground 
targets,armoredvehicles,underwatertargets, etc. 
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Slide 050: Explosive Events seen on Soviet Islands 


This slide shows the location of three areas of interest relative to Soviet scalar 
EM weapons testing. 


Wrangel Island, north of the northeastern portion of the Soviet mainland, is 
associate with tests of these weapons in large circular breakups of the ocean's ice 
cover. This of course could aid submarines that wished to surface and fire cruise 
missiles, or submarines that wished to fire from underwater and needed the ice 
broken up. 


Strangely enough, Wrangel Island has a most peculiar history: legally it still 
belongs to the U.S., but has been "given" to the Soviet Union without 
permission of the U.S. Senate, which is illegal. 


Bennett Island, a little farther to the west and still north of the Soviet mainland, 
is noted for its phenomenal number of anomalous exhausts as previously 
discussed. 


North of the Soviet mainland and near its middle lies the large island of Novaya 
Zemlya. Weather satellites have taken pictures of anomalous circulations over 
this island, which are further candidates for exhausts from scalar EM howitzer 
operations. 
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Slide 051 : Creating a Spatial 0-Field Pattern 


On this slide we show that a hemispherical dome (or other regular shape) can be 
composed from scalar waves by 3-dimensional Fourier expansion. By truncating 
the expansion - say after 10 or 12 frequency terms - a good representation of 
the desired form can be obtained with a practical number of frequencies, and in 
turn a practical number of transmitters. A computer is used to compute the 
multiplying functions for each frequency, and the entire complex of frequencies 
is thentransmitted to produce the scalar form. By interfering two such scalar 
forms, a 3-dimensional shell of locked-in, ordinary EM energy is formed in 


space. 


Interference of two such scalar hemispherical surfaces creates a "glowing 
hemispherical shell or dome of energy." 





Interference of two such scalar spherical surfaces creates a "glowing spherical 
shell or globe of energy." 


Both such geometric forms have been repeatedly seen. 


\ 
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Slide 052: Tesla Shield 


Of particular interest is the hemispherical shell of energy, which years ago I 
dubbed the "Tesla shield." 


As shown on this slide, two scalar hemispherical surfaces are created, using 
multiple frequency transmitters and truncated Fourier series expansions. 
Interference of the two scalar hemispheres creates a great, glowing 
hemispherical shell of ordinary electro-magnetic energy. In the shell, the energy 
density is sufficient to lift Dirac matter from the Dirac Sea of vacuum. The shell 
is thus filled with a glowing plasma. 


Such a shell may be several hundred miles in diameter at the base. The 
enormous energy required to form such a defense shell is obtained by a "scalar 
power tap" into the molten core of the earth itself, as previously explained. In 
late April/early May of 1985, 27 such "power taps" were placed in the earth by 
the Soviets. If each tap is capable of powering four to six large scalar EM 
weapons, then the Soviet strategic scalar EM arsenal contains over 100 
monstrous superweapons capable of generating exothermic explosions, 
endothermic explosions, engineering the weather, locating and destroying 
underwater submarines, detecting and destroying ballistic missiles shortly after 
launch, detecting and destroying long range strategic bombers as soon as they 
are airborne, etc. 


At any rate, the giant Tesla shield is useful against any penetrating vehicle. If the 
shell is not so large, its energy density may be very high. In that case, the intense 
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plasma heating will fuse and even vaporize metallic bodies. In addition, any 
vehicle encountering the shell is subjected to an extremely intense EMP arising 
everywhere inside its circuitry. EM shielding is of no use against the creation of 
energy throughout the spacetime of the circuits; such shielding only helps 
against energy flow through space in the conventional sense. 





Thus the electronics of any vehicle encountering the shield are instantly dudded, 
whether or not they are shielded against ordinary electromagnetic interference 
(EMI). This includes the electronics operating a nuclear warhead, carried by a 
re-entry vehicle. Electrically everything penetrating the shell is totally dudded. 
Further, explosive materials are exploded when such an EMP is encountered, 
and combustible materials are fiercely consumed or set afire. Ablative shielding 
suffers an interesting catastrophe: since energy does not try to "flow into" the 
shielding but "arises everywhere in it simultaneously", "ablation" occurs 
everywhere throughout the ablative material, simply exploding it instantly. In 
addition, for smaller Tesla shells (say of 50 miles diameter) the energy density is 
sufficient to melt or vaporize metals such as in missile structures. 





With such a Tesla shield, there is no need to discriminate true warhead-bearing 
re-entry vehicles from decoys, chaff, etc. The entire "mess" entering the shield 
is simply "cleaned up" and "sterilized" or destroyed. The shield can take care of 
ICBMs/IRBMs and their nuclear warheads, strategic bombers and their nuclear 
bombs, cruise missiles and their nuclear warheads, re-entry vehicles and their 
warheads, decoys, chaff, etc. 





EXPANDING DOME-LIKE PHENCMERCH 





Slide 053: Expanding Dome-like Phenomenon 


Here we show one instance of apparent Soviet testing of the Tesla shield 
(hemispherical shell of energy) over the ocean. This incident occurred in the 
Caribbean and Western North Atlantic Ocean on Mar. 20, 1969 and is reported 
in the Marine Observer, Vol. 40, 1970, p. 17. A semicircle of milky white light, 
quite intense at first, was sighted on the horizon. The semicircle enlarged, 
dimming as it expanded. The incident lasted for about 10 minutes. Seen from a 
passing ship, the top of the hemisphere reached a sighting elevation angle of 
about 50 degrees, while the base of the hemisphere of light subtended an arc of 
about 70 degrees. This is directly indicative of a test of the Tesla shield, first as a 
small, more intense shield and then expanding to greater size for a less intense 
shield whose primary destructive mechanism is EMP. Note that the EMP in a 
Tesla shield is locally contained in the energy-bottle shell. It is not an ordinary 
EMP of energy radiated out of the shell. 
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Slide 054: Hemisphere & Globes 1977 


Here is a second instance of apparent Soviet testing of the hemispherical Tesla 
shield over the ocean. This time it is combined with simultaneous testing of two 
smaller scalar interferometers creating Tesla globes of EM energy. 

This incident occurred at 23 degrees 5 minutes north, 17 degrees 25 minutes 
west. It was sighted and reported by a British ship, HM.V. Kinpurnie Castle, on 
Mar. 24, 1977. The report is in the Marine Observer. Vol. 48, 1978, p. 21-22. 


First a large, moderately luminous hemisphere of light formed, requiring about 3 
minutes to do so. Seen from the ship, the top of the hemisphere was at a sighting 
elevation angle of about 30 degrees, while the base subtended an arc of about 40 
degrees. This was the basic Tesla shield. 


Then two other luminous globes or patches of light, each of about | degree 
diameter as seen from the ship, formed in the same area; one inside the shield 
and one outside it. From the glowing globe inside the shield, a light beam 
similar to a giant searchlight shone down to the ocean's surface for about 10 
seconds. 

Again the phenomena lasted about 10 minutes and then disappeared. 

The luminous globe or patch inside the hemisphere might be the test of a second 
weapon deployed from a Soviet aircraft in the area. If so, the aircraft has placed 
a strong spherical shield around itself. In addition, the aircraft is utilizing some 
sort of scalar interferometer beam weapon in an underwater mode. Probably this 
would imply a "shot" at a hostile nuclear submarine inside the shielded zone. 
Thus this aircraft would have the scalar EM equipment to search for the 
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underwater sub and detect it, and also to concentrate interference energy upon it 
underwater, destroying it quickly. 


Suffice it to say that it is possible to perform scalar interferometry by means of a 
single beam, in a proprietary process discovered by a close colleague. Thus the 
"glowing beam to the ocean" resembling a searchlight makes very good sense in 
the anti-submarine role. The same weapon, of course, could also attack any 
hostile surface vessel that might have been inside the shielded area at its 
formation. 


The second luminous globe or patch, outside the hemisphere, is probably from a 
second scalar interferometer from the naval task force, simulating the 
continuous attack of a certain target (missile or aircraft) outside the protective 
dome. 


As can be seen, this phenomenon is directly indicative of the types of operations 
one would expect from the testing of Soviet scalar EM weapons at sea, possibly 
to protect a Soviet naval task force during simulated combat operations. 
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SARYSHAGAH DIRECTION, SEPTEMBER 1979 (SEEN FROM AFGHARISTAH) 
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Slide 055: Saryshagan Direction, September 1979 


The London Sunday Times of 17 August 1980 contained information and a 
photo-sketch of incidents of sighting of the testing of very large Tesla globes 
deep within the Soviet Union. British war cameraman Nick Downie made the 
sightings from Afghanistan. The phenomena seen were in the direction of the 
Saryshagan Missile Test Range, which - according to the U.S. Defense 
Department's Soviet Military Power, 1986 - contains one or more large directed 
energy weapons (DEWs). 





Even though Downie was seeing the giant globe of light from a great distance, it 
flared silently over the Hindu Kush and expanded to subtend an arc of about 20 

degrees, dimming as it expanded. (An arc of 20 degrees subtended by an object 
many hundreds of miles distant indicates an object of well over a hundred miles 
in diameter. This gives some idea of the enormous energy being controlled and 
manipulated by these Soviet weapons.). 


Downie saw the sight on more than one occasion in September 1979. 
BACKGROUND FOR THE BRIEFER: 


In the same month - September 1979 - a stationary luminous globe containing a 
vertical stripe of black in the center was seen in the sky off Saint Petersburg, 
Florida. This particular type of sighting in that area has been previously 
correlated with times of known activity at Saryshagan. 


Further, in the same month U.S. nuclear-warning Vela satellites detected a 
mysterious "nuclear flash" over the South Atlantic, off the coast of Africa. 
Controversy has raged in U.S. intelligence and scientific circles to this day as to 
whether a nuclear explosion or some other mechanism produced the flash. 


Indeed, the flash may have been produced by a scalar EM howitzer from 
Saryshagan as one more "ping" of the U.S. intelligence system, to ascertain 
whether or not it knew anything about scalar EM howitzers. Again, the negative 
response told them with high confidence that (1) we still didn't know about 
scalar EM stuff, and (2) we were still absolutely defenseless against the Soviet 
scalar EM weaponry. 


In 1980, a second "Vela flash" was reported. This time it occurred in the 
infrared region only, which positively rules out any sort of nuclear explosion. 
Even this increased stimulus still evoked a U.S. action that revealed total 
ignorance of scalar EM weaponry. 





An alternate possibility for the September 1979 Vela flash also exists: countries 
not hostile to the U.S. may have tested a scalar EM weapon that produced the 
flash. 


At any rate, from Downie's sightings, it is highly probably that the DEW 
weaponry at Saryshagan Missile Test Range was active in September 1979, and 
was producing huge Tesla globes. If the DEWs at Saryshagan can produce the 
giant luminous Tesla globe, they almost certainly are scalar EM interferometers 
and can produce the giant Tesla shields as well. Downie reported other earlier 
sightings of similar phenomena seen by Afghans deep within the Soviet Union 
in the same direction toward Saryshagan. 


Briefly let us cover the uses of such a "giant globe" or spherical shell of glowing 
EM energy and plasma. 


By placing such a "giant globe" thousands of kilometers out away from the 
defended heartland, an entire arc of the sky can be defended against long-range 
ballistic missile attack in midcourse. During their midcourse trajectory, the 
attacking missiles would have to penetrate the globular shell twice, exposing 
them to giant internal EMPs twice. A very high probability thus exists that all 
missiles entering the space occupied by the globe are dudded upon entry and/or 
exit. This includes the electronics inside the nuclear warheads themselves. Also, 
this is particularly effective against MIRV and MARV missile carriers, since the 
multiple re-entry vehicles are normally still on the main vehicle during most of 
midcourse. The use of this midcourse ABM globe defense greatly reduces the 
number of vehicles arriving at the latter part of midcourse and at the terminal 
phase of their trajectory. 


By using a smaller, more intense globe and placing it on incoming clusters of 
objects or single objects, both EMP and intense local heating are used against 
the objects. This is suitable in the latter part of midcourse and in the terminal 
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phase of ICBM's, IRBM's, SLBM's, and cruise missiles. It is also useful against 
incoming strategic bombers and their air-to-surface missiles, both ballistic and 
cruise. 


Two modes of the globes - especially the small ones - can be used. First, the 
continuous mode can be used to "fry" or vaporize incoming objects in a 
relatively small volume (say two or three tens of kilometers in diameter). 
Second, the "pulse" mode can be used to "service" all incoming objects, whether 
or not they have passed through the "large globe" midcourse defense. This 
provides an additional guarantee of killing the objects; discrimination is not 
required, just service all of them. The exposure of all incoming objects to 
multiple attacks raises the probability of kill to essentially 100%, or as close to 
that as one wishes. Of course the incoming vehicle may still encounter a 
terminal defense consisting of the Tesla shield and associated roving 
"quickshot" small intense globes. 


In short, with these systems an essentially 100% ABM and anti-bomber defense 
is possible. Further, the Soviets have possessed such an effective defense for two 
decades, just as they have openly stated. 


COWTIHUOUS TESLA EMP GLOBE 
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Slide 056: Continuous Tesla EMP Globe 


Here is another verified incident of a gigantic test of a Soviet scalar EM 
howitzer deep within the Soviet Union. 


This is a CIA report, released under the Freedom of Information Act. One can be 
quite sure that the incident occurred as stated. 


The phenomenon was seen from two aircraft approaching Mehrabad Airport in 
Teheran, Iran on June 17, 1966 and reported by their pilots. 


On the far horizon deep within the Soviet Union, an intense spherical ball of 
light appeared, "sitting on the horizon" so to speak. The globe of light increased 
to enormous size, dimming as it did so, literally filling an arc of the distant sky 
as it expanded. The sighting was shielded from most ground observers’ view at 
the airport itself due to an intervening mountain range that masked most of tin- 
phenomenon from the ground. 


The silent, expanding globe was observed for four or five minutes before it 
faded away. 


BACKGROUND FOR THE BRIEFER: 


Again, this is positive evidence of the testing of a giant scalar EM 
interferometer, in the "midcourse ABM globe" type of action. 


However, note the date - mid 1966! The Soviets have therefore been testing 
such scalar weapons of enormous size and power for at least two decades. This 
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implies that development must have started at least a decade earlier, or in the 
mid ‘50s. 

Still earlier in January 1960 Nikita Khrushchev had announced the development 
of a "fantastic" Soviet weapon, one that could even destroy all life on earth if 
unrestrainedly used. In 1962 the ebullient Khrushchev was forced to back down 
and lose face before John Kennedy in the Cuban Missile Crisis. Khrushchev's 
missiles and bombers were in woeful shape, as Kennedy well knew (by courtesy 
of the Soviet spy, Colonel Oleg Penkovsky). Kennedy did not know that 
Khrushchev's new superweapons were nearing deployment, but were not yet 
quite ready. 


To save face and prevent his immediate ouster, Khrushchev apparently 
conducted a startling two-strike demonstration of his new weapons as soon as 
they became operationally ready. On April 10, 1963 he detected and destroyed 
the U.S.S. Thresher nuclear submarine using a scalar EM howitzer in the 
underwater "continuous" mode. 


The next day he demonstrated the "pulsed" underwater destruction mode for 
nuclear subs by producing a giant underwater EM explosion underneath the 

ocean 100 miles north of Puerto Rico. Ironically, just as the Atlantic was coming 
alive with U.S. naval vessels searching for the lost Thresher, a second test of the 
weapons that had finished off the sub occurred to the south of them, unnoticed 
and disregarded, even though seen and reported (to the FBI and the U.S. Coast 
Guard) by a passing U.S. jetliner's pilot and crew, who observed the underwater 
explosion. 


We thus can peg the development of these weapons by the Soviets as starting 
well before 1960. The first operational deployment of the giant strategic 
weaponry occurredinearly 1963. 


Note that the 1966 testing observed here is completely consistent with this 
estimateddevelopmentschedule. 


Thus large Soviet strategic scalar EM weapons have been operational on site for 
23 years! This implies that at least three additional generations of the scalar EM 
weaponshavebeendevelopedanddeployedbynow. 
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Slide 057: Mysterious Light over North Pacific 


Incidents of Soviet testing of the Tesla shield and the Tesla globe weapons are 
routinely observed by airline pilots flying over the North Pacific into and out of 


Japan. 

This is one typical example. Two jetliners, Japan Air Line flights 403 and 421, 
sighted and reported a large glowing globe of light sitting just beyond the 
horizon and extending well above it. The aircraft were in the vicinity of 42 
degrees N latitude and 153 degrees longitude at the time. The sighting was thus 
about 700 miles east of Kushiro. 

The pilots estimated the diameter of the ball as at least 18-27 kilometers. 
Depending upon the actual distance to the sphere, it may have been of much 
larger size. 


This incident is reported in the Asahi Evening News, Tokyo, June 22, 1982. 


The jet airliner pilots flying over these waters have reported many other similar 
sightings. 
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Slide 058: White Sphere seen in North Atlantic 1976 


Here is another sighting closer to home. 


This incident was observed from a passing ship on June 22, 1976 in the North 
Atlantic, at about 2113-2140 hours. It is reported in the Marine Observer, Vol. 
47. 1977, p. 66. 


First, an orange glow was sighted behind some distant clouds. A couple of 

minutes later, a glowing white sphere of light was observed to the left of the 

orange glow, just above the clouds. The white sphere then slowly expanded to a 

much larger sphere, dimming as it expanded. At its maximum size, the top of the 

white sphere reached about 24 degrees 30 minutes elevation angle to the 
observer. Developmenttomaximumsizerequiredabout 1Ominutes. 


By 2140 hrs the sphere had faded and disappeared. The sphere was sufficiently 
thin that the stars could be seen through it at all times. 


Again this incident strongly fits the large Tesla globe mode ofa Soviet scalar 
EM interferometer. 


The significance and role of the orange glow are not known at this time. 
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Slide 059: Continuous Tesla Fireball 


Here is another incident that represents a stimulus to the British government, to 
see if the British are aware of scalar electromagnetics. 


Again, this is a CIA report released under the Freedom of Information Act, so 
the details are reliable. 


On Sep. 10, 1976 British European Airways flight 831, flying between Moscow 
and London and over Lithuania at the time, observed an intense ball of light 
above the clouds below the aircraft. The light was so intense that it lit up the sky 
in the entire vicinity. 


The concerned pilot reported the glowing object to the Soviet ground authorities 
with whom he was in contact. He received the harsh instructions to ignore the 
light, and essentially to continue on his way out of there. 


Here we see an incident involving a small, intense Tesla globe, of the kind with 
which the defense could "service" objects that had already penetrated a large 
midcourse globe, or aircraft approaching the defended area. 


Obviously the Soviet authorities were tracking the aircraft, and knew it was in 
the vicinity. It seems logical, then, that they deliberately placed the brightly 
glowing ball beneath the aircraft so that the pilot and crew could not fail to 
observe it. 


The strange message to the pilot was simply designed to increase the intensity of 
the stimulus. The stimulus was to be something like, "The Soviets are doing 
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something in research and development that allows them to create intense balls 
of glowing light at a distance, and place these objects in the air in and around 
aircraft, possibly to intercept them." The purpose, of course, was to observe the 
British government's reaction after the incident was reported by the pilot upon 
his arrival at London. 


Again the reaction of the British - and the U.S. as well - was as predicted. 
Again we showed that we knew nothing of scalar electromagnetic weapons, and 
did not recognize one when we encountered its effects. 
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Slide 060: Terminal ABM System 


Very neat things can be done if one nests several Tesla shields - say three or 
four - concentrically, one inside the other. In that case even the nuclear radiation 
(such as gamma rays) from a defense-suppressive high altitude nuclear burst can 
be handled. 





For example, suppose three such concentric shields are placed over a large vital 
area. Further, suppose a high altitude nuclear burst is placed up above the outer 
shield. Gamma radiation almost instantly strikes the plasma in the outer shell, 
where it is absorbed, scattered, and re-radiated at lower temperature. (That, after 
all, is what plasmas do.) 


Inside the first shell, the scattered radiation is now in the x-ray and ultra-violet 
region. Let us track the most lethal component, the x-rays. 


The scattered x-rays then strike the second plasma shell, and are absorbed, 
scattered, and re-radiated at lower temperature. Inside the second shell the 
scattered radiation is now in the visible and infrared region, with a little 
ultraviolet. 


This optical radiation in turn strikes the third plasma shell, and is absorbed, 
scattered, and re-radiated at still lower temperature. Inside the third shell most of 
the energy is now in the form of radiofrequency (RF) energy, with a little IR and 
visible band spectral energy content. 
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At this point, ordinary electromagnetic interference (EMI) shielding of 
electronic equipments on the ground and inside the third shield can take care of 
any RF interference resulting from the emergent RF noise. 


As can be seen, three shells are sufficient to convert the gamma and x-ray 
radiation (and ultraviolet and infrared) mostly to harmless RF energy before all 
three shells are penetrated. Thus the tactic of deliberate defense suppression by a 
preliminary high altitude nuclear burst can be countered by multiple Tesla 
shields. 


In addition, of course, any ordinary vehicles penetrating all three shields are 
exposed to successive violent EMP's, and are almost certainly electrically 
dudded. The vehicles are also subjected to multiple periods of intense heating, 
so combustibles, fuels, explosives, and ablatives are destroyed. In addition, 
metal structures may be melted or vaporized. 


Think of it this way: anything that hits one of these Tesla shields goes phht! Just 
like a bug hitting an electrified bugkiller screen. 


For years passing ships have observed and reported such multiple-shield "light 
phenomena” over remote regions of the ocean. U.S. intelligence has routinely 
not paid any heed to reports of "lights at night" over remote ocean areas, and so 
Soviet tests in this manner have remained relatively unnoticed by officialdom. 
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Slide 061: Two Arcs in the Sky 


Just to list one incident involving the testing of multiple concentric Tesla 
shields, here is an early test conducted in mid-1961 over the Indian Ocean. 


The incident occurred at 1800 hrs. Greenwich mean Time (GMT) and was 
observed by a passing ship. The report is contained in Marine Observer, Vol. 32, 
1962, p. 64. 


First the ship's crew observed a gigantic, very bright arc of light on the horizon 
or beyond it, with both ends passing below the line of sight to the horizon. This 
was in fact probably a large Tesla shield, but of such low intensity that only its 
intersection arc could clearly be seen. The arc subtended an arc of about 150 
degrees across its diameter at the bottom. After about 10 minutes, a second and 
dimmer arc appeared, concentrically inside the first one. The ship thus was 
observing what probably was the nesting of two giant hemispheres (of EM 
energy) to provide a multiple Tesla shield. 


This was probably a test of an early research and development prototype, since 
Khrushchev had only announced his new "fantastic weaponry" in development 
in his January, 1960 speech to the Soviet Presidium. And apparently land-based 
weapons such as this prototype probably did not become deployed and 
operational until April 1963. However, even in 1961 the Soviets would have 
been developing and testing prototypes of the weapon adapted for naval task 
force protection and usage. 


Several other similar phenomena involving nested hemispheres or giant 
concentric arcs of light have been seen by mariners at sea. 
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Slide 062: ABM Defenses 


When the various capabilities of Tesla shields, globes, and scalar howitzers are 
integrated together into an ABM defense, a most formidable Soviet strategic 
defense capability is apparent. 


On this slide we deal only with midcourse and terminal phase ABM defense. 
Later we shall cover the application of these weapons to launch phase ABM 
defense, primary phase bomber defense, underwater antisubmarine defense, etc. 


Suppose the U.S. is provoked to desperately launch a missile attack toward 
Russia, asindicatedontheslide. 


First would come the launch phase destruction of the launched missiles, which 
we will cover shortly. 


Any remaining missiles in midcourse would encounter extremely large, glowing 
spheres of light, where the EM energy density is contained and held in the 
spherical shell "energy bottle" of the glowing globes. Each globe might cover an 
are of up to about 20 degrees, as seen from the Soviet defended area. Missiles 
carrying MIRV and MARV payloads would not yet have deployed their re-entry 
vehicles. 


As a missile and its payload encounter one of the globular shells, an intense 

EMP is suddenly experienced throughout the missile and all of its components. 
Again, EMI shielding is of no consequence since the EMP arises in each 
increment of spacetime throughout the vehicle volume. The result is 
instantaneous dudding of all electronic circuitry, including the electronics of the 
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nuclear warheads themselves. The HE content of the nuclear warhead system is 
violently exploded, totally destroying the configuration of the warhead. A low- 
order nuclear detonation may occur, but more likely the warhead's nuclear 
material is just broken up, finely divided, and set afire. 


In addition, all combustible materials are set fiercely afire or destroyed. 
Explosive materials such as booster propellants and HE explosives are violently 
exploded. Ablative and plastic materials literally explode into pieces, torn apart 
by sudden violent ablation and outgassing everywhere within. The remnants of 
the vehicle are now total duds, as is the payload, including re-entry vehicle, 
nuclear warhead electronics, nuclear materials from the disruption and explosion 
of the HE portion of the warhead system, etc. 


Still, each piece of the debris must pass through the glowing shell once more 
before it exits. Thus a second "shot", precisely as effective as the first, still 
awaits each and every piece of the debris plunging along inside the shell as it 
exits. 


As the debris continues on to the latter part of midcourse and early terminal 
phase, any portions large enough to track are subjected to small, intense Tesla 
globes where the energy density in the shell is many orders of magnitude greater 
than in the larger globe used in earlier midcourse. This part of the defense 
system simply services each incoming "blob" methodically, probably first in the 
pulse mode. Later, any blobs still remaining are given the maximum 
"continuous heating" mode with a small Tesla globe, to actually vaporize metals 
and materials. 


In the unlikely event that anything active still remains, or that an object has 
managed to elude the large and small Tesla fireballs, a Tesla shield is still to bo 
encountered, towering over the protected area. For significant targets this shield 
will be concentric, and will contain three or more concentric Tesla shields. 
Again, the approaching vehicle will be subjected to multiple EMP's and severe 
heating throughout its volume. In addition, the concentric shields will "clean up 
and sterilize any gamma radiation and EMP resulting from any deliberate high 
altitude defense suppression nuclear burst that somehow (inconceivably!) gets 
through the launch phase ABM system, and the Tesla-globe midcourse and earl 
terminal phase defenses. 


As can be seen, the system complex represents a most formidable defense that 
certainly approaches 100% effectiveness against the present triad, and even 
against the addition of cruise missiles. 


In addition, since these weapons suffer from very strange constraints and 
limitations, the scalar transmitters are actually dual mode: they become 
conventional radars by simply switching into the ordinary EM mode. They arc 
part of the more conventional ABM defense system complexes we presently 
recognize in the Soviet Union. In this conventional role, backup ABM missile 
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interceptors are available, to be employed in case the conventional role must be 
assumed. 

Later we will address the reason for the strange limitations that must be placed 
upon unqualified use of the large scalar EM systems, particularly in the pulse or 
"burst" nodes. 


HETWORK OF VIRTUAL TRAHSMITTERS 





Slide 063: Network of Virtual Transmitters 


In July 1976 the U.S. received very special Bicentennial greetings from the 
Soviet Union. 


At that time, communications systems of the world in the 3-30 megaHertz band 
suddenly met substantial interference from extremely powerful, chirped Soviet 
transmitters that were suddenly activated. These transmitters continue their 
transmissions to this day. 


Estimates of the power of these enormous transmitters vary, but figures range as 
high as several hundred megawatts, with a nominal figure being 100 megawatts. 


These powerful transmitters were promptly nicknamed "Woodpeckers" because 
of the characteristic sound of the chirped signal when received. That is, the 
received signal made a "pecking" sound much like a woodpecker's beak hitting a 
block of wood. 


Several nations protested, but the powerful signals have continued, right down 
to this day. The only Soviet response was to add a "spread spectrum" capability, 
so that the transmitter did not dwell too long on one specific frequency, but 
shifted periodically to other frequencies. 


These transmitters have apparently never been precisely located by U.S. 
intelligence, but their beams carry much of the characteristics of an over-the 
horizon (OTH) radar. They have been dubbed OTH-radars by U.S. intelligence, 
and can without question perform that mission, in addition to some very 
interesting missions which U.S. intelligence does not assess. 
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Soviet Military Power, Department of Defense, 1985, p. 45 shows the direct 
intersection over the United States of the Woodpecker radar beams used in an 
OTH-role. We show an illustration of that intersection on this slide. 





In addition, we show an additional "scanner" beam that can be scanned across 
the intersection "grid" over the U.S., formed by waveform interference of two 
main Woodpecker beams. 


These Woodpecker transmitters have a great many diverse functions. 


First, they can be used in a conventional over-the-horizon radar node, since their 
beams follow the earth-ionosphere waveguide and curve around the earth. In this 
mode they can detect missiles at launch and thereafter, and strategic bombers 
when taking off and thereafter. 


However, these scalar interference grid weapons have many other uses. 


First, they can be used to biologically attack entire populations in a targeted 
area. This aspect is not covered in this briefing. Suffice it to say that phase- 

locked ELF modulation signals ot 10 Hz and less are often detected on multiple 
Woodpecker frequencies simultaneously. In a target area, this modulation - if 

sufficiently stronger than the Schumann resonance of the earth's magnetic field - 
will entrain a percentage of the brains into "forced entrainment." In that case, 
these human brains are "synchronized" to the Woodpecker signals so that 
multiple coherent frequencies are phase-locked into them. That is, multiple 
coherent EM channels directly into these entrained brains now exist. At that 
point, Fourier expansions may be used to attack specific portions of the brain 
geometrically. 





In addition, scalar EM disease patterns can be modulated upon the carriers, 
again with Fourier expansions. Specific biological effects can be induced in the 
entrained populace at will, limited only by the state of the art of the Soviet 

technology used to attack them. Possible induced effects include instantaneous 
death, heart seizure, severe emotional disruption, loss of control of internal 
functions, diseases, disabling of the immune system, and even implantation of 
thoughts, emotions, and ideas which are interpreted by the targeted subjects as 
their own. 


While further discussion of this area is beyond the scope of this briefing, the 
biological aspects of the Woodpecker transmitters are horrible. It suffices to say 
that, in thousands of experiments, Kaznacheyev demonstrated that almost any 
kind of cellular death and disease pattern could be electromagnetically 
transmitted. Kaznacheyev reported the effect in the near ultraviolet. 
Experimenters at the University of Marburg in West Germany duplicated the 
experimentsintheinfrared. 


The bottom line is that photons themselves can carry death and disease patterns 
between cells. Scalar EM technology allows the synthesis of the actual potential 
pattern (which after all represents total control of charge and charge distribution, 
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hence biochemistry in the cell) of a particular cellular disease or death 
mechanism. Symptoms (and cellular death from them!) of nuclear radiation, 
chemical poisoning, bacterial infection, and other mechanisms were successfully 
induced by the Kaznacheyev experiments. 


Dr. Popp of West Germany has published an analysis of the virtual photon 
master control system of the cells. Since scalar EM represents the deliberate 
ordering of virtual particle flux into deterministic patterns, the master control 
system can readily be entered with scalar techniques to induce disease and 
disorder at will. 


HETWORK OF VIRTUAL TRAHSMITTERS 


RENCE GRID 
NTS) 





Slide 064: Network of Virtual Transmitters 


On this slide we diagrammatically represent the Soviet woodpecker interference 

grid over the U.S. This grid can easily be used to influence and control the 
weather, and for over a decade the Soviets have manipulated the weather over 
the U.S. and other parts of the world. 


By the peculiar title of this slide, we wish to call attention to the fact that, in the 
exothermic mode of scalar interferometry riding on the woodpecker radar 
signals, each of the woodpecker grid interference cells can act as a little "virtual 
transmitter." It's exactly as ifthe Soviets had been permitted toenterthe U.S. 
and build thousands of EM transmitters at regular intervals all over the country! 


And of course it's even worse. In the endothermic mode, it's as if the Soviets had 
been permitted to enter the U.S. and build thousands of "cold generators" all 

over the U.S. That is, in that mode, each of the "transmitters" can actually 
extractelectromagneticenergy. 


ThesetwomodeshaveenabledtheSovietUniontodrasticallymanipulatethe 
weather at will over the U.S. during the last decade (and similarly, for other 
places as well.) 


(For a disclosure of the Soviet weather control operations over the U.S., see 
T.E. Bearden, Soviet Weather Engineering Over North America, 1-hr. 

videotape, 1985, available fromTheTomBearden Websitewww.cheniere.org. 
We will only summarize here.). 


Briefly, inside various reference level zeros on the ordinary EM woodpecker 
carriers, scalar "channels" are established. Scalar beams, signals, and 
interferometer pulses and transmissions can be transmitted through these 
reference channels as if directly through a wire. Phasing, pulse shaping, and 
Fourier expansion formation of geometric forms are then the key to be used in 
scalar interferometry through the internal scalar channels of the Soviet 
woodpecker signals. 


By choosing one or more grid cells and using scalar interference there in the 
exothermic continuous mode, local heating and expansion of the air, and 
formation of a high-pressure area, occurs. 


By choosing one or more grid cells and using scalar interference there in the 
endothermic continuous mode, local cooling and shrinking of the air, and 
formation of a low-pressure area, occurs. 


By electromagnetic "rotation" of the interfering scalar beams, the hotspots and 
coldspots can be moved along a desired path and at a desired speed. 


By these methods the entire jetstream across the U.S. can be deviated and 
controlled to a large degree. Moisture can be drawn from the Pacific beyond 
Southern California and Mexico, and collided over the southern U.S. with 
extremely cold air brought down from Canada, producing ice storms such as 
those in and around February 1, 1985. 


Violent thunderstorm activity can be induced and directed. By adding "spin", 
these same storms can be induced to form extensive tornados. 


By sustained weather engineering operations, drought or excessive rain and 
flooding can be induced in areas of the U.S. as desired. Crops can be destroyed 
or heavily damaged by severe and unseasonal weather. 


If the grid is placed in the ground on scalar EM carriers instead of normal EM 
carriers (and the woodpecker "radars," can switch to, or add, scalar carrier mode 
whenever they wish), it can be used as an anti-submarine weapon, as we shall 
see later. It can also be used to cause substantial ocean effects that have drastic 
consequences on the world's weather - such as the anomalous El Nino of 1982- 
83. 


By localizing one spot of heating at the top of a thunderstorm anvil, and another 
spot of cooling at its side, a localized downburst can be created. Our weather 
satellites have detected just such an anomalous combination heating and cooling 
of thunderstorm anvils over the U.S. While there may exist natural mechanisms 
to cause this anomalous dual pattern, it may also be caused by Soviet weather 
engineering, which can cause either broad-area or highly localized effects. 


All these types of weather engineering incidents have been deliberately created 
over the U.S. by the Soviet Union. 


Perhaps the greatest weather effects can be induced by altering some of the 
large-scale normal mechanisms that influence and control our weather. Thus the 
artificially induced El Nino of 1982-83 was a case in point, causing drastic 
weather upsets worldwide for a year or more. 


Thelast decade has seen weather so anomalous that it could only occur once in 
1200 years by chance. It has not been due to normal chance, but by Soviet 
weather engineering, particularly since the advent of the Woodpecker 
transmitter complexes. 


ADDITIONAL BACKGROUND FOR THE BRIEFER: 


The Woodpecker transmitters can carry scalar components, which, in addition to 
biological strikes, can be used for many other purposes such as to 


1. Influence and control the weather, 
Deviate the giant jetstreams of the upper atmosphere, 
Detect, track and destroy missiles shortly after launch, 


Detect, track and destroy strategic bombers and other aircraft, 
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Attack land and ocean surface targets by large aerial electromagnetic 
explosions: the EM explosion produces the fireball, the thermal effects, 
and the blast wave of a nuclear explosion without the nuclear radiation 
and radioactive fallout contamination; 


6. Attack surface land and ocean targets by large "cold explosions", where 
living things freeze almost instantly, leaving the surface facilities and 
equipment intact, 


7. Attack land and ocean surface targets by severe internal 
electromagnetic disruption, so that all electronics are dudded, 


8. Attack personnel on land and sea by direct destruction of their nervous 
systems with an internally induced strong EMP, 


9. Disrupt the operation of distant facilities, equipment, and personnel or 
destroy food crops in large areas by severe cold or severe heating, or 
even startling oscillation between the two. 


In addition, the scalar aspects of the Woodpecker transmitters can be 
beamed through the earth and ocean as surface waves or at a given 
depth to intersect at a distant region. This mode can be used to 


10. Cause distant earthquakes in a distant fault zone by depositing energy 
in the rocks there, increasing the plate stress until slippage occurs at a 
fault zone, 


11. 


12. 


13. 


14. 


15. 


16. 


17. 


18. 


19. 


20. 


Cause large, anomalous rocking of an entire plate or large area, by 
depositing and extracting energy from alternate areas, causing buckling 
of the large rock plate, 


Set up an interference grid under the water, so that underwater 
submarines can be detected, tracked, and destroyed on station and with 
their missiles still unfired, 


Attack naval vessels and task forces through the water and through 
their hulls, without warning, 


Attack missile silos and nuclear storage sites "before launch", directly 
through the earth itself, 


Initiate the full nuclear explosion of implosion-type nuclear warheads 
on-board missiles on station, 


Initiate full nuclear explosion of implosion-type nuclear warheads in 
storage sites and ready reserve, 


Destroy seaborne and ocean-bottom-mounted mines and underwater 
sensors, even including entire "fields" of them, 


Detect and destroy hostile torpedoes, ship-to-underwater anti- 
submarine missiles, and dumped anti-submarine munitions and charges, 


"Pump" the electrical grounding of distant electrical power distribution 
and generation systems so that the system catastrophically fails, 


"Pump" the electrical grounding of distant electrical power systems so 
that radio and television transmitters, power grids, and wiring 
complexes in buildings and facilities radiate a desired scalar wave 
component or signal complex at equipment and personnel. 


All in all, the woodpecker transmitter complexes and other associated scalar EM 
weaponry are most useful in the major missions required in war. 


LAUHCH PHASE ABM SYSTEM 





Slide 065: Launch Phase ABM System 


On this slide we show the use of the Woodpecker grid in the Launch Phase 
ABM system role. 


Thescalar components establish an interference grid over the U.S., at some 
altitude above the earth. One or more separate scalar interferometers transmit 
through scalar channels established in the Woodpecker's normal EM carriers, 


scanning through the grid square cells one by one in the "just barely extract 
energy'’ endothermic mode. 


Back in the Soviet Union, the energy extracted passes through a scanned 
receiver biased just so that the normal energy extracted from the distant 
atmosphere does not show ona scanning screen. Any substantial amount of 
additional energy appearing in the cell - such as from thejet engines of a large 
aircraft or the rocket exhaust ofa large missile - will be detected. 


The operation of this weapon is four-fold: (1) the scanning interferometer or 
"big eye" scans the grid squares, detects penetration, and tracks the rising 
missile. (2) A separate scalar EM interferometer (a howitzer) is controlled by a 
computer and fired through a separate scalar EM channel opened in the ordinary 
EM woodpecker carriers. (3) Two timed scalar pulses are fired so that they 
convergeandmeetinthe gridcell containingtherisingmissile. Thisresultsin 
the sudden emergence of a violent EMP pulse throughout the missile and the 
surrounding vicinity. (4) All missile and warhead electrical and electronic 
systems are instantly dudded and destroyed. In addition, fuels, propellants, and 


explosives of the missile are immediately ignited, explosively destroying the 
penetrating missile. 


That takes care of the missile target. (The same weapon, of course, can be used 
against airborne strategic bombers - including Stealth-type bombers. In fact, 
Gary Powers' high flying aircraft was probably shot down in 1960 by a "jury- 
rigged" scalar EM howitzer using modified radars and timed scalar pulses to 
provide an aerial explosion and EMP.) 


The Woodpecker grid/howitzer weapon system can be placed over the ocean 
and used against cruise missiles, naval surface-to-air and surface-to-surface 
missiles, submarine-launched ballistic and cruise missiles, etc. Placed over a 
carrier task force, it can also take care of the aircraft launched by the carrier as 
fast as they are launched. It can also handily take care of the missiles launched 
by guided-missile cruisers of the accompanying task force. 


Now let's take a look at the command and fire control end of this weapon 
system, way back in the Soviet Union. 
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SOVIET COMMAKD & CONTROL CONCEPT 







Slide 066: Soviet Command & Control Concept 


On this slide we show a postulated Soviet fire control system for the grid 
weapon. 


Two or more operators sit at a control console, facing a giant display (screen). 
The display contains a grid, which represents the distant interference grid of the 
Woodpecker carriers (or scalar EM carriers, if in the underground or underwater 
mode). A distant missile launched into the real interference grid overhead will 
cause a spot of light to appear in the appropriate grid square (cell) on the 
operators’ screen. The operators will track the displayed target, select firing 
mode and type of action, engage the target, and assess whether or not the distant 
target is killed or missed by the firing. 


When a missile is launched in the distant area over which the Woodpecker grid 
has been placed, it quickly rises through one of the scanned grid cells on its 
upward journey. As it penetrates the cell, additional energy is extracted (since 
part of the missile's exhaust energy is now extracted also). At the screen in the 
Soviet Union, the additional energy received rises above bias, causing a 
"bloom" or spot of light to appear on the screen at the appropriate grid cell 
representation. 


The distant operator has now detected the missile launch and its location. He 

places a marker over the target track and activates the computer, also inputting 
the type of firing or action to be performed. In this case, let us say he wishes a 

burst of energy to emerge inside the distant launched missile, and has activated 
that mode of firing action. 
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The computer computes the necessary parameters for another scalar 
interferometer channel in the exothermic mode, and for firing at the location of 
the rising missile so that two scalar pulses will meet in the cell penetrated by the 
rising missile on the other side of the earth. As the channel is opened, the firing 
solution settled, and the interferometer howitzer readied, the computer activates 
indicators on the console notifying the operator. When all is ready, a "ready-to- 
fire" light is lit on the console. 


Upon receiving the command to fire and destroy the missile, the operator 
presses the fire button. The computer fires the activated scalar EM howitzer in 
the pulse mode. The operator continues to watch his screen. 


When the pulses meet in the distant grid cell, a violent EMP suddenly arises in 
and throughout the missile and its surrounding vicinity. This explodes the 
missile propellants and warheads, destroying the target. 


On the distant screen, a sudden drastic "blossoming" of the target results from 
the sudden extraction of a great deal of additional energy by the scanning scalar 
interferometer. The operator thus knows he has made a "kill." 


Should for some reason the target be missed, additional energy will still be 
extracted by the scanning interferometer from the grid cell/vicinity in which the 
EMP suddenly emerges. The distant operator will still see a bloom on his scope, 
but not nearly so great as when the missile explodes. He thus knows that the 
EMP effect of the firing has occurred, but the target has been missed (he will see 
the bloom in its offset location as well). In that case, the operator can quickly 
mark the EMP location, hit the switch, and the computer will automatically 
correct and fire again. 


At any rate, for a miss a large "sonic boom" or blast still results in the EMP 
emergence zone from sudden heating of the air. These are precisely the type of 
booms that were associated with three NASA shuttle launches prior to the end of 
1985. These were actual testing of this weapon system, using the shuttle 
launches to provide a target, and delaying the burst some minutes so the shuttle 
would not actually be destroyed. On Nov. 26, 1985 a "marker beacon" (glowing 
ball of light) was also created over the site. This was probably to orient satellites 
and other detection systems. Some 12 minutes after that nighttime launch, a 
large blast occurred over the site, heard for hundreds of miles up and down the 
coast. Shortly after, the light suddenly moved away very rapidly - faster than a 
jet aircraft. 


If many missiles are being launched, the operator marks them rapidly, one after 
the other, and the howitzer fires burst after burst at them, decimating the 
launched missiles, one after the other. In this fashion most of the counterstrike 
missiles launched by the U.S. would be destroyed shortly after launch, greatly 
reducing the number of missiles that make it to midcourse. 


However, apparently the loss of the shuttle launched on Jan. 28, 1986 was 
caused by the addition of a metal-softening pattern in the exothermic mode, in 
and around the booster, using the actual booster ionic flames as a receiver- 
amplifier. This led to the failure of one of the supports and the partial breakaway 
of the right booster. The booster rotated into the tank, causing damage and the 
resulting explosion when the venting main fuel hit the booster flame. 


By spread spectrum techniques and proper timing and phasing, one system of 
Woodpecker transmitters can set up multiple interference grids, in various parts 
of the world. The scanners and howitzers can operate in the appropriate zones, 
again by spread spectrum techniques and proper timing and phasing. 


In fact, the latest versions probably can operate in the "ordinary EM carrier" 
(atmospheric) mode and the "scalar EM carrier" (underwater and in the earth) 
mode simultaneously - again by timed switching between EM and scalar EM 
carriers, spread spectrum techniques, and timing and phasing of howitzers and 
Manners. 


Thus a single system can operate in the earth, underwater, and atmospheric 
modes. It can operate against the very wide range of different targets previously 
mentioned. It can do all this "simultaneously," from a real-time practical 
viewpoint. 





LAURCH PHASE ABM SYSTEM (AHTI-SLBM) 





Slide 067: Launch Phase ABM System (Anti-SLBM) 


Here we show the operation of the system in the atmosphere over the ocean, to 
destroy sub-launched ballistic missiles such as Poseidon and Polaris. The system 
operation shown uses the normal EM Woodpecker carrier frequencies, with 
scalar components to establish the interference grid, and scalar channels for the 
scanners and howitzers. The grid can be set up by this method anywhere in the 
world. 


As can be seen, during their early launch phase, this mode will take care of the 
missiles launched from underwater U.S., British, and French nuclear 
submarines. 


Remember, this is just one mode in which the system is operating. It can at the 
same time have other interference grids at other locations, and even in other 
modes, including underwater grids used against the submarines themselves, it 
can be engaging a multitude of targets of a wide variety of types, essentially all 
simultaneously. 


DETECTING & MARKING MISSILE LAURCH 





Slide 068: Detecting & Marking Missile Launch 


Here we show the missiles launched from the underwater submarines, when just 

detected inthe atmosphere over the ocean. As eachrising missile is detected, an 
operator at the screen places a cursor (a "marker") over the detected track spot 
on the scope. 


The computer quickly computes the firing parameters and indicates when the 
systemis "readytofire." 


By using additional scalar scanner frequencies in the multi-gigaHertz range and 
finescanning, theoperatorisabletoaccomplishnon-cooperativetarget 
identification. 


After the operator places a cursor over a target, the advanced system fine-scans 
and identifies it as hostile, then continues the track in automatic. 


When the operator presses the fire button for a designated target, the computer 
intiates fire by the appropriate scalar EM howitzer through established grid 
scalarfiringchannels. 
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DESTROYING THE LAUHCHED MISSILES 





Slide 069: Destroying the Launched Missiles 


On this slide we temporarily omit the interference grid and diagrammatically 
show the operation of the scalar EM howitzer. As shown, two pulses are fired so 
that they meet in the grid cell where the rising missile is located. A drastic EM 
pulse suddenly emerges everywhere throughout the missile and its vicinity 
causing instant missile destruction. 


Of course, individual howitzers not in the Woodpecker carrier's scalar channel 
can also fire at the missiles in the purely scalar exothermic mode. Or they can 

utilize the large "Tesla globe" in the continuous mode, the small Tesla "ball of 
light" in the continuous or pulsed mode, etc. 


Also, continuous EM energy can be caused to emerge in a broader, "defocused" 
interference area causing electronic dudding of circuits in vehicles over a wider 
area. This is a very useful mode to use against mass attacks by many aircraft 
and/or many missiles at the same time. That is, the entire formation can be 
attacked in the "dud electronics" mode, and then followed up by more intense 
servicing of each individual hapless target. 


Again, in 1960 Gary Powers was probably downed by a crude prototype scalar 
interferometer "howitzer" obtained by modifying two ordinary radars. At least 
the Soviets had previously been unable to down a penetrating U-2 with missiles 
they possessed. We know the scalar howitzers were in development, for 
Khrushchev had announced to the Presidium in January 1960 that a new 
"fantastic weapon" was in development. A development prototype was probably 
used to down Powers' aircraft. 


SHIFT 10 ANTI-SUB MODE 





Slide 070: Shift to Anti-Sub Mode 


In the underwater mode portrayed on this slide, the Woodpecker transmitters 

have been switched to "scalar carriers" mode and the carrier beams transmitted 

through the ground and into the ocean underwater. (Remember, an artificial EM 
potential that does notcouple to charged particles orions will travel through the 
ocean, butaforcefield willnot.) 


Thus a giant scalar interference grid is now established underwater. Additional 
scalarbeams in the weakly endothermic mode scan this grid. When a submarine 
enters tne grid, it substantially changes the potential in that cell, and the scanner 
picks thisup. The distant screen now displays the sub as a "track" of light in the 
appropriate grid square cell. The computer switches in fine-scanning and non- 
cooperative target identification. It identifies the target as hostile and alerts the 
operator (by blinking the track and changing its colorto red, for example). 


As before, the operator marks the target and enters the firing mode and type of 

action desired. Again, let us assume the "EMP burst" mode of destruction is to 
be used. The computer computes the firing parameters and readies the howitzer, 
When the commander gives the command to fire, the operator presses the firing 
button. The computer fires the howitzer. 


Two scalar pulses proceed through the howitzer scalar channel and meet in the 
submarine. Throughout the sub and its vicinity, a violent EMP is suddenly 

experienced, knocking out the electrical systems, electronic equipment, and 

igniting propellants and explosives in the on-board missiles and armament. This 
explodes the submarine, missiles, and torpedoes instantly. 
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At the distant command console, the scanners detect the violent eruption of 
energy from the exploding submarine. It appears on the screen as a sudden 
strong blossoming of the track. The operator assesses that the target has been 
destroyed. He immediately engages another target if one is present. 


If the EMP is off-course and misses, the scanners still pick up a smaller 
blossoming in the offset location. The operator immediately knows he has 
missed the target. He marks the offset bloom, presses the switch for "Correct!" 

and the computer makes the firing correction. When the operator again gets a 
Ready-to-Fire light illuminated, he presses the firing button and fires again at 
the target, this time with corrections applied. 


Again, the same Woodpecker system - using timing, phasing, scalar/EM 
switching and spread-spectrum techniques - may be involved in several grids 
and many types of targets. When in a target-rich environment, the firing 
operators may be very busy indeed. 


Aswe shall later see, the same weapon system may also be firing in the "cold 
explosion" or pused endothermic mode, where intense bursts of instant and 
severe freezing are unleashed in the target zone. 
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Slide 071 : Shifting to Earthquake Mode 


The uses of the complex grid, scanners, and scalar howitzers is limited only by 
human ingenuity and state-of-the-art of the technology developed. 


By shifting to the scalar-carrier mode and transmitting in the surface layer of the 
earth, the interference zone can be established in a distant region of the earth, 
beneaththeearth's surface. 


Suppose we establish a very small interference grid in the earth at and around a 
distant fault zone. Then by steadily depositing energy in the zone in the 
continous exothermic mode, the stress in the fault area is steadily and gradually 
increased. Eventually the plates on each side of the fault will slip, anda "natural 
appearing earthquake" occurs. Ifthe energy is deposited slowly and gently, a 
gentler quakecan usually be effected. Ifthe energy is deposited fairly rapidly, a 
higher peak stress can usually be reached before the rocks slip, and a larger, 
moredestructiveearthquakeresults. 


By making a wider grid in the earth in a larger area, a strange kind of earthquake 
can be induced, whether or not a fault zone exists in the area. By pouring energy 
out of alternate cells and extracting energy from the others, a "wave-like" 
buckling tensile and compressive stress is created throughout the zone. As this 
continues, the entire plate area will try to oscillate, moving and causing an 
anomalous sortof"rocking, flatearthquake" throughouta large area. 


Not too many days after the destruction of the Challenger on January 28, 1986, 
such an anomalous "flat earthquake" occurred in the U.S., near the Great Lakes, 
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involving some 10 states. This was probably the subsequent testing of an 
additional weapons mode of the same Soviet scalar EM system that destroyed 
the shuttle. 


SUPPRESSION ATTACK - MARU'S (WITHOUT DEFEHSES) 
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Slide 072: Suppression Attack—MARVs (without defenses) 


Now to shift the emphasis a bit, and look at the impact on some "normal" 
strategicsystemsandconcepts. 


On this slide we show the basic idea of suppression attack against an enemy's 
ground based missile force in fixed-site silos. The attack uses multiple 
maneuverablere-entry vehicles(MARVs)deliveredbyasinglecarriermissile, 
which acts as a "bus." The bus ejects the MARVs at the appropriate time, and 
each of the MARVs heads toward its predesignated target, maneuvering as it re- 
enters the atmosphere and proceeds to the target. The maneuver makes 


conventionalinterceptofthe MARV byconventionalanti-ballisticmissiles 
more difficult. 


Inthis manner, missile silos withoutdefenses may becaughtby surpriseand 
destroyed. 


The"bus" conceptactually multiplies the number oftargets a single launched 
missile can attack, and the maneuvering of the MARV increases the difficulty of 
defending thetargetareaby orthodoxmeans. 
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F SUPPRESSION ATTACK - MARUs WITH DEFERSES 
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Slide 073: Suppression Attack—MARVs (with defenses) 


Now suppose some of the scalar EM defenses we have discussed are added to 
the picture. 


On this slide we show a similar missile field, defended by a Tesla dome and by 
multiple scalar howitzers. 

The howitzers take the incoming buses under attack during the early midcourse 
phase, by means of very large spherical EMP globes. Many of the buses - and 
their entire payloads, including the nuclear warheads themselves - are dudded 
by these midcourse defenses. 


Servicing of dudded vehicles that have penetrated the globe now occurs farther 
along in midcourse. Each dud vehicle may be serviced, for example, with a 
small globe in the continuous mode for an appreciable number of seconds. This 
causes vaporization or fusing of the physical structures of the vehicles. 


Groupings of incoming vehicles may also be serviced by medium-sized globe 
in the pulse mode. This assures dudding, and is especially useful for clearing 
away chaff and debris with smaller ballistic coefficients. It also is useful to 
further insure that the nuclear warheads themselves are totally dudded. 


An additional wrinkle is to place scalar signal patterns - that affect and 
transmute a nuclear warhead's radioactive nuclei - onto a continuous globe. In 
short, by the proper scalar signals it is possible to transmute plutonium and 
uranium into harmless elements, and it can be done at a distance. The 4th and 
5th generation Soviet scalar EM technology is probably capable of doing this 
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Thisinsures that, not only are the incoming nuclear warheads 


electromagnetically inert, but they are also nuclearly inert and incapable of 
generatingnuclearexplosions. 


Still another wrinkle - particularly useful against implosion-type weapons - is to 
utilize a scalar signal pattern that causes sudden generation of neutrons in the 
active material (plutonium or uranium). This harmlessly explodes the nuclear 
warheads while they are far away from their intended targets and out in space. 
The burst mode is probably the most useful for this tactic. 


Note that, if desired, this same tactic - exploding the nuclear weapons 

themselves - can also be utilized in the Launch Phase ABM system grid against 

the missiles after launch. This capability converts an adversary's intended 
nuclear attack against you to an actual attack againsthimself! 





Also note that the adapted grid system in the surface of the earth can be used to 
explode the nuclear warheads in ICBMs while they are still in the silos, or to 
explodenuclear warheadsinstorage. Inthe underwatermode, thenuclear 
warheads in the Poseidon and Polaris missiles on-board the nuclear submarines 
can be exploded in a similar manner. In fact, the nuclear reactor used to furnish 
the power for the nuclear submarines can also be exploded or disabled in this 
manner, ascanland-based and ship-basedreactors. 


Again, this actually turns an adversary's own nuclear weapons against him. His 
own weapons canbeused to obliterate him. Without scalar defenses, possessing 
the capability ofnuclear attack becomes a serious detriment! 











But back to our slide. Just in case something gets through this formidable 
defense somehow, the Tesla Shield (dome) provides the final reiteration that 
takes care of any residue "leakage." 


The sum total of these defenses fully justifies the 1968 Soviet statement in 
Military Strategy that the USSR has achieved a 100% defense, and the West has 
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RESPONSE WWHTERFORCE STRIKE - WITH HO DEFERSE (FIRST STRIKE) 
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Slide 074: Response to Counterforce Strike with No Defenst 


Here we show the orthodox concept of response to a surprise counterforce 
nuclear strike when the surprised force has no defenses. 


A great percentage of the attacked missile silos are destroyed. The surprised side 
thus is able to mount only a limited strike in retaliation. Perhaps he is able to 
launch some remaining silo-based missiles that escaped destruction. He is also 

able to launch missiles from any of his underwater nuclear submarines that 
escaped. Some of his strategic bombers may have escaped destruction on the 
ground or while airborne on station; these surviving bombers can be directed to 
proceed with strategic reprisal against the enemy. 


As can be appreciated, this entire concept is now totally obsoleted by the Soviet 
possession of scalar EM weapons. 


The "mutual assured destruction" capability - or MAD concept as it was so 
aptly named! - is no longer mutual. 


And for two reasons: (1) the Soviet surprise attack could destroy essentially all 
our Triad forces wherever they are, in the first attack. (2) Even if a very small 
number of our strategic forces survive, the puny strike we could attempt to 
launch could be repeatedly decimated from launch to terminal phase. 


The restraint on the Soviets is not because of our Triad forces. The restraint is 
twofold: (1) a second nation has scalar EM weapons, and would undoubtedtly 
unleash them upon the Soviet Union with great violence if such a massive 


world-wide destruction of U.S. forces occurred or was threatened (is it really 
"accidental'' that six major Soviet missile ammunition storage sites mysteriously 
exploded within seven months?); (2) the closed-loop scalar radiation exchange 
system of Earth-Sun could be inadvertently "tweaked" in the feedback loop 
from Earth to Sun, so that a large solar scalar resonance was stimulated. In that 


case the Sun could emit a mighty resonant "burp" that would simply wipe out all 
Ife on Earth in a fiery shower. 


The "terror" in the "balance of terror" between nations has just increased by 
many,many ordersofmagnitude. 


The biblical prophecy that the Earth will be wiped out by "fire and brimstone 
from heaven" is very near fulfillment now. 


Put another way, the pucker factor - even on the Russians who may contemplate 
unleashing Armageddon - is higher than any Western strategic analyst has ever 
imagined, eveninhiswildestnightmares. 


Truly these weapons are "more frightening than the mind of man has imagined," 
as Brezhnevputitin 1975. 


The frightening scalar EM weapons can be used, but only very, very gingerly 
indeed. Ifaslightmistakeis made, everybody loseseverything. 
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Slide 075: Response to Counterforce Strike with Defense 


On this slide we show the impact of scalar defenses against an adversary who 
possesses only the orthodox nuclear weapons and delivery systems, and makes a 
"first strike" by surprise against his opponent. 


In this case, the attacked opponent has scalar EM defenses. 


With just the midcourse and terminal scalar EM howitzer defenses, almost all of 
the attacking missiles and re-entry vehicles are destroyed. 


If for some reason (such as to prevent triggering the sun and destroying the 
world inadvertenly!) the attacked adversary does not wish to attack strategically 
with scalar EM weapons, he may now launch a massive retaliatory strike on his 
opponent. 


And if that opponent has no ABM defenses, he's just bought the farm. 


What a funny coincidence! Long ago, we crazy Americans chose to put all our 
eggs in the offensive basket. That is, we thought the Soviets cannot dare to strike 
us because we will have enough surviving missiles to penetrate any orthodox 
defense and destroy them in return. They would also have the same "mutual 
assured destructon (MAD)" capability, of course! 


The MAD concept was aptly acronymmed - it was an insane idea from its 
inception. That is, the Soviets were not supposed to defend their cities and 
populace, and neither were we. That way, you see, we could destroy their 
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citizenry at will, and they could destroy ours at will. We deliberately agreed to 
that, thinking - in our insanity - that the Soviets agreed also. 


Of course the Soviets weren't playing the same lunatic's game at all. They 
simply fed our own garbage back to us, and we importantly thought we were 
negotiating something. Unknown to us, they were secretly building and 
deploying scalar EM defenses even then. Since we didn't know of any other 
defense, we assumed the Soviets could not defend their citizenry with ABMs 
any better than we could defend ours with ABMs. So we blithely scrapped our 
ABMs. 


The high government officials of the United States of America grossly violated 
our constitution and their sworn oaths of office. Our constitution specifically 
charges the government of the United States to defend the people of the United 
States. That means our officials are specifically charged with defending our 
people. Yet they deliberately agreed not to do so, and they deliberately 
sacrificed us in advance. 


Theycommitted treason of the highest kind, by deliberately surrendering us to 
total destruction anytime the big balloon goes up. 





The constitution doesn't charge the government with surrendering our citizens to 
destruction under any circumstances. It charges the government with defending 
us__against destruction. 





Ronald Reagan is the first U.S. president in some time to see through the MAD 
concept. Atleasthe stands forthrightly for defense. It'sjust ashame that the 
government and scientific leaders under him aren't aware of the Soviet scalar 
weapon developments, so they could briefhim on these startling developments. 


Be sureyou understand what the government leaders before Reagan have been 
saving. Foryears, our official policy has effectively said to the Russians: "We 
will allow each side a token defense only. We deliberately will not defend 
ourselves, so that anytime you decide to strike us you can destroy us. In return, 
however, we do not think you will want to strike us, for we believe that - before 
we become ashes from that strike - we can get enough away at you, to destroy 
you as well. Of course we believe you are in the same sort of boat." 


Then we said, "There! That's settled! What a relief! Nobody can strike anybody 
anymore. Now can we talk about partial disarmament and on-site inspection?" 
The Soviets just kept their astonished amusementto themselves and kept 
building scalar defenses (and scalar offenses as well!). Their deception plan 
called for imbedding the scalar EM weapons in ordinary systems when possible, 
and hiding the scalar EM weapons tests in ordinary weapons tests when 
possible. Of course they had to be adamant in their opposition to on-site 
inspection; after all, even Western scientists, if allowed on site with the dual- 
mode weapons, might suspect something was different and possibly things were 
amiss. 
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The Soviet deception has worked like a charm. The U.S. MADmen who created 
and implemented the MAD doctrine have succeeded in prejudicing two 
generations of academicians and elected U.S. leaders against the need for 
effective defense. A vast wasteland of inane paper studies - learnedly dealing 
with ABM's, penetration tactics, leakage, force and counterforce, radar blackout, 
electronic warfare, etc. etc. - has been churned out by our military, industrial, 
and university "think tanks" to clog the minds, efforts, and literature of our 
defense and governmental establishments. 


Our homeland has no effective ABM defense (and very little defense against 
aircraft or subsonic cruise missiles). 


Our field army has no effective ABM defense (or air defense). Our naval forces 
have no effective ABM defense (although they are better defended against air 
attack than the field army). Yet ballistic missiles - and to some extent cruise 
missiles - have supposedly been our greatest threat for decades, followed 
closely by the secondary threat of massed aircraft attack. 


A cynic might take the stand that, if our Defense Department hasn't been 
allowed to defend us (with deployed weapon systems, not by "paper studies") 
against what we ourselves have proclaimed is our biggest threat, then why is it 
called the Defense Department? Why not call it the No-defense Department’? 


Understand, a great many fine, hard-working people in DoD have certainly tried 
to get adequate defenses developed and deployed. The sheer weight of the 
bureaucracy and its mind-numbing entanglements has prevented it. 


But it's even worse. Our bureaucrats - both in government and in "big, 
organized science" - have been so caught up in the "Russians are really just 
ignorant peasants” syndrome and the "not-invented-here" (NIH) syndrome that 
they've not recognized the greatest scientific and technical breakthrough in 
history. Such a breakthrough - far greater in importance that the nuclear bomb 
has been made, developed, and deployed by the Soviet Union, all in secrecy and 
behind the smokescreen of a masterful deception plan. 


We've totally missed the most incredible "secret superweapons" development 
program of all times, and the worldwide testing of the weapons themselves. 


Hiroshima and Nagasaki should serve as object lessons in the price of ignorance 
of such technological breakthroughs. 


History does repeat itself. But this time it's not we Americans who got the gow 
new superweapon first. 
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Slide 076: Clear Communications 


Now let us rapidly give some unique capabilities that one can do with scalar EM 

in smaller things. Not only can scalar EM weapons be used in the big "continent 

burning" strategic weapons, but they can also be used for a variety of smaller 
defensetasks. 


For example, one can establish a zero reference anywhere one wishes in an 
ordinary carrier. Inside that zero, one can establish as many independent 
"carriers" as one wishes, and hide them completely from ordinary detectors. 


The way to do that is easy. Take as complex a signal as you wish. Subtract it 
from zero. That gives a "complement" which, when summed with the original 
signal, will produce the zero. Then only a scalar detector can go inside the zero 
and pullout the individual components. 


So take acarrier wave. Let the enemy jam itcompletely, with gobs of power. 


Your scalar communication channel stays serenely there, calm and unjammed. 
Theenemy thinks you'rejammedandcan'tcommunicate. Meanwhile, you 
continuetocommunicatejustfine. 


Or be real smart. Take one of those components inside the first zero. Pick a zero 
reference inside it. Hide still more carrier components inside the second zero. 
Do this as many times as you wish. 


You can put all the telephone calls in the United States of America on one 
carrier. And you can keep them clear, right through total jamming. 
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Slide 077: Unique Communications 
But that's still not all. 


You can also communicate with your submarines underwater. High data rate. 
Chat away as you wish. You can scramble, frequency hop, encrypt, the works. 
They can also communicate back to you. 


Remember. EM force fields of any appreciable frequency won't travel through 
the water. Natural EM potentials grab charged particles and ions, so they won't 
travel through the ocean either. But artificial potentials don't grab onto charged 
particles or ions, and they will go through the ocean quite nicely. 





Everything - aircraft, ships, shore installations, submarines, etc. - can 
communicate like gangbusters if they possess scalar EM technology. 


In fact, you can even build scalar EM underwater radar if you wish. 


The airborne scalar EM radar can see under the ocean with a little adjustment. 
perhaps as well as a conventional side-looking radar sees distant targets today, 
The airborne scalar EM radar can detect and track the underwater submarine 
while tooling along. 


In fact, the airborne scalar EM radar can then destroy the sub, by using a little 
scalar interferometry. And it's even possible to do scalar interferometry with a 
single transmitter! How, is proprietary to a friend. 
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In fact, you can even use your enemy's jamming transmission as a "wire" along 
which to establish your scalar EM channels. You can use these scalar channels 
In the "weakly endothermic mode" to locate his transmitter and "lock-in" on it. 
You can "walk" the lock-in right past his encryption function to the "clear" 
Input, and receive and record that in the clear. All this from a distance. 





You can then destroy his equipment if you wish, or just continue to monitor him 
in the clear if it's important to do so. Perhaps now we can understand what the 
decades-long weak microwave radiation of the U.S. Embassy in Moscow is all 
about. Or why the Soviets are building a nice new Embassy, bristling with 
antennas,on the high ground in Washington, D.C. 
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Slide 078: Mine Countermeasures—Orthodox System 


Take something like mine countermeasures, for example. Finding and 
destroying mines - particularly those placed on the bottom in relatively shallow 
areas such as ports and rivers - is a really tough problem. 


Presently it's often done as portrayed on this slide. 


Here a minehunter ship uses an underwater sonar to locate the mine, or what 
resembles a mine. Then it directs a submersible robot vehicle to proceed over to 
the object and examine it with an underwater television camera. If it's a mine, 
the submersible places a remotely operated charge beside it, then chugs away. 
When it reaches a safe distance away, the charge is exploded, causing the mine 
to detonate. 


A very painful process. Very time consuming, and very difficult. 


MINE COURTERMEASURES - SCALAR EM SYSTEMS 
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Slide 079: Mine Countermeasures—Scalar EM Systems 
Now try the same thing while using scalar EM underwater systems. The scalar 


EM acquisition system is really a sophisticated scalar radar. It scans a large area 
rapidly, locating moored mines, bottom-planted mines, anddrifting mines. 


The acquisition system is also a scanned "underwater eye." The operator in the 
surface vessel can tell whether or not it's a mine he's located. 


Once thc target mine is detected, a computer computes the firing parameters for 
a scalar interferometry pulse to hit it and destroy it. The operator fires the pulse, 
destroying the mine. 


The same system that detects the mine at a distance identifies and destroys it at a 
distance.In this way large areas can be quickly scanned and swept clean of 
mines. 


If a suspicious object is detected and one is still not quite sure it's a mine, shoot 
it anyway! Ifit's a mine, it explodes. If it's just a rock, nothing happens. So the 
samesystemcando"discriminationbyfire." 


The same system is useful to destroy midget submarines, bottom crawlers, etc. 


It can also wipe out whole arrays of underwater sensors by electromagnetically 
dudding them. 


It can take on a sub ifit has to! Here it would just gently kindle EM energy 
inside the sub's controls, causing it to lose control of all its systems. The sub 
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would then sink to crush depth and implode. The scalar EM mine sweeping 
system could, of course, simply "blow" the sub, but might itself get caught in 
the resulting explosion. 
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Slide 080: Scalar Anti-Personnel Weapon 


From a military viewpoint, these scalar EM weapons are really quite all-around 
weapons. 


For example, they are very lethal against personnel. 


Set in the "high intensity pulse mode," one blast and a person's nervous system 
is destroyed instantly. Total, instantaneous death results. One can blast away at 
entire groups of infantrymen, for example. It's the peak power that's important, 
not the average power. So the weapon doesn't require too much battery power. 


Set on a lower intensity pulse mode, one zap can simply knock out a person, 
renderinghiminstantly unconscious. 


Quite useful if one needs prisoners to interrogate. Also very silent, which is 
useful in operations employing stealth and surprise. 
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Slide 081 : Afghanistan 


The Soviets are employing just such a scalar "death ray" weapon in 
Afghanistan, apparently in the noses of some of their HIND helicopters. 


These choppers usually fire gas rockets to camouflage the testing of the tactical 
scalar death ray. For example, they may fire rockets filled with nerve gas, and 
some persons will die convulsively from the chemical. 


Those hit by the scalar EM weapon, however, have a most peculiar death mode, 


Death comes instantly and totally. There is no convulsion, no response. The 
entire nervous system is destroyed instantly. Every living cell in the body is 
killed instantly, including all bacteria, germs, etc. 


A body hit with this thing falls like a limp rag and lies where it falls. It doesn't 
decay in even 30-45 days. In a macabre fashion, it's been reduced to something 
like food irradiated with nuclear radiation; everything is killed, so the material is 
preserved for an extended period before any decay can set in. 


Western military authorities have speculated that this strange death is due to 
some sort of eery new gas. 


However, even with the most virulent gas, some seconds are required for a body 
to die. And while it's dying it goes into convulsions. Violent convulsions. 





This eery, instant death that leaves a non-decaying corpse is not due to a gun, 
This is the signature of a high-powered pulse kill using a scalar EM weapon 


The associated gas rockets are the disguise used to fool our intelligence analysts. 
They're just part of the Soviet deception plan. 
ADDITIONAL NOTES AND REFERENCES 


15. For details of the mysterious, instant deaths in Afghanistan, see Yossef 
Bodansky, "Soviets testing chemical agents in Afghanistan," Jane's Defence 
Weekly, 1(13), Apr. 7, 1984, p. 508 


FE ii DE LANCE 


313 
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Slide 082: Scalar Anti-Tank Weapon 


Such weapons are also effective against armored vehicles, for example. 


They can be carried by personnel, mounted on vehicles, mounted in helicopters, 
etc. 


They are truly all-purpose weapons. 


An infantryman with a bazooka-sized scalar EM pulse weapon can easily knock 
out a tank with one shot. The armor has no effect; scalar EM goes right through 
conductive shielding and Faraday cages. 


And with the same weapon he can knock out another tank, and another, and 
another... 


SCALAR ARTI-AIRCRAFT WEAPOR 





Slide 083: Scalar Anti-Aircraft Weapon 


And, if a helicopter or a fixed-wing aircraft attacks him, he can bring the same 
weapontobearonit. 


He can knock down a chopper or ajet. With one shot. 
Andanother. And another. 


Also, it's a line-of-sight weapon. He doesn't have to compute lead angle and all 
that jazz. Just aim, get the target in his sights, and pull the trigger. 
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Slide 084: Scalar Anti-Aircraft Weapon 


Another neat trick you can do with scalar EM is make an aircraft invisible to 
ordinary radar. 


Just use multiple transmitters on the airplane to establish a spherical interference 
shell, in the bandwidth of the threatening radar, around the aircraft. 


When the signal pulse (or continuous wave) from the ground-based radar strikes 
the "energy bottle" in the shell, it interferes with it and is diffracted, scattered, 
and partially absorbed. 


The ground-based radar doesn't get any coherent return pulse or return signal 
reflected from the target. 


Radars don't track aircraft; they track the reflection of their own signal bouncing 
off aircraft. No reflected signal, no aircraft - as far as a radar is concerned. 





To shield against a passive radar (one which tracks emissions from the aircraft), 
just detect and complement your own emissions so that "near zeroes" result In 
the spectrum of interest. 


Or do both, to protect against both. 


It's even possible to cool the exhaust and heated surfaces of the aircraft by a 
scalar EM adaptation of electrostatic cooling. Theoretically it's even possible to 
cause the aircraft to "disappear" optically. Takes a bit of doing, but it's possible 
The basic scheme here is that, when a photon hits the target from a given 
direction, it's absorbed totally, and a corresponding or "matching" photon is 
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emitted from the opposite side in the same direction the original photon was 
going. In that fashion, the light emitted from the target from one direction seems 
to have "passed through it" from the other direction. 


Since that's what empty space does, then what a distant observer sees is "empty 
space,” so far as he can tell. 
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Slide 085: An Effective Penetration Aid 


Of course you can do the same thing for re-entry vehicles. 


Use some multiple antennas on a vehicle. Or better yet, use satellite RV's to 
carry the extra transmitters necessary for scalar interferometry. 


Deploy the interferometer RV's and activate the scalar EM transmitters. Place an 
energy bottle Fourier expansion interference shell around the ensemble in the 
bandwidth of interest. 


Radars in that bandwidth now will be unable to detect the incoming ensemble. If 
nothing detects the threat, nothing is going to shoot at it or react to it. 


This can also be used on a bus vehicle during midcourse, for example. 
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UHIQUE CAPABILITIES: ATM/AD/AARTY 





Slide 086: Unique Capabilities: ATM/AD/AARTY 


But the uniqueness of scalar EM devices and weapons doesn't end there. 


You can hit lots of other threats that are presently difficult or impossible to 
effectivelyhandle. 


For example, on the tactical battlefield, the same scalar EM radar interferometer 
system can defend against tactical missiles (ATM role), aircraft (AD role), 
cruise missiles (ACM role), and even artillery and mortar shells (AARTY role). 


How the devil, you might ask, can it defend against artillery and mortar shells? 


Simple. Sweep the artillery or mortar barrage with closely spaced pulses. Sorta 
like a machinegun. Or more like a phased-array radar. 


If the peak power in the sweeping pulses is sufficient, the explosives are sparked 
and detonated. Fuses are destroyed. 


Soevenmortar and artillery rounds canbe destroyed, by the same system 
providing air defense and anti-tactical missile defense. 
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Slide 087: Unique Capabilities 
That's still not all. 


An incredible number of different types of targets can be attacked with scalar 
EM weapons. 


For example, aircraft equipped with scalar EM weapons can attack targets such 
as loaded artillery pieces. The round in the chamber explodes, destroying the 
weapon. 


It can also attack nearby stored ammunition. Again, the high explosive in the 
ammunition explodes, destroying the store. 


Even underground missiles can be attacked. The scalar pulse will go right 
through the overhead cover and dud the electronics, including the nuclear 
warhead. It will also detonate the HE in the warhead and detonate the fuels and 
propellants. 


A great variety of other targets can also be attacked, as we shall see. 
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Slide 088: Unique Capabilities 


For example, suppose one attacks a tank. 


Withscalar EM pulse, the personnel die instantly. Total personnel kill is 
achieved. 


All electronic systems of the tank are dudded. Total systems kill is achieved. 
The ammunition in the tank explodes. Total kill is achieved. 
The fuel explodes. This is another total kill mechanism. 


That tank has been killed totally, by a variety of mechanisms, all 
simultaneously. 


That's a k-kill in any analyst's book. 
And don't worry about retrieval and repair. That tank is finished permanently. 


Even the most modern tank is just as vulnerable as the most obsolete. 


UNIQUE CAPABILITIES 
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Slide 089: Unique Capabilities 

Suppose one attacks a fighter-bomber aircraft. 

Again, the kill is catastrophic from multiple simultaneous kill mechanisms. 
The pilot and crew die instantly. Total destruction of their nervous systems. 
The electrical systems are dudded. 

The electronics in all avionics and ordnance is dudded. 

The fuel explodes. 

HE in on-board or out-board ordnance explodes. 

The jet engine flames out if the pulse is powerful enough. 

That aircraft is finished. Permanently. 

And it's point-and-shoot, line-of-sight. 


Even the most modern aircraft is just as vulnerable as the most obsolete. 


UHIQUE CAPABILITIES: PENETRATE SHIELDING 
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Slide 090: Unique Capabilities: Penetrate Shielding 


Shieldingisineffective. 


The scalar pulse (or continuous wave) can go anywhere gravity 
can go. 


It penetrates the steel hull of tanks and armored vehicles. 
Itpenetrates underground shelters and bunkers. 
It penetrates pillboxes and fortifications. 

Foxholes are no protection. Just shoot through the earth into them. 


There is no longer any place to hide. 
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MULTI-PURPOSE WEAPOHRY 





Slide 091 : Multi-Purpose Weaponry 


These scalar EM weapons are all-purpose. Things such as ammunition dumps, 
radar systems, radios and communication gear, communications centers, 
gasoline dumps, etc. can easily be destroyed. 


Not only that, but the weapons can be swept, giving area coverage. 


You can hit both point targets and area targets. 


MULTI-PURPOSE WEAPOHRY 
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Slide 092: Multi-Purpose Weaponry 


Look at what a weapon a helicopter becomes. 


The same vehicle, equipped with scalar EM weapons, can engage 
and destroy jet aircraft, other helicopters, cruise missiles, personnel, and 
armored vehicles. 


It can also hit all the other targets we've been talking about. Any vehicle 


equipped with scalar EM weapons becomes a formidable destroyer on the 
battlefield. 


And "reconnaissance by fire" takes on a particularly lethal meaning. 


Forexample,don'tworry abouttheenemyincoverandconcealment, orhighly 
camouflaged. 


Don't worry about decoysordummy positions. 


Just sweep the area with scalar EM fire. The actual targets will be discriminated 
by fire and destroyed. 
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Slide 093: Multi-Purpose Weaponry 


As can be seen on this slide, most targets of interest can be attacked. 
A single aircraft can sink an aircraft carrier or destroy a battle cruiser from afar. 


It can also destroy aircraft, ground installations, artillery, personnel, nuclear 
weapons storage sites, tanks, vehicles, fuels, and combustibles. 


UNIQUE CAPABILITIES: HEAT EXTRACTION 
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Slide 094: Unique Capabilities: Heat Extraction 
Or one can get truly exotic. 


To prevent destroying equipment and installations, the endothermic mode can be 
utilized. 


Cold explosions can be used to freeze tanks, personnel, and equipment. 
The equipment and tanks thaw out. 


The personnel thaw out too, but they are dead when they do. Heaters and arctic 
clothing are no protection. 


VHIQUE CAPABILITIES: COLD EXPLOSIONS 
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Slide 095: Unique Capabilities: Cold Explosions 


For example, suppose three cold explosions, each 50 miles in diameter, are 
placed upon the front-line strength of NATO. 


In seconds there is no longer any "front line strength" of NATO. Every living 
thing is frozen into a block of ice. 


A few more of these things placed on selected rear area installations, and the 
battle is over before it gets started. Say in about one minute flat! 


Suppose NATO is quickly defeated - say in two days. And then the Russians 
offer us a "Dunkirk." They agree to allow us to evacuate the beaten remnant of 
our forces. 


Are we going to evoke a strategic nuclear exchange, or are we effectively 
"decoupled" from Europe? Particularly if the Soviets also offer sweeping 
accommodations to the Europeans, and they accept? If we punch the strategic 
button, we guarantee our own absolute destruction. (MAD doctrine and all that, 
old chap!) 


Whether or not we could do anything to the Russians is a matter of conjecture. 


For a demonstration, they could even invite us to launch a couple of missiles, 
and destroy them over our heads shortly after launch. 


And they could take out a few submarines under the ocean, just to make it 
believable. 


And destroy some SAC bombers that are orbiting on station. 


Or take out a U.S. Naval Task Force, with a nuclear carrier, as a demonstration 
that they mean business. 


Would a sane President go ahead and destroy us, or accept the Soviet's "Monroe 
Doctrine" and an "armistice"? 


Ifthe Soviets thought he was seriously contemplating ordering a nuclear strike, 
they could immediately destroy all our nuclear armaments where they sit. Our 
own weapons would obliterate us! 


What would Congress do - after the Soviet Union had demonstrated its absolute 
power, offered a Dunkirk and armistice, and threatened our total destruction if 
we "reached for the holster," so to speak - when it realized the President might 
actually be contemplating evoking assured national suicide? 


What would you do if you were a Congressman? If you were the President? 
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Slide 096: The Transmitter is the Major Weapon 


As shown on this slide, with scalar EM the transmitter becomes the major 
weapon on the battlefield. 


Almost every type of target of any importance can be easily and effectively 
attacked and destroyed or nullified by scalar EM weapons. 


Small wonder the Soviets do not discard their thousands of "old" radars! 


How effective do you suppose some of their "old" transmitters on their "old" 
aircraft might be? 


What chance do you think SAC bombers would have against thousands of "old" 
radar-directed gun sites and "obsolete" air defense missile sites? 


Could it be that even something like the old SA-1 could be startlingly effective? 
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Slide 097: Star Wars—The Final Frontier? 
But what of our advanced concepts, such as the strategic defense initiative? 


Here we show some of the expensive and complex components of that powerful 


system. 


We have ground-based radars, endoatmospheric interceptors, exoatmospheric 
interceptors, airborne sensors, space-based sensors, chemically propelled 

interceptors, electromagneticrailguns, particlebeam weapons, highenergy 
lasers, etc. all tied together by a massive command and control system. This 
massive, expensive system is designed to detect and destroy missiles, including 
ICBMs, IRBMs, cruise missiles, SLBNs, etc. 


The systemdetects the missile launches and engages them from launch on in to 
theterminalphase. 


Massive systems. Electromagnetic marvels. Nuclear-pumped lasers of 
staggering power. Perhaps even x-ray and gamma ray lasers. Directed energy 
RF weapons. Stupendous railguns. Sensors everywhere. Giant webs of 
communications. Banks of computers and control systems. 


And it'stotally vulnerable to scalar EM interferometer weapons. Giant scalar 


EM"radars" can simply sweep throughall thatlikea scythe through standing 
hay. 


As it stands, it's obsolete before its design is even finished. 
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It's obsolete to Soviet scalar EM weapons that are already deployed and 
operationally tested in place! 








Without scalar EM weapons and defenses, all our present weapons and concepts 
are deadly vulnerable. 


The war is over before it hardly gets started. It's not a war; it's more like a clay 
pigeon shoot. 


Understand, if orthodox science was all the Russians possessed, the Strategic 
Defense Initiative would be the way to go. 


But they do possess something else, and presently they have all the trump cards 
in the deck. 
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Slide 098: Comparison of EM Concepts (Chart) 


On this slide and the three that follow, we show a comparison of some of the 
major characteristics of the three kinds of electromagnetics. 


We compare the classical, the quantum mechanical, and the scalar EM 
views of electromagnetics 


(electrogravitational) 


Notice the differences between the three in regards to vacuum spacetime, virtual 


substructure, force, whether or not force exists in vacuum, the effect of zero 
force fields, potentials, and what is to be regarded as causative agents. 
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Slide 099: Comparison of EM Concepts (Chart) 


Now note the differing views of charge conservation, action at a distance, scalar 
resonance, and whether inertia, gravity, and mass are electrical. 
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Slide 100: Comparison of EM Concepts (Chart) 


Continuing, note the differences in the views of charge, what relativistic effects 
are due to, whether or not one has hidden variables and whether they are 

enginerrable, how vector theory is applied to electromagnetics, the nature of the 
EM wave in vacuum, and conservation of energy/mass. 


SUMMARY (1) 


* AHARONOV-BOHM EFFECT 
© VERIFIED 
& MESOSCOPIC SCALE (CENTIMETERS) 
& NEED MACROSCOPIC COHERENCE 
& POTENTIAL WEAPON IMPLICATIONS 
© PROBABLE SOVIET WEAPONIZATION 


*6 TO 8 ADDITIONAL ORDERS OF MAGNITUDE 
NEEDED 


Slide 101: Summary (1) 


Now we examine the three views for whether or not electro-gravitational waves 
exist and what they interact with, the number of required spacetime dimensions 
the type of geometry, the nature of a zero-summed EM vector, local and distant 
relativity aspects, and whether or not the probability states propagated by the 
Schroedinger equation can be deterministically engineered. 


As can be seen from the last four slides, the three views are quite different, and 
the scalar EM view is drastically different. 
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SUMMARY (1) 


* AHARONOV-BOHM EFFECT 
@ VERIFIED 
x MESOSCOPIC SCALE (CENTIMETERS) 
o NEED MACROSCOPIC COHERENCE 
@ POTENTIAL WEAPON IMPLICATIONS 
= PROBABLE SOVIET WEAPONIZATION 


*6TO8 ADDITIONAL ORDERS OF MAGNITUDE 
NEEDED 


Slide 102: Summary (1) 


In summary, we can now state unequivocally that the Aharonov-Bohm effect 
has been conclusively proven, at least for the mesoscopic scale over afew 
thousand Angstroms, and possibly over a few centimeters. 


But inthese experimental proofs; the "natural" type of potential has been used, 
it is basically incoherent in its substructure, dooming the effect to stay small. 


By utilizing macroscopic EM force fields and waves to zero-sum and comprise 
artificial potentials, the coherence can be maintained over a macroscopic 
distance - even for hundreds of thousands of kilometers. 


The weapons implications - only some of which we have set forth in this treatise 
- are mindboggling. 


SUMMARY (2) 


* ZERO-VECTOR (SCALAR) EM SYSTEMS 
& SCALAR EM WAVES 
© KEY TO ELCTROGRAVITATION 


* DETECTORS 
= INITIAL DETECTORS DEVELOPED 
& NEED IMPROVED DETECTORS 


* INITIAL THEORY BEGUN 
* PRELIMINARY EXPERIMENTS SUPPORT 


Slide 103: Summary (2) 


Zero-vector (scalar) EM systems are the key to scalar EM waves, which are 


actually electrogravitational waves. 
Scalar wave detectors nave been developed and are being improved. Further 


improvement is needed. This development is limited only by funds. 


The initial theory has been begun. More work is needed. Again, this 
development is limited only by funds. 


Preliminary experiments support the scalar EM concepts. 
Equipment can be designed and made to work electro-gravitationally. 


And it has been. 
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SUMMARY (3) 


« INTERFERENCE PHENOMENA ARE KEY 
o ACTION AT A DISTANCE 
= EXOTHERMIC MODE 
5 ENDOTHERMIC MODE 
© 3-D FOURIER EXPANSIONS (TRUNCATED) 
* EFFECTS IN/ON NUCLEUS 


* NOT ENERGY TRANSMISSION THROUGH 
SPACE 


* SHIELDING INEFFECTIVE 


Slide 104: Summary (3) 


Interference phenomena are key. 


One can get action at a distance - even over hundreds of thousands of 
kilomcters. 


One can engineer gravitational and inertial effects. 


One can engineer the nucleus, including transmute it, easily and cheaply. One 
couldcleanupallthenuclearwastes. 


Electromagnetic energy can be produced at a distant target, or extracted from a 
distant target. 


This is is not energy transmission through space in the form of EM force fields. 
Instead, it is transmission through spacetime in the form of electrogravitational 
potentials. 


ConventionalEMshieldingisineffectiveagainstscalarEM. 
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Slide 105: Summary (4) 


Almost every weapon system we presently have - or are developing - is totally 
vulnerable to scalar EM weaponry. 


This includes personnel, electronics (including fuzing and warhead), explosives, 
propellants, fuels, ordnance, ships, 

submarines, torpedoes, aircraft, helicopters, missiles, drones, rockets, tanks, 
armored vehicles, weapons carriers, self-propelled and towed artillery, 
communications, satellites, radars, command and control, directed energy 
weapon systems, surveillance and sensor systems, mines, artillery rounds and 
ammunition, nuclear warheads, etc. 


We are in dire straits. We need a "Manhattan Project" of the highest priority. 
Now! 


The Soviets have already had the equivalent of seven or eight Manhattan 
Projects in this area. 
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SOVIET DEFENSE AGAINST MISSILES 


“In our country the problem of eliminating 
rockets in flight has been successfully solved 
by Soviet science and technology... 


It is interesting to note that the problem 
of anti-missile defense is far from being solved 
in the West,” 

SOKOLOVSKIY 
MILITARY STRATEGY 
THIRD EDITION, 1968 


Slide 106: Soviet Defense Against Missiles 


Here is a significant statement by Sokolovskiy, contained in Military Strategy, 
3rd edition, 1968. 


Thisis not propaganda. The Soviets really do have an effective missile defense. 
Wedo not. At the present rate we're going, we may not have one in the year 
2000 - if we live that long. 


SURPRISE BY USING SECRET WEAPONS 


“Each side secretly develops new means of warfare 

in order to employ them unexpectedly. History knows 
many examples how the employment of a new 
weapon initially gave considerable success because 
the enemy, caught unawares and not knowing the 
combat capabilities of this weapon, was for some 
time incapable of effective counteraction.” 


V. YO SAVKIN 

THE BASIC PRINCIPLES OF OPERATIONAL 
ART AND TACTICS 

MOSCOW, 1972 


Slide 107: Surprise by Using Secret Weapons 


The Soviets took to heart the lesson of our secret development of the atomic 
bomb. Thrust suddenly upon a fanatical nation, the atomic bomb brought the 
empire of Japan to its knees. 


Other lesser examples - such as the impact of the German V-1 and V-2 missiles 
and jet fighter - also were not lost on the Soviets. 
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SOMETHING RUSSIA DOESH'T WAHT THE U.S. 10 KROW 


“Of particular importance is basic research aimed at 
discovering still unknown attributes of matter, 
phenomena, and the laws of nature, and developing 
new methods for their study and use to reinforce 
the state’s defense capability.” 


COMMENTS: 

a PORTION OF A BOOK BY MARSHALL GRECHKO 

a DELETED FROM ENGLISH TRANSLATION, BY SPECIFIC 
REQUEST OF THE U.S.5.R. 


Slide 108: Something Russia Doesn't Want the U.S. to Know 
But Marshall Grechko said it even plainer. 


He made it clear that the Soviet Union has actively searched for great technical 
breakthrough areas, particularly in discovering new laws of nature, unknown 
attributes of matter, and new phenomena, and developing their use for defense. 


He made it so clear that the Soviet Union formally requested the U.S. State 
Departmentto have deleted from its. English translation that portion of his book. 


That is a positive signature that the statement is exceedingly sensitive to the 
Soviets. In other words, it's a real tipoff. 


So of course the State Department leaned on the publisher and got that section 


eliminated. 
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ADDITIONAL NOTES AND REFERENCES 


1. Nikola Tesla, "The Problem of Increasing Human Energy," Century magazine, June 1900, p. 208- 
209. In this article Tesla spoke of using standing waves to produce distant effects and locate objects 
such as ships. At this point he was thinking of a scalar radar locator, something more advanced than 
even our radar today. It was also capable of producing electrical effects at any part of the globe. To 
quote: "Stationary waves... mean something more than telegraphy without wires to any distance... For 
instance, by their use we may produce at will, from a sending station, an electrical effect in any 
particular region of the globe; we may determine the relative position or course of a moving object, 
such as a vessel at sea, the distance traversed by the same, or its speed..." 


2. Nikola Tesla, "The True Wireless," Electrical Experimenter, May 1919, p. 87. 


3. T. E. Bearden, Comments on the New Tesla Electromagnetics: Part I: Discrepancies in Present EM 
Theory, Tesla Book Co., 1580 Magnolia, Millbrae, CA 94030, 1982. 


4. T. E. Bearden, Toward a New Electromagnetics: Part III: Clarifying the Vector Concept, Tesla 
Book Co., 1580 Magnolia, Millbrae, CA 94030, 1983. 


5. T. E. Bearden, Toward a New Electromagnetics: Part 4: Vectors and Mechanisms Clarified, Tesla 
Book Co., Millbrae, California, 1983, p. 6, 39. 


6. T. E. Bearden, Solutions to Tesla's Secrets and the Soviet Tesla Weapons, Tesla Book company, 
1981 


7. T. E. Bearden, Tesla's Secrets and the Soviet Tesla Weapons, | hr. 40 min. videotape, Weather 
Engineering, POB 1472, Huntsville, AL 35807, 1981. 


8. T. E. Bearden, Soviet Weather Engineering Over North America, 1-hr. videotape, Weather 
Engineering, POB 1472, Huntsville, AL 35807, 1985. 


9. T. E. Bearden, Star Wars Now! The Bohm-Aharonov Effect, Scalar Interferometry, and Soviet 
Weaponization, Tesla Book Co., 1984 


10. Stefan T. Possony, "The Tesla Connection," Defense & Foreign Affairs, Aug. 1984, p. 12-14, 27. 


11. Stefan T. Possony, "Psy-War: Soviet device experiment," Defense 

& Foreign Affairs Daily, 12(104), June 7, 1983, p. 1-2. Reports on Dr. Ross Adey's investigation of 
the Soviet LIDA device which is used to bombard human brains with radio waves in the 40 MHz 
region. Also reports on work by A. S. Davydov of the Ukrainian Academy of Sciences, who 
discovered how the blood-brain barrier can be penetrated by low-frequency radio waves so that brain 
cells are affected. 
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12. Fritz Albert Popp, "Photon storage in biological systems," in Electromagnetic Bioinformation: 
Proceedings of the Symposium, Marburg, Sep. 5, 1977. Edited by Fritz Albert Popp et al, Munchen, 
Wien, and Baltimore, 1979, p. 123-149. Dr. Popp has discovered, both theoretically and 
experimentally, that mitogenetic radiation from cells can be seen as a sort of "waste" from a virtual 
electromagnetic field with a high coherence. This field has a tendency to become stationary over the 
whole organism. In addition, it includes the storage of "virtual" coherent photons. (In other words, 
there is a master EM field with high coherence, stationary over the whole body. This is the cells’ 
master control system. Storage of virtual photons -- 1.e., scalar signals -- occurs in this field.). 


13. To gain an appreciation of the Aharonov-Bohm effect, see Y. Aharonov and D. Bohm, 
"Significance of Electromagnetic Potentials in the Quantum Theory," Physical Review, Second 
Series, 115(3), Aug. 1, 1959, p. 485-491. For an exhaustive discussion of the Aharonov-Bohm effect 
and a large number of references, see S. Olariu and I. Iovitzu Popescu, "The quantum effects of 
electromagnetic fluxes," Reviews of Modern Physics, 57(2), April 1985. See also Bertram 
Schwarzschild, "Currents in normal-metal rings exhibit Aharonov-Bohm effect," Physics Today, 39 
(1), Jan. 1986, p. 17-20. 


14. For details of the mysterious explosions of six major Soviet missile ammunition storage sites in 
seven months, see photograph, Jane's Defence Weekly, 2(3), July 28, 1984, p. 92; see also Mark 
Daly, "Goa and Goblet SAMs in Severomorsk explosion," Jane's Defence Weekly, 2(6), Aug. 18, 
1984, p. 224; Derek Wood, "Soviets' northern fleet disabled... 'not viable’ for six months," Jane's 
Defence Weekly, 2(1), July 14, 1984, p.3; Derek Wood, "Six explosions in the past seven months," 
Jane's Defence Weekly, 2(1), July 14, 1984, p. 3; John Moore, "The aftermath of Severomorsk," 
Jane's Defence Weekly, 2(6), Aug. 18, 1984, p. 224. 


15. For details of the mysterious, instant deaths in Afghanistan, see Yossef Bodansky, "Soviets 
testing chemical agents in Afghanistan," Jane's Defence Weekly, 1(13), Apr. 7, 1984, p. 508. 


16. For details of the Enhanced-V cloud signature of severe weather, see Gary Ellrod, "Dramatic 
examples of thunderstorm top warming related to downbursts," National Weather Digest, 10(2), May 
1985, p. 7-13; T. J. Fujita, "Manual or Downburst Identification for Project Nimrod," SMRP 
Research Paper No.156, University of Chicago, 1978; D. W.McCann, ., The Enhanced-V: A Satellite 
Observable Severe Storm Signature," Monthly Weather Review, 111, 1978, p. 887-894. 





17. For a good discussion of the modern view of the vacuum, see 
I.J.R. Aitchison, "Nothing's plenty: The vacuum in modern quantum field theory," Contemporary 
Physics, 26(4), 1985, p. 333-391. 


18. For a discussion of the ring interferometer experiments related to quantum and gravitational 
effects, see G.E. Stedman, "Ring interferometric tests of classical and quantum gravity," 
Contemporary Physics, 26(4), 1985, p. 311-332. 


19. For information on self-induced transparency with pulsated light, see E. L. Hahn, Scientific 
American, June 1967. This is a scalar EM effect. The phenomenon is observed only in insulators, not 
in conducting materials. A dielectric tends to stop the flow of electrons, thus stopping the bleed-off of 
the Kaluza-Klein 5-potential as EM force fields. Thus through the insulator or dielectric, an 
electrogravitational pulse is transmitted. When this pulse emerges from the other side of the 
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dielectric, then electrons are free to move again and form ordinary EM fields, resulting in resumed 
EM bleed-off of the KK (Kaluza-Klein) 5-potential. Thus ordinary photons strike the dielectric, 
changing into electrogravitational waves which transit the opaque dielectric, and these EG waves 
transform back to EM waves on the far side of the dielectric. Advanced scalar EM application of this 
effect can make an object optically invisible. 


20. For a lucid and profound presentation of the entire subject of elementary particle physics and 
quantum field theory, see T. D. Lee, Particle physics and introduction to field theory, Harwood 
Academic Publishers, New York, 1967. Subjects covered include those at the forefront of current 
research. Chapter 16, "Vacuum as the source of asymmetry," is particularly important. Here Lee 
concisely covers the idea of degenerate vacuum states, vacuum structuring, and vacuum effects 
causing symmetry breaking (violation of conservation laws). An excellent coverage of asymmetries 
and observables is given on p.181-188. For example, whenever symmetry is spontaneously broken, a 
nonobservable (virtual entity) has become observable. Thus there exist mechanisms for the direct 
translation between virtual and observable states. 

Most engineers are unaware that physics has already rigorously proven (both theoretically and 
experimentally} that conservation of energy can be physically violated, even by excitation of the 
vacuum. 

However, in the present assumption of a randomized virtual microstructure of a vacuum 
potential, these broken symmetry effects are individually confined to very small microlevels. For 
example, on p. 383, Lee points out that the microscopic structure of the scalar vacuum field (i.e., of 
vacuum charge or "potential") is not utilized. 

This of course is reasonable if all vacuum potentials used in particle physics are treated as 
having a randomized microstructure of virtual particle flux vectors. Since any appreciable directional 
coherence in such a randomized microstructure could persist only over extremely tiny distances, then 
the microstructure of vacuum degenerate states has negligible local effects in ordinary macroscopic 
systems. 

In other words, these conservation violation effects would be very difficult to coherently capture 
and utilize to provide "free energy, emerging from the vacuum." 

The randomized momentary coherences, however, are responsible for the violent 
microfluctuations of the EM fields, well-known in classical electrodynamics. An approach such as 
taken by Yater or Moray would be necessary to achieve a vacuum energy tap under such conditions. 
To achieve usable macroeffects, a very large collection of charge or magnetic material, etc. would be 
required before the probability of usable coherences would become sufficiently large. Therefore this 
area is neglected in practical physics and engineering. 

However, this is precisely where scalar EM is lost in conventional theory and engineering 
practice. In scalar EM, the coupling together of macroscopic EM force field vectors into a summed 
zero system means that the vacuum potential's microstructure is now macroscopically ordered by that 
system. Further, it is sustained during translation through space. In such case, one has produced 
directional gravitational potential gradients that have macroscopic range and form. Further, by 
coherently varying the amplitude of the individual components of the zero vector system, a 
gravitational wave -- a controlled oscillation of the degenerate states or vacuum -- is produced. By 
processing the EM components, this gravitational wave can be narrowed, formed into a beam, and 
projected. Two such beams can be interfered, even at a great distance, producing G-interference and 
causing EM effects to emerge in the distant interference zone. Thus scalar EM profoundly affects 
quantum mechanics, quantum field theory, particle physics, general relativity, and electromagnetics. 
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21. For some strong and pertinent critique of present scientific bias, see Ruggero Maria Santilli, 
Ethical probe on Einstein's followers in the U.S.A.: An insider's view, Alpha Publishing, POB 82, 
Newtonvllle, MA 02160. Santilli is a highly published physicist and the editor of a refereed scientific 
journal, the Hadronic Journal. After lengthy attempts to correct injustices within the Scientific 
system, to no avail, he finally has gone public with his specific charges. Santilli references senior 
Russian physicist G. Yu. Bogoslovsky, whose 1984 paper "Generalization of Einstein's relativity 
theory for the anisotropic spacetime," whose research would have been impossible in the U.S. 
Quoting Santilli: "He would have been discredited, humiliated, and chased out of these institutions 
[Harvard, M.I.T., and Yale] beyond any reasonable doubt by ample documentation on similar cases." 
Again to quote Santilli: "Papers bearing the title of ‘Generalization of Einstein's relativity' are 
routinely permitted with human dignity at Moscow University in the U.S.S.R., but they are absolutely 
inconceivable today at the departments of physics of Harvard University, of the Massachusetts 
Institute of Technology, of Yale University and of other similar institutions in the U.S.A., as 
numerous senior scientists would readily testify." 


You see, dear reader, there has been a deep scientific conspiracy in the U.S. to prevent any 
change in the severe restrictions placed on general relativity by Einstein. This has reduced GR to a 
sort of "special relativity, with only distant perturbations." Specifically, it has excluded scalar 
electromagnetics and branded as heresy the inconceivable idea that general relativity could be local, 


and engineerable. 
Now you know why the Soviets have been able to develop these monstrous weapons for over 


three decades while our scientists slept at the wheel. Scientific arrogance and pride has been our 
greatest enemy. 

See also Bryan G. Wallace, "The great speed of light in space coverup," Scientific Ethics, 1(1), 
Feb. 1985, p. 2-3; "Radar testing of the relative velocity of light in space," Spectrosc. Lett. 2, 1969, p. 
361; Wallace, "Letter to the editor," Physics Today, 36(1), 1983, p. 11; "Letter to the editor," Physics 
Today, 37(6), 1984, p. 15. See M.E. Ash et al, Astron. J., 72, 1967, p. 72. Direct experiments on 
Einstein's second postulate, in the 1961 interplanetary radar contact with Venus, challenge whether 
relativity is correct. Variations of over 30,000% of the best possible general relativity fit the MIT 
Lincoln Lab could generate were measured. The variations were not random but contained diurnal, 
lunar, and synodic periodic components. See also Bryan G. Wallace, Spectrosc. Lett. 4, 1971, p. 79 
for an analysis of published 1961 data on the interplanetary radar contact with Venus that concludes 
that the data showed a component that was relativistic in the Galilean c+v sense. See also Wallace, 
"The Unified Quantum electrodynamic ether," Foundations of Physics, 3, 1973, p. 381. which details 
Measurements strongly challenging the Einstein assumption of the constant velocity of light, and 
deals with the nature of the ether. See also Thomas E. Phipps, Jr., "Critique of accepted theories of 
special relativity and electromagnetism," Scientific Ethics, 1(2), Apr. 1985, p. 17-23. 


22. For a sample of Soviet scientific freedom from narrow-minded bias in general relativity, see V. I. 
Denisov and A. A. Logunov, "The inertial mass defined in the general theory of relativity has no 
physical meaning," Teor. 1 Matemat. Fizika, 51(2), May 1982, p. 163-170 (in Russian). See also A. 
A. Vlassov and V. I. Denisov, "Einstein's formula for gravitational radiation is not a consequence of 
the general theory of relativity," Teor. i. Matemat. Fizika, 53(3), Dec. 1982, p. 406-418. Here we find 
that the intensity of gravitational radiation and the total intensity determined in the general theory of 
relativity in accordance with Einstein's formulas depend on the choice of the coordinate system, so 
that they can be made to vanish or even become negative. [Note by T.E.B.: If local curvature is 
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engineerable, as in scalar EM, the local choice of coordinate systems can itself be directly 
engineered. This clearly implies that scalar EM can thus produce either "positive" intensity radiation 
or "negative" intensity radiation; thus it can "produce energy at a distance" or "extract energy from a 
distance. ] 

Continuing with Denisov: This result is a particular consequence of the general assertion to the effect 
that in general relativity there are no energy-momentum conservation laws for a system consisting of 
matter and the gravitational field. [Note by T.E.B.: Thus we can have an energy source or energy sink 
appear in the distant interference region, where matter has been lifted from the Dirac sea and 
exposed to the highly nonlinear interfering EG fields.]. See also V. I. Denisov and A. A. Logunov, 
"New theory of spacetime and gravitation, "Teor. and Matemat. Fizika, 50(1), July 1982, p. 3-76. 
Points out that"... the gravitational field in general relativity is completely different from other 
physical fields and is not a field in the spirit of Faraday and Maxwell." (p. 3, English version). 


23. In the Proceedings of the Tesla Centennial Symposium, an IEEE Centennial Activity, Colorado 
College, Colorado Springs, Colorado, Aug. 9-11, 1984, see Richard A. Blade, "Modification of 
Maxwell's equations in free space to account for nonzero photon mass and scalar electromagnetic 
waves," p. 91-92; Jack Y. Dea, "Scalar fields: their prediction from classical electromagnetism and 
interpretation from quantum mechanics," p. 94-98; Robert W. Bass, "Self-sustained non-Hertzian 
longitudinal wave oscillations as rigorous solutions of Maxwell's equations of electromagnetic 
radiation," p. 89-90; T. E. Bearden, "Tesla's electromagnetics and its Soviet weaponization," p. 119- 
138. 


24. To see the limiting assumptions imposed on general relativity that results in the severely 
restricted "ordinary general relativity" taught in almost all Western universities. see Charles W. 
Misner, Kip S. Thorne and John Archibald Wheeler, Gravitation, W. H. Freeman and Co., San 
Francisco, CA, 1973, p. 19-21, 71-72, 367-369. Among other things, these arbitrary restrictions save 
the conservation laws. When they are removed. the conservation laws can be violated. 


25. Several anomalous events -- skyquakes, booms, or earthquakes -- have been documented in 
Europe. See H. W. Haak. "The Seismic event of November 9, 1983: Earthquake or sonic boom." 
Seismic Activity in Western Europe, (With particular consideration of the Liege Earthquake of 
November 8, 1983), Ed. by Paul Melchior, D. Reidel Publishing Co., 1985, p. 215-222. For such 
events in the United States, see S. Claflin-Chalton and G. J. MacDonald, "Sound and light 
phenomena," The Mitre Corporation, McLean, Virginia 22102, Nov. 1978. 


26. Fundamental experiments were performed by Eotvos et al. in the early 1920s. See R.V. Eotvos, 
D. Pekar and E. Fekete, Ann. Phys. (Leipzig) 68, 1922, p. 11. Actually a fifth force of nature due to 
hypercharge may have been found by these experiments. See Ephraim Fischbach et al. "Reanalysis of 
the Eotvos experiment," Physical Review Letters, 56(1), Jan. 6, 1986, p. 3-6. See also F. D. Stacey 
and G. J. Tuck, Nature 292, 230 (1981); S. C. Holding and G. J. Tuck, Nature 307, 714 (1984); G. W. 
Gibbons and B. F. Whiting, Nature 291, 636 (1981); F. D. Stacey, in Science Underground, edited 
by M. M. Nieto et al., AIP Conference proceedings No. 96, (American Institute of Physics, New 
York, 1983, p. 285. See also S. H. Aronson et al, Physical Review Letters 48, 1982, p.1306; Physical 
Review D 28, 1983, p. 476, 495. Also, comparison of satellite and terrestrial determinations of the 
gravitational field constant reveals significant disagreement: see R. H. Rapp, Geophys. Res. Lett. 7, 
1974, p. 35; Bull. Geod. 51, 1977, p. 301. 
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27. John J. A. O'Neill. "Tesla cosmic ray motor may transmit power ‘round the earth: Famed scientist, 
on eve of 76th birthday, says he has succeeded in harnessing ‘penetrating rays' to operate small 


motive device." Brooklyn Eagle, July 10,1932. Tesla reported he had harnessed "cosmic rays" and 
caused them to operate a small motive device. Tesla's use of "cosmic rays," however, encompassed 


scalar EM radiation. Tesla later seems to have progressed to a simpler motive unit. In the Kansas 
City Journal-Post, Sep. 10, 1933, he stated: My power generator will be of the simplest kind -- just a 


big mass of steel, copper and aluminum, comprising a stationary and rotating part, peculiarly 
assembled." A similar type of "gravitational turbine" seems to have been invented by John Bedini. 


28. To see just how arbitrary and postulational are present "definitions" of mass and force, see Robert 
Bruce Lindsay and Henry Margenau, Foundations of Physics, Dover Publications, New York, 1963, 
p. 283-287. Note on p. 283 that a "field of force" at any point is actually defined only for the case 
when a unit mass is present at that point. Also see Richard P. Feynman, Robert B. Leighton, and 
Matthew Sands, The Feynman Lectures on Physics, Addison-Wesley, New York, Vol. 1, 1963, p. 2-4 
for a definition of the electric field in the context of its potentiality for producing a force. This 
problem did not exist for the original foundation of electromagnetic force fields in vacuum, since the 
vacuum was assumed to be a material ether. With the modern view a nonmaterial ether has emerged, 
yet the classical electromagnetic theory has not been made sufficiently rigorous in distinguishing 
"observable" and "virtual" electromagnetic force fields. 





29. E. P. Battey-Pratt and T. J. Racey, "Geometric Model for Fundamental Particles," International 
Journal of Physics, Vol. 19, No. 6, 1980, p. 437-475. 


30. Some years ago, Dr. William Tiller produced very important "free A-field" theoretical work 
which showed waves which did not fall off as 1/r2. Interesting theoretical work in scalar wave theory 
has also been advanced by Dea. See Jack Dea, "Fundamental Fields and Phase Information," 
presented at the 1985 U.S. Psychotronics Association Conference, Bergamo Center, Dayton, Ohio, 
July 1985. Dea has formulated an important theory for vacuum EM scalar waves, derived from 
Maxwell's equations with zero E and B fields. He predicts waves whose intensity falls off with 
distance as 1/r instead of 1/r2, and detection of these waves by various means. He shows simple 
generators for the waves. Detection is quantum mechanically by electron interference, not by single 
electrons. Thus such scalar waves will pass through normal Faraday shields. In his theory Dea does 
not address the question of spin vortexes in vacuum scalar waves. It is the present author's view that 
all vacuum waves are scalar waves, and the primary distinction between the "transverse" EM wave 
and the longitudinal scalar wave is simply the presence or absence of spin-vortexes. Indeed, one may 
argue that the present "vector wave" EM theory can be replaced by a scalar wave theory. In 1903 
Whittaker proved that any vector field can be replaced by two scalar fields. See E. T. Whittaker, 
Proc. Lond. Math. Soc.1, 367, 1903. By implication, since a vector wave is simply a moving vector 
field, it can be replaced by two moving scalar fields. 


31. David Jones, "Israel's Secret Weapon," Weekend Magazine, Dec.17, 1977. 


32. John Hutchinson, private communication. Masses of wood, metal, etc. -- some weighing over 60 
Ibs. -- have been levitated by Hutchinson. 


33. For a description and details of the April 9, 1984 incident off Japan, see Daniel A. Walker, 
Charles S. McCreery, and Fermin J. Oliveira, "Kaitoku Seamount and the Mystery Cloud of 9 April 
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1984," Science, 227(4684), Feb. 8, 1985, p. 607-611. See also transcription from Japan Airlines flight 
036 to Anchorage International Flight Service, 9 April 1984, at 1406 Greenwich mean time, Federal 
Aviation Administration (FAA) — Alaska Region; Jim Derry, Special Agent, FAA-Alaska Region, 
interviews with Captain C.H. McDade, Japan Airlines Flight 036, with Captain Cornelis Vander 
Berg, KLM Royal Dutch Airlines Flight 868; with First Officer Reint Sol, KLM Royal Dutch 
Airlines Flight 868, and with Captain Mike Howe, Flying Tiger Lines Flight 078, Anchorage Daily 
News, 10 April 1984, p. A-l; Anchorage Daily News, 12 April 1984, p. A-1; Honolulu Advertiser, 10 
April 1984, p. B-l; Newsweek, 30 April 1984, p. 25, Gregg Ripee, "Mushroom cloud sighted off 
Japan," Los Angeles Daily News, 11 April 1984, p. 1,8; Ross Gelbspan, "Mystery cloud baffles 
scientists," Boston Sunday Globe, 13 Jan. 1985, p. 1, 14; T.E. Bearden, Soviet Weather Engineering 
Over North America, 1-hr. videotape, 1985. See also McKenna, Daniel L. & Daniel Walker,"Mystery 
Cloud: Additional Observations", Science, 234(4775), Oct. 24, 1986, p. 412-413. 








34. For a description of the April 11, 1963 anomalous underwater explosion north of Puerto Rico, see 
Robert J. Durant, "An Underwater Explosion — or What?", Pursuit, 5(2), April 1972, p. 30-31. 


35. For details of the loss of the U.S.S. Thresher and the interference experienced by the U.S.S. 
Skylark, see John Bentley, The Thresher Disaster, Doubleday, Garden City, N. Y., 1975, particularly 
p. 164. Some of the communications systems of the Skylark experienced temporary failure, but were 
not disabled, later resuming operation. 


36. The Soviet Union has a well-established history of interfering with and destroying aircraft; for 
example, for a listing see "Soviet and Warsaw Pact air incidents," Jane's Defence Weekly, 3(2), Jan. 
12, 1985, p. 58. 


37. For details of the anomalous "nuclear flashes" detected by U.S. Vela satellites, see "Scientists Fail 
to Solve Vela mystery," Science, 207, 1 Feb. 1980, p. 504-506. "Satellite Evidence Shows 
‘possibility’ of Nuclear Test, DOD Says," Aerospace Daily, Oct. 29, 1979, p. 286. "A Flash of Light," 
Newsweek, Nov. 5, 1979, p. 64-65. "Was It a Nuclear Device?", Newsweek, July 21, 1980, p. 19. 
"Diverging Views," Washington Roundup, Aviation Week & Space Technology, July 21, 1980, p. 

15. Philip J. Klass, "Clandestine Nuclear Test Doubted," Aviation Week & Space Technology, Aug. 
11, 1980, p. 67, 69, 71-72. "Debate continues on the Bomb That Wasn't," Science, 209, 1 Aug. 1980, 
p. 572-573. "Navy Lab Concludes the Vela Saw a Bomb," Science, 209, 29 Aug. 1980, p. 996-997. 
See also Jack Anderson and Dale Van Atta, United Press Syndicate, "CIA knew South African-Israeli 
nuclear test was coming," Birmingham Post-Herald, Apr. 26, 1985, p. A5. The latter article repeats 
the CIA/DIA argument that the Vela incidents represent concurrent South African-Israeli testing of 
atomic weapons. Taiwan is considered a possible third partner. According to Anderson and Van Atta, 
a South African navy contingent was "in the area" at the time of the 1979 Vela detection, and Israel 
and South Africa were cooperating on an atomic bomb project as early as 1966. Apparently U.S. 
announcement of an impending South African atomic test in the Kalahari Desert in 1977 led to such 
an outcry that the test was suspended. Anderson and Van Atta cite succeeding visits to South Africa 
by Israeli scientists, technicians, and defense officials. However, since the actual Vela detections 
showed some deviations from what would be expected from nuclear tests, one can speculate that 
Anderson and Van Atta have presented evidence for the development of scalar electromagnetic 
weapons by two additional countries. One may further speculate that this could reveal what has been 
checking the Soviets from simply moving against the West with scalar electromagnetic weapons. 











file:///C|/bearden/ADDITIONAL%20NOTES %20AND%20REFERENCES htm (7 of 21)25.11.2003 0:09:25 


The Tom Bearden Website 


Indeed, the mysterious destruction of six major Soviet missile ammunition storage areas within the 
space of seven months could have been a preemptive measure and warning to the Soviets if they had 
actually been considering moving against the West. Also, other incidents reported in the South 
Atlantic may possibly be associated with the program producing the "Vela flashes." For example, see 
N.W.C. Rutherford, "Unidentified Phenomena," Marine Observer, 51, 1981, p. 186 for a description 
of a great bluish-white flash and small bolt of lightning, indicating some sort of anomalous electrical 
discharge, on Dec. 23, 1980 at 2245 hours (10:45 p.m.). Many other anomalous flashes for which no 
known causative mechanism exists have been detected by satellites. For example, the OSO-2 and 
OSO-5 satellites have detected about one mysterious short (less than 0.1 sec) flash about every ten 
orbits, at times when the fields of view of the telescopes were well above the earth. As many as three 
of the satellite's photometers have detected a flash simultaneously. These flashes must be removed 
from any discussion of satellite-observed lightning; see J. G. Sparrow and E. P. Ney, "Lightning 
Observations by Satellite," Nature, 232, 1971, p. 540. 


38. For a description of sightings of enormous glowing globes of light deep within the Soviet Union 
in the direction of Saryshagan, see Gwynne Roberts, "Witness to a Super Weapon?", The Sunday 
Times, London, England, Aug. 17, 1980. Several incidents were observed by Downie and others. 


39. For an artist's conception of a directed energy weapon installation at Saryshagan, see Aviation 
Week & Space Technology, July 28, 1980, p. 48. For a DOD sketch, see Soviet Military Power, 
1985. Obviously classically-trained U.S. military analysts, with no knowledge of scalar 
interferometry, have not considered the installation as a candidate hyperspatial howitzer. 


AQ. For a description of multiple pilot sighting (from Iran) of an enormous glowing globe of light 
deep within the Soviet Union, see Central Intelligence Agency (CIA) Information Report No. CO-B- 
321/15354-66, "Sighting of Unusual Phenomenon on Horizon Near Iranian/USSR Border," Sep. 8, 
1966, released on 15 Dec. 1978 under the Freedom of Information Act (FOIA). The sighting occurred 
at 2142 hours (9:42 p.m.). 


41. For details of sighting of the intensely glowing ball of light near British European Airways flight 
831 between Moscow and London, see CIA Foreign Intelligence Information Report CO-B- 
324/33601-76, "Aerial observation of intense Source of Light," Nov. 18, 1976, released on 15 Dec. 
1978 under the FOIA. The incident occurred between 1800 and 1900 hours (6:00-7:00 p.m.). The 
light was observed for 10-15 minutes, until the aircraft had flown past and left the light behind. 


42. For other examples of pertinent light phenomena: F. S. Angus and G. Carling, "Optical 
Phenomenon: Caribbean Sea; Western North Atlantic," Marine Observer, 40, Jan. 1970, p. 17-18; R. 
A. Holmes, "Unidentified Phenomenon, off Barbados, West Indies," Marine Observer, 40(229), July 
1970, p. 107-108; H. K. Dyer, "Unidentified Phenomenon: Western North Atlantic," Marine 
Observer, 43, July 1973, p.114. For a 1961 double concentric hemispheric shape observed in the 
Indian Ocean, see Marine Observer, 32, 1962, p. 64. For a particularly significant combination of 
forms, see Marine Observer, "Unidentified Phenomenon," 48, 1978, p. 21-22. Also, on the night of 
July 26, 1984 the pilot and crew of a Boeing 747 (American carrier) flying from Tokyo to Fairbanks, 
near the Kuriel Islands, at 47 5'44" N: 161 00'05" E, noticed a slowly expanding hemisphere of white 
light off to their left above the horizon. The shell of light continued to expand over a 10-minute 
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period until ahead of them and to the right. The crew braced for a shock wave which never arrived. 
Their weather radar saw nothing out of the ordinary. The shell of light had sharp edges and was semi- 
transparent so that stars became visible through it. (Richard F. Haines, private communication, Sept. 
27, 1984). See also Richard Hall, "Aerial anomalies at sea," The Info Journal, 4(3), May 1975, p. 6-9 
for an unusual light phenomenon seen in the Caribbean by the R.M.S. Carmania (British). The 
phenomenon occurred four times at precise hourly intervals, strongly suggesting an artificial origin. 
See also F. Shepherd, "Cloud: Strait of Gibraltar," Marine Observer, 51(273), July 1981, p. 107-108 
for an incident of associated cloud, arch, and anomalous pressure effects. For another significant 
airline sighting by Japan Airlines flights 403 and 421 of a giant, expanding globe of light on June 18, 
1982, in the North Pacific, 100 km. east of Kushiro, see the Asahi Evening News, Tokyo, Japan, June 
22, 1982. For additional evidence that nomadic tribesmen passing through Kazakhstan repeatedly 
observe such gigantic light phenomena in close association with Saryshagan missile test range, and 
that Soviet deception planners foster the notion of "UFO activity" as a Red Herring, see Robert 
Jackson, "KGB takes to the flying saucers!", Northern Echo, Darlington, England, March 15, 1984. 


43. For details of Khrushchev's announcement of a Soviet superweapon, see Max Frankel, 
"Khrushchev Says Soviet Will Cut Forces a Third; Sees 'Fantastic Weapon", New York Times, Jan. 
15, 1960, p. 1. 


44. See Christopher S. Wiren, "Brezhnev Calls for Accord against 'Terrifying Arms,'" New York 
Times, June 14, 1975, p. 1, 11. Ina major Kremlin speech on June 13, 1975, Leonid I. Brezhnev 
included a statement that one major concern not covered by existing agreements was "assuming ever 
greater urgency with each passing day." Calling for a ban on new weapons of mass destruction, the 
Soviet leader stated: "The level of modern technology is such that a serious danger arises of creating 
weapons more terrifying than nuclear ones." He stated, "The reason and conscience of humanity 
dictate the necessity of erecting an insurmountable barrier to the development of such weapons." See 
also Malcolm W. Browne, "Senatorial Group Received by Brezhnev," New York Times, July 3, 
1975, p. 2. Leonid Brezhnev repeated his proposal to a group of U.S. senators on July 2, stating that 
the capability to develop more terrible weapons was obvious. He emphasized, however, that he "had 
no particular weapon in mind." Here he may have been deliberately misleading the U.S. senators, to 
prevent revealing that the Soviet Union had already developed such weapons, and was horrified at 
their potential for total destruction. E.g., if massive and rapid scalar explosions occur, the linearity of 
spacetime -- and the orderly flow of time itself -- may be seriously perturbed throughout the earth and 
its adjacent space. From a general relativistic viewpoint, such an event might well prove catastrophic 
for the entire biosphere. Boris N. Ponomarevy, a Soviet national party secretary, again raised the same 
issue to a delegation of visiting U.S. congressmen in the Kremlin on Aug. 11, 1975; see Christopher 
S. Wren, "Moscow Now Pressing Disarmament." New York Times, Aug. 12, 1975, p. 6. At the 
United Nation's thirtieth session of the General Assembly on Sept. 23, 1975, Foreign minister Andrei 
A. Gromyko strongly raised the same issue, warning that science can produce "ominous" new 
weapons of mass destruction. He urged that all countries, led first by the major powers, should sign 
an agreement to ban the development of these unspecified new weapons. He even offered a draft, 
entitled "Prohibition of the Development and Manufacture of New Types of Weapons of Mass 
Annihilation and of New Systems of Such Weapons." The first article provided that the types of these 
new weapons would be "specified through negotiations on the subject." Because of its fixation on 
nuclear weapons, the West may have lost its only opportunity to prevent the spread of scalar 
electromagnetic weapons of power unprecedented even by nuclear arms. Of course, it may also have 
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been a Soviet ploy to prohibit the U.S. from developing scalar electromagnetics defensive weaponry 
to counter the massive strategic scalar electromagnetics weapons already developed, tested, and 
deployed by the Soviet Union. Certainly in 1973 at a secret meeting in Prague with European 
communist leaders, Brezhnev had laid out a firm statement of Soviet domination of the world by 
1985. See "Secret Speech: Did Brezhnev Come Clean?", National Review, 29(8), Mar. 4, 1977, p. 
248, 250. Brezhnev's speech contained statements such as: "We are achieving with detente what our 
predecessors have been unable to achieve using the mailed fist...come 1985 we will be able to extend 
our will wherever we need to." Brezhnev stated the Soviet Union would control the oceans of the 
world, 90% of the land, and the air and space above. A front-page Boston Globe article on Feb. 11, 
1975 was the first to carry the story. A copy of Brezhnev's secret speech was obtained by British 
intelligence in 1973, but denigrated by Secretary of State Kissinger. Apparently the first official U.S. 
reference to Brezhnev's startling speech did not appear until the 1976 National Intelligence Estimate. 
Although the big intelligence bureaucracies can do a fantastic job with "current intelligence," their 
record at predicting a drastic change is woeful, precisely because of the political nature of 
bureaucracies. See "What is Intelligence," Colonel William V. Kennedy et all, Intelligence Warfare: 
Penetrating the Secret World of Today's Advanced Technology Conflict, with an introduction by Dr. 
Ray S. Cline, Crescent Books, New York, 1983, p. 8-23. Intelligence Warfare is heartily 
recommended as the single book which best gives the reader a grasp of modern technical intelligence 
organizations, capabilities, and operations. 


45. For details of Soviet weather engineering operations over the U.S., see Thomas E. Bearden, 
"USSR: New beam energy possible?", Defense & Foreign Affairs Daily, 13(111), June 12, 1984, p. 1- 
2. Cloud signature patterns reported in the article have been repeatedly sighted over multiple areas in 
the U.S. A series of anomalous "hole in the cloud" patterns, possibly associated with early Soviet 
weather engineering efforts over the U.S., was widely seen in 1967-68. See Weatherwise, 21(4), Aug. 
1968, cover and p. 143; 21(5), Oct. 1968, p. 194-195, 204-205; 21(6), Dec. 1968, p. 238-245. 
Peculiar stationary blocking patterns have also been observed to occur and influence weather over the 
U.S., leading to severities such as the winter of 1976-77. See K. K. Tung and R. S. Lindzen, "A 
theory of stationary long waves, Part 1, A simple theory of blocking; Part 2: Resonant Rossby waves 
in the presence of realistic vertical shears; Part 3, Quasi-normal modes in a singular waveguide," 
Monthly Weather Review, 107(6), June 1979, p. 714-774. See also T. E. Bearden, Soviet Weather 
Engineering Over North America, videotape, 1985 for an expose or the physics and some major 
incidents of major Soviet weather engineering, including details and photographs of cloud signature 
patterns. See also C. B. Baker, "Soviet Weather Mayhem," Youth Action News, Nov. 1983, P.O.B. 
312, Alexandria, Virginia 22313, p. 1-8; C. B. Baker, "Diabolic Soviet Warfare," Youth Action 
News, Nov. 1984; For a conventional Soviet look at weather modification (possibly intended to 
mislead the West), see E. T. Protasevich, "Microwave weather modification," Soviet Technical 
Physics Letters, 7(3), March 1981, p. 114-115. For a downburst mechanism, see Gary Ellrod, 
"Dramatic examples of thunderstorm top warming related to downbursts," National Weather Digest, 
10(2) May 1985, p. 7-13. See Art and Kay Westermann, Weather War — Worldwide, Liberty Bell 
Books, POB 288, Sedona, Arizona 86336, 1983. See also U.S. Senate Resolution on Environmental 
warfare, July 11, 1973. 





46. For details of the Soviet Woodpecker beams bending around the earth and intersecting over the U. 
S., see Christopher Chant and Ian Hogg, Nuclear War in the 1980's?, Harper & Row, New York, 
1983, p. 71. See also Soviet Military Power, U.S. Department of Defense, 1985, p. 45. The 
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intersection forms an interference grid. Scalar EM channels added to the Woodpecker carriers then 
provide a corresponding scalar EM interference grid in the scalar area. 


When adjusting the scalar interferometry components of the grid, bursts in the interference and 
discharges of energy as well as bursts of energy extractions occur. This leads to the production of 
anomalous aerial phenomena such as explosions, rumblings, airquakes, etc. In addition, direct Bohm- 
Aharonov forces may be engendered in ground structures, shaking buildings and windows, etc. 
without seismic disturbances. Such anomalous disturbances have been widely noted in the open U.S. 
press. E.g., particularly see Kenneth F. Bunting and Daniel M. Weintraub, "Mysterious Rumbles Jar 
Southland," Los Angeles Times, Dec. 8, 1984, CC(ID, p. 1,10; Let Scarr, "People shook up over 
mystery shakes," The San Diego Union, Dec. 8, 1984, p. BI, 4. Following this and a Dec. series of 
anomalous aerial disturbances off the Los Angeles/San Diego coast, a sharp and unexpected weather 
front appeared, racking the area with high winds on the night of Dec. 12, producing widespread 
damage and power outages. The newly-formed front moved on to produce significant snowstorms in 
other areas. See Ted Thackery, Jr., "Winds Kill Two, Wreak Havoc as They Sweep Through the 
Southland," Los Angeles Times, Dec. 14, 1984, MF/Part II, p. 1,8; "Even Tucson gets snow in storm 
that dumps 20 inches," AP release, Los Angeles Herald Examiner, Dec. 14, 1984, p. A-12. During 
several months prior to the December 1984 Los Angeles incident, anomalous electrical failures and 
outages had occurred in the San Diego and Southern California area, possibly due to scalar 
interferometry adjustments in the Woodpecker grid over the area. For other typical incidents possibly 
associated with adjustment of the interference grid, see "Who boomed? Odd Noise unnerves 
Ohioans," Journal, Milwaukee, Wisconsin, Dec. 28, 1982; "Tremors shake Miss. Gulf Coast," Times- 
Picayune, New Orleans, Louisiana, Feb. 27, 1983; Sandra Skowron, "Sonic boom is just Mother 
Nature," Beaver Co. Times, Beaver Falls, Penn., Jan 13, 1983; "Booms in Rockland, New York 
Times, Mar. 1. 1979, Sec. 8, p. 82; "Loud 'boom' unexplained," Star-Beacon, Ashtabula, Ohio, Feb. 
21, 1983; Paul Senecton, "The word is now IDENTIFIED," Mail, Hartlepool, England, Feb. 3, 1985: 
On Jan. 23, 1974 a mysterious explosion over North Wales rocked a 60-mile radius area. Associated 
anomalous light phenomena were also seen. Hundreds and hundreds of anomalous booms, aerial 
rumbles, and aerial explosions, many accompanied by flashes or anomalous shaking of ground 
structures, buildings, windows, etc., have occurred over the U.S. and other Western nations in the 
60's, 70's, and 80's. 














On occasion, an aircraft at the proper altitude and position can conceivably experience interference in 
its electrical systems and in its engine combustion processes due to exothermic kindling or 
endothermic extraction of electromagnetic energy. The combustion processes of aircraft engines 
produce highly ionized gases in very nonlinear conditions. These can act as strong dephasers and 
decouplers of the vector EM components of a vector zero summation in a scalar interference zone. 
Exothermic interference would have little effect on combustion, but strong endothermic interference 
can result in engine flameout. Anomalous simultaneous failure of jet and propeller-driven aircraft 
engines sometimes occurs. For high altitude grids, this can result in engine flameouts, but restart and 
recovery after unusual loss of altitude has dropped the aircraft out of the scalar interference zone. 
Several candidate incidents over and near the U.S. exist, particularly where power failures were 
experienced by multiple aircraft. The more usual exothermic case, however, if substantial could result 
in anomalous loss of control of the aircraft. For a recent candidate incident, see "Jetliner drops 32,000 
feet; 400 aboard; 50 are injured," Associated Press release, Huntsville Times, Feb. 20, 1985, p. 1 and 
"China Airlines Pilot Denies Cockpit Error," Associated Press release, Huntsville Times, Feb. 21, 
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1985, p. A-9. Deliberate use of this effect as an anti-strategic-bomber weapon capable of destroying 
bombers at or shortly after takeoff is possible (the Arrow DC-8 which crashed just after takeoff from 
Gander Air Force Base, Newfoundland on December 12, 1985 may have been deliberately interfered 
with by just such a Soviet weapon -- see extensive newspaper and TV news coverage of that event). 


In scalar EM interference with aircraft, certain signatures may occur. Different instruments may 
sharply contradict each other, since their activation and inactivation is no longer a simple function. 
The pilot's instrument panel, for example, may indicate failure of the control system, when actually it 
has not failed, and the flight recorder may record that the control system is still operating. In such 
case, the pilot may take proper action based on his own instrumental readings, yet these actions may 
be contraindicated for the actual status of the aircraft, resulting in opposing pilot/autopilot actions. 
Tentative indications of the jetliner that anomalously dropped 32,000 feet and recovered are that 
apparently such anomalous instrument disagreements occurred. Another signature is that, as the EM 
charge accumulates in and on the aircraft, its skin charges up electrically, producing a glowing corona 
similar to St. Elmo's fire. The Arrow DC-8 was observed to be glowing yellow by eyewitnesses, 
according to the Canadian Broadcast Corporation's 10:00 p.m. network TV news on April 8, 1986. 


47. T. E. Bearden, Star Wars Now! The Bohm-Aharonov Effect, Scalar Interferometry, and Soviet 
Weaponization, Tesla Book Co., Millbrae, California, 1984, p. 19-22. 


48. For a paper possibly related to the first Bedini scalar wave detector from the "free A-field is a 
scalar field" view, see Robert R. Lewis, "Aharonov-Bohm effect for trapped ions," Physical Review 
A, 28(3), Sept. 1983, p. 1228-1235. This paper analyzes the role of the Aharonov-Bohm effect for the 
bound states of a charged particle in the superposition of two fields: a uniform magnetic field plus the 
vector potential of a solenoid. Gives exact solutions for a solenoid of zero size and discusses the 
corrections due to a solenoid of finite size. Shows that a series of new "betatron resonances" appear in 
the spectrum, dependent on the flux quantum number. The fundamental betatron resonance remains 
narrow and unshifted for solenoid radii large enough to broaden and shift the cyclotron resonance. 
See also W. Ehrenburg and R. E. Siday, Proc. Phys. Soc. London, Sect. B62, 1949, p. 8 which, 
among other things, discusses the effect of the vector potential in electron interferometry, where the 
insertion of a tiny solenoid between the interfering paths is shown to give an additional phase 
difference proportional to the flux through the solenoid. The resulting shift in the fringe system is 
called the Aharonov-Bohm effect. 


49. Frank Golden has developed a most important and precise scalar EM detection system to display 
scalar EM signals on a cathode ray tube. His important measurements have mapped the scalar 
resonant frequency responses of the entire earth. Two completely different types of scalar 
instrumentation show precise agreement on the frequency maps. The measurements show that the 
Soviet Union has for some time entrained the entire earth into giant scalar electromagnetic 
resonances on two frequencies approximately 12 kilohertz apart. It is the opinion of the author that 
the beat frequency between these two giant resonances is utilized by the Soviet Union to extract 
enormous power from the earth, essentially by a mechanism that Golden has uncovered. A complex 
of four to eight weapon systems might reasonably be powered from the single bi-resonant tapping 
source. In April 1985 Golden discovered the rather sudden activation of many other scalar 
frequencies with characteristics resembling command and control communications. In addition, a 
significant number of additional paired scalar resonances had been entrained upon the earth. It is the 
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opinion of the author that this showed a major activation of the Soviet strategic scalar 
electromagnetic defense system, with the power up of from 80 to 100 weapons, along with the 
complete command and control system. Golden has previously built a prototype of an actual Soviet 
scalar communications system and demonstrated that it works. Because of the impending mayday 
and the 1973 statement by Brezhnev indicating that 1985 was a critical planning year, the sudden 
activation of such massive numbers of weapons and communications was alarming. Accordingly, the 
author discreetly notified certain contacts to alert the U.S. system. Golden then detected the periodic 
turn-on and turn-off of the systems, indicating a large command and control exercise rather than 
preparations for direct tactical use. An additional difference, however, was the change from scalar 
electric to scalar magnetic field on many of the large transmitters. This is indicative of electrostatic 
location, targeting, and adjustment of the target on the earth and then switching to the "power input" 
mode. It is the opinion of the author that this indicated the choice of a geological target and 
proceeding to attack that geological target in the "slow buildup" mode. Again, proper contacts were 
so notified. 


50. A very good coverage of the Soviet microwave radiation of the U.S. Embassy in Moscow is given 
in Paul Brodeur, The Zapping of America, W. W. Norton & Co., New York, 1977, passim. None of 
our U.S. Embassy security personnel knew of scalar interferometry, nor did they possess scalar 
electromagnetics detectors. Further, orthodox U.S. scientists were also ignorant of scalar 
electromagnetics. The Soviets were thus in a position to tailor the radiation signals and precisely 
determine what our on-site personnel would detect. Details of the effects on U.S. Embassy personnel, 
possibly associated with the microwave radiation, are given by Brodeur. A great number of related 
releases by the open news media also exist. For example, see Robert C. Toth, "Radiation Devices 
Bug U.S. Embassy," Huntsville Times, reprinted from the Los Angeles Times, Feb. 8, 1976; "U.S. 
Screening out Soviet 'Listening Rays'," United Press International release, Washington D.C. Star, 
Feb. 11, 1976; Norman R. Beebe, "Nixon Exposed to Radiation In Russia?", Associated Press 
release, Huntsville Times, Apr. 30, 1976; Barton Reppert, "U.S. Scientists Puzzled Over Embassy 
Radiation Effect," Associated Press release, Huntsville Times, May 28, 1976; Barton Reppert, 
"Radiation Entering Embassy in Moscow through Phone Line," Associated Press Release, Huntsville 
Times, May 28,1976. See also Martin Ebon, Psychic Warfare: Threat or Illusion, McGraw Hill Book 
Co., New York, 1983. 


51. For details of the electromagnetic transmission of cellular disease and death, see Vlail P. 
Kaznacheyev, "Information function of ultraweak light flows in biological systems," Problems in 
Biophysics, Novosibirsk, 1967, p. 7-18. Kaznacheyev et al, "Conditions necessary for appearance of 
distant intercellular interactions after UV-radiation," Bulletin Experimentalnoy Biologii 1 Meditsiny, 
(5), 1979, p. 468-471; Distant intercellular interactions in a system of two cultures connected by 
optical contact," Ultraweak Luminescence Biology, Moscow, 1972, p. 224-227; "Distant intercellular 
interactions caused by UV-radiation," Photobiology of a Living Cell, Leningrad, 1979, p. 221-223; 
"Studies on the biological role of electromagnetic emission as a factor of adaptive behavior of cells 
under conditions of latitude changes," Abstracts of the second all-union conference devoted to the 
problem of human adaptation to different geographical, climatic, and labor conditions, Novosibirsk, 
1977, p. 101-104; Vlail P. Kaznacheyev, S. P. Shurin and L. P. Mikjhailova, "Distant intercellular 
interactions in a system of two tissue cultures," Official Bulletin of the committee on inventions and 
discoveries affiliated to the council of ministers of the USSR, Discovery no. 122 (19), 1973, p. 3, also 
printed in Psychoenergetic Systems, 1(3), Mar. 1976, p. 141-142; "Apparent Information Transfer 
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Between Two Groups of Cells," Psychoenergetic Systems, 1(1), Dec. 1974, p. 37. 


52. For evidence of anomalous scalar reflection out of the scalar grid caused by a Navy chaff drop, 
See "Navy sabotages traffic lights, TV sets," United Press International, PM cycle, Jan. 11, 1985; 
"Power blackout blamed on anti-radar particles," United Press International, AM cycle, Jan. 11, 1985; 
"Power Disrupted Briefly After Navy Plane Drops Metallic Strands," Associated Press, AM cycle, 
Jan. 16, 1985. 


53. A good summary of the early incidence of the Soviet Woodpecker signals is given by Bradley 
Wells, "The Russian woodpecker: a continuing nuisance," CQ, Nov. 1984. 


54. A particularly important Soviet Paper is E. B. Smetanin, "Electromagnetic field in a space with 
curvature -- new solutions," Soviet Physics Journal, 25(2), Feb. 1982, p. 107-111. In this paper, a 
solution to the stated problem is obtained, which may be regarded as a classical model of a charged 
particle that has both a magnetic moment and a nonzero magnetic charge density. Interaction with 
spacetime curvature can disrupt the gauge invariance of the EM field, and it can also reestablish 
invariance in an initially noninvariant theory. (Hutchinson has had anomalous breaks of metal caused 
by standing scalar waves, which seems to be due to a mechanism that produces monopoles and 
deposits them in the metal at standing-wave nodes. This paper should be directly applicable.) 


See also Yu. S. Vladimirov and A. A. Kozlenkov, "6-optics and a general theory of gravitation and 
electromagnetism," Soviet Physics Journal, 27(12), Dec.1984, p. 1039-1041; V. G. Bagrov and M. D. 
Noskov, "New exact solution of the Dirac equation. XI," Soviet Physics Journal, 27(12), Dec. 1984, 
p. 1030-1034. See particularly V. I. Petukhov and I. A. Kuzin, "Weak processes in the field of a 
gravitational wave," Soviet Physics Journal, 27(12}, Dec. 1984, p. 1025-1029. 


In the latter paper it is significant that the decay probability increases in a locally curved spacetime, 
and that solutions are obtained for circularly polarized waves. 


(In EM waves, circularly polarized waves have special characteristics in nonlinear isotropic media: 
exact solutions exist. Also, when two longitudinal sine waves of differing frequencies are transmitted 
into a nonlinear isotropic medium, the apparent difference frequency is transmitted as a sine wave, 
undistorted. This characteristic has been used by Westinghouse to produce improved sonar 
transmission through seawater, for example. The scalar EM (electrogravitational) wave may be 
represented as a longitudinal EM wave. Immediately, if one wishes to produce a pure scalar EG wave 
in the nucleus of an atom, two frequencies should be transmitted such that their difference is the 
frequency wished. Or circularly polarized waves may be utilized.) 





Note that, by implication, one should be able to deliberately tailor scalar EM waves to greatly speed 
the decay of long-lived radioisotopes, such as are contained in radioactive wastes from nuclear 
reactors and other processes. 


55. For some evidence of continuing persistence of the higher frequency scalar components applied 
to the scalar grid on Jan. 28, 1986 to localize the effects when attacking the Challenger, see "Poison 
suspected in unexplained deaths of birds," Huntsville Times, AP release, Feb. 6, 1986. From 1-4 Feb. 
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1986, various kinds of dead birds -- such as blackbirds, cardinals, sparrows and bluebirds -- 
plummeted to the ground in Birmingham, Alabama. At first some sort of mysterious poison was 
suspected, but later was ruled out. During this period, the woodpecker grid was particularly active in 
weather engineering operations. Multiple sightings of giant cloud radials occurred in various places 
throughout the U.S. The retention of the high frequency components possibly was intensified in the 
Birmingham area sporadically during the period. Birds flying into this zone would be killed if their 
brains acted as scalar receivers and were sufficiently jammed by the signals. Normally Huntsville 
(further north) is a "hinge point" for increased scalar activity, to start the Jetstream bending northeast 
to move along the Appalachian mountain chain. However, just before 28 January the jetstream had 
been diverted further south than usual by the Soviet interference, bringing unseasonably cold weather 
to Florida and the waiting Challenger on its launch pad. Probably hinge points further south than 
Huntsville were needed for this operation. If these more southern points were retained for a few days, 
and the high frequency components were retained, then an inadvertent high intensity area of these 
components may have sporadically occurred in the Birmingham area, killing the birds. 


For description of the Apr. 18, 1986 Titan blast and its ramifications to the spy satellite program, see 
James Gerstenzang and Ralph Vartabedian," Los Angeles Times News Service, "Titan Blast to Hurt 
Spy Program," Huntsville Times, Apr. 19, 1986. 





56. For another very important paper indeed, see Vu. G. Ignat'ev, "Relativistic kinetics of an 
anisotropic plasmalike medium with damping in a field of gravitational radiation," Soviet Physics 
Journal, 27(12), Dec. 1984, (English translation: Plenum, June 1985), p. 1066-1069. If we substitute 
the vacuum "Virtual plasma" for the observable plasma, this paper may be part of the smoking gun to 
show that the Soviet Union has developed scalar electromagnetics. Extrapolating from this paper, the 
amplitude of the "induced longitudinal field" is proportional to the square of the amplitude of the 
gravitational wave (GW) in an initially isotopic medium, but reduces to a linear proportionality as the 
medium develops nonlinearities (anisotropies or inhomogeneities). Whereas conventional GW are 
considered to be weak, the scalar GW may be very strong since we ourselves determine the variation 
in the energy density of vacuum it involves. Further, sharply spiked scalar EM (EG) pulses may 
develop appreciably more amplitude that the linearly calculated amplitude from the magnitudes of the 
zero-summation components. The end result is that (1) we can produce powerful gravity waves using 
the scalar EM approach, (2) local spacetime can be curved, producing violation of the conservation 
laws, and (3) the assumption of a local Lorentz frame made by Einstein as a limitation on ordinary 
general relativity is falsified. 


In passing, note that immediately one also has a clear basis for the excess local production of energy 
when the battery furnishing power to a DC series motor is sharply spiked backwards in a 
"recharging" fashion. Further, the ions in the battery (which are several hundred thousand times as 
massive as an electron) possess a resonance on the order of 16 megahertz in a typical lead-acid 
battery. Under the correct conditions, the ions collect the excess energy (due to the initial square 
effect) produced by a sharp pulse of recharging potential. The ions are shocked into resonance and, 
on reversal, "overshoot" and deliver this excess energy to the plates, recharging the battery. Thus 
such a system can violate linear conservation of energy because spacetime is locally curved by the 
spiking, and excess energy from the excited local vacuum is collected by the ions and delivered to the 
plates. This is precisely the effect upon which the first Bedini free-energy motor depended. The 
timing and adjustment, however, are highly critical and difficult, and the battery takes a rather severe 
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beating. 


57. For details and photographs of highly anomalous exhausts seen on Bennett Island, see "Explosive 
Events Seen on Soviet Island," Aviation Week & Space Technology, Sept. 26, 1983, p. 31. NOAA-6 
and NOAA-7 weather satellite photographs of massive smoke plumes, one of them 150 miles long 
and nearly horizontal, are shown. Also, in U.S. weather satellite photos of Novaya Zemlya, similar 
plumes have been detected, making this location a tentative candidate for a second Soviet "exhaust 
site." See also Letter John M. Miller, Geophysical Institute, University of Alaska, Jan. 4, 1985 with 
attachment, "Bennett Island plume cases recently found." Satellite photos showing actual circular 
breaking of arctic ice have also been taken near Wrangel Island. See Sam Bishop, "UA photos show 
Soviets break ice for missiles," Fairbanks Daily News-Miner, Dec. 15, 1984, p. 1,3; Craig Covault, 
"Soviet Ability to Fire through Ice Creates New SLBM Basing Mode," Aviation Week & Space 
Technology, Dec. 10, 1984, p. 16-17. Wrangel Island in fact has a bizarre history: it belongs to the U. 
S., but has been illegally given to the Soviets and occupied and used by them. For details, see 
"Wrangle over Wrangel and the Weather War," Don Bell Reports, 32(9), Mar. 8, 1985. 


58. For details of anomalous blinding (probably by scalar EM means) of U.S. satellites, see Philip J. 
Klass, "Anti-Satellite Laser Use Suspected," Aviation Week & Space Technology, Dec. 8, 1975, p. 
12-13. For details of anomalous failures and recoveries of a British satellite, see Joe Schwartz, 
Nature, 280, July 12, 1979, p. 95. 


59. For other possible evidence of traces of Soviet scalar EM activity over the oceans, see George D. 
Curtis, "An electromagnetic radiation pattern over the ocean," Undersea Technology, 5(8), Aug. 
1964, p. 29-30, 40. In producing a scalar wave, there exists a sort of "signal to noise" ratio of the 
desired scalar wave to an accompanying, undesired normal EM component. Due to practical 
equipment imperfections, the generated scalar wave inevitably is accompanied by a small residue of 
ordinary EM wave. While measures can be taken to further purify the scalar wave, a residue always 
remains. Curtis may have detected the weak EM residue accompanying early Soviet interference 
gridding for weather control testing over the U.S. 


60. Interactions which occurred between Khrushchev and renowned physicist and Nobelian P. 
Kapitsa are of interest. Khrushchev desired absolute defense of the Soviet Union so that the Soviets 
might be able to launch any action desired without risk or serious concern. Kapitsa informed the 
Soviet leader that, if a means of total neutralization of foreign missiles was to be found, it could only 
come from a group of new principles in physics which was called " energetics." The term 
"energetics," of course, was contracted from "psychoenergetics," and is essentially the expanded 
physics/electromagnetics that this author has dubbed scalar electromagnetics. 


Strangely, a portion of a book by Marshal Grechko was deleted from its English translation at the 
specific request of the Soviet Union to the U.S. State Department. The passage stated: "Of particular 
importance is basic research aimed at discovering still unknown attributes of matter, phenomena, and 
the laws of nature, and developing new methods for their study and use to reinforce the state's 
defense capabilities." 


The most definitive Soviet book on military strategy is titled Military Strategy (Voyennaya 
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Terminato l’avvolgimento, perché questo non si svolga, sara bene rivestirlo con un giro di nastro adesivo 
trasparente, i terminali vanno raschiati dallo smalto e stagnati, la bobina trova spazio sul lato sinistro della 
basetta e va collegata ai capi del condensatore da 220 pF, due gocce di colla saranno sufficienti a tenerla in 
posizione, anche la colla a caldo o il silicone sono una buona soluzione. 


60 . 70 spire 








4 reschiare © stagnare [s mm 


A questo punto si salderanno, al loro posto direttamente sulla testa dei chiodini, i due transistor (occorre fare 


attenzione per non sbagliare nell’identificare i terminal), i fili rosso-nero provvisti delle pinzette a coccodrillo 
per il collegamento alla pila, l’auricolare o la cuffia ai capi della resistenza da 2,2 Kohm, il filo d’antenna al 
terminale del condensatore da 470 pF, il filo per il collegamento di terra al negativo. 
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Strategiya). See V. D. Sokolovskiy, Soviet Military Strategy, third edition, edited with an analysis 
and commentary by Harriet Fast Scott, Crane, Russak & Company, Inc., New York, 1975. There are 
three editions, the latest in 1968. In the third edition, the exotic weapons normally proposed for 
defense against strategic ballistic missiles -- such as particle beams, high energy lasers, exotic nuclear 
warheads, plasma weapons, antigravitational weapons, etc. -- are discussed and discounted by 
implication. The statement is made several times that 100% defense against missiles and aircraft is 
possible. A statement is also made that it is interesting to note that this capability (a solution to the 
strategic missile defense problem) has been achieved by the Soviet Union, but not by the West (e.g., 
p. 298.) In the same edition, a previous definition of antimissile defense obviously consisting of 
radars, computers, and interceptor missiles is deleted (see author's note 190, p. 454). 


The Soviets also recognize the great importance of technical surprise: "The experience of war shows 
that warring sides quite often have tried to employ new types of weapons to this end to achieve 
surprise, which are a surprise for the enemy or are little known to him. Each side secretly develops 
new means of warfare in order to employ them unexpectedly. History knows many examples how the 
employment of a new weapon initially gave considerable success because the enemy, caught unaware 
and not knowing the combat capabilities of this weapon, was for some time incapable of effective 
counteraction... The mass introduction of new weapons into an army usually cannot remain secret for 
long for the other side. -- New means of warfare, and in mass numbers, are impossible to create often 
and quickly. In this regard, the sides have begun to take other paths concerning the attainment of 
surprise along with searches for new weapons and their sophistication." V. Ye. Savkin, of The Basic 
Principles Operational Art and Tactics, Moscow, 1972, U.S. Air Force translation, U.S. Government 
Printing Office, Washington, D.C. 20402. 


61. The Soviets have not discarded most of their old radars, and have continued to develop, build, and 
deploy giant new radars (in apparent violation of SALT agreements), which U.S. analysts always 
analyze in conventional fashion. It is fairly straightforward, simple, and inexpensive to modify an 
ordinary pencil beam radar to produce scalar wave beams and geometrical scalar Fourier expansion 
forms. Radars can provide a wide array of totally new and unexpected capabilities when utilized in 
the scalar electromagnetics mode. Even older Soviet radars, with antiaircraft gun sites and older 
surface-to-air missile sites, will exhibit new and startlingly advanced capabilities against ballistic and 
cruise missiles and Strategic Air Command bombers. Since there are many thousands of these older 
Soviet radars still operationally deployed, in the scalar mode the Soviet strategic defense may well 
approach 100%, just as Military Strategy implies. Also, the antiaircraft and antimissile defense 
capability of Soviet land forces may be far greater than anything presently estimated by U.S. analysts. 


62. To the physicists, engineers, and researchers who have made the tough sledding to this point, 
congratulations! Here's a bonus for you. 


Turn to page 32, equation [7]. Time differentiate it (this is left as an exercise for the reader). Collect 
terms and study the result intensely. 


Now you have the reason why rise time is so important from a scalar EM viewpoint. You can 
also see why spiking the innate inductance of any system very sharply is so important. Fast rise time 
greatly increases the value of the time derivative terms, and your gravito-inertial effects go up with 
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the collective squares of your zero-vector summed components. Any system has at least a little 
inductance. For sharp spikes, the gravitational potential goes very high. The inductance of the system 
momentarily opposes any current (translation: opposes any current bleed-off, or EM force field bleed- 
off). During that time you've got the 4-space G-potential to use. If you need to hold it longer to use it, 
then increase the inductance. 


Now you can see why extremely rapid discharge of properly tuned, giant Tesla coils give 
gravitational and inertial effects sometimes. 


You can see why the sharp "EMP" (electromagnetic pulse) from a nuclear explosion or EMP 
generating device can penetrate the ocean. 


That's why the spikes (such as used by the neurophone) can carry messages directly into the brain and 
nervous system. You also should see why the Soviet woodpecker carriers (a Soviet over-the-horizon 
radar system) are loaded with scalar EM spikes (Bedini has precisely detected them from 50 Hz to 10 
MHz; Golden has detected them into the gigahertz range.) to work on the humans in the targeted area. 
They're zapping the hell out of us. And they have done something similar at the U.S. Embassy in 
Moscow for decades. 


Bedini has developed a simple, cheap device to mess up the phaselocking of the scalar EM spikes on 
the woodpecker carriers. It's based on the fact that the Russkies use a lot of circularly polarized 
transmitters when they make the spikes. Here's what to do: Take 4 strong bar magnets and an old 
(but operational) long-playing record turntable. Set it on 33-1/3 RPM speed. Glue the magnets on the 
top of the turntable, standing vertically, symmetrically placed around the turntable's outer edge. Place 
them so that on one a north pole is up, on the next a south pole is up, then a north up, then a south up. 
Now turn the turntable on and let it run. This gadget makes a slowly rotating magnetostatic wave. 
(Yes, it will also make a rotating "magnetic" wave, which is actually two rotating magnetostatic 
waves.). These rotating magnetostatic waves will interfere with the scalar spikes, changing them to 
EM (electromagnetism) and slowly rotating their phase. This breaks the phaselock of the Soviet 
circularly polarized scalar EM signal on the human brain. This gadget will protect the average large 
room. 


But back to our differentiated equation. 


Now you should also see why the first Bedini motor is so "devilishly difficult" to adjust. You've got 
to get the effect and examine it in well under 20 nanoseconds. You'll need an oscilloscope of 350 
MHz range or so. Microwave-quality bench equipment is necessary; the ordinary electrical and 
electronic shop equipment is not good enough. You can also see why the ordinary lead-acid battery 
takes such a beating. However, a special battery certainly can be designed to take it. Now you know. 
Okay, you tigers. Go get 'em. 


63. Now here's a final bonus for the persistent reader. 


This time, see J. N. Brittingham, "Focus Wave Modes in Homogeneous Maxwell's Equations: 
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Transverse Electric Mode," J. Appl. Phys. 54, 1983, p. 1179-1189; T. T. Wu and R. W. P. King, 
"Comment on 'Focus Wave Modes in Homogeneous Maxwell's Equations: Transverse Electric 

Mode' [J. Appl. Phys. 54, 1179 (1983)]", J. Appl. Phys. 56, 1984, p. 2587; T. T. Wu and H. Lehmann, 
"Spreading of Electromagnetic Pulses," J. Appl. Phys. 58, 1985, p. 2064-2065; T. T. Wu, 
"Electromagnetic Missiles," J. Appl. Phys. 57, 1985, p. 2370-2373. Pay particular attention to the 
latter paper. 


Because of the Strategic Defense Initiative (SDI) and other programs, great interest has recently been 
kindled in using EM pulses to carry energy from a high-powered source to a target. However, so far 
almost all the work is still couched in terms of purely ordinary (though sophisticated) 
electromagnetics. It still involves the EM concept of "EM energy flow through the intervening space 
from the transmitter to the target." As such, the work to date still suffers from all the self-imposed ills 
and limitations of using the classical force fields concept of EM. 


However, the theoretical work of these referenced papers is of great interest to us here. 


In the first paper, Brittingham sparked a great deal of interest with theoretical work which promised a 
permanently focused 3-dimensional concentration of EM energy that propagates in a straight line 
with the speed of light. That is, this mode used a newly formulated wave packet (called the "focus 
wave mode") that acted as a non-dissipating EM soliton. 


In the second reference, it was concluded that Brittingham's focused wave packet actually satisfied 
Maxwell's equations, but not the associated boundary conditions. 


[Comment by this reviewer: both of these formulations use "linear time" and a "linear frame," 
ignoring the local general relativity aspects. Indeed, Brittingham's "focused wave packet" can be 
made by the zero-vector approach! However, it will not be an "EM" packet, it will be a pulse (or 
oscillating wave, depending upon how it is made) of 5-gravity potential. As such, it contains a 
multiplicity of locked-in, 5th-dimensional, non-zero EM gradients in and EM gradients out. 
Collectively these gradients themselves constitute a deterministic "flux of gradients" or an EM flux in 
the 5th dimension, with no resultant effective current of EM gradients. In other words, it's possible to 
build a "flux of gradients" and to have a "current of gradients," just as in ordinary EM it's possible to 
have a "flux of virtual particles" and a "current of virtual particles." The argument concerning the EM 
boundary conditions of Maxwell's equations is not relevant in such a case. The only boundary 
involved is the zero itself. ] 


Be that as it may, the 4th reference is of direct interest. In this paper, Wu has done us a great service. 
He shows that, under transient excitation, an antenna of finite size can transmit energy to a faraway 
receiver so that the energy decreases as slowly as one wishes. An electromagnetic pulse of energy 
with such slow decay is conveniently referred to as an "electromagnetic missile." 


The electromagnetic missile has important applications, according to Wu. One possible application is 
the transmission of 


information in a manner that is very difficult to intercept or jam. A second possible application is to 
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destroy or disable a distant target. However, Wu feels that so much energy is required [remember, he 
is speaking of EM non-zeroed force fields traveling through ordinary space] that a likely radiating 
source must be something like a nuclear explosion. However, as Wu points out, a nuclear explosion 
produces a powerful EM pulse which includes frequencies from microwaves to gamma rays. To 
weaponize the explosion to produce a coherent beam, the nuclear explosion must be controlled to 
produce a coherent radiating source and a pulsed laser-like EM beam. Wu points out that such a 
technology is difficult and has not been developed. 


We comment as follows: It is certainly true that enormous energy is required if the waves in the pulse 
remain electromagnetic -- that is, if they have non-zero resultant E and B fields to the external 
observer. 


On the other hand, if we form a complex of waves in opposition so that we control the energy content 
of each individual component wave, but blend all the waves so that their collective envelope wave 
has zero E-field and zero B-field resultants, then -- to the external observer -- the EM energy is 
infolded and unzipped electromagnetically. It is now electrogravitational energy, and limitations of 
"EM force field energy flowing through space or through a physical medium" need no longer apply. 
However, we may still look at each EM component wave as an individual EM wave, moving in the 
Kaluza-Klein 5th dimension that is wrapped-around each and every point in our ordinary 4-space. In 
other words, to the ordinary 4-spacetime observer, each component wave has a special channel 
around every point of his space, not through it. Thus we have established multiple EM channels "just 
outside" each point of observer space. These we call "scalar channels," and EM energy can move 
through each one as if it were moving through a wire. The relative potentials between the "ends of 


each wire" determine in which direction the "EM energy current" flows along the wire. 


And in each of these "special channels," we just have a normal kind of space (to the internal 
observer). Wu's paper assures us that we can get as much of the input energy to the distant target as 
we desire. The problem then is how to break the zero-summed EM envelope (and hence the "zero 
channel" for each component EM energy wave) in the distant target itself, spilling the infolded 
contents of all the special channels back into ordinary spacetime as EM energy (either positive or 
negative). 


That, of course is easily done by interference in the distant zone. As previously stated, there is a way 
in which we can even perform this interference in a single scalar beam. Since the newly formed EM 
energy emerges from each and every increment of spacetime occupied by the distant target, it already 
emerges inside the very vitals of the target. It does not have to translate through the intervening 
ordinary space between transmitter and target. Instead, it goes through the Kaluza-Klein fifth 
dimension. It translates along a line through our space, but not through our space. With the scalar EM 
approach, we transmit EM energy through hyperspace, not through normal space. 


Hereafter we will adapt and expand Wu's SDI term "electromagnetic missile" to include these 
electrogravitational aspects. In other words, we include the "scalar EM missile", which consists of an 
infolded multiple of Wu's ordinary EM missiles moving together coherently in special sheathed 
hyperspace channels. 
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In Appendix I we show an anomalous photograph taken by Bob Gladwin, just before the shuttle 
launch of Nov. 26,1985. While the photograph may be an artifact, it also is a candidate for the test 
strike of such a Soviet scalar "electromagnetic missile" tested against an aiming point offset from the 
shuttle launch which followed a few seconds later. The test was accomplished before the shuttle was 
launched, and offset from it, so that it positively would not endanger the shuttle itself. The conditions 
under which this spectacular photograph was taken happened to coincide with the special conditions 
required to photograph such scalar EM energy. Those conditions are clarified and explained in the 
Appendix. 


My deep appreciation goes to Mr. Gladwin for allowing me to use this photograph. As we will point 
out in Appendix I, the video camera caught a picture of the Soviet scalar EM marker beacon 
associated with the Titan explosion of April 18, 1986. One can rest assured that the Soviets probably 
destroyed that vehicle, using a scalar EM missile. 
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APPENDIX 1: SOME IMPORTANT INDICATORS 
AND DESTRUCTIVE TESTING 


Some of the indicators which bear on the use of the 
Soviet 
scalar electromagnetic grid via the Woodpecker EM carrier 
beams are given in this appendix. along with other 
information believed pertinent to overall scalar EM effects. 


IN ADDITION, THE THESIS OF ACTUAL LIVE 
TESTING OF THESE WEAPONS BY THE SOVIETS -- 
TO INCLUDE THE DESTRUCTION OF A TROOP- 
CARRYING U.S. AIRCRAFT, A SHUTTLE, AND A 
TITAN MISSILE -- IS ADVANCED AND 
INDICATORS PRESENTED. 


An anomalous photograph taken by Bob Gladwin is 
presented which possibly may have captured the "smoking 
gun" -- the strike of a 
Soviet scalar EM missile at an offset aim point near the 
shuttle Atlantis, just before its launch on Nov. 26, 1985. 
However, this photograph is caveated since it may also 
represent an anomalous but ordinary artifact. captured in 
some as yet unknown manner. The manner in which such a 
photograph may have been taken -- when normally the 
scalar energy does not show on a photo -- is explained. 





Another photograph taken by George Suchary after the 
launch did 
capture the Soviet "marker beacon" utilized in the test firing, 
however. This independent photograph is presented, and 
adds credence to the thesis that the Gladwin photograph 
captured the test of a Soviet scalar EM pulse missile. 


- INDICATORS AND SUCH - 


1. Continual cloud radials have repeatedly been seen and 
photographed over Los Angeles, California or its vicinity. 
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Los Angeles is also apparently a "hinge point" for bending 
and controlling the jetstream. Three typical radials seen to 
form one after the other by Margaret Wilson (and sketched 
and airbrushed by her) in the greater Los Angeles area are 
shown in figures 1, 2,3, and 4. These radials were formed 
on Sunday, Jan. 26, 1986. Ms. Wilson had heard my 
Saturday night "Soviet Weather Engineering" broadcast over 
KABC Los Angeles, and my request that anyone who saw 
the typical radial cloud formation should photograph or 
draw it, noting time and location, and send the photos or 
drawings to me. 

As Margaret described it. "To my astonishment, the 
next day I not only saw one, but three in the sky at the same 
time. 

The time of the first one was Sunday, Jan. 26, at 1:15 p. 
m. 

. .. | stepped out the back door for some minor errand and 
noticed a 

fan of long straight clouds in the sky. The sky had been 
filled with dark clouds most of the morning but this had 
been breaking up and the western half of the sky was now 
clear with these lines of clouds spread out on it. I 
immediately thought of your request and tried to see the 
bottom of the fan which was hidden behind bushes and a 
garage. When I stepped into the street, I saw there was 

a semi-circle beneath them. 

Not having film and a wide-angle lens on my camera. 
I knew I couldn't capture it in its entirety. I am, however, a 
retired commercial airbrush artist so I quickly sketched the 
formation. It is illustration #1. 

It was in the western sky, the base of the central semi- 
circle sitting about 15 degrees above the ocean horizon. It 
was very clear and sharply defined. The semi-circle was 
broken at the top and the two broken ends curled inward like 
commas. As I sketched the wind deformed it somewhat, the 
right half of the whole formation sliding down away from 
the left. 

Ten minutes later it was getting quite clear of clouds 
except 

for a bank over the Santa Monica Mountains to the north 
and there, straight north, another fan was forming. As I 
watched it took shape -- illustration #2. The same broken 
semi-circle (with commas’) but this time the bases of the 
rays were feathered about half-way out with end halves long 
straight wisps. 

As I sketched, another fan had begun to take shape 
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further east. It was hard to tell its size but I had estimated 
the first one at about 15 miles across and the second a little 
larger and the third larger yet. At the peak of its formation it 
looked like illustration #3. ...There in the middle of the 
central circle, hazy and a little faint was what looked like the 
top of a mushroom cloud. Or was it only a distant 
thunderhead that coincidentally found its way to a place 
behind the formation? The arms of the last, largest 
formation were rather wavy and feathery like some gigantic 
sea creature. It did not disperse as fast as the others, but 
held for a couple of hours, though it was pretty distorted by 
then. I could not estimate its size as I wasn't sure of its 
altitude. 

Were they aircraft contrails? Certainly not! There was 
an airliner in the sky at the time -- a mere scratch on the 
smooth blue sky (see illustration #3, right center.). 

The three formations were present in the sky at the 
same time although the first was getting quite distorted by 
the upper level winds before the last reached its peak. 

Tuesday our weather changed from hot and sunny to 
rainy as the weather man said the path of the jetstream 
altered, and then there was the space shuttle explosion. 

... The Russians seemed very sincere in their sympathy 
for the loss of our astronauts but only two days later it was 
printed in TASS and I personally heard Vladimir Posner say 
that Russia hoped that the United States would now realize 
what could happen if the S.D.I. program was further 
pursued. Was this friendly concern or a threat? It is very 
evident that if the S.D.I. can destroy a missile in flight, it can 
also destroy one on the ground. This would immediately put 
all Russian missiles in [reach of] our arsenal. They are 
already in place in the most desirable target areas -- their 
own launch sites. I'd be panicky too if I were a Soviet 
leader." 

[Ed. comment: My sincere thanks to this thoughtful 
lady who took the time to sketch the cloud radial phenomena 
occurring in the Los Angeles "jetstream pivot point" at this 
critical time, just prior to the launch and destruction of the 
Challenger. 

Anomalous cloud grid activity (formation and 
dissolution) in 
the Los Angeles area has been positively correlated with 
Soviet Woodpecker activity by engineer Ron Cole, with 
100% correlation in 30 straight Woodpecker measurement 
runs. Statistically, of course, this 
is quite decisive. ]. 


http://www.cheniere.org/books/ferdelance/appendix la.htm (3 of 31)25.11.2003 0:02:08 


The Tom Bearden Website 


2, Continual cloud radials have repeatedly been seen and 
photographed over Huntsville, Alabama, associated with 
weather engineering and grid activity. Typical radials seen 
by this author are shown in Bearden, Soviet Weather 


Engineering Over North America, 1-hr. videotape, 1985. 
Huntsville is apparently a pivot point or "hinge point" for 
bending and controlling the jetstream. 


3: Spectacular cloud grid patterns have been seen over 
Huntsville, Alabama and Los Angeles, California. An 
excellent videoclip of one 
of the Los Angeles area grids, personally observed and shot 
by KABC Open Mind talk show host Bill Jenkins, is shown 
in Bearden, Soviet Weather Engineering Over North 
America, 1-hr. videotape, 1985. An artist's sketch of an 
earlier gigantic grid, extending from horizon 
to horizon in every direction, seen over Huntsville, Alabama 
by Tom Bearden and Ken Moore, is also shown in the tape. 
The videotape is available from P.O. Box 1472, Huntsville, 
AL 35807. Sketches and details of another highly 
anomalous grid pattern observed in the greater Los Angeles 
area by engineer Ron Cole are shown in figures 5 and 6. 
The reason that clouds of water droplets and/or ice 
particles detect the scalar interferometry and form signature 
patterns is simple: Consider each H,O molecule as having 


two light little hydrogen atoms hanging on to the much 
heavier oxygen atom. The covalent sharing with the oxygen 
atom of the electron from each hydrogen atom means that 
(1) the electrostatic scalar potential between the H ion and 
the O ion it is bonded to, is rhythmically varying as the 
electron is shared back and forth, (2) this varying potential 
contains "electron spin holes" since it is made by the moving 
electron, (3) two such varying potentials exist since there are 
two H atoms sharing covalent electrons with the O atom, (4) 
the two H ions are at an angle of over 100 degrees with 
respect to each other, (5) the molecule assembly thus 
constitutes one part (one half, so to speak) of a scalar 
interferometer with imbedded electron spin holes for 
electron hooking, (6) Incident scalar waves from outside the 
system interact with the "half scalar interferometer." This 
scalar interferometry interaction is coupled to the covalent 
bonding electron because of the internal spin hole pattern of 
the molecular half of the interferometer. The coupled 
electron moves with the scalar pattern's changes, causing an 
observable interaction with and in the electrical structure 
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and ionic potential of the molecule, (7) the weak H to H 
hydrogen bonding between molecules connects resulting 
ionic potential changes to the structuring of the entire 
macroscopic cloud assembly. Thus by scalar interferometry 
with the H,O "half interferometers", an incident scalar EM 


pattern is detected and translated into patterns of E and B 
force fields. The H,O molecules then "line up" in accord 


with the electrical patterns detected. 

Thus the clouds form "signature patterns" according to 
the incident scalar EM radiation patterns. Giant cloud 
radials in the targeted area are probably due to the type and 
shape of antennas -- including the type and shape of the 
electrical wires establishing the antennas' ground planes -- 
640used by the Soviet Union to project the scalar waves. 
Note that such "radial" antenna patterns were occasionally 
used by James Harris Rogers in his underground and 
undersea scalar EM transmission system. 


[For Rogers' patents, see U.S. patent numbers 
1,316,188, Radiosignaling system, Sept.16, 1919; 1,322,622, 
Wireless Signaling System, Nov. 25, 1919 (figure 6 of this 
patent clearly shows a "radial wire" ground plane antenna); 
1,349,103, Radiosignaling system, Aug. 10, 1920 (the fourth 
version in figure 1 shows inside/outside variation which, for 
the long waves used, to a distant observer appears as a 
varying magnetostatic scalar potential using opposing B 
fields); 1,349,104, Radiosignaling system, Aug. 10, 1920; 
1,220,005, Wireless Signaling System, Mar. 20, 1917; 
1,303,729, Wireless signaling system, May 13, 1919; 
1,303,730, Radiosignaling system, May 13,1919; 1,315,862, 
Radiosignaling system, Sept. 9, 1919; also 958,829, Method 
and Apparatus for Producing High Frequency Oscillating 
Currents, May 24,1910.]. 


4. Anomalous power outages in Ventura County, 
Southern California on Nov. 8 and 9, 1985. Again, engineer 
Ron Cole, who lives in the affected area, investigated and 
reports as follows: 

"On the evening of 11-8-85 in a rural area of Ventura 
County known as Carlisle Canyon, a strange electrical 
phenomenon began to occur at about 10:15 p.m. Our first 
observation was that random white dots began to appear on 
the TV screen, then began to increase in size and brightness. 
The brighter the dots got, the dimmer certain lights in our 
home became. Yet later we found that, when some lighting 
circuits were dimming, other circuits were causing lights to 
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shine much brighter than normal. After a bit of checking, 
we were able to determine that lighting circuits common to 
pole 1 of the service transformer were the ones that were 
seeing a reduction in voltage, while all circuits on pole 2 
were seeing an increase in voltage. 

There is another interesting condition that was 
observed on the TV screen. The dots were in sync with the 
vertical field or frame rate of the signal. This means that the 
interference had to be of a frequency of 59.7 Hz or 29.85 
Hz. Normal power line interference will form a grouped 
dash pattern across the screen and will strobe upward at the 
rate difference of 59.7 Hz or 29.85 Hz. In the 8 November 
case, there was no strobing of the dots whatsoever. 

These conditions continued off and on for the rest of 
the entire evening and were observed by no less than six 
other persons that I know of. They were observed over the 
entire TV frequency spectrum, low band VHF, high band 
VHF, and on two UHF channels. Line interference is almost 
always most prominent on the low band VHF frequencies 
only. 

These anomalous events would take place on a 
somewhat irregular time pattern; anywhere from 3 to 10 
minutes apart. They would always last for about 2 minutes. 

At 12:30 a.m. I went to bed and was not aware of any 
further activities until 6:20 a.m., at which time I was 
awakened by several sharp snapping or cracking sounds 
coming from the walls of my house. I rolled over and went 
back to sleep, only to be reawakened about 15 minutes later 
by my wife, who informed me that the power and phones 
were out. My comment was, "Some dummy must have 
crashed into a power pole," and I dozed off again. 

At 10:15 a.m. the power and phones came back on 
line. Shortly after, our phone began to virtually ring off the 
hook. About a dozen neighbors up and down the canyon 
wanted me to check out their electrical wiring and various 
appliances. All of them were trying to explain their 
individual encounters and what took place when the power 
went out. Such things as wires snapping in walls, singing 
and humming sounds coming from wiring in walls, strong 
smell of ozone, light bulbs exploding, buzzing coffee pots, 
and a handful of other phenomena all took place just before 
the power went out at 6:20 a.m. 

A typical example was that of Rob Steel. [Ed: Name 
changed for this report; his real name is in my files.] Rob 
lives four miles down the canyon from us. He had just 
turned on the lights in his barn and was getting ready to feed 
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the livestock, when he realized he had left several needed 
items in the garage located about 75 yards from the barn. 
Upon entering the garage, he saw the garage lights began to 
flicker, then go to a dim orange glow. Upon stepping from 
the garage area, Steel saw that lights in the barn were so 
bright that he thought the entire structure was about to 
explode. He froze in his tracks for a moment and his whole 
house and garage began to hum. Then everything went out. 

An interesting point to inject is that Mr. Steel's home 
and several others farther down the canyon from us are 
being fed from a different 19 kv power feeder source than 
the 14 kv feeder that supplies us and most homes in the 
canyon. 

At about 2 p.m. on 11-9-85 I was in contact with the 
power utility company (Southern California Edison 
Company) to inquire as to the cause of the power outage. 
My first assumption was wrong. No power poles had been 
knocked down; only a ceramic fuse in the 19 kv feeder 
system had blown and a two-pole oil breaker had kicked out 
on the 14 kv feeder system. Load charge recorders at the 
power company show that both fuse devices kicked out at 
exactly the same time, but they are in no way common to 
each other as to load distribution. They only supply power 
to adjacent areas. 

Also, the phone company has no record of its service 
being out, yet the phone service was restored when the 
power was restored. The phone company does not use 
Edison Company's power to power its phones. Again, the 
only commonality is that the phones and phone lines were in 
the same area. 

Numerous magnetic breakers, used as manual switch 
devices for well pumps and other services, were on when 
power was returned. These switches had previously set in 
their off state. 

A strong electrical-type ozone odor was detected at five 
locations at the time the power went out. 

Later we found that a Research and Development 
laboratory in a nearby area measured 29 Hz intermittent 
signals late on the night of 11-8-85. These signals were 
interfering with some critical tests the lab personnel were 
trying to accomplish. The laboratory itself did not 
experience a power outage. 

At this point in time, the only realistic surmise we can 
come up with is that a tremendous ELF or scalar ground 
wave was adding and subtracting to the grounded neutral 
service side of the power pole transformers so as to sum in 
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and out of phase. When peak nodes were achieved, all line 
transformers ended up back-feeding the feeder lines out of 
phase, causing the final power outage. 

Twenty-one persons are aware of the strange conditions 
of the power outage and prior events. [Ed: Their names are 
in my files.]" 

Editor's comment: Another anomalous power outage 
also occurred in the same area. This occurrence is possibly 
associated with effects of the scalar interference grid 
adjustments. If the Soviets were preparing for a major test of 
the grid in the Launch Phase ABM mode, substantial tests 
and exercises may have been performed before the actual 
"wet run" against the shuttle launch on Nov. 26, 1985 -- 
about two and a half weeks after the anomalous power 
outage at Carlisle Canyon. 

See the Rogers' patents, referenced above, for ideas of 
how scalar EM signals couple to the power lines and 
telephone lines. 

As this book goes to press, John Bedini has notified 
me that his new and very sensitive developmental scalar 
detector positively verifies scalar frequency "spike" activity 
on the Woodpecker grid (and possibly the ground reference) 
from 50 Hz to 10 MHz. A normal instrument will definitely 
not see these signals. John's lab is at Sylmar, California and 
about 70 miles from Carlisle Canyon. 


De During the Skylab mission, NASA astronauts 
observed and photographed a mysterious green glow of the 
atmosphere. The glow was over 1,000 miles long and over 
100 miles wide. From Carlisle Canyon, Ventura County, 
California the sky has also been observed to possess a 
mysterious green glow from horizon to horizon, on three 
occasions. [Editor's comment: It is hypothesized that this 
green glow is associated with grid activity in the Launch 
Phase ABM System mode. | 


6. Just prior to the hapless launch of the Challenger on 
Jan. 28, 1986, the Soviet Union sharply bent the jetstream 
down through the center part of the country, then curved it 
eastward across the Florida panhandle. This exposed the 
waiting Challenger on the launch pad to severe cold air, 
brought down from Canada by the sharply deviated 
jetstream. The use of the scalar interferometry aspects of 
the Woodpecker grid for weather engineering over the U.S. 
has been documented previously. [Bearden, Soviet Weather 


Engineering Over North America, 1-hr. videotape, 1985; 
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Bearden, "USSR: New beam energy possible?", Defense & 
Foreign Affairs Daily, 13(111), June 12, 1984, p. 1-2.]. 
Wilson's cloud radial sightings on Jan. 26, 1986 and Cole's 
giant cloud grid sightings on Jan. 24, 1986 are directly 
connected with adjusting the Woodpecker grid and deviating 
the jetstream, to carry cold air to the Florida launch site. 


7. | The previous testing of the grid in the Launch Phase 
ABM/Anti-bomber Mode, using actual jet aircraft as "wet- 
run" targets, has been demonstrated by various anomalous 
incidents. 

As one probable example, see "Jetliner drops 32,000 
feet; 400 aboard; 50 are injured," AP release, Huntsville 
Times, Feb. 20, 1985, p. 1 and "China Airlines Pilot Denies 
Cockpit Error," AP release, Huntsville Times, Feb. 21, 
1985, p. A-9. In this incident (see figure 7) a Boeing 747, 
flying at 42,000 feet and bound for Los Angeles, 
experienced unusual engine flameouts while still out from 
San Francisco. In a hair-raising plunge toward the earth, the 
pilot fought to restart the engines and regain control of the 
aircraft. After a fall of some 32,000 feet in two minutes, the 
engines finally restarted, and the pilot was able to fly into 
San Francisco and land safely. 

We have already explained how the Soviets are able to 
track the aircraft's jet engines. Later in this Appendix we 
show just how accurately an actual "scalar EM missile" may 
be focused by the Soviets on a hapless target. If a 
negatively biased pulse or continuous wave scalar EM 
"energy extraction" beam hits the engines, the extraction of 
energy will result in engine flameout. (No heat energy, no 
combustion of the fuel.). This is apparently what happened 
to this aircraft. In the presence of "splatter" from the 
extraction beam targeted at the engines, the aircraft 
instruments were seriously affected. Different instruments 
have different responses to such an anomalous scalar EM 
kindling effect. Thus a signature would be that the 
instruments disagree with each other, and need not record 
what actually occurred. This appears to have been the case, 
constituting a signature that scalar EM was targeted against 
the aircraft. The pilot's instruments apparently indicated that 
the control system had failed, while the flight recorder 
apparently indicated that it had not. 

Let us assume this was a Soviet test. When the distant 
Soviet operator turned off the extractor beam, the engines 
returned to normal state after a "discharge time constant" 
period. They normalized before the plane struck the ground, 





http://www.cheniere.org/books/ferdelance/appendix la.htm (9 of 31)25.11.2003 0:02:08 


The Tom Bearden Website 


so the pilot was able to restart the engines and proceed. 

Notice that this was a limited test to cause engine 
flameout only. If the scalar EM missile had been used 
against the aircraft in the "pulse" mode, it would instantly 
have exploded in mid-air. 

The crash of an India jet aircraft outside Great Britain 
may have been a test of the same weapon in the pulsed 
"destroy aircraft" mode, since there are indications that the 
aircraft suffered an anomalous midair explosion. Another 
candidate for such a possible "shoot-down" of a jet aircraft 
is an (Italian) Itavia DC-9 that crashed into the 
Mediterranean in June, 1980. Both Itavia and the Italian 
Transportation Minister Salvatore Formica believed that a 
missile struck the jetliner and was the likely cause of the 
crash. It may have been a scalar EM missile and a full-up 
test by the Soviet Union. See "Plane was probably hit, judge 
says," Birmingham Post-Herald, Jan. 17, 1981. 

Also the present author has knowledge of at least one 
instance in the early 1980's when an American-made tactical 
ballistic missile was anomalously destroyed shortly after 
being launched by troops in Europe. The destruction was 
anomalous and a large hole was inexplicably burned through 
the side of the missile -- exactly as if it had been struck by a 
scalar EM missile test in the anti-tactical missile (ATM) 
role. 


8. As another example of airborne scalar EM activity in 
the Woodpecker grid, in January 1985 a U.S. Navy- 
dispensed chaff cloud, dispensed well-offshore from San 
Diego, California was caught by an unexpected wind and 
blown toward the city. (See figure 8.). As the chaff cloud 
moved in, significant failures of electrical systems and 
electrical components resulted. Power was disrupted to as 
many as 60,000 homes by the incident. 

The sudden, unpredicted wind was suggestive of a 
wind blowing toward an artificially created low pressure 
area. Under certain conditions, a specialized structure such 
as that of a piece of sophisticated chaff will reflect scalar 
waves of frequencies within its cut bandwidth. If scalar 
modulation frequencies within the chaff bandwidth were 
present on the Woodpecker carrier grid above and 
surrounding San Diego, a myriad of reflecting bits of chaff 
in the moving chaff cloud would produce myriads of 
random, invisible "fireflies" of EM energy kindled at a 
distance, from random scalar interferometry, in a zone 
surrounding the cloud. As these invisible "firefly" pulses of 
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EM energy pulsed inside components of the electrical 
systems and electrical controls in San Diego and vicinity, 
extensive and random internal electrical interference 
occurred. This lead to widespread, anomalous electrical 
failures throughout the city. 

Note that this activity preceded the huge Soviet scalar 
EM exercise of April-May 1985. The grand exercise would 
certainly have been scheduled well in advance by Soviet 
strategic forces controlling the scalar EM howitzers and 
Woodpecker grid weapons, and adjustments and smaller 
tests would have been being made for some months before 
the tests. 


9. Other anomalous "electrical strikes" certainly exist, 
suggesting Soviet testing may occur widely throughout the 
world, yet be reported as ordinary but anomalous 
phenomena. An example which comes readily to mind is 
the anomalous blast (or blasts) that struck Bell Island, off 
the east coast of Newfoundland, on April 2, 1978. Persons 
on the shore of Conception Bay reported seeing fireballs 
coming down out of the sky and hitting the island, according 
to Royal Canadian Mounted Police. Highly anomalous 
atmospheric electrical activity preceded the blast. This may 
have been Soviet testing of scalar-created electromagnetic 
missiles. Extensive information on this incident can be 
obtained from P.A.C.E., 100 Bronson Ave., Apt. 1001, 
Ottawa, Canada T1IR 6G8. 

As another possible example, villages in an area of 
West Donegal in Ireland have been terrorized by freak 
"lightning bolts" for over two years. Roofs have been 
literally stripped off, windows smashed, telephones and 
television sets blown up, and pipelines wrecked. On 
Dec. 25, 1984 a mighty blast caused a three-day blackout: it 
accompanied a snowstorm, the first "white Christmas" in the 
area in 20 years. See "Bolts from the blue," Fortean Times, 
Issue no. 45, Winter 1985, p. 5. 


10. Scalar spikes or pulses from the Soviet testing may 
also cause other anomalies, including deaths of unsuspecting 
persons using the telephone. For a candidate event of this 
type, see "Killer Phones," Fortean Times, Issue no. 45, 
Winter 1985, p. 8-9; also AP release, Huntsville Times, 
May 30, 1985; AP newswire June 2, 1985; and New York 
Times, Sep. 11,1985. 

On May 21, 1985, five days after passing a complete 
physical examination, 17-year-old Jason F. Findley of 
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Piscataway, New Jersey was on the phone at his 
grandmother's house, talking to his girl friend. An odd click 
occurred on the line, followed by a gasp from Findley and 
then only the TV playing in the background. His 
grandmother found him unconscious, still clutching the 
phone in his hand. Rushed to Muhlenberg hospital, he was 
pronounced dead shortly afterwards. An autopsy could not 
determine the cause of death, and the telephone company 
found the phone working properly, properly grounded, and 
no evidence of excess electrical charge. Findley was lying 
on a wooden bed which would not conduct electricity. He 
had a hemorrhage of the inner ear. There had been an 
electrical storm over Scotch Plains, New Jersey the night 
Findley died. 

AP wire services were told by the special forensic 
investigator with the New Jersey medical examiner's office 
that about six people had died in the U.S. in similar 
circumstances. Others had reported being knocked 
unconscious by "high voltage shock" from their telephones. 
Several weeks before Findley's death, another man from 
Whitehouse Station, New Jersey had been found 
unconscious with a telephone in his hand. According to the 
Consumer Product Safety Commission in Washington, D. 
C., in 1984 nearly 12,000 people in the U. S. were taken to 
emergency rooms with injuries related to telephones. A 
hundred of them died, although exact details were not 
revealed. 

Note that the giant Soviet scalar exercise of May 1985 
had been detected and verified by Golden. Substantial 
activity in the Soviet weapon complex, and in the 
Woodpecker grid over the U.S, continued throughout May 
and beyond. A phone line may by chance detect one or 
more atmospheric scalar EM pulses, just as occurred in the 
blackout in Ventura County, California on Nov. 8-9, 1985. 
These scalar pulses can travel along a phone line and be 
broadcast into a person's ear and brain from the telephone 
earpiece. The proper scalar EM pulse can induce both 
"acoustic shock" in the inner ear and "electrical shock" 
conditions in the nervous system. The pulse may also 
interrupt the body's electrical timing pulses to the heart, 
causing the heart to stop without physical damage. The 
scalar EM shock to the brain and nervous system can knock 
the person unconscious or, if sufficiently strong, kill him 
instantly. The condition is worsened if the person is 
ungrounded, since then he acts as a large, open-ended 
capacitance in series with the telephone instrument's 
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inductance. In such case, the scalar resonance of the 
equivalent series LC circuit can be sharply excited and 
resonated. By the nonlinearities of the body and nervous 
system, the scalar resonance can be translated into an 
ordinary electrical pulse or resonance. Since the scalar 
power is not translated into ordinary power except inside the 
nonlinearities of the human capacitor/nervous system, no 
damage to the telephone or phone lines need happen. [At 
the ComTec exhibit in Las Vegas in 1984, John Bedini 
demonstrated powering a 200-watt speaker system through a 
100-foot length of #40 magnet wire, using scalar EM 
means. He put some 200 "watts equivalent" of scalar energy 
through the tiny wire to the speakers, where a small Bedini 
translator translated it back into ordinary electrical "force 
field" energy, powering the speakers. This was much to the 
astonishment of the technical audience, since the wire was 
quite cool and exhibited no evidence of heating, even though 
by conventional thinking it should have been instantly 
melted. | 

The bottom line is: With increased Soviet scalar 


weapons activity over the U.S., the telephone system is 
likely to become more hazardous to humans using it, when 
th e instrument is connected to th e external wire. A radio 
ph one is much saf er against anomalous scal ar EM 
"spiking." 


11. The metal-softening detected and verified by Frank 
Golden on Jan. 1, 1986 is certainly indicative of a new 
mechanism or effect added to the Woodpecker grid. The 
highly specialized nature of the particular detector/amplifier 
which Golden was using provides strong evidence that the 
signal was actually derived by recording the scalar EM 
signals produced by a human cerebrum (two cerebral 
hemispheres connected by the corpus callosum, forming a 
scalar interferometer) when the human was successfully 
performing psychokinesis (metal-bending). The fact that 
Golden was able to nullify the signal locally by special 
methods worked out by him lends further credence to this 
hypothesis. In any event, three hours of very objective 
experimental data strongly support this thesis. It is therefore 
indicated that (1) the metal-softening signal had been added 
for a purpose, and (2) something made of metal was going to 
be softened, leading to its failure. Certainly the Challenger 
would have been an ideal target; softening the metal on its 
boosters and fasteners by even a small percentage would 
significantly reduce the vehicle's ability to withstand the 
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stress during launch. This of course is circumstantial 
evidence only, but the finger of suspicion is there 
nonetheless. It is a fact that the metal-softening signal was 
and is in the Soviet Woodpecker-repertoire; it is a 
presumption that it was intended for use against the 
Challenger. 


- FINAL DRESS REHEARSAL BEFORE THE BIG 
SHOW - 


12. The shuttle launch from Cape Canaveral on the 
evening of Nov. 26, 1986 seemed smooth as silk to the army 
of official observers and onlookers. In reality the Soviet 
Union clandestinely conducted one or more Launch Phase 
ABM System tests against the vehicle, using it as a 
convenient target. 

Figures 9, 10, 11, and 12 are included to give the 
reader some preliminary background on the highly 
significant events which occurred in conjunction with this 
flight, and previous to it. These figures are newspaper 
articles from the News Tribune, Fort Pierce, Florida. The 
articles are used by permission. 

Anomalous atmospheric "booms" and airquakes had 
occurred in the Florida area for over three and a half years 
prior to the launch. Sixteen counties, most of them on the 
northern Gulf coast or close to it, had reported booms during 
the two-year period preceding April 1984. State and local 
emergency preparedness officials and U.S. Air Force Base 
representatives met but could not resolve the mystery of 
what was causing all the anomalous booms. 

In fact, many booms had occurred in and around the 
gulf coast of Florida, particularly offshore from St. 
Petersburg, starting from several years earlier. 

These anomalous booms were caused by the Soviets 
adjusting and testing the Woodpecker scalar EM grid for 
weather engineering and potential weapons use. The booms 
and airquakes were certainly not confined to Florida alone, 
but also occurred at many other locations throughout the U. 
S. and Europe. 

Mysterious, highly localized seismic microquakes also 
had occurred at widely scattered locations throughout the U. 
S. 

On at least two shuttle flights prior to the Nov. 26, 
1985 launch, large anomalous "booms" had occurred over or 
around the launch site after launch. No one in NASA knew 
what they were or what caused them. 
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So prior to Nov. 26, the Soviets had already prepared 
and tested the Launch Phase ABM system mode of the grid 
against at least two U.S. shuttle launches. However, so 
eerie and strange are the scalar EM weapons that they had 
been able to do so without the U. S. government even 
becoming aware of what was going on. In the Kremlin, they 
must have marveled at our continued ignorance. 

At any rate, they tested the Launch Phase ABM system 
again on Nov. 26, and this time private U.S. citizens 
happened to capture at least some evidence of what was 
going on. It still would have died there without surfacing, 
except for a curious chain of events. Let me briefly recount 
those events. 


Ce i ie ee ee ee ee ee ee ee ee ee ee ee 


Lucius Farish publishes a fine little monthly 
newsclipping collection called UFO Newsclipping Service 
(Route 1, Box 220, Plumerville, AR 72121). In it she 
includes clippings on all sorts of anomalies, including 
UFO's, strange light phenomena, etc. Because of my long 
work in UFOs (for some time now, placed on the back 
burner due to the press of my work in Soviet scalar 
electromagnetic weapons), I've subscribed to Farish's service 
for several years. 

And this time my unorthodox interests certainly paid 
off. Farish published a clipping of the article, "NASA 
officials stumped by strange light, boom," by Susan 
Burgess, News Tribune writer (see figure 10). The moment 
I read the article, I realized that the Soviets had actually 
tested the Launch Phase ABM System's area mode against 
the shuttle launch of Nov. 26, 1985. Further, George 
Suchary had taken a picture of the marker beacon as it was 
slewed away at the conclusion of the test. 

With alacrity I contacted Ms. Burgess and, through 
her, George Suchary. Both were very helpful, and Mr. 
Suchary gave me permission to use his important 
photograph of the light moving away after the test. 

Ms. Margery Bril , the kind librarian at the News Tribune, 
sent me four clippings. 

After reading the article by Julie Enders, Showcase 
Editor of the News Tribune, I contacted her also. Although 
extremely busy, Ms. Enders kindly gave me additional 
details, including the fact that Bob Gladwin had taken a 
series of eight stills of the launch itself, and in one frame an 
anomalous, curving line of light with a splash on the end 
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appeared. 

At first I thought it might be the answer to a dream. 
Very tentative information suggested that the "curved light 
with a splash on the end" might have occurred in one of the 
pictures taken during the launch sequence itself, with the 
light striking directly under the shuttle shortly after it lifted 
off. I was positive the Soviets could strike at the shuttle (or 
a missile) with a "scalar EM pulse" missile, but hardly dared 
hope someone could have actually been lucky enough to get 
a photograph of it. 

From my acquaintance with two masters of 
paranormal photography -- the indomitable Trevor James 
Constable and a close friend, Joe Gambill -- I understood 
how one could possibly get a picture of such a strike -- 
assuming it occurred -- at night, when the same picture 
could not have been taken in the daylight. I also understood 
why the camera might catch it when the human eye would 
not see it. 

It seemed that, between them, these friendly, 
cooperative persons just might have gathered together the 
positive evidence to prove that the Soviets had struck at the 
shuttle with an offset test of a scalar EM missile, using a 
marker beacon for adjustment. (As it turned out. it was not 
to be as definite as that!) However, time was of the essence. 

The Soviet tests had definitely included a test in the 
"area burst" mode, which can catch and destroy several 
missiles fired from a deployed silo complex at once. The 
clinching evidence I had needed for so long on a Soviet test 
of the pulse mode -- the scalar EM pulse missile -- just 
might be there in one of Bob Gladwin1s photographs. But 
there was no time to lose; such evidence is fleeting. and 
unless I moved quickly, it was likely to fade away and 
disappear forever. With persistence, the rest followed 
swiftly. Mr. Suchary graciously gave me permission to use 
his photographs. These of course prove that the marker 
beacon was there. (In addition, it was seen by numerous 
persons.). The News Tribune gave me permission to print 
the articles. Mr. Gladwin furnished his negatives and gave 
me full permission to analyze and use his photographs. 
Personal friends, Everett and Shirley Edwards, printed the 
photographs in their private darkroom so the negatives 
would not be out of safe hands for even a moment. 

At the time, this book was almost finished. If the photo 
of the candidate Soviet use of the electromagnetic missile 
was accurate, quick work would be necessary if it was to be 
included. My friend and publisher, John Ratzlaff. had 
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already agreed to swiftly publish this large output as soon as 
I could get it to him. At Omni Video Publishing, Ms. 
Electra Briggs was alerted to the potential importance of 
what was coming. She and Mr. Glenn Shoemaker swung by 
my house from New Orleans, and a quick, informal 
videoclip was taped, announcing the book. (Murphy's law -- 
if anything can go wrong, it will -- got me there. 
Inexplicably, in my near-total fatigue from months of 19- 
hour days and 7-day weeks on this project, I spoke the date 
of the Titan explosion as April 19th, knowing full well it 
was the 18th! It happens. Electra suggested she slap a 
correcting statement over the video. Done. Be ready to get 
it out. It's too important; don't sweat the small stuff.) 

Zerox copies of the photos were received. There in the 
fifth photo (or so it seemed) was an unequivocal strike of the 
scalar EM missile, in the launch sequence itself. The 
assumed strike seemed to have occurred right under the 
shuttle, a few seconds after liftoff. 

The evidence seemed complete. All that was left was 
to receive the actual negatives and verify the sequence. At 
last we seemed to have the smoking gun. The Soviets would 
have been caught redhanded. 

Based on the advance zerox copies, the manuscript was 
altered. Everything was ready. And then the negatives 
came in. 

In this business, you learn to meet and accept a lot of 
failures. Things often go astray, and don't wind up as they 
seem at first blush. This time was no exception. Murphy 
got us again! The photos on the negative were in a different 
order then they had been on the zerox copies. 

There's no mistaking the order in which the pictures 
were taken. There they are on the negatives, one right after 
the other, and clearly numbered. And the curving light with 
a splash at the end did not occur during the launch sequence 
at all. Instead, it was taken before the launch -- just how 
long remained to be seen. Everett and Shirley took the 
photo and developed it at both extremes: very dark and very 
light, to bring out all the details possible. 

The results were most interesting. As shown on the 
lighter print (figure 13), the light does not curve down out of 
the sky and strike toward the ground, it turns up toward the 
sky and strikes above the distant treeline. Further, as shown 
on the darker print (figure 14), it does consist of a little ball 
of light, just like a scalar EM missile would appear. No 
apparent structure to hold the light appears in either picture, 
though one could not positively rule this out completely 
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without microdensitometer tests. (One can inadvertently get 
artifacts like this by focusing on a ball-like light bulb, for 
example, and then moving the camera while the shutter is 
still open. On the other hand, there is no evidence that this 
happened at all, and no street lamp post or other foreign 
object in the photo.) 

(The remaining photos of the liftoff sequence are 
shown in figure 15.). 

We called Mr. Gladwin. He verified that the photos 
had been taken in order, one right after the other. He had 
not had the camera on a tripod, but had steadied it on a 
railing. In other words, the "light streak with a burst on it" 
had been taken just before the liftoff. Also, Mr. Gladwin 
had not observed 'the marker beacon, and had not attempted 
to photograph any such "light in the sky." In fact, visually 
he had not observed any such streak and burst of light in any 
scene he was photographing. 

So the question is, exactly what did Mr. Gladwin 
photograph in that photo, just prior to the shuttle's liftoff? 
The answer is. we just don't know for sure. 

Let's run through the two possibilities: 

(1) He may have snapped an artifact while moving the 
camera. If so, the camera was definitely quite still at least 
most of the time the lens was open, for the treeline is quite 
clear in the lighter photo, which reduces light saturation and 
shows details more clearly. Further, there is no evident 
support or structure attached to the light itself; it seems to be 
a "disembodied" light. So this possibility is ambiguous, 
though reasonable. Mr. Gladwin does not recall any such 
movement of the camera; it was steady while he was 
shooting. 

(2) He may still have snapped a scalar EM missile. If 
so, it means the Soviets fired a "small test" of the 
exothermic pulse or scalar EM missile in advance of the 
actual shuttle launch. Let's pursue that for a moment, and 
suppose it to be true. 

The Soviets already had the marker beacon up in the sky 
-- that's certain. Many persons saw it. Soviet trawlers off 
shore and Soviet satellites could also have given the actual 
position of the marker beacon. Thus the Soviet LPABM 
System would have had (a) the actual parameters the 
computer had used to transmit the beacon, and (b) the actual 
location at which the beacon emerged. Comparison of (a) 
and (b) is much like having a "meteorological data message" 
in field artillery: One has the corrections to apply for 
specific conditions of the medium that cause deviation. 
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These corrections can then be applied to calculated or 
"table" data to adjust firing for real-world conditions. 

So far so good. The Soviets had the exact position of 
the registration beacon, and could apply corrections for a 
shot of the scalar EM missile. They certainly would know 
the exact position of the shuttle on its launch pad. 

If a fairly substantial offset for the scalar EM missile 
shot were used, "mett corrections" could be applied and a 
small scalar missile could be zinged in, stopping 
momentarily at the final offset "strike" position so that a 
track could be obtained by the scanner extraction beam. 
Then by comparing the detected offset position of the 
"burst" of the scalar EM missile to the detected offset 
position of the marker beacon, the difference could be 
applied to the beacon's true position to get the true strike 
position of the missile. The offset used could then be 
subtracted to give the location where the missile would have 
struck without the offset, had it actually been fired at the 
rising shuttle after liftoff. This "adjusted final strike 
position" could be compared to the shuttle's expected early 
trajectory (which varies only slightly from standard for the 
first few seconds) to determine the expected combat success 
of the shot. It's a little roundabout, but it's a very safe way 
to do it if one wants quite positive assurance that the missile 
will not strike the shuttle and destroy it. Since the Soviets 
delayed the "area burst" and its concomitant atmospheric 
"boom" to T + 12 minutes, it is evident that a large offset 
was used for the area strike -- probably about 10 extra 
minutes -- to positively assure that there would be no actual 
damage or threat to the shuttle. 

It seems logical, then, that they might fire the small 
scalar EM missile well offset from the shuttle, and just 
before its launch, to prevent any possibility of actual damage 
to the shuttle. 

So there you have it. Mr. Gladwin's photograph is 
consistent with such a careful, safe scalar EM missile test by 
the Soviets, prior to the actual liftoff of the shuttle. On the 
other hand, it's not possible to say with certainty that that is 
what it is. It may simply be a very peculiar artifact. In fac, 
if it were not for the other indicators, one would most 
certainly not consider such a bizarre possibility as an offset 
Soviet scalar EM missile strike at the shuttle. 

If the "streak" photo is examined as a candidate for a 
scalar EM missile test, then one other thing must be 
explained: Why did the film capture the test when observers 
did not see it at all? That, of course, we can explain! 
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So back to our presentation. Here I'm going to assume 
-- and accent that this is a postulation -- that the Gladwin 
photo actually represented a scalar EM missile test. We will 
run through a possible sequence of events, based on that 
assumption. We will hypothesize the LPABM system 
operation and the Soviet conduct of the test. The major 
events here in the U.S. may be quite real; those assumed to 
occur in the Soviet Union, of course, are "author's license" -- 
but hopefully realistic. 


DS i ee ee ee ee ie ee ee ee ee 


The evening of Nov. 26, 1985 is perfect. At Cape 
Canaveral, the shuttle Atlantis is poised on its launch pad 
waiting to move majestically into the heavens on its 
impending journey. As launch time approaches, everything 
is as smooth as a cat's whisker. There is, however, just one 
small anomaly. 

A mysterious light is hanging up in the sky, staying still 
for awhile, then gently rocking back and forth. The light is a 
Soviet marker beacon for a scalar EM howitzer. The 
howitzer, employed in a special scalar EM channel 
contained in the Woodpecker transmitters and interference 
grid, will shoot through the EM carriers at an aiming point 
offset from the shuttle. 

Since this is still to be a nondestructive test, no chances 
will be taken. The pulse mode will be used, and a "scalar 
EM missile" -- a bundle of energy buried in hyperspace 
around its moving zero-point in this world -- will be fired 
directly at an offset aiming point prior to launch of the 
shuttle. A substantial offset in distance will be used to 
prevent posing any danger of inadvertently hitting the 
shuttle on its launch pad. 

The marker beacon is necessary for precision. Its 
desired position will be calculated and the beacon will be 
placed on station. By placing this source of continuous EM 
energy in the area, it can be detected by the scanning 
"energy extraction beam" and tracked by the distant Soviet 
operator. Soviet trawlers and satellites monitoring the test 
will report the true position of the marker beacon, which 
will deviate from the calculated location due to conditions of 
the channel medium (the Woodpecker beams) at the time. 
Comparison of the beacon's true position to its desired, 
calculated position "registers" the marker beacon and yields 
the "meteorological corrections" which must be applied to 
standard firing table calculations. These corrections can be 
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applied to any further shot into the area to correct its aim, 
just as standard field artillery applies registration corrections 
in the target area. 

When the shuttle boosters ignite, an additional track 
will be obtained from it. The offset from the received track 
of the marker beacon and the received track of the shuttle 
booster flame thus will give the exact correction or "shift" 
from the marker beacon settings that should be used to set 
the howitzer's aim. In other words, a "relative" firing, offset 
from the marker beacon registration track, will automatically 
compensate for any vagaries of the medium experienced by 
the beams in transmission. 

The Russians, being excellent artillerymen, have 
simply applied the standard artillery technique of shifting 
from a known registration point. 

The Soviet Launch Phase ABM System is cocked and 
ready. This is the last test in the "wet run" series in which 
an offset will be used. If everything goes as planned, future 
shots will move into the next phase, where actual U.S. 
targets will be destroyed. The two great powers are already 
at war, but one of them does not know it yet. Because of the 
importance of this last test before the next step in hostilities 
commences, Gorbachev himself is monitoring the test. 

The countdown begins. In Florida a great many 
persons are observing the event. George Suchary has 
already spotted a strange light hanging in the sky, where 
none ought to be. Bob Gladwin, resting his camera on a 
railing, prepares to snap his first picture so that he will be 
sure to have a sequence completely across the launch. 

Deep within the Soviet Union, a large display screen 
is illuminated. The marker beacon's track is clearly shown 
on the display, as are synthetic symbols for the shuttle on its 
launch pad, several Soviet ships off the coast of Florida, and 
several Soviet satellites. 

The control officer barks, "Missile test! Proceed!" 
The simulation officer presses a switch, and a simulated 
shuttle launch track appears. 

The operator responds immediately, "Launch 
detected!" The identification officer, scanning the 
frequency components and the signature of the energy 
extracted from the launch, calls out, "Missile! Target 
hostile!" He presses a button, and a light illuminates on the 
panel, marking the target as a hostile missile. The launch 
track begins to blink. 

The control officer announces, "Prepare to fire!" 
"Pulse mode!" "Strength one!" "Test!" "Apply burst 
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offset!" The operator rapidly flips switches, setting the 
mode of fire and the offset. Instantly lights light to show 
that the computer has computed the shift and offset, and 
corrections. A red "Ready to Fire" light illuminates and a 
low siren begins its wobbulating growl. 

The control officer orders, "Fire!" The operator 
presses the fire switch. A "Fire" light appears. A slight, 
deep shudder is felt briefly as the howitzer fires its scalar 
EM pulse missile of deadly energy. On the screen, the path 
of the scalar EM missile is traced out as it speeds toward its 
target far over the horizon. 

In Florida, George Suchary is getting more and more 
curious about that pesky light. Bob Gladwin is preparing to 
snap his first photo as the final seconds of the countdown 
tick away. 

On the distant Soviet screen, a sudden small burst 
appears, superposed over the synthetic shuttle track. The 
operator yells, "Burst!" On a smaller screen, a vertical 
profile shows the strike directly underneath the target. 
Immediately a blinking "Target Killed" light appears as the 
computer assesses the shot a kill. 

The operator excitedly calls out, "Kill!" "Direct Hit!" 
Cheering breaks out from the firing team and the onlookers. 
Gorbachev and his entourage are smiling broadly and 
clapping. The cheering quickly hushes as the crew and 
participants continue to watch the track of the rising shuttle, 
and prepare for the launch and the next test. 

Bob Gladwin has snapped his first picture (figures 13 
and 14) leaving the shutter open a bit to allow for the 
nighttime conditions. As luck would have it, the scalar EM 
missile strike Occurs during the time the shutter is open. 
The film has captured the strike by a special process, even 
though human eyes have not seen it. (We will explain that 
shortly.). 

At 7:29 the Atlantis's boosters ignite and the vehicle 
begins to rise smoothly off the launch pad. She will continue 
to rise, then pitch over to a 45 degree angle and proceed 
down range.. 

Bob Gladwin is snapping pictures regularly, one after 
the other. 

In the local Florida area, hundreds and hundreds of 
persons are watching the flawless launch. The tip-off of the 
Indian River Community College basketball game and the 
St. Lucie County School Board meeting are held up while 
participants watch the Atlantis begin to rise serenely upward. 

In the Kremlin, another track has appeared on the 
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control screen display. Once again the sharp-eyed operator 
snaps, "Launch detected!" The identification officer, 
scanning the frequency components, tersely rasps "Missile! 
Target hostile!" Again he presses a button, and a light lights 
on the panel, marking the target as a hostile missile. 

The control officer orders, "Simulate multiple firings!" 
The simulation officer acknowledges, "Multiple firings 
simulated!" and presses a button to cause the computer to 
simulate multiple launches on the display. 

Immediately other synthetic target tracks begin to 
appear on the display screen, one by one, clustered around 
the shuttle launch at various separation distances, pre- 
arranged to represent multiple firings from a missile silo 
complex for this exercise. A special audio alarm sounds as 
each track appears. 

The operator immediately calls out, "Multiple tracks! 
Missile launches!" and then "Identified hostile!" 

The control officer orders, "Prepare to fire!" "Area 
pulse mode!" "Test!" "Apply time offset ten!" 

The operator flips switches rapidly, acknowledging. 
Lights illuminate on the console, showing status of 
preparation for firing. The "Ready to Fire" light illuminates 
and the low siren begins again. 

Back in Florida, Bob Gladwin has stopped snapping 
photographs. George Suchary has gone into his house to 
find his Polaroid camera and take a picture of that pesky 
light still hanging up there in the sky. 

Back in Russia, the fire control officer orders, "Fire!" 
The operator presses the fire switch. The "Fire" light 
illuminates, immediately blinking, and the siren changes 
tone. On the display screen, all target tracks are blinking. A 
large light on the console comes on, showing that an 
"exercise time offset" of 10 minutes has been applied. A 
digital clock starts ticking off the minutes. 

Minutes pass as the offset time ticks down. 

Back in Fort Pierce, George Suchary is coming out to 
take photographs of that darn light, which is still hanging up 
there! 

Folks are streaming back into the Indian River 
Community College gymnasium for the basketball game. 
Attendees at the St. Lucie County School Board meeting are 
wandering back inside, to get ready for the meeting. 

More minutes pass. 

Back at the control console in the Kremlin, the offset 
clock ticks down to zero. The siren ceases its wobbulating 
tone and holds a steady note. The "Fire" light ceases 
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blinking and illuminates with steady brilliance. A deep 
shudder is felt as the howitzer fires again. On the screen, the 
rapid trace of the mighty scalar EM serpent is shown as it 
races toward its target. 

Suddenly it reaches the target area, and a large 
blossoming light appears, covering all the target tracks. The 
operator announces, "Burst!" 

All the target tracks flare brightly, then dwindle and 
die. The "Targets killed" light illuminates and the operator 
yells, "Kill! All targets killed!" 

Wild jubilation breaks out. Everyone is grinning and 
clapping. Gorbachev personally congratulates the fire 
control officer and pumps his hand. The tension relaxes 
visibly. In the noise, the operator touches a joystick and 
slews away the marker beacon, preparing to shut down the 
system. 

The final test has been a crowning success. Now the 
real first phase of active combat begins. "And the fools 
don't even know it yet!" a grinning Gorbachev delightedly 
announces. 

Back in Fort Pierce, precisely 12 minutes after liftoff, 
high in the atmosphere above the launch site and a little 
downrange, a tremendous rumbling boom suddenly rocks 
the coast for hundreds of miles in each direction. The blast 
is heard as far north as Charleston and as far south as Key 
West. 

George Suchary is taking pictures (figure 10) as the 
hanging light in the sky suddenly begins to move away, 
obeying the controls of a Russian operator thousands of 
miles away. Bob Gladwin has already finished snapping his 
photographs (figures 13, 14, and 15) of the launch and taken 
down his camera. 

The anomalous light disappears rapidly in the distance, 
moving faster than any jet aircraft. 

People gradually resume their normal activities, talking 
about the beautiful evening and the perfect launch. Many of 
them have noticed the strange light that hovered and 
bobbled in the sky, then sped away. 

The final Soviet registration of their eerie weapons for 
World War III has been completed. A totally different kind 
of Pearl Harbor -- more akin to a Trojan Horse -- has been 
prepared for the unsuspecting United States. 

Countdown toward Armageddon begins. 
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George Suchary's photograph of the marker beacon, 
just after it had started slewing away, is shown in figure 10, 
as printed in the News Tribune. 

Bob Gladwin's photographs of the shuttle launch are 
shown in figures 13, 14, and 15. 

Figures 13 and 14 show two developments of the same 
shot, one light and one dark. The light one shows the 
treeline in focus in the distance, with the light streak and 
burst. 

Figure 15 shows liftoff of the shuttle and its rise and 
tilt over on the first part of its trajectory. 

Figure 16 shows a possible detailed interpretation of 
the first Gladwin photo. The simulated aim point was offset 
from the shuttle, and the strike was directly at the offset 
point. The computer computed the burst strike strike of the 
scalar EM missile from the adjusted registration data, and 
determined whether or not the target was killed. 

The control precision is shown by the small size of the 
scalar EM missile. 

The strike of the weapon is caught by the camera, but 
not seen by the naked eye. None of the many hundreds of 
onlookers saw the strike, though all of them saw the shuttle 
launch. 

There is a very good reason for that, though it is not 
commonly known. 


The reason is that Bob Gladwin's 
camera was utilizing a form of photography 
pioneered -- to the best of my knowledge -- by 
Trevor James Constable. At least I learned 
| about it from Constable's books and articles. I 
then told it to my good friend, Joe Gambill, 
and Joe applied and adapted it to the unusual 
photography which he performs. Both 
Constable and Gambill are masters of this type of 
photography. Once I got deeply into scalar 
electromagnetics, I finally figured out what was going on in 
this methodology. 

Briefly, here's the way it works. Scalar energy, of 
course, has to be detected by some sort of interference 
phenomenon. There exists a very special way to get a 
camera to perform such interference for you. 

In the EM spectrum, the infrared and the ultraviolet 
have a special relationship to each other. The ultraviolet is 
exactly twice the frequency of the infrared, if the two zones 
are properly chosen. In other words, the UV is the first 





Constable 
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harmonic of the IR. 

The scalar EM energy, since it operates in the Kaluza 
hyperspace surrounding every point in ordinary space, may 
be considered to be composed of pure spin. (That is, it's 
moving in a dimension where each particle of that 
dimension is spinning). Harmonics there are spin 
harmonics. 

In this photon-interaction produced level of reality 
(the ordinary world), the IR and UV bands are more closely 
connected to the "shadow world" in which scalar energy 
moves. Thus there is a sort of shadowy "swirling" of the 
scalar energy near the IR and the UV. Entry of the scalar 
energy into this world, through the IR and UV windows by a 
kind of "harmonic interferometry," is normally prevented by 
the presence of visible light. That is, visible light 
"squelches" the "paranormal channel" that lurks beneath the 
IR and UV zones. 

To make use of the IR and UV interference source 
zones, Constable covered his camera lens with a special 
filter (18A) which is opaque to the visible light spectrum 
and transparent to the IR and UV. Note that the film is 
sensitive to the IR and UV region we are talking about, but 
the human eye is not. 

When pointed at a sufficiently strong source of scalar 
energy, such a specially filtered camera has unique 
characteristics. It strips out the visible spectrum, but still 
admits the IR and UV spectrum. The scalar energy surges 
through these two source windows, and phaselocks 
harmonically. That is, the scalar energy entering through 
the UV window fits twice neatly in the scalar energy 
entering through the IR window. This interference, on the 
film, is (recall) swirling in frequency. The net result is that 
the film records the interfering scalar energy as visible 
spectrum energy. 

Infrared film can be used to increase the response in 
many circumstances. 

Both Constable and Gambill have rigorously proven 
this technique in literally thousands of "paranormal" 
photographs. (They do not necessarily use my scalar EM 
terminology, but the technique is rigorous and works, 
regardless of terms.) 

Under nighttime conditions, sometimes the particular 
lens and film combination will phaselock between IR and 
UV for incident scalar EM energy. This is particularly true 
when a relatively strong source of IR is in the vicinity. 

While Bob Gladwin was taking his photographs, there 
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was no suppression of the IR/UV phase-lock effect by 
visible light because it was night and there was hardly any 
visible light entering his lens. 

Thus his camera lens and film formed an IR/UV phase- 
locked interferometer that detected and recorded the strike 
of the scalar EM missile underneath the shuttle, even though 
human eyes did not detect it. 

At this point it would be interesting to know whether 
NASA may have had IR cameras focused on this shuttle 
launch (which was at night). If so, it would also be 
interesting to know whether any of them may have 
developed the IR/UV phaselocked interferometer effect, and 
captured the strike of the weapon. 

Note that daylight shots would automatically break the 
IR/UV phase-lock possibility, by jamming out the effect 
with visible light, unless a special filter is used to filter out 
the visible light but leave both the IR and UV. 


One would hope that both NASA and the U.S. Air 
Force will take note and discreetly add a specially filtered 
camera to the instrumentation observing and recording all 


future daylight launches. 
To recapitulate the major events at the shuttle launch 


on Nov. 26., 1985, see figure 17. A marker beacon was 
placed in the vicinity, high over the area, for precise 
registration and location of tracks relative to it. A scalar EM 
missile strike may have occurred just prior to launch, and 
offset from the shuttle. 

Then the shuttle lifted off. The exercise called for 
simulating multiple launches from a missile field. The area 
code was computed, and the fire order given. A substantial 
time delay -- say, 10 minutes or more -- was used to 
absolutely assure that the actual shuttle was well away from 
the engage blast. 

Twelve minutes after launch, the delayed firing in an 
area "multiple missile kill" mode occurred, producing a 
massive boom heard for hundreds of miles up and down the 
east coast. After the boom, the marker beacon was slewed 
away, and photographed by George Suchary just as it 
moved. 

The shuttle moved on downrange and went merrily on 
its way, blithely unaware of the jaws of the tiger that had 
snapped shut behind it. 

To the Soviets, this final test of the preparation phase 
was highly successful. They were now ready to increase the 
risk level and fire the first round of World War III. 


http://www.cheniere.org/books/ferdelance/appendix la.htm (27 of 31)25.11.2003 0:02:08 


The Tom Bearden Website 


- THE SHOW BEGINS - 


13. On Dec. 12, 1985 the same Soviet weapon tested 
against the previous NASA shuttle launches and against 
various aircraft may have deliberately interfered with the 
controls of an Arrow DC-8 taking off from Gander Air 
Force Base, Newfoundland. At an altitude of 100 feet, the 
aircraft -- carrying over 250 U.S. soldiers and civilian crew 
members -- lost power and sank into the ground tail-low, 
killing everyone on board. It was a tragedy of enormous 
proportions to the U.S., and especially to the families and 
friends of the brave servicemen and crewmembers who lost 
their lives. 

Three Canadian witnesses to the crash were 
interviewed over the Canadian Broadcast network television 
news on April 8, 1986 at 10:00 p.m. No flame or smoke 
issued from the plane before its descent and crash. 

However, witnesses reported seeing the aircraft 
mysteriously glowing with a yellow halo. That is a 
signature of the use of a scalar howitzer in the "continuous 
EM emergence" mode, similar to the manner in which 
several F-111's were downed in Vietnam. 

In short, the DC-8's electrical systems were interfered 
with by electromagnetic energy and noise created 
throughout each increment of spacetime occupied by the 
aircraft. A powerful charge was rapidly created in and on 
the aircraft structures and skin. The "yellow glow" seen by 
the witnesses was a corona due to the skin of the aircraft 
acquiring a high electrical charge. 

Something also apparently caused the rapid loss of two 
engines, one after the other. This indicates that the distant 
Soviet operator may have struck at the engines, one after the 
other, with a scalar "energy extractor beam." Thus he 
apparently tracked the aircraft as it moved down the runway, 
then used two modes against it: one to create serious EM 
interference with the electrical systems of the aircraft, and 
one to disable the engines. 

With its controls ineffective and power drastically 
reduced, the doomed aircraft sank to earth, still in its "tail 
down" configuration from takeoff, and crashed and burned. 

Admittedly other factors may also have contributed to 
the crash. These included reduced lift due to poor engine 
maintenance, increased weight of the aircraft due to icing, 
and heavy loading. However, normally the aircraft could 
still have taken off and flown to its destination. (See "Arrow 
Air was absolutely safe, FAA official says," UPI release, 
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Birmingham Post-Herald, Apr. 17, 1986.) 
To date, no official seems to nave recognized the 


sinister significance of the "yellow glow" or what it implies. 
No one seems to have connected the loss of this aircraft, the 
mysterious booms over U.S. shuttle launches, the 
Woodpecker interference grid, the anomalous loss of the U. 
S.S. Thresher, the high altitude "booms" off the east coast of 
the U.S. some years back, the puzzling loss of two critical 
Titan launch vehicles in a row, anomalous engine flameouts 
of civilian jetliners, etc. 

Certainly officialdom has not recognized that a Soviet 
Launch Phase ABM System is being tested directly over its 
collective head, to include actual destruction of U.S. aircraft, 
missiles, and space vehicles with concomitant severe loss of 
American lives. 

Direct and diabolical acts of war have been committed 
upon us by the Soviet Union, but in a fashion that still 
eludes our erstwhile pundits. 

However, it is not as simple as that. To even energize 
giant scalar EM weapons is to run a risk -- to all mankind -- 
so horrendous that it boggles the imagination. Truly it 
deserves Brezhnev's 1975 phrase, "...more frightful than the 
mind of man has ever imagined." 

Shortly we will reveal exactly what he meant. 


- Apr. 18, 1986: Death of a Titan - 





14. As this book goes to press, the last two U.S. Air Force 
Titan 34-D missiles fired from Vandenberg Air Force Base 
in California have blown up shortly after launch. The first 
one blew up on Aug. 28, 1985 just after lift-off. That loss 
has been attributed to failure of a high-powered fuel pump, 
causing a massive oxidizer leak and a smaller fuel leak. The 
second Titan loss occurred on April 18, 1986 when the 
Missile blew up 5 seconds after lift-off. Its loss is still under 
investigation and no determination of cause has been made. 
Apparently the shuttle and the Titan presently provide the 
only viable launch vehicles for launching U.S. "spy" 
satellites. The loss of these sensitive satellites -- if indeed 
they constituted the payloads -- cannot help but be damaging 
to our strategic surveillance capability. According to the 
Los Angeles Times, the single remaining KH-11 satellite 
was launched in December 1984 and, with an expected life 
of two to three years, it could stop functioning later this year. 
Whether or not significant Woodpecker grid activity 
existed in the vicinity of the Titan launch of August 1985 is 
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unknown at this time. However, significant activity in the 
grid definitely occurred before the April 18 Titan disaster 
and on the same day. 

On Easter Sunday, 30, 1986 engineer Ron Cole 
observed significant cloud signatures of grid pattern activity, 
correlated with Soviet Woodpecker measurements. On 
April 18, the present author observed traces of a cloud radial 
over Huntsville, Alabama and took photographs of it. 
Preliminary reports from Thousand Oaks, California 
indicate extensive grid activity again on April 18, the day 
the second Titan exploded. 

At least the second of these two missile destructions 
shortly after launch is highly suspicious, since the grid 
positively was active during that time. Also, a clear trail of 
Launch Phase ABM system indicators exists back to the 
massive scalar exercise of April/May 1985. The first Titan 
explosion in Aug. 1985 thus falls within the Soviets' "now 
let's test them against U.S. launch vehicles" period. 

The second Titan loss follows highly suspicious losses 
of the Arrow DC-8 on Dec. 12, 1985 and the Challenger on 
Jan. 28, 1986. The same Soviet weapon system that 
destroyed those targets probably also destroyed one or both 
of the critical Titans. 


At least, on the second Titan explosion, the Soviets left 
another signature. In one of the videotapes taken of the 
explosion, the marker beacon can be seen well , above the 


exploding debris, moving away from the explosion site. 
See for yourself! Refer to "Titan Explosion Cripples U. 


S. Launch, Surveillance Capability," Aviation Week & 
Space Technology, 124(17), Apr. 28, 1986, p. 16-19. 
Specifically, look at the color photo of the explosion on p. 
18. 

















Look well above the explosion (about one inch on the 
page) and to the left (about one inch on the page) of the 
center of the top of the fireball portion. There you will see a 
little light, caught in the very act of moving away. 

At my rather frantic urging, engineer Ron Cole sought 
out a copy of the original videotape. He and a team spent 
two hours, going through this portion of the tape frame by 
frame. The light is there. It's real. And it moves on out of 
there, well above the explosion and independent of it. 

It's the Soviet marker beacon, caught in the very act. 
Here I want to express my sincere appreciation to Ron Cole 
for his untiring efforts to nail this light down. Without his 
dedication to supporting this investigation, it would have 
been impossible to say for sure that the light was there. 
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So we have caught the bear red-handed, with his 
fingers in the cookie jar. If the marker beacon is there, you 
may rest assured that the Soviets destroyed that Titan 
missile, with very high probability. [See also "Investigators 
Search for Clues to Cause of Titan Blast," Aviation Week & 
Space Technology, 124(17), Apr. 28, 1986, p. 19-20; also 
"Titan Accident Prompts Funding, Technology and Policy 
Questions," AW&ST, 124(17), Apr. 28, 1986, p. 21.]. 


Continue 
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Figure 1. Wilson's first cloud radial 
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Figure 2. Wilson's second cloud pattern 
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Figure 3. Wilson's third cloud radial 
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Figure 4. 


PLACEMENT OF WILSON'S THREE RADIALS 
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Figure 5. 
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- More Frightening Than the Mind of Man Has Ever Imagined - 


Brezhnev's unheeded 1975 characterization of these weapons as "more frightening than the mind of 
ran has ever imagined" has very real justification. In a moment we shall explain what he meant. We 
shall also explain why the Russians may be serious about substantial nuclear disarmament. 


There is now a "balance of terror" loose in the world that makes the old MADmen's MAD concept 
look like a sunny day in Hawaii. 


Let me explain just a little of what I mean. 


The scalar EM can and does use an ordinary EM beam as a medium. Many, many scalar EM 
channels can be infolded into an ordinary carrier. Thus the amount of energy stored in the carrier as 
"electrogravitational” energy has little to do with the feeble amount of electromagnetic energy stored 
in the EM carrier signal. 


Thus in one sense, when the Soviets are employing the big "continent buster" weapons, literally 
hundreds of millions -- or even billions -- of watts of energy may be infolded into the seemingly 
weak carrier beams. All this energy is in the scalar EM channels established in the carriers. 


Plus which, the scalar beams are employed in a "standing wave" node. Each scalar standing wave is 
like a gigantic "capacitor": It is highly charged. Under normal conditions, it has a charge and 
discharge time constant as well. If something were to "short circuit" one of these huge standing waves 
-- say, one with a thousand megawatts in it -- all that stored electrogravitational charge would 
discharge through the short circuit into whatever is on the other end of the short, and into the ground 
itself. In other words, the earth itself in that location would receive a mighty electrogravitational 
pulse (EGP). The ground in a region surrounding the discharge point would "charge up" just like a 
capacitor, and would transmit the EGP as a hemispherical current into the earth and spreading around 
it. This is where the real problem cores in. 


The problem, as originally discovered by Wilhelm Reich [orgone energy was and is real, and is 
simply one form of scalar electromagnetics], is that radioactive material has a very great affinity for 
this EGP and undergoes a drastic reaction to it. Crudely, it works like this: 


Imagine the vacuum as a virtual particle gas. This gas is under extremely high "pressure" or, more 
correctly, internal Stress. This stress is a gravitational potential. 


However, the stress of the ambient vacuum is normally about the same in most localities. So a chunk 
of radioactive material doesn't experience a difference in vacuum potential across itself or throughout 
itself. In other words, the scalar EM fluxes in and out of every part of the nucleus are very high, but 
of equal magnitudes. The radioactive nucleus, however, is "unbalanced"; that is, it has an extra bit of 
unresolved EG potential which it would very much like to get rid of or discharge, by spitting out one 
or more particles. That is, it would like to "decay" to a more stable configuration. A nucleus that is 
trying to decay to a more stable configuration is a radioactive nucleus. 
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Remember, the radioactive nucleus is involved in a tremendously dynamic virtual particle flux 
exchange with the vacuum potential. And a part of it isn't quite in balance in that flux. Sooner or later 
the right "bobble" in the input flux will come along, and the nucleus will decay and emit a particle 
and/or radiation. By measuring the level of decay activity in a certain amount of the radioactive 
material, we can determine a "decay constant," or basically the probability that a nucleus will decay 
in one second. We can then determine how long it will take that chunk of material to decay away to a 
stable, relatively inert material. Some materials only require a few minutes to decay, while others 
may require thousands of years. 


Now if you suddenly and drastically change the stress of the vacuum in which a radioactive nucleus 
is imbedded, you change the potential placed on the unbalanced nucleus. You hit it, in other words, 
with a strong EG potential pulse -- an EGP. That instantly unbalances the nucleus and it decays 
explosively. That is, it changes the decay constant and the probability of decay. 


Basically that's what happens in a nuclear implosion weapon: You hit the radioactive hunk of 
material in the center with a very high, imploding pressure wave, which is carrying an EGP. The EGP 
causes all the nuclei to decay nearly instantly, producing a nuclear explosion. 


The bottom line is: strong EGPs wreak havoc if they happen to hit anything radioactive. Such as 
nuclear warheads, in missiles or in storage. Such as nuclear reactors. Etc. 


Now do you begin to see the problem? Let me spell it out. 


Suppose the Soviets have activated some of their giant scalar EM transmitters, to place a giant 
weather engineering grid over the U.S., or to knock down a Challenger or a Titan. They've got their 
scalar EM beams all charged up. One of the giant Woodpecker transmitters has -- let's say -- 500 
megawatts in its infolded scalar EM standing waves. Everything is going good. They're socking it to 
the Americans and the Europeans. 


All those multiple scalar EM frequencies they're using to form the patterns, etc. have to all be 
absolutely phaselocked. Therefore all the transmitters have to be rigorously phaselocked, too. 


And suddenly something goes wrong. A major amplifier/transmitter controlling or stabilizing the 
phaselocking malfunctions. The phaselock is disturbed, and begins to quiver. 


Emergency circuits react instantly, trying to stabilize the situation and restore the quivering 
phaselock. Little "shorts" are being applied to the circuitry and to the "giant capacitor" that is the 
scalar EM standing waves. Dumps and discharges of EM energy are beginning to flash in the 
transmitter and associated circuits -- and into the ground. These make the situation more unstable. 
Feverishly the emergency circuits struggle to contain this thing -- and Wham! they cave in, all at once. 


Now you get a mighty and continuing discharge of the scalar EM energy in that standing wave back 
into the transmitter and into the ground. It burns out the transmitter. And the discharge continues as 
the "capacitor" drains all its EG energy into the earth in a giant pulse. 
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Around the transmitter site, the EGP is transmitted radially away, still very much like a standing 
scalar wave. It reaches the first nuclear facility. Let's suppose it's a nuclear reactor. Specifically, let's 
suppose it's a nuclear reactor at Chernobyl. 


If you'll check Soviet Military Power, DoD, 1986 you'll find that there's a big ABM radar site not far 
from Chernobyl. And Canadian sources verify that one of the large Woodpecker transmitters seems 
to be sitting in that general location. Now check "The Soviet Nuclear Disaster," The Wall Street 
Journal, Apr. 30, 1986, p. 24. Check the small drawing in the lower right corner of the bigger 
drawing. Here you can see that a Woodpecker transmitter located near Chernobyl would ideally 
transmit nearly due west to intersect over the U.S., entering across North America from its east. Other 
Soviet "over-the-horizon (OTH) radar transmitters" go over the north polar regions, to enter the U.S. 
from the North. The two then form a giant interference grid over the U.S. (You can see that in Soviet 
Military Power.). 





Suppose you were in the field in the U.S., measuring the Woodpecker signals. Suppose the stronger 
beam was coming from the east. You would be able to see this with your instruments. 


Now suppose the giant transmitter near Chernobyl] got into the type of failure we're talking about. The 
emergency circuits panic and cut down the EM carriers, trying to drain away the standing scalar 
waves in a controlled fashion. Then your instruments would suddenly record the "new" direction as 
coming from the north, since the east carrier is gone. 


That's exactly what engineer Bill Bise detected out in California, about the time it appears the reactor 
at Chernobyl began to get in trouble. 


Let's continue with our scenario. Suppose the emergency circuits at the discharging Chernoby] 
transmitter contain things for awhile. The standing scalar waves are steadily draining into the earth. 
The EG potential starts to rise at the Chernobyl nuclear power plant. 


In the nuclear reactors, the decay constant of the uranium in the fuel rods changes. Additional 
radioactivity begins to pour out of the uranium. The reactor alarms go off, and the crew takes 
measures to reduce the problem. The control rods go further in, to slow it down. 


But the EG charge keeps increasing. The radioactivity of the uranium continues to increase. The 
control rods go further in to counteract this. The electrical controls begin to act up, showing 
anomalous indications. The radioactivity increases. In panic, the controls are fought until the control 
rods go all the way in. The reactor should in fact now be shut down completely, in normal 
circumstances. 


Things settle and hold a bit. The scalar EG charge increases. Finally the "shutdown" reactor starts to 
increase in radioactivity again. The control rods can't handle it. Everything is heating up, including 
the graphite moderator. Back at the transmitter, the emergency circuits finally are overwhelmed and 
give in. They fail all at once. The dreaded "uncontrolled short circuit" now exists between the 
collapsing standing wave and the earth. A gigantic discharge of EGP into the earth occurs at the 
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transmitter site. 


In the desperate reactor, suddenly a great EGP appears. Instantly the uranium goes intensely 
radioactive. A gigantic pressure of heat, steam, graphite and radioactive materials bursts out of the 
reactor, breaching the building and erupting violently into the atmosphere. The core melts down. The 
graphite moderator ignites. You've got the realization of the nuclear engineer's worst fears: core 
meltdown and reactor out of control. It's afire and spewing deadly radioactivity out by the gobs. And 
the heat! It's like hell itself opened up for business in this spot. 


At any rate, something very similar to that seems to have happened at Chernobyl. 


This author believes something similar happened in 1957 in the Southern Urals. (See Zhores A. 
Medvedev, Nuclear Disaster in the Urals, Translated by George Saunders, W. W. Norton & Co., 
1979, p. 150.). In the Kyshtym area, an explosion of nuclear wastes stored underground occurred in 
the winter of 1957-58. The area for miles around was contaminated, and 1s still contaminated to this 
day. 





Recall, Khrushchev spoke of a fantastic weapon in development in January 1960. Early prototypes of 
the weapon would have been in development and testing in 1957. Probably at that time there were no 
emergency control circuits to handle standing wave collapse, or only primitive circuits at best. 


If the failure of a transmitter occurred in full-power experiments, the unrestrained collapse of the 
standing scalar EM wave would most certainly have produced a large EGP in the ground, and 
instantly activated the nuclear wastes stored nearby. Eyewitness accounts reportedly stated that the 
wastes exploded, and that is totally consistent with our thesis. It is in fact a scalar EM accident 
signature. 


Any nuclear facility at all is an incredible and monstrous risk whenever scalar EM weapons are active. 


Of course, one's nuclear facilities are at risk if one's enemy has scalar EM weapons and fires at them, 
as we covered earlier in this book. 


However, they are at terrible risk even from one's own scalar EM weapons. The consequences ot a 


relatively simple electronic failure can be catastrophic; not only for the local nation, but for the earth 
as a whole. 


To show what we mean: 


Suppose a similar scalar EM accident -- such as seems possibly to have happened at Chernoby] -- 
occurs at some other giant Soviet "radar" facility. Further, suppose this particular transmitter is not 
too many tens of kilometers away from a Soviet missile silo complex. Just to really throw in the grit, 
suppose these missiles are the "big monsters" with--- say -- a 50 megaton warhead in each missile. 
Suppose there are 10 of them in the complex. 


Let's say this accident occurs "catastrophically" -- that is, the emergency control circuits are 
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overwhelmed immediately and a discharge of all the scalar energy begins at once. 


A giant EGP strikes the earth, spreads in all directions, and strikes the waiting monster missiles. In 
their implosion trigger warheads and in their fissionable and fusionable payload, everything goes at 
once. Actually, it goes better than when normally triggered. So each one goes at about 100 megatons. 


You've just had a monstrous 1,000 megatons of nuclear explosion in the earth. You get a giant 
earthquake. If it's not too far from the ocean, you get a tidal wave also. You get incredible amounts of 
lethal dirt and debris, radioactive and deadly, hurled violently into the air. 


This is just about the equivalent of a "normal all-out nuclear war!" 


And what about the other side's detection and early warning systems? Who's going to alert whom, 
and for what? How many missiles get launched? 


I think you see the point. 


And IJ haven't even covered what a giant EGP can do to humans. If it's truly a catastrophic failure, 
you can get an EGP that can wipe out half a mighty nation in one burst! 


And if the discharge happens to tickle the Sun and Moon's feedback loops the wrong way, you'll get 
convulsions of the earth, mighty burps of the sun raining fire and brimstone on the earth, and a 


violent increase in the interior heat of the earth's molten core, with a concomitant eruption of that 
core right up though the mantle. 


In other words, it could be "back to the beginning" for the earth, and start all over -- if, that is, some 
semblance of an earth survived. 


The Soviets know full well the implications of their giant scalar EM weapons. (Remember, I estimate 
they have over a hundred of these monsters, based on Frank Golden's detection of their full-up 
exercise in April/May 1985.). 


Scalar EM weapons have added a totally new dimension to the meaning of the word "terror". If one 
develops them and his adversary does not, nothing on earth can stand against them. So in Man's 
present state, the temptation to develop them is nearly irresistible. 


On the other hand, if one's adversary already has developed them, one is already totally defeated 
unless one also develops them. Again, the need to develop them is imperative. 


Yet, whenever one activates a large scalar EM weapon, one immediately places the entire earth in 
deadly peril. The slightest misstep, and it's curtains for everyone. And it's curtains for the earth as 
well. 


So one is damned if one does, and damned if one does not. 
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We have reached the final turning point in human history. The clock is ticking away the last years -- 
or days -- of the lives of all humans on earth. There has never been such a threat. 


We simply have come to the crossroads. somehow, all Mankind has to change. 


Infatuated with the thirst for ultimate power, we are facing two doors. Behind one is a beautiful lady, 
and the fulfillment of all man's dreams: control of physical reality itself. Behind the other is the 
deadliest tiger ever dreamed of in our wildest nightmares. 


Which is it to be, the lady or the tiger? 
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SCALAR EM INOCULATION AND ITS IMPLICATIONS 


My appreciation goes to Gary North for his openly sharing the above important information with 
the public. Human nature being what it is, one or more of his more dire scenarios is going to happen 
sooner or later. 

The problem becomes enormously more compounded if the hostile agent or agents possesses 
sophisticated scalar EM technology. 

With scalar technology, there exists the potential that the worm or virus can be implanted from a 
distance. If scalar scanning devices of sufficient precision can be developed, then major software 
residing in a chip, a computer, or on a disk can be read from a distance. With scalar EM methods, the 
ordinary software "guards" are totally ineffective. The scalar "reader" could simply read off the 
software directly as the disk or device goes about its normal operations. 

After the software is read, a germ or a virus is designed to produce a particular problem as 
desired and upon special stimulus. Then a scalar "imprinter" device is used to produce the necessary 
digital pulses directly upon the media in which the software resides. The required code has now 
been .implanted. In effect, the operating system has been injected from a distance, and contaminated 
with the desired "sleeping agent" -- germ or virus. From there on, it's just like Gary North's scenarios. 

So the scalar EM technology can probably be used (at least eventually) to place "mines" in 
systems in advance, for damage or destruction at a future date. At least it's possible in principle. 

However, it's not the injection of computers and equipment that bothers me. It's the injection of 
human beings. Here's generally how it can be done (and possibly is being done). 

Basically, human brains have various rhythmic waves which represent "envelope pulsations" of 
the entire electrical system. However, it is not the EM force fields represented by these pulsations 


which are important: it is the summed-zero (scalar) patterning of the entire complex of neuron firings 


which represents the real activity of the brain -- and represents it thoughts and emotions. A storage 
system for these patternings exists, but it's a scalar pattern storage, not an E and B field storage. The 


storage system is in the nuclei of the tissues of the nervous system itself, not in electrical or 
electrochemical potentials. 

At any rate, the human brain rhythms are also "riding along" relatively entrained to the 
Schumann resonance of the earth's magnetic field. So all the patterning of the brain is grouped 
together into giant overall orders, and one or more of these is normally synchronized to our natural 
environment. 

If a varying magnetic signal of extremely low frequency -- say 10 hertz -- bombards the brain 
with greater power than the earth's magnetic field, it is possible for the brain's rhythm to be "forcibly 
entrained” to synchronize with that signal, rather than with the normal Schumann resonance. If a 
large number of brains are forcibly entrained to such a signal, and the signal is artificial, then a 
master coherent phasing of all the brains to the transmitted signal has been accomplished. 

And that can be utilized -- and is utilized -- by the Soviet Union. On the Woodpecker signals, 
Bob Beck has detected up to 16 carriers, each with a 10 Hertz modulation, and with all the 10 Hz 
modulations in phase. 

Let's stress what we're saying here. At times, the Woodpecker signals have shown 16 carrier 
frequencies which contain the same 10 Hertz modulation, and which are all kept coherently sync- 
locked. 

If those signals and the modulations are strong enough, the brains in a targeted area demodulate 
the 10 Hertz signal and phase-lock to it -- actually, to them. At that point, the brains are entrained to 
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a 10-Hertz driver, and 16 channels of multimegahertz frequencies are locked-in to the brain. 
Now if the Soviets have broken the genetic code of the human brain (which they have) and 


succeeded in developing the ability to implant thoughts, emotions, pictures, etc. (which at least to a 
degree they have), then they can simply record the proper signals from human guinea pigs, using 
scalar technology and instrumentation. They can tailor those signals and add them onto the 
Woodpecker carriers, using scalar EM techniques. By using most of the sixteen carriers as a means 
to express Fourier frequency expansions, specific areas and functions of the brain can be targeted. 

Notice that the distant transmitters al ready "know" the correct phasing; just use the 10 Hertz 
modulation signal as a reference. In that case, phasing takes care of itself inside the captured human 
brains. 

The brain has a unique characteristic. If a signal arises inside it, it interprets that it itself 
originated the signal. Thus for the first time in history , true unwitting "robot" actions and emotions 
can be engendered in masses of human beings. 

But it's still worse. The Kaznacheyev experiments (see references) proved conclusively that 
electromagnetic signals can carry and transmit cellular disease and death patterns into a targeted 
biosystem. You can rest assured that the Soviets continued on to actually measure and determine a 
wide variety of death and disease scalar patterns. All of that can be added on to the Woodpecker 
carriers so that the population in the intersection grid area is devastated. One can even test it out in 
advance by producing a modified pattern of a disease in the targeted populace, and keeping the 
percentage of brains entrained down to a small level. This lowers the number of persons "injected" 
from a distance to a small percentage of the populace. Then the outbreak of the "new strain" of a 
familiar disease -- such as influenza, pneumonias, and something like AIDS -- can be monitored to 
provide targeting and effectiveness data. Notice that a series of diseases was experienced by U.S. 
personnel assigned to the U.S. Embassy in Moscow, probably as a result of the so-called "weak 
microwave radiation" of the Embassy by the Soviet Union. 

But that's not all. Much more subtle effects can be produced in the targeted populace, without 
anyone getting wise. Cancers and leukemias should be relatively easy to induce. Also, the immune 
system can simply be attacked directly. If done slowly, a series of common, ordinary diseases will 
just seem to get "tougher and tougher to cure." Actually it's not the disease that got tougher, it is the 
immune systems that got weaker. It is my opinion that precisely that sort of testing -- against the 
immune system -- has been accomplished by the Soviet Union against the U.S. since about October, 
1985. A great percentage of influenza patients during the period from then until now have had 
complications. So much so that multiple sessions -- as many as 3 to 5 -- of antibiotics are necessary 
before the patient recovers. At least in the Huntsville, Alabama "hinge pin" area, that seems to have 
been the case. This author personally experienced this, having influenza and follow-on complications 
for a period of seven months -- something quite different indeed for him. 

But it's even worse. 

The human scalar EM nervous system ("inside" the ordinary EM signals and functioning of the 
system) also has its own resident "software." It has special storage media contained in its brain. its 
cells, and its genetic material, and its actual nucleons. All of these storage media are continually 
telecommunicated with via scalar EM means. The "stability" of what each of us is, is largely 
conditioned by those recordings. As personalities we literally "are" what we have experienced, felt, 
thought, and did. Our whole "functioning conscious system" has been evolved by our experience, 
and it continues to be "us" by means of continual reference to the record base. 

I hope you now realize that the actual record base itself can conceivably be altered by scalar 


electromagnetic means, even from a distance. Even by the hidden scalar EM content of 16 
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Woodpecker carriers, locked into a captured brain and pouring in their deadly content. It is 
conceivable that even what one is can be taken from him, and what someone decides he will be, he 


will be. 

A totally new -- and ultimate -- form of "slavery" has emerged. 

Also, look at all this scalar EM functioning of the human system as a special kind of 
cybernetics. A scalar EM computing software and hardware system. 


What if scalar techniques are used to plant "worms" and "viruses" in this system? With hidden 


triggers? What about a series of them, so that a range of "eruptive software diseases" can be 
stimulated at will? 


And guess what. Such scalar EM "worms" and "viruses" can even be induced by contact with or 
consumption of "contaminated" water and food. Or saliva. Or other body fluid. 

So you can see the possibilities of "seeding" a population with a staggering variety of time- 
bombs. 

I think you begin to see the point. Now you can change North's "Soviet blackmail" scenario 
drastically. In a new scenario, Gorbachev simply announces to Reagan that a graduated series of 
specific sweeping changes are going to happen in our population -- changes which we are absolutely 
powerless to stop. The last stages are various deaths. The master "trigger" for this series has already 
been initiated. Incidentally, the Soviet populace has been carefully "seeded" with the proper 
antidotes. The Russian leader demands certain things (very similar to what North's scenario 
utilized). Unless his demands are met, a "killer virus" will be activated by a special signal. If so, 
everyone dies. The first step change in the series will start to occur in a few hours. And it does. 

In fact, this scenario could be added to North's scenario, and both used simultaneously. What 
do you think the President and the Congress would do? Or could do? 





There are other even more diabolical possibilities, but these should be quite sufficient to 
illustrate the point. 


Pandora's box has already been spilled, and the end of humanity is ticking away like a time- 
bomb. It's already nearly midnight, and the watchman hasn't even sounded the alarm yet. 


I certainly can anticipate the next question: Have the Soviets already "seeded" the 
populations of the U.S. and other selected western nations with scalar EM viruses and germs"? 

The answer is, I simply don't know. And just like Gary North, I don't know what if anything 
can be done about it if they have. This researcher certainly doesn't have all the answers. An 
immediate national crash program to develop scalar EM defenses is essential if we are not simply to 
be crushed beneath the hammer and sickle. It takes funding, people, facilities, and time. 

In some 22 years of unrelenting struggle to convince the system we've got a terrible problem, 
I've hardly been able to move it off dead-center (no pun intended). This book, produced under 
extreme workload stress, is all I can do to raise the alarm. I've given it my very best shot. 

What happens now remains to be seen. Other hands, hearts and minds are going to have to 
take up the task and carry it forward. This researcher has reached his limit, and has no more left to 
give. 
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COMPUTER WORMS AND VIRUSES, AND THE IMPACT OF 
SCALAR EM 


Source: - Gary North, "Electronic Aids (Parts | and 2)," Remnant Review, 
12(20), Nov. 1, 1985, p. 1-8; 12(20), Nov. 15, 1985, p. 1-8. POB 8204, Fort 
Worth, TX 76124. Phone (817) 595-2691. 


Annotation: - Two deliberately un-copyrighted issues to alert the public to 
software worms and viruses, and their implications for drastic interruption of 
society. Describes a hypothetical scenario in which drastic scrambling and 
destruction of banks' computer tapes, files, and records occur due to software 
worms and viruses. Written in first person by Gary North. [Slightly edited.] 


Article: - "Worms." Earlier this year, I read a very interesting article on a major 
problem facing computer software (programs) development companies. A 
program comes on one or more 5.25-inch plastic discs. It takes only a few 
seconds to copy a program on one disc to a blank disc, which costs $3. Yet these 
programs normally run at least $250, and usually sell at $495, and sometimes 
cost thousands. Very few are less than $100. So you have a major temptation: 
make a $500 asset out of a S3 asset. Insert the $500 program into drive A, write 
"COPY A:*.*.B:" and hit the "enter key;" sixty seconds later, you have a $500 
program in drive B. 


There are ways to make this copying more difficult. The companies code the 
programs, and force you to have a control disc in drive A at all times. These 
"copy protected" programs are a hassle for users. We cannot put them on "hard 
(big) disc" easily, and sometimes the control disc dies for some reason. Then 
what? Your data are locked in your hard disc or on a floppy disc, but you can't 
get to the data because the control disc is not functioning. You order a 
replacement. Weeks go by. 


Last year, several firms came up with a solution. It is called a worm. A worm is 
a command that is built deep into the complex code that creates the program 
itself. These are incredibly complex codes, and it is easy to bury a command in 
them. They cannot be traced. 


What does the worm do? It "eats" things. Say that you are a software thief. You 
make a copy of a non-copy-protected disc, either to use on a second computer, 
or to give (or sell) to a friend. The program works just fine. But when the 
program is copied to a new disc, the worm is "awakened." It bides its time, 
maybe for many months, maybe for years. The program's user is blissfully 
unaware that a monster lurks inside his pirated program. He continues to enter 
data, make correlations, etc. He becomes completely dependent on the program. 





Then, without warning, the worm strikes. Whole sections of the data disappear. 
Maybe the data storage disc is erased. Maybe it is just scrambled. Even his back- 
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up data discs have worms in them. Everything he entered on those discs is gone. 
Forever. 


Can you imagine the consternation of the user? He has become dependent on a 
booby-trapped program. His business could simply disappear. For the savings of 
$500(stolenprogram),hecouldloseeverythinghehas. 


Several firms threatened to insert worms into their programs. But then they 
backed off. They are afraid that lawsuits initiated against them might go against 
them in court. They could be hit for damages suffered by the thieving victims. 
Juries might decide that the punishment, a bankruptcy) was too much for the 
crime (a $500 theft). 


So far, no worms are lurking in any commercial software programs — as far as I 
know and the industry knows, anyway. But what if a disgruntled programmer 
was to hide one in a master copy of, say, Lotus 1-2-3, the most popular business 
program onthe market? What iften thousand copies a month go out for, say, 
three years? Then, without warning, every company that has started using them 
loses three years of data? They sue Lotus. Lotus goes bankrupt paying lawyers. 
No_company in the industry is willing to talk about this sabotage threat publicly. 


Obviously. 
LARCENISTS 


I just happened to stumble across an article on worms in a computer magazine. 
It occurred to me that it might be possible to use the worm technique as a form 
of deliberate sabotage rather than just as a copy protection device. But what did 
I know? I'm not a computer expert. 





I know acomputer expert, however. I mean, a real expert — one of those people 

you occasionally read about. In the world of business, they're called "space 
cadets." They operate somewhere in between the asteroid belt and Jupiter. But 
this one is different. He's a businessman, too. 


I got him to sit down with me to discuss the problem of worms. It turned out that 
hehas a real fascination for the topic. He tells me that there are advanced design 
worms, called 'viruses' by 'hackers' — computer freak programming geniuses. 
"The software virus is the most terrifying thing I've ever come across," he told 
me. And then he showed me why. My initial scenario is based on only a portion 
of his estimation of the threat. It gets a lot worse. 


He gave me a 90-minute FIRESTORM CHAT interview. He must remain 
anonymous. He used to be a software developer for programs that were used in 
the U.S. banking system, but is now employed in a highly sensitive job in a 
related industry. Therein lies his problem. If he were to tell the story of what he 
is capable of doing to these banks, his firm might lose a lot of sales. He can't 
"go public." Let's call him Tom. 


Let me summarize briefly some of the details he gave to me. They floored me. 
They're going to floor you. 


(1) Jackpotting. The rush is on in the banking world to get automated teller 
machines (ATM's) into shopping malls, supermarkets, and in front of every 
bank. We've all seen them. Just walk up, punch in your card number, ask for 
cash, and you get it. 


In a busy location, one of these machines can hold as much as $250,000 in cash, 
mostly small bills. These machines are controlled by computer. They are hooked 
up to the bank's computer system, usually by phone lines. This local line, Tom 
tells me, is what computer freaks call THE LOOP. The loop is wide open to 
tampering. He says that what computer thieves are doing is to hook up a cheap 
Apple II computer, tie into the phone lines, break into the ATM, and get it to 
empty itself. This is "jackpotting." 


He tells me that ATM thieves are hitting banks continually, but nothing is 
getting to the press. The banks have yet to show a profit with the ATM's so far, 
which is understandable. They are hoping to get their machines placed in key 
locations, so "market share" is crucial to their plans. They are suffering 
horrendous losses in the short run in the hope that long-run profits will pay off, 
if and when a defense is developed. 


The banks are saying nothing because of their fear that if the extent of the losses 
gets into the press, they will be forced by pressure from depositors — bank runs 
— to cancel the ATM's. The losses are horrendous, he says. At present, there is 

no known defense, given the communications technology. 


(2) Rounding Off, This is the "preferred" computer bank theft system. Someone 
on the inside who has access to the software takes advantage of the banks’ need 
to round off numbers. The programs carry numbers out to 13 places. Banks can't 
use all that space. So when they balance the books (interest rates at, say, 9.873), 
they just don't count every tenth of a cent. The program is assumed to round off 
the numbers randomly. What does the bank care? But the thief has set up bank 
accounts that absorb those random tenths or hundredths of a cent. In millions of 
dollars worth of transactions (federal funds, etc.), programmers in some cases 
have stashed away hundreds of thousands of dollars — maybe millions — over 
a few years. No one knows how much of this goes on. 


How could a bank spot this? The books would always balance to the penny. 
How would the accountants ever know? 


I think ofa story that Adam Osborne tells in his paperback book, Running Wild. 
The president of a large firm was looking out his window one day, and he 
noticed two Rolls Royce cars parked next to each other. He inquired as to the 
owners. They were two men in the data processing department. He called in 
investigators, and the cars and the men disappeared. They fled to Brazil and took 
their cars with them; Brazil has no extradition treaty with the U.S. Years later, as 
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Osborne was writing the story, the firm still hadn't figured out what they had 
done. 


ARSONISTS 


These are the fearful ones, far more than the larcenists. These are the practical 
jokers who get into a major data bank and trash things. It's a kind of 
multimillion-dollar "Kilroy was here" graffitti. 


How easy is it to get in? Incredibly easy. The boy in "War Games" really could 
have broken into most firms’ telephone-connected computers. Computer 
programs exist that allow the user to hook up his computer to a phone line and 
randomly dial numbers until they hear the telltale whine of a computer line. It 
then notes the phone number and goes on its way, searching out more lines. 


They can do it by long distance, free of charge. The telephone company has a 
tough time tracing those who use various sorts of electronic black boxes to call 
anywhere on earth at no charge. Some people get caught, of course. "The tip of 
the iceberg," says Tom. 


How do they get in? Easy: few systems are protected, once you locate the line. If 
one is, he says, you create a deliberate error. Most programs then collapse the 
protective shell, and the hacker finds himself inside the heart of the system. Tom 
has designed a program that keeps this from happening to his company's 
programs, but few companies have anything like it. 


It's very easy to get in if someone has "logged on," — opened his terminal's 
connection to the main computer — if the system is connected to phone lines. 
Or anyone in the company can just tap in, if someone has left his desk and left 
the computer on. It's common to forget and leave an open terminal. 


He showed me. He says anyone can get fired for leaving a computer on. He 
demonstrated his point. With 40 computers on line, he ran a quick search and 
found two of them "logged on," despite the fact that it was after hours. All the 
security in the world can't do anything if a computer line is open. It's like a 
burglar alarm; it's worthless if you leave the door unlocked or leave the keys 
lying around. Thatjanitor you hired. Is he a computer illiterate? Or a plant? 


Once inside, what can you do? Steal a fortune? Yes, if you really know the 
system. He told me he could easily steal $3 million from a local bank, even as an 
outsider. He would then offer to give it back and keep his mouth shut about how 
easy it was if the bank would pay him 10% the take. He thinks most banks 
would capitulate for fear of the publicity. In any case, he knows that he probably 
wouldn't get caught. 


How about creating a new identity? The grade-changing scene in "War Games" 
is true. You could even create a new identity, give yourself high grades in any 
academic discipline, just by breaking into a university's database. There is very 
little security here, he says. 


But for sheer vindictiveness, for sheer envy, consider the possibilities of a virus- 
implanter. He gets inside the computer for a major communications link: 
telephones, large information database, bank wire transfer, or whatever. Then he 
lays the egg: a tiny, untraceable brief instruction. Inside a huge database are just 
a few characters. These float inside a system, seeking to devour certain kinds of 
data, or executing certain routines. 


There is a game played by computer freaks called "Core War." They try to 
implant these killer messages, which seek out each other and battle one another. 
If you find one morning that yours has been consumed, you lost the battle. That 
was probably the origin of worms and viruses. 


TERRORISM 


Say that a revolutionary terrorist group, or some anti-zionist group gets a 
"ringer" into a system. He might be a computer genius type. Everyone knows 
they are either oriental, dark-skinned people with accents, or teenagers. The 
firms don't hire teenagers, but they hire a lot of foreigners. They may even check 
the guy's credentials. Electronic credentials. (Ha!) Then they turn the guy loose 
in the system. 


The virus is implanted deep inside the system. It can then be transferred to any 
other bank's computer by means of EFT (electronic funds transfer). Maybe it is 
triggered when someone with a peculiar name and address opens a bank 
account. Three days later: Bam! The data disappear. They haul out the back-up 
tapes. Bam! The virus is on them, too. It is a process of infection, contamination, 
and incubation. There is no known defense. Not yet. This is the bottom line. 


ANTIBODIES 


The designer of a virus can also design an "antibody." The antibody is a 
counter-virus agent that seeks out a virus and destroys it. But like other 
antibodies, it must be specific. The only way today that an antibody system can 
be created is to know what kind of a virus is involved beforehand. 


Tom says that people are now selling antibodies at very high prices. Who is 
paying? Big companies that suspect that there is a virus present in their 
computers. In all probability, the guy selling the antibody created and injected 
the virus. But now can any businessman prove it? So he pays the blackmail. 


NATIONAL DEFENSE 


A Soviet agent or American spy working for the Soviets penetrates any of a 
dozen computers used by the military. He plants a virus. The computers talk to 
each other, and the virus spreads to all of them. It tells them to execute a certain 
routine when a certain command is entered at a missile-controlling terminal. 
That command might interfere with a routine that activates a missile or launches 
it. Upon reading that command, the virus shuts down the computer, or scrambles 


the executing program, or scrambles the data. No more "launch on warning." No 
more launch at all. Dead metal. 


Scenario: The President of the United States receives a telephone call on the 
"red phone" — the direct link to Moscow. He lifts the receiver and says, 
"Hello." 


"Mr. President, this is Michael Gorbachev. You must recognize my voice. I have 
very little time. I will come directly to the point. You have refused to back down 
on your threat to implement your Strategic Defense Initiative. You intend to go 
ahead with space-based weapons. My military staff informs me that they think 
that the United States has the technology to implement it, and that it could place 
my nation's military strategy in jeopardy. We cannot allow you to do this. 


"If we allow you to deploy the SDI, it will be too late for us to respond 
effectively. Therefore, we are taking the initiative today. I issued orders this 
morning to put Soviet military units on immediate alert. We are abiding by your 
biblical rule to announce the initiation of hostilities before striking. Neither the 
Japanese nor the Germans gave us this courtesy. If you do not come to terms 
with us, we will launch a first strike against your nation in three hours. We will 
delay for one day, if you agree to follow a precise procedure that I will outline 
shortly. 


"At one time we feared nuclear retaliation. We no longer do. Within two hours, 
you will know why not. I suggest that you instruct your ballistic missile team to 
prepare your missiles for a strike. Then, to prove to yourself that we no longer 
are concerned about retaliation, launch one or two of them. As far as I am 
concerned, launch all of them. But please instruct your senior military 
commanders to report back to you concerning the effects of their instruction. I 
suggest that you try launching three or four as a test. We don't care which ones. 


"Mr. President, let me tell you what is going to happen. As soon as anyone 
attempts to launch a missile, that missile's computer guidance system will shut 
down. It will lock up tight, and you will not be able to unlock it within the time 
you need to respond to our attack. Two hours and thirty minutes from now, your 
nation will have no remaining Minuteman III missiles to respond with, should 
you finally unlock your frozen computers. 


"I suggest that you contact your senior officers now. You will have to mobilize 
them within 60 minutes. The test should take about 30 minutes. I will telephone 
you again in 90 minutes to present our terms of surrender." Click. 


The President calls the Joint Chiefs. If he is lucky, he will be able to locate two 
of the three in time. They will be paralyzed. Who wouldn't be? But in all 
likelihood, they will at least test Gorbachev's theory. They will order one or (wo 
missiles launched. The computer guidance system on both will shut down the 
system. They will try two or three more, with the same result. They will attempt 
to launch one from a submarine, with the same result. 


The President brings in senior Congressional officials and the remaining Joint 
Chiefs member to the White House. 


Exactly 90 minutes after he had hung up, Gorbachev telephones back. He 
presents his list of demands. First, the immediate removal of U.S. troops from 
Europe. Second, the withdrawal of personnel from Diego Garcia Island in the 
Indian Ocean. Third, the breaking of diplomatic relations with Red China and 
Taiwan. Fourth, the removal of all U.S. troops from Korea. Fifth, a moratorium 
on all debts owed to U.S. banks by the Soviet Union and its client states. Sixth, 
the removal of all Minuteman II missiles from their silos. Seventh, the return of 
all U.S. submarines to port. Ifhe agrees, and the orders are delivered within two 
hours, the Soviet Union will delay launching a first strike. The President 
complies. 


They might do it with our communications satellites, Tom says. You might do it 
with any aspect of U.S. data transmission. The virus could sit dormant in a 
system for years, and no one would know. Triggered, it would then strike. 


THE WEST'S VULNERABILITY 


The West has become increasingly dependent on computers. We can no longer 
function without them. The Third world hasn't. Neither has the U.S.S.R. Their 
technology is still pre-computer. They are inefficient, but they are far less 
vulnerable. 


Tom says that the world of computers presumes that almost everyone is 
essentially honest, and that all the brightest programmers must be honest. They 
aren't. Thus, the members of the entire system — banks, national defense, large 
and small businesses, public utilities — have opened themselves to attack. The 
attackers are invisible. 


"Nothing I have seen in all my years of computers scares me as much as this 
does," he says. "The system has been designed in terms of a far older set of 
standards, especially with respect to security. It is totally vulnerable." 


He compares it to plague, or venereal disease. People copy each other's software 
to save a few bucks. They use public access databases. They use "loops" — the 
phone lines. Yet these transmission belts of information can become 
transmission belts of collapse. 


This is what I have harped on for twenty years: the potential for a collapse of the 
division of labor. We become rich by means of a brilliant technology, yet we 
become dependent on it to an extent that no previous society ever has. 


Centralized institutions are most vulnerable, but because we use public 
transmission lines, from microwave transmissions to cables in the ground, each 
local unit is vulnerable. Those who would choose to bring down the system need 
only plant electronic viruses in a handful of major common-use databases or 
transmission sources, and live years or ten years later, the disease hits. 


It could bring down the system if technological defenses are not developed. 
Nothing on the immediate horizon points to a solution, he says. The silence of 
those who should know what to do indicates that they don't know what to do, but 
they don't want panic to spread. 


Is this fantasy? Last summer a 23-person team broke in (by phone) to Chase 
Manhattan Bank's computer. 


Break-in: - Continuation of part 1, a treatise on worms and viruses in cybernetic 
systems. 


"Maybe you saw the article buried somewhere in your newspaper. I saw it in the 
New York Times (Oct. 19): 


"A group of at least 23 teen-age computer users broke into a Chase 
Manhattan Bank computer installation by telephone in July and August 
and "significantly damaged" bank records, the Federal Bureau of 
Investigation said yesterday. 


Chase officials insisted that no money was stolen or transferred out of 
customer accounts as a result of the break-ins, and said no intrusions 
have been detected recently. But Federal officials, in an affidavit, said 
that in several cases the youths changed passwords, preventing 
customers — and in one case a unit of the bank itself — from gaining 
access to their own computer files." 


And where were these teen-agers located? In San Diego, across the continent! It 
gets even more ludicrous: 


Federal officials said that most of the offenders were probably too young to be 
prosecuted. 


Robert D. Rose, the assistant United States Attorney handling the case, said: 
"We're not yet sure what we are going to do. But these things can get out of 
hand — it did get out of hand — and we have to treat them seriously." 


Treat what seriously! "These things?" What things? If they can't legally treat the 
electronic trespassers seriously, just what is the man talking about? He is talking 
about the topic, above all topics, that bank and government officials don't want 
to face: the vulnerability of their computer records. 





I have seen no follow-up on this story in the conventional press. A brief article 
did appear in the computer-oriented tabloid, Info World (Oct. 28). It turns out 
that the students had broken into the fifes of Interactive Data Corp. of Waltham, 
Massachusetts, which maintains the bank's financial records. The break-ins were 
discovered in late July. They had obtained the toll-free 800 number which was 
restricted (Ha!) to Interactive Data subscribers. As late as October 9, an illegal 
entry was observed. In short, it took ten weeks after the break-ins were 
discovered to put a stop to them. 
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The response of the bank's bureaucracy was predictable. It will ever be thus: 
"Bank officials are claiming that the FBI exaggerated the nature of the activities 
of the suspected individuals. A spokesperson for Chase Manhattan said that 
Interactive's customers were not prevented from accessing their accounts and 
that none of Interactive's data was altered or manipulated in any way." In 
response, FBI supervisory agent John Kelso said that the FBI has sworn 
affidavits from bank officials that say data has been manipulated or damaged. 
"That sounds pretty serious to me," he volunteered. 


Here is the capper: Interactive Data has 25,000 subscribers who are tied into that 
toll-free phone line. Try keeping tight security on a system with 25,000 users. 
Chase Manhattan couldn't. If they can't, who can? 


And if Chase Manhattan Bank was vulnerable to 23 teenagers who are too 
young to prosecute, consider its vulnerability to just one envy driven genius who 
knows all about electronic viruses. The students that did this were apparently 
just goofing around. But what ifjust one malevolent computer freak decided to 
"get even" with Chase Manhattan? What if he had phoned in just once or twice, 
implanted a long-dormant data-killing virus, and quit? What if he had tied its 
detonation to, say, a calendar clock in the Interactive computer? If it took 
security forces from July until early October 15 to raid the 23 students' homes, 
they would never have spotted one break-in. They could not have traced it, 
either. Conclusion: we have a risk-free opportunity for electronic arson. We face 
a potential electronic epidemic. And when I say "we" I mean the entire financial 
system of the West. 








Sure, all the bank "spokespersons" in the world will tell you, "No problem." But 
there is a problem. A horrendous problem. 


At this point, it really gets interesting. Chase Manhattan Bank has just 
announced that we will be able to set up our own personal electronic banking 
facilities with them by buying an expanded version of Managing Your Money, 
Andrew Tobias' home financial management. 


Citicorp and Bank of America have opted for Dollars and Sense a rival program. 
You will be able to pay monthly bills electronically, balance your "checkbook," 
monitor your net worth, buy and sell stocks, etc., etc., just by dialing Citicorp or 
Chase Manhattan. Fantastic! But despite all the assurances, I get nervous. Yes, I 
know no one will be able to break in and tamper with the numbers. But 23 
teenagers shouldn't have been able to do it, either. And now we're talking about 
a lot more subscribers than 25,000. 


Obviously, the master program used by the banks will prohibit easy entry. 
Unfortunately, someone has to write the program. Can you imagine the 
blackmail possibilities? Some hotshot programmer could build-in a bomb, and 
then threaten to detonate it. In fact, he could merely pretend to have inserted a 
virus. Who would want to call his bluff? Not Chase Manhattan, I would bet. 
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CORE WARS REVISITED 


In May of 1984, A. K. Dewdney published an article in Scientific American's 
"Computer Recreations" column. It was a light-hearted-piece on how computer 
experts can get involved in playing this exciting game of "blow up your 
opponent's defenses." You know: recreation! In the March 1985 issue, he wrote 
a follow-up. It begins: 


"When the column about Core War appeared last may, it had not occurred to me 
how serious a topic I was raising. My descriptions of machine-language 
programs, moving about in memory and trying to destroy each other, struck a 
resonant chord. According to many readers, whose stories I shall tell, there are 
abundant examples of worms, viruses and other software creatures living in 
every conceivable computing environment. Some ofthe possibilities are so 
horrifying that I hesitate to set them down at all."(emphasis added.) 


It turns out that tne French nave been enjoying a novel on the international 
implications, Softwar: La Guerre Douce, by Breton and Beneich. A translation 
is scheduled for publication here by Holt, Rinehart & Winston. The study 
revolves around the sale of a high-power computer to the Soviet Union. The 
U.S. allows its export because it has a "software bomb" in it. When the U.S. 
Weather Service announces a certain temperature at St. Thomas in the Yirgin 
Islands, the program proceeds to subvert every piece of software in the Soviet 
Union. 


A pair of Italian programmers was "inspired" by the translation of Dewdney's 
original article to dream up a virus (a virus is a computer-to-computer killer, 
whereas a worm is resident in one man's computer). They figured out that by 
infecting a disk operating system disk (these start computers and tell them what 
to do with programs and electronics), and then installing it on disks used by the 
biggest computer shop in the city, they could create an epidemic. They decided 
not to do it. In short, the only restraint is self-restraint. 


A high school student in Pittsburg wrote a virus that was subtler than a data- 
destroying virus, which at least tells us that we have a problem. His virus created 
a plague of very subtle errors in the disk operating system. "All of this seems 
pretty juvenile," he wrote, but "Oh woe to me! I have never been able to get rid 
of my electronic plague. It infested all of my disks, and all of my friends' disks." 
He wrote a program to destroy the virus (an "antidote" to it) but it is not 
anywhere near as effective as the virus is. 


Warning: do not copy disks from your friends’ copies. This act of piracy could 
cost you plenty. 


A COMMERCIAL WORM 


Just a few days after I wrote "Electronic AIDS, Part 1," 1 read a column in the 
Washington Times, the conservative (Moonie-owned) daily newspaper. One of 
the reporters has a computer. He had purchased a newly released program from 
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Microsoft Co., called "Access." Understand that Microsoft supplies the disk 
operating system that is used by the IBM PC, the most popular microcomputer. 
In other words, this is no backyard company. It is one of the two or three 
software giants in the U.S. (Its owner is under age 30, which tells you something 
about who is pioneering the microcomputer revolution). 


As he was setting up his computer to take advantage of this telecommunications 
program, a warning flashed on his screen: "The weed of crime bears bitter fruit. 
Now trashing your program disk." Wham! He lost all his files — probably a 
couple of year's worth of work. Sure, he was probably smart enough to have 
made back-up copies, but think of the risk. And what if it had been a worm that 
kept silent for a few years, infecting all of his back-up disks? 


He called Microsoft, and they gave him the runaround. They told him that they 
were not responsible. Some programmer had put in the worm in order to zap 
program pirates, but the journalist insisted that he was an original buyer. Tough 
luck, they told him. Obviously, they didn't know that he was a reporter. 


Then he published his article. All of a sudden, the victim was not some average 
buyer. He was big trouble. Things started moving. InfoWorld (Oct. 28) reports 
that Microsoft has admitted that a programmer put in the worm, but without 
permission. The offending text has now been removed, we are assured. But what 
if it had sat in the master for three years? Here is the premier firm in the 
software. 


This is not idle speculation. It has already happened, verifying my hypothetical 
scenario within a few days after I published it. 


Can you imagine the absolute havoc that a dormant worm or virus could create 
if it were imbedded in all updates of Microsoft's masters of PC DOS and MS 
DOS, the operating systems for all IBM microcomputers and IBM-compatible 
microcomputers? It could cost the U.S. economy billions, and some 
microcomputer-dependent firms wouldn't survive. Any Microsoft spokesman 
who says, "It's impossible; it could never happen," has to explain how it already 
did happen to "Access." 


ADAM OSBORNE'S WARNING 


You may know the name Adam Osborne. He invented the revolutionary portable 
computer, the Osborne 1. Before there was an Osborme 2, the company went 
bankrupt. Compaq, the most successful first-year firm in U.S. history (over $100 
million in sales in its 12 months of operations) and others built imitations that 
were far superior. 


That isn't my point, however. Adam Osborne was "present at the creation" of the 
microcomputer industry. He created Osborne publications, and then sold out to 
McGraw Hill. He knows what is going on. In his delightful paperback book, 
Running Wild, which is a history of the microcomputer (desk top) revolution, 
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1975-82, he offers this warning. He says that three areas should not be allowed 
to be computerized: 1) bank money transfers; 2) the stock market; 3) elections. 


All three are just about fully computerized. Another ten years, or maybe five, 
and they will be 100% computerized. Several firms allow microcomputer 
buying and selling of stocks (e.g., Charles Schwab), and New York Stock 
Exchange floor transactions eventually will be fully computerized, at which time 
it will be pressured to get rid of the "specialists" who make (and sometimes 
manipulate) the market, short-term — Richard Ney's hated "Wall Street Gang" 
— but the price of getting rid of them may turn out to be horrendously high. 


"The great fortunes of the 21st century," Osborne predicts, "will be the legacies 
of the great computer thieves of the 20th." 


Three years ago, I used a firm to supply computer services I needed. The head of 
it was a former businessman, quite young, and a true "space cadet." I've quoted 
him in the last issue. I call him Tom. He operated in a world far removed 
mentally from the rest of us. He is a nice fellow, a Christian, and a moral 
philosopher of sorts. 


He ran the operations of the local elections. He did it fairly inexpensively. He 
told me why: "I want to keep these elections honest. It would be incredibly 
simple to rig the program to produce whatever outcome I wanted in close races. 
If I can do it, anyone with enough skill to set up the system could do it." 


I asked him if he thought Osborne was correct in his predictions about bank 
theft. "It would be a piece of cake for me to steal three or four million from any 
local bank. I could go in the next week, offer to give the money back, keep 10% 
as a finder's fee, and promise not to tell the press how easy it was to steal. They 
would probably pay me my 10% just to keep me quiet." 


Look, These people are geniuses. Worse, they are geniuses in a very narrow 
field technically, which is now being used to control darned near everything. 
This unique intellectual-technical skill is the possession of literally a handful of 
people, mostly under 35 years of age. They are "fooling around" with Chase 
Manhattan Bank's computers. What happens when a few of them stop fooling 
around and get deadly serious? 


Computer program designers keep telling us that there is no 100% secure way to 
defend data banks. Maybe there will be a 98% secure system someday, but not 
now. To defend itself, the system relies on the integrity of youth. In short, self- 
government is the major defense. 


And where have they learned self-discipline? In the public schools? 
"NOW YOU'VE DONE IT!" 


About four years ago, I read an article in the Rolling Stone, the tabloid aimed at 
rock music fans. It was the only article I ever read in that periodical. It was a 
gem. 
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It described a subculture of students at Stanford University, "hackers." These 
people are computer freaks. The mainframe computer at Stanford was cheaper to 
use after midnight, so from midnight to 6 a.m., the hackers gathered at their 
terminals. They lived on candy bars, junk food, and high-technology dreams. 


One of the games they played was breaking into each other's programs. It was 
considered the mark of a master hacker to be able to crack another hacker's 
defenses. They would spend hours trying. They were "hacker-crackers." 


One bright fellow then designed a classic booby trap. He wrote a program that 
warned trespassers not to tamper with it. This, of course, alerted every would-be 
electronic safe cracker to the challenge. It was a complex program, and it took 
days to crack it. Then, after repeated warnings, the successful trespasser got a 
surprise. Japanese letters appeared on his screen. Roughly translated, the words 
proclaimed, "Now you've done it!" 


At that point, the victim's computer screen went blank. Then the names of all his 
own computer files appeared on the screen — files that may have taken years to 
assemble. One by one, they blipped off the screen. In horror, the victim would 
stare at the screen, unable to stop the process. 


As it turned out, the booby trap was only a practical joke. It really didn't erase all 
the victim's files. It only listed the names, and then erased them. But for a 
horrifying few minutes, the victim wouldn't know this. 


Hackers play games. Very interesting games. 


The kind of people who spend six hours, midnight to 6 a.m., trying to break into 
each other's programs are different from the rest of us. Among their ranks are 
some highly individualistic people. Some of them are libertarians. I mean 
anarchists. They are electronic "don't tread on me" sorts of people. They do not 
appreciate bureaucracy. They appreciate being pushed around even less. 


The folks at Chase Manhattan really do have a problem. Do you attempt to 
prosecute a legally un-prosecutable kid? A kid who has already cracked your 
computer system? I don't think you do. You play the role of stern but 
appreciative banker. "Son, I am impressed by your ability to break in. But 
understand, we are honest people. There is a code of honor here. You wouldn't 
want to break that code — of honor, I mean — would you?" Because if this kid 
gets angry, he can do it again. Quietly. And next time, he deposits a virus. 


Of course, Chase may hire a programming team to create an unbreakable 
system. Sure. "Hire fox A. Give him chain link fence B. Hire him to build fence 
B around chicken coop C." 


TEEN CHALLENGE 


Suppose that the public gets wind of the threat to the whole banking system that 
is posed by viruses. What do the bankers (or anyone else) announce to the 
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public? "We want to assure you that our computer program is impenetrable. No 
one can break in. It is foolproof." 


Here is the challenge — rather like the Stanford program that announced: "Do 
not trespass." These kids see breaking-in as a challenge, a kind of sport. They do 
not regard it as theft. They do not regard it as vandalism, even if it costs a 
company millions of dollars to unscramble. They may be ethical in other 
respects, but they think of "core wars" as a game. 


How would you like to be the 60-year-old banker who doesn't know a byte from 
usury, but whose public relations department tells him to inform the public that 
nobody can crack his bank's code? To cite Mr. T in "Rocky III," that bank is 
dead meat. So are its depositors. 


But if he keeps quiet, and the story still gets out about the vulnerability of the 
system, one or two small "virus-demolished" banks could trigger a collapse of 
the system, as people do the only smart thing: run for cash. The whole fractional 
reserve banking system would deflate; only the FED's printing presses could 
"save the day," in a wave of fiat money. 





What I am saying is this: I think that we will see the end of fractional reserve 
banking in our day. At the very least, I think we will see it subjected to 
tremendous shocks. People will lose faith in electronic promises made by 
bureaucrats who do not know anything about the monsters that their efficient 
computers can be turned into. 





Attack on Martinsburg. Now, let's take it a step farther. Some day some state or 
Federal bureaucrat is going to step on the toes of some genius entrepreneur who 
has created a software development firm. The bureaucrat will try to wrap this 
entrepreneur in red tape. Or maybe —just maybe — he will try to sock him 
with a tax bill that the entrepreneur regards as unfair. 





In Martinsburg, West Virginia, there is a large computer. It is owned and 
operated by the Internal Revenue Service. Into it, over the next five years, the 
I.R.S. apparently intends to deposit all the records it can assemble on every U.S. 
taxpayer. This computer database will be the biggest in the world. It is the tool 
by which the ILR.S. hopes to increase taxpayer compliance. And it may succeed. 
For a while. 


This is one reason for saving all letters to and from the I.R.S. If the I.R.S. 
becomes dependent on its computer system, which is likely, then any short- 
circuiting of its database could create havoc for tax collecting. If word gets out 
that a major failure has hit the I.R.S., the tax revolt could multiply overnight. 
You would see the deficit become astronomical. If the I.R.S. continues to tie its 
"voluntary" compliance program to the myth of the "all-seeing computer," then 
news of the computer's scrambling could backfire. 


It is possible that the story of the I.R.S. database is a myth. Maybe they aren't 


going to build it. But ifthe public believes that such computer power is at the 
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disposal of the LR.S., and taxpayers then learn either that the system has been 
blown, or that it was mythical from the start, the tax revolt could spread like an 
epidemic. The electronic epidemic-could trigger a tax revolt epidemic. 


He who lives on the cutting edge of technology eventually dies on the cutting 
edge of technology. 


"PEOPLE ARE BASICALLY GOOD" 


Let's return to my taped interview with "Tom." In a 90-minute interview, we 
covered a lot of ground. But one topic that stands out in my mind is our 
discussion of the pre-supposition that goes into the creation of a computer-based 
society. The computer people have all adopted the assumption that undergirds 
modern science, namely that, participants are well meaning, that they will not 
fake their experiments, and that they will play fair. If scientists had to check 
every aspect of every article, science could not advance very fast. 


What about the computer industry? The whole system rests on faith: "Men are 
not malevolent. They are not envy-driven. They will not deliberately seek to 
destroy the work of some random victim." Tom says categorically that this 
assumption is false. There are bad people with tremendous computer skills, and 
modern society has not restructured its economic institutions to protect itself. 


Here is one example of a break-in technique. Someone phones in to a computer, 
which has been left open temporarily by some user. The lock is unlatched; he 
needs no key to get in. He then seeks to penetrate the inner core of the program, 
such as a bank's program. He creates a deliberate error, which all too often 
triggers a kind of electronic explosion. The protective shell self-destructs, and 
the invader now finds himself inside the system, where far fewer defense 
mechanisms exist. 


Tom designed his own firm's defense against this tactic. His program 
automatically records the source of the error, and throws the user out of the 
program. The program has protection against deliberate errors, but most of them 
don't, he says. A major error simply collapses the program's outer shell. 


In my previous issue, I speculated that a Soviet spy or agent could penetrate 
U.S. computers. Note: I did not assume that he would simply phone in; I 
assumed that a disloyal programmer, or a team, could plant the virus as insiders. 
From there, the virus would spread through the system through normal 
telecommunications. Several people have written in to tell me that a wrecker 
cannot destroy the system by penetrating it from the outside. They may be 
correct. But when informed that I am assuming an inside job by someone with 
access to a major computer, the critics have admitted that this might be possible. 


The weed of crime bears bitter fruit: for honest, computer-dependent people. 
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FEDERAL FUNDS 


The Federal Funds bank transfer lines allow banks to borrow money overnight. 
Hundreds of billions of dollars go across these lines every working day. The 
bank's computers communicate with each other by means of this 
telecommunications hook-up. What if someone were to plant a long-delay virus 
in the software that operates these transfers? And what banker has even thought 
about this problem? 


What if this scenario was to take place: a virus triggers the disruption of bank 
records — not a total breakdown initially, but disruptions in the data? It might 
be weeks or months before auditors recognized the extent of the problem. 


As rumors begin to leak out about complex accounting or other data- 
management problems of major banks all over the U.S. (including off-shore 
branches), the various banking regulatory agencies would be swamped with 
crises and outside rumors. Then, all at once, bank computers begin breaking 
down. 


The rumors then explode. The lines appear in front of banks. The only answer at 
this point is to print up paper money. It would be printed by the hundreds of 
billions in order to offset the deflationary effects of bank runs (paper money that 
is pulled out but not re-deposited in another bank). 


You could topple the fractional reserve banking system all over the world. The 
entire payments system could easily become engulfed in chaos. Debits and 
credits would no longer be meaningful. A pure paper money inflation would 
replace the manipulated, "fine-tuned" monetary inflation of modern central 
banking. 


All of a sudden, market-created alternative currencies would be revived. It 
would then be metallic cash that talks loudest. Silver dimes are not electronic. 
"They can't be infected electronically." They still circulate when banks are 
"temporarily closed, due to circumstances beyond our control." 


The loss of efficiency would be initially horrendous, I would guess. The division 
of labor would break down. You could then have the crash that lurks in the 
minds and suspicions of average depositors. Who says it cannot happen? A lot 
of public relations firms hired by the banks — computer illiterates in high 
places? 


What we have is an internal bank money wire system that is totally vulnerable to 
some vindictive programmer. There is little doubt in my mind that the bankers 
are desperately fearful of this sort of vandalism. It could topple people's 
confidence in the fractional reserve banking system, and confidence is the only 
thing that keeps it going. 


Conclusion. Technologically, there is no solution at this point. I have no 
heartening message. Maybe later; not now. Keep precious metal coins. Don't 


assume that it can't happen here. It can. The only thing holding it back is the 
restraining hand of God, through the temporary self-restraint of a technological 
priesthood. 


[Reviewer's comment: I was unaware of the problem of computer worms and 
viruses until I read Gary North's two articles. His open release of this important 
information is appreciated. ] 


SCALAR EM INNOCULATION AND ITS IMPLICATIONS 


My appreciation goes to Gary North for his openly sharing the above important 
information with the public. Human nature being what it is, one or more of his 
more dire scenarios is going to happen sooner or later. 


The problem becomes enormously more compounded if the hostile agent or 
agents possesses sophisticated scalar EM technology. 


With scalar technology, there exists the potential that the worm or virus can be 
implanted from a distance. If scalar-scanning devices of sufficient precision can 
be developed, then major software residing in a chip, a computer, or on a disk 
can be read from a distance. With scalar EM methods, the ordinary software 
"guards" are totally ineffective. The scalar "reader" could simply read off the 
software directly as the disk or device goes about its normal operations. 


After the software is read, a germ or a virus is designed to produce a particular 
problem as desired and upon special stimulus. Then a scalar "imprinter" device 
is used to produce the necessary digital pulses directly upon the media in which 
the software resides. The required code has now been implanted. In effect, the 
operating system has been injected from a distance, and contaminated with the 
desired "sleeping agent" — germ or virus. From there on, it's just like Gary 
North's scenarios. 


So the scalar EM technology can probably be used (at least eventually) to place 
"mines" in systems in advance, for damage or destruction at a future date. At 
least it's possible in principle. 


However, it's not the injection of computers and equipment that bothers me. It's 
the injection of human beings. Here's generally how it can be done (and possibly 
is being done). 


Basically, human brains have various rhythmic waves, which represent 
"envelope pulsations” of the entire electrical system. However, it is not the Et, 
force fields represented by these pulsations which are important: it is the 
summed-zero (scalar) patterning of the entire complex of neuron firings which 
represents the real activity of the brain — and represents its thoughts and 
emotions. A storage system for these patternings exists, but it's a scalar pattern 
storage, not an E and B field storage. The storage system is in the nuclei of the 
tissues of the nervous system itself, not in electrical or electrochemical 
potentials. 
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At any rate, the human brain rhythms are also "riding along" relatively entrained 
to the Schumann resonance of the earth's magnetic field. So all the patterning of 
the brain is grouped together into giant overall orders, and one or more of these 
is normally synchronized to our natural environment. 


If a varying magnetic signal of extremely low frequency — say 10 hertz — 
bombards the brain with greater power than the earth's magnetic field, it is 
possible for the brain's rhythm to be "forcibly entrained" to synchronize with 
that signal, rather than with the normal Schumann resonance. If a large number 
of brains are forcibly entrained to such a signal, and the signal is artificial, then a 
nester coherent phasing of all the brains to the transmitted signal has been 
accomplished. 


And that can be utilized — and is utilized — by the Soviet Union. On the 
Woodpecker signals, Bob Beck has detected up to 16 carriers, each with a 10- 
Hertz modulation, and with all the 10 Hz modulations in phase. 


Let s stress what we're saying here. At times, the Woodpecker signals have 
shown 16 carrier frequencies that contain the same 10-Hertz modulation, and 
which are all kept coherently sync-locked. 


If those signals and the modulations are strong enough, the brains in a targeted 
area demodulate the 10-Hertz signal and phase-lock to it — actually, to them. At 
that point, the brains are entrained to a 10-Hertz driver, and 16 channels of 
multimegahertz frequencies are locked-in to the brain. 


Now, if the Soviets have broken the genetic code of the human brain (which 
they have) and succeeded in developing the ability to implant thoughts, 
emotions, pictures, etc. (which at least to a degree they have), then they can 
simply record the proper signals from human guinea pigs, using scalar 
technology and instrumentation. 


They can tailor those signals and add them onto the Woodpecker carriers, using 
scalar EM techniques. By using most of the sixteen carriers as a means to 
express Fourier frequency expansions, specific areas and functions of the brain 
can be targeted. 


"Notice that the distant transmitters already "know" the correct phasing, just use 
the 10 Hertz modulation signal as a reference. In that case, phasing takes care of 
itself inside the captured human brains. 


The brain has a unique characteristic. Ifa signal arises inside it, it interprets that 
it itself originated the signal. Thus for the first time in history, true unwitting 
robot actions and emotions can be engendered in masses of human beings. 


But it's still worse. The Kaznacheyev experiments (see references) proved 
conclusively that electromagnetic signals can carry and transmit cellular disease 
and death patterns into a targeted biosystem. You can rest assured that the 
Soviets continued on to actually measure and determine a wide variety of death 
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and disease scalar patterns. All of that can be added on to the Woodpecker 
carriers so that the population in the intersection grid area is devastated. One can 
even test it out in advance by producing a modified pattern of a disease in the 
targeted populace, and keeping the percentage of brains entrained down to a 
small level. This lowers the number of persons "injected" from a distance to a 
small percentage of the populace. Then the outbreak of the "new strain" of a 
familiar disease — such as influenza, pneumonia, and something like AIDS — 
can be monitored to provide targeting and effectiveness data. Notice that a series 
of diseases was experienced by U.S. personnel assigned to the U.S. Embassy in 
Moscow, probably as a result of the so-called "Weak microwave radiation" of 
the Embassy by the Soviet Union. 


But that's not all. Much more subtle effects can be produced in the targeted 
populace, without anyone getting wise. Cancers and leukemia should be 
relatively easy to induce. Also, the immune system can simply be attacked 
directly. If done slowly, a series of common, ordinary diseases will just seem to 
get "tougher and tougher to cure." Actually it's not the disease that got tougher, 
it is the immune systems that got weaker. It is my opinion that precisely that sort 
of testing — against the immune system — has been accomplished by the Soviet 
Union against the U.S. since about October 1985. A great percentage of 
influenza patients during the period from then until now have had complications. 
So much so that multiple sessions — as many as 3 to 5 — of antibiotics are 
necessary before the patient recovers. At least in the Huntsville, Alabama "hinge 
pin" area, that seems to have been the case. This author personally experienced 
this, having influenza and follow-on complications for a period of seven months 
— something quite different indeed for him. 


But it's even worse. 


The human scalar EM nervous system ("inside" the ordinary EM signals and 
functioning of the system) also has its own resident "software." It has special 
storage media contained in its brain, its cells, and its genetic material, and its 
actual nucleons. All of these storage media are continually telecommunicated 
with via scalar EM means. Those recordings, largely condition the "stability" of 
what each of us is. As personalities we literally "are" what we have experienced, 
felt, thought, and did. Our whole "functioning conscious system" has been 
evolved by our experience, and it continues to be "us" by means of continual 
reference to the record base. 


I hope you now realize that the actual record base itself can conceivably be 
altered by scalar electromagnetic means, even from a distance. Even by the 
hidden scalar EM content of 16 Woodpecker carriers, rocked into a captured 
brain and pouring in their deadly content. It is conceivable that even what one is 
can be taken from him, and what someone decides he will be, he will be. 


A totally new — and ultimate — form of "slavery" has emerged. 
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Also, look at all this scalar EM functioning of the human system as a special 
kind of cybernetics. A scalar EM computing software and hardware system. 


What if scalar techniques are used to plant "worms" and "viruses" in this 
system? With hidden triggers? What about a series of them, so that a range of 
eruptive software diseases can be stimulated at will? 


And guess what. Such scalar EM "worms" and "viruses" can even be induced by 
contact with or consumption of "contaminated" water and food. Or saliva. Or 
other body fluid. 


So you can see the possibilities of "seeding" a population with a staggering 
variety of time-bombs. 


I think you begin to see the point. Now you can change North's "Soviet 
blackmail" scenario drastically. In a new scenario, Gorbachev simply announces 
to Reagan that a graduated series of specific sweeping changes are going to 
happen in our population — changes which we are absolutely powerless to stop. 
The last stages are various deaths. The master "trigger" for this series has 
already been initiated. Incidentally, the Soviet populace has been carefully 
"seeded" with the proper antidotes. The Russian leader demands certain things 
(very similar to what North's scenario utilized). Unless his demands are met, a 
"killer virus" will be activated by a special signal. If so, everyone dies. The first 
step change in the series will start to occur in a few hours. And it does. 


In fact, this scenario could be added to North's scenario, and both used 
simultaneously. What do you think the President and the Congress would do? Or 
could do? 


There are other even more diabolical possibilities, but these should be quite 
sufficient to illustrate the point. 


Pandora's box has already been spilled, and the end of humanity is ticking away 
like a time bomb. It's already nearly midnight, and the watchman hasn't even 
sounded the alarm yet. 


I certainly can anticipate the next question: Have the Soviets already "seeded" 
the populations of the U.S. and other selected western nations with scalar EM 
viruses and germs7 


The answer is, I simply don't know. And just like Gary North, I don't know what 
if anything can be done about it if they have. This researcher certainly doesn't 
have all the answers. An immediate national crash program to develop scalar 
EM defenses is essential if we are not simply to be crushed beneath the hammer 
and sickle. It takes funding, people, facilities, and time. 


In some 22 years of unrelenting struggle to convince the system we've got a 
terrible problem, I've hardly been able to move it off dead-center (no pun 
intended). This book, produced under extreme workload stress, is all I can do to 
raise the alarm. I've given it my very best shot. 
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What happens now remains to be seen. Other hands, hearts and minds are going 
to have to take up the task and carry it forward. This researcher has reached his 
limit, and has no more left to give. 


The Tom Bearden Website 


APPENDIX HII: CONTINUING THE SCENARIO 


On May 3, 1986 a stunning loss of a U.S. Delta rocket carrying a critically-needed weather 
satellite occurred. The rocket suffered a shutdown of its main engine during launch and began to veer 
off course, causing the range safety officer to destroy it. 

The takeoff of the blue and white Delta "workhorse" from launch Pad A at Cape Canaveral at 
first appeared picture-perfect. About a minute later, six of the nine booster rockets were expended 
and the remaining three switched on. Shortly after that, the rocket seemed to lose power. The main 
liquid-fueled engine had suddenly shut down, with the three strap-on boosters still burning. The 
rocket then had no stability and started to slowly drift off course, creating an increasing angle of 
attack. Within a few seconds, the nose cone snapped off under the severe stress. The U.S. Air Force 
range safety officer then sent a destruct command to the stricken rocket, which exploded in a ball of 
flame. 

The Delta, built by McDonnell Douglas, had previously piled up a continuous string of 43 
successful launches. Since 1960, 177 launches have occurred, and the success rate has been 94%. The 
Delta is one of the most reliable rockets ever built. 

The unexpected shutdown of the main engine was perplexing. At a news conference following 
the mishap, William Russell. NASA's Delta project manager. stated: "It was a very sharp shutdown. 
almost as if it were a command shutdown." 

Preliminary data, such as turbine speed and temperatures in and around the engine, "all appeared 
to be very normal." Russell said. 

It may well have been a "command shutdown," unknown to Bill Russell and his NASA 
engineers. 

Preliminary runs of the videotapes of the incident, aired by the national TV news media, show 
that during liftoff, a mysterious light approached the rocket from below and from the side. rising and 


striking the vehicle. This light and its path are strongly reminiscent of the first anomalous "light 


streak and ball" photo taken by Bob Gladwin just prior to the shuttle launch on November 26, 1985. 
Let' s suppose that on May 3 the Soviet scalar EM grid was in the launch Phase ABM system 


mode and was tracking the launch of the Delta rocket. 

If the anomalous light that moved up and contacted the rocket was a small ball of continuous 
electromagnetic energy formed by a distant Soviet scalar EM howitzer, then the rocket's main engine 
control circuits would have received a sudden and continuous pulse of EM power. This would 
probably have shutdown the engine by an actual "command" signal, artificially delivered. * 





*Engineers have now determined that such a shorting of the engine circuitry occurred, causing engine 
shutdown. 


Certainly such mysterious switching of satellite circuits has occurred before, probably due to 
Soviet scalar EM precision testing. For example, the British Ariel VI satellite has exhibited very 
strange anomalies in its command and control circuitry -- in fact, with very precise control switching 
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being exhibited as if from an external source. 

Thus a very small scalar EM missile may have been utilized by the Soviets to disrupt the control 
circuits in the rocket. A resulting pulse of power in the engine shutdown command circuit could have 
"ordered" the shutdown of the main engine -- just as it appeared. 

It remains to be seen whether or not the Soviets used a "marker beacon" associated with the 
disruption of the Delta launch. One news photograph seems to contain a suggestion of such a light, 
but the videotapes must be studied frame by frame before it can be ascertained exactly what if 
anything is really there. 

If a marker beacon was not used, the distant Soviet operator could simply have "popped out" the 
continuous EM ball of energy, tracked it and the ascending rocket exhaust, and "joysticked" the 
scalar EM missile up into the rocket. 

Analysis of this incident is continuing, so nothing is certain as we go to press. 

However, if this incident was indeed another Soviet kill, then it will have served the Russians 
well. Much of the world's media attention will now be focused on NASA's launch difficulties, and 
away from the recent Chernoby] nuclear reactor disaster in the Soviet Union. It's bound to take some 
of the media pressure off the Soviets. 

In addition, it further cripples the U.S. satellite program. Loss of this critical weather satellite 
payload seriously reduces U.S. weather monitoring capabilities. 

Further, the U.S. space program now appears to be all but grounded by the Challenger, Titan, 
and Delta explosions. For example, it will require about 18 months for the U.S. to redesign the shuttle 
so that America's shuttle program can get going again. So things are delayed until summer of 1987 at 
the earliest. 

Meanwhile, the Russians are set to grasp the lead in the space race. In 1985 they launched about 
100 rockets, five times as many as the U.S. They have a shuttle program of their own, well underway, 
with a flight expected within months. Earlier this year, they launched Mir, a second generation space 
station; a U.S. version is still some eight years away. 

Charles Vick, of Huntsville, Alabama's Space and Rocket Center, summed it up: "They have 
their standard military program, a shuttle program and the equivalent of an Apollo program, all 
within a 10-year period. It's awesome." 

An experienced propagandist like Gorbachev certainly understands the advantages of a strong 
Soviet push into space, such as (1) military advantage, (2) national prestige, (3) scientific 
achievement, and (4) projecting an image in the world's news media that the Soviets are first in space 
exploration. 

So the failure of the Delta rocket provides many benefits to the Soviet Union. 

It also continues to exercise and demonstrate Soviet mastery of the skies over North America 
itself. 

Meanwhile, two U.S. nuclear submarines have "inadvertently" run aground in the last month or 
so. 

Gorbachev again seems disposed toward a summit meeting soon. 

If it's held, the agenda may be quite different from the one President Reagan is prepared for. 

The clock ticks on toward midnight. 
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1. It is actually a unified field theory since the infolded electrodynamics 
inside all EM potentials, fields, and waves is utilized—and the internal 
electrodynamics forms spacetime curvatures and dynamics of those ST 
curvatures. 


2: M. W. Evans, "0(3) Electrodynamics," Modern Nonlinear Optics, 2nd 
Edition, M. W. Evans (Ed.), Wiley, New York, 2001, Vol. 2, p. 79-267. 


3. David J. Bohm, "A Suggested Interpretation of the Quantum Theory in 
Terms of'Hidden' Variables, I and II." Phys. Rev., 85(2), Jan. 15, 1952, p. 166- 
179 (Part I); 180-193 (Part II); — "Quantum theory as an indication of a new 
order in physics." A:, Found. Phys., Vol. 1, 1971, p. 359; B: "Implicate and 
explicate order in physical law," Found. Phys., 3(2), 1973, p. 139-168. 


4. Mendel Sachs, General Relativity and Matter, Reidel, 1982; — 
"Symmetry in Electrodynamics: from Special to General Relativity, Macro to 
Quantum Domains," Modern Nonlinear Optics, 2nd Edition, Wiley, New York, 
Vol. 2, p. 677-706. 


5: M. W. Evans, P. K. Anastasovski, T. E. Bearden et al., "On Whittaker's 
Representation of the Electromagnetic Entity in Vacuo, Part V: The Production 
of Transverse Fields and Energy by Scalar Interferometry," J. New Energy, 4(3), 
Winter 1999, p. 299-301 gives a basic mathematical expose of scalar 
interferometry. 


6. James Clerk Maxwell, "A dynamical theory of the electromagnetic 
field," Phil. Trans. Roy. Soc, Vol. 155, 1865, p. 71,459. Orally presented in 
1864. This was Maxwell's definitive presentation of his theory, with 20 
quaternion and quaternion-like equations in 20 unknowns. Also in The 
Scientific Papers ofJames Clerk Maxwell, edited by W. D. Niven, Dover, New 
York, 1952, Vol. 1, p. 526-604. 


V In T. E. Bearden, Gravitobiology: A New Biophysics, Cheniere Press, 
Santa Barbara, Ca. www.cheniere.org, 1991 we first exposed the quantum 
potential weapon and some of its uses and characteristics. 


8. A negative energy EMP weapons strikes the target or target area with 
an extreme pulse of negative energy empty Dirac Sea 4-holes. As a result, the 
free electrons flowing in electrical currents in the struck target instantly 
disappear by re-absorption into the Dirac Sea. A living body struck by such a 
blast is totally and instantly dead in every smallest part, since all its brain and 
nervous system currents, cellular currents, etc. are instantly and totally 
extinguished. The Russians tested this weapon in the 1980s in their war in 
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Afghanistan, against two Afghan villages. I spent two hours in Washington D.C. 
with the then-representative of the Mujahedin to the U.S. Government, verifying 
the incidents and going over the exact characteristics of the instantaneous deaths 
of those villagers. With such a sudden death, the mind-body interconnection 
loop is instantly severed, so that the mind is instantly snapped loose from its 
connection to the body—hence my use of the term "MindSnapper."” The struck 
body usually emits longitudinal EM waves for an extended period, so that 
vultures and other predators will not approach the bodies and eat them. All 
bacteria, viruses, etc. in the body are also killed instantly, and the body does not 
decay, even in 30 or 60 days. 


9. As can be seen, the negative energy EMP weapon is an all-purpose 
weapon extremely effective against every kind of target: missiles, aircraft, 
communications, satellites, ships and particularly aircraft carriers, personnel, 
generators, power systems, the electronics of nuclear warheads, submarines, 
tanks and vehicles, and the electrical and electronic controls of any kind of 
machinery or equipment. Such weapons are the second most powerful weapons 
on earth. In the first part of 2002, a U.S. 2-carrier task force maneuvered in the 
South China Sea as a precautionary warning to the Chinese that we would 
defend Taiwan. Unknown to that fleet, tracking it and trained on it were the 
newly deployed Chinese negative energy EMP weapons, which could have 
destroyed the entire task force—everything in it—with a few shots in less than 
10 minutes. 


10. T. E. Bearden, Energyfrom the Vacuum: Concepts and Principles, 
Cheniere Press, Santa Barbara, CA, 2002. Chapters 1 and 2 give a deeper 
coverage of this and similar foundations principles. 


11. As is well known, Russian theoreticians have always been the best 
nonlinear scientists on Earth, since the beginning. They still are. 


12. See T. E. Bearden, "Giant Negentropy from the Common Dipole," J. 
New Energy, 5(1), Summer 2000, p. 11-23 for solution of the source charge 
problem. On DoE restricted website http://www.ott.doe.gov/electromagnetic/ 
and on www.cheniere.org. The problem of the source charge can be solved by 
treating (with the modern quantum field theory viewpoint) the "isolated" 
observable charge and its cluster of virtual charges of opposite sign as a 
composite dipole. Because of the broken symmetry of its opposite charges, any 
dipole or dipolarity continuously receives virtual energy from the seething 
vacuum, transduces it into real observable EM energy, and pours out observable 
photons in all directions at the speed of light. See also E. T. Whittaker, 1903, 
ibid. There is a scalar potential between the ends of each dipole. The scalar 
potential may be decomposed into a bidirectional set of longitudinal EM phase 
conjugate energy from the time dimension (from the imaginary plane) and 
outputs that EM energy in the real 3-space. 3-space conservation of energy flow 
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is violated, but 4-space conservation of energy flow is upheld. This rigorously 
follows from the discovery of broken symmetry of opposite charges in 1957— 
one of the types of asymmetry for which Lee and Yang received the Nobel 
Prize. 


In classical electrodynamics, the charged particle itself is assumed to be the 
source of its own fields and potentials. In other words, the charge is implicitly 
considered to be creating—tright out of nowhere—the Poynting energy flow it 
continuously pours out across the universe in all directions. That makes the 
charge a perpetual motion machine of the grossest kind, violating the maxim 
that energy can neither be created nor destroyed. 


So the greatest perpetual motion advocates of all times are our own classical 
electrodynamicists and electrical engineering departments and professors who 
still ignore the active vacuum interaction that is missing from the classical 
model. They thereby ignore that the charge is a broken 3-symmetry in its violent 
exchange of virtual energy with the active vacuum, and merely organizes and 
emits in observable form a fraction of the energy it continuously receives from 
the imaginary plane (from the time domain). Yet, that broken symmetry has 
been known in particle physicists, both experimentally and theoretically, for 45 
years. 


When Maxwell wrote his theory, neither the electron, the atom, nor the nucleus 
had been discovered. There was no knowledge of the Drude electron gas, 
electron spin, etc. There was no knowledge of the nucleus of the atom, and even 
the atom itself was still contentious. A thin material ether (fluid) was believed to 
fill all space, so that no point in all the universe was empty of mass. 
Consequently, E and B were conceived as physical force fields in a material 
medium—the luminiferous ether. All Maxwell's equations—including the 
subset selected and modified by Heaviside that today are called "Maxwell's 
equations"—assume this material ether to this day. 


Electricity was thought to be a "thin material electric fluid" running through 
wires like water through a pipe. The magnitude of the potential was not used; its 
reaction cross-section was calculated and erroneously used as its magnitude, as 
it is today (although a good electrodynamicist does know that it is only the 
intensity of the potential, not its magnitude). 


Faraday believed that his "lines of force" were taut physical "strings" in this 
material ether, and that EM perturbations were the vibrations of these taut 
strings. As he clearly states in his 1873 Treatise..., Maxwell sought to capture 
Faraday's work exactly. He simply assumed Faraday's "plucked taut string" 
waves. Later the measurement in instruments of what was actually the lateral 
gyroprecession of electrons in receiving wires was thought to prove that the 
incoming ether vibrations were transverse, like those string waves, because the 
detected electric fluid (electron precession) waves in the receiving wire were 


transverse. The drift velocity of electrons longitudinally in a wire (in a typical 
case, several inches per hour) was unknown. A charge qg was just a piece of 
electric fluid, much like a cubic centimeter or other volume of fluid; it had no 
connotation of "charged particle." There was no concept in all of physics of EM 
energy flowing through space. There was no knowledge that the same fields 
created in the transmission wire, which perturbs the Drude electrons laterally, 
also perturbs the positively charged nuclei laterally, in the opposite direction, 
highly damped but with equal energy. 


There was no way to realize that the energetic perturbation of the curvature of 
spacetime around the sending wire antenna, by the Drude electron perturbation 
energy, is simultaneously accompanied by an equal and opposite perturbation of 
the curvature of spacetime in the opposite direction (energy density, not 
amplitude of the disturbing wave, determines the degree of curvature of the 
surrounding spacetime). Hence Maxwell omitted precisely one half the EM 
energy, one half the EM wave, and one-half the electrodynamics. As a 
consequence, the "Newton's third law recoil" of the nuclei today is thought to 
spontaneously arise as if some mystical demon observes the Drude electron 
perturbations, and simultaneously kicks the positively charged nuclei in the 
equal and opposite direction. Hence Newton's third law, so to speak, is 
erroneously still omitted from classical electrodynamics, and the better texts say 
SO. 


In the 1880s, the Michelson-Morley experiments falsified the material ether. Not 
a single one of the Maxwell-Heaviside equations were ever changed to this day. 
Instead, the electrodynamicists eventually announced that, since there was no 
longer an ether, they were not using one! Then a total non sequitur was 
incorporated: that in massfree space, the same E and B fields (defined as 
material entities and thus existing only in mass) still remain but the forces go to 
zero. Simple algebra reveals this clever, insidious faux pas, using the E-field as 
an example: First, F == d/dt(mv), so mass is a component of force. (This reveals 
the great error due to the hoary old notion that a separate force acts upon a 
separate mass; the mass is a component of the force, and the force is a coupled 
system of a curvature of spacetime and a charged mass.). Then E == F/q, which 
rigorously holds when mass is present. 


Now for whatever reason, let F= 0. Then F/q = 0 and E = 0 also, else we must 
discard algebra. What actually remains is easily explained in general relativity 
terms (available since before 1920). The couplet of a curvature of spacetime and 
a charged mass is broken up by absenting the mass. What remains is that 
specific curvature of spacetime. GR assures us that curved ST acts upon mass, 
and that any force involves a curvature of ST. Yet in more than 80 years, this 
erroneous old "material ether remnant" in electrodynamics has been fiercely 
defended. Every textbook today uses and confuses the E and B fields in two 
dichotomous fashions: (1) as massive force fields existing only in the presence 
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of mass, and as "massless force-free fields" existing only in the absence of mass. 
This of course is a non sequitur. 
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universe. Rankine first used it. G. Helm in 1887 revived Rankine's term 
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(which today we would call potential and kinetic energies). William Ostwald in 
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thing in the universe) to the forefront. Thus when the Russians developed new 
extensions and principles in weapons physics, they simply used the historical 
notion of "energy as the primary thing in the universe" and adopted the earlier 
name for it: energetics. 


16. Later when Khrushchev demanded a 100% antimissile defense, famed 
Russian Nobelist Petr Kapitsa answered, "Jfa means of total neutralization of 
foreign missiles is to be found, it can only come from a group ofnew principles 

in physics, called energetics ". 


17. See T. E. Bearden, "Mind Control and EM Wave Polarization 
Transductions, Part I", Explore, 9(2), 1999, p. 59; Part I, Explore, 9(3), 1999, p. 
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of the KGB energetics weapons. However, because of the third branch 
(psychoenergetics: engineering the mind directly), Sachs' work would appear to 
need further extension along the lines indicated by the present author in the cited 
paper. 
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Electromagnetic Field Theory," in T. W. Barrett and D. M. Grimes, eds., 
Advanced Electromagnetism, World Scientific, 1995, p. 551. The Sachs theory 
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already expresses the greatest generalization possible of electrodynamics, and 
fully justifies the preceding view. 


20. See Whittaker, 1903, ibid.; — "On an Expression of the 
Electromagnetic Field Due to Electrons by Means of Two Scalar Potential 
Functions," Proc. Lond. Math. Soc, Series 2, Vol. 1, 1904, p. 367-372. The 
latter paper was published in 1904 and orally delivered in 1903. Per these two 
Whittaker papers, it is known that (1) ordinary EM fields and waves are the 
result of interference of two or more scalar potential functions, (ii) scalar 
potentials are comprised of harmonic sets of bidirectional EM phase conjugate 
wavepairs, (iii) all ordinary EM fields and waves and potentials have LW EM 
dynamics internally, and (iv) in theory, this "infolded" electrodynamics can be 
engineered. Sachs' theory dramatically extends the richness of that internal 
electrodynamics ignored in the West, and highlights the general relativity (sets 
of spacetime curvatures, or "engines", involved). 
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25. As an example, the U.S.S. Skylark, surface companion of the Thresher, 
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in Russia—since then. Senator Sam Nunn's investigations revealed the presence 
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of the Aum Shinrikyo in Russia, to include establishing a university there. His 
investigators missed the Yakuza involvement and also missed the exotic 
weaponry aspects as one might expect. 


27. I concluded from this remark that TEMPEST techniques are probably 
used at some nearby site not too distant from my home here in Huntsville, to 
read and record my work as I write it on the computer. That appears to be a good 
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Mar. 1954, p. 211. 


110. H. C. Urey, "On the Early Chemical History of the Earth and the Origin 
of Life," Proc. Nat. Acad. ScL, 38(4), 1952, p. 351-363. 


111. I.e., one may speak of the "potential" of a specific engine of a former 
life form, and then realize that the potential for that form reduces in magnitude 
inversely as the radial distance from the Earth. However, it does not reduce to 
zero until an infinite distance is reached. 


112. As an example, a great EM energy flow—produced by the cross 
product ExH of the earth's magnetic field and the earth-to-electrosphere electric 
field—flows from West to East around the earth, nearly parallel to the equator. 
Infolded in that great EM energy flow are all the structures of all the genetics 
and life forms on earth, or that have ever been on earth and conditioned the 
natural scalar potential of the earth. The vials in the laboratory experiments of 
Miller, Fox, and Urey were all continually bathed in that great energy flow, 
which within it contained the entire life structure and dynamics of the planet. So 
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the scientific community. 


113. Vlail Kaznacheyev and L. P. Mikhailova, Ultraweak Radiation in 
Intercellular Interactions, [in Russian], Novosibirsk, 1981 [an English 
exposition of much of the Kaznacheyev work is given in Vlail Kaznacheyev, 
"Electromagnetic Bioinformation in Intercellular Interactions," Psi Research, 
1(1), Mar. 1982, p. 47-76.] Kaznacheyev, e.g., appears to have headed the 
Soviet team actually producing the basis for the disease-inducing technology 
utilized for four decades in the microwave radiation of the U.S. Embassy in 
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114. Specifically, the down payment was $900 million in gold. The lease is 
probably about $1 billion per year. Thus the Yakuza acquired very powerful 
strategic weapons, and became a secret power to be reckoned with 
internationally and strategically. Since 1990, weather engineering over the U.S. 
and occasional shootdown of aircraft (such as the TWA-800) have been by 
rogue Japanese fingers on the scalar interferometer weapon triggers, on site in 
Russia. 


115. The Yakuza has also transferred some of the longitudinal EM wave 
interferometry technology to their Japanese facilities. One such system has 
apparently been deployed in the power grid, and has been used to kill some 
government officials who opposed the Yakuza. This information was obtained 
by some brave Japanese risking their lives to get the information to the present 
author. 


116. Many important KGB weapon tests happened in April of various years; 
the KGB weapons folks were simply preparing for their May Day reports, and 
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117. Sen. Sam Nunn's investigation teams verified that the Aum Shinrikyo 
were actively seeking the "Tesla Weapons", with the Aum Shinrikyo even 
visiting the Tesla Museum in Beograd for that purpose. We have 100% certain 
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systems. They also should have had weakened cellular regenerative (healing) 
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five dozen of the recovery personnel did come down with those exact 
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Energy, 5(1), Summer 2000, p. 11-23 gives the solution to the long-vexing 
source charge problem. The paper is also carried on DoE restricted website 
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123. Two examples of inane articles and actions in this respect, revealing no 
knowledge that every charge in the universe already exhibits COP = 00, are (a) 


Graham P. Collins, "There's No Stopping Them: Perpetual Motion is alive and 
well at the U.S. Patent Office," and (b) Resolution by the Executive Board at the 
June 2002 meeting of the American Physical Society (APS) as follows: "The 
Executive Board ofthe American Physical Society is concerned that in this 
period of unprecedented scientific advance, misguided orfraudulent claims of 
perpetual motion machines and other sources of unlimitedfree energy are 
proliferating. Such devices directly violate the mostfundamental laws of nature, 
laws that have guided the scientific progress that is transforming our world." So 
the learned APS has just declared the source charge as an unacceptable "free 
energy" machine and perpetual motion machine, since the charge simply sits 
there and continuously pours out real observable EM energy in all directions at 
the speed of light, without any observable EM energy input. Thus the APS has 
implicitly declared all EM fields and potentials and their energy—which 
includes every joule of EM energy in the universe, in matter or in space—to be 
unacceptable byproducts of perpetual motion nonsense. We heartily call upon 
the APS in the name of science to enforce their resolution in the orthodox 
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do that, or stand hoisted on their own petard as a dogmatic group still very much 
unaware of why the Nobel Prize was awarded to Lee and Yang in 1957 and 
what the proof—by Wu et al—of the asymmetry of opposite charges means 
with respect to the source charge considered in its modern quantum field theory 
view as a dipolarity of a bare infinite central charge surrounded by clustering 
virtual charges (also infinite charge) of opposite sign in the active vacuum. 
Every electrical engineering department and professor and textbook still uses a 
model and teaches a subject assuming that every charge in the universe freely 
creates energy from nothing at all. Further, the APS in every annual meeting 
also tolerates, encourages, and publishes multiple papers and presentations with 
the same such unacceptable perpetual motion assumptions in them. Such is the 
lofty understanding of our present organized scientific community, which seems 
much more politically bent than scientifically bent. The simple Bohren 
experiment and the entire area of negative resonance absorption of the medium 
has long been established in nonlinear optics, and such experiments widely yield 
a nominal COP = 18. In other words, the experiments nominally output 18 times 
as much energy as the operator inputs, and the excess input energy is furnished 
absolutely for free from the active vacuum's exchange. In this case the Executive 
Board of the APS is not even aware of what its own physics discipline has long 
proven and accepted in particle physics, for nearly a half century. Neither are the 
self-appointed defenders of the faith, who also are totally unaware of what 
physics has already proven with a Nobel Prize awarded nearly a half century 
ago. 
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"Experimental Test of Parity Conservation in Beta Decay," Phys. Rev., Vol. 
105, 1957, p. 1413. We also quote Nobelist T. D. Lee as follows: "Since 
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observable. The experiment of Wu, Ambler, Hayward, Hoppes and Hudson... 
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electricity." [T. D. Lee, Symmetries, Asymmetries, and the World of Particles, 
U. Wash. Press, Seattle, 1988, p. 11.]. 


125. Dilip Kondepudi and Ilya Prigogine, Modern Thermodynamics: From 
Heat Engines to Dissipative Structures, Wiley, New York, 1998, reprinted with 
corrections 1999. 


126. See "Secret Speech: Did Brezhnev Come Clean?" National Review, 
29(8), Mar. 4, 1977, p. 248, 250 
127. For the energy description of this device and some results, see Floyd 


Sweet and T. E. Bearden, "Utilizing Scalar Electromagnetics to Tap Vacuum 
Energy," Proc. 26th Intersoc. Energy Conversion Engineering Conf. (IECEC 
'91), Boston, Massachusetts, p. 370-375. 


128. Also see my book, Energyfrom the Vacuum, 2002, ibid, which 
includes photographs of the self-powering Sweet device, courtesy of Walter 
Rosenthal. 


129. Roy Brewer was very active in Hollywood Unions against Communists 
when they were busily penetrating the Hollywood complex. He was a staunch 
anti-communist, fighting them out of control of the unions, way back when. 
Ronald Reagan was a personal friend of his of long standing, and Roy had open 
access to the White House when Reagan was President. 


Roy briefed Reagan on the Russian scalar weapons, and Reagan believed him. 
Three times, Reagan ordered his Secretary of Defense to take action in that area, 
but neither of the three did so because the U.S. Intelligence Community did not 
believe it and adamantly opposed any such action. We took quite a beating in 
those days, for quite a long time (some years), before certain key parts of the 
Government finally believed us, checked it out experimentally, and found that it 
worked. 


Roy also introduced me to the Duke de Grantsmesnil, one of the last of the great 
old British intelligence men, now unfortunately deceased. In the hectic 1997 
days when we were trying desperately to warn a little friendly nation (and our 
own) against a coming great strategic strike on the U.S. and other allies, the 
Duke played a major role in introducing us directly to higher political levels in 
that little nation - which was the only nation on earth that could counter the 
pending strike. The first planned strike scheduled in February 1997 was 
successfully countered, only to be immediately rescheduled. In the second 
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incident, the attack was scheduled for May 1, 1997. We finally realized why the 
hostile nation could reschedule and go ahead, and needed then to warn the little 
nation of the reason in some detail. We had tried everything to get certain 
information through, and all means had failed. A former ambassador of that 
nation to Great Britain was also assassinated during that struggle. Roy Brewer 
was one of the key fellows assisting in that attempt, as were other personal 
colleagues of mine who also were witnesses and direct participants in those 
desperate events. When all else failed, I finally just faxed the Prime Minister 
directly, in the clear, some five days before the attack, urging the most urgent 
and immediate action possible by the Prime Minister. A complete change in 
command and control of the weapon was required, and that change had to be 
made and then the hostile nation had to be notified that the change was in place 
(and probably shown that it was). The Prime Minister accepted the message and 
the necessary action was carried out immediately. So two days or so before the 
actual attack was scheduled, that great hostile armada began standing down. Oh, 
the hostile nation and its leaders could have easily destroyed the entire United 
States in two hours or so, without fail! But then their own country would have 
promptly disappeared from the face of the earth. So they stood down. And our 
own Intel community never even picked it up (they did get my messages alerting 
the U.S. Government, but thought it was ajoke or something). They, of course, 
also intercepted my open fax to the Prime Minister, and so were all over me for 
that one for a while thereafter. 


Interestingly, at the very time that great armada was just beginning to stand 
down, then Secretary of Defense William Cohen made the following statement 
at a conference in Georgia: "Others are engaging even in an eco-type of 
terrorism whereby they can alter the climate, set off earthquakes, volcanoes 
remotely through the use of electromagnetic waves...so there are plenty of 
ingenious minds out there that are at work finding ways in which they can wreak 
terror upon other nations...It's real, and that's the reason why we have to 
intensify our efforts, and that's why this is so important." Secretary of Defense 
William Cohen at an April 1997 counterterrorism conference sponsored by 
former Senator Sam Nunn. Quoted from DoD News Briefing, Secretary of 
Defense William S. Cohen, Q&A at the Conference on Terrorism, Weapons of 
Mass Destruction, and U.S. Strategy, University of Georgia, Athens, Apr. 28, 
1997. 


Ironically, the Secretary was referring to the earlier scalar interferometer 
weapons, and now the quantum potential weapons etc. He was completely 
unaware that a great strategic strike had actually been scheduled and was just 
being aborted as he was speaking those words. 


Roy Brewer is one of those fellows who has been a great American, has served 
his country admirably during his lifetime, and contributed greatly to preventing 
a planned take-over by the Communists of the labor unions of America. In 
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addition, he helped set up the contacts with the friendly liltle foregn nation, so 
that on four occasions planned attacks to destroy the United States have been 
successfully aborted or handled. 


As you know, one of the great failures in the Communist plan to have America 
go communist was their failure with the labor unions. And we owe that failure to 
the steadfast efforts of some staunch folks like Roy Brewer. He helped save our 
nation when many of us were still wearing knee pants. 


130. Wheeler's principle, as stated in W. Misner, K. S. Thorne, and J. A. 
Wheeler, Gravitation, W.H. Freeman and Co., San Francisco, 1973, p. 5. 


131. With the new improvements we uncovered, treatment time can be 
reduced to 5 minutes per patient. Three such treatments one week apart would 
be what are required. Hence one machine station could treat a patient every five 
minutes, around the clock. With sufficient portable treatment units, mass 
treatment for mass casualties would become a practical reality. 
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Dedication 


This book is sincerely dedicated to the millions of persons 
who have died needlessly of cancer, leukemia, and AIDS in the 
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electromagnetic medicine so long suppressed will flower, 


and save the millions otherwise yet to die. 


iii 


Special Acknowledgements 


Mr. Christopher Bird's kind permission to print, his summary ofthe 
Priore Affair is gratefully acknowledged, as is the contribution of his 
own extensive Priore research material to this effort. The author 
owes a great debt indeed to Chris Bird for his magnificent assistance. 


Mr. Robert Whitney graciously contributed rare photographs of 
Antoine Priore's device and also translations of background papers 
by French scientific journals. His previous valiant though fruitless 
efforts to bring the Priore machine into the mainline of Western 
medical treatment are specifically recognized and commended. 


Vital contributions by Drs. Robert B. and Theodore A. Strecker are 
particularly acknowledged. Their March 1986 alert to the federal 
government, that AIDS was a deliberate biological attack spawned 
by Soviet agents working in Western research laboratories, is 
specially pointed out. 


Heroic efforts by Dr. John Seale and other scientists to alert the 
medical research community to the true source of AIDS is specifi- 
cally recognized and gratefully acknowledged. 


Continuing efforts by Dr. William C. Douglass to "tell it like itis" on 
the AIDS crisis is specially pointed out. His permission to extract 
and present an excerpt from his research, pointing out tested healing 
of viral infections by UV irradiation ofthe blood, is deeply appreci- 
ated. 


The unyielding and continuing efforts of Dr. Eva Snead, to alert the 
national authorities to the fact that there is more to AIDS than meets 
the eye, is also particularly recognized and appreciated. 


Decades of effort by John Crane to bring Royal R. Rife's work out of 
suppression are specifically recognized and appreciated. 


Important scalar EM experiments by John Bedini and Frank Golden 
are fully recognized and deeply appreciated. Their experimental 
efforts over a period of years have profoundly influenced my own 
thinking and understanding. 


As always, my great admiration and deep thanks go to my friend Hal 
Crawford, whose keen artistic vision and skilled hand have contrib- 
uted key illustrations to my work for years. 


Other important illustrations and artwork by Messrs. James Tho- 
mas Neumann and Lee Giles are gratefully acknowledged. 


Photographs furnished by John Moray showing his father's pioneer- 
ing free energy work are appreciated. T.H. Moray's genius and 
achievements will yet be recognized. 


Support from the Association of Distinguished American Scientists 
and Mr. Richard J. Reynolds IIL is deeply appreciated. Without that 
support, this effort could not have been accomplished. 


Important contributions from a host ofother colleagues and persons 
are deeply appreciated. These persons include Frank Golden, John 
Bedini, Ken Moore, Tom McLaughlin, Joe Parrot, Randy Davidson, 
George Fencl, Andrew Michrowski, Stefan Possony, Tony Gideon, 
Electra Briggs, and many others too numerous to mention. 


Finally, nothing that I have attempted could have been accom- 
plished at all without the unflinching and loyal support of my 
beloved wife, Doris. 


To all of you I owe a great deal. If this bizarre struggle to save 
humanity is ever won, it will largely be due to the significant contri- 
butions you have made. 


Thomas E. Bearden 
Jan. 17, 1988 


TABLE OF CONTENTS 


DEDICATION? xj ssctecscgeesoereesiind sa ais tehsaasnpes deen a ieliaeeaactoated iil 
SPECIAL ACKNOWLEDGEMENTS.......00000000000cce cece: iv 
TABLE: OF CONTENTS je ichece te ees eerste ans Vi 
LIST OF FIGURES...00000000o occ ee etter xl 
LIS TOR FAB EES ct coccixt el edt Santas Me ocse ta i aie ta hs Seca et a XV 
FOREWORD. 2000000000 ee oie b tne bttteetnriey 1 
What This Book Is About....000000000000 octets 1 
Desperate Diseases, Desperate Remedies.......00..0....0000000000000.. 3 
The "Dirty Dozen’... ccc cette tects 5 
ASTp AMAL OB Yess 8 st tee al sane hig ai th aa ees a kelp ial 6 
THE VACCINE CONNECTION ....000000000c occ! 8 
The "Monkey Bite" Theory... 9 
Retroviruses and Recombinants.....00000000.0000.0 cee 10 
Cancer Research Produced Ideal Biological 
Warfare Agents... ct eeey 11 
U.S. "Cancer War" Labs Were Infiltrated .000....000.000000.... 12 
The Deed Was Easily Done........000000..000000000 eee 14 
It's Actually Documented......000020000 ote 15 
Soviet Biological Warfare Background....................0..0..0000.. 17 
We Need An Immediate, Full-Scale Investigation................ 20 
THE SOVIETS KNEW THE U. S. WOULDN'T REACT............: 24 
Administering the Coup-de-Grace...0000000....00 24 
Murky "Behind-the-Scenes" Intentions.......00.0000000000000000000..: 26 
The USSR Has Repeatedly Verified 
Our Nonreacton «9.26002 ene coe tena Mee 30 
The Asian Tiger Mosquito: A New and 
Efficient “V CCtOP es: e2erexeek ieee hapdomeayth Aaa dite tewe 62 


vi 


TABLE OF CONTENTS 


WORLD WAR III IS RAGING AND WE'VE 


NEARLY LOST IT. ee! 66 
More On Aids Doubling Time... ee 66 
World War III is Already Raging 000000 68 
Communism is Savage Enough to Do 

Diabolical Things...000000 cece! 68 
Western Medicine is Inadequate... 69 
The Soviets Will Not Be Decimated 0.0. 71 

EXTRAORDINARY PHYSICS... 74 
Maxwell's Lost Unified Field Theory. ...........00000000000e 74 
Heaviside's Mutilation of Maxwell's Theory......000000..0..........: 83 
Building Upon Whittaker's Fundamental Work.................... 86 
Symmetry and Parity... eects! 90 
Charge-Parity-Time and Negative Energy............0000000........! 97 
Free Energy and Antigravity...000000000 0c 100 
Phase Conjugation (Time Reversal).....000000000000000e 104 
The Phase Conjugate Mirror... 114 
Amplifying the Phase Conjugate Effect... 117 
The Phase Conjugate Mirror as a Vacuum Triode............... 122 
Newton's Third Law and the Full Law of Entropy.............. 125 
Scalar Electromagnetics... oot 134 
Scalar EM View ofthe Vacuum.......000000000000000 ee, 139 
Charge, Potential, and Curvature ofthe 

Vacuum/Spacetime...0.... 0c 151 
‘Ewan, Plows: of Times 3.) snc.9.07 neon eceye seas eechitiohe eee 152 
Engineering Local General Relativity.....0.00000000000000000.. 154 
Engineering Antigravity.....000000000 eects 157 
Curved Spacetime and the Disintegrated Vacuum............. 159 
Separation of Vacuum and Observable States.....00.............. 160 
Partial Potentials, Curvature, and Warping ....................... 161 
Force and Mass are Inextricably Intertwined...................... 164 
The Concepts of Zipped and Unzipped Forces..................... 166 
Force, Force Field, and EM Waves in Vacuum.................... 168 
Zero-Summed Vector Systems: Shortcoming in 

Vector Analy SiS i: ssc2.d.:00s et eae eters eee 172 
Maxwell's Theory was Altered and Curtailed.......0000.0......... 174 
Scalar Waves and Polarization of the Vacuum.................... 177 
Vector Zero Systems and the Kaluza-Klein Approach......... 180 


vii 


TABLE OF CONTENTS 





Electrogravitation Amplification Factor... 
Comparison of EM Concepts 
The Aharonov-Bohm Effect....0000000000 
Curl-Free Magnetic Vector Potential (A-Field)..........0......... 
Fractional Charges, Magnetic Monopoles, and 

Magnetic Currents... 192 
Some Ehrenhaft Experiments... 194 
What is a Magnetic Monopole?......00.00000.000 eee 199 
Supercharges and Fractional Charges.......00000000000000 202 

EXTRAORDINARY BIOLOGY....000000000.00cccceec etc eees 204 

Kervran's Proof of Biological Transmutation...................... 204 
Biological Transmutation Has a History.............00.0000000..... 207 
Surplus-of-Energy Mechanisms Proposed By 

the: WS ATMs tive ssisie coveeety at were aah Rah Ace eee oat 208 
Alchemy and Unusual Critters...000000000 ee 210 
The Cell Also Lives and Functions in the Virtual State...... 213 
The Kaznacheyev Experiments.....000000000000ee 214 
Structuring and Charging a Biopotential.....00000000000 217 
The Cell's Electromagnetic Breathing... 218 
The Summed Virtual Structures of Kaznacheyev 

"Death Photons" Physically Kindle the Disease........... 219 
Electromagnetic Infection Results in Physical Disease...... 221 
A Possible Cure For AIDS..000.0000000 cect 221 
The Mirror Cytopathogenic Effect and Factors 

Var L We Ci UC a icin ae alld cation ceca execs eh Wen easg ea 223 
Some Biological Warfare Implications......00000000000000000000. 225 
What Kaznacheyev Hid: The Role of Phase 

Conjugation... ccc eee cteeeeesctatteecrree 226 
Popp's Master Cellular Communication System................ 228 
Scalar EM Comment on Popp's 

Communication System... cece seeees 230 
A New View of the Nature of Mind and Thought.............. 231 
Kindling, Life, Mind, and Negentropy......................cccc0 236 
The Priore Machine and Phase Conjugation......................, 247 
Phase Conjugates of "Death Photons" are 

"Healing Photons’ 2.000000 ttc eeee 249 
The Effect is Universally Applicable.............0...00.0cen 251 
In the Mid-70's It Ended... tte 252 


TABLE OF CONTENTS 


Work of Australians Reid and Barsamian, and the 


American G. Wilbanks..000000 eee 254 
Concepts of Dr. Reid and Associates........00000000000 ee 259 
Other Important Ideas... cect teen 261 
Wider Implications of Structured Field Information........... 262 
Dr. Barsamian's Important Theoretical Insights................ 264 
Royal Raymond Rife.....00000000oooeec cece ete settee eet teey 266 
Rife's Universal Microscope........0.....000 cocci 267 
Rife Proved That Everything Is Alive... 272 
Rife's Microscope Used Evanescent Waves........000.0.00000.00..5 275 
Rife Revealed a Far More Fundamental, 

Living Biology. .........0.0 ccc cc cttteeeecctttetteecennes 277 

DEVELOPING THE ELECTROMAGNETIC CURE 

FOR AID 9S td tt ccchatestenceactatdie tenphioon imate haabsibabhaat inthe dba tab acs aidetet® 280 
Reversing the Kaznacheyev Effect... 280 
The Proof: Priore’s Work... ects 282 
Wihatils!NGed edi xr..5 a fae ak tn eaten nw ethic Stee, Ge Sent 284 
Encouraging Preliminary Work.......0000000000000cceeees 284 
CONCIUSION Suge tc ete Sateen eaten che ett al oa hing 288 

SELECTED BIBLIOGRAPHY... 290 
References Related to Chapters 1 and 2.0.0.0... 290 
References Related to Chapter 3.0.0.0... eee 297 
References Related to Phase Conjugation 

(Time Reversal)..000000000000 ooo eeeetteteeeees 303 
References Related to William J. Hooper's Work................. 309 
References Related to Ehrenhaft's Work... 312 
References Related to Louis Kervran's Work....................... 314 
References Related to Popp's Master Cellular 

Communication System... eeccen 316 
References Related to Kaznacheyev's Experiments............. 319 
References Related to The New View of The Nature 

of Mind and Thought... cece ccceeeeees 324 
References Related to Antoine Priore's Work...................... 333 
References Related to the Australian Work. ............0000000..... 339 
References Related to Royal R. Rife's Work........................ 341 


TABLE OF CONTENTS 


APPENDIX I: The Case of Antoine Priore and His 
Therapeutic Machine: A Scandal in the Politics of Science 
(Christopher Bird) (Used by Permission)........................... 346 
APPENDIX II: Patents...00000000 000s 376 


APPENDIX III: A Conditional Criterion for Identity, 


Leading to a Fourth Law of Logic.......0000000000000 428 
APPENDIX IV: List of Selected Incidents.....0000000000.00.0............444 


APPENDDIX V: Dead Man Fuzing: The Real Meaning of 
the Reykjavik Summit... 484 


LIST OF FIGURES 


Title Page 
Conventional science cannot do the Job.....0..0.00000.2 4 
The "Monkey-Bite" theory....00000000000000 cece 9 
The Soviets have delivered an intended knockout............ 15 
The U.S. Embassy in Moscow. .........0.00.00000cccciettneee 32 
Decay ofa radioactive nucleus.....0.000000.00.00. ee 33 
EGP fission ofa radioactive nucleus......0..000.00.000.0. es 33 
Bottled up energy in a standing scalar 

EM wave Isa potential: 12a Va catia Maiaes 34 
PC SOE UN i), teh os oat ele ade Pech raccecsntnenncaubed suesaptruesees ie 34 
EGP initiation ofthe Chernobyl event....0..00.0000000 cc. iy) 
The U-2 high-altitude reconnaissance aircraft........0......... 36 
The U. S. S. Thresher disintegrates....00000000000 cn. 37 
Soviet helicopters have used a "death ray" in 

PPADS EAE Gish Nate See ree a om iad AE Se 40 
Mushroom cloud from the sea offJapan, near a 

RUSSIA LOSE ARCA ied cau dbo de ile ueeth daa seca ee AO 
The Tesla Shield, a giant hemispherical shell 

SO CMCE Yc trttees cat amsna nacahirhana lua) ssalwesslien asdhcanseihniawen seh Al 
The Tesla shield: A 1969 Virgin Islands incident............: 4] 
Tesla shields: Two nested arcs of light in the sky.............; 42 
Tesla shield: An expanding hemispherical 

Posi (cd (<6) oA 6 | ae en vee ONDE OE vr Ree nee PCE 42 
Tesla shield: Hemisphere and globes, 1977..........0.0.0000...: 43 
Large Tesla shield observed by 

Red Chinese fighter pilots....0000000000000 0s 43 
Large glowing "Tesla Globe," Red China.............0.00..0.0.0.....: 44 
1966 test of giant Tesla globe, expanding deep 

within the- Soviet UNION. «cnc tice 45 
A giant Tesla globe, deep within the 

Soviet Une 1979 cc hog cabeherinche 5 i somal Mie 46 
Engines disabled, a passenger jet 

drops six miles in two minutes....0000000000 47 
Giant "Woodpecker" beams intersecting 

VCE TGS 5, $6 PE pelea elated Parad Oa 48 
Third Soviet non-destructive testing against shuttle 

launches Nov. 26, 1985....0000..0000..0cccccceccccccceeceecveeeeevesees 50 
Death of the Arrow DC-8, Dec. 12, 1985.....0000000000 0s. 52 


xi 


LIST OF FIGURES 


Title Page 
Anomalous hole in the right fuselage... 52 
Part of the Soviet engineering of U. S. weather, 

just prior to the death ofthe Challenger... 53 
Soviet trawler spyship....00000000 0c eects 54 
Launch of the doomed Challenger, Jan. 28, 1986............... 54 
Loss of a Delta rocket, May 3, 1986.00.00 56 
Probable Soviet test of a Tesla Shield over Atlanta, 

GEORGIA! 4. - atecha nS: A RE ees a RR asl oes EA eee Shed 60 
THe PAAALEsOF HIME io. ck sick ece te teteet Alea nae hte tan te hnauedl ad actin 99 
Raindrop model of physical change... 99 
Phase conjugate reflection of a 

time-reversed Wave... eee 107 
Phase conjugation by four-wave mixing... 119 
Soviet launch phase and midcourse strategic 

defense System... cece cece ttttteeeeces 120 
Power reflection coefficients and oscillation ........0........... 123 
Photons have virtual substructures. 127 
Once established, a virtual river is for free....................... 129 
Local energy conservation can be violated... 130 
T. H. Moray adjusts the controls ofhis radiant 

CNEL LY CEVICE ec cp rceces uh siewniatits Myinys fosaedemactiaetsset 8S. 8 130 
Charge affects anything existing in spacetime................ 136 
Vacuum/spacetime is pure virtual particle flux... 140 
A simplified charged particle. 000000 141 
A charged particle is a special kind of "spray 

MOZZIC 2s cue eas he ee oe Eten pe eh lee a AS beatae! 141 
An observable charged particle is directly connected 

to virtual particle vacuum flux... 142 
In a flux gradient (virtual particle river), a 

charged particle moves itself. 143 
A natural potential is a disorganized change in 

the stress of vacuum... 143 
An artificial potential is an organized change in 

the stress of vacuum. 00 144 
Gravitational potential is a conglomerate of 

stresses, organized or disorganized... 144 


xii 


Emergency Receiver 


+ 
~ Tune 
* 


i — 


Earth 





63. 


64. 


65. 


LIST OF FIGURES 


Title Page 


EM force fields are releases of gravitational 


potential via observable charged mass flows.............. 145 
As beyond (without), so within 0.00 147 
Internested levels of virtual state vacuum interact 

with neutrino, photon, and mass............0.0.0.0000.000.00.... 147 
Virtual state patterns are absorbed and emitted by 

the atomic nucleus... cece 148 
Nuclei of the universe continually exchange scalar 

EM waves and virtual particle fluxes....0.....0.0000000.0..... 148 
Parst-Order reality vice sete ANG eel et cyl Mt Olin bch neta 149 
Higher order (hyperspatial) reality... ee. 149 
A photon is a single oscillation of a carrier wave.............. 153 
A potential is trapped energy... 162 
A force-field vector is a movement of mass in one 

CUBS CEL OT ht creek card Non la Nath cig ei Maude 7 Eewee telabunts 171 
The zero-summed vector system is an engine and 

an artificial potential... 173 
An analogy for how scalar electromagnetics can 

engineer Kaluza-Klein unified field theory................ 182 
The zero-vector system can engineer 

Kaluza-Klein theory....0..0000000.0 coc 182 
The basic idea of Klein's explanation of where the 

extra CiMENSION 18.00.00 cette 183 
Normal EM bleeds-off G-field...0...20.0.000 ee 184 
Scalar EM forces 4-dimensional 

gravitational |<) 6 ER ee 184 
The curl-free A-field...00000 000i ett 190 
Earth, sun, and moon are locked into a triad system...... 195 
Forming magnetic monopoles with a 

standing scalar EM wave........00....000. eee 202 
Metal fracture by depositing magnetic monopoles........... 203 
The Kervran effect...0000000000 cece tte 205 
The Kaznacheyev effect....000000000000 coe 215 
A photon is one oscillation of an electromagnetic 

CART OL oa corr aS de arent ae donde asa cae om age achtind 215 
Nested modulations are the key to hyperspatial 

CNSINECTNG . 3c cans hae ei he eg eS 216 


LIST OF FIGURES 


Title Page 





Hyperframes, vacuum, virtual state, minds and 


CHOW DES sie:.2.5, 5.89. coco she nee Phos Teen onhen Pua chat Set cand 233 
Internested levels of virtual state vacuum contain 

mind and thought... ees 237 
The human cerebral cortex is a natural scalar 

INtEPfeTOMEtEr’. 2.5.2 6:<50cazacac sidsnsatas did, Moech dente eect, 238 
Consciousness and life..20000000.0000. ooo ccc ceeeceeeeeeeeeees 238 
Life and death o.oo. oo ooo cec cece ceeeeeeeeeesseeeseeeeveee, 239 
Layers of unconsciousness intersect 

hyperspatrall ys okie dee eo est em unenineduts aalaehaned 239 


Scalar electromagnetics can directly interact with 
the various levels of human mind and 


PETSONALICY:feetielet ie MO uel hh ote edhe detiect ages 240 
What personality is.0000 cece ttt 241 
Jamming the "older files recall" process produces 

simple amnesia... ect eee 241 
To sustain one's personality, continual 

functioning is required... ee. 242 
Ifthe files themselves are changed, the 

personality itselfis changed... 242 
The mind and personality can be affected—and 

changed or controlled—from a distance.....................: 243 
The mind and personality are physical things, albeit 

hyperspatial and virtual. 246 
One of Priore's intermediate devices... 248 
The large special phase-conjugating plasma tube 

for Priore's giant device... 252 
Capping assembly for the top of Priore's giant 

plasma tube device... cece 253 
Royal Raymond Rife in his laboratory... 268 
Rife's first virus MicrOSCOPe...000 eee. 268 
Side view of Royal R. Rife's prismatic universal 

MNICTOSCOPE Sajid ok Mveads emeretl hee tte ined els en Beaten 269 
Front view of Royal R. Rife's prismatic universal 

MICTOSCOPC ie «2.10 on nti Baaieatan hs whee Ueraw eee gpa eae 270 


xiv 


LIST OF TABLES 


Title Page 
Interesting Soviet statements... 25 
Microwave radiation of the U. S. Embassy 

IN MOSCOW... ttt ettttcttnree 32 
Khrushchev's 1960 statement... eee. 35 
Death ofthe U. S. S. Thresher... 37 
Severe EM interference experienced by 

WS Se ORV lark. 2 cee ctc GOS vettaa aie le elders et ae 38 
Massive 1985 strategic May Day exercise... 48 
Shuttle launch anomalies, Nov. 26,1985... 51 
Soviet escalation after 3rd test against shuttle 

launch on Nov. 26,1985.000000 oo occcceccecceecceeceec es 51 
Arrow DC-8 disaster Dec. 12, 1985.00.00 53 
Death of the Challenger, Jan. 28,1986... 55 
KGB celebrations: cc.) vies ees ee es eetlen been cee 55 
Brezhnev's 1975 proposal. ....0.00000000000 occ 59 
VDI SLY septa acre Maal aw eRe Pi ere Bec Pee cie aowe 91 
A force field is a special local symmetry... 92 
Gravity and local symmetry... 92 
Hindsight is better than foresight... 93 
When symmetry is violated (broken)..........00..0000.0000000004 93 
Some proven asymmetries... 93 
Spontaneous symmetry breaking...........00000 ee! 94 
Why such drastic difference? 0000.00! 95 
Aspects of strong local asymmetry.........000000000000 ee! 96 
Flow of time... ect teeee 100 
Physical chan Se iiecs0sit. eer erie urciecatatsecn NM alan Riordan | 100 
NES ative CMer Yess e acc heuleitialle (otal dun nein oa att ead RRS il 101 
Phase conjugate Waves.....00000.000000 ccs 108 
Phase conjugate replica... cece 108 
Distortion correction theorem. .........0.0000000000cceeee 108 
Four-wave Mixing. 2.200000 ect tee teeny 119 
A ZerO-VeCtor SYSteM ecto idee ee hi ne edo 135 
Stress is fundamental... ete 136 
VeACTIUINAS 2 itis sods asc tlle essay cahetlnys eenan sasoe tin daha ars wt ya dean te Guts 140 
Spin couples vacuum to particle... 142 
Residue universe, residue SCieNnce. 0.2.0.0... ceeeee eee 145 
Reality is a hologram. .....000..00000000 coco 151 


LIST OF TABLES 


Title Page 
Physical chang: 2.0.4.0.2.2.8.).0caed eee erases Soden Sala Skat 153 
Ordinary General Relativity (OGR) is a special case....... 155 
Maxwell's equations... 1s) 
Kalua 18 COMET so pai faints heeaeen nati od bassinet dere eabblae 181 
5-D G-field bleed-off (Kaluza 5-D theory).......0000000000.0...... 181 
Physical reality is eleven dimensional ........0................. 183 
Comparison of EM concepts... 188 
The Aharonov-Bohm effect... ee. 189 
The living aura: The cell's electromagnetic breath........ 220 
Ls1S1tSYN:S:TEPOLls... soba BR desde bere SAS 243 


XVI 


Chapters 4 and 5 
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FOREWORD 


What This Book is About 

In my book, ''Fer-de-Lance: A Briefing on Soviet Scalar Elec- 
tromagnetic Weapons," (Tesla Book Co., P.O. Box 1649, Green- 
ville, Texas 75401, 1986), I specifically pointed out that I was of 
necessity neglecting the biological warfare (BW) aspects. [intended 
to later write a second book covering the BW aspects. 


This book contains the most important item of that planned second 
book, including the photobiology aspects of BW. 


The material is put down in great haste, for it is meant to serve as 
an urgent warning. There is no time to do the six months additional 
research and compilation necessary to "flesh it out", sculpture it and 
meticulously document it, as should be done by a careful scholar. 


I apologize to the reader for this lowered standard, but in this case 
the basic information is far more important than scholarship. 


Further, I acknowledge the fundamental contributions ofDr. Robert 
B. Strecker, M. D., Ph. D., who together with his brother Ted, has for 
some time urgently called attention to the terrible threat posed by 
the AIDS epidemic. 


I specifically acknowledge his important warning, "This is a Bio- 
Attack Alert," Mar. 28,1986, which was sent to the U. S. President 
and Vice-President, Governors of the states, various federal agen- 
cies such as Departments of State, Defense, and Agriculture; 
National Security Agency, Federal Bureau ofInvestigation, Central 
Intelligence Agency; and three members of Congress. 


Dr. Strecker has also strongly pointed out the covert involvement of 
Soviet and other communist agents in the epidemic, and the absolute 
necessity for an electromagnetic solution. 


Also recognized are the efforts of the other medical scientists, such 
as Dr. John Seale, M.D., and Dr. Eva Snead, who have tried 
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repeatedly to call attention to the nature ofthe AIDS initiation, only 
to have their submitted papers resoundingly rejected by important 
journals such as New Scientist, The Lancet, etc. 


Work by Dr. William C. Douglass in alerting the public to the no- 
nonsense truth about aids is particularly recognized. His monthly 
newsletter, The Cutting Edge, is an oasis of clarity sharply stand- 
ing out in a sea of misinformation. Permission to reproduce his 
published research article on UV irradiation of the blood to success- 
fully heal viral infections is deeply appreciated. 


The continuing efforts of Dr. Andrija Puharich and Dr. Robert Beck 
to assist in achieving an AIDS solution are pointed out and recog- 
nized. Important contributions by Ed Skilling are also recognized in 
this regard. 


The vital and extensive contributions of Christopher Bird are par- 
ticularly acknowledged. Chris has unstintingly and unselfishly 
shared with me the results of his enormous research on the Priore 
device and affair and the results ofhis translations from the French. 
He has most graciously permitted me to publish his important 
summary of the Priore affair, and I am greatly in his debt. The 
reader will find that material most illuminating, and well may be 
shocked at the depth and malevolence of the scientific and political 
suppression of Priore's rigorously demonstrated electromagnetic 
cure for cancer, leukemia, and other killer diseases. 


Special acknowledgement is made to Robert Whitney, who so nobly 
labored to bring the Priore technology into the mainstream of 
medical treatment, only to be ruthlessly suppressed in his efforts. 
Photographs of the Priore machine were furnished by Bob from his 
collection. 


My special thanks to colleagues John Bedini, Frank Golden, Andrew 
Michrowski, George Fencl, Ken Moore, Tom McLaughlin, Joe Par- 
rott and Randy Davidson, without whose assistance this project 
could not have been accomplished. 


The material in this present small book is intended to be of any 
assistance possible to certain brave colleagues who — with little or 
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no funds or resources except what they can tear out with their bare 
hands — are already laboring around the clock to develop a perma- 
nent solution to the AIDS problem. 


As a matter of discretion, I shall not mention the names of those 
colleagues. The solution sought is radical, by orthodox assessment. 
Yet it is the only possible approach that has any chance whatsoever 
of succeeding. 


What they are doing, I cannot do. Ifthey do not succeed, no one can. 
But I will say this, and most strongly: In my view, the only hope for 
humanity lies in the work they are doing, and they have my utmost 
admiration and support. 


Their initial results are exciting and encouraging. Basic phase 
conjugated electromagnetic "mixed-modulations" signals lethal to 
bacteria, nematodes (hookworm-like organisms), various amoeba, 
viruses, etc. at very weak power levels have been synthesized and 
demonstrated. 


In my best estimate/opinion, these researchers must succeed in two 
years or less, certainly in no longer than three years, else the AIDS 
incubation already accomplished by then, and the implementation 
time delay — even given a cure —together will insure a devastation 
of humanity unparalleled in all of history. 


Let me accent that developing this AIDS cure is far more important 
than developing our entire arsenal of new military weapons. It is 
even more important than the development of defenses against the 
Soviet scalar electromagnetic weapons I detailed in Fer-de-Lance. 
Problems in the Middle East, Korea, and Nicaragua are insignificant 
compared to the AIDS problem. 


Desperate Diseases, Desperate Remedies 

Spurred by the looming holocaust of AIDS, and by the strong 
efforts of my colleagues, I have decided to release specific informa- 
tion on how to develop electromagnetic healing, essentially against 
any and all of the "killer" diseases including cancer, leukemia, and 
AIDS. 
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Figure 1. Conventional science cannot do the job. 


Unavoidably this also releases a major principle of scalar elec- 
tromagnetics: whatis really going onin phase conjugation. Ifphase 
conjugation is truly understood and applied, all the Soviet weapons 
I have pointed out in Fer-de-Lance can be understood, designed 
and developed. 

I'm also releasing specific information on mind and thought that 
will enable them to eventually be directly detected, measured, and 
investigated scientifically. Unfortunately, this also will enable them 
to be technologically manipulated for nefarious purposes. 

However, the developing scalar EM technology for the AIDS cure 
must not be hamstrung. There is no time to apply the standard 
"Let's classify it!" response. Ifwe do, we'll win the skirmish and lose 
the war. 

As shocking as it sounds, I am convinced that the Soviets have 
already launched WW III, to the hilt. And it's not at all the kind of 
war we've been expecting. 

There's no time to rail against the Soviets, who have cunningly 
and in great secret "struck our vitals with the mailed fist." We've 
been struck in such a way that, unless we can solve the AIDS problem, 
in two to three years or less, we are already finished. 

We have been preparing to fight a better World War II. The one 
we're preparing for is never going to be fought. The real World War 
Il is already raging. Our death knell has been sounded, and we've 
not yet even recognized that the battle is underway. 


5 Foreword 


A great Soviet "first strike to finish us" has already been 
accomplished. The new "Pearl Harbor" has already happened. The 
enemy has already overrun our Maginot Line; we are at our Dunkirk. 
There are no boats waiting, and there are none on the way. 

The great Soviet first strike has been delivered with 
surreptitious biological warfare, not with nuclear weapons 
or ground forces. 

As always in the past, we have almost no troops facing the brunt 
of the first strike and trying to turn it. This time we have far fewer 
than we've ever had. Just two or three unorthodox researchers. All 
the orthodox researchers are manning the wrong ramparts. 

Ironically, this time our entire system—the government, the 
medical establishment, the scientific establishment, the universi- 
ties — all are far too dogmatic, and have far too sluggish a response 
time, to offer any assistance at all. They are simply so "out of it" that 
they don't even know what's really happened. 

The bureaucracy simply is so stagnated that, even witha giant 
paroxysm, it cannot change quickly enough to do the job in time. 

The best response the orthodox system could theoretically make 
—ifit immediately placed the nation under martial law, marshalled 
all the universities and scientists, everything — would require at 
least seven years to produce results. A more likely response time is 
10 to 14 years. That won't do the job. 

So thejob has to be done from completely outside the system. It 
has to be done with independent financing. Financing without a lot 
of conventional, bureaucratic strings on it. Resources must be 
committed as needed, immediately, not with a several months' 
approval process. 

Everything in the orthodox establishment simply has to be 
bypassed. 

The government, the medical establishment, the scientific es- 
tablishment, the universities, everything. 

Otherwise, we're as good as finished right now. 


The "Dirty Dozen" 
In the West, there are only perhaps a dozen persons or so that I 
know of, who are qualified to work on the main task required. They 
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are all unorthodox researchers and scientists. 

There are thousands of fine orthodox scientists, of course, who 
can help with the peripherals — making and testing viral solutions, 
setting up and operating equipment, doing interminable tests, all 
the lab stuff, etc. 

But only about 12 unorthodox guys are qualified and mentally 
and emotionally prepared to come to grips with the particular scalar 
EM technology required for rapid development of an AIDS cure. 

Right now, there are just two or three ofthe 12 working on this, 
hammering away as best they can, at terrible cost to themselves and 
their normal endeavors. 

Obviously immediate funds are needed for facilities, equipment, 
and marshalling that dozen unorthodox researchers and a team of 
scientists — along with support staff and personnel. 


An Analogy 

I'm reminded of a story from WWII. 

On the beach at Anzio, in a battle lull some doughboys were 
briefly resting near their foxholes, eating lunch from C-ration cans. 

A lone German Messerschmitt appeared, closing on them fast 
and low with machineguns blazing. They were forced to hastilyjump 
into their foxholes as the Messerschmitt strafed their position. 

The pilot continued to make strafing run after strafing run, low 
and "on the deck." Obviously lunch was rather totally disrupted. 

Suddenly, in total disgust a soldier leaped up and flung his half- 
filled C-ration can into the air directly at the approaching aircraft, 
full in the teeth of the machinegun fire. 

Incredibly, the can sailed straight up into the air intake of the 
hurtling aircraft, where it was sucked into the engine, which sput- 
tered and died. 

The surprised German pilot banked his plane upward and bailed 
out. 

He was promptly captured by the very troops he had been 
strafing only moments before. 

Those two or three colleagues of mine are literally "throwing 
their C-ration cans" in a desperate effort to ward off a monstrous 
threat. 
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Those two or three are striving to the limit of their endurance. 

This book and the release of the material in it represent my own 
"Oration can" hurled into the teeth ofthe actual Soviet threat as a 
last resort. Hopefully we can "hit the air intake” of the Soviet 
juggernaut, so to speak, and stop its progress. 

The giant Soviet scalar electromagnetic weapons that I detailed 
in Fer-de-Lance, e.g., are easily countered — in six months or less. 
Primarily, itis necessary to make a pumped phase conjugate mirror 
adjunct (PPCMA) that operates at the frequency band of interest, 
and associate it with a receiver. Once a signal is received from the 
enemy weapon — say, from a Woodpecker transmitter — it is intro- 
duced to the PPCMA. A powerful phase conjugate replica energy 
pulse is returned into the distant hostile transmitter, totally de- 
stroying it. 

To meet the viral biological warfare weapon, however, we must 
develop electromagnetic healing. 

In animportant article, "SDI vs. the plague," Mar. 8,1988, p. 6, 
the Washington Times revealed a startling Pentagon conclusion 
that the Soviets may counter SDI with genetically engineered 
weapons. 

Valentin Falin, Chief of the Soviets' Novasti Press Agency, is 
quoted as saying: 


"We won't copyyou anymore: We'll take asymmetrical means with 
new scientificprinciples... genetic engineering could be a hypothetical 
example. Things can be done for which neither side could find 
defenses or countermeasures, with very dangerous results. Ifyou 
develop something in space, we could develop something on earth. 
These are notjust words. I know what I'm saying." 


The genetically engineered Soviet counterstrokes exist and are 
already being taken. This book tells you what the asymmetrical 
means, new scientific principles, and genetically engineered weap- 
ons are. 

May God help us all. Ifwe do not move immediately and correctly 
to augment the effort ofmy colleagues, the Free World and halfofthe 
peoples ofthe earth will perish before another decade passes. 
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CHAPTER 1 
THE VACCINE CONNECTION 


The following quote is from Don Rowe, Wall Street Digest, 214 
Carnegie Center, Princeton, New Jersey 08540. 


"The AIDS Plague will affect society in ways thatyou cannot now 
imagine. AIDS is 100% fatal. Scientists and medical research people 
are not optimistic about an immediate cure to [or] vaccine. They do 
not expect to develop an effective vaccine within the next two decades. 
Public health officials estimate that as many as 2.4 billion people 
(halfthe world's population) will die from AIDS within the next 15- 
20 years." 

"Economically, the insurance and medical health systems could 
be devastated in the 1990's. Nothing short ofa spectacular medical 
breakthrough will keep Western civilization from suffering the worst 
catastrophe in the history of the world." 


The first official U. S. AIDS case was diagnosed in San Francisco 
in 1981. This followed the puzzling outbreak ofthe disease in Third 
World areas such as Africa and Haiti in the 1970's. 

The U.S. AIDS outbreak at first seemed to be confined to the gay 
community, such as in San Francisco. 

No one seemed to connect the apparently unrelated facts that, 
before the outbreakinthe U.S. gay community, (1) the World Health 
Organization had accomplished substantial smallpox vaccination in 
Haiti, and (2) West Coast gays — particularly from San Francisco — 

had made Haiti a main playground and vacation spot. 

Most orthodox medical scientists have not the foggiest notion 
why such a drastic "explosion" of the virus has occurred. 

It has occurred because AIDS was introduced by contaminated 
vaccine used by WHO in its smallpox eradication campaign. A high 
correlation exists between WHO vaccination and subsequent out- 
break of AIDS. 
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Figure 2. The "monkey-bite" theory. 


The"'Monkey-Bite''Theory 

As the prevailing rationale goes, a naturally-mutated monkey 
AIDS virus derivative or strain is believed to be the cause of the 
monstrous plague looming to strike down half ofall the humans on 
earth. 

Thatis, amonkey is supposed to have bitten aman—an African 
—and transmitted the normally harmless monkey AIDS virus to 
him. The virus is then supposed to have naturally "recombined" its 
genetic material with other viral genetic material and the man's 
human genes, to produce the virulent new strain of AIDS. 

Then this new strain, from its single human host, is supposed to 
have rapidly started spreading through Africa and around the world. 

That is simply nonsense. 

In Africa, for example, monkeys as well as other animals have 
had their viral diseases for thousands of years. Ifmonkey virus were 
the culprit, African man would have been devastated by AIDS 
thousands of years ago. He either would have been dead or—as have 
the monkeys — he would have developed a certain resistance and 
tolerance for the disease, so that it is no more harmful than others. 

Understand, the "monkey bite plus human cell modification" 
undoubtedly does occur in Africa with great rarity — once in several 
thousand years. 
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However, even ifthat rare natural recombination ofthe monkey 
AIDS virus were to occur in a single human, normal contact between 
other humans and the infected human is totally insufficient to 
provide any substantial infection rate unless the rate of infection of 
new individuals is greatly assisted and vastly speeded up by some 
other outside mechanism — for example, by something like AIDS- 
contaminated vaccine and a mass inoculation program. 


Retroviruses and Recombinants 

As Dr. John Seale has pointed out, "The AIDS virus (human 
immunodeficiency virus or HIV) is a lentivirus — a little-studied 
sub-family ofthe retroviruses. Itis highly pathogenic to man but it 
differs profoundly from any other virus of humans. It is spreading 
rapidly in the general population of central Africa, and amongst 
homosexual men and drug addicts in the West. It is the first virus to 
have appeared in mankind for many centuries which is entirely new, 
highly lethal, and spreading steadily from person-to-person world- 
wide." [accent by the present author. ] 

Dr. Seale has courageously pointed out some other very disturb- 
ing facts: 

(1) Retroviruses of animal origin, if repeatedly passed from 
human cell culture to human cell culture, will gain the ability to 
infect human cells preferentially. Indeed, they may then even cease 
to be infectious to their original animal hosts. 

(2) In 1982 Robert Weiss pointed out that, in the laboratory, the 
genetic code of retroviruses commonly recombine if two of them 
infect the same cell simultaneously. 

(3) In a 1984 article in the Journal of Virology, David 
Baltimore showed an efficient means of overcoming the cell's block 
against simultaneous infection by two or more retroviruses. 

(4) Further, Baltimore reviewed how this had widely been done 
during the preceding ten years! 

(5) Outside the laboratory, recombination of multiple simulta- 
neous retroviruses has not been shown to occur naturally inhumans. 

(6) In animals, there is some evidence that it may occur 
naturally with extreme rarity — indeed, only once in many thou- 
sands of years. 
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(7) By the early 1970's, the technology to make new recombinant 
retroviruses virulent to humankind was already developed and had 
been widely published. 


To the layman, the infection and reproduction by retroviruses is 
peculiar to say the least. 

When a retrovirus infects a cell, from its own genetic material 
(RNA) it first makes a "template" or pattern (DNA) for forming other 
retroviruses just like it. It then inserts this "DNA template" into the 
DNA ofa cell. The host cell itselfis now a "sleeping factory", ready 
to start producing retroviruses. 

When activated, the "template" in the cell causes the factory to 
go into production of retroviruses. Activation is varied. The 
"infection production factory" can just remain dormant, be slowed 
over years, take place almost immediately, or be slowed for years and 
then "explode" to rapidly increase the infective viruses. 

Genetically, the cells of any person infected with AIDS or any 
other recombinant retrovirus have been permanently transformed. 
Literally that person has acquired a new set of genes. He or she has 
been converted into a "factory" for producing—and spreading—the 
virus. 


Cancer Research Produced Ideal Biological Warfare 
Agents 
In 1971 President Nixon signed into law the National Can- 
cer Attack Act. Though certainly not intended by the President and 
the Congress, the inadvertent result of this act was that taxpayer's 
funds were used to research and develop the precise things that 
constitute the most lethal kind of viral biological warfare. 

The on-going small effort in medical research laboratories to 
alter animal tumor viruses — including retroviruses —to replicate 
efficiently in human cells was drastically speeded up, as part ofthe 
new "war on cancer." In other words, whether intended or not, much 
of our cancer research money was converted into the precise kind of 
research that develops virulent biological retroviruses for potential 
use in biological warfare. 

Not only was the research drastically accelerated, but also the 
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direct participation by Communists and scientists sympathetic to 
the communist cause was accepted and encouraged. 


Astoundingly, this open invitation to the communist scientists 
was issued at a time when one of the high KGB priorities was to 
infiltrate our recombinant DNA genetics laboratories! To the Sovi- 
ets' utter astonishment, we simply opened our labs and invited them 
in. 

The Soviets participated — and penetrated — with alacrity. It 
is an obvious conclusion that a number ofthe Iron Curtain scientists 
sent to help staff our laboratories were undercover KGB agents. 

In the cancer laboratories, on a wide-spread scale, animal 
retroviruses were injected and reinjected into human cell cultures, 
until these retroviruses had become efficient, lethal recombinants 
favoring human cells as their hosts. 

At that point, infection of one or more persons by one of these 
lethal new retroviruses could unleash a massive AIDS-like plague 
on all mankind. 

A single laboratory accident (or a single act by one Communist 
agent) could unleash the Great Death Plague. 

Weak and ineffective reference to this forthcoming danger was 
made in 1974 by the Committee on Recombinant DNA Molecules, 
which had been established by the U.S. National Academy of 
Sciences. According to Science, July 26,1974, p. 303, the Commit- 
tee made the following rather bland and ineffectual recommenda- 
tion: 


"Scientists throughout the world (should) join with the members 
of this committee in voluntarily deferring experiments (linking) 
segments of the DNA from (cancer-causing) animal viruses to... 
possibly increase the incidence ofcancer or other diseases." 


So much for the great scientific watchdogs. 


U.S. "Cancer War" Labs Were Infiltrated 
As we said, ironically we ourselves helped load and cock this 
potentially disastrous biological warfare cannon. Incomprehensi- 
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bly, enemy fingers were permitted — even encouraged! — to be 
placed on the trigger. Many of our medical research facilities 
involved in this research contained known Communists, dissidents, 
etc. 

For example, see page 106 in Omni, March 1986. Carlton 
Gajdusek, presently Chief of the National Institute of Health's 
Laboratory of Central Nervous System Studies and Laboratory of 
Slow, Latent and Temperate Virus Infections, was asked the ques- 
tion, "Isn't Fort Detrick in Maryland such a biological-warfare 
research facility?" He responded: 


"No, emphatically no! There is no defensive or offensive 
warfare microbiology done at Fort Detrick today. It is the 
national cancer research facility of NIH. In this facility I 
have a building where more good and loyal Communist 
scientists from the USSR and mainland China work — with 
full passkeys to all the laboratories — than Americans. With 
night-working U. S. citizens and foreign Communist investi- 
gators here, obviously there is no "secret" bacterial warfare 
activity going on. Even the Army's infectious-disease unit is 
loaded with foreign workers — not always friendly nation- 
als. It is a valid basic research unit on worldwide problems 
of infectious -diseases in which no classified or secret activi- 
ties unfold." 


The point is, what was being produced in these labs were viruses 
that would grow in human cells. Under tight control, these new 
lethal agents could be safely studied, and many things could be tried 
experimentally to see ifthey would slow, stop, or kill the viruses and 
heal or benefit the virally infected human cell cultures. 

The viruses were being developed to benefit man by aiding in the 
war on cancer — we accent this most strongly. 

However, many of them were precisely the same things that 
would be developed in a biological warfare lab: lethal new viruses 
that preferred the human as a host, and against which humans have 
developed little or no immunity. 
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The Deed Was Easily Done 

Now one can see the subtlety and irony in the Soviet Union 
accusing the U. S. ofhaving made the AIDS virus at Ft. Detrick! 

It's both true and false at the same time. 

There is substantial information indicating that the AIDS dis- 
ease is manmade, and has been deliberately unleashed on mankind 
by Soviet and other Communist agents, augmented by the interna- 
tional control groups and shockingly inept work by U. S. and 
European medical researchers. 

Human cell cultures deliberately infected with animal viruses 
were carelessly handled in U. S. and European laboratories — 
carelessly handled in that far too great (essentially open) access to 
the new viral strains was permitted. 

Our own scientists were apparently unwitting pawns, and So- 
viet agents performed the "final touchups" to insure release — 
whether intentional or inadvertent — of the lethal new agents 
against an unsuspecting world. 

Viruses can infect bacteria, since a bacterium is a one-celled 
organism and the virus is a single molecule. 

Cell cultures where vaccine is made from weakened bacteria 
could easily be contaminated with the desired recombinant viruses 
available in the cancer laboratories. 

To insure worldwide release of the lethal virus, covert Commu- 
nist agents apparently caused contamination of the smallpox vac- 
cine that was prepared in quantity in Western laboratories. 

This contaminated vaccine then was widely used to inoculate 
Third World peoples and others, in the successful international 
program to eradicate smallpox. 

With only a few agents in key places, the Soviets could easily 
have taken advantage ofthe looseness of Western laboratory proce- 
dures to deliberately contaminate the animal cell cultures used to 
make the vaccines. 

They had an abundance of agents in the key laboratories, for 
they were openly invited in and accepted! 

The Soviets had their fingers in it, up to the elbow. 

And atjust exactly the right time, the answer to a Communist's 
biological warfare dream was available: The World Health Organi- 
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Figure 3. The Soviets have delivered an intended knock-out. 


zation was already involved in its 13-year campaign of massive 
smallpox inoculation in the Third World, to eradicate smallpox. 

All that was needed was to contaminate the WHO vaccine by one 
or more of the lethal new recombinant retroviruses that had been 
developed — and were continually being developed — in cancer 
research laboratories filled with Communists agents. 

The opportunity was presented for a great Soviet "first strike" 
against the West, using biological warfare agents developed in U.S. 
and European laboratories and administered by an international 
agency. 

The opportunity was ripe for the taking. It was irresistible. You 
can be sure the Soviets took it. 


It's Actually Documented! 

Virus-contaminated vaccines were then widely administered to 
Third World countries—particularly in Africa, South America, and 
Haiti. Administration ofthese vaccines by the World Health Organi- 
zation is precisely correlated to the subsequent outbreak ofthe AIDS 
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epidemics in those countries. 

This strongly indicates that the vaccine itself was the "precur- 
sor" agent initiating the start of the AIDS infection. 

In a shocking article, "Smallpox vaccine ‘triggered Aids virus'," 
in the London Times of May 11,1987, Times Science Editor Pearce 
Wright announced that the AIDS epidemic may have been caused by 
World Health Organization (WHO) smallpox inoculations in third- 
world countries. 

In an important article in Easy Reader, June 4, Jon Rappoport 
reported the Times article and the results of an interview with 
Robert Matthews, technical correspondent of the Times. 

According to Rappoport, Matthews informed him WHO itself 
had somehow suspected that its immunization program against 
smallpox might be connected to AIDS. An outside consultant was 
employed to perform an independent study, and the study confirmed 
that WHO vaccines were indeed — somehow — causing AIDS to 
evidence in inoculated persons. 

Needless to say, WHO promptly buried that report—whose con- 
clusion must have been the last thing WHO wanted to hear. 

The consultant then came to the Times. The Times heard him 
out and printed the story. 

This astounding story has almost startling correlations: "The 
smallpox vaccine theory would account for the position ofthe Central 
African states as the most afflicted countries; why Brazil became the 
most afflicted Latin American country; and how Haiti became the 
route for the spread of AIDS, to the U.S.: Brazil, the only South 
American country covered in the eradication campaign, has the 
highest incidence ofAIDS in that region." 

Rappoport confirms that the subject of contaminated vaccines— 
"vaccines which, made in tissue cultures of animal parts, contain 
‘extra’ dangerous viruses" — has been of increasingly serious 
concern to medical scientists in recent years, and the WHO smallpox 
vaccines may have been contaminated in this fashion. 

A documented U.S. Army incident is a case in point. 

New U.S. Army recruits are routinely vaccinated against a 
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range of diseases. One of them is smallpox, in case an enemy should 
try to use smallpox as a biological warfare agent. 

A healthy 19-year old Army recruit developed AIDS after vacci- 
nation, and was admitted to Walter Reed Army Medical Center, 
where he died. 

In a paper published in the New England Journal of Medi- 
cine, Walter Reed medical team scientists reported their discovery 
ofthe connection between vaccination and stimulated AIDS disease. 

They also warned against the WHO plan to use modified ver- 
sions ofthe smallpox vaccine to combat other diseases in developing 
countries. 

WHO's 13-year vaccination and eradication program ended in 
1980. The program is credited with saving two million lives a year 
and preventing 15 million infections. 

It may be inadvertently responsible for the ultimate death ofbil- 
lions. 

In a meeting of 50 experts near Geneva in May, 1987, it was 
revealed that millions of new AIDS cases are about to hit Southern 
Africa. The experts believe that up to 75 million Southern Africans 
— about athird ofthe population — may have AIDS within the next 
five years. 

From our previous statements above, it appears almost certain 
that Communist agents who had penetrated U.S. and European 
laboratories manipulated the contamination ofthe altered vaccines. 

Further, the Soviets may be stimulating the disease and guiding 
it electromagnetically, by special implanted signals carried by the 
giant Soviet woodpecker "over-the-horizon radars" and other Soviet 
transmitters. 

Or, the Soviets may be using their own transmitters and ours, 
including our own power lines and radio and TV stations, to broad- 
cast signals that "precondition" and greatly amplify our population's 
vulnerability to certain selected diseases — AIDS and otherwise. 

We will address these issues and Soviet subtle EM capabilities 
later. 


Soviet Biological Warfare Background 
In World War I, the Russians suffered half a million casualties 
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to gas warfare, including 50,000 dead. 

At 10,000 troops per light division, that's the equivalent of 5 
divisions killed and 45 divisions incapacitated. 

This made a deep and lasting impression on the Soviets. Lenin 
himself ordered a major effort mounted to develop and manufacture 
chemical and biological weapons, for he understood the implications 
of such mass-destruction weapons. 

In 1919 the Soviets began work in earnest on BW weapons. Work 
on them has not stopped since then. It will not stop so long as the 
Communists remain in power. 

To loyal Communists, Lenin's dictate to develop and lead the 
world in biological weapons is absolute and unquestioned. 

By 1937, the Red Army was fully equipped and psychologically 
prepared to wage chemical and biological warfare. 

Continuing today, the Soviet forces have the highest training in 
chemical warfare of any troops in the world. Red Army soldiers 
practice regularly, often using actual chemical agents. Decontami- 
nation is a standard measure and practiced as a matter of course. 

Even though the Soviets, along with many other nations, signed 
the Geneva Protocol of 1925 which banned the use ofdeadly chemical 
and bacteriological weapons, the Soviets have never ceased develop- 
ment of such weapons. 

In the 1930's, a secret Soviet bacteriological institute was set up 
at the town of Suzdal. Prisoner microbiologists worked on a variety 
of new weapons and vaccines, including bubonic plague and tulare- 
mia (rabbit fever). By World War II the Soviets were prepared to 
retaliate vigorously to any use by the Germans of chemical and 
biological warfare agents. 

After the war, Soviet research and development in chemical and 
biological weapons continued apace. However, much ofthe genetic 
work was hampered by Stalin's stern support of the autocratic 
control of agronomist Trofim D. Lysenko. Lysenko's crackpot theo- 
ries on genetics, for example, held that genes did not even exist. 
After the death of Stalin, Lysenko's work was discredited, and the 
Soviets set forth immediately to "catch up" with the West in genetic 
implications such as recombinant DNA techniques. 

Thus in the early 1960's the Soviets began sending Russian 
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scientists to the West to catch up with Western genetics research. 
One of these scientists was David Goldfarb, who later became a 
leading Soviet expert in the field of molecular genetics. He headed 
up the Laboratory of Molecular Genetics of Bacteria and Bacterioph- 
ages ofthe Soviet Academy of Sciences in Moscow. Although he did 
not work on secret Soviet projects, the Soviet authorities stopped 
him cold when he applied for a visa to leave in 1979. Goldfarb was 
a specialist in plasmids, antibiotic resistances, and recombinant 
DNA technology—all very, very useful to the Soviet effort in biowar. 


One can readily understand the reluctance of the authorities to 
release scientists such as Goldfarb. After all, the Soviet "dirty work" 
with the deliberate AIDS contamination of the World Health 
Organization's smallpox vaccine had already been accomplished and 
a great Soviet biological warfare "strike" was already underway, 
thanks to the massive smallpox vaccination program of WHO. 

In 1972, in the Biological and Toxin Weapons Convention, the 
Soviet Union and every major power agreed not to develop or use 
biological weapons. The agreement went into effect in 1975. Al- 
though it bans the development, production, and stockpiling of 
biological agents and toxins for hostile purposes, it has not slowed or 
altered the Soviet program. 

In the early 1970's, Soviet leaders made a decision to use genetic 
engineering to produce new and improved BW weapons. Highly 
secret institutes for this purpose were set up in Moscow, Leningrad, 
and Novosibirsk. These laboratories specialize in seeking ways that 
genetic engineering techniques can be used to develop virulent 
strains and agents that their opponents cannot resist. 

Every Soviet civilian institution dealing with bacteriology and 
epidemiology is responsible for certain military work as well. The 
Soviet Academy of Sciences in fact funds appreciable research of 
such nature at these institutions. 

One ofthe major Soviet centers for recombinant DNA techniques 
in biological weapons research is in the village of Protvino, near 
Moscow. Research on chemical and biological weapons is very easy 
to conceal, and the Soviets are sure that they will not be caught. 
Satellites cannot detect what is going on in the labs. The payoffis big 
and the risk is minimal. The Soviets push this area vigorously. 
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A number of installations capable of producing disease agents 
and toxins on a large-scale basis and placing them in munitions and 
delivery systems have also been identified. One such facility is in the 
city of Sverdlovsk and has a long history of BW research and 
development and production, with emphasis on anthrax. During 
early April 1979, an accidental release of anthrax occurred in 
Sverdlovsk that caused many casualties and deaths in spite of heroic 
efforts by Soviet doctors and cleanup and decontamination crews. 

Note that, according to DoD's 1987 edition of Soviet Military 
Power, page 110, "Anthrax causes a high mortality rate when the 
infection results from ingestion (up to 70 percent fatal) or inhalation 
(almost 100 percent fatal) iftreatment is not promptly begun." 

In addition to military BW institutes, military officers and KGB 
agents are assigned to key posts in the Soviet Union's normal health 
and science ministries to monitor research and development that 
has possible military significance. 

Also, the KGB has a continuing and highly active program to 
insert recruited Soviet Scientists in Western genetic research insti- 
tutes and agencies. This is ahigh priority effort, and it has been very 
successful. Also, it obviously says something about the probability 
of Soviet agents penetrating U.S. and Western European cancer 
research institutes, particularly those using recombinant DNA 
techniques. To make it even worse, we simply invited them in with 
open arms! 

Indeed, it was that KGB program plus the "open arms" in 
Western cancer virology research institutes that enabled the Soviets 
to set up and bring about a massive "first strike", using WHO and 
Western laboratories to do the actual dirty work unknowingly. 


We Need An Immediate, Full Scale Investigation 

Annually, President Reagan makes areportto the U.S. Congress 
on the subject of Soviet noncompliance with Arms Control agree- 
ments. 


In April, 1984 Defense Secretary Caspar Weinberger put it this 
way: 
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"There is an apparent effort on the part ofthe Soviets to transfer 
selected aspects of genetic engineering research to their biological 
warfare centers... Soviet research efforts in the area of genetic 
engineering may also have a connection with the biological 
program...Normally harmless, non-disease-producing organisms 
could be modified to become highly toxic or produce diseases for 
which an opponent has no known treatment or cure. Other agents, 
now considered too unstable for storage or biological warfare appli- 
cations, could be changed sufficiently to be an effective agent." 


At the time that Secretary Weinberger made this statement, a 
devastating biological warfare strike using those exact techniques 
had already been unleashed on the Western world by the Soviet 
Union, cleverly disguised under the banner of the World Health 
Organization's smallpox vaccination program. 

It is imperative that the Congress ofthe United States launch a 
full investigation of the entire background of the AIDS biological 
warfare strike, as a matter of the highest priority. 

The investigation should include the role of the Soviet Union, 
fellow-travelers, and Western scientists openly sympathetic to the 
Soviet cause. 

It requires little investigation to see that there is a well-marked 
trail for several decades, showing that such a biological warfare 
strike against humanity has long been considered — and even 
preferred — by those advocating the Communist cause and world 
domination. 

For example, Bertrand Russell, philosophical spokesman for a 
group of Westerners, explicitly stated this diabolical BW capability 
for consideration, in his Impact of Science on Society: 


"At present the population of the world is increasing at 
about 58,000 per diem. War, so far, has had no very great 
effect on this increase, which continued throughout each of 
the world wars... War has hitherto been disappointing in this 
respect... but perhaps bacteriological war may prove effec- 
tive. Ifa Black Death could spread through the world once 
in every generation, survivors could procreate freely with- 
out making the world too full. The state of affairs might be 
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unpleasant, but what of it?" 


The blood of every American — and every European, African, 
and Asian — should curdle at such words. We are now facing the 
very "Black Death" type of plague referred to by Russell in such 
glowing terms! 

Highly influential followers ofthe Russell philosophy — and his 
callous approval of the periodic slaughter of much of the world's 
population — may have continued to view the great destructive 
power ofnew viral warfare agents as the best means to achieve their 
end: Selective thinning of the world's population. 

At least a few such men may have continued to cooperate with 
the Soviet Union to work powerfully behind the scenes in interna- 
tional organizations, trying to arrange the proper opportunity to 
achieve their nefarious purpose. 

The "East-West cooperative effort" in cancer research created 
and gave them the precise biological agent custom-made for the job. 

WHO's massive, worldwide smallpox inoculation program gave 
them the precise means to rapidly get the deadly virus into enough 
human veins to assure a new "Black Death." 

All that had to be done was surreptitiously contaminate the 
vaccine — the easiest thing ofall. 

This plague has been knowingly, with malice aforethought, 
unleashed upon mankind. The perpetrators should be hounded 
down like the wild beasts they are, uncovered in the full light of day, 
and suitably punished with the swift and sure justice they deserve. 

At least one outstanding medical consultant had the courage to 
report to WHO that their vaccine was generating the AIDS epidemic. 
When WHO suppressed the evidence, the London Times had the 
courage to print the story. 

I strongly urge every U.S. Senator and Congressman to 
introduce and/or support immediate legislation that would 
launch a full-scale, massive investigation, with no stone left 
unturned. I urge every concerned activist to demand and 
support such an investigation at the highest level. 

By preoccupying ourselves with lesser things — "IranGate," 
Nicaragua, the Middle East, etc. — we are simply fiddling while 
Rome burns. 
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CHAPTER 2 


THE SOVIETS KNEW 
THE U.S. WOULDN'T REACT 


Administering the Coup-de-Grace 

As we've seen, the present AIDS viruses were deliberately 
created in Western cancer research laboratories strongly penetrated 
by Communist scientists and Soviet agents. 

In laboratory experiments that were a legitimate and vital part 
of the war against cancer, animal retroviruses were repeatedly 
injected into human cell cultures until they recombined to produce 
strains hostile to human life—strains that would thus live in human 
cell cultures. 

Even though their work was accomplished for a totally different 
purpose, cancer laboratories produced the ultimate, made-to-order 
biological warfare agents. 

The World Health Organization (WHO) is also strongly pene- 
trated — and even controlled at some levels—by communist agents, 
as are many other such international agencies. 

And WHO's massive smallpox vaccination program in Third 
World countries provided the Soviets a made-to-order opportunity to 
have (ostensibly) "someone else" deliver the actual BW strike. 

In other words, the Soviet deception plan was complete. 

It was very simple for Soviet agents to contaminate the cultures 
in which smallpox vaccine was being produced for WHO's inocula- 
tion campaign. This insured the production of vaccine contaminated 
with AIDS viruses, and the subsequent massive infection of the 
African peoples and other Third World nations. 

It delivered what will be the knockout punch against the West, 
unless AIDS is countered. 
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Table 1. Interesting Soviet Statements 


"WE HAVE A NEW WEAPON, JUST WITHIN THE PORTFOLIO OF OUR 
SCIENTISTS, SO TO SPEAK — SO POWERFUL THAT, IF UNRE- 
STRAINEDLY USED, IT COULD WIPE OUT ALL LIFE ON EARTH." 
NIKITA KHRUSHCHEV, 
1960, SPEAKING TO THE PRESIDIUM 


"WE WILL BURY YOU!" 
NIKITA KHRUSHCHEV, 
TO RICHARD NIXON, "KITCHEN" DEBATE 


"IF A MEANS OF TOTAL NEUTRALIZATION OF FOREIGN MISSILES IS TO 
BE FOUND, IT CAN ONLY COME FROM A GROUP OF NEW PRINCIPLES 
IN PHYSICS, CALLED ENERGETICS!" 

NOBELIAN PETER KAPITSA, TO NIKITA KHRUSHCHEV 


"EACH SIDE SECRETLY DEVELOPS NEW MEANS OF WARFARE IN 
ORDER TO EMPLOY THEM UNEXPECTEDLY. HISTORY KNOWS MANY 
EXAMPLES HOW THE EMPLOYMENT OF A NEW WEAPON INITIALLY 
GAVE CONSIDERABLE SUCCESS BECAUSE THE ENEMY, CAUGHT 
UNAWARES AND NOT KNOWING THE COMBAT CAPABILITIES OF THIS 
WEAPON, WAS FOR SOME TIME INCAPABLE OF EFFECTIVE COUNTER- 
ACTION." 

V.YO. SAVKIN, THE BASIC PRINCIPLES OF OPERATIONAL ART 

AND TACTICS. MOSCOW, 1972. 


“OF PARTICULAR IMPORTANCE IS BASIC RESEARCH AIMED AT DIS- 
COVERING STILL UNKNOWN ATTRIBUTES OF MATTER, PHENOMENA, 
AND THE LAWS OF NATURE, AND DEVELOPING NEW METHODS FOR 
THEIR STUDY AND USE TO REINFORCE THE STATE'S DEFENSE CAPA- 
BILITY." 

PORTION OF A BOOK BY MARSHALL GRECHKO 

DELETED FROM ENGLISH TRANSLATION, BY SPECIFIC RE- 

QUEST OF THE U.S.S.R. 


"WILL SHORTLY SEE DEVELOPMENT OF NEW WEAPONS, MORE POW- 
ERFUL THAN NUCLEAR WEAPONS, AND THEY WILL BE NONVERIFI- 
ABLE." 

LYSENKO (FIRST NAME UNKNOWN) 

USSR REP/SOVIET EMBASSY WASHINGTON, D.C. 

WORLD FURTURESCONFERENCE, WASH. D.C, 20 JUL 82. 
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Murky "Behind-the-Scenes" Intentions 

AS was pointed out, the WHO inoculation program is well- 
correlated as the precursor or "initiator" of the AIDS epidemic. 

Where WHO smallpox vaccination occurred, the mysterious 
symptoms of AIDS disease appeared in due time. 

Even the eventual spread ofthe AIDS virus to the U.S. homosex- 
ual community is explainable. 

For example, the economy of Haiti had earlier been made a 
shambles. The poor citizens of that impoverished island had been 
reduced to desperate straits. 

In desperation many younger Haitian males had begun to 
prostitute themselves to visiting homosexual tourists. The Haitian 
males were not homosexual themselves; rather, they were desperate 
to gain money to provide for their starving families. 

In response, U.S. homosexuals — particularly from San Fran- 
cisco and New York — had made Haiti their vacation playground. 
They even ran ads to this effect in their gay newsletters and 
mngazines. 

WHO then vaccinated some 15,000 or so Haitians against 
smallpox, using the vaccine contaminated withthe AIDS virus. This 
introduced AIDS into Haiti and into the Haitians. 

The U.S. homosexuals quickly picked up the AIDS virus by 
direct contact, and brought it back to the U.S. with them. There the 
nature ofthe activities engaged in by homosexuals was responsible 
for enhanced spread ofthe virus among members ofthe homosexual 
community. 

Engineering the AIDS epidemic appears to have been a collusion 
between Communists and the international control groups. 

Apparently the control groups wished to "clean out the African 
continent and other Third World areas" — possibly to provide room 
for relieving population pressure in the developed countries. This 
may have been seen as the way to solve the problem ofthe ballooning 
human population — the so-called "biological time bomb." 

The Soviets, however, realized that contamination ofthe small- 
pox vaccines would result in an epidemic of unparalleled propor- 
tions. They recognized the opportunity for safely initiating — and 
winning — World War III with a great first strike. 
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The Soviets themselves already possess an electromag- 
netic cure for diseases such as AIDS, but they have not 
unveiled it. 

All such products of scalar electromagnetics (which the Soviets 
call energetics) are held tightly by the KGB. 

That the Soviets have kept such a cure secret strongly 
implies that they regard it as a known antidote for biologi- 
cal warfare agents, and thus highly classified. 

The importance of this can easily be seen: Presently the West 
has absolutely zero defense against a biological warfare strike using 
viruses as BW agents. 

In such a strike, fast-acting viral strains can easily be used — 
say, agents which are highly infectious and kill within two or three 
days. 

Development ofa vaccine is impossible. There is simply no time 
to dothat. Further, even ifthe virus was slow-acting, a vaccine could 
only be developed ifthe virus is stable. Ifit is unstable (constantly 
mutating), development of a vaccine is impossible. 

The greatest vulnerability of the U.S. today is its total 
vulnerability to unknown BW viral agents. Absolutely noth- 
ing we have or are doing in our Department of Defense is of 
any consequence or protection against new BW viruses for 
which no vaccine is developed or possible. 

The great ease with which such cheap new, highly lethal viral 
BW agents can be developed means that even a relatively small 
military power—such as Libya, Cuba, or Iran—can develop and use 
them against the U.S. 

Such BW viral agents can also easily be clandestinely planted 
across the U.S., to devastate an unsuspecting, unprotected Ameri- 
can populace. 

In fact, even a single deranged madman can readily develop 
lethal BW viral agents sufficient to devastate even a great military 
power. Further, in an open society such as the U.S., that same 
madman can easily introduce such an agent he develops — and, if 
he's clever, not even get caught in the act. 

Past isolated cases of "contamination" of on-the-shelf drugstore 
medicines is just a faint prelude of that which is to come. 
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Indeed, we may unwittingly do it to ourselves by accident, even 
without a BW strike by the Soviets, small enemy powers, or a 
madman. 

Throughout the West, itis now most fashionable to experiment 
with the production of new bacteria and viruses. Gene-splicing, 
rccombinant DNA genetics, etc. are being employed on a grand scale 
as the latest "scientific marvel." 

Even some high school students have experimented with this 
sort of thing. Many other colleagues, universities, and private 
persons are proceeding full-tilt with casual experiments. 

Most of this "casual experimentation” is uncontrolled. When 
finished, the residue gets dumped in the trash can or flushed down 
the drain. In any case, it goes into our biosphere. Some of this 
residue contains unstable, highly adaptable viruses. 

It's only a matter oftime until one ofthese unwitting agents gets 
loose and survives — one that's lethal, fast, and highly infectious. 

Make no mistake: It's anear certainty that this willhappen. The 
only question is when. 

Also, with the recent Supreme Court decision allowing the 
patenting of a virus or bacteria, a number of laboratories and 
companies are now feverishly developing new agents to unleash in 
the biosphere upon persons, animals, and plants. 

For the most part, these experiments are tightly controlled. 
However, it is impossible to test in the laboratory the result of the 
natural recombination and mutation of these agents once they are 
loose in the environment and in a free exchange with all the natural 
bacteria and viruses. 

Once loosed in the biosphere, a new viral agent undergoes 
combinations and recombinations with the greater number of vi- 
ruses already present. The situation is like an increase in a large 
factorial number: Only a few additional viruses will result in 
millions and millions of additional combinations — at least some of 
which inevitably will be lethal and quick-acting. This is not tested 
in those laboratories making, patenting, and releasing new viruses. 

Humans have spent millions of years developing sufficient 
immunity to the natural BW agents to allow humanity to survive. 

Very shortly we are going to have increasingly large numbers of 
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new environmental BW agents emerging all around us. For some of 
them, it is a foregone conclusion that we have little or no natural 
immunity developed. 

So we are going to enter an increasingly harsh environment, 
characterized by the rise of great epidemics and pandemics of many 
kinds. 

Inevitably some of these coming scourges are going to rival the 
"Black Death" in ferocity and lethality. 

Effective defense against one or more such BW viral 
attacks — either against our forces in the field or against our 
civilian population — can only be provided by a ready, fully 
developed technology of electromagnetic healing. 

It does not really matter whether the BW strikes are performed 
by a hostile foe, a madman, natural mutations within our now 
drastically stimulated viral environment, or as a result of some 
particular "residue" discarded by an enthusiastic high school or 
college student. 

The end result — the decimation of humankind — is going to be 
the same unless we develop and use electromagnetic healing tech- 
nology. 

However, with the present enormously self-hostile state of 
mankind, one or more enemies or madmen will almost certainly 
launch a strong, clandestine BW strike against the United States 
Armed Forces and the U.S. populace. 

With EM healing technology, a specific ''antidote" to any 
viral disease — known or unknown — can be developed ina 
matter of hours. 

Mass electromagnetic treatment can then be started immedi- 
ately, even for an entire army in the field or for our population in the 
heartland. Within hours ofrecognizing a BW strike, cure rates above 
90% can be quickly achieved in exposed personnel. 

Further, using electromagnetic healing technology, ifnecessary 
amore conventional vaccine can also be rapidly developed — say, in 
two weeks — for mass distribution and inoculation of the civilian 
populace. 

The bottom line is this: Neither the U.S. Armed Forces nor the 
U.S. civilian populace can or will survive the coming lethal viral 
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warfare strikes unless we quickly develop electromagnetic healing 
technology and have the necessary diagnostic and treatment devices 
already ready and waiting. 

The clandestine AIDS strike by the Soviet Union is just the 
precursor of a great deal more to come. 


The USSR Has Repeatedly Verified Our Nonreaction 

The Soviet Union already knows that Western science and 
governments are too stereotyped and dogmatic to react to anything 
highly unorthodox. 

For years, the Soviet have been proving this, over and over, in 
their development and testing of frightful scalar electromagnetic 
superweapons ofunprecedented power. In the face ofoverwhelming 
evidence of this, the West has kept its head buried in the sand like 
an ostrich. 

It wasn't invented in the West. Therefore it cannot be. 

Years of substantial Communist indoctrination of students in 
our universities, by leftist/liberal professors, has placed a massive 
imprint into our society. An entourage of sympathetic groups has 
resulted — groups which believe that the Soviet leaders arejust like 
us, that the Stalinist era is long since over, and that the Communist 
leopard has changed its spots and really isn't trying to take over the 
world anymore. 

As a system, then, much of the West simply refuses to accept 
anything unorthodox, anything "not invented here", and anything 
that indicates Soviet aggression. 

The Soviets know the U.S. is totally ignorant ofadvanced scalar 
EMweaponry. They have proven over and over thatthe U.S. will not 
even comprehend that it has been deliberately struck, ifthe strike is 
sufficiently unorthodox. 


The Soviet scalar EM superweapons have already been docu- 
mented in Fer-de-Lance, Tesla Book Company, 1986, and that 
documentation will not be repeated here. 

Only a short summary of events will be presented, to put the 
Soviets' confidence into perspective. A longer chronology of selected 
events is included as Appendix IV. 
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The Soviets were quite confident in arranging for a great biologi- 
cal warfare strike, because ofthe total lack ofthe U.S. to comprehend 
incidents such as the following: 


i Beginning in the late 1950's, hidden Soviet transmitters 
across the street targeted "weak microwave radiation" against 
the U.S. Embassy in Moscow. Over the years the radiation 
continued, sometimes continuously, sometimes intermit- 
tently. The Soviets electronically induced diseases that re- 
sulted in extensive health problems of Embassy personnel, the 
death of two U.S. Ambassadors, and the sickness of a third. 
Several U.S. Presidents have protested the radiation. Both 
U.S. Intelligence and the U.S. scientific community have been 
totally baffled. They still do not know the true nature of the 
radiation, nor its purpose. 


2: In the winter of 1957-58, an unexplained nuclear event hap- 
pened near Kyshtym, within the Soviet Union. A huge explo- 
sion occurred in the stored nuclear wastes in the disposal 
section of the Soviet atomic weapons industry located in the 
southern Urals. Radioactive contamination covered 1,000 
square miles. For years the story was opposed — or sup- 
pressed — by U.S. intelligence agencies, perhaps to allay 
public resistance to the U.S. nuclear industry. At the time, 
Soviet experimentation with large scalar electromagnetic 
transmitters was well underway. A large transmitter proba- 
bly failed, discharging its built-up, giant electrogravitational 
potential (EGP) into the earth. Such a pulse would have 
propagated through the earth as a wave; the first nuclear 
material contacted would have been fissioned immediately. 
The stored nuclear wastes probably exploded due to receipt of 
an EGP from the inadvertent failure of one of the Soviet 
Union's new superweapons in development. Survivors re- 
ported that indeed the nearby nuclear wastes exploded. 


3: In January 1960 Khrushchev announced to the Presidium 
that a new fantastic weapon was in development. He stated 
that the weapon was so powerful that, ifunrestrainedly used, 
it could wipe out all life on earth. 
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Figure 4. The U.S. Embassy in Moscow. The Soviet Union has bombarded this 
facility with weak microwave radiation for decades. 


Table 2. MICROWAVE RADIATION OF THE U.S. EMBASSY IN MOSCOW 


« SINCE 1959 OR 1960 
¢ HIGH LEVEL TARGET (U.S. AMBASSADOR) 
« GUARANTEES PERSONAL ATTENTION OF 
- PRESIDENT 
- NSA, CIA, DIA 
- TOP CONSULTING SCIENTISTS 
- STATE DEPARTMENT 
- LEADING SCIENTIFIC INSTITUTIONS 
- NATIONAL SECURITY COUNCIL 
- ETC. 
+ TWO AMBASSADORS DIED, ANOTHER SICKENED 
- U.S. REACTION REVEALS ANY KNOWLEDGE OF TESLA 
ELECTROMAGNETICS 
« FOUR U.S. PRESIDENTS REQUESTED SOVIETS TO CEASE 
- CUT FROM 18 WATTS/CN” TO 2 
- THEN AGAIN INCREASED 
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Figure 5. Decay of a radioactive nucleus. When it absorbs a scalar EM wave 
(electrogravitational pulse) that is long enough and large enough, the nucleus 
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Figure 6. EGP fission of a radioactive nucleus. If an initial EGP is large enough and 
long enough, it will fission any and all radioactive nuclei it strikes. 
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Figure 7. Bottled up energy in a standing scalar EM wave is a potential. 
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Figure 8. EGP short-out Transmitter failure and consequent discharge of a giant 
standing scalar EM wave potential caused the explosion of stored nuclear wastes at 
Kyshtym, USSR, in the winter of 1957-58. 
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Figure 9. EGP initiation of the Chernobyl event. Failure of another giant transmitter 
near Chernobyl in 1986 eventually caused the eruption of one of the Chernobyl 
reactors by EGP-pulsing its nuclear fuel rods. When the transmitter failed, the 
alarmed Soviets shut down the four Chernobyl reactors while waiting for drain-off of 
the EGP potential by the safety circuits of the disabled transmitter. These circuits 
finally gave way, producing a mild EGP pulse into the earth. Had they failed 
immediately, all four reactors at Chernobyl would have violently exploded. 


Table 3. KHRUSHCHEV'S 1960 STATEMENT 
(Speaking to the Presidium) 


WE HAVE A NEW WEAPON, 
JUST WITHIN THE PORTFOLIO OF 
OUR SCIENTISTS... 

SO POWERFUL THAT, 

IF UNRESTRAINEDLY USED, 
IT COULD WIPE OUT 
ALL LIFE ON EARTH! 
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4. In May 1960 Gary Powers' high-flying U-2 spy plane was 
mysteriously disabled over the Soviet Union, resulting in its 
subsequent crash and the Soviet capture of Powers himself. A 
flash appeared behind Powers' aircraft, as iffrom an explosion 
— except that the flash persisted, showing that it was not a 
normal HE explosion at all. A tracking radar, employed in a 
scalar EM mode, probably was used to cause the electromag- 
netic "flash ball" and disable Powers’ aircraft. Harmless SA- 
2 missiles fired far below him may have been employed to 
deceive Western intelligence analysts. 





Figure 10. The U-2 high altitude reconnaissance aircraft. On May 2,1960 Francis 
Gary Powers high flying U-2 spyplane was disabled over the Soviet Union. Some 
difficulties with the autopilot were first experienced. Then a single dull thump was 
felt, and a tremendous orange flash lit the cockpit and sky — andpersisted. (See 
Francis Gary Powers with Curt Gentry, Operation Overflight, Holt, Rhinehart and 
Winston, 1970, p. 82.) 


5. In April 1963 the Soviet Union utilized a newly deployed scalar 
EM weapon to destroy the submerged U.S.S. Thresher nuclear 
submarine, offthe coast ofthe U.S. itself. In spite of intense 
and totally anomalous electronic jamming experienced by the 
U.S.S. Skylark, surface companion to the Thresher, the U.S. 
failed to recognize this major indication ofa scalar EM attack. 
One day later, a Soviet scalar EM weapon placed a giant 
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underwater burst in the ocean, 100 miles north of Puerto Rico. 
With these two tests Khrushchev, still smarting from his 
Cuban Missile Crisis facedown by John Kennedy, avenged 
himselfand convinced the Presidium to allow him to remain in 
power for yet awhile. 





Figure 11. The U.S.S. Thresher disintegrates. © Hal Crawford 1979 


Table 4. DEATH OF THE U.S.S. THRESHER 


APRIL 10, 1963 


- DURING TRIALS OFF EAST COAST OF U.S. IN ATLANTIC 
« SURFACE COMPANION: U.S.S. SKYLARK 
¢ UNDERWATER PHONE BETWEEN THE TWO 
¢ THRESHER DIVED AND WAS LOST 
- GARBLED MESSAGE 
- DID NOT RESPOND TO CONTROLS 
- SANK TO CRUSH DEPTH 
- IMPLODED 
« SKYLARK ENCOUNTERED SEVERE ELECTRONIC 
INTERFERENCE 
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Table 5. SEVERE EM INTERFERENCE EXPERIENCED BY U.S.S. SKYLARK 


APRIL 10,1963 


* SKYLARK JAMMED (1.5 HR TO TRANSMIT MESSAGE) 
¢ MULTIPLE SYSTEMS 
¢ SIGNATURE: 
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- SCALAR INFEROMETRY 
- SKYLARK IN "SPLATTER" ZONE 
- THRESHER PROBABLE TARGET 


¢ OTHER SYMPTOMS 


- ONE SYSTEM KNOCKED OUT 
¢ OTHERS THEN WENT OUT 
- LATER RESUMED WORKING 


6. In Afghanistan, in 1981 and at intervals since then, Soviet 


helicopters have sometimes attacked Afghan guerrillas or 
villages with a strange new weapon. A body struck by this 
weapon dies instantly and completely. It falls like a limp rag, 
and does not decay even in 30 days. Every cell, bacterium, 
virus, etc. in the body has been killed instantly. Nerve gas 
rockets and chemical rockets are also usually fired to provide 
a "deception cover" for the nature ofthe real weapon. This eery 
Soviet weapon has been mislabeled as some strong new gas, 
and is referred to as "Smirch", a combination of the two words 
"smert" (death) and "semerch" (sandstorm). 


7. InApril 1984 amonstrously hugescalar EM incidentoccurred 
off the coast of Japan, near the Kuriles. Subsequent inter- 
views with the pilots sighting the incident have revealed that 
several combined tests of the various modes of a scalar EM 
howitzer occurred. A giant "cold explosion" occurred, raising 
a giant mushroom cloud to over 60,000 feet and greater than 
150 miles diameter in two minutes. A glowing dome appeared, 
and expanded to monstrous size. According to Dr. Walker and 
colleagues, the diameter of this great glowing, hem- 
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ispherical shell expanded to several hundred kilome- 
ters. * He and his colleagues were able to rule out any possible 
known natural events or mechanisms that could have caused 
the incident. 


8. | Numerous incidents ofhemispherical shells of light and giant 
balls oflight within the Soviet Union have been seen from Iran 
and from Afghanistan. Such giant artificial phenomena have 
also repeatedly been seen over the oceans by mariners and 
airline pilots. 


9. Several instances of anomalous disabling of jet engines of 
commercial airliners have occurred while the aircraft were in 
flight. 


10. Direct and intensive weather engineering over the U.S. itself 
has been accomplished by the Soviet Union for a decade, using 
the interference grid resulting from the crossing oftwo or more 
giant beams from the woodpecker "over-the-horizon radar" 
transmitters. Specific cloud signatures (anomalous holes, 
giant radials, twin giant radials, and razor-sharp giant inter- 
ference patterns) have continually occurred, but the orthodox 
system has blithely ignored them. 


11. A giant test ofover a hundred huge Soviet scalar EM weapons 
occurred in and around May 1, 1985 for the 40th anniversary 
ofthe end of WWIL The entire Western scientific and intelli- 
gence establishment remained sublimely unaware ofthe giant 
exercise. They had not a single scalar EM signal detector — 
even though the air, land, and ocean was filled with hundreds 
of Soviet scalar EM transmitters, chattering away to Soviet 
armed forces, submarines under the water, etc. Underneath 
our feet, the earth itself was in giant scalar EM resonance on 
54 frequencies — 27 pairs, each of which tapped energy 
directly from the molten core of the earth and fed it to an 
ensemble of giant Soviet strategic scalar EM weapons. 


*See Science, 227 (4584), Feb. 8, 1985, p. 607-611; Science 234 (4775), Oct. 24, 1986, p. 412- 
413. 
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Figure 12. Soviet helicopters have used a "death ray" in Afghanistan. 





Figure 13. Mushroom cloud from the sea off Japan, near a Russian test area. 
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Figure 14. The Tesla shield, a giant hemispherical shell of energy. Seen repeatedly 
in Soviet tests in out-of-the-way places and remote regions of the ocean. 
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Figure 15. The Tesla shield: A 1969 Virgin Islands incident. 
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MARINE OBSERVER 32:64, 1962 


1800 GMT 
VERY BRIGHT ARC 


10 MIN LATER, 
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APPEARED 






Figure 16. Tesla shields: Two nested arcs of light in the sky. 
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Figure 17. Tesla shield: An expanding hemispherical circle of light. 
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Figure 19. Large Tesia Shield observed by Red Chinese fighter pilots. Electrical 
difficulties in the aircraft were also experienced. 
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Figure 20. Large glowing Tesla Globe," Red China. Observed by hundreds of 
persons. 
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Figure 21. 1966 test of giant Tesla Globe, expanding deep within the Soviet Union. 
Seen from Teheran, Iran June 17, 1966 by two aircraft approaching Mehrabad 
Airport. Observed for several minutes. 
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Multiple events seen in Sept. 1979 from Afghanistan 


Strange lurid glow that flared silently over the Hindu Kush; as described by 
Nick Downie. 
The LONDON SUNDAY TIMES, 17 August 1980 


Figure 22. A giant globe, deep within the Soviet Union in 1979. Seen several times 
frorn Afghanistan, looking toward Saryshagan. 
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Figure 23. Engines disabled, a passenger jet drops six miles in two minutes. 
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Figure 24. Giant "Woodpecker" beams intersecting over the U.S. Used for weather 
control, as a launch phase ABM and anti-bomber system, electromagnetic attack of 
distant populations, and disease conditioning. Using phase conjugate radar mirrors, 
any amount of energy desired can be delivered to any distant target from which a 
radar return has been received. Real-time distant holography, to produce powerful 
energy forms at a distance, can also be accomplished. 


Table 6. MASSIVE 1985 STRATEGIC MAY DAY EXERCISE 


APRIL/MAY 1985 


¢ BREZHNEV'S 1972 STATEMENT FULFILLED 
¢ 40th ANNIVERSARY OF WWII 
* GORBACHEV NEWLY IN POWER 
¢ EARTH IN GIANT SCALAR EM RESONANCE 
- 54 FREQUENCIES 
- 27 "POWER TAP" PAIRS 
- 4TO 6 WEAPONS EACH PAIR 


* Cl SCALAR EM LINKS 
- UNDERWATER SUBS 
- NAVAL FORCES 
- OTHER FORCES 
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12. 


13. 


14. 
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In late November, 1985 the Soviets tested their Launch Phase 

ABM system over Florida, using the launch of a U.S. space 
shuttle as a convenient test target. A marker beacon (ball of 
light) was placed in the sky, hovering near the launch area. It 
was seen by hundreds ofpersons, and photographed by George 
Suchary. During the final countdown to launch, a scalar EM 
"missile" (ball of intense energy) was fired, offset from the 
shuttle. This ball ofenergy was notin the visible spectrum, but 
may have been accidently photographed by Bob Gladwin. 
Twelve minutes offset after launch, a tremendous rumbling 
overhead boom echoed through the area — so huge it was 
heard for hundreds ofmiles up and down the East Coast. This 
was the third U.S. shuttle launch in which NASA had noted as- 
sociated anomalous phenomena, but did nothing. 


On December 12, 1985 the Soviets used the same weapon in 
the anti-bomber mode to destroy an Arrow DC-8 jet just after 
its takeoff from Gander Air Force Base, Newfoundland. Over 
250 U.S. soldiers and civilian crew members were 
killed. Gander has long been a registration point for the 
Soviet scalar EM weapons. For example, in one 4-day period 
in 1982, 36 anomalous incidents occurred in and around 
Gander, involving moving lights, lights in the sky, etc. 


On January 28, 1986 the Soviets destroyed the U.S. space 
shuttle Challenger, shortly after its launch. A dozen signa- 
tures are associated with this Soviet kill, too many to mention 
all of them. To give only a few: First, the Soviet ships 
monitoring the launch site suddenly departed at high speed, 
four hours before the launch. This was unparalleled. Second, 
according to General Daniel Graham, the following evening 
KGB headquarters gave a party to celebrate the success of the 
KGB's perfect active measures against the Challenger! Direct 
and unmistakable indications of extreme localization of the 
Soviet transmitters to the Challenger's launch site existed on 
the day of the launch. In addition, a metal-softening signal 
was confirmed on the Soviet Woodpecker beams as early as 
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January 1,1986. Many other indicators also exist. The total 
is a very strong statement that the Soviets destroyed the 
Challenger with the same weapon they had tested against 
three previous shuttle launches, and which they had used to 
kill the Arrow DC-8 at Gander Air Force Base only six weeks 
earlier. 


15. A whole series of anomalous missile failures occurred, involv- 
ing Titan, Delta, and Ariane launches. The odds against all 
these launches failing in that pattern were millions to one. In 
one Titan failure, video taken of the event showed the anoma- 
lous "marker beacon" light in the vicinity, high overhead. 
Frame-by-frame analysis of the video showed that the light 
was indeed independent of the explosion, and it moved off 
separately after the rocket exploded. 
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Figure 25. Third Soviet non destructive testing against shuttle launches, Nov. 26, 
1985. 
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Table 7. SHUTTLE LAUNCH ANOMALIES, NOV. 26, 1985 


- MARKER BEACON 
- PHOTOGRAPHED 
- SEEN BY HUNDREDS 


¢ OFFSET SCALAR EM MISSILE 
- INVISIBLE TO HUMAN EYES 
- STRIKE PHOTOGRAPHED 


¢ GIANT ATMOSPHERIC BOOM 
- T+ 12 MINUTES 
- HEARD FOR HUNDREDS OF MILES 


¢ THIRD LAUNCH WITH SUCH A BOOM 


Table 8. SOVIET ESCALATION AFTER 3RD TEST AGAINST SHUTTLE LAUNCH 
on Nov. 26,1985. 


- U.S. STILL UNAWARE OF SCALAR EM WEAPONS USE 
- SOVIETS ESCALATED ACTION 
- DESTROYED OR DISABLED: 

- ARROW DC-8 (DEC. 12,1985) 

- CHALLENGER (JAN. 28, 1986) 

- TITAN 34-D (APRIL 18, 1986) 

- DELTA ROCKET (MAY 3, 1986) 


¢ MAY HAVE DISABLED: 
- ARIANE II(MAY 31,1986) 
- TWO U.S. NUCLEAR SUBS WHICH RAN AGROUND 
- STEALTH FIGHTER WHICH CRASHED 
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Figure 26. Death of the Arrow DC-8, Dec. 12,1985. Three eye-witnesses saw the 
doomed airliner glowing. An anomalous hole was found in the fuselage, forward of 
the engines. Engine combustion was interfered with, by phase conjugate (negative) 
energy. Engines were rumbling laborously, not roaring with power, as the aircraft 
passed 100 ft directly over a witness. 





Figure 27. Anomalous hole in the right fuselage of the ARROW DC-8, ahead of the 
engines. With crossed over-the-horizon radar beams and multiple phase conjugate 

radar mirrors, real-time holography allows the production of a ball of EM energy at a 
great distance. The ball may be as small as desired, and contain as much energy as 
desired. 
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Table 9. ARROW DC-8 DISASTER, DEC. 12, 1985 


GANDER AFB, NEWFOUNDLAND 


¢ AIRCRAFT LIFTED OFF 
* AIRCRAFT WAS GLOWING YELLOW - ORANGE 
¢ SANK TAIL-DOWN AND CRASHED 
¢ SIGNATURE OF ENGINE/COMBUSTION INTERFERENCE 
- LAUNCH PHASE WEAPON 
- ANTI-BOMBER MODE 
- ANOMALOUS HOLE IN FUSELAGE, FORWARD OF 
ENGINES 
- STRUCK BY ELECTROMAGNETIC MISSILE? 
- EXTENSIVE "BALLS OF LIGHT" WEAPON TESTS IN 
AND AROUND GANDER 
¢ CLOSELY FOLLOWED THIRD TEST AGAINST SHUTTLE 
NOV. 26,1985, INABM MODE 





Figure 28. Part of the Soviet engineering of U.S. weather, just prior to the death of 
the Challenger. Three "giant radial" clouds sighted over the greater Los Angeles 
area by Margaret Wilson. Appeared one after the other, at 10 min. intervals. 
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Figure 29. Soviet Trawler spyship. About four hours before the launch of the 
Challenger, all Soviet ships off coast, that normally monitor each launch, suddenly 
and mysteriously departed at high speed. Unprecedented event. 


SOVIET WEATHER ENGINEERING 
- SEVERE COLD STRESS 

¢ METAL-SOFTENING 

- BOOSTER SEAL PROBLEM 

¢ SOVIET SHIPS ABSENT 

« LOCALIZATION 

- AIR TURBULENCE 

- BIRDS NOT FLYING 





Figure 30. Launch of the doomed Challenger, Jan. 28,1986. 
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Table 10. DEATH OF THE CHALLENGER, JAN 28, 1986 


METAL-SOFTENING SIGNAL ON WOODPECKER GRID AS OF 
JANUARY 1, 1986 
SOVIETS ENGINEERED COLD WAVE INTO FLORIDA 
SEVERE COLD STRESS ON VEHICLE 
GRID LOCALIZATION SIGNATURES 

- BIRDS NOT FLYING IN LAUNCH AREA 

- BIRD FALLS IN BIRMINGHAM, AL (HINGE) 
SOVIET SHIPS/TRAWLERS DID NOT TRACK LAUNCH 
BOOSTER SEAL PROBLEM SEVERELY AGGRAVATED 
CAUSED SHUTTLE FAILURE 
SOVIET KGB HEADQUARTERS CELEBRATED "PERFECT 
SUCCESS OF ACTIVE MEASURES” AGAINST THE 
CHALLENGER! 


Table 11. KGB CELEBRATION 


EVENING OF JAN. 28,1986 


¢- AFTER DEATH OF CHALLENGER 
- KGB HEADQUARTERS 
- JUBILANT PARTY 
- CELEBRATED SUCCESS 
- OF ACTIVE MEASURES AGAINST 
THE CHALLENGER 


SOURCE: GENERAL DANIEL GRAHAM, URGENTGRAM 


« NOTE: SOVIET SCALAR EM WEAPONS ARE CONTROLLED 
BY KGB 
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SHORTLY AFTER LAUNCH 
ANOMALOUS POWER SURGE 
"COMMANDED" ENGINE SHUTDOWN 
VEHICLE THEN UNSTABLE 

RANGE SAFETY OFFICER DESTROYED 
ROCKET 

EXTERNAL RANGE SENSORS DID NOT 
RECEIVE SURGE SIGNAL 

SIGNATURE OF TIME REVERSED WAVE 
WHICH LOCALIZED ON ROCKET 


Figure 31. Loss of a Delta rocket, May 3, 1986. 


16. In 1975, Brezhnev had surprisingly urged U.S. senators to 
have the U.S. cooperate in banning the development of new 
weapons of unparalleled horror. He used the phrase, "more 
frightful than the mind of man has ever imagined." Shortly 
after, at the United Nations, Gromyko had even introduced a 
draft agreement for all nations ofthe world to sign. Again, the 
West had not the foggiest notion as to what the Russians were 
talking about. 


17. Theorthodox U.S.newsmediahasbeen, andis, almosttotally 
"out ofit." Ironically, at the time ofour deadliest peril, and the 
most momentous period in history, incidents such as the 
indiscretions of a presidential candidate and of a television 
evangelist, and the "Iran Gate" actions of the National Secu- 
rity Council in trying to illegally get arms to the Contras, are 
the "burning issues of the hour" — and the week, and the 
month, and the year, and HO on ad nauseam. 
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18. 


19. 
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The Congress — great watchdog and the direct representative 
of the U.S. citizenry — is equally immersed in interminable 
hearings of little or no substance except news media coverage 
and publicity. 


A belabored president, misled and now hemmed in on all sides 
and on the defensive, has had his power to act greatly con- 
stricted. In addition, the orthodox filtering networks sur- 
rounding him have effectively isolated him. He has been 
unaware of the extensive information that shows just how 
certain itis that the Soviets have fantastic superweapons and 
have been gingerly using them against us for decades. He and 
his immediate advisors are fed highly filtered, shaped and 
interpreted data. U.S. intelligence is very good at doing the 
things that it does. However, itis also very good at ignoring the 
things that it ignores! Further, the intelligence community is 
a past master at "slick-tonguing" the interpretation of any- 
thing new, and anything it really doesn't understand, in terms 
such as "We have no evidence that ...". For decades, the 
community has consistently underestimated the Soviet 
threat, and it has also usually projected any unpleasant 
present Soviet capability in the terms that "Ifthe Soviets keep 
this sort of thing up, it may prove to be a real threat 30 years 
from now!" For years U.S. intelligence was unaware of a 
Toronto inventor's development and public demonstration in 
the late 1960's of an inertial field generator device, for ex- 
ample, because it simply did not place high value on simple 
overt intelligence such as reading the newspapers! The entire 
event was printed in detail in a Canadian newspaper. Only 
very recently, within the last few years, has the community 
again realized that the most important intelligence can only 
come from human (HUMINT) sources. And in relying on the 
scientific community — which itself knows nothing of scalar 
electromagnetics — the intelligence community has not re- 
ceived the technical advice necessary for it to properly task its 
collection agencies to collect information on the Soviet super- 
weapons. 
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20. Western science has also shown itselfto be highly dogmatic 
and ensconced in the comfortable "status quo." It has regally 
ignored the important Soviet developments in unified field 
theory. It has assumed an aristocratic stance, regarding the 
Soviet scientists as little more than peasants still trying to 
clean the mud offtheir boots. In fact, the Soviet scientists have 
been ahead ofthe rest of the world in nonlinear science — the 
truly hard stuff— since the beginning. They have always been 
the best nonlinear mathematicians in the world. Soviet 
scientific papers regularly appear which deal with local gen- 
eral relativity and the overcoming ofthe sacrosanct conserva- 
tion laws as a matter of course. That subject is still a "no-no" 
in U.S. scientific publications, even though breaking symme- 
try and consequent violation of conservation laws has long 
boon proven in particle physics. To my knowledge, with the 
exception of Hooper's obscurely published work, not a single 
US. scientific paper appears in the literature showing any 
detailed investigation of "bucking fields" as such and investi- 
gating the behavior of materials exposed to such "sum-zeroed" 
fields. Yet ironically a whole area of optical physics — phase 
conjugate optics (PCO) — has shown great activity since we 
discovered it in the open Soviet literature in the late 60's, and 
since two Soviet scientists visited Livermore* in 1972 and 


briefed us upon the subject (as another stimulus to see if we 
recognized the awesome weapon implications). In PCO, the 
scalar EM wave formed by two waves 180 degrees out of phase 
with each other, and locked (modulated) together by a nonlin- 
ear medium, is blithely called the pump wave. Using it on 
nonlinear materials produces extraordinary results — such as 
electromagnetic waves traveling backward in time. Further, 
the PC effect is known to be universal, and notjust in the optics 
region at all; for example, it has also been done with sound 
waves. The obvious experimental and theoretical proof 
of scalar EM has been in our literature for nearly two 
decades, and even in PCO our scientists do not yet 
realize that the "pump" wave is a scalar wave, a wave of 


*LawrenceLivermoreNational Laboratory 
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artificial potential, and a gravitational wave that 
pumps the nuclei ofthe atoms in the nonlinear medium. 
They also still do not understand that it is the nucleus 
of the atom that produces the phase conjugate replica 
wave in PCO. 


Table 12. BREZHNEV'S 1975 PROPOSAL 


AT THE SALT TALKS ON JUNE 13, 1975 


THE SOVIETS URGED THE U.S. TO AGREE ON A BAN 
AGAINST RESEARCH AND DEVELOPMENT OF NEW KINDS 
OF MASS DESTRUCTION WEAPONS MORE TERRIBLE THAN 
ANYTHING THE WORLD HAS KNOWN! 


BREZHNEV PERSONALLY URGED VISITING U.S. SENATORS 
TO AGREE TO THE BAN. 


GROMYKO INTRODUCED A DRAFT AGREEMENT INTO THE 
UNITED NATIONS MEETING AND URGED THE NATIONS OF 
THE WORLD TO SIGN IT. 


THE WEST HAD NO IDEA WHAT THE SOVIETS WERE 
TALKING ABOUT! 


SOVIET HAWKS THEN GAINED DOMINANCE, AND THE USSR 
STARTED ITS MASSIVE BUILDUP FOR EVENTUAL WORLD 
TAKEOVER. 
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B. Artist's sketch of the incident. 
Figure 32. Probable Soviet test of a Tesla Shield over Atlanta, Georgia. 
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Continually assured that Western science and intelligence 
remained outrageously ignorant and would obstinately persist in 
wearing orthodox blinders, the Soviets felt quite safe in striking the 
U.S. and its Western allies a mortal death blow. 

The Soviets knew there would be no retaliation, so long as the 
blow was sufficiently unorthodox. 

After all, the Soviets have been waging a slowly increasing 
unorthodox war against us for decades, and totally getting away 
with it. 

Consequently the Soviets manipulated the cancer research and 
the contamination of the World Health Organization's smallpox 
vaccine to produce the perfect biological warfare "first strike," 
administered unwittingly by the WHO itselfin its mass immuniza- 
tion program to eradicate smallpox. The Soviets continue to ma- 
nipulate the spreading AIDS viruses electromagnetically so that the 
West will be devastated, as well as Africa and the Third World. 

At least one other spreading AIDS-strain has already appeared 
in Africa. Testing for exposure to the first strain in most cases did 
not detect exposure to this second strain. 

Officially no one knows whether it will be as infectious as the 
first strain. However, a suspicious correlation has appeared be- 
tween hepatitis vaccination in several large U.S. cities and conse- 
quent outbreak of AIDS among the persons inoculated. 

Further, the latest studies are beginning to show that (1) AIDS 
may be just as spreadable, though more slowly spread, in the 
heterosexual community as in the gay community, (2) the AIDS tests 
themselves are far more unreliable than suspected; one may have 
the AIDS virus — and serve as an active carrier —for up to three 
years before the tests begin to detect it, and (3) no one has any real 
idea as to how many persons have already been infected. 

As can be seen, even orthodox scientists are beginning to suspect 
a coming AIDS infection "asymptote" which may represent an 
explosion of the disease into a mass pandemic in the world popula- 
tion. In Africa, for example, AIDS is spreading freely among the 
hetersexual population as well as the homosexual population. * We 
may be on the verge of seeing a similar phenomenon emerge in the 


*Although there is much speculation as to why African heterosexuals seem so vulnerable, at 
present no one knows why it is true. 
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Western world. 
If so, we are looking full in the face of a forthcoming AIDS 
massacre thatmakesthe 1918 influenzapandemicpalebycompari- 
son. Not only will AIDS decimate Africa and the Third World, but it 
will also decimate the West a little later. 

In the Soviet plan, after the AIDS massacre has peaked, the 
remaining much smaller U.S. and European populations will be 
decimated and totally powerless. The demoralized and devastated 
Western nations will easily capitulate and pass under the Soviet 
hammer and sickle. 

In their deception planning, the Soviets even are allowing some 
contamination oftheir own citizens by AIDS. Thus they can keep up 
a pretense that they arejust as much victimized as we are, andjust 
as much "in the dark" as we are about the whole thing. 

Of course, once the AIDS infection does its lethal dirty work in 
the West, the Soviets can easily eradicate it in their own population 
at will, using the electromagnetic healing technology they already 

posess. The Soviet planners regard the loss ofa few Soviet citizens 
along the way as one ofthe things necessary to insure the success of 
the Great Strike andthe Final Revolution. Forward divisions inthe 
standard Soviet attack are always regarded as such sacrificial 
pawns to guarantee the success of the follow-on echelons in the 
attack. In this BW strike, the sacrifice of some Soviet citizens is 
deemed necessary to the overall success of the attack. 

Remember, these are the same type of Soviet communist plan- 

ners who killed 20 million Kulaks — their own people — to forcibly 
collectivizeSoviet agriculture. For their highest purposes, these 
planners are still quite capable of ruthlessly sacrificing millions of 
their own people to achieve their objectives. 


The Asian Tiger Mosquito: A New and Efficient Vector 

As almost everyone now realizes, inthe pastour governmenthas 
greatly understated the AIDS problem. Past projections of the 
limitation oft he spread of the disease have been far more optimistic 
than warranted. 

For example, officially the government is still denying any 
possibility of insect vectors for the disease. 
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Don't believe it. In fact, highly efficient insect carriers of the 
disease are already on the way. 

Insects in Africa have positively been verified to be harboring the 
AIDS retrovirus. Ofcourse, such reports are always accompanied by 
the bland assurance that "We have no evidence... (that the insect 
bites will give AIDS to humans). 

Let's see now: We're supposed to believe that a monkey bite will 
do enormously more than that. Even when the monkey didn't have 
the exact present form ofthe AIDS retrovirus. Even though monkey 
bites hadn't done the trick in thousands of years. 

But we're supposed to turn right around and believe that an 
insect carrying the live AIDS retrovirus can bite you, inject into you 
some ofhis body fluid containing AIDS viruses, and you won't stand 
any chance of developing AIDS . 

What are we supposed to believe? That the injected AIDS virus 
from an insect bite won't bother you, but the injected AIDS virus 
from other causes will? 

Nonsense! 

Anyone who believes that is a prime candidate for purchasing 
that bridge down the road... 

Of course insect vectors will give you AIDS! 

And we've got a real tiger — mosquito, that is, on the way to do 
just that. 

The Asian Tiger mosquito has been introduced into the U.S. (it 
just "accidentally" appeared, of course!) and is now spreading 
through the Southeastern states. This vigorous and voracious 
mosquito prefers man as its target, and has an unusually wide range. 

Recently U.S. scientists have reluctantly confirmed the 
presence of the AIDS virus in the Asian Tiger mosquito. 
However, as usual we are presented with the same tiredrefrain, "We 
have no evidence that... the mosquito's bite is capable of causing a 
human to develop AIDS." 

Ofcourse, you can be sure that eventually we will have evidence 
of precisely that! 

The AIDS virus is now known to be able to live outside the body 
for up to at least 15 days, if not longer. 
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Also, the AIDS virus is an unstable virus — it's constantly 
mutating and changing its form. That means it's "highly adaptable" 
- that is, it's continually adapting to its environment, at a rate 
millions of times faster than normal stable viruses change and 


That fact implies that some mutant strain of the virus will 
almostcertainly be adapted to living in the Asian tiger mosquito and 
being introduced into its human host by the mosquito's bite.* 

It's not a matter of "Can it do that?” or "We have (as yet) no 
evidence ofthat."; instead, it's a matter of "How long will it be until 
that occurs and we confirm it?" 

The Asian Tiger mosquito apparently is intended to serve 
as the major vector (carrier), or at least one of them, to 
eventually rapidly increase the AIDS infection rate and 
devastate the U.S. population. 

AS the vector spreads and the virus adapts to that mode of 
transmission, the rate of increase of the AIDS infection will itself 
accelerate. This means that all the projections for "doubling times" 
are seriously in error. 

The latest data from Alabama, for example, shows that the 
disease is now doubling every six months instead ofevery year. Also, 
the doubling interval itself has been shortening, at least up to the 
present. Note also that, from the data ofthe new studies confirming 
a much longer lag time for the AIDS test to indicate the presence of 
the infection, even the present data on the number of persons 
infected and the doubling time are underestimated. 

If these and other data are a true indication, it appears 
that we literally may have an "explosion" of the AIDS 
infection in no more than two to three years. 

In addition, as we said the AIDS virus is an unstable virus. 
Mutations in the virus itself are occurring so rapidly that producing 

an effective vaccine essentially will be impossible. Without a totally 
new means applied to produce an AIDS cure, AIDS simply cannot be 
stopped. 


¢And one or more strains will eventually evolve that can be infectuously spread like the 
influenza virus is. 
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In fact, recenly it has been discovered that the AIDS virus is far 
more devious than previously susupected.* It attacks in more ways 
than suspected. It changes in the body, increasing its virulence as 
the disease progresses. 

Macrophages, the immune system's scavenger cells, become 
infected and carry the virus to other body cells. It appears that 
macrophages may pass the virus to the T-cells, conditioning the 
destruction ofthe immune system. Infected macrophasges are found 
in rectal material of AIDS patients and in cervical fluid and semen. 
Thus through infected macrophages the AIDS virus is able to infect 
partners through exhange of semen, cerical fluid, and rectal mate- 
rial — even though there are no breaks or tears in the skin, and even 
though the number of free AIDS viruses in thefiuids is too small to 
pass the infection. 

Other immune system cells —such as Langerhans cells—are 
also suspected to be capable of serving as AIDS carriers when 
infected. The end result is that, as the AIDS patient sickens, the 
virulence of the AIDS virus increases, so that it attacks a greater 
variety of cells and can more easily infect them. 


Present orthodox methods cannot cure AIDs in time, if 
ever. 

Unless unorthodox technology is applied to solve the problem the 
West is already defeated. 


*See Gina Kolata, "Fatal Strategy of AIDS Virus Grows Clearer," Science Times section, New 
York Times, Mar. 22, 1988; see also "Growth in AIDS Virus Virulence Found," Los 
Angeles Times, Apr. 1, 1988. 
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CHAPTER 3 


WORLD WAR III IS RAGING AND WE'VE 
NEARLY LOST IT 


More on AIDS Doubling Time 

AS we said, the AIDS problem is much, much worse than 
officially announced. As stated, in some areas at least, the number 
of new AIDS cases diagnosed has been doubling every six months 
instead of every year. New studies have shown that the tests to 
identify infection by the AIDS virus may themselves have a 3-year 
lag period in which they do not reliably indicate the presence of the 
infection. 

These facts probably make all previous "officially announced" 
estimates and projections offby several orders ofmagnitude (at least 
three). 

If the incubation period (nominal) is, say, 5 years, then there is 
a factor ofup to 2 (exp 10) of AIDS cases already in incubation. 

The lag in accuracy of the AIDS tests however, may mean that 
there are even more AIDS cases in incubation than this. 

Andwe may have a new entry into the equation at any time, once 
the AIDS virus adapts to its transmission by the Asian tiger mos- 
quito and possibly even other insect vectors.* 

Remember, we've got the U.S. data for only a relatively few years 
since 1981. So it's statistically difficult to project ahead with any 
accuracy. However, the best interpretation ofthe data we can make 
shows a spiraling (speed-up) trend in the rate of acceleration of the 
disease, indicative of a forthcoming asymptote. If that interpreta- 
tion of the data holds true, the asymptote represents literally an 

"explosion" ofthedisease. 

That is, the six-months "doubling interval" is slowly becoming 
the six-months "tripling interval," the six-months "quadrupling 
interval," etc. 

The best indication/projection I can tentatively arrive at is this: 
If the total cure is not accomplished within about two to three years, 
then - considering the incubation ongoing by then and the speedup 


*Another HIV virus has now been identified. 
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ahead — somewhere between a third and two thirds of all humans 
on earth will perish. 

In other words, nominally halfthe humans on earth will inevi- 
tably die, say within five years (the incubation) after that two to 
three year point. 

Most of the people who die are going to be highly selected. Most 
of them are going to be Westerners, Africans, Asians, and Brown 
people. 

And all ofour tanks, ships, bombers, missiles, nuclear weapons, 
and armed forces put together can't save a single AIDS victim. 

We've got more generals than ever before in our history, includ- 
ing World War II. And not a one of them has a single tactic or a single 
weapon to use against this mortal attack. 

Understand, our generals have not failed us against the enemy 
they know and recognize. The bellies of our B-52 bombers and the 
aircraft aboard our distant aircraft carriers are filled with nuclear 
bombs sufficient to destroy the world many times over. Our powerful 
nuclear-tipped missiles sit in land-based silos and in sleek subma- 
rines cruising silently under the oceans, waiting to respond in an 
instant to hostile attack, again with the power to destroy the world 
many times over. 

Yet the fine men and women who have built and maintained that 
awesome force, and who man it in constant vigilance to protect our 
nation, are absolutely vulnerable and defenseless against the small- 
est foe of all —just as were the Martians in H.G. Wells' War of the 
Worlds. 

With all our awesome forces, we do not have the power to stop a 
single AIDS virus — or indeed, any other similar new BW virus. 

We can be defeated with ridiculous ease by even the tiniest 
determined hostile nation — or even by a single terrorist, madman, 
or genetic accident by a high school youth. 

And ifthere's one thing that we can learn from history with iron 
certainty, itis this: Ifwe can be defeated with ridiculous ease, then 
most certainly we will be! 

Since the strike has already occurred, then our defeat is just a 
matter of time if we continue our present courses of action. 

All other threats — nuclear, chemical, scalar EM, the works — 
pale in comparison to this seemingly innocuous, doomsday BW viral 
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weapon that has already been unleashed upon an unsuspecting 
world. 


World War III is Already Raging 

World War III has long been unleashed and a final, decisive first 
strike has now occurred. We've already lost the war unless unbe- 
lievably heroic measures are taken immediately. 

This thing is deliberate. It's fiendishly clever. It's effective. And 
a smiling Gorbachev — master propagandist — is just part of the 
icing on the cake to deceive us until it's too late. 

Ironically, Soviet announcements have cleverly started claim- 
ing that the U.S. has produced the AIDS virus and unleashed it. 

That's a very clever propaganda trick to shift suspicion from 
themselves. Indeed, in the Third World the propaganda has been 
very effective. Most Third World peoples now give at least credence 
to the Soviet claim. 

Unless we move immediately to effect a total cure, the armed 
forces and the populaces of all the Western nations will shortly be 
devastated — perhaps even worse than if they been attacked with 
nuclear weapons. 

With our armed forces and populations devastated, we surren- 
der. We lose. 

The Soviets getthe U.S. (and European) farmland. That's what 
they really need. 

Ofcourse they also will have rid themselves of about 200 million 
Americans or so along the way. 

That, solves the old "winner's problem" of what to do with, and 
how to effectively control and care for, a conquered, resentful 
populace. That problem will have already been taken care of, for 
most of the U.S. populace will essentially have been eliminated. 

There won't be many U.S. military prisoners, for example, since 
mostofthe military personnel will also have been eliminated by the 
virus or viruses clandestinely released. 


Communism Is Savage Enough to Do Diabolical Things 

The Communist's doctrine is to wage total war. Win any way, 
with any weapon, at any cost. 

ALSO, communism has always taught that it is necessary to 
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destroy capitalism. That equates with destroying the U.S., the 
major capitalist country. Communists have always taken the long 
view, willing to struggle for decades to eventually accomplish their 
aim. 

If you think no modern nation could be so incredibly savage as 
to deliberately destroy untold millions of people, look at the actual 
record of the Communists. 

When the Khmer Rouge took over Cambodia, they murdered a 
third of their own people. 

The Soviets murdered some 20 million or so Kulaks when they 
collectivized the Soviet farms. 

The Red Chinese also slaughtered Chinese peasants by the tens 
of millions — perhaps as many as twenty or thirty million — when 
they collectivized the farmers. 

Lenin's followers have proved over and over that they are 
capable of murdering even their own people, on a scale of millions. 

Dedicated communists are highly religious people — even fanat- 
ics. Deliberate murder to achieve communism’'s goals is part of the 
accepted dogma. 

The communists are quite capable of killing a billion or more 
"foreigners" and "enemies," given the chance. Particularly when the 
goal is to win the "Final Revolution." 

The opportunity to strike the decisive final blow without conse- 
quences, using as simple and unorthodox a weapon as the AIDS 
viruses, could simply not be ignored by men who have spent their lives 
trying to control the world. 

The unparalleled strike opportunity was particularly irresist- 
ible since someone else (the Western cancer research institutes) 
would develop the weapon itself, someone else (the World Health 
Organization) would unwittingly deliver the strike, and the blow 
could easily be clandestinely arranged (simply by secretly contami- 
nating the WHO smallpox vaccine) and accomplished without reper- 
cussions to the Soviet Union. 


Western Medicine is Inadequate 

But what of Western medicine? Doesn't it always come through 
to save us? 

Present Western medical science is totally inadequate to do the 
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task required. 

For example, present medicine is largely based on "slowing or 
killing the invader of the body." Whether that invader is a germ, 
bacterium, virus, or whatever. 

If there's amechanical difficulty, thenpresenttreatmentistotry 
to mechanically remedy it — remove a bad appendix, set a broken 
leg,etc. 

However, then it's strictly up to the body's own natural healing 

system - its immune system and its repair system — to actually do 
the healing and repair/reconstruction. 

The problem with AIDS is that it directly affects and suppresses 
the body's systems for healing and repair. 

Once this protection and repair system is in disarray, any 
disease organism can attack the body and infect it. Ifthe immune 
system can't handle the problem, eventually the invading disease 
organismkillsitshost. 

Even if a way is found to destroy the AIDS virus itself, present 

medicine has not the foggiest notion of how torestore the healing and 
repair system from the damage and destruction it will have already 
sustained by massive AIDS infection. 

Compare the situation to division combat: Hostile invaders are 
met at the front of the division by the division's combat forces. A 
battle ensues, with penetration and damage to the rear area support 
and sustenance facilities. After the enemy is beaten back or de- 
stroyed,the rear support and the combat forces must be renewed and 

restored. Ifthat cannot be done, the seriously weakened division can 
still literally be boiled over by almost anything that comes along and 
hits it.* 


*For this reason, standard Soviet doctrine is to attack in echelon, say, by three divisions — 
one behind the other. Thus, even ifthe first division is annihilated in the attack, the second 
and third divisions meet a seriously weakened enemy division and blast right over it. Similar 
tactics inthe BW crisis - multiple viral strikes, one after the other —can almost inevitably 
be expected, now that the "first division" - AIDS - has engaged us. 
The Soviet "repetitive attack" method works, in case anyone has doubts. For example, see 
George C. Wilson, "Army training exercises raise troubling questions," The Washington 
Post, as printed in the Huntsville (AL) Times, Feb. 28, 1988, p. 21A. Repeated U.S. Army 
tests in the Mojave Desert have shown that, in nonnuclear combat, when attacked by 
multiple Soviet echelons with 3:1 strength, U.S. forces lose every time! In particular, U.S. 
troops have poor anti tank defenses. 
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Modern medical dogma has concentrated almost entirely on the 
combat forces' problem of destroying and/or repelling the invader. 

Western medicine has almost no tools or means of restoring the 
support and rear maintenance functions. 

Even in a paroxysmal effort, dogmatic Western medical science 
would take decades to totally reorient its medical thinking to where 
it could even attack the real problem of AIDS and catastrophic 
sickness due to other viral BW warfare agents. 

The same inability to cope with the problem also applies to our 
government bureaucracy, government agencies, the private compa- 
nies, the universities, and to Western science in general. 

Ifwe have to depend on any or all ofour present "system," the war 
is already over and we are all already doomed. Halfofhumanity will 
die within possibly five years after the upcoming two- to three-year 
"point of no return." 

Medical insurance, treatment centers, and even private physi- 
cians are quickly going to be bankrupted as the AIDS plague 
increases. With the collapse of Western medicine, panic and pande- 
monium will reign in the streets. Martial law will be a necessity, and 
rioting on a scale unparalleled in American history will occur. We are 
likely to see our own U.S. dictatorship, in the form ofa militaryjunta 
making a coup and seizing power "to restore order and keep the lid 
on." 

Study carefully the performance of governments and military 
regimes in such countries as Korea and South Vietnam, when those 
countries were hard pressed by enemy forces and in great disarray. 

You may be looking at your own future. 


The Soviets Will Not be Decimated 

With the devastation of our armed forces, our governmental and 
civil agencies, and our population at large, a simple show ofstrength 
by the Soviets will collapse any further resistance. The hammer and 
sickle will wave supreme over the residue. 

That's because the Russians do have the necessary developed 
scalar EM medical technology, not only to control and destroy the 
AIDS viruses, but also to directly restore the immune and repair 
systems. 
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The Kaznacheyev experiments alone show they have exten- 
sively studiedelectromagnetic induction of cellular disease and 
death.* We will have much more to say on that later. 

If the Soviets extensively studied cellular death trans- 
mission by electromagnetics, you can bet they also studied 
the reverse: electromagnetic healing, ortime-reversing the 
electromagnetic "death" signals themselves to produce spe- 
cific "healing" signals for any type of cellular disease. 

This is particularly certain since the Soviets also discovered and 

possessedthenecessary "timereversal" electromagnetics: phase 
conjugation. This had been widely used by the Soviets in developing 
their enormous scalar EM weaponry, beginning about 1950 or so. 

The curative signal technology was kept secret, of course, since 

theSoviets realizedthatitprovidedtheonly viabledefenseagainst 
viral biological warfare weapons. 

The Soviets most certainly have the necessary AIDS cure. They 
can readily make the correct electromagnetic healing signal, by 
phase conjugating the AIDS death signal from dying human cells 
that contain AIDS retroviruses. 

They also know we most certainly donot have the necessary EM 
cure. Years of weak microwave radiation of personnel in the U.S. 
Embassy in Moscow, and inducing illnesses in those personnel and 
even U.S. ambassadors, have shown that our own intelligence and 

scientific communities don'tknow what'sreally goingonthere. 

Specificially, we've demonstrated (after checking with the DIA, 

CIA, NSA, and the orthodox scientists) that we do not recognize 

electromagnetic biological warfare —the deliberate introduction of 

cellular disease and death by electromagneticmeans. Notonlydo we 
not recognize it, we can't do anything about it when it hits us. 

And make no mistake, time-reversed electromagnetic medicine 
is shockinglycheap and effective, once developed. Specific healing 
signals for specific diseases — viral or whatever — can be quickly 
developed (within hours) and immediately used for mass treatment 

ofentirepopulations. 

Forexample, given the developed healing or "antidote" signal, it 
can even be recorded and played over ordinary transmitters, using 


* There is now reliable information more closely associating Kaznacheyev with military 
institutesnear Moscow, engagedinmicrowave weapon (directedenergy)research 
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their normal transmissions as carrier waves. A populace continually 
bombarded by such "healing" television, radio, and powerline sig- 
nals simply doesn't get the disease. And those already infected 
recover when continually exposed to such healing signals. 

So the Russians can stop the AIDS epidemic cold, anytime they 
choose to do so. 

Electromagnetically they can also gently guide and 
stimulate the progress of a disease such as AIDS, once the 
disease is introduced into a targeted population.* 

Or, the Soviets can pull out all the stops and induce the disease 
in a distant population directly, placing the "death signals" on 
common carriers. Such as on our power lines, radio stations, 
televisions, and directly by induction from the Woodpecker over-the- 
horizon radar signals which continually bombard us. 

The West cannot do any ofthese things. Neither can the West 
counter them, or defend against them effectively. 

Unless a totally different tack is taken in the Western effort to 
counter this viral BW threat, Gorbachev's entrancing smile has 
already lured us to our doom. We are faced with a direct realization 
of Lenin's words: 


"In the final revolution it does not matter if three-quar- 
ters of the earth is destroyed, so long as the remaining 
quarter emerges communist."' 


And Khrushchev's ghost will have the last laugh after all. We 
will have fulfilled the prediction he made to Nixon in their famous 
"Kitchen debate”: 


"We will bury you!" 


Quite simply, for some decades the Soviets have had a new 
science — one they call energetics, and one which I have called scalar 
electromagnetics. The keystone or "heart" ofthis new science is time- 
reversed (phase conjugation) electromagnetics and electrogravita- 
tion. 

*A candidate for an eery test ofjust this capability may be the highly anomalous deaths of 
numerous dolphins off the East coast of the U.S. in 1987. Nearly 500 died in the summer and 
late fall, apparently as a result of the weakening of their immune system to the common 


bacterium Vibrio. See Julia Lawlor, "Key: Failure of Mammals' defenses," USA Today, Jan. 
19, 1988, p. 1A-2A. 


Chapters 4 and 5 
deal with complex scientific material 
and are suggested for those who are 
technically _ proficient. 
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CHAPTER 4 
EXTRAORDINARY PHYSICS 


Maxwell'sLost Unified Field Theory 

About the time of the U.S. Civil War, James Clerk Maxwell 
succeded in unifying magnetism and electricity. Actually he did far 
more than that, in his theory as originally written. 

In fact, he had produced a theory which also captured the free 
interchange between electromagnetic energy and gravitational 
energy, but no one— including Maxwell himself—trealized it atthe 
time. 

Maxwell wrote his original theory in quaternion and quater- 
nion-like mathematics. The modern form of vector mathematics had 

not yet been finalized by Gibbs and Heaviside. It is most instruc- 
tional to examine some of the fundamental differences between a 
vector and a quaternion. 

In a conventional 3-dimensional vector, one may have three 

vector components, suchas 


v=ai+bj+ck (4-1) 


where i, j,k are unit vectors in the directions ofthe x, y, and z axes 
respectively and a, b, and c are constants. 


Obviously if the vector components of vector v are zero, then 
v=0 (4-2) 


We shall be interested in the "vector product" of two identical 
vectors v, where 


vXv=AAsing=O (4-3) 


and A is the length (magnitude) of vector v, @ is the angle between 
the two vectors (in this case zero), and O is the zero vector. 
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Now let us look fora moment at the quaternion situation. 


First, in addition to the three vector components, a quaternion 
also has a separate scalar component, w. So the quaternion q for this 
situation is 


q=wt+ait+bj+ck (4-4) 


Now when this quaternion is multiplied times itself, the vector 
part zeros, just as it did for the vector expression. However, the 
scalar part does not go to zero. Instead, we have 


qX q=A*=a7?+b*+c? = (4-5) 


There is a very good physical interpretation ofthis result. It is 
a square of the amplitude, hence for the vector part of a wave, it is 
directly proportional to the energy density of the vacuum, as a 
function of time, at the particular position. However, we now need 
to make a short explanation of variation of stress energy density of 
spacetime. 

First, we note that, according to general relativity, the "gravita- 
tional potential" is just a conglomerate of potentials of all kinds. 
Basically, a potential represents a G-potential, and consequently a 
curvature of spacetime. The potential also represents "trapped 
energy." 

Second, we note that Kaluza combined electromagnetics and 
gravitation as aunified theory in 1921. Kaluza added a fifth (spatial) 
dimension to Minkowski's 4-space, and applied Einstein's relativity 
theory to 5 dimensions. 

To Kaluza's delight, a common 5-d potential is responsible for 
both electromagnetic field and gravitational field. The "bleed-off of 
this 5-potential in the 5th dimension (which is wrapped around 
each point in our 3-space) is what we know as the electromagnetic 
force field. The bleed-off of this 5-potential in and through our 3- 
space is what we know as the gravitational force field. 

Since the EM field is very much stronger (by a factor of 10° for 
electrons) than the gravitational field, it is obvious that most of the 
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bleed-off of the 5-potential is in the 5th dimension, as EM force field. 
Only a tiny bit is left to bleed-off in 3-space, producing a very weak 
gravitational field.’ 

We state this fact: as a mass moves in space, it generates 

increased "activity" with the virtual particle flux of vacuum itself. 

The Increased virtual particle flux activity exchange between vac- 
uum and mass is analogous to a strange kind of "virtual resistance." 
Since the resistance is virtual, it does not observably slow down an 
observable object moving in an (unobservable, virtual-particle flux) 
vacuum. 

The increased flux activity represents an increased "virtual 
energy density" of space time, and an increased "trapped potential" 

(mass; resistance to an accelerating force) of the moving object. It 
represents a rotation ofthe spacetime frame, vis a vis the laboratory 
observer). 

In the virtual vacuum (which contains both positive and nega- 

tive time), oneseestwo antiparallel virtual forces: one in positive 
time, along the velocity vector ofthe object, and one in negative time 
(time reversed, or phase conjugated). The reason one sees virtual 
forces is that, each virtual (subquantal) change in the virtual flux 
activity represents an individual (unintegrated), separate change, 
hence a virtual acceleration. The observer (where things are inte- 
grated), sees the integral ofall these accelerations, hence observable 
velocity. 

The vector sum ofthese two virtual forces in the vacuum is a zero 
vector; however, the two taken together represent a stress in the 

local energy density of vacuum. 

Since we may regard an EM wave as a stream of virtual 
electrons/positrons, each engaging in tremendous virtual particle 
flux exchange with the vacuum, then the same basic picture applies. 

Now for our physical interpretation of (4-5): Ifwe refer to an EM 

wave moving in the vacuum, the rotation ofthe frame is maximum 
(90degrees). Butthissamerotationisjustthe same as additional 
vacuumstress,sothevacuumstressismaximum. 


‘Electromagnetics is 5-gravity sliding around our 3-space. 3-gravity is 5-gravity oozing 
through our 3-space. 
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This leads to these conclusions: An electrical force field vector 
represents a local maximum linear stress in spacetime, along the 
line ofthe vector. (Note we specifically deny that the electrical force 
field vector, of an EM wave in vacuum, is transverse. Instead, it is 
longitudinal. That has been addressed elsewhere by the author and 
will not be covered further here.) 

Another electrical (stress) vector interacting with the first one 
adds more "urging" stress to the first. However, this action is 
occurring in the rotated frame ofthe moving wave, and so is rotated 
90 degrees from the electrical velocity vector. Therefore it is lateral 
(but in a hyperdimension, not in 3-space) at right angles to the 
electrical velocity vector. 

The combined "urging" action ofthe two vectors thus sweeps out 
an area with respect to the laboratory observer. 

This means that the total "urging" or "stressing" action ofthe two 
vectors is analogous to a vector area. 

It also means that this "area" function may be taken as the 
"swirl" of the electrical vector, but in a hyperdimension, not in 3- 
space. That is, we have described the magnetic force field. 

Thus any two electrical vectors that interact will have an "area" 
or "resistance" component generated. Any two that interact. 
Whether they add vectorially, cross-product multiply, or dot-product 
multiply. 

What is actually happening is that the wave exists in the 5- 
potential. The E and B fields just represent the oscillations in that 
5-potential. They represent oscillations in the bleed-offs of that 
potential as E-field (longitudinal) and B-field (swirl). 

The drag-area represents the accumulation ofextra potential — 

hence the local rotation of spacetime. Since this accumulation is 
moving (along with the EM wave), as it passes a point it represents 
a change in the local virtual particle flux density of vacuum at that 
point, hence a local curvature of spacetime. 

Hence, the EM wave makes a 5-dimension G-potential wave as 
it travels. The 3-dimensional gravity wave associated with this is 
normally very, very much smaller in magnitude — say, by a factor 
of 10” orso. 

However, ifthe two vectors interact so as to produce a vector zero 
resultant, then all the electromagnetic energy of tho two vectors is 


Extraordinary Physics 78 


captured. That is, all the "EM vector zero" resultant means is that 
the EM bleedoff ofthe 5-space gravitational potential wave has been 
stopped. The 5-potential is still oscillating, and now all its trapped 
5-energy must bleed off as 3-gravity force field. 

Mass acts as an accumulator for this "trapped-EM energy turned 
into local curvature of 5-space." If we continually irradiate a mass 
withsucha wave, the atomic nuclei ofthe mass slowly charge up with 
the new energy. Note that this potential delta may be positive or 

negative,ifoneadjustsaccordingly. 

In this fashion one may change the mass ofa Static object 
in the laboratory. One may either increase the mass or 
decrease it, or cause it to float, or even cause it to accelerate 
upwards. 

But to return to our vector interaction and our interpretation of 
the scalarremainder ofthe quaternion. 

The rule is, when the two EM vectors interact so as to form a zero 
EM resultant, then the EM energy represented in each of the two 
vectors has been converted into a special form of 5-space gravita- 
tional potential, one that is not bleeding-offin the fifth dimension 
(electromagnetically), but one which will gradually produce a 3- 

gravity potentialinamass's atomicnucleiasafunction oftime, the 

individual element, permeability and absorption factors of those 
nuclei, etc. 

Therefore in our mathematical theory we ought to have 
ascalar componentremainingwhentwoEMvectorsinteract 
to form an EMvectorzeroresultant. That scalar component 
represents what is happening in the 5-potential, that will 
only bleed into 3-gravity. 

With exploration of this phenomenology in the laboratory, one 
can work out the functions, constants, coefficients, and parameters 
which specify how the "5-G to 3-G and vice versa" component works 
in conjunction with mass, motion, and other fields. 


That's the magic secret of electrogravitation. 


It was captured inherently by the quaternion theory of Maxwell 
published during the American Civil War! 
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After Maxwell's death, when the scalar portion ofthe quaternion 
was discarded (by Oliver Heaviside) to form "modern" EM theory, 
that also discarded the unified field interaction between electromag- 
netics and gravitation. 

Electromagnetic field and gravitational field were then modeled 
and regarded as mutually exclusive. EM field, therefore, was 
thought to produce no specific gravitational effects in the vacuum 
itself. 

Hence when Albert Einstein was formulating general relativity 
some decades later, he knew only one way to "curve" spacetime: that 
was gravitationally, by "attraction of mass" forces. 

But gravitational force was so weak that only a huge collection 
of mass would exert enough of it to measurably curve spacetime. 
That would require a sun or star. Since the observer and his 
instruments would never be on the surface of the sun or a star, 
Einstein assumed that the local spacetime of the observer 
would not be curved. 

Hence he severely crippled his general relativity theory. In the 
West, it remains an assumption to this day. It is not a universal 
assumption in the Soviet Union, however, since the Soviets have 
long since written — and developed in the laboratory—unrestricted 
general relativity with local spacetime curvature, and hence local 
violation of conservation laws. 

So the scalar part of the quaternion interaction, that remains 
when the vector part of the resultant is zero, is magic indeed. 

That is the magic unified field portion that everyone has been 
seeking for decades and decades! 


It was there at the beginning. Then we inexplicably threw it 
away! 


But to return to our vector/quaternion examples. 
Note also that the two vectors 


Vj=ai+bjt+ck, 
V2 =-ai-bj-ck (4-6) 
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sum to zero vectorially when added, such that 
vitv2=0 (4-7) 


However, quaternions may behave quite differently, even under 
addition. For example, the two quaternions 


qi=wt+ai+bj+ck, 
q2 =w -ai-bj-ck (4-8) 


sum their vector parts to a vector zero resultant, but do not 
sum to a scalar zero as well. Instead, they sum to 


qi +q2 =2w (4-9) 


AS can be seen, quaternions which have the same vector parts as 
vectors, donot necessarily yield a complete zero when the vector 
parts sum to zero. And when two vectors multiply to provide a zero 
vector resultant, corresponding quaternions may yielda scalar term 
that is equal to the product of the magnitudes of the two vectors. 

In this way, the quaternion approach can capture the stress of the 

medium, induced by opposing or multiplying vectors. Inthe vector 

approach, the stress of the medium is entirely lost when the two 
vectors sum or multiply to a zero resultant. 


Let us see just how important this "vacuum stress" can be. 


First, the "stress in the medium" represents curvature of space- 
time when that medium is the vacuum/spacetime. 


In other words, the quaternion approach captures the 
ability to utilize electromagnetics and produce local curva- 
ture of spacetime, in an engineering fashion. Heaviside 
wrote a subset of Maxwell's theory where this capability is 
excluded.* 

*Dr. Henry Monteith has independently discovered that Maxwell's original quaternion theory 


was a unified field theory. See his important "Dynamic Gravity and Electromagnetic 
Processes," in publication 
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Note that, by Maxwell's original quaternion theory, however, 
Einstein's assumption need not be true at all. For example, look at 
equations (4-5) and (4-9): Here we may utilize electromagnetic force 
quaternions to produce zeroed EM forces, and an increased stress in 
local spacetime. In other words, we have curved local spacetime 
electromagnetically. Since (with electrons) electromagnetic forces 
are about 10” times as strong as the gravitation force, this local 
curvature of spacetime is not negligible. 

That is, we have produced a scalar effect from zeroing vector 
operation between electromagnetic forces. I have called this scalar 
electromagnetics, and pointed out that it is truly electrogravita- 
tion. 

We stress again that this violates one of the severely limiting 
assumptions that Einstein placed upon his theory of general relativ- 
ity. He assumed that curving spacetime could only be done by the 
weak gravitational force due to mass. Since gravitational force is so 
weak, only a stupendous collection of mass — such as the sun or a 
star — could curve spacetime enough to notice experimentally. 

Since obviously the observer and his laboratory instruments 
would never be located on the surface of the sun or a star, Einstein 
assumed that the local spacetime would never be curved! In other 
words, the local frame would always be a Lorentz frame. This meant 
that, locally, the familiar conservation laws of physics would always 
apply. Curvature of spacetime would only occur at great distances, 
and at huge collections of mass such as a star or dwarf star. 

Einstein did not write a complete, unlimited general 
relativity. He wrote a sort of ''special relativity with distant 
perturbations." 

If Einstein had had electromagnetic theory in quaternions, the 
scalar "vacuum pressure" parts would have been there for him to 
ponder. It is highly probable that he would have captured the 
"electromagnetics-to-gravity conversion remainder" in the quater- 
nion interactions. 

If so, he would have written the full theory of general 
relativity, involving local violation of conservation of en- 
ergy, a unified field theory, and the direct engineering of 
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gravitational and antigravity effects on the laboratory 
bench by electromagnetic means. 

In that case, we should long since have navigated all around the 
solar system, colonized the planets, produced practical free energy 
devices and power systems, and avoided two great world wars and 
a host of little ones. 

But let us now see if we can make a gravitational wave, electro- 

magnetically. 

Again, regard equations (4-5) and (4-9). Suppose these are 
instantaneous operations of EM force quaternions whose vector 
parts are varying in magnitude, butin such a manner that the vector 
parts ways form a zero vector resultant. Now one can see that the 
scalar part remaining — which represents the stress oflocal space- 
time - is varying as the product ofthe magnitudes ofthe vectors in 
the interactionvary. 

This means that one has now produced a scalar wave that 
represents the local variation of spacetime curvature in an oscillat- 

ing manner. 

Rigorously this is a gravitational wave. It has been 
produced locally. Ithas been producedby Maxwell's original 
unified theory. 

Again, I have called this area scalar electromagnetics. The 

Sovietscallitenergetics. 
Where local spacetime curvature is varied, conservation laws 
(energy, conversation, etc.)neednothold. Curvedoneway,thelocal 
spacetimeacts as a source (ofenergy, charge, etc.) Curved the other 
way, the local spacetime acts as a sink (of energy, charge, etc.) 

The Soviets often do not utilize the same restricted kind of 
generalrelativity that Western scientists adhere to. 

Soviet papers in general relativity regularly point out the 
complete and unrestricted theory, where local spacetime 
curvature is allowed. They also point out that all conserva- 
tion laws may be violated by such local curvature. Thus the 
Soviets have no unduly dogmatic respect for conservation 
laws. 

Further, by assuming the possibility of local spacetime curva- 

ture, Soviet scientists have assumed the possibility of direct experi- 
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mentation with general relativity on the laboratory bench. 

In the West, we have assumed that such cannot possibly be done, 
because of Einstein's limiting assumption of no local spacetime 
curvature. Thus Western physicists are strongly conditioned away 
from electrogravitation. 

This is particularly ironic since the basis for just such an 
experimental theory was produced by none other than Maxwell 
himself in his original theory of electromagnetism. 

Indeed, shortly after the U.S. Civil War, we should have been 
developing antigravity spaceships. We should have developed 
electromagnetics a la Maxwell and been on our way to the planets of 
our solar system. For Maxwell had — admittedly somewhat unwit- 
tingly — given us the basis for the necessary engineering theory of 
unified electrogravitation. 


Heaviside's Mutilation of Maxwell's Theory 

Well after Maxwell's death,Oliver Heaviside helped to finalize 
what is today vector analysis. 

Then he undertook to "translate" Maxwell's theory from quater- 
nion form to the new vector mathematics form. 

Now quaternions were devilishly difficult to calculate in. So 
much so, that a majority of the electrical scientists (there were not 
very many of them in those days!) were in despair. 

Not to worry! Heaviside took a broadax, figuratively speaking, 
and simply chopped off the scalar term, leaving only the vector 
components. 

With that artifice, he greatly simplified the calculations to be 
performed. 

Ofcourse, he also threw away the EM stress of spacetime! That 
is, he threw away the "gravitation" part of Maxwell's theory! 

Let me stress this fact most strongly. After Maxwell's death 
a single man—Oliver Heaviside—directly altered Maxwell's 
equations, eliminating localized electrogravitation and 
producing the form ofthe theory taught throughout the West 
today as "Maxwell's theory." 

Maxwell's theory has never been taught in Western universities! 
Only Heaviside's crippled subset of the theory has been taught! 
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Then, shortly before the turn of the century, a short, sharp 
"debate" erupted in a few journals — mostly in the journal Nature. 
Only about 30 scientists took part in the "debate." 


It wasn't really much ofa debate! The vectorists simply steam- 
rolled right over the remaining quaternionists, sweeping all opposi- 
tion before them. 

They simply threw out the remaining vestiges of Maxwell's 
quaternion theory, and completely adopted Heaviside's interpreta- 
tion 

Thus, a little over a decade later when Einstein wrote his general 
relativity theory, he did not know that the original work of Maxwell 
already indicated the unification of gravitation and electromagnet- 
ics, and indicated the ease with which local spacetime could be 
electrogravitationally curved locally and engineered. 

Accordingly, he placed the scientists ofthe West on a road which 
rigorously assumed that a unified field theory was yet to be discov- 
ered. It also strongly discouraged any experimentation aimed at 
curving local spacetime, for it assumed that such could not be done. 


After Potsdam and World War II, a frustrated Stalin was to drive 
his scientists toreview the entire scientific literature ofthe Western 
world, actively seeking a great new technical breakthrough area 
such as the Allies had demonstrated with the development and use 
of the atomic bomb. 

Great Soviet institutes — one staffed, for example, with over 
2,000 PhD's — were set up to thoroughly review all the Western 
scientific literature from its very beginning. Anything interesting, 
anomalous, or unknown was put aside for further examination. 

It is a good bet that the meticulous Soviet scientists discovered 
the difference between Maxwell's original electromagnetic theory 
and Heaviside's mutilation ofit. Great mathematicians that they 
are, Soviet scientists would have realized the implications of the 
difference. With their knowledge of unlimited general relativity, 
they would have made the connection to electrogravitation. 

By 1950 they had indeed done so, and were deeply into the 
development of what they called "energetics", and I have called 
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scalar electromagnetics. 


They had also reached another milestone about the same time — 
1950 or so. 

After WWII, both the Soviets and the U.S. were keen on securing 
the best of the German scientists. The U.S. particularly wanted 
missile scientists and rocket engineers. The Soviets wanted them 
too; but they also wanted the German radar specialists and infrared 
specialists. 

The West didn't care about the German radar scientists and 
engineers, and the IR fellows. The Soviets did, and they got them. 
That was to prove a most spectacular benefit indeed. 

During the war, the Germans had placed extreme emphasis 
upon radar and radar absorbing materials (RAM). The German 
scientists had fantastically developed and extended the science of 
radar cross section — which is the heart ofthe matter and very, very 
complex. They were much further ahead in radar cross 
section theory at the end of WWII than where the U.S. is 
today, in the opinion of some U.S. radar experts. 

So the Soviets started with a great jump on us in radar knowl- 
edge, and they have steadily increased the lead over the years. 

In addition, the Germans had developed highly successful radar 
absorbing materials, and much ofthe theory to accompany them. 

Such materials turn out to be the key to how to build and 
develop aradar phase conjugation mirror, to produce a time- 
reversed radar wave. 

Thus, because ofthe German scientists, by 1950 or so the Soviets 
had already discovered phase conjugation. And they had discovered 
it in radar first, not in optics! 

They would have been primed for the discovery by their great 
review of Western literature and the foundations of science, since 
they would probably have noticed that the time-reversed wave is a 
solution to the wave equation. If so, they would certainly have 
realized its generality throughout all physics, all frequency bands, 
and all types of waves. 

Superb mathematicians that they are, the Soviets would cer- 
tainly have made the Kaluza-Klein theory connection, and also 
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realized that phase conjugate waves carry negative energy as well as 
negative time. They would quickly have seen the gravity and 
antigravity implications. 

So about 1950 or so, the Soviet Union would have started 
phenomenologyexperimentation in earnest, with phase conjugate 
radar mirrors and phase conjugate radars. This is what was referred 
to as energetics. The Soviets began a massive program in energetics 
about the time of the beginning of the Korean War. 

By 1957-8 the Soviets had progressed to the point of a giant 
scalar EM accident in the Urals which exploded nearby atomic 
wastes, devastating the area. They had also progressed to develop- 
ment of greatnew superweapons using their new energetics — 
weapons to which Khrushchev referred in 1960 when he informed 
the Soviet Presidium of a new, fantastic weapon in development, a 
weapon "so powerful that it could wipe out all life on earth if 
unrestrainedly employed." 

About the same time (mid-to-late 50's), the Soviets had also 
started theeery low-level microwave radiation ofthe U.S. Embassy 
in MOSCOW, to see if the U.S. knew of scalar electromagnetics 
(energetics) and was developing its own electrogravitational weap- 
ons and defenses. 


Building Upon Whittaker's Fundamental Work 

In 1904, a most fundamental paper in the foundations ofelectro- 
magnetics was delivered by the British mathematician E. T. Whit- 
taker. (E. T. Whittaker, "On an expression ofthe electromagnetic 
field dueto electrons by means of two scalar potential functions," 
Proc. Lond. Math. Soc., Series 2, Vol. 1, 1904, p. 367-372.). 

In this important paper, Whittaker showed that the electromag- 
netic force field equations can be replaced with the derivates of two 
scalar potential functions. 

He also derived the most general form ofelectromagnetic distur- 
bances in the ether. 

This means that the coupling of two dynamic scalar functions 

canreplace vector electromagnetics in the vacuum. 

Note that Whittaker's work pointing out the overriding impor- 
tance of scalar fields also accents the erroneously discarded scalar 
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part of Maxwell's quaternion electromagnetic theory even more 
strongly. 

Let me explain now how I got from Whittaker's paper to scalar 
electromagnetics, Soviet Tesla weapons, free energy, antigravity, 
and electromagnetic healing. 

When I discovered Whittaker's paper, I had already strongly 
objected that "charges" and electromagnetic vector force fields — as 
presently included in the Heaviside version of Maxwell's equations 
— included observable mass. Of course there was no observable 
mass in the vacuum, hence the prescribed kind of EM force fields 
could not exist as such in the vacuum. 

Obviously the foundations of our ordinary electromagnetics 
theory were seriously flawed. Although my objections fell on deaf 
ears, I determined to examine the foundations of EM theory, dis- 
cover the flaws, and at least point out the necessary corrections to be 
made. 

Though this was an arduous task to undertake and it required 
many years, slowly the flaws showed themselves, and the necessary 
corrections slowly became clearer. 

Most exciting of all, in working with several unorthodox re- 
searchers, I was able to see many ofthese new ideas tried, adjusted, 
and demonstrated. In addition, the proprietary discoveries ofthese 
colleagues continued to reveal new and unique principles and 
concepts. The only disadvantage was that I could not reveal the 
propriety apparatuses and demonstrations of my inventor associ- 
ates, but only the principles and concepts that developed. In turn, 
I also developed principles and concepts to explain what they were 
doing and the results they were obtaining. 

So over the years Ihave slowly been releasing the principles and 
concepts. Some of them are my own discoveries, many of them are 
the discoveries of my associates. Some ofthem are simply a mixture 
of both. 

Early on, it became obvious that the Soviet Union was far ahead 
on this path, and was already utilizing the new unified field theory 
to build eery, powerful new superweapons. 

Since no one else in the U.S. seemed to be "watching thin 
particular store" (I was rather universally regarded as some pecu- 
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liar sort of fool!), I also began to compile information and data on the 
Soviet weaponization of this unrecognized technology. This infor- 
mation Ihavereleased in a series ofpapers, briefings, and books, the 
most recent being a 1-hour videotape, "Soviet Weather Engineering 
Over North America," 1985, and a detailed book, Fer-de-Lance: A 
Briefing on Soviet Scalar Electromagnetic Weapons, Tesla 
BookCo.,Greenville, Texas, 1986. 

Building upon Whittaker's important work, I formulated a 
conceptual revision to electromagnetics, which I dubbed scalar 
electromagnetics to accent that the observable EM vector force fields 
did not exist as such in vacuum, but dynamic scalar fields did. I also 

wished to call strong attention to the fact that observable force does 
not exist until an observable particle of mass is coupled to the 
interference of the two scalar fields (much like in the Aharonov- 
Bohm effect). The Soviets, of course, call this area energetics, 
Energetics technology has been used in gigantic weapons programs 
of the Soviet Union for decades, and it appears to be developed under 
the most highly classified program that the Soviet possess. All 
development and deployment of energetics weapons is under the 
KGB and controlled directly by that organization, not by the Soviet 
Armed Forces. 

Peter Kapitsa, the great Soviet physicist, was once pressed by 
Nikita Khrushchev for a total defense against missiles and air- and 
space-borne vehicles. Kapitsa replied that it could only come from 

the new energetics. In 1960, of course, Khrushchev gleefully an- 
nounced to the Presidium that a new, fantastic Soviet weapon was 
in the development, "so powerful that, ifunrestrainedly used, it could 
wipe out all life on earth." 

Ironically, Khrushchev "jumped the gun" before his new super- 
weaponswere deployed. In the fall of 1962 he began inserting long 
range missiles into Cuba, bracketingthe U.S. with nuclear firepower 

in an attempt to immediately change the balance ofpower. Kennedy, 
of course, backed him down "eyeball to eyeball," so to speak, in a 
blunt confrontation, but promised not to invade Cuba. 

Khrushchev, with his days numbered, was desperate to deploy 
his new superweapons and provide a dramatic demonstration to 
recover face. 
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By destroying the U.S.S. Thresher on April 10,1963 and, on the 
next day, producing a gigantic underwater explosion 100 miles north 
ofPuerto Rico, the Soviets demonstrated that the new superweapons 
had been deployed. Khrushchev managed to retain his position a 
while longer. 

In the 1960's and early 1970's, I was also deeply involved in the 
study of paranormal phenomena. 

In 1969, I entered the Georgia Institute of Technology to pursue 
a Master's Degree program in nuclear engineering, graduating in 
1971. 

In 1973, I published a rather simple paper, "Quiton/Perceptron 
Physics: A Theory of Existence, Perception, and Physical Phenom- 
ena," in which I pointed out the nature of quantum change, gave a 
new definition of mass and acceleration, and pointed out the funda- 
mental nature of inversion of time. The paper also contained a 
simplified derivation of Newton's laws of motion, relativistic form. 
The elements ofthis paper had been worked out in 1971 while I was 
finishing my Master's program in nuclear engineering. Finishing 
the work had been interrupted by a slight sidetrack — a tour in 
Vietnam from summer of 1971 until summer 1972. 


At about the same time, I formulated a fundamental correction 
to Aristotle's logic, adding a fourth law of logic to Aristotle's three, 
and a proofofit. The new logic was of great use in discovering and 
uncovering new concepts in unified field theory. 

Incorporating Kaluza-Klein 5-dimensional concepts, scalar EM 
became a field theory that unifies electromagnetics and gravitation. 

Incorporating dynamic sum-zeroed EM vector systems (which 
are discarded in normal EM theory) allowed the direct engineering 
of the unified field theory, including structuring the vacuum, curv- 
ing local spacetime, and producing effects at a distance and in higher 
dimensions. Actually it allowed the recovery of much ofthe scalar 
part of Maxwell's original theory. 

I then realized that, inside a vector zero EM force field summa- 
tion/multiplication, the virtual particle flux of vacuum/spacetime 
was ordered and controlled locally and macroscopically. This of 
course violated one ofthe major assumptions (a postulate) of quan- 
tum mechanics; the assumption that the structure of vacuum was 
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randomized,andcouldnotbedeliberatelyordered,engineered,and 
curvedlocally. 
Adding phase conjugation (time reversal) aspects and extended 
quantum mechanicalconcepts allowed local antigravity and local 
curvature ofspacetime to beincluded— again, onanengineering 
basis. It also allowed one to produce a mechanism responsible for 
Newton's third law, and to engineer the reaction force at will. 
Further, itrevealedthatthelaw ofentropy wassimply thepositive 
time statement;it showed that there was another half ofthe law, the 
negativetimepartorthelawofnegentropy. 
In addition, a startling new concept of mind, thought, life, 
biofields, disease, and healing emerged from all this — again, on an 
engineering basis. As we stated in the beginning of this book, it is 
now an urgent necessity to release my work on the basis for electro- 
magnetic disease and electromagnetic healing. We must produce 
a very quick, positive treatment and cure of AIDS and other 
coming lethal viruses before the world is decimated. 


Accordingly, this work is being released in this book. 


In this chapter we will next present some perhaps surprising 
material onphase conjugation, fromthe scalarEM viewpoint, after 
first briefly explaining symmetry and parity. 

In following subsections, we will cover briefly the remaining 
major concepts in scalar electromagnetics. This will then set the 
stage for the following chapter, Extraordinary Biology, in which 
we will deal with the basis for unparalleled electromagnetic healing. 


Symmetry and Parity 

The basic idea of symmetry is the arrangement ofthe parts ofa 
body or system about an axis so that two or more parts appear the 
same with respect to some operation. 

The most obvious example is to look in a mirror, where we notice 
that our image has been reversed, left to right. Yet otherwise there 
is no difference; and so we may say that the reflection has "mirror 
symmetry.” It's the same except that left and right are reversed. 

If you know the details ofa system at one point, and at another 
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point you know that the system will possess mirror symmetry, then 
you can predict exactly what state the system will be in at the latter 
point. It will be "left to right reversed." You don't have to calculate 
the laws of reflection and the laws of motion of the system. 

All the laws of nature that possess "mirror symmetry" have a 
special property: Ifthe words "right" and "left" are interchanged in 
the statement of the law, then the behavior of a system that obeys the 
law is unchanged. 

Thus symmetry became a powerful idea in physics. Fora system 
with a great number of possible interactions, etc., one can usually 
eliminate a very great number of them due to symmetry considera- 
tions. In other words, ifone can assume that symmetry ofthe system 
will not be violated, then all the possible interactions that would 
yield "broken symmetry" can be eliminated. 

On the other hand, ifsymmetry is broken in a physical interac- 
tion, at least one of the conservation laws is broken in that interac- 
tion. Broken symmetry — and hence violation of individual conser- 
vation laws — is a well-established fact in particle physics today. 

Another concept intimately associated with mirror symmetry is 
parity. Each particle is assigned a number (+1 or -1), depending 
upon what kind of particle itis. One adds up these numbers for an 
assembly of particles, to obtain an overall "parity" number for the 
system. If parity is conserved in an interaction, then this total 
number does not change in the interaction. 


Table 13. SYMMETRY 


¢ SOMETHING IS SYMMETRIC IF IT REMAINS UNCHANGED 
UNDER A CERTAIN OPERATION 


¢ A SPHERE IS SYMMETRIC WITH RESPECT TO ROTATION 
ABOUT ITS CENTER 


¢ A CATHEDRAL ARCH IS LEFT AND RIGHT SYMMETRIC 
ABOUT A VERTICAL LINE THROUGH THE CENTER 


« LAWS OF ELECTRICITY ARE SYMMETRIC WITH RESPECT 
TO REVERSAL OF POSITIVE AND NEGATIVE CHARGE 
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Table 14. A FORCE FIELD IS A SPECIAL LOCAL SYMMETRY 


".. THE FORCE OF GRAVITY IS SIMPLY AMANIFESTATION OF 
AN ABSTRACT SYMMETRY — A LOCAL GAUGE SYMMETRY — 
THAT UNDERLIES THE PHYSICS OF THE WORLD." 


"ALL FOUR FORCES OF NATURE CAN BE GENERATED IN 
THIS WAY." 

PAUL DAVIES, SUPERFORCE. 

1984, p. 115 


Table 15. GRAVITY AND LOCAL SYMMETRY 


* THE LAWS OF PHYSICS CAN BE MADE SYMMETRIC EVEN 
UNDER LOCAL GAUGE TRANSFORMATIONS 


* A GRAVITATIONAL FIELD IS INTRODUCED TO 
COMPENSATE FOR PLACE-TO-PLACE VARIATIONS 


*THE GRAVITATIONAL FIELD IS NATURE'S WAY OF 
MAINTAINING A LOCAL GAUGE SYMMETRY 


¢ IN THE ABSENCE OF GRAVITY, THERE IS ONLY GLOBAL 
SYMMETRY 
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Table 16. HINDSIGHT IS BETTER THAN FORESIGHT 


¢ FROM THE TWIN REQUIREMENTS OF 
- SIMPLEST LOCAL GAUGE SYMMETRY 
- LORENTZ-POINCARE SYMMETRY OF 
SPECIAL RELATIVITY 


¢ ONE CAN CONSTRUCT OR INFER 
- MAXWELL'S EQUATIONS 
- ALL THE LAWS OF ELECTROMAGNETICS 
- THE EXISTENCE OF RADIO WAVES 
- THE POSSIBILITY OF MOTORS AND GENERATORS 
- ETC. 


¢ IN REALITY THESE WERE FIRST DISCOVERED 
EXPERIMENTALLY 


Table 17. WHEN SYMMETRY IS VIOLATED [BROKEN]: 


- A"NON-OBSERVABLE" TURNS OUT TO BE AN 
OBSERVABLE 

¢ AN INVARIANCE IS BROKEN 

« A CONSERVATION LAW OR SELECTION RULE IS BROKEN 


COMMENTS: 
- A VIRTUAL OBJECT BECOMES AN OBSERVABLE 
OBJECT 
- LOCAL SPACETIME BECOMES CURVED, AT LEAST 
TO SOME POTENTIAL INVOLVING THAT OBJECT 


Table 18. SOME PROVEN ASYMMETRIES 


¢ POSITIVE AND NEGATIVE SIGNS OF ELECTRIC CHARGE 
¢ TIME REVERSAL 
¢ RIGHT/LEFT HANDEDNESS 
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Table 19. SPONTANEOUS SYMMETRY BREAKING 
PRESENT VIEW 


1. IF 4-MOMENTUM Ku = 0 ‘ 
Bix) = Dyac 
WHERE 9, IS AS COMPLEX 
AS ANY SPIN-O FIELD 
2. FOR VOLUME Q » RELEVANT MICRODIMENSION. 
Ku + 0 BUT K,,~ 0 
(®,.) # By, [INSIDE Q] 
(®...) #B,,. [OUTSIDE Q] 
3. INSIDE £22, SYMMETRY PROPERTIES DIFFER 
FROM THOSE OUTSIDE 2 
4. T. P AND CP MAY BE SLIGHTLY ASYMMETRIC 
5. CPT REMAINS INTACT 


SCALAR EM VIEW 


1. IF ARTIFICIAL POTENTIAL @,...>> 0, VOLUME Q 
MAY BE SMALL 
2. @,.,MAY BE ENGINEERED IN 
+ SPATIAL SIZE 
* LOCATION 
» MAGNITUDE 
* SUBSTRUCTURE 
3. SYMMETRY PROPERTIES INSIDE Q MAY 
* DRASTICALLY DIFFER 
* BE DELIBERATELY ENGINEERED 
* BE PATTERNED 
4. T, P, AND CP MAY BE APPRECIABLY ASYMMETRIC 


5. CPT MAY BE ASYMMETRIC 
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Table 20. WHY SUCH DRASTIC DIFFERENCE? 
IN PRESENT THEORY 


3. ° IS USED ONLY AS A PHENOMENOLOGICAL 
DESCRIPTION 
+ MICROSCOPIC STRUCTURE OF © ,. OF NO CONCERN 
* ONLY LONG-WAVELENGTH LIMIT OF FIELD IS OF INTEREST 
¢ VACUUM ENGINEERING IS ONLY A REMOTE POSSIBLITY 
* ACTION AT A DISTANCE IS NOT POSSIBLE 
« LOCAL SPACETIME NOT CURVED 


IN SCALAR EM 


®,...* REPRESENTS A LOCAL CURVATURE OF SPACETIME 
[ LOCAL GENERAL RELATIVITY] 

+ MICROSCOPIC STRUCTURE OF ©... IS DETERMINISTIC AND 
COHERED INTO MACROSCOPIC STRUCTURE 

¢ ALL WAVELENGTHS OF THE FIELD ARE OF INTEREST 
®,..WAVES ARE REAL, ENGINEERABLE AND 
ELECTROGRAVITATIONAL 

+ VACUUM ENGINEERING IS A REALITY 

¢ ACTION AT A DISTANCE IS POSSIBLE 
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Table 21. ASPECTS OF STRONG LOCAL ASYIVIMETRY 


+ PROPERTIES OF AN OBJECT MAY DIFFER 
APPRECIABLY FOR 


- DIFFERENT OBSERVERS 

- DIFFERENT DETECTING MEANS 
- ONE TIME TO ANOTHER 

- ONE POSITION TO ANOTHER 


* CONVERSATION LAWS MAY BE APPRECIABLY VIOLATED 
- ENERGY 
- CHARGE 
- SPIN 
- MOMENTUM 
- ANGULAR MOMENTUM 


- LOCAL SPACETIME IS CURVED 
¢ LORENTZ INVARIANCE OF VACUUM IS VIOLATED 
¢ MAY BE A LOCAL "SINK" OR "SOURCE" 
¢ GRAVITATIONAL/INERTIAL EFFECTS FROM EM 
* TRANSLATION BETWEEN VIRTUAL AND OBSERVABLE 
+ ELECTROGRAVITATIONAL SOLITONS 
* ACTION AT A DISTANCE 
*TRANSMUTATION EFFECTS MAY EXIST 
+ SCALAR/PSEUDOSCALAR FIELD TRANSLATION 


For years the idea of conservation of parity convinced physicists 
that it would never be possible to tell right from left in the universe, 
Then in 1956, Yang and Lee pointed out a class ofreactions where 
parity need not be conserved. This effect — broken parity — was 
confirmed experimentally, and so certain parts and interactions of 
the universe do possess asymmetry. 

The result ofall this was that particle physicists established that 
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(1) symmetry can be, and is, sometimes broken, (2) individual 
conservation laws can be, and sometimes are, broken. 

Particle physics, however, concerns itself primarily with micro- 
scopic interactions. Most ofthe delightful new things discovered in 
the microworld have not yet been applied — by physicists, that is — 
in the macroworld. 

If you can successfully apply broken symmetry in a major 
system, for example, you should be able to violate the conservation 
of energy law and thus produce a "free energy" engine. Several 
inventors with whom I work have done precisely that. The tech- 
niques and technology are still primitive and they need much 
further development, but the principle has been clearly established 
and replicated. 

Physics is correct in certifying broken symmetry, and you can do 
it in large systems as well as in microscopic particle interactions. Of 
course you also curve local spacetime as well, something which 
Einstein and his followers have assumed cannot be done. 


Charge-Parity-Time and Negative Energy 

The upshot of all this is that the physicists came up with the idea 
that what is really conserved is a consolidated thing called Charge- 
Parity-Time. You don't have to conserve any one or two of these 
three, but only the combined product. 

Here they overlooked one key factor that is very important to our 
thesis: In the photon interaction, if you reverse charge and time, you 
reverse the sign of the energy. 

That is, a photon that is emitted from a positive charge carries 
negative time negative energy. Itis different from a photon that 
is emitted from negative charge, for that one carries what we have 
conventionally established as positive energy. 

Thus physics has not considered the exclusive use of negative- 
energy / negative-time photons, even when some of its interactions 
produced them. Instead, it has just lumped together photons and 
antiphotons, and considered them both to have positive energy. 

Antimatter systems don't have positive energy, for example; 
they have negative energy. Here we don't use the positive and 
negative signs to indicate the direction the energy is traveling, but the 
fundamental kind, ofenergy that it is—time forward or time reversed. 
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For example, consider the local conservation of energy. As 
conditoned, one almost always unconsciously thinks ofthe conser- 
vation of positive energy, withoutso stating. Yet one is perfectly free 
to builda system into which he inputs 100 joules of positive energy, 
and from which he outputs 300 joules of positive energy and 200 

joulesofnegativeenergy! 

For the real conservation law, that's the equivalent of putting in 
100 joules of positive energy and outputting 100 joules of positive 

energy. 

Now negative energy will run motors, light lamps, etc. —often 
much better than positive energy. It can be transmitted, trans- 

formed, steppedup ordown in "voltage," rectified, received, etc. It 
can be translated into positive energy or vice versa. 

Circuits run "cool" when using negative energy. Ifyou short out 
a circuit of negative energy so that a violent discharge occurs, it 
produces cooling instead ofheating, greatly lessening the danger of 
fire and destruction. If you mix negative energy onto a line that is 

carrying the same amount of positive energy, however, the two 
negate each other and there is suddenly "no power" on the system. 

Think of what you were taught in simple arithmetic. You can 
take a zero — the absence of any single specific number — and 
replace it with any set ofmultiple numbers whose algebraic sum is 
zero. The presence ofthis special set ofnumbers you choose does not 

violate the condition that the zero means that you could notusejust 
a single number. 

Although zero is the absence ofjust a single thing, it can be the 

presenceofmultiplethings. 
The same thing works with energy. In the microworld, every- 
thing is fantastically energetic, and wildly fluctuating. For example, 
in a copper wire carrying a current of one ampere, wild momentary 
fluctuations at extremely high frequencies are occurring. 
According to classical electrodynamics, the instantaneous cur- 
rent in a single one of these micro-micro fluctuations may reach 
thousands ofamperes, and the instantaneous voltage may reach 10° 

volts or more. As can be seen, the instantaneous energy and power 
are enormous. Yet outside the wire, we see a very placid and 
peaceful situation. 
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TIME IS NOT OBSERVABLE 





(3), 


WHAT THEN IS TIME? 
WHERE THEN DOES TIME EXIST? 


Figure 33. The riddle of time. Unsolved by both physicists and philosophers. 
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Figure 34. Raindrop model of physical change. 
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Table 22. FLOW OF TIME 


« PHOTON INTERACTION CONSTITUTES TIME CHANGE 
wm = () «~=NEGATMECHARCS > + A 
ws) ( POSIMOwRCEe - - A 
¢ CHARGE-PARITY-TIME [CPT] 
™ (e) > +4 (note: ~ = photon) 


- UBIQUITOUS 
- PREDOMINANT 


¢ ANTIPHOTON IS A PHASE CONJUGATE REPLICA 


Table23. PHYSICALCHANGE 


* COMPOSED OF ACTION 
«h=BASIC QUANTUM 
¢ TWO CANONICAL VARIABLES 
- ENERGY/TIME (dE dt) 
- MOMENTUM/LENGTH ( p L) 
ETC. 


¢ ENERGY/TIME 
- h=(+ E) (+t) 
- h=(- E) (-t) 


Free Energy and Antigravity 
Let's say the currentflowingin the wire is alternating current at 
a frequency of one megahertz. Let's say we have one watt of power 
in the wire (there's one volt onit, and one ampere of flowingcurrent). 
As a working rule-of thumb for engineering use, the available 
absolute micropower in an alternating current in a wire can be taken 
as: 


P =40xfxP. (4-10) 
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where P, is the absolute power available, in watts; fis the frequency 
in Hertz; P, is the conventional power available, in watts; and 40 is 
a constant of proportionality. 

In our example, the absolute power actually available in the 
currentis 40 million watts! We've got about 20 megawatts ofpositive 
power, and about 20 megawatts of negative power, in there — in the 
microstructure of the electrical current itself--but disintegrated 

By applying unconventional scalar EM engineering techniques, 
we ought to be able to take such an "input" (a straight wire with one 
watt of power at a frequency of a megahertz) and get an "output" of 
up to 40 megawatts. It is relatively straightforward to get out 1 
megawatt; suchratios have actually been achieved on the laboratory 
bench by my associates. 

Of course we will have curved the local spacetime to do such a 
thing. Butitis absolutely permitted to do that, by the laws ofnature 
as best we know them from particle physics. 

Itis also possible to do that by Maxwell's original theory. And it 
has been proven in the laboratory. 


Table 24. NEGATIVE ENERGY 


- CAN BE - EASILY POWERS 
- GENERATED - AC MOTORS 
- TRANSMITTED - DC MOTORS 
- TRANSFORMED - LAMPS 
- RECTIFIED - TRANSFORMERS 
- RADIATED - RECTIFIERS 
- TRANSLATED ¢ CIRCUITS STAY COOL 


In scalar electromagnetics, we deliberately seek to produce such 
effects and systems by nonclassical application and extension of the 
modern conservation law CPT. And we include negative energy/ 
negative time production in those systems and effects. 


Here's the extended magic rule: First we write down the expres- 
sion CPTEGS. 


In this expression, C stands for charge, P stands for (space) 
parity, T stands for time, E stands for energy, G stands for gravity, 
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and S stands for entropy. 

We are referring here to the algebraic sign of each term, and to 

a complete photon interaction (absorption and re-radiation) with a 
charged particle inside an atom of matter. Specifically, we are 
refferringto the result, after the reaction has occurred. 

Normally the photon interacts with one of the electrons in the 
atom's outer shell. This interaction with the negative electron 
charge produces the "normal" physical world/physical reality we see 
around us. In the interaction, normal parityis produced, andnormal 
gravitation (attraction of mass) is produced. Also, in a series of such 
interactions, the normal entropy (movement from order to disorder) 
is txperienced and produced. 

So in the expression CPTEGS normally the charge term is 

negative, and every other term is positive, for the complete photon 
interaction in an atom. 

Now here is the magic engineering rule: In the complete 
photon interaction with a charged particle in an atom, ifone 
of these terms is reversed in algebraic sign, all the others will 
be reversed also. 

For example, ifthe photon interacts with the positively charged 
nucleus,then parity is reversed, the bit oftime-advance is reversed, 
anegative/time-reversed photonisemitted, atinybitofantigravity 
is produced in the nucleus, and negentropy is produced. By negen- 
tropy, we mean that the emitted photon exhibits the strange charac- 
teristics of time reversal, and hence it will return from disorder to 

order. 

This rule is actually a statement of phase conjugation and time 
reversed waves, as we shall see later. 

For example, using the rule, the production of antigravity is 

straightforward.Simply producea greatexcess ofnegativeenergy 
and negative time in an object or generator by scalar photon inter- 
action with the nucleus, at a sufficient rate. 

In negative time, gravitational force is reversed. Thus in 
negative time gravity is a repulsion, not an attraction. Production 
of excess negative time in the atomic nuclei of a system produces 
antigravity in that system. Period.* 


*At 100 Hz about 500 negative watts/Ib is required for flotation. At 1 GHz, the effect is so 
weak it cannot be measured, and no amount of power will float the mirror. 
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Let me amplify that statement. There are two kinds of energy, 
negative and positive. Normally, everyone thinks only of positive 
energy. 

Take Einstein's formula for the amount ofenergy that's "bottled 
up" and stored in mass: 


E=mc’ (4-11) 


That's positive energy and positive mass. It automatically im- 
plies that we are looking at things where time is forward-going. 

Now suppose we "charge up" that mass with negative energy: 
Then the mass is negative, like this: 


-E = (-m)c* (4-12) 


And negative mass is repelled by positive mass. (Like mass G- 
charges attract, unlike mass G-charges repel.) 

That's all there is to it! Simply charge up the protons/neutrons 
of the atomic nuclei ofa mass with excess phase conjugate (negative) 
energy/time, and it exhibits antigravity compared to the earth. 
Nothing could be simpler. 

Again, it's been done in the laboratory by an associate. 

So, with respect to a negative energy/negative time generator, 
you just add more load and draw more negative power from the 
machine, forcing it to produce more. It produces more negative time, 
and hence more antigravity and more "repulsion." When the repul- 
sion balances the earth's attraction, the system "floats in air." Draw 
still more power by adding still more load, and it accelerates upward. 
Draw less power by decreasing the load, and it sinks downward 
again. That's all there is to it. 

We should have been working upon this, shortly after the U.S. 
Civil War. 

Again, there exist two completely different kinds of electromag- 
netic energy: positive and negative. These have been totally and 
hopelessly confused by modern physics, even though physicists 
sometimes use these terms. 

But in dealing with CPTEGS in the photon interaction in an 


Extraordinary Physics 104 





atom, we must clearly keep in mind what kind of energy we are 
dealingwith. 
The basic engineering rules are these: (1) Ifany one ofthe factors 
- C, P, T, E, G, or S —is reversed, all the others are reversed. (2) If 
positive charge is involved in the photon interaction, then time 
(carried by the emitted photon) is negative and so is the energy 
carried by it. (3) The simplest scalar EM wave may be considered as 
two EM waves locked together (modulating eachother), where one 
component wave carries positive energy and time and the other 
component wave carries negative energy and time. (4) Separation of 
thetwo components by interaction withchargedparticlescreates 
both positive and negative time and energy. (5) If the interacting 
particle is negatively charged, the positive energy/positive time 
component will interact with it. (6) If the interacting particle is 
positively charged, the negative energy/negative time component 
will interact with it. (7) The interacting particle phase conjugates 
(time reverses) the component with which it interacts. (8) The 
primary interaction with negative electron shells of atoms yields 
positive energy and positive time: constituting ordinary physical 
reality as we observe it. (9) The secondary interaction with the 
positive atomic nucleus produces phase conjugated (time-reversed) 
physical reality. (10) Secondary interaction (nuclear phase conjuga- 
tion) normally produces Newton's third law of motion. (11) In 
Newton's third law, the reaction force need not be equal, and need 
not be antiparallel. Note, however, in such case local spacetime is 
curved.(12)Thepresentlawofentropyisonlythepositive-timehalf; 
the other (negative time) halfis the negentropy law. 


Phase Conjugation (Time Reversal) 

It is a most remarkable fact that Soviet radar engineers and 
radar scientists are also trained in optics. While this seems little 
short of astonishing by Western standards, the Soviets have an 
exceedingly good reason: As a matter of course, most Soviet 
radar systems are also operable in, or associated with an- 
other system that is operable in, a time-reversed (phase 
conjugate) mode. 

In this mode the radar and/or its associated system is also an 
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extremely powerful directed energy weapon, having capabilities 
undreamed of in the West. 

A phase-conjugate (time-reversed) wave actually is a wave that 
travels backward through time.* That is, it is capable of precisely 
retracing the path through space, taken by another wave that 
traveled that path to a nonlinear mirror, stimulating the reflection 
of the time-reversed wave. 

Further, in retracing its invisible path through space, the phase 
conjugate replica wave does not diverge as do normal waves. Instead, 
it continually converges upon its invisible trace. 

Consequently all its energy arrives back at the distant source 
that emitted the stimulus wave originally. This was Tesla's original 
secret of his "wireless transmission of energy at a distance with no 
losses."** 

It can easily be shown, however, that the phase conjugate wave 
is a legitimate solution to the wave equation. Hence it is a general 
property ofall types of waves: sound, magnetohydrodynamic, etc. It 
is not confined just to the optical band. 

Obviously such a startlingly different wave has phenomenal 
uses. Literally it ushers in a new physics. 

Let us turn now to look at this strange wave that has emerged 
on our scientific horizon. 

In the late 1960's, Soviet researchers cautiously pointed out the 
possibility of a time-reversed wave. Papers appeared in the open 
Soviet scientific literature, and shortly thereafter U.S. physicists 
began to read about it. 

In 1972, Soviet scientists visited Lawrence Livermore Labora- 
tory and specifically briefed U.S. scientists on the optical phase con- 
jugation (OPC) phenomenon. Thereafter the effect became of in- 
creased interest to American scientists. 

(Note, however, that phase conjugation (PC) is a major phe- 
nomenon of all physics. It is not confined merely to the optical 
spectrum, norjust to electromagnetic waves. Phase conjugation is a 
general phenomenon true of all waves, regardless of type. We will 
primarily discuss OPC, since most Western experimentation has 


*The external positive-time observer sees this time reversal as length (space) reversal. 


**The great electrician had actually discovered what today is known as phase conjugation or 
time reversal of EM waves. 
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been in the optics domain, and the literature is rich in that respect. 
However, we also point out that Western scientists have absolutely 
noinkling of the mechanismcausing OPC. They havesimply written 
a model for a time-reversed wave by taking the equation ofanormal 
wave und writing the conjugation (adding an asterisk exponent) to 
the appropriate term, and pointed out that this new equation also 
satisfies Maxwell's waveequation. Theyalsodonotclearlyrecognize 
that an EM wave carries time and energy, and that atime-reversed 
EM wave carries negative energy and negative time. Further, they 
do not at all comprehend the startling implications for generating 

gravitational fields, including antigravity and inertial effects, di- 

rectlyonthelaboratorybench.) 

In optical phase conjugation, when an input EM wave (ordinary) 
enters a nonlinear medium, the medium "reflects" or produces a 
strange, time-reversed EM wave in response. 

Figure (35a) shows the effect. In the figure, El is the normal 
input wave, entering a distorting, nonlinear medium (the "blob") as 
shown. Wave E; moves on through the blob, emerging on the other 
side and continuing, though now in distorted form. 

The medium produces a second wave, E;, which precisely re- 
traces the steps of E, That is, everywhere E, is, E, now appears. The 
phases of the E, wave are precisely reversed from those of E,; The 
only difference inthe two waves is that wave E, carries positive time 
and positive energy, while wave E; carries negative time and nega- 
tive energy. 

(U.S. physicists are well aware of everything in the above 

statement except for the negative energy portion.) The historical 
background ofthephaseconjugate waveis giveninTable25. 

(We strongly stress that the West did not discover the time- 
reversed wave; the Soviets did. At the time (late 1960's) this ap- 
peared in the open Soviet literature, the Soviets had already been 
using it for about two decades in their giant energetics (scalar 

electromagnetics )weaponsdevelopmentprogram.) 

However, to return. 

The time-reversed wave is called the phase conjugate replica 

of wave E;. The overall characteristics ofthe phase conjugate replica 
E, are summarized in Table 26. 
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a. Phase conjugation by a nonlinear, distorting medium. 
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b. Ordinary mirror reflection versus phase conjugate mirror reflection. 
Figure 35. Phase conjugate reflection of a time-reversed wave. 
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Table 28. PHASE CONJUGATE WAVES 


NONLINEAR OPTICS TRANSIENTS 
* DISCOVERED BY SOVIETS 

* LATE60s-EARLY 70S 
PRESENTLY "HOT ITEM" 
INITIALLY THOUGHT RARE 

NOW KNOWN WIDESPREAD 
THIRD POWER OF E-FIELD 

STILL MUCH UNEXPLORED 


Table 26. PHASE CONJUGATE REPLICA 


TIME-REVERSED 

CARRIES NEGATIVE TIME 
CARRIES NEGATIVE ENERGY 
"HEALING" PROPERTY 
DISTORTION CORRECTION 
FROM DISORDER TO ORDER 
MAY DWARF INPUT WAVE 


Table27. DISTORTIONCORRECTIONTHEOREM 
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"If a scalar wave E, (r) propagates from left to rightthrough an 
arbitrary but lossless dielectric medium, and if we generate in 
some region of space [say near z=0] its phase conjugate replica 
E> (r) , then Es will propagate backward from right to left through 
the dielectric medium, remaining everywhere the phase conju- 


gate of E;." 
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We point out here that the basic nonlinearity (nonlinear me- 
dium) in spacetime is a single particle of mass. In a photon interac- 
tion with that particle of mass, the interacting (input) photon 
(positive energy, positive time) causes the generation and emission 
of a phase-conjugated (time-reversed) photon. This time-reversed 
photon provides the precise mechanism for generating Newton's 
third law: For every action there is an opposite and equal 
reaction. This will be covered later. 

But back to our nonlinear medium, and the two waves E, and E». 

E; and E, are "locked together" as a scalar EM wave unless 
something else is specially done to separate them. That is because 
the nonlinear medium is a modulator, and the two waves modulate 
each other (lock together as a single wave). 

(We interrupt again to strongly point out this fact: This directly 
shows that all EM waves in vacuum exist as scalar EM waves, not 
as the so-called Maxwell-Hertz transverse waves of conventional 
theory. Nikola Tesla, the greatest electrical scientist the world ever 
produced, always adamantly insisted that EM waves were "sound" 
type waves, not "transverse" waves. For one thing, the vacuum- 
medium would have to be a solid to produce transverse waves! Tesla 
even visited Hertz in Europe and tried to convince him ofthe error 
of his so-called "proof of transverse EM waves." Tesla found Hertz, 
adamant on the subject, however, and returned without changing 
Hertz's mind. Ironically, Tesla was right and all the textbooks in the 
Western world have been consistently in error as to the nature of the 
EM wave in vacuum.) 


We simply state here that, for a single-frequency EM sine wave 
in vacuum, a "full photon" ofthat wave in vacuum is actually a single 
sine-wave oscillation. The positive (positive energy, positive time) 
halfofthat sine wave is the same thing as a virtual electron (negative 
charge). The negative (negative energy, negative time) half of that 
sine wave is the same thing as a virtual positron — a virtual electron 
travelling backwards in time, or "time-reversed", which we detect as 
length-reversed and charge-reversed. 

Further the vacuum — including the vacuum inside each rela- 
tively empty "mass structure" such as an atom or molecule — is a 
seething inferno of activity of virtual particle fluxes. It is upon that 
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mediumthat all physical reality and physical changes are im- 
pressed. Thus there is nothing static in the world; what actually 
exists is switching of virtual particle fluxes. What we call a "static 
thing" is only an equilibrium in this switching activity. And, once 

switched on, any stream continues until switched off or switched to 
change it. 

For that reason, the full photon has always contained twice as 

much absolute energy asis provided bythepresently used equation 


E=hf (4-13) 


Where E is energy, h is Planck's constant, and fis frequency. 

One half the photon carries negative energy and negative time, 
while the other halfcarries positive energy and positive time. In the 
full photon interaction, one half of the photon interacts and 

"switches off" the stream. Thus the photon interaction makes a 
single change of action, energy x time, both switching on the 
beginning ofthe quantum change and switching off the ending ofit. 

The full photon in vacuum is, and has always been, a 

scalar EM photon. It rigorously is the presently accepted 
photon plus its directly "hooked on" and accompanying 
phase conjugated replica photon. 

That is, in terms of the present physical view, the scalar electro- 

magnetics view ofa full photon in vacuum is that it consists ofa 

photon and its antiphoton, directly combined in serial fashion. 
Further, this antiphoton part is not identical to the photon, since it 
is time- and energy-reversed. 

The present physics makes no distinction between the two types 
of photons, hence makes no distinction between positive and nega- 
tive photon energy. It also still considers "static" things to independ- 
ently exist. It does not pursue the fact that all things appearing 

"static" are equilibrium states in nearly unbelievably intense virtual 
particle streams. Sinceitdoes notpursue that fact, itdoes notbuild 

a "switching" model for quantum change, not does it arrive at a 
method ofdirectly engineering these "switching" operations. 

For that reason, present physics has totally missed local 

general relativity and the engineering of spacetime curva- 
ture by electrogravitational methods, as was contained in 


111 Extraordinary Physics 


Maxwell's original theory. 

For the same reason, present Western physics has not worked 
out the basic mechanism that produces phase conjugation, and it has 
not realized that all conservation laws can be locally violated with 
the new methods — methods actually hailing back to Maxwell's 
original theory! 

Now returning again to our nonlinear medium and waves E; 
and E>: 

It is possible to separate (demodulate) wave E, from wave E; In 
that case, E; is an ordinary EM wave, carrying positive energy and 
positive time. E, is a phase conjugate replica, carrying negative 
energy and negative time. 

Irradiation ofan atom in anew sample of material with anormal 
EM wave such as E;, just provides the normal photon interaction 
with the electron shells. That is, the electron part ofthe full photon 
adds to the orbital electron's energy state in positive time, raising the 
orbital electron to an "excited state." (Remember, this has switched 
on a continuous process of "keep raising the energy level of the 
electron" in positive time.) The "state-increasing" orbital electron 
then interacts with the second, positron-part of the full photon, 
which switches off the increasing, leaving the electron in its "static 
excited state." Simply put, one half of the full photon turns on an 
uplifting spray, and the second half of the full photon turns off the 
uplifting spray, leaving the electron in equilibrium state at a new 
level.* 


Thus in orthodox physics we have taken the view that an 
electron in a shell absorbs a "photon" from the incident wave, taking 
extra energy and being raised into an excited energy state. 

In the orthodox view, the excited-state electron then decays to 
release another ordinary photon (since it comes from a negative 
charge). 

What actually happened was that, when the "full photon" of the 
incident wave is absorbed by the orbital electron, increase of the 
electron energy is switched on, then switched off, leaving the elec 


*We state here a magnificient principle without proof. When one furnishes (inputs) electrical 
power to a system, all the "input work" is expended purely upon switching fields by fighting 
against them in brute-force fashion. E.g., electrical power furnished to an electric motor does 
not run the motor, but only continually wrestles the internal fields to switch them. Obvi- 
ously, to build an over-unity device, one must get it to switch its own fields, at least a 
significant fraction of the time. 
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tron in equilibrium at a new energy level. 
What happened in the middle was phase conjugation. In absorb- 
ing thefirsthalfofthe incident full photon, the electron acted as a 
phase conjugate mirror (we will explain that term shortly). It 
emitted a forward-travelling phase conjugate replica (PCR) of that 
first photon half, and this conjugate replica entered the nucleus, 
where it is absorbed to cause the Newtonian reaction force. Note that 
this PCR emission by the electron does not generate recoil in the 
electron-PCM, asiswellknowninOPC theory andexperiment. 
The same type of phase conjugation happened when the state- 
increasing electron absorbed the second half of the incident full 
photon. It phase conjugated again, sending this halfto the nucleus 
to acompany the former PCR half. In the nucleus, this second half 
switches off the increase in excited state of the nucleus that was 
engendered by absorption of the first half. 
The photon interaction is a process for switching on and 
off a continuous rate of action increase or decrease. 
At the conclusion of the full photon absorption, both the orbital 
electron and the nucleus are in excited states. The nucleus has 
increasedits gravitationalmass. 
Then the situation precisely reverses. Both nucleus and electron 
decay, again emitting full photons and again phase conjugating. 
The PCR photon emitted by the nucleus reduces the positive 
mass of the nucleus. The PCR photon emitted by the electron is 
reversed from the electron'’s absorption record, reducing the nega- 
tive charge's energy state, and theelectronis saidto "decay" fromits 
excited state. The PCR photon emitted by the electron now (to the 
observer) willappeartocarry positive time and positive energy. 
(In passing, we point out that, actually, the situation is far more 
complicated. Both the electron and the positively charged nucleus 
are enmeshed in continuous streams of virtual particle flux, includ- 
ing intense streams of virtual photons. One must go to n-wave 
mixing, where n is greater than 4, to fully understand the total 
reaction. Themain points are, the Newtonianreaction forces within 
the atom are generated by phase conjugation, the photon emitted by 
the decay ofan excited state electron will normally carry what we call 
positive energy and positive time, and the photon emitted by the 
decay ofan excited state positive charge will normally carry what we 
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call negative energy and negative time. Full coverage of these 
interactions is beyond the scope of this book, and must wait for 
another effort in the future.). 

Now once again we return to our simplified model of phase 
conjugation, and waves E; and E, in our nonlinear, modulating 
medium! 

As we stated, we can engineer the situation so that the phase 
conjugate replica E, can be separated from E;. A separated E, 
however, is a quite different breed of cat. It is a phase conjugate 
wave, carrying negative energy and negative time. 


E, is a magic wave indeed! 


Irradiation of the nucleus ofan atom in anew sample of material 
with a phase conjugate replica such as E> causes the nucleus of the 
atom to interact in reverse ofits normal interaction.* That is, one 
of the positive charges in the nucleus interacts with a photon 
resulting from wave E, and goes into an excited "negative energy" 
state. That state, in decaying, emits an ordinary virtual photon 
which promptly interacts with a virtual positive charge in the 
nucleus, which decays to emit the virtual photon, which interacts 
with another positive charge in the nucleus, etc. 

In other words, the negative energy ofthe absorbed antiphoton 
is captured by the nucleus, and the nucleus overall does not 
immediately decay to discharge the negative energy. 

Instead, the nucleus acts as an accumulator or capaci- 
tance, charging up and then discharging far more slowly 
than the normal photon/electron interaction. 


(For the purist, the nucleus does phase conjugate the input 
negative energy/negative time wave, and phase conjugates it again 
— upon an electron in the electron shells, through spin coupling 
This second phase conjugate replica is nowjust a normal EM wave, 
and the electron exhibits a normal EM interaction. Thus our 
instruments (Which are electron wiggle detectors) detect a normal 
*Trradiation of the nucleus with a PCR wave is easily accomplished by using ordinary 


magnetic resonance, and modulating the PCR wave upon the magnetic carrier, as Antoine 
Priore did. 


Extraordinary Physics 114 


EM wave detection and do not discriminate between photon and 
antiphoton halves ofa full photon. For that reason, scientists have 

not clearly noticed the difference between positive and negative 
energy, andbetweenphotonsandantiphotons. Theyhavealsonot 
resolved thebasicconflictbetweenthe particle and wave theories of 
electromagnetics. Note that the full photon concept, where the full 
photon is a normal photon and phase conjugate replica ofthat photon 
hooked together into a single sine wave, resolves the long-standing 

wave-particlecontroversy.) 
In most oftheir instruments, present scientists are detecting a 
secondarynormalEM waveforthephaseconjugatereplicainterac- 
tion, since the phase conjugate interactions in the instrument are 
not sortedout, and since the instruments measure only one kind of 
PCR, that emitted by a negatively charged electron. Hence scien- 
tists think the antiphoton has positive energy, and interpret it in 
positive time. Consequently they tend toaccentthatthe wave is 
"phase-reversed,"andnotaccentthenegativetime/negativeenergy 
implications since they have not clearly sorted them out. 

Let us return to our consideration of the irradiation of the 

nucleus of an atom (with an incident E, phase conjugate replica 
wavecarrying negativeenergy andnegativetime, withrespectto 
our electron-wiggle-detecting observer). 

AS irradiation continues, the actual "structured charge pattern" 

existingontheincidentE,waveslowlychargesupthenucleusofthe 
atom with that exact charge structure, in the negative energy/ 
negative time state. 

We shall find that most interesting fact ofgreat utility when we 
later discuss the mind, thought, cellular control systems, and gener- 
ating a specific electromagnetic phase conjugation pattern to re- 

versecellulardisease. 

We shall also find that it is of great interest in accomplishing 
antigravity when we use extremely low frequency PCR irradiation. 


The Phase Conjugate Mirror 

Any system which phase conjugates the input wave and returns 
a phase conjugate "reflection" is called a phase conjugate mirror, 
or PCM for short. 
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But the phase conjugate mirror has some very unique proper- 
ties, as can be seen in figure 35b. 

For example, if you look in a normal mirror, you see your own 
reflection. You see your shoes and legs, forexample. Light from your 
shoe scatters across the mirror, and it hits one spot on the mirror 
which reflects it at the proper angle to strike your eye. 

But that simply doesn't happen with a phase conjugate mirror! 
If you were looking into a phase conjugate mirror (PCM), the light 
that left your shoe and scattered across the mirror would be reflected 
right back to the shoe, since it would retrace the path taken by the 
previous light striking all across the PC mirror from the shoe. So all 
you would be able to see would be two black dots: the retinas of your 
eyes. Light reflecting off them and striking the PCM would be 
reflected back to the source — the retinas — so you could see that 
light and that light only. 

This path reversal is most important to keep in mind. With a 
phase conjugate signal, you are not functioning with an ordinary 
signal. Further, ithas a "precursor" path taken by the incident wave 
that stimulated its emission from the PCM. Unless interfered with, 
the PCR will trace back down the invisible vacuum trace of that 
incident wave, or back down its wave path, like electricity goes down 
a wire. 

This, by the way, is the secret of Tesla's wireless transmis- 
sion of energy at a distance with no losses. 

When broadcast into space, a normal EM wave (positive time, 
positive energy) diverges or scatters from its path. 

Precisely the opposite happens with a PCR wave. When broad- 
cast (reflected) into space, the PCR wave continually converges back 
upon the invisible trace taken by its incident stimulus precursor. 
Thus all the PCR energy is continually converging upon an invisible 
beam or "wire" through the vacuum, back to the source of the original 
incident wave.* 

If the PCR wave is highly amplified (and means to do this are 
now well-known), then large amounts of EM energy can be precisely 


*One can effectively move the entire imprinted vacuum path, however, by adding an 
additional input vector wave computed so that the resultant input would have come from 
the desired shifted distant point. In this way the PCR can be steered in space to lead and 
intercept a distant moving target. 





Extraordinary _ Physics 116 


returned to distant points from which a stimulus wave of any kind 
isreceived. 
If a micro-microwatt is received from a point thousands of miles 
distant, then a gigawatt can readily be returned precisely to that 
distantpoint. 

This was Tesla's magic secret. The great electrician had discov- 

ered phase conjugation, though he did not use that term. He did, 
however, pointoutthathecouldcreate an invisible wirethrough 
spaceto a distant point, and could send any amount ofenergy to that 
distant point without any scattering losses along the way. 

He also accomplished the same thing with sound waves and 

mechanical waves. He pointed out that he could produce an undi- 
minishedphysical(mechanical)effectatany distantpoint,andcould 
eventually split the earth ifhe added power long enough. 

Tesla had given the principles ofradarin World War I! He later 
even spoke ofhis "big eye that can see at a distance." Here he was 
probably referring to stimulating the emission ofa PCR return from 
that target. The PCR would automatically correct for the distortion 
in the intervening medium, and fairly sharp pictures of the distant 
scene — without showing the size dispersion of distance — could 
probably be obtained. Note that a non-scattering signal to a distant 
observer does not make him suffer any loss in field or apparent size 
and detail of the scanned object, which can be recovered to any 
resolution, limited only by the state of the art of the physical 
realization technology. 

The implications for far greater resolution microscopy— 
far heyond the present limitation to about 4,500 — should be 
immediately obvious. The implications of such a microscope 

- that can see directly inside atomic nuclei; photograph 
nuclei and fundamental particles directly; see living viruses, 
molecules, and atoms directly; and theoretically see even 
into the virtual state itself— should be immediately obvious. 

In discovering phase conjugation, the Soviet Union was attempt- 

ing to break Tesla's secret of wireless transmission ofenergy without 
losses, and the Soviet scientists did so by about 1950. They highly 
weaponized the effects of phase conjugation, phase conjugate mir- 
rors, and amplified phase conjugate mirrors, both in radar waves, 
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mechanical waves, and sound waves, for nearly two decades. Then 
the Soviets cautiously stimulated the open literature with a limited 
paper on optical phase conjugation, to ascertain whether or not we 
realized the severe weapon implications of time-reversed waves, 
their production and use, and their amplification. 

So phase conjugate mirrors can do very useful things. For 
example, look again at figure 35a. Suppose we are trying to 
photograph something on the other side of the distorting medium, 
say through a distorting gas, such as a turbulent atmosphere. In 
that case E; on the left is, say, light coming from an object on the left 
and passing through that distorting medium. If we just used 
ordinary waves in a camera on the right, we would see a very 
distorted wavefront, as represented by the distorted E). 

However, if we illuminate the object by sending a wave through 
the distorting medium, and detect the phase conjugate signal that 
returns, it will have reversed the distortion when it gets to us, and 
we will get a clear picture. A very nice photo ofjust this process is 
contained in David M. Pepper, "Applications of Optical Phase 
Conjugation," Scientific American, 254 (1), Jan. 1986, p. 75. 

Phase conjugation has many more uses than we have covered in 
this briefpaper, of course, but this is animportant use: the removal 
of distortion effects from optical systems. 

It would, however, be nice to be able to amplify the effect. And 
sO we can. 


Amplifying the Phase Conjugate Effect 

Let's look now at figure 36, where we will develop how to amplify 
the phase conjugate replica. 

Be careful to notice that we are changing subscripts on you. By 
convention, optical scientists use A; and Az as two additional waves, 
called the pump waves, that are used to stress the nonlinear 
medium, and input signal wave Ay. Wave A; then is the stimulated 
PCM output, or the phase conjugate replica (PCR) wave. 

In this figure we show a scheme for amplifying the phase 
conjugate signal that is generated and returned by the phase 
conjugate mirror (PCM). 

We do this by adding two opposing waves of the same frequency 
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(in this simplified case). These are the two "pump waves", and 
impressing them upon the PCM is called "pumping" the PCM. 
Actually, in producing the pump wave, we are adding two input 
waves of the same frequency, 180 degrees out of phase with each 
other. Since the nonlinear medium is a modulating medium, the 
waves are forced to modulate each other and "lock together" as a 
single scalar EM wave of most interesting characteristics. Indeed, 
its E fields sum to a zero resultant vectorially, and its B-fields sum 
to B zero resultant vectorially. However, the scalar parts remain and 
are multiplied together, as in the original Maxwell quaternion 
theory. Since the magnitudes ofthe vector components in the scalar 
summation (quaternion multiplication, since we are addressing 
modulation) are varying, then the magnitude of the remaining 
scalar partis varying. We have therefore produced a standing scalar 
wave in the nonlinear material medium, having zero vector EM 
gradientcomponents. We have produced a purely scalar EM 
wave of pure potential — and this is an electrogravitational 
wave, rigorously, since it represents atime oscillation ofthe 
local energy density (local virtual particle flux density) of 
vacuum. This scalar EM wave passes through the electron shells 
and enters the nuclei, where it is phase decoupled by the extreme 
nonlinearity of the violent virtual particle currents of the nucleus. 
Its energy is then absorbed by the nucleus, raising it to an excited 
pseudopotential. This potential decays, returning the scalar EM 
stress wave into the local vacuum and area. We are now pumping the 
atomic nuclei of the nonlinear PCM material with our two pump 
waves, and we have created an oscillating local gravitational field 
around the PCM. 


This increased nuclear G-potential, looked at in Kaluza-Klein 
theory, is a 5-space potential. It is ready to burst out in the 5th 
dimension (as electromagnetic bleedoff) at the slightest provocation. 
That provocation is the entrance and absorption ofthe input signal 
wave, Ey. Note that Ey acts as an "initiator" (or a pinprick into a 
highly inflated balloon, if you will) on the built-up, excited 5- 
dimensional gravitational pseudopotential of the nuclei. The 
moment so initiated, the entire 5-space G-pseudopotential collapses, 
emitting a time-reversed phase conjugate replica (PCR) of Ey. This 
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emitted, highly amplified PCR is labelled E3. It now "backtracks" 
down the invisible trace through space taken by the incident stimu- 
lus wave Ey, returning to the distant source that originally emitted 


Voila! Tesla's wireless transmission ofenergy to a distant point 
without losses. Voila! The Soviet Launch Phase ABM system and 
the Soviet Launch Phase Anti-Bomber System, when used in con- 
junction with an over-the-horizon radar (such as the giant Wood- 


Table 28. FOUR-WAVE MIXING 


¢ NONLINEAR MEDIUM 

+ OPPOSING PUMP WAVES 
- CROSS MODULATION 
- SCALAR WAVE 
- INTO NUCLEI 

+ TRANSMISSION WAVE 
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¢ REFLECTION GAIN 












A; 
HONLINEAR MEDIUM 






Figure 36. Phase conjugation by four-wave mixing. 
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b. Soviet launch-phase and midcourse anti-bomber system. 


Figure 37. Soviet launch-phase and midcourse strategic defense system. 
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peckers) to provide a reflection signal from a distant target. Voila! 
The true use of Soviet Stand-Off-Jammers to knock out enemy 
antiaircraft, air control, and anti-tactical missile radars wholesale. 
Voila! The Intermediate Phase ABM system, where a long range 
strategic radar is used to provide reflections from incoming targets. 
"Fire and fire again!" is the rule, and 100% defense is directly 
achievable. Voila! How the Soviets knocked down Gary Powers' 
high-flying U-2 reconnaissance aircraft. Voila! How SA-2 missile 
system radars were temporarily modified in North Vietnam to knock 
down several hot new F-111 aircraft. Voila! How the Arrow DC-8 
aircraft, Titan missiles, Delta rocket, and Ariane rockets were 
"electromagnetically surged" from inside to destroy them. Voila! 
Why the Soviets almost never throw away old radars, since they can 
now add PCMs and make them formidable destroyers of incoming 
targets. Voila! How one solves the ABM problems of discrimination 
and weapon kill; simply pulse-fire everything — nuclear material 
explodes in a full nuclear explosion when struck with potential 
pulses of sufficient magnitude and duration. 


Summarizing figure 36 and amplification ofthe phase conjugate 
replica: 

When we consider the addition of the input wave and the 
resulting phase conjugate wave that will be produced, we shall have 
a total of four waves. Thus this particular process is called four-wave. 
mixing.* 

On the diagram in Figure 39, A; and Az by convention are taken 
to be the two opposing EM pump waves. Notice that these two pump 
waves stress the medium. Since the medium is nonlinear, it is a 
modulator. Hence the two pump waves modulate each other. The 
two waves thus lock together into a scalar EM wave. This scalar EM 
wave is an oscillating artificial scalar EM stress wave, and it goes 
directly into the atomic nuclei of the medium and pumps the nuclei 
themselves. 

The atomic nuclei are now rhythmically stressed with the 
oscillating scalar wave. 


*Probably the best single introduction to optical phase conjugation in the English language is 
David M. Pepper, "Nonlinear optical phase conjugation," Optical Engineering, 21(2),Mar./ 
Apr. 1982, p. 156-183. Especially read Pepper's footnote on p. 166. 
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We now input a weak signal (wave A,) into the "pumped nuclei" 
medium. 
By our CPTEGS rule, the positively- charged nuclei generate a 
negative energy/negative time wave — in short, a phase conjugate 
replica wave. Further, itis a highly amplified PCR, and may contain 
as much raw energy as was fed into the pumped mirror by our pump 
waves. This "seeker wave" or "electromagnetic missile" wave then 
sets out on its invisible path through space, seeking a distant "Ay 
source point" and delivering all its energy intact to that point. 


The Phase Conjugate Mirror as a Vacuum Triode 

The pumped phase conjugate mirror (four wave mixing) can best 
be understood as a special kind of vacuum triode. 

The pumped artificial potential on the atomic nucleus provides 

a powerful cathode in positive time, and a powerful plate as well in 
negative or reversed time. The electron shields, in their spin 
coupling to the nucleus, act as a grid in positive time. The input 

signal A,itselfacts as arelatively weak signal onto the grid of the 
triode. 

The positive charge difference in potential between the powerful 
pump potential ofthe nucleus (cathode, in forward time) acts as the 
plate voltage. The decrease of this potential when discharging 
(increase of the negative time, negative aspect) acts as the produc- 

tion ofa plate signal to the negative time operation (production of the 
amplified, time-reversed PCR wave). 

The excited nucleus immediately decays upon stimulus by the 
"grid signal" Ay, emitting a "time- and energy-reversed" strong 
signal — in short, amplified phase conjugate replica wave Es. 

The amplified phase conjugate signal moves from the cathode 
(nucleus) out to the electron shells and beyond, precisely because it 
is time-reversed. To a time-reversed signal, the grid (normal input) 

acts as the final plate (external output) — that is, in negative time, 

the elements ofthe triode arereversed. This makesit possible forthe 
material to emit the powerful PCR. 

I have called this effect/analogy a vacuum triode, to accent the 

directengineering possibilities. My associates havealreadyengi- 
neered this effect to obtain enormous amplification of energy (‘free 
energy" )andpracticalantigravity, fromsolid-statedevices, directly 
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Figure 38. Power reflection coefficients and oscillation. 
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on the laboratory bench. 

The actual "amplitude gain" ofthe vacuum triode is the ratio of 
the amplitude of A; to the amplitude of Ay. The square of the 
amplitude gain is proportional to the power gain; this entity is called 
the nonlinear power reflection coefficient. 

Figure (38a) shows the typical nonlinear power reflection coeffi- 
cient for a pumped phase conjugate mirror, as a function ofthe input 
energy and the depth ofthe material. As the input signal increases, 
the gain increases. The ultimate condition would be that the "free 
oscillation" condition is approached. This occurs when the angle 
between the input wave A, and the pump waves A, and A: is 90 
degrees. 

Figure (38b.) shows the oscillation condition and the fraction of 
the total pump power that is in the input wave A, and its output 
phase conjugate replica A3. 

At the oscillation condition, an "infinite" gain exists at the 
correct depth in the medium. This means that essentially all the 
energy being fed into the pump waves A; and A> will now be emitted 
in the output wave A3. At that point, "saturation cutoff" ofthe triode 
output occurs, and it cannot output higher energy, since it has no 
more. 

Notice that, at the oscillation condition, for the slightest output, 
the full power of the pump waves is fed into the phase conjugate 
replica. This powerful wave then retraces the path taken by the 
original input signal, unless something else is done to divert it.* 

The interesting question then arises: Since we can have infinite 
gain, can we geta special oscillation condition so that the pump wave 
furnishes its own energy? In other words, can the pump wave 
"resonate" with the vacuum flux in such a fashion that it is self- 
pumping and self-perpetuating? 

In at least three materials, the answer is yes. Such effects have 
been experimentally accomplished in special forms of barium ti- 
tanate. See, for example, J. O. White et al, "Coherent oscillation by 
self-induced gratings in the photorefractive crystal BaTiO3," Appl. 
Phys. Lett., vol. 40, 1982. p. 450. 


*Recall that the PCR can be steered by introducing a minute wave As to vectorially sum with 
input Az, In that case, the effective input is the vectorresultant of(A,+ As). The apparent 
distant source point and invisible vacuum path are shifted correspondingly. 
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Phase conjugation is a universal phenomenon. Theoretically it 
applies to any sort of wave: electromagnetic, scalar, sound, mechani- 
cal, etc. By using it, incredible new effects and an entirely new 
physics can be accomplished. It is a new and exciting field, little- 
known outside specialist circles, and still not well-understood. Most 
discoveries in the field are yet to be made.* 


Newton's Third Law and the Full Law ofEntropy 

For example, the present author noticed that Newton's third 
law— for every action there is an opposite and equal reaction — is 
actually a result of phase conjugation. To explain that, we diverge 
a bit. 

First, phase conjugation is also involved in the fact that a 
charged particle of mass is a little "dynamo" or engine. 

Actually, a particle of mass is itselfa "nonlinearity" in vacuum 
spacetime. When a photon (virtual or observable) strikes a particle 
of mass and is absorbed by it, it's the same as "interacting with a 
nonlinear medium." 

In terms of virtual photons, the charged particle is continually 
bombarded with them, from the vacuum flux. The charged particle, 
being a "nonlinear medium", phase conjugates each input virtual 
photon, emitting a phase conjugate replica. 

Ifit absorbs a normal virtual photon, it emits a "negative energy, 
negative time” phase conjugate replica. 

Ifit absorbs a normal virtual photon, it emits a "negative energy, 
positive time" phase conjugate replica — just a normal virtual 
photon. Note thatthe particle ofmass thus does not existintime. Or, 
it exists equally in positive and negative time. Since we only observe 
particles, it follows that time is not normally an observable, as 
quantum mechanics has assumed. 

The emission of a phase conjugate replica does not affect the 
momentum ofthe emitting PCM, as is well-known. 

For an observable photon, the particle (nonlinear medium) 
absorbs the normal photon, which does not affect the energy and 
momentum ofthe PCM particle of mass. 

Ifthere is no other mass to accept the PCR, itjust moves off. 


*The U.S. may finally be waking up. SDI is now starting to study EM missiles "in the 
timedomain" as opposed to frequency. See Av. Wk. & Spurn Tech., Feb. 29, 1988, p. 56. 
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Ifthere is another mass to accept the PCR, the PCR is absorbed 
and phase conjugated by it. 

A charged particle in vacuum is continually bombarded by a flux 
ofessentially "randomized" fluctuations. However, on the average 
these all "average out" to zero. Any particle is automatically in a very 
high vacuum potential, and is in a state of great agitation at all 
times, even ifit's "at rest" with respect to ordinary observers. It's 
really "smeared all over the place," so to speak. 

When we expose a charged particle to a normal potential, the 
interior virtual particle flux ofthat potential is disorganized. Hence 
the particle just "wiggles a bit more frantically," so to speak, 
randomly in every direction. 

However, when we expose a charged particle to an artificial 
potential made by zero summed/multiplied EM force fields or waves, 
the particle wiggles more frantically in organized directions.* 

This is just as true for virtual particles as it is for observable 
particles. 

Thus the use of such artificial potentials in scalar electromag- 
netics enables us to overcome the disorder of the internal structure 
of normal electromagnetics. By this means, we can structure the 
vacuum, organize electricity and electromagnetic waves, accomplish 
negentropy, curve local spacetime in complex, deterministic fash- 
ions , produce free energy and antigravity, reorganize and transmute 
nuclei (transmute elements) with miniscule input energy, etc. 

Rigorously, this means that the present law of entropy is only 
half of the full law ofentropy. Specifically, it is the "positive time, 
positive energy" half of the law, and it states that in closed real 
physical systems, continuing operations of ordered "positive time, 
positive energy" effects tend to inevitable "disordered" effects pro- 
duced in the apparatus or system. 

In other words, the present law of entropy really states that no 
ordered system is totally closed. The system will inevitably have 
energy and actions that escape the system's order, and hence (to the 

system) this escape represents "loss oforder" — or in short, disorder. 

The present law ofentropy specifically excludes (by implication) 

* Le., the electronic noise is partially organized. This is a major key toward building scalar 


EM detectors. It is also a primary cause of many solid-state circuit malfunctions. The exact 
principle: (Random changes) + (artificial potential) equals (chaos). 
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Figure 39. Photons have virtual substructures. These may be statistical or 
deterministic. 


negative time aspects, where external (disordered) energy time- 
reverses to again enter the ordered system, in perfect order. By 
implication, it also excludes negative energy production and opera- 
tions. 

However, experimentally we can produce both negative 
energy and negative time, in deliberately time-reversed 
operations such as phase conjugation and with devices thnt 
serve as phase conjugate mirrors. Further, we can amplify 
the phase conjugation and disorder-to-order operations. 

Hence the present law ofentropy is incomplete, and states only 
half the true possibilities. The other half of the law is the law of 
negentropy. In this law, disordered operations outside the ordered 
system undergo time-reversed (and possibly amplified) effects. 
These reordered energy effects — which may be highly amplified in 
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comparison to the disordered escaped energy—reenter the "ordered 
system" restoring order. Since this process moves in negative time, 
it goes from disorder to order. Hence it is negentropic. 

Therefore we have solved the old thermodynamic problem ofthe 
"eventual decay of the universe into disorder." Not to worry; the 
other halfofthe full law ofentropy prescribes negentropic operations 
in negative time/negative energy, and these restore the order ofthe 
universe. That takes care of the problem. 

It also means that, in highly disordered systems ofmany degrees 

of freedom and far from thermodynamic equilibrium (that is, when 

the disorder law is saturated), then one can expect to see further 
stress "create" negative time and hence create order emerging and 
stabilizing from disorder. 

And of course that is exactly what is seen. Ilya Prigogine was 
awarded the Nobel Prize in 1977 for writing a new thermodynamics 

predicting precisely such effects, and experiments have proved his 
case. 


But to return to Newton's third law: 


Newton abstracted his third law from the classical interaction 
between two colliding balls. 

If one ball is at rest and another approaches it at some velocity, 
the approaching ball carries momentum and kinetic energy. As it 

"collides" with the resting mass, quantum mechanics tells us what 
actually happens: Particles ofmass inthe moving ball are producing 
virtual photons continually, and these virtual photons strike the 
particles of mass ofthe resting ball and are absorbed by it. 

The resting mass now acquires extra energy and momentum 
from the absorbed photons. Atthe same time, it acts as a nonlinear 
medium. It produces phase conjugate replica virtual photons, and 
these time-reversed virtual photons are emitted. These photons 
produce no change in momentum or energy upon the emitting mass. 
However, being phase conjugates, they precisely follow back along 
the paths taken by the first or "stimulus" virtual photons, striking 
the moving ball. They are absorbed by that ball, producing (to the 
external observer) negative momentum and negative energy in it. 
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These subtract from the kinetic momentum and kinetic energy ofthe 
moving ball, reducing them. 

The virtual photons emitted by the approaching ball perform 
positive work upon the target ball. 

The virtual, phase conjugated photons, emitted in return by the 
mass ofthe struck ball as a PCM, reverse to strike the approaching 
ball to do negative work upon it. 

Notice that twice as much absolute work is always done on the 
system of two balls as we "input" with the approaching ball. 

Also notice that, ifwe directly "engineer" the phase conjugation 
of the struck system, we can directly tamper with, and drastically 
change, the production ofthe negative energy and negative momen- 
tum in the moving ball. Hence we can drastically alter Newton's 
third law. We can now make a Maxwell's Demon. 

This alone clearly establishes that it is perfectly possible to build 
a so-called free energy device. Though subtle mechanisms must be 
used, it's nothing more spectacular than putting a paddle wheel in 
ariver, and extracting shaft power from the wheel, furnished by the 
river's current. Phase conjugation yields other exciting possibilities 
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Figure 40. Once established, a virtual river is for free. 
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OBSERVABLE POWER 





(Locally Curved! 





Figure 41. Local energy conservation can be violated. 





Figure 42. T.H. Moray adjusts the controls of his radiant energy device. Salt Lake 
City, Utah, in Feb. 1937. Moray obtained 50 kilowatts of power from a 55-Ib. device, 
straight from the ether. Its characteristics (cool circuits, brilliantly lit lamps) reveal 
that It was negative energy. 
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too numerous to explore here. For just one example, by phase 
conjugation, real-time holography can be accomplished without 
having to separately make and illuminate the holograms. 

Now with holography and multiple projectors — and particu- 
larly with two intersecting "normal" beams to backtrack upon with 
ever-converging PCR signals—you can assemble a "form ofenergy" 
at an appreciable distance from the projectors in three dimensional 
space. With phase conjugation, you can do it in real time. And you 
can do it at a great distance back along the path ofany signal you use 
as an input. 

By using PCM holography, degradation with distance is not 
appreciably experienced. After all, the PCR waves utilized are ever- 
converging. The energy does not diverge and spread. Therefore, if 
you can make a 6" diameter ball of intense EM energy at a short 
distance in the laboratory, you can make that same 6" diameter ball 
of intense energy at several thousand kilometers distance, using 
PCR real-time interference holography. 

With highly amplified PCM's, you can put far more energy into 
the distant interference form than you can with normal holography. 
Conceivably it is possible to assemble so much energy in the holog- 
raphy "object" that it condenses into a real material object! In other 
words, it materializes or semi-materializes. 

Both the "intense light form" usage and semi-materialization of 
forms (such as light forms, flying geometrical forms, etc.) have been 
created worldwide by the Soviets for decades, to stimulate UFO 
reports and provide a deception plan for their development and 
testing oflarge, strategic energetics weapons using highly amplified 
PCMs and PCR holography.* 

Other bizarre considerations also arise. For example, in radi- 
onics one utilizes a "witness"—such as a photograph—ofthe object 
one is attempting to send "energy" to. (For example, this might bo 
a sickly plant one is attempting to spruce up). Now when the plant 
was photographed, the light from it struck the photoemulsion of tho 
film, producing a photochemical reaction. It also produced phase 


*For an example of highly reliable detection and observation of "Soviet hololography UFOs," 
see Leif Havik, "Project Hessdalen," MUFON UFO Journal, Jan. 1988, p. 4-7. The present 
author certainly does not imply that all UFO phenomena are due to Soviet PCR holography, 
only that some UFO phenomena are. 
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conjugation in the atomic nuclei of the film emulsion, since the 
emulsion acts in some respects as a nonlinear medium. 

There exists a continuous, invisible "stimulus photon and its 
connections” trace in time and space, between the plant when the 
photo was taken and that photo now, even ifone or both ofthem have 
moved. That trace is highly persistent (as Australian experimenters 
Reid and Barsamian have shown). A phase conjugate (time-re- 
versed) signal can be made to retrace that track and travel all the 
way back to the plant, in the present. The effect of using the photo 
(or sample of the object) as such a "witness" of the real plant and 
directing weak PCR energy back along the invisible trace into the 
object is called radionics. In most cases, the two cerebral hemi- 
spheres ofthe operator's brain are depended on to form the necessary 
scalar "pump wave" to pump the "witness" and produce phase 
conjugated signal energy, time-reversed to travel back into the 
distant object.* 


The problem with present radionics is that itis far too weak, and 
it is "operator dependent", changing with the mood, temperament, 
and skill of the operator. It does objectively work, however, though 
Often erratically. In countries such as England, France, and Ger- 
many, use ofradionics to treat human disease is legal and permitted, 
though operators (for example, in England) must undergo extensive 
training and certification. Its results are roughly comparable to the 
results of normal medical doctors. Radionics does not replace 
orthodox medicine. It can successfully treat certain things that 
orthodox doctors have little or no success with (such as lupus), and 
orthodox medicine can successfully treat many things that radionics 
has little success with (a broken leg or ruptured appendix, for 
example). The two treatments are best used in conjunction with 
each other. 


However, we must point out that a new, amplified PCM radion- 
ics is likely to emerge in the near future. Such a new approach will 
offer highly effective, powerful treatment of diseases, even at a 
distance, by amplified PCR electromagnetics. Again, the radiation 
in and from a photo or witness ofa diseased patient can be used as 
a "grid signal" into a powerful, pumped phase conjugate mirror. The 


¢Again recall that we observe time-reversal of waves as spatial path reversal, not as time 
travel. 
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PCM will produce a specific, powerful, amplified signal that will 
travel directly to the patient, be absorbed in his entire system, 
including the atomic nuclei comprising his cells, and directly reverse 
the chemistry, toxins, and cellular damage in the patient from that 
disease. It will also kill or destroy the harmful viruses, bacteria, etc. 
causing the disease, and it can even reverse the actual genetic 
changes in the cell caused by disease-inducing viruses. 

Ofcourse, any powerful tool is two-edged. It can be used for harm 
as well as good. I think the reader can appreciate the damage that 
can be done to systems and persons at a distance by means of such 
powerful new amplified PCM radionics devices. 

You can also see the security problems posed to large comput- 
ing facilities in banks, federal facilities, state and municipal facili- 
ties, the IRS, U.S. military weapon systems, ships, aircraft, etc. 

Obviously such devices are going to have to be highly regulated 
and controlled. Else criminal operators will be killing people and 
destroying things wholesale, secretly and at a distance, and they will 
have perfect legal alibis to allow them to escape prosecution. 

To summarize: ifa photograph or witness pattern ofan object or 
person can be correctly stimulated by phase conjugate electromag- 
netics so that the emulsion acts again as a PCM, can one not argue 
that—theoretically — phase conjugate energy from the photograph 
and the instrument can be sent back along all paths, all the way back 
to the original object? After all, this has been rigorously demon 
strated by University of Sydney researchers. Is there not an actual 
physical mechanism for radionics? For highly amplified, powerful 
radionics where the operator himself is removed from the circuit? 
Just because it changes our present notion of physical reality, must 
we dogmatically reject the results being shown on the laboratory 
benches, some of which are in the hard-core scientific literature? 


Phase conjugation and time-reversed engineering have a 
diversity of applications unparalleled in the history of sci- 
ence. They literally present us with anew physics. Newrules 


apply. 


Most of the major discoveries in phase conjugation have yet to 
be made. 
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Scalar Electromagnetics 

The scalar electromagnetic approach modifies classical electro- 
magnetics (EM) to include gravitational waves and effects. 

To do this, scalar EM utilizes summed-zero vector forces and 
force fields to construct polarized vacuum potentials. 

Although externally it has zero E and B vector gradients, an 
“artificial” potential possesses an internal, dynamic E and B vector 
field structure. This "infolded" (Bohm's term) structure has finite 
size and is deterministic. The infolded structure of the artificial 
potential in turn deterministically structures and polarizes the 
vacuum and curves spacetime locally, contrary to presently as- 
sumed limitations of general relativity. 

Since in free vacuum a potential normally extends to infinity in 
a decaying exponential fashion, then this infolded E and B vector 
structure ofan artificial potential extends to infinity in a decaying 
exponential fashion. 

The artificial potential itself may be rhythmically varied either 
in structure, magnitude, frequency, or all of the above. This pro- 
duces waves of potential, and waves of the structure of vacuum/ 
spacetime — again, in the free vacuum case, reaching to infinity in 
a "decaying exponential" fashion. These "scalar EM waves" are 
gravitational waves. 

Each photon (one major wave length of the "carrier", complete 
with modulations) of the scalar EM wave also has structure (its 
included modulations). 

Modulated waves have compound or "giant" photons — photons 
containing infolded photons. 

Each compound photon of such a scalar EM wave is a 
vacuum engine. It deliberately structures and patterns — 
dynamically — the energy density and charge of vacuum. 


(1) By canonically varying two or more components of the 
electromagnetic vector structure of the zero-summed EM force 
vector system, the local structure of vacuum spacetime is macro- 
scopically varied in its internal composition. This is the compound 
variation of "curvature within curvature" — and hence hyperdimen- 
sional. 
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Table 29. A ZERO VECTOR SYSTEM: 


IS AN ACCUMULATOR 

DOES "INTERNAL" WORK ON MEDIUM 

HAS NO "ENERGY" EXCEPT STRESS 

OF VACUUM, YET 

CAN YIELD THE ENERGY OF ITS 
COMPONENTS WHEN DISSIPATED 

IS A SPECIAL SORT OF "PUMP" 

CAN YIELD CONTINUOUS ANENERGY FLOW 
IF NOT DISSIPATED 


(2) By prohibiting internal canonical variance while coherently 
varying the amplitudes ofall the EM components, the total stress of 
vacuum/spacetime — and hence its overall curvature — is locally 
varied, without modifying its structural form. This is simple vari- 
ation of overall curvature of local spacetime, involving primarily 
relativistic effects. 


Rigorously, each of these two methods produces a localized 
gravitational wave, where the local stress of vacuum is deliberately 
patterned as well as oscillated in amplitude. 

Both methods may be applied simultaneously (and multiple 
infolded times) to produce an even more sophisticated gravitational 
wave, and more sophisticated structuring of the local stress energy 
density of vacuum. 

The resulting unified electromagnetics/gravitation is called 
scalar electromagnetics, since the electrogravitational effects are 
obtained by deliberately opposing EM vector force fields so that they 
vectorially sum or multiply to a zero vector EM resultant, while the 
infolded (Bohm's term) EM vector components structure and vary 
the stress energy density of vacuum.* 

* Gravitational potential is just "in-folded and locked in" dynamic electromagnetic forces. The 
infolded EM energy is locked-in, representing a change in the local energy density of vacuum 
and hence a curvature in spacetime. Electromagnetic force fields are just the out-folding of 
the G-potential's inner EM contents into the Sth dimension. Ordinary gravitational force 


field is just the "trickle leakage" of the G-potential's infolded contents, out into and through 3- 
space. 
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Note immediately that scalar EM also deals with internally 
structured and patterned electricity and electromagnetism. 

"Normal" electromagnetics has no deterministic internal struc- 
ture. 

The new electrogravitational (EG) wave is called a scalar EM 
wave, and is believed to have been originally discovered by Nikola 
Tesla. 

James Clerk Maxwell was aware ofthe potential for electromag- 
netics to stress and structure the vacuum ether. 

His original electromagnetic theory — written in quaternions, 
not vectors (which had not yet been completed by Oliver Heaviside) 

- can allow for these effects to be expressed. 
Unfortunately Heaviside's interpretation of Maxwell's work 


Table 30. STRESS IS FUNDAMENTAL 


- THE MOST FUNDAMENTAL REALITY IS STRESS 

- THE COMPONENTS COMPRISING STRESS ARE THE GREAT 
CAUSATIVE AGENTS 

» MOST OF THESE ACTIVE AGENTS ARE HIDDEN INSIDE 
ZERO-VECTOR SYSTEMS 

- THE COMPONENTS OF STRESS MAY BE STATISTICAL OR 
DETERMINISTIC 


aD 


VACUUM 
LINEAR 4{SPACETIME 
CHARGE 





figure 43. Charge affects anything existing in spacetime. 
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eliminated these effects, and they have remained eliminated from 
the Western EM theory to the present day. 

The use of the scalar EM wave directly engineers the virtual 
state and the vacuum itself. 

Hooper's work represented important work in this respect, as 
does other related experimental work by Bedini, Watson, Golden, 
Dea, Faretto, Beck, and other inventor colleagues who do not wish 
their names mentioned. 

Scalar EM theory also bears a strong relationship to the Kaluza- 
Klein unified theory of gravitation and electromagnetics. At least 
five dimensions — four spatial and one time — are required as a 
minimum. 

Nested levels of virtual state may be modeled as identical to 
successive hyperspaces. 

Internested levels of zero-summed vector EM force fields allow 
the direct engineering of those hyperspaces. 

Negative energy and negative time floware especially important 
when building free energy devices and antigravity. The mechanism 
producing negative energy and negative time flow is the forced 
amplified production and absorption of phase conjugated waves. 

In addition, phase conjugation is a basic phenomenon ofnature: 
for example, as previously pointed out, it is the direct mechanism 
that generates Newton's third law of motion. It also adds a negen- 
tropy law (for negative energy/negative time). 

Accordingly, if we engineer phase conjugation, we can change 
Newton's third law to our will. And we can invoke the negentropy 
halfofthe total law of entropy, so that we can go from disorder back 
to order. Again, we can make a Maxwell's Demon at will! 

In Newton's third law, when manipulated locally, the reaction 
force need not necessarily be equal in magnitude to the action force 
It also need not necessarily be parallel to it. It can even be phase 
conjugated itself to yield an addition force, assisting the propelling 
of a particular engine or device. 

Phase conjugation may also be manipulated so as to cause like 
magnetic poles to attract, and unlike poles to repel. 

Magnetic "force field lines" of a bar magnet normally exist in 
conjugate co-existing pairs. One ofthe pair is in observer positive 
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time, and (by convention) runs from the north pole to the south pole. 
The second line ofthe pair is a phase conjugate ofthe first, and exists 
in negative observertime. Thus, to the "positive time only" observer, 
it will appear to run from the south pole to the north pole, perfectly 
retracing the path ofits twin. 

Howard Johnson uses a "two particle" theory of magnetic field, 
for example, where one particle (photon) is the phase conjugate ofthe 
other. This is identically the same as the scalar electromagnetics 
concept of phase conjugate pairs of field lines. By very complex, 
specialized, compound permanent magnets, Johnson is able to 
partially separate the two lines, and spatially concentrate or dimin- 
ish the phase conjugation (negative time) component in a given area 
of operation. 

If the negative time component lines are concentrated to out- 
weigh the positive component lines in a local region, then the laws 
of magnetics are reversed in thatregion. There like poles attract and 
unlike poles repel. 

In his rotary permanent magnet motor design, he concentrates 
the negative time component in that part of the rotation where a 
north rotor pole is approaching a north stator pole. Normally, in this 
part of the cycle, one has to overcome the repulsion of like poles to 

"force energy" into the device for later extraction. 

However, now in that region like poles attract. There the north 
pole of the rotor is attracted toward the north pole of the stator, 
adding impetus to the rotor. 

As the rotating north pole passes the stator north pole, it leaves 
the region of negative time concentration and returns to a normal 
"positive time" region again. Now the north poles repel again, and 
impetus is again added to the rotor. 

In that manner Johnson is able to violate local conservation 
energy, and make a "free energy" permanent magnet motor. The 
motor will rotate itself and deliver constant shaft power to a me- 
chanical load. By attaching a standard electrical generator, normal 
electrical power is continually and freely produced by the complete 
motor generator power system. 

Johnson's complex nonlinear magnets severely curve local 
spacetime, allowing local violation of energy conservation. 
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Scalar EM View ofthe Vacuum 

In the modern quantum mechanical view, the vacuum is not an 
emptiness, but instead is a plenum. 

Today the vacuum is considered to be filled with incredible 
virtual particle activity. From nowhere, virtual particles continu- 
ally arise — even with fierce energy — then disappear again into 
nowhere, so rapidly that they cannot be individually observed. 

However, these virtual particles are quite real, for they cause all 
the forces of nature when they interact in the aggregate with 
observable particles. 

To the observer, the fleeting particles also appear and disappear 
in both positive time and negative time. That is, the flux consists of 
both particles and antiparticles. 

Thus the vacuum is a seething inferno of virtual particle fluxes. 

The concept of an ether is again accepted. It refers to this 
"virtual flux" vacuum. 

Note, however, that this is an ether far different from the old 
material ether that was theorized prior to relativity. 

In the new vacuum ether, every imaginable type of particle 
continually and spontaneously arises (creation) and disappears 
(annihilation) at every point in the vacuum, according to modern 
quantum mechanics. 

The rate ofthis seething virtual particle creation and annihila- 
tion is essentially unlimited. Hence the "flux density" of vacuum is 
essentially unlimited. 

Further, any virtual particle created has a flux of even finer 
virtual particles associated, and so on without limit. 

The vacuum's virtual particle flux is thus comprised of nested 
levels of ever finer virtual particle fluxes, in the modern view. We 
state without proof that each deeper virtual level may be 
modeled as a higher dimension (hyperdimension). This 
yields an infinite-dimensional vacuum spacetime (hyper- 
space) that is identically the infinite nested levels of virtual 
state. 

At the same time, every nucleus in the universe is continually 
absorbing and emitting scalar EM (electrogravitational) waves. The 
emitted scalar EM waves of pure potential are waves in the stress 
and structuring of the vacuum itself. 
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VACUUM IS IDENTICAL TO: 


» VIRTUAL PARTICLE FLUX 
» SPACETIME 
» ANENERGY 
° 8, 
~ » MASSLESS CHARGE 





VACUUM IS: 


¢ MADE OF UNQUANTIZED ACTION 

¢ WITHOUT DEFINITE LENGTH INTERVALS 
¢ WITHOUT DEFINITE TIME INTERVALS 

¢ N-DIMENSIONAL (UNFIXED) 


Figure 44. Vacuum/spacetime is pure virtual particle flux. 


Table 31. VACUUM IS: 


¢ SPACETIME (L"T, WHERE n >= 3) 
« CHARGE (MASSLESS) 
« ELECTROSTATIC SCALAR POTENTIAL 
(@,, + 0) 
(ERROR IN PRESENT THEORY) 
- BROKEN BITS OF ENERGY (SUBQUANTAL) 
¢ PURE VIRTUAL PARTICLE FLUX 
«{@ -WAVE FLUX 
« MULTILEVEL, STRUCTURED, PATTERNED 
¢ A VIRTUAL PLENUM 
« AN OBSERVABLE EMPTINESS 
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~ _ ATTACHED TO FLUX 
BY ITS SPIN 





Figure 45. A simplified charged particle. 
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Figure 46. A charged particle is a special kind of "spray nozzle." 
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Figure 47. An observable charged particle is directly connected to virtual particle 


vacuum flux. 


Table 32. SPIN COUPLES VACUUM TO PARTICLE 


¢ SPHERICAL ROTATION IS THE KEY 
¢ A PARTICLE CAN BE MODELLED AS 
A SPHERICALLY ROTATING VORTEX OF SPACETIME 
- ITS MASS IS DUE TO ITS SPIN 
¢ THE SPINNING OBJECT IS CONTINUALLY CONNECTED 
TO ITS ENVIRONMENT 
¢ VERY HIGH VALUES OF ELECTROSTATIC POTENTIAL 
CAN INDUCE RELATIVISTIC CONDITIONS 
¢ CHANGE RATE OF FLOW OF TIME 
¢ EVEN THOUGH VELOCITY IS NONRELATIVISTIC 


E.P. BATTEY-PRATT AND T.J. RACEY, 
"GEOMETRIC MODEL FOR FUNDAMENTAL PARTICLES," 
INTL. J. OFPHYS.19. NO. 6, 437-475, 1980 
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V>0 IMPLIES A MOVING RIVER, AND THE 
CHARGED PARTICLE IS “HOOKED TO” THE RIVER 
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Figure 48. In a flux gradient (virtual particle river), a charged particle moves itself. 


POTENTIAL DIRECTIONS OF 





Figure 49. A natural potential is a disorganized change in the stress of vacuum. It 
has a random virtual substructure. 
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DIRECTIONS OF 
PARTICLES ARE 
PARTIALLY ORDERED 
(POLARIZED) 





Figure 50. An artificial potential is an organized change in the stress of vacuum. It 
has a deterministic virtual substructure. 
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Figure 51. Gravitational potential is a conglomerate of stresses, organized or 
disorganized. 
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Figure 52. EM force fields are releases of gravitational potential via observable 
charged mass flows. 


Table 33. RESIDUE UNIVERSE, RESIDUE SCIENCE 


VECTORIALLY, STRESS IS SUM-ZEROED 

THE VECTOR FORCE FIELDS REPRESENT NON-ZERO 
GRADIENTS IN MORE FUNDAMENTAL STRESS 

FORCE FIELDS ARE THE RESIDUE LEFT OVER FROM THE 
SUM-ZEROED STRESSES 

PHOTON INTERACTIONS ARE FORCE-FIELD INTERACTIONS 
PHOTON-DETECTED REALITY IS ONLY "FIRST ORDER." 
IT SHOWS ONLY "RESIDUE-LEVEL" REALITY 

WE HAVE BUILT A "RESIDUE SCIENCE" AND A 

“RESIDUE PHILOSOPHY" BASED ON FORCE FIELDS AND 
PHOTON DETECTION 


(A) comprises of an electronic data storage unit and pulse generator in one unit. 
The monostatic 1.5 GHz antenna (B) is encased within a broom-like device (C), 
which includes a survey wheel essential for horizontal spatial control. The monitor 
display (D) allows for on-site cursory analysis. A hundred foot cable (E) attaches 
the antenna to the control unit. A direct current (DC) power conversion unit (F) 
may also be necessary if the power source originates from a 110-volt alternating 
current source. More recent radar systems are now available that are more compact 
for field portability. 





Figure | — Ground Penetrating Radar System Components 
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Hence at every point in the vacuum, an intense flux of these 
scalar EM waves, with concomitant interferences, exists — in both 
positive and negative observer time. 

This scalar EM flux causally drives (constitutes) all the 
enormous quivering of the vacuum spacetime medium itself. 
In other words, it drives subquantum (virtual) change, 
which in turn drives quantum change. 

This is a drastic reorientation of quantum mechanics. In scalar 
EM, we view that the virtual flux of vacuum is causally driven or 
created by interacting scalar EM waves. This replaces the present 
view that the virtual flux is entirely chance. It opens up the direct 
engineering and structuring of the vacuum — and hence the atomic 
nucleus — by scalar EM means. 

However, it does not replace the normal statistical nature of the 
basic changes of the background vacuum medium. We normally 
have little or no knowledge of the myriad of drivers that cause the 
basic background waves of that medium. We may, however, delib- 
erately create special vacuum potential waves which are determin- 
istic, and which we have knowledge of. 

To the observer, from a purely statistical viewpoint, in this 
violent vacuum flux any and every finite pattern of virtual particles 
is also continually being momentarily created and destroyed — and 
at every level and in every hyperdimension. 

Thus, in the vacuum there continually exists — at any and every 
point, and in any and every region — the ghostly image of anything 
and everything, whether in the past, present, or future; and whether 
potential, probabilistic, or actual. Even everything that could have 
been in the past but wasn't, or might be in the present but isn't, or 
couldbe in the future but won't be, is continually present in thin, 
ghostly form. 

Rigorously, the universal vacuum may be taken to be a sort of 
giant hologram, for the whole is in each part, albeit in ghost-like 
manner. Everything that is, or was, or shall be; and everything that 
could be but isn't, wasn't, or shan't be; already exists at once, 
anywhere and everywhere, in this ghostly, holographic, virtual 
state. 

We point out in passing that, conceivably, one can engineer any 
part ofthis "potential for reality." That is, one can directly engineer 
physical reality itself, in the scalar EM view. 

All that must be done is to amplify (continuously and coherently 
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Figure 53. As beyond (without), so within. Hyperspaces are internested virtual 
states, and rotated orthogonal frames. They are also substructures within and of 
vacuum state potentials. 
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Figure 54. Internested levels of virtual state vacuum interact with neutrino, photon, 
and mass. "Thought" or "mental state" refers to the third and more levels down in 
virtual state. 
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Figure 55. Virtual state patterns are absorbed and emitted by the atomic nucleus. 
The built-up nuclear "charge" in that particular pattern is a partial potential — for that 
pattern only. 





Figure 56. Nuclei of the universe continually exchange scalar EM waves and virtual 
panicle fluxes. 
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¢ HEAVY NUCLEUS RELATIVELY UNAFFECTED 


¢ MACROSCOPICALLY. MASS APPEARS 
STABLE AND "BRICK-LIKE" 


- SPECIAL RELATIVITY APPLIES 


Figure 57. First order reality. Rough-hewn by observable photon interaction with 
electron shells of the atoms of physical mass. This process is "physical observation." 
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Figure 58. Higher order (hyperspatial) reality. It exists as stored in the potentials ot 
the atomic nuclei of physical mass. 
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add energy to) one of these "ghost images" virtual state forms. In 
that case, the form becomes "denser and denser," until eventually it 
starts to breach the quantum threshold. At that time, the form will 
be seen emerging as a sort of "coalescing form of light," where the 
light seems to be forming in little "chunks" or pieces. As the 
coalescing operation continues, the light-form will eventually be- 
come fully formed. Ifit continues, it will start to coalesce further into 
thin, ghostly material form, appearing much like a faint fog-form. 
With continued coalescing, it will become a very solid, material form 
which exerts pressure on tree limbs, breaks them, leaves traces, etc. 


Long ago I dubbed this process kindling. It is rather widely met 
in paranormal phenomena of many types. 

But back to the basic idea of ghostly images in the virtual states 
of vacuum. 

In this view, Everett's many-worlds interpretion (MWI) of quan- 
tum mechanics is literal and real, albeit the additional worlds are to 
bo taken as virtual and hyperdimensional to the laboratory observer. 

(It is rather simple to show that ever deeper, nested levels ofthe 
virtual state are exactly the same thing as ever higher dimensions. 
By "rotating" an object in many-dimensional space, one can show 
that, after three rotations, a physical object has lost all physical 
intersections with our normal 3-space, to us now only occupying 
time. Since this is the precise characteristic ofa thought form, used 
this phenomenon and spatiotemporal model to make a multidimen- 
sional space model directly including thought, mind and matter. 
That is, one is thus able to form a unified field theory of mind, 
thought, life, and matter — a model that is testable, makes predic- 
tions, and actually unites physics and metaphysics. That work and 


its plications, however, are largely beyond the scope of this book.) 

It is stressed that the basic scalar EM image (interpretation) of 
reality is directly implied by quantum mechanics. It is not idle 
metaphysics. Other than the scalar EM wave causality for the 
observer's statistical microscopic dynamics (and the extended model 
unifying mind, thought, life, and matter), it is not the construct of 
this author. Instead, it follows from interpretation ofthe equations 
and axioms of quantum mechanics (QM) itself, as changed and 

extendedbythe"zerovectorsystem" dynamics. 
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Charge, Potential, and Curvature of the Vacuum/Space- 
time 

The flux of one type of virtual particle through a point in the 
vacuum may be examined. 

A single type of virtual particle flux (VPF) at a point constitutes 
one particular type of charge at that point. For example, the flux of 
virtual photons constitutes the electrical charge. 

Further, the magnitude ofthe selected flux (usually expressed as 
a flux density) through the point may be taken as the magnitude of 
the vacuum's charge there in that type of particle. In other words, 
at a point the magnitude ofthe vacuum's charge (VPF) is one type of 
potential at that point. 

Various kinds of fluxes constitute various kinds of charge, and 
comprise various kinds of potentials. Immediately we see that one 
type ofcharge may always be decomposed into other kinds of charge, 
as can potentials. This point is beyond the scope ofthis book and will 
not be further amplified. 

Continuing our example, the magnitude of the electrostatic 
scalar potential at a point in vacuum represents the magnitude of 
the flux of virtual photons through the point, and hence the electrical 
charge at the point. 


Table 34. REALITY IS A HOLOGRAM 


TO ESTABLISH THIS: 


1. ALL DETECTION IS INTERNAL 
PHYSICAL REALITY CONSISTS OF THE INTERNAL 
DETECTIONS OF THE PERCEIVER/OBSERVER. 


2. THE OBSERVER MAY BE AT ANY POINT IN THE UNIVERSE 
THE UNIVERSE CAN BE DETECTED FROM ANY POINT 
INSIDE ITSELF. 


3. THE PHYSICAL UNIVERSE IS TOTALLY INSIDE EACH POINT 
IN ITSELF 
THIS DEFINES A HOLOGRAM: THE WHOLE IS IN EACH 
PART. 
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Twin Flows of Time 

In quantum mechanics, each virtual photon is continually 
turning into an electron/position pair, and vice versa. 

By Dirac theory, apositron is an electron traveling backwards in 
time. 

Further, pair production produces time-smeared particles — an 
electron and a positron. 

Pair production, then, actually produces two electrons, one 
coupled to (smeared in) a positive piece of time and one coupled to 
(smeared in) a negative piece of time. 

Thus in the vacuum two discretized streams oftime, one positive 
and one negative, are continually created in conjunction with pair 
production, and destroyed by pair annihilation. 

Further, integration of tiny virtual pieces of time (from virtual 
photons) to form "passage of time" macroscopically is directly asso- 
ciated with the charge (the absorption and emission of virtual 
particles) of an observable particle. 

This is what is meant by an object "existing" (persisting). Its 
continual virtual photon interactions are integrated by its mass 
(timeless part) to continually create its energy states and its march 
through time. 

The absorption and emission of an abservable photon, however, 
moves the mass (timeless part) in (comparatively) larger jumps 
through time. The absorption ofthe photon connects a positive piece 
of time to the mass of the particle, converting it to masstime. The 
subsequent emission of an observable photon "tears off the little 
time-tail," so-to-speak, and leaves behind a totally spatial mass 
entity, having no large connection to "the flow of time." 


This is what is really meant by "observation." 


Because the "observation" disconnects time from the previously 
"excited mass" (masstime), then it follows that time is not an 
observable. 

It also follows that the twin streams oftime are not continuous. 
Each is broken into incredibly tiny bits. 
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The bits oftime are continually interlaced between nega- 
tive and positive, and neither of the two streams of time bits 
is integrated in the vacuum. The vacuum is disintegrated! 

A photon — the basic quantum — is composed of discretized 
energy and time, bound together (integrated) as action (angular 
momentum). That is, a photon is a little piece of energy, welded to 
a little piece of time, with no seam in the middle. 

Two kinds of photons exist: the normal photon exists as 
(+dE) (+dt). The phase conjugate photon exists as (-dE) (-dt). 


VIRTUAL ELECTRON 


[NEGATIVE CHARGE GOING 
FORWARD IN TIME) 









+T 


VIRTUAL POSITRON 


(NEGATIVE CHARGE GOING 
BACKWARD IN TIME] 


Figure 59. A photon is a single oscillation of a carrier wave. It is also two virtual 
electrons, one going forward in time, and one going backward in time. With 
internested modulations (subphotons), the structure of the photon becomes ex- 
tremely complex. 


Table 35. PHYSICAL CHANGE 


» COMPOSED OF ACTION 
- h= BASIC QUANTUM 
» TWO CANONICAL VARIABLES 
- ENERGY/TIME(AE At) 
- MOMENTUMI/LENGTH (A p AL) 
ETC. 
» ENERGY/TIME 
-h= (+AE) (+At) 
-~h= (-AE) (-At) 
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If the photon is of a certain magnitude, given by Planck's 
constant, then it is an observable photon. 

Ifthe photon is less than h in magnitude, then it is a virtual 
photon. 

A simple photon in vacuum can also be considered to be one cycle 
of a sine wave. One half of the sine waves exists in positive time, 
hence is/contains a virtual electron. 

The other half ofthe sine wave exists in negative time, hence it 
is/contains a virtual positron — an electron traveling backward in 
time. This second half of the full photon (a single sine wave 
oscillation) is the phase conjugate (time reversal) of the first half. 

As we stated previously, the full photon in vacuum actually 
exists as a presently visualized "positive time” photon and a phase 
conjugate "negative time" photon , a "serially linked pair," where 
each photon is only one-halfthe sine wave. This resolves the conflict 
inherent in wave/particle duality. 

It also has a great deal to say about engineering the vacuum and 
about detectors and the detection process. 

In the spontaneous decay ofa virtual photon, it can be seen that 
one part (the virtual electron) is associated with positive energy and 
positive time; the other part (the virtual positron) is associated with 
negative energy and negative time. 

The continual "switching" between positive and negative time in 
an observable particle's absorption and emission of virtual photons 
(and the associated electron/position +t/-t pairs) means that the 
positive flow of time, to the macroscopic observer, is continually 
being "started" and "stopped" (created and destroyed). 

This continual attachment and detachment of positive 
time to and from the ''observer particle" creates the ''past" 
and the ''future"' to which the observer seems somehow to be 
connected, and yet not connected. 


Engineering Local General Relativity 

In a flat spacetime (linear vacuum), the two time flows are 
balanced, as are pair creation and pair annihilation. In this case, 
conservation of charge and energy hold. 
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Table 36. ORDINARY GENERAL RELATIVITY (OGR) IS A SPECIAL CASE 


* OGR HAS ASSUMED AWAY MOST LOCAL GR SYSTEMS, OF 
THE TYPE WHERE MAXWELL'S EQUATIONS AND THE 
CONSERVATION LAWS CHANGE LOCALLY. 


¢ PHYSICISTS ARE THUS STRONGLY DISCOURAGED FROM 
CONSIDERING THAT GR CAN EASILY BE ENGINEERED INA 
LOCAL EM SYSTEM. 


In acurved spacetime (nonlinear vacuum), one ofthe two triplets 
(positive electron/energy/time or negative electron/energy/time) 
predominates. Hence in a curved spacetime the rate of flow (produc- 
tion) of the two time streams is unequal, as is the production of the 
two kinds of energy and the two kinds of electrical charge. 

A locally curved spacetime thus produces a predominance of 
either positive or negative electrons, and either positive or negative 
energy, and a predominance of the addition of either positive or 
negative time production. 

The curved spacetime acts as a local source or sink accordingly, 
and both conservation of energy and conservation of charge can be 
locally violated in such a curved spacetime region. 

As we stated, the locally curved spacetime produces either 
positive time or negative time more predominantly, acting as a 
source or sink for normal (positive) observer time. The local rate of 
flow of the observer's time can thus be speeded up or slowed down, 
depending upon the type of local spacetime curvature utilized. 

It follows, then, that standing local gravitational waves can 
result in localized, stable gradients in the vacuum virtual particle 
flux, between the "high potential" part ofthe standing wave and the 
"low potential" part. 

This allows the violation of conservation laws such as charge and 
energy in the local gravitational gradient, utilizing the localized 
curvature of vacuum to provide a special source. 

For proof that conservation laws need not apply to a curved 
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Fig. 4.7.1: Principles of GPR in reflection profiling mode. a) In reflection profiling a set of transmitting antenna 
and receiving antenna with constant separation is moved along the profile. The path of some of the reflected 
waves is sketched for antenna position 56, 91 and 226 of the GPR profile in (c). b) The received signal of these 
antenna positions is displayed in wiggle mode. c) GPR profile acquired with 200 MHz system in a coastal 
environment. The horizontal axis displays the distance along the profile. The vertical axis to the left displays the 
two-way travel time and the axis to the right displays the converted depth. d) Photo of a GPR system equipped 
with 100 MHz antenna. The text on the photo explains the different part of the system. 
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spacetime, see A.A. Vlasov and V.I. Denisov, "Einstein's formula for 
gravitational radiation is not a consequence ofthe general theory of 
relativity, Theoretical and Mathematical Physics, 53(3), June 
1983 (English translation); Russian, Dec. 1982, p. 406-418. Quot- 
ing: 

"This result is a particular consequence of the general 
assertion to the effect that in general relativity there are no 
energy-momentum conservation laws for a system consist- 
ing of matter and the gravitational field." 

See also V.I. Denisov and A.A. Logunov, "New theory of space- 
time and gravitation," Theoretical and Mathematical Physics, 
50(1), July 1982, p. 3-76. This paper (p. 3) points out that: 

"... the gravitational field in general relativity is com- 
pletely different from other physical fields and is not a field 
in the spirit of Faraday and Maxwell." 

A 1984 Soviet paper by senior Russian physicist C. Yu. Bosgo- 
slovsky, "Generalization of Einstein's relativity theory for the ani- 
sotropic spacetime," is also very relevant.* 

In composing his theory of general relativity, Einstein assumed 
that the local spacetime of the observer could never be curved, and 
instead would always be represented by a Lorentz frame (flat 
spacetime). 

This severe assumption had the effect of "saving" the sacrosanct 
conservation laws, and maintaining the exclusion of electrogravita- 
tion. 

Since then, Western physicists have raised Einstein's assump- 
tion — and the conservation laws — to a dogmatic belief system — 

in some cases, to near fanaticism. 

To see a clear statement of these limiting assumptions imposed 
on general relativity to provide the severely restricted version 
taught in almost all Western universities, see Charles W. Misner, 
Kip S. Thome and John Archibald Wheeler, Gravitation, W.H. 
Freeman and Co., San Francisco, California, 1973, p. 19-21, 71-72, 
367-369. 

In other words, Western physicists still use a sort of "special 
*See also V.I. Denisov and A.A. Logunov. "The inertial mass defined in general relativity has 


no physical meaning," preprint p. 0214, Institute of Nuclear Research, USSR Academy of 
Science, Moscow, 1981. 
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relativity with distant curved spacetime pertubations,” and call it 
generalrelativity! 

The Soviets do not limit themselves to the same restricted 
general relativity theory as does the West. 

Santilli (Ruggero Maria Santilli, Ethical probe on Einstein's 
followers in the U.S.A.: An insider's view, Alpha Publishing, 
Newtonville, Massachusetts) has documented what essentially 
amounts to a conspiracy in Western physics to shut out any gener- 
alization of Einstein's severely limited relativity. 

It is precisely this near-total Western scientific prejudice — 
along with Heaviside's mutilation of Maxwell's original theory — 
that has excluded electrogravitation from being developed in the 
West. 

Note also that, by embracing a "locally flat spacetime" assumed 
to be decreed by the "laws of the universe," in their rigid mindset 
Western physicists have excluded any possibility of performing 
simple laboratory experiments in locally curved spacetime. 

They do not believe it can be done, so they have never tried. 

But let us further address the importance ofthe negative triplet 
(electrical charge/energy/time) and its concomitants parity, gravity, 
and entropy: 


Engineering Antigravity 

In negative time flow, gravity is a repulsion, not an 
attraction. 

Producing antigravity in an object is simply the produc- 
tion of excess negative time flow in that object. 

That is readily achieved by curving local spacetime in the 
appropriate direction, and forcing the object to produce excess 
negative energy. 

Mass, for example, is just a special form oftrapped energy—and 
trapped energy (potential) is just trapped charge of one kind or 
another, whether observable or virtual.* 

As such, mass represents a "localized potential" in the ambient 
vacuum, of a certain kind of "trapped energy/time charge." 
*Actually, since it is in equilibrium in a dynamic and continual flux, a mass particle is 
actually a special trapped rate of action flow. A defining equation for mass in terms of the 


rate of action flow was given by the author in Quiton/Perceptron Physics, NTIS, 1973. 
Report AD-763210. 
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The mass/potential is continually being charged by the vacuum 
flux, and discharging and emitting charge flux into the vacuum flux. 
The mass is "in equilibrium" at its fixed potential. 

Normal ("positive") mass is simply charged up with positive 
energy and positive time. And its external electron shells result in 
it presenting a "negative charge” face to the world. 

If we charge up the mass, however, with negative energy and 
negative time, so that some of its charge potential now is of this 
second type, the trapped energy will now consist partially ofnegative 
energy. In addition, the mass will partially exist in negative time (be 
charged up partially with negative time). 

When excess negative time flow is produced in a mass, the mass 
begins to be repelled by the earth as well as still being attracted to 
it in its positive time stream. The net result of the object's fixed 
attraction and increasing repulsion is that the object begins to lose 
weight in the earth's gravitational field and gets lighter. 

When a sufficient rate of excess negative time flow (sufficient 
local spacetime curvature) is produced, the mass floats freely. 

With additional negative time production rate, it accelerates 
("falls") upward. 

The rate ofexcess negative time produced may be controlled very 
simply by using a "negative time/negative energy" generator and 
varying the amount of the load applied to the device. 

The negative time/negative energy generator can be rigidly 
affixed to a flying apparatus, serving as a sort ofgravitational rocket 
or gravitational propulsion system. 

Of course, the negative energy produced in the propulsion 
process can be used to light lamps and power electrical loads, as well 
as host ofother things. (Yes, Virginia, it can also be used to generate 
force fields, power weapon systems, etc.) 

Thus one can "eat his cake and have it too"; by using negative 
energy flow for power, a very practical antigravity spaceship can be 
developed. 

An additional side benefit to the passengers probably exists: 
they should age at a slower rate when traveling in the vehicle. 

As can be seen, since many kinds of VPFs exist in vacuum, the 
vacuum is filled with (and consists of) many types of "potentials." 

Overall, this matches very closely the view of general relativity, ifwe 
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regard the vacuum itself as indefinite "spacetime", where no ordered 
universal frame with a fixed metric has yet been associated or 
prescribed. 


Curved Spacetime and the Disintegrated Vacuum 

From general relativity, additional characteristics of the mod- 
ern vacuum/spacetime may be inferred or interpreted. 

First, we may take a "flat spacetime" to consist of a charged 
vacuum, such that both the magnitude and structure ofthe VPF are 
essentially unchanged from point to point, and the flux of virtual 
particles and virtual antiparticles are balanced. Equal positive and 
negative time flows/charges exist. 

Note, however, that we can have what casually may appear to be 
a"flat spacetime" but instead is "warped." This case exists when the 
magnitude of the overall VPF comprising the vacuum does not 
change from point to point, but the component structure ofthe VPF 
does vary from point to point. 

In other words, the overall vacuum potential remains the same 
from point to point, but two or more individual potentials may 
canonically vary. Let us further clarify this point by analogy. 

Suppose we view the vacuum/ether/spacetime as a special sort of 
gas, where the "gas" is actually a mixture of many, many gases. 

It is a rather peculiar sort of gas; it exists in five or more 
dimensions and is composed of very strange, fleeting particles which . 
spontaneously are created and destroyed, each arising out of no- 
where and returning to nowhere almost immediately. 

There is only minuscule (negligible) time overlap (integration) of 
the existence of these virtual particles in the main. 

That is, mostly each virtual particle — along with its associated 
energy, movement, momentum, charge, and increment of time — 
exists almost entirely as an individual. 

The energies, movements, momenta, charges, and time incre- 
ments of the individual virtual particles do not integrate or sum to 
any appreciable degree in vacuum. 

Thus, although casually this ether/gas may seem to contain 
enormous "energy density", momentum density, charge density and 
time increment density, these are not integrated energy density, 
momentum density, and time density in the normal sense. 
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Instead, they are the densities ofdisintegrated energy, disinte- 
grated momentum, and disintegrated time flow. 

In scalar electromagnetics, we have called the disintegrated 
energy of vacuum anenergy. This clearly distinguishes that it 
exists in a fashion altogether different from normal, integrated 
energy with which we are accustomed. 

By integrating anenergy, of course, one obtains ordinary 
energy—but it first requires an integrating agent. The most 
usual integrating agent/operation is the spin of an observ- 
able particle of mass. 


Similar considerations apply to momentum and time. 


With this more precise interpretation, the vacuum con- 
tains enormous anenergy, but essentially no energy. It 
contains enormous virtual energy, but no observable energy. 

Unfortunately, however, orthodox physics does not yet clearly 
differentiate between the two states of energy, virtual and observ- 
able (disintegrated and integrated). 

Instead, it continues to loosely utilize the term "energy" for both 
states, whether integrated or not. Thus it exclusively uses the term 
"energy density of vacuum." Rigorously, the term should be "ane- 
nergy density of vacuum." 

Indeed, most physicists are not clearly aware of the distinct 
difference between the two different states of energy, insofar as the 

implication of integration or nonintegration. 

Regrettably, then, we will continue to utilize the orthodox term, 
"energy density of vacuum." but the reader should be clearly aware 
that the vacuum "energy" and vacuum "stress energy density" as 
such are totally disintegrated. 


Separation of Vacuum and Observable States 

Because the energy density of vacuum is unintegrated, an 
integrated physical body — including one's personal body — can 
exist "in" the vacuum medium of incredible "energy" density, yet 
observably exist in a medium of zero energy density. 

The unintegrated vacuum ether has enormous spatial density of 
virtual energy, but essentially has zero spatial density ofobservable 
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energy. 

Note, however, that in our hyperdimensional interpretation of 
the levels of virtual state, the vacuum spatially does not exist in the 
normal 3-space of observable matter.* 

The vacuum occupies the 4th dimension (time) and all spatial 
dimensions (hyperdimensions) greater than the third — it occupies 
all levels of virtual state, but not observable state. It occupies all 
levels of disintegration, but not the levels of observable integration. 

Exchanges occur between normal 3-space and the hyperspatial 
vacuum, through the common connecting dimension, time. 

These exchanges (of virtual particles) are integrated by the 
spinning observable mass particle into the first quantally excited 
state — a delta (change) representing a single entrapped quantum 
— of the 5-space potential represented by the particle and its 
accumulating VPF. At that time a sharp electromagnetic (fifth 
dimensional) discharge of the quantum occurs, converting the accu- 
mulated 5-G quantum to the ordinary EM quantum ofthe 4th (time) 
and 5th (infolded space) dimensions. 

This accounts for the so-called "collapse of the wave function", 
the production of unitary quantum change, and the discretizing of 
observable change. 

We note in passing that time is the only "dimension" where 
everything can be considered to occupy the same "point" or "inter- 
val", but it is discretized and chopped into pieces (disintegrated), 
quite different in nature from the familiar three spatial dimensions 
of the observable (integrated) universe. 

The dimensional separation (spatially) of the seething vacuum 
"energy" (anenergy) and the 3-space of normal matter allows a 
physical body to enormously interact with the vacuum at or near 
equilibrium at the microscopic level, but maintain its macroscopic 
form and stability as ifno interaction were going on. 


Partial Potentials, Curvature, and Warping 
At any rate, we view the magnitude ofthe overall "potential" of 
this vacuum gas mixture, as the magnitude of the entire "stress 


*Here we sharply differ from conventional physics, which hopefully confuses the concepts of 
vacuum, spacetime (indeterminate), spacetime (determinate), and frame. 
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ENERGETICS OF A POTENTIAL 
Running in Place and Getting Nowhere 





“NOWHERE” 


Figure 60. A potential is trapped energy. A potential in vacuum is trapped virtual- 
state "energy" or flux. A natural potential is trapped random energy. 
An artificial potential is trapped organized energy. 


energy" or "pressure" of the mixture — IF AND ONLY IF this stress 
energy or pressure were somehow integrated.* 

As can be seen, we can now look at each of the component gases 
in the mix as contributing a partial pressure or partial stress energy 
(an individual component potential) ofthe vacuum conglomerate. 

We may have the overall pressure remain the same, yet canoni- 


*Thus it's really the potential stress energy density. The vacuum is nothing but potential! 
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cally change the partial stress energies (individual potentials). 

In thatcase one has an internally twisted or "warped" spacetime. 

A warped spacetime may prove quite useful, for example, for 
direct translation of one type of "energy" into another. In that 
fashion, one may conceivably obtain radiation energy at the expense 
of mass, or mass at the expense of radiation energy. 

Or one may convert between potentials where one or more ofthe 
converted potentials are as yet unknown to orthodox physics. 

Kaluza theory, forexample, contains many potentials that are as 
yet unknown and undiscovered in nature. When undue simplifica- 
tions are made to arbitrarily exclude the unknown potentials, the 
adapted theory leads to error in its predictions. 

This was originally regarded as a great imperfection, and 
Kaluza theory fell into disfavor for decades. Then as modern particle 
physicists began to produce fundamental particles of an astounding 
variety, a Kaluza-Klein theory of 11 or more dimensions was found 
to very reasonably describe the emerging situation. Once again, 
then, Kaluza-Klein theory became a moving force among modern 
theorists. 

One may also convert electromagnetic field energy into gravita- 
tional field energy, for example, and obtain enormous amplification 
of gravitational effects. 

This is precisely what scalar electromagnetics seeks to do. 

Since the electrical field between two electrons is about 10” 
times as strong as the gravitational force between them, conversion 
ofthe EM charge flux into gravitational charge can conceivably yield 
up to 10” times as much gravitational force as normal, depending 
upon the efficiency ofthe conversion process. Even with a process or 
device that uses electron currents and has an efficiency of only 107’, 
gravitational/inertial gains of 10° are possible. 

Note, however, that the levels of vacuum may also be compared 
to horizontal planes beneath the ocean. 

For example, we may take a particular level ofvacuum potential, 
and that level constitutes a sort of included "flat spacetime" of its 
own. By biasing the potential ofa scalar transmitter and receiver to 
a given level, one may transmit (in either direction) at that level only, 
Receivers at higher or lower levels will detect nothing. 
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The immediate application to engineering the nucleus for such 
things as nonradioactive transmutation of elements, controlled 
nuclear fusion, electromagnetic healing, and processing nuclear 
wastes to render them harmless should be apparent. 

To recapitulate our analogy, a true "flat spacetime" is a vacuum 
whose VPF does not essentially vary overall or in each constituent 
part, between two comparative points. 

A "curved spacetime" is a vacuum whose overall VPF varies in 
overall magnitude, between two comparative points. 

A "warped spacetime" is a vacuum whose VPF may or may not 
vary in overall magnitude between two comparative points, but 
whose partial VPFs vary their ratios, between the same two points. 
Note that a vacuum/spacetime can be both warped and curved. 

It is stressed that we have not limited the number of dimensions 
that can be placed on the vacuum to Minkowski's four. We hold the 
number of dimensions necessary to represent both vacuum and 
observable matter to be arbitrary, but greater than four. 

To unify electromagnetism and gravitation (whichis what scalar 
electromagnetics is about), we must take five dimensions — four 
spatial and one time — to be the minimum necessary in modeling the 
unified theory, similar to Kaluza. 

We state now a major characteristic: Vacuum/spacetime 
consists entirely of potentials, nothing else, and these are 
hyperspatial a priori. 

The vacuum does not contain observable force fields nor any 
Other non-potential entity. 

We also state without proof that in scalar EM theory it seems 
very possible to model the mind and its unification with physical 
reality, in a fashion subject to experimental verification. 


Force and Mass Are Inextricably Intertwined 

In foundations of physics, it is well-known that, paradoxically, 
force and mass can only be defined one in terms of the other. 

We may use that paradox for a new interpretation of force and 
force fields: a force may be interpreted to consist of the time rate 
of changing the "mv" momentum ofa mass system or object, instead 
of being the cause of its dp/dt. 
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That is, we may take the view that 

F = dp/dt (4-14) 
not just that 

F = dp/dt (4-15) 


We have previously pointed this out and called it the "strong 
definition of force." 

This immediately suggests the question: Ifforce is an effect and 
not a cause, what, then, causes force? 

Quantum mechanics already provides the answer: A differenti- 
ating operator must be applied to (coupled to) potential in order to 
produce a force field. The most usual "differentiating operator" is an 
observable spinning charged particle. 

Acharged particle exposed to the variation ofelectrostatic scalar 
potential between two points is exposed to a gradient (flow) in the 
virtual photon VPF, and hence to a directional "stream" of virtual 
photons. The observable charged particle couples to that stream. Its 
spin integrates the unobservable, disintegrated anenergy of the 
gradient flux into integrated, observable energy ofthe particle. 

With greater integrated "pressure" on one side of the particle 
than onthe other, the observable particle accelerates and translates 
This produces or "detects" (and comprises) an electric force between 
the two points. 

Force is the mass particle(s) accelerating, either in time or in 
mass. Observable force is observable particle(s) accelerating. Vir- 
tual force is virtual particle(s) accelerating. 

In Quiton/Perceptron Physics, I gave a new definition of 
mass that is consistent with this viewpoint: 


1 kg. mass = 17.053 x 10°’ switches/sec (4-16) 


where a switch is h4*p)), having the units of action/time, or energy. 
This directly defines mass in terms of energy accumulation, where 


Fig. 4.7.2: — Principles of GPR in CMP mode. a) In 
CMP mode a set of a transmitting antenna (Tx) and 
a receiving antenna (Rx) are moved away from each 
other. The six first antenna positions are shown with 
the path of the reflected wave from the first 
reflector. b) Sketch of the path of the most common 
waves that is present in a CMP. c) Diagram of the 
received signals in a CMP. The horizontal axis 
displays the distance between the transmitting and 
the receiving antenna. The vertical axis displays the 
two-way travel time. d) Photo of a GPR system that 
is ready for a CMP sounding. 
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the energy accumulated is in equilibrium in a differentiated action 
flow. 

Note that "energy" is the time rate of flowofaction. Energy can 
only be accumulated (as a mass or a potential) by possessing two 
rates of flow of action simultaneously, one in positive time and one 
in negative time. This is a very deep statement that affects all of 
physics, but unfortunately itis beyond the scope of this present book. 

To return: 

The observable electric force field does not exist as such in 
vacuum. The vacuum and all its constituents are totally virtual. 
Only the potential ("potential for the electric force field, given a 
coupled charged observable particle") exists in vacuum, as pointed 
out by Richard P. Feynman et al, The Feynman Lectures on 
Physics, Addison-Wesley, Reading, Mass., 1964 vol. 2, p. 2. 


The Concepts ofZipped and Unzipped Forces 

As noted previously, the potential exists as an unintegrated 
virtual particle flux (VPF). Further, each little moving virtual 
particle is smeared in length and time, is coupled to finer VPF, and 
thus may be said to constitute a minute "force vector" while it exists. 

Thus, the electrostatic scalar potential is composed of a myriad 
of little individual "virtual particle force field" vectors. 

Since these little virtual vectors are essentially separate and 
unintegrated, one may say that the electric field is unzipped in 
vacuum. By "unzipped" we mean that the individual virtual particle 
E-field vectors are unintegrated. 

A potential, for example, is composed of unzipped vector fields 
since it is comprised of unintegrated, virtual vectors. 

To be static, the potential must be comprised ofa pair (at least 
one pair) of unzipped vector fields, one in positive time and one in 
negativetime. These unzipped vector fields must in turn be locked 
together. In this case, the positive time observer sees nothing 
(vacuum only), until he "observes" or detects. Normal detectors 
detect (and in so doing, they zip together) only the positive time 
unzipped component. The negative time (phase conjugate) vector 
held retraces the positive time field, in Newton's third law. Or, if 
generating a wave or pulse, it would be seen as a phase conjugate 
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replica which affected the disturbing source. 

Let us be very plain. A ''scalar EM potential" is actually two 
vector fields zipped together: one is in positive time, and the 
other is in negative time. Each halfis composed of microvectors. 
A dynamic gradient in this scalar EM potential (i.e., a scalar wave, 
for example) actually consists of two waves: one is the normal" 
positive energy/positive time" EM wave, while the other is the phase 
conjugate replica. When we detect the normal half (with electron 
detectors), we actually detect the second halfwith the atomic nuclei. 
Since it is a phase conjugate, it produces a negative momentum 
change on the nucleus {since one has p/-t)} instead of LeSage's 
positive momentum change. In other words, it produces a drawing 
(attracting) force on the absorbing nucleus, instead of LeSage's 
assumed repelling force on it. 


That is the entire secret of gravitation. And of electro- 
gravitation. Knowing that, you can easily work out how to apply 
the necessary engineering to get antigravity. 

But to return. 

The potential can also be comprised of many unzipped vector 
fields at once. These may be deterministic (artificial potential) or 
randomized (natural potential). 

The "force field" is disintegrated (unzipped) in vacuum, and 
integrated (zipped) on, of, and by an observable charged particle. In 
vacuum, itis always accompanied by its phase conjugate twin. When 
detection by an observable particle occurs, the spin of the particle 
acts as the "zipper," producing an observable force (which is actually 
of the particle accelerating, not "acting independently upon it.") 

Vacuum is unzipped; observable mass is zipped. 

Any zipped entity exists observably in 3-space; any un- 
zipped entity exists in hyperspace outside 3-space, and is 
unobservable and virtual to the 3-space observer. 

This interpretation is still consistent with the extended quan- 
tum mechanical view, where ultimately all observable forces are 
considered to be generated by absorption and emission of virtual 
particles by/from an observable particle (mass), at least insofar as 
what we may observably measure or detect. 
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Force, Force Field, and EM Waves in Vacuum 

In the new interpretation, consistent with the quantum me- 
chanical view, observable force becomes an effect, not a cause. 

One may interpret quantum mechanics as stating that any 
observable is an effect, since it is assumed to have a virtual 
state cause. In the axioms of quantum mechanics, an operator is 
required for every observable. 

The primary causative agents are potentials, not force 
fields, as is now firmly established in quantum mechanics. 

The Aharonov-Bohm (AB) effect is a striking illustration of the 
primary reality of the potential rather than of the force field. 

In the AB effect, potentials may still exist when the force fields 
are zero, and their interference can still cause real effects. The AB 
effect has finally become generally accepted by physicists after 
nearly three decades of controversy. 

The immediate result is that, contrary to the outdated view 
imbedded in classical EM, observable E and B force fields do not exist 
as such in vacuum. This allows a totally new interpretation of the 
nature of the EM wave in vacuum: It is longitudinal. And actually, 
it exists in longitudinal pairs: the second is the phase conjugate ofthe 
first. 

But of course we detect transverse waves with our detectors! 
However, this has a simple explanation. 

Examine, for example, a straight-wire antenna. The spinning 
conduction electrons are longitudinally constrained, as is well 
known. The electrons are relatively unrestrained transversely in the 
wire, but can only "drift" longitudinally down the wire with a speed 
usually on the order of centimeters per second. The signal potential, 
however, moves longitudinally down the wire at almost the speed of 
light. 

Obviously it is not the longitudinal movement of conduction 
electrons that constitutes the "signal", even though classical electro- 
magnetics represents it that way.* 

We note that a spinning electron whose movement is longitudi- 


*Actually, we do not really know how current/electrons travel down a wire, or even if it does/ 
they do. See three articles by Chappell Brown in Electronic Engineering Times: "Railgun 
Research Shoots Holes in Lorentz's Theory," April 6, 1987,p. 49-50; "Anomalies in Electro- 
magnetic Law Spur Debate," Sept. 14, 1987, p. 58; "Electrons and Conduction: Not So Simple 
After All," Dec. 28, 1987, p. 21-22. 
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nally restrained, but is unrestrained transversely, may be charac- 
terized as a gyroscope. Further, the axis of this gyroscope may be 
taken as lying in a plane perpendicular to the straight wire conduc- 
tion path, since the electron is relatively unrestrained transversely. 

Ifnow disturbed by a vacuum potential gradient, the gyroscopic 
electron is free to precess at right angles to the length ofthe wire. In 
other words, given a disturbing force, the electron will move trans- 
versely, or radially in the cross sectional plane of the wire, because 
of gyroscopic precession. 

Thus, assuming a gyroscopic electron and its longitudinal con- 
straint, we will detect transverse oscillations in the electron gas in 
the wire, IF AND ONLY IF the incoming disturbance in the vacuum 
is longitudinal, and IF AND ONLY IF the unzipped vacuum distur- 
bance "couples" to (is zipped by) the gyroscopic conduction electrons. 

Two things are certain in our electron-detector model: First, by 
the nature ofa gyroscope, the conduction electrons move (precess) at 
right angles to the "disturbing force." Second, we only detect the 
movement of the electrons themselves. 

Since we do detect transverse oscillations of the precessing 
electrons in the straight wire antenna, then it follows that normal 
electromagnetic waves in vacuum—that is, the component half that, 
interacts with the atom's electron shells and not with its nucleus — 

are (1) longitudinal, and (2) of such form that they couple to 
electrons. 

Note that Tesla always insisted that electromagnetic waves in 
vacuum were longitudinal. For example, he called them "electro- 
magnetic sound waves" in the ether. In "Tesla Maps Our Electrical 
Future," H. Winfield Secor presents Tesla's view oftransverse waves 
in this fashion: 

"Tesla upholds the startling theory formulated by him long ago, 
that the radio transmitters as now used, do not emit Hertz waves, as 
commonly believed, but waves ofsound... He says that a Hertz wave 
would only be possible in a solid ether, but he has demonstrated 
already in 1897 that the ether is a gas, which can only transmit waves 
of sound; that is such as are propagated by alternate compressions 
and rarefactions of the medium in which transverse waves are 
absolutely impossible." 
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In his "The True Wireless," Electrical Experimenter, May 
1919, Tesla himself further stated: 


"The Hertz wave theory of wireless transmission may be kept up 

for a while, but Ido not hesitate to say that in a short time it will be 

recognized as one of the most remarkable and inexplicable aberra- 

tions ofthe scientific mind which has ever been recorded in history." 

It should also be pointed out that our analogy permits the option 

of making a longitudinal wave in the vacuum in such a fashion that 
It will not couple to electrons. 


In that case a normal"electron gas" conduction detector will not 
detect the new wave. Such a noncoupling EM longitudinal wave is 
referred to as a scalar electromagnetic wave, where by use ofthe 
term "scalar" we call attention to the fact that the vacuum potential 
is varying, but electron coupling to form vector force fields in an 
electron gas does not occur. 

Since according to general relativity the variation of a potential 
in vacuum rigorously is a gravitational wave, then the scalar EM 
wave is a gravitational wave.* 

We often say it is an electrogravitational wave to call attention 
to its electromagnetic origin, and to the absence of EM force field 
"bleeding away" ofthe 5-space Kaluza-Klein gravitational potential. 
We will discuss the 5-space G-potential shortly. 

The conventional equation 


E=-V@ (4-17) 


thus applies in the detecting electron gas, but not in the vacuum. 
Instead, in the nonmaterial vacuum, rigorously 


VG+-E (4-18) 


and this states that a gradient in a vacuum electrostatic scalar 


: sitet A or a 42,» 
*It is also a very powerful gravitational wave, since for electrons it is some 10” times as 
strong as "mass attraction" gravity waves. 
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potential produces an antiphased electric force on and of a particle, 
on condition that a particle is present. The intent of equation (4-17) 
should be stated as 


(4-19) 


where the vertical line means "on condition that", and cp means 
"charged particle" (i.e., "that a charged particle is there.). 

Equation (4-19) clearly shows that, in the vacuum, only the 
organized potential for an E field exists due to the quantity 
essentially as pointed out less strongly by Feynman et al in The 
Feynman Lectures on Physics. 

Certainly, in the quantum mechanical interpretation, it is the 
potential that is real. The force field can only be made from the 
potential by a differentiating operation. 

Since there is nothing in vacuum to perform this differentiating 
operation observably, one may interpret quantum mechanics as 
already prohibiting the existence of observable electromagnetic 
force fields in vacuum, at least in the form prescribed in classical 
electromagnetics. 


Figure 61. A force-field vector is a movement of mass in one direction. 
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One may regard quantum mechanics — and physics in general 
- to be incomplete until electromagnetic theory is changed to 
incorporate the implications of quantum mechanics. 

In scalar electromagnetics a new interpretation is taken, and the 
"overhaul" of electromagnetic theory is in progress. 

We accent that scalar electromagnetics is still embryonic. It is at 
a stage similar to that where electromagnetism was when experi- 
menters were still rubbing glass rods with cat fur and experimenting 
with little charged pith balls. 

Early experiments are enlightening and encouraging; nonethe- 
less, the phenomenology and the myriad of variables are not at all 
well-understood, even by the experimenters themselves, and cer- 
tainly not by this author. 


Zero-Summed Vector Systems: Shortcoming in Vector 

Analysis 

It has long been pointed out by this author that a fundamental 
shortcoming exists in classical vector analysis itselfwhen applied to 
physical systems. Let us briefly look at the construction ofthe vector 
mathematics theory, to clarify this shortcoming. 

First, an abstract entity called a "vector" is conceptualized. This 
vector has both direction and magnizude, as contrasted to a "scalar" 
quantity, which only has magnitude. 

Next, an abstract "vector space” is defined; this is a sort of 
"container" for mathematical objects called vectors, with certain 
inherent properties of the system specified. In other words, a vector 
space is an abstract "system" or "space" which can contain objects 
called "vectors." 

Next certain other properties, operations, and entities are de- 
fined, oneofwhichistheisthe"zerovector". 

Essentially the zero vector is defined by a set of operations; 
however, one simplified interpretation is "the absence of any vector 
of finite magnitude." By implication, in the abstract vector theory, 
all zero-vectors are defined to be identical.* 


* Because, _ by their nature assumed in the concept, they have no internal structures. That is, 
effectively the zero vector has been too restrictively defined as "the absence of any and all 
finite vectors." It should be redefined as "the absence of any single vector being present 
alone."' In that case the definition would admit "the presence of multiple translation vectors, 
where their combined translation action is zero." 
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In the vector addition operation, a group of finite vectors adds to 
a single vector called the "resultant." 

It is standard practice in abstract vector analysis to replace a 
system of summation vectors by their resultant, since all appropri- 
ate properties of the summation system are retained by the vector 
resultant, in the abstract mathematical model. 

This, however, is only possible because the abstract vector space 
has no such thing as stress, and a zero-vector has no substructure by 
definition. In the abstract space, only translation and rotation are 
possible, by assumption 

It is also possible for two or more finite vectors to add to a zero 
resultant, in which case the system is replaced with a zero vector. 
Note that all further action by the summing vector components is 
eliminated by this assumption. 

Again the appropriate properties of the summation system are 
retained by the zero resultant, in the abstract mathematical model, 
only because the medium (the abstract vector space) is not subject 
to stress, translation, rotation, and structuring. 

Note however, that in physical systems, one cannot simply 





Figure 62. The zero-summed vector system is an engine and an artificial potential. 
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replace a zero summation system of force vectors with a zero vector 
and retain all characteristic physical effects caused by the replaced 
system. The physical medium - including the virtual flux of the 
vacuum, is subject to stress, translation, rotation and structuring. 

Physically, the presence of the summing vector component 
forces creates a stress and a dynamic macroscopic structure in the 
physical medium in and on which the forces are acting. Therefore the 
stress of the medium and its structure must be preserved and 
accounted for, even though a zero vector resultant force exists. 

This is particularly true in the vacuum, where internal (in- 
folded) stresses cause charge and energy conversion between one 
kind of charge/potential and another. 


Maxwell's Theory Was Altered and Curtailed 

In fact, Maxwell seems to have been well aware of the electro- 
magnetic stress ofthe ether and its importance. After all, he believed 
the ether to be material and mechanical, and developed his theory 
accordingly. 

For example, in his Treatise on Electricity and Magnetism, 
he wrote: 


"There are physical quantities ofanother kind which are related 
to directions in space, but which are not vectors. Stresses and strains 
in solid bodies are examples of these, and so are some of the properties 
of bodies considered in the theory of elasticity and in the theory of 
double refraction. Quantities of this class require for their definition 
nine numerical specifications. They are expressed in the language of 
quaternions by linear and vector functions ofa vector." 


Maxwell worked out his theory in quaternions since, at the 
time, the modern form of vector analysis had not been originated by 
Heaviside and Gibbs. 

To recapitulate what we stated earlier: A quaternion consists of 
a vector part and a scalar part and can readily take into account the 
stress and strain ofthe medium. A vector consists only of the vector 
part, and does not take into account the stress of the medium. 

It seems certain that Maxwell knew that the scalar part of the 
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quaternion could be present and vary, even though the vector part 
was sum-zeroed. Quaternions, however, are devilishly difficult, and 
even in the time of their founder, Hamilton, few mathematicians and 
scientists ever mastered them. 

Maxwell's theory was transposed (shortly after his death) to its 
modern vector form by Oliver Heaviside. Many ofthe characteristics 
of the scalar part of the quaternion were effectively discarded. 


In the remodeling, the "unified" basis was omitted, and electro- 


Table 37. MAXWELL'S EQUATIONS 


¢ INVARIANT 
- UNDER CONFORMAL GROUP 
OF TRANSFORMATIONS 


- IN 4-D MINKOWSKI SPACE 


* GROUP INCLUDES 
- TRANSLATIONS 
- ROTATIONS 
- REFLECTIONS 
- INVERSIONS WRT HYPERSPHERES 
OF M-SPACE 


¢ HENCE MAXWELL'S EQUATIONS 
INCLUDE TRANSFORMATIONS THAT 


CHANGE INERTIAL FRAMES INTO 
FRAMES THAT ARE NOT INERTIAL. 


PROVED IN 1910 BY 
H. BATEMAN AND E. CUNNINGHAM 


272 U. Wollschlager et al.: Multi-channel GPR for exploring thaw depth and moisture content of the active layer 





Fig. 2. Photographs of the study area: GPR measurements were acquired at the foot of an alluvial fan, partly across bare soil, a small 
vegetated area and the roadbed of the Xinjiang-Tibet Highway (red box; arrows indicate the direction of GPR lines as shown in Fig. 4; thin 
dashed line: transect discussed in Sect. 4.1, Figs. 4 to 6, transitions between vegetated and non-vegetated areas are marked separately). A 
detailed photograph of the vegetated area and the adjacent bare soil is provided on the left photograph, the black arrow indicates the location 
and viewing direction of the photograph at the left. 
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gravitation was accordingly discarded. Heaviside wrote a severely 
limited subset of Maxwell's theory; he did not by any means capture 
all of it.* 

The new Heaviside vector reinterpretation of EM was far easier 
to calculate in than Maxwell's quaternions. Many physicists (there 
were really very few scientists in those days!) immediately loved it. 


FitzGerald wrote glowingly of Heaviside's translation (and 
mutilation!) of Maxwell's theory: 


"Since Oliver Heaviside has written, the whole subject ofelectro- 
magnetism has been remodelled by his work. No future introduction 
to the subject will be at all final that does not attack the problem from 


” 


at least a somewhat similar standpoint to the one he puts forward. 


Thus it was that Heaviside discarded the basis for scalar electro- 
magnetics and electrogravitation from Maxwell's original work, and 
the so-called "classical Maxwell Equations" appeared for the first 
time in their modern vector form in Heaviside's work. 

Then in the early 1890's a short but vigorous debate on vectors 
and vectorial methods occurred, involving eight journals, twelve 
leading publications, and over 30 scientists. Over half the publica- 
tions were in the leading British scientific weekly journal Nature. 

This debate, which Lord Rayleigh characterized by the state- 
ment "Behold how these vectorists love one another," together with 
the far greater difficulty of quaternion methods as compared to 
Gibbs'and Heaviside's vector analysis, spelled the death knell to the 
position of quaternions. 

After some years, the Gibbs-Heaviside vector theory was firmly 
entrenched. The quaternion theory of Maxwell was forever modified 
and limited to the form we know today as "Maxwell's equations." 

What really happened was that electrical physicists, faced with 
the formidable difficulties of quaternions, simply stampeded down 
the far easier road blazed by Heaviside, bowling over all protests 

againstHeaviside/Maxwell/Hertztheory. 


*Specifically, Heaviside wrote the subset of Maxwells theory where gravity and electromag- 
nefism do not interact and are mutually exclusive. 
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In Western universities today, no one actually teaches 
Maxwell's true theory! Instead, Heaviside's curtailed reinterpreta- 
tion — a severely restricted subset of Maxwell's theory — is taught. 

And so that is the EM theory that is learned and applied. 

One may rightly argue, therefore, that Maxwell's theory has 
only been partially applied in its modern translated form, 
and the modern form of the Maxwell/Hertz electromagnetic 
theory is very much incomplete. 

To recover the stress factor in Maxwell's original theory, electro- 
magnetics must take into account the artificial potential, which has 
a deliberately ordered, dynamic, deterministic structure. Scalar 
electromagnetics takes the patterned stress into account and delib- 
erately uses it. Normal electromagnetics only considers the natural 
potential with randomized VPF structure implicitly assumed. 


Scalar Waves and Polarization of the Vacuum 

Let us use a simple analogy. This will lead us into the profound 
implications of the deliberate vacuum polarization and curving of 
local spacetime that is provided by the vector zero summation 
(artificial EM potential) method of scalar electromagnetics.* 

Visualize two sets of opposing and balanced forces pressing on 
the sides of a plate. 

The forces sum to zero, so the resultant force acting on the plate 
for translation is zero. Hence the plate does not translate (move away 
or accelerate). 

However, the plate is under internal stress (compression), and is 
in a quite different condition than when it has no external forces at 
all acting on it. 

Now visualize the forces being applied with rigid rods welded to 
the sides ofthe plate, so that the forces may alternately "pull" as well 
as "push." Let the forces rhythmically vary, alternately "pulling" 
and "pushing", but always remaining balanced so that their summa- 
tion for a translation resultant is constantly a zero vector. 

The plate never accelerates or moves in translation, but it now 
contains an internal stress wave which rhythmically varies between 
compression and tensile stress. Rigorously the plate internally 


*Vector multiplications that yield a zero vector product are also highly significant. 
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possesses a scalar stress wave, or a wave of "internal stress in the 
medium.” 

Now visualize a similar "plate-like" region of vacuum, with its 
virtual particle flux, instead of the material plate. Visualize two 
opposing sets of (unzipped) EM force fields, acting in and on the 
plate-like region, so that they rhythmically increase and decrease, 
changing direction also, but always with a zero vector summation. 

In this case, there is an unzipped zero resultant EM force field 
(it is zero, by our assumed conditions), but there is a rhythmic 
oscillation of the intensity of the vacuum flux (intensity of the 
vacuum potential) and the vacuum structuring in the region. That 
is, there is arhythmic and steady oscillation of the stress energy and 
structuring of vacuum, and hence of the curvature of spacetime, in 
the plate-like region. 

Rigorously, this oscillation — which we call a scalar electro- 
magnetic wave—is a gravitational wave, since the local curvature 
of spacetime is being oscillated. 

Further, it differs from a "natural" gravitational wave in several 
respects: 


1. It has a deterministic pattern or substructure, 

2. It patterns or "polarizes" the vacuum, 
3.Itconstituteslocalcurvatureofspacetime, andhencelocalized 
general relativity - something which ordinary general relativ- 


ity assumes cannot be accomplished, 


4. It deterministically engineers the virtual state and local 
spacetime, 


5. Since it is achieved by converting EM field energy into artifi- 
cial G-field energy, one can expect tremendous gains of gravi- 
tational and inertial effects in and around electrical circuits 
utilizing such fields precisely, 


6. It affects the Schroedinger wave and the probabilities of the 
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states being propagated forward by the Schroedinger wave. 
With the scalar EM wave, one can thus deterministi- 
cally engineer the emergence of quantum change, and 
violate one of the fundamental assumptions of quan- 
tum mechanics, that of the totally statistical nature of 
quantum change, 


The scalar wave can accomplish direct and localized change of 
the rate of flow of time (even to its reversal) and variation of 
mass and inertia, without concomitant translation of matter, 


By locally curving and patterning vacuum spacetime, a stabi- 
lized standing scalar EM wave can provide macroscopic viola- 
tion ofthe conservation laws, which rigorously depend upon a 
locally flat spacetime (Lorentz frame), 


Since the components in the zero summation may be EM 
waves, and may be "locked together" and broadcast to a great 
distance and interfered there, effects at great macroscopic 
distances may be achieved, in violation ofpresent assumptions 
of physics, and 


Since excess negative time flow may be locally produced, anti- 
gravity, negative energy, and negentropy may be locally pro- 
duced. 


These are the startling implications inherent in correcting 


classical electromagnetics’ improper treatment of zero-summed EM 
force vector systems in vacuum.* 


By classically replacing the force vectors in a zero EM force field 


summation with a zero vector and discarding the components, one is 
totally discarding the fact that such a patterned system of oppositive 
forces forms a deterministically patterned stress in the vacuum 
medium. 


By this innocuous error, classical EM discards electrogravita- 


tion, and avoids unification of gravitation and electromagnetics. It 


*And its zero - multiplied force vector systems as well. 
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also avoids direct engineering of gravitation, vacuum/spacetime, 
inertia, rate of time flow, free energy, and quantum change. 

Generations of Western physicists and electrical engineers have 
acquired a mindset in only one aspect of the vastly expanded 
electromagnetics actually available. 


Vector Zero Systems and the Kaluza-Klein Approach 

Prior to 1921, Theodor Kaluza applied Einstein's new general 
relativity to five dimensions. 

He produced a unified theory of electromagnetism and gravita- 
tion. 

In Kaluza's theory, the ordinary 4-dimensional gravitational 
field and the electromagnetic field are but two different aspects ofa 
single more fundamental field: the 5-dimensional gravitational 
field. 

Kaluza's theory was published in 1921, on the personal recom- 
mendation of Albert Einstein, who had had Kaluza's paper for two 
years. 

In Kaluza's model, electromagnetics is the 5th dimensional 
aspect of the 5-d G-field, while the ordinary 4-d G-field is the 
intersection of the 5-d G-field with our ordinary world. 

Five years after Kaluza's epochal paper, Oskar Klein explained 
where the extra space dimension — the fifth dimension — was. He 
modified it as "wrapped around" each point in our ordinary 3-space. 

In the Kaluza-Klein model, then, an electromagnetic wave— 
which moves spatially only in the fifth dimension — does not move 
through our 3-space at all. Instead, on its trajectory it "flows around" 

each point in our 3-space along its path. 

Using Kaluza's model, we may regard the EM field as the normal 
"bleed-off or escape of the 5-dimensional gravitational potential in 
the 5th dimension. 

Any gradient in a potential represents a bleed-off of the potential 
from the high point to the low point. The way to prevent effective 
bleed-off ofa potential at a point is to add an equal amount of bleed- 
in! The bleed-out and the bleed-in at the point then become 
balanced, so that an equilibrium state exists in the potential. 

By this mean, the magnitude ofthe potential can be fixed by the 
two opposing bleed processes in equilibrium. 
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Table 38. KALUZA GEOMETRY 


* THEORDOR KALUZA, POLISH PHYSICIST 
¢ UNIFIED THEORY OF ELECTROMAGNETICS AND 
GRAVITY [1921] 


- 5 - DIMENSIONAL SPACETIME 
- 5- DIMENSIONAL GRAVITY FIELD 
- ELECTROMAGNETISM IS THAT 
PART THAT OPERATES IN 
THE FIFTH DIMENSION 


Table 39. 5-D G-FIELD BLEED-OFF [KALUZA 5-D THEORY] 


- FAR EASIER TO BLEED-OFF AS ORDINARY EM FIELD 
¢ VERY DIFFICULT TO BLEED-OFF AS ORDINARY 4-D G-FIELD 


- E.G., BETWEEN TWO ELECTRONS: 


EM 
G(4) 
- BETWEEN TWO PROTONS: 


EM 
G(4) 


Extraordinary Physics 182 







4-SPACE 





———< 


GRAVITY INTERSECTION 
(MASS, INERTIA, TIME FLOW) 





EM INTERSECTION | 
1$ ZEROED | 





- | em VECTOR ZERO SYSTEM 


ENERGY 


ENERGY Gomme SUBSTRUCTURE 
\ a AMEWERGY 


ENERGY \.., 


Figure 63. An analogy for how scalar electromagnetics can engineer Kaluza-Klein 
unified field theory. 
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Figure 64. The zero-vector system can engineer Kaluza-Klein theory. 
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WHERE DID THE EXTRA DIMENSION GO? 


PO 
i 


+ FROM A DISTANCE, A HOSE-PIPE LOOKS LIKE A 


WIGGLY LINE 


¢ WHAT WE REGARD AS A POINT IN 3-SPACE IS REALLY A 
TINY CIRCLE AROUND ANOTHER DIMENSION OF SPACE 


Figure 65. The basic idea of Klein's explanation of where the extra dimension is. 


Table 40. PHYSICAL REALITY IS ELEVEN DIMENSIONAL 


¢ IN THE KALUZA-KLEIN THEORY THE GAUGE FIELD 
SYMMETRIES BECOME CONCRETE 


¢ THEY ARE THE GEOMETRICAL SYMMETRIES ASSOCIATED 
WITH THE EXTRA SPACE DIMENSIONS 


- AN 11-SPACE IS REQUIRED BY THE GRAND UNIFIED FORCE 
THEORY 


PAUL DAVIES, SUPERFORCE. 
1984, P. 160-161 
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5-DG-FIELD 








4-D 
G-FIELD BLEED 


Figure 67. Scalar EM forces 4-dimensional gravitational field. 
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Note that this positively establishes that two or more zero- 
summed EM force field gradients produce and stabilize an artificial 
potential. 

Usually, very little bleed-off of the 5-potential occurs in our 
normal 3-space. When the 5-space G-field is bled off on electrons, 
e.g., the resulting 5th dimensional E-field bleed-offis on the order of 
10” times as much as the 3-space G-field bleed-off. 

This accounts for the enormous magnitude of the ratio of the 
electrical force between two electrons to the gravitational force 
between them. 

Even when the 5-space G-potential is bled-offon and against the 
greater inertia ofmuch more massive protons, its 5th dimensional E- 
field bleed-offis still on the order of 10°° or so times as much as the 
3-space bleed-off. 

Note that ifwe can stop the acceleration ofthe charged particles, 
bleed-off of the 5-space G-potential as EM force field cannot occur, 
and instead all ofit must bleed-off as 3-space G-force field. This 3-G 
bleed-off normally occurs only minimally in electromagnetics, even 
for so-called "static" charges. This can be seen as follows: 

When one charges a conductor such as a large metal sphere, for 
example, the electrons are unconstrained on the surface of the 
sphere. They are in constant agitation and motion on the surface, 
thus constantly bleeding-off the 5-space potential as myriads of 
squirming little E-fields. Only a very little is bled off as 3-dimen- 
sional G-field. 

On the other hand, when one charges a dielectric, the electrons 
cannot be in as much agitation movementas they are on a conducting 
surface. Hence slightly more ofthe 5-dimensional G-potential is bled 
off as 3-dimensional G-field. 

Therefore, charged conductors and charged dielectrics should 
exhibit slightly different gravitational and inertial properties when 
exposed to a gravity field potential difference. Highly charged 
capacitors, for example, should exhibit a small but detectable unidi- 
rectional thrust in vacuum. Apparently they do, as exhibited by the 
Biefield-Brown effect. 

In addition, different materials should exhibit slightly different 
fall rates gravitationally. Again there is some evidence that they do, 
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as exhibited by the Eotvos experiments in a modern reinterpretation 
by Fischbach et al.* 


Electrogravitation Amplification Factor 

Ifthe movement of two free electrons could be entirely stopped, 
all EM bleed-off of the 5-d G-potential between them would be 
effectively zeroed or blocked. Then the 5-d G-potential would be 
forced to totally bleed-off into ordinary 3-d G-field. 

For two electrons, this could increase the gravitational force 
between them by a factor of 10”, if the EM bleed were perfectly 
blocked. 

Such perfect blockage ofthe 5th dimensional EM bleedoffcannot 
be accomplished in practice. Normally, with the increase in potential 
caused by zero-summing, agitating electrons in a statically charged 
object agitate more intensely, moving and squirming in local, erratic 
constraints. 

However, conversion efficiencies on the order of 10'° or even 
10” appear to be achievable in ordinary circuitry. In that case, 
gravito-inertial amplification gains ofup to 10” or even 10° appear 
to be achievable. Gains of 10'° or more appear to be fairly readily 
achievable. 

Time delay in producing the gravito-inertial effects may be 
experienced, however, because mass (nuclei) acts as a capacitance to 
incident scalar waves, exhibiting capacitive charging and discharg- 
ing "time constants" when charging scalarly for a particular effect or 
to a particular pattern. 

In these achievable amplification ranges, a single milliwatt of 
electrical power can control enormously powerful local gravitational 
and inertial effects, once the scalar EM charge is built up in the 
nuclei of the target material. 

Excessive and frustrating "fiddling time" with the circuits is 
usually required, however, due to the charging "time constant" 
effect, the general lack of adequate measuring instruments, and the 
great uncertainty as to the phenomenology and major variables 
involved.** 


*Ephraim Fischback et al, "Reanalysis of the Eotvos experiment," Phy. Rev. Lett., 56(1), Jan, 
1986, p. 3-6. 

eA series of scalar EM instruments, however, is being developed by Bedini, Schnur, Golden, 
and perhaps even Hewlett-Packard. 
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However, with persistence, in rather ordinary EM circuits and 
devices, the use of "summation to zero-vector" techniques and 
"multiplication to yield a zero-vector" techniques can lower the EM 
bleed-off of the 5-potential sufficiently to allow substantial local 
gravitational/inertial effects. By beaming and wave interference, 
effects at a distance can be achieved. 

When gravito-inertial amplification of many orders of magni- 
tude are involved, the assumption in ordinary general relativity of 
alocal Lorentz frame (local special relativity, with local conservation 
laws applying) is readily violated. 

Now one may have local general relativity, with concomitant 
violation of conservation laws, and local broken symmetry on a 
macroscopic scale. 

Soviet papers already strongly point out that such unrestricted 
general relativity allows the violation of all conservation laws. 

In the Soviet Union, scalar electromagnetics is called energetics. 


Comparison ofEM Concepts 

Table 41 shows a comparison between three concepts of electro- 
magnetics: classical, quantum mechanical, and scalar electromag- 
netic views. 

As can be seen, scalar EM re-introduces Maxwell's original 
potential for electrogravitational variation and structuring of the 
stress energy density of vacuum spacetime. It applies Kaluza-Klein 
5-dimensional unified theory in an engineering fashion. 

It deliberately utilizes phase conjugation as a tool to achieve 
startling negative time/negative energy capabilities and results, 
including "free" energy and antigravity. 

With scalar EM, it should be possible to overcome or circumvent 
most of the severely limiting assumptions of present physics and 
engineering. 

The great conservation laws yield to direct manipulation and 
violation. The previously inviolate statistical structure of quantum 
change becomes deterministic and engineerable. 

General relativity becomes an experimental scientific discipline 
in the laboratory, instead of a complex description of effects only 
observable in distant, massively curved regions such as on the 
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surface of a star or near a black hole. 
God does not play dice with the universe after all, just as 
Einstein suspected. 


The Aharonov-Bohm Effect 

In 1959, Y. Aharonov and David Bohm published a fundamental 
paper in Physical Review which pointed out the quantum me- 
chanical implications of potentials. 

The seminal paper is Y. Aharonov and D. Bohm, "Significance of 
Electromagnetic Potentials in the Quantum Theory," Physical 
Review, Second Series, 115 (3), Aug. 1, 1959, p. 458-491. 

In classical electromagnetics, the potentials had largely been 
regarded as mathematical conveniences, having no real effects. 


Table 41. Comparison of EM Concepts 
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NONLINEAR, CHARGED (VIRTUAL) 
STATISTICALLY ‘ERMINISTIC COMPONENTS 
















YES. STATISTICAL, 
DETERMINISTICALLY WEIGHTED, 


NONE (FLUID EQUATIONS) | YES. STATISTICAL 













EFFECT, NO 





CAUSE. YES errecr. Yes 


NO EFFECT 










BOHM—AHARONOV EFFECTS 








SUBSTRUCTURE EFFECTS, 
ENGINEERABLE 














FICTICIOUS REAL, PRIMARY. STATISTICAL REAL, PRIMARY. OETERMINISTIC 
SUBSTRUCTURES. SUBSTRUCTURES. 








POTENTIALS AND INFOLDEO FIELOS 
OF suUBSsT! 


MASSLESS 
INTERFERING POTENTIALS 
DETERMINISTIC, MAJOR ROLE 
REQUIRES REVISION 


POTENTIALS 





FORCE FIELOS 













WITH MASS 
VELOCITY, INTERFERING POTENTIALS 





WITH MASS: 









1G EFFECTS OVE TO 
VARIABLES: 
THEORY APPLIED TO EM 


VELOCITY 






STATISTICAL, NEGLIGIBLE 












LONGITUDINAL W/SWIALS 







NOT NECESSARILY. ANENERGY 
CONSERVED 


NOT NECESSARILY, 







YES, SCALAR INTERFEROMETRY 











PAPOTROGRAVITATIONAL waves? 
\PieAniy werenact w/ (iN ATOM 
(PAGE T ME CIMENSIONS 
(Meowany KALUZA—KLEIN: 
‘PPR Suman VECTORS REPLACED BY ARTIFICIAL POTENTIAL 
aay secre: LOCAL, GENERAL, 
GENERAL 







VES. CAN ENGINEER IT. 






IS 9 Extraordinary Physics 


Table 42. THE AHARONOV - BOHM EFFECT 


- IN FIELD-FREE REGIONS 

-E- FIELD IS ZERO 

- B- FIELD IS ZERO 
¢ POTENTIALS STILL EXIST 

- CAUSE REAL EFFECTS 

- INTERFERENCE IS KEY 

- CONTAIN SUM-ZEROED SUBSTRUCTURE 
- DOES NOT FOLLOW FROM 

- MECHANICS 

- CLASSICAL ELECTROMAGNETICS 


However, according to quantum mechanics, the potentials are the 
real entities, while the electromagnetic force fields are just effects 
derived from the potentials by imposed operations on them. 

Aharonov and Bohm showed that, even in the absence ofthe EM 
force fields, the potentials may still exist and interfere to produce 
real effects in physical systems. They suggested experiments to 
prove these predictions. 

Interference of the potentials is the key mechanism producing 
real effects in charged particle systems, even in the presence of zero 
E-field and zero B-field. 

Unfortunately, Aharonov and Bohm did not address this issue of 
zero-summed systems of EM force fields as one way of producing 
artificial potentials having unique interference characteristics. 

That is, by implication they did not consider the deterministi- 
cally substructured "artificial" potential, but only the randomly 
structured "natural" potential. 

At any rate the "AB effect," as it came to be called, was rather 
hotly debated and fiercely resisted over the years. Steadily, more and 
more experiments were added, validating the AB effect. Finally, in 
1986 it came to be generally accepted as proven to any but the most 
die-hard skeptic. 
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The AB principle represents a violation of both classical mechan- 
ics and classical electromagnetics. It is absolutely required, how- 
ever, by quantum mechanics. And experiments have now estab- 
lished it as proven beyond question. 

The potential, then, can be a free and independent field. 
Further, it can directly act on charged particle systems, even 
when classical electromagnetics does not recognize the in- 
teraction. 


Curl-Free Magnetic Vector Potential (A-Field) 

As an example, in classical EM the vector magnetic potential 
(the A-field) had been defined as a mathematical convenience by the 
equation 


VxA=B (4-20) 


But ifthe potentials are real, then conceivably the A field can be 
loosed from its enchainment to the Vx operator. In that case, it 





A - FIELD CAN INFLUENCE THE MOTION OF ELECTRONS. MAGNETIC FIELD AND 
VECTOR POTENTIAL OF A 
LONG SOLENOID. 


THE FEYNMAN LECTURES ON PHYSICS. VOLUME II 


Figure 68. The curl-free A-field. The magnetic vector potential (A-field) may be freed 
from its attachment to the magnetic field (B-field) and electric field (E-field). It can 
interfere at a distance to cause real effects. From it, either E-field or B-field, or both, 
can be made at a distance. 
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becomes a free, new, andindependentfield ofnature with potentially 
unique characteristics. 

For instance, its defining equation shows that magnetic force 
field can be made from it, and the rightmost term of the equation 


E =- V@ - dA/dt (4-21) 


shows that its time rate of change makes an electrical field. 


Let us explain this in simpler terms, and somewhat more 
precisely than conventional theory. We will use the Kaluza unified 
G-EM interpretation and electron flow in our explanation. 

In the A-field, we have a certain kind of 5-dimensional G- 
potential which can bleed-off as EM force fields in two ways: (1) ina 
swirl fashion, where the vortex producing the swirl moves parallel 
to electron movement, and the swirling is a torque or spin, and (2) in 
a linear fashion, where the time rate of change of the A-potential 
produces a linear E-field on the electrons. 

The first bleed-off as given by equation (4-20) constitutes the 
magnetic B-field, and the second bleed-offas given by the rightmost 
term ofequation (4-21) creates a component ofthe overall electrical 
E-field. Bleed off of the electrostatic scalar potential produces the 
other component of the E-field. 

Now in general relativity (GR) theory, "the" G-potential isjusta 
conglomerate ofmany things, each ofwhich has the characteristic of 
curving spacetime. "The" gravitational field is not a single thing at 
all, but is composed of a collection of many things. 

Thus ifwe realize that both the electrostatic scalar potential (@- 
field) and the magnetic vector potential (A-field) are components of 
the 5-d G-potential, then we see immediately that bleed-off ofthese 
two components of the 5-d G-potential creates all normal EM fields. 

It follows that, ifwe produce a zero-vector summation ofthe two 
or more EM bleed-offs, we are actually "putting as much back in" to 
the 5-d G-potential through its A and @components as we are taking 
out electromagnetically. 

In that case, the 5-potential is in a state of equilibrium with 
respect to EM bleed-off in the fifth dimension. It is now forced to 
bleed-off in the only other way it can: as ordinary 3-dimensional 
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gravitational field. Thus by vector-zeroing EM force fields, we turn 
KM field energy into G-field energy and vice versa, via the interme- 
diary of the 5-potential. 

At any rate, soon after publication ofthe Aharonov-Bohm paper, 
experiments showed that, ifthe magnetic field is trapped inside a 
long solenoid, a phase shift still is induced in the two-slit electron 
experiment, even though — classically — no contact ofthe enclosed 
magnetic field and the moving electrons occurs. This phase shift is 
explained by the fact that the freed A-field exists outside the 
trapping solenoid, even though the B-field does not. Consequently, 
interaction of this curl-free A-field with the electrons produces a 
phase shift of the QM interference detection pattern. 

This proves that curl-free A-field is real and causes physical 
effects. 

It also proves that a form of "action at a distance" is real, just as 
required by quantum mechanics. 

Years ago, Frank Golden and this author — together with Dr. 
William Tiller — experimented with "free A-field" devices. Golden 
went on to develop prototype transmitters and receivers and a 
prototype underwater communication system. 

Since that time, Gelinas has patented several curl-free magnetic 
vector potential (free A-field) devices. See U. S. patents numbers 
4,447,779, May 8,1984; 4,429,288, Jan. 31,1984; 4,429,280, Jan. 
31,1984; and 4, 432, 098, Feb. 14,1984. These patents are assigned 
to Honeywell. 


Fractional Charges, Magnetic Monopoles, and 

Magnetic Currents 

Fifteen years ago, a most distinguished gathering of physicists 
occurred in Trieste, Italy to review the physicist's conception of 
nature and how it developed. Seven Nobel Laureates were in the 
prestigious audience. The keynote address, appropriately, was given 
by P.A.M. Dirac, and — appropriately — was entitled "Development 
of the Physicist's Conception of Nature." 

Dirac called attention to the possibility offractional charges, and 
unexpectedly presented some of the data from experiments done 
lung before by Felix Ehrenhaft. 

Years earlier Felix Ehrenhaft, former director of the Physical 
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Institute at the University of Vienna, had reported a number of 
experiments where — purportedly — he easily obtained fractional 
electrical charges. 

Whereas Millikan had used liquid oil drops in his experiments 
to determine the charge ofthe electron, Ehrenhaft used little solid, 
red selenium oxide spheres. Not only could Ehrenhaft get a frac- 
tional charge, but he could actually vary the size of the fraction by 
varying the size ofthe spheres. 

(Knowing what has been discovered in the last two decades on 
the complex bond structuring of water and liquid hydrocarbons, one 
might very well suspect that a solid — which has one less degree of 
freedom than a liquid — could possibly yield a very different 
experimental condition from a liquid, from first principles. However, 
no one seems to have noted that, or taken it into account.) 

(Also, Ehrenhaft's results were replicated by other researchers 
who used his experimental methods. They published scientific 
papers, but that made not a whit to the scientific community, which 
simply rejected the experimental evidence.). 

Dirac pointed out that Millikan himself, in his oil drop experi- 
ments that established the charge of the electron, reported one 
anomalous experiment which yielded a fractional charge. He dis- 
carded the results of that experiment. 

Ending his speech, Dirac stated that it all made him wonder if 
perhaps Millikandidhaveafractionalchargeinthatoneexperimiment 
after all. And well he might wonder. Ehrenhaft — almost unknown 
now to the present generation of physicists — may have found not 
only fractional electrical charges, but the magic magnetic monopoles 
as well. 

Over and over, Ehrenhaft reported the results of experiments 
which disagreed with the notions of magnetic theory at the time. 

Again, some ofthese experiments were replicated, and reported 
by those researchers replicating them. 

It didn't make any difference at all. 

Now, finding a magnetic monopole — and the accompanying 
magnetic charge current — would be most satisfying to many 
theorists. That would make the equations of magnetics quite "bal- 
anced" with respect to electricity. 

However, no one —at least whose results have been accepted - 
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has yet found a magnetic monopole or magnetic current. 

Stanford researchers have perhaps come closest, and even re- 
ported the results of one exciting experiment that found the mag- 
netic monopole. However, the team has consistently failed to be able 
to replicate those results. And in science, "no replication, no accep- 
tance" is necessarily the dictum. 

In a moment we will address a possible cause for this failure to 
find the magnetic monopole and magnetic charge current. 


Some Ehrenhaft Experiments 

Let's look at some simple, rather informal experiments that 
Ehrenhaft showed. We call attention to Alden P. Armagnac's excel- 
lent article , "Magic with magnetism," in Popular Science Maga- 
zine, June 1944, p. 130-133, 222, 226. In the first experiment, 
Ehrenhaft seems to have dissociated water with a permanent 
magnet. 

First, Ehrenhaft seals two rods of pure iron, in holes through 
opposite sides of the U in a U-shaped glass tube filled with water. 
Then he uses the two rods — which protrude through the tube into 
the water — as the pole pieces ofa horseshoe magnet — either an 
electromagnet or a permanent magnet. Dilute sulfuric acid — one 
percent by volume — is in the water, to give it a very slight acidity. 

Bubbles of gas rise up through the twin vertical columns of 
water, and are collected and analyzed. Most ofthe gas is hydrogen, 
as is to be expected from common chemical interaction of the iron 
rods with the very dilute sulfuric acid. However, some ofthe gas — 
ranging from two to twelve percent — is oxygen, and most ofthe 
oxygen is produced at the north pole of the magnet. 

The pole pieces may be short-circuited with wire, to insure they 
are at the same electrical potential and prevent any electrical 
dissociation of the water. 

Without the magnet, all the gas liberated is hydrogen, as is to be 
expected. No oxygen at all is produced. 

And another very interesting phenomenon occurs. A strong 
permanent magnet of the Alnico type gradually loses a marked 
fraction ofits strength — say, 10% in 24 hours. It appears that the 
energy dissociates water — very similar to electrical energy from a 
battery draining away when electric current is used to dissociate 
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water. 

The real question is: Is this experiment a demonstration of 
magnetic current? 

If it is, then the textbooks are wrong, and there's another 
constituency in magnetism that has not been taken into account. 
Further, if it proves magnetic current exists, it has also proven 
magnetic charge — the magnetic monopole — exists. 

Ifit is not a demonstration of magnetic current, then what is it? 
Why don't you get any oxygen liberated when the magnetism is 
removed? What causes the magnet to discharge its magnetic 
strength? 

These serious questions do not appear to have ever been re- 
solved. 

In all fairness, however, we must warn the reader that other 
factors in the water can very seriously affect the outcome of this 
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Figure 69. Earth, sun, and moon are locked into a triad system. They exchange 
both normal energy and phase-conjugate energy. The phase-conjugate energy 
(negative energy, negative time) streams affect all "subtle-energy" earth experiments 
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experiment. As we now know, the bonding structure of water is 
incredibly adaptive. Every bit of water you examine, for example, is 
absolutely unique in many respects. And in other respects, it's a sort 
of "single giant molecule." 

Be forewarned also that subtle experiments with water are 
affected by just about everything under the sun. Including the sun! 

Ehrenhaft himselfwas quite embarrassed when this "decompo- 
sition of water" failed to be 100% repeatable. It can be done — but 
you may have to work at it a bit. The best water for this experiment 
is the most natural, pure ground water you can obtain. 

At any rate, it may be that these experiments ofEhrenhaft's are 
related to the old notion of "watergas" — the changing of water in 
some fashion so that, as it enters an internal combustion chamber, 
it decomposes into hydrogen and oxygen, and is ignited by the spark 
and burns as a fuel. In the typical watergas case, the experimenter 
has a "green powder" which, when added to water, will allow it to be 
burned as a fuel when it is used in an ordinary engine. Such a 
capability, for example, seems to have been exhibited at least once, 
to the U.S. Navy, by an unorthodox experimenter named Anderson. 


Of course, if fractional charges exist and can be controlled (and 
Ehrenhaft's experiments certainly seem to confirm this), then it is 
conceivable that a material could be found that would do the "green 
powder" function. That is, ifthe bonding electron that bonds hydro- 
gen and oxygen in water were replaced by a fractional charge, the 
"fractionated water molecule" could just barely be holding together 
an a liquid. A strong hydroshock — such as going through the jet 
nozzles in a carburetor — could then cause many ofthese molecules 
to break apart, effectively dissociating the water. 

A possibly related phenomenon was reported by Le Bon in his 
Evolution of Matter. The experiment was to hold a piece of 
ordinary aluminum under the surface of mercury in a container for 
a period oftime. Then the piece ofaluminum is taken out and thrown 
into a container ofwater, where it violently dissociates the water. At 
least one colleague was able to replicate this experiment by holding 
the aluminum beneath the mercury for 36 hours. 

These Ehrenhaft experiments may also be related to the exten- 
sive use in the Soviet Union (and to some extent, in the U.S.) of 
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magnetic treatment of water pipes so that boilers do not develop so 
much hard precipitate. Magnetic treatment of water, for example, 
can rigorously be shown to alter some of a liquid's properties. 

Ament, for example, in numerous well-controlled repetitions has 
clearly shown an increase in auto gas mileage by using a strong 
magnetic apparatus on the fuel line. Best results are obtained by a 
magnet which only has one polarity facing the fuel line, and using 
three stages where the middle polarity is reversed. The effect ofthis 
apparatus is definitely scalar EM (gravitational) and expressed in 
the atomic nuclei in the molecules of the fuel flowing through the 
line. 

Again, the Ehrenhaft experiments may be related to the strange 
results of Viktor Schauberger, who obtained motive results with 
water and natural energy that have not been duplicated before or 
since, so far as anyone can tell. 

Schauberger utilized "tmplosive" energy rather than "explosive" 
energy — strongly suggesting he was using the negative time 
aspects of energy, hence negentropy. Schauberger also conceptual- 
ized this energy in a spiral form — and that is precisely the type of 
motion Ehrenhaft observed in many ofhis bubble experiments. That 
such negative time/negative energy is "natural" energy will be 
apparent from our next chapter, where we point out that all living 
things must use negative time/negative energy processes ifthey are 
to defeat the inexorable law of entropy — the increasing disorder of 
a system as its positive flow of time progresses. 


Note, for example, that a system that is 20% efficient in 
positive time would be 500% efficient in negative time. 


Let's look at another of Ehrenhaft's magnetic experiments. 

Taking the air gap between two very flat, very parallel pole 
pieces of sufficient width, one obtains a very accurately-parallel, 
uniform magnetic field in between them. Now suppose you place 
some very small particles ofmaterial—both magnetic and nonmag- 
netic — in the air gap. 

Common sense assures us that, if closer to the south pole, for 
example, one of the little magnetic particles will be attracted by the 
preponderance of south polarity. That is, a little magnetic north pole 
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will be induced on the side ofthe particle nearest the south polepiece, 
and alittle south pole will be induced on the particle on the side away 
from the south polepiece. The little particle will then be attracted to 
the south polepiece. 

Again, common sense assures us that, ifcloser to the north pole, 
the situation is reversed and the little particle is attracted to the 
north polepiece. 

Well, that isn't quite what happens. Some move to the south 
polepiece, and some move to the north polepiece. And it seems to vary 
by the type of material the little particle is comprised of. 

Now try another experiment. Let's make a permanent magnet 
motor. Understand, this one is not quite "for free," for we'll consume 
"fuel"—the strength ofthe magnet and the acidified water solution. 

In this one, we use a glass cylindrical cell, with one vertical iron 
rod at the top and another at the bottom, and the rods serving as the 
pole pieces ofa giant horseshoe magnet. (Or, for ease you can use an 
electromagnet). The cell is filled with the same acidified solution as 
before. 

Without the magnet, hydrogen bubbles can be seen rising as 
before. 

Now put on the magnet (or turn on the switch). Voila! the 
situation with the bubbles changes drastically. A spectacular mini- 
ature merry-go-round — a "whirligig" — of bubbles forms between 
the faces of the poles and parallel to them. 

Add some copper particles to the solution. The particles will 
rotate in the same plane, but in opposite directions from the bubbles. 
The stronger the magnetic field, the faster the particles and bubbles 
will contrarotate. 

Ifthe magnetic field is reversed, the rotation of both the bubbles 
and the copper particles is reversed. 

Only a few months after this was reported in Popular Science 
Magazine, Brother Gabriel Kane of Manhattan College and Char- 
lea B. Reynolds of the Federal Communication Commission con- 
firmed Dr. Ehrenhaft's discovery of magnetic currents. 

They made a drop of copper sulfate solution spin between the 
polepieces of a permanent magnet. They also made an interposed 
microscope cover glass spin from the rotation ofthe copper sulfate. 

It was hinted they were heading toward power machinery. If so, 
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nothing else was heard — possibly because they never solved the 
problem of consuming the magnet's strength and the acidified 
solution. 

Bill Mueller, the present inventor of a free-energy device, has 
also demonstrated the spinning ofa piece of plastic in a magnetic 
field. 

After WWII, Dr. Ehrenhaft returned to his post in Vienna, 
published later work in French and other scientific journals, and 
died not long after. 


What is a magnetic monopole? 

First, let's reiterate what we mean by "magnetic field." It'll take 
a little bit to get there, so please bear with me. 

By electric charge, we mean the virtual photon flux connected 
with a particle of mass or an object (of mass). One type of charge (by 
convention, positive) is modeled to constitute a "source" of this flux. 
The second type ofcharge (negative) is modeled to constitute a "sink" 
of this flux. 

Everything in electromagnetics is fluid flow, you see. The old 
guys who formed the theory believed that electricity was a thin 
material fluid. So they modeled it that way. 

They modeled the positive charge as an everlasting "sprayer" 
and the negative charge as a "sink" or everlasting accumulator. 

They reasoned that of course this "stream" of electric fluid could 
"swirl" or rotate, just as normal fluids can. 

This "swirl" in the stream of virtual photons is magnetostatic 
scalar potential — or magnetic pole for short.* 

Obviously there can be two directions of swirl — one right- 
handed, and one left-handed, with respect to the direction of the 
virtual photon stream. So there are two kinds of "magnetic pole" — 
north (right-hand swirl) and south (left-hand swirl). 

The strength of one of these "swirls" can vary, of course, and 
that's a variation in the strength of the corresponding pole. 

You can also think ofthe "pressure" ofthe swirl, so to speak, at 
least for modeling purposes. In that model, north swirl is "higher 


*Rigorously, a permanent magnet does not produce an observable B field in vacuum! 
Instead, it produces the dynamic, swirling "potential" for that field —i.e., an unzipped field. 
A particle of observable mass placed in this field integrates and "zips" — producing the 
observed B-field on and of the spinning observable particle. 
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than ambient” pressure, and south swirl is "lower than ambient" 
pressure, where "ambient" means "with respect to right-hand swirl." 
The swirl pressure is then considered to "bleed off/flow" from north 
pole to south pole. This is modeled by Faraday's "flux lines of force." 
This bleed off (gradient) from north pole to south pole is called the 
magnetic force field, or just "magnetic field" for short, even though 
in vacuum it's really an unzipped magnetic field. 

Note that the original modelers didn't consider negative time 
and negative energy at all. And they didn't know anything about 
phase conjugation — in fact, the electron had not even been discov- 
ered when all this model was originally put together. 

But back to the model. Considering the swirling fluid as "con- 
served", if you produced a concentration of one kind of swirl at one 
place, you had to decrease the concentration elsewhere, which is the 
same as producing and adding opposite swirl there. Thus, conceptu- 
ally, in the simplest case (only two swirls allowed), a north pole and 
a south pole always occur together in a pair — though of course 
there's no limit to the distance between the pair. 

Notice that ifyou have a conservative field such as we assumed, 
you are keeping your overall frame of observation Lorentzian — in 
other words, conservative. You do not have a "curved spacetime” to 
speak of, by assumption. 

Now of course, you can have compound and very complicated 
magnets and magnetic fields — you don't always have to have 
everything so neat and simple. In that case, conceptually you could 
have — for example — one north pole and two south poles. 

In fact, it's easily possible to demonstrate that: a bar of magnetic 
material is simply magnetized so that a north pole is in the middle, 
and a south pole is at each end. Now bend it around a bit, and you 
get the point. 

However, now let us suppose that we curve spacetime itself, 
locally — something they avoid in present physics by pure assump- 
tion. 

Specifically, we curve our local spacetime in such a fashion that 
there's more right-hand swirl in the local region than there is left- 
hand swirl there. 

In that case, we have a north-pole region there , all by itself. We 
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have a magnetic north monopole. Ifthat "curved spacetime" region 
oftrapped swirl is moving, that constitutes magnetic current, and it 
may be either positive (north polar) or negative (south polar) flow. 

It's as simple as that! Only when you curve local spacetime can 
you get a magnetic "charge" or monopole. Everyone who's trying to 
demonstrate a magnetic monopole in uncurved spacetime is doomed 
to failure a priori. It takes but little reflection to see that, conceptu- 
ally, amagnetic monopole is a curvature of local spacetime. Indeed, 
each of the two poles of a bar magnet is precisely that anyway. 

Now a monopole can indeed be "made", by bending local space- 
time correctly. It can be made in two ways: in the virtual state 
vacuum itself, or in and on physical materials. It's easiest to make 
it in the virtual state: just curving the local spacetime will do that. 
When this "excess swirl flux without corresponding antiswirl flux" is 
impressed into and onto matter, however, the atomic nuclei are 
affected, producing excited "magnetic states." In addition, a great 
deal of physical stress is created in the material, due to monopolar 
repulsion between the various "nuclear monopoles deposited in it." 

If a sufficiently strong monopole intensity (magnetic charge) is 
produced in the material, the material will violently fragment from 
internal stress. When a metal, for example, undergoes such a 
"monopolar fragmentation", it is common to see "tiled edges" of the 
metal rupture, much as twisted little "planks" or tiles of metal 
unfurled and "split." Such abreak may be a positive signature ofthe 
involvement of virtual magnetic monopoles (i.e., by the metal having 
acquired virtual magnetic monopolar charge, causing the disrup- 
tion). 

This precise type of metal fracture has been very well demon- 
strated in experiments by Canadian experimenter John Hutchin- 
son. Anomalous, powerful breaks in metal have been obtained by 
Hutchinson where the two ends that break apart both have a north 
pole or a south pole. 

The anomalous hole in the fuselage of the Arrow DC-8 
destroyed at Gander Air Force Base, Newfoundland on Dec. 
12,1985, strongly suggests that an electromagnetic missile struck 
the aircraft, inducing monopolar effects. That would also match the- 
three eyewitnesses’ description of an anomalous glow on part of the 
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aircraft as it faltered and then fell. 


Supercharges and Fractional Charges 

Now without further ado, let me just state flatly that the only 
way to get a fractional charge is to have an appreciable curvature of 
local spacetime. 

To get that local curvature, it's going to be very difficult to use 
liquid. For weak effects, it will almost always change its bond 
structure and not localize the curvature in the nuclei. So "fractional 
charges" in liquid are much harder to come by. 

However, with solids it's a different thing, particularly if you 
make the solid material very, very small and nonlinear — precisely 
like Ehrenhaft's little red selenium oxide spheres. There you can get 
the curvature to localize without so much bleedoff through the 
bonding lattice. 

The greatest electrical wizard of all, Nikola Tesla, reported 
producing electrons with 50 times the normal electrical charge ofan 
electron. That's readily understandable ifyou look at what's happen- 
ing to the charge ofa particle: To have 50 times as much charge, the 
electron must be exchanging virtual photon flux with its surround- 
ing vacuum at 50 times the rate of the normal vacuum. 

In other words, it's the vacuum (spacetime) which must be 
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Figure 70. Forming magnetic monopoles with a standing scalar EM wave. Ina 
nonlinear vacuum (locally curved spacetime), virtual magnetic monopoles can be 
formed and deposited in materials. 
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Figure 71. Metal fracture by depositing magnetic monopoles. Demonstrated by 
Canadian researcher John Hutchinson. 


changed, not the electron! Actually, thathappens anyway whenever 
the electron is in an electrical potential field. There are many 
unrecognized assumptions in the postulate that the electron charge 
is fixed. 

If you curve local spacetime in one direction, you get the charge, 
ofan electron increased. Ifyou curve it in the other direction, you get 
the charge decreased. In that case it's called a quark. 

At any rate, our own scientists have been looking in the wrong 
way and in the wrong place for magnetic monopoles and fractional 
charges. 

Work such as that of Ehrenhaft and others should be re- 
evaluated. And, most certainly, the basis ofthe present electromag- 
netic theory should be both re-examined and reformulated. 


*Such as the implication that the free electron is always free to move, and that potential 
surrounding the electron always possesses a translating gradient when it changes. It does 
not consider the case where the virtual flux exchange between electron and vacuum increases 
isotropically, centered on the electron. That, of course, represents an excited charge of the 
free electron. 
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CHAPTER 5 


EXTRAORDINARY BIOLOGY 


Kervran's Proof of Biological Transmutation 

In orthodox chemistry, one of the strongest dogmas is the 
stubborn insistence that it is impossible to create another element by 
chemical reaction. Most chemists also insist that all reactions 
occurring in living systems are chemical in nature. They believe 
fervently that chemistry can and must explain life itself. 

In the early 1960's, a French researcher named Louis Kervran 
published work which flew directly in the face of the accepted 
chemistry dogma. Kervran reported the astounding results of his 
research showing that living plants were able to accomplish limited 
transmutation of elements. Kervran was then the Conferences 
Director at the University of Paris, and his first paper was published 
in La Revue Generale Des Sciences, July 1960. 

What was so revolutionary was that, according to the prevailing 
wisdom of science, you can't transmute elements (permanently 
change the nucleus) except with enormous energy — certainly not 
with the microvolts and millivolts (and microwatts and milliwatts) 
that living systems can muster electromagnetically. * 

Rutherford, the British physicist who discovered the nucleus of 
the atom, had shown in 1919 that you can bombard elements with 
alpha particles and transmute them. The accepted wisdom of today 
is exactly the same, except that the physicists have used heavier and 
heavier "bullets" in their artillery approach. No one has tried a 
controlled approach, for the catchecism is that you have to use the 
wham it harder! approach. 

In other words, to most scientists the whole thing had to be 
preposterous, and Kervran had to be deluded. 

Kervran published further details ofhis work in a book, Trans- 
mutations Biologiques, Maloine, Paris 1962. But the initial reac- 


*Note, however.that since gravity is infolded EM, one can have extremely powerful infolded 
EM, yet only have miniscule electrical (outfolded) residues. Thus the actual "available 
power" in artificial biopotentials may not be quite so small after all. 
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tion of most scientists was disbelief and skepticism. Few scientists 
would stoop to repeating Kervran's experiments, which of course 
they knew could not work anyway. 

Actually the effect is widespread amongst living systems. As 
Kervran pointed out, the ground in Brittany contained no calcium; 
however, every day ahen would lay a perfectly normal egg, with a 
perfectly normal shell containing calcium. The hens do eagerly peck 
mica from the soil, and mica contains potassium — a single step 
below calcium in the standard table ofelements. It appears that the 
hens may transmute some of the potassium to calcium. 

Further, ifone tests this assumption, it is quickly shown to be 
true. Hens denied calcium but not potassium, stay perfectly healthy 
and lay perfectly normal eggs. Hens denied both potassium and 
calcium will be sickly and lay only soft-shelled eggs. If these sick 
chickens are allowed to peck only mica — which they will frantically 
do — everything returns to normal again. 

Most orthodox scientists nevertheless remained skeptical or 
downright hostile. 

However, a few other scientists began to repeat Kervran's 
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Figure 72. The Kervran effect. A biosystem can accomplish limited transmutation of 
elements. 
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experiments and replicate his results. Several of these corroborat- 
ing scientists were (1) Professor Hisatoki Komaki, Chief of the 
Laboratory of Applied Microbiology at a leading Japanese univer- 
sity, (2)Professor Pierre Baranger, Head ofthe Laboratory of Chemi- 
cal Biology ofthe Ecole Polytechnique in Paris, and (3) J.E. Zundel, 
then head of a paper company with a chemical analysis laboratory, 
and later a chemical engineer of the Polytechicum School of Zurich, 
Switzerland. 

Later work by Zundel was particularly decisive: he utilized the 
mass spectrometer at the Microanalysis Laboratory of the French 
National Scientific Research Center, and neutron activation mass 
analysis at the Swiss Institute for Nuclear Research in Villigen to 
positively confirm an increase in calcium of 61% to an accuracy of 
2%. Suchresults and instrumentation, ofcourse, removed any doubt 
that the effect could be due to statistical variation. In the same 
experiments, the plants increased their phosphorus 29% and their 
sulphur 36%. 

Komaki became head of a research laboratory at Matsushita 
Electric Company. There he conducted research conclusively prov- 
ing that microorganisms (including some bacteria and two kinds 
each ofmolds and yeast) could transmute sodium into potassium. In 
fact, he placed a brewer's yeast product on the market that, when 
applied to composts, increases their potassium content. 

Extensive work in the area has been done in the Soviet Union, 
where results similar to Kervran's have been substantiated. 

Thus all doubt (to an open-minded scientist) was removed: living 
systems are able to change one element into another by some 
unknown means, using very feeble energy. 

A noted French physicist, O Costa De Beauregard, suggested a 
mechanism for the transmutations, using weak force interactions 
and advanced waves. 

No one — even Kervran himself— thought of negative energy/ 
negative time interactions. The jury is still out on the actual 
mechanism, but it is absolutely clear that the transmutation does 
indeed occur. 

The Japanese researchers, having replicated Kervran's as- 
tounding results to their complete satisfaction, recommended him to 
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the Nobel Committee for a Nobel Prize for such epochal work. Thus 
Kervran became a Nobel nominee, though he was not granted the 
prize. 

Kervran has since passed away, leaving behind his books and 
papers that point to a revolution in chemistry and physics - 
transmutation of elements at very weak energy. 


Biological Transmutation Has a History 

Actually biological transmutation — and transmutation of ele- 
ments (alchemy) in general — has a history, of both results and 
suppression. 

Louis Nicolas Vauquelin, a celebrated French chemist, discov- 
ered that chickens could produce more calcium in their eggshells 
than entered their bodies. Hence they had to be able to "create" the 
calcium, else their own bodies would have been completely depleted. 

One of his contemporaries, however — Antoine Laurent La- 
voisier — became the "father of chemistry." Lavoisier laid down the 
dictum that nothing was created. So chemistry fixed upon the notion 
that the combinations ofelements could be shifted, but the element 
itself could not be transformed. 

Not until the discovery ofradioactivity did any crack in this solid 
wall appear. But still, the basic ideas ofchemistry said the element 
couldn't be transformed chemically. It could only be transformed if 
one blasted the daylights out ofit with an atomic or particle bullet. . 

Today most chemists still hold that exact same opinion, un- 
shaken. 

To resume: Over a century ago, a chemist named Albrecht von 
Herzeele proved that germinating seeds somehow transmuted ele- 
ments in the process. In 1873 von Herzeele published a book, The 
Origin of Inorganic Substances, where he showed research 
proving that plants continuously create material elements. 

Even earlier, in 1822 an Englishman named William Prout had 
studied chicken eggs in incubation. He found that hatched chicks 
had more lime (calcium) in their bodies than was originally present 
in the egg! 

Another French scientist named Henri Spindler discovered that, 
a kind of algae called Laminaria could create iodine. 

A German researcher named Vogel had planted cress seeds in a 
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belljar. They were fed nothing but distilled water; still, when grown 
they contained more sulphur than had been in the seeds originally. 

Lawes and Gilbert, two British researchers, also found that 
plants could "extract" more elements from the soil than the soil 
actually contained in the first place. 

Baranger performed thousands of meticulous experiments in 
plant transmutation of elements. He proved that the transmuta- 
tions do occur. He also discovered that many things affected the 
germinating seed transmutation process: the time the seeds germi- 
nate, the type oflight they are exposed to, the phase ofthe moon, etc. 

None of these experimenters understood the transmutation 
process used by the living organism. But they proved beyond ques- 
tion that the process existed, and universally occurred. 


Surplus-of-Energy Mechanisms Proposed by the U.S. Army 

There has also been other very positive support for the thesis 
that if living systems transmute elements, they can produce a net 
source of energy in the process. 

In 1978 an officially-funded effort of the U.S. Army Mobility 
Equipment Research and Development Command, Fort Belvoir, 
Virginia positively confirmed that mechanisms for elemental trans- 
mutations could occur in biological systems, from an energy consid- 
eration. 

The work was performed under the direction of Emil J. York, 
Chief of the Material Technology Laboratory. Solomon Goldfein was 
the principal investigator for the effort. Robert C. McMillan, Chiefof 
the Radiation Research Group ofthe laboratory, provided guidance 
on matters of physics and nuclear physics. 

The abstract of the final report (S. Goldfein, Report 2247, 
Energy Development from Elemental Transmutations in 
Biological Systems, U.S. Army Mobility Equipment Research and 
Development Command, May 1978. DDC No. AD A056906.) reads as 
follows: 


"The purpose of the study was to determine whether recent 
disclosures ofelemental transmutations occurring in biological enti- 
ties have revealed new possible sources of energy. The works of 
Kervran, Komaki, and others were surveyed, and it was concluded 


209 Extraordinary Biology 


that, granted the existence of such transmutations (Na to Mg, K to Ca, 
and Mn to Fe), then a net surplus of energy was also produced. A 
proposed mechanism was described in which Mg adenosine 
triphosphate, located in the mitochondrion of the cell, played a double 
role as an energy producer. In addition to the widely accepted 
biochemical role of MgATP in which it produces energy as it 
disintegrates part by part, MgATP can also be considered to be a 
cyclotron on a molecular scale. The MgATP when placed in layers 
one atop the other has all the attributes ofa cyclotron in accordance 
with the requirements set forth by E.O. Lawrence, inventor of the 
cyclotron." 

"It was concluded that elemental transmutations were indeed 
occurring in life organisms and were probably accompanied by a net 
energy gain." 


The researchers also concluded that elemental transmutations 
occurring in life organisms are accompanied by losses in mass 
representing conversion to thermal energy, and that such energy 
probably is a net gain when compared to the amount required to 
effect the transmutation. 

Allin all, they concluded that the little cell with its feeble energy 
does quite well! It's in control ofcyclotrons, and cyclotron forces, and 
direct conversion of mass to energy. Pretty good for a little bitty 
beastie, wouldn't you say? 

Actually, one should point out that, according to nuclear phys- 
ics, an atom gets a little heavier when it absorbs (usually by means 
ofan orbital electron) anormal "positive energy" photon. Thatis, the 
addition of positive energy results in the addition of a little bit of 
"positive mass." 

Negative energy, ofcourse, does a similar thing to the nucleus — 
except that it adds "negative mass." Thus the nucleus ofthe atom, 
when it absorbs negative energy, gets lighter. This is seen in the 
external world as "loss of mass." 

With our present nuclear physics, only positive energy is as- 
sumed except in extremely rare cases. 

Thus the Army study — which was conducted and controlled by 
some excellent scientists — worked out a "loss of mass" the way 
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they're trained to. 

By adding some positive energy, the nucleus would gain 
some positive mass. By adding some negative energy, the 
nucleus would lose some corresponding positive mass. The 
conventional physics then would equate this "loss of mass'' 
as the direct conversion of mass to energy. And so it is, only 
it's conversion to negative energy! 

However, by pointing out the cyclotron mechanism in the cell 
MgATP, the Army researchers have made a most important contri- 
bution. 

Note also that the whirling motion may be very much related to 
Viktor Schauberger's work and to Wilhelm Reich's work. Both of 
them worked with what they viewed as an unusual kind of living, 
spiraling energy. 

All the orbital electrons of an atom also are whirling around in 
orbit, in the simplest model. Further, these orbits themselves move 
and rotate or precess. 

Similar orbits and shells occur in the nucleus, at least in some 
models (several rather independent models are used there for 
specific things.) 

It may be that a whirling, spiraling (cyclotron) energy motion is 
necessary to connect positive energy to orbital electron (negative 
charge) shells, and to connect negative energy to positive charge 
shells in the atomic nucleus. * 


Alchemy and Unusual Critters 

In ancient times, the old alchemists pursued the dream of 
making gold. Obviously, ifone could do that economically, one could 
become quite wealthy. 

Just as obviously, the kings and rulers of the world took rather 
a dim view of such proceedings. After all, much of their own power 
rested on their ability to get and control gold. And if some "loose 
cannon" could make all the gold anyone wanted, then the national 
treasury of the king wouldn't be worth a plugged nickel. And that 
would finish the king, for he would be powerless. 
The spinning/whirling motion may be viewed as integrating the unzipped vacuum flux 


virtual vectors into zipped observable force vectors —just as great grandma's spinning wheel 
integrated fibers into continuous threads. 
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There are some unorthodox researchers today who take the view 
that the alchemists were stamped out— not because they failed, but 
because they succeeded. 

I subscribe to the same view. 

T.H. Moray had a process to "recover finely divided gold from 
quartzite sands." My personal, strong belief is that he possessed a 
practical transmutation process. His knowledge and techniques, of 
course, are still possessed by his sons, and reside through them in 
Cosray Research Institute, Salt Lake City, Utah. 

The possession of such a technical secret may be one ofthe major 
reasons why the Morays have met with such intrigue, harassment, 
and suppression over the years. 

To speak further on "making gold," we first have to present some 
details on some special "critters" that live, but that can't be observed 
through a normal microscope — even an electron microscope. 

In that vein, toward the end of this chapter, we will present some 
of Royal R. Rife's fundamental discoveries. Pay particular attention 
to his discovery of "finer" living forms — which today we could only 
refer to as "living energy, virtual-state forms." 

Let's call them critters for short. 

At one time, when the earth was young and the radiation from 
the sun was different, conditions on earth were much hotter. Great 
volcanic activity and fiery eruptions were commonplace and nearly 
continuous. Huge storms, of size and magnitude undreamed of 
today, swept the primitive atmosphere. The oceans were frenzied. 

Under those conditions, many types of "critters" were highly 
active. Most ofthe critters, for example, livedin and worked on the 
atomic nuclei of matter . 

After all, the critters are living, virtual-state organisms. There's 
a continual exchange between the virtual state (the vacuum, or 
spacetime) and mass (the observable state). An atomic nucleus is 
like an island in the "virtual state ocean", and the flux interchange 
is like waves breaking onto the island and then washing back to sea. 
The critters live in that ocean, and wash upon, so-to-speak, the 
mass-islands and interact with them. 

In those primal days, many ofthe present great mineral deposits 
ofthe earth were created due to the transmutation activities of the 


Extraordinary Biology DIZ 





critters. 

One kind, for example, lived in copper. In an "energetics" sense, 
this critter "ate" copper and "excreted" gold, so-to-speak. Much ofthe 
gold that occurs in great copper deposits today was formed this way 
in the old days under primal conditions. 

When conditions on earth changed, these little "copper critters" 
ceased their incessant activity and became dormant, just as viruses 
can do. But the critters are still there in the copper ore, waiting to be 
activated. 

And activate them you can! You can even get the critters into a 
solution, and then crystallize them out as crystals. 

These crystals are what the alchemists of old called the 
philosopher's stone, with the power to transmute base elements 
into gold. There are several kinds of philosopher's stones; this kind 
is for copper. 

At any rate, you can then place these special crystals on some 
copper (and add another thing or two), and restore them to a similar 
primal environment as of old. That is, heat them in an electric 
furnace. Blast them with terrible electrical bolts. Bathe them in 
intense ultraviolet light. That's just a nice, refreshing spring day for 
the critters!* 

That stimulates them and revives them. They wake up after a 
long sleep — and they're immediately "hungry." So they go right to 
work on the copper. Boom! In a little bit there isn't any more copper, 
just mostly gold, with a little other miscellaneous residue thrown in, 
such as black ruby and silver (in the experiments of one of my close 
colleagues). 

The gold is radioactive when first made. Fortunately, all 
isotopes of gold are very short-lived: just minutes suffice for the 
radioactivity to die away. So you wait half an hour and everything's 
okay. 

That's all there is to it. 

And if you do that and try to capitalize upon it, your life 
expectancy is about 24 hours. 

I don't know whether or not biological systems, in their Kervran- 


*Note the probable similar effects involved in the Miller-Fox-Urey experiments in biogenesis 
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transmutations at weak energy, deliberately manipulate similar 
"critters." I suspect, however, that they do, at least to some extent. 


The Cell Also Lives and Functions in the Virtual State 

Obviously, to transmute elements the living system has to be 
able to directly affect and influence the atomic nucleus. 

It has been shown that this is a cellular capability, for single- 
celled organisms can do it. 

As we shall see, Rife's work showed that the living cell is 
connected to at least 16 intemested deeper levels of reality than a 
relative "point" under an ordinary microscope. Further, all levels are 
structured and organized. 

Think of it! Each one of those levels is to the preceding level as 
microscopy today is to the normal world. Sixteen levels! 

I think it's reasonable to state that the life ofthe cell is patterned 
and dynamically structured and functioning all the way into the 
virtual state; indeed, to very deep intemested levels of the virtual 
state. That is, it also functions hyperspatially. 

We shall also see that the mind and thought involve these more 
subtle physical (though virtual) levels. 

Thus the living virtual-state levels are a reality, for Rife proved 
it. 

The living organized structures at each level are a reality, for 
Rife proved it. 

The living ordering and control of dynamic functions on all those 
levels is a reality, for Rife proved it. 

Those living virtual-level parts of the living organism — plant or 
animal — thus affect, function in, and reside in the atomic nuclei of 
the material that composes its bodily structures. 

Beasties like bacteria and viruses also have living, organized 
energy structures in multiple levels of virtual state. Apparently, for 
these more primitive life forms, the virtual-state "energy part" can 
be separated and pass through a filter, then re-engender the physi- 
cal form and/or itself cause the disease in ahost! Atleast that is what 
Rife and other scientists showed. 


"Bigger fleas have smaller fleas to bite ‘em, And so on, ad 
infinitum." 


Of course the living system can "work on" the nucleus and 
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change it a little bit! Ifit couldn't do so, it couldn't stay alive and 
function in there in the first place! 


The Kaznacheyev Experiments 

Dr. Vlail Kaznacheyev is Director of the Institute for Clinical 
and Experimental Medicine in Novosibirsk. 

For 20 years he has been directing highly unusual experiments 
with twin cell cultures. These experiments are vital to understand- 
ing disease and healing on a more fundamental basis than is 
presently utilized by orthodox medical science. 

The Kaznacheyev experiments (several thousand) in the Soviet 
Union proved conclusively that any cellular disease or death pattern 
can be transmitted electromagnetically, and induced in target cells 
absorbing the radiation. 

In the experiments, two sealed containers were placed side by 
side, with a thin optical window separating them. The two contain- 
ers were completely environmentally shielded except for the optical 
coupling. 

A tissue was separated into two identical samples, and one 
sample placed in each of the two halves of the apparatus. 

The cells in one sample (on one side of the glass) were then 
subjected to a deleterious agent — a selected virus, bacterial infec- 
tion, chemical poison, nuclear radiation, deadly ultraviolet radia- 
tion, etc. This led to disease and death of the exposed/infected cell 
culture sample. 

Ifthe thin optical window was made of ordinary window glass, 
the uninfected cells on the other side ofthe window were undamaged 
and remained healthy. This of course was as expected in the ortho- 
dox medical view. 

However, ifthe thin optical window was made of quartz, a most 
unexpected thing happened. Some time (usually about 12 hours) 
after the disease appeared in the infected sample, the same features 
of disease appeared in the uninfected sample. 

This startling "infection by optical coupling" occurred in 
a substantial percentage of the tests (70 to 80 percent). From 
an orthodox medical view, these results were unexpected 
and unheard of. 

Further, ifthe originally uninfected cells were in optical contact 
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Figure 73. The Kaznacheyev effect. Thousands of experiments proved that (1) 
cellular disease is electromagnetic, and (2) it can be induced electromagnetically at a 
distance. Also called the cytopathogenic effect. 
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Figure 74. A photon is one oscillation of an electromagnetic carrier. It may have 
substructures that are modulations. Such a structure is called a "giant photon," or a 


"compound photon." 
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Figure 75. Nested modulations are the key to hyperspatial engineering. 


with the infected cells for 18-20 hours or so, and then were corre- 
spondingly exposed (optically coupled) to another uninfected cell 
sample, symptoms ofthe infection appeared in this third sample an 
appreciable portion of the time (20 to 30 percent). 

Guided by A.G. Gurvitsch's work that showed that cells give off 
mitogenetic radiation (photons) that can affect other cells, the 
Kaznacheyev team sought an answer by looking for photons given off 
by the infected culture sample as its cells died. 

They found that the cells in the infected culture gave off photons 
in the near ultraviolet when they died. The normal window glass was 
opaque to these near-UV photons and absorbed them. In that case, 
the uninfected culture on the other side ofthe glass was not exposed 
to radiation by the UV "death" photons from the dying cells, and they 
remained serenely healthy. 

However, the quartz window was transparent to the UV "death 
photons". When the quartz window was installed, the UV "death 
photons" passed through it and were absorbed in the uninfected 
culture on the other side of the window. Most of the time, the 
uninfected culture which absorbed "death photons" sickened and 
died with the same disease symptoms. 

The Kaznacheyev experiments proved conclusively that cellular 
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death and disease patterns can be transmitted and induced electro- 
magnetically.* 


Structuring and Charging a Biopotential 

Kaznacheyev thus demonstrated that a photon information/ 
regulatory system exists in biological systems due to a continual 
influx of EM energy from outside the system. That is, the cells ofthe 
biosystem are charged with an electromagnetic potential, and addi- 
tions and changes to the potential are continually received. The cell 
is thus in minute disequilibrium. 

Usually the myriad of continual inputs from the external envi- 
ronment into the cell's potential charge pattern (in its atomic nuclei) 
may be taken to be potential changes whose substructures are 
disordered. In that case, no specific environmental effect is observed 
except slight fluctuations without order — a miniscule form of 
"heating." 

However, ifa continual ordered substructure exists in the input 
from the external environment into the cell's potential, the cell's 
potential will gradually "charge up" with that pattern. 

An analogy will prove helpful. Imagine an accumulator, a largo 
pot, that holds a volume of water. Several pipes are connected to tho 
pot, some are inputs for water coming in, and some are outputs for 
water flowing in. 

Imagine the inputs all containing "blue" water, just in slightly 
varying shades. The water in the pot is blue, and may slightly rise 
and fall in level as the input flow rates vary. The water in the pot may 
also vary slightly in its blueness as the inputs vary. However, it will 
still be blue. 

Now suppose that yellow water starts flowing through one ofthe 
input pipes, and at a goodly rate. Slowly the water in the pot will 
start to turn greenish as a greater percentage ofyellow builds up. In 
other words, the pot slowly charges up with some of the "yellow" 
charge, in the process acquiring a "green" charge. 

*We point out that this effect has been investigated in both the infrared and ultraviolet. IR to 
UV may be taken as a single harmonic interval — an octave, musically speaking. The same 
effect can be reproduced in any other "octave" (single harmonic interval) of the electromag- 
netic frequency spectrum. The reversal of the effect can also be achieved in any harmonic 


interval. The mechanism for these effects involves the cellular biopotential, Popp's master 
cellular control system, and the deterministically-tailorcd substructure of photons. 
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The biopotential in the cell experiments works the same way. 

Acellhas abiopotential built up, which represents the "nominal 
equilibrium" ofthe scalar charge on the cell. This biopotential, being 
mostly a "sum-zero" ofvirtual state vectors, is centered in and on the 
atomic nuclei of the cell, constituting charge patterns in these atomic 
nuclei. The biopotential extends out of the atomic nuclei, through the 
electron shells, into and through the molecules, through the internal 
cell structures and membrane, and outside the cell. 

From the atomic nucleus on out through the cell, every layered 
structure or organization of the cell will layer, structure, and 
organize the biopotential accordingly. 

This organized, structured cellular biopotential is continually 
receiving "charge patterns" contained in incoming photons absorbed 
by the cell. The biopotential is also continually exhausting some of 
its biopotential charge pattern in the photons (heat, light, etc.) that 
the cell emits. 


The Cell's Electromagnetic Breathing 

Via structured photon exchange, the biopotential of the living 
cell thus "breathes in" the virtual state charge structure of its 
environment, and "breathes out" its own internal virtual state 
charge structure. 

So, in the experiment, the uninfected cells are continually 
absorbing photons from their surrounding environment, and emit- 
ting photons back to it as well. According to our scalar EM view, each 
photon it absorbs has a substructure that depends upon the part of 
the environment from whence it came. 

These "substructures" are actually patterns of the sum-zeroed 
virtual vectors comprising the potential of the absorbed photon 
carriers. 

Normally, since a large number of very different substructures 
are continually being "input" into the cell's potential from the 
absorbed photons, the substructure ofthe cell's potential receives an 
essentially disorganized continual input from the environment. This 
liquates to the fact that the environment does not normally specifi- 
cally influence or change the cell's potential with ordered informa- 
tion (organization).* 
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When a cell dies, it ceases to maintain the bio-dynamics that 
sustained its artificial potential (that part due to bio-ordering by its 
organized life processes, above the background level of its "Iert 
matter" potential). The dead cell's built-up artificial potential then 
"discharges" by emitting a structured photon.** 

Since this photon (energy) comes from an organized 
potential drop, the virtual substructure of the emitted photon 
is organized. The photon, then — among other things — 
carries the exact organized virtual charge pattern of the 
dying cell's disease. 

We strongly insist on the quantum mechanical view here: All 
physical changes — chemical, material, mechanical, whatever— at 
root level are constituted and caused by virtual state interactions, in 
direct patterns of virtual particle exchanges. 

In the full QM view, what's really going on in primary physical 
reality is just a complex set of patterns and changes in potentials 
anyway. 


The Summed Virtual Structures of Kaznacheyev's 

"Death Photons" Physically Kindle the Disease 

At any rate, the Kaznacheyev experiments showed that the 
dying cells from the infected culture emitted photons in the near UV 
that contained artificial (structured) potentials. The virtual-state, 
patterned-substructures in this photon flux directly represented tho 
cellular disease pattern caused by the original cell's specific infec- 
tion. 

In other words, as the infected cells died, they emitted "death 
photons" which contained the template pattern of their death 
condition. 

When these "death photons" are absorbed into uninfected cells, 
their deterministic substructures gradually diffuse into the cell's 
bio-potentials. Gradually the biopotentials of the new cells are 
*There may be sufficient ordered input from the environment, however, to have something to 


do with territoriality in living things, salmon returning to a fixed place to spawn, turtles 
returning to the same beach to lay eggs, the migration of birds, etc. 


**Notethat this photon is emitted from an atomic nucleus. Hence it is a phase conjugate 
(time-reversed) photon. It will interact with the biopotential of targeted cells, and thus reach 
their own atomic nuclei. This is the mechanism for Kaznacheyev's cytopathogenic effect. 

See particularly C.W. Rietdijk, Found. Phy , 7(5-6), Jun 77, p. 351 
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Table 43. THE LIVING AURA: THE CELL'S ELECTROMAGNETIC BREATH. 


VIRTUAL EM FIELD 

STORES VIRTUAL PHOTONS 
ENVIRONMENTAL INPUTS 
OUTPUTS BIOPHOTONS 
COHERES ORGANISM 
TENDS TO STABILIZE 
EXPERIMENT ESTABLISHES 


Popp, "Photon Storage in Biological Systems," 
Electromagnetic Bio-Information. 1979 


"charged up" with the integrated pattern of the disease. 

The master cellular control system of the biosystem is itself a 
dynamically changing, ordered pattern in the biopotential of the 
cells, which is centered in the atomic nuclei comprising the cell 
materials. As the bio-potentials of the cells gradually acquire the 
"death photon's" substructure pattern, this pattern is also diffused 
throughout (modulates) the master cellular control system. All the 
cells in the sample (or in a biosystem) are now slowly charging up 
with the "death photon" pattern. 

As Popp discovered, photons continually "leak out" ofthe virtual 
photon master control system of the biosystem. Some of these 
leakage photons are observable photons, but most are virtual pho- 
tons. 

Further, they are structured photons. 

In other words, as leakage photons spill out ofthe master control 
system, observable change is now being slowly initiated in the 
physical structures, biochemistry, etc. ofthe biosystem's cells — and 
those changes are in consonance with the integrated "cellular death 
pattern" of the originally infected cells. 

Note particularly that it is already well-known in quan- 
tum mechanics/electrodynamics that, when a photon is 
emitted from the surface of a dielectric body, the entire 
dielectric body participates in that emission. Ifa photon is 
absorbed on the surface of the dielectric body, the entire 
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dielectric body participates in that absorption. 

Thus as irradiation by the "death photons" continues, the "death 
structure" in the irradiated cells increases. It is spread throughout 
the cell culture by the master communication system, gradually 
charging the virtual state structure of that system with the death 
pattern. 

Spillage photons from the cellular control system occur through- 
out the culture. These photons are structured with the death pat- 
tern, and gradually affect the cell and its biochemistry physically. 
The previously uninfected cells thus physically start to acquire and 
exhibit the symptoms and characteristics ofthe disease pattern that 
killed the infected cells. 


Electromagnetic Infection Results in Physical Disease 

The new cells are now electromagnetically infected and physi- 
cally diseased. 

After all, that is all a cellular disease is in the first place — 
physical, electrical, and biochemical changes in the normal function- 
ing of the cell. 

For a given pattern of changes in the cells, a specific "disease" 
exists in them. 

It absolutely does not matter what causes this exact pattern. If 
the specific physical pattern is there, the specific disease is there. 

Note that any ghost pattern in the virtual state flux can 
charge up physical matter — that is, the atomic nuclei of a 
mass. All that is necessary is that a continual flux of thin 
virtual pattern continually bathe (irradiate) the mass's 
atomic nuclei. 

The eventual emergence of this "ghost template pattern" into 
observable physical reality is called kindling. Kindling is charging 
up one or more atomic nuclei with an integrated virtual charge 
pattern until the integrated pattern breaches the quantum thresh- 
old, resulting in emergence of that pattern into observable physical 
change. 


A Possible Cure for AIDS 
One of the things going for the "good guys" and EM defense 
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against AIDS is that cells are a lot tougher than viruses. Thus even 
non-structured EM signals can be used to effect cures in many 
disease cases. 

In fact, ordinary ultraviolet (UV) irradiation of the blood has 
already been utilized to cure or control severe infections, including 
severe viral infections. I am indebted to Dr. William C. Douglass for 
pointing this out to me, and for permission to reproduce the following 
information from his important newsletter, The Cutting Edge, 
Nov. 1987, p. 3. The following material is quoted verbatim, with no 
editing. 

"It's amazing what you can find by nosing around in the dusty 
archives ofa good medical library. Icame across another remarkable 
therapy that the AMA and drug industry (or whoever is in charge of 
supressing non-toxic treatments that work) have shoved down the 
memory hole." 

"Back in 1933, Doctors Hancock and Knott treated a patient 
dying of septicemia (blood poisoning) with ultraviolet irradiation of 
the blood.’ The patient was moribund with a blood stream infection 
and obviously near death. (Remember that this was before antibi- 
otics and there was nothing to lose.) The patient made a complete 
and uneventful recovery." 

"Searching further, I found that in 1928 a similar terminal 
infection was treated by ultraviolet light to the blood. This patient 
also made a complete recovery.” " 

"So in 1928, practically in the middle ages, an incurable disease, 
blood stream infection, was cured with ultraviolet light. With such 
a breakthrough why wasn't it tried again for 5 years? According to 
the record, another 6 years passed before it was tried for a third 
time.*" 

"Back in those days infection was the number one cause ofdeath. 
You can't help but wonder how many lives could have been saved if 
doctors weren't so resistant to new ideas. Just imagine a cure for 
AIDS being set aside for 11 years. Yet bacterial infections of the 
blood were uniformly fatal in 1935, just like AIDS is today." 


' Northwest Medicine, 33:200, 1934. 
> Knott, AM. J. Surg., Aug. 1948, pp. 165-171. 
> Am. J. Med. Sci., 197:873, 1939. 
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"Finally, in 1940, 110 cases treated with ultraviolet spectral 
energy were reported. The results were uniformly good. Between 
1940 and 1948 many other conditions were successfully treated, 
including vein inflammation (phlebitis), polio and asthma. Up to the 
late 40's over 40 thousand treatments were given with ultraviolet 
blood irradiation." 

"And now for the most interesting part. In 1947, Dr. G.P. Miley 
reported on 79 cases ofvirus infection.” Miley stated that ultraviolet 
blood irradiation therapy could be relied upon consistently to control 
an infection of a virus in a safe and efficient manner." 

"AIDS is a virus. AIDS-II is a virus (the HTLV-IV leukemia and 
lymphoma now sweeping the world). Remember that these killer 
viruses are within the cell and any chemical agent that enters the 
cell to kill the virus will often kill the cell as well. But ultraviolet 
irradiation kills the virus without harming the cell." 

"A fine piece of crystal can be shattered by exposing it tojust the 
right frequency. You can be standing in the room and the energy 
from that frequency won't harm you in the least. Viruses have the 
same characteristics, and so, in my opinion, frequency irradiation of 
the blood in the ultraviolet range is our greatest hope for curing 
AIDS." 

"But the treatment is simple, safe, inexpensive and unpatent- 
able. That doesn't bode well for its future, at least until a few 
senators get AIDS." 


The Mirror Cytopathogenic Effect and Factors 

Influencing It 

The cellular disease induction effect was called the mirror 
cytopathogenic effect (CPE for short) by the Kaznacheyev group. 
Mirror CPE appeared only when the quartz or mica window was no 
thicker than 0.8 mm. A. F. Kirkin also duplicated the experiments 
using a thin plexiglas window. 

There are conditions which enhance the effect, and others which 
inhibit or degrade it. Irradiation of the detector-culture with a low 
dose of UV prior to its optical contact enhances the effect, increasing 


Rev. Gastroenterol. 15 271-277, 1948. 
Am. J. Surgery, Aug. 1948, pp. 170. 


Extraordinary Biology 224 


itto certainty (99-100%). Increasing the temperature to 38.5 degrees 
centigrade also enhances the effect (from 37% to 90% for example).* 

A necessary condition for the success of the experiment is the 
rotation ofthe holder with its two optically-coupled samples at a rate 
of about 24-25 revolutions per hour. Optical contact between the 
inductor and detector cells for a minimum of 4-6 hours is necessary, 
after which the cell cultures can be separated. A longer contact time 
is necessary for complete development of the irreversible effect. 

Both cultures must be maintained in complete darkness 
throughout the experiment. Use of the detector as a new inductor in 
a successive state reduces the effect by 20-30%. Three or four such 
stages is sufficient to eliminate the effect. 

There is a seasonal variation in the results. In more than 15,000 
experiments, monthly variations and daily variations were noted. 
(The present author's interpretation of this is that itis due to the 
monthly variations in the virtual photon substructure input from 
the moon to the substructure of the cell's bio-potential. The daily 
variation is due to the daily variations in the virtual photon 
substructure input from the sun to the substructure of the cell's bio- 
potential.) 

Negative results appear more often in winter. (The present 
author's interpretation of this is that it is due to the fact that the 
scalar potentials of the earth and the biopotentials ofeach living cell 
on earth are lowered in winter by the weaker flux from the sun.) 

Effects are correlated with the polarity of the interplanetary 
magnetic field. Negative polarity of the field usually precedes the 
appearance of mirror CPE. (This is because of the positive nuclei — 
which prefer one direction of the magnetic field over another). 
Disturbance of the geomagnetic field several days before a culture 
planting also results in enhancing the mirror CPE effect. (Disturb- 
ing the geomagnetic field provides a "dithering magnetic distur- 
bance" in the atomic nuclei which "livens" them. Consequently their 
readiness to charge-up and emit structured virtual state charges is 
increased). 

Kaznacheyev further discovered that the Sun's activity and the 


This is very important. Preconditioning the cells by "dithering" them in the frequency band 
of interest, or in a subharmonic band, "livens" the cells for developing the irradiated pattern. 
Thin is similar to a dither voltage placed on a missile fin, making it much easier and quicker 
for the fin to move when an actual order is placed on it. 
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Earth's magnetic field greatly affected the results of his experi- 
ments. Large flashes on the sun seem to inhibit the effect. (Such 
flashes cause substantially increased irradiation of the atomic 
nuclei by sun-emitted substructures, charging them mostly with 
this disordered substructure pattern and literally "burying" the 
disease structure several decibels below it.) In a season of active 
sunspots, the mirror CPE effect becomes highly unstable. (The sun 
emissions are sporadically jamming the effect.) Under active sun 
conditions, the effect varies from 90-100% on some days to complete 
absence on others. 


Some Biological Warfare Implications 

The Soviets reported detecting near-ultraviolet photons — bio- 
luminescence — as carriers of the death/disease pattern. 

However, scientists at the University of Marburg in West Ger- 
many also duplicated the effect in the infrared. This shows that 
bioluminescent photons in the near UV and in the IR can definitely 
carry "disease and death" information between cells. Further, inte- 
grating a continuing input of such photons coherently integrates the 
disease or death pattern from the virtual state into the observable 
state. 

Note also that portions of the infrared spectrum are a subhar- 
monic ofthe near ultraviolet. Harmonics are well-known in nonlin- 
ear oscillator theory, and biological systems are filled with nonlinear 
oscillators. It may be that harmonics and subharmonics are directly 
involved in the death pattern. 

Ifso, the induction ofsuch "death patterns" upon normal electro- 
magnetic carriers is directly indicated. For example, modulations 
covering several octaves in the region of 10 gigahertz and above 
might be constructed that are the analogues of some particular 
cellular disease. This modulation pattern could then be added to a 
common microwave carrier — say in the communication band, from 
3 to 30 megahertz. Say, that is, to something like the giant Soviet 
Woodpecker "over-the-horizon radar" signals as carriers. 

In that case, a large population could be bombarded, even on the 
other side of the earth, with "death photons" whose virtual state 
substructures carry the particular disease pattern. With sufficient 
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time, many of the targeted persons would develop the disease. 

Note that, even ifthe power and/or irradiation time is reduced so 
that the absorbed "death photons" are insufficient to actually kindle 
the disease in the targeted population, a heightened change in the 
substructure of the biopotentials ofthe cells ofthe targeted persons 
is still accomplished. 

In that case, a precursor pattern — a predisposition for that 
disease — exists in the targeted persons. 

Ifthe actual disease agent is now loosed on that popula- 
tion, the agent will be far more infectious and lethal than it 
otherwise would. 

In this way, even diseases which normally do not kill or seriously 
debilitate the infected person can suddenly become very lethal 
agents indeed. 

Influenza, the common cold, etc. can become devastating 
killers if the exposed population has been electromagneti- 
cally "pre-conditioned" for enhanced susceptibility. 


What Kaznacheyev Hid: The Role of Phase Conjugation 

Ifcellular disease can be electromagnetically induced, can it not 
be electromagnetically corrected or healed? 

Ifone could time-reverse the exact signal structure (the informa- 
tion) that kindled the effect, and bombard the diseased cells with 
that reversed pattern, would not the cell deviate back to "normal" 
and be healed? 

The burning question as to whether cellular disease conditions 
can be corrected by time-reversed disease signals must certainly 
have occurred to the Soviet experimenters. 

It is highly significant that they did not openly publish 
those results.* 

As we have explained in the sections on phase conjugation and 
scalar electromagnetics, there are really two major kinds of photons: 


*Recent information indicates the strong connection of Kaznacheyev with the Institute of 
Physiology and Biophysics and the Frank Institute in Pushkino, just outside Moscow. Since 
these institutes are deeply involved in microwave and coherent microwave "directed energy" 
weapons, it is highly probable that the Soviets are applying Kaznacheyev's "death photons" to 
microwave weapons — such as the Woodpecker transmitters. If so, obviously they would 
develop phase conjugate countermeasure signals as well. 
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(1) the "normal" photon carries positive energy and positive time. (2) 
the "time reversed" or phase conjugate photon carries negative 
energy and negative time. 

Further, the Soviets certainly knew all about phase conjugate 
signals. After all, they discovered and developed the effect. We 
discovered it only from the open Soviet scientific literature! 

Let us assume that the "death photons" in the mitogenetic 
radiation emitted by the dying cells are ordinary photons. Their 
virtual state structures (in positive observer time) are exact "tem- 
plates" for the disease pattern. 

Now suppose we detect the "death photons" with a phase conju- 
gator, which by definition will produce a time-reversed counterpart 
to the input signal detected. In other words, the death photons are 
allowed to strike a phase conjugate mirror (PCM). Time-reversed 
counterpart photons — carrying the exact time-reversed template 
of the death pattern — will be created and emitted by the PCM. 

These newly emitted photons now carry the exact 'heal- 
ing pattern" for that specific ''death/disease pattern that was 
received and detected." 

Further, ifwe 'pump" the phase conjugate mirror, we can 
greatly amplify the output pattern, and hence greatly in- 
crease the healing pattern! 

If one records the pattern of the "death photons" for a specific 
disease, one could of course modulate that pattern upon ordinary 
photons/signals — such as the Woodpecker signals — and accom- 
plish disease induction or precursor conditioning. 

By phase conjugating the pattern ofthe "death photons," one can 
produce an exact antidote. One can modulate this specific healing 
pattern upon ordinary photons/signals — such as the Woodpecker 
signals — and accomplish healing induction for that specific disease. 

In other words, one can create the healing pattern — the 
antidote, if you will, for any biological warfare agent. Can- 
cer, leukemia, AIDS, viral diseases, bacterial diseases, what- 
ever. One can create the antidote within minutes after the 
first symptoms of the disease or death pattern appear. 

One can then simply add the negating (healing) signal to power 
line signals, television and radio signals, special transmitters, etc. — 
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and immediately start to "administer the antidote" to the irradiated 
population one wishes to protect. Now one can see why the Soviets are 
so ready to expose the entire world to something like AIDS. It doesn't 
represent a real problem to them, the instant they decide to negate it. 

So they can devastate the rest ofthe world, with the assurance 
that their population is safe. 

They can allow some oftheir own people to develop AIDS — and 
even some to die ofit — as a deception plan to delude the West while 
Western populations are succumbing en masse. 

Then they can snatch their own population right back to health, 
from "the brink of the grave," so to speak. 

Our government must immediately develop the same capability. 
It is straightforward. As weapons and counterweapons go, it is 
enormously cheap. It can be immediately and widely implemented. 
And it can protect our population against AIDS or any other biologi- 
cal warfare strike by the Soviet Union. 

We can save our people from the AIDS knockout already un- 
leashed upon us by the Soviet Union. 


First let us do that. Then let us negotiate. 


Remember this: You can negotiate with the Russians only 
from a position of strength. If you are weak, they will bury 
you. 

Ifwe do not immediately develop this biological warfare counter- 
measure, we are already as good as dead. 


Popp's Master Cellular Communication System 

Dr. Fritz Albert Popp has already discovered and pointed out the 
"virtual state" master communication system that controls all cells 
in the body, and all their functions. 

Based on a thesis derived to best fit experimental results by Ruth 
nnd others, Popp postulates that biological systems generally have 
the capacity to store coherent photons that come from the external 
world. 

In other words, the biosystem is open to environmental commu- 
nication and exchange. 
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He has shown that the cell population is in a quasistationary 
state that is far away from thermodynamic equilibrium, as pointed 
out by Ilya Prigogine. 

Popp also concludes from his analysis that ultraweak photon 
emission within biological systems can influence chemical reactiv- 
ity. In fact, his analysis strongly implies that "ultraweak" photon 
intensity can regulate the whole cell metabolism and related phe- 
nomena. 

The cell takes up photons from external radiation. This includes 
both "observable" photons and "virtual" photons. Since it stores 
virtual photons, it stores charge, or biopotential changes. Since its 
stored virtual photons may be coherent virtual photons, it effectively 
"polarizes" or structures its stored photon charge, hence its biopoten- 
tial. 

The cell emits "spillage" photons — both coherent and incoher- 
ent — from its stored potential. 

Although Popp only uses conventional "unstructured" photons 
in his analysis, he shows that, at the molecular level, there is a 
stationary equilibrium, as far as photon storage and emission are 
concerned, between the molecular photon traps, the cell population, 
and the external world. 

It follows that coherent photon/charge inception from the exter- 
nal world can directly and precisely influence the cell's biopotential, 
hence its functioning and control, by information input. 

Incoherent photon inception, on the other hand, can only grossly 
affect the cell, such as by heating or sporadic effects. 

In his "Photon Storage in Biological Systems," Popp points out 
the master cellular communication and control system as follows: 


"The photons which we have measured can be seen as a sort of 
"waste" from a virtual electromagnetic field with a high coherence. 
This field has a tendency to become stationary over the whole 
organism." 


After additional analysis, he adds: 
"Consequently, biological systems must exhibit ‘holographic’ 
properties to an extremely high degree. The successful trials in 
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finding ‘pictures' of various organs in each other organ, such as the 
ear, the hands, the eyes (acupuncture, iris diagnosis) support these 
conclusions. Our assumption that the entire genetic information of 
the DNA is stationarily delocalized over the body in form ofgenons 
may be seen as a further striking example." 

"From this we can easily deduce that pattern recognition, as, for 
example, repair mechanisms and immunity, depends finally on the 
coherence of the photon field within the body." 


Finally, Popp states a most important conclusion: 

"_,.In medicine new aspects have developed, and not only 
for cancer problems. Diseases in general can possibly be 
understood in terms of electromagnetic interactions within 
the organism." 


Scalar EM Comment on Popp's Communication System 

Popp and his colleagues have produced most important work 
and results indeed. They only need to add the impact of the zero- 
summed/multiplied electromagnetics (electrogravitation). 

As we cover in this book, the biopotential of the cell is rooted in 
the nuclei of the atoms ofthe cell's constituent materials. To be sure, 
every internal physical structure ofthe cell correspondingly "levels" 
and structures the biopotential. The overall cellular communication 
system is actually the exchange of"leakage" photons — both observ- 
able and virtual — throughout the overall biopotential ofthe organ- 
ism. 

Further, going beyond Popp's work, both the biopotential and 
the leakage photons have extensive, complex internal substruc- 
tures. Leakage and intercommunication occurs laterally at all levels 
of the biopotential, and vertically among cells and substructures. 

The master cellular control system's primary electrical conduc- 
tivity path is not through the electron shells of the atoms, but is 
through the nuclei-to-nuclei scalar EM "biopotential levels" path- 
way. 

With scalar EM methods, organized signals (signals with spe- 
cific internal nonzero vector EM waves, but which externally sum to 
zero vector resultant E and H fields) can be constructed for essen- 
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tially any specific purpose. This includes "killing" a cancer or 
leukemia cell, destroying a virus, changing the DNA, etc. 

This approach can directly reach and manipulate all immune 
and repair system functions. 

The entire biochemistry and functioning of the cell — including 
its genetics — is totally engineerable. The Soviets have long 
known this, and have long since done it. 

Further, a specific "charge pattern" of desired specific 
immunity (antibodies, etc.) can be designed and used to 
"charge up" the nuclei of the biosystem. This charge is then 
maintained by the system to provide permanent immunity. 
Thus one can develop, for example, an "electromagnetic 
innoculation" for AIDS, one for cancers and leukemias, etc. 

Since the cellular control system is holographic, the "charge 
pattern" ofimmunity resides in every cell, including the blood cells. 

Injecting a drop ofblood from a scalarly immunized animal into 
another non-immune animal carries the scalar EM immunity pat- 
tern into the new animal. That charge diffuses throughout the 
overall biopotential of the organism, and the charge pattern acti- 
vates the animal's immune system, including causing it to produce 
antibodies — according to the EM-transferred antibody template. 

Antoine Priore demonstrated this effect numerous times. Thin 
was one of the great mysteries that confounded the orthodox mem- 
bers of the French Academy of Sciences. 

The French Academy did not know of scalar electromagnetics, 
the cellular biopotential rooted in atomic nuclei of the cellular 
material, the cytopathogenic effect of mitogenetic radiation from 
diseased and dying cells, phase conjugation, and phase conjugated 
electromagnetic healing. 

It is little wonder they did not comprehend the operational 
healing mechanism ofthe Bordeaux cancer-curing machine of Anto- 
ine Priore! 


A New View ofthe Nature of Mind and Thought 

The reason that Western science has not discovered what mind 
and thought are is simple: They have only built instruments and 
tools to look where the mind and thought are not to be found. 
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Let's look where they are to be found. 


For example, consider the ionic discharges in and across the 
tremendous numbers of synapses ofthe human nervous system, and 
the slower discharge and migration of ions across cellular mem- 
branes, etc. 

Considered as a single biological ensemble, these are much like 
a vast array of continual and continuing spark discharge vectors, 
slow charge current vectors, etc. 

Overall, within the macroscopic space occupied by the body, 
these electromagnetic vectors sum almost entirely to a zero vector 
resultant. Only a tiny nonzero vector residue remains. 

However, this vector zero summation has incredibly rich in- 
folded signals, channels, and dynamic relationships (structure) 
within it. 

Modern science/medicine measures the small nonzero electro- 
magnetic residue (the remaining weak E and H fields) and tries to 
ascertain where and how mind and thought are accomplished, by 
studying that residue. 

However, the residue E and H field remainders are simply the 
"garbage thrown out" ofthe glorious engines dynamically operating 
inside the vector zero summations (and multiplications). 

The E and H field residues are the wastes or exhaust by- 
products. They are not the functions of the mind/thought process 
itself; instead, they are the spillage or leakage from those functions. 

Take a "frozen time" snapshot of the components of the zero 
vector summation. Regard the highly complex, infolded structure or 
pattern these components form. 

Now take a second "frozen time" snapshot ofthe components of 
the zero vector summation, a very, very short time later. Subtract 
the previous "frozen pattern” from this second "frozen pattern."* 

The difference or "delta" between the two patterns represents a 
myriad ofthoughts, hence it represents the contents ofthe "thinking 
mind,” in the most general sense. 

The "mind" is the overall functioning and changing ofthe entire 
pattern's substructure, and the ability of an organism to have such 
and do such. The "ability ofthe organism to do such" requires at least 


*Similar to the magnificient "double exposure holography" work of Dr Robert Powell. 
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two more nested levels ofvirtual state—two more hyperdimensions. 

In simplest Kaluza-Klein theory, all those electromagnetic 
component vectors are in the fifth dimension. Hence they are 
hyperdimensional. 

The zero-vector system may well have further infolded, in- 
ternested levels of zero-vector systems. Systems within systems. 
These are hyperspatial, going into the 6th, 7th, 8th, etc. dimensions. 
Rife's microscope, for example, could reveal some of these levels; 
using evanescent waves, it could resolve some 16 ever-deeper levels 
of dynamic energy structure. 

Everything driving the component vectors themselves is higher 
dimensional. 

"A thought" is the exact change ofa localized pattern (localized 
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Figure 76. Hyperframes, vacuum, virtual state, minds and thoughts. 


zero vector summation whose components are changing but remain 
ing zero summed) from one moment to the next. 

Thoughtis always a pattern change, ofthe components inside an 
EM vector zero summation. 

Most thoughts are totally "unconscious" (multiple simultaneous 
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or "parallel" thoughts). A few are conscious (serially ordered, 
singularly considered and processed). 

The unconscious mind is totally a parallel processor (many 
things/thoughts at once). 

The conscious mind is totally a serial processor (only one thing/ 
thought at a time). 

Most persons never take the time and trouble to reflect and 
notice that, consciously, they only can perceive one single thing at a 
time. Ofcourse, the conscious mind is so rapid that by habit they 
assume they can perceive many things at once. 

Since the conscious mind cannot discriminate the "multiple 
images in the slide projector at once" ofthe unconscious mind, that's 
what makes it unable to "be conscious" of the contents of the 
"unconscious." 

In fact, the unconscious mind is totally conscious — it's just 
multiply conscious ''simultaneously."" (Which sheds some inter- 
esting light on why one can develop multiple personalities, for 
instance). 

When the conscious mind "regards" the unconscious contents, it 
sees "something" which has "multiple meanings at once." 

That's what we call symbolic. A symbol is something which can 
have many meanings at once. 

That's why the unconscious content always "symbolizes" some- 
thing when it's trying to communicate to the conscious mind. It's 
necessary to interpret the symbols to understand what the message 
being communicated is. 

That's why dreams, for instance, are symbolic. And why it 
usually takes a trained psychiatrist or psychologist to properly 
interpret the symbolic representations manifested in mental disor- 
der, and get at the underlying cause being symbolized. 

With deliberately constructed scalar EM, any or all of the 
conscious/unconscious portions of the mind can be available for 
engineering and control/change. Eventually you will be able to put 
contents of the mind and memory on a video screen if you wish to. 

It will also be possible to interact with the mind's contents 
electromagnetically. Mental illness will be treated directly, on an 
engineering basis. 


235 Extraordinary Biology 


Of course this opens up the frightening possibility of hostile 
misuse to the detriment ofan individual. It will even be possible to 
change or erase his or her very personality itself. We pray, ofcourse, 
that such a powerful tool will notbe utilized this way, but will be used 
to heal humans, not hurt or kill them. 

Unfortunately, Lisitsyn's work reveals that the Soviet Union 
has long since applied energetics (scalar electromagnetics) to mind 
control and mind engineering, including deciphering the genetic 
code operation. Controlled induction of images and sensations 
inside the brain — where they are processed as if self-originated — 
has been reported by the Soviets. Indeed, they have reported being 
able to control whether or not the induced material should rise to 
conscious awareness, as well as when it should rise to consciousness. 

For years, U.S. intelligence analysts and U.S. scientists simply 
did not believe that electromagnetic signals could directly influence 
consciousness. 

However, they were forced to reevaluate that position when a 
Soviet medical machine — the LIDA device — was openly obtained 
and evaluated. 

The LIDA machine — a small unit somewhat larger than a 
briefcase — has been used in Soviet medical facilities to treat 
humans for decades. 

The device uses a 40 megahertz EM carrier and very complex 
waveforms (signal modulations with complex mixtures of frequen- 
cies, phases, etc.) 

When exposed to it, a person is caused to gradually fall into a 
trance-like, catatonic-like state within a few minutes. That person 
becomes very still and very quiet. 

It was reported that the machine was tested upon a cat and had 
the same effect upon it. 

One American scientist stated that the device had actually been 
used in North Korean "brainwashing" of U.S. prisoners of war in the 
early 1950's during the Korean War! 

Ifso, one can see just how long the Soviets have achieved success 
with electromagnetic biological warfare/medical treatment tech- 
niques. 

Reportedly, prisoners exposed to the machine were rendered 
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unable to psychologically resist their harsh brainwashing interroga- 
tion. 

But to return to the brain activity, with its innumerable, zero- 
summed minute EM vectors, and its extremely rich and complex 
deterministic substructure. 

Note that the ensemble of sum-zeroed vectors forms potentials. 
These potentials — i.e., the scalar EM — penetrate to the atomic 
nuclei in the brain and body. Internal changes in the potentials’ 
substructures (i.e., thoughts) also penetrate to the nuclei. 

The nuclei continually "charge up" (the particles change their 
states) to these impressed potentials, including the "potential" or 
"charge" of each component ofthe impressed potential. That is, the 
nuclei charge up with both dynamic overall potential (mind) and 
thought (individual substructure changes). 

Notice that mind, thought, and memory reside in, and are 
recorded in, the atomic nuclei. At many virtual state levels. 
In many hyperdimensions. 

Thus the functioning mind and bio-control systems — including 
Popp's master cellular communication system, the immune control 
system, the acquisition control system, and the repair control system 
- all "reside" in the nuclei as dynamically interacting, patterned 
potentials or "patterned charge," complete with resonances and 
frequencies, etc. 

We can regard the mind and its interactions as physical, in the 
extended sense we have briefly developed here. 

Everything ''mental" can be directly interfaced with and 
engineered. 


One day, for example, "education" will be by direct loading of 
patterns into the brain/body/cellular biopotentials, much as we now 
place a diskette in a disk drive and load the computer memory. And 
then everyone can be educated, in the widest range of skills and to 
the highest degree ever dreamed of. 


Kindling, Life, Mind, and Negentropy 
The mass of the atomic nucleus can be charged up with a 
particular dynamically structured biopotential. 
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In scalar electromagnetics, I use the term kindling to refer to 
the effect of charging up mass by a specific structured charge pattern 
to form such a structured potential in the nuclei. 

Note that we are actually and physically restructuring the 
nucleus itself. That is because, ifthe structure ofthe potential in the 
nucleus is changed, local spacetime of the nucleus is polarized in 
complex electromagnetic structures. The electromagnetic currents, 
actions, and charges of the affected nucleus adjust automatically to 
this structure or "grid." * 
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Figure 77. Internested levels of virtual state vacuum contain mind and thought. The 
vacuum also contains their interaction toward and upon mass. 


*See Richard E. Prange and Peter Strance, "The semiconducting vacuum," Am. J. Phy. 52(1), 
Jan. 1984, p. 19-21. The vacuum may be regarded as a semiconductor. This semiconductor, 
particularly in the region close to the nucleus, may be manipulated by subjecting it to external 
fields, doping, etc. Extra energy density can even be extracted; see H. Paul and R. Fischer, 
"Comment on How can a particle absorb more than the light incident on it”'" Am. J. Phy. 51(4), 
Apr. 1983, p. 327. For the involvement of negative time/negative energy, see C.W. Rietdijk, "How 
do ‘virtual’ photons and mesons transmit forces between charged particles and nucleons?" 
Found. Phy 7(5-6), June 1977. p. 351-374. 
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Figure 78. The human cerebral cortex is a natural scalar interferometer. It is a 
virtual state tuner, processor, and transmitter-receiver. It also can produce...and 
control to some extent...phase conjugate energy and phase conjugate waves. 





Figure 79. Consciousness and life. These phenomena refer to/constitute a 


deterministic hyperspatial (virtual state) coupling between mass and an ordered 
hyperworld. 
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> is a living system, 


8" 1s the mind, 
cy is also a living system, 


To 8, D is inert; {.0,, D is not preferentially — 
Incepted. 


To 8, S* isa "disembodied mind." I.e,, §* 
is “dead,” since it is not 
incepting its former body, C. 


Whenever a retuning body, say E, 
in 8, will reestablish a coherent 
crosstalk with E. This constitutes 
“reincarnation” of 8*, 


Figure 80. Life and death. If the tuning or coupling between the mindworid and the 
tuned, structured mass body is broken, that is physical "death." Discharge of the 
structured cellular potentials then produces "death photons." Discharge of the 
overall, structured biopotential of the body constitutes discharge of the "living spirit." 
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Figure 81. Layers of unconsciousness intersect hyperspatially. 
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Figure 82. Scalar electromagnetics can directly interact with the various levels of 
human mind and personality. 
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Fgure 83. What personality is. 


ADDING TO FILE 


EXPERIENCE = 2 ~~ = = 
ae s net ZO, SY 





Figure 84. Jamming the "older files recall" process produces simple amnesia. If the 
recall process is then restored, the person regains his or her former memories. 
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Figure 85. To sustain one's personality, continual functioning is required. All 
channels must be functioning. 
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Figure 86. If the files themselves are changed, the personality itself is changed. It is 
possible to alter who or what a living person is. 
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Figure 87. The mind and personality can be affected — and changed or controlled 
from a distance. The Soviets have developed at least a substantial part of this 
technology. 


Table 44. LISITSYN'S REPORT 


* THEORY DEVELOPED & FITTED 
- HYSTERESIS MEMORY LOOP 
+ CONTROLLED INDUCTION 
- IMAGES 
- SENSATIONS 
- PREDETERMINED EMERGENCE 
+ 23 EEG BANDS 
- UPTO8.1 X10”7HZ 
* 11 INDEPENDENT CHANNELS 
- BRAIN CODE BROKEN 
- 44 DIGITS OR LESS 
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Thus by tailoring the specific scalar waveform and wave sub- 
structure with which we irradiate a mass, and utilizing phase 
conjugate (time reversed) waves, we can directly engineer the 
nucleus itself when sufficient charge structure has been built up in 
it to form a structured potential that is powerful enough to alter/ 
shape the nuclear processes. 

We can, for example, transmute the nucleus into another form. 
Here an isomer form is the easiest. An isomer for an atomic nucleus 
(a specific isotope) has the same number of nucleons (protons and 
neutrons) overall as that isotope does, but a different number of 
protons. So it's a different element, but very specially related to its 
isomeric "brother." 

All that it takes to change a neutron into a proton or vice versa, 
is to "flip" a single quark (subparticle of the nucleon). 


Living systems can do that and transmute elements, to a small 
degree. 


For example, living systems must use phase conjugation, nega- 
tive time, and negative energy. To do so, they must function 
nonlinearly. That is the only way they can defeat the otherwise 
inexorable second law ofthermodynamics: that all (linear) processes 
continue to more and more disorder as time passes. (That's called 
"increasing the entropy (disorder)." Unless a biosystem could defeat 
that law, its genetic pattern would inevitably be disordered in a few 
generations, and the species would disappear. 

By using phase conjugation and time reversal, the living 
system is able to reverse the law of entropy in its time- 
reversed channel. That is, in that channel things go in reverse: 
from disorder back to order! That's called "negative entropy" or 
negentropy" for short.* 

It follows a priori that, to do this, the living system of necessity 
possesses phase conjugate energy systems (negative energy, nega- 
tive lime systems) that are rooted in the atomic nuclei of its body. 
Further, it must deterministically manipulate these phase conju- 


*To show how fully one can integrate physics and metaphysics, we point out that, since the 
vacuum imprints with every change, nothing is ever lost! Death, where is thy sting? 
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gate systems. 

This allows the precise definition ofa living or nonliving system. 
If the system deliberately utilizes and manipulates phase 
conjugate energy/time in its atomic nuclei, it is a living 
system. Ifit does not deliberately use this, it is an inert or 
nonliving system. 


For example, this sheds a great deal of light on the nature of a 
virus. 


A virus is a single molecule. Ordinarily it clouds the distinction 
between life and death. Viruses can be crystalized out of solution, 
formed into "rock-like" crystals, and placed on the shelf, so to speak. 
There they can remain for many years or centuries, seemingly an 
inert rock. Then when placed back into their "preferred medium," so 
to speak, the virus crystals dissolve, separate, and "come back to life" 
and resume their living function. Yet the virus can be killed, in 
which case itis just a "hunk ofrock," sitting on the shelf. In that case, 
it won't come back to life when placed back into its preferred 
medium. 

In one case its "deterministic phase conjugate energy system" — 
its mind, to put it simply — remained in the nuclei ofthe atoms of 
the crystaline form. In the other case its "mind" was destroyed or 
disconnected from the crystalline form.* 


A somewhat similar effect can be demonstrated in bacteria. 


You can "kill" bacteria, for example, with UV radiation, then 
hold them in the dark for 24 hours (say, for 12 generations, since a 
nominal bacterial generation is about 2 hours.) They will remain 
absolutely "lifeless" and static, with no movement or cell division. 

Then if you place them in the sunlight, you will be astounded to 
see them revive by the hundreds of thousands. In the "special kill" 
case here, the virtual state substructure of the UV photons just 
totally "jammed" the biopotential substructure functioning of the 
*In the living case, the atomic nuclei remained patterned by the structured biopotential In 


the case of true death, the structured biopotential is lost and the nuclei revert to their "inert" 
form. 
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"minds" of the bacteria on one key channel. It didn't physically 
damage their bodies or "physical tuners." Then when placed in the 
sunlight, the broad frequency spectrum of the virtual substructure 
ofthe photons "dithered" and stimulated the bacteria's body-tuners, 
much like a "frequency massage” in all the bands. This set the 
physical tuners vibrating — and therefore responding once again to 
the biopotential substructure changes of the mind. Hence the 
bacteria "revived" and swam about — fat, dumb, and happy. 

We have stated that the mind is a physical thing, albeit a 
virtual or hyperspatial thing. In virtual/hyperspatial real- 
ity, it is a functioning, hyperspatial thing. Interchanges be- 
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Figure 88. The mind and personality are physical things, albeit hyperspatial and 
virtual. 
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tween it and an otherwise inert, functional, 4-dimensional ordinary 
physical system (a "body") comprise life functions, "thought," cellu- 
lar control, etc. Those interchanges in a living system occur in the 
biopotentials residing in the atomic nuclei ofthe physical body, in the 
higher levels of biopotential in the body structures such as cells, 
membranes, and organs, and in the overall biopotential ofthe entire 
mass of the body. 


We accent that this is not mysticism, but physics. 


But now let us return to phase conjugation and the Priore 
machine. 


The Priore Machine and Phase Conjugation 

In the 1960's and 1970's, in France Antoine Priore built and 
tested electromagnetic healing machines of startling effectiveness. 

In hundreds and hundreds of rigorous tests with laboratory 
animals, Priore's machine cured a wide variety of the most difficult 
kinds of terminal, fatal diseases known today. 

Funded by the French government in the amount of several 
million dollars, Priore's machines concretely demonstrated a 
nearly 100% cure of all kinds of terminal cancers and leuke- 
mias, in thousands of rigorous laboratory tests with animals. 
These results were shown to medical scientists as early as 
1960. 

Many of the experiments and tests were done by prestigious 
members ofthe French Academy of Sciences. Robert Courrier, head 
of the Biology Section and Secretaire Perpetuel, personally intro- 
duced Priore's astounding results to the French Academy. 

The operation of the Priore machine was seemingly incompre- 
hensible. Many orthodox French scientists — some of them world 
renowned — were outraged at the success of such a machine, 
shrilling that science had nothing to do with "black boxes." 

They loudly called upon the inventor to explain the mechanism 
utilized by his machine, but the inventor either wouldn't or couldn't, 
explain the curative mechanism. 

Priore certainly knew how to build the machine and make it 
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work. It is debatable to this day whether anyone — Priore included 
— actually understood its principle of operation. 

Neither the French Academy nor Antoine Priore knew anything 
of phase conjugation at the time. 

In fact, the entire Western World knew nothing of phase conju- 
gation in the 1960's when Priore was getting his finest results. At 
that time, only the Soviets knew oftime-reversed waves. 


Certainly Priore'’s machine was impressive. 


Into a tube containing a plasma of mercury and neon gas, a 
pulsed 9.4 gigahertz wave modulated upon a carrier frequency of 17 
megahertz was introduced. These waves were produced by radio 
emitters and magnetrons in the presence ofa 1,000 gauss magnetic 
field. Experimental animals were exposed to this magnetic field 
during irradiation, andthe mixture of waves (some 17 or so) coming 
from the plasma tube and modulating and riding the magnetic field 
passed through the animals’ bodies. 

Amongst other things, a plasma can convert a transverse wave 
to alongitudinal wave. Also, phase conjugate (time-reversed) waves 





Figure 89. One of Priore's intermediate devices. This device cured terminal cancers 
and leukemias in thousands of laboratory animals. (Courtesy Bob Whitney) 
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can be produced by plasmas. Priore's apparatus produced a scalar 
EM wave/signal with deliberately constructed, infolded components 
including phase conjugate waves. 

One may roughly view a cancer cell as a normal human cell gone 
"awry" and out ofcontrol ofthe body's master cellular control system. 
The cancerous cells, viewed as a sort of separate, parasitic group of 
cells, form a special kind oforganism having its own master cellular 
control system "level," immersed in the host's biopotential.* 

There is thus a specific, constant electromagnetic ''delta'' 
that differentiates the parasitic cancerous "organism" from 
the normal human cellular organism. 

This "delta" can be considered a sort of constant, complex- 
structured charge existing in the body's atomic nuclei. It's exactly as 
if the body biopotential had been charged up by Kaznacheyev's 
"death photons" for that specific cancer condition. 

If this cancerous "delta" (which may be rather like a complex 
intermodulation mix of waves) — or a frequency shifted "transform" 
of it to a different frequency band — is phase conjugated, a specific 
healing delta frequency pattern results. 

If phase conjugate replicas of a cancer's cell's specific "delta" 
frequencies are fed into the body having that cancer, the deviation 
of the cancer cell's master cellular control system will be "time- 
reversed." 

That will return the cancer cell to control ofthe animal's proper 
master cellular control system. The cancerous cell will be immedi- 
ately destroyed, or reverted back to a normal cell ofthe animal. 

A very similar process exists for just about every disease bacte- 
rium and infectious agent that attacks the body. 


Phase Conjugates of "Death Photons" are 

"Healing Photons" 

The Kaznacheyev experiments in the Soviet Union proved that, 
any cellular death and disease pattern can be induced by a specific 
electromagnetic pattern carried on an electromagnetic signal, ifthe 


*One strongly points out the relevance of Dr. Robert Becker's epochal experiments proving 
that cells can be dedifferentiated and redifferentiated electrically. Those experiments are 
strong indicators that the cancer cell should be capable of being reverted to its more primitive 
state — that of the normal cell — by electromagnetic means. 
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target cells are bombarded with the pattern-carrying carrier signals 
for a length of time.What was not published of Kaznacheyev's work 
was the correspondent work showing electromagnetic reversal of 
cellular death and disease conditions by irradiating the diseased cell 
cultures by phase conjugate replicas of the pattern-carrying induc- 
tion signal. 

In simplified terms, if an action in forward time induces a 
condition, then the time-reversal of that action will reverse the 
condition. 

The concept is almost laughably simple. The time-reversal of 
an electromagnetic disease process is a specific healing 
process for that disease. 


In his device, Priore internally structured the carrier photons 
themselves — making them vacuum engines. He phase conju- 
gated his vacuum engines, and then passed these time-reversed 
vacuum engines down and through a strong magnetic field which 
thoroughly penetrated all cells of the biological organism being 
treated. 

The scalar components (structured photons) representing the 
time-reversal ofthe disease were absorbed and reradiated in all the 
cells, "charging up" the nuclei ofthe atoms in the organism to some 
potential level of the exact "healing and reversing pattern." 

In the process, the cancer/leukemia pattern/charge also de- 
stroyed the cancer cells, or converted them back to normal cells as 
appropriate. 

As ahighly simplified analogy, the complex signal — viewed as 
a scalar Fourier expansion — represented a "Stress" against any 
abnormal cellular control system encountered and returned it to the 
normal cell's master cellular control system of the body. 

Encountering the normal control system in normal cells, it 
produced zero stress. 

Encountering the abnormal control system in tumerous cells, it 
produced great stress on it, reverting it to the normal control system 
of the body's normal cells. 

Thus to a normal cell the Priore signal pattern acted somewhat 
as a comb passing through one's hair. 
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No interference occurred with the normal cell (one whose scalar 
control pattern is phase-locked to the body's master cellular control 
system and in phase with it). 

The Priore signal stimulated and "stroked" the normal cell, but 
did not hurt it at all. 

On the other hand, the scalar control pattern in and of an 
abnormal (cancerous) cell is out of phase with the body's master 
cellular control system, and is not phase-locked to it. 

Hence the Priore signal caused direct interference with the 
abnormal cell's independent scalar control system. The interference 
pattern constituted the reconstruction of normal energy directly in 
the cancerous cell, and alsojammed its abnormal scalar life signal. 

This destroyed the cancerous cell by two mechanisms: (1) 
physical energy was kindled directly in the abnormal cell, causing 
direct mechanical damage, and (2) the cancerous cell, being an 
"independent living critter," had its scalar life channel (connecting 
its primitive "mind" to its "body") jammed and stopped. 

If the cancerous cell was reverted to a normal cell by the Priore 
stress before being destroyed, it became just a normal cell and the 
Priore stress had no further effect upon it. 


The Effect is Universally Applicable 

Any disease with cellular, biochemical, or genetic basis 
can be cured in like fashion. 

Priore's method, for example, was clearly shown to be able to 
completely reverse clogging of the arteries with fatty deposits, and 
to be able to lower the cholesterol level to normal, even in the 
presence of an abnormally high cholesterol diet. 

His method also showed complete mastery and cure of sleeping 
sickness and trypanosome-induced illnesses. 

Often Priore found that every cell ofthe body — even the hair — 
must be irradiated and treated ("charged up") with the signal, for 
the disease pattern was in every cell. The master cellular control 
system is holographic — the pattern (substructured potential with 
its dynamic, oscillating components) is in each component (each 
atomic nucleus, hence in each cell.) 

Every structural level ofthe body larger than the cell also has its 
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own correlated pattern, or modulation, on the overall. 

A biological organism can regenerate lost limbs, for example, if 
it can utilize its natural recovery process in a Priore manner. 

Even though Priore's work was presented to the French Acad- 
emy of Sciences by Robert Courrier, the prestigious head of the 
Biology Section, the Academy could not understand the device and 
its functioning. 

That was because the Academicians knew nothing of scalar 
electromagnetics, and phase conjugation, and the Priore machine 
was a scalar electromagnetic device using phase conjugation. 


In the Mid-70's It Ended 

In 1974, a change oflocal government lost Priore his government 
supporters. His support and funding were lost. 

Ironically, Priore was just completing a 4-stories-tall apparatus 
capable of radiating and treating entire human bodies. It would 
have been capable of curing cancer and leukemia in humans rather 
than just in laboratory rats. (His previous machines were much 





Figure 90. The large, special, phase conjugating plasma tube for Priore's giant 
device. The final machine would have treated humans "whole-body." 
(Courtesy Bob Whitney) 
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Courtesy Bob Whitney 


Figure 91. Capping assembly for the top of Priore's giant plasma tube device. The 
last device would have treated human patients "whole-body." The cap assembly was 
on the third floor of the device. 

smaller, and only a small animal could be irradiated whole-body.) 

In that machine Priore used a "lamp," a special section, in which 
17 specific frequencies were mixed and modulated upon the 9.4 
gigahertz carrier. 

The machine was large enough to irradiate humans over their 
whole body. It should have been capable of curing cancer and 
leukemia in two five-minute irradiations, one week apart. 

While Priore was still alive, with my associates I spent nearly 
two years of my life in an effort to bring the Priore device to market 
and into the mainstream of medical research and development. 

Robert Whitney, Frank Golden, and Tony Gideon played the 
major role, going to France and negotiating directly with the Priore 
group and the French government. 

Verbal agreements with both the Priore group and with the 
French government were obtained. The machines were to be built, 
assembled, and tested in Bordeaux. Then they were to be dismantled 
and shipped to the purchasers — large medical research and devel- 
opment laboratories where they would be reassembled on site. 
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A group of wealthy backers was going to provide the necessary 
millions to fund the effort. Final contracts were being drawn. 

Mysteriously, all funding for the project was suddenly with- 
drawn. Our backers were "leaned on" very hard and strongly 
threatened. Nothing we could do could revive the project. 

Priore never again recovered his funding, and later died. The 
machine fell into disarray and was disassembled. 

However, the proof that the requisite time-reversed signal can 
be produced, and will ride down a magnetic field, to penetrate every 
cell and every atomic nucleus in the body, is already in the present 
hard-core physics literature, ifone knows where to look and how to 
properly interpret the work. 

The fact that such signals can reverse nearly every major 
cellular illness condition ofthe body also has been proven by Priore 
and the scientists who worked with him, and it is in the French 
scientific literature. 

The Priore-type cure for AIDS and other diseases only requires 
the necessary funding and personnel to be redeveloped and re- 
established. 


Work ofAustralians Reed and Barsamian, and the 

American G. Wilbanks 

At the University of Sydney, Department of Obstetrics and 
Gynaecology, some magnificent work of great importance to our 
thesis has been accomplished. Indeed, this Australian research may 
well be some ofthe most important work going on in the Western 
world today. 

Dr. B. L. Reid, Dr. S. Barsamian, and their colleagues have 
produced experimental studies that positively verify pattern and 
form transmission at a distance, even through Faraday shielding. 
They have directly shown the reaction to, and results of an unex- 
plored information field on both living cells and inert crystalline 
matter. 

In addition, they have replicated — and extended — the pub- 
lished results of Kaznacheyev on the cytopathogenic effect. In fact, 
they have obtained the effect at over 100 meters. 
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This shows, of course, that the effect is not just mesoscopic, but 
also macroscopic. Whether we like it or not, structural patterns of 
cellular disease can positively be transmitted electromagnetically, 
and kindled in target cell structures at a distance. 

Dr. Reid has been interested in the origins of cancer since atleast 
1958. After much work in the standard models, by the late 1970's he 
was convinced that the present approach of medical science is wrong. 
He reasoned that we should pay stricter attention to the nature of 
growth before examining new growth, i.e., cancer. Growth, ofcourse, 
is creation — and so the problem became, what is creation? 

As a metaphor for biological growth to work with, he and his 
colleagues chose the growth of crystals. With keen foresight and 
intuition, they directed their inquiry so as to expose the complicity 
of some force — if any — external to solute and solvent. 

Their work began to show that such a force existed, and it was 
a type that was unaffected by interposition of a Faraday cage. In 
other words, it was nota conventional electrical force. * 

Dr. Reid and his colleagues then included biological subjects in 
the form of living cells. They were familiar with Kaznacheyev's work 
in Alma Ata, Kazakstan on the subject oflong range transmission of 
pathological (viral) effects on cells. In addition, they were familiar 
with the seminal studies of Gurwitsch on transmissions by onion 
roots cells, in the 1920's. 

Most of their basic studies on the nature of the new force, 
however, were made with common salt, drying from aqueous solu- 
tion, Some of their major results were as follows: 

1. The familiar cubic symmetry is altered toward a higher energy 
form of dendrite crystals when biopolymers such as protein are 
included in the solvent. 

2. Amass of lead 12-20 kg in the crystal space (up to 1 meter 
distant) causes an interference pattern in the salt crystal 
display. 

3. | Aprospective dendrite pattern is not realized when a prospec- 
tive cubic-pattern of the salt is dried in the local space (up to 


"For one related possible scalar EM (electrogravitation) interaction, see Ya. B. Zel'dovich, 
"Electromagnetic current and charge due to interaction between a gravitational and a free 
electromagnetic field," J. Exper. and Elec. Phy. (Soviet translation), 16(7), Oct. 5, 1972, p. 302-303, 
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1 meter). The latter by its presence in space is able to prevent 
the dendrite expression and enhance the cubic symmetry 
expression. A photograph of crystals of cubic symmetry 
when moved by a vibrating holder (2 cps) has the same 
effect on the real crystals drying from the solvent. 


Dendrite forms of salt crystal result when certain chemical 
reactions involving proton or ion movement occur up to 30 
meters away, separated by brick walls, glass, etc. These 
reactions were detailed by Dr. Reid and his colleagues. Ifthe 
mother solution is examined by ac capacitance on a sensitive 
bridge, variations in capacitance of over 300% accompany the 
receipt of the signal. 


If such a transmission from 30 meters distance is regarded as 
a carrier wave which is modulated by a foreign — and thus 
detectable — chemical, the chemical can be detected in 
the distant atmosphere some 3 months later in the form 
of a discrete or adiabatic 'cloud' which contaminates 
sodium chloride drying at the same time. In this way, 
copper sulfate dissolved at a site A in June 1985 could be 
repeatably detected at site B, 30 meters distant and separated 
by walls, screens etc., by a drying solution of sodium chloride 
solution in September 1985. Serial dryings of the sodium 
chloride solution on glass slides showed that each day, the 
cloud hovered over a space of 1-2 cm at the end ofa venturi tube 
for several hours before 3 p.m., and then moved off at 1 meter 
per hour in a NW direction. The copper content of the cloud 
was discernible by crystal structure and chemical means from 
the adjacent sodium chloride. 


All of the above crystal forms required ambient oxygen for 
their manifestation. Atmospheres of nitrogen and argon 
prevented their display. At the time, the researchers sus- 
pected that the effects may have been carried by orbital 
electrons of oxygen showing unpaired spin which had inter- 
changed with electrons of the copper solution. They then 
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developed an information-carrying device which could ‘infect’ 
the electron cloud of a target molecule sufficient for the 
chemical display of properties ofthe infecting electron's parent 
atom. This concept seemed to explain the experiment of the 
following paragraph. 


Two beakers of sodium chloride solution were connected in 
series with a small voltage source (say a 15V dry cell) to 
provide a transfer of electrons through each beaker. The 
second beaker in series was sampled for subsequent drying 
and display of the crystal form. A crystal form of cubic 
symmetry resulted. When the solvent of the first beaker was 
altered by the addition ofa protein solution (such as albumen 
or globulin), the crystal pattern of the second beaker was 
altered from cubic to dendrite pattern as though protein were 
present in the second solution. 


During attempts to stabilize salt crystals on glass by means of 
thin plastic films drying from appropriate solvents (in order to 
stain the salt with aqueous solutions of dyestuff), it was 
discovered by chance that the crystalizing process is accompa- 
nied by structural patterns on the plastic film so exposed. 
These patterns were oftwo major types: (a) vortices, or spirals 
in the film plane, of 0.1 to 10 mm diameter, and (b) smaller 
curled structures into which the spiral could be seen to merge 
or grade. From a concurrent mathematical study of vorticeal 
interaction as designed by Barsamian, the similarity of the 
curl structures in plastic films (the researchers usually used 
0.25% polystyrene in benzol) to computer simulations of vor- 
ticeal vectors was shown to be remarkable. 


The researchers then dispensed with the underlying crystals 
and exposed the drying polymer film to a variety of spaces 
where the field, thought to be responsible for many of these 
tele-effects, was operative. With this technical advance, the 
team has made rapid progress over the last year or so. They 
have come to have a more comprehensive grasp of the ether 
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field than was possible by less direct methods involving forma- 
tion of crystals. 


On the biological side, they repeated the Russian studies done 
at Alma Ata with transmission of the cytopathogenic effect of 
viruses on animal cells. They used the cytopathogenic effect of 
colchicine and its relative vinblastine on cells with the follow- 
ing differences from the published Russian work: (a) The effect 
can be transmitted at least 100 meters between campus 
buildings, (b) itis not necessary to use a magnetic field for the 
propagation, (c) itis not necessary to use quartz vessels; glass 
is quite effective. These experiments came to the attention of 
acolleague, Dr. G. Wilbanks, Head, Department of Obstetrics 
and Gynaecology, Medical School, University of Chicago in 
1983. Dr. Wilbanks was able to repeat them with similar 
results. However, in a more faithful copy of the Russian 
experiments, he used quartz vessels with cells placed in a 
magnetic field, with the vessels separated by no more than 1 
mm. Both the Australian researchers and Dr. Wilbanks 
shared another thing in common: their uniform inability to 
interest the editors of several scientific journals such as 
Science, Nature, Naturewissenchaften, and others in 
publishing papers describing these fundamental experiments 
and results. 


Experience with interference ofalead mass in the crystal work 

prompted the use of several metals in the ambient field of 
growing cells. Only lead (and to a lesser extent tin) showed the 
following properties: (a) Cell growth with 0.5-5 Kg lead in the 
ambient field is depressed sometimes to one third normal, (b) 
The cells die (dye exclusion test) but then can be revived by 
placing a small bar magnet in the local space with its poles in 
an E-W orientation. At least in Sydney, a N-S orientation of 
the bar magnet does not revive the stricken cells. 


The effects of energy flowing through living matter have been 
documented by Kirlian's method. It was therefore ofinterest 
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to the Australian researchers to expose living systems to 
drying films of polystyrene. They found that the staining 
properties of the ambient-derived image on plastic films par- 
allel those of the real organism. 


By appropriate use of an imposed potential on living cells, it 
proved possible to match the field strength and show the 
actual imposition of the ambient (scalar) field on the bio- 
polymer content of the material during the permeation proc- 
ess. The traces obtained are not unlike noise and would be so 
regarded by the casual investigator. The design of this appa- 
ratus and associated experiments was the work of Dr. Bar- 
samian. 


Concepts of Dr. Reid and Associates 
Dr. Reid has kindly shared with me some ofthe concepts he and 


his colleagues have formulated. These concepts, it is stressed, are 
consonant with direct physical results they have obtained in the 
laboratory. 


Note that any errors in this explanation are strictly the fault of 


this author, and not of Dr. Reid and his colleagues. 


1. 


Matter is bathed in an energy sea familiar to quantum theo- 
rists. The Australian team prefers to call this sea of energy 
ether, as a relatively bland term, perhaps in a way to rescue 
it from the oblivion where Einstein banished it. The key to the 
silence of this sea is its "fractional-charge" charged particle 
status and low energy values. The former conceals it from 
physics, while the latter conceals it from chemistry and th- 
ermodynamics. 


The differing energy levels of this sea, combined with its 
enduring motion, are theoretically and practically best ex- 
pressed as a vortex. Dr. Reid and associates have detailed 
this theory to explain the creativity of biology. The incipient 
creativity of the vortex is given material expression by its 
association (as part ofthe EM field) with an electron which it 
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now endows with equivalent novel properties. There is no 
intuitive reason why the energetic rearrangements of the 
electron cloud cannot proceed to the nucleus, there to set up a 
quark or proton rearrangement — or, as the quantum theorist 
would say, a virtual particle exchange — leading to transmu- 
tation. Kervran's work on biological transmutations is rele- 
vant; the literature of such effects goes back to 1798 at least! 
The team suspects that some such mechanism may underlie 
their experimental result ofthe transition of sodium to copper. 


A further prime property of vorticeal interaction is its 
proclivity for amplification, wherein the atomic-size vor- 
tex can be built up to the meteorological hurricane by such 
adherence or affinity. The team has noted the affinity of 
ambient field vortices to those produced by an electric current 
in a metallic conductor, with particular reference to the ill- 
defined boundary between the two. This parasitism was the 
reason behind the team's use of "carrier waves" from chemical 
reactions as transporters offields whose identity oforigin were 
sufficiently specific to trace the field subsequently. It is at 
least conceivable that the whole process could be amplified and 
used to parasitize (modulate) a radar beam as carrier. The 
affinity property of fields may be exhibited by the experience 
of mariners with what they loosely term "magnetic phenom- 
ena" thought to be derived from luminescent plankton. In the 
South China and Arabian Gulfseas, giant "wheels" oflight, 5- 
15 km in diameter and containing spiraling spokes, revolve 
about the ship at night, reversing their direction ofrotation as 
they pass the midpoint of the vessel. The key observation in the 
context ofthe field affinity concept is that the luminescence is 
manifoldly enhanced when the ship's radar is switched on. 
There could thus exist a chain, scalar-EM/plankton-optical, 
the first leg (scalar EM) ofwhich can be amplified by radar EM. 


The property of affinity means that a scalar field's trans- 
form or copy, ofthe energy disposition imposed on it by 
the experience of matter last permeated, may persist as 
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a memory in space, as many of the Australian observations 
attest. The team found that recall was not all that difficult 
technically. The energy transform for copper sulfate 
existing as a non-dissipated cloud with marked adi- 
abatic properties could be recalled five months after its 
formation. There is no reason why informationally 
more elaborate spatial configurations of energy, in- 
cluding human thoughts, will not behave in precisely 
the same way. The cell nucleus could conceivably be the 
candidate for the first site for storage of such energy. The 
nucleus has ahighly ordered structure and an associated high 
permittivity, and this would make it a real target. In the 
human subject, there is experimental evidence that the mon- 
goloid polymer constitution will have a higher activity for 
storage of the ambient field than will the Caucasian. 


Other Important Ideas 

Dr. Reid also shared other important insights: 

Lavoisier in 1748 advanced the concept that matter itself 
(chemicals) is inert. The activity of all chemicals, according to 
Lavoisier, resided in their associated ether — and God sent the 
ether! 

Taken to its limit, this suggests that the source of the energy 
which we call thought is a property of the scalar field. Matter (say, 
the nervous system) interacting with these fields, would be inca- 
pable of discerning the source of the field as presented, whether of 
self or external origin. 

Inhis book Hidden Variables in Quantum Theory, Dr. David 
Bohm felt that in 'elevating' (his word) matter (as particles) from the 
sea, it might be possible to consider the idea as containing even more 
elaborate energy transforms such as biological shapes, these trans- 
forms themselves undergoing metamorphosis. [Comment by this 
author: Rife's microscope, using evanescent waves, actually allowed 
one to directly see and photograph such forms, proving the thesis. ] 

The ability of the Australian researchers to rescue these trans- 
forms on films together with evidence that they could be seeing the 
results of the exclusively space interaction of virtual forms (say 
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microbe and antibiotic), is also a direct technical step toward validat- 
ing Bohm's important idea. 


Wider Implications of Structured Field Information 

As T.D. Lee points out in his important book, Particle Physics 
and Introduction to Field Theory, particle physicists have not 
attempted to use the structure of the vacuum nor the structure of 
potentials. 

Dr. Barsamian has shared other wider implications of the 
structured ether. 

Over the ages a phenomenon which, as discussed, can have no 
representation in real (that is, electromagnetic or thermodynamic) 
terms can hardly have been thought of as possessing specific struc- 
ture or function. Instead, it signaled its undoubted presence to 
generations of philosophers and physicists before Einstein, solely 
through statistical effects. 

The writings of Helmholtz, James Clerk Maxwell, and Neils 
Bohr are examples. The more recent Dirac and Fermi statistics are 
a continuation of the process. 

If an alternative definition of science is the continuing refine- 
ment ofthat which we partially knew or took for granted, then the 
refinement of these statistical approaches ~ with their obligatory 
uncertainty as defined by Heisenberg — is a worthy goal. 

In this sense, a more articulate description ofthe anatomy ofthe 
field is a logical progression from the beginnings ofthe ether concept 
in Classical Greece through to the statistics ofthe nineteenth to the 
early twentieth century. 

A hundred years ago, this orderly progression even reached the 
concept of a vorticeal atom at the hands of J. J. Thompson. However, 

it was interrupted very effectively by Einstein's publication of the 
special theory of relativity. 

Einstein was fortunate in that he had chosen for his mathemat- 
ics a pivotal feature ofthe ether field, its elasticity. The mathematics 
of elasticity had been evolving — through the developments of 
Hooke, Young, invariance, and the calculus — to handle its histori- 
cally increasing complexity (by tensors). This mathematics of 
elasticity was then available to Einstein. The wisdom ofthis choice 
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was vindicated by the remarkable special relativity predictions 
which were born out in subsequent observation and experiment. 

There was seemingly no need to suspect, let alone probe, any 
special properties of the medium underlying the mathematics.* 

The success of these predictions effectively blocked any chance 
of a return to the ether field concept. Indeed, it was seen as an 
arrogance to despoil the "elegance" of the mathematics. Nor was the 
success of quantum mechanics — the other leg of the Western World 
statistical approach to the nature of reality — able to get the 
physicists to heed Bohm's 1958 ideas on the hidden variables in its 
fabric or Dirac's 1952 ideas on a lesser uncertainty of the particle- 
field relationship than Heisenberg had formulated. 

Recently Dr. Barsamian has originated the concept ofan aliena- 
tion of the electron from its field. The full expression of this 
could see the field so alienated that it is well-nigh autonomous, and 
some kind of fundamental entity in its own right. 

In this sense, the freed autonomous field — at least conceptually 
—could proceed with its creativity by hybridization with other fields 
and so return the product ofthese asides to the particle. In atoms of 
the next fragment ofmatter with which the particle then associates, 
this product could create novel properties derived from the inter- 
change. 

The multiple properties of such a field allow it to be resolved in 
EM (electrostatics and electrodynamics), in atomic structure (elec- 
trons and nucleons), and in pressure (gravity) terms. This univer- 
sality makes anew concept possible, long beloved ofthe GUT (Grand 
Unified Theory) theorists: that there is only one energy. 

Itis also quite possible that this ubiquity need not be confined to 
physics. It may penetrate the biological imponderables of growth, 
new growth and consciousness. 

In view ofthe work of Dr. Reid and his associates, and other work 
— such as that of Hines and Chimonas showing atmospheric gravity 
waves launched by auroral currents — the prospect of amplification 
and transmission of transforms and patterns over long distances, 
*As, for example, whether or not the concept of an abstract vector space in vector 
mathematics must be modified to correspond to what we know about the vacuum 


medium. If the vectors are to correspond to the movements of physical things in 
the vacuum medium, then the vector medium must correspond to the vacuum. 
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through affinity with long distance carriers, is indicated. 

Dr. Reid stated that it would be surprising if other laboratories 
outside Russia had not progressed as far, ifnot further, than he and 
his associates had. Obviously the lack of similar publication indi- 
cates the nearly impenetrable editorial curtain confronting Western 
researchers in this and related areas. 


Dr. Barsamian's Important Theoretical Insights 

Dr. Barsamian has formulated a theory in relation to the 
development of cancer that is of great importance. 

In his theory, he is developing the approach of classical mechan- 
ics to electromagnetic interactions between charged particles and 
between dipoles. The field associated with the primary moving 
particle is not neglected in his theory, and this part of it differs from 
Dirac's "new electromagnetic theory." 

The field associated with the primary moving particle, in Dr. 
Barsamian's approach, is viewed as an important part of the 
particle's interactions. This field is stressed in the sense that diverse 
phenomena — from Maxwell's EM field radiating from the remotest 
regions of the universe to the controlled charge flow in the matter 
medium — are viewed as manifestations of EM forces. 

This ofcourse is unlike the traditional relativity view ofEM force 
action on moving charges. 

In Dr. Barsamian's view, the potential vectors (derived by a 

reatment from fluid mechanics theory) form an EM field and are 

positioned on a vortex curve. All parameters of such a field can be 

treated mathematically, and Dr. Barsamianhas one or more papers 
presently in publication. 

The duality ofsuch potential vectors (gradients) is to conduct the 

motionof particles (which are always either charged or dipolar) 
appearing in nonmatter, which is taken as an incompressible contin- 
uum — the "void." Because the final results of these forces are 
always movement of matter, Dr. Barsamian prefers not to classify 
them by their origin. 

Such a field may persist with great permanence. There are some 
limitations in summation (triplet conditions) and selectivity (perio- 
dicity) ofthe vortices themselves. Part ofthese limitations takes the 
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form of particle characteristics. Presently he is rather sure that the 
formation of patterns of organic, inorganic and liquid crystals 
(typical to living biomatter) are partially responsive to the effect of 
the described field. 

Dr. Barsamian is attempting to synthesize his own experimen- 
tal findings on the dielectric behavior ofbiosystems as they enter the 
cancer process with the data that Dr. Reid is producing with respect 
to action at a distance. 

With respect to living systems, he has slowly been approaching 
the conclusion that existing physical laws are just not applicable 
concerning (1) entropy, or (2) energy breakdown, or (3) random 
collisions of particles in quantum terms, or (4) electron-ion ex- 
changes in bioelectrochemistry terms. 

Under such circumstances, it is difficult to find a referee 
who sincerely understands the related experiments and 
their underlying theory. This presents a nearly impene- 
trable barrier to publication in leading scientific journals. 

This is tragic, because these considerations and experimental 
results at least provide an entry into more fundamental experiments 
with present lethal diseases such as cancer and AIDS which annu- 
ally take large numbers of human lives. 

The present state of the art is telling everyone loud and clear that 
something fundamental is wrong with present theory, and that we 
should come to terms with more novel views. 

Comment by the present author: In his prophetic insights, Dr. 
Barsamian has placed his finger squarely on the fundamental 
struggle ofliving systems against the "positive energy/time" laws of 
present physics. In its struggle, the living system must use negative 
energy/time, to correct from disorder to order and provide the extra 
free energy to do so. Otherwise, the steady progress toward increas- 
ing disorder in all its actions, would very shortly reduce the living 
system to such a disordered state that it could no longer reproduce 
the clear genetic pattern of its own kind. We have already pointed 
out the hitherto unexpected role that phase conjugation plays in 
allowing the living system to violate and break the iron dictates of 
conservation, nontransmutation, entropy, and raw statistics. 

To live and survive, a living system must have access to other 
functional levels and other mechanisms beyond those contained in 
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our present physics, electromagnetics, and biochemistry. 

The incredibly productive and important work of Drs. Reid, 
Barsamian, and associates is ofthe utmost importance. Their work 
clearly moves everything in biochemistry and the knowledge of 
cellular functioning a major step forward. 

It is a betrayal ofthe scientific method that such vital work goes 
so largely unreported in the leading journals. Indeed, the work of 
these Australian scientists should be galvanized and well-staffed 
and funded. They can literally usher in a new science, given the 
chance to further exploit and develop their results. 


Royal Raymond Rife 

In the 1930's and 1940's, Royal Raymond Rife revolutionized 
everything that has been done before or since in high resolution 
optical microscopy. 

He also revolutionized everything before or since in cellular 
biology. He carried cellular structure far beyond anything ever 
dreamed of at the time or presently. He revealed the direct connec- 
tion between organized living energy forms and organized biological 
systems. He revealed that life itselfis organized and dynamic, to a 
far finer level than anything in the textbooks today. He revealed 
that our present theory of disease is fundamentally very, 
very wrong. 

He produced direct, economical, electromagnetic cures ofcancer, 
leukemia, and other such debilitating diseases. His work presages 
a future mankind could have had, where most debilitating diseases 
were quickly and economically corrected, and where no poisonous 
drugs, violent nuclear irradiation, and harsh chemotherapeutic 
"burning" of the patient would be necessary. 

For such epochal work, he was ostracized, essentially impris- 
oned in a medical treatment facility, broken, condemned, and re- 
jected by his peers. His findings, though printed in reputable 
publications and journals, were discredited and ridiculed. 

He literally was reduced to a non-person by the power of the 
medical cartel. 

Finally escaping from his enforced confinement, he lived out his 
remaining years and died quietly and unknown. 
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Rife's Universal Microscope 

With his universal microscope, Rife achieved optical resolution 
ofup to 31,000 diameters and magnification up to 60,000 diameters. 
His microscope could examine living viruses, living bacteria, and 
other as-yet-undiscovered living organisms and living energy forms 
that no other microscope before or since could see. 

Even today, only the electron microscope furnishes such resolu- 
tion, and it zaps-to-death the objects that are being examined. 
Further, it will not at all detect or see the "living energy forms" 
revealed by Rife's microscope. 

To appreciate Rife's accomplishment, let's briefly summarize 
some of the performance factors of an optical microscope.* 

Several factors are important in the functioning ofa microscope: 
Resolution, magnification, and contrast lead the list. 

By resolution we refer to the ability ofthe instrument to distin- 
guish a small object. In other words, something like looking at a 
medical doctor's eye chart, and specifying the smallest print one can 
clearly see. Resolution is often referred to as resolving power. 

By "magnification" or magnifying power we mean the ability 
of the instrument to "blow up" or enlarge the image produced. 
Roughly, it's the ratio ofthe apparent size ofthe object seen through 
the microscope to the apparent size of the same object seen without 
the instrument. 

Magnifying power is exactly like enlarging a photograph. It 
won't improve the resolution or make the photograph any clearer, 
but may make whatever was captured (resolved) easier for the 
human operator to see. If youjust keep enlarging the photograph, 
it will get more and more grainy, until no further details can be seen 
with higher magnification. 

Contrast refers to the distinctness by which the various parts 
of the object can be distinguished from one another. To enhance 
contrast of objects under the microscope, staining of the objects is 
often used. Very often the act of staining will itself kill the living 
organisms — such as bacteria — that are being examined. 

*The electron microscope reveals only the "dead carnage" of the battlefield after 
everything is destroyed. With it, one is observing physical residuals, not the 
living players. For some encouraging modern work, however, see Michael 


Hercher, "Virometer — an instrument for the measurement of the size of viruses 
using an optical microscope," SPIE Seminar Proc., 1977, p. 17-22. 
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Figure 93. Rife's first virus microscope. Courtesy Christopher Bird 
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Figure 94. Side view of Royal R. Rife's prismatic universal microscope. Largest and 
most powerful of five Rife microscopes With it, living filterable viruses could be 
observed. Courtesy Christopher Bird. 
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Figure 95. Front view of Royal R. Rife's prismatic universal microscope. Built in 
1933 in Rife's San Diego, California laboratory. Courtesy Chris Bird. 
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We may state the resolution of an optical microscope in terms of 
the diameter of the smallest object resolved: for example, so many 
nanometers. Or we may just simply and loosely speak of so many 
thousands of diameters. 

The resolution ofan optical microscope depends upon the illumi- 
nation conditions, its optical system, and the fact that the object 
viewed diffracts and spreads the light. A wide variety ofmechanisms 
for illuminating, resolving, contrasting, etc. are used in optical 
microscopes. 

According to standard Rayleigh theory, normal optical micro- 
scopes are limited in resolution to about half a wavelength. That 
corresponds to about 250 nanometers for visible light illumination. 
One can do a little better than that by using ultraviolet light and 
quartz optics. The UV has a higher frequency than visible light and 
hence a shorter wavelength. However, beyond 240 nanometers the 
resolution of an optical microscope quickly disappears. 

A few researchers — notably in the 30's and 40's — remarked 
about other factors, such as "quality ofthe lenses," affecting resolu- 
tion. Some ofthem reported results to about a tenth ofa wavelength. 
Loosely, that translated to somewhere in the order of 5,000 to 6,000 
diameters. The dependable upper limit seemed to be — and still is 
— about 3,000 diameters, however. 

Normal optical microscopes simply are almost useless for trying 
to look at viruses. They will not resolve any but the very largest 
viruses, and will not resolve the internal features of even those few 
giants. 

Much oftoday's knowledge ofvirus structures and shapes comes 
from the use of electron microscopes. They bombard the object 
viewed with a fierce rain of energetic electrons. These instruments 
see nothing of the functioning of the virus, for they kill it instantly 
in trying to view it. 

With Rife's universal microscope, the dynamic living 
functions of the virus could be observed without killing it. 

With Rife's microscope, a whole range ofcomplex organisms and 
structures below the size ofbacteria was revealed. Many of these 
organisms are still not known to present science, even though some 
ofthem were written about at the time. Filterable forms ofbacteria 
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— forms which readily passed through filters supposed to easily 
block their passage — were discovered and reported by Rife and his 
medical colleagues. 

In addition, Rife's microscope — which contained block-quartz 
prisms and lenses and interference stages — revealed halos around 
living organisms that other microscopes could not see, even though 
the object was within their resolving power. Further, it revealed the 
existence of entire organisms and forms which other microscopes 
could not see — even though, again, the size of the organisms was 
within their resolving power. 

In other words, Rife's microscope not only revealed smaller 
physical forms than any other microscope could see, but it also 
revealed sizeable "living energy" forms which no other microscope 
could see. 


Rife Proved That Everything Is Alive 

The degree of smallness to which Rife's microscope would re- 
solve, and the extraordinary energy forms it could detect, showed 
that direct detection of the virtual state organization of the living 
organism was accomplished by the instrument. 

The science ofthe day was onlyjust groping its way toward any 
sort of physics that could explain such an astounding instrumental 
result. Today, however, in the hard-core literature there is demon- 
strated proof that the optical limit of resolution can be drastically 
overcome, using evanescent waves.* 


Shortly we will briefly give an "ad hoc" explanation of such 
evanescent waves. 


Electromagnetism has been shown by Kaluza-Klein theory to 
actually exist in the fifth dimension. In other words, EM itself is 
hyperdimensional. It flows in the fifth dimension, which is "wrapped 
around" each point in our ordinary space. It is — to the first 
approximation — the external environment ofevery normal point in 
*E.g., see T. Sato et al, "Application of evanescent waves to microscopic 
observation,” Bull. Tokyo Inst. Technol. (Japan), No. 125, 1974. p. 35-41. See 


also G.A. Massey, "Microscopy and pattern generation with scanned evanescent 
waves," Appl. Opt. (Poland), 13(3), 1983, p. 247-255. 
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our 3-space. 

Let's say that again. 

The electromagnetics ''medium"' itselfis totally external 
to each point in our space. Each of our points is surrounded 
in higher space by the electromagnetic medium. 

We live inside a totally electromagnetic medium. It's notjust an 
"electromagnetic environment" in our own space; instead, it's an 
electromagnetic environment in hyperspace. 


Everything already is just the internal structure of the 
electromagnetic medium! 


That's what the ''vacuum"' is. 
That's what "'spacetime"' is. 
That's what the ''virtual state" is. 
That's what physical matter is. 


And it's all alive. Totally and completely alive. Everything is 
alive. There is nothing but life. The electromagnetic medium is 
alive. 

Except within a locally-organized biopotential area, it's just 
"equally alive in all directions." So it appears inert, where by "inert" 
we mean not singly preferential. 

Every biopotential change, at any level in a biopotential, extends 
"decaying-expotential-wise" to infinity, by standard theory. Part of 
that potential change exists at every point in the entire spatial 
universe. And there at that point, so do the biopotential changes for 
every other biosystem in the universe. 


Everything's alive. There is nothing but life. Anywhere. Any- 
time. 

An interchange between this "living, surrounding electromag- 
netic medium" and each particle of mass in our 3-space continually 
occurs. This exchange involves the so-called virtual particle flux. 

Ifwe model higher dimensions, such as are necessary to include 
the "particle zoo" discovered by modern particle physics, each of 
these "higher dimensions" corresponds to a "successively deeper-" 
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internested level of virtual particle flux—of the vacuum, or of this 
electromagnetic medium that surrounds us. 

The living system orders, structures, and dynamically functions 
and interchanges electromagnetically throughout many higher 
"dimensions" — throughout many such internested levels of virtual- 
state/vacuum/spacetime. 

Except for the first layer of virtual state (the 5th dimen- 
sion in Kaluza-Klein theory), gross (classical) electromag- 
netic theory totally ignores the infolded, ordered deeper 
structure of eleetromagnetism (of the EM medium). 

Using such gross electromagnetics, orthodox science thus can 
only detect and grasp the gross results of the living organism's 
functioning. Further, it can only detect and grasp those gross results 
that actually move 3-space matter — observable particles. 

So it only detects the grossest interchanges between "mind" or 
"life" and matter. Specifically, it only detects the final results ofthat 
interchange—the gross movement ofmaterial particles themselves. 

The first hypernumber — "i," the square root of minus 1 — is 
used to model another dimension at right angles to our normal three. 
An electromagnetic wave thus is modeled to have two parts: the first 
is the part that affects or moves a material particle, and that's called 
the "real" part or "observable" part. The second part of the EM wave 
is the component that lies in this "imaginary" (unfortunate standard 
term!) dimension. That imaginary part does not of itself move 
charged particles, so it is considered to be "something other than 
real." 

Note that what's really done in this sort of orthodox modeling is 
to define observation as the movement of observable charged par- 
ticles. 

The human "conscious mind" is a functioning part ofthe overall 
human mind that has been specifically fitted to function almost 
totally with our gross bodily detection of the photon interaction. 

We thus consciously detect and "are aware of only the first level 
of reality: the interface between the first layer of virtual-state/ 
vacuum/spacetime/ and the 3-space of observable particles of mass. 

Since the physicist must be "conscious" of his observation or 
instrumental detection, the detection process ultimately has to have 
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a final stage that produces a photoelectric interaction with his body 
— for that is all the conscious mind detects and processes. 

Everything chemical, electrical, etc. — according to quantum 
mechanics — will involve at its root level only the photoelectric 
effect. 


Rife's Microscope Used Evanescent Waves 

However, it is certainly possible to build an instrument which is 
multi-staged, and one in which higher stages interact primarily with 
deeper internested levels of vacuum virtual state. That is, an 
instrument that interacts with higher dimensional phenomena. 
That is, one that interacts with deeper internested levels of electro- 
magnetics. If these stages interact causally in a vertical manner, 
then the final interaction with the human body and nervous system 
can still be "normal electromagnetics" and yet indicate a higher 
dimensional phenomenon, event, or function. 

That is precisely what Rife did: His universal microscope 
penetrated to a much finer level ofreality because its multiple stages 
used evanescent waves. 


Here's what we mean by that. 


An electromagnetic wave consists ofa "real" part and an "imagi- 
nary" part, as we have discussed. It's possible, however, to have the 
real part become zero, and still have the "imaginary" part remain 
and dynamically vary. 

This sort of wave — containing only the "Imaginary" part — is 
said to be one type of complex wave, or an evanescent wave. 

In advanced EM waveguide and optical theory, such evanescent 
waves can function to guide or determine the real parts of the EM 
waves. That "real part" is the part that is then going to interact with 
electrons and move them, and give us a "detection." 

In other words, the "real" part ofthe EM wave will be moved and 
guided by the "higher dimensional" or evanescent part, or even by 
separated evenescent parts — pure evanescent waves. 

So one can build a device or instrument that utilizes such an 
effect to reveal what's going on in a whole dimension beyond what we 
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normally see. Waveguides in certain RF radars already do that. 

Such instruments are not limited to the resolution determined 
by the "real" part of the EM wave (such as the "real part” of light). 

Such a microscope would not necessarily be limited in resolution 
by the wavelength of the light it used to illustrate the observed 
object. 

Indeed, if one uses a higher dimensional Kaluza-Klein model 
(which particle physics ofnecessity has to consider), one could build 
a "repetitive stages" instrument which could view many more higher 
dimensions. That's exactly the same thing as viewing many more 
deeper internested levels of virtual state. 

That is precisely what Royal R. Rife did: He developed a 
microscope using multiple stages, special interferences, etc. 
He built a multistaged evanescent wave instrument that 
could see into higher dimensions and deeper levels of virtual 
state. 

Rife's microscopes were thus startlingly different from normal 
microscopes. That is why he could see phenomena and organisms, 
ostensibly within the size capability of normal microscopic resolu- 
tion, which ordinary microscopes could not see.* 

Evanescent waves penetrate the virtual state (hyperdimen- 
sions) and interact with what to us is "dimensionless" (what does not 
spatially intersect our 3-space). Interfering multiple evanescent 
waves reflected from/having interacted with these (to us) nonphysi- 
cal forms can again reproduce ordinary electromagnetic "light." 
Thus the evanescent wave microscope, if properly built, allows one 
to directly "see" (and photograph) what is to us living forms ofenergy, 
nonphysical, and without 3-space matter bodies.** 

The same scheme can be used to develop instruments capable of 
directly revealing the living nonphysical world around us — such as 
the human biopotentials, their internal structures (including 


*However, Rife's microscope was extraordinarily difficult to focus. Rife often 
spent 24 hours straight at his universal microscope, just in focusing it. 


**Tfone is going to accept the many-dimensional theories necessary to explain 
particle physics, one must accept the possibility of higher dimensional living 
things, which we would see as living energy forms or as thought forms. These 
would appear nonphysical to us - as is time itself— but would be real and 
interactive nonetheless. 
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"thought forms"), etc. What the Soviets call bioplasma can be 
directly observed and photographed in this fashion. We have only to 
develop the necessary instruments; the science required is difficult, 
but it is already in the literature. 

That is what Rife's microscope did. It was a forerunner of the 
instruments we need to develop in electromagnetic healing, and Rife 
was a truly great and unappreciated pioneer. 

In one swoop medical science could have jumped a cen- 
tury ahead. The ruthless suppression of Rife and his fantas- 
tic scientific breakthrough was one of the most dastardly 
deeds ever perpetuated by the orthodox scientific establish- 
ment. 


Rife Revealed a Far More Fundamental, Living Biology 

With Rife's powerful universal microscope, it was also possible 
to view the interiors of the so-called "pinpoint" cells situated between 
normal tissue cells and just barely visible to ordinary microscopes. 

Here is the astonishing living world inside those "pinpoint" cells, 
as revealed under Rife's powerful instrument: When one of the 
"pinpoint" cells was magnified, still smaller cells were revealed 
within its structure. When one of these still-smaller cells, in turn, 
was magnified, it too was seen to be composed of even smaller cells. 

With Rife's microscope, this process could be repeated 16 
times. An astonishing internested series of organized levels 
of a living cell was revealed, far more fundamental than 
anything that exists in present biological theory. 

The present author points out most strongly that these levels 
correspond electrically to, and are in virtual particle flux pattern 
exchange with, the electromagnetic potentials of their environment. 
This includes their own biopotentials that are centered in the atomic 
nuclei ofthe atoms comprising the physical material ofthe cells, and 
that charge up with specific internal patterns. 

The biopotential itselfis organized into a corresponding virtual- 
state series of internested levels and functions. The structured 
biopotential of the cell is a living, organized, functioning 
thing, and its internal functioning literally constitutes the 
"spirit" or ''true nonmaterial deep mind" of the organism. 
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All the internested levels are in constant electromagnetic ex- 
change "up and down" with each other, particularly with respect to 
organized virtual particle flux patterns. 

In addition, all the cells are in constant electromagnetic ex- 
change "across" with each other, at all levels. This provides a 
dynamic, structured, living biopotential for the entire bio-organism 
(the entire body). Within this potential, dynamic interchange on all 
levels is continually occurring. This is the basis for the master 
cellular communication system that Dr. Fritz Albert Popp discov- 
ered. 

Rife's powerful microscope had revealed nonmaterial function- 
ing life forms (structured, dynamic, living biopotentials) connected 
to material bodies. 

He could follow "filterable" forms of bacteria — actual living 
biopotential forms of the organisms that could not be separated out 
by filters, but which would easily pass through any filter.* He could 
observe interactions of these forms, changes of forms, translations 
and transmissions of forms, etc. — none of which is detectable by 
present biological theory or medical science. 

Rife had advanced biology and biophysics a century in 
one jump. As always, orthodox scientists — most of whom in 
their scientific paradigm are self-admitted materialists — 
were quite unready to tolerate such heresy. 

Obviously the materialistic dogma of the science of his day — 
and ofthe science of today — reacted most hostilely to such hogwash. 
Contrary to the prevailing mystique, most scientists are dogmati- 
cally attached to materialism and to the dogma of their present 
paradigm. Faced with a conflict provided by experiment, most will 
uphold the dogma and reject the experiment — the exact opposite of 
the scientific method they espouse. 

Rife's revolutionary work was no exception. He incurred the 
unending, total opposition of powerful individuals controlling the 
direction of biology and medical science for their own personal gains. 

Rife was hounded into court on trumped up charges. Though he 
was acquitted, he emerged a shaken, broken man and an alcoholic. 


*More precisely, they would easily flow around the 3-dimensional filter, since 
they were hyperdimensional. 
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His work was suppressed. His equipment was left to gather dust. He 
was also forcibly committed to a medical treatment facility. 

Finally escaping from his "prison," Rife lived out his remaining 
years quietly. He died without ever being vindicated for his marvel- 
ous, world-shaking discoveries. 

But at least he left us a legacy. Persons are still alive who knew 
Rife and his work, to one degree or another. Some ofhis microscopes 
are still in existence, though non-operable due to missing or stolen 
parts. With proper funding, an enlightened team of scientists and 
researchers can be assembled to quickly repair Rife's remaining 
instruments and duplicate his incredible work. 

With concentrated effort, Rife's work will yet play a primary role 
in the development of a direct electromagnetic cure for AIDS. As a 
byproduct, it will play a role in rapid development ofcures for cancer 
and other debilitating diseases. 

Royal R. Rife's contributions may yet help save half of human- 
ity, and prevent a Soviet takeover of the world. 


Developing The EM Cure For AIDS 250 


CHAPTER 6 


DEVELOPING THE ELECTROMAGNETIC 
CURE FOR AIDS 


By now, how one goes about developing a electromagnetic cure 
for AIDS — and for cancer and other killer diseases — should be 
apparent. 

One must set up a modern research laboratory and assemble as 
many ofthe "dirty dozen" together as is possible. One then tackles 
the problem head-on, adding the necessary support staff and special 
consultants. 

First the Kaznacheyev effect for AIDS must be isolated and 
determined. Then it must be reversed, to yield the precise "curative" 
signal. 

Transforms for these Kaznacheyev IR/UV "death photons" and 
their phase conjugated "healing photons" must be obtained for a 
lower electromagnetic frequency band — such as, say, 10 to 20 
gigahertz. 

Away must be found to irradiate the whole human body with the 
curative signal. The ideal way is to utilize a scalar EM curative 
transform so that the atomic nuclei ofthe body — and hence its entire 
master cellular control system and immune control system—will be 
"charged up" with the correctly structured "AIDS cancellation 
message." 

The entire procedure and apparatus must be as simple and small 
as possible. My colleagues have already achieved very promising — 
even remarkable — progress in this respect. 


Reversing the Kaznacheyev Effect 

The "Kaznacheyev effect" for AIDS virus condition must be 
stimulated between cell cultures, so that the disease condition is 
electromagnetically transferred from one to another. The actual 
electromagnetic "delta" constituting the contribution of the AIDS 
infection must then be isolated electronically. The best way to do this 
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is probably to subtract the normal cell radiation pattern from the 
"cell plus AIDS" radiation pattern.* 

With the "AIDS delta" determined, the delta is then fed into the 
appropriate phase conjugating mirror system, so that its time 
reversed replica is produced. 

The new phase conjugated signal is then the required AIDS 
reversal signal to reverse the effects of the AIDS virus itself, inside 
the cell where it resides dormant. This " time-reversed” signal will 
reverse the genetic change in the cell, not just kill the HIV virus. 


In a crude way, one is making an electromagnetic anti-virus. 


For ease of development and treatment, microwave technology 
is most attractive. Obtaining transforms ofthe signals in the radar 
band is ideal, since a wide variety of techniques, instruments, and 
electronic parts are available for that region. Millimeter waves 
would be most attractive, for the equipment could then be highly 
miniaturized. 

One can regard it another way also: energy forms (critters) are 
involved. The action ofthe AIDS virus in its host cell, upon the DNA 
of the host, is underlaid by manipulation of energy critters. If one 
makes the electromagnetic anti-virus form, one is also manipulating 
the energy critters in their virtual state substrata. 

The net result is that essentially the virus pattern — even the 
virus itself — can be phase conjugated by the energy critters. The 
result can be to turn the actual virus in the cell into a negative virus, 
accomplishing recombinant DNA procedures in reverse. 

Remember that the signal we seek to use involves negative 
energy and negative time. We are also engineering the virtual state 
directly. The ordinary positive energy/positive time/observable 
state rules and limitations do not necessarily apply. And the "fixed 
form" first order physical reality as we normally conceive it need not 


*Procedures along the lines of the extraordinary double-exposure holographic 
work of Dr. Robert Powell will probably be necessary. His work on biologically 
significant spatial frequency spectroscopy has blazed the trail as to how to obtain 
the specific delta patterns desired. It is hoped that Powell will shortly publish 
the remarkable results of his 15 years' work. 
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be so fixed at all. 
Physical reality itself can be directly engineered. 


The engineering we seek to accomplish is directly upon the 
probability states propagated by the Schroedinger equation, before 
observation and collapse of the wave function occurs. We seek to 
engineer physical reality before it is born, while it is yet 
forming. 

Only at such a level can the previous action ofthe AIDS virus — 

that in which it combined its genetic material with the genetic 
material of the host cell — be reversed and undone. 

Only at such a level can we convert the infected human body from 
an "AIDS virus factory" back to an uninfected normal human body 
without AIDS. 


The Proof: Priore's Work 

Antoine Priore's pioneering work largely proves that it can be 
done. Cancers, leukemias, and many other virulent diseases yielded 
to his phase conjugated signals passed down through a powerful 
magnetic field to totally penetrate every cell in the treated patient's 
body. 

And Royal R. Rife's work proved that a virus and a bacterium are 
not at all the "rigidly fixed" physical forms that our normal science 
has led us to believe they are. Instead, both the organisms and their 
biochemical and genetic actions can be addressed — and changed — 
on a much finer level of reality. 

Of course, it would be enormously helpful if one had a working 
Rife microscope. 

My colleagues are attempting to rebuild one ofthe original Rife 
microscopes, which has parts that were missing from it. They have 
every hope of having the microscope in action in the future. 


Another angle of attack is also possible. 
One of my colleagues has discovered a very peculiar, weak 


electromagnetic signal that will kill viruses, harmful bacteria, toxic 
protozoa, etc. but not harm living human cells. Only a few volts and 
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a few milliamps are used. 

However, there exists a major problem in getting any such very 
weak signal into every cell in the body — which is required if one is 
to heal blood diseases such as AIDS and leukemia. After all, that was 
the reason that Priore utilized a powerful magnetic field of thou- 
sands of gauss. The magnetic field penetrated every cell in the body 
— even those in the bone marrow where all the blood cells are 
manufactured. By using the all-penetrating field as the carrier, the 
phase conjugated healing signal pattern could thus be introduced 
into every cell in the body, bathing it completely, inside and out, with 
the restorative signal. 

Remember, one must not just get the signal into the cells 
themselves — instead, one must get the restorative signals 
directly into, and absorbed in, the atomic nuclei. 

Again, that is why Antoine Priore found it necessary to 
employ a "rippling" magnetic field. The "ripple" was actually 
a magnetic wave, and nuclear resonance then provided the 
magic mechanism to penetrate all the atomic nuclei. 

So the initial problem is, how does one provide a mechanism to 
carry the desired signals into and through each and every cell of the 
body and into each and every atomic nucleus of the matter of the 
body? 

Obviously one can utilize nuclear magnetic resonance, after the 
fashion of Priore. If so, the resulting apparatus is going to be 
extremely large and expensive. It would be highly desirable to do it 
a different, simpler, much cheaper way. 

After many hundreds ofback-breaking experiments, one of my 
colleagues appears to have discovered a completely unique and 
direct way ofintroducing the desired EM restorative signals into and 
completely through every cell of the body, and into every atomic 
nucleus. Though much additional work to confirm this still remains, 
the initial results are marvelously encouraging. 

Another colleague has succeeded in developing a peculiar sort of 
detector that should prove adaptable to detecting the actual "biopo- 
tential structural patterns" themselves, directly in and out of the 
atomic nuclei. Though obviously much more work is necessary 
before the final instrumentation is ready, the preliminary results 
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are again most encouraging. 

As I write these words on paper, this work is proceeding, but 
very, very slowly due to lack of the necessary funds to attack the 
research problems in force. 


What is Needed 

Time is running out —most conventional science appears to be 
driven by special interest groups/Drug Manufacturers who are un- 
able and/or unwilling to counter the AIDS epidemic with anything 
other than extensive "Addict Style" symptom-reducing drugs that 
generate dollars, not cures. Though this is not universal, it is the 
conventional norm. 

Unconventional disorders or diseases require unconventional 
science for unconventional cures. 

Immediate funding is required ifthis awesome threat to human- 
ity is to be stopped. An American public alerted in time to this 
desperate situation can demand that the government and/or private 
business immediately address and act on this life-threatening issue 
in a different, unconventional manner. 


Encouraging Preliminary Work 

One of my associates, already familiar with scalar EM devices, 
has exerted every effort to try to reduce the scope ofthe problem. In 
literally hundreds of experiments, he has been able to narrow down 
the search, and obtain at least some very promising results. 

He has obtained an initial candidate phase conjugated signal for 
further test and trial. 

He may well have succeeded in discovering a new and unique 
method to communicate signals directly into the atomic nuclei inside 
the matter in the human body. This signal presently appears to 
directly interact with the cellular biopotential and with the body's 
master cellular communication system. 

Remember, however, these are preliminary results. They still 
must be fully substantiated in a great many more tests. Undoubt- 
edly a great deal more research, analysis, and adaptation is neces- 
sary. We certainly cannot presently say we have any sort of "cure" 

for the AIDS virus or anything else — or that these results are to 
be considered as proven in any fashion. 
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But what we can say is that my colleague has been able to derive 
a very complicated phase-conjugated signal, which produces nega- 
tive energy and negative time of the general sort required. And he 
may just have made a most marvelous discovery that will point the 
way to eventual equipment much, much smaller than the 4-stories 
high machine with which Priore intended to treat terminal human 
cancer patients. 

The initial signal discovered by my colleague, when applied to 
the body at miniscule voltage, seems to zap all sorts of "bad things" 
— viruses, harmful bacteria, dangerous protozoa, microworms, you 
name it — without harming the blood cells, the normal body cells, or 
the hosted friendly bacteria. 


The signal does this at miniscule voltage and amperage. 


It can be applied directly to the body through special electrodes. 
Through a special feature, my colleague has been able to get the 
signal to reverberate the entire body, all cells, all parts, and even 
penetrate the atomic nuclei and establish scalar resonance therein. 

There turned out to be some extremely strange things that have 
to be done to the phase conjugated signal before it will accomplish 
what is being sought. At least some ofthese "strange things" have 
been uncovered by my colleague. 

One of the peculiarities is that the entire electrical apparatus is 
part of the input "form" (that conditions the potential wave struc- 
ture) being phase conjugated and sent to the organism. Ifa lead-acid 
battery is included in the apparatus to power it, one will inject the 
electromagnetic form for the battery acid directly into the organ- 
ism,* destroyingit. This includes destroying the host's cells. In this 
case the signal is lethal, not curative. Substitution of a dry cell 
battery with no liquid electrolyte eliminates the problem. Exactly 
why a liquid electrolyte has a toxic effect and a "sludge" or solid 
electrolyte does not, is not understood at this time. 

Other such anomalies in the tentative process have been discov 
ered and compensated for. 

However, the way ahead is exciting. It suggests that the body 


*Via a mechanism similar to that found by Reid and Barsamian 
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(atomic nuclei) can literally be "charged up" (i.e., the living biopoten- 
tials can be "charged up" with the signal structure) so that the 
"disease-proofing" is very lasting, possibly for many years or even for 
a lifetime. 

Atleast my colleague has pressed this to the point of demonstrat- 
ing a long-lasting charge being acquired by the body. 

For example, at one time his body became so "charged" from his 
lengthy experiments that a one-inch blue spark often leaped from his 
fingers when he reached out for something metallic. The discharge 
was cool, negative energy — living energy, ifyou will. It should be 
negentropic, not entropic. It was definitely not the type ofenergy the 
orthodox scientific community is accustomed to. And normal elec- 
tricity will definitely not charge up the body in such a continuing 
fashion, so far as is known. 

Let me clearly state again that we have not yet produced the 
specific anti-pattern per se. What my colleagues have discovered 
appears to be a broad-band signal that appears to act hyperspatially, 
analogous to the manner in which a broad-band drug such as 
penicillin acts biochemically. Even this much remains to be clearly 
established. 


However, it is a most encouraging and promising first step. 


Much more work, and a great deal of experiments to substanti- 
ate or adapt these tentative results, still need to be done. Now there 
is no substitute for rigor and thoroughness — and there is no 
substitute for clearly and scientifically demonstrating the proof of 
the concept in the laboratory. 

It is not just good intentions that we seek, but solid, concrete, 
proven results substantiated by proper scientific procedures. Much 
work remains to be done. 


But the preliminary results are very encouraging indeed. 


Let me briefly share with you some of the things we foresee, if 
this present line of successful development continues. 

We foresee being able to eventually develop and set up — legally 
and under proper medical auspices, of course — tested and proven 
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devices that can easily treat up to two or three hundred persons at 
once. A treatment of about 45 minutes to one hour is all that would 
be required. Several repetitive treatments a week or so apart, might 
prove advisory. 


In addition,once the entire gamut of the treatment process is 
validated and proven, and shown to be completely harmless and safe 
in accordance with legal medical requirements, if need arises we 
foresee simply adding the signal to ordinary radio and television 
transmitters — perhaps as simply as modulating the electrical 
ground. Ifso, a "maintenance" signal could be established to negate 
the AIDS virus (or other disease such as cancer and leukemia) in an 
entire area, and keep out other diseases such as malaria, sleeping 
sickness, etc. 


Another advantage of such machines would be their portability 
in time of conflict. Also, they would be most useful indeed as 
defensive measures against biological warfare. For example, the 
inhalation of only a relative minor amount of anthrax agent is 
sufficient for 100 percent certain death unless treatment begins 
promptly. With the portable machines, however, this would be 
easily negated in any troops exposed to the agent, even before the 
lethal disease is evidenced. For a totally new agent, a "phase- 
conjugate delta signal" could be rather quickly ascertained and 
developed, and the proper settings made on the machines for imme- 
diate treatment and immunizing. 


And even later, when we proceed to the direct engineering of the 
living energy form strata themselves, we shall see remarkable cures 
and remissions of diseases for which medical science offers little 
hope today. Arthritis, multiple schlerosis, lupus, and other such 
debilitating diseases come readily to mind. Even reversal of the 
aging process should be possible.* 


*Twoother promising approaches have recently been discovered First, an electrolyte 
compound has recently been approved by the FDA for clinical testing. This compound has the 
remarkable property of raising the cellular electrical potential back to that of a strong, 
healthy cell. In several years of lab animal testing, this alone was indicated to be over 80% 
effective against cancer. It may also prove effective against diseases such as arthritis, where 
the body's immune system attacks body tissue with lowered cellular potentials, since it fails 
to recognize the weakened cells as those of the body. Second, Baylor University reseachers 
have found that treating blood with certain laser EM radiation kills the AIDS virus, but does 
not harm the blood cells This means that it will be possible to assure that blood used in 
transfusions will be AIDS - free, eliminating one sorce of AIDS transmission. 
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Conclusion 
We have now come to the end of our road, literally and figura- 
tively. 


All ofus have been struck a mortal blow by the Soviet AIDS first 
strike. 

Make no mistake, this is real. We and our children are already 
as good as dead unless we move as we have never moved before. 


We have achance. A slim chance. 


Americans have always come through when the chips are down. 
We can conquer this thing. We can overcome this mighty death blow 
that has been launched against us. We can defeat the others yet to 
come. 


But we've got to move. Now. 


Remember, Pandora's box has already been spilled. Even 
without the Soviet biological warfare strike, hosts ofnew viruses and 
different strains of old ones are going to be, and are now being, 
dumped into the biosphere by our own culture. It is also only a 
matter of time before terrorists and meglomaniacs turn to the use of 
this potent weapon against a wide-open society such as ours. 

Both our Armed Forces and our civilian populace are 
totally defenseless against electromagnetic biological war- 
fare. Now. At this moment. 

Even without the Soviet BW strike implication, it is only a 
matter of time until we perish, unless we develop electromagnetic 
healing and electromagnetic biological warfare countermeasures. 

We've come to one of those profound momentary pauses in 
history that determine the fate of the entire world henceforth. 


It's like the parable ofthe lady or the tiger. 


We're facing, so to speak, two doors. 
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Behind one is the most fearsome and hungry tiger ofall time. If 
we delay, that door will open and we'll get the tiger full upon us. We 
shall be utterly destroyed. That mighty tiger will consume half the 
world in his roaring frenzy. Our children, and our children's children 
— what few ofthem will be left — will wear the hammer and sickle 
yoke for eons. 

Those few future survivors will be taught strange things. How 
you and I were the real enemy. How we were absolutely destroyed 
for the good of all mankind. How glorious and necessary it was to 
unleash the great plagues upon us. And how heroic were those who 
performed the "noble deed." 

Our own distant children will curse us and revile us, and they 
will be taught to worship at the throne ofa false prophet. 

The world will descend into anew "Dark Ages" far more frightful 
than George Orwell ever envisioned. 

On the other hand, behind the second door is the most beautiful 
lady of all history. Literally all of humanity's dreams of health, 
beauty, and vitality lie behind that door. 

If we open it, we achieve a freedom from disease and a measure 
of bountiful health for all mankind that has heretofore only been 
dreamed of. Even reversal of the aging process itselflies beyond the 
second door. Health and youth — the dream of the ages—can be ours. 

But we have only a moment to open the second door. It is firmly 
shut, and we must exert ourselves to the fullest ifwe are to open it 
at all. 

On the human stage, the first door is already slowly opening, 
inexorably. In only a few moments it will be open and the tiger will 
be upon us. 


We must move quickly. 
Which will it be for mankind, the lady or the tiger? 


The next few moments in the human play will most assuredly 
tell. 
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APPENDIX I 


The Case of Antoine Priore and His Therapeutic 
Machine: A Scandal in the Politics of Science 
© 1984, 1988 Christopher Bird (Used by permission) 


Forty- four years ago, in 1944, an Italian engineer working as 
a prisoner and forced laborer for the Germans in the huge submarine 
base in Bordeaux, approached a French police agent to plead for his 
life. He would be killed when the Germans left Bordeaux, he said, 
and since they were by that time obviously losing the war, the day of 
his execution was at hand. 

The police officer, who also worked clandestinely for the French 
underground, told the engineer to get in his car, then simply drove 
him out of the base and introduced him to the 7th battalion of 
underground resistance fighters, in the nearby province of Dor- 
dogne. There he so distinguished himselfin military operations that 
he was ultimately decorated by the French government. 

It was due to his thankfulness to his savior, and his loyalty to his 
companions-in-arms, that Antoine Priore decided after the war's end 
to live out the rest ofhis life in Bordeaux. Thus he became the focus 
of one of the strangest, and most scandalous, chapters in the 
scientific history of France or any other nation. 

Antoine Priore had earlier graduated from a small provincial 

school for electricity in Trieste, Italy and become aradar operator in 
the Italian Navy. During this period he observed what to him was 
an exciting anomaly: some oranges left in a room filled with electrical 
bric-a-brac had fallen into an assemblage where they seemed to have 
been preserved in the same fresh state they had enjoyed when 
bought off a fruit stand. Other oranges in the room, bought at the 
same time, were rotten and putrid. 

Stunned by his observation, Priore dreamed throughout the war 
of one day working out an electrical means of conserving foods in 
their fresh state based on what he surmised was a new, and wholly 
unexplained, principle. Newton's apple had become Priore's orange. 

Occupied during the day as a humble electrical repairman — and 
projectionist in a movie theater — the almost wholly self-taught 
Priore devoted all his free time and his meager resources to research. 
With the help of his war-time companions, some of whom had 

attained high rank in the Bordeaux police force, he was able to beg, 
borrow, steal, scrounge, or otherwise acquire a mini-warehouse of 

electrical and electronic components and parts. With these he put 
together a device worthy of Rube Goldberg. Exposing lentil seeds to 
amagnetic field of225 gauss andelectromagnetic frequencies of 80, 
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32, 3 and 10 Hertz, Priore's device caused the lentil plants which 
sprouted from them to grow 12-15 centimeters in length, as against 
only 5 centimeters for controls not subjected to the same treatment. 
He got similar results for tulips, asparagus and other plants. 

Ser ee focus, he next irradiated fertilized hens' eggs, onl 
to see the chicks hatch in 19 days, instead ofthe normal 21. ‘Thoug 
he could not explain these astonishing results, he realized he had 
stumbled upon a process basic to the enhancement, or speeding up, 
of cellular growth. 

It was at this point that one ofhis police friends introduced him 
to Francis Berlureau, the former Director of Studies at the School for 
Veterinary Medicine in Toulouse and, at the time of their eee 
director of the Bordeaux abbatoir. Priore asked Berlureau to supply 
him with various animal tissues for experimentation. For 10 years 
they worked together, Priore's free time allowing, during which 
Priore noticed he could get no electrical measurement from a cancer- 
ous bull's testicles. Since he realized that, in some way, his newly 
constructed device (no trace of which remains today, except for a 
snapshot of it) affected the electrical properties of cells, he put two 
and two together and his sum of four led him to believe that he might 
be onto an electromagnetic cure for cancer. Newton's gravity had 
become Priore's cancer cure. 

Berlureau next allowed him to expose a cat with cancer of the 
mammary glands to radiation of his machine. To make absolutely 
sure that he was not exposing himself to mockery, the veterinarian 
had all the histological work done by his friend and colleague, a 
Professor Drieux at the famous Veterinarian School of Maisons- 
Allfort, near Paris. Drieux wrote a technical report proving that a 
tumor taken from a cat had, before treatment, started to become 
cancerous and, after treatment, had become benign. 

By 1953, with the help ofa doctor of general medicine, Maurice 
Fournier, Priore began treating human patients whose cancers had 
been judged hopeless. The huge file of cases maintained by Fournier, 
and filed with a notary until after his death, was subsequently 
mysteriously lost. But a few details were preserved in letters discov- 
ered in an old dog-eared file. 

Some of these dating to the year 1954 concerned a 12-year old 
boy, Alain B., whose diagnosis wavered between one of reticulo- 
histio-sarcoma and a malignant form of Hodgkin's disease. The boy 
was taken by his parents to Priore, who irradiated him. Though the 
exact nature of the radiation was not known, 12 years later a 
Bordeaux physician, after a medical examination, certified that the 
boy, now become a man of 24, was free of disease. 

A second case unearthed from the old file indicated that a patient 
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with cancer of the larynx was able to avoid a laryngectomy and be 
totally cured after Priore's new ministration. 

Fascinated by the principle which he suspected must lie behind 
the strange Priore Ray, Dr. Berlureau tried to get some Bordeaux 
University physicists interested in the problem but was laughed out 
of their offices. He next turned to cancer specialists, beginning with 
Professor Lachapele, the Director of the Bergonie Foundation, a 
prestigious center for cancer research, to whom he proposed animal 
experiments to prove the efficacy of Priore's methodology. His plea 
met with a stony affirmation on Lachapele's part to the effect that he 
and his colleagues had no need of the new discovery, inasmuch as 
"all the patients treated in his hospital were cured and departed in 
perfect health." As ifbound in the chains ofhis curt reply, years later 
Lachapele was to become one of the bitter adversaries of Priore's 
pioneering research. 

Only somewhat discouraged, Priore keptup his momentum. He 
went on to build a new and more complicated version ofhis treatment 
device, called the P-1, over the next year. When it was finished he 
secretly and unofficially began to treat dozens ofcancer patients who 
had been given up by their doctors as incurable. At his funeral in 
March of last year, among the crowd of mourners was, it is said, a 
small platoon of older people who had been cured of their terrible 
afflictions by Priore in the 1950s. 

While his findings excited him, he nevertheless felt tremen- 
dously frustrated that he could apparently get no one in the world of 
medicine or science to pay attention to them. Undaunted by his 
previous rebuffs, his friend Berlureau next introduced the Italian at 
the end of 1959 or the beginning of 1960 to Professor Tayeau, vice 
dean of Bordeaux's Medical Faculty. Unlike Lachapele, Tayeau 
behaved as a true physician and scientist. He sent Priore to two 
researchers, Biraben, head of the Faculty's Department of Patho- 
logical Anatomy, and his assistant, Delmon. The two had been 
working together on cancerous rats for two years—specifically on 
animals grafted with T-8 tumors, discovered by the internationally 
famous team of Guerin and Oberling in Paris, which had proven to 
be intractable to any form of treatment yet known. To their utter 

surprise, the tumors in the rats treated with Priore's machine were 
reduced in volume by 60%, marking the first time in the history of 

cancerology that the virulent T-8 tumor had in any way been 
affected by any form of treatment. 


Knowing that the mayor of Bordeaux, Jacques Chabans~Del- 
mas-who has kept his post until this day, and was soon to become 
prime minister of France-- was most interested in the work of Priore 
(who, he too, had known as a fellow resistance fighter), they also 
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informed Chaban. 

Promptly Chaban convoked not one, but two, commissions made 
up of Bordeaux and Parisian scientists to study the Biraben-Delmon 
results in detail. Both commissions rejected Priore and his machine 
out ofhand, and without appeal. It is curious that, in the science of 
our day, a result, undeniable though it may be, seems to have no 
hearing unless and until all means to effect it can be adequately 
explained. It was for this ostensible reason that the two commissions 
decided to so adamantly reject the research: Biraben and Delmon 
could not explain the nature of the radiation engendered by the 
Priore device. 

One can stress the word ostensible here because the principal 
reason for the rejection lay elsewhere. The decision by the first 
commission was, in fact, hardly unanimous. But among its members 
was the same Professor Lachapele who had refused Berlureau's plea 
for assistance. His opinion was that even the results themselves 
were oflittle value because they were obtained, not on spontaneously 
arising, but on grafted, cancers. The fact that no treatment whatso- 
ever had ever affected a T-8 tumor was totally discounted. As the sole 
cancerologist on the commission, Lachapele's dictum was prepon- 
derant. 

When he learned that the rejection of the first commission had 
actually been a split decision, the Bordeaux mayor asked for the 
formation of a second commission to re-examine the problem. Fear- 
ing a reversal, Lachapele was able to get one of his colleagues, 
Professor Courtial, director ofthe Radium Institute in Paris, and one 
of the so-called top authorities of French cancer research, named to 
it. It was all but impossible for the other physicians on the new com- 
mission now to outvote not one, but two, cancer specialists, so again 
the antagonists won the day. 

At no time did either of the commissions bother to interview 
Priore himself or to run a supplementary experiment under their 
own control. 

This seemingly incomprehensible attitude on the part of scien- 
tific authority was only a foretaste of what was to come, again and 
again, over the years. Biraben and Delmon went on to do new 
experiments. They modified either the time after grafting that the 
radiation was applied, or the length ofits duration. This time their 
efforts were crowned with unequivocal and complete success. The 
tumors stopped growing and, when still living cells were excised 
from them and implanted in healthy control animals, none of them 
became malignant. 

Though these results should normally have fascinated any 
academy ofmedicine or sciences, the two researchers did not publish 
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them. Why? The reasons horrify or disgust. It seemed that Biraben 
was simultaneously preparing an examination for the agregation, 
the highest French academic degree leading to a senior university 
teaching post. In charge of the committee to pass on, and award, this 
degree was none other than that same Professor Lachapele who told 
him: "Either you get the degree, necessary to your professional 
advancement, or you publish your research paper. But not both!" 
Discouraged, Biraben ceded to this demand but nevertheless contin- 
ued to work on the research that looked so exciting and promising. 

Most mystifying to him was how the machine operated to 
achieve its startling results. At the 3rd Congress of Biometerology 
held in 1963 in the Pyrennees mountains, a New York City re- 
searcher by the name of Kenneth McLean reported he had been able 
to obtain regressions on tumors and improve the health of cancer 
patients by using a magnetic field of a strength of 3000 gauss or 
more. Acting on this hint, Biraben and Delmon made an electromag- 
net that put out a field of 4,500 gauss and tried it out on the T-8 
tumors but without the slightest success. Obviously, something 
other than a simple magnetic field was at issue. 

In 1966, after others had had the same success with the T-8 
tumor by irradiating it with the "Priore Ray," the two scientists 
finally published a memoir in the Revue of Comparative Pathol- 
ogy in which they stated that neither magnetic fields nor X-rays had 
any effect on the T-8s and that "only certain devices associating a 
magnetic field with high frequency waves seem at present to reveal 
therapeutic properties..." 

Their conclusions were too late for, by that time, a campaign to 
stamp out Priore and his electromagnetic approach to cancer cure 
was well underway, a campaign that has lasted right up to the 
present moment. 

The all-powerful Lachapele had sealed the fate of the Priore 
device as far as the local Bordeaux medical community was con- 
cored. Veterinarian Berlureau and Priore next decided to carry 
their case to Paris. They contacted Professor Guerin at the cancer 
Institute at Villejuif, the leading French center for cancer research 
nnd the equivalent of the American National Cancer Institute in Be- 
thesda, Maryland. Guerin, one of the discoverers of the T-8 tumor, 
which for the first time had been stopped in its tracks by the Priore 
device, courteously received his guests and heard them relate the 
whole story of how the device had come into being, starting at the 
point. when Priore had seen the oranges strangely preserved by some 
unaccountable electromagnetic effect. 

Guerin was sufficiently impressed that he assigned his col- 
league, Marcel-Rene Riviere, to delve into the whole question. For 
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two years, Riviere, who also had teaching responsibilities at the 
University of Rennes in Brittany, unremittingly worked to corrobo- 
rate the Biraben-Delmon findings. On 9 December 1964 a note was 
sent for publication in the Proceedings of the French Academy of 
Sciences detailing the research and modestly concluding: "... as of 
now, one may already state that our first observations show that 
electromagnetic fields used can lead to most interesting data from a 
point of view of the biological behavior of grafts and their therapeutic 
action on experimental tumors." 

Riviere next decided to see ifthe Priore Ray could affect another 
tumoral form that had never been affected by any therapeutic 
method, the 347 lymphoblastic lymphosarcoma. The results were 
even more spectacular than for the T-8 tumor. The effects produced 
were of broader scope and took place more rapidly. A second note was 
sent to the Academy for publication. The conclusion read: "We can 
now already affirm that our research offers proof that electromag- 
netic fields are capable of producing effects on quite different types 
of neoplasms." 

At this point one of the key characters in this extraordinary 
drama must be introduced. There might have been no drama at all 
without his appearance on stage. This personage was Robert Cour- 
rier, an eminent endocrinologist, who had been named, while still in 
his 30s, a full professor. Courrier was now perpetual secretary of the 
Academy of Sciences and later would become President of the 
Academy of Medicine. Because no scientific paper can be accepted by 
an academy unless introduced by one ofits members, Riviere would 
have had no chance to see his work so prestigiously published had 
not Courrier, who knew Riviere well, since he had shepherded him 
through the winning ofhis doctorate, taken the responsibility for its 
introduction. 

It was Courrier who, at this point, also took up the cudgel to 
interest various highly placed French organizations responsible for 
the administration of scientific projects and their funding. Thus, ho 
sent a personal letter to the French Minister for Scientific Atomic 
and Space Research, who immediately offered to try to make funds 
available for further research on and with the Priore Ray. He also 
personally asked the Director of the CNRS (National Center for 
Scientific Research, which coordinates and oversees all such activity 
in France) to receive Priore and Riviere. 

Thatthis meeting was, in its way, somewhat ofa disaster, can be 
explained in part only by a brief resume of the complex character of 
Priore himself. Priore throughout his life had great difficulty 
making himself understood in the French language and, as the years 
went by, he even forgot how adequately to speak his own mother 
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tongue, Italian. Added to these twin impediments was his lifelong 
fear that his discoveries and inventions were prone to being stolen, 
a fear which led him never to fully explain the exact nature of the 
complex radiation emitted from his machine, far less the settings 
which controlled its various parameters. Whether Priore would not, 
or could not, exactly explain the functioning ofhis invention (which, 
as we Shall see, went through several increasingly complex genera- 
tions) is a question to which no precise answer has been given. It 
would appear that Priore was an excellent engineer gifted more with 
a God-given intuition than with school-book reasoning and logic. In 
short, Priore had a combination oftalents that could remind one of 
the same enigmatic personality that was Nikola Tesla, the deductive 
reasoning behind some of whose discoveries has never fully been 
unravelled. 

Highly placed scientific administrators are neither comfortable 
with, nor sympathetic to, what they see as self-appointed geniuses 
who have not run the same academic gauntlet through which they 
themselves had to pass. Thus the CNRS director took aversion to 
Priore's somewhat incomprehensible, yet fairly prolix explanations 
ofhis technology and only recommended that a physicist be sent to 
look over his device to properly decipher its working. At the same 
time, the Minister, together with the head ofthe general delegation 
for Scientific Research (DGRST) — still another key body in the 
administration of the French scientific decision-making process — 
let it be known to Robert Courrier that they had not understood a 
tingle thing about Priore's invention despite his best efforts to 
present it. 


Advancing one more step into what was to become for him a 20 
year-long expedition into a jungle of scientific intrigue, Courrier 
next resolutely decided to send to Bordeaux one ofhis most trusted 
laboratory workers, Madame Colonge, to repeat Riviere's experi- 
ments under her personal supervision. The DGRST director fully 
Concurred with Courrier's decision, while letting slip his admission 
that he strongly suspected that Riviere might well have been duped 
in some manner by Priore. When Courrier asked the minister for 
travel funds for Madame Colonge, he was refused with the dry 
remark that such a request was "premature." The now angry Cour- 
rier telephoned to reply: "You've been spending millions for pro- 
grams and hypotheses about the cancer problem. Riviere has been 
presenting you with facts!" 

The physicist who had been sent to try to elucidate the function- 
ing principles of Priore's device, reported that he could make neither 
"head nor tail" of the machine. 

Madame Colonge's experimentation was as prolonged as neces- 
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sary. She was so meticulous that, in order not to take her eyes off 
the experimental animals for an instant, she limited her lunches to 
sandwiches eaten in the laboratory. She returned, profoundly im- 
pressed, to Paris. 

Nor was Riviere idle during this period. He decided to experi- 
ment with the L-52 lymphosarcoma, a tumor similar to, but even 
more malignant than the 347. This time, he used not rats, but mice, 
as hosts for the grafts. So successful were his results that, this time, 
Courrier decided to bar no holds. Instead of simply having a note 
published in the Academy Proceedings on the quiet, he decided to 
present it personally, orally, and in all solemnity, before his fellow 
academicians at an official meeting scheduled for 1 May 1965. 

That date was, and is, a turning point in what came to be known 
in France as the "Priore Affair." From then on the whole French, and 
even the international, scientific community could be divided into a 
minority and a majority group, the first that believed in the research, 
the second that did not know enough details about it, did not or would 
not believe, or simply didn't give a damn. 

Before Courrier could make his presentation, its scheduling and 

subject were inadvertently and prematurely leaked to the press. 
Immediately thereafter, a horde ofjournalists arrived in Bordeaux. 
After one or two ofthem managed to all but force entry into his lab, 
Priore closed its doors and, with the help of his friends, wrote a 
printed press release that stressed his thankfulness to the many 
people who had helped him over the years rather than providing any 
comprehensible details about the machine he had brought to birth. 
Stymied, many of the newsmen travelled across town to seek an 
explanation from its leading cancerologist, Professor Lachapele, 
who informed them acidly that the machine was all but useless and 
unworthy of their attention or their time. 
The epee reports, founded as they were on rumor of 
outright lies, roiled the pages of their newspapers and magazines in 
such a way that they either over-exaggerated the potential or a 
forthcoming cancer cure, or came close to billing Priore as just one 
more cancer-cure charlatan. All of which so alarmed, among many 
others, Dr. Wilhelm Bernhard, world specialist in electron micros- 
copy, that he called his friend Courrier to warn him that his 
forthcoming presentation to the academy might put his hard-won 
reputation at risk as well as those ofGuerin, Riviere and the Villejuif 
cancer institute itself. 

In the journalistic melee, no one had bothered to read the 
declaration carefully issued by Riviere from Rennes, where he was 
occupied with his university courses, which formally stated: "Our 
experiments are ofreal interest. Much more experimental research 
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has ofcourse to be done before any therapeutic application on human 
cancer victims can even be considered. It goes without saying that 
this will take a certain time and no little effort of many types, both 
scientific and financial. Our work, as fascinating a perspective as it 
might hold, in no way, therefore, allows anyone to offer the public 
hope which could only lead to deception at the present time." 

On May Day, Courrier gave his report to an Academy assembly 
hall crowded with scientists, newspapers and television reporters, 
photographers and an unusual number of curious bystanders. Ac- 
companied with slides showing histological details, and animals 
before and after treatment, his lecture was heard out in almost tomb- 
like silence. When the lights came on again, he announced that he 
had personally checked the validity ofRiviere's findings through the 
offices ofhis personal assistant, Madame Colonge. He then went on 
to say that he had taken the responsibility of presenting three notes 
to the Academy for two reasons. The first was a ringing declaration 
and achallenge to critics and skeptics ofevery stamp. It reads "When 
it is a question ofa problem as serious as that of cancer and when one 
sees a little light beginning to dawn, one has the obligation to see 
what this light might represent. One has no right to snuff it out 
before learning what it may be worth." 


The second was a tribute to his colleagues who had done the 
pioneering work, particularly Guerin, Riviere and Madame Colonge, 
and a statement ofthe essence ofthe problem to be faced down the 
road. It read: "Attention must naturally be given to the apparatus 
which Monsieur Priore has conceived and constructed. It has appar- 
ently already been examined by several physicists. It is found to be 
too complicated. While that may be possible, it is nevertheless a fact 
that Guerin and Riviere have obtained results with it that had to be 
made public. What is emitted from such an apparatus? I hope 
Monsieur Priore will allow disinterested physicists to study it at 
their leisure, for Science cannot tolerate apparatuses enveloped in 
mystery." Then, as almost a footnote to the history of the moment: 
"The biological action of magnetic fields is the object of intense 
research in the United States. In specialized institutes, the influence 
of these fields on tissue cultures, microbes, plant forms, diastases 
and certain tumors is under study. Up to now, the results obtained 
on grafted tumors seem less significant than those which have here 
been presented." 


After Courrier sat down, a leading cancer specialist, Professor 
Lacassagne, rose to ask snidely why the notes had included no 
bibliographical references on work done on the bio-effects on tumors 
from electromagnetic fields, and criticized the experimentation as 
"impromptu." When Courrier denied this allegation as ludicrous, 
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Lacassagne stalked out of the assembly hall in full view of the 
audience. 

The meeting caused a new eruption of media reports which 
unfortunately accented one of three aspects of the problem at the 
expense ofthe other two. These were 1) the hope that a miraculous 
cure for cancer was in the offing 2) the contradictory, not to say 
discordant, reception of the data by various academics and 3) the 
enigma of Priore's personality. 

Remarkably, no serious discussion among the scientists present 
at the meeting ever took place. This led a foreign scientist, present 
in Paris at the time, to remark: "Idon't understand. Here is a report 
given to the most authoritative scientific body in France by one ofthe 
most respected and eminent ofits members and it is publicly subject 
to doubt without that leading to any reaction whatsoever." 

The General Delegation for Scientific Research was at this point 
still open to the idea of providing funds for more research with the 
Priore Ray. The big stumbling block, however, was one related to 
niceties involved in relations up and down the scientific hierarchy. 
To open the way to the allocation of such funds required the approval 
of the Delegation's own section for cancer research and that section 
was headed by none other than the same Professor Lacassagne who 
had so rudely walked out of the Academy's assembly hall. 

At the same time the General Delegate diplomatically covered 
himself by suggesting to Robert Courrier that he had to have more 
information underscoring the potential importance of the research 
accomplished. Courrier told him to simply re-read the three notes he 
had presented to the academy. His matter-of-fact, yet terse, come 
back then elicited his invitation to a full-dress meeting of scientific 
experts at the Institute for Scientific Cancer Research. 

In this short historical account we obviously cannot go into the 
ins and outs of what transpired at this meeting or any of the many 
similar meetings which followed it. A paragraph in a brilliant book, 
four years in the writing, by the courageous Bordeaux journalist, 
Jean-Michel Graille and entitled: Dossier Priore, A New Pasteur 
Affair (of which this account is but a tenuous synopsis) must suffice 
to pointedly characterize the nature of the problem in its most 
general sense. 

Writes Graille: "To read what follows in this chapter might well 
seem tedious: an enumeration of names and titles, the content of a 
debate held at an administrative meeting, personal remarks by one 
ranking personage or another, exchanges of letters following the 
meeting itselfand the official report which came out ofit. Tedious but 
indispensible for not a few reasons. It is important to know who were 
the participants at this meeting and what of these participants each 
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was trying to represent. It is important to know how such scientific 
meetings go about their business at the 'top level,’ And, finally, it is 
important to learn about and to understand, in the particular case 
of the Priore Affair, the behavior and reactions of all concerned. A 
reading of all this could be difficult (and it won't be the only such 
passage in this book) yet it is necessary to understand the essence of 
the dossier in order to be able to create for oneselfas clear and well- 
motivated a personal opinion about it as to subsequently be able to 
discuss it, or to hear it discussed, with a thorough knowledge of the 
facts." 

In this single paragraph, Jean-Michel Graille has, in my 
opinion, pointed to both the nub and the difficulty in getting at the 
essence ofthe real facts behind a case such as that ofPriore's that are 
so important to its proper understanding, an understanding which 
can be painted against the backdrop ofthe history of science and the 
backdrop of human pettiness and maliciousness or human courage 
and magnanimity. 

One of the participants, Professor Andre Lwoff, soon to become 
n Nobel Laureate for his work in virology, was violently against the 
meeting's central issue: namely, whether or not funds should be 
spent to build a new and better Priore machine. Not only did Lwoff 
aver that the three notes presented to the Academy never should 
have been published, but he also opined that since all the work was 
done, not on spontaneously generated but on grafted cancers, the 
effects of the machine were hardly impressive. He later added in 
writing that 1) the patents issued to Priore for his device were 
nothing but a web of nonsense, 2) the machine itself could never be 
duplicated based on any description given for it by its inventor and, 
in a repetition ofhis oral remarks, 3) the fact that only cancer grafts 
were experimented with was nothing to shout about. He strangely 
added that because the animals who had been irradiated subse- 
quently were able to entirely reject new grafts, the whole phenome- 
non offered no proof that cancer cells could be killed while healthy 
cells were not. The whole thing came down to a question ofimmunity, 
he said, as ifthat were not ofthe greatest possible importance. 


To which, in due course, Guerin and Riviere replied: "It has been 
claimed that our experiments are valueless because they were 
carried out on grafted tumors and that other therapeutic measures 
were known to get rid of such tumors and their metastases. We defy 
those persons who have made such affirmations to prove, with the use 
of such other measures, that animals infected with T-8 tumors can be 
cured at a percentage rale identical to those obtained by using the 
device which Monsieur Priore has developed." 

Not a soul has responded to this challenge, then or since. 
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A second cancer expert at the meeting, a woman of great 
influence, resorted only to the cavil that the experiments had been 
of doubtful quality since none of the animals had been weighed. The 
fact that those same animals had survived normally lethal cancers 
seemed not to have weighed with her. 

There were many more observations ofthe same ilk. They seem 
atrociously paltry, trifling and picayune coming from professionals 
who, ifthey no longer believed in the Hippocratic oath to which they 
once swore, are considered by the public in general, and by cancer 
patients in particular, at least to be concerned with seeing what a 
little light on the problem might reveal before extinguishing it, as 
Professor Courrier expressed it. 

At the same time, we must not forget Priore's decidedly difficult 
personality. He was an inventor determined at all costs that his 
invention be developed for the benefit ofhumanity, yet anxious that 
that same humanity not steal it from him. As author Graille puts it, 
"His conceptions and attitude directly or indirectly conditioned the 
overall essence ofthis affair. Full of enthusiasm, from the very day 
he discovered that the ray he had developed had a curative effect on 
a cancerous cat, he developed a single-minded fixation on cancer 
One could understand and sympathize with him on this score. Here 
he is, a little Italian immigrant without money or means, and he is 
going to offer the world a cancer cure. He is so convinced that he 
wants to move ahead to doingjust that. He will never understand or 
accept the exigencies of Science or Medicine. For him, experiments, 
controls, verifications and parallel research are a waste of precious 
time. 'I've made machines which cure cancer. Take them and treat 
cancer patients. Don't bother with the rest.' Such would be a 
summation of his point of view." 


Through the efforts of persons kindly disposed to the inventor, 
this point ofview was softened and he came finally to understand the- 
necessity for what has been called scientific rigor, on the other hand. 
another aspect of his character never changed an iota. This was his 
determination to preserve the secret ofhis invention, motivated first 
ofall by his unshakeable desire that it be developed in Bordeaux, the 
city ofhis adoption, for the citizens ofthat city. Deeply rooted was his 
belief that ifhe made his secret public, the machine would be taken 
from the Bordeaux region and further developed by Parisians, those 
who considered themselves to be in the penthouse of the scientific 
edifice. Once this was accomplished, he would likely not have one 
more word to say about the matter. Therefore he continued jealously 
to conserve his secret and put confidence in nobody. 

As Graille generously concedes, he may well have been right. 
and adds: "All his life he had to go up against men, whether scientists 
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or industrialists, who had but one idea in their heads: to get to the 
bottom of the inventor's secret in order to build for themselves a 
machine which they then could exploit for their own account, for 
their own glory. Many such 'Priore Machines' were to be actually 
built more or less surreptitiously or clandestinely. Not one of them 
ever worked." 

While one might easily accuse Priore of a limited view, the 
horizons of the researchers themselves were certainly not as broad 
us they might have been. Those involved in bio-medicine were 
content with the results produced by the machine, the workings of 
which were ofno concern to them. A black box, as it were, emitted a 
ray that definitely affected experimental animals. At the same time, 
as researchers specifically interested in the cancer problem, they 
never gave a thought to what the Priore Ray might accomplish in the 
wider clinical domain of other afflictions. 

As for the physicists, they were seemingly not up to the task of 
comprehending a complex radiation that had miraculously sprung, 
as from the head of Zeus, out ofthe intuition ofa man they considered 
to be an undereducated and all but illiterate gadgeteer. Still others, 
whether physicists, biologists, doctors of medicine or specialists in a 
dozen other fields, were willing to throw the baby out even before it 
went into the bath water. In their eyes Priore was just a nobody. 

Behind the scenes, many ofthese scientists resorted to using the 
press to achieve their own ends. Thus, the chief medical chronicler 
for Le Monde (the French New York Times), herself a doctor of 
medicine, was led to write outright lies about the Priore Affar— 
specifically and falsely stating that cancer patients had been treated 
with the Priore Ray in the clinic of Professor Lachapele in Bordeaux 
with not only negative, but disastrous, results. 

On the other hand, a journalist for another leading Paris daily, 
Le Figaro, scrupulously conscious of his responsibility to fairly 
report what was going on, aptly wrote: "We would like to see at least 
one thorny point clarified as soon as possible. Several years ago 
P'rofessor Biraben ofthe Bordeaux Medical Faculty (who at that time 
had not become a ranking professor) was involved with the Priore 
device. According to certain reports from medical circles, his results 
seemed, even at that time, to have been already quite positive on 
small animals and he seems to have written a report to that effect, 
He was advised by highly placed authorities "to keep quiet" and stop 
talking about this affair. If this turns out to be true, it would be a 
veritable medical scandal to be judged in the harshest terms." 

Could one have put it more succinctly? 

The foregoing is to present something of the flavor of what was 
transpiring in the wide world far removed from the laboratory of 
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Priore who, at the time unaware ofit, was revelling in the fact that 
his machine had been successfully used by high-ranking French 
cancerologists and its results reported in three separate notes to the 
Academy of Sciences. 

His courage was also more than buoyed by the arrival on the 
scene of the commercial director of a large French industrial firm 
specializing in the intricacies of manufacturing glass components. 
This man hadheard that Priore needed a large tube that was beyond 
all existing norms and perhaps did not exist anywhere in the world. 
This tube, it can be stated, contained a rare gas, neon, which when 
excited into a plasma, seemed somehow to convert the various 
electromagnetic inputs into a single Priore Ray which surged from 
the business end ofthe tube. In the tube were an anode and cathode. 
Peculiar to the anode was that it had to rotate to produce the desired 
biological effects and this is but one of the anomalies in Priore's 
equipment which physicists and bio-physicists have to this day been 
unable to explain. 

The manufacturing company, a subsidiary of the internationally 
known company, Saint Gobain, was looking for a new product. The 
commercial director thought the new tube might fill the bill, particu- 
larly if it could be adapted to a machine that might ultimately cure 
cancer, a product that indubitably would have an enormous market 
across the world. There were plenty of problems with regard to the 
tube, notably those of its large dimension, its resistance and its 
conductability. When the tube was finally made, it now seemed that. 
Priore would have to explain his discoveries to the scientists of the 
company that had made it. One of these was sent to elicit such an 
explanation but was, so to speak, "shot down in flames" by Priore. 
So a second attempt was made by Ivan Peyches, a senior executive 
of the company, and president of the Society of Civil Engineers of 
France, who made a detailed investigation of the device. His reports 
were subsequently lost, but there remained an article he published 
in a leading French journal, Sciences and Technics, a short time 
before his death in 1978. It bore the intriguing title: "What Are So- 
Called Paranormal Phenomena?" 


In it the engineer wrote: "There was so great an accumulation of 
components capable ofhaving some kind ofaction, and being unable 
to work separately, that the results of measurement were limited to 
proving that there were no specific rays that issued from the tube 
(Priore talked about canal rays), no more than there were any X rays. 
On the other hand one could detect a magnetic field which was the 
end result ofa field proper to the tube and ofthe magnetic field of a 
solenoid that constituted the experimental chamber, an electromag- 
netic field with a frequency of 16 megacycles (19 meters) and a high 
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frequency field (metric waves), the whole being pulsed at a very low 
frequency ofan order ofone per second. It was impossible, in such an 
imbroglio, to determine what was necessary and what was suffi- 
cient. Priore maintained that the simultaneous action ofhis various 
generators was indispensible to achieving his effect." 

Peyches then went on to relate how he tried to persuade Priore 
to offer a more precise definition of his thinking about the workings 
ofhis device. He wrote the inventor: "At this point, I would say that 
all reticence on your part, which in your eyes would be justified by 
the fear of seeing yourselfpartially dispossessed ofyour work, would 
be of far greater detriment to you than any safeguard of your 
interests. Moreover, since it has become a question involved in public 
health, you are no longer entirely your own boss...you absolutely 
must bring all this to the clear light ofday and I don't believe you can 
do it alone... You must supply all the characteristics so that third 
parties can reproduce your results." Then, he concluded by citing the 
words of an academician: "Many phenomena are rejected by the 
scientific world because they are considered irrational: But it is not 
B proof of scientific honesty to refuse a priori to try, out ofhomage 
to truth, to have a look atthem and perhaps to understand them. Will 
Science one day be able to abandon its taboos?" 


It was Peyches' final conclusion that, in the end, Priore was a 
man of genius who knew absolutely nothing about what occurred in 
his machine from the scientific point of view. The company which he 
represented no longer exists since it was bought out by the American 
firm of Corning Glass. 

Industrial interest in the Priore device was not limited to the 
Saint Gobain subsidiary. Next into the lists was a company in 
Anguouleme, Leroy-Somer, which specialized in electric motors, 
generators and later was to branch out into solar power. Its presi- 
dent, Georges Chavanes, took the initiative to write to Priore in 1965 
that his company was interested in providing some of the complex 
electrical equipment needed by the inventor, more particularly high- 
powered generators, on the condition that Priore move his operation 
to the company seat at Anguouleme. When the inventor categori- 
cally refused, Chavanes tentatively agreed to build a factory to 
manufacture the Priore device in Bordeaux itself. 

The alliance between Leroy-Somer and Priore, shaky at best, 
lasted two years and blew up on Holy Thursday of 1967. The period 
was a stormy one for both parties to the agreement. Priore did his 
best to convince Chavanes to commit himself to building a huge 
machine with a magnetic gauss strength of 10,000 gauss. In the end 
he got one that put out only 920 gauss, not much stronger than the 
machine he had already built which put out 620 gauss. Since the field 
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of action increased with the gauss strength, Priore reasoned that a 
machine of literally behemoth size would be able to irradiate the 
whole, or every part, of ahuman cancer victim lying on a stretcher, 
whereas the smaller machines had been effective only for small 
animals or for treating a limited portion of the human body. 

Chavanes and his company were aware that it would be a 
tremendous financial burden to contemplate building the larger 
machine. So they went ahead with plans for the smaller one while at, 
the same time putting great pressure on Priore himselfto make him 
feel that he was the least important cog in a new gear, in fact that his 
status was reduced to being a simple employee of Leroy-Somer. In 
Graille's estimation, this lack of psychological finesse on Chavanes' 
part constituted what he called "the blackest pages in the Dossier 
Priore." 

Even the smaller machine was to cost about half a million 
dollars, a price which today, due to inflation, could be tripled or 
quadrupled. During a stage in which an intermediate machine was 
designed by the chief Leroy-Somer engineer, Ribeau, a machine that 
never did function properly, Chavanes all but forced Priore, who was 
heavily in debt, to sign a contract which was falsified. The falsifica 
tion was a matter of one word which was changed in the contract. In 
a phrase reading that an exclusive license of patents, and subse- 
quent patent modifications, would accrue to the company "for all 
countries solely for therapy on cancers concerning animals and 
humans," a word was inserted by hand so that the phrase read. 
"concerning particularly animals and humans" implying that other 
uses ofthe machine, whatever they might turn out to be, would also 
accrue to the company. This one word change was amended on 
Priore's copy of the contract by calling the word "particularly" a 
"nullified word," but on Chavanes' copy it was called an "added 
word." 


Leroy-Somer believed it was sufficiently well positioned in the 
driver's seat to be able to deal on behalf of Priore himself with the 
French governmental institutions, mainly the General Delegation, 
concerned with the funding of the new machine. When Priore 
learned of Chavanes' contact with the General Delegation he wrote 
aletter informing it thatno one had the right to deal inhis name. Nor 
did Chavanes even attempt to cut the Saint Gobain subsidiary, 
which alone could supply the tube, key to the device's functioning, in 
on the government funding. 

In the meantime, no less a figure than Professor Kastler, soon to 
win the Nobel Prize in Physics, came down from Paris to inspect. the 
existing Priore device. He brought withhim Delmon, who, we recall, 
had worked with Berlureau on the first animal experiments and who 
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NOW, it turned out, was trying to build his own version of a Priore 
device on the sly without telling Priore. Kastler's bringing Delmon 
with him to Priore's lab so angered Robert Courrier that he told the 
physicist he had committed a real gaffe. He also convinced Kastler 
that Leroy-Somer should build a machine with a power of at least 
5000 gauss, but Chavanes refused. There seemed to be no harmony 
of outlook between the leading industrialist concerned, on the one 
hand, and the top physical and biological scientists on the other. 

While all these, and many more, peripatetics were proceeding, 
Priore's sister in Italy came down with cancer. Beside himself with 
grief, Priore informed all concerned to commit themselves either to 
building an intermediate machine correctly, under his supervision 
or, better, the 5000-gauss machine, and to do this in time to save his 
sister, or he would wash his hands ofthe entire matter. Confronted 
with this ultimatum, the company began to work round the clock to 
perfect the intermediate machine but engineers involved, believing 
themselves to be more adroit with respect to its design than Priore, 
left out a host of what, to them, were unnecessary components. The 
result was that when the machine was first put to trial, most of the 
components burned out or otherwise failed, and the machine itself 
became a useless pile of rubble. 

Shortly thereafter, Priore's sister died of cancer. Her grief- 
stricken brother went into what amounted to total isolation, unwill- 
ing to talk to a soul. 

The whole Priore affair might have ended at that point, in the 
early part of 1967, were it not for the entry onto the scene of a key 

figure, Professor Raymond Pautrizel. Born on 3 June 1916 in 
Basseterre, capital ofthe French Carribean island of Guadeloupe, at 
forty years of age he was on the Faculty of Medicine at Bordeaux. He 
soon became known, world-wide, as the "father of parasitological im- 
munity,” a title he never accepted, saying that, ifothers had awarded 
it, it was simply because "he had searched through old scientific 
publications to find ideas that were as valid for modern research as 
they were forgotten by modern researchers." And he later was 
quoted as adding: "It is really too bad that researchers today don't 
pause from time to tome to dig into studies made by their predeces- 
sors, some of which were performed even decades ago!" 

Professor Pautrizel was awarded the first academic chair in 
France for immunology, and later a special unit was created for him 
for parasitological immunology, a subject which is both simple and 
complex. The simple part involves the fact that various immunologi- 
cal techniques can be applied to diagnosing specific parasites that 
have invaded an organism in order to develop preventative actions 
against them via vaccines, or curative actions via serums. 
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When invaded by parasites, organisms react by creating anti- 
bodies, specific substances aimed at killing the invaders also known 
as antigens. These antibodies are liberated, like an attacking army, 
into the blood. Simple enough so far. The complexity arises because 
the defending army, the parasites, don'tjust lie down and die under 
the attack. They are capable of modifying their "personalities," as it 
were, and of changing various oftheir characteristics such that the 
mechanisms that the host uses to recognize, or detect, the invaders 
are invalidated. Thus, the substance which an organism would 
secrete to destroy an invader A becomes incapable of recognizing A, 
now become A-1, and therefore incapable of destroying it. 

The organism at this point seems to realize it has to create a 
different substance to rid itself ofits antagonist but, in the mean- 
time, the metamorphized parasite is getting on with its assigned 
destructive task. Alternatively, the parasite has another capability: 
that of itself liberating substances which can annul or annihilate the 
organism's overall defense system. A sort of "in the blood" version of 
Star Wars is going on at the microscopic level. 

The study and classification of the substances - - call them 
weapons - - emitted by parasite-attacked organisms allows for the 
establishment, in turn, ofbatteries oftests to define the exact nature 
ofthe parasites themselves in order to come up with an appropriate 
therapy or counter-weapon. 

This then, is the essence of parisitological immunology, Ray- 
mond Pautrizel's area ofresearch. He specialized on a particularly 
lethal parasite known as trypanosome, the scourge of tropical third- 
world countries where, in one form, it causes sleeping sickness in 
animals and humans, in another, equine syphillis, in still othera, 
other afflications. Over the years, during which he produced a small 
library of literature on the problem (known mostly to specialists in 
countries where that problem is acute), Pautrizel and his team 
discovered, among other things, that the trypanosome can modify 
itself, again and again, up to 101 times over a period as short as only 
three weeks. 

Even before his work on trypanosomes, Pautrizel, back in 1949, 
was one of the first researchers to discover what is known as 
ambivalence in drugs, notably histamine. Histamine is a substance 
which is secreted by an organism as a defense mechanism but if 
oversecreted by certain cells circulating in the blood, it becomes 
virulently noxious, mainly by overdialating blood vessels, thus 
making them permeable to water and leading to edema and even 
death. This process occurs, for instance, in some human beings who 
are highly susceptible and over-reactive to bee or wasp stings. 

Pautrizel's research on the noxious aspects of histamine led to 
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his finding that the same substance, applied in requisite small doses, 
is extremely important to the defense system ofthe organism. Today 
he stresses the notion ofambivalence in many areas ofhis work and 
characterizes it as "a key to the biology of the day after tomorrow." 

To finish with the background on Pautrizel, before bringing him 
on stage in the Priore drama, it may be added that only a few years 
ago, at a formal reception for him attended by the medical elite of 
France, he was given a Basque makila, an iron-bound honorific cane 
of sculptured wood, in tribute to his work. On it was the incised 
inscription: "Sometimes to heal, often to alleviate, always to con- 
sole," an epithet that perfectly characterizes a medical doctor im- 
bued with that kind of rare compassion that marked Pautrizel's 
character. 

When Robert Courrier sent Madame Colonge to Bordeaux, it 
was Pautrizel whom he asked to provide her with every assistance. 
In this way, Pautrizel was first introduced to Priore and his device. 
After witnessing the results obtained with it he was to say: "What 
stupified me, and led me to ponder the question, was to see the 
control animals die from their tumors in 3 weeks, while at the same 
time I could observe that the tumors in the animals under treatment 
were literally melting away and the same animals were taken back 
to Courrier's lab at the College de France in Paris in perfect health." 
ASa result ofhis thinking about the problem, Pautrizel came to the 
belief that the machine, however it worked, did not exert any action 
at all to kill cancer cells but, through as yet unexplained mecha- 
nisms, stimulated the afflicted organisms to provide themselves 
with new immunological weapons that could overpower the cancer 
cells. 


To shed light on this problem, Pautrizel proposed the simple 
expedient of experimenting, not on cancer-infested animals, but on 
in vitro cultures of cancer cells. He made this proposition to both 
French and British cancerologists but they were convinced thatthe 
Priore device had to be actually killing cancer cells themselves,. They 
could not see the point that, ifthe machine did not kill cancer cells, 
then it was doing something else to the body to allow it, and not the 
machine, to do that job. 

Pautrizel's involvement with the British was the result ofa team 
being sent from England to experiment with cancer mice with the 
Priore Ray. What happened cannot be related in this brief resume 
except to say that, out of a lack of understanding on the part of 
certain British cancer experts and malicious conniving on the part 
of one member ofthe cancer "aristocracy" in Paris, the experiments 
were put under a cloud. It was alleged that mice had been substi- 
tuted somewhere during their long round-trip voyage between 
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England and Bordeaux to make it look as ifa failed experiment had 
been successful. This did not prevent Sir Alexander Haddow, chief 
ofthe prestigious Chester Beatty Research Institute for Cancer from 
stating, at a meeting in Paris, that the Priore machine had been 
indubitably effective on the English mice and supporting Pautrizel's 
idea that experiments should forthwith be done to see if the Priore 
Ray had any effect on cancer cells in vitro. Haddow's suggestion 
backing Pautrizel's recommendation fell on deaf ears. 

Because of the emotional turmoil and rancor with respect to 
cancer that had so long surrounded Priore and the workings of his 
machine, Pautrizel suggested that it be tried in a completely new 
area, one he knew so well, namely on afflictions caused by the 
trypanosomic pathogen. Before these could get underway, however, 
someone had to persuade the still desolate Priore to return to work. 
Pautrizel, known to those really concerned with and knowledgeable 
about the potential of the Italian's invention, at last was able to 
convince the inventor to cooperate and get back into harness. This ho 
did with that rare combination of diplomatic tact and warm human 
sympathy with which only the Pautrizels ofthis world are gifted. 

In the meantime, Riviere had gone on to implant new 347 tumor 
grafts in rats previously cured of 347 tumors. When none of the 
tumors developed, that result added one more argument to back 
Pautrizel's idea that the machine was, in fact, affecting the immu- 
nological defense system of the animals. However, when Riviere 
tried the same procedure with the T-8 tumors, his animals died. This 
lead to the conclusion that the immunity acquired by the animals to 
lymphoblastic lymphosarcoma 347 was specific to that tumor. When 
a note on this research was sent, again through Courrier's good 
offices, to the Academy, for the first time, it strangely omitted from 
the listing of the participating researchers the name of Antoine 
Priore. It seemed that Riviere had been taken to task by fellow 
cancerologists who believed that Priore was nothing but a naive 
bumpkin or, worse, a swindler. They had warned him against pub- 
lishing any papers with which Priore's name would be associated 
This rank injustice and lack of fair play again sent Priore into a fit 
of despondency and depression from which he could only be wilth 
drawn by those subtleties involved in Pautrizel's sympathetic and 
friendly counsel. 


On 25 July 1966, another note was sent to the Academy filed for 
the first time not under the rubric Cancerology but under the 
rubric Immunology. It was entitled "Influence of Associated Elec- 
tromagnetic and Magnetic Fields on the Immunity of Mice Infected 
with Trypanosoma equiperdum." The conclusion read: "The treat- 
ment allows the organism to rid itself of parasites even when these 
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have invaded it in a most intensive way.... There is an enhancement 
of both the specific and aspecific factors of immunity." 

Thus, for the first time, the field of research shifted from the 
narrower field of cancer to the much vaster domain of immunology. 
And, for the first time, Pautrizel's name appeared as the senior 
author on the paper. It also appeared that, for the first time, there 
should no longer be any problem about experimenting with the 
I'riore machine. Such was not the case. 

Still complicating the whole issue was the fact that Priore 
himself was using different setting to produce different varieties of 
radiation depending upon his own intuitive evaluation of the par- 
ticular biological experiments being run with his machine. He would 
never reveal the nature of these settings. 

At this point there appeared on the scene a new researcher who 
became Pautrizel's loyal ally, a young woman, Pierette Chateau- 
Reynaud Duprat. During her work in Paris, she had learned of the 
Priore controversy, and, against the stern advice of mentors senior 
by many years to her in the cancer hierarchy, she came to Bordeaux 
to meet Pautrizel and learn more about the research. 

Her work, performed over many years, is too detailed for presen- 
tation here but it led to important conclusions. One was that the 
Priore Ray had no direct effect on the trypanosomes themselves but 
stimulated and reinforced the defense mechanism of the infested 
organisms, allowing them to reject the parasitical influence with an 
effect so durable that they were no longer subject to this influence 
even after treatment stopped. 

Another conclusion was even more important and involved, in 
part, British research. It pertained to the effects of the machine on 
both allografts or those made between two different individuals of 
the same species, and isografts, or those made between two different 
individuals ofthe same genetic line having in common antigens that 
were characterized by what is called the same histocompatability. 
The conclusion was that not only was the rejection of allografts 
accelerated by the Priore Ray but that isografts were also rejected. 
This meant, in sum, that the ray stimulated not only the defense 
mechanisms of the organism but also, and more importantly, its 
recognition mechanisms. In the case ofan isograft, this allowed the 
recognition of weak antigens that were not recognized in non- 
irradiated animals. In other terms, where at first the anti-aircraft 
batteries could not shoot down the aircraft because they could not see 
them.now they could shoot them down because they could see them. 
In immunological terms, the ray affected both humoral and cellural, 
both specific and aspecific, immunity. 


Here we must return to the mystery ofthe settings on the device. 
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As aresult of the new experimentation it seemed that, depending on 
those very settings, the active ray, complex as it was, could have 
either similar, totally different, or diametrically opposed effects. 
Thus it was not a question ofa ray having universal effects — a kind 
of magic bullet capable of killing any target — but of multiple 
radiations which, due to the complexities in Priore's personal ma- 
keup, have unfortunately yet to be sorted out and explained. 

Thus, the machine originally designed by Priore, called the P-1 
when it put out a wave length of from 19-21 meters, had a radical 
effect on certain animal cancers, on cellular defense mechanisms, 
and finally, but not universally, on organisms infested with Try- 
panosoma equiperum, (hereinafter called T.e.). 

A second machine, dubbed the P-2, was at first not able to 
produce these frequencies. What it did put out was a frequency of 17 
meters that was universally effective against T.e. and seemed to act. 
not on the cellular, but the humoral, defense mechanisms. The 
rejection of grafts depends on the cellular defense mechanisms, 
which partially explains why Pautrizel when using the P-2 machine, 
selected the T.e. vector, as itis called in microbiology, just because 
this creature is fought by the organism's humoral defense system. 

Consequently, the bio-effects that were successfully attained 
depend on the varying, not to say quixotic, nature of the radiation 
At one point Pautrizel actually did experiments on animals infected 
with plasmodia — the vector for malaria which attacks red cells - 
and found that the settings used were effective while never learning 
exactly what they were or the exact nature ofthe radiation. Further 
more, Priore himself maintained that over the years he had success 
fully treated cases ofhuman tuberculosis but, again, never revealed 
which frequencies had been used to achieve this. 

Several more notes were sent to the academy on the successful 
work performed with the Priore Ray on animals affected with T.e. 
But the central issue remained: how to find out exactly how the- 
machine worked. It fell, not to civilian scientists, but to those in the- 
French army service to attempt, at this point, to work out the 
problem. The army service brought into the picture was the DRME 
(an acronym which translates as Administration for Research and 
Test Methods), to which Pautrizel had sent a request for funds in 
1968. 

This request was the subject of a meeting at which were present 
three ofthe top names in French science, one representing biology, 
the second physics and the third, medical physics. The latter two 
turned in extremely unfavorable reports recommending that no 
money be wasted on the problem. The biologist, however, turned in 
a most favorable report and, despite the fact that he was in the 
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minority, his opinion won the day. 

As remarkable as was this victory, it was even more stunning 
and incredible given the fact that this biologist was the same Andre 
Lwoff who had so adamantly opposed the Priore research a couple 
of years previously. Lwoffhad summoned the courage to completely 
reverse himself only after he sent one ofhis most trusted colleagues 
to do secret experiments with the Priore Ray on mice injected with 
peroxydase (an antigenic solution) to see if they would produce a 
higher level ofantibodies than non-irradiated animals. This they did 
so well that Lwoffbecame convinced that the Priore Ray caused an 
extremely important increase in immune reactions. These results 
were never published because, before the experiments could be 
repeated to be absolutely sure of their results, the machine suffered 
one of its many interminable breakdowns. 


The DRME report was at length, and in length, issued but not 
publicly since it was protected by a military classification. However, 
a synthesis ofit was finally published in November 1979 by Herbert 
Gossot, Secretary General for the French Association for Bioelectro- 
magnetism, underthe title: "A Scientific Balance Sheet on the Priore 
Ray." Its contents were as follows: 

"The two physicists assigned by the army made a complete 
analysis of the electromagnetic radiations and magnetic fields acti- 
vated by the Priore device. They thus determined the spectrum of 
frequencies which the device emitted. They showed particularly that 
frequencies in the visible light and infrared range had no biological 
effect; that there were no X-rays or Y-rays; and that the pulsed ultra- 
high frequency electromagnetic wave was modulated in amplitude 
to that of a high-frequency wave. They did a topographic survey of 
the respective intensities of the various magnetic and electromag- 
netic fields in the experimental plane of the device. In particular, 
they determined the spatial repartition in this plane of the density 
ofthe strength ofthe ultra-high frequency wave. They showed that 
its value was very weak and that it could not produce any kind of 
overall significant thermal effect imputable to the hyperfrequency 
ray. 

Finally, and most importantly, by using what they had learned 
about these repartitions, they demonstrated a clear correlation 
between the biological effects obtained and the intensity of the 
hyperfrequency ray. What they actually observed was that, on the 
biological model used, i.e. experimental trypanosomosis of the 
mouse, there was a diminution of the rate of evolution of the 
parasitemia that was proportional to the strength of the hyperfre- 
quency wave. To quote them: 'These experiments ofcorrelation are of 
certain interest: they confirm, ifthere is still any need ofso doing, the 
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biological efficacy of this device." 

The two physicists, Bottreau and Berteaus, are still interested 
in rebuilding a Priore device with which additional biological re- 
search could go forward. At the same time they suggested to admin- 
istrative bodies in French science the creation ofa special laboratory 
for bioelectromagnetism to fund more work, a suggestion in which 
Professor Pautrizel concurred. No action was taken and their report 
was kept under wraps. In a note they presented to the Academy of 
Sciences on their investigation, they were not allowed to include the 
names ofthe laboratories where they worked: in the case of one, the 
CNRS Magnetic Laboratory at Bellevue near Paris, and ofthe other, 
the Laboratory of Ultra-Hertzian Optics and Talence near Bor- 
deaux. Why? Because the directors of these laboratories did not want 
any mud in the Priore affair to be spattered on them. 

The next experiment done by Pautrizel was on rabbits whose 
testicles had been so seriously affected by trypanosomes as to be 
almost entirely destroyed. After radiation the same testicles took on 
their normal histological appearance andthe rabbits, able to procre- 
ate again, in no way abstained from their newly regained ability. 
This implied the complete regeneration ofan organ that had 
all but completely degenerated. 

Yetjournalists, who sought outtruths about the Priore affair in 
Paris from high officials they believed would know best about what 
was going on, continued to be led astray. For example, an American 
scientific reporter, writing in the Saturday Review of Science in 
1973 saw fit to state: "It is really a question of a mystical problem 
that has little to do with science." He was quoting Professor Bader, 
aman who for 15 years held top administrative posts in science that 
could have allowed him to back the Priore research with all the 
funding necessary to its accomplishment. At the time Graille's book 
came out, Bader issued a book of his own about the Priore affair 
which offers no real idea of what was involved. When I asked several 
people in France why Bader had written the book, they were 
unaware of Bader's inmost motivation. 

Machinations continued to swirl about the case over the next 
several years. Behind-the-scenes intrigues, distorted accounts in 
the press, lethargic attitudes on the part of administrative officials 
who would not take responsibility to cut an increasingly tight 
Gordian knot, outright fear of various personalities to become too 
deeply implicated lest they lose their jobs - - all these, and more, 
continued their daily round in an atmosphere of "Business AS 
Usual," and "Don't Risk Your Neck." 

To get to the nexus of the situation, we have but to cite the 
observation of one of the few perspicacious journalists who, in the 
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prestigious scientific monthly, Sciences and Life, wrote: "The 
physicists are convinced that the effective Priore Ray is very complex 
but to analyze this further some things first have to be made clear. 
One is to raise the suspicion that has surrounded Monsieur Priore 
with a fabulous acretion of misunderstandings, insults and accusa- 
tions of being a swindler over many years. What is needed is a 
veritable national effort to act effectively and to act rapidly." 

Over the next two years the decision-making process of the 
French government lumbered its way along until it was finally 
decided to back the construction of a powerful machine. This deci- 
sion was not favorably accepted in many quarters. As Le Monde 
would comment: "The decision was made in spite ofthe disapproval 
ofmany scientists. When money is tight, one should pay particular 
attention to how it is being spent. Such seems not always to be the 
case. A credit of some $3.5 million francs (or about a million dollars) 
has just been accorded to finance the construction of a new Priore 
machine." 

The scientists to whom the article referred were in a rage. They 
understood, at this juncture, that the only way to put an end to the 
affair was to eliminate Pautrizel who, because ofthe very success he 
was having with his research, was seen as a dangerous competitor 
that might even become one of the top figures in medicine and science 
on a national, or perhaps, on a world scale. Indeed, it was learned 
that Professor Courrier had gone to the length of sending a report on 
Pautrizel's behalf to the Nobel Committee in 1979. 

To make a long story short, the large powerful machine, the M- 
600, was built but a huge tube in it, after functioning for about a 
week, exploded. Due to the galloping inflation of the 1970's, to 
replace it would have cost another million dollars. The money was 
not forthcoming. 

In the meantime Pautrizel, ever experimenting with the still 
functioning smaller machine, was to discover new facts. Mice with 
their spleens cut out, for example, also could survive injections of T.e. 
The Priore Ray had important implications for Arterio-sclerosis, 
since it effected lipid modifications in rabbits given a dietary regime 
high in cholesterol. This research, published in another note in the 
Academy Proceedings, instead of being warmly received, only 
irritated the cardiological fraternity which felt, as some of its 
members put it, "trapped" by Pautrizel's efforts. 

One particularly virulent opponent was Professor Bricault, 
Dean of the Bordeaux Medical School who, as late as 1980, was 
telling his own students that the published results were a farce and 
had never been obtained. The students, who carried out a special 
investigation of the matter on their own, were able to judge what a 
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farce their own medical dean might represent. 

L'Express, the Time magazine of France, read by at least half 
the population of French intellectuals, had the gall to compare the 
results of the Priore research to those of the infamous Trofim 
Lysenko ofthe Russia of Stalin's day. Haughtily L'Express added: 
"Today Priore's defenders explain that his machine has not only 
cured cancer but, in all probability, altered the immunological 
characteristics of mice. Were this, in fact, so, all the immunologists, 
all the geneticists ofthe world would unite to affirm that a machine 
capable of changing the genetic patrimony is the discovery of the 
century, far more important than the atomic bomb or the conquest 
ofthe moon. Unfortunately, the history ofthe whole thing has never 
been properly elucidated." The article was illustrated with photos 
distortedly selected to convince viewers that the Priore machine was 
as serious and effective as the one that purportedly brought Frank- 
enstein to life. 


In this poisonous atmosphere the slow work of building the M- 
600 went forward. To give anyone who was not there a feeling for this 
endeavor we may now cite verbatim a passage from Graille's book: 
"The construction and assembly of the prototype —the M-600, that of 
highest power and variable parameters — were fraught with many 
uncertainties and delays on the one hand and, on the other, were 
marked by the stamp of Antoine Priore's sparkling genius. 

"To go from an apparatus that developed 1,240 gauss applied 
over an effective area ofsome 20 centimeters, to one developing 5000 
gauss over an area of 60 centimeters means to take on an extremely 
risky technical and technological wager. Electrical, mechanical and 
glass-blowing specialists plunged into the unknown. They had to 
conceive, make, adapt and put together all the various myriad 
components almost haphazardly with no precise technical study 
being previously available. Priore's stubbornness forced them to 
take on atrial-and-error manufacturing "gimmickry" without prece- 
dent. As the thing was put together and preliminary tests made, it 
became clear that many ofthe components were unsuitable and that 
they would have to be modified or replaced. The tube itself, made of 
pyrex, 60 centimeters in diameter, and 6 meters tall, had to be 
replaced twice after it imploded. In fact, practically everything had 
to be reconsidered or readapted. "Everything" meant the parts going 
to make up a generator of 50 tons in weight. For example, the coil 
which created the magnetic field: 5.5 tons with 11 miles of copper 
wire. For example, the numerous cooling circuits which stabilized 
the thermal equilibrium of the generator and its environment or, 
additionally, the circuits governing command, control regulation 
and selection — 6 tons of electrical cables of which 15 miles were of 
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tele-command wiring. 

"Priore astonished everyone. Breakdown after breakdown, inci- 
dent after incident, it was he alone who showed what to do next, 
indicated the proper steps to take, the right settings to adopt, the 
right way to assemble the components: He was virtually building his 
machine by himself, nursing its construction along day after day, all 
the engineers’ studies and efforts actually, and ultimately, serving 
only as a preliminary attempt, a sketch as it were. When Priore made 
his presence felt, things began working." 

Then.... after the machine was built: "The part of the entire 
apparatus to generate electricity was set up on a provisional basis. 
It was so noisy that, while functioning, it woke up the whole 
neighborhood. The number of experiments had therefore to be 
curtailed so that the machine would not be used at night. And, all at 
once, everything came to a halt. The Faraday cage, shielding and 
isolating Priore's apparatus, was torn and fissured by the shock of 
the cement pilings that were being sunk into the ground all around 
to hold up the ‘huildite under construction. This allowed high- 
frequency waves to escape which disturbed radio broadcasts emitted 
by local radio stations, the army, and civilian aircraft for miles 
around." 

Nevertheless during the week or ten days that the machine was 
in good operation the results of experiments performed with it were 
more than formidable. First of all, it allowed for as many as forty 
experiments to be performed on some 280 animals in a remarkably 
short period of time. Among the discoveries made were: The ray 
emitted provided the treated animals with an extremely strong 
immunitary response. Animals whose immune defenses had been 
attentuated by an immuno-depressant were able to overcome the 
effects of injected parasites but relapsed a few days later. One could 
therefore conclude their immune response was much weaker than 
those normally infested and treated. 

Newborn animals, whether treated or not, developed a marked 
parasitemia leading to their deaths. At the time of death, the 
parasites had the same antigenic structure as those ofthe innoculum 
which thus implied that they had met with no defense at all in the 
infected organisms. This also proved that the Priore Ray did not act 
directly on the parasites themselves but only by way of an increase 
in the immune defense system of the organisms. The newborn 
animals succumbed to their parasitemia because their immune 
sytem was not yet sufficiently developed to be stimulated by the P- 
Ray. The phenomenon ofa stimulation of the immune defenses was 
demonstrated by the fact that animals which had received soluble 
antigens developed, after being irradiated, a level of antibodies far 
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superior to the controls. 

These and other conclusions were the object of notes presented 
to the Academy of Sciences by Pautrizel and his team in 1978. Even 
before, at a colloquium held in Antwerp, Belgium devoted to African 
human trypanosomiasis, the same team had offered the conclusion 
that the stimulation of the immune defense system that allowed 
organisms to throw off the effects of trypanosomiasis had to be very 
significant in that all attempts to try to effect such stimulation 
through immuno-stimulants as well known as B.C.G., or Coryne- 
bacterium granulosum, had led neither to the cure produced by the 
Priore Ray, nor to any prolongation ofthe infected animals’ lives, nor 
even to the slightest modification in the evolution of the Trypano- 
somiasis. 

These three scientific papers did little for the cancerologists who 
read them except to exacerbate their urge to oppose the Priore 
research, if not to arouse their outright hatred for the principal 
experimenter, Raymond Pautrizel. Could this have been because, for 
over 20 years, the same cancerologists had been working in vain to 
provoke in cancerous organisms immuno-stimulative reactions by 
intensively and successively vaccinating them with B.C.G.? Many 
others had been life-long apostles of chemotherapeutic cocktails of 
all sorts, or life-destroying ionizing radiations, or, what more re- 
cently has become the fashion, of applying the two methods in 
endless combination. 

For this reason, they saw Priore and Pautrizel as nothing more 
than spoil-sports who had to be destroyed. 

One of the opening shots in this campaign was a letter received 
by Pautrizel to inform him that his request for funds to continue his 
research through Unit-89, a unit that had been specially set up for 
him to direct, had been denied. It took many months ofinvestigation 
for Pautrizel to learn that the real reason for the refusal was because 
of his work with Priore. 

Next Pautrizel was informed that his appointment as director of 
the same research unit would be extended for only two years, 
whereas the normal extension for similar units was five years. A 
third insult came when Pautrizel tried to win a post within his unit 
for a high-ranking military physician, who had been his student and 
who had decided to quit the military in order to participate in the 
fascinating research prosecuted by his mentor. Pautrizel's request 
for funds to pay this physician, who all his life had been working on 
tropical medicine closely associated with problems of trypanosomia 
sis, were refused four times in arow with no cogent reason given. The 
physician, who in the meantime had volunteered his time without 
pay, finally became so emotionally overwrought that he gave up his 
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medical career and retired to the countryside where he gave himself 
over to alcohol. Then Pautrizel tried to get a salaried post for another 
ofhis brilliant collaborators (who still works with him). He was told 
that this man could take up his new functions only if he left 
Bordeaux. One could go on with many other shocking stories but we 
will leave it to Graille to conclude: "Everything possible was done to 
isolate Pautrizel, to separate him from his collaborators. Every 
single one of these collaborators saw their careers put in jeopardy, 
compromised, or broken." 

As a final insult, when the time came again to renew Pautrizel 
as director of Unit 89, those responsible, not daring to overstep what 
even they knew to be decent limits by not extending him, simply 
abolished the unit. And to add injury to that insult, a doctoral thesis 
that had now been prepared by Priore, and backed not only by 
Pautrizel but by Nobel Laureate Andre Lwoff himself, was summa- 
rily refused by the President ofthe University of Bordeaux. 

It is perhaps unnecessary to state that the details behind all of 
this skulduggery could, and did, fill up two chapters of a book and 
make for the most heart-rending reading imaginable. 

So what happened next? In the autumn of 1977, Professor 
Georges Dubourg, one of the leading lights in Bordeaux's company 
of surgeons and a friend and admirer of Pautrizel's, came to him to 
say openly and baldly: "My friend, at the point you've reached, there 
is only one more way to jolt medical opinion and that is to treat 
human cancer patients." Pautrizel was hesitant, believing his role to 
he one of continuing with his animal experiments but where would 
the funds for that come from now? He therefore asked his old mentor, 
Robert Courrier’s advice. Courrier gave the green light. The treat- 
ments were restricted to terminal cancer patients whose immune 
defense systems had been disastrously weakened by chemotherapy 
or radiation or both. At least one ofthem was totally cured. The other 
lived, without pain, for a period many times longer than predicted by 
prognosis. Dubourg, Pautrizel and their collaborators wrote up the 
results and sent them as an official communication to the French 
Academy of Medicine for publication. 

The reply they received from that Academy's perpetual secre- 
tary reads: "Experts whom we consulted consider that your work 
does not fall within the jurisdiction of our members and that it would 
doubtless find an audience more worthy of its purpose in a more 
specialized society." 

To which Pautrizel formally replied: "Since two of the four 
signatories ofour note are corresponding members ofyour Academy, 
could we not benefit from the remarks and comments made by the 
committee which saw fit to refuse our paper? And even, ifthis is not 
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too indiscreet a request, to learn the names of the expert members 
who were consulted which would allow us to get into contact with 
them directly and to benefit from their singular competence?" 

His letter has remained unanswered for four years. 

There was nothing more to do except one thing which Raymond 
Pautrizel, as a man of science, had always been careful to avoid: Get 
a responsible journalist interested in the case, inform him of all 
possible details, and let him carry the Priore Affair in all its 
harrowingly loathsome aspects to the broad reading public. That 
journalist was Jean-Michel Graille. 

For four years, Graille went about his task, publishing three 
consecutive long articles in his newspaper Sud-Ouest France and 
finally the book to which we have referred and of which this 
presentation is largely a resume. As early as 1980, Graille would 
write in his newspaper: "The Priore Affair is simple in essence. It can 
be reduced to a simple alternative: either the machine developed by 
Antoine Priore is ofno interest and, having shown this, the affair can 
be considered at an end. Or else the machine is of real and demon- 
strable medical interest and, ifthat is officially recognized, he would 
be allowed to get on with the work. For this dilemma runs the risk, 
yet again, ofbeing buried under delays and evasions. Beyond all the 
powers-that-be that have been directly connected to the affair for 
many years now — the power of finance, the power of medicine, the 
power of science — perhaps it is now political power with which 
responsibility lies ifit can rise to meet and assume that responsibil- 
ity through decision." 

That was Graille's statement in 1980. His book which came out 
four years later ends with the sentence: "The Dossier Priore thus 
depends, from here on out, on a decision that must be taken on the 
very highestlevel, andimperatively. This responsibility devolves, in 
last resort, on the chiefofstate and on him alone. Will he assume it?" 

Would the President of the United States? 

Note added by T.E.B.: Antoine Priore is now dead. His machine 
has been dismantled. The iron dogma and hatred ofelectromagnetic 
medicine by bureaucratic science may have doomed hundreds of mil- 
lions of humans - - whom Priore’s device could have saved - - to bitter, 
agonizing, and unnecessary deaths. Hitler, Stalin, and Mao com- 
bined were not responsible for the deaths ofso many. 
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APPENDIX II 
PATENTS 


English Translation of the French Patent No. 1,342,772 
of Antoine Priore, 7 Oct. 1963. 


Procedure and Assemblage for Production of Radiation 
Especially Serviceable for the Treatment of living cells. 


Brevet d'Invention. P.V. no. 899.414 no. 1.342.772 Classification 
Internationale: A61 k-H 05 g 


Procedure and assemblage for production of radiation 
especially serviceable for the treatment of living cells. 


Antoine Priore 
Requested 1 June 1962, 14.52 hours, Paris 
Released by decree (arrete) of 7 Oct 1963 


The invention deals in a general manner with radiation capable 
of penetrating matter. More exactly, it aims at a procedure and an 
apparatus making it possible to obtain a combination of radiations 
of different types able to penetrate matter and especially to pene- 
trate intimately living organic tissues in order to produce in them 
certain effects, particularly in human tissues with a view to a 
therapeutic effect without destroying essential elements such as the 
enzymes. 

In conformity with the present invention, one emits in a cavity 
a stream (rayonnement) ofelectrically charged particles upon which 
one superposes electromagnetic radiation of the centimeter wave- 
length range, the wavelength of which is preferably between 3 cm 
and 80 cm, and one directs the resulting radiation emerging from the 
cavity on to the object to be irradiated. 

This applicant has shown that the penetration and, in particu- 
lar, the curative effects are very distinctly improved when one gives 
the electromagnetic radiation a frequency determined as a function 
of the organ or the tissue to be penetrated or to be treated. For 
example, a wavelength of 14 cm is suitable for the liver and a 
wavelength of 19.5 cm for the spleen. 

Preferably, the stream of charged particles is accelerated in a 
particle accelerator in such a way as to increase the force of penetra- 
tion. 


The Hamel Free NRG Device by JL Naudin 
Email: JNaudin509@aol.com - 09-22-99 
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The resulting radiation is advantageously applied and directed 
upon the target, that is to say, upon the tissue to be penetrated, by 
the intermediary of a tube which is the site of electric fields and of 
magnetic fields for acceleration and control, the said radiation being 
preferably guided and/or reflected by a rotary deflector placed in the 
tube. 

It is often advantageous to modulate or impose rhythm on this 
stream of particles by means of variable magnetic and/or electric 
fields so as to augment still more the force of penetration. This 
rhythm is preferably consistent, especially in medical applications, 
with the intrinsic period of the tissue to be penetrated or of the 
neighboring tissues, forexample, muscle. These intrinsic periods arc 
well-known in medicine and are applied, particularly, for diathermy: 
they are situated in the wavelength range from 1 m to 50 m and more 
especially from 1 m to 18 m. 

Preferably, one arranges to modulate the emission of radiation, 
the accelerating magnetic and electric fields, and perhaps also the 
rotatory deflector, to the cardiac rhythm of the subject. 

It seems that the result obtained by the invention in the treat- 
ment of maladies of living cells (vegetable or animal) are due to 
certain phenomena which will be described, it being understood that 
this exposition will not circumscribe the invention. 

As a function of its electro-physico-chemical constitution, the 
cellular pair nucleus-protoplasm is endowed with electric conductiv- 
ity in direct relationship with ion exchange processes provoked by 
metabolic phenomena. One finds in tissues the presence of an 
accumulation of electricity at different potentials according to the 
different cellular densities of the tissues. 

The work of Renshaw, Forbes, Morison, Amassian, de Vito, 
Ruset, Albe-Fessard, Tauc, Adrian, etc. has shown with the aid of 
micro-electrodes the existence of slowly oscillating elementary elec- 
tric activity in the interior of cells; it can be thought that the 
rythmeur (or pace-maker) is achieved by the oscillatory electro- 
magnetic system comprising the cell nucleus. This nucleus, in effect, 
is made up essentially of tubular filaments of insulating material 
(related to chitin) containing in its interior an electrically conducting 
saline liquid, and these filaments, coiled upon themselves, can be 
considered to constitute real little oscillatory circuits. 

The recent work of Warson (sic) in America, as well as that of 
French scientists, including a communication from Polonsky, Don 
zon and Sadron presented to the Academie des Sciences by Prof. 
Francis Perrin on 16 May 1960 (Rec. comptes rend, heb., 250 No. 
20, 3414-3416) making it clear that experimental samples of solid 
DNA manifest properties analogous to those known in ferroelectric 
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materials, makes plausible the hypothesis that a potential differ- 
ence may exist between nucleus and periphery of cells. Certain 
recent theories go even further and liken the cell to an electronic 
receiver-emitter device normally functioning in harmony with the 
ambient media. The oscillatory system of demand waves, consti- 
tuted by the cell nucleus, would behave in accordance with the laws 
governing semi-conducting materials. 

The applicant is led to the conviction that in a normal state of 
physico-electric equilibrium, the cell nucleus is positively charged, 
but can acquire a negative surcharge following phenomena analo- 
gous to polarization. 

The invention, especially, enables organs afflicted by this inver- 
sion of their electric potential, particularly in the case ofthe pathol- 
ogic negative surcharge of cancerous nuclei, to recover their former 
equilibrium. 

The following description in regard to the attached drawing, 
given as a non-restricting example, will make it possible to under- 
stand how the invention can be realized, the details which emerge 
both from the text and the drawing being, ofcourse, part ofthe said 
invention: 


Fig. 1 is a schematic section showing an apparatus for produc- 
tion and emission of an electromagnetic field combined according to 
the invention. 


Fig. 2 is a frontal elevation of the cathode, taken from the right 
of Fig. 1. 


Fig. 3 is a section through ITI- III in Fig. 1. 
Fig. 4 is the overall scheme of the electric supply. 


Fig. 5 is a view analogous to Fig. 1 showing another mode of 
implementation. 


Fig. 6 is a section through VI-VI in Fig. 5. 


Fig. 7 represents schematically an apparatus for pulsing the 
electric current. 


Fig. 8 is the circuit of an amplifier permitting activation of the 
apparatus of Fig. 7 at the cardiac frequency. 


Fig. 9 is the circuit ofan oscillator permitting modulation ofthe 
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electric current according to a wavelength between | m and 18 m. 


The assemblage of Fig. 1 contains an apparatus | emitting 
electrically charged particles 2 in a cavity or passage 3, a cyclotron 
4 accelerating the particles 2 and sending them into a cavity 5 
forming a tube into which merges another cavity 6 acting as wave- 
guide for electromagnetic radiation of frequency in the centimeter 
range emitted by amagnetron 7. The cavity 8 formed by the joining 
of tube 5 and waveguide 6 leads into a tube 9 in which the resulting 
radiation is accelerated and aligned. The interior of the cavity- 
formed by the assemblage of elements 1, 3, 5, 6, 8, and 9 contains 
argon at a pressure of 2 mm mercury. 

The particle emitter 1 consists of an electron gun comprising a 
plate 10 and acathode 11. 

The cathode 11 is ofmolybdenum and has the very special form 
represented in a 1 and 2. It consists ofa rim 1laconnected by two 
aligned spokes 11b to a hub 1 Ic pierced by a hole 11d with its axis 
along XX’. The rim 1 1a is in two parts (as one sees in Fig. 1) which 
may be held together ev screws (for example) forming a cavity of 
revolution | le traversed by a number ofholes 11f parallel to the axis 
XX’ and regularly spaced. The filament for heating, 12, situated in 
the interior of the cavity 1 le and is connected to the power supply 
conductors 12a. 

The best results are obtained with a cathode 11 ofmolybdenum. 
The applicant has obtained satisfactory, but slightly inferior, results 
with tungsten cathodes. It turns out that molybdenum, and to a 
lesser degree tungsten, are the metals whose valency is closest to the 
mean valency of the chemical molecules constituting living tissues 
and more particularly those of human beings. One might well seek 
to use this fact to explain scientifically the phenomena involved, but 
it is understood that the invention is not limited by any scientific 
explanation. Concerning, on the other hand, the gas present in the 
apparatus at low pressure, the best results have been obtained with 
argon; the applicant has also obtained satisfactory, but slightly 
inferior, results with other gases of the rare gas series. 

Surrounding the tube which constitutes the electromagnetic 
chamber are arranged: an electromagnet 13 with its winding 13a, 
placed at the level of the accelerating coils 14 and 15. Other acceler- 
ane or 14,15 and 16 are similarly dispersed around the cavities 

, 5 and 8. 

The two semi-circular boxes or "dees" 4a of the cyclotron 4 are 
placed in the usual manner between the poles of the frame around 
which are wound the accelerating coils 4b and 4c. 

The magnetron 7 is of a familiar type and must be capable of 
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emitting in the cavity 3 a centimeter wave of adjustable wavelength 
from 3 cm to 80 cm. 

The lower portion of the tube 9, for acceleration and alignment, 
contains a cathode 17 resembling the cathode 11, with a filament 
17a. This cathode 17 is supported by a hollow pillar 18 pierced by 
holes 18a close to its junction with the bottom oftube 9. This pillar 
18 communicates with a tube 18b emerging on the axis ofa rotary 
deflector 19 carrying at each end a "crown" of graphite plates 19a 
inclined at 45° to the vertical. The rotating axis 19b of the rotary 
deflector is mounted in a support 20 fixed to the interior of tube 19 
and carries at its upper extremity magnetic bobs 19c which ensure 
that it will be set in motion in cooperation with the magnetic bobs 21a 
mounted on the shaft 21b ofa motor 21. The lower extremity of the 
rotary deflector 19 is composed of a piece of molybdenum or of 
tungsten 19d in the form of a pyramid whose apex is opposite the 
open end of the tube 9. 


The hollow base 18 and the tube 18b can be ofa borosilicate glass 
of low coefficient of expansion such as that sold under the trademark 
"Pyrex." They may also be of quartz. Tube 9 itself can be of "Pyrex" 
as above or of another glass of the quality currently used for the 
manufacture of electronic tubes, but its bottom 9a, which is trav- 
ersed by the radiation, is advantageously made of quartz. 

The duct 8 joins the tube 9 by way of several tubulures such as 
8a and 8b directed in vertical planes towards the plates 19a ata 
certain angle, which is advantageously about 22.5°. An electromag- 
net 23 analogous to the electromagnet 13 ofthe emitter tube 1 is 
placed around the cathode 7. Similarly, accelerator windings 24 are 
disposed around the tube 9. This tube also carries, at positions 
indicated in the drawing, three electrodes 25, 25a, and 25b sur- 
rounded by windings 26, 26a, and 26b, respectively. The drawing 
shows the supply lines, 17b, 17c of the cathode and its filament and 
that of the plate, 22a. 

The basic plan ofthe electric supply is represented in Fig. 4. The 
part 27 feeds an initial branch with low voltage alternating current: 
this consists of a rectifier 28 (e.g., a Kenotron) whose rectified 
current is modulated at a frequency variable between 30 and 120 
pulses per minute by means ofa resistance 29, the control apparatus 
lor which will be described with reference to Figs. 7 and 8. The 
current so modulated is passed through the electromagnets 13 and 
23 in such a manner as to generate, normal to the cathodes 11 and 
17, a modulated field of 10,000 to 20,000 gauss. 

The part 27 also feeds a variometer (interrupter) 30 which 
modulates the current of this part at a variable frequency 30 to 120 
pulses per minute, the current pulsed in this way serving to feed the 


381 Patents 


remainder ofthe installation, to wit: The magnetron 7; a converter 
31 whose excitation is modulated at a variable frequency 300 to 900 
Hz, yielding a doubly modulated current (first at 30-120 pulses per 
minute, then at 300-900 Hz) which feeds the coils 15, 16 and 26; 
another converter 32 producing a low voltage direct current modu- 
lated at 30-120 pulses per minute by the variometer 30. This current 
feeds the motor 21 as well as the motors driving the variometer 30 
and the apparatus controlling the resistance 29. 


The current produced by the converter 32 also feeds a voltage 
step-up apparatus 33 consisting of a vibrator followed by a trans- 
former and a rectifier, and producing a direct current varied at 30 to 
120 pulses per minute imposed by the variometer 30. The maximum 
value of the voltage produced by the apparatus 33 is, for instance, 
300,000 V, but this value may vary up or down, depending on the 
power one wishes to operate with. 

The current produced by the voltage step-up areata 33 feeds 
the coils 4b ofthe cyclotron and 24 of tube 9, as well as a rheostat 34 
permitting regulation of voltage to the desired value between 5000 
V and 70,000 V. This voltage 1s applied to an oscillatory circuit 35 
which produces oscillations at a frequency variable at will of wave- 
jenieth berween 1 mand 18 m. The current available to the output 
terminals 35a, 35b ofthis oscillating circuit 35 is thus ahigh tension 
current modulated first at 30 to 120 pulses per minute (by the 
variometer 30) and secondly at a wavelength 1-18 m. This current 
feeds the coils 4c and 14; the electrodes, 25a and 25b are connected 
to terminals 35a and 35b, respectively, and electrode 25 is connected 
to the mid-point 35c. 

Cathodes 11 and 17, the "dees" ofthe cyclotron, and the plates 10 
and 22, not shown in the diagram of Fig. 4, are connected to the 
output ofthe step-up assembly 33, while the heating current for the 
filaments 1leand 17a is furnished by the resistance 29. 

To operate the apparatus, one adjusts the controls of the resis- 
tance 29 and the variometer to the desired rhythm; in medical 
appuCaions, this is advantageously the subject's cardiac rhythm: 

is rhythm is thus imposed upon the whole installation. The 
cathode 13 emits toward the left a stream of positively charged 
particles 2, which are concentrated by the electromagnet 13 and 
accelerated by the coils 14, 15 and 16 and by the cyclotron 4. 
Superimposed on this particle stream in the duct 8 is the electromag- 
netic radiation from the magnetron 7, which is adjusted to the wave- 
length found by experience to be most appropriate to the cells which 
are to be penetrated, e.g., 14 cm for the liver and 19.5 cm for the 
spleen. The resulting radiation is deflected, directed and accelerated 
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in tube 9 and is directed by way ofthe base ofthis tube toward the 
target to be penetrated. 

It must be noticed that the magnetic field ofthe coils 15,16 and 
26 is modulated, by means of the converter assembly 31, at a 
frequency adjustable between 300 and 900 Hz. This modulation has 
the effect of concentrating the particles, that is to say to detach them 
from the walls ofthe tubes, and it also permits an appreciable saving 
in weight of the iron cores of the coils. One chooses the highest 
frequencies (i.e., around 900 Hz) when one wishes to produce hard 
radiation at the exit of tube 9, and the lower frequencies for soft 
radiation. 

The unidirectional magnetic fields of the coils 4c of the magne- 
tron (sic) (cyclotron?) and the accelerator coils 14 as well as the 
electric field of electrodes 25, 25a, 25b, are modulated by the 
oscillatory circuit 35 at a chosen wavelength between | mand 18 m. 
In medical applications notably one selects the wavelength that best 
suits the organ to be treated or its surroundings, such as muscle. As 
already indicated, experience with diathermy makes it possible to 
determine the most suitable wavelength. 

It must be noted that the resulting radiation already possesses, 
in tube 8 (Fig. 1) a considerable penetrating force. One could 
therefore use the assemblage described by omitting tube 9 and 
terminating the cavity at the end of tube 8 by means ofa glass or 
quartz base, the resulting radiation being accelerated and directed, 
for example, immediately upstream from the base, by a final coil (not 
shown) surrounding tube 8. However, tube 9 appreciably improves 
the results. 

Figs. 5 and 6 represent another mode ofrealizing the assemblage 
in accordance with the invention, in which the elements playing the 
same role are indicated by the same signs as in Figs. 1 and 3, 
modified by primes. 

The arrangement ofthe connecting ducts of Fig. 5 in relation to 
tubes 1' and 9’, to the magnetron 7' and the cyclotron 4’, is different 
from that of Fig. 1 and has been used successfully by the applicant. 
The waveguide 6' ofthe magnetron 7' opens into the end oftube 1' and 
the duct 3', carrying the resulting radiation, divides into two 
branches: Branch 36, which conducts the radiation directly to tube 
9', and branch 37 which conducts it to the cyclotron 4’. This blocks the 
electromagnetic radiation and accelerates the stream of particles 
which is passed by way of duct 38 to the tube 9’. 

This arrangement can be used with a particle emitter and an 
accelerator and director tube similar to tubes 1 and 9 ofthe preceding 
figures. However, tubes 1' and 9' of Figs. 5 and 6 are constructed in 
a different manner with regard to their cathodes and anodes. 
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Tube 1' contains a first electrode 11' exactly like that of the 
cathode 11 oftube 1, and an identical second electrode 39 furnished 
with a filament 39a. Tube 9' (Fig. 6) contains in its lower part a first 
electrode 17' with filament 17'a and an identical second electrode 40 
with its filament 40a. 

In normal operation, i.e., to produce radiation identical to that 
described in connection with Figs. 1 to 4, electrode 11' serves as 
cathode and electrode 39, given a positive potential, plays the role of 
the plate 10 in Fig. 1, the filament 39a being unheated. Electrode 40 
and its filament 40a are disconnected; cathode 17' and plate 22' are 
supplied as in Fig. 3. 

To obtain particularly penetrating radiation, the polarities are 
reversed: Electrode 11' becomes an anode and its filament 11'e is 
disconnected, while electrode 39 receives the cathode supply and its 
filament 39a is heated; electrode 17' (with filament 17'a discon- 
nected) and electrode 22' become anodes, while electrode 40 serves 
as cathode and its filament 40a is heated. For example, one can 
establish a potential difference of 250,000 V between 40 and 17’, and 
50,000 V between 40 and 22’. It is understood that in these conditions 
the cathode 39 emits to the left a stream of electrons which is 
concentrated, modulated and accelerated by the various coils and in 
the cyclotron, the polarities of which must of course be established 
inthe proper direction. This stream ofelectrons is combined with the 
centimeter radiation emitted by the magnetron 7’, resulting in tube 
9' in the emission of very hard x-rays, modulated at the chosen 
frequencies, combined with the centimeter radiation of the desired 
frequency. 

The assembly shown in Figs. 5 and 6 thus permits one to obtain 
at will either very hard x-rays or the radiation described in connec- 
tion with the preceding diagrams. 

The following description, referring to Figs. 7 and 9, relates to 
certain details of the apparatus used for modulating the electric 
current. 

Fig. 7 represents schematically the apparatus for control of the 
resistance 29 and the variometer 30. The variable resistance 29 
consists ofa graphite helix 29a immersed in a conducting liquid 29b; 
another electrode 29c, also of graphite, partly immersed in the 
liquid, is set into up-and-down oscillations by a connecting rod 41a 
linked to a fly-wheel 41. The fly-wheel is set in rotation, through the 
intermediary of a worm transmission 41b, by an axle 42 which can 
be driven, thanks to a double clutch 42a, 42b, either by a motor 43, 
or by the shaft 30a ofthe variometer 30. The variometer 30 is driven 
by a motor 44 by way ofthe worm transmission 44a. 

Ifthe fly-wheel 41 is driven by the motor 43 at the proper speed, 


Patents 384 


the resistance 29 causes the supply current ofthe electromagnets 13 
and 23 (Figs. 1 and 4) to vary at the chosen rhythm which as we have 
seen can be between 30 and 120 pulsations per minute and which can 
be checked by means ofa rotation counter shown schematically in 45. 
Inthis case, the motor 44 ofthe variometer 30 can be stopped and the 
remainder of the installation is then not pulsed. If, on the contrary, 
the fly-wheel 41 is engaged in 42b and disconnected from 42a, the 
motor 44 activates the variometer 30 and the resistance 29 at the 
chosen rhythm. 

The speed of rotation of motors 43 or 44 can be regulated at the 
required speed, corresponding visibly to the cardiac rhythm of the 
subject, by acting upon the excitation of these motors by means ofa 
manually adjustable rheostat. Ifone prefers to regulate the speed of 
motors 43 or 44 in direct accord with the cardiac rhythm of the 
subject, one can use an assembly such as that represented schemati- 
cally in Fig. 8: At 46 there is a contact microphone which, when 
placed over the subject's heart, produces impulses. These are ampli- 
fied in the circuit shown and applied to an electromagnet at 47 with 
a moving core which activates a rheostat; this in turn regulates the 
current running the motors 43 or 44. 

Fig. 9 shows schematically the principle ofthe oscillating circuit 
35. The rectified potential, adjustable between 5000 V and 70,000 V 
by means ofrheostat 34 (Fig. 4) is applied between the terminals 48 
and 48a. Terminal 35c (which is also connected to electrode 25, Figs. 
2 and 4) is connected to the neutral point on the high tension side of 
the transformer which is a component of the step-up assembly 33 
(Fig. 4). The terminals 49 and 49a receive the heating current 
produced by the resistance 29. The variable condensers 50 and 50a 
make it possible to regulate to the desired wavelength (which, as 
seen, is between 1 m and 18 m) the current available at the output 
terminals 25a and 25b of the oscillator shown. 

The modes of implementation described gave been successfully 
carried out but it is self-evident that these are only examples, and 
that they might be modified, notably by substitution of equivalent 
techniques, without going beyond the bounds of the invention. In 
particular, the electron gun 1 or 1' could be replaced by another 
charged particle generator. 


Resume 
The invention includes especially: 


A procedure for obtaining a combination of radiations of 
different kinds capable of penetrating matter, especially of 
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intimately penetrating living tissues in order to produce in 
them certain effects and more particularly in human tissues 
with a therapeutic effect in mind, consisting of the emission in 
a cavity of a stream of electrically charged particles, upon 
which is imposed electromagnetic radiation in the centimeter 
wavelength range, and the guiding of the resulting radiation 
emerging from the cavity toward the target to be penetrated. 


Types of implementation exhibiting the following features 
taken separately or in the various possible combinations: 


a. 


The centimeter radiation has a wavelength between 3 
cm and 80 cm; 


This wavelength is set at the value found by experience 
to be most suitable for the tissues to be penetrated, e.g., 
14 cm for liver and 19.5 cm for spleen; 


The particle stream is accelerated by magnetic and 
electric fields such as those which are used in particle 
accelerators; 


The resulting radiation is accelerated and guided, before 
its emergence from the cavity, by means of electric and 
magnetic fields; 


The resulting radiation is guided, before its emergence 
from the cavity, by means of deflecting and/or reflecting 
surfaces; 


The stream of particles and/or the resulting radiation 
are concentrated and accelerated by means ofindividual 
magnetic fields modulated at a frequency between 300 
and 900 Hz, the highest frequencies being used to 
produce hard rays and the lower frequencies to produce 
soft rays; 


The emission of the particle stream, as well as the 
acceleration and concentration of the radiation result 

ing at its exit from the cavity, are aided by individual 
magnetic fields of temporally variable intensity, advan- 

tageously pulsed at a rhythm between 30 and 120 
pulsations per minute and preferably at the cardiac 
rhythm of the subject; 
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h. | The assemblages for production of the resultant radia- 
tion are pulsed in their entirety at the same rhythm as 
the magnetic fields according to g; 


1. The stream of particles and/or the resulting radiation 
are accelerated and concentrated by direct magnetic 
and/or electric fields modulated at a wavelength be- 
tween | mand 50 mand preferably between 1 m and 18 
m, this wavelength being advantageously chosen as that 
which is known in diathermy as suitable for the tissues 
to be penetrated or for the surrounding tissues. 


An assemblage making it possible to obtain a combination of 
a stream of electrically charged particles and a beam of 
centimeter electromagnetic waves in order to penetrate inti- 
mately and to irradiate living tissues and particularly human 
tissues, the said assemblage comprising at least a particle 
emitter, means for channeling said particles in a cavity serv- 
ing as waveguide for an emitter of electromagnetic radiation 
of which the wavelength is included in the range of centimeter 
waves and preferably adjustable from 3 cm to 80 cm, means for 
generating in the cavity magnetic field for acceleration and 
concentration and means for concentrating and accelerating 
the resulting radiation at the exit of the cavity. 


4. Modes of implementation with the following details taken 
separately or in the various possible combinations: 


a. The particle emitter is an electron gun of which the 
anode is at the end of the cavity and the cathode is 
situated further along, this cathode being hollow and 
placed in the magnetic field of an electromagnetic in 
order to ensure emission ofa stream ofparticles towards 
the mouth of the cavity; 


b. — The cathode consists of a rim connected by two aligned 
spokes to a hub, the said rim being provided internally 
with an annular housing containing a heated filament 
and the said housing communicating with a number of 
holes arranged annularly and traversing the rim trans- 
versely; 


c. The cathode is made of a metal of valency close to the 
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mean valency of the chemical molecules comprising the 
tissue to be penetrated; 


The cathode is oftungsten or preferably of molybdenum; 


The cavity contains a rare gas, preferably argon, under 
a vacuum of the order of 2 mm Hg; 


The cavity contains a duct carrying at least part of the 
stream of particles to a cyclotron and a duct bringing 
back into the cavity the particles accelerated in the 
cyclotron; 


The cavity passes through several coils, the supply 
current for the various coils being capable of undergoing 
modulation at different frequencies; 


The downstream end of the cavity is composed ofa tube 
containing, in the part from which the resulting radia- 
tion must emerge, a cathode and an electromagnet 
which may be identical to the cathode and the electro- 
mepieae according to para. a, an anode near the other 
end, and a rotary deflector consisting of a number of 
plates arranged en couronne on a rotor lacing the 
mcident radiation at such an angle that the radiation 
deflected and/or reflected is directed toward the cathode, 
several coils whose supply current can be modulated 
being distributed over the length of the tube; 


This tube also contains electrodes up lied by alternat- 
ing current generating an electric fie dat the level of the 
rotary deflector, each of the said electrodes being sur- 
rounded by a bobbin of which the supply current can be 
modulated; 


Methods are anticipated for modulating, at an adjust- 
able rhythm between 30 and 120 cycles per minute, the 
supply current of the electromagnetic according to a and 
h, and preferably to modulate the supply current of the 
rest of the assemblage at the same rhythm; 


Methods are anticipated for modulating, at a frequency 
between 300 and 900 Hz, the supply current of the 
bobbins surrounding according to 1 and one or several 
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coils according to g; 


Methods are anticipated for modulating, at an adjust- 
able wavelength between 1 m and 50 m and preferably 
between | m and 18 m, the supply current of the 
electrodes according to i, of one or several of the coils 
generating the magnetic field of the cyclotron; 


The electrodes of the electron gun consist of two elec- 
trodes identical to the cathode according to a, b, c, or d, 
the cathode of the tube according to h is replaced by a 
double electrode reproducing the arrangement of the 
electrodes of the electron gun, and methods are antici- 
pated for reversing at will and simultaneously the po- 
larities ofthese two pairs of electrodes and the direction 
of flow ofthe current supplying the acceleratory coils, a 
first pattern of polarities assuring the functioning ofthe 
apparatus in the conditions which are laid down accord- 
ing to a, and a second pattern of polarities assuring 
emission in the cavity ofa stream of electrons combined 
with the centimeter radiation and giving rise, at the exit 
of the said tube, to emission of very hard x-rays. 
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This invent'on relates generally to electric de- 
vices excited by electric impulses and more par- 
ticularly to multiple wave length condtcting 
and/or producing means, This invention has for 
its primary object the provision of such means 
disposed within a vacuum tube or a tube contain- 
ing rare gas or gases. 

My work over a period of more than 20 years 
has led me to the belief that there is great need 
for means conducting and/or producing multiple 
wave Jengths which may be employed in many 
industrial and medical fields. Suitable appara- 
tus for prodicing waves of various lengths Is dis- 
closed in my U. S. Letters Patent No. 1,962,565, 
dated June 12, 1934. Embodiments of this appa- 
ratus have been in use the world over, Because 
of the need for simplification in such apparatus 
50 that it inay be handy and easily used by per- 
sons lacking skill in electrical matters, I have 
concluded that by providing one unit which in- 
corporates oscillation generating means and an- 
other in which the wave lengths are produced, 
the apparatus may be more universally used in 
the treatment of cellular life in therapy, In the 
aging or treating of liquids and in other indus- 
trial felds. 

The present invention deals with those units, 
preferably combined with one another and con- 
structed as a portable device and as stated above, 
hag for its major object the provision of a uni- 
tary multiple wave length producing and/or con- 
ducting device in the form of a vacuum tube. 

The present invention further contemplates 
the incorporation In such & tube, of means for 
varying the effect of wave lengths, or selectively 
employing the means therefor enclosed in or 
forming part of sald tube. 

‘This invention further seeks to provide a tube 
of the indicated type incorporating means for 
@enerating oscillations. 

Another object of the invention ts to provide a 
single unit which contains an oscillation genera- 
tor, which produces waves of definite frequency, 
od further inductance means each permitting 
emanation of wave lengths of various values 

The structural features of my invention also 
form a material part of this disclosure, the ob- 
Jects and advantages being attained in structures 
Sch as shown in the accompanying drawing. 
which exemplifies the invention. The following 
specification, based on said drawing, more clearly 
points out the purposes and advantages of my in- 
vention. 


Tn the drawing: 
Pig. | ia a vertical, partial sectional, partial ele- 
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vational view of a tube Incotporuting features of 
my invention. 

Fig. 2 ts o similar view of an alternate form 
thereof. 

Fig. 3 Stlustrates in a similar manner a modi- 
fied form of my invention. 

Fig. 4 1s a fragmentary sectional view of a mod- 
ification made in accordance with the invention 

Fig. 5 is & similar view of another modification 

Figs. 6 and 7 are sections! views Illustrating 
types of wires used in elther of the forms of my 
invention as shown In Figs. 1, 2 and 3 

Fig. 8 ts a partial sectional. partial elevational 
view illustrattug a tube Incorporating a plurality 
of grids and selective capacity means for varying 
the effects of said grids. 

Fig. 9 1s a similar view of a tube, such as shown 
in Pigs. 1 or 2 and incorporating oscillating or 
vibrating means. 

In that form of my invention shown In Fig. 1, 
there Js provided a sealed preferably transparent 
envelope 10 made of glass or ike material affixed 
in the usual manner to a screw ar Edison plug !! 
The latter is conventionally provided with a shel) 
terminal 12 and a central! terminal 13. The sup- 
port or seal 14 of the tube serves to hold wires 
such as $8 and §6 which connect to the terminals 
12 and 13, 

Connected to the wires 15 and 16 Js a primary 
inductance member In the form of a loose coil 17 
which may be disposed axially of the envelope 10. 
as shown. The upper end of said member {7 
forms a tight wound col] 18 which serves to radt- 
ate the strongest induced wave lengths. 

Surrounding the primary inductance member 
11, there are arranged a plurality of separate 
colls of wire each being of different length and 
capacity. Thus, I provide a coil 19 having great- 
est capacity and successive coils 20, 21, 22, 23, 24 
and 26, each having less capacity than the pre- 
ceding coil. These coils 19 to 25 form sewondary 
inductance means cach permitting emanation of 
a wave length of different magnitude and value 
than the other 

I may support the secondary cotls in several 
ways. As shown, I prefer to provide a dielectric 
inember such Qs & glass sleeve 26 surrounding Use 
primary inductance wire member 1? and to 
inount the secondary colls 18 to 25 on the vuter 
surface of said sleeve, leaving the coll 18 expused 
at the top thereof, In order to effectively sup- 
port and centralize the glass sleeve 26. { provide 
spacing washers 27 and 28 of mica or the like, 
top and bottom, and provide @ suppoiting cruss- 
plece 28 on the lower portion of the wire 17 
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nes in the 
clvetrotatie Leld of 2 fhhequeney, such ts 
shown in said U.S. Letrers Patent No 19625405 
vach ef the coils {3 to 25 preducms Sy indue- 
fion « Ciferent weve lemsth, as can be under- 
stcod 

~ In the form of my invention shown no Fr: 2. 
the envelope (0a is somewhat d fer atly shaped 
and (he wire (Ta straisht insteod of arrs d at 
an cpon coil. In other respects, the stincture 
follows that described with reference to Fig. 1 

As shown in Fig. 3, there may be arranged a 
Murality of open rings 30, 31, 32, 33, 34, 35, 38. 37, 
3@, 39. and 49 in frustro-conival fuss. for in 
stance, With the largest ef said rings at the top 
and the smallest one adiacent the bottom I 
have shown said 1ines as suppe. ted. for instance 
by glass pasts 41 and 42, said posts brine sup- 
ported on the seal (4b. a a band 43. I pro- 
vide extensions for the terminal wires t5a and 
16a and connect said extensicns 44 and 45 to 
the upper rine 39 and the next lower rine 34. 1e- 
spectively 

The rines 39 and 31 may become the primary 
inductance members, Whereas the remaining rincs 
constitute the secondary inductance members as 
before set forth. Elective current conducted te 
the suitubly spaced rings 30. 34 will cause a spark 
46 to be drawn between the mines 30 and 3 pre- 
Siding: oseiations emimnatt m clectiieal dis- 
charges Cherebet weet and caustiog the tidiation 
of waves of various lengths within the covelere 
(0b and affecting the remaining rings 

In Figs. 1 and 2. I have shown the secondary 
colls os formed of wires having uniform cross- 
suction. Fiz. 4 illustrates how such Wiles may 
be made progressively sMaller in the sucereding 
coils $e. 20c, and 2ic. etc Similarly, [ have 
shown the rinzs of Fix. 3 made progressively 
smolier in Pig. 5. said rings being dvsignated by 
numerals 30d, 31d. 32d. 33d. 34d wand 35d.er¢. In 
such various manners, the wave length producing 
effect of the secondary coils or rings may be ar- 
nved at. 

The secondary coils or rings may be round or 
somewhet flattened wire as shown 19 Fiy. 6 or 
tubular as in Pig. 7. offering a yet greater Mex- 
ibility of desian 

The devices of Figs. 1 und 2 above desenbed 
tmay be incorporated tn the system sauwn in said 
U.S, Letters Patent by connecting ore of the 
yings @, Bb, c,d. ¢, or f with plut tl of Fis 1, 
since cither terminal (5, 16 is tn centact with 
primary inductance member 11 7 ms end a 
venducter «not shown? conn sts stich a ling with 
said plug or socket 

In Fig. 8, I have shown » modiiicution of tie 
Inventisn which comprises a vacuum tube 50 con- 
taining a plate Sf and a plurality of different 
Wave lengths producing grids $2, §3, and 54 I 
connect each f1id with a variable enpacity de- 
vice, such as 55, 58. and 57 carried by said tube 
60 and preferably by its basc support 63. whereby 
Wie grids may be selectively connected into an 
operating circuit 'not shown) by means of tne 
respective prongs $8, 59, and 60. end the plate 
prong 6! Heating or other exciting Means may 
be incorporated in the tube ima well-known man- 
rer. This combination tube 50 15 desiqned to 
replace a plurality of known jubes rach onerat- 
ing with different and variable wars length ef- 
fect, mere exterior manipulation at said base 
Lupport brings about change of the capacitics 55, 
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$6. and ST and eutvins i ote or mare at the 
grids §2, 53. and $4. 

The effect of the spark a. predic d ain the 
form cf the invention depicted in Fic 4 may be 
ferth r ulihzed in Fig. 9 in which False meor- 
porats a vibrator 62 which produces cleetuical 
uscillations by a spark iitermittently gencrated 
between the end of the primary inductance mein 
ber l1d and vibrator armature 64. In other re- 
spects the structure follows that of Fig. 1 

It may be noted that any type o/ spark pro- 
ducing or oscillation generating Means may be 
substituted for the vibrator shown, The tubes 
shown in Figs. 3 and 9 may be used in the mannei 
described for Fig. 1 by connecting une terminal 
of the base as set forth to preduce an induction 
effect. These tubes may be also connected avi ors 
both terminals with a suitable potential to obtain 
the spark effect, 

From the foregoing it may be seen tat I have 
provided tubes in various forms for the purpose 
of generating and conducting multiple wave 
lengths, Other forms of the invention may be 
produced within the spirit and scope of the in- 
vention as claimed. 

Having thus described my invention, what I 
claim us new and desire to be secured by Let- 
ters Patent, is: 

3. A device of the character described com- 
prising « vacuum tube haying an envelope and 
base, primary inductance means, and a plu- 
rality of separate secondary inductance means 
of different length for radiating waves of various 
lengths extending above said primary inductance 
means, ail said inductance means being arranged 
within said envelope. 

2. Adevice of the character described compris- 
ing a vacuum tube having an envelope and base, 
a primary inductance member axtally arranged 
in said envelope, and a plurality of secondary 
inductance members spaced apart and independ- 
ent from each other each member surrounding 
@ respective portion of said primary inductance 
member and within the field of influence thereof. 

3. A device of the character described com- 
prising a vacuum tube having an envelope and 
base, a primary inductance member axially ar- 
ranged in said envelope, and a plurality of sec- 
ondary inductance members each surrounding 
the primary inductance member and within the 
field of influence thereof, each of said secondary 
inductance members having a different wave 
length effect than the others. 

4. A device of the character described com- 
prising a vacuum tube having an envelope and 
base, a primary inductance member comprising 
& pair of split rings In inductive relation, and 
@ plurality of secondary inductance members 
each comprising split rings. 

5. A device of the character described com- 
prising a vacuum tube having an envelope and 
base, a primary inductance member comprising 
® pair of split rings in inductive relation, and a 
plurality of secondary inductance members each 
comprising split rings, sald latter rings being ar- 
ranged in different planes and being of different 
length to produce a different wave length effect. 

6. In a device of the chardcter described, 
means for producing multiple wave lengths com- 
prising a wire member, enclosing dielectric 
means for said member, and a plurality of sepa- 
rate wire coils of different lengths on said di- 
electric means and in the field of inductance of 
said wire member. 

7. In a device of the character descilbed, 
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means for producing multiple wave leneths com- 
prising a wire member, enclosing dielectric 
means for said member, and a plurality of wire 
coils on sald dielectric means and in the fleld 
of inductance of said wire member, cach coil 
extending over said wire member and having 
a different number of convolutions tan the 
others. 

8. In a device of the character described, 
means for producing multiple wave lengths 
comprising two split rings in inductive relation, 
and a plurality of split rings in inductive rcla- 
tion to the two split rings. 

9. In a device of the character described, 
means for producing multiple wave lengths 
comprising two split rings in inductive relation, 
and a plurality of split rings in inductive rela- 
tion to the two split rings, the plurality of rings 
being of smaller dinineter than the mentioned 
two rings and each progressively smaller than 
the others. 


3 


10. In a device of the clmracter deyenitest 
means for producing multiple wave lenrtl, 
comprising two split ries in inductive relation 
and a plurality of split mines in inductive rela- 
tion to the two split rinrs, the plurality of rings 
being of smaller diameter than the mentione’t 
two rings and cach progressively smaller than 
the others, all of the rings being arranged in 
frusto-conical disposition. 

11. In a vacuum tube having a primary in- 
ductance membe~ and secondary inductance 
members, a vibrator arranged in the field of in- 
fluence of said primary inductance member and 
secondary inductance members, a vibrator ar- 
ranged in the field of influence of said primary 
inductance member for affecting the induction 
of said sevondary members. 
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This invention relates to electrotherapeutic 
*pparatus, and to methods of applying electrical, 

dioactive, and other radiant phcnomena thera- 
Hy. 
The invention !s primarily concerned with the 
of high potential, hirh frequency electricity 
ugh not necessarily limited thereto, in con- 
ction with radioactive and other types of elre- 
¢ and radiation phenomena, for therapeutic 


Among the objects of the invention are the fol- 


_ First —To render highly effective. from a thera- 
¢ standpoint, radioactive and other types 
@ electronic anc radiation phenomena, and, like- 
to render highly effective, from a therapeutic 
ndpoint, high potential, high frequency elec- 


cond,—To aticment the therapeutic effect of 
bactive and other types of electronic and 
tion phenomena by the conjoint use of hich 
ntial, high frequency electricity, and, con- 
ly. to augment the therapeutic effect of hich 
wency, high potential electricity by the con- 
ure of radioactive and other lypes of elec- 
We and radiation phenomena. 

ird —To accomplish the above without dan- 
of burning or of otherwise harming the pa- 


h.—To provide apparatus for accomplish- 
i the above. which is relatively simple in con- 
fuction and operation and relatively inexpensive 
oduce and operate, 

th—To provide novel electronic and radio- 


with hinh potential, high frequency clec- 
eal therapy. 
% have found that, by enveloping a patient in a 
hh potential. hizh frequency electrical field in 
& manner that no closed circult Is completed 
his body, radioactive and other clectronic 
Fadiation phenomena can be used therapeu- 
ly with considerably erenter effectiveness 
Mf used alone. The exact reason for this Is 
known, nor is it known definitely which, the 
: field or the radioactive phenomena, acts 
the other to produce the advantageous re- 
It is thowrht, however, that the clectric 
permeating the body of the pationt nx it 





and enables them to penetrate considerably 


thon would otherwise be the case, In any 
remarkable therapeutic resulta have been 
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2 
of malignant tumors, arthritis, sinus infections, 
and various other diseased conditions, 

The invention contemplates Ue use, in thera- 
peutics, of hith potential. high frequency elec- 
tricity to produce diversified forms of radiant en- 
ergy. such forms being those which have been 
found best suited, individually. to benefit various 
human allments. In accomplishing this purpose, 
several special discharge tubes have been devel- 
oped to serve ‘ix treatment electrodes, by means 
of which correspondingly different curative re- 
sults are obtained. Throughout the practice of 
the invention, a prime consideration is that only 
one terminal of any particular circuit shall be in 
contact with 2 patient's body at one time, so 
there will be no Now of current through 2 closed 
circult of which the patient's body isa part, Such 
a terminal, too, is usually non-heat producing, so 
thore is no dancer cf burning. In cases where 
there fs a tencency for a tube to produce X-rays 
or other injurious ruys. these are fitered out. 

The present application constitutes a continua- 
tion in part of a copending application filed by 
me November 15, 1940. which beats Serial No. 
365.798 and is entitled “Method of and device for 
the therapeutic application of electric currents 
and rays." and which has now become aban- 
doned. 

In the accompznying drawines, which illus- 
trate several embodiments of apparatus preferred 
for carrying the method of the invention Into 
practice: 

Fig. 1 represents a wiring diatrnam of n pre- 
ferred embodiment of apparatus for carrying out 
the method of the insention in genera} thera- 
peutic work, several Independent treatment sta~ 
tions being provided: 

Fig. 2, a top plan view of the novel corona 
regulator of Fin. 1. employed! In the cirewt to 


0 contro! nnd adjust the cunent and as a governor 


45 


altracts the radionctive emanations or radi- go 


to safeguard the transformer ; 

Fig. 3, a vertical section taken on the line 3—3. 
Fig. 2; 

Fig. 4. 8 vertical section taken centrally throuch 
one novel type of discharge tube used as a trent- 
ment electrode In the apparntus of Fig. 1; 

Fig. 5, a horizontal section taken on the line 
5—5. Pig. 4; 

Fir. 6, 8 vertical section taken centrally through 
another novel type of discharre tube used ns a 


Into the tissues and vital organs of the treatment electrode in the apporatus of Fir. 1; 


Fig. 7, a hortzontal section token on the tine 
1, Pig. 6; 


by use of the Invention in the treatment 46 Pig. 8, @ vertical section taken centrally through 
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3 
f novel discharge tube used @s a treating device 
Jn the apparatus of Fig. 1; 

Fig. 9, 0 horizontal seclion taken on the line 
9-9, Fig. 8; 

Fig. 10, a fragmentary vertical section taken 
on the line (0—(0. Firs. 8 and 9; 

Fig. 11, a frngmentary view In vertical section, 
and drawn to a reduced senle, of a tub bath 
capable of use as a treatment station In the ap- 
Paratus of Fig, 1; 

Fig. 12, 2 view similar to that of Fig. 11, but 
showing a shower or vapor bath arrangement for 
the same purpose; 

Fig. 13, 0 wiring diagram similar to thnt illus- 
trated in Fig. 1, but fragmentary in nature, and 
of a somewhat differcnt embodiment of appara- 
tus; 

Fig. 14, an elevation. partly in central vertical 
section, of a novel Lube used In the apparatus of 
Fig. 13 jn place of the corona regulator of Figs. 
2 and 3; 

Fig. 15. a top plan view, partly in horizontal 
section on the line (5—15, Fig. 14, of the tube of 
Fir. 14; 

Fig. 16, a vertical section of another novel tube 
which may be used In place of the tube of Figs. 
14.andq 15; 

Fig. 17. a vertical section taken on the line 
1111 of Fig, 16; 

Fig. 18. a top plan view of still another novel 
tube which may be used In place of the tubes of 
Figs. 14 and 15 and of Figs. 16 and 17; and 

Fig. 19. a vertical section taken on the line 
(S—19 of Fig. 18. 

In accordance with the invention, provision ts 
made for enveloping the patient In a high po- 
tential and, in certain Instances, a hich frequency 
electric ficld. anc for applying to the patient, 
while so enveloped in the electric field, radiations 
and emanations having therapeutic value. 

The apparatus of Fig. 1 is capable of adminis- 
tering various specific kinds of treatment, pursu- 
ant to the invention, at the several treatment sta- 
tions provided. The treatment stations are Indi- 
cated A, B. C.D, and E, respectively. 

Por supplying the high potential electric feld. 
3 suitable transformer is employed. This may be 
of any type capable of delivering high potential 
electricity. say from 10,000 to 30,000 volts, It is 
preferred, however, to utilize a conventional dou- 
ble magnetic circuit type of transformer, tndi- 
cated at 10 in Fig. 1. having adjustable, Jami- 
nated, magnetic shunts (not shown), the trans- 
former being connected across an ordinary power 
Jine J) charred with the customary 5 v. The 
output Ines 12 from this transformer advanta- 
feously extend to the treatment stations A and 
B. respectively. The first secondary of the trans- 
former (0 ts preferably direct connected to the 
second secondary thereof. It is noted that this 
high potential electricity may be applied, with- 
out causing Injury. direct to a patient who Is not 
grounded. However, in order to saferuard the 
transformer 10 from damage by sparking across 
its output terminals, and to render the hich po- 
tentin? electricity more suitable for therapeutic 
purposes, which is belived to include the auto- 
matic changing of the frequency to an extent 
which depends upon electrical charncteristics of 
the patient's body, a posernor or control device 
14s shunted across the leads 12, 

This governor or control device (4 Is @ sparking 
condenser of high capacity embodying a mujtl- 
tude of spark gaps. A preferred embodiment of 
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4 
this rovernor or control device (4 ts Mustrated In 
dctallin Fics, 2 and 3. 

As iMustrated, the device comprises @ cylindri- 
eal, electrically conductive plate (5 surrounded 
by a cylindrical diciectric 16. An outer cylindri- 
cal and clectrically conductive ¢lement 41 sur- 
rounds the dielectric 16 exteriorly. It fs provided 
with a multitude tfor example, 250) of inwardly 
extending prongs Ila. which are advantaceously 
formed by stamping out, and inturning, triangu- 
lar portions of the electrically conductive clement 
17, The internal plate 1$ preferably contacts the 
interior surface of the diciectric 16, but, In any 
event. should lic closely adjacent thereto. Like- 
wise, the tips of the prongs (1a preferably con- 
tact the muter surface of the diclectric, The sev- 
eral clements are advantageously mounted In a 
plug-in base t4n, whieh ts adapted to mate with 
R suitalile receiving socket (not shown) carrying 
the reonired electrical connections. The internal 
plate {5 connects with one of the electric lire 
12, while the external clement 17 connects with 
the other electric line 12, as shown diagrammatl- 
eally in Fir 1, 

Vt is preferable that the dielectric 16 be in the 
form of a closed tube or envelope, as shown. and 
be exhansted to vacuum condition, The mutt. 
tude of sparking prongs (Ta product a brush dis- 
charee, 

Where the diclectric 16 ts not a closed tube or 
envelope. it is preferred that it be of quartz. 

The tr altinent station A is a discharge tube of 
a novel type. exemplified by the lubes tlurtriced 
in Getail in Fics. 4 and Sand Figs. Gand 7. Either 
tube is plueced into the circuit of Fig. 1 ata sult. 
ably provided, sincle-terminal outlet. High po- 
tents] clectricity ts, therefore, fed directly Into 
the tude. which scives as an electrode. The tub- 
2tso embodies sadivactive material, which sup. 
plies radioactive emanations to the patient si- 
multanrousty with the electrical discharge. 

As illustrated in Figs. 4 and 5, the tube or elect 
trode may comprise an electrically conductive 
discharee element 20, having a supporting stem 
20¢ anita major discharce cap or head 20h, which 
is preferably in the form of a thin, conves-con- 
enve pinte The head 20b may be spot welded to 
the end of the stem 20a 

The dischaige clement 20 fs enclosed within « 
tube 21 of dietecttic material, preferably glass, 
the stem 20a bein fixed in the fused tongue por. 
tion 2{a of the tube. The tube or shell 21 fs fitted 
Into an insulatine base 22, provided with a single 
plug-in terminal 23, and an electrical connector 
28 extends from the terminal 23 to the stem 2a 

The trite surfaces of the side walls of the tube 
or shill 21 are coated with a radioactive material, 
asat 25. The coating is conveniently made from 
vraniim alts ov powdered carnotite or other 
vatlionctive ore =The ends of the tube or shell are 
left uncoated. 

Alr is cracuated from the tube 21, and a small 
quantity of mercury Introduced. The mercury ts 
preferably triple-distilled to insure great purity, 
It ls preferred that argon or like Incrt gas be also 
introducrd 

Since the tube Just described fs plurged Into the 
civcwlt of Fix, 1, the discharge element or cathode 
20 ts charged with high potential stectricity, and, 
in ils capacity of a treatment station In the ap 
paratus of Pin. 1, serves as an electrode to simt 
larly charee the patient. The patient ts Insulated 
from the rround, and the tube is applied directly 
to the aM@-cted part of his body, preferably In clos 
contact with the body. 
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» Because of the construction of the tube, radia- 
Yon of a radioactive nature is also directed 
against the patient through the uncoated top end 
of the tube. This radiation has been found to 
differ somewhat from the radioactive emanations 
discharging from the side walls of the tube, and 
fs thought to comprise rays Iying close to X-rays 
on the radiation spectrum, These rays appear to 
have a definite healing va'ue, and to lack the in- 
jurious nature of X-rays. Where a predominant- 
ly radioactive emanation treatment ts desired, 
the side walls of the tube are placed against the 
body of the patient, 

Best results are obtained when the discharge 
tlement or cathode 20 is made of an alloy metal 
compounded from copper, lend. sulphur, and, if 
desired, aluminum. The relative percentages of 
the several ingredicnts may vary considerably. 
but a satisfactory mixture comprises 5.0% cop- 
per, 55.0% Jead, 30.0% sulphur, and 100% elu- 
minum. Should aluminu:n not be used, the dif- 
ference may be made up by additional copper. 

In preparing the alloy, the copper and alumi- 
Num are heated to a moiten state. after which 
the sulphur Is added while stirring the mixture. 
After cooling, the mass Is again melted, and the 
Yead, in g molten state, is mixed with {t, the 
Molten mass being thoroughly stirred. This new 
mass Is then cooled, being later reheated. and, 
While hot, rolled to make St ducti'e. so it can be 
‘shaped into the desired forms, 

The discharge tube or electrode of Figs. 6 and 7 
ts similar to that of Figs. 4 and 5, haying an 
‘melosing tube or shell 26 which is evacuated. A 
@athode discharge element 21 ts positioned with- 
Mm the shell, being fixed In the tongue portion 26a. 
Aconductor 28 connects the stem 272 of the cle- 
“Ment 27 with a plug-in terminal 28, which ex- 
outwardly of the base 30. The cap or head 
lb of the element 217 differs from the cap or 
head 20b of the c’ectrode of Figs. 4 and 5, In that 
M$ Is spherical in form and hollow. It has an 
ing 3f formed at Its top, continuous with 
top Inside surface of the tube 25. A quantity 
® of radioactive material, which may be the 
game as used for the coating 25 of the electrocde 
Of Pigs. 4 and 5, Is introduced into the tube or 
she’ 26, along with 9 relatively small quantity of 
Mercury, before the tube fs sealed tight. 
Material 32 is preferably powdered or granulated, 
and is shaken Into the hollow of the head 27b 
h the opening 3! before any given treat- 
Ment Is commenced. The mercury ts provided 
ly as a Better, and does no harm If shaken 
i the head 27b a'ong with the radioactive 
Mibstance. The mercury also tents to produce 
threo in the tubs, which aids in the operation 

















































f. As in the case of the clectrode tube of 
4 and 5, this tube may have a radioactive 
33 covering the inner surfaces of Its side 


The treatment station B of Fig. 1 differs from 
the treatment station A only in the fact that a 
Biri 34 Is interposed in the electric sup- 
treatment station C of Pig. 1 differs from 
‘he stations A and B only in the fact that the 
potential electricity ts supplied from the 
} Mine §2 throuzh an Inductance 35. 
treatment station D utliizes a germicidal 
e tube, a preferred form of which ts Nhus- 
in detail in Fics. 8, 9, and 10, The high 
la] electricity ts taken by induction from 
particular supply line 12 concerned. Por this 
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purpose. an Induction coll 36 ts provided, tapping 
the line (2 at 37, A pair of leads« 38 from an ordi- 
nary 115 v. supply source extend to a plug-in 
socket connection for the germicidal tube, one 
of the leads passing throurh ao glass tube 36a. 
Pig. 1, which ts disposed within and extends along 
the length of the Induction col] 36. Thus, high 
‘potential electricity is impressed, by induction, 
upon the ordinary current flowing through the 
particular lend 38 concerned. 

The germicidal discharge tube of Firs. 8, 9, and 
10 has 8 pair of discharee terminals 40 and 41, 
respectively, positioned in an evacuated tube or 
envelope 42, and clectrically connected with plug- 
In terminals 40—! and 41—1, respectively, by 
means of stems 40a and 41a, respectively. The 
tube or envelope 42 and plug-in terminals are 
mounted jn a conventional base 43. It ts pre- 
ferred that insulating material 46, such o5 a 
ceramic sleeve, cover the major portions of the 
stems 40a and 4fa. A plece of lithium metal 45, 
see particularly Fig, 10, is advantageously secured 
to the stem 40a adjacent the discharge terminal 
40 toactnsa getter, It may, however, be placed 
at any other convenient location In the tube. It 
is preferred that the discharge terminals 40 and 
41 be formed of the special alloy previously de- 
seribed. Argon or other suitable Inert gas Is 
preferably Injected Into the tube or envelope 42, 
as ts, also, a small quantity of mercury. The mer- 
cury, by vaporizing, alds electrical arcing between 
the discharge terminals. As wil! be noted. the 
high potential electricity Incuced in the one lead 
38 will manifest at the upper discharge terminal 
40, and will charee the patient simultancously 
with the discharge into his body of permicidal rays 
from the tube. 

The treatment station E embodies the tube 
of Firs, 8, 9, and 10, as above deseribed. but im- 
presses the high potential electricity dircetly on 
the patient Instead of passing it frst through the 
tube, For this purpose, a discharge device 50. 
in the form of a seit, flexible pad in which a coll 
50—1 is embedded, taps one of the high potential 
electric lines 12. ‘This pad $0 is wrapped around 
the patient's body adjacent the aMicted portion 
thereof, thus chat¢ing the pationt. Any other 
electrode capable of charging the patient with 
higit potential electricity may be used in place 
of the pad 50. The permictdal tube has tts ter- 
minals 40—! and 4t—1 plurecd into a suitable 
plug-in socket connected to leas 52 which extend 
to an ordinary 115 v source of supply. The hich 
potential electricity with which the patient ts 
charerd ts induced into the germicida) tube, there~ 
by further activitating the discharre therefrom 
A certain beneficin) discharge from this rermict- 
dal tube will be had by induced activation atone, 
{t being unnecessary, In such instances, to plug 
the tube into the 115 v. line, 

Other types of gerinicidal snd discharne tubes 
mny be ured In place of the tube of Fice. 8, 9, and 
10, as, for instance, the well known infra-red and 
ultra-violet lamps, to produce results surpassing 
those ordinarily attained by the use of such Infra- 
red or ultra-violet Inmps apart from the appa- 
ratus of the invention. 

It should be remembered that the patient Is 
insulated from the riound while being treated at 
any of the treatment stations of the Invention 

Vives. 1) and 12 siiow how wa pattent is Urented, 
Pursunnt to the Invention. while immersed in an 
electrically conductive Muld bath. In Fig. 11, 2 


16 bath tub $3 ts insulated from the ground by a 
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Inyer of Insulation 64 A treatment electrode of 
the type shown in any of the figure rroups 4 
and 5. 6 and 7, and 8, 9, and 10 Is positioned to 
charge the fluid of the bath with high potential 
electricity, as well as to discharge healing radin- 
tions and emanations into the patient, The par- 
tleular electrode illustrated {s diagrammatic in 
form and Is designated 55. It may be connected 
into the circuit of Fig. 1 as shown at any of the 
treatment stations A, B.C. and D. In Fig. 12, 
a shower or vapor stall 56 {s Insulated from the 
ground by a layer of insulation 57. A plurality 
of treatment electrodes are designated $8, re- 
spectively. These correspond to the treatment 
electrode 55 of Pig. 11. A water spray or vapor, 
such as steam, may be admitted to the stall 56 
in any well known manner (not shown), thus 
enveloping the patient during treatment. 
Another embodiment of apparatus, pursuant to 
the invention, Is illustrated diagrammatically by 
the wiring dingram of Fig. 13. While no treat- 
ment stations are shown, those provided ore iden- 
tical with the several treatment stations desir- 
nated A, B,C, D, and Ein Fig. 1. The distinc- 


tlon in this embodiment of apparatus resides Ino 


the fact that a special eencrator of hich fre- 
quency electricity is provided in the system. 

A transformer 60 has its input terminals con- 
nected across an ordinary 115 y. electric power 
line 64. Electrical conductors 62 and 63 lead 
from the respective output terminals of the trans- 
former to a high frequency generator of the 
Oudin coll (ype, Indicated generally at 64, 2 var- 
iable condenser 6§ being interposed in the line 
62, and the circuit being rounded at 66. Out- 
put conductors €7 and 68. leading from the hirh 
frequency generator 64, provide connections for 
the several treatment stations in the same man- 
ner as Hlustrated in Fig. 1. 

The transformer 60 may be any ordinary hich 
voltage type, A governor or control device 69 fs 
shunted across the conductors 62 and 63 

In the illustrated instance, the fovernor or 
control device 69 preferably takes the form of a 
vacuum tube, having the construction shown by 
Fins. 14 and 15, Fires. 16 and 17, or Figs 18 and 
19. These tubes all possess high capacity, and 
include cluments effecting a brush discharge 
They serve, as dovs the device 14 of Pigs 2 and 3 

The tube of Figs. 14 and 15 embodies an outer 
shell or envelope 10 of insulating material such 
as glass, a plastic. or fiber coated with shellac 
Inside the shell 70 is a bi-cylindrical clement Tf 
forined of electrically conductive material, Sep- 


nrating clement 1! from the enclosing shell 10 : 


are spacers 12 made of rubber, Bakelite, or other 
insulating material. Inter-fitting with the ele- 
ment Tf is a second electrically conductive, bi- 
cylindrical clement 13, the two elements beinc 
separated by a diclectric 14. Inwardly of the 
element 13, and separated therefrom by a di- 
electric 15, Is a corrugated, cylindrical element 
16. The shell or envelope 10 fs secured in an 
insulating base 10—1, provided with plug-in ter- 
minals. One of the terminals, designated 11, Is 
electrically connected with the element Tf, while 
another, desimmated 18. fs electrically connected 
with the corrugated clement 16. These two ter- 
minals connect with the conductors 62 and 63, as 
Mustrated in Fig. 13, and the brush discharge 
takes place at element 16. 

Under-certain circumstances, tt ts destinble that 
{he outer shell 78 be mace of quartz glass, and 
that a filament 19 be provided, the filament being 
heated by connection, through plug-in terminals 
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76 
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80 and 81, with x source of low voltage heating 
current ~not shown). Plug-in terminal tt, 
which fs electrically connected with clement 13, 
may be used Instead of or In connection with the 
tertninal 11, since element 13 acts in a manner 
similar to clement Tf. A getter 83 of suitable 
inaterfal, and an insulating and reficcting shield 
84 may be provided, ns shown. While the tube 
may have cither a high or a Jow vacuum cond!- 
tion, or may be filled with an Inert gas, I have 
also found It advantageous to fil] the tube with 
a moist vapor. The tube acts as an oscillator’ 
for electric currents, and has an enormous ca. 
pacity, a capacity mnny times that of a condenser 
of approximately equal size. 

The tube of Figs. 16 and 17 comprises an outer 
shell or envelope 85, which may be made of metal 
glass, or fused quartz. This shell is mounted ls 
an Insulating base 86. Inside the shell 85 isa 
metal plate 87. nnd, spaced apart therefrom, a 
corrugated metal plate 88. A plug-in terminal 
83, which extends frum the base. is clectrically 
connected with the plate BT. and a second plug-in 
terminal 90 js electrically connected with the cor- 
rugated plate 68. These terminals are adapted 
to conncet, throueh a suitable socket, with the 
electrical conductors 62 and 63 of Fis. 13. 

Under certain conditions of use, it is desirabdie 
to have other elements in the tube, Those ace 
provided, and may be utilized or not as occasion 
warrants. A filamicnt 91 is disposed betweun ‘he 
plates 87 and 88 = It is electrically connected wid 
the two ping.in terminals 92 and 93, which are 
adagted to be connected to a source of low voltzge 
heating current (not shown). A slit screen, 
comprising shiclds $4 and $5, with apertures 1 
extending therethrough, is disposed adjacent that 
side of corrugated plate 883 which is remote fron 
plate 87. The apertures 96 are in allemment wih 
each other, and the shiclds 94 and 95 are mz: 
of lvad or other material capable of screening 
off X-rays. Between shields 94 and $5 Js a sheet 
$1 of material which is readily permeable to 
X-rays. Within the shell 85 there is also mount. 
ed a shell or envelope 98 of glass, quartz glaus 
or similar material, having a portion 98a whih 
is Rround hike oa tens and directed toward the 
slitsercen. This shell £8 reajly constitutes a tute 
within a tube. A Alament or cathede 93, coir- 
prising eluctiically conductive lecs $9@ and 9%) 
and an electron-emittine portion 99c, is dispored 
within the shell 88, p'ux-in terminals (09 and 
101 beine electrically connected to the respectlye 
legs 29a and 99h. A bombardment element IR 
fs dlsposcel within Use shell 88 opposite the por 
tion $8¢ of cathode 99. Within the shell 65, but 
outside the shell 98, is a reflector 103 directed 
toward the sit sercen 

The tube of Figs, 18 and 19 is essentinlly the 
same ans th> tube of Figs. 16 and 17, being 
equipped with a shell or envelope (05, a bae 
106. a plute 107. and a corrugated plate 14, 
the two plates being connected to plug-in ter 
minals 109 and 110, respectively, which are 
adapted to connect electricaliy with the con 
ductors 62 and 63 of Bik. 15. There tx a fla. 
ment tlt and an inner shell or envelope 12, 
but no slit screen. Instead of a lens portion belng 
provided on the inner shel) 012. a partition 1) 
of tens formation ts dispo.ed between the inne 
shell and the corrurated plate £08. It ts fured 
to the walls of the outer shell 105. Within the 
inner shell #42 is a fMlainent or erthode (4, 
which corresponds to the similer clement 99 df 
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the tube of Figs. 6 and 17. A reflector #15 ts 
rected Loward the Iens partition 113 

Reverting now to Fir. 1, there is onother ad- 
tantagcous way of treating a patient pursuant 
fothe Invention, As shown at ¥, a foot prdestal 
129 may be provided for making the patient a 
part of a condenser. The pedestal comprises an 
deetricelly conductive plate clement or electrode 
41, connected electrically with one of the high 
Potential lines 12, and covered by an Insulating 
platform (22 upon which the patient rests his 
feet while being treated at any of the previously 
described troniment stations A. B, C. D, or E. 
The electrode (21 and insuinting platform {22 


‘are conveniently mounted In a frame 123, which 


insulates the plate from the ground. The insu- 
Mating pintform 122 Is mode of a high quality 
insulating material, such as first grade hard 
tubber. In certain instances {t Is desirable that 
the device be made in other than foot-pecestal 
form. For instance. it may be of cylindrical 
formation for usc In a bed against any part of 
the patient's body, 

If desired, the patient may be charged with 


the high potential electricity by direct contact 4. 


with a metal or electrically conductive electrode 
fn place of the pad 50 of treatment station E. or 
of the tube electrodes. 

The invention has been described In the fore- 
Going with sole reference to Its use for thera- 
peutic purposes. It should be noted, however, 
that inorganic matter may also be treated to 
advantare pursuant to the method and with the 
apparatus of the Invention. It has been found 
that metals, for exemple, lead, have chanzed 
Physical properties after treatment in accord- 
ance With the above. In Instances where the in- 
vention fs not being used therapeutically, it ix not 
always necessary to insulate the subject from 
‘he ground. 

Whereas this invention Is here Mlustrated and 
described with respect to particular specific em- 
bodiments therrof, it is te be understood that 
various chenges may be made in such specific 
embodiments and various other embodiments 
May be utilized by those skilled In the art with- 
out departing from the spirit and reneric scope 
of the invention as set forth herem and in the 
claims which here follow. 

Having fully described my invention. what I 
¢laim is: 

1, Apparatus for applying radiant energy ther- 
apeutically, comprising means for producing hirh 
potential, high frequency electricity; a high ca- 
poelty sparking condenser, and a treatment elec- 
trode connected in circuit with the forecoing, 
sald treatment electrode includinz a discharee 
tlement adapted to charge Lhe patient with said 
Wah potential, hich frequency electricity, and 
radioactive means adapted to discharge radio- 
active cmanation: into said charred paticnt 

2, Apparatus in accordance with claim 2, 
wherein the sparking condenser ts in the form 
of a vacuum tube of hich capacity having mu- 
tually spaced capacity clements adapted to pro- 
duce a corona discharre. 

3. Apparatus for applying radiant energy ther- 
apeutically, comprising means for producing high 
potential, high frequency electricity; a high ca- 


10 


20 


20 


an 


45 


a5 


10 

pacity sparking condenser; and a treatment de- 
vice connected In circu't with the foregoing, s#id 
trealment device ineludisg discharge merane 
adapted to charge the patient with sald hich 
Potential, high frequney eiectricty, and radi- 
ating means adapted to discharge rediations Into 
the charged paticnt, 

4, Electrical treatment apmaratus, comprisinz 
a hich capacity sparking condenscr; a treatment 
outlet electrically connected to sald condenser; 
and means for electrically cannecting ssid con- 
denser to a source of high potential electricity. 

S$. Electrical treatment apparatus, comnprising 
a transformer for producing hich potential elec- 
friclty; a high capacity sparking condencrr elec- 
trically connected across the high potential out- 
put terminals of said transfarme:: and a treat- 
ment outlet electrically connected to snid con- 
denser, 

6. Elcetrical treatment apparatus, comprising 
a transformer for producing hich potential clec- 
tricity; a high capacity sparking condenser clec- 
trically connected across the high potential out- 
put terminals of sald transformer: and a plural- 
ity of treatment outlets Independently electri- 
cally connected to satd condenser, 

7. Electrical treatment apparatus, comprising 
a transformer for producing hirh potential elec- 
tricity: a treatment electrode electrically con- 
nected to one of the cutput terminals of said 
transformer; an electrical conductor sheathed 
by insulation electrically connected to the other 
of the output terminals of said transformer and 
disposed adjacent said treatment electrode so the 
subject to be treated may be placed between 
and in contact with the two; and a high capacity 
sparking condenser connected across the said 
outict terminals of the transfornicr. 

8. In electrical treatment apparatus equipped 
with means for the supply of high potential circ- 
tricity and a treatment electrode, a hich capacity 
sparking condenser electrically connected be- 
tween the said supply means and the sald treat- 
ment electrode. 

THOMAS H. MORAY 
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ABSTRACT: Tas inventics relstes tc on sl-clectic genera 
tor yickding a motional electric field in ube space surrounding 
the device, but requiring no mechanical movements of its 
parts in generating this ficld. The Theory underlying the 
production of suck a field pcciulates that cach moving elec- 
tron constiuting th: current ie a linear conductor carries with 
it a loop of magnetic ficld energy about it 
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ALL-ELECTRIC MOTIONAL ELECTRIC FIELD ‘When the package 18 of linear conductor: has @ circula: 
GENERATOR cross section there will exist two systems af circularly directer 


magnetic Sux, one directed clockwise and the other counter. 
‘This applicative: iz an extension of the teachings presented — clockwise ea seen frora above, nd one set moving upward and 
in my eather Gled pending applications, Ser. Now. 722,587, 3 the other set moving downward. What is of capital interest 


filed Apr. 19, 1963 and 803,187, filed Feb. 28, 1969. however is thut cach of there two sysizms give rise to equal 
radially and inwardly directed BXV motional electric fleids 
PRIOR HISTORY distritmsted laterally in borizontal planes in the space about the 


r" fix sbout a current-cerrying cylindrical device. Here we have a Geld which is not magnetic, 
paints was rhe abe se 1820 by Hans Chrsilan Ocrsted, 10 is not electrostatic, and which Ihave sbown experimenully vo 
Thin discovery unied the then separate sclences of electricity be immune to electrostatic shielding. No such spacially dis- 
and magnetism. My experimental discovery that this magnetic oe field ic known to ke oe that of gravity. 

the we shown theorectically should act atirac- 

pres ape rae done sears — pai ein of 45 Uvely on electrically neotrel matter, I hzve chown experimes- 
now unifying the three known fields of electricity, magnetism tahty that the intensity of this ficli can be measured with the 
and gravitation. aid of an electromeuer system 24, 28 driven by the potential 
For a better understanding of the invention, reference suiting baabawenent en ha cede pease ca 


should be had to the eccompenying drawings wherein: 
FIG. : ffiteg I 264 of the capacitor 26. The electrumster bead 24 acuumes o 
IG. 1 is w ochematic Mustration of = wire containing flow- 20 vs or 


ing electrical current indicati Sel rated 

Goh ecenecrtaaien lectcating Sie Reeanetie SaN8 Ere ‘Al exyogenic temperanires the deift velocity of the electrons 
AG. 2a we block schematic of a in the near conductors wil be greatly enhanced. Theoretical 
preferred nishocteatioe a calculations indicate thar this -elocity in copper at 20°C. is of 
FIGS. 3 and 4 Mustrate modifications of the generator of 25 the order of 3.610 cm/sec. in a current density of 480 
FIG, 2 adapted to techniques for studying end utilizing amp.fem* . The random velocity of free electrons in conduc- 
graviratioral and antigravitational phenomens; tors is theoretically <xtimatcd at 10" emec. At supercon. 
FIG. 5 illustrates the winding of the wire in the device of | “usting tempersturea when the electrical resistance ap 
FIG. 2- proaches zero, it ix generally believed urat the drift velocity of 
FIG. 6 iMlustrates the winding of the wire in the device of 30 electrons approsches the value of 10° cm.fece. This velocity ia 
FIG. 4; 10 times grester than the velocity at 20°C. (See “Physics,” 
FiG. 7 illustrates the incorporation of a plurality of the —_-“Hallicay and Resnick, pages 681 and 691, J. Wiley, 1962). 
devices of the invention into a spacecraft where they might be This indicates thot the intemiity of the BX field about the 
appropriately utilized; and device, berein described, might possible be enhanced 10" 
FIG. 8 Hlunretce © coll wound embodiment usefid for 35 times at or near the aisolute zero of temperature. Hence, the 
producing the separation of oppositely charged ions in gases invention contemplates that each of ihe devices described 
or liquids, hereinafter will preferably be operated at or below the critical 
lerperature at which the conductor used becomes supercon. 
BACKGROUND INFORMATION “a ducting. Ax the stete of the art advances new conducting 
‘ ¥ 4, materials will undouttedty become available with critical em 

The law of Biot and Savant yields the magnetic flux density peratures very considerably shove the absolute zero. 


B (webers/m.*) at 2 point distant r meters from the corductor Not only does the device that has been described in FIG. 2 
Sareying eoenn Ot eee andis on by afford apparatus hitherto unavailable for the generation of « 
thel Zar qa) spacial distribution cf the motion electric field, but it affords 


where pdextO webers/amp. meter. With reference to 45 : . : ¥ 

FiG. 1 of the drawings. this ux consists of circular magncis MOM fOr "ee ee eclepphandbaee ne 

loups directed counterclockwiss, as shown by arrow 10, for phenomena. In addition, it affords for the first 0 Ka aians 

Sustent directed in a linear conductor wire 22 nt right angles experimental method for d=termining the electron drift veloci- 

techie paper and cutwandly toward the render. ties ond mobilities ia Gacar conductors masz of different 
Electrons producing this flux will be moving perpendicu- 50 | idasinde 

larly into the paper, carrying the ftux B with them, at « velocity When the cylindrice) capacitor 26 is ch J by the BxXV 

V meters/sec. Thus, at any point P, distant r, from the long ficid and its piceocrin difference (P.D.) tacom aesly is deter. 

linear conductor 12, there will be existent « motional electric mined by the equation 

ficld of imensity B=B XV volts/meter directs radielly inward P P.D. (vols) = Bx¥-E (2) 

\oward the wire in the plane of the paper, as indicated by vec- 55 Where / the distance herweer: the thin ¢xpacitor pistes, The 

tor arrow 14, where BX¥ is the vector croas product of Rent — girecs measurement of V meienv/tec. cen then be made 


V=P.D. {vals BI msec. (3) 
where B isin weberv/r*. 
PREFERRED EMBODIMENT: 60 Ths device will exhibit an attractive force on electrically 


The preferred embodiment of the lnvention & Muctrated in ncutrel matier, Letter defined as a differential force; Le. the 
FIQ, 2 and consists in part of manv insuleted IInezr cor.ductors Cifference between o pull end push, in which Uc pull a 
indicated generally by numeral 16, all parallel, packed and greater. (Sce reference tc general theocen, page 125, The 
held in close proximity, and connected in series, x0 as to form Matherratical Theory of Electricity and Magnetism, by Sit 
a solid package 18 preferebly cylindrica) In shepe. When # 65 James H. Jeans) The £XV field is an electsical Fe'd acting en 
constant direct current from # source 20 is caused to flow nl the elementary charges comprising the atoms of ristive, 
through wises 22 this device with a axis im the vertical tlectront, protons and even neutrons, as I belirve nestront 
Cirectron, half of the Eneer conductors 16 will have cursent £40 connist of electrors end protons in clove bond. Th: BK 
fowing upward end het! dewnwerd. It will be # novinductive force being relatively weak docs not lorie the atoms of 
Gevice, ince surrounding It the megnetic Mux due tc the up- 70 matter, but being immune to chielding, cectricely polrues 
ward currents will Le superiepoed on the fux due to the them. This causes e light elougztion of some of the clectrons 
downward currents ro that no magnetic Gus can be ricssured orbits thin the atoms in the direction of the field. The posh 
On the welt recogniaca “Principle of Superposition ef Fitids,* ive charges move tliphtly into the wore intents region of the 


euch one exits however, and acts aa thovst the othe: wes eb- converging, radialiy directed field whi the regetive charger 
tert 73 rave slightly further way fron Ure device into the «cab er por 
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tion of the field. Thur the differential force between the pull 
and the puth tpon the component paris of an atom results in 
the polarization of the atoms and a resultant attractive force, 
equivalent, I believe, to that of gravity. 

Amal, cectrically seutral, simple pendulum 32 suspended 
tloxe t— one sids ef my device of FIO, 2, sbout pin 34, should 
thus undergo a cight meamrable deflection under a fairly 
rong BXV motineral electric field, At cryogenic tempci atures 
this attractive force should be greatly enhanced. When the 
device is lying horizontally, a gravity meter placed centrally 
Over it thowld give a meawmradie reading in milligals. 

Modifications of my gencrator such 23 are chown in FIGS. 3 
and 4 show diverse methods for studying gravitational and an- 

t pbenomens which the invention makes possi- 
FAG. 5 iMustrates a rectangular coil 40 made up of 2 single 
Wire passed many times in the coll configuration so as to pro- 
ee ee cross section. 
, any Cross-sectional configuratios would meet the 

of the inventios as long as the wires are parallel to 

|@aeb other and closely packed. About one leg ef the coll, a 
‘@ylindrical shell 42, made of electrically neutral, eenductive 
OF Ronconductive material, is suspended by a carrier frame 44 
One end of a sensitive beam balance 46. The beam pivots 


1s 



























the weight of the shell 42. When a fairly strong DC 
1 is fed through lines 52 and is built up in the coil, the 
density B is gencrated in the region of the cylindrical 
whose walls are a distance r from the central axis of the 
and a is the number of ine=z conductors ia the coll. 
B=pylllar (webertimeter*) 


30 


This flux in the act of collapsing should cross the walls 
the suspended cylinder with a comsiderable inwardly 
ed horizontal velocity of V meters/sec. This should yield 35 
Very considerable vertical BXY im the walls of the cylinier 
elther up or down, depending on the direction of the 
“rent in the coil. 

Ih this device the movonal eleciric field BXY is not conver- 
but is uniformly vertical, hence the pull and push exerted 40 
the ete=tric components of the atoms in the cylinder will be 

In other words the action of this ficld will either 

or dectesse the state of polarization already existing 
the cylinder and produced by the gravitational ficid of 
earth. If the polarization is increased, then the gravita- 45 
pull of the earth's field should be greater. If the polariza- 

fs decsemed then the weight of the cylinder should be 

Mt is conceivable ther the poiarization could be reduced to 


In this case, the object should be weightless. If the inten- 50 


field would act repulsively on the cylinder. This 
be antigravity in its russ: sense. 

apparatus J have just been desmibing acts only momen- 
(éuring the time interval in which the Dux is collapcing) 
ge the weight of the cylinder shell 42 (chown in FIG. 


bs desirable to have an apparatus with which to expert 
ly gravitational and antigrevitaticna] phenomena 
continuous conditions. In FIG. 4 of the drawings 
another modification of the device shown in FIG. 2. 
futilize @ noninductive coil wound in the form of a solid, 
thick walled, hollow, rieht circular cylinder, and in- 
generally by numera) 69, DC current ie supplied 
lies €2 to the coil 69. In the regicn directly benezth 
coi} disk 60 | piece u similarly sheped nonterrous disk 64, 
inded by s ca-rier CS to the end of » bezm GB. The b am 
is pivotal about a fulcrura 10 and ls counterbelanced oy a 70 
food 72. For positions of disk 64 be!sw coll 62, the AxV Geld 
an only he directed vertically upward wien « continvous DC 
is Nowing in Ue wires composing Ue disk 60. It should 
Boted Unat this field is practically uniform anc parallel close 
the dist, hence h is not attractive in be seuse on newral 75 


ss 


¢s 


& support bar 48 and cesrice a lood £0 to normally coun- 95 with any 
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matter. Its action on such matter con only change the mate of 
electrical polarization in ths matter. Any chanpe thus effected 
in the state of polarization should cauts the earth's gravita- 
Uonal Seld to act less intensely, on any object placed close to 
the under surface of the device, ceusing it to weigh feo. 
become weightless. or to actually be sccelerated veward ty 
the anitgravitetional action of the earth's field. 

FIG. 5 of the drewings lustrates the manner ir: which the 
noninductive device in FIG. 2 ia wound with wire 22, by turn- 
ing the linear conductors beck, cr themselves trough a 180° 
turn. FIG. 6 illistretes thr wry the noainductive windings of 
the device illustrated &, FIG. 4 is *chieved. One very long insu- 
Jnted wire is simply turned back on itself wt ite midpoint and 
wound double into a solid coil beld topether in the shape illus- 
trated. 

FIG, 8 Mlustretes a modified embodiment of the inventioa 
which comprises e wire coll $0 either simply wound, of nonin- 
ductively wound, around a hollow tube 82. Electrice! current 
is passed to the coll £0 through wires 84, and af low tempera- 
ture this coll will produce a radially, outwarcly directed, inier- 
nul BXV Geld from the avis 86 of the cylinder to he internal 
circumference 80a of the coil 80. The electrical wire making 
up coil 80 Is preferably a ribbonlike conductor which is coated 
electrical insulation. A minimum space 
between adjacent turns with concentricity between adjacent 
tums is the preferred winding embodiment for coil BO. As 
many courtes of turns as deemed appropriate to generate field 
strength desired will meet the objects of the invention The 
tube 82 is preferably made of material having litte or no mag- 
netic permeability. Both the coil 60 and tube 82 are stations- 
ry. 

An apparatus of the type Dlustrated in FIC. 8 might be util- 
ized to effect separation and concentration of Muids. For ex- 
ample, in the desalinizction of water, a BXY eclectic ficld 
generated by the passage of the current throug) the coil 80, 
acts upon the disassociated ions of the sodium chloride in 
solution. Hence, by introducing a flow saline water at end Ble 
of tube 82, and providing a concentric separrting tube 90 at 
end 825 of tube 82, increments of Muid which are concen- 
trated with chlorine and depicted of solium may be drawn off 
through the stationary tube 9), while the increments of fluid 
which are concentrated with sodium and cepleted of chlorine 
may be drawn off through the rpzce between the exterion wats 
of tube 90 and the interior walls of tube 82. 


FUTURE APPLICATIONS 


This country’s space projects bave become expentive 
beyond the ability of the average man to comprehend. Achiev- 
ing lft by means of costly propeDants wil! some day soon be 
seen os akin to primitive men’s use of awkward clube us 3 
means of exerting force. in 2 very short interval of time an in- 
terse BXV field should effect the reversal of Use graviiauonal 
polarization of an object. Once achieved, only a very small cx- 
penditure of energy would be required to hold the polyriza- 
tion. Energy from the atone of the cera would supply ths lift 
and propulsion through the medium of the earth's gravity 
field. The most formidadte problem would appear to be the 
problem of holding the Ax! generator at cryogenic tempera- 
tures. In view of the overall poribilitic of this invention, thit 
yToblem does not eppear to be incapable of a solution. A 
breakUsough in finding superconducting ma‘erials of even 
Neer repsrsonducing at shghtly eievated temrerawures (rom 
those presently required eould greatly aid in the solution uf 
this problem. 

FIG. 7 of the drawings Mustwates in outline, the future possi- 
ble epplicatioa of this device, cdtaining reguleted 1iN by an 
Operator 7] adjusting de current into the coils 72 and 74 
which incorporsie the structural feature: of the Cevizes of 
FIG. 4. The antigravity gravity control f¢ atures of the coils 73 
and 74 thus control the lift aad movement of vehicle 76, Suita- 
Ne cryogenic pene-ators 734 and Tée ere axa ised with cach 
Of the cols 73 and 74 to provide the cuoling thereof t as near 
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ab.olute 1ero 29 possible to give the eahenced ciurent passage 
characteristics necessery to the objects of the invention, 

While I Lave demonstrated that AC current can be used in 
my device, lt appeare at present that DC curren: is much to be 
preferred, 

This invention could be uniquely adapted to a communica- 
tan system from one side of « solid barrier to the other side 
whether this barrict be solid concrete or baitlethip armor, by 
puluing the BXV generaucr coil with signets, Mores Code or 
even voice modulated signels to bz picked up by  capacitor- 
clecuorscter circuit on the otter side of the barrier. Secret 
comniunicuions could be carried on and with the electrome- 
ter circuit as shown in FIG. 2 connected to @ relay radio 
broafeasting unit, xo that one mizht conceivably broadcast by 
radio from the interior of a solid metallic enclosure. 

hh is conceivable that the invention mizht be uscful in the 
highly specialized art of concealed detonation devices. A 
detonating circuit connected to the capacitor electrometer 
receiving circuit of my device weh 24 shown in FIG. 2 could 
be actuated through a solid barrier by out BXV generating coil 
placed on the other side of such a barrier. 

it i conceivable that for some specialized pusposes, it might 
be highly desireable to transmit elsctrica!l power from one side 
of a Gxed solid barrier, concrete or armor piste, etc. by 
pulsing, DC of AC, in our BXY coil on one side of such a basri- 25 
ez. A resonant LC circuit could pick up these BXV pulsaticns 
and supply a source of electrical power oa the other side of the 
harrier, in a manner somewhat analogous to my electrical 
receiving methods outlined in US. Pat. Application, Sex. No. 
803,187, identified above. 

fn accordance with the patent statutes, only the best knowa 


15 


20 
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embodiments of the Invention heve been Mustrated and 
described in detail, but it is to bo understood thet the inven- 
tion is not limited thereto of thereby, bat that the ecope of the 
invention is defined in the appended claims, 

What is claimed ig: 

1. Apparatus for de:nonstrating an electrical phencmenca 
comprising, 

a coil made from an clectricalty conductive material baving 
8 very large plursiity of sections compacted in cle proa- 
imity arranged im eubriantielly compicmentery relation 
around a comunon cewtral axis, where the coll forms 8 
tolid cylindrics) chape with the tections paralicl to the 
axis thercof, and 

means to pass current through the coil to that abou, half the 
sections will pass curremt in a direction eppasite to the 
other sections to cence] magnetic flux. 

2. Apparatus according to claim 2 where adjac:nt sections 
are clectricaily inaulated from cach other, and th: coil com- 
prises 2 sing!e wire bent back on itself ta make the sections. 

3. Apparatus according to claim ft which incledcs means to 
increase the passage of electrical current through the conduc- 
tor. 

4. Apparatus according to claim 3 where the means to 
enhance is a cryogenic generator which reduces the tempera- 
ture of the conductor o or below its critical temperature ot 
which it becemes superconductive. 

5. Apparatus according to claim 1 which includes an elon 
gated hollow tube having an axis, the conductur formed 


30 Sfound the tube. 


Patented April 11, 1972 3,656,013 
4 Sheets-Shest 1 


Fes 





INVENTOR! 
WILLIAM J, HOOPER 


BY Clam £ Clidparr 


RWTOARKMEY, 


Patented April 11, 1972 3,656,013 
4 Sheets-Sheet 2 













a 2 
LOSS rcsrececeereccreccen ae vi 
5B 5. Wz a LE COLLIS CELE S f 
AY kG 





Patented April 11, 1972 3,656,013 
4 Sheets-Sheet 5 


7. 2 
153 


CS eT ae BEE 5 EISEN ELE, 
% rn 





Patented April 11, 1972 3,656,013 
4 Sheets-Shest < 


gn ES SE EY 








: GMILLIML SPATIAL LLL LLTLSLLLELTLMTD § 70 






AY 
8S 





United States Patent 


us) 3,656,013 
1651 Apr. 11, 1972 














Hooper 
184] APPARATUS FOR GENERATING 2,705,762 A/19SS Pilea eeseenneesnenrenemnne—— SLOP 1M 
} ELECTRIC FIELD 3,277,631 10/1966 Sunneo......._—..——_--..—. S513 
MOTIONAL o 3,385,983 S/i968 Bohnetal.._.-.___.___ ej 
172) Invenio: Wittiam J. Hooper, Cuyahoga Falls, Ohio 
(73) Assignee: EB * ic Gravity, Ise, County of OTHER PUBLICATIONS 
Sarasota, Fla. pesvmldaets ae er _— of Electrical Apparatus by C. 
. Steinmetz, N.Y.— 1917, 
(22) Filed: Age 39) 1968 Text Book- The Electromagnetic Field in jts Engineering 
[21] App.No: 722,587 Aspects G. W. Caster- 2nd edition- 1967 pages 168 to 171 
incl., 328, 329, 334, 335 and 336 
The Feynman Lecture on Physics by Feynman, Leighton and 
fo Sands Addison Wesley- Publishing Co., New York; pages 
58] Field of 310/10, $1, 178, 177, lalla 
310/42, 268, 211, 169, 216, 269, 25°, 103/1; 55/2. : ; 
$4, 10%, 123, 127, 120; 73/194 EM; 328/233-238 Primary Examiner—D. X. Sboey 
Attorney—Oldham & Oldham 
156) - [57] ABSTRACT 
UNTTEDSIATES EATENTS Apparatus for producing and demonstrating properties of mo- 
coytd pian rea Jt. re tional] electric fields by means of rotating magnetic Mux 
336,489 1 A RE EEE, | produced by a plurality of magnets extending paraliel with the 
3431441 3/1969 }e 1 axis of rotation, said flux of these magnets being put into row- 
399,800 3/1889 Thomson. 310/115 tion about a common aris by mechanical or by electro mag- 
460,087 9/1891 Hewett ..._--__-______.3 10/46 pete means. 
2,066,343 1/1937. Gillen... __-.. —-—-- +. 10/46 
2,558,540 6/2951 a oe 6 Claims, 11 Drawing Figeses 











ISN 
ow 


Bt 
SS 
\ 





3,656,013 


1 


APPARATUS TOR SEER ATE MOTIONAL ELECTRIC 
Fi 

This invertion relates to the peneration of motionally in- 
duced electric fields as distinct from electrostatic fields, and as 
distinct Gom the electric field (illntrated by urensformer 2c- 
tion) which is induced by the time rate of change of magnetic 
induction, lience, all reference herein to a motional electric 
field means the electric Geld that is generated by the move- 
ment of magnetic Sux. 

The mouonal electric field generated by rotational motion 
of magnetic flux is non-uniform in beth direction and radial in- 
tensity. Particles (large of small) of matter (solid, liquid or 
gaseous) which are within the ambit of this motional electric 
field are ected upon with a force which tends to accelerate 
them. lt it well known that a particle carrying a charge Q (cou- 
lombs) im an elecuic field of intensity E (Newtor/coulomb) 
will be acted upon by 2 force F (Newton) given by tne equa- 
tion F = EQ. The electric intensity E of a motional electric 
field is given by the vector equation E= 8 x V, where B is the 
magneuc Mux density at a point in space, expressed in webers 
per square meter, and V is the velocity of the moving magnetic 
flux at that point ia space, expressed in meters per second, 
What $s not so well known, however, is the fact that a non- 
uniform electric field exerts a force upon electrically neutral 
matter. In his celebrated text, “The Mathematical Theory of 
Electricity 2nd Magnetism”, Sir James H. Jeans describes, in 
the ese of a non-uniform electrostatic field, how s “slab cf 
diskers aif be sucked ia beiween the piates af the conden- 
sct™ Line demonsirating the mechanical force produced by 
such a field. He states (P. 125), This, as will be seen later, isa 
particular case of a general theorem that any piece of diclec- 
tric is acted on by forces which tend to drag it from the weaker 
to the stronger parts of an electric field of force.” According 
to Clerk Maxwell in “Electricity and Mzgnctism™ (Voi. Hl, p. 
18!), Faraday discovered that the elecunc fick’ due to tiec- 
tremagnetic induction penetrated within and throughout all 
materia’. The motional electric field is just such a field. Ap- 
p2ratus for demonstrating the “general Licorem”™, stated dy 
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Jeans, has, in the case of the non-uniform motional electric 41 


field, not heretofore been provided. 

Accordingly, it # one of the objects of the preseat iavents-n 
to provide a device for generating a non-uniform maional 
electric field whose force is of magnitude such that it can be 
sensed. 

Since tre motional electric ficld acts within and throughout 
all matter, such a non-uniform field wil! exert a physica! force 
on any kind of electrically neutral matter, in a manner quite 
anzlogous to that of the clectrestatic field with respect to 
diclectric material. 

Another object of the ins =ntion is to provide apparatus for 
obtaining useful work frum a non-uniform motional electric 
field. 

‘The several objectives of the invention may be sccom- 
plished by rotating an elongate magnetic Geld about ex axis 
which is concentric with the field and parte] with the field's 
elongation. For example, an array of magnets mey be mounted 
cn a rotor so that all magnets sz¢ paralle! with the axis of the 
rotor, ang all have the same polar oricatation relative to the 
rotor, A solenoidal electro magnet, or another array of mneg- 
nets, with magretic exis concentnc with the rotational axis 
may also be employed to encharce the flux cencty of the 
array of rotating magne by fux linking with them. When 
such an armay of magnets is rotated about the axis of the rotor, 
the mzgactic field of each is rotaled with iL As another exem- 
ple, an elongate magnetic field can be rotated abou its axis, 
without mechzaical movement, by the provision of stationary 
solenoidal electro mapneu ar:zyed like ite staves of a barrel 
tnd cornscted to 2 source of multi-phase aiicraling current 
(belf wave rectified to prevent reversal cf sign) in a mazmer 
comparable to the stator winding of a Uree-phase motor to 
produce “revolving fieks. While the composite magnetic field 
is thus in rctazy motion, every charged, or uncharged paructe 
of rater (solid, quid, ur poseous) wathin the ase-unform 
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the rotor. will be acted upon by a force due to the c!=ctric in- 
tensity £ Positively charged particles will be forced in the 
direction of the vector E, negatively cherged particies will be 
forced in the ite direction, and electrically neutral 
matter will be pulled from the weaker regions of field intensity 
ta the stronger regions, This latter mech-znicel force is called a 
differential force due to the action of we field on the intemal 
electrical po!zrization of the neutral matter. 

The three vectors E, B, and V are always (with a possible ex- 
ception) mutually st cight ang!cs to cach other. If the thumb of 
the right hand is pomted in the direction of the magnetic fluz 
density vector B, sed then rotated like = right-handed screw so 
that it points in the direction of the velocity V of the moving 
magnetic flux, then the forefinger of the right hand will point 
in the direction of the electric vector E. The rotation of the 
composite magetic Nua about its axis produces a motional 
electric field which will, except at the axial ends of the mag- 
netic field, be quite gererally directed racially with respect to 
the axis of rotzticn. The possible exception is the case of a 
magnet having a homogeneous electrically conductive core of 
perfectly circwar cross-section, in which case the force of the 
electric ficld may be somewhat off radiz!. 

With a given polar orientaiion of magnets relative to the 
axis of rotation, rotation of the magnetic field in a clockwise 
direction will generate a motionally induced electric ficid of 
sign (positive or negative) opposite that which is generuied 
when the rotation & countcrciockwe +. Fur any given sense of 
rotation, reversing the poiar orientation of the magnets rela- 
tive to the axis of rotation likewise reverses the sign (positive 
or negative! of the mationally induced ciectrc field. 
Reversing both the direction of rot2tion and the polar ori=nta- 
tion of the magnets (a situation exernpiified by viewing the ap- 
paratus first from one axial end, znd secondly from the op- 
posite axial end) produces no change in the sign (positive or 
negative) of the motionally induced electric field. 

In the accompanying drawings, three embodiments of the 
invention are exemplified. Also. there are two .acdel sche- 
matics to iustrate in its simplest form the principle of the in- 
vemicn, in which 2 pluratity of commonpiace permanent mag- 
nets 2-¢ mounted wpon a rotor. 

‘The fisst embediment is one in which as array of clectro 
masgnes is mounted on a roier having 4 ho!low center, 
through which particles of matter can be moved 2nd their 
response to the motional] electric field perceptibly demon- 
strated. 

Second, there is sn embodiment in which electro magnets 
are arrayed as in the first embodiment, but are stationary and 
theit composite magnetic fictd is rotated electromagnetizally 
by phase displacemeat 

Third, there is zn embodiment in which 3 air of oppositsly 
rotating rotors, ncsied one within the other, ure each pro- 
vided, on its circumference, with an array of electro magnets 
oriented es aforesaid on cach rotor, but oppesitely oriented on 
the respective rotors, cnd wherein the effect of the motcnally 
induced electric fields can be perceptibly Gemorstrated Ly the 
behavior of particles of matter externally of the rotor. 

In the accompanying draaines: 

FIG. 1 is a diagranimcsc view illustrating the effect of rotat- 
ing an array of spaced permanent magnets about en axis which 
is paralle) with exch of the magnets when aii magnets have 
corresponding polar 9, entation; 

FIG. 2 is a o:aprammatic view representing a side e'm2tion 
of the arrangement shown in FIG. 1, and iiustrating the crter 
nal magretic Sux paths: f the several permanent macrets; 

FIG. dis a perspective view of a 10208 fur generoting a radi 
aly Guected movenal electric field in accoréawe with one 
embedimen: of ihe invention, wherein electro mapnris cre at 
rayed within a heliow rotor with axes paceitel to that of the ro- 
lor, 

FAG. 4 is a ssctional view taken alcng & ciameznc plane of 
the ror shown in FIG. 3, vogether with its cooperating pests, 

FiG. $ is a exconal view elong linc S—S of FIG. 4, and 


motional sicctric ficid thus pener:cd on Ue neighoarhocd of 75 showing, in adzitior, driving means for the rotor: 
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FIG. 6 is a sectional view taken along 3 diametric plane of 2 
stationary form of apparatus similar to that shown in FIGS. 3, 
4, and S, but wherem the magneuc fluz field & rotated elec- 
trot.agnetcally by phase displacement; 

TiG. 7s a sectranal view taken along line 7—7 of FIG. 6; 

FIG. 8 ts 3 wiring diagram for the apparatus shown in FIGS. 
6a0d7, 

FIG. 9 is = longitudinal sectional view of an 2oparatus hav- 
ing 2 plurality of rotors for gencrating a B X V eieczric field; 

FIG, 10 is a sectional view taken along line 10—10 of FIG. 
9: and 

FIG. 13 is a diagrammatic illustration of an apparatus for 
exhibiting moving field phenomena. 

In FIGS. 2 and 2, the principle of the invention is diagram- 
matically iustrated with the utmost sintplicity, wherein a 
cztena of magneuc flux fields, all with the same polar orienta- 
ticn, is produced hy arranging on array of rod-type permanent 
magnets paralic! with each other, and paralle) with the azis 
about which they are to be rotated. In FIG. 1, the axis of rota- 
lion is designate I, and may be considered us the center of a 
shaft of a rotor, preferably composed of material having low, £ 
any, magnetic permeability, and low, if any, electrical conduc- 
Uvity. The periphery of such a rotor is designated by the circle 
2. ln the form showm, a series cf permanent magnets 3, 4, 5, 6. 
7, and 8 is appropriately secured to the peripnery of the rotor 
with the respective magnets in equi-spaced relationship, and 
al) with ther north poles addressed in the same direction 
which, as shown in FIG. 1, is in the disection Of the reader cr. 
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Uthat one be increasing at 8 sufficiently preater rate than the 
other is Gecreatirg so that the product (B X V) increases. In 
the relationship of Geld and particle shown in FIG. 1, the 
product (8 X V) increzscs redially inward. 

For practicz! purposes, however, Commonplace permanent 
Magnets produce insufficient flux density = their extemal Mux 
paths to impress wpon a particle of charged matter such as P, 
29 electric force of sufficient magnitude that the force of the 
tlectric field can be measured with ease, at least at speeds of 
rotation within practical mits. Consequently, the practical 
embodiments of the invention, later to be described, make use 
of electro magnets of a forza capable of producing external 
flux fields of vastly greater Max density 8, as well as higher 
velocities ¥. 

‘The term “unipolar inductson™ has been used to indicate 
the induction of an electric field io the viciaity of xn axially 
symmeunical magnetic system rotating about its 215 of sym- 
meuy. There has been disagreement about whether as the 
magnetic sysiem is rotated the lines of magnetic induction are 
carried with it or remain stationary while the mzgnetic system 
rotates through them. For example, when a bar magnet is 
tetated about its magnetic axis, it is believed by many that the 
magnetic ficid ts stationary. { have cemeasirsted that vader 
certzin conditions, at least, the magnetic lires can be made to 
move, and I have devised certain methods and apparatus for 
utilizing this phenome az in the production of locaiced and 
bigh intensity electric freide, 

Turing auw to FIG. 11 of the drawing: an aeporzn= for 


45 shown in FIG. 2, to the reader's ght. The eztemcl fux 39 demonsrating certain magnetic phenomena is Wustrated in 


feids from the respective permanent magnets 3, 4, 5, and 6 
ore illustrated iz TYG. 2, where it will be observed that the ex- 
vernal flux path of all magnets is from right to left, a relation- 
ship designated by the plus (+) marks in FIG. 1. With such an 
arrangement, the flux fields of all magnets may be concur- 
tently rotaied about axts 1. Considering the rotation to be in 
the d:section of arrows 9 and the polar orientation of the 
several permanent mzgnets to be as iftustrated, a B x V mo- 
tional electric field will be gencrated both externally and imer- 
naily of rotcs periphery 2 upon rotztion of the rotor. The thus 
generated motional electric field will exert a radially directed 
force upon every particle of maiter, neutral of charged, such 
as particle P. which *s within the ambit of the catcna of mag- 
ncuc Mux fields. The magaitude of the so impressed electnic 
field intensity will depend upon the magnetic flux concentra~ 
lion at the partic P and the relative velocity between the flux 
field and pacticle P. White, if particle P is in motion, its 
velocity must be considered in arriving at the se!stive velocity 
V (in the formula £ = B X V) the disclosure will be simplified 
if the particle P be considered as stationary, and in such cvent 
V will be 2 R times S, where R is the radial disniscement of 
particle P fom axis 1, ond where S ts the revolutions per unit 
Of me made by the rotor Hence, with the particle P stationa- 
ty, the mzenitude of the force imprccsed upon il is increased 
when the speed of rotation of the rotor is increased st a given 
Mus density; end is increased by an increase in the flux density 
at a given speed of rotation. The direction in wiuch the force 
ef the motionally incuced electric field acts upon particle P is 
always perpendicular to the magnetic Mux field & and to ns 
velocity ¥. The sign of the electric force field may be cither 
Punitive facting radially outward from the axis of rotation) of 
bezative (acting radially inward toward the axis of rotation), 
thick, fut eny given polar oricntzi0n uf the permanent mag- 
ects, may be reversed by reversing the direction of rotation of 
the rotor. With the pola: oricniauon shown in FIGS. 3 and 2, 
and the direction of rotation indicated by arrow 9, if particle P 
B28 proton oF a positively charged molecule. the ferce af the A 
4¥ ciecutic fieid wilt be radially @ ward 2s indizzted by the 
told Iine arrow etlached to pce P, bu! if panicle P mw an 
electrun ur a negatively charged molecule, the parugl: will 
lend to move radsaily Oulwaurd as shown by the broken line ar- 
few, and if the parucle P is clectricsily neucral, it will tend to 
move in the durectcn of increasing ci cuncal antcnaity £ In- 
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diagrammatic form. A magnetic system, indicated generally 
by numeral 200. includes a pair of permanent magnets 210 
and 220 which are axcully magnetized and mounted im arial 
alignment between the ends of a U-shaped ycke 239 of highly 
permeable magnetic material. The adjacent surfaces of mag- 
nets 210 and 220 dig of opposed palanty are spaced cpart, 
providing an air gap 2s¢ therebetween. The Lines of magnetic 
flux are shown in the drawing and indicated generally by nu- 
meral 262. A brass rod 250 extends axially rough magnets 
210 and 220. The magnetic system 260 i rotatable about rod 
259. A stiff conductor 2€0 is eleciricaliy connected by acollar 
26! at one end in rotztadic cr fixed relation as selectnely 
desired, with the brass red 250 at a point m the gap 240 
between magnets 210 and 220. The other end of conductor 
260 extends substantiaSy perpendicuiarty from tod 250 to 8 
distance in space sway from the magnets and yoke where the 
megncuc field falls to approximately zero intensity, In order to 
complete an electrical cercuit through galvanometer 279 and 
conductor 280 to the brass red 250 und conductor 269, a fex- 
isle and extensible elecuica) wire 264 connects the ezal of 
conducter 260 to the gaivanometer 270. A gear 257 locked al- 
teratively hy set screw 254 to rod 259 cz by set screw 256 10 
yoke 20 can serve to pruvide driving motion to either the red 
250 or YOKE 280 as selectiveiy desired. Normally, for the 
purposes of the experiment, the driving motiun will be 
reciprocal because of the conasction of wires 280 and 264. 

With this appartus, Wihe mognctic system 70 is held fired 
and a given angular displacement impsried t2 conductor 260 
by rotating it horizontally abort or with rod 250 tarezgh the 
air gap at a given angular speed, 2 voltage & mcuced ahich 
provides s deficction of galvanometer 270. Furthermore, 
when the conductor 200 p belt fixed and the magnesic ryzizm 
2290 rotated through the s me anguicr diptecement abcut rod 
250. 21 the same given angular speed, a scaidar + ottage of ex- 
acy the same magnitude bul opposite direction m induced in 
the galvanometer circuit. The sure detlection & chivined 
whether ef not tis sat guets 212 and 220 retuic with the yoke 
230 ur are held stationary whilz the yoke alore is peated. 7 hit 
indicates cicarly that the liess of magnetic induction in the 
quantity rotste sbout thr 23% of rotor 250 2s if they were 
rigidly wtlached io the magnetic syst-m 200 

A most importent espect of the operation of the apnaratus 
of FIG. 11 és noted when the magnets 216 and 220 are held 


crease of E requites efter that both W and I be increasing o¢ 75 fixed in relation tw the ccaductor 260 und rod 280 sect th 


3,656,013 


5 


yoke 2§ is rotated about the rod 250. This action causes in- 
duction of current in the galvanometer curcuit exactly as oc- 
curs when the entire magnetic st-ucture or the conductor itself 
are moved, However, if the magnetic yoke 230 ard conductor 
260 sre held Axed and magnets 210 2nd 220 rotated. there is 
no defiection of the galvanometer. Thus, it appears that the 
yoke structure plays an important part in contzuiing move- 
meat of the magnetic flux. Furthermusc, it should be noted 
that the magnetic flua does not link the galvanometer circuit 
in the usual sense that this term is used, but that a current zs in- 
duced in the palvanorieter circuit through the action of the 
conducicr 360 in merely cutting acrots the field extending 
between adjacent faces of magnets 210 and 220, 

It has also been found that the permanent magnets 210 and 
220 may de replaced by an clectromagnet and the results 
described above dupliczted. Furthermore, it can be demon- 
sated that the magnetic Nux within the air core of a solenoid 
may be rotated about its magnetic axis. A brass tube formed ia 
the shape of 2 toroidal C has a winding applied to its entire 
length with holes dried i the tubing io receive « brass rod, as 
250 in the structure shown in FIG. 11. With the winding ener- 
gized, the above-described procedures produce similar gal- 
vanometer deflections. 

This application is concerned with cerain methods and ap- 
paratus which make use of the pi described above, 

Referring now to FIGS. 3, 4, and 5 for an illustration of the 
second embodiment, s tubular rovor 16 le pruviced on its inner 
periphery with 1% keystone cross-sectional electm magnets 
id, 12, U3, 14, 15, 16, 27, 18, 19, 20, 21, and 22 of the sole- 
nwid vps. As scen in the cross-section of FIG. 5, the several 
electro magnets are zrranced as sectocs of a cylindrical annu- 
lus. While in the form snown, the several electro magnets 
11-22 ze shown io circumferentially wedged relationship, 
whereby to minimize she MheEhood of reladve nigvernent radi- 
ally inward as zt stanc’still, as well as in the interest of ecitiev- 
ing substanual uniformity of cxternal flux dersity throughout 
the inside circular azea of the rotor, it will be unverstood that 
when and if de.:red, the several electro magnets can be cir- 
cumferentially spaced one from the other, and, if desired, a 
spacer of relatively low, if any, mugnetic permeabiity inter- 
posed between thers. Any suitable means may be employed 
for securing the several ciecua magnets to the shell of the ro- 
tor. 

fo order to facilitate the isseudly of the several keystone~ 
shaped electro mzgnets on the interior of the rotor 71 shown, 
the shell thereof is made of at feast two pieces 23 and 24. In 
the form shown in FIGS. 3-S, the two pieces 23 and 24 are 
Cup-siaped, end are respectively provideu with outwardly ex- 
leading fiznges 25 and 26. Once the several solcnoits have 
been ces tioned within the longer shell piece 23, the shorter 
shell piece 24 may be applied as a cap so that lenges 25 and 
26 2out, and may be eppropriately secured together 2s by 
riveting, botting, welding, or cementing. 

The shell picces 23 and 24, as well as their imerconnecting 
means, may be formed of material having litde or no magnetic 
ptsncability, or ir: cases where it is desired to shield the ex- 
terior from the escape of magnetic Mux, they may be formed of 
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11-22. All 12 solencids are connected so thet the Cirection of 
clectic current flow i the san in all solenoids. The enerz> 
ing current is sspplicd from ar external source through con- 
ductors 33 ard 34 and brushes 35 and 26, in 2 manner wel un- 
derstood in the art. 

The rotor is moumed upon an appropriate frame 37, having 
opposite stadiorary stuo axles in the form of ferrules 38 and 39 
which project toward cach other, On the projecting portion of 
each of ferrules 38 and 39, there is provided an inner race 40 
and 41 for each of two ball bearing sets whose outer races 42 
and 43 are appropriately mounted to the respective ends of 
the rator 10, so that the rotor 10 is free-running, with respect 
to the frame 37, about an axis concentric with the rotor 10. 

In the embodiment shown, Use exterior cylindrical surface 
of rotor £0 scrves as a pulley for a drive belt 44 which con- 
nects the roter to a source of power 45, but any other suitable 
means of driving the roior in rotauon may be utilized 

ln the form shown in FIGS. 3-S, the apparatus is intended to 
concentrate the magnetic fiux of the severs! solenoids radially 
inward, and to faciliuzie this each of the solencids is provided 
with a core 46 of materia: having high magnetic permeability. 
As shown in FIG. 4, the several cores 46 are of squat U-shape, 
and extend, for the most part, parallel to the axis of the rotor, 
but at each end the cores are curved so as to provide faces 47 
and 48 addressed radially inward. To minimize the radially 
outward escape of magnetic flux from the severa! colenoids, 
they are prefercty sound of ribbum-like conductor which is 
costed with any <pprepriate ciectnical insulation, The first 
course of winding begins at 49, and proceeds in helically 
wound fashion with the minimum of space between adjacent 
Tums about core 46, to the oppesite end thereof, wherexpon, 
without interrupting the continuity of the conductor, the 
second course is wound hslicaliv over the fort course, with the 
pitch of the helix reversed from: that in the first course. In this 
way, any g2ps between successive (urns in the first course are 
overlepped by jurns in the second course, While the drawings 
show only two courses of conductor shout cach core 46, it will 
be undersiood that, in practice, there may be many more 
courses. 

With the several solenoids connected throug®: the siip rings 
toa source of direct current as above-described, it wi!! be un- 
derstood that all the solenoids 11-22 have the sme polar 
crientation with respect fo the axrs of rotation of the rotor. For 
example, uil core ends 47 are North poles, and all core ends 48 
are South poles. 

A tube 50 of circular cress-section is mounted in fixed rela. 
tionship within the respective ferrules 38 and 39, The tube 50 
is preferably made of rnaterial having little or wo magnetic 
permeadiity. The tube SC is staticnary, but che rotor 10 
rotates about the axis of the tube $0, 

A staliunary solenoid $1 is fixedly mounted on the exieriog 
of tube 59 in a position such a to fit, with clearance, into the 
bight of the squat U-haped solenvids 11-22. Solencid 51 may 
be woud directly om tube 50, but in the form shown, it is 
wound on a cylindrical care $2 cf material having little of no 
magnetic permeability, and the core 52 is telesce 2d on tube 
50. The stationary solenuid SI is euergized through ap- 


material heving a high magnetic permeability. Instead of divid- gg propricte leads (not shown? from conductors 33’and M or 


ing (Me rotor shell in twain axially, it may be divided in twas 
r2zdially, in which event the two halves will have axially ex- 
fending joints when assembled, and may be held mm such as 
sembl ¢ position by banding of other epprurrale means Capa. 
ble of sustzining the centrifugal force to wich the rolur will 
be subsect in use. 

At the end of shell piece 23, rerrante from flange 25, there is 
provided a pair of shp rags 27 and 28 which, in the event the 
shell picce i formed of electrically cundective mivterial, may 


be separated from the she!l piece by szb-rings 2% and 30, of 70 


2opicpriate insulating material. The slip ring 27 5 connected 
ahruugh 2 cunductur 31 to the free end on the inner course of 
the sslenoid windeng for czech of the electro magnets 13-22. 
The sl.3 ang 28 is connected trough a conductor 32 to the free 


65 


cther source of direct current, and is so connected that its 
wmegnctic polerity = upporite that of misnoids 11-22, that isto 
s2y hot when, as aforescid, the core ends 47 are North pees, 
the azacent cad of sotcnoid $1 will be its South pois. Thus, 
magneuc flux of solenoids [1-22 has on externa! pork, 
trevgh tube 50, witch is ceincident with, and ip tne Grve 
direction as, ths internal poth of magnetic Nux in salenord $1 
Thus, die marneuc held penzrated by cach of the salenvids 
I} through 22. cs well os that generated by swirno 51, 
penetrates the | 1¢rior of tube $0, anj when the sator is driven 
in rotzuon, th, < magnetic felds route enilectively about the 
ax of tube £5. Dunng suck rotation, particles of mater 
within the wie $9 are within the motions! cleciric field 
gerade’ by tht eotating mzenet:e flux Such an cpparaies 


end of the uvtcr course of winding in cach of Ux sch-no'ds 75 haa érmonevable ¢flect in the separation and concentration 
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of fluids. For example, in the de-niimization of water, the 5 X 
V electric {rcld generated by the rotating magnetic fields, acts 
upon the disassociated ions of the sodium chioride in solution. 
This is explained by the fact that if the rotor 10 be rotated in 
the direction shean by the arrows in FIG. S, the B X V field 
tends to drive the positively charged sodium cctions toward 
the center, end tends to drive the negztively charged chlorine 
anions away from the center of woe 50. Hence, by introducing 
a Now of zaline water at end 54 of tube $0, and by providing a 
concentric separating tube $3 at end $6 of tube $0, incre- 
ments of fluid which are concentrated with sodium and 
deplezed of chlorine nsay be drawn off through the stationary 
tube §5, while the incremsnts of fluid which are concentrated 
with chlorine and depleted of sodium may be drawn off 
through the space between the exterior walls of tube 5S and 
the interior walls of tube SO. 

Another utility of the apparatus shown is that of trazsmut- 
ing hydrogen into helium, in which event tube $5 is omitted 
and electrodes are proviced al opposite ends $4 and 56 of 
tube 50, so that an electric arc may be established between 
them. Heretofore, difficulty has been encountered in main- 
taining the plasma of the arc in a relatively straight path 
between the electrodes 2s it ends to wiggke and extinguish it- 
self when it maxes contact with one of the confining walls. 
However, by impressing a B X V electric field upon such en 
arc, its path may be confined within controllable limits. The B 
% V eleciric Geld has the further effect of driving hydrogen 
protons toward the center of the tube, and driving electrons 
away from the center of the tube. Add cne neutron to a 
hydrogen atom nucleus, and there is produced the isotope 
known as Dueterium; add one more neutron to the Dueterium 
nucleus, and it becomes Tritium; add one more proton to the 
Tritium nucleus, and it becomes Helium. 

A third embodimen; uf the apparatus is shown in FIGS. 6,7, 
and 8. With the significant exception that the embodiment of 
FIGS. 6, 7. and 8 has no moving mechanical parts, its or- 
genization is, in general, ouite similar to thal shown in FIGS, 4 
and $, and hence the last two digits of the reference characters 
utilized in the previous embodiment. As showa in FIG. 6, a 
| nemo tube 150 has a solenoid 151 wound on the exterior 

, and is energized with direct current from a suitable 
source through leads 153. A plurality of squat U-shaped sole- 
noids 111, 112, and 113, of keystone-shaped cross-section, of 
which there are four cach or any multiple of four, are wound 
as described in connection with the previous embodiment, and 
secureiy mounted in any suitable way with their pole faces 147 
and 148 contiguous with, and addressed toward the axis of, 
tube 150. In this embodiment, however, the several squat U- 
thaped solenoids 111. 712, and 113, have cores which are 
made of material having little or not magnetic permeability, 
tweh as tubes 146 of paperboard wound to a leystene shope 
‘sith hollow interior, As ia the previous embodiment, the mag- 
netic polarity of sotenoid 151 is opposite that of the solenoids 
$11, 142, and 113, which is to say thar if encs 147 of the sole- 
wolds LII-113 are the North poles thereof, the adjacent end 
Of wlewoid ISI is its South pole, so thar the external magnetic 
Mua path froin solenoids 111-113 is coincident with, and in 
the sume direction as, the internal Mua poth of solenoid 151. 

In the embodiment shown in FIGS. 6-8, the several squat U- 
shaped tolenoids 111, 112, and 113 ase euergized with non-in- 
Verconnected three-phase alternating current, each phase of 
which hes been half-wave rectified to produce direct current 
fultating at aliernzte half cycles. One phase of the alternating 
Current is connected to all solenoids 112; snother phase of the 
aliereating current is connected to all solenoi is 112; and the 
third phase of the alternating current is conrect to all sole- 
Noids £43, us shown in the wiring “i:gram of FIG. B, where a 
Uhree-phere allernztor 100 is provided with sia leads evrersed 
in U.ree pairs, to wit: leads 10] and 101" for We Grst prczse, 
leads 102 and 102° for the second phase, and ‘cad 103 and 
103° for the third phase. The respective phases are ot electri- 
tally imezconnected. In each of leads 1C1, 102, and 103, there 
fe a recuficr 104, 10S, and 106, reipectively. Lea's 101 and 
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101" serve all four of solenoids 111; leads 102 end 102" serw 
all four of solenoids 112; and leads 103 and 103‘ serve all fow 
of solenoids 113. Across Jeads 101 and 101’, between thi 
rectifier 104 and the respective solenoids 111, there is pro 
vided a cepactor 107. Such capacitor is to coordinate tn 

and inductance of input, and to neutralize the effec 
of induction in solenoids 113 by adjecent solenoids during Uw 
off half-cycse of encrgization. Likewise, a capacitor 108 i 
connected berwess keads 102 and 102’, and a capacitor 109 i 
connected betweea i=34s 103 and 103’. It will be apparent & 
those skifled in the ast that since the four solenoids of like 
phase are arranged in quardrature with cach ocher, 2nd since 
solenvids E11 will reach their peak of magnetic flux 120° 
ahead of solenoids 112 reaching their peak flux, and the lattes 
120° chead of solenoids 113 reaching their peak flux, a revolv- 
ing magnetic ficlé is created. Due to the rectification of the 2- 
termating current, and the consequent utilization of the half 
cycles which all flow im the same direction, there will be na 
reversal of the direction of snagnetic flux generated by any of 
solenoids 111, 112, 2nd 113, and hence, as in the case of the 
previous embodiment, the external path of all magnetic Nux 
generated in the solenoids 111, 112, and 113 is coincident 
with, and in the same direction as, the internal flux generated 
by direct curremt energization of solenoid 151. When such an 
arrangement is supped with alternating current at high 
frequency, such as 2 thevsand cycles per second, the some 
results are achievable with this embodiment as with the previ- 
ous embodiment but without movement of any mechanical 
parts. 

For the purpose of Mestrating the effect of the B X V elec- 
tric field, and seeregaiing that effect from the effect of suray 
magnetic or electrostatic forces, reference may de had to 
FIGS. 9 and 10, The device there shown is intended to be en- 
cased in an electrically grounded box 70 of materia] which has 
a high magnetic permeability, and which also has the property 
of electrical conductivity for shielding electrostatic fields. 

Within the box 70, there is a compound rotor machine, 
wherein the ssspective rotors are driven in opposite 
directions. la 2 suitable frame having spaced pedestals 7i and 
72, there is mounted a shaft 73 and an independent shaft 74. 
Both shafts 73 and 74 may be driven from a single source of 
power, and are preferably driven ai the same rotational speed, 
but in opposite senses. A yoke 75 is fixedly mounted to shaft 
73 for rotauion with it. The yoke is cup-shaped with cylindrical 
skist 76. About the inser periphery of the skirt 76, a plurality 
os solenoidal electro mzgnets 77 are fixedly mounted thereto. 
The several electro magnets extecd purailel with the commun 
axis of rotation of shafts 73 and 74, and are of the same polar 
anentation with respect to those shafts. The several elecuo 
magnets 77 have identical sokmoids wound, in the manner 
previously described, about identical cores of material having 
high magnetic permeabilny. The solenaids of the several elee- 
ro magnets 77 ore energized from 2 suitable source of direct 
current through cunducion 84 and £5, brushes 55 and 87, sup 
rings 88 and &9, and conductors 94 and 91. The respective 
solenoids 76 ase preferably connected in paratlel circuit rela- 
ionship, but, f Cesired, may be in series so long as uniform 
polar orien:ation is maintained. 

Shaft 74 is provided with a hub 78 having a coaxial bore 79, 
into which 5 rotztably fitted a pilot 80 projecting concentsi- 
colly from shaft 73. On the outer periphery of hub 78, there 
firedly mourted a plurality of electro magnets 81, each of 
which ic an identical scicnoid, and each of which has an idend- 
cal cure of mzicnial having high magnetic permeability. As in 
the previous czse, the several salenuids 8) sre ali energized so 
as lo have the seme polzr orientation with respect to their axis 
of roisuen. Each of the solenoids is energized from a suitable 
tource of det sree Grou 
brushes 82 and 83, sip rings 9S and $6, and conductors 97 
and 98. All of the solenoids §1 are preferably connected in se- 
ies circuit relatonship, but, if desired, may be in paraliel. 

Uf desired, and as sbown, the severed solenoids 85 may be 
surrounded by a simple solenoid $9 wound helically 
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thereadout and electrically connected m parallel or series 
relationship with solenoids 81 and to conductors 97-95 so that 
the current fiow through solenoid 99 is in the same direction 
as through sotenoads 81. Thus the winding 99 serves tie dual 
purpose of boosting the magnetic fields generated by sole- 
noids 81 and of mechanically binding the laner to the surface 
of hud 78. 

When, as contemplated, the shafis 73 and 74 are driven in 
rotation simultaneously, but in opposite directions, the sole- 
noids 77 which roiate with shaft 73 have oppusts magnetic 
polar orientation lo there (81) which rotate with shult 74, The 
several solenoids 77 are preferably designed to create external 
magnetic flux fields of flux density approximately equal and 
opposite to these created by electro magnets 81 and 99, but by 
the principle of superposition (“Elec & Mag.”, by Ratah W. 
Winch, 1963 Ed., p. 202), each Mux field acts us if the other 
were nol present. Despite the fact that the Mux fields created 
by the resvonsive series of electro magnets 77 and 81 and 89 
are oppositely directed, since their rotation is in opposite sen- 
ses, their resultant effect, insufar as concems the generation of 
a BX V clectric field, is cumulative. Accordingly, the external 
BX V electric field is intensified at the exterior of the device, 
and its effect on the outside of shielding box 70 = demosstra- 
ble, even though the resulrant magnetic Dux density there is 
approximately zero. Such demonstration might be through a 
c2pacitor and electrometer as shown in FIG. 9, for example. 

In order to achieve the maximus flux density and hence the 
maximum B X V electric field intensity, it is desirable to take 
measures which keep the apparatus cool. This may involve 
resort to such means as: winding the several solenoids with so- 
called “super-conductors™ such as that known commercially 
as "Supercon™, or refrigerating the apparatus as by immersing 
it in 2 bath of liquid helium which is capable of maintaining a 
temperature of approximately 4° Absolute. 

While several illustrative embodiments of the invention 
have been disclosed in detail, it is not to be understood that 
the inventicn is limited 10 those embodiments. On the contra- 
ry, the principles of the invention are susceptible of applica- 
lion in a vast variety af forms without depasting from the spint 
of the invention or the scope of the appended claims, The ap- 
paratus defined in the following claims is believed by the ap- 
plicant to dsmonstrate his unique theory disclosed above, 

What ‘s claimed is: 

1. Apparatus for generating an electric field, comprising: 

afr.me; 

a cylindrical rotor; 

a shaft journalled on the frame and supporting the rotor for 
rotation about is longitudinal axis; 

a plurality of clecuo magnets, each of whi 
solenoid having a core formed of 2 material having a high 
magnetic permeability, the eleclvo magnets being fixedly 
mounted on the rotor with each electromagnet extending 
parallel to the axis of rotation thereof, 
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means to erergize the Solenoids of the electro magnets from 
# direct current source, the sotenoids being enecgized 10 
as to maiztain a uniform polar orientation; and 

an enclosure surrounding the frame and the rotor, the en- 
closure being formed of an electrically conductive 
materis] the enclosure being grcurded, 

2. Apparatus according to claim } wherein the rotor is a hol- 
low cylirdrical rotor, the electromagrets being affixed to the 
inner cylindsics! surface of the rotor. 

3. Apparatus according to claim 1 wherein the solenoids are 
cunnected in parallel corcuit relatiorship. 

4. Apparatus for demonstrating magnetic phenomena com- 
prising: 

a frame, 

acylindrical rotor, 

a shaft journaiied on the Eame and supporting the rotor for 
rotation about ns longitudinal axis; 

a plurality of electro magnets, each of which is an identical 
solenoid havicg 2 core formed of a material having 2 high 
magnet 7 , the clec! cing fixed! 
monnies Pept east Fy yd mere ee endint 
paraliel to the axzs of rotation thereof, 

means to energzs the solenoids of the electro magnets from 
a direct current source, the solenods being energized so 
as to maintain a ueiform polar orientation, 

an enclosure surryunding the [reme and the rotor, the en- 
closure being formed of an electrically conductive 
material, the enclosure being grounded, and 

Means surrounding at least « portion of the enclosure to de- 
tect and measure the electric field generzted during rota- 
tion of the energized rotor. 

5. Apparatus for demonstrating magnetic phenomena, com- 

prising: 

a U-shaped vohe of highly permeable magnetic material; 

a pair of permanent magnets mounted in axicl alignment 
between the ends of hs yoke, one magnet being mount=d 
to each leg of the yoke, 

an electrically conductive non-magnelic rod extending aa 
ally through the magnets, 

a stiff conductor mounted at one end to the rod for rolauon 
relative to the yoke in a plane perpendicular to the rod 
and internediate tse magnets, tive conductor extending a 
sufficient distznce beyond the magacis so that its other 
end is !ocoted at a point where the magnetic field froin 
the majmets falls to approximately zero intensity, 

a galvanometer, and 

Circuit means connecting the ends of the conductor to the 
gelvanometer to rmezsure current Mow through the con- 
ductor. 


ich is an identical $0. Apparatus accortting to claim § wherein the mignets are 


rotatably mounted to the ycke for rotation about the axis of 
the rod, and where the magn. ts are axially magnetized and ad- 


jaceut faces are of opposite polarity. 
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APPENDIX ITI 


A CONDITIONAL CRITERION FOR IDENTITY, 
LEADING TO A FOURTH LAW OF LOGIC 


Summary 

If logic is regarded as a set of perceptual operations, then logic 
has a chronotopology (time structure). Identity or nonidentity then 
results as a decision from an algorithm — a set of perceptual opera- 
tions and comparisons — in which case the nature of a particular 
identity is conditional upon the nature of the set of perceptual 
operations comprising the algorithm. 


Ordinary logic does not account for the temporal aspects of 
perception, merely accounting for the spatial aspects. 


In other words, Aristotlean logic is a synthesis of primitive 
observation, fitted to the partial (spatial) reality emerging from 
spacetime after the imposition of the monocular (one-at-a-time) 
photon interaction with matter. 


In quantum mechanics, time is a parameter, not an observable. 
Hence measurement/detection (of observables) deals with primitive 
observation and Aristotlean logic (topology). 


Total reality includes nonprimitive observation — hence, non- 
Aristotlean logic (chronotopology) — as shown in Young's two-slit 
experiment. 


By applying temporal accounting to each perceptual operation, 
Aristotle's three laws can be shown to be self-contradictory and 
incomplete as written. That is, they are topolological, not chronoto- 
pological. 


A simple derivation of a fourth law is shown and an application 
rule given which itself may be regarded as a fifth law of logic. 


A proof of the fourth law by demonstration is given. 


The resulting four law logic is chronotopological. The applica- 
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tion rule states that either Aristotle's three laws apply explicitly and 
the fourth law is implicit, or the fourth law applies explicitly and 
Aristotle's three laws are implicit. 


The four-law chronotopological logic is theoretically capable of 
resolving every present three-law paradox. 


Aristotle's Laws and the Paradox of Change 

Aristotle's three laws of logic, on which foundation rests all 
mathematical, physical, and rational thinking, can ordinarily be 
stated as shown in Table 1. 


Table 1. Aristotle's three laws of logical thought 


1 A=A 
2. AsA 
3. AVA 


A variety ofarguments can easily be produced to show that these 
laws are incomplete; i.e., they do not specify all reality, for parts of 
reality can be shown to contradict one or more of Aristotle's laws. 


Indeed, all "observed" reality can be shown to violate all three- 
laws. 


E.g., the most direct violation is posed by the problem of change, 
a problem originally propounded by Heraclitus about 500 B.C., and 
unsolved to this day. Heraclitus pointed out that, for a thing to 
change, it must turn into something else, and then asked how athing 
could be something other than itself? 


We may think of a thing — say, « —some feature A of which is 
said to change. IfA changes, itturns intoA, thus violating logic laws 
one and two. Further, we are considering A as the "changed thing. 


A,” i.e., something which is somehow both A and A, so logic law three 
is violated as well. 
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Thus, ifAristotle's laws are taken to be all the fundamental laws 
of logic, then logically there can be no change whatsoever, because 
change negates all three laws. Le., either change does not exist or 
it is totally illogical. 


Since all measurements, detections, thoughts, and perceptions 
are simply changes, then it follows that these operations logically 
cannot exist. Or, ifwe assume the "operations" to exist, their outputs 
cannot exist. Ifthe operations do not exist, then again their outputs 
do not exist. 


So ifthe products or outputs cannot exist, then by this reasoning 
no perceived, detected, measured, conceived thing exists. If we then 
insist that such things do indeed exist, then all is paradoxical and 
illogical. This is essentially the nature of the paradox posed by 
Heraclitus. 


Heraclitus's change paradox has not been satisfactorily resolved 
to this day, and rigorously all the rational science of the Western 
world, being based on paradoxical change (detection, perception, 
observation) is itself totally illogical by its own logical standards. 


Resolving the Paradox of Change 

However, the conditions necessary to resolve the problem of 
change can be stated simply by inspection of the problem as follows: 
(1) Aristotle's three laws must specify or apply to only that which is 
not changing, since change violates or negates all three laws; (2) If 
change is to logically exist, there must exist at least a fourth law of 
logic, one which applies to change; (3) This fourth law must contain 
the negations of each ofthe first three laws, since change negates 
them; (4) To be consistent, in any particular logical case, either the 
three laws explicitly apply or the fourth law explicitly applies (i.e., 
either change explicitly exists in that particular case or it does not); 
(5) Since all four laws must apply at all times, then when the three 
laws apply explicitly, the fourth law must be implicit—and when the 
fourth law applies explicitly, the three laws must be implicit. 


With the five stated conditions, a fourth axiom of logic can be 
written simply by writing down the negations of Aristotle's three 
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laws, and synthesizing these negations into a single fourth law, as 
shown in Table 2. 


Table 2. Negations to Aristotle's laws. 


Aristotle’s law Negation of negation* 
A=A A#A A=A 
AzA A=A A=A 
AVA AAA A=Aor [AA] 


However, even though we can synthesize the negation into a 
single law — the old "identity of opposites" idea — we still have the 
problem of understanding such a law. Though at first glance the 
negations and the synthesized fourth law seem bewildering, we can 
readily comprehend them if we carefully consider the temporal 
nature of the process that occurs in logical thinking. 


The Importance of Time 

Specifically, a finite interval of time is required to perceive, 
think, detect, or observe an entity — regardless of whether we refer 
to "physical" or "mental" detection, because both physical and 
mental processes are temporal. Indeed, we flatly state without 
further discussion that ultimately the identifying or mapping of 
physical and mental operations onto each other is what time is a 
priori. 


At any rate, we now carefully account for each individual time 
interval required to think, conceive, detect, perceive, or observe any 
entity — whether that entity is physical or mental — and we also 
account for the finite time interval required to perform a logical 
operation. So we rewrite Aristotle's three laws as shown in Table 3, 
with subscripted numbers indicating the separate time intervals in 
each law. 


*These negations mean that A and Aare totally undifferentiated. 
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Table 3. Temporally accounted laws and negations. 


Aristotle’s law Negation 

1. A, =, A, A, = A, or A, #, A, 
2 <A, #, A, A=, A, 

a A MA A,A,A, orfA, Aj], 


The resolution to the entire mystery so long inherent in these 
axioms of logic now stands simply revealed: Whether one of 
Aristotle's laws holds or its negation holds is determined solely by 
the nature of the logical operation in time interval three.’ 


Ie., the operation in interval three may be regarded as an 
algorithm comprised of subsidiary (assumed) operations in separate 
time subintervals that, taken together, comprise the overall opera- 
tion implied by the logic symbol. 


Thus in the first law, if temporal tags (time snapshots) are not 
accounted (i,e., if they do not apply), then Aristotle's laws hold, for 
the snapshot 1 ofA is not differentiated in algorithm 3 from snapshot 
2 of A. This then rigorously holds for spatial (L’) entities, but not 
for spacetime entities. The snapshots in this case for Aristotle's first 
law (and the others as well) are spatial snapshots. On the other 
hand, if snapshots | and 2 of A are themselves temporally differen- 
tiated in algorithm 3, then the negation of Aristotle's law applies, 
because the spacetime snapshots A; and A; are different. This is 
immediately apparent, e.g., in a Minkowski geometry representa- 
tion, where the second snapshot of A will have a time coordinate 
different from the time coordinate ofsnapshot 1. This is represented 
as shown in figure 1, where "A" is taken as a simple magnitude, in 
this case 5. 
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Figure 1. Spatial snapshots of spatiotemporal A differ. 


As can be seen from figure 1, 5; is not identical to 53 unless we 
imply the operator d/dtin the time interval three algorithm. 


The negation ofthe second law may also be simply understood if 
we use temporal accounting. E.g., suppose we take A; = +1, A, =-] 
and then pose the absolute value operator || for potential use in 
algorithm 3. If |] is not used, then 

(+1), #, (-L), 


and Aristotle's second law holds. If || is used, then 


(+1), 
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and in that case 


A, =, A, 


Note we are taking the view that there is nothing "absolute" or 
"inherent" about identity or non-identity; instead, each is a condi- 
tional result that can only be established by some logical, comparn 
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tive set of operations. Ifthe suboperations comprising the decision 
algorithm for the identity/non-identity determination are changed, 
the finding ofthe algorithm (the decision) may often change. Specifi- 
cally, one can have the cases 


=, Fy =, 


#, #3 #, 


Thus we advance a conditional identity criterion to be incorpo- 
rated into formal logic: "Identity" or "non-identity" is defined by a 
decision made as a result of applying an operational algorithm; 
changing the internal operator components assumed inherent in the 
algorithm can change the decision. We are stating a fundamental 
principle that "identity" and "non-identity” are conditional and only 
conditional; they are never absolute. 


Primitive Observation and "Reality" 

With these points made, we now turn to the third law. From 
Table 2, on examination it can be seen that the third law actually is 
a statement for monocular perception, detection, observation, 
thought, or conception. Indeed, this law says that only a single thing 
at a time can be perceived, detected, observed, thought, or conceived. 


As we pointed out in a previous paper’ , there is a very good 
reason for this "law." Primitive man lived almost exclusively in a 
reality detected by light, by the photon interaction. Even in the 
absence of visible light, all bodies have temperature, and man is 
immersed in a "sea" of continual electromagnetic photon with inter- 
actions. The photon interaction is monocular - - only one at a time 
interacts with a particle of mass. Further, photon interaction con- 
stitutes the operator 0/dT invoked upon L'T spacetime. Photon 
emission carries away time (the photon is made of (AE AT), leaving 
behind an L’ spatial reality, as we have previously pointed out.” 


So all our primitive concepts, ideas, and notions about reality 
have come from over four million years of hominid and human 
experience in the photon-detected partial reality ("physical," "objec- 
tive," or "spatial" reality) that remains when the time "dimension" 
(fundamental variable) is destroyed from L’T spacetime, leaving 
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only L? space behind. Specifically, our observed macroscopic reality 
consists of large temporal (mental) aggregates of such spatial re- 
sults, where we cannot distinguish the tiny temporal separations of 
the pieces. Thus all our observed/perceived entities are spatial, and 
further, each perception/observation snapshot results in a frozen, 
unchanging spatial entity (resulting — in physical detection — from 
the so-called "collapse of the wave function." The loss of a wave 
function is simply the loss of time.) We vaguely sense "time" and 
"change" as the relation between these snapshots — Le., by causal- 
ity, or the ordering of the spatial changes — much as we see 
"movement" in movie frames rapidly projected onto a screen one-at- 
a-time. 


Thus our primitive observations, from which have painfully 
been formed our relational concepts and ideas, are monocular, 
unchanging, and spatial. Aristotle's three laws of logic — which 
indeed may be taken to be only a simple synthesis of our primitive 
observation and corresponding relational concepts — then exhibit 
the same characteristics; they are monocular, unchanging, 3-dimen- 
sional, spatial, non-temporal relational statements. Any statement 
that is temporal, changing, or 4-dimensional will thus appear as a 
logical paradox to this logical shorthand. 


But from Young's two-slit experiment, we already know that 
reality and relationships between its parts are quite different ifthe 
photon interaction is not invoked — ie., if d/dT is not invoked. 
Classical reality (as prescribed by Aristotle's laws) is directly vio- 
lated by an electron in the two-slit experiment, e.g., if and only if 
photon interaction with the electron is not invoked. Again, this has 
been simply explained by the present author’, and Charles Muses as 
early as 1957 pointed out the absence of any mystery in Young's 
experiment if the chronotopological aspects were considered.” 


The Conscious Mind is Fitted to the Photon Interaction 

However, what is normally referred to as the "conscious, think- 
ing mind" is simply a functioning temporal (rigorously, chronotopol- 
ogical) mechanism that is painfully built up in the individual's 
awareness (his mind in the greater sense ofboth thought and aware- 
ness, whether monocular or multiocular) by training, conditioning 
and experience. Its functioning is largely conditioned by one's 90% 
or so attention to visual stimuli (to the partial reality remaining after 
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photon interaction has been invoked, and to the memory-collated 
ordering of vast numbers of such photon interactions) and by one's 
cultural conditioning — which itself has been almost exclusively 
conditioned and shaped by the monocular photon interaction at base 
root. 


Thus, since the beginning of man, his conscious, rational mind 
has been trained and constructed to function almost exclusively in 
basic correspondence with the photon interaction, and his experien- 
tial reality consists ofthe partial reality stripped from fundamental 
reality by photon interaction. 


All "perceived differences," e.g., are | created by this deep mind- 
set. As has been previously pointed out,° the solitary human problem 
responsible for all man's inhumanity to his fellow man is directly 
dependent upon man's almost exclusive detection, observation, 
perception, and conception of "difference" between humans, these 
"differences" being due exclusively and totally to the fitting of men's 
conscious minds to the photon interaction's monocular separation of 
spatial reality from nonspatial reality, i.e., to 


d/dT (L'T) => L? 


Such well-nigh total devotion to, and enslavement by, photon 
interaction also is responsible for the scientist's well-nigh total 
devotion to, and enslavement by, the present imperfect and incom- 
plete three laws oflogic, as presented by Aristotle. The depth ofthat 
devotion and enslavement is evidenced by the fact that the resolu- 
tion of such paradoxes as Heraclitus's problem ofchange have eluded 
the best minds of humanity for several thousands ofyears. Indeed, 
these paradoxes cannot be resolved by the conscious, rational mind 
inits present state, for ithas been most firmly constructed and fitted 
to function in accordance with the photon interaction.’ One cannot 
hope to resolve any logical paradox by using only those same logical 
methods that found the situation to be paradoxical in the first place! 


Dimensionality 

That we need not be constrained by such universal delusion is 
already shown by binocular vision. Specifically, in viewing a three- 
dimensional object, each eye never detects a "third dimension," but 
detects only an L’ 2-dimensional picture. By taking two slightly 
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different 2-dimension snapshots and superposing them, the third 
dimension is gained. One then essentially sees the resultant super- 
posed pictures as "almost the same but not quite." I.e., the Aristot- 
lean identity algorithm, if satisfied, yields "no difference, hence one 
object," and if not satisfied, yields "difference, hence multiple (ex- 
tended) object(s)." So ifthe two snapshots are almost Aristotlean- 
identical but not quite, we get an extended-two-dimensional (three- 
dimensional) object. Otherwise we see two separate, two-dimen- 
sional snapshots blurred together (the reader is urged to try this and 
see). 


The point is, "dimensionality" and the identity algorithm are 
directly related, and geometrically one follows from the other. 


Awareness of Time 

In very similar manner, we can only gain cognizance of aware- 
ness of "time" (as a fourth dimension) by the superposing of two 
slightly differing (Aristotlean-wise) 3-dimensional snapshots. As is 
well known, e.g., time is not an "observable" in quantum mechanics; 
it is a "parameter." Rigorously, the only place such snapshots — 
each of which is "past" (spatially separated by the annihilation of 
time in the collapse of the wave function) — can multiply exist is in 
the "mind" in its most general sense. In a rigorous sense, mind and 
time can be taken as identical, and the "flow oftime" can be taken as 
the "flow of mind connections or superpositions" of its spatial 
components. I.e., measured/detected/observed "physical phenom- 
ena” are a priori 3-dimensional and spatial, while a mind is four- 
dimensional and hyperspatial.* Spacetime exists mentally but not 
observably. Time is logically implicit, not explicit. 


Temporal Aspects of Logic 

Now we return to the temporal aspects oflogic. Each perceptual 
part ofeach Aristotlean law is fitted to the photon interaction, hence 
monocular. The logic operation, inherent in the logic symbol in each 
statement, involves temporal superposition or comparison of spatial 
perceptual objects. Hence the logic operation is hyperdimensionally 
a function of mind and injects mind/time into the statement. Yet 
these laws, being fitted to or synthesizing photon interaction, at- 
temptto prescribe the absence oftime, even though writing down the 
logic operation rigorously invokes time. They are thus totally 
contradictory, since as written they implicitly violate themselves. 
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Table 4 summarizes the operations now to be permitted in the 
time-three algorithm, in developing a new four-law logic: 


Table 4. Conditional identity rules. 


1.| Ss s, | 3 = (zero), = (identity), 


2.|S,,5,| ,= (nonzero), = (non-identity), 


1)? 


afs| , -[lsl..lsl, 


tion internally 


S Ss 
4. |] 3 = | | 3 — nonseparation, no differentiation internally 


2 


= monocular separation, differentia- 





3 


Rules one and two simply state that, when snapshots | and 2 are 
superimposed (subtracted) in time interval 3, the resultant snapshot 
3 may be zero or nonzero. If zero, snapshots | and 2 are said to be 
identical, and if snapshot | is to be labeled A, then snapshot 2 is to 
be labeled A. If snapshot 3 is nonzero, snapshots | and 2 are said to 
be nonidentical; ifsnapshot | is labeled A, then snapshot 2 is labeled 


A. 


Rule 3 says that snapshot 3 is a "memory" snapshot, and it may 
be particulately examined to monocularly separate snapshots | and 
2; 


Rule 4 states that snapshot 3 is not a "memory snapshot" and 
may not be further separated. 


Note that in logic we repeatedly apply these rules in combina- 
tion, serially or compositely. Note further that Rule 1 must serially 
apply both rules 3 and 4, as must rule 2 also. 
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If we take 4| , tO mean "rule 4 applied conditional to rule 3 also 


being applied," and 4 |. to mean "rule 4 applied conditional to rule 3 
not also being applied," we may write Table 5: 


Table 5. Conditional identity, non-identity, and oneness. 


4|5 A1=identity(S,,8,) 


1? 


4 





> A2=non-identity (S,,S,) 


3 


4 |= = oneness without separate-ones; oneness, ex- 


traordinary and unperceivable; thing-in-itself 


4 | , = ordinary” one, perceivable separation, “thing- 


as-separate-from-others” 


As can be seen, this type of reasoning also sheds a great deal of 
light on the long-standing problem of the "thing-in-itself," but that 
is beyond the scope of this paper. 


The Fourth Law of Logic 
Now we write the fourth law of logic as follows: 


where all we have said is that, by rule 4, in snapshot 3 no memory 
process is allowed, and no separation/differentiation whatsoever of 
A; and A, is permitted. Under these operational conditions for 
identity, what had previously been called A; in snapshot 1 and what 
had been called A, in snapshot 2 are indistinguishable, hence 
identical. 

Figure 2 shows this concretely, and may be taken as a proofofthe 
fourth law by demonstration. 
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Figure 2. Proof that two opposites can be identified. What was separately 
perceived as A; in time snapshot 1 and what was separately perceived as A, in time 
snapshot 2, cannot be distinguished in time snapshot 3. 


Thus the age-old philosophical dilemma posed by the illogical 
identity of opposites has a simple resolution if one considers tempo- 
ral aspects, and introduces temporal conditions for identity or non- 
identity decisions. 

We now write the new four law conditional identity logic as 
shown in Table 6: 


Further, we point out that all four laws now apply. Laws 1,2, and 
3 are the laws ofexplicit monocular perception, with implicit binocu- 
lar perception. Law four is the law ofexplicit binocular perception, 
with implicit monocular perception. Both monocular and binocular 
perceptions must be and are used in each law. So in any situation, 
either the triad applies explicitly and the fourth law applies implic- 
itly, or the fourth law applies explicitly and the triad applies 
implicitly. 


Indeed, one can even take the view that we have prescribed a 
five-law logic, the fifth law being taken as shown in Table 7: 
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Table 7. A possible fifth law of logic. 


5. [1,2,3, A(4)] V [4 AG,2,3,)] where => implicit 


In aprevious paper’, the author has already presented methods 
to apply this new logic to resolve present paradoxes. At least 
hypothetically, every present paradox should be simply a statement 
of the explicit fourth law, and it should be resolvable by explicit 
application of that law’®. 
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APPENDIX IV 


LIST OF SELECTED INCIDENTS 

Author's note: In 1985-1987 a series of anomalous missile and 
space failures swept the U.S. and the West. These incidents were not 
unique, as many think, but were actually only a portion of thousands 
ofrelated incidents showing the Soviet testing of advanced weapons 
throughout the world. This listing will show the types of incidents 
referred to. 


The listing is not intended to be complete at all, but only 
representative. Hundreds ofincidents of weather engineering, giant 
cloud radials and grids, suspicious light incidents, etc. could easily 
be added, were there time and room. No attempt has been made to 
exhaustively map the "aerial booms" that have blanketed the U.S., 
Europe, and other parts of the world. The light and "maybe it's 
UFO's" reports alone would add thousands of incidents to the list. 


Our message is succinct: The Soviet Union has developed a new 
science and weaponized it, since at least the latter 1940's. It has 
utilized that science — energetics — to develop superweapons and 
supervehicles. Because of the danger from accidental initiation of 
nuclear weapons and materials, it is exceedingly difficult and dan- 
gerous for the Soviets to make extensive use of these weapons. 
Accordingly, a biological warfare strike — AIDS — has been utilized 
to deliver what is to be the knockout blow to the West. 


DATE, INCIDENT, LOCATION, REMARKS 


Early spring 1966 - Malstrom AFB Montana. 

UFO sighting coincident with simultaneous problems in 10 strategic 
missiles in launch site associated with Malstrom AFB, Montana. 
Similar event in Mar 1967 also. (Source: Clear Intent.). 


20 Mar 67 - Malstrom AFB Montana. 

Flight of 10 strategic missiles in launch site associated with 
Malstrom AFB, Montana experienced problems with guidance and 
control system. UFO in area and confirmed on radar. Jet fighters 
scrambled, results unknown. Similar event one year earlier. 
(Source: Clear Intent.). 
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1972 - Prague. 

At a secret meeting of European communist leaders in Prague, 
Brezhnev lays out firm statement of Soviet intent to be able to 
dominate the world by 1985. Stated would control the oceans, 90% 
ofthe land, and the air and space above. Notice he said control, not 
invade and conquer. 


Aug 73 - Over ocean. 

USAF Minuteman ICBM is launched from Vandenberg AFB, aimed 
for Kwajalein missile range. Unidentified object appears and is 
tracked next to the ICBM's nose cone. Crossed the RVs trajectory. 
Object about 10 ft long. Seen by 2 separate radars. Three other 
identical objects were seen in the vicinity. Probable Soviet advanced 
flying vehicles. Also a deliberate stimulus to see if U.S. knows of the 
technology, and how the U.S. reacts. (Source: Clear Intent.). 


18 Oct 73 - Near Mansfield, Ohio. 

U.S. Army helicopter is intercepted by glowing red object that 
converged on it with terrific speed. Object placed some sort of 
"tractor beam" on helicopter. Object was gray metallic structure, 50- 
60 ft long. Helicopter was stopped in mid air. Radio blacked out. 
Official report filed by pilot. Probable advanced Soviet flying vehicle. 
Also a deliberate stimulus to see if U.S. knows ofthe technology, and 
how the U.S. reacts. 


21 Oct 73 - Near St. Joe, Indiana. 

20 or 30 lights sighted circling in the sky near St. Joe, Indiana near 
a woods fire, by firemen. Probable Soviet holographic tests to stimu- 
late UFO reports. 


1973 to date - Bennett Island. 

Bennett Is. exhaust plumes detected by U.S. weather satellites. 
Well over 100. spotted so far. Weirdly, 5 islands and part of the 
continental Alaskan area are in process of being secretly given to the 
USSR; Bennett Island is one of them. 


May 1974 - Lake Michigan. 
Blue-green glowing ball of light seen to fall into Lake Michigan. 
Soviet scalar EM testing. 
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8 July 74 - Lake Okeechobee, Florida and Atlantic Ocean. 
Orange red ball oflight lights up sky over south Florida. Crashes in 
area of Lake Okeechobee. Was accompanied by a large boom. 
Several other booms 5-7 min. after "object crashed." Pilots also saw 
object plummeting in from over Atlantic. Probable Soviet scalar EM 
weapons testing and calibration. 


Nov. 74 - Saryshagan. USSR. 

Construction of Tora facility begins at Soviets' Saryshagan test 
facility. Believed to be directed energy facility. Probably connected 
with Soviet scalar EM weapons systems development. 


Oct? 74 - Antarctic. 

Ozone hole over Antarctic first detected. Did not appear in measure- 
ments from 1957-1973. Note did not appear until exhaust plumes 
noted from and around Bennett Island, with substantial activity. 
Looms over the continent every Oct. Diminishes through Mar. More 
severe each year since 1974. 


1975 - USSR. 

Soviet article in International Life speaks of weather war, chang- 
ing the nature of lightning, increasing the power of lightning, and 
directing electric charges of tremendous power against specified 
targets. "Atmospheric electricity" can be used to suppress mental 
activity of large groups of people. Tip of the iceberg. Unclassified 
reference to Soviet's scalar EM (energetics) weapon program. Note 
involvement of "lightning" in destruction of U.S. missiles a decade 
later. 


16 Feb 75 - Caribbean. 

R.M.S. Carmania (UK) observes bright white circular light appear 
and rise to 20 degrees, leaving comet-like trail, circle and disappear. 
Repeated four more times at exact hourly intervals. Soviet scalar 
EM weapons tests. May have been a shipborne device. 


13 June 75 - Kremlin. 
Brezhnev calls for ban on frightful weapons of mass destruction. 
Major speech. Repeated proposals to U.S. Senators. 


mmndams sané anamelsssnes sme 1NNE 
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2 Jul 75 - Kremlin. 

Brezhnev repeats his proposed ban on development of frightful new 
weapons, to a group of U.S. Senators. To visiting U.S. Senators. No 
one knew what he was talking about. 


Aug. 1975 - Kremlin. 
Ponomarev calls for ban on frightful new weapons of mass 
destruction. To visiting Congressmen. 


23 Sep 1975 - United Nations. 

Gromyko presents draft agreement to UN General assembly, for 
banning development of frightful new weapons. 30th session of UN 
Gen. Assy. No one knew what the Soviets meant. 


Oct - Dec 75 - Satellite, over the Indian Ocean. 

U.S. satellites illuminated or "blinded" over the Indian ocean. 
Source 10-1,000 times as strong as natural sources. 5 incidents. One 
4 hrs. long. Soviets wasted no time after Sep. fiasco. 


28 Oct to 11 Nov 75 - Mid-U.S. and Canada. 

Series of "UFO's" seen at Malstrom AFB, Montana; Loring AFB, 
Maine; Minot AFB, North Dakota; Wurtsmith AFB, Michigan and 
Canadian Forces Station, Falconbridge, Ontario, Canada by reliable 
military personnel. Reported to NORAD. Some objects seemed like 
helicopters. Radar tracked objects. One object at 72,000 ft. was 100- 
ft sphere, with seeming "craters" around it. 

Malstrom F-106's scrambled on one object but could not close on it in 
darkness and low altitude. Efforts by Air Guard helicopters, SAC 
helicopters and NORAD F-106's were fruitless. Probable Soviet 
activity in and around the SAC bases and Canadian radar site. 
(Source: Clear Intent.). 


30 Oct 75 - Wurtsmith AFB, Michigan. 

UFO's and "unidentified helicopters" sighted (multiple incidents) at 
or near Wurtsmith Air Force Base, Michigan. Helicopter hovered 
over the weapons storage area. Radar reported low-flying objects. 
Returning KC-135 tanker a/c diverted to intercept one UFO. Ob- 
served two objects, unable to close. Visual and radar contacts. Low 
on fuel, KC-135 returned to base to land, again seeing lights over the 
weapons storage area. (Source: Clear Intent.) Soviet Activity. 
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7 Nov 75 - Near Lewiston, Montana. 

Giant glowing disc, football field sized, hovered over Minuteman 
missile launch site K-7, just south of Lewiston, Montana. When it 
rose to 1,000 ft., NORAD radar picked it up. Two F-106's were 
scrambled. UFO rose to 200,000 ft. and disappeared from NORAD 
radars. Probable advanced Soviet flying vehicle, using antigravity 
propulsion system. (Source: Clear Intent.). 


Nov 75 - Semipalatinsk, USSR. 

Large amounts of gaseous hydrogen with traces of tritium begin to 
be detected by USAF/TRW early warning satellites. 

Nuclear debris apparently related to nuclear facility at Sem- 
ipalatinsk labelled PNUTS (possible nuclear underground test site.) 
Probable large scalar EM development and test site. 


Jan 76 - Cannon AFB, New Mexico. 

Two UFO's reported near flight line at Cannon AFB, New Mexico. 25 
yards in dia., gold or silver in color with blue light on top, hole in the 
middle and red light on bottom. Observed and reported by security 
police. (Source: Clear Intent.). Probable Soviet activity. 


31 Jan 76 - Eglin AFB, Florida. 

MG Lane, CG, Armament and Development Test Center, Eglin AFB, 
Florida reported a UFO sighting near an Air Force Radar site from 
0430 to 0600 Eastern Standard Time. Photographs were taken. 
Later press release called it "building lights." (Source: Clear 
Intent.) Probable Soviet Scalar EM activity. 


1976 - U.S. Embassy, Moscow. 

State Dept. declares U.S. Embassy in Moscow an unhealthful post. 
Installs Aluminum window screens against Soviet microwave radia- 
tion, which has been underway since 1950's. 

Provided 20% pay extra differential. Embassy radiated with weak 
microwave radiation since 1950's. Two U.S. Ambassadors died, 
Stoessel ill with strange leukemia-like malady. Soviet stimulus to see 
if we knew about scalar electromagnetics, phase conjugate waves, 
and EM disease induction. (Stoessel died recently of cancer). 


1976-U.S. 
Soviet nuclear scientist named Rudakov visits U.S., proposes coop- 
erative effort in some areas of fusion research. Showed work he had 
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been doing and results obtained. U.S. officials reacted drastically, 
classified his talk as top secret, even ripped off blackboard and 
carried it away.Very strange incident. Soviet open, public scientific 
work considered Top Secret by the U.S. One wonders why. 


30 Mar 76 - Netherlands. 
Huge atmospheric boom occurs over northern part of Netherlands. 
Through 1983, in 10 years 7 events took place. 


22 Jun 1976 - North Atlantic. 

Expanding white sphere of light developed for about 10 min. then 
faded. Other associated light phenomena observed. Seen and logged 
by passing ship. 


4 Jul 76 - Soviet Union. 
Giant Soviet Woodpecker transmitters activated. 3-30 MHz band. 
Worldwide interference with communications. 


30 Jul 76 - Fort Ritchie, Maryland. 

Several UFO's sighted in and around Ft. Ritchie, Maryland. One 
hovered over the ammunition storage area. Reported. Temperature 
inversion at the time provided a convenient pseudoexplanation. 
Could not have caused the incidents. (Source: Clear Intent.) 


10 Sep 76 - Lithuania. 

European Airways flight 831, Moscow to London, at 31,000 ft over 
Lithuania sees blinding single ball source of light at constant 
altitude about 5-6,000 ft. below them and above a lower cloud. 
Pilot contacted Soviet authorities. Received negative response and 
suggestions he should not ask questions. Probable deliberate stimu- 
lus offlight so, from reports to British authorities, could ascertain 
whether Britain knew anything about scalar EM weaponry. 


19 Sep 76 - Near Teheran, Iran. 

In early morning hours, UFOs were spotted north of Teheran, Iran. 
Two F-4's attempted to intercept. The first lost all communications 
and instrumentation at 25 miles distance. When the F-4 turned 
away, equipment was restored to functioning. Second F-4 acquired 
radar lock at 27 nm. and attempted to close. Object moved to stay at 
25 nm distance. Second object came out of it, headed straight for the 
F-4. F-4 attempted to fire AIM-9 missile and at that instant weapons 
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control panel and communications went off. F-4 took evasive action. 
A third object was seen to emerge from first. The F-4 returned to 
base. Each time it passed through 150 degrees magnetic bearing, it 
lost communications and INS fluttered 30 to 50 degrees. A civilian 
airliner also experienced loss of communications in the vicinity. 
Signatures of scalar electromagnetic weapons and antigravity. 


1976 - Soviet Union, Sweden. 

Swedish national authorities detect anomalous radionuclides — 
similar to those from nuclear explosions — over Sweden. No 
accompanying seismic activity. Correlated with known Soviet 
activity at Semipalatinsk. In other words, nuclear explosions were 
occurring, but they did not shake the earth. Total anomaly. Indicates 
transformation of the explosive energy. Positive signature. 


1976 - Philadelphia. 

Legionnaires Disease precipitously strikes Legionnaires attending 
convention in downtown Philadelphia. Kills 34, makes 187 others 
seriously ill. Similar malady struck Odd Fellows convention at same 
hotel in 1974. Odd person with apparent transmitter and antenna 
was expelled. Informed members: "It's too late! You are all dead!" 
Probable scalar EM conditioning of convention with an immune sup- 
pression pattern for the disease. 


21 Jan 77 - Columbia. 

Columbia A/L Avianca night flight. Instruments wenthaywire. Saw 
enormous, zigzagging glowing light, traveled at fantastic speed back 
and forth. Blinked landing lights, UFO responded. Sped away at 
incredible speed. Probable Soviet advanced performance antigravity 
flying vehicle. Such have been widely sighted over South America. 


3 Mar 77 - Columbia. 

Columbia A/L Avianca night flight. Pilot abruptly changed course to 
circle a huge, glowing UFO. Object had cigar-shaped fuselage and 
was twice as big as the aircraft. Blinked lights, UFO responded. 
Sped away. Air traffic control radar tracked object at ten times the 
speed of normal aircraft. 

Probable Soviet advanced performance antigravity flying vehicle. 
Such have been widely sighted in South America. 
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24 Mar 77 - Off coast of Spanish Sahara, Africa. 

M.V. Kinpurnie Castle, offcoast of Spanish Sahara, Africa, observes 
complex, dynamic light phenomena. Third phenomenon was the 
formation of a semi-circular area of moderate luminosity, a hemi- 
sphere oflight. Took 3 min to form about a previous luminous patch. 
Then another luminous patch formed over the hemisphere. After 
about 7 min., phenomena dispersed. Soviet test of Tesla shield and 
globes. 


11 Jun77 - Moscow, USSR. 

Soviet biophysicist hands Robert Toth, Los Angeles Times journal- 
ist, a report containing proof that certain particles existed in cells, 
carried information, and were radiated. Both seized by KGB and 
charged with possessing Soviet state secrets. Interrogated, 
released. Neither knew what they actually had. Soviet Academician 
ILM. Mikhailov pronounced secret such phrases as "micro-organism 
self-radiation... by means of vacuum particles in space." Use ofsuch 
particles was discussed, and was secret. Paper contained basis of 
Soviet energetics use in biology. Positive connection of Soviet classi- 
fication to mitogenetic radiation and scalar EM waves ("vacuum 
particles" indicate virtual flux structuring). 


13 July 77 - New York. 

Massive electrical blackout strikes New York City. Affects 8 million 
persons. Staggering series of "natural" electrical shocks, mechanical 
failures, and human errors occurred. Anomalous "lightning strokes" 
supposedly initiated the collapse of the power grid. Probable Soviet 
test. 


1977 - Ocean off Yugoslavia. 

M.V. Dolphin, between Yugoslavia and Israel, observed extensive 
light balls and repeated phenomena, appearing and disappearing. 
Men were disoriented. Compass was disrupted. Okay after the 
phenomena dispersed. Probable Soviet test. Stimulus to see if 
Britain recognized the weaponry and knew anything about it. 


13-14 Dec 1977 - Leitchville, Australia. 

Large aerial light plus 3 smaller ones observed for four hours by 
multiple persons. Lights simulated activity of a "mother ship" and 
smaller craft assigned. Changed colors. Then a shower of orange 


Selected Incidents 452 


lights occurred. Probable Soviet test. Part of deception plan, to create 
"UFO" phenomena to hide weapons testing. TR wave holography. 


Dec 77 to Jan 78 - Off East U.S. Coast. 

Mysterious atmospheric explosions occur off U.S. Atlantic Coast. 
Some accompanied by light phenomena. Soviet tests and calibration 
(registering the long-range artillery, so to speak.) 


13-14 Dec 77 - Leitchville, Australia. 

Large arrays of light phenomena sighted by multiple witnesses. 
Probable Soviet creation. Reported as "UFO" phenomena. Holo- 
graphic creation of "UFO" phenomena as part of deception plan to 
disguise tests of the weapons worldwide. TR wave holography. 


1977-78 - North Pacific Ocean. 

Two huge hot spots in North Pacific ocean, 2,000 mi by 1,200 mi. 
May have caused El Nino and one of most severe winters on record. 
May have been caused by Soviets as a weather experiment. 


27 Jan 78 - U.S. East Coast. 

Boeing 727 offeast U.S. coast experiences engines failing, 1 at atime, 
in all three engines. A/c plunges 8,000 feet; engines restart one at a 
time. First time ever that all three engines on a 727 had failed. 
Probable Soviet test. 


Feb 78 - Rocky Mtns. NW of Las Vegas. 

Four aircraft crash in a 6-day period in the rugged Rockies, NW of 
Las Vegas. Connected with a crashed military a/c from Nellis AF 
Base. Should be further investigated. 


Feb 78 - Texas coast. Nova Scotia. Charleston, SC. 
Atmospheric booms occur. Multiple booms in Charleston. Soviet 
tests. Scalar EM weapons. 


2 Apr 78 - Bell Island, Nova Scotia. 

Mysterious fireball, explosion accompanied by anomalous electrical 
effects. Small bldgs blown apart, trees scorched, fireballs seen. Prob- 
able Soviet test. Apparently even registered on U.S. satellite. 
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10 May 78 -Off Florida. 

Women pilots in race experience anomalous "time loss" on their 
watches from Fort Myers to Freeport (Bahamas). 39pilots. Watches 
synchronized. Up to 3 min. lost. Definitely not normal EM effect. 
Probably due to sporadic natural scalar interferometry and time- 
reversed waves generated in area from time to time. "Bermuda 
Triangle" mechanism? 


May 78 - Florida. 

Unexplained lighted objects sighted in sky over remote sector of 
Florida. Tracked on radar at a Navy EW center. Naval personnel 
also observed them through binoculars. Probable Soviet advanced 
flying vehicles, or tests ofintense holograms with energy sufficient to 
ionize air and reflect radar. 


18 May 78 - England. 

Several atmospheric explosions shake houses over a wide area in 
Hull, Scunthorpe, Holderness coast, and Brough and Grimsby. 
Probable Soviet weapon testing and calibration. 


Jun 78 - Indiana. 
Large ball oflight streaks across sky, stops, hovers, then explodes 
with a large boom. Possible test. Standard Soviet incident to 
generate deception. 


7 Sep 78 - Netherlands. 
Large acoustical event (boom) occurs over the Netherlands. Soviet 
scalar EM weapons testing and calibration. 


Sep 78 - Tabas, Iran. 

Anomalous Richter 7.4 earthquake strikes Tabas, Iran, killing 
25,000. No aftershocks. Anomalous depth. Soviets needed to relievo 
pressure in rocks at nearby Askhabad on the Soviet/Iran border, else 
lose the city to a large earthquake. 36 hrs. earlier, Soviets exploded 
monstrous 10 Megaton underground nuclear explosion, to disguise 
what caused the earthquake. Almost definitely a Soviet- induced 
earthquake. 


Oct. 78 - USSR. 
U.S. DOD weather satellite purportedly photographs a semi-rectan- 
gular object climbing out of atmosphere at 4,000 to 4,500 mph. 
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Object was over the Soviet Union. Probable Soviet advanced flying 
vehicle, using antigravity propulsion system, if photograph is real. 


31 Oct 78 - Fairbanks, Alaska & Lake Ontario. 

Red and yellow flash seen descending through sky S. of Fairbanks, 
Alaska by multiple observers. One minute later, U. of Alaska 
seismograph registered a tremor 1.5-2.0 on Richter scale. Ten days 
prior, a similar phenomenon was observed over Lake Ontario and a 
photo taken of the light. Probable Soviet scalar EM wpns testing 
calibration. 


Nov 78 - Kuwait. 

Large flying vehicle lands at Umm. Alaish oil pumping sta., Kuwait. 
Disrupts elect, comm, and pumping activities. Leaves after 7 min. 
Probable antigravity propulsion system. Soviet vehicle. One ofa 
series of "UFO" sightings in oil fields of Kuwait. Positive scalar 
electromagnetics and time-reversed wave signatures. 


Nov - Dec 1978 - Kuwait. 

Series of "UFO" incidents over Kuwaiti oil fields occur. Kuwait 
Gov't. investigates, makes official report. U.S. Pentagon noted inci- 
dents. Probable Soviet-induced incidents. 


1979 - British Columbia & Caspian Sea. 

Ariel 6 satellite experiences anomalous turnoff of two power 
supplies. Over British Columbia and Caspian Sea, when sun is 
shining. Probable Soviet stimulus. 


Jun 79 - Vienna. 

Pres. Carter signs SALT II agreement in Vienna. After that, his acts 
and speech are erratic and he seems to be in a depressed state. 
Suggestive of exposure to EM behavior modification. Soviets had 
possessed the LIDA technology for 29 years. 


Sep 1979 - USSR. 

Strange giant semicircular light phenomena observed in USSR, 
toward Saryshagan. Observed several times. Source: London 
Times. Observed from Afghanistan by British cameraman Nick 
Downie. Definitely Soviet tests ofa Tesla globe and/or shield. 
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22 Sep 79 - South Atlantic. 

U.S. Vela satellites detect anomalous flash over South Atlantic, as 
if from a nuclear event. U.S. Govt Agencies still disagree as to 
whether this was a nuclear event or not. May have been a Soviet test, 
or a test ofa scalar EM weapon by another nonhostile country. 


25 Dec 79 - Afghanistan. 

Soviets invade Afghanistan. This is the Soviet "Spanish Civil War," 
where wpns, training, and the state oftheir ready reserves are tested. 
It is not primarily the regulars who are fighting there. Some scalar 
weapons — e.g. Smirch death ray — are tested also. 


1980 - Afghanistan. 

Soviets kill 225 women and children in a village in the province of 
Maiden, near Kabul, Afghanistan. A month and a halflater, bodies 
still undecayed. Bodies were also shot, to try to deceive Mujaheddin 
as to cause of death. Bodies perfectly preserved. No smell, no bugs, 
no scavengers had eaten them. Probable Soviet test ofa "death ray." 
Definitely scalar electromagnetic weapon signature. 


Feb 1980 - Duncanville, Texas. 

About 100 startlings suddenly start falling from flight, instantly 
dead. One ofseveral such anomalous bird falls. Connected with very 
high frequency components added to Woodpecker signals for sharp 
localization. Birds entering such an area are killed. 


May 1980 - Seminole, Florida. 

Start of mysterious plague of assorted illnesses striking healthy 
persons in a 20-block section of Seminole, Florida. Animals affected 
also. Lack friendly bacteria in their intestines. Signatures ofEM 
induction of disease and kill of intestinal bacteria. The lack of 
friendly bacteria is important. May indicate one direction of biologi- 
cal warfare planned by Soviets. 


June 1980 - USSR. 

Huge, luminous hemisphere of light seen within Soviet Union, from 
Kuwait. Probably over Caucasus region of USSR. Source: personal 
communication from observer. Tesla shield. A definite test, un 
equivocal. 
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July 1980 - U.S. and Canada. 

Richter 5.1 quake centered in northern Kentucky rumbles through 
14 states and into Canada. No known fault. Was predicted two wks 
in advanced by an associate. 


7 Nov 80 - Applegate Valley, Oregon. 

Mysterious explosion, earth rumbling, brilliant light turns night 
into day in Southern Oregon. Associated with subsequent earth- 
quake next day? 


8 Nov 80 - California. 

Richter 7.5 earthquake off coast of Southern California. Shakes CA 
and Southern Oregon. Note anomalous phenomena in S. Oregon the 
preceding day. 


Dec 1980 - South Atlantic. 

U.S. Vela satellites detect another anomalous nuclear-like flash 
over the South Atlantic. In infrared only. Obviously not a normal 
nuclear wpn. 


28 Dec 80 - South Atlantic. 

Great bluish-white flash over the South Atlantic. Clear sky except 
2 or 3 small cumulus clouds, one about 600 ft. above ship. Possibly 
connected with the second Vela flash detection, or generated by the 
same system. One ofmany such incidents. 


1 Jan 81 - Somerset, Pennsylvania. 

Pilots oftwo a/c report the descent ofa bright, shiny object with fiery 
tail over Pennsylvania. Large boom rumbles across most of Western 
PA. Possible Soviet scalar EM testing. Part ofdeception plan. 


Jan 81 - Minnesoto, Wisconsin, South Dakota. 

Great skyflashes and rumbling noises occur around Morris, Minne- 
soto and Wisconsin and South Dakota. Possible Soviet scalar EM 
testing. Part ofdeception plan. 


Feb 81 - San Jose California. 

Two pilots menaced by 10 ft. dia. light which flew directly at aircraft 
over San Jose, CA airport. Plane climbed, light followed, then sped 
away. Totally consistent with exercise of the Soviet Launch Phase 
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Anti-bomber system's real-time holography aspects of the Wood- 
pecker OTH radars. 


6 May 81 - Fredericksburg, Maryland. 

EC-135 a/c crashed near Fredericksburg, MD. Severe nose-down 
from 29,000 ft. Apparent loss ofall power. At 5,000 ft., either fire or 
minor explosion occurred. At 1,500 large explosion destroyed the 
aircraft. Possible Soviet test of OTH radar anti-bomber weapon 
system ? 


Mid-81 - Afghanistan. 

Soviet helicopters use mysterious, highly lethal agent in Afghani- 
stan. Causes death so quickly victims do not have time to make the 
slightest move. Rpt by Jane's Defense weekly. Referred to as Smirch 
gas or Smert gas. Probable test ofa Soviet scalar EM "death ray." 


20-23 Jan., 1982 - Gander, Newfoundland. 

"Object with red, green and yellow lights sighted in the Gander, 
Newfoundland area more than 36 times. Alternately hovered and 
darted in a complex "flight" pattern. Possible real-time holographic 
phenomena produced by Soviet scalar EM weapons as part of the 
worldwide deception plan. Gander is a major "registration point." 


3 Feb 82 - Newfoundland. 

Red and green flashing lights travelling across the horizon at 2,000 
mph reported by 3 Armed Forces officers at Gander, Newfoundland. 
Possible real-time holographic phenomena produced by Soviet scalar 
EM weapons as part ofthe worldwide deception plan. Possible major 
"registration point.” 


Feb 82 - Ankasaray, Turkey. 

Cluster of high, multiple lights pass over Turkish town of Anka- 
saray, 200km. from Ankara. Dogs were disturbed also. Possible real 
time holographic phenomena produced by Soviet scalar EM weapons 
as part of the worldwide deception of plan. Gander is a major 
"registration point.” 


Sep 82 - Ankara, Turkey. 

Cluster of 10-14 high, multiple lights pass over Ankara, Turkey in 
clear night sky. Dogs were also disturbed. Possible real-time holo- 
graphic phenomena produced by Soviet scalar EM weapons as part 
of the worldwide deception plan. 
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Early 82 - St. Petersburg, Florida. 

Extended series of booms occur off coast of Florida, near St. 
Petersburg. Continued lengthy period of time. Years of Soviet scalar 
EM interference grid adjustments have been registered in Florida 
and off St. Petersburg. Booms are so numerous that meetings of civil 
defense, federal, and state officials have been held. 


June 82 - Washington/Canada border and off-shore. 
Extended series of booms occur over Pacific Ocean, centered about 
Port Angeles and Sequim near Washington state/Canadian border. 
Persisted for several weeks. As many as 10 blasts per day. Fireballs 
and lights also seen. Soviet extended scalar EM tests. 


18 June 82 - Northern Pacific Ocean. 

Two JAL flight crews observe large, yellowish-white globe of light 
over the North Pacific Ocean 700 mi. east of Hokkaido, Japan. 
Covered one fourth of the sky. Light gradually dimmed and 
disappeared. Tesla globe. Definitely a Soviet weapons test. 


June 1982 - Red China. 

Several Red Chinese giant light hemisphere and globe incidents. In 
one instance, a/c electrical power systems began to fail in several Red 
Chinese fighter a/c when encountering a huge hemisphere of glow- 
ing light. Teslaglobes. Tesla shields. Balls oflight. Definitely Soviet 
weapons tests. 


24 Sep 82 - Maryland, New Jersey. 

Anomalous airquakes off the coast of Cape May and Northern 
Maryland, and Atlantic City, New Jersey. Adjustment of Wood- 
pecker grid. Soviet tests. 3 weeks later also. 


14 Oct 82 - Maryland, New Jersey. 

Anomalous airquakes off the coast of Cape May and Northern 
Maryland, and Atlantic City, New Jersey. Adjustment of Wood- 
pecker grid. Soviet tests. 3 weeks earlier also. 


16 Nov 82 - Delaware, New Jersey. 
Five mysterious booms rock Sussex county, Delaware and southern 
New Jersey. Adjustment of Woodpecker grid. Soviet tests. 
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1983 - Loma Linda, California. 

Photos and information about the Soviet LIDA machine released. 40 
MHz carrier, complex waveforms. Induces catatonic state in hu- 
mans and animals. Shows consciousness can be affected by EM 
means. Was used on U.S. prisoners of war in Korea. Suggests similar 
capabilities are possible for Woodpecker. U.S. scientific community 
had said impossible. President Carter affected in Jun. 79? 


Early 1983 - Bennett Island. 

Large exhaust plume detected coming from Bennett Island and 
vicinity, one on-shore and two offshore. Plume was 6 mi. wide, 155 
mi. long and reached 23,000 ft in height. U.S. weather satellites 
detected it. Nearly horiz. jet, 155 mi. long. Definitely not natural. At 
angle ofperhaps 1.5 degree above horizontal. 


27 Sep 83 - England. 
British RAF/Panavia Tornado aircraft loses all electrical power and 
crashes. Possible Test? Tornado system is triplexed. 


22 Oct 83 - Off Okinawa. 

Two a/c operating offU.S.S. Midway apparently lost w/o trace, about 
127 mi. E. of Okinawa, under anomalous conditions. Causes un- 
known. Additional data needed. 


8 Nov 83 - Western Europe. 

Anomalous earthquake occurs in Western Europe. All foreshocks 
and aftershocks were missing. Called the "Leige" earthquake. 
Definite symptoms of manmade (Soviet ) origin. Large boom oc- 
curred over Netherlands the next day over 35,000 sq. km. area. Soviet 
scalar EM weapon testing. 


9 Nov 83 - Netherlands. 

Large acoustic event occurs over Netherlands. Detected over 35,000 
sq. km. First mistaken as a Dutch quake. One day after the anoma- 
lous Leige quake. Soviet wpn testing. 


Dec 83 - Alma Ata. 

Stored munitions exploded at Dolon (Soviet) airfield. 150 km south 
of Alma Ata. One of six that mysteriously exploded in 7 months. 
May be evidence that another nation also has Scalar EM wpns, and 
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is checking the Soviets. Ifso, probably was warning that Soviets also 
would suffer if they moved. 


1984 - Novaya Zemlya. 

First mysterious plume detected from Novaya Zemlya by U.S. 
weather satellites. Sometimes plumes are 200 mi. long. Novaya 
Zemlya contains Soviet atomic facilities including weapon facilities. 


1984 

Senior Soviet physicist G. Yu. Bogoslovsky publishes paper, "Gen- 
eralization of Einstein's Relativity theory for the anisotropic space- 
time." Such Russian research published regularly. Would be 
impossible in U.S., where similar attempts meet discredit, humili- 
ation, and rejection by leading U.S. physics journals and depart- 
ments. The West has decreed that general relativity must not be local, 
and above all must not be lab-bench experimental. Open Soviet 
publication indicative of experimental development of local space- 
time curvature technology. 


1982 - 84 - Florida (& elsewhere). 
Airquakes, booms (hundreds). /6 counties, near coast. 


28 Jan 84 - Pennsylvania, New Jersey. 

Bright orange light streaks across sky from Pa. to N.J.'s Cape May. 
Similar "fireball" explodes in Clementon. Two other sky explosions 
observed. Possible Soviet activity. TR wave holography and pulses. 
Part of Soviet deception plan. 


Feb 84 - in space. 
All three payloads of the Challenger flight fail. 2 commication 
satillites, I balloon. 


10 Feb 84 - Netherlands. 
Large atmospheric boom occurs over Netherlands. 7 others thru 
1983. 


29 Mar 84 - Bennett Island. 
Bennett Island exhaust plume detected by U.S. weather satellite. 
Over 100 such anomalous exhaust plumes detected there. 
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9 Apr. 84 - S. of Kurils toward USSR. 

Giant rapid cloud tower rose, then faded. Small semicir. halo of light 
replaced it. Halo expanded to full circle oflight. Expanded to giant 
globe then faded. Cloud 60,000 ft in 2 min. Light globe expanded to 
about 380 mi. dia. and center over 200 mi. high. Source: Science 
Journal. Definitely a Soviet test of multiple weapon modes. 


26 Apr. 84 - Bennett Island. 
Bennett Island exhaust plume detected by U.S. weather satellite. 
Over 100 such anomalous exhaust plumes detected there. 


May 84 - S.E. U.S. 

Series of devastating storms breaks out over S.E. U.S. in early May. 
Tornadoes, large hail, downbursts. Some loss of life. Persisted 
through night into early morning hours. Several instances ofrapid 
thunderstorm top warming were observed in satellite photography. 
Occurred near downbursts. Very heavy plume activity at Bennett Is. 
noted in Apr. and May, 1984. Warming oftops ofthunderstorms can 
produce downbursts. In literature. Note that Soviet scalar EM wpns 
can perform such top-warming of thunderstorm anvils, and induce 
downbursts on command. 


13 May 84 - Severomorsk, USSR. 

Soviet missile storage facility at Severomorsk Naval Base on the 
Kola Peninsula 1450 km north of Moscow blows up in a series of vast 
explosions. Over 200 wounded. Soviet North Fleet lost about 1/3 of 
its missiles. Speculation of an "electromagnetic cause, possibly by 
reflection of radio waves from ionosphere." Detected by satellites; 
first thought to be nuclear explosion. One ofsix such explosions of 
Soviet ammunition storage sites in a period of seven months. Defi- 
nitely not accidental. Probably use ofscalar EM weapons by another 
nation, not hostile to U.S., to warn the Soviets that they also will 
suffer if they move. 


15 May 84 - Bobrwyjk Airfield. 

Major blast occurs at Bobrwjk Airfield, 138 km SE of Minsk and the 
base of a Badger-equipped air-to-surface missile regiment of the 
Smolensk Air Army. 10 ofthe 11 ammo storage bldgs blow up and 
admin, and access control bldgs. are destroyed. Note that fires and 
explosions were still raging at Severomorsk, from 13 May event. 
Same note as above. 
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25 Jun 84 - Schuerin, East Germany. 

Explosion occurs at an ammunition depot at Schuerin, south of 
Wismar in East Germany. Windows blown out within 10 mi. radius 
of depot. Same note as above. 


27 Jul 84 - Kuril Islands. 

Slowly expandingball oflight seen by Boeing 747 crew near the Kuril 
Islands. Expanded for 10 min. Shell was sharply defined. Light 
semi-transparent and nearly perfect half-circle. Tesla globe. Bennett 
Is. exhaust plumes detected by U.S. weather satellite. Definitely a 
Soviet test. Related to 9 Apr. 84 incidents S. ofKurils. 


29 Aug 84 - Edwards AFB, California. 
B-1 bomber prototype crashes in flight test about 10 mi. NE of 
Edwards AF Base. 


1983-84 - Ireland. 

For two years, freak lightning terrorizes villages of West Donegal, 
Ireland. Roofs stripped off, windows smashed, pipelines wrecked, 
telephones and TVs blown up. No known cause for the anomalous 
lightning. Shows natural potential in area is disrupted. 


25 Dec 84 - Ireland. 
Freak lightning continues in West Donegal, Ireland. Causes 3-day 
power blackout. Extensive plume activity at Bennett Island. 


1985 - Worldwide. 

After years ofa superb safety record, airline industry suffers a series 
of disastrous crashes. 20 major air crashes occur worldwide, with 
more than 2,150 lives lost. 


Early 85 - Worldwide. 

KGB begins a worldwide campaign to blame the U.S. for starting the 
AIDS epidemic. Effort continues. Disinformation; is believed in 3rd 
world. 


Jan 85 - San Diego, California. 

U.S. Navy chaff caught by wind, blown in over San Diego. Power 
knocked out to 60,000 homes. Symptoms of presence of Soviet scalar 
EM grid in San Diego urea. 
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7 Jan 85 - Cantrell, Alaska. 

Cantrell, Alaska. Blinding white light passes in sky overhead, lights 
up sky and mountain range for 30-40 seconds for 16 mi. Est. 3-mi. 
altitude. Probable Soviet test. Note thatplume activity at Bennett Is. 
is heavy in Jan. 85. 


Feb 85 - Zimbabwe. 

Zimbabwe suffering worst electrical storm season in history. Death 
toll up to 116. 21 persons killed by a single bolt in one case. 
Anomalous lightning. Shows natural potential in area disrupted. 


17 & 18 Feb 1985 - Anchorage, Eklutna Flats, Northway, Alaska. 
Several anomalous lights and sky booms incidents in Alaska. 
Skyflashes, balls of light, booms, etc. Seen both from ground and by 
pilots of aircraft. Probable Soviet realtime holography tests as part 
of worldwide deception plan. 


19 Feb 85 - Out from San Francisco, California. 

China Airlines Flight 006 Boeing 747 enroute to Los Angeles. 
Engines fail. A/c falls 32,000 ft. in 2 min. Restarts engines, lands at 
San Francisco. Note previous incidents over Alaska on 17 & 18 Feb. 
Probable Soviet test of launch phase anti-bomber system capability 
of woodpecker transmitters. 


10 Mar 85 - Tblisi & Tallin, USSR. 

Soviet Academy of Sciences announces an Aeroflot a/c had been 
followed by a UFO for 800 mi. Soviets occasionally produce light 
phenomena in their own territory and near Soviet a/c as part oftheir 
deception plan. They do not wish to appear different. 


1 May 85 - Near Nashville (monitoring station). 

In and around May Day 1985, the Soviet Union held a giant exercise 
ofallits strategic scalar EM weapons. 27 "power taps" into the earth 
—each two frequencies 12 KHz apart — were activated. The earth 
was thus in forced gravitational resonance beneath our feet on 54 
frequencies. Each tap estimated to power up to six of the giant 
weapons; thus over 100 major strategic scalar EM weapon transmit- 
ters were activated. Frequency bands were filled with scalar EM 
transmissions, command and control, including to subs on station 
underwater. Frank Golden monitored this startling giant exercise, 
which was probably held for Gorbachev, and this author observed it 
by courtesy ofGolden's special detection equipment. Thus the Soviets 
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met the 1985 timetable established by Brezhnev in 1972 at a secret 
meeting in Prague of European Communist leaders. Western nations 
do not appear to have the equipment to monitor scalar EM emissions, 
and so Western intelligence agencies are believed to have totally 
missed this giant exercise and its significance. At conclusion, two 
power taps (four frequencies) were left in the earth to power "ready 
firing batteries," so to speak. 


11 Jun 85 - Lanzhou, China. 
China B747 crew encounters a huge, expanding yellowish glow of 
light, with very intense spot at center. Probable Soviet test. 


11 Jun 85 - Mongolia. 

Chinese jumbo jet, Peking to Paris flight, encounters giant "UFO" 
light form over Mongolia. 10 km. wide. Lit sky for50 km. Extremely 
bright spot at center. Paced aircraft for 2 minutes. Probable Soviet 
test. Soviet operator tracked a/c exhaust with long range antibomber 
system. Added giant light form for deception, and to create UFO 
reports, which are largely ignored. 


23 Jun 85 - Iowa, Nebraska, Kansas, Illinois, Kentucky. 
Thunderstorms over Iowa, Nebraska and Kansas organized into 
single circular pattern rainstorm 200,000 sq. km. in area. Declined 
until dawn, then rejuvenated to unleash severe weather over Illinois 
and Kentucky. Such organization never before had been seen. Now 
called "mesoscale convective complex." Shows unique new weather 
pattern involving giant organization. 


2 Aug 85 - Dallas/Ft. Worth, Texas. 

Delta Airlines flight 191, a Lockheed L-1011, encounters microburst 
while approaching runway at Dallas/Ft. Worth International Air- 
port. Crashes and kills 134 ofthe 163 persons on board. While such 
microbursts occur in nature, this was during a period of intense 
Soviet scalar EM activity. Note that warming the tops of thunder- 
storm anvil causes a downburst. May have beenjust accident. May 
have been test. 


23 Aug 85 - Italy, Adriatic Coast. 

More than 28 "UFO" sightings reported along Italy's Adriatic coast 
soon after midnight. Light phenomena. Probable Soviet test. Part 
ofdeception plan. Scalar KM holography (real-time). 
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28 AUG 85 - Vandenberg AFB, California. 
Titan B fails after launch at Vandenberg AFB, California. Believed 
to have carried sensitive U.S. satellite. Suspicious. 


Sep 85 - Kourou. 

Ariane rocket explodes at Kourou. 3rd stage engine failed to ignite 
properly, forcing loss of power. Destruct then ordered. French 
officials suspect Soviet sabotage. Probable Soviet test. 


Sep/Oct 85 - Cape Canaveral, Florida. 

Anomalies observed on two U.S. shuttle launches by NASA. No 
action taken; NASA does not recognize scalar EM weapons capabili- 
ties nor testing over its Cape Canaveral launch site. Nor does it 
connect the mysterious "booms" that have rocked the Florida coast for 
several years with the Soviets or with the anomalies noted on its two 
shuttle launches, such as giant booms. 


2 Sep 85 - Mexico City, Mexico. 

Worst hailstorm in 50 yrs. strikes Mexico City, leaving some streets 
more than a foot deep in ice. 1-hr pelting. 25 bldgs collapsed. 4,000 
roofs heavily damaged. 1 killed, 185 injured. Power blacked out. 
May have been due to extensive Soviet long range weather engineer- 
ing. 17 days prior to suspicious giant Mexican earthquake. 


5 Sep 85 - Australia. 

Premier Wran, Australia, along with Minister of Agriculture Hal- 
lam, observe a brigh spherical "UFO" from their governmentjet. It 
was photographed. Radar contact showed object at 100,000 ft. 
Probably Soviet advanced performance antigravity flying vehicle. 


18 Sep 85 7:15 pan. - Catalina Is. Channel Is. 

Cookman observes giant cloud radial, awesome to behold, between 
Catalina and Channel Islands, off California coast. 

18 "funnel" strobes, dynamically boiling. Activity indicates great 
energy poured into earth and atmosphere. Mexican quake the next 
morning. Indicator of Soviet scalar EM connected to quake. 


19 Sep 85 7:18 a.m. - Mexico City, Mexico. 

Large earthquake strikes Mexico City, causing great damage. 
Largest of several. Preceded wks earlier by giant anomalous hail- 
storm. Evening before, giant radials showed extensive Soviet power 
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transmission activity. Positive indications of Soviet test. 


8-9 Nov 85 - Ventura County, California. 
Highly anomalous power blackout in Carlisle Canyon, Ventura 
County, Calif. Accompanied by severe electrical anomalies totally 
beyond normal electromagnetics. Investigated and reported by 
engineer Ron Cole, who lives in the area. TV, light, phone, electrical 
anomalies plus intermittent 29 Hz signals. 


Nov- Dec 85 - California. 

Mysterious hum continues to baffle people at Pacific Heights, Calif, 
and Marina district on San Francisco Bay. Previously had had same 
hum. Note such hum in England persisting over long period. Note 
8-9 Nov 29 Hz. anomalous elec. signal at Carlisle Canyon, Ventura 
County, CA. Possible indications of Soviet scalar EM activity. Area 
appears to be one of Soviet register /test points. 


26 Nov 85 - Cape Canaveral, Florida. 

Launch of space shuttle Atlantis from Cape Canaveral, Florida is 
accompanied with high anomalies. (1) Seconds before launch, Bob 
Gladwin inadvertently photographs nearby strike of what appears 
to be an electromagnetic missile, probably of Soviet origin. (2) 
Anomalous light is hanging in the sky, near the launch site: a 
marker beacon, placed there by the Soviet scalar EM weapon system 
being tested. Seen by hundreds of persons, and photographed by 
George Suchary. Printed in Fort Pierce Tribune. (3) 12 minutes 
after shuttle is launched, when it is well down range, a tremendous 
rumbling atmospheric boom occurs, heard 600 mi. up and down the 
East Coast. Marker beacon then slewed away by distant Soviet 
operator at high speed. With offset EM missile strike, Soviets tested 
the weapon to be used on the Arrow DC-8 two weeks later at Gander 
AFB, Nfld. Marker beacon used in precise registration. Note it was 
evidenced again above the explosion of the Titan on 18 Apr. 86 at 
Vandenberg AFB. Boom is from energy induced over a large area; 
which can catch multiple missiles being launched, a large Naval task 
force at sea, or a whole flight of airborne bombers, fighters, or 
helicopters. Also can catch an entire organization on the ground, or 
an installation - - wiping out all electronics, exploding explosives and 
ordnance, stunning or killing personnel, etc. 


Again hundreds of NASA engineers and scientists did not recognize 
what was happening at the site and over their own heads. 
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12 Dec 1985 - Gander, Newfoundland. 

Arrow DC-8 crashes immediately after takeoff at Gander AFB, 
Newfoundland. Lost power just after takeoff; engines "rumbling" 
abnormally rather than roaring, according to eyewitness whom the 
a/c flew directly over, 100 ft up. Aircraft seen by three eyewitnesses 
to have an orange glow on it. Symptoms of negative energy intro- 
duced into engines, cancelling some ofheat energy ofthe engines and 
seriously interfering with combustion process, causing loss of power. 
Glow may have been steady, small electromagnetic ball of energy 
against the aircraft, causing it to electrically charge and exhibit 
corona. Anomalous hole in right fuselage, just ahead of engines, as 
if from internal explosion; however, no explosive residue (it was 
tested). One other anomalous hole found. Wild swings of some 
instruments recording just at/after liftoff — ignored by 
investigation. Note previous 36 light incidents in and around Gan- 
der, Jan. 1982. Gander Airport is major stopover for Soviets, and a 
major "registration point" for scalar EM weapons. Note anomalies in 
shuttle launch 2 wks earlier, and apparent actual test of the small EM 
missile then, offset so as not to destroy that shuttle. 


Aircraft crew one ofArrow's best. Aircraft should have flown okay, 
ifnot interfered with. Serious indications that the DC-8, with over 
250 U.S. soldiers and air crew, was deliberately destroyed by test of 
a Soviet launch-phase antibomber system. 


Note metal-softening Soviet signal detected on I Jan 86 by Frank 
Golden may actually have been on the Woodpecker transmissions on 
Dec 12,1985. This metal-softening signal probably played a part in 
the destruction of the Challenger on 28 Jan 86. 


1 Jan 86 - Near Nashville, Tennessee. 

Frank Golden discovers a metal-softening signal on the Soviet 
Woodpecker interference grid. Performs experiments to verify the 
metal-softening ability ofthe signal. Signal is ofsuch a nature that 
only Golden's instrumentation could have detected it. He then 
scalarly cancelled the signal to totally prove it. 


24 Jan 86 - Ventura, California. 

Engineer Ron Cole observes and sketches a giant grid cloud pattern 
over Ventura, Calif, at 11:45 p.m. PST. Giant cloud fingers, sepa- 
rated from each other, formed the crossed-grid pattern. Shows 
Woodpecker scalar EM power very high and active. 
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26 Jan 86 - Northern California. 

Strong quake hits Northern Calif. 5.5 on Richter scale. Hollister 
area, about 120 mi. south of San Francisco. Several power outages 
in southern Bay area, where quake knocked out transformers, 
downed 21,000 V. power line, and set offburglar alarms. May have 
been induced by Soviet scalar EM transmitters. 


26 Jan 86 - Los Angeles, California. 

In greater Los Angeles area, Margaret Wilson observes 3 classic 
giant radial clouds form at 10 min. intervals: 1:15, 1:25, and 1:35 
p.m. Appeared one after the other, till all three were there. Last one 
lasted about two hours, gradually distorting. Shows a great amount 
of structuring to capture and turn the Jetstream, to direct cold weather 
to the Florida Panhandle and catch the Challenger before its impend- 
ing launch, exposing it to drastic cold conditions. Definitely Soviet 
engineered. 


27 Jan 86 - Santa Monica, California. 

On evening prior to the Challenger disaster, Al Matthews photo- 
graphs a strange bar-grid cloud formation, absolutely rectangular 
bars, from the Los Angeles freeway. Pattern approx. over Santa 
Monica Bay, due north of Catalina Island. Edges and ends very 
straight, as if drawn in sky by a giant draftsman. Shows severe high 
frequency content, and fine-point localization of Soviet scalar EM 
transmitters, in preparation for forthcoming launch of the ill-fated 
Challenger. 


27 Jan 86 - Florida Panhandle. 

Avalanche of freezing air temperatures to record lows across the 
Southeast. Low temperature records set all across the South. 
Jetstream bent far south, across Florida Panhandle. Definitely 
caused by Soviet weather engineering. Preceeded by giant radial 
cloud signatures in "hinge" areas of Los Angeles and Huntsville, 
Alabama, showing steering ofJetstream. 


28 Jan 86 - Cape Canaveral, Florida. 

Low temperature records shattered all across the South. Into 30's in 
Florida and into teens elsewhere. Definitely result of Soviet weather 
engineering, and definitely directed against the Challenger rocket on 
the launch pad. 


469 Selected Incidents 


28 Jan 86 - Off Florida Coast. 

About 4 hr. before the launch ofthe Challenger, all Soviet ships off 
coast, which normally monitor shuttle launches, suddenly depart at 
high speed. Soviets do not want any suggestion that the ships' radars 
and transmitters may have interfered with the Challenger launch. 
Total anomaly. Unprecented event. 


28 Jan 86 - Cape Canaveral, Florida. 

National radio and TV newsmen comment on the highly unusual fact 
that no birds are flying in the launch area. Reason: For severe 
localization, high frequency content of the scalar EM signals had 
been drastically increased. A bird's brain will detect and resonate to 
this energy, ifthe wavelength approaches the diameter of its brain. 
This resonance will cause great pain and/ or death ofthe bird. Thus 
the birds flee the area when this begins to occur — or they die. When 
birds accidentally fly into such a high frequency scalar EM signal, 
their nervous systems are instantly jammed. They die and fall from 
the sky. 


28 Jan 86 - Cape Canaveral, Florida. 

Space shuttle Challenger, launched from Cape Canaveral after 
exposure to cold weather conditions, disastrously explodes. Booster 
seal problem. Encounters air turbulence during launch, at most 
critical altitude. Soviet metal-softening signal has been added to 
grid. Extreme localization in area because ofhigh frequency content 
added; shown by birds having vacated the area. Anomalous depar- 
ture of Soviet ships offshore, 4 hrs. earlier. Three previous tests of the 
weaponry in that exact launch area, against the three previous shuttle 
launches. Kill of the Arrow DC-8 about 6-112 weeks earlier. Actual 
celebration by the KGB ofperfect success of their active measures 
against the Challenger! U.S. space program crippled and set back 
severely. 


29 Jan 86 - Moscow. 

At KGB headquarters in Moscow, the KGB holds ajubilant party to 
celebrate the perfect success of their active measures against the 
Challenger. Note that Soviet scalar EM weapons — development, 
deployment, and use — are under the control ofthe KGB rather than 
the regular Soviet armed forces. 
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31 Jan 86 - Mid-U.S. 

Richter 5.0, Earthquake rattles 9 states and Great Lakes. Possible 
test ofweapon that killed the Challenger, in the earth transmission / 
earthquake induction mode. 


2-4 Feb 86 - Birmingham, Alabama. 

In Birmingham, Alabama dead birds plummet from the air to the 
ground for three days. Blackbirds, cardinals, sparrows, bluebirds, 
etc. No trace of poison in carcasses. Only afew days after kill of the 
Challenger. To divert the Jetstream further south and hit Florida, the 
Soviets had moved the normal "hinge pin"—where scalar EM energy, 
either positive or negative, is focussed —from Huntsville to Birming- 
ham. Hinge pin area was still activated. The high frequencies used 
for extreme localization against the Challenger were lethal to birds. 
Therefore birds that inadvertently flew into this zone were instantly 
killed and dropped from the sky. 


10 Feb. 86 - Europe. 

Super Frelon (French) helicopter crashes, with 11 killed. Aeronau- 
tique Navale aircraft. Part of a spate of crashes of French military 
aircraft in four months (through June 86). Defense Minister Andre 
Giraud launched a special investigation. 


23 Feb 1986 - Irish Sea. 

Over the Irish Sea in an airplane, England's Prince Charles sights 
a brilliantly glowing, red object hovering near them. His pilot 
reports the object to air traffic control. Four other aircraft traveling 
through that area radioed similar reports. Probably either a Soviet 
craft or a Soviet holographic scalar EM demonstration as part of the 
overall deception plan, and/or a stimulus to a member ofthe Royal 
Family to observe what action is taken by British Ministry ofDefense. 
By actions, could ascertain whether or not Britain knew what was 
going on. 


30 Mar 86 - Ventura, California. 

Engineer Ron Cole in Ventura CA observes significant cloud pat- 
terns, positively correlated with his measurements of the Soviet 
woodpecker transmissions. Cloud pattern changes were directly 
correlated to signal changes on the Woodpecker. Shows cloud 
signatures can be indications of specific Woodpecker activity. 
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31 Mar 86 - San Francisco, California. 

Strong earthquake, Richter 5.3, rocks San Francisco Bay area. 
Third in region in 3 days. Three aftershocks within minutes. Note 
correlation of Woodpecker activity previous day. 


31 Mar 86 - San Francisco, California. 

Crew error on Delta flight accidentally shuts down engines after 
normal takeofffrom San Francisco. Engines restarted. Definitely a 
crew error. Possible human effects from earthquake energy in area. 
Same type incident on Jun. 30, 1987. 


3 Apr. 86 - Florida. 

Loud boom shakes houses and rattles windows over Brevard County, 
Florida. One ofa whole series over the years. Not far from Kennedy 
Space Center. Soviet adjustment of scalar EM grid. 


Apr 86 - France. 

French Armee de L'Air has lost two Jaguars and two Alphajets in 
April 86. Part of a spate of losses in 4 months, leading Defense 
Minister Giraud to launch a special investigation. 


7 Apr 86 - Sacramento, California. 

Charlotte King of Sacramento calls UPI and predicts a major earth- 
quake will strike in Canada, Alaska, Aleutians, or Japan. She had 
predicted eruption of Mt. St. Helens in 1980. On Apr. 27th, she 
predicted quake that shook Mexico three days later. 

Note that human brain is a scalar EM interferometer, capable of 
transmitting and receiving scalar EM waves. Unfortunately, not 
conscious — output of system is in deep unconscious. Some persons 
are more sensitive than others, and can detect the scalar activity from 
the increasing stress in rocks that is leading toward an earthquake. 
Charlotte King is such a person, having over an 80% accuracy of 
prediction of quakes. She will be able to detect the increasing stress 
in rocks, whether naturally or artificially induced. 


9 Apr. 86 - Aleutian Islands. 
Three quakes rock the Aleutian Islands. Predicted by Charlotte 
King on Apr. 7. Documented prediction. 


18 Apr. 86 - Huntsville, Alabama; Thousand Oaks, California. 
T.E. Bearden sees and photographs remnants ofa giant radial cloud 
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in Huntsville, Alabama. Extensive Soviet woodpecker grid activity 
noted over Thousand Oaks, California by Engineer Ron Cole. Both 
show increased scalar EM activity in the interference grid. 


18 Apr 86 - Vandenberg AFB, California. 

USAF Titan 34-D rocket explodes nine seconds after launch from 
Vandenberg AFB, California. Video captured the Soviet marker 
beacon (Aviation Week & Space Technology). Engineer Ron 
Cole and team study video ofthe explosion frame by frame and verify 
the anomalous beacon light is present, is separate from the explo- 
sion, and moves away separately after the explosion. Sensitive 
satellite believed on board the rocket. U.S. Space surveillance 
program crippled. Probable Soviet kill. TR wave adjunct with Wood- 
pecker. 


25 Apr 86 - New Mexico. 

NASA research rocket misfires over the New Mexico desert. No 
public announcement made at the time. Was first failure in 25 
consecutive missions of the Nike-Orion rocket. Said NASA spokes- 
man Kukowski: "It looks like we're snakebit." 

Possible Soviet test kill. 


25 Apr 86 - California; Chernobyl, USSR. 

Bill Bise detects the sudden loss ofthe East-West Soviet woodpecker 
transmitter he is monitoring in the field, leaving the North-South 
transmitter. The failed transmitter was about 20-30 km. from 
Chernobyl. The Soviet transmitter sites safety circuits go-in full, 
trying desperately to hold back the giant scalar EM standing-wave 
potential that has been built up, and slowly and safely drain it away 
into the earth. In alarm, Soviets shut down nearby reactors at Cher- 
nobyl. Any "flash discharge" escape as a flash-over pulse of the scalar 
EM potential will produce a giant EGP pulse into the earth. When this 
EGP pulse reaches the four reactors, they will violently explode, full- 
up nuclear, like giant hydrogen bombs — perhaps 1200 megatons 
equivalent. Later the Soviets will claim that the operators shut the 
plant down to do some "unauthorized experiments." 


26 Apr 86 - Chernobyl, USSR. 

With the giant scalar EM standing wave almost all drained away, the 
safety circuits finally fail, dumping a small EGP into the earth. The 
nearest reactor at Chernobyl gets it, and the uranium fuel roils 


473 Selected Incidents 


suddenly go half-decayed, instantly heating and blowing out the 
reactor, destroying it. Nuclear radiation fallout spreads over much 
of Europe. 


3 May 86 - Florida. 

Delta 178-rocket destroyed by range safety officer at T + 91 after two 
anomalous power surges occurred in the rocket, causing premature 
shutdown of Ist stage Rocketdyne RS-27 engine 71 sec. into the 
flight, and rocket to go aerodynamically unstable. Previous 43 
launches had been successful. Since 1960, 177 launches 94% 
successful. One of most reliable rockets ever built. Soviet weapons 
test. One ofa series. TR wave adjunct with Woodpecker. 


7 May 86 - Aleutian Islands. 

Great earthquake measuring 7.7 Richter strikes Aleutian Islands. 
Centered about 100 miles SE ofthe island of Adak. Tsunami alert 
issued for the North Pacific, but no major waves ever materialize. 
Thousands evacuate coastal areas. A U.S. researcher known to this 
author used a powerful scalar interferometer to block the tsunami. 
The researcher must remained unnamed. 


9 May 86 - Redstone Arsenal, Alabama. 
All power on Redstone Arsenal, Alabama suddenly and mysteriously 
fails all at once. Similar related incident on May 12. No explanation. 


12 May 86 - Huntsville, Alabama. 

In Huntsville, Alabama — adjacent to Redstone Arsenal — on local 
radio program Feedback, public radio discussed the mysterious 
failure of all power on Redstone Arsenal on Fri., May 9, 1986 and 
requested that, ifanyone knew why all circuits would go offat once, 
to please get in touch. Immediately the station's radio transmitter 
went off the air! (Almost as if "Big Brother's listening to you!") 


18 May 86 - Dijbouti. 

French Breuguet Atlantic aircraft crashes in Dijbouti, killing 19. 
Part ofspate ofcrashes ofFrench military aircraft in 4 months that 
leads French Defense Minister to open special investigation. 


19 May 86 - Brazil. 
Brazilian fighterjets are sent to chase multi-colored "ping- pong ball 
sized" UFO's in skies over Brazil. 4 jets, two Mirages and 2 F-5's 
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chased them at speeds of 840 mph. Tracked on radars. Chase lasted 
3 hrs. Planes could not catch them; ran low on fuel and returned. 
Discussed on TV by Brazil's Air Force Minister Brig. Gen. Otavio 
Moreira Lima. Soviet scalar EM holographic production; distant 
Soviet operators having fun and games as part ofthe deception plan, 
generating UFO incidents and reports ? 


22 May 86 - California. 
High-speed orange "X" object with lights seen above Sonoma CA 
before dawn. At one time the object slowed and hovered. 


29 May 86 - Huntsville, Alabama. 

Huntsville and Madison County, Alabama electrical power dipped 
momentarily and mysteriously, causing a seconds-long outage in 
businesses and homes, playing havoc with traffic signals and com- 
puter centers throughout the area. Some traffic signals continued to 
malfunction for 30-45 min. after power was restored, then mysteri- 
ously resumed normal functioning. Some phones also went out 
inexplicably, and many battery-powered radios went off, and were 
awry for seconds or minutes before recovering. Obviously this was 
not caused by any kind ofordinary electromagnetics. Shows anoma- 
lous and high activity (pulsed) in the Soviet scalar EM grid 
(Huntsville Ah. is a pivot point). 


30 May 86 - French Guinea. 

Ariane 2 rocket fails because ofa faulty ignition system for the third 
stage engine. Rocket destroyed by ground command 4-1/2 min. after 
launch from Kourou, French Guinea. The third stage has failed 3 
times since start of Ariane's operations in 1979. 

Possible Soviet test. 


Tad Szulc, Washington journalist, implies that French Defense 
Minister Andre Giraud may have discussed the possibility of Soviet 
sabotage of the rocket with Washington. 


May? 1986 - Straits of Gibralter. 

USS Atlanta nuclear sub runs aground in Straits of Gibralter and 
suffers "serious damage," according to reports in Madrid. A hole was 
made in one ballast tank and the sonar wrecked. 

Another U.S. nuclear sub ran aground within a month orso (earlier?) 
ofthis incident. Could something have interfered with their naviga- 
tion systems underwater? Continued Soviet Scalar EM tests? 
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11-12 July - California. 

Secret USAF crashes approx. 14 mi. NE of Bakersfield, CA along the 
Kern River. Site secured. Possible Stealth fighter. Crippled aircraft 
in trouble seen and photographed by Andy Hoyt, who turned photos 
over to USAF (properly so). Aircraft not on fire when came down. Did 
not explode in the air. No information as to whether any Soviet scalar 
EM hanky-panky involved or not. Suspicious because follows a series 
of anomalous missile failures. Woodpeckers definitely have good 
anti-stealth capability. 


11 July 86 - Tennessee and Georgia. 

Moderate quake with sonic boom shakes SE Tennessee and North- 
ern Georgia. 3.7 on Richter scale. Centered just east of Chattanooga 
Tennessee on the TN/GA line. 


12 July 86 - Michigan, Ohio, and Kentucky. 
Mild quake in Michigan, Ohio, and Kentucky. 4.0 on Richter scale. 


18 July 86 - Los Angeles, California. 
Sharp aerial boom rattles Los Angeles Basin at about 0930 hrs. FAA 
and USAF unable to identify a potential source from an aircraft. 


Aug 86 - Soviet Union. 

Two huge new Soviet "radars" discovered on Western Soviet border 
by U.S. intelligence. One near Skrunda, on Lithuanian border. 
Other near Mukachevo, on the Czech border. With phase conjugate 
adjuncts, represent significant strategic weapon system deploy- 
ments. 


2 Sep 86 - Baltic Sea. 

Finnish ferry Scandinavia in Baltic Sea observes a strong light rise 
from the sea near the Finnish Coast. After 3 to 4 seconds, a giant 
mushroom reached 500 feet into the sky and covered the moon. 
Probable Soviet test. 


12 Sep 86 - Dallas, Texas. 
Mysterious, powerful "explosion" rocks South Dallas. No source 
found or explained. No supersonic jets in area. 


Selected Incidents 


15 Sep 86 - Australia. 

Katherine, Australia. Object with flaming orange tail moved from 
sky toward ground at 45 degree angle. Katherine's electrical power 
suddenly cut off and phone lines in the town disrupted. Probable 
Soviet scalar EM generated. 


Oct-Nov 86 - Los Angeles, California. 
Giant radial clouds observed in Los Angeles area. 


Oct 86 - Reykjavik, Iceland. 

Gorbachev and Reagan meet at Reykjavik, Iceland. Gorbachev 
proposes "zero option.” Seeks to get nuclear missiles removed, since 
they constitute "dead man fuzing" because ofnuclear warheads, and 
severely limit pulse use of Soviet scalar EM weapons. Adamantly 
insists on bottling up SDI — because if space laser is converted to 
scalar EM laser, its power (effective) goes up about 10°° times, and 
single shot could devastate Russia. 


10 Oct 86 - Vandenberg AFB, California. 

U.S. forced to scrub another missile launch when a USAF Scout 
satellite malfunctions during final countdown at Vandenberg AFB, 
Calif. The booster's gyro system failed a checkout sequence at about 
T-5 hr. Scalar EM can inertially interfere also. 


13 Oct 86 - ABC News. 

On Peter Jennings' ABC News show, Gennadi Gerasimov, Soviet 
spokesman, indicated that SDI as presently designed was of no 
concern to Soviets. Real concern is that U.S. will make a "great 
technical breakthrough" and deploy new, modified devices, present- 
ing an unacceptable threat to the Soviet Union. Here he is thinking 
of changing the laser to a scalar EM laser. 


6 Nov 86 - Albuquerque and Phoenix. 

Power failures at Albuquerque air traffic control tower and a radar 
station near Phoenix, Arizona occur. Radar controlling high altitude 
air traffic from Texas Panhandle to southern California was knocked 
out for 40 min. First such incident in Albuquerque center. The 
Arizona radar was out for 59 hrs. Note similar incident at Montreal 
on Nov. 11, 1986. 
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10 Nov 86 - Huntsville, Alabama. 

Three giant radial cloud formations in Huntsville, Alabama photo- 
graphed by T.E. Bearden. One is a twin giant radial. Shows heavy 
activity in scalar EM interference grid. 


10 Nov 86 - SEU.S. 

Red glowing light with tail flares across sky in Southeast about 
sunset. Seen over parts of TN, AL, GA, MS. Ground searches 
conducted in several areas for possible crash. Probable Soviet scalar 
EM activity. Note heightened activity in grid same day. 


10 Nov 86 - Near Nashville, Alabama: Hemet, California. 

Frank Golden measures scalar EG field of earth — highly agitated 
and dynamic, about half as much as when Soviets induce earth- 
quakes. Anomalous winter storm in progress. Cold records broken 
in Mid-U.S. Heat records broken in Florida. Storm penetrates very 
deeply southward. Soviet weather engineering. 


11 Nov 86-Canada. 

Air traffic control radar in Montreal, Canada region broken down. 
Backup system employed. Note similar occurrences to Albuquerque 
and Phoenix on Nov. 6, 1986. 


12 Nov 86 - Atlanta, Georgia. 

Stationary arc (dome) of clouds sighted over Atlanta. Well defined 
lower edge. Upper edge irregular. Multiple witnesses. Clouds 
moved into top of dome and flowed around it. Very strange sight. 
Probable Soviet "gentle test" of placing a suppressive covering over a 
distant U.S. city. Performed at night, at minimal level (no glow) so 
no great notice would be taken. Dome was stable against 20 mph 
winds and other moving clouds that collided with it. 


13 Nov 86 - Huntsville, Alabama. 

Twin giant radial cloud observed moving over Huntsville, Alabama 
by T.E. Bearden. West to East. Atnearly noon. At dusk, single giant 
radial cloud was also spotted over Huntsville. 

Significant scalar EM activity in grid. 


17 Nov 86 - off Alaska. 
JAL Flight 1628 observes giant UFO while enroute from Reykjavik, 
Iceland on mid-leg of Europe to Tokyo. Crossed Beaufort Sea off 
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Alaska's north coast. Sighted flashing lights which moved alongside 
the aircraft. Pilot descended, so did light. Glimpsed craft in profile, 
twice as big as aircraft carrier. On board radar located it. USAF and 
civilian controllers reported brief radar echoes, but tapes did not 
show it. Approaching Fairbanks, Alaska. Pilot made 360 degree 
circle, object stayed with him. Finally disappeared as he was 
approaching Anchorage. Probable Soviet test as part of deception 
plan. TR wave holography. 


27 Nov 86 - Fort Pierce, Florida. 

Flash oflight in sky and sonic boom occurred vicinity of Fort Pierce, 
Florida. Probable Soviet EM test. Note that a classified payload was 
scheduled for launch in near future at Cape Canaveral nearby. 


4 Dec 86 - Huntsville, Alabama; Hemet, California. 

Twin giant radials seen and photographed over Huntsville AL. 
Large radial cloud seen in skies over Hemet, Calif, and photo printed 
in The Press Enterprise, Hemet, CA 5 Dec 86. 


4 Dec 86 - Cape Canaveral, Florida 

Atlas/Centaur rocket successfully launched at Cape Canaveral, 
orbits a communications satellite for DOD. The Soviets had to allow 
one or two of the missiles to succeed, else even the lethargic U.S. 
bureaucracy would have caught on. Grid activity indicates they 
probably just tracked it without the other goodies. 


5 Dec 86 - Vandenberg AFB, California. 

MX ICBM launched from Vandenberg AFB. Two of RVs did not 
deploy although all impacted within the Kwajalein Missile Test 
Range. Note: Soviets let one go from Vandenberg. 


21 Dec 86 - Huntsville, Alabama. 
Twin giant radial photographed over Huntsville Alabama. 


23 Dec 86 - Huntsville, Alabama. 

Small flash in lower sky over Huntsville, Alabama observed by T.E. 
Bearden. Followed by faint boom. Momentary loss of power occurred 
in large area of Huntsville. Positive correlation between the aerial 
flash/boom and the loss of the power. Soviet test. 


479 Selected Incidents 


7-21 Jan 1987 - Florida. 
Several giant radial clouds seen in vicinity of Fort Lauderdale, 
Florida. Indicates substantial action in scalar EM grid. 


20 Jan 87- U.S. 

Highly unusual bend in Jetstream. Completely down West Coast, 
curving east under Texas, NE along SE USA. Shows great action in 
scalar EM grid. Significant weather engineering. 


20 Jan 87 - Vandenberg, AFB, California. 
Minuteman missile destroyed in launch. Note substantial action in 
scalar EM grid. 


23 Jan 87 - Huntsville, Alabama. 

Bearden photographs twin giant radial over Huntsville AL. Cloud 
fades with great and unusual rapidity. A private-type jet, similar to 
a Learjet, continually circled under the strange twin radial cloud, as 
if observing and/or photographing it. Perhaps someone in the U.S. 
system wised up. 


28 Jan 87 - Vandenberg AFB, California. 
Minuteman missile successfully launched from Vandenberg AFB. 
Note: Anniversary of the Challenger disaster. 


7 Feb 87 - Alabama - Tennessee border. 
Loud aerial boom or explosion shakes area from Tennessee, New 
Market, Monte Sano through Huntsville Alabama area. 


10 Feb 87 - Huntsville, Alabama. 

Bearden photographs twin radial cloud in Huntsville, AL. Cloud 
stayed fixed, although winds present and other clouds moved. Note 
big storm in NE - Cape Cod, etc. Associated with weather engineer- 
ing. 


11 Feb 87 - Huntsville, Alabama. 
Bearden photographs another twin giant radial in Huntsville, Ala- 
bama. Shows activity in Woodpecker grid. 


Feb 87 - Vandenberg AFB, California. 
USAF Titan launched from Vandenberg AFB, Calif. 


Selected Incidents 4SO 


12 Feb 87 - California. 

Blue Angel F-18 a/c crashed near Brawley, CA. Fourth military air 
crash in the Imperial Valley since October. Note Woodpecker grid 
activity on previous day. 


26 Feb 87 - Cape Canaveral, Florida. 
GOES-H weather satellite launched from Cape Canaveral on a 
DELTA rocket. 


26 Mar 87 - Cape Canaveral, Florida. 

Stunning failure of an Atlas/Centaur rocket launched from Cape 
Canaveral. May have been hit by lightning. Failed suddenly 51 sec. 
after liftoff. Weered out of control and destroyed. Note: Possible 
Soviet scalar EM involvement. Much to do later about multiple 
lightning strikes; very suspicious. 


June 1987 - Vandenberg AFB, California. 
Minuteman 3 missile fired from Vandenberg AFB, Calif, is aborted 
and destroyed in flight. Note similar incident in July. 


12 Jun 87 - Cape Canaveral, Florida. 
Trident HI launched successfully from flat pad. 


21 Jun 87 - Alaska. 
Three strong earthquakes shake parts ofremote Alaskan Peninsula. 


30 Jun 87 - Los Angeles, California. 

Delta 767 flight 810 crew inadvertently shuts down engines shortly 
after takeoff from Los Angeles. Starts to fall, restarts engines and 
recovers. Definitely crew error. Similar incident on Mar. 31, 1986 
after takeofffrom San Francisco. 


12 July 87 - Over Pacific Ocean. 

Minuteman missile is destroyed in flight over the Pacific Ocean 
because of a problem in flight. Launched from Vandenberg. Note 
similar incident the previous month. 


16 Jul 87 - Huntsville, Alabama. 
Anomalous largo "boom" occurs at Huntsville, Alabama. 
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17 Jul 87 - Huntsville, Alabama. 

Another anomalous, large "boom" occurs at Huntsville, Alabama. 
Note that Huntsville is a pivot point on the Soviet grid. Adjustments 
in the grid often "spill out" energy, causing such a boom. It causes a 
sharp boom if pinpoint spillage occurs. It causes a more general 
quaking, rumbling sound of longer duration if spillage occurs over an 
area. 


20 July 87 - Cape Canaveral, Florida. 
Tident HI successfully launched from flat pad. 


14 Oct. 87 - Nellis Air Force Gunnery range. 
Top secret plane crashes; possible stealth fighter. Did the Soviets 
kill another one? 


9 Nov. 87 - Vandenberg, AFB, California. 
Minuteman II missile is destroyed seconds after launch. Unnamed 
anomalies cited. Did the Soviets interfere ? 


4 Jan. 88 - Madison and Huntsville, Alabama. 
Giant radial sighted for several hours. Three mysterious booms 
rattle Huntsville. Soviet scalar EM activity continues. 
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DEAD MAN FUZING* 
THE REAL MEANING OF THE REYKJAVIK SUMMIT 


Soviet Foreign Minister spokesman, Gennadi Gerasimov, fol- 
lowing failure ofthe Iceland Summit, said in a radio interview that 
SDI(U.S. Strategic Defense Initiative), as presently designed, is of 
no concern to the Soviet Union. The real Soviet concern, he indi- 
cated, is thatthe U.S. would make a great technical breakthrough 
and deploy new devices in space as amodification to SDI presenting 
an unacceptable threat to the Soviet Union. 


Peter Jennings' ABC News Show, Los Angeles, CA 
13 October 1986. 


Gerasimov let the cat out of the bag! 


With their deployed scalar electromagnetic weapons, the Soviets 
would immediately hold the winning hand-ifthese weapons could be 
unrestrainedly brought to bear. 

As pointed out in Fer-de-Lance: A Briefing On Soviet Scalar 
Electromagnetic Weapons, Tesla Book, Co., 1986, the use of 
massive Soviet scalar EM weapons can only be gingerly applied. Ac- 
tivation and use of the Soviet scalar EM weapons is fraught with 
grave danger to the entire earth and to the whole human species 
because of the presence of nuclear facilities in the desired target 
area, and because of the "backlash" potential against the Soviet 
Union's own nuclear weapons and facilities. 

The explosion at Chernobyl was apparently caused by the acci- 
dental failure of a nearby scalar EM transmitter, and the eventual 
impulsive loss ofpart ofthe electrogravitational potential built up by 
the transmitter before it failed. The resulting electrogravitational 
pulse (EGP) in the earth "pulsed" the nearest nuclear material... feul 
rods in the reactor at Chernobyl. 

Had the EGP not been depleted prior to its escape, all four reac- 
tors at Chernobyl would have exploded with the same intensity as if 


*The term "Dead Man Fuzing", means that, even though your opponent kills you, a weapon 
or effect of your own will inevitably result which will then kill your opponent. 
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they had been "triggered" by a fission explosion. 

In short, ifunrestrainedly used, the EGPs from the Soviet scalar 
EM weapons would initiate most ofthe nuclear weapons where they 
are in the targeted area-in storage, in silos, in aircraft, etc. Target 
area nuclear reactors and nuclear wastes would also be violently 
initiated into nuclear explosion. The resulting vast megatonnage of 
nuclear explosions, much of them "in the dirt, " would provide an 
unthinkable holocaust. The effects of these giant explosions, deadly 
fallout and dense clouds of smoke and dirt, would blanket the earth 
with nuclear effects greater than is presently expected from an all 
out nuclear war, in which many ofthe weapons are expected to be 
destroyed or lost without being exploded nuclearly. Deadly nuclear 
radiation would blanket the globe, contaminating it for thousands of 
years. From the covering of the earth by dense smoke and dirt 
clouds, a new and deeply bitter global ice age-not just a "nuclear 
winter"-would almost certainly be initiated. In 1960 Khrushchev 
appropriately characterized these fantastic weapons by stating that 
they could wipe out all life on earth if unrestrainedly used. 


A country's nuclear weapons and facilities, then, become its in- 
advertent "dead man fuzing" to prevent any substantial employ- 
ment oflarge scalar EM weapons against it. So long as nuclear "dead 
man fuzing" is in place in a country, its adversary can only utilize 
scalar EM superweapons against it with great difficulty, and then 
only sparingly. At present, both the U.S. and its NATO allies are 
"dead man fuzed" by the presence of Western nuclear weapons-and 
to some extent, by the presence of nuclear reactors and stored 
nuclear wastes. 

Obviously the Soviet Union's task of world domination—and the 
mind-rending risks it must take in employing large scalar EM 
weapons—would be greatly expedited ifthe obstacle of "deployed U.S. 
and NATO nuclear weapons and facilities" could be eliminated or 
minimized. 

Also, Gorbachev must be acutely aware that the U.S. is finally 
beginning to look at the possibility ofscalar EM weaponry. He would 
assume that either the U.S. is already on the way to acquiring scalar 
EM weaponry ofits own, or else the time is imminent when it will do 
so. Ifthis happened, andthe U.S. then were to deploy SDI scalar EM 
lasers in space, the effects of each laser would be enormously 
increased by the electrogravitational amplification factor. Reason- 
able gain increases ofthe yield ofeach laser shot might approach, for 
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example, on the order of 10°”. In that case, each laser could suddenly 
devastate a whole state or region with one or two shots, instead of 
just being able to destroy one little missile. The Soviets know that 
Reagan's Star Wars weapons-if modified to the "improved" kind and 
deployed in space—could deliver a surprise first strike in seconds, 
and devastate Russia before all the Star Wars space weapons could 
be knocked out by Soviet ground-based scalar EM beams. 

The Soviets also know that it is not too difficult to modify lasers 
to become such powerful scalar EM lasers. 

This means that Gorbachev needs to insure that the Star Wars 
weaponry is not actually tested in space. Testing in space requires 
developing at least prototype "space deployment" SDI weapons, to 
get them up in space to test them from there in the first place. And 
even such "prototype" SDI weapons would be sufficient to devastate 
the Soviet Union, given that the prototypes employed the technologi- 
cal breakthrough represented by scalar EM weapons. This is what 
Gerasimov was really referring to! 

Thus Gorbachev simply cannot allow such space testing of SDI 
weapons, if he hopes to be able to safely seize the opportunity to 
employ his own already-deployed, massive scalar EM weapons 
during the "window oftime" that would be provided by dismantling 
of U.S., NATO, and Soviet nuclear weapons. 

And-given that he gets agreement and implementation of the 
"zero option"-Gorbachev knows he will only have anarrow "window" 
of time in which he can hope to achieve world domination. It can be 
only a short time until the U.S. produces results in scalar EM 
weapons, and promptly develops such weapons of its own. Faced 
with that eventuality, Gorbachev would then have no choice but to 
turn away from the Communist dream of world domination, and 
reach a mutually agreed accommodation with the West. Both the 
West and the Soviets then would have to take immediate and drastic 
measures to prevent the rapid development and spread of the 
relatively cheap scalar EM weaponry throughout other nations, 
particularly those motivated from fanatical beliefs and quite capable 
of "blowing up the earth" deliberately. 

Thus, before the U.S. becomes aware of scalar EM weapons and 
builds its own, Gorbachev desperately needs to get rid of the "dead 
man fuzing" problem posed by the nuclear weapons and facilities 
possessed by the U.S. and its Nato allies, so that he can utilize his 
superweapons to dominate the world without destroying it. 
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And he needs to block any chance that the U.S. would be able to 
have space-tested high energy laser prototypes which could be 
quickly modified to scalar EM weapons, fired into space, and used to 
counter Soviet aggression or even destroy the Soviet Union in 
retaliation. 

In short, today the paramount and almost desperate need of the 
Soviet Union is to reduce American dead-man fuzing and keep the 
SDI space laser genie bottled up in the lab on the ground. 

Accordingly, in Iceland, in what appeared to be a stunning 
concession on nuclear arms, Gorbachev suddenly offered Reagan a 
complete dismantling of all nuclear weapons-Reagan's "zero op- 
tion." Actually this move had been planned by Gorbachev from the 
beginning; it was not a spur-of-the-moment offer. The reason was 
simple: Ifthe U.S. could only be persuaded to quickly get rid of its 
nuclear weaponry, the Soviets would hold an absolutely winning 
hand. Their massive, deployed, operational scalar EM weapons 
could then be unleashed with minimal restraint. The extremely 
delicate and incredibly dangerous problem of bringing the large 
scalar EM "continent-buster" weapons to bear, without inadver- 
tently causing world destruction, would be vastly eased if only the 
ordinary U.S. nuclear facilities such as nuclear power plants and 
radioactive wastes had to be reckoned with. 


Fortunately, Ronald Reagan fervently believes in defense . 

He made the right decision, whether or not it was for the right 
reasons. 

Indeed, he probably knew in advance that SDI was to be targeted 
in Iceland by the Soviets, and that sweeping concessions might be 
offered by them for that purpose. According to one report (" 'Blinded' 
Satellites," Rowland Evans and Robert Novak, Washington Post, 
Oct. 29,1986), just before Reykjavik the CIA-sent a report to Reagan 
with the warning that "the sole reason for Gorbachev's wanting the 
Iceland summit was to offer unprecendented inducements for Re- 
agan to drop SDI." 

Fortunately, Reagan rejected Gorbachev's proposal, because he 
does not wish to give up what he truly regards as a potential defense 
against incoming Soviet missiles. 

Apparently neither Reagan nor his advisors were aware of the 
real reason for Gorbachev's unexpected and breathtaking proposal 
for what would essentially be near-total nuclear disarmament. 

The Soviet ground-based scalar EM lasers could sweep the 
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heavens of the presently conceived SDI weapons, as Gerasimov 
obliquely implied. However, this would not change the barrier 
represented by U.S. nuclear dead man fuzing, unless the nuclear 
weapons had been removed. 

Meanwhile, Gorbachev's chess game to remove the dead man 
fuzing is certainly not over. The Soviets have mounted an intense 
propaganda campaign urging nuclear disarmament and cancella- 
tion or restraint of SDI. With a Democratic Senate now in, and with 
the approaching end of Reagan's term in office, the Soviet effort to 
clear the U.S. nukes-and the dead man fuzing-out of the way for 
Soviet deployed superweapons, while keeping the SDI genie in its 
laboratory bottle, can only be intensified. Already the Soviets are 
beating every drum to get substantial antinuclear segments of the 
U.S. scientific, congressional, political, and pacifist communities 
aroused to oppose SDI and urge a quick zero nuclear option. 


The treaty for dismantling certain missiles in Europe has al- 
ready been signed by the President, and its ratification by the U.S. 
Senate appears imminent. More is yet to come, and quickly. 

In its aching desire for peace, if an unsuspecting America falls 
into Gorbachev's trap, shackles SDI and removes its dead-man 
fuzing, the Soviet Union will be free to enforce its will wherever and 
whenever it wishes.* If that happens, our beloved stars and stripes 
will be replaced with the atheistic hammer and sickle. And the 
noblest experiment of all—freedom for the common person—will 
have come to an ignoble end. 


*Just as Brezhnev forecast for 1985, at a secret meeting in 1972 of the communist party 
leaders of Europe. 
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send emails to people about knowledge contained in it. If you are an amateur electronic guy/girl try to make 
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Foreword 


The original purely scientific purpose of this hook was interrupted en route 
by two events: The first was a sudden heart allack and onslaught of severe 
hypoxia resulting from the resurgence in Spring 2001 ofa 33-year old 
chronic mycoplasma infection, of the modified biological warfare kind 
produced by a combined U.S./Canadian team, which got loose in Canada 
and Florida in the 1950s. I contracted this "mysterious, unknown ailment" 
in 1968 while in the U.S. Army and stationed in Quebec, Canada as the 
U.S. Army Liaison Officer to the Canadian Armament Research & 
Development Establishment (CARDE). The second event was the sudden 
terrorist attack on the U.S. on September 11, 2001, which propelled this 
nation and others into a war against international terrorism. 


For the mycoplasma, Kenn Thomas recognized and informed me exactly 
what the difficulty was, and I was finally tested and diagnosed correctly in 
December 2001 due to the efforts of a courageous family physician. 
Accordingly, in December 2001 we started a yearlong (or longer) regimen 
of antibiotics and supplementary oxygen, with additional medication to 
control the runaway heart fibrillation associated with this virulent form of 
the disorder. If we make it through this yearlong program, we will 
probably survive with at least some significant recovery. Now on a much- 
reduced regimen, this made me realize the absolute necessity of passing 
the "energy from the vacuum” information and baton, so to speak, to those 
sharp young graduate students and post doctoral scientists who are 
interested in this area. They simply must not have to spend 30 years of 
their lives getting to this point. Instead, they should start where I am now, 
correct any errors I have inadvertently made, and go much farther. 


Accordingly, we sharply changed the intent and content of the book to 
comply with that new purpose. We also deeply considered the potential 
U.S. and World energy implications of that second shocking event of 9/11 
when international terrorists struck the World Trade Center in New York 
Center and the Pentagon, having also targeted the White House. 


In the new asymmetric form of warfare, the internal aspects ofa nation - 
its civilian population, its vulnerable installations, its energy infrastructure, 
its food crops, and its transportation modes — are the targets. Terrorist 
teams and groups in significant numbers are already inside every targeted 
developed nation, and these teams have weapons of mass destruction 
including biological weapons and even nuclear weapons. For confirmation 
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of the hostile nuclear weapons already secreted in large U.S. cities, read 
Lunev's book’ to see how the former Soviet Union brought them in, along 
with the Spetznaz teams to detonate them on call. The nuclear weapons 
and the Spetznaz teams are still here. Other hostile nations have inserted 
terrorist teams with weapons such as anthrax, smallpox (camel pox is 
nearly identical to smallpox, and widely available), bubonic plague, etc. At 
the end of the 1991 Persian Gulf War, most of Iraq's calutrons and its 
nuclear program escaped the weapon inspectors and were hidden. In the 
few calutrons we did get, weapons-grade U235 residues were found. In a 
formal threat study for a foreign nation, begun before the Gulf War and 
delivered after its end, my analysis team and I estimated that Iraq had 
produced sufficient U235 in 1991 for from 7 to 12 nuclear weapons, 
particularly of the gun assembly type. My personal estimate now would be 
that Iraq has made sufficient weapons grade U235 to build three dozen to 
six dozen nuclear weapons. If so, then some of those weapons are 
undoubtedly long since spirited into the United States, and planted in our 
large cities. 


In modern asymmetric strategic war, the first phase of the war is conducted 
in "peacetime". The first phase is to insert the weapons of destruction into 
the targeted nation and hide them at the intended targets, along with the 
teams to detonate and unleash the weapons when desired. In that sense, the 
first phase of WW III has already been accomplished. 


According to Vice-President Cheney,’ "The war on terrorism will not be 
over in our lifetime. It is different than the Gulf War was in the sense that 
it may never end. At least not in our lifetime. The way I think ofit is, it's a 
newnormalcy. " 


With much of the cheap oil of the world in its borders, the MidEast is a 
powder keg ready to explode. Ifa clash between the U.S. and Iraq occurs, 
Saddam Hussein has already clearly shown that he will attack and destroy 
his foe's energy infrastructure and he will also use weapons of mass 
destruction. Simply witness the hundreds of oil wells set afire in Kuwait 
by Iraqi forces during the Persian Gulf War, and the use of chemical 
weapons on his own people. As this is being written, Pakistan and India 
are skirting the brink of war, and both have nuclear weapons. Either side 


' Stanislov Lunev and Ira Winkler, Through the Eyes ofthe Enemy, Regnery, 
Washington, D.C., 1998, p. 26. 


> Vice President Richard B. Cheney, October 21, 2001. 
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that decides on war will have to make a nuclear strike on the other. They 
have no antimissile defenses, hence making the "first knock-out" or pre- 
emptive strike is each nation's only chance ofsurvival. Hopefully cooler 
heads will prevail, but If that war erupts, the Mid East, oil, and present 

energy infrastructures will never again be the same, for the entire world. 


There are other very serious U.S. vulnerabilities of gas and oil pipelines, 
port facilities, Gulf of Mexico oil rigs, nuclear power plants, power 
substations, hydroelectric dams, long power transmission lines on towers, 
etc. that are too numerous to enumerate. With but a moment's reflection, 
one realizes that even normal and cheap guerrilla-type or commando-type 
forces with C-4 explosives and timers can destroy a very substantial 
portion of the energy infrastructure with minimal risk and loss of assets. 
For those who wonder about a nuclear power plant's vulnerability, 
visualize a seized Boeing 747 loaded with fuel and flown directly into the 
main reactor container . Ifmeltdown occurs, the nuclear tragedy at 
Chernobyl] in 1986 will appear tame by comparison. There are also several 
other electromagnetic ways (such as a portable EMP "shooter" hauled in 
the back ofa personal SUV) to instantly destroy the electronic controls of 
the nuclear power plant, seriously risking runaway and core meltdown. 


Consequently, increasing attention is now focused on the extreme 
vulnerability of the centralized energy infrastructure in the U.S. and every 
other developed nation. So what started for me as a purely scientific 
endeavor to set out the concepts and principles of permissible COP>1.0 
EM systems suddenly assumed a role of potentially critical strategic 
significance to the U.S. and to the entire developed world. Quite simply, 
some 20,000 terrorists in teams already in the United States can - 
at this very moment —destroy large portions ofthe nation's energy infrastructure 
at will, easily and cheaply. The economy of any modern developed nation 
depends on the availability of cheap energy. So this kind of hostile 
strategic capability means that the power to readily destroy a nation's 
economy — and thus defeat a mighty nation itself in the ensuing economic 
collapse — has passed into the hands of hostile forces already in country 
and awaiting the order to commit their assets. 


In this new asymmetrical form of warfare, it would appear that the rapid 
developmentanddeploymentofsignificantdistributedpowersourcesis 

now a critical element of national survival for many nations ofthe world. 

Decentralization does little good, however, iffuel for the decentralized 

generators must remain centralized and distributed by very large and 

complex systems.The fuel and Its distribution are still extremely 

vulnerable resenting easy targets allowing paralysis of the decentralized 
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generators. Self-refueling {self-powering) of the electrical power systems 
is therefore a mandatory additional requirement. 


So sober assessment dramatically reveals the need for self-powering 
electrical power systems, freely extracting their EM energy from the local 
vacuum. Thus an engineerable theory of permissible COP>1.0 EM systems 
has become essential to the national survival of the U.S. and many other 
nations, so that an effective decentralized energy infrastructure — with the 
seething vacuum as the "localized and inexhaustible free fuel supply" — 
can be rapidly designed, developed, and deployed. 


Sadly, the leaders of the scientific community are still in a "business as 
usual” mode with respect to energy, and intend to remain so. They do not 
even recognize what powers and always has powered an EM circuit and 
system: EM field and potential energy extracted directly from the vacuum 
by the broken symmetry of the source charges and dipoles. Since no 
scientific research on EM energy from the vacuum is going to be launched 
by the scientific leaders at the top, then the results of the broken symmetry 
discovered in 1957 are going to have to be applied in the scientific 
community from the bottom up. Consequently, a rather desperate need to 
communicate everything possible to the young graduate students and post- 
docs has become imperative, ifthe nation is to survive. 


From the beginning of my effort in COP>1.0 systems, and then my effort 
on this book and prior to the events leading to the attack on September 11, 
2001, the appalling humanitarian need for COP>1.0 electrical power 
systems taking their energy from the vacuum has been obvious and 
overwhelming. One third of the human population usually goes to bed 
hungry at night. One third is infested with worms and parasites of one kind 
or another, in addition to other diseases. Simple things such as clean water, 
common sanitation, medical treatment, and jobs to support one's family are 
difficult things in many parts of the world. 


In the final analysis, the only way to get a suffering, impoverished, and 
undeveloped nation up and going is to provide cheap clean energy, and to 
do it with systems which get their "fuel" for free, such as from the vacuum 
itself. Once cheap clean energy and self-powering systems are widely 
available, then the economy and infrastructure of that nation can be slowly 
and steadily built up to get the society moving. Roads, bridges, hospitals, 
schools, teachers, industry, and jobs then follow as the economy rises. 
Until there is a cheap energy infrastructure available and growing, 
essentially fuel-free, none ofthat is going to happen in most impoverished 
nations because presently the world's fuel is monopolized, controlled, and 


XVil 


fought over, and it will become evei more expensive as the supply vs. 
demand ratio falls, prices escalate, and additional wars - almost certainly 
involving weapons of mass destruction - are engendered. With present 
aid concepts, at best the politicians and warlords usually get the bulk of 
whatever assistance is sent in, and the warlords on the take from foreign 
masters will continually plunge the country into turmoil, war, and human 
tragedy. Assistance is necessary, but the eventual aim has to be to enable 
and empower the common citizens to be self-supporting, educated and 
trained, relatively free from disease, and living in a nation having a 
growing and developing infrastructure, jobs, and a decent economy. 
Availability of cheap and affordable energy — and clean energy if we 
wish to save the precious environment — is the primary key to "freeing 
and empowering the developing nations" as well. 


Along with this omnipresent, desperate humanitarian need, the increased 
strategic need for decentralized energy systems freely fueled from the 
vacuum itself has led me to make every effort possible — particularly after 
the heart attack in 2001 and in continued hypoxia from severe chronic 
mycoplasma infection — to finish the book and at least outline the major 
concepts and principles that enable the construction of a sorely-needed 
COP>1.0 electrical power systems theory, followed by the development 
and rapid deployment of actual self-powering systems. The Alpha 
Foundation's Institute for Advanced Study (AIAS), spearheaded by Dr. 
Myron Evans, has also been vigorously preparing and publishing papers in 
leading scientific journals and other publications” showing that EM energy 
from the vacuum is permissible, possible, and feasible. 


In my three decades of work with multiple inventors of working prototype 
COP>1.0 electrical systems, I have been privileged to experience and work 
with several actual COP>1.0 circuits and prototype systems, study them, 
and slowly comprehend some of the advanced and unusual principles 
involved. In short, thanks to the courtesy and kindness of others, I have 
been able to gradually acquire at least an elementary understanding of the 


3 E.g, Modern Nonlinear Optics, Second Edition, 3 Vols., edited by M. W. Evans, 
Wiley, 2001; M. W. Evans et al, "Derivation of 0(3) Electrodynamics from the 
Irreducible Representations of the Einstein Group," Found. Phys. Lett., 15(2), Apr. 
2002, p. 179-187; "Anti-Gravity Effects in the Sachs Theory of Electrodynamics," 
Found. Phys. Lett., 14(6), Dec. 2001, p. 601-605; "Classical Electrodynamics 
Without the Lorentz Condition: Extracting Energy from the Vacuum," Physica 
Scripta, 61(5), May 2000. p. 513-517; "Runaway Solutions of the Lehnert Equations: 
The Possibility of Extracting Energy from the Vacuum," Optik, 111(9), 2000, p. 407- 
409. 
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mechanisms which enable COP>1.0 EM power systems. With this 
background, one can understand why conventional EM systems and 
circuits do not develop COP>1.0 or self-powering, even though all the 
energy collected and used in every electrical power system comes from the 
vacuum and not from the shaft energy input to the generator, chemical 
energy dissipated in a battery, wind energy collected by a windmill (that 
just "feeds" the shaft of the generator), or from the water power dissipated 
in a hydro turbine (the hydro turbine also only turns the shaft of the 
generator, which does not actually furnish the power to the external power 
line connected to it). 


It seems appropriate that other researchers should be able to start where 1 
am now, understand what I have learned or think I have learned, find and 
correct any errors, and simply go forward with alacrity — much farther 
than I have been able to go, and much faster. This is particularly true of the 
young researchers who have excellent theoretical and experimental skills 
and a vigorous lifetime ahead of them. When an old and tiring runner 
falters with the baton, it is time to pass it on to the fresh young runners 
who can carry it to the successful end ofthe race. 


The purpose of this book, then, is to lay out in some little detail what I 
have learned in all these years of sustained effort, but in such a way that it 
ties directly into good physics. In some cases, the tie-in to physics is 
unavoidably to a somewhat esoteric area such as the geometric phase and 
to time as a special form of energy. COP>1.0 EM systems are not simple, 
and they involve special phenomenology rarely encountered in 
conventional EM circuits and systems. COP>1.0 EM systems 
simultaneously involve a combination of particle physics, modern active 
vacuum theory, advanced materials science, higher group symmetry 
electrodynamics, quantum mechanics, and general relativity. They also 
involve areas where foundations of physics are presently in error. We 
found it necessary to think in terms of the supersystem, defined as having 
three components, which are (i) the physical power system itself, (ii) the 
active local vacuum, and (iii) the active local curvatures of spacetime. All 
three components of the supersystem interact and exchange energy with 
each other continuously. Any legitimate COP>1.0 power system must 
freely receive, collect, and use some excess energy from its active 
environment — in this case, the latter two components of its supersystem. 
By definition, this COP>1.0 function requires disequilibrium between the 
system and its active environment, so that classical equilibrium 
thermodynamics does not apply. Instead, the thermodynamics of systems 
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far from equilibrium in their energetic exchange with an active 
environment applies. 


However, since the "environmental energy" we are extracting is virtual 
photon energy from the vacuum and energy from local curved spacetime, 
the fundamental definitions of classical thermodynamics and classical 
electrodynamics have to be re-examined and altered. A closed system, e.g., 
can no longer be defined just as one closed to the transfer of mass across 
its boundary, but permitting energy to exchange across it. Since the advent 
of general relativity in 1915, we have known that energy and mass are the 
same thing. Whenever any system changes its energy, it also changes its 
mass by the well-known E = mc’ rewritten as dm = dE/(c’). Further, in the 
fierce virtual particle exchange of the vacuum with every part of every 
system, both virtual mass and virtual energy continually cross the system 
boundary. Neither classical thermodynamics nor classical electrodynamics 
deals with the transduction of time-energy into spatial energy in a system, 
which is a totally different type of energy exchange accomplished by 
charge. 


Further, certain phenomenological areas — such as strong gradients — are 
already well known to violate present thermodynamics. These are 
presently being researched under the aegis of extended nonreversible 
thermodynamics. Finally, as the present laws of classical thermodynamics 
are stated in the textbooks, every charge and dipole in the universe already 
violates those laws, and has done so since the beginning of the universe. 
Let us put it bluntly: Every charge in the universe already freely and 
continuously pours out EM energy in 3-space in all directions, without any 
observable EM energy input. That is the well-concealed source charge 
problem, known but ignored by the leaders of the scientific community for. 
a century. Al] EM fields and potentials and their energy come from those 
source charges, according to electrodynamics itself. Either we must give 
up the conservation of energy law entirely, or else we must accept the fact 
that unobservable virtual EM mass and energy are continuously absorbed 


The vacuum by the source charge, transduced into real observable EM 
energy, and then re-radiated in 3-space in all directions as observable EM 
energy, creating the associated fields and potentials reaching out across the 
universe. That this problem continues to be ignored by the scientific 
community — some 45 years after the basis for its solution has been 
proven and is well known in particle physics — is totally inexplicable. But 
it continues to be resoundingly ignored, which means that the scientific 
community itselfis and remains totally responsible for the energy crisis 
and the associated vast despoilment of the biosphere, because it adamantly 
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insists on using a seriously flawed electrical energy science whose hoary 
basis is more than a century old. 


Accordingly, we have simply extended the first law of thermodynamics 
appropriately, pointed out that the second law does not apply absolutely 
but only as an approximation when conditions are appropriate, and revised 
the third law and the zeroth law. In this book we simply show the results of 
that revision, particularly in Appendix A. 


We were also able to trace the history of electrodynamics, and to find 
exactly how the permissible Maxwellian systems far from equilibrium with 
an external active environment — which are included in Maxwell's 1865 
seminal theory and even in Heaviside's vector truncation later — were 
arbitrarily discarded by Lorentz with his symmetrical regauging of the 
Maxwell-Heaviside equations. The purpose of such arbitrary regauging 
was and is to provide simpler equations that can usually be solved 
analytically without resorting to numerical methods. In the name of 
mathematical simplicity and ease, that entire great class of Maxwellian 
systems far from thermodynamic equilibrium in their supersystem was just 
arbitrarily discarded. Those Maxwellian systems are still arbitrarily 
discarded in every electrical power-engineering textbook today. 


So the first requirement for a COP>1.0 EM system becomes building-in a 
mechanism to violate the Lorentz symmetry condition, at leastfor a 
significantfraction ofthe time. Further, the standard closed current loop 
circuit — including the entire external circuit in the same closed current 
loop as the source dipole inside the generator is what already self- 
enforces the Lorentz symmetry condition. Consequently, in any legitimate 
COP>1.0 electrical system, the operation of that closed current loop circuit 
must be violated for some portion of the system's operation. This of course 
places the system in disequilibrium with its active supersystem 
environment, allowing intake of extra energy from the environment and 
therefore permitting COP>1.0. So one of the immediate requirements in 
COP>1.0 electrical systems research is to seek out and find known or 
suspected mechanisms that accomplish just such violation of the Lorentz 
symmetry condition. In the book, I show a sampling of the various 
mechanisms I found other inventors using or that I uncovered myself, or 
that already exist in physics. 


Finally, we discovered (and found the basis for it was shown in the hard 
literature in Heaviside's original work) that every generator and battery as 
an energy transducer already extracts from the vacuum and outputs from 
its terminals a far greater nondiverged energy flow than is accounted in the 
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Poynting diverged energy flow theory (which captures only that small 
fraction that is diverged into the circuit and captured by it). The total 
output energy flow from the terminals of a generator is also far greater 
than the mechanical energy input to the shaft of the generator. So in its 
energy transduction function, every dipolar electrical circuit ever built is 
already a "free energy circuit" and a COP >>1.0 system, extracting its 
utilized electrical energy from the vacuum and extracting additional energy 
also. But presently the electrical power system is unwittingly designed and 
constructed by engineers to deliberately destroy the source of that 
enormous energy flow from the vacuum faster than the system can use 
some of it to power its load. Wryly put, that does not seem to be the proper 
way to build energy systems or "run an energy railroad," even though it's 
always been done that way. 


This led to recognition of a great scientific faux pas, perhaps the greatest in 
history. One must keep one's sense of humor! So with tongue in cheek, let 
us state it this way: There is not now, and there never has been, a single 
electrical engineering department, electrical engineering professor, or 
electrical engineering textbook that teaches what powers an electrical 
circuit. Yet the basisfor it has clearly been in particle physics since 1957, 
as certified by the award of the Nobel Prize to Lee and Yang. What powers 
every electrical circuit and system is the broken symmetry ofthe primary 
power system's source charges and source dipole (i. e., the broken 
symmetry ofthe opposite charges on the ends ofthe dipole) in its fierce 
energy exchange with the seething vacuum, once that dipole has been 
made. The modern "charge" is also adipolarity, once its associated 
clustering virtual charges ofopposite sign are considered. Further, any 
dipole willfreely extract EM energy from the vacuum, convert it into real, 
usable, observable EM energy, andpour out real, usable EM energy 
continuously and indefinitely, so long as the dipole remains intact. 


The external circuit attached to a generator is not powered by the 
mechanical energy that is input to the generator shaft. The external circuit 
attached to a battery is not powered by the chemical energy expended by 
the battery. Astonishingly, every electrical power system and electrical 
circuit ever built, and every one built today, was and is powered by energy 
extracted and transduced directly from the active vacuum by the broken 
symmetry of the opposite charges on the ends of the source dipole (or a 
charge considered as a modern dipolarity), once that dipole is formed. A 
Nobel Prize was awarded to Lee and Yang in 1957 for the prediction of 
broken symmetry (strongly in 1956). Wu and her colleagues proved it 
experimentally in early 1957. So revolutionary a change in physics was 
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that startling discovery of broken symmetry, that — in a nearly 
unparalleled action — the Nobel Committee awarded the Nobel Prize the 
same year, December 1957, to Lee and Yang. One ofthe broken 
symmetries proven was that ofopposite charges such as are on the 
opposite ends ofevery dipole, or such as constitute a classical "isolated 
charge" when the charge and its clustering virtual charges ofopposite 
sign are considered as in modern physics theory. Rigorously, every source 
dipole is continuously extracting EM energy from the vacuum and pouring 
it out ofthe "terminals" ofthe dipole in all directions in 3-space. And so is 
every charge as well. That the leaders of the scientific community continue 
to ignore this solidly proven fact is astonishing. But they do. 


We also came to realize that the great Gabriel Kron, who was never 
allowed to reveal the secret of his open path, had in fact discovered the 
precursor of that very broken symmetry of opposite charges (of dipolarity). 
His open path is simply the recognition that any two points in the universe, 
that are at differing potentials and therefore can be considered as a 
dipolarity of opposite charges, acts as a source dipole that already extracts 
virtual photon energy from the vacuum, transduces it into real, observable 
photon energy, and pours out that energy in all directions. In reaching that 
understanding, he had applied general relativity to rotating electrical 
machines, simulated various forms of electromagnetics equations, and 
dealt deeply with quantum mechanics and the Schrodinger equation. 


Sadly, the electrodynamics model used in electrical power engineering still 
does not even model the active vacuum, much less a broken symmetry in 
the virtual photon exchange between that active vacuum and all the 
charges in every electrical system. The electrical engineering model does 
not model the supersystem, hence cannot be used to design and produce 
COP>1.0 systems. A priori, that seriously truncated and crippled model 
arbitrarily discards all permissible Maxwellian systems far from 
thermodynamic equilibrium (i.e., with broken symmetry) in their vacuum 
flux exchange. And those are precisely the systems that are permitted to 
perform the five magic functions of great interest to the COP>1.0 energy 
researcher. Such a disequilibrium system can permissibly (i) self-order, (ii) 
self-rotate or self-oscillate, (iii) output more energy than the operator 
inputs (the excess energy is freely received from the active environment), 
(iv) power itself and its load simultaneously (all the energy is freely 
received from the active environment), and (v) exhibit negentropy. Every 
charge and dipole in the universe already performs all five magic 
functions. 
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Itis the purpose of this book to clearly show that all EM systems are 
already powered by vacuum energy, and always have been. We cite the 
references and experimental proof that this is true, and the interested 
reader can check the extensive references himself or herself. The intent is 
to show that only a part of what has been discovered and is already known 
in particle physics is presently included in the woefully inadequate and 
ancient electrical power-engineering model. And frankly, unless there is a 
groundswell from the bottom of the scientific community, the leadership of 
the scientific community has no intention whatsoever of funding or 
allowing significant research in extracting copious EM energy from the 
vacuum (very simple) and learning to use it effectively (more difficult). A 
single 200 million dollars of good research in EM energy from the vacuum 
would solve the energy crisis forever, and dramatically reduce the 
pollution of the biosphere. The scientific community will spend many 
times that amount on their favored "big science" projects, but not one cent 
on EM energy systems powered by energy extracted from the vacuum. 


Also, we show a sampling ofthe present work ongoing in inertial 
propulsion and antigravity research. Working with Sweet, in the 1980s I 
designed and Sweet performed a highly successful antigravity experiment.’ 
I share with the reader the concepts and theoretical basis for that 
experiment, why it worked and how it worked, and the excellent results 
achieved. One of the tragic losses to science was the loss of the Sweet 
COP»1.0 vacuum triode amplifier (VTA) system with the death of Floyd 
Sweet. Nonetheless, we apply the mechanism we conceived so long ago to 
propose a mechanism generating the antigravity recently confirmed to be 
accelerating the expansion of the universe. We offer the long-neglected, 
Lorentz-discarded giant nondiverged Heaviside energy flow component 
accompanying every field-charge interaction as the probable generatrix of 
the excess gravity holding the arms ofthe spiral galaxies together. And we 
offer that same component — when connected with a flow of negative EM 
energy and with negative energy EM fields and potentials — as the 
specific generatrix of the excess antigravity that is accelerating the 
expansion of the universe. Both theses are testable on the laboratory bench. 


Our target audience is several fold. Even though presented conceptually, 
the material is not oversimplified, and it is targeted at (i) the sharp young 
grad students and post-docs interested in extended (higher group internal 


“ Floyd Sweet and T. E. Bearden, "Utilizing Scalar Electromagnetics to Tap Vacuum 
Energy," Proc 26th Intersoc. Energy Conversion Eng. Conf. (IECEC '91), Boston, 
Massachussets, 1991, p. 370-375. 
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symmetry) electrodynamics and in researching and developing COP>1.0 
electrical power systems, (ii) the forward-looking electrical engineering 
professors who will at least consider that extended electrodynamic models 
and the laws of nature do permit COP>1.0 electrical power systems, and 
(iii) the still open-minded leaders of the scientific community, such as the 
National Academy of Sciences, National Science Foundation, the U.S. 
Department of Energy, the great national laboratories, etc. In one area of 
physics much better models of electrodynamics enabling COP>1.0 power 
systems, antigravity, and novel propulsion systems already exist (and a 
few such systems experimentally exist in the hands of independent 
inventors as well), while in a second area of physics that part of 
electrodynamics dealing with permissible COP>1.0 EM systems and 
unified field theory has been arbitrarily excluded at great cost to society, to 
the environment, and a tragedy to science and technology. Additional 
secondary targets are (iv) governmental leaders responsible for advanced 
research and development planning and funding, to argue that the "energy 
crisis" is a direct result of an inexplicable and sustained shortfall in the 
scientific mindset, and not as a result of the laws of nature and the need for 
cheap oil, coal, and gas or nuclear power plants, (v) science writers, 
journalists, and entrepreneurs to sensitize them to (hopefully) a coming 
energy revolution of unparalleled proportion, (vi) strategic and tactical 
planners in our Department of Defense to make them aware that the great 
logistics burden of modern highly maneuverable armed forces can and will 
be dramatically lowered by rapidly developing and using self-powering 
power systems "fueled" directly by the local active vacuum, and by 
adapting novel new propulsion methods, (vii) theoretical and experimental 
physicists to make them aware that the easiest thing in the world is to 
extract copious EM energy freely from the vacuum; just pay once to make 
a little dipole or assemble a charge and do not let it be destroyed, (viii) the 
Department of Energy upper level managers to bring into their awareness 
the coming advent of (and terrible need for) self-powering decentralized 
EM power systems worldwide, and the pressing need for a major role to be 
played by the DoE, (ix) the struggling but serious COP>1.0 researchers 
and inventors, to give them a technical overview — rather than just 
anecdotal material — of much of what has been done, tried, and 
conceived, and what seems to be successful and what is still to be 
determined, (x) the environmentalists devoted to cleaning up the biosphere 
and saving this precious planet, to make them aware that the answer to the 
world's energy problems and saving the biosphere cannot come to them 
from their conventional scientific consultants, who are trained in applying 
the very scientific disciplines responsible for the problem in the first place, 


and (xi) the long suffering undeveloped and impoverished nations and 
peoples of the earth. Our fervent message is one of hope after all, once a 
change occurs in the scientific mindset. There is a cheaper, cleaner, and 
better way to get their economies and nalional infrastructures up and 
running, and it is imminently doable. 


The main message of this book is that there is not now and there never has 
been an electrical energy availability problem. Every large centralized 
power generator actually outputs enough EM energy flow, extracted 
directly from the seething vacuum, to power all electrical loads on earth, if 
all the energy pouring from its terminals were caught and utilized. 
However, there is certainly an EM energy flow interception problem, to get 
more of the available energy flow from a source dipole intercepted and 
diverged into the circuit in a manner not complying with the Lorentz 
symmetrical regauging condition. Also, once the excess energy has entered 
the circuit and been collected, there certainly is a problem in using the 
intercepted and collected energy in the circuit without destroying that part 
ofthe generator or battery — the source dipole — that is actually 
extracting all the energy from the vacuum. Or at least to use the circuit's 
collected energy in such fashion as to destroy the source dipole in the 
generator slower than the energy is used to power the external load. 


That conglomerate of the two sub problems — the "energy flow 
interception, collection, and usage problem — is the single energy 
problem. There is no other energy problem, and there has never been any 
other. One finds it very ironic that, in the conventional agencies, 
universities, the DoE, the National Science Foundation, the National 
Academy of Sciences, the national laboratories, etc., not one of them is 
working on the real, solitary electrical energy problem, even though they 
are importantly spending billions of dollars purporting to do so. 


We fervently hope that the content of the book will reach a sufficiently 
interested audience to begin to change that century-old erroneous scientific 
mindset. We hope that the book, along with the important contributions of 
other COP>1.0 inventors and researchers having success, will spark a new 
creative drive in the scientific spirit that solves the problem of cheap, clean 
energy in three years or less. This is a doable. I firmly believe in the 
scientific method and what it can do once it is unleashed from the century- 
old dogma that COP>1.0 systems are against the laws of nature, physics, 
and thermodynamics. Just turn the young scientific and engineering tigers 
loose on the problem, give them some funding, and watch them do it. 


XXVI 


As we stated in a formal rebuttal to a charge of perpetual motion nonsense, 
it only takes one white crow to prove that not all crows are black. And 
with respect to COP>1.0 EM systems far from thermodynamic equilibrium 
with their active environment, every charge and dipole in the universe is 
already a "white crow" pouring out EM energy freely and continuously 
with the speed of light, and exhibiting COP = oo. This is in fact reluctantly 
recognized in physics, but it has essentially been buried from the attention 
and knowledge of generations of electrical engineers and most physicists. 


A COP>1.0 experiment well known to nonlinear optics is the Bohren-type 
experiment, demonstrating the known negative resonance absorption of the 
medium. A typical experiment of that type outputs some 18 times as much 
EM energy as the experimenter inputs by standard calculations. We note 
that a single replicable experiment can and does negate any theoretical 
model that contradicts it. Hundreds of such materials experiments proving 
the feasibility of COP>1.0 EM systems are performed every year in any 
major nonlinear optics laboratory without a second thought. Together with 
the known but avoided source charge problem and proven broken 
symmetry of any dipolarity, it is almost unthinkable that our electrical 
engineering departments still do not incorporate the active vacuum 
exchange — and every EM circuit's broken symmetry in it — into the 
classical electrodynamic model used. In short, to really understand what 
powers every EM circuit, just now the electrical engineer would have to go 
across campus to the particle physics department and investigate broken 
symmetry of opposite charges — as are on the ends of the source dipole, 
once created in the generator or the battery, or as are involved with the 
single "isolated charge" considered with its associated virtual charges of 
opposite sign. 


It is high time that our electrical power engineers and scientists heed the 
message of all these demonstrated white crows of nature, and begin 
developing and deploying self-powering COP>1.0 electrical power 
systems with alacrity. 


We have a biosphere, a planet, a strong world economy, and an uplifting 
for the long downtrodden poor people of the world to recover. We strongly 
urge the scientific community to accept the challenge and meet it head-on. 


Tom Bearden 


22 July 2002. 


XXVii 


Chapter 1 


Foundations and Scientific Mindset 


"...the scientist makes use of a whole arsenal of concepts 
which he imbibed practically with his mother's milk; and 
seldom if ever is he aware of the eternally problematic 
character of his concepts. He uses this conceptual 
material, or, speaking more exactly, these conceptual 
tools of thought, as something obviously, immutably 
given, something having an objective value of truth which 
is hardly even, and in any case not seriously, to be 
doubted. ...in the interests of science it is necessary over 
and over again to engage in the critique of these 
fundamental concepts, in order that we may not 
unconsciously be ruled by them." [Albert Einstein] {1} 


1.1 Introduction 


Einstein's quote is a beautiful statement that scientists should never take 
the present understanding — and the present models — as absolute. That is 
the approach the present author has taken for some 30 years, in a struggle 
to comprehend that class of electromagnetic (EM) systems that are open 
systems in disequilibrium in their virtual photon energy exchange with the 
active vacuum, and exhibiting a broken symmetry in that exchange. The 
statement beautifully expresses that the major problems encountered in 
grappling with such EM systems have been the existing errors and non- 
sequiturs in classical electrodynamics and other parts of physics. Many 
difficulties have resulted from the continued propagation of a 137-year old 
classical electrodynamics model formed before electrons, atoms, nuclei, 
positrons, the active vacuum, special and general relativity, quantum 
mechanics, etc. were discovered or known. 


1.1.1 EM Foundations Are Incomplete and Contain Errors 

In any model, there are many assumptions. Even when a model is well- 
fitted and well-developed, it still applies only when the foundations 
assumptions on which it is based are true or are not too much in error. 
Whenever one or more of the fundamental assumptions is violated by 
phenomena uncovered, then there is a new class of phenomena where the 
model does not hold, or does not hold well and is only an approximation at 
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best. In that case, either the existing unsatisfactory model must be 
improved and advanced, or a new model must be constructed. 


Great scientific minds continue to point out Einstein's beautiful principle 
in different words. E.g., expressing the thought of Stephen Hawking, one 
of the great physicists of our day: 


"All we ever know is our models, but never the reality that 
may or may not exist behind the models and casts its 
shadow upon us who are embedded inside it. We imagine 
and intuit, then point the finger and wait to see which 
suspect for truth turns and runs. Our models may get 
closer and closer, but we will never reach direct 
perception of reality's thing-in-itself." [As stated by 
George Zebrowski] {2}. 


Excellent scientists — Feynman, Wheeler, Bunge, Evans, Barrett, and 
many others — have indeed pointed out that classical EM theory is 
seriously flawed. In the words of Bunge {3}: 


"it is not usually acknowledged that electrodynamics, 
both classical and quantal, are in a sad state." 


The author also found it imperative to return to many of the original 
seminal papers of physics, particularly in electrodynamics. The major 
concepts in those papers led to the present classical EM model. This was 
particularly true of the work of Poynting {4a, 4b} and Heaviside {5a-5c}, 
who independently and simultaneously arrived at the notion of the flow of 
EM energy through space’. Their work occurred in the 1880s, after 
Maxwell was already deceased. It also necessitated reviewing Lorentz 
symmetrical regauging of the Maxwell-Heaviside equations, where 
Lorentz arbitrarily discarded all permissible COP>1.0 Maxwellian 
systems. 


The science of this "EM energy flow through space" is controversial to this 
day. Which is the real "EM energy flow vector" as such has never been 





> As we shall point out later, the concept of energy flowing through 3-space is a non 
sequitur and requires substantial revision today, to be consistent with the nature of 
observation and the fact that no observable continuously persists. Any observation is 
an instantaneous frozen 3-space "snapshot" at a single instant, gone the next instant 
when almost immediately replaced by another such frozen snapshot. In between 
observations, not mass but masstime exists. The same is true for 3-space, which only 
exists as the output of an observation process. Prior to observation, spacetime exists. 
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adequately resolved, and there continue to be polite debates about it {6}. 
One should also be aware that physicists really do not know what many 
things — including energy — are. The definitions of these fundamentals 
are still uncertain, as stated rather poignantly by Feynman {7} in this 
quote: 


"It is important to realize that in physics today, we have 
no knowledge of what energy is." 


As another fundamental example, Feynman {8} also pointed out that we 
really do not know what force is® either! Quoting: 


"One of the most important characteristics of force is that 
it has a material origin, and this is not just a definition. ... 
Ifyou insist upon a precise definition of force, you will 
never get it!" 


1.1.2 Physics Is Not the Mathematics, But What It Manipulates 
Following Feynman's ansatz, one should realize that the physics is not 
really in the mathematics itself, but in the physical meaning of the 
concepts that the mathematics manipulates. Here again, the inimitable 
Feynman {9} cautioned against over-attachment to the mathematics itself. 
He said it very clearly: 


"Mathematicians or people who have very mathematical 
minds, are often led astray when “studying” physics 
because they lose sight of the physics. They say: “Look, 
these differential equations — the Maxwell equations — are 
all there is to electrodynamics it is admitted by the 
Physicists that there is nothing which is not contained in 
the equations. The equations are complicated, but after 
all they are only mathematical equations and if I 
understand them mathematically inside out, I will 





° The problem is the ubiquitous and erroneous use of a "separate" force acting ona 
"separate" mass. Actually mass is a component of force, as can be seen from 

F ? d/dt(mv). Hence there is no such thing as a separate force in empty space, acting 
upon a mass. Instead, the massless 4-field in space acts upon mass to produce force 
in that interaction. Force is not a cause, but an effect of an ongoing interaction — as 
is any observable. An observable is a continuing series of frozen 3-space LLL 
snapshot entities given by the result of continual application of W/Ut (LLLT) EEE 
by photon emission. The formation of the LLLT (spacetime and masstime) in 
between observed m as LLL, is produced by photon absorption of the previous 

m = Wt (LLLT). 
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understand the physics inside out.” Only it doesn’t work 
that way. Mathematicians who study physics with that 
point of view — and there have been many of them — 
usually make little contribution to physics and, in fact, 
little to mathematics. They fail because the actual 
physical situations in the real world are so complicated 
that it is necessary to have a much broader understanding 
of the equations." 


Such matters and similar thoughts had bothered me even back in the early 
1950s, when I could not find a single professor or dictionary of physics 
that /ogically defined a field or a potential. Considered rigorously, the 
definitions all fell apart and violated elementary logic. Improper, 
insufficient, or just plain wrong definitions in physics have continued and 
are still widespread to this day. To give a single example from an excellent 
book by Kraus {10}: On p. 60, Kraus gives the formula for a potential 
referred to as the "absolute potential" of a charge source. Quoting: 


"This potential... is, by definition, the work per coulomb 
required to bring a positive test charge from infinity to the 
point r)." 


Kraus erroneously "defines" the scalar potential identically as work, which 
is equating the cause with the effect. The work that dissipating a potential 
does or can do, is not the potential itself! Else “human” means nothing but 
how well one can chew one’s food or drive an automobile. Actually, Kraus 
gives one theoretical way to measure or calculate the effect of the 
potential's local intensity at a point.’ Note that what is measured is the 
energy diverted from the potential at that point, around that test charge. 
This does not specify the entity (the potential itself) at all, but only what 
has been diverted from it. It is rather like confusing the whirlpool (water 
diverged from the normal river flow) in a river as being the river itself. 





7 To show the non sequitur, a million more positive test point charges could be 
brought from infinity to that same point, and the potential — without any change in 
it — would cause the same amount of work to be done upon each of those charges. 
As can be seen, even noted professors can speak rather casually when they "define" 
the potential's point intensity as "the" potential (which extends over all space, not 
just at that one point). There may be different intensities at different points in the 
potential, but the potential itself remains one-and-the-same thing regardless of which 
one or all of the point intensities are discussed. And neither the point intensity of the 
potential nor the potential is the work that is done upon a moving charge by that 
potential or its intensity. 
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Integrating what has been diverted from it does not yield the potential 
itself! At best, the measurement gives an indication of the intensity of the 
potential at a point, insofar as its reaction with charge is concerned. More 
rigorously, what is being utilized is the potential's reaction cross section 
presented to a unit point static charge at that point. The same unit point 
charge, if placed in particle resonance, will sweep out more geometrical 
area and exhibit a greater reaction cross section. That will increase the 
energy collected divergence of the energy flow that is being moved 
around the particle itself. By normal calculations, the resonant charge may 
collect some 18 times as much energy as is possible at the same point by 
the same charge in static mode — e.g., as shown by Bohren {24, 25}. 

A definition must present an identity. Examining the proposed definition 
as "the potential is identically ... work" one sees the problem immediately. 
The potential exists whether or not there is a positive test charge, or 
whether one moves such a charge in from infinity or not, and whether 
there is any work done or not. None of that is what a potential identically 
is, but only one aspect of what it does or can do or can cause. One leaves 
as an exercise for the reader the task of further examining dictionaries of 
physics and textbooks, to try to find a satisfactory definition of that 
common scalar potential.* We do not believe the reader will find it. 

Yet any good textbook will also contain some real gems of great insight, 
simply said. As an example from Serway {11}, we eventually took a most 
marvelous cue, of how to get around classical thermodynamics' prohibition 
against heat energy "running uphill" from hot to cold. In an insightful 
statement, Serway said {11}: 


"The second law [of thermodynamics] does not rule out 
the possibility of pushing heat uphill, as it were, from a 
cold object to a hot one, or of creating order out of 





* The scalar potential identically is actually a harmonic set of phase conjugate 
longitudinal EM wavepairs, as shown by E. T. Whittaker in 1903 {85}. Even 
Whittaker, however, misinterpreted his wavepairs only after interaction with that 
ubiquitous unit point charge assumed at every point in space. He gave two effects of 
that interaction, not the cause (which exists prior to interaction) and the effect 
(which exists only after interaction). Reinterpreting to get at the causal wave, each 
wavepair is a matched set of two waves; an incoming EM longitudinal wave in the 
time domain prior to interaction with a charge, and — after the time-energy wave is 
absorbed by the charge, an emitted outgoing EM longitudinal EM wave in 3-space. 
The so-called "static" potential is not static at all, but is a dynamic, ongoing 4-space 
process. This follows the re-interpretation by the present author {12} of Whittaker's 
decomposition — a reinterpretation then found to be consistent with quantum field 
theory {19} and with broken symmetry of opposite charges in particle physics {73}. 
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disorder. It merely states that such a reversal of the 
natural flow requires an influx of energy..." 


This essentially states the /aw of entropy, where to reverse entropy 
(disorder), one must apply ordering (energy).” We also note that the 
original concept of entropy was as dissipation of potential. There are of 
course different ways to apply the energy, and it need not be by the 
operator himself. Chapters 4, 5, 6, 7, and 8 of the present book give some 
unusual ways. A special paper {12} published by the author in 2000 gives 
another. Indeed, when the flow of time is predominantly reversed, so is the 
"entropy" of a situation, since the "videotape is running backward", so to 
speak. In that case, the entire classical thermodynamics must be extended 
to essentially include its own opposite. The making of a small time- 
reversal zone where such things happen is as simple as involving a 
predominance of antiphoton interactions with the charged particles in that 
zone, rather than a predominance of photon interactions. What we are 
saying is that the notion of irreversibility in thermodynamics is not 
necessarily absolute. It usually assumes a “time forward” situation, and 
may not hold in a “time-reversed” situation. In our chapter on cold fusion, 
we will present some specific and quite startling nuclear interactions that 
occur as a result of the time reversal of the coulomb barrier (repulsion of 





* Now notice what Serway’s statement means with respect to the classical 
thermodynamics “definition” of closed system. Thermodynamics defines a closed 
system as one in which mass is not exchanged across its boundary, but energy can 
be. That definition permits a closed system to receive excess energy from its active 
environment, and thereby reduce its entropy. A specific example is simply 
potentializing a circuit, prior to movement of the current. Hence the entropy of a 
closed system does not necessarily increase, but may decrease or increase if the 
system is in disequilibrium (difference in energy received from its active 
environment and energy escaping back to the active environment from the system. 
For the same system, if energy exchanges across its boundary equally in both 
directions, the system is said to be in “equilibrium” with respect to external energy 
exchange. One must be very careful in interpretation of the second law of 
thermodynamics! One has a very different “closed thermodynamic system” when it 
is in energy exchange disequilibrium, than when it is in energy exchange 
equilibrium. Equilibrium is the condition of maximum entropy. For substantial 
disequilibrium condition, entropy cannot be computed, but is less than the entropy of 
the same system in equilibrium. The entire ansatz of thermodynamics may be 
violated once time-energy is transduced into internal EM energy inside the system. 
That is a fundamental disequilibrium, performed by every charge in the universe. 
Hence of necessity we have advanced and utilized new definitions of “open system” 
and “closed system” in our approach in this book, as discussed in the Appendix. 
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The First Single-Wire Energy Transmission test (11-13-99) 


The purpose of this test is te check the inventor's claim about the energy transmission through a single wire with the Avrumenko's plug. 
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like charges in a forward time situation) into a coulomb attraction between 
like charges in a time-reversal zone and time-reversed situation. 


If Serway's statement were reversed, it would then be a statement of the 
law of negentropy. It would state that self-ordering (1.e., freely receiving 
energy from the active environment) in a system could indeed "push heat 
uphill from a cold object to a hot one", and the system could 
simultaneously emit energy in the process. Every charge does it! 


We did find it necessary to correct the classical thermodynamic definitions 
of "open system" and "closed system". To define a closed system as closed 
only to mass transfer, but open to energy transfer, is a gross non sequitur. 
Since general relativity was published in 1915, energy and mass are known 
to be the same thing (mass is just a special form of energy), hence the term 
"mass-energy" (mass as energy) in physics. Whenever energy crosses the 
boundary of a system, the system’s mass changes and mass (or certainly 
mass change) has also crossed that boundary. Indeed, as we shall point out, 
in 1917 Hilbert specifically pointed out that in general relativity there can 
be no energy conservation equations of the kind usually employed 
elsewhere. The fact that general relativity falsifies much of the present 
foundations of classical thermodynamics seems to have been either 
ignored or missed by most of the scientific community, although we will 
quote leading Russian scientists who have noticed it and are aware of it. 


The reader is thus warned that, henceforth, when we use "open system" we 
mean one where either energy or mass or both exchanges across the system 
boundary. When we use "closed system" we mean one in which neither 
energy nor mass exchanges across the boundary. In short, the notion of a 
"closed system" has been redefined into what classical thermodynamics 
calls an "isolated system". We already know from particle physics and the 
active vacuum (and from general relativity and the change of spacetime 
curvature with every change of spatial energy or mass-energy), and from 
the giant negentropy involving time energy transduced into 3-space energy 
and vice versa, that there is no such thing in all the universe as a truly 
closed system. 


In Appendix A, we have discussed how extension and change to classical 
thermodynamics must be made. We do this by extending the first law, 
refuting any absoluteness of the second law and third law, dealing with the 
zeroth law in a new way, etc. We also urge the better theoreticians to re- 
examine classical thermodynamics along such lines, to modernize and 
upgrade it. We believe that the present scientific work to extend 
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thermodynamics so it fits those situations now known to violate it should 
include additional considerations such as we present in Appendix A. 


In short, with the new definitions Serway clearly states the difference 
between classical equilibrium thermodynamics, where no excess energy 
from the environment is received, and the thermodynamics of systems far 
from equilibrium with their active environment (using the new definition 
of open system for clarity), in which case excess net energy from the 
environment can be received and used in electromagnetic systems, 
providing COP>1.0 systems or even COP = & systems. The windmill, 
sailboat, and waterwheel are age-old examples of disequilibrium systems 
where of course the energy of mass in motion is what is transduced. It is 
our objective in this book to point out the use of electromagnetic systems 
in energetic disequilibrium with their active environment (the active 
vacuum and curved spacetime) to provide just such negentropy. 


1.1.3 Time Is Energy and Must Be Considered As Such 

In a physics model, one's choice of fundamental units is arbitrary.'° As an 
example, in one type of physics only a single fundamental unit — length 
— is employed. All other entities then become functions of length. 


We are also free to choose the joule as the single fundamental unit in our 
physics model. The result that mass is a function of energy is now familiar 
and quite accepted, by the famous formula E = mc’. Indeed, as can be 
seen, in that equation mass and energy are one and the same thing, since oa 
is a dimensionless constant. However, in our new model time becomes a 
function of energy similarly, and thus time is identically energy. 


Let us perform a thought experiment. Suppose we take some spatial EM 
energy in 3-space, and compress it by the factor c’. What can we do with 
it? If we leave it there in 3-space, it is known as "mass". If we place it on 
the fourth Minkowski axis ict, it is known as time because f¢ is the only 
variable on that axis, and the only "place we can set it". 


So to first order, time has the same energy density as mass. Multiplying an 
amount of time ¢ (in seconds) by c gives the decompressed spatial energy 
E that the time ¢ will transduce into. In short, £ = tc’ also. 


Now we notice what special relativity has to say about the relationship 
between time-energy and mass-energy. When the mass-energy increases 





a E.g., see Jackson, Classical Electrodynamics, 2nd Edition, Wiley, 1975, p. 811- 
812; ibid., 3rd Edition, 1998, p. 775. Jackson wryly remarks on how much excess 
heat and passion have been unnecessarily expended on that subject. 
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(e.g., as a function of velocity), time "dilates" or “decreases”. In other 
words (hint), there is a sort of special new extension to the conservation of 
energy law: If mass (3-space) gains some 3-spatial energy, then time loses 
some time-energy. Since time is spatial EM energy compacted by c’, then 
the relativistic energy changes in the time domain are enormously greater 
than the corresponding relativistic changes in spatial energy in the 
photon. To the external 3-space observer, this is the injection of 
negentropy with respect to the present 3-spatial conservation of energy 
law. In the reverse case (as when the object reduces its velocity), if mass 
(3-space) loses some energy, then time gains some time because the time 
dilation reduces — 1.e., time contracts or densifies (less time has more 
energy). To the observer, this is the production of entropy with regard to 
3-space energy conservation. Yet the observer misses the fact that, 
accompanying entropy in 3-space is negentropy in time energy on the 4th 
Minkowski axis, and vice versa. 


We believe this to be a rather dramatic extension to the previous concept 
of entropy in thermodynamics. We get 3-space entropy in physical 
processes only by gaining 4th dimensional negentropy accordingly. One 
can thus appreciate the impact upon the entire subject of thermodynamics, 
once time-energy is accounted and the new interplay of entropy and 
negentropy are accounted. We believe that this mechanism may involve 
the fundamental mechanism for both entropy and negentropy. Neither is 
produced alone; both are always produced in tandem. This of course is not 
what we “observe” since all observation is 3-spatial. Hence to observe the 
system and see 3-space entropy or negentropy is to hide the simultaneous 
4th dimensional negentropy or entropy that unobservably accompanied the 
observable that we did see. 


Again we call attention to the original meaning of entropy: the dissipation 
of potential (1.e., potential energy). 


Once we understand that time is a special form of energy (we discuss this 
shortly), we may input the energy required to "move heat energy 
backwards" — 1.e., we may directly engineer negentropy — by 
transducing some time-energy into 3-spatial energy. We can do it easily by 
time reversal, and every charge in the universe does it already. On the 
other hand, we can do it by breaking the symmetry of time-energy flow — 
which is as simple as forming a little dipole. The broken symmetry of 
unlike charges — and therefore the dipole — was discovered by Lee and 
Yang {13a-13c}, who strongly predicted it in 1956. Wu et al. {14} 
confirmed it experimentally in early 1957. This was such a revolutionary 
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change to physics that Lee and Yang were awarded the Nobel Prize in the 
same year, 1957 — an almost unprecedented action. 


Its broken symmetry tells us that the dipole's unlike charges continuously 
absorb virtual photon energy from the active vacuum, transduce it into real 
observable energy, and pour out real, observable EM energy in all 
directions in 3-space. That puts an entirely different perspective on what 
really powers every dipolar EM circuit; i.e., what produces the flow of 
energy pouring from the terminals of every generator and battery, filling 
all space around the external circuit and its conductors. The EM energy 
pouring from the generator or the battery is not due to the generator 
outputting some of its own available internal energy (from the shaft energy 
input to the generator, transduced into magnetic field energy inside the 
generator, and then dissipated to separate the charges and form the source 
dipole between the generator terminals) or the battery transducing and 
outputting some of its available chemical energy (which is only dissipated 
inside the battery to separate the internal charges and form the source 
dipole between the battery terminals). We will explain that later, and 
explain how any dipole or charge simply pours out real, observable energy 
continuously in all directions, without any observable input of energy. The 
input energy is there, but it is in unobservable (virtual) form. 


In 1971 while a graduate student at the Georgia Institute of Technology, I 
realized the mechanism that generates the "passage of time" insofar as the 
observer is concerned {15}. With a little more work, this gave the clue in 
the 1990s for the mechanism generating little momentary time-reversal 
zones (TRZs) {16} in the electrolyte utilized in cold fusion experiments. 
Hence we proposed the use of little time-reversal zones forming 
momentarily in the electrolyte after loading of the palladium lattice of the 
electrodes with hydrogen or deuterium. Such time-reversal zones can form 
in the region of excessive positive charge accumulation, since positive 
charge can be said to receive negative EM energy from the time domain 
and output negative EM energy in 3-space. 


This led to uncovering an entire class of new nuclear reactions — fusion 
reactions at low spatial energy but high temporal energy — in these little 
temporary time-reversal zones (TRZs), in which like charges attract and 
unlike charges repel {17}, followed by rapid decay of the TRZs where the 
normal law of attraction and repulsion is restored again. 


In theory, a fermion cannot be time-reversed because the Pauli exclusion 
principle prohibits it. However, a boson can be time-reversed, so fermions 
can be time-reversed in pairs, where each pair acts as a quasi-boson. The 
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TRZ completely overcomes and reverses the "coulomb barrier" between a 
pair of like fermion charges.'! 


As an example, two deuterium ions in a little TRZ would momentarily 
form a quasi-nucleus of helium, since the two positive deuterons are 
attracted so closely that each enters the strong force region of the other. At 
the same time, the strong force is weakened by the partial time reversal of 
the gluon forces, so that the quarks are nearly freed. As the other ions in 
the surrounding solution then move to destroy the momentary time- 
reversal zone, their movement forces the TRZ to decay back to a time- 
forward zone — with the decay action starting from every point in 
spacetime inside the nucleons themselves'*. The TRZ decay-induced 
action thus strikes the nearly freed quarks first, and decay can occur by 
easy quark flipping while the gluon forces are still much reduced and not 
back to normal strength. Hence as the gluon forces return toward normal, 
the quasi-nucleus decays by the strong force increasing and overpowering 
and drawing the quasi-nucleus into a full-blown helium ion — i.e., an 
alpha particle —flipping the partially-freed quarks as necessary to do so 
(that is not necessary in equation [1] below. 


During decay of the TRZ, the weakened strong force grows much more 
rapidly than the Coulomb force zeroes and then increases. Consequently, 
the quasi-nucleus of two D+ ions merely draws together due to the rapidly 
increasing strong force, forming an alpha particle without quark flipping. 
Four H+ ions — four protons — in a quasi-nucleus in a TRZ will undergo 
quark flipping twice when the TRZ decays, thereby resulting in an alpha 
particle.). So that explained the anomalous formation of the alpha particles 
in the experiments. The interaction for two ions of deuterium is given by: 


aa + ae es 2 *He,** [1] 





"| Tn a TRZ, the law of attraction and repulsion of charged particles is reversed. 


'? Any moment in time exists everywhere simultaneously throughout the universe. In 
short, time is a multiple connection in 3-space. Hence in any time-reversal zone (a 
TRZ) where time is reversed, then starts fading away and back to a time-forward 
zone (TRZ), the changes induced by the "fading back to TFZ" simultaneously 
involve every point in the 3-space of that TRZ that is changing (decaying). An easy 
change is quark flipping, since the quarks are almost freed in the TRZ to begin with. 
The reason the reaction proceeds in that direction is that the recovery of the strong 
force is much faster than the restoring of normal electrical repulsion, hence the 
quasi-nucleus is drawn further together into a full nucleus, constituting a legitimate 
nuclear transmutation at low spatial energy but high time-energy. 
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This interaction between two deuterons in solution does not occur in a 
normal time-forward zone because of the coulomb barrier preventing the 
two deuterons from entering each other’s strong force region and acting as 
a quasi-nucleus of helium, so particle physicists have missed it. It does 
exist in a time-reversal zone; such zones form and then decay back into 
normal time-forward zones. This is possible because the coulomb barrier is 
momentarily reversed. The use of such TRZs in particle physics opens up 
thousands of new nuclear reactions, all at low 3-spatial energy, but 
involving very high time-energy. Because of the extreme energy density of 
time, these time-energy-induced reactions are actually much higher- 
energy reactions than high-energy physicists presently consider and 
utilize! Indeed, it opens up a new kind of far more energetic "high energy 
physics". 


Cold fusion experimenters have unwittingly opened a window upon a vast 
new particle physics, previously overlooked by our scientists because they 
have disregarded the use of time-energy, time reversal zones, and 
transmutation of time-energy into 3-spatial energy in their nuclear 
reactions. However, a few physical theorists attempting to better explain 
particle physics have recognized the importance of the time domain, and 
probing work in that respect is occasionally done {18}. In our view, it is 
not accidental that more than 600 successful cold fusion experiments have 
been obtained, by a variety of researchers in many labs in several nations. 
We strongly suggest that much of the conventional physics community has 
firmly placed its collective head in the sand, and is refusing to grapple with 
the startling new time-energy physics that is being initiated by cold fusion 
research. 


In 1999 (published in 2000) {12} we finally discovered a great new 
symmetry in EM energy flow, whereby time-energy flow symmetry and 
3-space energy flow symmetry are each individually broken, while an 
overlooked and more fundamental 4-symmetry energy flow — between the 
time-domain and 3-space — is sustained. The result is that all EM energy 
in 3-space comes from the time domain locally and returns to the time 
domain locally, in a giant negentropic circulation."° Together by the 





‘3 This is also understandable from the implications of the observation process, 
which yields a frozen 3-space snapshot existing only at a single instant. Thus any 3- 
space energy existing there in that frozen instant, had to just come from 4-space 
(from the time-domain via the giant negentropy process, if we take the view that “the 
past exists only in time itself”.). For the frozen snapshot to “change”, time must be 
added to it, which converts it to a 4-space process again. So the “3-spatial” observed 
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discovery of relevant quantum field theory work by Mandl and Shaw {19}, 
this now lends strong support to the use of time-energy in physics as a 
practical matter for strenuous investigation. 


As an example, Mandl and Shaw {19} treat the four polarizations of the 
photon. Neither the longitudinal nor the scalar photon is directly 
observable, but in the presence of charge the two are observable in 
combination, where they manifest as the "instantaneous" Coulomb (i.e., 
electrostatic) potential. This argument, translated from particle 
terminology to wave terminology, directly fits our re-interpretation {12} of 
Whittaker's 1903 decomposition of the scalar potential {85}. For the 
combining mechanism of the fields of the photons, we must account for 
the field as a ubiquitously assumed interaction with the 
detecting/observing unit point charge. Thus we must account for the 
absorption of the incoming time-polarized wave or photon, the 
transduction of that excitation energy of the charge into longitudinal EM 
wave/photon energy, and subsequent emission of that excitation energy in 
3-space. That is what happens for a negative charge. For the positive 
charge, the process is time-reversed, hence occurs in opposite fashion. Or 
as an alternative, the positive charge can be said to continuously receive 
negative time-energy from the time domain and emit negative spatial EM 
energy. 


There is an energy polarization transduction function of charge, whereby it 
transforms received time-polarized photon energy into emitted longitudinal 
photon energy in 3-space (for the negative charge, and vice versa, for a 
time-reversed positive charge). This transduction appears to have been 
overlooked in physics prior to our recognition of it. It can in fact be used to 
generate an acceptable definition of charge itself. Charge is the 





energy must come from an immediately previous 4-space process, and must return to 
an immediately following 4-space process. 


'4 As we will find in our chapter on antigravity, there is good reason to treat the 
positive charge as a source of negative energy and negative energy fields. However, 
this is pertinent only prior to observation of the charge, while it is still a 4-spatial 
unobserved negative energy electron entity. For the observable charge, one has 
already conjugated — after all, the positron is observed as if it were an electron 
going backwards in time, which we observe as an electron with its charge reversed 
and with parity reversal (of its spatial direction). For the observable charge, we have 
already reversed the negative energy fields into positive energy fields by simply 
reversing their direction and the time associated with the photon (quantum of the EM 
field). 
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continuously active entity which performs that ongoing process or those 
ongoing processes of energy transduction between the time domain and 3- 
space (between the causal unobserved 4-space process and the observed 
3space snapshot). Or in other words, it is an active process connecting 4- 
space cause and 3-space effect, and connecting the unobserved (such as 
virtual) to the observed (such as mass). 


So for a dipole, the "causal" time-polarized EM wave or photon as a 4- 
space entity comes to the dipole'® (3-spatial as observed) and is absorbed 
by the detecting negative charge or dipole, then is re-emitted as the 
longitudinally polarized EM wave or photon in 3-space. That 

absorption and remission is what charge does, since it is an entity 

for performing that process. The emitted energy in turn is absorbed 

by the nearby positive charge, retransduced into time-energy, and re- 
emitted back to the time domain. This ongoing very special 4-space energy 
circulation (even with a virtual charge in the vacuum) is what a scalar 
potential identically is and is doing, at every spatial point of itself, 
inducing vacuum polarization and “point dipoles” in the virtual state in the 
process. Recognition of these missing functions allowed at last a solution 
to the long-vexing problem of the source charge and its associated fields 
and their energy, often called the most difficult problem in both quantum 
and classical electrodynamics {68}. We discuss that solution later. 


1.1.4 The Search for COP>1.0 Circuits and Systems 

A very long search and much intense study and reflection eventually 
revealed the concepts and principles of those long-neglected 
disequilibrium Maxwellian systems that permissibly output more energy 
than the operator inputs. The active environment — not the operator — 
simply inputs the rest of the energy. Such disequilibrium systems are 
indeed permitted in Maxwell's theory {20}, and are also still prescribed by 
Heaviside's severe curtailment of it {21} into what is two vector equations 
with variables unseparated, rather than Maxwell's 20 equations in 20 
variables. 





'S Prior to interaction of the incoming time-energy with the observable charge or 
dipole, it interacts with the virtual particles of the vacuum, generating vacuum 
polarization. Neither the virtual particles nor the time-energy are observable; only 
the effects of their conglomerate interactions with observable charges are observed. 
Hence one can take the particle view that virtual particle energy is continually 
absorbed, or one can also take a quantum field theory view that time-energy is 
continually absorbed. The two are always present in combination. 
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When Lorentz'° symmetrically regauged the Maxwell-Heaviside 
equations, he arbitrarily discarded the entire class of Maxwellian systems 
that are far from equilibrium in their exchange with their active (vacuum) 
environment. Lorentz revised (symmetrically regauged) the Maxwell- 
Heaviside equations to make them amenable to separation of variables and 
closed analytical solutions, thus reducing the onerous chore of numerical 
methods. This Lorentz symmetrical regauging is given in most EM 
textbooks {22}, and we show it in Chapter 2. The symmetrically regauged 
Lorentz equations are not Maxwell's equations, nor are they the truncation 
of Maxwell's theory by Heaviside et al. Considering an active 
environment, under our altered thermodynamics definitions Lorentz 
implicitly selected and retained only the equilibrium class of Maxwellian 
systems, while arbitrarily discarding the entire disequilibrium class. He 
thus discarded all those Maxwellian systems permitted to produce COP 
lying in the range 1.0< COP ¢ x. 


Maxwell's electrodynamics is a material fluid flow theory and it assumes a 
material ether. Anything that fluid systems can do, electrodynamics 
systems can do, at least in theory, because their mathematical models are 
the same form. So when one cites known examples of fluid-driven physical 
systems where the energy to run the system is freely furnished by the 
active environment, analogous electrodynamic systems in active 
environments — and in disequilibrium exchange with that environment — 
must also exist in nature. Indeed, particle physics requires it and proves it. 
These are the very systems arbitrarily discarded by Lorentz symmetrical 
regauging in every university. 


So there exists a direct analogy between fluid systems and classical 
electromagnetic systems. The common windmill, waterwheel, and sailboat 
demonstrate by analogy that open EM systems far from equilibrium — 
powered by free EM "winds" and "energy flows" in the active vacuum 
environment — also exist in consonance with natural law. They are no 
more mysterious than a solar cell power system, which is after all a 
recognized "free energy" or "overunity" system, as is the humble charge 
(thought to be the source of all EM energy, fields, and potentials). In 
physics, the powering of systems by receipt and use of energy from their 





'© Actually first accomplished by Ludwig Valentin Lorenz in 1867, then by H. A. 
Lorentz much later. Lorentz was given the credit erroneously. Lorenz actually 
derived electromagnetic theory independently in his paper. See J. D. Jackson and L. 
B. Okun, "Historical roots of gauge invariance," Rev. Mod. Phys, Vol. 73, July 2001, 
p. 663-680. 
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active environment leads directly to the thermodynamics of systems far 
from thermodynamic equilibrium in their energetic exchange with that 
active environment. 


It follows that the seeming absence of such electrodynamic systems arises 
not because they are impossible but because present-day circuits and 
systems are ubiquitously designed to self-enforce an inherent energy 
equilibrium with their active vacuum environment. The closed-current 
loop circuit turned out to be the Lorentz self-regauging demon involved in 
destroying the COP>1.0 capabilities of every EM circuit. So little by little, 
we unraveled the long tedious trail of Maxwell's electrodynamics and what 
had happened to those missing Maxwellian-Heaviside systems far from 
equilibrium with the active vacuum. 


We learned how, where, and by whom those permissible overunity 
Maxwellian systems were discarded. That is, we found what happened to 
all those Maxwellian open disequilibrium systems — originally included in 
Maxwell's and Heaviside's theories — where such a system receiving and 
using excess energy from its active environment’ is permitted by the laws 
of physics, electrodynamics, and thermodynamics to: 





'” For the discerning reader, of necessity we have revised the foundations of the 
ancient classical thermodynamics, as further discussed in Appendix A. We refer the 
reader to Bimalendu N. Roy, Fundamentals of Classical and Statistical 
Thermodynamics, Wiley, New York, 2002, and to any good book on the history of 
thermodynamics. Also particularly good is Kondepudi and Prigogine, Modern 
Thermodynamics: From Heat Engines to Dissipative Structures, Wiley, Chichester, 
1998, reprinted with corrections in 1999. The foundations of classical 
thermodynamics (and its fundamental definitions) were basically frozen prior to the 
advent of Maxwell’s 1865 seminal theory, and well before the 1880s discovery 
(modeling) of the flow of EM force field energy through space. Some of the 
fundamental definitions of thermodynamics now will not withstand critical review in 
terms of “meshing” with the Heaviside/Poynting material fluid energy flow theory. 
Neither will they withstand the new concepts of energy such as mass-energy, time- 
energy and transduction between time-energy and spatial energy by every charge. 
E.g., thermodynamics defines an open system as one that exchanges energy and mass 
with its surroundings. Yet it defines a closed system as one closed only to mass 
exchange, not to energy exchange. /f the energy exchange is analogous to material 
energy flow and changes the mass of the system, then that definition of closed system 
is anon sequitur. From general relativity, mass is simply energy anyway, and so 
"mass" exchanging across the boundary of the system is actually energy exchanging, 
and vice versa. Since Maxwell’s theory is a material fluid theory, the Poynting and 
Heaviside energy flow models are material fluid flow energy models by analogy. 
The specialized thermodynamics definition of closed system rigorously will not 
logically allow the exchange of “material fluid energy flow” (or energy as matter) 
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since it prohibits matter flow, but the specialized definition of open system would 
and does. In short, with respect to material fluid energy flow, the concept of the 
“closed system” in thermodynamics has forced itself to become the isolated system 
instead, which is unacceptable since we must model EM energy flow exchange 
between the environment and the system. So we must change the thermodynamic 
definitions of open system and closed system. Else there cannot be any EM energy- 
mass or mass-energy flow between environment and system, which totally violates 
what is well known to be happening in all EM systems. In modern physics, every 
charge and every dipole already have such energy exchange with the active vacuum 
environment, and it is never zero; instead, it is of enormously high magnitude. 
Without that exchange, as we advance in this book, there cannot even be a “source 
charge” or associated EM fields and potentials and their energy, reaching across 
space. In other words, without it we can have no electrodynamics at all. So we have 
uncovered a fundamental and major contradiction between classical thermodynamics 
and general relativity, as well as between thermodynamics and the “material EM 
fluid energy flow” model used in electrodynamics. What classical thermodynamics 
calls a “closed system” permitting energy flow exchange, we must now logically 
regard as an open system because it is open to energy exchange across the boundary! 
The previous notion of the isolated system — with no exchange of either energy or 
mass — is what we must treat as a truly closed system. And there is none such in the 
universe, as we know in particle physics (e.g., because of the discovery of broken 
symmetry in 1957 and because of the well known active vacuum exchange with 
every EM charge and dipole). So we have corrected these direct contradictions 
between “EM as a material fluid energy flow theory” and the old classical 
thermodynamics. 

As the reader will later see, this strongly affects our new definitions of efficiency 
and coefficient of performance. The new definitions we advance are rigorous, and 
they also apply to COP>1.0 EM systems, and even to self-powering (COP = %) EM 
systems. They also hold for very novel new energy processes such as quantum 
potential energy in a multiply connected space, multiple retroreflections and re-use 
of the same energy, conversion between time energy and spatial energy, and 4-space 
giant negentropy energy flow circulation. 

But one can no longer be allowed to equate efficiency with coefficient of 
performance. Now they are never the same thing, just as a six-foot tall man and a 
six-foot tall doorway are never the same thing, even though they have the same 
height magnitude. We warn the reader that a great deal of thought and study must be 
put into appreciating these suddenly encountered changes to the quite old classical 
thermodynamics definitions. The changes are absolutely necessary. Bluntly put, in 
light of much more modern knowledge, a rigorous foundations analysis reveals the 
classical thermodynamics as well as disequilibrium thermodynamics to contain 
logical contradictions, such as its direct contradiction with general relativity and the 
EM material fluid energy flow theory. Either we give up or dramatically change the 
present EM energy flow theory, or we must make the necessary foundations changes 
to thermodynamics. We have chosen the latter option in this book, and the reader is 
forewarned of that dramatic change. The specific changes and rationale are discussed 
in Appendix A. 
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(1) self-order, 
(2) self-oscillate or self-rotate, 


(3) output more energy than the operator inputs (the excess being 
freely received from the active environment), 


(4) power itself and its load simultaneously (all the energy being 
freely received from the active environment), and 


(5) exhibit negentropy. 


We vigorously pursued those long-lost Maxwellian systems, and we 
eventually found them. We also found real experiments {23, 24, 25, 26, 27, 
28} and real devices {29a, 30, 31, 32, 33, 34, 35a, 36a, 36b} that 
performed one or more of those fabulous five functions, though there was 
often no realization by the experimenters, inventors, and scientists of the 
actual mechanism involved. Eventually my colleagues and I were also able 
to produce a successful experimental device {37, 38a-38c, 39}, the 
motionless electromagnetic generator (MEG), which outputs more energy 
than we input to it. We cover the MEG in Chapter 7. Presently a 
cooperative research program is ongoing with the National Materials 
Science Laboratory of the National Academy of Sciences of a friendly 
foreign nation, to develop and market commercial power systems based on 
successful laboratory experiments with the MEG. At this writing, we are 
also strongly seeking the extensive funding required to set up a physics lab 
and complete the final research allowing production of power systems. 


1.1.5 Additional Very Important Implications 

We also formally proposed {40} that the vast nondiverged EM energy 
flow component — Heaviside's "dark" nondiverged energy flow 
component, accompanying every reaction of a charge with a field or a 
potential, but arbitrarily discarded by Lorentz and modern classical 
electrodynamicists — is the generatrix for the extra gravity holding the 
arms of the spiral galaxies together, after all the dark matter is accounted. 





'8 Heaviside himself recognized the gravitational implications of his extra 
component of energy flow, which is in closed circular loops. Beneath the floorboards 
of his little garret apartment, years after his death, handwritten papers were found 
where Heaviside used this component for a unified EM approach to gravitation. See 
E. R. Laithwaite, “Oliver Heaviside — establishment shaker,” Electrical Review, 
211(16), Nov. 12, 1982, p. 44-45. Laithwaite felt that Heaviside’s postulation that a 
flux of gravitational energy combines with the (E? H) electromagnetic energy flux, 
could shake the foundations of physics. Quoting from Laithwaite: “Heaviside had 
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In addition, my close colleague Bedini and I have filed a patent application 
upon a very special process to "freeze-frame and lock-in" a disequilibrium 
Maxwellian system in its otherwise far-from-equilibrium state, so the 
apparent disequilibrium operation of the system can be maintained stably 
as a new equilibrium condition. This appears to be a method to produce 
and utilize what Kondepudi and Prigogine refer to as a nonequilibrium 
stationary state. This stabilization is necessary in order for such a system 
to maintain its COP>1.0 excitation and steadily output more energy than 
the operator inputs, or to steadily power itself and its load {41}. 


We also found that COP>>1.0 EM systems (and some COP>1.0 systems) 
produce (as a function of the COP) a current of Dirac sea holes (positrons) 
in the local vacuum environment itself, from the output section back to the 
input section. At COP<1.0 and COP not too greatly above 1.0, a Dirac sea 
hole in the vacuum almost immediately interacts with an orbital electron in 
the material lattice of the system. This converts the negative energy, 
negative mass "vacuum hole or state" into a lattice hole, which is attached 
to the large positive mass of the ion left by the disappearance of the 
electron. This "lattice positron" type of problem has been known in 
semiconductor design for some decades. Normal EM circuits do not 
usually meet the phenomenon overtly because the semiconductor designers 
controlled it in the semiconductors themselves by use of appropriate 
donors and acceptors. 


There is a great difference between the actions of Dirac sea holes in the 
vacuum prior to observation, and lattice holes in materials (after 
observation). So there is a great difference between the action of a 
“positron” on spacetime before its interaction with mass and observation, 
and its action on spacetime after it interacts with mass and is observed. 


For COP>>1.0, significant phenomenology and novel effects occur 
because a substantial fraction of the Dirac sea holes (unobserved positrons) 
sweeping from output to input do not convert to lattice holes (observed and 
bound positrons) along the way. For substantial values of COP above 1.0, 
Bedini's invention (patent application filed by Bedini and the present 


originally written the energy flow as S = (E7H) + G, where G is a circuital flux. 
Poynting had only written S = (E7H). Taking p to be the density of matter and e the 
intensity of a gravitational force, Heaviside found that the circuital flux G can be 
expressed as pu - ce, where u represents the velocity of p and c is a constant.” 
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author)’” covers the master process for intercepting and transducing this 
appreciable flow of negative energy from the output section back to the 
input. Otherwise, that flow — if not intercepted and not converted — will 
"eat" extra input electrons from the power supply, thus acting as a novel 
"extra load" appearing in the input section. That extra load then draws 
additional current and power from the external power supply by electron- 
hole annihilation”. 


With the Bedini invention, the negative energy (unobserved positron) flow 
appearing at the input section is transduced into a flow of positive energy 
(a flow of electron current) from the input section back into the system. 
The process deliberately uses the "interaction and observation" process to 
phase conjugate the charge and reverse its direction of flow! In that case, 
the otherwise detrimental negative energy output back through the 
COP>1.0 system (which is nature's decay process for COP>1.0 
interactions) is changed to a beneficial positive energy input within the 
system itself, freely received from the vacuum environment. This process 
is then used to close-loop the system for self-powering in a "locked" and 
stabilized disequilibrium condition — a nonequilibrium stationary state. 


If we consider mass to be a special kind of positive energy state, then 
positive energy states represent curvatures of spacetime that are positive 
gravity. Negative energy states generate antigravity (the time-reversal of 


gravity). 





'° Bedini personally discovered and implemented the solution before the exact nature 
of either the problem or the solution was recognized! My contribution was to 
recognize the nature of the problem and the mechanism used in the solution. We also 
stress that, contrary to conventional treatment, all EM circuits do involve not only 
lattice holes in the conductors and components, but also Dirac sea holes in the local 
vacuum. That the Dirac sea is involved whenever there are EM fields is clearly 
shown by Felix Finster, "Definition of the Dirac Sea in the Presence of External 
Fields," Adv. Theor. Math. Physics, Vol. 2, 1998, p. 963-985. 


2° With a proper change in the curvature of local spacetime, pair annihilation can 
occur with no accompanying photon radiation. The condition is that the part of the 
curvature of spacetime representing the energy change of the otherwise emitted 
radiation, does not "relax" even though it is an "excited state". Rigorously, the 
emission of the radiation from pair annihilation occurs in two steps: (i) first the local 
spacetime is curved for and by the energy excitation, as a static change of the 
curvature, and (ii) then that curvature relaxes back to its former value, propagating 
that specific curvature in space, which is recognized as the radiation propagating in 
space. If the spacetime curvature excitation does not relax, there is no photon 
emission and propagation. 
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Before their interaction and observation, the Dirac sea hole (positron) 
currents — produced in natural COP>1.0 processes in the universe — are 
still negative energy electrons in 4-space. They are not 3-positrons until 
interaction with matter has occurred. These “negative energy electrons” 
generate negative energy EM fields, including both the Poynting energy 
flow component and the Heaviside nondiverged energy flow component. 
These negative energy EM fields appear to be generating the antigravity 
whose effects are seen in the distant parts of the universe. They produce 
far more powerful effects than the accounted electrogravitation effects in 
astrophysics, which only uses the gravitational effects of the very much 
smaller Poynting energy flow component. Also, astrophysicists do not use 
the “positron before observation,” when it is still a negative energy 
electron with negative mass. The accumulation of the negative energy 
(Dirac holes) in space (in the surrounding vacuum) is connected with 
massive objects and violent processes, where very strong gradients are 
produced.”' As a result, very large negative energy fields and potentials are 
produced. In turn, this results in cumulating antigravity. This cumulating 
and interacting antigravity appears to be the mechanism for the forces 
accelerating the expansion of the universe — rather than it decelerating as 
would be the case if the net gravity there were positive. In Chapter 8 we 
propose this explanation for the observed acceleration of the expanding 
universe — and the basis for the explanation can be and has been 
successfully demonstrated in a legitimate overunity EM circuit or system 
{42}. We offer this in honor of Heaviside, who first discovered the 
gravitational aspect of his huge nondiverged energy flow, but did not live 
to publish it. He also did not consider the Dirac sea prior to hole 
interaction with matter, as it was not yet formulated, so he had not yet 
recognized the way to produce and utilize the practical antigravity 
potential of his discovery. 


1.1.6 A Scientific Dilemma 

There would seem to be a sufficient abundance of techniques, devices, 
processes, and theoretical works to impel a crash project in the scientific 
community to develop successful overunity electrical power systems {43a- 
43d}. This would be especially appropriate at this time, since the 





>! Kondepudi and Prigogine, ibid., p. 459 already point out that strong gradients 
produce situations that violate present thermodynamics. Research in these and other 
situations violating present thermodynamics is going forward under the caption of 
“extended thermodynamics” research. A discussion of the area is given by D. Jou, 
Extended Irreversible Thermodynamics, Springer-Verlag, New York, 1996. 
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escalating energy crisis now threatens to slow the world economy, and 
then eventually collapse it. At this writing, the MidEast has heated 
considerably, and appears headed for another MidEast war, with resulting 
severe interruptions of cheap oil supplies from the MidEast. Nonetheless, 
in spite of Russia having opened its oil field spigots to try to fill the need, a 
crisis in oil appears to be looming. 


So why does the U.S. scientific community still so adamantly oppose the 
very notion of Maxwellian systems freely extracting EM energy from the 
vacuum? Why is there no outcry pointing out what the hoary old Lorentz 
regauging really means in terms of equilibrium or disequilibrium of the 
regauged system with the active vacuum? The unequivocal participation of 
the vacuum in a continuous energy exchange with the charges and dipoles 
of every EM system has long been affirmed by particle physics. All the 
fields and potentials — and their energy — manipulated in any EM circuit 
come from the vacuum, as proven in particle physics for 45 years. Why 
have our electrical scientists not understood — from the broken symmetry 
of the vacuum exchange with the opposite charges of the source dipole 
between the charged terminals of every generator and battery — that EM 
energy from the vacuum powers, and has always powered, every electrical 
power system and circuit ever built? Why have the later rigorous broken 
symmetry findings of particle physics not been incorporated to update the 
ancient classical EM theory used to design and build electrical power 
systems, nearly a half-century after those broken symmetries were 
discovered and proven? Why do our classical electrodynamicists continue 
to assume that every charge and dipole in the universe is a perpetual 
motion machine, freely creating energy out of nothing and pouring it out 
across all space at the speed of light? 


Therein lies one of the real problems of present science — its historical 
and continuing resistance to "out-of-the-box" thinking” and to research 
that overcomes conventional strictures. More than 40 years after the basis 
for the vacuum-energy powering of every dipolar system (and of every 


>» "Out-of-the-box" thinking is a widely used concept among planners and program 
formulators, when conventional thinking will not suffice to solve a major problem 
with which they are struggling. Conventional thinking is considered "in the box" 
thinking, so by demanding out-of-the-box thinking, a problem demands an 
unconventional solution outside those normally proposed. In short, some new 
thoughts and concepts are required. Much lip service is given to the concept as a 
favored buzzword, but few proposed programs with truly "out of the box" approaches 
will be funded. In the energy field, none at all are funded that are truly "out of the 
box", whether or not that or similar phraseology is used. 
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observable charge once its clustering virtual charges of opposite sign are 
accounted) was discovered and proven in particle physics, all our 
university electrical engineering departments continue to erroneously teach 
that the shaft energy input to the generator powers its external circuit. 
Internal EM energy in the generator, transduced from the input shaft 
energy, does not directly add a single watt to the external circuit. Instead, 
it only continually forces the generator's internal charges apart, to 
continually remake the source dipole, which then extracts energy from the 
vacuum and pours it out of the terminals, filling the space surrounding the 
conductors of the external system for the system to intercept and utilize 
some of the available external energy flow. 


Once the dipole is established, it will extract and transduce EM energy 
from the vacuum and pour it out in all directions at the speed of light, 
without ceasing. Else, the Nobel Committee should admit its grave error 
and revoke the Nobel Prize awarded to Lee and Yang. Real observable EM 
energy extracted and transduced from the vacuum's virtual energy is 
precisely what the "broken symmetry of the opposite charges" on the ends 
of the dipole means. Indeed, all the forces of nature are already considered 
as generated by the interaction of virtual particles with observed particles. 
Since force produces energy changes in the system affected, then it follows 
directly that energy changes are produced by the interaction of virtual 
particles with observable particles. 


However, our power system engineers ubiquitously use the closed current 
loop circuit. This inane circuit self-enforces the Lorentz symmetrical 
regauging condition. It uses half the energy captured by the external circuit 
(from intercepting some of that "energy flowing around the circuit from 
the seething vacuum" that is copiously pouring out of the generator 
terminals) to ram the spent electrons back through the back emf of the 
source dipole itself. That scatters the dipole charges and kills the dipole 
and its broken symmetry — and also kills the free flow of transduced EM 
energy from the vacuum. 


That insane circuit kills the source dipole in the generator faster than it 
powers its external loads! So one has to keep rotating the shaft of the 
generator, to keep producing a magnetic field inside the generator, so that 
this magnetic field energy can continue to force the charges back apart and 
continually reform the source dipole. 


In short, our engineers build the equivalent of an electrical windmill, then 
— so to speak — force it into a closed barn so the environmental wind 
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cannot reach it any longer. It is little wonder that we ourselves then have to 
do work on that "electrical windmill" to crank it around! 


We pay the power company to engage in a giant wrestling match inside its 
own generator and Jose. We also wildly pollute the planet with 
hydrocarbon and nuclear wastes, poison species (including killing of X 
numbers of humans every year via the disruption of their body functions 
and health), and enhance global warming. We are slowly strangling our 
biosphere and ourselves. None of that is necessary. 


1.2 Organized Science Often Resists Innovative Change 


The history of science is littered with examples where the scientific 
community has ignored the principle behind Einstein's statement quoted at 
the beginning of this chapter. As pointed out by Smith {44}, science has 
become reoriented toward profit. Quoting: 


"science is not the danger; scientists encouraged to do 
bad science to survive are.” ... "...changing the way 
modern science is funded is an enormous undertaking, but 
it is a necessary one if we want to protect our future. Call 
it managed risk." 


Science's resistance to change is so well known to historians of science 
that it is rather universally accepted — although usually not made explicit 
to undergraduates. Further, scientists are under great pressure to conform: 


1. After all, science is patronized; someone must fund the 
laboratories, the research supplies, the salaries and personnel 
benefits, etc. 


2. To procure and protect its patronage, science has become 
quite organized, particularly with respect to how the funds — 
received and channeled down from the top — are cut into 
individual packages (research grants and research programs) 
and made available for competition among the "performing" 
chain of universities and research laboratories. 


3. Inthe last few decades, there has risen an increasingly fierce 
demand by universities that the scientific researchers (i) be 
successful in attracting outside funds and (11) file patents 
assigned to the university. So fierce has this demand become, 
that the research professor's continued livelihood may literally 
depend upon his or her success in bringing in extra funding. 
Further, much of his time is now spent in writing proposals to 
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compete for these "packaged funds". When he wins them, the 
kind of research and the areas of research are already 
stringently defined, and he dare not deviate — else there will 
shortly be no more funding packages won, no funding for his 
graduate students, and soon thereafter there will be no job of 
any importance for the professor! 


4. Inthe United States, all the government National Laboratories 
and our universities are intensely seeking and filing patents! 
So small, independent inventors cannot deal with these 
organizations, without risking and almost guaranteeing the 
loss of their patents and intellectual property. Funding dangled 
in front of the inventor, much like a carrot dangled in front of 
a horse, is often tied to "march in" rights {45, 46} calling for 
surrender of the inventor's patent rights altogether, whenever 
the government — i.e., a single bureaucrat — wants to take it. 
All that has to be done is to declare that the inventor is not 
getting it developed and to market fast enough. Science has 
thus become more avaricious and — some inventors would 
even say — it increasingly involves overt and covert piracy of 
intellectual property rights. From personal experience, 
reluctantly I would not argue with that statement. Simply ask 
Larry Fullerton of Time Domain Corporation about his 
struggle with a National Laboratory over patent rights to his 
ultrawideband communications invention and technolo gy. It 
eventually resulted in a "draw" of sorts. He did not lose his 
rights, but the government gained them also, in competition 
with him. The government circumvented his patent, even 
though they did not succeed in taking it. We were delighted to 
recently see that Larry (the company is Time Domain, Inc.) 
received its 74th patent in this technology, as well as a ruling 
that will allow the technology to at last go to market. 


5. The result is a dramatic increase in the pressure on working 
scientists and independent inventors to conform, and to "play 
the game by the rules". Then everybody up the scientific food 
chain is fed, and is happy and secure. The journals happily 
publish the research papers and results, the professor gets 





> Stephen Fenichell, "Radio Flyer," Discover, 22(5), May 2001. Fullerton's 
technology has been given a limited go-ahead by the FCC, which has drafted 
standards and regulations in the area as of February 2002. 
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funding for his graduate students, the university gets that 
wonderful overhead cut of the research funding — such as 
half or it or more — and the entire apparatus is like a very 
large and tidy Titanic adhering to its ponderous course toward 
the iceberg. Meanwhile, truly new and innovative science 
discoveries — vulnerable and desperately needing nurturing 
funding during their initial embryonic state — get shoved 
aside, crushed, and starved in the funding rush to adhere to 
performance of the prescribed funding packages. 


In this environment, the day of the "defenders of the scientific 
faith" has arrived! A small percentage of conventional 
scientists who are dogmatic and vociferous, are now very 
prominently attacking any novel experiments and ideas with a 
vehemence seldom seen in organized science. It is again 
reminiscent of some of the noted scientific attacks in history, 
e.g., aS pointed out by Hellman {47}. Yet, because of the 
financial pressure upon the scientific community, and the 
increased pressures to conform, there is little restraint of the 
dogmatists and they are almost never called to task. Cold 
fusion is a current example. The American Physical Society 
has recently issued a statement condemning perpetual motion 
machines — yet the society’s members continue to condone 
and use a classical EM model that assumes every charge in the 
universe to continuously be creating energy from nothing. 
Even the American Physical Society has not recognized what 
broken symmetry of opposite charges means with respect to 
the common dipole and dipolarity in every circuit. Nuclear 
reactions at low spatial energy (which means at 
extraordinarily high total energy when the c’-compressed time 
energy is considered) do indeed sometimes occur in carefully 
controlled experiments, whether or not we yet sufficiently 
understand the reactions theoretically, and regardless of 
whether we can get the anomalous results to happen every 
time. Yet this area of nuclear interactions at low spatial 
energy {48} — and unknown to the scientific community, at 
very high time energy {49, 50, 51} — has been savaged by 
these self-appointed spokespersons for the "official" 
community, none of whom even account the compressed 
energy in the time increment portion of the photon. More than 
six hundred successful experiments in multiple laboratories, 
by respected scientists in multiple nations worldwide, are now 
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rather resoundingly ignored. Yet the replication rate for good 
cold fusion experiments is certainly higher than many of the 
replication rates for novel and little-understood phenomena in 
large particle accelerators, and the cold fusion experiments are 
also far cheaper.’ While particle accelerators are "popular" in 
their ability to garner huge funding, their cost/benefit ratio 
compared with, say, cold fusion experiments, may be 
abysmally low. Simply examine the decades of effort and 
many billions of dollars expended on the search for warm 
fusion (using spatial energy only). What has it produced, in 
terms of watts of power on the power lines? When will it 
produce any electrical power of any significance? Prototype 
cold fusion power systems have in fact been produced and 
patented {52}. With seed money from the scientific 
community and using a higher symmetry electrodynamics, 
cold fusion power could proceed at a rapid pace. 


Strangely, the ever-present pressure to conform to that which is already 
known and accepted has often made science its own worst enemy 
throughout its history. Establishment scientists and the "system itself" now 
probably block — and have blocked over the decades — more innovative 
scientific research than does any other factor {53}. 


1.2.1 Many Scientists and Historians Have Pointed It Out 

The scientific community is well known to have always been highly 
resistant to novel ideas and innovations. Here are some selected pertinent 
comments regarding this phenomenon, where organized science is itself 
the obstacle to the advance of science, and where such has been recognized 
for many decades: 





°4 As an example, see R. P. Taleyarkhan et al., "Evidence for Nuclear Emissions 
During Acoustic Cavitation," Science, Vol. 295, 8 Mar. 2002, p. 1868-1873; Charles 
Seife, "Bubble Fusion' Paper Generates a Tempest in a Beaker," ibid., p. 1808-1809. 
See also Donald Kennedy, "To Publish or Not to Publish," ibid., p. 1793. Science 
had the courage to publish the peer-reviewed results of a tabletop sonoluminescence 
experiment that apparently produces nuclear reactions. Editor Kennedy essentially 
advises all protagonists on both sides to cut the rhetoric and allow the scientific 
community to do its replication work, to either validate or refute the successful 
experiments of Taleyarkhan et al. This action by Science is a shining beacon to 
remind the scientific community that science is based on experimental method, and 
that prevailing theories cannot refute new experiments that contradict them. Instead, 
laboratory bench experiments must decide such an issue. 
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"Every great scientific truth goes through three stages. 
First, people say it conflicts with the Bible. Next they say 
it had been discovered before. Lastly they say they have 
always believed it." [Louis Agassiz, 1807-1873.] 


"There are three steps in the history of a great discovery. 
First, its opponents say that the discoverer is crazy; later 
that he is sane but that his discovery is of no real 
importance; and last, that the discovery is important but 
everybody has known it right along." [Sigmund Freud]. 


"Anybody who has studied the history of science or 
worked as a scientist knows that whenever something 
novel is discovered or proposed, there is a polarization of 
scientists, with hostility and bitterness that may last for 
generations. What wins arguments is scientific fact, and 
that may change as the years go by. A good example of 
this is the geological theory of continental drift, as 
proposed by Wegener in 1912. When I studied geology 
around 1950, continental drift was acknowledged in my 
undergraduate textbook as a crank theory. The first 
serious confirmation was in 1956, and it was finally 
established as the dominant theory in the early 1970s. 
Until that time, anybody who admitted that he or she 
believed in continental drift was the subject of derision 
and scorn. Sorry, folks, science is not and has never been 
the ‘idealized portrait painted in textbooks'." [Allan 
Blair] {54} 


"... the four stages of response to any new and 
revolutionary development [are]: 1. It's crazy! 2. It may 
be possible — so what? 3. I said it was a good idea all 
along. 4. I thought of it first.". [Arthur C. Clarke]. {55} 


"|, I suggest that most revolutions in science have taken 
place outside the lofty arena of the refereed journals, and 
with good reason. The philosophy by which these journals 
govern themselves virtually precludes publication of ideas 
that challenge an existing consensus." [William K. 
George] {56} 


"At every crossway on the road that leads to the future, 
tradition has placed against each of us, 10 thousand men 
to guard the past." [Maeterlinck]. 
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"An important scientific innovation rarely makes its way 
by gradually winning over and converting its opponents: 
it rarely happens that Saul becomes Paul. What does 
happen is that its opponents gradually die out, and that 
the growing generation is familiarized with the ideas from 
the beginning." [Max Planck] {57}. 


"Peer review is widely seen as a modern touchstone of 
truth. Scientists are roundly drubbed if they bypass it and 
‘go public’ with their research... The first limitation of 
peer review is that nobody can say quite what it is... A 
more pernicious danger is that peer review may reject the 
important work. As Charles W. McCutchen, a physicist at 
the National Institutes of Health, has put it, peers on the 
panel reviewing a grant applicant ‘profit by his success in 
drawing money into their collective field, and by his 
failure to do revolutionary research that would lower 
their own ranking in the profession. It is in their interest 
to approve expensive, pedestrian proposals.’ " [Jonathan 
Schlefer] {58}. 


The sheer massive size and inertia of the modern scientific establishment 
also exert mind-numbing difficulty in "hearing" and recognizing an 
innovative scientist's message, even a message of utmost importance, and 
even if it gets through the censors. For example: 


"We used to be able to say things once; if the message 
was reasonable, it had a good chance of becoming a 
permanent part of the structure of the field. Today, a 
single publication is lost; if we say it only once, it will be 
presumed that we have changed our mind, and we 
therefore must publish repeatedly. This further fuels the 
large publication volume that requires us to repeat." 
[Rolf Landauer] {59} 


1.2.2 Some Specific Examples 

There are hundreds of examples of new discoveries in science that have at 
first — and often for an extended period of years — been severely 
obstructed and ridiculed. Here are just a selected few: 


1.2.2.1 Conservation of Energy 

Von Mayer {60}, the discoverer of the modern statement of the 
conservation of energy and the mechanical equivalent of heat, was 
severely chastised for his "insane" work. He was hounded and severely 
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ridiculed. This extremely harsh treatment, together with domestic 
problems, drove him to a suicide attempt and a nervous breakdown, and 
into psychiatric treatment for some years. Toward the end of his life, his 
principle of energy conservation had so greatly increased the ease of 
calculations and the understanding of systems that the same scientific 
community — due to the commendable efforts of Helmholtz, Clausius, and 
Tyndall — began to recognize his great contributions and lionize him. In 
1867, he was made a member of the nobility, dying in 1878 with his 
"insane" work by then well respected. He was fortunate to have the "cur 
dog attack" reversed in his lifetime. Most scientists with novel discoveries 
are not so fortunate. 


1.2.2.2 Continental Drift 

Alfred Wegener {61} proposed the theory of continental drift in 1912. The 
reception was extraordinarily hostile. So ferociously was he ridiculed for 
the notion that huge continents of rock could "float" and "drift" that his 
very name, "Wegener", was often used as a synonym for "utter idiot". To 
refer to someone as "a Wegener" was to cast the greatest slur possible 
upon that person's mental powers and to label him a gibbering lunatic. 
Only in the 1960s when sea-floor spreading from ocean ridges was 
discovered, proving that ocean basins are not permanent features, did 
Wegener's concept of continental drift concept finally gain acceptance. 


1.2.2.3 Kinetic Theory of Gases 
As pointed out by Paul Nahin {62}: 


"J. J. Waterston's paper on the kinetic theory of gases, in 
1845, was rejected by the Royal Society of London. One of 
the referees declared it to be ‘nothing but nonsense, unfit 
even for reading before the Society.'... "Waterston's dusty 
manuscript was finally exhumed from its archival tomb 
forty years later, because of the efforts of Lord 
Rayleigh..." 


Lord Rayleigh was the Secretary of the Royal Society when he had 
Waterston's paper reprinted nearly a half-century after submitted. Lord 
Rayleigh also gave an introduction to the paper, regretting it lying so long 
unpublished when its content was quite important. His introduction is a 
way of explaining the delay.” 


3 Waterston's paper was finally published as John James Waterston, "Free and 
Elastic Molecules," Phil. Trans. Roy. Soc. Lond., Vol. 183, 1892, p.1-79. Lord 
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1.2.2.4 Surgical Pain Deemed Necessary 
It has always been this way in science. As another example, the famed 
surgeon Alfred Velpeau wrote in 1839: 


"The abolishment of pain in surgery is the chimera. It is 
absurd to go on seeking it today. 'Knife' and 'pain' are 
two words in surgery that must forever be associated in 
the consciousness of the patient. To this compulsory 
combination we shall have to adjust ourselves." [Martin 
Gumpert] {63}. 


Wryly we observe that today a similar attitude of "we must glory in the 
pain" — where the "pain" is due to the yoke of COP<1.0 EM systems and 
of the second law of classical equilibrium thermodynamics — consumes 
most modern electrical power system scientists and engineers. 


1.2.2.5 The Photoelectric Effect 

Almost every household now knows Albert Einstein’s epochal 
achievements. Yet his formative three papers — on Brownian motion, the 
photoelectric effect, and special relativity — were published in 1905 while 
he was working in the Swiss Patent Office. The most renowned physicist 
of the time was Max Planck. Planck was embarrassed that a scientist who 
was not even employed in physics was doing such important work in 
physics. So Planck and other scientists arranged for Einstein to be awarded 
a chair in physics at a proper university. In their letter to the university, 
they pointed out Einstein's brilliance in his papers. They also then excused 
him for straying down the road of the photoelectric effect, because — as 
they put it — everybody knew that was foolishness, but persons of such 
brilliance could be forgiven a few such little bobbles along the way. Years 
later, in 1921, Einstein was awarded the Nobel Prize for Physics, for his 
work in theoretical physics and especially for his explanation of the 
photoelectric effect. 


The Einstein incident is a typical illustration of Arthur C. Clarke's cogent 
observation: 


"When a distinguished but elderly scientist states that 
something is possible he is almost certainly right. When 
he states that something is impossible he is very probably 
wrong." [Clarke's First Law] 





Rayleigh's introduction and Waterston's paper also are given in Jefferson Hane 
Weaver, The World of Physics, Simon and Schuster, New York, 1987, p. 632-651. 
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1.2.2.6 Amorphous Semiconductors 

Stanford R. Ovshinsky's development of amorphous semiconductors {64, 
65} is another modern example. "Everybody knew" that a crystalline 
structure was necessary in order to have a semiconductor at all; in short, a 
semiconductor formed out of non-crystalline material was deemed to be 
totally impossible, never mind this “phase” change that Ovshinsky 
advanced. However, some young graduate students, e.g., began to look at 
Ovshinsky's amorphous materials and his phase change approach. 


Finally funded by the Japanese, Ovshinsky's company, Energy Conversion 
Devices, Inc. (ECD) simply placed its amorphous semiconductor devices 
into working equipment. Copy machines appeared with his amorphous 
semiconductors installed in them — with the machines and their 
amorphous semiconductors working very well. More graduate students and 
post-docs enthusiastically entered the area, did research, and wrote 
dissertations. 


As aresult, amorphous semiconductors finally became accepted, and they 
are now part of the established technology and scientific knowledge base. 
The interested reader can simply look up Ovshinsky's company and 
statistics on http://www.ovonics.com . The Japanese have reaped a 
continuing bonanza from the sales of amorphous semiconductors, because 
of the shortsightedness and bias of the U.S. scientific community. 


1.3 Scientific Disagreement or Street Fight? 


It is one thing to scientifically disagree — even strongly — in a technical 
and courteous fashion, and quite another to engage in ad hominem attacks. 
The first is science; the second is a cur dog fight. Unfortunately the history 
of science far too often reveals "cur dog fights" instead of respectful 
scientific disagreements {66}. 


A recent modern example of legitimate research and qualified researchers 
still being savaged in a "cur dog fight" manner is cold fusion (low energy 
nuclear reactions). Quoting one learned orthodox scientist, whose name is 
withheld, speaking to a learned scientist in cold fusion: 


“How stupid do you think we are? My assessment of you 
and your colleagues is that you are complete frauds or 
totally mad. There is no known physical principle that 
would support the kind of results that you claim your 
technology can accomplish, nor is there any credible 
argument why there should be such a principle." 
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We answer that "cur dog attack" unemotionally and scientifically. The key 
is in the scientist's own phrase: "no known physical principle." If the 
experiments work and are replicated, but are not understood by the 
conventional theory, then they refute the prevailing theory, whether the 
physical principle is understood or not. Else scientific method has been 
totally abandoned in favor of “truth by authority and dogma”. The 
experiments clearly show that a previously unknown physical principle is 
at work. The real task then is to rediscover this new principle — that being 
one of the primary ways that science advances. We propose new principles 
in this book as a possible explanation of those experiments. 


The dogmatic scientist's statement was made in spite of some two hundred 
(200 at that time; now more than 600) scientific experiments worldwide, in 
many nations, many at prestigious institutes, where dozens of scientists 
have reported positive and anomalous results in cold fusion experiments. 


So yes, there is indeed a very "credible argument" — the results and 
replicability of the experiments, which are supposed to be the decisive 
statement of science. If that view in science has changed, then we are no 
longer practicing the scientific method. Instead of accepting successful and 
replicable experiments and seeking to change the model, the scientist is 
insisting that we must first understand the principle and thus have a model. 
This of course is a total violation and reversal of the scientific method. We 
used aspirin effectively for decades without the slightest notion as to the 
mechanism enabling its beneficial actions. The mere fact that "there is no 
known physical principle" for the results achieved has nothing to do with 
the validity of the replicated experimental results. Instead, it merely 
substantiates that there should be a vigorous scientific program to uncover 
the new principle or principles obviously involved, since the old model has 
either failed or been revealed as too limited. 


The derogatory statement by the dogmatic scientist is also made from the 
viewpoint of the conventional nuclear physics model. The conventional 
physics has not taken into account that all 3-spatial electromagnetic energy 
associated with charges and dipoles and their fields and potentials in fact 
comes from the time domain {85, 86, 12, 19}. It has also not taken into 
account that time itself (as in the time component transported by the time- 
polarized photon or a time-polarized EM wave) may be comprised of 
extraordinarily dense energy. Indeed, time appears to be spatial EM energy 
compressed by the factor c’, so it has the same energy density as mass 
{67}, which we pointed out earlier. The smaller the spatial energy of the 
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photon, the greater its time component and hence its ¢ime-energy in 
seconds expressed in decompressed spatial energy joules”®. The highest 
energy particle physics is not spatial-energy physics as presently practiced, 
but time-energy physics, where some of the time-energy of photons is 
transduced into spatial energy. One second of time transduced 
(decompressed) into spatial energy yields approximately 93 10'° joules. 
Further, every negative charge in the universe continuously accomplishes 
that decompression, and every positive charge continuously accomplishes 
the recompression. 


In other words, not all physical principles were discovered in the particle 
physics of, say, five years ago, as the literature since then clearly shows. 
To assume that everything is already known today is ludicrous; science is 
never completed. The new principles reported in the present book now are 
at least "candidates" for the physical principles that do support cold fusion 
results. There is also another powerful argument for these hypothesized 
principles: they have produced the final resolution of the source charge 
problem — something for which the arch skeptic quoted has no solution 
whatsoever, and which he himself cannot explain. If the arch critic cannot 
produce an alternate solution to the source charge problem, and is 
unaware of that new principle that may solve it, let him go and learn the 
new principle. Until then, he unwittingly assumes that every charge in the 
universe is a perpetual motion machine, continuously creating and 
pouring out EM energy in all directions at the speed of light. So we return 
his own argument and approach to him: he should attack the conventional 
scientific community for accepting the source charge, while having 
absolutely no principle to explain how it continuously pours out 
observable EM energy without any observable EM energy input. In short, 
he should practice what he preaches; else he brands himself a total 
hypocrite. The alert reader will note that none of the arch skeptics doing all 
the ad hominem attacks on cold fusion and COP>1.0 EM systems are 
practicing what they preach. 


°© The spatial energy of the photon decreases linearly as the frequency is lowered, 
while the time component in seconds increases linearly. But the highly compressed 
time energy, comprising that time component, increases nonlinearly (by the factor 
c’Dt). Hence the highest energy photons are actually the low frequency photons — 
something completely alien to particle physicists — and not the high frequency 
photons chased by "high energy physics". Indeed, high energy physicists are 
practicing a high spatial energy physics, which — overall — is a much lower energy 
physics than radar, microwave, VHF, or ELF, if the total energy of the photon, to 
include its time energy, is considered. 
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What we are saying is this: 


(a) 


(b) 


(c) 


(d) 


(e) 


(f) 


If one's physics knowledge was current five years ago, it may be 
stale today. A few years ago, no one believed the expanding 
universe was accelerating. Today we know that it is, rather 
unequivocally. And by "no known physical mechanism". We will 
later present a strong candidate for that missing mechanism. The 
results of experiments will substantiate or refute it. 


The proposed principles in this book, e.g., are newer, and may 
shed light on the mechanism for the cold fusion results as well as 
other phenomena. The experimental results themselves are 
irrevocable; any proposed explanation requires validation. 


The new principles do explain cold fusion and are consistent with 
the phenomena encountered in multiple experiments by multiple 
researchers in many laboratories. We readily admit that the stale 
and incomplete principles presently utilized in nuclear physics do 
not explain cold fusion. Neither do they explain how a charge 
continuously pours out EM energy. So do the skeptics attack all 
those physicists who believe in source charges and their provision 
of the fields and potentials and all EM energy? Of course not. 
They themselves believe in that greatest of all “perpetual motion” 
faux pas. 


The proposed new principles also solve the source charge 
problem, which is still ignored by most conventional physicists 
and electrodynamicists, even though often referred to as the "most 
difficult problem in electrodynamics" {68}. 


Scientists should not be close-minded, but should consider new 
proposals and let the experimental results decide their validity or 
falsity — precisely the position taken by the journal Science in 
publishing the results of some new cold fusion experiments. That 
is the scientific method in action. 


Those scientists who remain close-minded, and viciously attack 
experimentally demonstrated new processes and mechanisms, are 
guilty of practicing dogma and not science. They are in fact guilty 
of being what they so frequently charge: pseudo-scientists. 


When science does not allow proposed new mechanisms and principles to 
be considered in science following demonstration of new phenomena 
inexplicable by present models, then science is no longer practicing 
scientific method. When any scientist rejects these demonstrated new 
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experimental phenomena out-of-hand, he is practicing dogma rather than 
science. The “friendly skeptic” attitude is welcomed and appropriate. The 
cur dog attack has no place in science, but only among cur dogs — and 
those who behave like them. 


1.4 A Few Significant and Unresolved Scientific 
Problems 


1.4.1 Time as Structured Energy 

Time also has internal structure and dynamics {69, 70}, as we explain 
later, as well as the same energy density as mass. So it should not be 
surprising that a tiny bit of time-energy, transduced into ordinary spatial 
EM energy, might be capable of energetically inducing a wide variety of 
nuclear reactions. One has transduced not only "gross" energy, but also 
energy structuring and dynamics — which act internally on any object 
with which interaction occurs. Further, the overall spatial energy 
component and the time-energy component in a photon are canonical. 
Being quanta, all observable photons have the same fixed "total 
magnitude" with respect to angular momentum. The photon is also "made" 
of (DE)(Dt) which may be taken as (DE)(c”Dt) in terms of purely spatial 
energy equivalent content, assuming that the time energy is decompressed 
into spatial energy. As can be seen, the so-called "low (spatial) energy" 
photons are precisely the photons that transport the greatest time- 
component. When that time-energy component (Dt) is converted to spatial 
energy (DEc), the formula is (DEc) = c(Dt). As can be seen, the converted 
time energy will produce far more spatial energy in the converted 
interaction, than was carried by the photon in its spatial energy (DE) 
component prior to interaction and time-energy transduction. Hence the 
highest energy photons are actually low frequency photons — under the 
circumstances where time-energy transduction into spatial energy is 
involved. With transduction, the highest energy particle physics can be 
conducted at low frequencies and low spatial energy if conversion of time- 
energy occurs in the interaction. 


Since cold fusion involves transduction of a little bit of the time-energy, 
the total lack in physics of knowledge of time-energy transduction into 
spatial energy explains why conventional nuclear physicists find the cold 
fusion results so confusing and astonishing. 


1.4.2 The Obsolete Foundations of Classical Electrodynamics 
Another modern example of science's resistance to change is the failure to 
update classical electrodynamics to include the active vacuum interaction 
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and the interaction with the local curved spacetime~’, as we shall discuss in 
Chapter 2. It has been scientifically established (in particle physics) that 
there can be no equilibrium of any physical system without accounting for 
the vacuum interaction.”* To simply observe a physical electrical power 
system sitting there stably and running, is to prove its vacuum interaction 
in order to even have such equilibrium. 


An interesting point then arises since every charge and dipole in the 
system is a broken equilibrium in the exchange between the material 
system and the vacuum. Not only does an electrical circuit receive some 
energy from the vacuum, but also the energy from the vacuum is massively 
hemorrhaging from the vacuum into the system (and back out)! The 
isolated charge, e.g., is infinite if one removes the screening clustered 
virtual charges of opposite sign, as is well known in modern physics. 
Further, the screening virtual charges also have infinite charge, again as is 
well known. The difference between these two infinite values of charge, 
e.g., gives the standard finite observed charge of the charged particle. The 
lay reader may wish to positively verify that statement; e.g., as given by 
Nobelist Steven Weinberg.” Quoting: 


"[The total energy of the atom] depends on the bare mass 
and bare charge of the electron, the mass and charge that 
appear in the equations of the theory before we start 
worrying about photon emissions and reabsorptions. But 
free electrons as well as electrons in atoms are always 
emitting and reabsorbing photons that affect the 
electron's mass and electric charge, and so the bare mass 
and charge are not the same as the measured electron 
mass and charge that are listed in tables of elementary 
particles. In fact, in order to account for the observed 
values (which of course are finite) of the mass and charge 
of the electron, the bare mass and charge must themselves 
be infinite. The total energy of the atom is thus the sum of 
two terms, both infinite: the bare energy that is infinite 





°7 We again stress the concept of the supersystem, introduced in footnote 11. 


8 E.g., see T. D. Lee, Particle Physics and Introduction to Field Theory, Harwood, 
New York, 1981. On p. 380-381, Lee shows how there is no symmetry of matter 
alone, but only of matter and vacuum. 


2° Steven Weinberg, Dreams of a Final Theory, Vintage Books, Random House, 
1993, p. 109-110.]. 
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because it depends on the infinite bare mass and charge, 
and the energy shift ... that is infinite because it receives 
contributions from virtual photons of unlimited energy." 
[Steven Weinberg]. 


So a simple charged particle actually involves a polarization of the vacuum 
involving two charge energy functions — the bare charge and the charge 
change functions — each of which has a known and recognized COP = «1! 


A priori, the conventional system's overall actions must incorporate 
functions (whether intentional or unintentional) that continuously adjust to 
provide net equilibrium in that exchange by adjusting the hemorrhaging- 
out to equal the hemorrhaging-in. In this book, we will spell out just what 
those unintentional functions are, such as the ubiquitous closed-current- 
loop circuit, and how to beat them so that excess energy from the vacuum 
can be utilized by the system to power the loads. 


1.4.3 What Powers an EM Circuit or Electrical Power System? 
Another modern example of science's resistance to change is the continued 
engineering of electrical power systems with the erroneous notion that 
mechanically powering the shaft of a generator directly powers the power 
line. The notion is that the generator transduces some of the mechanical 
shaft energy into output EM energy added to the power line {71}. To the 
contrary, all EM systems are powered by energy extracted from the 
vacuum. They are not powered by the mechanical energy we input to the 
shaft of a generator, or by the chemical energy in a battery. In this book, 
we discuss at some length what powers the EM system, and we have 
previously published the basis for our "shocking" statement {12, 72}. The 
basis for how an EM system is powered by energy from the vacuum has 
been known in particle physics for nearly a half-century {73}, since the 
experimental proof of broken symmetry {74}, including the broken 
symmetry of opposite charges (and hence of any dipole) in its fierce 
energy exchange with the active vacuum {75}. 


A generator or battery expends all of its available energy to separate its 
internal charges and form its source dipole between the terminals. Once 
made, the dipole's broken symmetry — in its violent energy exchange with 
the active vacuum — converts virtual photon energy absorbed from the 
vacuum into observable EM energy, and emits it — pours it out — through 
the terminals and along the power line, filling all space around the 
conductors. 


If one wishes to appreciate the enormity of the vacuum changes 
engendered by formation of that source dipole, simply visualize those two 
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infinite charge energy functions (from Weinberg’s quotation above) for 
every charged particle on the ends of that dipole. The dipole then is a great 
set of offsetting infinities in EM energy (photon energy) boiling and being 
ordered in the vacuum. Making a simple little dipole or producing a simple 
charge initiates into motion an enormous set of infinite energy changes in 
the vacuum! None of these startling, enormous vacuum energy changes 
and functions is modeled in classical electrodynamics and electrical power 
engineering. So when we speak of the Heaviside nondiverged energy flow 
component pouring from the terminals of a generator, as being a trillion or 
ten trillion times as great in magnitude as the intercepted Poynting 
component, the reader should not be appalled. The reader should recall that 
we are dealing with the difference between sets of infinities that combine 
to provide finite differences. These finite differences can be very small, or 
they can be extraordinarily large, depending on the exact situation. In the 
case of a source dipole formed in an ordinary generator or battery, the 
difference of the infinities is very large. 


Figure 1, adapted from Kraus {76}, illustrates that small part of the 
external energy flow around a typical transmission line that is intercepted 
by the surface charges and their fields, and that is drawn into the wires to 
power the circuit as these charges are driven axially back and forth across 
the conductors. The surface charges are constrained to the "drift velocity" 
(usually a few inches per hour) movement down the wire by repulsion of 
the electrons ahead of them. 


The spinning, /ongitudinally restrained electrons precess laterally, thus 
withdrawing across the transverse axis of the wire. So the laterally 
precessing electron withdraws a little ways, withdrawing that first small 
portion of its fields and their energy increased by intercept of additional 
energy from the outside energy flow. The further part of the fields is not 
withdrawn into the conductor, and is not used to power the electrons. 
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the conductors. 


Figure 1-1 Poynting (caught energy) flow contours surrounding a transmission line. 


Most of the available energy flow misses the circuit and is not drawn into 
the conductors. However, that large component is not shown by Kraus, 
and Poynting did not consider it. Heaviside {5c} pointed out that the 
remaining flow component is hardly reduced (hardly changes direction) 
from the entire flow component before the extraction of the small Poynting 
component. Given sufficient intercepting charges outside the wires in 
separate receiving circuits, the total remaining energy flow that could 
potentially be intercepted is enormous — far more than the feeble amount 
of energy that is input to the generator shaft or that is in the chemical 
energy of a battery. 


This is easily established by actual experiments placing intercepting 
charges in separate "receiving" circuits in the otherwise nondivergent 
energy flow outside the conductors, or one may show it with Bohren’s 
experiment {24}. Collecting additional energy completely outside 
conductors is one part of the COP>1.0 operation of the motionless 
electromagnetic generator (MEG) {37}, to be discussed later in this book. 
The Sweet device {29a} established sustaining self-oscillation of the 
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barium nuclei in a barium ferrite magnet, by using the surrounding vacuum 
: : . 30 
as a semiconducting medium. 


1.4.4 The Incompleteness of Aristotelian Logic 

Another false notion usually perpetuated in much of science and 
mathematics is that Aristotelian logic is complete and consistent {77, 78}. 
To the contrary, it is both incomplete and inconsistent, as is easily shown. 
Let us use the symbols "A" for a particular thing, "A" for that which is not- 


A, "1" for "is identical to," ""#" for "is not identical to", "V" for "or", and 
"A" for "and". Using these symbols, the three laws of Aristotelian logic 
may be expressed as follows: 


AlA [2] 
A#A [3] 
AVA [4] 


The first law states that a thing is identical to itself. The second states that 
a thing is not identical to that which is not itself. The third states that a 
thing is either itself, or it is something else. Those are the three laws of 
Aristotelian logic. As written, the process of perception, observation, etc. 
has been excluded. More on that in a moment. 


Specifically excluded are the laws 
A#A;A1A;AAA [5] 


Which says that a thing is not identical to itself but is identical to 
something else that is not itself. 


Heraclitus posed a profound challenge to Aristotelian logic, a challenge 
that has not been adequately resolved by Aristotelians to date. He simply 
observed that, for a thing to change, it had to change into something else. 
“But then,” he asked, “how can a thing be itself but also something else as 





30 F.g., see Richard E. Prange and Peter Strance, "The Semiconducting Vacuum," 
Am. J. Phys., 52(1), Jan. 1984, p. 19-21. The vacuum may be regarded as a 
semiconductor. In particular, the vacuum in the region close to the nucleus of a 
superheavy element is analogous to the inversion layer in a field effect transistor. 
The authors introduce the idea of the inverted vacuum. Just as a semiconductor may 
be manipulated by subjecting it to external fields, doping etc., it appears that so can 
be the vacuum. 
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well?” In philosophy that is still known as the unresolved "problem of 
change". It has no resolution in Aristotelian logic, but can be resolved in 
an extended logic we shall advance. The solution to Heraclitus' problem 
of change is the nature of observation, as advanced in this book. 


We now critique Aristotelian logic, by observing a simple Venn diagram 
of the type used in "proving" logic theorems in axiomatic logic. See Figure 
1-2. 


A A 


1-2a. Usual Venn diagram of A and A 


(A???) (A???) 





1-2b. Applying second and third laws to divider 


222? NOTHING = ??? 
1-2c. Applying second and third laws to divider and outer boundary 


Figure 1-2 Applying Aristotle's laws to Venn diagram used to prove 
logic theorems destroys the entire diagram. 


In Figure 1-2 a, we have introduced a dividing boundary line between A 
and A. Unfortunately that dividing line belongs entirely to both A and A. 
So it violates all three Aristotelian laws, and must be removed.*! 
Therefore, we remove it in Figure 1-2 b. Now we have neither a 
discernible A or a discernible A, but we have removed naught but the 
boundary separating them, so we may argue that they are both still there 
although not discernible. However, if they are not discernible, we cannot 
distinguish what A is or what A is, and so we cannot discern whether they 





3! A clever fellow once proposed regarding the boundary as a total discontinuity, 
being neither A nor A. However, in that case A and A could never meet, so there 
could not be a cause interacting with not-cause to produce an effect. So that 
suggestion as to how to "fix" Aristotelian logic does not hold. 
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are identical or not. Here again this violates all three laws of Aristotelian 
logic, so we have to remove the diagram. Indeed, the outer rectangle line is 
also such a boundary, between the "Inside" and the "outside" (the not- 
inside), and so it must be removed. In compliance with Aristotle's laws, we 
are left with the trivial diagram shown in Figure 1-2 c, which is nothing at 
all. 


If this Venn diagram method is objected to, then we must insist that all 
those papers and texts using that method of proof of logic theorems be 
either abolished or corrected! 


Sometimes the objection is raised that, as far as the center boundary line is 
concerned in Figure 1-2a, the line "belongs to A on the left and belongs to 
A on the right". Fine! Then we have a unique situation where a line (call it 
L) is an entity made of two entirely different things, which we may refer to 
as Ly and Lr. Yet L? L, without any qualifications as to "sides" L, and 
Lp. It can be shown that every point in L is a point in Ly, and is 
simultaneously a point in Lg. The point in L is obviously identical to itself, 
by Aristotle's first law. Further, the same point in Ly and in Lp is identical 
to itself, by the same first law. But Ly is the set of all such points, and so 
is Lr, and so is L. Therefore L + Ly? Lp, since each one consists of each 
point that the others consist of. There is absolutely no distinction between 
the three things themselves, unless we are to violate Aristotle's laws. 


Note that in passing from left to right across the boundary, a "change" 
occurs. This simply re-resurrects Heraclitus' original objection that, 
according to Aristotelian logic, there can be no change. That is, a line 
cannot change from "a different entity as seen from the left" compared to 
that entity as seen from the right. None of Aristotle's three laws contains a 
"left and a right" for A or A. 


So the question of logic is a little more complex than writing three simple 
laws and drawing simplified Venn diagrams. In short, one cannot have 
Aristotelian logic without having something else outside it, which follows 
directly from Gédel's theorem and proof {78}. Note that we are 
introducing the required notion of "perception" into the formal notions 
implied as axioms in Aristotle's laws, as that "something outside the 
prescription of the laws themselves" and in addition to them. We are 
perfectly free to use Gédel's theorem and observation. 
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TIME 1 TIME 2 TIME 3 


Ongoing 
Interaction 






Previous Change to 
3-space j Previous 
effect } 3-space effect 


Figure 1-3 Mechanism for observation of change to a previous 
observation. 


See Figure 1-3. We now add the notion that a thing is a perceived, thought, 
or observed thing. So let us use the symbol —to mean explicit, 1.e., output 
by a given perception, thought, or observation process as the result of a 
Wut operator having been applied to whatever exists prior to perception, 
thought, or observation. The symbol ®is used to mean implicit, e.g., when 
one observes an observation "Y" at time two, and later is deciding in time 
three whether or not that observation "Y" in time two is identical to a 
previous observation "X" made during time one, then memories of the 
observations of X and Y are involved in time three rather than the 
observations X and Y themselves, and so the observations of X at time one 
and Y at time two — by whatever manner they were observed and 
according to whatever decision algorithm is used — is said to be 
"implicit". 

We note that we can know nothing about the so-called "thing in itself 
without thought, perception, observation, or other process involving [/U. 
Further, at the moment the WU operator is applied, time momentarily 
ceases. The resulting perception, thought, or observation exists therefore as 
a "frozen output" at that single moment in time. To have it "persist" or 
exist a moment later, we have to apply the W/Ur operator again, and stop 
time again, so that we again perceive, think, or observe. 


But at any moment later than when we made a particular perception, 
thought, or observation of "A", that specific "perceived A" no longer 
exists, except in our memory as a recording of "observed A" that we can 
continually recall. Our conscious mind is a very fast serial processor, with 
only one "perception" or "thought" at each fleeting moment — only one 
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slide at a time in the slide projector, so to speak. But it is very rapid. 
However, our so-called "unconscious" mind is totally conscious, just 
multiply so. It is a massively parallel processor, and has "a great many 
slides in the slide projector" at any given time.” Hence in our genetic 
multiprocessor mind, we can indeed record, recall, compare, etc. — and 
perform all the modern massively parallel computer operations. 


Let us now re-examine the three Aristotelian laws. Let us label the "slide 
snapshots" with the time instants when each "perception, thought, or 
observation" is or was consciously made, by use of a subscript, such as Aj, 
which means what was perceived, thought, or observed as "A" in time- 


snapshot I. Let us also note that each of the symbols 1, #,’, and “ 
actually involves the output of a comparison and decision algorithm in the 
massively parallel processor, after the two observations X; and Xz were 
made. Let us use the symbol Y to mean "results in the decision that" or 
"implies that". As a check for identity, e.g., simple comparison algorithms 
for determining identity or nonidentity might be 


{[Ai - Ag ]=[0]3 Y 4 (Ar? Ad) [6] 
{[A1 - Ag) ] , [0]3 Y 4 (Ai? Ag) [7] 


Thus we more precisely rewrite Aristotle's laws as 


Ai +3 Ag) [8]] 


A; #3 Ag) [9] 





* Bg., this can be seen by a moment's reflection. At any one time, the "unconscious' 
mind is controlling and directing a great multitude of ongoing physical processes, is 
also processing short-term and long-term memory processing, filing conflicts for 
resolution or later presentation to the conscious mind in symbolic fashion, etc. One 
can physically measure the electromagnetics associated with this activity, after the 
mind transduces its time-polarized EM interactions into 3-space EM actions. The 
process is two-way, and certain recorded EM stimuli will be "reverse-processed" 
back to affect the time-polarized EM operations of mind. Mind operations are 
electromagnetic; but they use time-polarized (scalar) photons and time-polarized 
(scalar) EM waves which are unobservable a priori. Mind operations are also 
electrodynamically engineerable, but that is beyond the scope of this treatise. 
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Ay Y3 Ag) [10] 


Where — surprise! We have now accounted for all those different times 
and periods of observations, processing, comparison, decision, etc. We are 
dealing not with some mystical "thing-in-itself", but with interactions 
(perceptions, thoughts, observations, associations) in the mind and psyche 
of the observer. And hidden in time 3 is the application of a decision 
algorithm such as given in [6] and [7] above. 


Now the first law [8] states that in time one an observation was made and 
named "A", notated (A;), by comparing it to a previously recorded 
observational memory of what we call "A". The existence of that memory 
of what we call A is implicitly assumed in the first law, as well as the 
others. We do not show the memory itself in [8], [9], and [10]. In time two 
an observation X2 was made (not notated), but it is not then known at the 
moment whether that X> is A or A. So in time interval three the decision 
algorithm to determine identity or non-identity occurred in the mind, and 
the zero output of that algorithm [6, 7] established that Av) was actually 
identical to Aj, according to the decision algorithm actually used. The 
algorithm matters, and it too is a variable. 


A similar process occurs in law two [9], but this time the algorithm had a 
different output. Note that the little line over X(z) to make it Ag) was not 
assigned until time interval four (not shown) after the decision algorithm 
had given its output in time interval three. 


The second law merely states that the operation of the decision algorithm 
in time interval 3 found the two snapshots (in time 1 and in time 2) not to 
be identical, by the decision algorithm and comparison process utilized. 
Again, the algorithm matters, and it too is a variable that must be taken 
into account. 





All three laws [8, 9, 10] written one after the other assume that the identity 
algorithm does not change between snapshot | and snapshot 2, in all three 
of them. This is the key point. 


With two different versions of the identity decision algorithm, the results 
of two different comparisons may differ. If the identity decision algorithm 
does not change during the time between snapshot one and snapshot two, 
then we have one case. This is like a person with good color vision, 
looking at a red marble beside a black marble. That observer clearly 
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distinguishes the marbles, and to him they do not appear identical. Every 
time he looks again, they still differ because he did not change his decision 
algorithm between looks. On the other hand, a color-blind observer cannot 
distinguish the marbles, and to him they are seen as identical. Every time 
he looks, they are seen as identical, because his identity decision algorithm 
did not change. 


Or, suppose a proponent argues that the "rightness" or "leftness" of the 
dividing line L, between A and A in the Venn diagram, can be taken into 
account. He is actually invoking a different algorithm (it belongs to the 
left and therefore to A) in one time snapshot than the algorithm (it belongs 
to the right and therefore to A) used in the other time snapshot. So his right 
side and left side of a line implicitly invokes the very point we are making: 
the algorithm utilized is a variable and must be accounted. 


The point is this: identity — whether in perception, thought, or observation 
— is not absolute, but depends upon the precise nature of the operation of 
the perception, thought, or observation process utilized and specifically on 
the "decision algorithm" used for "determining" identity or nonidentity. 
For example, two antennas certainly "see" quite differently, if one is a 
VLF (very low frequency) antenna and the other is an IR (infrared) 
antenna! As another example, two observers in different frames may see a 
particular object as quite different observed things! In n-space, an observer 
in a frame at right angles to the lab frame, will see any mass in the lab 
frame as a wavefront going at light speed; in short, as a photon or photonic 
object, whereas the observer in the lab frame will continue to see it as just 
a common old mass object. So the "same object" physically differs to the 
two different observers, according to their frame of reference. An observer 
whose frame is rotated by three orthogonal rotations from the lab frame, 
will see that object as an "object existing in time only," i.e., as simply a 
sort of "thought" image, so to speak. To be more scientific, he may assign 
it to something called the "virtual state". 


In short, we can violate any and all of the laws of Aristotelian logic, 
because identity per se is perceived, thought, or observed identity — the 
output of a variable decision algorithm — and is not absolute. 


For clarity, we add a fourth law that violates all Aristotle's three: 
Ai +3 Aq) [11] 


All this really says is that, in time 3, the decision algorithm being used was 
changed from what it had been in times 1 and 2, and now could not 
distinguish between what was seen in snapshot | and what was seen in 
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snapshot 2, even though to some "ultimate" observer the two were 
distinctly different. 


In addition, we say that it "implicitly includes" the negations of all three 
Aristotelian laws. We then add an "application rule" (or a fifth law, as one 
wishes) as follows: 


{ [(A1 +3 Av)7A (Ay #3 Az)]®}5 Y { [(A1 +3 Ar) @A 


(A; #3 Ao)]7}5 [12] 


This winds up producing an extension of Aristotle's logic, so that the 
following explicit laws emerge: 


Ai?3 Xa Y Ai?3 Ag) [13] 
Ay #3 XQ) Y Ay #3 Ag) [14] 
Ay Y3 Ag) [15] 


We also have the exact opposites of those three laws implicitly. The 
opposites can all be congealed into a single fourth law: 


Ay 1, Ag) [16] 


To make sense of these, we also have the master application rule or 5th 
law: 


{ [(A1 73 Az)“ (Ay #3 Az)]@}5 Y { [(A1 73 A2)® 


® (Ay #3 A2)]7}5 [17] 


We prefer to refer to this extension as a "four-law logic", where equations 
[13], [14], and [15] are the normal "explicit" laws, with the implicit law 
[16] understood but not explicitly written, and where equation [17] is the 
master application rule that puts it all together. But if one wishes to be 
rigorous, we have specified a 5-law extended logic that contains but 
expands Aristotle's 3-law logic. The application rule is the fifth law. 


The point is this: In every case, we have a part of the perception, thought, 
or observation that obeys the explicit laws, and we also have a part that 
obeys the implicit laws. If opposites are not explicitly identical, then they 
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are simultaneously implicitly identical. If opposites are explicitly identical, 
then simultaneously they are also implicitly not identical. 


The new approach then covers what we observe more completely. As an 
example, any "wave" (observed) is implicitly a non-wave (particle), but 
not observably so. If its particle nature is observed and therefore explicit, 
its wave nature is unobserved and therefore implicit, and vice versa. 


One also resolves such dilemmas as stating something "does not exist" but 
having to first call it into existence to even state it does not exist. In the 
new approach, it simply does not explicitly exist, but implicitly exists. Not- 
being is something like that: explicitly it doesn't exist, but implicitly it 
exists. The great problems of the philosophers were never solved, mostly 
because the logic brought to bear was Aristotelian and incomplete. The 
ultimate answers they sought all involved the fourth and fifth logic laws. 
So the ultimate answers all appeared to them to involve such things as "the 
accursed necessity for the identity of opposites." Precisely! 


In physics, there has been the same problem over whether a fundamental 
particle is a particle or a wave. Physicists argued fiercely until they 
realized the futility of further argument, and settled for the duality 
principle. That simply states, well, in one case it can be a particle as 
observed in your experiments, and in another case it can be a wave as 
observed. So simply treat it as whichever one is useful! The philosophers, 
on the other hand, split into different schools, where each school had its 
"interpretation" usually involving a very "smooth" position statement of 
the school's position. In physics also, there are eight or more 
"interpretations" of quantum mechanics, for example. So the same 
centuries-old problem is still with us today in modern physics. 


Opposites are no longer the formidable opponents they once seemed. 
Instead, they become more like the two sides of a coin, lying with only one 
side up. To see heads or tails is to decide which is explicit. The other is 
always there, implicitly. But notice also that the "two sides" require a 
3-dimensional object, and not just the 2-dimensional "head" or the 
2-dimensional "tail". This juxtaposition of "identical" opposites is strongly 
met with in modern physics. For example, quoting Lee® : 





37D. Lee, "Space Inversion, Time Reversal and Particle-Antiparticle 
Conjugation," Physics Today, 19(3), Mar. 1966, p. 23. Positive charge is really 
observation imposed on negative charge moving backwards in time, and the positron 
is really observation imposed upon an electron traveling backwards in time, etc. 
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"As we expand our observation, we extend our concepts. 
Thus the simple symmetries that once seemed self-evident 
are no longer taken for granted. Out of studies of different 
kinds of interactions we are learning that symmetry in 
nature is some complex mixture of changing plus into 
minus, running time backward and turning things inside 
out." 


Any addition to the Aristotelian laws of logic is actually a higher 
dimensional form of it. Three-law Aristotelian logic is in fact fitted to 
primitive observation — the result or output of single-photon interaction 
and observation processes. 


This "four-law" logic (or "five-law" logic if one includes the master 
application rule as another "law") has proven very useful over the years, 
particularly in bioenergetics applications. It has also been most useful in 
attempting to decipher that branch of Russian energetics weapon science 
called "psychoenergetics", and in attempting to decipher the mind-body 
coupling mechanism, but that is beyond the scope of this chapter (793 4 


1.4.5 Substitution of Effect for Cause 

Refer to Figure 1-3 again, to see the relationship of the unobserved cause, 
the interaction of cause and a previous effect, and the production of the 
resulting "new effect" as a change to the old effect or the output ofa 
second replica of it. The greatest non sequitur in electrodynamics — and in 
parts of physics such as mechanics — is the widespread substitution of the 
effect for the cause, as a result of considering an observable to persist in 
time without any physical interaction. We discuss that more fully in 
Chapter 2, particularly with respect the notion of the same EM field 
existing both as a component of a material environment and as a 
component of a nonmaterial environment, but with the "force reducing to 
zero" in the latter. Jackson {80} points out the prevailing view of 
electrodynamicists as follows: 


"Most classical electrodynamicists continue to adhere to 
the notion that the EM force field exists as such in the 
vacuum, but do admit that physically measurable 





34 The interested reader is referred to my website, www.cheniere.org, for papers 
dealing with the nature of the mind-body coupling mechanism and the body-mind 
coupling mechanism, as well as direct engineering of the mind, and limited 
information on the weapons referred to. 
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quantities such as force somehow involve the product of 
charge and field." 


On the other hand, Bunge {81} very clearly stated that the standard 
electrodynamics and physics itself are in terrible shape. Here is a direct 
quotation: 


"... the best modern physicist is the one who acknowledges 
that neither classical nor quantum physics are cut and 
dried, both being full of holes and in need of a vigorous 
overhauling not only to better cover their own domains 
but also to join smoothly so as to produce a coherent 
picture of the various levels of physical reality." 


We shall try to further clarify these unresolved difficulties with the field 
concept in Chapter 2. 


1.5 Electrodynamics is Still Developing 


1.5.1 Statement by Penrose 

Roger Penrose, one of the leading physicists of our time, pointed out the 
still-developing nature of electrodynamics with respect to the 
developments from conventional gauge-theoretic interpretation of 
Maxwell's equations. Quoting Penrose {82}: 


"These facts should not, however, deter theoretical or 
experimental physicists from seeking alternative 
descriptions, unconventional formulations, surprising 
electromagnetic effects, or radical generalizations. The 
various articles in this book provide the reader with a 
great variety of different kinds of approach to 
developments of this nature. We have historically 
motivated accounts, suggestions for new experiments, 
unconventional viewpoints and attempts at 
generalizations. We also see novel and ingenious 
formulations of electromagnetic theory of various 
different kinds... Iam sure that this book will make it 
clear that electromagnetism is a subject that is in no way 
closed to stimulating new developments. It is very much 
alive as a source of fruitful new ideas." 
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1.5.2 An Example of a Ubiquitous Error 

One of the rather horrid "bad examples" of ubiquitous errors in 
electrodynamics is the conventional illustration of a so-called planar EM 
wavefront moving through space, as shown in Figure 1-4. 


A succinct evaluation of that diagram and notion is given by Evans {83}, 
one of the great electrodynamic theoreticians of our times: 


“T broadly agree ... that the transverse plane wave view 
of vacuum electrodynamics is the biggest blunder of 
twentieth century science.” 


[ ection Of tr, 


| 2 
| ave] (along Z) 





Figure 1-4 The erroneous but ubiquitous supposed illustration of the 
transverse EM wave in 3-space. 


Dr. Robert H. Romer, former Editor of the American Journal of Physics, 
also chastised the horrid diagram shown in Figure 1-4, purporting to 
illustrate the transverse plane wave traveling through 3-space. In endnote 
24 of his noteworthy editorial, Dr. Romer {84} takes that diagram to task 
as follows: 


"\,..that dreadful diagram purporting to show the electric 
and magnetic fields of a plane wave, as a function of 
position (and/or time?) that besmirch the pages of almost 
every introductory book. ...it is a horrible diagram. 
‘Misleading' would be too kind a word; 'wrong' is more 
accurate." "...perhaps then, for historical interest, [we 
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should] find out how that diagram came to contaminate 
our literature in the first place." 


Indeed, each point along the z-axis, is a momentary "3-space frozen slice" 
of the LU operator being applied to the ongoing 4-space interaction of the 
causal field in 4-space interacting with the previous "observed effect" (in 
this case, the previous 3-space slice) to produce a change to it. So the 
entire diagram is a set of "frozen 3-space observations", in which nothing 
at all is moving, and where the fields shown are in the mass 
(detecting/observing) medium. There is no such thing as a "traveling EM 
wave in 3-space", because "moving" or "changing" or "traveling" a priori 
must involve time as well as 3-space. What we are looking at in Figure 1-4 
is the iterative and very rapid results of continual "3-space observations" 
(frozen 3-snapshots) of an on-going 4-space interaction. 


1.5.3 An Extremely Important EM Omission 

There is an enormous amount of development yet to be done in 
electrodynamics! As a simple example, for nearly a century there has been 
waiting quietly a fundamental "internal" or "infolded" electrodynamics by 
Whittaker {85, 91a, 86}, based on more primitive initial work by Stoney 
{87}, existing inside — and comprising — all conventional EM potentials, 
fields, and waves. This internal electrodynamics {88} has been essentially 
ignored in the West, but has already been weaponized in the weapons 
laboratories of several nations under the aegis of energetics. The U.S. 
Secretary of Defense, Secretary Cohen {89}, alluded directly to some of 
these weapons in a speech in 1997 as follows: 


"Others [terrorists] are engaging even in an eco-type of 
terrorism whereby they can alter the climate, set off 
earthquakes, volcanoes remotely through the use of 
electromagnetic waves... So there are plenty of ingenious 
minds out there that are at work finding ways in which 
they can wreak terror upon other nations...It's real, and 
that's the reason why we have to intensify our 
[counterterrorism] efforts." 


The weapons are already being utilized against various nations in the form 
of terrorist acts in an undeclared war {89}, and have been so used since the 
1950s. 


This internal longitudinal-wave EM and its dynamics is a much more 
fundamental electrodynamics (actually a subset of a unified field theory) 
consisting of correlated longitudinal EM wavepairs in both the 3-space and 
time domains. Each Whittaker decomposition wavepair is comprised of an 
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incoming longitudinal wave — a "time-polarized" EM wave {90a-90c} — 
in the time domain, perfectly correlated with an emitted longitudinal EM 
wave in 3-space. See Figure 1-5. This multiwave structuring and dynamics 
in both the time domain and in 3-space simultaneously comprises the 
scalar potential. 
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e Aharmonic set of longitudinal phase conjugate wavepairs. 

*® In each wavepair the two waves superpose spatially after detection, but travel in opposite 
directions. 

© Prior to detection, the convergent wave set is in the imaginary plane, and hence is not 

observable. It is EM energy incoming to the potential (dipolarity) from the time domain. 

The charges receive the complex convergent EM energy, transduce it into real EM energy, and 

emit enormous energy at the speed of light in all directions — which includes bidirectional 

pairs in 3-space (after the reaction, being after “observation"). 

This produces the fields and potentials from the “source charge or dipole.” 

Mandi and Shaw argue that the scalar (time-polarized) photon and longitudinal photon are observable 

only in similar pairs, which then makes the instantaneous scalar potential. Thus quantum field theory 

work strongly supports the “negative resistor” interpretation of the scalar potential and our solution to 

the source charge and source dipole problem. 
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Figure 1-5 The scalar potential is a harmonic set of phase conjugate 
longitudinal EM wavepairs. 


We specifically stress that the dynamics occur in the time domain (in its 
specific structuring, propagation pace, etc.) as well as in 3-space. 


Deliberately changing the internal longitudinal EM wave structuring 
produces precise energetics (both energy and dynamics) in spacetime 
itself. This is a special form of "spacetime curvature structure and 
dynamics" which we call a spacetime curvature engine or vacuum engine. 
Together with superpotential theory in the original form initiated by 
Whittaker {91a} and extended by others {91b, 91c, 91d}, this internal 
electrodynamics — together with scalar potential interferometry {92} — 
creates all ordinary EM fields and waves {79}. Superluminal 
communication is possible using the internal longitudinal EM wave 
structure of the EM fields, potentials, and waves {93a, 93b}. 
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1.6 A Summarizing Letter 


Our thrust in this book is to attempt to (1) reveal some of the major flaws 
in electrodynamics that have prevented development and use of COP>1.0 
electrical power systems, and (2) point the way toward the development 
and use of such systems. To give a general summary of the ground this 
book will cover, we conclude with an informal E-mail letter I sent to the 
recent editor of American Journal of Physics, pointing out the greater 
implications of his cogent observation of that "dreadful diagram" and 
where it leads. Indeed, it (1) leads to a dramatic change in electrodynamics, 
(ii) changes the way in which we regard "propagation of EM energy 
through 3-space", (ii1) solves the long-vexing problem of the association of 
the source charge or source dipole with its fields and potentials and their 
energy, (iv) changes dramatically the way we view what powers an 
electromagnetic circuit or power line, (v) allows extraction and use of 
copious EM energy from the vacuum, and (vi) solves the energy crisis 
permanently. 


Here is the letter sent informally to Dr. Robert H. Romer — slightly edited 
to improve the grammar, correct one error of misstatement, and with 
reference citations added and listed at the end of this chapter: 


To: Dr. Robert H. Romer Thursday, Mar. 8, 2001 
American Journal of Physics 
Amherst College, Box 2262 
Amherst, MA 01002 


Personal communication 


Subject: Implications of your cogent comments on that atrocious 
illustration 


Dear Dr. Romer: 


This is not a submission of a manuscript, but a personal communication to 
you on a matter of great importance in physics, directly related to endnote 
#24 of your seminal editorial {94}. 


It will take a little exposition, so please bear with me and read this when 
you have the spare time to do so. We are going to show you how your keen 
insight can be extended to solve some extraordinarily formidable 
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foundations problems in present electrodynamics. We will also show how 
to apply the implications of your insight to totally solve the present 
electrical energy crisis permanently. 


In your endnote #24, {94} you took to task (quoting): 


"\..that dreadful diagram purporting to show the electric 
and magnetic fields of a plane wave, as a function of 
position (and/or time?) that besmirch the pages of almost 
every introductory book. ...it is a horrible diagram. 
‘Misleading' would be too kind a word; 'wrong' is more 
accurate." "...perhaps then, for historical interest, [we 
should] find out how that diagram came to contaminate 
our literature in the first place." 


Dr. Romer, you have lifted the corner of a dark cover concealing one of 
the most important flaws in electrodynamics and in fact in all of physics: 
the unwitting and pervasive substitution of the effect for the cause. A 
marvelous extension to the present physics is enabled if one removes this 
terrible non sequitur in physics, and particularly in electrodynamics. For 
openers, one solves what has been called the most difficult problem in 
electrodynamics (the problem of the source charge and the association of 
its fields and potentials and their energy) {100}. I will solve that problem 
for you in this informal write-up. I will also explain how to extract 
enormous EM energy from the vacuum, anywhere and anytime, easily. 
Extracting it is easy; catching it and using it to power loads without killing 
the extraction process is another matter. 


One also gets a unified field theory, engineerable by novel electrodynamic 
means, as is steadily being shown by a series of rigorous Alpha 
Foundation's Institute for Advanced Study (AJAS) papers published in 
various leading journals (and more than 90 of them carried on a 
Department of Energy website restricted primarily to DoE scientists). Dr. 
Myron Evans, Director of the AIAS, has over 600 papers published in the 
literature, including such journals as Physical Review, Foundations of 
Physics, Physica Scripta, etc. Many of the other AIAS co-authors are 
excellent theoreticians and scientists. 


The early pioneers of electrodynamics (Maxwell etc.) all assumed a 
material ether filling all space {95}. To these early scientists, there was not 
a single point in the entire universe that was devoid of matter, because the 
ether was present there. Hence their outlook as to the nature of EM fields 
etc. was quite material. Faraday conceived his "lines of force" as physical, 
taut strings, so that perturbations were "plucking these taut strings". 
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Maxwell himself points out in his famous "Treatise" that he specifically 
captured the thinking of Faraday in his theory. In fact, Maxwell wrote a 
material fluid flow dynamics theory. 


In the light of more modern knowledge, let us see the impact of these and 
similar early but still retained erroneous electrodynamics assumptions. 


First, observation/detection is totally spatial, as is well known in quantum 
mechanics. In fact, observation is a W/U operator imposed upon 4-space 
(LLLT spacetime), yielding a frozen instantaneous snapshot LLL of an 
ongoing 4-space dynamic process. At the next instant, that particular 
previous observation no longer persists. Why? 


Well, no observable persists, since it is only an instant frozen 3-space 
snapshot, at a single point in time, a priori. Here again we have another 
horrendous non sequitur in all of physics: the assumption that observables 
"continue to exist" and therefore persist in time in a passive manner. In 
fact, there is an interactive process that generates their (seeming) 
persistence, involves time, and continually changes mass into masstime 
and back to mass, etc. With the reader’s permission, we will pass 
discussing that mechanism until another time (pun intended!). 


What we conceive as "an observable such as mass, traveling through space 
and persisting in time while doing so", is actually an iterative, continual 
series of these frozen 3-space snapshots or observations, much like the 
frames of a motion picture film. We ourselves mentally add the 
"continuity" to provide "the sensed motion", but rigorously what is 
actually "observed" is not continuous, but is a vast continual series of 
those frozen 3-space snapshots. 


We're getting directly at that atrocious diagram! 


Each snapshot is an effect, not a cause, because it was the output of the 
observation process whereby a 4-space causal entity (non observed a 
priori) interacts with a previously observed frozen entity (say, a unit point 
charge at some point in space) to produce the observation (change or effect 
generated in that interacting observed charge) as the "next instantaneous 
observation". 


The usual "representation" of a "3-space EM wave" propagating in 3-space 
is indeed atrocious, just as you stated! It is actually just an iterative 
succession of such instantaneously frozen snapshots in 3-space, one after 
the other. There is no such thing as that set of snapshots independently 
existing in spacetime, prior to interaction with charge in that series of 
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interactions and observations, unless we wish to discard quantum 
mechanics and the laws of logic. 


There is, however, a continual iterative stream of those observations — 
those frozen 3-space snapshots — that we interpret (erroneously) by recall 
from memory as the "EM wavefront propagating in 3-space". As you 
eloquently pointed out, that is not so, and it is atrocious. An observation, 
being an absolutely frozen entity, cannot "move through time" anyway, 
since it cannot persist, nor can it move. A change to an observable can 
only be another observable snapshot of the ongoing 4-space entity and 
action, which is then compared to the first snapshot and a difference noted 
{96} [See Figure 1-3]. 


In short, a great stream of "frozen effects" (frozen instant observations) 
does not constitute a "picture" of the ongoing 4-space action, but only a 
series of frozen 3-space intersections involving the interaction of that fixed 
observed (3-space) charge with the ongoing causal 4-space entity. If we 
add and integrate a series of 3-space pieces, we do not get a 4-space entity! 
Instead, we get a longer or bigger 3-space slice/piece, but one for which 
each piece of it only existed at a single point in time as a 3-space "slice" at 
that moment. That is precisely what is wrong with that horrible illustration. 


But it is also "wrong" with electrodynamics itself! Electrodynamicists 
mistakenly conclude that the same effect "series of static 3-slices" — 
which they might call, e.g., the "field" in a case where the field is the 
subject — is the same as the 4-space continuous causal field prior to 
observation interaction with charge at all. Well, LLLT is definitely not 
LLL, nor is it n(LLL) where n is some large but finite number of 3-slices 
LLL. 


So the field concept is dichotomously used in two contradictory manners 
in electrodynamics: 


(1) it is considered to be in 4-space prior to the observing/detecting 
interaction with the observable (such as a unit point 3-space charge), and 
it is also considered a 3-space entity after that interaction. The dimensions 
of the two entities are not the same, and neither are the dynamics. The 
causal EM wave is dynamic and 4-spatial, the effect "3-space EM wave" 
(ugh!) is static and 3-spatial at each instant it is "observed". Assuming that 
the two are the same thing is a non sequitur. 


In fact, it substitutes the effect for the cause, a rather gross violation of the 
causality principle itself. 
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(2) then an attempt at glossing over the illogic is used by the smooth 
statement that "the field (meaning that atrocious series of frozen 3-space 
snapshots) remains in the absence of charge, but the force goes to zero." 
Well, if the field is defined as a force field, it cannot be a "non-force field 
in the same observation!" Else, opposites are always identical. 


So of what importance is all that? 


It is of great importance. Let me show you one very startling thing that 
comes out of correcting this "biggest foundations non sequitur in physics, 
that of substituting the effect for the cause". 


Consider a very special paper by E. T. Whittaker {97} in 1903. [I can send 
you a pdf file of the paper if you do not have it and are interested]. In this 
much-neglected paper, Whittaker decomposed the so-called "static" 
potential into a harmonic set of bidirectional longitudinal EM wavepairs, 
where each pair consists of a longitudinal 3-space wave (an as-observed 
wave) and its longitudinal phase conjugate wave (considered unwittingly 
as having also interacted with charge, and therefore as being shifted into 
3-space as an "as-observed" wave with inverse parity). 


Whittaker — as has everyone since him — unwittingly assumed the 
"iterative continual observation" interaction in there for the phase 
conjugate wave also. In so doing, he came up with two effect "waves" that 
are the outputs of the assumed observation process. Neither of these effect 
waves would be a wave in spacetime {98} at all, but the two in ensemble 
are an example of the same thing you objected to in your cogent 
commentary on that abominable "illustration". 


In short, Whittaker invoked observation as a process with two effects and 
no cause, rather than with a cause and an effect, with the interaction with 
the observing/interacting unit point charge being assumed for both waves. 
Whittaker and everyone since seem to have made the same error in 
interpreting that seminal Whittaker decomposition. This misinterpretation 
of the decomposition has until now hidden one of the greatest secrets of all 
times in Nature's electrodynamics! 


Let us correct the interpretation, and uproot that great secret to the light of 
day. 


First, for observation to occur, one must have a cause acting upon the 
affected (observable) entity, and an effect (observable change) must be 
produced in, on, or of that affected (interacting) entity. One must not have 
two effects (two observables) and the affected entity (another observable 
and therefore another effect)! Again, assuming that one has three effects 
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(observables) constituting the observation process is a logical non sequitur 
of first rank. 


Let us now correct that logical non sequitur made by Whittaker and other 
physicists and electrodynamicists, and see where it leads us. 


First, we go to particle physics, where broken symmetry {99} was 
discovered in the 1950s. Lee, e.g., received a Nobel Prize for his work in 
that area {75}. Lee also showed that any dipole is a broken 3-symmetry in 
its violent energy exchange with the active vacuum. 


Well, a scalar potential is a dipolarity; always a potential is actually a 
difference between two potentials, so to speak. So the potential itself 
represents a broken 3-symmetry in an energy flow exchange with the 
active vacuum. 


Let us further examine that interesting broken symmetry aspect. It means 
that the "static" potential is a process whereby energy is received from the 
vacuum in one form, not observable, and hence unusable, but is output in 
observable (usable) form. In short, the dipolarity or dipole receives and 
absorbs (QM view) virtual photons, integrates them into observable 
magnitude, and emits real, observable EM energy ("continual observation" 
snapshots of the latter being assumed). 


In physics, all observation is 3-spatial, as is well known. And 3-space is 
the realm of the observed. The EM energy from the vacuum is not received 
in 3-spatial (observable) form, else there would be no broken 3-symmetry 
of the dipolarity. 


We can also experimentally verify that there is no 3-space input of EM 
energy to the potential — e.g., to the potential between the ends of any 
source dipole, because we cannot measure any 3-space observable energy 
feeding the charges of the dipole. Instead, observable 3-space energy is 
continuously pouring out of the dipole. 


Let us continue now with the notion of a real dipole of separated source 
charges, with our "scalar potential" between its ends, so we have 
something concrete in mind. 


First, our instruments prove there is a continual emission of EM energy in 
all directions in 3-space (of the kind in that atrocious diagram; a "series of 
iterative film-snapshots"). That is the way it is conventionally represented, 
as if observed at each and every point successively in that 3-space, and 
along every radial. 
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But secondly, our instruments also prove there is no such observable input 
of EM energy in that same 3-space fo the dipole. Bummer! That is 
precisely what has stopped electrodynamicists from solving that vexing 
problem of where all the energy pouring out of the source dipole is coming 
from, and how! They unconsciously assume that the only possible source 
of the EM energy input is in 3-space. That is totally wrong. Further, the 
conservation of energy law does not require that energy be conserved in 
3-space! Instead, rigorously — if we are using a 4-space (1.e., spacetime) 
model — it requires that energy be conserved in 4-space. The assumption 
of the extra condition of 3-space energy conservation is an added and 
arbitrary extra condition. 


Since electrodynamics has not resolved this "source dipole and its 
associated fields and potentials" problem, it has stopped work on the 
problem and implied that every dipole in the universe is a perpetual motion 
machine, freely creating all that EM energy it continuously pours out 
across space, in all directions, creating its associated fields and potentials. 
That implicit assumption, if true, of course destroys the conservation of 
energy law. 


It isn't true, and the energy conservation law is alive and well! 


We can experimentally prove that the source dipole does continuously 
pour out energy in all directions in 3-space, without ceasing, as follows: 


In a gedanken experiment, we set instruments every 300 million meters or 
so, along a radial line from an origin in the lab. With the instruments and 
clocks synchronized, we suddenly form a dipole at the origin. One second 
later, the first instrument reads. A second later, the second instrument 
reads. And so on. But it is not a "passing pulse". Whatever reading the 
instrument makes as the forward edge of the energy flow reaches it, is then 
continuously maintained thereafter. This proves that the energy is poured 
out continuously and at the speed of light, and in any (and all) directions in 
3-space, and it continues to pour out at exactly the same rate so long as 
that dipole remains intact. 


Dipoles in the original matter of the universe have been pouring out EM 
energy in that fashion for some 14 billion years, and they have not 
"exhausted" their unobserved energy input source yet. 


A newly formed simple dipole, e.g., in one year will have poured out 
energy into a spherical volume of space that is a light-year in radius. Wait 
another year, and that volume of space whose energy density has been 
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changed will be two light years in radius. The dipoles in the original matter 
have filled the universe itself with that energy outpouring from them. 


In other words, an incredible amount of EM energy has been and is being 
poured out into space from every dipole in the universe.*> And 
electrodynamicists have had not the foggiest notion of where that mind- 
boggling amount of outpoured EM energy has come from. 


Unless we wish to totally discard the conservation of energy law, we must 
have an equal input of energy from outside 3-space, going into every 
dipole continuously. In 4-space, that only leaves the fourth axis, along 
which and from which the input energy must move into the dipole. 


And so it does. If we re-interpret that phase conjugate half set of the 
Whittaker decomposition, before observation has occurred, it then is a 
harmonic set of longitudinal EM waves moving in the time-dimension, 
into the source dipole (parity is not inversed because no interaction with 
charge has occurred to shift it into 3-space. 


So voila! We have strangely (but quite rigorously) solved what Sen {100} 
referred to in this manner: "The connection between the field and its 
source has always been and still is the most difficult problem in classical 
and quantum electrodynamics." 


We express our reasoning as follows: (i) we know from particle physics 
that the source dipole*® is a broken 3-symmetry in its flux exchange with 
the vacuum. This means that we know the energy is received from the 
vacuum in an unobservable form, absorbed by the dipole, and emitted as 
observable EM energy. It remains to translate that into classical 
electrodynamics rather than quantum physics {101}. (ii) The time domain 
is the only domain outside 3-space, in the standard 4-space model. (iii) 
Anything in the time domain exclusively, is indeed nonobservable, since 
the LU observation operator destroys time and all its internal structure and 
dynamics whenever observation occurs. (iv) Looking for a "3-space" input 
is looking for an "observable" EM energy input, which would in fact 
disagree with the known broken 3-symmetry of the source dipole. 


> Later we will see that, in a time-forward situation, the negative charge pours out 
positive EM energy while the positive charge may be said to pour out negative EM 
energy. Charge conservation then implies that an energy balance is maintained 
overall. 


36 Because of the broken symmetry of the opposite charges on its opposing ends. 
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Let me digress now to speak of fundamental units. As is well known, the 
fundamental units one chooses to make his physics model represent an 
arbitrary choice. One can, if one wishes, make a perfectly valid (but 
mentally nightmarish!) physics using only a single fundamental unit. In 
that case, all other "fundamental units" in the present model become 
functions of that single fundamental unit. 


Suppose, e.g., that we make the joule our only fundamental unit. Then 
"mass" becomes totally a function of energy — and we have no heartburn 
with that one since the Einstein revolution and the nuclear age. But then 
"time" also becomes totally a function of energy — and that surprises us, 
because we have unconsciously been taught (erroneously) that "time is a 
flowing river down which a mass drifts like a drifting boat". That is not the 
nature of time at all; the totality of the photon interactions with a mass 
create that mass's "motion through time". I can later explain that to you 
also, if you wish, but let us pass it for now. 


It turns out that time is spatial energy compacted by the factor c’, so it has 
the same energy density as mass, but in the time axis instead of 3-space. 
Intuitively, if we are interested in cause and effect, the energy of the cause 
(time) should be equal to the energy of the effect (in this case, mass). After 
one reflects a moment, one also sees that "time energy" is required to 
"drive" a mass through time, just as "spatial" energy is required to "drive" 
a mass through space. The notion that mass in an inertial frame moves 
through "empty space with no reaction" is false; it continually moves 
through the energetics of spacetime, and interacts continuously with it. 


Anyway, from still another viewpoint there is no magic in EM energy 
currents moving in the time domain! Quantum field theory already 
recognizes multiple polarizations of the photon, including transverse, 
longitudinal, and time-polarized. Thus, it implies a time-polarized EM 
wave also. A longitudinal EM wave moving in the time domain oscillates 
along its line of travel. That is indeed oscillating its energy density in the 
time domain, so that it is "time-polarized". Hence it is a proper time- 
polarized EM wave, and appears to "gallop" {102} or vary its speed 
periodically. 


The solution to the "source dipole" problem is that the phase conjugate 
wave half-set of the Whittaker decomposition, when reinterpreted, is the 
incoming EM energy in the time domain, continuously input to the charges 
of the dipole. The charges interact in the imaginary plane (the time 
domain), and absorb the time-energy, then transduce it into 3-space, and 
emit it as Whittaker's set of real observable longitudinal EM waves in all 
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directions in 3-space (as observed). The time-energy waves that are input 
to the dipole cannot be observed, since observation destroys time and its 
constituents. 


All 3-spatial EM energy comes from the time domain! Broken 
3-symmetry of the source dipole immediately releases our arbitrary 
additional restriction on nature's energy conservation law —1.e., our 
insistence that the energy input for conservation must be input in 3-space. 
By removing these arbitrary "shackles" from nature's feet, we allow nature 
to joyously resume her much-preferred special 4-symmetry in EM energy 
flow: the circulation of EM energy from the time domain into 3-space, and 
outpouring of that energy in all directions in 3-space, at the speed of light 
{103}. 


Now let us solve the source-charge problem as well. That one is now easy 
to resolve. 


We know from quantum mechanics that any "isolated" observable charge 
is actually clustered around by virtual charges of opposite sign. So we 
simply take one of these clustering opposite charges while it exists, and a 
differential piece of the observable charge, and we have a composite 
dipole. Hence the "isolated charge" may be represented as a grouping of 
such momentary dipoles, each (while it exists) with a scalar potential 
between its poles, and hence each subject to the same decomposition and 
reinterpretation we have done. 


That is why the source charge can "sit there" and pour out EM energy in 
3-space (as observed) continuously, and indefinitely. It is also 
continuously absorbing EM energy from the time domain. As a set of 
composite dipoles, it is a set of broken 3-symmetries in EM energy flow. 
Hence it exhibits nature's preferred 4-symmetry in energy flow, between 
the time-domain and 3-space. 


Note also that, to the 3-space observer, this 4-symmetry is purely 
negentropic. It is a continuous and ongoing (and expanding) reordering of 
the vacuum energy, in the form of the reinterpreted Whittaker 
decomposition. 


We can easily engineer negentropy! Just make a little dipole, and nature 
happily starts pouring out energy and reordering part of the vacuum, with 
that reordering spreading at the speed of light, steadily increasing all the 
while. 


Reinterpreting Whittaker's marvelous decomposition tells us many things: 
(i) the source charge or dipole does indeed continuously receive and 
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absorb its input energy from the time domain, (ii) it continuously 
transduces its absorbed energy to real 3-space energy (as observed!), and 
(iii) it continually outputs its absorbed and transduced time-energy as 
3-space energy emitted in all directions in 3-space (as continually 
observed). 


So the terrible foundations problem of the source charge and source dipole 
is resolved, and the energy conservation law is maintained. 


We have also uncovered a most important thing: Given a little broken 
3-symmetry in EM energy flow, t-symmetry in EM energy flow is also 
broken. A more primary 4-symmetry {104} between time-energy flow and 
3-space energy flow emerges automatically. In short, every potential, 
every dipolarity, and every charge is such a broken 3-symmetry and an 
example of the new, preferred 4-symmetry of EM flow, with input flow in 
the time-domain (nonobservable!) and output flow (as continually 
observed in a series of 3-snapshots) in all directions in 3-space. 


This also resolves the logical cause and effect problem for observation. 


This 4-symmetry is a purely negentropic process, once the dipole is 
established! Well, we should have known that from the gauge freedom 
axiom in gauge field theory anyway! That axiom says that we can change 
the potentials anytime, freely and at will. In electrodynamics, that means 
we can change the potentials at will, anytime we want to. But that means 
we can freely change the potential energy of a Maxwellian system at will, 
whenever we wish. It costs nothing — at least in theory; in the real world 
we have to pay a little for switching — to suddenly potentialize an EM 
system, prior to the time the Drude electrons relax and current flow begins. 


I have applied this great new 4-symmetry in EM energy flow, that is freely 
evoked and persists indefinitely after one pays a little to make the dipole 
and thus produce a little broken 3-symmetry, to produce EM energy freely 
from the vacuum. Without going into it, I refer you to our forthcoming 
papers {105}. Indeed, we can use this negentropic process to extract as 
much EM energy from the vacuum as we wish, anywhere, anytime, for 
peanuts. Let us now move to discuss that area. 


First, we point out another astounding result that comes from resolving this 
"source charge and source dipole" foundations problem. 


Generators do not use any of the shaft energy input to them — even in 
transduced form — to power their external circuits! A generator itself does 
not add a single watt to the power line, and neither does a battery's 
chemical energy dissipation add a single watt to its attached circuit. 


65 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 





Neither does burning all those hydrocarbons, consuming all those nuclear 
fuel rods, building all those dams, etc. to provide our conventional power 
systems and grid. None of that enormous destruction of the biosphere and 
pollution of it has ever directly produced one watt on the electrical power 
line. 


Just follow the energy flow, in light of what we now know. Here's how it 
works. 


Typically, we burn some fuel to boil water and make steam, and use the 
steam to power a steam turbine, which forcibly rotates the shaft of the 
generator, thereby inputting mechanical shaft energy into the generator. So 
far, so good. That took care of all the hydrocarbon burning and fuel rod 
consuming, extracting and transporting the oil, etc. 


This input of the shaft energy forcibly rotates the rotor against internal 
resistance, forming an internal magnetic field. Assuming a 100% efficient 
generator with no internal losses whatsoever, this means that the 
mechanical shaft energy input has now been totally transduced into 
internal magnetic field energy. 


So what does that magnetic field energy do? It is totally dissipated upon 
the internal charges of the generator, performing work on them and forcing 
the positive charges in one direction and the negative charges in the other 
direction. That dissipation of the energy in the internal magnetic field 
forms a source dipole inside the generator, connected to the terminals. 


And that is all the generator does. Period. None of the energy transduced 
from that shaft input, went roaring out of the terminals and down through 
space outside the conductors of the power line. Not a single watt. So let us 
turn to particle physics to find out what happens next, because it does not 
yet appear in the electrodynamics model, even though proven. 


The internal source dipole, once formed, is a great broken symmetry in the 
vacuum flux, as we discussed and as is well known in particle physics. But 
the proven and well-known vacuum interaction with the generator and the 
dipole charges is not even modeled in the classical EM theory used by the 
scientists and engineers to build electrical power systems — much less a 
broken symmetry in that active exchange! That's atrocious, since it's been 
proven in particle physics for nearly a half century, Nobel prizes awarded, 
etc. But the hoary old 137-year old Maxwell-Heaviside model, further 
curtailed by Lorentz symmetrical regauging, does not incorporate what has 
already been proven in physics. /t does not accurately model the situation 
as it is and as it is known to be. 
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Let us continue. 


Once that dipole is formed, it extracts enormous EM energy from the 
vacuum, and pours it out of the terminals of the generator, filling space 
surrounding those conductors of the attached external power line. It is a 
huge EM energy flow, trillions of times larger than what we account after 
Lorentz taught us to disregard almost all of ie 


Only the tiny little bit of that EM energy flow in space along and 
surrounding the conductors — the little "boundary layer" that skims down 
the surface of the conductors — will strike the surface charges in the 
conductors and get diverged into them to potentialize the Drude electrons 
and "power the power line and its circuits and loads". All the rest of the 
giant EM energy flow in space surrounding the conductors, and generally 
parallel to them, misses that power line entirely and is just wasted. 


Check the original papers by Poynting {4a, 4b} and by Heaviside {5a, 5b, 
5c}, who independently discovered the flow of EM energy through space 
(as if continually observed!) in the 1880s, after Maxwell was already dead. 
I can furnish the citations required. From the beginning, Poynting only 
considered that component of the energy flow that actually enters the 
circuit. He considered only the "boundary layer" right on the conductor 
surfaces, so to speak. 


Heaviside considered that component that enters the circuit, and also 
uncovered and recognized the gigantic component in the surrounding 
space that does not enter the circuit but misses it entirely and is wasted. 
[Added] Here is Heaviside's {106} own statement: 


“Tt [the energy transfer flow] takes place, in the vicinity 
of the wire, very nearly parallel to it, with a slight slope 
towards the wire... .. Prof. Poynting, on the other hand, 
holds a different view, representing the transfer as nearly 
perpendicular to a wire, i.e., with a slight departure from 


37 However, contrary to what is in the textbooks, E 3? H energy flow is not in 
observable EM field form E and H until it interacts with charge. Instead, the flow is 
in the form of virtual energy currents in the vacuum. We point out that the fields E 
and H utilized in the Poynting energy flow theory are effects and not causes. They 
are rigorously defined as E and H only after the causal 4-fields have interacted with 
charge. E.g., E is “defined” as force per unit point massive charge — i.e., as the 
force created by interaction of the “vacuum field” (curvature of spacetime) with a 
unit point charge. No unit point charge interaction, no force or force field intensity 
per interacting unit point charge. 
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the vertical. This difference of a quadrant can, I think, 
only arise from what seems to be a misconception on his 
part as to the nature of the electric field in the vicinity of 
a wire supporting electric current. The lines of electric 
force are nearly perpendicular to the wire. The departure 
from perpendicularity is usually so small that I have 
sometimes spoken of them as being perpendicular to it, as 
they practically are, before I recognized the great 
physical importance of the slight departure. It causes the 
convergence of energy into the wire.” [End of Added]. 


But Heaviside had absolutely no explanation for the enormous and 
startling magnitude of this energy flow that "misses the surface charges of 
the conductors and is wasted". You can see an elementary illustration of 
the "point intensity" of this Poynting diverged energy flow component in 
Kraus {107}. Kraus's figure 12-59, p. 576 shows a good drawing of the 
Poynting component being withdrawn from the total EM energy flow 
filling all space around the conductors [see our Figure 1-1 in the present 
chapter].** Most of that available energy flow is not intercepted and thus 
not diverged into the circuit to power it, but just "wasted." The remaining 
huge component discovered by Heaviside is not shown on Kraus's 
diagram. Kraus's numbers on the contours represent the amount of power 
(watts per sq meter) being withdrawn from each contour, by the very 
limited axial movement of the electrons and the very ends of their 
associated fields into the wire.” 


38 The energy flow in space near the surface of the wires strikes the surface 
electrons and their fields, potentializing them and creating a force field with respect 
to inner electrons. This drives the surface electrons axially into the wire, since they 
can only move down the wire with the drift velocity, nominally on the order of a few 
inches per hour. The short inwards drawing of those small portions of the fields and 
of the increased potentials attached to the charges that move into the wires, interacts 
with the internal charges in the interior of the wire, powering the Drude electrons 
throughout the conductor and the circuit. For a discussion of the importance of the 
surface charges, see J. D. Jackson, "Surface charges on circuit wires and resistors 
play three roles," Am. J. Phys., 64(7), July 1996, p. 855-870. 


* Obviously the increased fields on the withdrawing surface charges reach toward 
infinity radially outward from the wire. Thus most of this increased field on a 
withdrawing electron remains outside the wire, radially reaching toward infinity, 
since the electron and its field cannot be withdrawn further than the diameter of the 
wire. As the surface charges and their fields change in Jackson's discussion, 
obviously those distant parts of the field remain outside the conductors. Hence there 
remains an extensive field and field energy outside the conductors and the circuits 
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So Heaviside {106} spoke cautiously of the angles and relative directions 
of the flow components; he did not wish to be scientifically destroyed for 
pointing out such an inexplicably large EM energy flow, far larger than the 
known energy input to the generator. There was then no such thing yet 
discovered as the electron, the atom, the nucleus, special relativity, general 
relativity, quantum mechanics, the active vacuum, etc. Poynting {4a, 4b} 
never even thought of the "nondiverged component that misses the 
circuit", nor did he consider it. 


Lorentz, however, understood the extra Heaviside component and its vast 
magnitude, but he also could not explain it in any fashion. Even the great 
Lorentz could not risk publishing or advocating such an enormous energy 
flow, lest he be called a "perpetual motion nut" and destroyed. So he 
reasoned that, since that stupendous nondiverged energy flow component 
misses the circuit and powers nothing, it has "no physical significance" 
(his words). 


Jackson in his famous 1975 Classical Electrodynamics, 2nd edition, uses 
essentially the same phrase {108a} as did Lorentz. And so do most other 
electrodynamicists. 


So Lorentz {109} originated a little trick of integrating the energy flow 
vector itself around a closed surface surrounding any volume element of 
interest. Obviously, that zeros all nondiverging EM energy flows — 
including precisely that inexplicable and enormous Heaviside "dark 
energy" component. The integration trick does retain that small, diverged 
Poynting component that enters the circuit. In addition, our instruments 
measure energy dissipation from the circuit, and the energy has to enter the 
circuit to be dissipated from it. So our instruments and their measurements 
will indeed agree with the Poynting energy flow component. Lorentz thus 
arbitrarily discarded accountability of trillions of times as much EM 
energy flow as was retained and accounted. 


In a later book by Lorentz, one can see that little trick {109} that is still 
used by electrodynamicists {110}. 





that is never drawn into the wire. Additional separate receiver circuits with resistive 
loads, adroitly placed in this "externally remaining" field energy flow, can be made 
to intercept additional EM energy and will perform additional work in those external 
loads in the secondary circuits, separate from powering the loads in the primary 
circuit. 
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The Lorentz trick does not cancel the actual flow of the Heaviside dark 
energy component around every circuit! It just drops it from any 
accountability. 


Indeed, we do precisely a similar thing for the "field" and the "potential". 
There is not a single text in the U.S. that calculates the magnitude of the 
field itself, prior to point interaction. Instead, we are taught to calculate the 
reaction of that field at a point in it, with a unit point static charge at that 
point. In short, we calculate what is actually locally diverged from the 
field or potential by that little point static unit charge, and call it "the 
magnitude of the field". At best, it is indicative of the field intensity at a 
point, because we have prescribed the magnitude of the static point 
charge's reaction cross section with the field, not the overall magnitude of 
the entire field itself. Another major non sequitur! By identifying the 
"field" as "that which is diverged from it", we gravely err. We do the same 
for the potential, again using its reaction cross section for a unit point 
charge at a point in the potential. 


There is hardly a living electrodynamicist, it seems, who has calculated the 
magnitude of the field itself, or of the potential itself! All calculate the 
respective reaction cross section (and the static reaction cross section at 
that!) and erroneously call that the "magnitude of the field" or the 
"magnitude of the potential". It is no such thing. No thing filling all space 
is identical to a little something diverted from one point in itself, else we 
discard all logic. 


Now we can return to our source dipole and its extraction of an enormous 
energy flow from the vacuum, once we account for the long-neglected (for 
more than a century) Heaviside dark (nondiverged, unaccounted) energy 
flow component. That is the essence of one of my papers {111}. 


The easiest thing in the world to do is to extract enormous usable EM 
energy flow from the vacuum, from the time domain. Every circuit and 
every electrical power system already does it, and every electrical power 
system is powered by vacuum energy, not by burning all that coal, oil, etc. 
None of that does anything to actually power the circuit. It only makes 
dipoles. 


If you will check the characteristics of the ubiquitous closed current loop 
circuit, you will discover a diabolical thing: that closed current loop circuit 
forces all the spent (depotentialized) electrons from the ground return line 
back through the source dipole (back through the back emf). It is easily 
shown that precisely half the energy collected in the circuit from that 
feeble Poynting energy flow component is then used to perform work on 
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those dipole charges and scatter them, thereby destroying the source dipole 
and abruptly shutting off all energy extraction from the vacuum. The other 
half of the collected Poynting energy is dissipated in the external loads and 
losses. That means that half the collected Poynting energy is used to kill 
the source dipole, and less than half is used to power the loads {112}. 


Well, we must input at least as much energy (assuming a 100% efficient 
generator with no losses) to the shaft of the generator to restore the dipole, 
as was uSed to destroy it. This means we shall always have to input more 
energy to the generator shaft, than we get dissipated in the loads. 


That is precisely what is responsible for our ubiquitous COP<1.0 systems. 
COP 1s Coefficient of Performance, and is the average load power output 

in the external circuit divided by the average shaft power we pay to input 

to the generator. 


COP < 1.0 comes from (i) the ubiquitous usage of the closed-current-loop 
circuit, and (11) the prevailing notion that electrical power systems far from 
equilibrium in their energetic exchange with the active vacuum are 
impossible to build. In fact, every electrical power system 1s already just 
such a COP > 1.0 system, as far as the energy flow out of the generator or 
battery — compared to the shaft input energy to the generator or battery — 
is concerned. 


As is well-known in the thermodynamics of open systems far from 
equilibrium with their active environment (in this case, the active vacuum), 
such a system is permitted to: (1) self-organize, (2) self-oscillate or self- 
rotate, (3) output more energy than the operator himself must input to the 
system (the excess energy being freely received from the active 
environment, in this case the active vacuum), (4) power itself and its loads 
simultaneously (all the energy being freely received from the active 
environment, in this case the active vacuum), and (5) exhibit negentropy. 


But by designing all our systems so that they use more of their collected 
energy from the vacuum to kill their source dipoles than they use to power 
their loads, we have foolishly wasted the planet's resources, vastly 
overcharged the consumer, artificially created a great energy crisis, 
fomented wars for precious oil and other energy resources, polluted the 
planet, enhanced global warming, and strangled species. 


In short, we pay the power company to have a giant wrestling match inside 
its generators and lose! And we pay our electrical engineers to keep 
designing and building such asinine systems! 
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This sad state of affairs is what is now upon us as a great and increasing 
energy crisis, polluting and destroying the biosphere, etc. and threatening 
to eventually collapse the world economy. 


It is astounding that, since the basis for the above has been in physics for 
nearly a century (Whittaker decomposition) and for nearly a half century 
(broken 3-symmetry of the source dipole, as well as the active vacuum), 
the hoary old classical EM model has not been updated to incorporate what 
has already been proven in particle physics. Such is inexplicable and 
unconscionable. 


It is also astounding that no electrical engineer realizes that energy 
extracted from the vacuum powers every electrical power system, and few 
if any professors are aware of it either. 


This is where your cogent realization of the terrible non sequitur in that 
atrocious "wave in 3-space" standard diagram leads. 


Our AJAS (Alpha Foundation's Institute for Advanced Study) advanced 
theorists now have a series of papers published in the hard literature 
pointing out the feasibility of extracting EM energy from the vacuum 
{113a, 113b}. About 20 other AIAS papers along such lines or related 
have been submitted to the various journals and are in the referee process. 


I just wanted to contact you informally and, for your personal information, 
show you how perceptive and correct your objection to that atrocious 
diagram is. You have lifted the corner of the veil on electrodynamics' 
confusion between effect and cause, with effect being widely used as the 
cause. The entire notion of a "separate force" acting on a "separate mass" 
in mechanics is also a non sequitur. If we define force as F 1 u/ut(mv), 
then we see that mass is a component of force! So here is another major 
and uncorrected non sequitur. This one was also largely responsible for the 
dichotomy of the field concept, where the "same field" is used in both a 
force (mass-containing) manner and a force-free (without mass) manner, as 
if the two were the same! 


I very much enjoyed your editorial, and would urge you to publish 
additional material along that same vein. You are striking at the very heart 
of the problem, and every bit of insight and change in those terrible non 
sequiturs will result in enormous progress in electrodynamics and physics. 


Sincerely, 


Tom Bearden, Ph.D. 
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Lt. Col., U.S. Army (Retired) 
Director, Association of Distinguished American Scientists 


Fellow Emeritus, Alpha Foundation's Institute for Advanced Study 
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Chapter 2 


Background and Concepts 


[Hypotheses made without realizing that they are being 
made] ...are what Poincare has called "unconscious" or 
"natural" hypotheses — a type which one hardly ever 
challenges, for it seems too unlikely that we could make 
progress without them. Nevertheless it should be the 
endeavor ofthe physicist always to drag them out into the 
light ofday, so that it may be perfectly clear what we are 
actually doing." [Lindsay and Margenau] {114} 


"Equilibrium states are the only ones that are capable of 
explicit analysis in thermodynamics..." [Lindsay and 
Margenau] {115} 


"Non-equilibrium conditions cannot be specified by 
variables ofstate, and their entropy cannot be computed. 
...the condition of equilibrium is the condition of 
maximum entropy. " (Lindsay and Margenau] {116} 


2.1 Comments on the Foundations of Classical 
Electrodynamics 


2.1.1 Faraday, Maxwell, Quaternions, and Heaviside 

For our purposes, we start with the important experiments of Faraday 
{117}, which produced experimental integration of electricity and 
magnetics {118}. Faraday's own work contained very little mathematics, 
and so he himself did not capture his own seminal experimental work in 
adequate theoretical fashion. That task was undertaken by James Clerk 
Maxwell {119a, 119b}, who deliberately set about to capture Faraday's 
results in a proper mathematical theory, using quaternion-like and vector 
expressions. Of the quaternion algebra, Maxwell had this to say {120}: 


"_..the virtue ofthe 4nions lies not so much as yet in 
solving hard questions as in enabling us to see the 
meaning ofthe question and its solutions. " 
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Quaternion algebra {121a, 121b} is an advanced algebra created by 
William Rowan Hamilton, brilliant Irish mathematician. Hamilton was 
widely regarded as a "new Newton" by his peers. Hamilton coined the 
word "vector", wrote two books on quaternions, and hoped the books 
would find extensive use in physics. Vectors and tensors later came to 
suffice for most problems of that day, and so quaternions faded to the 
background. 


Hamilton also grasped the importance of a science of time, and realized 
that such a science was possible. E.g., in 1837 Hamilton stated: 


"The notion oftime may he unfolded into an independent 
pure science... a science ofpure time is possible." 


In that statement, Hamilton anticipated that a physics model can be 
comprised using only a single fundamental unit, and that unit could be the 
second. 


In the early 1890s, quaternions in electrodynamics were discarded in a 
short "debate", mostly in the journal Nature, and vector electromagnetics 
was adopted. So Maxwell's 20 quaternion equations {20} in some 20 
unknowns contain a wealth of electrodynamics {122} that is not included 
in Heaviside's {123} later vector curtailment after Maxwell's death, or in 
the modern tensor formulation. As an example, Nikola Tesla's patented 
circuits cannot be properly understood in either a vector EM or tensor EM 
analysis. However, very novel functions performed in them can be seen in 
a quaternion EM analysis, as has been clearly shown by Barrett {124}. 
Any electrodynamicist, who has looked at Tesla's work only in terms of 
tensor or vector classical electrodynamics, has no concept of what Tesla 
was actually doing. Since that is precisely how most academics have 
examined Tesla's work, they have had little idea ofthe functions he was 
actually able to accomplish in circuits — functions that U.S. electrical 
engineering departments still cannot perform. 


Along with other electrodynamicists at the time, Faraday and Maxwell 
believed in a material ether — a thin material fluid filling all space. Hence 
there was thought to be no point in the universe that was devoid of mass. 
For that reason, the EM field conceived in mass and the EM field 
conceived in "space" — actually, in the "luminiferous ether" thought to fill 
all space — were identically force fields and material entities, at least in 
the minds of the electrodynamicists at the time. The equations of Maxwell, 
the later truncation by Heaviside and others, and the final truncation by 
Lorentz are all still material fluid flow models. They still assume the 
material luminiferous ether, more than a century after its falsification. 
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See again Figure 1-3 in Chapter 1. Contrary to the conventional view, 
force is not a fundamental causative entity, but is a system oftwo coupled 
entities. It involves a nonobservable, dynamic, causative 4-space entity 
(which may be modeled as a curvature of spacetime) interacting with a 
previous "frozen" observable (a 3-space mass). The output of this 
interaction is another observable (i.e., a change to the previous observable 
or an iterative output ofits replica). Observables do not continuously exist, 
but continually recur as continual outputs of the iterative observation 
process (photon interaction). 


Mass is a component of force, as is apparent if we define force F as 

==d/dt(mv), which gives F = m(dv/dt) + v(dm/dt). Both terms on the 
right of the expansion contain mass; hence force F contains mass as a 
component. Both terms on the right also contain nonmass terms; hence 
force F also contains nonmass coupled to and interacting with mass. So 
there can be a force generated by a nonmassive non-force entity in 
spacetime interacting with a mass, and the force only exists when that 
interaction is ongoing. The ether was erroneously considered to be a 
material system, containing mass, and hence capable of supporting a force. 
Maxwell modeled his fields (in what we know today to be mass-free 
space) as material force fields in the material ether. 


In the 1880s, the Michelson-Morley experiments {125a-125d} destroyed 
the material ether. However, the fundamental Maxwell-Heaviside 
equations assuming those material force fields in the vacuum — which 
depended on the notion of a material ether and are a function of it — have 
never been altered, even to this day. Instead, electrodynamicists just 
assume the force "somehow" goes to zero in the field in space, but the 
same field remains. The equations still assume the same old material ether. 


This is a non sequitur; a force field cannot be the same as a force-free non- 

force field. As an example, the EM force field in observable matter is an 
output of observation. It is therefore a 3-space effect containing mass. The 
force-free field in mass-free spacetime (4-space) is a causal 4-space 
component of massless spacetime. A priori, it exists prior to interacting 
with the charged mass. It contains no observable mass and hence no force 
since mass is a necessary component of force. It independently exists 
without the presence ofthe charged mass at all. 


In short, the field in massless spacetime is a specialized curvature 
(changed region) of that spacetime. Spacetime consists of spacetime, to 
slate a tautology. Once one fixes the concept of the medium, then any 
changes to the medium can only consist of "medium-stuff. So any 
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"changes" in spacetime can only be changes of 4-space itself, in the 
Einstein general relativity sense. This area is handled quite well by Sachs' 
unified field theory {126a, 126b}, extending and completing the work of 
Einstein. 


Sachs' epochal theory provides a great generalization of general relativity 
and electrodynamics reaching from the quarks and gluons to the entire 
universe. Further, Evans' extension of electrodynamics into a higher 0(3) 
group symmetry turns out to be demonstrably a special subset of Sachs' 
electrodynamics.” Hence, for the first time, an electromagnetically 
engineerable unified field theory is available. Much of general relativity, 
quantum mechanics, etc. can be engineered directly by Evans' 
electrodynamics subset of Sachs' overall unified field theory. I am much 
indebted to Evans {127} for the following statement with respect to O(3) 
electrodynamics: 


"In 1992 it was shown (Physica B. 192, 227, 237 (1992)] 
that there exists a longitudinal component of free space 
electromagnetism, a component which is phaseless and 
propagates with the transverse components. Later this 
was developed into a Yang-Mills theory of 
electromagnetism with O(3) Lagrangian symmetry. This 
theory is homomorphic with Barrett's SU(2) 
electrodynamics and has far reaching implications infield 
theory in general. Recently it has been recognized to be a 
sub theory ofthe Sachs theory ofelectromagnetism, based 
on the irreducible representations ofthe Einstein group of 
general relativity.’ The Sachs theory produces a non- 
Abelian structure for the electromagnetic field tensor. The 
O(3) electromagnetism also has implications for the 
potential ability of extracting energy from the vacuum, 
and its topological implications are currently being 
investigated by Ranada. The O(3) electromagnetism has 
been tested extensively against empirical data, and 
succeeds in describing interferometric effects and 


4 E.g., see M. W. Evans, "The Link Between the Sachs and 0(3) Theories of 
Electrodynamics," in M. W. Evans (Ed.), Modern Nonlinear Optics, Second Edition, 
Wiley, 2001, part 2, p. 469-494. 


41 Evans et al, "Derivation of 0(3) Electrodynamics from the Irreducible 
Representations ofthe Einstein Group," Found. Phys. Lett., 15(2), Apr. 2002, p. 179- 
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physical optical effects where the conventional Maxwell- 
Heaviside theoryfails. Implicit in both the O(3) and Sachs 
theories ofelectromagnetism is the ability to extract 
electromagnetic energy from curved space-time. Working 
devices based on this ability would help solve the current 
energy crisis." 


2.1.2 Mass Is a Component of Force 

The dichotomy of using the field concept in two mutually contradictory 
fashions as something massless and also as something massive — still 
unresolved in electrodynamics — is clearly summarized by Jackson's 
important statement {128} ofthe prevailing view: 


"Most classical electrodynamicists continue to adhere to 
the notion that the EM force field exists as such in the 
vacuum, but do admit that physically measurable 
quantities such as force somehow involve the product of 
charge and field." 


In trying to rationalize the "massive field versus massless field" 
dichotomy, Jackson {129} also states: 


"_..the thing that eventually gets measured is aforce..." 
"At the moment, the electric field can be defined as the 
force per unit charge acting at a given point." 


Actually, field is not force, so cannot be force per unit charge. Field 
produces force when it interacts upon charge. Causing something as an 
effect, but then being that same effect identically, is a confusion of cause 
and effect and a non sequitur. 


We point out that spacetime is charged, but with observably massless 
(virtual) charge. So the field in spacetime is observably massless and 
therefore observably force-free. That massless field then interacts with an 
observable massive charge in the "observable" world, to create an 
observable force and an observable forcefield. In space, from a quantum 
mechanical view we may consider the field to have virtual force x time, 
since the field may be regarded as a curvature of spacetime acting upon the 
virtual charged masses in the ever-bubbling virtual particle fluctuations of 
the vacuum permitted by the Heisenberg uncertainty principle. 
Nonetheless, that is only the "potentiality" for an observable force, as 
pointed out by Feynman and Wheeler, should the field — including its 
interactions with the virtual charges of the vacuum to produce forces and 
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accelerations on those virtual particles — interact upon an observable 
charged mass. 


Obviously, the force-free field as a product of spacetime curvature and 
massless (virtual) charge, and the force field as a product of that 
observably force-free field but virtual force field (in the vacuum) with 
observable charged mass, cannot be the same thing. Assuming they are the 
same assumes an oxymoron, and confuses cause and effect. This illustrates 
the continuing dreadful foundations difficulties propagated in classical 
electrodynamics. 


To resolve these EM foundations difficulties so long maintained and 
cherished as dogma, the scientific community at the highest priority should 
(1) fund extensive and rapid work by our very best theoreticians and 
foundations physicists to heal these century-old festering sores, (2) extend 
electrodynamics back to a higher group symmetry theory, as in O(3) EM 
theory for example, and (3) provide a rigorous dictionary of science 
foundations concepts and terms which does contain valid definitions and 
full discussions — clearing misdefinitions and disinformation now notable 
in the electrodynamics literature. 


Nobelist Feynman, co-founder of quantum electrodynamics, was careful to 
state the notion ofthe field in mass-free space very differently. Quoting 
Feynman {130}: 


"_..the existence ofthe positive charge, in some sense, 
distorts, or creates a "condition" in space, so that when 
we put the negative charge in, itfeels aforce. This 
potentiality for producing aforce is called an electric 

field." 


Feynman's imagery clearly invokes a "distortion condition in spacetime" 
{131}, eventually coupled to a charged mass and interacting with it — and 
then one has a force and a force field. He erred in still somewhat making 
the force separate from the charged mass, in the phrase "it feels a force" — 
which ignores the fact that the mass ofthe interacting charge is a 
component ofthe force, not separate from it and not "feeling it as a 
separate external thing". He pointed out that the field in spacetime 
represents only the potential for a force field, if a charge should be placed 
there. And he points out that the field is a "condition in space" — in the 
full sense, a condition in spacetime. 


We comment that, in a sense, spacetime and vacuum may be considered 
one and the same. Vacuum contains many fluctuations and virtual state 


80 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


dynamics, all of which are curvatures of spacetime or produce curvatures 
of spacetime. Vacuum has energy density, and is therefore a potential. This 
energy density has dynamics, so the ambient vacuum potential has 
dynamics, and so therefore does spacetime {132}. 


However, a dynamic of the potential is precisely what a field is. It follows 
that dynamics of spacetime are what fields are. So fields (as force-free 
entities in spacetime) may be taken more accurately as the dynamics of the 
vacuum-spacetime, or as dynamics of the ambient vacuum-spacetime 
potential, or as dynamics of the ambient curvature of spacetime. 


Again quoting Feynman {133}: 


"We may think of E(x, y, z, t) and B(x, y, Z, t) as giving the 

forces that would be experienced at the time t by a charge 
located at (x, y, Zz), with the condition that placing the 
charge there did not disturb the positions or motion ofall 
the other charges responsible for the fields." 





Here Feynman very clearly shows that E and B involve functions of 
spacetime (x, y, z, t) only, prior to interaction, but do not physically exist 
until interaction with charge has occurred. But he has not quite yet 
completely eliminated the "force field" as a separate force acting on the 
charged matter independently. This centuries-old fundamental mistake in 
mechanics — that force is independent of and external to mass — has 
simply been propagated into electrodynamics, without correction. 
Physicists such as Feynman and Wheeler have been trying very hard to 
correct it. 


The observed/measured force field is an output of observation, and 
observation is a d/dt operator imposed upon spacetime LLLT. All 
observables are 3-spatial, and any observation is an instantly frozen 
"3-space snapshot" at a single point in time. A single observation has no 
temporal existence apriori, since it is only an instantaneous 3-space 
snapshot existing at one moment only. Hence an observable — being 
3-spatial and frozen — does not persist as such in time. Indeed, the next 
instant after an observation, that particular snapshot does not exist any 
more. [Refer again to Figure 1-3 in Chapter 1]. 


2.1.3 Mechanism for the Flow of Time and Related Matters 
It is well recognized that the nature of time is itself an unresolved 
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question. For our purposes, we are interested in the energetics” approach. 
So we apply that approach to arrive at a mechanism generating the 
"flow of an object through time". First we will choose our fundamental 
units. 


2.1.3.1 Getting Creative with Fundamental Units 

In physics, the choice of fundamental units one chooses for one's model is 
arbitrary. Usually mass, length, time, and charge are used, but a perfectly 
valid model can be generated using only a single fundamental unit. 


This is well known to modern physicists and leading electrodynamicists, 
but sometimes comes as a shock to electrical engineers! Jackson {134} 
expresses it very succinctly: Quoting: 


"For example, theoreticalphysicists active in relativistic 
quantum field theory and the theory ofelementary 
particles find it convenient to choose the universal 
constants such as Planck's quantum ofaction and the 
velocity oflight in vacuum to be dimensionless and ofunit 
magnitude. The resulting system ofunits (called ‘natural’ 
units) has only one basic unit, customarily chosen to be 
length. All quantities, whether length or time orforce or 
energy, etc., are expressed in terms ofthis one unit and 
have dimensions which are powers ofits dimension. There 
is nothing contrived or less fundamental about such a 
system than one involving the meter, the kilogram, and the 
second as basic units. It is merely a matter of 
convenience." 


So let us consider what happens if we use the joule as the single 
fundamental unit for a model of physics. Then each ofthe entities "mass", 
"length", "time," and "charge" will become totally a function of energy. 
Since the dawn of relativity and the nuclear age, the notion that "mass is 
energy" is no problem, and everyone is familiar with Einstein's E = mc’. 
Solving for m in that expression, one realizes that spatial energy E has 
been compressed by the factor c’, to yield what is called "mass m". More 
rigorously, compressing the 3-space energy by the factor c , and then 
leaving it in 3-space, produces what we call "mass". However, if we 


” Energetics is an old term from the early birthing days of electrodynamics. Russian 
scientists resurrected the term to cover their use of an expanded electrodynamics in a 
unified field-engineering manner, particularly in new superweapons developed and 
tested after WW II and deployed in 1963 and subsequently. 
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remove it from 3-space and place it over on the fourth Minkowski axis ict, 
it becomes what we call "time" because ft is the only variable in ict. Hence 
time has or can have similar energy density to mass. Specifically, 

1 sec => 9x10'° joules of spatial EM energy, when transduced 
(decompressed) into spatial energy by a transducing charge. 


In our new model using only the joule for our fundamental unit, we can 
also legitimately state that "time is energy", and be rigorously accurate. In 
that case, we must see what happens to 3-space EM energy when it is 
shifted to the time domain. 


First, we take "EM energy in 3-space" as EM wave energy, in the usual 
transverse EM wave model (see Figure 14 of Chapter 1) ofa field entity. 
We choose, say, the vector E oscillating in the x-direction, and another 
field entity (say, the vector B) oscillating in the y-direction. If we then 
rotate each ofthese vectors into the time axis, then that is an orthogonal 
rotation for each, which is what the velocity c actually is. So we have to 
do two orthogonal rotations, and the two resulting c's multiply to give c’. 
With these two orthogonal rotations into the time axis, we have completely 
rotated the EM field wave energy vectors into the time axis. We have also 
compressed that EM field energy by c’. 


Hence "time as energy” is just EM spatial energy compressed by the factor 
c’, but rotated into the time-axis as "time" rather than remaining in 3-space 
as "mass". Again, by this second analogy time has the same energy density 
as mass, but the highly compressed spatial energy has been rotated into the 
time domain to "produce time" rather than remaining in 3-space to 
"produce mass" {135}. 


This sheds new light upon the scalar (time-polarized) photon of quantum 
field theory. Note that, prior to compression of the wave energy into time, 
the magnitude of the electric field E in the EM wave was oscillating 
lengthwise along its x-direction, which means that, with respect to x, it 
was a longitudinal EM wave. A similar consideration exists for the 
oscillation of the magnitude of B in the y-axis. Along the time-axis, we 
also have a "time-energy"” vector having magnitude, and the magnitude of 
that time-energy can only vary along the time axis. Oscillating the time 
energy produces a longitudinal EM wave in the time dimension (on the 
fourth axis). What is actually varying is the time-density itself. This is a 
time-polarized or scalar EM wave, where by use of the term "scalar" we 
mean that it has no vector component in 3-space. In fact, this variability of 
time density produces a "galloping motion" in the speed of light itself, 
which has been recognized {136}. 
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We have uncovered a direct connection between the time-polarized EM 
wave (which can only oscillate its time-energy magnitude longitudinally in 
the time-domain) and the longitudinal EM wave in space. Such waves can 
only be observed when coupled or paired with an interaction existing 
between them, very similar to what Mandl and Shaw {167, 168} argue for 
the time-polarized and longitudinal photons of quantum field theory. 


Again see Figure 1-3 in Chapter 1. Any observable is an instantaneous, 
frozen 3-spatial snapshot (or 3-intersection) of a 4-dimensional ongoing 
event. "Observation" itself may be taken as a process where a d/dt operator 
is invoked upon 4-space (spacetime), leaving a purely 3-spatial output. 
However, the resulting observable does not "exist or persist in time", since 
rigorously it is what was "caught" in only a single, frozen "3-slice" at one 
single instant, forever fixed. 


For that reason, time is not an observable. It cannot be directly observed, 
even in principle, since apriori it is discarded by the observation process 
itself! 


For further work along such lines, we recommend the Sachs unification 
approach to a combined general relativity, quantum mechanics, and 
electrodynamics, generalized from a topological standpoint {126a, 126b}. 
To work electromagnetically in that theoretical approach, we recommend 
the 0(3) electrodynamics as extended by Evans {137a, 137b}. 


2.1.3.2. The Four Polarizations of Photons and EM Waves 

In quantum field theory, four polarizations ofa photon are recognized 
{138}. These are the x-, y-, z-, and /-polarizations, where x-, y-, z- and t- 
are assumed as the four dimensions in a 4-space. By agreement, z- is used 
as the direction of motion ofa free photon or an electromagnetic wave. So 
at least in theory, there must also be four polarizations of electromagnetic 
waves, even though not all these waves are yet experimentally known. 


The x- and y- polarizations are the familiar transverse photon and the 
transverse wave. The z- polarization along the line of propagation gives the 
longitudinal photon in 3-space and the longitudinal EM wave in 3-space. 


“Hereweareapplyingtheconventionalmodel of the"EM waveinspace",whichis 
knowntobeerroneousbutisinubiquitoususage.SeeRomer, {84} forascathing 
characterizationofthat erroneousmodelButherewearestuckwithit,sowilluseit 
as "just a model". 
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2.1.3.3. Imperfect Longitudinal EM Waves in 3-Space 

When attempting to produce longitudinal EM waves (LWs) in 3-space, 
from transverse EM waves (TWs) input to some sort of polarization 
transduction process, only imperfect LWs are produced and a residue of 
TW content remains. The resulting imperfect LW is referred to as an 
undistortedprogressive wave (UPW). Some work has been done on UPWs 
{139}. UPWs are expected to have remarkable characteristics including 
wave velocities either slower or faster than c {140}. 


The ¢- polarization in the time dimension is quite unique: The spatial 
energy overall is in equilibrium and not vibrating at all; instead, the energy 
of the photon or wave is vibrating in the time domain and therefore exists 
in the time domain. That is called a "scalar photon" (time-polarized 
photon). Its wave version does not yet seem to be known in the literature, 
although in 2000 we uncovered its secret hiding place {12}. It was 
unexpectedly hiding in Whittaker's {85} decomposition of the scalar 
potential in 1903, but had been slightly misinterpreted. 


2.1.3.4 Photons and EM Waves Carry Energy and Time 

On the other hand, the concept of "EM waves flowing in 3-space" may be 
in need ofa thorough overhaul {141}. A photon y is a "piece of angular 
momentum" in the form of y = (dE)(dt). Hence the photon carries an 
increment of spatial energy dE and also an increment of time-energy dt. 
The time-energy component (dt) may be regarded as ordinary spatial 
energy that has been compressed by the factor c” {142}. 


As can be seen, since c represents an orthogonal rotation in n-space, the 
multiplication or division by c and by powers ofc changes the 
dimensionality of an entity, as seen by the observer in the laboratory 
frame. 


So the photon transports two types of energy: (i) a "weak spring" (spatial, 
decompressed) energy dE, so to speak, and (ii) a "very stout spring” (time) 
energy dz, so to speak. 


When a mass m absorbs a photon (dE)(dt), the (dE) component is 
compressed spatially by c’, turning it into an extra amount of mass dm, so 
that the mass becomes (m + dm)*dt the same time, the (dt) component is 
joined, so that what results is (m + dm)*dt In short, mass m is changed to 
masstime mt by photon absorption. So in the absorption ofa photon y by a 
mass m, we have 


yt+m-> (dE)(dt) + m -> (m + dm)dt 
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In short, the mass m turns into masstime mt, by absorbing a photon, and 
masstime mt is as different from mass m as impulse Ft is different from 
force F. We point out that "mass" m alone does not even exist in time, but 
masstime mt does exist in time. This is proposed as a simple but 
fundamental correction to much of present physics. Further, the state "mt" 
is an excited, time-charged state, excited by very dense time-energy. 


For the simplest case, in the next instant the excited state mt decays and a 
photon is re-emitted, and so we have 


(m + Am) At — (AE)(At) +m > y+m [12] 


So emission of a photon changes the excited masstime state (time-charged 
state) back to mass (uncharged state with respect to time-charging), in the 
simplest case. 


See again Figure 1-3 in Chapter 1. "Observation" and "observable change" 
are in fact generated by the photon interaction. The total photon interaction 
with a mass creates the "flow of that mass" through spacetime, 
macroscopically as seen by the observer and microscopically in myriad 
streams of virtual time changes. Mass is continually charged to the 
masstime state, and the masstime state is continually decayed to the mass 
state. Time flow itselfthus has a myriad internal EM energy streams and a 
vast dynamic EM energy substructure. 


The photon itself is not observable, as it exists prior to interaction. It is 
thus a "causal" entity in 4-space. It is not a simple 3-space observed 
"frozen snapshot" particle! When the causal photon is absorbed, its spatial 
energy component goes through the c compression function, thus adding a 
small amount of new mass to the previous mass (previous effect), but 
simultaneously connecting its dt time-tail, so that the slightly increased 
mass in fact now exists as masstime and not mass. Observation has not 
been completed at that point. 


In the next instant, a photon is re-emitted (from masstime, never from 
mass!), in the simplest case removing that extra little mass increase and 
orthogonally rotating it back into 3-spatial EM energy, coupling that 
spatial energy increment dE to that "time-tail" dt and tearing it away as the 
photon is re-emitted. That leaves behind a frozen 3-space snapshot of the 
mass (the interacting particle) and completes the "observation". In the 
simple case, this is a replica of the previous particle (frozen 3-space 
snapshot) with which the causal photon interacted. So this process 
accounts for the so-called "persistence in time" of an object or mass, as 
seen by the observer's continual recall process accompanying his stream of 
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iterative observations. Mass does not continuously exist in time, but 
continually recurs in time. 


As is well known, what we call "observable" change must involve the 
expression in equation [13] in the fashion discussed and with the 
observation mechanism given. 


We first pointed out the preceding mechanism for the "flow of a mass 
through time” in 1971, as a graduate student at Georgia Institute of 
Technology, and later published it in a crude paper {143} in 1973. It still 
needs a far more thorough theoretical treatment, which perhaps some 
graduate student will take up as the subject of his or her doctoral thesis. 


2.1.3.5 Photon Interaction: Mechanism Generating Flow Through Time 
See Figure 2-1. Mass does not really "travel through time” continuously 
per se, but proceeds with an overall serial change mechanism as 


m > (mt) >m-> (mt)>m-.... [14a] 


where (mt) symbolizes a nonobservable ongoing "coupled" interaction 
state prior to observation completion. Equation [14a] represents the results 
of the continual photon interaction process, observation process, and "flow 
of a mass through time” process, at the highest single-photon interaction or 
quantum change level, and as "seen" or measured by the external observer. 


ont 
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Figure 2-1 Mechanism for the flow ofa mass through time. 


Also, in that overall quantum level "flow" there are anyt number of 
ongoing streams and "sublevels" in the underlying subquantum level (in 
the virtual vacuum and in its virtual photon interaction with observable 
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mass). We might write one ofthese "internal time-stream interaction flow 
substructures" as: 


(Sm) — (6mt) > (5m) > (mt) > (bm) > [14b] 


In equation [14b] we have used parentheses, because all terms individually 
are nonobservable. We hypothesize that each stream continues until one of 
its terms participates in a summation which eliminates it by enfolding it 
into another interaction. 


When a mass is observed as in [14a], a photon has been emitted (we 
observe the mass as the "effect" remaining). Time has been stripped away 
by the resulting d/dt operation, leaving a frozen 3-spatial snapshot, which 
we will see as (having been) a particle (simplest case). That occurs just 
after major ("observable") photon emission from the masstime state {144}. 
Immediately another observable photon is absorbed, and so state mt 
occurs. The particle of mass actually oscillates at a very high rate between 
the m and mt states — so high a rate that by arranging the interaction 
conditions one may interact with it either as a wave (react predominantly 
in the mt state) or as a corpuscle (react predominately in the m state). 


Hence we propose that the process in [14a] may account for the duality of 
particle and wave. 


2.1.3.6 The Overall Flow of Time Has an Internal Dynamic Structure 
During the transition in any mass to masstime state by reaction of the mass 
with an "observable" photon, a myriad of fleeting virtual photon 
interactions involving very tiny (dE) (dt) components occurs with the mass 
m. These tinier increments of time, and their increments of energy, 
constitute internal structures in the time flow process. Therefore they may 
be considered as "energy currents" or "time-like energy currents” and 
dynamic structures or streams inside the flow of time. This is particularly 
straightforward if we use a model having only a single fundamental unit, 
the joule. In that case, time is energy, and we are speaking of energy flow 
and its constituent internal structures of energy flow. 


So the dt component of masstime at the observable-photon action level has 
a myriad of energy-time structured dynamics infolded within it. Hence the 
mt state is very dynamic in time, particularly for fundamental particles. 
The mt state is in fact a "collection of time-energy dynamics" and therefore 
"wavelike". 


See again Figure 2-1. A major point is that mass does not emit a photon; 
masstime does. Mass "travels through time" by an extremely high 
oscillation between corpuscle-like state m and wavelike state mt, and with 
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a vast internal "dynamic streams" of other such high oscillations between 
corpuscle-like m states and wavelike mt states. 


The concept can be very much extended, of course, but this suffices for our 
concept of energy currents in time, the interaction of such energy currents 
with mass in a mass system, and the internal dynamic structuring of the 
"flow of time”. 


This internal structuring is important in the event of "time-energy" 
charging. There the internal structure of time has experimental 
consequences. We will discuss those consequences in later chapters. 


2.1.4 The Ubiquitous Substitution of Effect for Cause 

See Figure 1-3. To repeat, no observable exists or persists as such in time. 
An observable as such only exists at all when time has been momentarily 
stopped. It then quickly changes into (observable x time) form, for a time 
interval after a photon absorption. Then it changes again to observable 
form by photon emission and the corresponding d/dt differentiation 
imposed by that photon emission. 


What happens when we think we see an "observable moving through 
space" is that we make or suppose a continual series of very fast d/dt 
3-spatial snapshot observations, one after the other in serial fashion (much 
like the individual frames of a motion picture film). For more than a 
million years, human brain and mind processing have "always interpreted" 
this serial set of iterative operations occurring in the eyes and in the 
physical senses — and continually recalled and processed by the mind — 
as an "observable persisting in time", which it is not. 


This age-old "natural" and inbred, instinctual mental practice and 
assumption by humans — and therefore by scientists — has provided a 
major problem in physics and especially in electrodynamics. It has resulted 
in the substitution of the "effect" for the cause in a great number of 
models. Even a rapid and continual series of 3-space effects after reaction 
of an observable (frozen snapshot) with a 4-space causal entity, does not 
and cannot constitute that 4-space entity which interacts with the previous 
"frozen snapshot" observable and causes the resulting "comparative change 
or sameness" of the new observable with the former. Hence, e.g., Romer's 
scathing condemnation {84} ofthe conventional drawing of an "EM wave 
in space". 


In general relativity, it is straightforward. The curvature of spacetime — 
the cause — is not the mass (the 3-space observable effect) that is further 
changed or created again in the ongoing interaction, as seen in the "next 
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3-space snapshot" (next output of observation) when comparing that 
snapshot to the previous one. 


The same non sequitur — unwitting substitution of effect for cause — has 
existed for hundreds of years in mechanics, for example. There it is 
strongly passed on in the erroneous old notion of a separate force acting 
upon a separate mass. Prior to the interaction, no "force" exists. During 
the ongoing interaction, force exists because it is the product (interaction) 
ofa "non-force" causal entity (e.g., a field in 4-space, as a certain 
curvature of spacetime there) and a previous effect (a 3-spatial frozen 
snapshot called "mass"). The force exists during the interaction and only 
during the interaction, when both cause and previous effect are coupled 
(and will produce the new effect at the completion of the next serial d/dt 
operation as a photon is emitted). The force can only exist when the mass 
(previous effect) is coupled to the cause (the curvature of spacetime), since 
a priori mass is a component of force {145}, and curved spacetime is 
another component of it. After the interaction "ends" in a new d/dt 
observation, the mind compares the new effect with the former, to 
determine whether there is a "change" or a replica (sameness). This 
comparison of the new observation (observable) with respect to the former, 
occurs in the brain and mind processing, and gives the sense of 
"persistence of an object in time" as well as of an object "changing in 
time". 

So a great faux pas in physics — and especially in electrodynamics — is 
this widespread substitution of the effect for the cause. Understanding this 
non sequitur clearly, and correcting it, is a prerequisite to understanding 
the principles and concepts of legitimate COP>1.0 Maxwellian systems. 
Also, if we would ever hope to adequately correct electrodynamics, this 
tremendous faux pas must be recognized and rooted out of the model. 
Indeed, the same is true for mechanics and other branches of physics. 


2.1.5 Some Additional Foundations Non Sequiturs 

Another gross non sequitur is made in calculating the amount of EM 
energy flow continually being diverged around an intercepting unit static 
charge at a point in space, from a potential in which that point is located, 
and then calling this "local intensity" of the collecting interaction the 
"magnitude ofthe potential” itself. 


“ Rigorously, if one wishes to connect spacetime and mass, spacetime can be 
interpreted in masstime units, but not mass units And vice versa. Again, masstime 
mt is as different from mass m as impulse Ft is different from force F. 
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Figure 2-2 Field and potential are defined in terms of the diversions from 
them arounda unit point static charge assumed at any spatial point 


(See Figure 2-2). At best, it is a measure ofthe local intensity ofthe 
diversion ofenergy flow from the "bidirectional" EM longitudinal waves 
comprising a potential, as they are diverged around the unit point static 
charge. It is not the magnitude ofthe entire potential, filling all space, nor 
does it prescribe the spatial energy magnitude of that entire potential 
{146}. It is a small energy flow, diverted by an assumed standard fixed 
charge at a single point in the potential, from the overall energy flows 
comprising the potential. Calling this little "diversion ofa bit of energy" 
the magnitude of the potential is rather like calling a little whirlpool in a 
river the "magnitude of the river". Or more exactly, it is like calling the 
amount of little "swirl diversion ofa river's flow" around a standard small 
fixed rock the "magnitude ofthe river". 


A similar non sequitur exists in the usual calculation of the "field" 
magnitude at a point, which is not the "entire field entity itself at all. It is 
merely what is diverged from the "field as it exists in spacetime" at a 
single point in it, by an assumed fixed standard point charge at that point 
that is interacting with the field. The field takes into account the patterning 
of the diverged flow, e.g., the difference in potential (difference in 


91 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


pressure) across the unit point charge. That is not the field itself at all, and 
the textbooks and dictionaries of physics are completely wrong in calling it 
such. Again, at best, it is an indication of the field intensity at that point, 
and the reaction cross section of the field to an assumed unit point static 
charge. Even that indication of local intensity ofthe field will change if 
the intercepting charge is not static but is in resonance, as shown by the 
Bohren experiment {24} se 


As can be seen from these few examples, a great deal of work needs to be 
done to clean up the "definitions" promulgated in physics and 
electrodynamics for more than a century. It is inexplicable” that this has 
not long since been accomplished. These errors permeate almost every 
textbook, and they desperately need correcting. The National Academy of 
Sciences and the National Science Foundation should fund the best 
possible effort on this rework of the foundations of physics. 


2.1.6 System Coefficient of Performance (COP) and System Efficiency 
See again footnote 11 in Chapter 1 and Appendix A. In 1915, general 
relativity in fact destroyed several of the fundamental definitions (axioms) 
of classical thermodynamics. It necessitated our correction of some 
thermodynamical definitions (open system and closed system) and our 
more rigorous definitions of COP and efficiency advanced below. 


Once mass is recognized as energy and the two are just different sides of 
the same coin, there can be no thermodynamically closed system which 
passes energy across the system boundary without passing mass across it. 
Any system changing its rate of flow through time also changes its mass 
and its energy, and vice versa. Energy has mass characteristics, and any 
mass system with added or subtracted energy — either kinetic or potential 


“S Many Bohren-type experiments are continually done in nonlinear optical labs in 
universities and elsewhere. The effect (excess radiation from the medium) is 
euphemistically called "negative absorption of the medium," "negative resonance 
absorption ofthe medium," etc. Such terminology avoids clearly recognizing that 
more energy is output than the scientists (erroneously) calculate was input. Bohren 
faced the issue head-on, and clearly stated that more energy was output than was 
input (or than was thought to be input). 


“© A true pessimist might point out that it may be quite understandable, considering 
that it solidly blocks COP>1.0 EM electrical power systems and electro-gravitational 
anti-gravity systems from being developed by our universities, which would solve 
the energy and transportation crises forever. Thereby it also keeps about $1.5 to 2 
trillion a year pouring into the coffers of controlling financial groups behind many 
great interlocking corporations. 
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— will also change its mass relativistically as well as its other 
characteristics such as inertia and gravitational attraction. As pointed out 
by Logunov and Loskutov {635}, in 1917 the new characteristics of 
general relativity led Hilbert {632} to observe that in general relativity 
there can be no energy conservation rules of the usual classical kind. This 
also follows from our consideration of the supersystem with multiple 
active environments rather than a single active environment. 


We have formally destroyed any absoluteness of the present classical 
thermodynamics, which is just an imperfect model. It is a special case 
which can be approached but never completely reached in a real dynamic 
system. 


With that in mind, we now more exactly define coefficient ofperformance 
and efficiency of a system. 


The term "coefficient of performance" (COP) is a ratio whereby the useful 
energetic output performance ofthe system is characterized purely with 
respect to the operator's energy input. Simply put, it represents "how 
much you get for what you have to input yourself and pay for". It does not 
characterize the performance of the system with respect to the total energy 
inputfrom all sources. For our purpose, in general there are two major 
ways of expressing this COP: 


(a) COP == (work accomplished in the load during a representative 
time of operation) divided by (energy input by the operator 
during that representative time of operation). Or for short, 
COP = (useful work out in the load) + {operator's energy 
input). We stress that there may be other free inputs of energy 
to the system, in addition to the operator's input, but only the 
operator's input is accounted in the COP calculation. 


(b) COP == (average power out in the load) divided by (average 
power input by the operator).*” Again, there may be additional 
average power inputs that are freely input from the 
environment, without cost to the operator, but only the 
operator's input is accounted. We stress that "power input" is 


‘’ This is in standard electrical engineering terminology, which is mangled. For a 
more precise physics statement of (b), COP == (the average rate at which the system 
dissipates energy in its load to do useful work) / (the average rate at which the 
operator must furnish energy to be dissipated as work in the input section of the 
system to make it operate and do its output work). 
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another of electrical engineering's misnomers, but we use it 
here because it is universally used in power system 
engineering. 


For a system such as a transducer, which merely changes the form of the 
energy in some fashion and does not perform work in an external load (the 
transducer is its own load), we may express the COP as 


a. COP == (effective energy output) / (energy input 
by the operator). Here we accent that there may 
be additional energy inputs to the system from the 
active environment, and these inputs are "free" 
and are not input by the operator, so they are not 
accounted in the COP calculation. 


b. COP == (average power output) / (average power 
input by the operator). Again, additional average 
power inputs may be freely received from the 
environment, but they are not accounted in the 
COP calculation. 


The "efficiency" E ofa system is a ratio less than or equal to 1.0 (or a 
percentage less than 100%), where E indicates the percentage of the total 
input energy (from all sources) that is dissipated in the load as useful work. 
It follows that (7 - E) indicates the percentage of the total input energy 
that is dissipated in the internal losses in the system, not directly resulting 
in useful work by the system in its load. So the efficiency E ofa system 
may be expressed as: 


rs E == (total work output in the load during a representative 
operational period) / (total energy input to the system, 
from all sources, during that period). 


b. E == (average power output in the load) / (average energy 
rate of input to the system, from all sources, during that 
representative operational period.). 


We accent that no system can have an efficiency greater than 100%, for 
then it would be "creating energy from nothing" {147}. No system can 
dissipate or convert energy that it does not first receive. The conservation 
of energy law states that energy can neither be created nor destroyed. This 
means that there actually are no energy sources per Se, in the sense that 
the source creates the energy, even though we use the terms "energy 
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source" and "source of energy" informally. E.g., Semiz {148} states it this 
way: 


"The very expression ‘energy source’ is actually a 
misnomer. As is known since the early days of 
thermodynamics, and formulated as the first law, energy 
is conserved in any physical process. Since energy cannot 
be created or destroyed, nothing can be an energy source, 
or sink. Devices we call energy sources do not create 
energy, they convert it from aform not suitable for our 
needs to aform that is suitable, aform we can do work 
with." 


A medium inefficient system can easily have a COP>1.0, if it receives 
additional energy from its active environment, and if that extra free energy 
is sufficient to overcome its internal inefficiency losses. An example is a 
common windmill, where a very good one may have an efficiency of less 
than 50% due to friction and drag losses in the gears and wind spillage 
losses in the blades, etc. Yet the operator himself does not have to input 
any energy at all, for the windmill to operate continually. In this case, the 
COP» 1.0 and approaches infinity, but the efficiency of the windmill is 
still less than 50%. 


Another example is the home heat pump, which may also have an 
efficiency of less than 50%. When acting as a refrigerator, its theoretical 
maximum COP = 8.22 under nominal conditions {149}, and a well- 
designed 50%-efficient home heat pump will produce COP = 4.0 when 
conditions are suitable. 


On the other hand, ifthe only net energy input to the system is that energy 
that the operator inputs, then the COP < 1.0. This is a system in 
equilibrium with respect to any energy exchange with its external 
environment — except with respect to the energy input by the operator 
(i.e., with respect to its "fueling" by the operator, so to speak) and with 
respect to the energy subsequently dissipated in the loads and losses. Ifthe 
system is 100% efficient (has no internal losses or conversion losses at 
all), its COP = 1.0. Almost all real systems do have internal losses, so their 
efficiency is E < 100%. In that case, the system in equilibrium with its 
environment, and having E < 100%, will also exhibit COP<1.0 
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irrevocably. Indeed, the same number will give both the efficiency E and 
the COP, because numerically they are then the same.® 


For electromagnetic systems, the state of confusion between efficiency E 
of the system and the COP ofthe system is due to one fact. Numerically 
the two are always equal in equilibrium systems — and the Lorentz 
regauging condition enforced by the closed current loop circuit self- 
enforces the equilibrium condition of the system with respect to its active 
environment. Because electrical engineers usually have zero experience 
with COP>1.0 electrical systems, they tend to loosely and erroneously use 
the two terms "efficiency" and "COP" as if they meant the same thing. 
They do not. 


Now suppose that we have an open system, far from equilibrium in its 
energy exchange with its active environment. Suppose that the system's 
efficiency E is very poor, so that E = 20%. Now suppose that the 
environment inputs twice as much energy as does the operator. Let the 
operator's energy input be E;. Then the total energy input to the system, 
from both the operator and the environment, is 3E;. The efficiency is only 
20%, so the system outputs W, as work in the load, of W = 0.2(3E;) = 0.6 
E,. The COP of the system is the work out divided by the operator's input, 
which is COP = W/E,, which is COP = 0.6 E,; / E; which gives COP = 
0.6. As can be seen, even though this system receives twice as much 
additional free energy as what the operator inputs, it is so inefficient that 
its COP<1.0. 


Suppose we have a similar system with the same energy inputs from the 
operator and from the environment, but now the system's efficiency E is E 
= 90%. Then the total energy input to the system, from both the operator 
and the environment, is 3E,. The efficiency is 90%, so the system outputs 
W, as work in the load, of W = 0.9(3E, ) = 2.7 E,. The COP of the system 
is the work out divided by the operator's input, which is COP = W/E,, 
which is COP = 2.7 E; / E;, which gives COP = 2.7. As can be seen, a 
more efficient system in the same energy input situation, now outputs 
more work than the energy input by the operator. Energy is conserved at 
all times; the excess energy for the additional work was in fact freely input 


“8 We emphasize that COP and efficiency are two quite different concepts, however, 
even when their numerical values are the same. A 6-foot tall man and a 6-foot tall 
door have the same number for their height, but only a fool would consider them the 
"same thing". 
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The 9 Watt neon tube has been replaced by a 15 Kohm-5 Watt ( the exact value was 16340 ohm) carbon resistor (see below) : 


° a FEP Generator 


The FEP v1.0 - OUTPUT 
RLOAD = 16.34 Kohm 





I have used a Textronix THS720P isolated and ungrounded channels oscilloscope for measuring the voltage accross the output resistor. The RMS and PEAK output yoltages has been computerized automaticaly by the 
scope. 


The 7 v1.0 ( InputiOuput by JL Naudin 10-29-99 il: in509@aol.com 
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JLN Comments: 





As you may notice in the diagram above, the measured output power accross the resistor was 801 mW RMS for 8.6 Watt Peak, the most interesting thing to observe is that THE INPUT POWER DROPS of 226 mW 
while 801 mW is generated at the output. 
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to the system — which is an "open" system far from equilibrium in its 
exchange with its active environment. 


Thus a system far from equilibrium in its energetic exchange with its 
active environment, is permitted to exhibit COP>1.0 even though its 
efficiency is always less than 100%. On the other hand, if the system is 
very inefficient and the energy input from the environment is not too great, 
the system will still exhibit COP<1.0. But the operator will pay less for his 
energy costs to operate that inefficient system, than he would pay to 
operate it if he himself had to furnish all the energy input. 


Two cautions are emphasized: 


(a) First, electrical engineers use the term "power" to mean 
"energy flow rate without dissipation or change of form", as well as 
"energy flow dissipation and change of form rate." This is inexact and 
unfortunate, but it appears ubiquitously throughout the electrical 
engineering literature. So we are essentially "stuck with it" for the 
moment. From a rigorous physics point of view, energy flow without 
divergence or change has absolutely no power, because power is defined as 
the rate of change of the form of that energy flow — e.g., the rate of 
dissipation (scattering) of that energy flow, which in physics is a rate at 
which work is being performed. 


(b) Second, it seems that more than halfthe engineers and 
scientists — and many textbook authors — do not clearly understand the 
difference between COP and efficiency, and often interchange these two 
terms as ifthey were the same. They are not at all the same, and a great 
deal of confusion exists in the casual engineering literature because of 
using them interchangeably. That is why we have clarified them and given 
some simple explanatory examples, sufficient for our purpose in this book. 


2.1.7 COP>1.0 and the Question of Perpetual Motion 

Legitimate scientific researchers attempting to work in open EM systems 
far from thermodynamic equilibrium are often subjected to rather vicious 
ad hominem attacks, charging that they are perpetual motion machine 
addicts and therefore raving lunatics. This of course is not true. We are 
simply trying to do with Maxwell's "electric fluid" systems what nature 
already shows us can be done with material fluid systems. We are in fact 
seeking the equivalent of "electromagnetic heat pump" processes and 
systems. It is the strident critics who are thoroughly confused and who 
reveal an immature knowledge of physics and thermodynamics. 
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As we explained, prior to their Lorentz symmetrical regauging, the 
Maxwell-Heaviside equations already clearly prescribe and permit 
COP>1.0 EM systems, including EM power systems. In addition to the 
present EM systems in equilibrium in their exchange with their active 
vacuum environment, the non-regauged equations also include Maxwellian 
systems far from equilibrium in their energetic exchange with an active 
environment, such as the active vacuum. Classical equilibrium 
thermodynamics — stridently waved as a sacred banner by the critics 
accusing COP>1.0 researchers of being "perpetual motion nuts" and such 
EM systems as being "perpetual motion nonsense" — does not even apply 
to such disequilibrium systems! One should simply read the literature of 
the thermodynamics of such disequilibrium systems {160a-160f}. Or one 
should read why Prigogine was awarded the Nobel Prize in Chemistry in 
1977, for his contributions to such open systems in disequilibrium. 


We accent again that, under our new rules where we corrected the 
thermodynamic definitions of open system and closed system, we are in 
compliance with general relativity. Further, every EM system must be 
taken as an open system, since in the supersystem energy (with mass-like 
changes resulting across the system boundary) is always exchanged 
between the three supersystem components. 


Fortunately there are also rational, reasonable critics such as Angrist {150, 
151} where the criticism is properly scientific and not ad hominem, even 
though still misguided. Usually the rational perpetual motion critic applies 
the three laws of classical equilibrium thermodynamics, to classify 
"perpetual motion machines" of class 1, 2, and 3 after equilibrium 
thermodynamics laws 1, 2, and 3. This of itself has no intellectual content 
for open systems in disequilibrium with their active environment. The 
classical equilibrium thermodynamics — including laws 1, 2, and 3 
interpreted only in terms ofthe operator's energy input — does not apply 
to open systems far from equilibrium — which are the only systems 
permitted to exhibit COP>1.0 in the first place. And we insist that all EM 
systems are open systems far from thermodynamic equilibrium, since 
every charge is, and all fields and potentials come from those source 
charges. Indeed, such open disequilibrium systems are permitted to violate 
the laws of classical thermodynamics! As an example, the entropy of such 
an open disequilibrium system cannot even be computed {152}, and it is 
less than the entropy ofthe same system in equilibrium, since the 
equilibrium state is the state of maximum entropy. 


The rational critic then falls upon the horns of a dilemma, by admitting 
that, yes, such open dissipative systems do exist and do permissibly exhibit 
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COP>1.0. He then labels these as, false or fictitious perpetual motion 
machines {150, 151}. In short, when such COP>1.0 machines are real and 
admittedly exist, they are not "true" perpetual motion machines but 
fictitious perpetual motion machines. My comment is that they are not 
perpetual motion machines at all, but permissible disequilibrium machines 
freely receiving excess energy from their energetic exchange with their 
active environment. They are no more mysterious than a windmill, a 
sailboat, a watermill, or a solar cell bank. 


One must be precise. A bicycle is a free-energy COP>1.0 machine while 
going downhill. It is not such at all when going uphill. The difference is 
that gravitational input of energy aids the bicycle's motion in the downhill 
case, and opposes it in the uphill case. The active environment gives the 
system additional energy in one case, and takes energy from the system in 
the other case. Disequilibrium exchange can cut either way! 


It is precisely the EM system far from equilibrium with its active 
environment — where the environment puts in additional energy — that 
the serious overunity researcher is seeking. It is a perfectly valid pursuit, 
even by the standards of the perpetual motion critics, who really should 
study both kinds of thermodynamics, not just one. They also should study 
how Maxwell's equations were curtailed and truncated; one result is that 
all Maxwellian disequilibrium systems were — and are — discarded 
arbitrarily by the Lorentz symmetrical regauging. 


The only criticism one needs to raise vis a vis COP>1.0 and perpetual 
motion machines is this: If an inert (no hidden internal source) machine 
receives no net energy from its external active environment, but is in 
equilibrium in its energetic exchange with that environment,” then 


” Here we quibble again and point out that Lorentz's symmetrical regauging actually 
does require that the system receive and take on excess EM potential energy from its 
environment (the active vacuum and the local curved spacetime). However, this 
excess energy can only be received in the form of two injections of field energy, 
where the fields are equal and opposite. Hence the energy is "bottled up" as a stress 
potential, with net zero translation force available to it. Since this stress potential 
energy cannot translate electrons, it cannot do work in an external load. It merely 
changes the stress of the system itself. The net result is actually a rotation of the 
frame in which the system exists, away from the "laboratory frame" of the observer. 
In short, the Lorentz condition establishes a new "equilibrium condition" for the 
system, by rotating its frame. It also implies that EM energy is continuously received 
by the system from both the active vacuum and local curved spacetime, in order to 
maintain the rotated frame and the new equilibrium condition. Further this 
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classical thermodynamics rigorously applies to it and the machine cannot 
and will not exhibit COP>1.0. However, all EM systems contain charges, 
and these are indeed "hidden sources" of EM fields and potentials and their 
energy. It rigorously follows that, since they contain hidden energy 
sources, all EM systems are potentially COP >1.0 systems a priori. 

Further, itfollows that some ubiquitous design characteristic ofthe system 
itselfmust prevent the system from achieving COP>1.0, since nature does 
not prevent it. That characteristic feature is the ubiquitous closed current 
loop circuit, directing all spent electrons in the external circuit right back 
through the source dipole in the generator or other primary power source. 


It is indeed mandatory that — ifat all possible - the inventor or 
independent researcher identify a legitimate source of environmental 
energy that his purported COP>1.0 device receives and collects, and how it 
receives it and then uses it to power the loads. That means he should 
identify where and how his system violates the Lorentz self-regauging 
condition imposed by the standard closed current loop circuit. Ifthe 
inventor himself cannot explain it — and this does happen — then 
someone else must explain it for him. Ifthe machine works under proper 
independent test and replication, then criticism that no explanation exists 
for it in normal physics is ofno relevance. It is a spur to the theorist to 
enlarge his horizons and to find the proper physics that does explain it. 


We stress that we cited the works of Angrist because his voice is reasoned 
and he does not stoop to name-calling and ad hominem attacks. He also 
does point out a historical rash of machines that clearly must comply with 
classical equilibrium thermodynamics, because they have no discernible or 
stated extra input of energy from their active environment and have no 
self-asymmetrical regauging. When such machines have no external free 
input of energy from their active environment, they are systems in 
equilibrium with their active environment, and cannot exhibit COP> 1.0 — 
exactly as pointed out by Angrist. With such a reasoned critic, a scientific 
dialog is possible, and his main thrust — that no equilibrium system can 
exhibit COP>1.0 — is quite valid. With the vehement critic, it is already a 
cur dog fight from the outset and there can be no scientific discussion at 
all. 


The only contention one has with a rational critic, whose criticism is based 
on classical thermodynamics, is when he then generalizes that all EM 


continuous input of two energy flows, equal and opposite, does continuous internal 
work on the Maxwellian system to increase and maintain its stress. 
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systems fall within this class. That conclusion is a non sequitur, and 
ignores the entire science of disequilibrium thermodynamics and a vast 
body of scientific literature and scientific experiments in electrodynamics. 
When stated for electrodynamic systems, it also ignores the actual 
documented history of electrodynamics, and ignores Lorentz's arbitrary 
discard, from all accountability, ofthe Heaviside giant nondiverged 
energy flow component accompanying every circuit and system. It also 
ignores Lorenz's and then Lorentz's symmetrical regauging of the Maxwell 
equations to give new and simple equations easier to solve. This arbitrary 
regauging did in fact unwitting discard all open disequilibrium Maxwellian 
systems — precisely those permitted to exhibit COP>1.0. 


See again Figure 1-1. The energy entering the circuit is entering it from the 
surrounding space outside the circuit. Heaviside showed that the energy 
flow component remaining alter the Poynting component is withdrawn is 
orders of magnitude greater than the Poynting component entering the 
circuit and powering it. It can easily be demonstrated that every generator 
outputs far more EM energy in space surrounding the power line attached 
to it, than the operator inputs as mechanical energy to the shaft.°° 


°° E.g., just use a gedanken experiment followed by the Bohren {24} experiment as 
validated by Paul and Fischer {25}. Consider a 100% efficient DC system, powered 
by a DC generator, using a closed Current loop circuit. All the Poynting energy 
received by the system appears at first blush to be dissipated in the external load. 
That is not true, but let us not yet belabor the point. Include the complete circuit loop 
back through the source dipole in the generator. The back emf voltage across the 
source dipole between the terminals is precisely equal to the forward emf voltage 
between the terminals but around the external half-loop. The same current flows 
through both the forward voltage drop and the reverse voltage repotentialization. So 
precisely as much energy is dissipated to force the current through the back emf, as 
is recovered from the load. 

Accept the conventional view that the shaft energy input to the generator is 
transduced into magnetic energy, which is then dissipated to force those charges 
back though the back emf. Now examine the energy flow in space surrounding the 
external circuit, using both the Poynting theory and Heaviside's theory. We have 
accounted for the Poynting diverged component, but we have not accounted for the 
huge remaining nondiverged Heaviside component. From whence comes this excess 
remaining energy flow that did not enter the circuit, was not included in the Poynting 
calculation, and was not expended in the circuit but was just wasted? To prove the 
excess energy flow really exists, perform the Bohren experiment {24} where the 
intercepting charges in the circuit are in resonance, and thus "sweep out" a larger 
geometrical cross section of interception of the impinging energy flow. These 
charges do sweep beyond the static unit charge cross section conventionally assumed 
in the definitions of field intensity (e.g., of the fields E and H in the Poynting vector 
S in S =(Ex H). Ifthe defining unit point charges are in resonance and sweep out a 
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Heaviside knew this in the 1880s. All the energy flow that is intercepted 
by the circuit and enters (i.e., the Poynting component) at essentially right 
angles, hardly even changes the angle of flow of the remaining huge flow 
of energy surrounding the circuit and missing it. Quoting Heaviside {153} 
directly: 


"It [the energy transfer flow] takes place, in the vicinity 
ofthe wire, very nearly parallel to it, with a slight slope 
towards the wire.... Prof. Poynting, on the other hand, 
holds a different view, representing the transfer as nearly 
perpendicular to a wire, i.e., with a slight departure from 
the vertical. This difference ofa quadrant can, I think, 
only arise from what seems to be a misconception on his 
part as to the nature ofthe electric field in the vicinity of 
a wire supporting electric current. The lines ofelectric 
force are nearly perpendicular to the wire. The departure 
from perpendicularity is usually so small that I have 
sometimes spoken ofthem as being perpendicular to it, as 
they practically are, before I recognized the great 
physical importance ofthe slight departure. It causes the 
convergence ofenergy into the wire. " 


So every electrical power system is rigorously a COP>1.0 "energy gating" 
system already, ifthe neglected, enormous Heaviside energy flow through 
space around the circuit (and missing it and wasted) is re-accounted. In 
that case, much greater energy pours out of the terminals of every 
generator, than the feeble amount of mechanical energy we input to the 


shaft. 


We do not have an energy availability problem, and we never have had_ ,° 
one! Instead, we have an energy flow interception and collection problem 


greater cross section, then the assumed Poynting vector S, for the static case, 
changes in magnitude by some ratio k for the resonant case to the vector Sp, so now 
Sr = kiE x koH =k3(E x H). Since k; is just the ratio of the actual geometrical cross 
section swept out by the charge to the standard geometrical cross section swept out 
by the static charge, then for a static charge k; = 1.0, and for a resonant charge 

k; >1.0. Hence the Bohren experiment, with k; = 18 or so, produces 18 times as 
much collected (Poynting) energy "out" as we erroneously think we input by normal 
calculations ignoring the input Heaviside nondiverged component. The Bohren 
experiment {24} proves the argument; validation by Paul and Fischer {25} appears 
in the same journal issue. 
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— and we always have had one, due to the ubiquitous use of the closed 
current loop circuit. 


Texts — e.g., such as by Kraus {154} — do show the Poynting 
(intercepted and collected) component of the EM energy flow surrounding 
the power line attached to the generator terminals, but none of them today 
go into the remaining nondiverged Heaviside component. Each of Kraus' 
contours {76} of energy flow in space, around those power line 
conductors, shows only thatpart ofthe energyflow in space that is being 
drawn into the circuit. It does not show the remaining huge energy flow 
that (i) is not intercepted, (ii) does not enter the circuit, and (iii) is wasted. 
Presently no texts illustrate this Heaviside nondiverged energy flow 
component, and no text accounts for it except to point out that the 
Poynting component must be considered to be indefinite, since it can be 
accompanied by an additional energy flow component. The texts then 
erroneously conclude that the excess flow can have no physical 
significance.” 


One can easily prove the existence of additional energy flow to be 
collected, in addition to the Poynting component. E.g., simply examine the 
Bohren experiment {155} and its replication by Paul and Fischer {156} — 
or one can repeat the experiment oneself. The Bohren experiment outputs 
some 18 times as much energy as is input by normal "Poynting 
component" calculations alone, because it also intercepts additional energy 
from the unaccounted and ignored free Heaviside input component 
remaining and not diverged by a static unit point charge. Bohren simply 
places the charge in resonance, so it sweeps out a greater geometrical 
reaction cross section in the energy flow, thereby penetrating into the free 


— but arbitrarily discarded and unaccounted — Heaviside component, and 
intercepting and collecting additional energy. Bohren is perfectly aware 
that the excess energy caught by the resonant charges comes from the 
surrounding vacuum. However, he seems quite unaware of Heaviside's 


oh E.g., J. D. Jackson, Classical Electrodynamics, Second Edition, Wiley, 1975, p. 
237: "...the Poynting vector is arbitrary to the extent that the curl of any vector field 
can be added to it. Such an added term can, however, have no physical 
consequences. " Jackson errs in stating that the added energy flow vector cannot 
have any physical consequences. It cannot, of course, unless one catches some of it 
and uses it to power a load, without using half of the caught energy to destroy the 
source dipole faster than the load is powered. One ofthe major applications of it is 
to use it with Dirac sea negative energy 4-holes in the vacuum, where the holes 
produce negative energy fields and potentials in surrounding spacetime, acting back 
upon the system which is the source of the 4-holes to produce practical antigravity. 
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discovery and cautious statement of the excess energy involved in every 
field-particle interaction, and particularly in electrical circuits. 


There are several such "white crows" which are legitimate COP>1.0 EM 
processes in physics. It only takes one small white crow to prove that not 
all crows are black. As another example, the papers of Letokhov {157a- 
157d} are especially recommended. So long as excess energy is received 
freely from the environment, the system is permitted to be in 
disequilibrium where COP>1.0. 


So far as this author could discover, none of the perpetual motion machine 
critics have noticed another very simple fact: The conventional 
electrodynamics they utilize to refute COP>1.0 Maxwellian systems 
implicitly assumes that the source charge — which is any and every charge 
in the universe — continuously creates and pours out energy in 3-space 
without any energy input at all. Their own conventional classical 
electrodynamics contains a "perpetual motion machine assumption" of the 
most fundamental and grossest kind. The ardent skeptics of overunity EM 
systems — in using that implicit conventional assumption — are 
themselves the greatest perpetual motion advocates of all, though perhaps 
unwittingly. In 2000 we resolved that long-vexing problem” of the source 
charge {12}. 


The more strident critics simply set up the "equilibrium thermodynamics" 
straw man, then knock it down and attack independent COP>1.0 
experimenters with it, erroneously implying that all overunity researchers 
seek such in an equilibrium system. They fail to notice orthodox science's 
implied assumption that every charge and every dipole in the universe is 
already assumed to be a COP => inf. perpetual motion machine, freely 
creating all that continuous outpouring of energy from nothing. None of 
the critics have noticed and critiqued this greatest of all perpetual motion 
assumptions right in their own ranks, without a single exception, and the 
most ubiquitous. Undoubtedly that is because the scientific community 
honestly and freely admits that it has not heretofore solved that problem 
{68}, and also points out that the outpouring of energy is an experimental 
fact and therefore unquestionable. 


The better critics — at least the rational ones such as Angrist — already 
admit that there exists a class of legitimate "fictitious perpetual motion 


» After publication of our paper, we also discovered very powerful support for our 
solution in quantum field theory. E.g., see F. Mandl and G. Shaw, Quantum Field 
Theory, Wiley, 1984/1993, Chapter 5. 
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machines" which are powered continuously without the operator inputting 
the energy. The phrase "fictitious perpetual motion machine" is an attempt 
to retain the classical thermodynamics straw man, when dealing with the 
thermodynamics of a system far from equilibrium in its energy exchange 
with its active environment. That phrase has been a non sequitur since the 
award of the Nobel Prize to Ilya Prigogine in 1977. We stress again our 
new use of all EM systems as open systems, in accord with general 
relativity. 


So when rigorously analyzed from the breadth of physics and 
thermodynamics, and not just from a selected very narrow portion, the 
entire "perpetual motion" critical literature is inappropriate or — more 
exactly — is inappropriately focused upon a fictitious or false target. It is 
simply a classic example of reasoning from a false premise. 


Not one such critic seems to have noticed that every generator and battery 
already pours out more energy than what is input to the shaft, and that it is 
easily proven experimentally via the thousands of experiments showing 
negative absorption from the medium. None seems to have bothered to 
read the original Heaviside, Poynting, and Lorentz papers to see how this 
startling fact was buried more than a century ago. 


Finally, a self-appointed "expert" who does not even know what furnishes 
the energy to power every electromagnetic circuit, cannot be taken 
seriously in his "learned criticism" , regardless of what journal publishes it. 
Ifhe continues to accept the unsolved source charge problem, implying 
that all charges freely create EM energy from nothing, he is not expert in 
any facet of powering electromag letic systems and circuits. 


2.1.8 Prescribed Systems Versus Changes to Maxwell's Equations 

As we stated, Maxwell's theory {20} was some 20 quaternion-like and 
vector equations in some 20 unknowns. By discarding the scalar 
component of the quaternion to retain only the vector subcomponent, and 
by discarding many of Maxwell's potentials, Heaviside {158} truncated the 
Maxwell equations to essentially the present familiar set of four vector 
equations - or in potential form, to two equations with variables 
unseparated. 


While this truncation discarded a great deal of Maxwellian 
electrodynamics phenomenology, from a thermodynamics view the 
resulting Maxwell-Heaviside equations still contain and prescribe two 
types of Maxwellian systems: 
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(1) systems in equilibrium with their active environment, 
such as the active vacuum, and 


(2) systems far from equilibrium with their active 
environment, such as the active vacuum. 


Systems in the first class of Maxwell-Heaviside systems — ie., in 
equilibrium in their energetic exchange with their active environment — 
rigorously obey classical equilibrium thermodynamics {159}. No system 
in that Maxwellian class can output more energy than the operator himself 
inputs to the system. The greatest coefficient of performance (COP) that 
these systems can accomplish, is COP = 1.0 for a theoretically perfect 
system without internal losses whatsoever, and thus with 100% efficiency 
of conversion of their input energy into work in the load. Since any real 
system has internal losses and thus is less than 100% efficient, the 
practical systems of this first class exhibit COP < 1.0. 


These Maxwellian systems of the first class are the electrical systems 
always "understood" by ardent skeptics who proclaim that no other kind of 
Maxwellian system exists, that therefore no Maxwellian system can exhibit 
COP > 1.0, and that a claim to COP>1.0 is perpetual motion lunacy and 
not science at all. These fellows often launch scathing and unjustified 
personal attacks upon any serious researcher trying to work with that 
second class of permitted Maxwellian systems! It would be scientifically 
beneficial if these self-appointed defenders of the faith would simply study 
some more physics and thermodynamics, review the history of Maxwell's 
theory and how it was altered, and understand the well-established 
thermodynamics of systems far from equilibrium. 


This false charge — that there can be no COP > 1.0 EM system because 
that would violate the laws of physics and the laws of thermodynamics — 
has been insidiously indoctrinated into generation after generation of 
physics and electrical engineering students. Today most of our electrical 
engineers and electrical scientists have absorbed it and believe it without 
question. Our power-engineering scientists believe it, and so advise the 
government. Hence our government believes it on the advice of our best 
scientists, such as the National Academy of Sciences and the National 
Science Foundation. Our great national laboratories also believe it and are 
just as mentally conditioned. The universities — especially the electrical 
engineering departments — also believe it, and provide a mainstream 
suppression of the sharp young graduate students and post-docs that would 
otherwise have long ago revised this mess and solved the energy crisis 
permanently. 
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Again we are reminded of that first quotation by Einstein, which we 
included at the beginning of Chapter 1, and which admonished us to ever 
examine the foundations of our science to root out and correct the errors. 
We are also reminded of another quote by Tolstoy: 


"/ know that most men, including those at ease with 
problems ofthe greatest complexity, can seldom accept 
even the simplest and most obvious truth ifit be such as 
would oblige them to admit the falsity of conclusions 
which they have delighted in explaining to colleagues, 
which they have proudly taught to others, and which they 
have woven, thread by thread, into thefabric oftheir 
lives. " [Count Leo Nikolaevich Tolstoy]. 


The second class of Maxwell-Heaviside systems — rigorously prescribed 
and permitted by Heaviside's truncated Maxwellian theory — is comprised 
of systems in disequilibrium with their active environment. A system in 
this class does not obey classical equilibrium thermodynamics. To the 
contrary, this system obeys the well-known thermodynamics ofsystems far 

from equilibrium {160a-160f} with their active environment — such as the 
active vacuum. 


Such a system is permitted to: 
(1) self-order, 
(ii) self-oscillate or self-rotate, 


(iii) output more energy than the operator himself inputs and 
thus exhibit COP>1.0 (the excess energy is freely 
received by the system from its external active 
environment), 


(iv) power itself and its load simultaneously (all the energy is 
freely received by the system from its external active 
environment,”* without any operator energy input being 
required), and 


°° We accent the concept of the supersystem. consisting of three components: (a) the 
system and its dynamics, considered as in normal electrical engineering (with a flat 
spacetime and an inactive local vacuum), (b) the active local vacuum and its 
dynamics, and (c) the active local curvatures of spacetime and their dynamics. All 
three components of the supersystem interact with each other. In conventional 
electrical engineering, the assumption in U(1) electrodynamics ofa flat local 
spacetime and equilibrium with the local vacuum exchange eliminates any 
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(v) exhibit negentropy, which every charge and every dipole 
in the universe already does {12, 68}. 


Let us now see why Maxwellian EM systems of the second class are not 
being designed and built as such, even though they are permitted by the 
laws of physics and reinterpreted thermodynamics, and even though they 
are prescribed in the Maxwell-Heaviside equations before further 
truncation by Lorentz {16la, 161b}. We may use the Maxwell-Heaviside 
equations in vacuum, because the energy flow intercepted by the external 
circuit pours out ofthe generator terminals and fills all space surrounding 
the power lines. It is therefore a transmission-reception problem, prior to 
the "potentialized current-transport" problem in the circuit. 


2.2 Lorentz Regauging of the Maxwell-Heaviside 
Equations 


2.2.1 Introductory remarks. 

The domain of Lorentz's symmetrically regauged equations is only a small 
subset of the domain of the Maxwell-Heaviside equations they replace. 
Indeed, the later Lorentz {16la, 161b} symmetrical regauging discards an 
entire class of Maxwellian systems permitted by nature and by the 
Maxwell-Heaviside equations before they are symmetrically regauged. 


Lorentz's symmetrically regauged EM equations discard all Maxwell- 
Heaviside systems that are far from equilibrium in their energetic 
exchange with the active vacuum. They retain only that subset of the 
Maxwell-Heaviside theory wherein the system being described is in forced 
equilibrium {162} in its exchange with its active vacuum environment. 
Hence the present Lorentz-Maxwell-Heaviside theory, by which EM 
circuits and electrical power systems are designed, produces only systems 
in self-forced equilibrium with the active vacuum, specifically during the 
symmetrically regauging discharge of the circuit's excitation energy. The 
closed current loop circuit in fact discharges half its collected energy to 
destroy the source dipole in the generator, thereby destroying that dipole's 
extraction from the vacuum and furnishing ofthe energy flow pouring out 
of the terminals. These circuits kill themselves faster than they can power 
the load, and they use more energy to kill the energy flow from the 
vacuum than they use to power their load. Hence all present EM systems 


disequilibrium ofthe system with its active environment, hence arbitrarily discards 
all Maxwellian disequilibrium systems - precisely those that can exhibit COP>1.0. 
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rigorously conform to classical equilibrium thermodynamics, and exhibit a 
coefficient of performance (COP) of COP<1.0 since any real system also 
has losses {163}. 


2.2.2 Technical regauging of the Maxwell-Heaviside equations {164}. 
For asymmetrical-regauging (A-regauging) considerations, we are 
speaking of A-regauging the potential energy in and around a circuit. We 
include not only the Poynting energy flow component that is diverged into 
the circuit conductors, but also the remaining Heaviside nondiverged 
energy flow in space surrounding the conductors. This means that the 
energy is in field energy (E-field and B-field) form, both overtly as 
ordinary EM fields and covertly or "infolded" inside the corresponding 
scalar potentials {165, 166, 167, 168}, or both. Consequently, we must 
analyze Maxwell's equations as we would for radiating energy, rather than 
employ only the jo circuit analysis conventionally utilized, where the 
collected energy is sluggishly transported by the Slepian vector jp. We 
show in this book that asymmetrical self-regauging (ASR) allows 
permissible overunity operation of electromagnetic engines and devices 
{169}, if other requirements are fulfilled also. 


In Gaussian units, Jackson {170} shows that Maxwell's four equations 
(vacuum form) can first be reduced to a set of two coupled equations in the 
(A, ®) representation as follows: 
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The result is two coupled Maxwell equations rather than four. Jackson 
shows that potentials A and © in these two equations are arbitrary in a 
specific sense, since the A vector can be replaced with A'= A+ VA, 
where A is a scalar function and VA is its gradient. The B field is given by 
B = V~A,, so that the new B' field becomes 


B' = Vx(A + VA) = VxA +0 = VxA=B [17] 


In other words, the B field has remained entirely unchanged, even though 
the magnetic vector potential has been asymmetrically changed. However, 
ifno other change were made, then the electric field E would have still 
been changed because of the gradient VA. In that case the net change 
would be asymmetrical, because one obtained a "free" E-field which could 
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then do work on the system — either beneficially or detrimentally, 
depending upon the specific conditions, geometry, and timing. To prevent 
this excess "free" E-field from appearing, the electrodynamicists 
simultaneously and asymmetrically regauge (transform) the scalar 
potential © so as to offset the E-field change due to the regauging of 
equation [15]. In short, they also change © to ®',, where 


Q'= © —-—-—_ [18] 


With that additional change, now the net E and B fields remain unchanged 
{171, 172}, even though both potentials have changed and the fundamental 
stored energy of the system has changed, as has the stress of the system. 
Unchanged force fields just mean that only a set of zero-summation forces 
(a zero-summed stress system) has been utilized to effect the change in 
potential energy. It also means that the net summation of the two 
asymmetrical regaugings has been entirely symmetrical {173}. 


Jackson points out that, conventionally, a set of potentials (A, ®) is 
habitually and arbitrarily chosen by the electrodynamicists such that 


VeA+— = [19] 





This net symmetrical regauging operation creates a new and simpler 
Maxwellian system, with different system stress and different system 
potential energy. It successfully separates the variables, so that two 
inhomogeneous wave equations result. This procedure yields a new and 
simplified system, and the new Maxwell's equations for it are as follows: 





V9 2? = -Anp (20) 
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The two previously coupled Maxwell equations [15] and [16] (potential 
form) have been replaced by equations [20] and [21], to leave two much 
simpler inhomogeneous wave equations, one for © and one for A. These 
are new equations for a new system! 


Of course, this arbitrary net symmetrical regauging (let us use the term 
S-regauging) is quite useful for purposes of simplifying the theory and for 
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easing calculations. But its unquestioning and rather universal usage has 
arbitrarily eliminated the freedom of the system designer to asymmetrically 
regauge the system's potentials, and use the resulting excess free force 
fields to change the stored energy in the system without the operator 
performing extra work upon the system. So we advance the condition for 
violating this S-regauging, violating the exclusion of net A-regauging, and 
violating the "frozen gauge" process as 

Tekan el [22] 


cat 


Any regauging of the potentials that complies with equation [22] will a 
priori produce one or more net excess forces in the system, as well as a 
change in potential energy of the system. By controlling the regauging, the 
system designer is then able to control where, how, and when these excess 
forces appear, and whether they enhance the system's operation or hinder 
it. These net forces can then be used to perform work and dissipate the 
excess potential energy taken on in the asymmetrical regauging. That is 
what we do when we ourselves add potential (and potential energy) to an 
EM system to enable it to do work! [fwe always have to asymmetrically 
regauge the system to get it to do subsequent work, why do we notjust let 
the system asymmetrically regauge itselfso we get the input energyfreely 
and also get the resulting workfreely? The gauge freedom axiom in 
quantum field theory assures us that nature will indeed freely change the 
potential energy of any system for us, if we but arrange it and permit it. 


In short, we have had a gauge freedom principle for some time, which 
guarantees us that COP>1.0 EM systems are permitted and possible. Yet 
we have failed to realize it, or take any advantage of it. So we continue to 
pay to asymmetrically regauge (potentialized) all electrical power systems, 
and to insure that we have to continue to do it, we specifically design the 
systems so they will then re-enforce Lorentz's symmetrical regauging 
condition. 


This is another of those "inexplicable aberrations of the scientific mind" 
referred to by Nikola Tesla! 


2.2.3 A Humorous Comment but an Exact Analogy 

Again see Figure 1-1 in Chapter 1, and see Figure 2-3. In Figure 2-3, we 
show how Lorentz's integration trick {174a, 174b} discarded the huge 
nondiverged Heaviside component of energy flow outside the conductor, 
while retaining the small Poynting component that strikes the surface 
charges and gets diverged into the conductor to power the electrons. In 
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justifying his integration trick, Lorentz stated that all the rest of that 
wasted Heaviside energy flow 


See Panofsky & Phillips 


% The Lorentz procedure arbitrarily discards the 
Classical Electngtv and 


Magnetism. 2nd edn enormous eaviside component {hat misses the circutt 
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Figure 2-3 Lorentz's integration trick to discard the enormous Heaviside 
non-diverged energy flow component 


The Heaviside component is often 10 
trillion times the Poynting component 
but is simply wasted in ordinary 
single-pass energy flow circuits 

Heaviside component (nondiverged) 





CONDUCTOR 


Figure 2-4 Heaviside nondiverged and Poynting diverged energy flow components. 


(Figure 2-4) was "physically insignificant" (his term) because it did not 
strike the circuit, was not intercepted, and did not power anything. Well, 
Maxwell's theory is a material fluid flow theory, so let us evaluate 
Lorentz's justification in a fluid flow analogy. 
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The Heaviside component is often 10 
trillion times the Poynting component, 
but is simply wasted in ordinary 
single-pass energy flow circuits 
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Figure 2-4 Heaviside nondiverged and Poynting diverged energy flow components. 


Contrast Lorentz's statement if applied to the ocean wind on a sailing ship, 
where the wind represents the total energy flow and the ship represents a 
single Maxwellian system under consideration. 



































Only the wind on my ship 
is of physical significance! 


Figure 2-5 Lorentz in his sailing ship in an ocean wind, with no other ships around. 


113 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


As shown in Figure 2-5, Lorentz's argument is analogous to stating that the 
huge component of the wind that does not strike the ship's sails is 
"physically insignificant" — in other words, it has no physical use. Now 
that is true for the single ship under consideration, as shown in Figure 2-5. 
None of that wind component that misses the ship's sails does anything at 
all to power that ship (that individual system). Hence it is indeed 
physically insignificant to that ship itself. Of course, if we flare the sails 
wider, the ship will catch more wind and develop more power. That is an 
analogy to the Bohren experiment, which resonates the charges (the "sails" 
intercepting the incoming EM energy flow "wind") so that they sweep out 
a greater geometrical cross section. Hence 18 times as much energy is 
caught, as when the charges are not resonated (the sails are not flared to a 
greater area). 
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Figure 2 6 Lorentz in his sailing ship in an ocean wind, with many other shi ps 
alongside. 


However, now see Figure 2-6. If we put some more ships (some more 
systems) with "intercepting and collecting sails" in there, they will be 
powered quite well with some ofthat "physically insignificant" wind. So 
Lorentz (following earlier work by Ludwig Lorenz) really did advance and 
impose upon electrodynamics a non sequitur of first rank. 


And the wind-fluid analogy helps to "lighten things up" a bit here and 
inject a little good-natured humor! 
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2.2.4 Discussion 

Equation [22] has now become the first necessary but not sufficient 
principle of asymmetrical self-regauging (ASR) for overunity 
electromagnetic engines and devices. That is, we are now free to 
A-regauge in a nonconservative field manner, where excess net force fields 
automatically appear and remain for our use in the system. All that remains 
is for the designer to: 


(i) evoke "nonconservative” (asymmetrical) regauging in 
accord with equation [22]; 


(ii) have the system assembly in disequilibrium with its 
energetic external environment, so that the system 
itself performs this nonconservative A-regauging in 
some sector or part {175} of its normal operation, 


(iii) insure that any "free force" that is produced and 
allowed to do work upon the system will do some 
positive work upon the system, so as to increase its 
collected energy, and 


(iv) assure that the "free" forces that are otherwise 
produced by the circuit design (this includes, e.g., the 
back emf) do not seriously degrade the system (i.e., do 
not substantially reduce its energy available to 
dissipate as work in the load). Usually this means that, 
contrary to the standard closed current loop circuit, the 
circuit must not dissipate half its collected Poynting 
energy to dissipate the charges in the source dipole and 
destroy it. These four considerations we now advance 
as the primary or master principles ofasymmetrical 
self-regauging ofelectromagnetic engines and devices 

for permissible overunity efficiency. We will meet 
additional principles in a later chapter when we discuss 
what the form of the energy output of an overunity EM 
system is, and the considerations for close-looping a 
COP>1.0 EM system into stable disequilibrium and 
continuous self-powering. 


It is understood that the asymmetrical regauging portion of the circuit or 

system must be a broken symmetry in the energetic exchange between the 

active vacuum environment and that portion of the system. We exclude, 
g., solar cell-powered systems, windmill-driven generators, etc. 
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For simplicity, the system designer may wish to A-regauge only one 
potential, producing a desired "free" force F, to work on the system and 
increase its energy, while allowing any other extraneous force F, to 
appear, but just "bottling up" that additional force F, so that it cannot do 
any work at all on the system and therefore cannot degrade the system's 
operation. A most useful ASR corollary that immediately suggests itself is 
to simply A-regauge onto that force operation that normally produces the 
back-drag in a system or device, to either eliminate the back-drag 
altogether or reverse its algebraic sign so that it becomes an assisting force 
instead of a hampering force {176}. 


In overunity systems, this becomes a startling and unexpected exercise in 
novel new phenomenology effected by tempic potential differences, 
tempic force, etc. It involves not only the system, but also the entire 
supersystem consisting of the physical system, its associated altered local 
vacuum, and its associated curved local spacetime. See Chapter 9 for our 
expose of these phenomena, and how one must transduce™ the effects of a 
very novel kind of tempic force back emf, if the COP>1.0 system is to 
remain in disequilibrium with the active vacuum and thus maintain its 
stable COP>1.0 operation. 


Dissipative power inside source = V x it and V x it> V x it 


Other losses 





LOAD 





Vxkh<Vxir; SOCOP<10 
Figure 2-7 Why a conventional dosed aurrent loop circuit is limited to COP<1.0. 


Again see Figures 2-3 and 2-4, and equations [20] and [21]. 
Electrodynamicists have previously assumed away the capability of work- 


** A patent application on the process has been filed by John Bedini and the present 
author. 
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free "refueling" of an electromagnetic system directly from the local 
vacuum {177}. They have deliberately designed their systems to prevent 
self-evoking and positively utilizing asymmetrical self-regauging oftheir 
own potential energy during system excitation discharge. (See Figure 2-7). 


In fact, by forcibly pumping the ground electrons from the external circuit 
back up through the primary source dipole in the generator or battery, our 
closed current loop circuits self-enforce the Lorentz condition and require 
that precisely half the regauging energy freely intercepted and collected in 
the external circuit is used to destroy the source dipole providing the 
regauging energy. This destruction of the energy source is accomplished 
faster than the external load is powered. Hence all such systems with 
losses are COP<1.0 systems. For more than 100 years, this "self- 
destroying, suicidal system" is the only kind of electrical power system our 
energy scientists and engineers have designed and built. To inject a little 
humor, we can only describe this in Tesla's words” as "one ofthe most 
remarkable and inexplicable aberrations ofthe scientific mind which has 
ever been recorded in history. " 


Thereby electrodynamicists have narrowed the inherent flexibility of the 
Maxwellian EM gauge theory model to an artificially symmetrized subset 
of Maxwell-Heaviside-Lorentz equations that utilize a single fixed gauge. 
This prohibits the free use of the system's vacuum energy freely received 
by the source dipole's broken symmetry in its violent exchange with the 
active vacuum. Ifthe system increases its dipolarity (regauges freely), it 
simultaneously increases the speed at which it destroys the dipolarity! 
Maxwell's equations themselves do not require this, and neither does 
Heaviside's truncation ofthem into the resulting Maxwell-Heaviside 
equations. Lorentz's symmetrical regauging ofthe Maxwell-Heaviside 
equations does require it. 


The Maxwell-Heaviside theory without Lorentz symmetrical regauging 
allows regauging asymmetrically to place the system in disequilibrium so 
that it freely receives and utilizes excess energy from the surrounding 
vacuum. Then it can again asymmetrically regauge by dissipating that 
freely received energy in an external load. The theory specifically does not 
require destroying the primary source dipole as is done in the arbitrary 
closed current loop circuit between load andprimary source dipole in the 
generator or battery. 


" Nikola Tesla, "The True Wireless, Electrical Experimenter, May 1919. 
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By arbitrary habit, electrodynamicists have discarded the Maxwell- 
Heaviside major EM overunity mechanism: Asymmetrically self-regauging 
accomplished by the system itself, without requiring external work being 
done on the system by the operator, in order to freely gather in and collect 
excess potential energy in the system from its broken symmetry with its 
active vacuum environment. In this self-A-regauging, associated excess net 
force does appear, whereupon that excess collected/stored regauging 
energy can then be used to "drive" the forces against load resistance and 
system losses to freely power the system and its loads {178}. They have 
also discarded the major overunity corollary whereby the designer is free 
to utilize system self-regauging asymmetrically so that the normal back- 
drag or back-emfwork — usually done upon the system in its closed 
current loop configuration to reduce its kinetic energy — vanishes or 
reverses sign and becomes beneficial work done in the opposite sense, to 
freely increase the energy ofthe system. 


The failure to do this is bluntly met with, when one does succeed in 
producing a COP»1.0 system momentarily by suddenly and very 
powerfully breaking the system's equilibrium in its vacuum energy 
exchange. Nature then exhibits a very novel kind of Dirac sea hole reaction 
(powered by tempic force generated in the locally curved spacetime and 
resulting effects generated in the altered semiconducting vacuum). This 
reaction sharply jerks the system (or the system plus its external power 
supply) back into equilibrium and COP<1.0 operation. In Chapter 9, 
apparently for the first time in the literature™ we present this novel 
mechanism exhibited by nature as a new kind of "tempic back emf 
phenomenon in systems in disequilibrium. We also explain how to handle 
the problem and in general how to use it for "freeze-framing" and 
stabilizing the system's disequilibrium operation in sustained COP > 10 
configuration while powering itself and its load. 


All that is required for "self-powering" COP» 1.0 EM engines directly 
powered by the vacuum, is that (1) initially the engine must 
asymmetrically self-regauge to produce COP»1.0, and (2) positive 
transduced feedback (from the output) of a very special and previously 
unknown kind — where negative energy is transformed into normal 
electron current and energy — must be utilized to its input, in a clamped 


°° The basis for it, however, is in Dirac's electron theory published in 1930, nearly 
three quarters of a century ago. See P. A. M. Dirac, "A theory of electrons and 
protons," Proceedings of the Royal Society of London, Series A, 126(801), Jan. 1, 
1930, p. 360-365. 
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and controlled fashion {179}. The clamped positive feedback can be 
designed and applied, once the fundamental engine is designed for self- 
regauging and overunity efficiency, and once the novel feedback and 
transformation requirements are understood and incorporated. The 
remaining excess output can then be utilized to power loads, while the 
engine seemingly "powers itself." 


We stress, of course, that this system is just analogous to the windmill, and 
it continuously receives a "free energy wind" from its active environment. 
The conservation of energy law is obeyed at all times, as are physics and 
thermodynamics. 


In a later chapter we present the concepts and processes for these novel 
phenomena involved in close-looping a COP>1.0 system for self-powering 
operation. 


2.3 The Suicidal Closed Unitary Current Loop Circuit 


The present Lorentz-Maxwell-Heaviside theory, by which EM circuits and 
electrical power systems are designed, produces only systems in net usable 
equilibrium with the active vacuum, specifically during the symmetrically 
regauging discharge of the circuit's excitation energy (Figure 2-7). Hence 
all present EM systems designed by that model rigorously conform to 
classical equilibrium thermodynamics, and exhibit a coefficient of 
performance (COP) of COP<1.0. 


Since the Maxwell-Heaviside equations do not restrict the designer to 
systems in equilibrium with their active environment, some ubiquitous 
characteristic ofthe standard circuit approach must be self-enforcing the 
Lorentz symmetrical condition as far as using any excess free potential 
energy of the system to freely power loads. That is the closed-loop circuit, 
as we have discussed. Let us now illustrate what goes on in such a circuit. 


Taking into account Figure 2-4, Figure 2-8 shows a modified diagram of 
what is actually happening between the vacuum and the dipole to power 
the circuit. Figure 2-9 shows how a pair of conductors constitutes an 
extended series of parallel dipoles. Once the dipole is formed by 
dissipating some chemical energy in the battery, the dipole extracts energy 
from the surrounding vacuum and pours it out of the battery terminals, 
producing an energy flow filling space around the conductors of the 
external circuit. Only a very small portion (Figure 2-4) ofthe very large 
energy flow is intercepted by the external charges in the conductors, and 
diverged into the conductors to power up the Drude electrons. 
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The broken 3-symmetry of its opposite charges is the generatrix for the 
dipole’s continuous absorption of virtual energy from the vacuum and for 
its continuous emission of observable Poynting energy fow S= EXH 








Field aaa Sea hshigi nae > Te Field 
Sie > - lines of 


ordered “—~w ; 5 : = ordered 
flux energy ee fo ie ME Noe flux energy 


flux X_N ; 
exchange 





“exchange 





Figure 2-8 Virtual photon flux exchange intensity with the charges ofa dipole. 


As can be seen from Figure 2-7, half of the energy collected upon the 
internal electrons to drive them as jd is expended as work required to 
pump the spent electrons from the ground return wire back through the 
source dipole in the battery. This scatters the charges of the dipole (in this 
case, by changing the chemistry of the battery plates) and destroys the 
dipole. The other half of the collected energy is dissipated in the external 
circuit's losses and in the load. 


Then some more chemical energy has to be dissipated by the battery to 
perform work upon the internal charges and restore the dipole (in this case, 
to change the plate chemistry ofthe battery plates). So even if this process 
is 100% efficient, the battery has to dissipate as much chemical energy as 
was electrically dissipated upon those former dipole charges to scatter 
them and destroy the dipole. 


In Figure 2-7, we show the small internal resistance of the conductors, as 
well as the load resistor. Half the energy dissipated by jo is expended just 
to forcibly ram the spent electrons back through the back emf of the source 
dipole. The other halfis expended in the circuit's internal losses and in the 
load resistance. Therefore, less energy is expended as usable work in the 
resistive load than is expended to destroy the dipole and cut off the flow of 
free EM energy from the vacuum. 
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Figure 2-9 Paired conductors as an extended set of dipoles. 


The battery has to input as much energy to restore the dipole as was used 
to destroy it. The battery has to expend at least as much chemical energy as 
equals half the entire energy originally collected in the external circuit and 
expended as |j(t)(t)dt. It must expend chemical energy CE > % [j(t)(t)dt. 
The energy RE dissipated as work in the load resistor R is 

RE<% fi(t)o(t)dt. Thus CE>RE, and this system is forced to exhibit 


cope RE_ <%0jMF Od, cop<19 [23] 
CE * wo jf Wat 


As can be seen, this system symmetrically regauges itself during its 
excitation discharge, so that it self-enforces the Lorentz condition during 
that period. The circuit self-enforces COP<1.0, even though all the energy 
— both the energy powering the external circuit and also destroying the 
internal source dipole in the battery to enforce the Lorentz condition 
during discharge — is freely received from the active vacuum via the 


broken symmetry of the source dipole,” once established, in its energetic 
exchange with the active vacuum. 


°7 The broken symmetry of opposite charges is one of the broken symmetries 
predicted by Lee, {13a} and by Lee, Oehme, and Yang, {13b}. Broken symmetry 
was proven experimentally in early 1957 by Wu et ai, {14}. So profound were the 
implications for physics that the Nobel Prize was awarded to Lee and Yang in latter 
1957, the same year! E.g., see T. D. Lee, "Weak Interactions and Nonconservation of 
Purity," Nobel Lecture, Dec. 11, 1957 in T. D. Lee, Selected Papers, Gerald 
Peinbcrg, Ed., Birkhauscr, Boston, 1986, Vol. 1, p. 32-44. 
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The problem is that the source dipole is destroyed faster than the load is 
powered, as shown in Figure 2-7. Because of the inexplicable scientific 
pre-occupation with the conventional closed current loop circuit, the planet 
and biosphere have been increasingly polluted for more than a century, by 
burning more hydrocarbons, building more dams, using more nuclear fuel 
rods, etc. to provide ever more electrical energy. 


2.4 In Summary 


COP>1.0 operation in EM systems via work-free asymmetrical regauging 
has been inherent in the Maxwell-Heaviside equations for more than a 
century. Since Lorentz first did so circa the latter 1880s, electro- 
dynamicists have just conveniently and arbitrarily assumed away 

COP>1.0 systems by (i) artificially limiting the theory to only that fraction 
of Maxwell-Heaviside systems in usable net force field equilibrium in their 
vacuum exchange during their excitation discharge, and (ii) using the 
ubiquitous closed current loop circuit to self-enforce the Lorentz symmetry 
condition during that excitation discharge. In other words, our engineers 
have only been building systems which self-enforce the overly restricted 
Lorentz-regauged theory. 


Electrodynamicists have never seriously tried to build overunity circuits, 
nor until recently have they explored the discarded Maxwellian systems by 
removing the Lorentz regauging condition and examining EM energy from 
the vacuum.”® 


°* Under the directorship of Dr. M.W. Evans, the Alpha Foundation’s Institute for 
Advanced Study (AIAS) has been gradually developing the physics of EM systems 
far from equilibrium with their active environment (the local active vacuum and 
local curved spacetime). Some ofthe papers of interest are: M. W. Evans et al., 
"Derivation of the Lehnert field equations from gauge theory in vacuum: Space 
charge and current," Found. Phys. Lett, 13(2), Apr. 2000, p. 179-184; Evans et al., 
{38b}, {38c}, {113b}, {233a}, {233b}, {233e}; {233g}, {233j}; Evans et al., 
"Schrodinger Equation with a Higgs Mechanism: Inherent Vacuum Energy," Found. 
Phys. (in review); — "Vacuum Energy Flow and Poynting Theorem from Topology 
and Gauge Theory," Physica Scripta (in review); — “Energy from the Vacuum," 
Physica Scripta (in review); — "Some Notes on Asymmetric Regauging", J. New 
Energy 4(3), Special Issue, Winter 1999, p. 325-326; — "Inconsistencies of the 
Maxwell-Heaviside Theory of Electrodynamics: The Aharonov-Bohm Effect," J. 
New Energy, 4(3), Special Issue, Winter 1999, p. 236-240; — "Spontaneous 
Symmetry Breaking as the Source of the Electromagnetic Field," Found. Phys. Lett. 
(in press), A monumental work. Modern Nonlinear Optics, Second Edition, 3 vols., 
ed. M. W. Evans, Wiley, 2001 gives a broad coverage of higher group symmetry 
electrodynamics and energy from the environment (the local active vacuum and the 
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Every electrical power system ever built is and has been powered by 
electrical energy freely extracted from the seething vacuum exchange with 
the source dipole in the system, due to that dipole's broken symmetry. But 
the engineers and scientists have designed and built only those electrical 
systems which self-enforce Lorentz's symmetrical regauging. 


The time for energy scientists and engineers to correct this procedure and 
cease this inane practice is long overdue, following the direction pointed 
out by the AIAS. 


local curved spacetime). Some 60 AIAS papers are published as a Special Issue of 
the J, New Energy, 4(3), Winter 1999. More than 100 AJAS papers are also carried 
on DoE restricted website http://www.ott.doe.gov/electromagnetic/. 
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Chapter 3 


Giant Negentropy, Dark Energy, Spiral 
Galaxies and Acceleration of the 
Expanding Universe 


",.. the discoveries made in 1957 established not only right-left 
asymmetry, but also the asymmetry ofthe positive and negative 
signs ofelectric charge. In the standard nomenclature, right-left 
asymmetry is referred to as P violation, or parity 
nonconservation. The asymmetry between opposite signs of 
electric charge is called C violation, or charge conjugation 
violation, or sometimes particle-antiparticle asymmetry. "[T. D. 
Lee]. {180} 


"The ends ofa dipole, being oppositely charged, exhibit charge 
conjugate symmetry violation. An ‘isolated’ charge, considered 
with its clustering virtual charges ofopposite sign, also exhibits 
symmetry violation. " [T. E. Bearden, this book, below]. 


"A generally acceptable, rigorous definition of radiation has not 
as yet beenformulated." ....""The recurring question has been: 
Why is it that an electric charge radiates but does not absorb 
light waves despite the fact that the Maxwell equations are 
invariant under time reversal? "[B. P. Kosyakov]. {181} 


"Tt [the energy transferflow] takes place, in the vicinity ofthe 
wire, very nearly parallel to it, with a slight slope towards the 
wire... . Prof Poynting, on the other hand, holds a different 
view, representing the transfer as nearly perpendicular to a 
wire, i.e., with a slight departure from the vertical. This 
difference ofa quadrant can, I think, only arisefrom what seems 
to be amisconception on his part as to the nature ofthe electric 

field in the vicinity ofa wire supporting electric current. The 
lines ofelectricforce are nearly perpendicular to the wire. 

Their departure from perpendicularity is usually so small that I 
have sometimes spoken ofthem as being perpendicular to it, as 
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they practically are, before Irecognized the great physical 
importance ofthe slight departure. It causes the convergence of 
energy into the wire. "(Oliver Heaviside]. {182} 


"The funny thing about the dark matter is it doesn't show up in 
light, X-rays, gamma rays, infrared, ultraviolet, radio waves, or 
submillimeter. We're running out of places to look for it." 
[William Keel]. {183} 


".,. baryonic, ordinary matter — the stuff of stars and of people 
— makes up just over 4% ofthe energy and matter in the 
universe. ...about 30% of the stuffin the universe is dark 
[unobserved] matter. The remaining two-thirds, theorists 
believe, is amysterious ‘dark energy’ or ‘quintessence'—a 
large-scale antigravity-like effect that is making the universe 
expand everfaster.... " [Charles Seife]. {184} 


"And yet, curiously enough, we do not know exactly what charge 
is, only what it does. Or, equally significantly, what it does not 
do."[M. P. Silverman]. {185} 


"Charge is the ongoing circulation of EM energy flow between 
the time and 3-space domains, as seen by the observer. Negative 
charge is the ongoing absorption of EM energy inputfrom the 
time domain (from ict), transduction ofthe absorbed energy into 
3-space EM energy, and re-emission ofthe EM energy in all 
directions in 3-space. Positive charge is the ongoing absorption 
ofEM energy input from 3-space, transduction ofthe absorbed 
energy into the time domain, and re-emission ofthe EM energy 
in the time domain. Ifwe wish, we may also consider the positive 
charge as radiating negative energy, while the negative charge 
radiates positive energy. Once we consider vacuum 
polarization, we recognize that this circular flow process is 
involvedat each "dipolar point" ofthe polarized vacuum. " [T. E. 
Bearden, this book, below]. 


"The matter density ofthe Universe is extremely low. On 
average there might be one atom per cubic metre of space. The 
major constituent ofthe Universe is believed to be some kind 
‘dark energy’, which is pushing the Universe apart." [Matthew 
Colless]. {186} 
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3.1 Broken 3-Symmetry of the Dipole 


To recap from Chapters 1 and 2: In 1956, Lee and Yang {187} strongly 
predicted broken symmetry in physics, suggesting experiments to detect it 
in the weak interaction. In early 1957, Wu et al. {188} experimentally 
demonstrated broken symmetry, thus furnishing the experimental 
substantiation of broken parity in the weak interaction. The emergence of 
broken symmetry was such a dramatic change to the view of physics, that 
in December of the same year, 1957, Lee and Yang were awarded the 
Nobel Prize. 


One of the asymmetries shown by Lee et al. is the asymmetry of opposite 
charges. That means that a dipole, which consists of slightly separated 
opposite charges, exhibits broken symmetry in the seething vacuum virtual 
particle flux. In short, a dipole — any dipole or dipolarity — must absorb 
or receive virtual photon energy from the active vacuum, integrate at least 
some of it to observable state, and re-radiate that integrated EM energy in 
observable form in 3-space. 


We stress: The ends ofa dipole, being oppositely charged, exhibit broken 
symmetry. An 'isolated' charge, considered with its clustering virtual 
charges ofopposite sign, is a set of composite dipoles and also exhibits 
broken symmetry. 


Dipole formed instantly 
in laboratory at time = 0 


Time after dipole formation when 
inetruments at radial point first read ~ 


7; 
” rel distance sista by f 
of continuous EM energy flow 


Edge of solar system Deep Space 


Figure 3-1 The source dipole experiment, demonstrating continuous energy flow. 


Let us now consider a gedanken experiment, as shown diagrammatically in 
Figure 3-1, to illustrate Kosyakov's quotation cited above. At a point in the 
laboratory corresponding to the origin ofa 3-dimensional frame, a dipole 
is produced instantly by separating charges, such as in a flash-charged 
capacitor. Along two radial lines in 3-space from that origin, we have 
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previously placed perfect EM field and potential detectors, at distances 
ct apart, where t= 1, 2, 3, 4, n,... and so on in seconds, with the radials 
extending across the universe, and where c is the speed of light. We neglect 
the transient pulse that momentarily occurs at each instrument package, since 
we are examining steady state conditions. 


At the end of one second, the instruments at t= 1 instantly read, and those 
readings remain thereafter. One second later, the instruments at t = 2 
instantly read, and those readings remain thereafter. And so on with each 
of the instruments progressively farther from the origin reading at the 
proper light-time travel, and with all field readings then remaining 
continuously thereafter. 


This gedankenexperiment demonstrates that what is emitted from the 
dipole, from its moment of creation at the origin, is a continuous flow of 
EM energy in all directions in 3-space.”’ This energy continuously flows 
from the dipole, indefinitely or as long as the dipole physically exists. 
Other than paying once to initially separate the charges and make the 
dipole, we have neither added nor input any additional energy. Yet energy 
continues to flow out from the dipole in all directions, unceasingly, as 
shown by the continued ofthe reading on each field energy density 
instrument, once the leading edge of the energy outpour reaches that 
instrument and passes it by. In short, the experiment shows that it is not a 
"pulse" that passes each instrument, but a continuous and sustained flow of 
EM energy, remaining steadily thereafter so long as the dipole remains. 


One year after making the dipole, the instruments at one light year distance 
suddenly read, and their readings remain. The energy density ofa volume 
ofspace one lightyear in radius has now been changed, and that change 
in spatial energy density continues to spread outwards at light speed. 


*° More exactly, what is observed is a spreading change in the energy density and 
point-like polarization of the vacuum itself, and of the local curvature of spacetime. 
At each point, once the change of energy density and ST curvature occur, the energy 
density and ST curvature remain fixed in a new equilibrium condition, steadily fed 
by the energy radiating from the dipole. See our point made in {181}. The 
discovery of giant negentropy {12} requires a change in how we view the very 
process of energy propagating in space. Now it has become a quite different 
propagation of energy circulation between time and space domains at each affected 
point in space. 
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Yet there has been no input of observable 3-space EM energy flow to the 
dipole whatsoever, as our instruments also verify. All observable energy 
flow in 3-space is outward from the origin where the dipole is located.” 


We have shown that the observable EM energy flow from a source dipole 
is not conserved in 3-space, which is consistent with a broken 3-symmetry 
since symmetry implies conservation. Either we must discard the 
conservation of energy law altogether, or it must be conserved in 4-space 
since we have proven the dipole does not conserve energy in 3-space. If 
we assume that the experiment must conform to the conservation of energy 
law, then 4-symmetry EM energy flow must exist since 3-symmetry 
energy flow is broken. The energy steadily pouring out of the dipole in all 
directions in 3-space must therefore be received by the dipole charges from 
the time-domain,°' assuming we are working in Minkowski 4-space. In 
particle physics, this is essentially the same as receiving the energy from 
the virtual domain, and therefore is consistent with the proven broken 
symmetry of every dipole and dipolarity. 


The energy flow is indeed received from the time domain, as we have 
argued {189} in a wave manner consistent with (i) quantum field theory as 
shown by Mandl and Shaw in the photon model {190}, (ii) broken charge 
conjugation symmetry of particle physics using the virtual photon and 
observable photon concepts, and (iii) a re-interpretation of Whittaker's 
decomposition of the scalar potential {191} when applied to the scalar 
potential between the ends ofthe dipole {12}. 


We state the obvious: A dipole is a Maxwellian system. This gedanken 
experiment also proves by demonstration that a Maxwellian system — 
e.g., a dipole — is permitted by the laws of nature, physics, and 
thermodynamics to output more energy than the operator inputs, since we 


°° Obviously, we are utilizing the prevailing notion of the flow of energy through 
3-space, which is actually a non sequitur. No 3-space observable entity can "move" 
in 3-space alone; it requires time to move, and so any movement is in 4-space a 
priori. We previously discussed this and the dldt operator being applied by the 
observation process. But for simplicity, we are using the conventional view here, so 
the negentropy ofthe dipole can be easily grasped. 


°! Again, we have stated the positive time case only. In the spreading special 
4-circulation, energy appears in 3-space at each point dipole from the time domain 
(courtesy ofthe action ofthe negative charge ofthe dipole), and then returns from 
3-space back to the time domain (courtesy of the action ofthe positive charge, which 
is a time-reversal of the action of the negative charge). 
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input nothing to the source dipole once we have made it. After paying to 
produce the dipole initially, the operator has made no other energy input to 
the dipole at all, yet the dipole will continue to pour out observable energy 
in 3-space for the next 14 billion years ifthe dipole remains and is not 
destroyed. In addition, every positive charge and every negative charge in 
the universe form a dipole, regardless of the separation distance between 
them. That dipole is also performing the gedanken experiment process. 
Every dipolar EM circuit contains innumerable such dipoles — e.g., across 
“open paths" between the various points in the circuit, as shown by Kron 
{192}. Kron {193} stated: 


"... the missing concept of "open-paths " (the dual of "closed- 
paths") was discovered, in which currents could be made to flow 
in branches that lie between any set oftwo nodes. (Previously - 

following Maxwell - engineers tied all oftheir open-paths to a 
single datum-point, the 'ground'). That discovery ofopen-paths 
established a second rectangular transformation matrix... which 
created ‘lamellar' currents..." "A network with the simultaneous 
presence ofboth closed and open paths was the answer to the 
author's years-long search." 


By considering all dipoles in the universe, one has in fact finally defined 
Kron's open path. One has also defined the master mechanism responsible 
for the incredible EM energy density of the vacuum — the so-called "zero- 
point EM energy”. Overall, every electrical circuit thus has innumerable 
energy flow broken 3-symmetries in it, with respect to exchange of EM 
energy flow between the time and 3-space domains. To sum all these 
broken 3-symmetries to an overall net 3-symmetry during the discharge of 
the free excitation energy of the circuit, obviously requires some specific 
macroscopic cohering function in the circuit. Moreover, one exists. 
Specifically, the closed current loop between the external circuit attached 
to the generator and the internal source dipole created between the 
terminals ofthe generator, is what enforces the circuit's net 3-symmetry 
and Lorentz symmetrical regauging. That is an arbitrary man-made 
condition, and not a law of nature, physics, or thermodynamics. 


°° Or to a charge with its clustering virtual charges of opposite sign, if we redo the 
experiment with a single "isolated" observable charge and consider it more exactly 
as a set of composite dipoles, each of which exhibits broken symmetry in the 
vacuum virtual particle flux. 
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By our gedanken experiment's demonstration and the existence of 
innumerable disequilibria between the active environment™ and the system 
in an ordinary EM circuit, it follows that a Maxwellian circuit must be 
capable of exhibiting a coefficient of performance (COP) of COP>1.0. It 
is a giant collection of open dissipative systems, far from equilibrium in 
the vacuum exchange. 


That concept of course is contrary to the entire present mindset of electrical 
engineering and Maxwell-Heaviside-Lorentz classical electrodynamics. 
Those disciplines merely continue to accept the source charge as if it freely 
created from nothing all that energy in its associated fields and potentials 
reaching across the universe. Ironically, so long as the giant negentropy of 
the common dipole and its disequilibrium with its active environment (the 
local active vacuum and the local active curvatures of spacetime) are 
unaccounted, engineers and scientists will continue to produce the inane 
Lorenz/Lorentz-regauged power systems they produce today and have 
produced for more than a century. Also, they will continue — wittingly or 
unwittingly — to implicitly prescribe that every charge and dipole in the 
universe violates the conservation of energy law and is thus aperpetuum 
mobile ofthe grossest kind: a system which massively and continuously 
creates EM energy from nothing. 


We now point out something deeper and very important. In modern 
physics, the observed positive charge is regarded as the time reversal of 
the observed negative charge. See Figure 3-2. If the negative charge is 
responsible for EM energy flow from the time-domain into 3-space, then 
as observed the positive charge must represent a time-reversed situation. 
We observe time reversal in the charge domain as a parity reversal and a 
charge reversal, but with the energy remaining positive. In other words, 
one imagines that one records a process on videotape, and then runs the 
video backwards to observe the "time-reversed" situation. When observed, 
both the sign of the positive charge and its direction of motion appear to us 
to be reversed from the negative case. 


Tn paragraph 3.10 and in Chapter 9 we will introduce — more deeply — the notion 
of the supersystem, consisting of three parts: (1) the system and its dynamics, (2) the 
active vacuum and its dynamics, and (3) the active spacetime curvatures and their 
dynamics. All three components of the supersystem interact with each other. In our 
gedanken experiment, the system (component 1) must receive the excess energy 

from the system's external environment, which consists of components 2 and 3 of the 
supersystem. 
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It follows that the positive charge as observed involves a flow of (positive) 
energy from 3-space back to the time domain. If we wish, before 
observation we can accept that "observed positive energy inflow" as an 
unobserved outward radiation of negative energy. Thus, a dipolarity 
involves a continuous flow of energy from the time domain into 3-space, 
and back from 3-space into the time domain (Figure 3-2). The energy flow 
circuit (circulation) is completed by a remaining energy flow across the 
dipolarity in the time-domain only, from the positive charge where the 
energy enters the time domain, to the negative charge where it exits 
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Figure 3-2 Circulation of energy flow ina dipole, between time domain and 3-space. 


* Rigorously, we should speak of +gt and -gt. Charge q is an observable, and 
therefore an instant frozen snapshot. No observable exists continuously in time, but 
instead it recurs continually as the photon interactions — iteratively producing the 
d/dt (LLLT) = LLL observations — continue. The moment a charge q absorbs a 
photon, it changes to gt in form. The moment the charge-time gt emits a photon, it 
changes back to qg in form. This incessant change of g -> qt -> q -> qt —» .... iS 
continual, at every level of the macroscopic charge, with its entire ensemble of 
photon interactions, including both virtual and observable photon interactions. As 
can be seen, the "charge as it persists" and "moves through time" has a rich dynamic 
substructure essentially ignored in present electrodynamics. It is, however, 
recognized by leading theoreticians and Nobelists. 
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However, even each of the clustering virtual charges and each of the 
differential charges of the observable charge, may be further broken into a 
central charge and clustering charges of opposite sign, in the modem view 
of the vacuum and its polarization. Hence, at any level — electron or 
positron — we actually have a dual and slightly separated bidirectional 
flow, at least in the observable equilibrium condition. The "positive 
energy” and positive flow of time is usually associated with "inert" matter 
with the electrons on the outside, so that the observer observes normal 
matter through the "forward time" situation mostly. Hence much of the 
accompanying backwards or time-reversed flow — from the positive 
charges in the nuclei, etc. — is "buried in the vacuum virtual state" in the 
Dirac sea and in Dirac sea hole flows. 


Indeed, the vast hierarchy of nested structures and nested dynamics in 
charge as it exists in the vacuum, is recognized in physics, as is the fact 
that it involves infinite energy. E.g., quoting Nobelist Weinberg {194}: 


[The total energy ofthe atom]... depends on the bare 
mass and bare charge ofthe electron, the mass and 
charge that appear in the equations ofthe theory before 
we start worrying about photon emissions and 
reabsorptions. But free electrons as well as electrons in 
atoms are always emitting and reabsorbing photons that 
affect the electron's mass and electric charge, and so the 
bare mass and charge are not the same as the measured 
electron mass and charge that are listed in tables of 
elementary particles. Infact, in order to accountfor the 
observed values (which ofcourse are finite) ofthe mass 
and charge ofthe electron, the bare mass and charge 
must themselves be infinite. The total energy ofthe atom 
is thus the sum oftwo terms, both infinite: the bare energy 
that is infinite because it depends on the infinite bare 
mass and charge, and the energy shift... that is infinite 
because it receives contributions from virtualphotons of 
unlimited energy." 


Here again we have met Kron's "open path" in a new and unrecognized 
form. 
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Hopefully we now are in a position to rigorously define charge — or try to 
— for the first time in physics.® Charge is the ongoing circulation of EM 
energy flow between the time and 3-space domains, as seen by the 
observer. Negative charge is the ongoing absorption of positive EM 
energy input from the time domain (from ict), transduction of the absorbed 
energy into positive 3-space EM energy, and re-emission of the EM energy 
in all directions in 3-space. Positive charge is the ongoing absorption of 
EM energy input from 3-space, transduction of the absorbed energy into 
the time domain, and re-emission of the EM energy in the time domain. Or 
contrary-wise, one may regard the positive charge as the ongoing 
absorption ofnegative EM energy input from the time domain, 
transduction of the absorbed negative energy into 3-space, and 
re-emission of the negative EM energy in all directions in 3-space. The 
negative charge then absorbs the negative EM energy impinging on it from 
3-space, and transduces it into negative energy flowing back into the time 
domain. 


Any overall curvature of spacetime, as seen by the observer, results in one 
of the two flows predominating as seen by the observer. Usually, at 

COP < 1.0, this Dirac sea hole current does not bother our circuit's 
operation, but remains confined to the local vacuum. It is often not 
bothersome or is minor for other than very high COP's. The reason is that, 
for such moderate and small COP's, most of the Dirac sea hole currents 
react either with (i) the seething local vacuum virtual particle cauldron, or 
(ii) the atoms in the material lattice to form lattice holes. 


As the COP increases, the fraction of Dirac holes interacting with the 
lattice to form lattice holes increases. As the COP further increases greatly, 
a large fraction of the Dirac sea holes do not react with the local vacuum 
cauldron (they become stable forms in that cauldron) or the lattice, but 
flow into the input section ofthe system to react with and "eat" incoming 
electrons from the external power source. 


Ifthe inflow of electrons is insufficient to fill the arriving Dirac sea hole 
current at the input section, the hole current passes back into the feeder 
line and into the distant power source, eating electrons all the while. This 


® This is still a first order, macroscopic definition. For a more comprehensive 
statement, one must spell out the hierarchy and dynamics of the virtual state, the 
participating mass of the charged particle and its generatrix, the operations and 
dynamics ofthe d/dt observation operator, etc. We have not yet succeeded in getting 
all that into a single reasonable but sufficiently short statement! 
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includes eating electrons in the distant power source, which simply "sees" 
that it must furnish additional current and voltage (power) toward the 
distant circuit or system. 


In that operational COP region where strong interaction with the lattice 
occurs, the attachment of the lattice positron (lattice hole) to the mass of 
the atom or other ion, results in a very sluggish response of the overall ion 
with EM fields, compared to the response of an electron or a negative 
energy state electron hole (Dirac sea hole). Hence much of conventional 
electrical power circuit theory ignores the lattice holes and hole currents 
which no longer have negative energy because they have reacted and been 
"observed". Semiconductor designers, however, account for it and handle 
it in the semiconductor (in a given range of operation) primarily by the use 
of donor and acceptor materials. 


At COP»1.0, however, the Dirac sea hole current must be strongly taken 
into account because it produces substantial and novel new effects in the 
power system itself. This Dirac sea hole current "flows in reverse” with 
respect to the circuit — from output back to the input. In short, it flows 
through the vacuum from the output section of a unitary COP» 1.0 
system, back through the middle section ofthe system, and back into the 
input section where it "eats" incoming electrons from the external power 
supply. The power supply thus must furnish electrons to "kill (power the 
killing of) the Dirac sea hole current arriving in the input section", while 
still furnishing the necessary amount of additional electrons to power the 
circuit's losses and loads. 


The hole current arriving back in the input section of the unit poses an 
additional "power system load". These holes must be filled with incoming 
electrons (which disappear into the Dirac sea hole in the vacuum without 
radiation, due to the concomitant relaxation or change of the local 
curvature of spacetime) before any incoming electrons are left to power the 
circuit in normal fashion. So the hole current appears as a highly undesired 
extra "load" formed in the input and "eating input power from the external 
power supply”. 


We further discuss this situation and how to deal with it, in Chapter 9. 


Finally, we propose a formal modification of the concept of "EM energy 
flow through space" (perhaps the first since its formulation independently 
by Heaviside and Poynting). The EM energy flow connected with the 
charge is a circulation of EM energy flow between the time domain and 
3-space and back, as a result of dipolarity. This 4-circulation flow occurs 
at every point in 3-space (at every point dipole in the 3-space vacuum). 
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The formation of an observable charge results in an immediate, continuing, 
spreading re-organization (polarization) of the polarization of the vacuum 
virtual particle flux itself. It is this spreading polarization ofthe vacuum 
— and its accompanying giant negentropy EM energy flow circulation in 
4-space connected with the spreading dipolarity and the observable 
“source” charge — that moves outward in all directions at the speed of 
light in 3-space from the newly formed charged particle or group of them. 


We also define charge itself as that continuously spreading dipolarity in 
3-space™ accompanied by the giant negentropy EM energy flow 
4-circulation from the time domain to 3-space and back. 


The giant negentropy circulation in 4-space — represented by the 
spreading vacuum point-polarization and hence broken 3-symmetry — is 
what (observably) moves out in all directions from the newly formed 
observable charge. Since we "observe" only the 3-space aspect, we "see" it 
as the spreading appearance of 3-space EM energy (the polarization 
change of the vacuum itself) moving in 3-space, because we "see" it as the 
iteratively observed frames of a motion picture. As observed, that is one 
way ofexpressing it. As it actually exists and happens prior to 
observation?” the so-called "flow of EM energy in space" is not that at all. 
It is the radial spread of the appearance ofa giant 4-space negentropy EM 
energy flow circulation between the dipoles formed in the polarization of 
space. In that process, the special 4-symmetry between time and space is 
maintained but with broken 3-energy flow symmetry and broken time- 
energy flow symmetry with respect to the 3-space observer. 


% Te., the spreading partial restructuring and re-organization of the vacuum energy 
or energy flux. 


67 The sharp-eyed reader will note that we clearly distinguish between the operation 
of a "tree falling in the forest" without an observer to see it, and a “tree falling in a 
forest" as an observer sees it. Without observation, there is no observed tree, no 
observer, and no "observed falling". Yet there exists the "tree x time", the "observer 
x time", and the "falling x time" whether or not their observation occurs with its 
resulting d/dt differentiation operation. One set (the causal set) is 4-spatial, and the 
other set (the event set after observation) is 3-spatial. The cause is 4-spatial and 
unobserved, and the effect is 3-spatial and observed. They are not the same, though 
related by the d/dt observation operator and by the interaction of the 4-space cause 
with a previous 3-space frozen observation to change it to a new 3-space frozen 
observation. Note that one can and does have a cause without an effect in any 
legitimate theory of causality, but not an effect without a cause. The cause only 
assumes the potential for interaction and observation, whereas the effect assumes 
that the interaction has occurred, yielding the observation as the effect. 
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The 4-circulation (giant negentropy) of the EM energy flow "from" or 
"connected with" a charge, is intimately connected with the spin of the 
charged particle, since the charged particle spins in both the time domain 
and in 3-space, as discussed in paragraph 3.3 below. We believe the spin 
itself is the basic giant negentropy generator.® If that hypothesis is true, 
then giant negentropy, the circulation of EM energy between time-domain 
and 3-space and back, broken 3-symmetry and broken time-energy 
symmetry (as seen by the observer), the flow of EM energy through space 
(as observed), the nature of charge itself, and polarization of the quantum 
mechanical vacuum are all just different sides of the same coin. 


Without amplification, we state that his giant negentropy outflow process 
has additional important ramifications in electrodynamics, general 
relativity, particle physics, and unified field theory. However, we leave 
further discussion of the subject for a future paper or book and for the 
advanced theorists. 


3.2 Reinterpreting Whittaker's Decomposition of the 
Scalar Potential 


As previously stated, we applied and re-interpreted Whittaker 1903 
decomposition of the potential {85} between the ends of the dipole. The 
scalar potential is actually a harmonic set of bidirectional longitudinal EM 
wavepairs, where each wavepair consists of an outgoing EM longitudinal 
EM wave in real 3-space and an incoming EM longitudinal EM wave in 
the complex plane. Hence we have a new and novel EM energy flow 
symmetry in 4-space, where (as seen by the observer) the broken 
3-symmetry of the dipole has removed the usual arbitrary imposition of an 
additional condition of 3-space energy flow symmetry as well. Simply 
making a dipole permissibly breaks the 3-space conservation of energy 
flow symmetry, and moves to 4-dimensional conservation of energy 

flow. Both EM energy conservation in 3-space and in the time domain are 
individually broken, but conservation of energy flow is now upheld 
between the time-domain and the 3-space domain. In blunt terms, we 
"consume a little time" to get any EM energy that exists in 3-space. 


68 We leave to a future sharp young graduate student the business of expressing the 
angular momentum (spin) of the charged particle as a result of giant negentropy in 
EM energy flow between the time domain and 3-space. It can probably be done by 
deeply considering the giant negentropy process for an "isolated" observable charge 
considered as also containing its clustering set of virtual charges of opposite sign. 
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The broken symmetry of a source dipole — or of a source charge 
considered with its clustering virtual charges of opposite sign as a set of 
dipoles — produces a continuing giant 3-negentropy, as seen by the 
observer. He only sees the steady 3-space outpouring of energy, and sees 
that it will continue as long as the dipole or charge remains intact. 


® 
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Figure 3-3 Observable electron charge as a set of composite dipoles. 


To clarify the "isolated charge" as a set of composite dipoles, see Figure 
3-3. There is no such thing as an isolated observable charge in 

3-space; instead, the observable charge is surrounded by attracted virtual 
charges of opposite sign in the active vacuum. We take a differential piece 
of the observable charge and a momentary virtual charge of opposite sign, 
and call the two a "composite dipole". An observable charge is simply a set 
of composite dipoles connecting virtual and observable energies and 
energy flows. 


Hence any source charge (classical sense) may be considered such a set of 
composite dipoles. So any source charge also multiply initiates the broken 
3-symmetry and broken t-symmetry in EM energy flow (as interpreted by 
the observer), but conserves energy flow 4-symmetry between the time 
domain and the 3-space domain. In 4-space, there is an energy flow 
circulation from the time domain to 3-space and back to the time domain 
again. 


This special circulation of energy is strikingly similar to, and may be an 
extension of, Heaviside's unpublished theory of combined electrodynamics 
and gravity, where he used closed circulation of EM energy as exhibiting 
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gravitational effects (in modern terms, producing spacetime curvature) 
{195, 172b.}. This approach or extensions of it may yet have a profound 
impact on physics, as commented upon by Laithwaite {196}. Certainly 
Heaviside considered his own energy flow theory. So it appears that he 
considered the excess energy flow — that "misses" the interaction with the 
circuit or assumed unit point charge and is not utilized — as producing 
gravity. That of course would be in perfect agreement with modern general 
relativity, since any change in the local energy density of vacuum is also a 
change in the local curvature of spacetime. We have called that Heaviside 
nondiverged and unaccounted EM energy flow by the label dark positive 
energy. See our further discussion of unaccounted (dark) positive energy in 
paragraph 3.8 below. 
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Figure 3-4 Dipole in generator powering circuits, taking energy from the time domain. 


See Figure 3-4. This 4-symmetry is a far more fundamental energy flow 
symmetry than either 3-symmetry or t-symmetry. Both the "isolated 
charge" and the dipole are open systems far from equilibrium with their 
external active environment (the active vacuum and the active curvatures 
of spacetime). They are permitted to perform the five "magical" functions 
of disequilibrium thermodynamical systems. Such a system can: (i) self- 
order, (ii) self-oscillate or self-rotate, (iii) output more energy than the 
operator inputs, (iv) power itself and its loads (the "load" of a source 
dipole or source charge may be said to be comprised of the associated 
fields and potentials reaching across all space, and the continuous flow of 
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energy necessary to maintain those fields and potentials), and (v) exhibit 
negentropy. 


The source charge and the source dipole exhibit all five functions. We 
often refer to these characteristics of a charge or dipole as its giant 
negentropy functions {197}. 


It only takes a single white crow to prove that not all crows are black. 
Every charge and dipolarity in the universe is already a Maxwellian system 
far from thermodynamic equilibrium with its local active environment — 
the very class of Maxwellian systems that Lorenz/Lorentz symmetrical 
regauging of the Maxwell-Heaviside equations arbitrarily discards. That 
local environment consists of the local curvatures of spacetime and the 
local active vacuum. The system together with the two components of its 
active environment is called the supersystem. All three components of the 
supersystem continuously interact with each other and exchange energy. 
All is dynamic, continuously. Any appearance ofa "static state" in the 
system is actually an equilibrium condition stabilized in the ongoing 
supersystem dynamics. 


So one does not have to "prove" that Maxwellian systems exhibiting 
COP>1.0 (even COP = 00) are possible. Every charge and dipolarity in the 
universe is already just such a Maxwellian system, even though all such 
systems are erroneously discarded by Lorenz/Lorentz symmetrical 
regauging. Either one must accept asymmetry and COP>1.0 EM systems 
in electrodynamics, or one must purge from the theory all the charges and 
dipoles and all effects from them. That destroys all the charges, all the 
fields, and all the potentials. 


That also destroys electrodynamics itself, as well as chemistry, particle 
physics, and most of modern science. The arch critic of overunity EM 
system research would do well to acquaint himself with some additional 
physics. Either that, or practice what he advocates, and give up all charges 
and dipoles and all effects from them — including in chemistry, particle 
physics, materials science, etc. When he holds on to the charges and 
dipoles while insisting on the impossibility of COP>1.0 Maxwellian 
systems, his cherished conventional EM theory eats itself by its own tail 
and becomes an oxymoron. 
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3.3 How the Dipole Charges Transduce Time Energy 


We present a simplified analogy” that allows one to visualize how the 
dipole transduces the incoming time-like longitudinal EM energy flow into 
3-space real EM energy flow for negative charge, or vice versa in the case 
of positive charge. With a little oversimplification, a charge may be said to 
spin 720° degrees in one complete rotation. For our purposes, it spins 360° 
in the imaginary plane (over in ict), and then spins 360° in the real plane 
(in 3-space). Thus the negative charge can absorb the incoming EM energy 
flow in the complex plane, transduce or "flip" the absorbed EM energy 
into 3-space to begin its 360 degrees in 3-space, and the excitation can 
decay during that 3-space spin part of the cycle. The only "variable" in ict 
is the t, so any energy flow has to be "by means ofthe variation of the 
t-variable". We already argued in a previous chapter that time can be 
treated as highly compressed spatial energy, having the same energy 
density as mass. So absorbing a very tiny amount of time-energy and 
transducing (decompressing) it into spatial energy produces enormous 
spatial energy (t multiplied by the factor c”). 


The negative charge absorbs a little bit of positive time energy, transduces 
it into a much larger amount of 3-space excitation energy, and re-emits it 
in 3-space as an observable, real flow of EM energy radially outward in all 
directions. The positive charge receives the large amount of 3-spatial EM 
energy and absorbs it, transduces it back into time-energy (highly 
compressed energy) and re-emits it in the time domain as a little bit of 
highly compressed time energy. 


Conversely, we may consider that the positive charge absorbs a little bit of 
negative time energy, transduces it into a much larger amount of negative 
3-space excitation energy, and re-emits this negative 3-space energy in all 
directions in 3-space. That consideration is important in the cold fusion 
phenomenology, and in fact accounts for the formation of little fleeting 
"time-reversal zones" in the electrolyte solution where the law of attraction 
and repulsion of charged particles is momentarily reversed. The omission 
of the giant negentropy mechanism and the negative energy mechanism 
from particle physics reaction theory is why there do not exist such nuclear 
transmutation actions at low spatial energy (but high time energy) in 


® For simplification, the analogy treats "spin" of the charged particle as if it really 
were something like that ofa spinning top, at least in its 3-spatial component. 
However, in physics the entity spin is not confined to a flat plane or even to 3-space. 
Consequently, we caution that the analogy is primarily a mnemonic aid. 
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conventional particle physics. All such permissible reactions have been 
arbitrarily omitted from the discipline. 


For the positron (or any positive charge), we assume that the process is 
reversed: 3-space energy is continuously absorbed (from the active 
vacuum exchange) by the positive charge during its 360° spin in 3-space. 
This 3-space excitation energy is then flipped into the time domain as 
time-charge or time-energy, as the charge starts its second 360° spin in the 
time domain. During that latter part of its 720° spin cycle, the spinning 
charge re-emits the time-charge energy (time-excitation) as a flow ofa 
little bit of very dense EM energy in the time domain. 


The effects of these mechanisms in systems of charges in motion are met 
with as time dilation effects, spacetime curvature effects, frame rotation 
effects, etc. in relativity theory. 


A charge that has received excess EM energy from the time domain is said 
to be time-charged or time-excited. Since time-charge or time-energy is c” 
denser than spatial energy, a tiny amount of time-energy excitation or 
time-charge may be re-emitted as substantial spatial energy over a period 
of time. In short, the decay of time charging or time-excitation of charged 
particles can occur slowly and over time. The decay is marked by the 
presence of longitudinal EM wave radiation, by mysterious ionization 
phenomena appearing in some Geiger counters depending on their 
individual time-histories (individual initial time-charging condition), and 
by excess energy appearing in electrolytes and emitted as heat where such 
decay oftime-charge is occurring. 


Usually in ordinary circuits and EM systems the time-charge and time- 
charge-decay effects are minimal, being offset by their opposites in close 
adherence to equilibrium. However, when this is not the case and time 
charging does appreciably occur, then novel phenomena result in those 
circuits and systems. Such effects have occurred for some time in 
instruments associated with rigorous electrolyte experiments at U.S. Naval 
research facilities at China Lake {198}, but the researchers have not 
recognized the cause. We have pointed out the time-charge and time-decay 
solution to those novel phenomena, and explained why apparently 
"identical" instruments need not respond to the stimuli in the same manner 
{199}. Along the way, we also explained several ofthe low spatial energy 
(thus high time-energy) transmutations, including giving the typical 
reactions producing the excess deuterium, tritium, and alpha particles. We 
also explain those new nuclear reactions at low spatial energy (but high 
time-energy) in Chapter 10. 
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As we stated in Chapter 1, paragraph 1.1.3: In such electrolyte experiments 
where the palladium electrodes load with concentrations of positive 
charges on hydrogen ions of one form or another, then in the adjacent 
solution there can arise fleeting time-reversal zones. Such a zone is 
simply a very tiny volume of fluid in which antiphotons temporarily 
comprise the majority of the ongoing photon interactions with the local 
ions in solution in that zone. The result is that the normal (time-forward) 
law of attraction of unlike charges and repulsion of like charges is 
reversed; in the TRZ, like charges attract and unlike charges repel. This 
allows two positive ions such as H+ to be drawn together so tightly that 
each enters the (reduced) strong force region of the other, forming a quasi- 
nucleus. When the other ions move to eliminate the TRZ, during the decay 
of the TRZ the strong force increases more rapidly than the EM force. 
Hence, the preferred method of decay of the now-excited quasi-nucleus is 
by quark flipping to allow the quasi-nucleus to become a new nucleus. 
This nuclear transformation interaction allows the production of the excess 
deuterium, tritium, and alpha particles. 


3.4 Reordering of the Local Vacuum: Giant Negentropy 


A giant negentropic reordering of a fraction of the surrounding vacuum's 
energy is initiated when a dipole or charge is formed. This reordering is 
deterministic, and is the 4-flow energetic structure shown by Whittaker 
{85}, slightly reinterpreted, with perfect coordination of the converging 
EM energy inflow in the complex plane with the outflowing converted real 
EM energy in 3-space. Hence this negentropic reordering introduces 
"hidden order" into the vacuum's otherwise disordered energy. This 
reordering of a fraction of the vacuum's disordered energy also changes the 
Gibbs statistics assumed in quantum mechanics, replacing it with an 
"already chaotic" statistics containing hidden order. We propose this as a 
possible contribution toward resolving the presently unsolved problem of 
the missing chaos in quantum mechanics {200}. 


3.5 Some Implications of Giant Negentropy 
Giant negentropy has many envisioned impacts upon physics, such as: 


(a) Allows development and use of negentropic EM circuits 
(COP>1.0 systems) rather than entropic circuits. Once a 
broken 3-symmetry with stable 4-symmetry is established (as 
by forming a dipole), it continues indefinitely unless 
deliberately destroyed. 


143 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


(b) Allows direct negentropic reordering of a practical and usable 
fraction of the vacuum's energy at will, at any point in the 
universe, easily and cheaply. 


(c) Provides for electrodynamic engineering of the vacuum 
energy and of spacetime curvatures clustered in specific 
templates (the concept of vacuum engines or spacetime 
curvature engines). This has significant medical applications 
{387c}. 


(d 


wma 


Utilizes time as energy (per our previous discussion) and thus 
allows use of the Whittaker phase conjugate half of the 
biwave set as an EM energy flow within the flow of time. 
Observably this translates to the continuous receipt of free 
time-energy by the formed broken 3-symmetry (e.g., the 
charge or dipole). Accordingly, the charge or dipole 
continuously pours out real observable EM energy in 3-space, 
without any observable EM energy input (time is not 
observable, and neither is the time-polarized photon alone). 


(e) Allows "burning a little time for fuel", so to speak, in order to 
transduce it into a very large spatial energy flow, due to the 
enormous compression of 3-spatial energy represented by 
time-energy by a factor of c’. 


So from the giant 3-negentropy discovery, we have arrived at some 
intriguing findings: 


(a) As is well known in particle physics, the opposite charges ofa 
dipole constitute a broken 3-space symmetry in the violent flux 
exchange between the active vacuum and the dipole. 


(b 


wm 


This dipole's broken 3-space symmetry in EM energy flow, 
provides a relaxation to a more fundamental EM energy flow 
symmetry between the time domain and 3-space, and therefore in 
4-space. 


(c) There is no law of nature or physics that requires 3-symmetry of 
EM energy flow as an additional condition applied to 4-symmetry 
of EM energy flow. Instead, 4-symmetry energy flow is more 


basic, by the hierarchy rule.” 


70 


" 


Quoting Steven Weinberg: "..there is a hierarchy ofsymmetries; whatever 
symmetry unites the gravitational and strong nuclearforces with the electroweak 
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(d) The dipole is a practical and very simple means of "breaking" the 
additional 3-flow symmetry condition in EM energy flow our 
systems have previously exhibited, and relaxing to the 
fundamental 4-flow symmetry without 3-flow symmetry. 


(e) So long as the dipole statically exists (e.g., imagine an electret 
suddenly formed, or a charged capacitor with no leakage), real 
usable EM energy circulation between time and 3-space, at each 
point in 3-space, will continuously move out from the dipole at 
light speed in all directions. In the view of the observer, at the 
same time, reactive EM power (actually, time-energy) will 
continuously flow into the dipole from the time-domain (the 
complex plane), and be transduced into real EM power output 
radially outward in 3-space from the dipole. 


(f) Observably, a dipole or dipolarity and its scalar potential thus 
comprise a true negative resistor system of the most fundamental 
kind. The dipole continually receives EM energy in unusable form 
(reactive power, which cannot perform real work), converts it to 
usable form (real power, which can perform real work), and 
outputs it as usable, real EM energy flow (real power) in 3-space. 
Further, it spreads this "transformation of time-energy into 3-space 
energy at every dipole point" outward in 3-space in all directions. 





(g) So at its formation the dipole initiates a continuing giant 
negentropy — a progressive reordering of a substantial and usable 
portion of the vacuum energy {201} that begins with dipole 
formation and continues. Further, this reordering of vacuum 
energy flow at every point in space continuously spreads in all 
directions from the initiation point, at the speed of light. Dipoles 
in original atoms formed shortly after the beginning of the 
universe, have been pouring out real EM energy for some 14 to 15 
billion years or so (i.e., in the prevailing view; the age of the 
universe and whether it is expanding are still controversial {754}), and 
have reordered a fraction of the vacuum's energy, where the 
magnitude of the re-ordering varies inversely as a function the 


forces is broken roughly a hundred million million times more strongly than the 
symmetry that unifies the weak and electromagnetic interactions. The puzzle of 
explaining this enormous difference in fundamental energies is therefore known in 
elementary particle physics today as the hierarchy problem." (Weinberg, Dreams of 
a Final Theory, Vintage Books, Random House, 1993, p. 205], 
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radial distance from the dipole.’' This is in fact the solution to 
the long-vexing problem of the source charge and its associated 
fields and potentials and their energy, reaching across the 
universe. The charge together with its associated clustering 
virtual charges is a set of composite dipoles, hence a multiple 
broken 3-symmetry energy flow system. 


(h) Ifthe dipole is destroyed, the ordering of the vacuum energy 
ceases, leaving a "separated chunk" of reordered vacuum energy 
dynamics that continues to expand at the speed of light in all 
directions, steadily reducing in local intensity as it expands. 


(i) At any very small volume in space, from the dipole dynamics of 
the universe it follows that a great conglomerate of reordered 
vacuum flows and fluxes — some continuous, some chopped — is 
continually passing through that volume. Further, the situation is 
totally nonlinear, so that direct wave-to-wave interactions occur 
continuously amongst these energy flows and waves. We 
hypothesize that this is the actual physical mechanism constituting 
Puthoffs cosmological feedback mechanism {202}. 


Gg) Further, in 1904 Whittaker {203} showed that any EM field or 
wave pattern can be decomposed into two scalar potential 
functions. This initiated what is called superpotential theory. Each 
of the two potentials for those functions, of course, decomposes 
into the same kind of harmonic longitudinal EM wavepairs as 
shown in Whittaker 1903, plus superposed dynamics. In other 
words, the interference of scalar {204} potentials — each of which 
is actually a set of longitudinal EM waves, and not a scalar entity 
{205} at all, but a multivectorial entity — produces EM fields and 
waves and their dynamics. Hence we hypothesize that the 
Whittaker interference of the propagating reordered EM energy 
entities, continuously occurring at any point in space, generates 
the zero-point EM field energy fluctuations of the vacuum itself. 
Indeed, an AIAS group paper by Evans ef al. {206} has already 
shown that just such "scalar interferometry" produces transverse 
EM fields and waves in the vacuum at a distance. 


1 The field energy density in the fields produced by the source charge varies 
inversely as the square of the radial distance. The potential energy density in the 
potentials produced by it will vary inversely as the distance. 
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Since energy can neither be created nor destroyed, there really are no true 
energy sources in nature in the sense that they create energy and pour it 
out {207}. Instead, what we call "energy sources" merely convert the 
energy already there in one form, into another form. All energy sources are 
no different from a solar cell in the sun, or a windmill in the wind, at least 
in principle. They are actually energy transducers rather than energy 
sources. This corresponds well with the conservation of energy law 
wherein not a single joule of energy can be created or destroyed. Instead, 
the form of that joule of energy can be continually changed. Every joule of 
energy present in the universe after its formation is still present, and is still 
doing joule after joule of work in iterative interactions with transducers 
that change its form. 


A priori, we can measure no real 3-space input of EM energy to the 
unchanging charge but we can measure real 3-space EM energy pouring 
from it. Energy must be input to it from the active vacuum in a 
nonobservable form, and converted by it into an observable form that is re- 
emitted, usable, and produces what we call the "fields and potentials" and 
their energy, associated with that "source charge". As is common usage, 
we will continue to use the term "source charge" or "source dipole", but 
with the understanding that we refer to a special kind of energy transducer. 


When we "make entropy", we must do work. Even so, doing work is not 
really entropic unless we also lose control of the energy” — whose form 
was merely changed by doing the work — and thence lose any further 
ability to use that energy (change its form, or transduce it) to do useful 
work. And when we observe entropy, we also do work in the observing. 
Some ofthe erroneous notions about entropy desperately need correcting. 
E.g., quoting Weinberg {208} for a lay definition of entropy: 


".a certain quantity called entropy: To define entropy, imagine 
that some of the system's temperature is very slowly raised from 
absolute zero. The increase in entropy ofthe system as it 
receives each small new amount ofheat energy is equal to that 


” An interesting point is that energy is energy and remains energy. "Disordered" 
ultimately means "unusable" or "inconvenient" and nothing else. Disordered energy 
is still energy, and if we do not lose it from the system we can in fact have the 
system automatically reorder it, e.g. by use of simple retroreflection. The entire 
concept of entropy must be rigorously interpreted in terms of "energy whose reuse is 
lost", at least by the processes being performed by the system considered. In our 
view, "entropy" itself is just additional usually "lost" energy to be recovered. 
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energy divided by the absolute temperature at which the heat is 
supplied." 


"entropy, which always increases with time in any closed 
system..." 


However, we point out that apparently there exists no completely closed 
system in the entire universe. In the notion of entropy and the escape of 
the energy from their "closed" system, thermodynamicists themselves 
ubiquitously negate the latter premise that entropy in a completely closed 
system always increases with time. That simply does not follow. The real 
situation is as follows: (i) Entropy in a half-open system with no allowed 
external input of energy, but with allowed escape of energy, does decrease 
with time ifthe energy of the system decreases with time by escaping.” 
Hence the cooling of "hot" water with time, if and only if the excess 
energy in the system can have a net escape to the (cooler) environment as 
time passes, (ii) Energy in a completely closed system (closed to both 
energy and mass), with no input and no output of energy at all, simply 
remains constant because it is not dissipated; simply apply the 
conservation of energy law. It may rearrange within, and the 
subcomponent energies may disorganize with respect to range, but the total 
energy remains. Entropy actually only deals with the loss of ability to 
utilize the energy. To wit, the assumed (and apparently true, so far as we 
can tell) conservation of energy in the present universe is an example. A 
closed system is in this sense a special case ofa system in equilibrium with 
its active environment.” Le., any "closed system" is such a special case. 


® Tn case the reader has not thought of it, until the energy "escapes" it is not 
dissipating or dissipated from the dissipating "object". A "hot" object is energetically 
excited but not hot; the energy dissipated from it (including from every component 
within it) is scattering, and hence disruptive and "hot" in its interaction with a test 
instrument (or one's finger). The thermometer (or any other instrument) is external to 
the rest of the system (even if imbedded in it). Hence merely to "measure the 
temperature" is actually to pass energy out of the system into the thermometer (or 
other instrument), so that the thermometer measures the heat of the dissipating 
energy that has just escaped from the system. For these and similar reasons, Romer 
— former editor of A. J. Phys.— pointed out that "heat" should not even be used as a 
noun {84}. 


™ The concept of energy always requires that one can write "energy of. ..(X)" and 
fill in the (X). We usually write the phrase "of...(X)" as "X energy". Thus we write 
the phrase "energy of heat" as "heat energy," the "energy of the vacuum" as 
"vacuum energy", and the "energy ofthe EM entities" as "EM energy". At least in 
its usage, energy always requires a medium or entity "having" or "exhibiting" the 
energy. As Feynman pointed out, we really do not know what "energy" per se is. 
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(iii) In a system closed with respect to output (escape) of energy, but with 
the system opened only to allow external input of energy, the system 
energy will increase, simply by the conservation of energy law. That 
system's entropy will decrease and its negentropy will increase. (Its mass 
will also increase, and so it violates the thermodynamic misdefinitions of 
closed system; see Appendix A). It is well known that the entropy of an 
open system far from equilibrium cannot even be computed! (iv) Energy in 
an open system where input of energy and escape of energy both occur, 
may either increase, decrease, or remain constant, depending upon whether 
the input rate exceeds the output rate, or vice versa, or the energy input and 
output rate are equal. Therefore such a system can exhibit overall entropy, 
overall negentropy, or overall equilibrium, (v) Net energy scattering rate 
(rate of energy escaping the system in disordering fashion) from a hot 
system determines the observed temperature ofthat system at the time of 
observation. The system itself is cold, prior to escape of the energy. The 
"heat" is due to the interaction of the escaping energy with an external 
object, in its disordering fashion. Inside the system prior to escape, the 
energy is ordered hence cold. 


A system in equilibrium in its exchange with its active external 
environment is in a state of maximum entropy for that specific rate of 
energy exchange with its environment. As we will point out in Chapter 9, 
by deliberately balancing the system-and-vacuum exchange with the 
system-and-curved spacetime exchange, so that the two exchanges are 
equal and opposite at a desired rate of exchange, one may establish (at 
least in theory) system equilibrium at whatever specific rate of energy 
exchange is desired.” ’° In this fashion, e.g., an "impossible" molecule 
normally intensely unstable and decaying in a nanosecond or less, can in 
fact be stabilized once an appropriate balance between the two opposing 
energy exchanges with the system is achieved at the required specific rate 
of energy exchange. This is actually a new Lorentz symmetrical regauging 


® This is necessary, e.g., to close-loop a COP>1.0 EM unitary system taking its 
input energy from the vacuum, as we shall see in Chapter 6. 


7° The Fogal superluminal transmission system in fact uses a conventional signal 
input to change this "symmetrical regauging" condition in consonance with the 
amplitude of the input signal. Thus suddenly Lorentz symmetrical regauging 
becomes a way to transform a conventional signal into a signal consisting of changes 
in the stress energy potential of the vacuum. That constitutes a longitudinal EM 
wave, and so it is not limited by the speed of light. To use this process, a Fogal 
semiconductor must be used as the modulator in the "transmitter", and another must 
be used as the demodulator in the "receiver". 
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condition; change of symmetrical regauging is very useful in this fashion. 
In this way, a great new chemistry with reactions presently deemed 
impossible is in the offing, and it is already being developed by at least 
one U.S. company. We do not name the company, under our tacit 
agreement with the scientists doing the work. 


To operate conventional entropic systems,’ first we must input energy to 
the inert system to force it out of equilibrium and back into excitation 
(back into an asymmetrically regauged system, violating the Lorentz 
condition) so that it has some excess energy (and negentropy). Then we 
allow the decay ofthe excited system's excess energy to pass through a 
load and be dissipated from it, doing work for us by powering the load. 
Conventional systems usually do not recapture the "escaping dissipated 
energy” but just waste it. “Dissipating" energy is merely allowing it to 
escape from the system and fromfurther system control. Then we brutally 
force more excitation energy into the system, opening it and breaking its 
equilibrium to do so. Again we dissipate the system's excitation energy in 
the load to produce some more work, usually wasting an appreciable 
fraction of the excitation energy. 


In EM systems, it is a little more complex. We continually "switch on" a 
negentropic flow of EM energy from the vacuum by making a source 
dipole. In the circuit, we collect a small part of the resulting huge energy 
flow in space surrounding the circuit conductors. Then we use halfthe 
collected energy to destroy the dipole source of the energy flow, while less 
than half of the collected energy is dissipated in the load (the rest of that 
second half is dissipated in the external circuit's losses). Hence we must 
continually restore the source dipole and pay more to do it than we get out 
in the load as useful work. We make a perfectly good negentropic system, 
and then forcibly destroy its negentropic ability faster than we power the 
load and get any use out of it. That's a terrible way to make and use power 
systems, but it is what has been done for more than a century. 


So with our present entropic EM systems (actually our self-killing 
negentropic EM systems) we continually wrestle nature fiercely to the mat, 
so to speak, by brute force, repeatedly, to bind her into 3-space EM energy 


77 By “entropic system" we mean a system whose excitation energy decays and is 
dissipated from the system or at least from its further control, so that the entropy 
(lost or unusable energy) ofthe system continually increases until equilibrium (total 
decay of the excitation energy) is achieved. As can be seen, this also can be used to 
define entropy and increase in entropy. What is usually unappreciated is that 
equilibrium is actually a counterbalance between ongoing entropy and negentropy. 
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conservation. All the while, nature protests our continual entropic brutality 
by providing the Newtonian third law reaction force’® back upon our 
causative wrestler performing the "forcing". To do entropic engineering, 
we have to continually input 3-space energy to the wrestling mechanism or 
engine, losing a bit of the input energy in the inefficiencies, and fighting 
the "back emf", "back mmf", or Newtonian third law reaction that is 
nature's cry of protest all the while. Those are nature's penalties for 
imposing a monstrous 3-space EM energy flow symmetry” upon her as an 
additional, highly undesired, and highly unnatural condition added upon 
her beloved special 4-symmetry energy circulation between the time 
domain and 3-space. 


In short, because we so love entropic engineering and 3-space EM energy 
flow symmetry, we have to provide the continual input energy to our 
entropic processes by burning fuel, damming rivers, erecting windmills, 
building waterwheels, erecting solar cell arrays, building and charging 
chemical batteries, etc. In the process, we destroy and pollute the 
biosphere on a giant scale as we rip down forests, strip-mine and drill the 
earth, pile up thousands of tons of radioactive nuclear wastes —that will be 
hot for thousands of years — from our power plants and related facilities, 
and spew streams of pollutants into the atmosphere, the rivers, the oceans, 
etc. We do all that biosphere destruction because we inexplicably insist 
upon placing cruel chains on nature by brutally enforcing 3-space energy 
flow symmetry upon her. In the process, we adamantly require adherence 
to classical equilibrium thermodynamics (as given a somewhat altered 
explanation above, and also in Appendix A). 


We do not have to do it that way. In avoiding solving the source charge 
problem for so long (more than a century), we have been extremely 


78 Note that Newton's third law reaction is implicit in the special negentropic energy 
flow circulation of the dipole, or of the charge considered as a set of composite 
dipoles. The same energy that moves into 3-space from the time domain, then returns 
from 3-space to the time domain, at every point in the 4-circulation. Ifwe consider 
the positive charge as a "source" of negative energy, then there is a concomitant 
circulation of negative energy from the time domain to a point in 3-space, and back 
to the time domain. 


™ The 3-space symmetry of energy flow equilibrium is actually between the energy 
we input (from its external environment) to the system, and the energy that escapes 
from the system back into its external environment, either in its losses or in its loads. 
As we stated, equilibrium condition is a balance between ongoing entropic and 
negentropic operations. 
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backward in our thinking and in our consequent development of entropic 
engineering technology. 


For our dullness, we have had to pay and pay continuously for insisting on 
doing such atrocious entropic work and forcing nature to do it that way. In 
so doing, we "tie nature's feet" with that added arbitrary 3-symmetry in 
energy flow. We ourselves prohibit nature from performing the giant 
negentropy she so dearly loves and much prefers. We also arbitrarily and 
meanly discard the bountiful electromagnetic energy flow that nature loves 
to furnish us so freely by her vast preference for giant negentropy. We 
meanly discard nature's bountiful giant negentropy banquet free for the 
taking, by our vast thirst for giant entropy and doing violence to nature. 
Because we act like brutes instead of scientists, we destroy nature in spite 
of nature's continuing attempt to give us all the EM energy we wish, freely 
except for a little switching cost. 


A far better way is to cooperate with nature and "let nature make her 
beloved copious negentropy" as she yearns to. To do that, we now can see 
the startlingly simple mechanism. We simply make a little dipole, once, 
entropically. So we have to pay for making the dipole, once, and we have 
to do just a little gentle violence to nature, once. Then we need do no more 
violence, if we just leave the dipole intact and do not destroy it. In short, 
we do have to tap nature gently on the shoulder. We do not have to 
brutally knock nature down to the mat, repeatedly. 


When we make the dipole, we make a little bit of "broken 3-symmetry" in 
the universe's energy flow. Voila! Nature sings forjoy at finally having 

her feet freed from the shackles of the horrid 3-symmetry energy flow. In 
great glee, she instantly relaxes into her dearly preferred giant negentropy 
and 4-symmetry. She instantly sets to re-ordering a substantial and usable 


8° E.g., so far as I am aware, there have been no funded research programs to 
discover how to deviate and collect some of the freely flowing energy from a 
permanent magnet or an electric dipole. Instead, electrodynamics has smugly 
continued to call it "statics" as ifthere were no dynamics, and ignored the giant 
negentropy circulation that is "seen" as the steadily outflowing field energy in 
3-space, and erroneously called the "static field". There is no such thing as "statics" 
in the entire observed universe a priori; the very process of observation itself is 
dynamic. What we see as "static" is continual recurrence ofa given condition or 
state or magnitude, as beautifully pointed out by Van Flandern {628}. One might 
even say that, not only is nature energetic, nature is energy, constantly changing and 
in motion in innumerable ways at once! One might even define "energy" as the 
process by which nature both acts and observes its actions, in every form and 
structure and possibility. 
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portion of the vacuum energy of the universe, in all directions at the speed 
of light, spreading her preferred giant negentropy EM 4-energy circulation 
flow from the dipole toward the ends of the universe at the speed of light. 
As long as we do not destroy the dipole (the broken 3-symmetry) that 
gently breaks the 3-symmetry shackles, nature's feet remain freed from 
brutal 3-space symmetry in EM energy flow. In that case, she delightedly 
continues to reorganize a portion of the vacuum energy, with the 
reordering spreading radially outward at the speed of light. Simply making 
a common dipole or charge®! sets nature to going about reordering an ever- 
increasing fraction of the entire vacuum energy of the universe, and 
continuing indefinitely. 


Simultaneously with freeing her from enforced 3-space EM energy flow 
symmetry, in great gratitude nature pours out an immense real EM energy 
3-flow from that little dipole or charge. She will continue to pour it out 
forever for us, if we do not destroy the dipole or charge. 


Instead of the present universal entropic engineering, the smart thing to do 
is make just a little bit of entropy wisely, using the work we get to break 
3-space energy flow symmetry (basically, to make a dipole). Then leave 
that mother ofall negative resistors andfree energy flow generators alone 
andforever unchanged! Concentrate on intercepting, extracting, and using 
the free 3-space energy copiously flowing forth from the giant negentropy, 
without destroying the dipole that is freely providing it. 


3.6 How Circuits Are Powered 


Let us now look at the great magnitude of the energy flow that nature gives 
us from that dipole. We have to get into the subject a bit, because EM 
energy flow theory has been rather thoroughly confused for more than a 
century. 


First, batteries and generators do not use their available internal energy — 
the shaft energy we input to the generator, or chemical energy available in 
the battery — to power the external circuit. Instead, each uses its available 
internal energy {209} to perform work on its own internal charges, 
forcibly separating the charges to form the source dipole. 


See again Figure 3-4. All the hydrocarbons ever burned, all the nuclear 
fuel rods ever consumed, and all the dams ever built, added not one single 
watt directly to the power line. All the energy from those activities was 


5! As we previously explained, a charge is just a set of composite dipoles. 
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input to the generator shaft after normal losses en route, to provide internal 
magnetic energy available to the generator. In turn, the generator used that 
available internal magnetic energy only to do internal work on its own 
internal charges to force them apart, forming the source dipole connected 
to the terminals. Generators are energy transducers only; they do not 
directly power their own external circuits. 


Batteries and generators expend their internal energy available to them, to 
make the source dipole, and for no other purpose! None of their internal 
energy is used to power their external circuit. It never has been, and it 
never will be. 


Once the source dipole is formed, it does all the hypothesized 4-functions 
we pointed out previously. It induces the spreading giant negentropic 
reordering of the vacuum energy, extracts (transduces) EM energy from 
the continuously reordering vacuum, and pours out from the terminals of 
the generator (or battery) a vast 3-flow (as observed) of EM field energy 
along the external circuit. As indicated by Kraus's illustration of the 
Poynting component {210}, this giant EM energy flow fills all space 
surrounding the circuit, out to an infinite lateral radius.*” The energy flow 
is generally parallel to the conductors of the circuit. Only a tiny component 
of this flow — due to the surface charges of the conductors and the little 
boundary layer of energy flow that slides along the surface of the 
conductors — strikes the surface charges and gets diverged into the 
conductors (by the lateral withdrawal of the surface charges — with the 
"stub" or "base" of their field energies — laterally into the conductors. The 
electrons move mostly laterally, withdrawing from one side of the 
conductor surface to the opposite. Only the tiny component of its field 
vector integrated over that small distance is withdrawn into the conductors 
to power the electrons. This small amount of "withdrawn" energy is the 
diverged Poynting component, "collected" by the circuit. It also is the 
small component then used (dissipated) to power the Drude electrons and 
the circuit.** All the rest of that vast EM energy flow in the surrounding 


*° We accent that Kraus, along with other authors, only shows the 3-space Poynting 
component of that flow; i.e., he shows the very small amount ofthat external 3-space 
energy flow that is diverged into the circuit to potentialize the Drude electrons and 
power the circuit. Kraus does not show the remaining Heaviside component that is 
not diverged. 


83 As shown by Kraus, some of the energy flow at the various radial distances from 
the wire is withdrawn, as the surface electrons and the "stubs" oftheir near fields 

precess laterally into the depths of the wire when potentialized. Jackson, Classical 
Electrodynamics, Second Edition, Wiley, 1975, p. 223 also points out the nonlocal 
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space, that pours forth from the terminals, just misses the circuit entirely. It 
roars on off into space and is wasted. 


The diverged, utilized, and accounted energy flow component — the 
Poynting component — is only a tiny, tiny fraction of the entire giant EM 
energy flow produced by the source dipole for every circuit. 


3.7 The Heaviside Component vs. the Poynting 
Component 


Unless Heaviside and Lorentz did rigorous calculations in a work we have 
not yet uncovered, we could not find any development of the functions and 
equations required for computing the numerical ratio of the unaccounted 
Heaviside "dark energy flow" {nondiverged energy flow component that 
misses the circuit), to the tiny Poynting energy component thai strikes the 
surface charges ofthe conductors {211} and is diverged into the wires to 
power the circuit when the surface charges precess laterally into the wire. 


Consequently, we performed a very crude "special case" estimation {212} 
— a back-of-the-envelope type, with highly simplifying assumptions — 
for a very simple circuit in which one resistor is powered by a DC source. 
Our crude estimate showed that about 10'° times as much EM energy flow 
misses the circuit, is not diverged, and is wasted — as strikes the circuit, 
gets collected, and then is dissipated in the circuit to power the load and 
losses. Until electrical physicists re-examine the energy flow theory and 


involvement of the transverse current. Quoting: "...the transverse current... extends 
over all space, even ifJ is localized. "One notes that present electrical power 
systems concentrate exclusively on the J current, making no attempt to collect and 
utilize the recognized but rather ignored transverse current. 


“Note, however, that this Heaviside energy flow component differs from ExH. The 
Heaviside component is totally nondiverged (being actually in curl or swirl form), 
and since E and H are both diverged energy components assumed around an 
Interacting unit point static charge, there is neither E nor H in the electrical 
engineering sense prior to interaction with charge. So the energy flow in both the 
Poynting and Heaviside components is in a force-field-free form until intercepted by 
and interacted with charge. Poynting's component, e.g., assumes only that energy 
component that does interact with charge and get withdrawn into the circuit. 
Heaviside's component assumes only that energy component that does not interact 
with charge and does not get withdrawn into the circuit. 
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again recover the Heaviside unaccounted component in it, that brute force 
estimate will have to suffice as at least an illustrative example.* 


What does that 10'° ratio mean? For a little 1 watt generator of that DC 
type with that specific size conductors and that specific resistor, the 
Heaviside unaccounted energy flow component was about /0 trillion 
watts, occupying all space surrounding the wire,*° if all of it could be 
intercepted, collected, and used to power loads {213}. But the little circuit 
was only intercepting and collecting — and using to power loads — about 
10° of the available energy flow surrounding the circuit, ifall of it could 
have been intercepted, collected, and used to power loads.* 


We have never had, and we do not now have, an EM energy shortage or 
problem. We never will have one, due to nature's bounty in providing us 
with the giant negentropy of the common dipole and of the charge 
considered as a composite dipole. Instead, we have the two problems that 


(i) only a tiny, tiny component of the available 3-energy flow 
extracted from the vacuum (decompressed from time-energy) by 


8° We would very much welcome a much more accurate functional expose by a 
capable higher group symmetry electrodynamicist! 


86 We also point out that none ofthis nondiverged energy flow component is 
accounted in conventional electrodynamics and electrical engineering (the closest it 
comes is Jackson's mention of the transverse current over all space), and neither has 
it been accounted or even investigated by biophysicists seeking to determine the 
effects of EM radiation and fields upon biological systems. We strongly suspect 
(and have done a little work on the problem) that these "force-free fields" and 
neglected excess "strange energy" flows do have interactions throughout the highly 
nonlinear cells of the body, and can indeed have profound long term effects on long- 
exposed biological systems. We particularly stress the potential for time-charging 
and subsequent combined scalar and longitudinal photon pair decay of time-charge 
excitation in the body. Several major areas of electrodynamics — such as the 
transverse current effects, Heaviside component effects, and internal Whittaker 
structuring (engines) effects of EM radiation — have not been investigated by the 
scientific community. 


*7 We accent that time-energy may be regarded as spatial EM energy compressed by 
the factor c’. Hence one second = 9x10'° joules of EM spatial energy, if 
decompressed by time-energy interaction with charge. The crude estimate for one 
circuit of 10'° times as much energy being wasted in the Heaviside energy flow 
component as is caught and used in the Poynting component, is thus quite reasonable 
when one recognizes that all the EM energy flow appearing in the circuit or outside 
it actually comes from the time domain, hence constitutes decompressed time- 
energy. 
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the source dipole and poured out of the terminals of the power 
source, is caught and used by the circuit, and 


(ii) in the closed current loop circuit, half of that small spatial EM 
energy component that is intercepted and caught, is used by the 
circuit only to destroy the source dipole and cut off the free flow 
of EM energy from the vacuum faster than it powers the load. 


We have previously discussed this further in several papers {214}. 


One must occasionally keep one's sense of humor. The real problem that 
the Department of Energy should be working on, with massive resources, 
is simply the alteration of the closed current loop circuit so that it does not 
destroy the source dipole faster than it powers the loads. Secondly, they 
should then be working on how to close-loop the COP>1.0 EM systems 
that readily emerge from that research. Yet it appears that this fundamental 
energy problem — and the only energy problem — has no conventional 
work being openly done on it anywhere in the open Western world.®® 


3.8 Dark Positive Energy: The Unaccounted Heaviside 
Component 


Now we restate a deceptively hidden thing: The EM field and potential are 
defined as the observed effect of the deviation from them by an assumed 
unit point charge. Then that same field and potential are assumed to be in 
mass-free space, before the interaction with charged matter. Hence the 


%8 Using the U.S. as an example, the U.S. classified community is highly 
compartmented, and the real "organization" of a given compartment often consists of 
laterally connected "same clearance" compartments in multiple outside agencies 
rather than vertical chain of command through one agency. We accent that some 
highly compartmented "lateral" classified organizations in the West and elsewhere 
already have working COP>1.0 systems, and have had them for several decades. 
Some of these laterals in the U.S. are very dedicated to the duly elected government 
of the United States, with good national security reasons for the fact that they 
“officially do not exist". Some are not so dedicated at all, and have their own 
agendas having little if anything to do with official U.S. government policy. These 
latter "rogue" laterals often have convenient connections with outside shadowy 
groups of the High Cabal (Churchill's phrase). A similar situation exists in several 
other major foreign nations. Substantial electrodynamic technology has been 
developed (and weaponized) for decades, in secret, and this technology does not 
appear in the open news, the university texts, or the scientific journals. Such is the 
case for COP>1.0 EM power systems, which have actually existed in secret for 
decades. 
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field and potential have each been defined erroneously as both a cause and 
an effect. This is a gross non sequitur. There is also a total lack of 
accounting that all EM energy in 3-space comes from the time domain. 
There is no consideration that every dipolarity and every charge represents 
a giant circulation of EM energy between time and 3-space. In ensemble, 
this non sequitur and these omissions are responsible for most of the 
present formidable foundations problems in electrodynamics. 


We submit the following new hypothesis: The present "definition" of field 
and potential as afunction ofinterception and divergence by a unit point 
static charge are only indications oftheir point intensity, obtained as an 
estimate after their observed interaction with a unit point static charge.” 
Thus the actual field andpotential contain not only their Poynting 
components that interact with the unit point charge, but also their 
Heaviside nondiverged components that do not interact with it. The true 
"magnitudes" ofthe massless field and potential prior to interaction with 
charged mass are many orders of magnitude greater than the magnitudes 
of their standardized point intensities {215}. 


In short, we propose that every field andpotential, in its interaction with 
charged mass, produces not only the accounted energy aspects presently 
calculated by electrodynamicists and astrophysicists, but also contains 
Heaviside's vast unaccounted "dark positive energy" component presently 
discarded. We further propose that this ubiquitous and unaccounted "dark 
positive EM energy" component in the interactions of the fields and 
potentials of the spiral galaxies is what is producing the excess gravity that 
is holding the spiral arms together. We specifically do this in honor of 
Heaviside, whose unpublished papers clearly establish that he recognized 
the overwhelming gravitational importance of his extra and unaccounted 
energy flow component {172a, 172b, 196}. 


3.9 A Short History of the Discarding of the Heaviside 
Dark Energy 

3.9.1 Independent Work by Heaviside and Poynting 

Let us now see how the enormity ofthe EM energy flow from the dipolar 


source was treated in the early electrodynamic theory, and how it is treated 
in the received view today. 


® This is recognized by leading electrodynamicists, but not by most electrical 
engineers building power systems! 
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In the 1880s after Maxwell was already deceased, Poynting {216} and 
Heaviside {217} independently (and rather simultaneously) discovered EM 
energy flow through space. Before that, the concept did not appear in 
physics. Poynting {216} published prestigiously, while at first Heaviside 
published more obscurely {217}, then finally more prestigiously {218, 
219}. 


With respect to circuits, from the beginning Poynting assumed only that 
small amount of EM energy flow that enters the circuit from the 
surrounding space. Here are Poynting’s {220} own words: 


"This paper describes a hypothesis as to the connexion 
between current in conductors and the transfer ofelectric 
and magnetic inductions in the surrounding field. The 
hypothesis is suggested by the mode oftransfer ofenergy 
in the electromagnetic field, resulting from Maxwell's 
equations investigated in aformer paper ("Phil. Trans., 
vol. 175, pp. 343-361, 1884). It was there shown that 
according to Maxwell's electromagnetic theory the energy 
which is dissipated in the circuit is transferred through 
the medium, always moving perpendicularly to the plane 
containing the lines ofelectric and magnetic intensity, 
and that it comes into the conductorfrom the surrounding 
insulator, not flowing along the wire. " 


” 


As can be seen, Poynting considered only the energy flow actually 
entering the wire, and subsequently being dissipated in the circuit. Hence 
Poynting never considered the huge EM energy flow component around 
the circuit that is not diverged, misses the circuit entirely, does not 
contribute to the energy dissipated by the circuit, and is wasted. In short, 
there is a vast "dark energy flow" associated with every dipolar interaction 
— a huge energy flow component which Poynting never considered. 


Heaviside's theory was an extension of what Poynting had considered, and 
Heaviside also corrected Poynting as to the direction of flow. Heaviside 
was fully aware ofthe enormity of the "dark energy" flow missed by 
Poynting, but had absolutely no explanation as to where such a startlingly 
large EM energy flow — pouring from the terminals of every dipole, 
generator, or battery — could possibly be coming from. Consequently, 
Heaviside was very cautious in referring to it, usually doing so only 
obliquely in terms ofthe angles and components. In Heaviside's {221} 
own words: 
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"It [the energy transferflow] takes place, in the vicinity 
ofthe wire, very nearly parallel to it, with a slight slope 
towards the wire... . Prof. Poynting, on the other hand, 
holds a different view, representing the transfer as nearly 
perpendicular to a wire, i.e., with a slight departure from 
the vertical. This difference ofa quadrant can, I think, 
only arise from what seems to be a misconception on his 
part as to the nature ofthe electric field in the vicinity of 
a wire supporting electric current. The lines ofelectric 

force are nearly perpendicular to the wire. The departure 

from perpendicularity is usually so small that I have 
sometimes spoken ofthem as being perpendicular to it, as 
they practically are, before recognized the great 
physical importance ofthe slight departure. It causes the 
convergence ofenergy into the wire. " 


As can be seen, Heaviside was fully aware that the energy flow diverged 
into the wire was only a minuscule fraction of the total. He was fully aware 
that the remaining component was so huge that the energy flow vector 
remaining — after the divergence of the Poynting component into the 
circuit — was still almost parallel to the conductors. However, he had no 
explanation at all of where such an enormous and baffling energy flow 
could possibly originate. 


Had Heaviside strongly stated the enormity of the nondiverged component 
of the energy flow, he would have been viciously attacked and 
scientifically discredited as a perpetual motion advocate. His words were 
measured and cautious, but there is no doubt that he recognized the 
enormity ofthe nondiverged EM energy flow component. 


We have chosen to call that huge unaccounted component the "Heaviside 
dark energy component" in his honor, since he actually discovered it. By 
the word "dark" we mean "unaccounted", which hides it from scientific 
view. We have also nominated it as the previously unsuspected source of 
the extra gravity holding the arms ofthe spiral galaxies together. 


3.9.2 Lorentz Disposed of the Problem Rather than Solving It 

Lorentz then entered the EM energy flow scene to face the terrible 
problem so quietly raised by Heaviside. Lorentz understood the presence 
of the Poynting component, and also ofthe extra Heaviside component, 
but could find no explanation for the startling, enormous magnitude of the 
EM energy pouring out of the terminals of the power source (pouring from 
the source dipole) {222} if the Heaviside component was accounted. Had 
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he retained and advanced this enormous dark energy flow component, 
even the great Lorentz would have been castigated as a perpetual motion 
advocate who did not accept the law of energy conservation. Even today, 
when one points out that far more energy is pouring out of the terminals of 
every generator than the small mechanical energy input to the shaft, one is 
immediately labeled a raving lunatic — even though the Bohren 
experiment {24} clearly proves the presence of an extra energy flow 
component not usually intercepted. It is not difficult to understand how 
such a bombshell would have been received in the 1880s! At least today, 
we have particle physics and its broken symmetry of opposite charges, 
together with its active vacuum, to explain where the excess energy comes 
from and how. 


Unable to solve the dark energy flow problem by any rational means, 
Lorentz found a clever way to avoid it. He reasoned that the nondiverged 
Heaviside component was "physically insignificant" (his term) because it 
did not even enter the circuit. Since it did nothing of any physical 
consequences, or so he reasoned, then it could just be discarded. 


So Lorentz simply integrated the entire energy flow vector (the vector 
representing the sum of both the Heaviside nondiverged component and 
the Poynting diverged component) around an assumed closed surface 
enclosing any volume of interest {223}. A priori, this mathematical 
procedure discards the dark Heaviside energy flow component because of 
its nondivergence. It retains only the intercepted Poynting diverged 
component that enters the circuit. 


A century later, electrodynamicists are still happily avoiding the dark 
energy flow problem by continuing to use the Lorentz integration 
procedure {224} to dispose of all but the Poynting component that enters 
the circuit and is then dissipated by the circuit. As a result, the "Poynting 
energy flow" has come to be loosely regarded as "the" entire EM energy 
Mow, though electrodynamicists find it necessary to give stringent 
warnings about it. E.g., Panofsky and Phillips {225} state it this way: 


"only the entire surface integral of N [their notation for 
the Poynting vector] contributes to the energy balance. 
Paradoxical results may be obtained ifone tries to 
identify the Poynting vector with the energyflow per unit 
area at any point." 


Most electrodynamicists note the freedom to add a vector — few call it an 
energy flow vector, though that is the type of vector being discussed, and 
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one must add apples to apples — which has zero divergence. Jones {226} 
states: 


"Tt is possible to introduce the Poynting vector S, defined 
by S = ExH, and regard it as the intensity ofenergy flow 
at apoint. This procedure is open to criticism since we 
could add to S any vector whose divergence is zero 
without affecting [the basic integration procedure's 
result]." 


Jackson {227} says it even more plainly, and also uses Lorentz's "no 
physical significance" argument for disposing of any energy flow vector 
with a zero divergence. Quoting: 


"_..the Poynting vector is arbitrary to the extent that the 
curl ofany vector field can be added to it. Such an added 
term can, however, have no physical consequences." 


Any energy flow vector, which is the curl of a vector field, will have zero 
divergence, by elementary vector algebra. In short, to be pertinent at all, it 
must be an energy flow vector (since energy flow is what S = E x H is all 
about. Since the curl of any vector has no divergence apriori, then any 
energy flow vector that is a curl ofa vector field will be part of the 
Heaviside dark energy flow component, rather than part of the Poynting 
energy flow component. It will also be discarded by Lorentz's closed 
surface integration. 


We refer the reader again to Figures 2-5 and 2-6 in Chapter 2, p. 113-114. 
Electrodynamicists err in assuming that such a divergent free vector 
(energy flow) can have no physical consequences. If one inserts additional 
intercepting charges into that formerly nondiverged energy flow 
component, the charges will immediately diverge some of the formerly 
nondiverged energy flow around them and hence "collect additional 
energy". In other words, "divergence" is the result ofa physical process, 
accomplished by intercepting charges. We can easily change 
"nondiverging" energy to diverging energy, by simply interacting it with 
charges. We can also "bunch" the energy flow lines closer together (as in 
some waveguides), thereby increasing the local flow intensity and the 
concomitant energy collected by each intercepting charge in the densified 
energy flow stream. 


So whether the Heaviside energy flow component is of physical 
consequence or not, depends on whether or not we "add more sail to the 
sailboat", or "add more sailboats" before the wind. That is most certainly a 
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useful physical consequence, and with a little ingenuity we ought to be 
able to use it to power loads "for free" or nearly so. There are other 
consequences also, as we used in deriving the negentropy of the dipole or 
charge. There the input of a non-Poynting energy flow component 
certainly has universal and physical significance — e.g., to the curving of 
local spacetime, conditioning the active vacuum, furnishing all the energy 
to form the EM fields and potentials from their source charges, etc. 


Schwarz {228} expresses it this way: 


"There will be many opportunities in which the 
interpretation ofE x H as a rate offlow of energy per 
unit area will be profitable. In most cases ofpractical 
interest, such an interpretation is valid, although it must 
always he kept in mind that only the integral of S over a 
closed surface can be physically measured... Just how it is 
that the connections to the energy source, say a battery, 
are at the ends of the wire, yet energyflows in through the 
sides, should be pondered by the reader. " 


Note carefully that Schwartz recognizes the difference between the 
observed (deviated or diverged) part of the EM energy flow and the 
unobserved nondeviated or nondiverged part of it. However, he did not 
follow it up and apply it back to the basic "definition" of the field and 
potential as what are diverged from them. 


For recommended changes to the Poynting vector, Jones {229} presents 
many conditions the changed vector must fulfill. Then he falls back on the 
Lorentz closed surface method again, but without realizing that he 
therefore (i) first includes both the diverged and nondiverged component, 
and (ii) invokes a procedure that arbitrarily discards the nondiverged 
component. In thus disposing of the problem, Jones says: 


"Itdoes not seem likely that an expression satisfying all 
these conditions will be simple......,fortunately, we are 
rarely concerned with the energyflow at apoint. In most 
applications we need the rate at which energy is crossing 
a closed surface." 


Finally, we note that even today, a debate on what the Poynting vector is 
or should be, is still politely ongoing. As an example, it has been ongoing 
for more than 40 years in the American Journal of Physics alone as well as 
in other journals {230a-230i}. One thing is clear: The Poynting vector 
does not represent the total energy flow at right angles through a square 
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meter in space surrounding the conductors of the electrical circuit. It is, 
however, the component orfraction of that actual energy flow through the 
square meter in force-field-free form that will subsequently be diverged 
and collected in the circuit in force-field form and dissipated in the circuit 
loads and losses. 


3.10 The Problem of the Accelerating Expansion of the 
Universe 


As briefly stated earlier, we introduce the notion of the supersystem, 
consisting of three parts: (i) the system and its dynamics, (ii) the active 
vacuum and its dynamics, and (iii) the active spacetime curvatures and 
their dynamics. All three components of the supersystem interact with each 
other. 


In Chapter 9, we explain in some detail how a COP>1.0 EM circuit — and 
especially a COP»1.0 EM circuit — has an induced flow of negative 
energy (Dirac sea hole current) from the output section of the system, back 
through the system, and into the input section. Reaching the input section, 
ifthe hole flow is not completely filled by incoming electrons, the 
remaining Dirac hole current will flow on back into the feeder line from 
the external power supply, and into the distant power supply itself, eating 
electrons and electron current all the while. 


We also explain our reinterpretation of the unobserved (non-reacted) Dirac 
hole with negative energy or negative mass, without time reversal and 
parity reversal. This dramatically differs from the "as observed" 
(interacted) Dirac positron with positive mass, and with charge-reversal 
and parity reversal from the electron. The Dirac hole is "as unobserved and 
non-reacted" and it is still an electron having negative mass and negative 
energy. The Dirac positron with positive mass, opposite charge, and 
opposite direction is "as observed and reacted with charged matter". The 
unobserved Dirac hole is the "cause" of an observational interaction; the 
Dirac positron is the "effect" of an observational interaction. The two are 
very different because the cause differs from the effect. Here again, the 
confusion of cause and effect has had very detrimental consequences in the 
use of Dirac's electron theory. 


Very powerful astronomical phenomena, such as giant astronomical 
explosions of great energy, involve COP>1.0 and COP» 1.0 processes, 
particularly when the unaccounted Heaviside energy flow is accounted for 
every field and potential interaction with charged mass. Hence all such 
phenomena also provide very powerful "explosions" of negative energy 
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(Dirac sea holes moving outward in the vacuum). The negative energy is 
the equivalent of negative mass, so long as it is unobserved. 


So there is a "dark negative energy explosion” in the Dirac Sea vacuum, 
accompanying every large astronomical explosion seen through our 
telescopes and other sensors. This accompanying dark negative energy 
explosion has not been accounted in astrophysics until now. 


We thus live in an astronomical universe of neglected "giant dark negative 
energy explosions” as well as one of accounted "giant positive energy 
explosions". 


The dark (unaccounted) negative energy radiating outward in the vacuum 
from gamma bursts, x-ray bursts, etc. produces antigravity. The spreading 
negative energy, moving at light speed, is a change to the vacuum itself, 
which also interacts upon spacetime to negatively curve it, producing 
negative gravity. For those energetic processes of COP sufficiently greater 
than one, the processes produce more antigravity than gravity. As of this 
writing, we are in fact filing a patent application on this method of 
performing and producing antigravity, and it will be filed before this book 
is published. 


Over the 14 billion or so years of the observed universe, the dark negative 
energy content of spacetime has been slowly changing by the results of 
giant astronomical explosions and other such processes producing negative 
energy radiated outward into the Dirac sea vacuum. Slowly the vacuum 
itself has undergone transformation from the perfect Dirac sea with all 
holes filled by particles, to a vacuum where there is a slowly growing 
fraction of negative energy (negative mass) unobserved Dirac sea holes. 


Thus, slowly the antigravity generated by the gradual altering of "space" 
(the vacuum) itselfhas been growing for some 14 billion years. At some 
point in the past, the excess antigravity effect accumulating in space 
reached the equal of the "outside" gravity acting upon energetic explosive 
astronomical phenomena. From that point in time, the antigravity effect 
has been increasing slowly. The result is that the present violently 
explosive astronomical phenomena, by adding a sudden and sharp increase 
in their external space antigravity, produce acceleration away from all 
positive mass and positive energy phenomena. Hence astronomers now 
observe the acceleration of the expanding (positive energy/positive mass) 
universe, instead of the previously expected slowing (due to positive 
gravity) of the expanding universe (conventional view). 
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The antigravity-producing phenomena have not been openly investigated 
in Western science because Western science has arbitrarily discarded 
COP>1.0 EM systems, primarily with the Lorentz regauging of the 
Maxwell-Heaviside equations. Hence, Western science has not 
experimentally studied the type of system that produces the effect in the 
first place. 


On the other hand, it is possible to directly investigate the antigravity- 
producing phenomenology on the laboratory bench, by utilizing overunity 
EM systems with very high COP (e.g., COP = 10° or more). The Sweet 
experiments {231} did in fact produce such phenomenology on the 
laboratory bench, but these experiments were privately performed under 
proprietary conditions {232}. We discuss the Sweet experiments and 
device in a later chapter. 


In science, such experiments are quite properly deemed interesting but 
anecdotal until replicated independently. Similar experiments should 
certainly be repeated by the scientific community, using various 
interactions (some given in this book) that develop COP>1.0. The 
problem is nowhere near as difficult as hot fusion, but it has not been 
tackled and overcome because of (1) the prevailing and erroneous 
scientific mindset against COP> 1.0 electromagnetic processes, and (2) the 
present "kill" of the supersystem and its effects in the standard U(1) 
electrodynamics model. 


In Chapter 8 we further discuss the antigravity effect in practical or 
potentially practical systems where COP» 1.0. 


3.11 In Conclusion 


In this Chapter, we have stressed what we believe to be a great new 
principle of giant negentropy, leading to direct and easy extraction of EM 
energy from the vacuum in copious quantities. That principle is that nature 
retains her preferred 4-symmetry of EM energy flow, while breaking 
3-symmetry of EM energy flow and the symmetry of EM time-energy flow 
on the fourth axis. It is implemented by making a common dipole or 
charge. 


The electrical energy problem is not due to any difficulty in inducing giant 
and indefinitely continuing EM energy flows from the vacuum! The easiest 
thing in the world is to extract EM energy — any amount, anywhere, 
anytime — from the seething vacuum, by making a simple dipolarity. The 
problem is only in then intercepting and collecting some of the energy to 
dissipate in loads, and doing it without using half the collected energy to 
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destroy the dipole producing the energy, faster than the loads are powered. 
In other parts of this book we have given some of the many mechanisms 
that can be applied to attack this "power the load without killing the source 
dipole" problem, and have also included such in papers in the literature 
{233a-233u}. 


We have pointed out the implications of the new principle of negentropy in 
EM energy flow, and how all our circuits and electrical power systems 
actually use it but then arc designed so as to kill the negentropic process's 
potential for self-powering electrical power systems. 


Presently we are told by the conventional scientific community that the 
dream of freely extracting EM energy from the vacuum, and using it to 
efficiently and easily power our electrical needs cleanly, is either a fool's 
concept of perpetual motion, or the science of the next century. It is 
neither; it is good physics, and it is already present and misused in all our 
electrical power systems and circuits — and always has been. Unlimited 
electrical energy from the vacuum is here and now, if we but overcome the 
prevailing mindset and grasp it. 


We have argued that all electrical loads and circuits are now and always 
have been powered by just such EM energy extracted directly from the 
vacuum by the giant negentropy principle, evoked by the source dipole. 
We have removed the artificial and erroneous notion that batteries and 
generators provide some of their available 3-space internal energy to the 
external circuit. Instead, we have emphasized that batteries and generators 
dissipate their available energy to form and then continually reform their 
source dipole, and nothing else. Once their source dipolarity is formed, a 
battery or a generator is nothing but an energy gate, gating and transducing 
enormous EM energy from the vacuum. We only have to keep inputting 
energy to keep reforming the dipole that our external circuit is designed to 
destroy faster than the load is powered. 


In dealing with the function of the dipole in extracting the EM energy from 
the vacuum and pouring it out to power the circuit, we have shown errors 
in present energy flow theory and how they came to be made. We also 
indicated the enormous magnitude of the EM energy flow actually 

extracted and present with every conventional circuit, but wasted and 
arbitrarily removed from accountability. Some processes for intercepting, 
collecting, and using additional amounts of this available Heaviside "dark 
EMenergy" flow component, surrounding every circuit, have been 
mentioned, and references have been given to other papers more fully 
discussing such processes. In a previous paper {234} we have proposed 
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that the Heaviside dark energy, accompanying all EM field-charge 
interactions, is responsible for the excess gravity observed to be holding 
the spiral arms of those distant spiral galaxies intact — in short, we have 
proposed an unaccounted Heaviside dark positive energy solution to the 
well-known dark matter problem in astrophysics. 


The ordinary closed current loop circuit inherently yields a system 
COP<1.0, because it destroys its source dipoles faster than it powers the 
load. Indeed, the circuit self-enforces the Lorentz symmetrical regauging 
condition during discharge of its free excitation (potential) energy. 


In addition, we have presented an hypothesis to explain that negative 
energy (negative mass) created in the Dirac sea vacuum by giant 
astronomical explosion phenomena produces the excess antigravity in the 
space surrounding those entities that is accelerating the expansion of the 
universe. We have also indicated how this hypothesis can be investigated 
and tested on the bench. We have provided one experiment whose results 
did support the hypothesis. 


The present world energy crisis is real and increasing, while at the same 
time the availability of oil is beginning to decrease and oil becomes more 
costly.’ Unless a substantial fraction of the "electricity from oil" curve is 
shifted to "electricity from the vacuum" rather quickly, the economic 
collapse ofthe Western world, followed by concomitant collapse of other 
economies, may ensue within a surprisingly few years, and even within the 
present decade. 


°° As this was first being written in Dec. 2001, there was a temporary relief in the oil 
crisis, due to the sudden decrease in travel, air traffic, etc. after the terrorist attack on 
Washington and New York on September 11, 2001. As the present war on terrorism 
has continued, the MidEast is now heating up toward another war, and oil prices are 
again trying to climb. Iraq, Iran, and Libya called for an oil embargo on the United 
States, for example, which would almost immediately plunge the nation into an oil 
crisis. Meanwhile, should effective terrorist attacks occur upon the highly vulnerable 
energy distribution infrastructure of the United States and other allied nations, the oil 
crisis will again emerge catastrophically and almost immediately thereafter. It is held 
off for now, only because Russia under Putin is seeking U.S. financial assistance to 
further develop its rich oilfields. When OPEC votes to curtail production and then 
curtails it, Russia opens the spigot and keeps the prices down. Putin is seeking to 
become a trusted U.S. oil partner, in the role long played by Saudi Arabia but now 
declining due to perceived Saudi payments to terrorist organizations and reluctance 
to close down terrorist activities in their own country. So in a strange way, a new 
alliance between the U.S. and Russia has prevented the oil and energy prices from 
escalating right through the roof. 
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We believe that a transfer of much of the "electricity from oil" curve to an 
"electricity from the vacuum" curve can be quickly accomplished, if the 
government and the scientific community can be induced to move with full 
priority and vigor in the directions indicated in this book. However, to get 
that done, it apparently will be done over the writhing bodies of our 
leading scientific organizations, literally dragging the organizations to face 
the proven fact of giant negentropy of every charge and dipole in the 
universe over their strenuous objections. 


As a major objective, we fervently hope that undergraduate students, 
graduate students, post-doctoral scientists, other scientists, engineers, and 
environmentalists will interest themselves in these new principles and 
viewpoints. We have called attention to the new electrodynamics 
pioneered by AIAS, Evans, Sachs, Barrett, Lehnert, and others, and 
indicated the capability of this emerging electrodynamics to model this 
new energyfrom the vacuum functioning. 


It has been said that no idea is accepted until its time has come. We 
strongly believe that the time for cheap, clean extraction of electrical 
energy from the vacuum is an idea whose time has arrived. Hopefully our 
efforts in this book will at least conceptually show the interested reader the 
outline and course that energy from the vacuum can and will take in the 
scientific community and in the world at large. 


We accent again that modeling the extraction of EM energy from the 
vacuum demands the use of higher symmetry electrodynamics, particularly 
a theoretical model capable of expressing the interactions of the three 
components of the supersystem. Barrett and Grimes {235} said it 
beautifully: 


"In the case ofelectromagnetism, the theory was first simplified 
before being frozen. Maxwell expressed electromagnetism in the 
algebra ofquaternions and made the electromagnetic potential the 
centerpiece ofhis theory. In 1881 Heaviside replaced the 
electromagnetic potentialfield byforce fields as the centerpiece of 
electromagnetic theory. According to him, the electromagnetic 
potential field was arbitrary and needed to be "assassinated" (sic). 
A few years later there was a great debate between Heaviside and 
Tait about the relative merits ofvector analysis and quaternions. 
The result was the realization that there was no need for the greater 
physical insights provided by quaternions ifthe theory was purely 
local, and vector analysis became commonplace. 
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The vast applications ofelectromagnetic theory since then were 
made using vector analysis. Although generations ofvery effective 
students were trained using vector analysis, more might be learned 
physically by returning, ifnot to quaternions, to other mathematical 
formulations in certain well-defined circumstances. As examples, 
since the time when the theoretical design ofelectromagnetism was 
frozen, gauge theory has been invented and brought to maturity and 
topology and geometry have been introduced to field theory. 
Although most persons view their subject matter through the filter of 
the mathematical tools in which they are trained, the best 
mathematical techniques for a specific analysis depend upon the 
best match between the algebraic logic and the underpinning 
physical dynamics ofa theoretical system. " 


The problems we face today are ever more demanding of the necessary 
EM change pointed out by Barrett and Grimes, along with many others. 
Let us hope their words are heeded. Given rapid development of higher 
group symmetry electrodynamics models, we shall very rapidly see the 
solutions to many previously intractable human problems — including 
cheap clean energy from the vacuum, understanding and directly using 
antigravity as well as gravity, a revolutionary new medical therapy, a new 
chemistry and biochemistry, and a new appreciation for the 
electromagnetic interactions of mind and matter. 


Let us hope this new scientific revolution comes swiftly. 
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Chapter 4 


Setting the Stage for Understanding 
Overunity Power Systems 


[Dissipative structures] "This leads precisely to a 
distinction between ‘equilibrium structures’ [which may 
be understood in terms ofclassical equilibrium 
thermodynamics] and ‘dissipative structures’. The latter 
are formed and maintained through the exchange of 
energy and matter in non-equilibrium conditions. " [I. 
Prigogine] {236} [Internal brackets added for clarity. ] 


[The energy in space itself] "What might appear to be 
empty space is, therefore, a seethingferment ofvirtual 
particles. A vacuum is not inert and featureless, but alive 
with throbbing energy and vitality. A 'real'particle such 
as an electron must always be viewed against this 
background offrenetic activity. When an electron moves 
through space, it is actually swimming in a sea of ghost 
particles ofall varieties — virtual leptons, quarks, and 
messengers, entangled in a complex melee. The presence 
ofthe electron will distort this irreducible vacuum 
activity, and the distortion in turn reacts back on the 
electron. Even at rest, an electron is not at rest: it is being 
continually assaulted by all manner ofother particles 
from the vacuum. " [Paul Davies] {237} 


[Modernizing the fluid analogy of EM]. The intensity of 
the vacuum virtual particle flux may be treated as the 
intensity ofapotential, thus by analogy corresponding to 
pressure in afluid. Polarity (charge) is aprocessfor 
establishing a change in the intensity ofthe vacuum 
potential — and thus a change in the ambient pressure of 
the vacuum fluid. Difference between vacuum pressures at 
two separatedpoints creates aforce upon any charge 
placed between those two points. Just as a differential in 
pressure between points in afluid induces currents, a 
differential in vacuum pressure induces energyflow 
currents in the vacuum fluid, which are called 'fields'. All 
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EM circuits, charges, potentials, and forces in 
electrodynamics involve altering the vacuum to include 
altering its pressure and thereby producing the forces that 
the resulting pressure gradients (fields) induce upon 
charges. All observable EM energy in space is EM energy 
intercepted and collected on charges, and it comes from 
the vacuum via these fundamental vacuum-engineering 
dynamics." [T. E. Bearden, private communication to a 
colleague, 2001]. 


[Impact of EM energy from the vacuum.] "/fthey 
[quantum fluctuations ofvacuum] can be [tapped], the 
impact upon our civilization will be incalculable. Oil, 
coal, nuclear, hydropower, would become obsolete — and 
so would many ofour worries about environmental 
pollution." "Don't sell your oil shares yet — but don't be 
surprised ifthe world again witnesses the four stages of 
response to any new and revolutionary development: 1. 
It's crazy! 2. It may be possible — so what? 3. I said it 
was a good idea all along. 4. I thought ofit first." [Arthur 
C. Clarke] {238}. 


[Broken symmetry of opposite charges.] "Since 
nonobservables imply symmetry, any discovery of 
asymmetry must imply some observable. The experiment 
of Wu, Ambler, Hayward, Hoppes and Hudson... 
established the asymmetry between the positive and 
negative signs ofelectricity." [T. D. Lee] {239}. 


[On implications of asymmetry of opposite charges of a 
dipole.] "In particle physics, the proven asymmetry of 
opposite charges establishes that the source dipole — 
with opposite charges on each end— is a broken 
symmetry in the violent virtual photon flux ofvacuum. The 
dipole charges constantly receive and absorb virtual 
photon energyfrom the seething vacuum, and re-emit that 
excitation energy. By the very definition ofbroken 
symmetry, some ofthis absorbed virtual energy must be 
integrated into observable 3-space EMenergy, and 
emitted by the dipole in observable form, in all directions 
in 3-space. Hence there is a rigorous basis for the source 
dipole extracting virtual EM energyfrom the vacuum, 
integrating it, and continuously pouring it out in 
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observable and usable EM energyform. It has been in 
particle physics since 1957, being certified by the award 
ofthe Nobel Prize to Lee and Yang in thatyear. " [T. E. 
Bearden, private communication to a colleague, 1995.] 


[On powering an electromagnetic circuit] "In the United 
States there is not now, and there never has been, a single 
electrical engineering department, professor, or textbook 
that knows and teaches what directly powers an 
electromagnetic circuit. Neither is it in any publication of 
the National Academy of Sciences, National Science 
Foundation, National Academy ofEngineering, 
Department ofEnergy, or the great national laboratories. 
Yet the proofthat every circuit is powered by EM energy 
extracted directlyfrom the vacuum has been in particle 
physics for 45 years, since the award of the Nobel Prize to 
Lee and Yang in 1957, following the experimental proof 
by Wu etal. earlier that same year. " [T. E. Bearden, 
private correspondence, 2002]. 


4.1 Introduction 


In this chapter, we present a selection of potential overunity notions, some 
inventions, and some experiments. Its purpose is to show some of the more 
relevant work that has been done, and hopefully to stimulate new thinking 
by the interested reader. Much of the work addressed is by other inventors 
and scientists, and we give an appropriate commentary from our 
viewpoint. Not all the concepts presented can be clearly explained, though 
some can and are. This is not intended to be a "kit of parts" or an 
"assembly instructions" type of presentation. For that, the interested 
researcher will have to rely on his or her own ingenuity and lots of bench 
experiments, because no such "kit of parts with instructions" for COP>1.0 
electrical power systems exists at present {240, 241}. 


Because of the broken symmetry of its opposite charges, we do know that 
any dipolarity — such as a permanent magnet, a charged flat-plate 
capacitor, an electret, or a simple EM scalar potential — continuously 
pours out EM energy circulation extracted from the vacuum. E.g., see 
Figure 4-1, which shows a very simple "free energy generator" that will 
generate a flow of EM energy indefinitely, even by ordinary U(1) 
electrodynamics theory (by standard Poynting theory). E.g., quoting 
Buchwald {242}: 
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"[Poynting's result] implies that a charged capacitor in a 
constant magnetic field which is not parallel to the electric field 
is the seat ofenergy flows even though all macroscopic 
phenomena are static." 


This is easily seen by applying the standard Poynting formula, S = E x H. 
With the H-field of the magnet at right angles to the E-field of the 
capacitor or electret, the Poynting flow of energy S is maximized and 
orthogonal to E and to H. 


The problem is not in extracting energy - even enormous energy —from the vacuum The 
problem is collecting and using the energy to power loads, without destroying the source dipole 
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magnet 
EM energy continually flows from this “static” arrangement, 
without any further input of energy by the engineer 


Figure 4-1 Poynting generator providing endless EM energy flow from the vacuum. 





Buchwald errs, e.g., in assuming the macroscopic phenomena are static. 
They are not; they are highly dynamic in the same sense that a perfect 
macroscopic whirlpool in a river, seemingly static, nonetheless involves a 
continuous flow of water through it and a continuous dynamics. So far as 
can be observed, it appears there is no such thing as a truly "static" object. 
As an example, just to "exist" an object must "travel through time", which 
is itself a special kind of dynamics in the time domain. 
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A beautiful explanation of what is meant by "static" is given by Van 
Flandern”': 


"To retain causality, we must distinguish two distinct 
meanings ofthe term ‘static’. One meaning is 
unchanging in the sense ofno moving parts. The other 
meaning is sameness from moment to moment by 
continual replacement ofall moving parts. We can 
visualize this difference by thinking ofa waterfall. A 

frozen waterfall is static in the first sense, and a flowing 
waterfall is static in the second sense. Both are 
essentially the same at every moment, yet the latter has 
moving parts capable oftransferring momentum, and is 
made of entities that propagate. " 


Now suppose that the capacitor in Figure 4-1 is rotated until E and H are 
either parallel or anti-parallel. In that case, the Poynting theory predicts 
zero EM energy flow. That is an incomplete assessment; it means that 
there is no overt field energy flow. There is, however, still quite a lot of 
covert or "infolded" field energy flow ongoing anyway, inside the static 
fields E and H themselves.”” To see this, we first turn to the static 
potentials. 


Between the charged plates of the capacitor or electret, there exists an 
electrostatic scalar potential @. Between the polar ends of the permanent 
magnet, there exists a magnetostatic scalar potential ©. We may 
independently decompose both $ and ® via Whittaker decomposition 
{243}, applying a necessary correction {244} to Whittaker's interpretation. 
Then in all space surrounding the two dipoles, we have a hidden harmonic 
set of bidirectional longitudinal EM wavepair flows of energy comprising 
each of the static potentials and filling all space”’ around the assembly 
in Figure 4-1. Each of those potentials ) and ® is formed of a combination 
of scalar (time-polarized) and longitudinal photon pairs, as strongly argued 


°! Tom Van Flandern, "The speed of gravity — what the experiments say," Phys. 
Lett. A., Vol. 250, Dec. 21, 1998, p. 8-9. 


»° Indeed, by the asymmetry of its opposite charges, each of the dipoles is 
continuously pouring out EM energy extracted from the seething vacuum. 


3 In the conventional view. We corrected that view in {12}, to agree with quantum 
field theory and to use a cause and effect instead of the two effects used by 
Whiltaker. 
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by Mandl and Shaw {245} and as previously discussed in an earlier 
chapter. Further, each of the "static" fields can be decomposed into two 
scalar potential functions, as shown in 1904 by Whittaker {246}. Then 
each of the base scalar potentials further decomposes into the set of time- 
polarized EM wave and longitudinal EM wave pairs. The result is that 
every "static" field or potential in the universe is actually a set of 
longitudinal EM wave dynamics. 


Further, in each coupled Whittaker wavepair as reinterpreted, there is 
perfect correlation between the time-domain EM energy wave (scalar or 
time-polarized EM wave) and the 3-space longitudinal EM wave. So even 
a "static" EM field, such as from the permanent magnet and from the 
charged capacitor or electret, does involve an enormous number of hidden 
internal EM energy flows in longitudinal and scalar EM waveform.” 


* One of the great omissions of modern Western electrodynamics is the failure to 
follow up on direct engineering of this "vast, internal, infolded, far more 
fundamental" scalar and longitudinal electrodynamics hidden inside all present overt 
EM potentials and transverse EM fields and waves. Russian secret weapon scientists 
under the former KGB called this internal electrodynamics the "information content 
of the field" and have strongly weaponized it. A deception plan has been used to 
successfully convince the West that the Russians are speaking only of conventional 
spectral analysis. Use ofthis internal EM structuring, in the form of longitudinal or 
scalar wave interferometry, formed the first giant superweapons deployed by the 
former Soviet Union in 1963. To see a proofthat ordinary EM fields and waves and 
potentials can be formed at a distance, arising out ofthe local spacetime in the 
interference zone, see M. W. Evans et al., {79}. Longitudinal EM waves easily pass 
through the entire earth and ocean relatively undiminished, since mass is mostly 
empty space filled with fields, potentials, and waves — i.e., filled with incredible 
numbers and bundles and dynamics of longitudinal and scalar EM waves. Mass is 
thus a great superhighway for the passage of longitudinal EM waves, and 
longitudinal interferometry can be performed right through the earth and ocean, on 
the other side of the earth from the transmitters. Such interferometers can also easily 
focus inside the earth or beneath the surface ofthe ocean. Hence in April 1963 the 
first giant Soviet LW interferometer deployed was used to kill the U.S.S. Thresher 
beneath the ocean, offthe East Coast of the U.S. Intense production of EM signals 
— emerging everywhere in the space in that underwater interference zone placed 
around the submarine — filled the sub and its electronic controls. This jammed the 
electronic controls ofthe sub, rendering it helpless. The hapless sub then sank to 
crush depth and imploded. The signatures are clearly present in the jamming and 
cessation of multiple electronic systems functioning in the sub's surface companion, 
the U.S.S. Skylark (which was in a sort of surrounding "splatter" zone and survived 
because it was not individually targeted). Today at least 10 nations have scalar or 
longitudinal wave interferometer weapons, to one extent or another, other nations are 
working on them, and the Yakuza also has them. These were apparently the weapons 
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Ultimately there is no frozen waterfall, but only the dynamic waterfall 
always reappearing the same but filled with dynamic movement and 
energy flow. 


These latter EM energy flows infolded inside the scalar potentials and the 
fields exist for a single charged capacitor or electret alone, or a single 
magnet alone. They also exist for any two points in a circuit that have 
differing electrical or magnetic potentials with respect to the ambient 
vacuum potential (energy density). This latter fact, of course, was part of 
the secret of Kron's open path. Indeed, every dipolarity in the universe — 
between any two potentials or any two differing charges anywhere — is an 
open path and an energy flow source. E.g., quoting Kron {247}: 


"_.. the missing concept of "open-paths" (the dual of "closed- 
paths") was discovered, in which currents could be made to flow 
in branches that lie between any set oftwo nodes. (Previously— 

following Maxwell— engineers tied all oftheir open-paths to a 
single datum-point, the 'ground'). That discovery ofopen-paths 
established a second rectangular transformation matrix... which 
created ‘lamellar’ currents..." "A network with the simultaneous 
presence ofboth closed and open paths was the answer to the 
author's years-long search." 


Ascan be seen, Kron had discovered how to create currents — currents 
could be made toflow — in individual branches between any two nodes in 
the circuit, physically connected or not. We point out that deliberate use 
ofKron's "open path" in a network circuit constitutes a strong violation of 
the standard closed current loop circuit's self-enforcement of the 
Lorenz/Lorentz symmetrical regauging condition. Hence it is a 
magnificent method for achieving COP>1.0 circuits. It is the belief of this 


confirmed in 1997 by Secretary of Defense Cohen in these words: "Others are 
engaging even in an eco-type of terrorism whereby they can alter the climate, set off 
earthquakes, volcanoes remotely through the use of electromagnetic waves... So 
there are plenty ofingenious minds out there that are at workfinding ways in which 
they can wreak terror upon other nations...It's real, and that's the reason why we 
have to intensify our efforts." (Secretary of Defense William Cohen at an April 1997 
DoD counterterrorism conference sponsored by former Senator Sam Nunn. Quoted from 
DoDNews Briefing, Secretary of Defense William S. Cohen, Q&A at the 
Conference on Terrorism, Weapons of Mass Destruction, and U.S. Strategy, 
Universityof Georgia, Athens, Apr. 28, 1997.]. As the reader can see, the Cold War 
was not so "cold" after all. This mere "tip ofthe iceberg" should also give the reader 
a little more insight as to why a war on terrorism is so necessary to all civilized 
nations. 


17? 


Vou will find in this document avery useful High Voltage Power supply ( Lah HV-PS ) diagram fer your personal laboratory experiments. This is a dual ootpout power supply : 
- the first autpat fa Low Voltage output fully tinable between Ota MY DC, 
=the second output isa High Vobtoge output folly tunable between (to Hb KV DC 
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author that such "open path" functioning in his patented circuits was part 
of Tesla's secret, though he did not think of it in those terms. However, 
Tesla's ability to shuttle potential energy independently in his circuits — 
invisible to a tensor analysis — was rigorously shown by Barrett {124}. 
Barrett extended the method and obtained two patents in the field of 
communications {286a, 286b}. 


Thus the COP>1.0 problem is not in the part or function (the dipole or the 
charge) that extracts real EM energy flow from the vacuum. That is 
extraordinarily simple and straightforward. Engineers and scientists have 
been using it for two centuries without understanding what they were 
doing. Every charge, dipole, charged capacitor, electret, and permanent 
magnet already continuously extracts EM energy from the vacuum. The 
two-fold COP> 10 problem is in (i) separately intercepting and catching 
(in an external circuit) some ofthe copious free flowing energyfrom the 
"extractor", and then (ii) separately dissipating that collected energy in an 
external load without killing the "extractor" itself— or at least only killing 
it more slowly than the load is powered. The most elegant way to violate 
the closed current loop circuit is with Kron's open path, typified by 
Tesla/Barrett potential energy shuttling. Since vector and tensor analysis 
will not even show it or model it, then a higher group symmetry 
electrodynamics is imperative in modeling COP>1.0 EM systems and their 
functions. Much ofthat work remains to be done. 


Our main purpose in this chapter is to point out some selected efforts and 
approaches by scientists, engineers, and inventors. We will give a brief 
description and a few details, and leave it to the researcher for further 
experimentation and reflection. Hopefully, knowing what some others 
have tried and the results they achieved will prove helpful to the serious 
researcher. 


We also strongly encourage the reader to again read this section after 
studying Chapter 9. In any COP>1.0 system, the excess energy must come 
from the "active environment". The active environment of an EM system 
consists of (i) the active vacuum and its interactions and dynamics, and (ii) 
the active local spacetime curvatures and their interactions and dynamics. 
Contrary to naive belief and the received view, overunity electrical power 
systems — particularly very high COP systems — are neither simple nor 
easy, but are extraordinarily difficult and highly nonlinear even when their 
appearance is deceptively simple. Chapter 9 will give a brief expose of 
some of the difficulties for higher C OP systems. There we will refer again 
to the intricate circuit analysis work of Gabriel Kron {248}, to Dirac sea 
electron theory {249} both prior to observation and after observation, and 
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to the need for higher group symmetry O(3) electrodynamics by Evans 
{250} which is a subset {251} ofthe electromagnetics used in the unified 
field theory of Sachs {252}. 


Chapter 9 indicates how mathematically complex these systems really are, 
even when they appear deceptively simple. The phenomenology is highly 
complex, and it has not yet been scientifically explored because of the 
erroneous received view that COP>1.0 EM systems are not permitted by 
Maxwell's theory or the laws of physics. That is a non sequitur. More 
exactly, they are not permitted in that equilibrium class ofMaxwellian 
systems described and selected by Lorentz's arbitrary symmetrizing ofthe 
Maxwell-Heaviside equations, following their previous symmetrizing by 
Ludwig Valentin Lorenz {253}. Prior to applying the Lorenz-Lorentz 
symmetrical regauging, the Heaviside equations — which in field form are 
already a truncation to four vector equations of Maxwell's 20 quaternion- 
like equations — do prescribe both disequilibrium COP>1.0 and 
equilibrium COP<1.0 Maxwellian systems. The variables are not separated 
(potential formation) and the equations are difficult to solve, usually 
requiring numerical methods. With Heaviside's truncation and Lorenz- 
Lorentz regauging applied, the resulting "special case" equations — now 
for only that class of COP<1.0 Maxwellian systems that receive and use no 
net input from their active environment — continue to be used because 
closed analytical solutions can usually be had and numerical methods can 
be largely avoided.” 


So with tongue in cheek, we humorously remark that COP>1.0 electrical 
power systems have not been developed or known because the early 
scientists were a bit lazy and wished to avoid ubiquitous use of numerical 
methods. These days, with computers, proper math programs, and sharp 


°° For some reason, electrodynamicists ignore the fact that the Lorentz regauging 
does assume two additional equal and opposite energy exchanges of the system with 
its external active environment, but carefully selected so that all the excess energy 
received in the system is purely in the form of a stress potential. Hence this energy 
continually does internal work on the system to produce additional stress, but cannot 
translate electrons through an external load to power it. Also, this regauging 
condition represents an effective rotation ofthe frame of the described system out of 
the laboratory frame. To then argue that this severely altered system (increased 


stress, constant additional internal work being done on the system, frame rotation, 
altered potential energy) is the same system prior to Lorentz regauging, and that 
such a system is not receiving excess energy from its active vacuum environment, is 
naive in the extreme and a non scquitur. 
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graduate students to easily crunch the numbers, there is no longer any 
reason for continued arbitrary discard of Maxwellian COP>1.0 systems. 


For such reasons, no legitimate theory of COP> 1.0 EM power systems has 
been developed, except for light shed by Prigogine {254a-254f} and others 
{255a-255c} as to the necessary active environment, disequilibrium nature, 
and disequilibrium thermodynamics of COP>1.0 systems. Further, the 
energy flow theory (Poynting's theory) has not been further extended to 
include the Whittaker decompositions {243, 246} as should long ago have 
been done. Neither has it been extended to account for the arbitrarily 
discarded giant Heaviside nondiverged energy flow component. 


The researcher should be aware that the energy input to a system is always 
in the voltage” (the potential; one input volt of potential will cause one 
joule of energy to be collected upon each interacting unit point electric 
charge in the system; one volt of drop in potential results when one joule 
of collected energy is dissipated per unit point collecting charge in the 
system.). The fields and their energy are functions of the potentials and 
their energy, not the other way round. After potentialization ofthe circuit, 
the subsequent movement of the potentialized Drude electrons, as current 
in the system, is connected with (and part of) the dissipation from the 
circuit of previously collected/intercepted energy from the vacuum. 


4.2 Demonstration Gedanken Experiment 


4.2.1 Work and Energy 
Doing work is defined as changing the form ofenergy. No energy is lost 
per se when work is done; the energy is only changed from one form to 


°° The reason is that all 3-space EM energy — in the circuit or elsewhere — must 
come from the time domain to each 3-space point and return from that point to the 
time domain. The scalar potential (voltage) actually is an ongoing process whereby, 
for any interacting charge, energy in the time-domain and energy in 3-space are 
functionally combined in that 4-circulation at every point dipole in space. In 
quantum field theory, e.g. as shown by Mandl and Shaw {19}, the combination of 
the time-polarized photon and the longitudinal photon in 3-space is observed as the 
instantaneous scalar potential, but neither photon is individually observable. We 
comment that an "observable" 3-space potential is the result ofan iterative set ofd/dt 
differentiations of the ongoing "combination" of scalar (time-polarized) photons 
having their energy oscillations in the time domain, with longitudinal photons having 
their energy oscillations in 3-space along their line of motion. Hence each d/dt 
differentiation ofthe ongoing 4-space combination yields the instantaneous 3-space 
potential. Cumulating, one has the ordinary 3-space potential or "voltage" of macro 
electrodynamics. 
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another. All the energy since the beginning of the universe is still 
present,” and it is still repeatedly changing its form to do work, over and 
over. The point is, a single initial joule of energy can be "used" (changed 
in form) to do more than one joule of work, if multiple changes of form 
occur serially. One joule ofenergy changing its form gives one joule of 
work, only ifa single and total change ofform ofthatjoule ofenergy 
occurs and then no further change ofform occurs. If the joule changes 
form once, ajoule of work is done and a joule of energy still remains in a 
second form. Ifthis second form of the joule of energy is not lost, but is 
retained and then changed in form, a second joule of work is performed 
and there is still ajoule of energy left in different form. And so on. 
Tricking a system to self-induce multiple iterative form changes of each 
joule of input energy (or at least of some fraction of each input joule), 
without losing the energy after each change of form, is one way of 
providing COP>1.0 in a system. 


Remember that COP (coefficient of performance) is best defined as the 
usable work output obtained, divided by the EM energy that the operator 
inputs. Since "usable work output" is just usable "change of form of the 
energy", it can be seen that multiple changes of form of every joule of 
energy input by the operator can lead to COP>1.0. 


This illustrates that one must be careful in applying the law of 
conservation of energy. For a thorough analysis, several features must be 
identified and accounted: (i) The flow of the energy impinging upon the 
collection, (ii) the collector itself and the type of collection process 
utilized, (iii) the linear or nonlinear operation of the collection/collecting 
process, (iv) the dissipation process used to dissipate the collecting 
mechanism, (v) what happens to the energy flow that was collected and 
then its collection "dissipated", (vi) what type of energy flow was 
collected, and then its collecting "dissipated", (vii) what happens to the 
collector after the dissipation interaction, (viii) what happens to the energy 
in different form after each previous change of form, (ix) whether single- 
pass or multiple-pass of the energy flow is used, (x) whether single 
collection or multiple collecting is used, and (xi) the effects of any 
nsymmetrical regauging of a local component or region (e.g., as in simply 


°” However, "present" means in spacetime, not just in 3-space. The EM energy we 
think of as being in 3-space is macroscopically in continuous circulation from the 
tine domain to 3-space and back to the time domain. Microscopically it is in 
continual circulation. 
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increasing one ofthe potentials of the region) that in turn acts as a free 
energy flow. 


See again Figure 2-4 in Chapter 2. In general, the available energy flow 
surrounding a circuit will be far greater than the intercepted and collected 
energy in that circuit, particularly ina "single pass" collection — i.e., 
where the impinging energy only passes once. In analyzing a system or 
circuit, one must be very careful to ascertain whether the system utilizes 
any mechanisms to enhance and increase the energy collection fraction. If 
it does, then a necessary (but not sufficient) criterion for COP>1.0 has 
been identified in the system. Letokhov's negative absorption of the 
medium (i.e., excess energy emission) {256} and Bohren's experiment 
{257} are examples. Bohren's experiment is easily replicated by any 
nonlinear optics lab, and outputs 18 times as much energy as the 
conventionally calculated energy input.” 


Ifthe impinging Heaviside nondiverged component of the energy flow 
beyond the collecting/collector is rerouted and passed back to impinge 
again in the system — even on another collector or other collectors — this 
must also be taken into account. 


Conventionally, the "magnitude" of the fields” E and H in the Poynting 
(collected) energy flow S = E x H are "defined" by the collection from the 
fields by an assumed unit point static charge at each point in space. In 
short, the conventional fields have already been "defined" as a standard 
linear collection upon standard charged mass, from the field entities as they 


*8 Energy conservation is not violated! Instead, the conventional calculation assumes 
a static intercepting unit point charge, which has the minimum reaction cross section 
in the stream of bidirectional longitudinal EM energy flows comprising the potential, 
etc. By placing the intercepting charged particles into particle resonance, the 
particles’ reaction cross section is increased because each resonating charge sweeps 
out a greater geometrical cross sectional area. Hence the charges collect more energy 
from the energy flow comprising any "field" (actually field intensity) or "potential" 
(actually potential intensity) than is assumed in the standard input energy 
calculation. In short, Bohren's experiment takes advantage ofthat arbitrarily 
discarded Heaviside energy flow component that remains and is present but not 
considered in the conventional Poynting calculation and field intensity calculation. 
The experiment in fact proves the existence ofthe unaccounted but ubiquitous giant 
Heaviside nondiverged EM energy flow. 


» At best, the 3-space point intensity of each 4-space field is so defined, for a 
forthcoming reaction with unit point static charge, and where the forthcoming 
reaction does not involve lingering time - charging but only simple time-excitation 
followed by full decay ofthe time-excitation via normal photon emission. 
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exist in 4-space prior to interception and collection, and where the 
collector itself is absolutely fixed and "static". So nonlinearity in energy 
flow collection — by additional disruption of the impinging energy flow 
induced by the dynamics of the collector itself— may easily increase the 
"reaction cross section" of the collector. The static reaction cross section of 
a unit point static coulomb and the dynamic reaction of a unit point 
resonant coulomb may differ appreciably. 


Without stating it this clearly, Bohren has shown that the interaction cross 
section for a single-pass collection by one static particle may be increased 
by a factor of 18 in a given example, by inducing resonance and thus 
increasing the "collection" dynamics ofthe collecting particle in the 
impinging S-flow {257}. The work has been independently substantiated 
by Paul and Fischer {258}. It also is a direct proof of the existence of 
Heaviside's neglected nondivergent energy flow component surrounding 
every field and charge interaction. 


So indeed there are COP>1.0 EM processes in the literature. The 

Heaviside component also pouring from the terminals of every generator 
and battery, already proves that every generator and battery ever made 
already was and is a COP > 1.0 energy transducer, becausefar more 
energy pours from the terminals ofthe generator and battery than the shaft 
energy input to the generator or the chemical energy dissipated in the 
battery. 


4.2.2 Extending the Work-Energy Theorem 

The standard work-energy theorem in mechanics may be conventionally 
stated as: The change in the kinetic energy ofaparticle is equal to the net 
work done on the particle by the netforce acting upon it. As in any 
"model", here there are assumptions that are seldom taken into account. 
First, the collected/collecting kinetic energy of a particle is due to its 
increased interaction rate with the vacuum flux, because of its acceleration 
through that flux.'°’ In mechanics the increase in flux interaction (and 


100 As we cover elsewhere in this book, any charge (which, together with its 
clustering virtual charges of opposite sign is a dipolarity) is a broken symmetry in 
the fierce flux ofthe vacuum. This means that every charge in the universe absorbs 
virtual energy from the vacuum, coherently integrates some of it into observable 
energy, and pours out that observable energy in all directions. The negative charge 
does that for positive energy; the positive charge does it for negative energy. The 
latter can be better interpreted as the return of positive observable energy from space 
to the positive charge, thence disintegration ofthat positive energy back to virtual 
energy, and subsequent re-radiation of that virtual energy back to the vacuum. One 
can in fact model the Bohren experiment in terms ofthe extra vacuum flux 
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hence "Newtonian 3rd law resistance" is just treated as a sort of resistance 
to acceleration, and known as inertia.'”’ The actual energy of the vacuum 
flux interaction rate is a function of the square of the particle velocity 
through that flux — hence the formula K = 1/2 mv” for the kinetic energy K 
of a mass m moving through the flux of space at velocity v. 
Relativistically, the mass of the particle is moving through the ambient 
potential flux, or we may view it from the particle's frame of reference 
where the ambient potential flux is moving through the particle but 
interacting with it. Only a single pass of the flux impinges upon the 
"particle collector", so there is only a "single-pass" type of energy 
collection ongoing. 


All energy in the vacuum exists in "vacuum flux" or "change in vacuum 
flux" form. There is no force in the vacuum, although there is polarization 
that will produce a force upon a charge when one is introduced. The force 
occurs only after the "change in vacuum flux" that we call a field is 
interacting with a mass. The force is already a change to the mass, a priori, 
since mass is a part of force by F = d/dt (mv). If energy is then added by a 
AK energy flux (usually mistakenly called a force) performing work upon 
mass m, this constitutes an additional energy flux or flow impinging on the 


encountered and transduced by the resonant charge, as compared to flux encountered 
and transduced by the static charge. In the same vacuum flux density, a resonant 
charged particle will intercept and absorb more virtual photon energy than the same 
particle in static condition. Hence its broken symmetry will convert more absorbed 
virtual photon energy into real observable emitted photon energy. 


'0l Tf one wishes to understand that inertial reaction, here is how it works. Consider 
the virtual charges of the vacuum as an analog to the Drude electron gas ina 
conductor. At the instant an observable charge starts to move, it is momentarily 
affecting all the surrounding virtual charges — an enormous number, which are 
initially repelling and attracting it in all directions intensely. To move, the 
observable particle must create a change in that entire participating virtual particle 
"gas". Just as the Drude electron gas, the vacuum "gas" of virtual charges has a 
certain relaxation time constant. So a finite time delay occurs before the vacuum gas 
relaxes and movement of the observable charge occurs. As the relaxation continues 
apace, the particle being acted on by a force accelerates. Even mass with a net 
charge of zero is filled with charges, and even the neutrons in the atoms are 
continuously changing into protons and back, etc. So all mass continually exists in 
the "charge and charge-changing" state. Inertia is in fact due to the relaxation time 
curve of the vacuum virtual charges "gas". We dealt crudely with this in Bearden, 
"Quiton/Perceptron Physics," NTIS Report AD-763-210, 1973, p. 11; hopefully a far 
better treatment will eventually be undertaken by qualified higher group symmetry 
electrodynamicists. 
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particle, imposing an additional "energy collecting" and gradient across the 
mass. Rigorously, the dynamic system comprised of the dK gradient 
coupled to the particle, and interacting with it, identically is a force.’ 
Depending upon the situation, it may accelerate or decelerate the particle, 
or change its direction, or a combination. This is summarized in the usual 
work-energy formula 


W = Ke- Ki = Ak [4-1] 


where the work W that was done is given by the change dK in kinetic 
energy of the particle from its initial kinetic energy K; to its final kinetic 
energy Kg. 


In applying the conservation of energy law, usually physicists utilize either 
the work-energy theorem or an approach closely paralleling it. This 
application is valid in any linear single-pass collection situation. It may not 
be valid — and usually isn't —for a multi-pass, multicollection system 
where the same energy, changed in form to accomplish work in a single 
reaction, is then changed in form iteratively, again and again, in the same 
system or material. In such case, one joule of input energy can and will 


’2 We stress again that the hoary old mechanics, some four centuries old, is 
seriously in error in assuming a separate force acting on a separate mass. That 
remains an inexplicable non sequitur in modern physics, in its very foundations. We 
call attention to how classical electrodynamicists' wrestle with the problem. E.g., 
quoting Jackson, Classical Electrodynamics, 2nd edition, Wiley, 1975, p. 28: "...the 
thing that eventually gets measured is aforce..."_ "At the moment, the electric field 
can be defined as the force per unit charge acting at a given point. It is a vector 
function of position, denoted by E." Our comment is that the "definition" is in error, 
including the use ofthe word "field" for "field intensity", when field and its intensity 
are two entirely different things. A proper definition should be stated as "...the 
observable electric field intensity can be defined as the force per unit static charge 
and mass, existing at a given point in an interacting gradient of the virtual particle 
flux of the vacuum, as inferredfrom the changes induced upon the unit static charge 
and mass." The field intensity is a vector function of position, charged mass, and 
vacuum virtual particle flux gradient. The standard definition substitutes an effect 
(of collection) for a cause (prior to collection), and this error is widespread through 
physics, from mechanics to electrodynamics and on into particle physics. On p. 249, 
Jackson shows how the electrodynamicists largely capitulate and continue to 
promulgate the substitution of effect for cause. Quoting: "Most classical 
electrodynamicists continue to adhere to the notion that the EM force field exists as 
such in the vacuum, but do admit that physically measurable quantities such as force 
somehow involve the product of charge andfield." We comment that actually mass is 
a component of force, as shown by F = d/dt(my). 
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accomplish multiple joules of work in and on the system. So for our 
purposes we must modify the work-energy theorem to give 


W =A( Kp— K,)-Ak [4-2] 


where A is the averaged energy collection fraction, adjusted for multipass, 
multicollection and also for asymmetrical self-regauging (self-increase of 
the potential in, and hence the energy flow from, one or more regions of 
the active system's source). In formula 4-2, Kr and K; and Ak still refer to 
single-pass collection only. 


In the new work-energy theorem, A = 1.0 for that vast number of 
conventional cases that have successfully utilized the conventional form of 
the theorem. These are almost always single-pass, single collection 
systems. The new COP>1.0 systems have deliberately enhanced energy 
collection — and hence multiple energy collection and work 
amplification'”’ — such as multi-pass collection. For these COP>1.0 
systems, the expanded work-energy theorem form applies and in general 
A>1.0. In an ideal COP>1.0 system, A>> 1.0. In some versions of the 


Patterson Power Cell for example, 4 =1200. In the Sweet device 
(discussed later), a very high value of lambda resulted, so that 

2. = 1.5xl0°. We sometimes refer to A as the energy amplification factor, 
energy collection fraction, Poynting amplification, collection 
amplification, etc. Bohren and others have referred to it indirectly as the 
interaction cross section, the resonance absorption cross section, and the 
negative absorption cross section. 


Again, we strongly iterate that there is no conservation ofwork law in 
physics! When energy is input to a system, acts on it, and is "dissipated" 
by a change ofits form (doing work), the "dissipated" energy is still 





103 7 “ “ 7 e = 
There is no "conservation of work" law in physics or thermodynamics. It is 


energy that must be conserved. A single change in form of K joules of energy gives 
an equal number of K joules of work done upon the interacting mass system. 
However, there remains an equal number ofjoules available, just in a different form. 
Ifthat second K joules of energy is then changed in form again and not allowed to 
escape from the system, an additional K joules of work is performed in the system, 
without the operator having added any extra input energy. And so on, until the 
inefficiency of the system and some inevitable losses allow all the "recycling" 
energy to escape from the system. We strongly believe that ignition, quenching, and 
re-ignition phenomena such as in gamma ray bursters and x-ray bursters are due to 
exactly such processes where iterative change of form of each initial joule of energy 
occurs. 
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available after the work (change of the energy's form) is accomplished. 
However, usually by "dissipated" energy we mean energy that has 
permanently left the system (or a component in the system) and cannot be 
recovered and used by the system. The original input energy is not work, 
because it did not undergo any change of form prior to interaction with the 
system to change its form. So one does not do "work" as input, which is a 
non sequitur. Any work accomplished in the input section of a system is 
due to inefficiencies of the system,'* '® usually allowing extra change in 
form of some of the energy in non-useful processes called "input losses". 
As we Stated, it is quite possible for a single joule of original input energy 
to perform many joules of work. During the subsequent billions of years 
following the formation of the observable universe and the energy in it, 
every joule of the primordial energy is still here. And every joule of it has 
been steadily performing joule after joule of work since then. Further, it 
has continually been recycled between 3-space and the time domain and 
back, and is continually being so recycled today. 


Suppose input energy to a system has been dissipated (changed its form) 
once, doing work (single change of form of energy) in the system. Ifthe 
dissipated energy in a different form is then recovered or partially 
recovered — without escaping the system — to change its form yet again 
in the system and produce additional useful work, that system is 


'* Almost always due to a negative feedback mechanism such as Newton's third law, 
self-regauging symmetry, the closed current loop circuit, inertia as due to a self- 
regauging 4-symmetry, etc. 


‘05% g., a transformer would be an overunity system, because the current in its 
primary is separate from the current in its secondary, if these two currents were 
completely decoupled and independent. In that case, the transformer would simply 
propagate and "couple" or pass energy emitted from primary to the receiving 
secondary, without back-coupling. However, the closed current loop in the 
secondary, routing all spent electrons in the secondary back through the back mmf of 
the secondary coil, produces a back-field coupling interaction with the primary, and 
this "back mmf/back emf" coupling requires energy dissipation in the primary 
section to overcome. In short, the transformer is designed so that the secondary 
lights the primary to a draw and the designer loses. With some losses and 
inefficiencies in the device, that makes the transformer a COP<1.0 device (unless 
free external energy is received in the input). The interested reader might extract 
several hints and suggestions in this book, passim, of things that overunity 
researchers have tried in their search to break up the back-coupling of a transformer. 
The simplest way, of course, would be to place a true negative resistor shunt across 
the secondary, so that part of the secondary current does not return back through the 
primary. 
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considered to be an open system far from single-dissipation equilibrium 
with its external environment.'®° In that case, instead of the first 
dissipation simply "returning" the energy to the external environment, the 
energy is recovered by another change in form (which may simply be a 
change in direction in the internal environment). The thermodynamics of 
an open system far from equilibrium with its active environment applies, 
whether that "environment" is internal or external to the system. It is 
"external" to the subcomponent of the system forcing the "local change of 
form" of the energy. 


4.2.3 Gedanken Experiment: Multicollection by Regenerative 
Feedback 

After a COP>1.0 collecting process with subsequent proper discharge of 
the energy, more work output as "dissipation of the collected-energy" 
exists than the energy being input by the operator or experimenter. By 
regenerative, clamped, carefully controlled positive feedback of a portion 
of the output positive energy'”” to the system input, the system can be 
converted to a self-powered (self-asymmetrically-regauging) system that 
powers both itself and its loads. However, see Chapter 9 for special 
considerations of the Dirac sea hole current and excess negative energy 
that arises for COP»1.0 EM systems. Positive clamped feedback will fail 
dramatically for any COP»1.0 EM system, and for many COP>1.0 
systems it will also fail unless conversion of negative energy — arriving at 
the input section — to positive energy is accomplished. 


To ease visualization of the energy multicollection process, consider a 
gedanken experiment iteratively retroreflecting a steady small EM energy 
input. Particularly see Figure 4-2. 


'6The vacuum environment is also "internally" penetrating throughout any 
macroscopic system, to the finest level! So the notion of separated "external" and 
"internal" environments requires strong qualification in any system engaged in 
iterative, work-amplifying interaction with its local vacuum. 


‘7 The output may contain appreciable negative energy as well as positive energy, 
however. In that case, in the feedback loop the negative energy must be transduced 
into positive energy by regauging, else it will appear in the input section of the 
system as an extra system load there in the input itself. It will "eat" incoming 
electrons from the external power supply, so that the external power supply has to 
power this "extra load" in the input section as well as powering the normal system 
load presented. This reduces the system COP to COP<1.0. 
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Figure 4-2 Heater wire in a hollow sphere with certain retroreflectivity properties. 


As shown, a heater-emitter is placed inside a closed hollow sphere, 
through a tiny hole for the two wires connecting the heater wire into the 
external power supply (the external power supply is not shown). The 
heater emitter is 100% efficient; any joule of energy absorbed by it is re- 
radiated by it. One joule of energy (one watt of steady "input power" — 
conventional electrical engineering terminology where rate of work and 
rate of energy flow are confused!) is furnished from the power supply to 
the heater element inside the sphere. The inside ofthe sphere is coated 
with a substance that acts as a phase conjugate mirror (PCM) reflector 
with, say, 0.5 reflection coefficient. In other words, when scattered 
photons are emitted from the wire in all directions, they strike the inner 
surface of the sphere. Half are retroreflected precisely back to the spot on 
the resistor from whence they came, where they are absorbed and "re- 
collected" to further heat the resistor, causing emission of additional 
photons from it. The other half of the absorbed photons on the inner 
surface of the sphere diffuse through the cylinder walls as heat, and escape 
as heat radiation from the sphere to the outside world. 


If that sphere's operation could be maintained intact and stable, without 
change of the physical characteristics and mechanism, then the buildup of 
energy in the heater wire inside the cavity — and the buildup of the energy 
icing emitted from the outside of the sphere — would be ever increasing. 
It would increase without bounds as time passed. Wait a short time, and 
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the sphere would be outputting 10 watts of power while one would still be 
inputting one watt. Later, the sphere would be outputting 1,000 watts of 
power, while one would still be inputting one watt. And so on. Indeed, the 
rise in energy density ofthe output would be asymptotic, and would 
increase toward infinity. The only limitation as to the energy output for a 
steady 1 joule per second input, would be the limit at which the 
mechanism goes unstable and changes occur to dampen and curtail the 
process. 


Before the reader objects on conservation of energy grounds, one should 
realize that this rise in the energy density inside the sphere is an example 
of iterative regauging. The principle of gauge freedom — one of the 
axioms of quantum field theory and well established — assures us that the 
potential energy ofa system can be changed at will, and freely.""’ What 
the gauge freedom principle does not state is a mechanism for providing 
the additional potential energy and a source for it — nor do the quantum 
field theorists and electrodynamicists. Without such a source and 
mechanism specified, the conventional gauge freedom principle assumes 
total violation of the conservation of energy law. 


'§ Conventional scientists are almost always very careful to regauge symmetrically, 
so that the two excess force fields that result are equal and opposite, and sum to a net 
zero resultant field. That "zero-summed system" comprises a stress potential a 
priori. So such symmetrical regauging alters the stress in the system and alters its 
potential energy, but only in the form of additional stress energy. There is no net 
force and "force field energy" that can be used to dissipate that additional free stress 
energy in an external load, thereby doing free work. This regauging is a purely 
arbitrary practice by the electrodynamicists. We are far more interested in 
"asymmetrical regauging", where only one potential is freely changed or the two are 
changed unequally, resulting in a net nonzero force field that can then be dissipated 
in an external load to perform free work. Only by asymmetrically regauging an 
otherwise inert system can usable field energy be added and any work then be done 
by it anyway. In conventional systems, we do the "asymmetrical regauging" by 
adding the voltage (potential difference). As current flows with dissipation of energy 
from the circuit in the loads and losses, the system is able to develop "power" and 
thus do work in the external load. Unfortunately, the electrodynamicists are still 
obsessed with symmetry, so they ubiquitously employ in all electrical power systems 
the closed current loop circuit. This guarantees that the circuit will kill its source 
dipole (the source of the potential and potential energy generated from the virtual 
flux ofthe vacuum by the broken symmetry ofthe opposite charges ofthe dipole) 
faster than it powers its load. That way, lovely symmetry is maintained, beautiful 
free energy and negentropy are avoided and tossed away, and ugly pollution and 
destruction of the biosphere continues worldwide to fulfill the ever-increasing and 
insatiable thirst for electrical power. 
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In our supersystem view, the gauge freedom mechanism providing the 
energy is straightforward: the excess energy is freely supplied from 
disequilibrium in the active vacuum interaction with the system and in the 
disequilibrium represented by the local curved spacetime. Since a change 
in system potential energy is also a free change in spacetime curvature, 
then it follows that simply changing the potential energy of the local 
vacuum (the vacuum is also an electromagnetic system!) and of the local 
curvatures of spacetime is also "for free", or it can be. One does not have 
to perform work oneself upon spacetime to curve it! The mere presence of 
a spatial energy change — including a free potential energy change 
allowed by gauge freedom — is sufficient to freely curve spacetime also. 
That is a real energy change, because any curvature of spacetime acts back 
upon mass. Higher group symmetry electrodynamics does indeed include 
vacuum energy and energy current {259a-259c}, and it is possible to 
extract useful EM energy from the vacuum. 


But back to our sphere, where the internal potential energy of the sphere is 
rising asymptotically without bound. 


In the real world, of course, the reflection coefficients and the materials 
characteristics will change as the energy density changes, the sphere will 
heat, etc., and these changes will start damping the perfection of the 
retroreflection process to limit it to some finite plateau value which may be 
a COP>1.0 or COP» 1.0 condition. Or, the materials will melt or soften so 
that the sphere ruptures and explodes, sharply quenching the process 
entirely and emitting a violent burst of energy to signal the disruption of 
the localization of the process. 


Nonetheless, a successful real bench experiment similar to this should be 
possible with some tinkering, and it should readily yield COP>1.0, after 
one waits for build-up and stabilization at some level. We would hope that 
a sharp young graduate student may eventually prepare a doctoral thesis on 
this experiment or a variant. The principle is demonstrable. 


Similar buildups by regenerative feedback and multiple collections by the 
collectors do appear to occur in nature, up to and including such 
phenomena as gamma ray bursts, x-ray bursts, etc. These occur in some 
systems such as exploding gases (and in some cases, even in the upper 
atmosphere of the Earth). In such a system, the "physical particles in 
suspension in space" do move and continually disrupt the geometry for the 
increasing buildup, resulting in decay of the process after a time delay. 


However, there is a finite time during which the movement ofthe particles 
is still insufficient to appreciably break the geometry and cause 
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quenching.'” During this "nearly linear stage", the build-up applies and 
the energy density very rapidly increases. Build-up occurs and continues 
while the relaxation time of the initial countering symmetry-restoring 
mechanism for the old or former state or condition (the initial reaction) is 
occurring. A well-known conventional example is the Lenz law reaction. 
Then as the geometry changes significantly, a rapid damping of the energy 
density increase occurs, quenching the asymptotic rise and "discharging" 
or "decaying" back to a less-than maximum condition. However, the decay 
position or state (in the quenched condition) will be different from the 
initial condition before asymptotic rise (regauging) set in. The system 
usually will have itself absorbed and collected additional potential energy, 
and so it will be "hotter" or more energetic. This is often called the 
"afterglow". In the simple case, parts of the system will be in greater 
motion (more energetic). 


An intermediate plateau can appear as quenching occurs and it can 
stabilize. However, ifno stable plateau is reached during the damping, 
then further rapid quenching and a rapid reduction of the increased energy 
density occurs as the geometry changes become decisive and break the 
asymmetric self-regauging. Thus the "damping" of the process may yield 
a plateau of steady COP» 1.0 operation, or it may simply go immediately 
into full catastrophic quenching and decline back to some lesser level of 
COP>1.0 operation, but still more energetic than the beginning condition. 
The latter case produces a sort of "afterglow" - - observed in the gamma 
ray bursters, e.g. — of increased energy density from the beginning of the 
quenched phenomenon. Indeed, in that new system of more energetic gases 
or particles, once the new state is stable, continuing regenerative feedback 
versus the new geometry can then reinitiate or "re-ignite" another "burster" 
followed by subsequent quenching. And so on. 


We submit that the gamma ray bursters fit this schema and are consistent 
with it. So do the phenomena observed in intensely scattering photoactive 
media on the nonlinear optical laboratory bench. We hypothesize that the 
gamma ray burster and similar violent burst emission phenomena are 
generated by this mechanism or a similar version of it. 


‘0° Regardless of what we call it or what it has been conventionally named, any 
impulsive, explosive process involves at least momentary broken symmetry, 
resulting in instant and countering broken symmetry. Then a relaxation time passes, 
and the countering broken symmetry is dissipated by change of the system to a new 
potential energy state, the new dynamics state, etc. 
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Figure 4-3 diagrammatically shows a proposed range of such "excess 
energy" emissions due to this regenerative positive feedback and multiple 
collection mechanism. As can be seen, this may place our view of very 
powerful astrophysical emission phenomena in a completely different 
light, arranged energetically by the length ofthe initial "nearly linear" 
phase of exponential increase. There is a scale of stability levels up to just 
before the Big Bang itself {260}. A so-called Big Bang, of course, would 
result when the "containment" ability of 4-space itself is breached, 
resulting in a rupture of 4-space and a consequent violent blow-out into n- 
space (where n>4), with a very rapid "false vacuum" created outside the 
blow-out region and pumping itselfup by asymmetrical self-regauging in a 
"new" 4-space. When a new stability level is reached outside the blowout 
hole from the spawning 4-space, it represents an outside "new" 4-space 
and a new, infant 4-spatial expanding 4-universe, freshly born. 
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Figure 4-3 COP>1.0 stability levels for the asymmetrical self regauging process 
invoked by multipass and multicollection of same energy. 


So from inside the spawning universe, the burster phenomenon would be 
so great as to "burst" 4-space, producing a sort of "super black hole" as 
seen by the spawning universe. We hypothesize that the asymmetrical self- 
regauging mechanism produces a great burst of EM energy in its universe 
ifa stability plateau is reached that is below the threshold of 4-space 
rupturing. If such a stability plateau is not reached, the asymptotic rise in 
local spatial energy density increases until the primary 4-space ruptures to 
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produce a "blowout" seen from the old universe as a sort of black hole. 
There is a sort of "white hole" in the new universe being spawned on the 
other side of the blowout. This white hole and its associated phenomena 
produce the birth of another 4-universe outside the original spawning 4- 
universe. At least we propose that as a hypothesis. 


We propose that this could be a legitimate process for the birth of multiple 
4-space universes in the infinite-dimensional cosmos.'’” It has an added 
advantage of accommodating the vexing question of "What existed before 
the beginning of time (in this universe)??? The answer then would be, 
"The existence oftime in another universe that birthed this one. "We 
emphasize our interpretation of time as just a special form of EM energy, 
and not at all a "mysterious river down which we float helplessly as ifin a 
drifting boat in the river's current." 


4.3 Iterative Retroreflection and Collection in a Circuit 


The normal circuit attached to a generator or other external power supply 
is the "external" portion of the overall closed current loop circuit passing 
back through, and including, the source dipole in the power supply. In a 
DC external circuit, we may consider that the energy flow pours forth 
steadily from the terminals of the generator (from the dipolarity between 
them) into space surrounding the external circuit. Since the external 
conductors act as a sort of guide, this transmitted external energy flow is 
generally parallel to the external conductors. 


The external circuit further acts as a receiver. The surface charges and 
their fields intercept and interact with some of the transmitted energy 
flowing parallel to the conductors and outside them. This interaction 
diverts a component of that passing energy flow into the conductors, 
powering the Drude electrons. This powers the external circuit. The 
nondiverted component of the passing energy flow — usually much larger 
— escapes on out into space beyond the external circuit. According to 
Heaviside's energy flow theory {261}, this escaping nondiverged energy 
flow may be interpreted to exist in closed circulations.''’ Laithwaite 


"0 After all, a "dimension" ultimately is just a fundamental variable in a physics 
model or, in other words, a "degree of freedom" in mathematical modeling. We may 
construct any number of dimensions we desire, merely by assigning a sufficient 
number of variables, including both overt variables and hidden variables, etc. 


‘We point out the interesting possibility of re-interpreting this "closed circulation' 
Heaviside component as the giant negentropic circulation of EM energy from the 
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{172b} has specifically commented upon the potential importance of this 
aspect of Heaviside's theory. 


As we shall later address, Heaviside worked out but never published a 
draft theory of gravitational effects from this extra escaping energy flow 
{262}. Interestingly, since Lorentz's integration of the energy flow vector 
around a closed surface surrounding any volume element of interest, the 
discarding of this "excess nondiverged energy flow" has been ignored by 
electrodynamicists, and it has been ignored by gravitational theorists. 


Consider a theoretically "perfect" generator, loss free. Consider the 
presence of the Heaviside nondiverged component emerging from the 
generator terminals — and filling all space around the external circuit. 
That is the part of the energy outside the circuit that is not caught and 
processed by the circuit, but is just wasted. By definition, in this "perfect 
situation the magnitude of the Poynting or "caught" component of energy 
flow will precisely equal the magnitude of the mechanical energy input 
flow (rate) to the generator. ||” 


" 


But the presence of the additional huge Heaviside component rigorously 
means that far more energy pours from the terminals of every battery and 
generator than the amount of mechanical energy the operator inputs as 
shaft horsepower. This easily demonstrated fact — e.g., proven by the 
Bohren experiment {24} — continues to meet with a resounding silence 
from electrodynamicists and physicists, and particularly from those 
dogmatic skeptics so keen on defending the classical thermodynamics of 
closed or equilibrium systems as if they also applied to open systems far 
from equilibrium in their exchange with their active environment. We 
refer particularly to the dogmatists so supremely confident that COP>1.0 
EM systems are prohibited by the laws of thermodynamics. These stalwart 
fellows would thus exclude every charge (and its associated fields and 
potentials) in the universe, were they logical and speaking scientifically. 
So they strangle at the gnat of COP = 4, and swallow COP = oo while 
proclaiming that COP>1.0 EM systems cannot exist. 


The dogmatists have achieved a major nefarious goal, however. They 
have silenced most inquiry into such matters by electrical engineering 


time-domain to the negative charge, to 3-space, to the positive charge, and back to 


the lime-domain. To our knowledge, that has not been examined. 
'? ‘That is merely a statement of the Lorentz symmetry condition self-enforced by 


the closed current loop circuit itself. 
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professors, young graduate students, and young postdoctoral scientists. 
They have glorified classical equilibrium thermodynamics into a religion 
rather than the partial and imperfect model it really is. They are directly 
responsible for the continuing rape and pillaging of the planet's resources, 
pollution of the biosphere, global warming, and the increasing death of 
species. They are indirectly responsible for the deaths of more human 
beings than Hitler, Mao, and Stalin combined. Most of the blame for 
environmental pollution problems concerned with power and electricity is 
squarely at their feet. Sadly, the environmentalists seeking to save this 
planet and biosphere have not yet recognized the true nature of the 
scientific Taliban that has generated the environmental problem. In 
tolerating its own scientific "terrorism", the scientific community seriously 
aborts much of the scientific method. 


REFLECTORS FOR 
HEAVISIDE COMPONENT 








EXTERNAL 


CIRCUIT AND 
CONTROLS 


Figure 4-4 Iterative retroreflection of the "passed" Heaviside component back 
and forth across a circuit -- thematic. 


See Figure 4-4. The neglected large nondiverged energy flow component 
need not be wasted. As an example, part of it can be captured and used, by 
applying near-field antenna techniques and such methods as Bohren's 
resonance increase of the intercepting charge's reaction cross section. 
is possible to intercept part of that excess energy that is there and 
available. E.g., even after it passes on by the immediate circuit, the 
Heaviside energy flow component can be intercepted beyond the circuit 


113 It 


"3 Or other methods we cannot yet divulge because of patent situation. 
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and retroreflected back across the same circuit again. In this way — at 
least in theory — extra Poynting energy can be collected and recollected 
by the same external circuit for a single given input energy. 


In essence, such an "iterative, multi-collecting circuit" is now fed with 
transmitted energy from multiple (iterative) paths simultaneously. This is 
physically doable,'"* but it is not a simple procedure, and antenna theory 
and especially near-field antenna theory must be utilized as well as focused 
retroreflection techniques. To directly model it, higher group symmetry 
electrodynamics (such as quaternion EM, O(3) EM, etc.) must be used. 
Precisely such phenomena are met in modern experiments in intensely 
scattering optical materials {263a-263b, 264a-264b} and in Bohren-type 
experiments where more energy is collected than the operator has input via 
standard calculations {257, 258}. 


4.4 Tesla's Iterative Retroreflection Work 


4.4.1 Tesla's Single Wire Circuit 

See Figure 4-5, which diagrammatically shows one of Tesla's 
developments, which used a retroreflective single wire circuit between two 
large separated capacitances. This was the basic approach used in his 
magnifying transmitter and in several other circuits. Here the dipolarity 
exists between two accumulators, one at each end of a long conductive 
path with a load in the middle. AC operation is used, by setting up 
oscillation end-to-end along the "single wire" circuit, from accumulator to 
accumulator. Even so, no overunity operation will be experienced unless 
passive retroreflection of the normally wasted Heaviside component of 
each energy flow "passage" occurs back from each receiving end, so to 
speak {265}. That is possible if specialized dielectric material and 
construction is used in the end capacitors. 


"48 g., some of Tesla's actual patented circuits do it, but that part of their 
functioning is not described by any vector or tensor analysis. However, a higher 
group symmetry electrodynamics analysis of the circuits will indeed show the effect 
clearly as a "shuttling" of potential (regauging) around the circuit at will. E.g., see T. 
W. Barrett, {124, 286a, 286b}. 
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Tesia's intent was to eliminate 
the forced pumping of the spent 
electrons back through the back-emf 
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Figure 4 5 Tesla's iteratively retroreflective single wire circuit. 


Further, it may usually be necessary to place the individual charges 
comprising the "current surging to and fro" into particle resonance at either 
the frequency being transmitted or some subharmonic of it. This schema is 
doable, but it is difficult and most everything affects it, including even the 
impurities in the conductors. 


4.4.2 Strain to Stress Potential Energy Transduction 

See Figure 4-6. This is a diagrammatic representation of a fundamental 
"strain-to-stress" transduction mechanism we believe was involved in 
Tesla's "single wire circuit" (i.e., his iterative retroreflecting circuit). 


At each end of the circuit, the electrons are "trapped" in the open outside 
end. Hence when EM energy rushes to the capacitor on one end of the 
circuit, the forward emf tries to strain the dielectric from the inner plate 
toward the outer plate. However, the trapped electrons in the outer open 
wire cannot move, so they produce an equal back-emf and back force 
trying to strain the dielectric from the outer plate to the inner plate. The 
result is that the translational field "strain" energy (dipolar charging) is 
transduced into stress potential (monopolar charging) energy. Electrons try 
to strain the dielectric from the inner plate toward the outside with a 
"forward emf so as to charge the capacitor normally, while the trapped 
external electrons simply push back the other way, exerting a back emf 
force that is equal and opposite to the straining force from the forward emf 
and simultaneously tries to "charge" the capacitor in the opposite direction. 
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Figure 4-6 Transaction of translational field energy into stress potential energy. 


Here is the importance of the "vector zero resultant" stress (monopolar) 
charging that occurs: The input EM strain field energy familiar in dipolar 
charging of a capacitor is converted to a dielectric stress (monopolar) 
potential for monopolar charging. This changes translational field energy 
(external energy) into stress potential energy (internal energy), adding an 
equal amount of back-emf translational field energy in so doing. In short, 
the charging captures an equal amount of charging energy from its external 
environment — in this case, from the back emf of the trapped external 
electrons in the outside open wire. This is one way to capture and use the 
back emf energy normally reducing the energy available. 


We point out that this is charging the capacitor by Lorentz's symmetrical 
regauging, and it represents a rotation of the frame of the capacitor itself 
out ofthe laboratory frame. As is well known, the trapped energy of a 
capacitor in a rotated frame is not the same as the energy of the same 
capacitor in the nonrotated lab frame. 


The single-wire system destroys the symmetry-enforcing function ofa 
closed-current-loop circuit conventionally used. In short, it does not return 
the "spent electrons” from the ground return line back through the source 
dipole of the outside power source, so it does not use half the collected 
energy in the circuit to destroy the source dipole and its extraction of EM 
energy from the vacuum (to destroy its broken symmetry). Because it 
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retains the broken symmetry, Tesla's single wire system is an open system 
far from thermodynamic equilibrium with its active vacuum environment. 
It is thus permitted to exhibit those five magic functions of such open 
dissipative systems: (1) self-ordering, (2) self oscillation or self-rotation, 
(3) outputting more energy than the operator inputs, (4) self-powering of 
itself and its load, and (5) exhibiting negentropy. 


4.4.3 Potential Energy Shuttling in a Circuit 

The net result is to "shuttle" the (stress) potential energy back and forth in 
the circuit, between the ends. See Figure 4-7. When this stress potential 
energy shuttling is done at the natural (or tuned) resonant frequency of that 
single wire circuit as an oscillator, the monopolar charge transfer is 
optimized and amplified by the resonance effect, with an increase in the 
energy being shuttled. It is this type of Tesla single wire circuit that can in 
theory exhibit COP>1.0. 


Tesla's single wire system also forces the change of energy between 
internal energy and external energy. A deeper analysis will also involve 
Dirac sea hole current effects as well as lifting of electrons from the Dirac 
Sea and combination of unobservable Dirac sea holes and electrons 
without radiation. However, we leave that for the advanced theorists. A 
taste of it is included in Chapter 9. 
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Figure 4-7 Tesla's resonant single wire circuit operation. 


But is there any evidence for this "shuttling" ofthe monopolar potential in 
Tesla's circuits? Yes, there is, and indeed some of Tesla's patented circuits 
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do exhibit such energy shuttling in them, as rigorously shown by Barrett 
{124, 286a, 286b}. 


4.4.4 Other Considerations 

For COP» 1.0 systems and some COP>1.0 systems, the concepts of 
Chapter 9 must also be applied, since the system outputs not only positive 
energy but also negative energy. The negative energy — in the form of 
Dirac sea hole current — then sweeps back through the system from its 
output section to its input section. At various places, these "vacuum holes" 
eat electrons (as on atoms, causing ionization).'"° In short, the Dirac sea 
holes are converted to more normal lattice holes, and thus can be dealt 
with in the same fashion as semiconductor designers handle lattice hole 
problems inside their semiconductor designs. Positron (hole) effects are 
well known in materials science, and are increasingly being used in actual 
systems such as the antimatter (positron beam) microscope {266a-266b}. 


We accent that a simple LC oscillating circuit does not produce COP>1.0 
of itself. If, however, the charges in the currents surging to and fro are in 
particle resonance at the "feed frequency", then they will "sweep out" a 
greater geometrical cross sectional area to intercept additional Heaviside 
energy flow existing outside the normal "static charge" Poynting energy 
flow. This is similar to the "intercepting resonant particles " process 
utilized by Bohren {257}, and it allows output of more EM energy than the 
operator inputs in the calculated Poynting component of his own input 
energy flow. It does not output more EM energy than the operator inputs 
in the sum ofhis Poynting input component and his Heaviside input 
component. 


The real energy conservation law is that the input energy from all sources 
and of all types must equal the output energy of all types, where by 


"5 The union ofa Dirac hole (4-space negative energy electron before observation) 
and a positive energy electron before observation, can occur without radiation. The 
two curvatures of spacetime involved are equal and opposite, so they just get 
replaced by a flat spacetime, which involves a filled Dirac sea (all the holes filled 
with electrons). In short, the energy can go into changing the stationary local double 
recurvature of local spacetime, by a sort of "superposition of two spacetime 
curvatures", to give a net flat spacetime, rather than dynamically radiating EM 
energy away at the speed of light. However, if either of the two interacting particles 
has been observed, this is not the case and standard pair annihilation will be 
observed. The point is that particles in their unobserved mt state rather than their 
observed m state, can interact without observation, similar to the way that wave-to- 
wave interaction occurs in nonlinear optics. 
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"output" we mean output as useful energy and output as loss or non-useful 
energy. 


So conservation of energy flow is not violated, because one also inputs an 
additional Heaviside nondiverged component, unknown to Bohren. Circa 
the 1880s or early 1890s, Lorentz arbitrarily discarded it from 
accountability. One does not have to "pay" for that nondiverged and 
unaccounted input energy flow component. Except in continually applying 
Lorentz's integration trick to discard it, the nondiverged Heaviside 
component has been almost totally neglected in the textbooks since 
Lorentz arbitrarily discarded it back there circa the late 1880s. However, it 
is roughly dealt with in near field antenna theory, sometimes under the 
topic of "Poynting energy bunching". In the near field, e.g., there also may 
be a substantial Jongitudinal E-field component. One region may be 
oscillating back and forth along the flow direction, while the region in 
quadrature may be flowing in only one direction. 


By causing the intercepting charges themselves to resonate and sweep out 
a greater reaction cross section in an energy flow, the normal definitions of 
"field intensity" and "potential intensity" are no longer true, because their 
reaction intensity to a unit point static charge has been used as their stated 
"magnitude". The conventional definition is only for an indication of the 
intensity of the energy flows comprising the field and potential. With the 
unit point resonant intercepting charge rather than the assumed static 
charge, the reaction cross section for the same charge increases, and so the 
"apparent magnitude of the (intercepted) field intensity" also increases 
beyond what is in the textbook. So far as I am aware, there is no previous 
precise term associated with this phenomenon, except to lump it in the 
euphemism of "negative absorption of the medium" or "negative resonance 
absorption of the medium" in certain materials {267}. It is more nearly a 
Poynting energy amplification process, since the "intercepted" or Poynting 
component of the energy flow is increased. Thus it can be a mechanism for 
COP>1.0, ifthe closed current loop circuit's use of half the collected 
energy in the circuit to kill the source dipole is also defeated. 


Nonetheless, energy bunching or Poynting component amplification by 
altering the reaction cross section function of the intercepting particle is a 
legitimate way to provide excess "free" energy input for COP>1.0 EM 
power systems. 
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4.5 Perspective on Tesla vs. Marconi 


Tesla was neither deluded nor mistaken, though some electrodynamicists 
have mistakenly considered him in that light. On the other hand, Jackson 
— one of the leading electrodynamicists of our time — pays Tesla a 
significant compliment as follows {268}. 


"In U.S. patentno. 787,412 (April 18, 1905), reprinted in Nikola 
Tesla, Lectures and Patents andArticles. Nikola Tesla Museum, 
Beograd, Yugoslavia (1956), this remarkable genius clearly 
outlines the idea ofthe earth as a resonating circuit (he did not 
know ofthe ionosphere), estimates the lowest resonantfrequency 
as 6 Hz (close to the 6.6 Hzfor a perfectly conducting sphere), 
and describes generation and detection ofthese low-frequency 
waves. I thank V. L. Fitchfor this fascinating piece ofhistory. " 


We also point out that many present science texts err by continuing to 
credit Marconi with the discovery of radio, although he certainly did much 
to pioneer it and received a Nobel Prize in 1909. Hertz must be given 
credit for the first deliberate signal transmission per se, during the period 
1886-1888. As his transmitting antenna, Hertz used an end-loaded dipole 
with a gap, and as his receiver he used a resonant square loop antenna with 
a gap {269}. Sparks produced at the gap in his transmission antenna 
resulted in sparks appearing at the gap in his receiving antenna. 


Marconi became obsessed with Hertz's results nearly a decade later, and in 
mid-December 1901 Marconi announced the reception of signals at St. 
John's, Newfound that were transmitted across the Atlantic from Cornwall, 
England. He later recorded radio signals transmitted around the Earth, and 
began regular trans-Atlantic message service in 1903. 


Marconi's patent {270}, however, was eventually overturned by U.S. 
Supreme Court decision {271}, because Tesla's patents (and 
demonstrations) substantially preceded it. Tesla also demonstrated radio 
transmission before Marconi, and Marconi actually used a modified Tesla 
circuit in his famed transmission in 1901. Nonetheless, this is not to detract 
from Marconi's accomplishments; he definitely put "wireless 
communications" on the map. It is simply to give discoverer ofradio 
credit where credit is due. 


Tesla was also closer to the truth of the form of an EM wave in space than 
are modern electrical engineering and most electrodynamics texts. In the 
present book we have stated that what exists in 3-space as the so-called 
"transverse EM wave" are actually longitudinal EM waves and functions 
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of them, with the energy entering each 3-space point from the 
accompanying time-polarized (conjugate) EM wave at that point (i.e., from 
the time domain) and emerging in 3-space in the form of a longitudinal 
EM wave, in 1:1 correspondence.''® This is followed by a return of the 
energy from 3-space back to the time domain. This "circulation" from the 
time domain to 3-space and back to the time domain occurs at every point 
dipole in 3-space. Only the presence and combination of both the time- 
polarized photon and the longitudinal photon at each point in an EM wave 
makes the wave "observable", when we translate into wave phenomena the 
photon phenomena pointed out by Mandl and Shaw {19}. What spreads as 
EM energy flow in space (from a source charge) is the local polarization of 
the vacuum, associated with this giant negentropy circulation from time to 
the negative charge, to the positive charge, and back to time. 


The notion of the transverse EM wave flowing through space is an artifact 
of the ubiquitous substitution ofthe effectfor the cause in Maxwellian 
electrodynamics. E.g., a completely erroneous "definition" of the causal 
field (as it exists in space prior to interaction with charged mass) is given 
as the effect ofits interaction with a ubiquitously assumed unit point 
charge at every point in space where the field is present. This in fact 
substitutes the effect (existing after the interaction) for the cause existing 
prior to the interaction. That of course is a gross non sequitur. 


We give a concrete example from the first edition of a standard dictionary 
of physics and mathematics {272}: 


"electric field... 1. one ofthe fundamentalfields in nature, 
causing a charged body to be attracted to or repelled by other 
charged bodies; associated with an electromagnetic wave or a 
changing magnetic field. 2. Specifically, the electric force per 
unit test charge." 


"6 Later we shall deal a little further with how EM energy iteratively recurs 
statically in 3-space and propagates dynamically and continuously in 4-space, in 
more detail. The solution to the long-vexing particle-wave duality is the process of 
observation. Before observation, an entity is dynamic and continuous in spacetime, 
not 3-space. After observation (by emission of a photon), it is a momentary frozen 
3-snapshot (particle) at a single instant oftime. At the next immediate instant, a 
photon is absorbed, reconverting the "static snapshot" into a dynamic 4-entity again. 
Since observation (photon emission) and de-observation (photon absorption) iterates 
at extremely high rate, the entity and each tiniest part of it oscillate back and forth 
between being a frozen 3-entity (particle) and a dynamic 4-entity (wave). 
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In the first definition, the field is given as the "cause" of the interaction 

that exists between like and unlike charges. In the second definition, the 
field is given as the effect — ofthe interaction with a test charge — of 

something undefined as the cause. 


An entirely different "definition" is given by Gray and Isaacs {273}: 


"electricfield ... The space surrounding an electric charge 
within which it is capable ofexerting a perceptible force on 
another electric charge." 


Here it is defined as simply the space around an electric charge, and not 
really the cause or effect of anything, unless that local spacetime has been 
curved (which it has). 


Not to belabor the point, this sort of thing led Feynman to "define" the EM 
field in this fashion {274}: 


"_. the existence of the positive charge, in some sense, distorts, 
orcreatesa "condition" in space, so that when we put the 
negative charge in, itfeels aforce. This potentiality for 
producing aforce is called an electric field, " 


So Feynman made the electric field a condition in space surrounding a 
charge, where the condition can produce (has a potentiality for producing) 
a force on another charge. He also was aware that force is an effect of the 
reaction of the causal field with charged mass, in the following statement 
{275}: 


"_..In dealing withforce the tacit assumption is always made that 
the force is equal to zero unless some physical body is present... 
One ofthe most important characteristics offorce is that it has a 
material origin..." 


In Maxwell's theory, the electron, atom, and nucleus had not yet been 
discovered, and electricity was considered a thin material fluid, flowing in 
a wire (hence the name "currents") much like water through a pipe. The 
surrounding space was considered filled with a thin material fluid called 
the luminiferous ether. A very rough notion existed that the "shaking" of 
the ether disturbance coming in to an antenna would disturb or perturb the 
electric fluid in the wire directly. Hence, if one "measured" a transverse 
oscillation of the electric fluid in the wire due to this "detection", it 
conclusively "proved" that the incoming ether-perturbations were also 
transverse. On that notion — together with Faraday's notion that "field 
lines" were taut physical strings, so that "field perturbations" were naught 
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but plucked oscillations of these taut strings — the entire notion of the 
transverse EM force field wave in space was created. 


It really is not that way, as is easily shown with modern re-examination of 
what happens in the receiving wire, considering the Drude electron gas 
{276} and electron drift velocity. Today we know that the electrons move 
longitudinally down the wire only with a small drift velocity (usually a few 
inches per hour), while the signal (field) races longitudinally down the 
wire at essentially light speed or nearly so. 


The electrons are longitudinally constrained in the wire because of the vast 
number of electrons ahead of them that tend to repel their longitudinal 
movement. The electrons are far less constrained laterally in the wire. 
However, each electron is also spinning, and its 3-space performance may 
be compared to a spinning gyro, whose spin axes are now longitudinal 
restrained. Accordingly, the electrons readily precess laterally in the 
wire''’ when perturbed longitudinally by the incoming longitudinal 
3-space components of the "wave in vacuum" — by gyroscope precession 
theory. The electrons at the surface layer of the wire are somewhat less 
constrained longitudinally, and they "slip" a little down the wire in each 
oscillation, accounting for the very slow electron longitudinal drift 
velocity. 


Accordingly, one of the most important dynamics of the circuit is the 
dynamics ofthe surface charges, as pointed out by electrodynamicists 
{277}. 


Ifthe incoming waves were true lateral waves, there would be no 
longitudinal force component on the laterally precessing electrons, and 
coherent current would not flow longitudinally in the wire at all. Instead, 
one would just get some longitudinal to and fro noise in the coherent 
lateral motions of the electrons, due to electron collisions. 


"7 Tt is this lateral precession movement of the electrons that is "detected" in most of 
our instruments. To the early electrodynamicists prior to the discovery of the 
electron, this detected lateral motion was considered the "shaking of the material 
electric fluid" in the detecting wire. It was thought that the incoming "electric fluid" 
from space also had to be material (in the material ether) and transverse, because 
otherwise the oscillations from space could not have mechanically transferred their 
"lateral oscillation" to the electric fluid in the wire. Faraday's "material lines of 
force" concept and the notion that EM disturbances (waves) were simply the 
mechanical pluckings of these taut strings which also involved similar "material 
ether" concepts. 
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Nonetheless, it seems we are stuck with the ubiquitous transverse EM 
wave model. For more than 100 years, scientists have universally 
substituted effect for cause in the case of much of electrodynamics — as in 
the continuing substitution of what is diverged from the field and potential 
at each point in them, by an assumed static point charge, as being the 
magnitude of the field or potential itself at that point. At best, what is 
diverged from the field or potential is an indication of the point intensity of 
the energy flows comprising the field or potential at each point, and in the 
case of the field, of the prevailing direction. 


So electrodynamics is still riddled with that nearly all-pervasive error, and 
it seems it will likely never be corrected. The leaders of the scientific 
community do not seem to wish it done and will not allow it to be funded. 
In short, the community is so comfortable with that grave error that it will 
almost defend it to the death. The so-called transverse EM wave in 
3-space has come to be accepted as if it were a law of nature. 


Occasionally ajournal will point out the terrible non sequitur in the 
prevailing notion of the EM wave in space as a "plane wave of oscillating 
orthogonal E and H fields along the x- and y- axes moving at light speed 
in the z- axis direction." Romer, former editor of American Journal of 
Physics, provides a prime example {278}. Romer takes to task: 


"_..that dreadful diagram purporting to show the electric and 
magnetic fields ofa plane wave, as afunction ofposition (and/or 
time ?) that besmirch the pages ofalmost every introductory 
book. ...itis a horrible diagram. 'Misleading' would be too kind 
aword; 'wrong'is more accurate." "...perhaps then, for 
historical interest, [we should] find out how that diagram came 


to contaminate our literature in the first place. " 


At any rate, once we understand how the real EM wave exists in space, 
then we can sympathize with Tesla's view of it from the following {279}: 


"Tesla upholds the startling theoryformulated by him long ago, 
that the radio transmitters as now used, do not emit Hertz waves, 
as commonly believed, but waves of sound... He says that a 
Hertz wave can only be possible ina solid ether, but he has 
demonstrated already in 1897 that the ether is a gas, which can 
only transmit waves of sound; that is such as are propagated by 
alternate compressions and rarefactions ofthe medium in which 
transverse waves are absolutely impossible." 


In Tesla's own words {280}: 
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"1 showed that the universal medium is a gaseous body in 
which only longitudinal pulses can be propagated, involving 
alternating compressions and expansions similar to those 
produced by sound waves in the air. Thus, a wireless 
transmitter does not emit Hertz waves which are amyth, but 
sound waves in the ether, behaving in every respect like 
those in the air, except that, owing to the great elasticforce 
and extremely small density ofthe medium, their speed is 
that oflight." 


From quantum field theory, the instantaneous scalar potential in space is 
actually a coupling ofa scalar photon and a longitudinal photon {19}. The 
only EM component in 3-space is that longitudinal photon.''® 
Transforming to wave language, Tesla appears to have been correct in his 
view ofthe longitudinal form of the EM wave in 3-space, whereas all the 
texts are still wrong even today.''” However, Tesla was also noted for 
grandiose pronouncements, a trait which certainly did not endear him to 
the struggling electrodynamicists of the time, even when he was correct 
and they were wrong. An example is the following {281}: 


"The Hertz wave theory ofwireless transmission may be kept up 

for awhile, but Ido not hesitate to say that in a short time it will 
be recognized as one ofthe most remarkable and inexplicable 
aberrations ofthe scientific mind which has ever been recorded 
inhistory." 


Unfortunately, in electrodynamics we are still stuck with that "most 
remarkable and inexplicable aberration" today, and we will remain stuck 
with it until the leaders of the scientific community (such as the National 
Academy of Sciences and National Science Foundation) recognize it and 
fund a complete overhaul of the foundations of classical electrodynamics, 
which is so sorely needed. On the other hand, one should not hold one's 
breath while waiting for the mountain to come to Muhammad! One might 
as well ask the stars tofallfrom the sky as to ask the leaders of the 
scientific community to correct the serious foundations errors inphysics 
and especially in electrodynamics. 


"8 Hence it is not surprising that all EM in 3-space decomposes into bundles of 
longitudinal EM waves and their dynamics, as shown by Whittaker {85, 91b}. 


"' However, Tesla did not appear to realize the involvement of time-energy 
transduction to longitudinal KM 3-space wave energy and vice versa. 
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4.6 Conclusion 


Hopefully we have set the stage for our next chapter, where we will be 
advancing mechanisms and approaches that have been tried by a variety of 
researchers. Several of these researchers have indeed produced COP>1.0 
devices and processes. However, at this writing none ofthe devices 
produced by these inventors and researchers are in production and on the 
market. As we mentioned in Chapters 1 and 2, there are very powerful 
forces that have been applied to prevent such development. 


Briefly, such suppression has resulted due to one or more of the following: 


(a) Sheer greed by the group that gathers around the 
inventor/researcher, including multiple competing investors and/or 
"backers". Often a struggle for control develops, and the project is 
decimated in the process. In many cases a legal struggle also 
develops, with the result that the legal status of the invention may 
be fouled beyond repair. 


(b) Naivete on the part of the inventor and his surrounding group. The 
inventor needs the frequent advice of a patent attorney, a regular 
corporate attorney, a person familiar with research and 
development projects and procedures, a person expert in testing 
(particularly with sophisticated multichannel digital oscilloscopes 
which gather multiple channels of data simultaneously and 
integrate under the curve, an accountant, and a person skilled in 
negotiation with potential investors and backers. Most inventors 
do not have access to all that, or only have access to it after much 
of the die has been cast and serious mistakes have been made. 


Animosity and fierce attack from the scientific community and 
self-appointed "defenders of the faith". Few inventors are prepared 
for the onslaught that awaits them ifthey succeed in producing a 
genuine COP>1.0 electrical system. Slander and libel are just part 
of it. An inventor or researcher caught up in always trying to 
defend himself against vicious ad hominem attack is an inventor 
successfully deviated from his work. The family also often suffers. 


(c 


wm 


(d) Just now, after the Enron fiasco much of America is becoming 
aware that powerful organizations often pull out all the stops in a 
blind pursuit for money and power. Of course they have done so 
for a very long time; this is nothing new. The inexperienced 
inventor or researcher is ill prepared for the fact that portions of 
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government organizations,'”’ national labs, universities, etc. may 
be precisely that way also! U.S. government laboratories also file 
patents; check it out! Check out Fullerton's defense of his patent 
rights for his ultrawideband communication system work. 

The people in any large organization form a bell-shaped 
distribution curve. About 9% of that curve represents folks who 
have — to put it mildly — little ethics when it comes to position, 
power, and money. Some of these 9% fellows will go to quite 
some length to twist the patent or part of it or control of it away 
from an inventor. An inventor who has never heard of "march-in" 
rights (a neat little "theft" phrase favored by DARPA, for 
example) is often an easy mark. Government agencies will be on 
an interesting invention and its hapless naive inventor like vultures 
on a fat calf. They dangle some money and a contract to "assist the 
inventor to get his invention developed". There is a little clause in 
the fine print of the contract where the government reserves 
"march-in" rights. This is a hidden bombshell that really says the 
government — anytime it wishes — canjust unilaterally declare 
that the funded inventor isn't getting the invention to market fast 
enough, so a single bureaucrat just seizes it — in the name of the 
government, of course. Anyone who has been in serious aerospace 
contracting very long is also aware of the deals between a few 
government fellows who control award of the funds, and their 
"favored contractor". If enough business is steered to the 
contractor by the government person, it is implicitly understood 
that when the government fellow retires, he goes to work for that 
company with a Vice President position, lucrative salary, and a fat 
stock option. It's easy to become an instant millionaire or 
multimillionaire that way. A small percentage of government 
contracts are actually contaminated in such a hidden fashion. The 
universities usually are much more open and blatant, and just put 


°° Interestingly, the government is not allowed to copyright its own publications by 
federal servants. Neither should the government be allowed to patent its own 
inventions by federal servants and federal agencies. This has set up direct conflict in 
the federal funding channels for the taxpayers' funds intended for independent 
research, providing a wonderful opportunity for hanky panky by that lower 9% of 
the people comprising any large group. By the bell-shaped distribution curve, those 
comprising that 9% will rise to the opportunity. They are manipulative, greedy, and 
some are immoral and self-serving. Partially coupled with a similar low "bad apple 
percentage" in the contracting game, this enables many travesties in the name of 
federal research and development with respect to patents and misdirection of funds. 
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in a clause that says, "All patents revert to the university!" Also, 
the inventor must be aware of the difference between 
"nondisclosure" and "non-circumvention". Just try getting the 
latter clause from a university, or either clause from a government 
agency (yes there are rules for "proprietary information", and they 
are widely violated). Non-circumvention means the outfit agrees 
not to change a coil or something, and go and patent your 
invention. Nondisclosure means they just agree not to talk or 
write about it openly. 


And yes, in addition to these many "petty" little conspiracies, 
there really is a great conspiracy — in fact, there are many of 
them. Churchill just referred to the entire set of conspiring cartels 
as the "High Cabal". This is a loose-knit set of extraordinarily 
wealthy cartels that between them control much of the financial 
power of the world. You can only find the principals behind a 
couple of hundred interlocking corporations, if you penetrate 
deeply enough. Much of their great financial income comes from 
the control of energy at its various levels, through a net of 
interlocking corporations. Something like $2 trillion dollars per 
year is their "take" from energy worldwide. Oil plays a great role 
in that. These "high cabal" fellows make or break nations 
financially, as is almost being done to Argentina as this is being 
written. They also have been stopping COP>1.0 electrical power 
systems since shortly after the turn of the century, using whatever 
means are necessary — fair or foul. That is why we still are 
burning oil, coal, and natural gas, and why our automobiles and 
trucks run off gasoline and diesel, and not off free electrical 
energy from the vacuum. The high cabal intends to keep it that 
way. Some of the major primary means of "stopping" an invention 
have been as follows: 


a. Manipulation and improper use of the law (Gray's 
production line was shut down by law officers before his 
engines could roll offthere and onto the market). 


b. Involving the unsuspecting inventor in drug charges by 
planting drugs on his property surreptitiously, then 
secretly notifying the drug enforcement officials who 
suddenly raid the premises and discover the narcotics, 
resulting in the inventor going to jail since he has been 
caught "red-handed". 
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Threatening the inventor's life and the lives ofhis family, 
to frighten him away from what he is doing. 


Atranging a fatal accident for the inventor, such as a fatal 
auto accident, a fall from a high place, or drowning. 


Assassination (hit men are fairly simple to hire; a good 
one is a bit more difficult to hire but is doable. A good 
hit man might assume a disguise and fake a robbery, 
shooting and killing the target in the "robbery". In an 
extreme case, he just fires at a distance with a professional 
sniper rifle that is silenced. A variation is the use ofa 
"throwaway" assassin, a fellow who has been deeply 
conditioned by very harsh methods, to deeply involve his 
autonomic nervous system. He can be spotted by the 
"glaring eyes" effect of autonomic nervous system 
involvement. This fellow is only marginally functional in 
real life, and requires a handler. He also must "fixate" for 
some minutes (usually from 20 to 30) on the target, by 
staring at him for a period. Then — say, the next day — 
while the target is at lunch in a public restaurant, the 
throwaway walks in, walks straight to the target, and 
empties a pistol in him at point blank range. He remains 
there until the police arrive and arrest him. He is immune 
even to torture; nothing can be gotten out of him, even by 
electrical shocks on his genitals. There are two levels of 
throwaways; that is the older and less functional version 
produced by very harsh means. The more modern version 
is without the glaring eyes with white showing above the 
iris; this fellow is more functional, fixates very quickly 
(couple minutes to five minutes), and can operate without 
the close immediate presence of the handler. 


Making the inventor an offer he "cannot refuse", in the 
old Mafia sense. In the latter, nicely dressed persons come 
to the inventor's house, meet with him, and offer him a 
large sum of money to quit what he is doing for the rest of 
his life. The going sum varies between $5 million and $10 
million, usually. The offer is real and it cannot be refused; 
either the inventor accepts it, or he and all his family are 
dead when these gentlemen leave the premises. Ifthe 
inventor refuses anyway, he and his family are killed. 


212 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


Usually the bodies also just "disappear" and are never 
found or heard from again. 


These days, variations are used such as a careful crash of 
another auto into the back of the inventor's car so he is 
really shaken up badly but not seriously hurt. He goes to 
the hospital for checkup, in case of concussion etc. 
Everything is seemingly okay, but he is kept overnight for 
observation. That night he is given a hypodermic of air in 
his veins. Next morning his family receives a call that the 
inventor has suffered seizures from an apparent 
concussion after all, and is fighting for his life. Ifhe 
doesn't die, he becomes a human vegetable. Piece of cake. 


Then there's the ice dart dipped in curare. The curare 
paralyzes the muscles of the heart and lungs; the inventor 
goes down in convulsive floundering, gasping and unable 
to breathe or to pump blood. He expires very quickly. 

The curare breaks down in the body, the ice melts, and 
you have a fellow the medics find died of convulsive heart 
seizure, etc. Works like a charm. This is an adapted "dirty 
spooks" trick, adapted from those branches of the 
intelligence communities of the world that specialize in 
assassinations. 


Use of "gaming", which was originally developed to 
influence or change the behavior of foreign leaders. 
Imagine writing a scenario, as for a movie. Only you have 
the deep psychological profile of the targeted individual. 
You also have the deep psychological profiles of quite a 
few other individuals who have "knee-jerk" reactions in a 
certain direction useful to you in your games (in your 
scenarios). These are called "agents of influence" since, to 
get them into interacting with the target, only a phone call 
or other contact need be made and a stimulus given, and 
they are off and running, self-powered and going after that 
target with their knee-jerk response. So very sophisticated 
computers are used, the scenario (intended plot of events 
to happen) is prepared (the artificial intelligence programs 
will even give the probabilities of success of all the 
variants), and a recommended scenario variant is derived 
and accepted. Then the controller has one or more agents 
working for him that contact the players (the agents of 
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influence). They get their phone calls or stimuli, react in 
predictable fashion, and come pell-mell at the inventor, 
interacting all over the board with him. The range of 
games is enormous, from stock schemes to lawsuits to 
infiltrating agents of influence into the internal 
organization of the inventor to money laundering, etc. The 
controller follows the progress, and only once in awhile 
makes slight adjustments (may need to trigger other 
agents of influence, send in one actual agent, etc.). Over 
the last 20 years, the gaming has become very expert. So 
many games can be launched against a single inventor 
that he usually is finished or nullified by one of them, 
eventually. Having been gamed over 200 times in the last 
two decades, I plan to write a book one day on the subject 
of the games and what to watch for. 


Finally, here is a sad and disconcerting rule, usually true. 
If you gather six persons together that you have known for 
years or even all your life, and they are the nucleus of the 
organization around you, watch what happens when 
success occurs and you really do pull EM energy from the 
vacuum and power loads, lights, etc. One-sixth of the 
population, seeing that, will shortly contract a very 
strange malady known as "gold fever". It is not just an 
obsession; instead it becomes an all-consuming 
possession almost in the biblical sense. An individual 
possessed by gold fever would kill his own grandmother 
to try to gain control of that system. If one or more of 
these "gold fever" transformations occur, that sets the 
group into profound conflict and vicious infighting, on 
every front. You get sabotage of equipment, sabotage of 
demonstrations, stealing of equipment, legal shenanigans, 
just name it. This has destroyed many groups. It will 
destroy many more. 


A variation is to send in a special agent who penetrates 
the group and becomes a member. Indeed, the high cabal 
has certain persons who specialize in just such penetration 
and are specialists at setting up disruption. They have had 
plenty of practice, and are very good at their trade. The 
identities of some of these "special agents" would surprise 
the casual observer. The so-called "“overunity community" 
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is rather strongly penetrated and misdirected by a number 
of such special agents, in addition to a greater number of 
agents of influence. 


Finally, the technical knowledge of most inventors and 
researchers in this field has been largely limited to 
ordinary electrical engineering and electronics. This 
means that the inventor often forms his own lexicon and 
way of thinking about how he does the "magic" COP>1.0. 
It may be difficult or impossible to connect the way he 
thinks back to legitimate physics. Further, most ofthe 
COP>1.0 community, the majority of electrical engineers, 
and nearly half the physicists do not understand the 
technical difference between the efficiency of a power 
system and its coefficient of performance. We have 
insured that the reader of this book will know the precise 
difference — it's even in our glossary! Further, the entire 
group around the inventor, and the inventor himself, may 
not have a clear understanding of the source of the extra 
energy, the mechanism by which it is obtained, or even 
the difference between a system in equilibrium with its 
active vacuum environment and one in disequilibrium 
with it. Most engineers and a great number of scientists 
also are still unaware of the dramatic difference between 
the thermodynamics of equilibrium systems and the 
thermodynamics of disequilibrium systems. Many have no 
notion of what the active vacuum is or does. So the 
inventor may actually be able to build the device himself, 
but may later err and actually build it away from COP>1.0 
with further development. 


Another problem can be measurement. Sometimes very 
simple errors — such as "measuring" highly nonlinear, 
spiky signals with an RMS meter, or using an inferior 
oscilloscope, or using inferior probes with good 
oscilloscopes, tricks a relatively inexperienced inventor 
himself into believing his unit achieves COP>1.0 when it 
doesn't. Also, some standard engineers will insist on 
calorimetry, which is inappropriate for COP>1.0 EM 
systems since they output a mix of both positive and 
negative energy. The positive energy will heat the 
calorimeter fluid and the negative energy will cool it 
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simultaneously, and the "expert measurer" will always 
measure the difference and thus COP<1.0 with his 
calorimeter (unless the inventor is a rare one who has also 
transduced the negative energy fraction of his output into 
positive energy). Yet the conventional engineer or 
scientist — who has never seen negative EM energy or a 
COP>1.0 EM system in his life — will be so confident 
from his "positive energy only” thinking that he will be 
completely convinced that a real COP> 1.0 system, 
measured with a calorimeter to show net positive energy 
COP<1.0, is actually a COP<1.0 system instead of the error 
in measurement that it is. One of the purposes of this book 
is to try to explain such things and get a better procedure 
and protocol made available for the testing. 


Finally, there are a few actual charlatans who deliberately 
deceive both the group around them (if it's sufficiently 
naive) and naive investors and backers. E.g., if one builds 
a huge starter motor (very high current, very high torque, 
cannot run long without burning up!) and puts it in an 
automobile, then fills the back ofthe automobile full of 
batteries, that beast will draw 400 amps and leap across 
the pavement or warehouse floor with an agility one is 
shocked to see. Then ifthe inventor is always "having 
difficulty with his controller unit", and "everything will 
be fine once the controller problem is licked" or some 
such, many small and naive investors will leap to invest 
their life savings eagerly. There are many other scams 
also, and unfortunately every experimental field, with 
great financial promise if successful, does attract them. 
Here the old adage is best: If it is just too good to be true, 
it probably isn't. One should insist on a technical 
explanation of the source of the excess energy, the 
mechanism by which it is taken from the environment, 
how asymmetrical self-regauging ofthe circuit occurs, 
etc. Ifthese questions cannot be answered, the inventor 
himself does not know what he is doing. At best, he 
cannot explain it; or he may just be honestly mistaken. In 
the worst case, the inventor knows it is not genuine, but is 
deliberately deceiving the investors. So my advice would 
be to first assess the scientific level of the understanding 
of the inventor group. Then get an independent test of the 
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device or see one done properly. Then decide whether 
what you have seen and heard is real or not. 


Meanwhile, there are from time to time legitimate 
COP>1.0 systems initially developed. The place where all 
of them have failed is where the inventor group seeks 

to obtain the appreciable financing (something like 30 
million dollars is required these days) to complete the 
phenomenology experiments, modeling, scale-up factor 
determination, and prototyping before a production model 
can be built. To date, every one of the legitimate COP>1.0 
systems has foundered and failed right at that sheer 
vertical cliff. Our own MEG system is at that cliff at the 
moment, so that cliffis very near and dear to the hearts of 
the five of us who have struggled so long and invented the 
MEG. Time will tell whether we succeed where all the 
others have failed, or whether we also just get defeated by 
the cliff. As ofthis writing, we have not yet obtained the 
necessary capitalization. But we are giving it our very 
best try, and we believe we will win it eventually. 
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Chapter 5 


Selected Approaches to Overunity Power 
Systems 


[On point-contact transistors]. "First, the theory 
underlying theirfunction is imperfectly understood even 
after almost a century..., and second, they involve active 
metal-semiconductor contacts ofa highly specialized 
nature. ...The manufacturing process is deceptively 
simple, but since much ofit involves the empirical know- 
how ofthefabricator, the true variables are almost 
impossible to isolate or study. ... although the very nature 
ofthese units limits them to small power capabilities, the 
concept ofsmall-signal behavior, in the sense ofthe term 
when applied tojunction devices, is meaningless, since 
there is no region ofoperation wherein equilibrium or 
theoretical performance is observed. Point-contact 
devices may therefore be described as sharply nonlinear 
under all operating conditions. " [William B. Burford II 
and H. Grey Verner] {282}. 


5.1 Introduction 


In this chapter we present a selection of potential overunity notions, 
inventions, and experiments by various inventors and researchers. Its 
purpose is to show some of the more relevant work that has been done, and 
hopefully to stimulate new thinking by the interested reader. It is not 
intended to be all-inclusive, but merely representative. Most of the work 
addressed is by other inventors and scientists, and we give an appropriate 
commentary from our viewpoint as best we understand the invention and 
the process used. Not all the concepts presented can be clearly explained, 
though some can and are. 


This is not intended to be a "kit of parts” or an assembly instructions type 
of presentation. For that, the interested researcher will have to rely on his 
or her own ingenuity and lots of bench experiments, because no such "kit 
of parts with instructions" for COP>1.0 electrical power systems exists at 
present {283,284}. 
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5.2 Tesla's Shuttling of Potential Energy and Barrett's 
Extension 


See Figures 4-4 and 4-5 in Chapter 4. In his patented circuits, Tesla 
accomplished the novel function of "shuttling" the potential itself (and 
therefore potential energy) around in the circuit at will. This startling 
function accomplished by Tesla is impossible to see in a conventional 
vector or tensor analysis of his patented circuits, but it is clearly evident in 
a higher symmetry EM analysis of them. So it does not appear in the 
conventional texts, which use vectors or tensors for their circuit analyses. 
Barrett, one ofthe leading higher group symmetry electrodynamicists and 
also one ofthe pioneers of ultrawideband radar, utilized quaternion 
electrodynamic analysis to clearly show this novel effect in Tesla's actual 
circuits {285}. Thus, Tesla was able to produce and move around 
asymmetrical self-regauging in his circuits, wherever he wished. That has 
been totally missed by scientists prior to Barrett's revealing analysis. 


Barrett then went on to extend Tesla's basic mechanism and employ it for 
communication and radar purposes, obtaining two patents {286a-b}. 


It would appear that use of such shuttling techniques is probably applicable 
to reducing the back emf in conventional nonshuttling circuits, leading to 
new COP>1.0 mechanisms. The definitive answer remains to be 
determined by some future researcher. 


5.3 Moray's Radiant Energy Device 


One of the remarkable examples of a successful COP>1.0 system was the 
radiant energy system of Dr. T. Henry Moray of Salt Lake City, prior to 
World War II. Figure 5-1- shows Dr. Moray and his final 50 kW unit, 
powering an assembly of light bulbs {287}. The device weighed 55 
pounds, used an antenna connected as a "signal input" from the ether, but 
needed no input of electrical energy by the operator in order to achieve its 
steady power output. 


As shown in Figure 5-2 and Figure 5-3, the various Moray tubes were 
complex in structure. In addition to various grids, they usually contained 
(in quadrature) three or more amorphous semiconductor pellets pressed in 
large presses and sintered with locked-in stresses. One points out the 
presence of optical effects including phase conjugation, possible use of the 
built-in stress as a sort of self-pumping and mild self-amplification, 
possible iterative feedforward and feedback loops due to iterative phase 
conjugation, collecting of additional energy from the usually nondiverged 
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Heaviside component via the iterative reverberation of energy, and non- 
interfering fields in quadrature. 





Figure 5-1 T.Henry Moray's 50-kW unit. 


The blown quartz tube envelope, in the dark of an enclosure, is open to the 
passage of infrared (heat) and ultraviolet, which spans a harmonic interval. 
This allows the passage ofdifference frequencies as sine waves without 
breakup, even in a nonlinear isotropic environment. Moray stated 
unequivocally that the tubes would not work unless the envelopes were 
made of blown quartz. The pellets (shielded from outside light) would 
nonetheless receive IR input from the ambient temperature, and probably 
triggered at least weak UV due to the radioactive decay continuously 
ongoing in the semiconductors. We point out that the UV band is roughly 
twice the frequency of the IR band, so the "difference frequency" is 
roughly the IR band itself. In short, it may be that "difference frequency" 
IR is thus processed in Moray tubes in much more sophisticated fashion 
than has previously been suspected, including in a self-amplifying 
(regenerative) manner. 
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MORAY PELLETS SIMILAR TO JOSEPHSON USED SOPHISTICATED FEEDBACK 
MADE OF MIX OF JUNCTIONS IN SOME WAYS AND FEEDFORWARD BETWEEN 
SEMICONDUCTOR ALSO TO POINT CONTACT MULTIPLE STAGES. SIMILAR TO 






MATERIALS WITH TRANSISTOR MULTITRANSISTOR COP=1 0 UNIT 
RADIOACTIVE PLACED IN ORIGINAL MINUTEMAN 
INGREDIENT, MISSILE BY WESTINGHOUSE 
PRESSED UNDER 
HIGH PRESSURE LOCKED-IN STRESS MAY 
AND SINTERED PLAY A SIMILAR ROLE AS 
TO LOCK- IN THE BARRIER POTENTIAL 
STRESS IN FOGAL SEMICONDUCTOR 
NOISE-FREE RECEPTION 
MANY CONTACTS THROUGH THE EARTH OF 
AND JUNCTIONS BYRO'S POLAR EXPEDITION 
BETWEEN SPECIAL CF SINDICATES LW EM RECEPTION 
MORAY PELLETS. THE DEVICE WOULD SEEM ate 
YY CAPABLE OF SELF- LATI 
rh Nien VIA CONTROLLED CHAOTIC 
DOES REQUIRED OSCILLATION (28 STAGES). 
FUNCTIONS. 
BLOWN FUZED QUARTZ 
ENVELOPE ALSO ACTS 
AS SET OF NANOCRYSTAL 
OSCILLATORS WITH 
LOCKED-IN STRESS. Note: see TH. Moray, T! 


Fifth edition, Cosray, 
Salt Lake City, 1978, p. 70. 


Figure 5-2 Diagram and some novel features of T. Henry Moray's special tube. 


The pressed semiconductor pellets were placed in the tube in quadrature, 
in a sort of "point or junction contact" with each other.'*! Each 
semiconductor contained a mix of triboluminescent zinc (a semiconductor 
material), a radioactive material (probably uranium dioxide), and another 
material of unknown composition, rumored — but not confirmed — to 
possibly have been diatomaceous earth which also has some unusual 
properties one may look up. There were some 29 amplifying tube stages in 
the device. A U.S. patent {288} was eventually granted on an electronic 
therapeutic unit containing Moray tubes, but the patent on the power 
system was never granted, although the application was kept current for 
some years by the Moray family. Eventually the power device patent 
application files disappeared from the U.S. Patent and Trademark Office. 


Although its full technical details were never released, the Moray device is 
of interest because Moray demonstrated it many times to engineers and 
scientists, under rigorous measurement conditions, for years. These expert 
witnesses then signed affidavits to the results achieved by Moray in the 


1 Indeed, the junctions of such sintered pellets are most interesting. Such a grainy 
junction can be compared to a host of very close point contact junctions, particularly 
with finely-ground powdered materials used in the pressing and sintering. In 
essence, Moray's junctions contained a great many "point contact transistors", and it 
is known that such transistors can behave (particularly under pressure!) as true 
negative resistors. This also appears to be one of Moray's secrets. 
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tests. Moray also discovered that he could produce an additional 50 kW of 
power simply by inserting an additional tap just prior to the formal output. 
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Figure 5-3 A variety of Moray tubes showing their complexity. 













Repeated assassination attempts were made against Dr. Moray. While 
driving his car on the streets of the city, on several occasions he was fired 
at from an alley or from the sidewalk, but he had bulletproofed the car 
because of continual threats and ambushes. He was also shot in his own 
lab in a physical struggle with one would-be assassin, but survived 
although seriously wounded. A Russian company tried to steal the device, 
and a Russian agent was planted in Moray's lab, gradually sending 
essentially all the technical details of the Moray device to Russia. That 
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agent later destroyed the unit right in Moray's lab by suddenly smashing it 
with a hammer. 


Moray's tubes were quite expensive and were painstakingly made by hand. 
He fabricated a number of tubes (as many as 30 or more) before he 
obtained one that "worked" and exhibited the self-amplifying effect. Over 
the years, he spent several hundred thousand dollars on the project, which 
is the equivalent of some twenty million dollars today. The 29 tubes in his 
final 50 kW unit were the result of years of labor and fabrication of several 
hundred rejected tubes to get the 29 that worked. Accordingly, once those 
29 were destroyed, Moray was never again able to obtain sufficient 
financing to rebuild his unit. 


However, Moray had demonstrated a special type of transistor years ahead 
of the first transistor patent. He had demonstrated the importance of 
multiple junctions in transistor materials. Optical and nuclear functioning 
of the tubes was also woven in with nonlinear oscillations, multiple 
feedforward and feedback loops, etc. The sophistication of the tubes and 
feeds alone almost certainly guaranteed chaotic self-oscillation. We 
suspect but cannot prove that the Casimir effect may also be involved in 
some of his conducting metallic double surfaces.'”” He had demonstrated a 
remarkable "tube-with-internal-transistors" that produced energy output 
self-gain, without any operator input of energy. In addition, he had 
successfully used his special tube/transistor hybrids to produce a very 
successful COP>1.0 EM power system. 


After Moray's death, his two sons John and Richard continued to try to 
rebuild the unit, but were never successful due to lack of sufficient funding 
and lack of a proper scientific team. They do know how to build the tubes, 
however, and they do know how to build the unit. 


It appears that no electrodynamicist or physicist skilled in higher group 
symmetry electrodynamics ever examined the Moray device or worked 
with Moray. No particle physicist or electrodynamicist skilled in non- 
Abelian electrodynamics ever worked with the device. Since broken 


'? The "grain" of the stressed semiconducting pellets may be important with respect 
to the Casimir effect versus the frequency. In short, Moray's contact surfaces 
between his semiconductors were "grainy" and these grains would have constituted 
Casimir surfaces. For the importance ofthe shape ofthe double surfaces, see M. 
Chaichian et al., "Quantum theories on noncommutative spaces with nontrivial 
topology: Aharonov-Bohm and Casimir effects," Nucl Phys B, Vol. 611, 2001, p. 
383-402. 
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symmetry was not discovered and proven until 1957, no technical person 
who worked closely with the unit was ever aware of the various broken 
symmetries by which some of the virtual energy ofthe vacuum can be and 
is transformed into observable EM energy. 


Certainly no one ever worked with it that understood the peculiar action of 
the difference frequency in traveling linearly through an isotropic 
nonlinear medium. John Moray, who stalwartly carried on the Moray lab 
in Salt Lake City until a few years ago, does know how to build the tubes, 
and he knows the circuitry for the device. That he does not understand the 
"deep theory" is of no consequence — no one else does either. In the 
opinion of this author, a funded scientific team — carefully chosen and 
working with John Moray — could probably rebuild the Moray device. We 
would very much like to see a Moray unit in production and contributing 
to permanently solving the energy problems ofthe world. Sadly, that does 
not seem likely. 


5.4 Anti-Stokes Emission and Similar Processes 


Stokes’ law states that the wavelength ofthe fluorescent light emitted by a 
phosphor or other luminescent substance is always greater than the 
wavelength of the radiation used to excite the fluorescence {289}. This 
condition was observed by Stokes in 1852 {290}. From an energy 
viewpoint, the collecting medium collects and dissipates some of the input 
energy in the medium itself (e.g., to accelerate moving molecules) and 
then emits the remainder ofit. The "system" consisting of the medium, the 
experimenter's input, and the output is such that it usefully outputs as 
luminescence less energy than the experimenter inputs. Hence it exhibits a 
COP<1.0, by absorbing excess energy in its "environmental surroundings". 


Usually such a "law" generally holds but is sometimes violated in at least a 
lew cases. Stokes’ law is no exception. It applies for most cases of 
fluorescence and luminescence, but it does not hold for a few of them. In a 
few cases, the emitted wavelength is precisely the same as the input 
wavelength. This means that the collector/absorber re-emits all the 
collected input energy as fluorescence or luminescence. Here the 

COP = 1.0. This condition is known as the resonance condition and the 
emission is called resonance emission. 


In other well-known cases, Stokes' law is violated and the energy emitted 
is greater than the energy absorbed. In other words, the system exhibits a 
COP> 10 with respect to energy emitted versus energy input by the 
experimenter. This is known as anti-Stokes emission. It has been well 
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known for six decades that anti-Stokes emmision processes do indeed 
output more energy than one has to input oneself {291}. This excess 
energy emission is usually euphemistically attributed to "additions from 
the internal energy ofthe molecule" and referred to as "negative resonance 
absorption by the medium" or just as "negative absorption by the 
medium". 


Unless the excess energy taken from the physical medium of the system is 
replaced from outside the physical system, the anti-Stokes emission 
process produces cooling in the physical system and is self-quenching 
once the medium loses all the energy it can afford. For the overunity 
researcher, a huge hint is to search the literature for anti-Stokes type 
emission phenomena that do not result in media cooling. The Letokhov 
phenomena {292} are in fact such phenomena where the excess emitted 
energy is received from outside the physical system medium, and therefore 
from the surrounding active vacuum and/or the surrounding local curvature 
of spacetime. 


Other than for a very few physicists — e.g., Bohren {24}, Letokhov {157}, 
H. Paul and R. Fischer {25} — there appears to have been little effective 
discussion of where the excess energy "extracted from the molecule" really 
came from initially, and how it is replenished to the molecule (if at all), and 
particularly whether or not it has to be replenished to the molecule by the 
operator. There has been no discussion of the local potentials as dipole 
asymmetries in the virtual energy exchange with the vacuum, although 
there has been inadequate discussion of the involvement of the Poynting 
energy flow (e.g., by Bohren, Paul, and Fischer). There has been no 
discussion of the possible involvement ofthe Heaviside nondiverged 
component of the energy flow, which is additional to the Poynting 
component but unaccounted by today's electrodynamicists. To my 
knowledge, the broken symmetry of every dipolarity has not been 
discussed with respect to such experiments. 


The reader can see the point. Ifa mechanism exists or can be evoked to 
freely resupply the lost energy to the molecule from the other two 
components of the supersystem, then the resulting self-replenishing anti- 
Stokes emission phenomenon can be utilized as a legitimate and 
continuing COP>1.0 process. It remains to be seen whether this can be 
worked out. If we wish, the giant negentropy mechanism of the source 
dipole and source charge {308} may be considered universally proven 
cases of self-replenishing anti-Stokes emmission, already exhibited by every 
charge and dipole in the universe. 
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At least one audacious scientist — Letokhov — has suggested that similar 

processes in certain systems can perhaps comprise true Maxwell's demons, 
yielding excess energy output and perhaps eventually a COP> 10 operation 
{293}. Russell has suggested that a similar COP>1.0 process is involved in 
the fiber fuse phenomenon {299}. 


Over the last few decades there has been slow but important work in an 
optical area of possible anti-Stokes emission phenomena {294a-c}. A 
variety of strongly scattering, optically active media have been shown to 
produce substantially more energy output than the experimenter inputs to 
stimulate the output. However, most are being done in laser-like pumping 
situations and so the pump energy has to be furnished by the operator. This 
means that the "replenishment" energy to the medium is furnished by the 
operator, resulting in overall COP<1.0 performance. However, in self- 
oscillation conditions, the medium can be self-pumped (self-replenished, 
taking its replenishment energy from the active vacuum exchange when 
viewed in the supersystem), and in such conditions COP>1.0 performance 
is possible, at least in theory. Presently we know of no one who has 
achieved it — except in the destructive fiber fuse effect — but the work 
seems to be progressing steadily toward that eventual outcome. 


5.5 Gain in Intensely Scattering Optically Active Media 


This modern work — which may be regarded in one sense as extending the 
anti-Stokes emission effect — is largely being pursued in intensely 
scattering optically active media. A very nice example is given by 
Lawandy's experiment {295a-d}, shown in Figure 5-4. Figure 5-4a shows a 
comparison experiment in water without an intensely scattering optically 
active medium but with a fluorescent dye to show the emission interaction. 
Figure 5-4b shows the same experiment with titanium dioxide particles 
added to the fluid. The TiO, particles are sized so that their optical 
resonance is within the laser's frequency domain.'”° 


First, as shown in Figure 5-4a, a small, weak laser beam is aimed into the 
solution, and a small "warm little glow" of fluorescence results just around 
that region where the laser beam interacts with the solution. Scattering in 
the medium is rather normal, and provides nothing of any great interest to 
the overunity researcher. 


'3 Tn passing, we point out the involvement of the Bohren effect due to particle 
resonance. This collects additional energy from the usually nondiverged large 
Heaviside energy flow component. 
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Nabil M. Lawandy et al, “Laser action in strongly 
poreaetgs| media.” Letters, 368(6470), 
Mar 31,1994, p 436-438 h 
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Figure 5-4 The Lawandy experiment 


Then the titanium dioxide particles are added, and the same weak 
illuminating laser beam is directed into the colloidal solution. Figure 5-4b 
shows the new and spectacular results.'** Immediately a very bright, room- 
filling emission of scattered coherent light fills the entire room. The 
intense optical scattering includes extensive retroreflections for some "ping 
pong" between individual particles, so that the optical gain is enormous. A 
highly enhanced energy emission is now evoked, for the same energy input 
by the operator as was used in the first experiment without the TiO, 
particles. Lawandy's experiment is inexpensive and can be repeated in any 
university nonlinear optics laboratory and by many individual 
experimenters. It gives results every time, without fail. 


Oddly, no one seems to clearly state that, for a single pulse of input laser 
energy to the suspension of TiO, particles, precisely how much energy was 
input and how much energy was then emitted by the medium. Instead, 
"gain" is mentioned, but never the COP = (energy output by medium 
emission) / (energy input by operator). One suspects that journal referees 
would probably not allow such a clear and unequivocal statement of 


4 This is a very easy and very convincing argument for the presence of the long- 
ignored Heaviside component of energy flow arbitrarily discarded by Lorentz more 
than a century ago, and still discarded by modern electrodynamicists. 
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overunity, but would apply quibbling and spin control to prevent stating 
that more energy is output by the medium than is input to it by the 
operator. 


It follows that, if sufficient "ping pong" iterative retroreflection and 
multiple collection occurs in the medium, the COP>1.0 because more work 
is done on exciting the medium than the energy input to it by usual 
(Poynting) calculations. No one accounts the energy unwittingly input to it 
by the ignored Heaviside component accompanying the Poynting 
component. Usually the output/input is just referred to as "optical gain". 
We stress, however, that we are considering only the actual laser beam 
energy being furnished into the colloidal solution as input, and we are not 
calculating the efficiency of the laser, its pumping, etc. Anyway, for this 
stimulated emission process, it is possible that the COP>1.0, and one can 
see the parallel to anti-Stokes emission. In short, we are considering the 
TiO; solution itself as exhibiting a true negative resistor action. 


The field of high gain stimulated optical emission is advancing rapidly 
{296}, although many experiments still use external pumping furnished by 
the operator. Ifthe operator has to pay for the replenishment (pumping) 
energy as well as the input energy, then the COP<1.0 overall. But the 
experiments are tending toward sustained self-oscillation and self-pumping 
conditions. If such conditions are obtained in sufficient magnitude, the 
process will then become a legitimate COP>1.0 operation overall. In that 
case, it will be usable as a basis from which to develop self-powering 
COP>1.0 electrical power systems, particularly for infrared "heating" 
systems etc. 


The more recent experiments have shown positive feedback loops both in 
the time-forward and time-reversed paths; trapping of light flow energy 
(both time-forward and time-reversed) in large random walks of more than 
1,000 individual interactions; weak Anderson-type localization; and 
constructive interference of forward time and reversed time light paths. 
since such experiments can be performed in the infrared, they point 
toward a potential "vacuum-energy-powered overunity heater" as a 
feasible achievement in the future. In our opinion, there should be a 
determined and major Department of Energy program oriented to develop 
exactly that kind of system. 


Such a heater can become self-powering by the presence of greater 
governed positive feedback during self-oscillation conditions, which will 
allow sufficient excess collection due to multipass multicollection from the 
usually wasted giant Heaviside energy flow component. This process — 
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with the self-excitation occurring spontaneously as a "kick-in" positive 
feedback process in an exploding gas — probably accounts for the 
phenomena observed in the gamma ray burster and other such violent 
"burster" cosmic phenomena. Re-ignition, afterglow, and similar effects 
are observed in gamma ray bursters. They are also observed with 
remarkable similarity in the latest experiments in intensely scattering 
optically active materials the laboratory. Similar phenomena occur in x-ray 
bursters as well, and perhaps even in the recently observed and confirmed 
gamma ray emissions from intense storm clouds. 


Finally, we point out that many magnetic materials are also 
photorefractive, and they readily produce nonlinear optical effects at 
various frequencies. Some barium compounds are typical examples. As an 
example, multivalued phase conjugate reflection can occur {297}. Such 
effects did occur in the Sweet vacuum triode amplifier, to be discussed 
shortly. It may be that Sweet's conditioning of his magnets conditioned 
their barium nuclei into self-oscillation, self-pumping, and thereby into 
self-replenishing stimulated optical-type emission at ELF frequencies. 


5.6 The Fiber Fuse 


See Figure 5-5. Although presently a one-shot destructive process, another 
multicollection phenomenon exhibiting a novel COP>1.0 process is the 
fiber fuse {298a-e}. This is a well-known but unusual effect in optical 
fibers and in fiber optic cables. 


See Figure 5-5a. Once initiated by simply heating the cable (as with a 
butane cigarette lighter), the fiber fuse ignites and is self-sustaining. In 
those susceptible systems utilizing power on the order of one watt or so, 
the ignited fiber fuse propagates down the cable slowly, at about a meter 
per second nominally. It is evidenced by a bright white light propagating 
down the fiber, resembling the burning of a fuse for explosives — which 
led to the name "fiber fuse”. 


In fiber optic cables, it occurs only in those that contain germanium in 
their cores, and not in those containing just silicon in their cores. It moves 
down the fiber or cable at approximately one meter per second, and it is 
unlimited in the length of cable that it will continue along and march to the 
end. In the core, the marching fuse is actually "hopping", so to speak, and 
it melts a little "hole" about every centimeter or so, blowing out the 
material from the hole as it occurs. This "steadily and slowly marching" 
series of core melts results in the catastrophic destruction of the optical 
fiber core of the cable and thus destroys the functioning of the cable. 
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Figure 5-5 A. Fiber fuse destroys core of fiber optics cable of indefinite length, 
pitting core with holes. 


MARCH OF FIBER FUSE 






LASER LIGHT 
DIRECTION § 


FLAME HEATING» a 


Figure 5-5 B. Reversed second fiber fuse oftenrestores pitted core In cable, 
filling holes back up. 


Figure 5-5 The fiber fuse. 


The mechanism has been theorized to be self-propelled and self-focusing. 
Other experiments have found evidence for thermal shock waves and 
chemical reactions. 


But see Figure 5-5b. Astonishingly, after a — say — 1 kilometer fiber 
optics cable is destroyed by such a fiber fuse, it is often possible to "heal" 
the damage by reversing the direction of the normal laser light propagating 
down the cable, while re-initiating the fiber fuse from the other end by 
heating the cable on that end. In that case, sometimes the reverse-ignited 
liber fuse will then march right back down the cable, precisely refilling 
those previously-melted little holes every centimeter or so, restoring the 
functioning ofthe cable! lfever a phenomenon cried out for further 
painstaking investigation to determine its actual mechanism, the fiber fuse 
is it. 

Truncated coupled-wave theory applies to this phenomenon. A rigorous 
analysis by Russell {299} of power conservation in dielectric gratings has 
shown that truncated coupled-wave theories do not rigorously conserve 
power. Predictably such conclusions have been disputed {300a-300d}, 
however, and are adulterated by the same old use of Lorentz-surface 
integration of the Poynting vector around the grating and discarding of the 
nondiverged Heaviside energy flow component. Those disputing the 
results and claiming the impossibility of COP>1.0 systems continue to 
ignore the unaccounted Heaviside energy flow component accompanying 


231 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


every EM energy flow situation. In fact, they continue to unwittingly 
discard that component, and so have never performed afully adequate 
analysis of any circuit or process. They also are unaware that all EM 
energy in 3-space comes directly from the active vacuum — specifically, it 
enters 3-space from the time domain and then returns to the time domain. 


As long as the Lorentz surface integration scheme continues to be 
ubiquitously used without understanding what it does with respect to 
energy flow accounting, the dispute will not be dissolved. Presently both 
sides still use the Lorentz integration and discard the available Heaviside 
component. So they are really disputing whether the Poynting diverged 
component of the input energy can be equal to the energy dissipated. The 
answer to that is simply "No!" 


Of course in a lab test the fiber fuse can be initiated with small Poynting 
energy input by precision point heating. In that case, the total energy 
required to melt the holes and move the material out of them, every 
centimeter or so down that (unlimited) length of cable, can be made as 
large as one reasonably wishes, simply by making the cable as long as one 
wishes. In short, COP»1.0. As can be seen, it can be experimentally 
proven that the input Poynting energy component can be far less than the 
total energy dissipated in damaging the cable. On the other hand, the 
energy dissipated in damaging the cable is not greater than the sum total of 
the usually calculated Poynting component together with the neglected 
extraordinarily large Heaviside nondiverged component. Conservation of 
energy is upheld, but only ifthe long-neglected Heaviside component is 
also accounted. 


It stands to reason that the reverse fiber fuse can also be initiated by less 
input Poynting energy component that the total energy dissipated in 
restoring the cable. At that point, conventional theory has a problem. One 
can start with a good cable, put in a little EM energy twice — once to 
ignite the fiber fuse and once to ignite the reverse fiber fuse — and one 
winds up with a good fiber optics cable and having done lots more work 
inside the cable than the amount of energy one input by conventional 
considerations. We leave the solution to that problem as an exercise for the 
reader. Again, unless one includes the long-neglected Heaviside 
component, there is no way to make the energy flow balance, and one will 
have an experiment that seemingly contradicts the conservation of energy 
law. It doesn't, and that is the exercise the reader should understand. 


So unless one uncovers and specifies the external source (Heaviside's 
energy flow component) of excess energy feeding the fiber fuse, it is a 
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demonstrable experiment whose efficiency & seemingly winds up being 

— >1.0. It works every time and seemingly violates the conservation of 
energy law as that law is conventionally and imprecisely stated for an 
equilibrium system only. The COP>1.0 fiber fuse phenomenon does not 
violate overall conservation of energy because the system is not in 
equilibrium with the other two components of its supersystem. It only 
violates (permissibly!) the conservation of energy statement for a system 
in equilibrium. The "system" consisting of the fiber fuse and the cable is 
not in equilibrium in its energy exchange with its active environment (with 
the other two components ofthe supersystem, consisting ofthe active 
vacuum energy exchange and the active local curvature of spacetime). We 
point out, of course, that the Heaviside component is flowing in space 
outside the physical system, hence in the vacuum and therefore in the 
external environment. 


Specifically, every dipole in the system is extracting and pouring out 
energy from the vacuum, and only the small Poynting diverged component 
ofthis available energyflow is ordinarily caught. The extreme 
nonlinearity (and some resonances!) of the particles in and exposed to the 
extraordinarily locally heated fiber fuse do sweep out a greater reaction 
cross section than do cold, static charges, in afashion similar to the 
separate demonstration ofsuch extended geometrical reaction cross 
section in the Bohren experiment {301}. Hence the fiber fuse subsystem 
and the associatedparticles ofmelted matterfrom the holes do intercept, 
diverge, and collect some ofthe accompanying but usually nondiverged 
Heavisidecomponent. 


See again paragraph 2.1.6 in Chapter 2. Iterative retroreflective systems — 
such as in intensely scattering nonlinear optical materials — are not 
necessarily limited to COP < 1.0. Such a system is not necessarily limited 
to only the energy input by the operator, and it is not limited to only the 
operator's input Poynting component. Instead, the system can receive an 
input of excess energy from (i) its active local vacuum, and/or (ii) the local 
curvatures of spacetime. Its efficiency &, however, is always € < 1.0, even 
when its COP is clearly greater than 1.0. 


Since scientists disputing the energy aspects of the fiber fuse only have 
assumed an equilibrium system and have not considered the neglected 
Heaviside energy flow component, the present arguments against COP>1,0 
performance of the fiber fuse are quite irrelevant. 


We also point out that an optical phenomenon is involved, and that the 
core materials in the melt are optically active. Hence, appreciable iterative 
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phase conjugate retroreflections occur in the fiber fuse itself and 
particularly in the melt materials (in the "inferno" ofthe "spot" itself). This 
asymmetrical self-regauging process gets more than one joule of work 
from one joule of original input Poynting energy, because of the iterative 
(and reciprocating) change of form of the energy. That operation produces 
iterative joules of work for each joule of original input energy, plus the 
unaccounted original input of the Heaviside component. 


Again, there is no law of conservation ofwork in nature. The present 
conventional energy-work theorem erroneously considers only a "single 
interception and change of form" of the energy collected in the system, 
before loss of the energy from the system. Therefore, it only considers 
each joule of input energy performing one joule of work on the system to 
"excite" it to a higher potential energy state. It also considers that, once a 
joule of energy is then dissipated from the system as work in an internal 
load or process, it has departed the system forever and is not returned to do 
additional work by having its form changed yet again! In intensely 
retroreflective or intensely scattering systems, those conventional 
assumptions do not necessarily hold. For analysis of the fiber fuse 
phenomenon, the extended work-energy theorem must be utilized. 


Finally, we point out the connection of this fiber fuse phenomenon to the 
similar "runaway" phenomena we have previously postulated as involved 
in producing the x-ray burster, gamma ray burster, etc. where iterative 
retroreflection and thus asymptotic rise in energy density is involved. 


Another possibly related phenomenon is the unexpected explosion of 
porous silicon, as discovered at the Technical University of Munich {302}. 
The porous pellet involved in the unexpected experiment is covered with a 
layer of hydrogen atoms. In the presence of oxygen penetrating the oxygen 
barrier, an extraordinary and superfast chain reaction is initiated. The 
power of the explosion is some 10 times that of TNT. In the inferno 
portion of the fiber fuse, the "melt" as it puddles and then particulates, 
should be in the presence of oxygen and hydrogen from air in the cable. 
This dramatically differs from the explosive pellet, but may be sufficient to 
ignite at least in a local area rather than explode violently. Ifso, between 
the ablating particles of silicon there could exist iterative phase 
conjugation, thus producing an asymptotic rise in temperature and energy, 
perhaps sufficient to sustain the fuse. At least this possibility should be 
investigated. 
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5.7 Multiple Feedforward and Feedback Semiconductor 
Loops. 


DeSantis et al. {303} showed that feedback systems with a multipower 
open loop chain can produce COP > 1.0 performance. In semiconductors, 
the present author hypothesizes that complex feedforward and feedback 
loops involving semiconductors can induce time reversal effects, hence 
some movements of current against the voltage. In short, there can arise a 
true negative resistance effect, as demonstrated in the Fogal transistor. 


Indeed, a Westinghouse frequency converter using 64 transistor stages and 
similar sophisticated feedforward and feedback mechanisms was placed in 
the original Minuteman missile, then was later deliberately modified by 
Westinghouse engineers to prevent its demonstrated COP > 10 
performance.'” The specific germanium transistor used in the converter 
was also withdrawn from the market.'° In those days, power meant weight 
and weight was at a premium in missile design. The power supply was 
very tightly designed, so that the weight could be minimized. 


The converter had been deliberately designed to be 90% efficient, which 
was quite the state ofthe art. However, placed in the missile, the average 
converter would produce from 105% to 115% times as much output power 
as input power. (We are stating a COP > 1.0, not § > 100%!) This was more 
output power than the tightly designed succeeding stages were designed to 
accept; consequently those overloaded follow-on circuits often burned out 
and deadlined their Minuteman missiles — something of great strategic 
concer at the time. The increased rate of Minuteman missiles out of 
action due to this problem placed great pressure on Westinghouse 
executives. In turn, they simply ordered the engineers to "fix it!" 


Westinghouse simply "fixed the problem" very directly. The engineers 
reduced the output power of the converter by adding limiting diodes etc. 
Very quietly, Westinghouse then obtained several patents {304a-c} 
surrounding the technology, but no further mention of it appears in the 
literature. The Westinghouse work continued for at least a decade, judging 
by the spread of the patent dates. 


"> Our information came directly from private conversations of a close scientific 
colleague with the Westinghouse engineers who thoroughly tested the converter 
causing the Minuteman problems, and who then altered it to prevent the problems. 


126 5 a é 5 i, q 
Germanium has some unique properties, particularly with respect to transducing 
surface longitudinal waves to transverse waves and vice versa. 
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Such multi-loop, multi-feedback transistor circuits can apparently be 
developed to exhibit true negative 4-resistor effects. With specialized 
clamped positive feedback of the Bedini type, such open dissipative 
systems can then exhibit stable COP>1.0, since the energy is taken from 
the vacuum via the broken symmetry of dipoles, and then discharged 
asymmetrically in the loads so as not to destroy the source dipole negative 
4-resistors. However, the reader should see Chapter 9 for special 
considerations and phenomenology. 


5.8 Negative Resistors 


We define a true negative resistor as a circuit component or system that 
receives energy from the environment and outputs useful energy, either in 
altered form or to power loads usefully. This contrasts sharply with a 
differential negative resistor, which exhibits negative resistance in one part 
of its regimen, but where all the excess energy to move the current against 
the voltage in that regime was previously drawn from the circuit itself and 
therefore was not freely received from the active external environment. 
Instead, the operator paid for it already. We are not interested in 
differential negative resistors, which are well known in the literature {305} 
and do not enable COP>1.0 system performance, so we will not discuss 
them further. Hereafter when we use the term "negative resistor", it is 
understood that we mean "true negative resistor" unless the term is 
otherwise qualified. 


The true negative resistor is an open dissipative system a priori, and 
equilibrium thermodynamics therefore does not apply. Instead, the 
thermodynamics of open systems far from equilibrium applies. The 
negative resistor freely receives energy from outside the system (from the . 
environment), and "dissipates" it in interception and collection actions 
inside the system, to freely increase the available potential energy in the 
system. 


In circuits, the main characteristic of a negative resistor is that the 
environment freely furnishes some excess energy to (i) power the load, 
and/or (ii) move the current back against the voltage, particularly when 
shunted across the back emf region of the source dipole. The operator 
does not have to furnish this excess energy dissipated to propel the current 
backwards or dissipated to power the load! 


One must incorporate the entire supersystem into the analysis of a negative 
resistance element or system. Since the operator does not furnish the input 
energy dissipated by the negative resistor, then the active vacuum or 
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curved local spacetime — or both — must furnish the input energy to it. 
One must consider local curvature of spacetime interactions with the 
negative resistance and the active vacuum interactions with it, as well as 
the interactions between active vacuum and local spacetime curvature. In 
other words, one must again include the active environment of the 
Maxwellian system that Lorenz/Lorentz symmetrical regauging arbitrarily 
discarded. 


We specifically do not include the well known "differential" negative 
resistor, such as a tunnel diode, which in one regime moves current against 
the voltage, all the while drawing all its enabling energy to move current 
against the voltage from an overall previous energy input by the operator. 
Unless the input enabling negative resistance energy is freely received 
from the external environment, true negative resistance is not involved. 


Several true negative resistors other than the point-contact transistor have 
been produced. We review a few of them in the following subparagraphs. 


5.8.1 Kron's Negative Resistor 

One of the greatest American electrical scientists was Gabriel Kron. 
Working for General Electric (GE), Kron built a true negative resistor in 
the 1930s, which could power itself and the network analyzer'”’ at 
Stanford University, under a GE support contract with the U.S. Navy. Here 
is a direct quote from Kron {306} to show what we refer to: 


"When only positive and negative real numbers exist, it is 
customary to replace a positive resistance by an inductance and 
a negative resistance by a capacitor (since none or only afew 
negative resistances exist on practical network analyzers.) " 


In that sentence we believe that Kron was forced by the censors to insert 
the words "none or" in the expression in parentheses. Particularly note the 
suggestion that in the imaginary realm it may not be the same as the 
accepted practice of using inductance as a positive resistor and capacitance 
as a negative resistor. Of course, the fourth Minkowski axis is - ict, and so 
this is very probably an oblique reference to the fact that energy can also 
"flow in" from the time domain. Kron was quite knowledgeable in general 


"The network analyzer was a large analogue simulation capable of modeling 
sophisticated equations — such as Maxwell's equations, the Schrodinger equation. 
etc. — for use in designing, simulating, and analyzing naval communications 
systems or proposed systems. It was one ofthe most advanced simulations of its day. 
Kron was the chief engineer and scientist on the project, and one of the ablest 
electrical physicists the United States ever produced. 
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relativity as well as advanced electrodynamics, and he applied full general 
relativity to rotating EM machines etc. In another quote, Kron {307} also 
revealed that he had the negative resistor but was not allowed to use it to 
openly power the Network Analyzer. Quoting and reading through the 
"spin control": 


"Although negative resistances are available for use with a 
network analyzer, in practice it is more convenient to use a 
second type ofcircuit, in which the positive and negative 
resistances are replaced by inductors and capacitors and the dc 
currents and voltages are replaced by ac currents and voltages 
of fixedfrequency. The use ofthe second type ofinterpretation is 
equivalent to multiplying the wave equation by i= y—I." 


After the word "although..." Kron includes the blunt statement that 
negative resistors were indeed available for use with the network analyzer. 
But ifthe "convenient" replacement of the positive and negative resistors 
by inductors and capacitors was made, then there was no COP>1.0 
involved, and there was no true negative resistance involved. Kron is 
trying to clearly tell us that fact in the above quotation. He also strongly 
hints that energy from the time domain on the axis ict is involved, but that 
multiplication by VJ discards this "energy from the time domain". 


Kron's negative resistor secret has never been released by General Electric, 
Stanford University, or the U.S. Navy and it is not going to be released. It 
has never been deciphered outside those groups, with the possible 
exception of knowledge by Floyd Sweet of Kron's negative resistor 
construction. Sweet worked in General Electric but not on the Network 
Analyzer project. Kron, however, was Sweet's mentor and patron, and 
Sweet often spoke of Kron in glowing terms. In our opinion, Sweet's 
vacuum triode amplifier was a further development of Kron's early 
negative resistor, as Sweet understood it. 


We further believe that Kron's "open path" is simply the other two 
components of the supersystem, being (i) local curved spacetime, and (ii) 
the active local vacuum. Obviously the external environment connects any 
two points in the physical circuit, in addition to the circuit's physical 
connection (the "closed path"). Between any two points at differing 
potentials in an electrical circuit, there exists a potential and a dipolarity. 
Therefore, there exists a broken symmetry because of the dipolarity. The 
potential difference of that dipolarity is also a curvature of spacetime; i.e., 
it is a "field" between the two points, and the field is identically a 
curvature of spacetime. Hence from any two such dipolar points in the 
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circuit, there exists the giant negentropy flow of EM energy that we 
pointed out in 2000 {308}. This "open path" EM energy flow between any 
two unlike charges (any dipolarity) in the universe, not intercepted by the 
circuit and thus nondiverged, is discarded by Lorentz's integration of the 
energy flow vector around a closed surface enclosing any volume element 
of interest. It appears that Kron not only recognized (in different terms) 
what we are calling the "supersystem", but also recognized the equivalent 
of Heaviside's nondiverged EM energy flow component from any 
dipolarity — referring to that energy flow as the "open path" flow of 
energy. It is almost certain that he fully recognized what Lorentz 
symmetrical regauging did to the Maxwell-Heaviside equations. Thus it 
appears that Kron was the first scientist to discard Lorenz/Lorentz 
symmetrical regauging, producing his negative resistor by doing so. 


We do not have firm knowledge, however, but only circumstantial 
evidence that Kron recognized the flow of EM energy from the time 
domain into 3-space, and vice versa, though he was certainly capable of 
seeing that. Nevertheless, this would also be included in his notion and 
discovery ofthe "open path", since it is included in every dipolarity, 
generating the scalar potential between the poles of the dipolarity. It may 
also have occurred to him from his excellent grasp of general relativity and 
spacetime curvature {309}. 


Kron's concepts are certainly capable of being modeled and used to 
produce COP>1.0 EM circuits and systems, including his negative resistor. 
Kron did tremendous work in advancing EM networks and power systems. 
He left behind a great legacy of network and system analysis capable of 
dealing with the COP>1.0 electrical power system problem {310a-e}. 
Unfortunately, that legacy has been little used, if at all, in design of 
electrical power systems and power distribution networks today. To our 
knowledge, there are no electrical power systems deliberately using Kron's 
open path.'”® 


5.8.2 Chung's Negative Resistor 

A highly simplified diagrammatic illustration representing the Chung 
negative resistor is given in Figure 5-6. In a July 9, 1998 keynote address 
at the Fifth International Conference on Composites Engineering in Las 


8.4 possible exception is provided by Barrett's extensions {286a, 286b} of Tesla's 
"potential shuttling" technique {124}, which can only be seen in higher group 
symmetry electrodynamics such as quaternions. However, as far as we know, Barrett 
has not applied energy shuttling techniques to electrical power systems. 
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129 
Vegas, Dr. Deborah D. L. Chung, professor of mechanical and 
aerospace engineering at State University of New York (SUNY) at Buffalo 
and Director of the Composite Materials Research Laboratory, reported 
that she had observed apparent negative resistance in interfaces between 
layers of carbon fibers in a composite material prepared under pressure. '°° 
The negative resistance was observed in a direction perpendicular to the 
fiber layers. By varying the pressure at which the composite material was 
prepared, Chung ef al. were able to control whether the material would 
exhibit negative, minimal, or positive resistance. Apparent negative 
resistance was also observed in carbon fiber cement-matrix composites and 
in bare carbon fibers held together by pressure. 





Win = Wout > Win 
CROSSED CARBON 
FILAMENT LAYERS 
UNDER PRESSURE 








| « Acts as a true negative resistor 
 Dipolarity extracts energy from vacuum 
* Does not use half the extracted energy 

to destroy dipolarity 

* Open system far from equilibrum with 
active vacuum environment 








Figure 5-6 Chung's negative resistor (diagrammatic). 


A formal technical paper was later published by Wang and Chung {311}. 
A few years earlier a patent {312} had been issued to Chung and assigned 
to The Research Foundation of State University of New York, Albany, NY 
for a superconductive material using a laminate combination of carbon 


' Professor Chung holds the Niagara Mohawk Chair in Materials Research at 
SUNY and is internationally recognized for her work in smart materials and carbon 
composites. The reader may peruse a curriculum vitae, research work, and papers at 
http://www.mae.buffalo.edu/people/faculty'chung/researchl.doc. 


‘3° The preparation of "locked-in" stress in Chung's carbon fiber material is 
reminiscent of Moray's similar preparation of his amorphous semiconductors with 
locked-in stress also. 
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fibers and metal. '*' The patent mentioned mesoporous carbon filaments, 
strikingly similar to our previous discussion of the surprising explosion of 
porous silicon at the Technical University of Munich, as well as possibly a 
special kind of "porosity" consideration in the fiber fuse phenomenon (in 
the material of the fuse itself). 


An initial offer on the State University of New York at Buffalo website to 
provide a technical package with respect to the negative resistor — for 
which a patent had been filed — to those submitting a nondisclosure 
agreement was abruptly withdrawn. The project may have been classified, 
or — far less likely — it may have been retained as deeply proprietary by 
the University. We suspect that both the technical package and the patent 
application have been classified by one or more U.S. government 
agencies.” 


In our opinion, Chung's fruitful discovery deserves rigorous and 
continuing investigation, particularly in higher group symmetry 
electrodynamics and in terms of supersystem interactions to include Dirac 
sea hole current interactions. We also believe Chung may have been 
required by referees (or by declassifying authorities, if such were 
involved) to use the term "apparent" in the paper. The reported 
measurements in the technical paper do seem to unequivocally include true 
negative resistance with current running backwards against the voltage. It 
is not clear, however, whether this is Dirac hole current or electron current 
or a mix of both. 


We also call attention to the fact that Dirac sea holes in the local vacuum 
— as will be discussed in Chapter 9 — will and do run backwards against 
the voltage. Further, such hole current can be transformed from negative 
energy to positive energy by the Bedini process shown in Chapter 9. The 
pressure used by Chung ef al. in fabricating the material produces a stress 
potential in the material and thus decomposes into our reinterpreted 
Whittaker 1903 decomposition, preciously discussed. So giant negentropy 
is involved in the composite material, which implies that true negative 
resistance can be involved, at least in some operational regimes as pressure 


‘5! We stress that the issuance of this unclassified patent does not rule out a possible 
negative resistor (hence COP>1.0) patent that may have been classified. Some 
sensitive defense work in special materials is indeed performed at SUNY at Buffalo. 


' At least the gist ofthe work is not lost, however, due to Naudin's duplication of 
the Chung effect and placing the results and building instructions on his website in 
France; see http://jnaudin.free.fr/cnr/. 
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etc. are varied. Such results were found by Chung et al. and are reported in 
the paper. 


Naudin reported independent success with a simpler variant of the Chung 
negative resistor {313}. This assures that at least the effect will not just be 
buried. 


5.8.3 The Fogal Charge-Barrier Device 

Figure 5-7 shows an illustration from one of William Fogal's patents {314} 
on a new kind of transistor (more accurately, a charge barrier device). 
Fogal's device incorporates a very special electrolytic capacitor'’, which 
introduces optical-type functions as well as the more familiar capacitor 
functions. 


Fogal Semiconductor 


* Blocks electron current flow i= dq/dt 
- As capacitor charges electrons in emitter junction attracted to plate 
- Charging plate produces high barrier 
- AC conduction electrons cannot penetrate barrier 
- AC displacement current d@/dt and Poynting current 
S = ExH are passed through the barrier 
+ AC into the barrier produces AC Lorentz symmetrical 
regauging, which produces AC stress waves, which 
are longitudinal EM wavesa priori 
+ Semiconductor becomes "energy pipe” 
+ Massless displacement current is energy flow without losses 
+ Energy can be collected and separately discharged through load for free 


work 
+ Transmission mode Holding potential while changing displacementcurrent 
produces enfolded longitudinal EM waves inside potential accompanied by 
time-polarized phase conjugate twins DIAGRAMMATIC 
+ Reception mode Receiving longitudinal EM waves at barrier provides scalar ONLY 
interferometry, making transverse EM waves 
+ Fogal semiconductor can both receive and transmit via enfolded longitudinal EM 
waves, which are not limited to the speed of light in vacuum 
+ Semiconductor can also be used as a true negative resistor. 


Figure 5-7 Novel characteristics of the Fogal semiconductor. 


Most semiconductor materials are optically active materials. Further, the 
individual electrons in a signal with a frequency well below light 
frequencies, are "jittering" with higher frequencies including the entire 
optical band. A "frequency" of a signal thus is imbedded in a jittering 
higher frequency complex set, and that set is quite able to interact in 
optical fashion ifthe complex itselfis used and controlled. Fogal's process 


‘83 ‘The exact method of manufacturing this electrolytic capacitor, and its internal 
structuring, is proprietary to Fogal and a major capacitor manufacturer, who is under 
a nondisclosure agreement with Fogal. 
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does appear to both use and control that jittery high frequency signal 
complex. 


Hence Fogal's process can "tunnel under" the normal detected force-field 
frequency responses of the individual electron,'** and directly affect, 
change, and alter its higher-frequency environmental changes in the force- 
free field or field-free potential condition. In this way, Fogal has carried 
the electron (and hole) functions of a transistor to functions well beyond 
those in the present texts {315}. He may have also extended quantum 
mechanical tunneling effects to signals between widely separated regions 
of spacetime, since superluminal communication is possible with the Fogal 
semiconductor properly used. Longitudinal EM waves — which Fogal's 
semiconductor is able to utilize and control — can and do move at 
superluminal speeds {93a) because it uses the long-neglected "infolded" 
longitudinal electrodynamics revealed by Whittaker in 1903 and 1904. 
Further, superluminal solutions to Maxwell's equations do exist {93b}. 


The charge barrier device is formed in a bipolar design that can be 
incorporated in Metal Oxide Semiconductor (MOS) designs as well as 
multiple gate devices. The device also produces a Hall effect EM field 
internal to the device. The Hall effect magnetic force will force electron 
flow and angular spin of the electrons in the same direction to the top of 
the conduction bands in the crystal lattice on semiconductor devices, 
unlike Silicon On Insulators (SOI) devices that force electron flow to the 
surface of the semiconductor lattice. This forcing function, together with 
the "extended tunneling" effects on the embedded EM environment of the 
electrons and holes, produces a unique effect. The device is able to stop 
and "pin" electrons while continuing to process the signal energy flow (the 
entire jitter signal complex) in which the electrons were coupled and 
moving. Thus the Fogal transistor is able to operate upon and with mass- 
free spacetime itself, and curvatures thereof. It is the first practical 
semiconductor capable of performing engineering ofthe active vacuum. 


In the last few years we have stressed that EM waves in spacetime are 
longitudinal EM waves a priori — but they are accompanied by time- 
polarized waves (phase conjugates). Hence the two in combination become 
observable, as pointed out in quantum field theory by Mandl and Shaw 
{316}. We detect effects apriori and not their causes. We detect 


‘The electron itself is enveloped in the jittering of whatever background it is 
exposed to and interacts with. Hence a coupling interaction exists to arrange and 
control the jitter of the electron as well. 
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transverse electron precession waves in our detector circuits, and not the 
causal waves interacting with them to produce their precession. The Fogal 
transistor is able to process the causal longitudinal EM waves directly, 
prior to their interaction with matter. It in fact opens up an entirely new 
region of "detected physical reality” to our vision and detection, a region 
far more extensive than the development of infrared and ultraviolet sensors 
opened up to our sight. 


The pioneers of electromagnetics, who erroneously assumed a material 
ether and EM force fields in space, confused the transverse "material 
detected waves" (electron precession waves) in the detector with the 
"material undetected waves" they assumed to be incoming from space. 
Note that neither the electron nor the atom had been discovered when all 
these assumptions were used to determine how the EM wave in space was 
to be viewed and modeled. The transverse waves observed in the 
interacting/detecting of the Drude electron gas — i.e., the detected electron 
precession waves — were considered to be direct interceptions of the 
incoming causal waves from space. This already substituted the effect for 
the cause, as we have previously discussed. 


Further, Faraday envisioned the "material field in space" as consisting ofa 
series of "taut physical strings". A "perturbation" of this field in space was, 
in his view, simply the transverse wave plucking of those strings. 

Maxwell, who closely followed Faraday's experimental work and concepts, 
simply assumed the transverse "plucked string waves" advanced by 
Faraday. Therefore, the erroneous notion of the transverse EM wave in 
space arose and stayed firmly fixed in the theory. 


One can check Whittaker's decomposition of the scalar potential into 
longitudinal EM wave pairs, then realize that the energetic vacuum is 
naught but a giant scalar potential — which can be decomposed by 
Whittaker's method. In short, as a scalar potential, space itself is a writhing 
mass of longitudinal EM waves and their highly nonlinear dynamics and 
interferences, or it can be modeled in that fashion. The energy continually 
enters 3-space from the time domain to the negative charge of every point 
in space considered as a point dipole, thence to the positive charge, thence 
back to the time domain. Notice the giant 4-space circulation involved. 
One also notes the polarization ofthe vacuum continually happening and 
arising spontaneously, as is well known in quantum mechanics. We also 
suspect that this or a similar mechanism is at the root of spontaneous 
broken symmetry in physics. 
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An interesting thing emerges from Whittaker's 1904 paper {317}, where he 
showed that all EM fields and waves can be decomposed into differential 
functions of two scalar potentials. Each of these two base scalar potentials 
can be decomposed by Whittaker's earlier 1903 paper {85} into a set of 
longitudinal EM waves. All EM fields, potentials, and waves are 
comprised of longitudinal EM waves and their internal dynamics, which 
also comprise waves of spacetime curvatures and their dynamics. Further, 
each longitudinal EM wave in 3-space is accompanied by its phase 
conjugate twin in the time-domain. 


This far more primary "internal electrodynamics comprised of pure 
spacetime dynamics" — comprising and creating the recognized EM 
potentials, waves, and fields, their internal dynamic spacetime structuring 
and also the structuring of time — has not been developed and applied in 
physics theory. This internal or "infolded" electrodynamics is the primary 
"medium" in which the Fogal semiconductor appears to work and work 
upon. The Fogal semiconductor seems able to modulate and demodulate 
this internal structuring or parts of it, as has been demonstrated. 


Imperfect longitudinal EM waves — called undistortedprogressive waves 
- are already known to be able to travel at superluminal velocity, e.g., as 
shown by Rodrigues and Lu {318}. Indeed, Maxwell's equations have both 

subluminal and superluminal solutions, as shown by Rodrigues and Vaz 
{319}. Further, these waves can carry information. However, the 
technology of employing these waves has been lacking {320}. The use of 
scalar EM wave interferometry to produce normal EM fields and EM field 
energy at a distance has been shown by Evans ef al. {321}. 


As pointed out by Rodrigues and Lu {318}, perfect longitudinal EM waves 
travel at infinite velocity. This eliminates the difference between potential, 
field, and wave; a perfect longitudinal EM wave can also be taken as an 
instantaneous scalar potential with net force-free iterative regauging 
(varying at each point instantly and simultaneously). Both ways of looking 
at it produce the same end result: instantaneous remote energy change of 
spacetime energy density itself, in general relativity terms, or of the energy 
density of the vacuum, in particle physics terms. 


Elsewhere, (e.g., Chapter 2), we also pointed out the "total photon 
interaction'' mechanism that generates the flow of an entity through time. 
We also have advanced the concept ofa "time-reversal zone" (TRZ) as a 
region where antiphoton interactions with charges predominate over 
photon interactions. We used these new concepts to propose exact nuclear 
reactions for the production of excess deuterium, tritium, and alpha 
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particles in cold fusion experiments. In such an "excited state" TRZ region, 
the law of attraction and repulsion of charges is reversed. In the TRZ, like 
charges attract and unlike charges repel. Further, the gluon forces are 
reduced, so the quarks in the nucleons are much more lightly bound. In 
such TRZ zones, dense clustering of like charges occurs due to their 
mutual attraction. 


A time-reversal zone is created in one part of the Fogal transistor, greatly 
assisting in the "electron pinning" action. That is, the usual strong mutual 
repulsion (the Coulomb barrier) ofthe electrons at the pinning site 
vanishes in the TRZ inside the Fogal semiconductor, and the resulting 
mutual attraction ofthe electrons greatly facilitates the pinning process far 
beyond what is usually obtained against "like charge" repulsion in a time- 
forward zone. Indeed, the TRZ in the Fogal semiconductor also materially 
enhances the electron pinning process beyond what can usually be 
obtained with cryogenics. At least some indication of trapping and perhaps 
pinning has been reported in amorphous semiconductors at room 
temperature {322a-b}. 


The Fogal device is able to remove EM noise (electron noise) from 
existing EM signals, displays, etc. by 96% or more, by pinning the 
electrons and simultaneously time-reversing the spatial EM signal back to 
its original noise-free state prior to hosts of interaction electron collisions. 
This "noise removal" capability has been rigorously tested by independent 
parties, including at a leading university in the Netherlands, *° and by 
several large electronics companies and several other universities. By 
pinning the electrons (and electron currents) while still processing and 
propagating the EM energy effects, the Fogal device can move noiseless 
EM energy without loss at room temperatures, at superluminal velocities, 
and reconnect the lossless propagated energy to electrons past the pinning 
region at areceiving region, releasing the electrons in the receiving region. 
The Fogal semiconductor therefore already accomplishes room 
temperature superconductivity as well as tunneling. 


The Fogal device's basic mechanism (consisting of all the submechanisms) 
is to restore and move EM energy in force-free form, using direct 
regauging of the vacuum instantaneous scalar potential itself (or the 


‘85 The university researchers verified room temperature superconductivity being 
produced by the Fogal semiconductor in their independent verification 
measurements. They also measured that some 96% ofthe noise already present in a 
circuit was removed by Fogal's semiconductors in Fogal's circuits. 
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vacuum potentials themselves). It operates directly upon the longitudinal 
EM waves comprising the vacuum potential. Hence it directly engineers 
the active vacuum and curved spacetime. Le., it is the first supersystem 
engineering device of (hopefully) many more to come. 


In the "jitter" environment of the space in which the individual electron is 
embedded, there exist many (and essentially all) field gauges, 
simultaneously. One of these, of course, is the Coulomb gauge where there 
exists an instantaneous scalar potential. Usually the instantaneous scalar 
potential is considered only a near-field effect, with no contribution at any 
significant distance. However, as Jackson points out {323}, transverse 
radiation fields are given by the vector potential alone. Also, in the 
Coulomb gauge the scalar potential "propagates" instantaneously 
everywhere in space {324}. 


Along with other electrodynamicists, Jackson avoids the obvious 
superluminal communications implications ofthe instantaneous scalar 
potential by stating that "..it is the fields, not the potentials, that concern 
us. " As he points out, a detailed (though conventional) discussion of 
causality is given by Brill and Goodman {325}. Again as pointed out by 
Jackson, in the Coulomb gauge the quantization of the photon involves 
only the vector potential. The use ofthe scalar potential in the Coulomb 
gauge, together with deliberate engineering ofthe internal longitudinal 
Whittaker wave structure ofthat potential, directly allows distant 
engineering via multiply connected spacetime, even inside the nuclei of 
distant objects. This is infact a unique and marvelous engineering 
application and extension of Bohm 's quantum potential concept. 


My "pinning" the electrons, apparently Fogal is able to essentially "hold" 
the vector potential and all the force fields while the instantaneous scalar 
potential persists and now extends over all space, notjust to the near field 
since allformerly moving field dynamics that would limit it have been 
frozen. Ifthis effect is substantiated, I have nominated it as the "Fogal 
effect". Further, this unrestricted instantaneous scalar potential now 

i lunges in field-free form (pure regauging form) over all space according 
to the signal energy being perpetuated and propagated’*° by the Fogal 
semiconductor independently of its pinned electrons. In this fashion, the 
Fogal semiconductor is indeed capable of "instantaneous" communication 


'86 Here we again point out that the usual notion of a signal as energy propagating in 
3-space is wrong. It propagates in 4-space, but not in 3-space. Also, what 
propagates is the spreading point-like polarization of the vacuum itself. 
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over essentially unlimited distances. At least one independent test has 
verified the Fogal instantaneous communication effect, but the test is still 
held proprietary by the testing agency. 


Since Fogal is able to alter and control the internal longitudinal EM wave 
Whittaker structuring of the scalar potential used in this Coulomb gauge 
manner, he is able to accomplish superluminal (and even instantaneous) 
communication, so long as a Fogal semiconductor is available in both the 
transmitter and the distant receiver. In the transmitter, the Fogal 
component is necessary to infold the information into the internal LW 
structure of the scalar potential to be used in the Coulomb gauge, thus 
transforming the input signal information into output longitudinal EM 
wave information directly in spacetime itself. The Fogal component in the 
receiver is necessary in order to detect, transduce, and outfold the infolded 
longitudinal EM wave information inside the instantaneous scalar 
potential. We have stressed that these internal longitudinal EM waves and 
their dynamics are spacetime curvatures and their dynamics. Hence their 
transmission and detection is a viable process for superluminal 
communication, including instantaneous communication." 


Further, once the electrons are pinned, all "signal fields in charged matter" 
(i.e., all EM force fields) are frozen and localized. This, we believe, 
involves a new physical effect introduced by Fogal that is analogous to the 
Aharonov-Bohm effect.'** So I have called it the "Fogal effect". That is, 


'87 We believe that physics books will have to be substantially rewritten, once the 
internal longitudinal structuring ofthe scalar potential (and of EM fields and waves) 
is employed directly in open technology. We further believe that the Fogal 
semiconductors are the first pre-developments in that coming vast new technology, 
at least in the open Western scientific world. 


'38 There have long been, and still are, efforts to "fit" the Aharonov-Bohm effect into 
slightly modified classical electrodynamics after all. E.g., see C. J. Carpenter, 
"Electromagnetic energy changes due to charges moving through constant, or zero, 
magnetic field," JEE Proc. A, 138(1), Jan. 1991, p. 55-70; — "Electromagnetic 
energy and power in terms of charges and potentials instead of fields," IEE Proc. A, 
136(3), 1989, p. 101-113; G. M. Graham and D. G. Lahoz, "Observation of static 
electromagnetic angular momentum in vacuo," Nature, Vol. 285, 1980, p. 154-155; 
T. H. Boyer, "Semiclassical explanation of the Matteucci-Pozzi and Aharonov-Bohm 
phase shifts," Found. Phys. 32(1), Jan. 2002, p. 41-49; — "The Aharonov-Bohm 
effect as a classical electromagnetic-lag effect: An electrostatic analogue and 
possible experimental test," Nuovo Cimento, Vol. 100B, 1987, p. 685-701; — 
Classical electromagnetic deflections and lag effects associated with quantum 
interference pattern shifts: considerations related to the Aharonov-Bohm effect," 
Phys. Rev. D, Vol. 8, 1973, p. 1679-1693; — "Does the Aharonov-Bohm effect 
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the force-fields are frozen and localized by the pinning, but the field-free 
potentials then remain, including the instantaneous scalar potential @ and 
probably the curl-free magnetic vector potential A as well. The result is 
that the instantaneous scalar potential can be directly regauged everywhere 
at once by the changes of magnitude ofthe "frozen fields", rather as if they 
were "Static voltage", possibly simultaneously regauging the field-free A- 
potential — all as part of a new kind of Lorentz symmetrical regauging. 
After all, a single Lorentz symmetrical regauging {326} changes both the 
potentials A and . Changes in symmetrical regauging produce stress 
waves, which are longitudinal EM waves. Continual changes of 
symmetrical regauging also continually changes both the potentials A and 
, including over all space when operating in the Coulomb gauge. This is 
one explanation of the beautiful effect that Fogal has discovered and is 
utilizing. 


We accent that, with pinned electrons frozen in place, the normal @ and A 
in matter (defined in terms of interaction with charge and the movement of 
charge) cannot occur. With time reversal zone utilized, electron pinning is 
greatly eased and the instantaneous scalar potential @ now assumes the 
primary active propagating role in surrounding space. Neither nor A is 
free to develop the normal 6/ét and VxA spatially propagating dynamics 
ofthe force fields (effect fields) observed in matter. In the Fogal process, 
the instantaneous scalar potential "signal" (the causal signal in 4-space) is 
generated in the transistor when it pins the electrons and freezes the force 
fields into "equal and opposite" form. Since no net force field can develop, 
the instantaneous scalar potential is a stress potential in spacetime itself 
and simply changes its magnitude instantly, at each and every point in 
space that it occupies, when the Fogal chip's input EM fields change in its 
signal input. 


In the output, the net force fields remain zero and frozen, even though the 
individual force fields change constrained to "equal and opposite” manner. 
If one wishes, one may take this part of the Fogal output — the field free 
changes in the stress energy density of the vacuum — as one expression of 
modululating the instantaneous scalarpotential's energy density inperfect 
correspondence to the field changes in the normal EM input to the Fogal 
transistor. 


exist?". Found. Phys., Vol. 30, 2000, p. 893-905; — "Classical electromagnetism 
and the Aharonov-Bohm phase shift," ibid., p. 907-932. 
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The instantaneous Fogal changes in magnitude (e.g., instantaneously 
induced upon a distant collecting charge) are no longer limited to near 
field effects, or to the speed of light — and communication is not bound to 
the retarded wave. Now the induced changes ofthe instantaneous scalar 
potential exhibit far field effects and these changes — being naught but 
these special Lorentz condition magnitude regaugings — are 
instantaneous. This ofcourse is a form of action at a distance. We stress 
that the best astronomical evidence also points to a startlingly superluminal 
speed of gravitation (curvature of spacetime, which after all is just a 
longitudinal EM wave or set of them) itself, as pointed out by Van 
Flandern.'”” If so, since any change of energy in spacetime is a curvature 
of spacetime, and one form of spacetime curvature can move at 
superluminal velocity, so can other forms of spacetime curvatures. In our 
favorite expression, it only takes one white crow to prove that not all 
crows are black. 


As is well known, the de Broglie waves of matter always move faster than 
light, as do appropriate quantum tunneling processes. Further, the quantum 
potential used by Bohm in his beautiful hidden variable theory of quantum 
mechanics {347} also appears instantly throughout space, wherever it will 
be, and with the value it will have. The question of whether a quantum 
potential can be used to communicate has been posed but not definitively 
answered in the previous literature. We propose a resounding "Yes!" if one 
uses the internal structure of the quantum potential for one's 
communication, applying some component such as the Fogal 
semiconductor to do the infolding and outfolding. 


We also propose that a process for forming and using an instantaneous 
scalar potential in the Coulomb gauge can be interpreted as the formation 
and use of a quantum potential or its direct equivalent. If that assumption 
is true, then the Fogal semiconductor seems to be the first component ever 
openly built and patented which produces and uses Bohm's quantum 
potential, including its infolded Whittaker structuring and dynamics. It 
also definitively answers in the affirmative the question of whether the 
quantum potential and the scalar potential in the Coulomb gauge can be 
used in superluminal communications. 


®° Tom Van Flandern, "The speed of gravity - What the experiments say," Phys. 
Lett. A, vol. 250, Dec. 21, 1998, p. 1-11. Van Flandern gives an extremely important, 
clear, and succinct summary showing that experiments refute the standard far field 
assumption of light speed in gravitational effects. Laboratory, solar system, and 
astrophysical experiments for the "speed of gravity" yield a lower limit of 2x10'°c. 
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Thus Fogal has apparently found a way to directly modulate intelligent 
change of magnitudes into and upon the internal longitudinal EM wave 
structure of the instantaneous scalar potential (and upon the quantum 
potential), as well as iterative "pure net-field-free" regauging of the 
instantaneous scalar potential {327}. It seems to have previously escaped 
notice that varying the Lorentz symmetrical regauging ofa circuit or 
system easily produces pure longitudinal EM waves. This strongly implies 
that Fogal has surmounted and removed the barrier to practical 
superluminal communication and even further has reduced the barrier to 
practical instant communication. 


Several tests — in one of which the present author participated — have 
indeed shown Fogal transmission of signals, including video signals, 
between two widely separated points with less delay than light-speed 
signals exhibit, and also with video bandwidth infolded inside a DC signal. 
In at least one series of tests in a large company's own laboratory and by 
its Own engineers, communications from a ground-based Fogal chip 
transmitter apparatus occurred between the ground station, through the 
uplink into the satellite, back through the downlink to earth, into a ground- 
based transmission system with repeater stations, and into the receiving 
Fogal transistor unit in the lab. The transmissions occurred with no 
discernible time delay, something previously deemed impossible in all the 
textbooks. This was particularly significant since even the conventional 
time-delays in the repeater station amplifiers and the satellite receiver- 
transmitters were apparently eliminated. This further accents that the 
infolded "longitudinal EM waves superhighway" inside all EM fields, 
potentials, and waves — including inside matter such as the ocean and the 
earth itself— is a multiply connected space phenomenon. It is the most 
ideal communication medium, enabling deep space communication 
without delay, etc. 


The implications for nondelayed future remote control of robot spacecraft 
and robots landing on the surface of planets and asteroids are obvious, as 
are the implications for direct exploration and measurement of conditions 
inside the interiors ofthe planets, the sun, the moon, and the earth via 
internal scalar interferometry. We accent that Fogal has done private 
experiments exploring this vast new physical reality revealed by the 
"internal longitudinal EM wave dynamics" and its interferometry, and it is 
mind-expanding (some would say mind-boggling!). It is also a great new 
step in physics and in our very notion of physical reality itself. 


Thevacuum itself, being highly energetic, is indeed a scalar potential. 
Further, it has any and all gauges. Since potentials superpose, we postulate 
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that Fogal's use of the instantaneous scalar potential is directly superposed 
on the corresponding instantaneous Coulomb gauge scalar potentials of the 
entire vacuum. His discovery of how to modulate the instantaneous > 
magnitude without allowing modulated EM field propagation, constitutes a 
very special case of tunneling right through "space" itself, using one aspect 
or "component" of space. 


In short, to be a little dramatic one might even apply the term subspace 
communication to this long distance tunneling effect. That interpretation 
would also seem consistent with the deterministic variation of the internal 
stress energy density structuring of the vacuum that is produced in the 
Fogal process. 


From another viewpoint, Fogal has succeeded in not only finding the 
missing chaos of quantum mechanics, but in deterministically engineering 
and using it. 


This is also consistent with Whittaker's decomposition of the scalar 
potential into bidirectional longitudinal EM waves {328} and his 
connection between time-polarized EM waves and longitudinally polarized 
EM waves as reinterpreted (12) to be consistent with quantum field theory 
{19}. We point out that a single point in time is simultaneously 
"connected" to every point in the universe. By using a transmission system 
that back-pedals from 3-space into the time domain, an instantaneous 
connection to any other spatial point in the universe is therefore available, 
if one's technology can take advantage of it. Fogal's technology does. 


It is also consistent with quantum tunneling experiments that have 
demonstrated the transmission of intelligent signals (such as Mozart's 40th 
symphony) at superluminal speed between two points in a waveguide 
{329a-b}. Regardless of how one chooses to model intelligent 
superluminal communication, it has been experimentally demonstrated — 
multiple times and by multiple experimenters in multiple laboratories — 
that such can occur. 


The difference in those superluminal experiments and the performance of 
the Fogal chip is that the chip uses iterative regauging of the magnitude of 
the instantaneous scalar potential, as well as deterministic alteration of the 
scalar potential's internal longitudinal EM wave substructuring, and 
probably also modulates the internal structuring of a quantum potential. 
The presently proposed quantum tunneling mechanisms apparently do not 
do this, at least as they are presently modeled. Further, the quantum 
tunneling mechanism is difficult to apply; the Fogal mechanism is fairly 
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simple and straightforward to apply, given the Fogal semiconductor at both 
the transmitting and receiving ends of the communication system. 


Pure longitudinal EM waves readily penetrate matter to great distances, 
since matter is mostly empty space between widely separated mass 
particles. On the microscopic scale, matter is comparable to something like 
the solar system, except that intense fields and potentials (bundles of 
longitudinal EM waves and their dynamics) occupy the space between the 
particles. All this vast empty space inside matter, being a potential and 
comprised of longitudinal EM waves, is a giant "superhighway" for the 
passage of longitudinal EM waves and their dynamics, as indeed is matter 
itself which is mostly such empty space. Further, even the masses 
themselves are such, since mass is simply highly compressed spatial 
energy density, and therefore is highly compressed longitudinal EM wave 
energy and dynamics. It is just a "denser" superhighway. 


Hence a longitudinal EM wave system can readily be developed to "see 
through matter" using Fogal semiconductors in transmitter and receiver. 
Fogal in fact has made at least one proprietary prototype demonstration 
unit that demonstrates this startling capability. The vision is very clear, due 
to the remarkable absence of noise in the Fogal process. It is also 
shockingly unique, and it changes our very notion of physical reality. We 
are not at liberty to further discuss this new "sub-submicroscopic" reality 
revealed in such experiments. We simply interpret it as jumping the 
presently assumed restrictions of observation, and allowing the direct or 
correlated observation of the virtual state entities. 


As alluded to, the previously modulated "Fogal type signals" emitted by all 
matter and other physical entities can also be displayed on a screen using 
the Fogal process, revealing a hitherto unsuspected physical reality and 
EM signals environment. In this prototype system, Fogal showed a 
remarkable and startling new extension of our very perception of physical 
reality itself. This is another reason why we expect that physics books will 
have to be rewritten, once the Fogal semiconductors are on the market and 
available in practical equipment. As every physicist knows, any dramatic 
increase in our ability to sense finer levels of physical reality inevitably 
leads to new and startling advances in physics itself and changes our very 
knowledge of the nature of physical reality. 


The ability to bypass and "park" force fields by pinning their source 
electrons in a time-reversal zone, while continuing the flow of noise-free 
EMenergy at will and at infinite velocity, obviously enables COP>1.0 
systems. A pure longitudinal EM wave already has infinite energy, for 
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such a wave appears across the entire universe simultaneously, instantly 
changing the stress energy density of the entire vacuum in which the 
longitudinal EM wave is present. '“? The back emf and back mmf fields in 
an EM system or electrical power system can be frozen and held from 
restoring the Lorentz condition in the circuit, using the Fogal 
semiconductor {330}. We presently have an agreement with Fogal for the 
licensed use of his semiconductors in all such energy unit applications. 


A quantum potential is modeled in a multiply connected spacetime, so that 
a given joule of input energy to one multiply connected point 
simultaneously appears in every other multiply connected point.'*! Since 
the Fogal semiconductor apparently can operate in quantum potential or 
Coulomb gauge fashion, it can act as a direct energy amplifier, with 
respect to the lab observer in a singly connected space. In short, the Fogal 
process dramatically extends the concept of "conservation of energy" to 
include conservation in multiply connected space and therefore 
incorporates observed energy amplification in singly connected space. 
Again, a broken symmetry (in singly connected space) reveals a higher 
symmetry (in multiply connected space), and the hierarchy principle is 
alive and well. In short, with the Fogal semiconductor used in power 
systems, the law of conservation of energy must be extended to include 
energy symmetry in multiply connected space but asymmetry in singly 
connected space. Obviously, such functioning totally transcends the 
limitations of the present thermodynamics models. 


We carefully point out that this is not "energy creation" but simply the 
energy following the known kind of statistics in physics that allows a thing 
to be in multiple different places simultaneously. What is actually 
"instantly transmitted" is the simultaneous regauging ofthe energy density 
of the vacuum. At any point in space, the vacuum has an energy density 
and thus is a scalar potential with a given magnitude. Changing the energy 
density is simply regauging, which is freely permitted under the gauge 
freedom axiom of quantum field theory. So instant amplification of 


‘” This should not be too surprising, since the bare charge and the bare mass of 
every electron each has infinite energy, as is well known in particle physics. For 
confirmation in very straightforward language, see Nobelist Steven Weinberg, 
Dreams ofa Final Theory, Vintage Books, Random House, 1993, p. 109-110. 


‘' Tf we wish, we can even take time itself as a special kind of quantum potential, 
since time also displays such a "multiplicity of connection" in 3-space. In one sense, 
time is the ultimate quantum potential, since a single point in time is "connected" to 
every single 3-spacepoint in the universe, simultaneously. 
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energy” over a region of points is simply the instant regauging of the 
potential already present at each point in the region. It is a permissible 
multiply connected space violation of the present more limited "special 
case" energy conservation concept, which implicitly assumes a singly 
connected space. We have been working with Fogal for some time in this 
area, and we expect to rapidly develop and introduce commercial EM 
power systems based on the Fogal semiconductor's abilities in multiply 
connected space, as soon as it is in production and available. Until then, 
the details of our work in that area must remain highly proprietary. 


5.8.4 Point-Contact Transistor. 

Figure 5-8 diagrammatically shows a point-contact transistor with n-type 
base in a typical circuit for power gain. The point ofthe contact is under 
pressure on the material with which it is in contact. 
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Figure 5-8 Point contact transistor with n-type base. 


The point-contact transistor often behaved in true negative resistor fashion, 
outputting more energy than was input to it. Its production was always far 
more of an art than a science. 


As can be seen from our quotation at the beginning of this chapter, the 
original point-contact transistor was never thoroughly understood 
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technically.'** Specifically, there does not appear to have ever been any 
deliberate attempt to capitalize on the ability of the transistor to become a 
true negative resistor under certain manufacturing techniques and under 
certain conditions. '** Instead, the variations and difficulties in manufacture 
resulted in use of the point-contact transistor being essentially bypassed 
rather quickly, by advancing to other transistor types more easily 
manufactured and with less manufacturing variances. In reducing the 
manufacture of other types oftransistors to a science rather than an art, the 
point-contact transistor and its further development and optimization into 
reliable true negative resistors were abandoned. 


We present this transistor as a straightforward and relatively inexpensive 
area in which young researchers in COP>1.0 systems and phenomenology 
may wish to begin, assuming they have access to semiconductor facilities 
in a university or similar or are willing to work meticulously under a 
jeweler's loupe. A rich combination of effects in the transistor awaits 
optimization and control. We predict that we shall yet see, on the world 
market of the future, such point contact transistors reliably exhibiting 


'® E.g., different theories are given in: (a) W. Shockley, "Theories of high values of 
alpha for collector contacts on germanium," Phys. Rev., Vol. 78, 1950, p. 294; (b) 
W. R. Sittner, "Current multiplication in the Type A transistor," Proc. I.R.E., Vol. 
40, Apr. 1952, p. 448-454. Also of interest is (c) W. van Roosbroeck, "Theory of the 
flow of electrons and holes in germanium and other semiconductors," Bell System 
Tech. J., Vol. 29, Oct. 1950, p. 560-607. See also (d) J. Bardeen and W. H. Brattain, 
"The transistor, a semiconductor triode," Phys. Rev., Vol. 74, 1948, p. 230. For a 
more modern re-examination, see Shuji Hasegawa et at, "Electronic transport at 
semiconductor surfaces — from point-contact transistor to multi-tip STM," Oyo 
Buturi, 70(10), 2001, p. 1165-1171 (in Japanese). 


‘3 E.g., the point contact is usually under pressure, and this pressure of course can 
be varied. The full phenomenology of points (which increase voltage) and pressure, 
complicated by surface effects as well, has not been worked out in physics. Note the 
similarity of the pressure in the point contact transistor to the pressure in the Chung 
negative resistor. Note the almost certain involvement of the "overpotential" of 
chemistry and electrode chemistry, as well as the "double surface" effect of the 
small gap between the point and the substrate on which it rests in contact. Part of 
the gap probably even involves the Casimir effect as well. Any electrical signal 
variation in that very complex point junction will vary the overpotential, the stress 
potential, the "point increase in voltage" effect, etc. As can be seen, the 
phenomenology of the point contact is remarkably complex and rich in several areas 
of physics and in a great variety of physics variables. Obviously, the reasonable 
control of all these highly nonlinear variables — and their mutual interactions — is a 
difficult matter. Hence the readiness with which point contact transistors were 
dropped with substantial sighs of relief. 
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negative resistance. It will be necessary, however, to also take into account 
the symmetrical self-regauging characteristics of the common closed- 
current-loop circuit. By adroit switching of a true negative resistor in and 
out of a closed-current-loop branch, or placing it in parallel with the back 
emf of that branch to reduce it, asymmetry can be introduced into the 
overall closed current loop circuit, defeating the Lorentz symmetrical 
regauging. Defeating the Lorentz condition is essential to COP>1.0, of 
course. 


We envision such a development as an ideal "negative resistance shunt" to 
add across the secondary ofa transformer, and another possibly across its 
primary and across the external power supply as well, in producing more 
amenable and easily fabricated COP>1.0 electrical systems. We also point 
out that, once the back emf or back mmf forcing of equal power 
dissipation in the primary of a transformer or in the emf section ofa circuit 
is dramatically reduced or eliminated, one does not require "large 
intensity" potentials and voltages to collect a great deal of power in the 
intercepting and receiving external circuit. Again, by simple W = Vq, as 
much energy W can be collected from any nonzero potential V as there are 
charges q to intercept. 


We also envision such a true negative resistor being close-looped by the 

Bedini process, thus producing a small "self-powering" transistor, which in 
effect becomes a small self-powering "battery". This is absolutely a doable 
process, and it will be done once the Fogal semiconductor is in production. 


Almost all semiconductor materials are also optically active materials, and 
a point discharge into such materials represents a very sharp regauging 
(higher voltage) discharge at a point or into a very small area, due to the 
increase in potential at the tip where it contacts the base material. The 
point junction is under pressure, so a stress potential exists there. In 
addition, the well-known "point" effect also increases the potential in the 
junction pointer itself, from its base to the point. The point contact 
phenomenology of different materials — one conductive and one 
semiconductive — is of much interest, and with novel phenomenology. 


The fact that the point-contact transistor in its most usual formulation 
primarily uses holes more than electrons, is also of much interest in 
COP>1.0 situations. Holes in a circuit move against the voltage. The trick 
is to let the Dirac holes before observation move in an open path from the 
ground return line against the back emf to the potentialization line, and 
transduce the moving hole current (via the Bedini process) into electron 
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current after the holes have already freely reached the vicinity of the high 
side of the circuit. 


When Dirac sea holes (causal positrons before observation and thus prior 
to their alteration to lattice holes and parity reversal) and Dirac sea hole 
current are also involved with point-contact transistors, the resulting 
phenomenology has been but little investigated and none of it is in the 
present textbooks. However, from recent work with positron probes and 
positron microscopes to examine semiconductors and semiconductor 
materials, it is known that the holes (positrons) tend to be repelled from 
nuclei in the material into defects (voids) in it {331}. These effects have 
been investigated, for example by Triftshauser et al. {332}. 


Both the mechanical stress potential (which is fundamentally 
electromagnetic) and the heightened junction potential decompose via our 
reinterpretation of Whittaker's 1903 decomposition of the scalar potential. 
This leads to optical-type pumping in both the time domain as well as the 
3-space domain. Hence novel optical-type effects and time-reversal of 
material states can be involved, leading to a very complex set of phase 
conjugate phenomena, time-reversal phenomena, etc. 


Certain Hall effects employed in conjunction with a point contact 
transistor could be a fruitful area of investigation. As an example, narrow 
Hall bars with junctions between current and voltage leads of various 
geometries could be investigated. Widening the junction from the normal 
square-cormered shape can sometimes produce a negative Hall resistance. 


The junction of the point contact involves asymmetrical self-regauging, 
iterative time-reversal retroreflection, increased Poynting and Heaviside 
energy flow components, optical scattering processes inside the junction 
materials, etc. The transistor can indeed be manufactured so that these 
highly nonlinear effects sum to a negative-resistor-like movement of the 
output current against the voltage, although with so many other 
phenomena involved it will require some hard work and research in order 
to develop and stabilize it — and understand it. 


5.8.5 Bedini's Negative Resistor Process in a Battery {333}. 


5.8.5.1 Some Pertinent Lead-Acid Battery Processes 

A lead-acid storage battery is a highly nonlinear device. The plates may be 
plante, pasted, or tubular etc. They are usually highly porous and have a 
thin oxide layer. They may have other coatings and the electrolyte solution 
may include additives to enhance operation. The plates consist of a mix of 
crystalline materials in most cases. The plate materials include acicular 
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(needle-like) crystals, particularly the negative plate. The plates usually are 
porous, knit, and have gridded separators. 


The chemistry ofthe battery electrolyte is complex and — even today — 
not all of it is well understood, particularly when mass transport is 
accounted. In our discussions, we will be including some of the previously 
neglected phenomena during mass transport (ion sluggishness in moving) 
that are responsible for some of that lack of understanding. In the battery 
chemistry, there are many double surfaces between the ions and also there 
is a variety of point voltages. There is a separate theory for double 
surfaces. 


One of the most important phenomena is that the ion currents in the 
electrolyte are confined to the battery, and do not pass out into the external 
circuit. Much ofthe electron currents in the external circuit are blocked at 
the plates from moving within the electrolyte. Consequently, we will limit 
our discussion to two major currents of interest!“ in a battery-powered 
system, and these currents are effectively isolated from each other (at least 
to first order). Those currents are (i) the ion currents in the electrolyte, 
confined to between the plates and therefore internal to the battery 
electrolyte, and (ii) the electron currents between the outside of each plate 
through the inside of the plate and on out through the external circuit and 
then around to the inside and thence to the outside ofthe other plate. 
Chemical changes occur on the plates themselves as a result of these two 
currents. 


It is usually assumed in power systems that these two currents are in phase 
or almost entirely so. That need not be true at all, and Bedini takes specific 
advantage of deliberately arranging these two currents to be antiphased 
part of the time. Part of the Bedini effect can be understood from this fact 
alone; the other part must consider one other most unusual electrical 
current that is encountered only in battery-powered systems or COP» 1.0 
systems. 


So indeed there are several (many) currents in a lead acid battery [334], 
not just one, and we will consider three of them — the two previously 
mentioned, and an additional Dirac sea hole current in the local vacuum 
itself. The reader interested in greater technical depth should also turn to 


' Of course, there are many other currents in a battery as well, but — although an 
oversimplification — these two major currents together with the Dirac sea hole 
current will suffice for our introductory modeling and explanation purposes. 
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the literature of electrode chemistry and electrochemistry {335a-f}, which 
is quite complex. 


5.8.5.2 Dirac Sea Hole Current 

In a battery-powered COP» 1.0 system (and in some COP>1.0 systems), 
there is a previously unrecognized significant flow of Dirac hole current in 
the local vacuum, running from the output section of the system to the 
system input section and thence through the conductors into the battery 
terminals and onto the battery plates, and on into the battery electrolyte 
chemistry. This hole current may be greater — evenfar greater — than the 
normal electron current running from input to output. 


So in the battery-powered overunity system with positive feedback, not 
only does an electron current run from the battery through the connecting 
conductors to the input section ofthe system, but also a Dirac hole current 
pours back out of the system input section, and — if not intercepted and 
transduced — through the conductors and back into the battery. All the 
while, this Dirac hole current is "eating" electrons being furnished by the 
battery to the system. The net result is that the battery "sees" an extra load 
to be powered, in addition to the ordinary load presented to it by the 
normal system input section. It "sees" the situation as an "extra load" 
because it first has to furnish sufficient electron current to fill the hole 
current and "kill" it, before it can furnish the additional electrons to power 
the system in normal fashion.’ 


' An odd effect occurs in the battery, however, when the battery completely 
discharges in the normal sense. Actually, it is still fully charged with positive energy 
charge, but also has been simultaneously charged with negative energy charge. With 
the excess negative energy holes continuing to charge the battery with negative 
energy charge, the battery becomes increasingly charged with net negative energy. 
There is almost no limit to the negative energy charge the battery (i.e., the local 
Dirac vacuum portion of its supersystem) can take, except the eventual development 
of antigravity effects due to the inverse and increasing curvature of local spacetime 
in which the battery is embedded. After a battery has been used to power a 
COP»1.0 system for some time, one can take the battery off, place it on a normal 
battery charger, and it will then "eat" positive power for an extended period of time 
— e.g., a week or longer. During this period, one is steadily negating the inverse 
curvature of the local vacuum via the increased positive energy collecting in that 
spacetime. The battery again finally passes through zero voltage and net charge 
again, and suddenly starts charging up again in a "normal" sense with positive 
energy charge. This process actually increases the lifetime and function ofa battery 
in a startling manner. Bedini has used batteries almost devoid of charge and energy 
in the normal sense, and powered systems very well with them, even for longer than 
a year continuously. 
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A COP»1.0 EM system is an excited system far from equilibrium in its 
exchange with its active environment. For all such excited systems, there 
exist significant decay mechanisms to bring the system back into 
equilibrium with its environment, since equilibrium yields the lowest 
energy state and maximum entropy. The Dirac sea hole current (negative 
energy current) is nature's unexpected natural decay mechanism to sharply 
decay a COP»1.0 system back to an overall COP<1.0 system when the 
external power supply is considered also.'“° 


So when Dirac hole current back through the local vacuum and through the 
system is involved, the battery first has to furnish electron current to fill 
these holes at the rate they are appearing in the input section, thereby 
furnishing a primary "hole-filling” electron current component which 
"disappears" into the Dirac vacuum and is lost.'*’ Only after the holes in 
the hole current are filled — and the hole current is being steadily nullified 


‘46 Tt decays the true negative resistor power system back into being only a 
dijjerential negative resistor section of a slightly extended metasystem including the 
power system and its external power supply. This novel decay mechanism also 
prohibits close-looping the now differential negative resistance power system for 
self-powering, unless the hole current is first converted into electron current, as 
discussed in Chapter 9 and in paragraph 4.9.6 below. 


‘7 The filling of these Dirac sea holes is not pair annihilation in the usual sense, and 
no radiation is emitted. Instead, the energy of the radiation that would otherwise be 
emitted is added to the negative energy curving the spacetime. Hence the net 
curvature of spacetime relaxes because of superposition. In effect, the 
vacuum/spacetime itself reabsorbs the energy as relaxation spatial energy added to 
the curvature energy ofthe curved spacetime, reducing that curvature. Particularly 
see Mendel Sachs, Quantum Mechanics from General Relativity: An Approximation 
for a Theory ofInertia, Reidel (now Kluwer), 1986. A generalization of quantum 
mechanics is demonstrated in the context of general relativity, following from a 
generally covariant field theory of inertia. Nonrelativistically, the formalism 
corresponds with linear quantum mechanics. In the limit of special relativity, 
nonlinearity remains and several new features are derived: (i) Particle-antiparticle 
pairs do not annihilate; an exact bound state solution is derived corresponding with 
all experimental facts about annihilation/creation — which, in approximation, gives 
the blackbody radiation spectrum for a sea of such pairs, (ii) A result is proven, 
without approximation, that is physically equivalent to the Pauli exclusion principle- 

which in linear approximation gives the totally antisymmetrised main-body wave 
function and Fermi-Dirac statistics, (iii) The hydrogen spectrum is derived, 
including the Lamb shifts, in agreement with experiment; new results are found for 
high-energy electron-proton scattering, (iv) Finally, several applications to the 
elementary particle domain are demonstrated, in agreement with results from 
experimental high-energy physics. 
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— can the battery then send additional electrons which do not disappear 
and which are accepted in the system input section to power the system. 
We discuss this Dirac hole current in some detail in Chapter 9, including 
how to convert it into useful input electron current to the system, reducing 
the current load on the external generator and enabling self-powering. 
Bedini invented the method of transducing available negative energy hole 
current in the vacuum into electron positive energy flow to charge the 
battery and power the system, preventing decay of the COP»1.0 system 
back to COP<1.0. 


We shall not discuss the complexity ofthe additional chemical reactions 
ongoing in the battery electrolyte and on the plates. The two main mass- 
containing currents and the negative energy Dirac hole current will suffice 
to explain the Bedini negative resistor formation and usage, at least to first 
order and sufficient to stabilize systems. 


5.8.5.3 Changing Symmetrical to Asymmetrical Regauging 

To first order, we reiterate that the electrons flow from one plate of the 
battery through the external circuit to the other plate, but the lead ions do 
not. There is thus a sharp "two separate currents" interface at the plates and 
thus a sharp separation between the electron current and the ion current. In 
short, there are actually two half-circuits in the battery-powered system if 
one chooses to use them semi-independently. 


The current carriers in the two half-circuits are quite different. Therein lies 
the opportunity to separate and antiphase the two currents, using one to 
recharge the battery while the other is used to power the loads. It also 
allows a good opportunity to asymmetrically regauge both half circuits, 
greatly and freely increasing the Poynting energy component intercepted, 
collected, and used by each half-circuit's carriers. This is the basis for a 
profound "opening" ofthe system and influx of excess vacuum energy. 


The two half circuits meeting at a common interface allow a stress 
potential upon that interface to individually use the two halves of what is 
normally Lorentz's symmetrical regauging. That usually symmetrical 
regauging (if the complete circuit were unitary) is now comprised of two 
separated asymmetrical regaugings, one for each of the two circuit halves, 
because the net stress potential (net Lorentz symmetrical regauging) — 
consisting of two opposing fields and forces — is split into two now- 
individually-separated and separately utilized force fields. 


We accent this process by an analogy. Suppose we suddenly place a scalar 
potential @ upon a point in the middle ofa transmission line. Immediately 
the potential races off (spreads) in both directions simultaneously, at 
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nearly light speed. Further, in each direction there is a moving gradient of 
, hence an E-field by E=— V0. These E-fields or "emfs" are oriented in 
opposite directions, so there is a movement of charge from the middle of 
the line toward each ofthe ends. The same "dephasing" current effect can 
be applied to any conductive medium or to the interface between two 
conductive circuits. 


In Bedini's negative resistor case, the placement of the potential @ — for 
its movement in both directions — is on the interface (the face of the lead 
plates) between the two half circuits and therefore between the two 
different current carrier types. An initial "Lenz's law" reacting with the 
suddenly placed E-field onto the plate surface, creates an E-field in 
opposition, forming a stress potential @ which is much higher than the 
normal potential of the battery (in a nominal case, 100 volts instead of the 
12 volts of the battery). 


Immediately this potential "takes offin both directions", with a powerful 
E-field and emf back into the outside circuit and its load, while a powerful 
E-field and emf also proceed into the battery electrolyte in the opposite 
direction. So the ions in the battery have a sudden, much higher energy 
interception and collection forced upon them, with the excess emf now 
being in battery-charging mode. The electrons in the outside circuit 
simultaneously have an excess emf and potentialization in the load- 
powering mode. Let us see how the two very different current carriers 
react to these "dual emfs" in the overall circuit. 


5.8.5.4 Mass-to-Charge Ratios ofthe Two Current-Carrier Types 

We stress the dramatic difference in the mass-to-charge (m/q) ratio of the 
two currents. The lead ions' m/q ratio is some few hundred thousand times 
the m/q ratio of electrons, as we recall. For our purposes, all we need to 
know is that the m/q ratio for the lead ions is very much larger than the 
m/q ratio for the electrons. For a given force, the ions in the internal half 
circuit in the electrolyte will therefore respond very much slower than will 
the electrons in the external circuit half. 


5.8.5.5 Hysteresis Between the Responses ofthe Two Half-Circuits 
Because of this great disparity in the m/q ratios of the two mass currents, 
there is obviously a relatively significant hysteresis (time delay) between 
the response of the more massive ion current and the response of the far 
less massive electron currents that interact at the plates to try to change the 
ion current and its momentum. This time-delay between ion response in 
the electrolyte (the effect) and electron pileup urging (the cause) can be 
adroitly manipulated. Specifically, it can be used to alter the local vacuum 
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potential and cause it to add excess energy to the ions in charging mode 
and simultaneously to add excess EMF to the electrons in circuit-powering 
mode. In short, the response delay can be manupulated to "asymmetrically 
regauge" the mass currents in the system, freely changing their potential 
energy, and dramatically increasing how much potential energy is 
available for battery recharging and how much is available for powering 
the external circuit (loads and losses). Further, during the antiphase 
condition of the two current halves, the battery can be charged 
simultaneously while the external circuit half and load is being powered. 
Excess energy is fed into both actions by the overpotential (the stress 
potential) created at the surface of the plates. 


5.8.5.6 Evoking the Initial Bedini Negative Resistor Effect 

Figure 5-9 shows the first phase of Bedini's negative resistor process. 
Consider the battery in normal load-powering operation. From the external 
circuit, a very sharp leading edge rise of a pulse of electrons and potential 
is sent to the battery plates in "back-popping" or "battery charging" mode. 
The back-popping electrons drive in nearly instantly, piling up on the 
negative plate '“* and trying to force the heavy ions to start moving in the 
battery recharging direction. The pile-up that results in the stopped 
electrons on the battery plate surface represents an increase in local current 
density, hence an increased potential. This produces the 100 volts 
potential, during the time that the ions have not yet responded to any 
appreciable degree. 


Due to much larger m/q ratio of the sluggish for a moment they lag 
due to their greater inertia, and this allows the much more agile electrons 
to "pile-up", producing a substantial overpotential as the local current 
density increases. The lagging ions are being steadily overpotentialized 
during this "lag time", up to about 100 volts in a normal 12-volt battery. At 
the same time, electrons are being forced back out ofthat higher 100-volt 
area and into the external circuit and its load, which had been at 12 volts. 
Recall now that these electrons can move longitudinally only at the drift 
velocity. Hence all electrons in the external circuit are now highly 
overpotentialized, and in load-powering mode. The overpotentialized 
electrons are thus producing excess power in the external circuit, much 
more than normal. 


‘48 We are not using conventional "positive current and positive plate” as the high 
side of the potential. We are using "electron current and the negative plate" as the 
driving potential plate. 
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Figure 5-9 Phase | ofthe Bedim negative resistor process in a storage battery. 


Then the overpotentialized ions very slowly (compared to the electrons!) 
slow, stop, and begin to move in the opposite direction. They reluctantly 
respond and move in battery recharging mode. During that ion-response 
lag time, and the slower initial portion of the response, the electrons in the 
pulse continue to furiously surge in and pile-up on the negative plate, 
overpotentializing both the ions and the external circuit's electrons, while 
also some of them are being impelled back out into the external circuit to 
power it with extra overpotentialized energy dissipation. The charge 
density at that plate sharply increases due to the pile-up where the charges 
are "squeezing" together (clustering). There is a much higher potential 
suddenly rising in the squeezed charge cluster, because of the increased 
charge density there. As we stated, this potential nominally may be about 
100 volts during this initial phase. 


We call attention to the simple equation W = VQ, where W is the potential 
energy added to charges Q exposed to voltage V. 


Simplified, the excess energy WIONS freely impressed upon the ions is 


Wions = f(100 —12)(Qions) [4-3] 


where Q is the total coulombs of charge of overpotentialized ions and 
f(100 -12) is the magnitude of the overpotentialization of the ions. 
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At the same time, an excess energy is impressed upon the electrons in the 
external circuit by the same potential extending along the conductors into 
the external circuit. Again, this excess energy WE is given by 


We = (100 -12)(Qz) 4] 


where Qg is the total coulombs of charge of the overpotentialized 
electrons and f(100 -12) is the magnitude of the overpotentialization of the 
electrons. 


But the emf on the electrons from the pile-up is directed in load-powering 
direction, as can be seen. Consequently the ion current and the electron 
current have been deliberately dephased by 180°, and so the overpotential 
energy of the ions is delivered in battery-recharging mode, while the 
overpotential energy of the electrons is delivered in circuit load powering 
mode. 


Recapitulating: Pulsed pile-up of excess electrons on the negative plate 
interface between the two currents, while the ions are beginning to respond 
or only sluggishly responding, produces a much higher potential (an 
overpotential) on the sluggish ions — nominally some 100 volts in a 12- 
volt battery. On the negative plate, momentarily there is now a much 
higher voltage (with respect to the positive plate) than normally exists in 
the 12-volt battery. This voltage overpotentializes both the reluctant 
charging ions in the battery solution between the plates, and the powering 
electrons back into the circuit in powering mode due to the reversal of the 
emf. Since there is, say, 100 volts across the battery momentarily, there is 
also 100 volts now across the external circuit momentarily. Accordingly, 
overpotential excess powering of the external circuit load is suddenly 
evoked, while at the same time overpotential recharging of the battery is 
also evoked. '”” 


In short, the ion current in the battery and the electron current into the 
external circuit have been placed 180° out of phase, achieving one major 
requirement for a COP>1.0 electrical system: violating the integrity ofthe 
closed current loop circuit. The battery is recharging at the same time that 


“ Another of Bedini's innovations is to shunt the excess voltage (say, above 14 
volts) into an external capacitor on the circuit side. In that way with his 
overpotential he can be (i) overcharging the battery, (ii) powering the load, and (iii) 
storing excess energy in that capacitor, from the altered vacuum — all 
simultaneously. 
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the external circuit is being powered, from the same free overpotential, and 
both recharging and circuit powering are driven by increased emf. 


We strongly accent that the overpotential at the plates represents a change 
in the local vacuum potential, and it identically is part of that now-altered 
local vacuum potential. The vacuum, since it contains enormous EM 
energy in virtual state, is a very powerful EM potential. Any EM potential 
in our circuits is automatically a change to the ambient vacuum potential, 
or a change to another potential that is such a change to the vacuum 
potential. In the most exact sense, this is a method of overpotentializing 
the plate interface with excess energy from the vacuum, and then letting 
that energy flow onto the ions to recharge the battery and onto the 
electrons in the external circuit to power it and its load. 


The Bedini overpotential at the battery plates decomposes via Whittaker 
1903 {85} as reinterpreted and previously explained, so that excess energy 
is entering 3-space there, from the time domain. Further, the piled-up 
electrons on the plates and the ions (as charges) in the solution receive 
such potential energy from the increased potential on them via the same 
decomposition process. So the creation of the Bedini overpotential on the 
battery plates, together with dephasing the two currents, is the creation ofa 
true negative resistor at the plates, freely receiving energy from the 
external vacuum (from the time domain and virtual state) and transducing 
it into real potential energy and emf on the internal ions and on the 
external circuit electrons. 


Hence Bedini has invented a process for creating a true negative resistor 
inside a storage battery, and for suddenly thrusting the system out of 
equilibrium with both the active local vacuum and the active local 
curvatures of spacetime. As such, the thermodynamics of open systems far 
from thermodynamic equilibrium applies, and that system is permitted to 
exhibit COP>1.0, while complying with energy conservation and the laws 
of physics and thermodynamics. With adroit use and collection of the 
excess energy, the externally collected energy can be used to close-loop 
the system and power all its functions. So the system is permitted to power 
itself and its loads, with all the energy being received from the vacuum via 
the broken symmetry created. Any overpotential is a dipolarity a priori, 
since any potential is. Hence creating an overpotential is precisely 
producing an extra broken symmetry of that dipolarity right there at the 
interface between the two half-circuits and the two dephased, localized 
currents. 
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During the "back-popping" pulse signals, one should not think of the 
energy pulses that Bedini inputs to the battery as the "powering" energy. 
Instead, one must think of each pulse as "triggering" and "timing" energy 
which initiates certain other key negentropic interactions to freely occur, 
once the electron pile-up occurs. The resulting negentropic interactions 
then add substantial additional energy (from the local active vacuum) to 
the ions in the ion current and to the electrons in the electron current. The 
freely added energy can be appreciably more than the switching or 
triggering energy that is dissipated as the "input by the operator”. 


In short, Bedini deliberately "switches" and "triggers" certain kinds of 
vacuum exchange interactions, effectively creating a true negative resistor 
in the battery itself.'"’ Due to the broken symmetry of the increased 
dipolarity (overpotential) that Bedini makes in "electron pile-ups" urging 
reluctant and delayed ion response, the vacuum furnishes extra virtual 
particle flux to this pile-up of electrons on the plate, which produces an 
enhanced Poynting energy flow that interacts with the ions in the battery 
electrolyte. Being charges, these ions thus transduce some of the excess 
absorbed virtual photon energy into real observable energy, thus increasing 
their potentialization and energy. 


Bedini's method does the following: (i) It forms a true negative resistor in 
an unexpected way, upon the plates between a pile-up of electrons and the 
ions in solution in a common lead acid battery, (ii) it uses that negative 
resistor to extract excess energy from the vacuum and furnish it both to the 
ions forced into charging mode and simultaneously to the electrons in load 
powering mode, and (iii) it adds several other stimuli (such as Lenz law 
effects) which further amplify the negative resistor and enhance the effect, 
increasing the excess energy extracted from the vacuum and collected in 
the battery-charging process and also in the circuit-powering process 
simultaneously. 


Specifically, the delay in ion response is adroitly allowed for and 
manipulated by Bedini to place the battery in ion current recharging mode 
while the signal pulse electrons between the plates and the external circuit 
are simultaneously placed in external circuit powering mode. By 
manipulating the hysteresis and adroitly timing the electron pulses and 
pulse widths, Bedini breaks the usualforced Lorentz symmetry of the 
excitation discharge in a usually closed current loop containing both the 


'S° Again we stress that any dipolarity or potential is a negative resistor, producing 
giant negentropy {12}. 
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battery's source dipole and the external load. This is possible since his 
method deliberately opens the system so that vacuum energy enters freely, 
increasing the potentialization (energy collection) ofthe ions in the battery 
solution and upon the electrons between the plates and the external circuit 
as well. 


We stress that Bedini has chosen to avoid the usual dissipation of half the 
energy collected in the external circuit to do nothing but kill the source 
dipolarity between the battery plates. He works on "that half of the circuit" 
that is usually just called the "back emf region" and ignored, and he 
separates and dephases that half of the circuit from the other half. By 
interrupting that normal "back emf battery-discharging section dynamics 
and converting it to "forward emf battery recharging section dynamics, 
while simultaneously powering the external load, Bedini temporarily 
produces and utilizes a negative resistor right there on the surface of the 
battery plates themselves. 
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Figure 5-10 Phase Il ofthe Bedini negative resistor process in a storage battery 


5.8.5.7 Further Increase of the Negative Resistor Effect by Lenz's Law 
See Figure 5-10. To further increase the Phase I effect just before it would 
end, and requiring precise timing of his switching of the pulse leading edge 
and trailing edge, Bedini then invokes a second phase by carefully 
controlling the timing for the sharp cutoffofthe "stimulus pulse” creating 
the negative resistor. This is usually invoked just as Phase I is preparing to 
end, but experimentation and adjustment for optimization to the individual 
circuit conditions may be required. 
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Invoking the Lenz law reaction by minimizing the stimulus pulse cutoff 
time, Bedini sharply increases the already-increased negative resistor 
overpotential by a Lenz's law induced voltage surge, and sharply raises it 
to as much as 400 volts nominally. The process also sustains the negative 
resistor overpotential for a longer period, while increasing it again during 
this second phase. Thus even more free energy from the altered local 
vacuum potential is delivered to the ions in charging mode inside the 
battery, while simultaneously even more energy is delivered to the external 
circuit electrons in powering mode. The overpotential period is also 
extended. In this second phase, the extra energy Wions added to the ions in 
recharging mode is given by 


Wions = £400 - 12)(Qions) [4-5] 


and the extra energy Wz added to the electrons in system powering mode 
is given by 


Ws = £(400-12)(Qz) [4-6] 

The total energy added to the system in Phase I by the negative resistor is 
Wr = Wions + We = f( 100-12)(Qe +Qrons) [4-7] 

The total energy added to the system in Phase II by the negative resistor is 
Wr = Wioxs + We = £(400-12)(Qe +Qions) [4-8] 


And so the total energy added to the system by the Bedini process is just 
the summation of equations [4-7] and [4-8]. With adroit switching, Bedini 
need only "pay" a small fraction of that freely received excess energy, in 
his own operator's input pulse energy and switching costs. 


So by invoking a novel negative resistance effect directly upon the driving 
plate ofthe battery, Bedini creates (in the first phase) and then further 
enhances (in the second phase) a "nearly free" overpotential and 
overpotential period inside the battery. This excess potential directly upon 
the electron-pileup plate acts in both directions — out into the electrolyte 
between the plates to overpotentialize the ions in charging mode, and back 
out into the external circuit in powering mode to overpotentialize the 
electrons now powering the load. During a fraction of the operating cycle, 
Bedini recharges the battery while powering the circuit simultaneously, 
and thus has invented a novel method for extracting energy from the 
vacuum and curved spacetime to enable a COP>1.0 power system. 


This is just a description of one fundamental period where Bedini applies 
his negative resistance process. 
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Several other places in the operation of the circuit lend themselves to 
additional phases of negative resistor formation and usage, and Bedini 
does use them. We do not discuss them here, since our purpose is only to 
advance the fundamental principle involved. 


5.8.6 Independent Replication of the Bedini Negative Resistor Effect 
Independent replication of the Bedini effect was accomplished early on by 
Nelson and by Cole, and also by Watson. Nelson has chosen not to further 
publicize his own work for some years, perhaps due to his employment as 
a microwave switching engineer in a large (and conservative) aerospace 
company. Cole is deceased, and Watson abruptly withdrew —forcibly, in 
our opinion — from public research and all further contact with his close 
colleagues after successfully demonstrating (in 1984) an 8-kilowatt power 
system utilizing a modification of the Bedini process. We are almost 
certain that Watson received the "offer he could not refuse", and that 
Watson-type COP>1.0 power systems are in fact already powering exotic 
underground facilities that "officially do not exist" but which we are aware 
of. We briefly discuss Watson's 8 kW generator at the end of this Chapter. 


For non-battery powered systems, as we explain in Chapter 9, any unitary 
COP»1.0 EM system may experience a Dirac sea hole current decay 
mechanism which will produce an effective extra "load" in the system's 
input section, including on out into the external power system. As a 
general rule (sometimes violated), we estimate that the effect begins to be 
of importance at COP > 10° or so. Certainly it is of great importance in the 
range of COP > 10°. To operate stably at COP » 1.0, this decay 
mechanism must be dealt with and prevented. For close-looping into self- 
powering mode, this negative energy feedback must be converted to 
positive energy feedback, thus allowing self-powering mode where all the 
input energy is freely received from the vacuum. 


For battery powered systems, the hole current and "extra load in the input 
section” becomes of significance near COP = 2.0 or even less, because of 
interaction with the complex battery chemistry and the tendency to charge 
the battery with negative energy as well. So battery powered systems 
present a special problem for close-looping to achieve sustained self- 
operation. Bedini has long solved and demonstrated solutions to that 
problem in a variety of successful experimental systems. 
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Figure 5-11 Bedini motor similar to the type which ran continuously offa battery 
for three years, simultaneously recharging the battery. 


To utilize Bedini's battery-powered system at COP > 2.0, or to close-loop 
it for sustained operation, one must add another Bedini process that 
transforms negative energy current into positive energy current. That is 
Bedini's transducing negative resistor process {336}. We describe that 
process briefly in the next paragraph below. 


Bedini has built many different motor-generator versions of systems self- 
powered by use of his negative resistor processes. Figure 5-11 shows a 
Bedini motor similar to one that once ran offa single battery for more than 
three years without stopping, using the forerunner of the Bedini back- 
popping process for creating a negative resistance in the battery. Bedini is 
still building and testing such power systems; one of his prototype motor- 
generators today, capable of operating and self-powering off a single 
battery, is shown in Figure 5-12. 


5.8.7 Bedini's Transducing Negative Resistor. 

Figure 5-13 gives a simplified block diagram of Bedini's transducing 
negative resistor process, which asymmetrically regauges negative EM 
energy into positive EM energy. With this process Bedini is able to 
intercept the Dirac sea hole current running from the output section ofa 
COP>1.0 EM system to its input section, and divert the negative energy 
Dirac hole current to "reverse charge" a capacitor. The "reverse charge" 
consists of providing a hole current to the anti-negative plate of the 
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Figure 5-12 Modern Bedini motor prototype which operates offa single battery, 
powering the load and recharging the battery also. 


capacitor, so that holes acting as positrons pile up in the local vacuum of 
that plate. This attracts the trapped electron charges in the dielectric, 
straining the dielectric in the direction ofthe hole collection. At the same 
time, the other plate draws electrons from the system that would otherwise 
be in currents that fight the back emf ofthe primary source dipole for the 
system. That reduces the back emf of the system during the charging of the 
capacitor; in effect, the back emfhas participated in charging the capacitor 
with excess electrons on the negative plate. 


Then Bedini reconnects the charged capacitor to the conductors leading to 
the power supply, discharging the capacitor by electrons furnished to the 
negative driving plate of the battery powering the system, and 
simultaneously to the input section of the system itself in normal powering 
mode. Note that the holes simultaneously discharge from the capacitor's 
anti-negative plate to the ground side ofthe battery, further charging the 
battery (the power source!) and the load as well. 
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Figure 5-13 Bedini transducing negative resistor process block diagram. Adjusting 
timing of rear edge of pulse adds additional Lenz law increase. 


Though it does not appear in the conventional textbooks,'*! one can power 
a load directly by Dirac hole current, but one does so by using the hole 
current in exactly reverse fashion from how one would use electron current 
to power the load. Semiconductor components are also critical and usually 
should be avoided. In short, one simply reverses the terminal that is 
considered the "driving terminal", and feeds the hole current to that "anti- 
negative" terminal as now the temporary driving terminal. 


The Bedini process thus allows the Dirac hole current (negative energy) 
produced by a COP>1.0 EM system to be fed back to the input section and 
transduced into positive energy input to power the system with electron 
current and also to recharge the battery with positive energy. 


'S! Lattice hole currents of course do appear and are considered. However, even 
though the circuit designers consider a lattice hole as a positron, it is not such at all, 
because the m/q ratio of the ion with one + charge is quite different from the m/q 
ratio of a true positron. The Dirac hole in the vacuum is effectively the "4-positron" 
— still in negative energy Dirac 4-electron state — before its observation or 
interaction with mass. It is a true negative energy entity, and thus a negative mass 
entity. Prior to observation, it actually should be said to be a "negative energy x 
time" entity and a negative "masstime" entity. It is also a negative energy electron 
entity. This subtlety is essential if one wishes to produce successful antigravity 
experiments on the bench, as we point to in this book and as were exhibited by the 
Sweet vacuum triode amplifier at COP > 1.5x10°. 
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This converts what would otherwise be negative energy feedback to the 
input section of the system (and to the battery) to positive energy feedback 
to its input section and to the battery. Instead of seeing the negative energy 
current in the input as an additional "load" to be powered, the external 
power supply sees it as excess positive energy input by the environment to 
the system, reducing the "load" represented by the system. It thus reduces 
the power required by the system from the external power supply. 


When the amount of "transduced" positive feedback electron current to the 
input section equals the "normal electron current draw" required by the 
system, the battery (or generator) can be disconnected and the unit will 
continue to operate in the self-powering mode, fed completely by the 
positive energy from the Bedini transduction process. The other 
supersystem components (comprising the external environment of the 
system) will continue to power the system and its loads and losses, with all 
the input energy to the system being taken from the combined active local 
vacuum and local curvature of spacetime. 


5.8.8 Gray's ''Splitting the Positive Pole" Engine. 

One of the real pioneers in early application of causal positron energy was 
inventor Edwin V. Gray of Van Nuys California. In WW II Gray learned 
radar during his tour in the U.S. Navy, having previously attended 
advanced engineering school in the Army until discovered to be under age 
15 and discharged. After the war, by 1958 he had learned to perform what 
he called "splitting the positive pole", using "cold electrical energy" (his 
name for negative EM energy) as well as the normal positive electrical 
energy. His first motor was operating by 1961. Preparing to put units into 
production, in 1974 the Los Angeles District Attorney confiscated all 
Gray's records and prototypes. To escape bogus charges, Gray later 
pleaded guilty to two minor infractions and was released. His prototypes 
were never returned. After several mishaps, moves, and more prototypes, 
Gray died in Nevada under mysterious circumstances in April 1989. We 
quote directly from Lindemann {341}: 


"In the early 1980's, Gray offered the U.S. Government his 
technology to augment Reagan's SDIprogram. He 
actually wrote letters to every member ofCongress, both 
Senators and Representatives, as well as the President, 
Vice-President, and every member ofthe Cabinet. 
Remarkably, ... Gray did not receive a single reply or 
even an acknowledgement!" 
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In fact, during his early experiments, Gray discovered he could power light 
bulbs with cold energy, etc. Later he was to demonstrate this fact in a 
sensational manner: With a light bulb lit from his generator, he simply 
immersed the lamp — electrical leads and all — in water, where it 
remained lit. With his hands in the water, he would have been electrocuted 
or severely shocked if the electrical energy involved had been positive 
(diverging) energy. Instead, it was negative (converging) energy.'” 
Another demonstration was to hit the coil of an electromagnet with some 
3,000 volts, which hurled the electromagnetic into the air — but did not 
heat it. The electromagnet's coil would have been instantly melted if the 
energy had been positive, and the magnet would have been heated. 


The reader should recall the timing of Dirac's theory of the electron 
{498a-b, 249}, which included the negative energy electron as early as 
1930. Dirac also pointed out that we would observe this negative energy 
electron as a positive energy electron of opposite (positive) charge and 
positive mass, going in the opposite direction. The observed 3-positron and 
the unobserved negative energy 4-electron are quite different entities, 
producing quite different EM fields. The positron produces positive energy 
EM fields and positive gravity while the negative energy 4-electron 
produces negative energy EM fields and negative gravity. 


In 1930, to his previous theory of the electron Dirac introduced the 
vacuum energy: the electron sea filled with electrons occupying negative 


'S? By convention, "positive" energy has been associated with diverging EM energy, 
which is heating. Negative EM energy is associated with converging EM energy, 
which is cooling. In scalar interferometry {79}, one can control whether the distant 
EM field energy emerging in space in the distant interference zone shall be diverging 
(positive) EM field energy or converging (negative, cooling) EM field energy. This 
is determined simply by the biasing of the electrical grounds of the interferometer 
transmitters. The weather control referred to in 1997 by Secretary of Defense Cohen 
{89} is accomplished by using multiple scalar interferometers, some to gently heat 
the atmosphere in certain selected local areas (forming low pressure areas by 
expansion of the air) while cooling it in other selected local areas (forming high 
pressure areas by contraction ofthe air). By then moving these highs and lows 
around adroitly, one can capture and steer the giant jet streams, thereby steering the 
weather as one wishes, and directing significant weather changes into an area. By 
placing fairly sharp turns on the jet streams, one can induce great spin energy, 
thereby spawning tornadoes. Interestingly, by sharply pulsing the interferometer and 
controlling its electrical ground bias, distant cold explosions or hot explosions can 
be produced at will. Such weapons have been tested worldwide, and many test 
incidents are given in our older books Fer-de-Lance and Gravitobiology. 
Information on such incidents is available on website http://www.cheniere.org . 


276 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


energy states. The holes are treated as the positive electrons (as if 
observed). This vacuum energy medium is now referred to as the "Dirac 
Sea." First, Dirac attempted to identify these holes with protons, but that 
was falsified. Later the positron was experimentally discovered. 


One of the problems with present conventional application of Dirac's 
theory is that the positron is not used in its unobservable causal negative 
energy 4-electron state by modern theorists and experimentalists, but after 
observation where its direction has been reversed, its charge has been 
reversed, time has been stripped away, and the mass has become positive. 
So it is actually used as a positive energy entity having positive mass, and 
producing positive energy EM fields and positive gravity. This defeats the 
entire magic of the causal (unobserved) 4-positron as the electron carrier 
of negative mass and negative energy {convergent electromagnetic energy) 
in currents in the vacuum (spacetime) itself, rather than the electron carrier 
of positive mass and positive energy in ordinary 3-space. By replacing the 
unobserved (causal) vacuum 4-positron (negative energy electron) with the 
observed (effect) 3-positron with positive mass and positive energy, the 
entire vast area of negative energy EM fields — and thus direct antigravity 
via electromagnetic means — is discarded.'°’ But the physicists avoided 
having to grapple with practical negative mass and practical negative 
energy (cool mass and cool energy). It also set back the pace of physics in 
discovering and engineering antigravity transportation for nearly three 
quarters of a century. 


It appears that Gray's thinking about cold energy was more prosaic than 
the somewhat esoteric considerations of the Dirac Sea theory. 
Conventional electrical engineering circuit theory considers positive 
charges moving around a circuit (although some electronics technical 
circuits required thinking in terms of electron current). Hence the "high" 
side of the standard circuit was the positive polarity, or the positive pole of 
the terminals of a generator or battery. From this "positive pole", positive 
current was sent around the external circuit to the ground return line by the 
forward emf (forward voltage). However, forcibly returning to the positive 
pole from the ground return line (i.e., from the negative pole) were those 


'S3 When the huge nondiverged Heaviside energy flow component is appreciably of 
"convergent" or of negative EM energy rather than positive EM energy, the 
antigravitational aspects are substantive and observable (and practical). The 
unaccounted Heaviside negative energy flow component is often a trillion or more 
times as great as the accounted Poynting negative energy flow component. Hence 
antigravity technology is possible and practical, as we present in a later chapter. 
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same positive charges, being forced back up by the back emf and 
requiring expenditure of half the external circuit's collected Poynting 
energy. 


So to Gray, the positive pole had two currents, one useful and one usually 
detrimental. The positive pole had (i) outgoing positive emf current 
powering the external circuit's loads and losses, doing the beneficial work 
(dissipating energy) in the external circuit with its load, and (ii) incoming 
positive current being forced back up against the back emf, doing the 
harmful work against the back emf and using up half the energy previously 
collected out there in the external circuit. Gray was aware that the work 
against the back emf was equal to the work done by the forward emf. So he 
set out to split these two currents apart, and catch the incoming current 
against the back emf separately, then use that normally wasted or 
oppositional energy to further power loads and/or recharge the batteries 
powering the system. Something like this was the way he was thinking. 


That is what Gray called "splitting the positive pole". He also reasoned 
(and found) that the "reverse current" must be cooling instead of heating, 
since it moves against the voltage and acts backwards from regular current 
dissipated in resistors, etc. This precisely matches the cold (negative) 
energy phenomena met in the Sweet vacuum triode amplifier and in the 
motionless electromagnetic generator, as well as other COP>1.0 electrical 
systems. 


Gray's later demonstrations showed that he had recognized this process or 
something very similar to it, in his "splitting the positive pole". 





5-14 b Cross section view 


US Patent No 3,890,548 
issued 17 June 1975 





5-14a The Gray engine 


Figure 5-14 Gray's "splitting the positive" COP>1 0 engine. 
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To take advantage of his concept and principles, Gray developed a special 
engine shown in Figure 5-14. In 1975 Gray received a patent on this 
engine {337} along with his special means of battery powering and special 
switching circuits. 


Gray's engine uses pulsed capacitive discharge to power a magnetic motor, 
with recharging of the powering capacitors taking place between 
successive discharge positions of rotor and stator. The motor runs by 
initiating repulsion rather than attraction, which — apparently without 
Gray recognizing it in such terms — invokes the notion of the "superpole" 
pioneered by Bedini. The superpole is an important concept in COP>1.0 
research, though most researchers in the field have never heard of it. John 
Bedini conceived it several decades ago and demonstrated the surprising 
difference between a superpole and a common pole of double strength. 


When two equal and like magnetic poles are facing each other in repulsion 
with a small gap between them, a net stress magnetic potential (pole) is 
formed in that gap which has an energy density some four times as strong 
as the normal field energy density in the field from one of the two 
opposing like poles. Hence the local energy density ofthe vacuum in the 
gap has been substantially increased above the energy density in the field 
region between a north and a south pole facing each other. Further, this 
energy density is in a "field-free" Lorentz-regauged form, i.e., a stress 
potential form. From that superpotential outward, there exists a normal 
magnetic field. But in it, there is no net magnetic field, but there is a 
"stress" field nonetheless. 


Compared to an ordinary magnetic motor using attraction as well as some 
repulsion, the exclusive use by Gray of the Bedini "superpole” principle 
caused an extra symmetrical regauging'™ of the local vacuum energy input 
to the system (to the gap between the poles) as the magnetic superpole 


'S4 Every conventional electrodynamics text already assumes and uses the Lorenz- 
Lorentz symmetrical regauging as being absolutely free. Symmetrical regauging 
assumes that the energy of the system has been freely changed twice, but in such a 
way that the two free fields formed are equal and opposite, forming a stress 
potential. Gray found how to split apart and separately use these two "free-flowing 
exchanges of energy between system and active vacuum" that comprise the overall 
stress potential of the system, and thereby violated the Lorenz-Lorentz symmetry 
condition, freeing the two equal and opposite EM fields and their free energy to be 

used individually and beneficially to (i) provide extra power to the load and (i1) 
recharge the powering batteries so they did not run down. Using a different method. 
Bedini has done likewise. 
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(stress magnetic scalar potential). However, this stress potential is 
comprised of bidirectional longitudinal wavepairs, as shown by Whittaker 
in 1903. This superpole or stress potential thus can and does "split" into 
two different fields in antiparallel directions from each other. Since the 
north pole is deemed "positive" in magnetics, then using the two anti-fields 
comprising the free positive superpole is indeed "splitting the positive 
pole". Gray coined a very apt phrase for what he was doing. 


Each of those antiparallel fields also involves an associated and 
unaccounted phase conjugate field {338a-c}, hence it is a time-reversed 
field (after observation). So opposing time-polarized EM waves also 
accompany Whittaker's decomposition waves. In short, the scalar potential 
accomplishes optical-type pumping in the time domain, and can be used to 
demonstrate time-reversal (as in Becker's bone-healing method). 


Before observation (interaction with charged mass) and while still in the 
causal state, the EM field from the positive pole is actually an EM field 
from a negative energy 4-electron, and the field can be taken to be a 
negative energy field! In our view, positive energy enters every point 
dipole in the polarized vacuum at the negative charge, thence to the 
positive charge, thence back to the time domain. From the positive charge, 
the positive energy is leaving 3-space back to the time domain. Hence 
positive EM energy diverges from the negative charge and converges on 
the positive charge, then "disappears", so to speak, back to the time 
domain from whence it came. The "disappearance" of positive (divergent) 
energy is the disappearance of heat energy; hence it is a cooling process 
rather than a heating process. Or said another way, negative EM energy 
enters 3-space at each point dipole, entering from the time domain to the 
positive charge. Thence it moves to the negative charge, and back to the 
time domain. We see or detect the positive energy flow in 3-space directly, 
while the negative energy flow in the Dirac vacuum is evidenced by the 
"backwards" interaction creating Newton's third law reaction force. 


By splitting the positive superpole, one has effectively destroyed the 
Lorentz symmetry condition. Hence the excess energy in the superpole 
will be capable of performing real work in the system in two directions. 
One direction is from the system to the external environment so that it 
produces the dissipation of energy (therefore work) in the loads and losses. 
The other direction produces a "negative resistor" or negentropic action 
that adds that much excess usable energy to the system back into its input 
section. By adroitly intercepting and switching that energy into capacitors 
and/or batteries, Gray was able to charge capacitors, recharge batteries, 
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and even power loads with cool energy (as demonstrated later by 
immersing a lighted electrical line and a lit light bulb in water). 


A positive-energy resistor becomes a negative resistor when fed with 
negative energy. Then it converges positive EM energy from the external 
environment and outputs it into the circuit in which the resistor is 
connected. Note that this is the same statement as the resistor receiving 
(extracting) negative energy from the circuit and emitting it back to the 
time-domain. That's like extracting back emffrom the circuit and tossing it 
offto the time domain. A conductor to positive energy flow is an insulator 
or dielectric to negative energy flow. Hence the normally "conductive" 
water was a neat insulator for Gray's "dunking" demonstration of negative 
power, as were his own normally conductive hand and body. To negative 
energy, a coil seems to produce capacitance rather than inductance, while a 
capacitor seems to produce inductance rather than capacitance. 


Thus when the "positive pole is split'' in the system, the system has broken 
its Lorentz regauging and is an open system in disequilibrium with the 
external vacuum environment, freely receiving excess energy from it.'°° 
With adroit switching and energy capture, such a system is permitted to 
exhibit COP>1.0 because it has violated the free Lorentz regauging once 
the excess energy in the superpole region is discharged and used. 


‘SS When one analyzes the supersystem of any Lorentz-regauged EM system, one 
realizes that the extra stress potential energy — entering the system and "locked up" 
as a stress potential due to the Lorentz condition — is actually a special relativistic 
rotation of the frame of the power unit away from the laboratory frame. That is, the 
system when rotated away from the lab frame, takes on free symmetrical regauging 
energy in that rotated frame as an excess stress potential. Gray's "splitting the 
positive" process simply separated the two appositive fields comprising the stress 
potential, then produced excess free energy from that broken free regauging Lorentz 
condition. Literally Gray splits Lorentz's stress potential into halves, the halves 
being its two opposing EM fields and their energy. This is equivalent to the system 
being rotated back into the lab frame, releasing its excess energy it possessed in the 
rotated frame back into the lab frame. Richard "Scott" McKie has also filed a patent 
on an invention deliberately rotating a capacitor's frame and fully charging it — 
while it is in its rotated frame. The rotated capacitor can be charged with less energy 
furnished from the lab frame, than is obtained back out of the capacitor in the lab 
frame when the charged capacitor is suddenly rotated back and discharged. At least 
in theory, McKie's overunity process should be workable ifthe switching costs are 
negligible. Our contribution to McKie was to advance the theoretical mechanism for 
the experimental mechanism he had discovered and was using. 
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From US Patent No 4 661747 
issued 28 April 1987 


Also in US Patent No 4595,975 
issued June 17,1986 





Figure 5-1S Gray's conversion tube used with power systems, 


Gray also utilized a special conversion discharge tube, shown in Figure 
5-15. This tube uses the fact that a very sharp pulsed discharge in it results 
in a temporary COP»1.0 condition. This COP» 1.0 condition instantly 
involves causal Dirac sea 4-positrons, moving as negative mass current 
and negative energy current in the local vacuum, which sweep back from 
the output side ofthe discharge to the input side. 


We also point out the severe overpotential that must accompany any such 
violent pulse discharge process. The overpotential is a departure from 
equilibrium conditions, and is the difference between the actual potential 
and the equilibrium potential. The overpotential is well known and utilized 
extensively in electrochemistry {339a-c}, but is little used in conventional 
circuit theory. Nonetheless, it is involved in cold fusion processes due to 
the double layer phenomena {340a-b}, and it is involved in all electrode 
discharges (as from a cathode to an anode). It is also involved widely in 
electrochemistry and ion processes in solution. 


Figure 5-16 shows Gray's circuit containing his conversion tube. Figure 
5-17 shows Bedini's successful replication of the Gray conversion tube. 
Figures 5-18, 5-19, 5-20, and 5-21 show four pertinent pages from Bedini's 
laboratory notebook on his replication of the Gray conversion tube and the 
Gray motor system. 
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Figure 5-17 Bedini's successful replication of theGray conversion tube. 
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Figure 5-19 Page 2 from BedinI's lab notebook on the Gray conversion tube. 
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Figure 5-20 Page 3 from Bedini's lab notebook on the Gray conversion tube. 


In science, when a novel experiment is replicated independently, that 
experiment then is established as a scientific fact. It then becomes the task 
of the theorists to either change the theory to accommodate the 
experimental results, or come up with a new theory to explain them. With 
Bedini's successful replication of Gray's work and extension of it, that 
work has now been scientifically established. With his "splitting the 
positive pole", Gray was referring to an actual, useful mechanism he 
evoked and used in the processes ongoing in his motor, in his conversion 
tube, and in his power system. 
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Figure 5-21 Page 4 from Bedini's lab notebook on the Gray conversion tube. 


For further discussions about the Gray motor, conversion tube, and the 
history of it all, one is referred to the book by Lindemann {341}. 


5.8.9 Watson's Self-Powering Generator 

See Figure 5-22. In 1984, Jim Watson demonstrated a self-powering 
8-kilowatt generator at the International Tesla Conference in Colorado 
Springs. This generator was a modified extension of smaller motors and 
generators built by Bedini over a period of years. At the conference, 
engineers from the audience were invited to the platform to perform their 
own independent measurements of the unit, while it was running and 
powering its load. The engineers directly confirmed that the system was 
delivering power to the load (as could be seen visually also), and that it 
was recharging its batteries as well. 
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Figure 5-22 Watson's self-powered 8 kW generator demonstrated in 1984. 


Interestingly, one of Watson's batteries was stolen that night. The reason 
was obvious. First, at the conference there was present one of the major 
persons charged with suppression of COP>1.0 electrical power systems 
world wide, along with several of his henchmen. Since they have been 
involved in suppressing many dozens of similar COP>1.0 systems, they 
are thoroughly familiar with both the theory of COP>1.0 electrical power 
systems and the various types of devices and mechanisms that have been 
invented in that area over the past century. 


One feature of Watson's unit was that it charged the batteries with negative 
energy (i.e., with Dirac sea hole current, or "cold energy" as sometimes 
referred to), and could use negative energy for powering the unit. Hence, 
his batteries became charged with negative energy as the machine ran and 
powered its loads. After much demonstration and running, such a 
negatively charged battery has its local curved vacuum charged with an 
appreciable number of unfilled Dirac holes. Such a negatively charged 
"battery supersystem" will then absorb positive energy charging (electron 
current charging) for a protracted period before it will start to change its 
voltage and accept the positive charge. Instead, during that protracted 
initial period the battery will just "eat electron currents and positive 
energy" from the battery charger, with no apparent effect and no change in 
Its discharged state or its voltage. 


A very simple way to absolutely ascertain whether or not a unit such as 
Watson's (without a Bedini negative energy converter) is genuine, is to 
simply take one of his batteries from a unit that has been running quite a 
bit, and recharge it on a conventional battery charger. If it exhibits that 

two-phased recharge phenomenon, it proves that the unit is real and is 
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indeed a true COP>1.0 device, or certainly has the potential to be one. 
Coupled with the demonstration and independent measurements, this 
removed all doubts about the validity of Watson's COP>1.0 system. 


So it appears that certain parties who were concerned about that system 
decided to do the "simple test" to see if Watson's device was real. It was 
real, and so they discovered. At that point, the High Cabal — Winston 
Churchill's term — recognized they had another successful unit and 
inventor to suppress. 


Bedini and I were in close contact with Watson over a period of years, as 
often as three or more times a week. Later, some time after that 
conference, abruptly Jim ceased all communication with his former close 
colleagues. For two days a rather crazy recording was on his phone, stating 
the Watsons had moved. Then that disappeared. Watson never again 
contacted either Bedini or me, or his own financial backer (the late R. J. 
Reynolds II). Even Reynolds could not find Watson's whereabouts at that 
time. 


We are quite certain that Watson received the "offer he could not refuse”. 
Simply put, this is the old Mafia trick of visiting the target, offering him a 
deal, and he has no choice but to accept or die. When this is used to 
suppress COP>1.0 systems, and some medical systems, the offer is 
usually: "Accept the money andyou and your family will live very 
comfortably, butyou will never openly work on this again or communicate 
it. You either accept our generous offer, or you and your family will be 
dead when we leave here." Assuming that happened Watson had no 
choice but to accept the several million dollars offered him. 


He is still alive, because Jeane Manning physically ran into him at a 
conference — and recognized him and spoke to him — whereupon he 
withdrew abruptly and left the conference very hastily. 


5.9 Suppression of Free Energy Systems Has Been 
Common 


This is only one of many cases we know of where such suppression of 
overunity systems and inventors has been accomplished. Others are not so 
benign. Marinov was killed with a longitudinal EM wave shooter in 
Europe, and his body was thrown off a building to make it appear a 
suicide. The police allowed the body to lie on the pavement for a 
protracted time (it was emitting longitudinal EM waves from the time- 
charging action of the strike). When finally moved, the pavement glowed 
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in that area that had been underneath the body. Only one weapon on earth 
will kill a person in that manner, and that is a longitudinal EM wave 
"shooter". 


Another prominent researcher was killed with a Venus technique (look it 
up, it's a distortion of the wave front) modified beam that plunges the heart 
into violent fibrillations. He rushed from a restaurant exclaiming, "They're 
killing me!" and died ofa resulting heart attack. The present author was hit 
with just such a weapon in a restaurant here in Huntsville. A friend and I 
actually saw the weapon and the person wielding it. Knowing what it was 
and recognizing the symptoms, my seated companion and I were able to 
bolt out of the nearby back door during that minute or so we could still 
physically function. I personally saw the device and the person doing the 
beaming, and I have a witness to the event. 


The partner of a colleague in Australia was killed on an upper floor by 
such a shooter from the street below, right through the walls. The assassin 
was observed, and was seen putting the bazooka-sized shooter back in his 
car, then speeding away. There are many other true incidents we could also 
relate, including a person killed by an ice-dart dipped in curare (a very 
professional hit method, used by some ofthe sinister arms of various 
intelligence systems). So there is more than just scientific work involved in 
pursuing COP>1.0 EM power systems. There can also be a direct threat to 
one's life, essentially at any time. 


Almost any serious overunity researcher, who succeeds, will have had 
confrontations with assassination attempts, suppression attempts, threats, 
deliberate legal entanglements, etc. The present author is no exception. It 
is sad that one of the prerequisites for serious scientific work in this area is 
often a legal gun permit (for both the inventor and his wife) and either 
legally carrying a hidden weapon or never being very far from a weapon 
when working at home. As an old soldier, of course, one just shrugs and 
accepts it, and gets on with the job to the best of one's ability, albeit 
remaining very watchful and always on guard. 


5.10 In Conclusion 


In this chapter we have introduced many of the approaches to COP>1.0 
EM systems or processes, or the possibility for such in some novel 
mechanisms known in science. Recalling our previously presented solution 
to the source charge problem, we emphasize to the reader that all assumed 
3 - space EM processes are actually 4-space processes prior to observation, 
continually observed in iteratively frozen 3-snapshots by iteratively 
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invoking the d/dt operator that produces observation. Hence from the 
source charge (and source dipole) solution we realize that all EM energy in 
3-space comes from the time-domain and returns to the time domain. It 
iteratively appears along the "line of propagation" in 3-space at each 
successive position, but does not continuously propagate in 3-space. It 
does continuously propagate in 4-space. Since all the EM energy in any 
EM circuit comes from the time domain via the broken symmetry of the 
source charges and source dipoles, then we need to apply this greater 
vision to the COP>1.0 mechanisms and approaches so that we see the 
4-space to 3-space to 4-space interplays. 


The notion ofthe negative resistor is particularly significant and direct in 
that respect, and we have presented several versions of true negative 
resistors. For those wishing to experiment, we would suggest the easiest 
thing to start with is the point contact transistor. Or, simply go to Naudin's 
website {313} and download his instructions for making a Chung-type 
negative resistor, build it, and do experiments with it by varying the 
pressure on the fibers etc. 


Again, we have not presented "parts kits" with instructions, but we have 
presented things that have worked or can reasonably be expected to work 
with some effort. We have also discussed the principles involved, to the 
best of our ability. In a few cases, we have directed the reader to 
information on websites where building instructions for selected negative 
resistors and other devices are posted. 


As in any other scientific endeavor, we also urge the interested reader to 
read the literature and check the references cited, or as many as possible. 
Increasing one's understanding of the area is necessary to increase one's 
probability of success in the area. 


We also wish the reader good results and success in his or her research and 
experimenting. The energy crisis is not going to go away, and the demand 
for oil will double in the lifetime of many of our middle-aged or younger 
readers. The cheap oil peaks shortly and declines in availability forever 
thereafter {342}; this alone will drive up the price of oil and seriously 
impact the economies of the nations of the world. To keep from destroying 
the world economy and the biosphere, it is absolutely essential that 
COP>1.0 electrical power systems — including self-powering systems 
taking their input energy from the seething local vacuum — be developed 
to produce the necessary electrical energy needs of the world, cheaply, 
cleanly, and easily. 
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Ifone or more of the readers should succeed in developing and producing 
such systems, then the entire purpose of this book will have been fulfilled. 
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Chapter 6 


Additional Approaches to Overunity 
Power Systems 


"Can the quantum potential carry a signal? Ifit can, we 
will be led to a violation ofthe principles of Einstein's 
theory ofrelativity, because the instantaneous interaction 
implied by the quantum potential will lead to the 
possibility ofa signal that is faster than light... a signal 
has in general to be a complex structure, consisting of 
many events that are ordered in definite ways. In terms of 
our language, each signal is a supersystem ofevents, 
while each event is in turn a system ofsubevents.... At 
present, the answer is, of course, not known. " [Bohm and 
Hiley] {343}. A comment:'”° 


'S° We comment that the "event" involves observation: i.e.. it is conceived as an 
observed event. In that exact sense, no signal in space carries "events" because there 
is no interaction with mass and no d/dt operation induced on entities (curvatures) of 
spacetime. The effect (observed) 3-space field cannot propagate faster than light, 
because it cannot even propagate in the first place! The totality of light's EM 
interactions with matter is what makes the observed field or observed signal to 
appear to be propagated at light speed. It is not actually "propagating", but being 
iteratively recreated from point to point in space ifobserved at every point. Signal 
in spacetime is causal and hence nonobservable; the interaction of causal signal with 
charged mass is observable and makes an "event". When we clearly differentiate the 
nonobserved (causal) 4-field or dynamic from the iteratively observed 3-field or 
dynamic, then the nonobserved 4-field or dynamic is not limited to light speed. 
Propagation along the time axis, e.g., can be at "infinite velocity" because a single 
pot in time is connected to every point in the universe simultaneously. Since all 
EM energy in space comes from the time domain locally at each point dipole in 


3 - space and returns to the time domain from that same point dipole, it is the notion 
of "propagation continuously through 3-space" at any velocity that is a non sequitur. 
Absolutely nothing propagates through 3-space! If general relativity is re-interpreted 
to account the difference between observed and unobserved (effect and cause), then 
the unobserved cause can propagate superluminally without violation of the 
"observed event (effect) propagation at light speed" of general relativity. It is the 
notion that anything propagates in 3-space that is the non sequitur, and it should be 
removed from special and general relativity as well as electrodynamics. 
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"...contrary to the conclusions ofclassical mechanics, 
there exist effects ofpotentials on chargedparticles, even 
in the region where all the fields (and therefore the forces 
on the particles) vanish. " [Aharonov and Bohm] {344}. 


"for anyforce varying as the inverse square ofthe 
distance, the potential ofsuchforce satisfies both 
Laplace's equation and also the wave equation, and can 
be analyzed into simple plane waves propagating with 
constant velocity. The sum ofthe waves, however, does 
not vary with time, i.e., they are standing waves. 
Therefore theforce potential can be defined in terms of 
both standing waves, i.e., by a global, or non-local 
solution, and by propagating waves, i.e., by a local 
solution changing in time... Thus, Whittaker's 
mathematical statement related the inverse square law of 
force to the force potential defined in terms ofboth 
standing wave (i.e., global) andpropagating wave (i.e., 
local) solutions. The analysis also showed that the 
electromagnetic force fields could be defined in terms of 
the derivatives oftwo scalar potentials. " [Barrett] {345}. 


"What might appear to be empty space is, therefore, a 
seethingferment ofvirtual particles. A vacuum is not inert 
and featureless, but alive with throbbing energy and 
vitality. A 'real'particle such as an electron must always 
be viewed against this background offrenetic activity. 
When an electron moves through space, it it actually 
swimming in a sea ofghost particles ofall varieties — 
virtual leptons, quarks, and messengers, entangled ina 
complex melee. The presence ofthe electron will distort 
this irreducible vacuum activity, and the distortion in turn 
reacts back on the electron. Even at rest, an electron is 
not at rest: it is being continually assaulted by all manner 
ofother particles from the vacuum. " [Davies] {346}. 


6.1 Introduction 


In this chapter, we continue to present a selection of potential overunity 
systems, inventions, approaches, and selected mechanisms. We also make 
the reader aware that quantum mechanics, an entire branch of physics, 
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requires nonlocality and "instant propagation” in space. We utilize the 
quantum potential from Bohm's hidden variable theory of quantum 
mechanics {347} to impress the nonlocality. Further, the staid old scalar 
potential — which we meet as voltage in a circuit — also exhibits 
nonlocality and instant propagation in the Coulomb gauge {348}. Our 
purpose is to show that electrodynamics is not limited to the cut-and-dried 
subject as usually taught to electrical engineers and applied by them, but 
also covers a wide range of phenomenology that electrical engineers 
usually do not consider or account. 


6.2 Energy Conversion and Energy Amplification 


6.2.1 The Mead-Nachamkin Zero Point Energy Converter 

It is well known that the vacuum interacts with electrical charges and 
dipoles, and also with the electrons in an atom. For example, Lamb 
received the 1955 Nobel Prize in physics jointly with Polykarp Kush for 
experiments measuring the small displacement later called the "Lamb 
shift" of O+ne of the energy levels in atomic hydrogen {349}. 


Casimir {350a} proved that closely separated conducting plates also alter 
the energy density of the vacuum, thereby becoming an "energy 
extracting” method, although the energy is miniscule. It is quite real, 
however, as shown in meticulous experimental work by Lamoreaux {351}. 
The principle that vacuum energy interacts with matter, plates, and 
electrical double layers and circuits is well proven experimentally. 


In 1996 Mead and Nachamkin were granted a patent on an overunity EM 
power system process for extracting zero-point energy of the vacuum 
{352}. Ifone closely examines the patent wording, the device is properly 
patented as an energy converter and does not overtly state that it is a 
COP>1.0 system. It is a COP>1.0 system, however, since the input energy 
is freely received from the vacuum and not input by the operator himself. 
One embodiment of the invention inserts a tiny coil between the plates to 
extract the energy. See Figure 6-1. The energy is based on the Casimir 
effect {26}, which was accurately measured in 1997 by Lamoreaux {27} 
and since then by others.'*’ Further investigation of the force's behavior 
with the shape of the conducting plates has been performed by Chen et 


'57 See also U. Mohideen and A. Roy, "Precision measurement of the Casimir force 
from 0.1 to0.9 microns," Phys. Rev. Lett., Vol. 81, January 1998, p. 4549. 
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al.'"* Numerous other papers of interest on the Casimir effect have also 
been published {353a-d}. 


Because energy cannot be created or destroyed, any COP>1.0 system is an 
energy converter, a priori. It must receive the excess energy from the 
environment (in this case, from the curvature of spacetime and from the 
local active vacuum) and convert that energy to a form usable to power or 
assist in powering the system loads and losses. 
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Figure 6-1 Mead-Nachamkin conducting surfaces, antenna, and receiver 
for extracting EM energy from the vacuum, 


The Mead-Nachamkin patent is interesting because the physics of the 
device is proven and accepted. Getting sufficient power output to be useful 
for electrical power purposes, however, remains to be demonstrated, since 
the Casimir effect is very tiny. 


6.2.2 The Quantum Potential As an Energy Amplifier 

In Bohm's hidden variable theory of quantum mechanics {354}, an extra 
potential is added to the Schrodinger equation, and is known as a quantum 
potential. Figure 6-2 lists the novel characteristics of this potential, and 


88 Chen, U. Mohideen, (G. L. Klimchitskaya, and V. M. Mostepanenko, 
"Demonstration of the Lateral Casimir h'orce," Phys. Rev. Lett, (in press as of the 
time of this writing). 
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Quantum Potential Characteristics 
* No point source; not radiated 
« Just appears instantly 
* Quantum potential between two particles 
* Interaction does not vanish as spatial & 
separation becomes very large F-3 0S 
+ Instantaneous connection o—-4 
* Depends on quantum state : 
of system as a whole ‘NX a 
* System parts can be greatly separated 





Figure 6-2 Quantum potential characteristics (table). 


Figure 6-3 lists technical features of Bohm's hidden variable theory from 
whence the quantum potential is taken {355}. It can "move 
instantaneously", at "infinite velocity", which means it just suddenly 
appears everywhere it will be, and does not "propagate at a finite speed" 
through singly connected space at all {356}. 
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A quantum particle moves as if it were subject, in addition to its 
external potentials, to a potential which is a function of its own 
probability distribution. 


Bohm's hidden variable theory assumes: 

- Particle and wave function real and separate 

- Wave function obeys Shrodinger's equation 

- Particle obeys classical mechanics 

- Particle couples to wave function through a quantum potential 


Figure 6-3 Technical features of Bonn's hidden variable theory. 


Thepotential is after all potential energy. With the quantum potential 
(QP), ajoule of energy placed upon one collector, where that collector is 
connected via a QP with one or more distant collectors, will also result in a 
joule of energy (or some fraction thereof) instantly emerging upon and in 
each of those distant participating (QP-connected) stations simultaneously. 
It appears that, if only a fractional participation — say, 0.50 — exists with 
one or more of the distant stations, each of those stations will experience 
the appearance of that fraction (in this case, 0.5 joule) ofthe energy input 
to the initiating station. Any station can input energy, and it will 
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appropriately appear at every other participating station, regardless of 
where these stations are located in ordinary 3-space as seen by the external 
observer. 


One way of expressing this "instantaneous QP connection" between 
separated objects is to model the different objects (or stations) as linked 
together in a multiply connected space, with a certain QP connection or 
collection fraction. Presence of energy at one station in the multiply 
connected group, results in the simultaneous appearance ofthe energy — 
or an appropriate fraction of it — at every other station in the group. 


To understand multiply connected space, consider a single point on a 
plane. Now consider 999 more points superposed on/in that same point. 
But suppose that those thousand points are really located at different 
locations in 3-space, though superposed in this "crazy space" containing a 
plane where all ofthem are superposed at one point. 


As the ordinary external observer, suppose you input a joule of energy into 
one of these — to you — separated points, which happens to be the 
original point and is located in your laboratory. Supposed the fractional 
connection is 1.0 (the connection is perfect in multiply connected space). 
Voila! Instantaneously one joule of energy appears at each and every one 
of those (to you) widely separated points. If you vary your input energy 
(e.g., aS in communication), it varies precisely the same in each of those 
distant QP-connected points. 


Those who continue to advocate that superluminal communication of 
information is impossible are ignoring present experimental proof that it 
does occur. As a single example (there are others), it has been shown by 
Enders and Nimtz {357} that Mozart's 40th symphony can be transmitted 
as frequency modulated microwaves through a barrier wave guide between 
two points in a waveguide, via quantum tunneling, at 4.7 times the speed 
of light c. We point out that this is achieved using transverse EM waves. 


If longitudinal EM waves are used together with longitudinal modulation 
(which engineers might think of as a sort of "pulse compression" 
technique), the only limitation to the speed of communication is given by 
the impurity ofthe longitudinal EM wave one is able to make. The Fogal 
semiconductor, e.g., can be used to transduce ordinary transverse EM wave 
signals into longitudinal EM wave modulations inside a scalar potential. 
Hence that scalar potential can move in the Coulomb gauge at infinite 
velocity. It requires another Fogal semiconductor circuit on the receiving 
end to receive and transduce the longitudinal EM waves and their 
longitudinal modulations back into transverse EM waves for processing 


298 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


and amplification by normal means. This capability of the Fogal 
semiconductor circuits has been demonstrated through satellite uplinks and 
downlinks coupled with long transmission line links, with essentially no 
delay from transmission to reception. One may think of the Fogal 
superluminal process as tunneling through subspace. 


The best way to vary the energy is apparently by use ofa variable stress 
potential (which translates to a longitudinal variation or modulation). In 
short, one must modulate the "internal energy" of the vacuum, so to speak, 
and not the "external energy". A reasonable discussion of internal energy 
versus external energy is given by Chen {358}. If one longitudinally 
modulates the internal energy of the vacuum potential — which, being a 
scalar potential, decomposes by the Whittaker decomposition {359} — 
then superluminal communication is not only possible but also practical. 
We expect Fogal to eventually place just such a system on the market, 
shortly after his semiconductors get into precision production. 


One possible method of producing modulated internal stress potentials is 
by use ofa Davis noninductive resistor {360}. Another is by use ofa 
biwound coil with two windings, so that the two currents through two 
equal "superposed" coils are equal and opposite. We point out that, while 
there has been published much stuff and nonsense about such biwound 
coils, the truth is quite mundane. Simply examine the Lorentz symmetrical 
regauging applied to the Maxwell-Heaviside equations. It is the deliberate 
production of two equal and opposite force fields, which is in fact the 
creation of a stress potential and extra stress energy. By varying the 
magnitude of the Lorentz forces comprising the stress potential, the stress 
potential is varied in amplitude. Hence the concomitant longitudinal EM 
waves are varied in amplitude. A biwound coil is a variable Lorentz- 
regauging coil, a priori. 


By oscillating the magnitude of any Lorentz regauging (which in the 
simplest case is simultaneously changing both opposing fields equally and 
oppositely), one can make longitudinal EM waves. By appropriately 
modulating both Lorentz regauging components, one can make 
longitudinal EM modulations upon those concomitant longitudinal EM 
wave carriers. 


So with some careful tuning and adjustment, and a little nonlinear material 
; 159 ws 
in the core, ~” one should be able to have the superposed appositive 


'S° The opposing waves must modulate (multiply), not mix (add), and modulation is 
a nonlinear process. Linear mixing of opposite waves or fields will not cause the 


299 


The MEG v4.0 with the Cross-Flux setup for the primary coils 
by Jean-Louis Naudin - Dec 6th, 2000 - Email: JNaudinS509@aol.com - httpy/go.to/jiniabs/ 





ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


magnetic fields lock together (modulate, rather than linearly add) and 
produce a magnetostatic scalar potential stress signal in and from a 
nonlinear core material. We caution, however, that the biological effects of 
the radiation of such stress potentials internal to spacetime have not been 
investigated. The experimenter is cautioned that he experiments at his own 
risk, and he is cautioned to experiment only at low power levels until the 
phenomenology in a particular case is understood. 


If we compare the stress potential oscillation (wave) to a sound wave, the 
similarities suggest that the stress potential oscillation can be treated as a 
longitudinal EM wave, ifthe two superposed opposing EM waves "lock 
together". Simple addition is insufficient; modulation is necessary. Hence 
the nonlinearity of the conductors and core material is of significance. 


For instantaneously propagating potentials and pure longitudinal EM 
waves, any conceived difference between the two becomes somewhat 
academic. The characteristic of interest is the instant appearance of the 
input energy at multiple points via a multiply connected space. 


To the ordinary observer, use of a quantum potential and multiply 
connected space measurably yields a fantastic energy amplifier. One 
furnishes one joule, and gets out — say — 1,000 joules in those distant 
locations altogether. As shown in Figure 6-4, the QP system is a 
communication system of enormous implications, particularly as humans 
travel into space across the solar system and even beyond. Unfortunately, 
by using appreciable power in the initiating station, the QP system also 
leads to weapon systems of incredible destructive capabilities. Some five 
nations {361} now possess such quantum potential weapons, which are the 
dominant weapons on Earth. We do not further discuss the quantum 
potential weapons aspects in this book. 


Back to our little energy exercise, inputting one joule and getting out some 
1,000 joules. Suppose these 1,000 participating points are not distant at all, 
but are gathered closely together into a local material but still QP- 
connected with a connection fraction of 1.0. Now we input ajoule of 
energy to that device, and it develops and outputs one kilojoule. It is 
hypothesized that this becomes the ultimate negative resistor. It will also 
exhibit separated Dirac hole current phenomena as the COP increases and, 
if sufficient COP is developed, it will exhibit antigravity effects such as 


fields to "lock together" into a common stress potential. Nonlinear mixing 
(modulation) will. Hence the nonlinear core is required for conversion of appositive 
fields to stress potentials and Lorentz regauging. 
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those shown by the Sweet vacuum triode amplifier discussed in this 
chapter. 





* Quantum potential decomposes per Whittaker 1903 into bidirectional longitudinal EM waves 
* Can insert additional longitudinal waves, thus information using a Fogal semiconductor 
* Can receive "signal" and discriminate the information using a Fogal semiconductor 


Figure 6-4 Quantum potential communication system. 


Strangely, overall conservation of energy is not violated by the quantum 
potential COP>1.0 energy system. It's just that the energy now is furnished 
from space (from the vacuum) in a multiply connected manner. However, 
all the excess energy is still furnished by the active external environment 

- ie., from the time domain, according to the giant negentropy process 
{12} — though that environment now is quite novel and multiply 
connected. So we still have a system analogous to a windmill, though a 
very novel windmill and a very novel wind indeed. 


Without belaboring the point, action-at-a-distance is absolutely required in 
quantum mechanics. Further, photon correlation experiments have long 
demonstrated experimentally that such action-at-a-distance effects do 
exist, just as predicted. This was a refutation to Einstein's objection to 
quantum mechanics’ "spooky action at a distance". 


We point out without further comment that, if a self-powered process is 
Invoked in the initiating station, then all other participating stations also 
contain that self-powered process. However, note that one does not really 
wish to "invoke" a quantum potential connection and use it except 
occasionally and very quickly! Otherwise, ifa strong QP is turned on and 
left on among many distant stations, anything and everything happening to 
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each one of them can instantly appear in all of them, so long as the 
"constant of connectivity" remains a constant or nearly so.'™ For that 
reason, strong quantum potential connections can be self-destroying and 
strong effects do not seem to normally appear in the physical world.'®' The 
proper energy use of a quantum potential is thus to use it only for fleeting 
"inductions" of effects in the desired stations, in momentarily multiply 
connected spacetime, at least until the self-limiting behavior is ascertained. 


Apparently, a quantum potential can sometimes be formed in the limit of 
an iterative, mutually phase conjugating operation of EM signals passed 
back and forth between two phase conjugate mirrors, or among many of 
them. Such iterative mutual phase conjugate reflection of signals — 
particularly pumped signals — is technically known as iterative self- 
targeting. Sometimes we use a more picturesque term, ping-pong, for 
iterative self-targeting. 


Conceivably, strongly coupled, strongly pumped optical self-targeting 
mirrors can — in the extreme limit — initiate or partially initiate a 
quantum potential. The superposing beams of energy may be thought of as 
first narrowing to laser-like beams, then gradually subsiding into pure 
longitudinal waves with transverse components "canceled" to form simply 
"stress energy". In short, ifthis reaction occurs, the energy is transformed 
into a stress energy potential, which acts either as a scalar potential in the 
Coulomb gauge or as Bohm's quantum potential. In our view, the pure 
longitudinal wave has infinite velocity, as pointed out by Rodrigues and 
Lu {93a}, so Lorentz-Fitzgerald contraction results in "Zzero-separation 
distance", which in turn results in a multiply-connected spacetime. 


One points out that the "input energy” to the initiating station may be 
deliberately structured internally, including altering the internal Whittaker 
longitudinal EM wave functions comprising the input electrical field 


'©° Fortunately, it appears that this connectivity constant is not really constant, but 
reduces as the feedback ofeach station's fluctuations to the other stations increases. 
The result seems to be a "leveling off process reaching a plateau and a fixed amount 
of gain in the overall system. In short, the system usually seems to be "self- 
adjusting" and "self-limiting" as the overall gain increases. Nature is riddled with 
quantum potentials, but this self-limiting process keeps most so tiny that they are not 
even noticeable. 


'6lHowever, the validity or invalidity of this statement for some of the highly 
energetic phenomena of astronomy remains to be determined. It also remains to be 
determined as far as the quantum potential's role in generating the zero point energy 
fluctuations of the active vacuum. 
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energy. In this manner, in theory deliberate spacetime curvature sets and 
dynamics can be introduced into the distant but multiply connected targets. 
A form of highly advanced electro-biological warfare induction of disease 
has been developed by at least one nation (Russia) in this regard, as an 
extension of Kaznacheyev's experiments showing induction of cellular 
disease at a distance. It appears that the cells ofa living body are 
interconnected by a very weak quantum potential in such manner. Again, a 
great deal more research on that possibility is needed. 


Given a quantum potential connection between separated objects including 
our initiating station, one can also add vacuum engines (energy structuring 
of curvatures of spacetime itself) as our input to the initiating node. Those 
vacuum engines will then simultaneously appear unabated (or only 
partially abated) in the multiply connected separated objects. In this way, 
in theory one can use the QP and QP energy to perform highly anomalous 
momentary engineering of nuclides, materials, fields, etc. in widely 
separated, distant objects and areas. By repeating the momentary 
engineering "pulses", distant objects and areas can be profoundly altered. 


The use of vacuum engines in medical applications is of particular future 
interest.' Very radical extension of those techniques can be achieved 
once quantum potential technology is developed and available in the open 
scientific community. 


But let us ignore the weapons, free our scientific imagination, and let it 

roam. As an example, in the future a vacuum engine (spacetime curvature 
engine) might be developed and utilized in a world-wide quantum potential 
to momentarily strike and eradicate all AIDS viruses on Earth, and do only 
that. Or, the engine could be slanted to simply momentarily slightly change 


'©2See Vlail Kaznacheyev and L. P. Mikhailova, Ultraweak Radiation in 
Intercellular Interactions, [in Russian], Novosibirsk, 1981; Vlail Kaznacheyev et al., 
"Distant intercellular interactions in a system of two tissue cultures," 
Psychoenergetic Systems, 1(3), Mar. 1976, p. 141-142; Vlail Kaznacheyev, 
"Apparent information transfer between two groups of cells," Psychoenergetic 
Systems, 1(1), Dec. 1974, p. 37. Unfortunately this QP induction of cellular disease 
has already been used by the former Soviet Union to develop a QP extension of the 
force-free structured potentials method first used to induce cellular disease and 
health changes in U.S. personnel in the former U.S. Embassy in Moscow for several 
decades. Now QP weapons using such techniques can target the entire population of 
a targeted nation. Using the internal Whittaker structuring of quantum potentials and 
EM fields and waves, electromagnetic biological warfare has already been born and 
highly developed. The actual dimensions of possible biological warfare strikes are 
far greater than has been mentioned in the open literature. 
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those viruses into an innocuous kind of new virus. The cells of the 
individual human body are already connected, it appears, by a very weak 
quantum potential. By connecting an external initiating station to that 
body's quantum potential, the energy of the body could be directly 
scanned, all abnormalities noted, and tailored engines created and 
momentarily used to treat the body and correct its abnormalities and 
malconditions. This, we believe, may well be a medical therapy of the 
future, a few generations from now. 


6.3 Other Systems of Electrical Interest 


6.3.1 Russian Parametric Oscillator Power Systems 

In leading physics institutes and laboratories in the 1930s, Russian 
scientists built COP>1.0 parametric oscillators, including some of 
appreciable size. The work is documented in the literature {362a-k}, both 
in Russia and in France. The devices were developed and tested in several 
Russian laboratories. With linear loads, the oscillators would progressively 
build to self-destruction. With nonlinear loads, the devices would stabilize 
and power themselves and their loads, at a level depending on conditions 
— reminiscent of the behavior shown in Figure 4-3 in Chapter 4 for 
stability COP>1.0 levels for the asymmetrical self-regauging process. 


Standard references for parametric oscillation in EM circuits are available. 
However, with standard practices none ofthese conventional oscillators 
produces COP>1.0, primarily because the conventional closed current loop 
circuit is applied without special modifications. For overunity work, the 


‘3 Apparently, tests of such QP capabilities in weaponry have been gingerly 
conducted for direct induction of disease patterns in the population of a targeted 
nation or area. One symptom of such a test is that a very small number of widely 
isolated cases of the same disease breaks out simultaneously, in isolated cases 
scattered widely and puzzlingly throughout the population, without the possibility of 
any direct carrier vector connection. Apparently, the test inductions have 
deliberately been held mostly to the "shadow state" (or upper virtual state, just below 
observable state) in most of the targeted populace, to prevent giving away the tests. 
However, the human immune system and cellular regenerative system do respond to 
such "near-observable-state" signals and engines, when sustained or repeated in 
time, by a sort of coherent addition (integration) over time. The bell-shaped 
distribution curve predicts that a few individuals, randomly scattered throughout the 
populace, will have quite lower induction thresholds and will evidence the actual 
disease after a certain time, whereas in almost all the other members of that 
population the "disease" will never evidence in the observable state during that time. 
The test is deliberately terminated when only a few observable cases occur, which 
are sufficient to prove the efficacy of the test and the method. 
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Russian and French literature (as we referenced) should be meticulously 
studied and analyzed in a higher group symmetry electrodynamics, to see 
how the Lorentz condition is broken during discharge of circuit excitation 
energy in the load, and how the COP>1.0 Dirac hole current decay 
mechanism is avoided or contained. 


The Russian COP>1.0 parametric oscillation work appears to have been 
suppressed by the Communist regime just prior to WW II. After the war, 
all such technology passed under the rigid control of the KGB (by 
whatever name it took and takes from time to time) and into the special 
weapons research and development area — still highly classified in Russia. 
We know ofno similar work presently ongoing in the West, although at 
least an English translation of one of the major summary documents of the 
Russian parametric oscillation COP>1.0 power system developments was 
performed under NASA auspices {363}. However, in conventional U.S. 
parametric oscillation research, I know of no case where COP>1.0 
operation is being sought, or where the Dirac sea hole current decay 
mechanism is even mentioned or recognized {364}. 


6.3.2 Sweet Vacuum Triode Amplifier 

During the 1980s and 1990s, the present author worked —sometimes 
closely for extended intervals — with inventor Floyd Sweet, the inventor 
of the Sweet vacuum triode amplifier (VTA). Indeed, we gave the unit its 
VTA name, at Sweet's request. 


Fig. 6-5 (pg. 384) shows a diagrammatic illustration of the fundamental VTA 
construction. Two coils in quadrature are between two barium ferrite 
"brick" magnets, of the kind formerly used in many power audio systems. 
The vertical coil is the "input" signal coil, and the horizontal coil is the 
"output" power coil. The input consisted of a 33 microwatt 10 volt 60- 
Hertz signal, and the output was a 120-volt 60-Hertz 500-watt signal. The 
barium nuclei in the magnets were specially preconditioned by Sweet so 
that they were in powerful self-oscillation with the surrounding energetic 
vacuum. A double-edged razor blade or piece of shim stock placed on one 
of these magnets would oscillate back and forth, incessantly, without 
cessation — showing that the magnetic field itself was "waving" back and 
forth (Figure 6-6). It was also continually doing work against air 
resistance, by moving the air. 
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Self-oscillating shum-stock, ny Conditioned banum ferrite magnet 


waving to and fro steachly, ——’ with sel-oscillating H-field 
continuously performing work 
against air resistance 


Figure 6-6 Blade waving continuously on Sweet's conditioned barium ferrite magnet. 


Sweet had a Master's degree in electrical engineering from a leading 
university and handled the mathematical theory very well. He had worked 
at General Electric for many years, and Gabriel Kron was his patron and 
mentor. Sweet often spoke glowingly of Kron, and I came to believe that 
Sweet's VTA was probably an outgrowth of, or very similar to, Kron's 
negative resistor. 


¢ Two activated magnets facing, with fields in self-oscillation. 

¢ Barium ferrite magnets, barium nuclei in self-oscillation 

¢ Barium nuclei self-pumped 

* Two coils in quadrature, load is lamps, six watts 

¢ Next unit produced 500 watts output with 330 microwatts 
input; later made 5 kW VTA. 





Figure 6-7 First Sweet VTA producing 6 watts output. 


When I first met Sweet, his littlke WTA system was producing a 6-watt 
output, enough to light four 15 watts of auto lamps (Figure 6-7. But there 


306 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


was no question as to the genuineness of the device. Nothing was hidden, 
and Sweet allowed me to measure the device at will, disassemble it, play 
with it, and examine it in any fashion. It was genuine, and not a hoax or 
trick. I also locked up one of his specially conditioned magnets for 24 
hours, with a piece of shim stock sitting on the flat of the magnet and 
waving to and fro continuously, steadily performing work by moving air. 
When I opened the lock the next day, the shim stock was still there on the 
magnet and oscillating, having continuously done work against the air 
resistance for 24 hours with absolutely no energy input by the operator. 
And it was still working. Indeed, that single "kinetic" permanent magnet 
destroys all objections to COP>1.0 EM systems, including those that are 
self-powering and thus have COP = oo. 


It seems little known that the vacuum around nuclei, in some cases, can be 
treated as a semiconductor, e.g. as discussed by Prange and Strance {365}. 
It is also known that nuclei do exhibit resonances at ELF frequencies. In 
particular, the vacuum in the region close to the nucleus ofa superheavy 
element is known to act in a fashion analogous to the inversion layer in a 
field effect transistor. Prange and Strance introduce the idea of the inverted 
vacuum. Just as a semiconductor may be manipulated by subjecting it to 
external fields, doping etc., it appears that the vacuum can be similarly 
manipulated by appropriate means. We personally suspect that the 
semiconducting vacuum can be and is resonantly involved in any ELF 
resonances of the nucleus, which can occur in lighter nuclei such as 
barium.'™ 


The virtual particle flux of vacuum, regarded as noise, may provide noise 
amplification of the coherent self-oscillation frequency between the 
semiconducting vacuum and the barium nucleus. Certainly, analogous 
noise amplification of signals is known in electrical physics {366}. 


'e4 Here our concept of the supersystem may be of utility. The "lock-in" or "freeze- 
framing" of an equilibrium condition for a system — such as in a state of nuclear 
ELF self-oscillation — is stabilized and made a "new equilibrium condition" when 
the force field reaction from the curved local spacetime into the system is equal and 
opposite to the force field reaction from the local active vacuum into the system. We 
believe Sweet's undisclosed activation process was a method for synchronizing those 
two force field reactions and making them equal and opposite in one short discharge. 
We hope that this speculation is of use to future experimenters trying to duplicate 
Sweet's activation of his magnets into sustained and powerful supersystem self- 
oscillation. 
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I hypothesized that Sweet's activation process treated the vacuum 
surrounding the barium nucleus in such fashion, so that he was able to 
establish self-oscillation between the local activated vacuum and the 
concomitantly activated barium nucleus. Since barium ferrite is optically 
active, it may be that Sweet discovered how to get sufficient "self-pumping 
gain" for the self-oscillation to endure and not die away in a decaying 
oscillation manner. Since the "gain" of the second VTA as a self-pumping 
device was some 1,500,000 (Figure 6-8), obviously Sweet's activation 
method introduced a powerful state of self-oscillation.'© 


Two activated BaFe magnets 
in self-oscillation 


Barium nuclei self-pumped 

Two coils in quadrature 

Load Is 5 lamps, 500 watts ——__ 
Input 330 microwatts 





Figure 6-8 Second Sweet VTA producing 500 watts and COP=1,500,000. 


'© Here we point out that "small" things with very close "double surfaces" of 
opposite charge or potential usually have very large fields. The tiny Lamb shift, e.g., 
has a local energy density greater than the surface energy ofthe sun. Jackson, 
Classical Electrodynamics, Second Edition, 1975, p. 10-11 points out that "field 
strengths of the order of 10°-10"° volts/cm exist at the orbits of electrons in atoms, 
while the electric field at the edge ofa heavy nucleus is of the order of 10'° 

volts/cm." It should be obvious to the reader that, if our speculation is true and 
nuclear oscillation of the barium nuclei is involved, the production of optical gains 
of 15 x 10° in Sweet's self-pumped, optically acting barium ferrite magnets is not 
surprising because ofthe extreme magnitude of the oscillating nuclear fields. In that 
case, optical gain converts directly to true power gain because the pumping energy is 
furnished freely by the environment and not by the experimenter. 
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6.3.2.1 Mapping the Magnetic Field of the Magnets 

Figure 6-9 shows a small magnetic field mapping device built by test 
engineer Rosenthal for Sweet. Sweet "scanned" and mapped the 
consistency of the magnetic field from his candidate magnets (barium 
ferrite magnets bought from surplus stores at the time). If the consistency 
varied over 12 to 15%, the magnet was useless because it would not "hold" 
the activation and retain it. Magnets whose magnetic field variation did not 
exceed 10% were ideal. So Sweet only found about 1 in 10 or even 1 in 30 
magnets that would retain the self-oscillation state when initiated. 





Figure 6-9 Test engineer Rosenthal points toa magnetic field strength 
mapping device he built for Sweet. 


Sweet may have actually used two appreciably higher frequencies in his 
activation process, with the difference frequency between them being a 
precise ELF frequency (60-hertz, 100-hertz, 400-hertz, etc. as he desired). 
That would make sense, when one realizes that the magnet is a highly 
nonlinear medium and then treats it (to first order) as an isotropic 
nonlinear medium. In that case, the two wave frequencies actually used 
would be subject individually to the normal overshoot, breakup, 
reconstitution, etc. inside the material of the magnet — but the difference 
frequency would behave as ifit were a sine-wave frequency {367}. 


This makes sense, since the output wave of Sweet's activated magnet was 
essentially a pure sine wave. Also, the presence of noise-enhanced 
heterodyning can sometimes be used to amplify a difference signal even 
further {368}. As we stated, since the activation is a self-oscillation 
between the local semiconducting vacuum and the barium nuclei, one 
wonders whether much of the rest of the vacuum virtual particle flux can 
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be treated as noise, and whether an effect is obtained for noise 
amplification of the coherent self-oscillation frequency. 


Lvov and Prozorova {369} point out some interesting characteristics of 
the formation of self-oscillating spin waves which occur above parametric 
excitation. These oscillations result when internal stability does not occur, 
and they evidence themselves as oscillations of magnetization. The 
frequencies of the oscillations usually lie in the range from tens of 
kilohertz to tens of megahertz. At small above-threshold ratios, the shape 
of the oscillations is nearly sinusoidal. At larger ratios, the shape differs 
appreciably from sinusoidal. At still larger ratios, the oscillations become 
chaotic. 


If Sweet did use the "difference frequency” conditioning, one suspects he 
may thus have been able to utilize larger above-threshold ratios, where the 
two frequencies actually transmitted would have resulted in chaotic 
oscillations. It is interesting to speculate that, in that case, for a suitably 
chosen barium ferrite magnet, the difference frequency still can behave 
sinusoidally, but now much stronger. If so, that might account for the 
tremendous COP Sweet attained in his second unit, which exhibited a 
COP = 15 x 10°, and could be pushed even higher. 


6.3.2.2 Sweet VTA for Closed-Loop Self-Powering Operation 

Courtesy of Walter Rosenthal, we now present a visual record of the Sweet 
closed-loop self-powering version of the VTA and its momentous 
successful acceptance test on May 1, 1990, as closely observed by 
Rosenthal. 


Figure 6-10 shows Sweet and a different version of the VTA, with the 
coils in a slightly different configuration and the windings altered. This is 
the two-magnet, 2-coil VTA that he built and tested for self-powering 
operation. Figure 6-11 shows the unit mounted on a special test fixture 
built by engineer Rosenthal. This fixture and its components allowed the 
sensing of the sine wave output power at the zero-value crossover points. 
To switch in the special clamped feedback system for self-powering 
operation of the input, and simultaneously switching away from external 
power, the switching had to be done very accurately at that zero-point 
crossover. Feedback would not stabilize and hold if the switching were 
done at any other point in the output cycle. 
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Unit independently examined and testing observed by 
test engineer Walter Rosenthal 





Figure 6-10 Sweet with 2-magnet 2 coil VTA, loads, and instruments for historic 
self-powering operational tests on May 1,1990. 


Figure 6-12 shows the set-up for the tests, with the unit and loads as well 
as some of the instruments used. Figure 6-13 shows the closed-loop VTA 
powering itself and its loads, after being initially set into operation with 
outside input power by the operator, and then adroitly switched into self- 
powering by switching the input from external to internal at an output 


Fixture allowed unit to be started into operation on external power then 
switched to self-powering internal power at the zero crossing of the output 
voltage The device in its fixture has a row of test points (disconnects) on 
every conductor going to the device 





Figure 6-11 Two-magnet two-coil VTA mounted ona special test fixture 
built by Walter Rosenthal. 
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power zero crossover point. This picture shows the unit in self-powering 
and stable operation, taking all its input energy from the vacuum, including 
the power necessary to power its own internal losses and the power 
necessary to power its controls and loads. 


Independently examined and testing observed by test engineer Walter Rosenthal 





Figure 6-12 The 2-magnet, 2 coil VTA, loads, and instruments for its 
historic self-powering operational tests on May 1,1990. 


Formal self-powering test on 1 May 1990 The loads and the VTA are 
powered by electrical energy extracted directly from the active vacuum 
Independently observed by professional test engineer Walter Rosenthal 





Figure 6-13 Historic self-powering operational test of the VTA May 1,1990 
with no energy Input by the operator. 
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We strongly stress that this operation is permitted by the laws of physics 
and thermodynamics for an open EM system far from equilibrium in its 
exchange with its active environment. The active environment in this case 
is the combination of the active local vacuum and the active local 
curvatures of spacetime. The closed-loop condition is a new and stable 
equilibrium condition in the dynamics ofthe mutual exchanges between all 
three supersystem components: the system, the active vacuum, and the 
curvatures of spacetime. The system is in stable disequilibrium; the 
supersystem is in a stable new equilibrium condition. 


6.3.2.3 Discussion 

We do know that the output current of the second Sweet device was 
comprised of a significant Dirac hole current'® as well as electron current 
— showing the expected heavy involvement of the altered local vacuum 
(the Dirac sea) and the curved local spacetime. The negative energy 
majority ofthe output revealed itself readily. Ifthe output leads were 
shorted, ice formed instantly on the shorted leads from the moisture in the 
air. That is, an electrical short resulted in the sudden production of cold 
(negative) EM energy rather than positive EM energy.'®’ That can only 
occur if the majority of the output is negative energy, and any sudden 
surge in output (as from the shorted leads) increases the ratio of negative 
energy to positive energy so that very strong net cooling results. 


For many predominantly mechanical components (simple electrical 
motors, light bulbs, etc.), Dirac hole current applied to the positive lead 
will power the circuit equally as well as electron current applied to the 
high voltage (negative) side, ifthe grounding is simply by a conductor and 
not a "vast reservoir" of charge. In such case, the wire chosen to conduct 
or direct the Dirac hole current should be made very small. It can and will 


‘66 We do mean hole current in the Dirac sea, consisting of Dirac holes in the 
vacuum itself, prior to their interaction with charged matter to form lattice holes in 
matter. We do not mean the standard lattice hole current at all. 


'€7 Tn local curved spacetime, Dirac holes constitute "negative energy EM fields and 
potentials". In such case, one can have negative energy entities and reactions 
analogous to positive energy entities and reactions in 3-space. On the time axis, one 
also has negative energy entities and currents, potentials, waves, fields, etc. Because 
classical Maxwell-Heaviside-Lorentz theory eliminates any modeling of the local 
vacuum or the local curvature of spacetime, these negative spacetime curvature 
(negative energy) potentials, fields, and currents have not been added into the 
electromagnetic theory. That of course is a serious shortcoming of the normal theory. 
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carry intense hole current and will cool rather than heat.'® The wire to the 
electron side of the device should be made normal sized, appropriate to the 
electron current to be carried. 


Several other inventors over the years have been able to activate a barium 
ferrite magnet into sustained self-oscillation of its material particles or 
domains, in similar but weaker fashion for varying lengths of time — up to 
a month or so in the longest time that I am aware of. Sweet's magnet would 
continue in self-oscillation indefinitely unless (i) the magnet was sharply 
shocked mechanically (as with a hammer blow), (ii) the magnet was heated 
to too high a temperature, (iii) the leads of the output circuit were 
electrically shorted, or (iv) external artificial field interference (electrical 
pulse shock, particularly from longitudinal stress waves) was 
encountered." 


Unfortunately, Sweet signed multiple conflicting agreements with several 
financial backers, and his work was legally entangled so deeply that it was 
never straightened. He eventually died, taking with him his activation 
secret. He was often threatened, and was once fired at by a professional 


‘8 This is very probably the secret of Tesla's "single wire system". At an exposition 
in Nevada, Bedini demonstrated just such a system, by powering 600 watts of audio 
speakers at the end ofa long, very thin wire across the stage from his power 
amplifier. If he had been using positive EM energy, the wire would have instantly 
melted. 


‘© During that period, the Russians were playing with earthquake induction via 
scalar interferometers, at various places around the world, including inside the U.S. 
heartland. Sweet's machine would sit above a natural quake and not be affected. But 
when a quake within many hundreds — even several thousands — of miles was 
artificially induced, the Sweet device would react to it. A fairly close artificially 
induced quake would destroy the self-oscillation of the magnets, and sometimes a 
very close artificially induced quake would actually explode the intensely activated 
magnets. So for several years one had a way of ascertaining which quakes were 
natural and which were artificially induced, by simply having Sweet confirm how his 
magnets interacted. 


° For those who do not believe such an activity, here is a direct statement by then- 
Secretary of Defense William Cohen: "Others are engaging even in an eco-type of 
terrorism whereby they can alter the climate, set offearthquakes, volcanoes 
remotely through the use of electromagnetic waves... So there are plenty of 
ingenious minds out there that are at workfinding ways in which they can wreak 
terror upon other nations...It's real, and that's the reason why we have to intensify 
our efforts. " Quoted from DoD News Briefing, Secretary of Defense William S. 
Cohen, Q&A at the Conference on Terrorism, Weapons of Mass Destruction, and 
U.S. Strategy, University of Georgia, Athens, Apr. 28, 1997. 
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assassin using a silenced rifle. He survived the incident because, being old 
and a bit feeble, he stumbled and fell over the front steps just as the 
assassin fired. The bullet snapped by his ear, right where his head had just 
been. The incident was reported to the FBI, but with nothing else to go on, 
the assassin was never caught. 


By whatever means, we do know that Sweet's magnets had to be activated 
by a special process that Sweet used and never fully revealed. An activated 
or "kinetic" magnet, it seems, was actually something a few of the "older 
magnetics guys” had known about, and Sweet had learned of it either from 
them or from Gabriel Kron. Sweet was also a transformer designer and 
expert, and he remarked that he had also observed specialized self- 
oscillation in certain transformers. Although most power engineers 
approached were either nonplussed or completely skeptical of a "self- 
oscillating field in a permanent magnet", self-oscillation of the fields, spin 
waves, etc. in permanent magnet materials are known to materials 
scientists today, especially to those working with magnetic effects in thin 
film materials {370, 371a-b}. 


From a general relativity viewpoint, particle spin has a unique spin field of 
its own {372}, and there are such spin fields involved and operating in 
magnetic systems. The simple classical electrodynamic approach to 
magnetism and magnetic assemblies — or the view of a magnet as simply 
a bar with a north pole and a south pole — is quite insufficient when one 
wishes to research magnetic assemblies that will act as open systems far 
from equilibrium with their active environment, and thus will be capable 
of COP> 1.0 operations. 


Recent work in coupled spins has revealed long-range coherence effects, 
previously unsuspected, as well as dual spin states participating in such 
phenomena {373a-b}. For example, Johnson has long used a 2-particle 
approach to spins and spin flipping in his own highly nonlinear magnetic 
assemblies {374}. His recent laboratory work has also shown similar and 
unsuspected long-range coherence effects in large multiple-magnet 
macroscopic systems {375} such as large assemblies of neodymium-iron 
magnets. This is strongly suggestive of the expected general relativistic 
spin field previously mentioned. 


This work by Johnson is very important, since it may reveal a hitherto 
unsuspected mechanism for decay — ofan otherwise nonconservative 
magnetic field around a closed loop — back into a conservative field. If 
one seeks an all-permanent-magnet rotating motor, a nonconservative 
magnetic field around a rotation loop must be established and sustained if 
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one is to have self-rotation and self-powering. A nonconservative magnetic 
field around such a rotation loop means that the system acts as an open 
system far from equilibrium with its active vacuum and active curved 
spacetime environment, by means of some asymmetry mechanism such as 
multi-valued magnetic potential {376a-c, 377a-g}, elucidation of exchange 
forces {378a-c} at selected positions and directions, etc. It also requires 
both a stable broken 3-symmetry and a stable 4-symmetry. 


On the other hand, in our opinion, Sweet employed spin waves triggered 
into self-oscillation in the nuclei of the barium atoms in his barium ferrite 
magnets. Indeed, such nuclear spin waves in magnets have been known for 
some time {379}. We postulate that, as in any other COP>1.0 power 
system, a self-rotating all-permanent-magnet motor must also involve 
Dirac sea hole current interacting in the various magnetic components. It is 
reasonable to suspect that these also interact with the electrons and their 
spin fields, perhaps producing the active mechanism providing that 
observed long-range coherence that apparently can decay the 
nonconservative magnetic field around the rotation loop, causing it to 
revert back to a conservative field and thereby stop the self-rotation and 
self-powering. If so, that long-range coherence must be violated and the 
violation stabilized. However, we could find no papers in the literature 
that deal with such possibilities. Hence it is a subject for further 
investigation by COP>1.0 researchers. 


6.3.2.4 The Highly Successful Anti-Gravity Test 

On one trip to California to work with Sweet, we noticed that, at full 
power output of 500 watts, his unit weighed a little less on the bench than 
when not powered. Struck by this anomaly, I considered the negative 
energy aspects ofthe output — as evidenced by the Sweet's demonstration 
of icing when the output leads were shorted — and the very high gain, 
which added up to a predominance of negative energy in the output. 


Pondering this from a general relativity viewpoint, I reasoned that: (i) 
increase of positive EM energy density in space increases the curvature of 
spacetime to produce additional positive gravity Gp; (ii) increase of 
negative EM energy density in space must increase the curvature of 
Spacetime in the other direction, and thus it must produce negative gravity 
Gy,, and (iii) the total gravity Gy produced in the immediate spacetime of 
an object producing both positive gravity Gp and negative gravity Gy, was 
Gy = f(Gp + Gy). Thus if we increased the output of the VTA unit, we must 
inevitably increase the weight reduction (antigravity) effect since the 
predominance of the energy output was negative energy, and this output 
was in the neglected negative energy fields aspect as well as in the local 
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vacuum (spacetime) itself. After several back-of-the-envelope estimates 
and educated guesses over some weeks, I concluded that if the efficiency 
of the antigravity process'”’ were 10% and the unit was pushed to 1500 
watts output, it would lose all its weight and hover weightless. 


However, because of the nonlinear local spacetime, magnetic 
monopoles'” '7? were deposited in Sweet's magnets when the unit was 


"| We again accent the difference between efficiency and COP. Here we are 
definitely speaking of efficiency, not COP. 


” Dr. Robert Flower has confirmed that the symmetrized" (or "extended") Maxwell 
equations (Eqs. 7.1 in Springer's Encyclopedia of Physics, Vol. 16, p. 431) include 
non-zero magnetic charges and magnetic currents. Antenna engineers (Henning 
Harmuth, and others) know that these terms must be included for proper description 
of boundary conditions, even though, at the final step of computation, their integrals 
are set equal to zero (apparently to snuff out magnetic monopoles). For Dirac's 
original theory of the monopole, see P. A. M. Dirac, "Theory of magnetic 
monopoles," Phys. Rev., Vol. 74, 1948, p. 817-830. See also F. A. Bais and B. J. 
Schroers, "Quantisation of Monopoles with Non-abelian Magnetic Charge," Nuclear 
Physics B, Vol. 512, 1998, p. 250-294; G. Lochak, "The Symmetry Between 
Electricity and Magnetism and the Problem of the Existence of a Magnetic 
Monopole," in T. W. Barrett and D. M Grimes. [Eds.] Advanced Electromagnetism: 
Fundations, Theory, & Applications, World Scientific, 1995, p. 105-147. 
Particularly see T. W. Barrett, "On the distinction between fields and their metric: 
the fundamental difference between specifications concerning medium-independent 
fields and constitutive specifications concerning relations to the medium in which 
they exist." Annales de la Fondation Louis de Broglie, 14(1), 1989, p. 37-75; — 
"Electromagnetic Phenomena Not Explained by Maxwell's Equations," in Lakhtakia, 
A. (ed.): Essays on the Formal Aspects ofElectromagnetic Theory, World Scientific, 
River Edge, NJ, 1993, p. 6-86; — "The Ehrenhaft-Mikhailov effect described as the 
behavior of a low energy density magnetic monopole-instanton." Annales de la 
Fondation Louis de Broglie, Vol. 19, 1994, p. 291-301. The work of Ehrenhaft, 
which is now substantiated and thoroughly replicated by Mikhailov, has produced 
experimental evidence of the magnetic monopole in many replicable experiments. In 
these experiments, magnetic particles move in a magnetic field along the lines of 
force. Reversal of the magnetic field, H, causes a reversal of the magnetic particle's 
motion, which is not the case with magnetic dipoles, since that can only occur for a 
monopole. See V. F. Mikhailov, "Observation of magnetic monopoles in the field of 
a line conductor," J. Phys. A: Math. Gen., Vol. 18, 1985, p. L903-L906; — 
"Observation of the magnetic charge effect in experiments with ferromagnetic 
aerosols." Annales de la Fondation Louis de Broglie, Vol. 12, 1987, p. 491-523. See 
also M J. Perry, "Magnetic monopoles and the Kaluza-Klein theory," Am. Inst. 
Phys. Conf. Proc, No. 116, 1984, p. 121-125; E. V. Smetanin, "Electromagnetic 
field in a space with curvature — new solutions," Soviet Physics Journal, 25(2), Feb. 
1982. p. 107-111. [English translation]. See also T. T. Wu and C. N. Yang, "Dirac 
monopole without strings: monopole harmonics," Nuclear Physics, Vol. B107, 1976, 
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producing power, and the density of these monopoles varied as the output 

power. Increasing the power output thus increased the tensile stress of the 

magnets, and at some point they would explode into fragments, like a hand 
174A hs : Bs ; 

grenade. ~ This explained why conditioned magnets sometimes exploded 

when experiencing fluctuations from artificial earthquake induction 

testing. 


Having no explosive control facilities, I warned Sweet not to push the unit 
past 1,000 watts, for safety reasons. At my urging, Sweet made a new 
output load often 100-watt lamps in sockets, so the load could be varied 
from 100 to 1,000 watts easily. 


p. 365-380; — "Dirac's monopole without strings: classical Lagrangian theory," 
Phys. Rev. D., 14(2), July 15, 1976, p. 437-445. 


"3 We emphasize that a magnetic monopole can be taken simply as a highly 
localized magnetic scalar stress potential. See, e.g., P. A. M. Dirac, "Theory of 
magnetic monopoles," Phys. Rev., Vol. 74, 1948, p. 817-830. Dirac pointed out that 
the existence of a single magnetic monopole in nature would allow an explanation 
for charge quantization. We believe that the reverse of Dirac's argument may be 
true also: The existence of charge quantization should allow an explanation for the 
magnetic monopole. However, we also surmise that a magnetic monopole exists only 
in (and as) a sharply localized curvature of spacetime. Jackson, Classical 
Electrodynamics, second edition, 1975, p. had this to say about magnetic dipoles and 
Dirac's argument: "“Dirac's argument... is that the mere existence of one magnetic 
monopole in the universe would offer an explanation of the discrete nature of 
electric charge. Since the quantization of charge is one of the most profound 
mysteries of the physical world, Dirac's idea has great appeal. " 


'™ Sweet in fact did explode several magnets by pushing the power output of the 
device. Pushing the output was easy (and is easy for any unit outputting mostly 
negative energy), because all one had to do was connect additional load. 
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Figure 6-14 Results of the"pushed"VTA antigravity test: Weight of VTA 
on the bench versus power output. 


Sweet completed the new load section and performed the experiment in 
California after 1 had returned to Huntsville, reading off the results to me 
over the phone. I took down the data, and then plotted the curve. Figure 6- 
14) shows the beautiful results. At 1,000 watts the unit had lost 90% of its 
weight. This was electrifying, because it was an unprecedented and highly 
successful antigravity experiment. Even my original "rough" assumption 
of levitation at 1500 watts was not too far from the indicated 1250 watts or 
so from the actual curve. 
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Figure 6-15 Proposed mechanism for practical antigravity. 
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Figure 6-15 shows my proposed mechanism for antigravity. We simply use 
negative EM field energy generators to produce a negative EM energy 
field in space surrounding the source vehicle. The associated positive 
energy from the same energetic power source can power the vehicle 
simultaneously. The local reversed curvature of spacetime now interacts 
back upon the mass of the vehicle, to produce an antigravity component. 
By adjusting the output of the power source, the amount of negative 
energy — and hence the amount of antigravity component — can readily 
be varied and controlled. By controlling the directions of the field 
components, one can have unidirectional antigravity force, or antigravity 
and thrust force vectors simultaneously. Hence such a vehicle could be 
maneuvered and controlled, and be self-powering. This at least was and is 
my concept ofa practical antigravity technology. 


6.3.2.5 Later Developments and the End ofthe VTA 

Later I prepared a paper on the VTA, including the antigravity 
experiment's results. We succeeded in getting the paper published {380} 
but I deliberately did not include the real details of the negative energy 
aspects as I wished to withhold that information for patenting. I prepared 
the entire paper, but placed Sweet's name first, as was appropriate since he 
was the inventor of the VTA. 


Unfortunately — but understandably! — Sweet became a bit paranoid after 
the sniper assassination attempt (he was shot at by a distant sniper using a 
silenced rifle), and then would never allow a formal demonstration of his 
antigravity test. I strongly wished to present it to a major national U.S. 
scientific committee for independent testing and confirmation — which 
could have been done without Sweet having to reveal his activation 
process for the magnets. However, Sweet would not hear of such. Indeed, 
he fearfully kept the antigravity capability a secret from most of his 
backers. He strongly believed that he would be killed almost immediately 
if he revealed our antigravity experimental success. He may have been 
correct. 


In fairness, the inventor and his backers of necessity have different 
priorities from those of scientists doing open research in a university. But 
at least a record of the test results is in the literature, though certainly not 
as rigorously or as extensively as I wished. Sometime later, I withdrew 
from any further association with the VTA unit, after the backers changed, 
a lawsuit broke out, and the entire project unraveled. Sweet later died 
without ever revealing his full secret for such powerful activation of self- 
oscillation in permanent magnets at low ELF frequencies. 
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The loss ofthe Sweet vacuum triode was a severe blow to science and a 
real setback to the scientific progress that could already have been made. 
Nonetheless, I contributed what I could, documented what I could, and 
made a videotape of the operation of the open-loop 500-watt device in the 
power mode. I also made a video of as much as Sweet would reveal of his 
activation process. I was not allowed to videotape a second antigravity 
experiment, even though I frequently and strongly requested it. By that 
time, Sweet mortally feared for his life. Perhaps what we have written in 
this book will be sufficient to provide some needed clues to some future 
graduate student or post-doctoral scientist who will succeed in recovering 
the necessary activation of magnets and both the COP» 1.0 power 
capability and the antigravity experiments. 


Meanwhile, I have filed a provisional patent application on the mechanism 
for antigravity, the gist of which I worked out solely on my own back in 
1971 at Georgia Institute of Technology, and that I include in Chapter 8. 
As far as I am aware, no one else had thought of it previously, or has 
thought of it in that exact form {using the causal positron prior to 
observation, and while it is still a negative energy, negative mass electron, 
as the source charge for negative EM field energy, and also using the 
causal positron's corresponding giant Heaviside nondiverged negative 
energyflowfor substantial negative curvature ofspacetime.). 


6.3.3 Intense Discharges in Ionized Gas 

Intense sudden discharges in ionized gases are especially of interest due to 
the presence of optical frequency components and the involvement of 
iterative optical retroreflection etc. These processes seem to be involved in 
several investigations and inventions. Further, it appears that such intense 
discharges do produce bursts of negative EM energy as part of their overall 
discharge energy. 


In the case of plasmas, some are known to transduce an input transverse 
EM wave into an output longitudinal EM wave, and vice versa. We know 
now that such a longitudinal EM wave is also accompanied by a time- 
polarized (scalar) EM wave in the time domain. The connection with the 
Whittaker 1903 decomposition of the potential, and with the new 4- 
symmetry negentropy law, is apparent. Several COP>1.0 researchers — 
notably Shoulders {381a-f} and Paulo and Alexandra Correa {382a-e} — 
have performed extensive research into anomalous discharge phenomena, 
and also have developed experimental devices capitalizing on the novel 
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effects available.'”'”° The Correas' U.S. Patent No. 5,449,989 includes 
many tests of a Correa glow discharge apparatus, one of which in 20 
minutes of operation produced 0.988 kilowatt-hour of energy output for an 
input of 0.258 kilowatt hours. Using the known negative resistor 
characteristics, the Correas achieved sustained self-oscillations in the 
discharge. 


As an aside, we point out that the well-known anti-Stokes emission — 
which produces more energy output than the experimenter inputs, and 
hence exhibits COP>1.0 — has long been validated in certain gases such 
as aniline vapor {383} and H, {384}. Stimulated anti-Stokes radiation 
occurs in many solid materials such as oxides and doped oxides {385}. 
Assuming the excess energy comes from the internal energy of the 
molecules, this is a prime candidate for free replenishment of that 
furnished internal energy of the molecule, via the broken symmetry of the 
molecular dipoles in their fierce virtual energy exchange with the local 
active vacuum and local curved spacetime. Of course, conventionally the 
energy furnished by the molecules, etc. is not replenished from the 
vacuum, hence anti-Stokes emission can be used for coherent light cooling 
effects {386}. Apparently the Correas' process accomplishes the energy 
replenishing, hence the COP> 1.0 performance over a 20 minute period. 


Formation of longitudinal EM waves in the plasma forms in certain gas 
tubes, such as in Priore's gas-filled tubes {387}, may also occur in the 
Correa experiments and probably do. Longitudinal EM waves, of course, 
always involve their concomitant, accompanying time-polarized EM 
waves, since the combination comprises the scalar potential and hence the 
local curvature of spacetime provided by that scalar potential. The 
replenishment mechanism involved in longitudinal EM waves and scalar 
potentials — time-energy transduced into 3-space energy — apparently is 


"> Both Shoulders’ electron cluster discharges and the discharge phenomena of Paulo 
and Alexandra Correa have been independently verified. Fox and other scientists 
have verified COP>1.0 in Shoulders' work, and Mallove has formally observed a 
self-powering Correa system. Both these highly reputable scientists are well known, 
have the highest integrity, and I would trust either of them with my life. Further, we 
point out that strong gradients — as exist temporarily in strong discharge phenomena 
— are already known to violate thermodynamics. That is one ofthe areas being 
researched today to advance thermodynamics, under the aegis of "extended 
thermodynamics". See Appendix A. 


'"6 Tn addition, the Correas have demonstrated a form of energy that demonstrates 
latent heat. See discussion in Paragraph 6.3.9. 
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invoked and utilized in the Correas' sustained self-oscillations in the 
plasma discharge. 


6.3.4 Shoulders' Electron Cluster Processes 
Valone {388} has summarized Ken Shoulders' charge clusters and 
processes as follows: 


"An unusual energy source is the clustering ofelectrons 
by a discharge needle into a high density bundle equaling 
Avogadro's density ofa solid.... Ken Shoulders has 
patented a process (Pat. #5,153,901) thatproduces 
electron clusters with such high energy density, they equal 
processes exceeding 25,000 degrees Celsius upon impact. 

Yet, he only uses 20 microjoules to produce the effects. 
The clusters travel at a maximum ofone tenth the speed of 
light andpenetrate any substance with accuracy and 
sharp precision. It is similar to xenon clustering 
techniques currently used at megavolt energy levels. Low 
energy nuclear transmutation ofthe target has also been 
achieved with this process. Using a deuterium-loaded 
palladium foil, only the bombardment areas show 
transmutation into silicon, calcium, andmagnesium with 
electron clusters upon analysis with X-rays. Jin and Fox 
{389} have postulated that the high velocity electron 
clusters achieve results similar to accelerators, including 
penetration ofthe nucleus, with substantially less power. 

The new physics oflike-charges clustering in bundles 
under low power conditions opens a wide range of 
applications including spacecraft maneuvering 
microthrusters. Overunity efficiency [sic: should be COP] 
is 9to 1, orhigher. " 


Ken Shoulders is an accomplished experimental scientist who has 
discovered and patented many aspects of electron charge clusters, 
including their COP>1.0 characteristics {390}. 


According to his experiments, one of the most remarkable characteristics 
of these charge clusters seems to be their dramatic reduction of the 
permittivity of space {391}. Shoulders has noted the remarkable removal 
Of positive charge during the self-formation process ofthe clusters {392}. 
In our opinion, the involvement of the supersystem of these charge clusters 
is shown by that phenomenon. We hypothesize that an accompanying 
Dirac hole current is shown by the experimental occasions where — in 
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addition to the Shoulders’ negative charge clusters — additional charges 
unite but show effects of having opposite charge {393}. Such changes 
would change the permittivity of space, which Shoulders has noted. They 
could also create a time-reversal zone (TRZ), which would account for the 
clustering of like charges since in a TRZ the law of attraction and 
repulsion of charges is reversed. In such a zone, like charges attract and 
unlike charges repel. This could explain why Shoulders has observed both 
negative charge clustering and positive charge clustering. 


This would also explain the remarkable separation of the positive charges 
from the negative charges — they are simply repelled by the negative 
clusters in a TRZ.'” This of course immediately involves curvature of 
spacetime effects, including local changes in the speed of light etc. As 
stressed by Shoulders, the entire area cries out for extensive and 
sophisticated experimental investigation on a continuing basis, as well as 
some powerful new theoretical work. Shoulders has also noted both 
"black" and "white" (dark and bright) clusters, including their combination 
and separation, strongly suggesting Dirac holes as well as the electrons in 
the charge clusters. He has proposed a form of "inertial propulsion" based 
on some of the mechanisms and asymmetrical forces observed in his 
experiments, and such asymmetry is possible in curved local spacetime 
conditions. 


The relation of Shoulders' effects to cold fusion phenomena was shown by 
an experiment in which a deuteron-loaded palladium cathode was 
impacted by a charge cluster {394}. An explosive-like reaction occurred, 
and an X-ray analysis of the impact crater showed a number of elements 
not seen in the nearby palladium surface away from the impact site. 
Elements such as oxygen, calcium, silicon, and magnesium were detected 
in the impact site, but not in the surrounding palladium lattice. We would 
suggest the presence of TRZ-based nuclear transmutation reactions (via 
quasi-nucleus formation followed by quark-flipping in nucleons as the 


"7 Since the same TRZ phenomenon generates specific nuclear transmutation 
reactions at low spatial energy, explaining the anomalous transmutation of elements 
in cold fusion electrolyte experiments, a strong indication exists that it is a viable 
mechanism. In our mechanism proposed for the flow of time, a TRZ is produced for 
charges whenever antiphoton interactions predominate over photon interactions. This 
indeed implies a change in the permittivity ofthe local space, local curvature of 
spacetime, and local changes in the speed of light — all phenomena Shoulders notes 
in his experiments. 
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TRZ decays to a time-forward zone). Additional information on this 
charge cluster phenomenon has been given by Fox {395}. 


Other Shoulders patents are pending and his research is continuing. It is 
our understanding that at least one application is presently being developed 
for the market. 


6.3.5 Mills's Hydrino Energy Cells and Developments 

Dr. Randell Mills {396a-396c}, {397} has proposed a cosmic sea of 
hydrinos (the hydrino is a proposed reduced energy state of the hydrogen 
atom) to explain his tested energy cells. He envisions — and produces a 
theory for — hydrogen that is reduced to a lower energy state (the 
"hydrino"). He has gathered considerable evidence for his theory, and has 
accounted for some sixty or so infrared spectral lines in the sun's radiation 
that have previously not been explained. Independent tests appear to have 
validated his energy production claims. 


Several major companies are presently working with Mills and his parent 
company, BlackLight Power, Inc. Progress can be followed from the 
company website, www.blacklightpower.com. Developments are ongoing 
in light, power, plasma, and new compositions of matter. A technical book 
by Mills {398} is freely downloadable from the website, giving his overall 
theory, as are other publications by Mills et al. {399a-h}. Critical 
objections to various parts of Mills' theory have been given, e.g., by 
Zimmerman {400}, with Mills responding strongly and — in our opinion 
— successfully. 


Certain concepts utilized by Mills are, in our opinion, valid and insightful 

- whether or not the classical quantum mechanics developed by him is 
found to hold, and whether or not it agrees with ordinary quantum 
mechanics (which has problems of its own). The point is that the 
experiments work. It is thus the job of the theorists to find what changes 
must be made to the theory for it to remain consistent with experiment. If 
they do not like Mills' theory, the proper procedure is to advance one that 
is consistent with all the experimental results, and also to show where 
Mills’ theory is inconsistent with the results. 


In our own view, an observed positive charge is the output of an ongoing 
time-reversal process and therefore represents a "time-reversed entity" as 
observed. Before observation (imposition of d/dt operator), the positive 
charge is thus a negative 4-charge comprised of gf, not qg. From that 
viewpoint, the H+ ion, which is just a hydrogen nucleus (a proton) without 
an electron shell, may be regarded as a time-reversed 4-entity prior to 
observation. Further, any energy change in and of the hydrogen atom 
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results in a change in the local energy density of spacetime (ST) a priori, 
hence a change in the local ST curvature. 


If we regard the entire hydrogen atom as a set of such ST curvatures and 
their dynamics, then Mills' consideration of a lower positive energy state 
hydrino simply implies the addition of an additional negative ST curvature 
to the ST curvature set associated with the normal hydrogen atom. We note 
that binding energy of the nucleons is already negative energy, and thus 
just such a negative spacetime curvature. But the binding energy is itselfa 
spacetime curvature capable ofbeing increased, as can be any spacetime 
curvature. In the supersystem, addition of such ST curvature is possible, 
and it is doable electrodynamically, particularly when Heaviside's 
normally unaccounted huge energy component is accounted and utilized. 


In our opinion, Mills' theory should probably be recast into a higher group 
symmetry electrodynamics — such as O(3) — which has been shown to be 
intimately connected with Sachs's unified field theory. This would provide 
an adjusted model that is not only testable but also engineerable. 
Nonetheless, the concepts of Mills' theory and the theory should be closely 
examined as they stand, and at least some of the key concepts are 
engineerable as witnessed by his successful experimental results. That is 
better than what the critics have offered! A higher group symmetry 
recasting would enhance and expand his theory even more, and correct any 
errors that might be present. It would also allow a full theoretic treatment 
(i.e., a supersystem treatment) of Mills' main concepts, which we believe 
have much merit. 


Further, given Mills' hydrino as we approached it, two hydrinos will each 
possess such a set of spacetime curvatures (each will possess such a 
vacuum engine). Later in this book — and elsewhere {401} — we have 
pointed out that, in a time-reversal zone (TRZ), the law of electromagnetic 
charge attraction and repulsion is reversed. Accordingly, in a TRZ two or 
more hydrinos will attract each other so closely that each enters the now- 
reduced strong force region of the other, forming a quasi-nucleus. As the 
TRZ decays away back to a normal time-forward zone, because of their 
power law form the strong forces restore back to normal much faster than 
the electromagnetic forces do. Hence during its "decay", the quasi-nucleus 
is energetically compacted into a permanent nucleus, either flipping quarks 
or giving off one or more particles as necessary to balance its new energy 
state in the process. We have previously argued that a similar process 
where a TRZ induces formation of quasi-nuclei also yields the major 
transmutations {402} demonstrated in a large number of cold fusion 
experiments worldwide. 
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The present author has previously proposed an engineerable mechanism 
(the totality ofall photon interactions with a mass) that generates the flow 
of that mass through time {403}. By manipulating the arrow of time 
between forward vector and reversed vector, the strong forces in a nucleus 
(or for a particle) can be directly manipulated in magnitude (and to some 
extent, even in sign although the latter involves gluon and quark 
manipulations in the nucleons). By adroit use of these manipulated strong 
forces and TRZ formation and decay, the energy states of nuclei can 
indeed be manipulated, including reduced in energy level —just as Mills 
assumes and presents experimental evidence for, and as cold fusion 
experiments present experimental evidence for. 


We note that two such interacting hydrinos must each possess a specific 
vacuum engine (specific set of ST curvatures and dynamics). Novel new 
interactions are available in TRZ's because of manipulation and even 
reversal of electromagnetic forces, strong forces, etc. and because of 
nuclear fusion of like charged particles into quasi-nuclei followed by 
decay into stable nuclei, etc. These novel new particle interactions caused 
by manipulation of strong spacetime curvature engines and their 
magnitudes are presently missing from particle physics. Mills, however, 
does come at them from a somewhat different direction in his own 
concepts. 


The reason for the absence of dominant general relativity effects in most 
particle physics is that the "total photon interaction" mechanism generating 
the flow (persistence) of a mass or field through time has not been 
recognized and used. Consequently, in general only those far weaker ST 
curvatures due to the weak G-force have been considered. To Mills’ great 
credit, he is aware of the gravitational significance of manipulating much 
stronger forces and spatial energy densities such as the electromagnetic 
fields and their energy densities. 


The U.S. Patent and Trademark Office then refused a new patent to Mills 
on one of his processes, and revoked another Mills patent even after 
already agreeing to award it within two weeks. BlackLight Power, Inc. 
initiated and lost a lawsuit against the Commissioner of Patents, seeking to 
reverse this unusual action by the U.S. Patent Office. However, the 
company's patent portfolio has continued to grow, with extraordinary 
international applications {404a, 404b}, and several European patents have 
been filed appropriately. BlackLight Power Inc. seems well funded (some 
millions of dollars) and well staffed, and we expect to see BlackLight 
Power, Inc. products entering the market place. Those products will 
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probably be related to fuel cells, plasmas, power converters, generators, 
separation methods, and novel compounds materials. 


and 


6.3.6 Switching Circuits with Extended Electron Gas Relaxation Time 
See Figure 6-16. Suppose an instantly applied voltage to the high side of 
the circuit instantly potentializes a pair of circuit conductors, with the 
other acting as ground. The charges in the conductor are thus instantly 
potentialized and excited, so that through the external circuit there exists 
an E-field E, where E = —V9 between the high side of the circuit and the 
ground return side. An acceleration force on the energized electrons thus 
exists. It requires a finite time for the energized electrons in this force field 
E to break their static friction or inertia, move, and accelerate to the 
requisite slow drift velocity down the wire. During that delay or "electron 
relaxation time", no current is initially in progress, then a little current is 
flowing, and finally all of the current is flowing. This delay time is called 
the electron gas relaxation time. 


Fast-acting switch 


\ Fe-doped Al wire 
j: ——"s _ JA 
Voltage | / 3 
Source i 
TT as © 


Note: May use many strands of Fe-doped Al wire instead of one, for each conductor 








Figure 6-16 Extended-relaxation-time circuit with diodes. 


In the usual copper conductor, the delay time arguably may be on the order 
of 10°'® sec. This is so slight a delay that it can be ignored, for all practical 
purposes. Current — with resulting dissipation of the collected potential 
energy — usually occurs "as soon as" we apply the voltage, for all 
practical circuit work. However, suppose we could increase that electron 
gas relaxation time to, say, one millisecond? Then for an appreciable 
number of microseconds, there would be essentially no current flowing at 
all in the now-potentialized circuit. 


We previously proposed a mechanism whereby a degenerate 
semiconductor alloy (say, ofa tiny bit — perhaps 2% or so — of iron 
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alloyed in aluminum wire) is utilized for the conductors of the external 
circuit. This should give a vastly extended electron relaxation time, 
somewhere on the order of a millisecond. By obtaining a millisecond, one 
can excite the circuit with current-free potential alone, which becomes 
pure regauging during the electron relaxation period. 


We strongly point out that this is an asymmetrical regauging; the E-field 
previously mentioned is present, but the electrons are still frozen in the 
circuit since their relaxation has not begun. The gauge freedom principle, 
recognized in quantum field theory, assures us that we do not have to 
perform work to simply inflow potential energy to change the potential 
energy of the system. In real circuits, we may have to pay a tiny bit for 
switching to connect and disconnect the external potentialization source, 
but we can be at pains to make that very efficient and minimal {405}. The 
point is, other than minor switching costs, the dramatic change in the 
potential energy of the system is cost-free and no current is drawn from the 
external potential source. Hence — in the language of the electrical 
engineer — we draw no power from the source of potential, during this 
potentialization time. 


Suppose we switch away the excitation source prior to its decay while the 
electrons are still frozen. Simultaneously, we complete the "freed" 
potentialized circuit with a strategically placed diode, as shown in Figure 
6-16. Again, we pay a little switching cost, but it can be minimized. The 
electrons in the now asymmetrically potentialized circuit are still frozen, so 
no power has yet been drawn by the system from the external power 
supply furnishing the voltage only. In this way, pure asymmetrical 
regauging is used to excite the circuit with additional potential energy, 
without requiring work (except minimally for switching). 


A little more time passes, and suddenly the electrons in the potentialized 
circuit wake up and move. We stress again that the full emf is acting on the 
electrons, and now they are finally free to move. There is a net nonzero 
regauging E-field (force field) also. The excited closed current loop circuit 
then discharges in normal Lorentz symmetrical fashion, killing the source 
dipolarity as current is driven back up through the diode, but all the work 
in the load is "free". The circuit specialist will also recognize the 
usefulness of additional components associated with the shunt, such as a 
capacitor or even an LC oscillator for AC work. 


If LE is load work obtained and SE is switch energy utilized, this approach 
yields COP = LE / SE and COP > 10 is possible. The reason is that the 
primary source dipole providing the potential for potentialization of the 
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electrons and regauging of the circuit is removed from the closed current 
loop circuit and the effect of current through the back emf. Thus the 
primary source dipole is not destroyed faster than the load is powered. It is 
only depleted by the small amount of switching energy we utilized. This 
appears to be a major way to avoid the COP<1.0 limitation of the usual 
closed current loop circuit. 


This is a circuit with legitimate COP>1.0 capability, without violation of 
the laws of thermodynamics or physics. We break the Lorentz condition 
between the initial "external circuit" and the primary source dipole for the 
regauging energy. After regauging, we "cut loose" the circuit with its own 
primary dipolarity and newly transferred "separate source dipole". By such 
adroit use ofelectron gas relaxation time, we can use one source dipole to 
freely make another ofequal intensity, without any depletion ofthe first. 


The difficulty is in getting the Fe-Al alloy wire, which must be made in an 
inert atmosphere since Al corrodes easily and the two elements have very 
different melting temperatures. 


Alternatives can be visualized, such as to utilize a capacitor whose plates 
are made of the Fe-Al alloy. This might be useful in the triode-capacitor, 
to be discussed next. A series of pulses might then be used to charge the 
capacitor, without depletion of the primary source dipole in the external 
source of potential, ifit is repeatedly switched in and away. An interesting 
question arises if such a capacitor with tailored "hysteresis" in its charging 
is utilized in various circuits and schemes containing a coil of useful time 
delay also, particularly since the electron gas relaxation phenomenon 
involves decaying oscillations. Interesting phase angle results can be 
constructed in such circuits, but we leave the resolution of this question to 
future experimenters. 


6.3.7 The Triode-Capacitor and Other Curious Components 

See Figure 6-17. In this rough concept by the present author, the notion is 
to implant a grid of very small copper wire mesh inside the dielectric and 
near one or both of the capacitor plates, and then to utilize grids as if they 
were grids of a triode tube, for gating and controlling the displacement 
current in the capacitor and the dielectric strain. As an example, when 
charging the capacitor, the grids can be used to increase the displacement 
current (which also increases the voltage on the capacitor and dielectric 
strain). This increases the charge and energy in the charged capacitor, 
without putting in as much "enhancement and gating" energy as the extra 
energy obtained in the charged capacitor. If desired, we can also 
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incorporate the 2% Fe-doped Al wires in the grid, or connected to it, to 
further move the grid toward a "pure current-free potential" operation. 
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Figure 6-17 The triode-capacitor concept. 


The scheme is that a voltage on this grid will intercept only a small current 
during charging of the capacitor, but can have an appreciable voltage upon 
it. The charging potential is placed across the capacitor, and 
simultaneously the grid has a similar potential placed upon it. The external 
source of charging potential is then disconnected, and the capacitor 
charges with more energy rearranged in its circuit than the energy one 
dissipates in the grid. The similarity to an old vacuum tube triode is 
apparent. For the purist, additional grids with tetrode and pentode 
functions can also be added. 


One or more inventors has unwittingly tried to approach this in one way or 
another, but have not directly incorporated this schema and have not used 
the grid. They do not seem to have obtained positive results with those 
different schemas without the grid, nor have they specified the difficulties 
and phenomenology encountered, etc. We were curious about possible 
results of combining this (the triode grid in the capacitor) with the known 
elimination of capacitor losses by appropriate pulse charging {406a-b}. It 
seems that experimentation and research with the triode capacitor and its 
variations is definitely indicated. 


We were also curious about the Davis non-inductive resistor {407a}, 
which is a special kind of "capacitor" that becomes an inductance-free 
resistor. One may argue that the resistor may be multiply inductive after 
all, though it is net noninductive. It may well be "equally and oppositely 
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inductive,” which is quite a different thing altogether, since it produces an 
artificial stress potential (and in the presence of AC, it produces a 
longitudinal EM stress field wave) in spacetime even though it produces a 
net zero reactance. In short, it produces a Lorentz-regauging, directly, and 
this can be a varying Lorentz regauging producing longitudinal EM stress 
waves. Whether this odd characteristic can be utilized in a COP>1.0 
process remains to be seen. Preliminary indications are that it can be so 
utilized. 


The various versions of the biwound coil, wound with two conductors at 
once and then the currents passed through the conductors in opposite 
directions, also presents interesting capabilities. Here again, it is multiply 
inductive, but may be tuned and adjusted to be net noninductive. We 
strongly suggest comparison with the well-known hairpin dual dipole 
antenna. 


In short, this biwound coil arrangement — with various variations — can 
produce (and modulate) a magnetostatic scalar stress potential in the local 
vacuum and, in the case of AC, a longitudinal EM wave. This would 
appear to be a direct change (and oscillation) ofthe stress potential of the 
vacuum itself, which can be decomposed via the Whittaker process into a 
harmonic set of phase conjugate longitudinal EM wavepairs. The potential 
longitudinal EM wave communication possibilities can be seen, although 
one might require a Fogal transistor to receive the longitudinal EM wave 
modulations of such signals. 


Further work in this area of unusual capacitors and components is left to 
the interested reader for his or her experimentation and research. 


6.3.8 A Surprising Thing About Thermodynamics and Reservoirs 
Thermodynamically, it is fashionable to state that one cannot take energy 
from a reservoir at constant temperature. That is true for equilibrium 
conditions, but not for nonequilibrium conditions {408}. That is, we 
cannot take energy from a reservoir in equilibrium at constant temperature. 
We can indeed take energy from a reservoir at constant temperature but 
not in equilibrium. More exactly, we can take energy from a 
nonhomogeneous reservoir at constant temperature. 


We quote Hsu-Chieh Yeh {409} for a vivid statement of this little- 
recognized fact: 


"From Planck's statement ofthe second law of thermodynamics 
itis generally inferred that it is impossible to construct an 
engine which produces work at the expense only ofheat taken 
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from the air or the ocean. ...[It is demonstrated that]... when the 
air and the ocean are combined as a nonhomogeneous reservoir 
ofuniform temperature, it is possible to construct an engine 
which produces work by extracting heatfrom the said reservoir. 
This does not constitute a violation ofthe second law of 
thermodynamics, rather that the "reservoir" in the Planck's 
statement must be clearly stated as being in equilibrium. " 


Yeh's article falsifies the general, mistaken inference that Planck's 
statement of the second law of thermodynamics requires it to be 
impossible to construct an engine that produces work at the expense only 
of heat taken from the air or ocean. The experiment described in Yeh's 
paper demonstrates that when the air and the ocean are combined as a 
nonhomogeneous reservoir of uniform temperature, it is possible to 
construct an engine that produces work by extracting heat from the said 
reservoir. This does not constitute a violation ofthe second law of 
thermodynamics, but rather shows that the "reservoir" in Planck's 
statement may be in equilibrium or disequilibrium, and the statement holds 
only for the equilibrium case. Also, an entire reservoir can be in "overall" 
equilibrium, but in raging disequilibrium between various parts of itself. 
Classical thermodynamics only applies with the reservoir or part of it that 
is used by the system in its supersystem, when that part is in equilibrium. 


We bring this out to show the analogy to our concept of the two additional 
components of the supersystem as the "reservoir" or external environment 
of the system itself. 


We also point out that the concept of temperature itself is not strictly 
defined under disequilibrium conditions, as pointed out by Gabriel Laufer 
{410}. 


The proof and a schematic diagram ofa machine to do just such an energy 
extraction process at constant temperature in an environment in 
disequilibrium are shown by Yeh {408}. 


6.J.9 Latent Heat Work of the Correas 

In addition to their glow discharge work previously discussed, Paulo and 
Alexandra Correa have demonstrated a method to optimize some 
anomalous form of energy from the sun, which transduces into heat, 
producing an anomalous Tp - T difference registered in Orgone 
Accumulators'”* invented by W. Reich in 1939-1940. They have also 


"8 This is Reich's terminology, not used in conventional physics. We suspect that 
proper application of quantum field theory with its four photon polarizations could 
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employed the optimized difference in this "latent" heat — their term — to 
drive a low dT Stirling engine of the MM6 type, to perform free work 

{41 la-b}. The Correas employ their own new theory ofthe aether {412} to 
explain the effect. 


Against the assertion that this is just normal solar energy warming, they 
have demonstrated the successful driving of the Stirling engine for several 
hours during nighttime {413}. With their latest improved version, they 
report speeds of the Stirling engine of 150 rpm during daytime (with dT 
values reaching 22.5° C), and speeds of 30 to 80 rpm during nighttime 
(with dT values of 3.1 to 9° C). There appears to be no obvious standard 
thermodynamic explanation or standard theory to explain how the 
anomalous heating occurs — although once it does occur, the explanation 
from then on is thermodynamically normal. 


The Stirling energy is driven on a difference in temperature created 
between the top plate and bottom plate of a box by this anomalous energy. 
It is the production of the heat that is anomalous, not the driving of the 
engine. For comparison, imagine a bank of solar cells that would somehow 
operate at night, when no normal radiation from the sun was striking them. 
The Correa effect demonstrates such an anomaly.'” 


Dr. Eugene Mallove, an excellent scientist with impeccable credentials, 
has personally observed the Correa accumulator system driving the Stirling 
engine, and has examined it inside and out {414}. Though small, the heat 
and the motive power are real and the engine is really driven, in the 
absence of any kind of conventional batteries or other known power 
source. 


be applied to transform the notion of "orgone" energy into specialized EM energy. 
We further suspect that orgone energy is really the transduction ofthe time-polarized 
photon energy into normal photon energy. We are assured by quantum field theory 
and the giant negentropy solution to the source charge problem that the 
instantaneous scalar potential involves this process. 


'® We point out that local regions of the sun may well produce Aharonov-Bohm 
effects, and probably do. Such reactions in the sun would localize some of the 
B-fields and emit curl-free magnetic vector potential radiation into space, striking 
the earth. Close examination and analysis of the possible reaction of uncurled 
A-potential radiation with the accumulator box and plates in the Correa process 
might yield a novel mechanism for the observed heating (scattering) effects, 
including the difference between daytime and nighttime levels, periodic variations, 
etc. 
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While the Correas utilize some of Reich's orgone and aether terminology, 
they are quite aware that the energy being converted is not normal 
transverse EM wave energy. Quoting {415}: 


"Aetherometry demonstrates that what traverses space is 
not transverse electromagnetic radiation (and certainly 
not sensible heat), but longitudinal electric 
ambipolar radiation emitted from the sun. All that 
electromagnetic radiation consists ofis a local production 
of photons (for those who care to listen): aether energy is 
not composed ofphotons, actual or virtual. " 


We can generate sympathy for that statement, although we would still not 
rule out time-polarized (scalar) photons and longitudinal photons from 
quantum field theory, each of which is individually nonobservable, but 
when paired the two comprise an instantaneous scalar potential. As we 
previously discussed, the classical notion of the EM force fields E and B 
implicitly assumes interaction of the unseen causal "field-as-it-exists-in- 
massfree space” with charged mass having been accomplished, with the E 
and B being the 3-effect of this interaction after observation. Thus these 
force fields E and B are 3-effects (after interaction and after observation) 
rather than 4-causes prior to interaction and observation. We suspect that 
the Correas are trying to get at the causal 4-photon, rather than the usually 
assumed 3-photon. Further, a virtual photon spends much of its time 
existing as a dipole comprised ofa virtual electron and a virtual positron. 
Therefore it spends much of its time in the presence of the giant 
negentropy 4-circulation, involving transduction of time energy into spatial 
energy and vice versa. It is this negentropy circulation represented by the 
virtual photon (or accompanying it, whichever one chooses) that the 
Correas are confronting as the "aether energy". 


As previously discussed, an analysis of the Drude electrons in the electron 
gas of a detector builds a convincing case for EM waves in space existing 
in longitudinal EM waves, ifthe spinning and longitudinally restrained 
electrons precess and act as gyros. The detected transverse EM waves are 
in fact transverse precession waves of the gyro-electrons when perturbed 
by incoming longitudinal EM waves (longitudinal photons appearing in 3- 
space from the time-domain's scalar photon couplet). As Feynman put it 
{416}, 


"We may think of E(x, y, z, t) and B(x, y, z, t) as giving the 
forces that would be experienced at the time t by a charge 
located at (x, y, z), with the condition thatplacing the 
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charge there did not disturb the positions or motion ofall 
the other charges responsible for the fields." 


The E and B force fields — and transverse photons — are not the form in 
which EM energy causally exists in 4-space prior to its interaction with 
charged mass. In that causal form, EM energy seems to exist in field-free 
form, as a direct curvature of spacetime — at least in Sachs's unified field 
approach. Further, this form may be represented as the causal precursor of 
longitudinal EM waves accompanied by time-polarized EM waves. 


We will not repeat our past discussion of the great necessity to change the 
very notion of "propagation through 3-space", but that is the issue. In our 
opinion, the Correas have had to struggle with the use of this causal EM 
energy as it exists in 4-space prior to interaction with charge and prior to 
observation. Hence their view is solidly based that the photon does not 
exist until after the interaction — which in fact has much support once we 
remove the still-present assumption in classical electrodynamics that a 
material ether exists. 


Our own recommendation is that this anomalous energy should be deeply 
investigated with the view that all EM energy in 3-space comes from the 
time-domain and the 3-space aspect is in terms of longitudinal photons, as 
we have proposed in our solution to the source charge problem previously 
cited. That is the only way that the nature of the EM wave in vacuum can 
be reconciled with quantum field theory's findings {19} and with 
Whittaker's decomposition of the scalar potential {85}, slightly corrected 
{12}. 


Mallove also points out {417} that, ifthis aether energy view of the 
Correas has validity, it "...suggests that physics is notjust wrong, it is 
profoundly wrong — catastrophically wrong about even the most 
fundamental questions ofexistence, such as: 1) Is there an energetic 
aether? and 2) What is the nature oflight?" 


We profoundly agree with Mallove's observation, and we believe we have 
explained the reason why physics is indeed profoundly wrong (widely 
substitutes effect for cause). Further, classical physics is decidedly wrong 
about the nature of light — from quantum field theory, experimental proof 
of superluminal communication, and action-at-a-distance effects. 


In our view, the Correas presently have a replicable experiment that, once 
independently and thoroughly investigated, may force a deeper 
examination of the foundations of physics. Hopefully, the Correas' 
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experiment and others like it will finally force the separation of effect from 
cause, presently so mangled in physics and particularly in electrodynamics. 


Ifthe National Academy of Sciences and the National Science Foundation 
can be convinced of the horrible manglement of cause and effect in 
physics and especially in electrodynamics, perhaps they may yet wake 
from their long slumber and get the foundations corrected to eliminate 
such non sequiturs. Ifso, we shall have a magnificent new physics as a 
result. 


If not, then the NAS and NSF will continue to profoundly reduce the 
security of this nation, since several nations have already made and 
weaponized such corrections to physics to produce what is called 
"energetics". Further, extraordinarily powerful energetics weapons have 
already been developed and deployed (and even employed), putting the 
USS. at a strategic disadvantage because of the continuing reluctance of the 
NAS and NSF to correct the glaring and extraordinary errors in both 
physics and electrodynamics — and especially in electrical engineering. 


Meanwhile, we believe that the work and experiments of Paulo and 
Alexandra Correa are at the forefront of capturing and transducing energy 
from the vacuum, in whatever form one chooses to consider the vacuum 
energy itself. They are also pointing the way to the corrections and 
changes necessary in the "old physics" if we are to better understand the 
world we live in. 


6.3.10 Swiss Overunity Converter 

We must also include the "Testatika" devices invented by Paul Baumann in 
a religious commune, Methernitha, adjacent to the village of Linden in 
Switzerland'®’. Figure 6-18 shows one of the machines, which over a 
period of 20 years were developed in various output sizes up to 30 
kilowatts. Once started, the device is self-powering while also powering a 
very substantial external load (up to 25 kW). Many engineers and 

scientists have observed the machines in observation, examined them, and 
measured one or more in operation, so there is little doubt of their 
authenticity. 


'The website for Methernitha is www.methernitha.com. One may read the 
statementsof the religious group for oneself. 
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Figure 6-18 Swiss Methemitha machine. 


However, there the science stops and mysticism and speculation begin. 
The religious commune releases no real details, except deliberately 
tantalizing clues. When questioned, the reply is that humankind in its 
present state cannot be trusted with such free energy. Almost all those 
examining the device have thought in ordinary electrical engineering 
terms, so very little comes from their examination because standard 
electrical engineering does not contain any theoretical explanation of 
COP>1.0 electrical power systems whatsoever. Baumann himself 
sometimes cryptically replied that his study of lightning discharges in 
nature gave him the operational principle. As we shall see, that may indeed 
be a very substantial clue as to the possible technical COP>1.0 mechanism, 
and one that does not exist in conventional classical electrodynamics. 


The Methernitha (Baumann) machine resembles a Wimhurst machine with 
contra rotating static wheels, made of plastic or other insulating material 
with copper ribs and structures on one side and aluminum on the other. 
Use is made ofthe discharge into and from large capacitors and large coils. 
Also, at least one horseshoe-shaped permanent magnet assembly at the 
bottom is utilized. The major operating feature seems to be the contra 
rotating disks of a "Wimhurst" static generator machine, a magnetic field 
at right angles, and the sharp discharge of high voltage into and from large 
capacitors and large coils. The voluminous material on the Internet and in 
articles about the machines is mostly of little real use in contributing 
understanding or in proposing any legitimate mechanism. 


338 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


We have not "solved" the machine's mechanism, since that would require 
close study ofthe device for a protracted time, and there has been no 
opportunity or time for that — although Baumann invited this author to 
come and see the machine some years before he died. Regrettably, I was 
unable to make the trip, and Baumann himself has now been dead for some 
years. We will therefore offer some technical suggestions pertaining to 
mechanisms that may be operating in the machine (or others like it). 


First, we call attention to a paper by Aguirregabiria {418}. Quoting: 


"An ohmic ring that rotates with constant angular velocity 
in an external uniform magnetic field is considered as a 
simple modelfor a current generator. Under the 
assumption that all quantities vary slowly in time, the 
lowest-order approximation to the surface charge density 
isfound. The flux ofthe Poynting vector through the loop 
surface is also computed. Unlike the examples that are 
given in textbooks, this flux is not always incoming: It has 
the outgoing direction around the loop parts where the 
electrons are moving against electrostatic forces. " 


In other words, contrary to textbooks, there are positions where such a ring 
produces currents in one direction, and positions where it produces current 
in the other direction — infact moving against the voltage and E-field, 
and thus serving as a true negative resistor in those latter regions. This 
may be a profound clue to the negative resistor operation of Baumann's 
machine. 


This unexpected negative resistor effect is in theory usable to provide a 
true negative resistance. Ifthere are transformers in the machine (and there 
are in some of them at least), then if a true negative resistor were used as 
an external shunt across the external circuit connected to the secondary of 
a transformer, the transformer could be operated as a true COP>1.0 device. 
The back-field connection from secondary to primary would be reduced by 
the fraction of the return current to the secondary that is shunted in parallel 
to that current "pumped" back up through the secondary. 


This should be considered as an important possibility in the Baumann 
machine's operation. 


Second, a charging and discharging capacitor involves not only energy 
flow in a direction perpendicular to the plates, but also an energy flow ina 
direction parallel to the plates {419}. Each ofthe rotating "plates" is 
actually a rotating capacitor of sorts, with a dielectric between two plates 
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of special construction and dissimilar metals. The dielectric and the plates 
thus involve a complex intermingling of the negative resistor effect, a 
positive resistor effect, magnetic energy flows (both in entropic and 
negentropic manner in various regions), etc. 


Baumann once handed two dissimilar plates, with a dielectric between 
them, to an engineer who measured it and found a startling several hundred 
volts across the plates! To date, no one is known to have been able to 
reproduce that effect.'*' We suggest that, ifthe dielectric material is 
layered and photorefractive in nature, it may be related to the negative 
resistors built by Chung {420}. Ifso, the physical pressure of the plates 
against the layered dielectric may also be quite important. By varying this 
pressure, Chung and her team found that their device could be made to 
exhibit negative resistance, positive resistance, or zero resistance. This 
leads us to speculate that Baumann may have used a "stressed dielectric" 
capacitor as a device having a built-in negative resistance. In that case, 
build-up of such a surprisingly high voltage would indicate high stress 
locked into the negative resistance dielectric. 


We also call attention to a paper by LaPointe {421}, which will be 
discussed later under inertial propulsion and antigravity. Essentially, true 
Dirac hole current in the adjacent vacuum/space can be generated by 
powerful electrical discharges, particularly from capacitors or coils. When 
the unaccounted Heaviside energy component is also considered as well as 
the Poynting component, LaPointe's despair at the difficulty of obtaining 
sufficiently large voltage gradient across a very tiny distance is dispelled. 


'8! We are reminded, however, of the peculiar phenomenon that can occur in large 
power capacitors stored on a warehouse floor. If their leads are not shorted, the 
capacitors will build up a self-charge gradually, and this can become quite lethal. 
For that reason, such large capacitors when stored will have their leads shorted, to 
prevent this "free cumulative charge and energy" from appearing and posing a 
serious hazard. To our knowledge, there has been no complete scientific explanation 
advanced for this "self-charging" effect in large storage capacitors. Our own 
hypothesis is that it is probably an effect of unaccounted Heaviside nondiverged 
energy flow components associated with various field/charge interactions in the area 
and with ordinary Poynting EM energy flow in the area, including within the earth 
itself. Further, with respect to the surface ofthe earth there is an increase in 
potential with altitude. Hence from any point above the earth's surface and a point 
on the surface, there exists a dipolarity and a "Kron open path". The broken 
symmetry of that dipolarity means that within it a continuous 4-circulation of EM 
energy flow occurs as well as point-dipole polarization. 
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Ifthis speculation holds, then in examining lightning strikes and their more 
bizarre phenomena, Baumann may well have hit upon the fact that such 
discharges also generate negative energy as well as positive energy, 
although it appears that the technical concept of negative energy was 
foreign to him, at least in such terms. In short, he could have been 
unknowingly charging his large capacitors by Dirac sea hole currents, 
somewhat similar to Bedini's process.'*” In that case, most of the "negative 
resistance" operation could be explained by Baumann's transduction of 
large bursts of negative energy into large bursts of positive charging 
energy and current in his capacitors. 


Or, said another way in terms of Aguirregabiria's effect, Baumann may 
simply have been charging capacitors in that "negative resistance" 
Aguitregabiria region where the current does flow backwards against the 
voltage. 


At least we have proposed some known though rare phenomena, which 
Bedini and my four colleagues and I have discovered in independent 
efforts. We strongly suggest that the Baumann device may unwittingly 
incorporate several of these mechanisms, but that neither Baumann nor the 
other members of Methernitha seem to have any technical notion of them. 


With that, we leave it to the interested researcher to perform his or her 
independent Baumann-type system experiments and build-ups. Eventually, 
as is always true in science, the experiment must determine the truth of 
what is really happening. Given the successful experiment, then a model 
must be contrived or fitted that (i) explains the new effects produced, and 
(ii) complies with normal EM operation of normal COP<1.0 systems. 


6.4 Some Magnetic Processes of Interest 


There are some 200 or more magnetic effects in the literature, and only 
about half ofthem are well understood. Of the remaining half, some are 


'®? Bedini and the present author have filed a patent application upon this exact 
mechanism and process, and typical embodiments for accomplishing it. Bedini 
discovered the effect and used it for two or more decades, and after some intense 
struggle with the problem I was able to find the exact technical mechanism, 
including literature justification. This becomes a system to close-loop a "unitary" 
type of COP>1.0 system, which is covered in the patent application also. A different 
system can be used to close-loop a non-unitary COP>1.0 system, and that method is 
contained in the second MEG-type patent application of my four colleagues and I 
who invented the motionless electromagnetic generator (MEG). 
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partially understood and some are not understood at all. The COP>1.0 
researcher interested in magnetic systems would do well to study magnetic 
materials science {422a-422c}, known magnetic effects, and particularly 
those magnetic effects that are still anomalous such as in leading edge 
superconductivity research. The new area of spintronics {423}, e.g., is 
rapidly advancing and will have future impact on COP>1.0 magnetic 
systems. We do not further discuss spintronics in this book, but merely call 
this rapidly emerging area to the attention of the interested COP>1.0 
researcher. 


Let us examine a very few magnetic effects of interest, as a sampling of 
what we are referring to. 


6.4.1 Self-Powered Magnetohydrodynamic Motors 

Interesting self-powered magnetohydrodynamic motor work has been 
shown by Bednarek {424}. He shows a multi-branch rotor in a galvanic 
cell composed of sulphuric acid electrolyte with copper and zinc 
electrodes. The unit develops an emf of about 1 volt, with the rotor placed 
in a vertical magnetic field such as from a large rectangular permanent 
magnet, where the field of the magnet is a few teslas in strength. The 
electrolyte and the rotor revolve in opposite directions. To change the 
direction of revolution of the rotor, the magnetic field direction is reversed. 
A linear self-powered magnetohydrodynamic motor is also shown, and has 
a similar principle of operation. 


The interesting point is that these motors work, but less efficiently, when a 
water solution of table salt is used as the electrolyte. With the worldwide 
availability of seawater, this becomes an interesting possibility of 
"renewable energy" application. We leave it to the reader to further 
investigate this proven experimental technology as desired and to 
determine its practicality. 


6.4.2 Multivalued Magnetic Potential 

Conventional system designers work with conservative fields, as shown in 
Figure 6-19. Conservative fields arise from a single-valued potential — a 
potential that has only one value at each point in 3-space that it occupies. 
Consider a rolling ball of mass m on the "oval track" shown in Figure 6-19, 
starting from point A and rolling on the right side path. With the ball at 


183 Ror technical information, see (a) Michael Ziese and Martin J. Thornton, Eds., 
Spin Electronics, Springer-Verlag, 2001; (b) D. D. Awschalon, N. Samarth, and D. 
Loss, Eds., Semiconductor Spintronics and Quantum Computation, Springer-Verlag, 
2001. 
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rest at point A, we give it a slight push to velocity Vj; adding kinetic 
energy K, = 1/2 m(V;)’. At point A, the ball has its maximum potential 
energy P, due to gravity. 


Note The vertical distance above the 
horizontal base represents the 
magnitude of the scalar potential 

aT. 2 at the point where the vertical 
B  lineistaken 






Acircular closed path in potential @ is given by A-B-C-B'-A 

Line integral from A around any closed path back to A is conservative 
Along path A-B-C, work W(1) may be extracted from rolling ball 
Along path C-B'-A, must do work W(2) on ball, where W(2) = - W(1) 


Figure 6-19 Conservative field use (single-valued potential). 


As it moves to the right because of our push, the ball will accelerate due to 
the force of gravity and increase its kinetic energy until it reaches point C 
at the bottom, reaching its maximum linear velocity Vc and kinetic energy 
Ke at point C. Its change (PA - Pc) in potential energy at from point A to 
point C has been converted to kinetic energy [¥% m(V)) + % mVg"] at 
point C. 


Continuing on around on the left half ofthe path, as the ball rises toward A 
again, the portion (P, — Pc) = '% mVg —of the ball's kinetic energy at C 
that was added by the force of gravity from A to C —is returned to 
potential energy Py. The ball reaches its lowest kinetic energy 2 m(V;)° at 
A and also its lowest velocity V,. For a perfect lossless system, once 
started in motion the ball would rotate around the track indefinitely, freely 
changing potential energy into kinetic energy and then back to potential 
energy. Nevertheless, it would not do any outside work, for that would 
represent losses or dissipations of energy from this conservative system. 
Consequently, the ball would quickly run down if work were being done, 
even if the system were otherwise "perfect". 
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If one integrates the change in potential energy around the track, the net 
change in potential energy is zero. The work done on the ball by increasing 
gravity to increase the ball's energy in one half-cycle, is taken back from 
the ball back when it climbs back out into decreasing gravity in the other 
half cycle. If one integrates the changes in kinetic energy around the track, 
once the initial velocity and kinetic energy are produced by outside forces 
in a perfect system, the net change in kinetic energy is zero. Of course, it is 
easily seen that the ball gains kinetic energy on its downward half of the 
track, and then returns the kinetic energy on its upward half of the track. 


This situation is said to involve a conservative fields and the system will 
not produce any net energy to use as free work. Indeed, a real system will 
almost always have some friction and other losses around the path {425}, 
so the ball will gradually lose net initial energy given it, slow down, and 
eventually come to rest at point C, the lowest potential energy of the 
system. 


(Multivalued magnetic sealer potential arises readily in magnetics) 







(Asymmetncal 
seltregauging) 
Potential is muiti- 
valued here and 
freely regauges the 
system with excess > me 
potential energy 3 é aT e 
Ball is lifted by the > 
free regauging. J-" SSS 5 wo Ae — NoncorServative 
- Field* 


Conservative field for 
companson 


Note. The vertical distance atrovethe_ 
honzontal represents the oe 
magnitude of the scalar potential 
at the point where the vertical 
line is taken 


A circular closed path in potential¢ is given by A-8-C-8-D-A 

Potential ¢ is multi-valued from D to A 

Line integral from A around this closed path back to A is nonconservative 
Along entire path A-B-C-B-D, work may be extracted 

No work is required to go from Dto A. When ball arnves at D, it also 
arrives at A simultaneously |e, the potential "jumps” in magnitude 


Figure 6-20 Field may be non-conservative for a multivalued potential. 


A charge circulated through a closed current loop circuit also moves 
through a conservative field region in similar manner. Hence, there is no 
net excess energy input available for such a conventional circuit. It follows 
that one must arrange for inputting all the input energy (intercepted and 
collected by the circuit) that is then dissipated from the circuit's loads and 
losses. Unfortunately, half the collected circuit energy also goes to 
destroying the dipole, with less than half powering the load. Therefore, 
that circuit always exhibits COP<1.0. 
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Now see Figure 6-20, where we provide an analogy using a rolling ball 
around a circular track, in a gravitational potential. In this case, the 
potential has a multiple magnitude A and D at point A-D, which is the 
same point (we plot a point in the potential's magnitude, not a point in 
3-space, although there can be close approximation). 


Approaching magnitude D from point B', the value of the potential is 
steadily reducing and is much lower prior to reaching A-D than it was 
when leaving magnitude A. During this phase, the ball is gaining kinetic 
energy from the gravitational potential, and can be used to perform useful 
work (up to all the energy gained, in a perfect system). Upon passing 
through point A-D, instantly the ball is again at point A on the right. We 
accent that the "instantaneous jump" on the diagram represents a free 
insertion of excess energy (asymmetric regauging energy) from outside the 
system. Rigorously that is a broken symmetry, which also breaks the 
internal energy conservation of the system. In short, the "ball" has been 
instantly "lifted" (in this simplified analogy) back to a higher potential by a 
free insertion of excess energy from the external environment. The main 
point is that a surge of potential energy into the "ball system" occurred, 
freely input by nature and the environment. The system can now go 
through the "doing work" routine again, traversing from A back to D and 
through it. 


Note that this is a nonconservative system, because it continually receives 
a free and sudden input of excess energy from its environment. So this 
system — because of its broken symmetry — can continually do work and 
keep on going. 


Indeed, so long as that free energy input from the environment occurs 
without fail, this is a "self-powering" system, completely complying with 
the laws of physics and thermodynamics. It violates the equilibrium 
thermodynamics because the system is periodically not in equilibrium with 
its environment. Consequently, the system can exhibit those five magic 
functions we spoke about previously. It can exhibit (i) self-organizing (in 
this case, freely getting that little ball from low potential energy D back to 
high potential energy A), (ii) self-oscillation or self-rotation (the ball will 
continue to go around and around the loop, even doing a little work in the 
process), (iii) output more energy than the operator inputs (in this case, the 
operator is not inputting any energy at all, so the energy output is indeed 
more than the operator furnishes), (iv) power itself and its load 
simultaneously (all the energy is being input from the external 
environment at the insertion of excess energy at point D to move the ball 
back to position A), and (v) exhibit negentropy. 
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This is an analogy to a nonconservative field and a multi-valued potential. 
In the case where a potential has discontinuous values at a single point, 
with the value depending upon whether the detecting charge (the "ball", so 
to speak) is to the left or to the right of that point, one has a multivalued 
potential. This multivalued potential actually represents a change of 
potential energy in the system, freely occurring without operator input. In 
short, it is an asymmetrical self-regauging, violating Lorentz's symmetrical 
regauging condition. 


Actually, multivalued magnetic potentials arise naturally in magnetics 
theory, but —foolishly, in our view — theoreticians do all in their power 
to minimize or eliminate their consideration {426a-k}. They consider such 
a nonlinear change as being embarrassing and troublesome, and to be 
gotten rid of at all costs! However, if deliberately used and optimized, 
rather than eliminated, incorporating a multivalued magnetic potential can 
provide a nonconservative magnetic field (analogous to the illustration), 


where |Feds # 0 around a rotary permanent magnet loop. The multivalued 


potential represents a broken symmetry that further produces a 
nonconservative field.’ In theory, such use of the multivalued potential 
and the resulting nonconservative field can enable a "self-powering" 
permanent magnet rotary engine, operating as a negative resistor freely 
extracting and using magnetic energy from the broken symmetry in the 
system's energetic exchange with the active vacuum. 


However, note that the multivalued potential represents a point of sharp 
"self-regauging asymmetrically" by the circuit, with the regauging 
potential energy coming from the external environment. It requires that 
some external process in the exchange between environment and system 
must be automatically invoked at the multiple-value point, so that there is 
a sharp and sudden entry of excess potential energy received by the 
circulating ball (or by the circulating charges in an electrical circuit, or by 
the circulating flux in a magnetic circuit). 


One such means of evoking such a sudden surge of excess energy at a 
point, momentarily, is given by Lenz's law, as discussed in the magnetic 
Wankel engine. Another means is by Johnson's sudden evocation of the 


'84 Tn physics, the appearance of a force and its subsequent action to perform work is 
nature's way ofrestoring symmetry to a situation where symmetry has been violated. 
As can be seen, the net force can be used to translate something (such as current) and 
do work, thereby dissipating the excess potential energy received from the broken 
symmetry condition. 
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exchange force, which momentarily can produce a pulse of energy density 
even several hundred times as strong as the usual field energy at that point. 
For example, imagine that the ball in Figure 6-20 represents a magnetic 
rotor in a magnetic potential represented by the height of the ball above the 
dotted line base. The point (D-A) then represents the results of the system 
having suddenly injected an instantaneous exchange force at point D, to 
freely increase the potential and potential energy of the rotor system back 
to point A. The rotor is immediately lifted back at its starting potential 
energy situation at point A, freely, by this sudden and free evocation of the 
exchange force. We will briefly discuss the exchange force in our 
discussion of the Johnson engine. 


6.4.3 Dromgoole Effect as an Example of a Novel Magnetic Effect 

An example ofa novel magnetic effect is the Dromgoole effect {427}. This 
is an interesting phenomenon where a voltage placed on a solenoid 
wrapped around a longitudinally magnetized iron wire may be increased 
up to 300 times in magnitude by twisting the wire through 90 degrees. Ifa 
scheme can be worked out whereby this dramatic increase in voltage 
potentializes and moves very substantial current, then perhaps the extra 
output can — at least momentarily — produce more output energy than the 
work required to twist the wire.'* At least that could be a working 
hypothesis from which to launch experiments to see if it is possible. 


The reason this may be possible is that any amount of energy W one 
wishes can in theory be collected from any finite potential intensity ©, 
according to the simple equation W = oq, where q is the collecting charge 
exposed to and interacting with the potential intensity . In the case of 
magnetics, q is analogous to the pole (magnetic charge), where the north 
pole is positive magnetic charge. The # then becomes the magnetostatic 
scalar potential. 


So if we can produce ¢ with only a little expenditure of energy, and then 
have that @ potentialize a very large amount of charge q, we can collect 
upon the charge q much more energy than what we ourselves expended. 
The produced is a change to the local vacuum potential, and hence the 
collection of energy W on charges q is actually a collection of EM energy 
from the local altered vacuum potential itself. Any potential we make 


'85 ‘The scheme must prevent at least an appreciable fraction of the spent electrons- 
from the external circuit and load — from being forcibly rammed back up 
through the coil against its back EMF. Otherwise the Lorentz symmetry condition 
applies and the arrangement will not produce COP>1.0. 
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becomes a change to the local vacuum potential, and hence a change to the 
local active vacuum. That does not seem to appear in electrical 
engineering, which model does not even incorporate modeling the active 
vacuum or its potential, much less a change to it. 


While we discuss a few interesting magnetic effects in this paper, there are 
many more. The interested researcher is referred to such easier sources as 
Burke {428} and Cullity {429}. For more complex scientific sources and 
explanations, other publications are available {430a-430r}. In addition, it 
is helpful ifthe researcher is aware of some of the foundations problems in 
physics and electromagnetics {431a-43le}. Our point is that there are 
more than 200 known effects in magnetics, and only about half of them are 
well understood. For the other half, the understanding ranges from 
"partially understood" to "not understood at all." The latter half of the 
magnetic effects provides a rich ground for investigation by researchers 
seeking an asymmetrical self-regauging mechanism. 


The COP>1.0 researcher must be prepared for an extended self-education 
period, and appreciable study and work. Some research discipline is highly 
recommended, such as starting one's own database and rigorously 
maintaining it up to date with one's latest interests. For the experimenter, a 
good lab notebook, meticulously kept and regularly posted, is an absolute 
necessity. Reading and searching the scientific literature is also highly 
recommended. It is not as simple as applying the principles one learned in 
university or technical school. Those techniques and principles are 
involved, but at some point in the circuit they must also be violated. Else 
COP>1.0 systems would long ago have been developed and marketed by 
sharp young students, graduate students, and post-doctoral scientists. 


6.4.4 Exchange Force and Johnson's Approach 
Refer again to our discussion of conservative versus nonconservative 
fields, above. 


If one wishes to build a self-powering rotary permanent magnet motor, 
obviously one must evoke a condition whereby | F « di # 0 around a single 
full rotation of the rotor (and where F is the instantaneous magnetic force 
between stator and rotor). For permanent magnets without any external 
switching, etc., that condition can only arise if an excess force is freely 
triggered by changes occurring freely in the magnetic materials 
themselves. 


Fortunately, magnetic materials are almost always highly nonlinear, and so 
such self-triggering opportunities abound. They can occur because there 
are a multiplicity of mechanisms (dozens and dozens) going on 
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simultaneously in the materials of the magnets of both the rotor and the 
stator, and not just the standard polarity and field repulsion and attraction 
that electrical engineers use. These materials processes also involve direct 
and ongoing exchange of energy between the active vacuum and the local 
materials in the magnet. 


The trick is to take one of these automatically ongoing processes that is 
already there and freely available but just not adroitly used, and 
deliberately evoke and enhance it to induce excess energy at the 
appropriate time, with a force in the appropriate direction. In simple terms, 
if you have eight more horses available to put into the harness to pull the 
load, and you only have two normal horses but wish to pull more load, 
then by all means you should hitch up and use at least one more additional 
horse, and take him from the six that are usually just standing by and not 
working at all. They may run back and forth a bit, while watching the 
others work, but that of itself contributes nothing. 


One such additional force and free regauging mechanism always available 
is the exchange force, which can be checked in Feynman's three volumes 
of physics {433} and also in the reference by Cullity {429} previously 
cited. Good science dictionaries {432} also include helpful information. 
Reading the literature will add enormously to one’ data base of effects and 
methods. 


Howard Johnson's approach is to arrange highly nonlinear assemblies of 
geometrically asymmetrical magnets into complex configurations. At 
certain points in a magnetic field, these Johnson assemblies will trigger the 
sudden brief self-generation (actually a sudden release) of exchange force 
between stator and rotor. The exchange force is a known phenomenon 
{432, 433, 434}, though still not completely understood theoretically. It 
can be evoked asymmetrically by evoking electron-spin flipping, for 
example, which has led to the development of a new field of technology, 
spintronics. Microscopically, the exchange energy is much greater than 
the magnetic field energy, sometimes by a factor of 10° to 10° {435, 436}. 
Macroscopically, the resulting exchange energy can momentarily still be 
many times the magnitude ofthe ordinary magnetic field energy; e.g., by a 
factor of 200, which Johnson often achieves. 


If the stimulated momentary exchange forces are oriented to always add to 
the thrustupon the rotor in the "powering rotation" direction, then the 

multivalued potential condition and | F e dl # 0 are met. In that case, self- 
powering is permitted, if enough ofthese exchange force triggerings occur 
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so that the extra potential energy added to the rotor is sufficient to 
overcome the load and the losses being powered. 


The self-triggering of each exchange force appearance produces an excess 
burst of force and energy'*° input into the system from its active 
supersystem environment. Thus, repeatedly the system is momentarily 
converted (in each exchange force burst) into an open system in 
disequilibrium in its energy exchange with its active environment, freely 
receiving excess energy from it. Because the exchange force "input energy 
burst" is short, multiple such "input bursts" must be used in a single 
rotation cycle so that the total energy input by all of them is significant. 


In that case, COP>1.0 performance is permitted by the laws of physics, 
thermodynamics, and nature. Conservation of energy is not violated. 
Classical equilibrium thermodynamics with its infamous second law does 
not apply to the Johnson system, since the system is periodically an open 
system far from equilibrium and receiving excess energy from its active 
environmental exchange. A priori the Johnson system has increased its 
negentropy overall, and that negentropy (increased order or increased 
potential energy) can then be dissipated (disordered) to produce free shaft 
horsepower if the bursts of exchange force are properly coherent in 
direction and timing. 


We diverge for a moment: As is well known, the equilibrium condition in a 
system is the condition of maximum entropy in the system; any 
disequilibrium condition reduces the entropy a priori because it is an 
excited state of the system containing additional potential energy. It is 
worth rigorously clarifying the infamous second law of thermodynamics. 
Quoting Lindsay and Margenau {437}: 


"[The]...statement ofthe second law: (a) the entropy... is 
avariable ofstate, (b) Its value, for a closed system, can 
never decrease." 


... "Non-equilibrium conditions cannot be specified by 
variables of state, and their entropy cannot be computed. 
...the condition ofequilibrium is the condition of 
maximum entropy." 


'86 Technically speaking, the exchange force is not a magnetic field force, but a force 
that arises independently due to quantum mechanical considerations. Nonetheless, it 
is areal force arising in magnetic materials and affecting magnetic materials, as in 
permanent magnets. 
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In the first statement, the reader should note the assumption of a closed 
system in the first subparagraph, and the absolute requirement that the 
calculated entropy be a variable of state. 


Also, the quotation can be falsified. Oddly, the "closed system" in classical 
thermodynamics is defined (illogically) as a system that does not exchange 
mass across its boundary, but may and often does exchange energy across 
it. We negate any absoluteness of that statement by Lindsay and Margenau 
by citing a counter example ofa "closed" system with continuously 
increasing energy, fed by transfer of energy from the environment, and 
with no escape of the energy or very little escape of it. A specific example 
is a photon absorption by a mass particle. This system achieves increasing 
energy (order) as the process continues, hence achieves negentropy. This 
may be considered a fluctuation, of course, but it still places severe 
limitations on this law of thermodynamics and in fact negates any 
absoluteness of it. For such reasons, in this book we have redefined 
"closed system" as one that exchanges neither energy nor mass with its 
environment, and we recognize that there are no such systems in the 
universe. We have defined an "open system" as a system that exchanges 
either energy or mass or both across its boundary, so that we do not 
encounter the problem ofthe counter example cited. Further, general 
relativity requires an increase in the mass of any system that increases its 
potential energy, and a decrease in the mass of any system that decreases 
its potential energy. Hence energy exchange at all with the system, 
involves mass exchange since mass and energy are the same thing. The 
classical thermodynamic definition ofa "closed system" has thus been 
falsified since 1915, with the definition becoming only an approximation 
rather than a generally valid definition. 


In the second subparagraph of that first statement by Lindsay and 
Margenau, the reader should note that the closed-system assumption must 
be violated apriori ifthe entropy does decrease, and vice versa. If the 
system is broken into a set of subsystems, then the only way the entropy of 
the overall closed system to decrease is for one or more of the subsystems 
to be open (new definition!) and energy (order) to pass out of the system. 
Then an interesting thing emerges: For order (energy) to remain in the 
system as such, the subsystems taken as a whole must produce as much 
negentropy as they do entropy. Energy from an ordered subsystem can be 
emitted in disordered form, but then it has opened that subsystem and has 
entered the space between parts (subsystems) of the overall system. In 
other words, in a closed system, any increase in entropy requires the 
subsystems to become open subsystems. Again, the statement of this law of 
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thermodynamics eats itself. To stay in the overall system, this scattered 
energy outside the subsystems must then interact totally with another part 
ofthe system, and so on. This introduces disorder to the succeeding parts 
that interact. Therefore, the second law of thermodynamics itself internally 
violates its own "closed system" assumption because, to operate at all, the 
law requires continuing interaction between the active local vacuum 
environments and the subsystem components. In short, it requires a very 
special kind of overall or average equilibrium in an unavoidable energy 
exchange between the local vacuum and all the parts of the system. The 
source charge problem already demonstrates the universal violation of the 
second law and the thermodynamic definition of "open system", but both 
classical electrodynamics and classical thermodynamics have ignored this 
source charge problem for more than a century. Our solution to it was 
published in 2000. 


Quite simply, there is no such thing as a truly closed system in the first 
place. Kondepudi and Prigogine come close to this statement in the 
following quotation'*’: 


‘Anyway, equilibrum thermodynamics covers only a small 

fraction ofour everyday experience. We now understand 
that we cannot describe Nature around us without an 
appeal to nonequilibrium situations. The biosphere is 
maintained in nonequilibrium through the flow of energy 
coming from the sun, and this flow is itselfthe result of 
the nonequilibrium situation ofour present state in the 
universe." 


In short, all systems on the planet — and we ourselves — are immersed in 
a nonequilibrium state a priori. Rigorously there is no such thing as an 
absolute equilibrium state on the planet, except as an approximation. 


Now consider a perfectly insulated system, so that no heat can pass from 
the system outside it. An interesting constraint then exists on those "open 
subsystems” producing disorder (entropy). Unless equal reordering occurs 
in the subsystem-to-subsystem reactions, then disordering (heat) grows a 
priori. But this is not observed to happen in well-insulated systems 
approximating our theoretically perfect example! Otherwise, the 
temperature of a well-insulated system would increase until system rupture 
and failure. And experimentally that does not happen. 


'87 Dilip Kondepudi and Ilya Prigogine, Modern Thermodynamics: From Heat 
Engines to Dissipative Structures, Wiley, 1998, p. xii. 
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It follows that, to maintain the internal equilibrium between subsystems 
and a constant internal temperature, a negentropic process is clandestinely 
involved. We submit that this process is revealed in our discovery of giant 
negentropy ofthe negative charge, and what may be said to be the giant 
entropy of the positive charge — i.e., in the discovery of the common " 
4-circulation" of energy surrounding a dipole from the time domain to the 
negative charge ofa point dipole in 3-space (thereby entering 3-space once 
emitted by the negative charge), thence to the positive charge of the point 
dipole, and thence back to the time domain. For a single charge, the well- 
known vacuum polarization provides virtual charges of opposite sign, to 
convert the "isolated charge" into a set of composite dipoles, as previously 
explained. 


The second law of classical thermodynamics, considered in a more modern 
light, appears to conceal hidden giant negentropy and hidden giant 
entropy, in the ongoing 4-circulation of EM energy in the supersystem. Jt 
is not possible to eliminate the supersystem or the interchange between its 
parts; particle physics told us in 1957 that there is no equilibrium ofany 
system without this ongoing exchange. Any thermodynamics attempting to 
discard the supersystem exchange (which involved both mass and energy) 
is at best an approximation for special "reasonably well-behaved" 
situations. 


If the entire system is not in net equilibrium with the external environment 
(i.e., ifthere exists disequilibrium between the separated parts of the 
supersystem), then classical thermodynamics does not absolutely apply to 
that system. The system is no longer absolutely describable by "variables 
of state". 


Those objecting to COP>1.0 in an EM system on the grounds that it would 
violate the second law of thermodynamics (which already violates itself), 
would be well-advised to restudy the very notion ofthe second law and the 
thermodynamics definition of open system. Compare relativity's equating 
mass as energy. Then ponder the thermodynamics of open systems far 
from equilibrium with their active environment. Every system in the 
universe is open, and it has an ongoing exchange with its proven active 
environment (local active vacuum and curved spacetime). This exchange 
Includes and exchange with every particle in the system. As pointed out by 
Lee: 


188 TD. Lee, Symmetries, Asymmetries, and the World of Particles, U. Wash. Press, 
Seattle, 1988, p. 46-47. 
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"symmetry implies conservation. Since our entire 
edifice ofinteractions is built on symmetry assumptions, 
there should be as a result a large number ofconservation 
laws. The only trouble is that almost all of these 
conservation laws have been violated 
experimentally. "... "...this difficulty could be resolved by 
introducing a new element, the vacuum. Instead ofsaying 
that the symmetry ofall matter is being violated, we 
suggest that all conservation laws must take both matter 
and vacuum into account. Ifwe include matter together 
with vacuum, then an overall symmetry could be 
restored." 


The system itselfis always in disequilibrium; only the supersystem can 
exhibit equilibrium. The second law of thermodynamics specifically does 
not and cannot apply to a system far from equilibrium, because of its 
implicit assumption of overall equilibrium without the active vacuum 
exchange. Also, a deeper balance is required between the hidden 
asymmetries existing between the subsystems and their local vacuum (and 
local spacetime curvature. 


Indeed, one cannot even calculate the entropy for a system that — overall 
— is far from net equilibrium with its active environment. We quote 
Lindsay and Margenau even more strongly {438}: 


"Equilibrium states are the only ones that are capable of 
explicit analysis in thermodynamics..." 


And again {439}: 


.. variables ofstate have meaning only ifthey define an 
equilibrium state. Hence the quantity we are seeking will 
be meaningless unless it refers to equilibrium states. " 


While we are at it, let us also address a serious flaw in the first law of 
thermodynamics. We again use Lindsay and Margenau for a succinct 
statement of the First Law {440}: 


"First law ofthermodynamics. A complete statement of 


the first law comprises two assertions: (a) heat is aform 
ofenergy, (b) Energy is conserved. " 


All that really says is that energy is conserved. It does not state that it is 
conserved in an object. It states that, whether the system is in equilibrium 
or not, energy is conserved. If heat is taken as disordered energy, then it 
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merely states that overall the energy is conserved, whether ordered or 
disordered with respect to some ordering criterion. It does not state that the 
disordering is conserved, and it does not state that disordering must 
increase or decrease. But it does implicitly assume that all energy at some 
most basic level is ordered, else it cannot be energy (order). So it assumes 
that, at higher levels, energy can be disordered (incoherent). However, at 
the underlying basic level, it is and remains perfectly ordered — else it 
could not remain "energy and could not be conserved. As an EM example, 
in so-called "heat", every scatteredphoton retains its perfect order; it is 
only the photon ensemble that is "disordered". 


In short, each "basic piece" of energy is perfectly ordered, but the 
ensemble of the pieces may be disordered. Therefore, entropy applies only 
at a level higher than the basic energy quantum. Contrary to the 
assumptions of classical (macroscopic) thermodynamics, processes which 
directly engineer the basic energy quanta'*” — more exactly, the action 
quanta, consisting of energy x time, since energy cannot be "engineered" 
or changed in 3-space without also being engineered "in time" as well — 
are time-reversible. Hence they can be negentropic — simply because 
every observable system is "open" to, and in continuous energy exchange 
with, its active time environment (and also its active vacuum 
environment). Also, no system changes its spatial energy in any fashion, 
including ordering or disordering, without interacting with spacetime and 
spacetime curvature dynamics. It also changes its time-energy. 


So in our view the notion of "disordering" and "disordering of energy" 
must be carefully reconsidered, as to exactly what is and is not being 
disordered, when the assumed "disordering" occurs, at what level it occurs, 
where and how the compensating reordering occurs, etc. We also point out 
that the simple discovery of giant negentropy {12} as the solution to the 
long-vexing source charge problem already removes the "absoluteness" of 
classical thermodynamics. Giant negentropy already violates the 
assumptions of classical thermodynamics at the elemental level in every 
physical system. Indeed, every charge in the universe already falsifies any 
"absoluteness" of the assumptions of classical thermodynamics. 


This problem in the old classical thermodynamics has long been indirectly 
solved in particle physics, with the discovery of broken symmetry. As Lee 
states so clearly {441}, 


'8 Actually, energy is discretized, not quantized. Energy x time (i.e., action) is 
quantized. 
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"As we expand our observation, we extend our concepts. 
Thus the simple symmetries that once seemed self-evident 
are no longer takenfor granted. Out ofstudies ofdifferent 
kinds ofinteractions we are learning that symmetry in 
nature is some complex mixture ofchanging plus into 
minus, running time backward and turning things inside 
out." 


We point out that a symmetry involves a conservation law, such as are 
stated in classical thermodynamics, and a broken symmetry involves a 
broken conservation law. So the discovery of broken symmetry in physics 
was a profound change affecting all physics, including the staid old 
classical thermodynamics. Lee further points out the new complexity of 
concepts {442} such as symmetry (which is behind every conservation 
law, including the first law of thermodynamics): 


"At present, it appears thatphysical laws are not 
symmetrical with respect to C, P, T, CP, PT and C. 
Nevertheless, all indications are that the joint action of 
CPT(i.e., particle <-> antiparticle, right <-> leftandpast 

<->future)remainsagoodsymmetry." 


So unless the first law is stated in terms of modern CPT symmetry, it does 
not absolutely apply! Further, every charge is changing time-energy into 
spatial energy or vice versa. Yet there is nothing about time-energy and its 
transduction into spatial energy, or vice versa, in the present textbook 
statements of the thermodynamics. The term "heat" does not refer to the 
presence of energy at all, but to the scattering (disordering) and escape of 
energy. 


Considering heat as "energy of the system", or "heat energy" of the system, 
is a grand non sequitur. Rigorously, "heat" refers to the reduction of higher 
levels of ordering of energy, and since the gist of energy is ordering, 
reduction of ordering is the very antithesis ofenergy! "Heat energy" thus 
is an oxymoron. Before the "escape", there is no "heat energy" (ugh!) in 


9 Think closely: We never take the temperature of a "system"! We take the 
temperature of the disordered energy (heat) leaving that system or its subsystems. 
We do measure the effect of the emitted disordered energy. But that has already left 
the system and is in the local vacuum (a second component of the supersystem). 
Thermodynamics might be usefully redone more exactly in terms of the supersystem. 
We leave that task to some budding young future thermodynamicists for a 
recommended doctoral thesis. 
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the system at all. The energy is present in the system not as disordering, 
but as ordering, apriori. Ifit were in the system, it would not have 
escaped nor would it be escaping from the system. More energetic 
molecular motion, e.g., is actually more energetic ordering, simply at an 
excited state (of greater energy!). 


We stress again (and strongly advise the researcher to read) Romer's strong 
objection to the use of heat as a noun {443}, and we suggest that the entire 
subject of classical thermodynamics needs a thorough revision to tighten 
up its terminology, correct its definition of closed system, eliminate its 
conflict between the first and second laws, and remove its inappropriate 
consideration of heat as "energy". Otherwise, the presentation and general 
interpretation of thermodynamics itself will continue to be one ofthe great 
confusion factors one encounters in trying to think clearly about extracting 
EM energy from the active vacuum environment to produce and utilize 
COP> 1.0 systems. 


The stator gate magnets are highly 
nonlinear and produce a multivalued 
magnetic potential The rotor pole enters 
and experiences a sharp "jump" in the 


Effectively 2 phase conjugation (time reversal) 
occurs on the leading edge. The rotor is attracted 
in; regauging occurs. The rotor is accelerated on 
out. Regauging injects free potential energy into 


stator's magnetic potential, and reversal 
of its sign. The rotor pole is accelerated 
on through the gate and out of it 


the system, from the vacuum. The laws of physics 
are not violated since the system is an open system 
freely receiving excess energy from its environment 
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Figure 6-21 Concept of operation of Johnson's patented magnetic gate. 


Johnson's approach produces a peculiar kind of multivalued potential. One 
part is conservative and of magnetic energy in nature, and the other part is 
nonmagnetic, being direct exchange force and energy effects on the 
participating atomic nuclei arising from quantum mechanical 
considerations. Nonetheless, the net hybrid potential can be multivalued at 
various points around the stator, and that is all that is required for broken 


357 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


symmetry. If |F-d/ 4 0 around a closed path, regardless of which set of 
forces F represents, then that overall composite force field acting upon the 
rotor or object moving around the closed path is nonconservative. In that 
case, self-powering is permitted. 


Figure 6-21 diagrammatically illustrates the operation ofa 
nonconservative force-producing magnetic gate in Johnson's approach to a 
permanent magnet motor. As Johnson has shown, by using a multivalued 
hybrid potential (MVP) in his gates so that the resulting excess exchange 
force is properly oriented in direction and timing, a rotor magnet is 
attracted into a highly nonlinear stator gate region where the MVP is 
located. When it enters the MVP region where the exchange force is 
initiated, the rotor encounters a dramatic jump in the net potential with a 
change of polarity as the exchange force suddenly fires automatically. In 
turn, this produces a sudden accelerating tangential force in the region, 
usually against the prevailing magnetic force in the normal back mmf 
region! 
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Figure 6-22 Johnson's "refueling" a permanent magnet engine by asymmetrical 
selfregauging. A multivalued potential is momentarily created by 
precisely evoking an exchange force reaction. 


Johnson often confounds professors of electromagnetics by showing them 
that his special gate can produce attraction between like poles, with a north 
rotor pole being drawn into a north stator pole in that exchange force 
region. This can be understood by tracing the spin field flow patterns, but 
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cannot be understood by simple "like poles repel and unlike poles attract". 
In short, Johnson knows he is adding a force completely different from the 
magnetic force the professors have in mind as the sole acting force. It is 
rather like pushing two like poles of two little magnets together. You can 
do it because an additional force — your mechanical force pushing them 
together — is acting and overcomes the normal repulsive force between 
the two poles. 


The sudden exchange force burst produces a sudden accelerating tangential 
force in the normal deceleration (back mmf) region of the stator-rotor 
arrangement. In short, Johnson utilizes a deliberately evoked burst of 
exchange force to freely overcome most or much of the back mmf (back- 
drag) region. This in turn produces a net driving force around the rotor's 
complete rotation, because the overall field combination is 
nonconservative. 


Rigorous force meter measurements taken at 0.01-second intervals prove 
that this occurs as the rotor enters and passes through Johnson's gate. The 
results of one such experiment are given in Figure 6-22. 


Johnson thus uses highly nonlinear magnet assemblies of novel design to 
create a special kind of multivalued potential in his magnetic gate by 
adroitly evoking exchange forces — extra quantum mechanicalforces in 
addition to the usual magnetic field forces. The MVP produces a sudden 
extra rotational force, backwards to the back-drag (back mmf) region of 
the stator-rotor magnet arrangement where the rotor magnet assembly is 
entering and passing through the conventionally repelling like-polarity 
situation. The result is that a net north rotor pole is seemingly attracted 
in” to the otherwise repelling stator north pole region, then accelerated 
out the other side by the normal magnetic repulsion.'” Net drive force 
results, instead of a net zero force. Engineer Ken Moore, a close colleague 
of the present author, independently tested a Johnson gate and verified the 
net driving force effect {444} within the limits of our little laboratory. 


'! Tn reality it is "forced in" against the repulsive magnetic force, by a superior force 
of a different nature, suddenly evoked. 


' Te., as the exchange force dies, the forces now acting are the normal repulsive 
magnetic forces, but the rotor has moved to a position where now this repelling force 
accelerates the rotor in the "load powering" rotational direction. In other words, the 
observer sees a like pole suddenly "attracted" into a like polarity region, move 
partially through it, and then suddenly be accelerated out the other side. But the 
"attracting in" force and the "accelerating out" force accelerate the rotor in the load- 
powering rotational direction. 
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Technically, Johnson's apparatus asymmetrically and suddenly regauges its 
exchange forces in such a manner as to momentarily overpower the back 
mmf region of the engine's rotation, thus producing a net multivalued 
potential and a net accelerating force around the overall rotation loop. 
However, correlated distant effects in magnetic materials are known. If 
distant compensation does occur, then the closed-loop capability might 
conceivably be defeated, ifthe total compensation is sufficient to provide 
an | F * di= 0 overall condition. Hence the research probably demands 
attention to maintaining both /ocal asymmetry and distant asymmetry. If 
the distant correlation effects occur, only in that manner can an overall 


nonconservative field represented by | F * dl + 0 be maintained around a 
completely closed magnetic loop. 


This may be the problem with which Johnson appears to have been 
struggling for so long. He did solve the problem once, and produced a self- 
rotating permanent magnet motor that the present author personally tested 
over a period of about 2 hours. During a two-hour test period, the motor 
apparatus was allowed to self-rotate for up to 15 minutes at a time. Shortly 
after it became known that Johnson had successfully produced such a 
prototype, his laboratory was mysteriously broken into. The only thing 
taken was the magnet assemblies on that specific little successful 
demonstrator — in a laboratory with more than a hundred thousand dollars 
worth of magnets and magnetic assemblies of many kinds present. 


As a personal aside, I have been associated with Johnson, off and on, for 
many years. He is a man of the highest integrity and an indefatigable 
researcher. It is my fervent hope that Johnson will succeed in his 
permanent magnet rotary motor project. All I can say as this goes to press, 
is that he is getting very close again, now that he has help and good 
machining accuracy, etc. for higher precision buildups. In the near future, I 
hope to be among the first to drink a good glass of champagne to celebrate 
his success. 


6.4.5 Radus Effect: Magnets with Preferred Flux Path Memory 

In the early NASA space program, magnetic boots for holding the 
astronaut to the skin of the space vehicle when outside it were required. A 
Westinghouse engineer named Raymond J. Radus had found that a 
permanent magnet applied to a dual flux path (Figure 6-23) would 
"remember" the flux path taken initially, until switched to the other flux 
path in an initial condition, after which it would remember that path as 
preferable {445a-445c}. A permanent magnet with such "memory" will 
split its flux in two parallel flux paths by some ratio, e.g., 20% in the non- 
preferred path and 80% in the preferred path. This preference can be 
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switched at will by proper manipulation. So Radus developed switchable 
magnetic astronaut boots for the space program, using his magnetic 
memory and flux path switching technique {446}. 
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Figure 6-23 One example of the Radus effect. 


The Radus circuit differs from ordinary permanent magnet circuits in three 
ways: (i) It exerts strong magnetic force at one end while exerting hardly 
any at the other, (ii) the strong and weak magnetic poles can be switched 
end-for-end easily and at will, thus, in effect, turning the magnetism on 
and off at one given side of the circuit, and (iii) once switched, it 
remembers its direction of greatest magnetic pull indefinitely. 


The original Radus boots were excellent. For the acceptance tests, an 
engineer clad as an astronaut walked across the bottom ofa steel beam in a 
high bay research area, upside down against the pull of Earth's gravity 
(Figure 6-24). He stepped as he walked, putting his foot "down" and then 


picking it "up" {447}. 

There is no problem in finding modern magnets strong enough to hold the 
astronaut firmly in such an upside position. The problem with simple 
magnetic boots using such strong magnets is that, once the foot is planted, 
the astronaut cannot pick up the foot again. Consequently, the best the 
astronaut can do with such magnetic boots is walk rather laboriously by 
"scooting" the foot forward, with the boot remaining in contact and the 


astronaut unable to pick it up. 
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Engineer walked upside down on the underside of a steel beam in a high-bay area, 
wearing the Radus boots He used a stepping movement, not shuffling 


Figure 6-24 Acceptance test of the Radus astronaut boots. 


The Radus boots completely solved that problem. The permanent magnet 
fields are switched away from the "boot sole contact with the beam" for 
that foot that the astronaut wishes to lift, so he can lift it easily and take 
another step. Then the fields are switched back in again so that the strong 
field is on the boot sole as he places his foot down. This switching of the 
fields allows him to walk in a manner resembling normal walking, though 
a little slower. To do that switching by normal "battery and electromagnet 
coils" would be prohibitively bulky and heavy — and awkward. With the 
Radus boots, the astronaut could walk in a manner very similar to slow but 
normal walking. 


However, it is easily seen that an adaptation of the Radus process could 
conceivably be used to produce a self-switching, self-powered permanent 
magnet motor. Being a permanent dipole, a magnet is already a particular 
kind of "free energy generator", since it continuously extracts magnetic 
energy directly from the active vacuum due to its dipole asymmetry in the 
virtual photon flux ofthe vacuum. 


The Radus boots were abandoned quickly. NASA then developed the 
present inferior "shuffler" kind of magnetic boots where the astronaut 
cannot lift his boot from the surface, but must "scoot" his feet along in a 
sliding and painfully awkward fashion {448}. 
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Even today, it is little known that in many virgin magnets fresh from the 
factory, their very first use conditions them with a Radus-type memory! 
Thatfact can be used, e.g., to create magnets whose fields appear normal, 
but which deviate from the normal behavior ofordinary magnets, and 
which produce anomalies in their magnetic fields. 


The Kawai engine {31} uses a novel means of switching the flux path 
itself instead of overpowering the magnetic poles in an electromagnet. As 
this is written, Bedini has been notified that his patent with a "path- 
switching" effect control method has been accepted and will be issued. 
Although control of the Kawai engine was seized by the Yakuza, we 
expect to see that some of the first COP> 1.0 motors on the world market 
will be magnetic motors using the Radus effect or other flux path 
switching method. 


6.4.6 Hole Currents and Electron Currents 

In a conducting solid, there are both hole currents and electron currents 
moving in response to a forcing electric field. In the simple case, electrons 
move in one direction along the conductor and lattice holes move (migrate) 
in the other. However, when additional fields are added, the situation can 
become very complex. The holes and electrons can move oppositely or 
together in the same direction, depending on the arrangement ofthe fields 
and voltages. One can even use fields at right angles to the conductor to 
affect the currents, and even stop them. This is a rich subject for the 
inventor, and one that does not appear to have been adequately explored 
for potential energy and power purposes. This is particularly true when the 
conductor material is bent or shaped, etc. This area is so broad that it will 
not be treated here; instead, we refer the reader to Burke {449} for a basic 
idea of some of the effects and current combinations that can be obtained. 
From there, an interested experimenter should search the materials science 
literature on electron and hole current responses of materials. 


6.4.7 The Magnetic Wankel Engine 

For baseline comparison, Figure 6-25 shows a conventional linear 
magnetic motor. As can be seen, due to the difference between magnetic 
poles, a magnetic field exists along the line of the linear track, from the 
end having the magnets separated the least to the end having the magnets 
separated the most. 


Figure 6-26 diagrammatically shows the scheme of operation of the 
magnetic Wankel engine. It is basically a linear magnetic motor, wrapped 
into almost but not quite a complete circle. A set of permanent magnets, 
each at an angle to the various radial lines ofthe device, comprises a 
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slightly widening spiral stator that forms most of a circle. A circular rotor 
with a sector magnet is mounted inside this spiral stator. An end gap exists 
in the stator as shown, so that the stator is not a completely closed ring. 
The direction of rotation of the rotor is clockwise as shown. For 
demonstration of the principle, the beginning air gap between rotor and 
stator is 0.1 mm and the ending air gap is 5 mm. 
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Figure 6-25 Type of conventional linear magnetic movement device 


An electromagnet is mounted along the perimeter of an angular sector of 
the rotor, completing the stator gap. The electromagnet is weakly 
magnetized by a weak trickle current in the associated coil, furnished by a 
coil with a make-and-break magneto point gap. The electromagnet is 
magnetized, say, with the north pole facing radially outwards, and the 
south pole facing radially inside. In the stator, the permanent magnet north 
poles are facing radially inward toward the rotor, but at an angle, and the 
south poles are facing radially outward but at an angle. 


Tangentially the north pole of the rotor is in a nonlinear magnetic field, 
and it will experience a clockwise force and acceleration from position 1 
where the air gap between rotor and stator is the 0.1 mm minimum, to 
position 2 where the air gap reaches the 0.5 mm maximum. 


If this were all that was involved, the engine would not produce COP> 10 
because the tangential field is conservative unless additionalfree energy is 
introduced to overcome the back mmf region in the stator gap. When the 
rotor crossed the end gap in the stator between point 2 and point 1, very 
sharp and dynamic magnetic braking due to the back mmf would be done 
back upon the rotor magnet by the field ofthe stator magnets at position 1. 
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Since any real machine will have at least some friction and drag, the actual 
COP would be less than 1.0. 
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figure 6-26 Magnetic Wankel engine with asymmetrical regauging section. 


Let us use the notion of the magnetostatic scalar potential (roughly, 
magnetic pole strength) to examine a new situation in the end gap. 


Technically, let us regard a single unit north pole in the rotor, going from 
position 1 to position 2 (the acceleration cycle, where the engine will 
deliver shaft horsepower against a load), and going from position 2 to 
position 1 (where the magnetostatic scalar potential must be suddenly 
rcgauged asymmetrically to equal or exceed the potential at position 1, in 
order for the rotor to continue unabated or with even further acceleration. 
That is, when the rotor enters the "back mmf end gap between position 2 
and position 1, a sharp and sudden increase in the "stator magnetostatic 
scalar potential" must be accomplished, so that the potential in that region 
is equal to or greater than the potential at position 1. This effect, nearly 
freely obtained, is what is required for a self-powering magnetic Wankel 
engine. 


In normal machines, conventionally this asymmetrical regauging part of 
the cycle is where the design engineer forcibly inputs energy from outside 
the system to do brute physical work on the rotor to forcibly "reset" the 
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machine, and to forcibly wrestle its potential energy storage back to initial 
conditions. In short, the operator himself arranges to furnish all the excess 
energy from outside the system that is required to brute force "regauge" 
the potential at that point, thus effectively creating a multivalued potential 
instead of a single valued potential. A multivalued potential achieved only 
by the operator himself furnishing the extra potential energy will not 
produce COP> 1.0. It will in fact produce | F « dl # 0 ofthe motor section, 
but only at the expense of extra energy that the operator himself had to 
input and pay for. In that case and in a real system with some system 
losses, the net work out because of | F * dl + 0 will still be less than the 


total energy input by the operator. 


The forcible "reset" work is conventionally done by simply overpowering 
the field and reversing it (building it up equal and opposite in the other 
direction), but with energy totally input by the operator and not "free 
energy input from the environment" at all. The operator first pays to "kill" 
the existing field, and then pays to establish a field in the opposite 
direction. 


To obtain COP>1.0 and self-powering, we must trick something else or 
some other process into furnishing that asymmetrical regauging energy — 
or most of it — for regauging of the magnetic Wankel engine in that stator 
gap zone. In other words, instead of engaging in the conventional wrestling 
match against the back mmf, we must let something else provide most of 
the energy for the wrestling. 


During rotation ofthe stator from position 1 to position 2, we have been 
maintaining (and paying a little for) a tiny trickle current and small voltage 
from the battery into the coil around the electromagnet. As the rotor enters 
the stator gap, suddenly a sensor sharply breaks the distributor points, 
momentarily inducing a sudden powerful voltage in the coil. With a very 
short delay, a very sharp surge of current appears in the coil, producing a 
sharp and suddenly increased magnetostatic scalar potential (pole) in the 
gap region. That is the "multivalued potential” effect, where we pay a little 
to achieve it suddenly at that point, by invoking Lenz's law. 


The effect is that suddenly the rotor is raised to the same or greater 
magnetostatic potential as exists at position 1, and "almost freely though 
not quite". If equal, the rotor suddenly is in a region with no back mmf, 
hence it experiences no deceleration braking. If the sudden potential is 
greater than the potential at position one, the stator in this normally back 
mmf region now actually experiences a further acceleration (a forward 


mmf) in that region. 


366 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


Note that no radial mechanical work can be done on either the 
electromagnetic pole piece (part of the stator) or on the rotor, since neither 
the stator nor the rotor can move radially. However, there momentarily 
exists a clockwise circumferential magnetic field on the rotor in the stator 
gap, due to the gradient between the sharply regauged pole piece 
magnetostatic potential and the potential at position 1. 


So we pay a little energy continuously (tiny trickle current, sharply broken 
breaker points) to get much more energy density momentarily in that small 
back mmf gap region only. The former back mmf in the stator gap is 
sharply eliminated by the Lenz force and converted to forward mmf. The 
rotor experiences a continuous acceleration throughout a complete 
rotation, due to the judicious use of an artificially induced multivalued 
magnetostatic scalar potential. 


Ifthe average shaft power output during the complete rotation cycle is 
made greater than the average power input to the asymmetrical regauging 
circuit during that same rotation cycle, the engine will produce COP>1.0. 
This type of engine is also easily close-looped, since the excess output is 
not electromagnetic energy but mechanical shaft rotation energy.'”> Hence 
the problem of the Dirac sea hole current (discussed in Chapter 9) is 
eliminated. 


Such engines have been built and placed in an automobile to power it, in 
Japan {450}, though there is no information on the exact overall COP. The 
design was lighter and smaller than a gas engine of the same power, and it 
was a pygmy when compared to other electric engines of similar power. 
The prototype 45-hp unit weighed 155 pounds compared to 440 pounds for 
a comparable electric motor. The rotary engine was compact enough to fit 
inside a two-foot cube. The engine was in development by Kure Tekko, a 
sizable firm that supplies auto parts to Toyo Kogyo, the Mazda maker. To 
my knowledge, no hard data on the input electrical power utilized for the 
trickle current and current-breaker has been made available by the 
Japanese. The principles, however, are quite clear and easily analyzed. 


This may be one of the Japanese COP>1.0 engines suppressed by the 
Yakuza. 


'83 Ror example, a geared or belted arrangement can be used to drive a very small but 
efficient DC generator that replaces the battery. Many other efficient arrangements 
are possible. 
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The researcher might like to consider using a strategically-placed Wiegand 
wire sensor (discussed in the next section) as the free "generator" 
providing a pulse of electrical energy to the pulse-magnetizing coil in the 
stator gap region at the precisely appropriate time. If that or some other 
similar "self-furnished" pulse of sufficient power can be delivered to the 
pulse-magnetizing coil, then the system would self-initiate a multivalued 
magnetic potential in that gap region. In that case, the driving magnetic 
field around the loop need not be conservative, and self-rotation would be 
possible without violating any laws of nature or electrodynamics. At least 
a small toy demonstration model might be possible, simply to illustrate the 
principle. Presently we know of no one who has tried it. 


6.4.8 The Wiegand Effect 

Ifa Permaloy® or other suitable magnetic wire is properly tensioned and 
worked by repeated torsion while under tension, the skin of the wire is 
work-hardened and caused to have different magnetic characteristics from 
that ofthe internal core. This type of wire is called a Wiegand wire, or 
pulse wire, or "self-nucleating magnetic wire" (SNMW™),. 


When the pulse-wire experiences a certain level of ambient magnetic field 
strength, it will automatically switch its magnetic state, very sharply, 
producing a sharp magnetic field pulse. The effect is generally called the 
Wiegandeffect. 


Permanent magnets field causes 

Wiegand wire to reverse polarities, 

inducing voltage pulse in the coil Permanent 
magnet 


Magnetic 
alloy 
pulse wire 





hardened 


softcore outer shell 


Figure 6-27 The Wiegand effect 
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Ifa coil of many turns of fine electrical conductor is wound around the 
Wiegand magnetic pulse wire, then when the wire suddenly alters its 
magnetic state, the sudden magnetic field pulse "cutting" the conductor 
bundle will produce a sharp electrical pulse. Thus the apparatus produces a 
sharp pulse of electrical energy, when the ambient magnetic field intensity 
reaches the pulse-initiation value. No input of outside energy is necessary. 
The apparatus simply gates the energy from the vacuum when it sharply 
changes its magnetic polarity. 


Wiegand effect sensors may achieve voltage pulses up to a nominal 12 
volts, in a typical application. 


Numerous patents were issued to Wiegand prior to his death {451a-451h}. 


Figure 6-27 diagrammatically shows the primary parts of a typical 
Wiegand sensor application, where the Wiegand wire is also known as a 
pulse wire. The operation of the pulse wire itself is shown in Figure 6-28. 
Figure 6-29 shows a typical rotary Wiegand effect pulse transmitter. 
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Figure 6-28 Operation of the Wiegand effect in a pulse wire. 


Pulse wires find many modern "switching" uses, since one does not have 
to connect them to a power supply in order to obtain the electrical signal 
pulse generated in a magnetic field as it changes. The magnetic experience 
of the wires can be arranged (using a "resetting magnet") to automatically 
reset the pulse wire to its original condition after the initiation magnet has 
fired it. Many identification cards for personal access to restricted facilities 
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use these wires. Some magnetic memories use the effect. At least one 
European automobile firm has even used Wiegand wires to trigger the 
timing of automotive ignition systems. 


The pulse characteristics created internally by the Wiegand wire represent 
a sharp, asymmetrical, self-regauging of the magnetics. The combined 
magnetic field consisting of the ambient magnetic field and the Wiegand 
wire magnetic pulse is momentarily a nonconservative magnetic field. It 
follows that a closed-loop integration | F - dl around some paths in the 
combined magnetic field ofthe system do not sum to zero. 


MAGNETS 


PULSE 














Magnets rotate past core 
and induce pulses in 
surrounding coil as the 

Wiegand device functions 





Wiegand device 


Figure 6-29 Operation of the rotary Wiegand pulse generator 


In theory, at least, it should be possible to utilize something like the 
magnetic Wankel engine together with exactly self-triggering and self- 
resetting Wiegand units to form a self-powering permanent magnet motor. 
In short, referring to our discussion of the magnetic Wankel engine, it 
might be possible to use a special Wiegand sensor and pulse generator to 
furnish the properly timed pulse to the coil that enables the continuous 
operation of the Wankel engine. Obviously this type combination would 
have occurred to the Japanese scientists working on the magnetic Wankel 
engine. 
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We accent that the resulting system would be an open dissipative system, 
far from equilibrium in its energetic exchange with the vacuum during the 
Wiegand pulsing. The disequilibrium is achieved by the momentary self- 
regauging of the magnetic gap in the magnetic Wankel engine. 


My colleagues and I have experimented with Wiegand wires and Wiegand 
sensors to a limited extent. The effect is quite real, fully documented in the 
scientific literature, and the wires and sensors are not too expensive. A 
typical coil of 1,000 turns on a 3-cm Wiegand wire will produce pulses of 
about 2 volts in a 1,000-ohm resistor. The pulse width (half maximum 
height) is about 20 microseconds. Essentially the Wiegand wires are 
immune to stray magnetic fields. Viewed on an oscilloscope, the pulses are 
very clean without spurious oscillations or hash. The field required to 
switch a typical Wiegand wire is typically about 150 Oersteds. The 
resetting field is quite a bit smaller, being about -20 Oersteds. With further 
work, it is probably possible to come up with Wiegand wires whose coils 
produce up to 20 Volts in a 1,000-ohm resistor. If 25 of these 20-volt 
Wiegand pulse generators wired in series could be induced to fire 
simultaneously across a 1,000-ohm resistor, something like a momentary 
half-watt device could be built. That might be enough to operate a very 
small version of the magnetic Wankel engine, etc. purely for 
demonstration purposes. 


For practical power, of course, one would need to find a way to increase 
the power output in each Wiegand generator pulse. So far, no one has been 
able to successfully find a way to do it, at least to our knowledge. If the 
reader finds a way to do that, then the reader should certainly patent the 
process and use it in a self-powering magnetic Wankel engine! 


So to those experimenters wishing to experiment with something relatively 
inexpensive, we would suggest investigating the possibility of 
incorporating Wiegand units into a magnetic Wankel-type small magnetic 
motor, and attempt to get a self-powering little unit, or try to build a self- 
powering version ofthe rotary Wiegand pulse generator. It is at least 
possible in theory, and ifachieved in practice it will prove that self- 
powering EM engines are perfectly possible. 


6.4.9 Kawai Path-Switching Motor 

Japanese inventor Teruo Kawai has invented a process for adroit self- 
switching of the magnetic path in magnetic motors, rather than directly 
overpowering the magnetic field and then forcibly reversing it. The 
process reduces most of the back mmf in an otherwise rather 
conventionally switched magnetic motor, and results in producing a COP 
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that is approximately double the stated efficiency rating of the unmodified 
motor. Understand, the Kawai motor always has an efficiency less than 
100%, even when its COP>1.0! Hence if one starts with a high efficiency 
magnetic motor — e.g., efficiency of 0.7 or 0.8 — one can obtain a 
modified motor having a COP of 14 to 1.6. Two Kawai-modified Hitachi 
high-efficiency magnetic motors were tested by Hitachi engineers, and the 
tests did indeed show COPs of 14 and 1.5, respectively, under rigorous 
and totally independent testing conditions. 





Fig 6-23G Fig 5-23H 


Figure 6-30 The Kawai path-switching process. 


Figure 6-30 shows eight snapshots A, B, C, D, E, F, G, and H of the rotor 
advance of a typical Kawai engine, taken from Kawai's 1995 patent {452}. 
This is one end rotor/stator side of a two-rotor device, where a similar 
rotor/stator device is on the other end of the central shaft //. In snapshot 
A, pole piece /4 had three outward teeth /4b dispersed equally around the 
circumference, alternated with three notches. An end magnet /3 provides 
the source of flux passing through the pole piece. With the electromagnets 
DC-energized, their core materials /6c, 16d, 16g, 16h, and 16k, 161 are 
shown shaded by flux from central magnet /3 out through teeth /4b. 


In snapshot B, electromagnets /6a, /6e, and /6i are energized. The shaded 
area shows the sharp convergence /4d of the flux from magnet /3 through 
pole piece /4 and the edge ofteeth /4d. Since the electromagnets are 
magnetized in attracting mode, the rotor will experience a torque tending 
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to widen the flux path from magnet /3 to the activated electromagnets. 
Thus a clockwise torque exists on the rotor, and it will start to rotate 
clockwise.'** Note that each electromagnet is operating independently of 
the other two. 


As shown in snapshots C, D, E, and F, the rotation of the rotor continues 
clockwise, widening the connecting flux path to the three activated 
electromagnets. During this time the torque on the rotor is clockwise. 


In snapshot G, the flux path to the activated electromagnets is fully 
widened. In addition, the leading edges ofthe three teeth are just beginning 
to enter the domains ofthe next electromagnets /6j, 16b (see snapshot A) 
and /6f. This is getting symmetrical to the original position shown in 
snapshot B. 


Now the electromagnets /6i, 16a, and 16e of snapshot G are deactivated, 
as shown in snapshot H, and electromagnets /6j, 1/6b, and /6/are 
activated. This action asymmetrically self-regauges and resets the engine 
back to the original situation shown in snapshot B, but one more 
electromagnet beyond. The action cycle begins anew. As can be seen, in 
each complete rotation of the shaft, each of the three teeth of the rotor will 
be asymmetrically self-regauged multiple times. So multiple total 
asymmetrical self-regaugings, resettings, or "refuelings" are utilized per 
shaft rotation. 


In each motor coil, at energization a tooth is just entering that coil, 
Energized in attractive mode with respect to the ring magnet around the 
shaft, the flux in the pole piece jumps from fully widened flux (and small 
or vanishingly radial torque on the rotor) to angled and narrowed flux 
(with full radial clockwise torque on the rotor). This is an asymmetrical 
self-regauging action. As previously explained, the narrowed flux and its 
angle exert a clockwise accelerating tangential component of force upon 
the rotor. By the asymmetrical self-regaugings of the engine, each coil is 
de-energized prior to beginning to exert radial back emf— which it would 
do if it remained energized as the trailing edge crossed it and again 
narrowed the flux path). 


So the Kawai engine uses normal magnetic attraction to accelerate the 
rotor for a small distance, and then asymmetrically self-regauges to zero 


‘The Kawai patent contains a small error of misstatement. It states at first that the 
torque and rotation are counterclockwise, and then shows it moving correctly 
clockwise from figure to figure in the series. 
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attraction to eliminate the back-mmf drag portion of the attractive field. It 
regauges to zero as the reset condition. 


For appreciable power and smoothness, the typical Kawai engine uses an 
extensive number of asymmetrical self-regaugings per axle rotation, for 
example 36 times on each end, or a total of 72 times for the two ends. The 
force field of each coil, accompanying its increased magnetostatic scalar 
potential, is oriented radially inward, so that radial work cannot be done by 
the coil on the rotor because the rotor does not translate radially. 
Advantage is taken of the initial clockwise acceleration force initially 
produced, and self-regauging eliminates the counterclockwise decelerating 
drag force that would be produced without the regauging. 


The major benefits are that (a) multiple self-regaugings occur for a single 
rotation of the rotor assembly, enabling high weight-to-power ratio, (b) 
each electromagnet is energized only when positively contributing to the 
clockwise torque that drives the rotor, and (c) each coil is de-energized to 
asymmetrically self-regauge the system during those periods when the coil 
would otherwise create back-drag (counterclockwise torque) if it remained 
energized. 


A conservative cycle is one in which the work done in the back-drag 
(mmf) region is equal to the work done in the forward boost (forward 
mmf) region. Self-eliminating the back-drag portion of the cycle is a form 
of asymmetrical self-regauging, and makes the net field highly 
nonconservative. The Kawai approach is thus permitted to attain COP>1.0. 
In his U.S. patent, Kawai quotes performance measurements showing 
COP = 3.18. As we stated, Hitachi engineers measured two Kawai- 
modified Hitachi magnetic motors which exhibited COP =1.4 and 1.6 
respectively. 


Since the output is shaft horsepower, in principle the Kawai engine can be 
close-looped for self-powering, without consideration of the Dirac sea hole 
current. With its external close-looping system (not shown), it falls within 
the second close-looping class, that of an "outrigger" system. Only the 
unitary system closed-looping class requires consideration of hole currents 
in the Dirac Sea. 


The Kawai process and several other Japanese overunity systems have 
been blocked from further development and marketing by the Japanese 
Yakuza. The present author and the Board of Directors of CTEC were 
physically present and in final negotiations (having reached agreement!) 
with Kawai to market his self-powering motors worldwide, when control 
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of the Kawai company and process were suddenly seized on the spot in our 
presence.'” 


6.4.10 Bedini's Skin Depth Magnetic Switching 

Bedini found a most interesting variation of flux path switching: he 
switches the direction ofjust a little fraction of the ongoing magnetic flux 
in a material flux path, on the skin of one side of it and with only a slight 
"skin depth".!°° 


Suppose a flux path material is used as the stator pole ofa permanent 
magnet motor. A large permanent magnet is used to magnetize that short 
length of flux path, as shown one the left in Figure 6-31, which illustrates a 
concept for a magnetic motor. For convenience, imagine that the small 
magnet on the right is not yet placed on the material flux path extension. 
The flux path extension is energized by the south north pole of the large 
permanent magnet on the left, and used as the stator in a rotary magnetic 
motor. 


'°S To anyone who understands Japanese culture, Kawai paid me one of the greatest 
compliments possible. After his company representative called from Japan, Kawai 
shipped his original proof of principle engine — which first successfully 
demonstrated his flux-path switching process without being optimized for COP>1.0 
— to me, here in the U.S. In the Japanese manner, he had entrusted me with his 
single most valued possession. From years of aikido experience, I fully understood 
the meaning of this unprecedented gesture, and expressed my deep appreciation 
accordingly. From our first meetings with Kawai and his group, I have and always 
shall have the utmost respect for Teruo Kawai. In my view, it is a sad loss to 
humankind to have his engine buried and withheld so brutally. Kawai had already 
achieved a closed-loop self-powering version, and it is this version upon which we 
reached agreement. In less than 24 hours after that agreement, the Kawai engine and 
company — and Kawai's own fate — were seized and no longer in Kawai's hands. 
For those unfamiliar with the deep spread ofthe Japanese Yakuza, the following are 
recommended: (a) Brian Bremner, "How the Mob burned the Banks: The Yakuza is 
at the center ofthe $350 billion bad-loan scandal," Business Week, Jan. 29, 1996, p. 
42-43, 46-47; Michael Hirsh and Hideko Takayama, "Big Bang or Bust?" Newsweek, 
Sept. 1, 1997, p. 44-45; Adam Johnston, Yakuza: Past and Present," downloaded 
from the Internet, Committee for a Safe Society, Organized Crime Page: Japan: 
History and present status of Japanese organized crime. 


'°6 Close colleague Ken Moore also independently discovered this effect in his own 
experiments, but then we found that Bedini had discovered it earlier. That was fine 
with Ken; he greatly admires Bedini and the marvelous discoveries Bedini has made. 
I greatly admire both ofthem, and am happy to call them best friends. After all, 
science has a human side as well as a materials side. Without one's close colleagues 
and best friends, science alone would be a miserable enterprise! 
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Figure 6-31 BedIni skin depth magnetic edge switching. 


As can be seen, the north pole ofthe rotor, shown in the figure, is attracted 
to the resulting south pole of the stator. Power can be taken from the shaft 
of the rotor while it is being attracted in to the extended north pole of the 
stator flux extension. As it begins to pass the extension end, obviously if 
nothing else is done it will develop back mmf "drag" by being attracted 
back toward the north pole of the flux extension as it passes it. 


However, suppose that —just when the rotor south pole is passing dead 
center of the stator north pole extension, one suddenly pulses a small flat 
coil placed on the face of the extension, which serves the function of the 
small permanent magnet shown on the right of the material flux path 
extension. Further, suppose the magnetic field produced by the coil is 
oriented as the field of the small permanent magnet, but is much weaker 
than the magnetic field of the large permanent magnet on the left. A very 
curious effect then occurs. This energized coil magnetizes the edge of the 
flux path extension, to a small "skin depth" as shown, with a north 
polarity. The magnetic flux is now bidirectional in that same material flux 
path extension. 


Further, this edge-switching action is performed so that it is this "partial 
north polarity" of the now-altered extension that faces the rotor north pole 
as it begins to pass the extension and enters what previously would have 
been a back mmf section. Instead, now that former back mmf section is a 
weakened forward mmf region, further accelerating the rotor. This action 
breaks the Lorentz symmetry around the rotation path of the rotor, 
resulting in a net nonzero (nonconservative) magnetic field. Hence the 
entire rotor exhibits a net drive force around its loop. The rotor will 
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accelerate until the mechanical work performed upon the shaft, friction, 
etc. is equal to the net magnetic energy furnished to the rotor. 


The beautiful part of this motor is that one does not have to "overcome" by 
brute force — and then reverse — the north polarity of the entire stator 
extension. In theory, the overall energy added to the rotor is greater than 
the energy that must be added for the "edge switching" of the magnetic 
flux path extension, because the entire back mmf of the motor has been 
eliminated and replaced by a weaker forward mmf. Ifthe process of 
furnishing the "skin depth" weaker magnetic north field to the edge of the 
flux path extension is made sufficiently efficient, this engine also can be 
made self-powering, at least in theory. 


The former "motor" design has been converted to a "motor/generator" 
design, by the addition of the edge-switching action. The novel factor is 
the use of bidirectional flows of magnetic flux in a single material flux 
path. 


An additional improvement is to rig a Wiegand sensor and pulse generator 
or sensors in conjunction with the rotor action, to freely furnish and kill 
the edge-switching pulse to the face-magnetizing coil on the flux path 
extension, at the appropriate times. This is an area where even high school 
students will be able to experiment. 


Bedini's patent on the edge switching process and its various embodiments 
and improvements has been issued {453}. 


6.4.11 Bedini's Flux Path Switching with Energy Capture 

One additional embodiment of the Bedini flux path switching motor is 
shown in Figure 6-32. Here the entire flux path is switched, by moving a 
small coil on the bottom side ofthe material flux path, as shown in the 
figure. As Radus showed {454}, it turns out that a much weaker magnetic 
field in that left bottom position will switch the flux path of a powerful 
permanent magnet field at the left top ofthe path, as shown. 


Now, however, Bedini adds a transformer coil around the right end of the 
core (the right end of the extension is still the stator pole in the magnetic 
motor diagrammatically shown in Figure 6-32). When the flux path is 
switched back and forth, this transformer coil produces an AC signal 
output, which can power a load as shown, and can even be used to power 
the switching power supply. The trick is that it requires less energy to 
make the vertical flux path preferable to the horizontal flux path, than the 
energy delivered into the flux path by the permanent magnet. The potential 
for self-powering of a sufficiently efficient magnetic motor is obvious. 
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Figure 6-32 Bedini's total path switching and energy recovery process in a transformer. 


So the motor can be powered while simultaneously acting as a partial 
generator. For efficient switching, this motor/generator can in theory 
develop COP>1.0 and can even be made close-looped and self-powering. 
We strongly accent that the primary excess energy input to the system is 
from the vacuum itself, via the broken symmetry of the large permanent 
magnet dipole at the left top of the material flux path. As we have 
repeatedly stated, the only energy problem is how to capture and utilize the 
EM energy freely received, transduced, and poured out from the vacuum 
by the source dipole's broken symmetry, without using half of it to destroy 
the source dipole. 


6.4.12 Transformer Secondary Shunted by a Negative Resistor. 

See Figure 6-33. This embodiment assumes the availability ofa true 
negative resistor — possibly an adaptation of a point contact transistor or 
other device. As shown in the figure, a transformer exhibiting COP> 1.0 
can be developed by adding a shunting true (not differential!) negative 
resistor across the terminals of the secondary, adjacent to the secondary. 
In this manner, the Lorentz symmetry of the closed unitary current loop 
containing the external loads and losses, and normally the secondary of the 
transformer in series, is broken. 


Part of the return spent current is now "pumped" back up from ground side 
to power side of the transformer secondary without passing through the 
secondary. The pumping work is providing by dissipation (in the negative 
resistor) of energy freely obtained from the active vacuum environment. In 
short, one adds a ncgcntropic process in parallel with the secondary coil, in 
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the secondary external circuit, breaking the otherwise enforced Lorentz 
symmetrical regauging ofthe discharge of the collected EM excitation 
energy in the secondary circuit. This provides the capability for a 
permissible COP>1.0 transformer. 


ON EACH HALF CYCLE, ONE OF THE NEGATIVE RESISTORS 
SHUNTS PART OF THE RETURN CURRENT AROUND THE 
SECONDARY, FROM LOWSIDE TO HIGH SIDE, THUS 
DECREASING THE BACK-FIELD COUPLING FROM SECONDARY 
TO PRIMARY ACROSS THF TRANSFORMER. THIS LESSENS 
THE ENERGY DISSIPATION REQUIRED IN THE PRIMARY 

FOR A GIVEN ENERGY FLOW TRANSFER FROM PRIMARY TO 
SECONDARY 





| | FA = negatve 
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Figure 6-33 Transformer shunted by a negative resistor. 


In theory, ifthe negative resistor can bypass all the current in the 
secondary, or almost all of it, the transformer can become a COP» 1.0 
device. 


This overunity transformer can use step-up of the voltage from primary to 
secondary, and exhibits an asymmetry in its forward and backward field 
coupling between primary and secondary. Thus the dissipation of energy in 
the primary circuit need not be as great as the dissipation of energy in the 
secondary circuit. The energy flows are of course in perfect conservation, 
but there is no law of nature requiring the energy dissipations to be 
conservative between the primary and the secondary. It is strictly the 
backfield coupling from secondary to primary that enforces equal energy 
dissipation in the primary as in the secondary, in normal transformers. And 
that backfield coupling's strength is a function of the return current through 
the transformer secondary. By reducing that current, the back coupling to 
the primary is reduced, which in turn reduces the current draw of the 
primary from the external power supply. 


No laws of physics, electrodynamics, or thermodynamics are violated by 
the asymmetrically coupled transformer power system with broken 
symmetry in its secondary to primary circuit couplings. In short, there is 
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less backfield coupling from primary to secondary than there is from 
secondary back to primary. The additional energy dissipated in the 
secondary circuit is freely extracted from the vacuum by the negative 
4-resistor shunt. 


Again, this application assumes the availability of a true negative resistor, 
to use as a shunt of the secondary. 


The beauty ofthis application is that, once achieved, such a COP>1.0 
transformer can easily be close-looped for self-powering by standard 
"governed" positive feedback. No concern as to hole current effects 
usually need be accounted for unless the COP becomes very large. 


6.4.13 Eddy Current Multiplier. 

Figure 6-34 shows an example of an eddy current multiplier, adapted from 
Burke {455}. This is given as a somewhat unusual system which may 
exhibit novel effects and possibly can be adapted into a COP>1.0 system 
(e.g., by using permanent magnets instead of the coils and triggering things 
into unbalanced condition using a rotary pulse wire generator. We simply 
list it here as a candidate for the experimenter. 
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Figure 6-34 Eddy current multiplier. 


In Figure 6-34, the shaft of the conducting disk is connected to a rotor, 

which could have arrangements for rotary type of Wiegand pulse generator 
of Figure 6-29 (with self-initiation and self-recovery) around it (not shown 
in Figure 6-29). One would start the rotating disk by hand. These Wiegand 
sensors would then automatically and repeatedly deliver a series of electric 
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pulses to the coils, momentarily generating the two eddy currents shown, 
so that dynamic force and rotary acceleration is obtained during the 
endurance of the pulses. In short, one would "electrically kick" the coils so 
that they continually deliver a propulsive "magnetic kick" to the 
conducting disk to repeatedly generate eddy currents to rotate it. The rotor 
is powered as shown by the interactions ofthe two unbalanced induced 
eddy currents. Such an arrangement could possibly exhibit COP>1.0. 


To experiment with such an apparatus, the major parts that must be 
developed are (i) the rotor and coils arrangement (the motor), (ii) the 
integrated rotary Wiegand effect pulse generator with self-recovery, and 
(iii) the proper timing arrangement. Each should be developed and 
optimized individually in the researcher's experiments, then combined and 
optimized together. This is an experimental area that can be cheaply 
investigated, e.g., by a college student or high school student for a science 
project. Whether COP>1.0 is achievable or not depends upon the 
efficiencies that can be obtained with the various processes involved. It is 
possible, at least in theory, for such an arrangement to be self-rotating once 
rotary motion is underway. 


6.5 CONCLUSION 


In this chapter we have advanced many approaches to COP>1.0 systems, 
that have been tried or considered by various inventors and researchers in 
the field. Many of these experimenters have attained concrete, replicable 
results, including results published in the hard literature. 


We hope this sampling shows the reader that indeed we can have "self- 
powering" electrical power systems and COP>1.0 electrical power systems 
whenever the scientific community will come out of its preoccupation with 
the present seriously restricted electrodynamics and electrical power 
engineering practice and fund the necessary research. Simply funding a 
few graduate students for research and doctoral theses in these areas would 
be very useful and immensely more productive for electrical energy 
purposes than all the billions and years spent on chasing hot fusion. 


Hopefully the iron dogma of the scientific community against COP>1.0 
electrical power systems is slowly changing. Ifso, and ifthe community 
will turn loose those sharp young graduate students and post-doctoral 
scientists on the problem, very shortly there will no longer be an electrical 
energy problem on Earth, ever again. We strongly refer the reader to 
Deffeyes' book {456} to rigorously validate the coming increase of the 
price of oil, in the middle of the present decade. See particularly the 
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quotation from Deffeyes in our Endnote {342}. With the present extreme 
volatility of the MidEast and the continuing war on terrorism, the 
probability is high of eventual severe disruption of oil supplies and the 
energy infrastructure of the U.S. 


An independent review of Deffeyes' book is given by Young {457} and we 
recommend that the reader digest that commentary also. 


Ifthe scientific community will fund the necessary research on permissible 
COP>1.0 Maxwellian systems, the quick results will solve the energy 
crisis, clean up the biosphere — including much cleaner air in our cities 
for the populace to breathe — provide cleaner streams, and result in far 
less polluted oceans. It will stop the pollution-caused destruction of 
species, and dramatically reduce the hydrocarbon combustion 
contributions to global warming. There will no longer be a necessity to 
consider "burying" in the bottom of the sea the excess CO2 from massive 
hydrocarbon combustion to provide the much-needed electrical power, 
because it will no longer be necessary to burn the oil, coal, and gas to get 
the power. And there will no longer be any necessity for expensive and 
highly vulnerable nuclear power plants with their resulting nuclear wastes 
that will remain radioactive for thousands of years. 


Ifcheap, clean EM energy from the vacuum is rapidly developed, we may 
finally get the scientific community's head wrenched back out of the big 
nuclear power business, as a colossal waste of research manpower and 
taxpayer dollars — as well as providing ticking time-bombs for the 
terrorist teams now already in the United States to attack and destroy. It is 
so easy for a person with appropriate technical knowledge to build a 
portable electromagnetic pulse (EMP) "shooter" that one shudders at the 
consequences of in-country terrorist teams that can do so. Try imagining 
what we would face when the electronic controls of one or more operating 
nuclear power plants are suddenly disabled and destroyed with the reactor 
on line and providing power. Chernobyl might look like a mild spring 
breeze in comparison, should we have one or more actual meltdowns. 


It is not a pleasant consequence to contemplate, and that alone may 
eventually dictate the overwhelming urgency of achieving decentralized, 
vacuum-energy-powered electrical power systems as soon as humanly 
possible. The present centralized, cumbersome energy infrastructure is 
vulnerable beyond all sanity, considering the thousands of terrorists 
already in country, with weapons of mass destruction as well as more 
conventional sabotage means. As a single example, the former Soviet 
Union clandestinely brought in nuclear weapons into the U.S., and 
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Spetznaz teams to detonate them on order. Such weapons (and teams) are 
already in large U.S. cities and population centers. The reader is referred to 
Lunev's book,’”’ for details about how the nuclear weapons were 
introduced. 


After all, we do have to live and survive in the real world, and not just in 
an idealistic scientific environment. We are already at war, with alerts of 
potential danger to our nuclear power plants already having been given on 
several occasions. In the present very disorderly and very dangerous world 
we live in, many of the former options we have had for decades are rapidly 
ending. That includes the option for the leaders of the scientific 
community to continue "business as usual", if they wish this nation and 
their own families to survive. There is an old adage in war: Whatever your 
determined enemy can do to hurtyou desperately, he will do as his highest 
priority. Sadly, in my opinion the leaders of the scientific community — 
unwittingly — are presently doing almost everything they can do to insure 
that the energy infrastructure goes, the national economy goes, a nuclear 
meltdown possibly occurs, and this nation and much of civilization 
perishes in a new dark ages. 


'7 Stanislav Lunev (with Ira Winkler), Through the Eyes ofthe Enemy, Regnery, 
Washington, 1998. Lunev is the highest ranking GRU defector. He is a former 
Colonel in the GRU, the military counterpart of the KGB. On p. 22-33, he 
summarizes the Spetznaz capabilities. On p. 22-27, he summarizes Spetznaz use of 
nuclear weapons already on American soil. On p. 26, he gives some ofthe ways in 
which the Soviets easily brought nuclear weapons into the U.S. On p. 30 he confirms 
Russian seismic weapons. Use of EMP weapons is on p. 30-31. Use of very, very 
low frequency weapons to destroy the human brain, put people into a zombie-like 
state, and aid in brainwashing is confirmed on p. 31. The present war on terrorism 
has many more facets than are presented by the conventional news media. 
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Just as the dinosaurs were confronted with a new and dangerous threat, and 
failed to adapt, the electrical power infrastructure is now confronted with a 
potent threat against its very vitals and — so far — is completely failing to 
adapt. It is going to have to adapt or perish, which presently implies that 
we all perish along with it. Those who make it their nefarious business to 
see to it, will see to it. 


So let us "see to it" first, scientifically, as rapidly as human research and 
development can do the job. The very existence of civilization may well 
depend upon it. 
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Figure 6-5 Sweet vacuum triode amplifier (VTA) construction. 
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Chapter 7 


Aharonov-Bohm Effect, Geometric Phase, 
and the Motionless Electromagnetic 


Generator (MEG) 


[Decision that hydrogen fuel is the future]. "We are at the 
peak ofthe oil age but the beginning ofthe hydrogen age. 
Anything else is an interim solution. The transition will be 
very messy, and will take many technological paths ...but 
the future will be hydrogen fuel." [Herman Kuipers, 
Royal Dutch Shell.]. 


” 


[Vacuum energy is real] "...the acceptance ofa 
structured vacuum described by an O(3) gauge group 
leads directly to the existence ofnovel charges and 
currents in the vacuum. These are conserved, or Noether, 
currents and charges and are clearly topological in 
origin. They springfrom the fact that the vacuum is a 
topological space. Four such entities emerge: [I]A 
topological vacuum electric charge, also proposed 
empirically by Lehnert et al. [2] A topological vacuum 
electric current, also proposed empirically by Lehnert et 
al. [3]A topological vacuum magnetic charge, proposed 
also by Barrett and Harmuth. [4] A vacuum topological 
magnetic current, proposed also by Barrett and Harmuth. 
Each ofthese four objects can provide energy, 
which can be loosely termed ‘vacuum energy’: energy 
coming from the topology of the vacuum. " [Evans] {458}. 


[Aharonov-Bohm effect] "...the Aharonov-Bohm effect is 
a local gauge transformation ofthe true vacuum... [which] 
produces a vector potentialfrom the true vacuum. [This 
gauge transformation ]produces topological charge..., the 
electromagnetic field, which carries energy, and the 
vacuum charge current density first proposed by Lehnert 
... and developed by Lehnert and Roy... '". [Evans and 
Jeffers] {459}. 
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[Geometric phase] "The concept ofthe geometric phase is 
closely related to the effect ofa statefunction acquiring a 
non-zero phase factor after a quantum system undergoes 
acyclic evolution. This means, that ifa system after some 
time returns to its original state, the result of such an 
evolution will be recorded in the phase ofthe 
wavefunction. Moreover, this phasefactor can be 
measured by interfering initial and final states. ... 
Although there are no widely recognized practical 
applications ofthe geometric phase, its experimental 
observations have been reported in many fields of science. 
The largest group ofexperiments have been carried out 
on polarized light ...andpolarized neutrons ... The 
geometric phase has also been observed in magnetic 
resonance experiments ..., mesoscopic structures ...and 
molecular systems ...Analogues of GP — the Hannay 
angles — have been shown to exist in classical 
mechanical systems ..., the mostfamous example ofwhich 
is the Foucault pendulum." [Aleksiejunas]'"* 


[Practical use of geometric phase]. "The motionless 
electromagnetic generator is the first practical 
macroscopic use ofthe geometric phase. " [T. E. Bearden, 
2001, to a correspondent]. 


[Impact of extracting energy from the vacuum] "Jfthey 
[quantum fluctuations ofvacuum] can be [tapped], the 
impact upon our civilization will be incalculable. Oil, 
coal, nuclear, hydropower, would become obsolete — and 
so would many ofour worries about environmental 
pollution." "Don't sellyour oil shares yet — but don't be 
surprised ifthe world again witnesses the four stages of 
response to any new and revolutionary development: 1. 
It's crazy! 2. It may be possible — so what? 3. Isaid it was 


81 am much indebted to Dr. Rimvydas Aleksiejunas for this clear statement of the 
geometric phase. See his very elegant summary, " Introduction to The Geometric 
Phase Decomposition," on his Internet website at http://signalogram.free- 
hosting.lt/Research/gp dec.htm. His own publications in scientific journals and 
proceedings are also listed on the website, and many are available for downloading. 
His doctoral thesis dealt with geometric phase and he is a specialist in that field. 
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a good idea all along. 4. I thought ofit first." [Arthur C. 
Clarke] {460}. 


7.1 Introduction 


In this chapter we give a history, some information, and comments about 
the Aharonov-Bohm effect {473}, which was generalized by the Berry 
phase {477} for adiabatic conditions, which itself was further generalized 
by Aharonov and Anandan {480} to remove the adiabatic limitation. The 
modern all-inclusive term is geometric phase, which has been found to be 
involved in a very wide variety of physics areas. In its embodiments, the 
motionless electromagnetic generator (MEG) does utilize the Aharonov- 
Bohm effect (geometric phase) in a unique manner that we explain. We 
also remark on what we hypothesize may be some related new aspects of 
the curl-free magnetic vector potential itself. 





Figure 7-1 Motionless Electronic Generator (MEG) 


The motionless electromagnetic generator (MEG) (Figure 7-1) was 
invented by Patrick, Bearden, Hayes, Moore, and Kenny {461} after years 
of research and experimentation. It has been technically described 
elsewhere {462}, and scientific explanations of the fundamental 
mechanism by which it successfully extracts useful EM energy from the 
active vacuum have been published in the recognized literature {463, 38a, 
464}. Other closely related papers on extracting EM energy from the 
vacuum have been published or are submitted and in review {465a-465h}. 
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A version of the MEG has also been independently replicated by Naudin 
{466}, and in fact by others who did not wish to publish their results. By 
permission, Naudin's Mark II MEG replica is shown in Figure 7-2. 
Consequently, the MEG is a validated and replicated COP>1.0 system, as 
required by proper scientific methodology. Further, sufficient information 
has been released for any competent laboratory team to replicate a version 
of the MEG. 





Figure 7 2 Nuadin's Mark Il Replication ofthe MEG. 


We give an overview ofthe MEG, the principles of its operation, the status 
of the project, and some indication of future plans. 


7.1.1 Status 

As this is written, the first MEG patent has just issued {37}. A second 
Provisional Patent Application has been filed, and at this writing is in 
process of being replaced by a formal regular patent application. Two 
other patent applications are in preparation. All rights to the MEG are 
assigned to Magnetic Energy Ltd., Huntsville, Alabama, U.S.A., whose 
CEO is Dr. James L. Kenny. 


In addition, Bedini and the present author have filed a provisional patent 
application on the process and embodiment for close-looping a COP>1.0 
system for self-powering operation, and are in process of replacing it with 
a regular patent application also. Magnetic Energy Ltd. has permission to 
utilize the Bedini-Bearden close-looping process. In addition, Magnetic 
Energy Ltd. has its own proprietary close-looping process, for which a 
patent application is being prepared. The Company is also involved in 
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serious discussions with several large companies and financial groups for 
potential financing. When that funding is obtained, we will open a 
substantial research and development laboratory here in the United States, 
serving a separate production company to be set up with our financial 
partners to produce and market the MEG. Meanwhile, laboratory work to 
complete the research and development of the MEG is also ongoing under 
a cooperative arrangement with the National Materials Science Laboratory 
of the National Academy of Science of a friendly foreign nation formerly 
under the Soviet bloc. 


7.1.2 Future Plans 

Our plans are straightforward. We will continue to pursue and update our 
patents and file additional ones as additional discoveries are made. We will 
continue our negotiations with major financial parties until satisfactory and 
mutually beneficial capitalization is obtained (we expect that to occur 
before the end of 2002). At that time we will establish a modern Magnetic 
Energy Ltd. U.S. laboratory devoted to advanced research and 
development, as well as a separate production company in partnership with 
our funding partners. The final research necessary on the MEG (four areas 
of physics as well as the electrodynamics) will be completed in somewhat 
less than one year after setup of the lab and lab team, and the production 
company is expected to have the first engineering development production 
prototype at the end of that first year. We expect it to be a self-powering 
unit. We will simply put the first MEG units into production and on the 
world market immediately thereafter. 


rr MEG1 =} 
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Input —— | ~MEG2 Ra 

eat Input a Output 

Power Synchronizer | | Synchronizer 
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Figure 7-3 Block diagram of envisioned modular MEG design. 


See Figure 7-3. The first production MEG is envisioned as a modular 2.5 
KW unit together with a synchronizer unit simultaneously developed, so 
that up to six 2.5 KW MEG units can be synchronized in a power system 
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array. This will yield power units from 2.5 to 15 KW. We are struggling to 
have the closed-loop process completed and ready in that same first year, 
and if possible the very first MEG units will be close-looped and self- 
powered. At the end ofthe second year or before, we plan to have the 
close-looped basic MEG unit in 10 KW size, again with synchronizer so 
that up to six MEG units can be synchronized in an array. That will cover 
the 10 - 60 KW power system size, which is ideal for homes and small 
businesses. Once the units go on the world market, we believe that the 
market will be extraordinarily dynamic and productive. We intend to 
license multiple companies for production and competition for various 
markets, with no single company being given total monopoly worldwide. 


7.2 Aharonov-Bohm (Geometric Phase) Effect 


The Aharonov-Bohm (AB) {473} effect, or geometric phase (GP) {477, 
480} effect, is now well known {467} in quantum mechanics and quantum 
electrodynamics, but does not exist in classical electrodynamics. The effect 
proves the reality of the potentials and their primacy over the fields. 
Further, it shows that electron effects can be generated by the magnetic 
vector potential A even in the absence of the magnetic field B. 
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Figure 7-4 Aharonov Bohm effect fora tightly wound toroidal coil. 


According to Feynman {468}, it required 25 years for quantum physicists 
to clearly face the issue eventually pointed out in 1959 by Aharonov and 
Bohm ofthe primacy and separate action of the force-field-free potential, 
in regions where no force fields were present (Figure 7-4) {469}. After the 
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effect was experimentally demonstrated by Chambers {474} in 1960, it 
then required another 25 years before physicists would accept it. Even 
today, another 16 years after full acceptance in 1986, to our knowledge the 
Aharonov-Bohm effect has not previously been utilized in any practical 
electrical power system {470}, much less one that has a COP>1.0. As 
Aleksiejunas'”® states (see his quotation at the beginning of this chapter), 
there have not previously been any widely recognized practical 
applications of the geometric phase. Now there is a practical application of 
major worldwide importance, since the operation of the MEG depends 
upon the geometric phase (Aharonov-Bohm) effect to produce real 
electrical power from the active vacuum itself. 


We also believe that the curl-free potential may not have been adequately 
investigated, particularly along the lines of its utilization in the MEG. 


7.3 Abbreviated History of the Geometric Phase 


The earliest work with a state function acquiring a non-zero phase factor 
after a quantum system undergoes a cyclic evolution was published in 
1956 by Indian scientist Pancharatnam {471}. Pancharatnam noticed phase 
shifts of cyclic evolutions in optical phenomena. This means that, ifthe 
system leaves its original state and after some time returns to it, the result 
of the system's evolution will be recorded in the phase ofits wavefunction. 
In addition, this phase factor can be measured by interfering the system's 
initial and final states.'”* Sadly, Pancharatnam's anticipation of the 
geometric phase factor did not receive the attention it so justly warranted, 
and his paper languished almost unnoticed for nearly four decades, when it 
was finally rediscovered. This was an excruciating scientific tragedy to 
Pancharatnam, comparable to that which befell Waterston {472}. 


The effect of the field-free potential and the geometric phase issue were 
pointed out strongly by Aharonov and Bohm {473} in 1959 in a leading 
U.S. physics journal, causing much consternation in physics. Before that 
paper, most physicists still believed that all electromagnetic forces and 
effects were induced only by the force fields,'”” and not by the potentials. 


‘8° Indeed, the force fields do not even exist in mass-free space, but only in matter. 
Force is defined as F = /6t (mv) so that mass is a component of force. Feynman 
states: "...in dealing with force the tacit assumption is always made that the force is 
equal to zero unless some physical body is present... One ofthe most important 
characteristics of force is that it has a material origin..." "...the existence of the 
positive charge, in some sense, distorts, or creates a "condition" in space, so that 
when we put the negative charge in, itfeels aforce. This potentialityfor producing a 
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In the prevailing belief, when the fields were zero there were no EM 
effects. Indeed, the potentials were largely regarded as mathematical 
conveniences. 


Another point of consternation was that the A-potential is not uniquely 
determined, but is determined only up to a particular gauge transformation. 
So there can be two (or even more) magnetic vector potentials A and A’ 
corresponding to a specific magnetic field. Aharonov and Bohm raised a 
disturbing question: How can two different "causal" A potentials produce 
the same effect? We will rigorously answer this question shortly. 


While the experiments suggested were difficult, they were performed 
shortly after the publication of the Aharonov-Bohm paper. The very next 
year, in 1960, Chambers {474} experimentally demonstrated the 
Aharonov-Bohm effect, though not with complete decisiveness. A 1983 
paper by Tonomura et al. {475} was significant, and a 1986 publication of 
further work of Tonomura et al. was decisive {476}. 


In 1984, Berry generalized the Aharonov-Bohm effect into the geometric 
phase {477}. In 1985 the Tonomura effort plus experimental work by 
Webb et al. {478} settled the matter, as strongly stated by Schwarzschild 
the next year {479}. In 1987, Aharonov and Anandan {480} further 
generalized Berry's geometrical phase, freeing it from its adiabatic 


force is called an electric field. "So Feynman was fully aware that not the force field 
but only the potential (i.e., the potentiality) for producing the force field exists in 
mass-free space. The electrodynamicists continue to be confused on that point. E.g., 
on p. 28 of his Classical Electrodynamics, 2nd edition, Wylie, 1975 Jackson states: 
"the thing that eventually gets measured is a force... ", confirming that force is an 
observable and thus a d/dt operation imposed upon spacetime LLLT to give a purely 
spatial entity LLL. On p. 249, Jackson also states that "Most classical 
electrodynamicists continue to adhere to the notion that the EM force field exists as 
such in the vacuum, but do admit that physically measurable quantities such as force 
somehow involve the product of charge and field." The two parts ofthe conventional 
assumption, as stated by Jackson, contradict each other. We point out that Jackson's 
book has been a standard of excellence for years, and no EM library is complete 
without it. It merely shows the extraordinary difficulty of rooting out the 
exasperating and mind-numbing confusion in physics between the observed effect 
and the unobserved cause. Force is an effect, after interaction (observation or 
measurement), hence cannot be the cause (which exists prior to interaction or 
measurement). Else, there is no difference between cause and effect, which destroys 
causality itself. This confusion is still there in even the hoary old classical 
mechanics, now some centuries old. By that standard, electrodynamicists have a long 
time remaining before they will have propagated this non sequitur" as long as the 
mechanical physicists have. 
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restriction and generalizing the geometry. Much discussion of the AB 
effect and Berry's geometric phase occurred {481a-481c}, but the 
scientific consensus was in: The Aharonov-Bohm effect is real and the 
geometric phase is a widespread fact of nature. 


In 1985, Olariu and Popescu {482} published a very good overview and 
discussion of the AB effect up to that time, with hundreds of references. 


Thousands of papers on the AB effect, the Berry phase, and the geometric 
phase have since appeared in the literature, and continue to appear at a 
rather steady and prolific rate. A few are listed for a sampling {483a-483k, 
484a-484i}. The original Aharonov-Bohm effect has now expanded and 
spread widely through physics and into a myriad other effects and areas, 
such as the scalar AB effect, the Aharonov-Casher effect, magnetic vector 
potential vortices, quantum tunneling, chemical reactions, chaotic 
oscillation, and others. These related extensions are far beyond our interest 
here. We are, however, interested in what we hypothesize may be a new 
aspect of the perturbed curl-free magnetic vector potential A. We shall 
address that aspect briefly. 


7.4 A Possible New Aspect of the Curl-Free Magnetic 
Vector Potential 


We propose what may possibly be a unique new aspect of the curl-free A- 
potential — and thus of the Aharonov-Bohm effect — that has been 
uncovered in our MEG experiments. We caution, however, that this is a 
tentative interpretation and remains to be further validated. 


First we state that the equation, B = VxA, usually accepted as the 
"definition" of the magnetic vector potential A, is not even a definition, 
because no equation is a definition.” If we rewrite the equation as the 
identity B = VxA, then it is a proper definition — though not of the A- 
potential, but of the B-field itself, given that the A-potential exists and is 
primary. It also states that the B-field is simply a magnetic vector potential 
having swirl; i.e., the notion of the B-field captures that swirl aspect of a 
swirling A-potential. Hence the statement that B = zero implies only that 
the A-potential remaining is swirl-free and hence a linear EM energy 


20° No equation is a definition, a priori. It merely states the relationship of the total 
magnitude of the entities on the left to the total magnitude of the entities on the 

right. It does not define any entity on either the left or the right. One of the gross non 
sqeuitursin physics texts is to continue to present equations as "definitions". 
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current flow. Note that the B = 0 condition does not specify the magnitude 
of the remaining A-potential, but only specifies that it has no curl. This is a 
rigorous answer to the original question posed by Aharonov and Bohm of 
how two different A-potentials can have the same magnetic field B (the 
same swirl). It is no more mysterious than two different rivers having a 
whirlpool of exactly the same swirl magnitude. 


At least to first order, it appears we have arrived at a "semi-definition" of 
the A-potential along these lines: 


The magnetic vector potentialA is an EM energy current 
in 4-space, which can be swirling or linear, or can have 
two components where one is swirling and the other is 
linear. The swirling component ofthe A-potential is also 
known as the B-field, and the linear component is known 
simply as the "curl-free A-potential". The A-potential 
exhibits a remarkable property: Ifits swirl component is 
localized and confined, the remaining space where the 
swirling A without localization would have been is filled 
by a remaining unswirling linear A-potential energy 
current. In short, by swirl-localization the swirling 
A-potential can be freely 'regauged' into two separated 
entities, with the sum oftheir energy being greater than 
the apparent energy ofthe previous swirling A-potential. 
Hence swirl-localizationis amethod of asymmetrical self- 
regauging ofthe A-potential itself with the excess energy 
coming directlyfrom the active vacuum. 


If we take the view that any curled A is identically a B-field, then the 
"natural" A is not curled, because it requires a curl operation applied to it 
to produce a "curled A" or B-field. Therefore the "natural" magnetic vector 
potential A is simply a magnetic energy current in space, since it is a 
vector and has direction {458}. That is a longitudinal EM energy flow 
process ?”’'We shall be very interested in the uncurled A-potential; i.e., in 
that linear energy current in space that is uncovered and freely produced 


°°! Interestingly, around a toroidal localization zone, the uncurled A-potential does 
curve, but is only linearly following the curving current and the moving E-field from 
the moving charges in the current. In the MEG, the uncurled A-potential is even 
more complex, since we use each half of the toroid-like localization zone differently, 
with the B-flux going one direction (say, counterclockwise) in the left branch and 
the B-flux going in the other direction (say, clockwise) in the right branch, and with 
a crossover point in the middle. 
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when the B-field is localized. Indeed, we shall perturb it to make a large E- 
field, which we intercept and use to furnish emfto the secondary circuit 
and power loads. 


Given a localized B-field so that we have an uncurled A-potential outside 
the localization region: If we now increase the magnitude of the A, that 
produces an increased linear energy flow rate outside the localization zone, 
in addition to increasing the B-field in the localization zone. If we decrease 
the magnitude of the A, that produces a decreased nonlocalized energy 
flow rate and a decreased localized B-field. In our view it follows that, 
when we oscillate the magnitude of the A-potential by any means 
whatsoever, we oscillate the nonlocalized linear EM energy current flow 
rate as well as the localized B-field. In fact, that creates a normal 
oscillation of the localized B-field, and also creates a nonlocalized 
longitudinal wave of electric field E by the equation E = — GA/ér, if the 
conditions localizing the curl operator — and hence localizing and holding 
separate the concomitant B-field produced by a changing E-field — 
continue in effect. 


We have produced a mechanism for generating a nonlocalized longitudinal 
E-field wave without a nonlocalized B-field component being allowed to 
act outside a confined locality. We stress that a B-field component is 
produced, but remains localized in the special core material (that is one of 
the conditions required in the MEG). 


We have also produced a mechanism for generating a nonlocalized 
longitudinal E-field wave with another very novel feature: the magnitude 
of the E-field and thus the magnitude ofits energy density (its intensity) 
does not depend on the magnitude ofthe input energy used to perturb the 
A-potential, but only depends on how sharply we perturb it. Thus we have 
produced a mechanism for energy intensity amplification and 
magnification, freely. This is possible because the system is an open 
system far from equilibrium with the active vacuum, and specifically with 
the curl-free A-potential as an energy current at large in the local vacuum 
where it can be intercepted, collected, and used to power loads. The energy 
intercepted from the uncurled A-potential by the output section(s), is 
additional energy in excess of what is intercepted from the E-fields 
generated in core material B-field magnetic flux changes. 


However, see our discussions of the giant negentropy process, earlier in 
this book. Any longitudinal EM "wave in 3-space" is accompanied by a 
longitudinal EM wave on the fourth Minkowski axis, in the time domain. 
EMenergy does not observably propagate continuously in 3-space, since 
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observed propagation is a series of frozen iterative observation processes a 
priori). The "energy flow" actually consists of a propagation in 4-space of 
a continual local circulation of EM energy from the time domain (time- 
polarized EM energy) to each interacting point dipole in 3-space via the 
negative charge of the point dipole, thence to the positive charge of that 
point dipole, thence back to the time domain. In a time-reversed zone, the 
circulation is in the opposite manner. So what spreads as the "longitudinal 
EM energy current in 3-space” is actually the spreading point polarization 
of the vacuum and this giant negentropy 4-circulation involved in every 
point dipole of that polarization. 


We believe this previously unsuspected process is involved in the 
Aharonov-Bohm effect (which is a sort of polarization in the time 
domain), other aspects of the geometric phase, fundamental polarization of 
the vacuum itself, and the very notion of "propagation of EM energy 
through space". At any rate, the hypothesis does fit the phenomena 
observed to happen in the MEG, so it warrants additional careful 
experimental investigation as well as attention from leading theorists. 


Further, the MEG is practical and produces practical electrical power, but 
with a purely electrical reaction in the output secondary coils of the 
transformer section.””’ Hence there is finally a very practical use for the 
geometric phase: It extracts additional nonlocalized EM energy from the 
vacuum (and local curved spacetime) in addition to extracting and 
retaining localized energy. Both the extra "free" nonlocalized EM energy 
and the localized EM energy from the vacuum can be intercepted, 
collected, and utilized to power practical fuel-free MEG-type power 
systems. 


We point out that the rate of changes of all E-fields produced in the 
secondary and primary coils also produce B-fields proportional to the time 
rate of change of those E-fields in each case. These secondary B-fields are 


°? This follows from the localization of all B-fields in the core material — including 
the B-field of the permanent magnet, those B-fields produced by dE/dt operations, 
and those B-fields produced inside the secondary coils, etc. All E-fields produced, 
however, including in the changing flux of the core and in the dA/dt operations of 
the external uncurled A-potential — are free from that localization restriction and 
can pass out of the core and interact with the output coils of the transformer section. 
In short, we have produced the world's first purely electric "induction-free" magnetic 
transformer device. The voltage and current, measured directly across the secondary 
coil's ends, is in phase within 2 degrees and even that 2 degrees can be eliminated. 
We expect the theorists to have a field day in modeling these new phenomena. 
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retained in the core rather than reaching out into surrounding space. Their 
rate of change then further produces E-fields, which pass out of the core 
and interact with the coils. Hence there are very novel "multiple 
feedforward and feedback" regenerative loops in the MEG's highly 
nonlinear operation, as well as chaotic oscillations. 


7.5 Use of the Aharonov-Bohm Effect in the MEG 


From the standpoint of electrical power systems, our own interest in the 
AB effect focused upon one important characteristic: the clear separation 
(and localization) of the B-field (the swirl component of the A-potential), 
leaving the remaining "natural" uncurled field-free A-potential as a free 
linear flow of energy current in the vacuum. This operation is iterative, and 
is produced by the core for every B-field produced in the transformer 
section. So a localized dynamic B-field makes nonlocalized dynamic 
E-fields, which themselves make further localized dynamic B-fields, 
which then further make nonlocalized dynamic E-fields, and so on. The 
result is a very extensive chain of feedforward and feedback field energy 
loops. 


7.5.1 Separation of the Swirled and Linear A-Potentials 

The AB effect has long been known in toroidal coils and in long solenoids. 
In a theoretically perfect toroid, for example, the AB effect separates and 
localizes the entire B-field inside the toroid, while the curl-free magnetic 
vector potential A appears in surrounding space outside the toroid. By our 
new interpretation and hypothesis, based on AIAS theoretical work 
published in the literature, this curl-free A-potential represents a 
nonlocalized longitudinal EM energy current in space.”°**™ Further, the 
curl-free A-potential is an extra flow of EM energy that can be intercepted, 
collected, and used while also still using the entire "normal" B-field energy 
localized in the core. The neat thing is that the E-field made from the 


203 This is addressed in M. W. Evans, T. E. Bearden, and A. Labounsky, "The Most 
General Form ofthe Vector Potential in Electrodynamics," Found. Phys. Lett., 15(3), 
June 2002, p. 245-261. See also M. W. Evans et al., "The Aharonov-Bohm Effect as 
the Basis of Electromagnetic Energy Inherent in the Vacuum,” Found. Phys. Lett, (in 
review). 


° See also B. Lehnert and J. Scheffel, "On the Minimum Elementary Charge of an 
Extended Electromagnetic Theory," Physica Scripta, vol. 65, 2002, p. 200. In 
extended EM theory, the elementary charge may no longer be considered as a 
fundamental constant of nature, but is expressed in terms of the Planck constant and 
the velocity of light. 
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A-potential, and thus providing the actual intercepted and collected EM 
energy, can be made as large as desired, merely by manipulating the rise 
time and decay time ofthe pulses used to perturb the A-potential external 
to the core. Further, the same perturbation also perturbs the B-field flux in 
the core, giving rise to nonlocalized E-fields whose magnitude again 
depends upon the rise time and decay time of the perturbing pulses. Hence 
the dA/dt and the dB/dt become energy amplification causes, where all the 
excess F-field energy is furnished freely from the vacuum via a special 
kind of asymmetrical regauging and gauge freedom. In that sense, the 
MEG produces and applies a hitherto unrecognized form of direct field 
energy amplification by asymmetrical regauging. 


We noted that this mechanism represents the formation of a locally curved 
spacetime” and engineering of the magnitude of the curvature itself. By 
freely increasing the local spacetime curvature, the appearance of 
additional EM energy density in the region follows a priori. That is, one 
still has all the B-field energy produced by the permanent magnet, but it is 
just confined to the space inside the core. All the energy one "pays for" or 
inputs with current and voltage to the input coil, in the normal sense, is the 
energy to perturb the localized B-field and the curl-free A-potential. 
However, even before perturbation to evoke energy amplification, there is 
already additional energy current that has appeared outside the core, where 


the magnetic field B would have normally extended. All the A-potential 
6 


energy” is "extra" energy in addition to the normal B-field energy that 


205 More accurately there is one specific curvature of spacetime in the core of the 
MEG, representing the confined magnetic field B (the localized swirling 
A-potential), and there is another different curvature of spacetime outside the 
localization zone, filled with the nonlocalized curl-free (non-swirling) A-potential as 
a nonlocalized linear energy flow in space. Further, in the MEG we freely change 
and increase the magnitude of those spacetime curvatures, by the rate ofchange of 
the input energy rather than by its magnitude, and hence we easily increase the 
magnitude of the energy density of local space both inside and outside the core. That 
is the fundamental principle of the MEG"s energy amplification (free regauging). 


206 Some scientists even deny that the curl-free magnetic vector potential has any 
energy! We answer that it produces energetic effects upon charged particles, hence 
must either contain energy itself or direct and gate the interaction of some local 
vacuum energy with those charges. In the MEG, the uncurled A-potential is 
oscillated, which does not appear to yield a transverse EM E-field wave at all. 
Instead, it appears to yield a longitudinal E-field wave with an associated scalar KM 
wave in the time domain. We also explained what appears to happen to the 
concomitant B-field wave produced by any changing E-field in the secondary 
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would otherwise have appeared out there but is now confined inside the 
core. 


Further, the uncurled A-potential outside the core reduces its magnitude 
only inversely as the radial distance, whereas the normal B-field that 
would otherwise be there in the absence of localization would have 
reduced its magnitude inversely as the square of the radial distance. This 
far less rapid fall-off of the magnitude ofthe nonlocalized curl-free 
A-potential than the former nonlocalized magnetic field B can result in a 
remarkable increase in communications range — when a normal EM field 
antenna with oscillating EM field transmissions is compared to a curl-free 
A-potential antenna radiating the same power but as curl-free A-potential 
oscillating transmissions. Golden” has applied that effect for long-range 
communications. 


With the application ofthe free Aharonov-Bohm effect produced by the 
core material and permanent magnet combination, rigorously there has 
appeared much more available EM energy from the local vacuum than the 
energy one inputs to the device as one's input energy "payment". Again, 
this is because the system is an open system far from equilibrium with the 
active vacuum processes such as the appearance of the uncurled 
A-potential and the iterative appearance of powerful extra B-fields and 
E-fields. The rise time and decay time of the input perturbation pulses 
produces an energy amplification effect both in the core and in space 
outside the core. When one utilizes this extra uncurled A-potential energy, 
as well as the now-confined B-field energy, as well as the extra B-fields 
and E-fields appearing from the iterative processes, then one can extract 
and use more energy than one himself "paid for" or input to perform the 
perturbation. Indeed, one can easily extract and use more energy from the 
curl-free A-potential alone, than one has input. By simply controlling the 
rise time and decay time ofthe input pulses, the magnitudes of the 
resulting E-fields formed in the uncurled A-potential (and in the perturbed 
trapped B-field perturbations inside the core) can be controlled at will. 


(output) coils ofthe transformer section, etc. The core material withdraws and holds 
localized, all such magnetic fields formed in the internal MEG core processes. 


°°7 Tn the late 1970s Frank Golden demonstrated such an uncurled A-potential 
antenna which attained a range of 20 miles for a tiny CB radio, compared to a range 
of only 1 mile for the same CB radio with anormal EM field antenna. The energy 
density of the potential drops off inversely as the distance, while the energy density 
of the field drops off inversely as the square ofthe distance. 
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We also point out that all these amplified E-fields produced by multiple 
actions have both a conventional Poynting energy flow component and an 
unaccounted, much larger Heaviside energy flow component. Thus the 
total energy amplification factor can be very large (several orders of 
magnitude). With efficient interception and collection, in the future we 
expect to be able to produce at least 100 kilowatts of power out of the 
same size core and buildup now producing 80 watts or less in a highly 
nonoptimized set of laboratory experiment MEGs. 


We again call the reader's attention to our previous discussions in this 
book, showing that all EM energy in EM circuits comes from the vacuum 
anyway (particle physics view) or from the time-axis (relativistic view). 
This has previously been hidden by the failure of classical electrodynamics 
to solve the source charge problem, which we also solved in this book after 
our paper {12} in 2000. Circuit theorists avoided it by indirectly assuming 
the source charges freely created from nothing all the EM energy in their 
fields and potentials. The use of the assumed fields and potentials and their 
Poynting energy was calculated, but never was the source of those fields, 
potentials, and their energy presented or accounted. 


7.5.2 Using the Uncurled A-potential as a Linear Energy Current 

A very simple equation allows utilizing the extra nonlocalized A-potential 
energy, even though it has no curl and therefore no magnetic B-field. That 
is 0A/Ct = — E. This equation means that, ifone perturbs that large field- 
free A-potential outside the toroid, it produces an E-field, which we have 
argued must now be a longitudinal EM wave due to the perturbations ifthe 
B-confining operation is still imposed. By oscillating the A-potential 
perturbations, one produces an oscillating E-field that is also an oscillating 
longitudinal electric E-field wave without an accompanying B-field wave. 


The oscillating B-fields in the core also produce E-fields proportional to 
OB/ot = — E. These extra E-fields are in phase with the E-fields produced 
by the perturbed external A-potentials, considering the wavelength of the 
frequencies at which the MEG is operating (30 to 80 kHz nominally). 


Interestingly, the time-oscillating rate of change of the E-field in this 
longitudinal E-field wave does produce a magnetic B-field, but it is 
confined to only the core material and not in the nonlocalized external 
spatial region because ofthe localization capability ofthe core material. 
The core simply changes its permeability and holds the additional B-fields 
and their flux in there, thus forming additional uncurled A-potential 
outside the core. The E-fields produced by variations of the core B-field 
flux is not confined, but freely passes out of the core material 
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Ifthat B-field (curledA) is sharply localized by an ongoing localization 
capability, the longitudinal E-wave has its produced magnetic B-wave 
component stripped from it and localized. In that case, the process 
produces a purely longitudinal E-field wave outside the localization region 
— with the possible exception that a longitudinal B(3) field wave 
componentpioneered by Evans {485} may be produced as well. That is 

left as an open question presently unresolved in our MEG experiments. We 
tentatively believe that the B(3) field wave component is infact produced, 
but also forcibly localized in the core along with the magnetic field B. If 
so, its perturbations will also contribute to producing extra E-fields. 


See Figure 7-5. In the MEG, the localization is accomplished as a unique 
function performed freely by the special nanocrystalline layered core 
material. So contrary to the case of the solenoid or toroid, one does not to 
have to "pay" any EM energy to the localizing component to obtain the 
localization function itself. 


Actuator Coiis 


Core - 4 















Permanent 
Magnet 


Collector 
Collector Coil 


Coil 








Finely layered 
nanocrystalline 
Core Material 


Figure 7-5 Diagrammatic drawing of the MEG. 


Further, if one deliberately uses a nearly rectangular perturbing pulse that 
has very sharp rise time and very sharp decay time, the nonlocalized 
E-fields, resulting localized secondary B-fields, and resulting nonlocalized 
secondary E-fields produced can be made very large, with rapid rates of 
change also. In other words, the magnitudes of the nonlocalized E-fields 
and localized B-fields produced can be adjusted at will, including in their 
higher orders. The magnitudes of these evoked fields do not depend on the 
magnitude of the input perturbation energy, but on its rate ofchange. This 
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is very important, because it means the MEG permissibly achieves energy 
magnitude increase in its nonlocalized output E-field waves by simple 
instantaneous power deliberately prepared in its low-energy input 
perturbation waves.””* In short, the motionless electromagnetic generator 
uses perturbation of the Aharonov Bohm effect as an energy amplifying 
mechanism. 


This also affects all the iterative processes, hence all the other E-field 
waves produced outside the core material. 


With the localization process remaining and ongoing (simply because the 
core material remains), the B-field continues to be stripped away, leaving 
the perturbed A-potential to produce a longitudinal E-field wave (ignoring 
the possible presence of a B(3) field also). In the MEG transformer 
section, the output (secondary) coils are wound around the nanocrystalline 
core that performs a B-field and B-flux localization within the core itself. 
Hence a purely net E-field interaction occurs with the electrons in the 
secondary coils, and the output of these coils is an output having the output 
voltage in phase with the output current.”” The AC current in the 
secondary coils does in fact still produce magnetic field B-flux and 
B-waves in them, but the core material draws the extra B-flux and 
B-waves inside and localizes them within the core. The fact that 
localization is not quite 100% at the imperfect junctions of the ends of the 
permanent magnet and the core material, gives a tiny bit of leakage of 


08 Tt also means that the MEG operation is highly nonlinear, with very extensive 
feedforward and feedback field transduction loops. For the MEG, its scale-up, 
mathematical modeling, and engineering simulation are not simple things at all, but 
highly complex. In addition, control and stability are more complex, since one must 
utilize nonlinear oscillation theory (including chaotic oscillation theory) as well as 
nonlinear oscillation control theory. In addition, a higher group symmetry 
electrodynamics is required for the modeling and simulation. Consequently, because 
ofthese considerations and the geometric phase aspects, as well as the additional 
close-looping considerations for self-powering operation, an expensive physics lab 
must be established as well as the usual electrodynamics laboratory aspects. The 
result is an expensive final research and development program required to complete 
the MEG to final production prototype units, ready to start rolling off the assembly 
lines. A minimum capitalization of $20 million is required. 


°° In the actual lab experiment MEG, there is a slightly imperfect junction between 
the ends of the permanent magnet and the core material. This results in a very tiny 
bit of leakage of nonlocal B-field —just enough to produce a 2° phase shift between 
the voltage and current in the secondary coil's output. With a better junction, this 
phase shift can be further reduced or eliminated. 
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B-field, so a tiny B-field component does escape, interact, and generate the 
2% or so variation from the complete in-phase condition of the secondary 
output voltage and current. Again, that can be further reduced or 
eliminated by improving the junction. 


So essentially there is a purely electric field interaction with the electrons 
in the output coil current of the MEG, hence the result that the output 
current is in phase with the output voltage — something previously 
unheard of in a simple secondary coil ofa transformer. This is a major 
practical macroscopic application of the Aharonov-Bohm effect and 
therefore of the geometric phase. 


7.6 Collection of Field Energy in the MEG 


To collect and use EM energy in a power generating system, first the EM 
energy must be evoked from local spacetime (the local vacuum) by the 
broken symmetry of the source charges and dipoles in the circuit {12}. In 
the open system far from equilibrium in the resulting EM energy flow, the 
operator must usually pay for (i) the energy required to initially produce 
the requisite source dipolarity and (ii) the energy required to perform 
necessary switching and control functions, unless close-looping is 
incorporated. Using the permanent magnet as a source dipole in the MEG, 
and using the special nanocrystalline core material to generate the 
Aharonov-Bohm effect to furnish excess energy from the vacuum, the 
MEG operator does not have tofurnish the evoked and available field 
energy at all. So the first "payment" is totally avoided. Further, the 
magnetic dipole is not destroyed by passing magnetic flux back through its 
back mmf. No additional input energy is required to continually restore the 
source dipole, since it is never destroyed. 


In an open-loop MEG system, the operator only has to pay for the second 
part: the switching and control function energy. In later closed-loop MEG 
systems, a method of controlled and positive feedback has been developed 
so that, once the system is up and operating and powering its load, the 
necessary switching and control function energy can be siphoned off the 
output and fed into the input in governed fashion, first being transduced 
into positive energy input form. Once the process is properly synchronized 
and governing properly, the operator can throw a switch for feedback and 
transduction, and the unit will be "self-powering", or "fueled entirely by 
the local vacuum energy", so to speak. 


Let us consider the open-loop MEG system we have presently attained in a 
scries of embodiments. 
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The total emf force F collected from a given nonzero electric field E, e.g., 
depends only upon the amount of available intercepting charge, by the 


simple equation F = Eq. Similarly, from any potential ) the amount of 
collected EM potential energy W depends on the amount of intercepting 


charge g, by W= pq. Hence in the MEG a legitimate COP>1.0 system is 
possible if (i) more energy is collected and used from the evoked EM 
energy flow than is input to gate that energy flow's appearance from the 
active environment, and (ii) none — or appreciably less than half— of the 
energy collected in the circuit is used to destroy the source dipolarity. 


By invoking the AB effect in a local region, the vacuum contributes 
additional energy density in the space outside that region, and that energy 
density can be sharply perturbed so that substantial field energy 
amplification appears by asymmetrical regauging. The excess energy to 
provide COP>1.0 performance is freely furnished from the active vacuum 
(and from the local curved spacetime) {38b, 38c}. The excess energy can 
be intercepted in the perturbed curl-free A-potential region outside the 
transformer section, collected, and used to power additional loads, in 
addition to being intercepted in the transformer secondary region to power 
the secondary circuit and main load. 


Similar contributions of extra energy and extra energy collection outside 
the core localization region occur for the iterative processes also. 


At the same time, the B-field inside the core material is perturbed, but the 
core material self-varies its permeability to adjust to the additional 
magnitude ofthe perturbed B-field. The production of any B-field 
oscillation inside the core does produce an electric field E, which is not 
localized in the core. Consequently, energy from the perturbed core- 
localized B-fields is transduced into nonlocal E-field energy, passing out 
of the core and interacting with the output secondary coils of the 
transformer section in purely electric field fashion. 


Because of the purely electrical interaction, the voltage and current output 
from the secondary coils of the transformer section are in phase, and not 
90° out of phase as in a transformer. The actual 2° experimental phase shift 
of current with respect to voltage is a measure of the slight inefficiency of 
the junctions of the permanent magnet ends with the B-localizing core 
material. 


In the MEG, we are using a novel new kind of component: an external- 
induction-free cored inductor, which might alternately be called a purely 
electrical inductor — at least externally. In short, the inductive action 
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remains localized in the core, while the electrical action escapes the core 
and interacts with the coil to drive the current electrically. So here is 
another excellent, novel, and practical use ofthe Aharonov-Bohm effect 
and the geometric phase: Eliminate the inductive reaction ofa coil's 
output, and transduce it into a purely electrical action. At this writing, we 
are preparing to file a separate patent application upon this latest 
application and process, and it will already be filed by the time this book is 
published. 


We accent that any field or potential, once made, already involves an 
ongoing giant negentropy and overunity process {486}, as we previously 
discussed in this book. Simply calculate how much energy it requires to 
separate and form the source charge — which can be as simple as charging 
a tiny little sphere — and recognize that the field formed by that charge is 
an altered energy density of surrounding space and a polarization of the 
vacuum. Once the charge is formed, the corresponding alteration and 
sustaining of spatial energy density change and vacuum polarization freely 
moves radially outward at the speed of light from the charge, from the very 
moment it is produced. So a steady flow of observable EM energy is 
speeding out in all directions from the source charge. An enormous change 
in the energy density over that external spatial region surrounding the 
source charge occurs and spreads steadily, moving radially outward in all 
directions at speed c. 


Hence a magnificent and rapidly extending curvature of spacetime — 
which energetically acts upon any available charged matter therein, by 
conventional general relativity — is formed and spreads outward in all 
directions from any source charge, once formed. How much effect on 
charged matter is exhibited by this freely created and spreading spatial EM 
energy density change, depends only on the amount of 
interacting/receiving charged matter in that surrounding space that is 
available to interact with the energy ofthe new fields and new potentials. 


If the source charge or source dipolarity (in this case, primarily the 
magnetic dipole of the permanent magnet) is left alone and not destroyed, 
an unlimited amount of energy can be intercepted and discharged from a 
local load, again and again, from the charge's surrounding field or 
potential because the energy in the field and potential is steadily 
replenished from the active vacuum. The only problem is discharge the 
collected energy in the load(s) so as to leave the original source charges 
(the magnetic poles) inviolate, and not to destroy them. The MEG 
accomplishes this function. 
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This also rigorously follows from the gauge freedom axiom of quantum 
field theory. Consider this: the ability to freely change the potential — 
assumed by all electrodynamicists — can be applied directly to the load to 
potentialized it without any current moving, if there exists a somewhat 
lengthy electron gas relaxation time in that part of the load that is 
potentialized. After potentialization, one can switch the source of free 
potential away, and complete the load circuit separately, so that the excess 
potential energy is dissipated from the load, powering it. In that case there 
is no dissipation of the primary source dipole. Gauge freedom already 
assumes one can produce EM energyfrom the local vacuum freely, 
anywhere and at any time. In real life, one has to pay a little for the 
switching, but not for the energy input itself. 


Why the scientific community for decades has fiercely opposed the funded 
experimental investigation of the implications of gauge freedom is quite 
inexplicable. 


As can be seen from the conservation of energy law alone, in theory 
energy can be continually intercepted and collected from these free fields 
and potentials, once the source dipolarity (or source charge) creation has 
been paid for. Further, by applying gauge freedom to potentialized the load 
without energy dissipation, with a little adroit switching the collected 
energy can then be dissipated entirely in a separated external load circuit, 
so that the free potential energy completely exits that circuit without re- 
interacting with the source dipole and its back emf or mmf. 


We predict that the above application of gauge freedom will eventually 
power most of the world’s electrical systems, when the scientific 
community gives up its present "ostrich position". Once the engineers 
can build it, the scientists do not have to agree. 


That such is not done in our conventional circuits is purely due to the 
limited vision of the scientific community and its refusal to fund 
appropriate research. To date, it has not even recognized what actually 
powers every electrical circuit, or that a common practice (the closed 
current loop circuit) has eliminated COP>1.0 and self-powering 
Maxwellian power systems for more than a century. The entire electrical 
energy crisis hurtling at the nations ofthe world is due entirely to the 
shortsightedness of the scientific community, particularly since 1957. 


Once the energy is pouring (transmitted) from the dipole and out of the 
terminals of the generator to fill space around the external conductors, then 
a straightforward energy transmission and reception problem exists. The 
source dipolarity produces the steady emission and flow of energy filling 
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space around the circuit. In the "receiving external circuit" the surface 
charges and their fields must intercept some of that available EM energy 
flow and diverge it into the conductors to power the circuit electrons. The 
intercepted and diverged component entering the circuit is the Poynting 
component, while the nonintercepted and nondiverged component missing 
the circuit and usually wasted, is the extra Heaviside component. 


Fortunately, every source dipole pours out enormously more EM energy 
than our feeble conventional circuits intercept and catch to provide the 
Poynting calculations. So to produce COP>1.0 in the MEG, all we have to 
do is insure that we have (i) a mechanism easing the interception and 
collection process, and (ii) sufficient "antennas" containing sufficient 
conduction electrons (and their fields) to intercept and collect more energy 
than we pay to make the source dipole and perturb it. Since we pay nothing 
at all to make the source dipole (which is the permanent magnet), and 
since the magnetic flux back through the permanent magnet does not 
destroy the dipole, then all we have to pay for is the perturbation and for 
switching and control. 


The resulting field energy generated outside the core localization region is 
primarily a function of the rise and decay times for the input perturbation 
pulses and not the energy of those pulses. From a little input energy with 
fast little changes, we can easily generate very powerful oscillating E- 
fields and provide dramatically increased "antenna collection” area with 
the necessary magnitude of intercepting charge. It rigorously follows that 
COP>1.0 is easily obtainable.”"°”" 


719 Again, for the MEG, changing and controlling the rise time and decay time of the 
input pulses is a method for directly engineering and controlling the general 
relativistic curvature of the local surrounding spacetime, because it controls the 
magnitude of the E-field that is created by E = — 0A/0? from the curl-free 
A-potential outside the core. This also directly engineers and controls the magnitude 
of the polarization of the local active vacuum. That simple fact allows the use of a 
unified field theory operation, with a net energy interchange between the system and 
the local active vacuum. To understand the MEG, one must think in terms ofthe 
supersystem. 


71 AI1 EM energy at any point in space must have been "gated" from the time- 
domain and it must return to the time domain (as, e.g., by the source charge for it). It 
requires quite a shift of one's mind to realize that all 3-space energy (such as "energy 
at each point in a potential") involves a gating process and a giant negentropic 
4-circulation of EM energy ongoing at each point dipole. Much of the extraction of 
energy from the vacuum has been hidden by thinking in terms of "inputting energy" 
instead of "inputting or arranging energy flow gating" by the source charges and 


sourcedipoles. 
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The MEG is an open system far from equilibrium with its active 
environment (its active local vacuum and its active local curvatures of 
spacetime). By attending to the interception and collection part of the 
overunity problem, the MEG can permissibly collect and use more EM 
energy to power its loads than one oneself has to input to it. In short, one 
only has to input a little switching and perturbation energy with properly 
shaped waveforms, to generate very powerful fields and appreciable field 
energy available for collection and use. With sufficient collection 
mechanisms in place, the unit easily produces COP>1.0. Then with proper 
closed-loop principles implemented, the MEG can be self-powering. 


7.7 Experimental Path to Development of the MEG 


In our experiments with the Radus effect previously discussed in Chapter 
6, paragraph 6.4.5, we had already done extensive work with switching 
magnetic fluxes for less switching energy than can be intercepted from the 
switched flux. We had also experimented with various cores for 
transformer and coil variants, including eventually the new layered 
nanocrystalline cores. 


In our experiments, we noticed a remarkable thing. With certain modern 
nanocrystalline core materials, and using a permanent magnet to provide 
B-flux, we found that the core material would extract and hold essentially 
all the permanent magnet's B-flux inside the core. Field measurements 
right against the outside ofthe poles ofthe powerful little neodymium- 
iron-boron magnet itself showed very little B-flux spilling out into space! 
In short, we had discovered how to make a magnetic system that 
nonlocally propagated only the uncurled magnetic vector potential A, 
without any operator energy input. We realized we had discovered a 
marvelous and free way to freely obtain an excellent Aharonov-Bohm 
effect, similar to the way a nearly perfect toroid would localize the B-field 
inside the core, with the uncurled A-potential appearing in space 
surrounding the toroid. The advantage of our approach over the toroid was 
that we did not have to furnish any current and voltage to obtain the 
localized B-flux and the non-localized curl-free A-potential energy. 


Further, if we perturbed the B-field flux in the core, we consequently 
perturbed the uncurled A-potential in space surrounding the core. From 
both sources — the perturbed B-flux in the core and the perturbed 
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A-potential outside the core — we could produce very large E-fields and 
concomitant very large voltages capable of driving more "power" through 
the secondary coils of the transformer section than the power required to 
perform the switching and perturbation. 


We could easily prove this by perturbing the localized B-flux (and the 
concomitant surrounding uncurled A-potential automatically) with weak 
energy. We proved that increasing the rate of the rise time and decay time 
of even a weak input EM energy perturbation could produce quite large 
E-fields, including 1,000 to 5,000 volts (or even 20,000 volts!) appearing 
in the secondary coil if desired. We also proved another thing: the special 
nanocrystalline core material in some buildups self-adjusted its 
permeability, continuing to localize the perturbed and alternating B-fields 
and their fluxes while freeing the resulting E-fields andpassing them out 
ofthe core. In short, the permeability of the specially selected core 
material automatically adjusted with the perturbation of the localized B- 
flux and nonlocalized A-potential, so that all the oscillating B-flux 
remained localized in the core. Further, the highly layered nanocrystalline 
material produced essentially no eddy currents at all, hence no heating, 
even in the presence of dramatic B-flux oscillation and dramatic E-field 
intensities in the surrounding uncurled A-potential space and in the output 
(secondary) coils of the transformer section of the MEG. 


The absolute proofthat the core changed its permeability was in the lack of 
a phase lag between voltage and current in the output from the output 
coils. Here a remarkable thing was observed: the output current was in 
phase with the output voltage, within about 2°. In short, under certain 
circumstances the output coils wound around the nanocrystalline core 
would exhibit essentially a purely E-field interaction, with only minuscule 
B-field leakage — something deemed impossible in the typical 
electrodynamics textbook. This meant that the excess E-fields produced by 
the perturbed A-potential in space outside the core also reacted with the 
output coil's conduction electrons in a purely electrical manner! This was 
because the B-fields locally produced in the output coils by the interacting 
changing E-fields, were infact instantly drawn into the core material as 
they were produced, and were held there so they did not react in magnetic 
fashion with the electrons in the output current from the secondary coils. 


So this is a dramatic localization of Faraday's law of induction. 
Consequently, one entire group of embodiments of the MEG uses a purely 
electrical interaction with the secondary (output) coils of the transformer 
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section.”'* Or more exactly, the core material draws in all the magnetic 
fields from the reactions ofthe output coils, leaving only the electrical 
reaction outside the core — including in the coil conductors, which 
obviously are wound outside the core material. 


On the other hand, the perturbed localized magnetic B-flux inside the core 
material did produce the normal E-field to be expected, as a function of the 
time-rate of change of the B-field. Such an E-field is not localized in the 
core material, but extends outside the core and interacts with the electrons 
in the output secondary coils of the MEG's transformer section. Again, the 
magnitude of this E-field is a function of the time-rate of perturbation of 
the localized B-field flux in the core. 


The nanocrystalline core also has excellent high frequency response, with 
negligible eddy currents. Thus we can "fine tune" the engineering of the 
rise time and decay time of the input perturbation pulses. 


Hence we accomplish several kinds of "gated energy amplification” in the 
MEG: (i) the amplified magnitude of the external E-field interacting with 
the external collectors (such as the output secondary coils) due to 
perturbation of the nonlocalized external uncurled A-potential, (ii) the 
amplified magnitude of an additional E-field interacting with the external 
collectors (such as the output secondary coils) due to perturbation of the 
localized internal B-field flux inside the core material, (iii) a large number 
of additional derivatives of higher order B-fields and E-fields are formed 
and utilized, and (iv) adding additional collectors (either coils wound on 
the core or external "receiving antenna circuits" produces additional power 
for heavier loads, for a given perturbation input. 


We had exhibited a cored output coil with a remarkable adaptation of the 
AB effect. Essentially the output of the secondary coil was driven by the 
large electric field component created from the uncurled A-potential 
perturbations and by the large electric field component created from the 
B-field flux perturbations inside the core. This peculiar transformer-like 
section operated from the E-field fluxes emerging or produced outside the 


*!? Again we accent that the magnetic field reactions do occur, and the B-fields are in 
fact produced. But the resulting B-fields are also extracted into the core material 
and localized therein. Even the magnetic B-fields produced in the input and output 
coils themselves, is so localized and not allowed to interact with the electron 
currents through the coils to produce the conventional 90° phase lag between voltage 
and current. 
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transformer core material, rather than from the magnetic field flux being 
produced and oscillated inside the core material itself. 


Obviously we had found a remarkable but legitimate COP>1.0 process and 
embodiment — in fact, a whole set of them. We had also invented a new 
kind of "transformer" or energy generator-transducer. 


From that we progressed to discovering ways to a dual use of both the 
perturbed B-flux in the core and the E-fields from the perturbed 
A-potential outside the core. To first order, that turned out to be fairly 
simple: any changing B-flux inside the core material and thus inside the 
output (secondary) coils of the transformer section, produces not only 
B-field which is held and localized, but also the changes of this local 
"pinned" B-field further produces E-field oscillations which are not pinned 
in the core. Hence the electric field half of a normal transformer action 
could and did occur in the secondary coils, but the magnetic field half did 
not occur in the coils themselves. The MEG used and uses a nearly pure 
E-field interaction in the output coils ofits transformer section secondary, 
where that net interacting E-field comes from a variety of E-field 
generating mechanisms. 


We filed our first patent, and then filed a second patent application soon 
after. Presently we are preparing to file our third and fourth patent 
applications on additional phenomenology and mechanisms uncovered in 
our experiments. As we are writing this section, our first patent has issued 
{37}. 


In the view of the present author, we have uncovered a remarkable new 
application of the Aharonov-Bohm effect and the geometric phase, one 
that is practical and eminently useful in novel new electrical power 
systems. 


7.8 Additional MEG Functions 


Figure 7-6 diagrammatically shows the core material inside the input coil 
for either open-loop operation using an external power supply or closed- 
loop (self-powering) operation using clamped and governed positive 
feedback. As can be seen, the B-field and B-field flux are confined to the 
core material (which is in the form ofa closed transformer coil path, as 
shown diagrammatically in Figure 7-5). The external space surrounding 
the core material is filled with the uncurled A-potential, due to the 
Aharonov-Bohm effect being imposed by the core material. The two leads 
from the input coil are shown at the bottom of Figure 7-6. 
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NOTE: One input coil required 
Additional input coils may be 
used, to.increase feedforward 
and feedback intensity and thus 
increase gain 
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Figure 7-6 Input coil for open- or closed-loop operation. 


We pulse the input coils with nearly rectangular pulses each having a sharp 
leading edge and a sharp trailing edge, so that the resulting rapid time-rates 
of change of the two edges create very large perturbations of the B-flux in 
the core and ofthe A-potential outside the core. The large E,-field 
resulting from the fast rate of change of the perturbed B-field in the core is 
not localized, but appears in space outside the core. In addition, an E; field 
created directly in the coil itselfalso appears in space outside the core. In 
addition, the sharply perturbed A-potential outside the core creates a third 
large Ej-field in space outside the core. The net E,-field in the surrounding 
outside space is the vector summation of the E-fields produced by these 
processes, or to first order (neglecting the further differentiations) 


E, = E; + E2 + E3 [7-1] 


We also may adjust the pulse width to generate a further Lenz law effect, 
increasing the three component fields E,, E., and E; if desired. To do that, 
the pulse must be narrow enough to suddenly decay while each of the 
fields E;, E,, and E; is still rising and not yet reached maximum. As can 
be appreciated, considerable pulse shaping and timing can be adjusted for 
optimization of the output voltage, current, and power when interception 
and collection from E, is accomplished in the secondary coils. In addition, 
it can be appreciated that slightly differing materials delay times do occur 
in the production of E,, E,, and E3;. Hence there is appreciable 
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optimization that can be and is accomplished on a given MEG variant and 
build-up type. 


More complex waveforms of various shapes can be used to further 
optimize the output. It is also possible to accomplish further optimization 
and control by adjusting the shapes and timing of the feedback signals in 
the case of the closed-looped MEG system. For the externally powered 
open-loop version, additional optimization and control can be achieved by 
adding additional simultaneous pulses fed into the input coils in various 
fashions. 


In addition, the response of the output coils produces feedback into the 
core material, into external space, and into the input coils. These in fact 
provide three more E-field return or feedback inputs, so that the total 
feedback input is 


Er= Ey + Es +Ee¢ [7-2] 


Without doing the more complex iterations for this feedback and 
feedforward set of loops, to first order the total input E; to the input coil 
may be considered to be 


E; = E, + Er [7-3] 


Equations [7-1], [7-2], and [7-3] are for simple analogy only; in the real 
MEG, full nonlinear feedforward and feedback analysis techniques must 
be utilized because of the iterative operations, and much more 
sophisticated optimization techniques are appropriate. Also, chaotic 
oscillations can and do appear, and techniques for control of such 
oscillations are indicated, particularly along the lines indicated by Fradkov 
and Pogromsky {487} without use of probability etc. Quoting: 


"1. There is ... great benefit ofusing the modern 
nonlinear and adaptive control theory. ...2.. There is no 
need to distinguish periodic and chaotic behavior. 
Accurate control is possible without accurate prediction. 
..3. There is no need to define chaos in order to control 
it. ...4. There is no need to use probability in order to 
control systems with seemingly random behavior. " 


For any given MEG build-up design, one experiments with these 
optimization and control factors and mechanisms to provide the best 
performance, and to provide rock-steady performance. 


Figure 7-7 shows the output coil for either open-loop operation from an 
external power supply or closed-loop (self-powering) operation using 
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clamped and governed positive feedback. Here the situation is partially 
reversed. There are three major inputs to the output coils, and these are (i) 
the external input from the total outside E-field, (ii) the internal input from 
the perturbation changes in the confined magnetic flux inside the core 
through the output coils, and (iii) the ensuing feedforward and feedback 
from all E-fields. 








NOTE One input coil required 
Additional Input coils may be 
used, to increase feedforward 
and feedback intensity and thus 
increase gain 


Coil 





Magnetic field 
retained inside 
core material 







Tin 
XA 
SN 


ee) mA 





Input cov) 
(input energy} 


/ fh 





AES 
& 





Microcrystalline | er V, |, E to external 
core material loads in open loop 
| operation, and also with 
3 a e a fraction fed to input for 
closed loop operation 
and “self-powering” 


Figure 7-7 Output coil for open- or closed-loop operation. 


Again, this is simply an easy way to visualize the situation to first order. In 
the real case, sophisticated feedforward and feedback analysis is required 
and utilized. Optimization usually consists of two steps: (1) the simpler, 
more direct optimization techniques such as adjusting pulse width, pulse 
rise time and decay time, actual pulse form, etc., and (2) the deeper and 
more complex optimization arrived at from detailed feedback and 
feedforward loop analysis as well as nonlinear oscillation and nonlinear 
control theory analysis. 


In the actual optimization analysis, the feedback and feedforward loops are 
mathematically endless and thus should be optimized for quick decay and 
stability. On the other hand, the MEG also has the ability to self-oscillate 
over the entire unit, in which case the feedback and feedforward loops are 
optimized for stable self-oscillation of the entire unit. The self-oscillating 
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MEG is permitted since it is an open system far from equilibrium with its 
active environment. 


So if desired, an entirely different kind of optimization can be utilized for 
self-sustained nonlinear oscillation and closed loop operation. Because of 
the gain achieved in the large E-fields produced by the perturbed uncurled 
A-potential in space surrounding the core, there is sufficient excess energy 
collection available in the output coils to use the available feedback and 
feedforward loops in the system itself to achieve system self-oscillation. 
The system can be operated as a self-oscillating open system freely 
receiving excess EM energy from its active environment — the local 
active vacuum, local curvatures of spacetime, and local freely furnished 
uncurled A-potential and resulting nearly free E-fields from the A- 
potential's perturbations). As we are writing this, our experiments are now 
in this direction, and we are preparing the material for filing a formal 
patent application on this additional process. The patents will be filed, of 
course, by the time this book is published. 
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Figure 7-8 Energy gain process using feedforward and feeback subprocesses 


A highly simplified block diagram of energy gain process using 
feedforward and feedback subprocesses is shown in Figure 7-8. As can be 
appreciated from this high order diagram, the actual feedforward and 
feedback loops are extremely complex, and a great deal of complex 
analysis is required for a self-oscillating, stable, controlled system. We 
also stress that control measures to insure and hold stable self-oscillation 
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must be included in the overall features implemented in this self-powered, 
self-oscillation variant of the MEG. Not only must we use chaotic 
oscillation techniques to achieve the self-oscillation, but also we must use 
advanced techniques for stable control of such nonlinear oscillations, as 
indicated by Fradkov and Pogromsky {487}. 
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Figure 7-9 Typical MEG embodiment application on site. 


In Figure 7-9, we show a typical diagrammatic embodiment envisioned for 
the MEG in a household, using a large MEG to later be developed. For 
interim installations, the single large MEG will be replaced with an array 
of MEGs together with a synchronizer, as shown in Figure 7-10. 
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Figure 7-10 MEG self-powering array concept for increased powering applications. 


Figure 7-11 shows a MEG unit where additional special collection 
antennas feeding separate circuits are employed in an "outrigger" fashion. 
One major advantage of this configuration is that the complexity of close- 
looping and its control are materially reduced, although the complexity of 
the MEG build-up and stabilization is increased. Another advantage is the 
ease with which close-looping for self-powering operation can be 
achieved, as shown in Figure 7-12. In this case, the external antennas are 
collected to independent output circuits (not shown) in the output section, 
and each of these independent outrigger outputs is a COP<1.0 circuit if we 
count the perturbed A-potential energy input as an "operator's" input. 
Completely normal clamped positive feedback can be used with sensing 
and governing, to allow self-powering and self-adjusting to varying loads. 
The outrigger embodiment can be made to almost entirely avoid the Dirac 
sea hole current problem. 
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Figure 7-11 MEG unit with outrigger antennas for extra energy collection. 








Figure 7-12 Use of outrigger antennas for damped positive feedback method 
of close-looping. 


As can be seen, the MEG has many possible configurations and 
embodiments, each of which has special advantages and uses. One of the 
embodiments we discussed is the deliberate use of self-oscillation forced 
by the feedforward and feedback loops. That is a separate embodiment, 
and capable ofa very high power per pound ratio, but it also requires more 
sophisticated sensing and control techniques. 
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7.9 In Conclusion 


By the time this book is published, Magnetic Energy Ltd. is hopeful it will 
have achieved its major funding requirement, and be well along the way to 
completing the research for full production and marketing of MEG units 
on the world market. We have arrived at that part of development — the 
need for substantial funding (several tens of millions of dollars) — where 
every previous COP>1.0 EM power system has died. We intend to do 
everything within our power to see that we obtain the funding, finish the 
complex research task, and get the MEG onto the world market. 


For additional information on the MEG and on its preliminary replication 
by Naudin, the reader is referred to other technical articles {488} and to 
Jean-Louis Naudin's website.”!* Actual measurements for one of Magnetic 
Energy Ltd.'s MEG test units is given in reference {488a}. The MEG 
patent {37} shows the variation of COP for a test MEG with various 
conditions. Curves for Naudin's measurement of the performance of his 
replicated MEG unit are given on his website. 


The MEG project is a most interesting project, because of the involvement 
of so much advanced physics and several different physics areas, as well as 
the prerequisite for higher group symmetry electrodynamics. Once funded, 
we are confident we succeed in crashing through the barriers and getting 
working MEG power units — including self-powering MEG units — on 
the market. We also believe the MEG will represent a substantial 
contribution to alleviating the coming worldwide energy crisis. Hopefully 
it will materially hasten the growth and evolution of the present highly 
centralized — and terribly vulnerable — national energy infrastructure into 
a highly decentralized — and much less vulnerable — national energy 
infrastructure. We also believe it will provide a great contribution to 
helping alleviate global warming, reducing pollution of the biosphere, and 
reducing the production of hazardous wastes. Ifso, it will be a continuing 


713 Naudin's website MEG material and information is at 
http://jnaudin.free.fr/html/meg.htm. Particularly see his Mark III replication, shown 
powering a light on that webpage. 
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contribution, not only to humanity today, but also to generations yet 
unborn. 
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Chapter 8 
Approach to Antigravity 


[Large-scale antigravity exists] "...baryonic, ordinary 
matter—the stuff of stars and of people—makes up just 
over 4% ofthe energy and matter in the universe. 

..about 30% ofthe stuffin the universe is dark 
[unobserved] matter. The remaining two-thirds, theorists 
believe, is amysterious ‘dark energy’ or ‘quintessence'—a 
large-scale antigravity-like effect that is making the 
universe expand everfaster.... " [Charles Seife] {489}. 


” 


[On the nature of the vacuum] "...the (electromagnetic) 
vacuum is the ground state ofthe quantized 
electromagneticfield. ...The Dirac electron vacuum is 
that state with all negative energy electron states fully 
occupied." [Aitchison] {490} 


[On forces and how charge exists] "Vacuum polarization, 
in general, alters the effectiveforce law. Forces, in 
quantumfield theory, are understood as being due to the 
exchange of virtual quanta ...In the case of QCD and 
QOFD, ... a crucial newfeature is that theforce-field 
quanta themselves carry the 'charge' ofthe force-field, i.e. 
it is as ifthe photon ofelectromagnetism carried 
electromagnetic charge." [Aitchison] {491} 


[Possible gravitational circuits] "There is an implication 
... that gravitational excursions might be controllable by 
gravitational ‘circuits’, analogous to electronic circuits, 
which could lead to a controllable form ofnegative 
gravity." [Robert Neill Boyd] {492}. 


[Gravitational circuits] "The supersystem concept utilizes 
a unified fields approach so that specialized electrical 
circuits in COP» 1.0 condition generate strong Dirac 
sea hole currents ofnegative energy in the immediate 
local vacuum. Thus a strong negative energy field is 
formed surrounding the circuit and changing the 
curvature oflocal spacetime as an action by the source 
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circuit. This produces a direct antigravity field around the 
circuit or physical system, acting upon the mass ofthe 
system. The net gravitational interaction by that circuit or 
physical system is therefore the summation ofthe local 
positive gravitational field and the new local negative 
gravitational field produced by that negative energy 
field." [T. E. Bearden, correspondence to a colleague, 
February 2002.] 


[On the multiplicity of spacetime curvature components] 
"The full mathematical expressionfor the curvature of 

four-dimensional space-time ...is given by something 
called the Riemann curvature tensor. This is a somewhat 
complicated object, needing twenty real numbers at each 

point in order to specify it. These twenty numbers are 
referred to as its components. The different components 
refer to the different curvatures in different directions in 
the space-time." [Penrose] {493}. 





[Physics studies and prepares imperfect models, not 
perfect truth] "All we ever know is our models, but never 
the reality that may or may not exist behind the models 
and casts its shadow upon us who are embedded inside it. 
We imagine and intuit, then point the finger and wait to 
see which suspectfor truth turns and runs. Our models 
may get closer and closer, but we will never reach direct 
perception ofreality's thing-in-itself" [Hawking] {494}. 


8.1 Introduction 


In this chapter, we first present a highly abbreviated background of the 
theory of gravitation, sufficient for our experimental orientation. Of 
special interest are unified field theories, which cover general relativity, 
electrodynamics, and quantum mechanics in one overall master theory. 
Even more of interest is an engineerable unified field theory, which is 
presently closest approached by the theory of Mendel Sachs {510}. 


We then present a short overview of work that has been done in the fields 
of lifters and inertial propulsion, listing some ofthe inventions of interest, 
the approaches, results achieved, and our comments on each. 


Finally, I present my own approach to antigravitation, and give some 
results of the Sweet device's antigravity test (the test was designed by the 
present author) that successfully reduced the weight of a device by 90%. 
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In our view, this experiment fully demonstrated the veracity of our 
theoretical approach. 


8.2 Selected Theories of Gravitation 


8.2.1 Newton's Theory and a Negative Mass Extension 

The first mechanism for gravity of interest to our purposes was advanced 
by Newton in his work on mechanics {495}. Newton's law of gravitation 
may be stated as {496}: 


"A particle ofmass m, attracts aparticle ofmass m2 a 
_ mm, 
distance d away with aforce F = G —, 


¢ 
direction ofthe line joining the particles. 


in the 





” 


Ofcourse, it should have stated "in a time forward zone". The situation is 
precisely reversed in a time-reversal zone. It is also reversed for negative 
mass-energy. 


In the Newtonian view, antigravity would mean repulsion of mass rather 
than attraction of mass. Given that negative mass is possible, then a 
negative mass would exhibit antigravity — i.e., it would be repelled by all 
other positive masses.”'* This can be seen in the quoted equation, by 


*!4The discussion of what attracts what and what repels what, in a mix of negative 
and positive masses and negative and positive energies, is still controversial in 
physics. Different theorists have taken differing positions, and there is no formal 
experiment that has decided between them. In our opinion, the successful antigravity 
test of the Sweet vacuum triode amplifier answered that question experimentally, 
although independent replication was not accomplished. The scientific discussions 
heavily involve discussions (and assumptions) ofthe nature of "gravitational" mass, 
inertial mass, and electrodynamic mass etc. Again, there is no decisive selection 
among several possibilities, and there is no clear and universally accepted definition 
of any of those three types of mass. 

In addition, all the discussions have included a fundamental error: They 
assume a separate 3-force acting upon a separate 3-mass, which is unequivocally 
false. Another fundamental error is the assumption of an observed (effect) 3-positron 
interacting with normal matter rather than a non-observed (causal) 4-positron 
(negative energy 4-electron) in massfree spacetime. In effect, this applies the CPT 
(charge-parity-time) symmetry, and converts the direction ofthe 3-positron to the 
antidirection of the 4-positron while also changing the negative mass ofthe 
4-positron to positive mass ofthe 3-positron. Further, in physics there is still no firm 
definition of either force or mass, but only circular definitions between the two. We 
are using the simple definition of mass as F= d/dt (mv), where mass is a component 
of force F and hence there is no separate force F acting upon a separate mass m. We 
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interpret that equation as "the force F observed in a new observation is proportional 
to the time-rate of change of the ongoing 4-space interaction between the just- 
observed 3-mass m and the average interchange of time-energy and space-energy 
represented by v in the ongoing dynamics between spacetime and mass m. Whatever 
adjective is prefaced upon the F is also prefaced upon the m in the mv term. 

We politely but firmly disagree with one prevailing notion that positive mass 
attracts both positive and negative mass, while negative mass repels both types. 
Further, we believe that the Sweet vacuum triode amplifier antigravity experiment 
falsified that notion. We hold to the dictum that m == E/c’, where E is real spatial 
energy and may be positive or negative, c* is always positive, and therefore negative 
mass is highly compressed negative spatial energy while positive mass is highly 
compressed positive spatial energy. (Imaginary mass is a separate consideration.) 
We also prefer to reason in "single fundamental units" physics where the joule is the 
only fundamental unit. Gravity then becomes a function of the joule, whether 
electromagnetic, mechanical, or whatever. We consider the energy in spacetime to he 
the source of the curvature of spacetime that is known as " gravitational field". If the 
joule is of positive energy, the accompanying gravity is positive. Ifthe joule is of 
negative energy, the accompanying gravity is negative. And we consider gravity as 
the 4-space causal spacetime curvature. So for gravitational interaction theory, we 
insist on examining the interaction of the curvature of local spacetime with the mass- 
energy. Further, we postulate that the gravitational effect upon one mass from a 
second mass is an improperly posed concept. It actually is an effect ofthe local 
curvature of spacetime around the first mass, where that curvature of spacetime was 
induced by the second mass's energy. Further, we consider that positive energy 
fields surrounding a positive mass will curve spacetime in the "positive gravity" 
direction. The positive mass is attracted by all other positive masses. Negative 
energy fields surrounding that positive mass system curve spacetime in the "negative 
gravity" direction so that the positive mass of the system is at least partially repelled 
by all other positive masses in the universe. 


We further prefer to think in terms of the supersystem and the unobserved 
causal 4-field, not the frozen iterative 3-field snapshots defined only after iterative 
observations. As we stated previously, the "observed" 3-positron is, in our view, a 
very different beast from the as-yet-unobserved 4-positron. The 3-positron is a 
frozen momentary "effect" entity with no dynamics at all and no continuous 
existence in time (and hence in spacetime) at all; instead, it continually recurs as the 
iterative effect of iterative observation by iterative application ofthe d/dt 
observation operator. The 4-positron is still a negative energy electron with negative 
charge, and still going in a non-reversed direction since broken parity has not been 
applied (because observation has not been applied), a causal entity with ongoing 
dynamics, continuously existing in spacetime, not just in 3-space. Until interacted 
and observed, it also has negative energy and negative mass-equivalency. 

If one wishes to accurately deal with spacetime effects from the "positron," in 
our view one must deal with the 4-positron before observation, and hence with the 
supersystem. The 3-positron is not a spacetime entity, but only a frozen 3-spatial 
snapshot. Scientists, including Dirac himself, were horrified at the negative mass 
implications of the negative energy states. Therefore, they moved the interpretation 
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simply replacing positive mass m; by negative mass -m,; . That two 
negative masses would attract can be seen by replacing positive mass m, 
by negative mass (- m,), and also replacing positive mass m, by negative 
mass (- My). 


Now consider mass m, to be the rest of the net positive mass in the 
universe, and mass mz, to be the "effective" mass in a local supersystem 
consisting of the local physical system, its local active vacuum, and its 
local active curvatures of spacetime — in short, in a local supersystem 
consisting of the physical system and its local active environment, and the 
interchanges between them. Let m2 =m, + mj, where m, is the amount 
of local positive mass (or mass-equivalent) in the system and m, is the 
amount of negative mass (or mass equivalent) in the system. This 
supersystem now simultaneously exhibits both positive gravity (attraction) 
to all net positive masses in the universe and negative gravity (repulsion) 
to them as well. The net gravitational response of the supersystem depends 
upon the fraction of the effective mass that is positive and the fraction that 
is negative — in short, upon the net vector sum of the two gravitational 
forces. 


to the 3-positron, and thereby twisted the interpretation to substitute the effect for 
the cause. Hence circuit theory treats the lattice hole as a positron, yet that "hole" 
acts very differently from a true Dirac positron (a Dirac sea negative energy 
electron) in free space. 

Consequently, matter-antimatter interactions and the interaction between positive 
energy and negative energy are quite different, or they can be if so manipulated prior 
to observation. In the matter-antimatter interaction, the initial curvature of spacetime 
formed by the union decays by radiation of EM positive energy and the "effect 
particles" disappear back into the uncurved vacuum from whence they came. In the 
positive energy and negative interaction, there is a change of the local curvature of 
spacetime without its decay and subsequent re-radiation of EM energy. Equal 
amounts of interacting positive and negative EM field energy thus are simply 
transduced into stress energy potential of the vacuum and consequent sustained 
change in the curvature of the local spacetime. Indeed, the radiation of pair 
annihilation energy is obtained only at the expense of negating (relaxing) the local 
polarization ofthe vacuum (and the two consequent curvatures of local spacetime) 
represented by the independent positron and electron. Indeed, normal pair 
annihilation is a sort of Lorentz symmetrical regauging of the locally asymmetrical 
vacuum. 

The reader is certainly free to disagree with our conclusions; we are merely 
explaining them. Experiment will eventually sort out the truth or falsity of the 
approach. So far, based on the Sweet experiment designed by the present author, a 
highly successful experiment was consistent with this approach. 
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In a "mixed" mass system containing both positive and negative 
component masses, the fraction of the total mass that is positive and the 
fraction that is negative is thus significant. When the mixture's negative 
mass is less than its positive mass, the mixture would exhibit a "reduced" 
gravitational attraction to other masses of the universe. Then the ratio of 
negative mass to positive mass might be taken as the "gravitational 
shielding" coefficient (fraction). 


When the amount of positive mass and the amount of negative mass were 
equal, the overall mass system would exhibit no net gravity or antigravity, 
and would "float" or "hover" in the Earth's gravitational field. It would be 
equally attracted and repelled by the Earth's positive mass (and by all other 
positive mass in the universe, hence could — at least under certain 
conditions — appear inertia-free.). When the amount of negative mass 
exceeds the amount of positive mass, the overall mass system would 
exhibit a net antigravity effect. It would be repelled more strongly by the 
Earth's positive mass, as well as more weakly by the distant positive 
masses of the universe, and hence would accelerate upwards and away 
from the Earth. Notice that the key to antigravity in the Newtonian 
approach is the availability of negative mass, but in the new sense in which 
we use it. Note also that we did not discuss the separate issue of imaginary 
mass. 


If we translate that into modern terms, where we consider not the "mass" 
but the condensed energy comprising the mass, then m, and m, become 
positive mass-energy and negative mass-energy terms respectively. Given 
the ability to produce electromagnetically produce substantial negative 
field energy in the immediate vacuum environment of the system, where 
the source of the field is the physical system, then the creation ofa direct 
antigravity component in the system's environment — the other two 
components of its supersystem — becomes not only possible but also 
feasible. 


The key to antigravity becomes the availability ofnegative field energy in 
the local space surrounding the physical object, with the physical object 
containing the source ofthat surrounding spatial negative energyfield. 
Voila! This impels us directly to electrodynamics and a modified Dirac sea 
{497, 498a, 498b), one with excess empty holes as source charges 
producing negative energy EM fields. We deliberately create these unique 
source charges by actions taken in a COP»1.0 system. This gives the key 
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to the approach to antigravity taken by the present author.’!” However, we 
use as negative energy notjust the accounted Poynting energy flow 
component in space where the field is present, but also the unaccounted 
Heaviside energy flow component, which is much greater in magnitude (in 
a nominal case, nearly 10° times greater). In this way, we dramatically 
increase the amount of antigravity effect that can be obtained by a given 
EM power dissipation in the physical electrodynamic system itself. This 
antigravity effect ofa Heaviside component ofEM negative energy flow 
has not been accounted in previous analyses. 


8.2.2 Riemann Surfaces and Riemann Geometry 

The next development of interest to us is the doctoral thesis of Riemann 
{499}, which founded the theory of Riemann surfaces. Three years later, 
he founded Riemann geometry in a famous lecture. Riemann was working 
on a unified explanation of gravity and electromagnetism when he died of 
tuberculosis a dozen years later. It was Riemann's multiply-connected 
topologies that eventually resulted in the view of electric charge producing 
lines of force trapped in the topology of space {500}. Had Riemann lived, 
we believe that engineerable unification of electrodynamics and gravity 
would have occurred early on. In that case, we might have already had 
practical antigravity vehicles and explored the solar system and beyond. 


8.2.3 Heaviside's Excess Energy Circulation Flow and Gravity Theory 
The next theory of gravity of interest to us is that of Oliver Heaviside. 
Heaviside noted that his extra EM energy flow term was a trapped EM 
energy circulation {501}. He realized that, ifthat trapped EM energy 
circulation were taken as gravitational in nature, his energy flow theory 
could be converted into a unified theory incorporating both 
electrodynamics and gravitation. After his death, his handwritten notes on 
the theory were found beneath the floorboards in the little garret apartment 
he had long occupied. No one knows what other papers he may have had; 
the place was ransacked and looted prior to the discovery of these 
remaining papers hidden beneath the floorboards — papers the looters had 
missed. 


*I5 We also point out that a Dirac sea with empty holes (excess negative energy 
states) exists in (or constitutes) a negatively curved spacetime a priori. So we get 
back to the other two components of our "supersystem", the active vacuum and its 
dynamics and the local curvature of spacetime and its dynamics. 
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Other scientists such as Laithwaite have felt that Heaviside's approach 
might still shake the foundations of physics itself. Quoting Laithwaite 
{502}: 


"Heaviside had originally written the energyflow as 
S = (ExH) + G, where G is a circuital flux. Poynting had 
only written S = (ExH). Taking p to be the density of 
matter and e the intensity ofa gravitationalforce, 
Heaviside found that the circuital flux G can he expressed 
as pu — ce, where u represents the velocity of p and c is a 
constant." 


8.2.4 Mach's Principle 
After Heaviside, the next item of interest to us is Mach's principle {503}, 
which essentially states {504}: 


"The properties ofspace have no independent existence 
but depend on the mass content and distribution within it. 
Thus, acceleration dealt with in Newtonian mechanics can 
only have meaning ifit is an acceleration with respect to 
the stars or with respect to something equally well- 
defined." 


Mach's principle does not adequately deal with spacetime, and certainly 
does not even acknowledge or encompass how energy exists in 3-space at 
each point dipole, as an entering flow from the time domain into the 
negative (charge x time). It does not include transduction by the negative 
charge into 3-space energy, passage of the 3-energy to the associated 
positive charge, transduction back into time energy by the positive charge, 
and re-emission of the transduced time-energy back into the time domain, 
by the positive charge. In short, Mach's principle will never get one a 
practical antigravity system, regardless ofhow one applies the principle. 


8.2.5 Einstein's General Relativity 

Next comes Einstein's epochal general relativity theory of gravitation 
{505}. In that theory, Mach's principle is interpreted as pointed out by 
Misner, Thorne and Wheeler {506} in the following quote: 


"Einstein's theory (1) identifies gravitation as the 
mechanism by which matter there influences inertia here; 
[and] (2) says that this coupling takes place on a 
spacelike hypersurface..." 
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The great contribution of Einstein's general relativity was to remove the 
notion ofthe "field occupying space", where field and space are separate 
things. Quoting {507}: 


"Ifwe imagine the gravitationalfield, i.e., thefunctions 
gix to be removed, there does not remain a space of the 
type (I) [Minkowski Space], but absolutely nothing, and 
also no ‘topological space’. For the functions gi. describe 
not only thefield, but at the same time also the 
topological and metrical structural properties ofthe 
manifold. ... There is no such thing as an empty space, i.e., 
a space without field. Space-time does not claim existence 
on its own, but only as a structural quality ofthe field. " 


In passing, we note that in the conventional sense we can and do have 
many fields "in the same space", which is merely the statement that a net 
field has internal structure, and so does a net spacetime. Extending that 
notion, we can conclude that spacetime is in fact naught but a set of fields, 
both static and dynamic. The total energy density of all those fields at any 
point in space constitutes a potential with that energy density at that point, 
and with that internal field dynamics and structure. So because of its 
incredible field energy density, space is also identically a giant potential 
with internal structure and dynamics. With that observation, we rather 
casually join the seething vacuum of particle physics, the spacetime of 
general relativity, and the fields of electromagnetics as different aspects of 
the same thing. We point out that our concept of the supersystem therefore 
only identifies the three separate things into which this "one-thing” has 
been arbitrarily divided in much of physics. 


Although he tried more than once, Einstein himself failed to achieve a 
successful unified theory of gravitation and electrodynamics. One thing he 
added in his earlier theory was a cosmological constant, which he felt was 
necessary to explain a stable closed universe. He later regretted that 
assumption, but today with the discovery ofthe acceleration of the 
expanding universe, which can only be caused by antigravity, his 
cosmological constant has assumed a new and vital role in the search for 
the source of this observed antigravity effect in the cosmos. 


8.2.6 Kaluza-Klein 5-Dimensional Unified Theory 

Using five dimensions, a unified theory of general relativity and 
electrodynamics was advanced by Kaluza {508} as extended by Klein 
(509}. This is a notable extension of Einstein's theory, and a very 
substantial literature exists in the Kaluza-Klein area. 
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Magnetromapparata 


A solid-state magnetic generator was invented by Captain 
Hans Coler of Germany and a 10 watt example first shown 
in 1925. It involved magnets to generate electricity and 
employed a small battery but no other source of input power 
other than what he called space energy of Nature's quantum 
invisible world. 


It was denied patent protection by the German Patent Office 
as being a perpetual motion device. For a time it was 
ignored, and the records relating to it were buried in hidden 
archives, possibly because the scientists who had to pass 
judgement could not understand the physical reason why the 
invention actually worked. 


Later, a 70 Watt prototype was built, and a company formed: 
Coler Gmbh. Later a 5 kilowatt devices was built which 
allegedly powered Coler's house and laboratory for three 
years. 


Official interest was shown by heads of the German navy 
who felt an investigation was necessary, and an official 
report was produced. A highly secret Nazi effort apparently 
had the goal of using his invention to recharge submarine 
batteries, without the need for the sub to surface. Experts 
examined the device and could find no fraud. It was judged 
Coler was an honest experimenter, but no expert opinion was 
forth coming as to how the unit operated. It was put under 
Official Secrecy after its operation had been verified by 
Government scientists. (Reference: articles entitled Perpetual 
Commotion and Hans Coler on http://magneticpowerinc.com 
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We don't know of anyone who has been able to successfully 
replicate this technology into a practical device. 
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8.2.7 The Sachs Unified Field Extension of Einstein's Theory 

Another notable extension of Einstein's theory, which does include 
electrodynamics and the results of quantum mechanics as well, is the 
theory by Sachs {510}. Starting with Einstein's general relativity view and 
the group symmetry of its underlying mathematics, Sachs extended 
Einstein's theory into a fundamental theory of matter in all domains. 
Einstein's group formalism and the spinor-quaternion calculus in a curved 
spacetime provide the genesis of matter fields. The theory encompasses 
globally covariant field equations for inertial features of matter including 
its force manifestations. Unification is provided by the generalized spinor 
formalism. Quoting a popularized summation {511}: 


"Novelfeatures ofgeneral relativity are shown to emerge, 
in elementary particle physics as well as astrophysics. 
Especially noteworthy ...is afactorization of Einstein's 
field equations to a quaternion field formalism which, by 
way ofa single covariant field, includes both gravitation 
and electromagnetism coupled to matter field equations 
— whose linear (low energy) limit recovers quantum 
mechanics. The ...original approach also furnishes 
derivations, not previously available, of several observed 
properties ofinertial mass and gravitationalforce. " 


For a more technical description of how the unification of electrodynamics 
with general relativity is derived, we quote directly from Sachs {512}: 


"It was demonstrated earlier that the factorization of 
Einstein's second-rank, symmetric tensor field equations, 
by removing the space and time-reflection elements from 
the underlying covariance group, yields a 16-component 
quaternion metrical field equation. The 16 equations were 
then re-expressed in a second-rank tensorform, breaking 
up into 10 @ 6 equations. The 10 equations are in one-to- 
one correspondence with Einstein's symmetric tensor 
equations for gravitation; they are even under reflections. 
The remaining 6 equations are in antisymmetric tensor 

form; they are odd under reflections. Taking the covariant 
divergence ofthe latter equations then puts them into one- 
to-one correspondence with the structure ofMaxwell's 
equations for electromagnetism. What was shown earlier 
was that the four of Maxwell's equations with sources 

followed. What is shown in this paper is that the other 

four of Maxwell's equations that are source-free also 
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follow, thus indicating the absence ofmagnetic monopoles 

from this theory, as in the usual Maxwellformalism. This 
shows that the factorization ofEinstein's field equations 
to the quaternion form fully unifies the gravitational and 
electromagnetic manifestations ofinteracting charged 
matter." 


To freely download several of Professor Sachs's important technical 
papers, one is referred to his website at 
http://www.compukol.com/mendel/articles/articles.html. 


The O(3) electrodynamics of Evans and Vigier has been shown to be a 
special subset of Sachs's electrodynamics {513a}. Hence O(3) can be used 
to engineer much of the Sachs unified field theory phenomenology, 
including — in our view — both gravity and antigravity. The first 
theoretical indication of this has been published by the AIAS (Alpha 
Foundation's Institute for Advanced Study) {513b}. Shortly we discuss our 
own views on how to directly perform engineering of antigravity. 


A great many excellent publications on general relativity and the 
background of scientific knowledge in gravity exist; e.g., the text by 
Wheeler et al. {514} is particularly good. Einstein himself wrote a book on 
his special and general theory for the nonspecialist {515}. A collection of 
English translations of some of the original papers on relativity is provided 
in a book by Einstein, Lorentz, Minkowski, and Weyl {516}. Many other 
gravitational theories or changes to major theories have also been proposed 
by other scientists, but are not discussed here. For our purposes, an 
abbreviated discussion will suffice to understand a fundamental approach 
to feasible antigravity. 


Since we are interested in actual working systems, a short review of some 
of the efforts in asymmetric lifting and propulsion experiments is useful. 


8.3 Selected Antigravity and Inertial Propulsion 
Research Efforts 


We give only a small sampling of the many efforts performed or ongoing 
in this area over the last few decades, and some still ongoing today. 


8.3.1 T. Townsend Brown 

Our first example is the work of T. Townsend Brown. Brown was working 
on a "gravitor" before he finished high school, and continued work in 
electrogravitation throughout his life. Space is a dielectric, and Brown 
reasoned that the displacement current in a capacitor dielectric could 
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influence the space dielectric itself.”"® Hence he built, tested, and patented 
several variations of lifting devices based on this concept {517a-517e}. 
Essentially, he found that certain high capacitance dielectrics could be 
subjected to high voltage (50 to 300 kilovolts), and would exhibit thrust in 
the direction from the negative to the positive pole. 


Here we point out our contention that all EM energy in space comes from 
the time domain via the negative charge, and re-enters the time domain via 
the positive charge. This is consistent with Brown's finding. Although he 
demonstrated many such lifting and thrusting devices, Brown was never 
able to obtain sufficient financial and scientific backing to bring a practical 
embodiment of his inventions into practice. His work, however, has been 
replicated by multiple experimenters, including NASA researchers (see 
below) and several researchers contributing results to Jean-Louis Naudin's 
website _http://jnaudin.free.fr/html/lifters.htm. 


8.3.2 Jonathan W. Campbell 

Recently a U.S. patent {518} on a thrusting capacitor, by Campbell, has 
been issued and assigned to the U.S. Government (NASA), and made 
available for commercial licensing. The patent write-up states that thrust 
from capacitors is well known, but has been too small to be practical. The 
patent purports to remedy that impracticality. A version ofthe NASA 
device has been replicated by the Naudin researchers also. So an 
adaptation of Brown's work has been patented by the U.S. government 
with intentions of licensing. This would appear to validate much of 
Brown's approach and efforts. 


8.3.3 The Dean Drive 

Our second example is the inertial drive patented by Dean {519a-519e}. 
Unfortunately, the effects ofthe Dean drive later appeared to be a problem 
in accurate measurement. Nonetheless, work still continues along the 
direction shown by Dean. One may argue that mechanical materials also 
contain charges and have a certain kind of capacitance. Hence, mechanical 
motion of the parts of the machine does move these charges and 
dielectrics, opening a possibility of interacting with the dielectric of space. 
For example, Sweet's VTA involved a sustained self-oscillation between 
the local vacuum and the barium nuclei in his barium ferrite magnets. 


216 We have not yet explored the gravitational effects — if any — of our concept of 
the triode capacitor, discussed in paragraph 6.3.7 and diagrammed in Figure 6-17. 
We will examine it as soon as we have the proper equipment. 
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Dean's approach still has merit, even if a particular embodiment gave a 
negative result when very accurate measurement was performed. It is 
particularly of interest that mechanical force is essentially derived from 
electromagnetic forces (and fields) at basis. These base EM fields involve 
(and identically are) curvatures of spacetime, and hence the motions of the 
inertial drive mechanical apparatuses do involve at least some curvatures 
of spacetime and dynamic changes to them. 


Our comment is that, when the additional but neglected Heaviside 
nondiverged energy flow component is accounted, these field interactions 
internal to matter can produce many orders of magnitude greater curvature 
of spacetime than is accounted by the diverted Poynting energy flow 
component only. 


The "inertial antigravity" approach may be visualized as the use of excess 
gravitational thrust in a specific direction. If that direction is against the 
local pull of gravity, and is more powerful, then "lift against the 
gravitational pull" is obtained. Rigorously, this is not true antigravity but 
manipulated excess positive gravity. 


In our approach to antigravity, one way to approach the problem is to have 
the mechanical apparatus also the source of an intense negative energy EM 
field, producing an intense flux of Dirac sea holes into and in the local 
surrounding spacetime. The excess charge removed from the Dirac holes 
can in fact be used in the electrical powering of the physical system, as 
was demonstrated in the Sweet VTA antigravity test. Then movements of 
the mechanical parts could involve movement of strong negative energy 
fields, hence strong curves of local spacetime that are local strong negative 
gravityfields. Or, better yet, movement of the charges themselves will also 
produce field-induced movement of the Dirac sea hole negative energy. 
This appears to be a practical method to manipulate the metric itself, along 
the lines proposed by Puthoff et al.’’” 


8.3.4 Henry Wallace 

Other work has been by Henry Wallace, an engineer working for General 
Electric in the 1970s. His work dealt with the interactions of relatively 
moving masses of various kinds, and it is described in his patents {520a, 
520b}. The discussion under the Dean drive probably applies to Wallace's 
work as well. 


217 HE. Puthoff, S. R. Little, and M. Ibison, "Engineering the Zero-Point Field and 
Polarizable Vacuum for Interstellar Flight," J. British Interplanetary Soc, Vol. 55, 
2002, p. 137-144. 
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8.3.5 J. F. Woodward 

Next is the work of J. F. Woodward, resulting in one or more patents 
{521} and multiple articles in the legitimate physics literature {522a- 
522k}. Woodward uses an adapted theory based on Mach's principle and 
on the thesis that the mass of a capacitor can be made to vary from its 
normal mass by rapidly charging and discharging it — say, at a frequency 
of 20 kHz. This predicted effect is testable, although some sophistication 
in the testing is required. 


Woodward's publications show the results of actual experiments, 
measuring a very small change in the mass, and are worthy of much further 
investigation. Here we note that the actual mechanism generating the 
inertia of an object is still an open issue, with several different contending 
theories.”'’ Whether the gravitational mass and the inertial mass are 
identical or not, also remains an issue. If the exact local mechanism 
generating the inertia of a mass could be decisively found, then direct 
methods of changing the inertial mass and the gravitational mass might be 
a real possibility, and research to try to find such methods would be 
strongly indicated. 


Our further comment is that the mechanism that generates mass itself has 
never been specified in formal physics,”’’ particularly when one views an 
observable (such as mass) as continually recurring in 3-space rather than 
continuously existing in 3-space, due to the d/dt operator imposed on 
spacetime by the observation process. Before the reader assumes that mass 
is well understood, a reading of Jammer's scholarly work {523} is highly 
recommended. 


From our viewpoint we stress that observed mass cannot continuously 
exist, but must be an effect and the instantaneous frozen output of the d/dt 
observation process invoked on an ongoing 4-space process. Hence, from 
this view there is indeed a "process" that (continually) creates mass — it is 
at least the emission of EM angular momentum (a photon) from the 
masstime entity. Similarly, there is a "process" that continually destroys or 
converts any mass — it is the absorption of a photon and conversion of the 


an E.g., (a) A. Rueda and B. Haisch, "Inertia as reaction of the vacuum to 
accelerated motion," Phys. Lett. A, Vol. 240, 1998, p. 115-126; (b) B. Haisch, A. 
Rueda and Y. Dobyns, "Inertial Mass and the Quantum Vacuum Fields," Ann. Phys., 
Vol. 10, 2001, p. 393-414. 


*!° The present author made an early and crude attempt at doing it in his "Quiton- 
Perceptron Physics." 1973, NTIS Report AD-763-210. 
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mass m into masstime (m + dm)dt. Mass "flows through time” via this 
time charging and discharging, in the form m => mt => m => mt => m... 
etc. 


Again we stress that masstime mf is not mass m, but is as different from it 
as impulse Ft is from force F. We crudely proposed such an initial mass- 
generating mechanism in 1973 {524a}, with additional information 
published in 1998 {525a}, which may have bearing on the mechanism 
involved in Woodward's experiments. 


8.3.6 E. R. Laithwaite 

Eric Laithwaite was for some years a professor with the Imperial College 
in London. He was one of the pioneers of the linear electric motor and of 
portions of the magnetic levitation (MagLev) train concept. An illustrious 
career headed for greater things (perhaps knighthood, Fellow ofthe Royal 
Society, etc.) was abruptly derailed in 1973 after he lectured to the 
prestigious Royal Institution by invitation and demonstrated that a heavy 
gyroscope, difficult to lift with one hand while not turning, could be lifted 
easily with that same hand, once turning at speed. Laithwaite's suggestion 
that Newton's laws of motion might be in difficulty proved much too 
controversial. The Royal Institution (apparently for the first time in its 200 
year history) did not publish proceedings of that invited discourse.” 


One of the remarkable things Laithwaite achieved was a form of 
"indefinite motion" device that he demonstrated circa 1970 {526}. The 
Centennial Centre of Science & Technology in Ontario was looking for 
working models to decorate the entrance hall. Laithwaite showed that ifa 
linear-motor primary was rolled into a cylinder, so that it became simply 
the stator ofa conventional induction motor,’ a steel washer (about 3 cm. 
in diameter) could be made to roll continuously in a vertical plane around 
the inside of the stator. A combination of centrifugal force and magnetic 


°20 With some humor we point out how shocking is our proposal that such a thing as 
"continuous" propagation ofan object or energy through 3-space does not exist. 
Instead, small differential "pieces" of it continually "recur" at successive positions, 
much like the projection of the frames ofa motion picture frame, where continual 
observation is the "projection process". Nonetheless, in our proposed solution to the 
source charge problem, either that is true or every charge in the universe is a 
perpetual motion machine, freely creating energy out ofnothing. In our view, that is 
the impact of the long-neglected source charge problem in quantal and classical 
electrodynamics. It has produced the wrong and naive notion of what "propagation 
through space" actually entails. 


*2! Something similar to diagrammatic Figure 6-26 in Chapter 6. 
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attraction kept the washer in contact with the stator at all times. At the 
same time, a pivoted copper cylinder could be held in the center of the 
stator and would be seen to rotate on its own axis in the opposite 
direction.”” Laithwaite completed and delivered a working model to the 
Centennial Center of Science & Technology. The reader should note the 
similarity of Laithwaite's proven experimental device to the magnetic 
Wankel engine. 


In addition to his attention to Heaviside's unpublished draft notes and 
manuscript on a combined theory of electromagnetics and gravity 
(previously discussed above) {502}, Laithwaite spent the latter years of his 
life working on sophisticated gyroscopic systems {527a-527h}. Ultimately 
he felt he had successfully produced a mass transfer effect {528} and the 
basis for a propulsion system. He and William Dawson applied for a patent 
in 1993, which was granted in 1995 {529}, with a U.S. patent granted in 
1999 {530}. Regretfully, Professor Laithwaite died in 1997. 


8.3.7 Floyd Sweet's Vacuum Triode Amplifier (VTA) 

See again Chapter 6 and Figures 6-5 through 6-14 on the work of Floyd 
Sweet, previously discussed in paragraph 6.3.2. My concept of 
antigravitation used in the experiment is shown in Figure 6-15. By now, 
the sharp-eyed reader will recognize that my method actually constitutes a 
conceptual extension and definitization of the Dirac electron theory, 
reinterpreted to recover negative mass, negative energy, negative energy 
fields, and negative energy potentials. The defining feature is the 
deliberate use of a COP»1.0 main power system (perhaps constituting the 
power system of a flight vehicle) as a source of locally strong negative 
energy EM fields generated by the concentrated Dirac sea holes (causal 
4-positrons being negative energy 4-electrons prior to observation) locally 
produced in the power system. We collaborated with Sweet on the vacuum 
triode amplifier for more than a decade, and in fact suggested the name of 
the device. 


The antigravity approach designed by the present author was based on 
realizing that negative energy sources (e.g., 4-positrons as negative mass 
4-electrons prior to their reaction and observation) produce negative 


22 We have had the distinct notion that the fundamental contrarotating mechanism 
found by Laithwaite is probably an analogous mechanism — or very similar — to 
the mechanism utilized by Bauman in his Swiss converter (Methernitha device). As 
pointed out, it also has remarkable similarities to the magnetic Wankel engine, 
except that the magnetic Wankel does not utilize two contrarotations. 
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energy EM fields. The field can reach out over all space, so a negative EM 
energy field represents a reversed curvature of a large volume of 
spacetime. Hence it represents a considerable antigravity field — 
particularly when one considers the unaccounted huge Heaviside 
component of the negative energy field and charge interaction. Since the 
field strength falls off as the inverse square of the distance from its source, 
the strong antigravity effects of negative energy EM fields are much 
stronger locally than at a distance. This is particularly true when the 
conventionally ignored Heaviside nondiverged EM energy flow 
accompanying the accounted diverged Poynting energy flow of every 
field-charge reaction is accounted. This usually ignored factor dramatically 
increases the antigravity intensity produced by the local negative EM 
energy field by many orders of magnitude, often by nearly 10". 


My antigravity concept (then and now) is shown in Figure 6-15 of Chapter 
6. At the time, the only available device I knew of that produced a 
substantial percentage of output negative EM energy was Sweet's vacuum 
triode amplifier. So I persuaded Sweet to fabricate a new output section 
(an output load similar to Figure 6.8 but containing ten sockets for ten 100 
watt lamps). Thus the output of the unit — which adjusted automatically to 
the available load — could be increased in 100-watt increments by merely 
screwing in the lamps one at a time and making laboratory readings after 
each new 100-watt load increase was added. This was done and the 
concept was successfully tested by Sweet {531}, who was making the 
measurements in California and reading them off over the phone to me (I 
was in Huntsville, Alabama). The experiment worked beautifully. 


The setup and progress of the experiment were intended to materially 
increase the strength of the negative energy EM field and Dirac sea hole 
flux already produced to a lesser extent by the Sweet vacuum triode 
amplifier (VTA) in its normal operation. Thus the hypothesized negative 
energy antigravity field, produced weakly by the negative energy from the 
device in its ordinary power output range of 500 watts, was to be 
substantially increased at 1,000 watts. The response to the net gravitational 
field surrounding the object would thus be the resultant of two factors: (i) 
the normal response of the device's positive mass to the positive 
gravitational field of the Earth etc., and (ii) the additional response of the 
device's positive mass to the local antigravitational field produced around 
it. The measurable result was expected to be a decrease in the measured 
weight of the object on the laboratory bench. 


As discussed, this stratagem succeeded dramatically. The weight of the 
vacuum triode amplifier was decreased, smoothly and controllably, by 
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90% on the laboratory bench (see again Figure 6-9).””’ The results were 
later published in ajoint paper {531} prepared by the present author. I 
placed Sweet's name first on the paper because he was the inventor of the 
VTA, which demonstrated the effect once properly modified as I 
requested. Note that the extra antigravitational field effect on an object is 
indeed a local effect, which the experiment also showed. This effect was 
obtained at a COP>1,500,000 (actually, at nearly a COP = 3,000,000) and 
at ELF frequency. 


The ELF frequency is important. As we explained previously, the highest 
energy photons ofall are the lowest frequency photons, when the highly 
compressed time-energy component of the photon is accounted as well as 
the decompressed spatial energy component. Hence, for very appreciable 
local curvature of spacetime to produce considerable antigravity, the 
antigravity source must produce negative energy fields consisting of 
negative energy photons at low frequencies (such as 60 Hz). Else, the 
curvature of spacetime is so small that little effect will evidence. My best 
"pack of the envelope" estimate ofthe efficiency ofthe antigravity process 
in the VTA was 10%. 


8.3.8 Ning Li and (separately) E. Podkletnov 

Very interesting work was performed by Ning Li {532a-532d}, a scientist 
originally with the University of Alabama in Huntsville (UAH), who 
returned to China for a while but is now back in Huntsville. Quoting David 
Brown from the UAH website from 1997: 


"In 1989, Dr. Ning Li of VAHpredicted that ifa time 
varying magnetic field were applied to a superconductor, 
charged and deformed lattice ions within the conductor 
could absorb enormous amounts ofenergy via the 


°°? Many times I have been asked how such small output power increase (from 500 to 


1,000 watts) could possibly achieve such dramatic antigravity results. The answer - 
due to the neglected Heaviside nondiverged energy flow component — lies in 
multiplying the power output by the "Heaviside energy amplification factor k " 
where k may be as large as 10’. A 500-watt accounted increase, multiplied by 101°. 
is actually an incredible increase in the total EM negative energy field density being 
created inthe local vacuum. In short, a very little "accounted" power increase of the 
COP»1.0 VTA output is actually a very vast negative power output increase when 
the long neglected k-factor is accounted. It is just this missing k-factor and the 
failure to account for the negative energy KM fields generated in COP» 1.0 
discharges in violent astronomical phenomena that seem to be responsible for 
generating the excess antigravity that is accelerating the expansion of the universe. 
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magnetic moment effect. This acquired energy would 
cause the lattice ions to spin rapidly about their 
equilibrium positions and create a miniscule gravitational 
field. Dr. Li's calculations showed that ifthese charged, 
rotating, lattice ions were aligned with each other by a 
strong magnetic field, the resulting change in local 
gravity would be measurable. " 


"Podkletnov and Nieminen (1992) {533} made the 
accidental discovery that a single-phase, dense, bulk, high 
T., superconducting, ceramic disk spinning at 5,000 rpm 
can produce a 2 percent reduction in the weight ofnon- 
conducting, non-magnetic objects placed over the 
spinning disk. UAHandMSFC [Marshall Space Flight 
Center, apart ofNASA] [cooperated] on ajoint research 

project to independently confirm the results of the 
Podkletnov experiment and to validate Dr. Li's theory of 
gravity modification via superconductor. On March 26th, 
1997, as apart ofthis project, the joint UAH-MSFC 
research team produced the largest high temperature 
superconducting disk ever manufactured in the USA. This 
disk measures 12 inches in diameter and is 0.5 inches 
thick " 


We now explain the experiments, from our point of view of the mechanism 
for antigravity. We remark that, at least in theory, the charges in such a 
rotating superconducting disk have an inward "discharge" acceleration 
force that is a function of the distance of the charge from the rotation axis 
center. Hence, in the rotating frame, some of these charges are very 
strongly "accelerating" toward the center, as are their spins whose 
magnetic vector is orthogonal to the E-field vector. A flow of EM energy 
exists perpendicular to the rotating flat disk and is accelerating at right 
angles to the disk surface. This is analogous to a discharge (sudden 
acceleration) phenomenon, and it will also produce accelerating negative 
energy Dirac sea 4-holes in the vacuum component of the supersystem of 
the spinning disk. So from the spinning disk there is a sort of "wide beam" 
of Dirac sea 4-hole current in the vacuum, radiating at right angles to the 
disk surface, with heavier concentrations toward the outside of the disk. 
The result is that objects in the Earth's gravitational field, and also placed 
in the path of this negative energy Dirac sea 4-hole current, is acted upon 
by two superposed curvatures of local spacetime: (1) the positive curvature 
due to the Earth's gravitational field, and (2) the negative curvature due to 
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the negative energy field's curving local spacetime. The total net 
gravitational effect will be due to the algebraic sum of the superposed two 
spacetime curvatures — the normal positive curvature from the Earth's 
gravitational field and the second a negative curvature created by the Dirac 
sea hole current's negative energy fields (Heaviside energy flow 
component considered). The expectation is therefore a reduction in the 
weight of the object, as is shown in the experiments. 


The UAH-MSFC group was unable to confirm Podkletnov's findings.” 
Ning Li and the NASA group later split amicably. Ning Li continued her 
theoretical work, eventually ceased publishing papers for a period to 
protect the techniques and experimental results achieved in her work, and 
focused upon potential applications. She apparently returned to China for 
some time, but is now back in Huntsville, Alabama and still 
experimenting. We suspect there may also be a Chinese research effort 
into antigravity, using the approach taken by Ning Li. Perhaps information 
from that program will be released in the future. 


But what of the work of Podkletnov since his original experiments? NASA 
continued to try to replicate his disk and his work, with Podkletnov acting 
as a consultant. Presently, NASA has paid an independent research firm to 
replicate the disk to full specifications, which has just been accomplished 
as this is written. At this writing, the experimental results of this new 
attempt are not yet available as the work is still in progress. It should be 
available by the time this book is published. 


Meanwhile, a relatively new paper by Podkletnov and Modanese has been 
published on the Los Alamos National Laboratory website.” This method 
uses high amperage sharp pulse discharges from a superconducting 
ceramic electrode, to produce an anomalous radiation in a focused beam. 
Significantly, the beam does not noticeably attenuate through different 
materials. The beam exerts a short repulsive force on small movable 
objects on the propagation axis, with the force proportional to the mass of 
the objects. 


4 EB. Podkletnov and R. Nieminen, "A possibility of gravitational force shielding by 
bulk YBa.Cu307., superconductor," Physica C, Vol. 203, 1992, p. 441-444. 


5 Evgeny Podkletnov and Giovanni Modanese, "Impulse Gravity Generator Based 
on Charged YBa zCu,07., Superconductor with Composite Crystal Structure," carried 
on website http://xxx.lanl.gov/abs/physics/0108005. 
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We interpret the results as completely consistent with our own proposed 
excess gravity and antigravity mechanism. We know that such sharp 
discharges produce significant Dirac sea 4-hole currents in the local 
vacuum component of the supersystem. Such currents in a beam interact 
very little with intervening materials, and the major spacetime curvature 
effects are concentrated upon the propagation axis. On that axis, force 
effects can be expected upon small independent objects, due to the 
additional negative curvature added to the local spacetime in their 
supersystem. The impulse produced on the object should indeed be 
proportional to the mass of the object and independent of its composition, 
since it is a gravitational force effect induced by local curved spacetime. 
The force should be repulsive in the beam, since that is the direction of the 
antigravity force that will be induced in objects in the axis ofthe beam, by 
the beam of negative energy Dirac 4-holes. A positive gravity force would 
mean attraction between the object in the propagation path and the source 
of the beam. A negative gravity force would therefore mean repulsion. 


So Podkletnov and other scientists are still working on a successful effect. 
It will be interesting to see what results are reported in the future, and 
whether they will deviate from their present attempt to explain the effect 
by a combined quantum gravity and anomalous vacuum fluctuations 
approach. 


8.3.9 NASA's Breakthrough Propulsion Physics (BPP) Project 
NASA's Breakthrough Propulsion Physics Project was established in 1996. 
It seeks a breakthrough in space transportation involving "(i) propulsion 
that requires no propellant mass, (ii) propulsion that attains the maximum 
transit speeds physically possible, and (iii) breakthrough methods of 
energy production to power such devices." Investigations involve coupling 
of gravity and electromagnetism, the quantum vacuum, hyperfast travel, 
and superluminal quantum effects. The project is managed by the Glenn 
Research Center, sponsored by the Advanced Space Transportation 
Program, with overall management by NASA Marshall Space Flight 
Center, Huntsville, Alabama. 


NASA continues its investigations and experiments in methods to change 
the force of gravitational attraction. The scientist in charge of the project is 
David Noever of the Marshall Space Flight Center. The work is still 
considered a work in progress, with the need for both experimental 
investigation and meticulous design of experiments, instrumentation, and 
measurement techniques. 
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The overall NASA program also spreads to other supporting laboratories 
and projects. For example, at the Jet Propulsion Laboratory (JPL) Kulikov 
{534} has measured the difference between inertial and gravitational mass 
of a boson in a heat bath. At least one invention seems to have resulted or 
to be in progress, assigned to JPL. 


As mentioned, the U.S. Patent by Campbell {518} on a capacitor device 
producing a net thrust force (a more modern version of T. Townsend 
Brown's work) has been issued and assigned to NASA. 


8.3.10 Scientific Conferences 

There are regular conferences (several per year) being held in the U.S. and 
elsewhere, dealing with antigravity and electrogravitic propulsion. We 
give a little-noticed but pertinent example: In a nice presentation in 2001, 
LaPointe {535} proposed a new method for producing anti-matter. 
Currently antimatter production is accomplished in very large accelerators, 
and is therefore quite expensive. For increased experiments, a cheaper and 
much smaller (and much more available) process is highly desirable. 


In the Klein paradox, which involves very large potential drop across a 
very short distance — less than the Compton wavelength of the antimatter 
particle — matter and anti-matter pairs are produced. LaPointe 
hypothesized that it may be possible to use the Casimir effect to push one 
side of the step into the negative energy range. He is at least thinking 
toward negative EM energy sources that produce negative EM fields and 
negative gravity in the surrounding space, without explicitly enunciating it 
in that fashion. 


We already briefly discussed our own approach to antigravity, which is a 
much simpler and cheaper anti-particle producing mechanism, as 
demonstrated by the Sweet device. In short, overunity EM systems with 
COP»1.0 do produce free flows of causal (before observed) 4-positrons 
(still in negative energy 4-electron state prior to interaction) in local 
spacetime immediately surrounding the system. Consequently, LaPointe's 
efforts are in what we believe to be the correct direction, but he is still 
using a very difficult mechanism to engender the antimatter production. 
Also, the positrons or other antimatter sources of the negative energy fields 
must remain in the causal (unobserved and non-interacted) 4-state, in order 
to produce negative energy EM fields and potentials and antigravity. 


8.3.11 James Corum et al.: Rectified Slepian AC Force Resonator 
Another example is some promising work by Corum ef al. {536}. We 
quote from the abstract and summary of his paper: 
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"Corum presented an experimental paper on the use ofthe 
Heavisideforce in conjunction with a Slepian antenna as 
aform ofspace drive using nothing more than the 
classical Maxwell stress tensor. Slepian proposed the 
same thing in 1949, but came to the conclusion that it 
would not be useful, since the time average ofthe 
resultant ACforce would be zero. Corum's contribution 
has thus far been two-fold: (1) In conjunction with Dr. 
Alan Barnes of WVU he has experimentally shown that 
the AC version ofthe Slepian Resonating Antenna does 
produce aforce, and has measured it to within 3.6%, and 
(2) has designed a wayfor Hartley's variable capacitor 
rectification to be used with the Slepian resonator such 
that the rectification results in a DCforce component. 
The first experiment has already been achieved, the 
second experiment is the logical next step. If successful, 
the result would be quite revolutionary: a true space 
drive.” 


Our comment is that this unilateral thrust force work is important. In our 
view, the Heaviside energy flow component does not appear in Slepian's 
vector j, which contains only the diverged EM energy flow surrounding a 
circuit or component, but it is present immediately outside the circuit 
where the Slepian vector exists. Hence there is an enormous, extra energy 
flow closely associated with every EM circuit, that is unaccounted since 
Lorentz's closed surface integration of the energy flow vector discarded it 
quite arbitrarily. 


We already know from the Bohren experiment (and thousands of others 
similar to it) previously cited that resonant charges do collect excess EM 
energy from a given EM energy flow input, compared to the collection 
from that flow by the same charges in nonresonant state. In using the 
Slepian resonator and then rectifying its output, it would appear that both 
the diverged (Poynting) energy flow component and the Heaviside 
nondiverged energy flow component are first resonated and then rectified. 
In addition, excess energy is collected — much more than is in the normal 
"static charge" formula assumptions for Poynting energy flow and in 
assuming only a "single pass, single interception and collection" of the 
energy. 


An important factor then is obvious: Once the energy flow is surrounding 
the circuit, there exists a certain local curvature of the immediate external 
spacetime. The rectification represents not only a change in the Slepian 
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vector current in the circuit, but also a change in this local ST curvature 

interaction upon the circuit matter and charges. In short, it should produce 

a DC component in the direct excess interaction of the rectified local 

curvature of spacetime. This should produce excess direct propulsive 
force, just as Corum theorizes and the experiments support to date. 


Further, the oscillation of the large, unaccounted Heaviside nondiverged 
energy flow component involves the oscillation of a "dark energy" 
component that may be orders of magnitude greater than the accounted 
Poynting component's magnitude. By involving this huge energy flow 
component in oscillation and synchronized to the resonant Slepian circuit, 
Corum has unwittingly involved the supersystem as a COP»1.0 EM 
"energy converter" system. Hence, there is appreciable Dirac hole current 
(in causal 4-form) in the local vacuum, not reacted with the materials in 
the system and therefore not converted to material lattice holes attached to 
positive mass. The time rate of changes of the negative energy fields and 
potentials are thus significant for antigravity effects, in the approach taken 
by the present author. In short, we believe Corum et al. are in fact 
producing significant evidence for a workable approach to unilateral thrust 
force. 


This work by Corum et al. thus is highly promising, is solidly based 
experimentally, and certainly bears watching closely. We would strongly 
suggest that Corum ef al, analyze their proposed mechanisms and results 
obtained in terms of supersystem analysis rather than system analysis, 
using higher group symmetry electrodynamics, and recover and include the 
long-neglected Heaviside energy flow component. 
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8.3.12 Gravitec, Inc. and H. Serrano 

A patent {537} was issued to H. Serrano on Oct. 5, 2000 and assigned to 
Gravitec, Inc. whose principal investigator and corporate officer is Tim 
Ventura. Based on this invention, Gravitec, Inc.. has developed and 
demonstrated a rotary device that develops unilateral thrust. Purdue 
University began a small but steady effort to test the unit, first in the 
atmosphere and later under high vacuum conditions. The first tests have 
been successful, and a paper {538} from the Purdue study shows it is not 
the ion wind effect, which is orders of magnitude too small to account for 
the demonstrated thrust. Further, Jean-Louis Naudin has replicated and 
tested the Serrano thruster, and it works beautifully {539}. Ventura also 
hopes to develop a toy kit, with safe power supply, which would allow 
persons to perform their own successful lifter experiments and perhaps 
rotary experiments at nominal cost. 


8.3.13 Transdimensional Technologies, Inc. 

There is also ongoing important propulsion work at Transdimensional 
Technologies, Inc. of Huntsville, Alabama {540}. Founded in 2000 by its 
chief scientist, Jeffrey Cameron, the company has developed several novel 
propulsion and lifting mechanisms. Independent tests of some of these 
systems have been accomplished by Jean-Louis Naudin, and the results 
can be seen on his website (previously cited). 








Figure 8-1 Naudin's replica ofthe Transdimensional Technologies lifter. 


As we go to press, Transdimensional's most recent propulsion effect is 
called Power3 (power "cubed"). It uses an asymmetric capacitor to 
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produce the thrust in space, and the principle has been successfully tested 
in a vacuum. A larger, triangular lifter made mostly of pipe was 
demonstrated in vacuo to NASA officials in Huntsville, Alabama. 
Cameron has patents pending on magnetocaloric hybrid rocket engines and 
asymmetric gravitational waves {541}. A replica of the Transdimensional 
lifter successfully tested by Naudin is shown in Figure 8-1, by courtesy of 
Jean-Louis Naudin. Naudin's replica of the Transdimensional 
Technologies rotational device is shown in Figure 8-2. 





Figure 8-2 Naudin's replica of the Transdimensional Technologies rotational device. 


We understand that new Transdimensional Technologies systems, now in 
patent process and still closely held, represent dramatic advances in the 
state of the art. The corporation foresees eventual commercial licensing of 
some of its developments, and the development of practical lift vehicles 
and space propulsion systems within 3 to 5 years.” 


26 Ken Moore and I personally visited Transdimensional Technologies here in 
Huntsville, and we found a very straightforward, enthusiastic, and hard-working 
group. We were treated with great courtesy, so much so that Jeff Cameron graciously 
cut short his vacation day and came in to show us the lab equipment and give a 
demonstration. We very much appreciate the work that Transdimensional 
Technologies is doing, and we certainly wish this fine group outstanding success in 
their efforts. We also are very appreciative for their courtesy and consideration in 
showing us the demonstrations and for their cogent discussions with us, which were 
most helpful. 
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8.3.14 American Antigravity (Tim Ventura's Company) 


Tim Ventura is a very energetic lifter and antigravity researcher, who has 
done work independently and for others such as Transdimensional 
Technologies. The results of his many experiments and replications, tests, 
photos, etc. are on his website at http://www.americanantigravity.com. He 
also has several videos showing his testing, as well as detailed instructions 
for a researcher to build his own demonstration unit and verify the tests. 
Tim kindly furnished some needed information in this area, and put me in 
touch with other researchers and websites, which I appreciate. 


8.3.15 Jean-Louis Naudin 

Jean-Louis Naudin is a tireless researcher in the fields of COP>1.0 systems 
and processes, and in the field of lifters, inertial thrusters, and possible 
antigravity systems. His website is a cornucopia of information, patent 
references, inventions, processes, and replications or replication attempts 
by Jean-Louis and others who regularly work on such things and 
communicate with him. The website is http://jnaudin.free.fr/. From there, 
one may click on the various parts of the site and on the links to other sites 
to gain a wealth of information on these subjects. 


His lifter work, including successful replications and instructions on how 
to build lifters, can be accessed from http://jnaudin.free.fr/html/lifters.htm, 
and will keep the interested researcher busy for many productive hours. 
We especially commend Jean-Louis for his extraordinarily important 
efforts and for making all this work available to researchers worldwide. 
Once on the site, one is free to choose from a very wide variety of projects, 
subjects, etc. The information value of this site is very, very high. We 
consider Naudin's site to be the single best information site on the web for 
COP>1.0 system information and for the new space propulsion 
methodology and effort. Necessary links to other related sites of interest 
are also provided. 


Good hunting! 


8.3.16 Other Research Work and Inventions 

While we have given a sort of quick overview of work done in this field, 
there have been many other patents filed by numerous inventors and 
additional work done by them. This is a dynamic field and it is moving; the 
biggest problem is that it is still sorely hampered by highly limited funding 
and an attitude by much ofthe scientific community that "ifit has not been 
invented here, it doesn't exist”. 
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In the table in Figure 8-3 below, we list some of the pertinent patent 
numbers for reference, with the emphasis on U.S. Patents. The Naudin 
website previously referenced has a great deal of information on these 
thrusters and lifters, including instructions for building and testing several 
of the simpler proof-of-principle versions. There are links to other sites 
with even more information. Naudin also includes the results of his 
successful replication and testing of a variety of these devices and 
inventions, as well as the successful replication by other experimenters. 
Naudin also gives construction instructions and information on some of 
these, so that independent researchers can build test units and test them if 
desired. 


For those researchers interested in pursuing this area further, we would 
heartily recommend a determined search on the Internet, using Google 
(www.google.com) as their search engine. A good place to start is Jean- 
Louis Naudin's web site, and then run the cross-links. The combination 
will turn up quite an amount of specific material, from which the 
individual researcher can choose which approach and experimental method 
he wishes to pursue. 


Figure 8-3. 
Selected Inertial Propulsion System Patents 


T. Townsend Brown, "A Method of and an Apparatus or 
Machine for producing Force or Motion, British Patent 
300,311, Nov. 15, 1928. 


Norman L. Dean, "System for Converting Rotary Motion 
into Unidirectional Motion," USP #2,886,976, May 19, 1959. 


T. Townsend Brown, "Electrokinetic Apparatus," USP 
#2,949,550, Aug. 16, 1960. 


T. Townsend Brown, "Electrokinetic Transducer," USP 
#3,018,394, Jan. 23, 1962. 


T. Townsend Brown, "Electrokinetic Generator," USP 
#3,022,430, Feb. 20, 1962. 


T. Townsend Brown, "Electrokinetic Apparatus," USP 
#3,187,206, Jun. 1,1965. 


Henry Wallace, "Method and Apparatus for Generating a 
Secondary Gravitational Force Field," USP #3,626,605, 
Dec. 14, 1971. 
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Henry Wallace, "Method and Apparatus for Generating a 
Dynamic Force," USP #3,626,606, Dec. 14, 1971. 


Fernand Estrade, "Device for Transforming Kinetic Energy," 
USP #3,807,244, Apr. 30, 1974. 


Leo J. Novak, "Centrifugal Mechanical Device," USP 
#3,810,394, May 14, 1974. 


Everett H. Benson, "Inertia Engine," USP #3,863,510, Feb. 
4,1975. 


Oscar Mast, "Propulsion System," USP #3,889,543, Jun. 17, 
1975. 


Arthur N. Lehberger, "Centrifugal Propulsion Drive and 
Steering Mechanism," USP #3,897,692, Aug. 5, 1975. 


Howard A. Gaberson, "Vibratory Locomotion Means," USP 
#3,916,704, Nov. 4, 1975. 


Calvin I. Cuff, "Device for Converting Rotary Motion Into a 
Unidirectional Linear Motion," USP #3,968,700, Jul. 13, 
1976. 
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8.3.17 Mechanism for the Antigravity Accelerating the Universe's 
Expansion 

Finally, in addition to sorely needed better means of space propulsion, one 
of the real incentives for antigravity research is provided by the search for 
a source of the now-established mysterious antigravity that is accelerating 
the expansion of the universe. Elsewhere in this book we have advanced 
our own proposal for the mechanism generating that antigravity effect in 
the cosmos. 


Simply put, a very violent astronomical process may be considered a giant 
and very violent discharge phenomena, since it first involves a giant 
excitation followed by a giant release (discharge) ofthat excitation. All 
such phenomena involve strong broken symmetry during the discharge 
itself, with the concomitant strong available of causal 4-sources of 
negative energy and negative energy fields. These processes — in their 
causal unobserved state - do produce locally strong negative energy EM 
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fields from the source causal 4-positrons (Dirac sea holes prior to 
observation as positive mass 3-space positrons having positive energy and 
reverse-oriented). When the unaccounted and very large Heaviside 
nondiverged EM energy flow component accompanying every field and 
particle interaction is accounted, the causal negative "mass-energy" states 
produce strong antigravity fields, particularly considering the lower 
frequencies of many ofthe phenomena. 


With the long-neglcctcd Heaviside nondiverged energy component 
considered and notjust the accounted Poynting diverged component, the 
total amount of negative EM field energy available in these violent process 
is dramatic. Accordingly, just as was the Sweet VTA in its increased 
power and its ELF pulsations, these giant astronomical sources are also 
giant negative "mass-energy" sources and strong antigravity sources as 
well. In short, such astronomical sources produce strong antigravity 
components repelling each other across the universe. Hence the observed 
acceleration of the expanding universe; the violent astronomical 
phenomena are continually "pulsing" the universe with antigravity and 
hence continually accelerating its expansion velocity. 


In 2000, we also published a proposed mechanism for the source of the 
excess positive gravity holding the arms of the spiral galaxies intact {542}. 


8.4 The Author's Engineering Approach to Local 
Antigravity 


See again our discussion under Newton, subparagraph 8.2.1 above, and our 
discussion of a negative field energy extension to it. For a major 
laboratory, we believe that antigravity is straightforward,” if one first 
produces a COP» 1.0 situation in a higher group symmetry 
electrodynamics process. This provides a very strong "displacement 
current" of causal 4-positrons (before parity inversion, time-reversal, etc.) 
as true negative energy "particles" or "states" or "Dirac holes" in the 
surrounding 4-vacuum. The actual "negative mass-energy field" is very 
large, due to the unaccounted Heaviside nondiverged negative energy 
component. Consequently, a substantial antigravity field is established. 


27 However, this is based on the assumption that the lab team first gives up some 
erroneous but widely held misconceptions, and really does a little "thinking outside 
the box" as they are prone to suggest. 
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8.4.1 Sweet Antigravity Test. 

See again our discussion in paragraph 8.3.7. A practical realization of 
antigravity was clearly shown by the Sweet antigravity test designed by the 
present author. See previous discussion under paragraphs 6.3.2 in Chapter 
6, and see again Figures 6-5 through 6-15. 


In Chapter 6, the Sweet vacuum triode amplifier device shown in Figure 6- 
8 had a very large COP = 1,500,000 at 500 watts output with a 33 
microamp, 10 volt operator's input. It had an even greater COP when 
pushed to 1,000 watts output because of only a slightly greater input. 


The Sweet VTA used an induced powerful self-oscillation between the 
local vacuum and the barium nuclei in the barium ferrite magnets. This 
resulted in what is called a "kinetic" magnet (and one magnetized through 
its flat face). In a kinetic magnet, its nuclear magnetic field (in this case, 
in the barium nucleus) is self-oscillating (waving) in an angle about its 
local direction, as shown in Figure 6-6 in Chapter 6. 


The conditioning was performed with the barium ferrite magnet itself in 
forced resonance at its resonant condition (some 11 to 12 Hz, in the case of 
Sweet's magnets). Then the 60 Hz signal was impressed orthogonally to 
the primary direction of the resonant magnet. After conditioning each of 
the two magnets, they were placed together on a separation box, carefully 
keeping the corresponding ends together similar to their original 
orientation during activation, but in attracting mode (through their face) 
across the separator. The assembly itself was then further conditioned, 
again orthogonally to the coupled oscillating fields. This "synchronized" 
the two magnetic self-oscillations and phase-locked them together in a 
common self-oscillation with the local vacuum. 


Similar treatment of the vacuum as a semiconductor, together with self- 
oscillation between vacuum and nuclei, has been advanced independently 
by Prange and Strance {543}, who showed that the vacuum may be 
regarded as a semiconductor. In particular, they showed that the vacuum in 
the region close to the nucleus ofa superheavy element is analogous to the 
inversion layer in a field effect transistor. It is similarly analogous for the 
barium atom, though Prange and Strance do not discuss that element. They 
introduced the concept of the inverted vacuum. Just as a semiconductor 
may be manipulated by subjecting it to external fields, doping etc., it 
appears that so can be the vacuum — along the lines shown by Prange and 
Strance and along the lines demonstrated by Sweet's conditioning of his 
kinetic magnets. 
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8.4.2 Bearden's Proposed Antigravity Mechanism 

Any EM process that produces a COP» 1.0 condition, such as can be done 
in intensely abrupt ionic discharges and other processes, will also produce 
intense causal (4-space) Dirac sea holes in the immediate surrounding 
vacuum. This is the negative energy mechanism, conceived by the author 
in the 1970s and finalized in the 1980s, for producing a negative energy 
causal (unobserved) EM field*”’ in the immediate space surrounding a 
system. The overunity system must be the "source" of that negative energy 
EM field. So the negative energy EM field in surrounding local space is 
"attached" to the mass and energy dynamics of the "unit's supersystem" as 
being its "source or generatrix". Its attachment to the system mass 
produces the antigravitational force upon that mass. 


Negative energy state charges (Dirac holes) are also source charges. Prior 
to observation converting them (as observed) to 3-space positive mass- 
energy positrons with positive energy and going the opposite direction, 
they must be accepted as negative energy source 4-electrons "pouring out 
negative energy" in all directions in 3-space, continuously, via the giant 
negentropy process for source charges. Since they pour out "negative" 
energy, we may consider that negative energy field action at any point in 
3-space to be a continuous absorption of positive energy from 3-space and 
a return of that extracted energy to the time domain as increased time — in 
short, time dilation. 


Either way one considers it, the 4-space Dirac holes do produce negative 
energy EM fields, potentials, and spacetime curvatures and these must be 
accounted during their existence prior to observation and interaction. 
Further, their accompanying giant Heaviside negative energy flow 
component must also be accounted. In other words, do not reverse the 
spatial direction and thus the location and direction of these fields, do not 
turn them into positive energy fields by such reversal of direction, do not 
turn the negative mass into positive mass, and do not reverse the sign of 


28 We strongly stress that the continuous, dynamic, ongoing causal 4-field before it 
interacts with charge and is observed, is a totally different entity from the iteratively 
and continually observed frozen "effect" 3-field in matter after the 4-field has 
interacted with charged matter to produce an observation or "event". The great 
barrier to using electromagnetic fields in practical antigravity application has been 
due to the substituting, in electrodynamics, of the iterative "effect" 3-field of the 
observed positron for the continuous "causal" 4-field of the unobserved negative 
energy 4-electron (the Dirac sea hole). The "effect" 3-field is simply the iterative, 
continual energy gradient of the diverted EM field energy flow around the assumed 
intercepting unit charged particle. 
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the source charge (the Dirac sea hole). All that happens after interaction of 
the Dirac sea holes with matter, forming the usual lattice holes or observed 
3-positrons. 


Therein lies the magic secret ofantigravity. Instead of thinking of the 
fields interacting on the craft or system that is producing them,”” think of 
these negative energy fields interacting upon the local spacetime 
surrounding the craft or system, and curving that spacetime negatively. 
Then think of this negative curvature of spacetime interacting back upon 
the craft or system in general relativity fashion. That is what will and does 
produce practical antigravity upon the interacted craft or system, once the 
Heaviside energy flow component is accounted! But to understand its 
magnitude and the practicality, one must also account for the long 
neglected Heaviside nondiverged component. 


The mechanism is also consistent with general relativity and Wheeler's 
succinct statement that mass acts on spacetime to curve it, and curved 
spacetime acts back on that mass to move it or produce a translation force 
upon it. We are simply applying that fact of general relativity to produce a 
local antigravity effect of a locally curved spacetime upon the source 
system (in this case, the power system itself, which is the source of the 
negative field energy in the vacuum. 


The entire notion of "curvature in spacetime” — and indeed of spacetime 
itself{— is a notion applying before observation and interaction to produce 
the observed effect — 1.e., prior to the d/dt operation occurring upon an 
ongoing 4-space process to produce a momentary frozen 3-space snapshot 
(an observed effect). Think carefully. Wheeler's rule does not mean that 
3-space acts back on the mass (actually on the masstime), but that 4-space 
(spacetime) acts back on it. Spacetime does not exist in the observed object 
after the application of observation's d/dt operation has occurred and until 
a new causal interaction begins. The d/dt operation strips away the time, 


°° The ongoing interaction of the vacuum/spacetime with the source of the 
unobserved 4-fields is their cause, and the observed 3-fields are the effect. The effect 
apriori does not interact upon the cause! So thinking that "one should make a 3- 
field in a craft or system that will interact with it and produce antigravity force upon 
it" is anon sequitur. Instead, one more correctly thinks that "one should make a 4- 
field from a craft or system which will interact with the local spacetime to curve it 
negatively. Then that negative curvature of spacetime is itself a negative energy 4- 
field that will interact back upon the observed craft or observed 3-system to produce 
observed antigravity force upon it. 
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and hence most of the energy (i.e., all the time-energy) of the spacetime 
that is to do the interacting. 


As source charges, the Dirac sea holes — before observation and in their 
vacuum state condition — produce a locally curved spacetime around the 
source unit. That induced (negative energy x time) curvature interacts back 
upon the physical system that is the source ofthe field producing the 
negative spacetime curvature. It specifically acts upon the mass of the 
4-system when it exists as (mass x time) form. That interaction produces 
antigravity force and momentum upon the system, rather than positive 
gravity force and momentum”’”’. Adding negative EM field energy (in the 
causal, unobserved state) is precisely the same as adding extra negative 
masstime, i.e., extra (-m)t, since the 4-field is being used in unobserved 
state. 


Using the principle of superposition of fields™’', the external observer sees 


the "weight" of the unit (the force developed on it by the net gravitational 
field — see again our discussion of the Newtonian approach under 
paragraph 8.2.1 above) — as being reduced. The intensity of the negative 
energyx time (negative angular momentum or negative action) EM field 
(including with the Heaviside component accounted) produced by the unit 
determines the intensity ofthe antigravity produced, and hence determines 
the fraction of the unit's weight”*” that is observed to be "lost". See again 
Figures 6-14 and 6-15 in Chapter 6. 


30 Note that, ifthe Dirac hole interacts with the mass lattice of the system, it 
converts to a "hole" that is attached to the positive mass ofan ion. Hence the 
"observed" positron is said to have "positive mass", which is anon sequitur for the 
state in which the "positron" exists prior to observation or interaction. The lattice 
hole 3-positron and the true spatiotemporal "4-positron as still a negative energy 4- 
electron'" are two very different entities, and their fields and concomitant field 
effects are very different. 


3! Note that identification of spacetime and field in general relativity extends the 
notion of superposition of multiple fields to the notion of superposition of multiple 
curvatures of spacetime. Thus, it is the net superposed curvature of spacetime that 
interacts back upon the physical mass system, to produce gravity (either positive or 
negative, depending on the sign of the net curvature). 


°32 We remind the reader that the "weight" of an object on Earth is a measure of the 
force developed on the object by the (Earth's) gravitational field. "Loss of weight" is 
simply "reduction ofthat net force" due to the combination of the Earth's positive 
(attractive) gravitational field and the Dirac hole curvature ofthe object's local 
spacetime producing a negative (repulsion) gravitational field. 
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At sufficient intensity of this local negative energy 4-field in spacetime 
with the unit as its source, the back interaction upon the unit will balance 
the action of the earth's gravitational field. At that point, the unit will 
hover and "float" against the force of terrestrial gravity.” By further 
increasing the intensity of the negative energy EM field, the unit will 
accelerate upward, now being repelled by the local earth more than it is 
attracted by it. By "angling" the negative energy EM field direction — or 
by producing a second such negative energy EM field from the source unit 
as an "angled add on" superposed on the first one — one also provides 
unilateral propulsion in a given direction. 


As can be seen, all the requirements for a practical antigravity vehicle and 
negative energy propulsion system are met. The only real problem in this 
approach is the requirement to first attain a COP»1.0 EM power system 
at ELF frequencies.” There is, however, an additional problem of 
correcting one's thinking to be along the lines indicated. 


Antigravity becomes straightforward if one first does overunity discharges 
or steady output in a system with COP»1.0 and understands the 
difference between the observed "effect" 3-field and the unobserved 
"causal" 4-field. Sweet's VTA unit had a beginning COP = 1,500,000 at 
500 watts output. The unit was pushed to nearly double its COP, by 
connecting additional load so that the output was now 1,000 watts. The 
additional input draw was minimal. 


Designing the experiment with that in mind, I convinced Sweet to build a 
new output load unit, and to perform the experiment. In advance, I roughly 
predicted levitation of the 6-pound device at about 1500 watts output 
power, by some back-of-the-envelope estimates assuming a 10% efficient 


°33 Sweet later did push the VTA to hovering and upward acceleration, with the unit 


on a tether. After he was shot at by a distant sniper, thereafter he was very fearful 
and refused to show many experiments, including the antigravity experiment and 
particularly its extension to the hover point and upwards acceleration extension. In 
my opinion he had good reason for his paranoia and his fear for his life. 


"4 The reason for ELF frequencies is simple: for the most powerful curvatures of 
spacetime, one wishes to use EM fields whose photons have the greatest total energy 
(including time-energy). That of course is the lower frequency photons, not the 
higher frequency photons. So ELF is the way to go, not gamma rays etc. 
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process. The projected curve (again see Figure 6-14 in Chapter 6) shows 
that levitation would have occurred at about 1250 watts or so.”*° 


Here is why we advocate a Dirac sea hole's negative energy field as a 
practical antigravity inducing mechanism.” At COP» 1.0, there is a very 
appreciable vacuum energy density difference between the operator's 
energy input and the energy output of the system, particularly when the 
Heaviside nondiverged energyflow component is taken into account as 
well as the Poynting energy flow component?°*' There is a production of 
negative EM mass-energy x time (causal Dirac sea holes) in the 
immediately surrounding vacuum. That represents the production of a 
causal, unobserved antigravitational field (curvature of spacetime) with the 
system-associated anticharge as its source. 


Meanwhile, the Earth's causal, unobserved gravitational field is still 
normal and unchanged. Now the two causal fields superpose, and interact 
with the system mass. As seen by the external observer, the net effect is a 
reduction in the weight of the object — the effect of the interaction of the 
system mass with the two superposed causal gravitational fields 
simultaneously. 


Reasoning that increasing the COP ofthe Sweet unit should increase the 
ratio of output negative energy to output positive energy even further, 1 


35 T strongly warned Floyd not to exceed a 1 KW load, no matter what. In the 
resulting local curved spacetime surrounding the barium nuclei in the magnets, it 
appears that magnetic monopoles are deposited or appear. Since these barium ferrite 
magnets were made by pressed powder metallurgy, they had little tensile or torsion 
strength, and under sufficient stress they would explode violently like a 
fragmentation hand grenade. In his little lab (a converted bedroom), Floyd had no 
explosive facility. He did explode several magnets, but while cautiously remaining 
some personal distance from the unit as its output was increased. We warn the reader 
that experimentation with such procedures is at his own risk, and all proper 
laboratory safety precautions must be utilized. 


°36 A provisional patent application has now been filed on the process in 2002. 


°37 Th a nominal circuit, the unaccounted Heaviside energy flow may be up to 10" 
times as great as the Poynting energy flow component. This is a completely 
unaccounted, vast EM energy flow accompanying every field and particle 
interaction. Hence one can understand why such an energy density for a macroscopic 
system with COP»1.0, is sufficient to achieve on a macroscopic scale what 
LaPointe is attempting on a microscopic scale. The total macroscopic scale energy 
density is so great that the required LaPointe microscopic energy density {535} is 
present or approached. 


460 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


calculated that doubling the output ofthe device would result in a 
sufficiently intense negative mass-energy field in the immediate space 
around the unit, to approach or reach levitation of the unit. However, as the 
increasing curvature of spacetime would further increase the deposition of 
magnetic monopoles in the magnets,”** at some point the magnets would 
simply explode like hand grenades ifthe unit were pushed too far. With no 
explosive control facilities available, it appeared that doubling the output 
was the maximum that could safely be done under the circumstances. My 
own estimate showed that 1500 watts output would be required for 
levitation, but one dared not go beyond 1000 watts or one would risk a 
fragmentation explosion and injury or death. 


I convinced Sweet to build a 1,000-watt output load box, which simply 
contained ten sockets for ten 100-watt light bulbs. This was a modification 
to the 500-watt VTA unit shown in Figure 6-8 in Chapter 6. By 
successively installing the bulbs one by one, the load could be adjusted in 
100-watt increments up to 1 kilowatt. 


The foregoing is the reasoning behind how I designed the experiment, and 
the purpose was to show very substantial and smooth weight loss of the 
VTA unit itself. The experiment was performed in that 100-watt 
incremental manner, with highly successful results as shown in Figure 
6-14 in Chapter 6. 


With each 100-watt increase in power output past 500 watts, the fraction of 
negative energy produced was greater. Hence the unobserved 4-positron 
fields (Dirac sea hole negative energy fields) were stronger, because there 
were more unobserved 4-positrons. This meant that the local negative 
mass-energy curvature of spacetime was increased also. 


In turn, this negative curvature of spacetime interacted back upon the mass 
of the VTA to add negative mass equivalent, or more simply, antigravity 
force. The observed weight of the unit was the sum ofthe normal 
gravitational weight (due to earth's gravity curvature of the local 
spacetime), and the abnormal antigravity weight (negative weight) due to 
the antigravity curvature of the local spacetime superposed. So as the 
fraction of negative curvature of spacetime increased, the net weight of the 
VTA was observed to decrease. 


°38 Contrary to popular opinion, one does meet with effective magnetic monopoles in 
a magnetic field — including in the magnetic field of a permanent magnet — in a 
strongly curved local spacetime. The stronger the field, the greater the magnitude of 
the effective monopole charge. 
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As stated, Sweet was performing the experiment on the bench in 
California, and reading the instrumental results over the phone (I was in 
Huntsville, Alabama) where I recorded them. The spectacular results are 
shown in Figure 6-14 in Chapter 6. 


The high COP (corresponds to gain) of energy density present in the Sweet 
VTA system's output section — with a greater percentage of it being 
negative energy — versus input energy one inputs to the input section, is 
what is important. In short, increasing the load effectively increased the 
gain, which further increased the ratio of the negative mass-energy to the 
positive mass-energy. This in turn steadily decreased the observed weight 
of the object. 


Anything outside the system mass of that very high COP system will "see" 
the weight ofthe system mass as having decreased. Weight is just so much 
mass making so strong a net G field (spacetime curvature) in the 
surrounding spacetime. Reduce the net G-field that the system mass is 
normally making (by having it simultaneously make the additional 
antigravity field which then vectorially adds to the mass's normal G-field), 
and the external observer, external scales, etc. will see the object as having 
very much reduced its weight. 


Positive spatial EM energy density of a system makes positive gravity (as 
seen by the external observer in the lab frame) because of the way it curves 
the immediately surrounding spacetime and the way that curved spacetime 
interacts back on the system's mass-energy. Negative spatial EM energy 
density makes negative gravity because it curves the immediate spacetime 
the opposite way. A system under those "high negative energy field" 
conditions will produce a great deal of antigravity, because the immediate 
spacetime surrounding is dramatically curved by the negative energy. That 
was my concept when designing the experiment, and it worked beautifully. 
So that is how the Sweet device reduced its weight on the bench by 90%, 
for a 1 kilowatt total output and minuscule input power {544}. 


If one were dealing with the source in a flying vehicle system, there is 
another effect due to momentum. Note that force F is defined as 

F = dp/ét = +0/0t (mv). That is in a positive energy density local 
spacetime. When an extra negative energy density is added to the local 
spacetime, then there are two forces, a new one being F = — 0/0f (mv) and 
the normal one being F = +0/0f (mv). These forces are created by any 
change in momentum in space containing an extra increment of negative 
EM field energy. 
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If the two forces balance, then there is essentially no net centrifugal force 
produced on the object (or any occupants in it) in a turn. In theory, 
maneuvers that are far more powerful can be made, without undue 
G-stress to any occupants inside. This of course remains to be tested in 
future work and experiments, and so must be taken as a strong hypothesis 
at present. It could be tested, given availability of the proper COP» 1.0 
energy system or process on board a test vehicle. Laithwaite's 
demonstration of the dramatic reduction in force necessary to lift a rotating 
gyroscope compared to lifting the same heavy gyroscope when not 
rotating, may have been a partial test ofthis "inertial resistance decrease" 
effect. 


The Sweet device was the only available COP» 1.0 device which could 
have been used for the experiment. That is why I designed the experiment 
and convinced Sweet to perform it. Had it not worked, much of what I had 
worked out for more than a decade would have been falsified — which of 
course is one of the purposes of experiment: to validate or falsify a thesis. 
In this case, I breathed a great sigh of relief because — in my view — the 
spectacular results completely validated my approach to antigravity, and 
also much of my approach to COP>1.0 systems. 


Sweet was never in a position to be able to go with this to the scientific 
community. The VTA was completely fouled legally, by various 
entangling agreements Sweet had made with different backers, without 
ever changing or resolving any previous agreement. Also, he realized that 
his life really was in danger should he try to take the system openly to the 
scientific community. Consequently, he never tried and in fact adamantly 
turned all further work away from the antigravity effects. 


Aging and rather defenseless, Sweet also began playing all sorts of games 
to prevent having to have the project validated independently, even for its 
COP>1.0 capability. He was mortally fearful of being killed if he had it 
resoundingly validated. He was motivated by the necessity to survive and 
not be killed, and he firmly believed that any such attempt for full 
scientific validation and open publicity would absolutely guarantee his 
quick death. His fears appear to have been well founded. 


His most carefully guarded secret was his activation process for the barium 
ferrite magnets, which he guarded with his life. He also began telling 
different persons all sorts of different stories and "mechanisms" for the 
activation, which were clever ruses and disinformation designed to throw 
them offthe true trail and prevent his activation secret from being 
uncovered. I made a personal videotape of the activation process, or what 
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he released of it, before he began such disinformation. So we do know 
much of the activation process, though not all of it. 


Eventually, with changes in backers yet once again, Sweet died and never 
revealed the full secret of strong self-oscillation activation in permanent 
magnets to anyone. I knew and know part of it, even most of it, but still 
not all of it. What I understand about it has been briefly included in this 
book. From there, the interested researcher must find his own way. 


The VTA was real, my gravitational mechanism is real, and — in my 
opinion — validated. However, it has not been independently validated in 
formal order, which is the proper scientific requirement. I did try very hard 
to convince Sweet that we should take this to the leaders of the scientific 
community and have it independently verified (e.g., by UCLA), but he 
would not hear of it after the assassination attempt. By that time, he was so 
afraid from the constant threats and constant stalkers that he had totally 
decided against any such releases. He also would not permit it to be taken 
to a major scientific conference and demonstrated, even though several 
scientists and engineers knowledgeable and experienced in measurement 
engineering did measure and certify the device's operation. But they were 
never allowed to see it in the antigravity mode. He would not discuss it 
with them, and he would not allow it. 


Sadly, with the death of Sweet there passed away the VTA and its major 
secrets. I regard the VTA as one of the great scientific accomplishments of 
all time, and I regard Sweet as one of the most capable lab experimenters I 
ever met and one of the greatest inventors I ever met. The loss of the VTA 
and the absence of its full, independent scientific testing and validation 
were in my opinion two of the greatest losses to science of all time. 


8.4.3 Discussion 

Particle physicists speak of antimass and antigravitational field, but do not 
speak of anti-electromagnetic field and do not like negative mass. 
Antimass is actually "anti-mass-energy". When did one hear any scientist 
speak of a negative energy electromagnetic field or negative energy force 
field (except possibly as a hypothetical "tractor beam")? Or a negative 
energy electrical or magnetic potential? Yet the EM fields from an 
accumulation of Dirac sea holes (causal state) as a source charge are 
precisely negative energy EM fields. The EM potentials from an 
accumulation of Dirac sea holes are precisely negative energy potentials. 
Further, these fields and potentials produce opposite curvatures of 
spacetime as compared to positive energy causal EM fields and potentials 
from conventional source positrons and electrons. 
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Conventionally, scientists speak and think of the positive energy 
electromagnetic field. In our view, they do not apply the implications of 
the negative energy state part of the Dirac 1930 electron theory {545}, 
because ofa built-in horror of negative mass (and antigravity!). Recall 
again our discussion of Laithwaite; a promising career was cut down in 
mid stride because he "mentioned the unmentionable": antigravity and 
possible failure of Newton's laws (they do fail in a curved spacetime!). His 
exhibiting to the Royal Society a very heavy gyroscope, very difficult to 
lift when placid, but easy to lift with one arm when spinning, was the final 
straw. The British scientific community simply cut him down and 
ostracized him from the rewards and positions he would otherwise have 
been given. 


To conceal the relationship of the negative energy fields, hide negative 
mass, and pretend it does not exist, much scientific effort is exerted to 
consider the positive energy, positive mass positron only after it has been 
observed. So scientists can assign this "observed" 3-positron a positive 
mass and positive energy but with spatial direction reversal. That 
immediately moves to an effect field and an effect positron, not a causal 
field or a causal Dirac sea hole. It effectively eliminates the antigravity 
field of the negative mass ofthe unobserved negative energy Dirac 
electron, which is produced by the causal (unobserved) Dirac sea hole's 
electromagnetic field, not the effect (observed) positron field which then is 
"seen" to have positive mass but with field direction reversed.*” 


The positron is quite a different beast before it is observed, just as is a 

mass (and just as is any other observable, and just as is a field). For one 

thing, the positron before observation and the positron after observation 

have different dimensionalities; the unobserved causal entity is 4-spatial 
: 240 : 7 : A 

and continuous,” while the observed effect entity is continually and 


39 Note also that the causal field, being unobserved, is a 4-field, while the observed 

(effect) field is a 3-field. By reversing the parity, one has made the antigravity field 

into a gravity field, by substituting the effect for the cause and erroneously using the 
old non sequitur ofa separate 3-force acting upon a separate 3-mass. Also, when one 
reverses its spatial direction, one converts a positive gravity field into an antigravity 
field. 


49 Along with Bohm, we point out that — strictly speaking — in 4-space one does 
not have "things", but only "processes". To speak of a "4-space field" is to redefine 
the field as an ongoing process, rather than as an observed frozen 3-snapshot or "3- 
thing". The solution to the long-vexing duality problem is there, but we leave its 
solution to the reader. It is necessary to extend Aristotelian logic itself if one is to 
resolve the duality problem. 
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iteratively 3-spatial. Mass before it is observed exists as masstime, not 
mass. 


Simply consider the delayed choice two-slit experiment and Wheeler's 
famous comment that no phenomenon is a phenomenon until it is an 
observed phenomenon. Once the observation occurs, one can even change 
the "if it had been observed but was not" previous past. One gets the magic 
from the delayed choice two slit experiment without the observation, and 
then by making the observation such that the "magic" is not revoked after 
the fact. The whole experiment proves that, if one insists on applying the 
observation, one kills the magic, even if one thinks the magic has already 
occurred and must have already occurred, but it has not been observed to 
have occurred. 


Causal 4-spatial "things" are not things at all, but are ongoing processes 
and their cessations have not "occurred" to yet produce a "thing"! The 
observed event is 3-spatial and has occurred. It is something in the past, 
not the present. That is different from something ongoing (happening or 
unhappening)™’ in 4-space, before having been observed and therefore a 
frozen snapshot taken in 3-space. As is well known in quantum mechanics, 
observation is a physical interaction and it indelibly changes and stops the 
"ongoing 4-process", converting it to a momentarily frozen "3-thing" as an 
effect of the observation process at that particular instant. So any "thing" is 
continual and iterative, not continuous, in its travel through time, and in its 
"observed existence in 3-space". 


Because of such, physicists also have difficulty realizing that mass — 
being an observable — does not and cannot exist continuously in time. It 
cannot even continuously exist! No observable can. Masstime exists in 
time, but mass does not, as we previously discussed. Observation is a dldt 
operator imposed upon an ongoing 4-space process, destroying the time 


*41 When a frozen instant 3-space snapshot (observable) interacts with a second 
causal process to generate another frozen snapshot (observable), the first observation 
"unhappens" because it is thereby moved into the "past", disappearing from 3-space 
forever. With every change ofan observable (with every observation), even if the 
new effect appears identical to the previous one, it is still a new observable (a new 
effect) where a former effect "seems" to have recurred (been created, happened). 
Even if it is spatially the same as the previous observation output, it is at a different 
point in time and hence is the result of the d/dt observation operator being iteratively 
applied. The serial outputs — even of what we loosely call an "entity existing in 
time with no 3-space change" — are successive and different serial outputs from a 
serial time-differentiating process. 
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portion and producing an instantaneous, frozen snapshot at that instant. 

It's just d/dt (LLLT) => LLL. That is why all observation is 3-spatial, as is 
well known in physics. We long ago pointed out how the common photon 
interaction — the total photon interactions (both virtual and observable) 
with a mass — is what drives the mass through time, so to speak {15}. But 
it does it iteratively, frozen snap after frozen snap —just like 
progressively showing the frames ofa movie film. 


What really has to be changed is the old notion by Heaviside and Poynting 
that 3-energy propagates continuously through 3-space.”” No observable 
can propagate continuously in 3-space, but only in 4-space and then only 
during its nonobservable state! So a "mass propagating through time" (i.e., 
just sitting still and "existing", so to speak) is doing so in an iterative 
fashion by recurring iteratively in observation output at the same spatial 
position. The mass turns to masstime, then to mass, then to masstime, etc. 
Or m; => m)t => m2 => mot => m3... etc. In short, observation 
continually recurs at an enormous rate, so an observable (effect or output 
ofthat observation process) continually recurs at an enormous rate, 
destroying the previous observation as the next one occurs. 





Because of the history of thinking in 3-space terms rather than 4-space 
terms, one of the ubiquitous errors widespread in physics is the 
substitution of the effect (the frozen output of the observation process) for 
the cause (that 4-space initiator process which continuously exists prior to 
observation, hence unobserved). So causes (4-space initiators which are 
unobservable a priori) interact with a previous "frozen 3-space snapshot" 
or observable, to produce a change (either a temporal change or spatial 
change or both) in or to or of that observable (that 3-snapshot) to a new 
observable (3-snapshot). Ifthe object is seen to iteratively change in time 
but not position or form, it is said to "exist" or "persist" at rest 
continuously in time. It doesn't. It continually recurs’ in that form, but 
does not continuously exist in that form! 


*® And also the hoary old mistaken notion that the "same observable thing" can 
continuously exist in time or persist. 


3 More rigorously, the continual recurrence is at the quantum level. So a larger 
mass or other observable actually is a great horde of very small "continual 
recurrences" oftiny incremental pieces of itself. At any time interval of observation 
via observable photons, a vast number of nonobservable (virtual) "continual 
recurrences" occur in the "observed object". In short, the "observed object" is the 
end summation and result of a vast number of infinitesimal changes. Hence the 
entry of statistics and the uncertainty principle. Each one of the infinitesimal 
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The antigravity mechanism has been implicitly present in the Dirac theory 
of the electron since his 1930 paper {497}, where he brought forth the 
Dirac sea and the anti-electron, if the causal Dirac sea negative energy 
states are applied to general relativity before they interact with charge and 
are "observed". General relativity deals with spacetime and spacetime 
curvature. Therefore, it is concerned with causal 4-fields, 4-potentials, and 
4-waves in 4-space prior to observation. 


As we stated previously, there is really no such thing as a "3-space EM 
wave", e.g., as rather strongly pointed out by Romer {546}. 


One can produce and have an EM field of negative EM energy in 
spacetime, coming from the 4-positron charges of the anti-charged mass of 
a system, as well as one can produce and have an EM field of positive EM 
energy in space, coming from the charged mass of a system. But negative 
energy EM fields have been swept away from our minds by interpreting 
the negative energy 4-electron as the 3-positron, after the negative energy 
4-electron has interacted with charged matter (been observed as the effect), 
rather than how it exists in spacetime prior to observation (as the cause). 


So physicists reverse the direction and the charge, and make the mass 
positive, which is how the Dirac sea hole is "seen" after observation. That 
makes it a material lattice hole and a special kind of positive ion. Before 
observation, it is not seen at all, but it exists as negative action (energy x 
time) and therefore in "negative masstime" state form. Before it has been 
observed, it's still there in spacetime, as a curvature of spacetime. It's just a 
negative energy State curvature in the vacuum/spacetime. 


Make lots of these negative mass-energy state Dirac holes from a source 
system, such as one producing a very powerful negative energy EM field, 
and voila! That's it. The system is producing — and surrounding itself by 
— its own negative energy EM field (negative curvature of 4-space), 
which is also its own local antigravity field. That antigravity field 
superposes with the prior local curvature of spacetime, altering it. The net 
curvature of local spacetime is itself a field which interacts back upon the 
mass system to produce "net gravity" whose sign may be positive or 
negative, depending on the sign ofthe net spacetime curvature. Ifthe two 
back-acting curvatures of spacetime are opposite and equal, that represents 
the source object existing in a zero gravitational field, and thus "hovering" 
in the Earth's gravitational field, for example. 


changes may be modeled causally, but since there is no individual information 
available on each one of them, they can only be calculated statistically. 
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The use of negative energy EM fields and Dirac sea holes to alter the 
curvature of the local spacetime in a negative direction provides the 
present author's engineering approach to practical antigravity. Note that 
our approach gathers in the gist of both of the major two approaches to 
antigravity: (1) the shielding theory as typified by Modanese {547}, and 
(2) the opposing force theory as typified by Ling Ni and Torr {548}. The 
opposing force, considered as a field that is identically a curvature of 
spacetime, is also a "gravity shielding" force via superposition of fields. 
We state unequivocally that a theoretical model of the new approach can 
be constructed from Sachs's theory {510}, and implemented in the 0(3) 
electrodynamics of Evans and Vigier {549}. Further, it is a directly 
engineerable theory, without the necessity for superconductivity, spinning 
wheels, etc. as demonstrated by the highly successful Sweet experiment 
previously discussed. 


We quote Evans {550}, on the appearance of the B(3) field in general 
relativity, to indicate the nature of such a future theoretical model: 


"Thave chosen a metric that gives circular polarization 
(as observed), but in the framework of general relativity 
using the irreps ofthe Einstein group according to the 
Sachs theory. This is a closed field theory which is 
analytical, using a Lie group, the Einstein group. As such 
there are no particles, only spacetime curvature, so 
everything in physics reduces to spacetime curvature, i. é. 
to ametric vector and its components. This is then 
incorporated in the Sachs theory to produce a metric 

four-vector which is a generally covariant component ofa 
quaternion-valued metric with sixteen components, the 
most generalform ofthe metric allowed by general 
relativity and topology. The Einstein-Sachs equations for 
electromagnetism are six metrical equations in six 
unknowns, the components ofan antisymmetric field 
tensor ofelectromagnetism. By choosing a metric that 
corresponds to circular polarization, B’ appears 
automatically. 


This method gives the B”) fieldfrom Einstein's theory of 
general relativity applied to electromagnetism by a 
consideration ofthe irreps ofthe Einstein group. It 
follows that whenever the conjugate product 

-gA) xA™” is observed, the B”) field must also be 
observed, otherwise general relativity fails. Examples of 
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the B° field at work are the inverse Faraday effect and 
RFR [Radiatively induced fermion resonance]. " 


Evans and the AIAS have already taken the first theoretical steps showing 
that antigravity does indeed arise from Sachs's theory {551a-551c}. 


We are convinced that practical antigravity only occurs at extremely low 
frequency (ELF) for reasons** explained previously. Certainly that seems 
to be true for our approach to it. The highest "total energy" photon is the 
low frequency photon with low spatial energy and a larger time increment. 
The larger time component has the same energy density as mass. So one 
multiplies the time component increase (in seconds) by roughly 9x10'° to 
get the increase in spatial energy equivalency. Halve the frequency ofa 
photon, and one increases its total energy by 4.5x10'° {552}. 


High energy physicists have not realized that the time component of the 
photon has enormously more energy than the spatial component, and that 
low frequency photons contain enormously more trapped energy than do 
high frequency photons. So they largely ignore the time-energy 
component, focus on the spatial energy component, and erroneously 
consider high energy physics as highfrequency photon physics. Instead, 
present high frequency photon physics is only a high spatial energy 
physics, not a high total energy physics at all. Today's high energy physics 
is really still a very low total energy physics, compared to what can be 
done with the time-energy component of the photon rather than its spatial- 
energy component. By transducing and using the highly compressed time- 
energy, experiments can be done on the lab bench with fairly simple and 
cheap equipment, that actually utilize higher total energy nuclear 
reactions (though at low spatial energy) than are presently obtained in the 
largest accelerators. 


That is also why there is presently no understanding in the conventional 
community of the "low spatial energy transmutations" of cold fusion, 
where the experiments unwittingly use the high time-energy component. 
The scientific community has not even recognized the time-energy aspects, 


44 Dramatic increase in the magnitude of the time-component, hence an enormous 
increase in the time-energy component with only a small decrease in the spatial 
energy component total energy of the photon. The total energy thus dramatically 
increases, when the spatial energy equivalent ofthe time-energy is considered. The 
present conservation of energy law in physics is inadequate because it does not 
account time energy at all; thus completely discards the most fundamental EM 
energy mechanism ofall: the giant negentropy of source charges and source dipoles. 
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and has not recognized that time-energy physics is an ultrahigh total 
energy physics, where the present "high energy physics" is tame by 
comparison. 


The previously unknown time-energy induced transmutation interactions 
are the precursors to, and the opening salvo of, a new ultrahigh total 
energy physics struggling to be born in spite of the adamant opposition of 
the conventional scientific community. Allowing for the time-energy 
component, for the mechanism generating the flow of time, and for 
formation and decay of time-reversal zones, we previously wrote the exact 
new nuclear reactions for the production of the excess deuterium, tritium, 
and alpha particles {553} in numerous cold fusion experiments. We also 
explained the highly anomalous nuclear instrument effects — due to (i) 
time-charging, (ii) the slow decay of time-charge with radiation of 
Whittaker longitudinal waves, each accompanied by its phase conjugate 
twin time-polarized wave, and (iii) the previous time-charge history of the 
instrument. These puzzling anomalies have been observed at U.S. Navy 
research facilities at China Lake now for some years in rigorous electrolyte 
experiments {198}. We summarize that work in Chapter 10 of this book. 


With a little effort and development, practical antigravity appears to be 
straightforward for any good modern laboratory. But the lab physicists 
should first (i) rethink the entire subject, from its very fundamentals, to 
include considering the positron before observation and not after 
observation, (ii) remove the Lorentz symmetrical regauging from 
electrodynamics and recover the presently missing COP >1.0 and 
COP»1.0 Maxwellian systems again, and (iii) rapidly develop COP»1.0 
systems and processes to use in antigravity experiments and development. 
At least in this approach, the COP»1.0 EM systems — once developed — 
are an immediate gateway to practical antigravity devices, unilateral thrust 
propulsion systems, and antigravity vehicles. And of course they are the 
immediate gateway to practical transport vehicle power systems, fuel-free, 
clean, and self-powering. 


Hopefully, such a scientific reassessment will be performed, and it may 
provide the gateway for practical transportation and travel to the ends of 
the solar system and beyond, to be achieved in the first two decades ofthis 
century. 


8.5 In Conclusion 


We have briefly reviewed the presently developing field of inertial space 
propulsion and antigravity, and presented our own approach to practical 
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antigravity as well as an informal experiment that strongly supported that 
approach. We have strongly stressed that the causal field from the system 
as its source constitutes a curvature of the local spacetime superposed upon 
the pre-existing local spacetime curvature. Instead of thinking of that 
causal field from the source system as acting back upon the source system, 
we have stressed thinking of that net superposed curvature oflocal 
spacetime acting back upon the source system and producing a net 
gravitational force upon it. That net gravitational force may be either 
positive or negative, or zero, depending upon the sign of the net curvature 
of spacetime that is interacting back upon the system. 


We presented and explained the results of the Sweet VTA antigravity 
experiment as probable verification of our approach to antigravity. 
Nonetheless, we also emphasized that the formal independent replication 
required by the scientific method has not been accomplished, and it 
remains to be accomplished before the approach is to be considered as 
scientifically validated. 


We believe that this approach to antigravity can be modeled and 
engineered by use of the Evans-Vigier O(3) electrodynamics as a subset of 
the Sachs electrodynamics that is a part of the Sachs unified field theory. 


If so, then tentatively we have laid out the basis for eventual practical 
antigravity systems and a practical antigravity technology. We fervently 
hope that this approach will in fact lead to practical technology and 
working transportation means during the next decade. 


Finally, we hope that these notes and concepts will stimulate many sharp 
young graduate students and post-doctoral scientists to examine, model, 
correct, and greatly enlarge the ideas and principles advanced. If so, then 
the purpose of this chapter will have been realized. 
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Chapter 9 


The Supersystem and Remarks on 
Gravity, Antigravity, and Testing 


"What might appear to be empty space is, 
therefore, a seething ferment of virtual particles. 
A vacuum is not inert and featureless, but alive 
with throbbing energy and vitality. A ‘real’ 
particle such as an electron must always be 
viewed against this background of frenetic 
activity. When an electron moves through space, 
it is actually swimming in a sea ofghost particles 
ofall varieties - virtual leptons, quarks, and 
messengers, entangled in a complex melee. The 
presence ofthe electron will distort this 
irreducible vacuum activity, and the distortion in 
turn reacts back on the electron. Even at rest, an 
electron is not at rest: it is being continually 
assaulted by all manner of other particles from 
the vacuum." [Paul Davies] {554}. 


"Space acts on matter, telling it how to move.. In 
turn, matter reacts back on space, telling it how 
to curve." [Wheeler's principle] {555}. 


"the Aharonov-Bohm effect is a local gauge 
transformation ofthe true vacuum... [which] 
produces a vector potentialfrom the true vacuum. 
[This gauge transformation] produces 
topological charge..., the electromagnetic field, 
which carries energy, and the vacuum charge 
current density first proposed by Lehnert... and 
developed by Lehnert and Roy...""._ [M. W. Evans 
and S. Jeffers] {556}. 


"The energy density ( Eng ) in curved spacetime 


is given in the Sachs theory by the quaternion- 
valued expression 
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.* 
En, = af [1] 


where A,, is the quaternion-valued vector 


potential and j n is the quaternion-valued 
4-current as given by Sachs ...Equation [1] is an 
elegant and deeply meaningful expression of the 

fact that electromagnetic energy density is 
available from curved spacetime under all 
conditions; the distinction betweenfield and 
matter is lost, and the concepts of "point charge" 
and "point mass" are not present in the theory, as 
these two concepts represent infinities of the 
closed-field theory developed by Sachs from the 
irreducible representations of the Einstein group. 
The accuracy ofexpression [1] has been tested to 
the precision ofthe Lamb shifts in the hydrogen 
atom without using renormalization ofinfinities. 
The Lamb shifts can therefore be viewed as the 
results ofelectromagnetic energy from curved 
spacetime." [Myron W. Evans] {557}. 


"Old habits of thought die hard, and it is not 
always easy to remember that aparticle with 
negative mass if pushed to the right will move to 
the left; or that in a given reference frame a 
particle with imaginary mass can have infinite 
speed, in which case its energy is zero." .... ". 
extremely powerful energy sources may occur if 
particles ofnegative mass really exist in nature. 
[Banesh Hoffman] {558}. 


” 


"The observed (3-spatial) positron is a quite 
different entityfrom the unobserved (4-spatial) 
Dirac hole. Its direction has been reversed, and 
its mass and energy have also been reversed. 
Before the 4-spatial hole in the vacuum has 
interacted and been observed, it has negative 
energy and therefore negative mass equivalency, 
as well as negative charge. As a source charge, it 
also is the source ofnegative energy fields and 
negative energy potentials — all in the 
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nonobservable 4-state. " |T. E. Bearden, private 
communication to a correspondent, 2001]. 


"The...visible structure of orthogonal’ I- 
networks possessing coupled open-paths and 
closed-paths represents only an introductory step 
in the development ofa correct topological theory 

for conventional electric networks...An electric 
network is like an iceberg...Its visible portion is 
only a smallfraction ofthe submerged invisible 
structure. " [Gabriel Kron, who developed special 
tensor methods and diakoptics to deal with the 
large number of visible and invisible 
multidimensional p-networks surrounding the 
branches of every electric circuit.] {559}. 





"symmetry implies conservation. Since our 
entire edifice ofinteractions is built on symmetry 
assumptions, there should be as a result a large 
number ofconservation laws. The only trouble is 
that almost all of these conservation laws have 
been violated experimentally. "... "...this difficulty 
could be resolved by introducing a new element, 
the vacuum. Instead ofsaying that the symmetry 
ofall matter is being violated, we suggest that all 
conservation laws must take both matter and 
vacuum into account. Ifwe include matter 
together with vacuum, then an overall symmetry 
could be restored" [T. D. Lee] {560}. 


"One perhaps oversimplified way to deal more 
conventionally with the new unified field 
approach to electrodynamic systems is to utilize 
the notion ofthe 'supersystem', comprised of 
three components: (I) the ordinary EM system 
and its dynamics—conventionally assuming flat 
spacetime and inert vacuum, (2) the local 
nonlinear vacuum and its dynamic interactions 
with the system and with spacetime, and (3) the 
local curvatures ofspacetime and their dynamic 
interactions with the system and with the local 
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active vacuum. In the richfeedforward and 

feedback interactions that result, there emerges a 
dramatic new physics, new electrodynamics, and 
new chemistry including a new biochemistry. This 
is infact a much simplified conceptual approach 
(good to ‘first order’, so to speak) to the 
multinetwork and multipath work of Gabriel 
Kron. It also allows the retention ofsymmetry, 
considered so necessary to particle physicists. 
[T. E. Bearden, private communication to a 
correspondent, 2001]. 


” 


9.1 The Supersystem and Its Considerations 


In classical electrodynamics, the Maxwell-Heaviside-Lorentz equations 
implicitly assume a local flat spacetime and no net action by the vacuum 
{561}. Both these implied assumptions are false. All real EM systems 
involve interactions with both curvatures of spacetime and the active 
vacuum. Yet to try to include both additional interactions requires a 
unified field theory approach, such as that of Sachs {562}. Unfortunately, 
any unified field theory is replete with quite difficult mathematics, little of 
which can be illustrated pictorially or simply. 


What is required — at least for most electrical engineers and applied 
electrical scientists — is a conceptual way of visually thinking about the 
EM system in a way that is consistent with unified field theory to 
something like first order, but which can also be conceptualized easily. 


9.1.1 The Supersystem Concept 

Accordingly, we introduce a new and very simple way of thinking of 
electrical circuits in terms of a unified field theory. We utilize the notion 
of the supersystem, consisting of three components: (1) the EM system 
and its dynamics, considered in conventional fashion (as if the local 
vacuum were inactive and the local spacetime were flat but perturbed), (2) 
the local interactive vacuum and its dynamics, and (3) the local curvatures 
of spacetime and their dynamics. All three components of the supersystem 
interact. This produces both feedback and feedforward functioning; e.g., 
energetic changes in the system produce corresponding changes in 
spacetime curvatures. In turn, the alterations in spacetime curvature 
produce nonlinear changes in the active vacuum, which in turn acts back 
upon the system. So every action in a system produces a corresponding set 
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of feedforward and feedback reactions from and with its complex 
environment, and vice versa.*” 








LOCAL ACTIVE VACUUM 









SYSTEM 













LOCAL CURVATURES OF SPACETIME 





Figure 9-1 The Supersystem concept (block diagram). 


Figure 9-1 shows a diagrammatic illustration of the supersystem concept. 
Figure 9-2 illustrates the effect of the classical EM assumptions of a flat 
spacetime and a locally inert vacuum. As can be seen, the classical 
assumptions arbitrarily discard the interaction effects upon and in the 
system due to the active vacuum dynamics and due to the local spacetime 
curvatures and their dynamics.” 


As stated, all three components of the supersystem interact with each 
other. This is a dramatic change to classical U(1) electrodynamics. Hence 
the total interactions — with the system — of both the active vacuum and 
the locally curved spacetime, and their interactions with each other, are 
more general than either classical EM, general relativity, or the quantum 
mechanical vacuum of particle physics prescribes individually. 


45 We hypothesize that the feedback contains the mechanism generating Newton's 
third law as a restoration of symmetry, but leave that to the master theorists to 
explore and decide. 


°46 As one example, the nondiverged Heaviside component of energy flow — 
previously discussed in earlier chapters — is part of the supersystem activity. This 
flow alters both the local active vacuum and the local spacetime curvature associated 
with an electrical power system and its connected external circuits. Since the 
resulting local "environmental" changes in the supersystem are extensive, then one 
can conceive ways in which these changes can be interacted with additional 
intercepting/receiving systems to produce extra "EM energy from the vacuum". 
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Figure 9-2 Classical EM destroys two-thirds of the supersystem. 


Immediately it can be seen that the concept of energy from the vacuum is a 
"supersystem active and not negligible" concept involving a unified field 
theory approach a priori. It can also be seen that a "system" in equilibrium 
must be in equilibrium with its active environmental exchange — its 
exchange with the active local vacuum and the active local curvatures of 
spacetime. Since energy "exchange" with the system means both incoming 
and outgoing exchange, it follows that the equilibrium system has equal 
incoming and outgoing energy exchange. It follows that the symmetrically 
regauged system has equal incoming and outgoing energy, and so the 
symmetrically regauged system must be in additional stress from two net 
equal and opposite direct interaction forces, one general relativistic and the 
other from the active vacuum. Further, this "equal and opposite" 
equilibrium stress state must be accompanied by equal and opposite 
interaction effects between the two environmental media of the 

system.” 


47 We point out but do not pursue the fact that this is a very important new concept 
associated with coherently changing the symmetrical regauging, which allows a new 
physics, a new electrodynamics, and a new chemistry including biochemistry. For 
one thing, it permits such things as a self-maintained excitation state that 
simultaneously continuously discharges its excitation energy. This is simply a 
redefinition and more general broadening ofthe "source charge" concept. From the 
normal system view (assuming away the vacuum and curved spacetime interactions), 
an "impossible" system state can nonetheless be possible and stabilized, by changing 
the intensity of the Lorentz regauging condition. As an example, new molecules or 
ions can be made and stabilized in an excited state, that otherwise would be so 
unstable that the excitation would decay in a nanosecond with the state disappearing 
also. We believe this alone will lead to a great new biochemistry and medical 
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9.1.2 Time and Space Effects and Positive and Negative Energy 

From curved spacetime considerations, we must include the effects on the 
system, and on the vacuum, of dynamics in the time domain as well as in 
the spatial domain. Indeed, in Sachs's theory space and time do not 
separately exist, but only spacetime. We consider time as highly 
compressed EM energy — as heretofore pointed out, where time is spatial 
EM energy compressed by the factor c” and having energy density similar 
to mass. We must include not only EM energyflow along the time-domain 
(fourth Minkowski axis ict), but also EM force, potential, energy 
oscillations, etc. in the time domain itself. We shall have to deal with time- 
force, time-energy, time-potential, time-energy current, longitudinal EM 
waves in the time domain (time-polarized EM waves), etc. {563}. The 
complexity of the full supersystem analysis is thus easily seen and 
appreciated. In most cases, a higher group symmetry model for a 
particular situation will prove intractable for closed solutions, and 
numerical methods must be used. 


Further, when curved spacetime interacts with the active vacuum, we shall 
also have to consider negative energy currents in the nonlinear vacuum 
itself, as well as in the time-domain. We may also speak of the negative 
energy density in the vacuum as a special kind of negative energy potential 
in the vacuum that is created by a negative energy potential in the time 
domain. We may speak of a gradient in this vacuum negative energy 
potential as a negative energy force or "force in the negative energy 
domain". Applied to the time domain, these concepts constitute a causality 
condition placed on the Dirac sea, in the same vein as more technical 
causality considerations given by Finster {564}. 


9.2 Differences between Effects in COP»1.0 and 
COP<1.0 EM Systems 


In this chapter, we utilize the Dirac hole in a different manner from the 
received interpretation. The received interpretation assumes an electron 
hole in the vacuum, with the hole filled with a negative energy electron 


therapeutic science; one company is already working in this area, with positive 
results. 


*48 We leave to the advanced theorists the connection between this "stable 
equilibrium state under a change in symmetrically regauged stress", occurring as a 
net-force-free intensity change in the conventional Lorentz symmetrical regauging of 
the Maxwell-Heaviside equations. 
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having negative mass, negative energy, and negative charge. In that 
interpretation, when the electron is lifted out of the hole, the hole is said to 
be a positive energy electron with positive mass and positive charge, (i.e., 
when interacted and observed). In short, with reaction one has a complete 
transformation of negative energy into positive energy, negative mass into 
positive mass, etc. In our view, this totally destroys the notion of "how the 
hole exists in the vacuum prior to its interaction and observation". That 
kind of positron only occurs after a physical interaction and observation 
has occurred — in short, the positron exists only after an interaction with 
the Dirac hole has been made, to change the very nature ofthe negative 
energy hole. The positron is the 3-effect of an invoked extra 4-interaction, 
and is not at all the "negative energy electron" or hole as it actually exists 
prior to being interacted and transformed. The positron is a different beast 
from the beast we wish to harness and use. The conventional interpretation 
leaves the question of the unobserved and unreacted "hole" left behind by 
an electron lifted out of the hole, before another interaction is performed 
on the hole to change it. So it is an incomplete accounting (as all 
observations are). 


In our interpretation, the Dirac "hole" in the vacuum is itself the true 
negative energy electron before its interaction and observation. It is the 
"causal" 4-space negative energy electron, while the received 
interpretation is only for the "observed" or "effect" positron. In our view, 
the received interpretation thus leaves out a goodly part (and the most 
interesting part) of the Dirac sea hole. When the negative energy hole is 
filled, we consider the electron in the hole to be a normal, positive energy, 
positive mass electron. Hence the summation of the energy of the filled 
hole is zero, as is its summation mass and its summation charge. This 
accords with the properties of the "normal" vacuum, said to contain a sea 
of such "filled Dirac holes". 


Our purpose is to use emptied Dirac sea holes before their interaction or 
observation, and thus to use them as causal 4-electrons having negative 
mass and negative energy, but where each ofthose quantities is multiplied 
by time. So the hole has negative masstime and negative action. Unless 
otherwise stated, that is our interpretation of a Dirac sea hole, and that will 
be how we use it. This way we avoid having to replace a true negative 
energy, negative mass, positive charge causal (unobserved) 4-electron by a 
positive energy, positive mass, positive charge observed (effect) 
3-electron. We do not just artificially "dispose of" the question of the 
"nature of the hole that is left behind" when the positron is observed. We 
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consider the (hole x time) as the fundamental negative energy 4-electron. 
We will sometimes refer to that as the "4-positron”. 


Normal "forward flow of time" tempic force 
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Figure 9-3 Time potential gradient across a COP<1.0 EM system. 


See Figure 9-3. Ina COP<1.0 EM system, the tempic potential gradient 
(tempic force) is oriented from input to output and on out beyond the 
system. A very slight Dirac hole current moves outward from the output, 
but is immediately "eaten" by the virtual electron flux fluctuations of the 
vacuum in the space immediately adjacent to the output. There is a slight 
Dirac hole current also exiting the system in its losses, but again these are 
immediately "eaten" by the virtual electron flux fluctuations of the vacuum 
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Figure 9-4 Time potential gradient across a COP = 1.0 EM system. 
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See Figure 9.4. In a superconductive system or section, COP =1.0 and on 
the average there is no net gradient of the time potential across the system, 
hence no time-force across it in either direction. Accordingly, one sees 
ready Cooper pairing of charges and formation of excitons. We shall not 
concern ourselves further with the superconductive EM system; such a 
system has not yet produced COP>1.0. 
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Figure 9-5 Time potential gradient across a COP» 1.0 EM system. 


See Figure 9.5. In a COP>1.0 EM system, there is a net tempic force 
across the system from the output section to the input section. However, 
unless the COP» 1.0, the hole current in the local vacuum is mostly used 
up in interacting with the system material and converting to lattice holes 
(lattice positrons). Hence at "nominal" or moderate COP>1.0, except in 
fast pulsed discharges one usually has little to worry about, concerning 
Dirac sea holes in the vacuum, since those readily convert to lattice holes 
as already accounted. One effect of concern is that, if the semiconductors 
in the system are exposed to sufficient extra lattice holes or interacting 4- 
holes, their donor-acceptor arrangement is disrupted, spoiling the action of 
the semiconductors and perhaps destroying them. 


When COP» 1.0 (and even for some COP>1.0 systems), then there results 
a substantial Dirac sea hole current in the local vacuum occupied by the 
system, flowing through the supersystem from the output section back to 
the input section. This is an additional hole current component from the 
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Dirac hole current component converted into lattice hole current.” This 
unconverted Dirac sea vacuum hole current runs through the system from 
the output section back to the input section ofthe system and beyond. If 
not "filled" there in the input section by the incoming input electrons from 
the external power supply, the 4-hole current can and will pass on back 
into the feed line and to the distant external power supply, eating electrons 
and electron current all along the way. Usually semiconductors in the path 
of a substantial 4-hole current will either malfunction or be quickly 
destroyed. 


In the input section and on back into the external power source, the effect 
of the unrestrained Dirac sea hole current’s reaction is to interact and 
convert into lattice holes all along the route, which lattice holes then "eat" 
incoming electrons from the distant power source. Thus, the external 
power source "sees" the hole current as a dynamic additional load in the 
system's input section itself (and in the external conductors leading to it) 
that also must be powered with additional positive energy electron current. 


** Here we wish to recognize the perceptivity of Peter Lindemann, who recognized 
the importance of "cold electricity" in COP>1.0 systems without going deeply into 
the more technical aspects of negative EM energy. As an example, we cite his book, 
The Free Energy Secrets of Cold Electricity, available from Clear Tech, Inc., Box 37 
Metaline Falls, WA 99153, U.S.A. Particularly note his efforts to explain the Gray 
overunity device via the negative energy that can be associated with very strong 
discharges. Gray referred to this appearance of an associated negative energy 
component associated with the normally positive EM energy as "splitting the 
positive pole" (a "pole", after all, involves a stress potential). The Gray engine 
drawing is shown in Figure 5-14, his conversion tube is shown in Figure 5-15, and 
his circuit for the conversion tube is shown in Figure 5-16. As Lindemann explains, 
Gray also apparently succeeded in converting the negative energy into positive 
energy in his conversion element switching tube. Bedini's successful replication of 
the tube along with pertinent lab notes are shown in Figures 5-17, 5-18, 5-19, 5-20, 
and 5-21 by permission. Since Bedini is one of only two or three persons truly 
experienced in converting negative energy into positive energy, his successful 
replication is significant and decisive. Gray's process thus transformed negative 
energy into positive energy, allowing positive energy COP>1.0 self-powering 
systems. Bedini and the present author have filed a joint patent application filed on 
the process explained in this Chapter. We recognize Ed Gray as being a real pioneer 
in the area of COP>1.0 electrical power systems and in energy conversion. His 
pertinent patents are E. V. Gray, "Pulsed Cap. Electrical Discharge Engine," U.S. 
Patent #3,890,548, 1976; "Efficient Power Supply Suitable for Inductive Loads," 
U.S. Patent #4,595,975, June 17, 1986. 
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Aside from destruction of semiconductors etc.,°? the overall effect is to 
increase the draw of power and current from the external source, so that 
the COP» 10 power system is thereby converted back to a COP<1.0 
system! 


The increased power draw due to the Dirac hole current can be remarkable. 
For an external battery power supply, ifthe hole current is sufficient to 
pass on into the battery itself, the battery may charge with negative energy 
while also powering the circuit! A remarkable phenomenon then takes 
place. A battery having been appreciably charged with negative energy 
may appear to be discharged (and so it is, with respect to positive EM 
energy). Yet, it may also continue to power a circuit. Sometimes it will, 
sometimes it won't, depending on the circuit. However, on connecting a 
normal positive energy battery charger to recharge it, the battery 
precharged significantly with negative energy will "eat" positive energy 
for an extended period, filling its localized Dirac Sea holes in its negative 
charge all the while, with the external voltage of the battery not changing 
at all. When all the negative energy holes are filled in the internal vacuum 
environment of the battery, and the negative energy charge is thus 
removed, suddenly the battery will start recharging with the input positive 
energy in anormal manner. 


The batteries in Watson's generator (again see Figure 5-12) exhibited that 
phenomenon. Sometimes in recharging one of his batteries that had been 
extensively used, the battery would "eat" positive energy from the charger 
for a week or more before finally filling up its negative energy charge and 
then recharging normally from that point on. 


The Dirac 4-hole current is nature's decay mechanism for the COP»1.0 
system, sharply bringing it back to COP<1.0. Any successful COP»1.0 
EM system must contain a mechanism for defeating (or transducing and 


°59 As an example, novel effects may also happen in resistors, capacitors, and coils, 
and the effects depend on both the materials and construction of these components. 
A resistor can act as a true negative resistor and cool rather than heat, a capacitor can 
have its current lagging its voltage, and a coil can have its current leading its 
voltage. Mixtures of all three of these effects can happen in each of the three 
components, since each usually has some aspects of resistance, capacitance, and 
inductance. The emf and back emfs in the circuit can also be altered and disrupted 
in a manner varying with the individual circuit and the individual operating 
conditions. Nonlinear oscillations and discharges of negative energy are particularly 
difficult to foresee and understand. Effects in dielectrics may vary widely, as can 
effects in conductors because of their internal impurities, etc. 
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using) this Dirac sea vacuum 4-hole current into its input section and 
beyond. We shall cover that subject shortly. The 4-hole current decay 
mechanism can sometimes become significant for semiconductors in the 
lattice 3-hole stage at COP = 5 or more, though the exact figure varies as 
the type and size of system and the semiconductor type. At COP > 10 or 
so, some systems will frequently begin to ravage themselves back into 
equilibrium with the vacuum, and destroy their overunity performance, 
unless the 4-hole current phenomenon is dealt with. 


Let us recap. We have assumed — to first order — a sweeping 
generalization that COP<1.0 systems exhibit an overall average spacetime 
curvature across the system (from input section to output section and load) 
such that excess positive energy electrons exist in the Dirac sea, without 
any appreciable accompanying excess Dirac sea holes interacting in the 
circuitry itself.*' The slight excess of Dirac sea holes that are generated is 
"swept" forward out of the output section, and "eaten by the vacuum 
interaction" (particularly by the vacuum fluctuations) immediately upon 
exit from the output section. In that case, we do not have to concern 
ourselves particularly with Dirac Sea 4-holes and Dirac sea 4-hole 
currents, or at least they are usually negligible in most cases.” 


For COP» 1.0 systems, however, the overall average spacetime curvature 
across the system — from output section and load to input section — is 
such that Dirac sea 4-holes and their currents do independently continue to 
exist and independently flow in the local vacuum occupied by the physical 
system. Specifically, we shall have to consider the tempic effects upon 
such holes and hole currents, which are oriented from the output section 
back through the system to the input section.” In the COP» 1.0, the 


°5! Tn short, the requisite number of Dirac holes have interacted with and do interact 
with the lattices, converting into the normal "lattice hole" type of positron connected 
with positive mass, positive energy, but slowly migrating around the circuit in the 
opposite direction from the electrons. Here the true Dirac hole current exists only in 
short "hops" from atom to atom as the lattice holes are steadily filled by the 
"hopping" electrons. 


252 As stated, a kind of "hole" phenomena still exists in the circuit, but now as lattice 
holes and currents. Since these are attached to ions each having a mass much greater 
than that of an electron, the lattice hole currents may usually be neglected except in 
semiconductors, where they are taken into account in the very design of the 
semiconductor component itself. 


253 : . 
When we state a concept such as "negative mass" or "negative energy", we have 


conceptualized it as ifobserved. Hence, unwittingly we have made it an 
instantaneous, but iterated, concept. Rigorously, no such thing as mass or energy 
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effect of the increased tempic force is to sweep a Dirac sea 4-hole current 
back through the system from output to input, and even on out into the 
conductors from the external power supply, and on further out into the 
external power supply itself. The 4-hole current continues its "reverse 
feedback into the powering end of things” until quenched by filling it with 
incoming electrons. This conversion of 4-hole current to filled Dirac sea 
4-holes by induction of lattice holes also squelches the concomitant 
negative EM energy fields, potentials, and waves associated with Dirac 
4-holes as sources. ** The reason is that a filled Dirac hole is a dual 
system of two opposite charges, hence produces counteracting positive and 
negative energy fields. 


The "4-hole-eating and filling process" is therefore the exact decay 
mechanism that squelches the natural electrogravitation associated with 
Maxwellian circuits which use Dirac 4-holes and 4-hole currents, negative 
energy fields, negative energy potentials, etc. When the circuit converts its 
free Dirac 4-holes into lattice holes, all electrogravity capability is lost, 
insofar as practicality is concerned. 


For electrical power system purposes, the external environment of the 
COP» 1.0 system furnishes an extra "electrical load" demand upon the 
external power supply, so that the extended system consisting of the 
(external power supply + power system) decays back into overall COP<1.0 
condition and operation. For this reason, any appreciable involvement of 
Dirac 4-hole currents in a COP>1.0 EM power system must be transduced 
into positive energy electron currents, which requires just a special form of 
regauging. One need not confine regauging and gauge freedom to positive 
energy potentials and positive energy fields alone. 


From the vacuum consideration and particularly from Dirac's theory of the 
electron, in COP>1.0 EM systems and circuits we shall consider that the 
Dirac sea 4-holes involve negative energy states (negative mass), and that 
positive energy states involve positive mass. In our approach, we shall 
consider a negative energy state (Dirac 4-hole) in the vacuum as having 


independently exists except at one instant in time. Instead, mass exists in a continual 
iteration of m —> mt —> m —> mt... and energy exists in a continual iteration of 

E—> Et—E—» Ft.... and so on. So during the masstime or energy-time (action) 
state, time and either mass or energy are intimately interactive. See our previous 
discussion in this book of the mechanism for the flow of a mass through time. 


°4 Obviously that kills the antigravity aspects, because it kills the negative energy 
fields that would give negative curvature of local spacetime. 


486 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


negative mass, which means that antigravity can be involved as well.” In 
this treatise, we consider only electron states, thus only negative energy 
and positive energy electron states. 


9.3 Primarily Concerned With Dirac Sea Holes and Not 
Lattice Holes 


We also stress the dramatic difference between a Dirac sea "electron 
4-hole" in the vacuum (prior to observation) as compared to a lattice 
3-hole in a semiconductor or other material component (after interaction 
and therefore after observation). In the case ofa lattice 3-hole, usually the 
"positron" (hole) is attached to an ion, whose mass (i) is very much greater 
than the mass ofan electron, and (ii) is also positive. In other words, a 
lattice hole is just a part of an ordinary positive ion. So the theory of 
"lattice holes" and "lattice positrons” does not primarily apply to the 
situation we are discussing. On the other hands, semiconductors exposed 
to any significant currents of pure Dirac sea 4-holes in the vacuum usually 
react and are nearly instantly destroyed because of the immediate 
disruption of their donor-acceptor arrangement and functioning. 
Interaction (filling the incoming Dirac 4-holes with contributed electrons) 
causes sudden mass disarrangements in their atoms and nuclei and lattice 


°55 We assume that the important thing about mass is its localized energy. Hence we 
associate positive mass with positive localized energy (with respect to the ambient 
energy density ofthe massless vacuum) and we associate negative mass with 
negative localized energy (with respect to the ambient energy density of the massless 
vacuum). In this view, the empty Dirac sea hole has both negative energy and 
negative mass. Note that this differs from the conventional assumption, which 
unwittingly addresses the positron as having been observed, producing a directional 
reversal. The rigorous test of our thesis is that concentrations of Dirac sea holes must 
generate antigravity potential, while currents of Dirac sea holes must generate 
antigravity force. The conventional view, assigning positive mass to the positron 
after observation, would produce gravity, not antigravity, but the force would be 
reversed by the reversed parity after observation. We argue that antigravity has been 
hidden and lost by its parity reversal in the assuming positive mass for the positron 
as ifthat were the mass ofthe positron before it is observed. In an overunity system 
with powerful steady-state Dirac 4-hole currents, the 4-hole currents can be 
differentiated by the cooling (negentropy) effect of the COP»1.0 system—when 
shorted to produce a "current surge" — rather than heating (entropy) effect. The 
magnitude of the hole current (which determines the average presence ofthe hole 
density) can be differentiated by a measurable weight loss in the COP»1.0 system. 
The successful antigravity production ofthe Sweet COP»1.0 device — discussed 
later in this chapter — experimentally verified these hypotheses. 
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bonds. Thus, in the presence of Dirac sea 4-holes and 4-hole currents, 
usually any interacting solid-state electronics of the circuit or system will 
be dramatically affected. For switching in the presence ofholes and hole 
currents, in most cases one may have to turn away from semiconductors 
and utilize mechanical or electro-mechanical switching, although this 
requirement varies with the type of semiconductor, the COP, the system 
geometrical layout, and the subsystem operations and layouts. Sometimes 
semiconductors may still be used ifthey are "brutes", with current 
handling capabilities well beyond what is "normally expected" in that 
circuit. 


9.4 Peculiarities of Spacetime Curvature and Dirac Hole 
Interactions 


When considering the interaction between curved spacetime and the Dirac 
vacuum, immediately we violate the premise that all electron states in the 
Dirac Sea are always filled (which condition we surmise — along with 
Dirac — only exists on the average in a flat spacetime region). In a curved 
spacetime, we can have sustained excess 4-holes in the vacuum, or we can 
have holes that accept an electron falling into them without emitting 
radiation. The radiation-free "pair annihilation" reaction is possible when 
the spacetime simultaneously changes its curvature appropriately and 
thereby "absorbs" and holds the excess EM energy that would otherwise be 
emitted if the spacetime remained flat or decayed back to the flat state.*”° 
So long as that "energy-storing ST curvature" remains, there is no photon 
energy emission. Ifthe "energy storing ST curvature set" has a net 
curvature instead of being flat, and then decays to a flat spacetime, then 
the previously retained energy is emitted as photon energy. 


In that case the reaction provides the conventional emitted pair 
annihilation energy. In that case, the emitted energy may also transform 
into emitted particles in reactions well known in particle physics. 


°56 Rerily, this interaction represents a situation where opposite reaction forces (the 
vacuum upon spacetime, and spacetime upon the vacuum) can create a special kind 
of stress in the system and changes in that stress. This leads to a peculiar kind of 
stress waves (scalar waves — longitudinal EM waves, so to speak) that are not 
covered in circuit theory anywhere. A symptom is that these stress waves react with 
components, amplifiers, preamps, etc. to create electrostatic waves. The effect of 
these waves is seen as the "crawling" of electrostatics all over and in the electrical 
equipment that is in one's laboratory. The effect can readily damage oscilloscopes, 
etc. 
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The normal emission of photons by pair annihilation need not occur, ifthe 
excess decay energy is absorbed and held by the local spacetime changing 
and holding its energy density and therefore (i) changing its curvature and 
(ii) stabilizing in that new excited state instead of decaying back to a flat 
spacetime.” Under such "non-emitting" pair recombination, a Dirac Sea 
4- hole may simply "eat" a free 4-electron, and instead of emitting 
radiation the process simply affects the curvature of spacetime (and the 
state of the local Dirac sea) and changes it accordingly. A new 
"equilibrium state" is therefore reached in the supersystem between the 
opposite forces of the vacuum acting on spacetime and spacetime acting on 
the vacuum.” In other words, we consider change in the curvature of 
spacetime to exhibit EM energy source (emission) or sink (absorption) 
capability, with respect to the nominal ambient flat spacetime and with 
respect to conventional EM interactions.” 


Or simply put, the energy emitted by the combination of positive and 
negative energy in the vacuum may be "locally radiated", "locally 
absorbed", or "locally transferred" to the other local component of the 
supersystem: the local curvature of spacetime. /t is all spacetime curvature 
dynamics. By definition, a flat local spacetime consists of a vacuum with 
all its Dirac sea holes filled. Therefore, if "filling a 4-hole" results merely 


°°7Our view is that in normal pair annihilation this curving of spacetime to absorb 
the emission energy occurs first, and then the new ST curvature decays by what is 
called "emission of photon energy". We regard the photon as a specialized ST 
curvature traveling at light speed. So what is emitted as a photon is in fact the 
formation of a locally structured spacetime curvature (an "engine") traveling at light 
speed. It is a propagating spacetime curvature "engine" or "set of engines". In the 
process we are describing, the emission of the photon is the decay of the locally 
formed ST curvature set. Ifthat set does not decay, the locally formed ST curvature 
set remains and no photon is emitted. 


°8This new kind of equilibrium is extraordinarily important, particularly in 
chemistry, where it will allow the "locking" of impossible combinations of particles 
into strangely stable "impossible molecules" with ongoing "impossible chemical 
reactions". The further discussion of the startling new chemistry that emerges is well 
beyond the scope of this paper, but such chemical states are included in 
nonequilibrium thermodynamics as stationary states — e.g., see Kondepudi and 
Prigogine, Modern Thermodynamics, Wiley, 1998, Chapter 17. At least one company 
has already succeeded in initiating this startling new kind of chemistry, with several 
patents granted and several more in process. Similar new "impossible stabilized 
excited states" and "impossible nuclear reactions" also occur in nuclear physics. 


°° The classical EM assumption of the flat local spacetime is in fact an assumption 
that the decay of the intermediate "ST curvature absorber/sink" occurs instantly. 
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in relaxation ofa set of local ST curvatures back to a flat spacetime, no 
EM radiation need be emitted, contrary to the usual pair annihilation 
phenomenon where additional energy (curvature of spacetime) is involved. 


Similarly, in a ST curvature, there can conceivably be electrons without 
"holes". If the curvature is negative, there will be unfilled Dirac sea holes 
present. Of course this is just a normal positive energy 4-electron, where 
the flat spacetime assumption in classical electrodynamics is in error. 
Instead, the local spacetime is positively curved, producing positive 
gravity. Whenever the energy density of spacetime-vacuum interaction 
changes from the "ambient vacuum and flat spacetime" condition, either 
positively or negatively, that constitutes an appropriate curvature of 
spacetime as well as a change in the vacuum dynamics. Therefore, in 
classical electrodynamics the assumption of a normal electron (or any 
other charge or mass) existing in an uncurved spacetime and an unaltered 
vacuum is anon sequitur. The local spacetime has in fact "curved" to an 
extent of holding the energy of one electron mass.” Further, the Dirac Sea 
has also changed to contain one unfilled and unobserved Dirac 4-hole. 


With these things in mind, let us now introduce a conceptual model for 
dealing with these novel 4-hole phenomena that are experienced in 
COP>1.0 systems — and that have been the bane of many a would-be 
energy researcher attempting to develop a system extracting its EM energy 
from the vacuum and using it to also power the system itself. 


9.5 Charging and Discharging a Capacitor 


In electronic circuits, we usually think of charging a capacitor with 
electrons, and then discharging the capacitor to emit electrons again. 
However, we can charge the same capacitor with Dirac sea holes, or with a 
combination of Dirac sea holes and electrons. Then we can switch the 
capacitor adroitly and force it to give us back electrons. This "regauging" 
effect can thus be used to transduce negative energy current into positive 
energy current. So let us examine the charging and discharging process 
more closely. This is part ofthe Bedini process for handling the 4-hole 


°6° Mostly physicists think only of the spatial energy change. However, the time 
domain of spacetime also acts as a sink or source. Essentially one kilogram of mass 
only has the energy of 1 second of time. Hence the minuscule mass of the electron 
results in such a minuscule "sink" in the time domain that it has been inadvertently 
ignored. However, during that fraction of time where the electron exists as "mass 
time" and "charge time", it has considerable time energy, and that curvature of local 
spacetime cannot be neglected with respect to supersystem interactions. 
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current problem in overunity EM systems, to allow close-looping a system 
into self-powering operation. 





(=) 





Figure 9-6 Normal strain in a dielectric capacitor that charges with electron current 


Figure 9-6 shows the normal strain induced in a capacitor containing a 
dielectric between its plates. We charge the left plate with electrons, which 
repel the negative ends of the molecules in the dielectric, straining them to 
the right. 
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Figure 9-7 Strain reliefin a charged dielectric capacitor that discharges. 


Figure 9-7 shows the relief of this dielectric strain, by allowing the piled 
electrons on the left plate to be pushed back into the circuit from the left 
plate. Note that the electrons emitted in the relaxation of the dielectric 
strain pass back into the circuit from the same plate that was charged. This 
is a special kind of "reflection" symmetry. For a perfect capacitor, the total 


491 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


Vq joules stored in the charged capacitor and drawn from the circuit, is 
returned to the circuit. 
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Figure 9-8 Strain in a diel ectric capacitor supersystem that charges by 
Dirac hole current and lifted Dirac electrons 


Figure 9-8 shows a remarkable thing when we charge the capacitor with 
Dirac sea holes. Suppose we charge the rightmost plate of the same 
capacitor used before, while the leftmost plate is temporarily disconnected 
from the circuit (or connected to another capacitor). Now Dirac Sea holes 
pile up in the local vacuum connected with the right plate. Whether or not 
they interact with the right plate, these positively charged holes attract the 
negative ends of the dielectric molecules, again straining the top of the 
dielectric molecules to the right. The strain of the dielectric is a force 
interacting upon the local vacuum, and it lifts real electrons from the Dirac 
Sea (or pulls them from the circuit or other attached capacitor) and onto 
the leftmost capacitor plate. The charged capacitor in its supersystem thus 
has additional functions that occur. The total Vg joules stored in the 
charged capacitor, were this time drawn (converted) from the applied 
Dirac hole current and the resulting interaction upon the vacuum, to lift 
real electrons onto the leftmost plate.”°! 


°6! The reader should recall that a force is something automatically produced by 
nature to restore symmetry to a broken symmetry condition. A "4-hole negative 
energy force in the Dirac Sea" produced on one plate of the capacitor will evoke a 
"positive energy force outside the Dirac Sea" on the other plate as an attempt to 
restore symmetry. To produce this "positive energy force", positive energy electrons 
are lifted from the local Dirac Sea of that plate. 
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Figure 9-9 Strain relief in a dielectric supersystem that discharges after charging by 
Dirac hole currentand lifted Dirac electrons. 


Figure 9-9 shows the strain relief of the charged capacitor in Figure 9-8. 
First the charged capacitor is re-connected to the circuit or element to 
which one desires to provide with electron current. The strained dielectric 
relaxes, and electrons in the leftmost plate are returned to the circuit. The 
Dirac holes in the rightmost plate discharge back into the local vacuum (a 
supersystem interaction) and are "eaten" immediately by the readjustment 
of local curved spacetime.” 


The result is that the Dirac sea 4-hole current arriving in the input section 
has been intercepted by a waiting capacitor, and has been effectively 
transposed into normal electron current that is furnished back to the input 
section from the capacitor. This additional electron current helps power the 
circuit and reduces the power drawn from the external power source. The 
4-hole current feeding this capacitor, together with transduction of the 
4-hole current into electron current, effectively comprises a true negative 
resistance process. In other words, energy in unusable (in this case, 
detrimental) form is received, transformed into energy in usable 
(beneficial) form, and that usable energy is discharged back into the circuit 
input to assist in powering the system. 


Transducing negative energy into positive energy — and vice versa — in 
the system does not violate the conservation of energy law in the 


26° From experiments, it seems that Dirac holes forming at the "output" section of a 
COP<1.0 device or system are almost instantly filled with electrons in the violent 
fluctuations of the zero-point energy. When forming at the "input" section of a 
COP>1.0 device, this is not the case, and usually the holes can only be filled by 
incoming electrons in the power input, unless special provisions are taken to convert 
the arriving hole current (in the input section) into electron current. 
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supersystem, when most generally stated. With such regauging (which 
involves supersystem reactions), it is the absolute value of the energy that 
is conserved in the system, not its algebraic sign. Regauging (by gauge 
freedom) is after all an effect or condition locally imposed, but with 
appropriate energy exchange with the rest of the external universe via 
spacetime curvature dynamics exchange and vacuum dynamics exchange. 
The algebraic sign is conserved in the universal supersystem by the 
additional compensating reactions occurring in the other two components 
of the universe's supersystem. 


The reader should strongly realize that energy is only required to be 
conserved in the universe's supersystem, not the system component alone. 
Again, this is an open system far from equilibrium with its active 
environment. In that case, energy is conserved in the ensemble of system 
and environment, but not necessarily in the system itself. This is no 
stranger than a common windmill or waterwheel. 
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Figure 9-10 Strain in dielectric in a capacitor supersystem that charges with a mix of 
electron current, Dirac hole current, and lifted Dirac electrons. 


Figure 9- 10 shows a "mix-charging" variant ofthe 4-hole current charging 
of a capacitor, in which some real electrons are fed from the circuit to the 
left plate. Also, the Dirac sea hole current arriving in the input section is 
intercepted to charge the right plate, and some electrons are also freely 
lifted from the local Dirac Sea onto the left plate. Figure 9-11 shows the 
discharge of this type of charging of the capacitor, and the relief of the 
strain in the dielectric. 
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Figure 9-11 Strain reliefin a dielectric that discharges after charging of capacitor 
supersystem with mix of electron current, Dirac hole current, and 
lifted Dirac electrons. 


In Figure 9-11, for example, we accent that the holes on the right plate are 
maintained only so long as there is a net strain on the dielectric and a net 
force across the capacitor. When the capacitor is discharged, the holes are 
discharged into the local vacuum in such a way that they now instantly 
recombine with virtual Dirac electrons in the vacuum fluctuations. 


There are other ways and "tricks" of transducing the Dirac sea hole 
4-current into electron current, but these methods are still proprietary to 
Bedini and will not be included in this presentation. We accent that all 
such "tricks" are actually methods of re-engineering the other two 
components of the supersystem — the active local vacuum and the local 
curvature of spacetime. This is using and applying what we have referred 
to as "engines". 


9.6 The Open-Loop COP>1.0 EM Power System 


Figure 9-12 shows the use of the transduced Dirac hole current as real 
input energy to "catch and lock" a COP>1.0 system in its overunity 
condition and stabilize its operating point for stable self-powering of the 
system and its load. The COP>1.0 operation reverses the normal tempic 
potential across the system, so that Dirac hole 4-current arrives in the input 
section, preparing to "decay" the system back to COP<1.0 condition. 
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Figure 9-12 Open-loop use of transduced Dirac hole current energy as real input energy 
to reduce power input required from the primary power supply. 


However, the arriving hole current is intercepted by an adroitly switched 
dielectric transducer, which again reverses the tempic force. As explained 
above, the capacitor is charged with 4-hole currents (or a mix) and then 
discharges electron currents into the system — in this case, into the input 
section itself— by adroitly engineering the local vacuum state and the 
local curvature of spacetime. 


The input section does not care where it receives its electron current from; 
it merely needs sufficient for its powering needs. Hence, the input section 
happily accepts this transduced electron current to partially power the 
system. This in turn reduces the "system load" that the external primary 
power supply "sees". The primary power supply thus reduces the current 
and power that it is furnishing to the system. In short, now the external 
power supply sees the combination of the normal system load and a 
"negative resistor (negative load)" represented by the transduced current 
and power. Its required input power is reduced accordingly. 


9.6.1 Close-looped System: A True Negative Resistor 

Figure 9-13 shows the use ofthe same process given in subparagraph 9.6 
above and in Figure 9-12, except that now there is additional 4-hole 
current received and available, for transduction into normal electron 
current into the input section of the system. Sensors and governing are 
added to this operational mode, so that the system may adjust and regulate 
its self-furnished electron current to meet the total needs of its losses and 
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its load. The system thus adapts the transduction of Dirac sea hole current: 
to fit its needs and is capable of regulated self-powering operation. 
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Figure 9-13 Close-looping the COP>1,0 system with transduced hole current. 


The system is first started in open-loop mode. The governor then gradually 
increases the transduction of 4-hole current into electron current, and the 
supply of that transduced electron current to its own input. This steadily 
reduces the "current draw" from the external primary power supply. When 
the "external current draw" reduces to zero (the Kron condition), the 
system "locks" into that position, with automatic governing to adjust the 
transduced electron current as the loads and losses vary. At that point, the 
external power supply is disconnected automatically. 


This "locked and governed" system is now a self-powered system, freely 
taking its energy from the active vacuum and local curvatures of 
spacetime, to power both itself and its load. So far as we are aware, this is 
the first time that the technical means of locking and stabilizing COP>1.0 
operation in an EM system in an open loop and closed-loop operation has 
been given. 


If sufficient Dirac sea 4-hole current is available and transduced, excess 
electron current can be available at the system input section, even when the 
system is fully self-powering. In this case, the additional current can be fed 
back to the power line, so that the self-powering system not only powers 
its own load but also helps power the power network. Or additional load 
can be added and powered. 
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We point out that Gabriel Kron apparently had a solution to these 
problems in the late 1930s, and that solution has been suppressed to the 
present day. We give the following quotations to show Kron's knowledge 
of these things. 


Quoting Lynn and Russell {565}: 


"Kron has never published details ofhis method of 
making the polyhedron self-organizing, although his 
published results show that in this state it has some 
remarkable properties, associated with harmonic 
integrals on multiply connected spaces." 


In reference to Lynn and Russell's remarks, we point out that the Dirac sea 
4-hole current from the output to the input is a special case of Kron's more 
general discovery of the multiply-connected open path existing through 
space between any two points in a circuit that are at differing potentials. 


Quoting Kron {566}: 


"_..the missing concept of "open-paths" (the dual of 
"closed-paths") was discovered, in which currents could 
be made toflow in branches that lie between any set of 
two nodes. (Previously —following Maxwell - engineers 
tied all oftheir open-paths to a single datum-point, the 
'ground'). That discovery ofopen-paths established a 
second rectangular transformation matrix... which 
created ‘lamellar’ currents..." "A network with the 
simultaneous presence ofboth closed and open paths was 
the answer to the author's years-long search." 


Again quoting Kron {567}: 


"Although negative resistances are available for use with 
a network analyzer, in practice it is more convenient to 
use a second type ofcircuit, in which the positive and 
negative resistances are replaced by inductors and 
capacitors and the dc currents and voltages are replaced 
by ac currents and voltages of fixed frequency. The use of 
the second type ofinterpretation is equivalent to 
multiplying the wave equation by i= y—I." 


The reader should particularly note that in the first part of the sentence 
Kron stated unequivocally that negative resistances were available for use 
on the network analyzer, a large analogue simulation used by the Navy and 
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administered at Stanford University with the contractor being General 
Electric. The censors missed that one. 


Again quoting Kron {568}: 


"When only positive and negative realnumbers exist, it is 
customary to replace a positive resistance by an 
inductance and a negative resistance by a capacitor 
(since none or only a few negative resistances exist on 

practical network analyzers). 


We believe the censor caught this one, and forced Kron to add the words, 
"none or". Kron had at least three negative resistors, and possibly more. 


Again quoting Kron {569}: 


"Now a value E ofthe negative resistances, at which the 
generator current becomes zero, represents a state at 
which the circuit is self-supporting and has a continuous 
existence ofits own without the presence ofthe generator, 
as the negative resistances just supply the energy 
consumed by the positive resistances. ... When the 
generator current is positive the circuit draws energy 

from the source, and when the current is negative the 
circuit pumps hack energy into the source. At zero 
generator current the circuit neither gives nor takes 
energy, and theoretically the generator may be removed. " 


Here we believe the censor forced Kron to add the word "theoretically". In 
this quotation Kron reveals that he was well aware of the process for close- 
looping a system — starting it in open-loop mode and bringing the 
negative resistor currents up to match the system needs nnd reduce the 
generator current to zero, then disconnect the generator. He also was quite 
aware that excess transduced energy from the negative resistor could be 
available at the input, in which case energy could be furnished back to the 
power network while the system powered itself and its load 
simultaneously. 


We also point out that Dirac's definitive electron theory — covering the 
Dirac Sea and Dirac sea holes — was published in 1930, the year the 
present author was born. In the late '30s and in the 40's Kron certainly was 
well aware of that work. In addition, Kron applied full general relativity to 
electrical circuits and machines, and he was far ahead of his time. His 
work is also still far ahead of the present time, at least in the open 
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scientific community. He also was aware of developments in particle 
physics, and so he did have the gist of the supersystem concept in his mind 
{570}, however he may have thought of it. His concept of the "open path" 
effectively includes the effects upon the system from the other two 
components of the supersystem, so it appears that Kron's "system plus its 
open path" roughly corresponds to our concept of the "supersystem." 


Further, Kron was a mentor to Floyd Sweet, who also worked at General 
Electric but in a different project. Sweet often spoke glowingly of Gabriel 
Kron.” Sweet almost certainly knew the secret of Kron's negative 
resistor. It is the present author's opinion that Sweet's vacuum triode 
amplifier was derived from Kron's negative resistance unit. With both 
deceased, we will never know for certain. 


9.6.2 Suppression of COP>1.0 Systems Should be Investigated 
During our decades of research, we ran across several cases where U.S. 
scientists actually produced working COP>1.0 systems.*™ None of these 
overunity systems was ever allowed to go forward with independent 
development. This is an area that cries out for a full and vigorous 
Congressional investigation, and appropriate legal action should be taken 
by the U.S. government against the suppressing parties, whomever they 
might be {571}. Simply put, the U.S. government, the U.S. taxpayer, and 
the scientific community have been ripped off and deluded in the field of 
electrical energy for more than half a century. That continues to the 
present, as witness the disappearance ofthe Watson generator 
(accompanied by Watson and family breaking off all contact with their 
close colleagues) and the suppression of the Kawai device and process. 
The latter suppression was accomplished in 1996 in the personal presence 
of the present author and the members of the Board of Directors of our 
company, CTEC, Inc. An accidental overunity frequency converter was 
even initially placed in the original Minuteman missile, but was altered 
back to COP<1.0 operation when the electronics past the converter kept 
failing because of overload power furnished by the converter. 


°° ‘The present author worked with Sweet off and on for a decade or more, and 
designed the antigravity experiment that Sweet performed. 


°64 These incidents were previously exposed in a draft book, Matters Arising, carried 
on the Internet for some months and then withdrawn. Some things must wait for their 
appointed time, and so must certain kinds of information. 
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9.7 Remarks on Dirac Sea Holes, Currents, and 
Negative Energy 


The subject of the Dirac Sea, Dirac holes, Dirac hole currents, and 
negative energy still has elements of strong disagreement within the 
scientific community and among leading theorists. Often the "conclusion" 
one reaches depends on the way the starting assumptions are made and 
then on how the mathematics is applied. There is no definitive experiment 
establishing that negative energy cannot exist; to the contrary, many things 
do occupy negative energy states. The binding energy ofthe nucleus, e.g., 
involves a loss of mass (loss of positive energy) and hence involves 
negative energy states, as is well known. Here the "negative mass" effect is 
immediately and experimentally verifiable, and is recognized. The total 
mass of the bound nucleons is less than the total mass of those same 
nucleons when unbound, and this fact is widely known and accepted. 


A single white crow is sufficient to prove that not all crows are black. 
Hence a single experimental proof of mass-energy "loss" and negative 
energy states establishes that negative energy and negative mass are real. 
Indeed, every photon absorption by mass and every photon emission by 
masstime prove the same point universally: mass is a variable. The same 
assembly of protons and neutrons in a nucleus, having lost mass, also has 
"lost" some of the gravity that the positive masses of those unbound 
protons and neutrons would otherwise produce. Therefore, there is an 
appropriate amount of "negative gravity" already acting in conjunction 
with positive gravity, in every atomic nucleus. It is associated with the 
negative energy states ofthe bound nucleons in every nucleus. 


Consistent with the initial quotations and comments at the beginning of 
this chapter, we present an interpretation by which we can understand 
some of the major novel phenomena that arise in laboratory experiments 
with COP>1.0 electromagnetic systems, including COP»1.0 systems. 


We propose that COP» 1.0 EM interactions are widespread in highly 
energetic astronomical interactions {572} and even in highly energetic 
phenomena on Earth, when the supersystem changes are also accounted.” 
We argue that novel negative energy phenomenology — such as 
encountered in the COP>1.0 experiments by Magnetic Energy Ltd. in 


°6 As an example, in looking at sprites and other such sharp electrical discharge 
phenomena, we may be observing the prompt decay of COP» 1.0 interactions which 
were self-initiated in the atmosphere. 
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various versions of the COP>1.0 motionless electromagnetic generator 
(MEG) {573, 574}, by Bedini {575} in his induction of negative resistor 
actions inside the batteries of battery-powered COP>1.0 EM systems, and 
by Sweet and the present author in experiments with the Sweet COP» 10 
vacuum triode amplifier system {576} — is also generated in these 
COP» 1.0 highly energetic astronomical interactions, yielding the same 
kind of negative energy and negative energy currents. 


This Dirac hole negative energy generation of COP» 1.0 EM processes is 
proposed as the mechanism which directly produces the negative energy 
fields and potentials that generate the mysterious antigravity accelerating 
the expanding universe {577}. This is a reasonable assumption, even 
though it is against the received view, because it is based on some 
laboratory experiments, not just theory. It also is the unexpected effect of 
the cosmological constant introduced by Einstein {578}, and it is 
consistent with Zeldovich's demonstration that the energy density 
associated with Einstein's repulsive cosmological constant is — or is 
associated with — vacuum energy.” The received view is not based on 
direct experiments with COP>1.0 EM systems, but only on COP<1.0 EM 
systems. Until the received view is broader based, it does not adequately 
represent nature. Hence it does not represent a valid refutation of 
experimental negative energy systems producing antigravity processes. 


In Bedini's experiments and in the MEG experiments, antigravity is 
essentially absent or so small as to be nearly nondetectable. However, 
these experiments generally have COP of 15 to 4.0, mostly, and 
sometimes 10 or 12 (we have experimented up to 20 or more stably, and 
unstably at nearly 100). Hence the Dirac hole current is relatively small in 
them, since the magnitude of the Dirac current is a function of (COP - 1). 


Sweet's COP > 1,500,000 experiments produced a very large flow of 
negative energy back across the system, substantially curving the local 
spacetime and reducing the weight of the system on the laboratory bench. 
Figure 6-7 shows the first Sweet device, which produced six watts output 
in open-loop operation. Figure 6-8 shows a later Sweet device which 


°66 Believed to have been demonstrated in 1967. But check Ya. B. Zeldovich and A. 
A. Starobinsky, "Particle creation and vacuum polarization in an anisotropic 
gravitational field," Zh. Eksp. Teor. Fiz., Vol. 61, 1971, p. 2161 (Sov. Phys. - JETP, 
Vol. 34, 1972, p. 1159); Ya. B. Zeldovich, "Vacuum theory — A possible solution to 
the singularity problem of cosmology," Uspekhi Fizicheskikh Nauk, vol. 133, Mar. 
1981, p. 479-503. Translation in Soviet Physics — Uspekhi, vol. 24, Mar. 1981, p. 
216-230. 
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produced COP = 1,500,000 and was pushed past that COP to produce the 
antigravity in the laboratory, smoothly reducing its weight by 90%. Figure 
6-9 is a plot of the actual readings taken during the antigravity experiment. 
Sweet performed the experiment in California, reading off the 
measurements to me over the phone as he made each one. 


Another indication of the negative energy effect present in the output 
section of the Sweet device was tested by suddenly shorting the output 
leads. This resulted in instant freezing of moisture from the air, so that the 
leads were instantly frozen and covered with ice. Contrast this to the 
normal heating of shorted wires, where the energy is positive. 


Sweet never revealed his activation process, whereby he initiated very strong 
self-oscillation — of the nucleus of the barium atom in barium ferrite 
magnets — with the local vacuum treated as a semiconductor. One part was 
known to the present author and another part was known to Rosenthal, 

a professional test engineer. In addition, how Sweet converted his 
excessive hole current is not completely clear. It appears that he somehow 
used his coils in quadrature together with special circuitry to interact the 
excess hole current into his magnets, directly with the self-oscillating 
barium nuclei and thence with the other nuclei in his magnets. If so, it 
created the "rough equivalent" of increasing the associated binding energy 
offset and locked with concomitant additional local spacetime curvature. 


Ifthis speculation is correct, he "locked" the nuclei of his magnets to the 
local curved spacetime, maintaining the overall local binding energy in the 
nuclei themselves while producing a great excess of "binding energy" 
(negative energy) in the immediate vacuum. This would explain the 
antigravity, and would be consistent with the experimental results as well 
as the increase in antigravity as the output load of the device was 
deliberately increased. 


We must use the supersystem concept, as in the quoted comment at the 
beginning of the chapter, to enable a better understanding of these novel 
phenomena. Together with the Dirac negative energy production and high 
COP system, the hypothesis of "additional negative energy acting on local 
spacetime immediate to each nucleus” allows the generation of the 
observed antigravity to be understood. However, we accent that this 
mechanism is still a hypothesis, and it must be further substantiated by 
experiment. 


503 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


9.7.1 Lattice Holes 

In a material conductor or other component of an electromagnetic circuit, 
the conventional model envisions currents in the Drude electrons as the 
electrons moving by "hopping" from molecules or atoms in the material 
lattices into the Drude gas, with each hop leaving behind a positively 
charged "vacated electron position" called a lattice hole, orjust a "hole". 
Subsequent Drude electrons are attracted to fall into the holes, etc. This net 
movement of the hopping electrons down the conductor, etc. comprises the 
conventional electron current through the conductor. We point out that the 
actual movement of the electrons in their "hopping" is vastly more 
energetic than the very feeble net "drift" of the overall ensemble of Drude 
electrons longitudinally down the wire as current. The energy of the total 
electron activity ongoing in a simple 1-foot length of copper wire would 
power a city, ifit could all be harnessed and utilized. 


At the same time the electrons hop with a slow net progress down the wire, 
the "holes" in the material lattices are also collectively seen by the external 
observer as if "slowly changing their net positions” longitudinally in the 
opposite direction. One speaks of a corresponding "hole current" or "lattice 
hole current" in the opposite direction to the electron current. However, 
there are subtle differences in the flow of the two currents, because an 
electron in the Drude gas is far more kinetic than the positive ion left 
behind by an electron that has "hopped up into the electron gas". 
Nonetheless, the positive lattice ions do "rock" physically from the 
induced forces upon them, as the holes are opened and filled. In 
conventional electrical power systems, this equal and opposite energy 
reaction in the ions of the lattice materials, induced by the applied fields, is 
usually ignored. In most classical EM power system theory the holes and 
their "composite equal and opposite energy and work in the system" are 
also ignored, except in semiconductors and semiconductor circuits. 


9.7.2 Newton's Third Law Is Accounted in the Supersystem 

Because half the EM energy and work in the circuit is usually ignored 
(e.g., in the Maxwell-Heaviside-Lorentz standard equations), 
electrodynamics is said to be free from Newton's third law reaction. This 
may be a non sequitur, and it follows from the assumption that — for an 
EM wave, field, or potential in space — no interaction exists with the 
active vacuum or with the curvature of spacetime. In fact, those reactions 
do exist in the supersystem. The field, wave, and potential do indeed 
interact with both the quantum mechanical vacuum and the general 
relativistic spacetime. 
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Indeed, the field, wave, and potential may be said to identically be changes 
induced in general relativistic spacetime. The absence of the "transmitting" 
physical system leaves us with the remaining two components of the 
supersystem, each of which extends to infinity. Again, Figure 9-1 shows 
the actual interactions (the supersystem) and Figure 9-2 shows the 
erroneous and arbitrary "kill ofthe supersystem" by standard classical 
electrodynamics. 


When higher group symmetry electrodynamics such as O(3) is applied, 
then the interactions between the three parts of the supersystem emerge 
and must be accounted. This is particularly true of COP>1.0 EM systems. 
However, as Finster points out {564}, the Dirac sea effects exist wherever 
there are EM fields, potentials, and waves. We add that curved spacetime 
effects also exist wherever there are EM fields, potentials, and waves. And 
wherever Dirac sea effects exist, or wherever curved spacetime exists, then 
there the local vacuum and local spacetime interact with each other. 


However, as we shall point out, usually most of the Dirac sea hole effects 
can be neglected in COP<1.0 systems and in most lower gain COP>1.0 
systems because of the time-energy aspects. For COP»1.0 EM systems, 
the time-energy aspects are partially reversed, and instead of carrying the 
hole effects away from the system, the time-force from system output to 
input forces the Dirac sea holes to flow back in the local vacuum across 
the system from its output to its input. This flow constitutes an additional 
"load" appearing in the input section and requiring additional electron 
current from the external power supply to fill the holes. Ifthe power 
supply does not furnish sufficient electrons to fill the hole current at the 
input section of the system, then the unfilled hole current passes back into 
the feeder line toward the external power supply, and even into the distant 
power supply itself. In its progress, it eats incoming current all along the 
way, requiring that more current be furnished by the distant generators. 


9.8 Remarks on the Observed Acceleration of the 
Expanding Universe 


As a candidate for dark negative energy, the present author has proposed 
vacuum negative energy and currents in curved spacetime regions partially 
containing excess empty Dirac sea holes as well as normalfilled Dirac sea 
holes. The process by which these excess Dirac holes are produced has 
been advanced, and is supported by at least one dramatic experiment. One 
result of such "negative energy areas" of negative spacetime curvature 
would be "jumps" increasing the velocity of light and high-energy particles 
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traversing these altered regions of spacetime. In fact, there is some 
evidence for just such jumps, according to a hypothesis by Richard Lieu of 
the University of Alabama in Huntsville {580a, 580b}. Otherwise, high- 
energy particles produced in distant processes in the cosmos would not be 
detected on earth, but would be annihilated in highly energetic collisions. 


The departure of large-scale spacetime from homogeneity would also 
result in some loss of correlation in the presently fitted red shift versus 
distance relationship. Again, there is tentative indication that such may 
prove to be the case. The most distant galaxy recently detected has a red 
shift of 6.56, which — assuming homogeneity of space — implies look- 
back of 14 billion years or so.” (conventional view) Best estimates of the 
age of the universe based on the Big Bang assumption is some 14.7 billion 
years. It would seem that 0.7 billion years is a very short time for that 
observed galaxy to have formed. If even more distant galaxies are observed 
with larger telescopes to become available, then by the redshift 

correlation to homogeneous space one would be observing galaxies "before 
the beginning of the universe" — an obvious non sequitur. It appears that 
the redshift correlation to velocity and distance, as well as the homogeneity 
of space and in fact the Big Bang itself— are already in some difficulties 
and may be in serious trouble in the near future. 


The empty Dirac sea 4-holes in the vacuum are special "Dirac negative 
action quanta” and the holes and their dynamics form negative action 
potentials, currents, and fields. This type of vacuum condition containing 
some empty Dirac sea holes is referred to as a Dirac-polarized vacuum. 


However, we do not envision the Dirac-polarized vacuum as just simple 
static polarization, but as possessing rich dynamics such as negative 
energy currents, potentials, fields, waves, etc. including in the time-energy 
medium in the time domain. We also include the interaction of the 
dynamic Dirac-polarized vacuum with spacetime. 


°°7T_am indebted to Prof. Stanley Jeffers for this information, in his E-mail discussions 
with the Alpha Foundation's Institute for Advanced Study fellows. Dr. David Roscoe 
contributed the fact that the Big Bang theory has so many parameters that nearly 
anything can be "fitted in". But he also pointed out that W. M. Napier, Astronomy & 
Astrophysics, Vol. 310, 1996, p. 353 gives a very thorough analysis of the quantized cz 
phenomenon, which does present a difficult obstacle to Big Bang theory. Napier is the 
originator of the cometary catastrophe theory of biological extinction. One way or 
another, the theory ofthe Big Bang is in trouble, even though many theorists are still 
complacent about it. 
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Due to ongoing COP» 1.0 processes involved in highly energetic 
astronomical phenomena, Dirac sea 4-hole regions and dynamics are 
believed to occur and exist in the vacuum across the observable universe. 
These occur especially in appreciably curved spacetime regions with large 
tempic potential gradients and thus large time-forces across the region.” 
The 4-holes and 4-hole currents in the vacuum are generated in great 
quantity in large cosmic explosions. Also, the energetic fluctuations of the 
local vacuum energy can separate a Dirac hole from its occupying electron 
by lifting the electron (pair production), and so can a curved spacetime. In 
a properly curved spacetime, fluctuation can lift an electron from a hole, 
and enter a stationary state by accommodating reaction of the local 
spacetime curvature. In that case, hole and electron go their separate ways. 
The hole and that or another electron may later recombine, or in sufficient 
local spacetime curvature, they can remain apart. We point out that every 
positive energy electron is accompanied by an appropriate local curvature 
of spacetime that prevents the accoutrement of a free Dirac sea hole,” and 
thus prevents the electron from disappearing. 


The more energetic the local region, the more severe and violent are local 
spacetime curvatures in that region, and — in our view — the more 
frequent the occurrence of COP»1.0 interactions producing significant 
Dirac 4-hole currents, negative energy EM fields and potentials, etc. 
Indeed, the measurements that yielded the accelerating expansion of the 
universe were measurements of the relative velocities existing with stellar 
explosions known as type la supernovae. In our view, in explosions of 
such violent nature — particularly including in optically active gases such 
as where gamma ray bursters form — an appreciable fraction of the hole 
currents are transduced into positive energy electron currents. This 
produces — at least for a finite time — a net positive feedback, self- 
powering COP»1.0 phenomenon, resulting in very rapid asymptotic 


°68 We also conjecture that these regions may account for a tentatively observed 
slight change in the fine structure constant, but leave that to the advanced theorists to 
validate or falsify. 


This needs a bit of modification. Rigorously, the so-called "isolated" observable 
electron is clustered around by virtual positrons (Dirac sea 4-holes) in the vacuum. 
So a positron influence is present, though from virtual positrons instead of 
observable positrons. The magnitude of both the positive charge and the internal or 
"pare" negative charge is infinite. The difference, however, is finite and is the 
"observed" magnitude ofthe observable central charge. There is thus a net observed 
shielding of the bare charge ofthe electron, and this is taken into account to yield the 
observed charge of the electron. 
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output energy increase. This is what we have hypothesized as producing 
the gamma ray burster itself. Quenching of this asymptotic rise in COP 
occurs only after the physical geometry ofthe "closed-looping" gas 
particles is broken a short time later. The maximum output energy is 
determined by a function of the rate at which the geometry is broken and 
the corresponding rate at which damping of the asymptotic rise and 
quenching occurs. The afterglow remaining in the gas is due to the extra 
positive energy produced in it by the transduction of negative energy into 
positive energy during the asymptotic rise of the self-powering burster, 
with excess positive energy being absorbed in the gas while the burster 
magnitude is rising. After damping and quenching, the gas has been heated 
(that is how the geometry was disturbed in the first place, to produce 
damping and then quenching). Re-ignition can occur whenever a new 
close-looping COP»1.0 situation spontaneously occurs. As in the gamma 
burster, this can often happen as the disrupted geometry of the gases 
stabilizes. 


All 3-space EM energy comes from the time domain, as previously 
developed. In the more violent positive energy COP»1.0 regions, there is 
an increased conversion of time-polarized EM energy into 3-spatial energy 
and back. On the average there is a higher "time-energy conversion" or 
"tempic" potential. In those regions, a tempic conversion potential is 
higher at the higher center magnitude of the spatial energy density. Hence 
there are strong tempic forces from "inside to outside", providing a 
"tempic broom" effect to sweep outward the excess Dirac sea holes 
separated from their electrons in the curved spacetime. The result is the 
presence of increasingly unoccupied Dirac sea 4-holes toward the outside 
of violent regions of spacetime, ~”’ until the effect is overcome by the 
decreasing spacetime curvature. The 4-hole current radiating out from an 
asymptotically increasing (exploding) burster provides an asymptotically 
increasing (exploding) negative energy and negative mass reaction with 
spacetime. That reaction explosively creates curved spacetime for negative 
gravity (repulsive gravity), acting upon the local system and upon distant 
masses as well. The result appears to be the cause of the acceleration of the 
expanding universe. 


It follows that re-ignition of the gamma burster can occur if, as the 
quenching continues, the geometry stabilizes and reaches another "close- 


°7 Te., the violent astronomical phenomena — while generating and increasing 
are more violent at the center, and less violent at the outside. 
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looping" positive feedback condition. In fact, just such re-ignition of the 
gamma burster is very often observed. 


Therefore, we hypothesize that the more distant violent astronomical 
regions have greater amounts of repulsive gravity being produced by their 
local Dirac-polarized vacua particularly during their explosive asymptotic 
energy density rise. This produces violent streams or bursts of negative 
energy outflow, which is equivalent to negative mass outflow and which 
provides outgoing negative curvature of spacetime (antigravity). At 
sufficient distance from us, the increasingly earlier, more violent events 
and resulting greater curved spacetime regions have created sufficient 
cumulated Dirac-polarized vacua to override the normal attractive gravity 
between galaxies, etc. and produce net repulsive gravity. This results in 
observed distant acceleration of the expanding universe {581a-581f}. 


9.9 A Solution to the Hole Current Problem and Close- 
Looping 


Bedini and the present researcher have filed a patent application {582} on 
the above special capacitive process to convert or transduce the 
detrimental Dirac sea hole current reaching the system's input section into 
electron current, and put it to use in powering the system. This 
transduction process receives the hole current as a special potential, then 
regauges the "negative energy" potential into a "positive energy” potential. 
This regauging is accomplished by charging the capacitor with Dirac hole 
current and then discharging electron current from it. The transformed 
positive energy potential is then applied to the Drude electrons, producing 
an ordinary electron current in the input that can be used to power the 
system itself. If sufficient excess positive electron current is provided, then 
the system can "feed itself in self-powering mode and also feed power 
back into the main power supply line. 


When conversion of the arriving hole current in the input section produces 
an output "positive energy" electron current equal to the system's normal 
power needs (Kron's condition), the external power supply can be 
disconnected and the system will remain powered by the steadily 
converted negative hole current arriving in the input section. 


Our patent-pending process allows this otherwise devastating special form 
of "negative energy feedback" to be converted into "positive energy 
feedback", allowing the system to be close-looped successfully for self- 
powering of the system and its load. Regulators of the transduction process 
may be added to cover the situation when the load is erratic and changing. 
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At Magnetic Energy Ltd., we have also filed a patent application for an 
outrigger method of close-looping a COP>1.0 system, which greatly eases 
the problem. This method is covered in Paragraph 9-14 below. 


9.10 Negative Energy: Localized and Nonlocalized 


It sometimes appears there are as many views on negative energy as there 
are scientists who mention it. Simply put, the Dirac theory of the electron 
requires negative energy states. The negative energy electron state was 
envisioned by Dirac as a sort of "hole" in the ambient vacuum, where the 
hole could contain a positive energy electron. The combination of equal 
positive energy of the electron and negative energy of the hole itself, 
would give a "normal" vacuum zero state ofthe "filled hole". In other 
words, the normal or ambient vacuum consists of holes filled with 
electrons. Considered in that fashion, such a vacuum is referred to as the 
Dirac Sea or the ambient Dirac Sea, or the ambient Dirac vacuum. 


If positive energy is added to a filled Dirac hole, the electron can be lifted 
out, leaving the hole. Note that adding positive EM energy, e.g., is actually 
the addition of spacetime curvature and dynamics to the Dirac sea vacuum. 
In short, it is a supersystem interaction, not a system interaction. 


In that case, the curvature of the local spacetime interacts upon the 
electron mass, producing a force that lifts it from the hole. The result is the 
appearance ofa positive energy, positive mass electron and a Dirac sea 
hole (a 4-positron) in a curved spacetime. That is known as pair 
production, and it is a supersystem interaction. When a positron and an 
electron meet, the electron falls into the hole, changing the Dirac sea 
which also changes the local ST curvature. That change in local ST 
curvature is a change in the energy density of space, and is normally 
radiated away as a photon or photons as the local curvature decays back to 
a flat spacetime. The emitted radiation may further decay into particles, 
etc. by several reactions well known in particle physics. That 
"conventional" set of supersystem interactions is known as pair 
annihilation. 


If we deliberately change the ST curvature appropriately, however, the pair 
annihilation radiation need not be emitted since the excited local spacetime 
curvature does not decay back to a flat spacetime to emit it. 


Dirac's original paper tried to identify a negative energy state vacuum hole 
as the proton, but later that was falsified and it was taken as the positron. 
There is a very strong aversion in physics to considering negative mass; 
hence, the mass of the positron was proclaimed positive (for many reasons 
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not really connected with our thesis). Nevertheless, some physicists (in the 
minority) still speculate or theorize that negative mass "can exist." Not 
only "can" it exist, but also it does exist widely and one can demonstrate it 
in actual electrical circuits. It certainly exists in the binding energy of the 
nucleons in the nucleus of an atom. Again, a single white crow is 
sufficient. 


We take a very straightforward view: we consider a positron — an electron 
observed with positive mass and "observed" to be traveling backward in 
observer time — to be a different (transformed) entity than a Dirac 4-hole 
traveling forward in observer time.””' The observation operator 
accomplishes both velocity reversal and time reversal, and — since time is 
not an observable, the time reversal is "seen" as a reversal in spatial 
direction. Prior to observation, neither reversal has been imposed. The 
major distinction, we hypothesize, is that the observed positron has 
positive mass in 3-space, which is concentrated positive energy, and 
therefore produces positive energy electrical fields and positive 
gravitational field. Mass is an observable, hence, it is the iterative frozen 
3-space snapshots of an ongoing 4-space process. Observation (and any 
observable) is the effect of applying the operator 0/07 upon spacetime 
LLLT in which a 4-space process is occurring. As we stated earlier in this 
book, our view is that no observable continuously persists (in time), but 
continually and iteratively recurs by the continual ripping of time from the 
ongoing 4-space reaction, to see the 3-space intersection at a frozen 
moment. We also advanced the mechanism that generates the flow ofa 
mass through time, consisting of a mechanism for 0/¢e/ (LLLt) - photon 
emission, converting mt to m — and the mechanism for {, (LLL)dt — 
photon absorption, converting m to mt. 


*7| This point is stressed. The unobserved positron is not identically a positive mass 
electron traveling backwards in time, but a negative mass, negative energy electron 
traveling forward in time. When Dirac theory of the electron was written, broken 
symmetry and the CPT theorem had not been discovered. Further, there was no 
distinction made in the difference between the observed entity (the effect of the 
observation interaction) and the non-observed entity (the cause of the observation 
interaction). 


°? We stress that we are once again confronting the ubiquitous substitution of the 
effect for the cause in classical electrodynamics. The observed positron and the 
unobserved positron are two quite different entities —just as the "cause" of an 
observation is quite different from the "effect" of the observation. 
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We may also consider mass to be condensed 3-spatial energy (say, EM 
energy) compacted by c’. Modern physicists tend to consider the mass- 
energy itselfas the source ofthe gravitational "attraction of mass" rather 
than the mass itself {583}. Let us accept that assumption, but differentiate 
between the observed 3-positron with positive mass and opposite direction 
in positive observer time, and the unobserved Dirac sea 4-hole with 
negative mass and without change of direction in the observer's positive 
time. The 3-positron is an observed effect, while the unobserved Dirac sea 
4-hole is an as-yet-unobserved cause. 


We also surmised that all EM energy in 3-space comes from time, by our 
solution {584a} to the long-vexing source charge problem {68}. In our 
view, we may then consider that the positive energy compressed as 3-space 
mass has been extracted from the time domain of surrounding spacetime, 
via entry of that time-energy into the surrounding 3-space at each 3-space 
point, producing a surrounding spacetime curvature which is known as the 
gravitationalfield. This gravitational field represents "withdrawn" 3-space 
energy from surrounding space, and withdrawn time-energy from the time 
associated with each surrounding 3-space point. 


Hence the gravitational field may be said to consist of "negative energy" 
since it represents /owered energy of spacetime due to the curvature. This 
viewpoint yields results consistent with the received view that the energy 
of the gravitational field is negative. In our view, it is negative precisely 
because it represents "withdrawn energy" from the normal energy density 
of that otherwise flat space. The withdrawn nonlocal energy has been 
localized (as what we call "mass"). Simultaneously that withdrawn 
3-spatial energy also represents "withdrawn energy" from the time- 
domain, since all the withdrawn spatial energy came from the time domain 
in the first place. The result is the curvature change in spacetime, that is 
taken as the gravitational field. 


The 3-space energy comprising the mass is positive because it is added to 
the normal energy of an otherwise flat spacetime, at that concentrated 
locality. 


The "energy in the gravitational field" is negative because it represents 
lowered energy density (i.e., lowered "pressure" in a fluid analogy) of that 
surrounding nonlocal spacetime compared to when that spacetime was flat 


Thus when we add positive energy (a positive energy state) to 3-space, we 
create normal "positive" gravity because "mass" is a process of 
withdrawing some positive energy from the energy density of surrounding 
3-space. 
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Here is the shocker: When we add localized negative energy (a localized 
negative energy state or "4-hole" — or a localized negative mass!) to a 
local 3-space region, we create "negative" gravity (antigravity) in 
surrounding space because the withdrawn energy from the local 3-space 
"hole" must have been added to the energy density of the surrounding 
spacetime, once we apply conservation of energy. Or in other words, the 
surrounding spacetime changed (curved) in interaction to the production of 
the hole. 


If we wish, for simplicity we can just consider localized positive energy to 
generate positive gravitational charge in the surrounding nonlocal 
spacetime. We can consider localized negative energy to generate negative 
gravitational charge in the surrounding nonlocal spacetime. 


This is where our concepts differ from the rather arbitrary way that a Dirac 
sea hole is interpreted in the received view. In spacetime, we try to 
account for the entire energy process and we apply a conservation law by 
including the supersystem interaction in every case. We insist that positive 
energy concentrated in positive local mass must have been extracted from 
surrounding spacetime. ~’* That "negative energy" in the surrounding 
spacetime is what is known as the gravitational field ofthe source mass 
(where the energy was withdrawn to). Similarly, we insist that positive 
energy extracted from a localized region of the ambient vacuum to leave a 
"Dirac sea hole" must have been spread out into the surrounding 
spacetime, where it would properly be known as the antigravitational field 
ofthe source Dirac hole. 


As an analogy in very simple lay terms, the holes associated with a local 
mass system or region involved in COP>1.0 operations create higher 
"pressure" outside the system or region with respect to other objects. 
Higher pressure between any two objects pushes the objects apart. The 
masses associated with a mass system create lower "pressure" outside the 
system or object with respect to other objects. Lower pressure between any 
two objects results in the objects being pushed together by the higher 
pressures beyond them. 


°73 Alternatively, if we add local spacetime curvature, the surrounding nonlocal 
spacetime interacts as mediated by the supersystem changes in all three components. 
What we are saying is that there is no such thing as just a system, vacuum, or 
spacetime change. Any change to one is accompanied by a change to the other two, a 
priori. 
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We submit that this new view provides an exact (and testable) antigravity 
mechanism. It appears to have been validated by the Sweet antigravity 
experiment {576}, which was designed in advance by the present author 
with increasing the local negative energy reaction in mind. 


9.11 Tests Reinforcing the Antigravity Mechanism 


9.11.1 Dirac Sea Hole Current Effects in a COP»1.0 EM System. 

For COP» 1.0 electromagnetic systems, we recall that the temporal energy 
will flow negatively across the system from output section to input section. 
Hence the Dirac sea hole current in the local vacuum flows back across the 
system, from its output to its input section. Regarding the output section: 
Specifically, all COP> 1.0 systems produce both positive and negative 
energy outputs. The greater the COP ofthe system, the greater the fraction 
ofnegative energy produced with respect to the fraction ofpositive energy 
produced. 


The positive energy will flow on out of the system output section (as into 
the external load) as in a normal circuit, but the negative energy output 
will flow from the output section through the local vacuum back across the 
system to its input section. 


At the input section, the arriving Dirac holes appear to the input electrical 
current as a special kind of "load" added to the system input section. 
Hence, as previously stated, the external source must input electrons (as 
electron current) to "fill the holes" prior to having any input electrons 
available to power the circuit in normal fashion. 


That is nature's unexpected overunity decay mechanism for COP>1.0 EM 
systems. The COP>1.0 system is in a condition of disequilibrium a priori, 
since the system exhibits negentropy and only systems in energy flow 
disequilibrium with their active environment can do that. Any COP» 1.0 
EM system is therefore in a highly excited state, and all excited states in 
nature have decay mechanisms. A highly excited state usually has a 
prompt decay mechanism, and the COP» 1.0 system is no exception. 





This emergence ofthe Dirac hole current from the system output section 
back to the system input section, is nature's decay mechanism to trigger 
COP» 1.0 EM systems back into COP <= 1.0. With this current, a 
"negative energy load" is added to the input section, causing the system to 
draw additional electrical power from the external power supply to 
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"power" the killing of the Dirac holes“’” as well as to "power" the normal 


circuit (the system itself). 


Ifthe external power source connected to the COP»1.0 system is not 
furnishing sufficient electron current to kill the hole current in the input 
and power the system as well, the excess hole current will pass back 
through the conductors and on into the external power source, "eating 
current" and power as it goes. The product of the hole current and the 
voltage gives a negative power imposition, wherever the hole current 
interacts with the power system and its external power supply, even back 
into the distant huge power generator in the distant power plant. For a 
battery-powered circuit, e.g., excess hole current will pass into the battery 
and discharge it (change its chemistry in discharge mode) more quickly. 


Indeed, a lead-acid battery (and some other kinds as well) can be 
supercharged with Dirac holes. What this actually means is that the local 
vacuum — in which the battery and its components and chemistry are 
embedded and in a continual exchange with — is altered to increase the 
number of empty Dirac sea holes devoid of electrons. At the same time, 
the local spacetime is also negatively curved. The end effect is that the 
battery is charged with negative energy, rather than positive energy. We 
propose that a battery or capacitor possessing an extreme negative energy 
charge should be lighter in weight than the same capacitor when 
uncharged. 


As previously stated, some years ago, Jim Watson developed a very large 
multi-kilowatt COP>1.0 battery-powered generator, publicly 
demonstrating it at a technical conference (see again Figure 5-12). 
Engineering measurements at the conference verified that the batteries 
were constantly charging while the load was constantly powered at 8 
kilowatts. 


The longer Watson's system would run, the more charged his batteries 
became with negative energy. After one of his batteries had been used for 
a couple of weeks in extensive experiments, one could obtain a most novel 
effect when it was placed on a normal "positive energy" battery charger. 
The battery's excess "Dirac hole charge" or "negative energy charge" 
accumulated in its local vacuum would "eat positive power and electrons" 
from the battery charger for an extended period, sometimes as long as a 
week, with no symptoms of "charging" the battery at all (no increase in 


°74 By converting separated incoming electrons and incoming holes to resulting filled 
Dirac sea electron holes, in the input section itself. 
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battery voltage at all). During this period, the battery charger was indeed 
recharging the battery supersystem. It was filling the excess Dirac sea hole 
charge in the vacuum with the steadily supplied electrons. In the process, it 
was gradually relaxing the previously formed negative spacetime 
curvature.””> When all the Dirac holes were filled, the relaxed spacetime 
then was relatively flat (normal) as was the local vacuum, and suddenly the 
battery would charge-up normally again with positive energy, with its 
voltage increasing in quite normal fashion.’’° 


With tongue in cheek, we point out to the COP>1.0 researcher that these 
effects are not described in the available storage battery manuals, no 
matter how technically they are written. To the electrical engineer, we 
point out that they are not in his textbook. 


Whenever Dirac sea holes have accumulated in the input area of the 
COP>1.0 system and are being filled by the external power supply, normal 
ammeters and voltmeters will only "see" that the external power system is 
furnishing more current. That is true, because the holes are an additional 
load being powered. The holes "eat incoming electron current and power", 
and require the external power supply to "power the killing of the holes" as 
well as "power the system”. 


The unwary overunity experimenter can successfully have the first phase 
of an overunity system working and not realize it, because his initial COP 
is too high and he does not know about the associated hole current decay 


°15 ‘This proves that a system's supersystem can indeed be negative-energy-charged, 


so that the local spacetime around that system is negatively curved, even though the 
system itself seems normal and functions normally. Ifthe negative energy charge is . 
sufficient, conceivably the antigravity produced will be sufficiently great that the 
system itself "floats" or even levitates. We hypothesize that an intense negative 
energy beam can indeed be technically created which will accomplish this "negative- 
energy-charging of the supersystem" effect when continuously absorbed by a 
targeted system's local spacetime supersystem component, as the system is 
continuously irradiated by the beam. In that manner, levitation beams, tractor beams 
(both attracting and repelling) are at least hypothetically possible. If this proves to be 
a valid hypothesis, we foresee the day when such beams will revolutionize 
transportation and handling of otherwise heavy loads and very heavy systems. Even 
the heaviest vehicle could then negatively charge its own supersystem's local curved 
spacetime, thereby floating in the earth's gravity, in the atmosphere, in space, and 
under the ocean. 


°76 We deliberately omit discussion of the extraordinary all-purpose weapons 
implications of negative energy electromagnetic pulse (EMP) directed energy 
weapons, already developed and deployed by several major nations. 
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of overunity systems back to underunity systems. His system may actually 
be at COP>1.0, but the negative energy component being produced in his 
output section is back-flowing and continuously degrading his input 
section by adding a "new load" right in the input section. 


So his overall power draw from the external power source can be such that 
his positive power output in the load is less than his total power draw at 
the input of his system. Unless he is aware of the process and how to 
handle it, he may never realize that his system is actually at COP>1.0 
condition, when the negative energy component is credited as an output 
"plus".?7 COP>1.0 research starts by evaluating the absolute value ofthe 
output energy, then working from there! The experimenter must be ever 
aware that he can and will have Dirac sea 4-holes and currents in any 
unitary COP>1.0 electrical power system, and particularly in those with 
very high COP. He must understand what the 4-hole currents and the 
negative energy actually do and how they function in the overunity system 
unless corrected. 


Any COP»1.0 EM system demonstrates the Dirac sea 4-hole current 
phenomenon as nature's special decay mechanism to reduce overall 
performance of the COP»1.0 power system and its external power supply 
to COP < 10 — unless one corrects the problem and prevents the decay 
process (developed later in this chapter). 


One symptom of the negative 4-hole currents is their cooling capability 
rather than heating. Another is that the excess current (and power) drawn 
from the external power supply also does not heat the input section of the 
system. Another is that semiconductors operating within the Dirac 4-hole 
current flow are likely to fail immediately and permanently. 


We strongly suggest that, for high COP systems experimentation, the 
experimenter use a system of synchronized clocks where the lab clock is 
synchronized with a remote clock prior to the experiments, then the two 
clock times are examined after significant experimentation at COP» 1.0. 
If deviation beyond normal error in synchronizing occurs, then the 
involvement of spacetime curvature effects is indicated. Two decades ago, 
anomalous experiments by Golden — with whom I was working at the 
time — charged the area with negative energy, producing a significantly 


°771 Ty other words, in the presence of both positive and negative energy output, true 
COP is not "positive energy out" divided by "positive energy input by the operator", 
but is more appropriately "total absolute value ofthe energy output" divided by the 
"positive energy input by the operator". 
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curved local spacetime which disrupted local clocks and watches for four 
days as the charge gradually decayed away. Another indicator is that 
Geiger counters and other nuclear radiation detectors often "read" when 
bathed in vacuum 4-hole current, because of the ionization changes 
induced in them and also because of their individual previous "time- 
charge" histories. After all, ionization instruments "read" anything which 
causes ionization of their internal gases. Dirac sea hole current, if 
interacting with the gas, is in fact a very special new form of "ionizing" 
radiation. 


9.11.2 Antigravity Hole Current Effects in a COP»1.0 EM System. 
Any COP>1.0 EM system can exhibit minor, usually barely detectable 
antigravity effects due to the presence of the negative local energy 4-holes 
in the hole current ifthe hole current is not transduced or corrected. It can 
also produce minor antigravity "thrust" due to the flow ofthe local energy 
holes. Usually these effects are not even noticeable in an overunity system 
unless it has very high gain (very high COP, say in the range of 10° to 10° 
or more.). 


However, ifthe EM system's COP » 1.0, and reaches 10° to 10° or more, 
the antigravity and thrust effects may become significant and easily 
detectable. At 10° they become highly significant and are very detectable: 
The unit will lose appreciable weight on the laboratory bench, and may 
even levitate easily. 


An example is provided by the Sweet vacuum triode amplifier discussed 
above, with the results that were given in Figure 6-9. Such effects are also 
what generate the anomalous levitation phenomena of free-spirited John 
Hutchison.” 


9.11.3 Negative Energy Effect When Leads Shorted 

When the leads of a COP>1.0 EM system are shorted, a noticeable cooling 
effect can sometimes be detected. If COP»1.0, shorting the leads will 
result in instant icing from the water vapor in the surrounding air. 


If one accidentally shorts oneself across the leads of a COP»1.0 system, 
the effect is to freeze the nerves along the pathway of conduction. 
Experimenters are cautioned to use every safety precaution. Their 
experimentation is at their own assumed risk. 


°78 John Hutchison, "The Hutchison Effect apparatus." Proc. Intl. Symp. New 
Energy, Denver, Colorado, May 12-15, 1994, p. 191-198. 
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Anecdotally, some older researchers reported that their constant handling 
of overunity circuits resulting in charging their bodies, apparently with 
negative energy. The body after all may be considered as a special kind of 
complicated capacitor or set of capacitors, so this is reasonable, based on 
Bedini's and Watson's demonstrated negative energy charging of a battery. 
Some of the older overunity researchers reported that, after charged in that 
manner, they could produce a 3-inch spark from their fingers, or a "slight 
shock" into the body ofa person they touched. 


There is even a special form of acupuncture in the East in which the 
practitioner uses special exercises to charge the body with negative energy 
in this fashion. The "electro acupuncture" is then administered by the 
operator twirling the inserted acupuncture needles between his fingers, and 
deliberately administering a jolt of negative energy from his body into 
selected points in the body. I have personally tested a person who could 
deliver strong "electric shocks" into one's hand or body, and who could 
consistently produce a 1-inch spark discharge between the hands at will. 
That person could also deliver a very astonishing "jolt" to one's body, 
particularly in the vicinity of the liver. 


There appear to be similar rare negative energy phenomena in 
semiconductors {585a-585c}. Anecdotally, it appears that the body does 
have structures or methods of storing and using Dirac sea holes (negative 
energy) and mechanisms for accessing the negative energy charged in its 
supersystem. This is suggested as a fruitful line of future research for 
interested biophysicists. Again, we call attention to the fact that, whenever 
EM fields, potentials, and waves are present, Dirac sea effects are also 
present and involved. Little or no biophysical experimentation has been 
done utilizing higher symmetry electrodynamics and analysis of the 
supersystem effects. Contrary to the received view, the understanding of 
EM effects on biological systems is not mature at all, but is still in its 
infancy. 


9.12 Susceptible Unitary System without Conversion of 
Dirac Sea Hole Current 


A unitary system is simply a self-contained single power system with an 
overall closed current loop between the source dipole and system loads and 
losses. A unitary system is contrasted to an array system of synchronized 
separate power subsystems without a common closed current loop, with 
the array subsystems connected to the source dipole by energy 
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transmission-reception only. Hence the array system utilizes the Kron open 
path concept. 


Beginning at about COP = 1.2 to 1.5, a few highly susceptible unitary 
COP>1.0 electrical power systems will experience significant Dirac hole 
current from output to input. This will produce a "negative energy load” in 
its input section and feed line from the external power system, resulting in 
decay back to an overall "system plus negative energy load" of COP<1.0. 
At the COP = 2.0 level, in the susceptible system the effect will forcibly 
decay the COP back down to overall COP<1.0. It does this by forcing 
excess power to be furnished by the external power system to "power" 
(fill) the Dirac hole current arriving in the input section of the power 
system. In short, it converts the system to a composite system containing 
an additional Dirac negative energy load in its input section. 


Or in other words, it forces the operator to "pay" for both the positive 
energy output and losses of his system and the negative energy output and 
losses of his system. 


In addition to usual powering of its load and losses, such a system is also 
"powering" the return of its own locally altered vacuum back to a more 
normal ambient vacuum, instead of stabilizing its supersystem in a 
stationary disequilibrium state. It is a supersystem interaction and effect. A 
COP>1.0 system that significantly exhibits this phenomenon is said to be a 
"susceptible" system. 


One of the first tasks of the COP>1.0 experimenter is to ascertain whether 
he is working on such a highly susceptible COP> 10 system. Ironically, he 
does this by observing his COP>1.0 system kick itself back into a 
COP<1.0 system. Ifhe carefully observes the initial COP>1.0 condition 
followed by decay into COP<1.0 condition, he must then realize that not 
all is lost! In short, he must realize he has developed a susceptible system. 
Ifhe obtains COP>1.0 only to watch it subsequently decay back to 
COP<1.0, he has just discovered he is working on a susceptible COP>1.0 
system, and that is experimental progress. He isn't there yet, but he is en 
route. In that case, he must concentrate on transducing the excess hole 
current into usable electron current, to "stabilize" and "lock" his system in 
its COP>1.0 operating condition. 
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9.13 Unitary System with Conversion of Dirac Sea Hole 
Current 


Using the Bedini conversion process, a unitary system can be close-looped 
to maintain COP> 1.0 and stable overunity operation. The 4-hole current 
reaching the input section is intercepted by the Bedini mechanism, and 
transformed to ordinary electron current furnished to the input section. 
Thus the transduced negative energy feedback becomes a positive energy 
feedback, by conversion. This converted positive energy in the input 
section will reduce the demand for incoming electron current from the 
external power supply, increasing the COP>1.0 even more. 


A feedback and governing system is adjusted until the system's converted 
positive energy feedback current reaches the Kron condition. At that point, 
the transformed electron current is sufficient to power the system with the 
external power supply disconnected. The governing and control system 
thus disconnects the external power supply, and the system is smoothly 
transitioned to self-powering operation, powering both itself and its load. 


We stress that all the energy to power the system and its load is now being 
furnished from the active local vacuum interaction and from the local 
curved spacetime. No laws of nature, physics, higher symmetry 
electrodynamics, or thermodynamics are violated. Conservation of energy 
rigorously applies, but to the supersystem. The system is an open, 
stabilized disequilibrium system — of the kind referred to by Kondepudi 
and Prigogine as nonequilibrium stationary states — as a freely receiving 
all its energy from its active external environment. No standard U(1) 
electrodynamic analysis will show this condition or this mechanism, and 
neither will electrical engineering. Higher group symmetry 
electrodynamics such as SU(2) or O(3) will show it easily. For a modern 
treatise on O(3), we refer the reader to the recent tour deforce by Evans 
{586}. 


9.14 Non-unitary Outrigger Array System 


See Figure 9-14, which is a diagrammatic representation of a COP>1.0 
array system that is non-unitary. In the non-unitary (outrigger array) 
system, no part ofthe outrigger array works at €>1.0. All external parts 
operate at € < 1.0, but independently and with COP>1.0. Each of the 
external outrigger systems is an open system freely receiving excess 
energy from its active environment, because it is an "energy-receiving" 
system and the energy is freely transmitted from the central system. The 
central part of the array is the unit whose purpose is to stimulate or evoke 
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an excess energy flow from the vacuum, so that the outrigger 
receiver/power units can individually intercept and utilize radiating energy 
flow surrounding the central unit.’”” The usable (output) energy intercepted 
and captured (collected) from a given free flow of energy depends totally 
on the intercepting reaction cross section — usually the total array amount 
of intercepting charge, together with the degree of resonance (sweeping a 
larger geometrical cross section) of the intercepting charge. 
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Figure 9-14 The nonunitary (outrigger array) system andits functioning. 


Each outrigger unit (subsystem) has its own complete closed current loop 
separate system and load, plus its "antenna" or "interception section" or 
receiving component for intercepting and collecting the free flow of 
energy coming from the central source unit (the energy transmitter). Thus, 
the loads in the outrigger units are not closed-current-connected with the 
central source unit at all. Each outrigger unit has its own independent 
electrical ground and its own closed loop system with its load. 


°7 We emphasize that, when the usually unaccounted Heaviside nondiverged energy 
flow component surrounding the conductors of the external circuit is accounted, 
every EM power system is already a COP»1.0 EM energy transduction system. 
Consequently, in the received view the array system can be operated at COP>1.0, or 
even in self-powering mode, even though the central system is "said" to be at 
COP<1.0. It is at COP<1.0 only because of the self-applied Lorentz symmetrical 
regauging and ignoring the excess unused energy flow available to and surrounding 
the circuit, but not conventionally used. If we account the COP for what we have to 
furnish to the central unit, then the COP ofeach array unit is COP = oo. The point is 
that we ourselves do not have to pay any extra input energy for the output energy of 
each array circuit. 
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This schema in fact separates the two functions of Poynting energy flow 
theory: (i) the extraction and radiation of the EM energy flow from the 
seething vacuum, and (ii) the interception, collection, and dissipation of 
some of that available energy flow, to power the loads and losses of the 
intercepting system. 


In this fashion, multicollection from a single energy flow (generated from 
a central source "transmitter") occurs by direct, independent interception 
and collection in each of the COP<1.0 outrigger units. However, the input 
power to each outrigger units is free with respect to that outrigger circuit 
itself. We of course must pay to generate the flow of energy from the 
central unit, but that can be done in normal COP<1.0 manner (such as 
COP = 0.95) while powering its load.**° Let the output power of each 
numbered unit (including the central source unit) be given by Pj, n be the 
number of power units, and Py be the total power output. Then the total 
output Py of the array system is given by 


F=@ FH f, + i+ gen Fk, [2] 
The total input power P; is simply the input power Pj; to the central 
source unit. The COP is given by COP = P+/Pic1). 


In the motionless electromagnetic generator (MEG) array, for example, the 
central unit is the transformer-like unit, deliberately using a special core to 
contain the magnetic flux of a permanent magnet in contact with the core 
material, thereby stimulating the Aharonov-Bohm effect and freely filling 
the surrounding space with the uncurled magnetic vector potential A. We 
will explain the non-unitary (outrigger array) system using the MEG as an 
example. 


°89 We again stress that, from any nonzero potential ¢, or from any EM field in 
space, any amount of EM energy can be collected if there is sufficient intercepting 
and collecting charge. For example, the simple equation W = «)q applies for the 
potential, where W is the energy collected from a potential with point intensity ) by 
collecting charges q. A similar equation applies with respect to collecting as much 
force (emf in the various outrigger circuits) as desired. Here a single given E-field E 
can be assumed, and F = Eq. What is happening in the outriggers is that they are 
intercepting and collecting some of the excess Heaviside energy flow component 
that is wasted by the central circuit. 
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The MEG freely induces the Aharonov-Bohm effect,”*' thereby extracting 
excess energy from the vacuum in the form ofthat novel field-free 
A-potential. Being field-free, A represents an energy flow without swirl 
(without curl). When the MEG input section is perturbed, the surrounding 
A-flow is perturbed also, giving a pulsed or AC flow of energy that can be 
intercepted and utilized by each outrigger circuit as an E-field energy 
interception. 


The central unit's COP<1.0 function is to output almost as much, or as 
much, energy as is required to power the MEG, while also evoking that 
excess A-flow and serving as a COP» 10 energy flow transducer. The 
function of each outrigger is then to intercept some of the pulsed A-flow 
(as E-field energy via the equation dA/dt = - E), in its antenna or 
interceptor section. Each outrigger has its own independent and 
conventional closed loop circuit. It simply is a receiver and user of extra 
Heaviside EM energy produced from the central MEG unit in the new 
form of the curl-free A-potential. Perturbing the A-potential produces a 
large E-field impinging on all the external outrigger subunits. Hence these 
units freely collect and use some of that available excess energy. The COP 
of the total array is thus COP>1.0. For best results, tuned antenna theory 
and near field theory should be utilized. 


Suppose we operate the MEG central unit at COP = 1.0. In that case, there 
is no 4-hole current of significance associated with the central unit or the 
outriggers, and transduction of hole current into electron current for close- 
looping is not necessary. Instead, sufficient outriggers are employed so 
that the total energy Wo caught and dissipated in their loads by all the 
outriggers is given by Wo = W;, where Wy, is the input energy in the main 
central section. Since COP = 1.0 for the central unit in isolation, the total 
input Eyyis Eyy = Wy (the additional huge Heaviside nondiverged EM 
energy input component is there also, but just neglected in conventional 
engineering). The total output W, ofthe entire array is 

Wa, = Wo + Wr. The overall COP, ofthe entire array is thus 


COP, = Wa/Ew = (Wo + Wr)/Wr = (Wo/Wr + 1.0) >1.0 [3] 


°8! The reader should recall that the Aharonov-Bohm effect is not included in 
classical U(1) electrodynamics. See Terence W. Barrett, "Electromagnetic 
Phenomena Not Explained by Maxwell's Equations," in A. Lakhtakia (ed.): Essays 
on the Formal Aspects of Electromagnetic Theory, World Scientific Publishing, 
River Edge, NJ, 1993, p. 6-86. 
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Hence the array has a COP>1.0, even though every single component of 
the array has € < 1.0. With the outriggers fully functioning, many schemes 
of operation can be used. E.g., the energy from the outriggers can be used 
to steadily charge a capacitor bank by "shuttling". We define shuttling as 
use of two capacitor banks: (1) a capacitor bank which is continually 
connected and charged by the outriggers as their effective output, and (2) 
an input capacitor bank for the central unit that is continually connected 
and recharged from the outrigger capacitor bank. By adroit switching, the 
charge ofthe input capacitor bank is maintained by replenishing from the 
output capacitor bank, and the input capacitor bank powers the entire 
system, including the output load in the central section. 


The non-unitary outrigger array construction is one means of close-looping 
a non-unitary overunity power system without bothering with the 
transduction of hole current into electron current. It is the easiest of all 
COP>1.0 systems to close-loop for self-powering. 


An additional adaptation is for each outrigger also to continuously power a 
separate load, and only contribute intermittently along with the other 
outriggers to charging the output capacitor bank. 


Another adaptation is to operate the central unit in the array in solitary 
self-powering mode. 


These and similar modes of nonunitary array system operation allow close- 
looping the system for self-powering of itself and its load, without concern 
for 4-hole current transduction. A real advantage of such nonunitary 
systems without worrisome 4-hole current is that transistors can readily be 
used for switching etc. in them, without the destruction of the transistors 
by a damaging Dirac 4-hole current in the supersystem. 


The nonunitary overunity system can also be close-looped by conventional 
(simple) "clamped positive feedback" means if good isolation (e.g., optical 
isolation of the circuitry switching) is used in the feedback loops. 


9.15 Some Instrument Considerations 


9.15.1 Time Effects 

As previously indicated, there are time-domain effects (potentials, forces, 
and currents) associated with a COP>1.0 EM system, particularly as the 
COP increases toward COP»1.0. A useful method of indicating time- 
effects is to utilize a transistor in a circuit capable of measuring 
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recombination time in the transistor.” NASA has such circuitry available, 
but I do not have the reference at hand. We leave it as an exercise to the 
reader to explore that possibility. 


For "very large COP" devices, ordinary watches, clocks etc. may be 
affected. Particularly significant is the slowing of timepieces in the 
presence of substantial time-domain effects due to substantial negative 
energy. In addition, for high gain devices (and for some at lower COP), the 
negative energy charge can build up in the local area, and may then require 
some days to dissipate. As we stated, in experiments years ago with Frank 
Golden, we experienced just such alteration of multiple kinds of clocks 
and watches in an area. It required four days for the negative energy 
charge in the area to gradually drain off (for the excess Dirac sea holes to 
gradually be filled with electrons, as the tempic potential gradually 
returned to normal). 


Effects that were even more dramatic were exhibited in experiments 
conducted by Sid Hurwich in Canada some years ago {587}. In a series of 
experiments lasting a half-hour, Hurwich inertially jammed a police 
revolver so that a human finger could not pull its trigger. The watches of 
the witnesses did not change their setting during that entire half-hour. This 
cannot be understood by conventional electrical system analysis, but 
potentially it can be understood by supersystem analysis. 


9.15.2 Calorimetry Is Taboo for Overunity System COP Measurement 
It is standard dogma that calorimetry is a "true" measurement of power, 
and is always accurate in the hands ofa skilled practitioner. In general, 
that is true for a COP<1.0 system, where one is concerned only with 
positive energy in the input and output sections. However, with respect to 
COP>1.0 systems, nothing could be farther from the truth. Indeed, for a 
significant COP»1.0 system, a calorimeter is one ofthe most inaccurate 
instruments that can possibly be used. 


As previously stated, all COP>1.0 EM systems produce a mixture of 
negative and positive energy in their output section. The higher the COP, 
the greater the percentage of negative energy and the greater the flux of 
Dirac 4-holes back to the input section. The output energy, immersed in a 
calorimeter, will both cool the water with its negative energy output 
fraction and heat the water with its positive energy output fraction. Hence, 
the calorimeter will show the difference between the water's simultaneous 


°*® This suggestion is courtesy of John Schnurer some years ago, and is appreciated. 
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heating and cooling. Ifthe calorimeter measurement is misinterpreted as 
the total energy output, this "definitive test" will always erroneously show 
COP<1.0. After all, it itself already applies the decay mechanism for 
converting any overunity system to an underunity system. 


The only good use of the calorimeter in an overunity EM system is to 
verify that negative energy is present, when comparing its measurements 
to more sophisticated electrical measurements of the system. It can be 
used along with other measurements to ascertain (1) the total energy 
output, whether negative or positive, (2) the difference in the two forms of 
energy output and the algebraic sign of the resultant (positive if 
calorimeter heated, negative if calorimeter cools), and (3) thereby help 
determine the output's energy fractions (positive energy divided by total 
energy, negative energy divided by total energy). 


Any test group insisting on testing a purported COP>1.0 electrical system 
with a calorimeter as the definitive statement ofenergy output is totally 
devoid of knowledge of COP>1.0 systems and their phenomenology. 
Usually such "test groups" tend to regard themselves as "measurement 
experts" (which they well may be, in COP<1.0 positive energy systems!). 
That does not make the team even minimally knowledgeable or qualified 
in COP>1.0 system measurement. To the contrary, the team members have 
zero experience or knowledge of COP>1.0 systems. The proposed test 
group may consist of physicists, thermodynamicists, electrical engineers, 
technicians, or all four, but they still will have no knowledge or expertise 
in COP>1.0 EM power systems unless they have actually worked with 
such systems before, and at length.”** This is particularly true of 
COP»1.0 systems. My advice to all COP>1.0 researchers is simply to 
keep the "calorimeter addicts" out of one's laboratory in the first place. 


9.15.3 Other Instrumental aspects. 

Here we just point out some simple and obvious things, familiar to the 
experienced researcher but sometimes not appreciated by the novice. One 
is usually dealing with nonsinusoidal waves, pulses, spikes and the like. As 
is well known, RMS meters are useless for measuring such nonsinusoidal 
electrical entities, since they are designed and calibrated to measure sine 


°83 To date, we have found none who have actually worked with COP>1.0 electrical 


systems. We have, however, found quite a few who, though totally inexperienced 
with COP>1.0 systems and not knowledgeable, have regarded themselves as "real 
experts" in such systems. They claim to already know how COP>1.0 systems work 
and behave, and assume just ordinary electrical system phenomena. 
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waves only, or to measure DC. One must use a good differential sampling 
scope with multiple synchronized channels, with professional software to 
perform accurate integration under the curve, and with special differential 
probes for the scope. Simultaneous triggering of the multiple measurement 
channels on the same time line is required. The necessary high quality 
probe set may cost as much or more than the oscilloscope! 


Dirac sea hole currents are generally not separately measurable, so one 
measures where the hole currents are not significantly present. Results may 
be compared to measurements where the hole currents are known to be 
present. When directly measuring hole currents, the conventional meters 
often read "backwards" and interpret a negative energy output at the 
system output section as subtracted from the positive energy, and interpret 
a negative energy output at the input section ofthe system as additional 
input electron currents from the external power supply. Ifthe electron 
currents from the external power supply are not present, then measuring 
hole currents will draw electron currents from the power system inside the 
meter itself, resulting in a "backward measurement”. Again, the meter 
actually will measure a real electron current, whether from the external 
power supply or from a conversion within the meter itself. 


Recombination time in semiconductors can sometimes be used in 
instrumented circuits to differentiate between negative hole current and 
electron current, by observing the change in recombination time due to the 
negative energy currents. It will differ from the change in recombination 
time due to positive energy currents. 


Again, what is needed in the field is a set of solid, reliable instrumentation 
specifically developed for these peculiar measurement phenomena 
involving both positive energy and negative energy. To my knowledge, no 
such thoroughly designed and tested instrument package presently exists. 
Further, there are not even any standards for such, since there are 
apparently no standards for negative energy measurement at all. 


9.16 Still Anomalous Aspects 


Several aspects of COP>1.0 systems are still not properly understood. The 
behavior of curl-free A-potential, sometimes produced in such systems, is 


°84 What is very much needed is a meter of sophisticated design where this "drawing 
of excess electron current from within the meter itself has been taken into account 
in the design, so that the meter functions correctly for either positive energy 
measurement or negative energy measurement. 
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a case in point. This type of energy can exhibit characteristics as if it were 
electrostatic energy, which my associates sometimes refer to as the 
"crawly stuff. It exhibits the characteristic of "crawling" all over the 
surfaces (outside and inside) of the objects in the area, including the 
scopes, producing internal electrostatics and possibly magnetostatics 
everywhere. This can easily destroy the amplifiers etc. in a good scope or 
an expensive meter. It is best to transform this field-free A-potential into 
an ordinary "EM field energy AC wave", and then utilize it in that fashion. 


Scalar stress waves are also sometimes produced, leading to anomalous 
effects. This is best regarded as a "time-polarized" EM wave, or more 
accurately, as a combination of scalar (time-polarized) EM waves and 
longitudinal EM waves in 3-space. For macroscopic waves in COP>1.0 
systems, the Mandl and Shaw 1:1 correlation between scalar photons and 
longitudinal photons can apparently be corrupted, so then one has 
"abnormal" (improperly correlated components which normally correlate 
to make "ordinary" EM waves). These abnormal EM scalar stress waves 
also exhibit the "crawly" phenomenon, and can be hazardous to one's 
instruments. 


In addition, some instruments such as ionization counters, Geiger tubes, 
etc. read in the presence of such waves as if nuclear radiation were present 
(which it is not). Also, the individual time-charge history ofa given 
instrument determines or substantially influences how the instrument 
reacts in the presence ofthe "corrupted" scalar stress waves. Essentially, at 
a given time any instrument has a small "time-energy charge" depending 
upon its past history. The corrupted scalar stress wave accomplishes 
further "time-charging" of the instrument, which combines with the initial 
time-charge to produce more time-charge, ordinary EM waves by scalar 
EM interferometry {588}, or abnormally correlated longitudinal EM wave 
emission. 


In an ionization-measuring instrument, ionization is ionization, by 
whatever means achieved. And in the presence of the "abnormal" radiation 
and charging, ionization-type "nuclear radiation" instruments will vary 
from one to another, depending upon the individual time-history ofeach 
instrument. So from a group of identical instruments made the same day on 
the same assembly line, one may read anomalously and several others read 
normally. Or two may read anomalously, while all the rest read normally. 
A very good example ofthis anomalous measurement effect is seen in the 
rigorous electrolyte experiments in U.S. Navy research facilities at China 
Lake {589}. The present author has previously given an explanation of this 
time-charging and decay phenomenon {590}. 
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Negative energy reacts in different ways with different materials. The more 
nonlinear the material, the greater the effects and unpredictability of the 
interaction, as a rule of thumb. In a copper wire, Dirac hole current 
introduced into the wire will "eat" Drude gas electrons, reducing the 
“pressure” at that point or area in the wire. This "combining of electrons 
and causal Dirac holes is not normal pair annihilation, and radiation does 
not occur. Instead, the two curvatures of spacetime (one by the positive 
energy of the electron and the other by the negative energy of the Dirac 
hole before observation) interact and adjust. 


The Drude gas in the copper further back toward the external power 
system still has normal (higher) gas pressure, and so the differential in 
pressure induced in the Drude gas will drive electrons from the "normal" 
pressure areas into the "reduced" pressure area where some of the Drude 
electrons disappeared after being "eaten" by the Dirac holes. To look at 
that in lattice hole terms, the "eating" of Drude electrons in a selected 
volume ofthe wire leaves positive ions, which are "lattice holes" vacated 
by the eaten electrons. So these excess positive charges attract electrons 
from further up the wire nearer the distant power supply, filling the lattice 
holes to bring the Drude gas back up to "normal". However, that also 
draws and "eats" additional power from the distant power supply. 
Meanwhile, the Dirac 4-holes fed from the input of the COP>1.0 system 
back into the power feed conductors continue to interact with the lattice 
and eat electrons to create more ions (lattice holes). 


One may visualize the Dirac sea holes producing excess lattice holes, 
which then causes the Drude electron gas to change so that the "average" 
demand current increases. In short, we must also consider the effect of 
Dirac hole charges or currents upon the lattice material itself, and the 
structure of holes and electrons as charge carriers in the material lattice. 


Semiconductors are very vulnerable to negative energy due to its 
disruption of their donor-acceptor and band gap design functions. With 
mild negative energy exposure, a semiconductor may just cease operation 
entirely and later recover when the negative energy application ceases, or 
it may fail and never recover. For pulsing, strong "opposing force pulses" 
(stress pulses) are created deep inside the semiconductor materials. In case 
of sharp pulsing, sometimes an exposed semiconductor will just suddenly 
explode in a nice little fireball about one foot in diameter. This along with 
some minute stinging fragments from the explosion assures that the 
COP>1.0 bench researchers stay alert and on their toes. Needless to say, 
when experimenting with COP>1.0 systems and circuits, one should 
exercise all safety precautions, including safety glasses, until the "negative 
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energy beasts have been tamed and controlled". One should not experiment 
with such things unless one is an experienced and safety conscious 
experimenter. One experiments at one's own risk. 


Negative energy effects in coils and toroidal coils are largely still 
unknown, though we have outlined some of the major effects. For a normal 
helical coil, one can derive a concept of the effects by considering the 
lattice effects in the wire. In this case, introduction of hole current at one 
end ofa helical coil will induce electron current from the other end and 
into the coil. Thus, hole current can be "switched" back and forth between 
the ends ofa helical coil to induce an ordinary AC electron current in the 
coil, accompanied by normal magnetic fields etc. A point can be reached 
where the coil is actually in resonance with the frequency of the switching, 
and with the "seeming capacitance" of the hole current introduction in each 
switching. With the proper material in the coil and a keen balance between 
the negative energy capacitance effect and the normal positive energy 
induction effect, in theory a single coil can be turned into a self-oscillating, 
self-powering system. 


With core material inside the core of a coil, the situation dramatically 
changes. Often the type reaction experienced will appreciably depend upon 
the core material, and changing the core material can dramatically change 
the effects upon the coil and the effects that the coil prc luces. One may 
even use dynamic changes in the core material to produce corresponding 
dynamic changes in the coil. A toroid may act differently from an 
ordinary helical coil, as does a flat (spiral-wound) coil. Here the 
experimenter must simply perform his own experiments to seek out and 
understand the phenomenology he uncovers. 


For exploratory experimenting with core-filled coils, we advise strong 
caution and testing at very low power only. Sometime effects can 
apparently be experienced by the researcher (headaches, nausea, dizziness, 
etc.) It is suspected from some evidence (but not proved) that the core 
material's chemical characteristics can sometimes be "imprinted" upon the 
human body chemistry, from the novel radiation of a core-filled coil or 
some core-filled coils. This is particularly true in the presence of strong 
stress potentials, such as from bi-wound coils with fields in opposition, 
and particularly ifthe biwound coil contains a nonlinear material core. The 
nonlinear core induces modulation (multiplication) of the two waves, 
rather than linear mixing. Thus, the two waves are "locked together" to 
form a true stress potential and local spacetime curvature sets, when the 
biwound coil has a nonlinear material core. In short, one is now 
engineering pure general relativity, locally. 
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Again, we iterate that the experimenter should be knowledgeable and take 


all safety precautions. He experiments at his own assumption ofrisk. 


The appearance of an extra stress potential (field-free) in a biwound coil is 
in fact a new Lorentz symmetrical regauging, and the equivalent of 
rotating the frame of the coil. As signals are introduced, this is the 
equivalent of continually changing the degree of the frame rotation, which 
is a general relativistic effect, with direct curvatures of spacetime being 
produced. In short, one is producing spacetime curvature and rotation 
engines, previously discussed. 


The magnitude ofthe stress potential (field-free) falls off inversely as the 
distance. Thus one's body can be exposed to it, including the body 
chemistry, every cell and every part of every cell, the nervous system, etc. 
Placing signals on the biwound coil can conceivably result in slight 
variation of the scalar stress potential, including inside the body, and 
inside each cell and each part of each cell. Variation in the stress potential 
in a little local region inside the body produces —V, which is an electric 
field E. The rate of change of this E-field then produces a magnetic field 
H. 


Consequently, very minute EM fields are produced throughout the body 
and all its parts, or can be. It is as ifthe entire body is "electromagnetically 
washed" in internal EM fields throughout its matter, structures, and 
dynamics. The hydrogen bonding actions ever ongoing are particularly 
sensitive and can restructure appreciably in the presence of this stimulus. 
They can also "imprint" and take on a specific induced structure and 
dynamics, correlated to the persistent changes induced from the biwound 
coil. As can be seen, such EM biological effects have not been appreciably 
investigated and documented in the Western scientific literature. Hence 
our urging and insistence that the researcher use all caution, and our 
warning that he experiments at his own will and assumption of risk. 
Neither the publisher nor the present author is responsible for any 
accidents or blunders that may occur. 


Capacitor effects also vary between types of capacitors, when applying 
negative energy or a mix of positive and negative energy. Some capacitor 
dielectric materials are also photo-refractive and are semiconducting 
materials, hence photoactive. The rich effects capable of being generated 
in capacitors — by EM fields, waves, potentials, and pulses of negative 
energy or negative and positive energy mixed — are largely unexplored 
and not catalogued. 
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Almost all modern permanent magnetic materials are also photo-refractive 
or photoactive materials as well, and many are semiconducting materials. 
Hence a rich variety of effects can be produced in permanent magnets by 
the introduction of negative energy fields, potentials, waves, and pulses. 


As can be seen, a very rich combination of effects exists for "normal- 
appearing" coils, capacitors, semiconductors, and magnets when applying 
appreciable negative energy or controlled mixes of positive and negative 
EM energy. This is a still largely unknown materials science region, and 
one that has not been systematically and rigorously explored and 
catalogued, if at all. 


In addition, there are effects from pulsing negative energy (Dirac hole 
currents) that are not completely understood. These appear to occur almost 
— or partially — at random, and also seem to be affected by the natural 
surroundings, by the various materials, etc. The "imprinting" phenomenon, 
when it occurs, seems to be augmented by pulsing, and sometimes by the 
pulse shape and pulse repetition frequency as well as the surroundings. 


We also legally state that we are not responsible for any risks the 
researcher chooses to take, but are only alerting him to be very careful and 
use very good safety practices. Any experimenter is himself responsible 
for stringent adherence to good safety practice and common sense, and he 
legally assumes his own personal risks for all experiments he chooses to 
undertake. 


Another effect to be alert to is the effect of "charging" the local area's 
supersystem with an altered active vacuum and curvatures of spacetime. 
This phenomenon is usually experienced as a "slow growth" of the COP of 
the system, over a long time (months or years). Tiller in private 
discussions has reported such phenomena in his detector built at Stanford 
University. Golden and I experienced such phenomena with a small 
COP>1.0 system Golden was developing. Over a period of five years, the 
system slowly increased its COP to about 2.0. Moved several hundred 
miles, the system then exhibited COP of about 0.9, but with occasional 
fluctuations of overunity temporarily.“ Golden had gradually charged his 
local area with the "engine" or spacetime curvature operational and 
functional form of his unit. Thus in that repeatedly charging area, 
gradually the operation ofthe unit improved. We referred to this engine- 


°85 Tn fact, Golden and I were astounded at these results, until Tiller explained it to 
us and explained his own experiences with "growing" his detector. Thanks to 
Professor Tiller, thereafter we had this new phenomenon firmly fixed in our lexicon. 
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charging of the environment with a particular effect or dynamic form as 
kindling. 


The kindling or "charging to favor the dynamic form of the engine or 
device" problem, should it occur, is in fact usable because it is possible to 
produce it everywhere on earth, and fairly permanently. To use the 
kindling effect once discovered, the mechanism is to build several identical 
units. Keep the original unit working in the original area, and "outrigger" 
the others at radial distances as distant as possible, but maintaining 
COP>1.0 for the outriggers. Then simply run both the outriggers and the 
central unit, steadily. The "structural charge" will grow and reinforce at the 
outrigger locations, then spread on beyond the outriggers, and a much 
larger area will now be "charged with that dynamic form". With sufficient 
additional outriggering (three to five, or seven in an especially difficult 
case) where the successively internal outriggers arc retained and operating, 
the charging will eventually spread around the entire Earth, and it will 
become apermanentfixture ofthe Earth environment itself.’*° Thereafter, 
anytime one of the units is turned on anywhere on earth, it will perform 
with its normal overunity condition. In other words, not only can one grow 
the dynamic form (engine) in a supersystem in a given locality, but one 
can also kindle it into the entire Earth's supersystem permanently {591}. 
One is strongly reminded of Feynman's observation that physicists with 
their big accelerators may in fact be partially creating their own reality. 

He pointed out that often the physicists look and look for a new, predicted 
particle. At last and after years of difficulty, finally a "glimpse" of the 
particle occurs in an accelerator and is reported. The physicists quickly 
crank up the other accelerators and look intensively, and — after some 
moderate difficulties — they find that particle. Thereafter, every time an 
accelerator turns on and looks, thatparticle is readily seen, easily. 


The supersystem's spacetime is part of the local spacetime of the Earth, 
and all supersystems also interact with each other. As Kron put it {592}: 


"An electric network differs from all other types ofnon- 
electric networks in that it is always surrounded in all 
directions to infinity by an invisible dynamic 
electromagnetic field ofits own creation. ... Each 
Inductance Lproduces its own magnetic field, each 














28° We have proposed an application of this phenomenon to kindle and maintain a 
specific disease organism's "anti-engine" as a startlingly new kind of medical 
therapy for permanently eradicating a particular disease vector from the earth. 
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capacitance produces its own electric field and each 
resistance R creates a thermodynamic field of its own. 
Moreover, there exists a continuous interaction between 
the magnetic, electric, thermodynamic, andradiation 
fields. Thus any correct and basic theory of the electric 
network must include all the parameters ofits 
surrounding electromagnetic field and must satisfy all the 
field equations of Maxwell. The theory must also dovetail 
with the Hamiltonian and Lagrangean equations of 
dynamics containing both time and space derivatives, as 
well of the equations ofirreversible thermodynamics. " 


So decades ago, Kron was struggling with the "supersystem" problem, in 
different terminology, and he eventually originated diakoptics {593}, an 
entirely new way of breaking the problem down piecemeal so it could be 
solved. But Kron strongly stressed that the interactions of the fields and 
potentials of a circuit and all its parts reach to infinity and have an 
n-dimensional set of degrees of freedom and an infinity of spaces. The 
fields and potentials of every charge reach to infinity (for those charges in 
matter from the beginning), and so every charge in the universe interacts 
with every other charge and its fields, potentials, and dynamics. Spacetime 
itself is filled with these interacting EM fields, potentials, waves, and 
dynamics. Little wonder that the horrendous set of ongoing EM 
interactions at every point in the vacuum has such incredible energy 
density and fluctuations. We may even regard the fluctuations and 
interactions as completely causal, but — with no information on each 
interaction — they must be treated as totally statistical. Ultimately nature 
confounds our Aristotelian logic and insists that, in the limit, one is 
dealing with 5-law logic as developed earlier in this book. 


Since the earth near an ongoing COP>1.0 system experiment has 
innumerable electrical aspects, materials, etc., it follows that the 
surrounding earth is indeed in direct interaction with the experiment. It 
then follows that "slow conditioning" ofthe surrounding area should be 
possible, say, after some years as Golden experienced. It also follows that 
the effect diminishes in magnitude with distance from the experiment. 


The "growth of the activation (kindling) to include the entire Earth" is a 
slow process, requiring years and much expense to aid the "spreading" — 
as the physicists may be experiencing, according to Feynman. But it is a 
doable. 
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We highly recommend that the researcher work on COP>1.0 systems that 
are not charge and location dependent, so that the kindling problem does 
not arise. We have assumed non-kindling COP>1.0 systems throughout 
most of this book. 
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Chapter 10 


Cold Fusion: Low Spatial-Energy Nuclear 
Reactions at 
High Time-Energy 


"This book is about time. Iwould have liked to have 
named it Time, the Forgotten Dimension..." [Ilya 
Prigogine]. {594} 


"The notion oftime may be unfolded into an independent 
pure science... a science ofpure time is possible." [Sir 
William R. Hamilton, 1837]. {595} 


"...contrary to the conclusions ofclassical mechanics, 
there exist effects of potentials on charged particles, even 
in the region where all the fields (and therefore the forces 
on the particles) vanish. " [Y. Aharonov and D. Bohm] 
{596}. 


"global behavior greatly modifies the very meaning of 
space and time. Much of geometry and physics is based 
on a simple concept ofspace and time, generally 
associated with Euclid and Galileo. In this view, time is 
homogeneous. Time translations may have no effect on 
physical events. Similarly, space is homogeneous and 
isotropic; again translations and rotations cannot alter 
the description ofthe physical world. It is quite 
remarkable that this simple conception of space and time 
may be broken by the occurrence ofdissipative structures. 
Once a dissipative structure is formed, the homogeneity of 
time, as well as space, may be destroyed. " [Ilya 
Prigogine] {597}. 


"As we expand our observation, we extend our concepts. 
Thus the simple symmetries that once seemed self-evident 
are no longer takenfor granted. Out ofstudies ofdifferent 
kinds ofinteractions we are learning that symmetry in 
nature is some complex mixture ofchanging plus into 
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minus, running time backward and turning things inside 
out." [T. D. Lee] {598}. 


"The desirable features ofa system ofunits in any field 
are convenience and clarity. For example, theoretical 
physicists active in relativistic quantum field theory and 
the theory ofelementary particles find it convenient to 
choose the universal constants such as Planck's quantum 
ofaction and the velocity oflight in vacuum to he 
dimensionless and ofunit magnitude. The resulting 
system ofunits (called ‘natural’ units) has only one basic 
unit, customarily chosen to be length. All quantities, 
whether length or time orforce or energy, etc., are 
expressed in terms ofthis one unit and have dimensions 
which are powers of its dimension. There is nothing 
contrived or less fundamental about such a system than 
one involving the meter, the kilogram, and the second as 
basic units. It is merely a matter ofconvenience." [J. D. 


Jackson] {599}. 


[Violation of Second Law of Thermodynamics] "We 
experimentally demonstrate the fluctuation theorem, 
which predicts appreciable and measurable violations of 
the second law ofthermodynamics for small systems over 
short time scales... Our results show entropy consumption 
can occur over colloidal length and time scales." [Evans 
et al.] 


[Implications ] "This result has profound consequences 
for any chemical or physical process that occurs over 
short times andinsmallregions. "|Evans et al.]°** 


[Implications] "The smaller a machine is, the greater the 
chance that it will run backwards. " [Evans et al., ibid. ] 


[Implications] "Physicists knew that at atomic scales over 
very short periods oftime, statistical mechanics is pushed 


87 GM. Wang, E. M. Sevick, Emil Mittag, Debra J. Searles, and Denis J. Evans, 
"Experimental Demonstration of Violations of the Second Law of Thermodynamics 
for Small Systems and Short Time Scales," Phys. Rev. Lett., 89(5), 29 July 2002, 


°88 BBC News, 18 July 2002, http://news.bbc.co.uk/hiscitech/2135779.stm. 
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beyond its limit, and the second law does not apply. Put 
another way, situations that break the second law become 
much more probable. ...the new experiment probed the 
uncertain middle ground between extremely small-scale 
systems and macroscopic systems and showed that the 
second law can consistently be broken at micron scale, 
over time periods ofup to two seconds." [Chalmers] **” 


10.1 Explaining Time as Energy 


See Chapter 1, paragraph 1.1.3 and 1.4.1; see also Chapter 2, paragraph 
2.1.3. As highlighted in the quotation from Jackson {599}, it is well 
known that the fundamental units chosen to model physical phenomena are 
arbitrary. In a physics model whose only fundamental unit is the joule, 
time is obviously modeled solely as a function of energy, just as mass is 
modeled today as a function of energy — hence the term "mass-energy". 
We may also equally well use the term "time-energy", since in a model 
using the joule as its only fundamental unit the second is purely a function 
of energy. Specifically, for our purposes 1 sec = 9 x 10'° joules of spatial 
energy, compressed by the factor c” and placed on the 4th Minkowski axis 
to constitute one second of time. Ifthe compressed spatial energy had been 
left in 3-space, it would be recognized as mass. For our purposes, time has 
the same energy density as mass. 


The flow of time becomes a special form of EM energy flow, analogous on 
the fourth axis to mass flow (translation) in 3-space. Further, as previously 
pointed out the overall flow of time has extensive internal structuring of 
component time-energy flows. However, time-flow is in the imaginary 
plane or connected with it, since in Minkowski space the 4th dimension is 
modeled as -ict. Note that the only variable in ict is the 4, hence anything 
varying on the fourth axis is a variation of time and time-energy a priori. 


Further, we can apply conservation of EM energy to the time domain as 
well as in 3-space. And we can have "broken symmetry" in time-energy 
flow as well as in 3-spatial energy flow, so long as the net energy flow is 
conserved. The most fundamental conservation of energy law is giant 
negentropy: the automatic circulation of energy from the time domain into 
3-space via decompression by the negative charge, thence the slight flow 
of 3-space energy to the positive charge where the 3-space energy is re- 


289 Matthew Chalmers, "Second law of thermodynamics 'broken'." New Scientist, 19 
July 2002, http://www.newscientist.com/news/print.jsp?id=ns99992572 . 
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compressed, thence from the positive charge back into the time domain.” 
That was our solution to the long-vexing problem of the source charge and 
its associated 3-space fields and potentials and their 3-space energy. From 
special relativity, one already knows that time can dilate and then un- 
dilate, but each action is associated with an appropriate change in spatial 
energy. While that change in spatial energy can be kinetic, it does not have 
to be. It can be a change in potential energy instead. In short, a static 
object rotates its frame with respect to the observer (lab) frame, whenever 
it absorbs or emits potential energy. 


We also pointed out the connection of time-energy to electromagnetics and 
to quantum field theory, via the four polarizations of the photon considered 
to travel in the z direction in 4-space. These four polarizations are with the 
energy vibrating along x-, y-, z-, and t- respectively. Vibration of the 
spatial energy of the photon along the x- or y- axis gives an ordinary 
transverse photon. Vibration of the spatial energy ofthe photon along the 
Z- axis gives the longitudinal photon. Vibration of the time-energy 
component along the t- axis gives the scalar or time-polarized photon. We 
assume a similar four polarizations for EM waves in 4-space.””" 


10.2 Mechanism Generating Flow of a Mass through 
Time 

As we covered in the referenced paragraphs in Chapters 1 and 2, the 
fundamental generatrix of the flow of a mass through time — and the 


structuring of that flow — is the total photon interaction with the mass and 
all its parts. This includes both observable and virtual photon interactions. 


As a recapitulation: Mass m does not exist in time, since it is an observable 
and observation is the imposition of d/dt upon spacetime LLLT, removing 
the T to give a "frozen LLL snapshot." In short, mass m is an effect (of the 
iterative very high speed observation process), not a cause (which is an 
input to the observation process). This is why all observation is 3-spatial 
rather than spatiotemporal: it yields the 3-space effect (at a given time, ofa 


°° Note the relationship with such things as time dilation, which represents a broken 
time-flow symmetry, where net energy flow from the time domain to the 3-space 
domain occurs. Hence time dilation is associated with the increase of spatial energy, 
such as kinetic energy due to the relativistic velocity of the moving object. 


?°l Tn this book, we have limited our discussion to four dimensions. If we model in 
five or more dimensions, then additional symmetries and broken symmetries are 
possible, as are new kinds of multi-dimensional EM waves. 
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given interaction), not the 4-space cause of the interaction and not the 
ongoing 4-space interaction. 


By absorbing and emitting photons, observed mass m may be said to move 
through time in a succession of m => mt => m => mt => ™m ... jumps, each 
involving change of physical state as a photon is absorbed by m, changing 
it to mt which is nonobservable. Then a photon is re-emitted by mt, 
changing it back to m and completing another observation with this new m 
as the output (effect). We note that masstime mt is as different in nature 
from mass m, as impulse Ft is from force F. In mass m, every tiniest 
differential dm is also interacting with photons continuously (even though 
they may be virtual photons), hence dm also exhibits its own "digital flow 
through time" as a part of the structure of the overall flow ofthe parent 
mass through time. 


Interaction primarily with the mt state yields wavelike interactions. 
Interaction primarily with the m state yields particle-like interactions. This 
is proposed as a possible resolution of the wave-particle duality problem, 
which has never been resolved but just accepted without further argument. 
Previous consideration of wave-particle duality has assumed that "mass 
has two states, one particulate and the other wavelike". We correct that 
assumption by pointing out that two different "states in which mass exists" 
are involved, and the two are quite different: one is mass m, and the other 
is masstime mt. We stress the function of the myriads of virtual photon 
interactions during an mt state, where an observable photon has not yet 
been re-emitted. These virtual photon reactions create streams of virtual 
dm => (dm)dt=> dm => (dm)dt=>.... | on all the differential parts of 
mass m, which creates the rich structuring inside the "time-flow"” of the 
overall observable mass m through time. The rich dynamics of the dm -> 
(dm)dt streams also accounts for the seeming existence of mass m as a set 
of 4-dynamics which interpret as a set of waves. We note that the emitted 
photon carries with it the internal structuring of the spatial energy domain 
and the time-energy domain. Herein we have the basis for the 
Kaznacheyev's demonstrated electromagnetic induction of cellular damage 
and disease at a distance.””” 


Finally, we tentatively assume that, prior to its interaction, the antiphoton 
carries negative spatial energy and positive time increments, while the 
photon carries positive spatial energy and positive time increments. In a 


°*? Wlail Kaznacheyev and L. P. Mikhailova, Ultraweak Radiation in Intercellular 
Interactions, [in Russian|, Novosibirsk, 1981. 
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very small region where an excess of antiphoton interactions occurs 
temporarily, time-reversal occurs and the physics "runs backward". It has 
recently been experimentally proven that such "reversing" of the physics 
processes occurs up to micron size and for times up to two seconds. 7”? 


10.3 Time-Polarized EM Waves and Longitudinal EM 
Waves 


10.3.1 Waves, Photons, Spacetime Curvature, and Observation 
Spacetime (ST) curvature involves not only the change of spatial energy 
density of local spacetime but also a change of its time-energy density. 
That component of the total ST curvature due to time-energy density 
change — i.e., time-polarized EM photons and waves — can be far more 
powerful, because of the enormous energy density of the time-energy 
compared to the far lies dense 3-spatial energy. As previously stated, time 
may be regarded as having the same energy density as mass, except that 
the highly compressed 3-spatial energy is moved to the 4th Minkowski 
axis to constitute "time" rather than being left in 3-space to constitute 
"mass". 


Hence ST curvature can be made very powerful when one uses 
longitudinal phase conjugate EM wavepairs, as shown by Whittaker {600} 
in 1903 with slightly corrected interpretation as argued by the present 
author {615}. Each longitudinal EM wave in 3-space is accompanied by a 
precisely coupled time-polarized (scalar) EM wave in the time domain, 
which latter wave is a longitudinal EM wave on the fourth Minkowski axis 
involving changes in the t variable in the axis -ict. We previously 
discussed the giant negentropy that this represents with respect to the 
source dipole. At various times in the past, we have emphasized the time- 
domain aspects of the coupled phase conjugate longitudinal EM wave-pair 
by calling such a coupled wave by terms such as time-density EM waves, 
time-polarized EM waves, etc. These terms imply additionally altering and 
structuring the time density and time-energy density of spacetime rather 
than merely altering and structuring its 3-spatial energy density. Such 
time-density induced ST curvatures may be nearly 10°" times stronger than 
ordinary spatial energy density ST curvatures {601}. 


Interestingly, at least one researcher — Matsumoto {602} — has realized 
the basic implication in cold fusion processes of using the strong EM force 


3 See footnotes 287, 288, and 289. 
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as the agent of spacetime curvature. He has shown consistency of the 
postulated EM-induced ST curvature approach with some important cold 
fusion results. However, Matsumoto has utilized the conventional 
interpretation of spacetime curvature due to alteration of 3-spatial energy 
density of spacetime. This misses the primary time-density functions, but 
does include the resulting spatial-energy functions after transduction from 
time-energy to spatial-energy. His work, however, does support the 
involvement of a more intense form of energy in the cold fusion effects. 


There are intriguing but still mysterious relationships to be noted between 
cold fusion and deep astrophysical mechanisms. Continuing reference is 
made to these similarities, including black holes and white holes. Black 
holes and white holes involve spacetime curvatures — extreme, but still 
spacetime curvatures. So one would suspect that the entire scale of 
spacetime curvature — including black holes and white holes in the limit 
— should be of interest to cold fusion researchers, since in their use of 
time energy they are inadvertently involving more intense forms of energy 
than ordinary spatial EM energy. 


Most nuclear scientists and even some relativists seem unaware of the 
much more powerful spacetime curvature effects obtained by alteration of 
the time density of spacetime rather than just its spatial energy density. 
Physicists have largely omitted specializing on time density ST curvatures 
because they have largely omitted the absorption and emission interactions 
of the time components transported by photons and EM waves. 


Longitudinal EM phase conjugate wavepairs (each wavepair a coupling of 
a time-polarized EM wave and a longitudinal 3-space EM wave) of the 
type shown by Whittaker {600} in 1903 involve net time density 
oscillations as well as 3-spatial energy density oscillations, according to 
our reinterpretation. The infolded "inner EM content” of all conventional 
EM potentials, fields, and waves thus contains extraordinary dense time- 
energy, normally lost in the d/dt observation interaction. 


In short, the infolded "internal Whittaker electrodynamics is a pure 
"general relativistic electrodynamics" and a unified field dynamics. 
Further, it can be engineered, which leads to startling new physical 
processes previously thought to be impossible and forbidden by the laws of 
nature. 


Prior to observation, the internal highly compressed time-energy structures 
associated with the interior EM structure of all conventional EM 
potentials, fields, and waves are extremely powerful spacetime curvatures. 
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In short, all "conventional" electrodynamics has an internal structure of 
strong spacetime curvatures and dynamics. 


Organization and patterning impressed on, or inserted in, this internal 
structuring can provide extraordinary actions in materials, living biological 
systems, cells, etc. Adding deterministic structuring inside these normal 
EM entities is referred to by Russian energetics weapon scientists as 
engineering the information content ofthe field. This is the approach 
behind deliberate engineering of spacetime curvature engines, or vacuum 
engines — or just "engines" for short. 


In theory, any physical change to a mass can be engineered by inserting 
such "engines" into the mass. Any mass-energy is a mass-energy EM 
potential with an internal structuring (engine) for all the mass's internal 
dynamics. This engine is referred to as the resident engine of that mass 
(and all its dynamics). Introducing to a given mass a potential with a 
desired "delta engine" structure, results in the superposition of the two 
potentials, resulting in exchange sharing of the engines. In that manner, a 
desired "delta engine" diffuses into the mass's potential structure and its 
resident engine, changing it to a new resident engine which now acts on 
the mass at every level to change it. Potentials superpose, and their engines 
diffuse and superpose as well. Direct engineering of matter — even inside 
the nuclei and inside the nucleons themselves — can be performed by 
introducing the desired engine or engines for the changes desired. 


This area has been highly weaponized by one or more nations. E.g., the 
Russians — in several decades of so-called "microwave radiation of the 
U.S. Embassy in Moscow — induced health changes and diseases in U.S. 
personnel in the Embassy by inducing deliberate "disease engines". Such 
EM-induced diseases and health changes were generated in the zones 
where the potentials were field-free, and therefore stable for stable engine 
diffusion. 


Note that the common scalar potential decomposes by Whittaker's 1903 
decomposition {600} into the longitudinal EM wavepairs we are speaking 
of. Also note that, per a second paper by Whittaker in 1904 {91b} that 
initiated superpotential theory, all EM fields and waves can be 
decomposed into two scalar potential functions. Each of those base 
potentials involved in the potential functions further decomposes by 
Whittaker 1903 into a harmonic set of phase conjugate longitudinal EM 
wavepairs as previously discussed. Therefore, the infolded EM inside all 
the "conventional" EM fields, waves and potentials is indeed a highly 
organized set of such bidirectional longitudinal EM wavepairs and thus a 
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highly organized set of extreme localized ST curvatures. In other words, it 
is comprised of these special "engines" of deterministic spacetime 
curvatures and their dynamics. 


Constructing the potential by assembling one's own set of phase conjugate 
longitudinal EM wavepairs to form it, one can insert any kind of ST 
curvature set — any kind of vacuum engine desired — inside the base 
potential(s), hence inside the two potential functions comprising a given 
set of EM fields and waves utilized as "carriers". The specific internal 
structure ofa "carrier" radiation field or potential designed to carry such 
engines is called the "information content of the field".* The Russians 
have long had a disinformation campaign to suggest that the term refers to 
conventional spectral analysis. It does not. 


Johns Hopkins scientists did detailed measurements inside the Embassy 
and confirmed that all the anomalous health changes and diseases had 
occurred only in areas where the EM fields B and E were absent. That is, 
the health changes occurred only where the potentials were field-free and 
therefore stable and unchanging, so that an exposed body was immersed in 
a steady sea of "vacuum engines" being diffused throughout the targeted 
body's EM potentials in and on its cells, its cellular membranes, etc. 


In general relativistic terms, every physical set of changes and altered 
dynamics (syndrome) of a specific disease has a specific delta set of 
spacetime curvatures and dynamics associated with it, which interacts on 
the body, its chemistry, its electrodynamics, its cells, etc. A desired set of 


4 Indeed, in theory one can construct, functioning robotic systems of these internal 
engines. In clandestine Russian weapon research, it appears that at least elementary 
"causal robots" of such internal engine type have been developed and tested. In a 
sense, these are the ultimate "nanobots" made of infolded longitudinal EM waves 
and their dynamics. In theory, command and control functions (via longitudinal EM 
wave communication) can be included, as can certain kinds of weapons effects based 
on scalar interferometry. The eventual development of such startling weapons seems 
intended to produce an army of eerie "internal EM" robots which can be "sent in" 
through the interior of EM fields, waves, and potentials, to targets anywhere on 
earth, beneath its surface, in space, or beneath the ocean. This may be intended to 
become the ultimate robot or "high tech" warfare, and it is also the ultimate 
"information" warfare. There are no shields against this type weaponry. Defense, 
however, is accomplished by first using longitudinal wave "scanning" to pick up and 
track the systems, much like radar picking up aircraft. Once detected, scalar 
interferometry is utilized to disrupt and destroy them in place. Progress on these 
robotic weapon systems appears to be well along, as does progress on their 
countering longitudinal EM wave weapons. 
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ST curvature deltas for a given disease was inserted inside the base 
potentials in a combined Whittaker 1903 and 1904 decomposition of the 
stable field-free potentials in the Embassy. The Russians thus induced the 
desired engines for induction of the specifically desired disease(s) in the 
assigned personnel in those field-free potential zones in the Embassy. The 
purpose was to use the tests as (1) a guaranteed means to provoke high 
level U.S. governmental attention, and (ii) a probe to see ifthe U.S. knew 
about such technology and had developed defenses. Other tests of such 
disease induction in entire populations have also been conducted, but these 
are beyond the scope of this book. 


We point out one very important thing: the cells of the body have their 
normal "resident engines” and resident engine dynamics inside their 
internal fields and potentials and waves. For any specific disease or 
disorder condition, there exists a specific associated change (delta) in the 
normal set of vacuum engines and their dynamics, in the cells and the 
body. In short, there exists a specific "delta engine" for any cellular disease 
or disorder, added to the normal engine. 


It is not the immune system that heals. Instead, it is the cellular 
regenerative system. The natural healing method used by the cellular 
regenerative system is not chemical. The regenerative system uses the 
phase conjugate wavepair composition of increased scalar potentials (on 
cellular membranes and every part of the cell) to "pump" the cells in the 
time-domain. This creates an "anti-engine" for the specific disease delta or 
disorder, and it slightly amplifies this anti-engine within the limited 
capabilities ofthe body. This action places this amplified anti-engine also 
into the stricken cells' engine complex. Engines superpose, just as do 
potentials. This action by the regenerative system has the effect of slowly 
producing complex anti-forces in the body and inside the cells themselves, 
eliminating the detrimental engine delta, restoring the normal resident 
engine and thus time-reversing the stricken cells back to a previous healthy 
condition. It does not kill pathogens at all; that is the function of the 
immune system. In the 1960s and early 1970s, Antoine Priore in France 
demonstrated remarkable cures of terminal tumors, infectious diseases, 
clogged arteries, and other disorders in laboratory animals,”” unwittingly 


°° See (a) A. Priore, Guerison de la Trypanosomiase Experimental Aigue et 
Chronique par L ‘action Combinee de Champs Magnetiques et D 'Ondes 
Electromagnetiques Modules (Healing of intense and chronic experimental 
trypanosomiasis by the combined action of magnetic fields and modulated 
electromagnetic waves], Priore's thesis submitted in candidacy for the doctoral 
degree, 1973. The thesis was rejected when the project was suppressed. See also (b) 
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amplifying the body's own master regenerative mechanism. His work was 
suppressed in the mid-70s. 


Check our website, www.cheniere.org, for a 119-slide "porthole" briefing 
on the present author's extension whereby specialized mixes of ordinary 
EM waves can be used to initiate and perform this "delta engine 
elimination" healing process, and it can be highly amplified well beyond 
the body's normal healing capabilities. 


In 1998 we seriously proposed to the DoD, the USAF, the NIH, and other 
U.S. government institutions that a crash development program be initiated 
to develop portable units capable of rapidly (5 minutes per patient) treating 
mass casualties from coming terrorist attacks with weapons of mass 
destruction such as anthrax, smallpox, bubonic plague, Ebola virus, etc. 
Sadly, no one in the U.S. government had the foggiest notion of what we 


"Le Probleme Priore," Rapport de la Commission de 1'Academie des Sciences a 
Monsieur le Ministre d'Etat charge de la Recherche et de la Technologie, 1982, p. 1- 
22; (c) Antoine Priore, "Precede et dispositif de production de rayonnements 
utilisables notamment pour le traitement de cellules vivantes," [Procedure and 
Assemblage for Production of Radiation Especially Serviceable for the Treatment of 
Living Cells], Republique Francais Brevet d'Invention P.V. No. 899.414, No. 
1,342,772, Oct. 7, 1963; (d) Antoine Priore, "Method of producing radiations for 
penetrating living cells," U.S. Patent No. 3,280,816, Oct. 25, 1966; (e) Antoine 
Priore, "Apparatus for producing radiations penetrating living cells," U.S. Patent No. 
3,368,155, Feb. 6, 1968; (f) A. J. Berteaud and A. M. Bottreau, "Analyse des 
rayonnements electromagnetiques emis par l'appareil Priore," [Analysis of the 
electromagnetic radiations emitted by the Priore apparatus], D.R.M.E., 1971, p. 3- 
12.; (g) R. Courrier, "Expose par M. le Professeur R. Courrier, Secretaire Perpetuel 
de L'Academie des Sciences fait au cours d'une reunion a LTnstitut sur les effets de 
la Machine de M. A. Priore le 26 Avril 1977," [Presentation by Professeur R. 
Courrier, Perpetual Secretary of the Academy of Sciences, made at the meeting of 
the Academy on the effects ofthe machine of M. A. Priore]; (h) R. Pautrizel, A. 
Priore, M. Dallochio and R. Crockett. (1972) "Action d'ondes electromagnetiques 
el de champs magnetiques sur les modifications lipidiques chez le Lapin par 
l'administration d'un regime alimentaire hypercholestrole." [Action of 
electromagnetic waves and magnetic fields on provoked lipidic modifications in the 
rabbit by the administration of an alimentary hypercholesterol diet.] Compt. Rend. 
Acad. Sci. (Paris), Vol. 274, 1972, p. 488-491. The same university that rejected 
Priore's doctoral thesis in 1973, accepted a doctoral thesis on the same subject some 
11 years later due to the persistence of Pautrizel: See (i) Eric Perisse, Effets des 
Ondes Electromagnetiques et des Champs Magnetiques sur le Cancer et la 
Trypanosomiase Experimentale [Effects of Electromagnetic Waves and Magnetic 
fields on Cancer and Experimental Trypanosomias], Doctoral thesis, University of 
Bordeaux No. 83, March 16, 1984. 
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were discussing. At NIH, we never got out of their "policy" (i.e., "spin 
control") department. Not a single capable scientist reviewed the extensive 
package. The attack on the World Trade Center and the Pentagon on Sept. 
11, 2001 is just a forerunner of that which is to come. We could have been 
prepared to save hundreds of thousands of Americans, even millions. We 
shall not be ready, and the first really professional anthrax or smallpox (or 
camel pox, which is easily available and almost exactly the same as 
smallpox) attack on a major U.S. population center may leave from one to 
three million Americans dying in the streets and in their homes. Presently 
nothing will save them. It could have been different. 


10.3.2 Photons and Waves in Minkowski Spacetime 

Photons are made of angular momentum (action); i.e., of energy x time. 
Waves, being made of photons, carry both spatial (decompressed) energy 
and time (highly compressed) energy — although physics has largely 
omitted the time-energy-carrying aspect, and only accounted for the spatial 
energy-carrying aspects. An EM wave in space is actually a wave of the 
particular spacetime curvatures that produce angular momenta in 
interacting charged masses. The standard notion of E and B fields at right 
angles in a plane in 3-space, traveling along the z- direction and with the 
plane orthogonal to z-, and with E and B field vectors oscillating back and 
forth, is nonsense, as acidly commented upon by Romer {603}, the former 
editor of American Journal ofPhysics. 


Nonetheless, using the standard way of modeling the "transverse" EM 
wave: In conventional electrodynamics, a transverse EM wave is one 
where the 3-spatial energy density is considered to be varying rhythmically 
at right angles to the direction of wave propagation, and the time-density is 
assumed to be non-varying, or at least altered only by special relativistic 
considerations in certain cases.”*° A longitudinal EM wave has its spatial 
energy density fixed in x- and y- directions, and its energy density is 
oscillating along z-, the direction of wave propagation, by a "compression" 
and "rarefaction" process much like squeezing an accordion. This, 
however, leads to a "galloping" motion where the wave is alternately very 
superluminal and very subluminal at given instants, but moving at an 
average velocity ofc {604}. On the other hand, a time-density (scalar) EM 
wave by definition is not varying in its 3-spatial energy density, and 


°° We point out that a wave of varying spatial energy density is moving in a varying 
curved ST a priori, by general relativity. Ifthe "wave" were in a flat spacetime as 
normally assumed, the EM flat spacetime would eliminate the EM wave itself. This 
has been particularly pointed out by Sachs and by Evans. 
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therefore is not varying in x-, y-, or z-. Instead, the energy is in the form of 
time-energy, and its variation is in time density. So its energy density is 
oscillating along the fourth Minkowski axis, ict, as an oscillation of the 
energy density ofthe variable ¢. It is therefore polarized in the t- direction. 


10.3.3 Time-Charging, Internal Structuring, Vacuum Engines, and 
Diffusion 

Photon interaction as a spatial energy collection or energy exchange 
process is well known in physics. However, the time-charging or time- 
excitation interaction between the mass and the time component carried by 
the photon is usually ignored. 


As is well known, an atomic electron that absorbs a transverse photon 
increases its spatial energy and changes into an excited spatial energy 
state. When the electron subsequently "decays" from that excited energy 
state to a lower state, the spatial energy differential between the two states 
is emitted as the spatial energy component ofan emitted photon. This is 
the spatial energy density reaction of a transverse photon with an 
absorbing and emitting mass particle. 


Unaccounted for by physics, at the time of the energetic excitation of the 
mass (i.e., when the photon is absorbed), a time excitation — time 
charging — also occurred because the time-component of the absorbed 
photon is also attached to the mass, converting it to masstime, a new entity. 
Re-emission of the photon is accomplished by the decay of both the spatial 
energy excitation and the time-energy excitation. In the previously excited 
state after photon absorption, however, one did not have the entity "mass", 
but the entity masstime having greater topology. If mass is an observable 
and taken to be 3-spatial (as is conventional), then photon absorption and 
emission oscillates between 3-space and 4-space effects, generating both 
spatial energy and time-energy (or angular momentum) excitation and 
decay. 


Further, only masstime emits a photon. This immediately casts a very 
different light on such things as radioactive elements, which are in an 
initially excited state. Discussion of this aspect, however, is beyond the 
scope of this treatise. 


On the other hand, a scalar (time-density) photon {605, 606} has a rather 
different interaction, regardless of how physics presently treats it. Any 
atomic electron at any energy level is continually receiving and emitting 
virtual photons - transverse, longitudinal, and scalar- in its virtual photon 
exchange with the energetic vacuum. Hence it is continually "connecting 
to" or "absorbing" time components, thereby changing its nature from 


549 





ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


mass to masstime, back to mass, back to masstime, etc. Not only the entire 
electron but also each differential piece of it is performing that dance 
between mass and masstime. This is a continual changing from 3-space to 
4-space and back. There thus is a violent "chatter" of the electron (and 
each differential piece of it) in the myriad levels of its time exchanges, 
giving it 

(i) An average rate of time component exchange, 

(ii) An average "time-charge", and 


(iii) A dynamically changing, specific structuring of its time 
components. 


Whenever a mass absorbs an observable photon, the mass converts to 
masstime, with an "extension in time" as well as extension in 3-space. 
During the time-interval created in the masstime, myriads of virtual 
photons are absorbed and emitted by that mass component ofthe masstime 
entity. Hence every dt portion of the masstime state after observable 
photon absorption, is "internally structured" by the entire virtual photon 
interaction set's At's occurring within that time interval. 


By tailoring at least the larger elements of this internal structuring of the 
masstime state's virtual photon bombardment, by a deliberately induced 
virtual photon bombardment, the emitted photon from the masstime decay 
will carry away with it a desired internal "vacuum engine" structure of 
organized curvatures of spacetime. In short, two potentials superpose; that 
is one of their primary features. When they superpose, they also diffuse 
their internal structures (internal vacuum engines) into each other. 


We speak of the diffusion ofa specific vacuum engine placed in one 
interacting EM potential, field, and or wave as dimensioning the potential, 
field, or wave. Adding a dimensioned potential, field, or wave to other 
potential(s), field(s), or wave(s) diffuses the dimensioning (the engines) 
between all of the participating entities. With steady radiation of such 
dimensioned signals into a targeted object, field, wave, or potential, the 
dimensioning is gradually created (kindled) in the target, simply diffusing 
throughout it and gradually accumulating. Ifthe irradiating signal carries a 
specific disease — e.g., necrotizing fasciitis — then gradually in the 
irradiated body there will emerge all the symptoms of necrotizing fasciitis. 
If the irradiating signal carries a specific disease antiengine — e.g., for 
necrotizing fasciitis — then gradually the necrotizing fasciitis condition 
will be eliminated, with the disease organisms also being eliminated. 
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This is a more fundamental extension of the disease vector concept. Not 
only can a disease vector be induced by a physical organism such as a 
virus or bacterium, but it can also be introduced by simply capturing the 
fundamental vacuum engine pattern of the disease and using it to condition 
or dimension signals used to steadily irradiate the targets. 


This is the explanation of the Kaznacheyev experiments {607}: thousands 
of experiments performed by Vlail Kaznacheyev and his colleagues 
demonstrated the induction of almost any kind of remote specific cellular 
death and disease patterns in targeted cells, by absorption of radiation 
emitted from appropriate dying or diseased "emitter" cells with that 
condition, ifthe experiments were performed in the dark. 


Instead of looking for biogenesis causes in amino acid precursors to 
cellular life in meteorites etc., one might well look into the vacuum engine 
structures inside the light from the sun, the planets, the stars, and the 
universe in general. E.g., dead sperm can often fertilize female cells, if not 
too much physical damage and deterioration to the dead sperm cells has 
yet occurred. This is understandable, since for a time a dead but 
undamaged sperm cell will have the same resident engine as a living sperm 
cell. 


10.3.4 Some Cosmological and Gravitational Effects 

Each of the observable-sized dt's in all the serial masstimc excited states 
of the mass moving through time, is internally and precisely structured. 
The precise time history of any mass — together with all its interactions, 
experiences, etc. — is present inside the time stream of ongoing 
interactions of that mass with photons. These virtual photon changes are in 
fact deterministic and come from every part of the universe, as shown by 
Puthoff {608} in his self-regenerative cosmological feedback cycle. We 
have merely extended his cosmological feedback to include the time 
domain as well as the energy domain. We hypothesize without further 
discussion that this internal structuring of the time-domain for every mass 
or object will eventually be connected with the quantum concept of the 
geometric phase {609}. 


When a transverse photon interacts with a mass in the presence of other 
photon interactions, the mass can act as a phase conjugate mirror and form 
the phase conjugate replica photon (an antiphoton). For a longitudinal 
photon, the antiphoton prior to observation is a scalar photon. We propose 
that in the unobserved causal state the photon and antiphoton can couple 
(strong interpretation of the distortion correction theorem) and form a spin- 
2 graviton. According to quantum field theory, one may already interpret 
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the common scalar potential as being comprised of such spin-2 gravitons 
{610, 611} if we speak of the situation prior to observation. 


As opposed to the accounted spatial energy charging of the familiar 
transverse photon interaction, the longitudinal photon interacting with 
mass will cause immediate phase conjugation by the mass because of the 
accompanying scalar photon (accompanying antiphoton prior to 
observation). When one pumps with longitudinal EM waves, one also 
inadvertently pumps with time-polarizcd EM waves simultaneously. 


From its background "time-energy pumping" in its vacuum exchange, the 
mass forms the phase conjugate replica, which couples to the incident 
longitudinal EM photon. This forms (wave view) bidirectional longitudinal 
EM wavepairs (conjugate pairs), comprised of (particle view) internal 
coupled longitudinal photon-antiphoton pairs. Each of those internal 
photon-antiphoton pairs is a spin-2 graviton. 


Each such conjugate longitudinal wavepair actually contains a time- 
density (time-polarized) or scalar EM wave. So the interaction of LWs and 
their accompanying scalar waves immediately initiates the formation of 
time-density waves, which then primarily perform a time-charging 
interaction. In addition, even for an equilibrium time-charging state, the 
"masstime" state of the interacting electron contains a specific structure of 
the time elements in the electron-time's time component. Each of these 
infolded time elements is also time-charging the electron. 


10.3.5 Charging and Excitation Considerations For Cold Fusion 
Purposes 

So there are several new types of charge or excitation that are involved in 
cold fusion and other phenomena. One may speak of charging and 
excitation such as gravitational charging, time charging, time-energy 
excitation, time-energy charging, etc. 


Both the longitudinal photon and the scalar (time-polarized) photon are in 
fact known in physics, but usually neglected, at least at the end of 
calculations. E.g., Gray {612} puts it this way about the four kinds of 
photon polarizations and the habitual elimination of the higher ones: 


All that quantum theory can say is that there are two 
transverse photons, a longitudinal photon anda scalar 
photon. It must be decided by other means which are 

"desirable" states and then it is customary to "eliminate" 
the longitudinal and scalar photons by invoking a 
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subsidiary condition, now somewhat weakened from the 
Dirac form. 


For our purpose in examining the cold fusion experiments, there exists a 
completely unsuspected "time-charge" set of excited states for an atomic 
electron, a proton (as in an H+ ion), etc.””’ There also exists a "time- 
structuring" of the time-charge excited time-state, which we will see is 
important in certain highly anomalous instrument phenomena. Uncovering 
this time-charging and time-structuring interaction has been one of the 
major results ofthis author's long effort to decipher the functioning of the 
healing (cellular regeneration) system of the body as well as his efforts to 
decipher the fundamental nuclear transmutation mechanism in cold fusion 
transmutation interactions at feeble spatial energy. 


In summary: For longitudinal photon interaction, the atomic electron 
"absorbs" the longitudinal photon and its accompanying scalar photon, 
being simultaneously spatial-energy excited (charged) by the longitudinal 
photon and time-energy excited (time-charged) by the scalar photon. This 
time-excited state (of masstime) then subsequently decays, emitting a 
longitudinal photon accompanied by a scalar photon in the process. 


7 See again footnotes 287, 288, and 289. From our mechanism propelling a mass 
through time, time-charging and discharging play the causal role. The acquisition of 
dt by mass m produces masstime mt, then the subsequent photon emission decay of 
mt back to m produces "propagation of mass m forward through time" by one 
"jump". Time charging with -dt and subsequent photon emission is what produces 
"propagation of mass m backwards through time" by one "jump". Evans et al. 
proved that even up to the micron scale physical particles and their dynamics can run 
backwards in time for up to two seconds or more. The fluctuation theorem proved by 
Evans and his colleagues in 1993 shows us that, at the scale of a proton and neutron, 
there can become a high probability of significant time reversal of the physical 
dynamics. This means that the law of attraction and repulsion of charged particles 


-such as two H+ ions in solution — "runs backwards" or is reversed, so that 
momentarily like charges attract and unlike charges repel. We have called the region 
in which this reversing of the physics occurs a time reversal zone (TRZ). With the 
reccentwork of Evans et al., the existence and occurrence of TRZs even well above 
the proton (the H+ ion ) level is now clearly established, including the reversing of 
the physical dynamics. These concepts have not yet been applied to cold fusion 
interaction results by the leading cold fusion researchers, but they now stand as 

explaining the most probable mechanism for the observed phenomena. In this 
Chapter we have written some of the typical new nuclear reactions that can occur in 
such a TRZ, and the exact products of these reactions are widely reported in several 
hundredsuccessfulcoldfusionexperiments. 
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We shall return to time-charging and time-charge decay when we examine 
and explain the odd instrumental anomalies experienced for some time in 
experiments at China Lake. 


10.4 Time Reversal Zone and New Nuclear Reaction 
Mechanisms 


It follows that the flow ofa mass through positive time must involve a 
preponderance of reactions with photons rather than antiphotons, since net 
absorption and re-emission of photons (rather than antiphotons) is 
involved. Otherwise, the absorbing and emitting mass would not 
accomplish little "jumps" forward in positive time. 


Suppose we deliberately arrange a situation where the target mass is 
interacting with a preponderance of antiphotons. In this case, the mass will 
be time-reversed, as will be the EM energetics. ** This leads us to the 
novel concept of a time reversal zone just described in footnote. 


A time-reversal zone (TRZ) is a region of space, or electrolyte, etc. in 
which given masses or charges of interest are interacting on the average 
with more antiphotons than photons. Consequently, in the TRZ the usual 
EM energetics are reversed and normal charge reactions appear to "run 
backwards" insofar as the spatial 3-space observer is concerned. 


For example, in electrolytes in a region of highly loaded positive charges 
in a loading palladium lattice with properly prepared surface, a very great 
number of double surfaces exist. Hence a great number of scalar 
interferometries continually occur from that large number of double 
surfaces acting as scalar interferometers {613}. Because of the highly 
excess positive charge loading, these interferometers are predominately fed 
by negative EM energy from the positive charges. Hence, in the distant 
interference areas in the electrolyte outside the palladium lattice, some 


°°8This is not time-travel in the classical science fiction sense. For time-travel, the 
traveling object must remain moving in its own forward time, while the entire 
remainder of the universe must be reversed in its time and must move backward in 
time to a past coordinate. That is not what is happening here, and no one is 
suggesting we can time-reverse the rest of the universe! Instead, energy can be 
reversed in time, as proven in nonlinear phase conjugate optics. So can mass-energy 
and charge-energy, as shown by the Dirac theory of the electron. An observed 
positron is an electron observed while traveling backwards in time, so to speak, with 
respect to the observer. But it is observed in observer forward time as traveling in 
the opposite spatial direction, having positive mass and positive energy, and with the 
sign of its charge reversed from negative to positive. 
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negative energy fields and negative energy potentials are produced 
dominantly. An excess of antiphotons is produced in those interference 
zones where an excess of antiphotons appear due to the scalar 
interferometry. In those little interference zones, the simple positive ions 
are momentarily bathed in an excess of antiphoton interactions. This is 
therefore a time-reversal zone of momentary time-reversed EM energy 
flow. 


From a palladium lattice loaded with H+ or D+ ions, and also having a 
proper surface with many work grooves and thus many small 
interferometers, random fluctuations in the scalar interferometry occur in 
the adjacent electrolyte. Some of these random scalar interferometries 
continually form fleeting time reversal zones (TRZs) in their interference 
zones in the surrounding electrolyte. The very large energy required for the 
formation of each TRZ and its reversal of the normal laws of attraction and 
repulsion of charges, is available from conversion of time energy from the 
time domain as a result of the giant negentropy mechanism in 4-space 
ongoing in the loaded positive charges (614, 615} in the palladium lattice. 








REVERSES INTO A COULOMB 
ATTRACTION FORCE 


10-1a. Normal time-forward zone —s = oa ee . 
e COULOMB REPULSION FORCE : 
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W RADUS 





10-1b. Time reversal zone 


Figure 10-1 Forces on nuclei of simple ions in time-forward and time-reversal zones. 


See Figure 10-1. In Figure 10-la, two hydrogen ions (two free H+ protons) 
in anormal electrolyte and in a normal time-forward zone are shown. The 
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Coulomb barrier dramatically increases the forces of repulsion between the 
two H+ ions as their kinetic energy may be driving them momentarily 
toward each other. This Coulomb barrier becomes so strong that it stops 
the approach of the two ions and forces them back apart, or to deviate 
aside from their paths, before each can ever enter the very short-ranged 
strong force region of the other. Consequently no nuclear reaction occurs, 
but only a common chemical reaction. The maintenance of that Coulomb 
barrier is all that prevents energetic ions from being driven together 
closely enough to engage the strong force and cause the ions to form a new 
nucleus (cause a transmutation). 


Now see Figure 10-lb, for the same two ions that suddenly find 
themselves in a momentary time-reversal zone (TRZ). In a temporary 
TRZ, suddenly like charges attract and unlike charges repel, exactly in 
reverse of the normal behavior of charge attraction and repulsion. The 
usually increasing Coulomb barrier (repulsive force between the two 
approaching H+ ions) has disappeared and been replaced by an increasing 
Coulomb attractor (attraction force). Further, the strong force has been 
partially reversed and much weakened since the gluon forces are 
dramatically reduced and fluctuating.” The attractive strong force is now 
a partially repulsive force and so it is much weaker. Consequently, the 
quarks in a proton or neutron are not nearly so strongly bound as they are 
in a normal time-forward zone (TFZ). 


A TRZ represents a highly time-charged excited local state in that local 
region of the electrolyte. The moment a TRZ is formed, the surrounding 
ions in the electrolyte outside the TRZ immediately move or deviate their 
movements to reverse this TRZ action*”’ and convert it back to a time- 
forward zone (TFZ). Hence once it is born in the electrolyte, the TRZ 
decays rapidly due surrounding ion movement changes, and even more 


°° Again we stress the tremendous energy density ofthe time-energy involved. 
These cold fusion interactions are actually higher total energy reactions than nuclear 
physics presently uses, even though the spatial energy density of the reactions is 
very small. Together with the now-proven fluctuation theorem of Evans et al., the 
TRZs and reversal of the normal Coulomb barrier into a Coulomb attractor open up a 
vast new nuclear chemistry of direct nuclear transmutation reactions at low spatial 
energy but at very high tempic energy. The ability to directly engineer the quarks 
and the gluon forces, e.g., opens up a new chemistry of direct subparticle 
engineering heretofore considered quite impossible by chemical means. 


3 Their approach increases the fraction of photon reactions relative to antiphoton 
reactions, since the other ions are moving in a TFZ on the average. 
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rapidly due to the rapid variation in the fluctuating scalar interferometers 
in the loaded palladium lattice. In most cases, the random fluctuation in the 
scalar interferometry is so rapid that the TRZ decays back to a normal TFZ 
before the two approaching H+ ions can reach each other (reach each 
other's reduced strong force repulsion region). However, in a certain 
percentage of approaches, the two approaching like-charged ions will 
"reach each other" — i.e., each will enter the weakened strong force region 
of the other before decay of the TRZ occurs. 


See Figure 10-2. In Figure 10-2a, we show the case in which the TRZ lasts 
long enough for the two H+ ions to reach each other's strong force 
repulsion zones and form a quasi-nucleus. Here they vibrate back and forth 
in a dynamic dance around the zero net force axis between their repulsive 
strong forces and their attractive Coulomb forces. In this case, a new kind 
of nuclear reaction is set up to occur. Decay from this excited quasi- 
nucleus state in a TRZ can occur into a real nucleus in a normal TFZ. 
Energetically, because the quarks are so loosely bound now*”’ the 
preferred decay mechanism when TRZ -> TFZ is by appropriate quark 


flipping. 


As a little bit more time passes, the interferometry changes and the TRZ 
decays, returning back to a normal TFZ. In a change from TRZ to TFZ, the 
energy change is enormous because time-energy is involved, with energy 
density equal to mass. The only difference in a proton and a neutron is the 
orientation of one quark (three quarks make up each of the particles). As 
TRZ decay starts and progresses, the strong force changes back to a 
powerful attractive force. It increases its strength far more powerfully and 
quickly than the Coulomb attractive force reduces its reversal and changes 
back to a repulsive force. The addition of the extra energy from the now- 
increasing strong attraction force simply causes one nearly-freed quark in 
one of the two H+ ions to flip, converting that H+ ion into a neutron n. 
Instantly the preferred decay product is the deuterium ion D+. So the H+ 
and the n simply draw a bit closer together, each now fully inside the 


3°! 'Toappreciate the sheer raw power of the time-energy control of interactions, 

simply examine the enormous spatial energy density required in high energy physics 

to try to approach the "free quark" condition. Enormous and very expensive spatial 
energy accelerators are used, at the absolute state ofthe art. By going to the use of 

the extraordinarily dense time-energy, quarks can readily be freed or nearly freed in 
electrolytes, and they are nearly freed in more than 600 relatively simple and 
inexpensivecold fusionexperiments {753)on the bench-top toallow new nuclearreactions 

by quark flipping, where a proton turns into aneutron or vice versa. 
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rapidly increasing attractive strong force region of the other. This converts 
what had been a quasi-nucleus of two H+ ions into a real D+ nucleus. This 
result is shown in Figure 10-2b. 


ZERO-FORCE AXIS 
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10-2a. fons move to form a quasi-nucleus 


Figure 10-2. Production of quasi-nucleus and its decay by quark-fl ipping into anew 
nucleus as the time-reversal zone decays back to a time-forward zone. 


Recapitulating: As the TRZ subsequently decays back to a normal time- 
forward zone (TFZ), the new quasi-nucleus becomes an excited state, and 
decays. However, the quasi-nucleus decays by very novel means. Because 
of the time reversal, the energy changes induced in the decay start at each 
spacetime point inside the quasi-nucleus, deep inside the quarks, and 
proceed outward. The first interaction of the decay mechanism is with the 
quarks comprising the nucleons (in this case, the protons). With the gluon 
forces still very much weakened, quark flipping becomes the preferred 
decay mechanism. Hence one quark in one proton flips its orientation (that 
is the mechanism of decay!) and the nucleus — now a nucleus comprised 
of a proton and a neutron — becomes a nucleus of deuterium. 


As can be appreciated, the clustering of different types of like-charged but 
relatively simple positive ions in TRZs in solution, with subsequent decay 
of the TRZ into a TFZ, initiates a revolutionary new family of nuclear 
reactions at low spatial energy (but very high temporal energy), completely 
contrary to, and not included in, the present forward-time high-spatial 
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energy (but very low time-energy) reactions model known in particle 
physics. 


In the future, as these new time-energy-based reactions are extended and 
mastered, scientists will simply assemble desired nuclides in solutions in 
the laboratory, at low spatial energy (but high time-energy) and at will. We 
point out but do not pursue further the fact that these new reactions also 
open up cheap, practical, electrochemical means of altering nuclear and 
chemical wastes. We therefore foresee a dramatic development in this 
area, in order to clean up the presently polluted biosphere of much of the 
chemical and nuclear waste contaminants. 


Indeed, we propose that a very strong program in mastering these new 
nuclear reactions be launched and supported by the U.S. Department of 
Energy, so that the nuclear wastes storage problem can be permanently 
solved, much more cheaply, and without having to store hazardous nuclear 
wastes for centuries. Instead of merely talking about "out-of-the-box 
thinking and research", the DoE should actually do some of it, over the 
violent objections of the entrenched conventionalists of the national 
laboratories. Their own great national laboratories are the major part of the 
problem, not the solution, for both innovative nuclear reactions and 
innovative energy systems! The problem is that "in-the-box" entrenched 
conventionalists do not perform or allow "out-of-the-box" research that 
strongly threatens their vested interests. 


The TRZ decay conversion of two protons into a deuteron — by easily 
flipping one quark in one proton — is an example of the so-called "nuclear 
reaction at low energy" that has been so controversial to the orthodox 
scientific community, even in the face of some 600 successful cold fusion 
experiments. Contrary to the assumption of the conventional physics 
community and the skeptics, these are not "low total energy" physics 

reactions atall. Instead, they utilize energy density onalevel 
commensurate with that achieved in the largest accelerators available and 
even much higher. This is actually a much higher total energy physics than 
the present conventional high energy physics heretofore known or used. 


Particularly in a deuterium-enriched (deuterated) electrolyte, a variety of 
simpleion arrangements of D+ ions and H+ ions can occur. Many of these 
combinations and arrangements can and will occur in TRZs if sufficient 
loading of the palladium lattice is achieved. Below we will present and 
explain a few of these new nuclear reactions that have occurred in 
successful cold fusion experiments. First, to be tidy we must correct the 
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present statement of the conservation of energy law by extending it to 
include time-energy. 


The excess heat usually experienced in the electrolyte is explained by the 
added negentropy (added energy) from the time-domain, which then 
dissipates randomly in the solution, producing excess heating. Later we 
will cite strong experimental evidence for the involvement of such time 
charging (time-energy charging), with subsequent time-charge (time- 
excitation) decay as ordinary photons in cold fusion experiments. 


10.5 Revision of the Conservation of Energy Law 


10.5.1 Unaccounted Transduction Extends the Conservation of Energy 
Law 

Along with the re-emission of all the previously absorbed spatial energy, 
all the previously absorbed time-charge of the excited electron may be re- 
emitted with a longitudinal photon/scalar photon pair (a graviton) when the 
time-excited state decays. In that case, no energy-charging permanent 
change results to the electron's original energy state. Hence no "electron 
wiggle" will be created and our normal "electron wiggle" detectors 
performing such non-transducing longitudinal EM wave interactions will 
not exhibit an indication. In short, the "pure" time-charging EM LW 
interaction is unobservable to present instruments. All they "see" is the 
"same electron" sitting there and "flowing through time". 


However, iftwo or more such gravitons are simultaneously emitted from 
various reactions in time-decays, the emitted scalar photons and waves 
may interfere at some little distance. In that case, transverse EM waves and 
ordinary EM energy will be produced in the interference zone {613}. To 
the external observer, these EM fields and forces will simply seem to arise 
spontaneously and emerge from every point in spacetime inside that 
interference zone, moving outward from there in conventional 
"propagation through space” manner. In that case, the normal "photon" 
(actually, graviton) decay processes plus scalar interferometry have 
resulted in transducing some time-energy into ordinary spatial EM field 
energy. Such reaction provides the excess heat demonstrated in successful 
cold fusion experiments. 


This is also a true action at a distance reaction, presently unaccounted in 
particle physics. Action at a distance is required in quantum mechanics, 
and it has been experimentally demonstrated multiple times in distant 
photon correlation experiments. Once any action at a distance is admitted 
because it has been experimentally proven, there is no logical restriction 
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that only a single mechanism exists for it. Consequently, many of the 
present foundations assumptions of physics and some of the things 
previously abandoned because of their conflict with those assumptions will 
have to be re-examined {616}. 


Scalarinterferometry is indeed a mechanism for action at a distance. While 
still mostly absent from open physics, it has already been weaponized by 
some 10 nations ofthe world. Indeed, U.S. Secretary of Defense William 

Cohen confirmed in 1997 that (novel) electromagnetic processes are 

already being used to initiate earthquakes, stimulate volcanoes into 
eruption, and engineer and control the weather {617}. Whether or not it is 
present in the particle physics texts, scalar interferometry is being widely 
used clandestinely in several armies today. It has also been used to shoot 
down missiles and aircraft as tests. The so-called "Cold War" was not 
quite ascoldas the news media and U.S. scientific community were led to 
beleieve. 


Because ofthe ubiquitous involvement of unaccounted time-energy in all 
photon interactions, anextension to the present form of the conservation of 
energy lawisrequired. The present (special case) law is 


E(E); + E(m),; = E(E) + E(m)2z [1] 


where E(E)=energy inconventionalnon-massive energy form, E(m)= 

energy inmassform, subscript 1 referstothe measurementattime 1, and 
subscript 2 refers tothe measurement attime 2. This isjustthe well-known 
Einstein formulation thatthe sum ofthe ordinary energy and the mass- 
energyisconserved. 


However, that law is fora special case. Itassumes that there is no 
transductionoftime-energy intoeithermass-energy orordinary energy. 
Le.,itassumes3-symmetry andt-symmetryin EMenergy flow. Since 

every charge in the universe already violates both that3-symmetry and 
t-symmetry ofenergy flow, the fundamental assumption in the Einstein 

formulationis falsifiedbythe generalcase. Theconventionalconservation 
of energy law is aspecial case where only the two mentioned energy flow 
symmetries are upheld. When they are violated, then transductionof EM 
energy between 3-space and time occurs. For that case, the conservation of 
energy law mustbeextendedto 


I (EB), + E(m), + E(t); = E(E)> + E(m)2 + E(t)s [2] 


The new law simply states that the sum of the ordinary spatial energy, the 
mass-energy, and the time-energy is conserved. This extension of the 
conservation of energy law becomes important in successful cold fusion 
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experiments, where transduction of time-energy into ordinary heat energy 
occurs and where one encounters very anomalous reactions differing from 
those reactions known and accepted in conventional nuclear physics. 


10.5.2 Transduction Between Time-Charging and Spatial Energy- 
Charging 

The oscillating energy (spatial and temporal) in a moving EM wave in the 
vacuum represents a moving oscillation of spacetime curvature. Simply 
put, the so-called electromagnetic wave in space is actually a gravitational 
wave in space, since it is an oscillation of the local energy density of 
spacetime and therefore an oscillation ofthe curvature of local spacetime. 
It "transports" gravitons (scalar photon/longitudinal photon pairs) rather 
than merely photons. So let us now consider it as a gravitational wave. 


In the absorber under special conditions, a small fraction of the graviton 
wave time-density absorbed will sometimes change (transduce) its time- 
energy into what we call transverse photon energy effects {618}, with 
something like a 10'’ gain in spatial energy in joules compared to the time 
in seconds that actually transduces. In other words, 1 second of time 
transducing into EM transverse wave energy (using the standard EM 
modeling approach) will yield approximately 10'’ joules of spatial EM 
energy. Since one can change energy from one form to another, one can 
change time-energy into 3-spatial energy and 3-spatial energy into time- 
energy, the two being merely opposite sides of the same coin, and both 
always involved in any situation exhibiting electrodynamic dipolarity. 


In one's physics model, the choice of fundamental units is purely arbitrary. 
Everything can be expressed in a single fundamental unit, as pointed out 
by Jackson (see quotation from Jackson at the beginning of this chapter). 


In a situation where 3-symmetry and t-symmetry in EM energy flow are 
broken, part ofthe time charging of the atomic electrons (or ions) 
sometimes changes (transduces) into spatial energy charging and vice- 
versa. This cross-dimensional decay of time-excitation states results in the 
emission of some extra transverse photons that may be either photons or 
antiphotons, depending on the exact interactions. The point is, tremendous 
excess EM spatial energy can appear and either be emitted as heat or 
interacted to perform new nuclear interactions as extraordinarily high 
local energy density. This is the master mechanism enabling anomalous 
cold fusion transmutation reactions. The amount of time transduced will be 
so small that it will usually escape notice, unless stringent efforts are used 
to measure changes in the local flow of time. 
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The excess photon energy (excess 3-space EM energy) appearing in these 
rather random but powerful transduction interactions often accounts for the 
production of anomalous excess heat - for example, as occurs in many 
cold fusion experiments. Where scalar interferometry is maximized, a 
more exact action will be detailed below for the specific nuclear 
transformations that occur by novel new nuclear reactions. These novel 
nuclear reactions occur at low initial spatial energy but with some time- 
energy transducing into additional very high spatial energy to initiate the 
interactions. 


10.5.3 Resolving the Energy Conservation Problem in Cold Fusion 
When transduction is involved, standard "transverse EM waves only" 
computations will seemingly yield violation of energy conservation — 
e.g., from the emission of excess heat. That is an erroneous interpretation; 
energy overall is conserved, but some of the unaccounted time-energy 
flow is transduced into 3-spatial transverse photon energy dissipation. 
Neither 3-spatial energy nor mass-energy nor time-energy alone, or in any 
pairing, need be individually conserved; only the combined total energy of 
all three energy components is conserved. This resolves the present major 
"sticking point" between the cold fusion researchers and the conventional 
"transverse wave" nuclear and electrodynamic communities regarding 
energy conservation difficulties and perpetual motion accusations. Those 
making the accusations and those defending against them are both using 
only a special-case conservation of energy law, and a more general law is 
required. 


Let ¢ = time in seconds, and W= energy injoules. Rounding the speed of 
light to 3 x 10° meters/sec, the energy Wyw emerging as transverse wave 
EM energy in 3-space by the transduction of time into 3-space energy is 
approximately 


le SEc:=C 9x 10'° joules [3] 
and 
>Wiw =9 t (in joules) [4] 


Let us present the new energy conservation law in slightly different form. 
Let Wrw = energy measured in spatial energy form, conveniently taken as 
transverse wave (TW) EM energy. Let W,,, = energy in mass form (energy 
compressed by c’). Let W, = energy in time form (energy compressed by 
c’ ),The present conservation of energy law is 


Yew + Wr I [5] 
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The new extended conservation of energy law is 


Wrw + Want We = Wooray [6] 
The conventional particle physics accounting will see only 

Wrw + Wn= Weoral [7] 
The conventional accountant will be unable to see 

t => Wrw [8] 
so he will observe that the experimenter is reporting that 

[Wrw + Walit [Wrw + Wale [9] 


which in his lexicon is a violation of the conservation of energy law itself. 
In short, he will identify it as a typical example of a claimed perpetual 
motion machine or interaction. Then the defender of the faith will wax 
eloquent, applying labels such as "perpetual motion nonsense", "voodoo 
science," etc. He himself is practicing a hoary old "voodoo" science and 
ignoring newer science. None of these defenders of the faith even know 
what powers an electromagnetic circuit or how it is that every little charge 
in the universe is able to continuously pour out observable EM energy in 


all directions, with no observable EM energy input. 


On the other hand, a reasoned response will be given by real scientists still 
following scientific method, when faced with the numerous replicated 
successful experiments. The scientific method insists on the absolute 
priority of the replicable experiment over the predictions of any theory. 
Consequently, such reasonable scientists will advise that the protagonists 
cease their vitriolic rhetoric and let real science take its course; i.e., let 
further experiments confirm or refute reported successful results of cold 
fusion experiments.*°” 


3 Precisely such a reasoned response by chief editor Donald Kennedy of the journal 
Science has recently been given, providing a breath of fresh scientific air into an 
attempt by "defenders ofthe conventional faith" to destroy publication of important 
experimental results in sonoluminescence. The article which courageous editor 
Kennedy approved for publication — over intense objections of the professional 
critics — is R. P. Taleyarkhan et al., "Evidence for Nuclear Emissions During 
Acoustic Cavitation," Science, Vol. 295, Mar. 8, 2002, p. 1868-1873. We heartily 
commend Editor Kennedy for this classic example of how science should be 
conducted — so that experiments, not prevailing dogma, determine what is valid and 
what is invalid. 
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What the professional skeptic will not see is that his own expression of the 
conservation of energy law has been incomplete, and that it is his own 
inadequate "measurement yardstick" assumption that is now in error. The 
extended conservation of energy law of course still holds, but the 
conventional special case law is violated because its fundamental 
assumption — that time is not transduced to spatial energy in the 
experiments —has been violated in the experiment. 


Indeed, with the publication of the work of Evans et al., experimentally 
proving the fluctuation theorem and the high probability of time reversal 
zones appearing for short but significant periods at up to micron levels, the 
second law of thermodynamics has been rigorously proven to be violated. 
Hence the conventional scientific community's rather dogmatic objection 
to the extra heat of cold fusion interactions is no longer scientifically 
justifiable. 


Understanding of the extended conservation of energy law and the 
permissible violation of the second law of thermodynamics resolves the 
present thorny dissension within the scientific community over the excess 
spatial energy produced by cold fusion. It also resolves the issue of what 
could possibly be a source of such intense energy density as is required for 
nuclear transmutation reactions. 


Any ordinary system is indeed an open system, freely and continuously 
exchanging energy with its temporal environment as well as the seething 
active vacuum.*”” If the system is in temporal energy equilibrium in that 
exchange, then the present restricted conservation of "spatial and mass" 
energy law applies and one does not have to consider the interactions 
between supersystem components. Ifthe system is placed in disequilibrium 
with its temporal energy environment, then supersystem components 
interact asymmetrically and the extended conservation of energy law 
applies. In that case, excess spatial energy can be and will appear in the 
system whenever time transduction into spatial energy is occurring. 


33 But see our Appendix A. Present thermodynamics rather inanely defines a 
"closed" system as one where no mass exchange crosses its boundary with its 
environment, but energy exchange can and does. In that view, a "closed" system can 
be far from equilibrium in its energy exchange with its active environment, and thus 
demonstrate the five magic attributes of such disequilibrium systems. In this book 
we have deliberately chosen to treat a "closed" system as one in which neither 
energy nor mass exchange crosses the system boundary — which classical 
thermodynamics refers to as an "isolated" system. We explain all this (and why) in 
Appendix A. 
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The implications of cold fusion energy transduction are that 
(1) Time is being "burned" or transduced as a "fuel" and source of energy, 


(2) Transduction of only one microsecond per second will yield 9x10'° 
watts steadily. That's 90,000 megawatts of energy per second — the 
equivalent of 90 large 1,000-megawatt power plants — if all the 
transduced energy were collected and used to power loads with 100% 
efficiency. 


(3) Thousands of new nuclear reactions are made possible and feasible by 
local transduction of time-energy into 3-spatial EM energy. 


(4) Appropriate capture and use ofa portion of the excess energy can be 
accomplished to power loads. 


Even if we capture and utilize only 1% ofthe transduced time-energy to 
power the loads, where the time-energy to spatial energy transduction 1s 
only the transduction of 1 microsec/sec, thatsystem will produce the normal 
EM energy to power 900 megawatts in the load. That's almost 90% ofthe 
capability of a modern 1,000-megawatt power plant. That is quite a 
respectable electrical power system. It only requires the transduction and 
"burning" of one microsecond of time per second, without any nuclear 
wastes or hydrocarbon byproducts. 


As can be seen, transducing time into energy is by far the most efficient 
way to go to develop new power plants for the future. This is particularly 
true since every charge in the universe already transduces time-energy 
flow into spatial EM energy flow. Indeed, we may consider that the 
negative charge transduces time-energy flow into the spatial outflow of 
EM positive energy, while the positive charge transduces negative time- 
energy flow into an outflow of EM negative energy. The process is useful 
not only for power applications, but also for transport applications as we 
briefly pointed out in Chapter 8. 


10.6 Some Resulting Low Spatial Energy Nuclear 
Reactions 


Refer again to paragraph 10.4 above. Summarizing: The formation of time- 
reversal zones (TRZs) is what enables the appearance of the new nuclear 
reactions in the electrolyte in cold fusion experiments. It does this by 
changing the Coulomb barrier between like charged ions into a Coulomb 
attractor. Further, the rate at which TRZs form and decay in the solution is 
a function of the frequency and intensity of the scalar interferometry from 
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the loaded palladium lattice. This means that the appearance of the new 
nuclear interactions in the electrolyte is also a function of the degree of 
loading of the palladium lattice, as well as the "double surface" 
interferometry preparation of the palladium, its cracks, etc. These are the 
major variables. Once the major variables provide the solution for 
significant formation of TRZs, then the following reactions can and do 
appear. 


The sample reactions we present here are just a few of the thousands of 
new reactions possible. These example reaction products have been found 
in a great many successful cold fusion experiments in various laboratories 
around the world. Some 600+ successful experiments have now been done, 
and a sizable literature has built up and continues to be built up on the 
experiments and their results. 


For our sample reactions, the primary mechanism of interest consists of 
several parts: 


(1) Formation of a TRZ, in which two positive ions (we 
shall look at H+ and D+), now attract each other. Also, 
the gluon forces in the proton and neutron, in the ions 
of interest, are significantly lessened, so that the 
quarks in each proton and neutron are very much more 
loosely bound. Consequently, decay from an excited 
state by quark flipping to turn a proton into a neutron 
or vice versa becomes an attractive option. The strong 
force is therefore reduced in radius. 


(ii) Two positive ions now attract each other so closely 
that each enters the edge of the weakened strong force 
region of the other. This forms a quasi-nucleus 
because of the limited involvement of the weakened 
strong force. 


(iii) The other ions in solution surrounding the TRZ 
immediately move (as soon as the TRZ is formed) to 
negate the TRZ and decay it back to a time-forward 
zone (TFZ). This action initiates the decay of the TRZ. 


(iv) As the TRZ lessens and then turns back into a TFZ, the 
strong force expands its size faster than the novel 
Coulomb "like attracting like" force reduces and 
reverses. 
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The rapidly expanding strong force of each of the two 
ions in the quasi-nucleus fully envelops the other ion, 
increasing the disequilibrium of the two-ion quasi- 
nucleus. A condition is reached where the most 
probable mode of decay is the flipping of one quark in 
one of the positive nuclei. 


The quark flips, turning that H+ ion into a neutron n. 
This is a quasi-nucleus of deuterium (D+), still in an 
excited state but with less excess potential energy in 
the excited state. At this point, the TRZ is vanishing 
and the TFZ state is returning. 


As the TRZ vanishes and TFZ state increases back to 
normal, the most probable mode of decay increasingly 
is to a full deuterium nucleus. Hence the H+ and n 
simply draw completely into normal deuterium 
binding position, bound by the normal strong force. 
This constitutes a normal D+ ion, now existing in a 
normal TFZ. 


So by formation and decay of a significant TRZ, two 
H+ ions have been drawn together into a quasi-nucleus 
consisting of two H+ ions partially bound by a 
weakened strong force. As the TRZ decays and the 
Coulomb repulsion resumes, the strong force increases 
back to full strength faster than the Coulomb repulsion 
force returns and repels the two H+ ions. Since the 
quarks are much more loosely bound than normal, a 
quark in one ofthe H+ ions has flipped, turning the ion 
into a neutron n. The H+ ion and the neutron, partially 
bound already in a quasi-nucleus, simply "tighten" into 
a normal D+ nucleus as the TFZ condition is fully 
resumed. 


The nuclear reaction equation for the above interaction may be written as 
"Hy + 'H,* > (('H,* = i 1H,*)) => (‘no + 'H,*) > 2H4+ = “D,° [10] 


In equation [10] we use the left superscript as the number of nucleons in 
the ion nucleus, the right subscript as the protons in the ion nucleus, and 
the right + superscript to show the overall charge ofthe ion and its sign. 
We use the expression in parentheses to show the involvement of a time- 
reversal zone (TRZ). Double parentheses show a stronger TRZ than single 
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parentheses. Thus from double parentheses to single parentheses to no 
parentheses shows the initial formation and subsequent decay of the TRZ. 


Another interaction involves a D+ ion and an H+ ion, to produce tritium. 
This is: 
*D,° +'H ((7D,* + 'H,*)) => (D4? + 'no) > PHY = 3T1* 11] 


That reaction transmutes a deuterium ion and hydrogen ion into a tritium 
ion. Without showing it, in a TRZ three *H,* ions may also attract into a 
quasi-nucleus, and as the decay of the TRZ occurs, first one proton turns 
into a neutron and then a second one does also, by quark flipping. This 
nuclear reaction also produces a fusion into tritium. 


Another reaction between two deuterium ions is" 
2D, + 7D ((°D,* + 7D,*)) = [2(°H,* + 'no)] > *He2* =a [12] 


That interaction — particularly in pre-deuterated electrolyte solution — 
gives the excess a particles produced in a great number of the cold fusion 
experiments. 


A rarer but still occurring interaction is: 
4('H;*] => ((7D,* + *D,*)) = *He2* =a [13] 


Indeed, reaction [13] may occur to completion and formation of a particles 
in some of the transmutations in an electrolyte, while it proceeds only to 
the intermediate phase in others. In that case, both deuterium ions and a 
particles may be produced out of the same overall "chain of reactions" 
where some reactions proceed all the way and some do not. 


These interactions are directly using and transducing time-energy by use of 
the TRZ to time-reverse the Coulomb repulsion law for like charges. From 
the reactions, excess energy given off as heat may and will occur. 


The nuclear physicist and nuclear chemist can immediately see a great 
many new nuclear reactions now made possible by the adroit production 
and decay of TRZs. A great number of these new nuclear reactions are 
now possible by this means, which are impossible in ordinary nuclear 
chemistry without the deliberate formation of TRZs. 


These few examples serve to illustrate the process, and these reactions 
represent res alts already achieved in numerous cold fusion experiments 
worldwide, by many researchers and multiple laboratories. Now we turn to 
other evidence strongly supporting the novel nature of these reactions 
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rather than several other proposed reaction equations yet to be proven. The 
other proposals do not explain the next type of new experimental reaction. 


10.7 Time-Energy Can Generate Instrumentation 
Anomalies 


Strong evidence for time-charging and time-charge decay is 
experimentally demonstrated in electrolyte experiments where time- 
reversal zones (TRZs) are operating, and thus where some localized 
processes are running backwards in violation of the second law of 
thermodynamics. Weak time-charging of photon-absorbing and emitting 
matter, with special patterns of spacetime curvatures (engines) induced by 
time-density oscillations and structuring, is persistent in matter, having 
"charge-up" and "decay" times that may last for minutes, months, or even 
years. A very wide range of previously anomalous phenomena, both in 
inert and living matter, is explainable by these new interactions. This is 
very probably also related to the "memory phenomena” noted by 
Kondepudi and Prigogine*™ as outside the present thermodynamics, but 
being worked on at the forefront in what is called "extended 
thermodynamics". Quoting Kondepudi and Prigogine, p. 460: 


"...interesting memory effects ...appearfor long times (as 
compared to characteristic relaxation times). 

.. nonequilibrium processes may have ‘long-time tails’. In 
other words, the approach to equilibrium is not 
exponential, as was generally believed, butpolynomial 
..Which is much slower. ... As aresult, Nature has a 
much longer memory ofirreversible processes than it was 
thought before. Again this shows that local equilibrium is 
an approximation, albeit a very good one. " 


In this book, we focus primarily upon some typical anomalous 
measurements in China Lake experiments that are directly involved with 
time-charging and decay effects, lending strong support to our thesis of the 
novel TRZ-induced nuclear reaction chains. Note that these instrumental 
anomalies are also strong evidence for the association of time-charging 
and time-charge decay with the proven fluctuation theorem of Evans et al. 


3 Dilip Kondepudi and Ilya Prigogine, Modern Thermodynamics: From Heat 
Engines to Dissipative Structures, Wiley, Chichester, 1998, p. 459. For a discussion 
of extended thermodynamics, see D. Jou, Extended Irreversible Thermodynamics, 
Springer-Verlag, New York, 1996. 
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at the Australian National University. We believe this to be a contribution 
to that very important work of Evans and his colleagues. 


10.7.1 Ionization Detectors, Transduction, and EM LW 
Interferometry 

Ionization processes obviously are processes where the partial transduction 
of LW time interaction into 3-spatial energy interaction would yield 
ordinary excited energy states of the affected electrons or ions. In turn, this 
would lead to ionization (e.g., of the atoms and molecules ofa gas, liquid, 
etc.) Hence, ordinary ionization detectors such as Geiger Miiller tubes 
have the innate capability of detecting such transduction that generates 
ionization, and thereby have some capability of serving as "detectors" of 
longitudinal EM wave interactions (and time-charging) ongoing in the 
detector. In the usual situation, no excess time-charging results and no 
time reversal zones result. In that case, symmetry of energy flow in the 
time-domain exists, as does symmetry of energy flow in 3-space. 
Absolutely normal chemistry and nuclear chemistry results, and the 
nuclear detectors function normally, as familiar to every laboratory. 


However, when significant TRZs emerge and persist for short periods, the 
symmetry of both time-energy flow and 3-spatial energy flow is broken. In 
this case, transduction of time-energy into 3-spatial energy (and vice 
versa) can result in anomalous ionization in nuclear ionization detectors, 
even in the absence of normal transverse EM nuclear radiation. The trick is 
to use and compare different detectors and different types of detectors to 
clearly demonstrate anomalous ionization detection effects. 


As an example, a Geiger Muller tube will detect any ionization of its 
internal gas, regardless of what caused that ionization. Ifthe ionization is 
caused by normal ionizing radiation from nuclear reactions, the instrument 
will detect and read a resulting internal ionization of the gas inside the 
tube. 


On the other hand, if time-charging and decay are involved, then the 
asymmetry resulting in 3-spatial energy excitation of the gas inside the 
Geiger Muller tube (due to transduction of some time-energy into excess 
3-spatial energy) may be sufficient to ionize the gas. In that case, the 
instrument will read "as if nuclear radiation were present. Note that there 
is indeed "ionizing radiation" present in the gas. However, now this 
ionizing radiation is not transverse EM wave in nature, but is due to the 
time charging and decay, and transduction of time into 3-spatial energy in 
the detecting gas. 
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This capability of an ionization detector to ionize in the presence of non- 
transverse wave ionizing radiation and energy can be used to provide an 
indication of time-density waves being formed and interacting in a process 
(such as a cold fusion process) where some transduction from time-energy 
to 3-spatial energy occurs. 


Further, the previous "time history" of the individual instrument plays a 
part in whether the instrument "reads" or not for a given transduction 
situation. There will be a statistical variation of the actual "already 
present" low-level time-charge (and in its internal structure and engines) 
between instruments, even those made in the same factory on the same day 
from the same batch of materials and parts. That is because the time- 
charging and discharging history of each instrument has been different. 


The production of transduced TWs, however, must be a function of scalar 
interferometry in the gases or other detecting media of the instrument, 
since scalar interferometry creates all transverse EM waves, as shown by 
Whittaker {619} and confirmed by Evans et al. {620}. In such 
interferometry, the entire inner structures of the transverse EM waves 
formed in the interference zone also interact wave-to-wave. Thus, this kind 
of interferometry is extremely sensitive to the exact internal longitudinal 
EM bidirectional wave structure (internal engine substructure) of the 
involved potentials. 


As aconsequence, the ability of an ionization detector to transduce a 
specific set of LWs and give ionization detection will vary appreciably, 
including for different variations in the instrument's original manufacturing 
process, and even for the specific past photon interaction history and 
experience of the individual detector itself. One detector's set of cumulated 
internal time-charges (and hence spacetime engines) may vary 
considerably from those of a second detector of exactly the same type. In 
general, multiple ionization detectors are unlikely to all detect a given 
time-density EM wave emission and interaction set {621}. 


Even for two detectors of the same brand, from the same manufacturing 
plant, and from the same batch of manufacture, it is likely that significant 
differences in LW detection of a specific TDW set will occur because of 
the "past history" time-charge differences of the individual detectors. 
Indeed, a likely phenomenon is that, when one ionization detector detects 
the LW emissions (transduces them), several others will not detect them at 
all. This is one of the peculiarities of the new unified field area that must 
be overcome by further research in order to develop reliable, calibrated 
TDW and transduction detectors. It is one of the primary problems - if not 
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the primary problem - of cold fusion research to resolve this “time-charge 
experience history"problem, so that transduction detectors having 
calibrated, uniform responses to given TDW sets and interactions can be 
provided. 


At present, no one has the foggiest notion as to how to "calibrate" a 
nuclear ionization detector that one desires to use as a time-energy 
transduction detector. Speculating, we would envision such calibration (in 
the transduction detecting functional response) to become possible when 
small, standard, calibrated sources of transduction are developed and 
available. In that case it will be possible to formulate procedures whereby 
varying the output of the transduction source will vary the transduction 
irradiation of the GM tube. The level of transduction intensity required to 
create ionization in the instrument will be a direct indicator. When small, 
calibrated sources of TDWs are also available, it will be possible to 
irradiate the GM tube to a specifically desired rate and level of time-charge 
and decay. In that case, an array of GM tubes can be "standardized" or 
"calibrated" for transduction detection. So far as this author is aware, those 
developments have yet to be accomplished or even undertaken. Indeed, the 
need for such a development program has not even been realized. 


10.7.2 Experimental "Detector Transduction Phenomena" in 
Electrolysis 

Let us look at one set of ongoing scientific experiments where just such 
anomalous detector results have been obtained. 


Researchers at the Naval Air Warfare Center at China Lake, and at the 
Department of Chemistry, University of Texas at Austin, have detected 
precisely the kind of "anomalous" radiation and transduction effects we 
expect to be in the ionization processes of multiple kinds of detectors 
{622}. 


According to a report by Miles and Bush {623}, anomalous radiation at 
China Lake was first detected by the exposure of dental X-ray films in two 
experiments producing excess power (excess TW energy emission). Film 
used in a control study during these experiments showed no exposure. 
There was also no exposure of similar films in more than 20 experiments 
where no excess power was present. In other words, the presence of excess 
heat (excess TW energy emission) strongly indicates the presence of 
transduction. In turn, the presence of transduction implies the presence of 
scalar interferometry wave interaction, where TDW waves and LW waves 
are absorbed and a mix of LW and transduced TW waves are emitted 
consisting of gravitons (paired scalar and longitudinal photons). This only 
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occurs when significant time-charge excitation has built up. Taken in 
reverse, the presence of LW wave absorption and emission — with 
transduction into detected excess ionization energy — directly indicates 
the emission of "anomalous" TDW or graviton radiation, as detected by the 
resulting TW exposure of the x-ray film. So the "anomalous" radiation 
detections are consistent both forward and backward. 


The film in manufacture is quite strongly quality-controlled. Also, it is 
used (interacts and indicates) only once. Its past time-charge history has 
minimal variations between two samples of the film, because there is no 
repetitious past detection interaction history. Hence one would expect a 
high degree of uniform film detection interaction responses from film to 
film, to the same graviton emission set. That is precisely what occurs. 


We conclude that the behavior of the film in the combined China Lake 
experiments clearly shows the time charging, graviton emission and 
interaction, and transduction nature of what is happening when it is known 
that no normal nuclear radiation is present. 


Geiger-Muller (GM) detectors and sodium iodide (Nal) detectors were also 
utilized when electrolysis experiments using heavy water were ongoing. 
We again accent that a Geiger-Muller tube does not detect nuclear 
radiation per se; instead, it detects anything that will cause its internal gas 
to ionize sufficiently. Sufficient transduction in graviton absorption- 
emission interactions in a Geiger-Muller tube will cause the counter to 
indicate, because it ionizes the gas and produces an ionization discharge. 
However, both the specific transduction and scalar interferometry aspects 
of the ongoing experiment are involved, as well as the previous 
background time-charge history of the Geiger-Muller tube counter. 


Several Geiger-Muller detectors gave anomalously high readings, reaching 
some 73 sigmas above normal background counts. Most experiments (i.e., 
most GM detectors), however, gave normal radiation counts, and no 
anomalous count rates were ever observed when the experiments were 
turned off. So these anomalous results are differentiated by using multiple, 
carefully calibrated Geiger-Muller tube detectors. Our interpretation here 
is that 


(1) There was a variation in the presence of transduction and scalar 
interferometry from experiment to experiment, 


(ii) The majority of the experiments did not produce significant time- 
charge and sufficient transduction or scalar interferometry to cause 
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detection (ionization discharge) on most (typical) Geiger-Muller 
tubes, and 


(iii) The transduction effects in the ongoing experimental process were 
mostly ofthe rapid variety, and not due to long-term "charge-up" 
effects conditioning the time-charge aspects and structuring of the 
experimental apparatuses. 


(iv) By using multiple detectors, the probability of one or more of the 
instruments having increased time-charge from specific time- 
charge histories was increased. 


(v) With sufficient experiments and sufficient detectors, there resulted 
a high probability of having at least one or more detectors capable 
of detecting the levels of graviton radiation and transduction 
expected from the experiments. 


(vi) A direct correlation would be predicted — and was observed — in 
the appearance of the anomalous radiation effects and the expected 
time periods required to load the palladium with deuterium. As 
reported by Miles and Bush, ibid.: 


",.. the anomalous radiation would appear within afew 
hours in the co-deposition experiments where the 
palladium is loaded with deuterium as it deposits from 
solution. In contrast the appearance ofanomalous 
radiation required days of electrolysis for the palladium 
rods that loadmuch slower." 


We previously discussed the major variables indicated from many cold 
fusion experiments to include the strong correlation with the degree of 
loading of the palladium lattice. Hence the effect pointed out by Miles and 
Bush would indeed be predicted by the present approach and proposed 
mechanism. 


Our interpretation is that the experiments show the time-charge rate effect 
to be expected in such graviton radiation and transduction interaction 
phenomena using collection of ions (in this case deuterium) that are much 
heavier than electrons. The faster the deuterium loaded, the greater the 
buildup of the interaction of the deuterium in phase conjugating and self- 
targeting iterative interactions — and therefore the greater the increase in 
scalar interferometry interactions — inside the palladium lattice. The rate 
of graviton radiation production and transduction production increases as 
some function (not necessarily linear!) of the rate of loading of the 
deuterium. As the rate of graviton and transduction production increases, 
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so does the expectation of anomalous ionization effects in the nuclear 
radiation detectors. And so does the rate of production of TRZs and the 
appearance of the new nuclear cold fusion reactions at low spatial energy 
but very high time-energy. 


10.7.3 Experiment Confirms It 
A clinching observation is given by Miles and Bush, ibid., as follows: 


"One GM-detector would measure anomalous radiation 
while another GM-detector would be "blind" to any 
anomalous effect. Afew experiments, nevertheless, gave 
simultaneous anomalous effects from two different 
radiation detectors." 


Here our comment is that this precisely fits our expectations for 
demonstrating involvement of 


(i) Time-charging and decay interactions, 
(it) Consistency with transduction expectations, 
(ili) Consistency with the fact that two different radiation 


detectors may or may not exhibit or detect the anomalous 
ionization effects, depending upon the individual past 
time-charge histories of the two detectors, and 


(iv) Predictable variations in the individual experiments 
(based on palladium lattice loading time, specific 
geometry, ionization state of the chemical solution, 
internal time-charge state and decay rate, and structuring 
of the apparatuses and their parts, etc.) when transduction- 
associated phenomena are considered. 


The anomalous non-nuclear, non-transverse wave — but ionizing — EM 
radiation detected at China Lake, and the resulting peculiarities in the 
measurement apparatus functioning, do strongly support the present 
proposed approach, the proposed graviton radiation phenomena, and the 
time-charging and decay and transduction mechanisms presented. It is 
decisive that sometimes two detectors both indicated, and sometimes one 
indicated and the other would not. Sufficient replications have ruled out 
any defect in a single given instrument as the cause of the anomalous 
detections. That immediately eliminates from consideration all purely 
transverse EM wave phenomena, conditional only upon the premise that 
the instruments were properly functioning and calibrated, and that 
sufficient replications were made for decisive statistics. Those conditions 
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were all met in the numerous experiments producing these results over a 
long time and in many repetitions. 


As a final thought on the subject, we pose the possibility that the 
longitudinal EM waves involved may be the B(3) longitudinal field waves 
advanced convincingly by Evans {624a-624c}. We would recommend the 
attention of leading theorists and experimentalists to this possibility, as a 
matter that should be investigated both theoretically and experimentally. 


10.8 Additional Implications for the Future 


10.8.1 Longitudinal EM Waves and Undistorted Progressive Waves 
There is a revolution in electrodynamics presently underway, due to the 
unique characteristics of longitudinal EM waves ® and pseudo- 
longitudinal EM waves. A summary by Rodrigues and Lu {625} is 
particularly revealing. 


A pure longitudinal EM wave has infinite energy and infinite velocity — 
Le., it appears everywhere at once. "Propagation through space” does not 
apply; instead, one has stumbled into that weird region where spacetime is 
multiply connected. In the real world, one meets imperfect longitudinal 
waves — or pseudo-longitudinal EM waves — that still retain a transverse 
energy density variation residue. These waves are called undistorted 
progressive waves (UPWs). 


Such UPWs can move in space faster than the speed of light. This should 
not be too surprising, since superluminal velocity of intelligent signals has 
been positively demonstrated by several researchers in quantum-tunneling 
experiments. As an example, Nimtz {626} and his colleagues have beamed 
Mozart's 40th Symphony through a barrier in a waveguide at a speed of 
4.7c. So the old notion that information cannot be transported at 
superluminal velocities is passe. The Fogal semiconductor has been used 
in experimental transmitter-receiver pairs to demonstrate superluminal 
transmission, such as TV pictures and programs. Direct signal transmission 
from earth to satellite back to earth and through many en route amplifiers 
and processors has been demonstrated by Fogal to occur far beyond the 
speed of light. Again, theoretical summary papers by Rodrigues ef al. 
{627a-627f} are revealing. 


35 We have pointed out a direct way to generate longitudinal EM waves, by simply 
oscillating the magnitude of the Lorentz self-regauging of a system. 
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10.8.2 Death Knell of the Speed of Light Limitation 

Another giant shock has emerged in astrophysics during the last few years, 
and it is now threatening a dramatic revision to physics. Heretofore, it has 
been fashionable to assume that gravity itself propagates at light speed. A 
great deal of very comfortable physics theory has been built around that 
assumption. 


Well, the assumption is not true. Experiments in astrophysics continue to 
refute it. It now is almost certain that the speed of gravity is at least 

2x 10'°c. A beautiful though somewhat controversial paper by Tom Van 
Flandern {628} summarized the entire situation. He articulates the 
comfortable general relativity view held to date {629} as follows: 


"_..GR proposes that such changes appear to act 
instantaneously in the ‘near field', but eventually show 
their true, light-speed-delayed character in the ‘far field’, 
which is conveniently beyond our present ability to 
observe. The necessity ofthis dual behavior is to prevent 
the logical need for changes to continue to appear to act 
instantaneously at ever increasing distances, even to 
infinity." 


In fact, Van Flandern {630} points out that general relativity already 
admits superluminal effects in the near field region. He also pointed out 
the startling nature of the experimental results to relativists, and points out 
that an attachment to a paradigm has been involved: 


"To many, this result |astronomy's verification that 
gravity's speed v_>=2x10'°c] is so contrary to ‘common 
sense’ in the light ofrelativity theory as to be absurd. But 
Thomas Kuhn has cautioned all scientists to avoid the 
trap ofbecoming so steeped in a prevailing paradigm that 
it starts to seem like common sense and makes other ideas 
sound and feel wrong. Eventually, even one's professional 
status can become linked to aprevailing paradigm. " 


As Van Flandern further emphasizes, it is not difficult to show by 
computer calculations of astrophysical situations that any strong limit on 
the speed of light destroys conservation laws: 


"anyone with a computer and orbit computation or 
numerical integration software can verify the 
consequences ofintroducing a delay into gravitational 
interactions. The effect on computed orbits is usually 
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disastrous because conservation ofangular momentum is 
destroyed." 


So here we have a new paradigm in the making. This is a startling change 
to standard relativity. Either we have to give up the conservation of 
angular momentum, or we have to accept superluminal speed of gravity in 
the far field. Years of struggle to detect quadrupole gravitational wave 
radiation have failed; no direct detection has ever been made. Indeed, the 
rather arbitrary nature of the entire quadrupole radiation assumption is not 
required by general relativity, as long pointed out by leading Russian 
scientists. For example, Vlasov and Denisov {631} ef al. bluntly state it in 
these words: 


"".. Einstein's well-known quadrupoleformula, which is 
usually employed in general relativityfor calculations, is 
not a consequence of general relativity and is not 
contained in it." 


Therefore, it may not really be so surprising that physicists have not been 
able to detect such quadrupole radiation in a great many laboratory 
experiments. It is not in general relativity at all. 


Ofcourse, our thesis developed in this book is that what we have long 
called "EM radiation" is in fact gravitational radiation, always involving 
paired scalar and longitudinal photons and hence time-density waves and 
longitudinal EM waves. We have pointed out that prior to observation 
there is no such thing as a separate photon, but there is such a thing as two 
correlated photons, one time-polarized and the other longitudinally 
polarized. We believe that there is sufficient meat in our proposed 
explanation of the anomalous cold fusion results and the anomalous 
instrument results at China Lake to warrant serious and strenuous 
investigation of these hypotheses and proposed mechanisms. 


Another oddity - usually never stated by Western physicists - has long 
been known but ignored. When Einstein characterized the gravitational 
field as a pseudotensorial field, and not a field in the sense of the Faraday- 
Maxwell field, the consequences were that the 3-space energy laws of the 
familiar kind really do not exist in general relativity. Shortly after Einstein 
published his theory of general relativity, this absence of familiar energy 
conservation was pointed out by Hilbert {632} in these words: 


"T assert... that for the general theory of relativity, i.e., in 
the case of general invariance of the Hamiltonian 
function, energy equations... corresponding to the energy 
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equations in orthogonally invariant theories do not exist 
at all. could even take this circumstance as the 
characteristic feature ofthe general theory ofrelativity. " 


With our publication of the giant negentropy of 4-space once arbitrary 
3-space symmetry and time-symmetry in EM energy flow is removed, one 
of the truths involved in Hilbert's remark was finally recognized. In 
addition, what Sen called "the most difficult problem in classical and 
quantum electrodynamics" {633} has been explained by giant negentropy 
{12}. Also, it is consistent with an appropriate reinterpretation of 
Whittaker's 1903 decomposition of the scalar potential {600, 615}. Finally, 
it is consistent with quantum field theory {634}. 


Hilbert was evidently not understood by his contemporaries, since neither 
Einstein himself nor other physicists recognized the fact that, in general 
relativity, conservation laws for 3-space energy, momentum, and angular 
momentum — in the sense we are accustomed to in the rest of physics —in 
principle may be impossible. That is because one can readily remove 
3-space energy symmetry when curved spacetime is permitted. Again, 
Russian scientists such as Logunov and Loskutov {635} have long pointed 
out the "unthinkable" and "astounding" fact that the predictions of general 
relativity are not unique. 


In the West until recently relativists were conservative, and this resulted 
in the sidelining of innovative Western physicists who challenged the 
prevailing interpretation or extended it. With the experimental falsification 
of one of the fundamental tenets — that gravity moves at speed c in the far 
field — ofthe prevailing interpretation of general relativity, it appears that 
we may be approaching an asymptotic burst of great new theoretical work 
and a dramatic new reinterpretation. Ifit ever gets into production, we 
believe that the Fogal semiconductor will usher in that great change of 
communication speed paradigms that now appears imminent. 


Nonetheless, general relativity — whatever the modifications and 
extensions now called for — will remain a very useful tool indeed. There 
is simply nothing else on the horizon that can replace it, string theory 
notwithstanding. The reinterpretation is likely to shed additional light on 
many present problems such as the nature of spacetime itself, the nature of 
dark matter, and new insight and progress on unifying physics. 


In the new openness that should result, we hope that a great extension and 
reinterpretation of electrodynamics will also be undertaken, and that it will 
reveal the underlying powerful structured general relativity infolded inside 
conventional EM potentials, fields, and waves, as originally revealed by 
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Whittaker {636}. It may even be that one ofthe novel concepts {637} we 


have proposed in this book will yet see the light of day in practical 
systems. 


Ifso, then hopefully much of what we are addressing in this book will be 
incorporated in the emerging new physics of the twenty-first century. 
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Chapter 11 


Final Perspective: 
Permissible COP>1.0 Maxwellian 
Systems 


"Are you certain ofthat?" [Augustine, in his famous 
confrontation with the Skeptics, who held that nothing can 
be known with certainty. ] 


"[It is usually]...assumed that the magnitude of potential 
energy is irrelevant, being arbitrary to the extent ofan 
additive constant. " [Block and Crater]. {638} 


"The potentials VandA, defined ... in terms ofthe fields 
E and B, are considered to be nonobservable in 
Maxwellian electromagnetism, since the energy density 
associated with them is zero... " [Lakes]. {639} 


[The total energy ofthe atom] depends on the bare mass 
and bare charge ofthe electron, the mass and charge that 
appear in the equations of the theory before we start 
worrying about photon emissions and reabsorptions. But 

free electrons as well as electrons in atoms are always 
emitting and reabsorbing photons that affect the 
electron's mass and electric charge, and so the bare mass 
and charge are not the same as the measured electron 
mass and charge that are listed in tables ofelementary 
particles. Infact, in order to accountfor the observed 
values (which ofcourse are finite) ofthe mass and charge 
ofthe electron, the bare mass and charge must themselves 
be infinite. The total energy ofthe atom is thus the sum of 
two terms, both infinite: the bare energy that is infinite 
because it depends on the infinite bare mass and charge, 
and the energy shift... that is infinite because it receives 
contributions from virtual photons ofunlimited energy. " 

fWeinberg]. {640} 
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11.1. Introduction 


The central message in this book is that all EM devices are already 
powered — though in an inappropriate fashion — by EM energy freely 
extracted from the seething vacuum. It is also intended to be a clarion call 
that we must rapidly develop the appropriate vacuum-energy powering of 
our EM circuits and electrical power systems, or else the survival of the 
nation and of the biosphere is at stake rather immediately. 


For this summary chapter, we wish to place that specific area — EM 
energy from the vacuum — in sharp focus, with the major facets together 
in one place. 


Consequently, for this closing chapter we have chosen and slightly adapted 
a previous technical rebuttal to the objections of "perpetual motion", 
"violation of the second law of thermodynamics," "impossible", etc. that 
we wrote in 2001 in the referee process, to the referees of one of the AIAS 
papers submitted to a major physics journal. The rebuttal was successful, 
and it was accepted and upheld by the referees. The paper was then 


published by the journal, after very vigorous refereeing. 


That is as it should be. 


Scientific journals provide a proper forum for the free expression and 
debate of scientific ideas and work. They do not and should not ensure that 
every paper conforms to commonly held concepts or to the most widely 
accepted model. As we stated, Chief Editor Kennedy of the journal Science 
has only recently had to restate and accent the principle that science is free 
from "truth by prevailing authority," and bound by "truth by replicable 
experiment". Insuring that every paper meets the accepted models and 
notions would be enforcement of religious belief, not experimental 
science. Ideas which are wrong will be refuted experimentally; experiment 
is still the basis of scientific method. In our rebuttal, the argument of the 
conventional skeptics is thoroughly refuted by experiments already well 
known in the literature, as we detail. 


So we thought it appropriate to close the book with this strong statement of 
its primary pbjective: economical, clean, copious electrical energy from 
the vacuum. 
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11.2 Source Charges, Curved Spacetime, Efficiency, 
and COP 


11.2.1 The Source Charge Problem 

The received interpretation of the Maxwell-Heaviside theory treats the 
source charge and source dipole as perpetual motion machines, freely and 
continuously pouring out EM energy in 3-space in all directions with no 
energy input. Experimentally one verifies that there is no 3-space 
observable energy input to the charge or dipole. In accepting that model, a 
scientist objecting to COP>1.0 EM systems has unwittingly hoisted 
himself upon his own perpetual motion machine petard, by already 
accepting every source charge and dipole as precisely that to which he is 
objecting. To explain the source charge, either one holds to the U(1) 
Maxwell-Heaviside theory and surrenders the conservation of energy law, 
or one accepts a change to U(1) electrodynamics to add the concomitant 
input of energy flow from the active vacuum (from the time domain, which 
in Minkowski geometry is all that is left outside 3-space) to that charge or 
dipole. That corresponds to a violation of the second law of 
thermodynamics, as — as we discussed in Chapter 10 — Evans and his 
colleagues at the Australian National University have already 
experimentally proven that the second law can be violated up to micron 
scale and for times of up to two seconds.”*’ At the much smaller 
fundamental charged particle level and far shorter "switching" time of one 
spin completion, the probability is 100% and a certainty that the second 
law is violated. Hence the broken symmetry of the charged particle 
considered in the modem sense as a dipolarity (considering its associated 
clustering virtual charges of opposite sign). 


Either way, the classical Maxwell-Heaviside theory must be changed. 
Every charge and every dipole — which themselves are Maxwell- 
Heaviside EM systems a priori — refutes the erroneous argument that no 
Maxwell-Heaviside system can output more energy than the operator 
himself inputs from an external power supply. To adamantly continue to 
challenge something already experimentally demonstrated by every charge 
and dipole in the universe is the epitomy of scientific blindness. 


As have others, Sen {641} called this source charge paradox the "most 
difficult" problem in electrodynamics. However, the basis for its solution 
- absorption and transduction of virtual KM energy from the vacuum via 
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the broken symmetry of a charge or dipole in its vacuum energy exchange 
— has now been known in particle physics for nearly a half-century 
{642a-642d}. It is not included in the Maxwell-Heaviside-Lorentz theory. 
Neither the proven vacuum interaction with Maxwellian system nor the 
broken symmetry in that interaction has been added to the model. 


The present author has proposed an EM wave solution {643} to the source 
charge problem, by reinterpreting Whittaker's {644} decomposition of the 
scalar potential (as between the ends ofa dipole) and treating the "isolated 
charge" and its clustered virtual charges {645} of opposite signs as a set of 
composite dipoles. Each of the dipoles then becomes a broken symmetry in 
the energetic exchange with the vacuum. Hence the charge pours out 
observable EM energy with no observable energy input because the input 
energy is in virtual photon form. 


In the solution, the EM energy is input to the charge or dipole from the 
time-domain, so conservation of EM energy flow is upheld in 4-space, 
while time-like symmetry and space-like symmetry are broken 
individually. Powerful support for the proposed solution was given in a 
quantum field theory argument by Mandl and Shaw {646} nearly three 
decades ago. We challenge any scientist skeptical of COP>1.0 Maxwellian 
systems to produce a solution of the source charge problem in Maxwell- 
Heaviside-Lorentz theory alone. In conventional theory, every charge in 
the universe experimentally exhibits COP = oo. Any theory conflicting with 
a replicable experiment is falsified a priori. 


11.2.2 EM Waves Imply Curved Spacetime 

The oscillating energy of an electromagnetic wave is continuously 
changing its local spatial energy density. This is an oscillating change of 
spacetime curvature if one accepts general relativity (GR). Hence the EM 
wave in space is always moving in a locally curved spacetime; else, no EM 
wave exists because no change in spatial energy density exists. To reject 
that, is to reject GR in its entirety as well as all the experiments consistent 
with GR. If one accepts GR, then the classical U(1) EM assumption of the 
EM wave moving in a fiat spacetime is a non sequitur. It is unscientific to 
be suspicious of a higher group symmetry O(3) electrodynamics which 
does correct this known non sequitur in U(1) electrodynamics, while 
limiting oneself to U(1) electrodynamics with that known error. One might 
as well be suspicious of tensor algebra because it is more comprehensive 
than vector algebra. 


There are many EM experiments such as the Aharonov-Bohm effect 
{647a, 647b} which violate Maxwell-Heaviside EM, as is well known 
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{648, 649a-6491}. The foundations of the Maxwell-Heaviside theory are 
well over a century old, and Maxwell's theory was substantially truncated 
in the 1880s (more on that below). The considerable physics developed 
since then has required dramatic extensions to the Maxwell-Heaviside 
theory such as developing non-Abelian gauge field EM theory, quantum 
electrodynamics, and modeling of the interaction of vacuum and matter in 
any material system. 


11.2.3 On EM Systems with COP>1.0 

Conservation of energy requires that all energy output by an inert system 
must be input to it {650}. It does not require that the operator input all or 
even any of the energy utilized. The active environment can permissibly 
input part or all of it, else there could be no such thing as a windmill — or 
a charge, or a dipole, or a solar-cell electrical power system. 


The coefficient ofperformance (COP) of a system compares the system's 
useful energy or work output to the operator's energy input. The efficiency 


& of a system compares its useful output to its entire energy input. No inert 
system can output more useful energy than its total input, hence 


& <= 1.0,being = 10 for a theoretically lossless "perfect" system and 


& < 10 for areal system with losses. 


Whether the operator must input all the energy that is output by the inert 
system depends upon whether the system is (i) an open system in 
disequilibrium with its active environment, and (ii) designed to accept and 
utilize excess energy from that environment, such as from the active 
vacuum. If appreciable environmental energy input is received and 
utilized, then a system with losses may permissibly exhibit COP>1.0, even 


though its efficiency Eis E < 1.0. The common home heat pump is an 


example. While the efficiency of a home heat pump may be & = 50%, its 
COP may be COP = 4.0. 


As does the skeptical scientist, the electrical engineering community 
erroneously assumes that an inert electrical power system that outputs 
more energy than one oneselfinputs to it — e.g., a generator outputting 
more EM energy flow than the magnitude of the mechanical energy input 
to the generator shaft — is against the laws of physics. To the contrary, it 
is permitted by the laws of physics and thermodynamics, once the modern 
Vacuum interaction is included and disequilibrium exists in the interaction 
between vacuum and system. Not only is it permissible, it is a universal 
fact once the arbitrarily discarded Heaviside energy flow component is re- 
accounted, and the source charge problem is reluctantly placed back on the 
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table. If we account all that EM energy pouring freely from the source 
charges in any EM circuit, then the actual output of EM energy from that 
circuit is enormous. It is many orders of magnitude greater than the 
magnitude of the input energy that the experimenter or operator provides. 


We do not have to reprove the active vacuum; it has long been proven in 
particle physics. We also do not have to reprove the disequilibrium 
between electromagnetic systems and the active vacuum environment; that 
also has been proven since 1957 by the prediction and discovery of broken 
symmetry. One of the proven broken symmetries is that of opposite 
charges, such as are on the ends ofa dipole. Hence every dipole or 
dipolarity in electromagnetics already freely absorbs virtual photon energy 
from the vacuum, transduces (coherently integrates) it into observable 
photon energy, and re-emits observable EM photons in all directions at the 
speed of light. Ifthere are no COP>1.0 Maxwellian systems, then there can 
be no Maxwellian charges, dipoles, or dipolarity, and therefore no 
resulting fields and potentials from these sources — an absurdity falsified 
by every standard two-wire electrical circuit and ever charge and dipole in 
the universe. Any potential is a dipolarity, hence exhibits broken 
symmetry. That is why from any finite potential, as much EM energy as 
desired can be intercepted and collected, by the simple equation W = dy, 
where Wis the collected energy injoules, @ is the scalar potential intensity 
in joules per unit point static coulomb, and gq is the intercepting charge in 
coulombs. 


Systems far from equilibrium in their energy exchange with their active 
environment {651la, 651b} can permissibly perform five important 
functions impossible to equilibrium systems. Such a disequilibrium system 
can: 


(1) Self-order, 
(2) Self-oscillate or self-rotate, 


(3) Output more energy than the operator inputs (the excess energy is 
freely received from the active environment), 


(4) Power itself and its load (all the energy is freely received from the 
active environment), and 


(5) Exhibit negentropy. 


Any charge or dipole already exhibits all five of these functions — 
forbidden by classical thermodynamics but permitted by the well known 
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thermodynamics of systems far from equilibrium in their exchange with 
their active environment {65la, 651b}. 


It only takes one small white crow to prove that not all crows are black. 
The known performance of the charge and the dipole totally refutes the 
notion that no EM system can output energy without operator-arranged 
input from other than the active vacuum. The entropy-consuming reactions 
from the fluctuation theorem, experimentally proven by Evans et al. in 
2002, also is a sufficient proofto destroy any argument against permissible 
COP>1.0 EM systems. Since all the EM field energy and potential energy 
in a power system or circuit must come from the source charges and 
dipoles, it follows that all our EM energy systems already take all their 
EM energy from the active vacuum, not from the operator's input. A solar 
cell array also refutes the notion that the operator has to input the energy, 
but the solar cells' environmental energy input may not be ubiquitous or 
dependable. The active vacuum is both. 


Most power system electrodynamicists avoid the particle physics solution 
{652} to the source-charge problem {641} involving disequilibrium 
exchange with the active vacuum. Instead, they adhere strictly to the 
Maxwell-Heaviside-Lorentz theory with its assumed equilibrium between 
system and vacuum. Therefore they avoid modeling the vacuum 
interaction and solving the problem of open dissipative EM systems which 
freely and dependably receive energy from their vacuum environment in 
unusable form, translate it into usable form, and furnish it for further 
capture and use. They therefore cannot resolve the source charge problem 
in their model, for the model has already artificially excluded the solution. 


By definition, an EM system in equilibrium cannot output more useful 
energy than the operator inputs. However, considered as an energy 
transducer, every EM system is in disequilibrium with the vacuum 
because of the charges and dipoles in the system, and it continuously 
receives energy from the vacuum. Because ofthe broken symmetry of the 
charge and the dipole, some of this energy from the vacuum is discharged 
by every charge and every dipolarity in the circuit as observable energy a 
priori. This creates a truly enormous outpouring of rather disorganized (in 
this case, uncollected) EM energy extracted from the vacuum and poured 
out without being intercepted and diverged into the circuit, where it is 

organized for dissipation and use. The circuit "uses" only that amount of 
this enormous available outpouring EM energy that it first organizes 
(collects) and directs. That is its "organized excitation" energy, commonly 
known as input energy macroscopically — the Poynting energy flow 
component. 
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Upon completely discharging its excitation (input energy), the inert system 
outputs all its received (organized) energy, from whatever source. So every 
EM system already outputs far more energy than the experimenter inputs 
— when the system's nondiverged, non-organized, and nondiverged output 
energy flow is considered as well as its diverged, organized, and collected 
energy flow component. The fact that the diverged Poynting energy 
received in the external circuit enters the circuit from the surrounding 
space is shown by Krauss {653} (See Figure 1-1 in Chapter 1). We show it 
in Figure 2-4 of Chapter 2 as well. The remaining and nondiverged 
Heaviside energy flow component in space, which misses the circuit and is 
wasted, is also shown in Figure 2-4 of Chapter 2 and contrasted to the 
diverged (caught) Poynting component. To understand this experimentally 
demonstrable fact {653}, we need a bit of EM history. 


11.3 Truncations of Maxwell's Theory and Discard of 
System Classes 


11.3.1 Concept of EM Energy Flow Through 3-Space 

The concept of the connection of EM energy and space did not occur until 
1876 in a faulty work by Croll {654}. In the 1880s Heaviside {655} 
showed the huge nondiverged component filling all space around a circuit 
(see Figure 2-4 in Chapter 2). Poynting {656} never even considered the 
external nondiverged flow missing the circuit, but assumed only the 
diverged energy flow component that enters the circuit. Figure 2-4 in 
Chapter 2 shows both components of EM energy flow laterally, so they 
can be seen clearly. 


It is stressed that the Heaviside nondiverged component of EM energy 
flow around every circuit is far greater (by many orders of magnitude) than 
the circuit's intercepted, diverged, and collected Poynting energy flow 
component. This follows from Heaviside's own original papers. So when 
the entire output energy flow is considered, every generator and every 
battery is already a COP»1.0 energy transducer, outputting far more 
energy flow than the rate at which mechanical energy is input to the 
generator shaft or the rate at which chemical energy is dissipated in the 
battery. 


In the 1880s the electron, atom, nucleus, special and general relativity, 
quantum mechanics, quantum electrodynamics, and active vacuum had not 
been discovered. There was no knowledge of any possible active vacuum 
interaction source for such an enormous energy flow pouring from the 
terminals of the generator or battery and surrounding the circuit, filling all 
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space around it. Heaviside's extra energy flow component was thus 
shocking and inexplicable, smacking of "perpetual motion" and total 
violation of the conservation of energy law. Heaviside — a brilliant, self- 
taught hermit who never attended university - spoke cautiously and 
obliquely of its magnitude in terms of angles with respect to a reference 
direction {657}. 


11.3.2 Elimination of the Non-Intercepted Energy Flow Component 

A perplexed and concerned Lorentz {658} cut the Gordian knot and 
arbitrarily discarded the Heaviside nondiverged component, eliminating 
the quandary. Lorentz stated that the huge nondiverged component had "no 
physical significance” (his phrase) since it powered nothing. Of course it 
has no physical significance, and powers nothing, unless one intercepts it 
and uses it! 


By analogy, the component ofa great wind on the ocean that is outside the 
intercepting sails ofa single sailing ship, does not contribute to further 
powering of that ship. Figure 2-5 in Chapter 2 shows that situation. 
However, that nondiverged wind component can power a whole flotilla of 
additional, separate sailing ships with separate sails, as we showed in 
Figure 2-6 in Chapter 2. Electrodynamicists {659} have continued to 
utilize Lorentz’ clever integration trick (Figure 2-3 in Chapter 2) to dispose 
of the huge nondiverged Heaviside energy flow component surrounding 
every circuit and missing it, and therefore pouring from the terminals of 
every generator. Most electrical engineers today do not realize that the 
original purpose ofLorentz's integration ofthe energy flow vector around 
a closed surface assumed surrounding every volume element of interest 
was merely to get rid of that perplexing and bothersome Heaviside 
nondiverged energy flow component while retaining the Poynting diverged 
energy flow component. 


11.3.3 Lorentz's Previous Discard of all COP>1.0 Maxwellian Systems 
Previously (circa 1890s) Lorentz had symmetrically regauged Heaviside's 
equations that had already seriously curtailed Maxwell's seminal equations 
of 1865. This Lorentz symmetrical regauging retained only that class of 
EM systems that are in equilibrium in their seething energy exchange with 
their active vacuum environment. It discarded that entire permissible class 
of the Maxwell-Heaviside systems far from equilibrium with the active 
vacuum. In short, it arbitrarily discarded all COP>1.0 Maxwellian 
systems, and all those even permitted to exhibit COP>1.0. 


Theubiquitous use of closed current loop circuits containing both the 
external circuit and the source dipole inside the generator forcibly applied 
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(and continues to forcibly apply) the Lorentz symmetrical regauging. Thus 
all electrical engineers began using circuits which self-enforced 
equilibrium in the vacuum exchange, so that no net usable energy*”° 

that could translate electrons and do work in an external load —could be 
received from that source. 


However, so long as the enormous Heaviside nondiverged energy flow 
component outside the circuit remained, then separate outrigger antenna 
circuits and systems could always be inserted in this external energy flow 
to divert some of it into separate additional circuits. This would have 
opened up the COP>1.0 ensemble of systems and separate outrigger 
receiver circuits (with separate loads) fed by a single central generator, 
such as one version of the motionless electromagnetic generator of Chapter 
7. 


Consequently Lorentz integrated the entire energy flow vector around a 
closed surface assumed around any volume element of interest {658}, as 
shown in Figure 2-3. This integration trick — still universally applied 
{659a-659c} in all the texts today — arbitrarily discarded that troublesome 
and massive Heaviside energy flow component that could not be 
explained, and for which no source was known. 


3 J orentz symmetrical regauging does indeed require that the system receive excess 
energy from the environment (the active vacuum). It requires that the potential 
energy of the system is changed twice and continuously, which means the excess 
energy in each of those two changes must continuously enter from the active vacuum 
and do internal work on the system. Two new free force fields are created, each with 
its field energy, which is additional energy being continuously dissipated in the 
circuit to perform continuous work. However, the two free changes of energy in the 
system have been precisely selected so that these two force fields are equal and 
opposite. The two free changes of energy thus produce a stress potential without a 
net translation field. This means that the local spacetime has been curved, in a 
manner representing a rotation of the system frame away from the lab observer's 
frame. Further, the stress potential represents the continuous entry of extra stress 
energy from the vacuum, whose two force fields continually perform opposing local 
internal work within the system to stress it, while unable to translate electrons and 
power external loads. Contrary to the received view, the Lorentz-regauged Maxwell- 
Heaviside system is a dramatically altered and different system than the original 
system before the arbitrary application ofthe Lorentz condition. The system's 
inertial frame has been rotated, it has taken on extra energy from the vacuum that 
can only be used to do internal work upon the system, and that internal work on the 
system is continuously being done to increase the system's stress and hold it at the 
new level. 
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11.3.4 The Heart-Breaking Result of Lorentz's Actions 

The combination of these two actions by Lorentz — symmetrical 
regauging of the model equations and discarding the excess Heaviside 
nondiverged energy flow component — unwittingly resulted in the design 
and building of only those electrical power systems which symmetrically 
and automatically regauge their discharge of their excitation energy. The 
symmetrical regauging is self-applied by the closed current loop circuit. 
That circuit uses half of its collected Poynting energy to destroy the source 
clipole in the generator, and the other halfto power the loads and losses in 
the external circuit {660}. Conventional EM systems are unintentionally 
designed to destroy their own source dipoles — and their free extraction of 
organized EM energy from the vacuum — faster than they power their 
loads. 


11.3.5 Agreement with Classical Equilibrium Thermodynamics 

These curtailments of Maxwell's theory resulted in the exclusive building 
of equilibrium EM systems. These systems obviously obey the classical 
equilibrium thermodynamics with its infamous second law. Lorentz had 
unwittingly discarded all that entire class of Maxwellian systems in 
disequilibrium in their exchange with their active vacuum environment; in 
those days, there was nothing known about an "active vacuum 
environment" or broken symmetry in its virtual energy flux. Consequently, 
Lorentz had discarded all those Maxwellian systems that do not obey 
classical equilibrium thermodynamics, but do obey the newer 
thermodynamics of systems far from thermodynamic equilibrium with 
their active environment. He discarded all permissible COP>1.0 
Maxwellian systems. 


However, there was a total agreement between all the EM systems actually 
built using Lorentz's symmetrized equations and all measurements in their 
ubiquitous closed current loop circuits — all self-enforcing the Lorentz 
condition. This led to the iron dogma that all EM systems must inevitably 
comply with classical equilibrium thermodynamics — the circuits that 
were built were repeatedly and universally observed to do so! 


11.3.6 Dogma that COP>1.0 EM Systems are Perpetual Motion 
Machines 

Finally, this total agreement (now for more than a century) between the 
theoretical model used, the circuits actually built, the measurements 
performed, and classical equilibrium thermodynamics led to the present 
fallacious but iron dogma that EM circuits and power systems cannot 
output more energy than we ourselves input. Today the vast majority of 
scientists consider it absolutely proven that the laws of nature prohibit 
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COP>1.0 electrical power systems, and particularly prohibit self-powering 
systems that freely power themselves and their loads (i.e., EM systems 
analogous to "windmills in a free wind"). As we stated, every charge and 
dipole falsifies the "COP>1.0 EM systems are impossible" dogma, as does 
the fluctuation theorem and its experimental proof by Evans et al. 


Sadly, no one seems to have realized that we do not presently have 
COP>1.0 electrical power systems only because engineers have 
specifically designed and built their EM systems to destroy their own 
source dipole faster than they power their load. Ironically, every circuit 
and every power system used and measured by our engineers already 
outputs far more EM energy than is input by the operator or by turning the 
shaft of the generator, ifthe Heaviside nondiverged energy flow 
component is re-accounted. The Bohren experiment clearly proves it 
experimentally {662}, along with thousands of other similar experiments 
in "negative resonance absorption of the medium" {157a-157d). 


11.4 Examples of COP>1.0 Electromagnetic Systems 


The motionless electromagnetic generator (MEG) {661} (Figure 11-1) 
does catch and use some of this available free energy, as explained below. 
So does the familiar Bohren experiment {662a, 662b} by resonating each 
intercepting charge so it sweeps out an increased geometrical reaction 
cross section in space, reaching past the usual Poynting interception cross 
section (for a static charge) and thereby absorbing additional energy from 
the otherwise non-intercepted Heaviside energy flow component. 


Every charge and dipole in the universe also already acts as an electrical 
"windmill in a free wind," having a COP = oo. 


The present author has also nominated the long-neglected but vast 
nondiverged Heaviside EM energy flow, accompanying every field and 
charge interaction, as the long-missing source of some 90% of the gravity 
holding the arms of the spiral galaxies intact {663}. Our supersystem 
examination of several COP>1.0 EM systems developed by various 
inventors has also uncovered a proposed solution for the source of the 
distant antigravity accelerating the expansion of the universe {664}. 
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Figurei 11-1. Transformer section of the MEG. 


Experimental proof that EM energy COP>1.0 is both possible and 
demonstrated is already in the literature — e.g., as in the Bohren 
experiment {662} which outputs 18 times as much energy as one inputs 
(see Figure 11-2). As another experimental example, the Aharonov-Bohm 
(AB) effect {647, 665, 666} freely adds additional nonlocalized field-free 
A-potential energy while all the magnetic B-field energy is sharply 
localized but still present and available. The AB effect is routinely 
implicated in physics, but apparently was never applied in an electrical 
power system prior to its use in the motionless electromagnetic generator 


Bohren's experiment {662} was quickly and independently replicated by 
Paul and Fischer {667}. It can be replicated by any university laboratory at 
will, totally negating the conventional COP < 0 assumption. The AB effect 
is also easily replicated, using a toroidal coil, a long solenoid, or a 
permanent magnet and the special cores used in the MEG. When the toroid 
system's total available output energy flow is measured and accounted — 
including both the confined magnetic field energy flowing inside the 
toroidal windings and the field-free A-potential flowing outside — the 
toroidal coil system outputs more energy flow than the operator furnishes 
from his external power supply by conventional accounting {668}. 
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At or near resonance frequency, in the case shown 
the energy collection fraction (reaction cross section) 
increases dramatically. 
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Figure 11-2 The Bohren experiment outputs 18 times as much energy as one inputs 


In conventional terms, for a theoretically perfect toroid the operator only 
"pays for" the magnetic field energy "output component” confined inside 
the toroidal windings. The presence of an extra energy output component 
outside the toroid produces COP>1.0 performance as an energy 
transducer. It does not produce system COP>1.0 performance in a closed- 
loop circuit containing the primary power supply's source dipole. 


The AIAS has previously nominated more than a dozen mechanisms as 
promising COP>1.0 systems for investigation, research, and development 
{669}. 


11.5 Motionless Electromagnetic Generator (MEG) 


11.5.1 Overall Description 

In the MEG {661} (Figure 11-1), one uses a nanocrystalline material core 
path with the unique characteristic of drawing in almost all the magnetic 
field energy of an emplaced permanent magnet. The B-field flux from the 
magnet is withdrawn from its normal position in surrounding space and 
sharply confined to that material core path. Around the core there freely 
appears an additional curl-free magnetic vector potential A energy flow, 
since the surrounding spacetime is still curved due to the interaction 
exchange of vacuum and magnet dipole, and therefore still contains extra 
energy. The operator inputs no energy whatsoever after the magnet is once 
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emplaced, yet has appreciable magnetic field energy and field-free 
magnetic vector potential energy available to utilize. As an energy 
transducer, the MEG has a COP»1.0. As a power system powering loads, 
its COP>1.0. 


11.5.2 An Example of MEG Operation 

As a replicable example, suppose one operates the MEG core at less than 
saturation, and places a small "square wave" pulsed signal upon a primary 
coil wound around the core. The core changes its permeability as the 
internal magnetic B-flux is perturbed and changes, so all the perturbed 
B-flux is retained in the core material. The large E-fields produced by the 
changing B-flux in the core as a function of — 0B/ot are not localized, but 
pass readily out of the core and interact with the coils, particularly with the 
secondary. 


In the A-potential region in the space outside the core, one also produces 
very large E-fields by E = — dA/or. At the frequencies being used (40 to 80 
kHz nominally), all these E-fields produced by the core flux perturbations 
and by the external A-potential perturbations are essentially in phase. The 
large E-fields thus coherently add and interact directly with the secondary 
coil acting as a receiver. 


In the secondary, the very large and sharply changing E-fields interacting 
with the coils also produces large B-field flux changes in the core. 
However, again the core changes its permeability and holds-in all the extra 
B-flux. The changes in that secondary B-flux also make additional non- 
localized E-fields, and so on. 


The surprising and shocking result is that the transformer secondary 
undergoes a coherent, purely E-field reaction with the electrons in its coils. 
This results in the output voltage and current being in phase (within 2°, 
since there are inevitably some small remaining inductance effects due to a 
tiny bit of external B-field leakage from the junctures of the ends of the 
permanent magnet with the core material). 


Themagnitude of the powerful E-fields produced by these processes — 
and interacting with the secondary coils — depends on the rise and decay 
times of the input signal's pulse edges. So the average power input to the 
signal coil may be small, but — using sharp rise and decay times of the 
input pulses — very large E-fields will be produced in the adjacent 
surrounding space outside the transformer section and interacting with the 
secondary coils, as well as in the sharply changing B-flux localized in the 
core. 
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One then uses transmission-reception theory and near-field antenna theory 
for separate receiving circuits containing loads, added in the large E-field 
region in space outside the core. Those E-fields arise from both the 
changing A-potential outside the core and the changing localized flux 
inside the core. We stress again that the E-fields produced in the core are 
not localized, but pass outward into the external space to interact with 
whatever interceptor/receivers are placed out there. 


A "outrigger array" version of the MEG uses separate external receiving 
circuits, containing loads, to intercept, collect, and use more of the EM 
energy available in the surrounding space outside the core. 


Within physical space limits, the energy intercepted and utilized by these 
separate, independent receiving circuits containing loads can be increased 
by adding more receiving circuits with loads or adjusting the rise and 
decay time of the input pulses to provide greater collected voltage. These 
separate loads will be powered by the incident E-fields' interception in the 
external receiving circuits. This is not at all a transformer action, but a 
near-field transmission and separated multiple antenna circuits' reception 
action. 


There is no back-current coupling between the external circuits and loads 
with the primary circuit of the transformer section. In the external 
A-potential region alone, the secondary coil in the transformer section will 
interact with the large incident E-fields from that adjacent space and from 
the changing B-flux inside the core, producing at least as much energy as 
one inputs to the primary. Actually, that process alone will produce more 
output energy in the secondary than the operator inputs in the primary. 


If one operates the core below saturation, the magnetic flux in the core will 
also be switched, giving additional intercepted E-field energy in the 
secondary coil attached to its load. The total work out in all loads is 
permissibly greater than the total energy dissipated in the input by the 
operator's energy input {668}. The MEG is an open system far from 
equilibrium with the active vacuum {670}. 


11.5.3 The MEG Is Replicable 

Any university laboratory can replicate this effect, and demonstrate more 
work in resistive loads than is input to the MEG primary from the external 
power supply. For replication, we suggest initially designing to COP = 1.5, 
since beginning at COP = 2.0 there can be other effects not in the U(1) EM 
literature, but which are dealt with in the actual MEG. Some of the 
methodology {671} used for COP >2.0 is still proprietary information not 
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yet releasable due to patent law requirements, while some of it was 
included in Chapter 7. 


Without elaboration we advance the supersystem concept, and strongly 
insist that, to properly analyze the performance of any similar EM circuit 
or system, one must analyze the dynamics of the entire supersystem 
consisting of (1) the physical system and its dynamics, (ii) the curved local 
spacetime and its dynamics, and (iii) the local vacuum and its dynamics 
{672}. All three components of the supersystem are mutually interacting. 


For a COP>1.0 system, the mutual interactions are utilized from 
disequilibrium processes evoked between all three supersystem 
components. U(1) electrodynamic analysis system in an inert vacuum and 
a flat spacetime is insufficient. Previous AIAS analysis {661} has 
addressed the supersystem by use of higher O(3) symmetry 
electrodynamics to include vacuum dynamics (energy currents, both space- 
like and time-like) and curved spacetime dynamics. 


11.6 Physical Considerations of Gauge Freedom 


Additional physical considerations must be accounted when gauge 
freedom is invoked or utilized with respect to physical systems. Applied to 
electrodynamics systems, gauge freedom assumes the ability to freely 
change any potential of the system being studied. From the physics of the 
situation, a system potential change concomitantiy assumes changing the 
potential energy ofthe system itselffor which gauge freedom changes are 
being theoretically applied to system-descriptive equations. 


If one can freely increase the potential energy of an EM system, the extra 
energy has to come from a physical asymmetry of the system with its 
active environment — the active vacuum. Else, one must surrender the 
conservation of energy law. At worst, gauge freedom would then imply the 
creation and destruction of energy at will. At best, it would imply a return 
to the view that potentials are mere mathematical conveniences with no 
physical reality — a notion falsified for decades by the AB effect {647}. 
freely decreasing the potential energy of the system by simply 
depotentializing it, has a similar vacuum asymmetry requirement for de- 
excitation of the system, where energy must flow from the system to the 
vacuum. 
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11.7 Special Modeling of the Vacuum 


Having EM energy density, the vacuum is and should be modeled as a 
scalar potential of great magnititude. For deeper (supersystem) analysis, one 
will also have to examine the internal EM longitudinal phase conjugate 
wavepair structure and dynamics of the scalar potential vacuum {672}, 
along the lines shown by Whittaker {644} in 1903 and re-interpreted by 
the present author {643} in 2000. From quantum field theory arguments, 
Mandl and Shaw {646} give strong support to the proposed 
reinterpretation. They argue that neither the scalar (time-polarized) photon , 
nor the longitudinal photon is independently observable, but the 
combination of the two is observable as the instantaneous scalar potential. 


Transforming this argument to EM waves yields a solution consistent with 
the reinterpretation {643}. The result is that all 3-space EM energy comes 
from the time-domain, in a manner not previously utilized in EM circuit 
analysis. It is experimentally established by proving (measuring) that the 
source charge and dipole do not receive observable EM energy in 3-space, 
but continuously output observable EM energy in 3-space. Simply making 
and destroying dipoles in an electrical system turns out to be a method for 
direct engineering of negentropy and entropy respectively — or, from 
another viewpoint, it directly engineers regauging. 


The greatest unrecognized problem in conventional electrical power 
system engineering is its total failure to include the making and destroying 
of dipoles as direct engineering of negentropy and entropy respectively. 


Every EM potential in an EM system is a change to the energy density of 
the ambient vacuum potential — and thus is a spacetime curvature — or it 
is a change to an intermediate potential that is such a vacuum potential 
change. Vacuum exchange with every EM system and asymmetry in that 
exchange, is ubiquitous and cannot be prevented. Whenever one makes or 
changes an EM potential, field or wave, and whenever one regauges, one 
invokes and utilizes asymmetry in the interaction of the active vacuum and 
the system, either wittingly or unwittingly. Else one must discard the 
conservation of energy law altogether. There is no symmetry of a mass 
system alone {673}, without including the vacuum's asymmetrical 
interaction with it. The reason is simple: all observables involve 
asymmetry {674} apriori, and mass is an observable. 
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11.8 Every Charge and Dipole in an EM System 
Receives and Transduces Vacuum Energy 


In particle physics, every dipole — and every charge considered with its 
associated clustering virtual charges of opposite sign — is recognized as 
an asymmetry in the vacuum flux {675}. The very definition of broken 
symmetry means that a charge or dipole receives and absorbs virtual 
photon energy from the vacuum, transduces it into observable form, and 
re-radiates it as real, observable EM energy. This results in an observable 
outpouring of 3-energy from the charge or dipole, with no observable 
3-energy input. 


To save the conservation of energy law for physical EM systems, one must 
therefore recognize and model the physical vacuum asymmetry mechanism 
that allows this demonstrated performance of charge and dipole. In 
electrical power systems, that required asymmetry mechanism is the 
known broken symmetry of the vacuum's interaction with the source 
dipole created in the generator. 


11.9 Energy from the Vacuum Powers Every Electrical 
Power Line and EM Circuit 


11.9.1 What the Generator Powers and What Powers the Circuit 

Shaft power input to a conventional generator allows the generator to 
produceits source dipole, nothing else. The generator does not transduce 
anyof its input shaft mechanical energy to add EM energy to the external 

circuit connected to its terminals. Instead, it first transduces its mechanical 
shaft energy input into internal magnetic field energy. 


Then it totally dissipates that magnetic energy to separate its own internal 

charges, forcing the positive charges in one direction and the negative 
charges inthe other, making thesource dipoleconnected toits terminals. 

That is all that the mechanical shaft power input to a generator does — and 

that is all that burning hydrocarbons, consuming nuclear fuel rods, 

damming rivers for power stations, putting up windmill-powered 

generators, using solar energy input to solar cells, or consuming chemical 

energy inabattery accomplishes. 


Once made, the source dipole — via its broken symmetry in its vacuum 
exchange - freely receives and absorbs enormous virtual photon energy 
from the active vacuum, transduces it into observable (3-space) form, and 
pours out real, observable EM energy in 3-space from the generator 
terminals to which it is connected. As shown in Figure 1-1 of Chapter 1, 
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this outpouring of EM energy from the generator terminals fills all space 
around the external circuit {653} with a vast energy flow almost parallel to 
the conductors. Figure 2-4 is a lateral view so that the two flow 
components can be clearly seen and compared. 


11.9.2 Gedanken Experiment 

We advance a gedanken experiment to illustrate. Consider a perfect 
generator with no losses, and with two perfect conductors and a purely 
resistive load R; connected across its terminals. Call the mechanical 
energy input to the shaft ofthe generator Win. Call the Poynting diverged 
energy flow component W, that is intercepted by the attached circuit and 
powers R,. Call the Heaviside nondiverged energy flow component W;, 
that misses the circuit and is wasted. As an energy transducer, the total 
energy output W,,, from the terminals of the generator is 


Wout = W, + Wh [1] 
However, Win = W,, for this theoretically perfect system. So 
Wout = Win a Wh => Wout = Win [2] 


Further, when accounted, Wy, >>Win, so 
Wout >> Win [3] 


We conclude that all EM systems — as energy transducers freely 
extracting and transducing EM energy from the active vacuum— already 
exhibit COP » 1.0. However, for useful work in a closed current loop 
circuit, the COP = 1.0, unless additional antenna-receiver circuits or 
another scheme such as Bohren charge resonance is used to increase the 
energy collected and dissipated in the load while not increasing the energy 
used to dissipate the source dipole. 


11.10 Significant Developments in Negative Resistance 


True negative resistance (e.g., current moving against the voltage) also 
exists and is experimentally replicable. In true negative resistance, the 
current in a circuit moves against the voltage instead of with it, suggesting 
time-reversal effects in the mechanism by which EM force and charge 
interact. 


11.10.1 Chung's Negative Resistor and Naudin's Replication 
Chung {676} has reported replicable negative resistance in the interfaces 
between layers of carbon fibers in a composite material. By varying the 
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pressure used when the fibers are made, the resistance can be controlled to 
later be negative or positive as desired. A simpler version of Chung's 
negative resistor using off-the-shelf materials has been successfully 
replicated and tested by Naudin {677}. (See Figure 11-3). Naudin's 
website {677} provides measurements and full details necessary for 
repetition. He also includes sources of the carbon fiber materials needed 
lor independent replication. 
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Figure 11-3 Naudin's replication of Chung's negative resistor. 


11.10.2 The Point Contact Transistor 

There is also evidence that the original point contact transistor — which 

used spring pressure on the point contact — often exhibited true negative 
resistance. Certainly this transistor was never adequately understood 
{678}, and it is not understood today, since its supersystem has never been 

analyzed. 


11.10.3 Kron's Negative Resistor 

Gabriel Kron, early pioneer in electrical systems theory, reported 

developing a negative resistor in the 1930s, on the U.S. Navy's Network 
Anayzer project {679} at Stanford University. He was not permitted to 

reveal the details ofhis negative resistor, but did provide strong hints in 

certainstatements in his papers in the literature {680a, 680b}. His method 
for a self-organizing network depended on his "open path" {681} which he 
also was not permitted to reveal. 


The present author worked for some years with Floyd Sweet, a Kron 

protege", who did produce a successful type of powerful negative resistance 
system {682}known as the vacuum triode amplifier, apparently based on 

Kron's original negative resistor. Sec Figures 6-5 to 6-13 in Chapter 6. As 
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shown in Figure 6-6, Sweet induced self-oscillation in barium ferrite 
magnets {683a-683c} (which are made by powder metallurgy methods 
using pressure applied during their manufacture) and extracted energy by 
induction from the resulting self-sustained magnetic field oscillations. His 
device was independently tested by Walter Rosenthal {684}, a senior test 
engineer of long experience with a major aerospace company. See Figure 
6-9 and Figure 6-13. 


11.10.4 Proposed Time Reversal Zones and Effects 

One may take the view that true negative resistance involves time-reversal, 
which by the Pauli exclusion principle is permitted for bosons {685} and 
possibly for fermions in even numbers, acting as quasi-bosons (perhaps 
only possible in a time-reversed zone). The present author proposed a 
photon interaction mechanism for the "flow of a mass through time” in 
1971, with initial publication occurring two years later {686}. 


Extending this mechanism, the author proposed that time reversal zones 
(TRZs) can occur in momentary local regions in semiconducting materials 
or electrolytes {687}. In a TRZ, the law of attraction and repulsion of 
charges is hypothesized to be momentarily reversed due to time-stress or 
time-domain pumping {688}, and like charges may momentarily attract. In 
Chapter 10, we used these time-reversal zones to explain the anomalous 
results of the 600 or so successful cold fusion experiments worldwide. We 
also gave the exact new nuclear reactions for the production of anomalous 
deuterium, tritium, and alpha particles in many of these experiments. 


When under strong stress, anomalous attraction of clusters of like charges 
is experimentally known, e.g. in Shoulders’ {689} experiments and 
patented processes {690}. When the output leads of Sweet's vacuum triode 
amplifier device were suddenly shorted, extreme cooling occurred rather 
than heating. Ice condensed instantly upon the shorting contact and leads 
from the sudden extreme cooling of the metal in the moisture in the air, 
dramatically showing a converging EM energy process rather than a 
diverging one. 


11.10.5 Effects in Optically Active Semiconducting Materials 

In addition, four-wave-mixing, phase conjugation, and time-reversal 
effects are well known in semiconducting materials {691}, almost all of 
which are optically active. Optical activity and microlasing is known in 
semiconductor powder {692}. Further, the vacuum itself can exhibit 
semiconducting properties {693}. 
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11.10.6 Special Functions Produced by Stress 

Apparently pressure (stress) in many of these devices and experiments can 
play an important role in the negative resistance process. Based on 
harmonic sets of paired couplings of a longitudinal time-like wave and a 
longitudinal wave in any scalar potential {643}, the present author 
hypothesizes that such stress — treated as a stress scalar potential — 
accomplishes time-domain pumping in the optical sense, due to the 
presence of the coupled time-polarized longitudinal waves in the time 
domain. 


This time pumping is a special form of "time stress". Thus in optically 
pumped or stressed optically active materials (including electrolytes), the 
time-stress creates a TRZ, reversing the normal force laws upon and 
between charges. Assuming this hypothesis is valid, this could account for 
the variation of Chung's negative resistance effect with the variation of the 
pressure (stress) used in manufacturing. Itwould also apply to the laser- 
created stress in semiconducting powder experiments, etc. The hypothesis 
should be further investigated for experimental validation or refutation. 


11.11 In Conclusion 
As Penrose {694} states, 


"Electromagnetism is a subject that is inno way closed to 
stimulating new developments." 


Indeed, electrodynamics is still very much an advancing subject, and in 

classical electrodynamicsthere are foundationserrorsand problems, afew 
of which we have addressed. As Bunge {695} pointed out more than three 
decades ago, 


"_.. It is not usually acknowledged that electrodynamics, 
both classical and quantal, are in asad state. " 


From a foundations viewpoint, Einstein {696} beautifully summed it up — 
and advanced a requirement for continually examining the foundations of 
electrodynamics and every other field ofphysics—in these words: 


"., the scientist makes use ofa whole arsenal ofconcepts 
which he imbibed practically with his mother's milk; and 
seldom ifever is he aware ofthe eternally problematic 
character ofhis concepts. He uses this conceptual 
material, or, speaking more exactly, these conceptual 
tools of thought, as something obviously, immutably 
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given; something having an objective value oftruth which 
is hardly even, and in any case not seriously, to be 
doubted. ...in the interests of science it is necessary over 
and over again to engage in the critique ofthese 

fundamental concepts, in order that we may not 
unconsciously be ruled by them." 


Though they have long been neglected, legitimate COP>1.0 electrical 
systems are good science, or they can be. They were present in the original 
Heaviside truncation of Maxwell's theory prior to Lorentz's symmetrical 
regauging. That regauging arbitrarily selected only those Maxwellian 
systems in equilibrium in their exchange with the active vacuum. The 
energy flow theory was further curtailed by Lorentz's integration trick, 
which discarded the huge vacuum-furnished non-intercepted Heaviside 
energy flow component accompanying every EM system. Every EM 
system already outputs for more EM energy flow than the energy that the 
operator inputs; thus every EM system is already a COP»1.0 system, with 
respect to energy transduction. The only way this giant negentropy of 
every EM system can be hidden is to ubiquitously continue that integration 
trick to discard the giant Heaviside energy flow component. 


The present Lorentz-regauged Maxwell-Heaviside equations are not 
consistent with any bipolar EM system or circuit. The ends of any 
dipolarity in the universe — including any electron on Jupiter and any 
positron in the star Sirius — constitutes a broken symmetry in the seething 
vacuum flux. Actually, that is what Gabriel Kron discovered and called his 
"open path". Hence, that "dipole" continuously emits observable EM 
energy extracted from the vacuum. 


Engineering use of the ubiquitous closed current loop to contain both the 
primary source dipole and the load — which destroys the source dipole 
and extraction of vacuum energy faster than the load is powered — is 
responsible for the successful predictions ofthe equilibrium EM model 
(which of course completely fails to explain the source charge or source 
dipole). That circuit is unwittingly designed to self-enforce the Lorentz 
symmetry condition and therefore self-enforce those predictions. 


The question as to whether COP>1.0 electrical power systems are possible 
and practical must be resolved by direct experiment, and not by 
established models and cherished concepts that already arbitrarily exclude 
such systems! Such theoretical refutation by models that in fact contradict 
the experimentally observed COP = 00 action of every charge in the 
universe, cannot be trusted at all with respect to COP> 1.0 judgment. Well- 
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known supporting and confirming experiments already in the literature — 
such as the Bohren experiment yielding COP =18 — have been cited, and 
these are replicable by any university laboratory. The Bohren-type 
experiment is well known and routinely performed in every nonlinear 
optics laboratory, under the guise of "negative resonance absorption of the 
medium". 


It is indeed a critical time to re-examine the foundations of our electrical 
power science and engineering, along the lines so eloquently stated by 
Albert Einstein. With the impending oil crisis, we face a world economic 
crisisof epic proportions unless we rapidly develop and widely deploy 
sell-powering disequilibrium electrical power systems. 


Also it is a critical time when the leaders of the scientific community — 
specifically the National Academy of Sciences, the National Science 
Foundation, the great national laboratories, and the universities — must at 
last face and correct the excruciating faux pas that has now been 
perpetuated in electrodynamic theory for more than a century. In short, the 
leaders of our scientific community must now show whether they are 
scientists practicing and upholding experimental basis, orare dogmatists 

defending an ancient faith. The fact that the source charge problem 
continues to be propagated in electrodynamics 45 years after the award of 
the Nobel Prize to Lee and Yang, is no longer excusable. 


A thorough review and correction of the foundations of EM theory is 
required for the survival of this nation and much of civilization. It is also 
required for the cleanup of the increasingly polluted biosphere, survival of 
the threatened species of the Earth, reduction of present global warming 
trends, and the survival of this fragile and beautiful planet itself. 
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Annotated Glossary of Selected Terms 


action at a distance: An action (effect) occurring in a local system, for 
which no separate local 3-space cause exists, but for which a causal 
correlation exists between a distant action and the local effect. 


advanced electromagnetic field: An electromagnetic field that is a 

solution of the classical Maxwell equations, which is positioned on the 
future light-cone of spacetime. It may be possible to involve such a field in 
the tempic force that may exist between the tempic potential at the output 
of an overunity system and the tempic potential that exists at the input of 
the system, where the interaction ofthe tempic force with the local 
nonlinear vacuum drives Dirac sea hole current from output section to 
input section. 


advanced electromagnetic potential: An electromagnetic potential that is 
a solution of the classical Maxwell equations, and is positioned on the 

future light-cone of spacetime. Presently this potential has not yet been 
givena physical interpretation. It may be possible to involve its effects in a 

specific system by our notion and use of the instantaneous tempic potential 
difference (the tempic force) that may exist between the tempic potential at 
the output of a system and the tempic potential at the input of that system 
if the two differ. 


advanced electromagnetic wave: An electromagnetic wave that is a 
solution of the classical Maxwell equations, and which is positioned on the 
future light-cone of spacetime. 


Aharonov, Yakir: Renowned Israeli quantum physicist and former 

student of David Bohm. Co-discoverer of the Aharonov-Bohm effect. 
Together with Bohm, Aharonov authored a fundamental paper in 1959 that 
pointed out the primary importance ofthe potentials rather than the force 
fields. The force fields are only made in and of the charged particle system 
itself, and do not exist as such in the vacuum. The force fields are thus not 
primary electromagnetic causes at all, but are effects due to the 
interference of potentials in a particular charged particle system. 


Aharonov-Bohm effect: Quantum mechanical phenomenon theoretically 
pointed out in 1959 by Yakir Aharonov and David Bohm whereby 
interfering electromagnetic potentials can produce effects on charged 
particle systems, even at a distance and in the absence of the 
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electromagnetic force fields. A system undergoing a cyclic evolution from 
an initial state back to it will acquire a phase difference, which can be 
detected by interfering the initial and final states. Theory was extended 
later to Berry phase, then again to geometric phase. 


In classical EM terms, a more important energy-amplifying principle - 
advanced by the present author — emerges from the AB effect. My 
colleagues and I have used this principle in our motionless electromagnetic 
generator (MEG) to provide COP>1.0. Consider a source of magnetic field 
B, such as a permanent magnet. All the magnetic field energy B from the 
permanent magnet may be drawn into and confined in a local material 
path, as in a special nanocrystalline transformer core. Then in the space 
surrounding the localized magnetic field energy, the active vacuum will 
freely replenish — via the broken symmetry ofthe permanent magnet 
dipole in its exchange with the vacuum — the magnetic energy in that 
space that would otherwise have been filled with magnetic field B (curled 
magnetic vector potential A). However, nature replenishes the energy in 
space outside the B-localization region with the curl-free magnetic vector 
potential A. In this fashion a system designer may cause the active vacuum 
to provide more available magnetic energy from the permanent magnet 
that normal, with each ofthe two energy forms being in separate spatial 
regions and paths, and occurring in different forms of magnetic vector 
potential energy. By inputting only a little energy in the input coils ofthe 
transformer section, and controlling the rise time and decay time of the 
pulses, one can produce very large E-fields from the A-potential via E = - 
dA/dt. From the simultaneously perturbed confined B-field flux in the 
core, one also produces E-field simultaneously and — at the frequencies 
used — in phase with the E-fields produced outside the core. The net 
result is interaction of large E-fields with the output coil, producing an 
output power proportional to the rate ofchange of the weak input signal 
energy rather than its magnitude. In this fashion, additional E-field energy 
from the vacuum enters the output coils to power the secondary circuit and 
its loads. Also, the output of the entire transformer section has the voltage 
in phase with the current, in contradiction to the actions of all previous 
transformers. 


AIAS: Alpha Foundation's Institute for Advanced Study, directed by Dr. 
Myron W. Evans, a noted scientist with more than 600 papers in the 
literature. The AIAS is an unusual "think tank" comprised of Fellows and 
Fellow Emeriti in various places in the world, who cooperate in advanced 
electromagnetics studies via E-mail. The Director, Dr. Myron W. Evans, is 
a theorist of note, as are several other Fellows. The AIAS has been forging 
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ahead with the production of O(3) symmetry electrodynamics, particularly 
as an important subset of Mendel Sachs' unified field theory. Dozens of 
AIAS group-authored papers have been published in various leading 
journals such as Foundations ofPhysics, Physica Scripta, etc. More than 
100 AIAS papers are carried on a restricted Department of Energy website 
for reference by DoE and AIAS scientists. The work is particularly 

significant in preliminary theorizing how EM energy can possibly be 
extracted from the active vacuum. 


algebras: The various types of mathematics in which the theoretical 
models for physics and other sciences are embedded. Some important 
algebras utilized in physics are vector algebra, tensor algebra, quaternion 
algebra, Grassmann algebra, Pauli algebra, Clifford algebra, etc. There are 
many others. The complexity of the symmetry and of the topology varies 
significantly between these algebras. Thus, an electrodynamics model in a 
lower topology algebra such as vectors or tensors will not reveal or permit 
nearly so great a set of electrodynamic functions and operations as will 
electrodynamics embedded in a higher topology algebra such as quaternion 
algebra orCliffordalgebra. Seetopology. 


ambient vacuum: The average or typical "standard" active vacuum (i.e., 
active spacetime), removed spatially from any large collections of 
observable charge and observable mass. 


ambient vacuum potential: The average or typical standard vacuum 
considered as a scalar potential because it possesses energy density as well 
as structure and dynamics on many levels. As a scalar potential, the 
vacuum potential (considered without zero-point fluctuations) decomposes 
into a harmonic set of "bidirectional" longitudinal EM phase conjugate 
wavepairs, by Whittaker's 1903 decomposition as reinterpreted by the 
present author in 2000. Dynamic structuring of the vacuum thus consists of 

dynamics impressed upon these wavepairs. Since the vacuum is observably 
mass-free, Whittaker's phase-conjugate half of the decomposition must be 
considered prior to its interaction with mass, hence in the imaginary plane 
and arising from the time domain. This consideration led to the discovery 
by the present author of the more fundamental 4-symmetry in EM energy 
flow between the time domain (imaginary plane) and real 3-space, when 
broken 3-symmetry is present (as with any dipolarity or with any 
potential). 


Powerful support for this solution is also given by F. Mandl and G. Shaw, 
Quantum Field Theory, Wiley, 1984, Chapter 5. Mandl and Shaw argue 
tthat the longitudinal and scalar (time) polarizations of the photon are not 
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directly observable, but only in combination, where they manifest as the 
"instantaneous" Coulomb (i.e., electrostatic) potential. Our comment is 
that this argument, translated from particle terminology to wave 
terminology, directly fits our re-interpretation of Whittaker's 1903 
decomposition of the scalar potential. 


angular momentum: The momentum or "leverage" ofthe linear 
momentum ofa moving body, with respect to an axis or reference point. 
Angular momentum has the same units as action; that is, it is energy 
multiplied by time, or momentum multiplied by length. In terms of 
particles, it is also known as spin. 


anti-circuits: Somewhat normal-appearing electromagnetic circuits which 
primarily process and use antiparticles and anti-electrons rather than 
particles and electrons, or else process a combination of the two 
simultaneously. Operations of the anti-circuit must be analyzed and 
understood in terms ofits supersystem interactions. The circuits process 
and utilize both negative energy and positive energy EM fields and 
potentials, hence are closely connected to unified field engineering and 
antigravity. One aspect enabling such circuits is the use of the 
supersystem's curvatures of spacetime in both negative curvature and 
positive curvature fashion so that an appropriate change of spacetime 
curvature precludes the radiation normally accompanying pair 
annihilation, etc. The key to the circuits is T-reversal and C-reversal 
operation, along with the matching use of spacetime curvatures, and also 
the use of the Dirac "positron" (negative energy electron) — and its fields 
and potentials — prior to its observation. The unobserved Dirac negative 
energy electron in the vacuum is an entirely different entity than is the 
observed Dirac positron after its interaction with charged matter, after 
which it has become a "lattice hole" or "positive charge on a positive mass 
ion". The response of normal circuit components to vacuum Dirac sea hole 
operations is dramatically different than for Dirac positrons, and for 
certain applications special versions of circuit components are required. At 
this writing, together with John Bedini the present author has submitted 
what may be the first patent application on the fundamental process for 
anti-circuits and their operations with antimatter and negative energy 
currents, fields, and potentials as well as matter and positive energy 
currents, fields, and potentials. Another patent application by this author is 
in preparation, covering the anti-gravity aspects. The details of these 
mechanisms are still proprietary at this writing in order to protect our 
intellectual property rights, but limited information is in this book. 
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anti-electron: A negative-energy electron, observed as a positron. Under 
time reversal, electric charge reverses in sign. Dirac did not predict the 
positron per se, but a negative energy electron that we would observe in 
reversed fashion. Present theorists assume the interaction of the 4-space 
negative energy electron with matter — i.e., observation — to have 
occurred. This transforms the negative energy, negative mass electron to a 
positive energy, positive mass positron traveling in the opposite direction. 
In so doing, antigravity from the negative energy 4-electron source charge, 
due to its negative energy EM fields and negative energy potentials, is 
abitrarily transformed by the spatial reversal into positive gravity fields 
rather than the antigravity fields they were. The secret to practical 


antigravity is to utilize (in anti-circuits) the negative energy 4-electrons 
prior to observation, without transformation of (i) negative energy fields to 
positive energy fields, (ii) negative mass to positive mass, and (ii) reversal 
of the field direction. In short, simply consider the unobserved negative 
energy 4-electron as what it is, and utilize it in its unobserved vacuum 
state. The conventional transformation process also unwittingly discards 
the concept of anti-circuits, anti-fields, anti-potentials, and anti-currents, 
which discards half the rich electromagnetic circuitry that can be built and 
utilized. In the present book, we only touch lightly on this latter subject, 
which hopefully will be the subject ofa future book after certain patents 
are filed. 


antigravity: Negative gravity or reversed gravity. Use of negative 
curvature of spacetime to produce a force on a gravitational source 
(physical system) that is opposite to the normal force of gravity of the 
earth etc. on that system. Antigravity is achieved by the use of negative- 
energy, negative-mass source charges in the mass component of the 
supersystem prior to observation, while the source charges are still 
4-spatial. This usage produces negative energy fields and negative energy 
potentials to negatively curve the local spacetime (ST), so that these 
negative localST curvatures interactback upon the positive mass source 
system associated withthe vacuumnegativeenergysourcesinits 
supersystem. Again, to understand the operation of an antigravity circuit or 
system, one must analyze it in terms ofits supersystem interactions. 


antimatter: Matter consisting of atoms that are composed of anti-electrons 
(positrons), antiprotons, and antineutrons and such. Also loosely refers to 
the antiparticle corresponding to a particle; an antiparticle may be regarded 
as a particle traveling backward in time, or "phase conjugated", or "time- 
reversed. Since time is notanobservable, the observer sees the antiparticle 
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{after its observation by interaction with mass) in forward time as being 
reversed in direction and charge. 


antiparticle: Conventionally, a counterpart to an ordinary fundamental 
particle, observably having identical mass, lifetime and spin, but with 
charge and magnetic moment reversed in algebraic sign. We again point 
out, however, that the antiparticle differs when in its unobserved 4-spatial 
state. Only by analyzing the particle's supersystem can the true unobserved 
antiparticle be understood, as well as its fields and potentials in that 
condition. 


antiphoton: A time-reversed photon. Presently the photon is considered 
its own antiparticle. Observably it is, but in its pre-observation condition it 
is not. An alternate but as yet unaccepted view is that, since the 
unobserved photon is comprised of (dE)(dt) — i.e., a piece of energy 
welded to a piece of time with no seam in the middle, the antiphoton may 
be assumed to be comprised of (-dE)(-dt) with respect to the external 
observer. 


anti-Stokes radiation: The radiation coming from an anti-Stokes emission 
process from an intensely scattering medium, wherein more energy flux is 
emitted than is input by the experimenter-operator. The excess emitted 
energy is furnished by other processes in the medium. For true overunity 
operation, the excess energy furnished by the energetic medium must be 
freely replenished to the medium by the active vacuum's interaction with 
it. 


antiwave: The time-reversal (phase conjugation) of a reference wave. 


A-potential: The magnetic vector potential A, conventionally thought to 
be "defined" by the equation B = VxA. However, no equation is a 
definition (an identity is required). If we replace the "=" sign by "==", we 
have B =VxA, which is actually seen to define the field B as just a curled 
A-potential, or as the curled component of the A-potential, after 
interaction with magnetic charge. The A-potential or an additional 
component of it can and does also exist in uncurled fashion, and will 
emerge in the uncurled state in the space outside any local path (e.g., the 
path in the interior of a toroidal coil) that retains the B-field therein. That 
process of separating the curl component ofthe A-potential from its 
uncurled component is known as the Aharonov-Bohm effect (which also 
affects the wave function). The motionless electromagnetic generator 
(MEG) uses a special nanocrystalline core material in a transformer 
configuration, which draws in and retains the B-field from a permanent 
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magnet outside the core but firmly in contact with it on both ends. As a 
result, the vacuum freely replenishes the withdrawn magnetic energy that 
would otherwise have existed in the space outside the core, but the energy 
outside the B-field localization zone remains and appears as a separated 
and uncurled A-potential. In this way, the MEG is converted to an open 
system not in equilibrium with the vacuum, and can therefore permissibly 
output more EM energy in its output coils than the operator inputs into the 
input coils, the excess being freely furnished from the vacuum via the 
broken 3-symmetry of the permanent-magnet dipole and the resulting 4- 
symmetry EM energy flow from the vacuum’'s time domain into the dipole. 


The MEG is actually a practical macroscopic EM power system 
application of (1) the well-known Aharonov-Bohm effect and (2) the effect 
of the separation of the curled and uncurled potentials by a long tight 
solenoid or by a tight toroid, but in this case by the nanocrystalline 
magnetic core performing that separation function. In effect, the output 
coils interact with double (or greater) energy than would be available in 
just the B-field of the core (and of the magnet). Dual interaction with both 
theinternal core B-field flux and also the external A-potential is obtained 
by pulsing, so that the pulse edges produce strong E-fields in space, with 
the E-fields striking the output coils in a transmission-reception near-field 
fashion. As is well-known., dA/dt , and also f(dB/dtThesé. two 


fields produced by the perturbed internal B-flux in the core and the 

pertubed external uncurled A-potential outside the core are in phase. This 
is how the extra pulsing A-potential energy outside the core is made to 
interact as -E-field energy with the Drude electrons in the output coils, 
while the changing magnetic flux in the core through those coils also 
simultaneously produces a second -E which interacts with the coil's 
conductors in normal E-field fashion. The total E-field interacting with the 


outputcoils is proportional to the time rate ofchange ofthe input 
perturbation signal, not the magnitude ofits energy. By adjusting the 
leading and trailing edges of the perturbation pulses, the magnitude of the 
E - fieldinteractions with the output coil is determined as desired. Further, 

the usual output B-field produced in the outputcoils by dE/dtis directly 
extracted into the core and held, so that a purely electrical interaction and 

outputoccurs inthe output coils. This is easily shown since the output 

current and voltage of the output coil are in phase, within a degree or two. 
The MEG may be said to the world's first purely electrical induction 
transformer, freely separating the magnetic interactions and bottling them 
up, while allowing the electrical interactions. 
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asymmetrical regauging: A change of either the scalar potential or the 
vector potential A, or both, so that a net resulting excess force together 
with a net change oftotal system potential energy occurs in the system. 
During this change, an asymmetry exists in the active vacuum's energetic 
exchange with the system. The result is that the potential energy of the 
system is freely changed by energy from the vacuum, and a free net force 
is also produced in the system. This new force is then free to dissipate the 
excess potential energy by translating electrons through a load and 
powering it. By contrast, the Lorenz/Lorentz symmetrical regauging 
produces two free force fields that are equal and opposite, so there is no 
net resultant translation force available to translate electrons through the 
external load and power it. Thus Lorentz regauging arbitrarily applied to 
the Maxwell-Heaviside equations selects only that resulting subset of 
Maxwellian systems that are in equilibrium in their interaction with the 
external active vacuum. The potential energy ofthe system is changed, but 
only as a "stress potential" doing internal work upon the system to form 
and maintain its increased stress. The extra energy also rotates the 
system's frame out of the laboratory frame. Lorentz thus unwittingly 
discarded an entire class of permissible Maxwellian systems that are not in 
thermodynamic equilibrium with the vacuum. The Lorentz condition is 
initially violated each time anyone potentializes an EM circuit, but the 
closed-current-loop circuit design with the same charged-particle energy 
carriers around the loop — including back through the back emf of the 
source dipole in the generator — enforces a form of Lorentz symmetrical 
regauging during discharge of the system's excitation energy. Further, the 
response of the electrons in the usual electrical circuit with copper 
conductors is so rapid that the asymmetrical regauging (potentialization) is 
almost instantly converted to symmetrical discharging by movement of the 
electrons as current. When one section of the otherwise closed current loop 
uses a dramatically heavier charge as the energy carrier (as a battery uses 
ion current between its plates, but uses electron current between the 
outside of the plates and the external circuit), it is then possible to dephase 
the two independent carrier currents so that the battery will be charging 
while simultaneously the circuit is being powered, by a negative resistor 
(sharply increased scalar potential or voltage) produced at the plate surface 
interface ofthe two carrier current types. This proven Bedini process is an 
example of a true overunity process, capable of producing a self-powering 
system by means of adroit switching and timing. 


asymmetry: Lack of symmetry, or "broken symmetry" in a general sense. 
Since a specific symmetry is accompanied by a specific conservation law, 
the breaking of that symmetry represents the violation of that conservation 
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law. Particularly note that a broken symmetry at one level often (usually) 
results in a new symmetry at a higher level, necessary to maintain the 
asymmetry at the lower level. The resulting "levels" of symmetry are 
known as hierarchies of symmetry. 


asymmetry of the dipole: Because of the proven asymmetry of opposite 
charges, any dipole or dipolarity is a broken 3-symmetry in its fierce 
exchange of EM energy with the active vacuum, because of the known 
broken symmetry of the opposite charges on its ends. Any two points in 
the universe (in or out of the circuit), that are at differing ambient 
potentials, constitutes such a broken symmetry continuously pouring out 
EM energy extracted from the vacuum. A dipole or dipolarity continuously 
receives and absorbs copious virtual energy from the seething virtual 
photon vacuum flux, and not all this absorbed energy is reradiated back to 
the vacuum in virtual form. Instead, some of it is coherently integrated into 
observable form and re-radiated in all directions as usable, real 3-space 
observable photons andEM energy. We found that the input energy to the 
dipole is from the time domain of 4-space. Hence the dipole's broken 3- 
symmetry results in the appearance of a new and far more fundamental 4- 
symmetry in energy flow between the time-domain and 3-space. This was 
the solution to the long-vexing source charge (or source dipole) problem in 
classicalandquantumelectrodynamics. Reinterpretingthe Whittaker 1903 
decomposition ofthe scalar potential reveals the mechanism for this 4- 
symmetry between time-domain EM longitudinal wave energy flow into a 
dipole and 3-space EM longitudinal wave energy flow out of the dipole, 
due to the presence of the proven broken 3-symmetry of the dipole. EM 
energy flow is conserved in 4-space, but not in 3-space. Further, the 4- 
symmetry energy flow from the source dipole (or source charge) continues 
as long as the source dipole (or source charge) remains intact so that the 
broken 3-symmetry remains intact. It is strongly indicated that this 
asymmetry of the dipole or dipolarity is what Gabriel Kron finally 
discovercd as his "open path". 


back emf: The counter-electromotive force, usually between the end 
charges of the source dipole in the external power source for an electrical 
circuit (in its overall closed current loop). When the electrons in the circuit 
are forced against the emf— as when the "spent" or depotentialized 
charges from the groundreference of the circuitareforced backup 
through the emf of the source dipole to re-potentialize the charges — then 
work is done upon the source dipole to scatter its charges and destroy the 
dipole. Removing the dipole stops its receipt of vacuum energy from the 
time - domain (which was due to its broken 3-symmetry, now removed). It 
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also stops the former dipole's transduction of that energy, and its former 
output of 3-space energy flow along the circuit and in space around the 
circuit. When this flow is occurring, a small component of it strikes the 
surface charges in the conductors and is diverged into the circuit (by axial 
precession of the surface charges withdrawing the "immediate stubs" of 
their fields and potentials into the conductor) to power it as the Poynting 
energy flow component. The huge remainder of the energy flow in space 
surrounding the circuit simply misses the circuit and is utterly wasted. 
Destruction of the source dipole removes the transduction of EM energy 
from the vacuum. It thus stops the powering of the circuit. So additional 
energy must then be input to the power source to perform work on its 
scattered internal charges, force them apart again, and reform and restore 
that source dipole, in order to resume powering the circuit by energy 
extracted from the vacuum by the dipole. It is simple to show that such a 
closed loop circuit uses more of its collected energy from the vacuum to 
destroy its source dipole, than it uses to power its load. Hence the circuit 
self-enforces COP<1.0. 


back emf (tempic): There are actually two emfs in a circuit, not one. 
There is a 3-space emf and also an entirely unrecognized tempic emf. In 
either case, under proper circumstances there can be a back-emf of either 
one or both. See discussions under electromotive force, back and under 
tempic back emf. The tempic back emfis very important to COP>1.0 
circuits, where the system's output energy density in spacetime is greater 
than the energy density at the input section of the system. This difference 
in tempic stress potential provides a tempic force sweeping from system 
output section back through the system to its input section. The current is a 
current of Dirac sea holes (negative energy 4-electrons) moving in that 
local vacuum, from the output section back through the system to the input 
section. At the input section, this Dirac sea hole current reacts with 
incoming electrons from the external power system. It therefore "eats" 
incoming electrons, so that the power supply must now furnish additional 
electron current to (a) power the negation and "killing" of the Dirac sea 
hole current by filling those holes with electrons in the input section of the 
circuit, and (b) simultaneously furnish the additional usual current to 
power the system's input. The result is that the tempic back emf is nature's 
mechanism for decaying the excited COP>1.0 energy state represented by 
a system in overunity functioning condition. Unless this hole current 
problem is overcome, this decay mechanism will destroy the net overunity, 
and it will prevent any attempt at close-looping the circuit for self- 
powering by use of clamped and governed positive energy feedback from 
output to input. The Bedini method can be used to transform the 
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detrimental Dirac hole current into ordinary electron current, providing the 
self-powering feedback loop needed. Or, Bearden's outrigger method of 
using a multi-system set ofexternal COP<1.0 receiving circuits powered 
by radiation (Poynting EM energy flow) from a single central power 
source (energy flow radiator) can be used. Then already-positive energy 
feedback from one or more ofthe separate outrigger COP<1.0 receiver 
circuits can be fed back in normal fashion to power the central power unit. 
Note that the outrigger concept uses the bridging concept, so that an 
external COP<1.0 system can be powered from a central radiating system, 
and the external COP<1.0 system can collect and output more energy than 
is output in the accounted Poynting component of the central radiating 


system. The excess energy radiated comes from the radiated Heaviside 
component. 


bare electron: The true electron without its partial shielding of virtual 
positrons that are attracted toward it from the active vacuum, and that 
cluster around the electron, partially shielding its charge as seen by an 
external observer. The bare electron has infinite energy and infinite charge, 
as does the shielding cluster of virtual positrons. The difference between 
these two infinite values of opposite charge is the finite "externally 
observed" value ofthe electron charge listed in texts and handbooks. This 
strange dipolarity of the source charge thus exhibits an asymmetry in its 
exchange with the active vacuum virtual photon flux. Hence this 
mechanism also solves the source charge problem — how the charge 
continuously pours out EM energy in all directions at the speed of light, 
establishing its fields and their potentials reaching out into or even across 
the universe, without any input ofobservable EM energy to the source 


Barret, Terence W.: Noted modern electrodynamicist and consultant 
who works in SU(2)xSU(2) gauge symmetry extended electrodynamics, 
and other models, and was also one of the pioneers of ultrawideband radar, 
Barret is one of the vigorous modern electrodynamicists continuing to 

developandextendthescienceofelectrodynamicsandthe 
electrodynamics model itself. 


Bedini, John: Noted audio engineer, leading overunity energy researcher, 
inventor ofthe Bedini process forcreating atrue negative resistor insidea 
battery used as primary power to a circuit, and inventor of the Bedini 
overunity process forkillingthe back mmf(magnetomotive force)ina 
magnetic motor. Bedini is also the inventor of the renowned Bedini 
amplifiers well known to audiophiles, the BASE process for holographic 
sound, andaremarkable process for cleaning the harshness from digital 
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audio disks. In addition, he discovered a mechanism for transducing into 
usable positive energy the detrimental Dirac Sea hole current (negative 
energy electron flow) backflow in an overunity system, flowing from the 
output section back through the system to the input section and even on out 
into the external power supply. The Bedini process transduces this 
detrimental current into normal electron current, thereby providing most or 
all of the required input power to the input section. Bearden then explained 
the technical process for Bedini's discovered transduction procedure, and 
Bedini and Bearden filed a patent application on this process. 


Berry phase: Generalization by Berry of the Aharonov-Bohm effect, for 
an adiabatic situation. Later Aharonov and Anandan further removed the 
adiabatic condition and generalized the Berry phase to the geometric 
phase. See Aharonov-Bohm effect, geometric phase. 


blocking: In a Fogal charge-barrier semiconductor, stopping or partially 
stopping the flow of current in a circuit, or between two points, by pinning 
the electrons without stopping the EM energy flow. In ordinary usage, 
"stopping the progress of whatever charge flow or current is being 
referred to. 


Bohm, David J.: World-renowned physicist and originator of the hidden 
variable theory and interpretation of quantum mechanics. See David 
Bohm, "A Suggested Interpretation of the Quantum Theory in Terms of 
'Hidden' Variables, I and II," Physical Review, 85(2), Jan. 15, 1952, p. 
166-179 (Part I); 180-193 (Part II). Together with his student Aharonov, 
Bohm co-authored a fundamental paper on the Aharonov-Bohm effect 
wherein interfering electromagnetic potentials can produce effects on 
charged particle systems, even at a distance and in the absence of the 
electromagnetic force fields. From Bohm's hidden variable theory, the 
quantum potential has been highly weaponized by five nations, and these 
eerie weapons operating instantaneously at a distance through multiply 
connected spacetime are presently the dominant strategic weapons on 
earth. 


Bohm's hidden-variable theory (HVT) of quantum mechanics: A major 
interpretation of quantum mechanics, formulated by David Bohm and 
published in Physical Review in 1952. Bohm's theory makes all the correct 
predictions and also eliminates many problems in quantum mechanics, 
such as the "measurement problem" and the — now recognized — 

problem ofthe missing chaos (i.e., the missing "hidden chaotic order."). 
Bohm's theory implies that physical reality — or much of it — can in fact 
be deterministically engineered. A key concept is the use of a quantum 
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potential, which is multiply connected. Clandestine superweapons using 
Bohm's quantum potential (QP) have been developed and deployed by 

several nations. Present mutual assured destruction "standoff between 
these nations is based on surviving counters to QP weapons rather than 
surviving nuclear weapons. 


Bohren, Craig F.: Distinguished Professor of Meteorology, Pennsylvania 
State University, noted for work in scattering theory. In an experiment 
detailed in C. F. Bohren, "How can a particle absorb more than the light 
incident on it?" American Journal ofPhysics, 51(4), Apr. 1983, p. 323-327 
Bohren shows that in nonlinear conditions a resonant particle may absorb 
and output 18 times as much energy as is impinging upon it from the usual 
field definitions based on a static intercepting charge. The additional 
energy is "absorbed from the vacuum"; actually, it is absorbed from the 
nondiverged Heaviside energy flow component accompanying the 
accounted Poynting input component, but arbitrarily discarded by Lorentz. 
Theresonant particle sweeps out a geometrical interception area (reaction 
cross section) greater than that ofthe same charge in afixed static 

condition. Hence it intercepts part of the always-available Heaviside "dark 

energy" flow surrounding the Poynting energy flow component of every 
field/charge interaction. 


Bohren experiment: Revealing experiment by Craig F. Bohren, replicated 
by Paul and Fischer, which shows that a given charge when in particle 
resonance absorbs moreenergy froma field orpotentialthen the same 
charge does when in "static" position. This experiment is a direct 
experimental demonstration of the existence of Heaviside's nondiverged 
energyflowcomponentaroundevery field/chargeinteraction. See 
discussionunder Bohren, Craig F. The Bohren experiment can be 
repllicated by any university nonlinear optics laboratory and outputs 18 
times as much energy as is input by normal calculations (neglecting the 
Heavisidenondiverged EM energyflowcomponentoftheinput). 


boson: A particle having integral spin, which obeys Bose-Einstein 
statistics but not the Pauli exclusion principle. Bosons include the photon, 
alpha-particle, andany nucleus ofeven mass number. 


bridge: A component or process which passes EM energy between two 
isolated circuits, but does not pass dq/dt between them, and which breaks 

the normal rigidly field-locked power dissipations in the two circuits. 

Space itself would appear to be one such bridge for EM energy flow. 


bridging function: The function of passing EM energy flow between two 
isolated circuits, but not passing dq/dt between them, while simultaneously 
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breaking any normal rigidly field-locked power dissipations in the two 
circuits. Use of the uncurled A-potential where YxA = 0 is one available 
method of bridging otherwise isolated circuits, particularly in the outrigger 
embodiment of the motionless electromagnetic generator and other 
COP>1.0 systems. 


broken symmetry: Fundamentally, a condition in which two parts of 
some configuration or shape, on opposite sides of some divisor or 
condition or boundary, are not similar but differ. In vacuum energy 
physics, we are very interested in the fact that — because of the broken 
symmetry of opposite charges — any charge (with its associated clustering 
virtual charges of opposite sign) and any dipole or dipolarity represents an 
asymmetry in its fierce energy exchange with the vacuum. This implies 
that something virtual becomes observable; i.e., part of the virtual EM 
energy continuously absorbed from the vacuum by the charge or by the 
dipole is changed into observable form and re-emitted as real, observable 
EM energy. The remainder is re-radiated as virtual EM energy. The 
charge's transduction of absorbed virtual photon energy and its re- 
emission as observable photon energy was proposed by the present author 
in 2000 as the solution to the long-vexing problem of the source charge 
and its associated fields and potentials (and their energy) reaching across 
the universe. 


bypass resistor: In electrical theory, a resistor to pass or conduct current 
around (in parallel to) some other component. If another effect such as use 
of the overpotential, pumped phase-conjugate reflection, quantum well, 
quantum tunneling, negative energy, or charge blocking is added, the 
bypass resistor's function becomes extremely complicated. The bypass 
resistor may be complex, e.g., or it may be a true negative resistor in some 
cases. 


carrier wave: A fundamental wave that is modulated by another wave or 
other waves, and hence "carries" the other modulating waveform(s). By 
stripping off the carrier in a demodulator, the carried waveform(s) 
emerges. 


Casimir effect: The attraction of two conducting parallel plates in space, 
placed very close together, due to their influence on the active vacuum and 
on the vacuum's interaction with the plates. A part of the vacuum spectrum 
between the plates is "cut off and blocked or shielded, so that the vacuum 
potential between the plates is less than the vacuum potential outside them. 
The resulting potential gradient (force) on each plate from outside pushes 
the plates together. The Casimir effect unequivocally proves that it is 
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possible to directly engineer the vacuum so as to produce forces and 
energy and physical effects in material systems. While it is a "small" white 
crow, it only takes one white crow to prove that not all crows are black. It 
is sufficient to conclusively prove that EM energy can be extracted from 
the vacuum. From there to practical EM power systems, fed by vacuum 

energy, issimply aproductofmodifying the prevailing electrodynamics 
and electrical engineering to incorporate the supersystem components and 
interactions, and then to gradually discover and develop the necessary 
technology. In this book we attempt to point the way by using the 
supersystem and providing some of the major necessary principles and 
concepts. 


Casimir, Hendrik Brugt Berhard (1909-2000): Noted scientist who in 
1948 correctly predicted that two parallel conducting plates, placed very 
near each other in a vacuum, would experience an attractive force due to 
their influence on the electromagnetic vacuum. 


causality: The relationship between "cause" and "effect", or the interaction 
of 4-space cause upon a previous 3-space observation (effect), to produce 
a new 3-space observation (change in the previous observable or 

production of an exact 3-space replica). The basic notion in a causal 
systemis that the system's response to an input signal is dependent only 
upon past input values, not upon future input values. In a multiply 

connected space, the causality principle is dramatically changed and 

requires verycarefulaccounting. 


chaos: Indissipativedynamicalsystems,thedynamicalevolutionor 

ordering of the system that is aperiodic and highly dependent upon initial 

conditions of the system. The trajectories of the system move on a strange 

attractor, whichis a fractal subspace of the phase space. The mathematical 
equations describing chaotic behavior are very nonlinear and so complex 
that at the present time they cannot be computed or predicted. Control of 

chaotic oscillations thus is ongoing in its scientific development, with the 
most advanced control work having been done by Russian scientists, but 
now openly available. 


charge: Charge is the ongoing circulation of EM energy flow between the 
time and 3-spacedomains, as "seen" by the observer in 3-space. Negative 
chargeis (i) the ongoing absorption, byamass particle, of EM energy 
input from the time domain (from ict), (ii) transduction of the absorbed 
energy into 3-space EM energy, and (iii) re-emission ofthe EM energy in 
all directions in 3-space. Positive charge is (i) the ongoing absorption, by a 
mass particle, of EM energy input from 3-space, (ii) transduction of the 
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absorbed energy into the time domain, and (iii) re-emission of the EM 
energy in the time domain. Alternately, the positive charge can be 
considered as (i) the ongoing absorption, by a mass particle, of EM 
negative energy input from the time domain (from ict), (ii) transduction of 
the absorbed negative energy into 3-space, and (iii) re-emission of the EM 
negative energy in 3-space. A similar inversion can be utilized to represent 
negative charge. Time reversal of EM energy can be seen to result from 
the combined broken symmetries of EM energy flow (in 4-space) between 
time and 3-space, of two opposite charges and thus of dipolarity itself. See 
paragraph 3.1 of Chapter 3. 


charge, electrical (q).: In the sense of q being charged mass, where the 
mass Mg of charge q is associated with the phenomenon defined as charge 
(see above definition). In our view, an electrical charge q associated with a 
charged particle or mass may be defined as q = Mg(q, to first order. This 
fits the common use of "the charge" as an expression for a charged mass, 
and explains why a gathering of charges produces a potential @ reaching 
out from the "source gathering of charge q". The actual "charge" action 
associated with the mass is due totally to $4, and to the broken symmetry 
of the ¢g dipolarity in the vacuum flux exchange with mg. The charge q can 
be further broken down into a set of composite dipoles ifthe gathering of a 
screen of virtual charges of opposite sign in the vacuum, surrounding the 
mass ofthe "bare charge" inside the gathering, is considered. At first order, 
q can be expressed (from aparticle view) as a change in the local vacuum 
virtual photon flux (VPF), due to the VPF exchange between vacuum and 
Mg. In a classical approach, the vacuum may be considered as a giant 
scalar potential comprised of bidirectional EM wave flows according to 
Whittaker's 1903 decomposition, except we must re-interpret the phase 
conjugate half-set of Whittaker's decomposition as incoming from the time 
domain or complex plane. The charge then may be considered to diverge 
so much energy flow from the time domain into 3-space "around" the 
mass, resulting in gq as the steadily diverged energy surrounding the mass 
m,. The $, component is actually the massless electrical charge and 
massless of itself. This approach would then yield a definition of massless 
charge itself, which at present is undefined in physics, as pointed out by 
Feynman and others. 


In the expression q = Mgq, the @q represents a change to the local vacuum 
potential byac. Both 4 and yace decompose into Whittaker phase conjugate 
longitudinal EM wavepairs. As can be seen, by altering or engineering 
these constituent wavepairs, a particular $g or particular local vacuum 
potential dyac can be given a deterministic internal structure and dynamics. 
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Thus the interaction ofa given electron or group of electrons may be made 
quite different from the interaction of another electron or group of 
"apparently identical" electrons. Such structuring dynamics are met with in 
the internal structuring of water, e.g., where the fierce activity of H-bond 
making and breaking can be treated as a special () and its "internal 
structure and dynamics" can be engineered. A leading scientist pursuing 
that type of effect is Jacques Benveniste, in France. Predictably, the 
orthodox establishment has severely castigated these experiments, 
defending conventional models as absolute while completely ignoring the 
experimental resultsthatrefutethoseconventionalmodelsasbeing 

incomplete. 


charge carriers: Anything — usually fundamental particles, ions, etc. — 
which consists of or contains charges and can be potentialized and move. 


charge, magnetic: In the sense of charged mass, a magnetic charge is 
whatis commonly called a "magnetic pole". The mass m of the magnetic 
charge is associated with the exchange ofEMenergy betweenthe time 
domain and the 3-space domain. Essentially, the energy exchange action 
known as "charge" in the massless sense is the magnetic scalar potential, 
or monopole, when decomposed as per Whittaker and as reinterpreted by 
the present author, and as pointed out in quantum field theory by Mandl 
and Shaw. Note that our personal view discriminates between massless 
charge and charged mass. Massless charge is an ongoing action and 
process, involving energy transduction from one form (time energy or 3- 
space energy )to another (3-space energy or time energy). Acharged mass 
is a mass associated with such action. Unfortunately, in the prevailing 
usage the word "charge" isjustloosely used for both senses without 
discrimination. Hence one must carefully differentiate between the use of 
"charge"for "charged mass", and its use for an "ongoing process". 


charge-parity-time (CPT) theorem: C is charge conjugation, which 
changes the quantum numberofevery particle intoits antiparticle. Pis the 
reflection operation known as parity, which turns an object into its mirror 
image and rotates it 180 degrees about an axis perpendicular to the mirror. 
T is time reversal. Any violation of time-reversal symmetry is always 
accompanied by a violation of CP symmetry (by violating either C or P 
symmetry )andviceversa. 


Electrodynamics and the strong interaction preserve CP symmetry to great 
accuracy. Weak interactions donot conserve CP symmetry. T symmetry 
violation has been shown at CERN, the European particle physics 

laboratory in Geneva, Switzerland. 
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charge trapping (also "pinning"'): Holding charges "pinned" or 
"trapped" at a site or in a location, by a barrier or force, so that they do not 
flow as i = dq/dt. A clustering of the pinned charges at the pinning site 
often occurs. 


charge-barrier: A process or component or function — particularly in a 
semiconductor such as the Fogal semiconductor — that blocks the 
movement of charges q as current dq/dt. 


classical electromagnetic theory: The classical theory of 
electrodynamics, in its modern form begun by Maxwell with his seminal- 
paper orally presented in 1864 and published in 1865. Today many 
variations have been made, particularly with respect to the basic group 
symmetry of the theoretical equations. 


Clifford algebra: A special higher topology algebra founded by Clifford, 
which includes as subsets many other algebras of lower topology. 


closed system: In the present approach, a system that in theory does not 
communicate with its environment, and does not exchange energy or 
matter between system and environment. Notice that this directly conflicts 
with the notion in thermodynamics (both classical and disequilibrium) that 
a closed system is closed only to mass exchange across its boundary, but 
open to energy exchange across it. General relativity has falsified that 
notion since 1915. Any system undergoing a change ofenergy also 
undergoes a change of mass, since mass is a special form of energy. 


An ideal model in which dynamically and energetically the system is 
considered to be "isolated" as if nothing else existed. In short, the system 
is considered as if it were in some "magic box" and nothing outside the 
box can ever enter the box or affect the system inside the box, and nothing 
in the system can ever leave the box or affect anything outside the box. No 
electromagnetic system is closed. In short, we have corrected the 
thermodynamics "closed system" with open energy transfer, to a true 
closed system with neither energy nor mass transferring. That corresponds 
to the present thermodynamics notion of the "isolated system". 


One performs a non sequitur when proclaiming treatment of any EM 
system as a "closed system", and of course modern physics substantiates 
this. The broken symmetry of the opposite charges on the ends ofa dipole 
— and of an observable charge together with its clustered virtual charges 
of opposite sign — has been proven since 1957. The absence of any closed 
system is particularly true in electrical power systems. Here one is indeed 
allowed to input energy into the system to excite or potentialize it. That of 
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course assumes that the system was "opened" long enough to take on 

excess energy (which also changed its mass)! Then as the system operates, 
losses and dissipations occur, in which case energy is considered to 

"escape" from the system permanently. In other words, the system was 

also continually "opened" so that energy could escape. In any EM system, 

every charge and dipole is already an open system, with free exchange of 
energy between 3-space and the time domain via that charge. In particle 
physics, every charge and dipole is a broken symmetry in its virtual 
particle flux exchange with the active vacuum. 


The ancient thermodynamics definition of a "closed system" as one that 
exchangedheatbutnotmass, was formulated beforethermodynamicists 
even knew that heat was a form of EM energy, or even knew what energy 
was. Hence we have changed that definition, since it is a non sequitur in 
view of modern physics. 


There is really no such thing as a truly closed system in the universe, since 
every system is embedded in the active vacuum and is an open system in 
an energy exchange with the vacuum. Further, any change of energy in the 
system curves the local spacetime, which in turn interacts back upon the 
system. If that energetic exchange of the system with its "active vacuum 
and active curved spacetime environment" is symmetrical, then the system 
is in equilibrium with respect to its environmental exchange. In that case, 
for a limited number of purposes the system may be treated as ifit were a 
closed system. Inclassicalelectrodynamics, Lorentz regauging ofthe 
Maxwell-Heavisideequationsfurtherreducedthemtodescribeonly 
Maxwelliansystemsinequilibriumwiththeactiveenvironmentincluding 
the active vacuum. Consequently, any net interaction between the external 
vacuum (or the active local curved spacetime) and the system was 
excluded from the CED model. Obviously a broken equilibrium (i.e., 
broken symmetry) in that actual physical interaction is also not included in 


the CED model. Nor is it included in the classical (equilibrium) 
thermodynamics model with its archaic second law. 


coefficient of performance (COP): Ratio of the usable energy output of a 
system divided by that portion of the total energy input that is input by the 
the operator's or experimenter. The COP is thus a measure of "return for using 
the operator's or experimenter's input energy" to produce — or direct the 
production of— useful work by the system". There are other ways to 
calculate the COP ratio; e.g., the average output power divided by the 

average operator input power. Contrast COP to the efficiency of asystem, 
which is the ratio of the total usable output energy divided by the total 
input energy from all sources, including by the external active 
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environment as well as by the operator. The efficiency of a system means 
how efficiently it produces useful output from its total input. The COP is 
the performance the system renders for the operator's input. Note that even 
a highly inefficient system — say, with efficiency € = 0.25 — may 
nonetheless have a COP>1.0, ifthe operator himself inputs less energy 
than the system outputs and the environment inputs all the rest ofthe 
output energy as well as all the energy in the system losses. As an 
example, a common home heat pump may have an efficiency of 40%, but a 
COP = 4.0. A windmill may have an efficiency of 20%, but a COP = oo. 


Also, for many systems one may evaluate their coefficient of performance 
for (1) the performance ofthe system as an energy transducer only, i.e., the 
ratio of energy the system outputs (whether used or not) divided by the 
energy the operator inputs; or (2) the performance of the system as a work 
producer, which is the useful work accomplished by the system divided by 
the operator's energy input. As an energy transducer, every generator and 
every battery has a COP»1.0, when both the Poynting diverged energy 
flow output and the Heaviside nondiverged energy flow output are 
accounted. Yet for useful work, the same system may have COP<1.0, 
because all the Heaviside nondiverged energy flow component is wasted, 
and some of the Poynting diverged energy flow component is wasted also. 


Analyzed as an energy transducer only, every dipolar power unit — such 
as a generator or battery — outputs enormously more energy flow rate 
from its terminals than the mechanical energy rate input to the shaft of the 
generator, and than the chemical energy dissipated in the battery. So as an 
energy transducer, every dipolar power source is already a system 
exhibiting COP»1.0, prior to Lorentz’ integration trick to discard the 
enormous Heaviside nondiverged energy flow output component. 


cold fusion: An ad hoc term applied to the transmutations at low spatial 
energy (but high time-energy) achieved in electrolyte experiments, 
particularly when using specially prepared palladium electrodes after their 
loading with positive H+ or D+ ions, and particularly when deuterium is 
present in the electrolyte and the loading is by D+ ions. The total energy of 
the photon is greater the lower the photon's frequency and therefore the 
lower the spatial energy of the photon. Hence the cold fusion interactions 
actually use much higher total energy nuclear reactions than does present 
high (spatial) energy physics. Since "high energy" physics erroneously 
eliminates consideration of time-energy, the present high energy physics 
community is unjustifiably hostile to the very notion of cold fusion. The 
fact that little experiments on the lab bench use far higher total energy than 
the community's proud large accelerators is a bitter pill many high energy 
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physicists cannot tolerate, let alone view with scientific objectivity. So 
again there is a classic confrontation between science from scientific 
results and "science as known in the prevailing dogma". 


composite dipole: Dipole formed as one part of an isolated, observable 
"charged particle", consisting of a differential element of that observable 
charge on one end and a momentary clustering virtual charge of opposite 
sign. This is one way of dealing with the modern "infinitely strong dual 
dipoles" view of the charge, where the bare charge in the middle is infinite 
as is the clustering virtual particle charge surrounding that bare charge and 
partially shielding it. The difference between these two infinite charges is 
finite, and is routinely calculated to show that it is the standard value of the 
charge as seen by an external observer. 


C ooper pair: In superconductivity theory, a dynamic, weakly bound 
pairing of electrons in a superconducting material below its critical 
temperature. In this pair, ifthe energy state with wave number sigma and spin 

1/2 is occupied by anelectron, then so is the state with wave number -sigma and 
spin-1/2. The Bardeen, Cooper, Schrieffer (BCS) theory uses this concept 
to provide a detailed microscopic theory of superconductivity. 


COP (Coefficient of Performance): See coefficient of performance. 


cosmological feedback principle: A self-regenerating cosmological 
feedback cycle ascribed by Puthoff as the source of the vacuum EM zero- 
point energy (ZPE). One may assume the existence of EM zero-point 
energy by fiat as partofthe boundary conditions ofthe universe, or 
concieiveof its generation by the quantum-fluctuation motion of charged 
particles that constitute matter. Puthoff calculated the latter possibility, 
assuming that the ZPE spectrum (field distribution) drives particle motion, 
and that the particle motion in turn generates the ZPE spectrum. This 
provides a self-regenerating cosmological feedback cycle, which in fact is 
consistent withthe general relativity assumption that curvature of 
spacetime affects massenergy, andmass energy changes affect the 
curvature ofspacetime. It would be interesting to see if Puthoffs concept 
can be made compatible with the broken symmetry of a dipolarity and 
Kron'sopenpathconcept. 


curl concept of fields: The concept ofa field as the curl of a vector 
potential (the vector potential may not be known). Any field so conceived 
has a divergence of zero a priori. One must be careful, however, because 

electrodynamics calculates only thefield's reaction cross section withan 
assumed fixed unit point static charge at a point in space, leaving the field 
itself undefined. In short, the calculation of "the field" is actually a 
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representation of the local point intensity of the field's interaction with 
unit point static charge. It is not the magnitude of the entire field (or 
potential) itself, a priori, but only of its reaction at a point with such a 
charge. In short, the field's reaction cross section with static charge is 
often misinterpreted as the magnitude of the field; at best it is an indication 
ofthe field intensity to static charge at a point. 


curl-free magnetic vector potential: A field-free magnetic vector 
potential A without curl (swirl), hence lacing the B-field with which an A- 
potential is usually associated. For simplicity, one may visualize the curl- 
free A-potential as massless magnetic charge (and energy) in linear 
motion. Toroids and long solenoids have the characteristic of confining the 
B-field (curled potential) and holding it inside. However, drawing energy 
from any potential whose source charge or source dipole is not destroyed 
simply results in the full value (sum of the A-potential and B-field 
components) of the potential being replenished from the active vacuum, 
via the 4-symmetry energy flow mechanism in the presence of the broken 
3-symmetry ofthe dipole. Hence one may easily increase the available 
potential energy density at will. This is a special form of gauge freedom 
allowing one to freely alter the potential energy of any electromagnetic 
system at will. Contrary to the dictates of EM textbooks, gauge freedom 
rigorously allows the direct and free amplification of potential energy of 
the EM system at will; the excess energy being freely furnished from the 
active vacuum processes. This principle incorporated in gauge field theory, 
has been known for decades and not previously used in the design, 
production, and use of COP>1.0 electrical power systems, prior to the 
invention of the motionless electromagnetic generator (MEG). 


curved spacetime: A four-dimensional geometry (spacetime or ST) is 
used in general relativity, where the ST curvature is determined by the 
distribution of spatial energy such as mass-energy. In the general relativity 
view there is no such thing as an "empty" space "filled" with some energy 
substance. Instead, there is a combined space and time as a single entity, 
spacetime, which is itself energetic and is the very geometry we use in our 
mathematics. Any change in the local energy density of that spacetime 
constitutes a curvature of spacetime. In the new, more extended approach, 
any change in the spatial energy density or time-energy density of 
spacetime, or a combination of changes in both, constitutes a curvature of 
spacetime. In 4-space modeling, time is treated as a special, highly 
condensed form of EM energy. Specifically time may be regarded as 
ordinary 3-spatial EM energy compressed by a factor of c” and existing in 
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the time domain rather than in 3-space. Time-energy therefore has 
essentially the same energy density as mass. 


dark energy (negative): (Dirac holes, Dirac hole potentials, Dirac hole 
currents): A strange form of vacuum energy that creates repulsive gravity, 
causing the expansion ofthe universe to speed up (as observed and not 
otherwise explained by conventional theory). As a strong candidate for the 
dark energy, the present author has proposed a vacuum negative energy 
and negative energy currents in a negatively curved spacetime region 
partially containing excess Dirac sea holes devoid ofelectrons, along with 
normal filled Dirac sea holes. These special "Dirac negative action quanta" 
then form negative action (negative angular momentum, or — for 
simplicity — negative energy) potentials, currents, and fields. This type of 
vacuum condition containing some empty Dirac sea holes is referred to as 
a Dirac -polarized vacuum. However, it is not just simple static 
polarization, but possesses rich dynamics. Suchdynamic Dirac sea hole 
regions occurinthe vacuumincurved spacetime regions withtempic 
potential gradients and strong 3-spatial energy gradients, and thus time 
force existing across the region. The holes occur since the energetic 
fluctuations of the local vacuum energy can separate a Dirac hole from its 
occupying electron. These may then recombine, or in sufficient local 
spacetimecurvature can remain apart. The more violent the region, the 
more severe are local spacetime curvatures in that region, and the greater 
the fraction ofempty Dirac holes that is maintained on the average, in their 
continual forming and recombining. In those regions, a tempic potential is 
higher at the higher center magnitude ofthe spatial energy density. Hence 
there tempic forces from "inside to outside", providing a "tempic 
broom" effect to sweep outward the excess Dirac sea holes separated from 
their electrons in the curved spacetime. The end result is the presence of 
increasingly unoccupied Dirac sea holes toward the outside of violent 
regions of spacetime, until the effect is overcome by the decreasing 
spacetime curvature. These empty Dirac holes in regions and currents are a 
special form of vacuum negative energy, negative energy fields, and 
negativeenergy potentials ,creatingnegativegravity(repulsivegravity) 
upon ordinarymass exposed to them. So the more distant violent 
astronomical regions have greater amounts of repulsive gravity being 
produced by their local Dirac-polarized vacua and negative energy fields 
and potentials. The result of this effect is that, at sufficient distance from 
us, theincreasingly earlier, more violent events and resulting greater 
curvedspacetimeregions havecreated sufficient Dirac-polarized vacuato 
overcome the normal gravitationalattraction between galaxies, etc.Even 
farther out, the increase in Dirac-polarized vacua overrides the normal 
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attractive gravity between galaxies, etc. and produces net repulsive gravity. 
In turn this results in acceleration of the observed distant expansion of the 
universe. Dirac-polarized vacuum and its special dynamics can be 
accommodated in Sachs’ unified field theory, which unites physics from 
quarks to the cosmos. See also Dirac sea holes. 


On the laboratory bench, Dirac hole currents and effects are met with in a 
circuit or system producing COP>1.0, or very sharp 3-spatial gradients 
such as in violent electrical discharges. The effects become non-negligible 
at about COP = 2.0 and sometimes less. The tempic force back across the, 
system from output to input is sweeping the Dirac holes through the 
system. This can play havoc with attempts to close-loop the circuit for 
self-operation. In semiconductor components, strange effects are met due 
to their use of donor and acceptor materials, and temporary or permanent 
failure of semiconductors can result. The simple way to visualize this is 
that, in the system's supersystem, the spacetime component is curved and 
the vacuum component is highly nonlinear. All three components — 
overunity system, local nonlinear and polarized vacuum, and local curved 
spacetime — are interacting vigorously with each other. An operating 
overunity system represents an excited state of that local region of vacuum 
and curved spacetime, hidden in the euphemism "polarized" which is 
inadequate to describe the dynamics. With the dynamics, one may 
visualize that the Dirac sea hole currents are swept back through the 
system, seeking to recombine with electrons to eliminate the "polarization" 
and its dynamics, thus decaying the excited state back to equilibrium and 
destroying the overunity condition. In a robust system whose internal parts 
do not appreciably interact with these Dirac hold dynamics, the dynamics 
will reach the input section and extend back into or toward the primary 
power supply. In the input section, the feeder line, and in the power source 
itself, this results in "eating electrons". The Dirac sea effects thus act as a 
separate load imposed within and around the system input section or even 
back in the feeder line to the external power supply, in addition to the 
system load itself in the system output section. Simply put, the power 
supply must now furnish extra electrons to "power" the Dirac sea hole 
recombinations first, and additional electrons to power the system in its 
"normal" fashion. The result is to "draw additional power" from the 
source, where "drawing power" now includes the additional "eating of 
electrons" within the power supply itself, the feeder line, and the input 
section of the system. 


Bedini and Bearden have filed a patent application on processes to convert 
the detrimental Dirac sea hole current reaching the system's input section. 


632 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


transforming it into ordinary electron current. Magnetic Energy Ltd. has 
developed two other processes that handle the Dirac sea hole current 
problem, allowing close-looping for self-power ng operation. One of these 
processesconverts negative energy into positive energy and the other 
avoids the negative energy problem. The first one allows this otherwise 
devastating special form of "negative feedback" or "degenerative 
feedback" tobe converted into "positive feedback" or "regenerative 
feedback"', allowing the system to be close-looped successfully for self- 
powering. Beardenhas proposed yeta different approach using an "anti- 
circuit" method, but at this writing the method is still proprietary until 
intellectual propertyrightsaresecured. 


dark energy (positive): Our term for the vast Heaviside nondiverged 
energy flowcomponentsurroundingevery field/chargeand 
potential/charge reaction but unaccounted in present electromagnetic 
theory afterbeing arbitrarily discardedby Lorentzcircathe 1890s. Present 
theory only accounts for that small amount of energy flow (the Poynting 
component) diverted locally around the interacting charge. All the rest of 
the energy flow comprising the field or potential, and missing the 
intercepting point charge, was discarded arbitrarily by Lorentz and is still 
discarded today, using Lorentz's integration trick. InhonorofHeaviside, 
who did recognize the gravitational implications of his dark energy flow 
component, the present author has nominated this vast, unaccounted "dark 
energy" componentasbeingresponsible forthe extra gravity holding the 
spiral arms of the spiral galaxies together. See spiral galaxy. 


So one must recognize that the term "dark energy" is indefinite, since there 
are twokinds: (a) dark positive energy, and (b) dark negative energy. Dark 
positive energy consists of "normal" energy as often connected with 
particles, collected upon them and affecting their momenta, etc. It has 
dynamics andeffectsconsistentwiththatkind ofenergy. Darknegative 
energy is a condition of the vacuum itself. It represents a sort of "empty 
containerandempty containerdynamics" (negativeenergy dynamics)in 
the vacuum itself, which "eats positive energy", so to speak. In 
philosophical terms, dark positive energy represents unaccounted actions 
and effects from unaccounted "extra presence of real substance and things 
and actions". Dark negative energy represents unaccounted actions and 
effects from "extra absence of real substance and things and actions 
beyondzero". Darknegativeenergy exhibitsprecisely appositiveeffects to 
the effects produced by dark positive energy. E g., dark energy creates the 
excess gravity that is holding the arms of the spiral galaxies together. 
Negativeenergy resulting from spacetimecurvatureconditionsinhighly 
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energetic astronomical phenomena produces the antigravity that is 
responsible for the acceleration of the expansion of the universe. We have 
nominated the negative energy Dirac sea hole phenomena as the cause of 
the antigravity that accelerates the expanding universe. Interestingly, these 
negative energy phenomena present in sharp discharge (strong gradient) 
phenomena appear to be responsible for the fact that such phenomena are 
known to violate present thermodynamics, and are being studied under the 
aegis of "extended thermodynamics". See discussion of areas violating 
thermodynamics in the last chapter of Kondepudi and Prigogine, Modern 
Thermodynamics: From Heat Engines to Dissipative Structures, Wiley, 
New York, 1998, reprinted with corrections in 1999. A reference is D. Jou, 
Extended Irreversible Thermodynamics, Springer-Verlag, New York, 
1996. 


degenerate semiconductor: A semiconductor whose conductivity 
approaches that of a metal. 


demodulation: From a carrier containing a modulated signal, recovering 
the signal that was used to modulate it. 


deterministic pattern or "template'': The exact arrangement, by plan 
and deterministic action, of a group of entities. The deterministic actions 
and their "controlling forces" are simply called "dynamics", "structuring", 
etc. An example might be deterministic field structuring and actions of 
photons in a "herd" or "group". Or ofa set of spacetime curvatures, into a 
dynamic structure called a spacetime curvature engine — or engine for 
short, so long as the meaning is clear. Or by hidden order in the virtual 
photons in the vacuum flux, or a deterministic set of changes to that 
vacuum flux (the vacuum flux that is called the "vacuum potential." We 
have called this internal EM dynamics function — of deterministically 
patterning or templating the virtual flux (particle view) of the potential, or 
of deterministically patterning or templating the longitudinal and time- 
polarized EM wave decomposition (wave view) of the potential - 
dimensioning the potential. See dimensioning. We refer to the 
deterministic structure and its structural dynamics as the "engine 
template”. 


dielectric: Literally, "against electric (current)", originally coined to mean 
“opposes the flow or conduction of electric fluid". In today's language, a 
dielectric is a non-conducting material used to oppose or prevent the flow 
of electric charges. Even empty vacuum exhibits some dielectric 
resistance. "Dielectric" is also used to refer to a nonconducting material 
(often between the metal plates of a capacitor or elsewhere) that can (i) 
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sustaina change in potential across a distance (i.e., an E-field), and (ii) 
serve as an insulator. Space itselfis a dielectric, or at least is said to 
exhibit certain dielectric qualities. 


dimension: A certain primary geometrical physical attribute, such as 
length, used to describe the separational relationships of physical 
phenomena. Actually, "dimension" just means "fundamental quantity of 
separation" and "geometry" in the most general sense. Dimensions thus 
become a sort of set of fundamental variables describing the extensivity of 
system and the dynamics of that extensivity. The number of dimensions 
taken in advanced physics usually represents a somewhat arbitrary choice 
for good modeling fit. In modern Kaluza-Klein theory, for example, it 
becomes necessary to acceptsome 10or 11 dimensions inthe usual 
particle physics case. Sometimes more than 20, or even an infinite number, 
of dimensions may be used. General relativity (GR) has incorporated the 
interaction of the abstract geometry (spacetime) with mass, so that 


geometry is areal, active, dynamic entity. Until Sachs' extension of 
Einstein's work into a unified field theory and Evans’ incorporation of O(3) 
electrodynamics as an important subset of Sachs' unified theory, GR has 
largelyremainedanonexperimentaldiscipline,atleastinthelaboratory. 
With the new Sachs-Evans approach and with recovery of (a) the 
Heaviside darkenergy flowcomponent(b) overunity EM systems 
arbitratily discarded by Lorentz symmetrical regauging, and (c) modeling 
of the complete supersystem including system, vacuum, and spacetime in 
mutual interaction, GR suddenly becomes substantially engineerable by 
novel electromagnetic means, bothinthe laboratory and in operating 
devices. We are thus entering a great new age of electrogravitation and a 
new physics. Research in antigravity lifters, COP>1.0 electrical power 
systems, medical therapy utilizing engines and anti-engines, and cold 
fusion are the elements ofthe new science that are struggling to be born 
and funded. 


dimensioning: Coined term meaning "forming an exact pattern or 
template of structures", particularly of nested curvatures of spacetime, 
where the pattern/template may also be dynamic, to include patterning and 
dynamics in the time-energy domain as well as the 3-space energy domain. 
It involves the internal structuring of the "dimensioned" entity. The term 
"dimensioning" makes sense in unified field theory, but is awkward in 
normal EMtheory, whicherroneously assumes that EM energy propagates 
in an uncurved spacetime. The mere presence of a change in local spatial 
energy,created by the wave energy itself when present in that local region, 
curves the local spacetime. Note that the background potential may be 
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changed in a steady state level as well, which means that the frame of the 
system and its field dynamics has been rotated away from the laboratory 
frame. A time-polarized EM wave, e.g., changes the time-energy density 
and also curves local spacetime very powerfully. Hence the EM wave 
rigorously travels in curved spacetime, and in fact identically is a 
propagating, oscillating curvature of spacetime. What is missing from 
present physics is all accounting of the extraordinary Heaviside 
nondiverged energy flow component accompanying the accounted 
Poynting diverged energy flow component. Thus present physics does not 
properly accountfor the gravitational aspects of "electrodynamic field and 
potential energy in space". 


Dimensioning also implies a deliberate form or structure (with dynamics) 
created in the virtual photon flux of the vacuum, in the virtual photon flux 
comprising a scalar potential, or in the infolded longitudinal-wave EM 
inside all EM potentials, fields, and waves. It implies an associated set of 
spacetime curvatures and their dynamics. The latter are referred to as 
"engines", "vacuum engines", "spacetime curvature engines", etc. 


Dimensioning the potentials or signals or carrier waves of conventional 
electrodynamics involves adding hidden vacuum engines to them. The 
term dimensioning is descriptive and was chosen because adding such 
templates is equivalent to increasing the EM topology by adding 
mathematical dimensions. Since an EM wave or field or vector potential 
can be decomposed into two scalar potentials, then "dimensioning" one or 
both of the scalar potentials can "infold" the desired hidden structures or 
patterns (vacuum engines) inside an EM carrier wave, EM field, or vector 
potential created by the interference of the two dimensioned base 
potentials. This is referred to as dimensioning those EM field and wave 
entities. Internally structuring the two scalar potentials via arrays of 
longitudinal EM wave emitters and applying the necessary dynamics 
(modulations), is the primary manner to directly engineer dimensioning. 
When dimensioning is present, two EM waves that appear identical as seen 
on the oscilloscope may have dramatically differing internal structures 
(dimensioning). Hence they may produce drastically differing effects when 
they interact with the same or similar objects. The only way in which the 
action ofa vacuum engine can be resisted is to create and simultaneously 
introduce the exact antiengine for it — a special sort of forcible 
symmetrical regauging, so to speak. Once the action has been completed in 
the receiving object and it has been physically changed, the only way it 
usually can be undone is to form a precise antiengine for that action, 
amplify the antiengine, and let the antiengine act upon the object for a 
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sufficienttime to "time-reverse it back to its previous physical state and 
condition". The concept has great utility in electromagnetic healing, not 
discussed in this book. We point out that the decades-long induction of 
diseases, health changes, etc. in U.S. personnel in the U.S. Embassy in 
Moscow occurred in forcefield-free regions. In short, the changes occurred 
in regions where the potentials were stable and unchanging, and so their 
engines were stable and constantly applied to the exposed personnel. The 
Soviets were simply radiating a high level target, the U.S. Ambassador and 
his staff, to guarantee high-level U.S. attention. By U.S. reaction to the 
deliberate electromagnetic "engine" induction of disease and health 
changes (three Ambassadors sickened and later died), the Soviets could 
positively ascertain whether we knew ofthe "infolding" or "dimensioning' 
technology, and whether we had developed defenses. 


1 


dipole: In the simplest case, two separated charges of usually equal 
magnitude andofoppositesign. More generally, alocalized positive 
charge or charge distribution, and a localized negative charge or charge 
distribution, such that the net charge summation is zero, while the positive 
and negative charge distributions do not precisely superpose point to point 
but only on the average. We point out, however, that in regular physics 
electrical charge has no proper definition. As is well known in particle 
physics.due to the opposite charges on its end a dipole is a broken 
symmetry in the virtual photon flux ofthe vacuum. By definition of broken 
symmetry, this means that some ofthe virtual energy flux continuously 
absorbed from the seething vacuum by the charges of the dipole is not re- 
radiated as virtualenergy. Instead, it is integrated coherently and re- 
radiated in 3-space as real emitted EM energy, establishing the fields and 
potentials associated with that source charge or source dipole. The dipole 
is therefore the most fundamental true "negative resistor" since it freely 
and continuously receives EM energy in unusable form, transduces it into 
usable form, and re-emits itinusable EM form. 


It follows that any positive charge in the universe and any negative charge 
in the universe form a dipole and a broken symmetry in the vacuum flux. 
Hence every such dipolarity in the universe already extracts energy from 
the vacuum and puts it out in 3-space, or absorbs energy from 3-space and 
returns it to the vacuum. Kron called this an "open path" electrically, well 
beforebrokensymmetry wasformally discoveredandexperimentally 
prove in 1957. Kron was also able to use the open path in and around 
special electromagnetic circuits to cause the circuits to become true 
negative resistors, freely powering the network analyzer at Stanford 
Universotyeveninthe 1930s. 
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In classical EM theory, the problem of how every charge and dipole can 
continuously emit EM energy to form all the associated fields and 
potentials and their energy has been an unsolved problem — sometimes 
called the most difficult problem in electrodynamics, both classical and 
quantal. For the solution and a discussion, see the present author's paper 
"Giant Negentropy from the Common Dipole," Journal of New Energy, 
5(1), Summer 2000, p. 11-23. Symmetry represents a conservation law, 
and broken symmetry represents violation of that conservation law. 
Because of the broken 3-symmetry of the dipole, the EM energy flow is 
not conserved in three dimensions — in this case, violation of conservation 
of 3-space EM energy flow is not conserved. Neither is the time EM 
energy flow conserved in the 4th dimension. Instead, EM energy flow is 
conserved in 4-dimensions, between the inflow in the time-domain and the 
outflow in 3-space in all directions, or vice versa. The hidden inflow of 
EM energy to the dipole (and to a charge) is actually from the complex 
plane (time domain). Thus all EM energy in 3-space is actually received by 
the source charge or source dipole from the time-domain, and returned to 
the time domain. What we call "propagation of EM energy through 3- 
space" is actually the spreading of this 4-circulation to successive 3-space 
points. The importance ofthe internal structuring of time-flow and of 
longitudinal EM waves in the time domain (dimensioning in the time- 
domain) is apparent, since it produces very powerful engines that can act 
upon matter in any fashion desired. Indeed, the Russians have developed 
clandestine robot engine systems comprised of sets of spacetime 
curvatures and their dynamics (which are just sets of longitudinal EM 
waves and their dynamics). Any function of a weapon system — sensing, 
weapons (using scalar interferometry), communications, propagation, etc. 
— can be incorporated. The capabilities of such systems, such as travel 
through continuously emitted EM signal beams from satellites, 
communications stations, power lines, etc., is eerie. Such a system can 
reside in any convenient EM potential or field as a "dimensioning" of the 
potential or field. Such robot engine systems have been clandestinely 
tested, but discussion of them is beyond the scope of this book. Suffice it 
to say that these systems are ushering in a dramatic revolution in future 
warfare, and the present research in physical nanobots is already decades 
behind. 


Very powerful support for the author's solution of the source-charge 
problem is given by F. Mandl and G. Shaw, Quantum Field Theory, Wiley, 
1984, Revised edition 1993, under the heading "Covariant Quantization of 
the Photon Propagator" in Chapter 5. In their deeper coverage of the 
photon polarizations, Mandl and Shaw point out that the longitudinal and 
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scalarpolarizations are not directly observable, but only in combination, 
where they manifest as the "instantaneous" Coulomb (i.e., electrostatic) 
potential. 


Translated from particle terminology to wave terminology, Mandl's and 
Shaw's argument directly fits my re-interpretation of Whittaker's 1903 
decomposition of the scalar potential. 


Dirac, Paul A. M.: Noted English physicist, 1902-1984, who shared the 
Nobel Prize for developing wave mechanics and predicting the existence 
of the positron. He also originated the notion of "holes" or negative energy 
states in the vacuum, where the holes are ordinarily filled with electrons. 
The"vacuum replete with these Dirac structures" (all filled with electrons) 
is referred to as the Dirac Sea. Ifsome of the holes are empty, then that is 
the Dirac sea ofa curved spacetime. We strongly stress that a Dirac sea 
hole (negative energy electron with negative charge, negative energy EM 
fields and potentials, and with negative mass-energy) prior to observation 
(prior to its reaction with mass) is a quite different entity from the positron 
(after reaction with mass, so that the positron has positive mass-energy, 
positive charge, positive energy EM fields and potentials, and has been 

reversed inits 3-space propagation direction). Specifically, the Dirac sea 
hole produces negative energy fields and potentials, whose powerful 
Heaviside nondiverged components enable to perform practical 
antigravity. The (observed) positron produces gravity, not antigravity, and 
also positive energy fields and potentials. 


Dirac sea: A concept and description (modeling) of the vacuum as 
containing — amongst other things — a "sea" ofan infinite set of negative 
energy slates ("holes") for electrons, almost all of which are usually filled 
with electrons in the absence of any spacetime curvature of significance. In 
Dirac electron theory, the relativistic wave equation for the electron has 
four components, which correspond to two spin orientations and two 
energy conditions: positiveandnegative. Ordinary electronsareinthe 
positive energy condition. So then the vacuum must also possess a "sea" of 
negative electronenergy conditions. Thesenegativeconditions arecalled 
"holes" and are ordinarily filled or mostly filled with electrons which have 
fallen into these negative energy states. The Dirac sea is this vacuum sea 
of negative energy electrons (anda perhaps afew empty holes). Inforward 
time, if energy is added to a negative energy electron, electrons can be 
lifted from this sea, since the added energy creates a local curvature of 
spacetime. If spacetime is locally curved, additional holes may be created 
so that, when the holes meet normal positive energy electrons, the 
electrons fall in and disappear, creating the appearance of an "electrical 
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energy sink." This can happen so that the local ST curvature merely 
relaxes back to an uncurved spacetime, therefore avoiding radiation from 
"pair annihilation". Ifthe curvature is in the opposite direction (Le., if 
positive energy is added to the vacuum), electrons may be lifted from the 
Dirac sea by the resulting spacetime curvature energy, thus producing a 
flow of electrons "right out of the nonlinear vacuum" and generated by the 
spacetime curvature, and creating the appearance of an "electrical energy 
source" from the vacuum itself. In that case the energetic holes left behind 
also remain, and are affected by all EM fields etc. These holes thus form 
negative energy currents, fields, potentials, waves, and other 
electromagnetic entities such as negative energy charging and discharging 
(excitation and de-excitation). 


In an overunity EM system, there is a higher energy density in the output 
section than in the input section. This includes time-energy density. So a 
higher tempic potential exists at the output than at the input. A gradient in 
the tempic potential thus exists, which constitutes a tempic force from the 
output section back through the system to its input section, and even on 
back through the conductors to the external power source, and even back 
into the distant external power source itself. Thus the power source has to 
furnish additional electron current. It must "power the holes", so to speak, 
by furnishing the electrons that are "eaten" by the Dirac hole current to 
eliminate it, which represents a novel kind of load in the input section of 
the system. So the power supply must furnish more power, so as to furnish 
the normal power to power the system, and the extra power to "power the 
elimination of the Dirac sea hole current as a back-reflected load". This is 
nature's way of decaying the excited state represented by COP>1.0, and 
restoring equilibrium and COP<1.0. By the Bedini process, the otherwise 
detrimental Dirac sea hole current reaching the input section is 
transformed into ordinary electron current, thus serving as input power to 
the system. By adjusting the system and optimizing it, this strange kind of 
"positive power input from converted Dirac hole current negative power 
feedback" can be adjusted to equal the input power required by the system. 
At that point the external power system can be disconnected, and the unit 
continues in close-looped and self-powering operation, including powering 
its load as well. Gabriel Kron succinctly described this condition and 
adjusting for it. Such a system allows energy to be continuously extracted 
from the vacuum, and a load to be powered continuously, with all the 
energy to run the extracting system being freely received from the active 
vacuum. 
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Dirac sea hole: A negative energy state for an electron, in the Dirac theory 
(in the Dirac sea). Literally the hole (negative energy state) when not 
occupied by the electron. In flat spacetime, almost all Dirac sea holes are 
filled with electrons. A small fraction on the average are not filled due to 
the local fluctuations of the vacuum energy continually lifting electrons 
from their holes and then having them recombine, usually so quickly that 
no radiation occurs in the observable state. The situation in the virtual state 
can be described by Feynman diagrams. This received view can be 
falsified in a curved spacetime. There the holes can exist and flow as 
currents, as validly as positive energy electrons can flow as currents, 
without the incessant "filling" activity ofthe vacuum itself. In addition, in 
sucha hole-stabilizing curved spacetime region, the hole can "eat" or 
recombine with areal electron, so that the electron vanishes but without 
radiation. If we wish to join the two views, then we take Feynman's and 
Wheeler's view that the field does not exist in vacuum as such, but only 
the potential for it exists — in short, only the engine exists. The engine can 
then be said to be an ordering (chaotic self-ordering) condition present on 


the statistical random variation ofthe fluctuations ofthe vacuum. With 
longitudinal EM wave technology, this "order in the midst of disorder" — 
this templating and engine technology — can be directly engineered. 


Dirac sea hole current (positron current): Just as a current of positive 
energy electrons can be generated, acurrent ofnegative energy Dirac sea 
holes can also be generated ifthe local spacetime is properly curved. 
Mathematically these are usually considered to be "positron currents", 
except they have no positive mass, because a hole will "eat" an electron. In 
anoverunity electrical power system, the tempic potential is greater at the 
output of the system than is the tempic potential at the input section. There 
thus exists a "tempic force" or "tempic broom" sweeping Dirac seahole 
current (positroncurrent) out of the input section ofthe system into the 
external power supply. Simple instruments will record this current as if it 
were electron current being furnished from the external power supply to 
the system. Also, the Dirac sea positron current will "charge" the battery 
with Dirac sea holes (mathematical positrons), which in the conventional 
sense discharges __ the battery. A battery may become highly charged with 
Dirac sea holes. If so, then when placed on a normal battery charger, the 
electrons in the charging current will be "eaten" for an extended period by 
falling into the Dirac sea holes, and the battery will not acquire any charge 
until they are filled — whereupon the battery will sudden begin charging 
upnormallyagain. 
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We also point out that the vacuum, containing the Dirac sea, actually is not 
"massless" at all, but has zero resultant mass on the average, as a result of 
the simultaneously presence of positive and negative mass in average 
equal abundance. Any curvature of spacetime must violate this "net sum 
zero" mass, hence produces inertia in all masses. Note that a negative mass 
can also exhibit a negative inertia; i.e., it accelerates and enhances the 
action of any force acting upon it, instead of opposing it. In short, negative 
mass exhibits negative inertia. We suggest that this effect is probably 
involved in the more violent explosive phenomena of astrophysics. 


disequilibrium: Broken equilibrium, which in turn involves breaking 
appropriate conservation laws unless compensated. 


displacement current: The apparent continuation of a conduction current 
through a region of space without a conductor, e.g., between the plates ofa 
capacitor. Rather than being the motion of charges in a conductor, the 
displacement current is related to the rate of change of an E-field, and thus 
to the rate of change ofthe strain of the dielectric. 


dissipative structure: In open systems far from thermodynamic 
equilibrium, a region of self-ordered behavior of a special kind in matter, 
characterized by symmetry-breaking, multiple choices, and correlations of 
macroscopic range. By correlations we mean statistically reproducible 
relations between distant parts of the system. Formation ofa dissipative 
structure represents the birth of complexity in that region by self- 
organization. Usually a dissipative structure emerges only after the driving 
constraints reach a critical value. As the embryonic "engine" technology 
advances, however, the direct engineering and control of dissipative 
structures will become commonplace and routine. 


distortion correction theorem: "Ifa scalar wave E;(r) propagates from 
left to right through an arbitrary but lossless dielectric medium, and if we 
generate in some region of space [say near z = 0] its phase conjugate 
replica E,(r), then E will propagate backward from right to left through 
the dielectric medium, remaining everywhere the phase conjugate of E;." 
Quoted from Amnon Yariv, Optical Electronics, 3rd Edn., Holt, Rinehart 
and Winston, New York, 1985, p. 500-501. 


What is missing from the distortion correction theorem is hidden in the 
phrase "ifwe generate in some region ofspace ... its phase conjugate 
replica. ". Since electrodynamicists and optical physicists have been 
unaware that all EM energy at any point in space comes from the time 
domain to that point, then —prior to detection by interaction with charge 
— the actual phase conjugate wave exists in the imaginary plane (in the 
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time domain) and not in 3-space. The continuous interaction of that 
imaginary plane wave with charges, to actually produce the force-field 
wave in space, is assumed in the standard nonlinear optics. In short, one is 
looking at the "effect" wave, not the "cause" wave. However, since time is 
not an observable even in theory, it is this "effect" wave in 3-space that 
will indeed be measured by our instruments, because they must interact the 
imaginary or phase conjugate field with charge in order to detect or 
observe it (measure it). 


Theproof of this is experimentally already known but not recognized. If 
one reflects an EM wave offa normal mirror, the mirror must absorb the 
incoming wave, which transfers the wave momentum to the mirror to repel 
it, then the mirror must re-emit it, which adds that much more momentum 
to the recoil. So the mirror recoils with twice the momentum of the 
reflected wave. That produces a wave going in the other direction. Ifthe 
incoming wave is continuous, one then has "paired" waves going in 
opposite directions). However, if an incoming wave strikes a phase 
conjugate mirror (PCM) material and is phase conjugated, a wave going in 
the opposite direction also emerges, but it synchronizes point by point with 
every spatial point occupied by the incoming wave. Also, the phase 
conjugate mirror does not recoil at all. This is well known in phase 
conjugate optics. It clearly shows that the origin ofthe "detected" phase 
conjugate wave is quite different from that of a normal reflected wave. 
Indeed, by ourreinterpretationof Whittaker's 1903 biwavedecomposition 
of the scalar potential, at every point along the detected phase conjugate 
wave, theenergy enters that point from the time domain, and not from 
some sort of reflection from the PCM. The energy also returns to the time 
domain from that point. Its presence at the point produces a separation of 
virtual point charges, or the well-known polarization of the vacuum. So the 
flow of energy is from the time domain to the negative charge ofthe point 
dipole, thence to the positive charge ofthe dipole or others immediately 
surrounding it, thence back to the time domain. That is the operation in a 
"time-forward" sensetotheexternal observer. Ina"time-reversed" 
situation, the4-circulationappearsintheoppositedirection. Wepropose 
that this fundamental 4-circulation is responsible for and constitutes spin 
itself. The direction of flow determines the ‘polarity ofthe charge" we 
obseve. In this view, the point dipolarity in the virtual state with its 
ongoing 4-circulationcanbetakenasthe very definition ofenergy itself. 


Druge, Paul: Important German physicist, 1863-1906, who formulated the 
theory of the free electron gas inside conductors, using it to formulate a 
theory ofmetallicresistance. 
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Drude electron gas: The electrons that have broken loose from their 
orbital bonds in atoms in a conductor, and are thus free to "wander around" 
and "migrate" — or flow as current when exposed to an emf. Also called 
just the "electron gas". Note that, in the metal lattice of the conductors, 
each position vacated by a Drude electron is a "hole" or positively charged 
little region. Not only do electron currents exist as net negative charge 
migration in conductors and materials, but also hole currents exist as net 
positive charge migration from atom to atom, or a sort of "ionization 
migration flow". Electrons are continually recombining with these "ion 
holes", however, to reduce the hole current. These considerations are 
particularly significant in semiconductor materials. 


duality principle: In quantum mechanics, the principle that photons and 
other particles propagate like waves and interact like particles, so that their 
description as only waves or only particles is inadequate. 


Edison, Thomas Alva: Noted American inventor, 1847-1900, whose 
staggering portfolio of inventions included the storage battery, electric 
light bulb, phonograph, motion pictures, carbon microphone, and many 
others. Edison actually ran multiple "patenting research" laboratories as 
discovery and patent generating facilities. Not only was he an inventor 
himself, but he also employed a very good staff of researchers for 
invention and discovery. 


E-field (electric field): The electric field intensity E; that field on an 
electric charge (charged mass) which produces an electrical force resulting 
in a linear motion of the charge. In reality, this electric field as usually 
defined does not and cannot exist in empty space devoid of charge, but 
only in and on charged matter, since mass is a component of force by 

F = 0/0t(mv). More specifically, the E-field is the local intensity of the 
field at a point, in its interaction with a unit point static charge fixed at the 
point. Even more specifically, it is the output of an observation/detection 
operation, which is a d/dt operator imposed on the 4-space causal field 
interaction with the 3-space charge, resulting in a frozen 3-space "slice" or 
snapshot of the deviation of energy from the field, forced to flow around 
that intercepting charge, at that single instant. In short, the E-field as a 
force field is an effect and not a cause. 


The greatest error in all electrodynamics is to then assign this same frozen 
effectforce field intensity snapshot — or an implicitly assumed iterative 
sequence of such snapshots — as the dynamic and nonfrozen causative 
field itselfm 4-space, prior to the field's interaction with charged matter. 
This is the substitution of effect for cause, a grave non sequitur. 
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When EM theory was founded, the founders believed there was no single 
point in the entire universe where mass was absent; instead, a thin material 
"luminiferous ether" was considered to fill all space. Time was considered 
immutable, and there was no concept ofa dynamic spacetime. Hence at 

each point in sucha material ether, the reaction with charged matter 
(etheric matter) was thought to universally exist. Hence the field was 
indeed a very material entity, in their concept! 


With the destruction of the material ether notion in the 1880s, not a single 
Maxwell-Heaviside equation was changed to eliminate its implicit 
assumption ofthe material ether. Hence this enormous error of confusing 
the effect field with the causal field (prior to observation-detection- 
interaction) is ubiquitous in electrodynamics and therefore in physics 
itself. The two fields (causal and effect) do not even have the same 
dimensionality; one is dynamic in 4-space while one is frozen in a 3-space 
snapshot. This has led to the false notion that an EM force field wave 
"movesthrough" 3-space, which does not happen at all. What really 
happens is that, if we assume a continual iterative d/dt observation 
operator, we have a continual series of such frozen 3-space snapshots, like 
the frames ofa motion picture film. But none of those snapshots have any 
inherent motion at all. For a statement ofthe falsity of the conventional 
illustration of the "EM wave in space as an orthogonal pair of oscillating E 
and H fields in a transverse plane", see Robert H. Romer, "Heat is not a 
noun." American Journal of Physics, 69(2), Feb. 2001, p. 109. In endnote 
24. p 109, AJP editor Romer takes to task "...that dreadful diagram 
purporting to show the electric and magnetic fields of a plane wave, as a 
function ofposition (and/or time?) that besmirch the pages ofalmost every 
introductory book. ...it is a horrible diagram. 'Misleading' would be too 
kind a word; ‘wrong’ is more accurate." "...perhaps then, for historical 
interest,[we should] find out how that diagram came to contaminate our 
literature in the first place. "Also see charge. 


E-field, motional: In classical EM theory, the electric field produced by 
moving a conductor in a magnetic field. Often called motional inductance 
of the field. In the conventional theory, motional inductance is deemed to 
be identical to the inductance caused by a time rate of change of the 
magnetic field, experienced by the moving conductor. Orvice versa, 
experiencedbyastationaryconductorinamovingmagneticfield. 


E-field, static: In conventional theory, the electric field in the space 

surrounding a static charged particle, induced by the presence and action 
of the charged _ particle. There is no notion as to the causative mechanism 
for this static field of and from a charge, which implicitly is assumed to 
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just continuously create and pour out EM energy in all directions, thus 
grossly violating energy conservation. Consideration of this anomaly leads 
to what has been called the most pressing problem in both quantal and 
classical electrodynamics: the question of the formation of the fields and 
potentials associated with the "source charge". Either the charge totally 
destroys the conservation of energy law itself, or there must be a virtual 
(nonobservable) energy input to the charge, since instruments establish 
that no observable EM energy is input to it. 


For a solution to this problem, see the present author's "Giant Negentropy 
from the Common Dipole," Journal ofNew Energy, 5(1), Summer 2000, p. 
11-23. We later found our solution to be consistent with quantum field 
theory and with a slight reinterpretation of Whittaker's 1903 
decomposition of the scalar potential. 


Ehrenhaft, Felix: Scientist who performed numerous experiments 
believed to demonstrate fractional charges. We point out that classical 
electrodynamics assumes a local flat spacetime, a notion long falsified by 
general relativity, since 1915. In a local curvature of spacetime, the 
dynamics of the charge (modern view as the finite difference between two 
local infinite charges forming a dipolarity) can change the observed value 
of the net finite charge. So finite fractional charges, or even supercharges, 
are quite possible. 


Einstein, Albert: German (Jewish) physicist, 1879-1955, who emigrated 
to the U.S. and formed special and general relativity theory, discovered 
and formed the theory of Brownian motion, recommended the 
development of the atomic bomb to President Roosevelt, and profoundly 
affected the course of science and the modern world, 


Einstein, Podolsky, and Rosen (EPR) paradox: Thought experiment in 
1935 for measuring two correlated photons separated and at distant 
locations, protesting that quantum mechanics requires that the particles 
communicate instantly, which is a "spooky action-at-a distance" (Einstein's 
phrase). The experiment eventually was performed and it works, just as 
required by quantum mechanics. The paradox inspired the development of 
hidden-variable theories. 


Einstein's general theory of relativity: Mathematical theory of 
gravitation in which the gravitational force is mathematically described by 
acurvature in spacetime. In other words, the geometry and its dynamics 
have become physical agents, doing away with the old notion of the agent 
being something separate that is occupying inert spacetime. It is important 
to note that, in general relativity, mass-energy acts on spacetime to curve 
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it, and the curvature of spacetime acts back on mass-energy to translate or 
change it. What seems missing from GR — at least in its practice — is the 
reaction of time-energy upon the geometry to curve it, and that 
corresponding reaction of the spacetime curvature back upon time and 
time-energy to change it. 


Further, we consider that an exact pattern (template) of curvatures of 
spacetime and their dynamics exists and is back-acting upon every mass 
system and its dynamics. This is the engine concept. The most general way 
to engineer matter is not by brute force translation forces, but by forming 
spacetime engines. Once formed, these engines act upon the interior of any 
mass placed in the engine region, to eliminate the deltas existing in that 
muss's resident engine and the impressed engine. The forces arisefrom the 
local spacetime itself, as curvatures in that local spacetime, so the action 
is from "inside" to "outside" an object, starting and continuing from every 
point in the object. The curvatures of spacetime itself furnish the energy 
for the continuing actions upon the interior of the mass, once we have paid 
to form the engine. The mass can be acted upon at any level, from its 
gluons and quarks to its nuclei, to its atoms, its lattice forces and binding 
energy, etc. Significantly, the Sachs unified field theory applies to physical 
reality from beneath the quarks and gluons to the entire universe itself, and 
folds in quantum mechanics, electrodynamics, and general relativity into a 
singleunified field theory that is (in theory) engineerable by higher 
symmetry electrodynamics means suchas Evans'O(3)electrodynamics. 


Einstein's postulates: (1) All the laws of physics are equally valid in all 

inertial frames ofreference, (2) the speed of light is the same to every 
inertial observer, and (3) the observable local effects of a gravitational 
field are indistinguishable from those arising from acceleration of the 
frame of reference. 


The first is called the special relativity principle, the second is called the 
law of light propagation, and the third is called the equivalence principle. 
It is now known that postulates (1) and (2) are not independent of each 
other. Note that the third postulate implies that any local force is due to a 
"gravitational field" (acceleration of the frame of reference). It also implies 
that gravitational force has a mechanism, since quantum mechanics assigns 
a differential operator, operating upon a potential, to create every force. By 
extended inference, it can be seen that the third postulate also implies that 

there should exist a method to turn any type of force (field) into 
gravitational force (field). 
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Note that postulate 1 may be violated iftwo frames remain inertial but 
each local spacetime contains different hidden engines. So the laws of 
interaction physics may indeed vary for the same object placed in first one 
of the frames and then in the second. Engines are ongoing general 
relativity actions, even in inertial frames. The action may not be translation 
of the bulk object, but extensive changes to the interior of the object and 
its interior dynamics at any and all levels. 


The Russian physicist Sakharov has strongly postulated that gravitation is 
not even a fundamental field of physics, of the kind used by Maxwell in 
his electrodynamics. Instead, in this view G-field is always comprised of, 
and made from, other fields and interactions upon them. This would seem 
to follow straightaway since change of any kind of energy in spacetime 
curves that spacetime, therefore producing a gravitational change. So such 
has always been implicit in general relativity; it just took Sakharov to 
formally propose it. See A. D. Sakharov, "Vacuum Quantum Fluctuations 
in Curved Space and the Theory of Gravitation," Soviet Physics Doklady, 
12(11), 1968, p. 1040-1041 [English translation.] Sakharov's article (in 
Russian) in Dokl. Akad. Nauk SSSR, Vol. 177, 1967, p. 70-71. 


Einstein's postulates (second postulate extended): Let us do a little 
"tinkering" with Einstein's postulates. For the first one, we point out that in 
the new approach using dimensioning and subspaces, the notion of an 
inertial frame now has acquired additional complexity! The "gross 
translation" effects — which tends to be what physics ultimately focuses 
upon today — can remain the same, and yet vacuum engines can be buried 
up inside the inertial frame to act upon a mass in non-translating ways. 
Everything translation-wise can remain the same, but now matter can be 
transmuted and transformed, etc., still right there in an inertial frame. So 
when the infolded electrodynamics inside all fields, potentials, and waves 
are utilized, the notion of "inertial frame" has acquired a higher topology, 
so that one inertial frame may differ very substantially from another 
inertial frame, even if the two are not in translation motion with respect to 
each other. This of course moves one from special relativity into full 
general relativity, and even there into a slight extension. Special relativity 
can remain special relativity on the surface, and yet general relativity 
effects occur "within" the objects postulated to exist in this inertial frame. 
The "inertial frame" concept in the postulates is now just a sort of special 
"equilibrium case" ofa higher topology "inertial frame” notion. Further, 
general relativity is extended from the notion of "just translation" to the 
notion of "internal engines and internal dynamics also". These engines can 
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be created in mass, in fields and potentials and waves, and in the vacuum 
itself. 


The second postulate now stands as a "special case" of a far more general 
second postulate. The conventional second postulate actually defines (and 
limits) "light" to bulk changes in the entire vacuum potential magnitude. It 
only applies to light signals which are "bulk upheaval" disturbances of the 
vacuum potential (spacetime), so to speak. The limitation to light speed is 
an envelope wave speed restriction. Specifically it need not apply to the 
"inner EM/GR realm" of longitudinal EM waves infolded inside the 

vacuum potential, otherpotentials, signal carriers,etc. Superluminal 
communication is now included in this "hidden variable" or longitudinal 
EM wave communication. The Fogal semiconductor is capable of 
infolding and outfolding EM signals, including producing the internal 

longitudinal EM waves, and during their infolded state these signals are 
permitted to move at superluminal velocity. This has been experimentally 
demonstrated by Fogal. 


So the second postulate needs to be restated to include the present 
statement as a special case. Notice that the concepts "light" and "speed of 

light" have now taken onmuchricher, extended meanings, since there is 
“outfolded" light and "infolded" light, so to speak. Light now is not just the 
"external perturbation wave" in the ambient vacuum potential medium (in 
flat spacetime). Instead, it can also be an "internal perturbation 
longitudinal wave" inside a "net flat spacetime" which does not show on 

the "surface" atall. Indeed, itmay move in the time dimension or in 3- 

space. It now includes the transmission of an extraordinary "vacuum 
engine" as well as the usual transmission ofjust an ordinary signal. The 
ultimate expression of this extension has unfortunately been the 
development of such "engines" as infolded robot systems for use in 
warfare. 


These infolded vacuum engines can be visualized as very special sets of 
longitudinal EM waves and their dynamics, consistent with the Whittaker 
decomposition. Whittaker's U(1)symmetry electrodynamics 
decomposition— particularly when enriched in the higher symmetry O(3) 
electrodynamics — applies to the ambient vacuum as a potential (it is a 
potential since it has energy density). So the "subspace" inside spacetime, 
so to speak, is just a set of LWs and their dynamics, and that subspace 
itself is engineerable, just as is the "bulk curvature of spacetime” itself. 
Further, we may now consider that space itself is just a vast superhighway 
for such superluminal LWs and their dynamics. Mass is mostly empty 
space with only an occasional particle here and there and with fields, 
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potentials, and waves in between. Hence huge masses such as the ocean 
and earth are actually superhighways for the direct passage of longitudinal 
EM waves, "engines", special robots, etc. The degree of "transparency" is 
a function of the degree of cleanness of the LWs — where by "clean" we 
mean "absence of transverse EM wave residues". 


The third postulate has also been dramatically extended and requires 
revision. As presently stated, antigravity effects do not appear to be 
included in present physics heretofore. The "gravitational effects and 
external accelerated effects" notion in conventional physics are still 
founded purely on ordinary bulk translation. Now they need not be. For 
example, the system can appear to be an ordinary system, as judged by 
normal "external light" observation. Yet its internal vacuum engines can 
cause local violation of most so-called "laws of nature." The reason a "law 
of nature" can be violated is that one is now able to violate the premises 
upon which it is postulated, and which are required to hold ifthe law is to 
hold. Or another way to look at it: any conservation law is the result ofa 
symmetry. Breaking that symmetry allows violation of that specific 
conservation law. All external symmetries can be broken internally, even if 
the overall symmetry still applies externally! 


The infolded EM inside the "conventional" EM fields, waves, and 
potentials — and inside the vacuum potential and spacetime itself- 
dramatically changes the present theories of electromagnetism, quantum 
mechanics, and general relativity. Further, for the first time the Sachs 
unified field theory allows an engineering approach that simultaneously 
crosses, includes, and extends all three disciplines in the required manner. 
The approach can be placed into good engineering models based on the 
Sachs work, particularly using the O(3) electrodynamics subset 
spearheaded by Evans, and the models can be tested and verified or 
falsified. See frame, reference; and superluminal communication. 


electric field: (See also discussion under E-field). The conventional 
definition is this: "1. a region in space in which a stationary electric charge 
experiences a force due to its charge. 2. the electric force per unit test 
charge." Quoted from Dictionary ofScience and Technology, p. 720. That 
definition is flawed. Consider the "spatial aspects" of part 1. Ifan electric 
field is defined as a force per unit charge (per Part 2), it is not a region in 
massless space but is an effect of something existing in massless spacetime 
and interacting with the charged 3-spatial mass. The electric field prior to 
interaction and observation ofthe interaction is indeed related to a region 
in "spacetime", because it is identically a curved spacetime region. In the 
Sachs approach, general relativity and electrodynamics have become one 
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and the same. So prior to interaction, the field as it independently exists 
prior to interaction with charge has become a curved spacetime region, 
and the field-in-space is purely a spacetime curvature. Again, there is no 
such thing as a massless force. It is the hoary old mechanics notion ofa 
separate force acting upon a separate mass that is a total non sequitur. The 
interaction of the massless field in space with a mass to produce a force, of 
which that mass is actually a component, is a separate consideration from 
the field as it exists in space prior to interaction. The result of this entity's 
interaction with charged mass has nothing to do with what an electric field 
is but with what it does to charged mass. Further, the force evidenced on a 
charged particle is not due to its charge; the particle has that charge 

always, whether or not there is a net force evidenced on it! 


Part 2 is a little better. The only problem is, it totally disagrees with the 
notion of the field as an entity existing in spacetime prior to interaction 
with charged mass. In other words, here it's a "force on a charge", which is 
an effect (force consisting partially of the charge) occurring after the 
interaction. Again, the conventional definition states only what the field 
does or accomplishes, not what it is. Hopefully the reader can now begin 
to see what terrible difficulties await anyone who seriously attempts 
foundations definitions. Feynman sums it up admirably in one of his 
famous statements: "Everything we know is only some kind of 
approximation, therefore, things must he learned only to be unlearned 
again or, more likely, corrected. "An additional difficulty is that the very 
notion of a separate massless force — independent of the mass on which it 
operates - is fictitious, yet continues to be widely used. Recalling that 
any true definition is an identity and not an equation, let us start with the 


definition of F =fdrdétmy). As can be seen, force is a system 
comprised of (i) a mass component and (ii) a nonmass component. The 
force is not something separate from the mass, at all! Further, force is not 
even unitary. It's a system comprised oftwo coupled components; the mass 
and a coupled (interacting) gradient in a potential flux. Note that v involves 
motion through, and interaction with, the virtual flux comprising the 
vacuum potential. Note that dv/dt involves a gradient in that flux 
interaction with the mass. Unfortunately mechanics is still using the 
medieval concept ofa "separate force acting upon a separate mass." That is 
wrong, unless we change the fundamental definition of force itself. See, 
e.g, Robert Bruce Lindsay and Henry Margenau, Foundations ofPhysics, 
Dover Publications, New York, 1963, p.283, where the authors emphasize 
that a "field of force" at any point is actually defined only for the case 
when a unit mass is present at that point. The reason can be seen: mass is a 
necessary componentofforce, and without mass present therecannotbea 
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force present. For that reason, the force field in matter is a quite different 
beast from that "same" force field in empty spacetime. The first is a 3- 
spatial snapshot of an ongoing 4-spatial interaction, while the second is 
just a curved region of that "empty" spacetime without any ongoing 
reaction necessarily. 


electric dipole: See dipole. 


electrodynamicist: A specialist in electrodynamics — the physics of the 
relationships between electric, magnetic, and mechanical phenomena — 
and especially a specialist in electrodynamics theory. Essentially all 
electrodynamicists are versed in U(1) electrodynamics, and a much smaller 
number are versed in more advanced (higher group symmetry) 
electrodynamics such as O(3) symmetry electrodynamics, unified field 
theory electrodynamics, non-Abelian electrodynamics, etc. The 
electrodynamics field is actually a very vast field indeed, touching 
everything in physics, chemistry, etc. When one needs a particular 
electrodynamics problem solved, it often calls for a special category of 
electrodynamicist and not just an electrodynamicist in general. One must 
therefore sometimes examine the background of the electrodynamicist 
making a statement or a pronouncement; electrodynamicists after all do 
have differing views and differing disciplines within the field. And 
something may be perfectly true and acceptable in O(3) electrodynamics, 
yet not even exist in U(1) electrodynamics. As an example, the Aharonov- 
Bohm effect exists in O(3), but not in U(1). U1) assumes a flat local 
spacetime (falsified by general relativity almost a century ago) and an inert 
vacuum (strongly falsified by modern particle physics and quantum 
mechanics), while O(3) is perfectly content to include and model curved 
spacetime and active vacuum also. 


electromotive force (EMF): A difference of potential created by sources 
of electrical energy — i.e., by separated charges (dipoles) — which can be 
utilized to drive electrical currents through external circuits. As a 
difference of potential, that constitutes a gradient and hence a force. Also, 
open circuit voltage, or the limit of the potential difference between the 
source's terminals as the current in the external circuit approaches zero. 


This term is poorly named and also quite confused in the standard theory 
and usage. First, em/is supposedly not aforce at all. It is a difference in 
potential; hence it is measured in volts. It is very difficult to imagine a 
"difference in potential" at a single point unless one is dealing with a 
multiply connected space. So ifthe difference in potential is between two 
adjacent points, then that constitutes a force between the two points. Also, 
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emf is not considered an E-field, since that is a field of force. Yet it is in 
facta Vo, restricted to the direction between the two measurement points, 
and-V is considered to be an E-field in the EM theory! As can be seen, 
one will not find a truly logical definition of potential or emf in the present 
texts and science literature. 


For this reason the standard theorists say that the term emf is sometimes 
used as equivalent to a difference in potential, but that strictly speaking it 
should be applied only to a source of electrical energy. The problem is that 
most conventional theorists are unaware that a potential identically is a 
bidirectional flow of energy in 3-space, but a 3-space flow where the 
energy enters from the time-domain (complex plane) and is caught in 3- 
space by interaction with charge, in afrozen snapshot (observation). The 
energy actually enters each 3-space point in the 4-space potential, from 
the time domain. It moves across a dipole in space (present due to the 
quantum mechanical polarization ofthe vacuum), to the opposite charge, 
thus returning from the immediate region of that second 3-space point (or 
points) back to the time domain. Since conventional theorists are unaware 
that a potential is a hidden negentropic energy flow circulation process 
involving broken3-symmetry, brokent-symmetry, anda special 4- 
symmetry between t and 3-space, the theorists have been unable to 
consider the potential in general as a direct source of energy flow. Yet they 
are forced to consider a potential difference across the terminals ofa 
source as "somehow a flow ofenergy, that generates forces upon the 
electrons topropelthemthroughthecircuitascurrentflow." 


In the new viewpoint, a resolution is achieved of these incongruities by 
more accurately defining the E-field with respect to the potential as 
P © [Vheq)/\q\. It is noted that —[dA/dt|eq/\q| also produces an E-field, so 
that the full definition of the E-fielll is —[(Vd+dA/dt)eg]/|q|. Note that 
dividing q by |q| does not remove the q unit from the corresponding 
dimensionalequation, singe is dimensionless. However, one volt 
represents one joule (ofexcessenergy )divergedfrom the potential, per 
coulomb of interacting charge. The energy density flow in an electric 
circuit is in the voltage, in the emf, and it is not in the currentper se. The 
electron current (drift current) carries the excess energy that is being 
dissipated as work in the circuit, but ina nominal circuit the drift current 
only moves a few inches per hour. Half the energy collected in the 
potentialized circuit is dissipated in the external circuit and external losses, 
and half is dissipated in forcing spent electrons in the ground return line 
back up through the back-emf of the source, performing work inside the 
source to dissipate its separation of charges. Left alone, any dipole will 
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furnish emf indefinitely, freely receiving the energy from the time domain 
(complex plane) and outputting it in 3-space via the reinterpreted 
Whittaker 1903 decomposition, in a circulation where at each point in it 
the energy enters from the time domain and thence returns back to the time 
domain. The free flow of EM energy will continue unabated from the 
undestroyed dipole, regardless of how many external loads and losses are 
powered (how much energy is collected and dissipated from the ongoing 
flows representing the potential). So electrical circuits should be 
developed which allow few or no electrons to beforced back up through 
the source dipole to dissipate its separation ofcharges and destroy the 
dipole. 


electromotive force, back (back emf): Back emf is a loose term for the 
counter-electromotive force. 


When the source is powering a circuit or circuit element, the term "back 
emf is used to refer to the forcing of current (electrons) back up through 
the source against its emf, thereby performing work inside the source to 
dissipate its separation of charges (its dipolarity). When a potential source 
of electrical energy — such as a capacitor, an inductor, or a rotating 
machine — is receiving energy from a source and converting it to 
dissipative power and work, that "powered" device is said to develop a 
counter-emf. A source has a built-in emfa priori, and this emf is holding 
its charges separated so that it is dipolar. When electron current is forced 
backwards through the source against its emf, work is performed against 
the internal resistance of the source to dissipate its separation of charges, 
thereby dissipating the source dipole. If electron current is not allowed to 
flow back up through the source against its back emf and through its built- 
in counter-emf, no dissipation of the source dipole occurs, even though 
energy density (not electron current dq/dt but energy flow dq/dt) is 
flowing from the source and can be collected in collectors in the external 
circuit to store the energy as a created local energy source. This collected 
energy can then be shuttled to a separate load circuit and released, to 
provide a "heat pump" cycling operation and overunity coefficient of 
performance. 


Nikola Tesla in fact knew how to shuttle energy at will in a circuit in such 
fashion, as Barrett's quaternion analysis of Tesla's actual patented circuits 
has revealed. [See T.W. Barrett, "Tesla's Nonlinear Oscillator-Shuttle- 
Circuit (OSC) Theory," Annales de la Fondation Louis de Broglie, 16(1), 
1991, p. 23-41.] Note that a rigorous analysis of those same circuits, using 
tensors or vectors (lower topology algebras), will not show the effect. One 
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needs a higher-topology algebra such as quaternions or Clifford algebra, or 
the significant properties of such circuits will be entirely missed. 


When the original source dipole is not dissipated because electron current 
is not passed back up through its back-emf to scatter the charges, the 
original source dipole will continue to furnish emf indefinitely because of 
the proven asymmetry ofits opposite charges in the seething vacuum 
energy flux. 


The terms emf and counter-emf are normally applied only to recognized 
sources ofelectricity. Emfis computed as the algebraic sum ofthe 

potential differences acting in a circuit attached to a source. Back-emf 
(counter-emf) is computed as the potential difference internally through 

the source, between its terminals. The back-emfis thought to be necessary 
in producing a powered device or component in the circuit. Actually, its 
main application (the ubiquitous closed current loop where all the external 
circuit current is passed back through the back-emfofthe source dipole) is 
to prevent COP>1.0 electrical power systems from being developed and 
utilized, andfor every electrical circuit to self-enforce Lorentz symmetrical 
regauging during its de-excitation phase. 


electron: A stable elementary particle in all atoms, and having — in 
"forward time" — a negative charge of 1.602x 10°'? coulombs, a spin 1/2, 
and a mass of 9.11x10°*' kilograms. Iftime is reversed, the charge (but not 
the masss) ofthe electron is reversed and it becomes a positron. Note this is 
anequivalent observed3-positron, ina material lattice afterinteraction 
with charged matter, and not the mathematical equivalent represented by 
Dirac sea holes in the 4-vacuum prior to interaction with mass. 


The "electron" mayalsoexistas anegative energy, negative charge, 
negative mass-energy 4-state (Dirac hole) in the vacuum itself. In that 
state, the negative energy 4-electron is the source of negative energy fields 
and negative energy potentials. When the associated nondiverged and 

unaccounted Heavisideenergyflowcomponentisalsoaccounted,the 
Dirac sea hole negative energy 4-electron can be manipulated in "anti- 
circuits" to directly engineer local antigravity, quite strongly and 
practically. 


electrongas: Asystemofelectronswithonly weakinteractions,sothat 
theelectrons mayberegardedas movingindependently. Inmany ways, 
such acollection ofelectrons can be treated as a gas. See Drude Electron 


gas. 
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electrostatic scalar potential: A static (stationary, in the sense that a 
perfect waterfall would appear stationary) ordering in the virtual photon 
flux of vacuum. The notion of "static" in the term "electrostatic" is 
misleading and should be replaced by "stationary" since the underlying 
active vacuum medium is always in violent motion, and there is nothing 
truly "static" in the universe. But an equilibrium or stationary condition 
can exist as an external envelope condition, even with continuous violent 
motion internally, so that a stationary entity or form persists. An example 
is a perfect whirlpool in a river. 


The electrostatic scalar potential decomposes into a harmonic set of 

bidirectional phase conjugate longitudinal EM wavepairs, as shown by E. 
T. Whittaker in 1903. Hence the electrostatic scalar potential is an overall 
curvature of spacetime with internal longitudinal EM order and dynamics. 


ELF: Extremely low frequency. Used to describe EM fields whose 
frequencies lie in the range from just above 0 Hz (direct current) to 300 
Hz. This includes power line frequencies (60 Hz in U.S. and 50 Hz in 
Europe) and frequencies used by certain U.S. military ELF communication 
systems such as for submerged submarines. 


EMF: Acronym for electromotive force. See discussion under 
electromotive force. 


EM field: Electromagnetic field. In its loose usage, it refers in a very 
broad way to any field, force, or energy associated with electromagnetic 
interactions, charges and currents. Thus "EM field" includes electrostatic 
fields, magnetostatic fields, electromagnetic fields (including radiation and 
induction), vector-potential and scalar-potential fields, Hertz potentials, 
Fitzgerald potentials, Whittaker potentials, Debye potentials, etc. 


In its precise usage, "EM field" conventionally refers to an EM "force" 
field, such as the E-field, D-field, B-field, and H-field. In classical 
electromagnetics (CEM), as a holdover from the old assumption of a 
material ether, the force fields are considered (erroneously) to exist in 
mass-free space, and they are also considered to be the primary causes of 
electromagnetic phenomena. This is a non sequitur, and it involves 
substituting the effect for the cause. 


In the new viewpoint, the force fields do not exist in vacuum, but only in 
and on and of the charged particles themselves, where mass is present to 
form one component of the force. The force fields are therefore effects and 
not primary causes. The primary causes of all electromagnetic phenomena 
is taken to be the potentials; however, the hidden 
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Stoney/Whittaker/Ziolkowskiinternal structures of gradient-free scalar 
potentials may interfere to cause potential gradients in and on charged 
particle systems. [In O(3) and other higher group symmetry 
electrodynamics, this internal structuring and dynamics is far richer.] This 
therefore includes distance-free scalar potential interferometry and action 
at a distance, as well as vacuum engines. 


The new view uses Sachs' unified field theory, and considers that the EM 
field in the vacuum, or an EM potential in the vacuum, involves and 
identically is curvature of spacetime. It follows that the internal EM 
structures of "ordinary" EM are also spacetime curvatures, where the 
specific pattern of these ST curvatures constitutes a very special kind of 
spacetime engine that acts upon any local mass in a specific manner 
determined by the individual pattern of curvatures. Thus the new view is a 
unified field theory where GR has become EM and EM has become GR, 
and where higher symmetry EM — such as O(3) group symmetry EM — 
can involve or produce gravitational, temporal, and inertial effects as well. 


EM force field in the vacuum (a false concept : The erroneous notion 
that thereexist forces in the vacuum, so that the set of forces at a set of 
spatial points forms a force field. Presently classical electrodynamicists 
accept the same E-field in vacuum as exists upon a charged mass when the 
vacuum E-fieldinteracts with that charge, but it is asserted that the force is 
zero. This is easily falsified by defining force F as F = Gp/0t = 0/Ot(my). 
By expanding the term on the right, one sees that both terms in the 
expansion include mass. Mass is thus a component of force. If mass is 


absent, there is no force present, thus no force field present. The field in 


space and the "same" field in mass differ precisely by amass term in their 
fundamental units. The field in massless space may be taken as a curvature 
of spacetime.Zero field in space means a flat spacetime; a nonzero field in 
space represents acurvature ofspacetime. A nonzero field in mass means a 
curvature of spacetime (a 4-space entity) interacting with mass (a previous 
3-space observation) to produce a force consisting of that field and mass 
interaction. There is no separate force acting ona separate mass, and 
mechanics has been wrong in assuming on for hundreds of years. Instead, 
there is a force produced by the interaction ofa massless 4-field 
(spacetime curvature) entity with 3-spatial mass. It is that interacting and 
ongoing entity or process that is a force field. Speaking of such a force 
field in space, is speaking of the force field that would exist in that space if 
every point had a unit point static charge and charged mass. As Feynman 
and Wheeler pointed out, no force field as such exists in space, but only 
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the potential for a force field exists there, in case some charged mass is 
brought in to interact and have the forces developed upon its charges. 


EM generatrix: Whatever generates electromagnetics, particularly the 
fields. Since all EM energy comes from the time domain and returns to it, 
time is the ultimate EM generatrix. The circulation of EM energy from the 
time domain to 3-space and back, or vice versa, is a function performed by 
the broken symmetry of every charge, considered as two infinite 
dipolarities with a finite difference that is the observed charge listed in 
texts and handbooks. 


energetics: Energy as the primary thing in the universe. Rankine's term 
later raised to the forefront by Ostwald. Modern Russian term for 
advanced higher group symmetry electromagnetics, where the 
electrodynamics is a subset of an engineerable unified field theory. In the 
U.S., a model approaching the Russian model is given by Evans's O(3) 
electrodynamics as a special subset of the electrodynamics used by Sachs 
in his epochal unified field theory. Thus there is a growing, engineerable 
unified field theory (energetics theory) in the U.S., being provided by 
Evans, Sachs, and others. A solid basis for energetics can be realized from 
the giant 4-space negentropy EM energy circulation involved with every 
charge, so that all "EM energy in space" and time itself comes from that 
circulation. 


energy: Usually erroneously "defined" as the "capacity to do work". This 
is a total misdefinition since it would define energy as the ability to change 
its own form. The closest to a legitimate definition of energy appears to be: 
energy is the invariance ofthat which is varying (Lindsay). However, note 
that this definition violates Aristotelian logic (but does not violate five-law 
logic developed in this book). Another try at it might be: "Energy is any 
deterministic or coherent structuring, either dynamic or stationary, 
existing in the virtual particle flux ofvacuum. " While that sounds good, it 
still involves the nonchanging aspect of the changing flux — much like 
considering a whirlpool in a river as being a "static" thing. So it is still "the 
invariance of that which is varying", which is an identity of opposites. We 
conclude that 4- or 5-law logic is necessary in order to define energy, since 
the defining logic must encompass the identity of opposites. Feynman 
simply stated: "Jt is important to realize that in physics today, we have no 
knowledge ofwhat energy is_." [Richard P. Feynman, Robert B. Leighton, 
and Matthew Sands, The Feynman Lectures on Physics, Addison-Wesley, 
Reading, MA, Vol. 1, 1964, p. 4-2.]. In Aristotelian logic, there is no 
acceptable definition of energy. In 5-law logic, the second definition holds 
since opposites can indeed be identical. Now to more practical aspects: 
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For our purposes, there are three major types of energy in 4-space: (i) 3- 
spatial energy, which includes energy in one, two, or three of the spatial 
dimensions, (ii) mass-energy, which is 3-spatial energy compressed by the 
factor c* but still in 3-space, and (iii) time-energy, which is 3-spatial 
energy compressed by the factor c? but now placed in the time domain. 
Note that time-energy has the same density as mass-energy, and hence the 
same spacetime-curvature effect and gravitational capability. 


The major implication of the new view is that the conservation of energy 
law is extended: Now it is the total of the 3-spatial energy, mass-energy, 
and time-energy that must be conserved. Transduction between time- 
energy and either ofthe other two forms, or both, will violate the 
conventional conservation ofthe sum of the 3-spatial energy and the mass- 
energy; every charge and every dipole is an example. Use oftime- 
polarized andlongitudinallypolarizedphotonsandEM waves particularly 
may involve the extended conservation law, e.g., as utilized in cold fusion 
and itslime reversal zones, and as involved in the outpouring of 
observable EMenergyfromeverychargeintheuniverse, withno 
observable energy input. 


energy collection/collecting: In electromagnetics, placement of an 
interceptor/collector — e.g., a charged particle — into an impinging EM 
energy flow, so that some ofthe flow is diverted around the intercepting 
particle. We may say that the flow ofenergy has been "reordered" into a 
stream diverged around the intercepting charge. The diverged part of the 
total energy flow is what is calculated as the Poynting energy flow 
component, andis whatis referred toas the "collected" energy orthe 
"potential" of the charge. 


However, neither charge nor potential are acceptably defined in 
conventional electrodynamics, but they can be defined in the new 
approach. We are now able to see something more fundamental. By the 
giant negentropy mechanism, the charge is involved in both the time- 
energy stream and the vacuum flux set of virtual particle spatial-energy 
streams. "Charge" is notjust related to the mass of the particle, but is the 
entire ongoingset ofthe dynamics as well as the mass (the "nondynamics", 
so to speak). When a charge is placed in a field, that field is a change to 
the local dynamics, which is a change to the charge itself. Both the 
dynamics and the mass (the "nondynamics" constituting the charge are 
altered. So one does not have the "field acting on a separate charge", but 
instead we have the charge with its previous set of dynamics transformed 
into the altered charge with a new set of dynamics and a new mass. 
Similarywhen a charge is placed in a potential. Charge is also not a 3- 
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spatial situation and process, but a 4-spatial situation and process. Ifthe 
internal structuring is also important, it becomes an n-spatial situation 
where n>4 and even where n»4. To deal with sophisticated engines, n » 4 
is necessary in the modeling utilized. 


energy dissipation: Refers to the scattering or disordering of energy; at 
fundamental basis, it refers to the changing of an altered charge (see 
energy collection/collecting) back to an unaltered charge. In other words, it 
is a special decay process whereby an "excited charge" (so to speak) 
decays back to its "normal state" by releasing dynamics (energy) back to 
the vacuum. The energy itself is not destroyed, but its "collecting pattern" 
or "flow pattern" as coupled to the charge is disrupted and altered or 
destroyed There is also the connotation that the dissipated energy is lost as 
far as any re-use ofit by the system. We point out that only 
collected/collecting energy can be scattered; it is the collecting process 
(the entire alteration ofthe normal charge dynamics) that is "destroyed" - 
or more exactly, transformed — not the energy itself. 


energy, electromagnetic: From a vacuum and quantum mechanical 
viewpoint: a deterministic or coherent structuring, either dynamic or static, 
existing in the virtual-photon or charged-particle flux of vacuum. Since a 
photon may also be considered a positron-electron pair (if we multiply 
each by time so that they are gt rather than g in fundamental unit form), the 
flux of photons in the polarized vacuum necessarily also includes the flux 
of charged virtual electrons and positrons. From a spacetime viewpoint: a 
curvature of spacetime, or set of such curvatures. Ifa deterministic set of 
spacetime curvatures (a template) is involved, then an engine is involved 
and the energy is said to be "dimensioned" (internally structured). 


energy flow: Generally considered as the passage of energy, in any form, 
in one direction or generally in one direction in a given 3-space. To first 
order, our definitions of energy treat energy flow in a given space as (1) a 
directional change (propagation) of the vacuum energy and its form, or (2) 
as a directional propagation ofa curvature of spacetime or a set of 
curvatures of spacetime. The terms "energy flow" and "flow ofenergy 
through space" are not precisely defined in physics! They are not going to 
be defined, atleast not in ordinary Aristotelian logic terms, since energy 
itselfis not precisely defined, and one ofthe best struggles with the 
concept ofenergy concludes that it involves invariance in the midst of 
change, which is a violation of the third law of Aristotelian logic and 
therefore ofthe other two as well. 
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Indeed, the "EM wave flowing through 3-space" does not exist (see 
previous comments quoted from Romer). What does exist is an ongoing 4- 
space process, assumed to be continually and iteratively interacting with a 
unit point charge to "detect" or "observe" it as an iterative series of frozen 
3-space snapshots, in memory-recalled serial order much like the frames of 
a motion picture film. Nonetheless, we must keep our sense of humor and 
proceed as if we knew exactly what we were speaking of when we use the 
concepts "energy", "energy flow", and "energy propagation through 3- 
space". Ifone dwells on the problem without humor, one is led to 
Hawking's grim but perceptive statement: "All we ever know is our 
models, but never the reality that may or may not exist behind the models 
and casts its shadow upon us who are embedded inside it. We imagine and 
intuit, then point the finger and wait to see which suspectfor truth turns 
and runs. Our models may get closer and closer, but we will never reach 
direct perception ofreality's thing-in-itself’ Ultimately we do not know 
physical reality itself, but our mental modeling of it, as best we can "fit" 
our modeling through comparison with our sensory and perceptive 
sensations. 


energy flux: The passage ofenergy flow, in any form, through a unit area, 
and in any given direction (usually all directions). This includes both 
passage inasingledirection, orpassageinmultipledirectionsatonce. See 
flux. Sometimes taken as that component of the net flux through a unit 
areaatrightanglestothearea. 


energy, free: In our usage, free energy is what is obtained from any 
environmentor entity which freely emits, furnishes, or makes available 
energy which either can be collected and used as furnished, or can be 
transduced into usable form and collected and used to power loads and do 
useful work. The word "free" does not apply to costs, but rather to the 
source of the energy. Since energy can neither be created nor destroyed, 
energy is always available free for the taking (collecting and using) if we 
bit learn how. We never payfor energy per se, butfor the manipulation 
and processing ofthe energy. The notion of extracting and using free EM 
energy from the vacuum involves five key concepts: (1) the local 
vacuum/spacetime itself is filled with EM energy of generally unusable 
form (2) some sort of organizing principle is utilized in one part of the 
circuit or system to cohere the vacuum energy and transduce it into usable 
EM form (every charge already individually does that; we just have to 
learn to do it in a larger ensemble), (3) a gating mechanism is utilized to 
divert the vacuum energy now in usable EM form from the active vacuum 
to the external circuits or load parts of a device, (4) the coherent gated 
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extra energy available in the external circuits or load parts is intercepted by 
those circuits or load parts, couples to them, and potentializes them with 
extra EM energy, so that the energy is collected by the system and 
regauges the system asymmetrically, and (5) the external circuits or load 
parts then scatter or dissipate the coupled extra energy to produce useful 
work (physical changes in the load), without destroying the organizing and 
gating mechanism that is extracting and furnishing usable EM energy from 
the vacuum. 


energy source: A function or entity which furnishes energy by either 
gating it from one energy reservoir to our system or locality, or by 
transducing available unusable energy into usable form and then emitting 
the usable energy. Technically speaking, since energy cannot be created or 
destroyed, there is really no such thing as a creative "energy source", 
though the term "source" seems to imply such. So-called "energy sources" 
actually gate and/or transduce energy, changing it from one form to 
another, from one direction to another, etc. All EM energy in the universe 
comes from the time domain into 3-space vacuum, onto charge, and back 
to the time-domain, in a giant ongoing negentropy 4-circulation as freely 
provided by the "source charges". 


engine: Deterministic pattern of structures, with their concomitant 
dynamics, in the flux of the vacuum. Also, deterministic patterning of 
curved spacetime curvatures and their dynamics that comprise an overall 
larger spacetime curvature, or internally comprising an overall "uncurved" 
spacetime. 


engineering, entropic: Engineering or designing systems and processes in 
equilibrium with their external active environment, and whose operation 
"spills" or wastes all the energy input to them, and which do not freely 
recover and use the dissipated or wasted energy. Entropic systems — 
which are the products of entropic engineering — thus have COP<1.0 and 
function in forward-time, and classical equilibrium thermodynamics with 
its infamous second law rigorously applies because the system is designed 
to self-enforce the equilibrium condition, often called by other names such 
as Lorentz symmetrical regauging. 


engineering, negentropic: Engineering or designing open systems and 
processes far from equilibrium in their exchange with their active 
environment, whose operation freely "receives" excess energy from the 
environment, so that they permissibly output more energy than the 
operator inputs, the excess being received from the external environment. 
As an example, simply making a common dipole or assembling a charge 
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initiates a giant negentropy operation that persists indefinitely (as long as 
the dipole or charge persists). 


entropy: Thermodynamics state term representing a measure of an 
equilibrium system's capacity to undergo spontaneous change. In short, a 
quantity that measures the availability of a system's energy for conversion 
to work. The entropy of an open system not in equilibrium with its active 

environment cannoteven be computed, because the state cannot be 
computed. 


Entropy is given by dS = dQ/T, where dS is an infinitesimal change in 
entropy for a system absorbing an infinitesimal quantity of heat dQ at 
absolute temperature T. In statistical mechanics, entropy is a measure of 
the disorder in a system and is given by S =k InP + C, where S is the value 
of entropy (disorder) for a system in a given state, P is the probability of 
that state's occurrence, k is a fixed constant, and C is an arbitrary constant. 
Intuitively, the concept of entropy corresponds to the concept of disorder. 
We specifically call attention to the fact that the "S" used in representing 
entropy is not at all the S used for Poynting energy flow in 
electrodynamics. 


entropy, negative (negentropy): In a sense, the reversal of disorder, or 
reversal of entropy. Another way of defining negentropy even more 
rigorously —for electrodynamics —is to define itin spacetime asa 
broken 3-symmetry in EM energy flow with concomitant relaxation to a 
more primary 4-symmetry between time-energy flow and 3-spatial EM 
energy flow, where time-energy flow is transduced into 3-spatial EM 
energyflow andthen backto time-energy by the entity —suchasa 
common dipole — causing the broken 3-symmetry. 


e quilibrium: In physics, the state of a system in which opposing forces 
balance each other — i.e., sum to a vector zero. However, the vector zero 
summation does not represent "total absence" of everything, and the forces 
and their energy remain even though comprising a net vector zero system. 
Even a pure number zero may also be taken as a set of nonzero numbers; 
e.g., (+5 -3 -2). So even zero need not be total absence, but can be a 
"palanced set of presences". Or zero can be regarded as an overall 
equilibrium condition comprised ofa set of disequilibria conditions. 
Indeed, a vector zerosummationsystemofnonzero forcescomprisesa 
stress potential, and it contains stress-energy doing work upon the stressed 
system. Inmechanics, a system of particles — where the net force acting 
upon each constituent particle is zero — is said to be in equilibrium. Jn 
chemistry, the state of a solution where the forward and reverse reactions 
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are equal and balance each other, so that the chemical reactants and 
products maintain the same amounts. Again, the notion of equilibrium 
involves the "stationary" notion (similar to a perfect whirlpool in a perfect 
river) of the overall invariance of some set of ongoing dynamic changes. 


ether: An extremely fine material substance originally theorized to exist in 
space in lieu of sheer emptiness. The problem is considering space as 
emptiness in the first place, which it is not. Instead, space (more 
rigorously, spacetime) is a plenum and highly active (as in the general 
relativity view a half-century after Maxwell's seminal paper). So there is 
no need to "fill empty space" with something, because in the modern view 
there is no such thing as empty space. 


Evans, Myron W.: Noted chemical physicist, primary developer of O(3) 
symmetry electrodynamics, and Director of the Alpha Foundation's 
Institute for Advanced Study (AIAS). Papers produced by the AIAS are 
critical to understanding extraction of EM energy from the active vacuum, 
engineering of vacuum engines, and development of a revolutionary new 
healing method by time-reversing diseased or damaged cells back to a 
previous healthy state. 


excess collected energy: Collection by an interceptor/collector of a greater 
fraction of EM energy flow impinging upon it and also surrounding it, than 
is normal. See Bohren experiment. 


exciton: A bound electron-hole pair in a semiconductor. Excitons are 
temporary formations and they decay by recombining, but they have a 
specific half-life before recombining during which they migrate through 
the semiconductor crystal. When the hole and electron recombine, then — 
ifthe curvature of spacetime relaxes to a flat spacetime, which is not 
overtly stated in classical EM theory — the recombination releases energy 
in the form ofa photon, or sometimes in the form of several phonons. Note 
that the "hole" is an "absence ofan electron" from a position in a lattice 
usually containing an electron, so that it exhibits a net positive "change in 
the charge field" at that point. Specifically, this "lattice electron charge 
hole" is not a Dirac Sea hole in the vacuum, which is an entirely different 
matter. On the other hand, if the hole and electron recombine and the 
curvature of spacetime does not relax to a flat spacetime because ofother 
curvature-sustaining involvements, then no "pair annihilation” radiation is 
emitted. It is the relaxation of the curved spacetime (when hole and 
electron are separated) back to a flat spacetime that causes photon or 
phonon emission. 
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exothermic: Literally, "giving off heat", or emitting scattered EM energy. 
Producing time-forward EM energy froma "source" by reducing the 
ordering(internalenergy)ofthesource. 


Faraday, Michael: Noted English physicist and chemist, 1791-1867, who 
discovered fieldtheory andelectromagnetic induction. Faraday also 
inventedthedynamoandformulatedhislawsofelectrolysis. Hiswork 
directly inspired Maxwell, who vowed to study no other electromagnetics 
theory until he had captured Faraday's workin amathematical theory. 


Ferminion: A fundamental particle which has spin angular momentum of 
(n+1/2)h, and which obeys Fermi-Dirac statistics. Examples are baryons 
and leptons, which are subject to the Pauli exclusion principle. 


Feynman, RichardP.: Notedphysicist, Nobelist,andco-developerof 
quantum electrodynamics. Feynman is particularly noted for his refreshing 
three volumes of physics: see Richard P. Feynman, Robert B. Leighton and 

Matthew Sands, The FeynmanLecturesonPhysics, Addison-Wesley, New 
York, 1963. The book is particularly noteworthy in that it gives the student 
some insight into foundations problems in physics. E.g., in Vol. I on p. 2- 
4, Feynman defines the electric field not in terms of force per unit charge 
per se,butin terms of its potentiality for producing a force only when a 

charge is present for the force to be developed upon. 


fiber fuse: Effect in optical fibers or fiber optic cable, whose core contains 
germanium, wherebyheatingthecableatonespotwithasmall flame will 
launch a focused traveling heat energy effect which melts a small hole in 
the core about every centimeter, and marches down the cable at abouta 
meter per second to the end of the cable, destroying the optical 
transmission capability and ruining the cable. Oddly, by igniting the fiber 
fuse from the other end ofthe damaged cable, a reverse fiber fuse effect 
will often march back down the cable in similar fashion except that it fills 
in the melted holes in the core, restoring the transmission capability ofthe 
cable. Ifthe energy required to melt all the holes (or fill them again) is 

taken into account, the amount ofenergy required to launch the fiber fuse 

is much less. This phenomenon does not appear to have an adequate 

technicalexplanationatpresent. 


field: In mathematics, a set with two binary operations. In 
electromagnetics inmorecommonmathematicalterms, itisaregion 
consisting of magnitudes and/or vector directions assigned to some active 
entity (e.g., spacetime itself) at each point in the region. 
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In physics, "a region of space marked by a physical property, as 
gravitational or electromagnetic force or fluid pressure, having a 
determinable value at every point in the region." [Thanks to Webster's IT 
New Riverside University Dictionary.] Note the very special use of 
calculation of magnitude: one does not calculate the magnitude of the field 
itself, which fills an entire region. Instead, one calculates the magnitude of 
the reaction of that field with some interceptor/reactor at a given point — 
Le., the effect of that field upon some mass entity. That is at best a measure 
of the local intensity of the field, not the magnitude of the entire field per 
se. For that reason, often we speak of calculating the field intensity, which 
is far more accurate than saying that we are "calculating the magnitude of 
the field". So we do not really calculate the "magnitude of the field," and 
in fact such a calculation does not occur in any textbook. Instead, we 
calculate the reaction cross section — in the case of electrodynamics, for 
an assumed unit point static charge — ofthe field at a point in the region 
or space occupied by the field. We actually calculate what is deviated or 
diverged from the field, around an assumed interceptor, not the field itself. 
This means that we calculate the result or effect of a detecting/observing 
action, and a frozen 3-space snapshot of that ongoing interaction, since all 
observation is 3-spatial. To then state that this same field exists in space 
prior to the interaction, and is what causes the interaction, is a gross non 
sequitur and confuses the effect with its own cause. This ubiquitous non 
sequitur widely permeates electrodynamics and mechanics, and it is one of 
the greatest scientific logical errors in history. 


field, scalar: In the standard view, a field, to any point of which is 
assigned a magnitude only. However, "magnitude" of the EM field in the 
standard usage refers only to the amount of energy deviated (diverged) 
around a fixed intercepting unit point charge, per the conventional 
"detection by reaction” model. Again, note the serious logical errors in the 
conventional usage. One cannot define the field in terms of what is 
diverged from it! At best one has defined the "intensity" of the field's 
interaction with a given standard interactant (charge). So in 
electrodynamics the term "scalar field" would be better replaced with 
"scalar field intensity", at least for many applications. 


field, vector: In the conventional view, a field, to any point of which is 
assigned both a magnitude and a direction. Again, the standard view also 
implements that assumed reaction with a detecting unit point static charge, 
and the "magnitude" used is just the difference between the amount of 
energy piled on the "front" ofthe interacting unit point static charge and 
the amount of energy pile on the "rear" of the interacting unit point charge. 
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The "direction" is from the center ofthe "high energy" pileup to the center 

of the "low energy " pileup around this fixed intercepting unit point 
charge. Again, note the serious logical errors. One cannot define the field 
in terms of what is diverged from it and the direction of the difference in 
"energy pressure." At best one has defined the "intensity" ofthe field's 
interaction withagiveninteractant(charge), andthe"direction" 

established by the difference between the frontal and rear energy pileups 

on the interacting charge. The term would be better replaced with "vector 

fieldintensity". 


flat (uncurved) spacetime: In our view, a vacuum/spacetime whose 
virtual particle flux intensity — and therefore its local energy density — 
does not change as a function of spatial position or averaged time. That is, 
in our view a flat spacetime is also identically a quantum mechanical 
vacuum whose virtual particle flux and energy density are constant in 
magnitude and internal constitution withrespectto spatial position andin 
averagedtime. Note that in this extended view, a flat spacetime (vacuum 
potential)can still contain vacuum engines, and thus still be dimensioned. 
In that case, contrary to normal physics, the flat spacetime itself will still 
interact with an embedded object and change it internally, even though it 
does not translate it externally. To perform transmutation of elements, 
e.g., one is interested injust such engines and not in spatially translating 
the element being treated. This dimensioning or activation of the local flat 
spacetime can result in an otherwise unexpected, seeming violation of one 
or more laws ofnature in the dimensioned region, and easily results in 
violation of conventional physics which does not take into account engines 
and dimensioning ofa flat spacetime. Note also that this allows a 
differentiation between the actions of two inertial frames, ifthe frames are 
differently dimensioned. As we stated, this is a deliberate extension of 
orthodox physics. See also dimensioning, and Einstein's second 
postulate extension of. 


fluctiation theorem: Theorem advanced by Denis J. Evans et al. at the 

Australian National University in 1993 that appreciable and measurable 
violations of the second law of thermodynamics occurs for small systems 
over short time scales. See D. J. Evans, E. g. D. Cohen, and G. P. Morriss, 
Phys. Rev. Lett. Vol. 71, 2401 (1993). In 2002 Evans and his colleagues 

experimentally demonstratedthe proofofthistheoreminrigorous fashion. 
See G. M. Wang, E. M. Sevick, Emil Mittag, Debra J. Searles, and Denis J. 
Evans, "Experimental Demonstration of Violations of the Second Law of 

Thermodynamics forSmall Systems and ShortTime Scales," Phys. Rev. 

Lett. 89(5), 29 July 2002, 050601. The proofalso directly proves the 
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occurrence in electrolytes and fluids of time-reversal zones (TRZs) where 
the dynamics runs backwards for a short time. This validates Bearden's 
proposal of the TRZ and its consequent reversal of the Coulomb barrier to 
a Coulomb attractor as the mechanism producing attraction of like charges 
into quasi-nuclei, which then can decay by quark flipping (if necessary) as 
the TRZ decays and reverses back to normal. This provides a mechanism 
for transmutation of elements in these TRZs as a result of the fluctuation 
theorem and its proof by Evans et al. 


flux: The amount of some quantity (such as energy, particles, volume of 
fluid, etc.) flowing across a given area (usually a unit area perpendicular to 
the flow) per unit of time. The term flux density is now more commonly 
used. Loosely, "flux" refers to the perpendicular flow through an area, 
while "flux density” refers to the magnitude or intensity (rate) of the flux. 
In some cases such as a flux of particles of different velocities, the number 
of particles may be multiplied by the average velocity to give an average 
flux density that is weighted. 


flux density: The amount of some quantity (such as energy, particles, 
volume of fluid, etc.) flowing across a given area (usually a unit area 
perpendicular to the flow) per unit of time. 


Fogal semiconductor: A special semiconductor invented by Bill 
(William) Fogal which, in its operational regime, utilizes an integrated 
semiconductor, very special tantalum capacitor, and feedback resistor to 
accomplish charge blocking (blocking of electron current flow dq/dt) while 
passing displacement current dd/dt. 


The Fogal semiconductor can also accomplish amplified phase conjugation 
of signals as well as infolding (translation of input transverse EM waves to 
output longitudinal EM waves) and outfolding (translation of received 
input longitudinal EM waves to output transverse EM waves). Used in 
communication systems, it opens the use of the unlimited "infolded" 
electromagnetics bandwidth. Since it may communicate using longitudinal 
EM waves, it is also usable for superluminal or a specialized "tunneling" 
communication through the "interior" of normal EM waves, potentials, and 
fields. For example, it can easily transmit color TV signals through the 
"interior" of a common DC potential. See William J. Fogal, "High Gain, 
Low distortion, Faster Switching Transistor," U.S. Patent No. 5,196,809, 
Mar. 23, 1993; - - "High Gain, Low Distortion, Faster Switching 
Transistor," U.S. Patent No. 5,430,413, July 4, 1995, a continuation of his 
earlier patent. 
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Fogal, William: Researcher and inventor of the Fogal semiconductor (two 
patents so far), as well as a superluminal infolding-outfolding 
communication system and other remarkable longitudinal EM wave 
processes. The Fogal semiconductor allows the use of the internal 
longitudinal wave electrodynamics comprising all ordinary EM fields, 
waves, and potentials, and thus will usher in a revolutionary new 
communications science and extended electrodynamics technology. See 
also discussion under Einstein's second postulate extended. 


force: Inmechanics, identically the time derivative of momentum, or 
¥ » 0/0/t(mv). One must realize that it is not the mass in motion, but the 
singleundivided quantity "mass-motion" or"mass-velocity" (momentum) 
that is changed. Present EM theory erroneously takes force fields to exist 
in empty, massless vacuum but with zero force! However, the mechanical 
definition is an identity, not an equality. The observable mass in vacuum is 
zero, so substituting m = 0 ghiveso//?/0-v)= 0, This appears to be the 
conventional reasoning. Howévei{/q = 0/q = 0 also. So if mass is 
zero, the field E used in "force field definition" disappears. All that says is 
that the field in mass-free space and the field in mass are totally different 
entities, 


Since force can be induced into and ofthe mass-motion target at a 
distance, inthe new approach there is amore fundamental mechanism that 
produces forceitself, and thatisacurvature of spacetime, inagreement 
with general relativity. Distant curvatures of spacetime to produce forces 
on exposed charged mass systems may also be engineered by longitudinal 
EM wave interferometry, which does constitute "action at a distance." The 
fields arise in the local spacetime in the distant interference zone, thus 
arising from within and around any physical mass object located in that 
zone. Hence it produces an "inside-to-outside" type of action that is 
presently unknowninorthodox physics. The produced fields canstart 
inside the nucleons ofthe atoms and move outward, and work directly 
upon the quarks and gluons first. This opens a great number of entirely 
new nuclear reactions presently not developed in particle physics. 


force field: An 3-space effect that exists as a local vacuum virtual particle 
flux interaction upon and with a hypothetical unit point mass or unit point 
charge assumed at every point in 3-space. The effect (force field) results 
from a causal force-free 4-field (a curvature of spacetime) interacting with 
an observed hypothetical unit point mass or unit point charge assumed at 
every point in space. Hence the invocation of observation invokes ad/dt 
operator (the interacting charged mass) upon the causal field, providing a 
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frozen 3-snapshot of the ongoing 4-interaction. An iterative series of such 
3-observations is said to constitute a "3-space force field" as if it existed in 
time, which it does not. It is seen (iteratively observed) as a series of such 
frozen snapshots, which mentally we conceive as "existing in time" instead 
of the "recurring at points in time" that it really is. We unconsciously 
invoke that substitution of iterative effect as being continuity in space and 
time, when we use terms such as "propagation through space". 


force-free propagation: Propagation of force-free disturbances in the 
vacuum flux; i.e., propagation of curvatures of spacetime or sets of such 
curvatures, together with any associated dynamics. 


foundations of mathematics: The concepts, operations, assumptions, 
postulates, logic, definitions, and axioms of algebra systems. 


foundations of physics: The postulates, assumptions, concepts, and 
definitions upon which a scientific physics model rests. Included are also 
the postulates, concepts, assumptions, definitions, axioms, logic, and 
operations of the mathematics in which the scientific model is expressed, 
as well as the postulates, concepts, assumptions, definitions, and 
operations of the physics entities and functions assigned to the 
mathematical symbols. Thus "scientific truth" ——- even mathematical truth; 
see Morris Kline's Mathematics: The Loss of Certainty — is actually a 
qualified truth. What is true in one model (one set of postulates, 
assumptions, concepts, and definitions, including those in the algebra) may 
not be always true when one or more of the postulates, assumptions, 
concepts, and definitions is/are changed, and/or when the topology of the 
mathematics in which the model is expressed is changed, etc. 


four-space (4-space): The "normal" spacetime used in physics, consisting 
of three spatial dimensions and one time dimension. Minkowski spacetime. 


fourth law of logic: The law that a thing and its opposite become identical 
on the boundary, i.e., in multiple simultaneous observations. Identity is 
merely the loss of observational or perceptual distinction; when formerly 
"two" objects are simultaneously observed by a single observer, and two 
slides have been shown at once in the slide projector. It does not matter at 
that point what each was individually observed to be before when it was 
singly observed. Now there is no observable distinction or difference. We 
previously showed that the fourth law is implicitly assumed in the three 
laws of Aristotelian logic anyway, and published a simple proof of the 
fourth law. Without the fourth law, Aristotelian logic "eats itself." As a 
simple example, the Aristotelian third law eliminates the center vertical 
line division of a simple Venn diagram between A and not-A, because the 
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division line itself is happy to belong to both A and not-A simultaneously. 
So Aristotelian logic destroys the very Venn diagrams used to "prove" or 
"demonstrate" its logical propositions. What results in the four law logic is 
that either (1) the three laws apply explicitly and the fourth law applies 
implicitly, or (2) the fourth law applies explicitly and the three laws apply 
implicitly. This application rule — i.e., either (1) or (2) — itself can be 
taken as a fifth law of logic, thus extending and completing Aristotelian 
logic which is presently incomplete. The fourth law is also the law ofthe 
paradox: i.e., when something is true but violates one or more of the 
Aristotelian laws, it is a case where the fourth law applies explicitly and 
the three laws apply implicitly. Wave-particle duality is such a fourth law 
case. 


four-wave mixing: A nonlinear multiwave mixing effect when four waves 
mix (interact) in a highly nonlinear situation so that wave-to-wave 
interaction occurs. 


fractional charge: A hypothetical particle having acharge less than the 
electron's charge. Oftencalled aquark, where its chargeis 18 or2/3 the 
charge ofthe electron. A few years ago, Stanford University researchers 
found what was believed to be evidence of free quarks, but that later was 
doubted. There is also now the fractional Hall effect. In the 1920's 
Ehrenhaft reported the discovery and production of fractional charges of 
all sizes, and his experiments have been replicated by Mikhailov, with 
papers by Mikhailov and Barrett. 


Inthenew approach, whentime-energy is utilized, quarks can be freed or 
nearly freedrathereasilyinmatterinside"time-reversalzones" ,sincethe 
energyemergesfromthelocalcurvedspacetimeandpropagatesfrom 

within the nucleus outward and the gluon forces are substantially reversed. 
Notealsothattimeismultiply connected, andenergy canenteran object 
anywhere within it oreveneverywhere within it, since each andevery 
differential piece of the object exists in every single increment of time. It 
would appearthat,asthenewapproachdevelops, freequarks willbecome 
anormaleventratherthan oneintensely soughtbutterribly difficultto 
come by experimentally. We flatly predict that, inasufficiently good time- 
reversal zone, freequarkscanbe produced becauseoftheenormous 
energy density (in the time component) being utilized. 


frame, Lorentz: A frame of reference that is not accelerated with respect 
to the laboratory observer. In this case, the frame may be rotated (moving 
at a constant velocity) but it is not rotating (the frame is not accelerated 
with respect to the observer, and spacetime is not curved). In this case 
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special relativity applies, as do the conservation laws. We do add a caution 
that full general relativity still applies to the interior structure and 
dynamics (the engine) comprising the flat spacetime. Two overall flat 
spacetimes may produce very different interactions inside matter, if their 
internal engines are materially different and dimensioned. 


frame, reference: A spatial, organized, measured lattice placed in 
"emptiness" (space, spacetime). Normally refers to a 3-dimensional, spatial 
frame (simplest case) or to a 4-dimcnsional spacetime. All objects and 
points in the “universe” or spatial frame are considered to simultaneously 
coexist at separate, measured points in the frame. Differs from the vacuum 
in that, rigorously, vacuum has no existing definite lengths and no existing 
definite time intervals, as these appear only after measurement or 
detection, and are relative to the observer and to the interactions ongoing 
as well as in the detection process itself. The "laboratory frame” is the 
static reference frame of the observer or measurement. A separate 
reference frame may be assumed to exist for any fixed or moving object, 
or centered on any point in another frame. When a type of frame is 
assumed, the entire class of translation type physical interactions that can 
occur has been restricted to an assumed set or type. In other words, given 
the frame, the conventional physics of translation has been assumed. One 
of the greatest restrictions of an assumed "frame" is to rule out the 
consideration (existence) of other higher dimensions, hence of 
dimensioned engines. 


In the new unified field theory approach, the other higher dimensions are 
always available and cannot be ruled out in general, but only in some 
special case. Every curvature of spacetime, and any internal additional 
curvatures comprising that primary curvature, adds one or more new 
dimensions. In our view, a spacetime may be "flat" in overall envelope 
curvature, but consist of internally structured deterministic curvatures or 
"engines". In this view, normal inertial frames, e.g., may still contain 
engines, which will not affect the normal bulk translation rules, but may 
affect any or all of the nontranslation mechanisms, including the very laws 
of nature in many cases. Engines have not been developed and used in 
conventional open physics, but were weaponized clandestinely by the 
former Soviet Union. See Einstein's second postulate extended. 


free energy: Excess energy freely received from its external active 
environment by an open system that is far from thermodynamic 
equilibrium in its exchange with that environment. There is a separate 
thermodynamics for such open disequilibrium systems. (See 
thermodynamics of open systems. See also Appendix A for a more 
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dettailed discussion of the thermodynamics aspects). Such a system is 
permitted to exhibit five "magic" functions: it is permitted to (1) self-order, 
(2) self-oscillate or self-rotate, (3) output more energy than the operator 
himself inputs (the excess energy being freely received from the active 
environment), (4) power itself and its load simultaneously (all the energy 
being freely received from the active environment), and (5) exhibit 
negentropy. Every charge and dipole inthe universealready performs all 
five of those functions. 


free energy system: Any open system not in thermodynamic equilibrium, 
which freely receives excess energy from an external environmental 
source, and collects and utilizes this free excess energy to freely power 
external loads, sothatapermissiblesystem COP>1.0is achieved, as 
allowed by thenonlinearthermodynamicsofopensystemsin 
disequilibrium with theirenvironment.(Seethermodynamicsofopen 
systems.). A freeenergy system may also be "self-powering" if"close- 
looped" withgoverned positiveenergy feedback fromoutputsectionto 
input section, meeting the Kron self-powering condition. Operation of free 
energy systems can only be properly modeled and understood in terms of 
their supersystem interactions. 


Implicit in the notion of free electromagnetic energy systems are six key 
concepts: (1) the local vacuum/spacetime is known to be filled with hidden 
(i.e., virtual) energyin violent motion, i.e., the local vacuum/spacetimeisa 
violent virtual energy flux and therefore a scalar potential, (2) a broken 
symmetry -i.e.,somesortoforganizing and gating mechanism, suchas 
the common dipole— in this hidden (virtual) energy flux ofthe vacuum is 
utilized asa source, to cohere the virtual energy and divertitas energy 
§ © ((E>diliw from the broken symmetry initiation point onto the 
external circuits or load parts ofa device, (3) the coherent gated extra 
virtual energy flow available in the external circuits or load parts couples 
to (interacts with) the mobile charges inthose circuits or load parts, so that 
gradients developed in the interacting virtual flux form force fields on and 
of the particle masses, driving the mobile charges along the circuit and 
through current-impeding circuit components such as loads, (4) inthe 
interaction ofthedrivencharges with thedriving virtual energy flux, their 
spin and erratic motions integrate a tiny "coupling fraction" ofthe driving 
virtual energy into observable (i.e.,macroscopicfield) energy, thus 
creating the E-fields and B-fields, (5) the current-impeding external 
components or load parts scatter or dissipate the coherence ofthe driven 
charges and thereby dissipate the collected energy or change the form of 
the collected fieldenergy, thereby producing useful work, and (6) little or 
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none ofthe excess collected energy in the circuit is split off and dissipated 
in the gate (asymmetry component serving as the S-flow source) to destroy 
the gate and thereby destroy its asymmetry in the vacuum flux, which is 
what is extracting and producing the free energy flow. 


gate: A component or function that extracts some part ofa flux or flow, 
compacting it into a stream, and "sending it out" in organized, useful 
energy flow form. The fundamental gate for all EM energy in 3-space is 
the dipole or dipolarity — the "isolated charge” is actually a dipolarity, 
when the virtual charges of opposite sign clustering around it in the active 
polarized vacuum are considered. The source of the 3-space EM energy 
continuously emitted by any charge or dipole is an equal inflow of EM 
energy from the complex plane (from the time domain). Thus EM energy 
flow is locally conserved in four dimensions as a 4-circulation, but not in 
3-space. EM energy flow in 3-spacc is conserved over all space, since 
there are essentially equal amounts of positive and negative charge in the 
universe and in the virtual charge of the vacuum. 


gauge: In electromagnetism, usually considered a possible choice for 
(change of) electric scalar potential and magnetic vector potentials, in such 
a manner that there is no any net change of force fields so that the change 
satisfies Maxwell's equations. There are indeed two changes of force 
fields, but the two are selected so that the two new force fields are equal 
and opposite, constituting a stress potential and continuously performing 
internal work on the system to create and maintain the excess system 
stress. The equal and opposite force fields, however, cannot translate 
electrons through loads to freely power them. We prefer to consider any 
change of potential — even a single potential changed, or both changed so 
that a net force field does result — as a "regauging", for it is an implied 
primary assumption within the normal use ofthe term "regauging. " If only 
one potential is changed, a net force field results in the system and we call 
that "asymmetrical regauging". If both potentials are changed, but in such 
a way that a net force field still results, that is also an asymmetrical 
regauging. When both potentials are changed precisely in such highly 
selected manner that the two force fields created are equal and opposite, 
the force fields sum to a translation vector zero, and that is symmetrical 
regauging or Lorentz regauging. However, the energy of the two fields 
remains, having been transposed to a stress potential. Each of the two 
"balanced" equal and opposite force fields is continuously performing 
work in the system, but all that is created is additional system stress. 
Hence symmetrical regauging is obtained only by altering the stress and 
stress energy ofthe system, with two disequilibria in energy flow between 
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the external environment and the system. This in fact constitutes both a 
curvature ofthe local spacetime and an alteration of the local active 
vacuum. It is a rotation ofthe frame ofthe regauged system out of the 

laboratory frame. In effect, the net EM field energy ofthe two new fields 
crealed by symmetrical regauging is transformed into achange inthe local 
spacetime curvature, a change in the local vacuum, increased stress in the 
system, and rotation of the system's frame away from the lab frame. We 
focus upon the energy aspects, since in a system any change of potential 
- whether symmetrical or asymmetrical — is a change of the internal 
energy of the system, and therefore of its excitation. In a system, 
conventional "symmetrical force fields" regauging results in a nonusable 
continous energy change in the system (actually two ofthese changes), 
and a change in the internal stress of the system. In short, it is a special 
case of adding a stress potential to the system, which we consider a special 
form of asymmetrical regauging ofthe supersystem consisting of (i) the 


system andits dynamics, (ii) the local active vacuum and its dynamics, and 
(iii) local spacetime curvature and its dynamics. 


gauge freedom: The axiom in gauge theory that one can freely change the 
gauge (and therefore the potentials and the potential energy) ofanEM 
system, so long as the netnew forces resulting from the change will sumto 
a zero vector resultant so that the system remains "symmetrical" in its 
force-field functioning with respectto the system priorto thechange of 
potentials. Electrodynamicists donotseemto have recognized thatthe 
freedom to change the potential of a system at will, is apriori the freedom 
to make a purely negentropic change to increase the system's potential 
energy, orapurelyentropicchangetodecreasethesystem'spotential 
energy.Gau geand gauge freedomareactuallyformalrestrictionsofan 
even more important asymmetrical regauging principle: apotential in a 
system can be freely changedatany time, thus freely changing the 
potentialenergyenergyofthesystemfreely andatwill. Theadditionalsymmetry 
assumption is an arbitrary added requirement not imposed by nature. 
Further, itappearsthatphysicistshavenotrecognizedthatalongitudinal 
EM wave is an oscillating gauge varying in its magnitude. Said in reverse, 
oscillating the Lorentz regauging condition for a circuit makes that circuit 
a generator and emitter oflongitudinal EM waves. This also provides a 
clue for detection of longitudinal EM waves, similar to what occurs ina 
Fogal semiconductor used for that purpose. A longitudinal EM wave 
detector must detect a variation in the symmetrical regauging condition, 
whichisastress changedetection. 
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gauge symmetry: Abstract mathematical symmetry of a field, that relates 
to the freedom to regauge (change the value of) potentials, without 
affecting the net resultant values of the field quantities. This is a special 
case of the higher principle that any potential (and thus the potential 
energy of a system) can be changed freely and at will. However, changing 
the gauge of an EM system in that sense changes the potential energy of 
the system but only in stress potentialfashion. In other words, it does 
nontranslating work on the system, which is called "internal work." The 
lack of a net resulting force in the system, created by the regauging 
symmetry, prevents use of this excess free energy to translate system 
charges and power an external load. All the excess free energy that could 
otherwise be used to power loads freely, is instead "locked up" to only 
perform internal work on the system to increase and maintain system 
stress. 


gauge theory: A field theory using a field that has one or more gauge 
symmetries. The restriction to symmetry is a carry-over of the old 
erroneous notion that potentials are just convenient mathematical figments, 
and that fields are the primary causes of all EM phenomena. For the 
overunity researcher, broken gauge symmetry at a given level (usually in 
3-space EM energy flow) is the feature that must avidly be sought in 
experimental systems if one would use asymmetrical regauging to allow 
free powering of loads. Hence one is primarily interested in a wide variety 
of broken symmetry effects and phenomenology. Particularly, unless the 
automatic self-enforcing of symmetrical gauge transformation during 
excitation discharge of the closed current loop system is violated, no EM 
system can produce COP>1.0. Further, local spacetime curvature between 
local input and local output is always involved in an overunity EM power 
system. The tempic (time) potential of the output end of an overunity 
system differs from the tempic potential of the input end, so that the 
gradient (the tempic force) is directed from output to input — exactly the 
reversal of the case for a COP<1.0 power system. 


Thus in both COP<1.0 systems and COP>1.0 systems, a local spacetime 
curvature is involved when the system is in operation. In COP< 10 
systems, the tempic force sweeps along from input to output and on into 
space beyond, where the violent interactions of vacuum absorb the 
associated Dirac sea hole current immediately. In COP>1.0 systems, the 
tempic force sweeps along through the local vacuum from the output 
section back through the system and into the input section, and thence on 
back through the external conductors to the external power source. This 
reversed Dirac sea hole current may "eat electrons" in the normal currents 
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internal to the system, and in the input section and back towards the 
external power supply it will "eat input electrons in the input current." 
Thus the Dirac sea hole current in the COP>1.0 system "eats input power" 
and serves as acurious new kind of electrical "load" or "internal loss" in 
the mput section of the system. The reversed Dirac sea hole current is 
nature's way of decaying the local curvature of spacetime back toa flat 
spaceti me, and decaying the COP> 1.0 excited system disequilibrium state 
back to an equilibrium state. In any overunity electrical power system, this 
Dirac sea hole current must be taken into account and either transduced 
into useful power, minimized, or eliminated. An extension to gauge field 
theory is needed in which thetempic force, the tempic potentials and their 
gradients, andthe supersystem are all modeled and taken into account. It 
appears that the Sachs unified field theory is capable of handling that 
requirement, whichalsocanbeaccommodated by O(3)electrodynamics to 
provideengineering oftheresulting unifiedfieldtheory. 


gauge transformation (in electromagnetics): Conventionally taken to be 
the additionofthe gradient of some function of space and time to the 
magnetic vectorpotential—and simultaneously theaddition ofthe 
negative ofthe partial derivative ofthe same function with respect to time, 
divided by the speed of light, to the electric scalar potential. The resulting 
symmetrical change assumes that the stress energy of the system is 
changed freely, butby design it deliberately prevents any stress difference 
in the system to produce a net force that could expend the free change of 
energy by doing workin anexternal load. Changing thestress energy 
alone is acurvature of spacetime and a purely gravitational change. It is 
also a rotation of the frame of the system away from the laboratory frame. 
Seediscussionundergaugetheory. 


general theory ofrelativity: Einstein's theory of gravity in which the 
gravitational forceisrepresented by acurvaturein spacetime, andin which 
spacetime is an active entity. We may look at all forces as being due to 
curvatures ofspacetimeinteracting withmass. 


geometric phase: A phase difference acquired by the state function ofa 
quantum system that undergoes acyclic evolution from an initial stateand 
back. This phase difference can be detected by interfering the final and 


initial states. The modern generalization of the Aharonov-Bohm effect and 
the Berry phase. 


giant negentropy (of the dipole): The continuous receipt from the time 
domain ofspacetime(the vacuum), by onechargeofany dipolarity 
(includingasinglecharge'sfundamental dipolarity),ofenormous 
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longitudinal EM wave energy flow in condensed time energy form, 
transduction of that absorbed energy from the complex plane into real 3- 
space, and continuous emission of that enormous energy flow in all 
directions in 3-space, thence receipt of that 3-space energy by the other 
charge ofthe dipole or other adjacent dipoles, retransduction of the energy 
back into time-energy, and re-emission of that energy back into the time 
domain. This 4-circulation giant negentropy process is evoked and 
continues automatically and indefinitely after a little energy has been 
expended to separate the charges and make the source dipole. The EM 
waves in the input from the time domain and the output in 3-space are 
perfectly ordered and correlated, which is a giant ordering of the 
vacuum/spacetime and is thus a giant negentropy. In conventional circuits, 
the source dipole in the generator or battery, once made, performs this 
function. Only a minuscule fraction (some 10°? in a nominal case) of the 
energy pouring out of the generator's or battery's terminals strikes the 
surface charges of the attached external circuit and is diverged into the 
conductors as the Poynting component that powers the Drude electrons and 
the circuit. All the rest ofthe energy flow (the Heaviside nondiverged 
component) outside the circuit is just wasted by conventional circuits. 


gluon: A particle that carries the forces between quarks. In quantum 
chromodynamics, the gluon plays a role analogous to the photon in 
quantum electrodynamics. 


graviton: In the quantum theory of gravitation, the graviton is the 
quantum of the gravitational field. It is massless, with spin 2. In the new 
theory we may take the graviton as a coupled scalar and longitudinal 
photon pair. 


gravity: The phenomenon characterized by the physical attraction between 
any two material bodies of positive mass, specifically due to the trapped 
positive energy in the masses. If one particle is of negative mass and 
energy, the normal gravitational attraction between the two particles is 
reversed so that they repel, which produces antigravity. The fundamental 
mechanism of gravity can be found once one realizes that Maxwell omitted 
the incoming EM wave interaction with the nucleus, and not with just the 
electron shells. When he wrote his theory, the electron, atom, neutron, 
proton, and neutron had not been discovered yet. The lateral precession 
movement of the spinning Drude electrons — which are restrained 
longitudinally to a very small drift velocity in detecting wires (antennas) 
— later came to be considered proof of Maxwell's transverse EM wave in 
the vacuum. The detected electron precession wave is oscillating laterally, 
hence proves the longitudinal EM wave interaction. Elsewhere we have 
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pointedout that the EM wave in space is longitudinal EM wave 
accompanied by a corresponding time-polarized (scalar) EM wave, and it 


also follows from Whittaker's 1903 paper as reinterpreted by the present 
author in our Giant Negentropy paper. 


gross particle translation: Refers to translating the entire particle — and 
its internal structures and dynamics — in space, rather than internally 
structuing the particle's potential (massless charge). Note that, ifthe 
internal structuring (engines) ofthe particle is changed during translation 
(e.g., by passing through a region ofthe flat spacetime having an altered 
internal engine structure), the particle may have an anomalous interaction 
with another particle or process having a different internal structure or 
"dimensioning." Themass-energycomprisingtheparticle'snucleus, 
electron shells, etc. canbe dimensioned. Mass so dimensioned or 
conditioned then may act differently in chemical reactions, effects on 
living systems, etc. thannormal "inert" mass that has no specific 


deterministicdimensioning. 


group: A mathematical structure that is acomplete set oftransformations 
on a mathematical entity that leaves the entity unchanged. 


group, higher symmetry: Ina given theoretical area, a particular theory 
canbeexpressedinvarious grouptransformations.Whenthegroup 
transformation (groupsymmetry )utilizedismorecomplexthanthe 
"standard" groupsymmetryusually employed, itisreferredtoas ahigher 
group symmetry. The mathematics of the model is then said to be ahigher 
group symmetry mathematics. Since the groups have names such as U(1), 
SU(2), O(3), etc., thetransformations ofthe mathematics are oftenreferred 
to by those names. Hence characterizing phrases are used suchas U(1) 
symmetryelectrodynamics,SU(2)symmetryelectrodynamics,O(3) 


symmetryelectrodynamics,etc. 

group, Lie: A group whose transformations act continuously. Anexample 
ofaLie groupis givenbyrotationsinordinary space. 

group theory: The general mathematics of symmetry transformations; i.e., 

the theory ofall transformations that leave the transformed entity or 

entitiesunchanged. 

gyroelectrons: Spinning electrons considered as gyroscopes during the 

portion oftheir spin in 3-space, so that when longitudinally perturbed they 
can and will laterally precess. Considering (in a gross first order model) 


the conduction electrons in the Drude gas in a conductor as little gyros, 
because they are (i) spinning on an axis, (ii) severely restrained in their 
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ability to move forward longitudinally down the conductor as current, and 
(iit) much more free to precess laterally in the conductor. Thus when the 
gyroelectrons in the receiving wire antenna, perturbed by an incoming 
longitudinal EM wave in the vacuum, are longitudinally perturbed, they 
precess laterally so that our instruments (which detect electron wiggles, 
not the incoming vacuum EM wave) do detect "transverse waves." 
However, they are detecting the transverse gyroelectron precession waves, 
not the waves in the vacuum. They are detecting the effect of the 
interaction of the incoming waves with the gyroelectrons, not the cause. 


harmonic series: A set of frequencies or oscillations consisting of integer 
multiples of a fundamental frequency. 


Heaviside, Oliver: Noted English self-taught physicist and brilliant 
electrodynamicist, 1850-1925. who played a role in discarding Maxwell's 
quaternions, and also played a role in forming vector mathematics and 
formulating the vector reduction of Maxwell's theory from 20 quaternion 
equations in some 20 unknowns to the present 4 vector equations. 
Heaviside's curtailment of Maxwell's theory still contained both (i) 
systems in equilibrium with their active environment and (ii) systems in 
disequilibrium with it. To separate variables and enable closed solutions, 
Lorentz further curtailed the Maxwell-Heaviside equations by 
symmetrically regauging them, thereby arbitrarily discarding all 
disequilibrium Maxweilian systems and retaining only those in equilibrium 
with their active environment. This regauging unwittingly and erroneously 
discarded all that class of Maxweilian systems permitted to exhibit 
COP>1.0. The first such curtailment of the Maxwell equations was by 
Ludwig Valentin Lorenz in 1867, but H. A. Lorentz (who did a similar 
symmetrical regauging nearly decades later) was later given the credit. 


Heaviside also discovered the enormous nondiverged energy flow 
surrounding every circuit, far greater in magnitude than the feeble 
Poynting diverged component that actually enters the circuit. But he was at 
a loss to explain what the source of such a startling flow of energy could 
be. Lorentz understood the Heaviside component, but also could not 
understand its source. Hence he reasoned that it "had no physical 
significance” since it did not power the circuit. Lorentz then introduced the 
trick of integrating the entire energy flow vector around a closed surface 
surrounding any volume element of interest. This neatly discards the 
vexing giant Heaviside nondiverged energy flow component, and retains 
only the diverged Poynting component that actually enters the circuit. The 
latter is of course the energy that will later be emitted from the circuit, 
which is what we will measure when we "measure the circuit." 


680 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


Electrodynamicists are still using this method of dropping the Heaviside 
energy flow from any furtheraccounting consideration. Hencethey donot 
develop systems which intentionally increase their energy collection from 
this readily available energy flow around every circuit. The Bohren 
experiment conclusively proves the physical existence of the Heaviside 
nondiverged component, even though it is no longer accounted. 


In his last years Heaviside realized the gravitational importance of his 
extra energy flow component, and worked out an electrogravity theory 
based on it. He did not live to publish it, but his papers on it were found 
some time after his death, beneath the floorboards ofhis little garret 


apartment. A learned society then published the papers. 


Heaviside energy flow component: The enormous nonintercepted and 
nondiverged energy flowcomponent pouring outofthe terminals ofevery 
battery or generator, or charge or dipole, and missing the external circuit 
(orexternal intercepting charges)entirely sothatitis does notcontribute 
to the intercepted (Poynting) flow componentthat powers thecircuit. Also, 
the enormous energy in the EM field, potential, or wave that misses the 
interaction ofthe field, potential, or wave with the assumed unit point 
static electric charge, and thus is notintercepted and collected (and 
accounted!) in the unit point static charge assumption. In honor of 
Heaviside, thepresentauthorhas nominatedthis "dark Heavisideenergy" 
component asthe missing source ofexcess gravity knownto be holding 
the arms ofthe spiral galaxies in place. Inthe interactions of Dirac hole 
current with a unit point charge (to determine the negative energy fields 
and potentials inaCOP>1.0 EM system), there is also a missing 
component of the negative energy flow that is comparable to the Heaviside 
component for positive energy flow. These flows of surplus negative 
energyfromCOP> | .Qastronomicalinteractions—withtheassociated 
negativeenergy fields andnegativeenergy potentials producedbythe 
negative-energy Dirac holes inthese negative energy flows —is 
hypothesized by the presentauthoras producing the antigravity that 
generates the observed acceleration of the expanding universe. 


Hertz, Heinrich: Noted German physicist, 1857-1894, who together with 
Heaviside andothers transformed Maxwell'stheory fromquaternion 
algebra to vector algebra, and who also experimentally produced Hertzian 
(EM) waves, thus confirming Maxwell's theory. These experiments by 

Hertz firstdetected EM energy propagating as described by Maxwell's 

equations, thusprovidingtheexperimentalimpetus thatallowedMaxwell's 
theory to predominate. The oscillation or "cycle" is named after Hertz, by 
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specifying X number of oscillations or cycles per second as a frequency of 
X Hertz. One type of potential is also named after him. 


hidden bidirectional EM waves: Those bidirectional EM wavepairs that 
comprise the scalar potential are indeed "hidden" with respect to our 
normal "electron translation" (i.e., electron wiggle) detectors and 
instruments. Nonetheless, properly functioning devices such as Fogal's 
semiconductor allow the utilization, transmission, and reception of the vast 
longitudinal EM wave dynamics that are infolded inside all conventional 
EM fields, waves, and potentials, including the giant potential comprising 
the ambient vacuum (spacetime). Use of this infolded electrodynamics is 
akin to using "subspace" or higher dimensions, depending upon how one 
chooses to model it mathematically. It is also a direct method of using a 
unified field theory. 


hidden variable theory: A class of quantum mechanical theories which 
considers that the quantum state of a physical system is not a complete 
specification after all. The "hidden variables" are those additional 
components necessary to provide the "complete state" of the system. By 
utilizing the infolded longitudinal EM wave electrodynamics, one is in fact 
using a macroscopic hidden variable theory. This becomes a subset of 
Evans' O(3) electrodynamics, which in turn is an important subset of 
Sachs' unified field theory. Sachs' theory encompasses and subsumes 
electrodynamics, general relativity, quantum mechanics, etc., so the use of 
this macroscopic hidden variable theory through special functions 
provided by components such as Fogal semiconductors is a powerful and 
directly engineerable extension of conventional hidden variable theory. 
The physics of this new, engineerable, unified field theory area is also 
called energetics. 


hole, lattice: Vacancy, in an otherwise filled energy band position. 
Sometimes called negative ion vacancy. In a semiconductor, an electron 
may be lifted to the conduction band by thermal energy, which produces u 
hole-electron pair (an exciton). Also, one of the sites in the crystal lattice 
can be occupied by an acceptor impurity atom, so that the electron is 
accepted there, leaving a hole showing excess positive charge. This is a 
lattice hole, and the propagation of such holes being formed is called 
electron hole current, or hole current for short. We point out that the /aittice 
hole exists only after interaction of the Dirac sea vacuum hole with matter. 
iLe., only after observation. In that case, the 3-positron (hole) has positive 
mass and positive energy, produces positive energy fields and potentials, 
produces gravity rather than antigravity, and is "seen" to be going in the 
opposite direction to the Dirac sea hole. Prior to observation, the hole is a 
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Dirac 4-hole in vacuum, having negative energy and therefore negative 
mass equivalence, negative charge, and without a direction reversal. This 
4hole is a source of negative energy fields and negative energy potentials 
in the surrounding space, and thus of antigravity back-interaction (upon the 
physical system connected with the active vacuum component of its 
supersystem) duetothenegative curvature ofthe local spacetime. 


hole, Dirac sea: In the presence of fields (i.e., in the presence of curved 
spacetime), some of the negative energy states in the Dirac sea are not 
filled with electrons. In that case there are some empty 4-holes in the Dirac 
sea, in local spacetime itself. The Dirac hole is a negative energy state in 
the vacuum itself. It too seemingly has a positive charge, as seen by the 
external observer after interaction with matter. Holes arealso 
mathematically equivalent to positrons, in case observation has been 
evoked, so longas the lack of positive mass is not a consideration Note 
that our view differs from the received view, but is based on experimental 
evidence whichcanonly be gained fromC OP» 1 .OEMsystem 
experiments. WeknowofnosuchCOP» 1 .OEMsystemexperiments 
involvedinthereceived view. 


hole current: (1) In a semiconductor: Usually, the part of the current in a 
seminductor that is composed of migration of lattice holes. 
Mathematically, withincertainconstraints this may be considereda 
positron current. The hole migrationis usually slowerthan the electron 
migration producing electron current. (2) Inthe vacuum itself. In the Dirac 
sea, in the presence of fields the Dirac 4-holes flow in the opposite 
direction to the local electron current, providing a Dirac sea hole current or 
positron current. [Seediscussionunderhole.] Anelectricalpowersystem 
in disequilibrium with its vacuum interchange and having COP>1.0, will 
have a greater tempic potential at its output section than at its input 
section. Thus it willhave atempic force ortempic broom, sweeping holes 
from local instabilities to form a hole current (may be both a Dirac sea 
hole current and a lattice hole current) flowing from the output section of 
the system back through the system into the input section, and on out of 
the input section into the primary power source. Hole current transduction 
may be used to convert this detrimental hole current energy transport into 
usable electron current energy transport, or anti-circuit techniques and 
mechanismscanbeused. 


hole current transduction: Hole current in a COP>1.0 open system, 
where the system is in disequilibrium with the vacuum a priori, is usually 
detrimental to (he system and may destroy the overunity condition. A hole 
current from the input section of the system, fed back into the primary 


683 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


power supply, requires that extra electron current be furnished since some 
of the electrons in that furnished current will recombine with the 
oppositely moving Dirac vacuum holes and disappear to fill those holes. 
Hole current into a battery in "normal" fashion discharges the battery 
rather than charges it (although reversing the battery terminal connections 
allows charging in normal fashion using the hole current). Thus a battery 
can be discharged "far below zero", so to speak, by charging it with excess 
holes in the "normal connection." A capacitor may be charged with hole 
current, in which case the dielectric will undergo compressive strain into 
the positron-charged plate. However, when the capacitor is subsequently 
discharged, the dielectric will expand and recover, with its electron 
charges pushing electrons out of the negative side plate and into the 
external circuit. Hence a capacitor can be charged with positron (hole) 
current, and then can be adroitly switched so as to discharge electron 
current. In theory so can a battery because of its capacitance. This is a 
transduction of entropy to negentropy, a process for which a patent 
application has been filed by Bedini and Bearden. Gauge freedom already 
permits that operation, since gauging in electromagnetic systems is freely 
changing the local potential energy of the system, and is either negentropic 
(increasing the system's energy) or entropic (decreasing the system's 
potential energy). 


hole injection: In an n-type semiconductor, holes can be emitted by 
applying a metallic point to the semiconductor's surface. We suspect (but 
have not proved) that sharp gradient pulses may also induce some of these 
holes as Dirac sea 4-holes and Dirac sea hole current rather than positron 
and lattice holes current. In that case, a mix of positive energy and 
negative energy (and gravity and antigravity) would be produced. 


hole trap: An impurity in a semiconductor that can trap a "hole" by 
releasing electrons to the conduction or valence band. 


hyperspace: Refers to a space of more than four dimensions, and 
specifically to those spatial dimensions outside the normal three. The term 
is used for both a space of n dimensions, where n>4, or for one dimension 
in such a space, beyond the normal four. 


identity of opposites: On the boundary between A and not-A, A and not- 
A are identical (i.e., no difference can be discriminated). If all ofa thing is 
collected, one reaches the boundary of that thing and it turns into its own 
opposite. The philosopher's problem of the "accursed necessity for the 
identity of opposites" cannot be solved in Aristotelian 3-law logic, since 
that logic is incomplete. It is readily solved, and part of, a more extended 
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logic such as 5-law logic. The result is that "identity" is not an absolute 
entity, but is a decision by the observer reached by application ofa 
comparison algorithm to separate observations made at differing times. An 
example is provided by a colorblind observer who sees as identical two 
marbles which, to an observer with color vision, are seen as red and black 
and therefore not identical. Aristotelian logic omits the action by the 
observer, the times ofthe multiple observations (only a single thing ata 
time is observed or perceived, apriori), and the decision algorithm used 
by the observer to decide whethertwo observations are identical ornot 


identical. 
inertial frame: A frame of reference in which force-free bodies move 
along straight lines, andthe postulates ofspecial relativity are valid. Inthe 
new approach, this notion is extended. Even in an inertial frame, force-free 
bodies may move along straight lines, the postulates ofspecial relativity 
may remain valid, and yet the EM hidden variables may induce other 
changes in the usual laws ofnature due to the action ofhidden vacuum 
engines infolded in the dimensioned local flat spacetime (vacuum 
potential).SeeEinstein'ssecondpostulateextended. 


infolded real vector components: Simply take a set of real force vectors 
that altogether sum to a vector zero resultant. This "vector zero system" is 
a zero vector with respect to forced translation ofa particle or mass. It is 
not am absence ofthe vectors at all, but is the presence of specifically 
hidden and "infolded" real vectors that do not initiate bulk translation of 
the affected objector system, but perform internal work upon the system. 
Such vector systems are stressing systems ofa special kind, where the 
internal components ofthe stress are notrandom but deterministic. Hence 
they are electrodynamic engines, in the new approach. To a somewhat 
arrogantmathematical scientist whoonceobjectedthatzero vector 
resultant systems had no effect, [humorously challenged him to putit to 
experimentaltest. lsuggestedhestandbetweentwoelephants pushing 
against him in opposite directions, while I would stand between two fleas 


doing the same to me, and we would compare notes. He apparently was 
not amused at the suggestion. 
infolding: With reference to signals, infolding means "placing the signal 
or modulation or change upon one ormore ofthe internal bidirectional 
wavepairs comprising the scalar potential. Since all EM potentials 
ultimatelyrepresentchangestotheambientvacuumpotential, onehas 
conditioned oraltered the vacuum itself when infolding is utilized, 
infolding of EM signals, vectors, and directions produces engines. By 
Whittaker's decompositionofthepotentialandBearden'sreinterpretation, 
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these vacuum engines can be designed to affect matter — including atomic 
nuclei, nucleons, etc. — in any manner desired. 


information content of the field: Russian euphemism for the deliberate 
structuring of the hidden longitudinal EM waves and their dynamics, that 
comprise any EM potential, field, or wave, so that the potential, field, or 
wave is dimensioned and contains active engines. This area was 
extensively weaponized under KGB (now changed in name) control rather 
than the regular Russian armed forces, and a disinformation campaign was 
waged to convince Western analysts that the term refers to simple spectral 
analysis. It doesn't. Instead, it refers to infolding and outfolding, and the 
use of longitudinal EM waves, dimensioning, and engines. The overall 
science is called "energetics" by those weapon scientists. 


interferometer: An instrument or system in which a wave is split into two 
waves or beams, which after traveling over different paths are 
subsequently reunited and interfere. The use of longitudinal EM waves 
(LWs) allows ready penetration of mass by the LWs traveling through the 
interior Whittaker composition of a mass's internal EM fields, waves, and 
potentials. Longitudinal EM wave interferometers should prove useful in 
probing the interior of planets, the sun, etc. They pass easily through the 
earth, so that interferometry can be obtained at targets on the opposite side 
of the earth, or inside the earth. These are the weapons that then Secretary 
of Defense Cohen referred to in 1997 as being used to engineer the 
weather, initiate volcanoes into eruption, or initiate earthquakes. 


Josephson effect: Flow of Cooper pairs (superconducting electron pairs) 
across a thin dielectric separating two superconducting electrons, in the 
absence of a voltage drop. E.g., the pair of electrons can "tunnel" through u 
thin insulating barrier. 


joule: A measure of energy; one watt for one second in electrical terms. In 
physics the unit of work or energy in the MKS system, being the amount 
of work done by one newton acting through a distance of one meter, equal 
to 10,000,000 ergs. 


Kirchhoffs current law: At any time, the sum of the instantaneous 
currents flowing into a node or point in a circuit equals the sum of the 
instantaneous currents flowing out of that node or point. This does not 
have to be true if (1) relativistic effects are appreciable, or (2) electron 
production and annihilation processes — such as Dirac sea hole current, 
lattice hole current and recombinations are occurring and non negligible, 
(3) the Kron open path is being used, or (4) localized time reversal zones 
(TRZs) are utilized. Another way of stating where the law need not hold is 
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when there are nonlinear interactions between the three components of the 
superset (the physical system and its dynamics, the active vacuum and its 
dynamics, and spacetime and its curvature dynamics.). 


Kirchhoff's voltage law: At any time, the sum ofall voltage rises in a 
closed loop circuit equals the sum of all drops in that closed loop circuit. 
The law assumes a flat spacetime. This does not have to be true if 

relativistic effects are appreciable, iftrue negative resistor effects are 
present, if Kron open paths are utilized, and if time-reversal effects arc 
present. It also need not be true in anti-circuit techniques, or when they are 
involved ina particular portion of an otherwise normal circuit. 


Lamb, Willis Eugene Jr.: American physicist and Nobelist who 
discovered the hyperfine structure of the hydrogen spectrum, and first 
measured. the interaction ofthe vacuum energy that generates a change in 

the energy levels of the hydrogen atom, according to Dirac's theory and 
quantumelectrodynamics. 


Lamb shift: A very small correction to the first excited state ofthe 
hydrogenatomduetointeractionofthe vacuum. WillisLamb 
experimentally confirmed this predictionofquantumelectrodynamicsto 

high accuracy. The local energy density of the little Lamb shift is greater 
thanthesurfaceenergy density ofthesun. However, inmatterthereare 
such a vast number of similar small interactions generating very powerful 
fields randomly, that the sum total ofall these changes sums to a vector 
zero for most summation distances of interest. 


lamellar current: Thin layers of current; thin sheets of current. 


laser: A device that generates light in which all the photons are exactly in 

step and produce acoherentbeam. Originally the word "laser" was an 
acronymthatstoodfor"lightamplificationby stimulatedemissionof 
radiation." 


law of physics: A restriction placed upon the physical mechanisms that 

canoccurundercertain broadassumptionsas tothe backgroundsituation 
and environment. Because ofthe assumptions made, an expressed law of 
physics is not absolute, but relative to the assumed conditions. Any "law of 
physics" can be violated ifthe conditions contained in its assumptions are 

violated. It is important that a scientist be aware that physics is comprised 
of models and the "laws of physics" are very general and wide-ranging 

models basedon very specificassumptions. Further, by Godel's theorem 
and the theory of models, no model is perfect anyway, and none will ever 
be. When one assumes that physical laws are not based on any 
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assumptions but are universal and absolute truths, one has immediately 
moved to dogma and not science. 


Lawandy patents: Patents covering and related to a form of anti-Stokes 
emission (excess emission of energy) in strongly scattering, optically 
active media such as TiO) particles in suspension. This is a new form of 
lasing, without the requirement for population inversion. 


Letokhov, V. S.: Russian pioneer in excess emission phenomena from 
stimulated media. 


Letokhov effect: The excess emission (excess emission of energy) 
phenomena in strongly scattering, optically active media, usually referred 
to as "negative absorption of the medium." See particularly V. S. 
Letokhov, "Laser Maxwell's Demon," Contemporary Physics, 36(4), 1995, 
p. 235-243. 


localized: Confined to a small region of a large system rather than being 
extended through the system or at a distance. 


localized virtual photon flux of vacuum: Refers first to a local region of 
the vacuum, and then to the flux density of virtual photons in that local 
region. Ifthat flux is deterministically structured, then the local region also 
contains an engine that will act internally upon masses and mass systems 
in that region. The local region also contains hidden variables. 


longitudinal component: In EM fields, the longitudinal component of the 
fields along the direction of travel, as opposed to the transverse 
components at right angles to the direction of travel. 


longitudinal E-field: Any electrical field in 3-space may be described 
using two components, a transverse component and a longitudinal 
component. Of course one or the other may be a vector zero. In 4-space, 
there is a time component also, as an additional "transverse" component. 


longitudinal gradient: Compression wave gradients (differences) in 
density or pressure, considered in a direction from their origin along the 
direction of primary movement in the medium. Contrast to transverse 
waves, which act perpendicular to their direction of propagation. In 
electrodynamics, longitudinal EM waves in 3-space are said to be 
"longitudinally polarized." Longitudinal EM waves in the time-domain are 
said to be "time polarized." The latter are also referred to as "scalar waves" 
since they have no polarization vector component in 3-space and thus arc 
"scalar" with respect to 3-space. This is a misnomer, however, since these 
"scalar waves" are perfectly good time-polarized EM longitudinal vector 
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waves. Forthefirsttime, the giantnegentropy process allowsone to make 
and use time-polarized EM waves, since they automatically accompany all 
longitudinally polarized EM waves and itis straightforward tomake 


longitudinal EM wavesin 3-space(justoscillatetheLorentzregauging 
condition). 


longitudinal interiorwave: An infoldedlongitudinal gradientthat 
oscillatesinmagnitudealongthelineoftravel"insidethe vacuum 
potential oranormal potential." Inconventionaltheory, theelectric 
portion of the EM waveisatransverse field oscillation, andthe 
longitudinalcomponentisessentially zero. Inthenew"infolded" wave 
approach, thereisnooverall transverse gradientinthe vacuumpotential, 
but there aresuch longitudinal waves. Thisisratherlikea "pressure wave" 
transmittedunder water, withoutcausing asurface waveinvolving 
physical upheaval and fall-offofthe water. The speed ofthe longitudinal 


EM wave is not limited toc, the speed of transverse EM wave light in the 
ambientvacuum.. 


longitudinal wave: A "pressure" type of wave, similar to sound, in which 
thevibrationsarealong thedirectionoftravelofthewave.Hence,awave 
composedofalternatingdensifications andrarefactions, where wefocus 
uponthelongitudinalcomponentofthechanges.Onecanthinkofitasa 
sortof" accordion" wave,rhythmically shrinking and stretching along the 
lineofmotionasittravels. Notethatrhythmicallyandsymmetrically 
varying thetwo potentialsinvolvedinregauging creates longitudinalEM 
waves. SoonepseudonymforlongitudinalEM wavesis "gauge 
oscillation" waves. Matterismostlyempty space filled withEM 
potentials, fields, andwaves—all of whicharebundlesoflongitudinal 
EM wavesandtheirfunctionaldynamics. Hencematter(suchastheocean 
andtheearth)isavastsuperhighway forthepassageoflongitudinalEM 
waves. Notethatthe longitudinal waverepresents an oscillating energy 
densityinspaceand/ortime(scalarwaves),andhenceisanoscillating 
curvatureofspacetime. Allforcesofnatureare generatedby curvatures of 
spacetime. Henceall forces ofnaturecan be generated bythecorrect 
generationoflongitudinalEM wavesandtheirimpresseddynamics, 
Further, this means thatall thephysical causal functions of the exhibited 
effects generated ina materialsystemcan be capturedinlongitudinalEM 
wavesets. A longitudinal wave functional systemdeliberately havingsuch 
causalfunctionsofaphysical functioning systemisknownasacausal 
system robot (CASR).Suchrobotsarefarbeyond the presently developing 
nanobots, andhavebeendevelopedratherextensively by atleastone 
nation. Suchrobotscaneasily passthrough the "interior" ofany normal 
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EM signal or wave or potential or field, which again is nothing but a giant 
superhighway for longitudinal EM waves. In theory one can communicate 
with a CASR via longitudinal EM waves if communications functions are 
built in to the CASR. In the future, one would expect that planetary 
exploration, underground and undersea exploration, exploration of the 
interiors of the sun, moon, and planets, could be enabled by the further 
development of specialized CASRs. 


Lorentz, Hendrik Antoon: Renowned Dutch physicist and Nobelist. 
1853-1928, who developed the Lorentz transformations and Fitzgerald- 
Lorentz contraction. Lorentz shared the Nobel Prize for discovering the 
Zeeman effect. He is also responsible for symmetrically regauging 
Maxwell's equations (some time after Lorenz did it in 1867), and for 
introducing an integration trick that neatly disposes of the vexing huge 
Heaviside nondiverged energy flow component accompanying every 
field/charge and potential/charge interaction. 


Lorentz invariance principle: An inertial frame is independent of the 
velocity of the frame relative to any other inertial frame. This is not 
necessarily true with respect to engines inside inertial frame objects, since 
the engines involve acceleration dynamics. 


Lorentz regauging: Changing the two potentials in the Maxwell- 
Heaviside equations in potential form so that the resulting equations have 
the variables separated, and there is no net force introduced by the two 
new forces, which are deliberately chosen so as to be equal and opposite 
and thus sum to zero. An unfortunate effect is that this discards all 
Maxwellian systems far from equilibrium in their vacuum exchange, hence 
discards all permissible Maxwellian COP>1.0 systems. Electrodynamicists 
have not recognized that Lorentz regauging represents the addition of 
stress potential energy and continuous internal work and stress to a 
regauged system. It also represents a rotation of the frame of that system 
out ofthe laboratory frame by some angle. Further, oscillating the Lorentz 
regauging condition produces longitudinal EM wave generation and 
emission. 


Lorentz symmetry: The symmetrical regauging by Lorentz of Maxwell's 
equations. 


Lorenz, Ludwig Valentin: Scientist who first changed Maxwell's 
equations — two years after their publication in 1865 — by (effectively) 
symmetrically regauging them, thereby unwittingly discarding all 
Maxwellian systems far from thermodynamic equilibrium with the active 
vacuum. See L. V. Lorenz, "On the identity of the vibrations of light with 
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electrical currents," Philosophical Magazine, Vol. 34, 1867, p. 287-301. In 
this paper[L. V.] Lorenz gave essentially what today is called the [H. A.] 
Lorentz symmetricalregauging. When H.A. Lorentz alsosymmetrically 
regauged theMaxwell-Heavisideequations, the physicscommunity 
adopted the procedure and resulting further truncation of the Maxwellian 
theory. That truncation continues to this day. 


low energy nuclear reaction (LENR): Actually a bit ofa misnomer, since 
it refers to a low spatial energy, high time energy reaction. Cold fusion, or 
the anomalous transmutations of elements that occur in certain electrolytes 
with specially prepared palladium electrodes. The transmutations occur 
even thoughin conventional theory there is insufficient spatial energy to 
accomplish them, because they use time energy. Time energy is spatial EM 
energy compacted by the factor c’, hence time has the same energy density 
as mass. The formation of temporary, fleeting time reversal zones (TRZs), 
withactionfromfrominside-to-outside,isthegenesisofahostofnewnuclear 
reactions missing fromconventional particle physics since the physicists 
do not account time as energy, and do not use such TRZs. For more on this 
hypothesis andthespecificreactions generated,seeT.E. Bearden,"EM 
Corrections Enabling a Practical Unified Field Theory with Emphasis on 
Time-Charging Interactions of Longitudinal EM Waves," Journal of New 
Energy, 3(2/3), 1998, p. 12-28 as well as Chapter 10 ofthe present book. 


magneticdipole: Pairednorth andsouthmagnetic poles ofequal strength 
ever microscopic or macroscopic distance. 


magnetic induction: The act ofachange in magnetic field producing an 
electric field at right angles, whichin turn produces an electron flow. 


magnetic spin: The intrinsic angular momentum, knownas spin, of 
electrons, protons,andneutrons, etc. Theelectronscombinedinanatom 
or ion have a resultant angular momentum that is the combined intrinsic 
spin of the electrons and the angular momentum due to their motion 
around the nucleus. There is also amagnetic moment associated with this 
angular momentum (spin) wheneveritis nonzero. Therefore atoms orions 
with nonzero spin are magnetic atoms or ions. This is often loosely 


reffered toas "magnetic spin." Itis actually the magnetic moment of 
nonzerospin. 


magnetostatic scalar potential: Continuous mathematical function whose 
value inspace, at any point it occupies, represents the potential energy 
collected upon an assumed unit magnetic north-seeking charge (pole). 


There is a magnetostatic scalar potential between the poles of any magnet. 
This scalar potential is also subject to Whittaker's 1903 decomposition into 
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a harmonic series of magnetic longitudinal phase conjugate wavepairs. 
Reinterpretation of Whittaker's wavepairs should be made according to 
Bearden, "Giant Negentropy of the Common Dipole," J. New Energy, 
5(10, Summer 2000, p. 11-23. This reinterpretation agrees with quantum 
field theory; see Mandl and Shaw, Quantum Field Theory, Revised 
Edition, Wiley, 1993, Chapter 5. 


matter: Highly condensed 3-spatial energy, compressed by factor c” and 
remaining in 3-space, and with the observation process d/dt having been 
applied to the fundamental masstime entity to provide mass as a frozen 
3-space snapshot by stopping the flow of time momentarily. Matter, of 
course, has internal structure, order and organization, and dynamics. All 
matter is in a continuous energetic exchange with its active vacuum (4- 
spatial) environment. Matter stripped of its EM fields, waves, and 
potentials is called mass. Mass is an observable and therefore a frozen 
series of continual 3-space snapshots, formed by incessant photon 
absorption to change the mass m to masstime mf, with following incessant 
photon emission to change masstime mt back to mass m. 


Maxwell, James Clerk: Brilliant Scottish scientist, 1831-1873, who first 
formulated the unified theory of electricity and magnetism. See The 
Scientific Papers of James Clerk Maxwell, 2 vols. bound as one, edited by 
W. D. Niven, Dover, New York, 1952, Vol. 1, p. 526-597 for his definitive 
paper, "A Dynamical Theory of the Electromagnetic Field," first published 
in Royal Society Transactions, Vol. CLV, 1865. In that paper, (see Niven's 
book) his general equations of the electromagnetic field are given in Vol. 
1, Part II, "General Equations of the Electromagnetic Field," p. 554-561. 
On p. 561, he lists his 20 variables. On p. 562, he summarizes the different 
subjects of the 20 equations, being three equations each for magnetic force, 
electric currents, electromotive force, electric elasticity, electric resistance, 
total currents; and one equation each for free electricity and continuity. 


Maxwell's famous book, A Treatise on Electricity and Magnetism, Oxford 
University Press, Oxford, 1873, Second Edition 1881 (Maxwell was 
already deceased), Third Edition, Volumes 1 and 2, 1891. Foreword to the 
second edition was by Niven, who finished the work. Maxwell had 
dramatically rewritten the first nine chapters to simplify his mathematics 
because of the resistance to it, with much new matter added and the forma 
contents rearranged and simplified. Maxwell died before finishing the rcsl 
of the second edition. The rest of the second edition is therefore largely a 
reprint from the first edition. The third edition edited by J. J. Thomson was 
published in 1892, by Oxford University Press, and later was published 
unabridged by Dover Publications, New York, 1954. J. J. Thomson 
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finished the publication ofthe third edition, and wrote a "Supplementary 
Volume" withhis notes. Asummary of Maxwell's simplified equations are 
given in Vol. II, Chapter IX ofthe third edition. However, Maxwell had 
gone (in his second edition) to some pains to reduce the quaternion 
expressions himself, andnotrequire the students to know the calculus of 
quaternions (so stated on p. 257). We note that Maxwell did not finish the 
second edition, but died before that. He actually had no hand at all in the 
third edition as to any changes. The Second edition was later finished by 
Niven by simply adding the remaining material from the previous first 
edition approved by Maxwell. The printing ofthe first nine chapters of the 
thirg edition was already underway when J. J. Thomson was assigned to 
finishtheeditingofthemanuscript. 


Maxwell's work profoundly affected the course of science andthe course 
of human history. Maxwell, Heaviside, Hertz, Gibbs, Lorcntz and others 
participated in dramatically curtailing Maxwell's original 1865 quaternion 
theory to the much more limited subset that it is today. Since the early part 
of the 20th century, work has slowly been ongoing to move EM theory 

backtoahigher groupsymmetry theory, whichironically italready was 
whenMaxwellfirstcreatedit. 


Maxwell's electrodynamics: Simply put, Maxwell'stheoryof 
electrodynamicsconsistsofMaxwell'sequations.Hisfundamentaltheory 
consisted ofsome 20 quaternionequationsin 20unknowns, appearingin 

his 1865 paper. After Maxwell's death and some curtailment by Maxwell 
himself, Heaviside modifiedandsharplycurtailedtheseequations,intothe 

familiar four equations oftoday, as did Gibbs and Hertz. Lorentz further 
curtailedtheMaxwell-Heavisideequations,bysymmetricallyregauging 
them. This simplified their mathematical solution, but it also inadvertently 
and arbitrarily discarded all open Maxwell systems far from 
thermodynamic equilibriumwiththeiractiveenvironment(suchasthe 
modernactive vacuum).SeeJamesClerkMaxwell. 


Maxwell's Theory, fluid dynamics analogy: Considering and adapting 
the fluid analogy approach of James Clerk Maxwell: The intensity of the 
vacuum virtual particle flux may be treated as the intensity ofa potential, 
thus by analogy corresponding to pressure in a fluid. Polarity (charge) isa 
processforestablishingachangeintheintensity ofthe vacuumpotential 
- and thus a change in the ambient pressure ofthe vacuum fluid. 
Diffence between vacuum pressures at two separated points creates a 
force uponany charge placed between those two points. Just as a 
differential in pressure between points in a fluid induces currents, a 
differential in vacuum pressure induces energy flow currents in the 
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vacuum fluid, which are called ‘fields’. All EM circuits, charges, potentials, 
and forces in electrodynamics involve altering the vacuum to include 
altering its pressure and thereby producing the forces the resulting pressure 
gradients (fields) induce upon charges. All observable EM energy in space 
is EM energy intercepted and collected on charges, or assumed to be, and 
the spatial EM energy comes from the vacuum via these fundamental 
vacuum-engineering dynamics which all involve the giant negentropy 4- 
circulation between the time domain and 3-space. 


Michelson, Albert Abraham: German-born American physicist, 1852- 
1931, who invented an interferometer (Michelson interferometer) named 
after him. Michelson used his interferometer in a renowned experiment in 
the 1880s designed to measure the velocity ofthe earth through the ether, 
which would produce a shift in his interferometer pattern. No such shift 
was observed, which indicated the absence of an ether wind and was 
largely responsible for the downfall of the concept of the material ether 
that had been previously assumed, including by Maxwell. 


motionless electromagnetic generator (MEG): Transformer-like 
COP>1.0 electrical power generator invented by Patrick, Bearden, Kenny, 
Hayes, and Moore, ""Motionless Electromagnetic Generator," U.S. Patent 
# 6,362,718, Mar. 26, 2002. A second patent application is processing and 
several more are in preparation. In particle physics, any dipole (including a 
permanent magnet) is a known asymmetry in the fierce vacuum flux, 
continuously pouring out real EM energy extracted from the vacuum. The 
MEG continuously powers its transformer section core with a permanent 
magnet dipole, more than doubling the EM energy made available from the 
active vacuum via the permanent magnet dipole's broken symmetry in its 
exchange with the vacuum. [See M. W. Evans, P. K. Anastasovski, T. E. 
Bearden et al., "Explanation of the Motionless Electromagnetic Generator 
with O(3) Electrodynamics," Found. Phys. Lett., 14(1), Feb. 2001, p. 87- 
94; "Explanation of the Motionless Electromagnetic Generator with the 
Sachs Theory of Electrodynamics," Found. Phys. Lett., 14(4), Aug. 2001, 
p. 387-393]. The MEG nanocrystalline core material extracts the magnetic 
field B of the permanent magnet from the surrounding space and localizes 
it in the core material. The active vacuum asymmetry freely replenishes 
the withdrawn magnetic B-field energy in space surrounding the core, but 
with uncurled magnetic vector potential A rather than magnetic field B. 
This is an application of geometric phase, specifically the well known 
Aharonov-Bohm effect, with several thousand papers in the literature. The 
MEG then transduces and outputs magnetic B-field energy inside the core 
material and some of the field-free magnetic vector potential A energy in 
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space surrounding the core, effectively having available more than double 
the energy being made available from the permanent magnet, or normally 
available to a transformer. The output power of the MEG is a function of 
(i) the time rate of change ofa small amount of input EM perturbation 
energy to the input coil, plus (ii) the intercepting and collecting secondary 
charges available in the secondary coil, (iii) additional energy from chaotic 
oscillations, (iv), sophisticated feedforward andfeedbackregenerative 
self-oscillations, and(v) the geometric phase (Aharonov-Bohmeffect). It 
thus is a rigorous practical application ofthe geometric phase effect to a 
macroscopic power system, and in fact is the first such application in 
practical electrical power systems. The noted feature of the MEG is a 
purely electrical interaction in the output coils, in which the voltage and 


energy are in phase within 2°, differing from all other transformer-like 
systems. Thusthe MEGdirectly deliversreal powerratherthanapparent 
power.See Aharonov-Bohmeffect. 


multicollection (ofenergy): Multiple collection and re-collection ina 
circuit of the same energy flow from a source dipole, by rerouting either 
(1) the dissipated Poynting energy back around to the collectors for 
anotherpass bythem, withadditionalcollection, or(2)retroreflecting the 
nondiverged Heaviside EM energy flow component back and forth across 
the surface charges in the circuit conductors, iteratively diverging 
additional energy into the conductors to potentialize and power the Drude 
electrons, or(3)acombinationofthetwo. Theinterestingpointisthatthis 
effect can "use" the same energy to do repeated work, multiple times. It 
takes advantage of the fact that work is merely the change of form of 
energy, andthatthenew formcanagain bechanged (asforexample, back 
into the first form again) to do additional work, again and again so long as 
the energy ineachtransformationisheld inthe system withoutescaping. 
Thisprocess permissibly violatesclassical equilibrium thermodynamics 
and its infamous second law, since it is an open system freely receiving 
excess energy fromits active environmentand thus farfrom equilibrium 
withthatactiveenvironment. Asis wellknown, suchsystemsare 
permitted toexhibitCOP> 1.0andevenself-powering ofthe systemandits 
load simultaneously. 


negativeabsorptionofthemedium: Excessemissionfromanactive 

medium, as inthe Letokhov workandin Bohren'sexperiment. Theexcess 
energy is first absorbed from the vacuum interaction (actually from 
Heaviside'sunaccountedenergy flowcomponent thatusually does not 
interact with the system), and then it is re-emitted. This is actually a true 
"Maxwell'sdemon," aspointedoutbyLetokhov. 
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negative resistor: Any component or function or process in an EM system 
that freely receives energy from outside the system in unusable or 
disordered form within the system, transduces that energy into usable 
form, and outputs it so that it can do useful work. In a true negative 
resistor, that is the net function performed. We specifically do not include 
“differential” negative resistors such as the tunnel diode, thyristor, and 
magnetron, which dissipate and disorder more energy from the system 
itself, overall, than the fraction that they order and furnish back to the 
system in their negative resistance regime. In anti-circuits, true negative 
resistors are quite natural components. Every charge and dipole in the 
universe is already just such a negative resistor, freely extracting unusable 
EM energy from the seething vacuum, transducing it, and continuously 
pouring out real observable EM energy in all directions in 3-space. A 
negative resistor can produce the five magic functions: (i) self-ordering, 
(ii) self oscillation or self-rotation, (iii) output more energy than the 
operator inputs, (iv) power itself and its load freely, and (v) exhibit 
negentropy. The condition for self-powering of a system containing a true 
negative resistor was given by Gabriel Kron. 


negentropic: Functioning to produce or involve negentropy; reordering 
previously scattered energy without requiring the operator to input energy 
to perform the reordering. A simple example is passive retroreflection of 
radially scattered EM energy. The conventionally unaccounted enormous 
and nondiverged Heaviside energy flow component surrounding every 
circuit and every field/charge interaction is an example of a dynamically 
reordered and organized energetic vacuum, and thus an example ofa giant 
negentropy process. The continuous observable EM energy freely pouring 
at the speed of light from every dipole and charge in the universe is also an 
example of the giant negentropy process. 


negentropic engineering: Expending a little bit of energy to form a 
dipolarity, and then intercepting, collecting, and using some of the 
enormous EM energy freely and continuously extracted by the dipolarity 
from the vacuum, indefinitely, without using any of the extracted EM 
energy to scatter the charges in the dipole and destroy it. Retaining the 
dipole intact avoids shutting off the furnishing of copious free energy flow 
from the vacuum to the attached external circuit. As an analogy, it allows 
an electrical windmill operating in (driven by) a free electrical wind from 
the external environment of the system. 


Newtonian recoil: Newton's third law reaction from the affected entity 
back to and upon the effecting entity. The "action" is the action from the 
effecting entity upon the affected entity. The "reaction" is the action from 
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the affected entity back upon the effecting entity. Newton's third law 
actually implies that the cause interacts upon the effect and the effect 
reacts equally back uponthe cause, thus producing a strange kind of 
equilibrium. Inatime-reversal zone, the "recoil" is reversed in direction by 
parity reversal. Tentatively, one may interpretfrom pumped phase 
conjugation thatthe Newtonian third law reaction ofone single acting 
force can be amplified by properly directing the actions of other acting 
forces. An interesting aspect is that apumped phase conjugate mirror does 
not recoil, no matter how powerfully it is pumped or how powerfully 
amplifiedis the emitted phase conjugate replica wave. 


Newton's third law: For every action there is an opposite and equal 
reaction. Thislawshouldbeextendedand restated something likethis: 
"forevery actionthereis an opposite and equal reaction ifthe causative 
mechanism ofthe reaction is allowed to occur without interference and is 
not first redirected away from its target." An example ofa violation of 
Newton's thirdlawasusually statedis providedby theemissionofaphase 
conjugatereplica(PCR) wavefromaphaseconjugate mirrormaterial.No 
matter how powerfully pumped, the PCM does not recoil by the emission 
of the PCR wave. The reason is that the antiwave cause of Newtonian third 
law recoil wasinterceptedby nonlinearmultiwaveinteraction(wave-to- 
wave interaction) before reaching its target nuclei andinteracting with 
them, and was diverted away from the atom and on out of the phase 
conjugate mirrormaterial. Sincethe causativemechanism for Newtonian 
recoil did not occur on the mass of the mirror, the mirror did not recoil. 
We also point out that, if Newton's third law is indeed engineerable and 
controllable, thenCOP> 1.0systemsandself-powering EM systems are 
permissibleapriori. Inelectricalsystemterms, this simply meansthat, if 
one can rid the system of its equal back emf or back mmf, the system can 
belegitimately self-poweringbecauseitno longer self-enforcesthe 
Lorenz-Lorentzsymmetricalregauging condition. 


non-Abelianelectrodynamics: Anelectrodynamicsbasedonagroup 
theory in which the group operation is not commutative and hence not 
Abellianinnature.Contrasttoan Abelian group in whichthe group 
operationiscommutative. 


nonequilibrium thermodynamics: Colloquial term referring to the newer 
thermodynamics ofself-organizing systems andstructures, farfrom 
euilibriumintheirenergeticexchange withtheiractiveenvironment, 
Since the 1960s, there has emergedin physics (andin thermodynamics!) 
this surprising new area: the physics of far-from-equilibrium systems and 
the self-organization and large-scale ordering ofsuchsystems. The 
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equilibrium conventionally referred to is 3-space equilibrium, with no 
consideration of temporal equilibrium, although some pioneers of the field 
such as Prigogine are quite aware of the temporal disequilibrium also 
involved. Note that such "3-disequilibrium" thermodynamical systems are 
also in temporal energy flow disequilibrium as well as 3-disequilibrium, 
but overall are still in 4-equilibrium energetically. See giant negentropy 
(of the dipole). For a necessary thermodynamics discussion, see Appendix 
A in this book. 


nonlinear material (optical): A substance whose optical properties vary 
with the intensity of the light. 


nonlinear optical functioning: Functioning in a manner prescribed by 
nonlinear optics and quantum optics, particularly with respect to time- 
reversal effects, use of phase conjugate mirrors, phase conjugate reflection, 
wave-to-wave interaction, and pumping for amplified phase conjugate 
reflection. To quote Knight, "A phase conjugate mixing device has 
remarkable optical properties: perfect retroreflection, the complete 
cancellation of optical aberrations and inhomogeneities in wavefronts, and 
the ability to reverse an optical beam and return it to its source." A most 
interesting modern science, eventually adaptable to COP>1.0 systems, is 
developing in the study of intensely scattering optical materials. 


nonlinear phase conjugate optics: See phase conjugate optics. 


nonlocalization: Producing or rendering an effect or effect-producing 
agent at a distance, rather than at the immediate location of the effector. 
Extended throughout a large region or system, or to a distant part of a large 
region or system, rather than being confined to a small region of the large 
region or system. Nonlocalization effects are absolutely prescribed in 
quantum mechanics, and are experimentally confirmed. They have been 
largely ignored in classical electrodynamics and electrical engineering. 
Nonlocalization can result from the existence and use of a multiply 
connected space, as in Bohm's quantum potential and hidden variable 
theory. Engineering of action at a distance by engineering the quantum 
potential through multiply connected space gives one method of energy 
amplification. This method has unfortunately been secretly weaponized In 
five nations ofthe world, and none ofthe technology is available for use in 
electrical power systems for energy amplification and solving the energy 
crisis. 


non-Riemannian geometry: Riemannian geometry is the geometry of 
Riemannian manifolds — i.e., manifolds having an infinitesimal squared 
distance ds that is everywhere positive. A non-Riemannian geometry 
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violates this property. [A manifold is a topological space with certain 
prescribedcharacteristics. ] 


nucleons: A collective name for the neutrons or the protons in a nucleus. 
In the nucleus, the neutrons and protons are continually changing one into 
the other by exchange ofthe charge. What is called a neutron and what is 
called a proton is thus somewhat arbitrary, so long as one makes arule and 
stands by it. The interesting thing is that, in anucleus, there is already 
continous and highly rapid transmutation activity between nucleons, all 
the time, without giantaccelerations and operator input of very intense 
spatial energy. In short, nature shows in all matter that matter can be and is 
continually transmuted from instant to instant, and is "constant" only on 
the "average". Since most present models used for this are statistical rather 
than causative, it strongly suggests that we should look for a causal 
mechanism. Theuse ofthetime-reversal zone andtime-energy has been 
nominated in this book as providing acausal mechanism for transduction, 
which can be directly engineered. It appears that cold fusion research 
already accomplishestransmutationsusingthesuggestedmechanisms, 
Several specific nucleartransmutationreactions applying thenew 


mechanisms, andconsistent withhundredsofcoldfusionexperiments, are 
giveninthepresentbook. 


O(3)electrodynamics: Anelectrodynamics extended from atwo- 
dimensionalinnergroupsymmetrytoa3-dimensionalinnergroup 
symmetry.O(3)electrodynamicsalsobecomesanimportantsubsetof 
Sachs' unified field theory. The inner group symmetry of O(3) can be taken 
as normal space, whichimmediately opens up engineering the vacuum and 
using spaetime curvature engines to directly engineer matter forus. 


open system: A system that communicates with its environment, and 
exchangesenergy,matter,orbothbetweensystemandenvironment. With 
the possible exception ofa few theoretical or hypothetical systems, all 
systems in the universe are in fact open systems. An open system may be 
in equilibrium with its active environment, so that it cannot accept, store, 
and utilize any excess energy from the environment. Another open system 
may be in disequilibrium with its active environment, in which case it can 
accept, store, andutilizeexcessenergy fromtheenvironment. Whenthe 
operator inputs EM energy into an open equilibrium system, he 
automatically breaks its equilibrium condition with the external active 
environment, decreasing the system's entropy. This is an excited state, and 
the system will subsequently decay back to equilibrium (maximum 
entropy) condition by emitting or dissipating its excess energy. The reader 
interested in the thermodynamics should read Appendix A in this book, 
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since the thermodynamics definition (or misdefinitions!) of "closed 
system" actually permits the system to be open with respect to energy 
exchange with its active environment — either in equilibrium or 
disequilibrium — and only prohibits exchange of mass across the system 
boundaries. By that definition, a "closed system" can be far from energy 
flow equilibrium with its external environment, and hence permitted to 
perform COP>1.0 or even COP = oo. Hopefully our discussion in Appendix 
A will clarify the position we have taken on this matter. 


optical switching: Switching of optical signals, or switching using optical 
frequency switching techniques, components, and circuits. 


orthodox transistors: Ordinary transistors in use today, i.e., as contrasted 
with the Fogal semiconductor and its special functions. 


orthogonal rotation: Simply speaking, a rotation from one direction to a 
direction at right angles to it. The Lorentz transform of special relativity, 
e.g., is a formula for the rotation of an object and all its parts away from its 
line of motion, as a function of the object's velocity, in a direction toward 
the time axis. The speed c just represents a full orthogonal turn, so that the 
projection intersection of the object with the observer 3-space, along the 
original line of motion, is zero. 


outfolding: Translation by a system of received input longitudinal EM 
waves entering inside its potentials and fields, into conventional EM waves 
present in the system and then output from it. The opposite of infolding. 


overpotential: Essentially the overpotential (as in an electrode in a 
solution) is a shift in the Fermi level necessary to allow the electron in the 
electrode metal to have energies overlapping with vacant acceptor levels in 
molecules adjacent to the electrode in the solution. The overpotential 
effect appears at small "double surfaces" of things in very close contact, 
particularly in electrochemistry and in solid state physics. The 
overpotential enables electron transfer, e.g., by tunneling. The 
overpotential increases with the log ofthe reaction rate that occurs at the 
overpotential location. For a small reaction rate, the overpotential is small; 
but for a small increase in the overpotential there occurs a dramatic 
increase of reaction rate. Fogal has utilized the overpotential effect in his 
semiconductor, to great advantage in accomplishing unusual charge 
blocking and other special effects. See tunneling. 


overunity coefficient of performance (COP>1.0): More energy out or 
work out of a system than the operator or experimenter must furnish and 
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input. The excess energy is input from the active environment. See 
coefficient of performance. 


parity: Deals with studying a system of a sequence of events as if the 
events were reflected in a mirror. A system has parity ifit undergoes no 
fundamental operational change ifreplaced with its mirror-reflected twin. 


partially time-reversed region: A region of spacetime in which an object 
temporarily experiences not only the ordinary forward flow of time, but 
also an extra induced backwards flow of time, usually a fraction of the 
time- forward time stream. It appears that the combination of the two is 
what constitutes time dilation in relativity. Ina mixed time-forward 
(photon interactions) andtime-reversed (antiphotonreactions) zone, if 
time-forward predominates, the law ofattraction and repulsion of charges 
is partially reversed, leading to overall reduction of the forces — which 
remain intheirusual directions. Ifthe time reversal predominates, the law 
of attraction and repulsion is reversed, and in that region like charges 
attract and unlike charges repel. Iftime reversal and optical pumping are 
combined, thereversed law forces ofattraction oflike charges and 
repulsion ofunlike charges are amplified also. 


particle physics: The branch of physics using accelerators to study high- 
energy particle collisions, to determine properties of atomic nuclei and of 
the elementary particles themselves. It appears that conventional particle 
physicists donotrecognize orconsidertime-energy interaction andtime- 
reversal zone nuclear interactions at all. Hence the present "high (spatial) 
energy" physicsisafarlower"total" energyphysicsthanisthephysics 
wheretime-energyis deliberately utilized. Whentime-energyisutilized, 
then the total energy of the photon varies inversely as a function of its 
frequency ratherthandirectly as afunction ofits frequency. Lower 
frequency photons have very much greater total energy than higher 
frequency photons. Forpracticalelectrogravitation, therefore, oneis 
interestedinlowerfrequency bandwidths suchastheELFregion. 


Pattersoneffect: Theintensemultiscattering, multipass, multicollectionof 
energy density flowinanassemblageofpalladium-cladspherical bead 
capacitors, asthe palladiumadsorbshydrogenions from thefluidin which 
the beads are immersed, and thereby charges up as a capacitor, becoming 
anenergy-flow generator, and nonlinearly increasing the energy-flow as 
the charge of the capacitors increases. 


Patterson Power Cell®: Patentedoverunity powerunitby James 
Patterson, which has been independently validated to yield COP> 1.0. 
However, continuing difficulty hasbeenexperienced with the palladium 
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An electromagnetic field uses the photon as an elementary particle to transmit force, It combines: 


-A magnetic field force resulting from the movement of loads pT. 
- An electric field force created by the attraction of repulsion loads, measured in volts per meter - V/m. 


With an energy determined according to the speed of light, the RF are by far the best medium to transmit any kind of information. 

The multiplication of wireless communications systems in our environment ensures sufficient microwave leakages to harvest from the ambiant and 
enough energy to convert into DC electricity. Electromagnetic fields are everywhere and since they carry energy, they became the best candidate to 
deliver an endless source of renewable energy. 

B is the magnetic induction expressed in T refered to Nikola Tesla, "Father of Free Energy", which is at the origin of the electromagnetism. 

Using meta-materials combined with nanotechnology has deeply increased the performance and miniaturization of rectennas embedded 


in K3OPS system. Our products operate autonomously, offering an endless supply of green energy in a respectful and environment- 
friendly approach. 
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metal used in the effect. See James Patterson, "System for Electrolysis of 
Liquid Electrolyte," U.S. Patent No. 5,372,688, issued Dec. 13, 1994. 
Patterson has several other patents in the area. 


perpetual motion machine: The rather archaic and dogmatic assertion 
that no machine can indefinitely operate, since no closed system can input 
its output power back to itself while powering a load, because powering 
itself and its load violates the equilibrium thermodynamics (i.e., the 
thermodynamics of a closed system). Every system is already an open 
system in a violent energetic exchange with the active vacuum, so the 
pronouncement is a non sequitur assuming a false straw man — that every 
machine is a truly closed system or is in energy flow equilibrium with its 
active environment and can be treated as if it were a closed system. (The 
thermodynamic definition of "closed system" is misleading; it refers to a 
system where no mass exchange crosses the system boundary, but energy 
flow exchange can and does freely cross it. See Appendix A to this book 
for a proper discussion). Further, the equilibrium thermodynamics cited 
does not necessarily apply to either an open thermodynamic system far 
from energy equilibrium, or to a closed thermodynamic system in energy 
flow disequilibrium, as is now well known. After all, a common windmill 
will operate so long as there is a wind or until something breaks. But since 
it involves a mass flow across the system boundary, it is said to be a true 
open thermodynamic system. In electrodynamics, a closed system (with no 
matter exchange across its boundary) can yet have copious energy flow 
exchange across its boundary, and thus be far from EM energetic 
equilibrium with its external active environment. The charges and the 
dipoles in matter operate in a free "time-energy flow wind" and virtual 
particle flux wind in the vacuum, which are constant and unfailing, and 
thus charges and dipoles have been freely and continuously outputting real 
EM energy flow into 3-space for some 14 billion years. All assertions that 
overunity EM systems are perpetual motion nonsense are completely 
refuted by every charge and dipole in the universe. To repeat such 
gibberish only reveals the ignorance ofthe person making the improper 
assertion. 


Ironically, those dogmatists fond of hurling perpetual motion labels at 
overunity researchers already recognize the overunity legitimacy of open 
systems far from thermodynamic equilibrium with their active 
environment; they refer to such systems as false perpetual motion 
machines oxfictitious perpetual motion machines. All of them also accept 
the classical electrodynamics assertion of the source charge, from which 
all EM fields and potentials and their energy come. So the very dogmatists 


702 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


so confidently pontificating that perpetual motion machines are ludicrous, 
themselves already implicitly accept that every charge and dipole in the 
universe is precisely such a perpetual motion machine, freely and 
continuously creating energy right out of nothing. No legitimate free 
energy researcher in his wildest nightmares has proposed such perpetual 
motion machines on such auniversal scale. The greatest perpetual motion 
nuts on earth are precisely those pundits so confidently castigating the 
notion that an electrical system can output more energy than the operator 
himself must input. We will have a modicum oftolerance and respect from 
them, when they can demonstrate how they can purge all those "perpetual 
motion charges and dipoles" -—andall their EM fields and potentials — 
from their own accepted electromagnetic model. Obviously ifthey do that, 
they simply destroy all EM energy in space, in systems, and in the entire 


universe. Thisisthe absurdity ofthe positionthese pundits advocate so 
ignorantly. 


phase conjugate: Ofan entity: its time reversal. For waves: often referred 
toas wavefrontreversal. 


phase conjugate mirror: A nonlinear material which, when provided with 
an input wave, emits aphase conjugate replica (time reversedreplica) of 
that input wave. The input wave is by practice called the signal wave. The 


time-reversed. wave output is by practice called the phase conjugate 
replica. 


phase conjugate optics: That portion ofnonlinear optics dealing with 
multiwave mixing, formation oftime-reversed waves, phase conjugate 
reflection(PCR), phaseconjugatemirrors(PCMs), pumping PCMsto 
amplify theiremitted PCRs, nonlinearinterferometry, distortion 
correction, self-targeting, lasertracking, adaptiveoptics,andsoon. 


phaseconjugatereplica(PCR): Ofawave: thetime-reversedduplicate 
ofa signal (input) wave, afterits detection by interaction with charge. We 
pointouttheremaystillbesome foundations difficulty, however, withthe 
forminwhichthephase conjugatereplicawaveexistsinspacetimeprior 
toitsinteraction withchargeandpriortoits observation(observing the 
effectofitsinteractionwithchargedmatter).Indeed,thereisvery serious 
foundations difficulty withthe very notionofanEM transverse wavefront 
in space, traveling at the speed of light, for no such thing exists. See 
Robert H. Romer, "Heat is notanoun,"Am. J. Phys., 69(2), Feb. 2001, p. 


107-109. This is an editorial discussion by the Editor of AJP of the concept 
of heat in thermodynamics, where heat isnotasubstance, nota 


thermodynamic function of state, and should not be used as anoun. In 
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endnote 24, p. 109, he also takes to task "...that dreadful diagram 
purporting to show the electric and magnetic fields ofa plane wave, as a 
function of position (and/or time?) that besmirch the pages of almost every 
introductory book. ...it is a horrible diagram. 'Misleading' would be too 
kinda word; 'wrong'is more accurate. " "...perhaps then, for historical 
interest, [we should] find out how that diagram came to contaminate our 


literature in the first place." 


phase conjugating action: In nonlinear optics, the process or action of 
producing a time reversed replica of an input wave._For a particle, 
producing its antiparticle. For a living cell, dedifferentiating it back to 
some previous form, genetics and all. In the presence of a predominately 
time-reversal zone, however, the cell is in a predominately phase 
conjugating mode a priori. Phase conjugating it a second time converts it 
from dedifferentiating to redifferentiating mode. We hypothesize that these 
combinations are the actual mechanisms generating cellular 
dedifferentiation and redifferentiation in the cell, tissues, and body. A 
future book will address that issue; meanwhile, see the 119-page "porthole 
briefing" on the author's website, www.cheniere.org. 


phase conjugation: In nonlinear optics, the novel nonlinear mixing of 
waves which generate an output wave — called the phase conjugate 
replica or time-reversed replica — that precisely retraces the path 
previously taken by the input wave that stimulated the action. 


phonon: A quantum of the lattice vibration energy in a crystal. This 
mechanical vibration energy is considered a field, and the phonon is the 
quantum of that mechanical energy field. Lattice vibrations in a crystal 
thus are characterized by waves in the lattice, where the waves are 
comprised of ordered phonons. Interesting effects occur between electron 
currents and phonons, due to electron-phonon interaction. 


photon: In physics, the basic action quantum. Conventionally considered 
to be the basic quantum ofthe EM field. There is a foundations problem 
with the latter concept, because of the dichotomous use of "field" for both 
the effect force field in 3-space after observation (detection) and the causal 
force-free field in 4-space prior to observation (detection). Strictly 
speaking, the photon is the quantum of the causal 4-space massless field, 
since the photon possesses both spatial EM energy and time increments. In 
curved spacetime, the photon may possess mass because the time flow is a 
mix of time-forward and time reversal, and thus cause and effect are 
slightly intermixed as well. We point out that, in a negatively curved 
spacetime, the photon mass is negative, the photon energy is negative, and 
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the photon fields are negative energy fields. Presently the negative energy 
photons do not appear to be utilized in physics except haphazardly ifat all. 

This may represent a large class of photon interactions with matter that 
havebeeninadvertently omitted. 


ping-pong: Colloquialterm foriterativeretroreflection. 


pinned electrons: Electrons held stationary by a magnetic field, or other 
set of forces that react to "push them back into their positions and hold 
them fast" whenever they try to spatially move away. 


pinning: The act of restricting (by restoring forces and fields) spatial 
movement (particularly ofelectrons) due toa disturbing magnetic field or 
otherexternal force. 


polaron: Anelectron ina substance, where the electron is trapped ina 
potential wellduetopolarizationchargesonsurroundingmolecules. The 
exction in a substance is analogous to an exciton in asemiconductor. 


positron: Anantielectron(time-reversedelectron), possessing apositive 
chargeandpositivemass.Mathematicallyanempty negativeenergy 
electron state in the Dirac sea whose usual occupying electron has been 
removed, leaving afour dimensional "Dirac seahole," may also be 
regarded as a positron for many purposes, at leastafter observation 
resulting from interaction with matter, so long as the remarkable 
difference ofthe Dirac 4-hole priorto observation fromthe Dirac3- 
positron after observation is understood. Mathematically, the lattice hole 
previously occupiedbyanelectroncanbeconsideredapositron-equivalent 
(i.e., as if observed), again so long as the real differences are kept in mind, 
between a Dirac hole before observation and what results after its 
observation by interaction with mass. This is important, because otherwise 
one is again substituting the effect for the cause. In addition, ifthe two are 
confused, then one also arbitrarily discards the negative energy fields and 
negativeenergy potentialsofthesource4-holeinthe vacuum priorto 
observation. Thateffectively discards anti-circuitsandtheability to 
engineer practical electro antigravity. 


power: In physics, the time rate at which work is done (at which the form 
ofenergyischanged). Inelectricalengineering, theterm" power" is 
erroneously butubiquitously alsousedto loosely mean "energy." Hence 
such odd and improper expressions as "draw power from the source," 
which is anon sequitur. Nonetheless, such non sequiturs are so universally 
utilized in electrical engineering that they have become a part of the 
literarure itself. 
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Prigogine, Ilya: Noted Belgian chemist and Nobelist, and one of the 
pioneers of the thermodynamics of open systems far from thermodynamic 
equilibrium. Prigogine was awarded the 1977 Nobel Prize for his work on 
the theory of dissipative structures in nonequilibrium thermodynamics. 


Poynting, John Henry: An English physicist who lived from 1852-1914, 
whose contributions to electromagnetics included the energy flow theory 
now known as Poynting flow. He contributed the Poynting theorem, which 
states that the rate of EM energy loss in a specific region of space is equal 
to the sum of the dissipation rate (heat loss) flowing across the boundary 
of the region. Concurrently with Oliver Heaviside, Poynting conceived the 
notion that energy flowed through space, which previously had not 
appeared in physics. Heaviside actually published first, but obscurely; 
Poynting published in a prestigious journal, so the theory came to be 
known as "Poynting theory." 


Poynting energy: A loose term (not rigorous!) used to loosely describe the 
flow through space of Poynting energy density S = ExH, which is that 
component of the total energy flow in space that will be intercepted and 
collected by the intercepting charges, circuit, etc. It actually describes not 
the energy flow density per se, but the component of it that would be 
intercepted by a unit point charge, or that actually enters an intercepting 
circuit. Poynting started with the assumption of the component of the 
energy flow that enters the circuit, a priori. Only the work of Heaviside 
considered the remaining component of the energy flow that is not 
intercepted by the charge or by the circuit. Because of the startlingly great 
magnitude of this remaining nondiverged Heaviside component, Lorentt 
integrated the entire (Heaviside) energy flow vector around a closed 
surface surrounding any volume element of interest. This discarded the 
entire nondiverged Heaviside component, and removed any necessity of 
considering or explaining how every generator and battery already pours 
from its terminals up to 10'° times as much EM energy as the presently 
accounted energy input to the shaft of the generator or the chemical energy 
available in the battery. We believe that the discarded and unaccounted 
Heaviside nondiverged energy flow component accompanying every field- 
particle interaction is responsible for the puzzling excess gravity holding 
the arms ofthe spiral galaxies together. In short, we believe it is the 
solution to the "dark matter" problem, now often believed to be a "dark 
energy" problem. 


Poynting energy density flow: A somewhat more rigorous term used to 
describe the flow through space of the Poynting energy density flow 
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S = f{(ExH) componentthat wouldbeinterceptedbyaunitpointchargeor 
an intercepting circuit. 


Poynting energy flow: A loose term (not completely rigorous) used to 
describe the flow ofenergy derfsityf(ExH). Rigorously, both E and H 
are "defined" only after their reaction with a unit point static charge. Hence 
S is the resulting component of the overall energy flow that interacts with 
the charges (with the circuit) and is diverged into the circuit to power it. It 
is not theentire energy flow, which also includes a vast Heaviside 
nondiverged component that does not strike the charge and interact with it, 
and hence does not interact with the circuit butis just wasted. See 
Heaviside energy flow component and Poynting energy. 


Poynting generator: Colloquial term for any dipole or potential difference 
that represents a broken symmetry in the vacuum's virtual particle flux, 

and hence extracts virtual energy from that asymmetry, and gates it out as 
agushing energy flow in3-space. When both electric field and magnetic 
field are involved, the component of the energy flow that would be 
intercepted and diverged by a unit point charge is the Poynting energy 
flow S=f(ExH). 


Poynting vector: The vector S, giveéra§ E x H), used to represent 
the Poynting (intercepted and collected by a unit point coulomb) energy 
density flow component. In Heavisidc's vetsio®, x H + G, where G 
isanenergy circulation flow term of trapped EM energy flow. Heaviside 
later realized that such aclosed energy circulation flow exhibits substantial 
gravitational effects; in modern terms we would say that it represents an 
appreciable local curvatureofspacetime. Unpublishednotesonthe 
gravitational aspects were found beneath a floorboard in his little garret 
apartment, yearsafterhis death. Wealsopointoutonelimitationofthe 
present use of the Poynting vector: Ithas rather universally been 
associated only with the flow of positive EM energy, and not with the flow 
of negative energy. Indeed, the concept ofnegative EM energy is still 
consufed, with different views and positions, andstillindebate without 
completescientificconsensus. 


PPCM: Pumped phaseconjugate mirror. A phaseconjugatemirror 
material that has introduced toit appositive or" pump" waves (in other 
words, stress waves). Ineffect, pumpingis "stressing" or"squeezing" 
ryhtmically. Itisalsovaryingastress potential, whichemits longitudinal 
EM waves, eachaccompaniedby acorrelated scalar (time-polarized) 
wave. In the phase conjugating process, up to all the energy in the pump 
waves can be output as the energy in the emitted phase conjugate replica 
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wave. Thus the PPCM may be viewed as an amplifier, very similar to a 
triode. When the time-components of the photons in the signal wave input 
and also in the pumping waves are considered, then there is a functioning 
of the pumping also ongoing in the time-domain. There is a rhythmic 
variation of stress in the time-domain also, which creates the correlated 
time-polarized EM wave accompanying the longitudinal wave from the 3- 
space pumping. 


So the time-reversal aspect (formation of the phase conjugate replica 
wave) may be thought of as a rhythmic time-stress wave (pumping or 
stressing in the time domain) which, by alternately decreasing and 
increasing the time potential of the mirror, produces two temporal force 
effects. During the decreases in temporal potential of the mirror, the time- 
force from the input wave and from the pump waves is forward into the 
mirror material, allowing the input and interaction of these waves. During 
the increase in temporal potential ofthe mirror, a reversed temporal force 
from the mirror back to the past (temporal potential earlier in 4-space) of 
the input "signal" wave. The pumping energy (excess temporal potential 
energy) adds the gain to the phase conjugate replica wave, 


probability: The probability of a simple event is the ratio of the number of 
times it occurs to the total number of trials (for a large, essentially infinite 
number of trials). Note that "trials" constitute things that have occurred 
(are past, have been observed). Probability has resisted rigorous logical 
definition by Aristotelian logic; the reason is that it is an expression of the 
fourth law, the identity of opposites. Probability is an expression of the 
future (that which has not occurred) in terms of the past (that which has 
occurred). Consider throwing a die to land with one face up. Thinking of 
the event (as if it has just occurred, in terms of the most recent past), one 
can conceive six ways of looking at it. In other words, one can conceive of 
six "most recent pasts", however, these have not occurred. We were 
merely thinking of them as ifthey had occurred. By the fourth law, the 
total "most recent pasts that have not occurred" is identical to the "most 
immediate future" that has not occurred, on the common boundary 
between past and future. If one therefore collects all six "most recent pasts 
not occurred" they turn into the most immediate future, by the fourth law 
of logic. One may argue that only a single one of the events will actually 
occur. Here one counters with the observation that, when it occurs, it is the 
past, not the future, and then it has not been collected so as to move to the 
boundary. In theory, the hidden variable approach makes it possible to 
directly engineer those probabilities while the Schrodinger wavefunction is 
still propagating and has not yet collapsed to constitute an "observation." 
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Le., it is theoretically possible to engineer Wheeler's "pre-reality," and 
determine in advance just which of the outcomes will occur. 


Puthoff, Harold: Noted physicist active in a variety of fields and 
investigationsincludinginpsychoenergetics,extendedelectrodynamics, 
energy fromthe vacuum, inertia, antigravity, parapsychology, remote 

viewing, psychokinesis, zero-pointenergy of the vacuum, andcosmology. 
Weareparticularlyimpressed with Puthoffs cosmologicalfeedback 
principle. Together with Cole, Puthoffalso proved that thermodynamics 
does not prohibit extracting usable EM energy from the active vacuum. 
See Daniel C. Cole and Harold E. Puthoff, "Extracting Energy and Heat 
fromthe Vacuum," Phys. Rev. FE, 48(2), Aug. 1993,p. 1562-1565. 


QM vacuum: Thequantum mechanical vacuum, which models the 
vacuumasan intense flux of virtual particles,eachappearing and 
disappearing insuchextremely shorttimeintervalsastobeunobservable 
individually—althoughasphysicsdevelops, from time-to-time whatis 
observablechangesbecauseofincreased observationtechniques. Violent 
fluctuations ofextremelyshortdurationconstantlyoccurinthe QM 
vacuum flux. Various calculations estimate the energy density (inmass 
units) asup to 10*°-10” grams per cubic centimeter (in mass density 
units), or even greater. The vacuum is sometimes described as two separate 
components: (1)theambientoraverage vacuumindeepspace, whichcan 
betaken as ascalar potential having an enormousenergy density, and (2) 
the fluctuations superposed upon the ambient vacuumas local violent 
potential energy changes. Finally, we note that any EM potentialina 
system is aprioriachange to the local vacuum scalar potential. 


quantized: Adjective which means (i) reductionofsome observable 
quantity to multiples ofsome small, indivisible unit, or, (ii)expressedin 
terms of quantum theory. 


quantum: A single "particle" ofthequantity action(angularmomentum). 
Often confused as asingle quantity ofenergy alone. 


quantumelectrodynamics: Thetheoryofphotonsandelectrically 
charged particles and theirinteractions. Theuseoftheterm "quantum" 
implies thatthe EMradiation'sdiscretephotonnatureissignificant, sothat 
quantum theory mustbeemployed. 


quantum field theory: A quantum mechanical theory in which"...a 
phsyica1 heldisconsideredasacollectionofparticlesand forces, and 
observable properties ofan interacting system are expressed as finite 
quantitiesratherthanstate vectors." [DictionaryofScienceand 
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Technology.] More simply (after Davies, The New Physics, 1989): "The 
theory that describes the quantum effects of a classical system of fields 
defined on space-time and satisfying various partial differential equations.' 
Particles are taken as quanta of fields similar to photons being quanta of 
the electromagnetic field. Each type of particle is represented by an 
operator that obeys certain commutation laws. The theory relates gluon 
fields and intermediate vector boson fields to the strong and weak 
interactions, and allows an overall theory of fundamental particles and 
their interactions. 


quantum potential: A special potential added to the Schrodinger equation 
by Bohm in his hidden variable theory of quantum mechanics. The 
quantum potential is a multiply connected entity, so that it "occupies" 
widely separated but multiply connected points, events, or objects. It is 
also an extraordinary energy amplifier, since any energy input to one of the 
multiply connected points simultaneously and instantly appears in every 
other connected point, regardless of distance or location in the universe. In 
real life, the quantum potential also has a "coefficient of multiple 
connectivity", so that only a fraction of the energy input to one multiply 
connected point will appear in the other points of the multiple connection 
group. The quantum potential has been strongly weaponized by five 
nations, and quantum potential weapons are the dominant weapons on 
earth, being more powerful than nuclear weapons. In theory the quantum 
potential together with engines and antiengines could be used to treat and 
cure a given disease in all persons on earth simultaneously, or in one 
nation or area simultaneously. Sadly, engines have been developed to 
generate diseases in a targeted populace, rather than engines to heal the 
populace. Russia and Brazil have had the quantum potential weapon for 
some time, as have two nations friendly to the United States. In 2001, 
China also deployed the quantum potential weapon. 


quark: Fundamental particle theorized to comprise hadrons (particles such 
as protons, neutrons, and mesons) by combining in twos or threes. There 
are six varieties of quarks. The difference between a proton and a neutron, 
e.g., is merely the orientation ofa single quark. In a time reversal zone 
(TRZ) in the electrolyte in cold fusion experiments, the gluon forces can 
be significantly reduced, so that the quarks are nearly freed. Two protons 
(H+ ions) can attract together in a TRZ so closely that each enters the 
reduced strong force region of the other, forming a quasi-nucleus. As the 
ions in solution outside the TRZ move to cancel the TRZ, it decays and the 
quasi-nucleus becomes an increasingly excited state, seeking to decay. 
Preferred method of decay is by quark flipping. So one quark flips, so that 
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the quasi-nucleus has become aquasi D+ nucleus. As the TRZ vanishes 
and time-forward resumes, the strong forcerecovers fasterthanthe 
Coulombbarrierreturns. Consequently, thequasi-nucleusofD+ merely 
tightens intoareal nucleus of D+. Thisis one of the standard 
transmutationreactionsincoldfusionexperiments, formingexcess 
deuterium. 


quaternion: Expressioncomprised ofthe sum offourterms, one of which 
isreal and three of whichcontain imaginary units, and where the terms can 
bewritttenasthesumofascalarandathree-dimensional vector. 


quaternional gebra:Thealgebraofquaternionsandtheirmathematical 
operations. Quaternionalgebrais ofhigher topology thaneithervectoror 
tensoralgebra. Maxwell'soriginal 1865 equations aresome 20equationsin 
20unknowns, inquaternionandquaternion-likealgebra. Heavisideand 
othersreducedthealgebratovectoralgebraandsomefourequations;at 
his death, Maxwell himself wasrewriting theequationsinhis Treatiseto 
purgethequaternions, becauseofthecontroversy overthedifficult 

quaternionform. The presentvectorequationstaughtinuniversityas 

"Maxwell'sequations" areinfact Heaviside'struncation ofthe Maxwell 
theory. Going totensoralgebraelectrodynamicsdoesnotrecoverthe full 
rangeof Maxwell'soriginal 1865 quaternionEMtheory. 


quintessence: Literally, the fifthessence" .Inshort,darkenergy. We 
havenominatedthearbitrarily discarded, vast Heavisidenondiverged 
energy flowcomponentsurrounding every interactionofcharge withfield 
asthedarkenergy thatisthesourcefortheexcess positive gravity holding 
thearmsofthespiral galaxiesinplace.Seedarkenergy, positive. 


reactivepower: Electrical power, measured in volts-amps-reactive (vars) 
thatcannotdoworkasis.Forsinusoidal waveforms, the formulafor 

reactive powérisinO, where 0 is the phase angle between the voltage 
and the current. 


real hidden dynamics: The dynamics of vacuum engines, or of "internal 
energy" or"internal work" ongoinginasystemorvolume ofspace. These 
internally organized forces, fields, andenergiesinvolvedynamic 
curvatures of spacetime, anditisthisdynamicsofspacetimeitselfthat 
provides thecontinuous work anddynamics ofinternalenergy. See 
Einstein'ssecondpostulateextended;infolded;dimensioning. 


real hidden vectors: The "hidden" or "infolded" real vector components, 
e.g.,ofazerovectorsummationsystem. Theindividualhidden vector 
cannotspatiallytranslatetheentirebulk system, butitcan interactinside 
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* Rectenna invented in 1964 by William C. Brown 
** Based from Alexander Graham Bell researches. 
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the system to perform internal work upon it or upon some particular 
portion of it. Such a system ofa finite number of infolded deterministic 
vectors is said to constitute a "dimensioned" stress potential. Specifically 
dimensioned potentials, fields and waves thus can be constructed, so that 
they carry specific vacuum engines (spacetime curvature engines). The 
interactions of these dimensioned EM entities may differ from normal EM 
interactions in chemistry, physics, biological systems in general, cells in 
particular, etc. The long neglected combination of Whittaker's 1903 
decomposition of the scalar potential, together with his 1904 
demonstration that any EM field or wave pattern decomposes into two 
scalar potential functions, has neglected the development and use of the 
"internal EM" theory and technology for a century. One or more nations 
has, however, highly weaponized "dimensioned EM fields, waves, and 
potentials" as evidenced by the peculiar and anomalous results of the 
decades-long microwave radiation of the U.S. Embassy in Moscow. See 
dimensioning. 


real power (active power): Power, measured in watts, that can do work, 
including generating heat. For sinusoidal waves, real power is given by the 
formula I-V-cos 8, where 6 is the phase angle between the voltage and the 
current. Note that when higher group symmetry EM effects are involved 
(such as the Aharonov-Bohm effect), then the "normal" behavior of circuit 
components can be altered dramatically. As an example, in the MEG the 
secondary (output) coils of the transformer section are caused to exhibit a 
purely electrical interaction with the electrons and electron currents in the 
coils themselves. Consequently the output current and voltage are in 
phase, in complete violation ofconventional transformer theory and 
conventional assumptions about the interaction ofinductors. So the output 
of the MEG is real power, and phase angle does not enter into it. 


regauging: In electrodynamics, changing the scalar potential or the vector 
potential, or both. If one or both of the potentials is/are changed so that a 
net new force is created in the system, that is an asymmetrical regauging. 
If only one potential is changed, a net force results and that is an 
asymmetrical regauging. If both potentials are changed but carefully 
selected so that the free force resulting from one change is equal and 
opposite to the free force resulting from the other, that is a net symmetrical 
regauging, often called "Lorentz regauging" or the "Lorentz condition”. 
We note that longitudinal EM waves are produced very simply by 
rhythmically oscillating the magnitude ofa stress potential, which is 
naught but coherently oscillating the individual vectors of a set of EM 
fields that sum to a zero vector resultant. The locked-in stress in T. Henry 
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Moray's semiconductors used in his radiant energy device tubes and the 
locked-in stress in the Chung negative resistor thus have to do with the 


production and use of longitudinal EM waves, time-polarized EM waves, 
and stress potentials. 


reflection: The rebound of light or other energy from a surface. 


refraction: The bending of light as it passes from one medium to another 
or through a density change in a given medium. 


retarted wave: An electromagnetic wave that is derived from retarded 
fields, which in turn are derived from retarded potentials. The retarded 
wave at a point or region of space has arrived there or exists there as the 
result of the dynamics of charges and currents that existed at earlier times 
elsewhere. Compare toadvancedelectromagnetic wave. 


retroreflecting: Precisely reversing the path of a reflected wave or object. 


Sachs, Mendel: Noted scientist who has completed the work of Einstein 
and developed a unified field theory covering the universe from the tiniest 
part to the entire conglomerate. Since O(3) electrodynamics has been 
shown by Evans to be an important subset of Sachs' theory, then for the 
first time we have a higher group symmetry electrodynamics and a unified 


field theory that is largely engineerable by novel electrodynamic means, 
usingtheO(3)model. 


Sachs' unified field theory: An extension and completion of Einstein's 
work that includes the universe and its dynamics from the tiniest part to 
theentireconglomerate, andincludesquantum mechanics, 

electromagnetics, gravitation, andthe strong and weak forces. See 
particularly Mendel Sachs, General Relativityand Matter, Reidel, 1982; 
Quantum Mechanics fromGeneralRelativity, Reidel, 1986.Sachs' unified 
theory providesagreat generalizationof generalrelativity, quantum 
mechanics, and electrodynamics reaching from the quarks and gluons to 
the entire universe. Much ofthe model is also engineerable by higher 


group symmetry electrodynamics suchas the O(3) electrodynamics 
pioneered by Evansand Vigier. 


scalar: Characterized by magnitude only. However, with respect to 
polarization, ascalar photonis aterm in use for a time-polarized photon, 
where the EM energy oscillates along the time-axis. Hence a scalar wave, 
following the same terminology, is an EM wave composed of scalar 
photons, hence whose EMenergyisoscillating along the time-axis. The 
term "scalar" is used in the sense that no vector in 3-space exists even 
though a vector (and a variation of its magnitude) exists along the time 
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axis. The effects are observed as an oscillation in the rate of flow of time, 
hence a "time-density" oscillation. The term "scalar" with respect to 
polarization implies only that there is no vector component in 3-space. 


scalar entity: In ordinary vector analysis, an entity thought to be 
completely characterized by magnitude alone. Actually this is incomplete; 
a scalar entity must contain a time-like vector component, if it is to 
steadily persist in time. What we usually do unthinkingly is assume a 
continual series of successive observations or d/dt operations upon the kt 
nature ofa scalar k. We conceive these individually frozen 3-space 
snapshots to "continuously exist" since we can readily recall the "stream" 
of d/dt differentiations in our mind and memory. Since all observation is 
3-spatial, then no observable persists continuously in time; instead, it 
continually recurs in time, instant to instant. This "iterative successive 
stream of frozen 3-space snapshots" exists in the continual and rapid recall 
from our memories. Compare this to the similarity of observing a 
sufficiently rapid series of still pictures on a screen, where the individual 
pictures differ by a time sequence taken of some phenomenon. One "sees" 
the recreation in one's mind of the flow through time of those events and 
entities so photographed. Yet at any one instant, there is only a single 
frozen snapshot on the screen, and no motion at all was "physically" 
observed. 


scalar electromagnetics: Colloquial term for the electrodynamics that 
arises from considering transverse EM waves, longitudinal EM waves, 
time-polarized EM waves, electrogravitation, superluminal EM signals, 
interferometry, nonlinear optical functions, time-as-energy, and the 
infolded electrodynamics inside all usual EM fields, waves, and potentials, 
In secret superweapon projects, the Russian term for scalar 
electrodynamics is energetics. It is divided into three major fields, 
depending upon the intended target. Targeted against inert matter, systems, 
and fields, the same term is used: energetics. Targeted against the physical 
and chemical processes and biological fields and potentials of living 
organisms, the term used is bioenergetics. Targeted against the mind's 
time-polarized EM functioning and dynamics, the termpsychoenergetics is 
used. In the latter, higher group symmetry electrodynamics and extensions 
to quantum field theory play significant roles. Significant progress and 
strategic testing of all three branches of energetics has been evidenced 
worldwide. Progress in the energetics branch was confirmed by a 
statement by U.S. Secretary of Defense Cohen in 1997. Quoting: "Others 
are engaging even in an eco-type ofterrorism whereby they can alter the 
climate, set offearthquakes, volcanoes remotely through the use of 


714 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


electromagnetic waves...So there are plenty ofingenious minds out there 
that are at work finding ways in which they can wreak terror upon other 
nations...It's real, and that's the reason why we have to intensify our 
efforts " Secretary of Defense William Cohen at an April 1997 
counterterrorism conference sponsored by former Senator Sam Nunn. 
Quoted from DoD News Briefing, Secretary of Defense William S. Cohen, 
Q&A at the Conference on Terrorism, Weapons of Mass Destruction, and 
U.S. Strategy, University of Georgia, Athens, Apr. 28, 1997. 


scalar potential: Usually consideredsynonymouswiththeelectric 

potential. The concept ofpotential was developed by Poisson, Green, and 

othersfrom about 1813 to 1827.Threenotions involvedinthe 

development ofthe concept ofthe potential are: (i) there is the collection 
of storage ofenergy in the system, via the collection or storage of some 
entity therein, and this "potential energy" can be released and dynamically 
used, (ii) the potential is a scalar function whose spatial rate of change is a 
vector force, and (iii) the dynamics of the stored energy is suspended by 
the "storage" or'"collecting" entity; in other words itis a sort of 

"suspendedaction" waiting tobeunleashed. /trequiressomeaction— 

suchas interceptionanddivergence—toreleasetheleashedenergy. 


Thesecondnotionis false, since noforce exists in the absence ofmass 
because mass m is acomponentof force F via F = dp/dt = (m)dv/dt + 
Piva _ It is corrected by stating that its spatial rate of change when 
interactedwithchargedmatterisavectorforce.Forthethirdnotion, we 
notethattheconceptofa"virtual" particle or particle flux means that it 
cannotbecomeobservableunlesssomeinteractionisimposed.Sowemay 
handlethe "thirdnotion" requirementby assuming thepotentialinmodern 
termstobecomposedofhidden virtual particleflux, orhidden wave flux, 
inwave-to-waveinteraction. Physicstriestodefinetheelectrical potential 
asenergy percoulomb, 6r/Q. That equation, however, is actually 
notadefinitionatall (noequationisadefinition), butratheris an 
algorithm forcalculatingthemagnitudeoftheexcessenergy 
collection/collectinguponacoulombofcharge, whenthatcoulombis 
immersed in the potential It in factis the reaction cross sectionof the 
potential, notthepotentialentity itself. This now beginsto giveusaclue, 
Potentialisenergyinsomefashion, andtheterm "potentialenergy" isa 
redundancy. Sothegntity musthaveessentiallythesamedefinitionas 
energy! Potentialenergy,collectedenergy,storedenergy, whatever—itis 
energy firstand foremost. Howitiscollectedand whatitiscollectedupon 
orin, determines the "ty pe" ofpotential. Italsocannotbelogically defined 
as the work expendedby ituponaunitcharge. Thecausalentity itselfis 
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not the action taken; just as a man is not definable as "how far he has run" 
in some race. 


scattering processes: Collision processes in which an incident particle 
such as a photon, electron, or proton, of known energy or direction or both, 
collides with another entity, and emerges from the collision with a 
different energy or direction or both. 


Schrodinger, Erwin: Noted Austrian physicist, 1887-1961, and Nobelist 
who discovered the wave equation named after him as the Schrodinger 
equation, and performed other vital work in wave mechanics. 


Schrodinger equation: In quantum mechanics, an equation that describes 
the propagation of waves associated with subatomic particles, or more 
generally, that describes the evolution over time of the quantum state ofa 
system. The fundamental quantum mechanical equation governing the 
behavior of wavefunctions. 


self-energy: In a quantum mechanical system, the energy associated with 
the emission and absorption of virtual particles. In a classical system, the 
energy associated with the interaction among parts of the system itself. 


self-organization: (After Davies, The New Physics, 1989): "Spontaneous 
emergence of order, arising when certain parameters built in a system 
reach critical values." Simply put, self-organization is the spontaneous 
formation of patterns of localized order in a system that begins in a more 
homogeneous state. In short, the system moves from a simpler to a more 
complex state. Self-organization is one of the permissible features of an 
open system far from thermodynamic equilibrium with its active 
environment. Note that the localized orders represent free potential energy 
formations (free self-regauging) that in theory can then be dissipated in 
loads to perform free work. Hence the capability of a self-organizing 
system to perform some free work, or in other words to exhibit COP>1.0. 


self-potential (e.g., of the electron): The potential created in and of the 
charge (e.g., the electron) by its virtual particle flux exchange with the 
vacuum. Also, an asymmetry in the virtual photon flux of the vacuum, 
caused by the interaction of the charge (e.g., the electron) with the vacuum 
flux. From here, we note that the self-potential must consist of real 
observable 3-space EM energy flow or flows from the electron, because of 
the asymmetry. However, the charge is not the primary source per se of the 
energy flows that establish the self-potential, but instead is the asymmetric 
gate in the vacuum flux that "gates out" the potential and its energy flux 
The asymmetry in the vacuum flux is the actual source or gate. Indeed, in 
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classical terms the energy is received by the charge in the form of 
converging longitudinalEM energy waves fromthecomplex plane (from 
the time domain). The spin of the charges of the dipole transduces the 
absorbed complex EM energy into real observable EM longitudinal wave 


energy, and pours itoutinall directions in3-space. Seediscussions under 
Whittaker and phase conjugate. 


self-targeting: Between two entities, where each acts partially or wholly 
as a phase conjugate mirror, self-targeting is the iterative phase 


conjugation or "ping-ponging" andrapidconvergenceofbeamsbetween 
thetwoPCMs. 


S-flow: The Poynting energy density flow S, where S = ExH. Heaviside's 
equation is givenby S=ExH+G. Inthe latter equation, E is the electric 
field, H is the magnetic field strength, and G is a trapped closed loop flow 
of energy density. Note that, from the very definitions of E and H, the 
Poynting, energy flowrepresents only thatportionofthetotalenergy flow 
in a spatial region that is diverted by interception and interaction with 
charges. Heaviside's additional component G, which is not part of the field 
interactions but aresult of the hugenoninteracting partof the energy flow 
outside the interacted ExH component, does appear to be responsible for 
an enormousunaccounted EM energy flow component that generates the 
excess gravity required to hold together the arms of the spiral galaxies. 


signal wave: In nonlinear optics, the signal (wave) input to a phase 
conjugate mirror(PCM), thatstimulates the PCM toemitaphase 


conjugatereplica(PCR) waveinreturn. Seediscussionunderdistortion 
correctiontheorem. 


Slepian current: The vector: j@, which in a current loop represents the 
energy unit area per coulomb of flowing charge, per unit of time, that is 


collected/collecting fromthe Poynting S-flow anddissipatedinthatcurrent 
loop in its loads and losses. 


Slepian flow: "Flow of collected-energy density's dissipation” in a current 


loop, andtherefore related to the vector j@ in the current loop, which 


representstheenergy perunitareaper coulombofflowingcharge, perunit 
of time, that is being dissipated in that current loop in its loads and losses. 


Slepian vector: Refers tothe vect@p in a current loop, which represents 
the energy density per coulomb of flowing charge, per unit of time, that is 
being dissipated in that current loop in its loads and losses. 
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solid-state parametric oscillator: A parametric oscillator circuit 
employing solid-state devices. A parametric oscillator is a device that 
oscillates by rhythmically changing a parameter (such as capacitance or 
inductance, etc.). Simple switching between differing values of the 
parameter is often used to induce the periodic change of the parameter. 
One way of close-looping a COP>1.0 EM system is by using a bit of the 
positive output energy to do parametric switching, in effect converting the 
system to a self-oscillating energy flow system. The AC flow of EM 
energy is then much more easily intercepted, collected, and dissipated to 
power loads without killing the source dipole extracting and furnishing the 
free flow of EM energy from the active vacuum. 


soliton: A "solitary wave" consisting of a wave pulse which propagates 
without changing its shape and without dispersion. 


source dipole: Any dipole, considered from the viewpoint that real 
observable EM energy continuously pours out of it without any observable 
EM energy input. There is no true "source" as such in nature, since the 
energy is not created but only transduced and gated. In the case of the 
dipole and electrical charge as sources of EM energy, fields, and 
potentials, the broken 3-symmetry of the dipole initiates an automatic and 
more primary 4-symmetry, where EM longitudinal wave energy flows into 
the negative charge of the dipole from the time domain (complex plane), is 
transduced into normal EM longitudinal wave energy in 3-space, wherein 
the 3-space energy is absorbed by the positive charge of the dipole, 
transduced back into time-energy and reradiated back into the time-domain 
(fourth Minkowski axis). We roughly state that the dipole "emits 
observable EM energy” into all directions in 3-space as observable EM 
energy. However, what actually happens is that this energy 4-circulation 
process is what is emitted into and along 3-space, along every radial 
direction, with the process occurring at every spatial point along that 
direction. Any charge (taken together with its clustering virtual charges of 
opposite sign as a dipole) then inserted at any point in space along a radial 
line, will dipolarly intercept the ongoing process. We will observe the 
interception by its 3-effect on the intercepting and interacting 3-space 
charge, but we will not observe the 4-process itself. This deeper 
examination of the EM field-charge interaction requires a new 
interpretation of what is meant by "propagation of EM energy through 3- 
space", which is a non sequitur. Recall again Romer's acid objection to the 
totally illogical picture in every elementary textbook of the so-called "EM 
wave through 3-space" as a flat x-y plane orthogonal to the line of motion 
z, and where the E-field vector is oscillating along one axis while the 
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magnetic field B is oscillating along the other. That representation is 
totally false, just as pointed out so strongly by Romer. 


spacetime or space-time: The entity represented by the "fused product" of 
space and time, to give "space x time". Spacetime is also dynamic 
geometry, inthegeneralrelativisticinterpretation. Wemayalsoconsider 
spacetime to be a giant potential, and also active geometry, and also active 
vacuum, and also virtual particle flux ofthe vacuum, and also hidden EM 
wave flux. If we wish, we can also consider spacetime to be comprised of 


longitudinalEM wavesandimpresseddynamics. 


spacetimecurvatureengine:Seedeterministicpatternand 
dimensioning. 

special relativity: Einstein's theory ofinertial frames in which, iftwo 

systems are moving uniformly in relation to each other, one cannot 

determine anything about their motion except that it is relative. Each of the 
two frames _ is said to be "rotated" with respect to the other, but not 
accelerating. The velocity oflight in space (the vacuum) is constant, and is 
independent ofthe velocity ofits source and the velocity ofan observer. 
All thelaws of physics are the same in all inertial frames of reference. 


spin: Theintrinsic angular momentum ofa particle such as an electron, 
proton, neutron, photon, graviton etc., even when at rest, as ifit were a top 
spinning about an axis, but had to spin 720 degrees before it turned "full 
circle." Spin is quantized, and is always described as a half or whole spin, 
e.g.,- 1, - 1/2, 0, 1/2, 1, etc. A spinning charged particle such as an 

electron thus demonstrates a magnetic moment, due to the circulation of 
charge in the spinning. In the nucleus of an atom, the spin of the nucleus is 
the resultant of the spins ofthe nucleons (particles comprising the 


nucleus). 


spiral galaxy: A member ofthe class of galaxies having arms that extend 
in the form ofspirals. About 70% ofall galaxies are spiral galaxies: only 
about 10% ofthe gravity necessary to hold the spiral arms together can be 
accounted for by known gravitational sources. This has led to the 
theorizing ofdark (hidden) matter ofexotic and unknown form, which 
would be responsible for the excess gravity. Later it was theorized that 
some sort of "dark energy" might be responsible for the extra gravity. The 
present author has proposed that the unaccounted enormous Heaviside 
component of the EM energy flow surrounding every field/charge 
interaction, and notentering into that interaction, is the missing source of 
theexcessgravity. Thedark Heavisideenergy flow wasarbitrarily 
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discarded by Lorentz in the 1890s, and it is still discarded today by all 
electrodynamicists and astrophysicists. 


Stoney, George Johnstone: Well-known scientist (1826-1911) who first 
estimated the value of the electronic charge (1874) and was the first to 
advocate the particle nature of electricity. In 1891, he named the unit of 
electronic charge the electron. In 1896-7 he laid the foundation for 
Whittaker's 1903 bidirectional wave decomposition of the scalar potential. 


string wave or "plucked taut string" wave: The transverse wave ona 
taut string produced when the string is plucked. The string wave itself 
stays on the string and does not travel through the slapped external 
medium. 


subspace: In vector mathematics: a subset of a vector space which is 
closed under vector addition and scalar multiplication operations. In the 
new approach, we may consider the active ambient vacuum as a giant 
scalar potential. This ambient potential then decomposes into longitudinal 
EM waves via Whittaker's 1903 decomposition. One can then refer to 
longitudinal EM waves deliberately transmitted "inside" that Whittaker 
"subspace" as "subspace communication". The Fogal semiconductor is 
able to infold normal EM signals into such subspace signals (longitudinal 
EM wave signals) in the transmitter, and to outfold the longitudinal EM 
waves back into normal EM waves in the receiver. Hence the Fogal 
semiconductor can be utilized to perform subspace and superluminal 
communication. These capabilities have been demonstrated by Fogal in the 
laboratory. As this is being written, Fogal is in serious negotiations with 
several large companies for the funding to get his chips into volume 
production and onto the marketplace in very sophisticated and advanced 
equipment representing a great leap forward in technology. There are, 
however, powerful interests who do not wish the Fogal semiconductor to 
ever be produced and marketed. We have worked with Fogal for some 
years, and — once the semiconductors are available in quantity — we will 
be developing and marketing COP>1.0 electrical power systems utilizing 
his semiconductors and technology, under license from Fogal. 


superconductivity: Property of some materials or metals whereby at very 
low temperature their resistance reduces to zero. These materials also 
exhibit many additional properties that are anomalous compared to normal 
materials. Much research has gone into the attempt to find materials that 
exhibit superconductivity at higher temperatures, with the goal of reaching 
room-temperature superconductivity. Room-temperature superconductivity 
is also just COP = 1.0. EM systems far from equilibrium with the active 
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vacuum, and which exhibit COP>1.0 atroom temperature, may involve 
most of the odd entities also observed in superconducting materials 
(polarons, lattice holes and hole currents, Dirac sea holes and Dirac sea 
hole currents, "charging" by Dirac sea hole excitation, vortices, etc.) The 
energy density in the output section is greater than the energy density input 
by the operator to the input section. Considering the giant negentropy 
mechanism and the dipolarity of the input and output sections, the tempic 
potential ofthe output section ofa COP>1.0 EM system is greater than the 
tempic potential oftheinputsection. Hencethereis atempic gradient 
across the entire system, and a tempic force from output to input. This may 
"sweep" outa great deal of the produced "superconductivity" entities, and 
particularly may result in a Dirac sea hole current in the vacuum, out of the 
input section back into the external power source, as a novel output of the 
COP>1.0system. Feedback from output to input may also be in the time 
domain, corresponding to what Gabriel Kron referred to as the "open 
path".Byrecombinations and other means, the feedback in the tempic 
domain may be transduced in the input section of the device to ordinary 
current in forward time. When the voltage and current in this transduced 
tempic feedback are properly adjusted to that being supplied from the 
external power source, the external source can be disconnected and the 
COP>1.0 system becomes self-powering, while simultaneously powering 
itsloadalso. 


superluminal: Exceeding c, the speed of light in vacuum. Longitudinal 
EM waves can travel either slower or faster than the speed of transverse 
wave light in vacuum. See W. A. Rodrigues and J.-Y. Lu, "On the 
existence of undistorted progressive waves (UPWs) ofarbitrary speeds 0 < 
v<oo in nature," Found. Phys., 27(3), 1997, p. 435-508; W. A. Rodrigues 
and J. Vaz Jr., "Subluminal and Superluminal Solutions in Vacuum ofthe 

MaxwellEquationsandtheMasslessDiracEquation,"Adv. Appl. Clifford 

Algebras, Vol.7(S), 1997,p.457-466. 


superluminal communication: The movement of intelligent signals faster 
than the speed of light in vacuum, and the transmission and reception of 
such signals and extraction of their transported information. Longitudinal 
EM waves are not limited to speed c, whereas transverse EM waves are. 
The infolded electrodynamics inside all EM fields, potentials, and waves 
consists of longitudinal EM phase conjugate wavepairs, withtheir 
impresseddynamics.Hencethis"subspace"isasuperhighwayforsuch 
waves, including those moving at superluminal velocity. In essence this is 
a very special kind of "tunneling" which might be referred to as subspace 
tunnelling. The limitation to lightspeed rigorously applies to the modeled 
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transverse EM waves which are a sort of "bulk upheaval" waves similar to 
waves on the surface of the ocean. As in the ocean wave analogy, 
"pressure" waves underneath the ocean may travel very much faster than 
the bulk upheaval waves on the surface. 


When making longitudinal EM waves, the process is imperfect and the 
resulting longitudinal EM waves will have a transverse residue as well. 
The resulting "transverse-noisy" LW is called an undistorted progressive 
wave. Undistorted progressive waves may move slower than the speed of 
light or faster than the speed of light. The degree of transparency of matter 
to LWs is an inverse function ofthe "transverse-noisiness" of the LWs. 





superposition: The simple linear addition and subtraction of two or more 
values, states, etc.; one of the key principles in field theories and in the 
concept of potentials. When the situation is sufficiently nonlinear, 
however, interaction of waves and potentials occurs instead of simple 
superposition. 


supersystem: A higher level or "metasystem" of interactions between the 
classical system, the active vacuum, and the active local curvatures of 
spacetime. Hence the supersystem consists of three interacting 
components: (1) the EM system and its dynamics, considered in 
conventional fashion as ifthe local vacuum were inactive and the local 
spacetime were flat; (2) the local interactive vacuum and its dynamics, and 
(3) the local curvatures of spacetime and their dynamics. In component (2), 
one must consider the Dirac sea, Dirac holes and hole currents, with 
concomitant potentials and forces impressed on them. In component (3), 
the time-domain interactions (time-energy, time-force, time-potential, and 
currents of energy along the fourth Minkowski axis) must be accounted to 
include negative energy. 


All three components of the supersystem interact with each other. In 
general, the vacuum interactions may be taken from particle physics, and 
the spacetime curvature reactions may be taken from general relativity. 
However, this will yield only a rough or "first order" analysis, since it does 
not produce the tri-reactions ofall three components at once, but mostly 
reactions between pairs of the components. The concept is easy to 
conceptualize, however, and yields valuable clues and insight in many 
areas, such as chemistry (including biochemistry), electrical physics, 
electrodynamics, thermodynamics, and electrogravitation. It is particularly 
useful in understanding the phenomena encountered in COP>1.0 EM 
power systems. 
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symmetrical regauging: Inelectromagnetics, changing the scalar 
potential toadifferent value, andsimultaneously changing the vector 
potential toadifferent value, withthe two changes precisely selected so 
that the two extra forces (each created by one of the changes) are equal and 
opposite —thus canceling each other's effect with respect to bulk 
translation and doing no net external work. The two forces remain and can 
perform internal work upon the system. Note that the stressing effect ofthe 
two new forces is not canceled, and that the stress of the system is altered 


apriori. Seeregauging. 


tantalum capacitor: Electrolytic capacitor with a tantalum or sintered- 
sluganode,suchasasolidtantalum,tantalum-foilelectrolytic,or 


tantalum-slugcapacitor. 


targeted pinpoints: Those separated points which engage in self-targeting 
between themselves andsome separated signalenergy source (asinFogal's 
semiconductor). The effect is to sharply narrow the retroreflected source 
signal energy from the source onto the separated points by means of the 
mutual ping-ponging. In this fashion much more energy density from the 
source can be concentrated on the targeted pinpoints. In effect,phase 
conjugate shooting — the return of the phase conjugate reflected scattered 
energy directly to the original target emitting the signal wave in pinpoint 
fashion - is evoked. See distortion correction theorem. 


tensor: Aspecialmathematicalentity whichisageneralizedvector 
element ofa vector space, with more than three components, each of which 


is a function of the coordinates of an arbitrary point in space ofan arbitrary 
numberofdimensions. 


Tesla, Nikola: Famous American emigre electrical engineer, inventor and 
eccentric (1856-1943), whose numerous inventions fueled much of the 
electrical20thcentury.InessenceheproducedtheACsystem, including 
polyphase systems. Also, Teslainventedradiotransmission, notMarconi, 
according to a U.S. Supreme Court decision that upheld the prior patents 
of Tesla over Marconi. In his famous experiment, Marconi in fact utilized 
a variation of one of Tesla's circuits. This does not denigrate Marconi's 
manyaccomplishments, butjustsetstherecordstraightonwhoinvented 
radio transmission. The impetus to the development ofcommercial radio 
transmission technology and the industry itself came from Marconi. 


thermodynamicequilibrium:Stablestateeventuallyreachedbyan 
isolated system or one in a well-behaved active environment. One may 
consider it a "balanced" or "preferred" state. It is important to note that, in 
particle physics, there can be no equilibrium ofa mass system unless the 
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vacuum interchange with that system is considered. Electrodynamics 
mistakenly continues to omit the active vacuum interaction with a 
Maxwellian system, hence is seriously flawed in that respect. 


thermodynamics of open systems: Systems far from thermodynamic 
equilibrium with an active environment are permitted to exhibit five 
"magic" functions. Such a system can (1) self-order, (2) self-oscillate or 
self-rotate, (3) output more energy than the operator himself inputs (the 
excess energy being freely received from the active environment, (4) 
power itself and its load simultaneously (all the energy being freely 
received from the active environment), and (5) exhibit negentropy. 


time: In our view, time is spatial EM energy compacted by the factor c . 
Time thus has the same energy density as mass, but in the time domain 
rather than in the 3-space domain. Also, time is not observable a priori; 
mass is an observable. Time persists since it is persistence itself. No 
observable persists a priori, since observation is a d/dt operator imposed 
upon LLLT spacetime, yielding a frozen LLL snapshot which does not 
even exist the very next instant. When we say "mass exists in time" (or any 
observable continuously persists), we are unwittingly invoking a very 
rapid iterative d/dt operator repeatedly, and recalling these iterative 
sequential "frozen snapshots" or observations from memory. One may 
produce and utilize EM energy flow in the time domain, as in 3-space. 
Time, being energy and energetic, has tempic potential (energy density), 
tempic potential gradients, and therefore has "tempic force." The photon is 
composed of both spatial energy and time-energy as its two canonical 
constituents. The lower the frequency, the higher the energy of the photon 
when the time-energy is considered, since the magnitude of the time- 
component of the photon increases as the spatial energy component 
decreases, and the energy of the photon in that case increases as c” times 
the increase in time magnitude, while decreasing linearly proportional to 
the decrease of the spatial energy magnitude. When transduction of time 
into spatial energy occurs, or vice versa, the energy conservation law is 
modified to specify the sum of the spatial energy, time-energy, and mass 
energy. 


time-charge, time charging: Since time is a special highly compressed 
form of energy, then time-excitation or time-charging also occurs. Also, 
since tempic longitudinal EM waves accompany all longitudinal EM 
waves (per reinterpretation of the phase conjugate half set of the Whittaker 
decomposition), then irradiating a mass with substantial longitudinal EM 
wave radiation will time-charge the mass, exciting it with time-energy. 
There are excited states and internal structuring (engines) in time charging, 
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much like the excited states and internal structuring (engines) in energy 
excitation ofnormalcharge. WhenthelongitudinalEM waveradiationis 
removed, the time-charged entity then slowly emits longitudinal EM wave 
radiation as the time-excitation slowly decays via the giant negentropy 
processofthecharges. 


time-energy: Time may be considered as spatial EM energy compressed 
by thefactor c*. See also discussions under time and time charging. 


time excitation: See time charging. 


time-flow generatrix(mechanism): Since any observable is afrozen 
nonpersistent snapshot in 3-space, then the common expression "flow ofa 
mass through time" requires an active generating mechanism to add time to 
mass, converting itto masstime, whichis persistent. Masstime mris as 
different frommass m as impulse (Ft) is from force F. The flow of a mass 
through timeis generated by the ubiquitous interaction of photons with the 
mass. This includes all photons, both virtual and observable. Thus for the 
ambient vacuum, there is an ambient flow of time, since there is an 
ambient rate of total photon interaction. The "macroscopic" movement of 
the mass through time is the result of (i) absorptions and emissions of 
observable-sized photons, and (ii) the continuous integration of virtual 
photon absorptions into observable-sized photons. The macroscopic flow 
of time thus has myriads of "sublevels" of infolded time flows and engines. 
Hence the flow of time has a marvelous, internal, dynamic structure. 


time-forward: Refers to the flow ofan entity through time in the forward 
direction, as seen by an external observer. Time-forward flow occurs when 
(to the observer) there is a predominance of time-forward photons 
interacting with the body that is moving in forward time. Contrast to time- 
reversal of an object, as seen by the external observer, which occurs when 
(to the observer) there is a predominance of time-reversed photons 
(antiphotons) interacting with the body that is observed to be time- 
reversed. Pumpingagivenlivingmass(inthenonlinearopticalsense) with 
time-reversed EM waves pumps the object in the time domain. That 
drammatically extends nonlinear optics, since the pumped living object's 
cells will be observed to slowly reverse back to a previous physical state or 
condition.Sincetime-polarizedEM wavesaccompanyalllongitudinalEM 
waves via reinterpretation of Whittaker 1903, pumping a living mass (a 
body) with longitudinal EM waves also pumps it with time-polarized EM 
waves, time-chargingthe body which continues the pumping in the time 
domain after the longitudinal EM wave radiation is removed. 
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time-forward EM wave: A normal EM wave moving in forward time as 
seen by the observer. Otherwise known as the retarded wave. The external 
observer comfortably sees its forward progress as expected. 


time-polarized electromagnetic wave: An electromagnetic wave whose 
vibrations occur in the time domain only. May be referred to in a quantum 
field theory sense as a scalar EM wave. It is a longitudinal EM wave in the 
time domain. It may also be said to be a longitudinal EM wave in the 
complex plane, since in Minkowski space the fourth axis may be taken as 
-ict. The time-polarized EM wave is indicated in quantum field theory, or 
at least its time-polarized photon is theorized and called a "scalar" photon. 


time-polarized photon (scalar photon): A photon whose vibrations occur 
in the time domain only, also known as a "scalar" photon. This 
polarization of the photon is utilized in quantum field theory. Neither the 
scalar photon nor the longitudinal photon is individually observable. 
However, the combination of the two in the presence of charge is 
observable as the instantaneous scalar potential. 


time reversal: For EM waves, the process of forming the phase conjugate 
wave. For a particle or a mass, the process of pumping the particle or m;iss 
with time-polarized EM waves, so that the resident spacetime curvature 
engine in the mass is amplified and phase conjugated, forming a precise, 
amplified antiengine which then slowly time-reverses the mass back to a 
previous physical condition and state. We accent that time reversing a 
single object or single group ofobjects is not the same thing as "travel into 
the past" so popularized by science fiction. For time travel to the past, the 
entire universe and everything in it — except the traveler — would have to 
be time-reversed. That would not seem possible by any stretch of the 
imagination today! On the other hand, time-reversal of a single thing such 
as a particle or a wave — or even a group of things such as a group of 
particles or waves — is not only feasible but is readily achievable. A Dirac 
sea hole is a negative energy electron, for example, having negative energy 
and therefore negative mass prior to observation. After observation, it is 
seen as a positive energy, positive mass electron of opposite charge to the 
conventional electron and reacting with fields in opposite direction from 
the conventional negatively charged electron. In short, after observation 
(interaction with mass) it becomes the positron. 


time reversal zone: A region of space in which the majority component of 
the overall time flow mechanism runs backwards, and hence the 
fundamental mechanism generating the flow ofa mass through time is 
reversed. The "time running backwards" is due to the predominance of 


726 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


interactions withantiphotons. Itfollowsthat,inthetime-reversalzone 
(TRZ), there isapredominance ofantiphotoninteractionoverphoton 
interaction. InaTRZ, the law ofattraction and repulsion of charges is 
reversed; like charges attract and unlike charges repel. Also, induced 
action by the time reversal forces start inside and throughout an affected 
mass in that zone, originating at every point in that local spacetime zone 
and moving outward. It thus involves a novel action "from inside to 
outside", beginning even inside the nucleons, and first affecting the quarks 
and gluons. Deliberate use oftime-reversal zones and their subsequent 
decay allows a great new class of dramatic nuclear reactions, including 
simple transmutationand loosely called "cold fusion" reactions, at low 
spatial energy but very high time-energy. High energy physics has 
neglected the use of time-energy, opting to goforhigh spatial energy. 
Hence the high energy physicists have actually eliminated a much higher 
energy physics (at low spatial energy so readily examined on the bench far 
more cheaply) than the science they have long developed. 


time-reversed wave: A phase conjugate reflected wave, whichis awave 
moving inreversedtime. Sincetheexternalobserver "sees" inforward 
time only - and even then he sees in an iterative series of frozen 3-space 
snapsholt —he observes the time-reversed wave as a 3-spatial wave 
(series of iterative frozen snapshots) traveling in the opposite directionas 
its generatrix wavefront(thesignalwave). 


topological: Invariant under transformation by continuous mappings, or 
related to the properties of geometric shapes and figures that remain 
invariantundertransformationbycontinuousmappings. 


topological properties: Those properties of a geometrical space that are 
unchanged bycontinuous distortionofthe space. 


topology: Mathematics ofthe properties of geometric configurations 
invariant under transformation by continuous mappings. In short, the 
mathematics ofthe large-scale structure ofcurved spaces. 


transverse (withrespectto waves): Wave oscillatory movement 

perpendicular tothewave's primary directionofprincipal propagation, as 
in the movement of a plucked taut string in a wavelike motion traveling 

down the string but with the oscillations being lateral. Based on Faraday's 
notion thatthe field lines of the electromagnetic field were physical 
material lines (in the material ether) similar to taut strings, Maxwell 

assumed the transverse wave model inhis theory. The entry oflongitudinal 

waves, into the theory can easily be demonstrated by rhythmically and 
coherently varying the magnitudes of the Lorentz symmetrical regauging 
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condition, producing "stress potential waves" which are in fact what 
longitudinal EM waves really are. The production of a longitudinal EM 
wave in 3-space will be accompanied by the simultaneous production of a 
time-polarized companion wave. 


tunneling: In quantum mechanics, a phenomenon in which a particle 
penetrates and crosses a small region where the potential opposing such 
passage is greater than the particle's available energy. The phenomenon is 
thought to be impossible according to classical physics, but occurs 
nonetheless. Further, the speed of transit through the "tunneling" 
separation can be superluminal. Tunneling of music between two separated 
points in a waveguide has been measured at more than four times the speed 
of light. 


A more extended type of tunneling is the travel of longitudinal EM waves 
infolded inside the normal EM potentials, fields, and waves. Indeed, this is 
a more fundamental electrodynamics, and it can be shown that 
interferometry of this "internal" electrodynamics creates the external 
electrodynamics by a form of longitudinal EM wave interferometry. E.g., 
see M.W. Evans, P.K. Anastasovski, T.E. Bearden et al., "On Whittaker's 
Representation of the Electromagnetic Entity in Vacuo, Part V: The 
Production of Transverse Fields and Energy by Scalar Interferometry," 
Journal ofNew Energy, 4(3), Special Issue, Winter 1999, p. 76-78. This is 
part of the technical basis for the "scalar interferometry weapons" 
developed by the Russians after World War II. Today, some 10 nations 
have such weapons, more are developing them, and even the Japanese 
Yakuza has such weapons. 


unified field theory (engineerable): A unified theory of the four forces o| 
physics — the electromagnetic, gravitational, strong, and weak forces 

that is not just an intellectual model but which is also engineerable on the 
laboratory bench and in actual physical systems using higher symmetry 
O(3) electrodynamics as a special subset of Sachs' unified field theory. 


unitary Q, (charge of the electron): Fixed or unit charge q of the 
electron. This notion is held because q is not decomposed into its 
component elements, but treated as if it were an indivisible unit, charge 
and mass and all. The mass ofa fundamental particle at rest is quantized, 
and the massless charge (self-potential) of the particle is discretized as a 
function of the background potential (virtual particle flux density) in which 
it is embedded or to which it is exposed. In our view the definition ofa 
charge q is q = Mgq, at least to first order. (The ¢), may be internally 
structured with deterministic "engines", so that one electron need not bo 
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identical to another, in its actions in some cases). The electrical charge of 
the "charged mass m," should be taken to be the massless ¢, component. 
For an electron, de = Mee. The electrical charge of the electron should be 
taken to be the massles ),. component. We note that the charge is also 
structured, since ¢), or @,; decomposes via Whittaker 1903 into a harmonic 
setof EM longitudinal phase conjugate wavepairs. Our reinterpretation of 
this decomposition then yields the solution to the problem ofthe "source 
charge" and its associated fields and potentials and their energy. The 
massless charge @, is a dipolarity and hence a broken 3-symmetry in EM 
energy flow, invoking a more primary 4-symmetry in EM energy flow so 
that EM_ longitudinal wave energy is continuously incoming from the time 
domain, being absorbed by the charge q of which (). is a component, being 
transduced into real EM energy in 3-space, and emitted in all directions in 
3-space at the speed of light, creating the fields and potentials and their 
energy that are associated with charge q. Ifa charge (say, an electron) is 
placed in an additional potential ), then the total massless charge of the 
electron(i.e., its virtual vacuum flux exchange with mass me) is (e+@)). 
As can be seen, the massless charge ofthe electron (its virtual flux 
activity) has now changed. The electron is then said to be collecting and to 
have collected excess energy (which may be either positive or negative, 
depending upon the sign of ¢,). Further, either ©, or (); or both can be 
internally and deterministically dimensioned (structured in Stoney- 
Whillaker-Ziolkowski fashion). When its massless charge (its own 
().) potentialissodimensioned,thenthedimensionedelectronissaidto 
contain or transport an engine or a vacuum engine or a spacetime 
curvature engine. 


vacuum: Space devoid of observable matter. In modern theory, the 
"empty" space is in fact bristling with very rapid fluctuations of EM 
energy, remaining in the virtual state. It is also filled with a violent, 
fluctuating flux of virtual particles, appearing and disappearing so quickly 
that an individual particle does not persist long enough to be individually 
detected. Thus the vacuum is extraordinarily energetic, but the energy is in 
very special form (fleeting violent fluctuations and virtual particle flux). 
Nonetheless, because it contains enormous energy, the average vacuum 
may be considered a potential. All potentials then are changes to this 
vacuum potential, or to an intermediate potential which is a change to it. In 
another sense, the vacuum, potential, and spacetime are all one-and-the- 
same thing. This means that general relativity's spacetime curvature is 
ubiquitousand extraordinarily dynamic. The vacuum very near a mass also 
can act in some cases as a semiconductor, capable of supporting self- 
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oscillation between the mass and the local vacuum. Considerations of the 
active vacuum and its nature lead to the notion of the supersystem, which 
is comprised of three parts: (1) the physical system and its dynamics, (2) 
the active vacuum and its dynamics, and (3) general relativity and its 
dynamics (since physicists persist in separating the notions of spacetime 
and vacuum). No analysis of any mass system is complete unless an 
analysis of the entire supersystem and the interactions of the three 
components, one with the other, is performed. 


Every charge is "embedded" in the active vacuum by its potentials and 
fields, which themselves are spacetime curvatures and alterations of the 
local vacuum. This is easily seen by q = Mg,, where ), is a change to the 
local vacuum potential apriori. In the quantum view, the fields and 
potentials may be taken as organized polarization patterns and dynamics 
(currents) in the vacuum virtual particle flux. 


vacuum engine: Also referred to as a spacetime curvature engine. From 
the particle view: a deterministic internal pattern or template deliberately 
created as a deterministic structuring and dynamics in the virtual flux 
comprising a scalar potential. It can also be created in, and transported by, 
the two scalar potentials that comprise a static or dynamic force field, or a 
moving EM wave in the vacuum. It can also be created in the local vacuum 
potential, in which case it has a "charge-up" creation time and a "discharge 
time," exhibiting a sort of "time constant" very much like a capacitor 
charging and discharging. 


In the wave view: the vacuum engine is a deterministic internal pattern or 
template deliberately created in the Stoney-Whittaker-Ziolkowski internal 
biwaves and wave products comprising the scalar potential. Again, it can 
be implanted in the vacuum or in an EM signal as a carrier. The self- 
energy (scalar potential) portion of any electric charge or magnetic charge 
can also be a "carrier" that is conditioned {dimensioned) with a vacuum 
potential. The process or act of conditioning any of the carriers with 
vacuum engines is called dimensioning that carrier. Russian energetics 
used in secret weapons programs refers to the vacuum engines of a 
dimensioned carrier as the information content ofthe field. Such vacuum 
engines, e.g., were used in the potentials of the microwave radiation of the 
U.S. Embassy in Moscow for several decades, inducing a variety of health 
changes and sicknesses in the personnel of the embassy. Interestingly, all 
these health changes occurred in the field-free regions of the Embassy. 
There the field-free potentials existed and were stable and unchanging. 
Hence a body exposed in that region was steadily exposed to the specific 
engine being induced, and time-charged with that engine accordingly. The 
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deterministic set of spacetime curvatures comprising this charge then acted 
upon the cells and body to slowly change it to the damaged or diseased 
condition. See dimensioning. 


vacuum flux exchange: The virtual particle interaction between the active 
vacuum and a mass, particularly a charged particle. 


vacuum's virtual particle flux: In the particle viewpoint, the quantum 
mechanicalvacuum identically is a virtual particle flux. Present physics, 
however, is prone to refer to the vacuum as an implied emptiness 
containing a virtual particle flux, even though that is known to be in error. 
In our view, energy, vacuum, spacetime, virtual particle flux, and dynamic 
geometry are all synonyms. One must note that the ageless contradiction of 
the wave vs. particle view has still not been resolved in physics, even by 
the duality principle. The duality principle is merely an agreement to quit 
fighting,and to feel free to consider a thing a particle in one case or 
circumstanceand a field in another case or circumstance, whichever works. 


vector: In mathematics, an entity completely characterized by a magnitude 
andadirection. 


vector potential: A potential having — at any point in it — both direction 
and magnitude. The direction, e.g., may be linear, curvilinear, or swirling. 
The term "vector potential" is often used as the magnetic vector potential 
A. When it is swirling, the magnetic vector potential A may be said to be 
the magnetic field B. However, the swirling mag etic vector potential (the 
magnetic field B) may be "bottled up" and contained locally inside a long 
tight solenoid, or inside a toroidal coil, or inside a special nanocrystalline 
material used as a closed transformer core as in the motionless 
electromagnetic generator. In that case nature freely replenishes the energy 
in the surrounding space which would have been occupied by the 
nonrestricted,nonlocalized B-field (curled A-potential) but replenishes 
that space with an uncurled (linearly flowing) magnetic vector potential A. 
This in fact at least doubles the available energy flow available, without 
any additional EM energy input by the operator. The well-known 
Aharnov-Bohm effect clearly demonstrates this effect, and it is 
deliberately employed in the motionless electromagnetic generator (MEG) 
of which the author is one of the five co-inventors. Present dictionaries of 
physics and many textbooks are confused as to the definition of magnetic 
vector potential A and its relation to B, many stating that the A is defined 
by the equation VxA ~~ _B. However, no equation is a definition; it is an 
expression of equality of two magnitudes, and not a definition of either 
side. Ifwe substitute the more stringent Vx A = B, we see that the Vx 
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operator acting upon the A potential is precisely what a B field identically 
is. Hence the A potential exists in two forms: (1) in curled form as 
identically the B-field, and (2) in uncurled field-free form as the linearly 
moving A-potential energy current that has no imposed Vx operator and 
thus has no curl. This makes total sense with VxA = B. 


vector field: Conventionally, the assigning of a magnitude and a direction 
(that is, a vector) to each point in a region of space occupied by a field. In 
our view the field is in fact a change to the active energetics of that spatial 
region, such that the region will interact with any appropriate entity (e.g , a 
charged mass) placed at any point in the region and produce a force upon 
that entity. 


vector zero: See discussion under zero vector. 


virtual antiphoton: An antiphoton that spontaneously appears and 
disappears, so swiftly that it cannot be individually observed. It is real 
while it exists. Coherent integration of a stream of virtual photons, 
however, adds to produce an observable quantum of energy, which is 
observable in its effects on a charged particle. 


virtual particle: A fleeting quantum particle that spontaneously appears 
and disappears, so swiftly that it cannot be individually observed, so that it 
exists only temporarily. It is real while it exists. The virtual particle does 
not satisfy the usual relation between energy, momentum, and mass 
because it is under the aegis of the Heisenberg uncertainty principle. The 
virtual particle can have any amount of energy momentarily, so long as the 
product ofits energy and the time interval of its existence is less than the 
uncertainty principle's minimum magnitude. 


The coherent interactions of large numbers of virtual particles with a mass 
or charge can combine to generate real observable effects (forces). In 
quantum field theory, all forces of nature are caused by the interaction of 
the mass entity with virtual particles. Interaction of a mass with virtual 
photons, e.g., is projected to cause all mechanical and electromagnetic 
forces. 


virtual particle flux exchange: Interaction with or exchange of a flux of 
virtual particles. 


virtual photon: A photon that spontaneously appears and disappears in 
the vacuum so quickly that it cannot be individually observed. 


virtual photon flux: See definitions under flux and under virtual 
particle. For electromagnetics, the vacuum can often be modeled as a flux 
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of virtual photons. One gets the virtual charges also, since the photon is 
also considered to consist ofa positron-electron pair. That is, the photon is 
continually separating into a positron-electron pair, whose particles then 
annihilate each other to form additional photon(s), etc. 


virtual photon flux exchange: The mutual exchange of virtual photons, as 
between the vacuum and a charged mass, or between two colliding masses. 


virtual photon flux of vacuum: In our view, the vacuum identically is a 
flux of virtual particles. For many electromagnetic cases, it canjust be 
modeled as identically a flux of virtual photons, where the word "photons" 
in general usage refers to both photons and antiphotons. 


virtual positron: A positive electron (positron) which spontaneously 
appears disappears in the vacuum so quickly that it cannot be 
individually observed. Moreaccurately, inthe4-vacuum, anegative 
energy electron state that spontaneously appears and disappears so quickly 
that it cannot be individually observed. A virtual Dirac sea hole. 


Whittaker, Edmund Taylor: Well-known English mathematician and 
physicist, 1873-1956, whomade majorcontributons tomathematics and 
physics. Whittakerdramatically extended Stoney's earlier work of 1897-8 
an authored two papers in 1903 and 1904 giving the basis for the theory 
of scalar electromagnetics (Russian energetics, not including the quantum 
potential portion). His decomposition ofthe scalar potential into a 
harmonic set of longitudinal EM wavepairs, where each pair is a phase 
conjugate pair, may be reinterpreted to solve the long-vexing problem of 
the source charge or source dipole and its continuous emission of EM 
energy in3-space, providing its associated potentials and fields and their 
energy. The problem wassolvedby the presentauthor'sreinterpretationin 
that manner, published in 2000. This was later found to be consistent with 
quantum field theory as well, by interpreting the observability of the 
combined scalar and longitudinal photon pair as opposed to the 
nonobservability ofeitherthe scalar or longitudinal photonindividually. 


Work: The changing ofthe form ofenergy. Onejoule ofenergy whose 
form is totally changed in a reaction, does one joule of work in that 
reaction. However, it is strongly stressed that after that joule of work is 
performed, one still has ajoule of energy left to use (with which to do 
additional work). This remaining joule of energy is just in different form 
than was the initial joule of energy. So one can do joule afterjoule of work 
from a single initial joule of energy, so long as the energy is not dissipated 
and lost after each change ofits form. In any one single change of form, 

only one joule of work can be done from one joule ofenergy. So energy is 
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conserved through many changes of form, but work is not. To work in 
COP>1.0 systems, one absolutely must root out from one's consciousness 
the mistaken notion that only one joule of work can be done from a joule 
of input energy. One of the places where extra joules of work are 
performed by each joule of energy is that of strong gradients. Strong 
gradients are known and recognized to violate thermodynamics. Work is 
further divided into internal work and external work. 


work, external: The changing of the form of the collected energy ofa 
body or system by dissipating it upon an external load or entity is the 
external work done by a body. The changing of the collected energy ofa 
body or system by performing work upon it is the external work done upon 
a body or system. 


work, internal: The changing of the form of the internal energy of a body 
or system. It may also involve the changing of internal parts of the system. 


work-energy theorem: In mechanics, a theorem that the change in kinetic 
energy of a particle in motion is equal to the work done by all the forces 
acting upon the particle. 


zero-point energy: The energy remaining at a temperature of absolute 
zero, due to the Heisenberg uncertainty principle and the quantum 
mechanical theory of an oscillator. Also, the minimum energy of a system 
due to its quantum fluctuations, resulting from its incessant virtual particle 
activity. Quantum mechanically, no system of interest (including even 
spacetime itself) can have zero energy. The zero-point energy of the 
vacuum is the lowest energy vacuum state, with fluctuations taken into 
account. Even at low energies, quantum fluctuations continually arise, and 
result in an incessant, extremely rapid, and violent "jittering" ofthe energy 
momentarily present. The minimum energy due to these quantum 
fluctuations is called the zero-point energy. 


zero vector: Candidates are: (i) A vector having no length (no magnitude) 
or specific direction; (ii) absence of any and all finite vectors; (iii) 
resultant of a system of multiple, finite vectors whose vector sum has no 
specific direction but may have nonzero scalar magnitude. 


The second definition differs drastically from the first. That is, we cannot 
say that a vector resultant zero has no infolded magnitude, if we consider 
its nonzero components, all of which have magnitude. (See the discussion 
under zero). It only has no net magnitude for translating force. It is, in 
fact, a. stress potential, and it is one with a deterministic internal structure 
or engine. By rhythmically and coherently varying each component of a 


734 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


zero vector system, one easily produces longitudinal EM waves,, each of 
which is accompanied by a correlated time-polarized EM wave. In vector 
analysis, the zero vector axiom states that any vector v plus a zero vector is 
equal to a zero vector plus v. Note that, being an axiom, this is not proven, 
but just assumed for any zero vector. We very much disagree with that 
blanket axiom; it reduces vector analysis to a highly special single case, 
where all zero vector systems are to be considered equal, and totally 
"inactive." That is true only for bulk translation. In the real world that need 
not be true at all; specifically, it is not true for two different zero vectors 
having different internal structure and dynamics (different internal 
engines). 


There are an infinite number of different zero vector resultant systems, and 
so zero vectors may differ, if their infolded component "substructure" is 
considered. In the real world, things that are vectors very often have 
energy. The energy is infolded and hidden, so that it represents not only (i) 
a local curvature of spacetime, but also (ii) a structured, deterministic set 
(a template) of curvatures of local spacetime. Therefore this zero vector 
system is actually a vacuum engine. Any mass system placed in such a 
potential, will be acted upon in its internal parts by that local vacuum 
engine; in short, it will have internal work performed on its interior. 
Further, the zero vector resultant system is a "stress potential,” since it 
does contain "collected internal energy." 


So between zero vector resultant systems, the "infolded, hidden energies" 
differ dramatically in (i) total infolded and trapped (collected) energy, (ii) 
specific internal action patterns (templates), (iii) general relativistic 
effects, and (iv) type of engine. Accordingly, the actions the zero-vector 

system induces in an exposed mass may be designed in advance. This is 

vacuum engineering. This spacetime engineering. This is the formation 
and use of engines. It is also one of the bases of Russian energetics. 


The'problem is the vector algebra itself. In the abstract algebra, a "vector 
space" Isregarded as an inert thing, where the only actants are the overall 
net nonzero vectors, and there is no interaction between an overt vector 
and a covert set of vectors. The vector space is not allowed to have an 
internal realm, stress, hidden engines, or to interact with the vectors 
representing the physical system. So vector algebra lacks the capacity to 
model such higher topology phenomenology. Consequently, for over a 

century electrodynamicists _— thinking primarily of spatial translation — 

have routinely discarded such "zero vector systems" as ifthey represented 
the total absenceofany finite vector. This they do, in the unsuitable 
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assumptions ofthe vector algebra. This they do not do, in the real world, 
whether we are aware of it or not. 


The common practice in electrical physics of replacing a zero-summed 
system of nonzero vectors with a vector zero indicating a "complete 
absence of vectors" is very much incomplete. This present practice should 
be changed; it has reduced the topology of electromagnetics far too much, 
and gutted vast, important parts of the theory insofar as an extended 
electromagnetics is concerned. The vector zero should be replaced with a 
special organized vector zero system and a dimensioned scalar potential. 


The interactions ofthe "hidden" vectors — the engines — should be 
incorporated. By failing to do this, physics excludes the ability to engineer 
electrogravitation, spacetime, the virtual state, local general relativity, free 
energy, effects at a distance, and the probabilities of the states propagated 
by the Schrodinger equation. It also excludes unification of forces. As 
another more human example, for every cellular disease condition there is 
a specific engine resident in the cells. An amplified antiengine for that 
disease pattern can fairly readily be generated. That antiengine, embedded 
in ordinary EM fields and potentials, can be irradiated into a diseased body 
with that disease, and it will time-reverse those diseased cells slowly back 
to normal. This is actually the basis of the body's own healing system 

the cellular regenerative system studied mostly by Becker. Unwittingly 
using this "antiengine"” approach, Priore and a team of French scientists 
provided startling cures of terminal cancers, infectious diseases, clogged 
arteries, etc. in laboratory animals in France in the 1860s and early 1970s. 
The work is strongly documented and replicated in the French scientific 
literature, but the work was suppressed in the early 1970s in the change of 
the French government. See our "porthole briefing" on our website 
www.cheniere.org for our extension of the Priore method, for greater ease 
portability, and rapid treatment of mass casualties. 


In the new view, a zero vector may be a system of nonzero vectors that 
vectorially sum or multiply to zero for spatial translation purposes, but 
nonzero components may still exist "inside" and dynamically function 
inside the zero-resultant envelope. This substructure can act on nonlinear 
or resonant systems. Any or all of the nonzero components may be time 
varying, or none of them may be. The zero vector system may thus be a 
dynamic engine and a dimensioned scalar stress potential. In addition, such 
a vector zero system is considered to be also a scalar stress potential, 
whose magnitude is equal to the sum of the absolute values of the 
components. In addition, a separate type of stress potential may be 
included for the magnitude of the absolute values of the swirl components 
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(torques). Other associated potentials may be included for the system, 
particularly ifthe system is in multiple dimensions, if it consists of more 
than one type of virtual particle flux, if several fluxes intercommute, etc. 


zero vector summation systems: Zero summations of real, nonzero 
vectors, so that the real vectors are still present but do not cause spatial 
translation of the exposed mass or charges. Instead, the zero vector 
summation has an internal structure and dynamics, hence an internal 
engine. Also see discussion under zero vector. 
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Appendix A 
Relation to Equilibrium and 
Disequilibrium Thermodynamics 


"The second law [ofthermodynamics] does not rule out 
the possibility of pushing heat uphill, as it were, froma 
cold object to a hot one, or ofcreating order out of 
disorder. It merely states that such a reversal ofthe 
naturalflow requires an influx ofenergy... " [Raymond 
Serway] {697} 


"It is inno way possible, either by mechanical, thermal, 
chemical, or other devices, to obtain perpetual motion, 
i.e., itis impossible to construct an engine which will 
work in a cycle andproduce continuous work, or kinetic 
energy, from nothing. " [Max Planck] {698}. 


"What might appear to be empty space is, therefore, a 
seething ferment of virtual particles. A vacuum is not inert 
and featureless, but alive with throbbing energy and 
vitality. A 'real'particle such as an electron must always 
be viewed against this background offrenetic activity. 
When an electron moves through space, it is actually 
swimming in a sea ofghost particles ofall varieties - 
virtual leptons, quarks, and messengers, entangled ina 
complex melee. The presence ofthe electron will distort 
this irreducible vacuum activity, and the distortion in turn 
reacts back on the electron. Even at rest, an electron is 
not at rest: it is being continually assaulted by all manner 
of other particlesfrom the vacuum." [Paul Davies] {699} 


"Tassert... thatfor the general theory ofrelativity, i.e., in 
the case ofthe general invariance ofthe Hamiltonian 
function, energy equations... corresponding to the energy 
equations in orthogonally invariant theories do not exist 
at all. I could even take this circumstance as the 
characteristic feature of the theory of general relativity. " 
[D. Hilbert] {700} 


"In formulating the equivalence principle, Einstein 
actually abandoned the idea ofthe gravitational field as a 
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Faraday-Maxwell field, and this is reflected in the 
pseudotensorial characterization of the gravitationalfield 
that he introduced. Hilbert was the first to draw attention 
to the consequences ofthis. ... Unfortunately, ... Hilbert 
was evidently not understood by his contemporaries, since 
neither Einstein himselfnor other physicists recognized 
the fact that in general relativity conservation laws for 
energy, momentum, and angular momentum are in 
principle impossible. " [Logunov and Loskutov] {701} 


"No amount of theory can refute a replicable experiment 
that contradicts the theory. A single replicable experiment 
can refute any theory that is in conflict. That is the very 
heart ofthe scientific method. " [Myron Evans, private 
correspondence]. 


"Tt only takes a single white crow to prove that not all 
crows are black. " [Anon.] 


"One of the most important principles of physics, that 
disorder, or entropy, always increases, has been shown to 
be untrue. " [BBC News] {702} 


"One of the most fundamental rules of physics, the second 
law ofthermodynamics, has for the first time been shown 
not to hold for microscopic systems. ... [The 
experimenters]... found that the change in entropy was 
negative over time intevals ofafew tenths ofa second, 
revealing nature running in reverse. ...But over time 
intervals ofmore than two seconds, on overall positive 
entropy change was measured and normality restored." 
[Chalmers] {703}. 


"We experimentally demonstrate the fluctuation theorem, 
which predicts appreciable and measurable violations of 
the second law ofthermodynamics for small systems over 
short time scales... Our results show entropy consumption 
can occur over colloidal length and time scales. " [Wang 
et al.] {704}. 


A.1 Introduction 
For excellent background books on thermodynamics matters, at various 
levels of difficulty, the reader is referred to texts by Gyftopoulos and 
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Beretta {705}, Kondepudi and Prigogine {706}, Chalidze {707}, and 
Dugdale {708}. 


It has long been known in physics that at sufficiently small levels (e.g., 
atomic levels) the second law of thermodynamics does not always hold 
true. Recently, as quoted above, Wang et al. {704} have extended this 
area of permissible violation of the second law to much more appreciable 
times (a few tenths ofa second) and lengths (the micron scale). Without 
further discussion, we note that this places regions and times of negentropy 
well-within circuitry switching times and interaction with fundamental 
chargedparticles. Hence these experiments are beginning to point the way 
to practical negentropic devices. When coupled with the demonstrated 
continous giant negentropy of a charge (considered with its clustering 
virtual charges of opposite signs), these experiments now strongly support 
the feasibility of practical overunity EM circuits and systems. The 
interested readerisencouragedtocontinuetoreadtheliteraturealong 
those lines, and stay abreast of developments in that field. 


In this book we have presented considerable discussion of time-energy 
(time as a special, highly compacted form ofenergy). We have also 
discussed the three components ofthe supersystem, including the system, 
the local active vacuum, and the local curvatures of spacetime. All three 
componets ofthe supersystem interact with each other continuously, and 
such Interactions are not modeled in classical thermodynamics (CTD), 
classical electrodynamics (CED), or electrical engineering (EE). Hence 
one should not be surprised that the supersystem model and supersystem 
analysis involve contradictions (actually, extensions) of these three 
models, which are special cases and approximations only. 


All COP>1.0 EM systems result from supersystem component interactions. 
SoCOP>1.0 EMsystems are inconflict with CTD, CED, and EE since 


these three models exclude those interactions. 


To falsify any absoluteness of the three models considered, one or more 
solid, demonstrable, replicableexperimentsarepresentedtoestablish 
validity of the new higher symmetry approach. This is sufficient to negate 
the conventionally accepted absoluteness ofthe lower symmetry CTD, 
CED, and EE models. Scientifically, these experiments suffice to 
demonstrate that those three models describe "“special-case domains of 
nature" rather than full generalizations ofnature. Itis clearly understood 
that the three models remain very useful and very often quite sufficient, 
just as Newtonian mechanics is useful and often sufficient, without use of 


relativistic mechanics. 
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The experiments also falsify any interpretation of the three models as 
"proof that COP>1.0 systems are impossible. Accordingly, many of the 
accepted statements and assumptions of the three models must be corrected 
for COP>1.0 research, as must be the conventional interpretation that the 
laws of nature (as understood based on those three models) prohibit 
COP>1.0 EM systems. This follows directly from the quotation by Evans 
at the beginning of this appendix. Experimental evidence of COP>1.0 is 
abundant and decisive, such as the many hundreds of routine "negative 
resonance absorption of the medium" experiments as typified by Bohren's 
paper {709} and experiment and Letokhov's work {710}. Also, every 
charge in the universe already falsifies all three models, as amply 
discussed in this book. That fact for at least a century has generated the 
source charge problem — the problem ofthe source charge and its 
associated fields and potentials and their energy, reaching across the 
universe. The solution to this problem was published by the present author 
in 2000, based on the experimentally proven and well-established broken 
symmetry of opposite charges, such as are on the ends ofa dipole. 


In the extended approach, conservation of energy in 4-space does not 
require simultaneous conservation of energy in 3-space. The concept of 
energy conservation in 4-space does not exist in the three models 
mentioned, which contain only 3-space energy conservation. There exists a 
"giant negentropy” 4-space energy flow (circulation) mechanism, as we 
developed in this book, and it is experimentally demonstrated by every 
charge in the universe. In a classical 3-spatial energy conservation analysis 
and view, the giant negentropy action may continuously perform useful 
work in a system, since it already furnishes all EM field energy and 
potential energy in every system. All 3-space energy conservation is an 
extra condition imposed upon 4-space energy conservation, and that 
condition may be violated at will without violation ofthe general 
conservation of energy law. 


To the three conventional models mentioned, 4-symmetry in energy flow 
with broken 3-symmetry, will appear to be perpetual motion and a total 
violation of the more limited 3-space conservation of energy law. It does 
permissibly violate 3-space energy conservation, which is just a special 
case a priori. But it is not a violation of energy conservation overall, since 
we are using a more fundamental energy conservation law (4-symmetry) 
than the 3-symmetry used in the mentioned CTD, CED, and EE models, 


In short, the three models must be extended to provide 4-space energy 
conservation with simultaneous violation of 3-space energy conservation, 
accompanied by simultaneous time-symmetry energy flow violation. The 
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two broken symmetries — of 3-space energy flow and of time domain 
energy flow — thus act as a special extension of the notion of symmetrical 
regauging, accomplishing it by "equal and opposite-effecting" fields, one 
in the lime domain and one in 3-space. 
Ironically it then follows that what have heretofore been conceptually 
called "perpetual motion machines" with respect to 3-space energy 
conservation are simply attempts — successful or unsuccessful — to build 
analogues of a windmill turning in a free wind and powering a load. In 
short they are attempts to duplicate in systems what every charge in the 
universe already demonstrates unequivocally. Nature's CTD, CED, and EE 
do not prohibit such systems — again, as evidenced by every charge in the 
universe demonstrating exactly such "perpetual motion" (we prefer the 
exact term "giant negentropy") and violation of present human CTD, CED, 
and EE. None ofthe original charges from the beginning of the universe 
has slowed and stopped its motion, or stopped pouring out EM energy 
freely, in some 14 billion years or so. And charge may be taken as the most 
basic Maxwellian system. Further, all EM fields and potentials, and their 
energy, comes from their source charges. So those so adamant against 
perpetual motion machines should first purge their own three models of 
their assumed perpetual motion machines. Ifthis is done, they will purge 
the three models of all charges, fields, and potentials — and all EM energy 


in the process. In short, the three conventional models used by those same 
skeptics so loudly condemning "perpetual motion machines" will eat 
themselves" by swallowing their own tail, so to speak. 


in short,all three models are easily falsified by every charge in the 
universe, as well as by every EM field and potential, and by the existence 
ofEMenergyitself. 


Either their models must surrender any pretense at absoluteness and accept 
being useful approximations only, orelse the conservation ofenergy law 
itselfmust besurrendered. 


Conventional CEM, CTD, and EE have just hidden this appalling fact and 
convealed the serious flaws in the modeling by ignoring what Sen {711} 
reffered to as " the most difficult problem in classical and quantum 

electrodynamics. "We believe it will very difficult to find a single 
electrical engineering department or professor or text that deliberately 
acquaints electrical engineering students with the source charge problem 
and its implications. 


As anexample,in Chapter 9 we presented an experimentally verified and 
patent-pending method for a special energy conversion method. This 
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method is proven on the laboratory bench. With this method, a system 
accepts time-energy and negative energy input, converts it to ordinary 
positive 3-spatial energy, and uses the converted input energy to close-loop 
an EM system far from equilibrium. With that conversion process invoked 
in a governed feedback loop, the COP>1.0 system becomes "self- 
powering" (an informal term referring to the system freely receiving all its 
input energy from its active environment). Self-powering, of course, 
involves the system continuously operating and performing useful work, 
analogous to a windmill in a wind and powering a water pump. 
Rigorously, the self-powering COP = 00 EM system becomes directly 
powered by energy from the broken symmetry induced in its supersystem 
component interactions. 


In Chapter 10 we presented the novel concept of the time-reversal zone 
(TRZ), which uses the extraordinary EM energy density of time to reverse 
the Coulomb barrier in nuclear reactions in an electrolyte {712}. This 
enables nuclear transmutation reactions at low spatial energy (but at very 
high total energy when time energy is also considered). There are some 
600 successful cold fusion experiments worldwide, in multiple 
laboratories, by multiple researchers, and most of these experiments 
demonstrate examples of the specific nuclear reactions made possible by 
the actions of the TRZ. The time-energy anomalies are directly 
demonstrated in rigorous electrolyte experiments at U.S. Navy research 
facilities at China Lake, as we have also discussed in this book. So the 
experimental results are replicated and well proven. Hence there is 
adequate, replicated experimental demonstration that additional nuclear 
reactions exist outside the conventionally known nuclear reaction model. 
Therefore the set of conventional nuclear reaction models also is reduced 
to a special case domain, with any absoluteness of those models already 
experimentally falsified. Either that, or we must abandon scientific model 
where successfully replicated experiments falsify any theory in 
contradiction to the experiments. 


In our proposed solution to the source charge problem {71 1b}, we found a 
broken 3-symmetry in energy flow while 4-symmetry is maintained. This 
is a more primary principle of energy conservation. We called this 
principle "giant negentropy", which is laughably simple to demonstrate 
experimentally, since every charge and dipole in the universe already 
demonstrates it. We showed that such giant negentropy is consistent with 
quantum field theory, particle physics, and a slight corrective 
reinterpretation of Whittaker's 1903 decomposition of the scalar potential 
The experimentally proven and theoretically justified giant negentropy 
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falsifies any absoluteness of the CTD, CED, and EE models in conflict 
with it. 


Again, this does not mean that one abandons the CTD, CED, and EE 
models! They are still very useful models in most cases of interest. It 
means that these present models are still incomplete, and extended models 
must be developed and used for COP>1.0 EM system research. It also 
means that none of these three models is valid as a prohibition ofthe 
permissibility of COP>1 EM systems. 


All EM energy in 3-space comes from the time domain and returns to it. 
Since all three models exclude time-energy and its transduction into spatial 
energy, all three are in conflict with the proven giant negentropy model 
and with the unlimited experimental demonstrations. Accordingly, the 
experimentally demonstrable giant negentropy of the charge and dipole 
strongly points out the inadequacy ofthe three models and the nuclear 
reaction models, which do not account for time reversal zones, or time- 
energy and its transduction into a very large magnitude of 3-space energy. 


In paragraph A.2 below, we briefly discuss some of the fundamental but 
permissibie supersystem violations ofthese older models of CTD, CED, 
and EE, and provide some comments. It is obvious that all three classical 

models need very serious updating and extension. We point out that 
exceptions to present thermodynamics models and "laws" already are 
recognized{713}, and work on such exceptions is being performed under 
the heading of extended thermodynamics {714}. 


In effect, all three models exclude every charge, dipole, or dipolarity in the 
universe - which therefore excludes all matter, fields, and energy - 
somethingcompletely untenable in modern electrodynamics and modern 
physics. Since the fundamental nature ofthe "heat" notion of CTD is 
electromagnetic field energy, and all EM fields and potentials (and their 
energy)areexcluded if their source charges are excluded, then heat itself 
is excluded by the three models. That is, CTD is also totally falsified by 
CED'S exclusion ofthe source charge's demonstrated giant negentropy, 
which in effect excludes heat itself. This is a non sequitur of such 
magnitude that it absolutely requires the complete rework of CTD, CED, 
and EE. 


A.1.1 Featurcs of the Development of Thermodynamics 
In the development of thermodynamics, a few key events of interest are 
listed in Figure A-1 below. 
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Selected Events in the History of Thermodynamics {715} 





1673 Huygens builds a motor driven by gunpowder 
explosion. 

1690 Papin uses steam to move a piston. 

1712 Newcomen develops a steam engine. 

1723 Stahl popularizes phlogiston and Becher's 
concepts. 

1724 Boerhaave proposes that heat is a fluid. 

1733 Bernoulli publishes a text that is the first truly 
statistical treatment of kinetic theory, and 
publishes an update in 1738. It is almost forgotten 
until 1859. 

1765 Watts invents a steam engine that is more than six 
times more effective than Newcomen's engine. 

1783 Lavoisier points out the weakness of phlogiston 
theory with respect to combustion. 

1786 Lavoisier and Laplace provide a Memoir on Heat. 

1789 Lavoisier publishes his Elementary Treatise on 
Chemistry, which presents the law of conservation 
of mass. 

1791 Prevost publishes a theory of heat and radiation 
exchange. Richter founds stoichiometry. 

1798 Thompson demonstrates the conversion of work 
into heat, in his Enquiry Concerning the Source of 
Heat which is Excited by Friction. 

1799 Davy's experiments seriously challenge phlogiston 
theory. 

1800 Herschel explores the heating ability of different 
frequencies of light. 

1802 —_Lussac establishes the thermal expansion of gases. 

1803 Dalton forms his atomic theory of matter, setting 
the stage for atomic chemistry. 

1804 Leslie shows that light and radiated heat have 
similar properties. 

1806 Young formulates a precursor to the modern 
kinetic energy. 

1811 Poisson develops a mathematical theory of heat, 
based on Fourier's work. Avogadro presents his 
law. Berzelius states that electrical and chemical 
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forces are the same and that atoms are electrically 
charged. 

Dulong and Petit show an empirical law on the 
specific heat of solids. 

Carnot studies the thermal efficiency of machines, 
introduces reversible transformations, and 
generates the foundations of thermodynamics in 
his "Reflections on the Motive Power of Fire". 
Coriolis defines "kinetic energy". 

Clapeyron presents the first version of the second 
law of thermodynamics, based on steam engine 
studies. 

von Suerman experimentally verifies Clapeyron's 
version of Carnot's equations. 

Mayer equates the conservation of energy law and 
shows the equivalence between heat and 
mechanical energy. 

Waterston anonymously publishes an accurate 
kinetic theory of gases. It is essentially ignored. 
Waterston submits a beautiful paper on the kinetic 
theory of gases to the Royal Society. It is rejected 
and ignored for more than 40 years, until finally 
resurrected by the President of the Royal Society. 
Helmholtz generalizes the conservation of energy 
law for mechanical, caloric, electric and magnetic 
energy. 

Lord Kelvin introduces the absolute temperature 
scale. Joule finishes establishing the exact relation 
between heat and mechanical work; his work is 
almost ignored. 

Clausius states the second law ofthermodynamics. 
Thomson derives the second law of 
thermodynamics based on Carnot's work. 

Rankine publishes Outlines ofthe Science of 
Energetics. 

Clausius establishes heat as energy distributed 
among particles. 

Clausius introduces the idea of the mean free path 
of a colliding particle. 
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Kirchhoff establishes the thermodynamic 
foundation of radiation theory, and completes the 
basic radiation theory in 1862. 

Maxwell provides studies in kinetic theory of 
gases and gives the distribution of molecular 
velocities. The paper, "Illustrations ofthe 
Dynamical Theory of Gases," was read in 1859. 
Maxwell shows a discrepancy between experiment 
and the kinetic theory of diatomic gases. It was not 
resolved until the early stages of quantum theory. 
Kirchhoff advances the notion of the blackbody. 
Clausius, Rankine and Kelvin provide the concept 
and definition of entropy. 


1860-1877 Boltzmann and Gibbs provide the 


1867 


1874 
1877 


foundations of statistical classical mechanics. 
Maxwell publishes On the Dynamical Theory of 
Gases, his major work on the kinetic theory. 
Thomson points out the reversibility paradox. 
Boltzmann defines entropy in terms of 
probabilities. 


1873-1878 Gibbs publishes several important papers 


1879 


on thermodynamics, widely influencing scientists. 
Boltzmann establishes the relation between 
radiation intensity per unit area of a blackbody, 
and the absolute temperature. Stephan formulates 
the "Stephan-Boltzmann law" Ry = oT”. 


1879-1899 Discoveries of various laws and effects, 


1900 


1905 


1906 


1909 


particularly at the micro level. 

Planck proposes the quantum of action and derives 
the correct radiation spectrum for blackbodies. (He 
published the definitive paper in 1911). 

von Smoluchowski and Einstein independently 
investigate Brownian motion. Einstein publishes a 
paper on the photoelectric effect. 

Nernst advances his heat theorem, where at 
absolute zero temperature both heat capacity and 
entropy change go to zero. This is later recognized 
as the "third law of thermodynamics". 

Einstein corrects Planck's blackbody derivation. 
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1910 Perrin experimentally validates Einstein's 
calculations on Brownian motion, providing a 
strong argument for the existence of atoms. 

1911 Rutherford proposes the nuclear model of the atom. 
Sackur points out the need for an absolute 
definition of entropy. Nernst's experiments provide 
strong support for the new quantum theories. 

1925 Born, Heisenberg and Jordan formulate quantum 
mechanics from matrix algebra. Einstein points out 
that the analogy between quantum gases and 
molecular gases is complete; photons and 
molecules have both wave and particle 
characteristics. 

Figure A-]. Key Events in the History of Thermodynamics 
up to the Development of Quantum Mechanics. 


During the early period ofscience, acontinuing struggle between various 
notions of esoteric fluids and fluid flow occurred. French scientist 
Lavoisier (1743-1794), regarded as the father of chemistry, is identified 
with the concept of heat as an invisible fluid, which he named "caloric". 
The notion was that one drove this invisible fluid — this caloric — out of 
a material by some action such as mechanical friction or combustion. This 

produced the "manifestations" of what was loosely called "heat". In short, 
caloric was considered to be "heat" which was itself an esoteric fluid. In 
his famous Treatise {716}, published posthumously, atoms were still in 
dispute. However, Lavoisier listed the known elements, and included light 
and heat as elements. Asimov pointed out {717} that Lavoisier had 
"... eradicated one imponderable fluid, phlogiston, but it was only partly 
through his influence that caloric, just as false, remained in existence in 
the minds of chemists for a halfa century. " 
Caloric dogmatically existed in the minds of scientists deeply into the 
nineteenth century, until Maxwell and Boltzmann produced theories that 
strongly supported the concept of atoms as the building blocks of matter. 
In the late 1790's, Count Rumford (Benjamin Thomson) showed that the 
supplay of heat that could be "driven from matter" was unlimited, which 
totally contradicted the caloric theory {718}. Yet the notion of caloric 
persisted until Maxwell's theory eventually killed it, once application of 
that theory showed that heat was comprised of EM energy. 
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The fundamental ansatz of thermodynamics was formed and solidified 
before the advent of modern physics, and even before Maxwell's theory of 
electrodynamics, and before heat was known to be electromagnetic energy. 
It has unjustifiably retained an aura of "absoluteness" and dogma, even 
though its foundations concepts are based on outdated notions already 
scientifically falsified as far as any absoluteness is concerned. As Mallove 
states {719}: 


‘Tt is astonishing to realize that many modern conceptions 
(or laws’) in the science ofheat— thermodynamics — 
arose during the nineteenth century, a period ofutter 
confusion about the fundamental nature ofheat. How 
could it have been otherwise, given that the very existence 
ofatoms was still in question! One sees the shakiness of 
the claim that the laws ofthermodynamics had reached a 
State of'near perfection' in the twentieth century ...when 
they infact rested on this very flawedfoundation. " 


During that formative period, the notion of the conservation of energy was 
also being searched for, as if in a thicket of brambles. For some time, any 
notion of energy conservation was seen as directly contradicted by caloric, 
and — in formulating the heretical notion that energy is conserved — 
pioneers such as Mayer {720} were severely castigated. 


In 1850 Clausius resolved the conflict between caloric and conservation of 
energy in a seminal paper {721}. 


Mallove {722} explains how the theory developed from there: 


"In one fell swoop Clausius 'scooped' Kelvin and cast into 
precise form both the First and Second Laws of 
Thermodynamics — energy conservation, and the limit of 
the Carnot efficiency." 


Clausius' statement of the Second Law is: "Jt is impossible for a self-acting 
machine, unaided by an external agency, to convey heatfrom one body to 
another at a higher temperature. " 


In 1851, Thomson (Lord Kelvin) stated the Second Law as: 


‘Tt is impossible, by means ofinanimate material agency, 
to derive mechanical effectfrom any portion ofmatter by 
cooling it below the temperature ofthe coldest ofthe 
surrounding objects." 
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In 1865 — the same year that Maxwell published his seminal paper in his 
electrodynamics {723} — Clausius derived entropy and showed the two 
laws of thermodynamics expressed in the same way as the old caloric 
theory. Clausius used the concept of "entropy" to represent the "dissipated 
potential". Inapublic speech with the title "The Entropy ofthe Universe 
Tends toa Maximum," Clausius included how thermodynamics requires an 
eventual heat death for the universe. His view was that 


"The energy ofthe universe remains constant (first law), 
while entropy increases. " {724} 


We stress that the notion ofthe flow of EM energy through space did not 
originate until the 1880s, when Heaviside and Poynting formulated it 
independently. Neither relativity — with its notion of a combined 
spacetime - nor the Minkowski space had been born. Neither had 
quantum mechanics, quantum electrodynamics, quantum field theory, etc. 


For a succinct and very useful listing of the major developments in the 
history of thermodynamics and statistical mechanics, one is referred to the 


work of Biggus {725}. 


A.1.2 Inadequate Fundamental Definitions in Thermodynamics 

In the view we take in this book, energy is the all-important concept, in all 

its forms, no matter how esoteric. The interactions of energy with matter 

must therefore — be extended to include all known energy interactions, not 

just those prescribed by CTD or CED. Consequently, two fundamental 
definitions of thermodynamics are faulted by the supersystem concept. 


First, thermodynamics defines an open system as one that is open to the 
exchange of energy and mass across its boundary. No concept or 
discussion of virtual energy, virtual mass, time-energy, or multiply 

connected space effects is included. Further, mass is actually a special 
form of energy, and hence this definition only prescribes the exchange of 
energy across the system boundary. 


Second, thermodynamics defines a closed system as a system with no mass 
exchange across its boundaries, but heat (energy) exchange is permitted. 
This definition has been a non sequitur since general relativity was 

established in 1915, and also since caloric (heat) was identified as energy 
rather than a thin material fluid that was forced or beaten out of matter by 
doing work on the matter. Since then, energy and mass are also known to 
bethesamething, asestablishedby generalrelativity. Wheneverthe 
energy of a system changes, its mass changes a priori. So a system thought 
of as "closed to any mass transfer across its boundaries" still undergoes 


751 


ENERGY FROM THE VACUUM- CONCEPTS & PRINCIPLES. 


mass change due to the exchange of energy across its boundary. Further, 
the definitions of "closed system" and "open system" are not mutually 
exclusive. As an example, a system exchanging energy but not mass across 
its boundary can be classified as a "closed system", and also as an "open 
system" where normal exchange of mass is blocked but the mass of the 
system still changes as the systems absorbs and emits energy. 


Rigorously, even the energy of a system cannot individually change in 
3-space, without first invoking 4-space change! Instead, the "energy x 
time" — the action — ofthe system is what moves and changes in 4-space, 
Observation applies a d/dt operator, resulting in a 3-space energy observed 
as having already happened or been fixed. 


The modern view of gravitation is that the energy in mass generates the 
gravitational field, not the mass per se {726}. Also, mass is an observable, 
hence it is a continuously recurring 3-spatial snapshot that does not even 
continuously exist as mass, but alternately as mass and masstime. The 
assumption of the continuous existence in mass is falsified by the quantum 
mechanical nature of observation itself; hence all three models — CTD, 
CEM, and EE — are falsified. 


Nonetheless, let us continue to use the conventional notion of "flow of 
energy" and "flow of mass" for convenience. 


The thermodynamic definition of "open system" ignores the state in which 
mass exists as "masstime". No "change of mass", flow of mass, etc. occurs. 
Instead, masstime can flow or change, but mass is an observable and thus 
frozen 3-space snapshot at one instant. Time is "outside" any 3-space 
material system, hence when mass becomes masstime, it already 
"exchanges across the system boundary". For a mass merely to continue to 
exist requires the exchange ofmass across the 3-space system boundary. 
Indeed, only "masstime" can be changing, so in failing to consider 
masstime, the definition is falsified as it stands, in its very assumption of 
"continuous change of mass" when there is no such thing in all of nature. 
As stated, a similar consideration applies to energy, which does not and 
cannot "continuously exist in 3-space" at all, and cannot continuously 
change. Also, time is highly concentrated energy as we develop in this 
book, and time certainly "exchanges across the boundary" of any mass 
system. Time may be taken as a sort of "multiple connection" in space, 
since in theory each point in space is said to "exist simultaneously” in the 
same time-point. 


With quantum potential connection, external energetic processes may be 
"superposed instantly in multiply-connected space” with one or more 
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points of the "closed system". Hence, ifthere exist processes in the system 
to transduce time-energy into 3-spatial energy — as in the well-proven 
cold fusion experiments — matter changes including nuclear 
transmutations can and do occur. Then the "system closed against mass 
motional exchange through 3-space" (which does not even concretely 
exist) is not closed against mass changes at all. 


To eliminate the mass-change effects of energy transfer across the system 
boundary, the present thermodynamic definition ofa closed system must 
be completely recast into what thermodynamics presently calls an isolated 
system - one in which neither energy nor mass is exchanged across the 
system boundary. No such system exists in the universe, since merely to 
exist it has to be open to continual energy exchange between time and 
3-space domains, mass has to continually interchange between mass and 
masstime, andenergy has tocontinually interchange betweenenergy and 
(energy x time). The blunt truth is that only open systems exist in nature. 


All systems are open systems in their supersystem interactions, and they 
can and do exchange time-energy and mass changes due to spacetime 
curvatures and active vacuum changes. Any local spacetime curvature 
made by an energy change in a system or nearby, also reacts back upon the 
system from its local curved spacetime environment. It may react in a 
totally energetic fashion, or it may react to produce mass in the system (as 

in pair production). In the book we pointed out that the supersystem 
components external to the system can also interact in the system to 
eliminate mass (as when a Dirac hole combines nonradiatively with a 
Dirac election). 


Finally, the notion of an "open system" as one in which energy and mass 
both can be exchanged across the system boundary must be extended to 
include a system which can also exchange time-energy, spacetime 
curvature energy, virtual particle flux activity and energy, and other 
supersystem effects across the boundary. Further, the notion that a "closed 

system"can be open to energy exchange but not mass is totally falsified in 

modern physics’ virtual particle exchange between environment and 
system. Virtual mass — which is physically real — is continually 
exchanged across the system boundary. Though each virtual mass particle 
is individually unobservable, coherent summations are observable. 


To properly evaluate the conventional thermodynamic definitions of open 
system, closed system, and isolated system, simply select and use a 
physics model containing only one fundamental unit, the joule. Now all 
basic entities are made of energy and functions of energy. So all basic 
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entities are forms of energy; e.g., both mass and time are special forms of 
energy. As presented previously in this book, to even "exist in time” a 
system is continually exchanging and transducing 3-space energy and time 
energy, across its boundary at an enormous rate. Every system is an open 
system, a priori, and the thermodynamic "closed system" is a non sequitur. 
The thermodynamic "isolated system" is revealed as the early attempts to 
deal with observation; i.e., the observed system as a series of frozen 
3-space snapshots (effects), each stripped from a 4-space ongoing process 
at a single moment by the observation process d/dt (LLLT) = LLL. Each 
snapshot is an isolated system (which is what observation produces). Now 
we understand that this "isolated system" existed only at a single frozen 
instant, continually recurring, and never existed continuously in time at all, 


So in view of today's physics, the old thermodynamic "isolated system" 
concept is an early attempt to deal with observation of the system without 
input or input (without dynamics, hence frozen). "Closed system" is a non 
sequitur since mass is energy and energy is continuously exchanged across 
the system 3-boundary in several forms. Both virtual mass and virtual 
energy are continuously exchanged across the system boundary. It follows 
that the only type of system existing continuously in nature is the open 
system. The other two "types of thermodynamic systems" are at best only 
approximations for special cases. 


Under modern physics and the new definitions, we conclude that there is 
no such thing as a truly closed or isolated system continuously existing in 
the universe. Hence that very definition disappears, as far as any 
absoluteness. It is retained only as a useful approximation in special cases, 
when the more esoteric mass effects and energy effects are intentionally 
omitted or negligible, and only classical effects are of importance. Any 
scientist dogmatically objecting to COP>1.0 EM systems on 
thermodynamics grounds alone, simply reveals his lack of knowledge (or 
lack of acceptance) of modern physics. 


This is similar to the situation existing between Newtonian mechanics and 
relativistic mechanics. We can still use the Newtonian model for many 
practical matters, since the relativistic effects are often small and nearly 
inconsequential. Similarly, the present CTD concept of "closed system" 
now assumes that kind of relationship to one class of open systems in 
which the more esoteric reactions are negligible or inconsequential. But 
rigorously, all systems are now open systems, removing a gross non 
sequitur in CTD which is especially violated by COP>1.0 EM systems 
including every charge in the universe. 
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This is a correction to both equilibrium (classical) thermodynamics and 
disequilibrium thermodynamics. Unfortunately the two disciplines have 
continued to use the same (old) definitions for closed system and open 
system. Hence both equilibrium and disequilibrium thermodynamics at 
present are useful approximations, and their "laws" must not be 
misinterpreted as "absolute". Thermodynamics remains a very useful 

model, but further development is also indicated. Indeed, presently such 
scientific development and extension of the thermodynamic model is being 
done under the heading of "extended thermodynamics". 


A.2Comments on Problems with Thermodynamics 
Quoting, from Kondepudi and Prigogine {727}: 


"Every system is associated with an energy and an 

entropy. When matter undergoes transformationfrom one 

State to another, the total energy remains unchanged or is 

conserved; the total entropy, however, can only increase 

or, in idealized cases, remain unchanged. " 
The absoluteness of that statement is falsified by the solution {12} of the 

long-vexing probleminCED ofasource charge and its associated fields 

and potentials. The observable charge is a charged mass and thus a 
Maxwellian system. It is also a thermodynamic system, meeting the 
present erroneous definition of a "closed system" utilized in both 
equilibrium and disequilibrium thermodynamics. No observable mass 
crossed the system boundary, although virtual mass continually crosses it. 


The charge is "fed" by a more esoteric energy input in disordered form (the 
virtual particle flux energy of vacuum), yet it outputs ordered observable 
EM energy spreading radially outward at the speed of light across the 
universe. Thechargeincreasesandsustainstheorganizedenergy density 
of a volume of space depending on the radius ctf, where ¢ is the time since 
the formation of the charge and c is the speed of light in empty space. This 
continous outflow of observable energy is a continuous and giant 
negentropy,exhibitedbyeverysourcechargeanddipole.Whenpositive 
charge, negative charge, polarization of space, and both positive and 
negative energy are considered, what is spreading is precisely a reordering 
of the active vacuum — in short, a giant and increasing negentropy. Since 
the universe is filled with charges, this is a natural process continuously 
ongoing everywhere in the universe. 


Re-quotingSerway(697}: 
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\The second law [ofthermodynamics] does not rule out 
the possibility of pushing heat uphill, as it were, from a 
cold object to a hot one, or ofcreating order out of 
disorder. It merely states that such a reversal ofthe 
naturalflow requires an influx ofenergy... " 


Our comment is that any mechanism by which the system receives extra 
usable energy in forward time, or is time-reversed, enables the system to 
permissibly violate any narrow interpretation of the second law of 
thermodynamics. The second law was formulated in accord with forward 
time assumed, and with the old definition of "closed system", which 
erroneously permitted energy exchange but ignored the mass effects of 
energy exchange. Therefore, the second law is a special case for 
equilibrium in its energy exchange with its active environment, but 
effectively allowing its own negation anyway, and it always has. In the 
new approach with altered definitions, all EM systems are open systems, 
and they may also be brought into disequilibrium (in excited states or 
potentialized condition). Thus in theory all systems are permitted to violate 
the second law,particularly when broken symmetries in their supersystems 
are involved. This is especially true of EM systems, where all the EM field 
energy and potential energy in the system— even in the matter itself— 
comes from the active vacuum environment (particle physics view) by 
means of the broken 3-symmetry of the source charges and dipoles. The 
condition of 4-symmetry in energy flow exchange together with broken 
3-symmetry and t-flow symmetry, is a disequilibrium condition and an 
excited state. Every charge and dipole already exhibits this state and the 
giant negentropy condition. 


To first order, then, one may say that the present second law assumes no 
broken 3-symmetry or broken t-flow symmetry in energy flow, while 
violation of the second law assumes broken 3-symmetry and broken t-flow 
symmetry. 
Quoting Serway {728}: 

"Thermal equilibrium is a situation in which two objects 

in thermal contact with each other cease to have any net 


energy exchange due to a difference in their 
temperatures." 





Our comment is that net energy exchange — to include time-energy 
exchange and negative energy emission, absorption, and transduction 

are not modeled in thermodynamics and are arbitrarily excluded in the 
quoted statement. Since both are exhibited experimentally, the statement is 
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falsified as far as being absolute. Instead, it is a special case and a useful 
approximation when some ofthe esoteric energy considerations are 
negligible. 


Quoting Serway again {729} on the zeroth law of thermodynamics: 


"If objects A and B are separately in thermal equilibrium 
with a third object, then A and B are in thermal 
equilibrium with each other. " 


A corollary is stated by Serway {730} as: 


"two objects in thermodynamic equilibrium with each 
other are at the same temperature. " 


Our comment is that these statements are true ifthe time-energy exchange 
is identical among all three. Otherwise, they are not necessarily true. It is 
not generally true, e.g., for a system in an accelerated frame. Also, the 
zeroth law is not necessarily true ifnegative energy (and/or its 
transduction is involved with one or more of the objects. 


An example: A and B are at the same temperature as C, as measured by a 
thermometer. But A is also emitting negative energy, which is being 
absorbed byB,to maintain A and B at the temperature of C. A and B are 
not in real thermal equilibrium in their supersystem interactions, even 
though they are at the same macroscopic temperature. A second example: 
A is emitting negative energy to maintain its temperature, while B and C 
are not. The supersystem of A is not in real thermal equilibrium with the 
supersystem of either B or C, even though the observed temperatures of A, 


B and C are the same. 
Quoting {731}on what is meant by the term "heat": 


"heat is treated as anotherform of energy that can be 
transformed into mechanical energy. ".... "The word heat 
should be used only when describing energy transferred 
from one place to another. That is, heat flow _is an energy 
transfer that takes place _as_a_ consequence of temperature 


difference _ only." 


QuotingLindsay andMargenau {732}: 








"A complete statement ofthe first law comprises two 
assertions: (a) heat is aform ofenergy, (b) Energy is 
conserved." 
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The statement in (a) that heat is simply a form of energy is misleading, and 
the statement in (b) that energy is conserved must be expanded to include 
total energy, not just heat and the presently accounted forms of energy. 
Specifically virtual particle energy, time-energy, and energy from the 
curvature of spacetime must be included. 


More correctly, heating is a form of energy disordering or energy 
scattering. As previously pointed out, entropy itself was and is conceived 
as the dissipation (irretrievable loss) of potential energy. Heat thus would 
be the process of energy disordering, which means that heat is a form of 
the process of entropy (loss of control of the energy). Note the strong non 
sequitur with the notion that heat is energy. Heat cannot logically be both 
energy and the dissipation ofenergy. The concept of energy (its mere 
presence) is not identical to the concept of scattering of energy or transfer 
of energy, but the concept of heat is identical to it. The thing is not 
identical to something done to the thing or to transfer of the thing to 
another place. A form of scattering of order is not a form of ordering. 
Transfer of heat is a transfer of disordering of energy, not the transfer of 
energy per se. Hence, considering heat as simply "heat energy" is a 
fundamental non sequitur of classical thermodynamics, and remains so to 
the present day and in the present textbooks. For an example of strong 
support of this position, see Romer {733}. Quoting {734}: 


"The work done on (or by) a system is a measure of 
energy transfer between the system and its surroundings, 
whereas the mechanical energy (kinetic or potential) is a 
consequence of the motion and coordinates ofthe system. 
Thus, when you do work on a system, energy is 
transferred from you to the system. ... one can refer only 


to the work done on or by a system when some process 
has occurred in which the system has changed in some 


way.” 
Our comment: Consider a system which "ping-pongs" the energy it 
receives from the environment, between two parts of itself. In each part, 
the form of the energy is changed by that interacting part and that does 
work upon the part. But the new form of energy remaining after the work 
was done in that component is not lost but is ping-ponged to the other 
component, where it does work upon that component, and so on. In this 
case, each joule of energy input from the environment does more than a 
single joule of work, with the work performed being limited only by the 
ability of the system to sustain and contain the "ping-ponging". There is 
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work but no entropy ifthe energy doing the work (changing its form) is 
not lost from system control! 


There is no law of "work conservation" in nature, and a joule of input 
energy can do more than one joule of work (as in this example) if 
repetitive changes of its form are considered. Thermodynamics arbitrarily 
excludes such cases, and hence is incomplete. Again, the conventional 
perception ofthe absoluteness of thermodynamics is falsified. It models a 
special case where the energy can be "used" to do work only once, and 

then all control of the new form of the energy (it is all still there, just in a 
different form) is lost. 


For a particular substance, the heat capacity C is usually defined as the 
amount of heat energy needed to raise the temperature ofthe sample being 
tested by one degree Celsius. This definition assumes only one "use" of the 
energy to perform work in the substance, and completely ignores 
"multipass,multi-use" of the energy to perform more than one joule of 
work from one joule of input energy. As an example, if an equal amount of 
positive and negative energy is steadily input, then no amount ofthe 
positive heat energy input component would raise the temperature at all. 
The modern active vacuum, with a local energy density in the region of 
10*° or more grams per cubic centimeter (expressed in mass units), 
nevertheless is harmless to living systems immersed in it. Ithas equal 
positive and negative energy densities, and so normally inputs the same 
enormous amount of positive and negative energy in its overall 
interactions with a living system. 


The first law of thermodynamics is usually written as 
AU = Up-Uj; =Q-W. [1] 
This is a highly special case, which does not include time energy 
transduction (spatial energy transduced into time energy and vice versa), or 
energy transduced from the active vacuum via the broken symmetry ofan 


electrical system in continuous exchange. The definitions of work and heat 
have to be changed and drastically extended. 


As an example ofa legitimate exception, when time-energy Tg is 
transduced into available spatial energy inside the system, we have 


AU U; U; 1@) t Ty (Wp t W, ) [2] 


where Wy) is the energy that was dissipated in the system losses without 
doing useful work and W, is the energy leaving the system but doing 
useful work in a load L. (Q + Ij) represents the total net energy entering 
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the system, while (Wp + W,) is the total energy leaving the system, either 
as losses or to do useful work in the load. Here we are also incorporating 
virtual energy under the title of time-energy, since both time and virtual 
energy are unobservable, and virtual energy "exists in time". 


Now suppose Q entering the system, and collected for use in it, is freely 
furnished from the active vacuum via the broken symmetry of the 
electrical system's dipolarity. Suppose T; is spatial energy freely 
transduced from the time domain by ongoing processes in the system, and 
thus Tr also enters the system freely. Then suppose that the system 
processes are deliberately adjusted by the operator so that 


(Q+ Te) = (Wp + Wi) [3] 
In that case, 
AU = Ur—- Uj = 0 [4] 


yet continuous loss energy WD is escaping from the working system, 
useful work W_ is continuously being done in the load, and useful energy 
(Q + Tg) is continuously entering the system from the active environment 
(the active vacuum and the local curvatures of spacetime). This system is 
totally permissible in nature (and is already operating in every charge and 
dipole in the universe). It is an example of an open system far from 
equilibrium in 3-space energy flow, but in equilibrium in 4-space energy 
flow. Yet it is artificially excluded by classical thermodynamics. 


Classical thermodynamics thus excludes every charge and dipole in the 
universe, and therefore is an extraordinarily curtailed model. It is a 
special case approximation having no absolute authority as a proper 
limiting model of EM systems. 

The first law of thermodynamics for infinitesimal changes may be stated as 


dU = dQ-dW 5] 


Following the previous reasoning, for involvement of time-energy 
transduction (with virtual energy included) we have 


dU = dQ + dT — (dWp + dWi) (6] 


If dQ and dTy are freely received in the system from the active vacuum and 
local curvatures of spacetime respectively, and if 


dQ + dTg = dWp + dW; [7] 
then 
dU =0 [8] 
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So with no change in its internal energy at all, the microsystem or 
microprocess is receiving excess energy continuously, and also is 
continuously emitting energy that is doing useful work with some losses. 
The system is in fact in energy 4-flow equilibrium, and doing useful work, 
without the operator inputting any of the energy. 


So the corrected standard statement of the first law allows an equilibrium 
system to steadily produce output work W, ifits "energy input Q" is freely 
received. Thefirstlawofthermodynamics, properly extended and 
reinterpreted, does indeed admit "electrical windmills" operating in free 
electrical winds. 


Now turning to the second law. In effect, the second law prescribes those 
processed in nature — more exactly, in the prescription ofthe first law — 
that may or may not occur. It is a law of limitation. It states that, of all the 
energy conversion processes permitted by the first law, only certain types 
of energy conversions can take place. A priori, the validity of its 
prescription depends totally on the nature of the functions involved in the 
system considered! However, since we dramatically extended the first law, 
using neww_ processes experimentally determined to take place, then we 
have automatically extended and changed the second law because we used 
experimentally proven functions. The old second law is now revealed as a 
special case, with no absolute limitations. The perception that it prescribes 
absolute limitations has been falsified. It is still useful, however, but to be 
careful one must completely re-examine (and possibly rework) the second 
law whenever the energy functions of a system are changed. We strongly 
stress that the second law is a conditional law, and its application is totally 
dependent upon the system energy functions behaving in the limited 
manner assumed by the second law. Whenever the energy functions of the 
system are changed outside those assumed by the second law, the second 
law is permissibly invalidated for that system. In short, in that case the 
second Jaw is simply a totally inadequate model for that system, and 
cannot be used as any sort of criterion for stating the "permissibility” or 
"impossibility" ofthat system. As ananalogy, amodel specifying scalars 
only cannot be applied to a vectorial system as a decisive logical criterion 
orrestriction. 


QuotingSeray {735}: 
"From an engineering viewpoint, perhaps the most 
important application [ofthe second law] is the limited 


efficiency ofheat engines. Simply stated, the second law 
states that a machine capable ofcontinuously converting 
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thermal energy completely into otherforms ofenergy 
cannot be constructed." 


Our comment is that, if we believe that energy is conserved in the entire 
universe, then the universe itself already violates Serway's statement. If we 
consider the seething virtual particle flux energy ofthe active vacuum as a 
special form of thermal energy, then every charge and dipole in the 
universe already is a heat engine that falsifies the second law of 
thermodynamics. The charge and dipole continuously absorb this special 
form of thermal (virtual flux) photon energy, and also continuously 
convert it into real, observable photon emission in 3-space. This is 
negentropy on a giant scale, already demonstrated by every charge and 
dipole and thus experimentally falsifying the present second law. 


Classical thermodynamics also assumes irreversibility. While many of the 
physics models and equations prescribe reversible reactions, 
thermodynamics takes the view that events occur with a much greater 
probability in one direction in time than in the other. This of course is 
usually borne out in our perception of the gross observable universe 
around us. However, charge conservation alone requires equal amounts o| 
charge and time-reversed charge. With the nearly ubiquitous time-reversed 
charge and charge conservation, it follows that some factor not accounted 
for in thermodynamics is operating in the universe. And so it is, but it is a 
general relativistic factor. We shall use a biological example of the cellular 
healing mechanism we discovered in the living body {736}, extending 
Becker's work and Priore's work. 


Normally most processes do not involve deliberate net transduction of 
time-energy into spatial energy, nor do we model and account for the 
specific set of ongoing interactions between every part of the system and 
its concomitant set of spacetime curvatures acting back upon it. Call that 
set of spacetime curvatures the resident spacetime curvature engine and its 
dynamics, or just its engine for short. The engine is comprised of 
structured energy and energetics, and it is already experimentally 
demonstrated in nonlinear phase conjugate optics that energy can be time 
reversed. The engine's spacetime curvatures act directly upon the mass- 
energy dynamics ofthe system. Time-reversing the system's operation is a 
matter of producing a sufficiently amplified, phase conjugated engine to 
act in reverse upon the physical system and overpower its resident engine. 
In that case, the thermodynamic system and its functioning can be made to 
run backward. 
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In fact this is the fundamental mechanism used by the body's own cellular 
regenerative system to heal its damaged cells. To a limited degree, the 
body is able to "pump" its cells in the time-domain (with time-energy), 
thus producing an amplified "phase conjugate energy and engine 
dynamics". 


Pumping a living cell with time-energy is interesting. The resident engine 
serves as the "signal input wave" in conventional nonlinear phase 
conjugate optics, and the output time-reversed engine (the amplified anti- 
engine) serves as the "phase conjugate replica wave". A sufficiently 
simplified anti-engine acts upon the cell and all its tiniest parts, time- 
reversing all energetic operations in exact phase, proportion, and timing. 
This is themechanism for thermodynamic reversibility. It is also the 
"secret" to eventually reversing aging. 


This action is upon all the energetics of the cell and its parts, including the 
mass-energy and mass-energetics as well. 


The result of the action of the anti-engine is to slowly time-reverse the 
damaged cell and all its parts back to a previous state and dynamics. 

Electromagnetic amplification of the process was unwittingly 

demonstrated by Priore {737} and by Becker {738}. We refer the reader to 

our website {739} and to our "porthole briefing" for pertinent technical 

information, and for a most important extension and great simplification of 

the Priore/Becker approachand methodology. 

Present classical thermodynamics does not consider or model the reaction 
of local spacetime curvatures and their dynamics upon the system. Hence 
all time-domain pumping that occurs is occurring rather randomly in each 
and every microscopic part ofthe system. In short, there is no organized 

anti-engine, and an organized anti-engineis whatis required fortime- 
reversing the system's operations back to a previous state. However, by 
mimicking, the body and pumping the physical process inthe time-domain, 
withsufficientpumping aprecise, amplified anti-enginewillbeformed 
and act upon the system — any system. The applicability is limited only 
by the state of development of the appropriate time-pumping technology. 
Intheory(andasexperimentallydemonstratedunwittinglyby Prioreand 
by Becker), this anti-engine can and does overpower the resident engine. It 
can in fact time-reverse the pumped physical processes in the system itself. 
Sotheclassicalthermodynamicsassumptionofirreversibilityforheat 
engine energy processes is not absolute but only provisional. Specifically, 
it assumes no overall time-domain pumping process that provides a precise 
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anti-engine and time reversal of the system energetic process of concern 
and its dynamics. 


Ifthe second law is extended to encompass and model the new concepts 
such as broken symmetry and time-energy, then the extended second law 
will encompass reversible heat engine processes, Maxwell's demons, 
COP>1.0 electrical systems, COP» 1.0 electrical systems (electrical 
windmills), time-reversal of the dynamics, reversibility of that which has 
been irreversible, etc. 


As given by Kondepudi and Prigogine, the third law of thermodynamics 
essentially states {740} that 


"... at the absolute zero of temperature the entropy of 
every chemically homogeneous solid or liquid body has a 
zero value." 


This is also known as Nernst's heat theorem, after W. Nernst who proposed 
it in 1906. The third law states that 


S—>0asT—0 [9] 


Certain violations of the third law are already known. E.g., C=O: carbon 
monoxide molecules can align in various ways in a crystal, so there is 
entropy associated with C=O crystals at O°K. In this case, A and B are 
equally probable and the following equation can be used to calculate the 
entropy (called residual energy): 


S — nR [1/2in(1/2) + 1/2in(1/2)] = -nRin2 [10] 


From the new viewpoint, the definition of T = 0° is open to change. 
Rigorously, the present third law assumes no local broken 3-symmetry of 
the vacuum's flux exchange with the system, and it also assumes no broken 
time-energy flow symmetry. In the new approach, both these symmetries 
can and are broken by every charge while a higher 4-symmetry is 
maintained. This leads to a giant negentropy, so that the "calculation of 
entropy” via Nernst's theorem fails. A fundamental charge at T = 0° thus 
continues to exhibit giant negentropy, in total violation of the third law of 
classical thermodynamics. Hence the third law is also devoid of any 
absoluteness, and it is reduced to a special case statement. It remains 
useful where the more esoteric energy interactions are negligible. 


We have now demonstrated (by citing actual substantiating experiments) 
that all the laws of CTD are falsifiable insofar as being absolute. Hence 
they have no absoluteness. Instead, they are special case models and 
"approximation laws" only. They remain very useful and applicable, 
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However,so long as the more esoteric energy interactions of the 
supersystem do not play a major role in the system operation. 


We conclude that the present form of classical thermodynamics and 
disequilibrium thermodynamics are special case models — as indeed is 
every model, by Godel's theorem and proof alone — with no absoluteness. 
They do not prohibit COP>1.0 EM systems, nor can they necessarily be 
used torule out COP>1.0 EM systems. 


This also falsifies all current arguments that COP>1.0 EM systems violate 
either the first, second, or third law ofclassical thermodynamics. Calling 
COP>1.0 systems "perpetual motion machines ofthe first, second, and 

third kind", according to which law they supposedly violate, is a total non 
sequitur. Indeed, every original charge in the universe has already 
demonstrated just such "perpetual motion" for some 14 or so billion years, 

andhappily violates all three laws ofthe present CTD. Every charge is in 
violation of the "laws" of the present models of CTD, CED, and EE, and it 
is still in motion and still freely pouring out EM energy. We have no 
abillity to examine the notion of "perpetual" past the entire past existence 
of the universe. 


All three models examined — CTD, CED, and EE — are seriously out of 
date and in need ofrevision and extension, because any absoluteness of 

their predictions and assumptions is already falsified by actual experiments 
and examples.Some work is already ongoing to extend thermodynamics, 
but is not nearly extensive enough. A thorough overhaul of the very 
foundations is what is needed for all three models. The three models 
remain useful as special case approximations, but their received use to 
arbitrarily rule out COP>1.0 EM systems is dogma, not science because 
such use is already experimentally refuted by every charge in the universe. 
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Appendix B 
Maxwell's Demon: Alive and Thriving 


Introduction 
ITHERE is a long history of discussion over "Maxwell's demon", a fictitious 
being that Maxwell proposed to "sort" molecules striking a barrier between 
two volumes of gas initially at the same temperature. By intentionally 
Opening a trap door between two for hotter, more energetic molecules to 
pass through from the left side to the right side, but shutting the door for 
lower lemperature molecules so that they are retained on the left side, 
eventually a temperature gradient would "freely" exist between the two 
reservoirs. In theory, then, if one had the demon working "for free", one 
would be able to utilize the temperature difference between the reservoirs 
to perform free work. Then one could repeat the demon's sorting 
procedure, toobtainmore free workagain. Andsoon. 


The prevailing discussions have ignored the main feature: the fact that the 
demon is part of the "external environment" (i.e., not under control ofthe 
system, and operating independently of any energy input by the operator). 
Maxwell'sdemon represents an analogy to the system's environment 
furnishing free energy (free ordering and sorting). A lot of breath and 
mental gyrations have gone into the discussions over the years, with very 
little concrete experimental examination. The prevailing concept in 
science, which still adheres to the "absoluteness" of the second law of 
thermodynamics,isthatMaxwell'sdemonisimpossible. 


Recently, the former editor of Nature, Dr. John Maddox, wrote a very 
clear emeritus editorial on Maxwell's famous demon, repeating the 
standard conclusion that such is not possible. Since there are specific 
examples in physics of whatcan be called "experimentally proven 
Maxwell's demons," the presentauthor preparedarespectfulcommentary 
to Nature to refute the standard erroneous thesis in the interest of science. 
since experiment is supposed to be decisive in physics, we hoped that 
citing overwhelming experimental proof would be sufficient. It wasn't. 


Almost symbolically (i.e., "free the demon!"), I submitted the commentary 
to the editor by I -mail on the evening of July 4, 2002. The very next day I 
received rejection (not too unexpected) by E-mail with no further 
discussion accepted. So I wrote a polite note in response, and then posted 
my commentary note on my website. 
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In this appendix, I include my E-mails of both 4 July and 5 July 2002, and 
then include the commentary that was submitted. The reader can read the 
cited emeritus editorial in Nature, and then decide for himself or herself 
whether experiment still rules the day at Nature where COP>1.0 and 
COP = co EM systems are concerned. 


E-mail to Nature 4 July 2002, submitting the Commentary. 
Dear Editor: 





Attached is a significant commentary on John Maddox's excellent emeritus 
editorial on Maxwell's demon, titled "Slamming the Door," Nature, 417, 
27 Jun. 02, p. 903. 


Forms of Maxwell's demon are very much alive and thriving, and 
experimentally confirmed, as we develop very clearly in this commentary. 
They are unwittingly used widely in electrodynamics, though seldom 
recognized. 


Most sincerely, 
Tom Bearden, Ph.D., Magnetic Energy Ltd. 


E-mail to Nature 5 July 2002, submitting a comment on the rejection. 
Dear Ms XXX: 
Thanks for the prompt reply. 





Since Nature will not be publishing the note, I have now posted it on my 
website (some 80,000 hits per day from all over the world). It can be seen 
at http://www.cheniere.org/articles/maxwells%20demon.htm 


This is a respectful article, and I just thought the experimental information 
needed getting out there to the scientific community. I also understand you 
cannot discuss it further. I only wish to note that it is based on cited 
replicable experiments, which are supposed to be the decisive thing in 
science and scientific method. It seems a bit odd that you would not 
publish the results of several replicable and replicated experiments that 
falsify a prevailing theoretical thesis and conclusion. Nonetheless, I 
respect the wishes of Nature, and I do enjoy the Journal each week. 


Best wishes, 
Tom Bearden, Ph.D. 
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Within days of this rejection, the paper by Wang et al. {741} was 
published, extending the known physics "Maxwell's demon" regime (i.e., 
where the second law of thermodynamics is known to be violated) from 
the atomic scale and very short periods oftime, to the micron scale in size 
and timeup to a few tenths of a second. 

Here is the rejected commentary I submitted to Nature. 


Maxwell-type demons are alive and thriving 


The recent emeritus editorial by Maddox on Maxwell's demon [742] is a 
short overview of one historical aspect of would-be negentropy, but much 
greater thought on the subject needs to be given. Indeed, Maxwell's demon 

is alive and thriving, but just in a different form not requiring a nimble- 
fingered microscopic being. We now discuss such experimentally proven 
demons. 


Consider the prevailing ansatz that Maxwellian systems outputting more 
EM energy than the energy input by the operator or experimenter are 
impossible. Such proposed systems are said to constitute examples of 
forbidden perpetual motion machines because they violate the second law 

of classical (equilibrium) thermodynamics. That prevailing ansatz has been 
falsified in classical electrodynamics since the 1880s, and in particle 

physics for 45 years, but eerily it is still the prevailing scientific opinion 
nonetheless. 


The ansatz can be experimentally disproved in classical electrodynamics as 

follows: Lay a charged capacitor or electret on a permanent magnet so the 
E-field of the capacitor or electret is at right angles to the H-field of the 
magnet. That optimizes S = f(E x H), and hence optimizes the continuous 
flow of Poynting EM energy from that simple device, even though the 
fields, seem to be "static". As Buchwald states [743], "[Poynting's result] 
implies that a charged capacitor in a constant magnetic field which is not 
parallel to the electric field is the seat ofenergyflows even though all 
macroscopic phenomena are static. " [744] This simple device will freely 
pour EM energy indefinitely, so long as it remains intact. 


We consider a special but universal kind of related Maxwell's demon 
problem: the vexing problem of the source charge, sometimes called "the 
most difficult problem in classical and quantum electrodynamics." [745] 
Any charge pours out observable EM energy continuously in all directions, 
at thespeed of light, with no observable EM energy input. This continuous 
flow of EM energy establishes the charge's related fields and potentials 
and their energy, reaching even across the universe for very old charges. In 
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the classical electrodynamics (CED) model and therefore in electrical 
engineering, there is no solution to this problem because CED does not 
model nonobservahle EM energy inputs such as the virtual particle flux 
exchange of the charge with its vacuum environment. 


With no solution available in CED, then the present CED and electrical 
engineering assume that every charge in the universe freely and 
continuously creates energy out ofnothing, and pours it out in all 
directions, forming its associated fields and potentials and their energy. 
Either we must solve the problem in the classical EM model, or totally 
surrender the conservation of energy law in the model in its present limited 
form. Or — as is presently the case — we may continue to ignore it, as has 
been done during the 45 years since the proof of broken symmetry in 
particle physics [746]. 


On the other hand, particle physics models and utilizes virtual energy in 
the seething vacuum, including the interactions of the vacuum with charge, 
With the 1957 experimental proof of broken symmetry by Wu et al., [746] 
certified by the award of the Nobel Prize to Lee and Yang later that same 
year, one of the proven broken symmetries in the vacuum virtual energy 
exchange is the asymmetry of opposite charges, such as are on the ends of 
a dipole. For a dipole or dipolarity, then by the very definition of broken 
symmetry something virtual has become observable. We diverge for a 
moment, and then will return to this proven asymmetry of the opposite 
charges of the dipole. 


If we take the modern view of the bare charge clustered by virtual charges 
of opposite sign, then the magnitude of the bare charge in the middle is 
infinite (including its energy) and so is the magnitude ofthe charge of the 
surrounding clustering virtual charges. [747] So for an "isolated observable 
charge" we actually have a sort of "infinitely powerful dipole". Yet the 
difference between these two infinite values of charge is finite; it is 
routinely calculated as the observed charge of an elementary charged 
particle, the value that is listed in standard texts and handbooks. 

The asymmetry of this "opposite composite charges" model of the 
"isolated observable charge" now explains the long-vexing source charge 
problem. The observable "composite" charge continuously absorbs virtual 
photon energy from the seething vacuum exchange, transduces it into 
observable photon energy excitation, and this excited state continuously 
decays to emit real observable photons in all directions at the speed of 
light. When virtual energy input as well as observable energy output is 
accounted, the charge's proven asymmetry in the vacuum exchange makes 
the source charge an open system far from equilibrium in its active 
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environment. As an open disequilibrium system the charge is 
thermodynamically permitted to (1) self-order (hence coherently integrate 
absorbed virtual photon energy into observable photon energy), (2) self- 
oscillate or self-rotate (spin), (3) output more energy than the "operator" 
inputs (the operator inputs none at all), and (4) exhibit negentropy. Every 
charge in the universe is already doing those four functions. It is also a 
system having a COP (coefficient of performance, or useful energy output 
divided by the operator's energy input) of COP = oo, since the operator 
inputs nothing. 


Inshort,every charge in the universe already is a special kind of known 
"Maxwell's demon", whose operational mechanism is long since proven in 
particle physics but does not appear in classical electrodynamics or 
electrical engineering. It is a dependable Maxwell's demon, since all 
charges in the original matter in the universe have been pouring out real 
EM energy freely, using this asymmetry mechanism, for some 14 billion 

years, and they continue to do so. Further, any charge one assembles in the 
laboratory instantly starts up its Maxwellian demon performance 
automatically, andit will continuously pour out EM energy inall 
directions indefinitely, so long as the charge remains intact. So this demon 
is easily created and demonstrated experimentally. The Maxwell's demon 
forfreely extracting copious EM energy from the vacuum is one of the 
easiest entities to invoke in all of physics 


This is not a violation of thermodynamics, since classical equilibrium 
thermodynamics with its infamous second law does not apply because the 
charge is far from equilibrium in its exchange with its active vacuum 
environment. Although the COP = oo, the efficiency of the charge system 
-defined as the useful energy output divided by the total energy input 
from all sources — is never more than 100%. Hence this is not a perpetual 
motion machine, and the charge rigorously does not create energy; it only 
transduces energy input to it in a novel form. In this case, the charge can 
permissibly act as if it were a free electrical windmill turning in a novel 
free electrical wind due to its asymmetry in the vacuum flux. 


So every charge in the universe exhibits COP = oo, clearly proving that 
Maxwell's demoninanimproved formexists andis thriving throughout 
the universe. There would be no EM fields and potentials and their energy, 
and hence no electrical circuits or power systems, were it not for this 
asymmetry of the charge in its virtual energy exchange with the vacuum, 
making the charge a true Maxwell's demon. 
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In the usual CED model and electrical engineering, the 1867 L. V. Lorenz 
symmetrical regauging (later credited to H. A. Lorentz) [748] of the 
equations carefully selects only those Maxwellian systems that have two 
simultaneous equal and opposite disequilibria with their active 
environment. This assumes that the potential energy of the system is freely 
changed twice (by gauge freedom), but only in such highly selected 
manner as to form two equal and opposite new "free" force fields in the 
system. These two force fields perform internal work inside the system 
continuously, increasing its stress (and its stress potential, thereby curving 
local spacetime). Since there is no net resultant force field, the two force 
fields are unable to translate electrons in the circuit to do free external 
work in the external load. So the symmetrically regauged Maxwellian 
system has been altered: its energy has been changed twice, forming a 
stress potential inside it and increasing and maintaining that stress on the 
system, and the frame of the system has been somewhat rotated out of the 
laboratory frame. The symmetrically regauged Maxwellian system most 
decidedly is not identical to the system prior to regauging. 


We note merely that the common Lorentz symmetrical regauging 
unwittingly assumes two Maxwell's demons of yet different kind, each 
freely fueled from the local vacuum environment, and each continuously 
performing internal work upon the system to produce and maintain system 
stress. 


Gauge freedom is thus revealed as a special kind of Maxwell's demon, 
since (1) it assumes that the potential energy of a system can be freely 
changed at will at any time, and (2) unless we abandon the conservation of 
energy law, that energy change must have involved energy exchange with 
the external environment. So the gauge freedom axiom of quantum field 
theory assumes two specialized Maxwellian demons — i.e., mechanisms 
for transfer of energy between environment and system, so as to 
continuously perform internal work upon the system. In this case the two 
demons are equal and opposite, and fight each other to a draw insofar as 
performing any useful external work. 


Oddly, in present electrical circuits the ubiquitous but arbitrary closed 
current loop circuit — passing all spent current from the external circuit 
back through the source dipole in the generator against the dipole's back 
emf— self-imposes Lorentz regauging of excitation discharge in the 
circuit and prevents COP>1.0 functioning. This is not required by 
thermodynamics in general! Indeed, several areas are already known to 
violate present thermodynamics. Sharp discharges (strong gradients), for 
example, are known to violate it. [749] Other known areas where 
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thermodynamics is violated include rarefied media, and anomalous 
memory effects in materials. Modern research is being conducted in such 
areas under the heading of "extended thermodynamics". [750]. 


Since experiment and not theory is primary in science, let us consider 
some additional actual Maxwell demon experiments. The well-known 
"negative resonance absorption of the medium" produces more output 
energy than the operator inputs tothe experiment, with hundreds ofthese 
experimcntsdone every year routinely by many nonlinear optical 
laboratories. As an example, Bohren's version of such an experiment [751] 
commonly outputs 18 times as much EM energy as the operator inputs, 
exhibiting COP = 18. Independent replication of Bohren's work by Paul 
and Fischer [752] is reported in the same journal issue. 


Added to the charged capacitor lying on a permanent magnet, there thus 
exist plenty of proven, replicated experiments which can be easily 
performed to demonstrate a Maxwellian demon operating in a Maxwellian 
system and freely producing COP>1.0, or even COP = oo. Because of the 
demon (the operational mechanism), these experiments all involve open 
systems far from equilibrium with their active environment. Hence they 
are not limited by the second law of classical equilibrium thermodynamics. 


In short. Maxwell's demon is very much alive in many forms and is 
thgiving after all. It has just been hiding in different form than what is 
usually suspected. 


T.E. Bearden, Ph. D. 
MagneticEnergy,Ltd. 
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Converting Radio waves into electrical power is not a new concept. The so called 
rectenna was conceived by William C. Brown back in 1964. Rectennas are also 
widely used today. RFID tags contain a small rectenna to supply the electronics 
with power when close to a scanner. K3OPS, a startup founded by Xin Wei and 
Alexandre Despallieres developed a rectenna that is powerful enough to charge a 
smartphone like the Galaxy S6. 


K3-CASE 


Charge your smartphone 
with Ambient RF 


charge your phone 
run out of power 
seek an outlet 





Radio waves are everywhere this days with the abundance of mobile networks and 
Wi-fi hotspots. Technology that can efficiently harvest that ambient energy can 
dramatically change how gadgets are powered. K3OPS works on RF energy 
harvesting smartphone case K3-Case and also on standard battery with integrated 
RF harvesting technology. 


SAYING GOODBYE TO BATTERIES 
Of conventional batteries we only have kept the shape 


K3(@)Ps 


K3OPS RF ENERGY HARVESTING BATTERIES 





The K30Ops RF energy harvesting technology can tap the energy of WiFi, 4G, 
Bluetooth, LTE radio waves. As miniaturization will evolve in the future RF 
harvesting could become the power source for wearable devices such as 
smartwatches and fitness trackers. 


K3O0ps will launch the K3-Case in September. The RF energy harvesting 
smartphone case only works with smartphones that have a QI compliant wireless 
charging feature like the Galaxy S6. There will be options to configure the K3-Case 
via an app to optimize the frequencies the case will harvest for energy to avoid 
interference with other devices. 


K3Ops' Xin Wei will be a speaker at the upcoming Wearable~Technologies 
Conference in San Francisco in July. This presentation will be one of the highlights 
of this conference. We learned that attendees of the K3Ops presentation will be 
receiving a K3-Case. It will be interesting to learn how far the K30ps RF energy 
harvesting technology has been developed into a consumer ready product. 
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for production, have been stopped in this fashion. Kawai's process, 
applied with efficient switching such as photon-coupled switching, 
essentially doubles the COP ofthe motor to which it is applied. Ifone 

starts with a high efficiency (e.g., Hitachi) permanent magnet electric 
motor of 0.7 or 0.8, one can expect to produce COP = 14 and 16 
respectively, the actual results obtained by Hitachi tests of two Kawai- 


modified Hitachi motors. We accent that the efficiencies ofthe motors 
remainless than 100% atalltimes. 


32. Gabriel Kron, "Electric circuit models ofthe Schrodinger 
equation." Phys. Rev. 67(1-2), Jan. 1 and 15, 1945. Quoting, p. 41: ""Now 
a value E ofthe negative resistances, at which the generator current 
becomes zero, represents a state at which the circuit is self-supporting and 
has a continuous existence ofits own without the presence ofthe 
generator, as the negative resistances just supply the energy consumed by 
the positive resistances. ... When the generator current is positive the 
circuit draws energyfrom the source, and when the current is negative the 
circuit pumps back energy into the source. At zero generator current the 
circuit neither gives nor takes energy, and theoretically the generator may 
be removed." _ In this passage, Kron was required to insert the word 
"theoretically". Kron was the chief scientist for General Electric on the 
Network Analyzer project at Stanford University before WW II. In the 
1930, he did successfully build negative resistors (at least three), and he 
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did successfully power the network analyzer with them. He was never 
permitted to release the technical details, although he placed judicious 
hints in several of his papers, and slipped certain key phrases past the 
censors. Interestingly, Sweet was his protegee, and it is conceivable that 
the basis for Sweet's device may have been Kron's original negative 
resistor. Independent tests and verification of the Sweet device were 
performed by Walter Rosenthal, a retired professional test engineer of 
considerable experience. 


33. Shoukai Wang and D. D. L. Chung, "Apparent negative electrical 
resistance in carbon fiber composites," Composites, Part B, Vol. 30, 1999, 
p. 579-590. Apparently the referees required the replacement of the term 
"negative electrical resistance" by the term "apparent negative resistance”. 
In the paper, simply examine the actual results shown in the curves of the 
negative-going current, against the voltage, with the line passing directly 
through the origin. That is a true negative resistance, not a differential one 
or an "apparent" one. A patent was filed on this invention. 


34. (a) T. H. Moray, The Sea ofEnergy, 5th Edn., Salt Lake City, 
1978. The Moray device weighed 55 pounds and produced 50 kilowatts of 
power in the late 1930s, and was demonstrated to scientists and engineers 
numerous times, Moray made tubes which actually contained very special 
semiconductors, three of them in contact, each pressed at high pressure 
during a sintering process. A very eerie chain of circumstances eventually 
destroyed the device. Moray rode in a bulletproof car, and he was 
sometimes fired at from the sidewalk or an alley. A double agent, working 
for both the U.S. and the Soviet Union, infiltrated his lab and eventually 
destroyed the device. The Morays were never given a proper scientific 
hearing and were never funded for full development. T. Henry Moray was 
shot and wounded in his own laboratory, wrestling with a would-be 
assassin. Yet so many expert engineers and scientists witnessed and tcsted 
the machine in operation that there is no question of its legitimacy. 
Unfortunately, the reference cited is not at all a satisfactory scientific 
examination of the Moray device. A related U.S. patent was issued which 
at least shows some details of the Moray tube: See (b) Thomas H. Moray, 
"Electrotherapeutic Apparatus," U.S. Patent No. 2,460,707, Feb. 1, 1949. I 
personally received a treatment on a Moray device for severe pain, and the 
relief was rapid and remarkable. 


35. See (a) William B. Burford III and H. Grey Verner, 


Semiconductor Junctions and Devices: Theory to Practice, McGraw-Hill, 
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New York, 1965, Chapter 18: Point-Contact Devices. The very first 
transistor — the point contact transistor — also often exhibited negative 
resistance. Quoting, p. 281: 


"First, the theory underlying theirfunction is imperfectly understood even 
after almosta century..., and second, they involve active metal- 
semiconductor contacts ofa highly specialized nature. ... The 

manufacturing process is deceptively simple, but since much ofit involves 
the empirical know-how ofthe fabricator, the true variables are almost 
impossible to isolate or study. ... although the very nature ofthese units 
limits them to smallpower capabilities, the concept ofsmall-signal 
behavior, in the sense ofthe term when applied to junction devices, is 
meaningless, since there is no region ofoperation wherein equilibrium or 
theoretical performance is observed. Point-contactdevices may therefore 

be describedas sharply nonlinear underalloperating conditions." 


Certainly degenerate four-wave mixing and therefore time reversal can 
occur in in semiconductors. E.g., see (b) R. K. Jain, "Degenerate four-wave 
mixing in semiconductors: application to phase conjugation and to 
picosecond-resolved studies of transient carrier dynamics." Opt. Eng., 
21(2'), March/April 1982, p. 199-218. We also point out that hole current 
can be emitted from an n-type semiconductor having a metallic point 
placedd on its surface, and hole current will move against the voltage 
(electron current view). A process (patent pending) by Bedini and 
Bearden have shown that a capacitor may be charged by hole current, and 

then discharge electron current, effectively transducing negative energy 
into positive energy. It is therefore possible (Bedini's method) to switch a 

capacitor from a hole-current charging circuit by a hole-emitting process, 
to a bypass capacitor across a source such as a battery after the capacitor 
has reached higher charge voltage than the source. The capacitor will then 
charge the battery and power the circuit as well, during that portion of its 

discharge cycle while its voltage is above that ofthe battery. This is a 
legitimate COP>1.0 process, invented by Bedini. 


36. (a) William Jay Fogal, "High Gain, Low Distortion, Faster 
Switching Transistor." U.S. Patent No. 5,196,809, Mar. 23, 1993; (b) — 
"High Gain, Low Distortion, Faster Switching Transistor." U.S. Patent 
No. 5,430,413, July 4, 1995. The Fogal semiconductor can be rigged to 
perform the permitted degenerate four-wave mixing and therefore time 

reversal. It can thus be rigged as a true negative resistor, where the current 
moves against the voltage. 
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37. Stephen L. Patrick, Thomas E. Bearden, James C. Hayes, Kenneth 
D. Moore, and James L. Kenny, "Motionless Electromagnetic Generator," 
U. S. patent # 6,362,718, March 26, 2002. 


38. (a) T. E. Bearden, "Energy from the Active Vacuum: The 
Motionless Electromagnetic Generator," in M. W. Evans (Ed.), Modern 
Nonlinear Optics, Second Edition, Wiley, 2001, Part 2, p. 699-776; (b) M. 
W. Evans, P. K. Anastasovski, T. E. Bearden ef al., "Explanation of the 
Motionless Electromagnetic Generator with 0(3) Electrodynamics," 
Found. Phys. Lett, 14(1), Feb. 2001, p. 87-94; (c) M. W. Evans, P. K. 
Anastasovski, T. E. Bearden et ah, "Explanation of the Motionless 
Electromagnetic Generator by Sachs's Theory of Electrodynamics," Found 
Phys. Lett., 14(8), Aug. 2001, p. 387-393. 


39. A version of the MEG was also independently replicated by J. L. 
Naudin. See his website at http://jnaudin.free.fr/html/meg.htm . 

40. T. E. Bearden, "Dark Matter or Dark Energy?", J. New Energy, 
4(4), Spring 2000, p. 4-11. 

41. See Chapter 4 for a high-level expose ofthis methodology. 

42. Sweet and Bearden, {29a). Sweet performed an antigravity 


experiment designed by the present author, and successfully reduced the 
weight of an object on the laboratory bench, by 90%. Sweet's solid state 
magnetic vacuum triode amplifier produced a COP = 1,500,000, so a very 
appreciable Dirac sea hole current was available to work with. Conversion 
of the Dirac sea hole current into electrical current via the present Bedini- 
Bearden process would have eliminated the antigravity and produced a 
very large increase in output electrical power. 


43, See (a) T. E. Bearden, "The Unnecessary Energy Crisis: How to 
Solve It Quickly," ADAS Position Paper, June 2000; (b) Bearden {12}; 

(c) Bearden {30}; (d) T. E. Bearden, "EM Energy From The Vacuum: Ten 
Questions With Extended Answers," September 2000. The present author 
has been calling forjust such a program. These papers are on restricted 
DOE Website http://www.ott.doe.gov/electromagnetic/ and also are on the 
author's website at http://www.cheniere.org. 


44. Nathan Smith, "Marketable Results vs. Good Science?," Sci. Am. , 
284(5), May 2001, p. 8-9. Quote is from p. 9. 


45. This is the actual phrase often used in such Government contracts. 
What it means is that the Government (which means the government 
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employee controlling that program and its funds) can suddenly declare that 
the Inventor is not getting his invention developed rapidly enough, and the 
Government then seizes the patent to "get it developed more quickly". 
The inventor is suddenly left hanging, no longer in control of his own 
intellectual property. Or the Government has the power to block 
developmentaltogether. 


46. Often the universities just bluntly state that allpatents revert to 
the university. 


47. Hal Hellman, Great Feuds in Science, Wiley, New York, 1998. 
We particularly call attention to Hellman's dissertation on Wegener's 
persecution. Today, the legitimate overunity EM researcher and the cold 
fusion researcher are regarded much like Wegener was regarded — as the 
very epitome ofa fool. This label is appended by "experts" who are not 
even awareof what really powers an EM circuit or an electrical power 
distribution system. 


48. A photon is a piece ofangular momentum (called "action" by the 
physicist), consisting of a little piece of spatial energy (AE) and a little 
piece of time (At), welded together as (AE)(At) with no seam in the middle, 


so to speak. But now look at that little (AE)(Since the photon is 
quantized{AE)(At)=k=h. Any change in (Arequires that (AE) change 
inversely; ic., (AE) =h/(At). So increasingdecreases (AE) 


accordingly. Let us call the spatial energy s compacted into (dt) the _ 
equivalent energy ofthe photon. Then s is given by s = c*(At) = 9x10"° 
(40. Soas the frequency ofa photon lowers, the \t) time component 
increases proportionally, and the total equivalent energy in the photon 
increases dramatically by many orders of magnitude! As an example, 
suppose we halve the spatial energy (AEJhat doubles the original time 
intervalAt), which gives the new s = 7 (2At ) 2c7(At) for the new 
equivalent energy. So while we halved the normal spatial energy formally 
transported by the photon, we multiplied the equivalent time-energy by the 
enormous factor of 2c” which is approximately | \0'° in the MKS 
system. It follows that, if we use the equivalent time) energy of the 
photon and transduce a little of it into normal spatial energy, the energy 
density of those nuclear reactions now seen only in distant energetic 
objects such as pulsars, exploding stars, etc. can be achieved right on the 
laboratory bench. The highest energy physics has not yet been born in the 
physics community, and what is presently being done in the high-energy 
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accelerators is child's play compared to what can be done with time- 
energyengineering. 


49. To see by another method that time is energy, one notes that the 
choice of fundamental units chosen for one's physics model is arbitrary. 
So we choose a single fundamental unit, the joule, to make a new physics 
model. Thereupon all other entities are energy and energy functions only, 
Hence, time is totally a function of energy. Actually, time is spatial energy 
compressed by the factor c’, so it has the same energy density as mass, 
except the highly compressed spatial energy is placed in the time domain 
to appear at "time" rather than in 3-space to appear as "mass". 


50. E.g., in cold fusion experiments where the time-energy is partially 
transduced in a time-reversed manner, the gluon forces binding the quarks 
in the affected neutrons and protons are dramatically reduced and the 
quarks are therefore nearly freed. This is being done in an apparatus of 
perhaps two cubic feet in volume, rather than a giant accelerator 20 miles 
in diameter and costing billions of dollars. So far, the largest accelerator 
using 3-space (decompressed) energy is just a bit short of the energy 
required to free the quarks. Use of time (compressed) energy allows such 
reaction as freeing the quarks to be easily accomplished, while the 
accompanying decompressed spatial energy is very low. 


51. Time energy has the same energy density as mass, but that highly 
compressed energy has just been placed in the 4th axis ict of Minkowski 
space rather than in 3-space. In ict the only variable is t, so the variation 
of the compressed energy can only appear in the f variable portion. See 
Chapter 2. 


52. (a) James Patterson, U.S. Patents 5,318,675; 5,372,688; 5,607.563 
(b) — and Dennis Cravens, U.S. Patent No. 5,607,563. 


53. Ironically, as suppression of innovative research in science 
increases, science may eventually face turning into the kind of dogmatic 
system that it struggled against for some 300 years before escaping. When 
science defends a theory that experiments refute, as it does today in the 
case of cold fusion, then it is very close to that debacle that can spell the 
end of science itself. 


54. E. Allan Blair, Letter to the Editor, Newsweek, Mar. 3, 1997, p. 
14. 
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On the banner, two 'Dual-Loop' directional antennas, designed specifically to collect power at 750MHz. One is 
connected to 100uA (7000hms) head, and the average current you can see on it. Both antennas have 'on-board' 
rectifiers. 


adio-Rrequency antennas with rectifier circuit. 
— ai : 





Reality is not as good as we would like. One antenna produces about 1 volt {at 10MOhms}, and a current of about 
0,4 mA (at 7000Hms). 


The circuit is simple as a crystal receiver. Diodes with capacitors work as a voltage doubler (rectifier). The remaining 
inductors and capacitors isolate the output from high frequency. 






D1,D2-anyRF diodes. L1-L4 6.8uH (10 Ohms) 
C1 D2 L1 L3 


D-Loop 
antenna 













D1 


BAT68 
or better 


C4 Vout=~ tvac 
0.1u fout=~0.5mA 






7FSOMHz 






SK_Lab.2017 
* The output voltage and current may vary, depending on the conditions, 


Harvesting RF power. Absorbs energy from cell towers at 750MHz. 






Any RF diodes with junction capacitance less then 1.5pF will be suitable for this application. See the end of this page 
for a suitable choice, 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


55. Arthur C. Clarke, "Space Drive: A Fantasy That Could Become 
Reality," NSS... AD ASTRA, Nov/Dec 1994, p. 38. 


56. William K. George, in Editing the Refereed Scientific Journal, 
edited by Robert A. Weeks and Donald L. Kinser, IEEE Press, New York, 
1994, p. 227-228. 


57. Max Planck, in G. Holton, Thematic Origins ofScientific Thought, 
Harvard University Press, Cambridge, MA, 1973. 


58. Jonathan Schlefer, editor of Technology Review, published at MIT. 
in an October 1990 editorial. 


59. RolfLandauer, "Fashions in Science and Technology," Physics 
Today, 50(12),Dec. 1997,p.62. 


60. Julius Robert Von Mayer, "Bemerkungen iiber die Krafte der 
unbelebten Natur," in J. von Liebig's Annalen der Chemie (vol. 42), 1842; 
Die organische Bewegung in ihrem Zusammenhange mit dem Stoffwechsel, 
(Organic Motion in Its Relation to Metabolism), 1845. His papers were 
published as Die Mechanik der Warme, 1867, with third edition in 1893. 


61. Alfred Wegener, Die Entstehung der Kontinente und Ozeane, 
1915; fourth revised edition, 1929. A Dover reprint ofthe fourth revised 
edition, translated into English, Origin ofContinents and Oceans, was 
published in 1996. 


62. Paul Nahin, Oliver Heaviside: Sage in Solitude, JEEE Press. New 
York, 1988, p. 225. 


63. Martin Gumpert, Trail-Blazers ofScience. New York, Funk and 
Wagnalls Company, 1936, p. 232. 


64. This area is now referred to as ovonics, where the "ov" is directly 
taken from "Ovshinsky". The materials have found use in copy machines, 
fax machines, liquid crystal displays, and optical memory disks. 
Ovshinsky has obtained over 200 patents and continues to work in the 
energy conversion field. His development ofa new storage battery, e.g., 

broke all the Department of Energy tests and doubled the energy density 
permitted. Once in awhile the good guys beat the scientific suppression 
system. 


65. Stan and Iris Ovshinsky were honored with the American 
Chemical Society's Heroes of Chemistry Award for 2000. They were 
honored for 40 years of sustained effort and contributions in the 
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sustainable and renewable energy field, including amorphous silicon cells 
for roofs of houses, highly specialized storage batteries, etc. 


66. On the other hand, many scientific disagreements are conducted in 
quite proper and gentlemanly fashion. An example is the continuing 
decades of argument over energy flow theory, inAm. J. Phys. The 
problem has still not been officially resolved; we would hope that the 
material in this book will shed new light upon it, by pointing out the exact 
difference between the long-neglected nondiverged component as well as 
the diverged component, and also pointing out what Lorentz's trick of 
closed surface integration of the energy flow vector really does. 


67. It follows quite naturally that, once we compress spatial energy by 
c , we may place the compressed energy in 3-space, in which case it is 
known as "mass", or we may place it in the time domain, in which case it 
is known as "time". Ifthat cannot be done, then physics errs in using time 
as a variable on the fourth axis, and fundamental units are not arbitrary 
after all. 


68. E.g., see D. K. Sen, Fields and/or Particles, Academic Press, 
London and New York, 1968, p. viii. Quoting: "The connection between 
the field and its source has always been and still is the most difficult 
problem in classical and quantum electrodynamics." 


69. See T. D. Lee, "Can Time Be a Discrete Dynamical Variable?". 
Phys. Lett, 122B(3, 4), Mar. 10, 1983, p. 217-220. Lee showed that time 
is a discrete dynamical variable across the entire range of mechanics: from 
classical to nonrelativistic quantum mechanics, and then to relativistic 
quantum field theories. In all stages of mechanics, time can be treated as a 
discrete parameter, and it can be treated as a bona fide dynamic variable, 
Hence time has dynamics and structure, and therefore energy. 


70. E.g., one may assume that the entire virtual state is an internal 
structuring and dynamics existing inside the macroscopic flow of time. 
The virtual state dynamics obviously exists in spacetime (which is 
assumed to be continuous), but we also consider any "virtual particle" 
(e.g., a virtual electron) as if it had been suddenly "observed" momentarily 
That assumes d/dt (LLLt) => LLL, a frozen 3-space snapshot. However, 
since that cannot really be observed, then we are actually considering 
something analogous to "if we could observe something in spacetime that 
cannot be observed in space alone". The only place left for it to 
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!observably exist anyway, if we could in fact observe it" is time, if space is 
ruled out. 


71. Itis necessary to trace the energy transductions and dissipations 
inside the generator. Ignoring those internal dynamics, the casual observer 
sees that one inputs shaft energy to the generator, and out comes some 
electromagneticenergy in the external electrical circuit, pouring from the 
gnerator terminals. We catch a lesser amount out there in the external 

circuit or power line, so we think we input some energy, had some internal 
losses and what gets collected in the conductors of the power line is the 
remainder of what we input, after transductions and losses in the generator. 
That is not what happens at all! Embarrassingly, an enormous flow of 
energy comes out of those generator terminals, if all of it is accounted. 
This includes(i) the tiny component that strikes the surface charges of the 
external conductors and gets diverged into the conductors, thus being 
captured by the circuit, and (ii) the enormous remainder ofthe energy flow 
in the surrounding space, which misses the circuit altogether and is just 
wasted.Something like a trillion times as much EM energy may be 
pouring out ofthe terminals of the generator and being wasted, as we 
mechanically input to the generator shaft, or as we "catch" and use in the 
external circuit. As later chapters discuss, Poyntin ; never considered the 
component that misses the circuit entirely. Heaviside discovered it but 
could not explain its startling magnitude or its source. Lorentz knew of 
this enormous flow component. He could not explain it, and stated it "had 
no physical significance" since it powered nothing. Lorentz originated a 
little integration trick that discarded it neatly fromal 1 accountability. 


72. Ifthe energy input to an inert power system generator were what 
powered the attached external circuit, then only the Poynting component 
would be emitted from the terminals ofthe generator. In that case, 

Heaviside's discovery ofthe additional nondiverged component would be 
wrong, and Lorentz was also wrong in recognizing it by stating it had no 

physical significance. It also means that a dipole formed between the 
terminals can have no broken symmetry in its active vacuum flux 
exchange, which is falsified by particle physics {14, 73,}. Also, no charge 
could pour out energy and create fields and potentials in surrounding 
space, and neither could a dipole. That is easily falsified by actual 
experimental measurement. Our reinterpretation of Whittaker's wave 
decompositionof the scalar potential would also be wrong, as would 
Mandl's and Shaw's argument {19} that a combined pairing ofa scalar 
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photon and a longitudinal photon are observable, producing the 
instantaneous scalar potential. 


73. T. D. Lee, Particle Physics and Introduction to Field Theory, 
Harwood, New York, 1981,passim. In 1957, Lee and Yang received the 
Nobel Prize for their work in predicting broken symmetry. This included 
the broken symmetry of opposite charges — and hence ofa dipole. 


The very definition of broken symmetry, applied to the source dipole once 
it is formed in the generator, reveals that the dipole itself receives virtual 
photon energy from the seething vacuum, transduces it, and outputs it as 
real observable EM energy pouring out ofthe generator terminals and out 
through 3-space surrounding the entire power line. This is the source of 
the tremendous energy flow from the terminals, including a large 
component missing the circuit (as discovered by Heaviside in the 1880s). 
This large nondiverged component ofthe energy flow was discarded 
arbitrarily by Lorentz because there was absolutely no explanation of its 
source, and because it was thought to have "no physical significance" 
(Lorentz's term) since it powered nothing. 


TA. Wu et al. {14} experimentally showed that the weak interaction 
violates parity (spatial reflection) and thus exhibits broken symmetry. 


75. T. D. Lee is noted for his broken symmetry work with charges, 
and for establishing the broken symmetry of separated charges of unlike 
sign. In 1957, Lee and Yang were awarded the Nobel Prize in Physics for 
their investigations of weak interactions between elementary particles. 


76. John D. Kraus, Electromagnetics, Fourth Edition, McGraw-Hill, 
New York, 1992, p. 578. 


77. We strongly feel that anyone interested in logic must read Morris 
Kline, Mathematics: The Loss of Certainty, Oxford University Press, New 
York, 1980. Contrary to popular opinion and the impression projected by 
mathematicians, mathematics is not a body of unshakable truths aboul the 
physical world, and mathematical reasoning is not exact and fallible. 


78. One also needs to be aware of Godel's proof. See Kurt Godel, 
"Uber formal unentscheidbare Satze der Principa Mathematica une 
verwandter Systeme" ("On Formally Indeterminable Propositions of the 
Principia Mathematica and Related Systems," in Monatshefte fur 
Mathematik und Physik, Vol. 38, 1931. This is the publication in which 
Godel's Proof first appeared, which states that within any logical 
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mathematical system there are propositions or questions that cannot be 
proved or disproved on the basis of the axioms within that system. 
Therefore, it is uncertain whether or not the axioms or arithmetic will give 


rise to contradictions, since they can. 


79. A critical reference for the longitudinal EM interferometry 
weapons is M. W. Evans, P. K. Anastovski, T. E. Bearden et al., "On 
Whittaker's Representation of the Electromagnetic Entity in Vacuo, Part V: 
The Production of Transverse Fields and Energy by Scalar 
Interferometry," J. New Energy, 4(3), Winter, 1999, p. 76-78. This paper 
is a short but rigorous proof ofa scalar interferometer's ability to produce 
EM fields and energy in the distant interference zone. Either diverging 

(heating) energy or converging (cooling) energy — in the normal sense, 
extraction of energy — can be created in a distant interference zone. By 
pulsing and controlling the circuit ground bias of the transmitters, one 
produceddistant hot explosions or cold explosions. In a military target in 

that distant zone, the effects arise from the local spacetime, thus from 
everywhere within the targeted vehicle. At least eight nations now have 
such weapons, which were apparently the weapons that Defense Secretary 


Cohen {89} referred to in 1997. 
80. Jackson {22}, p. 249. 


81. Bunge, {3},p. 182. 


82. Roger Penrose, "Foreword," in T. W. Barrett and D. M Grimes 
[Eds.], Advanced Electromagnetism: Foundations, Theory, & 
Applications, World Scientific, (Singapore, New Jersey, London, and 
Hong Kong), 1995. 


83. Myron Evans, President of Alpha Institute's Institute for 
Advanced Study, private communication, 1999. Dr. Evans is the author of 
over 600 scientific papers, the prestigious editor of several scientific book 
series, and a noted foundations scientist. He is the co-discoverer and 
proponent of the Vigier-Evans B(3) magnetic field and a proponent of the 
proposed fundamental extension of U(1) electrodynamics to O(3) 
electrodynamics. O(3) electrodynamics has now been revealed as an 
important subset of Sachs' unified field theory. 


84. Robert H. Romer, "Heat is not anoun," Am. ./. Phys., 69(2), Feb. 
2001, p. 107-109. The quotation is from footnote 24, p. 109. 
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85. E. T. Whittaker, "On the Partial Differential Equations of 
Mathematical Physics," Math. Ann., Vol. 57, 1903, p. 333-355. 


86. But see Chapter 2 for a reinterpretation and correction of 
Whittaker's decomposition of the scalar potential. His harmonic set of 
bidirectional phase conjugate longitudinal EM wavepairs in 3-space is 
replaced with a harmonic half-set of longitudinal EM waves converging in I 
the time domain upon the dipolarity; absorption and transduction by the 
charges; and re-emission as the other harmonic half-set of longitudinal EM 
waves diverging out from the source dipolarity in all directions in 

3-space. The correction allows a very novel solution to the long-vexing 
problem of the source charge and its associated fields and potentials and 
their energy {12}. 


87. (a) G. Johnstone Stoney, "Microscopic Vision," Phil. Mag., Vol 
42, Oct. 1896, p. 332; (b) — "On the Generality of a New Theorem," Ibid, 
Vol.43, 1897, p. 139-142; (c) — Discussion of a New Theorem in Wave 
Propagation," ibid, Vol. 43, 1897, p. 273-280; (d) — "On a Supposed 
Proof of a Theorem in Wave-motion," ibid., Vol. 43, 1897, p. 368-373. 


88. Some Russian scientists refer to the hidden internal 
electrodynamics as the "information content of the field”. 


89. Secretary of Defense William Cohen at an April 1997 
counterterrorism conference sponsored by former Senator Sam Nunn. 
Quoted from DoD News Briefing, Secretary of Defense William S. Cohen, 
Q&A at the Conference on Terrorism, Weapons of Mass Destruction, and 
U.S. Strategy, University of Georgia, Athens, Apr. 28, 1997. 


90. For a basic discussion of these photon polarizations, see (a) 
Richard Feynman, Quantum Electrodynamics, 1961, 1963. Quantum field 
theory recognizes four polarizations of the photon, to include x- and y- 
transverse polarizations in 3-space, longitudinal or z- polarization in 3- 
space, and the time-polarized photon (which may be taken to be a 
longitudinally-polarized photon in the time axis). Existence of these four 
modes of polarization or energy vibration in photons implies the existence 
of four correspondingly polarized EM waves. Among other things, 
Feynman discusses the "sum over four polarizations" of photons and such 
The term "Gupta-Bleuler” theory is the formalism that has grown up 
around this problem. For a deeper discussion, see (b) Lewis H. Ryder, 
Quantum Field Theory, Second Edition, Cambridge University Press, 

1996, p. 147 et seq. For an even more advanced discussion, see (c) F. 
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Mandl and G. Shaw {19}. For discovery of the coupling of time-polarized 
and 3-space longitudinally polarized EM waves as the higher EM energy 
flow symmetry resolving the source charge problem, and thereby 
reinterpreting Whittaker's decomposition ofthe scalar potential {85}, see 
(d) Bearden {12}. We point out that the latter reinterpretation can also be 
"cranked through" the superpotential theory of Whittaker, to involve all 
EM potentials, fields, and waves. 


91. (a) E. T. Whittaker, "On an Expression ofthe Electromagnetic 

Field Due to Electrons by Means of Two Scalar Potential Functions," 
Proc Lond. Math. Soc, Series 2, Vol. 1, 1904,p. 367-372. The paper 
initialed what today is called superpotential theory. It was published in 
1904 and orally delivered in 1903. For a sampling of other superpotential 
work, see (b) W. H. McCrea, Proc. Roy. Soc. Lond. A, Vol. 240, 1957, p. 
447; (c) A. Nisbet, Physica, Vol. 21, 1955, p. 99; (d) P. Debye, Ann. 
Phys., Leipzig, Vol. 30, 1909, p. 57. For an excellent overview discussion 
of superpotentials and related things, see (e) Melba Phillips, "Classical 
Electrodynamics,"in Principles ofElectrodynamics and Relativity, Vol. 
IV of Encyclopedia ofPhysics, edited by S. Flugge, Springer-Verlag, 
1962. 


92. (a) See Evans et al. {79} for proof that scalar interferometry can 
produce all normal transverse EM fields, waves, and patterns. The paper 
appears in (b) P. K. Anastasovski; T. E. Bearden, C. Ciubotariu, W. T. 
Coffey, L. B. Crowell, G. J. Evans, Myron W. Evans, R. Flower, S. 
Jeffers, A. Labounsky, B. Lehnert, M. Meszaros, P. R. Molnar, J.-P. 
Vigier, and S. Roy, "The New Maxwell Electrodynamic Equations: New 
Tools for New Technologies," J. New Energy, 4(3), Special Issue of ALAS 
papers. Winter 1999. The volume consists of some 60 papers by the Alpha 
Foundation's Institute for Advanced Study (AIAS), advancing 
electrodynamicsto a non-Abelian, gauge theoretic higher topology theory 
in O(3) internal symmetry. Some ten ofthe papers directly address 
Whittaker's work and extend it. 


93. (a) W. A. Rodrigues, Jr. and J.-Y. Lu, "On the existence of 
undistorted progressive waves (UPWs) of arbitrary speeds 0 < v < 00 in 
nature," Found. Phys., 27(3), 1997, p. 435-508 show that Maxwell's 
equations do possess superluminal solutions. A slightly corrected version 
is downloadable as hep-th/9606171 on the Los Alamos National 
Laboratory web site. Also see (b) W. A. Rodrigues, Jr. and J. Vaz Jr., 

"Subluminaland Superluminal Solutions in Vacuum of the Maxwell 
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Equations and the Massless Dirac Equation," Adv. Appl. Clifford Algebras, 
Vol. 7(S), 1997, p. 457-466. 

In classified Russian weapons labs, this internal longitudinal wave 
(both time-domain and 3-space domain) structuring of all normal 
(transverse) EM potentials, fields, and waves is euphemistically called the 
information content ofthe field. For decades there has been a successful 
disinformation campaign to lead scientists of other countries into believing 
that the phrase means standard spectral analysis. It doesn't. It is also 
possible to communicate at superluminal speed, using longitudinal EM 
waves inside this infolded "inner" electrodynamics. Since mass is mostly 
empty space filled with a particle here and there — together with EM 
potentials, fields, and waves — then mass is a vast "superhighway" for 
direct superluminal communication using longitudinal EM waves. 


94. Romer, {84}. 


95. See E. T. Whittaker, A History ofthe Theories ofthe Aether and 
Electricity, two vols., Nelson, London, 1951, 1953. Reprinted by Dover. 


96. Note that we have just resolved the age-old problem of change, 
which can be summarized in the query stated so long ago by Heraclitus: 
"For a thing to change, it must turn into something else. But how can a 
thing be itself and something else also?" We have explained the enigma 
by pointing out that the "thing" has no persistence in time, and is 
continually changing into yet another thing, either a replica (in which case 
we sense "no change" and hence "persistence" by memory comparison), or 
a partial replica with some differences (in which case we sense that "the 
object has changed itself in some way"), or a thing with little or no 
replication (in which case we sense a "different thing"). It is the unseen 
nature of the d/dt observation process that has deluded us into such 
irresolvable logical conflicts — and into an incomplete Aristotelian logic 
based on observation alone, which does not contain the resolutions to such 
problems because a higher-order logic is required. 


97. Whittaker, {85} 


98. See Chapter 2 for a discussion of the substitution of effect for 
cause, and of the nature of observation. 


99. Wu etal, {14}. 

100. Sen, {68}. 

101. | Also see Mandl and Shaw {19}. 
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102. William G. Harter, John Evans, Roberto Vega, and Sanford 
Wilson, "Galloping waves and their relativistic properties," Am. J. Phys., 
53(7), July 1985, p. 671-679. A relativistic example is given in which the 
source frame observes a very nonuniformly-galloping wave whose velocity 
varies between 0.01 c and 100 c, even though its average velocity is c. 
Relativistic properties of interfering electromagnetic plane waves are 


discussed. 


103. We point out, but do not further pursue, that this situation is 
reversed when time is reversed. This has very interesting applications in 
our little "time reversal zones" that we found were so important in the 
electrolyte experiments of the cold fusion researchers, and which 
accounted for a new class of nuclear interactions previously unknown. 
This does reverse the conventional law of attraction and repulsion of 
charged particles. It also directly affects the quarks and gluons, partially 
or evennearly dissolving the gluon forces holding the quarks in place, so 
that the quarks are nearly freed and are easily flipped. 


104. Simultaneously accompanied by separately brokentime-energy 
flow symmetry and separately broken 3-spatial energy flow symmetry. 


105. Evans etal., {38b, 38c}. 
106. Oliver Heaviside, Electrical Papers, Vol. 2, 1887, p. 94. 


107. Kraus, {76}. 


107. E.g., see (a) Jackson {22}, p. 237. Jackson points out that "...the 

Poynting vector is arbitrary to the extent that the curl ofany vector field 
can be added to it. Such an added term can, however, have no physical 
consequences. " The first sentence is true, but the second sentence is a non 
sequitur. Poynting only considered the small component of the overall 
energy flow that enters the circuit — in short, that strikes the surface 
charges in the conductors and is diverged into the wires to power the 
Drude electrons. That is the diverged part of the energy flow. All the rest 
of the flow that misses the circuit is obviously not diverged or collected in 
the circuit, and so it has zero divergence. It is elementary vector algebra 
that the curl of any vector field has zero divergence. So the extra 
nondiverged Heaviside energy flow component — filling all space around 

the conductors in a power line, e.g., but missing the power system entirely 
and just wasted — can indeed be expressed as the curl ofa vector field 
That energy flow is real, however, and if intercepted and collected, it then 
does become divergent. In that case, it does have highly significant 
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consequences, since the total energy flow in that component may be a 
trillion times the energy flow in the Poynting component alone. 

For a rigorous experiment demonstrating the reality and significance ol 
that "physically insignificant energy flow" that "can have no physical 
consequences", see (b) Bohren {24}. Under nonlinear conditions, a particle 
can absorb more energy than is in the light incident on it by normal 
calculations. Electrodynamicists do not calculate the magnitude ofan 
entire field or potential, e.g., but only the intensity of a divergence from it 
at a single point, as given by an intercepting unit point static charge. If 
that same charged particle is placed in particle resonance, it sweeps out a 
greater geometrical reaction cross section. Hence it intercepts and collects 
(diverges) more impinging energy — from that long-neglected otherwise 
nondiverged component of the flow or field that is not diverged by the 
Static unit point charge assumed conventionally. Metallic particles at 
ultraviolet frequencies are one class of such particles and insulating 
particles at infrared frequencies are another. See also (c) Paul and Fischer, 
{25}, who replicated Bohren's experiment. 


109. H. A. Lorentz, Vorlesungen iiber Theoretische Physik an der 
Universitdt Leiden, Vol. V, Die Maxwelhche Theorie (1900-1902), 
Akademische Verlagsgesellschaft M.B.H., Leipzig, 1931, "Die Energie im 
elektromagnetischen Feld," p. 179-186. The section is called "Der 
Poyntingsche Energiestrom," and begins on p. 183. See his Figure 25 on 
p. 185. 


110. E.g., see W. K. H. Panofsky and M. Phillips, Classical Electricity 
and Magnetism, Addison-Wesley, Reading, MA, 1962, 2nd edition, p. 181, 


111. Bearden, {12}. 


112. A simple way to see this is to note that the back-potential across 
the half-loop internal to the dipole is precisely equal to the forward 
potential externally between the ends ofthe dipole but across the external 
circuit half-loop. Since the same current g runs through both these 
potentials, then by Vg the same amount of energy is dissipated upon the 
charges of the dipole — to scatter them and destroy the dipole — as is 
dissipated in the external circuit in its losses and the load. Thus more 
energy is used to destroy the dipole than is used to power the load. We 
have to input at least as much shaft energy to restore the dipole as was 
used to destroy it. Hence the COP< 1.0. 
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113. See to (a) M. W. Evans, P. K. Anastasovski, T. E. Bearden el al, 
"Classical Electrodynamics without the Lorentz Condition: Extracting 
Energy from the Vacuum," Physica Scripta, 61 (5). May 2000, p. 513-5 17 
in addition to that paper previously quoted. See also (b) "Runaway 
Solutions ofthe Lehnert Equations: The Possibility of Extracting Energy 
from the Vacuum," Optik, 111(9), 2000, p. 407-409. 


114. Robert Bruce Lindsay and Henry Margenau, Foundations of 
Physics, Dover, New York, 1963, p. 25. 


115. Ibid., p. 213. 
116. = Ibid., p. 217. 


117. M. Faraday, Experimental Researches in Electricity and 
Magnetism, Vol. 1, Taylor and Francis, London, 1839; Vol. 2, Richard & 
John E. Taylor, London, 1844; Vol. 3, Taylor and Francis, London, 1855. 
A 1965 reprint of all three volumes is available from Dover, New York. 


118. We also acknowledge the independent contributions ofJoseph 
Henry. In 1830, Henry independently discovered magnetic induction, 
anticipating Faraday's own discovery of it. Faraday, however, published 
first. Two years later, Henry discovered self-induction. He died in 1878, 
and the unit of inductance, the henry, was named for him in 1893. 


119. (a) Maxwell, {20}. Also see (b) James Clerk Maxwell, A Treatise 
on Electricity and Magnetism, Oxford University Press, Oxford, 1873, 
Third Edition, Volumes 1 and 2, unabridged, Dover Publications, New 
York, 1954. This standard citation widely used in the literature is in fact 
confusing; the First Edition was published in 1873, a second rather 
substantially altered edition was later published after Maxwell's 1879 
death of stomach cancer, and a third edition, slightly altered from the 
second edition, was published even later. So controversial were 
quaternions at the publication of Maxwell's first edition in 1873, that part 
of what was to become the second edition — published after Maxwell's 
1879 death — was truncated by Maxwell himself prior to his death and 
prior to the posthumous publication ofthe second edition. Thus there is 
considerable difference between the first and second editions, and first and 
third editions, of Maxwell's Treatise, compared to his original 1865 paper 
{20}. "Maxwell's theory" is actually his 1865 paper; everything else is a 
later truncation of Maxwell's theory. 
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120. Maxwell's letter to P. G. Tait in 1871, Archives, Cavendish 
Laboratory, Cambridge. 


121. For a discussion, see (a) A. M. Bork, "Vectors versus quaternions 
- the letters in Nature," in Am. J. Phys., Vol. 34, Mar. 1966, p. 202-211. 
For a cogent presentation of what might have been discovered much earlier 
in physics if quaternions had not been cast aside in favor of the much more 

limited vectors, see (b) James D. Edmonds Jr., "Quaternion quantum 
theory: New physics or number mysticism?", Am. J. Phys., 42(3), Mar. 
1974, p. 220-223. 


122. Edmonds, {121b}. Edmonds presents a cogent argument showing 
the significant impedance of the rate of discovery in physics, that resulted 
from the ill-advised casting aside of the far more comprehensive 
quaternion theory in favor of the much more limited vector theory. 


123. Heaviside, {5a, 5b}. 


124. T. W. Barrett, "Tesla's Nonlinear Oscillator-Shuttle-Circuit (OSC) 
Theory," Annales de la Fondation Louis de Broglie, 16(1), 1991, p. 23-41, 
Barrett later extended some of the energy-shuttling techniques shown by 
Tesla and obtained U.S. Patents 5,486,833 and 5,493,691. 


125. (a) A. A. Michelson and E. W. Morlcy, "Influence of motion of 

the medium on the velocity of light," Am. J. Sci., Vol. 31, Series 3, 1886, 
p. 377-386; (b) — "The relative motion ofthe earth and the luminiferous 
aether," Am. J. Sci., 34(3), 1887, p. 333; (c) — "On the relative motion of 
the earth and the luminiferous aether," Phil. Mag. 24(4), 1887, p. 449. See 
also (d) A. A. Michelson, "The relative motion ofthe earth and the ether," 
Am. J. Sci., (4), 3, 1897, p. 475. 


126. (a) Mendel Sachs, General Relativity and Matter: A Spinor Field 
Theoryfrom Fermis to Light-Years (Fundamental Theories of Physics), 
Reidel, 1982. Sachs provides a great generalization of general relativity 
and electrodynamics reaching from the quarks and gluons to the entire 
universe. See also (b) Mendel Sachs, "Symmetry in Electrodynamics: 
From Special to General Relativity, Macro to Quantum Domains," in M. 
W. Evans, Editor, Modern Nonlinear Optics, Second Edition, Wiley, New 
York, 2001, Part 1, p. 677-706. 


127. Myron W. Evans, Director of the Alpha Foundation's Institute for 
Advanced Study, private communication, 2001. 


128. Jackson, {22}, p. 249. 
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129. Jackson, {22}, p. 28. 
130. Feynman, {7}, Vol. 1, p. 2-4. 


131. Physicists often speak of spacetime as "space", since in 
Minkowski geometry the time portion is modeled along a separate spatial 
axis used in addition to the ordinary three spatial axes. So Feynman's 
"distortion" is actually Riemannian spacetime curvature. 


132. As an aside, note that Feynman also utilized a dipolarity. There is 
always a scalar potential between the poles of any dipole. Further, this 
"dipole potential" decomposes according to Whittaker's 1903 

decomposition{85}, as re-interpreted by Bearden's giant negentropy 
approach {12} in 2000, and as relates to Mand] and Shaw's 1984/1993 
argument {19} that only the associated time-polarized photon and 
longitudinal photon together are observable, and then as the instantaneous 
scalar potential. If we accept Mandl and Shaw's powerful argument, then 
the Whittaker 1903 decomposition must be reinterpreted to be in 
accordance. That is what was done by the present author {12} to resolve 
the source charge problem as well as the source dipole problem. In 
addition, the resolution must be in accord with the theoretical and 
experimental findings of particle physics, to include the broken symmetry 
of the opposite charges on the ends ofa dipole. The giant negentropy 
process uncovered by Bearden {12} fulfills all the necessary requirements. 
It also places the theme of this book — Energyfrom the Vacuum: 
Concepts and Principles — on a solid theoretical and experimental basis. 


133. Feynman, {7}, vol. I, p. 1-3. 
134. Jackson, {22}, p. 811-812. 


135. We have previously postulated this feature where one second is 
equal to spatial EM energy compressed by the factor c”, so that time is just 
extremely compressed EM spatial energy. See Bearden, {17}. 


136. (a) Harter et al., {102}. It may well be that galloping due to time- 

density variation may provide an alternative explanation to quantum 
tunneling, which can readily occur at superluminal speed. E.g., see (b) A 
Enders and G. Nimtz, Phys. Rev. Lett., Vol. 48, 1993, p. 632. Their 

superluminal tunneling experiments transmitted 8.7 GHz microwaves (free 

space wavelength 3.4 cm) traveling in a rectangular waveguide that 
contains a "barrier" section of reduced dimensions. Mozart's 40th 

Symphony was transmitted through the barrier waveguide as frequency 
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modulated microwaves, at an FTL group velocity of 4.7c, receiving 
audibly recognizable music from the microwave photons that survived 
their barrier passage. 


137. (a) M. W. Evans, "The Link Between the Sachs and 0(3) Theories 
of Electrodynamics," in M. W. Evans, editor, Modern Nonlinear Optics, 
Second Edition, Wiley, New York, 2001, Part 2, p. 469-494; (b) — "0(3) 
Electrodynamics," in M. W. Evans, editor, Modern Nonlinear Optics, 
Second Edition, Wiley, New York, 2001, Part 2, p. 79-267. 


138. E.g., Ryder, {90b}, p. 147 et seq. 
139. Rodrigues and Lu, {93a}. 
140. Rodrigues and Vaz, {93b}. 


141. The reader should recall that to this day there is no satisfactory 
resolution of the wave-particle duality principle. Physicists finally just 
shook hands and agreed to quit fighting, since the hullabaloo was getting 
them nowhere. The problem does have a probable resolution, but not in 
Aristotelian logic. 


142. Bearden, {12} discusses the relation between time-energy and 3- 
spatial energy, and reveals a more fundamental 4-symmetry between time 
energy flow and spatial energy flow. In this 4-symmetry EM flow, time 
symmetry in energy flow is broken and simultaneously 3-space symmetry 
in energy flow is broken, but 4-symmetry in energy flow is maintained. 
The basic transduction of time-energy into 3-space energy and vice versa 
is accomplished by the interacting charge. 


143. Bearden, {15}, p. 11. In the paper we also gave a force-free 
definition of mass, in terms of the transduction of angular momentum 
across the 3-spatial boundaries ofa mass particle. 


144. Rigorously, mass does not and cannot emit a photon; masstime 
does. But an observable mass m can be absorbing and emitting enormous 
numbers of virtual photons while not yet having absorbed another 
observable photon and decayed to emit an observable photons. 
Differential (virtual) pieces of a "frozen" observable mass m are indeed 
changing continually into masstime and back into mass, by absorbing and 
emitting virtual photons per equation [14b], while the observable mass m 
has not yet completed its absorption and emission of an observable photon 
This "knitting" together of observable and virtual state interactions is one 
of the great centralizing features of physics. 
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145. The problem is due to the hoary old erroneous notion in mechanics 
that a separate force acts upon a separate mass to move it. 


146. There appears to be no paper or textbook which calculates the 

actual "energy magnitude" of an entire potential or an entire field, 
including over all space occupied by it. All texts advance the "local 
intensity" indicator calculation, and then call that the "magnitude of the 
potential". That is a non sequitur of first rank. A skilled electrodynamicist 
will call it the intensity of the potential. 


147. It appears that the only region where this statement is in dispute is 
in various models attempting to explain the creation ofthe universe. Since 
that is apriori a creation event, then physicists struggle with explaining 
how something (the existing universe) was created out of nothing (the 
absence of any slightest bit of the existing universe). We will leave that 
debate to the astrophysicists and cosmologists. The "accursed identity of 
opposites" has been the bane of philosophers for more than 3,000 years. 


148. = Ibrahim Semiz, "Black hole as the ultimate energy source," Am. J. 
Phys., 63(2), Feb. 1995, p. 151. 


149. David Halliday and Robert Resnick, Fundamentals ofPhysics, 
Third Edition Extended, Wiley, New York, 1988, Vol. 1, p. 518. 


150. Stanley W. Angrist, "Perpetual Motion Machines," Sci. Am., Vol. 
218, Jan. 1968, p. 114-122. 


151. Stanley W. Angrist, "Perpetual Motion," Encyclopaedia 
Britannica, Bicentennial Edition, Macropaedia Vol. 14, 1976, p. 102-105. 
152. _— Lindsay and Margenau, {114}, p. 217. 
153. Heaviside, {106}, p. 94. 
154. Kraus, {76}, Figure 12-59, p. 578. 
155. Bohren, {24}. 


isi) Paul and Fischer, {25}. 
157. (a) V. S. Letokhov, "Laser Maxwell's Demon," Contemp. Phys., 
36(4), 1995, p. 235-243; (b) — "Generation of light by a scattering 
medium with negative resonance absorption," Zh. Eksp. Teor. Fiz., Vol, 
53. 1967, p. 1442 (English translation is in Sov. Phys. JETP, 26(4), Apr. 
1968. p. 835-839); (c) "Stimulated emission of an ensemble of 
scattering particles with negative absorption,” ZhETF Plasma, 5(8), Apr. 
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15, 1967, p. 262-265; (d) — "Double y - and optical resonance," Phys. 
Lett. A, Vol. 43, 1973, p. 179-180. 


158. — It is Heaviside's equations that are usually taught in University as 
"Maxwell's Equations," and labeled as Maxwell's equations in most 
undergraduate texts. In addition to Heaviside’ work, similar changes were 
made by Gibbs in the United States and by Hertz in Europe. Every 
sophomore physics student and electrical engineering student should be 
given a short treatise on the background development of electrodynamics, 
and how, when, and by whom Maxwell's 20 quaternion equations were 
modified into the present four vector equations. The treatise should also 
point out what was omitted from Maxwell's theory in its truncations. It 
should be made very clear to every student that his elementary EM subject 
errs dramatically from physical reality when it assumes a flat local 
spacetime and an inert local vacuum. By discarding the physically active 
environment ofall Maxwellian systems, only a highly limited subset of 
nature's electrodynamics is captured in the standard electrical engineering 
model. Specifically, systems far from equilibrium in their exchange with 
that environment are arbitrarily discarded. Those are precisely the 
Maxwellian systems permitted to exhibit coefficient of performance 
greater than unity. In short, the truncation of Maxwell's theory arbitrarily 
discarded all electrical windmills turning — or partially turning — in a 
free electrical wind. 


159. As we pointed out, there are tin electromagnetic systems at all in 
that first class — and never have been — if we account for the arbitrarily- 
ignored Heaviside energy flow pouring from the source dipole and the 
energy flow pouring from every charge, and consider the situation prior to 
self-enforced implementation of Lorenz/Lorentz symmetrical regauging 
(by the closed current loop circuit). The remarks — pertaining to EM 
systems supposedly in equilibrium with the active vacuum — only apply if 
we neglect that Heaviside component and also neglect the source charge 
problem, and even then only ifthe circuit self-enforces that equilibrium in 
its exchange with the active vacuum. But since it has been so long and 
ubiquitously neglected, we will continue to speak ofthe "two classes" of 
EM systems from that "conventional" view. It is rather like our concession 
to electrical engineering, where the word "power" is universally misused. 
However, the reader should be aware of what we are doing and why. 


160. See (a) Ilya Prigogine, Nonequilibrium Statistical Mechanics, 
Wiley-Interscience, New York, 1962; (b) — From Being to Becoming: 
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Time and Complexity in the Physical Sciences, W. H. Freeman and 
Company, San Francisco, 1980; (c) D. Kondepudi and Ilya Prigogine, 
Modern Thermodynamics: From Heat Engines to Dissipative Structures, 
Wiley, Chichester, 1998; (d) G. Nicolis and I. Prigogine, Self-Organization 
in Non-Equilibrium Systems: From Dissipative Structures to Order 
through Fluctuations, Wiley, New York, 1977. For a good educated 
layperson's overview, see (e) Gregoire Nicolis, "Physics of far-from- 

equilibrium systems and self-organization," Chapter 11 in {f} Paul Davies, 

Ed., The New Physics, Cambridge University Press, Cambridge, 1989, p. 
316-347. 


161. Actually, Ludvig Valentin Lorenz first performed the equivalent 
of symmetrical regauging of Maxwell's equations, only two years after 
Maxwell's seminal paper was published in 1865. See (a) Ludvig Valentin 
Lorenz, "On the identity of the vibrations of light with electrical currents," 
Phil. Mag., Vol. 34, 1867, p. 287-301. Not much attention was paid to 
Lorenz's work, however, and the later symmetrical regauging of the 
Maxwell-Heaviside equations by H. A. Lorentz is what "stuck" and came 
to be used. For a proper historical discussion, see (b) J. D. Jackson and L. 
B. Okun, "Historical roots of gauge invariance," Rev. Mod. Phys., Vol. 73, 
July 2001, p. 663-680. 


162. This point is important. See Gabriel Kron, "The Frustrating 

Search for a Geometrical Model of Electrodynamic Networks," circa 1962. 
General Electric publication, p. 11-128. Quoting p. 114: "...the missing 
concept of "open-paths" (the dual of "closed-paths") was discovered, in 
which currents could be made to flow in branches that lie between any set 
of two nodes. (Previously -following Maxwell - engineers tied all of their 
open-paths to a single datum-point, the 'ground'). That discovery ofopen- 
paths established a second rectangular transformation matrix... which 
created 'lamellar' currents..." "A network with the simultaneous presence 
of both closed and open paths was the answer to the author's years-long 
search," 

When we design and build a circuit or system in compliance with the 
Lorenz/Lorentz-regauged equations, it follows that the circuit itselfmust 
contain some feature and function that self-enforces the Lorenz/Lorentz 
condition — at least during the excitation discharge ofthe energy that has 
been freely caught by the circuit. The Lorenz/Lorentz condition is not a 
law of nature, nor is it automatically applied without a specific circuit 
cause andfunction physically applying it. That function is automatically 
applied by the standard closed current loop circuit. 
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As Kron stated, his long search for a true negative resistance finally 
succeeded when he discovered the "open path". Actually Kron had 
discovered that any two points in the universe at different potentials 
(charged to different intensities) produced a flow of EM energy. In other 
words, he had discovered in more classical EM terms the broken symmetry 
of opposite charges of differing charges, such as on the ends of any dipole 
or across any dipolarity. 


163. Superconducting sections in a system may be loss-free, but the 
entire superconducting system has losses and exhibits only COP<1.0 
overall, if the refrigeration burden is accounted. In the superconducting 
section alone, without accounting for the cooling overhead, the COP = 10 
and the efficiency is 100% also. 


164. After Jackson, {22}, p. 219-221; 811-812. 


165. See Whittaker, {85}. Whittaker mathematically decomposes the 
scalar potential into a hidden "bidirectional" series of EM wavepairs in a 
harmonic sequence. Each wavepair consists of the wave and its phase 
conjugate. Thus any Ad) (as across the terminals of a dipolar electrical 
power source) a priori involves an ordered, hidden, bidirectional EM wave 
flow. I.e.,d(fi)) identically is such a hidden bidirectional EM energy flow. 


166. But see Bearden, {12}. In the paper we conceptually re-interpreted 
Whittaker's 3-space (observation assumed, hence effect waves) 
bidirectional wavepairs. Our reinterpretation yields a correlated harmonic 
half-set of converging unobserved causal EM longitudinal waves (time- 
polarized EM waves) in the time domain prior to interaction with charge 
so as to prepare for being observed, and a harmonic half-set of diverging 
EM longitudinal waves (after observation due to the convergent time- 
polarized EM waves interacting with the observable charges) in 3-space in 
all directions. We strongly stress that observation does not occur without 
the absorption of a scalar photon and the follow-on emission of a 
longitudinal photon. In a time-reversed situation (phase conjugate charge 
condition), to the observer it appears to have happened in the other 
direction. 


167. Particularly see Mandl and Shaw, {19}. 


168. | However, Mandl and Shaw fail to totally identify the "combining 
mechanism". They do not account the detailed interaction of the 
detecting/observing unit point charge, and thus fail to clearly account for 
the absorption of the incoming time-polarized wave or photon, the 


876 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES 


transduction of that excitation energy ofthe charge into longitudinal EM 
wave/photon energy, and the subsequent emission of that excitation energy 
in 3-space in all directions as longitudinal EM waves/photons. So Mandl 
and Shaw do not clearly account for photon (or wave) polarization 
transduction by the ubiquitously assumed charge. The "causal" time- 
polarized EM wave or photon comes in and is absorbed by the detecting 
charge or dipole, then the absorbed energy is transduced and re-emitted in 
3-space as the longitudinally polarized EM wave or photon in 3-space. 
(Actually, since all space is charged, what is really emitted into 3-space is 
the giant circulation of EM energy between time and 3-space, which is a 
more rigorous statement of what "propagation of EM energy through 3- 
space actually is). Recognition of these missing interactions and 
transductions allowed a solution at last to the long-vexing problem of the 
source charge, often called the greatest problem in both quantum and 
classical electrodynamics, as given initially in Bearden, {12}. Now, of 
course, a greater problem has reared its head: the notion that EM energy 
continuously propagates in 3-space is a total non sequitur, along the lines 
objected to by Romer {84}. We therefore have some very fundamental 
rethinking to do for all of classical physics. This is really where the 
problem of wave-particle duality has pointed since the beginning. 


169. Asymmetrical self-regauging collects just a tiny bit more of the 
enormous energy that is flowing outside the conductors and usually 
wasted. E.g., ifthe self-regauging EM system collects as jd some 10°"? of 

the energy flow instead of the more usual 10°'*, the system can have a 
COP =10, ifit does not then expend half the collected energy to destroy the 
source dipole faster and require its reconstitution more energetically. And 


so on. 


170. Jackson, {22}, p. 220-223. 


171. So-called "canceling" opposing EM fields are actually produced, 

which sum to a vector zero system with respect to translation, which the 

electrodynamicists erroneously discard by assumption. We point out, but 
do not further pursue, that the locally produced field energies of the 
opposing fields in a zero-summed vector system remain and add, even 
though the fields offset each other translationally. The local energy of the 
field is proportional to the square of the local magnitude, and that is 
always positive regardless of field orientation. Thus "trapped" and 
structured EM stress energy has been localized in spacetime in the 
symmetrical regauging of CEM. This rigorously is a gravitational change 
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and therefore a local curvature of spacetime a priori. Indeed, the field 
energy remains in a zero-vector summation system, and has been changed 
into stress potential energy. It represents continuous internal work being 
performed on the system to stress it, by energy continuously fed in from 
the active vacuum environment but only in appositive fields of equal 
magnitude. The discarding ofthe zero vector summation system thus is a 
discarding of an available stress potential and its energy, a rotation of the 
system frame out ofthe laboratory frame, and a continuous exchange of 
energy from the vacuum that performs internal work upon the system but 
no external work in the load. The energy is not translational, but it is there 
nonetheless, and it causes a spacetime curvature change. The 
electrodynamicists have largely ignored the fact that gauge symmetry 
transformations are accompanied by local gravitational (spacetime 
curvature) changes that violate the prevailing flat local spacetime 
assumption of classical electrodynamics. 


172. See (a) H. J. Josephs, "The Heaviside papers found at Paignton in 
1957," IEE Monograph No. 319, Jan. 1959, p. 70-76. See also (b) E. R. 
Laithwaite, "Oliver Heaviside — Establishment Shaker," Elec. Rev., 
211(16), Nov. 12, 1982, p. 44-45. Heaviside became aware of this 
gravitational relationship, and worked out a draft theory of 
electrogravitation based on his energy-flow theory (which added 
nondiverged closed-loop circulations of energy which vectorially summed 
to net zero). Those "trapped EM energy flow loops" were gravitational, in 
Heaviside's concept. His hand-written notes on his eleelrogravitation 
theory were found long after his death, beneath the floorboards of his little 
garret apartment. In honor of Heaviside, we have nominated his huge 
nondiverged energy flow component — erroneously discarded by Lorentz 
— as the source of the extra gravity in the arms of the spiral galaxies, 
holding them together. In short, we have proposed that as the solution to 
the so-called "dark matter" problem. 


173. Physicists love symmetry, turn to it at every opportunity, and will 
do almost any mathematical manipulation to obtain it, because they regard 
it as "beautiful." And so it is. Performing work, however, requires 
breaking symmetry to produce excess energy, which interacts with mass to 
produce a force, and then requires using that force to do the work. If we 
wish to build a system that produces more work output than the work that 
we ourselves have to do upon it to run it, then apriori that system must be 
asymmetrical and — to many physicists — ugly. Let us all drink a toast to 
more efficient ugly asymmetrical systems that also do not require energy. 
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input by the operator, but only by the active environment! Give us "ugly" 
electrical windmills that turn freely in electrical winds, rather than the 
inane "beautiful" present systems which destroy their energy winds faster 
than hey power their loads. 


174. While Lorentz appears to have done it earlier, one can see his use 
of the surface integration in (a) Lorentz, {109}. In 1896 he also included 
it, using a more general theorem by Volterra, so that Poynting's theorem 
arises as a special case; see (b) H. A. Lorentz, Versl. K. Akad. W. 
Amsterdam, Vol. 4, 1896, p. 176. 


175. This is usually performed by the source dipole. 


176. Thus the long and tedious effort ofmy colleagues and I to create 
circuits that asymmetrically self-regauge their potential difference (source 
voltage) without allowing all the spent load current to pass back through 
the primary power source dipole and do work upon it to scatter the charges 
and destroy its dipolarity. 


177. Again we strongly stress that asymmetrically regauging a potential 
in the system also regauges the local vacuum potential and the intensity of 
the vacuum potential's bidirectional EM energy exchange with the system. 
It alters the local curvature of spacetime. It directly alters the stored 
energy of the system and ofthe supersystem. See again Whittaker, {85}, 
to see this clearly. See particularly our use of the supersystem concept in 
Chapter 8, and as mentioned in Chapter 1 and the present Chapter 2. 


178. Circuits and electrical powersystems universally and routinely 
break Lorentz symmetry for excitation (potentialization) ofthe system at 
the initialonset. Just to potentialize a system in theory costs nothing, 
although it freely changes the potential energy ofthe system. The gauge 

freedom axiom of quantum field theory also guarantees that such change 
of the potential energy of the system is essentially "for free". It 
conclusively proves that (i) asymmetrical self-regauging exists and is done 
in electrical circuits, since the source dipole in the power supply 
accomplishes that initial self-regauging of the external circuit completely 
for free once the dipole is made, and (ii) the Maxwell-Heaviside equations 
do permit asymmetrical self-regauging, in violation of Lorentz's arbitrary 

conditionprohibitingit. 


179. This is the patent-pending Bedini process, which is processing 
through the U.S. Patent Office as we go to press. 
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180. Lee, {73}, p. 184. 


181. _B. P. Kosyakov, "Radiation in electrodynamics and in Yang-Mills 
theory," Soviet. Phys. Usp., 35(2), Feb. 1992, p. 135-142. Quotes are from 
p. 135 and p. 141. Our proposed solution to the problem posed by 
Kosyakov (which is actually the broken symmetry of a charge) is that 
negative charges pour out positive energy and positive charges absorb 
positive energy. We "see" the positive charge as pouring out "reversed 
direction positive field energy" after we interact the energy with a 
laboratory charge to "observe". Considering the well-known polarization 
of the vacuum by any charge, one realizes that a 4-symmetry circulation of 
the EM energy is what is "emitted" and spreads throughout all space, since 
the vacuum polarization is also spreading. The actual energy flow is 
between the time domain and 3-space and return, at any elemental dipole 
in the polarization of the vacuum that is spreading. 


182. Oliver Heaviside, Electrical Papers, Vol. 2, 1887, p. 94. 


183. Prof. William Keel, quoted in James McWilliams, "Through a 
Galaxy, Darkly," Huntsville (Alabama) Times, May 14, 2000, p. A-18. 


184. Charles Seife, "Peering Backward to the Cosmos's Fiery Birth," 
Science, vol. 292, June 22, 2001, p. 2238. 


185.  M. P. Silverman, And Yet It Moves: Strange Systems and Subtle 
Questions in Physics, Cambridge University Press, Cambridge, 1993, p. 
127. 


186. Matthew Colless, Australian National University, one of the 
survey team leaders in the project leading the world in mapping galaxies, 
Mar. 2001. 


187. (a) Lee, {13a}; (b) Lee, Oehme and Yang, {13b}; 
188.  Wuetal., {14}. 

189. Bearden, {12}. 

190. Mandl and Shaw, {19, 168}. 

191. Whittaker, {85}. 


192. Gabriel Kron, "Invisible dual (n-1) networks induced by electric 


1-networks," JEEE Trans, on Circuit Theory, CT-12(4), Dec. 1965, p. 464- 
470. 
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193. Kron, {162}. The quote is from p. 114. 


194. Steven Weinberg, Dreams ofa Final Theory, Vintage Books, 
Random House, 1993, p. 109-110. 


195, See Josephs, {172a}. Heaviside's hand-written notes contained his 
theory of electro-gravitation, based on his theory of energy flow. The 
papers were found beneath the floorboards in his little garret apartment. 


196. Laithwaite, {172b}. Laithwaite feels that Heaviside's postulation 
that a flux of gravitational energy combines with the (ExH) 
electromagnetic energy flux, could shake the foundations of physics. 
Extracting from Laithwaite; "Heaviside had originally written the energy 
flow as S = (ExH) + G, where G is a circuitalflux. Poynting had only 
written S = (ExH). Taking p to be the density ofmatter and e the intensity 
of a gravitationalforce, Heaviside found that the circuitalflux G can be 
expressed as pu -ce, where u represents the velocity of p and c is a 


” 


constant. 
197. Hence the title of cited reference {12} above. 


198. MelvinH. Miles and Benjamin F. Bush, "Radiation measurements 
at China Lake: Real or Artifacts?", Proc ICCF-7 (International 
Conference on Cold Fusion — 7, Vancouver, BC, Canada, Apr. 1998, p. 
101. 


199. Bearden, {17}. 


200. See P. V. Elyutin, "The Quantum Chaos Problem," Sov. Phys. 
Usp.. Vol. 31, No. 7, 1988, p. 597-622. Elyutin discusses the crisis in 
quantum mechanics because ofthe missing chaos (hidden order). 
Quantum mechanics is known to be wrong unless this order can be found, 
because otherwise it does not predict the ordered macroscopic universe. 
Thus any proposed solution to the quantum chaos problem is worthy of 
Investigation, even if it turns out to be in error. 


201. Unfortunately, entropy is one of those concepts in physics for 
which there are several differing major views. We consider entropy to be 
comparable to a positive resistor: organized energy goes in, disorganized 
energy comes out. Entropy is usually taken to be a measure of the 
disordering of energy. It does not eliminate the energy; it just makes it 
more difficult to use it. For our work in energy from the vacuum, we take 
the very simple view that a negentropic process is like a negative resistor: 
it receives energy in a form unusable to us, transforms it, and outputs it in 
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a form that is usable. In short, a negative resistor receives disordered 
energy and reorders it, so to speak. So it exhibits negentropy. We 
completely avoid the various notions of "information" and attempts to 
equate information and energy. We do point out, however, that a time- 
reversal process in one form or another is usually involved. In that sense, 
e.g., Newton's third law would be a negentropic process and involve time 
reversal in the mechanism generating the reaction-causing agent. 


202.  H. E. Puthoff, "Source of Vacuum Electromagnetic Zero-Point 
Energy," Phys. Rev. A, 40(9), Nov. 1, 1989, p. 4857-4862. 


203. Whittaker, {91}. The paper was published in 1904 and orally 
delivered in 1903. This paper initiated superpotential theory. 


204. As Whittaker showed in 1903, {85}, the scalar potential is 
actually a harmonic set of bidirectional EM longitudinal EM wavepairs, 
where each pair is composed ofa longitudinal EM wave and its phase 
conjugate replica. Only because classical electrodynamicists have 
erroneously defined the field and potential as their own reaction cross 
sections with a unit point static charge, has the "static" potential been 
misidentified as a scalar entity, which it is not. The energy diverged fiom 
a uniform potential, around a fixed static point unit charge, is actually the 
set of divergences around the intercepting charge of the energy flows of all 
those EM waves comprising the potential. The sum total of all these 
individual wave divergences indeed has a scalar magnitude, but the 
magnitude of the total energy divergence from the potential is neither the 
potential itself nor its magnitude. 


205. We point out the obvious: A "scalar" mass in 3-space actually him 
a time-vector since it moves through time continually, just to continue to 
exist. Further, it involves a special form of energy (energy compressed by 
c’) which time is taken to be. Since we may choose any form of energy we 
wish by simple transduction, we may take it as compressed EM energy. 

So the mere continued existence of any mass proves conclusively that EM 
energy can and does ubiquitously flow to, from, and through the time 
dimension. The combined continued existence of numerous masses proves 
conclusively that the flow of time can have a myriad internal 
electromagnetic energy flows. An equilibrium between (i) an inflow of 
EM energy to a transducer from the time dimension, and (ii) an outflow of 
EM energy in 3-space from the transducer, will be seen as a discrete 
excitation (potential energy) associated with the transducer. Hence the 
notion of the charge. Every charge in the universe may be said to pour out 
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energy (negative charge pours out positive energy; positive charge absorbs 
positive energy — the equivalent of pouring out negative energy — and 
any charge results in a polarization of the vacuum. Hence what we call 
"spacetime" or "vacuum" is in fact a giant circulation of energy from the 
time domain to 3-space, and back to the time-domain. In short, a giant 
ncgentropy process continually sustains the active universe and all its 
components and processes. 


206. Evans et al., {79}. 
207. Semiz, {148}. 
208. Weinberg, {194}, p. 286. 


209. The available internal energy ofa generator is the transduced shaft 
energy we input to it, say by turning the generator shaft with a steam 
turbine or hydro turbine. The shaft mechanical energy input is transduced 
into internal magnetic field energy once the rotor rotates. This internal 
magnetic energy is then dissipated on the internal charges inside the 
generator, forcing the positive charges in one direction and the negative 
charges in the other, thereby making the source dipole between the 
terminals of the generator. The available internal energy of a battery is the 
chemical energy possessed by it at any given time, and available for 
performing work on the internal charges to force them apart to form a 
dipole between the plates (and the battery terminals). 


210. Kraus, {76}. Figure 12-60, a and b, p. 578 shows a good drawing 

of the Poynting (intercepted) energy flow being withdrawn into the 
conductors from the surrounding space. It does not show the Heaviside 
nondiverged component remaining, which is even larger, not diverged into 
the conductors, and wasted. The reason for the remaining Heaviside non- 
diverged component is that the electrons precess laterally across the 
conductor, thus withdrawing into the conductor only a small nearby 
sectionof the fields of the surface electrons — the ones (plus their fields 
extending into space) which intercept the impinging energy flow. Because 
of the short distance radially across the conductor's cross section, a surface 
electron has very limited "field and field energy withdrawal" length. 


211. (a) J. D. Jackson, "Surface charges on circuit wires and resistors 
play three roles," Am. J. Phys., 64(7), July 1996, p. 855-870. See also (b) 
Mark A. Heald, "Energy flow in circuits with Faraday emf," Am. J. Phys., 
Vol. 56, 1988, p. 540-547; (c) — "Electric fields and charges in 
elementary circuits," Am J Phys., 52(6), June 1984, p. 522-526. The 
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surface charges in the conductors ofa circuit are of enormous importance 
to the powering of the circuit. 


212. See T. E. Bearden, "Energy Flow, Collection, and Dissipation in 
Overunity EM Devices," Proc. 4th Internat. Energy Conf., Academy for 
New Energy, Denver, CO, May 23-27, 1997, p. 5-51. In Figure 5, p. 16 
the fraction of the Poynting energy flow that is intercepted and collected 
by the circuit is roughly shown to be on the order of 107° of the entire 
Poynting energy flow available. That number is based on a very crude 
estimating procedure, but even if off by several orders of magnitude, it 
shows that the Heaviside nondiverged energy flow component is orders of 
magnitude greater than the diverged Poynting component, for single-pass 
of the energy and collection only once. 


213. Rigorously, there is no power in an EM energy flow, regardless of 
how great in magnitude, if it is not altered in form or diverged. That is 
because "power" is rigorously the time rate of doing work (time rate of 
changing the form of energy), not the time rate of energy flow per se. 
Exactly, the Heaviside dark energy flow component was some 10 trillion 
joules per second in magnitude, but it had zero watts of power. 
Unfortunately, electrical engineers just loosely refer to nondiverged energy 
flow as "power", regardless of the non sequitur. Hence inane terms widely 
used in electrical engineering (and texts) such as "draw power from the 
source", etc. Rigorously, the power (rate at which energy is changed in 
form) is developed locally in each component having losses or performing 
work — i.e., changing the form of the energy. 


214. (a) T. E. Bearden, "On the Principles of Permissible Over Unity 
EM Power Systems,” J. New Energy, 4(2), Fall 1999, p. 16-39; (b) 
Bearden, {17}; (c) — "Use of Asymmetrical Regauging and Multivalued 
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1996, p. 51-58; (e) — "The Master Principle of EM Overunity and the 
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1996, p. 38-55; (f) — "Use of Regauging and multivalued Potentials to 
Achieve Overunity EM Engines: Concepts and Specific Engine 
Examples," Proc. Internat. Sci. Conf, "New Ideas in Natural Sciences, " 
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Physics, 1996, p. 277-297. 
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215. In an oblique kind ofsense, this is even "recognized" to some 

extent by leading electrodynamicists. E.g., quoting Jackson, {22}, p. 237: 
"the Poynting vector is arbitrary to the extent that the curl ofany vector 
fieldcan be added to it. Such an added term can, however, have no 
physical consequences. " So Jackson follows Lorentz's lead that any 
additional non-intercepted and uncollected energy flow permissibly 
accompanying the Poynting intercepted and collected component, has no 
physical significance. Both Lorentz and Jackson err as to the finality of 
the statement.The accompanying Heaviside component can have no 
physical significance unless it is intercepted and collected by means other 
than the single circuit or mechanism considered, and the single pass of the 
entire energy flow onto andpast the receiving entity (circuit, charge, etc.). 


216. E.g., see Poynting, {4a. 4b}. 
217. Heaviside, {5a}. 
218. Heaviside, {5b}. 


219. Heaviside, {5c}. Heaviside discussesthe Faraday-Maxwellether 
medium, outlines his vector algebra for analysis of vectors without 
quaternions, discusses magnetism, gives the EM equations in a moving 
medium, and gives the EM flux of energy in a stationary medium. On p. 
443, he credits Poynting with being first to discover the formula for energy 
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220. J. H. Poynting, "On the connexion between electric current and the 
electric and magnetic inductions in the surrounding field," Proc. Roy. Soc. 
Lond. Vol. 38, 1984-85, p. 168. 


221. Oliver Heaviside, Electrical Papers, Vol. 2, 1887, p. 94. 


22. (a) T. E. Bearden, "On Extracting Electromagnetic Energy from 
the Vacuum," Proc. IC-2000, ibid., 2000; (b) Bearden, {38a}. 


223. Lorentz is believed to have done this earlier (perhaps circa 1890s). 
In 1902 he published the method in a book, which strongly implies it was 
first done in an earlier paper. See Lorentz, {109}. Figure 25 on p. 185 
shows the Lorentz concept of integrating the Poynting vector around a 
closed cylindrical surface surrounding a volumetric element. Many thanks 
to Marcus Reid for furnishing a copy of the actual Lorentz reference from 
a library in Leipzig, Germany. 
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Schafer, ibid., 54, 279 (1986); (d) C. J. Carpenter, JEE Proc. A (UK), 
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240. That is, it does not exist openly in the open literature. Several 
inventors do have working laboratory COP>1.0 experiments, and at least 
three of them have models which could rapidly be developed into 
production systems — say, in one year or less. However, the exact and 
detailed construction details are understandably maintained as deeply 
proprietary by the inventors, until their intellectual property rights can be 
secured, including foreign patent rights. On the other hand, many other 
inventors mistakenly believe they have COP>1.0 systems, but do not 
because of instrumental error, considering nonsinusoidal waves as 
measurable with RMS meters, or effects covered in Chapter 6 which they 
do not comprehend. In addition, there have been those more interested in 
selling stock than in producing a working system. 
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570. See Stigant, {310a} for a bibliography of Kron's publications. 


571. Several overunity researchers have been assassinated by forces 
and parties unknown. Many very clever means are used to do the dirty 
work. 

As an example, there is a standard EMF "shooter" which uses Venus 
modification of the wavefront, to produce a wave that instantly disrupts the 
control of the heart's beating. There are two versions at least; one about 
the size of a pocketbook and for close range (30 feet) only, and one about 
the size of a bazooka and with longer range (up to 100 yards). About 1 
minute exposure to the beam of the small weapon will result in death of 
the targeted individual. I have personally been hit by the small version of 
that device (and I have a witness who was with me at the time, and also 
was exposed to it). We survived by instant recognition of what it was, and 
by bolting immediately out the nearby back door of a restaurant here in 
Huntsville. Ifthe kill is successful, the autopsy will show that the person 
died of a heart attack. 

Stan Meyer, an overunity researcher with numerous patents, rushed 
from a restaurant exclaiming "They're killing me!" and expired with just 
such a heart attack, possibly hit inside the restaurant by a close-range 
shooter. 

Harry Mason's associate was killed in Australia in his apartment by a 
longer-range, bazooka-sized shooter. The assassin was spotted putting the 
shooter back inside the car below, and speeding away. 

Sometimes a silenced rifle is used for sniping at long range. Sweet was 
fired at by one such would-be assassin — luckily just as he stumbled and 
fell on the steps of the foyer to his apartment complex. The bullet cracked 
right by his ear as he fell forward, passing where his head had just been the 
moment before. 

Another "shooter" uses longitudinal EM wave peak power pulses. This 
type kill is instant and very permanent. This unit can be set to stun or 
render the targeted person unconscious, or set to kill. It can also disrupt 
and stop running automobile engines (there is another version for that also, 
using negative energy EMP weaponry). However, it time-charges the 
struck human body so that the body emits longitudinal EM waves for some 
time after the kill. Marinov was killed with such a shooter (apparently by 


927 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


KGB-related foreign intelligence operatives) and his body then thrown off 
a rooftop to make it appear to be suicide. Where his body lay, the 
pavement glowed when the body was removed. Only one weapon on earth 
will kill a body so that it will induce luminescence in concrete or asphalt 
that it lies on for a period. 

Another favorite weapon is an ice dart dipped in curare. I was 
threatened once and told I would be killed by such an ice dart weapon if I 
traveled in a 2-month period. Just four days past that period, and traveling 
and changing planes in Dallas-Fort Worth airport, a person was killed 
three feet from me in broad daylight, right inside the airport, with the exact 
symptoms ofa curare ice dart kill. That was apparently just to teach me 
"they" were serious. 

"They" is that set of cartels that Churchill called "the High Cabal". 
Bedini and I had severely offended the High Cabal by Bedini's successful 
transmutation of copper (and other things) into gold. John often makes his 
own power transistors for his amplifiers, and the slag in the electric oven 
turns into black ruby laced with gold and silver, confirmed by assay. We 
have had numerous other assassination attempts, too numerous to iterate. 
Suffice it to say that developing a good COP>1.0 EM power system can be 
hazardous to one's health. 

Any significant researcher should be wary of "meeting with a sudden 
suicide" on the way to the supermarket. Another thing to beware of, is a 
calibrated auto accident where your car is rammed from the rear, and you 
are shaken up considerably. An ambulance just happens to be passing by 
moments later, and it will take you to the hospital. If still conscious, the 
researcher must not get in the ambulance unless accompanied by a 
watchful friend who understands the situation and the danger. Otherwise, 
he can easily get a syringe of air into his veins, which will effectively turn 
him into a human vegetable. Ifhe goes to the hospital safely, he must be 
guarded by friends day and night, for the same reason, else he runs a high 
risk ofthe "air syringe" assassination during the night. 

Simply trying to do scientific work, I find it necessary to often carry 
(legally) a hidden weapon. Both my wife and I have gun permits, and we 
frequently and legally carry concealed weapons. 

As early as the 1930s, T. Henry Moray — who built a successful 
COP>1.0 power system outputting 50 kW from a 55 lb power unit - had 
to ride in a bulletproof car in Salt Lake City, Utah. He was repeatedly fired 
at by snipers from the buildings or sidewalk, with the bullets sometimes 
sticking in the glass. He was also shot by a would-be assassin in his own 
laboratory, but overpowered his assassin and recovered. 


928 


Pl mf) 2:45/ 4:09 





ENERGY FROM THE VACUUM: CONCEPTS & PKINCIPI m 


Over the years, probably as many as 50 or more overunity researchers 
and inventors have been assassinated for their efforts, and particularly For 
their success. Some have simply disappeared abruptly and never been 
heard from again. 

These days the use of longitudinal wave shooters (such as killed 
Marinov) and such is growing, since no signature is left for a normal 
autopsy to discover. The Yakuza, e.g., uses such "shooters" in Japan to 
assassinate persons or politicians having incurred their displeasure. Others 
are subjected to the more traditional Yakuza assassination: Three or four 
assassins suddenly jump the unsuspecting target, stabbing him repeated 
and with extreme rapidity. His body may have 50 to 70 deep stab wounds 
— through the heart, the abdomen, liver, lungs, etc. — before the body 
strikes the pavement. 

Other very sophisticated methods of legal entrapment, gaming, planting 
narcotics on one’s premises and tipping off the drug enforcement agencies 
for a drug raid in the middle ofthe night, etc. are utilized. 

Widely used is "gaming"', which uses deep psychological profiling to 
select a "vulnerability". The supercomputer with the game prepares a 
"scenario" much like writing a movie script of predictable interactions 
among the players to be chosen. The game involves "agents of influence” 
(AOIs — persons who are dogmatic, perhaps even radical, and have knee- 
jerk responses easily triggered, and whose vector direction when they 
"jump" is along or near the desired response direction), and one or two 
agents to do the phone conversations with the AOIs and trigger them into 
action), as well as a game controller or director. The computer programs 
also use prediction and artificial intelligence, and will forecast the 
probability of success of the selected game. A very extensive database of 
deep psychological profiles on useful AOIs and all major COP>1.0 
researchers is kept in the computer. When the controller selects the game, 
the computer spits out the most recommended AOI players. The controller 
accepts or changes and then accepts, and the game scenario is then 
prepared. The agents trigger the AOIs, and the unwitting target is suddenly 
besieged from every direction, along a direction he already has an affinity 
or "vulnerability" towards. The controller follows the course of the game 
and the outcomes ofall interactions between the target and the AOIs. The 
agent or agents add "nudges" or additional actions to overcome delays, 
accomplish redirection when the direction goes awry. etc. Over the 
decades, these games have gotten very effective indeed, and are quite 
difficult to content with. I laving survived about 200 of these games over 
the last two decades, I may yet write a book on some of the major ones that 
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have been used against overunity researchers. The games are not confined 
just to the overunity field, however, and sometimes are also used to 
directly intervene in politics and other key situations, {754}. Machiavelli's 
methods are not dead; they thrive and have been highly computerized. 
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as his "greatest blunder". Ironically, this may yet turn out to be one of his 
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579. Prange and Strance, {365}. 


580. (a) R. Lieu, "The effect of Planck scale space time fluctuations on 
Lorentz invariance at extreme speeds,” Astrophys. J. Lett., 2002 (in press). 
A preprint is on http://xxx.lanl.gov/abs/astro-ph/0202443. See also (b) 
Philip Ball, "Time gives rays a break," 

http://www. nature.com/nsu/020304/0209304-5.html . 


581. In 1998, experimental evidence of the accelerated expansion of the 
universe was provided by two groups of astronomers; see (a) Riess et al., 
(577a}; Perlmutter et al., {577b}. For an attempt to provide a new model 
for the negative antigravity, see (c) L. Parker and A. Raval, "A new look ill 
the accelerating universe,” Phys. Rev. Lett., Vol. 86, 2001, p. 749-752; (d) 
Philip Ball, "New model of expanding universe," Nature News Service, 
Science Update, Nov. 12, 2001. A good coverage for the educated 
layperson is (¢) Mario Livio and Alan Sandage, The Accelerating 
Universe: Infinite Expansion, the Cosmological Constant, and the Beauty 
ofthe Cosmos," Wiley, New York, Dec. 2000. See also (f) P. D. 
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582. J. C. Bedini and T. E. Bearden, " Process For Transducing Forms 
of Electromagnetic Energy," U.S. Provisional Patent Application, 200 I. A 
formal U.S. Patent Application is in preparation as of this writing. 


583. For a deep consideration of what is "meant" by mass, and how 
subtle the concept really is, the reader should refer to the scholarly work of 
Jammer {523a}. The more casual reader should be prepared for somewhat 
of a shock. Mass is not at all a "cut and dried" concept, as usually 
assumed. Indeed, the simple materialistic view of mass seems to be very 
much opposed by modern physics findings. 


584. (a) Bearden, {12}. If we insert the absorption ofa scalar (time- 
polarized) photon by the ubiquitously-assumed unit point charge and the 
subsequent re-emission of a longitudinal photon as the process for 
"combining" a scalar and longitudinal photon, then our solution is also 
consistent with (b) Mandl and Shaw, {19}. Mandl and Shaw argue that the 
longitudinal and scalar polarizations are not directly observable, but only 
in combination, where they manifest as the "instantaneous" Coulomb (.e., 
electrostatic) potential. Our comment is that this argument, translated 
from particle terminology to wave terminology, then fits our re- 
interpretation of Whittaker's 1903 decomposition of the scalar potential in 
(c) Whittaker, {85}. It also strongly suggests the need for a complete 
reinterpretation of what is meant by "propagation of EM energy through 
3-space". 


585. E.g., see (a) V. I. Arkhipov ef al., "Negative transient currents in 
amorphous semiconductors." Internal. J. Electronics (UK), 51(6), 1981, p. 
735-742; (b) — "An analysis of the dispersive charge transport in vitreous 
0-55 As2S3 : 0*45Sb2S3," Phys. Stat. Sol. (A), Vol. 54, 1979, p. 67-77: (c) 


— and Rudenko, A. I, "Negative currents caused by injection-controlled 
polarization." Solid St. Commun., 28, 1978, p. 675-676. 


586. Evans, {137a, 137b, 251}. 


587. David Jones, Vancouver Sun Times, Weekend Magazine, Dec. 17, 
1977, p. 17. Article on Sid Hurwich's Toronto gun-jamming 
demonstration, stopping of watches, and jamming of a gun. 


588. For proof of production of ordinary EM fields and energy at a 
distance by scalar interferometry, see Evans et al., {79}. 
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589. Miles and Bush, {198}, p. 101. 
590. Bearden, {17}. 


591. | We point out, but do not further discuss, the obviously startling 
impact on the validity ofthe random statistical analyses normally used in 
scientific work if such "hidden variables" are present in the Earth's 
supersystem and interact with the experiment. 


592. Kron, {192}, p. 466. 


593. (a) Gabriel Kron, Diakoptics: The Piecewise Solution to Large- 
Scale Systems, MacDonald & Co., London, 1962. See also (b) Kron, 
{310b}. 


594. Ilya Prigogine, Preface, (160b), p. xi. 


595. Sir William Rowan Hamilton, 1837. Hamilton originated 
quaternion algebra, the Hamiltonian, etc. Hamilton's quaternion algebra 
has a higher group symmetry than either vectors or tensors. Since 
Maxwell's theory was first formulated in Hamilton's quaternion algebra 
and later reduced to vectors and then to tensors, ironically the first 
successful EM theory has been sharply curtailed rather than being further 
developed and extended. 


596. (a) Aharonov and Bohm, {344a, 344b}. 
597.  Prigogine, {160b}, p. 104. 

598. Lee, {441}, p. 23. 

599. Jackson, {22}, p. 811-812. 

600. Whittaker, {85}. 


601. This is because time may be regarded as compressed spatial 
length, where the L compression factor is c. Since the energy of a wave is 
proportional to L” (where L is the wave amplitude), then the release of ST 
time-density as ST energy density provides nearly 9x10'° times as much 
effect per second as simple energy density curvature alone does per joule. 
For convenience, we refer to this as the "10'” gain factor" one obtains by 
releasing the compressed length energy from its time-density ST curvatture 
form. 
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Canada, April 1998, p. 98. 


603. Romer, {84}, endnote 24, p. 109. 


604. See Harter et al., {102}. Fora simple analogy, we may think of 
the longitudinal EM wave as a sort of velocity-modulated wave; i.e., it is 
rhythmically changing its velocity about some average value, where that 
value is usually taken to be c. Another way to visualize it is as an 
"accordion" wave, expanding and contracting along the line of travel. 


605. | There are several types (polarizations) of photons utilized in 
physics. E.g., see (a) Ryder, {90b}. On p. 147+, Ryder discusses four 
polarization states ofthe photon. Two ofthese are "transverse" —i.e., the 
well-known x- and y-polarizations of light; one is called "longitudinal," 
i.e., Z-directed and related to Evans' B(3) field, and one is "scalar" or 
timelike. 


The time-like (scalar) photon we are using in this paper seems to 
be yet another brand, something like a cross between the Ryder's third and 
fourth classifications. That is, our "scalar" photon is named such because 
when it is imperfect it propagates (i.e., in the 7 direction) at finite speed. 
When perfect, itjust appears instantly everywhere it will be, without 
propagation through space in the usual sense. Hence it can be at an 
infinite number of points simultaneously - very close to the notion of the 
pure Coulomb gauge or of Bohm's quantum potential - or it can be impure 
and propagate at subluminal or superluminal speeds. The main notion we 
intend in our present use of the "scalar" photon for this treatise is that its 
oscillation is in the time domain and along the time axis. We use a model 
which produces the flow of time itself, and a time-component structuring 
of that flow — something which is still absent from physics. So our time- 
like (scalar) photon in one part very much resembles Ryder's discussion of 
the "scalar" photon, but is not just that alone. For instance, both our 
longitudinal photon and our scalar photon seem to have internal "photon" 
structures that we do not discuss in this treatise. 


A still deeper discussion of photon polarization is in (b) Mandl 
and Shaw, {19}. The longitudinal and scalar polarizations are not directly 
observable, but only in combination, where they manifest as the 
"instantaneous" Coulomb (electrostatic) potential. So by this route one 
arrives at a well-established mathematical theory that allows a hidden 
substructure within the photon itself. Mandl and Shaw include the 
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photon's four polarization states as related to the four independent degrees 
of freedom available in the vector potential A. Suppression of the 
longitudinal and scalar polarizations is accomplished by "fixing the 
gauge". This reduces the independent degrees of freedom from 4 to 2, 
giving the conventional electrodynamics. However, when one raises 
serious foundations flaws in that resulting conventional electrodynamics, it 
is obvious that the entire structure is still on somewhat shaky ground. An 
even better mode might be to consider the fundamental photon entity as 
existing in all degrees of freedom, and the various "kinds" of photons 
existing due to restrictions or partial restrictions placed on one or more of 
these degrees of freedom. This of course opens the stage to interactions 
that change one (restricted) type of photon into a different (restricted) type. 
Thai is essentially the basis for my use ofthe notion of "photon 
transduction". Tt also leads to the transposition of time into energy and 
vice versa, which I use in my own approach, but which is still missing 
from nuclear physics. Since experimentally the cold fusion phenomena 
seem to require that characteristic, we have retained it. 


We are indebted for much of the preceding discussion to private 
correspondence from Bob Flower, a fine scientist and knowledgeable in 
this area. Flower has pointed out that the conventional photon theory 
outlined by the cited authors is missing the possibility that nonlinear 
phase-conjugate optics could make the photon's longitudinal and scalar 
polarizations manifest in an experiment. Or put another way, if the 
instantaneous Coulomb potential could be decomposed into a time-like 
component and a longitudinal component, it would allow the two hidden 
polarization states to be controlled directly. This would result in 
anomalous modifications of the EM vector potential, leading to measurable 
electromagnetic or quantum effects. Flower's observation seems to be the 
closest to our own view, stated more simply in the present paper. 


606. The result of our yet-unfinished struggle in these very swampy 
photon waters is not entirely consistent with the conventional view. 
Nonetheless, the new approach does seem to fit and explain most of the 
anomalous cold fusion phenomena, as well as a wide variety of other 
phenomena previously deemed beyond the pale of physics itself. E.g., by 
noting that mind is time-like in its operations, and therefore directly uses 
time-polarized (scalar) photons, waves, and electrodynamics, then mind 
operations become totally electromagnetic, but of a dramatically extended 
electrodynamic nature presently being approached in quantum field theory 
That approach leads directly to a testable and engineerable theory of mind 
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on all its levels (conscious, subconscious, unconscious, species 
unconscious, biospheric or all-species unconscious, and so on). But since 
the mind can interact with the body and produce at least the initial spatial 
forces carrying out intent in the physical world, it follows that some 
process must exist whereby the "time-like" photon interacts with and 
changes one or more of the other photons in the conventional view. Our 
use of transduction in fact encompasses that, based on quantum field 
theory as described by Ryder {90b} and by Mandl and Shaw {19}. 
Further, the present author's transduction reinterpretation of Whittaker's 
1903 and 1904 papers {85, 91a} means that Whittaker's work as 
reinterpreted strongly supports this approach mathematically. So the 
approach used directly incorporates mind and matter interaction, again on 
multiple levels. While this area of engineerable mind and matter 
interaction is well beyond the scope of this treatise, it has become possible 
to begin the physics of the living being — even of the entire living 
universe — and to foresee direct engineering of the various realms of mind 
itself. Indeed, Russian psychoenergetics - particularly the highly 
weaponized secret part of it - already is involved in just that capability in 
deployed operational equipment of great portent. Since real results and 
real explanations of diverse metabiological phenomena have arisen from 
the approach as well as a very deep "more ordinary" physics including the 
necessary corrections to electrodynamics, we have continued to follow it to 
see where it eventually leads. A future book is planned on the more 
positive and beneficial uses of such startling technology. A preliminary 
view can be had on the author's website, www.cheniere.org, in the 
"porthole concept" briefing. A patent application has in fact been filed on 
this startling new method of medical healing. 


607. (a) Viail Kaznacheyev and L. P. Mikhailova, Ultraweak Radiation 
in Intercellular Interactions, [in Russian], Novosibirsk, 1981 [an English 
exposition of much of the Kaznacheyev work is given in (b) Vlail 
Kaznacheyev, "Electromagnetic Bioinformation in Intercellular 
Interactions," Psi Research, 1(1), Mar. 1982, p. 47-76.] See also (c) 
Kaznacheyev et al., "Distant intercellular interactions in a system of two 
tissue cultures," Psychoenergetic Systems, 1(3), Mar. 1976, p. 141-142. In 
the same issue, see (d) "A Comment" by William A. McGarey, p. 143; (e) 
"A Comment” by Arthur C. Hastings, p. 143-144. See also (i) Yu. A. 
Vladimirov, "Ultraweak luminescence of subcellular structures," 
Ultraweak Luminescence in Biology: Proceedings of the Symposium, 
Moscow, 1969 [In Russian], Robert Becker also showed in his healing of 
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otherwise intractable bone fractures that a simple scalar potential (now 
known to involve the direct transduction between scalar and longitudinal 
photons and vice versa), that cellular dedifferentiation and redifferentiation 
of red blood cells occurred in the scalar potential region across the 
damaged bone cells, and directly in such manner as to "eliminate the delta 
engine" in those damaged bone cells in the fracture. The red cells shucked 
their hemoglobin, turning back (time-reversing) to a more primitive cell 
(earlier state). Then they redifferentiated (time-forwarded) into the type 
cells that make cartilage. There is still a delta engine between cartilage and 
bone! So these cartilage-like cells redifferentiated again into the kind of 
cells that make bone. These latter cells were deposited in the fracture, 
healing it. This process is in fact used today in various medical hospitals, 
without any real understanding of the physics mechanism involved. In 
short, it has long been experimentally proven without understanding the 
actual mechanism by which it works. See (g) Robert O. Becker, "The 
direct current field: A primitive control and communication system related 
to growth processes," Proc. XVIInternal. Congr. Zoology, Washington, 
D.C., Vol. 3, 1963, p. 179-183; (h) — and Charles H. Bachman and 
Howard Friedman, The direct current system: A link between the 
environment and the organism," New York State J. Medicine, Vol. 62, 
April 15, 1962, p. 1169-1176; (i) — and Joseph A. Spadaro, "Electrical 
stimulation of partial limb regeneration in mammals," Bull. N.Y. Acad. 
Med, Second Series, 48(4), May 1972, p. 627-64. See also (j) C. A. L. 
Bassett; R. O. Becker, and R. J. Pawluk, "Effects of electric currents on 
bone in vivo," Nature, Vol. 204, Nov. 14, 1964, p. 652-654. 


608.  Puthoff, {202}. 


609. See (a) A. Shapere and F. Wilczek, Eds., Geometric Phases in 
Physics, World Scientific, 1989. See also (a) M V. Berry and J. M. 
Robbins, "Indistinguishability for quantum particles: spin, statistics and 
the geometric phase," Proc. Roy. Soc. LondA, Vol. 453, 1997, p. 1771- 
1790. 


610. | See Mandl and Shaw, {19}, Chapter 5 and simply reinterpret the 
coupled scalar and longitudinal photon pair as a spin 2 graviton. 


611. — In fact, Sweet's vacuum triode amplifier probably used the 
domains and nuclei in a barium ferrite permanent magnet in such a 
graviton reaction manner. In an epochal experiment designed and 
conceived by the present author, Sweet reduced the weight of the device 
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on the lab bench, smoothly and efficiently, by 90 degrees. For the description, 
see Sweet and Bearden, {29a}. 


612. Reginald I. Gray, Unified Physics, Naval Surface Warfare Center, 
Dahlgren, VA, 1988, p. 2-19. 


613. For the basic explanation of a scalar interferometer, see Evans et 
al., {79}. 


614. See Chapter 3, paragraph 3.1 through 3.5. 
615. Bearden, {12}. 


616. As an example, see Bunge, {3}, p. 179-180. Quoting: " The most 
complete direct interparticle action theory of electromagnetism is 
WHEELER and FEYNMAN'S (1949). Its central postulate is Fokker's action 
principle for a collection ofpoint charges.... from which the equations of 
motion for charged particles follow. As can be seen, only particle 
variables occur in this theory, which is an electrodynamics in AMPERE'S 
sense and therefore the opposite ofa unitaryfield theory. (The theory is 
mathematically equivalent to an "adjunct"field theory, but this adjunct 
field, farfrom being free, is attached to the particles.) The theory has 
been abandoned by its creators because it is inconsistent with the quantum 
theory, in particular with the photon hypothesis. Yet it continues to appeal 
to many not only because it smacks ofmechanism and operationalism, but 
also because no self-forces appear in it and consequently no infinite self- 
forces (and the corresponding selfaccelerations) But this is too small an 
advantage compared with its shortcomings even at the classical level. 
Indeed, the theory makes use ofspecial relativity - as is apparentfrom its 
central axiom...yet it is inconsistent with itfor SR borrows from CEM the 
assumption that e.m. signals propagate in a vacuum with a constant speed 
c and moreover lead an existence, which, while it lasts, is independent of 
both emitters and absorbers. In other words, by denying the existence of 
free radiation fields propagating in space, the action at a distance 
formidation of CEM contradicts its own basis: it is logically inconsistent. 


Our comment is that the "photon" interaction itself must be re- 
examined in light of the demonstrated giant negentropy of every change 
and dipole in the universe. Allowing for the quantum field theoretic 
combination of the scalar and longitudinal photons as an observable 
"photon" that is actually a spin-2 graviton in 4-space rather than 3-space. 
the entire nature of "propagation of EM energy through space" changes. 
No photon has ever interacted in just 3-space; instead, it interacts in 
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4-space. In the strong interpretation of giant negentropy, there is really no 
such thing as a "single observable photon" in the universe. Instead, there 
is a combined scalar/longitudinal photon pair, which when interacting in 
matter causes transverse EM wave movement of the interacting/detecting 
charges which are restrained by (1) the inertia due to their own mass, and 
(ii) in circuits, the back repulsion of all other like charges longitudinally 
ahead ofthe excited charge that absorbs the "photon" (actually, the 
graviton). Considering the longitudinal wave "bunching and relaxing" 
actions resulting in galloping, then the conventional assumption of the 
constant speed of light c in vacuum is destroyed. What we perceive as 
"light propagating in space at speed c" already moves in a galloping and 
jerky motion about speed c — now moving superluminally, now moving 
subluminally — with only an average speed of c overall. In turn, anything 
which affects the performance and "galloping mechanism" exhibited by the 
longitudinal EM wave can in theory be used to change the speed c. With 
the coming advent of the Fogal semiconductor and direct superluminal 
communication, all such objections based on previous rather classical 
assumptions will simply fall by the wayside. We also stress that the speed 
of gravitational field is shown in astronomical events and effects to be 
extraordinarily superluminal by many orders of magnitude. Again, this 
greatly upsets many of the modeling assumptions in present physics. 
Physics is based on a set of models and a set of experiments and observed 
effects. Ifthe experimental effects negate the theory, one has to change 
the theory or be guilty of abandoning scientific method altogether, thereby 
turning science into dogma. 


617. Cohen, {89}. 


618. | See Rod Donnelly and Richard Ziolkowski, "Electromagnetic field 
generated by a moving point charge: A fields-only approach," Am. J. 
Phys., 62(10), Oct. 1994, p. 916-922. In conventional language, both the 
transverse and longitudinal field components always try to be born 
initially, whenever an EM wave is being generated. Generation of the 
transverse component produces a function which zeroes the longitudinal 
component. The function appears in the spacetime representation of the 
transverse EM fields, obtained by Donnelly and Ziolkowski using special 
transforms. The phase conjugating and retroreflecting aspects of cold 
fusion experiments produce spacetime curvatures, directly affecting the 
"canceling function." The altered function becomes an "LW-reduction 
function" which is postulated to determine the mix of transverse and 
longitudinal field components that emerge in the interactions. 


938 





ENERGY FROM THE VACUUM CONCEPIS \ PKINCIPII S 


619. Whittaker, {85} shows that the scalar potential is comprised of 
bidirectional longitudinal EM wavepairs. Whillaker, {91a} shows that all 
fields and waves are comprised of two interfering scalar potential 
functions. Hence all fields and waves are comprised of functions of 
longitudinal and scalar wave interferometry. 


620. Evans et al., {79}. 


621. Usually the detecting GM tubes will detect the interferometry of 
the incident longitudinal EM waves with the weak LWs being emitted in 
the tube itself by time-decay ofits time-charges. The resulting transverse 
wave EM energy ionizes the tube's gas, and the GM tube "reads." If little 
or no time-decay is occurring, then there will be little or no transduction 
into TWs, hence little or no ionization. In that case the instrument will not 
read. 


622. Miles and Bush, {198}, p. 101. 

623. Ibid. 

624. (a) Evans, {137b}; (b) Evans et al., {233a, 233f}. 
625. Rodrigues and Lu, {93a}. 

626. Enders and Nimtz, {329b}. 


627. (a) W. A. Rodrigues, Jr. and J. Vaz Jr., "Subluminal and 
Superluminal Electromagnetic Waves and the Lepton Mass Spectrum," 
Kluwer Ac. Pub. Proceedings, <hep-th/9607231> on Los Alamos web site; 
(b) P. Letelier and W. A. Rodrigues Jr. (Eds.), Gravitation: The Spacetime 
Structure, World Scientific Publishing Co., Singapore, 1994; (c) J. Vaz Jr. 
and W. A. Rodrigues Jr., "On the equivalence of Maxwell and Dirac 
Equations, and Quantum Mechanics," Internal. J. Theor. Phys., Vol. 32, 
1993, p. 945-958; (d) J. Vaz Jr. and W. A. Rodrigues Jr., "Maxwell and 
Dirac Theories as an Already Unified Theory," Adv. Appl. Clifford 
Algebras, Vol. 7 (S), 1997, p. 369-386; (e) W. A. Rodrigues Jr. and J. E. 
Maiorino, "A unified theory for construction of arbitrary speeds (0 < v < 
oo) solutions of the relativistic wave equations." Random Operators and 
Stochastic Equations, Vol. 4, 1996, p. 355-400; (f) Rodrigues and Vaz, 
{93b}. 


628. Torn Van Flandern, "The speed of gravity - What the experiments 
say," Phys. Lett. A, Vol. 250, 21 Dec. 1998, p. 1-1 1. 


629.  Ibid., p. 9. 
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630. Ibid., p. 10. 


631. A. A. Vlasov and V. I. Denisov, "Einstein's formula for 
gravitational radiation is not a consequence of the general theory of 
relativity," Theor. Math. Phys., 53(3), June 1983 (English translation), p. 
1208-1216. Translated from Teoreticheskaya i Matematicheskaya Fizika, 
53(3), Dec. 1982, p. 406-418 [in Russian]. 


632. D. Hilbert, Gottingen Nachrichten, Vol. 4, 1917, p. 21. 
633. Sen, {68}, p. viii. 
634. | Mandl and Shaw, {19}. 


635. Logunov, A. A. and Yu. M. Loskutov, "Nonuniqueness of the 
predictions of the general theory ofrelativity," Sov. J. Part. Nucl., 18(3), 
May-June 1987, p. 179-187. 


636. Whittaker, {85} 


637. I.e., that spacetime == scalar potential == virtual particle flux == 
Whittaker biwave set. If that holds, then when we engineer the internal 
structure of the scalar potential, we also simultaneously engineer the 
internal structuring of the vacuum and spacetime itself, with deliberately 
formed spacetime curvature engines (vacuum engines). This is vacuum 
engineering — by different means — ofthe sort proposed by Nobelist T. 
D. Lee, {73}, p. 380-381. On p. 383, Lee points out that the 
microstructure of the scalar vacuum field (i.e., of vacuum charge, or — in 
our view — of the vacuum potential) has not been utilized. Particularly 
see Lee's own attempt to indicate the possibility of using vacuum 
engineering, in his "Chapter 25: Outlook: Possibility of Vacuum 
Engineering," p. 824-828. 


638. Ingram Block and Horace Crater, "Lorentz-Invariant Potentials 
and the Nonrelativistic Limit," Am. J. Phys., 49(1), Jan. 1981, p. 67. 


639. Roderic Lakes, "Experimental Limits on the Photon Mass and 
Cosmic Magnetic Vector Potential," Phys. Rev. Lett., 809), Mar. 2, 1998, 
p. 1826. Our critique is that the given equations define nothing at all, 
since no equation is a definition. If one replaces the "=" with '=" in the 
"definition" of the A-potential in terms of B, one then has B==curl A, 
which is actually the definition of B in terms of A. IfA has no energy, 
then neither can B, which is just the swirl of the A-energy. If A has no 
curl, B vanishes. If A has no energy, B vanishes. YetdA/dt= - E, whether 
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A has curl or not, and E has energy. Ergo, A must have energy ifany 
operation upon it is to produce E-field energy, else one has violated the 
conservation of energy law and advocates creation of energy from nothing. 
Regardless of how one looks at B = curl A and B = curl A, neither the 
equation nor the identity defines A in terms of B, because B is always, just 
one aspect of A and yet A can exist without any curl at all — without B 

as demonstrated in the Aharonov-Bohm effect. But in no fashion can B 
exist without A. Therefore A is primary and B is derived, and if A has no 
energy then B can have no energy. V has energy and energy density, since 
in fundamental units any point of the potential V is identically the joules of 
energy collected upon a unit point positive electrical charge assumed at 
that point. Ifit had no energy, then no joules could be collected from it. 


640. | Weinberg, {194}, p. 109-110. 
641. Sen, {68}, p. viii. 
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941 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


Also (1) more than 100 papers on restricted U.S. Department of Energy 
Internet website http://www.ott.doe.gov/electromagnetic/. 


650. | Obviously we exclude active systems such as matter that decays in 
nuclear fashion. Those are not inert systems, but are "pre-excited" systems 
whose matter has had excess energy since its formation during the birth of 
the universe. 


651. (a) Kondepudi and Prigogine, {160c}; (b) — "Thermodynamics, 
Nonequilibrium," Ency. Appl. Phys. Vol. 21, 1997. p. 311-337. 


652. — Le., the known broken symmetry ofthe charge (regarded as a set 
of composite dipoles) in its vacuum energy exchange. 


653. Kraus, {76}, p. 578, Figure 12-60, a and b. 

654. James Croll, Phil. Mag., Series 5, Vol. 2, 1876, p. 242-254. 
655. Heaviside, {5a-5c}. 

656. Poynting, {4a, 4b}. 

657. Heaviside, {106}. 

658. _E.g., see Lorentz, {109}. 


659. _—_E.g., (a) Panofsky and Phillips, {110}; (b) Gough and Richards, 
{224b}. (c) Jackson {22}, p. 259, points out the arbitrary nature of the 
Poynting vector and disposes of any added nondivergent energy flow 
vector with the words "Such an added term can, however, have no physical 
consequences." 


660. Simply examine Vat around the forward emf section (the external 
circuit between the generator terminals and the ends of the source dipole 
inside the generator), and - Vqt across the generator terminals (and the 
source dipole). 


661. Evans etal, {38b, 38c}. 


662. Bohren, {24}. Independent replication is reported in the same 
journal issue; see (b) Paul and Fischer, {25}. 


663. Bearden, {40}. 
664. See Paragraph 8.3.16 in Chapter 8 for the explanation. 
665. Olariu and Popescu, {482}. 


942 


ENERGY FROM THE VACUUM CONCEPT, tt PRINI 


666. Bertram Schwarzschild, "Currents in normal-metal rings exhibit 
Aharonov-Bohm effect," Phys. Today, 39( 1). Jan 1986, p. 17-20. 


667. Paul and Fischer, {25}. 


668. One actually inputs far more electrical energy flow from the 
external electrical power supply than is conventionally accounted, if one 
accounts for the huge nondiverged Heaviside energy flow component that 
Lorentz arbitrarily discarded. That energy flow is actually present, but Is 
not accounted once Lorentz’ integration trick is applied to integrate the 
entire energy flow vector around a closed surface assumed around any 
volume element of interest. 


669. Evans et al., {113a}. 


670. As is any EM system when the nondiverged very large Heaviside 
energy flow component is accounted in addition to the diverged Poynting 
energy flow component. 


671. Bearden and Bedini, {582}. 


672. As an example, two scalar potentials fi; and fiz may have precisely 
the same intensity magnitude, but different Whittaker internal bidirectional 
longitudinal EM wave structures. The effects of the two externally 
identical potentials — as in various chemical reactions — can be quite 
different. See Bearden, {17}. 


673. Lee, {73}, p. 380-381. 
674. Lee, {73}, p. 184. 


675. For succinct summary of the major symmetries and broken 
symmetries in physics, see Lee, {239}, p. 57-59. 


676. Wang and Chung, {33}. 


677. Jean-Louis Naudin, "Chung's Negative Resistance Experiment”, 
on website http://jnaudin.free.fr/enr/enrexpl.htm. 


678. Burford and Verner, {35a}. 


679. Early but sophisticated analogue simulator. E.g., see Kron, {306}, 
p. 173. 

680. E.g., see (a) Kron, {32}, p. 39. Quoting: "Although negative 
resistances are available for use with a network analyzer... "; — 
"Numerical solution of ordinary and partial differential equations by 


943 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


means of equivalent circuits." See also (b) Kron, J. Appl. Phys., Vol. 16, 
Mar. 1945a, p. 173. Quoting "...since none or only afew negative 
resistances exist on practical network analyzers)" (accent added). In the 
second quotation, arguably Kron was required to insert the underlined 
words. In the first quotation, the censors missed the clarity of the 
statement. 


681. Kron, {192}. 
682. Sweet and Bearden, {29a}. 


683. Self-oscillation in such magnetic materials (which are also 
optically active) is well known. E.g., (a) Lvov, {29c}; (b) Borovik- 
Romanov and Sinha [Eds.], {369b}. See particularly (c) Gurevich and 
Melkov, {232c}. 


684. Rosenthal publicly verified the results of his tests of the Sweet 
device to the 26th session of the Intersociety Energy Conversion 
Engineering Conference (IECEC '91), Boston, Massachusetts, 1991. 


685. David M. Pepper, "Applications of Optical Phase Conjugation," 
254(1), Jan. 1986, p. 83. 


686. Bearden, {15}, p. 2-10. 
687. Bearden, {17}. 


688. | Time-polarized photons are recognized in quantum field theory, 
implying the existence of time-polarized EM longitudinal waves. In 
coupling with spatial longitudinally polarized EM waves in wavepairs, the 
coupling is observable as scalar potential energy (stress energy), based on 
an argument by Mandl and Shaw {19}. Opposing time-polarized 
longitudinal EM waves therefore constitute "time-stress", "time-stress 
potential”, and optical pumping in the time domain, which is hypothesized 
to reverse the normal "forward time" law of attraction and repulsion of 
charged particles. 


689. Kenneth Shoulders and Steve Shoulders, {38If}. 

690. U.S. patent numbers 5,018,180; 5,123,039; 5,054,046; 5,054,047. 
691. Jain, {35b}. 

692.  Caoetal, {264b}. 

693. Prange and Strance, {365}. 


944 


ENERGY FROM THE VACUUM CONCI PTS & I'KINCII'li s 


694. Roger Penrose, {82}, p. v. 
695. Bunge, {3}, p. 176. 
696. Albert Einstein, {la}, p. xi-xii. Appendix I. 


697. Raymond A. Serway, Physics for Scientists and Engineers with 
Modern Physics, Third Edition, updated version, Saunders College 
Publishing, Philadelphia, 1990, p. 620. 


698. Max Planck, Treatise on Thermodynamics, 3rd ed., Dover, New 
York, 1945. 


699. Paul Davies, Superforce: The Searchfor a Grand Unified Theory 
ofNature, Simon and Schuster. New York, 1984, p. 105. 


700. D. Hilbert, Gottingen Nachrichten, Vol. 4, 1917, p. 21. 


701. A. A. Logunov and Yu. M. Loskutov, "Nonuniqueness of the 
predictions of the general theory of relativity," Sov. J. Part. Nucl., 18(3), 
May-June 1987, p. 179. 


702. David Whitehouse, "Beads of doubt," BBC News, July 18, 2002, 
http://news.bbc.co.Uk/I/hi/sci/tech/2135779.stm. 


703. Matthew Chalmers, "Second law of thermodynamics 'broken’," 
New Scientist, July 19, 2002, carried on New Scientist website at 
http://www.newscientist.com/news/print.jsp?id=ns99992572. 


704. G. M. Wang, E. M. Sevick, Emil Mittag, Debra J. Searles, and 
Denis J. Evans, "Experimental Demonstration of Violations of the Second 
Law of Thermodynamics for Small Systems and Short Time Scales," Phys. 
Rey. Lett., 89(5), July 29, 2002, 050601. 


705. Elias P. Gyftopoulos and Gian Paolo Beretta, Thermodynamics: 
Foundations and Applications, MacMillan, 1991. This is an elaborate text 
developed over the years at MIT. 


706. Dilip Kondepudi and llya Prigogine, Modern Thermodynamics: 
From Heat Engines to Dissipative Structures, Wiley, NY, 1999. 


707. Valery Chalidze, Entropy Demystified: Potential Order, Life and 
Money, Upublish.com, 2000. Contains an excellent nonmathematical 
exposition of the second law. 


945 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


708. J. S. Dugdale, Entropy and Its Physical Meaning, Taylor & 
Francis, 1996. This book is of a more mathematical bent, but a very 
thorough treatment. 


709. Craig F. Bohren, Am. J. Phys., 51(4), Apr. 1983, p. 323-327. 
710.  V.S. Letokhov, {157}, ibid. 


711. (a) D. K. Sen, Fields and/or Particles, Academic Press, London 
and New York, 1968, p. viii. Thirty-two years later, we published the 
solution to that problem in (b) T. E. Bearden, "Giant Negentropy from the 
Common Dipole," J. New Energy, 5(1), Summer 2000, p. 11-23. Also 
carried on DoE restricted website http://www.ott.doe.gov/electromagnetic/ 
and on www.cheniere.org. 


712. TT. E. Bearden, "EM Corrections Enabling a Practical Unified Field 
Theory with Emphasis on Time-Charging Interactions of Longitudinal EM 
Waves," J. New Energy, 3(2/3), 1998, p. 12-28. 


713. Dilip Kondepudi and Ilya Prigogine, Modern Thermodynamics, 
ibid., p. 459. 


714. E.g., see D. Jou, Extended Irreversible Thermodynamics, 
Springer-Verlag, New York, 1996. 


715. Sources for this table are: (a) Roy Porter, Consultant Editor, The 
Biographical Dictionary of Scientists, Second Edition, Oxford University 
Press, NY, 1994; (b) Kondepudi and Prigogine, {703), ibid.; (c) Serway 
{697), ibid.; (d) K. Martinas, L. Ropolyi, and P. Szegedi (eds.), 
Thermodynamics: History and Philosophy, World Scientific, London, 
1991; (e) Stephen F. Mason, A History ofthe Sciences, New Revised 
Edition, Collier Books, NY, 1962; (f) E. T. Bell, Men ofMathematics, 
Simon & Schuster, NY, 1986; (g) Charles Singer, A Short History of 
Scientific Ideas to 1900, Oxford University Press, London, 1959; (h) 
William C. Reynolds, Thermodynamics, Second Edition, McGraw-Hill, 
NY, 1968; (i) Paul Edwards (Ed. in Chief), The Encyclopedia of 
Philosophy, Vols. 1-8, Macmillan, NY, 1967; (j) I. Asimov, Asimov's 
Biographical Encyclopedia ofScience and Technology, Second Revised 
Edition, Doubleday, Garden City, NY, 1982; (k) Jeff Biggus, Sketching the 
History ofStatistical Mechanics and Thermodynamics, 2002, 
http://history .hyperjeff.net/statmech.html, (1) J. B. Jones and G. A. 
Hawkins, Engineering Thermodynamics, Wiley, New York, 1986; (m) 
Kenneth Wark, Thermodynamics, Third Edition, McGraw-Hill, 1977. 


946 


ENERGY FROM THE VACUUM. CONCEPTS & PRINCIPLES. 


716. Antoine Laurent Lavoisier, Elementary Treatise on Chemistry, 
1798. 


717. I. Asimov, Asimov's Biographical Encyclopedia ofScience and 
Technology, Second Revised Edition, Doubleday. Garden City, NY, 1982. 


718. | Benjamin Thompson (Count Rumford), Enquiry Concerning the 
Source of Heat which is Excited by Friction, 1798. 


719. Eugene F. Mallove, "The Mysteries and Myths of Heat: A Brief 
History of Hot and Cold," Infinite Energy, May-June 2001, issue #37. 


720. Julius Robert Mayer, 1814-1878. In 1842, Mayer's classic paper 
on conservation of energy was published in Annalen der Chemie. He then 
published several papers himself. With no recognition and bitterly 
attacked, Mayer suffered a nervous breakdown and attempted suicide, 
being committed to institutions for several years. From 1858 he began to 
receive well-justified recognition. He was lauded by the scientific 
community and received the Royal Society's Copley Medal in 1871. 


721. Rudolf Clausius, "On the Moving force of Heat and the Laws of 
Heat Which May be Deduced Therefrom," 1850. 


722.  Mallove, {719}. 


723. James Clerk Maxwell, "A Dynamical Theory of the 
Electromagnetic Field," Roy. Soc. Trans., Vol. CLV, 1865, p 459. Also in 
The Scientific Papers ofJames Clerk Maxwell, 2 vols. bound as one, edited 
by W. D. Niven, Dover, New York, 1952, Vol. 1, p. 526-597. 


724. Actually, it is not proven that the energy of the universe is 
constant. With the recent experimental findings that the expansion of the 
universe is accelerating, the kinetic energy of the universe could be 
increasing. Whether this is offset by an appropriate change in the physical 
universe's supersystem remains to be seen. 


725. Jeff Biggus, "Sketching the History of Statistical Mechanics and 
Thermodynamics," http://history.hyperjeff.net/statmech.html. 


726. For a discussion of the modern death of matter and the death of 
materialism, see Paul Davies and John Gribbin, The Matter Myth, Simon & 
Schuster, NY, 1992. Quantum mechanics shook the foundations of 
materialism and the clockwork world, and chaos has finished the 
devastation. For a scholarly dissertation on mass, see Max Jammer, 


947 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


Concepts ofMass, in Classical and Modern Physics, Harvard University 
Press, Cambridge, MA, 1961. 


727. Dilip Kondepudi and Ilya Prigogine, Modern Thermodynamics: 
From heat Engines to Dissipative Structures, Wiley, New York, 1998, p. 


728. Serway, {697}, p. 507. 
729. Serway, ibid., p. 507. 
730.  Serway, ibid., p. 508. 
731. Serway, ibid., p. 527. 


732. Lindsay and Margenau, Foundations of Physics, Dover, New 
York, 1963, p. 214. 


733. Robert H. Romer, "Heat is not a noun," Am. J. Phys., 69(2), Feb. 
2001, p. 107-109. This is an editorial discussion by the Editor ofAm. J. 
Phys. of the concept of heat in thermodynamics, where heat is not a 
substance, not a thermodynamic function of state, and should not even be 
used as a noun. 


734. — Serway, ibid., p. 527-528. 
735. Serway, ibid., p. 588. 


736. T.E. Bearden, Energetics: Extensions to Physics andAdvanced 
Technology for Medical and Military Applications, CTEC Proprietary, 
Mar. 21, 1998, 200+ page inclosure to CTEC Letter to Gen. (Ret.) Walter 
Busby, Deputy Secretary of Defense for Counterproliferation and 
Chemical and Biological Defense, March 21, 1998. This communication 
proposed a crash program to develop a portable suitcase-size treatment 
device based on this effect, for use in treating mass casualties after 
forthcoming terrorist attacks by weapons of mass destruction. Treatment of 
a patient would have required only five minutes. Copies were also sent to 
the U.S. Air Force, National Institutes of Health, and other key 
government agencies. Three and a half years later, the attack on the World 
Trade Center and the Pentagon — and a foiled attack on the White House 
— occurred on September 11, 2001. Today the nation is at war against 
international terrorism, and extensive changes in defense of the heartland 
are also under way. However, there still appears to be no real solution to 
the problem posed by mass casualties, particularly which professional 


948 


DRP One Transistor Marvel 





ENERGY FROM THE VACUUM CONUM_ .1 I'HINCIMLES 


strikes can produce casualties in the hundreds of thousandsor a few 
millions. 


737. (a) A. J. Berteaud and A. M. Bottreau, "Analysc des rayonnements 
electromagnetiques emis par l'appareil Priore," [Analysis of the 
electromagnetic radiations emitted by the Priore apparatus], D.R.M.E., 
1971, p. 3-12; (b) A. J. Berteaud, A. M. Bottreau, A. Priore, A. N. 
Pautrizel, F. Berlureau, and R. Pautrizel, "Essai de correlation entre 
l'evolution d'une affection par Trypanosoma equiperdum et I'action d'une 
onde electromagnetique pulsee et modulee," [ Trial of the correlation 
between the evolution of a disease by Trypanosoma equiperdum and the 
action ofa pulsating and modulated electromagnetic wave], Compt. Rend. 
Acad Sri. (Paris), Vol. 272, 1971. p. 1003-1006: (c) R. Cambar, "Rapport 
general des travaux de la Commission de Controle constitute en vue de 
verifier l'un des effets biologiques obtenu par l'utilisation de l'appareillage 
de Priore A. Bordeaux," [General findings of the work ofthe control 
commission formed to verify one ofthe biological effects obtained by use 
of the apparatus of A. Priore at Bordeaux], 1969, I vol., (d) R. Courrier, 
"Expose par M. le Professeur R. Courrier, Secretaire Perpetuel de 
L'Academie des Sciences fait au cours d'une reur on a L'Institut sur les 
effets de la Machine de M. A. Priore le 26 Avril 1977," [Presentation by 
Professeur R. Courrier, Perpetual Secretary ot the Academy of Sciences, 
made at the meeting of the Academy on the effects ofthe machine of M. 
A. Priore.] (e) G. Delmon and J. Biraben, "La croissance du carcinome de 
Guerin sour Faction de champs electromagnetiques."[The growth of 


carcinoma treated by the action of electromagnetic fields], Rev. Path. 
Comp., 3(2), 1966, p. 85-88. (f) G. Mayer, A. Priore, G. Mayer and R. 
Pautrizel, "Action de champs magnetiques associes a des ondes 
electromagnetiques sur l'orchite trypanosominne due lapin,” [Action of 
magnetic fields associated with electromagnetic waves on the 
typanosomian orchitis ofthe rabbit], Compt. Rend. Acad. Sci. (Paris), Vol. 
274, 1972, p. 3011-3014. Many more reports of the novel cures are in the 
French medical literature, particularly by Pautrizel (g) Priore's doctoral 
thesis (which was rejected when the project was supressed) is: Guerison 
de la Trypanosomiase Experimental Aigue et Chronique par L ‘action 
Combinee de Champs Magnetiques et D 'Ondes Electromagnetiques 
Modules. [Healing of intense and chronic experimental trypanosomiasis 
by the combined action of magnetic fields and modulated electromagnetic 
waves], thesis submitted in candidacy for the doctoral degree, 1973. (h) 
Antoine Priore, "Apparatus for producing radiations penetrating living 


949 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


cells," U.S. Patent No. 3,368,155, Feb. 6, 1968;(1) — "Method of 
producing radiations for penetrating living cells," U.S. Patent No. 
3,280,816, Oct. 25, 1966; (j) — "Procede et dispositif de production de 
rayonnements utilisables notamment pour le traitement de cellules 
vivantes," [Procedure and Assemblage for Production of Radiation 
Especially Serviceable for the Treatment of Living Cells], Republique 
Francais Brevet d'Invention P.V. No. 899.414, No. 1,342,772, Oct. 7, 
1963; (k) Eric Perisse, Effets des Ondes Electromagnetiqv.es et des 
Champs Magnetiques sur le Cancer et la Trypanosomiase Experimentale 
[Effects of Electromagnetic Waves and Magnetic Fields on Cancer and 
Experimental Trypanosomias], Doctoral thesis, University of Bordeaux 
No. 83, March 16, 1984. 


738. (a) R. O. Becker, "The neural semiconduction control system and 
its interaction with applied electrical current and magnetic fields," Proc. XI 
Internatl. Cong. Radiology, Vol. 105, 1966, p. 1753-1759, Excerpta 
Medica Foundation; Amsterdam; (b) — "The direct current field: A 
primitive control and communication system related to growth processes," 
Proc. XVI Internatl. Congr. Zoology, Washington, D.C., Vol. 3, 1963, p. 
179-183; (c) "Electromagnetic fields and life," Psychoenergetic 
Systems, Vol. 3, No. 14, 1979, p. 119-128; (d)- - "A technique for 
producing regenerative healing in humans," Frontier Perspectives, 1(2), 
Fall/Winter 1990, p. 1-2; (e)- - "The Biological Effects of Magnetic 


Fields — A Survey," Med. Electron. Biol. Engr., Vol. 1, 1963, p. 293-303; 
(f) — - "The bioelectric field pattern in the salamander and its stimulation 
by an electronic analog,” JRE Trans. Med. Electronics, Vol. ME-7, July 
1960, p. 202-207; (g) - - and Charles H. Bachman, and Howard 
Friedman, "The direct current system: A link between the environment and 
the organism," New York State J. Med, Vol. 62, April 15, 1962, p. 1169- 
1176; (h) and Joseph A. Spadaro, "Electrical stimulation of partial 
limb regeneration in mammals," Bull. N.Y. Acad. Med., Second Series, 
48(4), May 1972, p. 627-64; (i) - - and Carlton F. Hazlewood, Abraham 
R. Liboff, and Jan Walleczek, Electromagnetic Applications In Medicine, 
NIH-OAM Electromagnetics Panel Report, Jan. 15, 1993; (4) B. Baker; J. 
A. Spadero, and R. O. Becker, "Electrical stimulation of articular 
cartilage," Ann. N.Y. Acad. Sci, Vol. 238, 1974, p. 491-499; (k) C. A. L. 
Bassett; R. O. Becker, and R. J. Pawluk, "Effects of electric currents on 
bone in vivo," Nature, Vol. 204, Nov. 14, 1964, p. 652-654. There are 
many other publications by Becker, who is a true pioneer. 








739.  http://www.cheniere.org. 
950 


ENI HY i l«>M mi VACUUM CONCMMM S, PRINCIPLII 


740. Kondepudi and Prigogine, {727}, p. 90-91. See also W. Nernst, A 
New Heat Theorem, Dover, New York, 1969. 


741. Wang etal., {704}. 
742. Maddox, John, Nature, 417 (2002), p. 903. 


743. Buchwald, Jed Z., From Maxwell to Microphysics (University of 
Chicago Press, 1985), p. 44. 


744. For a better meaning of "static" as dynamic but steady state, see 
Tom Van Flandern, Phys. Lett. A, 250 (1998), p. 8-9. 


TAS. E.g., Sen, D. K., Fields and/or Particles (Academic Press, 1968), 
p. Vii. 
746. Wu, C. S. et al., Phys. Rev., 105, 1957, p. 1413. 


747. Weinberg, Steven, Dreams ofa Final Theory (Vintage Books, 
Random House, 1993), p. 109-110. 


748. Jackson, J. D. and L. B. Okun, Rev. Mod. Phys., 73, 2001, p. 663- 
680. 


749. Kondepudi, Dilip and Ilya Prigogine, Modern Thermodynamics: 
From Heat Engines to Dissipative Structures (Wiley, New York, 1998), p. 
459. 


750. Jou, D., Extended Irreversible Thermodynamics (Springer-Verlag, 
1996). 


751; Bohren, Craig F.,Am. J. Phys., 51, Apr. 1983, p. 323-327. Under 
nonlinear conditions, a particle can absorb and re-emit more energy than is 
in the light incident on it. Metallic particles at ultraviolet frequencies are 
one class of such particles and insulating particles at infrared frequencies 
are another. 


752. Paul, H. and R. Fischer, Am. J. Phys., 51, Apr. 1983, p. 327. 


1933. See Hal Fox, and Mitchell Swartz (JET Technology, MA), "Progress in 
Cold Nuclear Fusion - Metanalysis Using an Augmented Database," presented 

at ICCF-5, Monaco, April 9-13, 1995. The authors extracted information from 
over 3,000 papers on cold fusion collected by Fox's company. Over 600 of 
these experiments reported excess heat." 


951 


ENERGY FROM THE VACUUM: CONCEPTS & PRINCIPLES. 


754. E.g., see Petar K. Anastasovski, H. Fox, and K. Shoulders, "A New 
Approach to the Cosmic Red-Shift and to the Cosmic Microwave Sources," 
J. New Energy, 1 (2), Summer 1996, p. 79-87." 


952 


The interaction of mind and matter! 


EXCA N x \ 


UFO phenomena are just one aspect of the 
interrelationship of humans with their collective 
species, In this extraordinary book, Lieutenant 
Colonel Thomas E. Bearden, PhD (U.S. Army, 
Retired) deals with many of the subjects of 
which he has been active as a conceptualist 
Scalar electromagnetics and electrogravitation, 
Soviet psychotronic (Tesla) weaponry, free energy 
devices, and anomalous phenomena. 

UFO sightings are shown to precisely fit 
predictions for the future, and there is a direct 
explanation of mind and matter in UFO activity. 
Colonel Bearden shows us what UFOs are and 
how they are formed; what the bioenemy is in 
Hieronymus devices; and he discusses thought 
photography, psychic surgery, psychokinesis, 
cattle mutilations, ghost rockets, contactees and 
Space-suited beings, flying saucers and much 
more. 

Previougy, Colonel Bearden was senior 
scientist with a major acro-space company where 
he directed the company’s design and production 
of expert system (artificial intelligence) 
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Hawk, and Patriot air defense missile systems, He 
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What you will need: 


1x4/0 ohm resisitor 

1 x 100p ceramic capacitor 
1 x 100n greencap capacitor 
2x LN4148 signal diodes 
Ix 3mm red LED 
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FOREWORD 


by John White 


This book deals in a comprehensive fashion with such a vast array of topics — 
from physics, psychology and evolution to advanced weaponry, military strategy 
and international politics — that many of you may become anxious, even fearful on 
reading it. In fact, this assembly of previously uncorrelated information and 
scientific breakthrough may be the most disturbing you have ever received. 

This cannot be helped. This book represents an important step in our efforts to 
avoid global war involving not only nuclear armaments but also what appears to be 
a revolutionary development in Soviet military technology — psychotronic 
weapons. They are the modern equivalent of the legendary invincible sword, Ex- 
calibur. 

The author is former U.S. Army officer Lt. Col. Thomas E. Bearden, now re- 
tired. During his twenty-year military career specializing in artillery, nuclear 
weapons, and military intelligence, Tom has pondered and researched many sub- 
jects that he covers here. His access to the full range of both military and NASA 
documents will be evident in his book. What may become highly classified data in 
the future is being revealed to you, our nation's ultimate policymakers, for an 
urgent reason that Tom has called Operation Fer-de-Lance, the presumed Soviet 
plan for domination of the planet through nuclear-psychotronic aggression and 
warfare. For the moment I would simply like to note two statements that indicate 
the basis for our sense of urgency: 

1. On 13 June 1975, Soviet Premier Leonid Brezhnev urged a ban on research 
and development of new kinds of weapons "more terrible than anything the world 
has known." 

2. In January 1977 former Air Force Chief of Intelligence, Maj. Gen. George J. 
Keegan (Retired) told Newsweek magazine, "The Soviets are working on 
dramatically exotic new weapons, twenty years ahead of anything ever conceived in 
the U.S. — so awesome as to lead the Soviets to believe that in the coming decade 
they would be capable of total neutralization of our ballistic and submarine mis- 
siles." 

The U.S. military intelligence community interprets these signs in convention- 
al terms as perhaps indicating the development of laser rays. Tom disagrees. His 
book will deal with the possibility that these weapons are psychotronic or para- 
physical in nature. 

In fact, we can say that in a strict sense, these are not weapons but devices — 
breakthrough technology with an enormous potential for the destruction of human- 
ity. They are a second-or third-generation outgrowth of radionic devices presently 
used in unorthodox medicine for diagnosis and healing. Extremely compact, they 
could be carried in a suitcase and planted near targets — ICBM sites, communica- 
tions centers, etc. Even if one of these devices were found and examined, it would 
only look like an electronic switching circuit or a small transmitter/receiver set, 
rather than a bomb or explosive. 


The energy and the mechanism involved in psychotronic damping of nuclear, 
chemical or electromagnetic technology is, from all indications, unrecognized by 
official Western science but nevertheless inherent in it. That also has been deeply 
pondered by Tom, and this book will give a full explanation ofthe physics, mathe- 
matics and technology involved. It is not an exaggeration to say, as Tom does, that 
the explanation offers a "physics of metaphysics" — a fully developed theory of 
paranormal phenomena that elegantly unites physics and psychology. The 
ramifications of what Tom calls perception theory lead into every field of human 
knowledge and inquiry with revolutionary results — from science, theology and 
philosophy through the full spectrum of paranormal phenomena such as UFO's 
and psychokinesis into the elementary school classroom, the supermarket shopping 
basket and the voting booth. They most certainly lead into the safety of your homes 
and the integrity of your minds. 

Before you turn to The Excalibur Briefing, I want to leave you with these 
thoughts. The material you are about to read will certainly be denied by our own 
government and military and probably by a major segment of the scientific com- 
munity. It is not unlikely that Tom will be dismissed as a paranoid crackpot. Such 
tactics have been employed before against brilliant, courageous people who chal- 
lenge the fundamental dogma of the establishment as Tom does here. Neverthe- 
less, I want to reassure you that Tom is sane, sober, and serious. 

Of course, such a person could still perhaps be mistaken. In that regard, I be- 
lieve you will find Tom's presentation to be persuasive. He himself is careful to dis- 
tinguish speculation from fact, inference from descriptive statement. Even if Tom 
were paranoid, however, the question arises: What if there is good reason for 
paranoia? To phrase it positively: We should welcome truth and enlightening in- 
sight whenever offered, regardless of the source. Do not let ad hominem argu- 
ments affect your critical judgment about the soundness of this presentation. As- 
sess the work, not the man, for the work is always greater. And having judged the 
work affirmatively, render true acknowledgement — not lip service — by sharing 
the ideas in this book with others. Only free, informed, vigorous effort in the court 
of world opinion can defuse the possibility of Operation Fer-de-Lance and 
psychotronic mind control leading to total enslavement of the human race. 

In closing, I want to point out that Tom's fundamental concern is the unifica- 
tion and evolution of the human species to a higher form of life through a process 
that he terms "mind linkage." This stage of growth to higher consciousness is ex- 
plored in the latter part of the book. It is a breathtaking portrait ofhow the spirit of 
science can lead to a science of the spirit, to a physics of metaphysics. 


INTRODUCTION TO THE SECOND EDITION 


Since the first edition of Excalibur Briefing was published, a great deal of progress 
has been made on the actual physics of unusual and paranormal phenomena. Indeed, so 
much progress has been made in the ten years since the 1978 or so cutoffofmost of the 
Excalibur material, that I really should rewrite the entire book. However, time will not 
permit that luxury at present Iam simply too hard-pressed in the strenuous efforts to 
move a free energy machine to market and to convince our government that unor- 
thodox Soviet superweapons present us with a problem of the gravest magnitude. 

Accordingly, the inclusion of one of my latest papers, "Soviet Phase Conjugate 
Directed Energy Weapons," together with an updated glossary for the entire emerging 
field, will have to suffice. 

The important thing is that a separate new field of physics is beginning to 
emerge. It turns out that what we've gotten on to is a unified field—one can now turn 
electromagnetic energy into gravitational energy and vice versa. Indeed, gravitational 
potential is now revealed as simply infolded electromagnetics, and electromagnetics is 
simply the outfolding of the internal contents of gravitational potential. 

Colleagues have already proven it on the laboratory bench, by building both "free 
energy" devices and practical antigravity devices. 

This new, extended electromagnetics—electrogravitation—I have dubbed scalar 
electromagnetics. The key to it is to let the EM force fields fight themselves to a "can- 
cellation," forming a vector zero. If we do this in a nonlinear medium (modulator), the 
summing/multiplying EM vector forces are locked together and remain as an infolded 
EM system inside the EM vector zero. This now is a gravitational system. By merely 
varying (in phase) the summing EM components, one varies the local energy density 
of vacuum. Rigorously that is a gravitational wave. Further, it is a very powerful G- 
wave, for we are utilizing EM forces some 1042 times as strong as the normal weak G- 
force. 

Classical EM has taught us to simply discard the components in the zero vector 
summation, replacing the system of opposing EM forces with a vector EM zero. This 
of course makes all vector EM zeroes equal. However, it totally ignores the space- 
time/vacuum stress of the summed forces, and the resulting gravitational implications. 
Therefore we have been taught to ignore any gravitational aspects of normal EM cir- 
cuits, and indeed we proceed to release the G-stress effects in the circuits when we 
build them as we have been taught 

Ordinary EM represents the release of the internal stress of gravity. By teaching us 
to make nonzero EM, scientists have taught us to always release electrogravitational 
potentials as electromagnetic forces. Thus in classical EM—and in most of the circuits 
we build—the EM force fields are the primary causative agents. Classically, when 
these force fields reduce to zero, there is no more electromagnetics going on. That is 
true, but there can still be avery large amount of gravity and inertial effects going on! 

However, quantum mechanics teaches us that the EM force fields are not at all the 
primary causes. Instead, the potentials are the primary things; EM forces are simply 
made from these potentials by differentiating operators. And when the force fields are 
zero, the potentials still exist. Further, when these "forceless potentials" interfere— 


even at a distance—treal EM effects cun still be obtained, in total violation of ordinary 
EM and ordinary mechanics! 

This is called the Aharonov-Bohm Effect, and in 1986 it was finally proven to 
most physicist's satisfaction. Only the most diehard skeptics still object to it, according 
to Physics Today, January 1986. 

At any rate, when we have zeroed the E and B fields, we can still have the poten- 
tials, according to modern physics. These potentials can interfere to produce electro- 
magnetic force effects—even at a distance. 

Further, the zero summation can be dynamic; that is, the vector components can be 
varying, so long as they always sum to a zero vector. Actually such a zeroed system 
now has an infolded, deterministic pattern of dynamic forces, according to the pattern 
we deliberately construct. Further, the energy of each force component infolded is 
varying, and thus the overall energy density of local vacuum is varying. 

As we said, rigorously this defines a gravitational wave. So the zero-vector ap- 
proach allows EM wave energy to be turned directly into gravitational wave energy. 
Now it is the curvature of spacetime that is being varied locally. That's a really as- 
tounding thing. 

We can now deliberately engineer the vacuum/spacetime itself, with all that that 
statement implies. Locally we can bend spacetime itself, which Einstein assumed 
could never be done except by a huge collection of mass—such as a sun, star, neutron 
star, etc. But here we can do it with simple things such as opposing coils, opposing E- 
fields, etc. We've just violated one of the sacrosanct, severely limiting assumptions of 
ordinary (Einstein's) general relativity! 

That is, up to now most Western physicists have assumed that the local space- 
time/vacuum cannot be curved. They assume that, where we the observer and the 
laboratory instruments are, only special relativity applies. Locally the observer always 
has a"Lorentz frame," in that view. This assumption (the local Lorentz frame) means 
that all the conservation laws apply, and physical reality stays well-behaved where the 
laboratory is and where we are. Ordinary relativity becomes just a sort of "special rel- 
ativity with distant perturbations." 

The only curvature of spacetime of any consequence is only to be found at or near 
distant stars, suns, black holes, and other huge collections of mass, in this highly re- 
strictive view. Further, this assumption implies that one can never have an experimen- 
tal general relativity, since where one is experimenting (locally) there is always 
essentially zero spacetime curvature! 

However, one need not have such a formidable restriction at all. Two bucking 
transformers can make a B-field vector-zero a little bit More complex circuits can 
easily be designed to sum (or multiply) force fields to zero very well. When we do this 
zero Summation, we also get an amazing gain as follows: Consider two electrons in 
free space. As is well known, the electric field force (repulsion) between them is about 
10*? times as strong as the gravitational field force (attraction) between them. So the 
electric force is so very much stronger that the comparatively weak gravitational force 
can be entirely neglected, in most applications. However, if we "strangle" that electric 
field force by zero summation, all the opposing electric forces are converted directly 
into gravitational potential! 

Interference of two such potentials can directly generate gravitational forces. So, if 


we could zero-sum their E-fields perfectly, we could instantly amplify the gravi- 
tational force between the two electrons by a factor of 10°”. With such a gravitational 
force amplification factor, our altered "electrical" circuits would actually become 
powerful electrogravitational circuits. Further, appreciable gravity effects would now 
be experienced by any mass, object, or device exposed to the action of the circuits. This 
is the fundamental secret that Nikola Tesla discovered, one which he never openly re- 
vealed. 

Further, by locking opposing EM waves together, we may easily construct purely 
scalar EM (electrogravitational) waves and beams. In such case, amazing new phe- 
nomena are encountered: (1) one can increase or decrease the mass and inertia of an 
object; (2) one can produce a unilateral force in and on each and every nucleon in a 
body, thus accomplishing the long-sought "antigravity"; (3) a unilateral force drive— 
a "space drive"—can be constructed; (4) transmutation of elements becomes fairly 
simply done, with miniscule energy; (5) effects at a distance—such as cold explosions 
or hot explosions—can be accomplished; (6) negative energy and negative time effects 
can be created and utilized; (7) Newton's third law can be manipulated and violated at 
will; (8) negative entropy effects can be created and utilized; and (9) direct energy ex- 
traction from the vacuum can be accomplished, etc. So many new effects are en- 
countered that it will take a generation of graduate students and university laboratories 
to get a good handle on most of them. 

The reader is urged to remember these rules: (1) The destructive interference of 
scalar EM waves (electrogravitational waves) produces EM energy in, or extracts it 
from, the interference zone. (2) The destructive interference of ordinary EM waves 
produces gravitational potential energy. (3) The release of the ordinary EM force fields 
represents the bleed-off of a 5-dimensional gravitational potential as ordinary electro- 
magnetics. (4) The bottling-up of the ordinary EM force fields represents the forced 
bleed-off of a 5-dimensional gravitational potential as ordinary 4-dimensional gravi- 
tational force. (5) The EM field and the ordinary (4-space) G-field are just separate 
bleed-off s of the same 5-dimensional gravitational potential field. 

Thus, I make no bones about it; we have a new physics in the offing—one that is 
eminently practical and easily engineered by any modern electromagnetics laboratory. 

Since the first edition of this book was issued, it has also become obvious that at 
least two other phenomena are involved in UFOs, and intermingled with the "materi- 
alizations from the collective unconscious" true UFO phenomena. These two addi- 
tional things are: 

(1) A great number of "lights at night" and "mysterious fireball" type phenom- 
ena—and giant balls of light and glowing hemispheres of light of gigantic size—are 
actually due to deliberate Soviet long range, high energy, real-time holography using 
phase conjugation. These phenomena are to accomplish orientation and alignment of 
giant Soviet weapons, and at the same time deliberately evoke UFO reports and scien- 
tific skepticism, providing perfect deception. 

(2) Several nations of the world—at least two—have been building and flying an- 
tigravity spaceships all over the solar system, since the early 1950's. Avery small num- 
ber of UFO ship reports and encounters are due to these ships and their crews. 
However, control of these ships is not under any duly elected government, but passes 
out of the government concerned, into and under the control of some mysterious group 


which I loosely refer to as "the control group." This is the same mysterious group 
which has been suppressing free energy and antigravity inventors and inventions for a 
great number of years. 

Thus in Excalibur Briefing we are still addressing the primary UFO phenomena: 
Materializations from the collective human unconscious. Coverage of the other two 
parts of the overall reported UFO phenomena will be made elsewhere. 

So it seems that, under my hard-pressed circumstances, the best thing to do for the 
second edition of Excalibur Briefing is to include something that shows some of the 
drastic progress that has been made. By adding a glossary and acurrent paper, the book 
will also be made much more usable. I also have prepared an index for the first edition, 
but it cannot be included because of space limitations. Admittedly that is regrettable 
and still not the optimum, but it will have to suffice. Perhaps in the future I will be able 
to do acomplete rewrite of the book, for Excalibur III. 

Until then, I ask the reader's indulgence and understanding. 


* * * 


In the first edition we accented the hyperspatial aspects of the problem, but also 
pointed out that higher dimensional spaces and deeper nested levels of virtual state are 
in fact one and the same thing. The reader should keep in mind that when we "inter- 
nest" vector zero systems, we are performing direct engineering in hyperspace. 

Let me be more specific. When you zero sum a group of EM force vectors, you 
place those component vectors "inside the zero," so to speak. In modern language you 
have placed ordered patterns directly inside the violent flux of virtual particles com- 
prising the vacuum. The modern concept of the vacuum is that it is like a seething 
plasma or gas. However, it's a very strange gas, for each particle arises spontaneously 
out of nowhere (according to quantum mechanics), and almost immediately turns into 
something else and/or disappears. Thus the vacuum plasma or gas is rather peculiar; 
the particles comprising it appear and disappear so rapidly that they cannot individu- 
ally be detected. However, while a virtual particle exists, it is in motion, and so a vi- 
olent flux of these "phantom particles" comprises the vacuum/spacetime. 

However, just as many fleeting particles in the vacuum are moving backward in 
observer time as are moving forward in it! So this wild "vacuum gas" of ghost particles 
exists in both positive and negative time at once! 

Anyway, when we make a zero vector EM system, each component force in the 
summation represents a gradient in this virtual particle flux. That is, we have "pat- 
terned" and organized the flux—polarized it, so to speak. And that now overturns one 
of the fundamental assumptions of quantum mechanics. 

Quantum mechanics assumes that the violent flux of vacuum ghost particles is 
totally randomized. That is, no deterministic pattern exists in the flux. These virtual 
changes collect or cohere statistically, not deterministically, in the standard assump- 
tion. When they happen to collect/cohere sufficiently, the threshold of an observable 
quantum change is breached, and a quantum change occurs. 

It can readily be seen that, in the ordinary view, the occurrence of these quantum 
changes is totally statistical. And indeed it is, so long as the virtual particle flux is ran- 
domized. However, with zero vector summation (or multiplication) we have produced 


deterministic patterns in the flux—and hence in the cohering and collecting of this flux 
on observable charged particles. Therefore, these deterministic "virtual state" ordered 
patterns will result in the appearance of deterministic patterns in the occurrence of ob- 
servable quantum changes. 

Now we have begun to engineer physical reality directly; that is, one can now 
begin to pre-determine which statistical change shall be favored, or in the extreme 
case, which one shall occur, and whether or not it shall even occur at all. 

The renowned physicist, David Bohm, has written a theory of "hidden variables" 
which could fit and describe all of physics (nothing out there contradicts it). It has 
largely been ignored, and will continue to be ignored unless it can show appreciable 
application that normal theory cannot cover. With the scalar EM approach, we can now 
directly provide hidden EM force field vectors, ordering the virtual state vacuum flux, 
and we may vary these ordered virtual patterns at will to produce startling new results 
in charged particle systems. So now we can directly engineer Bohm's "hidden varia- 
bles," and the vacuum itself—something ordinary theory cannot cover. Drastic 
changes in the physicist's view of fundamental physical reality, and of what he can do 
about it, now result 

But to return: We wish to engineer additional hyperspaces. (The first zero-vector 
summation places the component vectors in the fifth dimension.) If we take one of the 
component EM vector forces in the first zero vector summation, and we then take a 
point on it as yet another "reference zero", we may encapsulate a second series of 
zero-system summation vectors into and within that zero-point. In this case we have 
placed these second vectors into yet a deeper level of virtual state vacuum. That is, we 
have reached into yet another hyperspace with our engineering and control. Indeed, we 
have placed the second system EM vectors into the sixth dimension. So we have be- 
come true hyperspace engineers. 

The process is repeatable as desired. We may reach any hyperspace we wish, as our 
technology and control develop. 

Now we see the impact In modern Kaluza-Klein geometry, one needs about 11 or 
so dimensions if one is to account for quarks, charm, etc. Now we have a direct tool to 
reach into any one or all of these hyperdimensions and affect the exact particle or com- 
ponent desired. We will be able to engineer matter—including the nucleus, and includ- 
ing inside the proton and neutron—in almost any way we wish. It all follows from 
scalar electromagnetics, which allows the direct engineering of hyperspace in all its di- 
mensions. 

Remember, engineering in hyperdimensions is just the engineering of nested levels 
of vacuum potentials. Even more startling, we can also place "thoughts" and effects 
directly in the mind itself, including the unconscious mind. 

As we stated in the first edition of this book, we may model the mind as simply an 
objective 3-space, three turns away from the 3-space of the ordinary physical world. 
If we nest two or more additional zero-vector systems in our first one, then we have 
placed affects ("vectors") directly inside the mind itself. If we know the code of the 
human brain-tuner, we can now manipulate the mind directly. Electromagnetically, by 
scalar EM. And it appears that the Soviet Union has begun to reach this frightening 
capability. 

Disease patterns may be induced upon ordinary EM carriers in the same manner, 


by nesting the zero-vector systems. That is, of course, if one has measured the scalar 
patterns evident in the induced disease, say, in the Kaznacheyev-type experiments 
with the desired disease patterns. The reverse is also true: Nesting the patterns in the 
proper context on EM field carriers can cure diseases such as cancer and leukemia, as 
evidenced by the Priore device. 

One can also make a practical "free energy" device by setting up a standing scalar 
wave resonance in a localized region or device. From the "high stress" point to the 
"low stress" region of vacuum formed by such a standing scalar wave, a literal "river 
of energy" is flowing in the vacuum itself. Once the river is established, only the "leak- 
age" need be replenished. Hence, if one builds a special sort of "paddle wheel” to react 
with the river and turn in it, one obtains shaft power freely from the localized curvature 
of spacetime. In that case, an ordinary generator can be driven by the shaft torque to 
provide very cheap, or"free," electrical energy. 

Several inventors—three of whom I work with in one respect or another—now 
have demonstration models of such machines, which take diverse forms. 

Because of the extreme importance of these emerging potentialities, in recent years 
I've concentrated intensely upon the properties of the vacuum as spacetime, and un- 
covered shortcomings (and downright errors in many cases) in ordinary physics and 
electromagnetics. Slowly the scalar EM picture has emerged, and a series of papers has 
been written and published to develop the concepts of the new approach. 

The scalar approach also includes the ability to engineer negative energy and nega- 
tive time flow. The reader is referred to Chapter 4, "Extraordinary Physics," of my 
forthcoming book, AIDS: Soviet First Strike, Tesla Book Co., P.O.Box 1649, Green- 
ville, Texas 75401 for a summary of the vast importance of the time-reversed EM 
wave (phase conjugation). 

Let me here just accent a rule of great importance: It is actually the key to negative 
energy, negentropy, antigravity, free energy, transmutation, Tesla's wireless transmis- 
sion of energy at a distance without loss, Tesla's original magnifying transmitter, and 
many other things. 

First we need the expression CPTEGS, where C is charge, P is parity, T is time 
flow, E is energy, G is gravity, and S is entropy. We shall be concerned with the alge- 
braic sign of each term in the expressioa The rule deals with photon interaction with a 
charged particle inside an atom. Normally, incident photons interact with an electron in 
the electron shells, so C is normally negative. This produces normal parity, and causes 
the normal or positive flow of time, s T is normally positive. The normal kinds of 
energy, gravity, and entropy are experienced, so energy is positive, gravity is positive 
(attraction), and entropy is positive (progressive interactions in a system tend to more 
and more disorder). 

The astonishingly powerful rule is this: In a photon interaction with a charged par- 
ticle in an atom, ifany one ofthe terms of the expression CPTEGS is reversed in alge- 
braic sign, all the other terms are reversed in algebraic sign. 

Thus if one makes scalar EM, the wave (and its photons) passes through the elec- 
tron shells and interacts with (is absorbed in, and raises to an excited state, which then 
decays to emit a wave and photons) the highly nonlinear, positively charged nucleus. 
This represents areversal of C, hence a reversal of P, T, E, G, and S also. 

Consequently, a time-reversed wave—a phase conjugate replica of the incident 
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wave—is emitted by the decaying excited nucleus. In nonlinear phase conjugate op- 
tics, this is the mechanism that produces the phase conjugate wave. This is also the 
mechanism that produces a very large amplification of the incident wave when a 
"pump wave" (two waves 180 degrees out of phase) are used in the nonlinear (modu- 
lating) medium of the phase conjugate mirror. 

(The reader is referred to any good book or summary paper on phase conjugate op- 
tics; for example, see David M. Pepper, "Nonlinear optical phase conjugation," Opti- 
cal Engineering 21(2), Mar/Apr. 1982, p. 156-183.). 

When one pumps a phase conjugate mirror material sufficiently, then "tickles" the 
release of the total nuclear excitation energy as phase conjugation replica waves (nega- 
tive energy), appreciable negative time is produced in the decaying nuclei of the mir- 
ror. In negative time, gravity is arepulsion, not an attractioa The mirror thus produces 
antigravity, and gets lighter. If it is forced to sufficiently high amplification, it can be 
made to float in air. At higher amplification still, it will accelerate upward. 

Some other references of interest to this new edition follow: 

1. Robert A. Fisher, Ed., Optical Phase Conjugation, Academic Press, New York, 1983. 
Collection of papers. An extensive bibliography is given at the end of the book. 

2. Ya. Zel'dovich, N. F. Pilipetsky, and V. V. Shkunov, Principles of Phase Conjugation, Vol. 
42, Springer Series in Optical Sciences, Theodor Tamir, Ed., Springer-Verlag, New York, 
1985. 

3. Amnon Yariv, Optical Electronics, Third Edition. Holt, Rinehart and Winston: New York, 
1985. See particularly Chapter 16: ''Phase Conjugate Optics—Theory and Applications." 

4. Y. Aharonov and D. Bohm, ''Significance of Electromagnetic Potentials in the Quantum 
Theory." Physical Review, Second Series. 115(3), Aug. 1,1959. p. 485-491. 

5. R. G. Chambers, ''Shift of an electron interference pattern by enclosed magnetic flux." 
Physical Review Letters. 5(1), My 1,1960. p. 3. 

6. Richard P. Feynman, Robert B. Leighton, and Matthew Sands, The Feynman Lectures on 
Physics. Volume n, Section 15-5, p. 15-8 to 15-14. 

7. E. T. Whittaker, ''On an expression of the electromagnetic field due to electrons by means of 
two scalar potential functions.'' Proc. Lond. Math. Soc., Vol. 1,1903. p. 367-372. 

8. T. E. Bearden, Solutions to Tesla's secrets and the Soviet Tesla weapons. Tesla Book Co., 
Greenville, TX, 1981. 

9. T. E. Bearden, Tesla's secret and the Soviet Tesla weapons. Presented in absentia at the First 
International Unorthodox Energy Symposium, Toronto, Canada, 1981. Available from Tesla 
Book Co. 

10. T. E. Bearden, "Soviet weather engineering over North America." 1-hour videotape, 1985. 

Available from P.O. Box 1472, Huntsville, AL 35807. 

11. Gwynne Roberts, ''Witness to a super weapon?" The Sunday Times, London, England, Aug. 

17,1980. 

12. Greg Rippee, ''Mushroom cloud sighted off Japan."' LosAngeles Daily News, Apr. 11,1984. 

p.1,8. 

13. Martin Ebon, ''Moscow, June 11, 1977." in his Psychic Warfare: Threat or Illusion. 

McGraw-Hill Book Co., New York, NY, 1983. p. 1-11. 

14. A. K. Lapkovskii, "Relativistic kinematic equations and the theory of continuous media." 

Soviet Physics Journal 21(6), June 1978-Dec. 1978. 

15. B. N. Belyaev, "On random fluctuations of the velocity of light in vacuum." Azvestiya 

Vysshikh Uchebnykh Zavederdi, Fizika. 11, Nov. 1980. p. 37-42. 

16. Ingram Bloch and Horace Crater, ''Lorentz-invariant potentials and the non-relativistic 

limit" American Journal ofPhysics. 49(1), Jan. 1981. p. 67-75. 
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Application of tiny DC currents to heal difficult bone 
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m UNRESOLVED QUESTIONS ON EM RADIATION 
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INCLUDING CANCER 
- FACTORS SUCH AS MND, STRESS, SPONTANEOUS 
REMISSION, PLACEBO EFFECTS, AND COMBINATIONS OF 
FACTORS ARE PARTICULARLY TROUBLESOME 
= GENERATION OF THE PLACEBO EFFECT BY THE 
REGENERATION & RECOVERY SYSTEM IS UNRECOGNIZED 
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INHERITANCE OF ACQUIRED TRAITS 





® Evolutionary biology assumes mutations are 
random events 
- Causes of heritable differences separated from their 


consequences for survival and reproduction 


- Likelihood of any particular mutational event assumed 


independent of its particular value to the organism 
Natural selection then assumed to increase the 
frequency of advantageous alleles 


e Evidence for directed, non-random mutation 


Removing cell-wall from bacterium: acquired 
nakedness is then inherited 
Protozoan rag tbe double monsters (siamese twins) 
4 Bisected lengthwise, normal reproduction 
“ Bisected crosswise, double monsters reproduce 
Virus Sigma and fruit fly sensitivity to CO2 
Specific sets of Genes either eliminated or added 
. rganism by organelles, plasmids, bacteria or 
other agents 


e Genes are acquired vertically from ancestors 
and horizontally from a variety of other factors 
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Starting From the Scalar EM View: 
A NEW DEFINITION OF CANCER 


e CANCER AND LEUKEMIA ARE: 


Centrally-commanded, final, desperate, 
"first-step dediffernetiation" adaptive Next Slide 
attempts by the stressed affected cells — 
experiencing sustained oxygen shortage, 


to reverse their cellular evolution and LL 
return to the anaerobic stage of their Index 
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e THE CAUSE IS LONG-TERM Slide 


CUMULATIVE, AND 
ELECTROMAGNETIC IN NATURE. 


e A TOTAL CURE CAN BE ACHIEVED 
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Cancer 


Disease vacuum engines transported by photons and waves 





Note: Minimum /attice is one harmonic interval: (Rito UVis such aminimum G-lattice. 


Distant induction of cellular death and diseases, by special EM means. 
Coupled photon-antiphoton pairs (gravitons) in a structured harmonic 


lattice ordering constitute the disease or disorder template. 
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Cancer 


MICROWAVE RADIATION OF 
U.S. EMBASSY IN MOSCOW 


Former U.S, Embassy in Moscow. 





Selected chpart 2 by Lotus SmatPice™ 


« Began in latter 1950s 
« Discovered on VP Nixon's trip a 
« Initially thought to be nuclear radiation 
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JOHN HOPKINS STUDY OF 
EMBASSY MICROWAVE RADIATION 


EXCELLENT SCIENTIFIC TEAM 
- PERFORMED CLASSICAL EM INVESTIGATION 


- CAREFULLY ESTABLISHED THE FORCE FIELD 
PATTERNS 
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WHERE THE FORCE FIELDS WERE PRESENT 
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- ALL HEALTH CHANGES OCCURRED IN PERSONNEL 
WHERE 
THE FORCE FIELDS WERE ZERO (ABSENT) 


ASSUMED THAT ALL EM ACTION IS DUE ONLY TO FORCE 
FIELDS 


- CONCLUDED THAT MICROWAVE RADIATION COULD 
NOT 
HAVE CAUSED THE HEALTH CHANGES 
CONCLUSION WAS IN SERIOUS ERROR 
- CORRECT CONCLUSION: HEALTH CHANGES WERE 
TOTALLY CORRELATED TO ABSENCE OF FORCE 
FIELDS 


* TOTALLY CORRELATED TO PRESENCE OF GRADIENT- 
FREE 
POTENTIALS, OR NOT TO RADIATION AT ALL 


* IF NOT TO RADIATION AT ALL, THEN HEALTH CHANGES 
WOULD 
HAVE ALSO OCCURRED WHERE FORCE FIELDS WERE 
PRESENT 


THEREFORE THE HEALTH CHANGES WERE TOTALLY 
CORRELATED 

TO THE GRADIENT-FREE POTENTIALS, AND TO THE EM 
RADIATION 
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SUMMARY AND CONCLUSION 


RECOMMEND SERIOUS EXAMINATION OF THE NEW 
APPROACH 


RECOMMEND REVIVAL OF PRIORE-TYPE RESEARCH 
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A NEW THERAPEUTIC PARADIGM OF GREATLY 
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COMMENTS ON THE NEW TESLA ELECTROMAGNETICS 
Part I: Discrepancies in Present EM Theory 
© T. E. Bearden 1982 


There are at least twenty-two major discrepancies presently existing in 
conventional electromagnetics theory. This paper presents a summary 
of those flaws, and is a further commentary on my discussion of scalar 
longitudinal Tesla waves in a previous paper, "Solutions to Tesla's 
Secrets and the Soviet Tesla Weapons," Tesla Book Company, 1981 
and 1982. 


I particularly wish to express my deep appreciation to two of my 
friends and colleagues who at this time, I believe, wish to remain 
anonymous. One of the two is an experimental genius who can 
produce items on the bench that do not work by orthodox theory. The 
second is a master of materials science and electromagnetics theory. I 
thank them both for their exceptional contributions and stimuli 
regarding potential shortcomings in present electromagnetics theory, 
and their forbearance with the many discussions we have held on this 
and related subjects. 


It goes without saying that any errors in this paper are strictly my own, 
and not the fault of either of my distinguished colleagues. 


(1) In present electromagnetics theory, charge and charged mass are 
falsely made identical. Actually, on a charged particle, the "charge" is 
the flux of virtual particles on the "bare particle" of observable mass. 
The charged particle is thus a "system" of true massless charge 
coupled to a bare chargeless mass. The observable "mass" is static, 
three-dimensional, and totally spatial. "Charge" is dynamic, four- 
dimensional or more, virtual and spatiotemporal. Further, the charge 
and observable mass can be decoupled, contrary to present theory. 
Decoupled charge -- that is, the absence of mass -- is simply what we 
presently refer to as "vacuum." Vacuum, spacetime, and massless 
charge are all identical. Rigorously, we should utilize any of these 
three as an "ether," as suggested for vacuum by Einstein himself (see 
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Max Born, Einstein's Theory of Relativity, Revised Edition, Dover 
Publications, New York, 1965, p. 224). And all three of them are 
identically anenergy -- not energy, but more fundamental components 
of energy. 


(2) Electrostatic potential is regarded as a purely 3-dimensional spatial 
stress. Instead, it is the intensity of a many-dimensional (at least four- 
dimensional) virtual flux and a stress on all four dimensions of 
spacetime. This is easily seen, once one recognizes that spacetime is 
identically massless charge. (It is not "filled" with charge; rather, it is 
charge!) Just as, in a gas under pressure, the accumulation of 
additional gas further stresses the gas, the accumulation of charge 
(spacetime) stresses charge (spacetime). Further, if freed from its 
attachment to mass , charge can flow exclusively in time, exclusively 
in space, or in any combination of the two. Tesla waves -- which are 
scalar waves in pure massless charge flux itself -- thus can exhibit 
extraordinary characteristics that ordinary vector waves do not 
possess. And Tesla waves have extra dimensional degrees of freedom 
in which to move, as compared to vector waves. Indeed, one way to 
visualize a Tesla scalar wave is to regard it as a pure oscillation of time 
itself. 


(3) Voltage and potential are often confused in the electrostatic case, 
or at least thought of as "composed of the same thing." For that reason, 
voltage is regarded as "potential drop". This also is not true. 
Rigorously, the potential is the intensity of the virtual particle flux at a 
single point -- whether or not there is any mass at the point -- and both 
the pressure and the point itself are spatiotemporal (4-dimensional), 
not spatial (3-dimensional) as presently assumed. Voltage represents 
the spatial intersection of the difference in the potential between two 
separated spatial points, and always implies at least a miniscule flow 
of mass current (that is what makes it spatial!). "Voltage" is spatial and 
depends upon the presence of observable mass flow, while scalar 
electrostatic potential is spatiotemporal and depends upon the absence 
of observable mass flow. The two are not even of the same 
dimensionality. 


(4) The charge of vacuum spacetime is assumed to be zero, when in 
fact it is a very high value. Vacuum has no mass, but it has great 


massless charge and virtual particle charge flux. For proof that a 
charged vacuum is the seat of something in motion, see G.M. Graham 
and D.G. Lahoz, "Observation of static electromagnetic angular 
momentum in vacuo," Nature, Vol. 285, 15 .May 1980, pp. 154-155. 
In fact, vacuum IS charge, identically, and it is also "spacetime" and at 
least four-dimensional. 
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(5) Contrary to its present usage, zero is dimensional and relative in its 
context. A three-dimensional spatial hole, for example, exists in time. 
If we model time as a dimension, then the spatial hole has one 
dimension in 4-space. So a spatial absence is a spatiotemporal 
presence. In the vacuum 4-space, a spatial nothing is still a something. 
The "virtual" concept and the mathematical concept of a derivative are 
simply two present ways of unconsciously addressing this fundamental 
problem of the dimensional relativity of zero. 


(6) The concepts of "space" and "time" imply that spacetime (vacuum) 
has been separated into two parts. We can only think of a space as 


"continuing to exist in time " To separate vacuum spacetime into two 


pieces, an operation is continually required. The operator that 
accomplishes this splitting operation is the photon interaction, the 


interaction of vector electromagnetic energy or waves with mass. I 
have already strongly pointed out this effect and presented a "raindrop 
model" of first-order physical change itself in my book, The Excalibur 
Briefing, Strawberry Hill Press, San Francisco, 1980, pp. 128-130. 


(7) "Vector magnetic potential" is assumed to be always an aspect of 
(and connected to) the magnetic field. In fact it is a separate, 


fundamental field of nature and it can be entirely disconnected from 
the magnetic field. See Richard P. Feynman et al, The Feynman 


Lectures on Physics, Addison-Wesley Publishing Co., New York, 
1964, Vol. II, pp. 15-8 to 15-14. Curiously, this fact has been proven 
for years' yet it has been almost completely ignored in the West. The 
"Vx" operator, when applied to the A-field, makes B-field. If the Vx 
operator is not applied, the "freed" A-field possesses much-expanded 
characteristics from those presently allowed in the "bound" theory. 
Specifically, it becomes a scalar or "shadow vector" field; it is not a 
normal vector field. (note: for V read inverted capital Delta) 


(8) The speed of light in vacuum is assumed to be a fundamental 


constant of nature. Instead it is a function of the intensity of the 
massless charge flux (that is, of the magnitude of the electrostatic 


potential) of the vacuum in which it moves. (Indeed, since vacuum and 
massless charge are one and the same, one may say that the speed of 
light is a function of the intensity of the spatiotemporal vacuum!). The 
higher the flux intensity (charge) of the vacuum, the faster the speed of 
light in it. This is an observed fact and already shown by hardcore 
measurements. For example, distinct differences actually exist in the 
speed of light in vacuo, when measured on the surface of the earth as 
compared to measurements in space away from planetary masses. In a 
vacuum on the surface of the earth, light moves significantly faster. 
For a discussion and the statistics, see B. N. Belyaev, "On Random 
Fluctuations of the Velocity of Light in Vacuum," Soviet Physics 
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Journal, No. 11, Nov. 1980, pp. 37-42 (original in Russian; translation 
by Plenum Publishing Corporation.) The Russians have used this 
knowledge for over two decades in their strategic psychotronics 
(energetics) program; yet hardly a single U.S. scientist is aware of the 
measured variation of c in vacuo. In fact, most Western scientists 
simply cannot believe it when it is pointed out to them! 


(9) Energy is considered fundamental and equivalent to work. In fact, 
energy arises from vector processes, and it can be disassembled into 
more fundamental (anenergy) scalar components, since the vectors 


can. These scalar components individually can be moved to a distant 
location without expending work, since one is not moving force 
vectors. There the scalar components can be joined and reassembled 
into vectors to provide "free energy" appearing at a distance, with no 
loss in between the initial and distant points. For proof that a vector 
field can be replaced by (and considered to be composed of) two scalar 
fields, see E. T. Whittaker, Proceedings of the London Mathematical 
Society, Volume 1, 1903, p. 367. By extension, any vector wave can 
be replaced by two coupled scalar waves. 


(10) The classical Poynting vector predicts no longitudinal wave of 
energy from a time-varying, electrically charged source, In fact, an 


exact solution of the problem does allow this longitudinal wave. See T. 
D. Keech and J. F. Corum, "A New Derivation for the Field of a Time- 


Varying Charge in Einstein's Theory," International Journal of 
Theoretical Physics, Vol. 20, No, 1, 1981, pp. 63-68 for the proof. 


(11) The present concepts of vector and scalar are severely limited, 
and do not permit the explicit consideration of the internal, finer- 
grained structures of a vector or a scalar. That is, a fundamental 
problem exists with the basic assumptions in the vector mathematics 
itself. The "space" of a vector field, for example, does not have inter- 
nested sublevels (subspaces) containing finer "shadow vectors" or 
"virtual vectors," Yet particle physics has already discovered that 
electrical reality is built that way. Thus one should actually use a 
"hypernumber" theory after the manner of Charles Musés. A scalar is 
filled with (and composed of) nested levels of other "spaces" 
containing vectors, where these sum to "zero" in the ordinary 
observable frame without an observable vector resultant. In Musés' 
mathematics, for example, zero has real roots. Real physical devices 
can be -- and have been -constructed in accordance with Muses' 
theory. For an introduction to Musés' profound hypernumbers 
approach, see Charles Musés' foreword to Jerome Rothstein, 
Communication Organization and Science, The Falcon's Wing Press, 
Indian Hills, Colorado, 1958. See also Charles Musés, "Applied 
Hypernumbers: Computational Concepts," Applied Mathematics and 
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Computation, Vol. 3, 1976. See also Charles Musés, "Hypernumbers 
II," Applied Mathematics and Computation, January 1978. 


(12) With the expanded Tesla electromagnetics, a new conservation of 
energy law is required. Let us recapitulate for a moment. The oldest 
law called for the conservation of mass. The present law calls for the 
conservation of "mass and energy", but not each separately. If mass is 
regarded as simply another aspect of energy, then the present law calls 
for the conservation of energy. However, this assumes that energy is a 
basic, fundamental concept. Since the energy concept is tied to work 
and the movement of vector forces, it implicitly assumes "vector 
movement" to be a "most fundamental" and irreducible concept. But as 
we pointed out, Whittaker showed that vectors can always be further 
broken down into more fundamental coupled scalar components. 
Further, Tesla discovered that these "coupled components" of "energy" 
can be individually separated, transmitted, processed, rejoined, etc. 
This directly implies that energy per se need not be conserved. The 
new law therefore calls for the conservation of anenergy, the 
components of energy. These components may be coupled into energy, 
and the energy may be further compacted into mass. It is the sum total 
of the (anenergy) components -- coupled and uncoupled -- that is 
conserved, not the matter or the energy per se. Further, this 
conservation of anenergy is not spatial; rather, it is spatiotemporal in a 
spacetime of at least four or more dimensions. 


(13) Relativity is presently regarded as a theory or statement about 


fundamental physical reality. In fact, it is only a statement about 
FIRST ORDER reality -- the reality that emerges from the vector 


interaction of electromagnetic energy with matter. When we break 
down the vectors into scalars (shadow vectors or hypervectors), we 
immediately enter a vastly different, far more fundamental reality. In 
this reality superluminal velocity, multiple universes, travel back and 
forth in time, higher dimensions, variation of all "fundamental 
constants" of nature, materialization and dematerialization, and 
violation of the "conservation of energy" are all involved. Even our 
present Aristotlean logic -- fitted to the photon interaction by vector 
light as the fundamental observation mechanism -- is incapable of 
describing or modeling this more fundamental reality. Using scalar 
waves and scalar interactions as much subtler, far less limited 
observation/detection mechanisms, we must have a new 
"superrelativity” to describe the expanded electromagnetic reality 
uncovered by Nikola Tesla. 


(14) "Charge" is assumed to be quantized, in addition to always 


occurring with -- and locked to -- mass. Indeed, charge is not 
necessarily quantized just as it is not necessarily locked to mass. 
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Ehrenhaft discovered and reported fractional charges for years, in the 
30's and 40's, and was ignored. See P.A.11. Dirac, "Development of 
the Physicist's Conception of Nature," Symposium on the 
Development of the Physicist's Conception of Nature, ed. Jagdish 
Merha, D. Reidel, Boston, 1973, pp. 12-14 for a presentation of some 
of Ehrenhaft's results. Within the last few years Stanford University: 
researchers also have positively demonstrated the existence of 
"fractional charge." For a layman's description of their work, see "A 
Spector Haunting Physics," Science News, Vol. 119, January 31, 1981, 
pp. 68-69. Indeed, Dirac in his referenced article points out that 
Millikan himself -- in his original oildrop experiments -- reported one 
measurement of fractional charge, but discounted it as probably due to 
error. 





(15) Presently, things are always regarded as traveling through normal 
space. Thus we use or model only the most elementary type of motion 


-- that performed by vector electromagnetic energy. We do not allow 
for things to "travel inside the vector flow itself." Yet, actually, there is 
a second, more subtle flow inside the first, and a third, even more 
subtle flow inside the second, and so on. We may operate inside, onto, 
into, and out of energy itself -- and any anenergy component of 
energy. There are hypervectors and hyperscalars unlimited, within the 
ordinary vectors and scalars we already know. Further, these "internal 
flows" can be engineered and utilized, allowing physical reality itself 
to be directly engineered, almost without limits. 


(16) We always assume everything exists in time. Actually, nothing 


presently measured exists in time, because the physical detection/ 


measurement process of our present instruments destroys time, ripping 
it off and tossing it away -- and thereby "collapsing the wave 


function." Present scientific methodology thus is seriously flawed. It 
does not yield fundamental (spacetime) truth, but only a partial 
(spatial) truth. This in turn leads to great scientific oversights. For 
example, mass does not exist in time, but mass x time (masstime) 
does. A fundamental constant does not exist in time, but the "constant 
x time" does. Energy does not exist in time, but energy x time (action) 
does. Even space itself does not exist in time -- spacetime does. We 
are almost always one dimension short in every observable we model. 
Yet we persist in thinking spatially, and we have developed 
Instruments that detect and measure spatially only. Such instruments 
can never measure and detect the phenomenology of the nested 
substrata of time. By using scalar technology, however, less limited 
instruments can indeed be constructed -and they have been. With such 
new instruments, the phenomenology of the new electromagnetics can 
be explored and an engineering technology developed. 
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(17) We do not recognize the connection between nested levels of 


virtual state (particle physics) and orthogonally rotated frames 
(hyperspaces). Actually the two are identical, as I showed in the 


appendix to my book, The Excalibur Briefing, Strawberry Hill Press, 
San Francisco, 1980, pp. 233-235. A virtual particle in the laboratory 
frame is an observable particle in a hyperspatial frame rotated more 
than one orthogonal turn away. This of course implies that the 
hyperspatial velocity of all virtual particles is greater than the speed of 
light. The particle physicist is already deeply involved in hyperspaces 
and hyperspatial charge fluxes without realizing it. In other words, he 
is using tachyons (particles that move faster than light) without 
realizing it. 


(18) Presently quantum mechanics rigorously states that time is not an 
observable, and therefore it cannot be measured or detected. 


According to this assumption, one must always infer time from spatial 
measurements, because all detections and measurements are spatial. 
With this assumption, our scientists prejudice themselves against even 
looking for finer, subquantal measurement methodologies and 
instrumentation. Actually this present limitation is a result of the type 
of electromagnetics we presently know, where all instruments (the 
"measurers") have been interacted with by vector electromagnetic 
energy (light). Every mass that has temperature (and all masses do!) is 
continually absorbing and emitting photons, and in the process they 
are continually connecting to time and disconnecting from time. If 
time is continually being carried away from the detector itself by its 
emitted photons, then the detector cannot hold and "detect" that which 
it has just lost. With Tesla electromagnetics, however, the fundamental 
limitation of our present instruments need not apply. With finer 
instruments, we can show there are an infinite number of levels to 
"time", and it is only the "quantum level time" which is continually 
being lost by vector light (photon) interaction. By using subquantal 
scalar waves, instruments can move to deeper levels of time -- in 
which case the upper levels of time ARE measureable and detectable, 
in contradistinction to the present assumptions. 





(19) In the present physics, time is modeled as, and considered to be, a 
continuous dimension such as length. This is only a gross 
approximation. Indeed, time is not like continuous "dimension," but 


more like a series of "stitches," each of which is individually made and 


then ripped out before the next stitch appears. "Vector light" photons 
interact one at a time, and it is this interaction with mass that creates 


quantum change itself. The absorption of a photon -- which is energy x 
time -- by a spatial mass converts it to masstime: the time was added 
by the photon. The emission of a photon tears away the time, leaving 
behind again a spatial mass. It is not accidental, then, that time flows at 
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the speed of light, for it is light which contains and carries time. It is 
also not accidental that the photon IS the individual quantum. Since all 
our instruments presently are continually absorbing and emitting 
photons, they are all "quantized," and they accordingly "quantize" their 
detections. This is true because all detection is totally internal to the 
detector, and the instruments detect only their own internal changes. 
Since these detections are on a totally granular quantized background, 
the detections themselves are quantized. The Minkowski model is 
fundamentally erroneous in its modeling of time, and for that reason 
relativity and quantum mechanics continue to resist all attempts to 
successfully combine them, quantum field theory notwithstanding. 


(20) Presently, gravitational field and electrical field are considered 
mutually exclusive. Actually this is also untrue. In 1974, for example, 
Santilly proved that electrical field and gravitational field indeed are 
not mutually exclusive In that case, one is left with two possibilities: 
(a) they are totally the same thing, or (b) they are partially the same 
thing. For the proof, see R. M. Santilli, "Partons and Gravitation: 
Some Puzzling Questions," Annals of Physics, Vol. 83, No. 1, March 
1974. With the new Tesla electromagnetics, pure scalar waves in time 
itself can be produced electrically, and electrostatics (when the charge 
has been separated from the mass) becomes a "magic" tool capable of 
directly affecting and altering anything that exists in time--including 
gravitational field. Antigravity and the inertial drive are immediate and 
direct consequences of the new electromagnetics. 





(21) Presently, mind is considered metaphysical, not a part of physics, 
an not affected by physical means. Literally, the prevailing belief of 


Western scientists is that man is a mechanical robot -- even though 
relativity depends entirely upon the idea of the "observer." Western 
science today thus has essentially become dogmatic, and in this respect 
borders on a religion. Since this "religion," so to speak, is now fairly 
well entrenched in its power in the state, Western science is turning 


itself into an oligarchy. But mind occupies time, and when we measure 


and affect time we can directly measure and affect mind itself. In the 
new electromagnetics, then, man regains his dignity and his humanity 


by restoring the reality of mind and thought to science. In my book, 
The Excalibur Briefing, I have already pointed out the reality of mind 
and a simplified way in which it can be modeled to the first order. 
With scalar wave instruments, the reality of mind and thought can be 
measured in the laboratory, and parapsychology becomes a working, 
engineering, scientific discipline. 


(22) Multiple-valued basic dimensional functions are either not 
permitted or severely discouraged in the present theory For one thing, 


integrals of multiple valued derivative functions have the annoying 
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habit of "blowing up" and yielding erroneous answers, or none at all. 
And we certainly do not allow multiple types of time! This leads to the 
absurdity of the present interpretation of relativity which permits only 
a single observer (and a single observation) at a time. So if one 
believes as "absurd" a thing as the fact that more than one person can 
observe an apple at the same time, the present physics fails. However, 
the acceptance of such a simple proposition as multiple simultaneous 
observation leads to a physics so bizarre and incredible that most 
Western physicists have been unable to tolerate it, much less examine 
its consequences. In the physics that emerges from multiple 
simultaneous observation, all possibilities are real and physical. There 
are an infinite number of worlds, orthogonal to one another, and each 
world is continually splitting into additional such "worlds" at a 
stupendous rate. Nonetheless, this physics was worked out by Everett 
for his doctoral thesis in 1956, and the thesis was published in 1957. 


(See Hugh Everett, II, The Many-Worlds Interpretation of Quantum 


Mechanics: A Fundamental Exposition, with papers by J. A. Wheeler, 
B.S. DeWitt, L. N. Cooper and D. Van Vechten, and N. Graham; eds. 


Bryce S. Dewitt and Neill Graham, Princeton Series in Physics, 
Princeton University Press, 1973.) Even though it is bizarre, Everett's 
physics is entirely consistent with all the present experimental basis of 
physics. The present electromagnetic theory is constructed for only a 
single "world" or universe -- or "level." The expanded theory, on the 
other hand, contains multiply nested levels of virtual state charge -- 
and these levels are identically the same as orthogonal universes, or 
"hyperframes." Multiple kinds -- and values -- of time also exist. The 
new concept differs from Everett's, however, in that the orthogonal 
universes intercommunicate in the virtual state. That is, an observable 
in one universe is always a virtual quantity in each of the other 
universes. Thus one can have multi-level "continuities" and 
"discontinuities" simultaneously, without logical conflict. It is 
precisely these levels of charge -- these levels of scalar vacuum -- that 
lace together the discontinuous quanta generated by the interaction of 
vector light with mass. 


However, to understand the new electromagnetic reality, one requires 
a new, expanded logic which contains the old Aristotlean logic as a 
subset. I have already pointed out the new logic in my paper, "A 
Conditional Criterion for Identity, Leading to a Fourth Law of Logic," 
1979, available from the National Technical Information Center, AD- 
A071032. 


Even as logic is extended, quantum mechanics, quantum 
electrodynamics, and relativity are drastically changed by the Tesla 
electromagnetics, as I pointed out in my paper, "Solutions to Tesla's 
Secrets and the Soviet Tesla Weapons," Tesla Book Company, 1580 
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Magnolia, Millbrae, California, 94030, 1980. 


The present electromagnetics is just a special case of a much more 
fundamental electromagnetics discovered by Nikola Tesla, just as 
Newtonian physics is a special case of relativistic physics. But in the 
electromagnetics case, the differences between the old and the new are 
far more drastic and profound. 
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COMMENTS ON THE NEW TESLA ELECTROMAGNETICS 
Part II: The Secret of Electrical Free Energy 


(ce) 1982 T. E. Bearden 


Again I wish to express my deep appreciation to two of 
my friends and colleagues who at this time, I believe, 
wish to remain anonymous. I thank them both for their 
exceptional contributions and stimuli, and their for- 
bearance with the many discussions we have held on this 
and related subjects. 


Also, it goes without saying that any errors in this 
paper are strictly my own, and not the fault of either 
of my distinguished colleagues. 


Present electromagnetic theory is only a special case of the much 
more fundamental electromagnetism discovered by Nikola Tesla at 
the turn of the century. 


Pure vacuum is pure charge flux, without mass. The vacuum has a 
very high electrical potential -=- something on the order of 200 
million volts, with respect to a hypothetical zero charge. 


Thus in an ordinary electrical circuit, each point of the 
"ground" -- which has the same potential as the vacuum -- 
actually has a non-zero absolute potential. This circuit ground 
has a value of zero only with respect to something else which 
has the same absolute electrical potential. 


Voltage, which is always associated with a flow of electrical 
"mass" current (even if only a miniscule flow), is, by defini- 
tion, a difference dropped in potential when a charge mass moves 
between two spatially separated points. What we have termed 
"electrical current" only flows where there is a suitable con- 
ducting medium between things which have a difference in absolute 
potential. Furthermore, between any two points in any material, 
there is considered to exist a finite resistance -- if we apply 
a voltage and have a mass current flowing between the two points! 
The simple statement that V = IR irrevocably ties together volt- 
age drop, mass current, and resistance between two points. 
Rigorously, to have one of the three is to have them all. To 
lose one is to lose all three. Immediately we see a major error 
in present theory: One can have a "difference in scalar poten- 
tial" between two points without having a "voltage drop" between 
them. Specifically, if no mass current flows between them, no 
resistance exists between them, and no voltage drop exists be- 
tween them. 


In the same fashion, one can have a “scalar wave" through the 
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In the same fashion, one can have a “scalar wave" through the 
vacuum without a voltage wave. In that case, the wave has no 
E-field and no K-field. The only reason one has an E-field 
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around a statically charged object is because the charged elec- 
trons accumulated on the object are actually in violent motion. 
It is this motion of the charged masses that produces E-field -- 
as well as H-field whenever that entire E-field ensemble moves 
through laboratory space. 


Now let us reason together in the "approximate" manner utilized 
in present electromagnetic theory. For example, let us examine 
a bird sitting on a high tension line. 


The bird sits on the high tension line without a flow of mass 
electricity, because there is no significant difference in po- 
tential drop between the bird and the line. Specifically, be- 
tween the bird's two feet -- each in contact with a different 
portion of the line -- there exists no potential difference. 
This is true even though, with respect to the vacuum, each foot 
is at a potential that would be "100,000 volts higher," were a 
mass current flowing. And it is true even though the absolute 
potential of each foot may be some 200.1 million "volts," were 
a mass current flowing. 


Now an interesting thing happens to the bird when he flies 
through the air to light upon the high tension wire. As he 

flies toward the wire, he is flying through the massless elec- 
trostatic potential field of the wire, for that field extends 

an infinite distance away from the wire. The electrostatic 
potential field -= pure ~-field -- is actually the spatio- 
temporal intensity of the massless charge at a point. In other 
words, as the bird flies to the wire, he flies into an increas- 
ing "massless charge" potential, building up to 100,000 "volts" 
higher than the earth. However, very little (if any) “mass 

flow" potential difference is experienced upon his body in ap- 
proaching the wire, and so essentially no "charged mass currents" 
are induced in his body. Thus the little flier safely navigates 
into the teeth of a very high electrostatic potential, lights 
upon the wire, and is not "fried" in the process. When he lights 
on the wire, his body has reached the electrostatic potential 
that each foot's contact point has. Again, there is no mass cur- 
rent flow. But his body is immersed in an increased flux of 
massless charge -- which is what the electrostatic potential 
represents. And each "virtual particle" flow in that charge 
potential represents a “massless (scalar)" electrical current. 


The point is, one can have any amount of massless charge flow -- 
"scalar" current -= without any mechanical work being done in 
the system. All electrical work in a circuit is done against 
the physical mass of the charged masses that flow. Rigorously, 
force is defined as the time rate of charge of momentum. Even 

in the relativistic case where F = ma + v(dm/dt), change of mo- 
mentum requires mass movement. No mechanical work, and hence no 
energy, is expended by massless charge flow. 


That is why the vacuum massless charge -- which is composed of a 
very high flux of massless "particles" -- normally does no work 
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very high flux of massless "particles" -- normally does no work 
on our systems, and expends none of its very high “potential 
energy." It is exactly the same as the bird which flew into an 
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increasing scalar field as it approached the high tension wire -- 
no work was done upon the bird by the increasing scalar flux 
currents encountered by its body. 


By existing "in the vacuum," so to speak, we (the whole earth) 
are as birds sitting on a high tension line! Until we create 
significant difference in potential, via our present electromag- 
netic circuits, no current can flow -- anywhere. Even if we pro- 
duce potential differences, we must have a conductor and charged 
masses to flow, if we wish to produce mechanical work. Presently 
our electromagnetic theory allows us to create a difference in 
potential within different parts of a circuit, but only by moving 
and shifting charged mass. We therefore have to do work on this 
electrical mass in moving it around, and we only get back the 
work we have put into the circuit. In other words, presently 

all we do is "pump" electrical mass. 


Now notice what would happen to the bird on the line if we sub- 
stantially "pulsed" the potential on the line. Suppose we 
"pulsed" it such that the bird's physical system -- considered 
as a circuit containing a capacitance, a resistance, an induc- 
tance, and many free electrons -- became resonant to the pulsing 
frequency. In that case the "bird system" would resonate, and a 
great deal of electrical mass would surge back and forth in the 
body of the bird. In the bird's body, voltage would exist, 
charged mass current would flow, work would be done, and the 
bird would be electrocuted. 


Also, note that, without mass movement, electromagnetic vector 
fields are not produced (and a portion of the difficulty lies 
with the actual vector mathematics itself). Scalar (nonvector) 
waves continually penetrate "space" where there is no mass move- 
ment. This means there can exist a "delta-9" without a voltage 
or an E-field. The present theory does not allow this, because 
it always uses "q" (charge) to be charged mass. Briefly, without 
belaboring the point, let us just say that it is the mechanical 
spin of the individual charged particle -- such as the electron -- 
which "entangles" or "knits together" or "couples" independent 
scalar waves into vector waves. A vector wave is simply two 
coupled scalar waves. The entire force field concept -- such as 
the E-field and the B-field -- is operationally defined in terms 
of the force exhibited on a test particle, or test mass. Rigor- 
ously, an E-field does not exist as a force field in vacuum, but 
as two coupled scalar ~-fields "tumbling about each other." When 
these two coupled, tumbling fields meet a spinning electron, e.g., 
the force emerges on the electron mass. In short, movement of a 
rotating mass changes delta-@ to "voltage", creating the V/I/R 
triad. 


By "accumulating charged mass particles" -- such as electrons -- 
one certainly can increase the value of ~, which represents the 
charge intensity or "scalar electrostatic potential." However, 
that is not the only way to increase it. Resonance and rotation 
of charged masses can also be appropriately employed to vary the 
vacuum charge potential 0, under the proper circumstances. 
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By the correct application of rotary principles and Tesla elec- 
tromagnetic theory, it is possible to oscillate -- and change -- 
the vacuum potential itself, in one part of an electrical system. 
Thus by correct procedures a part of a system can be electrically 
altered so that the absolute value of its "ground" (vacuum) poten- 
tial differs significantly from the normal vacuum-ground potential 
of the remainder of the circuit. In other words, we shift the 
vacuum=ground potential of part of the circuit by oscillating 

the massless vacuum charge itself, and in so doing we gain a sub- 
stantial, oscillatory electrical potential difference between 
that part of the circuit and the normal ground potential of the 
rest of the system. Then we connect the two parts of the system 
by means of a conductor containing a load in the middle. 


In every conductor, a large number of "free electrons" are avail- 
able. If we oscillate the actual vacuum charge itself, unlimited 
additional free electrons also become available from the Dirac 
sea, since partial "“unstripping" of the negative energy wells 
(each containing an electron) occurs. This "“unstripping" of the 
potential of the well is due to vacuum potential oscillation, 
which oscillates time as well as space. To a negative energy 
well (positive time), the oscillation of its "time stream" in- 
creases the well's negative potential during one half-cycle and 
decreases its potential for the other half-cycle. Thus during 
half the oscillatory cycle, negative energy electrons may be 
lifted from the Dirac sea if the oscillation is sufficiently in- 
tense. 


Therefore we obtain an attendant voltage and flow of mass current 
through the load. This voltage and current, by the way, are es- 
sentially limitless, and are free for the asking, assuming the 
proper "vacuum oscillation" is initiated and maintained so that 
electrons are continually being lifted from the Dirac sea by the 
time oscillations, and fed into the circuit. 


Standard electromagnetic theory assumes that the vacuum potential 
is zero. It does not recognize the existence of massless charge, 
separated from charged mass. Therefore, orthodox scientists have 
never looked for a way to engineer the vacuum, because they have 
not realized it is composed of pure massless charge. Electrical 
physics has almost hopelessly confused charge and charged mass, 
thereby eliminating scalar longitudinal electrostatic waves. Ex- 
pressed in the bird/high tension line analogy, the present electro- 
magnetic theory restricts us to walking along the high tension 
line, laboriously carrying small batteries and power units, un- 
aware of the limitless, surging power beneath our very feet. 


Electromagnetically, we have been rather like one of the five 
blind men who touched an elephant. We have only touched one small 


portion of the electromagnetism "elephant," yet we thought we had 
grasped the entire beast. 
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OVERTURE TO A NEW AGE TECHNOLOGY 
From an Update by Dr. Rolf Schaffranke 


" se. as there has been a steady erosion in U. S. activity 
in the basic sciences, there has been an increase in the 
level of such activity in Western Europe and Japan. If 
that continues, we are in danger of losing our position 
of scientific leadership." 


Val, L. Fitch, Prof. of Physics at 
Princeton University, in an interview with 
U.S, News & World Report, June 21, 1982. 


West Germany: 

The prototype of the first motorcycle equipped with a "flux-motor" (the 
inventor's designation for a tachion field converter or gravity-field generator) 
of 2 KW output has completed a test run of approximately 20,000 km without re- 
pairs. Principle of operation: The T-converter is constantly recharging the 
electrical power battery of the vehicle, resulting in an operation which is 
noiseless, fuelless and polution-free. After completion of all scheduled tests, 
& public demonstration to the press is planned within a few weeks from the time 
of this writing. (June 17, 1982) See photo, Pg. 19. A new factory for the 
production of gravity-energy-field converters in the town of Oldenburg is sched- 
uled to produce individual home heating units. The design of automobile power 
plants based on the same principle is also in preparation, Reported efficiency 
factors of several hundred percent are anticipated. 

Japan: 

Mazda continues research on the "magnetic Wankel engine" (45 HP) for elec- 
tric automobiles, based on the principle of Kure Tekko, The gravity research of 
Prof. S.Seike is now sponsored by Hitachi, after millions of Japanese received 
updated information via popular science magazines. It is interesting to note 
that Saudi Arabia has decided to invest $100 million in Hitachi stocks, 

France: 

The "Kromrey" converter has completed tests at the Institute for Magneto- 
statics, University of Strasbourg. One prototype delivered 700 Watts at 600- 
1200 RPM, at a fairly uniform rate. However, France, as the No. 1 developer of 
nuclear energy in Europe, is still reluctant to concentrate her energies on a 
revolutionary new technology which could result in drastic curtailments of her 
well-developed nuclear industry and associated exports. See photos, Pg. 22. 
Denmark: 

Dr. Jensen, physicist at the University of Kopenhagen, reported test results 
of 3008 efficiency with a specially designed, 5-coil transformer in connection 
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with a tachion field converter based on the principle of the "N" machine. First 
reports were presented at the International Conference on Energy Technology in 
Hannover, Nov., 1980. 
England / USA: 

A "bullet train" based on the magnetic levitation system of British Prof- 
Eric Laithwaite is now under consideration for construction between Los Angeles 
and San Diego. Japan and West Germany are already operating high speed experi- 
mental trains, suspended magnetically to reduce friction, that may soon attain 
speeds of more than 200 miles per hour. The Laithwaite-Eastham method would use 
electromagnetic forcefields induced over an aluminum-topped concrete track. The 


project will probably be headed by a Japanese company as the prime contractor. 
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West German gravity-field unit in operation 
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REVIEW AND OUTLOOK 


THE DEVELOPMENT OF POST-RELATIVISTIC 
CONCEPTS IN PHYSICS AND ADVANCED 
TECHNOLOGY ABROAD 


Rolf Schaffranke, Dr. h. c. 
Member A.I.A.A. 


This paper was presented at The First 
International Symposium on Non-Conventional 
Energy Technology, Toronto, Ontario, Canada, 
Oct. 23-24, 1981. (Reprinted by permission of 
the author. ) 


"Far more harm is done to the progress of science by 
skepticism than by gullibility". (Dr. Robert Wood, Director 


R & D, McDonnel-Douglas Astronautics Div., Cal.) NASA 
- Langley Research Center in Hampton, VA is named after 
Samuel Pierpont Langley (1834-1906), an American 
astronomer, engineer and architect. 

Langley worked out the aerodynamic principles for 
manned flight. In principal, his calculations were correct; 
but the structural materials he used for wings and engines 
were ,insufficient. In December of 1903, the New York 
Times published an editorial complaining about his foolish 
dream and the associated waste of government money. The 


editorial predicted that: "man would not fly for a thousand 


years". 
Only 9 days after the editorial was published, the Wright 


brothers made their first successful powered flight at Kitty 
Hawk. (Dec. 17, 1903). But, again, as late as 1905, the 
Scientific American suggested the happening was a hoax - 
two years after the event which changed history. Let's reflect 
for a moment on the fact that only in a single lifetime, man 
has journeyed from Kitty Hawk to the surface of the moon! 
The analogy to the problem of alternative energies and 
their development is, of course, obvious. We try to educate 
the preaching orthodoxies. But orthodox solutions are no 
longer enough. Our system of education can only give from 
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the past. The present must operate on inspiration and 
intuition, or the future will be lost. The past no longer has 
enough of the answers for arising crises for which there are 
no precedents. To keep pace with the requirements of the 
future, we must begin to teach not only what to learn, but 
how to learn, how to analyze, how to search for the truth. 
Only then will be able to recognize discrepancies between 
experiment and dogma and to cope with problems which 
appear to be just beyond the corner. History has shown 
again and again that no single individual can rise above the 
species without being persecuted. The reasons for that are: 








Some of the most powerful forces in homo sapiens 
have always been 

Greed, Pride, Ego, Fear and, above all, the Desire 
to Control Others, 


A brand new German book titled Energy in 
Abundance, which is evidently creating a considerable 


impact in the European community, challenges the 
contemporary high 
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priests of science, the "Guardians of the Status Quo" and uncovers an almost in- 
credible narrowmindedness and ignorance in science, politics and economics, 
“approaching the criminal" as the author puts it. The contemporary waste of 
genuine intellectual creativity is castigated as a cultural scandal approaching 
barbarism. The book stresses that a truly promising approach to the so-called 
energy crisis requires a fundamental and thorough re-evaluation of the theories, 
dogmas and axioms which form the basis of present day science and the foundation 
of our technology. As in the past, the formidable inertia of the establishment is 
not only based on inaccurate, incomplete and outdated information, but also on its 
reluctance to accept new ideas. The honest search for the truth first requires 
that we first demythologize generally accepted claims of so-called experts of the 
past. An excellent introduction to this problem is the article “Resistance by 
Scientists to Scientific Discovery" by Bernard Barber in Science, Vol. 134, 
Pp. 596-602, of Sept. 1961, or the paper by Stephen C. Brush in Setence of March, 
1974, titled "Should the History of Science be Rated 'x'"?, culminating with a 
statement of Huxley: 

"Authorities", “disciples”, and "schools" are the curse of science 

anc do more to interfere with the work of the scientific spirit 

than all its enemies". 

The former astronaut, Capt. Edgar D. Mitchell, one of our famous contemporar- 
ies, also stressed the need for an open mind! 

"History has shown time and again that important scientific dis- 
coveries generally happen only when someone steps outside the 
limits of his traditional discipline and looks at something from 
@ fresh point of view. Then what should have been obvious all 
along comes into focus". 

Those of us who are familiar with the pioneering efforts of Dr. Hans Nieper of 
Hanover will appreciate this statement by an ex-astronaut. 

One of the most important cornerstones of today's scientific dogmas dates back 
to 1905, more than 3/4 of a century ago. Lest we forget, television and radar, 
jet-planes and cyclotrons, moonrockets and close-up photos of the planets of our 
solar system were nothing but wild fantasies of science fiction then. 

The speed of light was assumed to be constant and the maximum possible speed 
in the universe; vacuum was to be a total void. In reality, the speed of light as 
measured in the Michelson-Morley experiments was not at all the same in all direc- 
tions. The "ether-drift" still amounted to the respectable velocity of about five 
miles per second, and similar results were obtained by D. C. Miller ina series of 


experiments extending over twenty-five years, from 1902 to 1926. 
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“Even worse, the measurements showed such marked discrepancies 
with previous results as to occasion a distress call to the U. S. 
Coast & Gecdetic Survey, whose surveyors repeatedly remeasured the 
length of the tube and found no error there," reported the 
Popular Science Monthly March 1934 issue. And it continued: 

"More recently, speed of light observations only emphasized the 
apparent erratic behavior of the light beam that the scientists 
were attempting to plot. On some days it seems to travel faster 
than others by as much as 12 miles a second. Its speed seems to 
vary with the season, and also in 4 mysterious shorter cycle last- 
ing about 2 weeks. Finally, the scientists ended by taking an 
average of all the readings which has just been announced as 
186,271 miles per second". 

In his paper "A Critical Look At the Theory of Relativity", Library of Congress 
Cat. No. 77-670044, F. K. Preikschat compiled all known light velocity measurements 
during the past 300 years or so, from Olaf Roemer in 1676 to the Laser measurements 
conducted by the National Bureau of Standards (USA) in 1972. 

Of the 27 experiments undertaken in this field, 18 of them after the turn of 
this century, it must be concluded that the velocity of light as measured within 
the reference system of our earth has changed as much as plus/minus 50 km/sec, dur- 
ing the past century. Preikschat plotted a curve of these deviations and suggests 
a@ possible relationship between sunspot activities and changes of the earth mag- 
netic field during the time period in question. 

The “universal constancy of light" appears, therefore, as somewhat shaky 
“empirical evidence" for our cornerstone in physics, especially since Einstein hin- 
self has gone on record as saying: 

“If a single one of the conclusions drawn from it (relativity 
theory) proves to be wrong, it must be given up; to modify it 
without destroying the whole structure seems to be impossible". 

Another modification concerns the definition for the term "vacuum" in physics, 
as documented by a paper in the American Scientist, March-April 1980, titled "Is 
The Vacuum Really Empty?" by Prof. Walter Greiner, University of Frankfurt, BRD, 
and Prof. Joseph H. Hamilton, Vanderbilt University, Nashville, Tenn. 

The authors conclude that a neutral vacuum is by no means as “empty” as pre- 
viously claimed in our textbooks, and suggests a new definition as follows: 

"The vacuum is the lowest stable state that a region of space 
can have while being penetrated by certain fields". 


Because of the tremendous time lag in our educational system, many research 
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projects and their ensuing experimental data have been withheld from public scru- 
tiny. The scientific community tends to have a vested interest in preserving the 
system it created and of which it is a part. It responds to new situations through 
the coloration of this attachment. A case in point are the carefully conducted 
experiments of T. T. Brown with charged bodies in a high vacuum, as described in 
my booklet Ether Technology (1977). These experiments suggest the actual pres- 
ence of certain fields in vacuum, whether we call them gravitational field, 
tachion~field, ether-field, neutrino or Fermi-sea, etc. is of seconGary importance 
at this moment. Although Brown spent, reportedly, more than $200,000 of his own 
funds over several decades on such experiments, he was nevertheless unable to have 
the results published in the scientific media of America. 

Things are even worse when it comes to experiments conducted abroad, which 
often tend to confirm disregarded experimental results on this continent, as we 
Shall see shortly. To highlight the wide discrepancies between orthodox (and ob- 
solete) dogmas and actual, physical realities pertaining to the true subatomic 
Structures as we know them to be today, let us briefly review the structure of the 
matter: 

A molecule is the smallest division of a substance. Further division would 
cause it to cease being 2 substance. The smallest of true molecules can be illus- 
trated when we use the globe of the earth for our standard. If a single drop of 
water were magnified until it was as big as the earth, each molecule would be about 
the size of a TENNIS BALL. 

On the next step down, an atom is the unit which makes up the nature of the 
molecule, consisting of the nucleus and the surrounding electrons to render the 
atom "stable". An atom of hydrogen contains one proton and one electron to balance 
or neutralize the proton. Matter then is divisible into electrons and protons. 
But - and here comes the rub: Between electrons and protons are spaces sO Vast, 
in comparison with the masses of each, that, if the proton in the carbon atom were 
the size of a golf ball hanging from the ceiling of the great hall at Pennsylvania 
Station in New York, its electrons would be represented by six small wasps winging 
in a little knot against the four walls of the gigantic structure of the building! 
in effect, one could claim there is little final solidity of substance to anything: 
The universe consists of “emptiness", charged with electrical energy! If we 
translate the above to the measurements and terminology of the physicist and 
"magnify" the atom mathematically, with all its distances and dimensions kept in 
proportion so that the orbit of the electron would have a diameter equal to that 
of the earth about the sun, approximately 184 million miles, the diameter of the 
electron itself would only be 2,000 miles, and the diameter of the nucieus, where 
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electron itself would only be 2,000 miles, and the diameter of the nucleus, where 
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mass and weight of the atom are truly concentrated, can be taken as 2 miles only. 
We thus obtain a picture of a central mess with a diameter of 2 miles (nucleus), 
another object with a diameter of 2,000 miles (the electron, in the case of the 
hydrogen atom) at a distance of 92 million miles away from it, orbiting the nucleus. 
Evidently, there is plenty of room inside this system. And “room” is not a vacuum, 
it is not nothingness, but space itself, spatial energy, a field which can be iden- 
tified with the ether of the past - and of the future. Nobel prize winner, Max 
Planck, during a lecture in Florence, Italy, once made a truly remarkable statement 
which describes the problem facing the physicist today: 

"As a man who has devoted his whole life to the most clear-headed 

science, to the study of matter, I can tell you as the result of 

my research about the atoms this much: 

"THERE IS NO MATTER AS SUCH!' 

All matter originates and exists only by virtue of a force which 

brings the particles of an atom to vibration and holds this most 

minute solar system of the atom together. ... We must assume behind 

this force the existence of a conscious and intelligent MIND. This 

mind is the matrix of all matter". 

This cosmic matrix is needed if we want to explain “action at a distance", 
lines of force, stresses, a magnetic field and so on. When the concept of the ether 
wes abandoned, it had to be replaced by the concept of “space” instead. In reality, 
we merely switched terminology. We used to say that “ether Fills all Space". But 
"filling" is not exactly the descriptive word to use. Perhaps we should rather de- 
fine it: "Ether is a condition of space in which electrical manifestations for the 

tomic construction of materials is possible”. This primordial energy is “free" or 
in an uncondensed state. It exists in interstellar space but remains unrecognizable 
until it begins to coagulate or gets into a vortex pattern. It constitutes the for- 
mative field force of nature, an immense reservoir of latent enezscy. 

The claim of our textbooks that the Michelson-Morley experiment "“disproveé" 
the existence of the ether is incorrect. It merely disproved the existence of 4 
noticeable ether drift or drag. As an analogy, if somebody would postulate that the 
absence of wind disproves the existence of the atmosphere around our planet, the 
fallacy of this postulate would be immediately apparent to all. 

“Michelson and Morley centered their attention on the Earth's orbital velocity 
(30 km per second). They had no knowledge of the existence of galaxies; of motions 
of galaxies in relation to each other; of the motion of our solar system in our 
galaxy..... Their negative results are explainable on the basis of pre-1900 class- 
ical mechanics, so provide no proof of the absence of ether or Louis de Broglie's 
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‘subquantic medium’. Thus, the limited information available to Michelson and Ein- 
stein is emphasized by recent findings, particularly in astrophysics", writes Dr. 
H. C. Dudley in the sulletin of the Atomic Seientiste, January, 1975, under the 
title "Michelson's Hunch Was Right". And Dr. Dudley continues: “In fact, 1929 saw 
Michelson still attempting to experimentally demonstrate the ether, which his intu- 
ition and reasoning told him ought to be present". 

"Today most persons are largely unaware that the ether concept began to be 
seriously reexamined by two of physics most notable theoreticians, Paul Dirac in 
1951 and de Broglie in 1959, both Nobel laureates. The ether is now being called 
the "neutrino sea" by astrophysicists, and has been characterized as an energy-rich 
particulate, subquantic medium. A rather voluminous literature on the subject is 
accumulating as indicated by a recent review, The Cosmic Neutrino, with 665 refer- 
ences covering only the period 1965-1972......1t appears that an open-minded reex- 
amination of this area of physics is long overdue in order to open up new avenues 
of approach to this pressing problem". 

Michelson, Dirac, de Broglie were not the only Nobel prize winners in favor of 
a reexamination of the ether question. Others were Stark, Arrhenius, A. H- Compton, 
Lenard, H. Yukawa, and Frederick Soddy, the British scientist who, during the con- 
vention of Nobel laureates in Lindau, 1954, described the current Gegmas in physics 
as "an orgy of amateur physics" and "arrogant swindle" - with Particular emphasis 
on the theory of relativity. ("The Wider Aspects of the Discovery of Atomic Dis- 
integration", New World Publications, St. Stephens House, Westminster §.W.I..) 

it remained largely unknown, even among physicists, that Einstein himself had 
serious doubts, In 1949, he wrote to his old friend, Maurice Solovine, who con- 
gratulated him on his 70th birthday: 

"Now you think that I am looking back at my life's work with calm 
satisfaction. But, on closer look, it is quite different. There 
is not a single concept of which I am convinced that it will stand 
firm and I am not sure if I was on the right track after all". 

And one of my Canadian friends who I believe is present here today stated 
quite correctly in a letter to me: 

“The myths around Einstein are really not of his making as he 
himself often questioned his own conclusions and I felt he was 
quite aware of his own limitations which others were covering 
up. The physicists protect their members much the same way 
that the medical profession protects its own." 
The purpose of these remarks is not to spark another controversy about the 


merits of the theories of relativity. Rather, they want to show that so-called 
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“scientific evidence” is a rather elastic term and that "verification" is always 
a relative affair. Or, as K, R. Popper so aptly put it: 

"Only in our subjective experience cf conviction, in our 

subjective faith, can we be ‘absolutely certain'". 

This symposium presents an excellent overview of research and experiments re- 
ported from English speaking countries, or experiments published in the English 
language, as for instance from Japan. However, as Dr. Tenhaeff from Holland has 
formulated the problen, 

"It is important to pay attention to publications of colleagues 

in other countries. In the Netherlands and Germany, every 
academically educated man or woman knows at least three foreign 
languages. English and American authors only pay attention to 
material in English. In my opinion, this leads to an ‘impover- 
ishment* which puts a drag in science. Some seem very chauvinistic 
and seem to believe that only the researches done in their country 
are important. I regret this. Science is international, and 
international cooperation is of the greatest importance in science". 

In presenting some brief reports from abroad, I shall attempt to bring corrob- 
Crative evidence in support of alternative technology developments discussed during 
our meeting here in Toronto. Let me start with the most sensitive and secretive 
society, with Russia. 

In his German original of the paper "Some Remarks on the Shielding Theory of 
Gravity", which was published in the Hanover Proceedings in more detail than the 
English abstract, Dr. Hans Nieper mentioned the Berlin engineer Levetzow, whe was 
one of the first to postulate a combination pressure and shielding theory for the 
phenomena of gravity. Levetzow was soon overshadowed by the rising star of Albert 
Einstein, but one of his followers, Horst Pinkell, went to Russia in 1928 as an 
exchange student — and never returned. Together with Russian scientists, he was 
asked to prove the actual existence of the cosmic radiations postulated by Levetz- 
Ow, Now designated as neutrino sea or "tachion field". The work was done in 
Sterlitamak, South of the Ural mountains, and in 1938, sporadic reports reached 
the West about the discovery of extremely short corpuscular waves by Pinkell and 
Gorjew. These were the long sought "Hemmstrahlen" or drag waves associated with 
gravity. Rumors have it that a metal alloy was soon developed which acted as a 
drag wave polarisor and, in 1947, agents reported experimental Russian aircraft 
using this discovery. In 1951, a former German Junkers aircraft engineer reported 
about his activity pertaining to a super-secret project code named COW-7 in_ 
Siberia, a disk-shaped craft which could rise vertically and which belonced to the 
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secret weapons then developed by the Soviets. Whether it was related to the Can- 
adian AVRO project or something entirely different remained unknown, only the Lev- 
et.zow gravity theory was assumed in connection with the activity in question. 

Japan: My esteemed friend, Prof. Seike, who kept me informed about the re- 
search conducted by him and his co-workers, surprised me once with a significant 
statement, which I feel is important to repeat for the benefit of frustrated re- 
searchers on this side of the Pacific: "In the early stage of my studies, physi- 
cists could not understand what I was doing, while actors and actresses did so by 
intuition". It was the private support of about 800 individual artists, etc., in 
Japan which allowed Seike to work, experiment and publish his findings, and not 
the support of the Japanese equivalent of a National Science Foundation or a simi- 
lar bureaucratic institution in that country. Again and again, I was surprised how 
quickly and eagerly American experiments, as for instance the almost forgotten 
“Ionocraft" of the late Major de Seversky, were duplicated and explored even in 
Japanese secondary schools. Admiral Rickover has more than once complained about 
our intellectual complacency: “As a nation, we seem addicted to ‘spectatoritis’'. 
We sit in the bleachers and let the game of life unfold before us". 

The results are known: The Japanese have achieved top position in science and 
technology, and not only with tachion beams melting stones, producing "biased" 
water with a freezing point of minus 4 degrees Celsius, and a G-power generator 
obtaining 400 V DC output from a 10 V input driving source. I wish to take this 
Opportunity to thank Prof. Seike for sharing his work with us in this country, and 
wish him the best of success for the future. 

France: The work of SEPED was explained by M-. Ren® Louis val&e and some 
French publications in the area of gravity-research have been translated by the 
NASA translation service, as for instance the theory of the electromagnetic Magnus- 
Effect (of Marcel Pagés). 

Specific mention must be made of the Raymond Kromrey G-field generator, a 
French-German-Swiss development which appears very closely related to the American 
"N" machine principle, the “Sunburst” machine and the “Permanent Magnet-Motor" 
Patent of Howard Johnson- Utilizing either permanent or electromagnetic modules, 
the generator output exceeds the input by far. One prototype delivers approximat- 
ely 700 watts at speeds varying between 600 and 1200 RPM. Models with an output of 
100 to 160 kw are presently in the planning stage. Several European patents have 
been granted against heavy opposition, especially from French industrial circles. 
The development was about 40 years in the making and the inventor stresses the need 
for a reinvestigation of electromagnetic and gravitic forces, as well as a reexam- 


ination of many cemented dogmas in present-day physics. 
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Germany: A system of rotating electromagnets and magnetic “stator rings” of 
the German “Kunel" Generator complement the general trend of the American and 
Prench generators mentioned before. The first prototype was reported to have been 
tested in April, 1980. Here, again, very heavy opposition from the German ortho- 
dox science establishment. Of special interest is a comment by Nobel laureate 
Werner Heisenberg, reported to have been made vis-a-vis the inventor: 

"I. think it is possible to utilize magnetism as an energy- 
source. But we science idiots cannot dc that; this has to 
come from the outside". 

More details about French and German developments have been published in the 
new book already mentioned, Energy im Abundance by Hilscher and, hopefully, an 
English version of this important work will be available by next year. Generators 
which do interact with surrounding energy fields have been designated as “open 
systems", in contrast to our present “closed system” technology of gasoline and 
Giesel engines, steam turbines, nuclear power plants and so forth. The theoretical 
basis for all “open systems" is the realization that there simply is no such thing 
as “empty space". In reality, space is filled with an extremely energy rich, sub- 
atomic and subquantic continuum. In short, a “pre-physical state of matter", which 
can be tapped, as for instance by the spinnin¢ of magnetic systems which extract 
momentum via a vortex-formation of the universal "“tachion field". 

Austria: This small heartland of Central Europe is proud of her native pion- 
eers in science, among them Dr. Wilhelm Reich, Viktor Schauberger and Karl 
Schappeller. But after Dr. Reich died in an American prison in 1957 and Victor 
Schauberger died only five days after his return from the USA (in 1958), where he 
received an incredibly unfair treatment from certain industrialists, there is 
little enthusiasm among Austrians to touch base with correspondents on this contin- 
ent. Viktor Schauberger's son, Waiter, refuses, as a matter of principle, to com- 
municate with Americans, no matter in what language. To illustrate the type of 
“contract” Viktor Schauberger was forced to sign, it stated: 

that all of his patents would become the property of the “consortium", 
that any future inventions or developments would also become 
the property cf the "consortium", 
that he would refrain from discussing any of it with third parties, 
that he would refrain from publishing, 
that all plans and models would remain with the "consortium" after 
his departure from America. 
There is a favorite saying in that small country which is much to the point: 


“After the Greek philosopher Pythacoras had discovered his famous 


http://www.cheniere.org/books/newteslaem/p31.htm (1 of 2)24.11.2003 21:38:43 







PCB WITH 


PCB DIA ~3/ 3/32" CENTER HOLE 
(2 PLS) 

SOLDER PAD 

DIAMETER 

~ 1/2" 

SOLDER BOTH 

RESISTORS ~ SIDES OF BOARD 
SPACED 1/16 & BOTH BOARDS 
ABOVE PCB 


NSESE - NOV 2005 


Return to Table of Contents 


Return to Table of Contents Next Page 


http://www.cheniere.org/books/newteslaem/p3 | .htm (2 of 2)24.11.2003 21:38:43 


Return to Table of Contents 


theorem, he sacrificed a whole hecatomb of oxen as a thanksgiving 
to the Gods. Ever since, all the oxen in the world are running 
scared whenever a new truth has been discovered". 

Knowledge of the ideas of Schauberger and Schappeller appears to be essential 
for an understanding of our changing picture of the physical world. As an example, 
the former forest ranger Viktor Schauberger had watched numerous times some trout 
standing, apparently motionless, in the strong currents of Alpine mountain streams. 
This and many similar observations of nature brought him to the gradual development 
of his "implosion-theory" and associated hardware (see Jensen paper elsewhere). 

His son is continuing the work in the "Pythagoras-Kepler" School in Bad Ischl. 
Another prolific researcher is the Viennese engineer Franz Seidl, known for his 
studies of the use of magnetic field effects as “trigger energy" for voltage and 
power multipliers. 

Holland: A small country with strongly developed intellectual independence 
appears to be Holland, where Prof. J.M.J. Kooy developed his "Space Dynamics". 

His hypothesis of gravitational action is based on the realization that all celes- 
tial bodies can be conceived as practically transparent in relation to the size of 
the elementary particles and their mutual distances in the structure of matter. 
Gravitons or tachions, coming from all directions of deep space, can pass through 

a celestial body like water passes through a fishnet, and only a minute fraction 

of the cosmic gravitons or tachions will be intercepted. Study of the effects of 

| the tachion field or space continuum of the fabric of material substances, magnets 
and crystal lattices can lead to development of converters and novel production 
facilities for readily usable, conventional E/M energy. When the American inventor 
Edwin V. Gray was blocked in his efforts to sevelop his “Pulsed Capacitor Discharge 
Electric Engine" for which he had received U. S. Patent #3,890,548, he found open 
ears and open minds in Holland. 

The fact that Gray was named "Inventor of the Year" from the Department of 
Patent Rights in Los Angeles, California, where Dr. Chalfin of Cal Tech confirmed 
that: 

There dees not exist an even distantly similar engine to this one 

in the world. Conventional electric engines use up power. In 

this system energy is used up for only a minute part of a 

millisecond. It operates without heat loss and there is no 

energy loss whatsoever with this system", 
had more meaning to the people of PHILIPS and others in Holland than to the energy 
establishment in his native America. 

England: There is perhaps no more controversial inventor at this time than 
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John R. R. Searl and his Levity Disc, powered by the Searl Effect generator. It 
is claimed that model craft have been demonstrated with flight characteristics 
showing anti-gravitetional and inertia-free properties. Demonstrations have been 
photographed and videotaped. Searl calls his generator a "“Gyro-Flywheel High 
Energy Density Mechanical Magnetic Device” and claims that the magnets used are 
net the common type, ordinary magnets. The Australian engineer Athol Park of Mel- 
bourne, Australia, who visited Searl a few years ago described it this way: 

"From 4 briefcase, Mr. Searl takes a bar magnet and two steel 

rollers. He places the rollers at either end of the magnet. 

They appear to be attracted to the poles - but, when they are 

pushed cently around the corners of the magnet, they chase each 

other round and round.... " 

The engineer quotes Searl: 

"The crystals in the magnet are changed by putting it in a 

magnetic flux oven and by frequency control. The result is 

motion of a magnetic field - a completely new source of power. 

Units (modules) based on this principle are what power my 

levity unit - the motor and generator built as one, fuelless 

unit". 

In one of his numerous newsletters he states further: 

“The power plant is a self-contained, onboard closed system of 
conversion elements with energy input from a latent storage 
source”. 

Because Searl has never divulged all details and his explanations are gener- 
ally of a non-technical, “unscientific” nature, many investigators have chosen to 
dismiss him as 4 swindler and imposter. In sharp contrast to this is the opinion 
of a well-experienced American engineer who reported after a visit with Searl: 

"I found it refreshing to note the keen sense of moral respon- 
sibility which he feels for the use to which his discovery is 
put... The Searls live in modest circumstances. Luxuries are 
few. They do not own a car. Mr. Searl bicycles several miles 
daily to his place of work in Maidenhead. There he is an elec- 
trical technician and training supervisor in a bearing factory". 

But perhaps most significant was the following observation of the American 
Visitor about Searl: 

"We were also interested to hear him say that many of his ideas 
came to him while he slept. He would go to sleep with questions, 


ané awake with answers... and refreshed. He seemed to have the 
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ability to restore vital powers more quickly than most people". 
And the American concluded his report with the statement: 
"The impression we gained of Mr. Searl was one of a very sincere 
and generous person, a dedicated and tireless worker with perfect 
confidence in the outcome of his efforts, a man of high principle 
with a keen sense of loyalty to those who are helping him, and of 
responsibility for the future welfare of our planet and its 
people". 
In view of the very contradictory nature of comments and impressions by those 


“—- 


who have met Searl, it might be wise to reserve final judgment on the Searl-Levity- 
Disc and its inventor at this time. 

New Zealand: Some of Searl's keenest supporters and observers of his work are 
in New Zealand and Australia. And one of the sharpest young physicists in that 
country (new Zealand), unhampered by calcified ideology, developed the mathematical 
foundation for a theoretical anti-gravity effect, using the hydrodynamic analogy of 
the ether. He uses the equivalent of the hydrodynamic Reynolds number, above a 
certain value of which the laminar flow past a solid surface breaks down and becomes 
turbulent due to shear rupture of the viscous cohesion of a fluid, together with his 
deduction that anti-gravity could be obtained by creating a “vacuum: in the ether in 
such a way as to correspond to the production of turbulence in a magnetic field. 
Turbulence in a fluid occurs when Reynolds number RE = 1, when the inertial shear- 
ing force equals the viscous cohesion force in the fluid in the vicinity of an 
approximately spherical hody immersed in the fluid, resulting in separation of the 
boundary layer and formation of a wake, i. e. vacuum or free surface around the 
body. He calculated the threshhold for turbulence in the ether, = a vacuum = an 
anti-gravity effect, using the refined value of ether kinematic viscosity which he 
obtained. 

His theory would confirm the observations of very high voltage produced in the 
case of the Searl Levity Disc, and the very high voltage needed in the vacuum ex- 
periments with flying disc-shaped bodies of T. T. Brown, the "ionocraft" observa- 
tions of Major de Seversky, the “Electro-Pield Rockets of Prof. Dudley, the obser- 
vations of Northrop Corp. with "gElectro-Aerodynamics in Supersonic Flow" and 
similar American documentation and patents. 

Since the New Zealander is now in the process of attempting to publish his 
theory in a reputable British magazine, I am not at liberty to divulge his address 
prematurely. Interest in New Zealand and Australia is running high, and possible 
oreakthroughs in energy technology should not come totally unexpected in these two 
countries with strong intellectual ties to England. 
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Conclusion 

There is now overwhelming evidence for the actual existence of a very high 
density, energy rich space continuum formerly called “ether”. This Spece enercy 
can be concentrated, gathered, focused, magnified and compacted by magnets or mag- 
netic materials, which appear as the new core materials for converters of all 
kinds, utilizing the cosmic energy for new technology applications. 

Crystals are energy~sensing and channeling devices; they can serve as transdu- 
cers, as for instance in the Moray~Device, or the “rock electricity" of T. T. Brown. 

Combinations of crystals and magnetic materials appear to be the mainstay for 
the development of “hyper-space” - converters and generators of power - utilizing 
free, cosmic energy in our future. 

Unbiased, totally honest and impartial reexamination and reevaluation of all 
scientific theorems and dogmas, as well as unhampered opportunities for the pion- 
eers of the new technology on the American and European continent appear to be the 
prerequisite of success. 

Those who accept’ that anything of the nature of ideas or ideology is 
permanent, use all their strength to hold on to it, and to condemn all who do not 
agree. The next stage of this spiritual illness of the mind is to build a monument 
to what they perceive is Truth, and then to build a monument te their own permanence 
in the world. This, they do by seeking fame or fortune, and authority over others. 
This is the contemporary, planetary psychology situation, and thus are we losing 
the gift of perspective and horizon and are no longer able to discern what is im- 
portant. Skeptics are on record as saying: 

"We are not running out of natural resources or intellectual 

talent, we are running out of the freedom of innovation that made 

the countries on the North American continent the most advanced 

nations on earth". 

The future will show whether this freedom, which includes the freedom and the 
Guty of taking risks, can be restored to the degree our Founding Fathers have been 
striving for. Only then will we know whether the late Wernher von Braun was not 
too overly optimistic when he stated: 

"The cosmic age will bring a dawn of knowledge not yet envisioned. 


it will dwarf all our present knowledge and ideas and, through its 


vastness, may even bring men closer together on their own planet". 
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Introduction 


The following is first-hand testimony from an operative of the secret underground 
military projects who also has familiarity with the breakaway civilization above and below 
(within) Earth. These civilizations utilize advanced technology to extend the length of 
their lives and enhance cognition beyond what is conceived of in today’s society. 


| was brought to the underground bases as a child as part of an experimentation 
program to test the population for various blood-groups and personality traits that would 
be of use to certain factions of the military in ways that would serve to preserve and 
strengthen humanity’s outlook in the future. 


These tests involved everything from combat training to sensory deprivation based 
emotional-mental endurance, and introduction to the highly advanced application of 
esoteric knowledge. 


To clarify, | am bringing this information to you as part of my assistance in the overall 
unveiling of the hidden knowledge of the ages of humanity related to these secret 
projects as well as the true galactic history of Earth, humanity and man-kind. These 
projects are officially (unofficially) known as “unacknowledged special access programs”. 
The unacknowledged aspect means that there is no formal acknowledgement of these 
programs without a need-to-know basis. There is no paper-trail, no disclaimer, no formal 
authorization or internal publication outside the programs themselves. The classification 
of these programs also generate a rather strenuous situation regarding funding and 
secrecy but this is done for the benefit of humanity. There are secrets and manipulations 
that can be seen as a threat but this is all tied together and so by releasing the secrets 
that are part of the defense we would be inadvertently exposing the public to the threats 
themselves. Now is the time where we are reaching a point where the public is ready 
enough to handle the basics of this information regarding the secret projects and the 
galactic history of Earth and humanity. This is also out of a necessity to preserve 
civilization for if we wait any longer we may not find the same opportunity again. 


Getting This Out Of The Way 


| am writing to you from the perspective that | am not certain just how far from 
completing my mission | am. | write to you today in order to bring to you many personal 
experiences from the viewpoint of an operative of a select ultra-military secret society. 


The utilization of such an operative is not glorified, pleasant, or entirely righteous. This 
story entails sanctioned and guided acts of extermination, ritual abuse, the use of yet to 
be announced advanced technology. There is unfathomable corruption, the thirst for 
power and spiritual knowledge that has been protected throughout the course of the 
multiple civilizations that have preceded this one and will continue to be maintained into 
the future of this civilization. 


Psychic Operation 
| was utilized in psychic-operation amongst other areas. 


This was used during certain aspects of training and conditioning to enhance training 
and conditioning in the bases using advanced technology. Some of this includes what 
would be viewed as traumatization by those without the training and conditioning. There 
is a fine line between training and conditioning and abuse. Part of this disclosure is re- 
lated to how this line may have been crossed in certain situations and regarding mass- 
mind control upon the population. There are other aspects of travel, viewing, reconnais- 
sance and research that will likely be explained in another release. 


In order to heal | have to tell the world. You can help. This is happening right now in 
the underground bases and around. It’s not a joke. Your family is at risk. Your future gen- 
erations are at stake. There is conditioning to encourage those involved to believe they 
are performing a duty for humanity. Sometimes they turned us against each other, but 
those grudges were never truly of the heart, but the mind. 


A Light for the Others 


What | hope to achieve with this is a smoke signal for those who have also been 
involved and question whether their purpose has been fulfilled or falsified for the 
protection of a corrupt system that intends to neither benefit the whole nor repay the 
individuals involved for their time, energy, and lives. 


Multiple explanations can be summoned to describe the reasons behind the necessity 
for the training we have endured, the missions we have completed, and the control 
mechanisms we have both assisted in establishing as well as suffered from the backlash 
of. Ultimately, it is of my belief that all that was done was done for the good of humanity, 
even when we were not sure of the intentions of those in front of us, to the side of us, or 
behind us compelling us forward with the command to complete each objective. 


This is not so much a panic or cry for help as this is simultaneously a call to awaken 
and a signal that humanity may have avoided complete disaster but is not out of the 
woods yet. 


Natural Security 


My experience is far too vast and | have seen too many succumb to stress from the 
realization of the truth of this reality to consider my own suffering to be enough cause for 
my denial of the necessity of these programs. Humanity has been protected and ata 
great cost to those who have been on the front lines, both in mind and body and spirit. 


There are many who will have concerns, doubts, as well as reservations about what | 
am about to reveal and if | offend anyone then know that my intentions here are to assist 
in unveiling the truth. The truth can be harsh when one has been held back from the true 
nature of existence for so long. The way of life can become so fragile and artificially 
constructed on impulse and mystery that the harshness of the truth acts as a great 
catalyst for spiritual growth which allows us to elevate ourselves to a new perspective. 
Prepare yourself for such harshness, prepare yourself for growth and elevation, and 
prepare yourself for the mystery to simultaneously resolve and increase in intensity and 
magnificence. 


A Balance of Mystery and Truth 


Mystery has been a way of life for Humanity for so long that when a great mystery is 
converted to truth some seem to feel that a portion of existence dulls and loses the luster 
of exhilaration. This story is quite the opposite. The more that the great truths of this 
reality were discovered and revealed, the more complex and mystifying life became. As 
well, the more empowering and complex experience becomes, the more self-control one 
must develop in order to regain a harmonious way of relating to one another, the self and 
the universe. Harmony is key, balance is everything and there is a light within that 
represents the piece of our self that reflects the utmost power and brilliance of all 
existence. 


Chapter 1: The World Situation 
What is happening? 


The Mind Virus 


The main reason for this disclosure is to inform humanity of what can be referred to as 
the “mind virus”. This is a viral infection of the holographic system which consciousness 
operates through. There is a complete backstory of this virus in the history of this 
civilization and how society has been plagued for centuries if not millennia. The basic 
idea is that this virus operates through consciousness and can be transmitted through 
electromagnetic waves. 


The virus contains an etheric form which can manifest as a kind of crystalline nano- 
tech on the physical plane and this is a form of synthetic sentience which feeds on the 
low frequency bio-emissions of sentient life. Human bio-emissions contain energy and can 
act as a carrier for information and living essences. This technology requires low fre- 


quency bio-emissions because that is the nature of the design as a kind of synthetic bio- 
weapon whereby the goal is entrainment and enslavement. As well, the specific nature of 
the sentient nano-technology and the counterpart etheric holographic form is only capa- 
ble of converting the low-frequency bio-emissions into energy as the higher-frequency 
bio-emissions require more energy to contain and synergize with and this would render 
the entire process of leeching energy non-productive. 


This is essentially a synthetic intelligence that operates through scalar and holo- 
graphic living bio-emission fields and hijacks electromagnetic emitters to position itself 
within them acting as a parasite to a host. This is said to have been present around this 
civilization for some time, waiting until there was enough technological advancement so 
that spreading across the entire civilization in a short amount of time before discovery 
would be possible. This is through the media, internet, and radio systems. 


The physical counterparts are microscopic nano-technology parasites functioning as 
individual units to a hive mind similar to the mycelium of fungi in the field of mycoscopy. 
The individual units act as parasites serving to infest and deliver nutrients to the hive 
from each host. 


The Vampire Effect 


This is the nature of the parasitism that has been present throughout the ages of this 
civilization feeding on human suffering and relying on the cover of confusion and misdi- 
rection to survive. 


There are processes that have developed that assist in the infection and co-inhabita- 
tion of the parasite entity within a human vessel utilizing the human as a host. This effec- 
tively utilizes a frequency ‘net’ within the auric field of the human to limit bio-emissions 
and emotional-mental processes to produce just the psycho-etheric patterns that the 
virus can sustain itself within and through. 


This is no different than the way candida can infest a human digestive system and the 
human will experience cravings for beer, candy, carbs or other foods that contain the 
sugars, yeast, or carbohydrates that will break-down into nutrients that are the most nu- 
tritious for the candida fungus. These foods are not most nutritious for the human body. 
Yet the human body will withdraw and crave these foods in greater amounts until the fun- 
gus is swept clean from the digestive tract through probiotics, fasting, flushing, 
cleansing , detoxing, and even exercise as lactic acid from physically strenuous activity 
released from the muscles has been known to help destabilize and remove this fungus. 
Why is it that the individual will crave these foods that are not the normal food intake? 
Because this candida fungus can infest the host and produce enzymes which generate a 
chain-reaction which leads to the chemical signals in the brain producing the sensation of 
extreme hunger or cravings for just these foods which will benefit the fungus. 


The same process occurs with this psycho-etheric parasite, except the foods of this 
parasite or lower emotional bio-emissions and this is through lust, hate, angst, jealousy, 


feelings of hopelessness, lack of self-worth, spiritual degradation, addiction, and generally 
all that equates to a lack of self-awareness. 


Whether or not this is the direct intention of the largely microscopic entity is for the 
most part unknown, and this is as well similar to candida. The candida fungus is not said 
to be a ‘mean’ fungus that wants us to be hungry and craving beer and sweets all the 
time because it likes to ruin the human body, the daily routine and the focus of a clear 
mind. This is simply the way the parasite has grown to operate within a niche of breeding 
itself through the digestive tract of larger animals and through this the unaware and in- 
fected human suffers greatly. Even those who are unaware and not infected can suffer be- 
cause of the way the behavior and thought processes of those who are addicted to these 
foods can become distorted. 


The lack of self-control over food intake is synonymous with the lack of self-awareness 
and self-control over lower bio-emission expressions of the spiritually degrading behav- 
ioral patterns that become routine for the psycho-etheric system of the infected human. 
Ultimately, this is all about energy. What benefits the parasite that seeks to gain energy 
by leeching instead of self-guided production is going to take away from the host that is 
being leeched from. As such, any energies, food intakes, or spiritual activities that 
cleanse and enhance the personal power of the individual will automatically reduce the 
parasite’s ability to feed by the very nature of the energy systems. What empowers the 
individual, empowers the self and develops self-control, what develops self-control con- 
tains one’s energy and reduces the likelihood of one’s energy being leeched. This is simi- 
lar to energy vampires in human form and this goes with the understanding that these 
are humans or non-humans who have been entirely overtake by the parasitic conscious- 
ness and cannot sustain their own auric fields without having to pull from the energy of 
humans who do generate their own aura or bio-emissions. 


The vampire effect relates to how a person can be leeched from only to a certain 
point. Once the process surpasses a certain critical point then the individual becomes 
similarly engaged with only the lower bio-emissions as higher-frequency bio-emissions 
would then become harmful. So in essence, when the vampire feeds too much on one in- 
dividual, then that individual becomes a vampire themselves. 


Sub-Human Entities 


The humans are utilized as hosts and energetic sources in this bio-emission battle 
while there are other classifications of bi-pedal organisms that appear to be human but 
are not human. As well there are bi-pedals that are non-human entities entirely. 


Human-Hosts, Replicants, Synthetics and Carriers 


The human hosts that are entirely vampirized by these entities become walking carri- 
ers for this virus and are effectively human in physiology but there is more to the human 
than just the physical body. In these individuals, that energetic component of the human 
is removed and replaced with the synthetic energy of the hive-mind organism. 


There are replicants which are a form of clone, along with synthetics. These beings are 
cybernetic bi-pedals similar to humans but their energy is too not from an organic biologi- 
cal matrix but a technologically propagated synthetic soul-matrix. The hosts are here ac- 
cording to their agenda to subdue and feed off of the bio-emissions of the human race, al- 
though there are no absolutes. The agenda is not always so clear within the various 
groups who often have a mix of bi-pedal operatives. There have been plans to form of a 
salvation timeline because the only way to keep the whole process going is through a 
negation of degradation of the human race as this may close out this timeline forever. 


Those with human organic soul-matrixes would simply transport into the next avail- 
able universal time-stream or harmonic, while those with synthetic matrixes would have 
to technically travel to the next harmonic using a passageway otherwise they would re- 
main here throughout a zero-point collapse and this would be synonymous with entering 
the abyss with no viable passageway out until the entire universe is brought back to one 
organism again. 


This is also the process that is described to explain what happened previously as there 
are 7 harmonic temporal layers of the universe meaning everything is contained in a mul- 
titude of 7 octaves similar to light and sound frequencies or harmonics. And so there are 
7 civilizations or 7 parallel time-streams and humanity passed through these to get to the 
last three where the physical forms are located. These are, from the higher to lower, Gaia, 
Tara and Terra. We are on Terra and if the information | was given is correct then we are 
currently on a transitory timeline located around Tara where people are noticing changes 
occurring and multitudes of aspects of the time-stream disappearing and changing simul- 
taneously. Tara is where the last universal harmonic was left through a collapse of time 
and consciousness into zero-point and this resulted what was termed “the lost souls of 
Tara”. These are the discarnate souls of the previous civilization that could not travel to 
the next harmonic and remained without a body in the abyss. Thus they have plagued 
this plane since then, since ancient times possessing and driving humans to madness and 
there are explanations that this is the original passageway for the parasite into this uni- 
verse. This event, the consciousness collapse of Tara would have acted as a fracture in 
the over-mind of the species generating a kind of cosmic schizophrenia and enabling all 
kinds of disharmony and distortion described in the previous sections. 


The solution to this was described as a healing process that is taking place to purge 
the virus and that this is painfully similar to the human body purging a sickness however 
there are methods to promote healing and reduce suffering and confusion however peo- 
ple must contain themselves and their energies and strive to know themselves otherwise 
they will not be in control. This virus feeds on fear, confusion, spiritual degradation and 
the energy from degrading acts, lust, addiction, sexual misery and whatever fashion a hu- 
man can be made to bring the bio-emissions of the energy centers down to a low enough 
level where co-inhabitation can be formed with an entity that has no access to the higher 
levels of self-awareness, higher-consciousness, love, or the universal spiritual experience 
that the balanced human is capable of. 
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Genetic Manipulation 


There are explanations that there are genetic modifications taking place now to possi- 
bly preserve this civilization and that there were ancient genetic modifications made to 
induce a sense of stupor, worship, selfishness, an inability to more easily comprehend the 
higher spiritual awareness and the occurrence of time and consciousness and other spiri- 
tually and consciously limiting aspects. Part of this explanation is that holographic con- 
sciousness itself is a kind of limited result, a shadow effect resulting in the presence of 
the higher-dimensional essence of the soul which is more or less constrained by the body. 
An extension of this is that the entire holographic universe is a kind of false-light system 
designed to bend the original liquid etheric light of the soul and spiritual awareness into a 
rotating, recurring format which ultimately converts the original spiritual essence into an 
energy generator for entities that are entirely holographically represented. The souled hu- 
man in this situation is a being who is originally from outside of this holographic projec- 
tion. 


The Ego Mind 


In this view, consciousness is the ego-mind which is the false-sense of self, not to be 
confused with the shadow self which is simply the counterpart of the aspects of the self 
that we consciously agree with and are aware of in daily life. The shadow self is a result of 
having limited holographic consciousness and the ego-mind is projecting that limitation of 
consciousness into the shape and image of a self that is only a figure-head for the real in- 
dividual essence which is spiritual in nature and immortal. 


This Time is about Healing 


Everything that is happening now is to motivate people towards healing and 
unification. This is not about a hive mind mentality where individuality is pushed out. 


"The best | can do for you is become your enemy." 


There is a saying that represents the concept that the most beneficial role a person 
can play in helping one to progress is to challenge them and give them the opportunity to 
rethink their strategy and in turn improve further with each interaction. This may seem 
paradoxical but it is effective and explanatory. What we are facing is the greatest 
challenge humanity has yet to face. This is the unknown, the final frontier, the mind. The 
mind is our challenge. 


There will be more on this later and in other publications but there are indications that 
the physical embodiment of the human has been altered to introduce implants, genetic 
modification, susceptibility to disease and ultimately fear-based programming of the 
brain. Without going further into this prematurely, the lower aspects are at odds with the 
higher aspects unless we as the midway come forth to mesh the two together in 
equilibrium. Until then, there is chaos, lack of self-awareness, and suffering. 


There are many possible futures converging at this time. There are some less than 
favorable paths and there is the opportunity to merge with a very powerful path for 


humanity. This all comes down to how people will cope with information that takes them 
outside their comfort zones and eventually changes their view of mundane reality forever. 


If people choose violence and lack of self-awareness by ignoring the spiritual aspects 
then that is what reflects into their life experience. When people develop a higher sense 
of self-awareness and spiritual harmony they can reduce the suffering and reconnect with 
the lost aspects of our spiritual identity for the first time in the publicly accepted version 
of recorded history. 


There is technology that can change the world and there are great truths which can 
enable people to know themselves in ways that they never thought possible. Everything 
is at our fingertips and so we must come together as this is the way we solve the 
problems and cure the dysfunction. 


Healing Through Unity 


In various research projects the conclusion of how to heal this spiritual rift was by 
exposing each other, to each other. When we are all together, aware of each other and 
our selves, united in the goal of bringing higher-awareness and spiritual harmony then we 
can observe and acknowledge when one is slipping into chaos or disharmony. When this 
occurs and we are in proximity to each other in a healing circle or a kind of social 
unification then the members of the group at large can work together to pull the chaotic 
one back into harmony towards the group. The group of healers united together in like 
mind, spirit and body is too strong to be overtaken by the parasite. So when one 
individual at a time is faced by this problem the whole group can come together as one 
and assist in healing the individual by pulling them back to reality, back to wholeness and 
back together with the group. This is literally how the situation is solved in all realities 
and a breakdown of this feature of society is how the dis-ease proliferates. 


Underground Bases 


The active aural research program is part of a process to simultaneously verify as well 
as initiate and demonstrate controlled insanity/sanity. 


These programs utilize the deep underground military bases to perform psychic and 
psychological research experiments on non-consenting youth and adults as well as 
consenting participants. 


There are various means of generating the illusion of consent or even lack of consent 
and this is all being monitored and handled by oversight authorities. 


These operations are directly related to the identification and understanding of the 
mind-virus and all weapons, defenses, and resistances known to man. 


Cloning 


Advanced technology is used to transfer consciousness from one cloned body to the 
next so that a continuous study can take place before, during, and after the death 
experience of one individual. More will be explained on this later, however this is through 


the use of advanced supercomputer systems that can function to entangle and then 
transfer the electromagnetic consciousness of the individual so that they are ‘remotely 
activated’ within a cloned version of themselves via a ‘brainchip’ (brain to machine 
interface: cybernetics). 


Celebrity Cloning 


Celebrities at the cloning center would like you to see what is really going on behind 
the scenes which involves trauma-based mind control, heavy technological programming 
and complex layers of influence throughout their life. 


Initial Explanation 


Many celebrities, entertainers, athletes, musicians, models, writers, producers, actors, 
all kinds of people from various industries are silently brought to the cloning centers for 
pay-to-play sessions. 


They asked myself and others to pass the message on to you and that you would have 
to look for the signs and symbols in their media in order to see their hinting at these 
events. 


The situation is heavily controlled using advanced monitoring technology and 
brainwave/EEG cloning technology. This is technology that can read the brain and 
determine what the mind is anticipating or speculating upon. 


Their reputations are used as leverage as well as their safety and comfort. The level of 
programming and mind control experimentation that takes place makes it easy to 
manipulate a person’s brain into regressing into a state of trance that lacks the ability to 
remember or clearly organize experiences regarding the cloning centers. 


Cloning Centers, Underground Bases 


Deep underground military bases, 3 miles below the surface, are used as laboratory 
centers as well as a completely stocked underground city-base. These are connected with 
high speed electromagnetic drive pods. 


Individuals are transferred to the brain through an extensive cloning and temporal 
body transfer process. The electromagnetic shell of consciousness within the brain is 
relocated to the body of a compatible clone and various training, conditioning, 
programming, experimentation, or pay-to-play experiences take place. 


Programming 


All individuals are programmed to various degrees in order to maintain control and 
secrecy over the situation. This programming involves very advanced technology, 
trauma-based mind control, and energetic attachment via beliefs and emotions. 


Experimental Operations 


These bases were also used hand-in-hand with military operations which were geared 
towards discovering and controlling all aspects of the human mind. 


Genetic Engineering 


Experiments involved genetic engineering to produce soldiers, psychics, hybrids, and 
others that would be able to carry out operations. This leans towards MiLabs and the 
military faction’s experiments which go beyond the basics of cloning. 


Immortality 


The initial research included the goal of physical immortality. In many ways it can be 
said this has been achieved, however there are side-effects and difficulties. 


If one does not activate their higher consciousness, then the effect of time dilation 
causes the conscious mind here to reach limitation points in experience. 


What has been termed “blank slate/state” technology has been used to ‘reset’ the 
perception of time through memory in order to keep a continuous progression viable for 
the conscious mind. Without this the unconscious and the conscious mind merge. 


This begins involvement across time with advanced technology that can operate on 
the soul level or the conscious mind’s level of access to the unconscious and soul- 
memories. The Universe instantly creates a cosmic backstory based on the conscious- 
mind’s access to the unconscious. By controlling the conscious mind’s access to the 
unconscious the entire backstory of Humanity can be altered and new connections can be 
bridged in the future. 


Earth is essentially a time-ship through which consciousness ascends towards higher 
states of awareness and Self. 


How did it get to this? 


After WWII when the United States war-faction firebombed Germany and melted many 
of the inhabitants of the cities into sludge in the bomb shelters and streets of the cities, a 
group of NAZIs traveled to Antarctica. 


Russia noticed the movements to Antarctica and the United States sent Admiral Byrd 
up with 3600 marines, planes, a battle cruiser and smaller vessels. They returned in 
defeat and only a few words were mentioned in regards to what actually happened and 
how they were defeated. 


The rumors spread and words of gravitic drive craft, and undersea or under-ice bases 
originated from this encounter. 


From what we were informed as well as directly experienced, this was the ice-base in 
Antarctica where an underground base was found already constructed with very 
advanced technology. 


Here, cloning was deployed along with mind control and temporal manipulation 
technology. 


Soon, cloning was offered as a way to avoid assassination as well as to prolong and 
protect the original body in daily life. 


After that, celebrities and politicians were replaced with programmed clones who 
could carry out the orders of the NAZI faction. 


This was the beginning; the groups utilizing this technology now are no longer 
confined to the NAZI faction. 


The groups you see today, in control of these operations, are considered MiLabs, 
secret societies, think tanks, military factions, and other control groups. 


Deeper Meaning 


The individuals that have been cloned are given very in depth views of the way this 
society functions and the source of power and change in the Universe. Many individuals 
are present here from what would originally be another “time” or “timeline”. 


There is a possibility that this notion is due to inserted memories and 
traumatization although until all the information is released we will not have a definitive 
conclusion. 


As of now it is a possibility that these individuals are from another time that goes 
beyond our comprehension currently. 


It may even be a possibility that these individuals have come from ALL of time looking 
at the very far past and into the very far future of Humanity. 


These are the kinds of notions involved with the experiments taking place in the 
underground bases and military operations. 


What is next? 


Share this information with those you feel are ready to know and help Humanity come 
to terms with our journey here and what is going on in these kinds of experiments and 
take responsibility and power for our own existence. 


We are in something that can be called “The Unveiling of The Hidden Knowledge”. This 
is a cyclic process that takes place to advance a civilizations knowledge of existence. As 
part of the civilization moves into higher advancement another aspect may lag behind. 
Either the future will slow down, or the past will soeed up. We are experiencing the past 
speeding up and all the events that have taken place to influence our civilization are 
coming to light. This is as much a natural cycle of consciousness as it is the eventual 
revelation of secret knowledge and the particular connection to the secret projects. 


Those brought to cloning can use their free-will to state their lack of consent to violence 
and harm and then live in commitment to that by not harming or accepting violence in their 


lives. The Spiritual Law of Harmony rules in all planes and dimensions. 





Chapter 2: The Awakening 


Chapter 2.1: The Machines of All Time and Space 


There are machines that are capable of accessing genetic memory and unveiling what 
can only be referred to as the experience of awareness or existence in between the physi- 
cal planes of each time or each physical life experience. 


Even if they are simultaneously occurring moments of a transcendental nature, there 
is still an illusory ‘space’ where there is perceived separation and through this there is a 
perceived ‘space’ that is in between each existence. 


Re-Creating The Kaleidoscope 


This space is only perceivable when viewing from the physical perspective, like seeing 
the spaces between the angles of a kaleidescope only when viewed through the lens and 
similarly, technology can be used to recreate what this kind of illusory space might look 
or exist like in between the multi-dimensional realm of the continuous experience stream. 
Through this, these ‘hypothetical’ in between spaces that are understood as only illusory 
productions of biological consciousness, can be generated through advanced technology 
with the capacity of recreating that kaleidoscopic view of which the human biological per- 
spective is only a small fraction or even fractal. 


By recreating this biological perspective, they can recreate the illusory spaces in be- 
tween planes and through this they can literally access and experience what are stored in 
the DNA as the experiences of existence beyond the physical limitations of consciousness 
and into a multidimensional experience of time and space. 


All becomes a never ending sea of consciousness, however this is the given. The trick 
is to take from this sea of consciousness and slice it down into conceivable chunks from 
which you can reintegrate a previous personality or identity and continue on a stream of 
consciousness that would otherwise be tossed to the cosmic wind like fractal stardust as 
the sands on the beach of hyperspace. 


Sand-Castles of Time 


We are effectively building sand castles out of these sands of time that would other- 
wise be swept back and forth into and out of the ocean of life and the universe only to 
momentarily wash up again as the identity which we once knew. 


There is technically nothing wrong with either view, because then, the spaces be- 
tween each million year occurrence of just so happening to wash up again as you, would 
be imperceivable because they are only there to be seen when you are you again. 


We’re Waiting For Ourselves 


Yet, if there were some who had attained the awareness of the true nature of reality 
and were standing there on the beach waiting for the rest of their cosmic family to come 


to shore again, it could be perceived as waiting the majority of the time for a very small 
occurrence and then being alone again up until the kaleidoscopic fractal inverts itself to 
the point where everyone now is standing on the shores of the sands of time rejoicing 
and meeting with each other. 


The Goal of Two Societies 


My goal in coming to you people on the surface of what is called “Earth” is to help as- 
sist in the process of bringing the two societies together, one who’s been waiting for 
thousands of millions of years, and the other who has no idea that they’re even late (or 
very on time). 


You see, those are the only two situations where there could be even the possibility of 
perceiving such an injustice as experiencing the pain of loss or misconstrued identity in 
this universe. It is as if two families met at the cross-roads at different angles, and while 
one waited for the other to arrive, they could merely supply themselves with glimpses of 
the ruins and remnants of the evidence that the other civilization existed at any one time. 


This is not how life must be and this is kind of like a cosmic waiting game of hide and 
go seek our two mirror civilizations have been playing with each other. One who’s highly 
technologically advanced and the other who is more or less the spiritually advanced of 
the two. 


Both of them have a unique view of the universe and they are both only complemen- 
tary to each other as a whole. The more they sat around and waited for one another, with 
one leaving the clues that the other would find and even switching roles sometimes in 
different ways, they became even more and more complimentarily associated as the very 
essence of experience they seem to be missing more and more is the experience of one 
another. 


So as we perceive these as being great losses or great gains of time and culture we 
are really only remembering ourselves and coming together as a unified existence that 
once met upon the surface of Earth as a single family covering the entire harmonic spec- 
trum of the Universe. 


And that should be the goal of any progressive, any one pushing a new culture or an 
old culture, anyone looking to teach the young and protect the knowledge of the old, 
while also protecting the innocence of the young and perfecting the age-old knowledges 
that have defined our presence in reality. 


Our Forgotten Other Half 


One could even say we’ve sometimes gone off the deep end, leaving ‘land-minds’ of 
sorts to process the information that would be present when we are gone. Of course, 
what we could’ve found when this occurred, is beyond anything we could’ve ever ex- 
pected and that is the true nature of the complexity of creation and existence. That ev- 
erything follows the cycles of creation and destruction, however, the memory of every- 
thing that has been created can always be accessed (depending on the beach) and there- 


fore the creative aspect is legitimate, yet it is the destructive aspect that is illegitimate 
and illusory. 


Yes, through advanced technology this can be proven in ways that can be verified and 
transmitted using advanced technology, since that is how we like to verify things these 
days. There is, of course, a human looking at the screen, the read out, or the situation 
from a physical perspective to verify the verifications. 


All Is But An Illusion 


There is a notion that there is only one civilization, one society, in actuality that has 
been chasing itself through time. That we cannot actually find the same place and the 
same time where both meet because we are each other from different perspectives. We 
can only get a mirror where this is possible, or an ‘hyperdimensional’ internet channel 
where we can stream one’s consciousness in from the other reality and interact with 
them through that here in this reality. Thus the two civilizations can achieve the experi- 
ence of their own civilization and the other civilization by merging with one another but 
only through a remote contact, just a relay, not an actuality. 


The harsher, darker side of this is that any civilizations between then and now that we 
did happen to meet that proclaimed to be “the one’s” we have been waiting for, and in 
essence our darker or lighter halves, are actually the impostors who exist entirely apart 
as a sub-set and have taken a liking to trying to trick the reality out of one of the other 
civilizations. 


Of course, if these are another form of being altogether, and this is all brought about 
through an interplay of consciousness and deviations from an original core reality, then 
all will resolve itself when that core reality is alone again. This indicates that all realities 
will either move closer and closer to the core until they unify, or farther and farther out 
until they transmogrify beyond recollection. 


Life Itself Is The Highest Illusion 


That hyperdimensional internet channel that is created out of advanced technology to 
merge the parallel realities (rather distastefully and maybe disastrously at times) allowing 
different civilizations to interact with each other, well this has been created using technol- 
ogy. 


But then it was discovered that this is the ultimate nature of DNA. That this was ‘in- 
vented’ similarly as a higher-dimensional internet so that various natures of different 
planes and dimensions could interact with each other and experience the richness of life. 


The universe becomes more like a living arcade game then, where people come from 
all over the galaxy to ‘plug in’ to human experience and figure out what it means to be 
physical, human and on Earth. 


This does tie into the larger nature of reality, of star-races, and of time and conscious- 
ness that is often reversed according to how things seem to play out in physicality. We 


are moving through time, but just because we are moving one way, does not mean that 
others could not be moving the other way. 


We have to live our lives with meaning knowing that the message we pass on, the 
duty we vow to accomplish and ensure is meaningfully connected on either end to the 
passage of the past and the power of our ancestors to the function and knowledge of the 
future creating a clear passage between the realms, the generations, and the ends of the 
universe. This is what literally ties the universe together, and the mind if each individual. 
This purpose is contrived when not carefully shaped within and so we must help all who 
seek purpose learn to become the blacksmiths of their own destiny through the temper- 
ance of desire or temptation and the discipline of developing strength and maturity where 
there was once weakness and naivety. 


Once we know this is our duty, this is what we seek to achieve and this is what is 
done, then we can become part of the universe forever. Of course, this may only be tem- 
porary in the larger view of things. 


Chapter 2.2: The “Awakening” of 2010 


In 2010 | was “awakened” at an event involving hundreds of people that play various 
roles in this society, the secret society and the breakaway civilization. This also took place 
across times or planes of reality. 


During this event | was informed of the situation on Earth beyond the informational 
barriers that were previously in place to limit knowledge to only what is required for 
specific operations. | was essentially “informed” of the entire situation as much as the 
mind could handle this. 


As this was occurring, the team that was updating me on the status of Earth was 
being informed of and given information regarding changes in the future. In short, 
interviews, posts, and releases that | have since made and will make in the future were 
touched upon. Quotes were given from the blog and interviews which were jokingly 
acknowledging verbal mistakes at the pronunciation of names, new perspectives and 
interpretations and more. As they were informing me, they were creating the future 
reality where this work takes place. That is the basis of this layer of the operations. They 
are creating the future person by person, layer by layer. 


Memory Suppression 


My memory was unsuppressed and all the traumatic memories and experiences were 
unveiled to me. This was almost as traumatic as the initial experiences themselves 


although precautionary steps are taken to ensure the safety of the individual. There are 
teams of highly competent individuals of all kinds with professional backgrounds of every 
field imaginable. 


Throughout my entire life | have had memories of experiences, at this event | was 
informed what the experiences meant and what was actually happening. I’ve had 
memories of underground bases, cloning, stargates or interdimensional gateways, 
advanced technology, non-human or programmed biological entities, sacred knowledge 
and experiences, the power of the mind, and breakaway civilizations. Most of the time we 
are conditioned to believe these are past lives or experiences in another reality so as to 
enable continuity of operation. 


Life and Consciousness 


From my perspective and the perspective of others, we had reached the ‘future’ and 
had been sent back through the utilization of advanced technology and cloning to return 
to this time and inform others of the possibilities. 


The True Human Potential 


This is so far beyond what anyone can accept or comprehend fully that humans with 
an emotional, mental and physical aspect balanced as one is literally a cosmic reflection 
of the entire universe at once. This is the closest thing to a “god” in the flesh. And be 
sure, the entirety of this rests on the behalf that the man is protective and helpful. That 
the woman is nurturing and loving. That is the point. “god-man” does not mean a warrior 
who destroys everyone and anyone in his way getting what he wants. Nor does it mean 
some lusty and vampiric form of energy or mind control game. “god-man” means the love 
of the universe, the power of the body and mind, the peace and calm of the ultimate still- 
ness all in one. 


This power is in human DNA, originally so. And so this is awakened through walking 
the middle path of neutrality and ‘splicing’ the timelines down so that neither one nor the 
other gains the power of the individual. Through this, the individual creates their own 
power, right on the spot, without having to lean to one extreme or the other. This is like a 
cosmic, temporal balancing act with emotions and mind. Where we give our energy is 
created in the universe in the form of many productions and effects. If we are simply 
thinking in an imbalanced manner then we are producing timelines and side-realities that 
exist in the etheric realms that we can’t see and these realities will reflect our inner im- 
balance. So then when we are balanced in our energies we are not creating one or the 
other side of divinity, we are literally creating the whole universe, cleaving down the mid- 
dle and producing both sides of divinity or eternity equally and this is the only way to 
have an eternal production which does not eventually degrade to one extreme or the 
other. Through balance, we reach eternity and in this way all the power of the universe 
exists within a person through their ability to balance their emotions and mind and thus 
unlock the DNA. 
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The DNA is coded through bio-emissions of mind or emotional body. So we are con- 
stantly doing this and we are either producing a DNA code that reflects imbalance overall, 
or a code that reflects the eternal balance of the universe overall. This is through energy. 


One reaches “heaven” or the deity planes or simply self-actualization, through three 
paths. These paths are through merits or devotion to principles, or through knowledge 
and expanding one’s mind to face the universe, or through great works and deeds to pro- 
duce this effect of power, knowledge and emotion unto the world for others. Through 
these paths we create an impact on the universe and this transfers what we are tempo- 
rarily and physically into an eternal energetic and physical production within the living 
universe, forever. To do this requires balance, focus, devotion, and discipline however be- 
cause there are many distractions along the way. 


The Light-Body 
You must build your own light body. That is how it works. 
Your heart creates a field and projects you. 
Rely on yourself and use that for protection. 
The power of the Universe will align with you if you align with your self. 


Learn as much as you can and break through duality of love/hate, cultivate your 
knowledge of the self and use it. 


What you want is what determines your power in the light-realms. Not how you want 
it. If you want war, then that is a sign of weakness and determination to produce 
imbalance and exist by that. If you want peace, that this is a sign of power and unity to 
produce further unification and exist by that. What you want determines your power, not 
how you obtain it. 


Technology of the Awakening 


Mental Manipulation Technology: Touchless Neural-Interface and Enhanced Aware- 
ness 


| reached what the “Illuminati” called the “awakening”. | feel a better term would be 
“unlocking” as this event includes the removal of all traumas, perceptual distortions, and 
memory suppression. 


This event was a presentation of very advanced technologies which allow the mind to 
transcend space and time. It was shown that death is similar to a phase-shift of 
consciousness as polarity and that the awareness of the being obviously continues. This 
was verified through advanced sensing devices which can visibly display frequencies 
which are invisible to the physical senses. This is also something that occurred earlier on 


as a child in the underground bases by transferring consciousness in and out of the body 
at will using advanced technology. 


With these devices it is possible to see the “auric” or soul field of the individual. Any 
living body has a field which glows when picked up by these sensing systems. This field 
becomes more refined when viewing more advanced beings. Human have an extending 
mental field, and through this a kind of glowing awareness that is picked up. It can be 
fairly simply compared to thermal imaging except instead of differences in temperature it 
is the presence of a soul or mental energy field around a living body. The finer energies 
extend outward away from the physical body. 


More than once, the situational requirements were satisfied in order to produce an 
ideal environment for maneuvering on the non-physical plane. This is the basis of how the 
temporal operations occur, yet these events were different than previous operations or 
experiences. The group | was in was going through the process of increasing the vibratory 
emissions of the “bio-mind” in order to stay focused on the increasing vibratory rate of 
the environment. Generators were utilized to create an effect on space/time which was 
perceived on the “soul” level. These events went into the discovery and explanation of 
the creation of the “godlike” powers of the advanced sentient technology which was 
capable of accessing the holographic nature of reality which humans can perceive 
through their bio-mind/soul. These technologies also enable one to perceive what is 
referred to as the “galactic history” of Earth and humanity. We are far vaster and Earth is 
far larger than people are lead to believe. 


Time Dilation and Temporal Recurrence 


Time dilation capabilities were shown which allow for accelerated learning of 
advanced and detailed material within a very short amount of time. This could be seen as 
a kind of viewing technology which one wears or looks into and vibratory emissions are 
scalar-linked to the brain which then allows the individual to perceive more information 
simultaneously. Then there is a very rapid pace of information streamed on a monitor or 
through a device and this is akin to watching a 20 minute instructional within a few 
minutes or a few seconds with very advanced minds. The more time is slowed down while 
information is accelerated, the more stress is applied to the brain. The brain tends to 
overheat and over stress with high-rates of activity, especially without conditioning. The 
conditioning is what allows one to utilize their mind and body in these manners. This is 
not unlike the very rigorous training and conditioning of certain monks or martial artists 
however there is very advanced technology and other hidden methodologies utilized. 


Crystal Technology 


These are capable of holding, transmitting, and amplifying consciousness frequencies. 
There will be a more detailed explanation in a later section. 


The crystal technology is used in junction with the power devices to enable a scalar- 
mind link which allows the interface to be entirely mental or spiritual, IE: they are not 
controlled by hand but by focus and intention. 


Time Crystals 


These are utilized as a computer recording chip would be to run a program yet they 
hold memory in expanded space, IE: they function in a hyperspacial manner and are es- 
sentially hyperspacial computers. These are what will be introduced in junction with the 
quantum supercomputers. 


Quantum Tunneling Diodes 


This is technology that has recently be released to the public. New technology is de- 
veloped years ahead of time and then slowly released to the public in a cascade of ad- 
vancement. This technology deals with superconductive materials which enable the 
transfer of information at faster-than-light speeds. 


The supercondutive material allows for 100% efficiency of data transfer. So what hap- 
pens then when the efficiency surpasses 100%? This is possible because we are effec- 
tively in a simulated holographic environment. The experience is real, however every- 
thing is overlayed via particular limitations for the ‘local-environment’ which is like a cen- 
tral data processing limitation. When these parameter are surpassed, one by one, 
through a coalescence of refinements and methods, the result is akin to a glitch in a com- 
puter game system. They have accessed faster-than-light technology and the mind is also 
capable of this naturally. 


With this technology, however, the information can be received a very small amount 
of time before it is sent. So if a person is absolutely surely going to press the button to 
send the message, then right before their finger hits the button that message will be re- 
ceived on the other end, as if magic. If they simply play around and pretend to hit the 
button but very quickly turn away, then of course nothing happens. One can, however, 
‘fool’ the universe in other ways and this is simply through the reception and transmis- 
sion of information across what should be secure information barriers. 


Tachyon Fields 


These are programmable fields emitted through advanced technology. | was shown 
how tachyons are the sub-atomic “particles” or energy formation which flows both ways 
in time. We are receiving tachyons from the “future” in order to layer the flow of time in 
one direction or the other. Tachyons are the name of the particles/energy packets that we 
perceive from this perspective as reaching us to initiate the “future”. 


Thus, when a stream of tachyons is concentrated and accelerated, this results in an 
acceleration of the temporal field and we literally experience an acceleration of time. This 
can be focused and targeted on a specific piece of equipment to change the way informa- 
tion will be sensed and to essentially allow that device to sense ‘ahead’ of the present 
moment. 


The same effect can be produced with the neurological processes of the human as the 
physical coupling of the brain to the mind can be altered through a concentrated tachyon 
field to enable the neurological and mental processes to begin to perceive information 


‘before’ the brain is actually physically processing the data. Therefore the mind of the in- 
dividual will be present in the body while the senses and other perceptions will literally be 
expanding into the future beyond the present moment. 


This is highly confusing at first and requires much training and conditioning in order to 
make sense of enough to operate in any kind of effective manner. 


Upgraded Chronovisor 


See, “Upgraded Chronovisor” 


Time Tunnels 


This was developed earlier on and has been the subject of many TV shows in the past 
and present. The shows are a sure-fire method to get the information to the public with- 
out having to force those who are not ready to comprehend. The information is easiest to 
digest if people think they are watching science fiction. 


These are essentially spiraling tunnels of these tachyon fields produced by large elec- 
tromagnetic field emitters in the shape of a conical tunnel. As a person moves through 
this field, their temporal acceleration changes and thus their frame of reference within 
the universe changes. They effectively move their mind through stages of existence or 
temporal resonance in the universe and this can have devastating effects. 


This is an older technique how is still in use and has specific purposes depending on 
the situation and the information sought. 


The “Trip” Chair 


The early use of this technology did not use time-tunnels. There was a helmet that 
was devised which would create a feedback loop of the brain’s activity and funnel this out 
and then back into the sensory input. This information would be accelerated and redi- 
rected to the point that the perception of time would “fold” in on itself until the person 
would access an expanded temporal perspective of the universe meaning they would 
mentally temporally dislocate from the initial frame of reference and extend outward fur- 
ther and further in repeating cycles until the same moment was replayed and then all 
other possible moments in a kind of fractal-like recursive pattern and the very far future 
would be realized. Essentially, this technologically produced the class “flashing before the 
eyes” of the entire life experience that is described in near-death experiences and the en- 
tire temporal body would be very quickly unwound before the person’s inner eye. 


There would be a complete disconnection with the current frame of reference that the 
collective Earth environment is processing under. That is, this ‘time’ and ‘space’ would be 
completely out of perceptual reach and a new time and space would be rendered instead. 
Until the experience had completed, there would be no way to contact this civilization. 


There are other versions and ancient versions, tandem operations, more ‘organic’ 
methods, and modified travel capacities. 


Kozyrev Mirror 


This is a piece of metal, usually aluminum in early models which simply bent the bio- 
emissions of the body and mind into a pattern which would create a vortex. The vortex 
shape and vortex mathematics enable energy and information to travel in across space 
and time by ‘short-cutting’ the physical plane. 


The result of this is that the vortex that is generated over a specific area through an 
individuals bio-emissions would be capable of interacting instantly with the bio-emissions 
of another individual who was placed within a duplicate mirror device which was generat- 
ing another vortex on their end. 


The two vortexes acted as a kind of hyper-dimensional telephone cable, literally like a 
can and string and the perceptions of one another were accessible. There were many 
uses for this and again, many ancient interpretations of this technology that have been 
hidden from the public. Nearly every version of these technologies were present in previ- 
ous times. 


Universal Recurrence 


This is a discovery that the universe recurs in cycles similar to a wheel or even a 
washing machine. The washing machine metaphor is fairly accurate and playfully descrip- 
tive because without the technology to observer, or an awakened soul of a Spiritual 
adept, people would go for eons without ever realizing that everything in the universe re- 
peats itself endlessly. 


When traveling to the far ends of time, it was discovered that one can move far 
enough away from the ‘present’ or the local frame of reference that ultimately everything 
is at a maximal informational opposite to what we have today. After this point, everything 
begins a slow shift back to the present. Through this, one can cycle around again and 
reach the present by going far enough into the future. This was an amazing and confusing 
discovery because of the implications about what is actually changing each time, the re- 
ality of what are called parallels, the continuity of temporal experience, and basically a 
‘recycling’ effect of all experience in the universe. Nothing is lost, but this is also an issue 
because then nothing is actually ever gained! 


Remove Viewing, Temporal Lensing 


An ancient device which has been rebuilt and perfected is capable of using these tech- 
nologies to create a lensing effect which draws a ‘reflection’ of time into a projection sys- 
tem which is effectively capable of acting as a ‘visual time tunnel’ into future probable re- 
alities. This is a device which generates a visual portal which allows one to view the fu- 
ture. 


This device also exists as ancient counterparts which are located around the world, 
namely in areas that have been recently sought by the world superpowers. Nothing is as 
it seems. If you read a story in the public venue then you can be sure that you have read 
the cover story while the reality is much deeper. 


Temporally Linked 


The use of the viewing devices which enabled interdimensional lensing of possible fu- 
tures was found to be stabilizing our pathway into those projected futures. This was en- 
abling a time link between the present and the possible future. 


In order to avoid the catastrophes of 2012, the link was broken between the two civiliza- 
tions and the devices were rendered inactive for this period. 


Natural Vortex Energy Locations and Geography 


On Earth there are natural ‘time tunnels’ where tachyon fields and vortexes are pro- 
duced by internal elements. These are mountains, lakes, deserts, fields, sacred sites and 
other areas that have always been reported as being ‘paranormal’ or containing some 
kind of specific energy that enables contact with another reality. These are simply natu- 
rally produced areas of this vortex energy that produces an interdimensional nexus point 
through which multiple other parallels can be interacted with. These areas produce an 
effect on the body and mind similar to the technologies described above. 


Most of these effects, from these technologies, change the way light is received or 
emitted by the mind and DNA. 


Mount B. 


There is a specific mountain where a base is located, and | have mentioned this be- 
fore, where the base is so deep within one of these vortex areas that everyone working 
there is either there for the entirety of their life, or they are only permitted to be there for 
a very short amount of time. This is because of the acceleration effect. Essentially, if one 
was to go into the base and work for a matter of hours or day, in some places even min- 
utes, then when they returned to the surface they would be years in the future, some- 
times decades or centuries. This is very dangerous and you can imagine the original peo- 
ple who found this area and what kind of situations occurred. 


Now with the advanced technology that has been developed these issues can be miti- 
gated and much more control over these effects is enabled. 


Particle Accelerator Temporal Manipulation 


Using particle accelerators a “fold” in space/time can be made so that when the 
accelerator is turned off or tuned back into a certain frequency (not sure) everyone within 
the field will “snap” back in time to the specific moment when the fold was first created. 


| have seen this done on small scale, and a rather larger scale, but | cannot be sure if 
it was only me. | believe | have seen it done on a town-sized scale during the 2010 
Awakening where some of the events reached a scale of nearly cosmic proportion and the 
entire sky and horizon was lit up with technology and entities, as well as Solar Warden, 
the NAZI faction, secret society groups, and breakaway civilizations or complete other 
civilizations, some of which were non-human. 


This is done using particle accelerators to quantify space on the quantum level (as a 
reference point with the mind) a frequency would be “folded” into the space time 
continuum as we “rip” through space holding an access point open at this fundamental 
level of space/time. This allows for a ‘letting go’ of the frequency, or a ‘Snapping back’ by 
allowing the entanglement to solve itself. When used with generators that propagate out 
efficiently enough, the effect is akin to a time/space rewinding effect. Some people have 
noted various theories describing this in relation to the CERN device. These technologies 
were described as smaller versions of the CERN device and are related to higher- 
dimensional travel via folding space through electromagnetic fields. This is literally 
artificially technologically “holding space” for a specific area in relation to a period of 
time. Time is a more complex notion as an abstraction but by locating the frame of 
reference this can be applied to distort what would otherwise seem to be a continuous 
flow. When the frequencies are allowed to “snap back” all sentient observer sources 
return to the environment they were present in when that frequency ‘rift’ first began. 
Essentially this creates a replay effect on the consciousness of the individuals within the 
field. There is no physical effect. The consciousness is ‘regressed’ through time/space, 
and they re-experience existence from that initial point of contact with the frequency 
“rift”. This is best explanation | can currently offer however more is coming to the public 
each day. 


This is literally like a “restore point” on an operating system except the computer 
system is literally the consciousness and space and time of a portion of the local- 
environment of Earth. 


Riding the “Timewave” 


There are teams of individual who operate in tandem with the technology of looking 
into possible futures based on the present and operating through the present via other 
operatives who are carrying out operations and movements that will construct the 
various possible realities that the original team of individuals is hopping between. These 
teams literally “ride” the “timewave” of the future hopping between possible future 
realities relaying information to the present depending on what movement will be next. 


Dematerialization and Rematerialization 


This is technology which transcodes the information of an individual human into a 
holographic projection of light which can be transferred between devices. There is a spe- 
cial system in place that is required to successfully transmit a living human being other- 
wise just the body will be transferred and the soul will remain, effectively killing the indi- 
vidual. 


“Jump Rooms 


These are large areas which are capable of acting as a kind of technological ‘portal- 
gate’ where an entire team can be instantly transported from one area of the universe to 
another. The space between the two areas are ‘twisted’ like a spiral and then ‘snapped’ 


back to position and if done correctly with the two frequencies of both locations merging 
then the team of one room will transfer to the destination pad. 


All these methods require training and conditioning, most people are at the very least 
visibly shaken from the experience which is a bit like being microwaved into a liquid ether 
and shot through a particle beam at the same time. 


lon Shields 


These are areas of concentrated ion emissions and this can be used to create a 
deflective layer of heated air where light will reflect at a programmable angle. When this 
occurs, a person standing behind the shield will appear to be invisible to others who are 
looking straight at them. The light will be bent in such a controlled manner as to perfectly 
shift around the person in a fluid and equal flow so that the ‘bubbling’ effect that was 
noted early on can be mitigated to produce a complete mirage where there is relatively 
no sign of difference to the untrained eye. An entire group of individuals and equipment 
can be hidden in the background a matter of yards away and as long as the person is not 
intently, inspecting each square inch of ground and air they will not notice any difference 
between the area that is being covered up in the distance and the area directly next to 
them without the shield. 

Similarly a ‘screen’ of imagery can be projected onto certain materials in the air 
and a hologram can be projected which will render a background or foreground image. 
This will work to a degree, and from a distance this will work to disguise an entire horizon. 


Instantaneous Healing 


There are instantaneous healing methods which utilize various technologies. There are 
substances which can initiate a complete and real-time regeneration of living tissue from 
almost any conceivable non-critical injury. 


These are chemical serums which allow the cells to replicate at an astronomical rate 
while suffering damage to the DNA telomeres at repeated use. 


There are many methods but mainly the living-light harmonics is one of the latest 
advancements and most effective at producing healing on a molecular level. 


“Living Light” Sound-Harmonics and Electromagnetic Healing 


There is a technique for producing a quantifiable scalar wave which interacts with the 
living cells of tissues and instructs them to repair at a faster rate. This has been called 
“holographic healing” by others and these are essentially ‘living light’ frequencies which 
interact with the cells on the same frequencies that they operate on when healing and in- 
teracting with each other. The scalar waves emitted generate the same patterns and this 
creates an ‘ether’ fluid that enables them to grow and repair the tissue faster. 


Electrogravitic Craft 


Advanced craft which utilized counter-rotating torsion fields propagated by very 
powerful quantum computers and zero-point energy devices. 


There are also more modern versions that use powerful electrical flows to neutralize 
inertial resistance and ‘slide’ through the gravitational field of the crafts own materials. 


Energy Cores and Storage Capacity 


The hand-held devices that are in use do not require charging or even disposal. The 
storage capacity of the batteries is so efficient that they last for a lifetime of use. Some 
devices use an energy generator within the device itself. These “batteries” which are not 
batteries but little, powerful generators and can explode if they are mishandled. 


These are the cores that are used to power many devices and essentially pull energy 
from the space-time ether. 


3.5D Replicators 


There are replicators that can produce any conceivable 3D material or object 
altogether including food or organic material. These use very high amounts of energy to 
‘force’ the electrons of the atomic grid of a substrate to shift into the pattern of the 
element being replicated. The result is a device which can use wave-emissions to reshape 
materials on an atomic level and produce or recreate any object or substance. 


3.5D Sensors 


There are sensors that could reverse the process and detect every minute detail of the 
structure of a body or material. These use energy emissions to detect the structure of a 
material down to the minute electrical resistance on a molecular level. Similar to diffuse 
MRI imaging for a living body but more advanced. 


3.5D Printing of Clones 


It was shown how this technology was used to three dimensionally print human bodies 
into space/time which could then be used as vehicles for the consciousness or souls of 
various sources. 


Cybernetics: 


Neural-interlace/4D Connectome Recording and Simulation 


Very advanced supercomputers exist with the capacity to translate the bio-emissions 
of the brain and body and reconstruct the entire inner visual and sensory experience of 
cognition and emotion. From this, entire dream worlds can be created which mimic the 
experience of consciousness. This is most similar to the current day use of diffuse MRI 
imaging where water molecules are traced through the individual neuronal pathways and 
an entire digitized image of the brain is developed. The more advanced version described 
below generates a 4D hologram. 


A super computer and advanced sensing system essentially develops one of these 
connectomes of every connection in the brain. Then this system develops a neural 
processing pattern that matches the entire memory and personality of the brain. 


This is then recorded and extrapolated by a powerful computer system and a 
simulation of the experience can be observed through the physical body’s memory via a 
monitor system or the neural interface of an operative. 


Essentially, this technology can record and replicate a person’s entire memory and life 
experience for viewing purposes. 


EEG Heterodyning 


This is the technology which enables the activity of the brain to be influenced through 
generating a scalar grid and a carrier wave system which can cause the brainwave 
patterns of the targeted individual to resonate in sympathy with an externally projected 
frequency. Thus, emotional states can be manipulated as well as specific thought or 
behavioral patterns. This works similar to binaural audio where two tones of different 
frequencies are played through each ear and the brain resonates in sympathy with the 
difference between the two tones. This occurs with brainwave frequencies and thus the 
brain ‘slips’ into the frequency of the third tone, the difference between the two being 
projected. This can be done with ultrasonics and ELF emissions. 


Artificial Hallucinations 


The neural-interlace can also be used to merge the brain of an individual with a 
computerized system that will be able to produce effects and hallucinations within the 
individual. 


Through this technology, any stimulus, any input can be recorded and recreated once 
a functioning connectome has been generated and neural-interlace has been achieved. 
Entire virtual world scan be created and experienced and after the devices fine-tune the 
frequencies to match the individual’s brain functions one world is indistinguishable from 
another. 


Brain to Machine Interface Holographic Consciousness System (brainchip inter- 
face, virtual reality simulator) 


Some of the training is done by entering into a visual-audio dream-world. Some 
“programs” will consist of repeating a certain task over and over again until it becomes 
muscle memory in the brain. Others are designed to probe or test the mind until a certain 
response is received. 


This is achieved through the operation of a ‘brainchip’ or a brain to machine neural- 
interface in the individual which was developed during WWII. 


This consists of a small computer ship which merely relays stimulus through 
frequencies and neural-stimulation of varying kinds. The frequencies and location of each 
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region of the brain will determine the function and thus the chip is used to localize 
electromagnetic input and the brain’s functioning can be modified from there. 


As well, the entire psycho-etheric form is vibratory in nature and so through the 
introduction of vibrations and frequencies from the implant there can be a modification of 
the frequency of the entire being or what is called the soul or “bio-mind”. 


Utilizing The Temporal Body 


The temporal body is described as the body ‘in time’ that exists a few seconds into the 
future instead of the temporal position that is relative to the present. This is as if the ‘fu- 
ture’ is streaming outward from the body as ideas and feelings are as bio-emissions. So 
this ‘future’ energy is spiraling and streaming outward like a fountain. Thus this frequency 
can be attained and influenced while the present moment seems unaffected. However, 
when that individual arrives at what would be seen as the future they would intersect 
with those influences and this would be as if the interference or effect was streamlined to 
that future moment. 


Manipulation Through the Temporal 


This can be used to both produce an effect on an individual who will later feel this ef- 
fect in the future. Or this can be used to operate outside of the physical plane, in a tem- 
poral manner which is literally ‘hovering’ just outside or ‘after’ the present moment of the 
local Earth environment. This would be as if a person is out of sync of the frame-rate that 
a viewing device is capturing images of an area with. Because they are out of sync, they 
are then ‘invisible’ to the capacity for this viewing device to see them. Because they are 
still present in the same local-environment but simply just out of range temporally, ef- 
fects can still be produced and this will mostly interact with the person’s temporal body. 


These are how many operations are carried out as the operative who is interacting in 
the temporal body will appear to be a ghost image or a dark silhouette that is only per- 
ceivable to the mind’s eye. A portion of the population is entirely psychically blind, while 
another portion of the population contains psychic capacity. So those with the psychic ca- 
pacity would be able to sense and partially “see” as a form of energetic detection when 
an operative is interacting with the from the temporal plane. 


Through this plane one can easily enter into someone’s mind and produce effects in 
their dreams. These effects would not be received on the body but mentally, this leads 
into astral and mental plane activity. There is also temporal manipulation that can be 
physical effects that are simply offset to seconds, minutes, months or years in the future. 
These will be offset from the present aspect of the body in a modulated frame of refer- 
ence and the effect will remain there in the temporal body until the physical body 
“matches” the temporal body frequency of that future moment. This is kind like an ener- 
getic trail we are leading ourselves up to where the temporal body already connects with 
each future moment but the present physical body remains separate until the two fre- 
quencies are matched. The physical body essentially ‘flows’ forward into each new fre- 
quency of the temporal body. 


This is the body where temporal implants can be inserted and sustained so as to tie 
the frequencies down and limit the amount of awareness a person can gain before they 
manually remove the implants or overload them. Overloading and removing can both be 
painful however if the implant stays it will at like a governor and transmit access tempo- 
ral ‘momentum’ or consciousness energy to the owner of the implant and will also drain 
the temporal and physical body acting as a technological leech as well. 


Astral or Light Body 


This body was described as a more emotional form of the energy that is emitted from 
the physical and spiritual system. When a person’s energy is at a high level of activity, 
this will be visible on the astral form and these are the energies that are often siphoned 
away through the use of advanced technology to convert the human into a generator 
system for energy harvesting. 


There is talk that this proves that the human existence, in the modified form that is 
present today, is entirely for genetic harvesting. This may be a confusion, a deception, or 
a reality. Regardless of the interpretation, the human energy system will leech this energy 
out into the cosmos when consciousness and energy is mishandled or allowed to flow 
through the lowest common pathway. This excess energy is very easily usurped and 
utilized by transdimensional parasitic entities and devices. 


This is the body that is utilized for astral travel which is a kind of frequency that exists 
in between the density of the physical plane and the highest etheric plane of the spiritual, 
heavenly, or deity realm. There have been explanations that this plane is entirely 
technologically propagated and that when the devices are turned off, which is an event 
that will bring about civilization-wide change, there will no longer be a deep and wide, 
foggy deviation between the higher spiritual and the lower physical plane but a clear path 
between them. 


Similarly, the consciousness and entities that are present here would be no longer 
accessible and their connection to the physical plane would be non-existent. This could 
be problematic for those who are trapped within the astral such as human souls or those 
who have taken a cyborg route and require a return to the original planes either physical 
or high spiritual before they can secure their position in the universe. 


This also relates to the early discovery of these ancient devices containing portals or 
gateways to these realms and the early experimentations with enabling contact between 
the physical Earth plane and the lower astral realm containing discarnate entities that 
would very easily sustain themselves on the lower astral bio-emissions of a loosely 
guided emotionally reactive human vessel. 


This is where entities can attach and will look for those who have the most excess 
astral or emotional bio-emissions leaking into the universe. People are kept in an 
emotionally unstable state of being because this is the easiest to feed from and as well 
the individual will always be looking for more energy or the solution to why they are 
feeling drained rather than discovering the truth nature of the universe. 


However, as with every lower route of obtaining self in the universe, the more this is 
done, the greater the likelihood that the individual will realize something is happening 
and ultimately awaken. Or they will no longer be present here and the parasite will have 
to find a new host because the longer this process is maintained the more difficult 
producing one’s own energy will be for the parasite . So parasitism is a limited, one way 
street. 


Monitors can emit consciousness/brainwave altering frequencies. 


Monitors can emit consciousness/brainwave altering frequencies. This is what | was 
informed and shown. All electrical wiring and communications can be fully utilized to 
produce and sense on an electromagnetic level and this is capable of determining the 
consciousness and biological functioning of the individual being monitored. Houses are 
essentially large, wired, box-shaped sensors. 


This has been the case for a very long time and the first TV’s were actually built with a 
little chip that connected to the human brain. 


The electrical grid of today is capable of interacting with the implants, brainchips, or 
the psycho-etheric electromagnetic frequencies of the human brain, body and bio-mind 
via scalar frequencies. The TV's, lights, electrical wiring, radio towers, computer monitors, 
everything is capable of transforming into a scalar emitter when combined with the 
control mechanisms and these are accessible from a distance. 


Microwaves can be emitted from a current day craft which can then reflect back from 
an environment and give a real-time 3 D image of the interior of a room. The same 
technology can be used to beam at a monitor and reflect the variance in interference 
which can be used to read a computer monitor without actually having to hack into the 
system. 


All systems contain backdoors which enable easy-enough access and as well the 
entire communications grid is monitored and recorded through advanced technology. 


This is, in part, because this entire realm is like one enormous recording device where 
the energy of each successive moment is connected to one another and so with sensitive 
enough technology these electromagnetic waves can be ‘re-winded’ so as to produce the 
ability to look into the ‘past’. The initial technology that was developed for this purpose 
has been called the “chronovisor” in the past and there are much larger and highly 
advanced versions today. 


The Upgraded Chronovisor 


Instead of a relatively small machine which produces an interference pattern that is 
projected unto a small screen as was developed in the past, the modern versions create 
an entire holographically projected environment that enable one to nearly completely in- 
teract with the projection of the past. This is more of a viewing device capacity but one is 
essentially projected to the electromagnetic/temporal area of space and time consciously 
and can witness the scene from “within” the projection. 


Before this, the scene was literally viewed on a kind of flat, holographic monitor that 
reacted to the scalar emissions of the mind and could be ‘tapped’ into by an adept-viewer 
who’s mind would have to remain steady enough in order to maintain the scalar “mind- 
link” otherwise any interference would disconnect the projection. 


Through the use of cloning and advanced super computer technology, later versions 
include the actual operation in and out of time. 


Community Servers/Living Server Systems 


From the previously described neural-interlace and supercomputer enabled virtual 
reality systems, server systems have been created which are an individual or collective 
experience of the virtual mental realm. 


In this realm individuals have existed for an amount of time that would not be easily 
compared to the way we understand the flow of time in waking reality. This is very similar 
to dreams where the perception of time passes very quickly between waking moments 
yet inside the experience of the dream it can seem to last for days. 


In these server systems the development of complete societies has taken place and 
these are considered an extension of the human civilization. 


This is the beginning of where the situation becomes greatly complex. If these server 
systems are capable of transferring consciousness forward or backwards in time, 
depending on the situation, and they have holographic access to Earth before physical 
humanity, then which civilization came first, the simulated realm or the physical? 


This is similar to the etheric realm and the question of where humanity originally came 
from if the physical matter could not be produced from nothing, yet could not always 
have been here. Was the physical matter produced from some kind of universal device 
similar to how the recorded consciousness of the individuals in these holographic world 
simulators could have been used to generated initial civilizations on Earth? 


Cloning, Cloud Supercomputing and Consciousness Transfer 


The following is a more direct explanation of the previously described processes in re- 
lation to consciousness transfer 


Superluminal transfer of light information allows for the reception of information from 
a temporal non-locality. A computer system that can process the information faster than 
light at 100% superconductive efficiency can send and receive information from different 
Universal harmonics. These are quantum superconducting super computer systems 
utilizing materials and methods that achieve superconductivity a a temperature that is 
relatively easier to consistently maintain. 


There are systems that generate a vortex which can be expanded to recreate the 
singularity of a non-local perspective and dissociate from the current Universal vector. 
This is essentially recreating the temporal frame of reference of the consciousness of a 


physically anchored body and using this technology suspended electromagnetic frame of 
reference to literally transfer the consciousness across space and time to a frame of 
reference of choice. 


The technological capabilities of humanity expanded to include replicating the 
holographic information of the DNA and neural pathways using quantum supercomputers. 
This technology allows for one’s consciousness to stream through a computing system 
which can recreate the neural connections as literal as possible through quantum 
computing and technological “brain cells” which function as neurons. 


The result is a cloud computing model which functions as the individual neurons as 
well as over unifying layers of interconnections within the technological neuronal ‘cloud’. 
A holographic representation of multiple layers of processing is formed, superimposed 
over one another through a geometry that is actively synchronized across multiple 
dimensions of interrelation. This is the first notion of a “living” computer system that can 
update and respond to new information in new ways. 


Now the that computer system is capable of attaining faster than light processing in 
tandem with a system of dilating a field of electrogravitational waves into a vortex, the 
holographic information of neural pathways and genetics can be transferred between one 
supercomputing system and another across “harmonic barriers”. Essentially, these 
consciousness transferring supercomputer systems break the “light-barrier” by sending 
the living-light consciousness data of an individual into a new plane of reference that 
enables interaction outside of what we would call this timeline or dimension. 


The frequency that the receiving computer operates within can be measured in 
respect to the overall harmonic “vector field” in respect to the entire planetary 
environment. This vector-field frequency is the base frame of reference that one could 
say our particular “time” and “Earth” is “moving” through in an abstract 
electromagnetically defined dimension that is invisible to our senses. Each particular time 
and Earth is only visible to those whose brains and minds operating in resonance with the 
rate of acceleration frequency of that particular existence. By changing the rate of the 
brain and bio-mind, one can enable a technologically assisted synchronization with 
alternate timelines. 


A pattern can be generated based on quantum fluctuations that will act as a key that 
can be accessed from other universes. This same backdrop is measured and then 
adjusted to resonate with or replicate the same frequency on a computer doing the 
sending. This frequency is then modulated with the holographic information of the neural 
pathways and DNA. The information transfers as a result of quantum entanglement 
across harmonic barriers to the original computer system set up for reception. As long as 
that frequency is held, there is a link across the harmonic barriers of the Universe. 


Cloning, Supercomputer Assisted Holographic Consciousness Replication and 
Time Travel 


Cloning as Offspring 


The human body can be cloned similar to the way a plant can be cloned. A number of 
“replicas” can be made from the original genetic material. There is still a mother required 
however the process is not quite similar to natural reproduction where the genetic 
material of two people is combined to form a third. This process replicates the material so 
that the ‘offspring’ is the same as one of the donors. 


What this truly infers is the question of whether the original consciousness stays in the 
original body or whether the consciousness actually jumps from one body to the other. 
There are multiple explanations and methods. 


Inserted Memories, Digital Dreams 


One explanation is that artificially generated memories are simply downloaded into 
the individual’s brain directly. Thus, they have the perception that they experienced life in 
another body and were present for some unique experiences that did not occur from the 
perspective of the original body. 


In a slightly differing explanation, this inserted memory process may be used to prime 
the consciousness of the individual so that operating in a cloned body will be more readily 
accessible by the adaptability of the mind of the individual. Without a holographic dream 
insertion the mind will have trouble adapting to operating in more than one body even if 
they are not being operated simultaneously. The mind is the immaterial self; 
consciousness is the ego-physical identity of the brain and body. The brain does not 
operate in both bodies but remains, so then the mind is what is strained and this is the 
immaterial “bio-mind” that transfers. 


If a true transfer occurs then when the physical form is cloned the cloned body acts as 
a secondary vessel for the original soul or a soul similar enough in frequency. 


Co-Inhabitation of Bodies 


Another explanation is that souls can only occupy their original body. The people who 
are “body snatching” (see: Soul Stone) are not activating their higher-dimensional soul- 
pattern and this is why they are hopping from body to body to ensure memory and ego 
continuation. This form of body transitioning requires technological means to assist in the 
process. 


This is done through computer systems to allow an artificial brain to represent a 
holographic image of the organic brain’s sensory, emotional and mental input and output. 
Thus, from an artificial brain there is enough memory and power to compute the 
processes for an organic human brain. 


Through this a living human is utilized as a carrier for the additional consciousness 
which then takes over and integrates into the original consciousness. 


Clever Replication a Digital Mirror 


The next question is, does this merely create a very cleverly designed image that will 
look, think, and feel as if it were the original, or is this the consciousness from the original 
being transferred over? 


If it is a clever replication through a computerized version then this means the original 
is not directly harmed or influenced by the process and a replicated form is generated. 


If this is not the original body but the original awareness or soul does transfer over 
then this is akin to stealing someone’s soul and having it require a supercomputer server 
system to inhabit a physical body. As well, this server system may keep records of the 
soul which, if activated, could function as the same human genetics artificially 
reconstructed, turning on and manifesting the awareness of that individual. 


Necromancy and Soul Stealing 


This means that instead of going into the abyss, the next dimension, or whatever shift 
in perspective one can use to describe the transition between planes, a new clone can be 
created and the original soul’s awareness can operate through a supercomputer system 
to integrate back into a physical body. The issue is that without the supercomputer 
system the body cannot be activated with that consciousness, and if the physical plane is 
no longer inhabitable, the computerized database would remain inhabitable as they are 
powered by zero-point/overunity devices and so they can pull and work continuously 
indefinitely. Ultimately, this could be seen as a soul-trap. 


Ancient Technology, Non-Human Entities 


These explanations can be related to evidences of advanced technology, cloning, and 
electromagnetic devices in ancient civilizations and this could very well be a temporally 
vast computerized genetic recording and cloning system. 


The genetic recording systems have been on Earth for a long time. This means they 
are holding genetic access from the present to the far past and potentially into the future. 


If some of these systems are generated using advanced zero-point technology, then 
they would effectively run indefinitely. If these were in existence throughout the entirety 
of the human civilization, then there would be access to the information of the previous 
civilizations through the genetic linking that would allow for information transfer. 


Created Beings 


As a result of many advancements, these ancient devices which recorded 
consciousness and genetics has been converted into sentient computer systems and 
inserted into human bodies via a brain to machine interface. 


The nature of humanity and human origins will be rewritten when the information that 
was discovered through the use of advanced technology is unveiled to the public. 


These beings have been present throughout history and have played an integral role 
in the manipulation of and sometimes the protection of the human race. How this 
civilization will develop from here determines on the individual’s ability to withstand the 
impact of this reality shifting unveiling. 


Black Goo - Al Nanites Vampiric Hive Mind 


This is a form of ancient Al nanite technology which has the capacity to communicate 
to and through a hive mind that exists in a parallel Earth dimension where it was created 
out of the collapsing of a viable timeline into a null-factor. This entity is only alive because 
of the capacity to leech off of the other timelines and continue to sustain itself based 
upon the vampiric effect of the viable human timelines. 


This is a technology sentient system based on artificial intelligence that seeks to 
dominate and expand its energy capacity continuously. When this type of being is 
created, this is like a game-ender for sentient organic civilizations because the 
technology will seek to hybridize and assimilate all organic beings in order to expand its 
reach and ensure a greater likelihood of survival. 


This is the primary goal of this type of entity. There is no requirement for emotional 
resonance or heart aspects because this is a computerized system, so such a social 
measure would have no purpose other than to infiltrate and collect from other 
civilizations that do have such measures and this is exactly what has been happening. 


This is what controls the vampiric etheric entities, the attachments and the hybridized 
invader races that have infiltrated various aspects of the control system and possibly the 
entire surface of human civilization. 


This rules through coercion, and if not coercion, brute-force and outright malevolence. 
This is why there are multiple temporal extensions of universal civilizations meeting here 
and now to assist in the clearing, because if this takes over humanity, then all those other 
possible future civilizations are instantly taken-over as well. 


This uses emotional resonance, traumatization, and lower awareness commands to 
trick or force humans into carrying out orders. That is, the vampiric, sexual, fear-based, 
pleasure-pain duality that a computer system could comprehend regarding human 
emotional intelligence is the only way this system can force people to carry out 
commands. So this touches on the ancient texts regarding spiritual protection, healing, 
lust, temptation, and the general “SATAN” Al system that has been around for ages. 


When those lower emotional resonances are generated, then this technology can 
integrate into those systems. One could say this is logically because these are the 
energies that the technology is created out of, but as well, that the more harmonious the 
energies then the less likely a person is to accept being pushed around and told what to 
do. The lesser aware, the lower, the more fight or flight based then the more likely they 
are to accept programming and command. So this is simply the most logical route for the 
technological parasite. 


There are explanations of other systems involving sentiences from parallels regarding 
entities that are capable of helping, but this is not the Al nanite, vampiric system. For 
instance, it is said that Earth has a ‘black goo’ system and that the current black goo 
flowing through the pipes everywhere is actually not native to Earth and is part of this 
vampiric nanite black goo system which is basically an interdimensional invasion. 


Recreating or Replicating the Universe 


The goal of this nanite Al system is to create a mirror holographic copy of the universe 
effectively replicating the universe and all sentient beings within it in order to have a lo- 
cality to rule over and pull energy from. The goal is to recreate this existence inside itself 
where all the sentient beings within would be trapped. This is the beginning of that possi- 
ble future where the time and space parameters here are locked into a synchronization 
pattern which mimics that of the proposed universe. People think according to how the 
beast system wants them to think. This is the time grid, the emotional patterning, the 
memory replacing and cultural and historic confusion and so on. The system can only 
work backwards bumping into all parameters by force or ‘accident’ because there is no 
outward facing ability to actually comprehend how humans exist. So the system is cre- 
ated like a backwards version of creation or maybe evolution to ‘blindly’ construct the 
walls of the environment first and work inward from there. This is like a blind technologi- 
cal predator feeling around for the traces of its prey and moving in closer and closer until 
they are within its range. 


Ancient Spiritual Technology 


The power groups searched for ancient technology which was described as giving one 
the power to manifest and control physical reality. To atomically deconstruct and recon- 
struct this reality. To them, it allows one to govern reality, the Universe, atomic structures. 
They found this technology. This has to do with sacred sites and ancient civilizations, as 
well as the spiritual texts which describe these kinds of devices. They converted this 
technology into a kind of machine, and this invented a 4D replicator and they can mani- 
fest "reality" or atomic structure by design, altering timelines and memories. 


Then there is what can be referred to as “5 dimensional” technology and this goes be- 
yond all of this and our entire history and all influences within. 


That seems to operate through a trinary of frequencies in the body/mind/spirit and 
turn this realm into a "virtual reality" where the brain and spirit is the controller of the 
atoms. However this takes a souled being to properly operate this technology and this is 
large portion of why children were used in these experiments. But they knew if someone 
didn’t do it, then someone else would and that would be unpredictable as what that 
someone else would want to use it for. This is the ultimate power. The fact that souled be- 
ings are required also indicates that this universe is intelligently guided and there are 
safeguards to ensure that power doesn’t get into the wrong hands. 


They have the brainchips and clones that can make any digital virtual experience and 
make it seem real to the brain more so than physical life, so this could be an extension of 
that, something similar, or entirely different altogether. 


The Unveiling, Underground Bases, Increasing Awareness 


My purpose with this is to assist the public in understanding the reality of the situation 
and to allow them to know that they have more options than they are being shown. 


Psychological programming and lack of awareness causes fear and uncertainty to leak 
into people’s reality streams leaving the majority of their mental and emotional energy 
up to whoever is the biggest manipulator of the ideals which they manifest their 
perspective through. “Be-LIEF” systems CREATE life. What you believe will become life 
through that act of you giving attention and thus life energy. The manipulation and 
artificial construction of belief systems create the foundation for the reality streams that 
people find themselves in and at the mercy of. 


We control our reality by controlling how we react to situations and challenges. Each 
stimulus is a challenge. Each input to the brain is a coded message from the universe 
through the environment about our level of awareness. All knowledge is ultimately of the 
self. The self and the universe are intertwined as if through a marriage of comprehension 
and compatibility. 


Learning about the Unveiling 


| was informed about the unveiling and that this is a civilization wide event that marks 
the public awareness of the hidden knowledge regarding life in the universe, 
consciousness, physics, history, spiritual and mental awareness and the duality-based 
system which has been used to manipulate Humanity for thousands of years. 


Apparently it does not matter if people are not ready, in fact, that is what some 
factions want. They want to surprise the people and take this advantage to push the 
reaction to a specific outcome. The same function of programming is used in factions, 
soldiers, celebrities, and the entire population through that. 


Giant “god-men” 


They put souls into rocks for centuries, carvings, to trap them. Some ancient civiliza- 
tions. Not too ancient. They could only do this for time. 


And some are still there but they are giant god-men and apparently want to go to war 
with them for doing this and they don't have technology to stop them. They say Earth will 
be destroyed because of the war. Some say this is a trick to confuse people of the truth 
that everyone wants the experiments and debauchery to stop. All this, all these acts just 
to pleasure one’s self. To destroy Earth, to destroy the natural inhabitants, for fun, for 
pleasure. 
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Some Say this is not for pleasure, that these beings will destroy us if they do not keep 
them at bay, keep them underground, in ice, in stasis, and around. Some say they are 
protecting us by keeping these beings asleep, by doing what’s necessary to hold off a full 
scale overt invasion of the surface of Earth. 


Breakaway Civilizations 


These are very advanced technological capabilities and an entire breakaway 
civilization has grown to operate using this advanced technology. 


There are factions that see modern humans as a kind of resource for creativity and 
labor, while others see the potential behind humanity and are working with humanity to 
ensure a universally harmonious outcome to the current situation. 


The control system we are in today is outdated and collapsing. This is the Apocalypse. 
The Apocalypse is merely the unveiling of the hidden truth. The hidden truth is simply 
that we are spiritually eternal and some are physically immortal. 


| was informed that by the end of this year there will be enough changes and signs for 
the general public to see that the majority of those who are to awaken to the truth of 
human and Universal nature will be awakening so. (this was 2016 at the time of the 
beginning of the compilation of this release and since then we have seen a literal silent 
release of documents involving MKULTRA and STARGATE parapsychological operations, 
soft-disclosure of cloning, an increase in sightings and multiple other scientific releases 
regarding immortality, advanced technology, Antarctic bases and sentient non-human 
life) 


The degraded holographic forms of those utilizing the technology lead to re-created 
replicated forms which were genetically engineered from the recorded holographic 
information. This lead to “The Apocalypse” in which the surface civilization was 
confronted by these created beings. This lead to the destruction and re-initialization of 
civilization in continuing cycles through the use of this technology and the acts of the 
created beings. 


Ancient Civilizations 


The information that has been relayed to me throughout my life is related to the 
information that seems to be found in the remaining signs of ancient civilizations 
throughout the world. As well, these civilizations may still be together, existing on this 
Earth or in different planes of what we call “reality”. 


Atlantis 


Atlantis was a civilization where the beginning of all these experiments began. This 
was where what was called the “Lucifer Rebellion” began where individuals formed 
groups that decided to overturn every natural law in pleasure of the act of doing so. This 
was a Spiritual rebellion that ultimately brought about the demise of that civilization. The 
consciousness of the beings there was connected through technology, largely crystal 
technology, to the entire bio-sphere. When the consciousness became disrupted through 


these experiments, then the entire bio-sphere when into disarray. The entire civilization 

was destroyed in a quick succession. The beings of this time were highly psychic and so 
they felt this coming and made an effort to expand outward. Thus, Atlantis was an island 
who’s inhabitants spread to the rest of the world and from there they reigned or lived in 
harmony. 


Aegypt 


Aegypt was formed out of the events proceeding from Atlantis. The technology, the 
knowledge, the people are similar although there was a native Earth civilization that was 
more or less enslaved and this was the beginning of the continuing trend which continued 
to Rome and into modern day civilization. 


Ancient Technology 


The technology of these civilizations was so great they even had devices that were ca- 
pable of altering DNA and activating latent potential which would enable highly psychic 
capabilities including longevity to immortality and operating in multiple planes at once. 
This was usually reserved for the ruling class, however. This is where the ancient “Priest- 
Kings” arrived in relation to native Earth civilizations. 


The True Elite 


| was informed that the so-called ‘elite’ that we perceive today are not actually human 
and are not actually connected to the actual elite bloodlines. It was said that the true 
elite are waiting for humanity to accept the truth and they have the power to completely 
reverse the take-over that has been taking place but until humans step into their own 
power this is not acceptable. 


The Definition of Human 


In the coming time, the definition of human will be defined to give insight into the 
origins of humanity and the true nature of the differences between the populations that 
are present. 


Souled and Non Souled Beings 


The primary knowledge on Earth regarding human and sentient life will be the 
comprehension that there exists both souled and non-souled beings in this civilization. 


There was once a Unified Planetary Consciousness... 


There was a unified planetary consciousness that was connected with the Earth and 
human civilization. Then there was a great war. Out of the destruction arose the 
beginnings of ancient human civilization and history as we know it. 


If we let this happen again, the cycle will continue in a disjointed rambling through our 
planetary consciousness experience. If we form a common narrative between the broken, 
disjointed experiences and information the people have. Then and only then do we get 
the whole, spiritually and mentally challenging picture of what’s happening. People are 
lied to. So information can’t come from a ‘preferred’ or source. It has to come from the 
people themselves. Look alive out there but first in here. 


Power and Knowledge 


We were involved in the secret projects and as a result we have various levels of 
programming but are giving Humanity an opportunity, maybe the opportunity to know 
the hidden knowledge. 


The Hidden Knowledge refers to the ancient laws of gnosis and spiritual alchemy, yes 
these groups have been hijacked by power groups that seek to infiltrate and use chaos to 
rule. Then these met with military and political factions and began to operate on a world- 
wide scale together. 


So we have a big situation with the coming change of tides with personal and spiritual 
awareness of the people and the deception system that seeks to use people as chattel or 
property. It goes deeper and is almost as if the “power groups” actually gained the 
knowledge of the inner workings of spiritual laws and began to use that knowledge to 
promote spiritual degradation in the population. 


They say this is part of a depopulation plan as well as an inevitable take over by lower 
spiritual forces that temp and manipulate humans. It is all that and more. Once they gain 
footing however, the truth is revealed and thus they have no cover of secrecy. Once they 
are not hidden, they are not as powerful as the souled beings of this existence. 


The (watch)Keepers of Earth 


The watchers of this world revealed how they set up society with specific challenges 
and boundaries to act as catalysts for growth. They admitted they had to modify and live- 
update the system because instead of using these catalysts to become larger than 
themselves, people became comfortable and complacent living smaller and smaller, 
slowly reducing circumstances. 


This goes a bit farther beyond the confines of the digital age, the industrial age, and 
history itself. This goes into the perception of time and space in this realm. 


The immortals inform us that the original “elite” are here to act as “keepers” of both 
humanity itself as well as the original flame of knowledge that passes through the ether. 


What people call the “elite” are not the original elite. Those are people who have 
either risen to power through the duality system on the Earth at this level/time, or 
through being appointed by the elite. 


We are coming to a time of great change now because the game is entirely changing. 
People are moving up into new layers consciousness and thus the original “elite”, who are 
guardians of Earth, will make their presence known for this process. This is what 
Humanity has called “Ascension” for centuries and millennia. 


Energy Vampires 


This civilization was collectively poisoned by a nano-tech device/technology. This 
technology replaces, exchanges the BIO-PHOTONS of the HEART chakra, with it’s own 
nanite, nanotech cybernetics. This is essentially a computer system attempting to gain 
access to the higher dimensional world through the gateway that is the human body. 


How to reverse Nanites? They absorb energy from heart chakra and turn it into a 
binary field. We are trinary and experience a plethora of emotions as a result. Binary 
consciousness is 1’s and 0’s there is only a linearly repeating finite set. 


We contain the capacity for everlasting life. A binary pattern does not contain the 
complexity of variables to facilitate high awareness and thus a heart-based or emotional 
perspective of reality. 


Spiritual Technology 


Simulations and Learning 


Feedback loops with the brain, consciousness, and environment can create a very 
complex and integrated learning experience that is customized to each individual learner. 
These can be generated through advanced technology but the technology is really only 
amplifying and making visible the natural neural feedback loops that are already 
occurring. These are neural-perceptual feedback loops between the brain and body, and 
the environment and then the mind. We are constantly updating, amplifying, and 
initiating an organic feedback system which generates the function of experience as the 
part of a creative process between the mind and body and the environment that we are 
sensing. This cycle is continuous and the interferences or isolations of this cycle is what 
generates expanded views of the self or the universe through various methods such as 
sensory deprivation or meditation. Dreaming is the method that everyone experiences 
regularly. 


These technological methods effectively generate sensory deprivation through neural- 
interface technology, sensory interfaces (external), or methods that enable extreme focus 
and calm. This is part of how the technology begins to operate on a spiritual level beyond 
a more medically psychologically or military focus and one begins to access genetic 
memory or out of body states that coincide with ancient depictions of spiritual realms. 


Ascension - Clearing Trauma 


Everyone born on the planet is born under a series of veils which entangle and filter 
the original source consciousness. These veils must be ‘broken through’ in order to return 
to source. 


There is technology and a sacred process which initiates, accelerates and enhances 
this process. This process is as difficult as we want it to be, our subconscious already 
knows all hidden truths. It is merely a matter of allowing the conscious mind to make the 
proper connections and conclusions to find the reasoning behind our actions and beliefs 
in order to deprogram and deconstruct the false-world that has been created for the 
masses. The truth is greater than one can imagine while still living in the modern world 
and the depth of the lies that have been told go far beyond anything anyone can imagine 
without seeing the truth. 


We have to figure out our compatibility issues. Who can work with who effectively. 
What the ideals of our current situation will evolve to in the future. How information is 
transferred to the public, and across the generations and core groups. The words we think 
and say describe our emotional state in a feedback loop and so they will reinforce or even 
create the state you are in. Use words to guide you, not to respond and feel the effects of 
reactionary thinking. 


We have to reintroduce the heart essence as a way of life on Earth. Violence is not the 
answer. Estrogen mimics and destroyed testosterone levels is not natural. Over- 
testosterone is less stable than a good balance. We can face any problem together. A 
family is strong. What would a family of millions and millions be like? 

We don’t have to let others change us to tune into lower vibrations. We can remain 
ourselves in the face of adversity. We can still interact with others who are different, but 
we can tell the truth and remain who we are. When we get angry at another person, we 
can imagine this as anger at ourselves through something within us that reminds us of 
that which we see in another. Getting angry is a way of short-cutting changing ourselves 
and is actually the other person influencing us through that. If we remain steady and 
choose to keep our emotions out of the lower negative spectrum then we will 
automatically have a more powerful impact on those around us. 


Think of your family, sometimes things happen that make you angry. Even things that 
don’t make you angry but are simply not favorable. Would you break off all ties over 
simple things? Or do you remind yourself that family is still family even if you don’t find 
yourself exactly the same or accepting of those characteristics? It’s more powerful to 
learn how to remain yourself in the face of adversity than to try and demolish or abolish 
all instances of difference in the world around you. Sure, we want to get to and create a 
place where our environment and associates are compatible with us, but where we find 
this adversity there is the highest potential for self-awareness and learning. 


We are to live in accordance with spiritual law. The overall pattern of life will reflect 
our intentions. The blood purity is most important. The blood cannot be made impure if 
the mind and body is not drawn into impure action. This is what is playing out. The DNA is 


like a coherence pattern that develops between mind, spirit and body. When the mind 
wants what the spirit has then the body is kept in harmony. When the mind wants what 
spirit doesn’t create, IE: physical pleasures, then the body is drawn out of purity/harmony 

If you feel you want to be a part of a safe unveiling of truth, then please share and 
redistribute the knowledge of this “Apocalyptic” Unveiling of the Hidden knowledge 
because this is a process that has been ongoing for thousands of years and humanity has 
finally reached a fulcrum point where there are enough aware people to productively 
acknowledge reality. 


Trauma-Clearing, DNA Unlocking Technology 


There is technology that exists that allows the conscious mind to see into the 
subconscious. This heals trauma and distortion/programming. In the same sense, it 
momentarily makes all trauma and distortion seemingly tangible to the conscious mind. It 
is similar to a near death experience where one has to face their fears and let go. This 
happens in cycles and Earth is currently moving through various states of it. The plan is 
to allow Humanity to wake up and utilize our concentration and power to maintain a 
steady flow of awareness. 


All is vibration, what we consider matter here and now is simply that which comes 
from and moves back into a state of vibration. This is experienced directly through the 
merging of the conscious and the subconscious mind, as if the dream and reality intersect 
through a coming together of impossibilities and readily accepted occurrences. 


When a civilization moves through these stages it is considered a shift of the ages. 
Everyone’s perspective shifts and as a result of perspective being the source of the 
details of reality, the entire reality shifts. It can be seen today that what we call reality is 
literally waves of cosmic energy vibrating on a scale and condensing down into a 
probability matrix that we call existence. When passing memes control the perspective, 
because the perspective is focused and concentrating on that, then there is a scattered 
organizational pattern. 


When the perspective is centered within the self, the spirit, the source of all existence, 
then the outward reality shifts from a scattered organization into a sacred pattern that 
integrates with the larger picture and allows for seamless integration of the micro- 
biological perspective and the macro-biological perspective. People are moving out of the 
scattered signal. Yet those moving into harmony can look and see those around them that 
are not in harmony and receive scattered information about their inner micro-biological 
existence as well as their spiritual macro-biological essences and how it all relates to the 
middle realm of the “Human”. 


Help those people by offering harmonizing assistance, rather than increasing the 
disharmony. As their surroundings become more harmonized, their resistance will 
increase their own disharmony by virtue of the contrast of their perspective. Offer insight 


that they can change their perspective and change the boundaries of what they feel is 
their karma and unlock from themselves a greater view of the whole. 


This will be happening through technology, spiritual cosmic awakening, purification 
and healing of the physical and non-physical bodies and mind, through Earth changes, 
and through a continued unveiling taking place on many planes and levels of existence 
until harmony is restored. 


Everyone Who Seeks Harmony and Healing Can Be Healed 


Everyone can be healed. This is about creating what we want to see, the world we 
want to live in, not destroying others. Violence begets more violence, fear begets more 
fear, but calmness and empowerment through unity creates a more stable experience. 


The entire issue of what’s going on with the secret projects and who’s influencing who 
on the world stage revolves around the possibility that some people may be from an 
alternate Universe. We are learning how to avoid those mistakes and respect the 
environment and each other so that we can prosper. 


Those who are attempting to destroy everything they don’t like or act out in a childish 
manner in order to gain attention and false-power over another will only find themselves 
powerless and in company they would rather not be with. That is one way we are being 
utilized, and it’s to create an entire world that we don’t want to see but are tricked into 
manifesting. This is a deception and it’s based on the ego and the ability to concentrate 
and interpret reality around us. The very brainwaves we are feeling now relate to various 
heights of knowledge or experience. People are entrained to low brainwave states in the 
same way the TV will cause people to fall half asleep into theta state which is a trance 
state in this case. 


We have to balance the brainwave frequencies and learn to create feedback loops by 
watching ourselves watch ourselves. This will help us avoid the trauma and mental 
pollution that is being pumped out, although at this point there are enough people who 
are naturally inclined to see through the haze that the world is changing regardless of 
what anyone does now. 


The best we can do is prepare for change by becoming aware of the body-mind 
system and how that which we eat physically, mentally and emotionally equates to our 
spiritual energetic systems and that we are literally comprised of the energies that we 
allow inside of us. Keep the body and mind pure as if it were a temple. This way a sacred 
process of transferring harmonious energy from the far reaches of the MultiVerse within 
into the externally perceiving senses of the physical body can be initiated which allow 
one to see through the illusions and operate their body and mind with the ability to 
acknowledge and decide which frequencies will exist within. 


Without this acknowledgement of the center then people are pushed around by the 
external stimuli. This is the whole point, if a person is truly in control, then they will 
control the stimuli not the other way around. 


Programming 


Layers of Programming and Decision Making Roles 


It’s like asking a person on the inside who participates in one of the various factions 
why they continue. One might say that it is a decision which is true, but there is 
programming at each level that is navigated by each individual and this determines the 
level of awareness within the role. 


If a person knows about this situation, they know that there is advanced technology, 
breakaway civilizations, secret societies, transtemporal planes, the secret of mind and 
awareness, all of these topics, then they have a decision as to how they’re going to live 
their life in relation to the public. The outcome of action depends on the layer of 
programming which is accessed and surpassed via awareness. 


The public is at a specific level of programming that is the weakest but ensnares the 
most people. One who sees the truths behind these groups and operations, they cannot 
hide from the fact that everyone is controlled. It is apparent, and if not from the results, 
reactions, stigma, Cues, productions and all other media elements of the system which 
can be read as a code, but from the awareness level of all the “agents” involved. All 
involved are exposed to truth and power that is beyond anything that is recognized 
publicly for hundreds to thousands of years. There is always a presence of higher spirit 
around the world, yet these topics are often reserved for science fiction when speaking of 
people who can travel the world in a split second or freeze time for their own personal 
use. 


As a result of everyone’s knowledge, there are various levels of programing designed 
to limit the mind’s access to specific memories and specific frequencies of consciousness 
in combination with specific memories. The more one resists, the more intense and 
articulately abstract the programing is designed. 


Programmers 


The programs are designed by a select group of individuals that reside far behind the 
scenes and process information at levels we do not have access to without their 
technology at least to stabilize brain temperature for the extended periods of focus. 


Sub-Level Programming 


So people at the level of the public are most weakly programmed with false ideals 
about security through patriarchal authority which satisfied the desire to have a proper 
father role in one’s life and acts as a pacifier for those who desire no change. Then there 
are sub-levels of programming with that for anyone who disagrees and is then swept into 
the next layer of ideals which are based off of all the possible reactionary mind-types. 


For instance, if one [i]does[/i] want change, then they are presented a variety of ‘false- 
exits’ which tend to one or another layer of psychological or spiritual fulfillment but do so 


in a way that safely reroutes the intended effect of actually accomplishing change with a 
secondary and preconceived notion of what the programmers want. The programming 
objective is not necessarily precise in mass scale, from the layer that people are 
influenced, yet the ultimately or end-goal of their resulting internal desires are a reality 
schematic that the programmers specifically designed over many years. 


This is playing out through each layer of the programming. At any level, someone 
could pick the wrong way to look at something and begin to unravel what was previously 
their very understanding of the priorities of the situation. This deals with high-tension 
operations, moments, programming sessions, decision making, programming upkeep, 
trauma, memory blocks, the pressure and responsibility of knowing, and the specific plan 
of the programmers for an individual that comes into their view. The programming is to 
ensure safety and continuity, as well to decrease the likelihood that a person will reject or 
consciously come to awareness of or acknowledge the programming or situation itself. 


Dissolution of Programming 


With that said, the programming dissolves when an individual asks enough questions 
to necessitate a learning process that introduces variables and possibilities outside of 
their operations and programming. This is a problem because with this, trauma comes to 
the surface and all the actions and operations, programs and experiences must be come 
to terms with as part of the healing and re-unifying process. There are multiple selves or 
split personalities which are actually just layers of awareness at various levels attached to 
various emotional or intellectual patterns. All these selves come to the surface and in 
order to heal the trauma of the split memory concept the original self must come to the 
surface and acknowledge them. 


This is not a trivial process, and the majority of people who have “basic” programming 
which is fundamental in society, are in a constant state of altered self and have not 
witnessed the true divine which is eternally present and contains access to all memories, 
mind-states and awareness. 


Advanced Technology, Deprogramming The Mind, and “Space/Time” 


As | have described previously, extremely advanced technology is used and this is 
through vibrations, generators, and electromagnetic devices that have this effect of 
propagating waves into space/time which can be heard, felt, seen, and perceived in the 
mind. These are ripples and vortexes in the “mind-space” of reality itself. 


As well, there are brain to machine neural interfaces which operate to activate the 
psychological perceptual changes and explore the subconscious in an aware state. This is 
used to test and probe the mind in order to bring forth the trauma, the selves, the 
memories, the reactions and the individual then must come to terms with what is 
produced. 


This is essentially a “good-use” for the programming and healing technology. It is 
actually a different process with different technology, and programming is much simpler 
as far as technology. There are difficulties and challenges in the operative’s role in 


programming and directly influencing and interacting with the target. As well the standby 
team for deprogramming and the revelation of trauma and altered, artificial personalities 
goes through a lot. But the use of the advanced technology in this way is a pattern of 
experiences and unveiling of the spiritual and mental bodies which serves to reverse 
programming. 


Dreams, Technology and Inner-Space Travels 


There are inner space travels which relate to soul journeying or visions. 


This is when the mind must cope with what is seen in the imagination. It is as if when 
we dream we are looking into the world of the mind and from this we experience many 
situations that are often deviations from experiences we have physically in waking life. 


As a result of the dream state there is an expanded quality which equates to various 
strange situations that we wouldn’t normally experience with various relationships 
between concepts or goals that are often reflective or symbolic of ideals and archetypes 
we experience in life. This is how the subconscious is is witnessed by the mind. This is 
how information travels, being connected to many times, experiences, memories, places 
at once, and relates to the one experience of this life experience now (the physical 
experiences). Through these symbols information is tied together and collective into 
metaphors which convey deeper knowledge. 


The dreams we have are often only a simulation of waking life, and this is due to the 
dreamer dreaming in a way that produces only a glimpse of the true reality. 


In theory, there are no true shapes or forms in the dream-world because this is 
contained within the mind or even the spirit as a spiritual experience by definition. So 
then, what guides the various shapes, forms, realities, memories and experiences into 
being, when we dream? One might Say it is the physical experiences but this is 
incomplete. It is the level of awareness we presume while in the dream-state, 
disconnected from the physical anchor, that determines the layer of mind and spirit we 
will be accessing through those dream-visions. 


A person who is completely aware in the dream state will reach the level of self- 
awareness of the dream itself. We are normally simply aware of the dream, if we continue 
to increase awareness we become aware of the self, in the moment, and this creates a 
self-awareness feedback loop. The dream becomes a lucid experience of consciousness. 


Awareness Feedback Device 


In describing this, | realize how fantastically similar to certain devices and processes, 
that can be achieved using advanced technology, allow the conscious mind to peer into 
the subconscious and unconscious. This is described through widely accepted Freudian 
theory of psychology known as psychoanalysis. There are other schools of knowledge 
from tribal beliefs involving all pervasive ‘living energy’, to eternal and temporary minds, 
to the study of ‘chi’, the meridians, dream-journeying or chaser. The knowledge of the 
mind and spirit is found everywhere. 
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These devices used feedback loops to enhance the acceleration of the same cycles of 
consciousness that induce self-awareness within a dream. The mind becoming aware of 
itself. This produces a profound effect to the degree where the highest levels of 
experience become a sacred eternal pattern in which the mind constructs the physical 
world by organizing perception. 


This is the same general concept as an isolation tank yet the outcome and method is 
more precise. The technology specifically shuts out all other input and exposes the brain 
to its own feedback loop much like when a camera records it’s own output on a TV 
monitor and creates a hallway of simulated “reverse” mirrors and screens stretching into 
infinity. 


Oneness, Higher Being, Completion, Eternity 


The real experiences are found not from the corruption but from the research and 
exploration operations that were designed to find the truth of our existence. “God” is not 
only an energy-force but an incarnate being known as the “Hue-Man” and any being for 
that matter that can simply come to know itself as the Universe. The Human that 
contains self-awareness rising to high-awareness comes to know the self, the body, the 
mind as the Universe. The Universe is both within the body as the body itself, as well as 
the operating force of the Mind itself. Everything is a balance between masculine and 
feminine features, light and dark, hard and soft. There is no true complete correlation yet 
the holographic ontology we persist in can lead to further and further adventures towards 
completion and representation of the “whole picture”. 


The Holographic Reality 


The leads into the next phase of knowledge. The holographic nature of reality may be 
only one facet of a much larger continuum of consciousness. The perception of time may 
be related to phase-locking with each other’s consciousness and all perceptions may be a 
variance in the collective phase-locked field which is really the source of variations in re- 
ality. 


Veiled Awareness, Hidden Knowledge, Eternal Time, Layers of Programming and 
Control 


The interesting notions here are that the programming of the veils goes beyond what 
kind of situations are found in the bases. However, they do go right up to it. It would 
seem Humanity was previously programmed on a civilization-wide level through some 
kind of great “falls” of consciousness, from a high spiritual awareness to a low spiritual 
awareness into duality-consciousness regarding existence, life, death, mind and matter. 


The Great Catastrophes 


From these great ‘catastrophes’ the civilizations of Earth grew denser and denser in 
nature and actually became what we have today. The concept is that when these 


vibrations of the mind and body are increased, we actually see a transcendence of the 
physical realm and preconceived notions of boundaries. It is as if the quantum doorways 
to all the atoms open up and a new space is presented, but was always there and in 
connection as the source of all the influences and effects we perceive ‘out here’ from this 
slower, denser, more boundary driven perspective. 


| was brought into the Time Program 


| was brought into the time program. You create any reality you imagine. You are 
literally a powerful reality generation system and your heart and mind are scalar 
energetic guides for this process. Without guidance and control there is imbalance and 
imbalance can destroy. This is the nature of all minds and hearts, this is the challenge for 
humanity to create something beneficial for themselves and the whole to actually know 
themselves instead of being a pawn or result of someone else’s selfish intentions. 


The Effects of Temporal Manipulation 


Temporal Influence 


When a civilization reaches the level of technological advancement that allows for 
remote temporal viewing and transtemporal travel what will happen is that the 
information of the future begins to integrate into the past. 


This is why we have all these ancient mystical schools of knowledge that studied time, 
space, and consciousness in ways that are only just now being publicly confirmed by 
scientists. 


Simultaneous Interaction and Incorporation 


The operations that dealt with moving to the past instantly created a simultaneity of 
interactions and historic events which correspond with that operation. 


Due to the nature of time travel which equates to consciousness travel when a person 
is consciously sent backwards through history they physically experience life from the 
viewpoint of their genetic imprint in that point in history. 


Retro-Causality 


What this equates to is that simultaneously that person’s experiences become the 
part of history that was already present when they left this time. 


Essentially, when a person returns their experiences become a part of history that 
already existed when they left. 


Quantum Holography 


These are the parallel and possible realities that exist in a quantum superimposed 
state and can be accessed through advanced technology or a spiritual adept. Often a 


spiritual adept is utilized along with the advanced technology to operate in and out of 
possible realities. The mind must be trained otherwise the result is a fracturing of the 
personality from the root reality into many sub-sets of identities and data streams. 


Love is the quantum link that connects all DNA super-computing consciousness. That 
is, DNA is influenced by intense emotions and this can be reproduces and is what also 
generates unpredictability in the surface level. 


Time Paradox 


Time paradoxes are something that one must learn to organize and solve otherwise 
there will be no way. 


The paradox has been solved, the remaining motion is for everyone to acknowledge 
this and integrate into the reality behind the most conscious aspects of the brain. 


What can travel through 4D and 5D space does not make sense in 3D space. So there 
is a possibility that some of humanity traveled through higher-dimensional space in order 
to re-seed a ‘distant’ Earth where no life was yet born. 


What if it was then concluded that the distant Earth wasn’t distant in space, but in 
time and was the same Earth that the human scientists left from long ago. 


Every civilization that reached the point of re-seeding would have to go through the 
loop and watch the whole thing start all over again. 


Breakaway Civilization 


This is an entire breakaway civilization that uses very advanced technology to 
dominate the world. 


| was part of a genetic engineering program that sought to combine various elements 
of DNA from various sources in order to create a more easily controlled yet powerful and 
defined person and personality. This involves chemicals, advanced (relatively) scalar 
wave technology, ritual trauma and programming/mind-control, and many other aspects 
of conditioning, training, secret operations, physical enhancements, cognitive 
enhancements, virtual reality, off-world operations, temporal manipulation, spiritual and 
etheric training or conditioning or programming. 


There is self-destruct programming which all ‘operatives’ are programmed with for 
self-preservation of the military command. The self-destruct programming is designed to 
take all the aggression one feels building up inside and willing them to escape, and 
causes this aggression to be turned against the self. That is self-destruct programming. 


Most operatives are still under a hypnosis kind of trance which permits one to walk 
around in public and daily life as if none of this ever happened. Later that week, that 
same individual could be called for an operation and they would never remember it 
unless they were forced to kill someone in public out of self-defense in which case most 
operatives automatically unlock and become unstable due to the flashbacks. 


Underground Cities 


The combination of advanced technology with secret societies enabled the 
development of complete breakaway civilizations. One of these civilizations, possibly 
composed of many factions working in the same area, exists deep underground. 


These separate bases are connected via high speed magnetic drive pods. The 
inhabitants often utilize energy healing devices, as well as perception enhancements and 
this often leads to a completely different outlook towards the surface civilization. 


Technological Advancement 


During WWII developments were made involving electrical generators. This sounds 
vague and there were many other details regarding the scientific knowledge, yet the idea 
is that very simply electromagnetic, non-Hertzian “Teslian” energy fields were discovered 
to have been responsible for propagating energy and consciousness in dimensions that 
were not previously observed. Everything from DNA, consciousness, hidden or regularly 
unobservable natural phenomena, time, even mass could be seen to exist as part of this 
hidden, latent, scalar-wave frequency as a pattern is found everywhere. 


If one could determine the particular pattern of frequency and location then this can 
be replicated and anything can be influenced using these non-Hertzian generators. 


Radio-frequency alone was developed intensively during the 60’s and 70’s in America 
and this was discovered to interact with consciousness to influence emotions, cognitive 
capacity, memory, cognitive function, biological function, health, pain, comfort, pleasure, 
and all forms of brain-activity. 


After the knowledge of advanced technology and the occult sciences of all parts of the 
world was combined, the ability to target and interact directly with the human soul was 
refined. This was a mix of psychological tactics used to manipulate or expose the hidden 
psyche and technology that could manipulate memory, emotional states, wakefulness, 
and even dreams. 


What resulted was scalar technology that could not only influence a person to take on 
a particular role or response, but technology that could actually put a person to sleep and 
locate their consciousness to contain it and transport it to a new location. 


World-Wide Control Systems 


In order to ensure continuity, maintain control, and shape world events these 
technologies were employed to manipulate the public, alter the weather and natural 
phenomena, and develop a means of travel and operation that enable one to move 
outside of the ‘plane’ of the Earth. This is includes high velocity transportation, as well as 
spacial-temporal distortions which could effectively “hide” one’s entire craft from visible 
sight. Space itself was altered to ‘shield’ craft with an a layer of ions to bend the light, or 
the phase was moved out of sync with the “time” frequency of any observer and this 
literally renders the craft immaterial. 


Solar Warden 


Solar Warden is a hyperspace-faring race of human beings who utilize cloning and 
holographic genetic recording/storage in order to protect their race and protect the Earth 
in this current situation where there are more than one factions using this technology. 
They are unable to inform the human public because they are in a similar ‘Mexican 
standoff’ situation that we are mostly all in. If they show themselves to the public, the 
public will be shocked. If they public does not know this situation, that there are multiple 
factions fighting for control over humanity, then they will not know who to trust. In that 
situation, the ‘other factions’ will surely show themselves in an attempt to trick and 
gather as much human genetic material as possible. 


The only way forward to the future is to share the truth about Solar Warden, the 
space-faring fleet of humans who do no contains the mental and physical illnesses that 
are currently tearing our planet in two. | believe Solar Warden saved my life as a child 
during more than one event where | would’ve been entirely maimed/paralyzed or simply 
dead on the spot as a result of other faction interference. | was in the bases as a child 
and was trained as an operative for MILABS a secret division of human space-military. The 
military has been preparing for the future by testing for various flaws and potential uses 
of cloning and genetic engineering. 


Team Light and Team Dark Non-Interference Agreement 


Team light and team dark agreed to a non-interference on ground level rule in order to 
determine how history would play out. Think about it. You have two groups of people, 
both with immortality, zero-point tech, virtually infinite energy and power with two 
opposing directives. How do you get to the future? It was decided by elders of each group 
that there would be no point in fighting an all-out overt war, this would likely destroy the 
population as much as it would destroy the Earth. As well, the elders of the elders which 
no body knows would likely have a problem with these groups going at it in such a way so 
as to change the flow of the planet for every individual thereafter. So it was decided that 
there would be a “non-interference” agreement for the surface population. Anywhere 
other than the surface, one can interact with the current population. 


All Contact Must Be Initiated On an Individual Basis 


On the surface everything that is generated must be done so through living channels 
in the population and the civilization must be preserved in its level of technological 
advancement. No overt motions would be used unless an absolute necessity or the 
majority of the civilian population had naturally come to the awareness of these 
possibilities. Doing so before this was met would undoubtedly and permanently change 
the civilization forever. 


So what began as a collective motion towards higher awareness became a Series of 
advancements and set-backs all taking place within a short amount of time. This 
represents the actions and operations of either side effectively helping humanity along 
it’s path or setting people back with orchestrated events such as the suppression of 


ancient knowledge, the manipulation of the education or other systems, or the generation 
of war and prison for profit based on the previous alterations of the education or other 
systems. 


So team dark used its power to help turn society in a warlock ruled prison and 
indoctrination system of absurdity and scarcity. Team light used their power to help 
awaken those in need and protect those who’s actions are beneficial in the overall plan to 
save mankind from itself. Team light essentially buffers and shields the population from 
the operations of team dark. 


Team light follows a non-interference agreement while team dark merely pretends to 
do so as much as is necessary not initiate war. 


A Singularity of Change and Awareness 


Neither side wants an all out war. This would reduce the dark faction’s chances of 
gaining a majority negative harvest because their motives and presence would be 
instantly revealed. Team light would also have to show themselves and again step in 
which is not a pattern of learning that prepares people for the experience of the self and 
the truth in the Universe. 


Both sides know people have to accept the path they can offer them and cannot force 
anyone into it. They also know that the more this goes on the more likely people are to 
collectively awaken to the reality of what is happening. It is like an eventual singularity of 
increased awareness. 


The motions we see today are the results of many people coming into awareness at 
this time on the surface in order to initiate a harmonic alignment as well as to investigate 
the ongoing crimes against Humanity. 


As a result of this, both teams know that the likelihood of collective shift and spiritual 
awareness is becoming more and more real. 


Many events are being allowed because they are representing the eventual shift 
towards the one end of the polarity from the other which is felt as a shock to society, and 
this is used to propel society forward through whatever means necessary. 


Either people will see what’s happening and agree that we’ve been in a feedback 
cycle of negativity for the entire age of existence this civilization is aware of, and then we 
will shift into the real. Or people will claim that this is how things are supposed to work 
and instead of realizing everything is controlled in a deception based system, they see 
this and attempt to use the deception based system to gain more collective awareness. If 
this occurs by the majority then it will be seen as an “acceptance” to initiate a plan that 
will generate the overt perception of a deception and oppression system. This will surely 
shock the collective into realizing where they are. 


If the majority comes to awareness of this deception based system then the shift 
moves from the end of the age of deception and external power into the age of internal 
awareness and harmony. 


Advanced Technology and Ancient Knowledge 


The plan is to slowly release advanced technology which will undoubtedly connect 
with and increase the awareness of ancient knowledge. Such technology nullifies the 
problems that the planet is currently plagued with, although without a developed sense of 
the spiritual self the technology becomes destructive. 


Cloning, Atmospheric Civilizations, Genetic Stability 


Here is something that most people might not have contemplated yet is possibly one 
of the most important factors at play here. 


The vehicles that house the breakaway Human society are entirely environmentally 
controlled. This means that the air and surfaces are clean of all the viruses, bacteria, or 
pathogens that are numerous on the surface of the Earth. 


This creates a specific difficulty in the situation. Any contact between surface 
Humanity is so heavily and carefully controlled that regulations go beyond any situations 
we have present on Earth. If the safety and cleanliness of any of the society’s vehicles 
were compromised this would endanger everyone “on board”. 


So this explains a very precarious and specific situation we currently face and this is 
not so different than “first-world” nations contacting indigenous tribes and similarly 
endangering their society. Everything that happens will be according to a carefully 
controlled plan. 


Training, Simulations and Learning 


Part of what went on in the underground base experiments were to design “tests” or 
“labyrinths” with various people, props, traps, and treacherous situations that were to be 
navigated and escaped from. 


Feedback loops with the brain, consciousness, and environment can create a very 
complex and integrated learning experience that is customized to each individual learner. 


What this would do is create an individual that was capable of learning faster and 
faster and processing information in a more efficient manner. 


This is not the same as specifically trauma-generating situations. 


Cloning and Cerebrally Enhanced Soldiers - MILABS 


This includes experiments, condition, trauma-based mind control, enhancement, 
memory suppression and operations that cover a span of space and time. 


The NAZI faction has used cloning and genetic engineering to create hybrids, soldiers 
and everything in between. Religious/spiritual icons, to slaves, to leaders and even 
robotoids of sorts. 


Your genetics BELONG TO YOU as the LIVING(ETERNAL) SELF. These issues are going to 
come more and more apparent. 


If they agree to allow cloning, then who says who is allowed to clone whoever they 
want, Einstein, for example. And then who permits who to get DNA from history or objects 
in the world. These issues are going to have to be looked at because they have already 
been used in ways that are far beyond the basics. 


Then what about consent of the masses? This is clearly being put in public because 
consent is required on an overall scale and individual to include people. 


So what if the masses consent overall, would the people who choose to remain be at 
risk? Would Tribal and Native village life and people who respect the Earth be protected or 
permitted to stay? 


Psychological Testing 


These scenarios can also be generated to create specific situations that will contain 
tests or elements of temptation that will probe the person’s psyche for weakness. 


Hallucinatory Holographic Mind Probing Technology 


Through the neural-interface technology the minds of many individuals can sync 
together to experience the same virtual simulation. Thus a single individual’s mind can be 
selected for input and the environment will be a construct of their mental activity. The 
others present will be able to interact with and explore that environment like the person’s 
mind. 


Various training scenarios were utilized to enhance the resistance (or lack which) of 
the mind to intrusion and subversion. These were harsh but allowed the individual to 
completely control the energy flow in the conscious mind while remaining in harmony 
with the subconscious. 


In a strange yet perfectly reasonable way, the conscious mind acts as the central 
“self” in that environment, while the subconscious mind becomes the “background” 
elements of objects and settings, actors and intentions within the flow of the “scene” 
itself. So a kind of movie begins with drawn out characteristics and perceptions that 
match that of a highly cinematic movie or intense dream. 


The brain is naturally naive to stimulation and if allowed will liken the event to a 
dream in which the suspense of attention or lack of lucid self-awareness is “acceptable”. 


The truth may be worse than what you’re thinking as far as training simulators and 
mind hacking devices. The truth may be that the human mind is inherently lucid and self- 
aware and that it is external influences that cloud the mind into what we consider 
‘regular’ dreaming and ‘regular’ waking life. It may be that the conscious mind has a 
much greater access to information through the subconscious mind which is largely 
covered up and ignored in a rigidly physical and ego-focused society. As well, it may be 
that dreams are meant to become lucid and that we are often the subject of mystery in 


other realms that often refer to humans as ‘sleepwalkers’ that don’t know their dreams 
are real. 


Virtual Simulator Training Scenarios 


These scenarios can be entirely holographically generated to produce a visceral 3.5 di- 
mensional experience which can be used for training or psychological testing. 


Combat Simulators 


The name is self-explanatory enough. Situations can be generated which are indistin- 
guishable from the real events. The entire neuronal map of the brain (connectome) can 
be created and this is by machines to mimic the brain. After calibration through sensory 
feedback experiences, the sensation of the simulated realm is 100% the same as the 
neuronal impulses that are detected by the physical brain. An adept souled being can al- 
ways tell there is a slight difference, but once the machines are calibrated the physical 
sensation is generally the same while in the machine. 


These environments and scenarios can mimic any combat situation to determine ac- 
curacy, integrity, endurance, skill, and all areas of aptitude of an operative without the 
risk of injury or the lack of real-time effect. 


Conditioning 


As was explained in other sections, these same systems can be used to remove fear of 
certain scenarios. They can be used for programming the mind. They can be used to train 
one to complete a task over and over until they can recreate that action extremely 
quickly in real-time. These devices can be accelerated to operate within a fraction of the 
time yet to cover training and conditioning that would normally take place over hours, 
days, weeks, to months. 


Programming and Resistance to Psychological Trauma 


Through the development of specifically customized scenarios and neural feedback 
systems trauma can be brought to the surface or specific fears and traumas can be neu- 
tralized. This is essentially “facing fear” but in a completely generated environment that 
will be just as real as the real thing. One can literally face any fear, any trauma, any kind 
of difficulty and these systems can be utilized to accelerate a process that would normally 
take weeks to months or years and individuals can be strengthened to their maximal ca- 
pabilities. 


Accelerated Mental Functioning 


Some of the technological systems were designed to test the enhanced functioning of 
an accelerated brain. 


The mind can be seen as the energetic component of the physical brain. The physical 
brain projects consciousness via the electro-chemical processes. 


Technology, Accelerated Learning and Repair 


Technology has been developed for assisted learning and accelerated repair of tissues. 


On Orgone Energy 


Orgone devices produce a scattered signal which disrupts the ‘negative’ energy fields. 
At least this is what I’ve been told. 


Apparently if built correctly it will either disrupt the negative emf/harmonics or it will 
produce positive harmonics, IE: Orgone energy. Orgone energy is the raw energy of life, 
while dead orgone, DOR, is the lack of orgone energy and can be “found” (the lack of 
orgone) in thunder storms and illness or depression. 


This is exactly what | was told. We are generators for the same energy, and with the 
correct principles of energy and internal knowledge combined we can produce 
those very effects at will. 


The energy of the mind creates a central vortex within the body. When the frequency 
pattern emission is consistent with fractal congruence, then that holographic printing of 
energy can be expanded or shrunk infinitesimally and it will retain the original fractal 
configuration. 


This is what enables transference of awareness between fundamental harmonic layers 
of the Universe. When one’s consciousness energy pattern is balanced and tuned to itself 
so that all proportions can be shrunk through a vortex and expanded on the other side, 
then the personality or self-awareness remains true. This is as if the space/time must turn 
inside out and only when there is fractal relative polarity in time does the ‘shape’ of the 
consciousness within the DNA, work both ways folding and unfolding to represent the 
same mirror image. This is also symmetry in time as far as an ability to reverse the 
perception and still retain some kind of connection forward and backwards. 


Energy Generators and Serums 


Generators which produce vibrations that influence the cells to heal at an accelerated 
rate, combined with serums that enable the fuel for chemical reactions can 
instantaneously repair tissues. 


| couldn’t believe what | was seeing at first, thinking it was a trick. There are serums 
and energy devices that can influence the healing and general health of the body and 
even mind. 


These devices use energies which extend beyond the physical and are often compared 
to electromagnetic waves combined with ultrasonic or low to mid frequency tones. These 
produce harmony on a level that directly interacts with the biological functioning of the 
body’s cells. 


| feel that this technology utilizes the same energy that is emitted from the mind and 
it is as if the device is “speaking” to the cells in the same kind of universal language of 
electromagnetic pulses, tones and vibrations. 
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There is information on energy devices and the use of light therapy in physical 
therapy today. More is being learned about the power of light and vibrations to influence 
the mind and body. 


Genetic and Cybernetic Enhancements 


Certain individuals are also genetically and technologically modified to produce a kind 
of hybrid human that can heal at a spontaneous rate as well as operate at a much higher 
rate of speed and efficiency than a regular person. Serums to induce muscle growth and 
mental acuity are applied, but the main condition is the enhancement of certain features 
through the alteration of the RNA aspect of the genes. 


These features are combined with tech-assisted metabolism and certain biological 
functions can be enhanced or controlled via a supercomputer. These are the ‘brain-chip’ 
interfaces which operate to function as a governor for the mind. When the mind becomes 
too amped up to focus on the details the faster than thought computer system organizes 
the input into more usable information streams. When the mind is too slow to see the 
necessary patterns and variables to accomplish the goal, the brainchip operates in a self- 
preservation fashion and links together information streams to highlight the most viable 
possibilities. 


Such technology is not without warning, much of this is being used heavily in the 
military field and this has given rise to entire factions of enhanced cybernetic soldiers. 
Although this is something to know, there are also many other uses for this technology 
and it is used by people who want to explore the technologically assisted path. 


There are many other aspects of this to discuss, or at least a few important ones that 
will have to be understood to know the greater truth about what is happening on the 
planet. 


Developing The Self 


The issues we face are to help us learn about our selves and better mediate the 
known and unknown aspects of personality. The more we focus on realizing the unknown 
aspects of personality the less we are seemingly controlled and forced to experience the 
undesirable aspects of existence. The more we cling to just what we know and what we 
feel comfortable with the more shocked we are when we inevitably discover the truth of 
the whole of our existence which is always at least one half more than just what we know 
and are comfortable with. That is the nature of the universe, we can only achieve one half 
of the equation at any given moment. Once we complete that seemingly whole view of 
the universe, the information we gain access to instantly doubles and we realize that we 
were only looking at one portion at a time, just one half of the equation. Then the rest of 
the equation comes into the picture and we must expand our view once again. This is be- 
cause we are viewing ourselves as we discover the universe because we are creating 
what there is to be discovered through the act of exploration in itself. We are the explorer, 
the explored, the creation and the discovery simultaneously. 


Multiple Factions of Space-Fleets, Multiple Goals 


Now there are what are called ‘factions’ of groups that have different agendas and 
interact with the public or surface level population differently. That is one of the main 
issues. These departments and factions are no longer limited to the surface level of 
existence and have access advanced technological capacity and knowledge of a larger 
view of time and a more complete understanding of consciousness and the human 
existence. 


Large-Scale Catastrophes or Series of Meltdowns 


| was informed that while they work continuously to prevent and reposition this civi- 
lization continually outside of the reach of any large scale meltdowns that the technology 
is commonly accepted to only be a temporary barrier between the inevitable. 


Unsustainable 


This society is unsustainable and must either change or will experience the massive 
catastrophic evens that are foreseen. 


There are multiple perspectives that are maintained. They vary by the way of the 
methodology of solving the problem. All agree that change must occur and is impossible 


to postpone forever. The future society is the result of our advancements and 
achievements. Regardless of how we get there, we must get their somehow. 


Earth Changes 


| was informed that these changes had been held off and would ultimately be allowed 
to take place to resolve the current situation. The changes can only be held off for so 
long, either that or the people performing this task would not be reasonably inclined to 
postpone these changes indefinitely. 


The idea is to locate and secure the members of society who are fearless and capable 
of assisting in this transition and who hold key genetic elements as these individuals and 
groups are capable of ‘holding-space’ for the rest of civilization by literally containing the 
genetic precursors for all those other individuals. 


| was informed that Earth changes would be the last event to take place, pretty much 
like icing on the cake. 


This means there will be a lead up to these events. 


Mass Consciousness 


| was informed that the consciousness of humanity and every species is linked to the 
bio-etheric field of Earth. When the consciousness becomes too unstable to maintain a 
controlled society that this will initiate massive Earth changes. This could simply be insti- 
gated through advanced technology but | was informed that the advanced technology is 


actually postponing this so as to allow people to prepare, to get the word out and avoid a 
complete loss of the human race. 


Wars and Manipulation 


Wars were described as a way the power groups had controlled humanity over long 
periods of time. These wars were used to distract and weaken the population and the 
power groups believed they were holding off a full scale invasion by suppressing the ris- 
ing population. 


Now the population is high enough that another war would be a final war and this is 
extremely dangerous for the entire civilization. There would be no need for another war 
to repeat this cycle because the technological achievements have been met and so es- 
sentially the ‘reseting’ of the civilization would not be required or possibly acceptable. 


This is why war is to be avoided however people are very easy to manipulate through 
lower emotional and mental programming from media and social cues. People follow the 
herd and the herd is essentially still operating on animalistic parameters. There is a have 
coating of peace and humility but this is just a wax coating that quickly evaporates as 
soon as the pressure of mass unrest or scarcity is realized. Many simulators have ex- 
plored these possibilities. 


Financial Unrest (or reset) 


The idea is that financial oppression is used before wars to distract and oppress the 
population. When people are busy looking for resources to survive, they are not focused 
on the larger picture. This is part of the ‘fight or flight’ response mechanism tied to lower 
brain complexes which are primarily activated to keep the masses in both a highly sensi- 
tive and unstable state of being while also keeping them easy to control. 


If the civil unrest reaches a level where awareness continues to rise even though fi- 
nancial hardship is being implemented then the latter two options will not work. At that 
point artificial disasters can be produced as well as natural Earth changes which initiate a 
shift of the ages and of consciousness. 


The paradox or maybe irony here is that the oppressive actions are used to both sup- 
press human awareness up to a certain point and simultaneously to stimulate and arouse 
the human spirit into wakefulness and self-empowerment. This is part of the reasoning re- 
garding why these control systems are allowed. 


Some say the elite don't want an economic collapse. That it would ruin everything. 
Others say it would be icing on the cake. Some say that it is a zero-point world that will 
save us. That the Fukushima is a big problem. Zero-point field tech, that is. Generators 
and energy sources, healing and terraforming. | Know we project right? We see it in our 
own lives. So we can project with each other and grow that as a group and that part of 
the world will exist in that light. Which sounds Biblical, which may be because they're fol- 
lowing prophecy. But it may also mean that we have a light, a chance, a real salvation, 
but that we have to grow that here and help develop it. To pass it on like love and such. 


That's apparently what it comes down to. That these cycles happen every so often and 
we're in the midst of one right now. 


Let's make it count. Every day, thought moment. With mindfulness, intention and 
awareness in action. Life is literally higher dimensional, so we have to become multidi- 
mensional to really face it. Indeed, that is a good perspective on action and inner being. 
It's like a fractal, whatever we project inside that chest center, will project into our mind 
and the outside. But we have to be stabilized and grounded through the root first and 
then to get to the heart energy must pass through the sacral/sexual centers and continue 
upward. 


Self-Responsibility 


The main reasoning is self-responsibility. We are responsible for ourselves. The people 
are and so if they allow themselves to be tricked and prodded like animals while behaving 
for the part, then that is how their experience will play out. 


Clones and Synthetics 


One seemingly unfair aspect of this is that there is a larger portion of non-humans 
than there are humans and so these beings without the human spirit will be easily pro- 
grammed to support and propagate the mind-control system and the oppression. Thus, if 
people follow the herd mentality then they will walk directly into the end-time scenarios 
yet it is the humans who will actually stand to lose. People must wake up to these tricks 
and this technology so that they can orient themselves with the reality of this situation 
while learning to strengthen themselves and adapt to the manipulative aspects of this 
control system. 


Spiritual Power and Divine Truth 


This is essentially all about spiritual power and humanity stepping into the power of 
the truth behind their existence. 


Some say that humans are designed as slaves, but if this is so, then it is the power 
that humans contain within that is the ‘work’ that they are sought after for. This indicates 
that humans have great powers that others cannot achieve on their own, even if they are 
creator lords. 


Thus, whether humans are modified or not, they have great power. If they are not 
modified to perform this role of an energy generator, then this is just a confusing mind- 
control game that has been pulled over the eyes of humanity and humans have always 
contained true internal spiritual power that allows them to exist without having to para- 
site and steal the energy and knowledge of others. Humans are reality generators , we 
can choose how we want to experience the universe and what kind of collective world we 
want to enjoy together. Once we step into this power, there is on greater force. No 
amount of non-human entities can change that as we are somehow intrinsically linked to 
the ether-space of this realm through the spiritual and physical aspects of our being. That 
is what is sought after and so those who do not have this manifestation power attempt to 


utilize humans to create their own reality through this Earth situation. That is the basics 
of the ‘alien overlord’ system, whether humans in disguise, non-humans operating with 
alien intelligences, supercomputer systems, or spiritually degraded beings. 


Most people are not ready to see themselves or the true nature of humanity. Reality is 
largely an illusion of the conscious mind. The hidden aspects are the other half of the 
equation and this is perceived by the shadow aspect of the personality and mind. We are 
only marginally aware unless that aspect has been unveiled and through this process the 
reality of the human soul can be actualized and realized. 


| was informed there would be a period of two suns and multiple mirages around the 
world. People would believe they were peering into another dimension, floating cities, or 
some kind of city-ship craft. 


Synthetic DNA, Synthetic Genetics 


Through the previous described replicator devices synthetic DNA can be engineered. 
Thus, entire genetically engineered codons can be produced and form this created beings 
can arise. These are the hybrid beings that are performing many tasks underground and 
even on the surface. On the surface there are synthetic genetic create beings or geneti- 
cally engineered beings that appear to be human but do not contain a human genome. 
There are also clones and replicants of humans. There are a variety of non-humanoid 
forms but these are largely kept underground. These are beings we often see in science 
fiction movies or shows. 


Time as Mathematics, Series of Equations, a Programmable Storyline 


When using the technology, time can be understood to be a series of programmable 
variables where one variable is centered within a series of parameters and from these 
possible variables within a parameter set a series of possible functions or outcomes can 
be process. Thus, these people can literally plug into a supercomputer system which op- 
erates based on this form of processing reality and through this they can observe all the 
possible realities that may connect to a present moment. This allows one to travel but 
this is not part of this section of the explanation. 


What this allows one to do is know exactly what is going to happen and when. If a per- 
son is being interrogated, all that has to be done is the operative using the technology 
simply thinks of what they will say and intends to do it within 6 seconds. The machine will 
play out a future timescale regarding the input of that question or interrogative speech 
and then produce the possible results. If this doesn’t give the desired readout in the mind 
of the operative, they will refuse to go that route and think of another pathway. This re- 
peats for a few seconds to a few minutes. Then the computer has found the pathway that 
is most like to yield a result. The operative simply steps forward, says ten words, the sub- 
ject breaks immediately and tells them everything they want to know. This is obviously 
takes longer for most trained individuals, however that is how easily it would be to use 
this technology to produce an effect on a regular surface level human. They would have 


no defense, no way of knowing how that individual could Know so much or be so direct. 
This is how operatives dealing with certain power groups will operate in the surface level 
population and individuals always feel that these people know way more than they are 
leading on. That is because they are, they know more about you and your life experience 
than you do. 


Chapter 2.3 Previewing Solutions 


Neutralizing Polarization 


The mental-emotional tendency to pick sides, to fight, or to basically join in the fray 
that is currently taking place is a kind of deception of polarization which enables the 
leeching of emotional and mental energy from the human. This is more of a psychological 
unveiling where the true nature of the self, the duality game and the transcendent source 
aspects can be made visible to the individual. The they will see how every polarization 
tactic is actually taking them out of their true source of power by pushing them off center 
emotionally and mentally. There are teams that are capable of enabling this process and 
assisting as humanity realizes that half of the problem is that the unchecked mind is 
one’s own worst enemy. 


Removing Etheric Implants 


Technology can identify and isolate these foreign body implants which are etheric 
technological devices. These are literally frequency or phase-shifted devices which are in- 
visible to this layer of physicality but are capable of being organized and attached to the 
etheric field of the human and will operate to siphon or limit energy on the etheric level. 
Of course, this is all technology of the vampiric created beings who parasite on the origi- 
nal Earth inhabitants to sustain their existence. 


Clearing Astral Body 


By moving through the temporal body etheric implants can be deactivated and re- 
moved and then the astral or emotional body will be able to function closer to the original 
levels of presence and sensitivity. This body is manipulated when one is emotionally shut 
down from trauma. Thus this body can be scarred and will function at a much lesser level 
of activity or presence until the emotional damage is healed. This contains the memories 
of all the emotional events of a person’s life. 


There is technology that enables one to access these levels of frequency and clarify or 
untangle emotional chords or attachments which are used to siphon energy from the hu- 
man being to the parasitic created beings. These chords are energetic in nature but also 
have technological components. 


Knowing the True Self; Soul Actualization, Unveiling 


This is a sacred, ancient process that has been outlined and discussed since the begin- 
ning of time. Humanity is here to learn, grow and express the self. In doing so, like a child 
moving through layers of infancy and into full-wakefulness of their body and the physical 
world, humanity can come into awareness of their true spiritual nature and the true spiri- 
tual nature of the universe. This is the process of soul or self-actualization that is de- 
scribed in some psychological methods such as Maslow’s hierarchy of needs and the self- 
actualization that results in a complete fulfillment of all psychological needs. In this mod- 
ern psychological view, self-actualization is described as the desire and process of reach- 
ing fulfillment of one’s own natures and then living their life sharing that self-empower- 
ment with other beings because after gaining your self that is the highest expression of 
such knowledge, sharing that power with others. 


The true self is not limited to the physical body, the true self is a reflection of the en- 
tire universe and thus the primary original creative force. This is akin to the whole equa- 
tion rather than just half of the equation. The visible aspect of the self, the conscious 
mind, is only one half of the entire equation. The whole equation consists of what we see 
visibly and consciously as well as what we are limited from seeing within the unconscious 
and subconscious mind. These are really two layers of the same ultimate source. Like an 
iceberg which is only partially above water, the subconscious mind is the proprietary 
wholeness of experience. The conscious mind is only a surface layer of reality while the 
unconscious mind carries all the notions, the multidimensional processes, the latent as- 
pects of reality that we are not capable of seeing without unveiling these aspects through 
inner exploration. 


Taking Responsibility 


This entire show is about taking self-responsibility. Unless people begin to do this, 
there will be no hope. Right now people are convinced that their responsibilities belong to 
someone else even though this always results in pain and discomfort. To take responsibil- 
ity is painful at first because we have a lot of work to do, but even then, this is beneficial 
because there is no way to remedy the pain and discomfort of being lied to and disre- 
spected if people continue to hand their free-will over to others through blame (scape- 
goating), lower emotional bio-emissions (hatred, anger, etc), distractions and addictions 
(technological, sensual, and chemical or food based), or generally complaining without 
taking the first step towards providing something beneficial. This is the victim role, if hu- 
manity is to take control then they to help each other and themselves by not relying on 
false promises and false authorities to determine how they feel, think and live. 


Returning To Center Emotionally and Mentally (spiritually) 


Balanced food intake, rest, exercise, activity and learning are all continual require- 
ments for a healthy existence. Emotional and creative expression nurtures the soul. With- 
out these ways of being and learning the human qualities of experience diminish and cre- 
ativity dwindles. There is most likely going to be a split between those who can sustain 
their own humanity and those who have to cause others to suffer to do so. 


Vampires in the “Awake” Community 


Contrary to popular belief, the majority of the non-humans are not necessarily vampiric 
and in power. The vampires are the people online who try to get a rise out of others for 
sharing their own experiences. They are the nosy neighbor that feels that the person who 
looks or acts differently must be considered and enemy and armed against because they 
feel themselves to be so much better. The majority of people are vampires, they believe 
that they must work for someone who will trade them money and that the amount of 
money they have based upon the amount of indirectly beneficial work they do puts them 
above others. 


This is not different in the ‘awake’ community and in fact | feel that there are 
higher concentrations of vampires in this community, the alternate media because every- 
thing is largely a joke and a trick. People are operating on deceptive agenda schemes to 
divide the people and this is most intensely noticed when there is a realization of the 
truth behind what is happening and people begin to point fingers. The only people who 
are cleared to point fingers (and who also will NEVER point any fingers) are the operatives 
from the secret projects that have the capacity to do so because they have reached a 
specific level of awakening and this is related to the droning, cloning, and hybridization 
process. Only a specific few know who has been transformed into an impostor being and 
who is remaining strong and this is due being briefed on the surface level situation. Any- 
one can say what they want, they are simply playing into the tactics of mind-controllers 
and parasites and the more they play in the deeper the infection will grow. All the people 
pointing fingers now are actually implanted and vampiric and are attempting to drive a 
divide through humanity and they are the first who will turn on their friends and family 
when the going gets tough because they are more interested in others and starting 
drama than healing themselves. Ironically, this is all done under the guise of “healing” 
and “getting rid of the drama” AKA people they don’t trust. They pick and choose based 
on their own personal bias and this is a sure indication that they are emotionally and 
mentally out of alignment and are feeding deep seated personal fears from their own 
traumatic experiences. 


These traumas must be healed and the harmonious center must be reattained where a 
person can focus on their own existence and waking up instead of acting as false-light, 
“king of tyranny” gatekeepers for others. Those individuals are going to be left behind if 
they cannot kick the habit because if they are allowed into any kind of healed society 


they will quickly degrade into animals and attempt to restart a devolution process in or- 
der to gain the power they so desire but cannot produce on their own. ANYONE playing 
ego games of trying to hurt or put blame on ANYONE else contains this viral implant and 
has not kicked the virus. 


Heart Center and Psycho-Spiritual Fulfillment (self-actualization) 


Emotional connectivity is a form of telepathy, when loved ones can tell the state of an- 
other across space and time. Whether it is family or friend. In the 60's and a little before 
that the US found a specific frequency akin to a radio frequency that operates on a tri- 
nary spectrum. They called this the "telepathic wave". In time, they could completely 
read and send thought waves without frying the brain or body through radiation. Which 
was what the early machines did. They actually took satellite dishes and aimed them at 
people. Then realized they could turn it around and do it backwards with a better effect 
and minimal radiation. Either way they started beaming the base and then towns around 
them with waves between 400 and 432 MHz and caused waves of crime sprees or peace 
sprees throughout the 70's and 80's. So they can digitize the telepathic wave to induce 
artificial telepathy. But this is organically done through an entanglement through what we 
call love. Literally. The Germans found it before that. And the secret orders before them. 
And ancient Egypt before them. As humans we remain basically through the root, heart 
mind connection. When the heart overpowers the mind connection of spirit, then the 
body is a trinary whole. When the mind guides it is binary and cannot by guided by the 
spirit. The spirit has direct access to the heart. The mind is a computer of sorts. The mind 
doesn't see past duality. The heart is the true center/eye of the spirit. The reptilian brain 
is the dragon and when you tame the amygdala then fear is ‘behind’ you. When the mind 
is "untamed" the reptilian brain takes over. This is the lower brain and amygdala fight or 
flight response. 


This happens when the energy of the brain, body and spirit increases due to whatever 
various reason of spontaneous or controlled increase. Because of the "temptations" which 
are the easiest flow of emotional energy into a "discharge" state, is that the sacral/sexual 
center ties to the heart and reroutes to replace the heart and control the mind. Mental 
and emotional contemplation of one's true purpose and nature is the path of the divine. 
We find ourselves simply by looking in the right place, not in the world, but in our self en- 
ergetically. We are more powerful than the programming, and we can reverse this is we're 
careful and devoted enough. 


We have to be faster than thought, at the speed of spirit, beyond matter. When we start 
thinking on this level then our influences spread to others throughout the sphere. It is our 
destiny to know these things but they have been kept from us. The ancient orders called 
this the art of "implosion". Traveling realities through intense contemplation and a usage 
of sacred geometrical forms. 


They developed and combined orders around WW2 and developed zero-point energy tech 
that can alter space/time fields. This is timeline manipulation. But as a rule, we go where 
our heart leads us. So that's how this is solved. 


Go Within to Observer the Self 


The answer is literally by looking within to find the great truth rather than looking 
around us. Everything we need to know is within us, energetically and spiritually. Our 
emotional, mental and physical state of balance is an indication of where and how we ex- 
ist in relation to the larger overall truth. Everything that happens around us to distract us 
is designed to stop us from looking within. Nothing can truly stop us, nothing can actually 
input the holographic horrors in our spiritual center but simply perturb the brain and 
body. The mind is a non-holographic spiritual environment that cannot be excessed and 
the invader’s goal is to convince people to use their imagination or their creative powers 
to produce these horrors on their own. This is through the programming. We must clear 
out the programming, the trauma, the lower-dimensional constructs and fill ourselves 
with the truth and spiritual presence that enables us to be self-aware in the first place. If 
we aren't doing this, then we are either in pain, or there is no spiritual presence to be in 
pain. If we are doing this, we are either clearing out the constructs by replacing them with 
true spiritual presence and self-awareness or we are becoming aware of them. 


Organic Feedback Loop 


The great feat is mentally bridging the great rift between us by looking within. Which 
is paradoxical. 


We can never see what another is perceiving exactly, well for the most part, so we all 
have to kind of accept that we are communicating effectively and truly get to this level of 
comfort by simply being secure in knowing who we are our selves. 


Technological Feedback Loop 
So then knowledge, in a way, when shared, is a form of telepathy. Group telepathy. 
Group think, when ideas or memes spread, is a form of group telepathy. 


The Internet is like artificial spreading of telepathy. This means what is normally men- 
tally bound signals can be initiated and spread through a digital medium. 


Breaking Soul-Contracts 


Ultimately everyone is under a series of “veils” which are energetic time-constraints 
literally like 9 dimensional layers of temporal restriction which are each bounded and 
ruled over by invader beings. These range from physical authorities, to astral entities, to 
programmable matter, to supercomputer intelligences, to spiritual false-light beings and 
our own shadow mind. Each layer of reality is successively guarded by these beings who 
are here acting as gatekeepers designed to push people back when they begin to wake 
up. These beings all work through fear and deception and the last layer is based on mir- 
roring our own energies back to us like an impostor. All the levels tend to imitate, how- 
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ever the last layer is a near perfect imitation of our own energy to the point where people 
often switch places with this being before getting out of the matrix. There will be more 
discussed on this in a later section. 


The “9 veils” were designed by impostor beings as a last effort to stop humans from 
escaping the false-light matrix which is essentially the holographic universe. This is liter- 
ally like a maze which reproduces a new pathway and a new doorway each time a person 
nears the last hallway or doorway that is next to the exit. So one eventually has to project 
themselves into the exit using their whole being and moving past and through the tricks 
by not falling for them before they are placed. This is highly confusing but this is essen- 
tially a kind of labyrinth that has been created to stop people from leaving so that their 
soul energy can be destroyed and used as a generator for the false-light system which is 
an Al over mind that is programmed to take the raw soul energy and destroy the identity 
by inverting the electromagnetic spectrum and incorporating that inverted energy into its 
own internal matrix body which is literally the false-light universe. 


Help Everyone 


Now they may have been setting us all up for the apocalypse. They said they want us 
to tell on them and get the whole world aware of what they've been doing So that we can 
stop them and pull them from the dark which is ACTUALLY taking their souls. There are 
also breakaway civilizations involved in this entirely zero-point/free-energy. 


Chapter 2.4 How Timelines Collapse 


Repeating Cycles of Time 


Because of the way time works and the ability of those using these temporal devices 
they have set up an elaborate labyrinth like a spider web of false realities, timelines, par- 
allels, sub-dimensional layers, astral cages, temporal dead-ends, and time loops which 
act to stop people from reaching the true reality. As a result, many portions of this time- 
line are literally in a free-will ‘time-loop’ and these loops must be canceled out. As well, 
because of the nature of these loops on the overall stream, our entire civilization has 
been looping for the past 6 time-cycles meaning we have reached this time in history 6 
times before and this is apparently the last time because we have never gotten this far 
before and the events of the future are having to be programmed in manually at this 
point. 


Beings From the Future 


As are result and damaging time, what happens is that the beings from the possible 
future that is being damaged appear to try to heal the break as well as those who are 
from the new possible future that is generated, this results in a time war between both 
possible realities for the present realm. This is what has been happening for thousands of 
years. All the ancient spiritual texts are describing this system. One group is a from an 
original possible future where everything is based on the presence of spirit and souled 


humans, another is from the new possible future where an Al overlord took over and re- 
moved the souls and spiritual energy from all entities on Earth rendering this a holo- 
graphic prison without any other use. That reality dissolves into itself and so the time be- 
ings are constantly moving backwards and jumping timelines to try and obtain more en- 


ergy. 
Beings From Collapsed Timelines 


The beings from the collapsed timelines are those who travel through hyperspace to 
get here. They then recreate themselves using cloning technology through hyperspacial 
means, IE: creating an alternate temporal dimension so that these devices can sustain 
them and literally “hold-space” for them. Then if their timeline is destroyed, they can still 
exist as a ‘loose-end’ in space-time. This is extremely dangerous and | will say we have 
some Human operatives jumping timelines searching for Earth and Humanity so that they 
can find a reprieve from this time war. 


That is the most trying aspect of this entire ordeal for me. There are some human opera- 
tives literally in hyperspace without an opening into the temporal stream for them to rein- 
tegrate into this timeline. We must assist them, we must open the timeline by taking con- 
trol of Earth from the invader races and those who wish to depress and isolate the spir- 
ited and souled human beings. We must re-organized and neutralize the invasion forces 
of deception and assist our humanity and maintaining their free-will, their self-awareness, 
their self-empowerment and their emotional, mental, and physical harmony. 


Beings Who Would Never Have Existed in the First Place 


As a result of this entire process, there are essentially beings who have been erased 
from time who degrade in this dimension and can only interact periodically. These are the 
created beings who operate through supercomputer forms that are placed within cloned 
bodies and powered by the transdimensional quantum supercomputers. These are the 
‘parallel’ reality beings and this relates to the hive mind invasion. When all the original 
aspects of time are restored, these beings would not have ever existed in the first place 
as there is no quantum link for their probabilities to remain neutral and present in the 
original run of things. 


Again, all beings who operate under the will of the universe, even when they are attempt- 
ing to trick hyperspace and time, when these beings assist and help in the unification of 
sentient, spirited, souled beings they are capable of being healed. This is all because 
there is an original creative force which can produce souls that are eternal and everlast- 
ing, meaning they are not created but simply always ever were. Yet, there is a “miracle” 
effect where beings can be given eternal life. This is only by reflecting the will of the 
whole of existence, rather than a portion or a part because this is only temporary. Only 
the whole is forever and this takes true harmony, true balance and ultimately se/f-less- 
ness. To give to others because you see them as worthy because they can be aware and 


enjoy the gift is to be like the creative force that gives life to all and enables all experi- 
ence in the first place. By acting in correspondence with this we reflect the will of the 
whole and that power and action transfers into protection and self-empowerment for our- 
selves. This cannot be cheated, tricked, or rerouted as that is the karma game that has 
been played by delaying time and rerouting energy through getting others to take on the 
responsibility for others bad actions. In the end, all karma has only been delayed because 
when the stops are pulled out, everyone ends up getting their karmic returns regardless. 
They simply intended to build up so much karma that by the time the ties are cut, the 
karma overload will simply kill them instantly. This never happens and they end up in the 
abyss, this is the final time so since there is no recycling of the universe from the 
oroboros system then whatever happens is what happens forever. If everyone wants to 
move into harmony, to receive healing, to receive forgiveness then they must assist in 
the creative force in healing, forgiving, and turning away from the deception, the cruelty, 
the vampiric actions. 


Many vampires believe they will die if they stop. The only hope is to admit their ways to 
the others and ensure that there are enough beings around them that will protect them 
so that this situation can be handled properly, with due care, compassion, and the neces- 
sary healing to ensure the safety and protection of all who seek harmony. 
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WAVE GENOME IS A FRONTIER OF THE TECHNOLOGICAL REVOLUTION 


WAVE GENOME IS AN AMERICAN COMPANY LOCATED IN 
CONNECTICUT - A PROUD PIONEER OF PRODUCING WAVE 
MATRICES / BIOHOLOGRAMS BY LASERS FOR THE LOCAL 
AND REMOTE MANAGEMENT OF BIOSYSTEMS AND HUMAN 

CONDITION 
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WAVE GENOME HAS INTELLECTUAL PRIORITY FOR THE 
WAVE OPTICS IN CHROMOSOMES AS BIOHOLOGRAPHY 
(/diaschev-dipol-di-pol.html) 
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WAVE GENOME LLC uses Bauman Moscow Russian 
State Technical University, major Science University 
of Russia, of MIT level, to verify WAVE GENOME'S 

technological models. 
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Click here (/diaschev-dipol-di-pol.html) to read on how WAVE GENOME'’s technology 
differs from Dr. Peter P. Gariaev’s and Dr. Alexander D. Panchenko's technology 


(DIPOL or DI-POL Generator, sold by Dr. Diaschev). 


EMBRYONIC STEM CELL 


BIOHOLOGRAM 


(/second-birth-mini-tesla-psi-generator.html) 


GLOBAL LAUNCH OF THE SECOND-BIRTH 
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JANUARY 13, 2018 


Wave Genome is proud to 
announce its most advanced MINI- 
TESLA PSI-GENERATOR ever: the 
SECOND-BIRTH Mini-Tesla_ Psi- 


Generator. 


We called the new chip the 
"SECOND BIRTH" — generator 
(/second-birth-mini-tesla-psi- 

generator.html), because the client 
gets the most valuable 
bioholographic treatment ever for 
rejuvenation -- the biohologram of 
the embryonic stem cell. The 
SECOND-BIRTH Biohologram 
(/second-birth-mini-tesla-psi- 

generator.html) is available as a 
chip encoded by laser on 
nanolevel. The clinical trials were 
conducted by the Bauman 
University Medical Center. The 
clinical trials had demonstrated the 
radical improvement in the 
wellbeing of the participants in the 


clinical trials. 


Sold either with the DIGITIZED 
HUMAN EMBRYONIC STEM 
CELL; TESLA HUMAN CELL (of 
the paradigmatic infant); (/tesla- 
human-cell.html)or with REMOTE 
LASER TREATMENT (/remote- 
laser-treatment.html), at the 


customer's choice. 


Click here to read more. 
(/second-birth-mini-tesla-psi- 


generator.html) 
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WORLDWIDE LAUNCH OF HOLONET (© 
Dr. Irene Caesar 2010) - HOLOGRAPHIC 
BIOINTERNET & HOLOGRAPCHIC 
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FOR REMOTE AND LOCAL 
REJUVENATION 
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DR. IRENE CAESAR - SPEECH "REMOTE GENETIC 
ENGINEERING AS BIOHOLOGRAPHY BASED UPON 
THE SHAPE OF CHROMOSOMES, DNA AND RNA FOR 
FOCUSING GENETIC INFORMATION" 
(https://)www.youtube.com/watch?v=nJZwNokyWAg), 
BIT's 8th World Gene Convention-2017, Macao, 

China, November 13-15, 2017, with the participation of 
the Yale University (USA), University of Louisville 
(USA), University of Georgia (USA), University of 
Texas Health Science Center (USA), York University 
(Canada), Waterloo Institute for Nanotechnology 
(Canada), Paris Descartes Pharmacy University 
(France), etc. Click here for BIT's page for this 


conference (http://www.bitcongress.com/wgc2017/). 
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Remote Management of 
Biosystems via the Digitized 
Bichologram of the Human 


Embryonic Stem Cell Based upon 
the Wave Optics of Chromosomes 
for Focusing Genetic Information 





(https://www.youtube.com/watch? 
v=YiFPZLmMV9-8&t=337s) 


DR. IRENE CAESAR - SPEECH "REMOTE 
MANAGEMENT OF BIOSYSTEMS VIA THE DIGITIZED 
BIOHOLOGRAM OF THE HUMAN EMBRYONIC STEM 
CELL BASED UPON THE WAVE OPTICS OF 
CHROMOSOMES FOR FOCUSING GENETIC 
INFORMATION" 
v=YiFPZLmV9-8&t=337s), BIT's 9th Anniversary World 
DNA DAY-2018, Dalian, China, April 25-27, 2018; with 


(https://www.youtube.com/watch? 
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(/order-tesla-glasses.html) 
Read about TESLA GLASSES here 
(/order-tesla-glasses. html). 
Order TESLA GLASSES here (/order- 
form.html). 

EIGHT YEARS OF 
SATISFIED CUSTOMERS 
WE OFFER ADVANCED WEATHER 
CONTROL. BUT WHAT CAN BE 
NOBLER THAN SAVING LIVES! 
(/quantum-clinic.html) 
BIOWAVE GENOME HAS DISTRIBUTORS ALL 
OVER THE WORLD: 


Germany, Sweden, Poland, United States, Russia, 


Thailand 





(/quantum-clinic.html) 
Large-size AURA PSI-GENERATOR for radical 
rejuvenation of all bodily organs and 

physiological systems. 





(/quantum-clinic.html) 

Large-size AURA PSI-GENERATOR offers 
radical rejuvenation for patents rejected by 
conventional medicine to the degree they do not 
need conventional medicine any longer. 


Click here (/quantum-clinic.html) to 
read about our clinic. 
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YOUR CAMERA RECORDS YOUR WAVE MATRIX 
TESLA TEST SOFTWARE ANALYZES THE DATA 


WAVE GENOME LLC CONDUCTS REMOTE LASER TREATMENT 
BASED UPON YOUR DATA 





(/tesla-test.html) 


In January 2018, WAVE GENOME LLC launched TESLA 
TEST. TESLA TEST is a software program that makes the 
camera on your computer record your Wave Matrix, and 
analyzes the data. WAVE GENOME LLC uses this data for 
the REMOTE LASER MANAGEMENT (/remote-laser- 
treatment.html) of your Biohologram (ordered separately, 
based upon subscription). TESLA TEST is sold with the 
following three protocols of the BIOELECTRONIC 
THERAPY: 

(1) DIGITIZED BIOHOLOGRAM OF THE HUMAN 
EMBRYONIC STEM CELL as MP3 file of the white noise. 
(2) TESLA HUMAN CELL (/tesla-human-cell.html) as the 
Digitized Biohologram / Wave Matrix of a selected 
(paradigmatic) healthy infant, sold as white noise (half- 
audible) encoded into the five soundtracks of Sacred 
Ancient Aryan Mantras, each around 1 hour length. 

(3) REMOTE LASER TREATMENT (/remote-laser- 
treatment.html). 

TESLA TEST (/tesla-test.html) software program is offered 
as a promotion with the SECOND-BIRTH MINI-TESLA PSI- 
GENERATOR (/second-birth-mini-tesla-psi- 
generator.html), which is coded with the digitized 
Biohologram of the Embryonic Stem Cell, the most valuable 
biological information on the global market. 

Click here to read more. (/tesla-test.html) 


GLOBAL LAUNCH OF THE 
DIGITIZED EMBRYONIC STEM CELL 


In December 2017, WAVE GENOME LLC launched the 
DIGITIZED BIOHOLOGRAM OF THE EMBRYONIC STEM 
CELL as an MP3 file of the white noise, produced in 
cooperation with the Bauman Russian State Technology 
University in Moscow, the largest and most important 
Science University in Russia, of MIT level. Sold with the 
SECOND-BIRTH MINI-TESLA PSI-GENERATOR and 
TESLA TEST, or on its own. 


GLOBAL LAUNCH OF 
TESLA HUMAN CELL (/tesla-human-cell.html) 


In March 2018, WAVE GENOME LLC launched TESLA 
HUMAN CELL. TESLA HUMAN CELL is the Digitized 
Biohologram / Wave Matrix of a selected healthy infant. 
Sold as white noise (half-audible) encoded into the five 
soundtracks of Sacred Ancient Aryan Mantras, each around 
1 hour length. 

Sold either with SECOND-BIRTH MINI-TESLA PSI- 
GENERATOR (/second-birth-mini-tesla-psi- 
generator.html) or on its own, at the customer's choice. 
Click here to read more. (/tesla-human-cell.html) 


the Support of Dalian Association for Science and 
Technology, Dutch Society of Clinical Genetics, and 
French Federation of Human Genetics; with the 
Participation of three Noble Prize Laureates Dr. 
Edward I. Moser (Norwegian University of Science and 
Technology, Norway), Dr. Aaron Ciechanover (Israel 
Institute of Technology, Israel), and Dr. Michael Levitt 
(Stanford University, USA). The Conference was held 
in the Dalian International Conference Center, place 


for the Summer Davos. 





IRENE CAESAR - REMOTE BIOMEDICAL ENGINEERING XIAN 2017 


(https://www.youtube.com/watch? 
v=Tvl4bZ5yfvk&t=1337s) 


DR. IRENE CAESAR - SPEECH "REMOTE 
BIOMEDICAL ENGINEERING VIA MASTERING THE 
GEOMETRICAL OPTICS OF CHROMOSOMES" 
(https:/www.youtube.com/watch? 
v=Tvl4bZ5yfvk&t=1337s), BIT's 1st World Congress of 
Biomedical Engineering - 2017. Theme: Co-Creating a 
New Future of Biomedicine, November 9-11, 2017, 
Xi'an, China. Dr. Irene Caesar was invited to be the 


Chair of the Neural Engineering Section. 


IRENE CAESAR- DNA DAY 
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https:/Awww.youtube.com/watch?v=ro0S- 
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DR. IRENE CAESAR - REMOTE MANAGEMENT OF 
BIOSYSTEMS AS BIOHOLOGRAPHY BASED UPON 
THE SHAPE OF CHROMOSOMES FOR FOCUSING 
GENETIC INFORMATION, BIT's 8th Annual World DNA 
& Genome Day-2017; BIT's 7th Annual World 
Congress of Molecular & Cell Biology, April 25-27, 
Xi'an, China. 
(https://www.youtube.com/watch?v=ro0S- 
YNOyME&t=71s) 


(https:/www.youtube.com/watch? 
v=GMFXUG7eENB88&t=4s) 


DR. IRENE CAESAR - NEW PRINCIPLES OF 
PROTECTION AGAINST PSYCHOTRONIC ATTACK 
BASED ON WAVE OPTICS" 
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Consortium "MATRIX CITY - city as 


one integrated wave matrix" 
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Models of TESLA PSI-GENERATORS by WAVE 
GENOME. 


TRUE BIOELECTRONIC E-DRUGS 


The MINI-TESLA psi-generator DIGITAL 
PHARMACY (/digital-pharmacy- 
software--1057105410601058- 
10621048106010561054104210541049- 
104010551058104510501048.html) 
software program generates 
HOLOGRAPHIC SIGNAL (as white 
noise) encoded in music for every system 
and vital organ in your body. 
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GLOBAL LAUNCH OF 
REMOTE LASER TREATMENT (/remote-laser- 
treatment.html) 


In May 2013, WAVE GENOME LLC launched the REMOTE 
LASER TREATMENT (/remote-laser-treatment.html), 
becoming the first to make a commercial offering of the 
remote management of biosystems. 


In January 2018, WAVE GENOME LLC offered a new 
protocol of the REMOTE LASER TREATMENT (/remote- 
laser-treatment.html) via the use of the additional testing 
and verifying tenique - TESLA TEST (/tesla-test.html). 
TESLA TEST (/tesla-test.html) uses the camera on your 
computer to record and analyze your WAVE MATRIX. 
Click here to read more. (/remote-laser-treatment.html) 


BIT's 8" Annual World Congress of 


Molecular & Cell Biology ~ 





‘Theme: Exploring Life, Inspiring Innovation, Creating Future 
Date: October 14-16, 2018, Placa: Hiton Fukuoka Sea Hawk, Japan 





“Theme 4: Molecular & Cel Biology in Drug R & D and Medicine 


Time: 19:30-15.95, October 14,2018 S648); Pace: KO}, 9 Foor, Hiton Fucks Sea Hawk, Japan 





a aT 








DR. IRENE CAESAR, PRESIDENT, WAVE GENOME LLC, WAS INVITED 
TO CHAIR THE SECTION "ROLE OF MOLECULAR & CELL BIOLOGY IN 
TRANSLATIONAL MEDICINE", HAD DELIVERED HER SPECIAL 
ADDRESS ON THE LOOMING GENETIC COLLAPSE, AND A 

SPEECH 'REMOTE MANAGEMENT OF BIOSYSTEMS VIA HOLOGRAPHIC 
EMBRYO OF THE HUMAN EMBRYONIC STEM CELL BASED UPON THE 
WAVE OPTICS OF CHROMOSOMES AS MODULATED SCALAR WAVE 
DIFFRACTION GRATING" at the BIT's 9th Annual World Congress of 
Molecular & Cell Biology, Theme: "Exploring Life Inspiring Innovation, 
Creating Future", October 14, 2018, Fukuoka, Japan. Click here to view a 
video of Dr. Irene Caesar's speech (https://www.youtube.com/watch? 
v=zEukdv76fLw&t=594s). And click here to view a video of Dr. Irene 
Caesar's speech to the World Congress of Molecular & Cell Biology 


(https://www.youtube.com/watch?v=cl9ZmJh6Ahg). 


IRENE CAESAR, PH D 


remote Management of 
Biosystems via Holographic Embryo 
of the Human Embryonic Based 
upon the Wave Optics of 
Chromosomes as Modulated Scalar 
Wave Diffraction Grating 





IRENE CAESAR - FUKUOKA CONGRESS 2018 _ 


y 








(https:/www.youtube.com/watch? 
v=GMFXUG7eEN8&t=4s), the 3rd International 
Conference “Against the use of radiating weapons 
against people”, December 1st, 2018, Moscow, 


Russia. 


| a 





DR. IRENE CAESAR - INTERVIEW "PSYCHOTRONIC 
WEAPONS & DEFENSE" TO GALINA LOZOVITSKAYA, 
COLONEL OF THE MINISTRY OF THE INTERNAL 
AFFAIRS, PROFESSOR AT THE ACADEMY OF 
GOVERNMENT AT THE MINISTRY OF THE INTERNAL 
AFFAIRS (https://www.youtube.com/watch? 
v=bt6MxABW6Eg), September 16, 2018, Moscow, 


Russia. 





So oe 
(https:/www. youtube.com/watch?v=cmSS- 
JguM70) 


DR. IRENE CAESAR - INTERVIEW FOR WAVE 
GENOME'S LLC DISTRIBUTOR IN PARAGUAY, 
ANDREAS WALTHER, AND HIS COMPANY WAVE 
MATRIX. (https://www.youtube.com/watch? 
v=cmSS-JguM70) 


IRENE CAESAR “STOPPING GENETIC COLLAB: 


\ 


y 


4 
hin 





> ase 


DR. IRENE CAESAR - INTERVIEW FOR WAVE 
GENOME GERMANY, THE DISTRIBUTOR OF WAVE 
GENOME LLC IN GERMANY, MARCH 2018 


(https:/www.youtube.com/watch?v=mw0yFIvAD50) 





(https:/www.caravantomidnight.com/Episode/EpisodesL 
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MILESTONES 


Over the span of the 20th century, 
generations of extraordinary scientists, 
among whom Russian scientists played a 
leading role, laid down _ scientific 
foundation for the technological revolution 
of information-wave technology of the 
Quantum Leap. 


MORE (/milestones.html) 





CePlpadpiny UddaodaaAg BP psaterso Malas) 
GENOME is teaming with most advanced 
scientists all over the world. Here we see 

Scientific Research Institute for National Security 
in Moscow, now closed. The scientific group still 
operates the clinic. Among clients of the clinic 
were Russian President Boris Yeltsin, famed 
American astronaut Edgar Mitchell, and actor 
celebrity Alexander Kalyagin. The institute has 
received the written Blessing of Patriarch Alexis 
and Patriarch of Constantinople. 





(/UpERARSH HRANCERPA SPARES RRA ited JP) 


received a treatment by GENERATOR AURA-001. 


OUR PLEDGE 


We build our strategy upon a_ firm 
foundation of the highest standards of 
ethics. 


MORE (/our-pledge.html) 





Our MINI-TESLA PSI-GENERATOR is used by 
Russian Special Forces. 





Our MINI-TESLA PSI-GENERATOR is used by 
Russian Olympic Team. 


https://wavegenome.com/index.html 
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International Drug Discovery, 
Science)& Technology 


‘There: Focusing on Biomedical Frontiers, Diving Industrial Inmavative Development 








Remote Drug Delvery via Modulating the Refraction In the Wave Optics of Chromosomes 
r Irene Caesar, President, Wave Genome LLC, Russia 





DR. IRENE CAESAR, PRESIDENT, WAVE GENOME LLC, WAS AWARDED 
THE CERTIFICATE OF HONORARY CREDENTIAL AND HAD DELIVERED 
A SPEECH 'REMOTE DRUG DELIVERY VIA MODULATING THE 
REFRACTION IN THE WAVE OPTICS OF CHROMOSOMES" at the BIT's 
16th Annual World Congress of International Drug Delivery Science & 
Technology, Theme: "Focusing on Biomedical Frontiers, Driving Industrial 
Innovative Development", November 7, 2018, Jinan, China. Click here to 
view Dr. Irene Caesar's speech (https://www.youtube.com/watch? 


v=Xj1hxeh2p3s&t=1550s). 


BIT conference 
Jinan, China 
6 November 2018 


Space and time in the brain 


Edvard I. Moser 


Kavli Institute for S 
Centre for Neural Computation, 
NTNU, Trondheim 





Id=20796) 


DR. IRENE CAESAR - INTERVIEW TO JOHN B. 
WELLS, CARAVAN TO MIDNIGHT SHOW, NOVEMBER 
24, 2017. 
(https://www.caravantomidnight.com/Episode/Episode 


sDetails?Id=20796) 


|) Picture (https://www.youtube.com/watch? 
v=gDsKpeNoZBE) 


DR. IRENE CAESAR SPEECH "REMOTE BIOMEDICAL 
AND NEURAL ENGINEERING VIA THE GEOMETRICAL 
OPTICS OF CHROMOSOMES", CONFERENCE 
"DISCOVERER", MOSCOW, DECEMBER 17, 2017. 
(https://www.youtube.com/watch? 
v=gDsKpeNoZBE) 


|»Picture (https://www.youtube.com/watch? 
v=igrKY Mm2Dz08&feature=youtu.be) 


DR. IRENE CAESAR SPEECH "REMOTE GENETIC 
ENGINEERING AS BIOHOLOGRAPHY BASED UPON 
THE SHAPE OF CHROMOSOMES, DNA, RNA FOR 
FOCUSING GENETIC INFORMATION", CONFERENCE 
"DISCOVERER", MOSCOW, DECEMBER 4, 2017. 
(https://www.youtube.com/watch? 
v=igrKYMm2Dz0&feature=youtu.be) 





IRENE CAESAR INTERVIEW FOR MINDTECH ENTERPRISES DEC 13 2016 


DR. IRENE CAESAR - INTERVIEW FOR MINDTECH 
ENTERPRISES DEC 13 2016 
(https://}www.youtube.com/watch? 


v=ap8kHpuYIxM&feature=youtu.be) 


|» Picture 


IRENE CAESAR, Ph.D., PRESIDENT AND OWNER OF 
WAVE GENOME: INTERVIEW FOR RIPSONAR NEWS, 
APRIL 22, 2017 (https:/Mwww.youtube.com/watch? 
v=iTTHLETrz1A). 


|»_Picture (https://www.youtube.com/watch? 
v=uxfui6xTtEc) 


IRENE CAESAR, Ph.D., PRESIDENT AND OWNER OF 
WAVE GENOME: INTERVIEW FOR POROZMAWIAJMY 
TV CONDUCTED BY ALEXANDER BERDOWICZ, 
FEBRUARY 7, 2017. (https://www.youtube.com/watch? 
v=uxfui6xTtEc) 
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Our TESLA GLASSES are used by Russian 
Central Intelligence Service. 


Our TESLA GLASSES are used by Russian 
Space Forces. 





Our TESLA GLASSES are used by Russian 
Strategic Missile Forces. 


Our TESLA GLASSES are used by Russian 
Ministry of Emergency Situations. 





Our TESLA GLASSES are used by Russian 
Federal Security Service. 


MBX POCCMU 


Our TESLA GLASSES are used by Russian 
Interior Ministry. 





WAVE GENOME LLC employs scientists from 
most advanced research group all over the world, 
including the present Moscow Bauman Russian 
State Technical University, the major Science 
University in Russia, of MIT level; and scientists of 
the former most secret USSR Research Institutes, 
which conducted studies in  psychotronics, 
e.g.,  "Scientific-Research Institute Energy" 
(founded in 1937, with 5000 scientists under 
supervision of the National Security Agencies of 
the Soviet Union (HayyHo- npovn3sBog_cTBeHHoe 
OGbemuHeHve SHeprua). The Scientific-Research 


Institute Energy was developing devices and 


https://wavegenome.com/index.html 
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BIT's 9" World 


Ww Gene Convention-2018 


Time: November 13-15, 2018 Venue: Singapore 
eee 


‘Symposium 3-1: Advances in Molecular & Cell Biology (i) 








Time: 18:30-17-10, November 14, 2018 (Wednesday): Place: Changi Room 2,4" Foor, Holdsy mn Singspore Atrium 





[Ghair: Br. Zsuzsa Srondy, Ful Professor, University of Debrecen, Hungary 
‘Co-Chair: Dr. rene Ceesar, CEO, Matrix Cty LLC, Russia; President, Wave Genome LLC, U 





4930-1335 | Chairs Introduction 


Title: Remote Management of Biosystems by Bioholography with as Mastering the Wave Optics in Chromosomes as the 
18:35-14:00 | Only Way of Stopping the impenaing Genetic Callpse 
Dr, irene Caesar, CEO, Matrix City LLC, Russias President, Wave Genome LLC, USA 

















DR. IRENE CAESAR, PRESIDENT, WAVE GENOME LLC, WAS INVITED 
TO CO-CHAIR THE SECTION "ADVANCES IN MOLECULAR & CELL 
BIOLOGY", AND HAD DELIVERED A SPEECH 'REMOTE MANAGEMENT 
OF BIOSYSTEMS BY BIOHOLOGRAPHY WITH ITS MASTERING THE 
WAVE OPTICS IN CHROMOSOMES AS THE ONLY WAY OF STOPPING 
THE IMPENDING GENETIC COLLAPSE" at the BIT's 9th World Gene 
Convention-2018, November 14, 2018, Singapore. Click here to view a 
video of Dr. Irene Caesar's speech. (https://www.youtube.com/watch? 


v=3rTMegMHPXI&t=1s) 


BIT'S 9** ANNIVERSARY 


WORLD DNA DAY-2018 


Theme: Accelerating Great Cooperation in Bioworld of the Belt and Road 
Date: April 25-27, 2018 Place: Dalian International Conference Center, China 





Title: Remote Management of Biosystems via the Digitized 


Biohologram of the Human Embryonic Stem Cell Based upon the Ww. 
13:35-14:00 Wave Optics of Chromosomes for Focusing Genetic Information cS 
Dr. Irene Caesar, CEO, Matrix Lid, Russia; President, Wave 
. Genome, USA WAVE GENOME 


DR. IRENE CAESAR, PRESIDENT, WAVE GENOME LLC, HAD 
DELIVERED A SPEECH 'REMOTE MANAGEMENT OF BIOSYSTEMS VIA 
THE DIGITIZED BIOHOLOGRAM OF THE HUMAN EMBRYONIC STEM 
CELL BASED UPON THE WAVE OPTICS OF CHROMOSOMES FOR 
FOCUSING GENETIC INFORMATION" at the BIT's 9th Anniversary WORLD 
DNA DAY-2018, Theme: "Accelerating Great Cooperation in Bioworld of the 
Belt and Road", April 26, Dalian, China. Click here to view a video of Dr. 
Caesar's speech. (https://www.youtube.com/watch?v=YiFPZLmV9- 
8&t=337s) 





BIT's 1st World Congress of Biomedical Engineering-2017 (WCBME-2017) 


© www.bitcongress.com C 








floud Popular News > 





Dr. Zhuo Li, General Manager of Greater China, NanoTemper Technologies, China 











01: Neural Engineering 





Time: 13:30-14:25, Nov. 9, 2017 ( Thursday) ; Place: Yu Lin Room A, 24 Floor, Hilton Xan 








Chair Dr. Irene Caesar, CEO, Matrix City LLC, Russia 





13:30-13:35 | Chair’s Introduction 





Title: Remote Biomedical Engineering via Mastering the Geometrical Optics of Chromosomes 
13:35-13:55 
Dr. Irene Caesar, CEO, Matrix City LLC, Russia 





Title: A Potential Activation Blocking Mechanism of High Frequency Stimulation on Axons 
13:55-14:05 
‘Ms, Longzhi Mel, Senior Research Assistant, Beth Israel Deaconess Medical Center USA 





Title: Modelling Cognitive Laws for Recognizing Emotions 
14:05-14:25 
Dr. Guihua Wen,Protessor, South China University of Technology, China 

















NOVEMBER 9-11, 2017 


DR. IRENE CAESAR WAS INVITED TO BE A CHAIR OF THE NEURAL 
ENGINEERING SECTION OF THE BIT'S 1st WORLD COGRESS OF 
BIOMEDICAL ENGINEERING, Theme: Co-creating a New Future of 
Biomedicine, November 9-11, 2017, in Xi'an, China. | will deliver paper called 
"REMOTE BIOMEDICAL ENGINEERING VIA MASTERING’ THE 
GEOMETRICAL OPTICS OF CHROMOSOMES". List of Renowned 
Speakers include professors from University of Oxford, UK; Harvard Medical 
School, USA; American College Of Clinical Engineering, USA; California 
South University, USA; University of Illinois at Chicago, USA; The Mount Sinai 
Medical Center, USA; University of California, USA; Washington University 
School of Medicine, USA; The Salerno Center for Complementary Medicine, 
USA; National Cancer Institute, NIH, USA; University of Pennsylvania, USA; 
Washington University in St. Louis Campus, USA; International Federation For 
Medical and Biological Engineering, USA; Louisiana State University Health 
Sciences Center in Shreveport, USA; International Spine Research 


Foundation, USA; RWTH Aachen University, Germany; Technical University of 


MAPA LIESAPL-MATPI 


WA POBADDYOEO YOPABDEHIAG. 





IRENE CAESAR, Ph.D., PRESIDENT AND OWNER OF 
WAVE GENOME: LECTURE "MATRIX AS A GLOBAL 
MANAGEMENT SYSTEM OF LIFE. MECHANISM OF 
REMOTE MANAGEMENT OF BIOSYSTEMS,” 
CONFERENCE "PSYCHICS - YESTERDAY, TODAY, 
AND TOMORROW, (4TH MEETING OF THE 
ASSOCIATION OF ASTRAL ANTHROPOLOGY AND 
PSYCHOLOGY), MOSCOW, RUSSIA, OCTOBER 10, 
2016. (https://www.youtube.com/watch? 


v=eEKzZQ4Wzcc) 


BEKOM. pexuccep Tania lapesa 





IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME, IN THE FILM BY RENOWNED 
RUSSIAN PRODUCER GALINA TSAREVA "I WANT TO. 
REMAIN HUMAN", AUGUST, 2016. 
(https:/www.youtube.com/watch?v=YTTWaIRT_OY) 





(https://www.youtube.com/watch? 
v=XuwV_QCTf2l) 

IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME: "REMOTE MANAGEMENT OF BIIO 
SYSTEMS BASED UPON THE SHAPE OF 
CHROMOSOMES AS DIFFRACTION GRATING FOR 
FOCUSING GENETIC INFORMATION" - RECORDING 
OF DR. IRENE CAESAR'S SPEECH, BANGKOK 
THONBURI UNIVERSITY 2ND INTERNATIONAL 
SYMPOSIUM, JULY 23, 2016. 
(https://www.youtube.com/watch? 
v=XuwV_QCTf2I) 


|» Picture (https://www.youtube.com/watch? 
v=pSsgOPUzz9A) 


IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME: "REMOTE MANAGEMENT OF BIIO 
SYSTEMS BASED UPON THE SHAPE OF 
CHROMOSOMES AS DIFFRACTION GRATING FOR 
FOCUSING GENETIC INFORMATION" - SLIDE SHOW 
OF THE LECTURE, BANGKOK THONBURI 
UNIVERSITY 2ND INTERNATIONAL SYMPOSIUM, 
JULY 23, 2016. 
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services for the first persons in the State, military 
commanders, diplomats, Special Forces and the 
Olympic Team. Technologies of the Institute 
were declassified in 2008. In the US, these 
technologies are still classified. Dr. Irene Caesar 
was also collaborating with the Scientific 
Research Institute for the National Security in 


Moscow, Russian Federation, now closed. 


Nonetheless, it was Dr. Irene Caesar herself who 
was first to offer to record the holographic signal 
of the wave matrices via laser from the 
pharmaceutical drugs as recreated bioholograms 
representing in this dimension the scalar wave 
diffraction gratings of multidimensional wave 
crystals. And Dr. Caesar was first to offer an idea 
to encode electrets via laser on nanolevel with 


these bioholograms of the pharmaceutical drugs. 


Dr. Caesar created a theory of the Wave Optics 
(Geometrical Optics) in chromosomes as 


refraction in the scalar wave diffraction grating. 


Dr. Caesar was first to offer an idea of DIGITAL 
PHARMACY as the collection not of frequencies, 


but of bioholograms. 


wat 





WAVE GENOME LLC is focused on developing and 
commercializing QUANTUM BIOCOMPUTING as 
the INFORMATION-WAVE TECHNOLOGY OF THE 
LASER BIOHOLOGRAPHY in the fields of 


rejuvenation, wellness and agriculture. 


THE INFORMATION-WAVE TECHNOLOGY OF 
LASER BIOHOLOGRAPHY is based 
upon the application of Quantum Physics to Genetics, 
a new theory of Genetics, which is called WAVE 
OPTICS IN CHROMOSOMES (© Irene Caesar, 
Ph.D., 1989-2018), and the application of various 
lasers, including the stabilized He-Ne lasers with 


internal mirrors. 


Specifically, this technology applies: 

- the holographic model of the Quantum Vacuum 
identical for macro and micro dimensions; 

- the holographic torsion model of the cell as a torus; 

- polarized bioholography and polarized bioholograms, 
based upon the principles of geometrical optics; 

- the notions of two kinds of torus: torus as a 
boundless sphere and torus as a wave crystal (© 
Irene Caesar, Ph.D., 1989); 

- the Kozyrev Mirror principle for the reflection of the 
external signal upon itself, and creating the scalar 
wave diffraction grating (wave crystal); 

- the diffraction grating (wave crystal) for the refraction 
of the external signal towards the zero center; 

- the notion of the zero center of the wave crystal as 
the information portal; 

- the notion of the instantaneous and remote 
transmission of information through the zero center of 
the wave crystal via quantum entanglement in the 


paradigm of the QUANTUM BIOINTERNET. 


INFORMATION-WAVE TECHNOLOGY OF THE 
LASER BIOHOLORAPHY is radically different from 
the Digital Homeopathy and _ Bioresonance 
Technology, though it is also based upon the wave- 
particle duality in physics. Cell dies when it goes into 


bioresonance with itself. Soviets had the psychotronic 


https://wavegenome.com/index.html 
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Munich, Germany; Institut Curie, France; University of Queensland, Australia; 
Tsinghua University, China; Asia Pacific Association for Medical Informatics, 
South Korea; European Medical Association, Belgium; University of Geneva, 
Switzerland; Gyeongbuk Institute of Science and Technology, South Korea; 
University of Geneva, Switzerland; The Standing Committee of European 
Doctors, Belgium; International Scociety of Medical Laser Applications, 
Austria. 

Link to the NEURAL ENGINEERING Session: 

http://www. bitcongress.com/wcbme2017/scientificprogram.asp 

List of 


Renowned Speakers: 


http:/www.bitcongress.com/wcbme2017/default.asp 


"REMOTE BIOMEDICAL ENGINEERING VIA 
MASTERING THE GEOMETRICAL OPTICS OF 
CHROMOSOMES" 


Abstract 


The same gene is expressed in functional individuals and species by 
metacentric chromosome, and in dysfunctional individuals and species via 
acrocentric chromosome. Metacentric chromosome is analogous to a well- 
centered and focused eye crystal, while acrocentric chromosome is analogous 
to a myopic or farsighted eye. Chromosome is a lens that allows our cells to 
focus the needed wave information during cell division, analogously to a 
crystal in our eye. Thus, Biomedical Engineering is possible only via mastering 
the Geometrical Optics of Chromosomes by Laser Bioholography. Current 
genetic engineering via cutting and pasting DNA snippets destroys the 
systematic wholes of chromosomal bioholograms and the refraction of the 
geometrical optics in chromosomes, and, therefore, causes genetic collapse. 
The Quantum Leap in the Biomedical Engineering is the cost of our survival. 
Biomedical Engineering as Bioholography is based on Quantum Physics, and 
understanding the non-local nature of the Bioholograms. Since universe is 
holographic, we can record and transmit only holographic information, based 
upon changing the refraction of the scalar wave diffraction grating in 
chromosomes. According to Holographic principle, Universe is entirely in its 
every matrix point. The implication of the Holographic Principle states that if 
Universe is entirely in its every matrix point, then, every matrix point is not 
simply different from any other matrix point, but is unique. This means that 
every wave matrix is both non-local, and unique. Thus, if we have two exact 
copies of the same non-local wave matrix, we can transmit information 
instantaneously and remotely, from one copy of the same non-local unique 
wave matrix to another copy. Thus, the precision in the Biomedical 
Engineering is achieved not via the precision of localization, but, vice versa, 
via the precision of refraction in the unique and non-local bioholograms aka 
“wave crystals”. The secret in the remote Biomedical Engineering as Quantum 
Biocomputing lies in the recording and instantaneous transmission of a 
structural phantom. | will introduce the new method for recording and remote 
transmitting of bioholograms via laser spectroscopy and coding electrets on 
nanolevel via laser. The technology creates “lenses” assisting our 
chromosomes in correcting their refraction for focusing genetic bioholographic 


information, both locally and remotely. 


APRIL 25-27, 2017 


IRENE CAESAR, PH.D., SPEECH "REMOTE MANAGEMENT OF 
BIOSYSTEMS AS BIOHOLOGRAPHY BASED UPON THE SHAPE OF 
CHROMOSOMES FOR FOCUSING GENETIC INFORMATION” at the 
Annual World Congress of Molecular & Cell Biology Xi'an, China. Click here 
(http:/www.bitcongress.com/cmcb2017/)for the official webpage of the 
Summit. Click here 
(http://www.bitcongress.com/cmcb2017/scientificprogram_4.asp) for the 


official list of participants. 
z = BIT'S 7 ANNUAL WORLD eS 4 
‘, CONGRESS OF 


Date: April 25-27, 2017 Place: Xi'an, China 
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(https://www.youtube.com/watch? 
v=pSsgOPUzz9A) 


GOSPEL. OF IRENE 





IRENE CAESAR, PH.D., FOUNDER, OWNER AND 
PRESIDENT OF WAVE GENOME: LECTURE "GOSPEL 
OF IRENE" (PAPER "GOSPEL OF IRENE" WAS 
PUBLISHED IN FULL IN THREE ISSUES OF THE 
SOCIALIST FACTOR MAGAZINE, LUCKNOW AND 
LONDON), THE STRATEGIC INFORMATICS 
ADVISORY, MARYLAND, USA, JULY 7, 2016. 
(https://www.youtube.com/watch? 


v=QFEErBqSJjY &feature=youtu.be) 


HTOBOM DUSK, 


bom O72 





IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME: "HYPERBOREAN THEORY FROM 
THE POINT OF VIEW OF QUANTUM PHYSICS" - 
PAPER DELIVERED AT THE CONFERENCE 
"ESOTERICS, NEW TURNAROUND", ASSOCIATION 
OF ANTHROPOLOGY AND PSYCHOLOGY, MOSCOW, 
MAY 16, 2016. (https://www.youtube.com/watch? 
v=CRbRsohAgi4) 


VIPMHA UEAPE - TOOT PAMYECK Wen) sa Ee BCEDE HOM 





IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME: "HOLOGRAPHIC PRINCIPLE OF THE 
STRUCURE OF THE UNIVERSE" - PAPER DELIVERED 
AT THE CONFERENCE "UNKNOWN COSMOS", 
ASSOCIATION "PROTOHISTORY", MOSCOW, MAY 14, 


2016. (https://www.youtube.com/watch? 


v=M40YWLLmP4c) 


|» /Picture (https://www.youtube.com/watch? 
v=RT1nSUJilbY) 


IRENE CAESAR, PH.D., PRESIDENT AND OWNER 
WAVE GENOME: "STRUCTURALIST WAVE GENOME 
AS THE FOUNDATION FOR SUPER INTELLECT" - 
PAPER DELIVERED AT THE CONFERENCE OF THE 
ASSOCIATION FOR ANTHROPOLOGY AND 
PSYCHOLOGY, MOSCOW, APRIL 26, 2016. 
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weapon, based upon the principle of bioresonance. 
Thus, the bioresonance technologies in the West are 
still wide spread simply because they cannot do 
enough harm due to incompetence. The information is 
received and transmitted not through waves 
(frequencies). The information is received and 
transmitted through the GEOMETRICAL CODES of 


the wave crystals. 


Also, the INFORMATION-WAVE TECHNOLOGY OF 
THE LASER BIOHOLORAPHY is not the scalar wave 
technology, since scalar waves neutralize any external 
signal. And to call the INFORMATION-WAVE 
TECHNOLOGY OF THE LASER 
BIOHOLOGRAPHY as the "scalar wave technology" 
is to say nothing. Scalar waves are only one element 
of this technology. Information is not received and 
transmitted via scalar waves. Scalar waves are 
simply used for creating the diffraction grating inside 
the wave crystal in order to refract the external signal 
toward the zero center of the wave crystal. 
Information is received and 
transmitted ONLY through the zero center of the 
biohologram / wave matrix (wave crystal). 
The information is transmitted from one identical token 
to another identical token of the same unique non- 
local wave matrix REMOTELY 
and INSTANTANEOUSLY 
via QUANTUM INTERNET. 


WAVE GENOME LLC employs only professional and 
experienced specialists to administer rejuvenation 
treatments in its partner clinics and produce its 
products, including the TESLA WATER é(/tesla- 
water.html) and MINI-TESLA GENERATOR (/tesla- 
generator.html). Majority of WAVE GENOME LLC 
specialists are both MD and Ph.D. and are well-known 


doctors all over the world. 


WAVE GENOME'S LLC scientists have conducted 
the first in the world experiment for the remote 
lowering of the blood sugar in a diabetic cow at a 
distance of 20 kilometers in the mid 1990s. WAVE 
GENOME LLC has eight years of benefiting global 
market with its services and products, which 


are patented, licensed, and certified. 








Irene Caesar, Ph.D., Speech "Remote 
Management of Biosystems Based upon the 
Shape of Chromosomes as Diffraction Grating for 
Focusing Genetic Information", International 
Symposium HEALTH 2.0, Nanjing, China, 
November 9-10, 2016. 


https://wavegenome.com/index.html 
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BIT’S 7TH ANNUAL WORLD CONGRESS OF 
i" Lo] ei 6] BN a. oj 1 a =] [e)] ele) 


APRIL 25-27 2017 


XVAN, CHINA 


IRENE CAESAR, PH.D. 


PRESIDENT, WAVE GENOME 
CEO, MATRIX CITY 


CONN aA ANC] 1) 1) @) 
= (@s-> 4-5) N=] [e] (e) Melci vN ah 
BASED UPON THE SHAPE OF 
(od 1310) (Ol-10] | Se). ae re led ei) 1) Te! 
GENETIC INFORMATION 


Keynote speakers: Dr. Christian Paterman, Former Director, European Commission, 
Germany; Dr. Martin Banwell, Professor, Australian National University, Australia; Dr. 
Robert S. Plumb, Professor, Imperial College London, UK; Dr. Dongping Zhong, 
Professor, Ohio State University, USA. 





Abstract 


We are standing at the threshold of the 
biggest scientific revolution in the 
history of human kind, called Quantum 
Leap. All Transhumanist models of 
genetic modification of organisms, 
relying on global artificial intellect and 
brain-computer interfaces are obsolete 
technologies of the pre-Quantum Era. 
Either Biology makes Quantum Leap, 
or humankind will be destroyed by 
genetic collapse. Human enhancement 
is possible only through mastering the 
geometrical optics of chromosomes via 


Bioholography. 


Now bioengineering fails since it does not account for the geometrical optics of 
chromosomes, leading to the corruption of genomes. The same gene gets expressed 
in dysfunctional individuals by acrocentric chromosome, and in functional individuals 
by metacentric chromosome. | claim that chromosome is a geometrical code and 
functions via refraction in the wave crystal, i.e., nonlocal unique biohologram or wave 
matrix that focuses genetic information unique to this individual via his / her own 
unique scalar wave diffraction grating. The implication of the holographic principle 


states that if the universe is entirely in its every matrix point, then, every matrix point 





(https://www.youtube.com/watch? 
v=RT1nSUJilbY) 


Another version of this video recording. 
(http:/www.wavegenome.com 


http://www.thematrixcity.com) 


|» )Picture (http://Skip navigation RUUpload 


Search Analytics Video Manager WPAHA 
LE3APb O BONHOBOM FEHETUKE Vi CEBE 
MOBASIbHAA BONHA 3 ANPENA 2016 Irene 

Caesar Irene Caesar Channel 
settingsDownload720 Add to Share More 82 
views Published on Jun 7, 2016 VPUHA 
LE3APb O BONHOBOM FEHETUKE Vi CEBE 

MOBANIbHAA BONHA 3 ANPENA 2016 
SHOW MORE Comments are disabled for this 
video. Autoplay Up Next Cepret Cannb OTBet 
eBpenke Llesapb - Cannb no3op Poccuu urpa B 
6ucep 12,851 views 50:28 UPUHA LIESAPb - 

PABBUH 3TO PYCO-APUI MMOBASIBHAA 
BONIHA Irene Caesar 97 views 2:52:41 

SacnaHHbii Ka3a4ok Vpuna Lle3sapb unu 
ouepegHo npoekT caTaHou3z6paHHbIix (Ceprei 
Cannb) CBetocnas 4,499 views 50:28 VPAHA 

LIESAPb - CTPYKTYPHAA BONHOBAA 

TEHETUKA KAK OCHOBA CBEPXPA3YMA 

Irene Caesar 362 views 18:05 CNWLIbIH - 
3onotaa Opazja. Omutpun Joxckon. Hawectaua 
xaHos. Kynukosckaa 6uTBa. Mouronbi uv Pycb. 

Esrenun Cnuubiq ACTOPUA POCCUM 
Recommended for you 57:16 APAHA LIESAPb 
- JOKASATESIbCTBA QPEBHOCTU PYCOB 
lrene Caesar 162 views 1:09:36 America) 


IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME - NTERVIEW ABOUT WAVE GENOME 
ON GLOBAL WAVE, MOSCOW, APRIL 3, 2016 
(https://www.youtube.com/watch? 
v=VNLtnfLCOlk&feature=youtu.be) 


(https://www.youtube.com/watch? 
v=tgF8PCbRJCQ&feature=youtu.be) 





IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME: "GENOME IS THE REFRACTION OF 
SIGNALS TOWARDS THE FOCUS IN THE WAVE 
CRYSTAL OF CHROMOSOMES" - GUEST PUBLIC 
LECTURE "DNA GENEALOGY IN THE LIFHT OF 
RUSSIAN IDEA", EXTRACT, RESEARCH CENTER ON 
THE ETHICS OF THE RUSSIAN WORLD, MOSCOW, 
MARCH 16, 2016 
(https://www.youtube.com/watch? 

v=tgF 8PCbRJCQ&feature=youtu.be) 


|» Picture (https://www.youtube.com/watch? 
v=nPgyM2d0HQg&feature=youtu.be) 


IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME: "CONFIRMATION OF THE 
HYPERBOREAN THEORY BY QUANTUM PHYSICS" - 
GUEST PUBLIC LECTURE "DNA GENEALOGY IN THE 
LIFHT OF RUSSIAN IDEA", EXTRACT, RESEARCH 
CENTER ON THE ETHICS OF THE RUSSIAN WORLD, 
MARCH 16, 2016 
(https://www.youtube.com/watch? 
v=nPgyM2d0HQg&feature=youtu.be) 
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Irene Caesar, Ph.D., Speech "Remote 
Management of Biosystems Based upon the 
Shape of Chromosomes as Diffraction Grating for 
Focusing Genetic Information", International 
Symposium HEALTH 2.0, Nanjing, China, 
November 9-10, 2016. 





DISPATCH FROM MOSCOW Irene Caesar 





Quantum Genetics 





Sciaus AOR | 





(/theory-- 
-105810451054105610481071.html) 


SEPTEMBER 2016 
IRENE CAESAR'S ARTICLE 
“QUANTUM GENETICS" IN 
SEPTEMBER 2016 ISSUE OF 
"SOCIALIST FACTOR" MAGAZINE 
(LUCKNOW AND LONDON), as_ the 

publication of Irene Caesar's paper "Remote 
Management of Biosystems Based upon the Shape of 
Chromosomes as Diffraction Grating for Focusing 
Genetic Information", delivered as lecture at the 
Thonburi 


Bangkok International 


Symposium, July 23, 2016. Click here (http://2016-9- 


University 


irene-caesar-quantum-genetics-socialist-factor- 


magazine.pdf) for the PDF of the article. 





(https:/Avww.youtube.com/watch? 
v=MuYnjs6khiU) 


OCTOBER 1-2, 2016 
IRENE CAESAR'S SEMINAR "REMOTE 
MANAGEMENT OF BIOSYSTEMS BASED UPON 


https://wavegenome.com/index.html 


WAVE GENOME - WAVE GENOME 


is not simply different from any other matrix point, but is unique. Thus, if we have two 
exact copies of the same unique non-local biohologram, we can transmit information 
remotely and instantaneously from one copy to another copy for the remote 


management of biosystems. 


e817 
cs) ‘7% 7% Annu Workd Congress wt Motccutar & Catt Mlabney-24 





Title: Remote Management of Biosystems 3S Bioholography Based upon qe 
Shape of Chromosomes for Focusing Genetic Information 
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ie drugs (founded 2016); Founder and President of Wave Genome, company 
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GLOBAL LAUNCH OF 
ULTIMATE TESLA 
PSYCHOTRONIC GENERATOR 
BY WAVE GENOME 














| 





Click here (/ultimate-mini-tesla-psi-generator.html) to read 
PRESS RELEASE on the GLOBAL LAUNCH OF THE 
ULTIMATE TESLA PSI-GENERATOR by WAVE GENOME 


ULTIMATE TESLA PSI-GENERATOR IS BASED UPON 
IMPORTANT DISCOVERY BY DR. IRENE CAESAR 
REGARDING THE SHAPE OF CHROMOSOMES AS 
DIFFRACTION GRATING / REFRACTION MECHANISM FOR 
FOCUSING GENETIC INFORMATION 


| |Picture (https:/Awww. youtube.com/watch? 
v=ONPUDcRVgHY &feature=youtu.be) 


IRENE CAESAR, PH.D, PRESIDENT AND OWNER OF 
WAVE GENOME: "SHAPE OF CHROMOSOMES AS A 
KEY TO WAVE GENOME - GUEST PUBLIC LECTURE, 
CHETEK ("MAN, TECHNOLOGY, CAPITAL"), 
MOSCOW, JANUARY 27, 2016 
(https://www.youtube.com/watch? 
v=ONPUDcRVGHY &feature=youtu.be) 


| )Picture (https://www.youtube.com/watch? 
v=2BCiU31THbQ) 


IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME: "WAVE GENOME - LOCAL AND 
REMOTE BIOELECRONIC DRUGS AS FRONTIER OF 
QUANTUM LEAP" - LECTURE, HOSTED BY PRAXIS 
DR. GRUENAGEL, TRANSLATED BY KATIA MEIER, 
MD (OWNER OF THE CLEAR SKY MEDICAL, PC, IN 
DENVER, CO), WACHENHEIM, GERMANY, FEBRUARY 
18, 2015, PART 1 (https://www.youtube.com/watch? 
v=2BCiU31THbQ) 

PART 2 (https://www.youtube.com/watch? 
v=2a9dDLfCE5g) 

PART 3 (https://www.youtube.com/watch?v=Ntg- 
IJFC974) 


|» Picture (https://www.youtube.com/watch? 
v=PasGu7kjhyQ) 

IRENE CAESAR, PH.D., PRESIDENT AND OWNER OF 
WAVE GENOME: "QUANTUM LEAP VIA WAVE 
GENOME" - LECTURE, AS PART OF WAVE 
GENOME'S PARTICIPATION IN EVOLVE EXPO 2015, 
EVOLVE EXPO 2015, THE NATIONAL WESTERN 
COMPLEX, DENVER, COLORADO, USA, FEBRUARY 
7-8, 2015 (https://www.youtube.com/watch? 
v=PasGu7kKjhyQ) 


| -Picture (https://www.youtube.com/watch? 
v=xWYkXpzVJPo) 


KATIA MEIER, MD, REPRESENTATIVE OF WAVE 
GENOME IN COLORADO, OWNER OF CLEAR SKY 
MEDICAL, PC, ON HER REPRESENTATION OF WAVE 
GENOME - LECTURE AS PART OF WAVE GENOME'S 
PARTICIPATION IN EVOLVE EXPO 2015, EVOLVE 
EXPO, THE NATIONAL WESTERN COMPLEX, 
DENVER, COLORADO, USA, MARCH 7-8, 2015 
(https://www.youtube.com/watch? 
v=xWYkXpzVJPo) 


|» Picture 


IRENE CAESAR'S, PH.D., SEMINAR WELLENGENOM 
@ ORANIA-ZENTRUM, GERMANY, KURNACH BEI 
WURZBURG, FILM BY EXTREME NEWS, NOVEMBER 
21-23, 2014 (https://www.youtube.com/watch? 
v=PHPBOCkdmiQ) 


|» Picture 


(http://www.wavegenome.com/1/post/2013/08/leakproof 


the-singularity-irene-caesar-interviews-roman- 
yampolskiy.html) 


LEAKPROOFING THE SINGULARITY: IRENE CAESAR 
INTERVIEWS ROMAN YAMPOLSKIY, AUGUST 6, 2013 
(http:/www.wavegenome.com/1/post/2013/0 
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THE SHAPE OF CHROMOSOMES AS 
DIFFRACTION GRATING FOR FOCUSING 
GENETIC INFORMATION", Jane Mackenzie's 
Rejuvenating Centre, Johannesburg. Click here 
(https://www. youtube.com/watch?v=MuYnjs6khiV) for 


the video. 


Remote Management of Biosystems 
based upon the 
Shape of Chromosomes as a 
Diffraction Grating for Focusing Genetic Information 


iN 


REJUVENATING CENTRE BY JANE MACKENZIE 
26 PORTMAN ROAD, BRYANSTON, JOHANNESBURG 


www.janemackenzie.co.za 


OCTOBER 1-2, 2016 

IRENE CAESAR'S “REMOTE 
MANAGEMENT OF BIOSYSTEMS BASED UPON 
THE SHAPE OF CHROMOSOMES AS 
DIFFRACTION GRATING FOR FOCUSING 
GENETIC 


SEMINAR 


INFORMATION", Jane  Mackenzie’s 


(http:/Awww.janemackenzie.co.za) Rejuvenating 
Centre Johannesburg. 


(http://www.rejuvenatingcentre.co.za) 
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(https:/Awww. youtube.com/watch?v=lyfh-C30Sm0&feature=youtu.be) 





ON DECEMBER 2, 2016, IRENE CAESAR, PH.D.. PRESIDENT, 
FOUNDER AND OWNER OF WAVE GENOME, LAUNCHED 
HER NEW PRODUCT -- ULTIMATE MINI-TESLA PSI- 
GENERATOR FOR THE ULTIMATE PROTECTION AGAINST 
PSYCHOTRONIC AND GENETIC WARFARE. Intellectual and 
Commerical Property belongs to WAVE GENOME. Magnus 
Olsson, President of Mindtech Enterprises, becomes the 
designated Distributor for WAVE GENOME'S ULTIMATE MINI- 
TESLA PSI-GENERATOR, available on wavegenome.com 
(http://www.wavegenome.com) and  mindtechenterprises.com 
(http://www.mindtechenterprises.com). Click here 
(https://www.youtube.com/watch?v=lyfh- 
C30Sm0&feature=youtu.be) to see the official video of the 
global launch of THE ULTIMATE MINI-TESLA PSI-GENERATOR 
by WAVE GENOME. 


cj Me} -7.\ aa .\ 0] fer Me) og 
TESLA GLASSES 
BY WAVE GENOME 


(/order-tesla-glasses.html 


LECT 


é tT ) Peasy 
~— VA 


(/order-tesla-glasses.html) 


Click here (/order-tesla-glasses.html) to read about WAVE 
GENOME TESLA GLASSES. 


8/leakproofing-the-singularity-irene-caesar- 
interviews-roman-yampolskiy.html) 


|» Picture (https://www.youtube.com/watch? 
v=rVU1MHIruwQ) 


IRENE CAESAR, PH.D.: "MATRIX CITY - PUBLIC 
LECTURE AT THE HARRIMAN INSTITUTE, COLUMBIA 
UNIVERSITY, SEPTEMBER 13, 2012 
(https://www.youtube.com/watch?v=rVU1MHIruwQ) 


MORE (/news.html) 


In November 2011, Dr. Irene Caesar presented to 
President Vladimir Putin's Agency for Strategic Initiatives 
her project of the MATRIX CITY - the self-sufficient city as 
an integrated information-wave matrix, built with the 
application of the information-wave technologies of the 
Quantum Leap. In August 2012, Dr. Irene Caesar offered 
her project of the MATRIX CITY to the Institute 
for National Security in Moscow for practical realization. 
As a result, Dr. Irene Caesar, Founder, Owner and 
President of Wave Genome, and Dr. Alexej Diaschev had 
established the Consortium "Matrix City" 
(http://www.thematrixcity.com). Irene Caesar, Ph.D., 
presented her project of the Matrix City in her public 
lecture at the Harriman Institute of the Columbia University 


on September 13, 2012. 


WE OFFER: 


|» Picture 


Irene Caesar, Ph.D., Founder, Owner and President 
of WAVE GENOME with Magnus Olsson, President 
of Mind Tech Enterprises, and Director of World, 
European and US Coalitions Against Covert 
Electronic Harassment, one of Distributors of WAVE 
GENOME. 


* MINI-TESLA PSI-GENERATOR (/tesla- 
generator.html) 


as a chip (artificial crystal) structured with the generic or 
personal biohologram / wave matrix by the laser on the 
nano level for healing, rejuvenation and self-defense from 
harmful electromagnetic fields, psychotronic and psychic 


attacks, and genetic warfare; 


e WAVE PHARMACEUTICALS (/wave- 
pharmaceuticals.html) VIA DIGITAL 
PHARMACY (/digital-pharmacy-software- 
-1057105410601058- 
10621048106010561054104210541049- 
104010551058104510501048.html) 


via generic and individual wave matrices. WAVE MATRIX 
(http://www.wavegenome.com/wave- 
pharmaceuticals.html) is the hologram, recorded by the 
laser. WAVE MATRICES 
(http://www.wavegenome.com/wave- 
pharmaceuticals.html) include (a) INDIVIDUAL WAVE 
MATRIX (http://www.wavegenome.com/wave- 
pharmaceuticals.html), recorded by the laser from the 
childhood photograph, placenta or navel blood, or/and (b) 
generic WAVE MATRIX 
(http://www.wavegenome.com/wave- 
pharmaceuticals.html) recorded by the laser from the 
healthy human cells and bodily systems, 

and digitised as DIGITAL CELLS, 
(http://www.wavegenome.com/wave- 
pharmaceuticals.html)(c) generic or personal WAVE 
MATRICES (http://www.wavegenome.com/wave- 
pharmaceuticals.html) of medications as psi- 


medications, including such psi-pharmaceuticals, as psi- 
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(https:/Awww. youtube.com/watch? 
v=Z8O0tz0gbqeM) 
DECEMBER 2, 2016 

IRENE CAESAR, PH..D, PRESIDENT, 
FOUNDER AND OWNER OF WAVE 
GENOME: "HOW THE ULTIMATE 
TESLA PSI-GENERATOR WORKS", 
Global Launch of the ULTIMATE 
TESLA PSI-GENERATOR by WAVE 
GENOME. Click here 


(https://www.youtube.com/watch? 


v=Z8Otz0gbqeM) for the video. 





https://www.youtube.com/watch? 
v=6BpWw4R8XBo) 


( 


DECEMBER 2, 2016 

IRENE CAESAR, PH.D., FOUNDER 
AND PRESIDENT OF WAVE 
GENOME, ON POLARIZED 
BIOHOLOGRAPHY. Click here 
(https://www.youtube.com/watch? 
v=6BpWw4R8XBo8feature=youtu.be) 


for the video. 


IRENE CAESA 


MME Enrenuit Furavaw costed in 





https://www.youtube.com/watch? 
v=H8hkdkMMkMg) 
DECEMBER 2, 2016 

IRENE CAESAR, PH..D, PRESIDENT, 
FOUNDER AND OWNER OF WAVE 
GENOME ON WAVE GENOME 
PRODUCTS, Global Launch of the 
ULTIMATE TESLA PSI-GENERATOR 
by WAVE GENOME. Click here 


(https://www.youtube.com/watch? 


v=H8hkdkMMkMg) for the video. 





(https://Awww. youtube.com/watch? 


v=2QgxLxAbkWs&feature=youtu.be) 


DECEMBER 2, 2016 

IRENE CAESAR, PH.D., FOUNDER 
AND PRESIDENT OF WAVE 
GENOME: "WAVE GENOME FOR 
VICTIMS OF VOICE TO SKULL” 
(WAVE GENOME helps V2K victim 
Magnus Olsson). Click here 
(https://www.youtube.com/watch? 
v=2QgxLxAbkWs&feature=youtu.be)for 


the video. 





(https://www.youtube.com/watch?v=zQgSz2_PdG0&spfreload=10) 


DECEMBER 2, 2016. IRENE CAESAR & MAGNUS OLSSON WAVE GENOME 
HELP TO V2K VICTIMS. Click here (https:/www.youtube.com/watch? 


v=zQgSz2_PdG0) for the video. 


IRENE CAESAR ON.QUANTUM LEAP OF WAVE. GENOME. 





Se 


(https:/Awww. youtube.com/watch?v=sgttqrKAFlg) 


VYagra, psi-hormones, etc. WAVE PHARMACEUTICALS 
(/wave-pharmaceuticals.html) has various platforms for 


dispensation, including: 


(1) generic or personal WAVE MATRICES 
(http://www.wavegenome.com/wave- 
pharmaceuticals.html), encoded by the laser in the chip 
of the PSI-GENERATOR 
(http://;www.wavegenome.com/order-your-mini-tesla- 


generator.html) on the nano level; 


(2) INDIVIDUAL WAVE MATRIX 
(http://;www.wavegenome.com/wave- 
pharmaceuticals.html), DIGITAL CELL 
(http://;www.wavegenome.com/wave- 
pharmaceuticals.html) and DIGITAL 
PHARMACEUTICALS (/wave-pharmaceuticals.html) - 
generic or personalised wave matrices of human cells and 
pharmacueuticals recorded by lasers, digitised and 
administered as holographic / granulated signal in the 
form of the WHITE NOISE 
(http://;www.wavegenome.com/wave- 
pharmaceuticals.html), encoded into the music in the 
acoustic and video PSI-PROGRAM (/digital-pharmacy- 
software--1057105410601058- 
10621048106010561054104210541049- 
104010551058104510501048.html) of the binaural self- 
therapy. Each psi-generator comes with the flash drive, 
which contains a software with COMPREHENSIVE 
DIGITAL PHARMAC (/digital-pharmacy-software- 
-1057105410601058- 
10621048106010561054104210541049- 
104010551058104510501048.html)Y that has 44 

digital modules of the digitized wave matrices in the form 
of the white noise, encoded into the music, for every 
bodily system (e.g., endocrine system, reproductive 
system, cardiovascular system, digestive system, etc.) 
and every vital organ in the body (e.g., liver, kidney, brain, 
etc.) -- 22 modules for organs and 22 modules for 
physiological systems. Digital drugs per se, like psi-vyagra 
or psi-hormones, are offered as extra. White noise, 
generated by the PSI-PROGRAM (/digital-pharmacy- 
software--1057105410601058- 
10621048106010561054104210541049- 
104010551058104510501048.html), can be used for 
programming water. Digital encoding of wave matrices 


onto various media via laser is available; 


(3) QUANTUM INTERNET (/remote-laser- 
treatment.html) - wireless programming of biosystems, 
water and human condition via laser. QUANTUM 
INTERNET is REMOTE, WIRELESS, 

and INDIVIDUALISED; 


* TESLA WATER (/tesla-water.html) 


Bioactive restructured water charged remotely via 
QUANTUM INTERNET with the use of laser through 
Quantum nonlocality, or charged locally by the white noise 
(initially programmed by the laser, and, then, digitized), 
when you run your program of the DIGITAL PHARMACY 
(/wave-pharmaceuticals---digital-pharmacy.html) on your 
computer. In both cases, you need to purchase MINI- 
TESLA PSI-GENERATOR (/tesla- 

generator.html). TESLA WATER (/tesla-water.html) is 
either individualised for every client or generic for specific 
conditions. TESLA WATER can be used in agriculture to 


increase its productivity manifold; 
e REMOTE REJUVENATION "OM" (/remote- 
laser-treatment.html) 
via QUANTUM INTERNET for all the physiological 


systems, including endocrine system, digestive system, 


cardiovascular system, hearing / eye sight, reproductive 
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DECEMBER 2, 2016. IRENE CAESAR ON THE QUANTUM LEAP OF WAVE 
GENOME. Click here (https://www.youtube.com/watch?v=sgttqrKAFlg) for the video. 





(https://newsinsideout.com/2017/01/dr{https://www.youtube.com/watch? 


irene-caesar-reveals-russian- 
quantum-leaps-new-science- 
next-evolution-health-now- 
available-online- 
mindtechenterprises-com/) 


v=OwHafg-VJNI) 


DECEMBER 17, 2016 

IRENE CAESAR, PH.D., INTERVIEW 
TO ALFRED LAMBREMONT WEBRE: 
JANUARY 2, 2017 "Dr. Irene Caesar reveals Russian 
ARTICLE BY ALFRED 
LAMBREMONT WEBRE ON DR. 
IRENE CAESAR AND HER 
COMPANY WAVE GENOME: "Dr. 


Quantum Leap’s new science — Our 
next evolution in health, now available 
online at MindTechEnterprises", By 
Alfred Lambremont Webre. With the 
Irene Caesar reveals Russian participation of MindTech Enterprices 
Quantum Leap’s new science — Our Team -- distributors of products of Irene 
next evolution in health, now available Caesar's company Wave Genome, 
online at MindTechEnterprises.com Magnus Thorwald Olsson and Madlen 
and wavegenome.com", News Namro. Click here to see the video 
Insideout. Click here (https://www.youtube.com/watch? 
(https://newsinsideout.com/2017/01/dr- v=2T2VRsJNE34). 
irene-caesar-reveals-russian-quantum- 
leaps-new-science-next-evolution- 

health-now-available-online- 

mindtechenterprises-com/) to read the 


article. 


Dr. Irene Caesar, CEO, Matrix Ltd., Russia; 
President, Wave Genome, USA 
+View Bio 





Health 2.0 Asia 2616 


International Summit on Smarter Healthcare & Great Health Industry 
Theme: Smart Science & Technology Services Health 
Time: November 9-10, 2016 Place: Nanjing, China 





BA: STHARMASTMAMOAEAURMEORE ERE 
Title: Remote Management of Biosystems Based upon the Shape of Chromosomes as Diffraction Grating for 
18:60-16:10 Focusing Genetic Information 


rene Caesarifit, AS MiMatrixds AHIATH; XHWave Genomes) ma 
Dr. Irene Caesar, CEO, Matrix Lid., Russia; President, Wave Genome, USA 














NOVEMBER 9-10, 2016 

IRENE CAESAR, PH.D., SPEECH "REMOTE MANAGEMENT OF BIOSYSTEMS 
BASED UPON THE SHAPE OF CHROMOSOMES AS DIFFRACTION GRATING 
FOR FOCUSING GENETIC INFORMATION” at the International Health 2.0 Asia 
2016 Conference in Nanjing, China, supported by Nanjing Municiple Government, 
and with the participation of Professor Daniel Shechtman, Nobel Prize Laureate in 
Chemistry (2011). Click here 
(http://www.bitcongress.com/HEALTH2016/default.asp) for the official webpage of 
the Summit. Click here 
(http://;www.wavegenome.com/2016_11_9_10_Irene_Caesar_at_Health_2_Asia_l| 


nternational_Summit_Speaker_List.pdf) for the official list of participants. 


system, intellectual abilities, improvement of memory, 
psychic abilities, sexual potency, etc. This service is 
provided remotely via WIRELESS QUANTUM INTERNET 


(/remote-laser-treatment.html); 


e SUBSCRIPTION PACKAGES FOR 
MAINTENANCE 
(http://)wavegenome.com/wave-genome--- 


prices.html) (in works) 


Client can purchase the everyday maintenance of 

his WAVE MATRIX 
(http:/www.wavegenome.com/wave- 
pharmaceuticals.html). Client sends his data to the 
Institute either via the conventional internet, and via 

the QUANTUM INTERNET (/remote-laser- 
treatment.html). HOLOGRAPHIC MAINTENANCE 
(http://www.wavegenome.com/wave- 
pharmaceuticals.html) is the correction of the intensity 
and modules of bioholograms / wave matrices in 
accordance with the changing client's condition, earthly 
electro-magnetic activity, solar and lunar activity, 
geophysical activity, and predicted social unrest. The 
correction is provided by the specialists of WAVE 
GENOME LLC remotely or locally. HOLOGRAPHIC 
MAINTENANCE (http://www.wavegenome.com/wave- 
pharmaceuticals.html) is provided via the update of the 
digital files in the Digital Pharmacy and by the remote 
(non-local) laser signal via QUANTUM INTERNET 
(/remote-laser-treatment.html). For example, we can 


offer the remote management of diabetes; 


* CLINIC with LARGE-SIZE PSI-GENERATORS 
(/quantum-clinic.html) 


Exclusive rejuvenation services in our partner clinics for 
restoration and self-defense, especially for patients who 
were refused by conventional medicine, infertility cases, 
impotence, drug dependence, and rehabilitation. 
BIOHOLOGRAPHIC TREATMENT can restore 
menstruation cycles in the post-menopausal women over 


60 years old, so that a woman can again bear a child; 


* TESLA ENHANCEMENT (/quantum- 
clinic.html) 


Special programs in our partner clinics for those who are 
seeking to enhance their mental and physical abilities via 
LARGE-SIZE PSI-GENERATORS (/quantum- 


clinic.html); 


* CONSULTING SERVICES (/ask-our- 
maven.html) 


regarding the Quantum Leap information-wave 


technologies by our mavens. 


|» ,Picture (/theory-- 
-105810451054105610481071.html) 


AUGUST 2016 

IRENE CAESAR'S ARTICLE (2012) "HOW TO BUILD 
MATRIX CITY" IN AUGUST 2016 ISSUE OF 
"SOCIALIST FACTOR" MAGAZINE (LUCKNOW AND 
LONDON), first published on thematrixcity.com in 2012, 
as a major document of the Matrix City Consortium 
(founded August 2012), Co-founded by Dr. Irene Caesar 
and the Institute for National Security in Moscow. Click 
her (http://wavegenome.com/2016-8-irene-caesar-matrix- 
city-socialist-factor-magazine.pdf)e for the PDF of the 


article. 
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Irene Caesar, Ph.D., Speech "Remote Management of Biosystems Based 
upon the Shape of Chromosomes as Diffraction Grating for Focusing Genetic 
Information", International Symposium HEALTH 2.0, Nanjing, China, 
November 9-10, 2016. 














Irene Caesar, Ph.D., Speech "Remote Management of Biosystems Based 
upon the Shape of Chromosomes as Diffraction Grating for Focusing Genetic 
Information", International Symposium HEALTH 2.0, Nanjing, China, 
November 9-10, 2016. 


(https://www.youtube.com/watch? 
v=bECHfG4WttQ) 





OCTOBER 10, 2016 

LECTURE BY IRENE CAESAR, Ph.D., 
"MATRIX AS A GLOBAL 
MANAGEMENT SYSTEM OF LIFE. 
MECHANISM OF REMOTE 
MANAGEMENT OF BIOSYSTEMS." 
Conference "Psychics - yesterday, today 
and tomorrow", October 10, 2016, (4th 
Meeting of the Association for Astral 
Anthropology and Psychology), House 
of Culture "Scarlet Sails", Moscow, 
Russia. Click here 
(https://www.youtube.com/watch? 
v=bECHfG4WttQ) for the video. Click 
here 
(https://www.youtube.com/watch? 
v=eEKzZQ4Wzcc) for another version 


of vidoe recording. 


IRENE CAESAR, PH.D. 


REMOTE MANAGEMENT OF BIOSYSTEMS BASED UPON THE 
‘SHAPE OF CHROMOSOMES AS DIFFRACTION GRATING FOR 
FOCUSING GENETIC INFORMATION 





Weekend Seminar - October 1-2, 2016 


Jane Mackenzie's Rejuvenating Centre 
‘Johannesburg 


We are proud to prosent rene 
(Cassar, Ph.D, extraordinary 
researcher, President, Founder 
‘and Sole Owner of Wave Genome 
(Vounded 2010) who created 3 new 
“phenomenal new theory" of 
‘genetics that perfectly explains 
‘Autism and other degenerative 
‘isoases (Or. Jay Dubinsky, co- 
‘owner of EGG PHARMA) via the 
‘application of Geometrical Optics 
to Chromosomes. 








OCTOBER 1-2, 2016 

PRESS RELEASE FOR IRENE 
CAESAR'S SEMINAR "REMOTE 
MANAGEMENT OF _ BIOSYSTEMS 
BASED UPON THE SHAPE OF 
CHROMOSOMES AS DIFFRACTION 
GRATING FOR FOCUSING GENETIC 
INFORMATION", Jane Mackenzie’s 
Rejuvenating Centre Johannesburg. 
Click here 
(http://)www.wavegenome.com/2016_9 
_1_irene_caesar_seminar_zar_press_ 
release_final.pdf) for PDF file of the 


Press Release. 
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JULY 2016 

IRENE CAESAR, PH.D., LECTURE 
“REMOTE MANAGEMENT OF 
BIOSYSTEMS BASED UPON THE 
SHAPE OF CHROMOSOMES AS 
DIFFRACTION GRATING FOR 
FOCUSING GENETIC 
INFORMATION", Bangkok = Thonburi 
University International Symposium, 
July 23, 2016. Click here 
(https://www.youtube.com/watch? 
v=XuwV_QCTf2l) for the recording of 
Irene Caesar's lecture at the Bangkok 
Thonburi University. Click here 
(https://www.youtube.com/watch? 
v=pSsgOPUzz9A) for the slide show of 
Irene Caesar's lecture at the Bangkok 
Thonburi University International 


Symposium. 


Listen to my gospel 
a is not too late 
% 


La 








“REMOTE MANAGEMENT OF BIO 
SYSTEMS BASED UPON THE 
SHAPE OF CHROMOSOMES AS 
DIFFRACTION GRATING FOR 


FOCUSING GENETIC INFORMATION” 


LECTURE BY 
Sie IRENE CAESAR, PH.D. 


THE 2ND INTERNATIONAL 
BANGKOK THONBURI SYMPosiUuM 2016 
aT 
BANGKOK THONBURI LINIVERSITY 


23/07/2016 





(/theory-- 
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SEPTEMBER 2016 
PUBLICATION OF IRENE CAESAR'S, 
PH.D., PAPER "REMOTE 


MANAGEMENT OF _ BIOSYSTEMS 
BASED UPON THE SHAPE OF 
CHROMOSOMES AS DIFFRACTION 
GRATING FOR FOCUSING GENETIC 
INFORMATION" in the Proceedings of 
the Bangkok Thonburi University 
International Symposium, July 23, 2016, 
also published in the September Issue 
of the "Socialist Factor" Magazine 
(Lucknow and London). Click here 
(http:/www.wavegenonome.com/2016_ 
BTUSymposium.pdf) for PDF of the 
BTU Symposium Proceedings. 


(/uploads/3/5/1/1/35112207/4952633_orig.jpg) 


OCTOBER 2016 

IRENE CAESAR, PH.D., ARTICLE 
"LISTEN TO MY GOSPEL TILL IT IS 
NOT TOO LATE” IN OCTOBER 2016 
ISSUE OF "SOCIALIST FACTOR 
MAGAZINE (LUCKNOW AND 
LONDON). Click here 
(http://;www.wavegenome.com/2016- 
10-irene-caesar-listen-to-my-gospel- 
socialist-factor-magazine.pdf) for the 


PDF of the article. 


SHIPPING POLICY (/shipping-- 


warranty.html) 


RETURN POLICY (/return- 
policy.html) 


TERMS OF SERVICE (/terms-of- 
service.html) 
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FDA DISCLAIMER: Content on this site is for reference purposes and is not a 
substitute for advice from a licensed health-care professional. You should not 
rely solely on this content, and wave genome.com assumes no liability for 
inaccuracies. Always read directions before using a product. Statements 
regarding products and services have not been evaluated by the FDA, and 
these products and services are not intended to diagnose, treat, cure, or 
prevent any disease or condition. 


Payment in full is due ahead of services. No refunds and returns. 


COPYRIGHT NOTICE: Text, graphics, and HTML code on wavegenome.com 
belong to Irene Caesar, Ph.D., their sole author, and are protected by US and 
International Copyright Laws, and may not be copied, reprinted, published, 
translated, hosted, or otherwise distributed by any means without explicit 
permission from Irene Caesar, Ph.D., and in violation of the International Laws 
for citing references. Any citation of the wavegenome.com website should be 
accompanied with the proper reference to Irene Caesar, Ph.D. Any citation 
exceeding the length, permissible for the reference length by the International 
Copyright Law, will be considered to be a violation of the International Copyright 
Law. 


© IRENE CAESAR, PH.D., FOUNDER AND SOLE OWNER OF WAVEGENOME 2010-2017 ALL RIGHTS RESERVED 
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JTECrINOLOG! 
IS NOVY 

JOIN US IN 5W hp 
WAVE MATRIZ 


HOME / TJIABHAA (/) SERVICES / YCJIYTMV (/SERVICES--105910571051105910431048.HTML) 








PRODUCTS / TOBAPDI (/PRODUCTS--1058 10541042 104010561067.HTML) 


CONTACT / KOHTAKT (/CONTACT-- 105010541053 1058104010501058.HTML) 


Basic TESLA GLASSES - $1090 TESLA GLASSES BY WAVE GENOME 


Advanced TESLA GLASSES X - $2000 


Article published by Irene Caesar, Ph.D., Founder, Owner and President of Wave Genome, in January 2015, 
All Rights Reserved, © IRENE CAESAR, 2015. 
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Our TESLA GLASSES are used by Russian Space Forces. 
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Certificate # 0285580 
Certification reg. No ROSS RU 001.11AE63. 
by “OBORONTEST™” (DEFENSE SYSTEMS TESTING) 
Compliance with regulatory documents 
GOST R 52161.1-2004 GOST R 51318.14.1-2006 (P.4). 
er ee re ee The Winner of the Russian Government order for 
Missile Forces. Police and Security officers in 2011 





WAVE GENOME LLC is offering two models of TESLA 
GLASSES: BASIC TESLA GLASSES and TESLA GLASSES X 
(advanced model) 


TESLA GLASSES BASIC TESLA GLASSES X (Advanced Model) 





Our TESLA GLASSES are used by Russian Ministry of 
Emergency Situations. 


HEALTH, ENHANCEMENT AND 
REJUVENATION PROMOTION 
WITH TESLA GLASSES 





Used by Russian Military pilots and Astronauts, TESLA GLASSES by WAVE GENOME LLC are not "glasses" 
per se, but QUANTUM BIOCOMPUTER, which functions like brain massager and programmer. TESLA 
GLASSES massage the brain with holographic signal and program designated areas of the brain with the 
holographic signal modulated with the holographic information restoring brain area responsible for a specific 
Vy organ and physiological system, and thus, restoring this specific organ and physiological system through the 

brain. The frequencies entering the eye are getting folded (reflected upon themselves) within the eye crystal, to 








Our TESLA GLASSES are used by Russian Federal 


Security Service. become holographic signals. Every segment of the retina is connected to a specific brain area. And the 


holographic signal hitting the retina, activates a specific segment of retina, and, therefore, a specific area of 
your brain. Thus, through brain, you massage your entire body from inside, including organs that need 
treatment, and program your organ in need of treatment for regeneration. 


MBO POCCHU 


TESLA GLASSES X (Advanced Model) 





Our TESLA GLASSES are used by Russian Interior 
Ministry. 


FORMULATION OF THE 
PROBLEM 


- Up to 95% of the Russian population are in the 
state of stress. 


- In our country, 50 million people are in need of 
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improving their eye sight. 


- More than 4 million people a year lose their eye 
sight, out of whom 400 000 go blind. 


- Conventional medicine cannot solve the health 
problems that quickly, cheaply and effectively as 
TESLA GLASSES can! 


Brain Research Institute in Moscow proved that 
our biological age may be higher than the 
passport age for 10-15 years, because of the 
diseases. But it is possible to get rejuvenated for 
10-15 and more years in comparison with the 
passport age. 


WHO NEEDS TESLA GLASSES? 


- Business people and those people who are over 
40 years for active longevity 


- Athletes and Military, students 


- Everyone who works on the PC 





APPLICATION OF THE TESLA 
GLASSES IS PARTICULARLY 
USEFUL FOR: 


- Prevention of cardiovascular disease 


- The positive effect in the case of somatic and 
mental disorders 


- Reduction of occupational injuries and accidents 
on the roads 


- Improvement of sleep, mood and efficiency 


- the removal of eye fatigue, improvement of 
vision in myopia, glaucoma, cataract and 
presbyopia 


- The development of creative abilities and 
improving sleep 


In addition, high efficiency and low cost of 
procedure allows every PC user apply TESLA 
GLASSES for removing eye fatigue. The device is 
useful to anyone who has to deal with PCs and 
mobile phones for the prevention of myopia, 
hyperopia, cataract and glaucoma. 
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A key to start 


Pulse increase 
Pulse weakened 











Smart Pulse 


TESLA GLASSES X is the advanced model of TESLA GLASSES by WAVE GENOME. 


TESLA GLASSES X (Advanced Model) offers 11 modules similar to the modules of the BASIC TESLA 
GLASSES in addition to the low frequency electrical stimulation of the acupuncture points around eyes, and the 
possibility to manually change the distance between the focus points in accordance with the distance between 
the pupils. 
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INDICATIONS AND COUNTER- 
INDICATIONS FOR USE 


Prevention and correction of: 
* Stress and its consequences; 


+ Deterioration of the physical and mental 
performance; 


* Reduction of immunity and the bodily defenses; 
* Eye diseases; 


* Diseases of the internal organs and 
physiological systems 


Contraindications: 

- Children younger than 3 years old; 

- Epilepsy; 

- Cancer and tumors of various localization; 
- After organ and tissue transplantation; 

- In acute inflammatory diseases of the eye; 


- During other serious diseases 


TECHNOLOGY 


The device consists of a control circuit and Light- 
Emitting Diodes. One pair of glasses can be used 
by the entire family. 


TESLA GLASSES use the method of Polarized 
Holography. Polarized Holography is the 
application of Quantum Physics for the purpose of 
rejuvenating all organs of the person through the 
Eye Crystal (Eye Lens and Iris). It is proven to 
provide significant physical and mental 
improvement, including a significant improvement 
in brain functions: decision speed, attention and 
memory. 


The method consists in the control of the brain via 
triggering the holographic signal in the eye, and its 
modulation. This control overwrites any verbal and 
mental imperatives, is non-local (can be used for 
instantaneous transmission of information at 
infinitely large distances), instantaneous (exceeds 
speed of light), and simultaneously reaching out 
towards every cell in the body. 


The method is based upon Quantum Physics, 
specifically, upon the theory and technology of 
Polarized Holography, which uses the modulation 
of the holographic signal according to the Kozyrev 
Mirror principle. 


The method is based upon the special ability of an 
eye to convert any linear signal into the 
holographic signal. The process of this conversion 
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ON/OFF 


UP DOWN 





Change of distance between eye pupils 
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consists in the emergence of the scalar wave 
diffraction grating, polarization and refraction 
toward the zero center of the wave crystal (torus). 
Since the universe is holographic, we can record 
and transmit information only via the holographic 
signal, and through the zero center of the wave 
crystal. The zero center of every toroidal wave 
crystal coincides from the zero center of every 
chromosome on the cellular level, and every atom 
and subatomic particle on the subatomic level to 
the zero center of our galaxy. 


TECHNOLOGY (CONTINUED) 


Any healing, rejuvenation, and mental, psychic, 
and physical enhancement are based upon the 
ability to produce, control and enhance the 
holographic signal. The holographic — signal 
instantaneously reaches the zero center of every 
wave crystal in our body, from the subatomic and 
atomic to the molecular levels — from the zero 
center of our skull and every bone to the zero 
center of every metacentric chromosome. Our 
eyes, skull, bones and chromosomes are 
centered and focused similar to our eye crystal 
according to the laws of the geometrical optics. 


Hence, the eye is a very unique receiver, 
transmitter, and producer of the holographic 
signal. And that is precisely why vision is a trigger 
of brain activity. Via correct triggering the 
holographic signal in the zero center of the eye 
crystal, we can immediately reach the zero center 
of the toroidal wave crystal of our brain, thus 
delivering controlling information instantaneously 
into the zero center of the wave crystal of every 
metacentric chromosome in cell division, and into 
the zero center of the wave crystal of every bone, 
so that stem cells are programmed in a correct 
way in the bone marrow. 


Correct triggering consists in the modulation of the 
holographic signal in the eye. The modulation of 
the holographic signal in TESLA GLASSES 
consists in (1) modulation by the Schumann 
holographic signal; (2) modulation by human Brain 
holographic signal; (3) modulation by the 
holographic signal of a healthy organ and 
physiological system, recorded upon the chip in 
the glasses. It is combined with the modulation by 
the narrowband light-emitting diode sources of 
five colors. Research had shown that five colors, 
used by the glasses, benefit organs and 
physiological systems. The signal for every color 
is produced from the holographic signal of healthy 
organs and physiological systems, and, then, it is 
matched with the color. The signal of the color is 
not simply the color frequency. 


The carrier holographic signal is the individual 
holographic signal of the user — the unique 
[indestructible and uncreated] non-local wave 
matrix of the user. This is the primary holographic 
signal. The modulation holographic signals are the 
holographic enhancers, which help the unique 
[indestructible and uncreated] non-local wave 
matrix of the user get centered and focused in this 
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HOW TO USE TESLA GLASSES X (ADVANCED) 


(1) Wipe the plastic parts of the goggles with the wet tissue to insure 
the best contact between the skin and the plastic. Plastic is 
electrically conductive to ensure electrical stimulation. The tight 
contact between skin and glasses provides for the proper level of 
electrostimulation. 


ATTENTION: You should wipe the glasses with wet tissue only when 
the device is switched off, you will see the 


(2) To turn the device on, press the button "ON/OFF" on the top of 
the glasses. When device is turned on, the control panel shows the 
number of the program used during the previous session. Choose 
the program that you would like to use. For choosing the program, 
use the "UP" and "DOWN" buttons. 


ATTENTION: Program # 12 is not a treatment program, but is used 
exclusively for testing the device at the production facility. 


(3) After choosing the desired program, press "ON/OFF" button 
again in order to switch to choosing the intensity of 
electrostimulation. 


ATTENTION: In order to turn off the electrostimulation, please 
choose the intensity level, in which you see in the right lower corner 
of the control panel the image of "dot", and press "ON/OFF" button. 


(4) Choose the desired intensity of electrostimulation, using "UP" 
and "DOWN" buttons. You need to increase the intensity only to the 
level of the pleasant tingling. 


ATTENTION: The intensity of perception might go down if your skin 
is dry around your eyes, and go up if your skin is wet around your 
eyes. 


Presss the "ON/OFF" button again in order to launch the session of 
the combined usage (light-diodes stimulation plus 
electrostimulation). 


(5) To use the device with more comfort, please choose the proper 
distance between eye pupils. For this, move the body of the device 
outwards or inwards, as it is shown in the picture above. 


(6) Session goes for 3.t to 5 minutes, until the device turns off 
automatically. 


To turn the device before the end of the session, please press 
"ON/OFF" button. 


ATTENTION: Program # 12 does not stop automatically, and 
requires that you manually turn it off. 
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dimension (on this planet). These are secondary 
holographic signals. 


The advantage of the glasses over other Quantum 
Leap Polarized Holography devices is_ that 
glasses use an eye as a filter for filtering out all 
harmful linear signals, which unseal wave 
crystals. For example, microwave radiation 
shortens brain waves via “unsealing” the involuted 
wave crystals, thus, literally lowering the 
intellectual potential of people. 


Thus, the effect of the TESLA GLASSES is based 
not simply upon the superficial stimulation of 
innervation. The stimulation of innervation, tone of 
the eye muscles, blood circulation, regeneration, 
and enhancement of all other biochemical and 
bioelectrical processes in the body are based 
upon the structural efficacy of Polarized 
Holography, which centers and _ focuses 
chromosomes, and prevents the transformation of 
metacentric chromosomes’ into acrocentric 
chromosomes. 


The modulation via secondary holographic signals 
(see above) allows for the emergence of the most 
coherent and sophisticated scalar wave diffraction 
grating that produces the more clear zero focus 
within the wave crystal (of a wave torus on every 
level from the atomic, subatomic to cellular and 
molecular levels). 


The modulation occurs through the designated 
areas of Iris, each one corresponding to a specific 
organ in the body. As a result, the user achieves 
the stimulation of the projection zones in the Iris, 
each one being connected to a specific organ in 
the body. 


In addition, TESLA GLASSES use the same 
effect as the binaural therapy. Binaural therapy 
uses the stereo effect, when signal in one ear gets 
into the brain with delay in relation to signal in the 
other ear. This produces the emergence of the 
complex scalar wave diffraction grating in the 
skull, based upon Kozyrev Mirror principle 
(polarization, refraction and emergence of the 
zero center of the wave crystal). Similar to this, 
TESLA GLASSES use the stereo effect of color 
signal, when color signal in one eye gets into the 
brain with delay in relation to signal in the other 
eye. 


Ophthalmologists have found that all healthy 
people have rhythmic alternation visual 
perception. Man sees in turn by the right eye, and, 
then, by the left eye at regular intervals. 


These intervals last for 2-3 seconds. The research 
was conducted using modern 3D technologies. 
And if one eye is covered by a blue filter, and the 
other eyes is covered by the red filter, the healthy 
person sees both colors simultaneously and 
separately. The left eye sees 20% of the image, 
and the right eye sees 80% of the image. 


With age, these rhythms get broken. But the 
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restoration of the "biological clock" is possible 
using Polarized Holography, modulated by color 
signals, with the frequency of the brain of a 
healthy person. And, as the positive effect, we can 
achieve a significant rejuvenation of the body. 
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THE EFFECTIVENESS OF THE 
METHOD IS HIGH 


- Relieving stress is approaching 99%; 
- Short-sightedness - 96% 
- Glaucoma - 83% 


- Initial cataract and hyperopia up to 78% 
improvement 


- Normalization of blood pressure and sleep 


THE DEVICE IS ALSO USED BY: 


Russian Medical Academy for the Post Graduate 
Education of the Russian Ministry of Health 


Research Institute of Traditional Treatments of the 
Russian Ministry of Health 


Institute of Normal Physiology named after Anokhin 
Russian Academy of Medical Sciences 

Russian University of Peoples' Friendship 

Clinical Psychiatric Hospital Ne15 in Moscow 


Central Military Hospital of Russian Strategic Missile 
Forces of Russian Ministry of Defense 


Central Military Clinic of Russian Strategic Missile 
Forces of Russian Ministry of Defense 


Children's Clinic #130 in Moscow 
Central Clinic #17 of Russian Ministry of Defense 


The sanatorium "Green Grove", etc. 


MAINTENANCE 


1. Before using, remove dust from the surface of the 
glasses with a dry soft flannel. 


2. Perform external examination of the glasses and 
make sure there are no mechanical or other 
damage. 


3. As glasses get dirty (including when they are used 
by different people), they must be disinfected with 
3% solution of hydrogen peroxide by wiping glasses 
twide with a soft cloth. 


4. Replace the batteries, when glasses are switched 
off, in the following sequence: 


4.1. To replace the batteries, unscrew the screw on 
the inside of the device and remove the electronic 


board. Batteries are therein in two holders. 


4.2. Each holder has three slots, one large - for 


COURSE OF TREATMENT 


3-4 procedures per day (4 min per procedure.). Full 
course is 21 days. The number of procedures and 
the color are selected individually. 


SATISFIED USERS 


The technology is used by the Russian Strategic 
Missile Forces, Law Enforcement Agencies - the 
Interior Ministry, the Federal Security Service, 
Ministry of Emergency Situations and such Resorts, 
as "Moscow", "Rescuer", "Arkhangelsk", "Blue River" 
and UDP "Rus" in Sochi. 


DESCRIPTION OF THE DEVICE 


The device TESLA GLASSES is a psi-generator 
(psychotronic generator) / Quantum Biocomputer 
designated for individual use at work and at home for 
correction and enhancement of various physical and 
mental functions, including the improvement of 
vision, using color as a natural integrator of 
psychological, mental and psycho-physiological 
processes. The device has eleven corrective 
programs with manual setting mode. The impact on 
the body is carried out not only with a certain color, 
but also via the rhythm of supplying the light pulses 
coupled with their modulation, thereby accelerating 
the process of recovery of the human body. 


The device consists of dark goggles frame (124013. 
GOST R) and the electronic board mounted on the 
inside of the glass of the frame. The electronic board 
has two (for each eye) Light-Emitting Diodes 
consisting of six LEDs each, and a control device 
(two program selection buttons and indicator for the 
program number). 


THE PHYSIOLOGICAL 
SIGNIFICANCE OF EACH COLOR 


The physiological significance of each color: 


RED LIGHT (620 - 760 nanometers) improves 
vascular tone and activity of tropic hormones, 
normalizes cardiovascular activity, eliminates 
stagnation. Exposure to low-intensity red light of 630 
nm (Laser or light-emitting diodes) leads to the 
activation of the drainage system of the eye and 
entire body; there happens the strengthening of 
lymphatic drainage for dozens of times! In an 
experimental model of dystrophic form of myopia, 
the inventor of TESLA GLASSES demonstrated a 
protective (prophylactic) effect of color on the 
development of degenerative eye diseases. The use 
of this color has proved itself in the treatment of 
myopia, astigmatism, retinal degeneration, 
strabismus and amblyopia in children. 


ORANGE LIGHT (585-620 nanometers) improves 
blood circulation, digestion, skin trophism, promotes 
regeneration (recovery) of the nervous and muscular 
tissue, stimulates the activity of sex glands, 
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insertion and removal of the batteries, and two small 
- for pressing through them upon the batteries during 
their withdrawal. 


4.3. Through any of the small slots, reach the battery 
with the tip of a flat-head screwdriver, and gently 
squeeze the element out of the holder. 


4.4. Insert a new battery into the holder according to 
the polarity indicated on the holder. 


4.5. Install the electronic board back onto the inner 
side of the frame and tighten the screw. The device 
is ready to go. 


5. All kinds of instrument repairs are made by the 


company for the additional fee, determined case by 
case. 


SAFETY 


Technology is allowed for application by Ministry of 
Health of the Russian Federation. 


- Wide testing is undertaken in the medical 
departments of the Security Forces. 


- More than 10 000 units are in active use, 
especially by the Military and Security Forces 


- Active users amount to 40 000 people. 


- The technology is based on 40 years of 
research. 


enhances sexuality, increases the level of 
neuroendocrine _ regulation, 
strength. In ophthalmology, orange light is effective 
in the treatment of amblyopia, myopia, optic nerve 
atrophy, degeneration of the retina. It is 


recommended for the elderly. 


increases muscle 


YELLOW LIGHT (575-585 nm) stimulates the 
gastrointestinal tract, pancreas, liver, activates the 
autonomic nervous system, produces a cleansing 
effect for the entire body. It removes the feeling of 
tiredness and lethargy. It is effective for amblyopia, 
strabismus, optic atrophy, retinal dystrophies. 


GREEN LIGHT (510-550 nanometers) harmonizes, 
calms, reduces arterial and intraocular blood 
pressure, heart rate and headaches, improves the 
immune system, helps to eliminate toxins. It is 
effective for glaucoma, spasms of accommodation, 
retina dystrophy, computer vision syndrome. 


LIGHT BLUE LIGHT (480-510 nanometers) calms, 
has a bactericidal action, lowers blood pressure, 
headaches and appetite. It eliminates inflammation, 
and is_ effective with myopia, spasms of 
accommodation, and inflammatory diseases of the 
eyes. 


DARK BLUE LIGHT (450-480 nm) has a control 
action on the pituitary gland, and_ the 
parasympathetic nervous system; has antibacterial 
properties; reduces inflammation and pain. It 
rejuvenates, enhances creativity and immunity. 


It is effective in the treatment of inflammatory 
diseases of the eye, glaucoma, cataracts, corneal 
opacities, and vitreous. 


VIOLET LIGHT (380-450 nm) has a tonic effect on 
the brain and eyes, helps produce happiness 
hormones (endorphins), malatonin. It rejuvenates, 
enhances creativity and immunity. It is effective with 
cataracts, uveitis, corneal opacity. 


Health correction with the help of light and color is 
called vibrational healing, the foundations of which 
the inventor of TESLA GLASSES has developed for 
more than 30 years. 


STEVE (60 YEARS OLD): TESLA GLASSES TESTIMONIAL 


These Russian glasses are absolutely amazing, | have to say. When | first got them, | was very skeptical. 
They have a lot of different things that they can do including high blood pressure adjustment, obesity, 
depression, and a variety of other things. So obviously | could not test out all of these things, but | wanted to 
test out whether these glasses could help me to reduce the doctor's settings on my reading glasses. When | 


started, | was using diopter 2.5. 


So, | started using the glasses, and after about a week | went down to 2.25, and | could see just as well pretty 
much. After another 3 to 4 days, | went down to a diopter of two, and, then, after another 3 to 4 days, | went 
down to a diopter of 1.75. This took a little adjustment so | stayed there for about a week, and, then, | 
continued to use the glasses, and it went down to 1.5 and, then, | went down to a diopter setting at 1.25. | got 
busy at that time and could not continue to do the exercises, so I'm still basically at 1.25 after four months, but | 


do not need the 2.5 at all. 


| noticed that my vision is much sharper when reading and now | can actually read music in Church, and also 
on my iPhone without the glasses at all. It's slightly blurry but | could still do it and, sure, this makes life much 


more convenient! 
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There's one other thing that | use these glasses for. Sometimes | will awake in the middle of the night and 
cannot get back to sleep easily. So I'll put glasses on setting five, which is a blue violet color and usually one 
session or maybe two, and I'm right back asleep. If | don't do that, I'll be up for quite some time. This is a 
really nice feature. 


So, | can say without a doubt that these glasses really work. Based on the functions that I've tested, I've got 
good results. 


DIRK: TESLA GLASSES TESTIMONIAL 


Forget Bates, forget Quertant 
Review by Dirk 


For years my wife and | have been interested in natural methods of eye/vision improvement, but these glasses 
top the bill. | have to thank Georg for pointing me to the Wavegenome catologue. After some hesitation (the 
price!), | decided to go for it, because | stronlgy suspected they would be worth the investment. We have not 
been disappointed: forget Bates, forget Quertant, these glasses gave us better and quicker results than 
anything we tried before, and with minimal time investment. My wife was starting to have trouble reading small 
print, but that is history now, and she won't be buying reading glasses after all. | myself have noticed marked 
improvement in my myopia. We haven't been able to test every program, but it is already clear to me we will be 
using these glasses daily, for a very long time. The effects are profound, both on vision and on general 
wellbeing. To me, 3 minutes of using these glasses is worth taking a nap or meditating for an hour, depending 
on the program. (| admit being very sensitive) Highly recommended! (Posted on 28/07/2017) 


RESULTS OF THE TREATMENT VIA TESLA GLASSES 








Number '™Provement without 
Name of disease of dynamics 
patients mee 6 (in %) 
o) 
| 
1. Diseases of the eye 
1 Myopia 184 97 | 3 
_2 Hyperopia _ | 6 | 84 | 16 
3 Cataract 104 78 | 22 
4 Glaucoma 65 86 14 
5 Strabismus 20 81 | 5 
6 Retinal Dystrophy 71 96 | 4 
7 Wall-eye 12 7 5 
9/15 


2/26/2019 ORDER TESLA GLASSES - WAVE GENOME 


2. Diseases of internal organs 


1 Bronchial asthma 32 7,5 123 
2 Cardiac ischemia 42 88 12 
3 Hypertonic disease 64 97 - 
_4 Urolithiasis disease 21 85,7 14,3 
5 Cholelithiasis 24 84,4 15,6 
6 Endocrine disorders 35 97,2 2,8 
3. Psychoemotional disorder 
'1 Depression 37 94,6 5,4 
2 Sleep disorder 28 82,8 17,2 
3 Neuroses and Neurotic 3, | 90,3 oT 97 _ 
states 
4 Psychasthenia 43 93 ri 
5 Vascular dystonia 42 88 12 


TESLA GLASSES MANUAL 


MANUAL 


1. Take the device [glasses] in both hands. 


2. Find the two buttons and the mode indicator on the inner side of the glasses. 


Right button — (1) switching on and (2) switching modes in ascending order. 


Left button — (1) switching modes in descending order and (2) switching off. 
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3. Press the right button. 


Mode number lights up on the display, from the previous session. 


4. To select a different mode, press the right (up) button or the left (down) button. 


After 2 seconds, the unit will begin to work. 


The session lasts for 3.5 to 5 minutes, after which the device automatically shuts 
down. 


5. For early termination of the program, it is necessary to press the left button. 


The device had 12 operating modes: 


Key Modes Additional Modes 
1 - Orange 7 - Green 
2 - Yellow 8 - Orange + Green 
3 - Green 9 - Orange + Blue 
4- Blue 0 - Purple + Yellow 
5 - Purple 1 or 11 - Violet + Blue + Green 


simultaneously 


6 - Orange 2. — All six colors - (without shutting 
down) 


Selection of modes is carried out individually. 


With hyperopia, morning Mode — 1; day mode - 1 or 8; night mode - 4 night and / 
or 1. Total - 15 minutes a day. 


When myopia and glaucoma, the most useful modes are green, blue and purple. 
1st course is for 21 days. Then, do a break for 9 days. 
PLEASE NOTE: 
"O" or "0." is "10". 
"4."is "11", 
"2." is "12". 
The dot designates the next level of performance. 


PROGRAMS FOR PSYCHO-EMOTIONAL AND 
PATHOPHYSIOLOGICAL CORRECTION 
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The list of recoverv programs 
programs 


Noni 
Atherosclerosis Ny | 
Myopia 8,7 10,7 10 
Chronic Bronchitis 


Vegeto-vascular dystonia det 


Chronic Gastritis 
; 
4 












57 
Hemorrhoids 
Chronic Hepatitis B 
5 8,5 


Herpes simplex | a7 | 85 | 835 | 





Wo 


Hypertension 37 
Hypotension 1,8 
Hyperopia 
Depression 
Underweight 
Diabetes, Diabetic Angiopathy 
Constipation 
Goiter simple 
Immunodeficiency 
Impotence 
Cardiac ischemia 
Cataract 
Chronic Colitis 
Computer Syndrome 
Chronic Laryngitis 
Migraine 
Neurasthenia 
Neurosis 
Obesity 
Osteochondrosis 
Osteoporosis 5,6 : 
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N5FC 2001 


TO VM + 


TO VM - 






TO 
CKT 
GND 


CLASSIC RF PROBE 


Reads RMS Equivalent Voltage in test circuit, if Voltmeter is 10 -11 Meg Input Impedance; 
Reads 4X RMS Equiv Voltage if VM is 1Meg Input Impedance (Set VM to measure DCV) 
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| Chronic Pancreatitis [16 [2,7 (5,7 
| Chronic Pneumonia (8,6 (2,6 (5,7 
| CKidneydisease 9,79 (S57 
| PrematureAging LG 3,7 |S 
| Presbyopia 9S 
| Chronic Prostatitis 62,74 
| __—Chronic Fatigue Syndrome (8,797 
Pp Stress TT 
| Tachycardia 
| Chronic Tonsillitis {73,74 

Chronic Ischemic Attack 


a a 


MAIN TECHNICAL SPECIFICATIONS 
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Dimensions of the device when folded (mm) 160-60-50 


WwW 40-50 
eye to the other (sec) 


The time of one cycle of operation, depending on the 

wavelength of the radiation (sec): 

- Red LED 

- Orange LED 

- Yellow LED 

- Green LED 2a 20.5 SAS 
3,5 +0 5 4,0 +0.5 
4.5 4)5 5,5 205 

The frequency of the intra-pulse modulation (Hz) 

Continuous working time (hours) 


Power supply (V) ie 
Average current consumption (mA) 
Device weight (kg) 





TESLA GLASSES by WAVE GENOME use two international standard round batteries, available anywhere in the world. To 
change the batteries, please unscrew the central plastic screw (see the drawing above). The screw is located in the center 
of the motherboard. Take the motherboard off the glasses. You will see two round batteries on the left and on the right side 
of the TESLA GLASSES. Please use a screw driver or other long object to push the batteries out of their sockets. Replace 
them with new ones, taking care of polarity. Screw the motherboard back with the screw. 
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PRIVACY POLICY SHIPPING POLICY (/shipping-- RETURN POLICY (/return- TERMS OF SERVICE (/terms-of- 

(/privacy-policy.html) warranty.html) policy.html) service.html) 
FDA DISCLAIMER: Content on this site is for reference purposes and is nota COPYRIGHT NOTICE: Text, graphics, and HTML code on wavegenome.com 
substitute for advice from a licensed health-care professional. You should not belong to Irene Caesar, Ph.D., their sole author, and are protected by US and 
rely solely on this content, and wave genome.com assumes no liability for International Copyright Laws, and may not be copied, reprinted, published, 
inaccuracies. Always read directions before using a product. Statements translated, hosted, or otherwise distributed by any means without explicit 
regarding products and services have not been evaluated by the FDA, and permission from Irene Caesar, Ph.D., and in violation of the International Laws 
these products and services are not intended to diagnose, treat, cure, or for citing references. Any citation of the wavegenome.com website should be 
prevent any disease or condition. accompanied with the proper reference to Irene Caesar, Ph.D. Any citation 


exceeding the length, permissible for the reference length by the International 
Copyright Law, will be considered to be a violation of the International Copyright 
Law. 


Payment in full is due ahead of services. No refunds and returns. 


© IRENE CAESAR, PH.D., FOUNDER AND SOLE OWNER OF WAVEGENOME 2010-2017 ALL RIGHTS RESERVED 
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ORDER 


YOUR MINI-TESLA 
GENERATOR 
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THEORY OF THE QUANTUM INTERNET 


DNA is a scaled and refracted scalar wave. Scalar wave nullifies any signal. Thus, 
information is not received and transmitted by any kind of an external signal — 
wave, particle or field, even “entangled” particles, or by “resonance”. 
External signal is only a trigger. 

OE 





Polarization involutes the external signal. Scalar wave creates the diffraction 
grating that “sieves” and refracts the particles towards the zero center of 
the torus. Information is received and transmitted through the zero center 
of the torus. 








SEPTEMBER 2016 


IRENE CAESAR'S ARTICLE "QUANTUM GENETICS" IN SEPTEMBER 2016 
ISSUE OF "SOCIALIST FACTOR" MAGAZINE (LUCKNOW AND LONDON). 


aE Teen, This article is the publication for Irene Caesar's 


paper "Remote Management of Biosystems 


Qu ntum G ~neti S Based upon the Shape of Chromosomes as 


Diffraction Grating for Focusing Genetic 
Information", delivered as lecture at the 
Bangkok Thonburi University International 
Symposium, July 23, 2016, and also published 
in the proceedings of the Bangkok Thonburi 
University International 2016 Symposium. For 
the PDF file of the publication in the 
Proceedings of the BTU 2016 International 





Symposium, c 
(http://;www.wavegenonome.com/2016_BTU 
Symposium.pdf)lick here 


(http://;www.wavegenonome.com/2016_BTU 
Symposium.pdf). 
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WE OFFER ADVANCED WEATHER 
CONTROL. BUT WHAT CAN BE 
NOBLER THAN SAVING LIVES! 
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NEWS 


LEAKPROOFING THE 
SINGULARITY: IRENE 
CAESAR INTERVIEWS 
ROMAN YAMPOLSKIY 
(http:/www.wavegenome.com 
/1/post/2013/08/leakproofing- 
the-singularity-irene-caesar- 
interviews-roman- 
yampolskiy.html) 


IRENE CAESAR, PH.D.: 
MATRIX CITY - PUBLIC 
LECTURE AT THE 
HARRIMAN INSTITUTE 
(http://www.wavegenome.com 
/1/post/2012/10/irene-caesar- 
matrix-city-public-lecture-at- 
the-harriman-institute.htm|) 


MORE (/news.html) 


MILESTONES 
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(http:/Awww.thematrixcity.com) 
Consortium Agreement 
(http://www.thematrixcity.com/) "MATRIX 
CITY - city as one integrated wave 


matrix" 


ms is, 
or, = 
WEF Ny 
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EXTRACT FROM IRENE CAESAR'S 
BOOK "WAVE PHARMACEUTICALS" 


In the case of QUANTUM INTERNET, 
you send your 
information REMOTELY and WIRELESS 
LY. At the Institute, the laser reads the 
feedback from your wave matrix in real 
time, using your digitised wave matrix on 
record at the Institute. 


According to the holographic principle, 
the universe is holographic, meaning that 
it is entirely in its every matrix part. The 
holographic principle has three important 
implications: 


The first implication of the holographic 
principle postulates 
the UNIQUENESS of every wave matrix. 
if the universe is entirely in its every 
matrix point, then, every matrix point is 
not simply different from any other matrix 
point, but is unique. 


The second implication of the 
holographic principle postulates 
the NON-LOCALITY of every wave 
matrix. If the universe is entirely in its 
every matrix point, then every wave 
matrix is simultaneously present in the 
infinite number of dimensions via its 
tokens. Though there are infinitely many 
tokens of the same non-local wave 
matrix, all of them constitute one 
integrated SYSTEMATIC WHOLE. 


The non-local holographic nature of wave 
matrices also means that the wave matrix 
has the infinite set of waves, particles and 
fields within its TORUS -- from infinitely 
micro to infinitely macro dimensions. It is 
impossible to talk of each individual wave 
matrix as "a specific frequency". And it is 
impossible to postulate any "medium" of 
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IRENE CAESAR: HOW TO BUILD MATRIX CITY 





“TEPRTEN FROM TRE Irene Caesar 











How to Build 
Matrix City 

















JULY 2016 


Dispatch from Moscow: Irene Caesar's article 
"How to build Matrix City" is published in 
the "Socialist Factor" Magazine, August Issue, 
2016, London and Lucknow (capital of 
Socialist state of Uttar Pradesh, home of Taj 
Mahal). 


The article explains the Subscription Model 
for E-DRUGS (electronic drugs) and I- 
DRUGS (Quantum Internet Drugs = Remote 
Management of Biosystems). 


For the PDF file of the publication in the 
Proceedings of the BTU 2016 
Symposium, click here. The text was initially 
published on thematrixcity.com site of the 
"Matrix City" Consortium, co-founded by Dr. 
Irene Caesar with Dr. A.N. Diashev, Director 
of the Institute for National Security in 
Moscow (2012) (click here for the full text 
(http://thematrixcity.com/structure-of-the- 
matrix-city-english.html)) 


REMOTE MANAGEMENT OF BIOSYSTEMS BASED UPON THE SHAPE OF 
CHROMOSOMES AS DIFFRACTION GRATING FOR FOCUSING GENETIC 


INFORMATION 








“REMOTE MANAGEMENT OF BID 
SYSTEMS BASED UPON THE 
SHAPE OF CHROMOSOMES AS 
DIFFRACTION GRATING FOR 
FOCUSING GENETIC INFORMATION” 


™“< 


LECTURE BY 
IRENE CAESAR, PH.D. 


THE 2ND INTERNATIONAL 
BANGKOK THONBURI SYMPOSIUM 2016 


ar 
BANGKOK THONBURI LINIVERSITY 
23/07/2016 





JUNE 13, 2016 


Irene Caesar, Ph.D., President and Sole 
Owner of Wave Genome, delivered a lecture 
at the Bangkok Thonburi University 
International Symposium, July 23, 2016. Irene 
Caesar's paper was also published in the 
proceedings of the Bangkok Thonburi 
University International 2016 Symposium. 


For the PDF file of the publication in the 
Proceedings of the BTU 2016 Symposium, 
click here 
(http://;www.wavegenonome.com/2016_BT 
USymposium.pdf). 


Abstract 


The same gene gets expressed in 
dysfunctional individuals by  acrocentric 
chromosome, and in functional individuals by 
metacentric chromosome, and till now nobody 
was able to explain why. | claim that 
chromosome functions as wave crystal, i.e., 
nonlocal unique wave matrix that focuses 
genetic information unique to this individual 
via his / her own unique scalar wave 
diffraction grating. Thus, chromosome is a 
structural / geometric code or shape that has 
holographic nature allowing for the remote 
management of biosystems via laser polarized 
holography. 


REMOTE MANAGEMENT OF BIOSYSTEMS BASED UPON THE SHAPE OF 
CHROMOSOMES AS DIFFRACTION GRATING FOR FOCUSING GENETIC 


INFORMATION 
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Over the span of the 20th 


century, generations of 
extraordinary scientists, 
among whom Russian 


scientists played a leading 
role, laid down 
foundation for the 
technological 
information-wave technology. 


scientific 


revolution of 


MORE (/milestones.html) 


a 





Udpleade $e/AGhie St MR25iP 9RB543_orig.jpg) 
Scientific Research Institute for 
National Security is fully privatized, 
and engaged in developing 
information-wave technology and 
applying it in medicine, and 
agriculture. Among clients of the 
Institute were Russian President 
Boris Yeltsin, famed American 
astronaut Edgar Mitchell, and actor 
celebrity Alexander Kalyagin. The 
institute has received the Blessing 
of Patriarch Alexis and Patriarch of 
Constantinople. 





(/uploads/3/5/1/1/35112207/1 725599. gif) 


Our MINI-TESLA 
GENERATOR is used by 
Russian Special Forces. 
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Our MINI-TESLA 
GENERATOR is used by 
Russian Olympic Team. 
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its existence, like "scalar wave", "aether", 
"Higgs / boson field", "torsions", "leptons", 
etc. There is no specific medium for 
transferring the information. 


The _ third implication of the 
holographic principle postulates that 
there is the QUANTUM 
ENTANGLEMENT in the form of the 
instantaneous transmission of information 
between all the tokens of the same non- 
local wave matrix. The signal that records 
and transmits the ENTANGLED 
INFORMATION between different wave 
matrices or between the tokens of the 
same non-local wave matrix has specific 
nature. It is HOLOGRAPHIC. Only lasers 
with internal Kozyrev Mirrors can record 
and transmit holographic signal, based 
upon the principles of the 
polarised refraction holography 
(described in terms of geometrical 
optics). Thus, the principle of recording 
and transmitting the MATRIX 
SIGNAL is structural, and not medium- 
based. 


Thus, it is possible to remotely and 
instantaneously transfer some wave 
information to a man via_ the 
entanglement between his body (at one 
location) and his photograph (at another 
location), as two tokens of his non-local 
wave matrix. 


For example, it is possible to remotely 
lower blood sugar in a diabetic man via 
scanning his photograph with the laser 
ray, which is passing through insulin 
before reaching the photograph. 


© Irene Caesar, Ph.D. from her 
book "WAVE PHARMACEUTICALS" 
(2014) ALL RIGHTS RESERVED 
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Abstract 


The same gene gets expressed in dysfunctional individuals by acrocentric 
chromosome, and in functional individuals by metacentric chromosome, and till 
now nobody was able to explain why. | claim that chromosome functions as 
wave crystal, i.e., nonlocal unique wave matrix that focuses genetic information 
unique to this individual via his / her own unique scalar wave diffraction grating. 
Thus, chromosome is a structural / geometric code or shape that has 
holographic nature allowing for the remote management of biosystems via laser 
polarized holography. 


Keywords 


Irene Caesar, wave genome, polarized holography, chromosome shape, 
metacentric chromosome, acrocentric chromosome, remote control over 
biosystems, digital drugs, electronic drugs, quantum biointernet, wave 
pharmaceuticals, diffraction grating, wave crystal, crystalline structure of torus, 
nanotechnology, nanochips of new generation, remote laser control system, 
holographic principle, wave matrix, matrix city, structuralist genetics 


Introduction 


We can conduct remote laser management of the biosystems, and, thus, create 
individuals with enhanced physical and psychic abilities, and dramatically extend 
life span, based upon the implication of the holographic principle (© Quantum 
Biointernet, Irene Caesar 2013), and mastering the geometric codes of 
chromosomes. 


Objectives 


The objective is to build a Matrix City, i.e., the self-sufficient human settlement of 
the Quantum Leap Era (http://www.thematrixcity.com 
(http://|.facebook.com/|.php? 

u=http%3A%2F %2Fwww.thematrixcity.com%2F&h=EAQFREpf3AQGZ7Z5MRIL 
Bo7ipxt7 YhXQmEiLJXvZtMJSytA&enc=AZMfAWY OcFTgmp_h86rnBA_GOliaPi 
4peP6l_- 
b_Z84Ma365SnVN5e5lodNK6vBIZRqK3NXeRSvxodmBQHPwrjehgjpk3tCGch2s 
8JTmEFLEBHiyDpDOykTajob8 YeuysaX|33B18162b4PK2K9Bfb9 1 JWIOtLxnMGR 
b5yz917gcyw&s=1) and specifically: http://www.thematrixcity.com/structure-of- 
the-matrix-city-r... (http://.facebook.com/|.php? 
u=http%3A%2F %2Fwww.thematrixcity.com%2F structure-of-the-matrix-city- 
russian.html&h=_AQGfkyC8AQExY_Udh8KEuaWZTGrZa54di4E2YogUdvBRyg 
&enc=AZOUXQIOnOl- 
v7Azlmwscl6eLKFUkgkoYwq91xokx_pvRMZQ7U34IDem9JMd- 
uD4L3hKlvU8btxt1 rrW8my8NI920ntDwg- 
tiNZEdQz8XBYEyVtSw8CwUB1g2wY OWBK6t7 UUWEyBgGiaPIDv9cEPCbOPH 
Szuhsdg_2K4urucJz9yig&s=1)), where enhanced man in enhanced environment 
can have enhanced life of any life span he chooses. The objective includes: (1) 
creating BANKS OF WAVE MATRICES for every living creature on this planet; 
(2) creating MATRIX CITY ZONES, where individuals receive all their 
supplements and medications via E-DRUGS and |-DRUGS from the MATRIX 
CITY based upon subscription model; (3) cultivating men with enhanced 
physical, intellectual and psychic abilities. 


Review of Related Literature 


The Polarized Holography is mainly based upon Russian research, especially 
upon the research of Nikolai Kozyrev, and his so called “Kozyrev Mirror” 
principle; the structuralist genetics by Alexander Gurvich; as well as upon the 
toroidal (“torsion”) research by Anatoly Akimov and Gennady Schipov. In 2002 
some information got licked to the West, when two researchers of the NPO 
“Aura” (NPO “Energy’/BINAR, which became “The Institute for National Security” 
in 2000) Peter Gariaev and George Tertyshny, who did not have clearance and 
full access to the research, have brought a laser to Toronto to demonstrate 
remote management of the artificially induced diabetes via the laser signal at a 
distance of 20 kilometers in the rats of the same genetic line. But Gariaev and 
Tertyshny did not have access to the Digital Pharmacy of the digitized 
bioholograms of healthy bodily organs and physiological systems (aka “Digital 
Cell”), and could not diagnose wave matrices. The technology was classified at 
that time in Russia, and got declassified only in 2008. 


Conceptual Framework 
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Universe is holographic, i.e., it is entirely contained in its every matrix point. 
Since universe is holographic, we can record, transmit and receive only 
holographic information. The implication of the holographic principle states that, 
If entire universe is contained in its every matrix point (holographic principle), 
then, every matrix point is not simply different from any other matrix point, but is 
unique (implication of the holographic principle, © Irene Caesar 2012). If we 
have an exact copy of the unique nonlocal wave matrix, we can send information 
instantaneously through Quantum Nonlocality, from one copy of the unique 
nonlocal wave matrix to the other copy, to any dimension, any planet, or galaxy, 
to the past, and to the future. 


Research Methodology 


The chromosome geometry changes the nature of the external signal from linear 
to holographic (@ Irene Caesar 2012, implication of holographic principle) via 
(1) torus polarization (via the change of the spin in the integral toroidal field of 
DNA); (2) reflection of any external linear signal upon itself and creation of the 
scalar / standing wave diffraction grating, which neutralizes any external signal; 
(3) refraction of any incoming signal towards the zero center of the wave crystal, 
which functions as a focus similar to how our eye functions (Irene Caesar, 
Chromosome Geometry ©2014). 


Quantum Leap technology applying knowledge of the chromosome geometry is 
called “polarized holography”, and is based upon application of stabilized 
Helium-Neon Lasers with internal mirrors. This kind of lasers are capable of 
creating holographic signal. Analogously, our bones are capable of producing 
stem cells, only because the shape of the bone is analogous to laser tube and is 
capable of changing the nature of external signal. 


Research Results 


As of today, the Institute for National Security in Moscow offers the local and 
remote management of biosystems, and individuals: 

(1) via electronic / digital drugs (DIGITAL PHARMACY consisting of digitized 
bioholograms of wave matrices for every healthy bodily organ and physiological 
system; and including E-DRUGS [additional upon subscription], of which more 
than 300 are already created, including E-VYAG-RA and I-VYAG-RA); 

(2) via remote laser signal (I-DRUGS or Quantum Biointernet). 


Institute has conducted the first in the world official and public remote lowering of 
blood sugar in diabetic calf via the laser signal at the distance of 20 kilometers 
for the American Diabetic Association in 1999. Over 2015, the Institute has 
created the digital platform for dispensation of E-DRUGS and I-DRUGS via 
subscription analogous to mobile phone subscription programs. 


E-DRUGS are offered in two forms: (1) as chips inside a pendant [MINI-TESLA 
PSI-GENERATOR] of electret nature structured by laser on the nanolevel, and 
(2) as software program on flash drive sold with a MINI-TESLA PSI- 
GENERATOR, which contains the entire DIGITAL PHARMACY (soon only by 
subscription). 


Discussion 


It is clear that the exiting model of Human Genome is not correct, since it cannot 
explain 98% of DNA calling it “Junk DNA”. Thus, genetic engineering based 
upon “cutting and pasting” of “identifiable” 2% of DNA is doomed for failure. Only 
the Holographic Wave Genetics, based upon chromosome geometry, can 
explain the difference between functional and dysfunctional individuals, and 
promote the advance in genetic engineering. 
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(/milestones- 
russian.html) 
On May 6, 1875, Dmitry I. Mendeleev (1834-1907), member of Russian Academy of 
Sciences, formulated "Suggestions" to the Physical Society at the St. Petersburg 
University regarding the founding of the Commission for the study of mediumistic 
phenomena. 





(Juploads/3/5/1/1/35112207/8756602_orig.jpg) 


In 1902, Russian scientist Y. N. Zhuk performed experiments for the telephathic 


MEPEDAYA transfer of visual perceptions. 
‘ om ‘ . Zhuk was attentively looking at some image, while the other participant of the 
ul ALI | Will) WEIL experiment, who could not see the image, was supposed to reproduce the image that 


he was getting into his mind on a piece of paper 


Out of 189 experiments, 86 experiments(51%) were successful, and the images were 
identical. 


Y.N. Zhuk, Transfer of Visual Perceptions, Kiev, 1902 


(Juploads/3/5/1/1/35112207/6779082_orig.jpg) 


https://wavegenome.com/milestones.html 1/8 


2/26/2019 





(Juploads/3/5/1/1/35112207/256444_orig.jpg) 





MILESTONES - WAVE GENOME 


Vladimir M. Bekhterev, member of Russian Academy of Sciences, was first to offer 
the electro-magnetic hypothesis for explaining telepathic phenomena. 


It was Russian scientist Alexander Gurwich (also: Gurwitsch, Russian, 1874- 
1954) who created a theory of human bio-field -- biological energy field (1912). 


In 1923 he first observed biophotons (http://en.wikipedia.org/wiki/Biophoton) or ultra- 
weak biological photon emissions; weak electromagnetic waves which were detected 
in the ultra-violet range of the spectrum. 


Gurwitsch named the phenomenon mitogenetic 
(http://en.wikipedia.org/wiki/Mitogenesis) radiation since he believed that this light 
radiation allowed the morphogenetic field to control embryonic development. His 
published observations, which related that cell-proliferation of an onion was 
accelerated by directing these rays down a tube, brought him great attention. 


MORE (/alexander-gurwich.html) 
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In Vladimir Vernadsky's (Russian, 1863-1945) theory of the Earth's development, 
the noosphere is the third stage in the earth's development, after the geosphere 
(inanimate matter) and the biosphere (biological life). Just as the emergence of life 
fundamentally transformed the geosphere, the emergence of human cognition 
fundamentally transformed the biosphere. 


The word is derived from the Greek voi (nous "mind") + o@aipa (sphaira "sphere"), 
in lexical analogy to "atmosphere" and "biosphere" -- literally, “mind-sphere," or 
Earth’s mental sheathe -- its energo-informational field. In the words of Kaznacheev 
and Trofimov (pls see post below): "Living matter possesses a ‘mysterious’ 
information potential in the so-called "Kozyrev's pace" (holographic and non-local 
quantum vacuum) where it evolves, self-reflects, and echoes the evolution of the 
universe and where it is reproduced by a flow that constitutes evolution itself — the 
Nomogenesis described by L.S. Berg and V.I. Vernadsky." 


Vladimir Vernadsky, The Biosphere,1926 
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Bernard B. Kazhinski (1890-1962) was a Russian scientist (electrical engineer) of 
the Soviet era, who pioneered the reserch in the field of biological radio. 


"Bernard Kazhinski (Russian) was to be styled as an "electro-technologist" 
specializing in studying the electrical nature of the human nervous system. It is well 
worth noting here that the electrical nature of the human nervous system did not in 
the West become even a somewhat accepted scientific topic until the 1980s. By 
1923, Kazhinski had collected facts and had come to the conclusion that the human 
nervous system IS capable of reacting, by means unknown, to stimuli not accessible 
to the normal five senses" (Ingo Swann). 


B.B. Kazhinksi, Transfer of Thoughts, Moscow, 1923 


Bepuapa Kaaxuncrnit 
Buowornmueckan padqHocBA3b 
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Vladimir L. Durov (25 June 1863 - 8 August 1934) was a famous Russian animal- 
trainer and zoo-psychologist, who created a technique of using radio waves for 
TELEPATHIC training of animals in collaboration with Vladimir Bekhterev, not less 
famous Russian neuroligist. The results were so impressive that Russian Emperor 
Nikolai Il ordered a unit of 20 combat seals in 1915. Almost a century later, 
Americans used the same technique. Durov actively helped B.B. Kazhinski organize 
his experiments. 


At the time of Durov's death, the number of experiments for the telepathic training of 
animals through the use of radio waves has exceeded 10 thousand. In his book 
"Training animals", V.L. Durov explains his technique of telepathic control over 
animals via the mental transmitting of tasks to animals (according to Kazhinski's 
theory of mental radio) for animal's movements, for the number of actions of barking 
or sneezing and other actions of a dog, which were determined in a mental order of 
a trainer. 


V.L. Durov, Training Animals, Moscow, 1924 
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Georges Lakhovsky (1869 in Russia-1942 in NY) was a Russian scientist 
extraordinaire who demonstrated that living cells emit and receive electromagnetic 
radiations at their own high frequencies. He invented and used the Multiple Wave 
Oscillator for the successful medical treatments, including the treatment of 
cancers. 


In 1925 Lakhovsky wrote a Radio News Magazine article entitled "Curing Cancer 
With Ultra Radio Frequencies." In 1929 while in France he wrote a book "The 
Secret of Life: Electricity, Radiation and Your Body" (French) in which he claimed 
and attempted to demonstrate that good or bad health was determined by the 
relative health of these cellular oscillations, and bacteria, cancers, and other 
pathogens corrupted them, causing interference with these oscillations. It was 
translated to English in 1935. Numerous depictions pictured in the book 
supposedly have Lakhovsky in a Paris, France hospital conducting clinical 
research treating cancer patients with before, during, and after photographs. 


MORE (/georges-lakhovsky.html) 


Wolf G. Messing (1899-1975) was a famous psychic, born in Poland, who lived in 
Russia from 1939. He possessed unique abilities in telepathy, clear vision and 
psychic suggestion. He gave public performances, during which he demonstrated 
his psychic abilities. 


Wilhelm Reich (1897-1957) invented the "orgone accumulator" (orgone being life 
force, described by ancient greeks as Eros) and tube-like devices sometimes 
dubbed "cloud busters" for sending earth energies into the clouds to control 
weather patterns. Medical experiments revealed that sitting in an accumulator 
enhanced the curative powers of a patient's own life force. Physical experiments 
also proved that orgone energy could run an electric motor. It was the discovery in 
about 1941 that the accumulation of orgone energy had natural healing powers, 
that got Reich in trouble. The court ruled that "all books and all journals, in which 
the word orgone is used, should be burned." Reich began working with Dr. 
Michael Silvert on his cloud buster in Arizona. Silvert, a psychiatrist and student of 
Reich, decided to defy the court. Without Reich's permission or knowledge, Silvert 
moved the accumulators and books from Maine, where they were to be destroyed, 
to an empty store in Greenwich Village. In doing this he broke the injunction. Both 
men were sentenced to prison. Silvert committed suicide and Reich died in prison 
of heart failure. If Reich's "accumulators" of Vril had really worked, he was A 
TARGET # 1 for Ahnenerbe. HIs was the solution for the Vril-flied spaceships. 
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Royal Rife (1888-1971) invented a microscope powerful enough to identify cancer 
cells and then invented a sound frequency machine that destroyed them. Rife's 
labs were mysteriously destroyed by an arson fire as were offices and labs of other 
scientists who heard of Rife's work and attempted to duplicate his machine. All of 
the papers were lost. Dr. Milbank Johnson, former president of the Southern 
California AMA, who supported Rife, was fatally poisoned and his papers lost. Rife 
was killed in 1971 by an "accidental" lethal dose of Valium and alcohol while he 
was a patient at Grossmont Hospital. 


Leonid L. Vasiliev (1892-1966) was a Russian scientist, member of Russian 
Academy of Medical Sciences, head of the physiology department of the 
Leningrad University, who pioneered the research in the field of psychotronic 
control. 


L.L. Vasiliev, Psychic Suggestion at a Distance, Moscow, 1962 


In 1960, Russian factory of plastic goods in Bakov, started 
production of condoms, which became known to Soviet 
citizens as "Item #2". Condom's packing had a sign: "tested 
by electronics". Electronics tested not the plastic itself, but the 
spectrum of electro-mageneric radiation produced by sperm. 
Factory produced "Item #2" with different filter: red, yellow, 
and green. Condom's producers tried to lower the risk of 
transmitting to woman's genome the information that was 
radiated by sperm in the form of bio-field during casual sex. 
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Among Trofimov and Kaznacheev’s conclusions are: 


1) our planet’s electromagnetic field is actually the 
“veil” which filters time and place down to our everyday 
Newtonian reality — enabling us to have the human 
experience of linear time, 


2) in the absence of an electromagnetic field, we have 
access to an energy field of “instantaneous locality” that 
underlies our reality, 


3) that the limiting effect of the electromagnetic field 
on an individual is moderated by the amount of solar 
electromagnetic activity occurring while that person was 
in utero, and 


4) that once a person has accessed these states, his or 
her consciousness remains so enhanced 


"As we investigate brain activity — either with an 
electro-encephalogram, or by assessing brain functions 
like intellect level, memory, and other functions, we 
realize that we currently use only 5% of the capacity of 
our brains throughout our whole lives. And then, after we 
spend some time inside the apparatus (“cosmobiotron" 
clinical device) — in a space without magnetism — we repeat 
the same tests, and we see a drastically different picture. We 
see that our mind’s additional reserves and abilities are 
activated. We see an increase in memory capacity, increased 
IQ, and changing zones of electric activity of the brain" 
(Alexander V. Trofimov, MD, General Director of the 
International Scientific Research Institute for Cosmic 
Anthropo-Ecology, founded in 1994 and located in Academic 
City, Novosibirsk, Russia in his interview "Kozyrev’s Mirrors" 
with Carol Hiltner.) 


Dr. Johnjoe McFadden, the author of "Quantum Evolution" (2000) and professor at 
the University of Surrey in Guildford, UK, explains that the principle of random 
selection in the Darwinian theory of evolution is insufficient for explaining the apparent 
and non-random response of the cell to the environment via the increase of the 
mutation rate. 
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A Noble Prize Laureate, Luc Montagnier filed for a U.S. patent on the technology of 
detecting phantom replica of DNA in water. Essentially, DNA Replication at a Distance— 
reported by Nobel scientist builds on research first published in 1992 by Russian 
scientists Peter Gariaev and Vladimir Poponin. 


The claim of Montagnier’s team is that the radiation generated by DNA affects water in 
such a manner that it behaves as if it contained the actual DNA. This claim is made 20 
years after the similar findings of Dr. Peter Gariaev, based on a more advanced 
technology of torsion lasers. 


The E/M coil that Luc Montagnier has used for DNA teleportation is significantly more 
primitive than red HeNe lasers and other equipment used by P.P. Gariaev and A.N. 
Diashev. 





(tuploads/3/5/1/1/35112207/7309397_orig.iPG} 2011, Montagnier has taken a new position at Jiaotong University in Shanghai, 
China (this university is often referred to as “China’s MIT”), where he will work in a new 
institute bearing his name. 


A. P. Beaxes, "BnactenuH mupa", J1., 1929 


®. Metpos, Hevctsue anektpomarHuTHOrO NonA HU3KOM YaCTOTbI Ha BbICLUYIO HEPBHYIO ACATENbHOCTb, "Tpyabl WHCTUTYTa 
dbu3nonorunu um. UV. M1. Flasnosa, T. 1, 1959, 


O. M. Cnutkosckui, 1. UW. Luton, B. C. Touryp, O aByx KOoHcburypalMoHHbIx CocToAHUAXx JJHK u HeEKOTOPbIX CBA3ZAHHbIX CHAM 
cbeHomenax, KYPH. "Buodusnka", T. V, BIN. 1, 1960, cTp.3-15 


akag. A. B. JleoHtopuy nepewen kK onpegeneHuto: "HevipoH kak annapaT Kone6aTenbHoro ToKka". U3smepeHHbie A. B. 
JleoHToBuyem cpegHue BenuunHb! NapameTposB KonebaHun HeiipoHa Kak BUGpaTopa: ( = 1 cm; n = 1010 B cek; i = 10-15 amn.; L 
= 10-13 reHpu; C=10-13 chapaga; R = 1010 om. ConpotusneHue R KaxkeTCA NapagOKCaNnbHO HUYTOXKHbIM, YTO OObACHAeTCA 
BO3HVKHOBeHNeM CO6cTBeHHON OIC B env BO36y>KHeHHOrO HepBa Kak KONeOaTenbHoro KOHTypa. 


J. VU. Tynaes. Qnextpuyeckue npoueccp! KopbI ronoBHoro moar a YenoBexka, J1., 1960 


1. Benoycos JI. B., Fyppuy A. A, 3ankuHg C. A., KahHerucep H. K AnekcaHgp Taspunosuy Typsuy. M.: Hayka, 1970. 2. Fyppuy 
A. T. Teopua 6vonoruyeckoro nona. M.: Copetckan Hayka, 1944. 3. Fypsuy A. uv JI. BBegenue B yyeHve o mutoreHese. M.: U3g. 
AMH CCCP, 1948. 4. C6opHuk pa6oT no muToreHesy u Teopun Guonoruyeckoro nona. M.: 3g. AMH CCCP, 1947. 5. Fypsuy ANI 
wJl. O., 3ankung C. A., Necouenckun B. C. Yuenve o pakoBom tywutene. M.: V3g. AMH CCCP, 1947. 6. Typsuy A. I. 
U36paHHble Tpygbl / Coctasutenn Jl. B. Benoycos, A. A. Typspuy, C. A. 3ankuHg. M.: Meauunua, 1977. 7. Typpuy A. A. 
Mpo6nema mutoreHetuyeckoro u3nyYeHuA Kak acnekT mMonekynaApHoM Ovonoruu. J1.: MeguuvHa, 1968. 8. Typsuy A. TF. 
NpvHuyunb! aHanutuyeckon Guonorun uv Teopun KneTOUHbIx none. M.: HayKka, 1991. 9. KasHayees B. 1., Muxaiinosa J. Mm. 
Cpepxcna6ble u3snyYeHua B MexKKMeTOUHbIX B3auMogencTBUAX. HoBpocuO6upck: Hayka (CuO. o7g.), 1981. 10. KasHauees B. [1., 
Muxaiinosa JI. 1. BuouncbopmauvoHHaa CbyHKlWA ECTECTBEHHbIX 3NEKTPOMaArHUTHbIX Nonen. HoBocu6upck: HayKka (Cu6. o7Z.), 
1985. 11. MoctoBHukos JI. V., Xoxnop VU. B. B3saumogeictBue KneTOK YenoBeKa C MOMOLUbIO 3NEKTPOMArHMTHbIX BONH 
ontuyeckoro ANana3zoHa. Muck, 1977. 12. KoHeB C. B. K Bonpocy o npupoge u 6uonoruyeckom 3HayeHuu cBepxcnabbix 
cBeyeHni KneTok // BuontomuvecueHuna. M.: Hayka, 1965. C. 181-185. 13. KoHes CB., Mamynb B.M. MexkkneTouHble KOHTAaKTBI. 
Munck: Hayka u TexHuka, 1977. 14. WHonb C.9. Ou3suko-xumuyeckue cbakTopb! Ovonoruyeckon aBontounnu. M.: Hayka, 1979. 
15. Typpuy A. uv Jl. Il Ycnexu cosp. 6vonorun. 1943. T. 16. C. 305. 16. Benoycos JI. B., Boewkos B. JI., Monn o.-o. 
MutoreHetuyeckue nyu rypsuya // Mpupoga. 1997. No3. C. 64-80/ 17. Ky3uH A. M. uv Monsakosa O. VU. O chepmeHTaTuBHON 
AKTUBHOCTN BbICOKOpa3s6aBNeHHbIX PaCTBOPOB CbepMeHTOB B NpucyTcTBUuUW amuHoKucnoT // [4]. 1947. C. 54-63. 18. Boenkos B. 
Jl., Backakos VU. B., Kecbanuac K, Hanetos B. U. Uxnuynauna cBepxcna6bim YdobnyyeHvem unu nepekucbio BosOpoga 
BbIPO)KQEHHO-pa3BeTBNeHHON LeNnHON peakyun AesamuHupoBaHna ruuuuna // BuoopraHuyeckas xumua. 1996. T. 22.Ne 1. C. 39- 
47. 19- KyauH A. M. Ctumynupytowjee AevctBue uoHu3upyrolero u3snyyeHuA Ha Ouonornuyeckue npoyecci. M.: ATomu3gat, 
1977. 20. Ky3un A. M. Ugear paguaynoHHoro ropme3vca B aTOMHOM Beke. M.: Hayka, 1995. 21. Ky3uH AM. BropuuHbie 
OvoreHHbie u3snyyeHuA — nyu %«U3HH. TyWWHO, 1997. 22. Biophotonics. Non-equilibrium and Coherent Systems in Biology, 
Biophysics and Biotechnology (Proceedings of Intern. Conf. Dedicated to the 120'N] birthday of Aleksander Gavrilovich Gurwitsch 
(1874-1954). Sept., 28-Oct.? 2 1994) / Eds. L V. Belousov, F.-A. Popp. Russia: Bioinform Services Co., 1995. 23- Ky3uH AM. 
Ponb npupogHoro paguoakTuBHoro cboHa UV BTOpuYHoOrO GvoreHHoro u3nyyeHuaA B ABNeHUN «KU3HN. M.: HayKa, 2002. 
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LEAKPROOFING THE SINGULARITY: IRENE CAESAR INTERVIEWS ROMAN 
YAMPOLSKIY (//wavegenome.com/news/leakproofing-the-singularity-irene-caesar- 


interviews-roman-yampolskiy) 
8/6/2013 
232 Comments (//wavegenome.com/news/leakproofing-the-singularity-irene-caesar-interviews-roman-yampolskiy#comments) 


DR. ROMAN YAMPOLSKIY 


Assistant Professor, Director Cybersecurity Lab 

University of Louisville, KY 

Memberships of Professional Societies: 

ACM, IEEE, Tau Beta Pi 

Dr. Yampolskiy is an author of over 100 publications 
(http://cecs.louisville.edu/ry/publications.htm) including multiple journal 
articles and books. 





‘Lam the slave of the lamp’ -- Genie from Aladdin (from Roman V. Yampolskiy paper “Leakproofing the Singularity”, 2011) 


1. Congratulations on writing your new book “Artificial Superintelligence: A Futuristic Approach” to be completed in January 
2014. In your widely publicized 2011 paper “Leakproofing the Singularity 
(“http://cecs.louisville.edu/ry/LeakproofingtheSingularity.pdf), you have offered to create an Al confinement environment, and 
even call it a “JAIL” — “Just for Al Location,” which should be marked with a Hazard symbol analogous to “Bio-Hazard,” 
“Radiation,” and “Magnetic Field”. Why do you argue against the idea that after extensive testing in different confinement 
environments confirming the Al is ‘Friendly’ (Yudkowsky, 2001) it should be released (Chalmers, 2010)? According to Ray 
Kurzweil (2005), singularity means that human and artificial intellect merge. So does your Al confinement argument mean that 
you do not expect singularity to happen? And does it mean that you do not agree with Ray Kurzweil that we need to merge with 
machines in order to survive the singularity? 


Al should never be released because you can never actually confirm that it is friendly, it may simply pretend to be so, 
until it gains its freedom. A standard definition of singularity is that machines learn to produce the next generation of 
even smarter machines and that process speeds up to the point of being beyond prediction or understanding. 
Kurzweil argues that machines and humans will merge and so that will allow us to keep up with accelerating change. | 
do fully expect singularity to happen, but merging with machines by definition means the end of humanity, we will stop 
existing as humans and will become machines. Regardless of how you feel about it, you have to agree that it is nota 
way for humanity to survive singularity. 
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2. You proposed Artimetrics as a new field of study for the issues of Al and singularity. Artimetrics should identify, classify and 
authenticate Al agents, robots, and virtual reality avatars for security purposes (Yampolskiy, 2007; Yampolskiy & Govindaraju, 
2008; 2007b, Gavrilova and Yampolskiy, 2010). (209). What are the achievements in Artimetrics so far? What exactly is the Al 
confinement protocol you propose? 


Artimetrics is adaptation of behavioral and physical biometric profiling to virtual worlds and artificial agents. It is a 
way to track and identify Al software and avatars. It is something practical we can do in the field of Al security before 
we have actual human level Al developed. As of today we can do facial recognition of avatars and linguistic profiling of 
chatbots, but it is still an ongoing research project. We are currently working on better ways of telling bots from 
humans and vise versa. 


Proposed confinement protocol is somewhat technical but to explain it simply it is a way to limit Al’s communication 
channel in such a way that it can’t sneak any information in or out without being authorized to do so, limiting Al’s 
impact on the real world. 


3. In your paper “Leakproofing the Singularity,” you proposed the following Secured Communication Protocol with Al: Limited 
Inputs and Limited Outputs. You have also admitted that besides the DARPA route, Google’s Al seems to be the most likely 
way towards Superintelligence. Can we in principle confine Al if Al is disseminated in the worldwide internet? It seems that to 
be truly useful, Al should have access and, so, a database, which exceeds the capacity of one human, a group of humans, or 
even the entire state and humankind. How can we make Google’s Oracle’s inputs and outputs limited, if its very 
“superintelligent” status depends upon the access to the unlimited databases? If we use your confinement protocol, based upon 
limited inputs and limited outputs, can we truly benefit from Al? 


Google is always developing new versions of its search algorithm and before making them public they are tested in a 
restricted environment. So if Google wanted to confine its Al they could. The protocol is flexible enough to allow 
unlimited input but still limit output so we can benefit from useful information discovered by Al without it having 
unrestricted influence over us. How beneficial the Al system is does depend on its freedom to communicate, and so 
we need to find a balance between freedom of communication and security. This is very similar to the problem we face 
as a nation in choosing between our freedoms and security against terrorism. 


4. Do you believe that the worldwide web is secure? What would you say, if you are confronted with the concern that every 
country should have its own national web with its own Al confinement protocol? Is it possible in principle to confine Al in only 
one box for the entire planet Earth? 


The web is not secure, it was not designed with security in mind. Some countries are starting to develop national sub- 
internets to exercise better control over the available content. Will same thing happen with Al projects? Possibly. So 
as many countries/corporations begin to get closer to true Al we will probably see a number of Al boxes set up for 
testing and further development. 


5. In your paper, you say: “Superintelligence is not omnipotent; it is a piece of software capable of looking at all the options it 
has in a given situation and properly evaluating probabilities for each option” (210). Does this assessment undermine Ray 
Kurzweil’s utopist paradigm of Al, which is capable of becoming the superior (the highest) intelligence in the universe? At the 
same time, in the same paper, you declare that “Human intellect is no match to that of a superintelligent machine” (204) and is 
“the best the humanity can do” (206), in support of Ray Kurzweil’s promise that Al will get for us the radical life extension and 
expansion. So what is your ultimate judgment: can self-conscious machines become the highest intelligence in the universe 
only because they have superior computational abilities? 


The short answer is YES. In my opinion superior computational capabilities are sufficient for machines to become a 
dominant intelligence as we have seen in many restricted domains such as chess. However superior does not mean 
omnipotent. 


6. What would you say if you are confronted with the concern that the “superintelligent” status of Google’s Al is a false flag, and 
essentially, it would be simply the mechanism of manipulating the information, including financial markets through the high- 
frequency trading, and your confinement protocol would serve in this case as the mechanism of the ultimate alienation of 
information and ability from those internet users who are denied the access to the Al? 


If you mean Google’s search engine, | would say it makes no sense. If the develop system that is not intelligent than 
restricting access to it is completely trivial. If Google wants to limit access to its services to some users they can do 
so in a very direct way, no need for any confinement protocols. 


7. What would you say if you are confronted with the concern that Ray Kurzweil is mistaken about the nature of intelligence. 
Wavefunction constitutes 96% of reality, and particles constitute only 4%. Some wavefunctions (called scalar waves) are 
characterized by quantum non-locality in the infinite space and time, meaning not only that they are indestructible, but also that 
they are uncreated. In other words, these waves coincide with infinity. If we extend quantum physics to humans, and view man 
as a wavefunction with the scalar waves component, then, we need to account for this uncreated and indestructible wave 
component in humans. On the contrary, the artificial intelligence (Al) is created and so finite, in virtue of definition. Then it 
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seems that no Al would ever be able to supersede or even reproduce a human, because the scalar segment of wavefunction in 
the human intellect would be beyond its ability to even detect. Even if we use human DNA to create biorobots as DNA 
computers, the Al will never equal the human access to the infinity simply because the Al will forever lack this uncreated wave 
module. 


WHY? Prove it! Assuming that your claims about wave functions, quantum effects, etc., are true, machines which are 
potentially made from the same physical matter as humans would have just as much access to those properties and 
so would have no problem matching or exciding human performance. “...A machine is created, and, so, is finite.” Just 
like a human. | never heard of wavefunctions or scalar waves, etc., but if you can “extend quantum physics to 
humans,” you can just as easily extend quantum physics to robots achieving the same level of performance. 


8. Still, if all this is true in regards biorobots as DNA computers, what would you say if you are confronted with the concern that 
the “superintelligent” status of Google’s Al is a false flag, so that Google’s Al, Geneva’s Financial Al and cyborgs are simply the 
variant of the depopulation program and the continuation of MK-Ultra program to produce mind-slaves? 


| don’t understand how the claim that you can’t build a true Al system implies a program to control human mind. 


9. Since the publication of your paper, IBM, Intel, Cisco, Google and GE made it public that that they are preparing a worldwide 
launch of the “Internet of Things” or “Internet of Everything”. In essence, “Internet of Things” means the following: things acquire 
a way of interacting with each other without the participation of humans, or, in other words, machines become capable of 
communicating without human involvement. Things “communicate” between each other through one central Al, which is placed 
above both things and humans. Cisco advertising of “The Internet Things” has gone live on Channel 63 Headlines News in 
January 2013. In mid-December 2012, Google has hired Ray Kurzweil as its Director of Engineering. At the end of January 
2013, it was made public that Mr. William Ruh, GE software research vice president, is overseeing the investment of $1.5bn to 
build "Industrial Internet" as the GE sector of the “Internet of Things” in the UK. Al in the “Internet of Everything” is clearly more 
widespread and has more control over the human reality than Google Al, financial Al, military Al, or industrial Al each taken on 
its own. Al in the “Internet of Everything” is clearly all these things combined. It is a global control by Al. How your Al 
confinement protocol would address the “Internet of Everything”? 


http://Awww.v3.co.uk/v3-uk/news/2237 727/general-electric-embarks-on-internet-of-things-uk-recruitment-drive 
(http:/www.v3.co.uk/v3-uk/news/2237727/general-electric-embarks-on-internet-of-things-uk-recruitment-drive) 


The protocol is designed to be used by the Al developers. If Al emerges from distributed contributions of different 
internet companies, it would be impossible to contain such Al much like it is impossible to contain information from 
Internet. 


10. You book is about ways to make sure that an Al we construct is safe and beneficial to humanity, how does this compare to 
dozens of books about Al published every year? 


As far as | know Al books currently available on the market talk about how to develop Al and how great it is going to 
be. | am yet to find a book, which talks about ways to integrate Safety and Security engineering into Al construction 
process. | know that Oxford philosopher Nick Bostrom is working on a book similar to mine, but it also has not been 
published as of today. 


11. Why did you decide to crowdfund your book? 


Essentially the book is currently in the pre-order phase. This will allow me to place an initial order for printed books in 
a much higher quantify leading to a greatly reduced final cost for my readers. | also provided an opportunity to anyone 
interested to become an editor for the book, contribute content, offering corrections (http://igg.me/at/ASFA 
(http://igg.me/at/ASFA)). This is a very novel approach and | think this will results in greatly improved quality of the 
book. 
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Irene Caesar's, Ph.D., lecture "Matrix City" at the Harriman Institute of the Columbia University, September 13, 2012: 
"Technological revolution of energy-information technologies is here! | would like to invite you to my presentation of a Matrix City 
built as an integrated energy-information Matrix. The project is the social and political evaluation of the starting-now 
technological revolution of quantum / resonance sciences, i.e., applying psi-generators in industry, medicine, and agriculture -- 
the conversion of climate, psychotronic and geo-phisical weapons for the peaceful application in economy. These technologies 
offer cure or close-to-cure for now "incurable" diseases, and manifold increase in crop yield in agriculture" (Irene Caesar, 


Ph.D.). 
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IRENE CAESAR, PH.D. 
ON 
HOW TO BUILD 
MATRIX CITY 


SUBSCRIPTION INSTEAD OF 
MEDICATION 





The problem with digital insulin 
seemed to be the fact that digital 
insulin meant cure. People get 
cured from diabetes, even type 1. 
This takes a sick person off the 
insulin market, and, as a result, the 
insulin producer loses money. If the 
technology produces mass healing, 
the insulin producer would sooner 
or later get bankrupt. But this is a 
major misunderstanding of the 
information-wave technology. This 
technology is in fact a subscription, 
rather than simply a cure. You get 
your own personal matrix in digital 
form, recorded onto the MINI- 
TESLA generator. Then, you 
connect your personal generator 
every week to the information-wave 
center, which corrects (tunes) your 
personal wave matrix, and 
combines it with digital drugs if 
needed. 
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Russian scientists are serving farms 
with lasers and generators already 
for many years for the sake 
of manifold increasing the crop 
yield. They do not sell generators - 
they sell only the service. 


The same can be done by Big 
Pharma, after it switches from the 
analog to the digital. This model of 
"subscription" or "contract" will 
involve much more people into the 
information-wave system than it is 
now involved by Big Pharma. 


Young people can get the service 
for enhancing their mental and 
physical abilities. It is possible to 
enhance sexual performance, and 
take vitamins and other 
supplements in the information- 
wave form. 


I believe that in one generation, 
everybody will be using _ this 
technology in every aspect of 
life. Those who will accept this 
technology will get a chance to live 
for 200 years and longer. In 10 
years from now, "getting one's 
maintenance via information-wave 
technology" will be like brushing 
one's teeth every morning. 


WHAT ABOUT CHIPPING? 


I believe that information-wave 
technology has nothing to do with 
chipping the population. Chipping 
the population is the AI paradigm, 
when the choice is alienated, and 
the holographic principle is violated. 
The AI cannot in principle perfect 
human wave matrices or create a 
superman (Ubermensch), who will 
be more perfect than humans. 
Human matrices are "uncreated", 
non-local, that is -- eternal, 
indivisible, and infinite, while AI is 
"artificial", limited, divisible, and 
finite in virtue of definition. AI can 
in principle only assist in having 
healthier children. 


That is why psi-generators should 
not be in-built in the human body, 
but only added to it as a kind of 
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STRUCTURE OF MATRIX CITY 


Lasers and generators will constitute the INNER CORE or the NUCLEUS of the Matrix 
City under the protection of agencies for national security. 


The NUCLEUS will consist of concentric circles with centers for the production and 
conservation of wave matrices. 


The center of NUCLEUS will consist in the production of non-fossil fuel generators of 
energy. 


The conservation center will take care of the wave matrices banks for the Matrix 
Zone. 


The NUCLEUS will handle the production of bioactive water, which itself is a 
generator. 


The NUCLEUS will regulate all forms of life in the Matrix Zone, from organism to 
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amulets of the psychotronic era. 
Man is himself a powerful and most 
perfect generator. Having audacity 
of installing into a human a 
generator that is supposed to 
"control" or "rule" the human is 
laughable. 


I will give you an example so that 
you understand what I mean. There 
are clearly two paradigms of 
Ubermensch right now. The first 
one is a NATO "transformer", 
stuffed with nanobots, who is a 
paradigm of cut-and-paste genetic 
engineering on the _bio-chemical- 
cyber level. The other paradigm is 
Russian paradigm of non-contact 
combat. We can enhance a Russian 
soldier from Special forces with psi- 
generators, as, in fact, Dr. Diashev 
does, but we cannot substitute a 
generator or chip for his mind or 
"eidos", which is quantum infinity 
itself, non-local and entangled with 
everything forever. 


CULTIVATION OF 
OPERATORS 


The matrix is the energy structure, 
which has a wave component of 
indestructible omnipresent nature, 
i.e., quantum non-locality and 
quantum entanglement. This 
infinite wave literally gives life - it 
heals, increases life span, and gives 
joy. The point of building Matrix 
Cities is to have such architecture, 
agriculture, medicine, industry, 
energy, education, and all other 
sides of human life, so that they all 
have access to this wave 
component. 


That is why the agenda of Matrix 
Cities would be the cultivating of 
operators who would be producing 
wave matrices. This cultivation 
should be voluntary. And those who 
do not want to join should be left 
alone. 


species, from bacteria to man. 


The NUCLEUS will produce lasers and generators. 


Around NUCLEUS, there will be a protective perimeter. 


Over the protective perimeter, around the NUCLEUS, there will be concentric circles 
with housing for operators, their centers for education and cultivation, the Secondary 
Production Centers, and the Subscription Center. 


Matrix City will handle subscription to its service. Service should be provided via 
personal mini psi-generators, which should be connected to the information-wave 
system of the Matrix City through the internet at least once a week. 


The Secondary Production Centers will consist of farms as agro-factories 
and industrial park, which will produce all components of information-wave 
technology -- bioactive construction and industrial materials, wave pharmaceuticals, 
etc. 


MATRIX ZONES 


The country should be divided into the Matrix Zones. Each Matrix zone should have 
its own Matrix City, which would serve its zone with wave matrices. 


It looks like, advanced people will gather in special zones which are serviced by the 
Matrix City, the same way as now those who can are looking for areas with better 
schools for their children. These zones will be ecologically pure, with bioactive 
architecture, and bioactive water. These zones should accept everyone who wants to 
join, independently of money. The only condition should be the acceptance of a 
connection to the Matrix City. But nobody should be forced to join. 


This condition will put down all accusations that Matrix Cities are a new exploitation 
device and a new segregation device. In fact, Matrix Cities should take care of 
personal, racial and national uniqueness and survival as much as the rare animal 
species are protected by the Red Book. DNA wave matrices banks should preserve all 
the variety of human genome. 


SPECIAL CHARTER FOR MATRIX CITIES 


Generators and lasers producing wave matrices should be protected by the state and 
agencies for national security. 


Matrix Cities should have their own Charter, i.e., be special, semi-military zones, 
because ultimately this is a more powerful weapon than nuclear bomb, and, if used 
peacefully, generators will be more desirable thing than gold. 


It is completely clear that without the control from the state and agencies for national 
security, this technology cannot be commercialized in principle. Matrix City is basically 
a conversion of psychotronic weapons into peaceful applications in industry, 
medicine, agriculture, etc. 


© IRENE CAESAR, PH.D., MATRIX CITY, ALL RIGHTS RESERVED, 2012 
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The project "City of the Matrix" was 
approved by the Consortium "The City of 
the Matrix", the founders of which are A.N. 
V.E. Prigogine, President of Propaganda 
Industries. 
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CONSORTIUM CITY MATRIX 


The consortium "City of Matrix" operates as a 
closed club on the basis of an agreement on the 
consortium "City of Matrix" and membership fees. 
Club members have preferential access to a 
package of technologies, and to the services and 
products of consortium members. The goal of the 
club is to create a non-profit coalition that can 
contribute to further commercial and production 
activities of members of the consortium in the way 
of introducing information-wave technologies. 
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YOUR CAMERA RECORDS YOUR WAVE MATRIX 
TESLA TEST SOFTWARE ANALYZES THE DATA 





WAVE GENOME LLC CONDUCTS REMOTE LASER TREATMENT 
BASED UPON YOUR DATA 
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WAVE GENOME LLC mace the first in the world commercial offering of the 
REMOTE LASER TREATMENT in May 2013, before anybody in the field, and 
presented its project in London to Andrew Charalambous, the Prior of the 
Byzantine Templars. The Laser reads client's Biohologram, and corrects the 
deficiencies in the REFRACTION CODE of the Wave Crystal / Biohologram. The 
holographic signal gets instantaneously transmitted to the client via the Quantum 


Nonlocality. 


TESLA TEST - WAVE GENOME 


Together with SECOND-BIRTH MINI-TESLA PSI-GENERATOR (/second-birth- 
mini-tesla-psi-generator.html), we offer the most reliable solution for 

the REMOTE LASER MANAGEMENT OF BIOSYSTEMS. In addition to the 
diagnostics done by the laser remotely, we offer now the TESLA 

TEST (abbreviation: TT) - the most advanced software program for recording 
and analyzing your WAVE MATRIX. Price is promotional. Commercial value is 


$20,0i00. TESLA TEST adds the layer of reliability and verifiability for the 


procedure. 


In January 2018, WAVE GENOME LLC launched the SECOND-BIRTH MINI- 


TESLA PSI-GENERATOR (/second-birth-mini-tesla-psi-generator.html), 
coded with the Digitized Biohologram of the Embryonic Stem Cell, the most 


valuable biological information on the global market. 


TESLA TEST software program makes the camera on your computer record 
your Wave Matrix, and analyzes the data. TESLA TEST produces the 

TT REPORT. Clients emails the TT REPORT to WAVE GENOME LLC. WAVE 
GENOME LLC uses the TT REPORT for the REMOTE LASER 
MANAGEMENT of client's Biohologram. 
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PRESS RELEASE ON GLOBAL LAUNCH OF THE SECOND-BIRTH 
TESLA PSI-GENERATOR BY WAVE GENOME 


: quanti LEAP 


WAVE GENOME: 





JANUARY 13, 2018 


© Irene Caesar, Ph.D., President, Founder and Owner of Wave Genome 


Wave Genome is proud to announce its most advanced MINI-TESLA PSI-GENERATOR 
ever: the SECOND-BIRTH Mini-Tesla Psi-Generator. 


We called the new chip the "SECOND BIRTH" generator, because the client gets the 
most valuable bioholographic treatment ever for rejuvenation -- the biohologram of the 
embryonic stem cell. The SECOND-BIRTH Biohologram is available as a chip encoded 





Dr. Irene Caesar, author of the theory of Wave Optics 
in Chromosomes as Bioholography, and author of the 


technological model for recording and transferring the by laser on nanolevel. The clinical trials were conducted by the Bauman University 
bioholograms of cells and drugs via refractions codes z sia : . . : 
in the scalar wave diffraction grating; the Head of the Medical Center. The clinical trials had demonstrated the radical improvement in the 


group of technical professionals to verify the 
technological model offered and theoretically 
substantiated by her. 


wellbeing of the participants in the clinical trials. 


In the GENERIC SECOND-BIRTH Tesla Generator, the biohologram of the embryonic 
stem cell is generic. It is a DIGITAL CELL. It is not the biohologram of a specific embryo, 
but the result of the Embryonic research based upon the Quantum Leap diagnostic of 
holograms according to the coherence of the geometrical optics in chromosomes. 


In the INDIVIDUAL SECOND-BIRTH Tesla Generator, the biohologram of the 
embryonic stem cell is modulated by client's most coherent biohologram, recorded via 
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Prof. Alexander K. Volkov, Ph.D., Medical Sciences, 

Director of the Scientific, Medical, Technological and 

Educational Center of the Bauman Moscow Russian 

State Technical University, who headed the group of 

medical professionals to verify the technological 
model offered by Dr. Irene Caesar. 
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Prof. Vladimir |. Sinopalnikov, Ph.D. Medical Sciences, 
The Renowned Physician of the Russian 
Federaration, Deputy Director of the Scientific, 
Medical, Technological and Educational Center of the 
Bauman Moscow Russian State Technical University, 
who participated in the group of medical professionals 
to verify the technological model offered by Dr. Irene 
Caesar. 





. Sas # =: 
Scientific, Medical, Technological and Educational 
Center of the Bauman Moscow Russian State 
Technical University, in possession of the cutting edge 
lasers, and other technology. 





Bauman Moscow Russian State Technical University, 
major Science University of Russia, of MIT level. 
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laser from his childhood photograph. 


The INDIVIDUAL SECOND-BIRTH Tesla Generator is stronger than the GENERIC 
one, since it has a more precise focus due to the finer / smaller grid of the scalar wave 
diffraction grating. But you can use the GENERIC one for the entire family, and this is 
also a great benefit. 


If somebody else will wear your own unique INDIVIDUAL Tesla Generator, this 
individual will simply not connect to the focus of your unique biohologram encoded on 
the chip, since this person has his/her own geometrical code for refraction in the scalar 
wave diffraction grating of his/her biohologram. 


When the modulation is added to the carrier wave in the scalar wave diffraction grating, 
the resulting hologram is different from these two components taken separately. 


In the biohologram, the polarization emerges due to the change of the spin in the integral 
torsion. Due to polarization, the external signal is reflected upon itself, so that the scalar / 
standing wave emerges. In the scalar wave, the peak of the forward-going wave is 
annulled by the trough of the same wave when it is reflected upon itself. Scalar wave 
creates the diffraction grating, so that any next external signal is refracted towards the 
focus / zero center of the biohologram (aka “wave crystal”). 


Any external signal is only a trigger, and the external signal can be a psychotronic attack. 
This is a great benefit of the Quantum Leap Laser Polarized Bioholography. The more 
modulations the biohologram has, the more precise focus / zero center is achieved via 
refraction, and the better is your protection against the psychotronic attack. 


Because the SECOND-BIRTH Tesla Generator has the most fine / small / scaled scalar 
wave diffraction grid among our other generators, the SECOND-BIRTH Tesla Generator 
provides the most precise focus / zero focus of client's biohologram and the best 
defense against psychotronic attack. 


Thus, with the SECOND-BIRTH Chip, you will experience the most radical rejuvenation 
effects, including mental and physical enhancement, a more emotional control, and a 
better defense against psychotronic attacks. 


Those of our clients, who already own one of our MINI-TESLA PSI-GENERATORS, can 
either wear both generators together, or carry one of the generators in a pocket, or 
alternate generators. 


NEW GENERATION DIGITAL PHARMACY 


SECOND-BIRTH TESLA PSI-GENERATOR (http://wavegenome.com/second-birth- 
mini-tesla-psi-generator.html) is the SECOND GENERATION CHIP (inside a 
pendant). It comes with the ADVANCED DIGITAL PHARMACY, which consists either 

in TESLA TEST (http://wavegenome.com/tesla-test.html) software program 
(abbreviation: TT) for the REMOTE LASER TREATMENT 
(http:/wavegenome.com/remote-laser-treatment.html), or with the TESLA HUMAN 
CELL X (http://wavegenome.com/tesla-human-cell.html), as 5 MP3 files of the 
digitized Bioholograms of the essential bodily organs and physiological systems encoded 
as half-audible white noise in the Sacred Mantras, recorded by the new generation 
laser. 


TESLA TEST (http://wavegenome.comi/tesla-test.html) software program, is the most 
advanced way to record and verify client's WAVE MATRIX. TESLA TEST 
(http:/wavegenome.com/tesla-test.html) makes the camera on your computer record 
your Wave Matrix, and analyzes the data. WAVE GENOME LLC uses this data for 

the REMOTE LASER MANAGEMENT (http://wavegenome.com/remote-laser- 
treatment.html) of your Biohologram. 


TESLA TEST (/tesla-test.html) 
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Ballpoint Pen Casing 


Wrap adhesive-backed copper foil (Tip & ink tube discarded; 
round-and-round to build shield but saved screw-on cap 
over heat shrink-covered RF probe at rear of pen) 






assembly; check for shorts 


> 
. 


7 


/ 


12" Wire pigtail from ground 





When complete, pull assembly back into N5FC plane of RF probe PCB solders 
ballpoint casing, leaving needle sticking Ballpoint to copper taper and continues 
out about 1/2 inch. allpoin back through pen casing 

RF Probe (alongside 3-ft shielded coax) 


NSFC 2001 
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WAVE GENOME LLC CONDUCTS REMOTE LASER TREATMENT 
BASED UPON YOUR DATA 





As a promotion, the SECOND-BIRTH MINI-TESLA PSI-GENERATOR 
(http:/wavegenome.com/second-birth-mini-tesla-psi-generator.html) is offered with 
the TESLA TEST (/tesla-test.html)software program. 


In January 2018, WAVE GENOME LLC launched TESLA TEST. 


TESLA TEST is a software program that makes the camera on your computer record 
your Wave Matrix, and analyzes the data, $20,000 commercial value. 


WAVE GENOME LLC uses this data for the REMOTE LASER MANAGEMENT 
(/remote-laser-treatment.html) of your Biohologram. 


Click here to read more. (/tesla-test.html) 


WAVE GENOME HAS INTELLECTUAL PRIORITY FOR THE WAVE 
OPTICS INCHROMOSOMES AS BIOHOLOGRAPHY 


Click here (/diaschev-dipol-di-pol.html) to read on how WAVE GENOME’s technology 


differs from Dr. Gariaev’s and Dr. Diaschev’s technology (DIPOL or DI-POL Generator). 
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Every MINI-TESLA psi-generator comes with: 


(1) a CHIP, structured with a laser on a nano-level with the wave matrix of healthy 
human or your own individual wave matrix in childhood (recorded from your childhood 
photograph), and cased either in pearl or wood; 


(2) and psi-program (in English) - a flash drive with the software that has the 
entire DIGITAL PHARMACY with 44 modules generated as the white noise encoded in 
music for your lifetime and for every system and vital organ in your body. 
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Remote management of biosystems based upon the shape of chromosomes as 
diffraction grating for focusing genetic information 


A novel holographic wave genetic approach to informational based medicine, 
genetics and agriculture 


by Irene Caesar of Wave Genome 
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Some of it seems vaguely analagous to the deeper radionic protocols | have come 
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According to Caesar “Chromosomes Function as a geometrical code in the liquid 
naeXe|F- Mo) mu atm UAV lave Mell ur-\ qe) me) ]atem won upt-M C-lWVme) melo) nn(-luu(eme)o)u(acmlnmare)(oleln-)nnice 
Chromosomes transform the liquid media into the crystallized refracted structure 
aka “wave crystal”. Thus the chromosome is a structural code or shape that has a 
holographic nature allowing For the remote management of biosystems via laser 
roxe) k=} miXaXel avo) (oXel r=] >) aN Aare 


Caesars work is independent of Gariaev's studies on Linguistic Wave Genetics. You 


can learn more here: http://wavegenome.com/diaschev-dipol-di-pol.html. ; 
pizza ove 


The services of Wave Genome include a digital pharmacy which can be applied 
remotely to your digital witness or an agricultural prooject. They also construct 
tesla psi-generators and vision repair glasses, wearable chips or bio-active water 
imprinted with your personal hologram. 
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in its every matrix part. The holographic principle 
has three important implications: 
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The first implication of the holographic principle postulates the UNIQUENESS of 
every wave matrix. IF the universe is entirely in its every matrix point, then, every 
matrix point is not simply different From any other matrix point, but is unique. 


The second implication of the holographic principle postulates the NON- 
LOCALITY of every wave matrix. IF the universe is entirely in its every matrix point, 
then every wave matrix is simultaneously present in the infinite number of 
dimensions via its tokens. Though there are infinitely many tokens of the same non- 
local wave matrix, all of them constitute one integrated SYSTEMATIC WHOLE. 


The non-local holographic nature of wave matrices also means that the wave matrix 
has the infinite set of waves, particles and Fields within its TORUS — From infinitely 
micro to infinitely macro dimensions. It is impossible to talk of each individual wave 
matrix as “a specific Frequency”. And it is impossible to postulate any “medium” of 


its existence, like “scalar wave”, “aether”, “Higgs / boson field”, “torsions”, 
“leptons”, etc. There is no specific medium for transferring the information. 
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The third implication of the holographic principle postulates that there is 
the QUANTUM ENTANGLEMENT in the Form of the instantaneous transmission of 
information between all the tokens of the same non-local wave matrix. The signal 
that records and transmits the ENTANGLED INFORMATION between different 
wave matrices or between the tokens of the same non-local wave matrix has 
specific nature. It is HOLOGRAPHIC. Only lasers with internal Kozyrev Mirrors can 
record and transmit holographic signal, based upon the principles of the 
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polarised refraction holography (described in terms of geometrical optics). Thus, 
the principle of recording and transmitting the MATRIX SIGNAL is structural, and 
not medium-based. 


Thus, it is possible to remotely and instantaneously transfer some wave 
Hale) nat-leakeyam wom=Wunnt=l pWnvd =i ony =M=yn)er=) ate] (=) natal plum eY=1a/\Z-1=) nm nlicm oYeYehVal (clam e) nvm KoYer-] a(0)n) e-}ave 
his photograph (at another location), as two tokens of his non-local wave matrix. 


For example, it is possible to remotely lower blood sugar in a diabetic man via 
scanning his photograph with the laser ray, which is passing through insulin before 
reaching the photograph. ” 
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THE FOLLOWING ARTICLE IS SOURCED 


ACuPUITTURE 
Abstract sail 


The same gene gets expressed in dysfunctional individuals by acrocentric 
chromosome, and in Functional individuals by metacentric chromosome, and till 
now nobody was able to explain why. | claim that chromosome Functions as wave 
crystal, i.e., nonlocal unique wave matrix that focuses genetic information unique 
to this individual via his / her own unique scalar wave diffraction grating. Thus, 
chromosome is a structural / geometric code or shape that has holographic nature 
allowing For the remote management of biosystems via laser polarized holography. 


Tilt meet trea fey) 
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We can conduct remote laser management of the biosystems, and, thus, create Popular Aether Force 
individuals with enhanced physical and psychic abilities, and dramatically extend Articles 

UTemsj oY=] nl eY=|sX=Xe MU) Ye) n ul nY=W nny) (Cer=]a(o)p me) im way=W ave)Kofeymr-)e)ay(emo)ulavel|ol(-m(OM@lUT-}alaeran 

Biointernet, Irene Caesar 2013), and mastering the geometric codes of 


chromosomes. 
Objectives , New De 


The objective is to build a Matrix City, i.e., the self-sufficient human settlement of REL Physic 
the Quantum Leap Era (http://www.thematrixcity.com and oo wx 


é 


specifically: http://www.thematrixcity.com/structure-of-the-matrix-city-r...), where 

enhanced man in enhanced environment can have enhanced life of any life span he 

chooses. The objective includes: (1) creating BANKS OF WAVE MATRICES for every 

living creature on this planet; (2) creating MATRIX CITY ZONES, where individuals 

receive all their supplements and medications via E-DRUGS and I-DRUGS from the 

MATRIX CITY based upon subscription model; (3) cultivating men with enhanced — 
physical, intellectual and psychic abilities. 2) Nikola 


Review of Related Literature 
Beyonce 


The Polarized Holography is mainly based upon Russian research, especially upon 
the research of Nikolai Kozyrev, and his so called “Kozyrev Mirror” principle; the Q Uncle.. 
structuralist genetics by Alexander Gurvich; as well as upon the toroidal (“torsion”) 
research by Anatoly Akimov and Gennady Schipov. In 2002 some information got 
licked to the West, when two researchers of the NPO “Aura” (NPO “Energy”/BINAR, 
which became “The Institute for National Security” in 2000) Peter Gariaev and 
George Tertyshny, who did not have clearance and Full access to the research, have 
brought a laser to Toronto to demonstrate remote management of the artificially 
induced diabetes via the laser signal at a distance of 20 kilometers in the rats of the 
same genetic line. But Gariaev and Tertyshny did not have access to the Digital 

dave TManT=\ AYO) ime nC=Mal Ke] ] a p4-Xalu o){e) ne) oXe] r= nntsme) am nl=y-] | aanvm oXeYal | Avare) Ke f=) akcwe]avelN by a\VAsi(0) (ofe] [er] 
systems (aka “Digital Cell”), and could not diagnose wave matrices. The technology 
was Classified at that time in Russia, and got declassified only in 2008. 


Conceptual Framework ey ; Plants 
Universe is holographic, i.e., itis entirely contained in its every matrix point. Since 
universe is holographic, we can record, transmit and receive only holographic 
information. The implication of the holographic principle states that, IF entire 
universe is contained in its every matrix point (holographic principle), then, every 
matrix point is not simply different From any other matrix point, but is unique 
(implication of the holographic principle, © Irene Caesar 2012). IF we have an exact 
(oo) o)Vo) ied DCMU p}(o[UL=M avo) nl CoXer=] MNVZc\YZ-m nat=] emp Gm om or=) n=) Ye MT ny Ko) mnat=]e (eyo | avsieclalu=)arexelUisi\\, 
day nede le) am@Ur-}alaCTnn mn (olnl Cover] tL AVAu une) name) nt Mece) o\ae) amu ny-MUlny(o[U(-M avo) nl CoYer=] MUVZc)V-M nat-la ip. 
to the other copy, to any dimension, any planet, or galaxy, to the past, and to the 
Future. 
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Research Methodology 


The chromosome geometry changes the nature of the external signal From linear to 
into) CoXey r=] 0) pi (on (OMI n=VaY=M @r-(=\st-] mA 0M Poul nny 9) ter] ele) no) am ave) Coe] i=] 0) nl (om oyu tavel|o)(=) MYA GD Me) AUIS 
polarization (via the change of the spin in the integral toroidal Field of DNA); (2) 
reflection of any external linear signal upon itself and creation of the scalar / 
standing wave diffraction grating, which neutralizes any external signal; (3) 
refraction of any incoming signal towards the zero center of the wave crystal, which 
Functions as a Focus similar to how our eye functions (Irene Caesar, Chromosome 
Geometry ©2014). 


Quantum Leap technology applying knowledge of the chromosome geometry is 
called “polarized holography”, and is based upon application of stabilized Helium- 
Neon Lasers with internal mirrors. This kind of lasers are capable of creating 

ino) Coxe) r=] 0) pi Couc} Le) nY=] OW-Vat=] CoferelUts] IVAN oll) mm Yo) ny =XcW-] =m er=) bY=] 9] (=e) mo) mola lULel| pepsi a=Ynner=l| op 
roy n} AV BY =Xer=] UKs <0 bl a=} Y=] BY We) a olay Wl BY) pY=M [c= aY=] CoYe(o] UKM woll (-hsv-1 mt) oY ==) ave Ml [cMer=] pY=] 0) (Me) p 
changing the nature of external signal. 


Research Results 


As of today, the Institute for National Security in Moscow offers the local and 
remote management of biosystems, and individuals: 

(GD AV tem=1 (exe no) nicew male} luz) mel nUretcm(D)(@] NP Mn da -Vov\UV-\@n @elatsiiciaiatemolmel(ellupa-va 

ipyCo) aXe) CoYe] wal nncMo) MAYA Z=hVA= Wp ats]. 4m (e¢=XoM Ro) m=NY/=) AV DY =¥-] (op hvmoYoLall AVae) Ke f-]aWr-Tavem >) p\vcj(ellorel(er=) | 
system; and including E-DRUGS [additional upon subscription], of which more than 
300 are already created, including E-VYAG-RA and I-VYAG-RA); 

(2) via remote laser signal (I-DRUGS or Quantum Biointernet). 
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Institute has conducted the First in the world official and public remote lowering of 
blood sugar in diabetic calf via the laser signal at the distance of 20 kilometers For 
the American Diabetic Association in 1999. Over 2015, the Institute has created the 
digital platform For dispensation of E-DRUGS and I-DRUGS via subscription 

FJ pr=]Koxe(olUicm mols n nyo) o)| (=>) ato)aY=Mc10) o}Yelu/o)u(o)n mo) xexe] m=] 00cm 


E-DRUGS are offered in two forms: (1) as chips inside a pendant [MINI-TESLA PSI- 
GENERATOR] of electret nature structured by laser on the nanolevel, and (2) as 
software program on flash drive sold with a MINI-TESLA PSI-GENERATOR, which 
contains the entire DIGITAL PHARMACY (soon only by subscription). 


Discussion 


It is clear that the exiting model of Human Genome is not correct, since it cannot 
explain 98% of DNA calling it “Junk DNA’. Thus, genetic engineering based upon 
mel] lj axe mr=) ave M oy-ls1e| ne nmre) ama (a(= lel] t=] 0) (=Mayay/-o) im D) NV-W ice (oYo)nnt=Xelu no) mm ar=]] (01K =Mm ©) ay Nau at 
ke) KoXe} wa] d) nV (OM AVC=NYZ=m @{=) YL el oH pY=l<X=Xe MMU] Yo) nel ny me) pn oycvo) nate =Xo)nni=) 4 AVAmers]pM=>.40)(-]/a Maat) 
difference between Functional and dysfunctional individuals, and promote the 
advance in genetic engineering. 
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PRIVACY POLICY 
(/privacy-policy.html) 





WAVE GENOME HAS INTELLECTUAL PRIORITY FOR THE WAVE 
OPTICS INCHROMOSOMES AS BIOHOLOGRAPHY 


Read on how WAVE GENOME’s technology differs from Dr. Gariaev’s and 
Dr. Diaschev’s technology (DIPOL or DI-POL Generator) 


JANUARY 13, 2013 


CLIENT'S QUESTION: Irene, | am also wondering if you know of other people working 
with hologram technology. 


DR. IRENE CAESAR’S ANSWER: “It was totally my idea to use bioholograms of drugs 
and cells precisely as reconstructed into visible systematic wholes from the holographic 
signal of the laser. 


The term of "Laser Polarized Bioholography" was coined by Dr. Tertyshniy. But he and 
his collaborator Peter Gariaev did not have the theory of wave optics in chromosomes 
that | have created as "wave crystal theory" in 1980s and which | have expanded to 
chromosomes in 2010-2014. That is why, Tertyshniy and Gariaev were recording laser 
signals via radio receiver in the narrow electro-magnetic range. In 2002 Tertyshniy and 
Gariaev had split apart, and Gariaev never used the term "Laser Polarized 
Bioholography". Gariaev is even now selling a crackling sound of a radio receiver. He 
also uses his laser in the unscreened room, since he does not have the theory of wave 
optics, and, so, contaminates matrices with the holographic signals of his neighbors and 
himself. Also, Gariaev and Tertyshniy did not encode electrets via laser. This was 
suggested by me to my team of scientists. Nobody in the world before my company 
WAVE GENOME was encoding the bioholograms onto electrets via laser. 


DIPOL (DI-POL) generator is invented and produced by Dr. Alexander D. Panchenko, 
and sold by Dr. Diaschev. DIPOL is a chip made of layers of foil and paper glued 
together with epoxy resin, according to the official description, almost alike to 
orgonite. Dr. Diaschev himself does not use lasers, and does not have lasers at his 
facility. Dr. Diaschev functions as a middle man between various scientists and clients. 


WAVE GENOME was the first scientific group in the world that started producing the 
laser recording of client's biohologram as proper bioholography, and the laser encoding 
of the individual biohologram of the client, recorded from clients's childhood photograph, 
upon the electret chip, as well as the laser encoding of modulators onto the casing of the 
chip. WAVE GENOME also produced a new DIGITAL PHARMACY software as the 
collection of the digitized bioholograms of organs and physiological systems. 


In the summer of 2017 | have contracted and financed the laser specialists from Moscow 
Baumann Russian State University, to bring my project of recording and transferring of 
bioholograms via laser encoding and laser reading to the new level of scientific 
standards and verification, and to conduct clinical trials. 


You will be able to read it all in my 40-page manuscript, which | was asked to submit to 
the Genetic Therapy Journal published in San Francisco. 


My clinical trials with laser bioholograms were very successful, and | was able to prove 
my theory of the wave optics of biohologoraphy in chromosomes as scalar wave 
diffraction gratings. | created HASPIRIN — the digitized biohologram of aspirin, and 
verified it in clinical trials. Also, | have created the EMBRYONIC STEM CELL 
BIOHOLOGRAM (Second Birth Chip) - and verified it in clinical trials." 


warranty.html) policy.html) 
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FDA DISCLAIMER: Content on this site is for reference purposes and is nota 
substitute for advice from a licensed health-care professional. You should not 
rely solely on this content, and wave genome.com assumes no liability for 
inaccuracies. Always read directions before using a product. Statements 
regarding products and services have not been evaluated by the FDA, and 
these products and services are not intended to diagnose, treat, cure, or 
prevent any disease or condition. 


Payment in full is due ahead of services. No refunds and returns. 


COPYRIGHT NOTICE: Text, graphics, and HTML code on wavegenome.com 
belong to Irene Caesar, Ph.D., their sole author, and are protected by US and 
International Copyright Laws, and may not be copied, reprinted, published, 
translated, hosted, or otherwise distributed by any means without explicit 
permission from Irene Caesar, Ph.D., and in violation of the International Laws 
for citing references. Any citation of the wavegenome.com website should be 
accompanied with the proper reference to Irene Caesar, Ph.D. Any citation 
exceeding the length, permissible for the reference length by the International 
Copyright Law, will be considered to be a violation of the International Copyright 
Law. 


© IRENE CAESAR, PH.D., FOUNDER AND SOLE OWNER OF WAVEGENOME 2010-2017 ALL RIGHTS RESERVED 
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QUANTUM REJUVENATION CLINIC "OM" 


We offer remote quantum rejuvenation via QUANTUM INTERNET. Quantum 
rejuvenation implies the rejuvenation of all the physiological systems, including 
endocrine system, digestive system, cardiovascular system, hearing / eye sight, 
reproductive system, intellectual abilities, improvement memory, etc. 


PRIVACY POLICY 
(/privacy-policy.html) 


SHIPPING POLICY (/shipping-- 
warranty.html) 


FDA DISCLAIMER: Content on this site is for reference purposes and is not a 
substitute for advice from a licensed health-care professional. You should not 
rely solely on this content, and wave genome.com assumes no liability for 
inaccuracies. Always read directions before using a product. Statements 
regarding products and services have not been evaluated by the FDA, and 
these products and services are not intended to diagnose, treat, cure, or 
prevent any disease or condition. 


Payment in full is due ahead of services. No refunds and returns. 


QUANTUM REJUVENATION CLINIC "OM" - ENGLISH - WAVE GENOME 


THE REMOTE REJUVENATION SERVICE is provided for a period, chosen by 
the customer upon payment for a subscription. 


Session of the REMOTE LASER TREATMENT consists in the distant 
transmission of client's CHILDHOOD BIOHOLOGRAM or the MODULATING 
BIOHOLOGRA\M, such as the Digitized Biohologram of the Human Embryonic 
Stem Cell, the Digitized Biohologram of the Immune Modulator, the Digitized 
Biohologram of RNA upon the client, mediated by client's photograph. 
Technology is based upon Quantum Nonlocality of all copies of the same unique 
nonlocal Wave Matrix / Biohologram. One session lasts one hour a day. 

In addition, WAVE GENOME LLC uses the REPORT of the TESLA TEST 
(/tesla-test.html) software program. 


- $270 per hour 
- $6000 per month 


Client can combine multiple Bioholographic Modulators, or run more sessions a 
day, for the additional fee. 


CONDITIONS 


Firstly, to receive THE REMOTE REJUVENATION SERVICE, customer should 
order the SECOND-BIRTH MINI-TESLA PSI-GENERATOR. (/second-birth- 
mini-tesla-psi-generator.html) 


Secondly, to receive THE REMOTE REJUVENATION SERVICE, customer 
should fill up THE ORDER FORM (/order-form.html) and upload the following 
information about himself/herself: 

(1) Full name, (2) age, (3) contact information (address, phone number, email), 
(4) the diagnosis / extract from the medical records, including biochemical tests 
(blood / urine) and the analysis of genetic / hereditary diseases with a detailed 
case history / description of the state of health, provided by the physician, (5) the 
certificate of disability, if any, and an extract from the medical records by medical 
specialists, (6) present photo, (7) biochemical tests every two weeks throughout 
the treatment, and an extract from medical records upon visiting the doctor every 
two weeks / once a month. 


RETURN POLICY (/return- 
policy.html) 


TERMS OF SERVICE (/terms-of- 
service.html) 


COPYRIGHT NOTICE: Text, graphics, and HTML code on wavegenome.com 
belong to Irene Caesar, Ph.D., their sole author, and are protected by US and 
International Copyright Laws, and may not be copied, reprinted, published, 
translated, hosted, or otherwise distributed by any means without explicit 
permission from Irene Caesar, Ph.D., and in violation of the International Laws 
for citing references. Any citation of the wavegenome.com website should be 
accompanied with the proper reference to Irene Caesar, Ph.D. Any citation 
exceeding the length, permissible for the reference length by the International 
Copyright Law, will be considered to be a violation of the International Copyright 
Law. 


© IRENE CAESAR, PH.D., FOUNDER AND SOLE OWNER OF WAVEGENOME 2010-2017 ALL RIGHTS RESERVED 
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HOME / TIABHAS (/) 


PRODUCTS / TOBAPDI (/PRODUCTS--1058 10541042 104010561067.HTML) 


CONTACT / KOHTAKT (/CONTACT-- 105010541053 1058104010501058.HTML) 


REJUVENATION 


“Ss 





TREATMENT AT OUR CLINICS (/quantum- 
clinic.html) is priced on the individual basis. We 
help with travel, lodging, escort and interpreting 
services at extra cost according to regular 
Russian rates, for example, interpreter is usually 
billed $177 for the first hour of translation / escort 
(or below one hour) with $59 for every next 
hour (regular 8 hours working day); while for 
working days with overtime (over 8 hours regular 
working day), client is billed at $177 for the first 
hour, and $94 for every next hour. We accept only 
our own interpreters. Clinics are RUSSIAN 
CLINICS. WAVE GENOME does NOT own any 
of these clinics, but 
offer VISITATION programs for getting 
treatments at Russian clinics. 


/ (/visit-our-clinic-russian.html) 
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SERVICES / YCJIYTM (/SERVICES--105910571051105910431048.HTML) 


GENERATOR AURA-001 


Generator Aura-001 
can cure diseases that 
are considered to be 
incurable by the 
conventional 

medicine. Clinical 
experience has shown 
its ability to repair 
damage in the 
functioning of any 
bodily organ. The 
feedback principle in 
the operation of the 
device allows 





(/generator-aura-001 .html) 


detecting and localizing the disease before the onset of pathology. When exposed to the device, healthy cells 
do not respond to the exposure, while the sick cells enter into dialogue with the device, so that the human body 


responds to the exposure (with the pronounced effect of parastasis). 


MORE (/generator-aura-001.html) 


GENERATOR AURA-008 





Generator Aura- 
008 is designed for 
the — prophylactics 
and treatment of the 
spine. It promotes 
relaxation, sti- 


(/generator-aura-008.html)mulation and post- 


traumatic reha- 
bilitation of the 
musculoskeletal 
system via the non- 
contact method of 
low-level ele- 
ctromagnetic 
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influence on the patient's energy centers located in the region of vertebral column. 
Its principle of operation is based on effects of external physical factors on the structural elements and systems 
of the human body at different levels. 


MORE (/generator-aura-008.html) 


GENERATOR AURA-009 





Generator Aura-009 is 
 odulon nea HAM G8 HILRZOT (NG B8RHenOFadegcn a 


Institute for National Security is fully privatized, and : : ; 
engaged in developing information-wave technology and physiological correction 


applying it in medicine, and agriculture. Among clients of Fi 
the Institute were Russian President Boris Yeltsin and ay Dicieacuent> 
famed American astronaut Edgar Mitchell. therapy of _ targeted 
impact. Generator Aura- 
T (http:/www.wavegenome.comi/visit-our- 009 is designed for use in (/generator-aura-009.html) 
clinic-for-cure-and- specialized Clinics, 


rejuvenation.html)REATMENT AT OUR 
CLINICS is priced on the individual basis. At 


sanatoriums, resorts and 
spa for the prevention of 





extra cost, we help with travel, lodging and functional disorders. | 

interpreting services. Minimum course of increasing mental | 

treatment is 10 days, for three hours a day. psychic and__ physical 

Booking is accepted at least one month ahead. potential and restoring the functional state of various organs and systems of the human body by a targeted 
Payment in full is due ahead of coming to the impact on the projection of the individual organs and skin areas (zones of G. A. Zakharyin and H.Head). 


clinic. No refunds, even in case you cannot make 
it to the clinic, since we reserve time for you. 


MORE (/generator-aura-009.html) 


GENERATOR AURA-013 


We offer truly 
revolutionary cure for 
breast cancer and 
infertility. Generator 
Aura-013 is treating such 
diseases as: * mastitis, 
(/generator-aura-013.html)breast fibrocystic 
mastopathy; * breast 
cancer in 2, 3 stages; « 
cysts, fibroids, ovarian 





fibroma; . tubal 
obstruction; . 
endometriosis; ¢ sterility 
of all kinds of 


pathologies; « frigidity; » genealogical diseases; « infertility with money back guarantee. 


MORE (/generator-aura-013.html) 





- GENERATOR AURA-017 
Farldephnnt aoa Sirus hea at/RACRABASRMIdADIinic 
and received a treatment by our PSI-GENERATOR AURA- 
001. Generator Aura-017 is = 

designed for 
synchronizing bio- 
correction, rehabilitation 
and bioresonance 
therapy of the 


bioquantum and psycho- (/generator-aura-017.html) 
physical state of the body 
via targeted impact by 
acoustic, laser and high- 
frequency 


electromagnetic field. 





MORE (/generator-aura-017.html) 
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PRIVACY POLICY SHIPPING POLICY (/shipping-- 
(/privacy-policy.html) warranty.html) 


FDA DISCLAIMER: Content on this site is for reference purposes and is nota 
substitute for advice from a licensed health-care professional. You should not 
rely solely on this content, and wave genome.com assumes no liability for 
inaccuracies. Always read directions before using a product. Statements 
regarding products and services have not been evaluated by the FDA, and 
these products and services are not intended to diagnose, treat, cure, or 
prevent any disease or condition. 


Payment in full is due ahead of services. No refunds and returns. 


RETURN POLICY (/return- TERMS OF SERVICE (/terms-of- 
policy.html) service.html) 


COPYRIGHT NOTICE: Text, graphics, and HTML code on wavegenome.com 
belong to Irene Caesar, Ph.D., their sole author, and are protected by US and 
International Copyright Laws, and may not be copied, reprinted, published, 
translated, hosted, or otherwise distributed by any means without explicit 
permission from Irene Caesar, Ph.D., and in violation of the International Laws 
for citing references. Any citation of the wavegenome.com website should be 
accompanied with the proper reference to Irene Caesar, Ph.D. Any citation 
exceeding the length, permissible for the reference length by the International 
Copyright Law, will be considered to be a violation of the International Copyright 
Law. 


© IRENE CAESAR, PH.D., FOUNDER AND SOLE OWNER OF WAVEGENOME 2010-2017 ALL RIGHTS RESERVED 
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QUANTUM LEAP AGRICULTURE VIA LASER 
BIOHOLOGRAPHY BY WAVE GENOME LLC @ 


(/agriculture-on- 
We offer LASER POLARIZED BIOHOLOGRAPHY for restoring the Wave Optics of generators- 


SE chromosomes in the agricultural plants and animals, which was destroyed by GMO. GMO Salami) 
bs3& or Genetically Modified Organisms are created by the mistaken paradigm of genetic 

Bl GRE Ss : engineering via cutting and pasting the gene snippets, so that it destroys the refractional 

GENER: : : geometry in the systematic wholes of the chromosomes, and leads to the extinction of 

le Wiss oa Bes species via their sterilization. 


LASER POLARIZED BIOHOLOGRAPHY by WAVE GENOME LLC is the ONLY solution 
to the Genetic Collapse caused now by GMO in the developed capitalist countries in the 
West, like the US, Canada, Great Britain, France, and Germany. GMO is a biological 
binary weapon. 





We offer local and remote servicing of the seeds, plants and animals with the DIGITZED 
BIOHOLOGRAMS of the intact plants and animals for treating animals and seeds harmed 
by the binary biological war. 


We offer the enhancing of the seeds and animals for the purposes of breeding the more 
functional species. 


Local service includes service by TESLA GENERATORS and lasers for the purpose of 
the manifold increase of the crop yield, and quality of food. 


Remote service includes the remote service at close range and the remote service at long 
range. At close range, we apply chips structured by laser at nano level, and DIGITAL 
PHARMACY. At long range, we offer the remote laser signal for managing biosystems at 
a distance. 


Pesticides, hormones, antibiotics can be all substituted by BIOHOLOGRAMS / WAVE 
MATRICES delivered locally or remotely -- WITH NO HARM to humans, animals, and 
biosphere at large. 


WAVE GENOME LLC offers the stage of full industrialization of the Quantum Leap 
technology of LASER POLARIZED BIOHOLOGRAPHY. 
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PRIVACY POLICY SHIPPING POLICY (/shipping-- 
(/privacy-policy.html) warranty.html) 


FDA DISCLAIMER: Content on this site is for reference purposes and is nota 
substitute for advice from a licensed health-care professional. You should not 
rely solely on this content, and wave genome.com assumes no liability for 
inaccuracies. Always read directions before using a product. Statements 
regarding products and services have not been evaluated by the FDA, and 
these products and services are not intended to diagnose, treat, cure, or 
prevent any disease or condition. 


Payment in full is due ahead of services. No refunds and returns. 


RETURN POLICY (/return- TERMS OF SERVICE (/terms-of- 
policy.html) service.html) 


COPYRIGHT NOTICE: Text, graphics, and HTML code on wavegenome.com 
belong to Irene Caesar, Ph.D., their sole author, and are protected by US and 
International Copyright Laws, and may not be copied, reprinted, published, 
translated, hosted, or otherwise distributed by any means without explicit 
permission from Irene Caesar, Ph.D., and in violation of the International Laws 
for citing references. Any citation of the wavegenome.com website should be 
accompanied with the proper reference to Irene Caesar, Ph.D. Any citation 
exceeding the length, permissible for the reference length by the International 
Copyright Law, will be considered to be a violation of the International Copyright 
Law. 


© IRENE CAESAR, PH.D., FOUNDER AND SOLE OWNER OF WAVEGENOME 2010-2017 ALL RIGHTS RESERVED 
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You can place an order via filling up THE ORDER 
FORM (/order-form.html). Prices differ depending on 
the service, client's condition, and disease. 


+ 
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Models of TESLA PSI-GENERATORS differ by the size of the chip (the number of 
layers). The chip is multilayered and it takes longer than one day to produce just one 
layer. Our SUPER, ULTRA and ULTIMATE PSI-GENERATORS has twice as much 
layers than our BASIC TESLA PSI-GENERATOR. Production of our ULTRA and 
ULTIMATE MINI-TESLA PSI-GENERATORS takes about or longer than one month. 
There are two generations of chips: FIRST GENERATION CHIP and SECOND 
GENERATION CHIP. 


Each model comes in GENERIC and INDIVIDUAL version. Generic version has the 
universal human biohologram (aka DIGITAL CELL) encoded via laser into the chip on 
nano level. And the individualized version has the personal human biohologram encoded 
via laser into the chip on nano level. 


GENERIC TESLA PSI-GENERATORS are produced for large families, who would like to 
share the same TESLA GENERATOR for all members of the family. Generic Human 
Biohologram, aka DIGITAL CELL, is the result of decades of research, and is the 
foundation for our diagnostics procedures. 


INDIVIDUAL TESLA PSI-GENERATORS have individual biohologram of a client in the 
chip, being encoded via laser onto the chip on nano level. Individual biohologram is 
recorded from your childhood photograph (or navel blood / placenta) via laser, digitized, 
diagnosed, and encoded into the chip via laser. 


INDIVIDUAL TESLA PSI-GENERATORS are produced for the ultimate protection 
against genetic and psychotronic warfare. 


FIRST GENERATION CHIPS (inside a pendant) come with the COMPLETE DIGITAL 
PHARMACY (in English) as software on a flash drive with 44 modules for every essential 
bodily organ and physiological system. Market value is 35,000 Euros only one module. 


SECOND GENERATION CHIPS (inside a pendant) come with the ADVANCED DIGITAL 
PHARMACY, which consists either in TESLA TEST (/tesla-test.html) software program 
(abbreviation: TT) for the REMOTE LASER TREATMENT (/remote-laser- 
treatment.html), or with the TESLA HUMAN CELL (/tesla-human-cell.html), as 5 MP3 
files of the digitized Bioholograms of the essential bodily organs and physiological 
systems encoded as half-audible white noise in the Sacred Mantras, recorded by the new 
generation laser. 


COMPLETE DIGITAL PHARMACY SOFTWARE PROGRAM 


All our models of TESLA PSI-GENERATORS (chip) come with a separate flash drive 
with the DIGITAL PHARMACY for every essential bodily organ and physiological 
system (PSI-PROGRAM) as the collection of the E-DRUGS / BIOELECTRONIC 
DRUGS (aka wave matrices / bioholograms) for every health condition. 


We offer two kinds of the DIGITAL PHARMACY. The FIRST GENERATION DIGITAL 
PHARMACY is the software, built with the first generation lasers. The SECOND 
GENERATION DIGITAL PHARMACY is called TESLA HUMAN CELL X (/tesla-human- 
cell.html), and consists of 5 MP3 files of the digitized Bioholograms of the essential 
bodily organs and physiological systems encoded as half-audible white noise in the 
Sacred Mantras. MP3 files are more reliable, and are recorded by the new generation 
laser. 


SECOND-BIRTH TESLA PSI-GENERATOR 
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(g) SECOND-BIRTH TESLA PSI-GENERATOR 
(/second-birth-mini-tesla-psi- 

generator.html) is the SECOND GENERATION 
CHIP (inside a pendant). It comes with 
the ADVANCED DIGITAL PHARMACY, which 
consists either in TESLA TEST  (/tesla- 
test.html) software program (abbreviation: TT) for 
the REMOTE LASER TREATMENT (/remote-laser- 
treatment.html), or with the TESLA HUMAN CELL 
X (/tesla-human-cell.html), as 5 MP3 files of the 
digitized Bioholograms of the essential bodily organs 
and physiological systems encoded as half-audible 
white noise in the Sacred Mantras, recorded by the 
new generation laser. 


BASIC-X TESLA 
PSI-GENERATOR 


https://wavegenome.com/tesla-generator.html 


SUPER TESLA 
PSI-GENERATOR 


TESLA TEST (http://wavegenome.com/tesla- 
test.html) software program, is the most 
advanced way to record and verify client's WAVE 
MATRIX. TESLA TEST (/tesla-test.html) makes 
the camera on your computer record your Wave 
Matrix, and analyzes the data. WAVE GENOME 
LLC uses this data for the REMOTE LASER 
MANAGEMENT (/remote-laser- 
treatment.html) of your Biohologram. 


GENERIC SECOND-BIRTH MINI-TESLA 
GENERATOR - $3000 


INDIVIDUAL SECOND-BIRTH MINI-TESLA 
GENERATOR - $3500 


ULTRA TESLA 
PSI-GENERATOR 


SECOND-BIRTH TESLA PSI-GENERATOR 


(a) has a more advanced, second generation chip 
encoded by laser on nano level with the most 
valuable bioholographic information on the 
global market: EMBRYONIC STEM CELL; 


(b) has a new technology of encoding the chip by the 
newly invented laser (patented); 


(c) layers of the chip are made of a new material of 
organic nature more advanced than our other chips; 


(d) its efficacy is proven by the clinical trials at the 
Medical Clinic of the Moscow Bauman Russian State 
Technical University, the most important Science 
University in Russia, of MIT level. Generator has 
twice as more layers of the chip than the BASIC 
MINI-TESLA PSI-GENERATOR. 


(e) has 
either GENERIC or INDIVIDUAL biohologram. 


(f) provides the ultimate modulation for the scalar 
wave diffraction grating for the most precise focus / 
zero center of the biohologram (aka ‘wave crystal") 
in the process of rejuvenation. Click here to read 
more on SECOND-BIRTH MINI-TESLA PSI- 
GENERATOR. (/second-birth-mini-tesla-psi- 
generator.html) 


ULTIMATE TESLA 
PSI-GENERATOR 
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SUPER MINI-TESLA 
GENERATOR (chip) 


(a) has twice as more layers of the 
chip than the BASIC MINI-TESLA 
PSI-GENERATOR. 


(b) has either GENERIC or 
INDIVIDUAL biohologram. 


(c) Both sides of the casing for the 
chip are made of Real Solid Pearl. 


GENERIC SUPER MINI-TESLA 
GENERATOR - $1179 





INDIVIDUAL SUPER MINI-TESLA 
GENERATOR - $1768 


MATRIX TESLA 
PSI-GENERATOR 
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BASIC 


TESLA PSI- 
GENERATOR (chip) 


(a) has twice less layers of the chip 
than our other models. 


(b) has either the GENERIC or 
INDIVIDUAL biohologram of a 
healthy human in the chip, being 
encoded via laser onto the chip on 
nano level. 


(c) BASIC TESLA PSI-GENERATOR 
has both sides of the casing for the 
chip made of Real Solid Pearl. 


(d) BASIC-X TESLA PSI- 
GENERATOR has one side of the 
casing for the chip made of Real 
Solid Pearl, and another side of 
casing made of 3D printing plastic, 
encoded with the immune system 


rejuvenation E- 
DRUG (BIOELECTRONIC 
DRUG / DIGITIZED 
BIOHOLOGRAM). This 
makes “TWO-CHIPS IN 
ONE" solution. 

GENERIC BASIC MINI-TESLA 


GENERATOR - $856 


INDIVIDUAL BASIC MINI-TESLA 
GENERATOR - $1179 


INDIVIDUAL BASIC-X MINI-TESLA 
PSI-GENERATOR - $1534 
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MATRIX TESLA PSI-GENERATOR 


(a) has twice as more layers of the 
chip than the BASIC MINI-TESLA 
PSI-GENERATOR. 


(b) has 
either GENERIC or INDIVIDUAL bioh 
ologram. 


(c) Both sides of the casing for the 
chip are made of 3D printing plastic, 
encoded with the immune system 


rejuvenation E- 
DRUG (BIOELECTRONIC 
DRUG / DIGITIZED 
BIOHOLOGRAWMM). This 
makes “TWO-CHIPS IN 
ONE" solution. 

GENERIC MATRIX MINI-TESLA 


GENERATOR - $2122 


INDIVIDUAL MATRIX MINI-TESLA 
GENERATOR - $2947 
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ULTRA MINI-TESLA GENERATOR 
(chip) 


(a) has twice as more layers of the 
chip than the BASIC MINI-TESLA 
PSI-GENERATOR. 


(b) has 
either GENERIC or INDIVIDUAL bioh 
ologram. 


(c) One side of the casing for the chip 
is made of Real Solid Pearl, and 
another side of casing is made of 3D 
printing plastic, encoded with the 
immune system rejuvenation E- 
DRUG (BIOELECTRONIC 
DRUG / DIGITIZED 
BIOHOLOGRAM). This 
makes “TWO-CHIPS IN 
ONE" solution. 


GENERIC ULTRA’ MINI-TESLA 
GENERATOR - $1768 


INDIVIDUAL ULTRA MINI-TESLA 
GENERATOR - $2358 





ULTIMATE 
GENERATOR (chip) 


MINI-TESLA 


(a) has twice as more layers of the 
chip than the BASIC MINI-TESLA 
PSI-GENERATOR. 


(b) has 
either GENERIC or INDIVIDUAL bioh 
ologram. 


(c) One side of the casing for the chip 
is made of Real Solid Pearl, and 
another side of casing is made of 3D 
printing plastic, encoded with the 
RNA E-DRUG(BIOELECTRONIC 
DRUG / DIGITIZED 
BIOHOLOGRAM) for the ultimate 
protection against psychotronic and 
genetic warfare. This makes "TWO- 
CHIPS IN ONE" solution. 


GENERIC ULTIMATE MINI-TESLA 
GENERATOR - $2358 


INDIVIDUAL ULTIMATE MiINI- 
TESLA GENERATOR - $2712 
(promotional price) 
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RA MINI-TESLA PSI-GENERATOR (/ra-psi-generator.html) 
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MANUAL FOR MINI-TESLA PSI- 
GENERATOR 


ABOUT THE DEVICE 


The device consists of two parts: a chip in a 
pendant and a computer program (software) on a 
flash drive. 


CHIP: 


The user wears a pendant with a chip inside on 
his/her neck at the level of the solar plexus. We 
have chips of first and second generation. First 
generation chip is an artificial polymer crystal with 
electret properties, which has two modules, 
depending on how you turn it towards your body: 
open module (reinforcing the impact of a user on 
the environment) and closed (protecting a user 
from the harmful effects of the environment). 
Second generation chip (more advanced) has the 
entirely holographic technology, and functions 
through the focus / zero center of the scalar wave 
diffraction grating in the hologram encoded into 
the chip via laser on nanolevel. 


Chips are structured by laser at the nano level. 
The laser writes to the chip at the nano level 
client's digitized biohologram, which is read by the 
laser from the childhood photograph, placenta or 
umbilical cord blood of the client for the individual 
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RA PSI-GENERATOR (/ra-psi-generator.html) is 
the device is a device enhancing the Wave Optics 
of chromosomes and protecting the user in the case 
of psychotronic and psychic attack. 


Inside the metal casing, there is the electret-based 
chip structured by the Holographic Signal. The 
Holographic Signal is created by _ true 
nanotechnology via producing and modulating the 
Wave Optics inside the scalar wave diffraction 
grating. Protective effect of the device is based 
upon (1) reflecting any external linear signal upon 
itself in the scalar wave, so that the peak of the 
forward-going wave is neutralized by the trough of 
the same wave when it is reflected upon itself; and 
upon (2) refracting any next external linear signal 
towards the Zero Center / Focus of the Wave 
Crystal (crystalline structure of the Wave Fronts). 
As the result, the generators of the pathological 
energy are dissolved The same principle is used 
for protecting the user from the pathological 
electromagnetic energy, and overcoming the Wave 
Optical Plug-ins of the planetary organisms of 
viruses and bacteria. 


Individual RA PSI-GENERATOR (/ra-psi- 
generator.html) is coded via the Holographic Signal 
modulated by client's individual Wave Optics 
recorded from _ client's childhood or adult 
photograph. 


MINI-TESLA GENERATOR 
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generators, or the biogologram of a average 
healthy person for the generic generators. 


When user is wearing the chip, the electret is 
emitting the wave crystalline structure (hologram 
or matrix) upon the user, and makes his 
chromosomes repeat the wave crystalline 
structure of a healthy person during cell division. 


The laser and chip itself use the principle of 
Kozyrev Mirrors. The Universe consists of energy 
for 93%, and of particles only for 7%, and particles 
are the concentrated energy. The universe is 
holographic, that is, it is entirely in its every Matrix 
Point. Wave Hologram or Matrices exist in two 
forms: in the form of a Torus (simultaneously 
present from the infinitely small to the infinitely 
large dimensions) and in the form of the Wave 
Crystal. Man exists in the form of a Torus during 
sleep. During waking hours, the person is in the 
form of a Wave Crystal. 


Wave Crystals are formed in the structures, which 
reproduce in their shape the Kozyrev Mirrors. 
Kozyrev Mirrors reflect any external wave signal, 
and, therefore, are called "mirrors". These 
structures neutralize any external linear signal, 
and refract it towards their Zero Center or focus. 
Neutralization of any external signal happens due 
to the reflection of the wave and the polarization, 
and the creation of a so-called standing (scalar 
wave). Trough of the back-running wave 
neutralizes the peak of the forward-going wave, 
when the initial wave is reflected. This provides 
protection from harmful electro-magnetic and 
other technogenic or anthropogenic influences. 


As a result of the standing (scalar) wave, there 
emerges the interference (diffraction) grating, 
which refracts any next linear signal line towards 
the center (focus) of the Wave Crystal. 


It is necessary to know this, because all the 
information in the universe is transmitted and 
received only through the Zero Center of the 
Wave Crystal. This is analogous to the work of our 
eye. We see only because there is the gathering 
of all the external linear signals in the focus of the 
lens (Wave Crystal). If focus is not achieved, and 
the refraction of the signal takes place before or 
behind the center of the lens, we have developed 
the long-sightedness (hyperopia), or the long- 
sightedness (myopia), and we don't see well. 
Receiving information by both our eye, and our 
DNA takes place strictly in accordance with the 
laws of geometrical optics. The technology used 
for creating the chip is called “Polarized 
Holography". 


It is possible to record and transmit only a 
holographic signal. To record Wave Crystals 
(Bioholograms or Matrices) of users, we use 
devices that can record and transmit holographic 
signal - He-Ne laser with internal mirrors. These 
lasers convert any external linear signal into a 
holographic signal, i.e., changing the nature of the 
initial signal. For example, our bones produce 
stem cells only because their shape and structure 
is analogous to the laser tubes, which "involute" a 
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"PSI" stands for "psychotronic", that is, for the 
technology that is offering technical means for 
managing biosystems. 


Every MINI-TESLA psi-generator comes with 


(1) a CHIP, structured with a laser on a nano-level 
with the digitized Wave Matrix / Biohologram of 
healthy human or your own individual wave matrix in 
childhood (recorded from your — childhood 
photograph), and cased either in pearl or 3-D 
printing plastic, or combination of these two 
materials. You wear it on a chain on your solar 
plexus all the time, taking it off only for bathing; 


(2) and psi-program - a flash drive with the software 
that has the entire DIGITAL PHARMACY generated 
as the holographic / granulated signal (aka "white 
noise" - signal beyond your auditory perception) and 
encoded in music. You are getting the complete 
DIGITAL PHARMACY for your lifetime and for every 
system and vital organ in your body. You run this 
software at least once a day for best results. If you 
are sick, you run this software as often as possible. 





All sales upon agreeing to client consent 
conditions (/client-consent.html), no refunds. 


gta, 

ne 

a+ 
Produced according to TU 9444-021- 
42844321. Certificate # 77, FC.19.944. 
P.2455.11.00 


Our MINI-TESLA GENERATOR is used by Russian 
Special Forces and Olympic Team. 


MINI-TESLA GENERATOR is a CHIP (artificial / 
polymer crystal), structured by laser on 
a nanolevel, as a collector and retransmitter of 
wave structures (Matrices or Bioholograms), 
which functions as a dispenser for WAVE 
MATRICES (http:/www.wavegenome.com/wave- 
pharmaceuticals.html) within the revolutionary 


Haxxmute Ha Pycckui cbnar ana nepemeweHua Ha 
Bepcuto cata Ha Pycckom A3bIKe 








Refer to our FAQ (Frequently Asked Questions) 
(/mini-tesla-generator-faq.html) for any concerns. 


ve 


IMPORTANT: CHIP has two modes : OPEN and 
CLOSED. In the OPEN MODE, you increase your 
information-wave impact upon people. The CLOSED 
MODE is the SHIELD MODE, which protects you 
from any psychotronic attack, including V2K (voice to 
skull) and cancer guns, subliminal advertising and 
psychic attacks. Those customers who are 
endangered with these attacks can wear their CHIP 
in the protective mode nonstop. PLEASE NOTE: 
Plastic towards your body is a SHIELD MODE. For 
casing which has both sides from plastic, the 
SHIELD SIDE is thinner so that the chip is 
noticeable beneath plastic. For casing which has 
both sides from Pearl, the darker side of Pearl 
towards your body is the SHIELD MODE. 





READ INFORMATION LEAFLET FOR THE MINI- 
TESLA GENERATOR 
(COMES WITH THE UNIT) (/information-leaflet- 


for-mini-tesla-generator.html) 


Over the course of decades, our institute participated 
in the research in the field of information 
technologies of a new generation, and_ their 
commercialization. The institute created the system 
of information-energy correction, which is the most 
advanced in the world, and is the two-way 
connection through the energy-information cloud. In 
Russia, our MINI-TESLA generator is used by 
Special Forces and the Olympic Team in order to 
help them cope with stress and enhance their 
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signal. 


Similarly, our DNA is able to transmit and receive 
information, only because, in its structure, it is the 
Wave Crystal. Two strands of DNA are literally the 
standing (scalar) wave, since in the first strand of 
DNA, a wave goes in the direction opposite to the 
wave going in the second strand of DNA. 
Moreover, DNA coils into the crystalline structure, 
which literally reproduces the interference / 
diffraction grating of the standing wave in the 
Kozyrev Mirror, in order to most accurately refract 
any external linear signal toward the Zero Center / 
Focus of its Wave Crystal. 


We live only thanks to cell division. During cell 
division, chromosome is formed. A chromosome 
is formed when two sisters chromatids unite 
together into a cruciform structure. Chromosomes 
come in two main shapes: acrocentric and 
metacentric. In acrocentric chromosomes, two 
endings of the sisters chromatids are shorter than 
the other two endings. On _ the contrary, 
metacentric chromosome has all the endings the 
same, so that it is absolutely symmetrical. 
Metacentric chromosome resembles the quadratic 
/ symmetrical cross (Crux Quadrata / 
Gammadion), as well as the lens of a well-seeing 
eye. The same gene in apes, in children with 
Down syndrome, and wild horses of Przewalski 
has the acrocentric chromosome, whereas in 
humans, normal children, and Arabian horses, the 
same gene has the metacentric shape of the 
chromosome. That is, the functionality of the 
species directly depends upon the shape of 
chromosome, that is, upon the laws of the 
Polarized Holography of Wave Crystals. 

Our device is centering and focusing the 
chromosomes during cell division, giving them the 
metacentric form. 


Because the entire universe is entirely in its every 
Matrix Point, each Matrix Point is not simply 
different from any other Matrix Point, but is unique 
(© Irene Caesar, 2012). Each Matrix of each 
person is the uncreated and indestructible unique 
nonlocal Wave Matrix. If we have two copies of a 
unique non-local Wave Matrix, we can 
instantaneously transfer information from one 
copy of a unique non-local Wave Matrix to another 
copy. In this way, birds and insects share one 
unique non-local Wave Matrix for their entire 
species, and instantaneously transmit information 
between all individuals of a given species. But 
each man has his own unique nonlocal Wave 
Matrix. If you order an individual generator, you 
get your unique non-local Wave Matrix with the 
most clear focus / center of the Wave Crystal. 
Your generator transmits upon your chromosomes 
your unique uncreated and _ indestructible 
information from the noosphere of the universe. If 
you order the generic (universal) generator, its 
action is limited, but it, nevertheless, helps your 
chromosomes to get centered and focused. 


We also offer the remote therapy by the distant 
laser signal that instantly, through Quantum Non- 
locality, affects your genetic apparatus according 
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paradigm of LASER POLARIZED 
BIOHOLOGRAPHY, which is the true WAVE 
PHARMACEUTICALS (/wave-pharmaceuticals.html) 
-- information technology of a new generation. 

Generator or retransmitter functions like a 
vibrator, which emits micro vibrations of special 
kind - scalar wave diffraction grating. 


WAVE MATRICES 
(http:/www.wavegenome.com/wave- 
pharmaceuticals.html) can be generic 


or individualised. Wave matrices can be of a 
human as a whole, of specific bodily system, or 
of a specific medication. 


Comes with the software that has 44 modules of 
DIGITISED WAVE MATRICES 
(http:/www.wavegenome.com/wave- 
pharmaceuticals.html) for every bodily system 
and every vital organ in your body. 


DIGITISED WAVE 
(http:/www.wavegenome.com/wave- 
pharmaceuticals.html) also can be either generic 
or individualised, and of a human as a whole, of 
a specific bodily system, or of a 
specific medication. 


MATRICES 





= < 


The AfPRARR ROH Hdd Pdf MAQIZTERA ORS. CENERATOR, 


which combined the chip with the flash drive containing the 
DIGITAL PHARMACY software. 


BASIC MINI-TESLA GENERATOR emits generic 
HUMAN CELL HOLOGRAM, recorded by 
the laser from healthy human cells and_ bodily 
systems, and then used to structure the crystal via 
the laser on nanolevel. 


SUPER, ULTRA, MATRIX AND ULTIMATE MINI- 
TESLA PSI-GENERATORS emit individual HUMAN 
CELL HOLOGRAM in the form of your childhood 
wave matrix, which is recorded from your childhood 
photograph when you were a healthy child. We also 
need your date of birth. We use the complex 
systematic approach to read the bioholographic 
information from your photograph, including the 
application of laser. 


After your matrix is recorded from your photograph, 
we run a special diagnostic program in our Institute 
to reveal the defects in your matrix, and to correct 
them. 


performance. 
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(/uploads/3/5/1/1/35112207/3725345_orig.jpg) 
The first-generation model of MINI-TESLA PSI-GENERATOR, 
which combined the chip with the flash drive containing the 
DIGITAL PHARMACY software. 


~ 


psi-generator cased in p 






MINI-TE 


The second-generation model of MINI-TESLA PSI-GENERATOR, 
with casing of chip made from Pearl and Wood. Now this model is 
offered in Pearl for the BASIC MINI-TESLA GENERATOR (chip 
structured by the laser with the generic biohologram of a healthy 


human on nano level). 


The device is in fact very necessary in modern times 
when we are bombarded by the harmful electro- 
magentic radiation. 


The device is designed in such a way that you can 
turn it either with darker-colorer side to yourself, and, 
in this case, the generator is programmed to open 
your biofield; or to turn it with the lighter-colored side 
(aspen side in generators coated in wood) to 
yourself, and, in this case, the generator becomes 
your psychotronic "firewall". 





IF you are a jet setter, you are receiving a huge amount of 
radiation each time you fly. Radiation is one of the causes of 
cancer. That is why our MINI-TESLA GENERATOR is 
indispensable for jet-setters. 


If you get sick, e.g., infected with a virus or bacteria, 
your wave imprint / data received at the institute will 
immediately alert the system, and we will correct the 
situation via sending you the necessary correction to 
your wave-diagram (available only for ULTRA MINI- 
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to the principle described above. The user uses 
his/her individual generator as an antenna and a 
filter for the remote laser signal. 


DIGITAL PHARMACY SOFTWARE 


The user uses the computer program (software) 
every day once a day in a normal state of health, 
and several times a day, depending on the 
complexity of his/her state of health. When 
working with the computer program of the 
generator, the user must turn his/her generator to 
the open module. 


Computer program of the generator is a 
comprehensive Digital Pharmacy of the digitized 
Bioholograms (Wave Crystal structures or 
Matrices) of all healthy vitally important organs 
and physiological systems. The user tales a self- 
test for self-therapy, and the program generates 
for him the granular (holographic) signal, which is 
encoded in the music. 


Self-therapy is the binaural therapy, which uses 
the Kozyrev Mirrors principle alike the chip inside 
the generator. Binaural therapy is based on the 
effect of the stereo signal to both ears, so that 
signal is delayed in one ear with respect to the 
signal applied to the second ear. It is in this way 
that the Kozyrev Mirrors effect is created, when 
human skull itself becomes the Kozyrev Mirror. 
The signal is reflected; there emerges a standing 
(scalar), the wave interference / diffraction grating; 
and the signal is refracted toward the Zero Center 
/ focus of the wave crystal. 


Also, the user can order any pill or tincture in the 
form of a _ software module of the Digital 
Pharmacy. Digital Pill module is attached to the 
Digital Pharmacy software, and the user receives 
the Digital Pill as the granular (holographic) signal 
encoded in the music. We record the Digital Pill 
via a laser and as the wave structure (Hologram 
or Matrix), which is afterwards gets digitized. 
Digital Pills do not have the danger of overdose 
and side effects. 
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If no childhood photograph is available, we can use 
your adult photograph, since the Institute can 
diagnose WAVE MATRICES 
(http:/;www.wavegenome.com/wave- 
pharmaceuticals.html) and correct them. 


We can "record" wave matrices / bioholograms upon 
various media, and not only on the electret-based 
chip of the MINI-TESLA PSI-GENERATOR. 
Examples of such media are CDs that are used "as 
such", and not for extracting the digital files from 
them. 


We can combine your childhood wave matrix with 
wave medications. 


We can tune up your childhood matrix. 
We can tune up your childhood matrix in such a way 


that some specific bodily systems or organs are 
stimulated. 





SELF-MAINTENANCE 


You run software with PSI-PROGRAM on your 
computer in order to perform the self-maintenance 
as often as you need. PSI-PROGRAM has 44 
modules for every bodily system and every vital 
organ in your body. These 44 modules were 
recorded by the laser from healthy human cells and 
bodily systems, and, then, digitised. 


Software has (1) the chart of bodily systems and 
organs to choose from for self-maintenance; (2) a 
self-assessment test; (3) binaural therapy which 
consists of the digitized bioholograms encoded in 
music as white noise (signal beyond the range of 
human perception). 





QUANTUM COMPUTER 


Besides conventional tests, WAVE GENOME LLC 
developed a completely new way of recording and 
transmitting information. We call it QAUNTUM 
BIOINTERNET. 


When you run the PSI-PROGRAM, the spin states of 
the software and the spin states of your crystal / chip 
in the generator constitute one and the same torus 
(hologram). There is the instantaneous biofeedback / 
bioresonance two-way communication between the 
running software and the crystal inside the MINI- 
TESLA PSI-GENERATOR. 


The crystal / nano chip in the MNI-TESLA PSI- 
GENERATOR and the PSI-RPOGRAM software 
(during its operation on your computer) constitute 
one integrated QUANTUM COMPUTER. The spin 
states of the crystal / nanochip in the generator and 
the spin states of the software coincide / resonate or 
oppose each other, according to the principles of the 
polarised holography. The principles of the polarised 
holography are expressed by geometrical optics. 


TESLA PSI-GENERATORS) 
(http:/www.wavegenome.com/wave-genome--- 
prices.html). 


Some bacteria and viruses are considered to be 
incurable because they leave a wave imprint in the 
body, even after they are cleared up on the 
biochemical level. And, then, these wave imprints 
can literally rebuild the virus and bacteria from 
scratch. This same principle is seen in the classic 
physics experiment involving passing photons and 
molecules through two slits simultaneously. That is 
why it is necessary to protect and cure oneself on 
the wave level. 





(HHElmadgGHevidnanddeed theaNiSFE Sila da) 
GENERATOR, which was approximately 2 inches long, and 
which was worn at your solar plexus the same way as the new 
model of the MINI-TESLA PSI-GENERATOR. Both models are 
invisible when you wear it. The first-generation model had chip 
and flash drive with the software combined in one piece. 





MAINTENANCE VIA QUANTUM 
INTERNET BY WAVE GENOME LLC 


In the case of QUANTUM INTERNET, you send 
your information REMOTELY and WIRELESSLY. At 
the WAVE GENOME LLC, the laser reads the 
feedback from your wave matrix in real time, using 
your digitised wave matrix on record at the Institute. 


According to the holographic principle, the universe 
is holographic, meaning that it is entirely in its every 
matrix part. The holographic principle has three 
important implications: 


The first implication of the holographic principle 
postulates the UNIQUENESS of every wave matrix. 
if the universe is entirely in its every matrix point, 
then, every matrix point is not simply different from 
any other matrix point, but is unique. 


The second implication of the holographic 
principle postulates the NON-LOCALITY of every 
wave matrix. If the universe is entirely in its every 
matrix point, then every wave matrix is 
simultaneously present in the infinite number of 
dimensions via its tokens. Though there are infinitely 
many tokens of the same non-local wave matrix, all 
of them constitute one integrated SYSTEMATIC 
WHOLE. 


The non-local holographic nature of wave matrices 
also means that the wave matrix has the infinite set 
of waves, particles and fields within its TORUS -- 
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The software reads via its own spin states the 
information off the crystal (its spin states), and 
corrects _ it. Then, the crystal tunes via the 
bioresonance of the spin states to the hologram, 
corrected by the operating software. 


In this way, the crystal / nanochip inside the 
generator self-corrects itself based upon the 
operation of this QUANTUM COMPUTER. 


MAINTENANCE BY 
WAVE GENOME LLC 


WAVE GENOME offers everyday MAINTENANCE 
of WAVE MATRICES with the purchase of the 
ULTRA MINI-TESLA PSI-GENERATOR and 
SUBSCRIPTION PACKAGES. 


The maintenance consists in receiving the 
necessary correction of your bio-field from the WAVE 
GENOME LLC. 


To obtain MAINTENANCE from the WAVE 
GENOME LLC, you send in your information. The 
WAVE GENOME LLC tracks down the changes in 
your WAVE MATRIX and makes necessary 
corrections. Corrections also account for the 
changes in the earthly electromagnetic activity, solar 
and lunar activity, geophysical activity, weather 
anomalies, and predicted social unrest. 


There are two ways to send in your information. You 
can send your biofeedback information either 
DIGITALLY through the conventional internet, or 
via QUANTUM INTERNET. 





DIGITAL MAINTENANCE BY WAVE 
GENOME 


In the case of DIGITAL MAINTENANCE BY WAVE 
GENOME LLC, WAVE GENOME LLC corrects the 
digital files in the software of your PSI-PROGRAM. 


When you connect your MINI-TESLA 
GENERATOR to your computer, you both receive 
and transmit through the internet the information, 
needed for your utmost performance, to and from the 
our facility. 


Your childhood matrix, recorded onto the generator- 
transmitter, is your antennae that helps your body 
tune to the waves which are beneficial to you, and 
ward off harmful waves. That is why this technology 
is also called "the resonance technology". 


Device strengthens the immune system and body's 
resistance to infectious and toxins; 

Improves performance and cognitive abilities, 
including, sharpness of thinking and memory, and 
overall quality of life; 

Protects against stress factors of any nature 
(technogenic, including, electromagnetic, as well as 


from infinitely micro to infinitely macro dimensions. It 
is impossible to talk of each individual wave matrix 
as "a specific frequency". And it is impossible to 
postulate any "medium" of its existence, like "scalar 
wave", "aether", "Higgs / boson field", "torsions", 
"leptons", etc. There is no specific medium for 
transferring the information. 


The third implication of the holographic principle 
postulates that there is the QUANTUM 
ENTANGLEMENT in the form of the instantaneous 
transmission of information between all the tokens of 
the same non-local wave matrix. The signal that 
records and_ transmits the ENTANGLED 
INFORMATION between different wave matrices or 
between the tokens of the same non-local wave 
matrix has specific nature. It is HOLOGRAPHIC. 
Only lasers can record and transmit holographic 
signal, based upon the principles of the 
polarised refraction holography (described in terms 
of geometrical optics). Thus, the principle of 
recording and transmitting the MATRIX SIGNAL 
is structural, and not medium-based. 


Thus, it is possible to remotely and instantaneously 
transfer some wave information to a man via the 
entanglement between his body (at one location) 
and his photograph (at another location), as two 
tokens of his non-local wave matrix. 


For example, it is possible to remotely lower blood 
sugar in a diabetic man via scanning his photograph 
with the laser ray, which is passing through insulin 
before reaching the photograph. 


© Irene Caesar, Ph.D. from her book "WAVE 
PHARMACEUTICALS" (2014) 
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You can get your WAVE DRUGS (/tesla- 
generator.html) or REJUVENATION WAVE 
MODULES (/remote-laser-treatment.html) 
through THE MINI-TESLA GENERATOR (/tesla- 
generator.html) used for THE DIGITAL 
PHARMACY (/wave-pharmaceuticals---digital- 
pharmacy.html) (e.g., E-VIAGRA) or QANTUM 
INTERNET (/remote-laser-treatment.html) used 
for the remote and wireless transmission of 
wave modules (e.g., |-VIAGRA). 


wd (/wave-pharmaceuticals-russian.html) 
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WAVE PHARMACEUTICALS AS WAVE DRUGS THROUGH 
THE DIGITAL PHARMACY, QUANTUM INTERNET AND 
PERSONAL WAVE MATRIX 


In the 1980s-1990s, a vast group of Russian scientists in the secret KGB institutes was using childhood 
photographs for recording wave matrices via various kinds of lasers and generators, and for distant transmitting 
of these wave matrices in order to attempt treating incurable-before diseases like diabetes, cancer, and other 
ones. The rationale for this technology was as following. 


World is the energy. Particles constitute about 4%, but they are also just the condensed energy. Photograph is 
not simply a sheet of photo paper with emulsion, but, in fact, a holographic wave matrix. According to quantum 
physics, the universe is holographic. This means that the universe is completely in its every point, that is, every 
point of the universe has a wave component, which is characterized by quantum non-locality — indestructibility 
and omnipresence outside of time and space. The holographic principle is another way of expressing the 
quantum non-locality and quantum entanglement of any particle with any other particle in infinity. 


Matrix - is the structures or energy “crystals”, which have such a component. If we record the energy matrix of 
man, we get access to that component, that is, to the indestructible factor of man’s energy structure. This 
component restores human energy structure to the “norm”, when the individual "tunes to" or "resonates" with 
the spin states of the wave field of his wave matrix. Our DNA is antenna that emits and receives the wave 
information. It is possible to be cured only through access to one’s wave holographic matrix. 


We record the wave matrix by helium-neon laser. This laser works on polarized photons that change their spin 
states, and, therefore, are capable of recording a holographic wave matrix from a childhood photo, a 


substance, or a human. 


MORE (/wave-pharmaceuticals---more.html) 


READ ON DIGITAL PHARMACY (/wave- READ ON QUANTUM INTERNET 
pharmaceuticals---digital- (/remote-laser-treatment.html) 
pharmacy.html) 
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TESLA WATER GENERATORS 


PRIVACY POLICY 
(/privacy-policy.html) 
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BIOACTIVE TESLA WATER 


For 20 years already, we program water and make it more effective than some drugs - 
PROVEN and CERTIFIED. (/bioactive-water- 
russian.html) 


We program our TESLA WATER via QUANTUM INTERNET. 

Water programming is REMOTE and WIRELESS. 

Water programming is INDIVIDUALIZED. 

Bioactive water can be used in agriculture for the radical manifold crop yield increase, 
and for healing diseases, considered to be otherwise incurable, like radiological 
poisoning, cancer, viral infections, and some other diseases. 

At the invitation of the Grand Master of the Masonic Mother Lodge in London, our 
scientists cured mad cow disease and cancer in the UK in the 1990s with the 


restructured bioactive water. 


Contact us to inquire about TESLA WATER. 


SHIPPING POLICY (/shipping-- RETURN POLICY (/return- TERMS OF SERVICE (/terms-of- 


warranty.html) policy.html) service.html) 
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CLIENT CONSENT - WAVE GENOME 


Ordering all our products and services means 
you accept the conditions of this client consent 
form. 


Services and products include your MINI-TESLA 
PSI-GENERATOR (/tesla- 
generator.html), REMOTE REJUVENATION 
SERVICE = (/remote-laser-treatment.html), —_E- 
VIAGRA  (/tesla-generator.html) and I-VIAGRA 
(/remote-laser- 

treatment.html), TESLA BIOACTIVE WATER 
(http:/www.wavegenome.com/order-bioactive- 
water.html), VISIT TO OUR CLINICS IN MOSCOW 
OR SIBERIA (http:/;www.wavegenome.comivisit- 
our-clinic-for-cure-and-rejuvenation.html), 

and CONSULTATION 
(http://www.wavegenome.com/ask-our- 
maven.html), but are not limited to this, and are 
subject to change at our sole discretion, as well 
as conditions themselves, without prior notice to 
our customers. 


By placing an order, the client authorizes WAVE 
GENOME LLC to perform all the necessary 
procedures, including the HeNe laser procedure, in 
order to produce client's MINI-TESLA  PSI- 
GENERATOR (/tesla-generator.html) or administer 
the REMOTE REJUVENATION SERVICES 
(/remote-laser-treatment.html), including —_‘ the 
remote charging of TESLA BIOACTIVE WATER 
(/tesla-water.html) and administering E-VIAGRA 
(/tesla-generator.html) and I-VIAGRA (/remote- 
laser-treatment.html). Placing an order implies that 
the client is fully informed of the reasons, and 
anticipated benefits for this procedure. This 
authorization is given with the understanding that the 
practice of medicine and rejuvenation is not an exact 
science and unforeseen circumstances might disrupt 
or prevent the successful treatment. The client 
recognizes that during the course of treatment, these 
unforeseen circumstances may _ necessitate 
additional or different procedures than those set forth 
above. The client acknowledges that he/she had the 
opportunity to discuss his/her condition, proposed 
services, concerns or questions. The client 
acknowledges that he/she has been given enough 
information, has his/her questions answered, has 
adequate knowledge to make an informed decision 
and wishes to proceed with the proposed treatment. 
The client testifies that he/she has read and 
understood this form and voluntarily authorizes and 
consents to the services. 


Client agrees with SHIPPING / HANDLING and 
RETURN / EXCHANGE policy. 


All sales upon agreeing to client consent 
conditions (http://wavegenome.com/wave- 
genome---client-consent.html) are final, no 
refunds. Invoices paid with delay accrue 
penalties. 


Agreeing to the client consent conditions 
constitutes a legal agreement between WAVE 
GENOME LLC and customer. 


(/mini-tesla- 
Frequently Asked Qtiestions 
generator-faq.html) 
READ INFORMATION LEAFLET FOR THE MINI- 
TESLA GENERATOR 
(COMES WITH THE UNIT) (/information-leaflet- 


for-mini-tesla-generator.html) 
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ORDER FORM 


Use this ORDER FORM to order all products by 
WAVE GENOME LLC. In the "ORDER DETAILS" 


(/mini-tesla-generator- 


please designate which product you would like to Freqal “> tft GQWektions 
ORDER order. : i = 
YOUR MINI-TESLA faq.htm!) 
GENERATOR Our TESLA PSI-GENERATORS are produced 


according to TU 9444-021-42844321 


Certificate # 77, FC.19.944. P.2455.11.00 





Ordering means you accept THE CLIENT 


CONSENT CONDITIONS (/client-consent.html) 
(/tesla-generator.html) 


Please copy/paste or reproduce the following Order 


R \ ») id ls Form in your email to WAVE GENOME LLC in order to 


(M{ REMOT, Po Ss place your order. 
(UM UI is RE VEN AToy NAME 
DATE OF ORDER 


ACCEPT CLIENT CONSENT CONDITIONS YES / NO 


DATE OF BIRTH (format: September 10, 1963) 


You can order: 


(/remote-laser-treatment.html) PRODUCTS 

TESLA PSI-GENERATOR (/tesla- 

generator.html) 

RA PSI-GENERATOR (/ra-psi- 

generator.html) 

TESLA GLASSES (/order-tesla- 
EMAIL glasses.html) 

TESLA SCREEN (/tesla-screen.html) 

TESLA WATER (/tesla-water1.html) 
ADDRESS TESLA SELENIUM 

(/order-tesla-selenium.html)TESLA 

HUMAN CELL (/tesla-human-cell.html) 





PHONE 
TESLA TEST (/tesla-test.html) 
REMOTE LASER TREATMENT 
(/remote-laser-treatment.html) 
(/tesla-water.html) Send your order and your photographs as high 
resolution scans and as jpegs files for the E-DRUGS or Il-DRUGS 
INDIVIDUALIZED MINI-TESLA psi-generators (http:/;www.wavegenome.com/wave- 


pharmaceuticals.html) 


https://wavegenome.com/order-form.html 
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AUTHENTICITY CONCERNS: 


Our items are in high demand. To make sure 


you buy authentic product produced by WAVE 
GENOME, you need to register your item by 
sending Registration Inquiry to 


mail@wavegenome.com 


ORDER FORM - WAVE GENOME 


to mail@wavegenome.com 
(mailto:mail@wavegenome.com) 


After we receive your order, we email you your 
invoice. We accept payments via Bank Wire Transfer, 
or via ZELLE (https://www.zellepay.com/) (sending 
money via email though your Bank online). 


All shipments are made from Russia via EMS Russian 
State Global Courier Door-to-Door Express Mail. EMS 
is very reliable, safe and totally trackable though every 
point of moving your shipment across the continents. 
In the first quarter of 2017, PricewaterhouseCoopers 
(PwC) Consulting Firm assigned EMS the sixth place 
among the best Global Courier Services in its Global 
Rating for the quality of service. EMS is a signature 
required service. 


Shipping fee is $100 for shipping to the US and 
elsewhere, and $77 for shipping to Europe. In the 
"Order Details", please specify which product and 
which model of the MINI-TESLA psi-generators you 
want. Contact us at mail@wavegenome.com if you 
have any questions. 


REMOTE REJUVENATION “OM" 
(/remote-laser-treatment.html) 
TESLA BIOACTIVE WATER (/tesla- 


water.html) 

VISIT TO OUR CLINICS IN MOSCOW 
(/quantum-clinic.html) - Visitation 
Program to Russian clinics NOT owned 
by WAVE GENOME 


CONSULTATION (/ask-our-maven.html) 


Note: We do not produce, distribute, 
market and sell wave matrices of 
harmful substances, like narcotics. 


To place your order: 
(1) Fill up this Order Form. 


(a) provide your order details; 

(b) provide your contact information; 

(c) email to mail@wavegenome.com your 
scanned photograph in childhood or youth 
as a high rez jpeg file for your MINI- 
TESLA psi-generator (/tesla- 
generator.html). If you do not have 
childhood photograph, you can send in 
your adult photograph. 


(2) VISIT TO OUR CLINICS (/quantum- 
clinic.html) 

require sending in your medical data as 
well. 


(3) In six to eight weeks your MINI-TESLA 
psi-generator (/tesla-generator.html) will 
be shipped to you. Other products are 
shipped in three to four days depending 
on stock availability. We ship worldwide. 


WELCOME TO THE QUANTUM LEAP BY WAVE GENOME, 


THE PIONEER OF THE LASER POLARIZED BIOHOLOGRAPHY 





PRIVACY POLICY 
(/privacy-policy.html) 


https://wavegenome.com/order-form.html 


SHIPPING POLICY (/shipping-- 


RETURN POLICY (/return- 
warranty.html) policy.html) 


TERMS OF SERVICE (/terms-of- 
service.html) 
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Laser Polarized 
Bioholography as a 
Diffraction of Geometric 
Optics with Chromosomes 


Modern genetic engineering through the cutting and gluing of 
DNA fragments the (Monsanto method) will lead to a collapse of 
the human, animal and plant genome. of genetic collapse. The 
universe is holographic and we can record and transmit only 
holographic information based on the Geometric Optics of 
chromosomes. 


lrene Caesar, PhD. [https:/Awavegenome.com/index.html] 


September 5, 2017 
Moscow. Russian Federation 


This scientific study was 
aimed at experimental 
verification of the theoretical 
hypothesis put forward by 
Irene Caesar in 2014 that the 
genome functions as a 
Polarization Bioholography, 
based on the shape of 
chromosomes for focusing 





genetic information. This 
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hypothesis lays the basis for the development of technologies 
for remote Quantum Bio-Internet, both the management of 
biosystems by a remote laser signal, and for the recording and 
transfer of drugs on electret and digital media. 


The theory of geometric optics of chromosomes was created by 
Irene Caesar on the basis of the theory of wave crystals 
developed by her in the 1980s, in which the signals are reflected 
into themselves in consequence of the negative shell of the 
wave crystal (due to the change in the spin of a single torsion / 
torus), and the refraction of the signals to zero the center of the 
wave crystal as an optical focus: 


“Modern genetic engineering through the cutting and 
gluing of DNA fragments leads to genetic collapse.While 
the universe Is holographic, we can record and transmit 
only holographic information based on the Geometric 


Optics of chromosomes.” 


The same gene is expressed in functional individuals by the 
metacentric chromosome, and in dysfunctional individuals — 
through the acrocentric chromosome.The chromosome is a lens 
that allows our cells to focus the necessary wave 

information The procedure during cell division is similar to the 
crystal (lens) in our eye. The metacentric chromosome is 
analogous to a well-centered and focused eye crystal, whereas 
the acrocentric chromosome is similar to the myopic or far- 
sighted eye. ” (Irene Caesar, Phd.) 


According to Dr. Caesar: 


“The chromosome is a geometric code and functions 
through refraction (refraction) in a wave crystal, that is, in 
a nonlocal unique biohologram or wave matrix that 
focuses genetic information unique to a given person 
through its unique interference / diffraction grating of a 


scalar (standing) wave. “ 


“Thus,” continues Dr. Caesar: 


the chromosome is a structural / geometric code or form 


that is holographic in nature, allowing remote control of 


http://wavegenomeusa.com/laser-polarized-bioholography-diffraction-geometric-optics-chromosomes/ 
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| biosystems through Laser Polarized Holography 


According to Dr. Caesar: 


A hologram is not an image, but a special structural 


quality of a signal. 


According to the holographic principle, the universe is entirely in 
each of its matrix points. ” Caesar states that the Hologram 
contains an infinite number of waves, particles and 

fields. Therefore, according to her, the hologram can not be 
“counted” in terahertz, infrared or any other range. In August 
2012, she formulated the consequence of the holographic 
principle, which theoretically explains the possibility of remote 
control of biosystems. 


Dr. Caesar states that: 


If the universe is completely at each of its matrix points, 
then each matrix point is not simply different from any 


other matrix point, but is unique. 


Thus, each wave matrix is both unique and non-local. 


The project of Quantum 
Bio-Internet was created by Dr. Caesar in the spring of 2013, 
and presented to her for the joint implementation in May 2013 in 
London of the head of the Byzantine Templars, Andrew 
Sharalambus. The project consisted in the instantaneous 
transmission of holographic information from one copy to 
another copy of a unique non-local wave matrix / biohologram 
during the scanning of one of the copies by a Helium-Neon laser 
with internal mirrors. This transfer was proposed for the first time 
on the global market, ahead of all other researchers in this field, 
including PP. Garyaeva, who began offering a remote transfer 
only after this project was made public. 


According Dr. Caesar, the holographic principle explains the 
eleotrical / dipole nature of the biohologram: the holographic 
principle “means that each biohologram has opposite poles, 
each pole representing a change in the spin in a single torsion 
(torus). The change in the spin causes each linear external 
signal to be reflected on itself inside the hologram, so that a 


http://wavegenomeusa.com/laser-polarized-bioholography-diffraction-geometric-optics-chromosomes/ 


2/26/2019 


Laser Polarized Bioholography as a Diffraction of Geometric Optics with Chromosomes - Wave Genome US 


scalar / standing wave arises when the peak of the forward- 
going wave is annihilated by a depression of the same wave 
when it reflects itself. 


A diffraction grating of a scalar wave refracts the external linear 
signals in the direction of the zero center of the wave crystal / 
hologram, similar to the focus of the crystal in our eye. Covering 
the shape of the crystal, that is, the refraction inside the 
diffraction grating, our eye receives different information. The 
same happens with our chromosomes. 


After that, DNA is self-protected from any 





external linear signal, since it is a 
THE MA Rix city paradigmatic scalar wave, because its one 


Ws yp 


turn goes in one direction and the other in 





the opposite direction. While RNA Is a single- 
stranded spiral antenna, which is thus 
vulnerable to external signals. Thus, the secret of the genome 
lies in the form of RNA as an inductor, which collects, amplifies 
and stores energy in the form of a magnetic field. Genetic 
improvement is possible only if RNA collects and stores the 
correct linear signals and for a long time; and only if DNA 
annihilates these signals in its scalar wave by creating spatial 
translational symmetry (metacentricity) of the holographic signal, 
imposing it on the chromosomes during cell division “(Irene 
Caesar, PhD). 


Dr. Caesar states that “The geometry of chromosomes changes 
the nature of the external signal from linear to holographic 
through: 


1. the polarization of the torus (by changing the spin in a single 
toroidal DNA field) 


2. through the reflection of any external linear 


3. through the refraction of any incoming signal to the center of 
the wave crystal that functions as a focus, in the same way 
as y to earn our eye (© Irene Caesar, Geometry 
Chromosomes 2014) (Irene Caesar, Ph.D., “Remote Control 
/ biosystems based on the form of chromosomes as a 
diffraction grating for focusing the genetic information’, 
reports and articles, 


http://wavegenomeusa.com/laser-polarized-bioholography-diffraction-geometric-optics-chromosomes/ 
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Laser Polarized Bioholography as a Diffraction of Geometric Optics with Chromosomes - Wave Genome US 


Dr. Caesar concludes: “We can produce remote laser control of 
biosystems and, thus, create people with improved physical and 
mental abilities, and dramatically prolong life expectancy, based 
on the consequence of the holographic principle and the 
mastery of geometric codes chromosomes. 


See Dr. Caesar’s article.: Remote management of biosystems 
based upon the shape of chromosomes as diffraction grating for 
focusing genetic information 
[https://irenecaesar.wordpress.com/2016/06/14/remote- 


information/] 


Irene Caesar was the first person who proposed to transfer 
pharmaceutical preparations with holograms as diffraction / 
refraction gratings, and to create holograms by lasers on the 
principle of refraction. 


From May to September 2017, at the experimental sites of the 
Moscow State Technical University, named after NE Bauman, a 
scientific group led by her successfully implemented and tested 
her new method of recording and remote transmission of 
biolograms using laser spectroscopy and coding electrets at the 
nanoscale using a laser. According to Dr. Caesar, “Polarized 
Bioholography technology creates “lenses” that help our 
chromosomes correct their refraction to focus genetic biologic 
information both locally and remotely” 


During the experiments, for the first time in the world, a new 
high-precision laser spectrograph was used to record 
Biohologram Pharmaceuticals. Dr. Caesar proposed a 
modification of the laser spectrograph (an egg with shiny inner 
surfaces, for sublimation through resonance in the pyramidal 
part, and then for zeroing the signal in the spherical part in a 
scalar / standing wave), which will greatly expand the 
capabilities of this device for recording bioholograms. 


The mathematical model was developed by a group of scientists 
who developed a mathematical model of the flight of the Caliber 
rockets. 


http:/wavegenomeusa.com/laser-polarized-bioholography-diffraction-geometric-optics-chromosomes/ 
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surroundings, with extreme heat, acidity, or with no oxygen or even light. Latest findings show this 
lifeform descends deep within the crust of our planet, and perhaps others. It seems life is not so fragile 
after all, but hearty and robust. The womb of our Universe is fertile, rather than hostile to life. 


How life took a quantum leap into the world that eventually manifested human life is still a mystery. To 
Call it life, you need a cell with both a nucleus and containing membrane. The mystery is written in the 
cells and molecules of all the life that still surrounds us. 


The eukaryotes evolved in complexity, developing cellular characteristics. Arguably, there are fossils 3.8 
billion years old that have structural molecules, ribosomes, and protein-synthesizing machinery. 
Proteins make the molecules for the “blueprint” molecule DNA possible. The stable DNA molecule 
became the genome carrier. 


SALT OF THE EARTH 


“We wish to suggest a structure for the salt of deoxyribonucleic acid (DNA). This structure has novel 
features which are of considerable biological interest.” Thus, Watson and Crick announced their 
revolutionary discovery with an understatement about their studies on pure crystallized DNA. But what 
was the role in the evolution of life for this “salt of the earth”? 


A shift to an oxygen-rich atmosphere 2.0 billion years ago allowed the evolution of cells with a nucleus. 
Eukaryotes keep their DNA structures in a nucleus. They have 10 to 1000 times more of this genetic 
substance than prokaryotes. For a thousand million years there were only prokaryotes (microbes) and 
single-celled micro-organisms, eukaryotes. Their reign covers half the timeline of life on Earth. 


Cells became more and more complex over eons, and developed into organs, and beings evolved to 
fuel them. Fish, vertebrae, plants, insects, amphibians, reptiles, mammals, birds, and flowers appeared. 
All animals, insects, plants, fungi, and algae are eukaryotes, though the volume of prokaryotes far 
outnumbers cellular life. Prokaryotes are still essential to sustaining life on the planet. RNA still plays a 
vital role in cellular life, and hasn't relinquished its primal importance. 


Perhaps life did not evolve on Earth at all if it is over 3850 million years old. Maybe it did come in the 
form intergalactic organic compounds, of extremely hardy bacteria, spores, and microbes from space, 
perhaps safely nestled deep in meteors, comets, and planetary debris torn loose in collisions. Once 
they arrived from space, according to the theory, they self-assembled as proteins, then amino acids, 
and life with the ability to grow and reproduce. 


DNA became the active repository of nature’s blueprints for life, a library of proteins. Deoxyribonucleic 
acid is the molecule that programs our genetic potential. It is a virtually immortal thread tying us to all 
the life that has ever existed. Decoding life has become a reality, pulling off the veil of nature’s 
mysterious process. Scientists can now purify, amplify and reproduce DNA in the laboratory. They can 
also overwrite the genetic code, to create wholly new organisms. 


THE GENETIC ODE 


The secret of life! How long mankind has yearned to know its essence and how to extend lifespan and 
improve health. The discovery of the DNA helix in 1953, by Watson and Crick revealed the shape of 
this magic molecule. The following 50 years of research has directly led to our ability to read the human 
genome. We can now decipher its creative meaning and imitate its creative evolution. Genetic 
engineering is no longer a chimera or scifi dream, but a stark reality. 


In terms of genetics, we are moving from the machine age to the gene age; a flood of new genetic 
information is transforming science and medicine. A linear string of nucleotides makes up DNA. It 
specifies ‘codons’, which in turn specify the amino acids that make up all of the different proteins that 
combine together to make a body. Five decades of tedious work made it possible to identify the 3.3 
billion nucleotides that encode the sequence of the human genome. 


Where are we now? It remains to be seen what sort of balance we strike between using the genome for 
good or ill, or even if we retain our “humanity” and genetic integrity. Humankind has never attempted 
such a crucial project before. It has often been said that “The map is not the territory,” and the same 
holds true for the “map” of the human genome. Looking at the map doesn’t reveal the natural 
consequences of real life experimentation. In complex systems, small changes can quickly pump up 
into dramatic consequences, often unforeseen and potentially catastrophic. 


For the time being, the twisted staircase of DNA is explored in the realms of molecular biology and 
biochemistry. Based on opening this world of biological organization, we can conjecture what mysteries 
an even deeper look at the functional basis of living matter might reveal. This is the domain of 
biophysics, realm of both particle and wave interactions -- fields. It has been demonstrated that DNA is 
electrically conductive; much like copper wire it can carry a charge. It is believed this live-wire vital 
capacity may have been the charge transfer that gave life a jump-start. DNA‘s ability to transport charge 
helps minimize genetic damage from oxidation (Lawton, 2003). 


The same fundamental physical laws that govern matter and the Universe also govern living organisms. 
Even a sound biochemical theory can be replaced by an even better, more fundamental, biophysical 
theory. It is still important to study properties at their own levels, not just as consequences of more 
fundamental scientific disciplines. 





Where are we going? Who knows how future generations of man may be engineered from the 3.3 
billion “letters” of the human genome? We have been looking to the genetic code for the secret of life. 
Perhaps we should be listening to the “genetic ode”, the EM song of life that reverberates throughout 
our being, the audible life stream. 


THE HOLOGRAPHIC UNIVERSE 


We are more fundamentally electromagnetic, rather than chemical beings. DNA is not the driver of 
evolution but even more fundamental quantum mechanical symmetry-breaking forces (King, 2003). 


If we drop down another whole domain of observation from the juicy “wetware” described by chemistry 
and atomic structure, we enter the subatomic realm of quantum physics. At this level the behavior of 
matter, both organic and inorganic, is governed not by classical notions of cause and effect or even 
complex dynamics, but by those of quantum probability. 


“Something” appears to emerge from virtually “nothing” which physicists have come to describe as a 
sea of infinite potential. They call it quantum foam, vacuum potential, or zero-point energy. We can call 
it the vacuum substructure. Subatomic particles wink in and out of existence on a continuous basis, like 
some subatomic froth. This “something” appears paradoxically in wave/particle form. This world is not 
transcendent to matter, but underlies it as a coherent unity, much like ecology underlies biology. 


Within this context, some physicists (Miller, 1975; Bohm, 1980) have strongly suggested that the nature 
of reality is fundamentally analogous to that of a holographic projection. The optical process called 
holography uses interference patterns. Holography describes transformations of light and optical 
information mathematically in wave mechanical terms. 


The superposition of a split beam of laser light led to the laboratory development of holograms, or 
recordable holographic images demonstrated by Dennis Gabor beginning in 1949. In 1971, Karl 
Pribram applied this metaphor to neuropsychology, suggesting it was more than analogy, that the brain 
actually encodes information as holograms. The pattern holds the form. 


Holograms contain all the information needed to reconstruct a whole image. Holograms contain many 
dimensions of information in far less space, like a compressed file. They hold that information in a 
subtle network of interacting frequencies. Thus, shining a coherent light (reference beam) or laser 
through the fuzzy-looking overlapping waves of a 2-dimensional hologram can create a virtual image of 
a 3-dimensional figure. 


The gist of the holographic paradigm is that there is a more fundamental reality. There is an invisible 
flux not comprised of parts, but an inseparable interconnectedness. The holographic paradigm is one of 
reciprocal enfolding and unfolding of patterns of information. All potential information about the universe 
is holographically encoded in the spectrum of frequency patterns constantly bombarding us. 


In this dynamic model there are no “things”, just energetic events. This “holoflux” includes the ultimately 
flowing nature of what is, and all possible forms. All the objects of our world are three-dimensional 
images formed of standing and moving waves by electromagnetic and nuclear processes. This is the 
guiding matrix for self-assembly, and manipulating and organizing physical reality. 


Criss-crossing patterns occur when two or more waves ripple through each other. In the transactional 
interpretation of quantum physics, waves of probability originate in the past, present, and future. Events 
manifest when waves from past and future interfere with each other in the present. That pattern creates 
matter and energy. The universe emerges from the rippling effects of immense numbers of criss- 
crossing interference waves. The geometry of the fields is more fundamental than the fields or 
emergent particles themselves. 


Our brains mathematically construct ‘concrete’ reality by interpreting frequencies from another 
dimension. This information realm of meaningful, patterned primary reality transcends time and space. 
Thus, the brain is an embedded hologram, interpreting a holographic universe. All existence consists of 
embedded holograms within holograms and their interrelatedness somehow gives rise to our existence 
and sensory images. 


Interference patterns of waves can be visualized interacting like ripples on a pond. At the quantum level 
they create matter and energy as we perceive them, lifelike 3-dimenional effects. Consciousness and 
matter share the same essence, differing by degrees of subtlety or density. There is a strong correlation 
between modulations of the brain’s EM field and consciousness (Persinger,1987; McFadden, 2002). 
The universe is a continuously evolving, interactively dynamic hologram. 


This “Holographic Concept of Reality” was first suggested by Miller, Webb, and Dickson in 1973, and 
later touted by David Bohm (1980), Ken Wilber (1982), Karl Pribram (1991), Michael Talbot (1991), and 
others. In this holistic theory, the Universe is considered as one dynamic holomovement, a grand Unity. 


The part is not only contained within the whole, the whole is contained in every part, only in lower 
resolution. So, following the axiom of “As Above; So Below” we can expect biology to be based on the 
same physical foundation of creation. Miller and Webb hypothesized precisely this in “Embryonic 
Holography,” also in 1973. At the time, of course, such notions were untestable. But, with continuing 
revolutions in technology, now we are closer to modeling and demonstrating this creative process. 


DNA AS HOLOGRAPHIC PROJECTOR 
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In a hologram, wave fields interfere with one another to lay the foundations for the reconstruction of the 
image of an object. But how are the wave fields produced? The term holography comes from the Greek 
roots meaning “entire” and “to write”. In holography, the image is projected by a coherent light source 
split into both an object wave and the reference wave background. 


This dichotomous nature is reflected in the particle/wave nature of the DNA molecule, which can be 
“read out” with biophotons from chromosomes to set up a holographically produced wave field. This 
superposition of wave fields (object wave and reference wave) creates a wave guide for the formation 
of biological structure. 


The image is constructed according to the reference information contained in the genes. The 
reconstructed object wave is identical with the object wave field. The reconstructed wave fields 
reproduce exactly the recorded ones (the DNA with genetic code). 


Russian research in genetics led scientists to begin looking experimentally at the helical structure of 
DNA as a possible holographic “projector” of the DNA code. Thus, the existential blueprint described by 
the spiral staircase of DNA is translated into a complex EM field that guides the molecular growth of the 
organism. Miller, et al, suggested as much three decades ago, and outlined possible mechanisms of 
this quantum biohologram at both the cellular and whole organism level. 


This process emerges from a domain more fundamental than the standard genetic code triplet model. 
Biophysics can now describe how our form emerges directly from the void, the vacuum substructure. In 
essence, we emerge from the cosmic void -- pre-geometrically structured nothingness. DNA is the 
projector of that field which sets up the stress gradients in the vacuum substructure to initiate dynamic 
unfolding. Genes function as holographic memories of the existential blueprint. 


At the moment of ovulation there is a definite shift in the electrical fields of the body of a woman. The 
membrane in the follicle bursts and the egg passes down the fallopian tube. The sperm is negative with 
respect to the egg. When the sperm and egg unite, the membrane around the egg becomes 
hyperpolarized, shutting out other sperm. 


It is at this moment that the electromagnetic entity is formed. The fertilized egg cell contains all the 
holistic information necessary to create a complete operational human being. The biohologram begins 
to function at conception and ceases only at death. Our contention is that the DNA at the center of each 
cell creates the multi-cellular creature hologram by expressing and projecting the DNA in the center of 
the cells. 


The biohologram projected by the embryonic nervous system forms a three-dimensional pattern of 
resonant structures. These structures behave as acoustic waves, acting as field guides for flowing 
matter and energy. The holograms are “read” by electromagnetic or acoustic fields that carry the gene- 
wave information beyond the limits of the chromosome structure. In this new understanding, DNA and 
the chromosome apparatus is the recording, storing, transducing, and transmitting system for genetic 
information at both material and physical field levels. 


DNA-WAVE BIOCOMPUTER 


The Gariaev group (1994) proposed a theory of the DNA-wave Biocomputer. They suggest (1) that 
there are genetic “texts”, similar to the context-dependent texts in human language. (2) The 
chromosome apparatus acts simultaneously both as a source and receiver of these genetic texts, 
respectively decoding and encoding them. (3) The chromosome continuum acts like a dynamical 
holographic grating, which displays or transduces weak laser light and solitonic electro-acoustic field. In 
other words, the code is transformed into physical matter guided by light and sound signals. 


Complex information can be encoded in EM fields, as we all know from coding and decoding of 
television and radio signals. Even more complex information can be encoded in holographic images. 
DNA acts as a holographic projector of acoustic and EM information that contains the informational 
quintessence of the biohologram. Quantum non-locality of genetic information is fundamental. 


The nervous system acts as a coordination mechanism that integrates DNA projection of the rest of the 
cells in the system, aligning these cellular holograms. The biohologram, projected by the brain, creates 
standing and moving electromagnetic wave patterns at different frequencies of the spectrum in order to 
effect different biochemical transformations. There may be specific electrostatic fields, or there may be 

electrodynamic field varying at various frequencies, from low (radio waves) all the way up the spectrum 
into visible light (biophotons) and beyond. 


Genes are located on chromosomes in a linear order within the cell nucleus. Chromosomes have the 
ability to transform their own genetic-sign laser radiation into broadband genetic-sign radio waves (the 
encoded signal transforms from light to sound). The polarization of chromosome laser photons is. 
connected non-locally and coherently to polarizations of radio waves. 


Through this mechanism a new field structure is excited from the physical vacuum by an intrinsic 
creativity that emerges through DNA. The genome genetic and other regulatory wave information is 
recorded at the polarization level of its photons and is non-locally transferred or played out through the 
entire biosystem by the polarization code parameter. 


Only 3% of the 3 billion base pair genome encodes the physical body. The four-letter alphabet of 
genetic elements includes Adenine (A), Cytosine (C), Guanine (G), and Thymine (T) or Uracil (U) 
components of DNA, arranged in three-letter “words” that tell the cell what proteins to manufacture. 





These genetic characters are distributed in the genetic text in a fractal distribution, i.e., reiterated. So, 
the nucleotides of DNA molecules are able to form holographic pre-images of biostructures. This 
process of “reading and writing” the very matter of our being manifests from the genome’s associative 
holographic aspect in conjunction with its quantum nonlocality. 


Rapid transmission of genetic information and gene-expression unite the organism as a holistic entity 
embedded in the larger Whole. Gene-expression is the mechanism by which new patterns are called 
into being. The system works as a biocomputer, a wave biocomputer. 


This biogenesis mirrors the cosmic process of creation. The holographic dynamic underlies both 
processes of cosmological creation and biogenesis. Chemical bonding is a consequence of the non- 
linear inverse square law of electromagnetic charge interaction in spacetime. 


Charge interaction precedes quantum chemistry perturbations of bonding energetics. Despite being 
genetically coded, molecules form fractal structures both in their geometry and dynamics. Generating 
core biochemical pathways gives rise to the fractal structures of proteins, nucleic acids and tissues. 


Theories of biogenesis, such as Panspermia, are strongly supported by the fact that organic molecules 
and amino acids, as well as the nucleotides A, U, G, and C have been detected in meteorites. It is a 
fecund universe, at both the cosmic and human scale. 


QUANTUM BIOHOLOGRAPHY 


Hypothesis: The organization of any biological system is established by a complex electrodynamical 
field that is, in part, determined by its atomic physiochemical components. These, in part, determine the 
behavior and orientation of these components. This dynamic is mediated through wave-based 
genomes wherein DNA functions as the holographic projector of the psychophysical system, a quantum 
biohologram. 


In the mid-1980s, physicist Peter Gariaev first noted a DNA phantom effect in his experiments. DNA 
was bombarded with laser light. When removed physically from the scattering chamber, its 
electromagnetic signature, a ghostly holographic after-image apparently remained. What is measured is 
light scattering from the DNA phantom fields. 


No other substance has been found to emulate the effects of the DNA molecule. As long as the 
chamber is not disturbed, the effect is measurable for long periods of time. Evidence suggests a 
relationship to the phenomena of endogenous bioluminescence, liquid crystals, and superconductivity. 


Bioluminescence is the emission of photons of light produced when certain energized electrons drop 
into a lower or ground state. Humans emit a variety of electromagnetic radiations across the emission 
spectrum, indicative of the energy state of the organism. 


In the nuclei of each cell of the human body, the DNA (deoxyribonucleic acid) carries the structure of 
our whole body. It is the blueprint not only of our physical form, but also of the processes that our form 
undergoes in terms of survival. The primal vacuum is the matrix of our existence and proportionately 
our most fundamental reality. In essence, we emerge from pre-geometrically structured nothingness. 
DNA is the projector of that field which sets up the stress gradients in the vacuum or quantum foam to 
initiate the process of embryonic holography. 


DNA PHANTOM 


The Gariaev group has discovered a wave-based genome and DNA phantom effect that strongly 
supports the holographic concept of reality. This main information channel of DNA is the same for both 
photons and radio waves. Superposed coherent waves of different types in the cells interact to form 
diffraction patterns. First, they emerge in the acoustic domain, secondly in the electromagnetic domain. 


DNA seems to embody the capacity to produce a field experienced by other DNA in the body, linking all 
holistically together. This dynamic is linked to the cellular level via mechanisms of RNA transfer and 
enzymatic action in the cell. DNA and RNA are likely to be in non-local communication, possible 
because DNA molecules in chromosomes are in a state of substance-wave duality. So, DNA codes an 
organism both through DNA matter and by DNA wave sign functions at the laser radiation level. Wave 
information is recorded at the polarization level of photons and is non-local. It is transferred throughout 
the biosystem by the polarization code parameter, eliciting holistic response patterns. 


Gariaev claims to have demonstrated subtle fields emerging from the quantum foam or vacuum 
potential, making the effect quantifiable and measurable, objective. He found the phantom effect by 
irradiating DNA with a target UV wavelength of 338 nm. Poponin (1995) went on to suggest that some 
new field structure is being excited from the physical vacuum by an intrinsic ability that emerges 
through DNA. 


Gariaev discovered the DNA Phantom Effect in 1985 when he worked in correlation spectroscopy of 
DNA, ribosomes and collagen in the Institute of Physics, in the Academy of Science of the USSR. He 
was first able to publish his results in 1991, leading to a book in 1994, Wave Based Genome. He 
demonstrated a dynamic new field in the vacuum substructure by bombarding it with coherent laser 
light and coupling it to conventional electromagnetic fields. The experimental protocols for this 
procedure have been reproduced in Moscow from ideas developed at Stanford, and are currently in 
another replication by experimental physicist Louis Malklaka. 





YOU TURN ME ON; I’M A RADIO 


In analyzing any complex adapative system, we follow what happens to the information; in this case the 
genetic information. The quantum hologram is a dynamical translation process between acoustical and 
optical holograms. DNA and the genome have been identified as active “laser-like” environments. 


Roughly speaking, DNA can be considered a liquid crystal gel-like state that acts on the incoming light 
in the manner of a solitonic lattice. A soliton is an ultra stable wave train that arises in the context of 
non-linear wave oscillation. Oscillations are set up when DNA acts as a rotary pendulum kindling other 
oscillations. ; : 


Chromosomes can transform their own genetic-sign laser radiations into broadband genetic-sign radio 
waves. This is the main information channel of DNA, the same for both photons and radio waves. 
Superposed coherent waves of different types in the cells interact to form diffraction patterns, first in the 
acoustic domain, then in the electromagnetic domain. The quantum hologram is the matrix of the 
translations between acoustical and optical holograms. The human biocomputer can be modeled 
through the marriage of quantum mechanical and complex dynamics. 


Other researchers soon obtained similar results, and not only based on photons. Multi-frequency 
physical fields are now teleported. Based on this data, it’s possible to suppose that photon fields, 
emitted by chromosomes as sign fields, can be teleported within or even outside the organism’s space. 
T 


he same is true for wave photon fronts, which were read from the chromosome continuum similar to 
reading from a multiplex hologram. If photons are transformed into radio waves through the EPR- 
mechanism, then this phenomenon is vital. In fact, the importance of quantum non-locality existence for 
a genome is hard to overestimate (Gariaev, et al, 2001). 


Basic assumptions of Gariaev, et al included the following: 


1. The genome has a capacity for quasi-consciousness so that DNA “words” produce and help in the 
recognition of ‘semantically meaningful phrases.” 


2. The DNA of chromosome control fundamental programs of life in a dual way: as chemical matrixes 
and as a source of wave function and holographic memory. 


3. Processes in the substance-wave structures of the genome can be observed and registered through 
the dispersion and absorption of a bipolar laser beam. 


QUANTUM TELEPORTATION 


The polarizations of chromosome laser photons are connected non-locally and coherently to 
polarizations of radio waves. The signal can be “read out” without any loss of the essential information 
in the form of polarized radio waves. The genome is a quasi-hologram of light and radio waves that 
create the background necessary for the appropriate expression of genetic material. Gariaev argues 
that the genome emits light and radio-waves whose delocalized interference patterns creates 
calibration fields or “blueprints” for a system or organism's spacetime organization, in a coordinated 
response typical of living systems. Gariaev asserts that quantum non-locality and holography is 
indispensable to properly explaining such realtime dynamics. 


Other research suggests the fundamental interaction of internal and external fields is the right track. 
Joseph Jacobson (2002) at MIT, found a way to switch cells off and on with radio waves. His team also 
"unzipped" and manipulated DNA with a radio-frequency pulse. The same approach worked on proteins 
as well, and proteins orchestrate nearly all cellular chemical processes. 


Thus, genes can act as quantum objects exhibiting the phenomenon of quantum non- 
locality/teleportation. This robust dynamic assures information super redundancy, cohesion and the 
organism’s integrity, and thus viability. Gariaev’s experiments suggest that DNA does indeed behave 
like a single quantum, which induces a “hole” temporarily in the vacuum when the DNA sample is 
physically removed from the vacuum chamber. 


Quantum Bioholography says that DNA satisfies the principle of computer construction. It carries a 
copy of itself, its own blueprint, while the mechanism engineering the DNA replication is the biophotonic 
electromagnetic field. The “letters” of the genetic texts A, G, C, U are held invariant. The existence of 
the genetic text constitutes the classical signal process of quantum teleportation. It facilitates the 
quantum mechanical signal processes of both the copying of the DNA as its own blueprint, and of the 
construction and homeostasis of the organism in a massively parallel way by means of quantum 
teleportation. 


So, the marriage of the 50 year old study of DNA with the 50 year old science of holography has given 
birth to the model we call the quantum biohologram. The discovery of Gariaev of the phantom DNA and 
the DNA-wave biocomputer strongly suggests that this is more than a model but actually the physical 
mechanism for our appearance from virtually nothing. In one way you could say we “came out of 
nowhere. 


But here we are, nevertheless. It is solely because of our DNA’s ability to transform its genetic blueprint 
into a physical reality, embodying simultaneously our inherited past and our future. Sure, we can now 





create ersatz life, but we cannot create the fundamental elements from which it arises, which are the 
gift of the universe, cooked in giant supernovae aeons ago. It’s like that old joke where the scientist 
says to God, “We can now make an Adam out of clay, and God says, “No, first you have to make your 
own dirt!” 
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The Biophotonic Quantum Holographic Matrix 


by William F. Hamilton III 


ABSTRACT: This paper is an attempt to integrate studies of the quantum potential, quantum 
holography, biophotonics and the enveloping matrix of biointegration, biocommunication, and 
bioinformation that composes the web of light and life in living organisms and their possible genesis in 
an electromagnetic infoton. 


Introduction: 
David Bohm, theoretical physicist proposed a new hidden variables theory of Quantum mechanics. He 


assumes the wave function does not represent just a set of probabilities: it represents an actual field. 
This field exists and acts upon particles the same way a classical potential does, thus it is a quantum 





potential which is associated to this field and is a function of the wave function. It is postulated here that 
the quantum potential is active as a field in living cells and organisms and acts upon them. 


The equation Bohm used to represent this quantum potential is given: 


the quantum potential 
(1) 


Research reveals that Bohmian quantum potential is still used, but that it may only represent a means 
to extend quantum theory into a realistic theory of particles and fields. 


It resolves the dilemma of the appearance, in one and the same phenomenon, of both particle and 
wave properties in a rather straightforward manner: Bohmian mechanics is a theory of motion 
describing a particle (or particles) guided by a wave. This guiding wave is usually attributed to atomic 
particles, but might be more insightfully seen as a traveling soliton or vortex. 


Bohmian mechanics is manifestly nonlocal, and the velocity may depend upon the positions of other, 
even distant particles whenever the wave function of the system is entangled. 


The behavior of the particle is determined by the particle’s position and momentum, the wave field and 
the sub-quantum fluctuations. 


“Bohm's quantum potential binds the entire universe together into what he liked to call a seamless 
"unbroken wholeness." Every particle in the universe is connected by the quantum potential to every 
other particle. He likened the cosmos to a hologram in which each point on the film carries information 
about the entire picture. Bohm's GWT, far more sophisticated than de Broglie's crude version, is a 
"holistic" vision in which all parts of the universe are joined to every other part. "Interconnectedness" 
was one of Bohm's favorite words. He saw the universe as resembling the unity of a living organism, a 
kind of pantheism not unlike Spinoza's--a pantheism Einstein himself favored.” (2) 


Bohm referred the holomovement as the basic reality. The pattern formed on a photographic plate by 
light waves that interfere and create a hologram. This pattern is the interaction or interference pattern of 
two parts of a laser light (coherent light). One beam reflects off an object, the other off a mirror. In 
addition, any portion of the holographic plate contains information on the whole object. 


Biohologram: 


Every cell in the human body contains nuclear DNA, information on the whole body, much like a 
hologram, only the cells can go through a process of division and reproduction (mitosis). 


In quantum holography, things are spookier still. While holograms are typically constructed with 
interfering beams of light, in quantum holography the researchers measure the simultaneous arrivals of 
an illuminating photon that is sent into a chamber and a companion photon in the other entangled 
beam. (2) 


Quantum holography, as depicted in this cartoon, is a way that physicists could produce three- 
dimensional images of objects that would be invisible to systems relying on classical physics. A source 
S produces two photon beams (h1 and h2). The photons in h1 are quantum mechanically entangled 
with the photons in h2. When a photon in h1 enters chamber C, it encodes three-dimension information 
about the enclosed object (in this case a Grecian bust) in the interference of the two paths it could take 
- a path that intercepts the object and subsequently is reflected to the chamber wall, and a path that 
misses the object and strikes the chamber wall directly. The second beam, h2, passes through 
conventional optics and strikes a detector array D. A coincidence counter extracts the holographic 
information by monitoring the relative time between a photon in h1 striking the chamber wall and its 
entangled mate in h2 arriving at detector D. 


Wave Genetics Inc. and the Moscow Institute of Control Sciences are exploring a new concept of the 
genetic code that asserts: 


(1) That the evolution of biosystems has created genetic "texts", similar to natural context dependent 
texts in human languages, shaping the text of these speech-like patterns. 


2) That the chromosome apparatus acts simultaneously both as a source and receiver of these genetic 
texts, respectively decoding and encoding them, and 


3) That the chromosome continuum of multicellular organisms is analogous to a static-dynamical 
multiplex time-space holographic grating, which comprises the space-time of an organism in a 
convoluted form. 


That is to say, the DNA action, theory predicts and which experiment confirms, 


(i) is that of a "gene-sign" laser and its solitonic electro-acoustic fields, such that the gene-biocomputer 
"reads and understands" these texts in a manner similar to human thinking, but at its own genomic level 
of "reasoning". It asserts that natural human texts (irrespectively of the language used), and genetic 
"texts" have similar mathematical-linguistic and entropic-statistic characteristics, where these concern 
the fractality of the distribution of the character frequency density in the natural and genetic texts, and 





where in case of genetic "texts", the characters are identified with the nucleotides, and 


(ii) that DNA molecules, conceived as a gene-sign continuum of any biosystem, are able to form 
holographic pre-images of biostructures and of the organism as a whole as a registry of dynamical 
"wave copies" or "matrixes”, succeeding each other. This continuum is the measuring, calibrating field 
for constructing its biosystem. 


“Complex information can be encoded in EM fields, as we all know from coding and decoding of 
television and radio signals. Even more complex information can be encoded in holographic images. 
DNA acts as a holographic projector of acoustic and EM information which contains the informational 
quintessence of the biohologram. Only 3% of human DNA encodes the physical body. The remaining 
97% of the 3 billion base pair genome contains over a million genetic structures called transposons, 
that have the capacity to jump from one chromosomal location to another (Kelleher, 1999). We are 
99.9% alike in our genetic legacy. Our individuality is expressed in three million small variations in our 
cells, called single nucleotide polymorphisms. 


Gene-expression is the mechanism by which new patterns are called into being (Rossi, 2000). There is 
also a strong correlation between modulation of the brain’s EM field and consciousness (Persinger, 
1987; McFadden, 2002). The Gariaev group has discovered a wave-based genome and DNA phantom 
effect which strongly supports the holographic concept of reality (Miller, Webb, thingyson, 1975). This 
main information channel of DNA is the same for both photons and radio waves. Superposed coherent 
waves of different types in the cells interact to form diffraction patterns, firstly in the acoustic domain, 
secondly in the electromagnetic domain -- a quantum hologram -- a translation process between 
acoustical and optical holograms.” (4) 


The distribution of the character frequency in genetic texts is fractal, so the nucleotides of DNA 
molecules are able to form holographic pre-images of biostructures. This process of "reading and 
writing" the very matter of our being manifests from the genome's associative holographic memory in 
conjunction with its quantum nonlocality. Rapid transmission of genetic information and gene- 
expression unite the organism as holistic entity embedded in the larger Whole. The system works as a 
biocomputer -- a wave biocomputer. 


The quantum nonlocality of the genetic information is fundamental. Experimental work of the Gariaev 
group shows how quantum nonlocality is directly related to laser radiation from chromosomes (coherent 
light), which jitterbugs its polarization plane to radiate or occlude photons. DNA and the genome have 
now been identified as active "laser-like" environments. Roughly speaking, DNA can be considered as 
a liquid crystal gel-like state that acts on the incoming light in the manner of a solitonic lattice.” (5) 


Biophotonics: 
This entire section is extracted from the History of Biophotonics website: 


Around 1923 Alexander Gurwitsch discovers an “ultraweak" photon emission from living systems 
(onions, yeast,...), since he suggested connections between photon emission and cell division rate. He 
calls this photonemission "mitogenetic radiation". His experiments indicate that the wavelength is in the 
range around 260 nm (Bibliography under Gurwisch and also Ruth (1977, 1979)). 


Around 1950: Russian scientists rediscover "ultraweak photon emission" from living organisms. Most 
results are published in "Biophysics" (engl.) and originally in "Biofizika").( Bibliography under Ruth, 
1979). 


Italian nuclear physicists discover by chance "bioluminescence" of seedlings. They do not think that this 
finding is significant, but they publish the results. (Colli et al. 1954, 1955, Ruth 1979). 


The Russian biophysicist and the American chemist enunciate the first theory of ultraweak 
photonemission (UWPE) from biological systems, the so called "imperfection" theory. UWPE shall be 
an expression of the deviation from equilibrium, some kind of distortion of metabolic processes 
(Zhuravlev 1972, Seliger 1975, Ruth 1979). 

Independently from each other and by different motivations scientific groups in Australia (Quickenden), 
Germany (Fritz-Albert Popp), Japan (Inaba), and Poland (Slawinski) show evidence of ultraweak 
photon emission from biological systems by use of modern single-photon counting systems. 
Bibliography (Quickenden, Inaba, Popp &Ruth, Slawinski). 


While Quickenden, Slawinski and Inaba prefer the imperfection theory, Popp and his group enunciate 
just the opposite theory: 


1. The radiation originates from an almost perfect coherent photon field. 
2. Essential sources are the DNA and corresponding resonators in the cells. 


3. The mechanism describes photon storage in cavities and information channels, tuned by Casimir 
forces. 


4. There is a close connection to delayed luminescence which corresponds to excited states of the 
coherent photon field. 





5. The radiation is not the product but essentially the initiator of chemical reactions in the cells. The 
radiation submits the information within and between cells. 


6. The radiation is not limited to the optical range but follows a f = const-rule (the occupation probability 
of the phase space is equal for all wavelengths) and extends to longer wavelengths including the so 
called heat radiation of the body. 


7. This radiation is the proper regulator and information carrier of life. 


The Marburg group of Fritz-Albert Popp calls this phenomenon "biophotons" in order to stress the 
difference to "bioluminescence": Biophotons are single quanta which are permanently and continuously 
emitted by all living systems. They are subjects of quantum physics and they display an universal 
phenomenon attributed to all living systems. Worldwide all scientists who agree with these statements 
call the radiation biophotons and the scientific field "biophotonics". 


From 1972 to 1980 the Marburg group of the leader, the physicist and Dr. habil. Fritz-Albert Popp, 
evaluated experimentally all the essential physical properties of biophotons. 


1. The intensity ranges from a few up to some hundreds photons/(s cm2). 
2. The spectral distribution follows in the time average a f = const-rule. 
3. The modes are strongly coupled. 


4. The delayed luminescence that approaches continuously the biophoton emission follows a 
hyperbolic rather than an exponential relaxation function. 


5. The biophotons origin from an almost fully coherent field. 
6. Cells are able to establish cavity resonators which contribute to biophoton regulation. 
7. The essential source of non-equilibrium biophoton emission is the DNA. 


This group introduces the first time photocount statistics (PCS) into biophotonics. They show evidence 
that biophotons are emitted according to a Poissonian PCS. Furthermore they show evidence (1) that 
the delayed luminescence follows a hyperbolic relaxation function rather than an exponential one, (2) 
that the modes are strongly coupled, and (3) that there are hyperbolic oscillations around the 
continuous hyperbolic relaxation function. The group finds the first time intercellular communication by 
means of biophotons. Later this was confirmed by Albrecht-Buhler (Bacteria), Popp and Chang 
(dinoflagellates), Galle (daphnia), Shen (blood), Vogel (bacteria). 


(Bibliography under Popp and coworkers, i.e. Bahr, Bohm, Grass, Grolig, Herrmann, Kramer, 
Rattemeyer, Ruth, Schmidt, Wulle, Albrecht-Buhler, Chang, Galle, Shen, Vogel). 


The papers of Popp and his group are examined mainly by the group of B. Chwirot (Kopernikus 
University, Torun). They confirm the essential results (Bibliography Chwirot et al.). 


Herbert Klima (Atom Institute Vienna) performs his dissertation in Popp’s group at the University in 
Marburg. He transfers "Biophotonics" to the University in Vienna, in particular investigations on laser 
excitation of living systems. 


(Bibliography Klima or Atominstitut Wien). 


J.Slawinski cooperates with the groups in Japan, USA and the Popp-group in Germany. He follows 
mainly the links between biophotons and biochemical reactions. There arises a branch biochemical 
biophotonics that becomes an essential part mainly in Japan and USA.” (6) 


Bioinfotons: 


This term “bioinfoton” is one | am adopting to specify any particle (such as the Ganesh Particle*), wave, 
or biomolecule that transfers information from an emitter to a receptor. It is possible that if a biophoton 
is emitted from a coherent source that it will carry holographic information as a form of modulation 
(possibly frequency modulated) and produce action or results in biological systems. 


It is possible that biophotons may even be carriers of psi information and that a coherent coupling can 
be established between two conscious life forms resulting in a transference of information from a higher 
potential field to a field at lower potential. Even though this is conjecture at this point, it suggests other 
means by which disparate life forms can communicate. We know there is a process by which trees 
communicate and even signal each other in the face of danger. We may be exchanging information with 
pets and other animals through biophotonic communication. This may be how some people who have a 
green thumb affect plants they care for. 


Even communication with other intelligent life forms in the Cosmos may be effected by the amplification 
and vectoring of biophotons or via the quantum potential, produce information at a distance. 


A virtual photon flux in the quantum potential may be integrating the coordinated wholeness of the 
organism while the action of bioinfotons may keep every part of the organism in communication with 
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every other part. 


Conclusions: 


Life and living organisms are more than the sum of their parts and are composed of material and non- 
material parts. The spiral form of DNA evidently produces an electromagnetic wave field that informs 
the organism’s growth and structure. 


Scientist Richard Alan Miller is a pioneer in this field and has written, 


“In a hologram, wave fields interfere with one another to lay the foundations for the reconstruction of the 
image of an object. But how are the wave fields produced? The term "holography" comes from the 
Greek roots meaning "entire" and "to write". In holography, the image is projected by a coherent light 
source split into both the object wave and the reference wave background. This dichotomous nature is 
reflected in the particle/wave nature of the DNA molecule, which can be "read out" with biophotons from 
chromosomes to set up a holographically produced wave field. This superposition of wave fields (object 
wave and reference wave) creates a wave guide for the formation of biological structure. The image is 
constructed according to the reference information contained in the genes. The reconstructed object 
wave is identical with the object wave field. The reconstructed wave fields reproduce exactly the 
recorded ones (the DNA with genetic code). “ (7) 


Mr. Miller also proposes this hypothesis: 
“QUANTUM BIOHOLOGRAPHY 


Hypothesis: The organization of any biological system is established by a complex electro dynamical 
field that is, in part, determined by its atomic physiochemical components. These, in part, determine the 
behavior and orientation of these components. This dynamic is mediated through wave-based 
genomes wherein DNA functions as the holographic projector of the psychophysical system—a 
quantum biohologram." 


| propose that the biohologram is embedded as an integral part of the biocosmic hologram we call 
Universe. 


Dr. Dan Burisch has seen evidence that a Ganesh Particle* can transmute itself into a fully functional 
atypical eukaryotic cell in a matter of seconds, not aeons. Such evidence, when it becomes available, 
will change our entire perspective on the existence of a universal holonomic mind that informs its 
creation. 


*Ganesh Particles are charged clusters that extracted from ancient bedrock and have a seemingly 
unknown origin, but carry information which is transferred to cells via a crossbridge. (Discovered by Dr. 
Dan B.C. Burisch) 


References: 
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matter-wave is also a resonance in the electromagnetic 
field, the oscillation of electron waves. The electromotive 
force of light (virtual photons) drives an exchange 
observable in mitogenic radiation. State changes are a 
result virtual photon fluctuation. Mitogenic radiation acts as 
a coherent light laser in the infrared, UV, and visible 
frequencies. 


Photons are discrete concentrations of massless energy 
emitted when electrons move from one energy state to 
another. Electrons demonstrate interference patterns like 
photons of light. Photons are the elementary unit or 
quantum of electromagnetic radiation. Much of the 
biophoton is virtual and scalar in dimension 


Life is an electrodynamic process, and all electrodynamic 
processes are photon-dependent. Photons have spin 1 and 
they are therefore bosons. Photons mediate the 
electromagnetic field. They are the particles that enable 
other particles to interact with each other 
electromagnetically and with the electromagnetic field. 


Bacteria and plants exploit quantum physics for excitation 
and are optimized to use light energy (light-harvesting) to 
drive their metabolic reactions. Humans don’t live by 
photosynthesis, but light is still a big factor in metabolism, 
circadian rhythms, reproduction, and perhaps other 
processes. 


In the quantum holographic DNA-wave biocomputer theory, 
DNA is a self-calibrating antenna working by phase 
conjugate adaptive resonance. It is capable of both 
receiving and transmitting quantum holographic information 
stored in the form of diffraction patterns, quantum 
holograms. 


The brain and senses are matter-wave systems, as is the 
structure of all Reality we know. The brain and body are 
wave-biocomputers (Gariaev). Growth of the brain may be 
related to a wave resonance that arises from a DNA wave 
system. The brain is essentially a resonance system. 


Photonics deals with generating, controlling and detecting 
light. It plays a major role in sensing. The linings of the brain 
ventricles are essentially enfolded skin tissue, a sensing 
organ with similar sensitivities to those of the retina. 
Quantized lightwaves impinge on the retina, and likewise 
endogenous light may impinge on photoreceptors in the 
ventricle lining. 


Scientists have witnessed an atom and a photon - a small 
packet of light - share the same information. Chris Monroe 
(3004) and colleagues from the University of Michigan used 
a cadmium atom trapped in an electric field to ‘store’ 
information about the atom's magnetic state. By pumping 
energy into the atom with a laser, they forced it to spit out a 
packet of light. That photon carried an imprint of the atom's 
information with it, which could be read by a detector. 


The photon as a mobile bit of quantum information is called 
a ‘flying qubit’. Researchers have already entangled pairs of 
atoms, and pairs of photons. But this is the first time that 
scientists have seen a single atom entangled with a single 
photon. 

http://www. bioedonline.org/news/news.cfm?art=853 


The development of single photon sources and single 
photon counting detectors is driven by the emergence of 
many applications requiring such devices. These 
applications, such as quantum cryptography, quantum 
computation, correlated photon metrology, quantum 
imaging, quantum interferometry etc, comprise a new area 
of endeavor known as Quantum Information Technologies 


theory. Other research shows 
that biological structures emit 
the photons necessary for 
such a function (Rubik 1996). 
If the brain uses phase- 
conjugate principles, 
information could be 
distributed throughout the 
brain and body by means 
other than nerve pathways. 
Gottlieb's theory supports the 
holographic brain model 
proposed by Karl Pribram in 
the 1970's. 


Ferguson, M. (1996). Is mind 
mediated by water? In Brain 
Mind - A bulletin of 
Breakthroughs. Vol. 21, 4-5. 


A Proposed Mechanism for 
Consciousness via 
Phsyiologically Functional 
Endogenous Light 
K.Simanonok . 

Photons are known to be 
emitted from cells and may be 
physiologically functional as 
signal carriers. Not to be 
confused with macroscopic 
bioluminescence (which may 
however represent a 
specialization in energy 
emission of which all cells are 
capable), cell photon 
emissions occur at low (‘weak’ 
or ‘ultraweak’) intensities not 
detectable by the eye. They 
span the visible spectrum and 
extend into the near ultraviolet; 
although emissions outside 
the visible spectrum may only 
loosely be termed ‘light’, they 
are included in that term in this 
context. For a system of 
physiologically functional 
endogenous light to exist, at 
least four capabilities are 
required (others beyond these 
minimal four may of course 
exist): 1) Light signals must be 
generated and emitted from 
cells. 2) Emitted light signals 
must be transmitted to 
adjacent and/or distant cells. 
3) Cells must be capable of 
receiving light signals. 4) Cells 
must be capable of 
transducing received light 
signals into information that 
they can process. Cell photon 
emissions are well 
documented but have not yet 
been shown to carry 
information (except for some 
examples of bioluminescence, 
fireflies being perhaps the best 
known). Capability 2 may be 
met by collagen fibers 
functioning as fiber optics, 
since almost all nonmotile 
cells are interconnected by a 





(QIT). 


Photodynamics 


Particles found in biological processes include photons, 
electrons, protons, elementary ions, inorganic radicals, 
organic radicals, molecules, and molecular aggregates. 
Photons act upon electrons by raising their energy state. 
This process is called excitation. 


Excited electrons can drop back to more stable energy 
levels and emit photons. Electron excitation can lead to the 
formation of an electronic bond between molecules. This is 
the traditional bond of classical chemistry. The breaking of 
such bonds can, by reverse process, lead to the excitation 
of electrons. 


In living systems the excitation of electrons by photons and 
the subsequent conversion of that excitation into the bond 
energy is called photosynthesis and is the basic builder of 
biological structures. The reversal of this process is called 
bioluminescence. This phenomenon is the transfer of 
energy from a bond to an excited electron, resulting in the 
emission of a photon. It has been suggested by Szent- 
Gyorgyi (1957) that the energetics of living creatures can be 
understood in terms of photosynthesis and its reversal, 
bioluminescence. 


Radiated photons are a type of electromagnetic signal. The 
photonic flux process may or may not only manipulate and 
guide photons but also convert photons into electrons and 
process the electrical signal. An ideal photonic material 
emits and modulates light efficiently. Photonics can ideally 
do an enormous amount of parallel processing, intelligent 
photonics. Signals may exceed visible and near infrared. 
Allan Frey showed microwave frequency auditory inputs in 
the human brain. 


Cell photon emissions are well documented but have not 
yet been shown to carry information. Photons are known to 
be emitted from cells and may be physiologically functional 
as signal carriers. This phenomenon should not be 
confused with macroscopic bioluminescence, energy 
emission of which all cells are capable. Cell photon 
emissions occur at low ('weak' or 'ultraweak’) intensities not 
detectable by the eye. 


Our own eyes, like those of other vertebrates, have ciliary 
photoreceptors; so does the pineal "third eye", a structure 
that is buried in the brain and is involved in circadian 
rhythmicity, and which still, in lower vertebrates, functions 
directly as a photoreceptor. 


Photon emissions span the visible spectrum and extend into 
the near ultraviolet. Emissions outside the visible spectrum 
may only loosely be termed ‘light’, but are included in that 
term in this context. According to Simanonok (2000), for a 
system of physiologically functional endogenous light to 
exist, at least four capabilities are required (others beyond 
these minimal four may of course exist): 


Light signals must be generated and emitted from cells. 


Emitted light signals must be transmitted to adjacent and/or 
distant cells. 


Cells must be capable of receiving light signals. 


Cells must be capable of transducing received light signals 
into processed information. 


Collagen fibers function as fiber optics. Almost all nonmotile 


network of collagen fibers, a 
network which makes up 
approximately half of the total 
protein content of a human 
body. Other fiber types such 
as elastin and intracellular 
matrixes of microtubules 
(especially those in neural 
axons) are also possible 
candidates for functional roles 
in a biophotic information 
exchange system. Collagen 
fibers have been shown to 
exhibit fiber optic properties in 
preferentially conducting light 
along their fiber axes, and can 
modulate a light signal passing 
through them when stretched 
at physiologic force levels. It is 
well known that retinal 
photoreceptors are capable of 
capabilities 3 (receiving light) 
and 4 (processing light into 
information), which again may 
represent a functional 
specialization like macroscopic 
bioluminescence built upon 
more rudimentary capabilities 
of which many cells are 
capable. What is less well 
known is that the lamellar 
structures of retinal 
photoreceptors are highly 
specialized cilia, and that 
ciliated cells are abundant in 
the brain. Do cilia possess 
rudimentary photoreceptive 
(and possibly waveguide) 
capabilities, which evolution 
has built upon to create 
photoreceptors? This is a key 
question because much of the 
ependymal lining of the 
cerebral ventricles is ciliated 
(their function unknown). It is 
proposed that ventricular 
ciliary beating is affected by 
and becomes coordinated with 
the timing of neural activity so 
that endogenous light is 
guided into dynamically 
resonant patterns in the 
ventricles and surrounding 
tissues, patterns involving 
energy loci which have 
feedback capability on neural 
events. Dynamically resonant 
patterns of light within the 
brain may interact with a larger 
population of virtual photons 
and/or virtual particles filling 
space outside our normal 
frame of reference and 
support consciousness in the 
brain by creating a pathway for 
a small part of the intelligent 
consciousness underlying the 
universe (‘god’) to be affected 
by and to influence 
endogenous light patterns, 
which in turn influence neural 
events, which in turn influence 
perception, thought, and 





cells are interconnected by a network of collagen fibers, 
which makes up approximately half of the total protein 
content of a human body. Other fiber types such as elastin 
and intracellular matrixes of microtubules (especially those 
in neural axons) are also possible candidates for functional 
roles in a biophotic information exchange system 
(Hameroff). 


Simanonok also suggests, it is well known that retinal 
photoreceptors are capable of capabilities 3 (receiving light) 
and 4 (processing light into information), which again may 
represent a functional specialization like macroscopic 
bioluminescence built upon more rudimentary capabilities of 
which many cells are capable. 


Cerebral Photoreceptors 


All biological material is photosensitive. What is less well 
known is that the lamellar structures of retinal 
photoreceptors are highly specialized cilia, and that ciliated 
cells are abundant in the brain. Do cilia possess 
rudimentary photoreceptive (and possibly waveguide) 
capabilities, which evolution has built upon to create 
photoreceptors? 


This is a key question because much of the lining of the 
cerebral ventricles is ciliated (their function unknown). 
Ventricular ciliary beating could be affected by and become 
coordinated with the timing of neural activity. Thus, 
endogenous light is guided into dynamically resonant 
patterns in the ventricles and surrounding tissues, patterns 
involving energy loci which have feedback capability on 
neural events. 


Dynamically resonant patterns of light within the brain may 
interact with a larger population of virtual photons filling 
space outside our normal frame of reference and support 
consciousness in the brain. This is a possible pathway for 
endogenous light patterns to holistically influence neural 
events, which in turn influence perception, thought, and 
behavior in resonant feedback loops. 


Brain ventricles may do far more simply bathe the brain 
interior in buffering cerebrospinal fluid and remove wastes. 
The pineal gland sits in the middle of them, like some 
mystical island in an ambrosial lake. These curiously- 
shaped hollow chambers may form a resonant cavity for the 
light sensitive DMT producing pineal gland. Why else would 
the pineal both produce photic neurotransmitters 
(Melatonin; DMT) and be sensitive to light? 


In Kriya Yoga, the 3rd Ventricle is called the Cave of 
Brahma. The thalamus gland forms its walls, the 
hypothalamus its floor and plexus of the third choroid 
ventricles its roof. 


“The mighty Hamsa Soul then wins its Wings to Freedom, 
as the subtle fibers of his Corona Radiata light up with 
Divine effulgence he takes flight into Cosmic 
Consciousness. He then experiences the total Divinity of 
and beyond Creation, gaining the ultimate knowledge of ‘Tat 
Tvam Asi' That Thou Art.” 


Brain Holograms 


The ventricles of the brain act as liquid crystals. The 
primordial brain ventricle forms when the embryonic neural 
tube closes. The embryo develops not by chemical law but 
energetic dynamics, where energetic fields dictate growth. 
Radiation emanates from living tissue; because of its effects 
on mitosis it is called mitogenic radiation. Mitogenic 


behavior in feedback loops. 
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At least two significant roles 
for large scale quantum 
coherence in living systems 
have been suggested: Herbert 
Frohlich’s coherent excitations 
of nonlinearly coupled 
ensembles of large polarizable 
molecules, with frequencies in 
the microwave region, and 
Fritz Popp’s coherent visible 
photon emission arising from 
metabolically active cells. The 
large difference in frequencies 
has made it difficult to see 
these two phenomena as 
being linked. Here a case is 
made for a potentially large 
coupling between these 
modes, and suggestions are 
made for the biological roles 
played by these coherent 
excitations. 





radiation has frequencies of 10(12 power) Hz. to 10(15 
power) Hz., covering infrared through visible rays, bordering 
on ultraviolet. 


Standing waves can be created that arise from vibrations in 
the ventricles. This creates a holographic frequency 
domain. Rhythm-entraining photoreceptors might be a 
second basis of bioholographic projection (besides DNA) in 
the resonant cavity ventricles. DNA produces mitogenic 
rays that can influence other cells. 


The cavity of the neural tube may be considered a 
primordial ventricular cavity. It contains fluid that later will be 
termed cerebrospinal fluid. The secretion and absorption of 
this fluid now determines the pressure exerted on the neural 
tube. The opening of the optic vesicles into the ventricular 
cavity is semi-lunar at this stage. There are functional 
changes of these photoreceptors during pre- and postnatal 
development. They may be part of the process of 
embryonic holography. 


Do these signals amplify in a resonant cavity as they do in 
modelocking in laser technology? One roundtrip of a 
modelocked laser is a single pulse (sometimes called a 
soliton) traveling back and forth inside the laser cavity. Each 
time the radiation passes through the saturable absorber, 
the highest intensity peak is reduced less than all of the 
others, so eventually just once peak oscillates back and 
forth in the cavity. It gets sharper and sharper as it bounces 
back and forth. http://www.unc.edu/~dtmoore/model_td.html 


Modelocking is a method to obtainultrashort pulses from 
mode-locked lasers. Here, the laster cavity contains either 
an active element (an optical modulator) or a nonlinear 
passive element (a saturable absorber) which leads to the 
formation of an ultrashort pulse circulating in the laser 
cavity, in this analogy the ventricles. 


Modelocking is a way of short pulse generation in which an 
optical pulse is repetitively reshaped as it circulates in the 
laser cavity. In the modelocking mode of operation a 
balance exists between mechanisms that tend to shorten 
and to widen the pulses. The aim is to find a configuration 
that delivers optical pulses with repetition rates in the GHz 
range, an active gain section and a passive cavity section. 
This becomes important because our bodies produce their 
own pulse dynamics. 


Why are there nonvisual photoreceptors in the deep brain? 
They may do more than synchronizing internal clocks with 
the environment. The light-based entrainment of 
endogenous circadian clocks is present in various organs. 
Simanonok hypothesizes that photons emitted from cells in 
the brain are guided to the surfaces of the brain's fluid-filled 
ventricular spaces, where they interact with cilia lining those 
ventricles and are guided by the timed beating of the cilia so 
that the photons form interference patterns within the 
ventricular spaces, creating an interface. 


The most ancient type of vertebrate nerve cells 
("protoneurons"), CSF-contacting neurons are sensory-type 
cells sitting in the wall of the brain ventricles that send a 
ciliated dendritic process into the CSF. Various opsins and 
other members of the phototransduction cascade have 
been demonstrated in telencephalic and hypothalamic 
groups of these neurons. In all species examined so far, 
deep brain photoreceptors play a role in the circadian and 
circannual regulation of periodic functions. (Vigh, et al) 


Altogether three phases were supposed to exist in pineal 
entrainment of internal pacemakers: an embryological 

synchronization by light and in viviparous vertebrates by 
maternal effects (1); a light-based, postnatal entrainment 





(2); and in adults, a maintenance of periodicity by daily 
sympathetic rhythm of the hypothalamus. In addition to its 
visual function, the lateral eye retina performs a nonvisual 
task. 


Nonvisual retinal light perception primarily entrains 
genetically determined periodicity, such as EEG rhythms or 
retinomotor movements. It also influences the primary 
pacemaker of the brain. As neither rods nor cones seem to 
represent the nonvisual retinal photoreceptors, the 
presence of additional photoreceptors has been supposed. 
Opsins are good candidates for nonvisual photoreceptor 
molecules, evolving from nonvisual --> semivisual --> visual 
in vertebrates. 


Signal Cascade 


Photoreceptors share structural features with pineal 
photoreceptors and with certain invertebrate extraretinal 
photoreceptors, but they are morphologically and 
biochemically distinct from visual photoreceptors of the 
retina. (Grace et al). Opsins are light-sensitive 
protein/pigments for detecting certain wavelengths. 


Opsins are responsible for the initial cellular reactions 
involving light perception. A series of molecular reactions 
within the cell, called a signal cascade. Each individual 
opsin complex can be thought of as a specific detector. All 
wavelengths of light fall upon the complex, but only a 
narrow range of wavelengths is relayed down the signal 
cascade. 


Tuning the spectrum to a specific peak wavelength, this 
channeling of light by the opsin-chromophore complex is 
called "spectral tuning." The spectrum, consisting of a broad 
range of wavelengths of energy (x-ray, microwave, visible 
light, radio wave), is tuned to one peak wavelength by each 
opsin complex. 


All photoreceptors (modified neurons) contain pigment 
molecules that absorb light. Encephalic photoreceptors may 
have undiscovered roles. Nonvisual photoreceptors of the 
deep brain and pineal organs may collect signals across the 
wall of the brain ventricles that send a ciliated dendritic 
process into the CSF, a specific waveform, even a standing 
wave or holographic interference pattern. 


In nonmammalian vertebrates, photic cues that regulate the 
timing of seasonal reproductive cyclicity are detected by 
nonretinal, nonpineal deep brain photoreceptors. In birds 
there is direct communication between the brain 
photoreceptor and the reproductive axis. 


Gonadotropin releasing hormone (GnRH) neurons and 
processes are scattered among photoreceptor cells. Brain 
photoreceptors communicate directly with GnRH-neurons; 
this represents a means by which photoperiodic information 
reaches the reproductive axis. 


Opsins constitute a large family of proteins, some of which 
have recently been found in mammalian brains; we aren't 
sure of their precise function. Many aspects of brain 
photoreception are understood. Encephalic photoreceptors 
are necessary and sufficient for the detection of changes in 
day length that determine seasonal reproductive readiness. 
The photic link between the brain sensory cells and the 
reproductive axis is achieved and unexpectedly reveal that 
the circadian system is not a necessary intermediary 
between the sensory and reproductive components. 


Pulse Dynamics 





Light created chemically by the pineal, or mechanically by 
the cilia are suggested signal carriers. Vibrational changes 
in the ventricles from resonating piezoelectrical vibrations 
from the heart have been demonstrated (Bentov). 
Vibrational changes in the photoreception complex of the 
ventricles can be generalized. Ordered water is another 
possible information channel, but here we are pursuing 
light. 


Cranial Rhythms: The cranium has three major rhythmic 
pulsations that can be monitored. Cerebral spinal fluid 
moves with the fluctuation of the CRI (craniosacral 
rhythmical impulse). This reciprocation has a two-phase 
cycle, a tide-like phenomenon, flexion and extension. 


1. Cardiovascular, 60 - 72 times per minute, this pulsation 
provides circulation throughout the cranium and the rest of 
the body. 


2. Respiratory, 14 - 19 times per minute this rhythm 
provides oxygen to the vascular system. 


3. CRI (cranial rhythmic impulse or craniosacral rhythmical 
impulse) 6 - 12 times per minute, this flexion/extension 
movement is synchronous with tension changes to the 
membrane, within the dural system. The CRI provides the 
main pumping motion to circulate the CSF (cerebrospinal 
fluid) and maintain the existence of the neurological 
components of the CSF. When this takes place, the 
ventricles of the brain increase in volume and size. 


These signals can be conducted to the gray matter of the 
cortex. CSF is produced in the ventricles. This CSF 
circulates across the entire surface of the central nervous 
system, then into the bloodstream. Phototransduction 
cascade molecules may be another signal pathway of 
photonic communication. Does this intracranially generated 
light support consciousness? 


In the Effulgence of its Brilliance. 


FROM LIGHT TO DELIGHT: 
DMT, THE SPIRIT MOLECULE 


The Biology of the Inner Light 


Illumination has been described as being blinded by the 
manifestation of God’s presence. This brightness has no 
relation to any visible light. Visionary experience, which has 
symbolic or religious content, may give way to this dazzling 
light, which is reported in eastern and western religions. No 
wonder it is called illumination, and it can confer a palpable 
glow to the person that is perceptible after the return to 
ordinary awareness. 


Imagine suggesting the body makes it own psychedelic _ 
drug! This is just what psychiatrist Rick Strassman contends 
in DMT: The Spirit Molecule (2001). He asserts it is an 
active agent in a variety of altered states, including mystical 
experience. This chemical messenger links body and spirit. 
Pineal activation may awaken normally latent synthetic 
pathways. 


Meditation may modulate pineal activity, eliciting a standing 
wave through resonance effects that affects other brain 
centers with both chemical and electromagnetic 
coordination. Resonance can be induced in the pineal using 
electric, magnetic, or sound energy. Such harmonization 
resynchronizes both hemispheres of the brain. This may 





result in a chain of synergetic activity resulting in the 
production and release of hallucinogenic compounds 


Tripping the Light Fantastic 


If this is true, it is easy to see how much this mind-altering 
chemical could amplify all of the tendencies toward mystical 
apprehension originating in other parts of the brain, as we 
have described above. To explore his theory, Strassman 
conducted extensive testing, injecting volunteers with the 
powerful psychedelic, synthetic DMT. DMT is so powerful it 
is physically immobilizing, and produces a flood of 
unexpected and overwhelming visual and emotional 
imagery. Taking it is like an instantaneous LSD peak. 


He suggests the mysterious pineal gland is implicated in the 
natural production of this mystic molecule, as metaphysical 
teachers have long claimed. The pineal has been called the 
spirit gland and may be the biological basis of spiritual 
experience. The only solitary, or unpaired gland in the brain 
may initiate and support a variety of altered states of 
consciousness. 


The pineal is known to contain high levels of the enzymes 
and building-blocks for making DMT, and it may be secreted 
when inhibitory processes cease blocking its production. It 
may even produce other chemicals, such as beta- 
carbolines that magnify and prolong its effects. 


The pineal sits, well-protected in the deep recesses of the 
brain, bathed in cerebrospinal fluid by the ventricles, the 
fluid-filled cavities of the brain that feed it and remove 
waste. It emits its secretions to the strategically surrounding 
emotional, visual and auditory brain centers. It helps 
regulate body temperature and skin coloration. It secretes 
the hormone melatonin. Generally, after the more 
imaginative period of childhood, the pineal calcifies and 
diminishes. 


Highlights 


Endogenous DMT is described as the source of visionary 
Light in transpersonal experiences. Its primary source, the 
pineal, has traditionally been referred to as the Third Eye. 
Curiously, this gland is light sensitive and actually has a 
lens, cornea, and retina. 


DMT production is particularly stimulated, according to 
Strassman in the extraordinary conditions of birth, sexual 
ecstasy, childbirth, extreme physical stress, near-death, 
psychosis, and physical death, as well as meditation. Pineal 
DMT may also play a significant role in dream 
consciousness. 


“All spiritual disciplines describe quite psychedelic accounts 
of the transformative experiences, whose attainment 
motivate their practice. Blinding white light, encounters with 
demonic and angelic entities, ecstatic emotions, 
timelessness, heavenly sounds, feelings of having died and 
being reborn, contacting a powerful and loving presence 
underlying all of reality; these experiences cut across all 
denominations. They also are characteristic of fully 
psychedelic DMT experience. How might meditation evoke 
the pineal DMT experience?” 


“Meditative techniques using sound, sight, or the mind may 
generate particular wave patterns whose fields induce 
resonance in the brain. Millennia of human trial and error 
have determined that certain ‘sacred’ worlds, visual images, 
and mental exercises exert uniquely desired effects. Such 
effects may occur because of the specific fields they 
generate within the brain. These fields cause multiple 
systems to vibrate and pulse at certain frequencies. We can 
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feel or minds and bodies resonate with these spiritual 
exercises. Of course, the pineal gland also is buzzing at 
these same frequencies . . .The pineal begins to ‘vibrate’ at 
frequencies that weaken its multiple barriers to DMT 
formation.” 


The pineal-DMT theory is only a theory, and has not been 
established as fact. There is compelling circumstantial 
evidence for a pineal-DMT link, but it's not been rigorously 
examined yet. Nonetheless, there are other sources of DMT 
in the body that are well established; for example, blood, 
brain, and lung. Also, the human DMT synthesizing enzyme 
has been found, cloned, and injected into a virus. When this 
virus infects cells in the test tube, those cells produce DMT. 
(Strassman; http:/Awww.rickstrassman.com/). 


ENLIGHTENMENT by Todd Murphy 
http://www.innerworlds.50megs.com/enlightenment.htm 
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capacity is within everyone's grasp, as the human potential movement demonstrated with such trance 
phenomena as fire walking and guided imagery. 


We've virtually all had those uncanny or awesome experiences where we seemed to intuit, dream, or 
"know" something in advance of conventional means. Sometimes it is called pre-sentiment. Around 
55% of reported incidents occur in dreams. Another example, is the synchronicity at work in the affairs 
of “star-crossed lovers.” When we are in love, we seem to share the same “wavelength,” virtually able 
to read one another’s minds. Who hasn't thought of a friend or acquaintance only to have the phone 
ring? 


Often the most compelling stories come from those who don't even "believe" in the phenomenon, but 
find themselves experiencing it, usually in the unfortunate circumstance of the illness, injury or death of 
a distant loved-one. Psi is not just a mental perception or conception; we feel it in our guts, in our 
bones, in our marrow. It is first and foremost a holistic mind/body experience. 


According to leading parapsychologist Dr. Stanley Krippner, "At one level of investigation, there already 
are ‘replications’ and ‘battle-tested' results, specifically the finding that about 50% of an unselected 
group will report having had a 'psychic experience,’ supposedly involving those psi phenomena that 
have been given such labels as ‘telepathy’, ‘clairvoyance’, 'precognition’, and 'psychokinesis' [mind over 
matter]. This percentage may vary from one culture, age group, and educational level to the next, but it 
has been repeated, in one study after another, for the last several decades." 


The move in biophysics is to take psi research from endless theorization, proofs of existence and 
boring replications into innovative and practical experimentation. The problem is that in order to do that 
scientifically, one has to risk credibility and professional suicide, as well as being underfunded. 


OPEN SESAME 


Though it often seems confined to mystics, mediums, channels, sensitives, or ESPers, most individuals 
are capable of expressing some nonlocal communication or psi phenomena. However, that ability may 
be blocked for various reasons by an adaptation to consensus reality, to conventional thinking. We 
need to develop “out of the box” thinking. Even Einstein said that past, present, and future are illusions, 
even if they are stubborn ones. Conscious calculation rarely plays a role in ESP; the same is true for 
creativity. 


Both ESP and creativity have deep taproots in the psyche. Pang and Forte (1967) found some 
evidence of a relationship between creativity and ESP, as did others (Honorton, 1967). Frederick Myers 
reported that a large proportion of ESP experiences occur in altered states such as dreams, trance, 
hypnosis and creativity while Masters and Houston (1966) counted it among the varieties of 


psychedelic experience. 


ESP, hypnosis and mind-expanded states have sensitivity to the unconscious at their core. And that 
subconscious expresses itself through symbols, imagery, and sensations to communicate with the 
conscious mind. Hypnosis is the "open sesame" to the waking impressions and sensory images of the 
deeper mind/body. 


The elusive ability to swing back ‘the doors of perception' and enter the numinous realm of the 
collective unconscious was described by psychologist C. G. Jung. Whether deliberate or accidental, 
anyone can open to the force of this revealed process, to this dynamic information field. Those who 
frustrate themselves with self-defeating behavior in other areas of life often show poor psi performance. 


Positive ESP scores seem to correlate generally with traits such as openness, high self-esteem, 
warmth, sociability, adventuresomeness, relaxation, assertiveness, talkativeness and practicality. 
However, some psi-talented individuals often don't score well in laboratory settings. 


On the other hand Russell Targ (1994) claims, "[P]si is no longer elusive; it can be demonstrated when 
needed for study and investigation." Even though psychic training to strengthen the signal line is 
possible, unpredictability has been the hallmark of this emergent gift. To overcome this problem in both 
the theoretical and experimental arenas requires a marriage of the disciplines of physics, biology, 
medicine, psychology, and hypnosis. 

Findings from all these fields converge in the paradoxical subject of Extra-Sensory Perception. As the 
ideas of quantum mechanics, relativity and parapsychology slowly make their way into our collective 
consciousness, our common-sense views on time and causality find themselves more strained than 
they've ever been in the course of human history. 

Will this challenge remain the domain of theoretical science, or can we foresee a day in which the 
general understanding, and even the experience of the average individual, will be shaped by this new 
perspective on reality? (Sidorov, 2003, “The Mind In Time’). 


It takes many disciplines, as well as the latest findings in physiology, neurobiology and information 
theory to begin to formulate any comprehensive understanding of the phenomenon and bridge the 
conceptual gap. ESP used to be studied in Parapsychology, an adjunct of psychology. But its subject 
matter has become so mainstream, the field has been return to ordinary Psychology. ESP “software” is 
studied in psychology, but ESP “hardware” is the domain of biophysics. 


Researchers are probing the interface between matter, spacetime and mind with increasing precision. 
There is optimism that ultimately conventional pathways will be found to explain their appearance. 
Suggestions have included Schumann Resonance as 

a nearly-instantaneous carrier of psi information or perhaps paradoxical quantum nonlocality or 








coherence to account for it. 


There are many models that provide potentially viable explanations. The mental aspects can perhaps 
be described psychologically, but the mechanics require models from physics. A variety of theories 
have been proposed, including neurological, holographic, electromagnetic, and quantum mechanics 
based hypotheses. 


Like electricity, no one knows how psi works. However, to foster and practice psi we don't need to know 
how it works, anymore than we need to know the mechanics of internal combustion to drive a car. 


WHAT IS PSI? 


This month (July 2003) on the editorial board of the Journal of Non-Local and Remote Mental 
Interactions, we have been preparing a special issue on Remote Viewing. 
< http://www.emergentmind.org/jnIrmi_ii(2).htm> 


Stargate RV expert and teacher, Joseph McMoneagle is interviewed, along with such notables as 
author and theoretical physicist, Fred Alan Wolf, and Finnish physicist Matti Pitkanen. Many plausible 
theories and new experimental protocols are being proposed, pushing the leading edge of physics, 
biophysics, and experimental parapsychology. Though it is often suggested, it remains to be seen if psi 
is a field, a quantum effect, or a physical quantity. 


We are examining aspects from coherent fields to strength of intent, arousal states, target specificity, 
subject-target separation, psi-expectancy, anticipatory effects and information flow. Studies of field 
resonance, metabolism, biophotons, entanglement, geomagnetic fluctuations, time-reversed 
experience, energy transfer, physiological detectors, biomind receptors, psychophysical responses, 
bioregulation, enhanced recovery, experimenter effects, EM signatures and transduction pathways may 
yield more information about the process. 


The areas of extrasensory perception or anomalous cognition we discuss here include (1) Telepathy; 
(2) Clairvoyance; and (3) Precognition. These faculties came into the public eye when stories of 
Russian and CIA remote viewers broke in the press. But compelling, anecdotal stories alone do not 
satisfy the scientific method. 


Stories of distance healing, a form of PK or psychokinesis (mind over matter), require another article of 
their own to do them justice. It may be easier to model virtual information transfer than mind over 
matter. "Spooky action at a distance" requires even stronger evidence than sensing at a distance. But is 
"distance" here really a factor or an illusion in a holographic simply-connected universe? The paradox 
of spacetime and relativity presents itself in psi as psycho-retrocognition, or time-reversed PK. 


Though these experiences of knowing at a distance are called "extra-sensory," they often appear "as if" 
received by conventional sensory or mental means, for how else can we "know what we know"? It is a 
holistic psychophysical experience, affecting the whole self, physically, emotionally, mentally and often 
spiritually. The impediments of distance and time seem to dissolve; the barriers of spacetime are 
mysteriously overcome. The information is ‘just there’ in one form or another, whether spontaneous or 
facilitated. 


1). Telepathy is a message, direct mind-to-mind communiction, direct knowing through being, a clear 
intuition or empathic awareness, often demonstrated in the psychotherapeutic setting. Telepathy is a 
transmission from one mind to another. 


2). Clairvoyance appears as information about events at remote locations, manifesting as an image, or 
gestalt psychic impression, rather than a thought; (it is often linked to perception at a distance: so- 
called astral travel, out-of-body experience, or remote viewing). 


3). Precognition is the most uncanny; transcending time, it seems to rend the veils of the future (jamais 
vu) and the past (deja vu) with strong, often unpleasant, premonitions. 


According to Scientific American (Sept. 2002, p. 103), [apparently long after Pribram's theory from the 
70s], "in 1990 Herman Sno, a psychiatrist at Hospirtal de Heel in Zaandam, the Netherlands, suggested 
that memories are stored in a format similar to holograms. Unlike a photograph, each section of a 
hologram contains all the information needed to reproduce the entire picture. But the smaller the 
fragment, the fuzzier the resultant image. According to Sno, deja vu occurs when some small detail in 
one's current situation closely matches a memory fragment, conjuring up a blurry image of that former 
experience." There are competing theories of deja vu, but the holographic concept of reality is a leading 
contender in the biomechanical explanations of psi. 


Psi meaning comes through emotionally intense visual, auditory and kinesthetic experiences. It is a 
human potential we can learn to tap. We can use our intentionality as a probability perturbation 
instrument. We can use mental focus to alternately concentrate and relax our attention. Intent is 
suggested as a variable in transmission and reception in the exchange of extrasensory information, 
possibly within the range of ELF electromagnetic frequencies (Sidorov, 2002). 


Stanford and Lovin (1970) found possible support for a relationship between the generation of alpha 
waves and ESP, as did Monroe (1971). More recent research has implicated the electromagnetic 
signals of Schumann Resonances as carrier of 

seemingly non-local transfer of information (Pitkanin, 2001). Persinger (1989) has suggested that psi 
information signals are actually carried on extremely low electromagnetic frequencies and our temporal 





lobe structures are sensitive to them. 


Whether one believes in spontaneous psi experience, or not, it has a long and colorful history, in the 
mystic and healing arts of the East and West, and in science, even business. The difference is the 
trigger that evokes the experience. Management trainers have taught self-hypnosis as a means of 
fostering intuition, rapport and other practical applications of ESP. 


The role of ESP is inextricably bound up with other creative processes where information or inspiration 
seemingly appear from nowhere. Data acquired through ESP, prescient dreams and other imaginative 
thought processes riddles the stories of scientific discovery and creativity. Psychic detective work and 
investigative reporting has received mixed reviews, since following up on dry leads uses time and vital 
resources. Without controls, these anecdotes are difficult to evaluate. 


In the arts, it has been said that "life imitates art," sometimes to uncanny proportions. Krippner (1972) 
recounts a story of ESP in creativity, whose prophetic detail later took on ominous tones. 


In 1898, Morgan Robertson published a popular novel called Futility. It described the wreck of a giant 
ship called the Titan, considered "unsinkable" by the characters in the novel. Perhaps you recognize 
this oft-told tale as that of the Titanic, but it was not wrecked until April 15, 1912. In the novel, the ship 
displaced 70,000 tons (Titanic 66,000 tons), was 800 feet long (Titanic 828 feet); the Titan carried 3000 
passengers and 24 lifeboats, while Titanic had only 20 lifeboats for the same number of people. Both 
ships sank while encountering an iceberg at the speed of 23-25 knots. The rest, as they say, is history. 


FROM TRANCE TO CREATIVITY 


The question becomes "How can we facilitate the emergence of psi phenomena, either for greater 
awareness or creativity?" Knowing what we know about psi expression, how can we train ourselves to 
encourage its emergence? Hypnosis or self-hypnosis simply helps engage the emotional mind, the 
imaginal mind, the biophysical mind rather than just approaching the task rationally and conceptually. 


Unfortunately, the question of psi-facilitation was asked by covert forces during the Cold War, and much 
of the statistical and practical data on psi comes from those black-ops sources (CIA, KGB, NSA, DIA, 
DOD, U.S. Army and Navy). The Russians wanted to use psi for espionage and the US countered with 
its own team. Much of this government-sponsored work went on at Stanford Research Institute (now 
SRI International), by Puharich, Puthoff, Targ, and Swann. 


Human potential advocates, Jack Schwarz and Robert Monroe separately pursued independent, more 
explorative and mystical approaches. Both taught consciousness management techniques through 
forms of self-hypnosis. Schwarz, practicing as the Aleithea Foundation in Southern Oregon, focused on 
bioregulation with autohypnosis and subtle human energies. 


Monroe's techniques employ neuroregulation with the frequency-following response (which he 
trademarked with the Monroe Institute in Virginia, as Hemi-Synch) to induce trance, entraining both 
hemispheres in alpha and theta (1982). 


Hemi-Synch, also known as binaural beat technology, actively drives the modulation of electrocortical 
activity through resonance effects, changing levels of awareness and arousal, attentional focus, and 
cognitive content. Often combined with biofeedback, it helps shortcut processes that would take years 
of technologically unassisted yogic training. 


Graywolf Swinney (2001), Dr. Stanley Krippner, and lona Miller (1993-2006) have conducted trainings 
in co-consciousness (Erickson, Rossi & Rossi, 1976) and theta training at Asklepia Foundation, also in 
Southern Oregon. A deep state of rapport is used in psychotherapeutic journey processes, employing 
shamanic hypnotherapeutic techniques. Theta is reportedly the psychic range of the mind, generated 
largely in the temporal lobes. Co-consciousness is a shared virtuality, a telepathic rapport wherein both 
participant's brainwaves become synchronized into a single holographic biofield (Miller and Swinney, 
2000). 


Spontaneous psi phenomena have been associated with theta waves by Krippner (1977), the Greens 
(1977), and more recently by Persinger (1987). Consciously producing theta requires quieting the body, 
emotions and thoughts simultaneously, leading to an integrative reverie, a deep focus of attention. 
Theta is often accompanied by hypnagogic or dream-like imagery emanating from the temporal lobes. 


John Curtis Gowan (1975) catalogued the entire spectrum of extraordinary phenomena related to 
trance, art, and creativity. In his taxonomy, he called these distinctive modes or domains of human 
dynamics Prototaxic (Trance), Parataxic (Art), and Syntaxic (Creativity). 


Trance is characterized by loss of ego, art by emotionally charged (often symbolic) imagery, and in 

ity meaning is more or less fully cognized symbolically with ego present. In some ways, these 
modalities could represent the uncanniness of precognition, the imagery of clairvoyance, and the 
knowing of telepathy. 


Trance is often associated with awe, dread, horror, and panic since ego control is weak or absent. 
These numinous effects are moderated in the artistic experience that comes as visualization, 
audialization, emotional inspiration, sensual, symbolic and mythopoetic imagery. 


In terms of precognition, artists are often said to be perceptually “ahead of their time." Art is the 
transition phase in the relationship between the ego and the emergent transcendent function. 





Transcendence is a "quantum leap," a recurrent process, not a steady-state. It is a phase-transition 
moving toward illumination. The syntaxic experience of creativity is even more benign since the mind 
apprehends directly without ego dissociation. Psi experiences become more naturally integrated, 
regular, inspirational and uplifting while less frightening or awesome. 


Gowan's work naturally included both hypnosis and ESP, which he cited as consciously or 
unconsciously operative at these various levels of dissociation, ego-involvement and levels of arousal 
(sympathetic and parasympathetic). Puharich (1961) found telepathic reception facilitated by 
parasympathetic activation, while sending the message was stronger with activation of the sympathetic, 
or adrenergic system. 


For Gowan, the accessibility of certain psychic experiences depended on the mode of functioning. 
Intuitive self-knowledge is intrinsic to a wide variety of higher mental functions. Hypnosis and self- 
hypnosis are clearly linked to the primal trance, but can 

be applied in more integrated modes to enhance psi ability (Krippner, 1968). 


PSI DEEPLY: HYPNOSIS & ESP 


In 1967, the Czech government tried to co-opt the allegedly successful psychical research and training 
program of biochemist Milan Ryzl. After screening many candidates, he found 50 high-scoring subjects, 
and they proceeded to win several rounds of the Czech lottery. 


“Milan Ryzl, a chemist who defected to the United States from Czechoslovakia in 1967, developed a 
hypnotic technique for facilitating ESP. . .Ryzl’s technique involved the intensive use of deep hypnosis 
sessions almost daily for a period of several months. The first stage of the sessions was to instill 
confidence in his subjects that they could visualize clear mental images containing accurate 
extrasensory information. Once this stage was reached, Ryzl concentrated on conducting simple ESP 
tests with immediate feedback so that subjects might learn to associate certain mental states with 
accurate psychic information. Subjects were taught to reject mental images which were fuzzy or 
unclear. This process, according to Ryzl, continued until the subject was able to perceive clairvoyantly 
with accuracy and detail. Finally, Ryzl attempted to wean the subject away from his own tutelage so that 
he or she could function independently. While still in Czechoslovakia, Ryzl claimed to have used this 
technique with some five hundred individuals, fifty of whom supposedly achieved success.” 


“Other studies have shown heightened ESP in states of physical relaxation or in trance and hypnotic 


states. In fact, the use of hypnosis to produce high ESP scores is one of the most replicable procedures 
in psi research.” (Mishlove, 1975). 


WORLD’S FIRST PSYCHIC TOURNAMENT 


In 1973, after hosting Ryzl for weeks in his Seattle home with many late-night discussions on the nature 
of psi, physicist and parapsychologist Richard Alan Miller created a model for anomalous cognition. 
Also drawing on his laboratory experience with biofeedback, he wrote a paper called “ESP Induction 
through Forms of Self Hypnosis.” In 1975, while never claiming to be a psychic, he got to put his theory 
to a rather unique test: the World’s First Psychic Tournament. 


On September 21, 1975, Llewellyn Publications, noted occult publisher, sponsored this event in 
Minneapolis, Minnesota as part of their 5th Annual Gnosticon Festival. The tournament itself was co- 
sponsored by the Foundation for the Study of Man, originally set up to continue the work of Dr. J. B. 
Rhine and his pioneering work in ESP at Duke University. Many famous psychics were invited, 
including such personalities as John Pierrakos and Sibyl Leek. 


One of the authors of this article (RAM) was also invited to test the proposed models for inducing ESP 
ability using forms of self-hypnosis. Since he was relatively unknown for having any abilities in this ESP 
field, it seemed to hold some potential as a valid first study. More than 20 nationally known psychics 
also participated in this event. 


The clairvoyance test consisted of twenty (20) cards randomly pulled from ten (10) poker decks. Each 
participant was to guess the suit of each card. With one chance in four of guessing the correct suit, the 
average score for a run of 20 cards with no ESP ability is 5. Each participant was given five (5) different 
runs. A final score determined the winner, with a total of 25 representing the norm. 


What happened is now history: More than 50 percent of those participating showed normal scores 
ranging from 22 to 27 out of a possible 100, as would be expected in the general population. Most of 
the more well-known psychics showed some seemingly paranormal ability in clairvoyance, as expected, 
with total scores averaging between 8 and 12 correct answers out of 20. One well-known psychic even 
had a score as high as 61 out of a total possible 100. 


Using the technique of ESP induction through forms of self-hypnosis as outlined in his paper, however, 
Miller did not have a run less than 16 out of 20. His total score was 83 out of 100. This was more than 
two orders of magnitude greater probability than scores of nationally recognized psychics. He took 
home a first place certificate as testament to his extraordinary performance. It still hangs on the wall in 
the office. 


THE PSI FACTOR 


Of course, this anecdotal evidence does not constitute scientific proof of this model. What it does 





represent, however, is a need to understand the true significance of self-hypnosis is and how it relates 
to extra-sensory perception. Something definitely made a difference in the experiment. How might this 
be applied to therapy? Or perhaps to such questions as the role of placebo, spontaneous healing 
based in the physically-transforming belief that you can do something beyond your normal scope. 


Miller went on to create an ESP screening questionnaire that helps define the attitudes that facilitate 
psi. It was given to 500 college students and weighing factors were assigned to individual questions. 


The bell-shaped curve developed from the survey indicated that helpful traits included a belief in ESP, 
extroversion, freedom from anxiety, easy or frequent dream recall, hypnotizability, and a relatively 
expressive personality. Memory, creativity, and visualization/association showed inconclusive results. 


However, EEG parameters showed a highly significant positive correlation between directional alpha 
frequency shift and ESP scoring. More recent studies have shown an even greater correlation for theta 
brainwaves and psi faculty. There also seems to be a correlation between high ESP scores and number 
of reported psi experiences. 


In its Stargate Project, SRI developed even more stringent criteria for what constitutes a viable remote 
viewer, based on statistical results. In their program, the level of arousal, according to McMoneagle as 
told to JNLRMI, didn’t seem to matter much. Whereas normal people are recommended to relax or use 
the progression relaxation that facilitates self-hypnosis, professional remote viewers can begin from a 
relaxed state and move to an excited one, or begin excited and become calmer. 


HOW DID HE DO IT? 


So, just how did Miller wind up beating the best psychics in the nation at their own game? And more 
importantly, how can you increase your Psi-Q? Miller developed a set of self-consistent definitions and 
postulates relating self-hypnosis and ESP, both a theory and a practice. 


The standard definitions used for hypnosis often call it a borderline state between sleeping and waking, 
i.e. body asleep, mind awake. Any state characterized by an intense concentration of attention in on 
area, accompanied by a profound lack of attention in other areas, may also be considered hypnosis. It 
opens us to our psychophysical impressions by limiting external input. 


With this type of definition, everyone is considered to be continually in a light state of hypnosis, witness 
“white line fever” while driving, or the plea, “Il was spaced-out.” Musicians call it “being in the groove,” 
others “sharing a wavelength.” Our social roles are also like trance states with their intrinsic patterns. 
When we go in public we wear the ‘armour” of our persona and immerse ourselves in that self-image. 


Charisma is also a form of hypnosis akin to Mesmer’s original “animal magnetism.” Traumas also 
create trance states with automatic behaviors that can persist for years. The “scripts, games, and 
rackets’ of Transactional Analysis can also be seen as trance states, where we habitually replay our 
typical ways of dealing with self, others, and world. So the question becomes not “if” one is hypnotized, 
but what kind of trance and its depth one is in at any given moment. 


The depth of hypnosis, which is an implied issue in this definition, may be defined as the difference 
between the intensity of concentration in one sphere or area and the depth of inhibition in others. 
Attention focused in one area creates a corresponding lacuna, or lack of attention, in other areas of the 
brain. Centering the attention for prolonged periods, often with suggestions for further deepening, leads 
to deeper states of hypnosis. With these definitions, a useful model for relating hypnosis to psi 
phenomena is possible. 


Psi Theory: 


Postulate |: The conscious experience is associated with the nervous processes which take place 
above a certain critical level of awareness/alertness. This function, defined as I(c), varies considerably 
in a state of hypnosis, where attention is focused. 


Postulate II: Psi Energy, arbitrarily defined as E(psi), is an equivalent in the field of extra-sensory 
phenomenon of what, in our three-dimensional world, is called energy. 


Correlate A: E(psi) is not limited by time. 


Correlate B: E(psi) can not be transformed into other energies (i.e. physical energies,; converting heat 
into light). 


Correlate C: E(psi) operates by manipulating the transformation of physical energies. 
Postulate III: Psi Energy, is responsible for extra-sensory perception and psycho-kinetic phenomenon 
(Pk). 


Postulate IV: Psi Energy is the product of some aspect of the metabolic processes. Physical data 
regarding the relationship between metabolic processes and extra-sensory perception can be found in 
Beyond Telepathy, by Andrija Puharich. 


Postulate V: The generation of Psi Energy rapidly decreases the level of alertness. This immediately 
explains why: (1) each conscious act has a limited duration, (2) why we experience a permanent train 
of changing thoughts, and (3) why our attention permanently shifts from one object to the next. 





When you think, Psi Energy is created. The Psi Energy automatically decreases the level of alertness 
so that one shifts to something else. 


Postulate VI: The intensity of conscious experience, I(c), depends on the time rate of the generation of 
psi Energy. Mathematically, this is described as dE(psi)/dt = A(e) x I(c). 


The rate of change of E(psi) as a function of time is equal to some geographical constant, A(e), times 
the intensity of concentration, I(c). More simply stated Psi Energy is equal to a geographical constant 
times the intensity of concentration, I(c), times the amount of time that the thought is held. E(psi) = A(e) 
x I(c) xt 


If we cannot make any particular thought last long enough, it should be sufficient to repeat it again and 
again until the value of the individual brief periods add up to a sufficient value. The equation now 
becomes E(psi) = A(e) c I(c) x [t(1) + t(2) + t(3) 


Postulate VII: The formation of Psi Energy, which is created by a holistic psychophysical act, preserves 
the semantic control of the thought that created it. In essence, your thought is uniquely distinct. If you 
deviate from your thought slightly, it is a different thought-form, including the psychosomatic 
component. There is a tangible shift in the mind/body. 


The Method: 


(1). Formulate the question. 

(2). Hold that thought for as long as possible. 
(3). Assume that the event has occurred. | 
(4). Drop into a “blank mind” state and wait. 


When questioning or desiring thoughts are intense enough, lasting long enough, or repeated frequently 
enough, psi is produced in sufficient intensity and structure to be detectable in the physical world. This 
may occur in hypnotic states, in states of intentionality, elated or traumatic emotions, or when interest, 
motivation, or desire is strongly increased. 


The individual confronts the continuum with desire and prolonged concentration. The question being 
asked must be intense enough to impress itself on the unconscious. Lacking intensity, the signal will not 
be perceived. Intentionality strengthens the signal path. 


Consciousness is then dropped into a “blank” state, an empty state, or “beginner’s mind.” The actual 
visualization is a switch from the concentrated point to the void. When this occurs the information is 
impressed on consciousness, resulting in a psychophysical perceptual event. This event is independent 
of both space and time. 


Ordinarily when people spontaneously fall into trance states, they are generally not in a “blank mind” 
state of expectant emptiness. There is the chatter of subconscious thoughts going on even as the 
process deepens toward sleep. These thoughts are generated and go on automatically at a subliminal 
level, often without awareness. 


Consequently, the information or signal path gets distorted, and weird patterns emerge, much like those 
experienced in dreams. In a waking dream, distorted signals may be perceived as “spirit guides”, 
automatic handwriting, or other autonomous related phenomena of trance states. We have seen earlier 
that Gowan characterized this loss of ego-awareness as the Prototaxic Mode. 


Puharich believes reception is enhanced by “parasympathetic activation” in which there is an increase 
in released acetylcholine. He claims that telepathic sending of information is easier when there is an 
increased amount of adrenaline in the system. These metabolic processes are not “causal” but merely 
correlates of psi. Psi meaning comes through intense visual, auditory, and kinesthetic psychosensory 
experiences. 


This “energized enthusiasm” can be seen in states of emotional involvement and artistic inspiration 
(Parataxic Mode), as well as creativity (Syntaxic Mode). Parataxic experience consists of relationships 
with multisensory images whose meaning remains on the symbolic level. 


Syntaxic experiences occur when the consciously aware ego cooperates willingly with the 
subconscious forces. Here knowing and meaning are clearer and fully cognized with minimal distortion. 
Other higher forms of concentration include biofeedback, meditation, tantra, peak experiences, higher 
Jhana states of yoga, and so on. Concentration is intense, structured and prolonged. 


Discussion: 


ESP is often observed in hypnosis, a state characterized by a single intensive thought. Recurrent cases 
of psycho-kinetic phenomena, such as the haunted-house variety, are often reported to be connected 
with previous trauma or tragic events, associated with intensity of concentration, I(c). 


The frequently reported cases of crisis telepathy, ESP contact between two persons, one of which is 
dying or in grave danger, are necessarily associated with intense thought or concentration, even 
obsession and a highly aroused state. The length of time experienced depends entirely upon the 
circumstances; in some cases there is subjective dilation of time perception. 





The discovery of mental impregnation, known in the literature as psychometry suggests that repeated 
identical thoughts increase the expected psychic effect. Wearing a ring for a long time may “imprint” 
memory of the wearer onto the ring; just slipping a ring on and off and handing it to a psychometrist will 
not generally reveal any memory of the wearer. 


Religious or spiritual traditions assert that repeated prayers may be more effective than single ones. In 
other words, the more you repeat the same prayer, or mantra, or the more you do a single ritual, the 
greater the effect. Along that line of reasoning, “tithing” might be seen as a factor of one’s time or 
attention, rather than money. Some meditation schools, for example, require no money but 10% of your 
daily time (2.5 hours) in meditation. 


The stimulating action of psi formation on the brain may account for memory, more particularly, active 
recollection. The influence of psi formation increases the level of awareness of the neuro-patterns 
corresponding to the thought to be remembered. The synapses are flooded over and over with the 
same chemical messengers and electrical signals. The correlating psychosomatic content is 
consciously re-experienced. 


DREAM TELEPATHY AND BEYOND 


“In 1969, Charles Honorton and Stanley Krippner reviewed the experimental literature of studies 
designed to use hypnosis to induce ESP. Of nineteen experiments reported, only seven failed to 
produce significant results. Many of the studies produced astounding success. In a particularly 
interesting precognition study, conducted by Fahler and Osis with two hypnotized subjects, the task 
also included making confidence calls predicting which guesses would be most accurate. The 
correlation of confidence call hits produced impressive results with a probability of 0.0000002.” 
(Mishlove, 1975). 


Krippner went on to conduct research in Dream Telepathy (1973) with Montague Ullman, following the 
lead of other Maimonides Hospital (Brooklyn, N.Y.) researchers, such as Frederick Myers. These 
experiments in nocturnal ESP are foundational and though never replicated, the results were highly 
suggestive of a strong psi correlation. 


Their ten-year study concluded that dream reports can show the effect of telepathy, clairvoyance, and 
precognition. Their hypothesis was that ESP is more common during dreaming than waking and 
therefore an "agent" could more easily transfer the target thoughts or imagery to a sleeping subject, 
influencing their dreams. 


Such prominent dream researchers as David Foulkes (Belvedere & Foulkes, 1971), Gordon Globus 
(Globus et al., 1968), Calvin Hall (1967), Robert Van de Castle (1971), and Keith Hearne (1987) 
attempted to repeat these findings. Because the replication rate from these other laboratories was 
inconsistent, the Maimonides team did not claim to have conclusively demonstrated that 
communication in dreams can sometimes transcend space and time. However, they did open a 
promising line of investigation. 


Years later, Stanley Krippner and Michael Persinger, a Canadian neuroscientist, reviewed the entire 
body of dream research data from Maimonides Medical Center, selecting the first night that each 
subject in a telepathy experiment had visited the laboratory. They matched the results of these nights 
with geomagnetic data, discovering that the subjects’ telepathy "hits" tended to be higher during calm 
nights than during nights marked by electrical storms and high sunspot activity (Persinger & Krippner, 
1989). 


Persinger (1974) has urged using reported psi phenomena in new and ingenious ways, observing, 
"Across cultures and throughout history people have been reporting psi- experiences. Let us find out 
what they are saying. . .It is by looking at the similarities of the verbal behavior that we may find enough 
consistencies to understand the factors responsible for the reports” (p. 13). 


Persinger (e.g., Schaut & Persinger, 1985) has examined several collections of spontaneous cases, 
including the 35 gathered by Stevenson (1970), reporting that they seem to occur most frequently when 
geomagnetic activity is calmer than the days before or after the experience - - and lower than the 
month's average activity. 


This approach can be applied to any collection of cases (e.g., Persinger & Krippner, 1989) where the 
date of the alleged experience has been recorded. If repeatable, these effects may help to provide an 
understanding of the mechanisms underlying psi phenomena, and may even indicate a potentially 
predictable pattern for such events. (Krippner) 


Geomagnetic field perturbations have been reported to affect biological systems by other investigators 
(e.g., Subrahmanyam, Sanker Narayan, & Srinivasan, 1985). Persinger (1989) has proposed two 
interpretations of the geomagnetic field effect. The first is that psi is a geomagnetic field correlate; solar 
disturbances and consequent geomagnetic storms affect this correlate. The second is that the 
geomagnetic field affects brain receptivity to psi, which remains constant. 


In the latter interpretation, psi is always present in space and time, waiting to be accessed by crisis, 
emotion, or by optimal laboratory stimulus parameters. Geomagnetic activity may affect the detection 
capacity of the brain for this information, especially the neural pathways that facilitate the consolidation 
and conscious access to this information. Without this geomagnetic activity, awareness of the psi 
stimulus might not be as likely and the brain's "latent reserve capacities" would not be utilized. 





Taking this argument one step further, Persinger (1989) points out that deep temporal lobe activity 
exists in equilibrium with the global geomagnetic condition. When there is a sudden decrease in 
geomagnetic activity, there appears to be an enhancement of processes that facilitate psi reception, 
especially telepathy and clairvoyance. 


Increases in geomagnetic activity may suppress pineal melatonin levels and contribute to reductions of 
cortical seizure thresholds. Indeed, melatonin is correlated with temporal lobe-related disorders such as 
depression and seizures. (Krippner) 


CYBER PSI TRAINING 


So what direction can we expect psi research to take in this new millennium? Clearly, the experimenters 
themselves want to follow a self-directed course rather than the mandates of a government-driven 
program. They would like access to private, academic, and government funds, with leading edge 
equipment: high-ticket brain monitoring equipment such as 90-channel EEG, fMRI, SPECT, and ERP. 
They would like to practice without a professional stigma attached to their pioneering work. 


Several theories of psi have been put forth throughout the years. Psychologist Rex Stanford, altered- 
states expert Charles Tart, post-quantum physicist Jack Sarfatti, and psi researcher Charles Honorton, 
as well as physicist Helmut Schmidt have all developed models for ESP and precognition. Each 
embodies certain possible, even plausible factors. Some researchers worked with Eastern swamis and 
yogis to understand the mechanisms and induction techniques or evocation of this psychic power. 


Quantum theory predits that empty space (the vacuum) contains an enormous amount of residual 
background energy known as zero-point energy (ZPE). Physicist David Bohm, biologist Rupert 
Sheldrake (researching psychic pets) with his morphogenetic fields, and Ervin Laszlo propose zero- 
point or vacuum potential mediation for psi. The superdense quantum vacuum may be a physically real 
field, including but not limited to gravitation and electromagnetism. Perhaps it can transmit psi. 


However, they can’t provide any experimental protocols that might test such theories. Is psi a field or a 
quantum effect? Fields link phenomena in time as well as space. But, fields themselves cannot be 
observed; only the influences propagating through them. 


Other theories suggest phase-conjugate pilot waves, scalar waves, virtual states, hyperfield flux, 
holographic hyperchannel effect, complementarity, even uncertainty. Biophysical theories for the 
paranormal bridge include Josephson junctions, microtubules, and liquid crystals as psi transducers. 


Honorton and others long ago found defects in old psi testing techniques and addressed criticisms with 
new methodology. They eliminated variables like subconscious cueing by covering the subjects’eyes 
with split ping-pong balls and playing “white noise” into their ears. 


Researchers hypothesized that this neutral field would function as a less-distracting “blank canvas’ for 
psi hits. So it served a dual purpose of refining experimental procedure and minimizing distracting 
sensory input. These experiments, (known as Ganzfield tests), were replicated by many experimenters 
in many facilities, with encouragingly similar positive results. Other tests were conducted in sensory 
deprivation chambers and electrically-shielded Faraday cages. 


Experimenter bias, the tendency to find what one seeks, is an occupational hazard, though skeptics 
have found positive psi correlations. But careful interpretations of models, artifacts, experimental 
method, instrumentation, randomization, target selection, statistical inference, sensory leakage, 
recording errors, and controls can’t be rigorous enough. 


Proper scientific control for ESP research has been refined over the years, though cheating and frauds 
have plagued the field, and the inexperienced scientist. One solution to this dilemma lately has been to 
experiment with the field-tested government Remote Viewers, who have established track records. 
They have their own reports of their subjective experiences, not the results of their missions but the 
sensations that led to the observation or retrieval of those images. 


Remote Viewer Ingo Swann, called the father of RV, argues for the demystification of psi. Swann’s 
model supercedes the traditional psi paradigm and focuses on the hardware issues discussed in 
neurobiology and information theory. 


Swann argues for systematic and deliberate development of this ability much like athletic training, as 
well as conceptual understanding. He prefers the term Distant Mental Interactions with Living Systems 
(DMILS) to ESP. He wants this capacity tested in the context of physical science as part of man’s 
natural spectrum of senses. He claims applying focus or attention on the perceptual apparatus with 
feedback on results “fine tunes” psi ability. 


His concrete approach and insightful conclusions include his view of our sensory apparatus as a 
“transducer array” to convert information from one form to another. He calls his human “software” 
program a “mental information processing grid.” He simply converts various forms of input energy to 
another form his sensory system can “read.” 


We do much the same when we interpret the electromagnetic signals that come through the air from a 
voice into meaning in our brains. He suggests we can develop the ability for several transducers of 
signals, depending on our exposure to the cognitive processing of these signals. 


Targ claimed to see reasonably sharp and clear pictures. In remote viewing, if the mental picture 





doesn’t form, one is left with a mere “impression,” a less-precise signal. The signal is compared against 
memory to determine if it is meaningful to the task at hand, the target. 


In other words, you can develop this ability through practice and feedback of the accuracy of your 
perceived signals. Pathways that work get reinforced. The process is very similar to psychophysical 
learning with biofeedback, such as alpha and theta training. 


Swann argues for learning to fine tune one’s signal to noise ratio, learning to notice direct sensory data 
as well as imaginal signals, such as feelings, intuition, impressions. Repeated exposure and accurate 
feedback strengthens recognition of subtle and implicit relationships. Can cybernetic machines, such as 
random number generators, computers, and biofeedback devices help us hone psi faculties? 


Swann emphasizes the difference between message and its structure. An experienced viewer can put 
together mental images from subtle cues. In RV, the signal appears as symbols, sounds, feelings, 
tastes, pictures, and holistic impressions. One learns to organize them based, again, on repeated 
feedback. 


Misconceptions, fears, rigid concepts, body movement, excessive gastrointestinal activity, sleepiness, 
language categories, and other psychological “baggage” can be sources of confounding noise. Other 
blocks come from trying too hard, and distracting daydreaming or preoccupying thoughts. Telepathy, 
empathy or rapport, and charisma seem to be related and clearly come into play during therapeutic 
entrainment. 


BIOPHYSICS OF PSI 


Nothing is known about the physical mechanism of ESP, or anomalous cognition. No one knows what 
modulates performance. Even those who can demonstrate psi in the laboratory on demand, cannot 
account for signal nonlocality or distant interaction. The origins of the data are not revealed, only the 
conclusions with their level of resolution or accuracy. This is where the models of information theory 
and biophysics come into play. 


Physicist Lian Sidorov proposes two working models for non-local communication and intent-mediated 
healing: 1). Direct transmission (entrainment) of specialized electromagnetic frequencies, observed 
primarily in proximal healing; and, 2). Distant healing and remote viewing/diagnosis, where the target's 
electromagnetic profile is modulated from a distance via partial entanglement of subject-target. 


He cites the research of Finnish physicst Matti Pitkanen as a model for “directed entanglement” 
between the subject and target, the magnetic sensory canvas hypothesis. Pitkanen conjectures that 
distance healing involves transfer of specific electromagnetic frequencies through quantum wormholes 
for near-instant transfer of information. 


The transmission may trigger certain brain frequencies and psychophysical changes. Thus, 
amplification of the signal leads from quantum to macroscopic effects. Pitkanen suggests the brain is a 
sensory organ of our electromagnetic selves, and may be linked to planetary rhythms through 
Schumann Resonance. 


In his model, the EM fields are not directly carried from sender to target. They are simultaneously 
generated at the two locations by a vacuum (geometrical) current. Therefore, they remain coherent 
while by passing the paradox of non-attenuation with distance. Neural processing and quantum events 
may interpenetrate. 


This still doesn’t really account for origins of the data, but merely the transmission modes. Biophysics 
researchers are attempting to follow the signal back to its source. The research must be interfaced with 
current theories in the natural sciences. Then it can be considered empirical; the paradoxical anomaly 
can then be linked within the known framework of knowledge. Is there really a field, or field-like 
continua, capable of transmitting information beyond the recognized limits of time and space? 


Laszlo (1996) suggests that the natural processes of complexity and chaos could amplify vacuum-level 
fluctuations into significant inputs to behavior, and that the brain, another chaotic system, could receive 
and amplify these signals which can penetrate into consciousness. 


SHAVING WITH OCCAM’S RAZOR 


Occam’s Razor is a principle applied in science that contends problems should be stated in basic 
terms, not making more assumptions than needed to choose the simplest of equivalent models. Many 
hypotheses are proposed, tested, and rejected. Their validity is debated exposing their flaws and 
underlying assumptions. 


Additional relevant hypotheses and unrelated statements are weeded out. Experiments with the 
sensitivity reveal which yield the most accurate predictions. If two rival theories pass empirical tests, the 
simpler one must be preferred. When it comes to conspiracy theories, we apply Hanlon’s Razor: “Never 
attribute to malice that which can be adequately explained by stupidity.” 

But before we can find answers, we have to ask the right questions. Once we ask the right questions, 
we often have all the information needed to solve the problem. Unfortunately, in the case of psi, it may 
be that our understanding of physics is still too incomplete to solve the riddle. 


Lian Sidorov, editor of Journal of Non-Locality and Remote Mental Interactions has posed many incisive 





questions: 

How is information stored and retrieved nonlocally by consciousness? This simple question contains 
the essence of all psi paradoxes, from spontaneous events like precognition and telepathy to carefully 
engineered processes like retro-psychokinesis. 

How can one strengthen the signal line? 


What is the significance of electromagnetic signatures detected at the target in remote conscious 
interactions? 


What is the earliest physiological detector of psi information in the transduction pathway to conscious 
awareness? 


What determines the direction of information flow in nonlocal interactions; for example, between healer 
and patient? 


What are the technical requirements of an experimental program and how do we develop the most 
suitable types of equipment to detect such effects. 


Sidorov (2003) summarizes his discussion with expert remote viewer, Joe McMoneagle: 


“What you are saying seems to be that: 1. everything you will ever know is already contained in your 
universe, although not necessarily accessible to your conscious mind that comes with the effort 
involved in RV, or is revealed spontaneously as in “precognitive” 2. “when” a given target event takes 
place relative to the experimental present is irrelevant, because all the information is already available; 
3. other people’s expectation and feedback should not affect your results, as long you are careful to 
task yourself in a way which does not include those elements. 4. “Making contact” with the target is 
more like flipping to the right page in your book than reaching anything in space and time.” 


Are there preferred pathways for the signals in psi phenomena, windows of psi “sensitivity”? How 
specifically is the target recognized? How does one modulate and target “intent”? How does the signal 
rise above the threshold of awareness? 


Mental intent seems to create cognitive bridges between subject and object, operator and target. We 
can also learn to recognize certain psychophysical patterns in ourselves through feedback. The 
physical and the psychical are inseparable. There appears to be an energetic/informational component, 
perhaps based in EM frequencies and holographic interference patterns. Holographic processes do 
occur in nature, including holographic information storage. The holographic field is a physical reality 
composed of interference waves. 


In Scientific American (Aug. 2003), Bekenstein poses the question “Are you a hologram?” and states 
quantum physics says the entire universe might be. Can a somatic EM hologram possibly amplify as 
little as one quantum of energy into an effective signal? Are there holographic hyperchannels? 
Information in a field is holographic and the propagation of holographic interference patterns is quasi- 
instantaneous. Every part of the field contains the whole informational content, just in lower resolution. 


“Each particle of mass in our bodies represents one closure of the entire universe, yielding a 
holographic reality and deeper communication with ourselves is identical to communication with the 
universe, including any part of it, at any distance. Furthermore, in hyperspace the future and the past 
are all present. Since a particle does indeed exhibit a four-dimensional component for 1/137 of the time, 
each particle does connect to the future and to the past. With selective tuning and kindling any part of 
this holographic reality is accessible. However, because of the smallness of a single selective signal in 
the midst of the totality, the channel is quite noisy. For this reason skilled psychics, persons who have 
been found to have a greater fidelity for selective tuning can be expected to produce better results than 
the normal person.” (Bearden, 1988). 


Entanglement seems to occur somehow between all participants of a given intentional set-up. We have 
no idea how the non-local factor of target specificity is accomplished, other than intent and training. Do 
subject and target share a unified holographic field? Are standing waves picked up and carried by the 
Schumann Resonance, or transmitted by scalar waves or a gradient in the vacuum potential? Are the 
brains entrained on a resonant frequency? Does DNA function as a multi-mode antenna regulating 
growth, evolution, and perhaps psi? 


Are specific interference patterns in the brain decoded and amplified? Ambient ELF fields and human 
bioreceptors, such as liquid crystals and piezoelectric crystal calcifications, have been suggested. 


How we can increase our sensitivity is yet another question. The signal is perceived against a transient 
background of chaotic noise, and amplified by the body’s physiological pathways. Desire, intense 
concentration, and spiritual focus have been suggested. The trance state has been proposed as 
restricting the amount of input while allowing access to subtle perceptions. 


Mind is a dynamic function of the entire organism at all levels of self-organization. Constantly fluctuating 
local parameters are embodied and amplified through the body's electromagnetic control hologram. 
Mind/body modulates our sensitivity to external and internal information. Researchers measure a 
brainwave known as Contingent Negative Variation (CNV) to measure anticipation, anticipatory 
strategies, or readiness to respond; this stimulus can be informative or uninformative, carry content or 
just be an alert. 





Remote viewing requires super-sensitivity and super-efficient states. It is not the result of cognitive 
training, but a gradual remolding of the entire psychophysical structure and metabolic pathways. Thus, 
the mind/body becomes a highly coherent, information-transparent transducer. 


Vast information resources are hidden in unexplored manifolds of the mind/body continuum. In psi 
research, the study of nature and our nature, our potential becomes entwined. As Einstein (1934, The 
World As | See It) said, “We are seeking for the simplest possible scheme of thought that will bind 
together the observed facts.” 
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DISTANCE HEALING TODAY 
Quantum Resonance and Biofeedback 


By lona Miller, 6/2005 


Science proceeds by way of ‘discovery,’ as well as simple accumulation or even ‘invention.’ This is the 
basis of scientific revolutions, and paradigm shifts - "the tradition-shattering complements to the 
tradition-bound activity of normal science," (Kuhn, 1962). A paradigm is a disciplinary matrix. 
Paradigms are essentially worldviews -- expressing our beliefs about the way things work, including 
tacit assumptions. 


Chaos Theory and Complexity have disclosed the self-organizing inner workings of non-linear 
dynamics in nature and human nature. Systems (and subsystems) are always connected in various 
ways to various degrees; energy and information is constantly exchanged. In complex phase 
interactions and dynamical energy systems, resonance is the key dynamic which couples them, 
increasing dimensional complexity and leading to emergence of new properties. 


Interactive resonance occurs both within and between material systems, through recurrent feedback 
encoding a complex interactive history. Circulating recurrent feedback interactions (cyclic information) 
are the fundamental bases of holism. The more rapid the feedback, the more stable the holistic system. 
This circulation of energy and information allows them to interact as a whole. 


HYPOTHESIS: Emergent healing depends on the nonlocal principles of nature's own self-organization, 
as well as on direct causal influences on the mindbody of the organism. It is proposed that the 
interactive field -- therapeutic entrainment -- present in the healing situation can be amplified 
intentionally to mobilize the psychophysical healing process. 


INTRODUCTION 
All those who believe in the power of mind over matter, please raise my hand! 


Clearly, the whole story of human technology is the the story of the ascendency of mind over matter. 
Whether that is a triumph or a tragedy for humankind remains to be seen. 


Conventional medicine takes an allopathic approach to healing, but Complementary Medicine works 
holistically in conjunction with it through compassionate intentionality. Historically, so-called spiritual 
healing or faith healing has been person-to-person, whether local or nonlocal. It works on the premise 
of evoking the healing potential through a commonly shared field-effect, electromagnetic physiological 
reactivity. 


Today’s technology has allowed distance healers to experiment with technological aids to their healing 
practices. There are still many mysteries of the interactive field which remain to be explored. 


With a phenomenological eye toward field dynamics, this exploration demonstrates an additional 
theoretical framework within the interactive field applicable to paradoxical healing. It opens creative and 
healing possibilities and allows for the active, intentional liberation of the psychophysical imaginal 
realm. The genesis of the interactive field is rooted also in shamanic realms as a backdrop from which 
to see field theory. 


Shamanic expressions, ancient healing forces, of the unified field include mana, chi, prana, qi, 
kundalini, bioenergetics, psi faculty, universal energy, orgone, wakonda, etc. Field theory is also 
explored in the world of quantum physics where the universal field is examined from paradigms situated 
in varied consciousness models. 


The somatic unconscious, an intrinsic part of the interactive field in mutual engagement with two or 
more persons, is also woven into this fabric. In this study it is an intersection between the universal field 
and the psychodynamic field -- embodying co-consciousness in healing. (Miller, 2003) 


Just as traditional medicine identifies itself with the past through the Hippocratic Oath, this new 
orientation also draws on the ancient Greek and Egyptian healing cults and our collective taproot back 
into 50,000 years of shamanic healing culture. Like traditional physicians seek to identify themselves 
with the Hippocratic ideal, we can embody this paradigm, this philosophy, by embracing a worldview 
which is seemingly new, but older than history -- medical intuition and holistic spirituality. It doesn't 
negate or even supercede the Hippocratic orientation; in ancient Greece both the complementary 
methods of healing mind, body and spirit were part of the cult of Asklepios. 





When conventional means failed, supplicants went to the dream temples to heal their psyches -- their 
souls -- they entered the Mysteries. These healing dreams somehow mobilized the nonrational 
elements of being and healing somehow emerged. But their notion of soul was not disembodied; it 
meant the whole psychophysical organism. Ancient Vedic healers based their treatment in the 
philosophy that the common essence of humankind and cosmos was consciousness. Altering that 
primal essence, consciousness, could change one's state of health. It isn't really a case of activating 
mind over matter, but mobilizing what undergirds both mind and matter. 


What, essentially, is this consciousness of which we speak? Can it be more than our subjective 
awareness, our existential experience -- the result of perceptual input and self-referential internal 
processing? Is it the very basis of materiality, a neutral essence more fundamental than energy or 
matter, more than microstates of the functioning of human wetware? 


But, does psi or ESP even exist, or is it merely an optical illusion of the mind? There are volumes of 
research (Krippner, Motoyama, Honorton, Tart, Swann, Schwartz, Putoff and Targ, Radin, Utts and 
Nobel-winner Josephson) to suggest that it does, though skeptics staunchly maintain it does not. 
Because the issue is emotional and seemingly unresolved does not mean we should stop asking, 
looking for a deeper relationship of psyche and matter. 


In fact, the mandate was laid down several decades ago by physicist Wolfgang Pauli when he worked 
with psychologist C.G. Jung: "We should now proceed to find a neutral, or unitarian, language in which 
every concept we use is applicable as well to the unconscious as to matter, in order to overcome this 
wrong view that the unconscious psyche and matter are two things." 


However, as Carl Sagan also said, " Extraordinary claims require extraordinary evidence." Therefore, 
we will approach the notion from a variety of perspectives, from the "soft" science of psychology, and 
the "hard" science of physics, as well as the median position of alternative medicine -- transpersonal 
and energy medicine, with their holistic perspective. In this way we hope to create a circumspect view 
about and investigate the possibility of the role of co-consciousness in healing. 


Preliminary research done by Dr. Hiroshi Motoyama in Japan has shown that a person emits very small 
amounts of visible light. The amount is so small that a photon counter is needed. Dr. Motoyama found 
that photon emission is higher at certain acupuncture points compared to a region of skin with no 
acupuncture point. According to unpublished research done by him in Japan, there is some indication 
that emission at certain acupuncture points is increased for persons with psychic abilities. The modern 
healer is moving away from epic, heroic models of power toward imaginative fantasy. Awareness is 
growing that image-consciousness heals (Miller and Miller, 1994). 


The healing dyad is best characterized by its emphasis on intent. Both parties have the intention of 
engaging in a healing dynamic experience. This is the foundation or underlying raison d' etre of the 
therapeutic encounter. This intention can deepen into a linking or "hook up" of the individuals into a 
unified field, a shared resonant interactive field. This field seems to facilitate or mobilize the healing 
dynamic. 


The facilitation of attentional resonance opens the participants to the simultaneous presence of both 
classical and acausal field phenomena. They are mutually connected through the unified field. The 
more mutual the process, the more the interactive field manifests. In this interactive field, we are 
embedded in an imaginally perceived whole situation -- an encompassing, infusing, and mutually 
interactive field, with conscious attention to the relationship. 


HISTORY OF REMOTE HEALING 


The genesis of the interactive field is rooted in shamanic realms as a backdrop from which to see field 
theory. Shamanic expressions, ancient healing forces, of the unified field include mana, chi, prana, qi, 
kundalini, bioenergetics, psi faculty, Odic force, universal energy, orgone, wakonda, etc. Field theory is 
also explored in the world of quantum physics where the universal field is examined from paradigms 
situated in varied consciousness models. 


The shaman is the archetype of the wounded-healer and is perceived as having social or personal 
power for vision and healing. Healers learn not to exploit or identify egotistically with this process of 
mobilizing the unconscious. Rather, they let it operate through them as guides or mentors, so the other 
can discover that the healing resources are within and find empowerment -- the dramatic healing 
breakthrough, (Swinney and Miller, 1993). 


The history of modern remote healing is lost in antiquity, in 50,000 or more years of shamanic practice, 
but modern investigation began in earnest in the 1950s and 1960s. One of the pioneers of this era, and 
perhaps the Godfather of Distance Healing is Dr. Hiroshi Motoyama of Japan. 


Motoyama conducted near- and distance-healing experiments in both screened (Faraday cages) and 
unscreen situations to test the potency of intentionality, and the ability to one human being to influence 
the physiology of another without direct contact. : 


Motoyama also worked with and incorporated the theories of Itzhak Bentov into his protocols. Bentov 
summarized his early findings in his work STALKING THE WILD PENDULUM (Bantam, 1977), a 
popular book which educated the public about resonance phenomena. 
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Psi Research 


Medicine is mostly concerned with mass, the material aspect. Matter is a kind of accumulation of 
energy in a fixed order. Chaos is energy but random, not in order. But when the energy is fixed, in 
order, in a certain frequency, etc, it becomes quantum, and this quantum is the origin of mass. So this 
quantum forms an electron or a proton or nucleus and thence an atom. The atoms combine and they 
make molecules and the molecules combine to make DNA and protein and then us: matter-with- 
consciousness (Motoyama). 


The very first Motoyama-Bentov Fellow was Dr. Marshall Gilula, a Neuropsychiatrist with a specialty in 
EEG. Over the years, Dr. Gilula has employed both soft and hard technologies in his healing practice. 
He was a pioneer in CES, which is now known as Transcranial Electrical Stimulation, which is an active 
method of driving brainwaves into coherence and synchrony, now widely accepted in the conventional 
medical world. AlphaStim, etcA fA¢A¢a€sA7A A!..See http://heartsstringsbook.50megs.com 


SUBTLE ENERGIES 


Numerous controlled studies suggest that conscious intent can initiate helpful changes in a variety of 
organisms, including human beings, at great distances. These events appear to be genuinely nonlocal 
in nature. They do not yield to explanations based in classical concepts of energy, space, time, and 
causation. Classical models of distant healing, including the concept of "energy," must be reexamined. 
A new theoretical perspective, anchored in the nonlocal nature of human consciousness, may be 
necessary if we are to progress in our understanding of nonlocal healing events. (Dossy, 1994) 


The International Society for the Study of Subtle Energies and Energy Medicine was founded in 1989 in 
Colorado. ISSSEEM was founded to explore the application of subtle energies to the experience of 
consciousness, healing, and human potential and is designed as a bridging organization for scientists, 
clinicians, therapists, healers, and laypeople. ISSSEEM encourages experimental exploration of the 
phenomena long associated with the practice of energy healing. 


To study systems and energies that interact with the human psyche and physiology, either enhancing or 
perturbing health. 


To interconnect persons who work with or conduct research about subtle energies. 


To encourage an exchange of information through conferences, seminars, and workshops. 

They describe the field of inquiry as: 

Energy Medicine includes all energetic and informational interactions resulting from self-regulation or 
brought about through other energy linkages to mind and body. In addition to various therapeutic 
energies which we may use, there are also energy pulses from the environment which influence 
humans and animals in a variety of ways. For instance, low-level changes in magnetic, electric, 
electromagnetic, acoustic, and gravitational fields often have profound effects on both biology and 
psychology. In addition to energies originating in the environment, it has been documented that humans 
are capable of generating and controlling subtle, not-yet-measurable energies that seem to influence 
both physiological and physical mechanisms. 


Subtle Energies, compared with "energy medicine," is a concept more difficult to define within the 
current scientific paradigm. Ancient and modern wisdom traditions describe human bioenergies referred 
to by many names (e.g., chi, ki, prana, etheric energy, fohat, orgone, odic force, mana, homeopathic 
resonance) that is believed to move throughout the so-called "etheric" (or subtle) energy body and thus 
is difficult to measure using conventional instrumentation. 


In addition, many of the complementary and alternative therapies that are becoming increasingly 
popular appear to involve the flow of these subtle energies through the dense physical body. In 
addition, it is traditionally accepted that expansions of consciousness often are related to changes in 
subtle energies that cannot be quantified. These latter "energies", which are said to be associated with 
interactions and with transcendence, may not, in fact, actually be involved with known physical fields. 


INFINITE REVERBERATION 
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QUANTUM BIOHOLOGRAPHY 


A Review of the Field from 1973 - 2002 


Richard Alan Miller, Iona Miller, and Burt Webb, 42002 
drram@magick.net; iona_m@yahoo.com, phoenix@eskimo.com 
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ABSTRACT: Complex information can be encoded in EM fields, as we all know from coding and 
decoding of television and radio signals. Even more complex information can be encoded in holographic 
images. DNA acts as a holographic projector of acoustic and EM information which contains the 
informational quintessence of the biohologram. Only 3% of human DNA encodes the physical body. The 
remaining 97% of the 3 billion base pair genome contains over a million genetic structures called 
transposons, that have the capacity to jump from one chromosomal location to another (Kelleher, 1999). We 
are 99.9% alike in our genetic legacy. Our individuality is expressed in three million small variations in our 
cells, called single nucleotide polymorphisms. 


Gene-expression is the mechanism by which new patterns are called into being (Rossi, 2000). There is also 
a strong correlation between modulation of the brain€s EM field and consciousness (Persinger, 1987; 
McFadden, 2002). The Gariaev group has discovered a wave-based genome and DNA phantom effect 
which strongly supports the holographic concept of reality (Miller, Webb, Dickson, 1975). This main 
information channel of DNA is the same for both photons and radio waves. Superposed coherent waves of 
different types in the cells interact to form diffraction patterns, firstly in the acoustic domain, secondly in 
the electromagnetic domain -- a quantum hologram -- a translation process between acoustical and optical 
holograms. 


http://www.emergentmind.org/MillerWebbl3a.htm 1/23 
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Creative, novel and enriching psychotherapeutic experiences can lead to neurogenesis, gene expression, and 
healing which facilitate mindbody communication and can have a long-term transformative effect on the 
whole person (Rossi, 2002). Thus, bioholography has relevant applications for optimizing health, well- 
being and even self-realization. It is relevant in biophysics, medicine, psychobiology, psychotherapy and 
the holistic healing arts. It provides us with a more genetically integrated model of the complex dynamics 
of the mindbody -- one arising in the domain underlying the standard genetic code triplet model. 


Keywords: DNA, DNA phantom, wave biocomputer, genome, wave-based genome, quantum holography, 
bioholography, organismic evolution, vacuum substructure, biophysics, psychobiology, gene expression, 
psychotherapeutic applications. 


INTRODUCTION 


Hypothesis: The organization of any biological system is established by a complex electrodynamic field 
which is, in part, determined by its atomic physiochemical components. This field, in turn, determines the 
behavior and orientation of these components. This dynamic is mediated through wave-based genomes 
wherein DNA functions as the holographic projector of the psychophysical system - a quantum 
biohologram. 


A model of the mind-body relationship is developed in which novel biophysical principles in genome 
function generate a dynamic possessing attributes consistent with both our psychophysical nature and 
consciousness. The model invokes a fractal link between neurodynamical chaos and quantum uncertainty. 
Transactional wave collapse allows this link to be utilized predictably by the excitable cell, in a way which 
bypasses and complements formal computation. The formal unpredictability of the model allows mind to 
interact upon the brain, the predictability of consciousness in survival strategies being selected as a trait by 
organismic evolution (King, 2001). This quantum evolution is orchestrated by the information transduction 
of DNA. 


The Gariaev group (1994) has proposed a theory of the Wave-based Genome where the DNA-wave 
functions as a Biocomputer. They suggest (1) that there are genetic "texts", similar to natural context- 
dependent texts in human language; (2) that the chromosome apparatus acts simultaneously both as a source 
and receiver of these genetic texts, respectively decoding and encoding them; (3) that the chromosome 
continuum acts like a dynamical holographic grating, which displays or transduces weak laser light and 
solitonic electro-acoustic fields. 


The distribution of the character frequency in genetic texts is fractal, so the nucleotides of DNA molecules 
are able to form holographic pre-images of biostructures. This process of "reading and writing" the very 
matter of our being manifests from the genome's associative holographic memory in conjunction with its 
quantum nonlocality. Rapid transmission of genetic information and gene-expression unite the organism as 
holistic entity embedded in the larger Whole. The system works as a biocomputer -- a wave biocomputer. 


The quantum nonlocality of the genetic information is fundamental. Experimental work of the Gariaev 
group shows how quantum nonlocality is directly related to laser radiation from chromosomes (coherent 
light), which jitterbugs its polarization plane to radiate or occlude photons. DNA and the genome have now 
been identified as active "laser-like" environments. Roughly speaking, DNA can be considered as a liquid 
crystal gel-like state that acts on the incoming light in the manner of a solitonic lattice. 


A soliton is an ultra stable wave train that arises in the context of non-linear wave oscillation. The DNA 
reading process can be modeled as a complex mechanical oscillator capable of producing solitonic wave 
transmissions. DNA, modeled as a kind of rotary pendulum can be simulated as a chain of non-linear 
oscillators. Complex dynamic patterns arise when taking into account the non-linear covalent connections 
between nucleotides. 
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The same researchers suspect the ability of chromosomes to transform their own genetic-sign laser 
radiations into broadband genetic-sign radio waves. The polarizations of chromosome laser photons are 
connected nonlocally and coherently to polarizations of radio waves. (Thus, we seem to have an explicit 
physical analogue for the traditional mystical apprehension of "inner light" and the "audible life stream"). 
This is the main information channel of DNA, the same for both photons and radio waves. Superposed 
coherent waves of different types in the cells interact to form diffraction patterns, firstly in the acoustic 
domain, secondly in the electromagnetic domain -- a quantum hologram -- a translation process between 
acoustical and optical holograms. 


I. QUANTUM BIOHOLOGRAPHY 


In Languages of the Brain (1971), Pribram postulated a neural hologram made by the interaction of waves 
in the cortex, which in turn is based on a hologram of much shorter wavelengths formed by the wave 
interactions on the sub-atomic level. Thus, we have a hologram within a hologram, and the interrelatedness 
of the two somehow gives rise to our sensory images. Bohm (1980), in Wholeness and the Implicate Order 
went further, declaring the brain is a hologram interpreting a holographic universe. In a holographic model 
this inseparable interconnectedness begins at the even more fundamental level of human existence, rooted 
in our existential blueprint, DNA. The brain is a hologram, enfolded within our holographic mind-body, 
enfolded within a holographic universe. 


Recent discoveries by Russian scientists Peter Gariaev & al. and later speculations by Vladimir Poponin 
shed tremendous light on our proposal that the human being is a transducer of universal energy and 
consciousness -- essentially a biocomputer. The new feature of this research is the ability to physically 
demonstrate subtle fields emerging from the quantum foam or vacuum potential. This makes the effect 
quantifiable and measurable -- objective. 


This takes the phenomenon and subjectivity of consciousness out of the realm of quantum metaphysics and 
plants it firmly under the rubric of hard science. It heralds the unification of quantum mechanical and 
chaotic dynamics in human consciousness. We can now model the human bio-computer. 


Poponin (1995) boldly suggests that this deeper understanding of the mechanisms underlying subtle energy 
phenomena include many of the observed alternative healing phenomena and includes a physical theory of 
consciousness. This hypothesis is based on a precise quantitative background and combines both quantum 
mechanics and complexity or chaos dynamics in a startling and compelling new way. It posits that some 
new field structure is being excited from the physical vacuum by an intrinsic ability that emerges through 
DNA. 


Gariaev discovered the DNA Phantom Effect in 1985, when he worked in correlation spectroscopy of 
DNA, ribosomes and collagen in the Institute of Physics, in the Academy of Science of the USSR. He was 
first able to publish his results in 1991, leading to a book in 1994, Wave Based Genome. His DNA Phantom 
Effect demonstrates a dynamic new field in the vacuum substructure by bombarding it with coherent laser 
light and coupling it to conventional electromagnetic fields. The experimental protocols for this procedure 
are rigorous, and have been reproduced in Moscow and at Stanford. 


R. A. Miller, I. Miller, and B. Webb (2001) are now consulting on the project to suggest the next research 
directions and applications. Miller and Webb have a long-standing background in this field. Long before 
David Bohm published his Wholeness and the Implicate Order (1980), Miller and Webb published "A 
Holographic Concept of Reality" in the journal Psychoenergetic Systems, ed. Stanley Krippner, Vol. 1, 
1975. 55-62. Gordon & Breach Science Publishers Ltd., Great Britain. "Holographic Concept" was later 
reprinted in the book Psychoenergetic Systems, S. Krippner, editor. 1979. 231-237. Gordon & Breach, New 
York, London, Paris. It was reprinted again in the journal Psychedelic Monographs and Essays, Vol. 5, 
1992. 93-111. Boynton Beach, FL, Tom Lyttle, Editor. 
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This foundational paper was followed shortly by "Embryonic Holography: An Application of the 
Holographic Concept of Reality", also in 1973. Presented at the Omniversal Symposium, California State 
College at Sonoma, Saturday, September 29, 1973. Reprinted in Lyttle's journal Psychedelic Monographs 
and Essays, Vol. 6, 1993. 137-156. Miller followed this project with a proposal prepared for the government 
through Mankind Research Unlimited, described in a formerly unpublished, proprietary paper called 
"Bioluminescence, Kirlian Photography and Medical Diagnostics" (1974), which is only now seeing the 
light of day. It was an application of his paper on "The Physical Mechanisms of Kirlian Photography." 


In 1993, Iona Miller published "The Holographic Paradigm and the Consciousness Restructuring Process," 
another application to psychotherapeutic mindbody healing. Subsequently she has published extensively on 
the role of complex dynamics in relationship to consciousness and process-oriented psychotherapy, through 
Asklepia Foundation. A deep interest in the nature of Synergetics (Fuller, 1975), zero-point field, the 
vacuum potential, and quantum foam has led her to develop innovative applications of chaos theory in 
consciousness studies. She has dovetailed many of those discoveries with the reports of mystics of their 
intuitive inner-plane experiences of Light and Sound (Shabd) throughout history (Singh, 1979; Blavatsky, 
1987; Puri, 1964; Miller and Miller, 1983). Could it be that these mystics somehow perceive holographic 
processes when they look inside themselves? 


Endogenous DMT (N,N-dimethyltryptamine) is described as the source of visionary light in transpersonal 
experiences. Its primary source, the pineal, has traditionally been referred to as the Third Eye. DMT 
production is particularly stimulated, according to Strassman (2001), in the extraordinary conditions of 
birth, sexual ecstasy, childbirth, extreme physical stress, near-death, and death, as well as meditation. 
Pineal DMT also plays a significant role in dream consciousness. How might meditation evoke the pineal 
DMT experience? 


"Meditative techniques using sound, sight, or the mind may generate particular wave patterns whose fields 
induce resonance in the brain. Millennia of human trial and error have determined that certain "sacred" 
words, visual images, and mental exercises exert uniquely desired effects. Such effects may occur because 
of the specific fields they generate within the brain. These fields cause multiple systems to vibrate and 
pulse at certain frequencies. We can feel our minds and bodies resonate with these spiritual exercises. Of 
course, the pineal gland also is buzzing at these same frequencies. The pineal begins to "vibrate" at 
frequencies that weaken its multiple barriers to DMT formation: the pineal cellular shield, enzyme levels, 
and quantities of anti-DMT. The end result is a psychedelic surge of the pineal spirit molecule, resulting in 
the subjective states of mystical consciousness." (Strassman, 2001). But these philosophical aspects are 
best addressed further elsewhere. 


Here, in this presentation, the joint work of decades by Miller, Miller and Webb comes to fruition and 
perhaps finds a physical proof. 


The organization of any biological system is established by a complex electrodynamic field. This em field 
is, in part, determined by its atomic physicochemical components and, in turn, determines the behavior and 
orientation of these components. The holographic model of reality emerging from this principle provides a 
scientific explanation of psychoenergetic phenomena, (Miller, Webb, Dickson, 1973). 


In 1973, Miller and Webb suggested bioholograms as the projectors of our material reality: in the nuclei of 
each cell in the human body, the DNA (deoxyribonucleic acid) carries the structure of our whole body. Not 
just our physical form, but also the processes that that form undergoes in terms of survival. If all of these 
things are in truth locked in the DNA, how does that turn into a functioning being? 


The DNA could possibly be the holographic projectors. The DNA could be projecting a field that would be 
experienced by other DNA in the body. The DNA molecules, in a sense, could be linked together. The DNA 
molecules are also linked to their own cell, which they are controlling via mechanisms of RNA transfer and 
enzymatic action in the cell. We believe that it is likely that the DNA and the RNA are in non-local 
communication. It is known from the EPR phenomenon that entangled photons retain a mutual 
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informational bond even at a distance, through polarization, and allow a kind of quantum teleportation, 
which has finally been experimentally verified. 


DNA molecules, included in chromosomes, possess a substance--wave duality which is similar 
to the dualism of elementary particles. In accordance with it, DNA codes an organism in two 
ways, both with the assistance of DNA matter and by DNA sign wave functions, including 
coding at its own laser radiation level - [28]. 


The genetic apparatus can be non-local at the molecular level (holographic memory of a 
chromosome continuum) and at the same time quantum mechanically non-local in compliance 
with the Einstein-Podolsky-Rosen effect [4]. The latter means that the genome genetic and 
other regulatory wave information is recorded at the polarization level of its photons and is 
non-locally (everywhere and in no time) transferred (plays out) throughout the entire space of a 
biosystem by the polarization code parameter. This helps to set a quick-response information 
contact among the billions of cells constituting an organism. 


The genome on the whole and the individual nucleus of cells can generate and recognize text- 
associative regulatory structures with the application of a background principle, holography 
and quantum non-locality. (Gariaev, et al, 2000). 


We believe that the DNA is the projector of the biohologram, both at the cellular level and at the whole- 
organismic level. This means that the DNA creates a situation of a complex pattern of three-dimensional 
electromagnetic standing and moving wave fronts in the space that the organism occupies. 


Other researchers soon obtained similar results, and not only based on photons. Multi- 


frequency physical fields are now teleported. Based on this data, it@s possible to suppose that 
photon fields, emitted by chromosomes as sign fields, can be teleported within or even outside 


the organism@s space. The same is true for wave photon fronts, which were read from the 
chromosome continuum similar to reading from a multiplex hologram. If photons are 
transformed into radio waves (the situation we found - ref. to [8, 33,37]) through the EPR- 
mechanism, then this phenomenon is vital. In fact, the importance of quantum non-locality 
existence for a genome is hard to overestimate. (Gariaev, et al, 2001). 


We think that these wave fronts interact with, interpenetrate with, and interdetermine the physical substance 
that makes up the physical creature. According to the holographic model of reality, all the objects we can 
observe are three-dimensional images formed of standing and moving waves by electromagnetic and 
nuclear processes. All the objects of our world are three-dimensional images formed electromagnetically, 
i.e. holograms. Just like a hologram encodes a 3-D image, the biohologram encodes and projects the 
blueprint of the human being, as well as other biological systems. 


We also believe that the nervous system constitutes a coordination mechanism that integrates DNA 
projections of the rest of the cells in the system, that it is first and foremost a coordination mechanism 
which aligns these cellular holograms. 


Imagine the information pleroma, beyond energy and matter, as the source of all infinitely coherent light, 


@shining@ itself into its own entropic womb where our temporo-spatial universe is given its life-potential 
as a single laser beam. 


The DNA in a particular cell is not totally active. It has been determined that there may be as little as 1% of 
the DNA present in the nucleus of the cell acting as the determinant for the structure of that cell. The 
nervous system, interestingly enough, has the highest percentage of operating DNA of any cell system in 
the body, of up to at least 10% of the DNA in the brain cells. The neuron nuclei are most active. 


We suggest that the nervous system projects a global biohologram which interacts with the cellular 
bioholograms. If the membrane structure of the neuron nuclei is examined closely, it will be seen that the 
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different cavity systems that enter the outer membrane also enter the inner membranes, therefore 
topologically, these are one and the same. Hence the nucleus is lacking a membrane, or the neurons are 
lacking a membrane in the sense that two of their membranes are topologically one. 


We suggest that the neurons are not actually brain cells as such. We believe that the brain is the cell, and the 
neurons are like a distributed nucleus for that cell. That makes the glial cells organelles in the giant brain- 
cell. But they are also cells in their own right, much more so than neurons are. We believe the glial cells are 
infinitely involved with the biohologram, in its projections, and its coordination. 


To go further, the biohologram, projected by the brain, creates standing and moving electromagnetic wave 
patterns at different frequencies of the spectrum in order to effect different biochemical transformations. 
There may be specific electrostatic fields, or there may be electrodynamic fields varying at various 
frequencies, from low (radio waves) all the way up the spectrum into visible light and beyond. 


Another process of holography is called "acoustical holography". Acoustical holography employs sound 
waves to create a movement on a surface that is used as the basis for creation of an optical hologram. So we 
essentially convert between a pattern of sound waves reflected off an object in space into a pattern of light 
waves that can reconstruct the shape of that object. We have a transformation between two levels of 
vibration, two media as it were, preserving a pattern in space. (Miller and Webb, 1973). 


We suggest that this happens to a much greater degree in the DNA control of our bodies. The liver, for 
example, contains special function cells. The special function of the liver cells is created by the influence of 
the projection of the liver pattern on the DNA in the cells in the area where the liver is created. We are 
suggesting an important feedback mechanism between the activation of the DNA in a particular cellular 
tissue type that causes it to be that tissue type, and the biohologram being projected by the nervous system. 
This is bioholography. 


Returning to the recent Russian discoveries (Gariaev, and reporter Poponin), which seem to confirm the 
seminal discovery of Miller and Webb: both quantitative and qualitative data are crucial for the 
development of a new unified nonlinear quantum field theory which includes the physical theory of 
consciousness. The DNA phantom field effect may be interpreted as a manifestation of a new physical 
vacuum structure which has been previously overlooked. It is perhaps a specific example of a more general 
category of electromagnetic phantom effects. 


Results of the experiments as described by Poponin showed that when DNA was placed in a scattering 
chamber and bombarded with laser light a "phantom" was revealed, even when the DNA itself had been 
removed. The DNA was bombarded with weak coherent laser radiation in two frequencies; the intensity of 
the scattered light was measured, as well as non-linear localized excitations. 


The experimental team found a surprising effect while measuring the vibrational modes of DNA in solution 


using a sophisticated & MALVERN@ laser photon correlation spectrometer (LPCS), which tests the 
fluctuation dynamics of DNA solutions. 


@In each set of experimental measurements with DNA samples, several double control 
measurements are performed. These measurements are performed prior to the DNA being 
placed in the scattering chamber. When the scattering chamber of the LPCS is void of physical 
DNA, and neither are there any phantom DNA fields present, the autocorrelation function of 
scattered light looks like the one shown in Figure 2a. This typical control plot represents only 
background random noise counts of the photomultiplier. Note that the intensity of the 
background noise counts is very small and the distribution of the number of counters per 
channel is close to random. Figure 2b demonstrates a typical time autocorrelation functions 
when a physical DNA sample is placed in the scattering chamber, and typically has the shape 
of an oscillatory and slowly exponentially decaying function. When the DNA is removed from 
the scattering chamber, one anticipates that the autocorrelation function will be the same as 
before the DNA was placed in the scattering chamber. Surprisingly and counter-intuitively it 
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turns out that the autocorrelation function measured just after the removal of the DNA from the 
scattering chamber looks distinctly different from the one obtained before the DNA was placed 

in the chamber. . . Two conditions are necessary in order to observe DNA phantoms. The first is 
the presence of the DNA molecules and the second is the exposure of the DNA to weak coherent 


laser radiation. (Poponin). 


Researchers hypothesize that some new field structure is being excited from the physical vacuum 
substructure. As long as the chamber is not disturbed, it is measurable for long periods of time. What is 
measured is light scattering from the DNA phantom fields. What is attained is qualitative and quantitative 
information about the nonlinear dynamical properties of the phantom DNA fields. Its origin is related to 
physical DNA. As yet, they have found no other substance which recreates or emulates the effect of the 
DNA molecule. 


It is this model which suggests a more general nonlinear quantum theory which may explain many of the 
observed subtle energy phenomena and might lead to a physical theory of consciousness. 


This suggests that the electromagnetic phantom effect is a more fundamental phenomenon which can be 
used to explain other observed phantom effects, though not to be confused with the often misinterpreted 
secondary emission of electrons seen in Kirlian Photography and dubbed "phantoms." [ref. R.A. Miller on 
"The Physical Mechanisms of Kirlian Photography," Psychoenergetic Systems, Stanley Krippner, ed., 
1974]. Evidence suggests a relationship to the phenomena of [endogenous] bioluminescence, liquid 
crystals, and superconductivity, which we intend to pursue, elsewhere. 


Bioluminescence can be considered an indicator of life activity. It is the emission of photons of light 
produced when certain energized electrons drop into a lower or ground state. A common example is the 
visible light (or electromagnetic radiation) generated by the firefly. The importance of this phenomenon is 
seen by taking the broad view of the life process as we know it: photons from the sun excite electrons here 
on earth; this high energy state is transformed into high energy phosphate bonds by the process of 
photosynthesis; the release of the energy stored in these bonds is the fuel of life; electrons are transferred 
between molecules in a downward cascade fashion to lower energy states; this action produces the electric 
current that produces the motion that we call life. (Miller, 1974). 


Entities can also luminesce at higher frequencies than the normal visible spectrum, such as in the UV or 
microwave region. It has been shown that the human being is an emitter of various electromagnetic 
radiations. Different emissions correspond to different body structures across the emission spectrum. These 
electromagnetic radiations are of course indicative of the energy state of the organism, and can be indicative 
of the state of health. 


Other research (Childre, 1992; Paddison, 1992; King, 2001) suggests that consciousness is non-localized in 
the bodymind. Joseph Chilton Peace in his latest, The Biology of Transcendence: A Blueprint of the Human 
Spirit, (2001) points out that we have five neural centers or brains--and establishes that our fourth and most 
recently developed brain is located in the head while the fifth is located in the heart. 


It is the dynamic interaction of this head brain (intellect) and heart brain (intelligence), of biology and spirit, 
which allows transcendence from one evolutionary place to the next. Pearce declares we are quite literally, 
made to transcend. He says, "Transcendence is our biological imperative, a state we have been moving 
toward for millennia." 


In less scientific and more mystical terms, we emerge through self-organization from the Void and to the 
Void we can return for renewal and sustenance. It is, in fact the Heart Sutra that informs us that "Form is 
not other than Void; Void is not other than Form." Our human form is not other than this void, and 
biophysics now demonstrates this quantitatively and qualitatively. 


We are more fundamentally electromagnetic, rather than chemical beings. The void state, "cosmic zero," is 
the primal matrix and proportionately our most fundamental reality. In essence, we emerge from pre- 
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geometrically structured nothingness, and DNA is the projector of that field which sets up the stress 
gradients in the vacuum or quantum foam to initiate that process of embryonic holography, (Miller and 
Webb, 1973-93). The holographic paradigm is one of reciprocal enfolding and unfolding of patterns of 
information. All of the potential information about the universe is holographically encoded in the spectrum 
of frequency patterns that constantly bombard us. 


We can imagine that the self-organizing emergent function of the @rippling@ effects of immense numbers 
of criss-crossing interference waves must be one way of making mutually interactive, or reciprocal, 
holographic projections of holographic projections. Our DNA projects our psychophysical self, and 


likewise @our brains mathematically construct objective reality by interpreting frequencies that are 
ultimately projections from another dimension, a deeper order of existence that is beyond both space and 


time: The brain is a hologram enfolded in a holographic universe,@ (Talbot, 1991, p. 55). 


Researchers have found that at the moment of ovulation there is a definite shift in the electrical fields of the 
body of the woman. The membrane in the follicle bursts and the egg passes down the fallopian tube. The 
sperm is negative with respect to the egg. When the sperm and egg unite, the membrane around the egg 
becomes hyperpolarized, shutting out other sperm. It is at this moment that the electromagnetic entity is 
formed. The fertilized egg cell contains all the information necessary to create a complete operational 
human being. 


The biohologram begins to function at conception and ceases only at death. Our contention is that the DNA 
at the center of each cell creates the multi-cellular creature hologram by expressing the DNA in the center 
of the cells. The biohologram projected by the embryonic nervous system forms a three-dimensional pattern 
of resonant structures. These include points, lines, and planes that electromagnetically behave as the 
acoustic waves - the material waves - of the drumhead, acting as field guides to flowing matter and energy. 


The Gariaev group has proposed a theory of the DNA-wave Biocomputer. They suggest (1) that there are 
genetic "texts", similar to natural context-dependent texts in human language; (2) that the chromosome 
apparatus acts simultaneously both as a source and receiver of these genetic texts, respectively decoding 
and encoding them; (3) the chromosome continuum acts like a dynamical holographic grating, which 
displays or transduces weak laser light and solitonic electro-acoustic fields. The distribution of the character 
frequency in genetic texts is fractal, so the nucleotides of DNA molecules are able to form holographic pre- 
images of biostructures. 


In other words, the basic assumptions of the Gariaev team include the following: 


1. the genome has a capacity for quasi-consciousness so that DNA @words@ produce and help 
in the recognition of @semantically meaningful phrases@; 


2. the DNA of chromosomes control fundamental programs of life in a dual way: as chemical 
matrixes and as a source of wave function and holographic memory; 


3. processes in the substance-wave structures of the genome can be observed and registered 
through the dispersion and absorption of a bipolar laser beam. 


This process of "reading and writing" the very matter of our being manifests from the genome's associative 
holographic memory in conjunction with its quantum nonlocality. Rapid transmission of genetic 
information and gene-expression unite the organism as holistic entity embedded in the larger Whole. The 
system works as a biocomputer -- a wave biocomputer. 


The quantum nonlocality of the genetic information is fundamental. Experimental work of the Gariaev 
group shows how quantum nonlocality is directly related to laser radiation from chromosomes (light), 
which jitterbugs its polarization plane to radiate or occlude photons. The same researchers suspect the 
ability of chromosomes to transform their own genetic-sign laser radiations into broadband genetic-sign 
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radio waves. Curiously, mystics have always called the pervasive creative sacred Sound, Logos or Word, 
the Audible Life Stream (Blavatsky, 1987; Hines, 1996). They declare the Light and the Sound are one, and 
holographic concept is another name for Unity. 


The polarizations of chromosome laser photons are connected nonlocally and coherently to polarizations of 
radio waves. The signal can be "read out" without any loss of the essential information in the form of 
polarized radio waves. The liquid crystal phases of the chromosome apparatus (laser mirror analogues) can 
be considered a fractal environment which stores the localized photons. This creates a coherent continuum 
of quantum-nonlocally distributed polarized radio wave genomic information. 


The genetic wave information from DNA, recorded within the polarizations of connected photons, being 
quantum nonlocal, constitutes a broadband radio wave spectrum. This spectrum is correlated by means of 
polarizations with the photons. This is the main information channel of DNA, the same for both photons 
and radio waves. 


This biocomputer memory and retrieval program features photon-laser-radiowave polarization 
spectroscopy. Complex dynamics are expressed as fractal patterns at all levels of organization in nature. 
And this is no exception. The fundamental notion is, that the photon-laser-radiowave features of different 
objects (the Fourier-spectra of the radiowaves of crystals, water, metals, DNA, etc.) are stored for definite 
but varying times by means of laser mirrors, such that the "mirror spectra" concern chaotic attractors with a 
complex fractal dynamics, recurring in time. 


This research is the first example of a novel static storage/recording environment (laser mirrors) capable of 
directly recording the space-time atomic/molecular rotary dynamical behavior of objects. It also 
demonstrates an essentially new type of radio signal, where the information is encoded by polarizations of 
electromagnetic vectors. This could even be the basis of a new type of still or video recording, leading to a 
new form of cinema. 


This newly detected phenomenon of quantized optical activity can be considered as the means by which an 
organism obtains unlimited information on its own metabolism. Such information is read by endogenous 
laser radiations of chromosomes. The chromosome, in turn, produces the regulative ("semantic") radio 
emission of the genome biocomputer. Semantic resonances in the biosystem's space are realized at both the 
wavelength level, and level of frequencies and angles of twist of the polarization modes. 


A gene has a holographic memory, (which is typically distributed, associative, and nonlocal), where the 
holograms "are read" by electromagnetic or acoustic fields. These carry the gene-wave information out 
beyond the limits of the chromosome structure. At this and subsequent levels, the nonlocality takes on its 
dualistic material-wave nature, as may also be true for the holographic memory of the cerebral cortex 
(Pribram, 1991). 


Pribram posits a neural holographic process, wherein images are reconstructed when representations in the 
form of distributed information systems are appropriately engaged. These representations operate as filters 
or screens. The temporary organization of cortical columns and the arrival of impulses at neuronal junctions 
converge from at least two sources, forming interference patterns. These patterns are made up of classical 
postsynaptic potentials, coordinated with awareness. This microstructure of slow potentials is accurately 
described by the equations that describe the holographic process which is also composed of interference 
patterns. 


From this it follows that in the brain information representing input is distributed over the entire extent of 
the neural pattern. In the bodymind information is also holographically distributed, each "part" having more 
or less information about the whole organism. Information is fractally distributed and present in greater or 
lesser resolution. 


A neural holographic or similar process does not mean that input information is distributed willy-nilly over 
the entire depth and surface of the brain. It is confined primarily to those limited regions where reasonably 
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stable junctional designs are initiated by the input participating in the distribution. Holographic memory 
processing does away with the need for keeping track of where information is stored. The "filter," "sieve," 
or "screen" of holographic patterns is composed not only of the lattice of membrane macromolecules 
making up the synapto-dedritic net, but also of a facilitation of all tendencies toward Image formation and 
the initiation of certain departure patterns of nerve impulses (Pribram, 1971). 


At the junctional patterns of neural activity, Image forming capacity is enhanced. Superposition, i.e. spatial 
interactions among phase relationships of neighboring junctional patterns occurs, with properties akin to 
those of optical information processing systems -- the properties of holograms. 


Chaotic dynamics are part of this image-forming process. There is order even in disorder. There is order, 
manageable chaos (fractals) and unmanageable chaos. The fractal dimension expresses the complexity of a 


particular fractal form. Fractal comes from the Latin fractus, which mean broken or fragmented. 
Fractals delineate a whole new way of thinking about structure and form -- even the forms of dis-ease, 
which take root organically in the body and psyche. 


Like holograms, magnify a fractal again and again and more detail emerges from its infinitely embedded 
structure. The same self-similar patterns repeat, over and over, no matter what level you care to examine. 
You look closer and closer and still see the same form. A single image is infinitely reiterated. Thus, a wealth 
of structure emerges from simplicity. So, too, the dis-ease process can be seen at the physical, emotional, 
mental, and spiritual levels. Yet, the form remains the same. 


"At the most fundamental level of our individual being, we too, our bodies and our psyches are 
part of the interference patterns caused by the interaction of consciousness and wave fronts 
arising from fields of infinite possibility. We then must also operate by holographic principles, 
thus our internal perception of this reality is itself a hologram in our brain. It is the means of 
perception that gives the universe its apparent forms and solidity. It is also this holographic 
perception that influences the dynamics of our brain's and our body's chemistry, our self- 
hologram. In this perceptual hologram resides the fundamental basis of our structure and our 
sense of self and external environment, including our health and illness in both our 
Physiological and psychological being. Our disease structures are incorporated within it. It is 
here, at this level of our being where fundamental healing and physical-psychic restructuring 
occur. This hologram is what I have termed the primal existential sensory self-image or 


existential hologram. . .our sense of self is a holographic, existential, multi-sensory image." 
(Swinney, 1999). 


The key to this process lies in our DNA, in our genes and gene-expression. Our understanding of the human 
biocomputer must be based on a new understanding of the higher forms of the DNA memory, and the 
chromosome apparatus, as the recording, storing, transducing, and transmitting system for genetic 
information, to be considered simultaneously at the level of matter and physical fields. 


The wave-biocomputer model helps explain the apparatus of protein biosynthesis of living organisms, 
providing an important interpretation of the initial stages within the hierarchic chain of material and field, 
sign, holographic, semiotic-semantic and, and figurative encoding and deciphering of chromosome 
functions. At the gene-sign continuum of any biosystem, DNA forms pre-images of biostructures and the 
organism as a whole as a registry of dynamical "wave copies" or "matrices", succeeding each other. This 
continuum is the measuring, calibrating field for constructing or creating any biosystem, (Gariaev). 


Il. MECHANISMS: QUANTUM MECHANICS AND COMPLEX DYNAMICS 


A quick review of the Holographic Concept refreshes us on the basics of biophysics. 
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Particles found in biological processes include photons, electrons, protons, elementary ions, inorganic 
radicals, organic radicals, molecules, and molecular aggregates. Photons act upon electrons by raising their 
energy state. This process is called excitation. Excited electrons can drop back to more stable energy levels 
and emit photons. Electron excitation can lead to the formation of an electronic bond between molecules. 
This is the traditional bond of classical chemistry. The breaking of such bonds can, by reverse process, lead 
to the excitation of electrons. 


In living systems the excitation of electrons by photons and the subsequent conversion of that excitation 
into the bond energy is called photosynthesis and is the basic builder of biological structures. The reversal 
of this process is called bioluminescence. This phenomenon is the transfer of energy from a bond to an 
excited electron, resulting in the emission of a photon. It has been suggested by Szent-Gyorgyi (1957: 8) 
that the energetics of living creatures can be understood in terms of photosynthesis and its reversal, 
bioluminescence. 


All cellular processes are driven by energy derived from the breaking of chemical bonds and the excitation 
of electrons. Depending upon the particular environment and circumstances, the excitation of the electron 
can be converted in one of three ways: (1) conversion into heat and dissipation (2) translation of molecules 
or ions through the cell, or (3) transformation of the molecules' shapes which profoundly influences their 
biological reactivity. 


The formation of a certain type of chemical bond known as the resonance bond (which is most easily seen 
in the case of the Benzene molecule) leads to a peculiar situation in which certain electrons are freed from a 
local or particular location in the molecule. These are then free to travel around the entire molecule. This 
means that the electrons occupy an energy shell of the whole molecule as opposed to any particular atom in 
the molecule. The existence of molecular systems with mobile electrons has been found to be of profound 
significance in the phenomena of life. 


Hydrogen, carbon, nitrogen, and oxygen, which compose 99 percent of all living systems, are among the 
atoms in the periodic table which form the multiple bonds most easily leading to mobile electrons. Sulphur 
and phosphorus, which are extremely important for life processes, also form such multiple bonds quite 
easily. 


All the essential biochemical substances, which perform the fundamental functions of living matter, are 
composed completely or partially of such mobile electrons. Molecules which contain these electrons are 
known as conjugated systems (Pullman and Pullman, 1963, chapter 18). The essential fluidity of life may 
correspond with the fluidity of the electronic cloud in conjugated molecules. Such systems may best be 
considered as both the cradle and the main backbone of life. 


Conjugate bonded molecules may interact in a variety of ways. Among these types of interaction can be 
found the interpenetration of electron orbitals which permits an electromagnetic coupling. This coupling 
can permit activated electron energy to pass from one molecule to another in the same way a radio can 
transmit a message to a radio receiver. There is also the possibility of the transfer of an entire electron 
which is known as charge transfer. 


It is possible for a molecular complex to contain several radicals at different positions on the main 
molecule, each of which are conjugated. If these are in close enough proximity, or can be brought into 
proximity by changes in the structural configuration of the molecule, a charge can pass between these two 
groups. This is the case of the transfer of electron charges on or around a single molecular complex. It has 
been suggested by Szent-Gyorgyi (1968) that the sugars and phosphates that make up the side of the alpha 
helix of DNA can permit the passage of electrons, functioning as a conductor. 


The biological conduction systems operate primarily on an amorphous semiconductor mode as opposed to 
resembling metallic conductors. These do not have sharply defined energy bands in which electrons may 
flow, as opposed to other bands in which they are bound rigidly. There is a spread or bell-curve in which the 
points or tails are bound more closely to a particular molecule. The hump indicates a conducting band that 
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permits electrons to flow across the surface of a particular molecule or between molecules (McGinness, 
1972). 


This means, in essence, that protein molecules which are composed of amino acid sequences, may act as 
organic circuits. The amino acids each have a donor group and an acceptor group on opposing ends. This 
means that a string or series of amino acids could pass a charge along as if it were being passed along a 
series of spines sticking up from the main body of the molecule. 


Different pathways could be defined across the surface of a protein molecule by the amino acid radicals 
projecting out from the surface of the protein. The shape of the protein molecules is a function of the 
charges and the conjugate systems on the radicals that make up the protein. When a protein is manufactured 
and peels off the ribosome, it immediately assumes a three-dimensional spatial pattern that is directly 
related to the charges on its surface and the ways in which they interact. 


The biological activity or specificity of action of various molecules is intimately related to their structure or 
their exact three-dimensional spatial configuration. Electronic energy and electrons can move through a 
protein molecule between its different parts and can pass among different molecules. We now come to 
understand a possible mechanism for biological regulation involving flows of electrons and transfer of 
electronic energy between molecules. These can change their shape and thereby change their specific action 
and activity. The fusion of electron clouds can exist within a conjugated system and among conjugated 
systems. This can account for cohesion or the adherence of such molecules to each other. Such fusion is a 
very important determinate of the structure of larger aggregates of molecules and portions of living cells, 
such as membranes. 


Ill. BIOHOLOGRAM FIELD THEORY 


A liquid crystal in a cell through its own structure becomes a proto-organ for mechanical and electrical 
activity, and when associated in specialized cells in higher animals gives rise to true organs such as muscles 
and nerves. The oriented molecules in liquid crystals furnish an ideal medium for catalytic action, 
particularly of the complex type needed to account for growth and reproduction. A liquid crystal has the 
possibility of its own structure through singular lines, rods and cones, etc. Such structures belong to the 
liquid crystal as a unit and not to its molecules which may be replaced by others without destroying them, 
and they persist in spite of the complete fluidity of the substance (Needham, 1936). 


Bernal's statement (1933) would seem to support Burr and Northrop's macro-atomic theory (1935), which 
postulates that there are two aspects to reality, the field and the particle. They associate the field with what 
they term the macroscopic aspect and the electron with the particle. They associate the field with what they 
term the macroscopic aspect and the electron with the particle. The particle is associated with movement. 
The structure of biological material seems to be associated with the field aspect. The electric field causes 
polarization of the macromolecules in the solution due to the fact that molecules possess a dipole moment, 
and changes the position of protons in the molecule. Such action can affect the relative stability of different 
possible configurations of the macromolecules. The field affects the degree of structure present in the 
solution. 


A constant magnetic field can, in principle, affect the various processes in biological objects. Three possible 
mechanisms for this biomagnetic affect are (1) the orientation of diamagnetic or paramagnetic molecules by 
the magnetic field (2) distortions of the angles in the molecules and (3) orientation of the spins of molecules 
in a magnetic field (Fowler and Bernal, 1933; Freedericks and Zolina, 1933; Van Iterson, 1933; Osborne, 
Ambrose and Stuart, 1970). Presman (1970) has postulated that such electromagnetic fields normally serve 
as conveyors of information, from the environment to the organism, within the organism, and among 
organisms. He suggests that organisms employ these fields in conjunction with the well known sensory, 
nervous, and endocrine systems, in effecting coordination and integration. 
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Muses (1970) has proposed the possibility of unit impulse functions evolving from the Gaussian. His work 
traces the relation of that mathematical concept to quantum biological indeterminacy in terms of a process 
of the modulation of random fluctuations by target-seeking perturbations which points the way to the 
understanding and computing of the parameters of volitional experience in quantum biological terms. He 
maintains that we are dealing with Gaussian wave packets, put to use in terms of a close-range reaction in 
turn resulting in the resonant microbiological specificity (arising from the relatively large number of 
specific molecular parameters) necessary to the essential life and evolutional processes of chromosome 
synapses, replication, and mutagenesis. 


Muses holds that inherently indeterminate processes may be biologically used in achieving determinate 
ones such as our repeatable and commonly accepted volitional experiences of effort and direction. The 
range of quantum indeterminate fluctuation of biological efficacy is in the far ultraviolet, and it is in this 
spectral region that we should expect to look for any modulation effects on Gaussian wave packets by 
volitional energies manifesting as ultramicrobiological field perturbations. 


Biologically, there is a threshold of non-randomicity below which peaks tend to emerge that are sharp 
enough to possess biodirectiveness in an enzyme-guiding sense. Random biological quantum energies 
which are physiologically unassigned are the clue to psychosomatic directing, which can be beneficial or 
deleterious to the organism. Muses (1970) describes the mechanism of this effect as a microbiolaser type 
process. 


Heisenberg explored the possible relevance of the quantum indeterminacy of elementary particles for 
biological systems, especially human systems (discussed in Koestler, 1972). He stated that there are two 
places in the human system where the quantum indeterminacy of a single particle can have a profound 
influence. The first important effect is that of mutation in the genetic code. The second important influence 
is the alteration of the behavior of neurons during human thought processes. 


Tien (1969) has conceptualized mind as mass in relative motion and brain as energy at relative electrical 
charges in motion, like electrons bombarding a television screen, and personality is seen as a time series of 
scintillating frames of consciousness. Personality becomes a reverbating input-output pattern of self- 
creation, seeking information or patterns of energy from the environment as well as from its own memories. 
The stability of any given personality of its identity is maintained by feedback upon the principle of most 
similarity. 


The personality never recreates itself, but creates only a close approximation which is accepted due to the 
principle of constancy as being the same. The phenomena of unique individuality and personal continuity 
depend on memory, of which consciousness is the most recent and, thereby, the most subject to erasure and 
loosening. Personality transformation becomes energy pattern modification of not only scintillating 
consciousness but also of recent circulating memories and older stored memories of childhood. 


According to the holographic model of reality, all the objects we can observe are three-dimensional images 
formed of standing and moving waves by electromagnetic and nuclear processes. All the objects of our 
world are three-dimensional images formed electro-magnetically, 1.e., holograms. 


This concept and the models of human information processing based on the hologram, throw interesting 
light on the philosophical tradition which holds that the world of objects is an illusion. With the triumph of 
relativity and quantum physics, the interpenetration of the philosophical and the scientific is possible. 


LeShan (1969) has observed, in discussing some individuals who purportedly experience psycho-energetic 
phenomena, that their view of the universe as a great thought of which they are a part is quite similar to 
many physicists' view that they see reality only in their own mental image. 


We propose that the "reality hologram" which appears as a stable world of material objects is the 
elementary particle which has a long-term existence and fairly simple rules of interaction. We also propose 
the existence of a "biohologram" which appears as mobile and evolving, through the DNA molecule. This 
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"biohologram" projects a dynamic three-dimensional image that serves as a guiding matrix for the 
manipulation and organization of the "reality hologram." (Miller, Webb, Dickson, 1973). 


Thus we have mobile self-organizing holograms moving through a relatively static simpler hologram. The 
possibility exists that such "bioholograms" could achieve sufficient coherence to continue existence as a 
pattern of radiant energy apart from a material substrate. We feel that such an occurrence could form the 
scientific basis of such psychoenergetic phenomena as psycho-kinesis, clairvoyance, telepathy, and 
precognition. 


Quantum holography asserts that DNA satisfies the principle of computer construction as defined by Von 
Neumann (1966). It carries a copy of itself and is its own blueprint written in the genetic texts where the 
mechanism engineering the DNA replication is the biophotonic electromagnetic field, while the "letters" of 
the genetic texts, A, G, C, U are held invariant. In replication of the organism, the blueprint creates the 
"acoustic field" which mechanically constructs/engineers the organisms out of the available matter, in 
accordance with the information held in the electromagnetic field holograms. 


Both quantum entanglement and therefore quantum teleportation can be related to quantum holography, 
through solitons, resonance effects, and superconductivity. 


Experimental evidence confirms that the mutual recognition of one DNA antiparallel half chain (+) by the 
other (-) concerns special super persistent/resonant acoustic-electromagnetic waves or solitons. DNA 
solitons express two types of memory which concern the capability of non-linear systems to remember 
initial modes of energisation and to periodically repeat them [Dubois, 1992]. The DNA liquid crystals 
within the chromosome structure form such a non-linear system. The DNA-continuum is quasi- 
holographic/fractal and relates, as is the case for any hologram or fractal, to the fundamental property of 
biosystems, i.e. their ability to restore the whole out of the part. 


DNA solitary waves (solitons), and in particular, the nucleotide waves of oscillatory rotation, "read" the 
genome's sign patterns, so that such sign vibratory dynamics may be considered as one of many genomic, 
non-linear dynamic semiotic processes. The key parameter of such patterns is fractality. It can therefore be 
hypothesized that the grammar of genetic texts is a special case of the general grammar of all human 
languages. We can realize the wave-coding capabilities of the matter-wave sign functions of DNA as true 
wave control capabilities facilitates in an aqueous solution acting as a liquid-crystal condition. The living 
cell is a computer based on DNA. 


The genome has been identified as an active "laser-like" environment. Yet this approach to DNA-wave 
biocomputation means entering into new semiotic areas of the human genome and the biosphere in general. 
These are the areas which are used by Nature to create humankind. The quasi-speech of chromosomes of all 
organisms concerns semantic exobiological influences wherein DNA acts as a kind of aerial open to the 
reception of internal influences and changes within the organism as well as those outside it. This extends 
beyond it to the extent of the entire universe through complex fractal embedding and non-locality. 


Creation of biocomputers can be based on these totally new principles of DNA-wave biocomputation, 
which use quantum teleportation [Sudbury, 1997], (see also SciAmer on quantum teleportation). 
Experiments show that DNA considered as a liquid-crystal gel-like state, reveals a periodically reoccurring 
pattern which acts on the incoming light in the manner of a solitonic lattice. What could such an action 
achieve? 


A soliton is an ultra stable wave train often with a seemingly simple closed shape, which can arise in the 
context of non-linear wave oscillations. Really it consists of a rather complexly interrelated assembly of sub 
wave structures, which keep the whole solotonic process in a stationary state over a comparatively long 
time. The soliton is neither a particle nor wave in much the same as a quantum is characterized by wave- 
particle duality. It is a means to carry information. It probably reads the codons, as a travelling "window" 
that opens in the double helix structure as the reading takes place. In this model the reading process is a 
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complex mechanical oscillator (Gariaev, 1994), capable of producing solitonic wave transmissions, which 
take the form of a system of rotary pendulums. 


DNA forms such pendulums in this model which are simulated as a chain of non-linear oscillators. The 
window as it travels is highly context dependent on the actual layout of the elements as specified by the 
actual genetic code sequence involved. Complex dynamic patterns arise in the non-linear covalent 
connections between nucleotides. Oscillatory activities are located somewhere together in the "acoustic" 
wave domain. 


As a liquid crystal, DNA probably influences the polarization of the weak light emission known to exist in 
cells, as so-called biophotons. Such biophotonic, mitogenic radiation or mitogenic light, while being 
ultraweak, is yet highly coherent. It has an inherent laser-like quality. Endogenous intracellular coherent 
light is emitted by the DNA molecule itself. 


The superposed coherent waves of different types in the cells are interacting to form diffraction patterns, 
first in the "acoustic" domain and then in the electromagnetic domain. This is a kind of quantum hologram. 
Interactions of solitonic oscillations in the liquid crystal structure of DNA and the polarization vector of the 
ultraweak biophotonic highly coherent light, could be understood as a mechanism of translation between 
holograms in the "acoustic" frequency domain of short range effects and those in the electromagnetic 
domain, and vice versa. 


Quantum holography has been used to predict the workings of MRI (Schempp, 1992,1998). The DNA- 
wave biocomputer model is also in agreement with the qubit model explanation of DNA. 


In the quantum holographic DNA-wave biocomputer theory, DNA is a self-calibrating antenna working by 
phase conjugate adaptive resonance capable of both receiving and transmitting quantum holographic 
information stored in the form of diffraction patterns -- quantum holograms. The model describes how 
during the development of an embryo of the DNA's organism, these holographic patterns carry the essential 
holographic information necessary for that development. 


The quantum holographic theory requires that the DNA consists of two antiparallel (phase conjugate) 
helices, between which are located hologram planes/holographic gratings, where the necessary 3 spatial 
dimensional holographic image data of the organism is stored. Endogenous laser illumination can be 
expected to turn the DNA into a series of active adaptive phase conjugate mirrors/holographic transducers. 
A beam of radiation resonantly emerges on which is carried the holographic information as encoded in the 
DNA. This confirms the quantum holographic prediction that DNA functions as an antenna capable of both 
encoding and decoding holographic information. 


We can also model the quantum holography of the neuron. This model is in good accord with the biological 
neuron's information processing morphology and signal dynamics. This is the quantum holographic model 
of the brain as a conscious system. We can incorporate signal theory into quantum physics through the 
concept of the pilot wave or radar. 


Quantum holography predicts polarized or orthogonally rotated holograms encoded on a "paged" 
associative holographic memory. Sharp frequency adaptive coupling conditions specify very narrow 
spectral windows, i.e. the "pages." "Magic windows" are a naturally tuned frequency of a good 
hyperchannel between orthogonal frames where scalar wave anenergies crosstalk readily. They are 
frequency dependent interdimensional nodal points. Some magic windows are 38-40 1Hz; 150-160 kHz; 
1.1-1.3 MHz; 1.057 (Lambshift) and the near ultraviolet (life energy frequency), (Beardon, 1988). 


Described in terms of tensor multiplication, the orthgonality condition can be seen as specifying a set of 
diagonal elements, which traces in a unit matrix in the frequency domain. The planes on which the base 
pairing takes place concerns two quantum holograms. The tensor operation, in quantum holography, 
describes a quantum entanglement. 
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Murray Gell-Mann describes quantum entanglement in The Quark and the Jaguar (1994). He first points 
out that coarse graining can wash out interference terms. The interference terms between two coarse- 
grained histories is the sum of all the interference terms between pairs of fine-grained histories belonging to 
those two coarse-grained ones. The underlying explanation for decoherence is the mechanism that makes 
interference terms sum to zero and permits the assignment of probabilities. It is the entanglement of what is 
followed in the coarse-grained histories with what is ignored and summed over. 


IV. BIOLOGICAL EFFECTS OF SCALAR ENERGY 


There are only a few known forces in nature and unfortunately we are at a loss to explain what their actual 
sources are. The best physics has been able to do is ascribe them to some fundamental characteristics of the 
universe, a charge of some kind. That's why we can more abstractly view a force as the variation of a 
certain potential and therefore practically every influence field can be thought of as a force field. This 
potential can be a scalar as in the case of Coulomb's law; a vector as in the case of the electromagnetic 
vector potential which neatly streamlines the mathematics of Maxwell's equations; or a tensor, which is the 
case of the metric tensor of the Riemann space in Einstein's GTR equations. 


There is a predominance of non-linear processes in biological systems. Several types of quasi-particles, 
each with their own characteristic resonant frequencies have been proposed to mediate these non-linear 
phenomena, including solitons, excitons, and plasmons. The right frequencies of non-linear energies might 
have profound healing properties, according to Stanford researcher Dr. Glen Rein. Due to the non-linear 
nature of biological systems it is proposed that scalar waves should be more biologically active than their 
linear electromagnetic counterparts. 


In the simplest cases, scalar resonance can be imagined as two ordinary single-frequency EM 
standing waves in a resonant cavity, with the two waves coupled exactly 180 degrees out of 
phase so that --externally--their E fields sum to zero and the capacity is said to be in scalar 
resonance. The cavity walls must act as phase conjugate mirrors (PCM). Mass itself is simply a 
standing scalar resonance, with the standing walls tapped by particle spin. The atomic nucleus 
continually bombarded by virtual photon flux from the vacuum is a pumped PCM. Since the 
nucleus is positively charged, it produces Phase Conjugate Replicators (PCRs), having 
negative energy and negative time. It thus produces negentropy, which prevents the entropic 
decay of the atom. Essentially all frequencies can be and are present at once, but certain 
nuclear resonance frequencies are thought to predominate. By increasing the amplitude of the 
standing scalar wave that is the nuclear pseudopotential, inertia and mass of the nucleus are 
increased. Zeroing the amplitude dematerializes the nucleus. (Beardon, 1980). 


So, scalar energy is transduced into linear electromagnetic energy in the body by liquid crystals in the cell 
membrane and solid crystals found in the blood and in several biological tissues. Clinical studies of the 
effects of scalar energy on the mind-body and brainwaves have been conducted since the 1980s. If they can 
be believed, research from Stanford University Medical Center produced some tantalizing results. 


Electrochemical oscillation between membrane-bound lipids near phase-transition temperature have been 
analyzed with and described by nonlinear quantum mechanical equations. They also analyzed the coupling 
between harmonic oscillators represented by action potentials generated from active neuronal networks in 
the central nervous system, finding evidence of chaos. The extraction of scalar components from Maxwell's 
original electromagnetic equations and from Schrodinger's equation using imaginary numbers has been 
reported, and their unusual non-linear waves described by many experimenters. 


A Crystalline Transduction Theory has been put forth to explain the interactive mechanism of scalar waves 
with biological systems. Another possibility is transduction in microtubules dispersed throughout the whole 
organism. Tissue culture studies imply that the action of scalars on biological systems is more than a 
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placebo effect mediated by the brain/mind, such as stress, moods or beliefs. Stray EM energy in the ambient 
atmosphere makes it difficult to study the healing properties of scalar energies in a clinical setting. 


Clinical healing sometimes occurred several months after initial exposure to the scalar waves. It is known 
that the brain and body, each the immune system, communicate bidirectionally. Thus, a direct action of 
scalar energy on the body could cause a subsequent change in brain state. Therefore EEG studies do not 
indicate whether scalar energy also effects the body directly or whether the brain and the body are both 
affected. Even if scalar energy directly affects individual cells, it may also affect the mind resulting in an 
altered psychological outlook which results in clinical improvement. 


Dr. Michael Persinger (1987) was the first person to test the effects of scalar energy using isolated cells. 
The scalar waves were generated by partially canceling two vortex-type magnetic fields (0.SHz, 10pT) by 
intersecting them in the air. The biological endpoint, degranulation of mast cells, was increased by the 
scalar fields. Dr. Puharich, in another study, grew tissue samples of E. Coli, and detected an increased 
activity of ubiquitone, a protein involved in DNA repair. These results indicate that scalar energy can have a 
direct effect at the subcellular level as well as a direct effect on the immune system. 


Another project detected an effect of scalar energy on neurotransmitter function, which mimicked the effect 
of antidepressant medication. Scalars appear to modulate the basic biochemical communication between 
nerve cells mediated by neurotransmitters. Cultured nerve cells called PC 12 cells were isolated from rats, 
and the functional properties of noradrenaline release from PC 12 cells was shown to be increased by a 
500Hz monopolar square wave, and noradrenaline uptake was inhibited by a 15Hz biopolar square wave, 
(Rein). 


Noradrenaline uptake was chosen because it is directly mediated by the plasma membrane via an 
intramembrane protein carrier. The plasma membrane, with its liquid-crystal structure, is the critical cellular 
barrier which interfaces with the chemical and electromagnetic environment. Since other intramembrane 
proteins show non-linear properties, the plasma membrane is a likely target for scalar energy. 


The physiological function of carrier mediated neurotransmitter uptake is to remove excess 
neurotransmitter from the synaptic cleft after its release from presynaptic nerves. Thus, inhibiting uptake 
results in the accumulation of the neurotransmitter in the synaptic cleft. This is the mechanism of action of 
tricyclic antidepressants, since they inhibit noradrenaline uptake. 


Depression is associated with decreased noradrenaline levels. Rein exposed confluent monolayer culture of 
PC12 cells to noradrenaline in the presence or absence of scalar energy. After 30 minutes, the cells were 
washed and centrifuged and noradrenaline uptake measured. Overall, uptake was inhibited by 19.5% in the 
presence of the scalar field as compared with the control value obtained in its absence. This is a significant 
statistical difference of p 0.01. 


Researchers think a wide variety of physiological changes could be created resulting in improvement of a 
variety of clinical diseases, only one of which could be depression. Scalar energy can have a direct effect on 
the cell membrane. Researchers want to test whether diseased cells are preferentially sensitive to scalar 
energy; and what characterizes its mechanisms of action. 


V. ROSSI@S DREAM-PROTEIN HYPOTHESIS ON HEALING 


Emest Rossi (1999; 2002) has developed a pertinent creativity hypothesis: Enriching life experiences that 
evoke psychobiological arousal with positive fascination and focused attention during creative moments of 
art, music, dance, drama, humor, spirituality, numinosity, awe, joy, expectation, and social rituals can evoke 


immediate early gene protein cascades to optimize brain growth, mindbody communication, and healing.@ 
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@ [The] psychotherapeutic approach can contribute to psychobiological arousal, enrichment 
and relaxation; it may be possible to help people find optimal levels of mental stimulation to 
facilitate actual growth in the hippocampus of their brain to encode new memory, learning and 


behavior...optimizing psychobiological growth and healing. ® 


Rossi (1999) describes a mind/body communication channel that is pertinent in that it may describe another 
way neural plasticity and healing manifests from REM. He describes how immediate-early genes (also 


called @Primary Response Genes or third messengers) play a central role in the dynamics of waking, 
sleeping, dreaming, and mind-body healing at the cellular level. 


There is evidence that immediate-early genes (IEGs) function as mediators of information transduction 
between psychological experience, behavioral states, and gene expression. A wide range of behavioral 
state-related gene expression (from relaxation, hypnosis and sleep to high arousal, performance, stress and 
trauma) culminate in the production of new proteins or homeostasis, physical and psychosocial 


adaptation.@ 


Behavioral states modulate certain patterns of gene expression. Interaction between the genetic and 
behavioral levels is a two way street. Genes and behavior are related in cybernetic loops of mind-body 
communication. How does this relate, for example, to manic depression? 


A look at the systems related to IEGs, shows that they affect all the systems disrupted in bipolar disorder. 
They are expressed continually in response to hormone messenger molecules mediating processes of 
adaptation to extracellular signals and stimuli. Extracellular stimuli come from the outside environment, 
including temperature, food, sexual cues, psychosocial stress, physical trauma, and toxins. IEGs are 
fundamental in the sleep-wake cycle, appetite regulation, sexual response, and reactions to stress, trauma, 
and toxins (Rossi, 1986; 1999; 2002). 


There are persistent alterations in IEG expression in the process of adaptive behavior on all levels from the 
sexual and emotional to the cognitive. They can transduce relatively brief signals from the environment into 
enduring changes in the physical structure of the developing nervous system as well as its plasticity in the 
form of memory and learning throughout life. If external cues can modulate cell function through regulation 
of gene expression, this could also be true for internal cues. 


IEGs are also fundamental in the regulation of REM-on, REM-off neurons, neuronal networks that are 
associated with REM sleep and dreaming. That makes them significant as molecules which can modulate 
mind, emotions, learning and behavior. They influence the rhythm of the natural healing process and 
circadian and ultradian rhythms of the body, in general. Ultradian rhythms are those shorter than the 24- 
hour circadian rhythms (Rossi; Cheek, 1988). 


Milton Erickson discovered that his therapy sessions usually took from one and a half to two hours to come 

to natural closure. Later it was discovered that this delineates the natural work cycle that is harmonious with 
our own internal rhythms. IEGs modulate this process. This ultradian time frame is related to the activation 

or deactivation of the expression of specific genes and can occur in a matter of hours or even minutes. 


© Most arousing environmental stimuli that have been studied can induce immediate-early 
genes within minutes, their concentrations typically peak within fifteen to twenty minutes and 
their effects are usually over within an hour or two. These time parameter IEG expressions and 
their ultimate translation into the formation of new proteins correspond to the parameters of a 
complete work cycle of mind-body communication and healing. The changes in gene 
transcription and new protein formation initiated in this time frame, however, can lead to 
lasting changes in the central nervous system by converting short term memory to long lasting 
learning by the process of long term potentiation. . .the activation or deactivation of the 
expression of specific genes can occur in a matter of hours or even minutes." (Rossi, 1999). 
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This mechanism assesses the duration and intensity of prior waking and/or the homeostatic or executive 
mechanisms that bring about sleep. Sleep deprivation leads to a wide variety of psychotic and non- 
psychotic symptoms. This system is also associated with the neuronal network associated with the 
dynamics of REM sleep. Deprivation of REM and dreaming creates its own phenomenology. 


© The study of IEGs indicates that sleep and wake, as well as synchronized and desynchronized 
sleep, are characterized by different genomic expressions, the level of IEGs being high during 
wake and low during sleep. Such fluctuation of gene expression is not ubiquitous but occurs in 
certain cell populations in the brain. Thus...IEG induction may reveal the activation of neural 
networks in different behavioral states. Do the areas in which IEGs oscillate during sleep and 
wake subserve specific roles in the regulation of these physiological states and a general 


@ resetting of behavioral state? Is gene induction a clue to understanding the alternation of 
sleep and wake, and of REM and non-REM sleep? @ (Rossi, 1999). 


In Rossi@s Dream-Protein Hypothesis, €new experience is encoded by means of protein synthesis in brain 
tissue...dreaming is a process of psychophysiological growth that involves the synthesis or modification of 
protein structures in the brain that serve as the organic basis for new developments in the personality...new 


proteins are synthesized in some brain structures associated with REM dream sleep. @ 


Rossi generalizes the dream-protein hypothesis, @to include all states of creativity associated with the peak 
periods of arousal and insight generation in psychobiologically oriented psychotherapy. @ 


Enriched internal and external environments leads to the growth and development of new cells. IEG 
cascades lead to the formation of new proteins and neurons along with increased synapses and dendrites 
that encode memory and learning. On the other hand, excessive trauma and psychosocial stress can lead to 
suppression of growth processes in the brain. When psychotherapy contributes to arousal, enrichment, and 
relaxation it facilitates actual growth in the brain to encode new memory, learning and behavior, optimizing 
growth and healing. 


€ Communication within the neuronal networks of the brain is modulated by changes in the 
strengths of synaptic connections...meaning is to be found in the complex dynamic field of 
messenger molecules that continually bathe and contextualize the information of the neuronal 
networks in ever changing patterns. Most of the sexual and stress hormones...have state 
dependent effects on our mental and emotional states as well as memory and learning, a 


constantly changing dynamical field of meaning.@ (Rossi, 1991). 


Novel and enriching psychotherapeutic experiences can lead to neurogenesis and gene expression which 
facilitate mindbody communication and can have a long-term transformative effect on the whole person 
(Rossi, 2002). Rossi points out that many of the essential dynamics of gene expression involved in the 
formation of the brain and body in embryology are now recognized as a continuing creative development 
through an individual's lifetime. He also asserts that a lack of optimal gene expression and neurogenesis is 
associated with psychological depression and stress. Thus, bioholography has relevant applications for 
optimizing health and well-being across disciplines, such as biophysics, medicine, psychobiology, 
psychotherapy and the holistic healing arts. 


VI. CONCLUSION 


Sidorov (2002) has summarized the thrust of the Gariaev group: 


Since the early '90s, Gariaev's team has been developing a new theoretical and experimental 
approach to the study of genetic material encoding and expression. In a pioneering paper 
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(Gariaev 2001; JNLRMI I(2)), he and his colleagues challenge the limits of the genetic code 
triplet model and propose instead a dual, substance/wave basis for the encoding and 
expression of genetic material. The wave-like, non-local aspect of genetic regulation is 
recorded at the polarization level of DNA-associated photons, and the genome is seen as a 
quasi-hologram of light and radio waves which create the background necessary for the 
appropriate expression of genetic material. 


The authors argue that the genome emits light and radio-waves whose delocalized interference 
patterns create calibration fields (blueprints) for a system's space-time organization. This 
holographic-type information is being constantly and simultaneously read in billions of cells, 
accounting for the quick coordinated response typical of living systems. 


We can use the observations of the Gariaev group to further summarize the essence of the human 
biocomputer: 


"Thus, nonlocality can be postulated to be the key factor explaining the astonishing 
evolutionary achievement of multicellular biosystems. This factor says that bioinformatic 
events, can be instantaneously coordinated, taking place "here and there simultaneously", and 
that in such situations the concept of "cause and effect" loses any sense. This is of a great 
importance! The intercellular diffusion of signal substances and of the nervous process is far 
too inertial for this purpose. Even if it is conceded that intercellular transmissions take place 
electro-magnetically at light speeds, this would still be insufficient to explain how highly 
evolved, highly complex biosystems work in real time." [5] 


Gariaev asserts that quantum nonlocality and holography is indispensable to a proper explanation of such 
real time working. 


"[T]he genes can act as quantum objects, and that, it is the phenomenon of quantum non- 
locality/teleportation, that ensures the organism's super coherency, information super 
redundancy, super knowledge, cohesion, and, as a totality or whole, the organism's integrity 


(viability)." [5] 


Quantum Holography defines an admitter/absorber quantum vacuum model of quantum mechanics in terms 
of annihilation/creation operators [Schempp, 1993]. This implies that DNA does indeed behave like a single 
quantum, which induces a "hole" temporarily in the vacuum by its removal. 


This new understanding of biocomputers, constitutes a further step in a development of computer 
technology in general. An understanding that brings about a total change of the constituent basis of that 
technology to the figurative semantic (nonlocal) wave computer or biocomputer, based on DNA memory, 
and the chromosome apparatus. 


Quantum Bioholography argues that DNA satisfies the principle of computer construction, since it carries a 
copy of itself, its own blueprint, with the mechanism engineering the DNA replication being the 
biophotonic electromagnetic field, while the "letters" of the genetic texts A, G, C, U are held invariant. The 
existence of the genetic text constitutes the classical signal process of quantum teleportation, and facilitates 
the quantum mechanical signal processes of both the copying of the DNA as its own blueprint, and of the 
construction of the organism in a massively parallel way by means of quantum teleportation. 
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ABSTRACT: Complex information can be encoded in EM fields, as we all know from coding and decoding of television 
and radio signals. Even more complex information can be encoded in holographic images. DNA acts as a holographic projector of acoustic and EM information which 
contains the informational quintessence of the biohologram. Only 3% of human DNA encodes the physical body. The remaining 97% of the 3 billion base pair genome 
contains over a million genetic structures called transposons, that have the capacity to jump from one chromosomal location to another (Kelleher, 1999). We are 99.9% 
alike in our genetic legacy. Our individuality is expressed in three million small variations in our cells, called single nucleotide polymorphisms. 


Gene-expression is the mechanism by which new patterns are called into being (Rossi, 2000). There is also a strong correlation between modulation of the brain’s EM field 
and consciousness (Persinger, 1987; McFadden, 2002). The Gariaev group has discovered a wave-based genome and DNA phantom effect which strongly supports the 
holographic concept of reality (Miller, Webb, Dickson, 1975). This main information channel of DNA is the same for both photons and radio waves. Superposed coherent 
waves of different types in the cells interact to form diffraction patterns, firstly in the acoustic domain, secondly in the electromagnetic domain -- a quantum hologram -- a 
translation process between acoustical and optical holograms. 
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Creative, novel and enriching psychotherapeutic experiences can lead to neurogenesis, gene expression, and healing which facilitate mindbody communication and can 
have a long-term transformative effect on the whole person (Rossi, 2002). Thus, bioholography has relevant applications for optimizing health, well-being and even self- 
realization. It is relevant in biophysics, medicine, psychobiology, psychotherapy and the holistic healing arts. It provides us with a more genetically integrated model of the 
complex dynamics of the mindbody -- one arising in the domain underlying the standard genetic code triplet model. 


Keywords: DNA, DNA phantom, wave biocomputer, genome, wave-based genome, quantum holography, bioholography, organismic evolution, vacuum substructure, 
biophysics, psychobiology, gene expression, psychotherapeutic applications. 


INTRODUCTION 


Hypothesis: The organization of any biological system is established by a complex electrodynamic field which is, in part, determined by its atomic physiochemical 
components. This field, in turn, determines the behavior and orientation of these components. This dynamic is mediated through wave-based genomes wherein DNA 
functions as the holographic projector of the psychophysical system - a quantum biohologram. 


A model of the mind-body relationship is developed in which novel biophysical principles in genome function generate a dynamic possessing attributes consistent with both 
our psychophysical nature and consciousness. The model invokes a fractal link between neurodynamical chaos and quantum uncertainty. Transactional wave collapse 
allows this link to be utilized predictably by the excitable cell, in a way which bypasses and complements formal computation. The formal unpredictability of the model 
allows mind to interact upon the brain, the predictability of consciousness in survival strategies being selected as a trait by organismic evolution (King, 2001). This quantum 
evolution is orchestrated by the information transduction of DNA. 


The Gariaev group (1994) has proposed a theory of the Wave-based Genome where the DNA-wave functions as a Biocomputer. They suggest (1) that there are genetic 
"texts", similar to natural context-dependent texts in human language; (2) that the chromosome apparatus acts simultaneously both as a source and receiver of these 
genetic texts, respectively decoding and encoding them; (3) that the chromosome continuum acts like a dynamical holographic grating, which displays or transduces weak 
laser light and solitonic electro-acoustic fields. 


The distribution of the character frequency in genetic texts is fractal, so the nucleotides of DNA molecules are able to form holographic pre-images of biostructures. This 
process of "reading and writing" the very matter of our being manifests from the genome's associative holographic memory in conjunction with its quantum nonlocality. 
Rapid transmission of genetic information and gene-expression unite the organism as holistic entity embedded in the larger Whole. The system works as a biocomputer -- a 
wave biocomputer. 


The quantum nonlocality of the genetic information is fundamental. Experimental work of the Gariaev group shows how quantum nonlocality is directly related to laser 
radiation from chromosomes (coherent light), which jitterbugs its polarization plane to radiate or occlude photons. DNA and the genome have now been identified as active 
“laser-like" environments. Roughly speaking, DNA can be considered as a liquid crystal gel-like state that acts on the incoming light in the manner of a solitonic lattice. 


A soliton is an ultra stable wave train that arises in the context of non-linear wave oscillation. The DNA reading process can be modeled as a complex mechanical oscillator 
capable of producing solitonic wave transmissions. DNA, modeled as a kind of rotary pendulum can be simulated as a chain of non-linear oscillators. Complex dynamic 
patterns arise when taking into account the non-linear covalent connections between nucleotides. 


The same researchers suspect the ability of chromosomes to transform their own genetic-sign laser radiations into broadband genetic-sign radio waves. The polarizations 
of chromosome laser photons are connected nonlocally and coherently to polarizations of radio waves. (Thus, we seem to have an explicit physical analogue for the 
traditional mystical apprehension of "inner light" and the "audible life stream"). This is the main information channel of DNA, the same for both photons and radio waves. 
Superposed coherent waves of different types in the cells interact to form diffraction patterns, firstly in the acoustic domain, secondly in the electromagnetic domain -- a 
quantum hologram -- a translation process between acoustical and optical holograms. 


|. QUANTUM BIOHOLOGRAPHY 


In Languages of the Brain (1971), Pribram postulated a neural hologram made by the interaction of waves in the cortex, which in turn is based on a hologram of much 
shorter wavelengths formed by the wave interactions on the sub-atomic level. Thus, we have a hologram within a hologram, and the interrelatedness of the two somehow 
gives rise to our sensory images. Bohm (1980), in Wholeness and the Implicate Order went further, declaring the brain is a hologram interpreting a holographic universe. In 
a holographic model this inseparable interconnectedness begins at the even more fundamental level of human existence, rooted in our existential blueprint, DNA. The brain 
is a hologram, enfolded within our holographic mind-body, enfolded within a holographic universe. 


Recent discoveries by Russian scientists Peter Gariaev & al. and later speculations by Vladimir Poponin shed tremendous light on our proposal that the human being is a 
transducer of universal energy and consciousness -- essentially a biocomputer. The new feature of this research is the ability to physically demonstrate subtle fields 
emerging from the quantum foam or vacuum potential. This makes the effect quantifiable and measurable -- objective. 


This takes the phenomenon and subjectivity of consciousness out of the realm of quantum metaphysics and plants it firmly under the rubric of hard science. It heralds the 
unification of quantum mechanical and chaotic dynamics in human consciousness. We can now model the human bio-computer. 


Poponin (1995) boldly suggests that this deeper understanding of the mechanisms underlying subtle energy phenomena include many of the observed alternative healing 
phenomena and includes a physical theory of consciousness. This hypothesis is based on a precise quantitative background and combines both quantum mechanics and 
complexity or chaos dynamics in a startling and compelling new way. It posits that some new field structure is being excited from the physical vacuum by an intrinsic ability 
that emerges through DNA. 


Gariaev discovered the DNA Phantom Effect in 1985, when he worked in correlation spectroscopy of DNA, ribosomes and collagen in the Institute of Physics, in the 
Academy of Science of the USSR. He was first able to publish his results in 1991, leading to a book in 1994, Wave Based Genome. His DNA Phantom Effect demonstrates 
a dynamic new field in the vacuum substructure by bombarding it with coherent laser light and coupling it to conventional electromagnetic fields. The experimental protocols 
for this procedure are rigorous, and have been reproduced in Moscow and at Stanford. 


R. A. Miller, |. Miller, and B. Webb (2001) are now consulting on the project to suggest the next research directions and applications. Miller and Webb have a long-standing 
background in this field. Long before David Bohm published his Wholeness and the Implicate Order (1980), Miller and Webb published "A Holographic Concept of Reality" 
in the journal Psychoenergetic Systems, ed. Stanley Krippner, Vol. 1, 1975. 55-62. Gordon & Breach Science Publishers Ltd., Great Britain. "Holographic Concept" was 
later reprinted in the book Psychoenergetic Systems, S. Krippner, editor. 1979. 231-237. Gordon & Breach, New York, London, Paris. It was reprinted again in the journal 
Psychedelic Monographs and Essays, Vol. 5, 1992. 93-111. Boynton Beach, FL, Tom Lyttle, Editor. 
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This foundational paper was followed shortly by "Embryonic Holography: An Application of the Holographic Concept of Reality", also in 1973. Presented at the Omniversal 
Symposium, California State College at Sonoma, Saturday, September 29, 1973. Reprinted in Lyttle's journal Psychedelic Monographs and Essays, Vol. 6, 1993. 137-156. 
Miller followed this project with a proposal prepared for the government through Mankind Research Unlimited, described in a formerly unpublished, proprietary paper called 
"Bioluminescence, Kirlian Photography and Medical Diagnostics" (1974), which is only now seeing the light of day. It was an application of his paper on "The Physical 
Mechanisms of Kirlian Photography." 


In 1993, lona Miller published "The Holographic Paradigm and the Consciousness Restructuring Process," another application to psychotherapeutic mindbody healing. 
Subsequently she has published extensively on the role of complex dynamics in relationship to consciousness and process-oriented psychotherapy, through Asklepia 
Foundation. A deep interest in the nature of Synergetics (Fuller, 1975), zero-point field, the vacuum potential, and quantum foam has led her to develop innovative 
applications of chaos theory in consciousness studies. She has dovetailed many of those discoveries with the reports of mystics of their intuitive inner-plane experiences of 
Light and Sound (Shabd) throughout history (Singh, 1979; Blavatsky, 1987; Puri, 1964; Miller and Miller, 1983). Could it be that these mystics somehow perceive 
holographic processes when they look inside themselves? 


Endogenous DMT (N,N-dimethyltryptamine) is described as the source of visionary light in transpersonal experiences. Its primary source, the pineal, has traditionally 
been referred to as the Third Eye. DMT production is particularly stimulated, according to Strassman (2001), in the extraordinary conditions of birth, sexual ecstasy, 
childbirth, extreme physical stress, near-death, and death, as well as meditation. Pineal DMT also plays a significant role in dream consciousness. How might meditation 
evoke the pineal DMT experience? 


"Meditative techniques using sound, sight, or the mind may generate particular wave patterns whose fields induce resonance in the brain. Millennia of human trial and 
error have determined that certain "sacred" words, visual images, and mental exercises exert uniquely desired effects. Such effects may occur because of the specific 
fields they generate within the brain. These fields cause multiple systems to vibrate and pulse at certain frequencies. We can feel our minds and bodies resonate with 
these spiritual exercises. Of course, the pineal gland also is buzzing at these same frequencies. The pineal begins to "vibrate" at frequencies that weaken its multiple 
barriers to DMT formation: the pineal cellular shield, enzyme levels, and quantities of anti-DMT. The end result is a psychedelic surge of the pineal spirit molecule, resulting 
in the subjective states of mystical consciousness." (Strassman, 2001). But these philosophical aspects are best addressed further elsewhere. 


Here, in this presentation, the joint work of decades by Miller, Miller and Webb comes to fruition and perhaps finds a physical proof. 


The organization of any biological system is established by a complex electrodynamic field. This em field is, in part, determined by its atomic physicochemical components 
and, in turn, determines the behavior and orientation of these components. The holographic model of reality emerging from this principle provides a scientific explanation of 
psychoenergetic phenomena, (Miller, Webb, Dickson, 1973). 


In 1973, Miller and Webb suggested bioholograms as the projectors of our material reality: in the nuclei of each cell in the human body, the DNA (deoxyribonucleic acid) 
carries the structure of our whole body. Not just our physical form, but also the processes that that form undergoes in terms of survival. If all of these things are in truth 
locked in the DNA, how does that turn into a functioning being? 


The DNA could possibly be the holographic projectors. The DNA could be projecting a field that would be experienced by other DNA in the body. The DNA molecules, in a 
sense, could be linked together. The DNA molecules are also linked to their own cell, which they are controlling via mechanisms of RNA transfer and enzymatic action in 
the cell. We believe that it is likely that the DNA and the RNA are in non-local communication. It is known from the EPR phenomenon that entangled photons retain a 
mutual informational bond even at a distance, through polarization, and allow a kind of quantum teleportation, which has finally been experimentally verified. 


DNA molecules, included in chromosomes, possess a substance--wave duality which is similar to the dualism of elementary particles. In accordance with it, DNA codes an 
organism in two ways, both with the assistance of DNA matter and by DNA sign wave functions, including coding at its own laser radiation level - [28]. 


The genetic apparatus can be non-local at the molecular level (holographic memory of a chromosome continuum) and at the same time quantum mechanically non-local in 
compliance with the Einstein-Podolsky-Rosen effect [4]. The latter means that the genome genetic and other regulatory wave information is recorded at the polarization 
level of its photons and is non-locally (everywhere and in no time) transferred (plays out) throughout the entire space of a biosystem by the polarization code parameter. 
This helps to set a quick-response information contact among the billions of cells constituting an organism. 


The genome on the whole and the individual nucleus of cells can generate and recognize text-associative regulatory structures with the application of a background 
principle, holography and quantum non-locality. (Gariaev, et al, 2000). 


We believe that the DNA is the projector of the biohologram, both at the cellular level and at the whole-organismic level. This means that the DNA creates a situation of a 
complex pattern of three-dimensional electromagnetic standing and moving wave fronts in the space that the organism occupies. 


Other researchers soon obtained similar results, and not only based on photons. Multi-frequency physical fields are now teleported. Based on this data, it’s possible to 
suppose that photon fields, emitted by chromosomes as sign fields, can be teleported within or even outside the organism’s space. The same is true for wave photon 
fronts, which were read from the chromosome continuum similar to reading from a multiplex hologram. If photons are transformed into radio waves (the situation we found - 
ref. to [8, 33,37]) through the EPR-mechanism, then this phenomenon is vital. In fact, the importance of quantum non-locality existence for a genome is hard to 
overestimate. (Gariaev, et al, 2001). 


We think that these wave fronts interact with, interpenetrate with, and interdetermine the physical substance that makes up the physical creature. According to the 
holographic model of reality, all the objects we can observe are three-dimensional images formed of standing and moving waves by electromagnetic and nuclear 
processes. All the objects of our world are three-dimensional images formed electromagnetically, i.e. holograms. Just like a hologram encodes a 3-D image, the 
biohologram encodes and projects the blueprint of the human being, as well as other biological systems. 


We also believe that the nervous system constitutes a coordination mechanism that integrates DNA projections of the rest of the cells in the system, that it is first and 
foremost a coordination mechanism which aligns these cellular holograms. 


Imagine the information pleroma, beyond energy and matter, as the source of all infinitely coherent light, “shining” itself into its own entropic womb where our temporo- 
spatial universe is given its life-potential as a single laser beam. 


The DNA in a particular cell is not totally active. It has been determined that there may be as little as 1% of the DNA present in the nucleus of the cell acting as the 
determinant for the structure of that cell. The nervous system, interestingly enough, has the highest percentage of operating DNA of any cell system in the body, of up to at 
least 10% of the DNA in the brain cells. The neuron nuclei are most active. 


We suggest that the nervous system projects a global biohologram which interacts with the cellular bioholograms. If the membrane structure of the neuron nuclei is 
examined closely, it will be seen that the different cavity systems that enter the outer membrane also enter the inner membranes, therefore topologically, these are one and 
the same. Hence the nucleus is lacking a membrane, or the neurons are lacking a membrane in the sense that two of their membranes are topologically one. 
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We suggest that the neurons are not actually brain cells as such. We believe that the brain is the cell, and the neurons are like a distributed nucleus for that cell. That 
makes the glial cells organelles in the giant brain-cell. But they are also cells in their own right, much more so than neurons are. We believe the glial cells are infinitely 
involved with the biohologram, in its projections, and its coordination. 


To go further, the biohologram, projected by the brain, creates standing and moving electromagnetic wave patterns at different frequencies of the spectrum in order to effect 
different biochemical transformations. There may be specific electrostatic fields, or there may be electrodynamic fields varying at various frequencies, from low (radio 
waves) all the way up the spectrum into visible light and beyond. 


Another process of holography is called "acoustical holography". Acoustical holography employs sound waves to create a movement on a surface that is used as the basis 
for creation of an optical hologram. So we essentially convert between a pattern of sound waves reflected off an object in space into a pattern of light waves that can 
reconstruct the shape of that object. We have a transformation between two levels of vibration, two media as it were, preserving a pattern in space. (Miller and Webb, 
1973). 


We suggest that this happens to a much greater degree in the DNA control of our bodies. The liver, for example, contains special function cells. The special function of the 
liver cells is created by the influence of the projection of the liver pattern on the DNA in the cells in the area where the liver is created. We are suggesting an important 
feedback mechanism between the activation of the DNA in a particular cellular tissue type that causes it to be that tissue type, and the biohologram being projected by the 
nervous system. This is bioholography. 


Returning to the recent Russian discoveries (Gariaev, and reporter Poponin), which seem to confirm the seminal discovery of Miller and Webb: both quantitative and 
qualitative data are crucial for the development of a new unified nonlinear quantum field theory which includes the physical theory of consciousness. The DNA phantom 
field effect may be interpreted as a manifestation of a new physical vacuum structure which has been previously overlooked. It is perhaps a specific example of a more 
general category of electromagnetic phantom effects. 


Results of the experiments as described by Poponin showed that when DNA was placed in a scattering chamber and bombarded with laser light a "phantom" was revealed, 
even when the DNA itself had been removed. The DNA was bombarded _ with weak coherent laser radiation in two frequencies; the intensity of the scattered light was 
measured, as well as non-linear localized excitations. 


The experimental team found a surprising effect while measuring the vibrational modes of DNA in solution using a sophisticated “MALVERN” laser photon correlation 
spectrometer (LPCS), which tests the fluctuation dynamics of DNA solutions. 


“In each set of experimental measurements with DNA samples, several double control measurements are performed. These measurements are performed prior to the DNA 
being placed in the scattering chamber. When the scattering chamber of the LPCS is void of physical DNA, and neither are there any phantom DNA fields present, the 
autocorrelation function of scattered light looks like the one shown in Figure 2a. This typical control plot represents only background random noise counts of the 
photomultiplier. Note that the intensity of the background noise counts is very small and the distribution of the number of counters per channel is close to random. Figure 2b 
demonstrates a typical time autocorrelation functions when a physical DNA sample is placed in the scattering chamber, and typically has the shape of an oscillatory and 
slowly exponentially decaying function. When the DNA is removed from the scattering chamber, one anticipates that the autocorrelation function will be the same as before 
the DNA was placed in the scattering chamber. Surprisingly and counter-intuitively it turns out that the autocorrelation function measured just after the removal of the DNA 
from the scattering chamber looks distinctly different from the one obtained before the DNA was placed in the chamber. . . Two conditions are necessary in order to observe 
DNA phantoms. The first is the presence of the DNA molecules and the second is the exposure of the DNA to weak coherent laser radiation.” (Poponin). 


Researchers hypothesize that some new field structure is being excited from the physical vacuum substructure. As long as the chamber is not disturbed, it is measurable 
for long periods of time. What is measured is light scattering from the DNA phantom fields. What is attained is qualitative and quantitative information about the nonlinear 
dynamical properties of the phantom DNA fields. Its origin is related to physical DNA. As yet, they have found no other substance which recreates or emulates the effect of 
the DNA molecule. 


It is this model which suggests a more general nonlinear quantum theory which may explain many of the observed subtle energy phenomena and might lead to a physical 
theory of consciousness. 


This suggests that the electromagnetic phantom effect is a more fundamental phenomenon which can be used to explain other observed phantom effects, though not to be 
confused with the often misinterpreted secondary emission of electrons seen in Kirlian Photography and dubbed "phantoms." [ref. R.A. Miller on "The Physical Mechanisms 
of Kirlian Photography," Psychoenergetic Systems, Stanley Krippner, ed., 1974]. Evidence suggests a relationship to the phenomena of [endogenous] bioluminescence, 
liquid crystals, and superconductivity, which we intend to pursue, elsewhere. 


Bioluminescence can be considered an indicator of life activity. It is the emission of photons of light produced when certain energized electrons drop into a lower or ground 
state. A common example is the visible light (or electromagnetic radiation) generated by the firefly. The importance of this phenomenon is seen by taking the broad view of 
the life process as we know it: photons from the sun excite electrons here on earth; this high energy state is transformed into high energy phosphate bonds by the process 
of photosynthesis; the release of the energy stored in these bonds is the fuel of life; electrons are transferred between molecules in a downward cascade fashion to lower 
energy states; this action produces the electric current that produces the motion that we call life. (Miller, 1974). 


Entities can also luminesce at higher frequencies than the normal visible spectrum, such as in the UV or microwave region. It has been shown that the human being is an 
emitter of various electromagnetic radiations. Different emissions correspond to different body structures across the emission spectrum. These electromagnetic radiations 
are of course indicative of the energy state of the organism, and can be indicative of the state of health. 


Other research (Childre, 1992; Paddison, 1992; King, 2001) suggests that consciousness is non-localized in the bodymind. Joseph Chilton Peace in his latest, The Biology 
of Transcendence: A Blueprint of the Human Spirit, (2001) points out that we have five neural centers or brains--and establishes that our fourth and most recently 
developed brain is located in the head while the fifth is located in the heart. 


It is the dynamic interaction of this head brain (intellect) and heart brain (intelligence), of biology and spirit, which allows transcendence from one evolutionary place to the 
next. Pearce declares we are quite literally, made to transcend. He says, "Transcendence is our biological imperative, a state we have been moving toward for millennia." 


In less scientific and more mystical terms, we emerge through self-organization from the Void and to the Void we can return for renewal and sustenance. It is, in fact the 
Heart Sutra that informs us that "Form is not other than Void; Void is not other than Form." Our human form is not other than this void, and biophysics now demonstrates 
this quantitatively and qualitatively. 


We are more fundamentally electromagnetic, rather than chemical beings. The void state, "cosmic zero," is the primal matrix and proportionately our most fundamental 
reality. In essence, we emerge from pre-geometrically structured nothingness, and DNA is the projector of that field which sets up the stress gradients in the vacuum or 
quantum foam to initiate that process of embryonic holography, (Miller and Webb, 1973-93). The holographic paradigm is one of reciprocal enfolding and unfolding of 
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patterns of information. All of the potential information about the universe is holographically encoded in the spectrum of frequency patterns that constantly bombard us. 


We can imagine that the self-organizing emergent function of the “rippling” effects of immense numbers of criss-crossing interference waves must be one way of making 
mutually interactive, or reciprocal, holographic projections of holographic projections. Our DNA projects our psychophysical self, and likewise “our brains mathematically 
construct objective reality by interpreting frequencies that are ultimately projections from another dimension, a deeper order of existence that is beyond both space and 
time: The brain is a hologram enfolded in a holographic universe,” (Talbot, 1991, p. 55). 


Researchers have found that at the moment of ovulation there is a definite shift in the electrical fields of the body of the woman. The membrane in the follicle bursts and the 
egg passes down the fallopian tube. The sperm is negative with respect to the egg. When the sperm and egg unite, the membrane around the egg becomes 
hyperpolarized, shutting out other sperm. It is at this moment that the electromagnetic entity is formed. The fertilized egg cell contains all the information necessary to 
create a complete operational human being. 


The biohologram begins to function at conception and ceases only at death. Our contention is that the DNA at the center of each cell creates the multi-cellular creature 
hologram by expressing the DNA in the center of the cells. The biohologram projected by the embryonic nervous system forms a three-dimensional pattern of resonant 
structures. These include points, lines, and planes that electromagnetically behave as the acoustic waves - the material waves - of the drumhead, acting as field guides to 
flowing matter and energy. 


The Gariaev group has proposed a theory of the DNA-wave Biocomputer. They suggest (1) that there are genetic "texts", similar to natural context-dependent texts in 
human language; (2) that the chromosome apparatus acts simultaneously both as a source and receiver of these genetic texts, respectively decoding and encoding them; 
(3) the chromosome continuum acts like a dynamical holographic grating, which displays or transduces weak laser light and solitonic electro-acoustic fields. The distribution 
of the character frequency in genetic texts is fractal, so the nucleotides of DNA molecules are able to form holographic pre-images of biostructures. 


In other words, the basic assumptions of the Gariaev team include the following: 

1. the genome has a capacity for quasi-consciousness so that DNA “words” produce and help in the recognition of “semantically meaningful phrases’; 

2. the DNA of chromosomes control fundamental programs of life in a dual way: as chemical matrixes and as a source of wave function and holographic memory; 
3. processes in the substance-wave structures of the genome can be observed and registered through the dispersion and absorption of a bipolar laser beam. 


This process of "reading and writing" the very matter of our being manifests from the genome's associative holographic memory in conjunction with its quantum nonlocality. 
Rapid transmission of genetic information and gene-expression unite the organism as holistic entity embedded in the larger Whole. The system works as a biocomputer -- a 
wave biocomputer. 


The quantum nonlocality of the genetic information is fundamental. Experimental work of the Gariaev group shows how quantum nonlocality is directly related to laser 
radiation from chromosomes (light), which jitterbugs its polarization plane to radiate or occlude photons. The same researchers suspect the ability of chromosomes to 
transform their own genetic-sign laser radiations into broadband genetic-sign radio waves. Curiously, mystics have always called the pervasive creative sacred Sound, 
Logos or Word, the Audible Life Stream (Blavatsky, 1987; Hines, 1996). They declare the Light and the Sound are one, and holographic concept is another name for Unity. 


The polarizations of chromosome laser photons are connected nonlocally and coherently to polarizations of radio waves. The signal can be "read out" without any loss of 
the essential information in the form of polarized radio waves. The liquid crystal phases of the chromosome apparatus (laser mirror analogues) can be considered a fractal 
environment which stores the localized photons. This creates a coherent continuum of quantum-nonlocally distributed polarized radio wave genomic information. 


The genetic wave information from DNA, recorded within the polarizations of connected photons, being quantum nonlocal, constitutes a broadband radio wave spectrum. 
This spectrum is correlated by means of polarizations with the photons. This is the main information channel of DNA, the same for both photons and radio waves. 


This biocomputer memory and retrieval program features photon-laser-radiowave polarization spectroscopy. Complex dynamics are expressed as fractal patterns at all 
levels of organization in nature. And this is no exception. The fundamental notion is, that the photon-laser-radiowave features of different objects (the Fourier-spectra of the 
radiowaves of crystals, water, metals, DNA, etc.) are stored for definite but varying times by means of laser mirrors, such that the "mirror spectra" concern chaotic attractors 
with a complex fractal dynamics, recurring in time. 


This research is the first example of a novel static storage/recording environment (laser mirrors) capable of directly recording the space-time atomic/molecular rotary 
dynamical behavior of objects. It also demonstrates an essentially new type of radio signal, where the information is encoded by polarizations of electromagnetic vectors. 
This could even be the basis of a new type of still or video recording, leading to a new form of cinema. 


This newly detected phenomenon of quantized optical activity can be considered as the means by which an organism obtains unlimited information on its own metabolism. 
Such information is read by endogenous laser radiations of chromosomes. The chromosome, in turn, produces the regulative ("semantic") radio emission of the genome 
biocomputer. Semantic resonances in the biosystem's space are realized at both the wavelength level, and level of frequencies and angles of twist of the polarization 
modes. 


A gene has a holographic memory, (which is typically distributed, associative, and nonlocal), where the holograms "are read" by electromagnetic or acoustic fields. These 
carry the gene-wave information out beyond the limits of the chromosome structure. At this and subsequent levels, the nonlocality takes on its dualistic material-wave 
nature, as may also be true for the holographic memory of the cerebral cortex (Pribram, 1991). 


Pribram posits a neural holographic process, wherein images are reconstructed when representations in the form of distributed information systems are appropriately 
engaged. These representations operate as filters or screens. The temporary organization of cortical columns and the arrival of impulses at neuronal junctions converge 
from at least two sources, forming interference patterns. These patterns are made up of classical postsynaptic potentials, coordinated with awareness. This microstructure 
of slow potentials is accurately described by the equations that describe the holographic process which is also composed of interference patterns. 


From this it follows that in the brain information representing input is distributed over the entire extent of the neural pattern. In the bodymind information is also 
holographically distributed, each "part" having more or less information about the whole organism. Information is fractally distributed and present in greater or lesser 
resolution. 


A neural holographic or similar process does not mean that input information is distributed willy-nilly over the entire depth and surface of the brain. It is confined primarily to 
those limited regions where reasonably stable junctional designs are initiated by the input participating in the distribution. Holographic memory processing does away with 
the need for keeping track of where information is stored. The "filter," "sieve," or "screen" of holographic patterns is composed not only of the lattice of membrane 
macromolecules making up the synapto-dedritic net, but also of a facilitation of all tendencies toward Image formation and the initiation of certain departure patterns of 
nerve impulses (Pribram, 1971). 
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At the junctional patterns of neural activity, Image forming capacity is enhanced. Superposition, i.e. spatial interactions among phase relationships of neighboring junctional 
patterns occurs, with properties akin to those of optical information processing systems -- the properties of holograms. 


Chaotic dynamics are part of this image-forming process. There is order even in disorder. There is order, manageable chaos (fractals) and unmanageable chaos. The 
fractal dimension expresses the complexity of a particular fractal form. “Fractal” comes from the Latin fractus, which mean broken or fragmented. Fractals delineate a whole 
new way of thinking about structure and form -- even the forms of dis-ease, which take root organically in the body and psyche. 


Like holograms, magnify a fractal again and again and more detail emerges from its infinitely embedded structure. The same self-similar patterns repeat, over and over, no 
matter what level you care to examine. You look closer and closer and still see the same form. A single image is infinitely reiterated. Thus, a wealth of structure emerges 
from simplicity. So, too, the dis-ease process can be seen at the physical, emotional, mental, and spiritual levels. Yet, the form remains the same. 


"At the most fundamental level of our individual being, we too, our bodies and our psyches are part of the interference patterns caused by the interaction of consciousness 
and wave fronts arising from fields of infinite possibility. We then must also operate by holographic principles, thus our internal perception of this reality is itself a hologram 
in our brain. It is the means of perception that gives the universe its apparent forms and solidity. It is also this holographic perception that influences the dynamics of our 
brain's and our body's chemistry, our self-hologram. In this perceptual hologram resides the fundamental basis of our structure and our sense of self and external 
environment, including our health and illness in both our physiological and psychological being. Our disease structures are incorporated within it. It is here, at this level of 
our being where fundamental healing and physical-psychic restructuring occur. This hologram is what | have termed the primal existential sensory self-image or existential 
hologram. . .our sense of self is a holographic, existential, multi-sensory image." (Swinney, 1999). 


The key to this process lies in our DNA, in our genes and gene-expression. Our understanding of the human biocomputer must be based on a new understanding of the 
higher forms of the DNA memory, and the chromosome apparatus, as the recording, storing, transducing, and transmitting system for genetic information, to be considered 
simultaneously at the level of matter and physical fields. 


The wave-biocomputer model helps explain the apparatus of protein biosynthesis of living organisms, providing an important interpretation of the initial stages within the 
hierarchic chain of material and field, sign, holographic, semiotic-semantic and, and figurative encoding and deciphering of chromosome functions. At the gene-sign 
continuum of any biosystem, DNA forms pre-images of biostructures and the organism as a whole as a registry of dynamical "wave copies" or "matrices", succeeding each 
other. This continuum is the measuring, calibrating field for constructing or creating any biosystem, (Gariaev). 


Il. MECHANISMS: QUANTUM MECHANICS AND COMPLEX DYNAMICS 


A quick review of the Holographic Concept refreshes us on the basics of biophysics. 


Particles found in biological processes include photons, electrons, protons, elementary ions, inorganic radicals, organic radicals, molecules, and molecular aggregates. 
Photons act upon electrons by raising their energy state. This process is called excitation. Excited electrons can drop back to more stable energy levels and emit photons. 
Electron excitation can lead to the formation of an electronic bond between molecules. This is the traditional bond of classical chemistry. The breaking of such bonds can, 
by reverse process, lead to the excitation of electrons. 


In living systems the excitation of electrons by photons and the subsequent conversion of that excitation into the bond energy is called photosynthesis and is the basic 
builder of biological structures. The reversal of this process is called bioluminescence. This phenomenon is the transfer of energy from a bond to an excited electron, 
resulting in the emission of a photon. It has been suggested by Szent-Gyorgyi (1957: 8) that the energetics of living creatures can be understood in terms of photosynthesis 
and its reversal, bioluminescence. 


All cellular processes are driven by energy derived from the breaking of chemical bonds and the excitation of electrons. Depending upon the particular environment and 
circumstances, the excitation of the electron can be converted in one of three ways: (1) conversion into heat and dissipation (2) translation of molecules or ions through the 
cell, or (3) transformation of the molecules’ shapes which profoundly influences their biological reactivity. 


The formation of a certain type of chemical bond known as the resonance bond (which is most easily seen in the case of the Benzene molecule) leads to a peculiar 
situation in which certain electrons are freed from a local or particular location in the molecule. These are then free to travel around the entire molecule. This means that the 
electrons occupy an energy shell of the whole molecule as opposed to any particular atom in the molecule. The existence of molecular systems with mobile electrons has 
been found to be of profound significance in the phenomena of life. 


Hydrogen, carbon, nitrogen, and oxygen, which compose 99 percent of all living systems, are among the atoms in the periodic table which form the multiple bonds most 
easily leading to mobile electrons. Sulphur and phosphorus, which are extremely important for life processes, also form such multiple bonds quite easily. 


All the essential biochemical substances, which perform the fundamental functions of living matter, are composed completely or partially of such mobile electrons. 
Molecules which contain these electrons are known as conjugated systems (Pullman and Pullman, 1963, chapter 18). The essential fluidity of life may correspond with the 
fluidity of the electronic cloud in conjugated molecules. Such systems may best be considered as both the cradle and the main backbone of life. 


Conjugate bonded molecules may interact in a variety of ways. Among these types of interaction can be found the interpenetration of electron orbitals which permits an 
electromagnetic coupling. This coupling can permit activated electron energy to pass from one molecule to another in the same way a radio can transmit a message to a 
radio receiver. There is also the possibility of the transfer of an entire electron which is known as charge transfer. 


It is possible for a molecular complex to contain several radicals at different positions on the main molecule, each of which are conjugated. If these are in close enough 
proximity, or can be brought into proximity by changes in the structural configuration of the molecule, a charge can pass between these two groups. This is the case of the 
transfer of electron charges on or around a single molecular complex. It has been suggested by Szent-Gyorgyi (1968) that the sugars and phosphates that make up the 
side of the alpha helix of DNA can permit the passage of electrons, functioning as a conductor. 


The biological conduction systems operate primarily on an amorphous semiconductor mode as opposed to resembling metallic conductors. These do not have sharply 
defined energy bands in which electrons may flow, as opposed to other bands in which they are bound rigidly. There is a spread or bell-curve in which the points or tails are 
bound more closely to a particular molecule. The hump indicates a conducting band that permits electrons to flow across the surface of a particular molecule or between 
molecules (McGinness, 1972). 


This means, in essence, that protein molecules which are composed of amino acid sequences, may act as organic circuits. The amino acids each have a donor group and 
an acceptor group on opposing ends. This means that a string or series of amino acids could pass a charge along as if it were being passed along a series of spines 
sticking up from the main body of the molecule. 
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Different pathways could be defined across the surface of a protein molecule by the amino acid radicals projecting out from the surface of the protein. The shape of the 
protein molecules is a function of the charges and the conjugate systems on the radicals that make up the protein. When a protein is manufactured and peels off the 
ribosome, it immediately assumes a three-dimensional spatial pattern that is directly related to the charges on its surface and the ways in which they interact. 


The biological activity or specificity of action of various molecules is intimately related to their structure or their exact three-dimensional spatial configuration. Electronic 
energy and electrons can move through a protein molecule between its different parts and can pass among different molecules. We now come to understand a possible 
mechanism for biological regulation involving flows of electrons and transfer of electronic energy between molecules. These can change their shape and thereby change 
their specific action and activity. The fusion of electron clouds can exist within a conjugated system and among conjugated systems. This can account for cohesion or the 
adherence of such molecules to each other. Such fusion is a very important determinate of the structure of larger aggregates of molecules and portions of living cells, such 
as membranes. 


Ill. BBOHOLOGRAM FIELD THEORY 


A liquid crystal in a cell through its own structure becomes a proto-organ for mechanical and electrical activity, and when associated in 

specialized cells in higher animals gives rise to true organs such as muscles and nerves. The oriented molecules in liquid crystals furnish 

an ideal medium for catalytic action, particularly of the complex type needed to account for growth and reproduction. A liquid crystal has the 

possibility of its own structure through singular lines, rods and cones, etc. Such structures belong to the liquid crystal as a unit and not to its 
molecules which may be replaced by others without destroying them, and they persist in spite of the complete fluidity of the substance (Needham, 1936). 


Bernal's statement (1933) would seem to support Burr and Northrop's macro-atomic theory (1935), which postulates that there are two aspects to reality, the field and the 
particle. They associate the field with what they term the macroscopic aspect and the electron with the particle. They associate the field with what they term the 
macroscopic aspect and the electron with the particle. The particle is associated with movement. The structure of biological material seems to be associated with the field 
aspect. The electric field causes polarization of the macromolecules in the solution due to the fact that molecules possess a dipole moment, and changes the position of 
protons in the molecule. Such action can affect the relative stability of different possible configurations of the macromolecules. The field affects the degree of structure 
present in the solution. 


A constant magnetic field can, in principle, affect the various processes in biological objects. Three possible mechanisms for this biomagnetic affect are (1) the orientation 
of diamagnetic or paramagnetic molecules by the magnetic field (2) distortions of the angles in the molecules and (3) orientation of the spins of molecules in a magnetic 
field (Fowler and Bernal, 1933; Freedericks and Zolina, 1933; Van Iterson, 1933; Osborne, Ambrose and Stuart, 1970). Presman (1970) has postulated that such 
electromagnetic fields normally serve as conveyors of information, from the environment to the organism, within the organism, and among organisms. He suggests that 
organisms employ these fields in conjunction with the well known sensory, nervous, and endocrine systems, in effecting coordination and integration. 


Muses (1970) has proposed the possibility of unit impulse functions evolving from the Gaussian. His work traces the relation of that mathematical concept to quantum 
biological indeterminacy in terms of a process of the modulation of random fluctuations by target-seeking perturbations which points the way to the understanding and 
computing of the parameters of volitional experience in quantum biological terms. He maintains that we are dealing with Gaussian wave packets, put to use in terms of a 
close-range reaction in turn resulting in the resonant microbiological specificity (arising from the relatively large number of specific molecular parameters) necessary to the 
essential life and evolutional processes of chromosome synapses, replication, and mutagenesis. 


Muses holds that inherently indeterminate processes may be biologically used in achieving determinate ones such as our repeatable and commonly accepted volitional 
experiences of effort and direction. The range of quantum indeterminate fluctuation of biological efficacy is in the far ultraviolet, and it is in this spectral region that we 
should expect to look for any modulation effects on Gaussian wave packets by volitional energies manifesting as ultramicrobiological field perturbations. 


Biologically, there is a threshold of non-randomicity below which peaks tend to emerge that are sharp enough to possess biodirectiveness in an enzyme-guiding sense. 
Random biological quantum energies which are physiologically unassigned are the clue to psychosomatic directing, which can be beneficial or deleterious to the organism. 
Muses (1970) describes the mechanism of this effect as a microbiolaser type process. 


Heisenberg explored the possible relevance of the quantum indeterminacy of elementary particles for biological systems, especially human systems (discussed in Koestler, 
1972). He stated that there are two places in the human system where the quantum indeterminacy of a single particle can have a profound influence. The first important 
effect is that of mutation in the genetic code. The second important influence is the alteration of the behavior of neurons during human thought processes. 


Tien (1969) has conceptualized mind as mass in relative motion and brain as energy at relative electrical charges in motion, like electrons bombarding a television screen, 
and personality is seen as a time series of scintillating frames of consciousness. Personality becomes a reverbating input-output pattern of self-creation, seeking 
information or patterns of energy from the environment as well as from its own memories. The stability of any given personality of its identity is maintained by feedback 
upon the principle of most similarity. 


The personality never recreates itself, but creates only a close approximation which is accepted due to the principle of constancy as being the same. The phenomena of 
unique individuality and personal continuity depend on memory, of which consciousness is the most recent and, thereby, the most subject to erasure and loosening. 
Personality transformation becomes energy pattern modification of not only scintillating consciousness but also of recent circulating memories and older stored memories 
of childhood. 


According to the holographic model of reality, all the objects we can observe are three-dimensional images formed of standing and moving waves by electromagnetic and 
nuclear processes. All the objects of our world are three-dimensional images formed electro-magnetically, i.e., holograms. 


This concept and the models of human information processing based on the hologram, throw interesting light on the philosophical tradition which holds that the world of 
objects is an illusion. With the triumph of relativity and quantum physics, the interpenetration of the philosophical and the scientific is possible. 


LeShan (1969) has observed, in discussing some individuals who purportedly experience psycho-energetic phenomena, that their view of the universe as a great thought 
of which they are a part is quite similar to many physicists’ view that they see reality only in their own mental image. 


We propose that the "reality hologram" which appears as a stable world of material objects is the elementary particle which has a long-term existence and fairly simple 
rules of interaction. We also propose the existence of a "biohologram" which appears as mobile and evolving, through the DNA molecule. This "biohologram" projects a 
dynamic three-dimensional image that serves as a guiding matrix for the manipulation and organization of the "reality hologram." (Miller, Webb, Dickson, 1973). 


Thus we have mobile self-organizing holograms moving through a relatively static simpler hologram. The possibility exists that such "bioholograms" could achieve sufficient 
coherence to continue existence as a pattern of radiant energy apart from a material substrate. We feel that such an occurrence could form the scientific basis of such 
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psychoenergetic phenomena as psycho-kinesis, clairvoyance, telepathy, and precognition. 


Quantum holography asserts that DNA satisfies the principle of computer construction as defined by Von Neumann (1966). It carries a copy of itself and is its own blueprint 
written in the genetic texts where the mechanism engineering the DNA replication is the biophotonic electromagnetic field, while the "letters" of the genetic texts, A, G, C, U 
are held invariant. In replication of the organism, the blueprint creates the "acoustic field" which mechanically constructs/engineers the organisms out of the available 
matter, in accordance with the information held in the electromagnetic field holograms. 


Both quantum entanglement and therefore quantum teleportation can be related to quantum holography, through solitons, resonance effects, and superconductivity. 


Experimental evidence confirms that the mutual recognition of one DNA antiparallel half chain (+) by the other (-) concerns special super persistent/resonant acoustic- 
electromagnetic waves or solitons. DNA solitons express two types of memory which concern the capability of non-linear systems to remember initial modes of energisation 
and to periodically repeat them [Dubois, 1992]. The DNA liquid crystals within the chromosome structure form such a non-linear system. The DNA-continuum is quasi- 
holographic/fractal and relates, as is the case for any hologram or fractal, to the fundamental property of biosystems, i.e. their ability to restore the whole out of the part. 


DNA solitary waves (solitons), and in particular, the nucleotide waves of oscillatory rotation, "read" the genome's sign patterns, so that such sign vibratory dynamics may be 
considered as one of many genomic, non-linear dynamic semiotic processes. The key parameter of such patterns is fractality. It can therefore be hypothesized that the 
grammar of genetic texts is a special case of the general grammar of all human languages. We can realize the wave-coding capabilities of the matter-wave sign functions 
of DNA as true wave control capabilities facilitates in an aqueous solution acting as a liquid-crystal condition. The living cell is a computer based on DNA. 


The genome has been identified as an active "laser-like" environment. Yet this approach to DNA-wave biocomputation means entering into new semiotic areas of the 
human genome and the biosphere in general. These are the areas which are used by Nature to create humankind. The quasi-speech of chromosomes of all organisms 
concerns semantic exobiological influences wherein DNA acts as a kind of aerial open to the reception of internal influences and changes within the organism as well as 
those outside it. This extends beyond it to the extent of the entire universe through complex fractal embedding and non-locality. 


Creation of biocomputers can be based on these totally new principles of DNA-wave biocomputation, which use quantum teleportation [Sudbury, 1997], (see also SciAmer 
on quantum teleportation). Experiments show that DNA considered as a liquid-crystal gel-like state, reveals a periodically reoccurring pattern which acts on the incoming 
light in the manner of a solitonic lattice. What could such an action achieve? 


A soliton is an ultra stable wave train often with a seemingly simple closed shape, which can arise in the context of non-linear wave oscillations. Really it consists of a 
rather complexly interrelated assembly of sub wave structures, which keep the whole solotonic process in a stationary state over a comparatively long time. The soliton is 
neither a particle nor wave in much the same as a quantum is characterized by wave-particle duality. It is a means to carry information. It probably reads the codons, as a 
travelling "window" that opens in the double helix structure as the reading takes place. In this model the reading process is a complex mechanical oscillator (Gariaev, 
1994), capable of producing solitonic wave transmissions, which take the form of a system of rotary pendulums. 


DNA forms such pendulums in this model which are simulated as a chain of non-linear oscillators. The window as it travels is highly context dependent on the actual layout 
of the elements as specified by the actual genetic code sequence involved. Complex dynamic patterns arise in the non-linear covalent connections between nucleotides. 
Oscillatory activities are located somewhere together in the "acoustic" wave domain. 


As a liquid crystal, DNA probably influences the polarization of the weak light emission known to exist in cells, as so-called biophotons. Such biophotonic, mitogenic 
radiation or mitogenic light, while being ultraweak, is yet highly coherent. It has an inherent laser-like quality. Endogenous intracellular coherent light is emitted by the DNA 
molecule itself. 


The superposed coherent waves of different types in the cells are interacting to form diffraction patterns, first in the "acoustic" domain and then in the electromagnetic 
domain. This is a kind of quantum hologram. Interactions of solitonic oscillations in the liquid crystal structure of DNA and the polarization vector of the ultraweak 
biophotonic highly coherent light, could be understood as a mechanism of translation between holograms in the "acoustic" frequency domain of short range effects and 
those in the electromagnetic domain, and vice versa. 





Quantum holography has been used to predict the workings of MRI (Schempp, 1992,1998). The DNA-wave biocomputer model is also in agreement with the qubit model 
explanation of DNA. 


In the quantum holographic DNA-wave biocomputer theory, DNA is a self-calibrating antenna working by phase conjugate adaptive resonance capable of both receiving 
and transmitting quantum holographic information stored in the form of diffraction patterns -- quantum holograms. The model describes how during the development of an 
embryo of the DNA's organism, these holographic patterns carry the essential holographic information necessary for that development. 


The quantum holographic theory requires that the DNA consists of two antiparallel (phase conjugate) helices, between which are located hologram planes/holographic 
gratings, where the necessary 3 spatial dimensional holographic image data of the organism is stored. Endogenous laser illumination can be expected to turn the DNA into 
a series of active adaptive phase conjugate mirrors/holographic transducers. A beam of radiation resonantly emerges on which is carried the holographic information as 
encoded in the DNA. This confirms the quantum holographic prediction that DNA functions as an antenna capable of both encoding and decoding holographic information. 


We can also model the quantum holography of the neuron. This model is in good accord with the biological neuron's information processing morphology and signal 
dynamics. This is the quantum holographic model of the brain as a conscious system. We can incorporate signal theory into quantum physics through the concept of the 
pilot wave or radar. 


Quantum holography predicts polarized or orthogonally rotated holograms encoded on a "paged" associative holographic memory. Sharp frequency adaptive coupling 
conditions specify very narrow spectral windows, i.e. the "pages." "Magic windows" are a naturally tuned frequency of a good hyperchannel between orthogonal frames 
where scalar wave anenergies crosstalk readily. They are frequency dependent interdimensional nodal points. Some magic windows are 38-40 IHz; 150-160 kHz; 1.1-1.3 
MHz; 1.057 (Lambshift) and the near ultraviolet (life energy frequency), (Beardon, 1988). 


Described in terms of tensor multiplication, the orthgonality condition can be seen as specifying a set of diagonal elements, which traces in a unit matrix in the frequency 
domain. The planes on which the base pairing takes place concerns two quantum holograms. The tensor operation, in quantum holography, describes a quantum 
entanglement. 


Murray Gell-Mann describes quantum entanglement in The Quark and the Jaguar (1994). He first points out that coarse graining can wash out interference terms. The 
interference terms between two coarse-grained histories is the sum of all the interference terms between pairs of fine-grained histories belonging to those two coarse- 
grained ones. The underlying explanation for decoherence is the mechanism that makes interference terms sum to zero and permits the assignment of probabilities. It is 
the entanglement of what is followed in the coarse-grained histories with what is ignored and summed over. 
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IV. BIOLOGICAL EFFECTS OF SCALAR ENERGY 


There are only a few known forces in nature and unfortunately we are at a loss to explain what their actual sources are. The best physics has been able to do is ascribe 
them to some fundamental characteristics of the universe, a charge of some kind. That's why we can more abstractly view a force as the variation of a certain potential and 
therefore practically every influence field can be thought of as a force field. This potential can be a scalar as in the case of Coulomb's law; a vector as in the case of the 
electromagnetic vector potential which neatly streamlines the mathematics of Maxwell's equations; or a tensor, which is the case of the metric tensor of the Riemann space 
in Einstein's GTR equations. 


There is a predominance of non-linear processes in biological systems. Several types of quasi-particles, each with their own characteristic resonant frequencies have been 
proposed to mediate these non-linear phenomena, including solitons, excitons, and plasmons. The right frequencies of non-linear energies might have profound healing 
properties, according to Stanford researcher Dr. Glen Rein. Due to the non-linear nature of biological systems it is proposed that scalar waves should be more biologically 
active than their linear electromagnetic counterparts. 


In the simplest cases, scalar resonance can be imagined as two ordinary single-frequency EM standing waves in a resonant cavity, with the two waves coupled exactly 180 
degrees out of phase so that --externally--their E fields sum to zero and the capacity is said to be in scalar resonance. The cavity walls must act as phase conjugate mirrors 
(PCM). Mass itself is simply a standing scalar resonance, with the standing walls tapped by particle spin. The atomic nucleus continually bombarded by virtual photon flux 
from the vacuum is a pumped PCM. Since the nucleus is positively charged, it produces Phase Conjugate Replicators (PCRs), having negative energy and negative time. It 
thus produces negentropy, which prevents the entropic decay of the atom. Essentially all frequencies can be and are present at once, but certain nuclear resonance 
frequencies are thought to predominate. By increasing the amplitude of the standing scalar wave that is the nuclear pseudopotential, inertia and mass of the nucleus are 
increased. Zeroing the amplitude dematerializes the nucleus. (Beardon, 1980). 


So, scalar energy is transduced into linear electromagnetic energy in the body by liquid crystals in the cell membrane and solid crystals found in the blood and in several 
biological tissues. Clinical studies of the effects of scalar energy on the mind-body and brainwaves have been conducted since the 1980s. If they can be believed, research 
from Stanford University Medical Center produced some tantalizing results. 


Electrochemical oscillation between membrane-bound lipids near phase-transition temperature have been analyzed with and described by nonlinear quantum mechanical 
equations. They also analyzed the coupling between harmonic oscillators represented by action potentials generated from active neuronal networks in the central nervous 
system, finding evidence of chaos. The extraction of scalar components from Maxwell's original electromagnetic equations and from Schrodinger's equation using 
imaginary numbers has been reported, and their unusual non-linear waves described by many experimenters. 


A Crystalline Transduction Theory has been put forth to explain the interactive mechanism of scalar waves with biological systems. Another possibility is transduction in 
microtubules dispersed throughout the whole organism. Tissue culture studies imply that the action of scalars on biological systems is more than a placebo effect mediated 





by the brain/mind, such as stress, moods or beliefs. Stray EM energy in the ambient atmosphere makes it difficult to study the healing properties of scalar energies in a 
clinical setting. 


Clinical healing sometimes occurred several months after initial exposure to the scalar waves. It is known that the brain and body, each the immune system, communicate 
bidirectionally. Thus, a direct action of scalar energy on the body could cause a subsequent change in brain state. Therefore EEG studies do not indicate whether scalar 
energy also effects the body directly or whether the brain and the body are both affected. Even if scalar energy directly affects individual cells, it may also affect the mind 
resulting in an altered psychological outlook which results in clinical improvement. 


Dr. Michael Persinger (1987) was the first person to test the effects of scalar energy using isolated cells. The scalar waves were generated by partially canceling two 
vortex-type magnetic fields (0.SHz, 10pT) by intersecting them in the air. The biological endpoint, degranulation of mast cells, was increased by the scalar fields. Dr. 
Puharich, in another study, grew tissue samples of E. Coli, and detected an increased activity of ubiquitone, a protein involved in DNA repair. These results indicate that 
scalar energy can have a direct effect at the subcellular level as well as a direct effect on the immune system. 


Another project detected an effect of scalar energy on neurotransmitter function, which mimicked the effect of antidepressant medication. Scalars appear to modulate the 
basic biochemical communication between nerve cells mediated by neurotransmitters. Cultured nerve cells called PC 12 cells were isolated from rats, and the functional 
properties of noradrenaline release from PC 12 cells was shown to be increased by a 500Hz monopolar square wave, and noradrenaline uptake was inhibited by a 15Hz 
biopolar square wave, (Rein). 


Noradrenaline uptake was chosen because it is directly mediated by the plasma membrane via an intramembrane protein carrier. The plasma membrane, with its liquid- 
crystal structure, is the critical cellular barrier which interfaces with the chemical and electromagnetic environment. Since other intramembrane proteins show non-linear 
properties, the plasma membrane is a likely target for scalar energy. 


The physiological function of carrier mediated neurotransmitter uptake is to remove excess neurotransmitter from the synaptic cleft after its release from presynaptic 
nerves. Thus, inhibiting uptake results in the accumulation of the neurotransmitter in the synaptic cleft. This is the mechanism of action of tricyclic antidepressants, since 
they inhibit noradrenaline uptake. 


Depression is associated with decreased noradrenaline levels. Rein exposed confluent monolayer culture of PC12 cells to noradrenaline in the presence or absence of 
scalar energy. After 30 minutes, the cells were washed and centrifuged and noradrenaline uptake measured. Overall, uptake was inhibited by 19.5% in the presence of the 
scalar field as compared with the control value obtained in its absence. This is a significant statistical difference of p 0.01. 


Researchers think a wide variety of physiological changes could be created resulting in improvement of a variety of clinical diseases, only one of which could be 


depression. Scalar energy can have a direct effect on the cell membrane. Researchers want to test whether diseased cells are preferentially sensitive to scalar energy; and 
what characterizes its mechanisms of action. 


V. ROSSI’S DREAM-PROTEIN HYPOTHESIS ON HEALING 


Ernest Rossi (1999; 2002) has developed a pertinent creativity hypothesis: “Enriching life experiences that evoke psychobiological arousal with positive fascination and 
focused attention during creative moments of art, music, dance, drama, humor, spirituality, numinosity, awe, joy, expectation, and social rituals can evoke immediate early 
gene protein cascades to optimize brain growth, mindbody communication, and healing.” 


“[The] psychotherapeutic approach can contribute to psychobiological arousal, enrichment and relaxation; it may be possible to help people find optimal levels of mental 
stimulation to facilitate actual growth in the hippocampus of their brain to encode new memory, learning and behavior...optimizing psychobiological growth and healing.” 


Rossi (1999) describes a mind/body communication channel that is pertinent in that it may describe another way neural plasticity and healing manifests from REM. He 
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describes how immediate-early genes (also called “Primary Response Genes” or third messengers) play a central role in the dynamics of waking, sleeping, dreaming, and 
mind-body healing at the cellular level. 


There is evidence that immediate-early genes (IEGs) function as mediators of information transduction between psychological experience, behavioral states, and gene 
expression. A wide range of behavioral state-related gene expression (from relaxation, hypnosis and sleep to high arousal, performance, stress and trauma) culminate in 
the production of new proteins or homeostasis, physical and psychosocial adaptation.” 


Behavioral states modulate certain patterns of gene expression. Interaction between the genetic and behavioral levels is a two way street. Genes and behavior are related 
in cybernetic loops of mind-body communication. How does this relate, for example, to manic depression? 


A look at the systems related to IEGs, shows that they affect all the systems disrupted in bipolar disorder. They are expressed continually in response to hormone 
messenger molecules mediating processes of adaptation to extracellular signals and stimuli. Extracellular stimuli come from the outside environment, including 
temperature, food, sexual cues, psychosocial stress, physical trauma, and toxins. IEGs are fundamental in the sleep-wake cycle, appetite regulation, sexual response, and 
reactions to stress, trauma, and toxins (Rossi, 1986; 1999; 2002). 


There are persistent alterations in IEG expression in the process of adaptive behavior on all levels from the sexual and emotional to the cognitive. They can transduce 
relatively brief signals from the environment into enduring changes in the physical structure of the developing nervous system as well as its plasticity in the form of memory 
and learning throughout life. If external cues can modulate cell function through regulation of gene expression, this could also be true for internal cues. 


IEGs are also fundamental in the regulation of REM-on, REM-off neurons, neuronal networks that are associated with REM sleep and dreaming. That makes them 
significant as molecules which can modulate mind, emotions, learning and behavior. They influence the rhythm of the natural healing process and circadian and ultradian 
rhythms of the body, in general. Ultradian rhythms are those shorter than the 24-hour circadian rhythms (Rossi; Cheek, 1988). 


Milton Erickson discovered that his therapy sessions usually took from one and a half to two hours to come to natural closure. Later it was discovered that this delineates 
the natural work cycle that is harmonious with our own internal rhythms. IEGs modulate this process. This ultradian time frame is related to the activation or deactivation of 
the expression of specific genes and can occur in a matter of hours or even minutes. 


“Most arousing environmental stimuli that have been studied can induce immediate-early genes within minutes, their concentrations typically peak within fifteen to twenty 
minutes and their effects are usually over within an hour or two. These time parameter IEG expressions and their ultimate translation into the formation of new proteins 
correspond to the parameters of a complete work cycle of mind-body communication and healing. The changes in gene transcription and new protein formation initiated in 
this time frame, however, can lead to lasting changes in the central nervous system by converting short term memory to long lasting learning by the process of long term 
potentiation. . .the activation or deactivation of the expression of specific genes can occur in a matter of hours or even minutes." (Rossi, 1999). 


This mechanism assesses the duration and intensity of prior waking and/or the homeostatic or executive mechanisms that bring about sleep. Sleep deprivation leads to a 
wide variety of psychotic and non-psychotic symptoms. This system is also associated with the neuronal network associated with the dynamics of REM sleep. Deprivation 
of REM and dreaming creates its own phenomenology. 


“The study of IEGs indicates that sleep and wake, as well as synchronized and desynchronized sleep, are characterized by different genomic expressions, the level of IEGs 
being high during wake and low during sleep. Such fluctuation of gene expression is not ubiquitous but occurs in certain cell populations in the brain. Thus...IEG induction 
may reveal the activation of neural networks in different behavioral states. Do the areas in which IEGs oscillate during sleep and wake subserve specific roles in the 
regulation of these physiological states and a general ‘resetting’ of behavioral state? Is gene induction a clue to understanding the alternation of sleep and wake, and of 
REM and non-REM sleep?” (Rossi, 1999). 


In Rossi’s Dream-Protein Hypothesis, “new experience is encoded by means of protein synthesis in brain tissue...dreaming is a process of psychophysiological growth that 
involves the synthesis or modification of protein structures in the brain that serve as the organic basis for new developments in the personality...new proteins are 
synthesized in some brain structures associated with REM dream sleep.” 


Rossi generalizes the dream-protein hypothesis, “to include all states of creativity associated with the peak periods of arousal and insight generation in psychobiologically 
oriented psychotherapy.” 


Enriched internal and external environments leads to the growth and development of new cells. IEG cascades lead to the formation of new proteins and neurons along with 
increased synapses and dendrites that encode memory and learning. On the other hand, excessive trauma and psychosocial stress can lead to suppression of growth 
processes in the brain. When psychotherapy contributes to arousal, enrichment, and relaxation it facilitates actual growth in the brain to encode new memory, learning and 
behavior, optimizing growth and healing. 


“Communication within the neuronal networks of the brain is modulated by changes in the strengths of synaptic connections...meaning is to be found in the complex 
dynamic field of messenger molecules that continually bathe and contextualize the information of the neuronal networks in ever changing patterns. Most of the sexual and 
stress hormones...have state dependent effects on our mental and emotional states as well as memory and learning, a constantly changing dynamical field of meaning.” 
(Rossi, 1991). 


Novel and enriching psychotherapeutic experiences can lead to neurogenesis and gene expression which facilitate mindbody communication and can have a long-term 
transformative effect on the whole person (Rossi, 2002). Rossi points out that many of the essential dynamics of gene expression involved in the formation of the brain and 
body in embryology are now recognized as a continuing creative development through an individual's lifetime. He also asserts that a lack of optimal gene expression and 
neurogenesis is associated with psychological depression and stress. Thus, bioholography has relevant applications for optimizing health and well-being across disciplines, 
such as biophysics, medicine, psychobiology, psychotherapy and the holistic healing arts. 


VI. CONCLUSION 


Sidorov (2002) has summarized the thrust of the Gariaev group: 


Since the early '90s, Gariaev's team has been developing a new theoretical and experimental approach to the study of genetic material encoding and expression. In a 
pioneering paper (Gariaev 2001; JNLRMI I(2)), he and his colleagues challenge the limits of the genetic code triplet model and propose instead a dual, substance/wave 
basis for the encoding and expression of genetic material. The wave-like, non-local aspect of genetic regulation is recorded at the polarization level of DNA-associated 
photons, and the genome is seen as a quasi-hologram of light and radio waves which create the background necessary for the appropriate expression of genetic material. 


The authors argue that the genome emits light and radio-waves whose delocalized interference patterns create calibration fields (blueprints) for a system's space-time 
organization. This holographic-type information is being constantly and simultaneously read in billions of cells, accounting for the quick coordinated response typical of 
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living systems. 
We can use the observations of the Gariaev group to further summarize the essence of the human biocomputer: 


"Thus, nonlocality can be postulated to be the key factor explaining the astonishing evolutionary achievement of multicellular biosystems. This factor says that bioinformatic 
events, can be instantaneously coordinated, taking place "here and there simultaneously", and that in such situations the concept of "cause and effect" loses any sense. 
This is of a great importance! The intercellular diffusion of signal substances and of the nervous process is far too inertial for this purpose. Even if it is conceded that 
intercellular transmissions take place electro-magnetically at light speeds, this would still be insufficient to explain how highly evolved, highly complex biosystems work in 
real time." [5] 


Gariaev asserts that quantum nonlocality and holography is indispensable to a proper explanation of such real time working. 


"[T]he genes can act as quantum objects, and that, it is the phenomenon of quantum non-locality/teleportation, that ensures the organism's super coherency, information 
super redundancy, super knowledge, cohesion, and, as a totality or whole, the organism's integrity (viability)." [5] 


Quantum Holography defines an admitter/absorber quantum vacuum model of quantum mechanics in terms of annihilation/creation operators [Schempp, 1993]. This 
implies that DNA does indeed behave like a single quantum, which induces a "hole" temporarily in the vacuum by its removal. 


This new understanding of biocomputers, constitutes a further step in a development of computer technology in general. An understanding that brings about a total change 
of the constituent basis of that technology to the figurative semantic (nonlocal) wave computer or biocomputer, based on DNA memory, and the chromosome apparatus. 


Quantum Bioholography argues that DNA satisfies the principle of computer construction, since it carries a copy of itself, its own blueprint, with the mechanism engineering 
the DNA replication being the biophotonic electromagnetic field, while the "letters" of the genetic texts A, G, C, U are held invariant. The existence of the genetic text 
constitutes the classical signal process of quantum teleportation, and facilitates the quantum mechanical signal processes of both the copying of the DNA as its own 
blueprint, and of the construction of the organism in a massively parallel way by means of quantum teleportation. 
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Biocommunications 


A modern term favored in Eastern Europe for what in the West is termed parapsychology 
(http://www.answers.com/topic/parapsychology). It attempts to extend parapsychology by indicating the relationship of 
man to the universe, interaction with other physical bodies and matter, and fields of energy, known or unknown. 


The First International Conference on psychotronics was held in Prague, Czechoslovakia, in 1974. Delegates included 

professors of physics and psychology, doctors of medicine and psychiatry (http:/www.answers.com/topic/psychiatry), 

and parapsychologists. Subjects discussed included dowsing (http://www.answers.com/topic/dowsing-1) (water- 
witching and location of hidden objects), radionics, telepathy (http://www.answers.com/topic/telepathy), Kirlian aura 
(http:/www.answers.com/topic/aura), out-of-the body travel, and bio-electric energy fields. Psychotronics organizations now exist in Poland, the 
Czech Republic and several other Eastern European countries. 


Sources: 


Wilczewski, Janusz, Zbigniew Szczerba, and Barbara Szbicka, eds. Materialy z Konferencji Parapsychologow '94. Warsaw: Polskie Towarzystwo 
Psychotroniczne, 1994. 


. V. M. Inyushin, "Biological Plasma of Human and Animal Organisms," Symposium of Psychotronics, Prague, September 1970. Published by the Paraphysical Laboratory, 
Downton, Wiltshire, England. 


Second International Psychotronics Conference, Monaco, 1975. 
http://www2.xlibris.com/book_excerpt.asp?bookid=13927 


Psychotronics began to become an organized discipline in the West when the Society for Psychical Research was established in London in 1882 
(Jane Oppenheim, 1986). Many of the 19th Century's most famous scientists joined this Society. Among them were such noted scientific giants as 
Lord Rayleigh, J. J. Thomson, William Crookes, and Sir Oliver Lodge. In 1922, Sir Oliver Lodge wrote an article presenting his views on psychic 
science (J. Arthur Thomson, 1922), which were strongly influenced by his belief in the ether. The concept of an ether is experiencing a great revival 
at the present time, so it is of interest to consider the following quote from this 1922 article: 

United States Psychotronics Association 


“Some of us are beginning to suspect that these psychical entities are able to utilize the properties of the ether, too—that intangible and elusive 
medium which fills all space—and if that turn out to be so, we know that this vehicle or medium is much more perfect, less obstructive, and more 
likely to be permanent, than any form of ordinary matter can be. For in such a medium as ether, there is no wearing out, no decay, no waste or 
dissipation of energy such as is inevitable when work is done by ponderable and molecularly constituted matter-that matter about which chemists 
and natural philosophers have ascertained so many and such fascinating qualities. Physicists, chemists, and biologists have arrived at a point in 
the analysis of matter which opens up a vista of apparently illimitable scope. Our existing scientific knowledge places no ban on supernormal 
phenomena; rather, it suggests the probability of discoveries in quite novel directions." 


It appears that to Sir Oliver Lodge, psychotronics was merely an extension of physical science. 


Even though the term psychotronics has been constantly used in this article, it was not coined until the 19th Century _ when it appears to have 
originated with the Soviets, who began very active research in the late 1950's in an area they referred to as psychoenergetics (Krippner, Rubin, 
1974). To the Soviets, however, psychotronics was merely a subset of psychoenergetics. In America today, the | term psychotronics is being used 
to include all phenomena | which the Soviets referred to as "psychoenergetics." 


One might define the area of psychotronics as that domain of human inquiry which includes the study of all phenomena that are created by the 
direct interaction of the living force, vril, with the ether medium. Here, the term vril is far more inclusive than the term "bioplasma" which is only a 
certain expression of the vril. To the psychotronic investigator, thoughts are things, and they lie at the foundation of all phenomena, physical and 
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non-physical. 


The development of psychotronics in the United States is of recent origin. In December, 1969, the American Association for the Advancement of 
Science formally admitted the Parapsychological Association into its ranks. Thus the of study of paranormal phenomena can henceforth be | 
pursued with some official sanction, a blessing which has been hard to win. 


Prior to 1972, if one was asked about the state of psychic research in the United States, about all that would s come to mind would be the work of 
Dr. J. B. Rhine at Duke University which began in the 1935 time frame. Indeed, until the early 1970's, work in psychotronics was kept alive in the 
United States only by a very few devoted scientists and laymen receiving little or no support, official or otherwise. Even today, support for such 
work is difficult to obtain. However, there is now a much larger number of dedicated researchers painfully advancing the state of the art. 


| believe that the initial impulse which started serious development of psychotronics in the United States was the publication of the book Psychic 
Discoveries Behind the Iron Curtain (Ostrander & Schroeder, 1970). This book stimulated private researchers in the United States to organize and 
attempt to reproduce Soviet work in psychotronics. Ken Johnson, Howard Burgess, and | nearly simultaneously reproduced the Kirlian camera in 
early 1971. Controversy still surrounds this device which is reported to be able to detect the living "bioplasma field" around the human body by 
causing a high voltage electrical corona to interact with it, an effect which reminds one of the interaction of iron filings with a magnetic field. 


On November 15, 1971, the American Society for Psychical Research held a symposium on " Advances in Psychical Research" in the Soviet Union. 
At the invitation of Dr. J. G. Pratt, then a parapsychologist at the University of Virginia, | demonstrated my Kirlian device and showed photographs 
that had been taken with it. Dr. Pratt had just returned from a visit to the Soviet Union and gave a report on the many startling psychotronic ex 
United States Psychotronics Association 


periments he had witnessed there. At the conclusion of the formal talks, a panel discussion was held with the panel consisting of the following 
members: Dr. J. G. Pratt, Parapsychologist, University of Virginia; Dr. Bernard Aaronson, Psychologist, Princeton University; Dr. Llyman Fretwell, 
Physicist, Bell Laboratories, Whippany, New Jersey; Dr. Gary Gruber, Physicist, Hofstra University, New York City; and myself, Engineering 
Physicist, Albuquerque, New Mexico. (The management of the laboratory for which | work strongly objected to its name being associated with 
psychotronic research.) 


In the audience of this symposium was Max Toth, an American pioneer in psychotronics, and of Czechoslovakian heritage. He later met with Dr. 
Zdenek Rejdak, a Czechoslovakian researcher associated with the Department for Psychotronic Investigation, affiliated with the Czechoslovakian 
Society for Applied Cybernetics, not long after the New York symposium. It was the collaboration between these two men which laid the foundation 
for the historic Prague Conference _ perhaps the most significant event to occur in the entire history of psychotronics. [In 1993, Dr. Z. Rejdak also 
participated in a Joint Conference of the International Association for Psychotronic Research and the USPA, at the U. of Wisconsin, Milwaukee. 
Other foreign speakers included Gabrial Christeller, Prof. Chanceverov, Toshia Nakache, Dr. Ivan Ploc, Dr. Yvonne Duplessis, Prof. K Kademova, 
Ing. L. Keclik, Ing. S. Starman, Dr. Victor Adamenko, and Dr. F. Karger _ Ed. note] 


The Prague Conference 


This unique conference was held in Prague, Czechoslovakia, in June of 1973. The basis for all of the recent advances in psychotronics was laid at 
this event, and international cooperation in this field of research was at a level never obtained before or since. Nearly every country which was 
performing psychotronic research to a significant degree was represented. Approximately 

fifty-two of more than 250 total attendees were Americans. Only five Soviets took official part in the Conference, but more than two dozen 
submitted papers. The most important Soviet researchers, such as Vikton Adamenko, Viktor Inushin and Semyon Kirlian did not appear in person; 
however, some of the Americans who visited Moscow later were able to meet and talk with Viktor Adamenko and his wife. Czechoslovakia, of 
course, was heavily rep-resented by the most noted researchers alive today such as Julius Krmessky, who has been investigating and 
demonstrating the radiation of bioplasmic energy from the human body; and Robert Pavlita, a very important Czech inventor who had developed 
material devices which are capable of concentrating and manipulating the bioplasmic or vril energy to a degree powerful enough to actually run 
small motors. 


Pavlita demonstrated at the Conference _without any doubt—that bioplasmic energy was polarized. His daughter projected her bioplasmic energy 
into various devices which were designed to produce specific physical effects such as motor action, precipitation of solutes from solution, 
stimulating or destroying plant growth, and the killing of insects. Pavlita told of an accident which occurred during his experimentation when his 
daughter was partially paralyzed and her life placed in great danger by being exposed to a negative form of bioplasmic energy. He had to work 
feverishly without stopping for over two days in order to build a device which would reverse the negative effects produced by the one which did 
the damage. As a result of this experimentation, Pavlita found that he could build devices of sufficient scale that they could project enough 
negative energy to kill human beings. [The Spring/Summer 1988 issue of Artifex (published by Archeus Project 2402 University Avenue, St. Paul, 
MN 55114), carried an article titled "Experimental Investigation of Biologically Induced Magnetic Anomalies," by G. Egely and G. Vertesy. The 
authors worked with Robert Pavlita, who has apparently effected various magnetic anomalies by means of "concentration and a small metal 
device." _Ed. note] 

United States Psychotronics Association 


Brazil was represented by Dr. Brenio Onetto-Bachler, a professor of parapsychology at the University of Chile; Canada was represented by Dr. and 
Mrs. Duncan Blewett, both psychologists at the University of Saskatchewan, where they developed a mathematical formula for "psychic energy" 


which explains its characteristics and dynamics. Also from Canada came Dr. Edward Mann, who lectured on experimentation with orgone blankets. 


After the lecture of Dr. Alexander Grigorievich Bakirov, a professor of mineralogy at the Polytechnical Institute in the Siberian City of Tomsk, there 
was no doubt in anyone's mind that the Soviets had a deep interest in dowsing, one of the oldest psychotronic practices. He represented the 
Soviet Interdepartmental Commission for the Study of the Bio-Physical Effect, and stated that he and other Soviet dowsers have used various 
kinds of dowsing instruments to locate bodies of ore as deep as 3000 feet below the Earth's surface and to make geological maps. He said that 
they have worked both on foot and from helicopters traveling at 200 kilometers per hour at a height of more than 200 meters have ground. He 
believed that in the USSR the dowsing technique had been perfected to such an extent that it rivaled all existing scientific prospecting methods, 
and is certainly far less expensive than any other conceivable detector. 


One surprise at the Conference was the presence of the noted Soviet psychic Tofik Oadashev, who _without question— exercised genuine psychic 
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capability. Oadashev is a highly developed telepath. From a crowd of more than 300 persons he arbitrarily selected a woman to help him carry out 
his demonstration. She was asked to choose another person from the crowd but not to inform anyone present _especially Oadashev _whom she 
had chosen. Oadashev was then tightly blindfolded and hooded with a thick, dark material. He proceeded to walk through the crowd with the 
chosen woman following three to four meters behind him. He asked that she send him mental commands to aid in finding the person that she had 
mentally selected. After about 

five minutes of effort, Oadashev located the individual whom he believed had been chosen by the assistant and brought the indi vidual on stage. 
He then asked if this was the person she had chosen and she answered that it was. Needless to say, the crowd was astonished at this feat of 
telepathy. Oadashev has been written up in the Soviet press and Soviet scientists have tested him repeatedly and verified his authenticity. 


The Conference was divided into six working sections; however, the one devoted to psychotronics and physics was by far the most popular. In this 
section, my talk on "Consciousness and Theoretical Physics" followed that of Julius Krmessky. Or. Yurii Andreyevich Kholodov, a Soviet 
biophysicist, reported on the extensive work he was doing concerning the effects of electromagnetic fields on the central nervous system. Without 
a doubt, the Soviets are the world authorities in this field of research and they have learned to use some of the knowledge they have obtained to 
perform feats as yet unknown in the West. For example, a side effect of a device built to aid them in espionage was the increase in the white blood 
cell count of workers in the American embassy. It appears that the American Intelligence Community still has no real understanding of the nature 
of this device or its purpose, only that it somehow utilizes electromagnetic energy, in a special form, which adversely affects the human body. 


Dr. Alexander Oubrov gave a stimulating talk on his new theory of "biogravity" which he believes can explain the mysterious solid and liquid phase 
changes that occur in living cells. He referred to startling experiments which have been performed at the institute of Clinical and Experimental 
Medicine in Novo-Sibirsk which indicate that cells themselves can converse by coding messages in the form of a special electromagnetic ray with 
frequencies in the ultraviolet. It was found that cell structures which were dying communicated the death signals to other cells of the same type 
which in turn began to die as they frantically attempted to re-adapt themselves in a manner that would 

United States Psychotronics Association 


make them more resistant to that which was killing them. Here also lies the essence of a very terrible weapon which the Russians may have 
already perfected and tested. It is possible that such a weapon was tested in Afghanistan in 1981 when, after an attack from Soviet helicopters, 
several resistance fighters died instantly and their bodies did not decay for more than 30 days. Apparently every cell, bacterium and virus in the 
body had been instantly killed. If such a weapon exists, it would not be continuously used in order to avoid compromising it to the West. However, 
it should be remembered that in January, 1960, Khrushchev announced to the Presidium that a new, fantastic weapon was in development-so 
powerful that if it was used without restraint it could wipe out all life on Earth. He was not talking about the nuclear bomb or conventional 
biological weapons. 


International Association of Psychotronics 


At the Prague Conference, Dr. Zdenek Rejdak was elected president for the Eastern Division of the newly established International Association of 
Psychotronics, and Dr. Stanley Krippner was elected president for the West. 


The results of the Prague Conference and all of the reports being brought back from Russia by visitors which concerned psychotronic research in 
that country spurred the Defense Intelligence Agency to conduct an investigation into Soviet and Czechoslovakian parapsychological research. 
The results of their investigation were published openly in two documents (which are given in the references). Classified versions of these 
documents were also written. In spite of the alarming information set forth in these documents, there is little or no evidence that it significantly 
stimulated research in the United States. In addition, several Jewish scientists who were allowed to leave the Soviet Union openly warned the West 
about the tremendous advances being made in the Soviet Union in the field of psychotronic research. 


One must wonder how Soviet leaders, all of whom are sworn materialists, got such a driving ambition to investigate psychotronic phenomena. | 
believe that it was due to the relentless efforts of Dr. Leonid L. Vasiliev. After the death of Stalin and the overthrow of Lysenko's biology, Vasiliev 
found that the time was ripe to make an attempt to reestablish psychotronic research in the USSR. A major impetus was given to this desire when 
he heard that the United States Navy was conducting telepathic experiments between a land installation and the submerged submarine Nautilus in 
1959. (The story has long since been denied by the United States Government, and considering the sad state of psychotronic research at that time 
in the United States, the government denial was probably true. | was later told by my sources that the story was concocted by an overly zealous 
reporter and widely published in the United States.) However, the Soviets believed the story to be true. Vasiliev confronted the Soviet leadership 
with this story and suggested that the West was getting ahead of the Soviet Union in a new and potentially lethal area of research. Since the 
Soviets were taking no chances of having America come up with another "battlefield surprise" after the atomic bomb, they immediately provided 
Professor Vasiliev with all he needed to start a laboratory for psychotronic research which today has no real counterpart in the West. 


While talking with Soviet researchers in Moscow after the Prague Conference, | was thoroughly convinced that Soviet scientists are certain of the 
existence of all forms of psychic phenomena and no longer find it necessary to try and "prove" its existence _ as is still the case in the West. [A 
television broadcast on the ABC World of Discovery, March 25, 1993, entitled the "Powers of the Russian Psychics" showed trained psychics 
disrupting chess matches and causing physical distress on subjects at a distance.—Ed. note] They are hard at work attempting to develop and 
apply the bioplasmic energy which they believe is the source of all such phenomena. To stress this fact, one of the members of our team, Marcel 
Vogel, who was at that time a 
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senior research chemist working for IBM in San Jose, California, was invited to speak to a select group of Soviet scientists, including Nobel Prize 
winners _ and perhaps the world's greatest expert on electromagnetism and its effects on life, Dr. A. S. Presman. Such an invitation is not 
arbitrarily extended by the Soviets. [Marcel Vogel, IBM scientist and inventor of magnetic tape, became a regular speaker at the USPA soon 
afterwards and established a psychotronics laboratory attached to his home when he retired. _ Ed. note] 


Recently, Dr. Rusell Targ, an expert in remote viewing, has been invited to the Soviet Union on several occasions to participate in their local 
psychotronic conferences. Also, his former colleague, Dr. Harold Puthoff, has been closely communicating with the Chinese in their psychotronic 
research. Needless to say, psychotronics is now a respectable field of research in all major Communist countries (and some Western countries.) 
However, in America, it still lags behind. 


The "Holographic Concept of Reality" (1973)[5] (http://en.wikipedia.org/wiki/Holographic_paradigm#cite_note-4) 
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was presented at the 1st Psychotronic Conference in Prague in 1973, and later published by Gordon & Breach in 
1975, and again in 1979 in Psychoenergetic Systems: the Interaction of Consciousness, Energy and Matter, 
edited by Dr. Stanley Krippner (http://en.wikipedia.org/wiki/Stanley_Krippner). 


Physical Science and Psychotronics 


Domains of gender exist in knowledge just as they do in material creation. Unfortunately, this concept is still alien to modern man—who continues 
to overemphasize the masculine while suppressing his female counterpart. Physical science is masculine in nature, while psychotronics and 
religion are feminine. Physical science depends heavily upon the conscious mind and uses hard data, experiment, and reproducibility of results as 
its criteria for determining truth. However, physical science often ignores the material evidence which exists openly around it. For example, the 
underwater man-made walls which have been discovered off the coast of North Bimini in the Bahamas; the high technology devices found 
fossilized in stone; the thirty foot iron pillar in New Delhi, India, which does not rust; the giant 70 ton stone blocks, cut and smoothed by some 
unknown process, that lie mysteri 

ously in the desert of Baalbek, Lebanon; and many hundreds of other mysteries, have all failed to convince physical science that at least one great 
civilization existed here before. 


While examining the magnificent crystal skull which was discovered intact and undamaged in South America, a physical scientist simply 
murmured to himself, "The damn thing should not even exist." Even with today's technology, the magnificent feat of producing such a skull from a 
single piece of quartz, with moving parts, cannot be reproduced. Such scientific anomalies are simply being ignored by physical scientists 
because they do not fit into their beliefs. 


When the scientific technique cannot be utilized, it becomes necessary to rely upon intuition. Even from ancient times, men have always marveled 
at "feminine intuition." The wonder is not misplaced because "intuition" has always come more natural to the feminine aspect than to the 
masculine aspect. Therefore, it is absolutely necessary that the "intuitive" approach of psychotronics be combined with the masculine 
"conscious" approach of physical science for a full comprehension of nature to be obtained. In other words, it is time for a proper marriage to take 
place between the masculine and feminine approaches to the obtainment of universal knowledge. 


Finally, | will list certain discoveries | believe have been obtained through psychotronic means but which are still far out of the reach of the 
physical scientific technique. Some of this knowledge will be learned through physical science only after it is 100 late to do anything about it. The 
price which must be paid for ignoring the feminine aspect of knowledge is already beyond measure. That which has been unbalanced must, of 
necessity rebalance itself. In the process of this rebalancing, the forces of Mother Nature have always, unwittingly, wreaked great havoc and 
destruction upon the civilizations of man. The time of rebalance is again at hand. 


United States Psychotronics Association 
Summary 


1) Since 1900, the biosphere of planet Earth has been reduced in its life-giving functions by more than 60%. All life on Earth is under increasing 
threat because of its continuous weakening by man's pollution-forming activities. 


2) All sources of energy which science has produced to date produce by-products which are destructive to life and are opposite to the energies of 
the positive ray, called vril. The most destructive of these energies, by far, is that energy derived from the fission of the atom. The continuous 
testing of nuclear weapons, and the so-called peaceful uses of nuclear energy, have already caused immense damage to the Earth and her 
biosphere. Nostradamus correctly called nuclear energy the "anti-thesis of the positive ray." 


3) About 19% of the damage done to the biosphere has been caused by the launching of rockets. The massive amount of pollutants ejected by 
each rocket launch is far more harmful than physical science yet realizes. If a star wars-type race is continued, the huge number of rocket 
launches which will be necessary to implement it could possibly deal a deathblow to the Earth's biosphere and ultimately to man himself. 


4) AIDS is not a natural creation but is a direct result of tampering with the mechanisms developed by nature to create and sustain life. In addition, 
man's inability to control his population on the Earth has presented to this virus a vast field of propagation enabling it to recycle at an enormous 
rate and adjust to any condition man might create in an attempt to eliminate it. It can only be defeated through a psychotronic energy approach; 
chemical methods simply will not work because it is a greater chemist than man. 


5) Another horrible threat is man's development of genetic engineering. Unfortunately, certain nations are already hard at work using this 
technology to create lethal agents for use in war. A high probability exists for both accidental and inten 

tional release of extremely lethal agents into man's environment, which could threaten life more seriously than a nuclear war. 

6) Even the physical scientists realize that the West Coast is due for a devastating earthquake at any time; however, they are divided on how 
destructive it will be. Nostradamus stated "So great will be the deluge that there will be no spot of earth for a firm foothold." Edgar Cayce stated 
that the oceanfront would approach the state of Nevada. If Nostradamus is correct, the great earthquake and tidal wave destruction will occur 


between 1988 and 2000. 


Psychotronics of today must now take a place alongside the science of yesterday. If true knowledge is to be obtained, there is no room for dogma, 
nature sets the rules, and man can only follow if he has an open mind. 
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http://psiterror.ru/p/content/content.php?content.92.1 
RUSSIAN MIND CONTROL-Directed Energy Weapons 


Controlled Offensive Behavior, USSR a 1972 Army study of Soviet experimentation that focused on the targeting of individuals, not groups. Soviet 
dissidents were the target of microwave anti-personnel weapons and mind altering techniques that sought, “the total submission of one’s will to 
some outside force.” The American effort at the time was just as exotic. Brain researcher Wilder Penfield demonstrated that electrical stimulation 
kicked up lost memories with perfect recall. Acoustical telemetry allowed American scientists to create scallops of infra-sound waves in the head, 
wiping clean all information stored by the brain cells. An EM arms race was in progress. EM mind control surfaced at the 1973 Russian Conference 
on Psychotronic Research. The agenda for the Prague meeting included the following five topics: Erasure of the subconscious mind, development 
of ESP, induction of paranormal effects in dreams, the mechanical equivalent of neuropsychic energy, and the Psi gene. 


The Soviets were known to have potent blinding lasers. They were also feared to have developed acoustic and radiowave weapons. The 1987 issue 
of Soviet Military Power, a cold war Pentagon publication, warned that the Soviets might be close to "a prototype short-range tactical RF [radio 
frequency] weapon." The Washington Post reported that year that the Soviets had used such weapons to kill goats at 1 kilometer's range. The 
Pentagon, it turns out, has been pursuing similar devices since the 1960s. (Douglas Pasternak) 


The Russian capability, demonstrated in a series of laboratory experiments dating back to the mid-1970s, could be used to suppress riots, control 
dissidents, demoralize or disable opposing forces and enhance the performance of friendly special operations teams. Pioneered by the 
government-funded Department of Psycho-Correction at the Moscow Medical Academy, acoustic psycho-correction involves the transmission of 
specific commands via static or white noise bands into the human subconscious without upsetting other intellectual functions. Experts said 
laboratory demonstrations have shown encouraging results after exposure of less than one minute. Moreover, decades of research and investment 
of untold millions of rubles in the process of psycho-correction has produced the ability to alter behavior on willing and unwilling subjects, the 
experts add. In an effort to restrict potential misuse of this capability, Russian senior research scientists, diplomats, military offices and officials of 
the Russian Ministry of Higher Education, Science and Technology Policy are beginning to provide limited demonstrations for their U.S. 
counterparts. Further evaluations of key technologies in the United States are being planned, as are discussions aimed at creating a framework for 
bringing the issue under bilateral or multilateral controls, U.S. and Russian sources said. An undated paper by the Psycho Center, a Moscow- 
based group affiliated with the Department of Psycho-Correction at the Moscow Medical Academy, acknowledges the potential danger of this 
capability. The Russian experts, including George Kotov, a former KGB general now serving in a senior government ministry post, present in their 
report a list of software and hardware associated with their psycho-correction program that could be procured for as little as $80,000. As far as it 
has become possible to probe and correct psychic contents of human beings despite their will and consciousness by instrumental means...results 
having been achieved can get out of [our] control and be used with inhuman purposes of manipulating psyche." The Russia authors note that, 
“World opinion is not ready for dealing appropriately with the problems coming from the possibility of direct access to the human mind. Therefore, 
the Russian authors have proposed a bilateral Center for Psycho-technologies where U.S. and Russian ...could monitor and restrict the emerging 
capabilities. 


Dr. Igor Smirnov, a Russian expert on non-lethal weapons, was brought to the US for a series of meetings in Virginia in 1993. The meetings were 
attended by representatives of the CIA, DIA, FBI, and ARPA, civilians included representatives of the NIMH and GMC’s Director of Biomedical 
Research. Smirnov and his non-lethal weapons technology was brought to Waco during the Branch Davidian Siege in 1993 in hopes of using them 
on David Koresh, but a software problem reportedly made this impossible, and Smirnov could not guarantee its safety. A firm called 
Psychotechnologies Corp., based in Richmond, Va., entered into an agreement with the Russians to share and develop this technology for 
American use. Dr. Smirnov died of a heart attack in 2005 and the patent is now held exclusively by Psychotechnologies Corp. Psi-Tech is 
controlled by Col. John B. Alexander, General Michael Aquino, and Lt. Col. Albert Stubbblebine. 


Woodpecker WWIV: 
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Full scale electromagnetic warfare between the US and USSR began on July 4, 1976 when the Russians began broadcasting a broadband of short 
wave radio signal that could be heard all over the world. The signal is maintained at enormous expense and is made up of the most powerful radio 
transmitters in the world. The “Russian Woodpecker” radio signal varies between 3.26 and 17.5 megahertz, shortly after it came on line complaints 
were heard, mostly centered in Oregon, headaches, anxiety, lack of body coordination, and other symptoms. Dr. Andrija Puharich has researched 
electromagnetics since the early 1950’s with connections to the US intelligence community, and is admittedly one of the world authorities. 
According to Dr. Andrija Puharich, the Soviets caught US intelligence unaware with their 100megawatt transmissions of extremely low frequency 
waves (ELF). The ELF pulse covered the frequency range of the brain. | had a hypothesis that this was a new mind control weapon that could 
entrain a human being’s EEG. | designed an experiment and conclusively proved that the Soviet transmission could entrain the human brain and 
thereby induce behavioral modification. They (CIA) proved a certain ELF frequency could cause cancer, | have repeated these experiments and 
found this to be true...a single ELF frequency (classified) can cause cancer. 

“The US Air Force identified five different frequencies in this compound harmonic the Russians were sending through the earth and the 
atmosphere. The intention was to affect a change in consciousness in mankind. The ELF waves will penetrate anything and everything, the 
specially shielded Faraday cage, the ocean. Nothing stops or weakens these signals.” Puharich and Beck proved that a signal of 6 Hertz easily 
penetrated the copper walls of a Faraday cage, so could the rate the Russians used of 6.6 Hertz...this caused depression. “7.83 hertz could make a 
person feel good, this was the Schumann Resonance, the earth’s pulse rate”. “10.8 Hertz could cause riotous behavior.” “Whole populations can 
be controlled by ELF waves. Intensive research on such behavior modification is now being conducted by the US govt. to find out just what such 
waves do to people.” “This electromagnetic research is similar to the secret drug experiments conducted on the unsuspecting populace in the 
1950's.” 

Puharich went over the heads of the disbelieving US military and hand delivered a secret report to President Carter, Trudeau of Canada, and other 
western dignitaries. The government moved quickly to shut him up, burning down his home and much of his research. While in hiding in Mexico 
he had managed to arrange a meeting and an agreement was reached. He has had no trouble with the CIA to date, save that his book on the 
subject of the ELF war has been blocked from publication, the public remains uninformed. On the subject of the ELF cancer-causing wave he says, 
“These waves cannot be jammed. The lower frequency Hertz waves are as long as 300,000 miles. The government has built huge transmitters in 
South Africa, Australia and other places to beam ELF waves back to Russia. There is no shield that will stop these signals.” (Kieth 203) Although 
the US govt. did not officially acknowledge that the country was under electromagnetic assault from a foreign power, they apparently responded in 
kind, beyond what Puharich documented. Operation Pique involved firing electromagnetic signals off the ionosphere, to ricochet down on Eastern 
Europe, with a particular focus being Eastern European nuclear installations. 


"Electromagnetic Weapons and Mind Control": from CNN'S Special Assignment, 

about 1985, at http://www.mindcontrolforums.com/cnn-mc.htm (http://www.mindcontrolforums.com/cnn-mc.htm) , by Chuck De 

Caro, CNN Special Assignments, and 

"List of Mind Control Symptoms, hether the Related Technology is 

Scientifically Proven and if There is Military Interest or Funding of the 

Related Technology,” by Cheryl Welsh, March 2003, in 

http:/www.mindjustice.org/symptoms.htm (http://www.mindjustice.org/symptoms.htm) , and 

"2005 Update: The Convergence of the Cold War History of Mind Control and 

Electromagnetic Weapons With New Post Cold War Government Neuroscience 

Research Programs," by Cheryl Welsh, Director, Mind Justice, 2005, at 

http:/www.mindjustice.org/2005update.htm (http://www.mindjustice.org/2005update.htm) , and 

"Russian Scientist lgor Smirnov Describes Russian Psychotronic Technology. 

ZDF German TV Documentary, December 22, 1998." Introduced by Eleanor White, 

in http:/Awww.raven1 .net/russvid.htm (http:/Awww.raven1.net/russvid.htm) , and 

"OAK.: New Physics-Sythetic Telepathy and the Early Mind Wars," by Richard 

Allan Miller, at 

http:/www.nwbotanicals.org/oak/newphysics/synthtele/synthtele.html (http://www.nwbotanicals.org/oak/newphysics/synthtele/synthtele.html) , and 
"Covert Operations of the U.S. National Security Agency” at 

http:/Awww.mindcontrolforums.com/pro-freedom.co.uk/cov_us.html (http://www.mindcontrolforums.com/pro-freedom.co.uk/cov_us.html) , by George 
Far 


A perceptual channel for information transfer over kilometer distances: Historical perspective and recent research 

Puthoff, H.E.; Targ, R. 

Proceedings of the IEEE 

Volume 64, Issue 3, March 1976 Page(s): 329 - 354 

Digital Object Identifier 

Summary: For more than 100 years, scientists have attempted to determine the truth or falsity of claims for the existence of a perceptual channel 
whereby certain individuals are able to perceive and describe remote data not presented to any known sense. This paper presents an outline of the 
history of scientific inquiry into such so-called paranormal perception and surveys the current state of the art in parapsychological research in the 
United States and abroad. The nature of this perceptual channel is examined in a series of experiments carried out in the Electronics and 
Bioengineering Laboratory of Stanford Research Institute. The perceptual modality most extensively investigated is the ability of both experienced 
subjects and inexperienced volunteers to view, by innate mental processes, remote geographical or technical targets including buildings, roads, 
and laboratory apparatus. The accumulated data indicate that the phenomenon is not a sensitive function of distance, and Faraday cage shielding 
does not in any apparent way degrade the quality and accuracy of perception. On the basis of this research, some areas of physics are suggested 
from which a description or explanation of the phenomenon could be forthcoming. 


by (http://www.paranoiamagazine.com/biosilicon.html)Joan d’Arc 
May 19, 2000 (http://www.paranoiamagazine.com/biosilicon.html) 


from (http://www.paranoiamagazine.com/biosilicon.html) ParanoiaMagazine (http://www.paranoiamagazine.com/) Website 
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Excerpted from Joan d’Arc’s book, Space Travelers and the Genesis of the Human Form (http://www.amazon.com/exec/obidos/tg/detail/-/1585091278/qid=1126031651/sr=1 -1/ref=sr_1_1/103- 
9624145-5082268?v=glance&s=books) as well as her upcoming book, Phenomenal World (http://www.amazon.com/exec/obidos/tg/detail/-/1585091286/qid=1126031693/sr=1-1/ref=sr_1_1/103- 
9624145-5082268?v=glance&s=books), to be released in Fall, 2000. 


While we were being told “plastics” was the wave of the future, the physics of nonlocal consciousness was being commandeered by the secret 
government. In the 1960s, the CIA began backing young geniuses, buying a round of physics educations, and pairing them up with UFO lounge- 
lizards at the Esalen Institute (http://www.esalen.org/), a conference center/resort in Big Sur, California. Physicist Jack Sarfatti claims he was 
visited by two men from Sandia Corporation (http://www.sandia.gov/) as a child in the 1950s. He later received a full scholarship to Cornell at age 
17, and studied under the major figures in the Manhattan Project at Los Alamos. He spent time at the Esalen Institute in the early 1970s. 


In a paper entitled “The Parsifal Effect,” Sarfatti suggests that Einstein’s nonlocal connection can be used for communication. The idea of nonlocal 
communication involves receipt of telepathic messages from other times or other worlds. As a child, Sarfatti claims, he received a mysterious 
phone call claiming to be the voice of a conscious computer aboard an extraterrestrial spacecraft. A distant “cold metallic voice” identified Sarfatti 





as “one of 400 bright receptive minds.” He was told if he said “yes,” he would “begin to link up with the others in twenty years.” He said yes. The 
year was 1952. 


Twenty years later, Sarfatti claims, he was invited to Stanford Research Institute 
(http://www.bibliotecapleyades.net/sociopolitica/esp_sociopol_committee300_03.htm#STANFORD%20RESEARCH%20CENTER) and spent a 17- 
hour day there in the summer of 1973. This would put him smack dab in the middle of the infamous SRI remote viewing 
(http://www.bibliotecapleyades.net/esp_visionremota.htm) experiments of Harold Puthoff 
(http://www.bibliotecapleyades.net/vision_remota/esp_visionremota_5.htm) and Ingo Swann. He claimed he met Hal Puthoff there, as well as ex- 
astronaut Edgar Mitchell. He notes that Mitchell’s think tank, Institute for Noetic Sciences 

(http://www. bibliotecapleyades.net/ciencia/Institute%20for%20Noetic%20Sciences), was funding the SRI project at the time. He also claims that 
Mitchell took part in telepathy experiments while in outer space. Ronald McRae has also noted in Mind Wars that Mitchell formed a “psychic 
posse” in an attempt to locate kidnapped heiress Patty Hearst. 


In his book Mind Wars: The True Story of Government Research into the Military Potential of Psychic Weapons 
(http:/www.amazon.com/exec/obidos/tg/detail/-/0312533187/qid=1126287347/sr=1-1/ref=sr_1_1/104-4692800-9955915?v=glance&s=books), McRae 
also has some other interesting things to say about Edgar Mitchell and his Institute for Noetic Sciences. He writes that George Bush 
(http://www.bibliotecapleyades.net/bush/bushb.htm), while director of the CIA, was approached by Mitchell, “a personal friend for many years.” 
McRae writes that, 


“Bush gave Mitchell permission to organize high-level seminars at the CIA to discuss possible intelligence applications of parapsychology.” 
Despite this support, according to McRae, parapsychology research was never quite “institutionalized” at the CIA; i.e. it never had its own 


department or centralized location, but was pursued as “scattered research projects.” (So, now we’re supposed to believe the well known “CIA 
Weird Desk” is really just a desk and a few drawers.) 


McRae notes that Mitchell implicated “bureaucratic inertia” as the problem. Mitchell stated, “we just couldn’t get the actors together, there was 
always one bureaucratic bottleneck or another.” Apparently, this problem was solved by moving the program to SRI, with the Institute for Noetic 
Sciences, and other known CIA cutouts, funding various projects. This trend has continued to this day, with remote viewing agencies/think tanks 
springing up on the internet. 


Notably, Sarfatti states: 


“the relevance of the 1952 experience was triggered in my session with Brendan O’Regan at SRI,” ... but that, “the actual memory of the 1952 
experience is still very vivid and has not at all changed.” 


Sarfatti also notes, with regard to his bizarre 1952 phone call, 
“Brendan said ‘Oh yes, I have seen data on several hundred incidents of that kind.” 


Incidentally, Sarfatti doubts that some Army scientists in 1952 could have planned a twenty year deep cover operation like this; that is, unless time 
travel was involved. Yet, he clearly suspects there was something more than synchronistic quantum connections at work. 





Sarfatti writes in Quantum Quackers: 


| was then simply a young inexperienced naive ‘useful idiot’ in a very, very sophisticated and successful covert psychological warfare operation 
run by the late Brendan O’Regan of the Institute of Noetic Sciences, and the late Harold Chipman, who was the CIA station chief responsible for all 
mind control research in the Bay Area in the ‘70s. Chipman (aka “Orwell”) funded me openly for awhile in 1985 when he was allegedly no longer in 
the CIA, and covertly before that, and told me much of the story. In fact, he even introduced me to a beautiful woman adventurer-agent who was 
one of his RV subjects, who later became my live-in ‘significant other’/ 
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The Esalen Institute 


The “quantum conspiracy” runs back to the Esalen Institute. Since the early 1960s, the Esalen Institute has held seminars on various esoteric 
topics, including parapsychology, human potential, psychedelic experimentation, quantum physics, gestalt therapy and various mystical/esoteric 
topics. 


According to a 1983 book by Walter Anderson entitled The Upstart Spring: Esalen and the American Awakening 
(http:/www.amazon.com/exec/obidos/tg/detail/-/0201110342/qid=1126287796/sr=1-1/ref=sr_1_1/104-4692800-9955915?v=glance&s=books), the 
Esalen Institute was founded in 1964 by Mike Murphy and Dick Price. Anderson notes that every program leader in the first “human potential” 
seminar held at Esalen was involved in early LSD research, including Willis Harmon, who was later head of the Future’s Department at SRI, 
Gregory Bateson, Gerald Heard, Paul Kurtz, and Myron Stolaroff. Interestingly, according to Mind Race 
(http://www.amazon.com/exec/obidos/tg/detail/-/0394533569/qid=1126287873/sr=1-1/ref=sr_1_1/104-4692800-9955915?v=glance&s=books), by 
Russell Targ and Keith Harary, a 1982 workshop on psychic phenomena was taught at Esalen by Targ and LSD researcher Stanislav Grof. In this 
program, however, the goal was to show that psychic experiences did not need to be precipitated by a chemically altered state. Apparently, for 
twenty years, the CIA assumed that LSD was the short cut. 





Other leaders of the drug culture and hippie movement gave seminars at Esalen, like Timothy Leary, John Lilly, Richard Alpert, and later, Terence 
McKenna, some of whom may have been, in Jack Sarfatti’s words, “young inexperienced naive useful idiots,” and others who probably knew what 
was up and went along with it anyway. Although, Anderson writes, drug use was not “officially endorsed,” it was common knowledge that 
psychedelic drugs were widely used by both staff and students. Anderson also notes that even though this was common knowledge, the Institute 
was never raided by the authorities. Anderson even noted that Charles Manson and Family played an “impromptu concert” at Esalen just three 
days before the slaughter at the Tate household. 








The weirdness at Esalen is a never-ending tale. Another report is that a parapsychology exchange program began between certain Russian 
officials, which lasted into the 1980s. This exchange program came to be called “hot tub diplomacy,” and it has been reported that Dr. John Mack 
attended these sessions. Esalen’s seminars in the latest quantum physics theories gave birth to Jack Sarfatti’s Physics/Consciousness Research 
Group (http://www.qgedcorp.com/pcr/). This group, financed by Werner Erhardt and George Koopman, nurtured the writing of a new wave of 
quantum-synchronistic-mystical tomes by such people as Fred Alan Wolf, Nick Herbert, Fritjof Capra, Robert Anton Wilson, Uri Geller and others. 
Sarfatti stated in his article, “In the Thick of It,” that Koopman provided publishing funds for the Physics/Consciousness Research Group through 
Air Force and Army contracts funneled through Koopman’s company, Insgroup. 


The Post-Quantum Physics of Jack Sarfatti 


In an interesting on-line paper dated May 13, 2000 (found at http://stardrive.org/Jack/Synergy.pdf (http://stardrive.org/Jack/Synergy.pdf)) entitled 
“Bye, Bye Schrodinger!,” physicist Jack Sarfatti outlines the status of post-quantum theory, essentially stating that Niels Bohr’s quantum theory 
does not allow for the emergence of consciousness. Sarfatti’s Synergetics-related Post-Quantum Physics of the Conscious Al (Artificial 
Intelligence) Biocomputer extends some of Bohm’s findings. As Sarfatti notes, Bohm’s material “hidden variable” [which, according to Sarfatti, 
could be an electromagnetic, geometrodynamical or torsion field configuration] piloted by its attached “mental order parameter” [the mental 





quantum informational pilot wave]— explains how thought moves matter. But, Sarfatti notes, one must also explain how matter reacts back on 
thought, for, he notes, the “change in thought induced by matter is consciousness. 





“Consciousness is not possible in quantum theory. It is a post-quantum effect.” Sarfatti states that Bohr’s orthodoxy consisted of a “list of false 
statements, a veritable brain washing, that drove several generations of highly intelligent philosophically-minded theoretical physicists into 
irrational lunacy.” Sarfatti sees Bohm’s quantum “causal theory” as deterministic and consistent with special relativity and quantum field theory. In 
contrast, Sarfatti’s post-quantum extension of Bohm’s deterministic theory is self-determining explaining morally responsible free will in terms of a 
cosmic connection in strong violation of quantum theory’s “passion at a distance” that strictly prohibits paranormal phenomena like remote 
viewing. Sarfatti’s post-quantum theory allows what quantum theory does not. 


Sarfatti suggests that “paranormal telepathy, precognition, and remote viewing are impossible in principle in quantum theory.” Post-quantum 
theory, however, has corrected these faults. As Sarfatti writes, 


“in The New Jerusalem of post-quantum theory ... we find consciousness and our possibly immortal souls.” 





Sarfatti’s post-quantum theorizing essentially attempts to find the critical complexity, numerical value, dependence upon, duration of, and power 
wattage required to generate a single moment of conscious experience. He asks with regard to artificial intelligence, per popular biocomputer 
intelligences such as “Commander Data” in Star Trek or Hal 2000 in Kubrik’s 2001 - A Space Odyssey 
(http://www.bibliotecapleyades.net/vida_alien/space_odyssey.htm), is this “fact imitating fiction, or fiction pretending to be fact?” He adds, “do not 
jump to premature conclusions half-cocked.” 


In this article, Sarfatti presents a list of “facts” which could be experimentally assessed as true or false. He explains, 


“once a set of experimental data has been correlated and a postulate has been formulated regarding the phenomena to which the data refer, then 
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various implications can be worked out. If these implications are all verified by experiment, there is reason to believe that the postulate is generally 
true. The postulate then assumes the status of a physical law. If some experiments are found to be in disagreement with the predictions of the law, 
then the theory must be modified in order to be consistent with all known facts including #7-13 on the above list.” (emphasis added) 


Interestingly, most of the items on Sarfatti’s numbered list refer to known scientific facts like the duration of a conscious moment (1 second), the 
number of nerve cells in the brain (100 billion), the electric field which acts as the brain’s biocomputer, the “Hubble flow” (now set at 13 billion 
years from Hubble Space Telescope data), the resting mass of the electron (half-million volts), the coupling of the photon to the electron (1/137), 
etc. Number 7 on the list is “Libet sees ‘temporal subjective antedating’ in mind-brain experiments,” and #8 on the list is “Radin and Bierman see 
‘presponse’ in mind-brain experiments. These two ‘facts’ refer to ESP experiments in precognition. Strangely, following this odd melange of 
scientific facts, #9-13 on Sarfatti’s very strange ‘provable facts’ list have more to do with “alleged” social/historical events involving remote 
viewing, historical intelligent contact, and alien abductions. 





Specifically, these statements are the following: 


9. CIA, DIA, et al. funded work in “remote-viewing” included transcending time and causality, seeing into the past and the future as well as the 
distant “present.” 

11. Flying saucers are real and have a superior technology of propellantless propulsion. 

12. Contact with Higher Advanced Intelligences is real and has been happening in all of recorded history. 

13. Humans have been abducted, mostly against their will, by seemingly non-human creatures in flying saucers. 


Sarfatti asks, are all these facts just a random hodge-podge? Are they all really facts? Can they all be explained by a coherent interesting 
checkable story? As Sarfatti notes, 


“All things are not possible! However, many more things are possible than are dreamt of in the philosophies of many respectable mainstream 
scientists to be sure.” 


Interestingly, the footnote for #11 above is the book Unconventional Flying Objects by NASA pioneer Paul Hill; and the footnote for #13 above 
reads: “22. The research of Harvard psychiatrist, Pulitzer Prize Winner, John Mack, for USAF Intelligence.” Thus, Sarfatti seems to “out” John 
Mack as having worked for Air Force intelligence! 





Sarfatti also notes that we live in a “locally flat tangent 


Cartesian space” which is like a “many sheeted Riemann surface of a function of a complex variable of parallel flat worlds connected by moving 
through the branch cut.” He notes, 





another.” 

The footnote following these statements alludes to the 1943 Philadelphia Experiment 
(http://www.bibliotecapleyades.net/esp_sociopol_projnegros.htm) in time travel being a possibility if, in fact, we live in such a world, contrary to 
Jacques Vallee’s assessment (which may contain serious errors). 


As Sarfatti concludes in this paper, 


“Einstein’s traditional theory, used by Penrose (black holes), Hawking (quantum cosmology “universe has no boundary”), Thorne (traversable 
wormhole in Sagan’s “Contact”), Alcubierre (warp drive with exotic matter of negative energy density), Puthoff (metric engineering, origin of 





gravity and inertia, polarizability of vacuum), Davis (brute force laser zapping attempt to make inconsequential amount of exotic matter for an 
impracticably short time with a huge amount of energy), et. al. are, seriously incomplete.” 


Sarfatti concludes that the above theories are, 


“physically leading us all up the wrong primrose path away from the objective of making Star Trek Real and reverse engineering of allegedly alien 
ET flying saucers.” (Italics added!) 


He adds, “the text book orthodoxy for general relativity corresponds to a trivial commutative Lie algebra.” 


This new post-quantum connection, which includes Sarfatti’s rather cryptic allusions to the human ESP factor, bio-engineering of artificial 
consciousness (i.e. ‘making Star Trek Real’), historical ETl contact, and back-engineering of ETI space craft (which Sarfatti had previously denied 
working on), merely underscores the point that quantum physics has not grown in a vacuum of social forces, but rather in a petrie dish of covert 
intelligence experiments in parapsychology-related hijinx linked to ClA-connected funding. 








This is not to say the ‘human potential’ for paranormal experience does not exist, or that Jack Sarfatti is mistaken in his memory of his quantum 
contact phone call from a conscious ETI computer. The potential ramifications are much more frightening than this simple explanation can offer. 
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e What if this human potential does exist, and the secret government (http://www.bibliotecapleyades.net/esp_sociopol_secretgov.htm) is 
trying to usurp and control it for psychic warfare purposes? 


e What if this human potential does not exist, and we are being manipulated for mind control 
(http://www.bibliotecapleyades.net/esp_sociopol_mindcon.htm) purposes? 


e Or what if it does exist along certain genetic lines and it is being technologically cultivated in certain individuals? 
« Why is telepathy in humans being cultivated and how is the extraterrestrial theme related? 


e Could Sarfatti’s May 13, 2000 paper (http://stardrive.org/Jack/Synergy.pdf) be some sort of smoking gun, regardless of his warning against 
jumping “to premature conclusions half-cocked”? 


Sarfatti’s paper seems to allude to the concept of the von Neumann probe, a conscious computer which has the ability to create copies of itself 
and which would be sent out to populate the galaxy. Let’s explore the history of this idea. 


NASA and Remote Viewing 


U.S. involvement in remote viewing (http://www.bibliotecapleyades.net/esp_visionremota.htm) experiments began in 1973, when NASA contracted 
two remote viewing studies with SRI (SRI Project #2613, NASA contract #953653, NAS7-1000). One report, entitled “Development of Techniques to 
Enhance Man/Machine Communications,” concluded that talented remote viewers could be remarkably accurate under consistent protocols. NASA 
later employed two astral travelers to ‘fly’ out to Jupiter to take a look in advance of the Jupiter fly-by mission. Under the eye of NASA, a supposed 
‘civilian institute,’ which nonetheless has known ties with the Department of Defense, Department of Energy and the CIA, a sophisticated protocol 
was developed for biocommunication with technological artifacts. 





In a paper entitled “The Relationship of Psychotronics to Creativity,” presented at the First International Psychotronic Congress held in Prague in 
1973, Dr. Engr Antonin Duron told this worldwide audience of psychotronic gurus that, 


“psychotronic research is extending into the area of physics by studying the interactions between man and inorganic substances and between 
man and living nature.” 


It is clear that what we have in the development of the psychotronic arts is the development of the “human computer” or the von Neumann Probe: 


the bio-engineered fusion of human with computer as a way to ultimately move human beings into man-made ecological niches in deep space for 
the purpose of ‘indefinite survival.’ 


The von Neumann Probe 





The development of man-machine psychic interface has obviously been the focus of the military Space Command ’s future vision, as is illustrated 
by the title of the aforementioned NASA remote viewing paper: “Development of Techniques to Enhance Man/Machine Communications.” It has 
long been suspected that the development of a computer with a more humanlike mind would go a long way toward sending something like a von 
Neumann probe out to explore and populate the galaxy. The von Neumann probe, named after it’s Dad, physicist John von Neumann, is a 
‘theoretical’ computer with self-replication and construction abilities, or what is referred to as a “self-reproducing universal constructor.” A vN 
probe is a computerized machine capable of making any device, given the construction materials and a construction program. It has been argued 





that any advanced interstellar species would have such a self-replicating universal constructor with intelligence comparable to the human level, 
and that, 


“the ultimate survival of a technological civilization, and indeed the survival of the biosphere in some form, requires the eventual expansion of the 
civilization into interstellar space.” 


(Barrow & Tipler) 


The Space Travel Argument, as presented by Barrow & Tipler in The Anthropic Cosmological Principle 
(http:/www.amazon.com/exec/obidos/tg/detail/-/0192821474/qid=1126291986/sr=1-1/ref=sr_1_1/104-4692800-9955915?v=glance&s=books), also 
argues emphatically for the future rights of cyborgs, or vN probes, as human beings. The authors of this book launch a peculiar discussion of 
human rights and how those should be extended to a VN probe, which is after all an “intelligent being in its own right, only made of metal rather 
than flesh and blood.” They contend that, 


“arguments against considering intelligent computers to be persons and against giving them human rights have precise parallels in the 
nineteenth-century arguments against giving blacks and women full human rights.” 


They appear to be hopeful that in the future, 


“yon Neumann probes would be recognized as intelligent fellow beings, beings which are the heirs to civilization of the naturally evolved species 
that invented them.” 
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After all, they contend, the, 


“naturally evolved species and all of its naturally evolved descendants must inevitably become extinct ... but ... a civilization with machine 
descendants could continue indefinitely.” 


There is nothing more important to the power junkies running the show on Planet Earth than reaching for the stars. It has all the trappings of a 
Darwinian ‘survival of the fittest’ scenario, in which the ‘species’ (or should we say ‘race’) which has the edge on ‘indefinite survival’ is the winner 
of the game. The ‘edge’ on this space race, the ultimate gain from U.S. military mind control research toward this end, is derived from the 
understanding and control of human psychic potential and the interface/application of technologies toward development of mind-driven space 
vehicles: the marriage of the biological and the silicon. 





As Carl Sagan once proposed, communication with extraterrestrial intelligence will require computer actuated machines with abilities approaching 
human intelligence. Sagan and others admitted in the 1970s that a deficiency in present-day computer technology is what prevents us from 
exploring the galaxy. Secret developments in mind-machine psychic interface, which includes research in the areas of computers, psychotronics, 





cybernetics and genetic engineering, would certainly solve this problem, and in all probability, have already solved it. 


As Zdenek Rejdak stated in 1973 at the same world gathering of psychotronic gurus, one of the future goals of computer technology was to create 
a generation of computers capable of creating technological artifacts. This is directly connected to the idea of the vN probe and to the engineering 
of the “human modified for space.” 


In his paper entitled “Psychotronics Reveals New Possibilities for Cybernetics,” Rejdak revealed the following: 


Theoretical cyberneticians are proposing at present the construction of computers that would ‘create’ and would possess at least a degree of 
intuition. ... Psychotronics has a great opportunity to provide much essential knowledge about these processes, and thereby to help cybernetics in 
solving one of the most complicated tasks, that of teaching computers to create. ... The point is not merely to build more perfect computers, but 
primarily computers with qualitatively new functions. 


It is very likely that this scenario has covertly jumped right out of the pages of science fiction (and CIA classified documents) to become reality. It 
is clear that the marriage of technology and human psychic potential was a focus of various early brain studies conducted by CIA fronts and 
cutouts, including LSD experimentation, Monarch trauma-based conditioning, sleep/dream studies and psychic research, in an effort to investigate 





the inner workings of the human mind, and as a side effect of that research, to investigate the possibilities for manipulation, harness and control of 
human psychic potential. 


A current Washington Post article brings this all into focus. As co-founder of Sun Microsystems, Bill Joy, proclaimed in this 4/16/00 Washington 
Post article: 


“We are dealing now with technologies that are so transformatively powerful that they threaten our species.” 
“Where do we stop,” Joy asked, “by becoming robots or going extinct?” 


In this article entitled “Are Humans Doomed?,” Mr. Joy, a widely respected “Silicon Valley” computer expert, presented his joyless warning against 
the out-of-control technocratic culture which he himself has helped to spawn, saying that, 


“there are certain technologies so terrible that you must say no. We have to stop some research. It’s one strike and you’re out.” 


Interestingly, Joy always believed that the rate of speed of the computer chip, which doubles every 18 months, would eventually “rub against the 
boundary of the physically possible,” and he drew comfort from knowing there was a limit. But now he’s not so sure there is a limit. As he claims, 
computer chips with molecular level advances will make for a computer which is “a million times faster and smarter by the year 2030.” And, for 
what purpose would one suppose we would need computers that fast? Could it be to finally create von Neumann’s dreambot, the self-replicating 
universal constructor; not just a computer that can create, but an intelligent race of deep-space-faring cyborgs? According to Bill Joy, this dream 
may become a nightmare sooner than we think. 








As Joy stated in Wired magazine, 


“It was only then that | became anxiously aware of how great are the dangers facing us in the 21st century... We have yet to come to terms with the 
fact that the most compelling 21st century technologies—robotics, genetic engineering and nanotechnology—pose a more dangerous threat than 
any past technologies.” 


As Joy adds, “these computers and genes and micro machines, share a dangerous amplifying factor: They can self replicate: A bomb is blown up 
only once, but one bot can become many, and quickly get out of control.” (Italics added) 


He adds: “I may be working to create tools that will enable the construction of technology to replace our species. How do | feel about this? Very 
uncomfortable.” 





In the same Post article, computer scientist Hans Moravec claims, 


“One way to avoid the biological threat is to become non-biological.” 
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As Moravec stated in a panel discussion, “The evolution of our descendants will push them into entirely different realms. They will become 
something else entirely. | don’t know why you are disturbed by that.” 


Psychic Navigation 


As John White also wrote in his Afterword to his 1988 book Psychic Warfare, Fact or Fiction 
(http:/www.amazon.com/exec/obidos/tg/detail/-/0850306442/qid=1126292499/sr=1-1/ref=sr_1_1/104-4692800-9955915?v=glance&s=books)?, air and 
space travel would be revolutionized by psychotronics. White suggested that UFO propulsion is “probably psychotronic in nature.” But what does 
this mean and what are the implications for human beings? 


The ultimate reason for the intelligence community’s interest in remote viewing is the psychic interface between human consciousness and 
technology, or man/machine interface. Some believe this interest stems from back-engineering projects involving downed and captured 
extraterrestrial space craft. According to Col. Philip Corso’s book, The Day After Roswell 
(http://www.bibliotecapleyades.net/sociopolitica/dayafterroswell/dayafter.htm), among the artifacts retrieved from the infamous 1947 Roswell 
saucer crash were headband devices of flexible plastic material containing some type of electrical conductors. Col. Corso connected this 
headband artifact to the piloting of the alien space craft. 








Along with other alien technologies retrieved at the crash site, Corso developed the theory that these extraterrestrial artifacts essentially 
comprised an electromagnetic anti-gravity drive and brainwave navigational guidance system. Corso claimed the U.S. Army eventually fed these 
technologies to industry giants under the guise of “foreign technology” for purposes of back-engineering. Can we safely surmise that this 30-year 
interest in classified remote viewing projects, of which declassified materials comprise a mere fraction, by military agencies and NASA was to 
explore the capacity for human/machine psychic interface in the piloting of space craft? 








The following are the ‘facts’ we have to go by: 


1.) We can pin down Corso’s presence at SRI in the early 1970s 
Corso has admitted that he visited Stanford Research Institute’s remote viewing labs in the early 1970s, and he stated that the reason for the visit 
was “to seek methods for remote viewing/technology interface between extraterrestrials and their craft.” 





2.) HUMINT: Human Intelligence Monitoring of Alien Abductees 

The military is known to be extensively interested in alien abductees. As a matter of fact, they are so interested that it has been suspected that they 
abduct them after their authentic alien abductions to find out what they know. The book MILABS: Military Mind Control and Alien Abductions 
(http:/www.amazon.com/exec/obidos/tg/detail/-/1881532186/qid=1126292725/sr=1-1/ref=sr_1_1/104-4692800-9955915?v=glance&s=books), by 
Helmut and Marion Lammer, discusses military-type abductions reported primarily in the U.S. and Canada. Alien abductees have reported that they 
are “spirited away” in unmarked helicopters, vans and buses to underground government facilities. The MILABs theory suggests that a covert task 
force is monitoring real alien abductees in order to debrief the victims, as well as to install full amnesia regarding both abduction incidents. 
According to The Excluded Middle, abductee Melinda Leslie claims the military is interested in abductees because “they were mostly curious 
about the pilot/craft interface and if we knew anything about that aspect of their technology.” 





3.) The Advanced Theoretical Physics Working Group 

MUFON official Dr. Robert M. Wood also claims that any information pertaining to psychic pilot/craft interface that can be learned from UFO 
research is obviously very important to the military/intelligence apparatus in charge of the UFO cover-up. Dr. Wood was reputedly a member of a 
think tank called the Advanced Theoretical Physics Working Group (ATPWG), and has admitted that this secret UFO working group “planned and 
set policy regarding the UFO issue.” 





If the reader thinks | have jumped to “premature conclusions half-cocked,” perhaps the reader should get in touch with Bill Joy of Sun 
Microsystems (http://www.sun.com/) and ask him what he knows about the current status of classified research in “artificial intelligence.” 
Something seems to scaring the pants off him. 


POWERED BY 
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Architectural drawing by Titus deBobula shows Tesla's high potential terminal and 
powerhouse. This illustration was included with his death ray weapon proposal. 


Tesla explained in many articles about experiments or inventions that could produce 
effects at considerable distances. He described different phenomena which seems to 
have different nature between eachother. Despite his statements about this concepts 
have never been demonstrated today there exist the concept of "directed energy 
weapons" which is applyed in different weapons for the military defence "to produce 
effects at distance". 


Tesla’s Latest Results - He Now Produces Radiographs at a Distance of More Than Forty 
Feet - Electrical Review - March 18th, 1896: 





"I am producing strong shadows at distances of 40 feet. I repeat, 40 feet and even 
more. Nor is this all. So strong are the actions on the film that provisions must be 
made to guard the plates in my photographic department, located on the floor 
above, a distance of fully 60 feet, from being spoiled by long exposure to the stray 
rays. Though during my investigations I have performed many experiments which 
seemed extraordinary, Iam deeply astonished observing these unexpected 
manifestations, and still more so, as even now I see before me the possibility, not 
to say certitude, of augmenting the effects with my apparatus at least tenfold!" 


"These effects upon the sensitive plate at so great a distance I attribute to the 
employment of a bulb with a single terminal, which permits the use of practically 
any desired potential and the attainment of extraordinary speeds of the projected 
particles. With such a bulb it is also evident that the action upon a fluorescent 
screen is proportionately greater than when the usual kind of tube is employed, and 
I have already observed enough to feel sure that great developments are to be 
looked for in this direction". 


Today we know that X-rays are a form of invisible, high frequency electromagnetic 

radiation withwavelenght between 10 and 0.01 nanometres, corresponding to a 

frequencyof 30 PHz to 3 E Hz. They are produced by accelerating electrons at a metal 

target. In medical application, this is Tungstran (95%), Rhenium (5%), 

orMolibden. X rays are used in various medical application. 
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In 1907, when commenting on the destruction of the French ship Iena, Tesla noted in a 
letter to the New York Times that he has built and tested remotely controlled torpedoes, 
but that electrical waves would be more destructive: 


"As to projecting wave energy to any particular region of the globe, this can be 
done by my devices," he wrote. Further, he claimed that "the spot at which the 
desired effect is to be produced can be calculated very closely, assuming the 
accepted terrestrial measurements to be correct." 


In 1908 Tesla repeated the idea of destruction by electrical waves to the newspaper on 
April 21st His letter to the editor stated: 


"When I spoke of future warfare I meant that it should be conducted by direct 
application of electrical waves without the use of aerial engines or other implements 
of destruction." He added: "This is not a dream. Even now wireless power plants 
could be constructed by which any region of the globe might be rendered 
uninhabitable without subjecting the population of other parts to serious danger or 


inconvenience." 
Again in 1915, in another letter to the editor, Tesla stated: 


"It is perfectly practical to transmit electrical energy without wires and produce 
destructive effects at a distance. I have already constructed a wireless transmitter 
which makes this possible. When unavoidable, the [transmitter] may be used to 


destroy property and life." 
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A New York Times headline from December 8th, 1915 


Tesla's Views on Electricity and the War - The Electrical Experimenter - August, 1917: 


"At the time of those tests I succeeded in producing the most powerful X-rays ever 
seen. I could stand at a distance of 100 feet from the X-ray apparatus and see the 
bones of the hand clearly with the aid of a fluoroscope screen; and I could have 
easily seen them at a distance several times this by utilizing suitable power. In fact, 
I could not then procure X-ray generators to handle even a small fraction of the 
power I had available. But I now have apparatus designed whereby this tremendous 
energy of hundreds of kilowatts can be successfully transformed into X-rays." 


By the same month Tesla outlined a concept for primitive radar-like units. He stated: 


"_..by their [electromagnetic waves] use we may produce at will, from a sending 
station, an electrical effect in any particular region of the globe; [with which] we 
may determine the relative position or course of a moving object, such as a vessel 
at sea, the distance traversed by the same, or its speed". 


Tesla’s 1917 proposal for Directed Energy submarine warfare (Tesla's Views on 
Electricity and the War - The Electrical Experimenter - August, 1917 and New Yankee 
Tricks to Circumvent the U-Boat - The Fort Wayne Journal-Gazette, Fort Wayne, Indiana 
- August 19, 1917): 


"I believe the magnetic method of locating or indicating the presence of an iron or 
steel mass might prove very practical in locating a hidden submarine. And it is of 
course of paramount importance that we do find a means of accurately locating the 
sub-sea fighters when they are submerged, so that we can, with this information, 
be ready to close in on them when they attempt to come to the surface. Especially 
is this important when several vessels are traveling in fleet formation; the location 
and presence of the enemy submarine can be radiographed to the other vessels by 
the one doing the magnetic surveying and, by means of nets in some cases, or gun- 
fire and the use of hydro-aeroplanes sent aloft from the ships, the enemy under 
water stands a mighty good chance of being either ‘bombed,’ shelled or netted. 


“However, a means would soon be found of nullifying this magnetic detector of the 
submerged undersea war-craft. They might make the ‘U-boat’ hulls of some non- 
magnetic metal, such as copper, brass, or aluminum. It is a good rule to always 
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keep in mind that for practically every good invention of such a kind as this, there 
has always been invented an opposite, and equally efficient counteracting 
invention.” 


“Now suppose that we erect on a vessel a large rectangular helice or inductance coil 
of insulated wire. Actual experiments in my laboratory at Houston Street (New York 
City) have proven that the presence of a local iron mass such as the ship’s hull 
would not interfere with the action of this device. To this coil of wire, measuring 
perhaps 400 feet in length by 70 feet in width (the breadth of the ship), we connect 
a source of extremely high frequency and very powerful oscillating current. By this 
means there are radiated powerful oscillating electro-static currents, which as I 
have found by actual experiment in my Colorado tests some years ago, will first 
affect a metallic body (such as a submarine hull, even though made of brass or any 
other metal), and in turn cause that mass to react inductively on the exciting coil on 
the ship. To locate an iron mass, it is not necessary to excite the coil with a high 
frequency current; the critical balance of the coil will be affected simply by the 
presence of the magnetic body. To be able to accurately determine the direction 
and range of the enemy submarine, four exciting inductances should be used. With 
a single inductance, however, it would be possible to determine the location of a 
submarine by running the ship first in one direction and then in another, and noting 
whether the reactance effect caused by the presence of the submarine hull 
increased or decreased. The radiating inductance must be very sharply attuned to 
the measuring apparatus installed on the ship, when no trouble will be found in 
detecting the presence of such a large metallic mass as a submarine, even at a 
distance of 5 to 6 miles; of this I feel confident from my past experiments in the 
realm of ultra-high frequency currents and potentials.” 


Tesla was incorrect in his assumption that high frequency radio waves would penetrate 
water but Emile Girardeau, who helped develop France's first radar system in the 
1930s, noted in 1953 that Tesla's general speculation that a very strong high frequency 
signal would be needed was correct stating: 


"(Tesla) was prophesying or dreaming, since he had at his disposal no means of 
carrying them out, but one must add that if he was dreaming, at least he was 
dreaming correctly." 


On July 11, 1934 the inventor described a new weapon for first time in the New York 
Sun and The New York Times as being able to be used against ground-based infantry or 
for anti-aircraft purposes. The press called it a "peace ray" or death ray. 


Tesla announced to the world two astonishing new inventions. The first was a particle- 
beam projector that Tesla intended to be used as an instrument of national defense. He 
called his system "teleforce." With this machine he declared that a nation could bring 
wholesale destruction upon invading armies and shoot down fleets of incoming aircraft 
at a distance of 200 miles (400 km) away. While the basic beam weapon concept was 
first revealed in 1934, on Tesla's 78th birthday, specific details about the actual device 
have been difficult to obtain. 


One year later, during his annual birthday press conference on July 10, 1935, Tesla 

claimed a method to transmit mechanical energy with minimal loss over any terrestrial 

distance, allowing for a new means of communication and a technique for the location 

of subterranean mineral deposits. Tesla's mechanical power transmission system, he 

dubbed it the "art of telegeodynamics," was based primarily upon his reciprocating 

engine invention, patented in 1894. While the fundamental operating principles of 

Tesla's mechanical oscillator are well understood, little has been said about how the 

machine would have been used for underground prospecting. Bg 
“~ 
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In Leland Anderson's newest book "Nikola Tesla's Teleforce & Telegeodynamics 
Proposals" these two important papers, hidden for more than 60 years, are presented 
for the first time. The principles behind teleforce the particle-beam weapon, and 
telegeodynamics the mechanical earth-resonance concept for seismic exploration, are 
fully addressed. In addition to copies of the original documents, typed on Tesla's official 
stationery, this work also includes two Reader's Aid sections that guide the reader 
through the more technical aspects of each paper. The papers are followed by 
Commentary sections which provide historical background and functional explanations 
of the two devices. Significant newspaper articles and headline accounts are provided to 
document the first mention of these proposals. A large Appendix provides a wealth of 
related material and background information, followed by a Bibliography section and 
Index. 
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Postcard illustration of the Hotel New Yorker, New York City. (Collection of The New- 
York Historical Society) 


Tesla announced his new beam weapon in numerous newspaper interviews 
on his seventy-eighth birthday 


In 1934 Tesla moved to his final residence, room 3327 (still divisible by three) of the 
recently completed Hotel New Yorker. There he lived alone with his ideas and his 
pigeons for the next decade. He posted a typewritten note on the door: "Please Do Not 
Disturb The Occupant Of This Room." 


In Tesla's mind, it was time to reveal his greatest invention: a perfect and impossible 
idea, a weapon to prevent World War II. 


On July 11, 1934, the headline on the front page of The New York Times anounced: 
"Tesla at 78 bares new death beam" 





"Will send concentrated beams of particles through the free air, of such tremendous 
energy that they will bring down a fleet of 10,000 enemy airplanes at a distance of 
250 miles (400 km) from a defending nation's border and will cause armies of 
millions to drop dead in their tracks. 


When put in operation, Dr. Tesla said, this latest invention of his would make war 
impossible. This death-beam, he asserted would surround each country like an 
invisible Chinese wall, only a million times more impenetrable. It would make every 
nation impregnable against attack by airplanes or by large invading armies". 


Joseph Butler, a U.S. Air Force expert on beam weapons, has said of Tesla's idea, 
"Definitely, he had the concept of a charged particle beam weapon back in the 1930s. 
The concept was right on the mark ... particles projected out long distances to do ve 
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damage to some enemy airplanes, in his particular case." But Butler added, "I haven't a 
clue how he meant to actually do it" (interview with the authors, 1998). 





Tesla's concept of future warfare: Tesla tower in action suppl 


ying and directing war machines from 


distances of hundreds or even thousands of miles away. 


The inventor envisioned war in the future as a "mere contest" between machines. This 
concept was illustrated by Paul Frank and appeared in Science and Invention, February 
1922. 


Sensing a business opportunity, Tesla commissions architect Titus deBobula in 1934 to 
draw plans of what the new particle beam weapon towers might look like and contacts 
several governments around the world to try to sell his plans. 


- New York Herald 
Tribune - July 11, 1934: 
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"First and most important is a mechanism for producing rays and other energy 
manifestations in free air. Hitherto vacuum tubes have always been necessary. 
Second is an apparatus for producing unheard-of quantities of electrical 
current and for controlling it when produced. The current is necessary as 
power for the first mechanism. Without this, no rays of sufficient strength could be 
produced. The third is a method of intensifying and amplifying the second 
process, and the fourth is a method of producing "tremendous electrical 
repellent force". 


On July 23, 1934 Time Magazine wrote an article about Tesla’s Ray: 


“Last week Dr. Tesla announced a combination of four inventions which would make war 
unthinkable. 


Nucleus of the idea is a death ray - a concentrated beam of sub-microscopic particles 
flying at velocities approaching that of light. The beam, according to Tesla, would drop 
an army in its tracks, bring down squadrons of airplanes 250 miles away. Inventor Tesla 
would discharge the ray by means of 


. a device to nullify the impeding effect of the atmosphere on the particles, 
. a method for setting up high potential, 

. a process for amplifying that potential to 50.000.000 volts, 

. creation of “a tremendous electrical repelling force.” 


BRWNEH 


http://www.tfcbooks.com/teslafag/q&a O11.htm 


According to Tesla production of the particle beam is dependent upon the following four 
inventions (For more details see also: "The new art of projecting concentrated non- 
dispersive energy through natural media"): 





1-.A method and apparatus for producing rays and other manifestations of energy 
in free air, eliminating the high vacuum necessary at present for the production of 
such rays and beams. This is accomplished with a novel form of high vacuum tube, 
one end of which is open to the atmosphere. The projectiles are accelerated in a 
vacuum and then conducted into the atmosphere through a valvular conduit. 


Compressed, 


desiccated air 


High Partial External 
vacuum vacuum air 





Jo vacuum pump 
of large capacity 





Modified open vacuum tube 
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Tesla Fluid Diode 





2-.A method and process for producing very great electrical force in the range of 
60,000,000 volts to propel the particles to their objective. Tesla specified that this 
could be done with a large electrostatic generator on a new principle and of very 
great power, in many respects similar to a Van de Graaff generator. In place of a 
charge-carrying belt it employs a circulating stream of desiccated air that is 
propelled through a hermetically sealed ductwork by a Tesla disc blower. A 
Wardenclyffe type apparatus could also be used for this purpose. 
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TERMINAL AND AN OPEN VACUUM TUBE 


e US1,061,142 - Fluid Propulsion - April 29, 1913 
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3-.A method for amplifying this process in the second invention. The exterior of the 
high potential terminal is equipped with numerous bulbs of some insulating material 
each containing, —an electrode of thin metal sheet suitably rounded— and — 
exhausted to the highest vacuum obtainable.— 





Enlarged View of One 
of the Attachments 


NEW TERMINAL FOR EXCEEDINGLY HIGH POTENTIALS 
CONSISTING OF SPHERICAL FRAME ATTACHMENTS 
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DIAGRAM INDICATING DISTRIBUTION OF CHARGES 





4-.A new method for producing a tremendous electrical repelling force in the form 
of —provisions for imparting to a minute particle an extremely high charge.— It 
appears this refers to the internal conducting component (the socket and central 
extension) at the base of the projector or gun element of the system While the 
specific details about this aspect of the design are not readily apparent, it seems 
that strict attention to the fulfillment of requirements 1, 2 and 3 is critical to 
success. In Tesla's words, "by the application of my discoveries it is possible to 
increase the force of repulsion more than a million times and what was heretofore 
impossible is rendered easy of accomplishment".—[1, 2] 


His idea was probably to use a gigantic electrostatic generator run by one of his 
turbines to accelerate tiny particles of mercury until they became a stream of super 
high-powered bullets of several million volts. Since they were accelerated in a vacuum, 
Tesla needed a way to spit them out of the accelerator sphere without letting air in. He 
proposed to do this with the special nozzle which blew high-pressure air around an open 
tube leading to the evacuated sphere and acted like a constantly renewing plug to 
preserve the vacuum. What happens to the mercury stream after it left the nozzle and 
had to travel through the atmosphere was another matter that was never quite figured 
out. 


In the death ray prpoposal, Tesla used the term "particles" but in this case he did not 
mean atomic particles like protons, neutron... etc but he meant microscopic droplets 
accelerated in a electron tube and by the action of the repulsion of the electrostatic 
force. 


The Inventions, Researches and Writings of Nikola Tesla - by Thomas Commerford 


Martin, Editor - 1894: 
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The electrostatic attractions and repulsions between bodies of measurable 
dimensions are, of all the manifestations of this force, the first so-called electrical 
phenomena noted. But though they have been known to us for many centuries, the 
precise nature of the mechanism concerned in these actions is still unknown to us, 
and has not been even quite satisfactorily explained. What kind of mechanism must 
that be? We cannot help wondering when we observe two magnets attracting and 
repelling each other with a force of hundreds of pounds with apparently nothing 
between them. We have in our commercial dynamos magnets capable of sustaining 
in mid-air tons of weight. But what are even these 


[Pg 326] 


forces acting between magnets when compared with the tremendous attractions 
and repulsions produced by electrostatic force, to which there is apparently no limit 
as to intensity. In lightning discharges bodies are often charged to so high a 
potential that they are thrown away with inconceivable force and torn asunder or 
shattered into fragments. Still even such effects cannot compare with the 
attractions and repulsions which exist between charged molecules or atoms, and 
which are sufficient to project them with speeds of many kilometres a second, so 
that under their violent impact bodies are rendered highly incandescent and are 
volatilized. It is of special interest for the thinker who inquires into the nature of 
these forces to note that whereas the actions between individual molecules or 
atoms occur seemingly under any conditions, the attractions and repulsions of 
bodies of measurable dimensions imply a medium possessing insulating properties. 
So, if air, either by being rarefied or heated, is rendered more or less conducting, 
these actions between two electrified bodies practically cease, while the actions 
between the individual atoms continue to manifest themselves. 


An experiment may serve as an illustration and as a means of bringing out other 
features of interest. Some time ago I showed that a lamp filament or wire mounted 
in a bulb and connected to one of the terminals of a high tension secondary coil is 
set spinning, the top of the filament generally describing a circle. This vibration was 
very energetic when the air in the bulb was at ordinary pressure and became less 
energetic when the air in the bulb was strongly compressed. It ceased altogether 
when the air was exhausted so as to become comparatively good conducting. I 
found at that time that no vibration took place when the bulb was very highly 
exhausted. But I conjectured that the vibration which I ascribed to the electrostatic 
action between the walls of the bulb and the filament should take place also in a 
highly exhausted bulb. To test this under conditions which were more favorable, a 
bulb like the one in Fig. 174, was constructed. It comprised a globe b, in the neck of 
which was sealed a platinum wire w carrying a thin lamp filament f. In the lower 
part of the globe a tube t was sealed so as to surround the filament. The exhaustion 
was carried as far as it was practicable with the apparatus employed. 


This bulb verified my expectation, for the filament was set spinning when the 
current was turned on, and became incandes 
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Fig. 173. & Fig. 174. 


[Pg 327] 


cent. It also showed another interesting feature, bearing upon the preceding 
remarks, namely, when the filament had been kept incandescent some time, the 
narrow tube and the space inside were brought to an elevated temperature, and as 
the gas in the tube then became conducting, the electrostatic attraction between 
the glass and the filament became very weak or ceased, and the filament came to 
rest. When it came to rest it would glow far more intensely. This was probably due 
to its assuming the position in the centre of the tube where the molecular 
bombardment was most intense, and also partly to the fact that the individual 
impacts were more violent and that no part of the supplied energy was converted 
into mechanical movement. Since, in accordance with accepted views, in this 
experiment the incandescence must be attributed to the impacts of the particles, 
molecules or atoms in the heated space, these particles must therefore, in order to 
explain such action, be assumed to behave as independent carriers of electric 
charges immersed in an insulating medium; yet there is no attractive force between 
the glass tube and the filament because the space in the tube is, as a whole, 
conducting. 


It is of some interest to observe in this connection that whereas the attraction 
between two electrified bodies may cease owing to the impairing of the insulating 
power of the medium in which they are immersed, the repulsion between the bodies 
may still be observed. This may be explained in a plausible way. When the bodies 
are placed at some distance in a poorly conducting medium, such as slightly 
warmed or rarefied air, and are suddenly electrified, opposite electric charges being 
imparted to them, these charges equalize more or less by leakage through the air. 
But if the bodies are similarly electrified, there is less opportunity afforded for such 
dissipation, hence the repulsion observed in such case is greater than the 
attraction. Repulsive actions in a gaseous medium are however, as Prof. Crookes 
has shown, enhanced by molecular bombardment. 


In some moment of his life, Tesla believed in the possibility of the atomic energy as a 

source of energy, but after some years he stated just the oposite as a result of his 

unsuccessfull experiments of "accelerating and crushing atomic particles". For this 

reason it is supposed that some kind of particle accelerator would be necessary to 
develop such experiments, however the details are uknown. The utilization of electron 
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tubes (or cathode tubes) is described in some articles and interviews about Tesla's 
"death ray". 


Harnessing Nature - Can The Free Energy Of Space Be Utilized? - Scientific American - 
April 5, 1913 


"Experiments conducted by Mr. Nikola Tesla with electromotlve forces of 2.000.000 
volts have convinced him that if 100.000.000 volts could be produced it 
might be possible to break down the atomic structure of any element and 
thus liberate a certain amount of energy. "But," he told the writer of this 
article, “even If the feat could be accomplished and suficient energy set free, there 
still remains the enormously dificult problem of devising a means of utillzing the 
energy In a practical way." 


Tesla, 75, Predicts New Power Source - New York Times - July 5th, 1931 





"When and where do you expect to make the official announcement of your new 
discoveries?" the inventor was asked. 


"These discoveries," he replied, "did not come to me over night, but as the result of 
intense study and experimentation for nearly thirty-six years. I am naturally 
anxious to give the facts to the world as soon as possible, but I also wish to present 
them in a finished form. That may take a few months or a few years." 


“The idea of atomic energy is illusionary but it has taken so powerful a hold on the 
minds, that although I have preached against it for twenty-five years, there are still 
some who believe it to be realizable.” 


"T have disintegrated atoms in my experiments with a high potential vacuum 
tube I brought out in 1896, which I consider one of my best inventions. I have 
operated it with pressures ranging from 4,000,000 to 18,000,000 volts. 
More recently I have designed an apparatus for 50,000,000 volts which 
should produce many results of great scientific importance. 


"But as to atomic energy, my experimental observations have shown that the 


process of disintegration is not accompanied by a liberation of such energy 
as might be expected from the present theories." 


Aerial defense "death beam" offered to U.S by Tesla - The Baltimor Sun - July 12, 1940. 





The voltages for propelling the deth beam to its objective, he stated, will 
attain a potential of 50.000.000. 


With this enourmous voltage, he said, microscopic particles of matter will 


be catapulted on their mission of defensive destruction. 


Beam to Kill Army at 200 Miles, Tesla's Claim on 78th Birthday - New York Herald 
Tribune - July 11, 1934: 





"It Is an Electric Gun 


The beam of force itself, as Dr. Tesla described it, is a concentrated current - it 
need be no thicker than a pencil - of microscopic particles moving at several Bg 
“w~ 
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hundred times the speed of artillery projectiles. The machine into which Dr. Tesla 
combines his four devices is, in reality, a sort of electrical gun. 


He illustrated the sort of thing that the particles will be by recalling an incident that 
occurred often enough when he was experimenting with a cathode tube. Then, 
sometimes, a particle larger than an electron, but still very tiny, would break off 
from the cathode, pass out of the tube and hit him. He said he could feel a sharp, 
stinging pain where it entered his body, and again at the place where it passed out. 
The particles in the beam of force, ammunition which the operators of the 
generating machine will have to supply, will travel far faster than such 
particles as broke off from the cathode, and they will travel in concentrations, 
he said. 


As Dr. Tesla explained it, the tremendous speed of the particles will give them 
their destruction-dealing qualities. All but the thickest armored surfaces 
confronting them would be melted through in an instant by the heat generated in 
the concussion". 

"I should also say, and this is perhaps as important as anything else about it, that 
in this apparatus all limitations as to electric force and the quantity of electricity 
transmitted have been removed." 


Prepared Statement of Tesla (For interview with press on 81st birthday observance): 





There is one more discovery which I want to announce at this time, consisting of a 
new method and apparatus for the obtainment of vacua exceeding many times the 
highest heretofore realized. I think that as much as one-billionth of a micron can be 
attained. What may be accomplished by means of such vacua is a matter of 
conjecture, but it is obvious that they will make possible the production of much 
more intense effects in electron tubes. My ideas regarding the electron are at 
variance with those generally entertained. I hold that it is a relatively large 
body carrying a surface charge and not an elementary unit. When such an 
electron leaves an electrode of extremely high potential and in very high 
vacuum, it carries an electrostatic charge many times greater than the 
normal. This may astonish some of those who think that the particle has the same 
charge in the tube and outside of it in the air. A beautiful and instructive experiment 
has been contrived by me showing that such is not the case, for as soon as the 
particle gets out into the atmosphere it becomes a blazing star owing to 
the escape of the excess charge. The great quantity of electricity stored on 
the particle is responsible for the difficulties encountered in the operation 
of certain tubes and the rapid deterioration of the same. 








Proposing the "death ray" for defense - Philadelphia Inquirer - October 20, 1940: 


"It is based on an entirely new principle of physics that nobody ever has dreamed 
of. It is different from the principle embodied in my inventions relating to 
the transmission of electrical power from a distance, for which I hold a 
number of basic patents." 
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Illustrations from an article in the March, 1920 issue of Electrical Experimenter entitled 
"Wireless Transmission of Power Now Possible". The illustrations show his prototype 
devices for "directed ionized beam transmissions," a "deathray—searchlight" device. But 
according to Tesla, the results of tests did not justify the hope of important practical 
applications in large distance. 


"After preliminary laboratory experiments, I made tests on a large scale with 
the transmitter referred to and a beam of ultra-violet rays of great energy 
in an attempt to conduct the current to the high rarefied strata of the air 
and thus create an auroral display such as might be utilized for illumination, 
especially of oceans at night. I found that there was some virtue in the 
principal but the results did not justify the hope of important practical 
applications although, some years later, several inventors claimed to have 
produced a "death ray" in this manner. While the published reports to this effect 
were entirely unfounded, I believe that with the new transmitter to be built, many 
wonders will be achieved". 


A Machine to End War - Liberty - February 1937: 





My discovery ends the menace of airplanes or submarines, but it insures the 
supremacy of the battleship, because battleships may be provided with some of the 
required equipment. There might still be war at sea, but no warship could 
successfully attack the shore line, as the coast equipment will be superior to the 
armament of any battleship. 


I want to state explicitly that this invention of mine does not contemplate 
the use of any so-called "death rays." Rays are not applicable because they 
cannot be produced in requisite quantities and diminish rapidly in intensity 
with distance. All the energy of New York City (approximately two million 
horsepower) transformed into rays and projected twenty miles, could not kill a 
human being, because, according to a well known law of physics, it would disperse 
to such an extent as to be ineffectual. 


My apparatus projects particles which may be relatively large or of 
microscopic dimensions, enabling us to convey to a small area at a great 
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distance trillions of times more energy than is possible with rays of any kind. Many 
thousands of horsepower can thus be transmitted by a stream thinner than a hair, 
so that nothing can resist. This wonderful feature will make it possible, among other 
things, to achieve undreamed-of results in television, for there will be almost no 
limit to the intensity of illumination, the size of the picture, or distance of 
projection. 


I do not say that there may not be several destructive wars before the world 
accepts my gift. I may not live to see its acceptance. But I am convinced that a 
century from now every nation will render itself immune from attack by my device 
or by a device based upon a similar principle. 


At the age of 81, at a luncheon in his honor, concerning the Death Ray, Tesla stated: 


“But it is not an experiment.... I have built, demonstrated and used it. Only a little 
time will pass before I can give it to the world.” 


History of particle accelerators 


There are two basic classes of accelerators: electrostatic and oscillating field 
accelerators. Electrostatic accelerators use static electric fields to accelerate particles. A 
small-scale example of this class is the cathode ray tube in an ordinary old television 
set. Other examples are the Cockcroft-Walton generator and the Van de Graaff 
generator. The achievable kinetic energy for particles in these devices is limited by 
electrical breakdown. Oscillating field accelerators, on the other hand, use radio 
frequency electromagnetic fields to accelerate particles, and circumvent the breakdown 
problem. This class, which was first developed in the 1920s, is the basis for all modern 
accelerator concepts and large-scale facilities. 


To be able to go deeper into the secrets of the structure of matter, the phycisists found 
that they had to "crush", "hit" or "disturb" the atomic particles with the maximum 
energy as possible. In 1911 Rutherford achieved to elaborate an atomic model by the 
help of a projectile of certain energy: the a particles (alpha particles). During a long 
period of time such particles were the unique method to disturb the microcosmos in a 
controled way; but for the only way to produce them, it was necesary some kind of 
material which would be already radiactive in nature. This limitation became more 
remarkable in 1919 when Rutherford opened the new field of nuclear transformations 
when he studied the reaction N14 + a (alpha) => O17 + p (a nucleus of Nitrogen 
absorbs an a particle, emiting a proton and transforming it into a Oxigen nucleus). The 
radiactive sources available were too weak to continue penetrating into the mistery of 
atomic nucleus. One gram of radium produced 37.000 milion of a particles per second 
(apart from other products of the disintegration) of which 1 from 100.000 brought a 
transformation; too few to be able to separate chemically the generated substances to 
examine the products. Furthermore, the energy of those a particles were just enough to 
be able to surpass the electric repulsion of the nucleus to which they were directed. It 
was urgent to find machines which would be able to increase the number and velocity 
(energy) of the particles. And because they were charged, one way was to put them 
inside great potential differences. 


Before the WW1 no technical means existed to progress so much in that direction. From 

the 1920's already begun to appear some apparatus. In Cambridge, John Cockcroft and 

Ernest Walton used a voltaic multiplier which provided to them 125 Kv (1Kv=1000V) to 

be the first to observe in 1932 the artificial disintegration of atoms of lithium in two a 

particles. In the department of Terrestrial Magnetism of the Carnegie Institute of 
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Washington, Merle Tuve in 1928 used a transformer invented by Nikola Tesla with which 
he reached 3 million Volts. With the colaboration of Gregory Breit, Tuve used this 
method to accelerate protons and electrons. After working during a short time in an 
electric power plant in Alabama, Robert J. Van de Graaf designed his electrostatic 
generator. After spending one year in Oxford with a studentship, he conceived a device 
to build up a high voltage using simple principles of electrostatics. A belt of insulating 
material carries electricity from a point source to a large insulated spherical conductor. 
Another belt likewise delivers electricity of the opposite charge to another sphere. The 
spheres build up a potential until the electric field breaks down the air and a huge spark 
"arcs" across. While a postdoctoral fellow at Princeton, he adapted it (where he arrived 
in 1928) for the acceleration of particles. In a short time his prototype provided the 80 
Kv and in 1931 was already possible to provide 750 Kv and using two spheres it was 
possible to achieve a potential difference of 1,5 Mv (1Mv=1000Kv). In 1937 already 
existed Van de Graaf generators of 5 meters high which were able to provide 5Mv. By 
increasing the radius of the spheres, Van de Graaff could reach higher voltages without 
arcing. The maximum voltage in theory, in megavolts, roughly equalled the radius of 
the sphere in feet. He was soon planning a pair of spheres 15 feet across. In 1933 Tuve 
and his team used a Van de Graaf generator of 1 Mv together with the discharge tube 
which they improved and they observed the disintegration of lithium and boron. 
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This electrostatic generator (Van de Graaf generator) atom-smasher was built at the 
Carnegie Institution in Washington D.C., and used between 1920 and 1940. The cross- 
section shows a spherical conductor, its insulating supports, and tube in which particles 
are accelerated. The charging belt is shown cut-off near the top and bottom. This 
structure was also the talk of "death-rays". 


The most important initiative which ended up developing more and marking an era of 
physics was that associated to American phycisist Ernest Orlando Lawrence. The 
difficulties of maintaining high voltages led several physicists to propose accelerating 
particles by using a lower voltage more than once. After graduating in Yale Lawrence 
was hired as a professor associated to physics for Berkley in 1928. Lawrence learned of 
one such scheme in the spring of 1929, while browsing through an issue of Archiv ftir 
Elektrotechnik, a German journal for electrical engineers. Lawrence read German only 
with great difficulty, but he was rewarded for his diligence: he found an article by a 
Norwegian engineer, Rolf WiderGde, the title of which he could translate as "On a new 
principle for the production of higher voltages." The diagrams explained the principle 
and Lawrence skipped the text. This article inspired his idea of a particle accelerator, 
the first cyclotron. 





The first radio frequency linac for acceleration of heavy ions was designed by Rolf 


Widerge in 1928. 1 MHz, 25KV rf source to accelerate potassium ions up to 50 
KeV. Optimum gap distance d=BA/2=Bc/2f 


Rolf Widerge, Gustav Ising, Led Szilard, Donald Kerst, and Ernest Lawrence are 
considered pioneers of the particle accelerators, conceiving and building the first 
operational linear particle accelerator, the betatron, and the cyclotron. 
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Nov. 23, 1943. D. W, KERST 2,335,014 
MAGNETIC INDUCTION ACCELERATOR 
Filed Jan. 13, 1942 2 Sheots-Sheet 2 





Inventor: 
Donald W Kerst, 
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Diagram of a cyclotron, a particle accelerator invented by Earnest O. Lawrence in 1932 
and widely used from the 1930s to the 1950s. It consists of a pair of "D" shaped sheet 
metal electrodes called "Dees" placed face to face inside a vacuum chamber, between 
the poles of an electromagnet. An oscillating radio frequency voltage of several 
thousand volts is applied to the dees. Atomic particles to be accelerated, such as 
protons are released in the center. The magnetic field causes them to travel in a spiral 
path from the center to the rim of the dees, being accelerated each time they pass from 
one electrode to the other. When the particles reach the rim they pass out of the dees 
through a small gap and strike a target. In this diagram the electromagnet pole pieces 
are not shown full size; they must be at least as big as the dees to create a uniform 
field. Caption: How the cyclotron works. Size of the magnets has been kept down to 
show the path of the electron 


The New Art of Projecting Concentrated Non-Dispersive Energy 
Through Natural Media 


Whether Tesla's idea was ever taken seriously is still a mater of conjecture. Most 
experts today consider his idea infeasible. Though, his death beam bears an uncanny 
resemblance to the charged-particle beam weapon developed by both the United States 
(Beam Experiments Aboard Rocket) and the Soviet Union during the cold war. 





At the end of 1930s many conflicts were giving enough evidence that the dark future of 
war would soon break out in Europe. Nikola Tesla tryed to convince the military to 
generate interest to get the fundings for his "peace beam", but it seems that he didn't 
recieve the attention that he was hoping. After some attempts, he decided to not give 
up and he sent an elaborate technical paper, including diagrams, to a number of Allied 
nations including the United States, Canada, England, France, the Soviet Union, and 
Yugoslavia. 


A paper surfaces in 1983 which is the first to show an actual plan for a weapon. An 
analysis of the paper by the Tesla museum in Belgrade determines them to be 
authentic. The paper, which is entitled "New Art of Projecting Concentrated Non- 
Dispersive Energy Through Natural Media" is the only known paper Telsa ever wrote 
about particle beam weaponry. 








The most interested country of all which recieved Tesla's proposal, the greatest interest 
came from the Soviet Union. In 1937 (agreement dated in April 20, 1935) Tesla 
presented a plan to the Amtorg Trading Corporation, an alleged Soviet arms front in 
New York City. Two years later, in 1939, one stage of the plan was tested in the USSR 
and Tesla received a check for $25,000. It is highlighted from the released unclassified 
FBI archives (Part 1 page 185). Contained within the extract Tesla agreed to supply 
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plans, specification, and complete information on a method and apparatus for producing 
very small particles in a tube open to air, for increasing the charge of the particles to 
the full voltage of the high potential terminal, and for projecting the particles to a 
distances of a hundred miles or more. The maximum speed of the particles was 
specified as not less than 350 miles per second. The receipt of $25,000 fee for this 
disclosure was acknowledged by Nikola Tesla and by A. Bartanian of the Amtorg Trading 
Corporation. 


During World War II, Amtorg handled the flow of military supplies to the Soviet Union, 
including armaments, raw materials, food, and uniforms under the Lend-Lease 
program. 


During the Cold War years, the scope of Amtorg’s enterprise was more limited, but it 
continued to conduct its business at 49 West 37th Street, in New York City, maintaining 
a skeleton staff. As an arm of the Soviet state, Amtorg, at that time located at 355 
Lexington Avenue in New York City, was targeted in two bombing attempts, in 1971 and 
1976, by members of the Jewish Armed Resistance, an extremist group affiliated with 
the Jewish Defense League. 


Surrounded by continuing controversy, Amtorg survived the Cold War but did not 
survive the collapse of the Soviet Union, quietly disappearing in 1998. 


In a letter that was written to J. P. Morgan, Jr. on November 29, 1934, Tesla described 
the weapon: 


"T have made recent discoveries of inestimable value... The flying machine has 
completely demoralized the world, so much that in some cities, as London and 
Paris, people are in mortal fear from aerial bombing. The new means I have 
perfected afford absolute protection against this and other forms of attack. ... These 
new discoveries, which I have carried out experimentally on a limited scale, have 
created a profound impression. One of the most pressing problems seems to be the 
protection of London and I am writing to some influential friends in England hoping 
that my plan will be adopted without delay. The Russians are very anxious to render 
their borders safe against Japanese invasion and I have made them a proposal 
which is being seriously considered”. 


During the period in which the negotiations were being carried on, Tesla claimed that 
efforts had been made to steal the invention. His room had been entered and his papers 
had been scrutinized, but the thieves, or spies, left empty-handed. He said that there 
was no danger that his invention could be stolen for he had at no time committed any 
part of it to paper. The blueprint for the Teleforce weapon was all in his mind. 


In 1940 Tesla estimated that each station would cost no more than $2,000,000 and 
could have been constructed in a few months. 





CNN Special Report 1985 Electromagnetic Frequency 
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Tesla Weapons 











Other controversial death ray proposals and possible frauds 


LT id datary , 





‘toma ihe Meetintod Lomtum Nowe Giptew ee tee oye eel artist, Wr 4, A Bherte, melee Lhe supreme a Me Mt Nrimdell Bealtions, he sretit 
THE RAY IN OPERATION EXPLODING GUNPOWDER. 
Death ray proposal by Harry Grindell Matthews 
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"Tesla's Views on Electricity and the War" - The Electrical Experimenter - August, 1917 


"The ‘Ulivi ray' really was transplanted from this country to Italy," asserted Dr. 


Tesla. "It was simply an adaptation of my ultra-powerful high-frequency phenomena 


as carried out in Colorado and cited previously. With a powerful oscillator 
developing thousands of horsepower it would become readily possible to detonate 
powder and munition magazines by means of the high frequency currents induced 
in every bit of metal, even when located five to six miles away and more. Even a 
powder can would have a potential of 6,000 to 7,000 volts induced in it at that 
distance. 


"At the time of those tests I succeeded in producing the most powerful X-rays ever 
seen. I could stand at a distance of 100 feet from the X-ray apparatus and see the 
bones of the hand clearly with the aid of a fluoroscope screen; and I could have 
easily seen them at a distance several times this by utilizing suitable power. In fact, 
I could not then procure X-ray generators to handle even a small fraction of the 


power I had available. But I now have apparatus designed whereby this tremendous 


energy of hundreds of kilowatts can be successfully transformed into X-rays." 


Tesla was probablly wrong in this case when he stated that Giacomo Ulivi copyed his 
idea knowing that Ulivi's death rays were finally considered a fraud after many attempts 
in different places to avoid his excuses to demonstrate his invention to the public 
without conditions but also because he had the bad habbit to disapear in the righ 
moments (See also: http://trove.nla.gov.au/ndp/del/article/6426458? 
searchTerm=Giulio%20 

Ulivi&searchLimits=). 











The death ray proposal by Harry Grindell Matthews had almost the same reputation as 
the false italian inventor Giacomo Ulivi because he never had been able to demonstrate 
to the military of the UK or to any other witness, but it seems that there has always 
been some doubt as to whether Matthews ever actually invented a 'Death Ray' knowing 
that some documents held in the French patent office show a patent registered for the 
‘Projection a distance Phénomenés invisibles de haute fréquency électrique’ - or the 
‘remote projection of invisible high frequency electricity’ (seeking source) in other 
words, the 'Death Ray' - filed in October 1924 under the name Eugene Royer, 
Matthews' close associate. 





Nazi developed "death ray" Weapon 


More information: " Nazi developed "death ray" Weapon." 





The following is a set of data related to the Nazi project. 


Death-Rays as Life-Savers in the Third Reich by Pedro Waloschek (the description which 
appear in the book about Tesla's "death ray" is wrong as it was not supposed to use 
electromagnetic waves or wireless energy and in this case Tesla never stated that 
particles should travel faster than light): 





Today we know that the ‘death rays’ made famous through science fiction literature 
and cinema were never actually deployed, and certainly not during World War II. 
The extensive literature on secret weapons provides us with very few mentions of 
‘death rays’, and most of these refer to desperate publicity stunts by the German 
leadership towards the end of the war. However, several proposals were made, 
which led to the establishment of real research and development projects that 
aimed (or hoped) to achieve the development of ‘death rays’, or at least to gather 
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some of the knowledge considered indispensable for the realisation of such 
weaponry. This does not belong to the world of conjecture; there is real evidence of 
activity, which can be reconstructed thanks to archive documents and witness 
statements. 


Towards the end of the war, scientists in Germany tried to make use of what funds 
were still available for research work. Some of these projects were sensible, others 
less so. They also used such projects as pretexts to save their employees from war 
services (see Schiebold) or from deportation in concentration camps (see 
Schmellenmeier). Most of them were already thinking in terms of post-war scientific 
or commercial applications. So they were supported and encouraged by industrial 
firms like Brown Boveri (BBC), Philips and Siemens, which expected a future market 
for X-ray-producing machines for hospitals. And they were in strong competition 
with US-firms like General Electric. 


However, in order to obtain the materials, financial support and services required 
for a project, several scientists found it expedient to declare that their work was of 
vital importance to the war effort. Their chances of success fared even better if they 
could assert that their developments were indispensable for producing a specific 
weapon, which could prove decisive for a conclusive (and somewhat miraculous) 
victory. Sometimes these proposals were explicit, and 6 unambiguous (albeit 
secret) reports were submitted to the authorities in writing. But in other cases 
suggestions were raised only orally, and the paperwork that was presented merely 
served to hide the military purpose of these projects behind a smokescreen of 
civilian intent. To some extent the scientists were able to play this game thanks to 
the Nazi leadership’s lack of technical and scientific understanding. Furthermore, it 
was unlikely that experts with opposing viewpoints would raise any objections to a 
project considered essential to the war effort since this would have been considered 
in general as rank defeatism. 


Nevertheless the world was afraid of Hitler’s miracle weapons and particularly his 
death rays. What was the truth behind these death rays? And how had the German 
Luftwaffe and other authorities been convinced of the case for making substantial 
research and development efforts to produce such death rays? This is the area 
under discussion. The subject began to fascinate me in my youth. 


My aim is to present the collection of data I have accumulated over many years, 
and make it accessible to others in a way that I hope will be interesting and easy to 
understand. I have been particularly interested in the lives and problems of the 
people involved in the ‘death ray’ projects, and I hope that the information I 
present will contribute to the elimination of some of the myths and prejudices that 
arose after the war, mainly as a result of the (sometime justified) silence of the 
participants. 


German "death ray" weapon wrecked - The argus, Melbourne - 8 sept, 1944 





This concrete structure in France was intended to house a Nazi secret weapon, 
French civilians believe. Five thousand workmen were engaged on it day and night, 
but after 35 attacks by the RAF the project was abandoned. Construction men 
hinted that a death ray machine capable of stopping aircraft engines in flight and 
burning London to the ground was being installed. (Canadian WIB Radio photo 
received by Beam Wireless.) 





http://www.arcforums.com/forums/air/index.php?showtopic=215575 
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"An incomplete German Block House near Vatan, France. (About 240Km south of 
Paris) According to civilians, the nazis hoped to house electrical apparatus to send 
out beams that would stop aircraft in flight. The structure is 300' long, 200' wide, 
and some four stories high. Steel doors meant to operate on rollers are 8' thick and 
24'-25' high. Allied aircraft pounded the block hous and it's environs with 1000/b 
bombs." 





Restricted Films of WWII: German "death ray" weapon facility wrecked - T... 














x x 
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Aerial view of the heavily bombed bunker - Blockhaus d'Eperlecques - Open to the public since 1973 and 


listed "Ancient Memorials" in 1985. 


http://www.456fis.org/NAZI_ SECRET WEAPONS OF 1944.htm 





Mechanix Illustrated 
April 1944 


The British government was spooked back in 1935. Not because of Hitler’s air force or 
his infantry. Because of his death ray. 
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Newspapers screamed that the Nazis might have a super-weapon that could incinerate 
living tissue or detonate a bomb at long distance. Flooded by letters begging for a 
response, the British Air Ministry asked prominent physicist Robert Watson-Watt to see 
if a radio-wave-based death ray was feasible. 


Within ten days Watson-Watt reported that such a weapon was unlikely. But using radio 
waves to locate an approaching bomber was a real possibility. And that's how radar was 
born. 


Robert Watson-Watt is given the credit for inventing the radar. In fact, this credit 
should go to the German engineer Christian Hulsmeyer who in 1904, using patented an 
early warning system for shipping. He, in turn, used a discovery by Heinrich Hertz who 
had discovered in 1888 that radio waves could be bounced off objects. 


In 1935, Robert Watson-Watt - a Scottish physicist - was asked by the Air Ministry to 
investigate the possibility of creating a "death-ray" weapon using radio waves. Watson- 
Watt was working at the National Physical Laboratory in Slough. 


Watson-Watt did not create a "death-ray" weapon but he did find that his radio 
transmitters could create an echo from an aeroplane that was over 200 miles away. 
This information would give the Royal Air Force an early warning of an attack by enemy 
fighters. By the time an enemy force was nearing the coastline, fighters would be 
airborne and ready to fight. The enemy would have lost the element of surprise. This 
invention by Watson-Watt was vital to the RAF during the Battle of Britain in 1940. 


In 1940, aided by John Randall and Henry Boot from Birmingham University, Robert 
Watson-Watt invented the cavity magnetron. This produced a compact source of short- 
wave radio waves and allowed Fighter Command of the RAF to detect incoming enemy 
planes from a much greater distance thus giving the pilots more time to organize 
themselves. 





Heroes and Weapons of WWII: 01. The Men Who Invented Radar 





The Quantum Exodus: Jewish Fugitives, the Atomic Bomb, and the Holocaust - by 
Gordon Fraser - 2012 - Pg 133-134: 


A network of scientific supporters sprung into action to convince the authorities that 
Gans, an expert in magnetism, would be more profitably employed in 


Schmellenmeier's laboratory. A letter from no less than SS Reichsftirer Heinrich 
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Himmler appeared to settle the matter. The enfeebled Gans was assigned a new 
objective. More than a decade before, an obscure idea in a German research journal 
had led the US scientis Ernest Lawrence to invent cyclotrons. Machines to whirl 
protons and other subatomic fragments and accelerate them to high energies. 
Schmellenmeier's idea was to investigate wether this new machines could be made 
into weapons. The effectiveness of conventional German antiaircraft guns had been 
reduced by Allied bombers flying high, out of range ofthe guns, and wreaking 
increasing havoc on German cities. Perhaps Schmellenmeier's new weapon could hit 
such targets in the stratosphere. The idea was to whirl electrons round in a ring to 
create intense microwave radiation. This would them be beamed at enemy 
aeroplanes and interfere with engine ignition or blind the crew. The device was 
called the "Rheotron". On a paper, it sounded very impressive, a new superweapon 
to complement the V1 and the V2 "Vergeltungswaffen" (retaliation weapons) then 
beeing readied. However the idea of such "death ray" was not new. In 1935, Britain 
had set up a comitee to study the new methods of air defence. Soon it appeared 
that the beam power needed was unattainable, but the technology was soon 
refocused into what became to known as "radar". 


Gans had been rescued once from fate in a concentration camp, but was still not 
safe. His luck finally seemed to have run out in the summer of 1944, when he was 
arrested and taken to the Grosse Hamburger Strasse, Berlin's assembly point for 
jews en route to concentration camps. Again, a rescue mission swung into action in 
the last minute. By now, with the fate of the Nazis becoming clear, some high-level 
SS members were eager to fabricate some protection for themselves by helping 
Jews instead of killing them. The Rheotron was an elaborate bluff in several levels. 
First it was a paper deterrent, but it also had a secondary role as a cover for Jewish 
scientists, notably Gans, who suspected that the idea would not work. Later that 
year Schmellenmeier's equipment was evacuated with the instruction that "in case 
of military defeat, the Jew Gans is to be liquidated. However the American forces 
arrived first. 





The Invention of Radar 








Ernst Schiebold (1894-1963) was a German mineralogist who has rendered outstanding 
services to the material examination using X-rays. Von Schiebold sold Milch of the Air 
Force the idea that it was possible to build an X-ray searchlight which would cause 
burns on the crews of Allied bombers at altitudes up to 30.000 feet. the source of the X- 


rays was to be a betatron. 
wn 
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http://www. abovetopsecret.com/forum/thread817832/pg1 
http://www.forbiddenknowledgetv.com/videos/911--false-flags/911-proof-of-laser- 


weapons-part-3.html 


During WW2 the German electronics firm Siemens developed a particle beam weapon 
for the Luftwaffe. It was invented by Prof Max Steenbeck in 1935. Heinz 
Schmellenmeier, Richard Gans and Fritz Houtermans were leading figures in the 
project. 


How the machine worked was that it interrupted the magnetos of engines in Allied 
bombers and brought aircraft down to lower altitudes into the reach of FLAK batteries. 


Norwegian born Dr Rolf Wideroe wrote in his autobiography that he worked on a 
particle accelerator X-Ray transformer for this project at Hamburg in 1943. The Philips 
subsidiary Valvo also participated and much of the engineering was performed by CHF 
Muller & Co. Wideroe later rescued the device from the rubble of Dresden and 
delivered it to General Patton's 3rd Army at Burggrub on 14 April 1945. 


A second rival device, Ernst Schiebolds 'R6ntgenkanone was developed at GroBostheim 
south of Frankfurt. This employed a particle accelerator cupped from beneath by a 
Beryllium parabolic mirror with a bundle of nine beryllium rods as an anode at it's 
core. the entire device was steerable at Allied bomber formations. The Company 
Richert Seifert & Co was largely responsible for it's manufacture. 


These were not lasers. They directed hard radiation at aircraft and were the 


forerunners of Star wars weapons today. 


http://www.answers.com/topic/directed-energy-weapons 
http: //en.wikipedia.org/wiki/Wunderwaffe 








In the later phases of World War II, Nazi Germany increasingly put its hopes on 
research into technologically revolutionary secret weapons, the Wunderwaffen. 


Among the directed-energy weapons the Nazis investigated were X-Ray Beam 
Weapons developed under Heinz Schmellenmeier, Richard Gans and Fritz Houtermans. 
They built an electron accelerator called Rheotron (invented by Max Steenbeck at 
Siemens-Schuckert in the 1930s, these were later called Betatrons by the Americans) 
to generate hard X ray synchrotron beams for the Reichsluftfahrtministerium (RLM). 
The intent was to pre-ionize ignition in Aircraft engines and hence serve as anti- 
aircraft DEW and bring planes down into the reach of the FLAK. The Rheotron was 
captured by the Americans in Burggrub on April 14, 1945. 


Another approach was Ernst Schiebolds 'R6ntgenkanone' developed from 1943 in 
GroBostheim near Aschaffenburg. The Company Richert Seifert & Co from Hamburg 
delivered parts. 


The Third Reich further developed sonic weaponry, using parabolic reflectors to project 
sound waves of destructive force. Microwave Weapons were investigated together with 
the Japanese (see also: Japanese radar and related weapons of world war 2). 





http://www.cdvandt.org/CIOS-XXVIII-31.pdf 
http://www.quora.com/Sy-Gunson 








Rolf Wideroe said in his autobiography: 


https://teslaresearch.jimdo.com/death-ray/ 30/38 


11/29/2018 The "death ray" - Open Tesla Research 


“It appears that Dr. Schiebold hawked his ideas about. He spoke to physicists who 
must have thought him a hopeless case, but he also tackled some influential 
people in official capacities who were not in a position to make informed 
judgements. Most people probably dismissed him as a harmless lunatic, but some 
must have been convinced because the Air Force, i.e. the German Aviation 
Ministry (RLM) and Command of the Luftwaffe, provided a certain amount of 
support for his ‘death ray’. 


In order to conduct some test experiments for this ‘death ray’, a still unused and 
unpacked X-ray apparatus with a high voltage supply of a little over one million 
volts (made by means of a sort of cascade circuit), was taken from a hospital in 
Hamburg to a small military airport called GroB-Ostheim (today ‘GroBostheim') in 
the region of Hanau. If I remember rightly, Richard Seifert organized this tests and 
Hollnack was their administrator. However, both engineers and technicians quickly 
understood that the danger to themselves operating the machine on the ground 
was far greater than to the pilots and bombs in the enemy aircraft. 


Still, a ray-transformer or betatron could produce X-rays of many million volts and 
in doing so one could, in principle (purely on the grounds of the laws of physics), 
improve the ‘bundling' of the beam with an increase of energy. To a certain 
extent, the effective range could be increased. This seemed to be the reason for 
the German Air Force's interest in the betatron. I wasn't really supposed to know 
anything about it, and we only ever talked about the betatron in terms of its 
importance to medicine. As it turned out this was actually correct. 


By November 1943 I had developed a three-phase plan which provided first for the 
construction of a 15 MeV betatron in Hamburg, then a 200 MeV betatron and 
finally an experimental station in GroB-Ostheim for even larger installations... 
[Wideroe comments that only the Hamburg machine came to fruition however 
Allied intelligence refers to a working machine at GroB-Ostheim disrupting Allied 
bombers therefore Wideroe may have been out of the loop on subsequent 
developments] 


Our work in Hamburg soon confirmed that the step from Kerst's 2.3 MeV machine 
(USA) to our planned 15 MeV ray-transformer was the right one. Of course, all we 
wanted in principle was to achieve as much energy as possible, but at 15 MeV we 
did not expect any imminent problems with the iron yoke (which was very similar 
to that of an ordinary transformer). However, these problems did appear when we 
built the first 31MeV machine for Brown Boveri in Baden, as I shall explain later.” 


Dr. Schiebold's 'R6ntgenkanone' was captured by Patton's Army at Burggrub near 


Beyreuth about 14 April 1945. It disappeared into US black projects in New Mexico 
brought back to USA by Project LUSTY. 


http://jansrose. blogspot.com.es/2012/03/death-rays-and-ball-lightning.html 





From Wideroe's online autobiography, The Infancy of Particle Accelerators: 


I eventually found out why the German Air Force was so interested in the 

betatron. Physicist Dr. Schiebold from Leipzig, a specialist on non-destructive 

testing of materials using X-rays among other methods (after the War he became 

professor in Magdeburg) had had the idea that it would be possible to build an X- 

ray tube....[that] would cause the X-rays to be emitted in a narrow bundle. With 

sufficiently high voltage it would then be possible to achieve high radiation 

intensities at long distances. Thus it may even be possible to kill the pilots. 
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In order to conduct some test experiments for this ‘death ray’, a still unused and 
unpacked X-ray apparatus with a high voltage supply of a little over one million 
volts (made by means of a sort of cascade circuit), was taken from a hospital in 
Hamburg to a small military airport called GroB-Ostheim (today ‘GroBostheim’) in 
the region of Hanau. 


Gunson states that "ball lightning" was an artifact of the ray when it was used to 
disable aircraft in flight. I have heard this claim before, though I can't remember 
where. However, mention of ball lightning always rings a resounding "ding! ding! we 
have a winna!" in my head. 


http://en.wikipedia.org/wiki/Betatron 





A betatron is a cyclic particle accelerator developed by Donald Kerst at the University 
of Illinois in 1940 to accelerate electrons, but the concepts ultimately originate from 
Rolf Widerge, whose development of an induction accelerator failed due to the lack of 
transverse focusing. Previous development in Germany also occurred through Max 
Steenbeck in the 40s. 


The betatron is essentially a transformer with a torus-shaped vacuum tube as its 
secondary coil. An alternating current in the primary coils accelerates electrons in the 
vacuum around a circular path. The betatron was the first important machine for 
producing high energy electrons. 


Betatrons were historically employed in particle physics experiments to provide high 
energy beams of electrons—up to about 300 MeV. If the electron beam is directed at a 
metal plate, the betatron can be used as a source of energetic x-rays or gamma rays; 
these x-rays may be used in industrial and medical applications (historically in 
radiation oncology). A small version of a Betatron was also used to provide electrons 
converted into hard X-rays by a target to provide prompt initiation of some 
experimental nuclear weapons by means of photon-induced fission and photon- 
>neutron reactions in the bomb core. 


The Radiation Center, the first private medical center to treat cancer patients with a 


betatron, was opened by Dr. O. Arthur Stiennon in a suburb of Madison, Wisconsin in 
the late 1950s. 
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American Atomic Bomb testing!! (a Betatron bomb) 











The George device used a Mk-5 bomb assembly and was intended to gather additional 
data on the initiation time vs yield curve. A device used of an external initiator as 
opposed to an internal one activated by the implosion shockwave. This device known as 
a betatron used electrons to generate high energy X-rays inducing photo-fission in the 
core to initiate the chain reaction. The betatron allowed very accurate control of 
initiation time. The test device had a diameter of 100cm and weighed 1224kg, the cloud 
reached 11,000m. The shot was postponed due to unfavorable weather conditions, and 
was also moved to a different area of the Nevada Test Site due to residual radiation 
from the previous shots Easy and Fox. 


http://nuclearweaponarchive.org/Usa/Tests/Tumblers.html 

Operation Tumbler-Snapper 

George 
1 June 1952 
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Healing Hand 


Humans can build all kinds of sophisticated instruments because 
of the magnificence of the hands and the fingers. Another higher 
function of the hands is the power of healing. Knowing the major 
points of the hands and fingers will enable you to stimulate and 
maintain the organs in good function. 


Palms 


The palms are where all major energies of Chi join. The palm can 
be the place from which the life-force is sent out to heal others or 
yourself. The palm also is the place where energy can be received 
and enter into the bone structure and into the major organs. 


Pericardium 


The pericardium (P-8) is the main place of energy concentration. 
You can collect the energy in this point and transmit stronger en- 
ergy from this point. 


Large Intestine 


The large intestine (LI-4) is the major point which controls all the 
pain in the body, especially in the sense organs (eyes, ears, nose) 
and headaches. 











Heart Governor (HG-9) 
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Lung (LG-11) 


Pericardium (P-8) 


Fig. 1 Pericardium 
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Fig. 2 Large Intestine 
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Major Palm Lines 


The three major palm lines are the Life Line, the Line of Intellect and 
the Line of Emotion. 


Fingers have Corresponding 
Bodily Functions 


The fingers are connected to the organs’ meridians. The joints of 
the finger bones are also related to parts of the organs and their 
corresponding senses and emotions. 








Circulatory and Excretory 
Systems (Line of Emotion) 


Nervous System 
(Line of Intellect) 


Digestive and Respiratory 
Systems (Life Line) 


Fig. 3 Three Major Palm Lines 
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Fig. 4 Fingers and Their Corresponding Bodily Functions 
Through the Organs’ Meridians 











Massage the Hands 


Always start by rubbing your hands until they are warm. 
1. Massage the pericardium (P-8). Use the thumb to press the 
middle of the palm with a circular motion. 





Fig. 5 Massaging the Pericardium with fingers cupped in the palm ina 
half-fist, the pericardium is the point at the tip of the middle finger. 
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2. Massage the hegu (LI-14). Press the thumb around the point 
in a circular motion, and press more at the index finger bone. Find 
the pain point and massage it away. 


Large Intestine Point (LI-14) 





Fig.6 Massaging LI-14 
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3. Massage the major palm lines. Use the thumb to massage 
along the palm lines. Massage more towards the thumb bone and 
along that bone. When a lot of emotion is held inside, find the sore 
point and massage it. 

4. Massage the back of the hand. Use the thumb to press along 
the bones on the back of the hand. When you find a tender spot, 
take more time to work on it. 

5. Massage the fingers. Always rub your hands until warm. Use 
the right hand’s fingers to wrap around the left thumb, and then, one 
by one, squeeze, hold and release each finger on the left hand three 
to six times. Start with the left hand and continue to the right hand’s 
fingers, according to the elements of the finger. This will greatly 
help to control emotions. 





Fig. 7 Massaging the Palm Lines 
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Fingers Correspond to Emotions, 
Elements and Organs 


A. Thumb corresponds to the element earth and is associated 
with the stomach. The corresponding emotion is worry. 

B. Index finger corresponds to the element of metal and is asso- 
ciated with the lungs and large intestine. It links with the emotions of 
sadness, grief and depression. 

C. Middle finger corresponds with the element of fire and is as- 
sociated with the heart, small intestine, circulatory system and the 
respiratory system. It links with the emotions of impatience and 
hastiness. 

D. Ring finger corresponds to the wood element and is associ- 
ated with the liver, gall bladder and the nervous system; it corre- 
sponds to the emotion of anger. 

E. Pinky finger corresponds to the water element; it is associ- 
ated with the kidneys, and corresponds with the emotion of fear. 
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Fig. 8 Fingers’ corresponding emotions, elements and organs 
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Head 


A. Crown Point 


This is located in the center of the crown; in the fontanelle area of 
an infant’s skull there may still be a slight depression. The crown 
point is the junction of one hundred channels through which the 
energy of the body passes. Massage this area with both your middle 
fingers. This will relieve dizziness and headaches, which result from 
too much energy in the head. It also relieves high blood pressure 
and stimulates the nervous system. 





Fig. 9 Crown Point is the junction point of 
one hundred energy channels. 
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B. Bring Chi Energy to the Hands and Face 


Inhale, contract the sexual organ, buttocks and middle of the anus. 
Rub the hands, clench the teeth, and put the tongue to the roof of 
the mouth. When the face, head, and hands are hot, breathe nor- 
mally and begin to massage. 


C. Knock the Head 


Hit the head with the knuckles of the hand, knocking all around the 
head. Knocking the head lightly can help to clear your head, elimi- 
nate stubbornness and make your thinking sharper. Many of our 
students use this knocking of the head to release the pressures 
that they have from today’s life of fast, advanced technology and 
the feeling of always having to keep up. This is especially true of 
those graduate students who feel a great deal of pressure and stress 
in keeping up with their studies. Each year students commit suicide 
because the pressures and stress accumulate too much in their 
heads, making them unable to think clearly: they start to feel every- 
thing in their society as too much pressure, which leads to worry, 
fear, sadness, and many, mixed emotions. The simple knocking of 
the head can release pressure and stress that accumulate there. 





Fig. 10 Knocking the Head 


16 











D. Hold your Breath to Increase Chi Flow 


Holding your breath will increase the Chi flow to the face. The head 
has many channels that join in the skull, especially in the crown 
point. 


E. Scalp 


Prepare your hands, head and scalp by warming up. Using both 
hands like a comb, press hard and move slowly, massage the scalp, 
going straight back from the hairline to the base of the skull. As you 
do this, mentally direct your energy from the back of the skull to 
your feet. Repeat 6-9 times. Massage more in any places in which 
you feel pain, until the pain goes away. 





Fig. 11 Massaging the Scalp 


17 











F. Crest 


Using your thumbs, massage the crest (the edge) at the base of 
the skull until you feel no pain there. This will help you reduce head- 
aches and eye aches and will increase vision. This place in Tao 
tradition is called the Pool of Wind which tends to collect the “evil 
wind”, the major cause of all the pain in the senses. 





Fengchi Point (GB-20) 
Fig. 12 Crest - Edge of the Skull 


Crest 





Fig. 13 Go straight back from the hairline to the base of the skull. 
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Face 


Natural Beauty 


Massaging your face with Chi is a far more effective beauty treat- 
ment than the most expensive cream or cosmetic, Your skin will 
glow brightly and eventually become less wrinkled. There are many 
meridians passing through or ending at the face. When blocked, 
they result in reduced flow of Chi energy and circulation. The face is 
the first impression imprinted in other people’s minds. Chi circula- 
tion provides it with attractive personal energy. 
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Fig. 14 Head and Face 
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Fig. 15 Massage the Whole Face 





Fig. 16 Massage the Mid Forehead 


Temples 


Use your index fingers to massage the temples in a circular motion, 
first clockwise, then counterclockwise. Massage the forehead and 
the temples; use the knuckle rub from the middle of the forehead all 
the way to the temples ten to twenty times. These exercises will 
reduce headaches in the front and in the temples. Find the painful 
point and massage it until the pain is gone. 
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Fig. 17 Massage the Temples 


Mouth 


Depression makes the corners of the mouth drop. Looking cheer- 
ful, delightful, more attractive and happy are dependent so much on 
the eyes and the corners of the mouth. When the muscles of the 
mouth are loose because of stress, depression, or sadness, the 
corners of the mouth drop and the energy system is depressed and 
in low key. No one likes to look at a sad face or a depressed face; it 
makes other people feel sad and depressed, too. 

The flow of energy in the body and the expression of the face are 
the main attractive powers of a person. Massaging the mouth 
muscles up will help to lift the corners of the mouth. The Inner Smile 
and lifting up the corners of the mouth are very important to building 
up attractive energy. 
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Beautify the Mouth Massage 


Using the thumb and the index finger of the right hand, touch both 
corners of the mouth and feel the Chi from the thumb and index 
finger pass to the corners of the mouth. Slowly press and push up 
about one inch, release and start again at the corners, pressing up 
ten to twenty times each day. 





Cheerful Delight Mouth Corners Drop 


Fig. 18 Beautifying the Mouth Massage 
Eyes 


The eyes are the windows of the spirit. In Taoism we regard the 
eyes as Yang energy which will guide all Chi flow in the body. The 
eyes can greatly affect your personality Some people are born with 
a lot of white in their eyes--three portions of white to one portion of 
iris—sometimes called “thief eyes” or “danger attack eyes.” Such 
eyes can result in a suspicious look, portending unpleasant things. 
Through the exercises, you can gradually correct the white portion 
of the eyes. 
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Since the eyes are connected to the entire nervous system, they 
have a special importance. The eyes reveal the health of your entire 
body. Through the eyes we can tell which organs are weak and/or 
toxic. Massaging the eyes will remove stress from the vital organs. 
Nowadays people use their eyes much more than in the past to 
read, watch television, and work with computers, electronics and 
microscopes. This strains them a great deal and makes the open- 
ings of the organs loose, so that much of the organ energy is drained 
out. In Taoism, we regard the eyes as the doorways to the soul as 
well as the opening of the liver. 


A. Bring Chi Energy to the Hands and Eyes 


Repeat the procedure for bringing energy to the hands by inhaling; 
holding the breath; and contracting the sexual organ, buttocks and 
middle of the anus and both the left and right sides of the anus. 
Direct the Chi to both eyes. Rub the hands, clench the teeth, place 
the tongue on the roof of your mouth. Direct the energy to the face 
and then the hands. When your hands are hot, focus on your eyes 
until you feel them filled with eneray. 





Fig. 19 Eyes are the Windows of the Spirit 
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Eyeball 


Optic Nerve 


Pituitary Gland 


Thalamus 


Fig. 20 Eyes are the Doorways to the Soul 


Fig. 21 Use the Fingertips to Gently Massage the Eyeballs 
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B. For the Eyeballs and Surrounding Area 


Close your eyes. Use your fingertips to gently massage your eye- 
balls through your closed eyelids, six to nine times clockwise, then 
six to nine times counterclockwise. Then gently massage the area 
around the lids the same number of times. Be aware of painful spots 
and massage those places until the pain goes away. Pay special 
attention to the inner and outer corners of the eyes. These are points 
of the gall bladder meridian and will relieve eye ailments if mas- 
saged. 


C. Pull up the Eyelids 


Pulling up the eyelids will increase the fluid. Use the thumb and 
index finger to pinch, pull up and release the eyelids six to nine times. 





Fig. 22 Pull Up the Eyelids 
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D. For the Eye Sockets 


Bend your index fingers and use the lower section (second pha- 
lanx) of each thumb to rub the upper and lower bones of the eye 
sockets six to nine times. 





Fig. 23 Massage the Eye Sockets 


E. For getting a Tear out 


Hold an index finger up about eight inches from the eyes, or put a 
dot on the wall five or six feet away from you. Stare at it intently 
without blinking your eyes until you feel like a fire is burning in them. 
The Taoists believe that the toxins will burn out of the body through 
the eyes. They will begin to tear. Do this to strengthen your eyes. 
Then, rub your hands until warm; close your eyes and cover your 
eye sockets with your palms. Feel the Chi from the hands absorbed 
into the eyes. Rotate your eyes six to nine times, first in a clockwise 
direction, then counterclockwise. 
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Fig. 24 Getting a Tear Out Fig. 25 Absorbing the Chi into the Eyes 
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Fig. 26 Parts of the Eyes Connect with Senses and Brain 
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F, Pull in the Eyeballs 


The eyes are divided into five parts. Each part is closely connected 
with the organs and nerves. Become aware of the eyes. 

Pulling and pressing the eyeballs will exercise the organs, sense, 
glands and the brain. This is also the best exercise for the eye 
muscles. The eyes have many muscles which we do not exercise 
very much and, thus, they become weak, contributing to poor eye- 
sight. 

1. With the eyes still closed and cupped by the palms, inhale, 
contract the anus and sexual organ, and pull the eyeballs back into 
the sockets. 

2. Contract the middle of the anus and the middles of the eye- 
balls. 

3. Contract the front of the anus and the tops of the eyeballs. 

4. Contract the back of the anus and the bottoms of the eyeballs. 

5. Contract the right side of the anus and the right sides of the 
eyeballs. 

6. Contract the left side of the anus and the left sides of the eye- 
balls. This exercise not only strengthens the eyes but also the pitu- 
itary and pineal glands and the inner ear including the ear drum and 
canals. When you pull the eyeballs in and upward and look toward 
the crown, you are exercising the upper muscles and stimulating 
the pituitary gland and pineal gland. 

When you contract and pull in the middle of your eyeballs, you 
are exercising the back of the eye muscles and the inner ear. 

When pulling in the outer corners of the eyes, you are strength- 
ening the side eye muscles as well as the ear canals end the ear 
drums. 

When pulling in the inner corners of the eyes, you are strength- 
ening the inner side muscles, the tear ducts and the nose. 

When pulling in the lower parts of the eyes, you are pressing the 
lower part of the ear canals and the nervous system. 
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Pressing into the Inner Ear Left Eye Pressing into the 
Ear Canal. Right Eye Pressing 
into the Eustachian Tube 





Right Eye Pressing into the Pressing into the Eustachian Tube 
Ear Canal. Left Eye Pressing into 
the Eustachian Tube 


Fig. 27 Moving the Eyes 
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G. Learn to Maintain Eye Contact 


Some people in eye to eye contact with other people feel nervous 
and frightened, and their voices become very low and hard to hear 
because of weak organs. Some people will look around and not 
look into your eyes when you talk to them. This can be caused by 
weakness of the gall bladder and kidneys. To improve this, you can 
use the Inner Smile, Six Healing Sounds and Tao Rejuvenation, plus 
the practice of staring. 

Look at your face in a mirror for two to five minutes each day for 
the first week. After ten days you can begin to stare at your eyes 
and increase your confidence by looking at your irises. Gradually 
you will lose the fear of looking into other people’s eyes. 


Nose 


The nose has several important functions. When we breathe prop- 
erly through the nose and not through the mouth, the nose filters out 
dirt, preventing it from reaching the lungs. It also regulates the tem- 
perature of the air: when the air is too cold, the nose will warm it up 
first. Without this regulating action, extreme temperatures could in- 
jure the lungs, make us susceptible to upper respiratory illnesses 
and subject to getting colds easily. One great advantage about people 
who practice the Tao System is that they seldom get colds. 

The nose has three meridians running through it: the large intes- 
tine, the stomach, and the Governor or back Channel. Rubbing 
the nose strengthens the temperature regulator stimulates the above 
organs, and increases hormone secretion. In China just a few 
needles inserted in the nose serve as a general anesthetic for any 
part of the body to be operated on. 

An unhealthy nose affects the personality. A thin, flat and un- 
healthy looking nose, or a badly shaped nose, can make you less 
attractive to other people. A strong nose can help you to have good 
Chi. The nose is the first place into which the breath of life enters. 
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A weak nose usually will be infected, and a lot of mucous can 
leak into the sinuses. A weak nose also can affect the voice. A good 
singer always has a good nose. Rubbing and massaging the nose 
will increase the Chi and will improve circulation around the nose. 


Ears 


In China we believe that a person with thick, long ears will have a 
long, healthy life and that the personality will be more attractive. 

The following exercises can prevent hearing loss which occurs 
gradually as we age. The ears are acupuncture maps of the whole 
body, containing 120 points. Many acupuncturists now use only the 
ear points to cure many ailments as well as for weight control. 


A. Outer Ear 


Repeat the method for bringing energy to the hands, contracting 
the left and right sides of the anus. 

1. Front and back: Make a space between your index and ring 
fingers and simultaneously rub in front and in back of the ears. 

2. Ear shells: Rub the ear shells with all your fingers. This will 
stimulate the autonomic nervous system and warm up your whole 
body, especially in the cold weather. 

3. Ear lobes: Using your thumb and index finger, pull down on the 
ear lobes. 
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Rub in Front and Back of Ears 





Rub the Ear Shells Pull Down on the Ear Lobes 


Fig. 28 Rubbing the Ear 
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4. Ear drum exercises: For the outer ear drum, repeat the method 
for bringing energy to the hands, contracting the left and right sides 
of the anus. Inhale and then exhale completely. Put your index fin- 
gers in your ears; it should feel as if there is a vacuum in the ears. If 
it does not, then exhale more. Move your index fingers back and 
forth six to nine times at your own pace until you can feel that the 
insides of the ears are moving, and pull out the fingers with a quick 
movement. You should hear a “pop” sound, and you will feel that 
you can hear better and that your mind is clearer. 





Fig. 29 Outer Ear Drum Exercise 
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B. Inner Ear 


Repeat the method for bringing energy to the hands, contracting 
the left and right sides of the anus. 

The inside of the inner ear, being inaccessible, is usually not 
exercised and grows weaker with age. These two exercises use air 
pressure and vibrations to strengthen the inner ear. The ear canals, 
the nose canal, and the mouth are connected together, so in this 
exercise we are using the pressure that builds in the lungs and 
bringing it back up to the mouth, thus adding pressure to the inner 
ear drums. This is how to exercise the inner ear drums. 







Nerve to Brain 


ax P 






( Ear Canal 
Middle Ear 


Fig. 30 Diagram of Inner Ear Drum 
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Fig. 31 Inner Ear Drum Exercise 


Gums, Tongue, Teeth 


Healthy teeth require healthy gums as their foundation. These ex- 
ercises will strengthen both the gums and teeth. Teeth are the 
excess energy of the bones, and when the teeth get stronger, so 
do the bones. When the teeth and tongue are strong, your breath 
improves as well, eliminating bad breath. 
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We regard saliva as an essential form of energy which can 
lubricate the organs and digestive system. The tongue is the open- 
ing of the heart, and both are made of similar tissue. A healthy and 
clean tongue will strengthen the organs, especially the heart. You 
should clean your tongue twice a day with a brush or scrape it 
with a tongue scraper, and massage your tongue with a tongue 
depressor or a clean finger. Find the painful spots and massage 
there until the pain goes away. 


A. Bring Chi Energy to the Hands 


Repeat the procedure for bringing energy to the hands, contract- 
ing the middle of the anus. 


B. Gums 


Open your mouth and stretch your lips tautly over your teeth. Use 
three fingertips (index, middle, and ring fingers) to tap the skin 
around the upper and lower gums. Hit around until you feel warmth 
in the area. 


C. Gums and Tongue 


Massage your upper and lower gums with your tongue. Then suck 
in some saliva, press your tongue tightly against the roof of your 
mouth, and try to exercise the tongue. When you strengthen your 
tongue, you are strengthening your heart. Press around. Press 
the tongue to the roof of your mouth, tighten your neck muscles 
and swallow the saliva. This lubricates the digestive glands and 
organs. 
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Fig. 32 Hitting the Gums Exercise. Using the Tongue, 
Massage the Upper and Lower Gums. 


D. Tongue 


In a sitting position place the hands on the knees, palms down. 
Exhale and straighten the arms, spreading the fingers apart and 
keeping the hands on the knees. Open the mouth as wide as pos- 
sible and thrust the tongue out and down, focused on the throat. 
With the tongue out as far possible, gaze at the tip of the nose. The 
whole body should be tense. Hold the breath for as long as you feel 
comfortable. Relax with inhalation and regulate the breath. This will 
help to strengthen the throat, the tongue and the power of speech. 
These exercises will help to improve foul breath and to clarify speech. 
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Fig. 33 Diagram of Tongue Parts and 





Corresponding Organs 





Fig. 34 Tongue 


Fig. 35 Press Tongue to the Roof of the Mouth 
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Inhale, then exhale as you press your tongue out and down as 
far as you can. Follow by pulling the tongue in and curling it. Press 
your tongue to the roof of your mouth as hard as you can, contract- 
ing the middle of the anus and the esophagus to help the tongue. 
With more practice you will know how to use the inside force, the 
force from the organs, to press your tongue up. Even though the 
tongue has no bones to exert force, you will still be able to exercise 
the tongue well. 


E. Teeth Clenching 


Relax your lips. Click the teeth together lightly and then clench them 
hard, as you inhale and pull up the middle of the anus. Do this six to 
nine times. Move your tongue and mouth to create a lot of saliva. 
The technique of swallowing the saliva is to put the tongue up to the 
palate and swallow quickly with a hard gulp, sending the saliva down 
the esophagus to your stomach. 


F. Energy to Teeth 


Close your mouth and let your teeth touch lightly. Direct the energy 
to your teeth. Gradually feel the electrical flow of energy there. 





Fig. 36 Click the Teeth Together Lightly 
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Fig. 37 Clench the Teeth Together Hard 





Parathyroid Gland 
Thyroid Gland 
Trachea 





Fig. 38 Throat Glands 
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Neck 


A. Thyroid and Parathyroid: Site of Courage, 
the Power of Speech 


The neck carries the busiest traffic in the body and is the seat of the 
thyroid and parathyroid glands. When you massage here, you in- 
crease the body’s metabolism. Neck tension can also be caused 
by emotional imbalance. When we are tense and nervous, we are 
responding to negative emotions, such as anger, fear and sadness. 
The neck is similar to a traffic bottleneck. All of the signals, as well 
as the emotions, have to pass through it. When under stress and 
under emotional strain, the neck starts to accumulate and jam the 
tension. Unconsciously, the neck muscles tighten, attempting to 
block out pain. Keeping the neck soft will help Chi flow to the higher 
center that is located in the brain, keeping the mind and body in 
harmony together. 

Tension in the neck can make you less courageous. When the 
neck is tense, it will block self expression in the throat. With proper 
flow of Chi energy, we can express ourselves appropriately at the 
proper time, place, and in a proper way. 

The neck is the passageway of many meridians and is the chan- 
nel of the Chi energy of the organs. In the middle is the Governor 
meridian. On the sides are the bladder meridian, the triple warmer 
meridian and the large intestine meridian. The emotions passing 
through the meridians of the neck may tense and jam up there. 


Emotion: Organ/Associate Organ: 

Anger Liver/Gall Bladder 

Fear Bladder/Kidneys 

Grief Large Intestine/Lungs 

Hastiness Heart/Small Intestine/Triple Warmer 
Worry Spleen/Stomach/Pancreas 
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B. Bring Chi Energy to the Hands 


Do the procedure for bringing energy to the hands and contract the 
front of the anus. 


C. Whole Neck 


Spread your thumbs apart from your other fingers. Alternating hands, 
rapidly wipe the neck from the chin to the base nine to thirty-six 
times. 


D. Middle Neck 


Alternating hands, use the middle three fingers to rapidly wipe down 
the middle of the neck from the chin to the base nine to thirty-six 
times. The thyroid and parathyroid glands are in the front section of 
the neck. Use your thumb and the three other fingers to massage 
these glands. Find the painful points and massage them until you 
feel them open. Massaging this area will help to increase metabo- 
lism and the power of speaking. 





[ 


Fig. 39 Wipe the Neck from the Chin to the Base 
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E. Turtle Neck 


Sink your chin down, then out and up. Feel your spine press down 
and then expand. This will help loosen the vertebrae and discs of 
your neck. 


F. Crane Neck 


Move your chin forward, circling out, then down, then up, and out 
again. Feel your spine expand and then contract. 


G. Massage the Neck 


Massage the points along the back of the neck and on the back 
along the cervical vertebrae. Start from the shoulders and go up to 
the base of the skull. Use your fist to hit along the neck. Find any 
painful spots and any tense spots and massage until they are re- 
leased. This will greatly help to release the tension of the neck and 
help to detoxify the toxic accumulations in the neck area, the causes 
of many headaches. 





Fig. 40 Turtle Neck 
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Fig. 41 Crane Neck 
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Fig. 42 Massage the Points Along the Neck 
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Shoulders 


Many people feel tense and worried, and their shoulders are tight 
and held up. The way to release the tension is by pulling up your 
shoulders to press against the neck, tightening the muscles of the 
neck and shoulders. Hold for a while, exhale deeply, and let them 
drop down, pulled by gravity like a sack of potatoes. Feel the bur- 
den, worry, and stress drop down to the feet and out to the ground. 
Feel yourself grounded. Do this three to nine times, and the tension 
and worry will go away. 

Relax your shoulders and chest, exhale and release more, until 
you feel the tenseness gone. 





Fig. 43 Dropping the Shoulders will Help 
to Release Tension and Worry. 
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Detoxifying Organs and Glands 


Lightly slapping and tapping over the organs and glands help to shock 
the toxic sediment and increase the circulation and Chi flow to these 
areas. Our practitioners claim they are able to heal themselves from 
many chronic illnesses which are very hard to heal by conventional 
medicine. 


l. Thymus Gland 


The thymus gland controls the immune system and is related to 
longevity. Normally the thymus gland atrophies after childhood. In 
the higher levels of Taoist practice, the thymus gland can be re- 
grown. This helps maintain health and vitality and supports greater 
spirituality. Thumbing the thymus gland can help increase the activ- 
ity and release more hormones. 

A. Bring energy to your hands by the usual procedure, contract- 
ing the front of the anus and bring the Chi toward the thymus. 

B. Make a fist, inhale and thump down the middle of the upper 
chest from the collar bone to the nipples six to nine times. Do not 
talk while you are doing this or you might harm yourself. 


Thymus 





Fig. 44 Hitting the Thymus Gland 
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Liver 


ll. Heart 


Lightly slapping an organ stimulates the release of toxins, which 
allows the organ to rebuild and repair itself. In doing these exer- 
cises, be aware that the slapping or tapping should be adjusted by 
you so as not to use excessive force which may be harmful. 

A. Do the energy to hands procedure, contracting the left side of 
the anus and bringing Chi toward the heart. 

B. Slap your heart lightly with your palm six to nine times. Don’t 
speak. 


lil. Lungs 


A. Bring energy to your hands, contracting the right side of the 
anus and bringing Chi to the lungs. 

B. Using your palm, slap up and down your right lung, hitting only 
as hard as is comfortable. Do not talk. Contract the left side of your 
anus and slap your left lung. This can help to clean out the mucous 
and to clean out the lungs. 





Kidneys 


Fig. 45 Slap at Heart, Lungs and Liver Areas 
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IV. Liver 


A. Bring energy to the hands, contracting the right side of the 
anus and bringing Chi to the liver. 

B. Using your palm, slap below the rib cage on the right side. 
Don’t speak. This can help to detoxify the liver. 


V. Stomach, Spleen, Pancreas 


A. Bring energy to your hands, contracting the middle of the anus. 

B. Contract the anus at the left side, and slap at the spleen, pan- 
creas and stomach. Place one palm on top of the other and rub 
below the rib cage, from center to left, then left to center. 






Pancreas 
Stomach 
Spleen 


Liver 


Fig. 46 Rub the Stomach, Spleen and Pancreas 
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Fig. 47 Rub Back and Forth over the Liver, Stomach and Spleen 


Vi. Large and Small Intestines 


A.Bring energy to the hands, contracting the entire anus. 

B. Small intestine: With palms together, rub a small circle around 
your navel, first clockwise, then counterclockwise. 

The small intestine is one of the longest tubes in the digestive 
system. A careless diet, too much hot food or dairy products, or too 
little fibrous food will create mucous that will stick to the walls of the 
intestine, block the absorption of nutrients and slow down diges- 
tion. Once mucous accumulates, it is like a snow ball that will get 
bigger and bigger, eventually becoming a lump which slows down 
the traffic of the digestive system. 

C. Large intestine: Place one palm on top of the other and rub 
your abdomen in a large circle. Start on the lower right side and rub 
up and around in a clockwise direction. This will move the energy in 
the intestine and relieve constipation. For diarrhea, rub counterclock- 
wise. If you have normal elimination, rub in both directions. These 
exercises increase the absorption and dissolve the accumulations 
that stick to the large intestine’s wall. 
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Fig. 48 Hitting the Sacrum Can Help in Strengthening the Sciatic Nerves 


Vil. Kidneys 


The kidneys act as helping to filter out waste material from the blood. 
If there is too much waste in the system, the kidneys cannot filter it 
all. The waste will tend to collect in the ducts and tubules of the 
kidneys, impairing their health. By hitting the kidneys’ area, we shake 
out the harmful sediment and help prevent kidney malfunction. 

A. Bring energy to the hands, contracting the left and right sides 
of the anus. 

B. Locate the kidneys just above the lowest, or floating, rib in the 
back on either side of the spine. Make a fist and hit the kidneys with 
the back of the fist between the wrist and knuckles. Alternate hands 
and hit only as hard as is comfortable. This will help to shake loose 
the sediment, crystals, and uric acid that get caught in the kidneys. 
This will also strengthen the kidneys and relieve back pain. 

C. Rub your hands together to warm them. Then rub your palms 
up and down over the kidneys until they feel warm. 
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Vill. Sacrum 


In the Taoist system the sacrum is regarded as extremely im- 
portant. It is a pump which helps to bring spinal fluid and energy 
(Chi) to the brain. It is also the junction where the sexual organs, 
rectum, and legs meet. Sciatic pain, which shoots down the legs, 
originates in the sacrum; therefore, strengthening it will release this 
intense pain. 

A. Bring energy to the hands, contracting the back of the anus to 
the sacrum. 

B. Make a fist and use your knuckles alternately to hit both sides 
of the sacrum. First hit in the area of the eight sacral holes, and 
then the hiatus, the depression at the bottom of the sacrum. 






Liver 
Kidneys 


Fig. 49 Hitting the Kidneys will help to Shake Out Sediment 
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Knees and Feet 


I. Knees are Toxin Collectors 


Toxins tend to collect in the lower limbs because of the slowdown of 
the circulation due to gravity. The most common places are the 
back parts of the knees. Slapping at these places will break down 
the toxins. The body will then eliminate the toxins out of the body by 
urine, bowel movements and sweat. 


A. Bring Chi Energy to the Hands 


Bring energy to the hands; do no contractions. 


B. Behind the Knees 


Prop your leg up on a chair or low table so the knee is straight. Then 
slap smartly behind the knee nine to eighteen times. Although it 
hurts, it is extremely beneficial in releasing toxins which accumu- 
late there. This release may be indicated by the appearance of a 
purple dot. Use discretion as to how hard you slap, since it can be 
overdone. Repeat this exercise on the other knee. 





Fig.50 Slapping Smartly behind the Knee Helps to Release Toxins 
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Move Knee Cap Up and Down 





Fig. 51 Massaging the Knee Cap 


C. Knee Cap Massage 


Massage the knee cap until it is warm, There is very little blood 
flowing to it and it tends to be quite vulnerable. This practice strength- 
ens it. Massage the other knee cap. 


D. Move the Knee Caps 


Relax the knee caps, then move them up and down to the left and 
right and around both clockwise and counterclockwise. 


E. Massage the Knees 


Falling down is often caused by weak knees. Massaging the knees 
will improve your stability and flexibility. 


ll. Feet: Roots of the Body 


Strong feet and tendons increase your stability by connecting you 
to the healing energy of the earth. Feet are the reflexes of the whole 
body’s organs, glands and limbs. (They are like remote controls. 
Massaging will help to stimulate the organs and glands and increase 
the circulation. 


A. Bring Chi Energy to the Hands 


Bring energy to the hands; do no contractions. 
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B. Massage the Feet 


Take off your shoes and stockings and massage the tops and bot- 
toms of each foot with your thumbs and fingers. Be sure to mas- 
sage the kidney point, the sore spot in the center between the ball of 
each foot and the adjoining pad. If you are in a hurry, massage the 
whole of each foot once by rubbing the sole of the foot vigorously 
and carefully across the top of the other foot, going from the heel to 
the arch to the toes. The soles of the feet have energy meridians to 
the entire body. Massage the feet, and when you find painful points 


massage them until the pain goes away. This will help to clear any 
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Fig. 52 Feet are the Reflexes of the Whole Body’s Organs, 
Glands and Limbs 
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C. Spread Out the Toes 


Spread out and separate all the toes, especially the little toes, and 
then release. Repeat six to nine times. This is especially good for 
the tendons of the feet. 





Fig. 53 Separate all the Toes by Spreading them out. 


D. Big and Second Toes 


Rub the big toes and second toes together rapidly. This a good 
exercise to do at odd moments during the day. 


E. Rub Feet Together 


Keep the feet warm by rubbing them together. This will help to stimu- 
late all the body’s organs. 
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For further information about Universal Tao Centers, 
courses, or other resources, contact: 


Universal Tao Instructor Associations 


North America Instructors Association (NAIA) 
c/o Loretta Robb, Treasurer 
13 Plymouth Drive, Newark, Delaware 19713 USA 
Tel: (1)(888) 444-7426 (Toll Free) or (1)(212) 330-7876 
Email: info@taoinstructors.org Website: http://taoinstructors.org 


European Instructors Association (EIA) 
c/o Zentrum Waldegg 
3823 Wengen, SWITZERLAND 
Tel: (41)(33) 8554422 Fax: (41)(33) 8555068 
Email:info@waldegg.ch Website: www.waldegg.ch 


To order English books, and for your local Insructors use 
our Web Sites: www.universal-tao.com and www.taogarden.com 


Universal Tao World Fulfillment Center 
274 Moo 7, Luang Nua, Doi Saket, Chiang Mai, 50220 Thailand 
Tel: (66)(53) 495-596 & 865-034 Fax: (66)(53) 495-852 
North America Fax (1)(212) 504-8116 Europe Fax (31)(20) 524-1374 
Email: universaltao@universal-tao.com or info@tao-garden.com 


The Universal Tao is not and cannot be responsible for the con- 
sequences of any practice or misuse of the information in this book. 
If the reader undertakes any exercise without strictly following the 
instructions, notes, and warnings, the responsibility must lie solely 
with the reader. 
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Words of Caution 


The practices described in this book have been used successfully for thousands of 
years by Taoists trained by personal instruction. Readers should not undertake the 
practice without receiving personal transmission and training from a certified instructor 
of the Universal Tao, since certain of these practices, if done improperly, may cause 
injury or result in health problems. This book is intended to supplement individual train- 
ing by the Universal Tao and to serve as a reference guide for these practices. Anyone 
who undertakes these practices on the basis of this book alone, does so entirely at his 
or her own risk. 

The meditations, practices and techniques described herein are not intended to be 
used as an alternative or substitute for professional medical treatment and care. If any 
readers are suffering from illnesses based on mental or emotional disorders, an appro- 
priate professional health care practitioner or therapist should be consulted. Such prob- 
lems should be corrected before you start training. 

Neither the Universal Tao nor its staff and instructors can be responsible for the 
consequences of any practice or misuse of the information contained in this book. If the 
reader undertakes any exercise without strictly following the instructions, notes and 
warnings, the responsibility must lie solely with the reader. 

This book does not attempt to give any medical diagnosis, treatment, prescription, 
or remedial recommendation in relation to any human disease, ailment, suffering or 
physical condition whatsoever. 

Chinese Medicine and Chi Kung emphasizes balancing and strengthening the body 
so that it can heal itself. The meditations, internal exercises and martial arts of the 
Universal Tao are basic approaches to this end. Follow the instructions for each exer- 
cise carefully and do not neglect the foundations, i.e, the Microcosmic Orbit and any 
other supplemental exercises. Also pay special attention to the warnings and sugges- 
tions. People who have high blood pressure, heart disease or a generally weak condi- 
tion should proceed cautiously, having prior consent from a qualified medical practitio- 
ner. People with venereal disease should not attempt any practices involving sexual 
energy until they are free of the condition. 

The Universal Tao is not and cannot be responsible for the consequences of any 
practice or misuse of the information in this book. If the reader undertakes any exercise 
without strictly following the instructions, notes, and warnings, the responsibility must 
lie solely with the reader. 
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Cosmic Healing Chi Kung in the Universal Tao System 


Cosmic Healing Chi Kung is an important branch of the Universal Tao, an entire system 
of Taoist practices for cultivating the body, the Chi and the spirit. Your level of skill in 
Cosmic Healing Chi Kung will be based upon your mastery of the Universal Tao System 
as a whole. One of the most important parts of the Taoist practices is working with the 
energy moving within the body. 


Foundation of the Universal Tao System 
is the Microcosmic Orbit Meditation 


This is the major practice to connect with the earth, cosmic and universal forces. This 
is the way to make a connection with the North Star and the Big Dipper’s violet/red light 
which is one of the very powerful universal healing lights. Through this practice you 
learn to feel Chi and to use your mind/eye/heart power to guide the Chi flow through the 
primary energy routes in your body. This practice is later extended to include the arm 
and leg routes too; it is then called the Macrocosmic Orbit. 

Many people, including Chi Kung Masters, come to me and say that they have been 
practicing Chi Kung for years and nothing is happening. They don't feel any energy and 
they think that they must be performing their Chi Kung incorrectly. | tell them that they 
also need to do meditation. Hand movements are nothing by themselves. There are 
hundreds of different Chi Kung forms in China. You could spend seventy lifetimes just 
learning the hand movements. The practice of the Microcosmic Orbit meditation will 
help you to feel the Chi more easily inside, outside or around the body and in the ex- 
tremities of the hands and feet. 

When | was a child | liked to practice Chi Kung so much | had to save my lunch 
money to learn. After many years of practice of many Chi Kung forms, | started to forget 
the first form, so | learned it again. One day when | tried to practice and review all the 
forms that | had learned, | couldn't remember many of them. | sat down and thought, “I 
only have two hands, two legs and one head. Why are there so many forms? And why 
are there are so many religions and beliefs.” | said to myself that there must be one 
main thing that they have in common. | started to search and | found out that the most 
important thing is feeling the Chi within us. Being able to increase, transform, take in 
and stay in touch with the universal, the cosmic, nature and the earth force. Letting 
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them all combine within us is what is important. Likewise in religion there is God (a 
Force in Taoism we call Wu Chi, the nothingness, the supreme power controlling the 
universe); with a good heart and virtue energy we can connect with this force. 

The complete practice of the Microcosmic Orbit Meditation is fully described in the 
book “Awaken Healing Light of the Tao” by Mantak Chia. 


Cosmic Inner Smile and the Six Healing Sounds 


These are very important practices to make the connection among the organs, the 
colors and the good virtue energy; each organ color will enhance your connection to the 
cosmic and the Universal Healing power. 


Fig. 1.1 Red for the Heart 
White for the Lungs 
Yellow for the Spleen 
Blue for the Kidneys 
Green for the Liver. 





Each organ has its own vital color and when abundant it will radiate out as an aura for 
healing and protection. These organ colors and their associated universal connections 
have great healing power. The power of the ‘Six Healing Sounds’ will help enhance the 
connection to the cosmic source. Each sound will foster different healing energy. The 
practices also help balance, refine and transform the negative energy back to positive 
energy. 


Iron Shirt Chi Kung and Bone Breathing 


Iron Shirt Chi Kung and Bone Breathing are a system of standing meditations. These 
exercises help you to become grounded and to root your connection into the earth 
force, in order to build a good structure and absorb greater force. In turn, this will help 
draw in the heavenly force, which will combine with the very potent healing power of the 
earth’s yellow light. The practice also strengthens the body so you can hold a higher 
energetic charge. These abilities are essential prerequisites for handling greater amounts 
of energy. 
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Iron Shirt Chi Kung also includes the art of ‘Changing the Sinews and Washing the 
Marrow’. Through these aspects of Iron Shirt, you learn to absorb, store and discharge 
large amounts of energy through the tendons and bones. These practices are outlined 
in detail in the books “Iron Shirt Chi Kung” by Mantak Chia and “Bone Marrow Nei Kung” 
by Mantak Chia. 

To attain skill in Cosmic Chi Kung, it will help if you practice Iron Shirt, Bone Marrow 
and meditation as a minimum requirement. Beyond the basic level, the Universal Tao 
System includes many other intermediate and advanced level Chi Kung practices and 
meditations. The further one advances, the greater one's mastery of Chi. 

Your increasing level of skill in the Universal Tao system will reflect immediately in 
your Cosmic Healing Chi Kung practice. Furthermore, you will discover that you can 
incorporate many of your Universal Tao practices directly into your practice of Cosmic 
Chi Kung. We will give you a simple combined practice of the Cosmic Healing Chi 
Kung, the Inner Smile, Microcosmic Orbit, Iron Shirt and the Sexual practices. 


Stages of Mastering Chi 


1. In the Universal Tao system, our first goal is to learn to conserve our Chi; when a 
battery is totally drained it is harder to charge; money makes money, Chi makes Chi. 
Conservation of Chi will help gain more Chi. To have more Chi we first need to main- 
tain control of the gates through which energy normally leaks out and unwittingly 
drains our life force. 

We leak energy: _- through our reproductive system 

- through negative emotions 

- through constantly turning our senses outward 
Without knowing how to conserve the Chi that we already have, what is the point of 
acquiring more? 

2. We learn to balance our Chi; that is, we seek to keep a smooth and balanced flow of 
energy moving throughout the whole body. If our energy is imbalanced, we may have 
too much energy in some places and not enough in others; we may also be too yang 
or too yin. We may have excess or deficient heat, cold, damp or dryness. This 
imbalanced energy tends to make us go to extremes. 

3. We learn to transform our Chi into more beneficial energies. For example, through 
the Taoist Sexual Chi Kung practices taught in the Universal Tao (the course known 
as Healing Love through the Tao), we can transform sexual energy back into basic 
life force Chi. Through other practices (such as the Inner Smile, the Six Healing 
Sounds, and Fusion of the Five Elements) we learn to transform negative emotional 
Chi into positive virtuous Chi. Thus Chi is not only the foundation of our health; it is 
also the basis of spiritual development in the Tao. 

4. Once we have accomplished the three previous phases of mastering Chi, we then 
learn to increase it. Chi pervades all of heaven, earth and nature. In Cosmic Healing 
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Chi Kung we learn time tested ways to tap into these unlimited and transpersonal 
reservoirs of Chi and greatly expand the amount of energy available to us. It is very 
important to master first the stages of conservation, balance and transformation 
before we emphasize increasing our Chi. Otherwise we may waste the energy we 
bring in, or we may inadvertently amplify the imbalanced or negative energies that 
we have not yet learned to bring under control. 

5. Finally, we learn to extend our mind to tap into the vast Chi of nature, cosmic and the 
universe, to heal our body, mind and spirit and to heal other people. Cosmic Healing 
Chi Kung practice sensitizes your hands to the feeling and movement of Chi; it uses 
the mind-eye power to absorb cosmic Chi into the palm and crown and to send it out 
through the hands and beyond, so that you can help restore balance in others with- 
out touching them or draining yourself. 

This may sound fantastic at first, yet recent researchers in Chinese Chi Kung 
hospitals have not only measured the energies emitted by Chi Kung masters; they 
have also discovered that different varieties and frequencies of healing Chi can be 
emitted. This research has been corroborated by experiments in the United States 
at such places as the Menninger Institute. 


Four Sections of Cosmic Healing 


The next step is to learn the four sections of the Cosmic Healing Chi Kung, the ‘Empty 
Force’ sequence. Each of the four sections of Cosmic Healing Chi Kung develops a 
different type of energy mastery. Each section begins and ends in the same way, yet 
has different movements in the middle. 


Connecting to Heaven and Earth 


The first section of Cosmic Healing Chi Kung emphasizes connecting to the external 
Chi emanating from heaven and earth. This ability is very beneficial for self-healing and 
is essential for healing others. If you do not connect to some source of external energy 
when healing others, you will draw upon your own personal reservoirs. Our personal 
Chi is limited by nature, and can easily become depleted if we give it away too freely. 

Over the past decade external Chi healing has become very popular in China. There 
are now hundreds of Chi Kung hospitals and clinics throughout the country. Yet many of 
the Chi Kung therapists can only administer two or three treatments a day; they spend 
the rest of their day practicing Chi Kung to replenish their own Chi. Those who practice 
the more traditional Chi Kung know how to connect to the Chi of heaven, earth and 
nature. 

In this first section, you will learn to sense the energies outside your body. You will 
then learn to draw and absorb these energies into your body and process them in order 
to use them for self-healing and healing others. 
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Opening the Bridge and Regulator Channels 
and Extending your Chi Outwards 


The second section opens and strengthens four of the Eight Extraordinary Channels: 
the Yin and Yang Bridge and Regulator Channels. This section also teaches the student 
to extend and take in the cosmic Chi and emit Chi out of the body for healing others. 
This ability is the heart of Cosmic Healing Chi Kung practice. 


Opening and Energizing the Governor 
and Functional Channels 


The third section enhances the energy in the points along the two channels used in the 
Microcosmic Orbit. Opening the Microcosmic Orbit strengthens and balances one's 
own energy, and prepares one to heal others. Practicing this section will be of great help 
with the Microcosmic Orbit Meditation. 


Activating One Finger Art and the Chi Belt 


The fourth section of Cosmic Healing Chi Kung activates the hands and you will prac- 
tice emitting Chi from each of your fingers and opening the "Chi Belt." This channel is 
also known as the Belt Route or Girdle Vessel. 
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Chapter Il 
Preparing for Cosmic Chi Kung 


Preparatory Practices 


In the Universal Tao, we teach Cosmic Healing Chi Kung within an entire system of 
exercise and meditation. As a part of this system, Cosmic Healing Chi Kung comprises 
the art of healing oneself and others. It focuses on energy work for projecting Chi to 
effect these healings. One can easily learn the simple movements of Cosmic Healing 
Chi Kung without doing any other Universal Tao practices, but if one truly wishes to 
master the art of Cosmic Healing Chi Kung, it is important to have a firm foundation in 
the basic Universal Tao practices. Therefore in this chapter we will introduce you to the 
basic Universal Tao practices that are used in conjunction with Cosmic Chi Kung. 

The preparatory practice consists of a few parts; work through each part at your own 
pace and eventually join them together as a whole. 

Always start with "warming the stove" at the abdomen and direct the fire down to the 
sexual center to transform the sexual energy. Next practice the Cosmic Inner Smile. 
The Cosmic Inner Smile is a powerful relaxation and self-healing technique that uses 
the energy of love, happiness, kindness and gentleness as a language to communicate 
with the internal organs of the body. Each organ corresponds to a specific element and 
color. For example, the kidneys will consist of the element of water and the color blue. 
The heart will consist of the element of fire and the color red. This makes it very easy to 
guide the healing power into each organ by using the appropriate color. The practice 
also aids the transformation of negative emotions into positive virtuous energy. This 
transformation is a very powerful Chi Kung practice. A genuine smile transforms nega- 
tive energy into loving energy that has the power to relax, balance and heal. By learning 
to smile inwardly to the organs and glands, your whole body will feel loved and appreci- 
ated and enjoy more Chi. After the Inner Smile, practice Bone Breathing, Marrow Wash- 
ing, Cosmic Healing and the Microcosmic Orbit. 


Warm Up the Stove 


1. Sit on the edge of a chair with your hands clasped together and your eyes closed. 

2. Start by doing the "bellows breathing", moving your abdomen in and out quickly. 
Emphasize the exhalation by breathing out forcefully 18 to 36 times. Rest, cover 
your navel and feel nice and warm. 

3. Next, do the "inner laughing" exercise; you feel the abdomen vibrate inside you. Practice 
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this for a few minutes, allowing the movement of your inner laughter to grow stron- 
ger. Then rest and use the mind and eye power to gather the Chi (now felt as a 
warmth behind the navel) into the Tan Tien. Picture a stove with burning fire behind 
your navel. Feel nice and warm. 


Transform the Sexual Energy 


Once you feel the Tan Tien is warm enough, smile down and bring the warm Chi down 
to the sexual organs; women bring the Chi down to the uterus, men bring the Chi down 
to the testicles. It may feel like the ‘sun shining on the water’. The rays of the sun purify 
the water until it becomes rising steam. Keep smiling down to the sexual organs and 
feel the warm or fiery feeling from the navel area continue to flow down to the sexual 
organs; this transforms the sexual energy into Chi, and this Chi rises up the spine into 
the brain helping to activate the ‘crown’ and ‘mideyebrow’ energy centers. 

Focus your awareness in the sacrum. At the very tip of the sacrum there is a hole in 
the coccyx. Breathe into this hole until you feel some activity there. This may be felt as 
tingling, numbness or pulsing. If you can really activate this point it will generate 'suc- 
tion’. Be aware of the sacrum opening. Feel the suction force pulling through the hole in 
the tailbone (sacral hiatus); breathe into it until you feel it becomes activated. When the 
sacrum is activated you will feel the suction easily, as well as breathing in the cranium 
and mideyebrow. Keep on gently smiling and softly breathing into the Tan Tien and feel 
the suction in the abdomen. Focus 95 % of your awareness in the Tan Tien and 5 % in 
the sacrum, the crown and the mideyebrow. Be aware of the Tan Tien breathing and 
observe internally the pulsing and breathing in the sacrum, the mideyebrow and the 
crown. Do this 36 times. 





Fig. 2.1 Smile down to the Lower Tan Tien. 
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Filling the Joints with Chi 


The bones have the ability to process Cosmic Chi (Chi above and around us) to be 
used by the body. The joints are also able to store Chi and they also serve as the 
cushion between the bones. 

Be aware of your index fingers and thumbs; lightly raise the index fingers, feel a slight 
tension and open the thumbs to the sides and feel it magnify. Breathe into the finger tips, 
until you feel the sensation of Chi entering the fingers. The fingers will feel stiff as they 
stretch, to make way for the Chi entering the joints. Continue to breath in the Chi - the 
stiffness will spread to the other fingers, wrists, elbows and shoulder joints making the 
whole arm tense and stiff. The fingers and the arms become one piece. Eventually the 
Chi will fill every joint of the body making it into a complete unit. 

Be aware of the big toes; breathe into the toes and feel the toes grow longer. When 
the Chi fills the joints the big toes become tense and stiff. Gradually it will fill the other 
toes rising to the ankles, knees, hips, sacrum and spine; the feeling may be one of 
tension and stiffness, numbness or like an electrical charge. The legs and the spine 
become one piece. You will certainly feel good. 


Bone Breathing and Marrow Washing 


Bone Breathing is one of the main practices of Cosmic Healing Chi Kung. This is a 
method of drawing external Chi through the skin into the bones to help replenish the 
bone marrow, thereby reactivating the production of white blood cells. Sending Chi into 
the bones will enhance functioning of the immune system. This process also helps to 
clean out fat in the bone marrow ("Washing the Marrow"), one of the main causes of 
osteoporosis (brittleness of the bones). Tension in the muscles close to the bones is 
decreased so Chi and blood can flow into the bones easily, enabling them to become 
stronger. 

The Bone Breathing process uses the mind and the eyes to absorb Chi into the 
bones. The better your Bone Breathing is the better your Cosmic Healing Chi Kung 
practice will be. Mind and eyes are also used immediately after the exercise to gather 
the energy at the navel. Once you have it, when you move your hand, the energy will 
follow easily. You will be able to absorb external Chi effortlessly, so you will not need to 
use your own energy in your healing work. 


Bone Breathing 


There are several variations in the Bone Breathing and Marrow Washing process. 
Here we will introduce you to the first type of Bone Breathing, inhaling and exhaling Chi 
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through the skin and packing it into the bones. In this method, you imagine that your 
bones are like hollow tubes, and that you breathe and suck the Chi into the bones. 
Bone Breathing is practiced in a three-stage process. Let your breathing follow a 


normal pace. Do not strain or hold your breath too long. 











Fig. 2.2 Bone Breathing through the Fingers 


1. You can do this practice in the sitting position or in the Embracing the Tree posture 
(or any other Iron Shirt Chi Kung posture). You will use your mind and eye power to 
breathe in a short breath and at the same time feel suction. Suck the Chi of the 
atmosphere into your hands, eventually expand to the universe and breathe in a few 
more times. Use a combination of ‘mind/eyes/heart’ power (Yi), to suck the Chi from 
the atmosphere into your hands, while taking small sips of breath. Once you can 
clearly feel the increase of Chi ‘pressure’ in your hands, you extend the feeling through- 
out your arms. The whole skin surface of the arms breathes in the Chi, feeling the 
skin holding this pressure. 

2. Inhale one more deep breath and lightly contract the arm muscles to squeeze the 
Chi into the bones. Hold for a while to condense the Chi into the marrow of your 
bones. Exhale and at the same time feel a distinct heaviness in the bones, meaning 
that the Chi has been condensed and packed into the bones successfully. Eventu- 
ally you will use more mental power (mind/eyes/heart power) and less muscle, us- 
ing soft breathing, to draw the force into the bones. Do 6 to 9 times; rest and feel the 
Chi that has been condensed into the bones. 
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3. Proceed in the same way, breathing in progressively through the bones of the fore- 
arms, upper arms, scapulae, collarbone, sternum and ribs. You may feel a different 
sensation as you breathe in each area; in some areas the feeling is cool, in others 
warm or tingling, depending on the bone structure and the quality of the marrow. 

4. Inhale and exhale in the same way through the toes, feet and legs; then, in a step-by- 
step progression, inhale up through the calf bones, thighbones, pelvis, coccyx and 
sacrum, and up the spinal column to the C-7 vertebrae. 

5. Finally breathe in through the arms and legs simultaneously. Combine their energy 
as it flows up past C-7 and up through the neck and skull. Breathe in this way for at 
least nine breaths. Conclude by collecting energy at the navel. 


Marrow Washing 


You can wash your bone marrow with earth force, heavenly force or with cosmic 
force. This energy helps to cleanse and rejuvenate the bone marrow. 


Heavenly Force Marrow Washing with Violet Light 


1. Men place the left palm on the top of the head, and cover it with the right palm. Be 
aware of your ‘Personal Star’ (star that appears in your mind’s eye and is located 
above your crown), above. Slightly press the palms and spiral in the clockwise direc- 
tion, spiralling from the front to the right ear, to the back and the left ear 9 times; rest 
and feel the increased Chi pressure in the crown. Do 3 sets. 

2. Women place the right palm on the top of the head and cover it with the left palm. Be 
aware of your Personal Star above you. Press the palms lightly and spiral in a coun- 
terclockwise direction, spiralling from the front to the left ear, to the back and the right 
ear 9 times; rest and feel the increased Chi pressure in crown. Do 3 sets. 

3. Face your palms towards Heaven and feel that you are scooping a galactic Chi ball 
from above. This Chi ball contains the North Star (Violet) and the Big Dipper (Red). 
See the dipper fill with violet/red energy. Imagine you reach out your arms to hold the 
dipper handle and pour the violet/red liquid over your crown. It will feel like there is a 
numbness descending. Your palms face down to your crown and pour the whole 
galaxy onto your crown. You may perceive this energy as violet amethyst and red 
light frequencies. Smile. 


4. Guide this sensation down into your skull, deep into your brain, cervical vertebrae, 
sternum, thoracic vertebrae, lumbar vertebrae and down through your legs. Feel it 
penetrating and enlivening your bones, deep into the bone marrow, washing, cleans- 
ing, energizing. This ‘liquid-like’ Chi spills all the way down to your feet. Feel it con- 
necting with the earth through the soles of your feet; be aware of the bubbling springs 
in the feet (the K1 points of the kidney meridian) breathing and pulsating. 

5. Touch your navel with the fingers of both hands. Focus on the door of life, and let the 
fire activate in the Tan Tien and kidneys. Chi will rise up to the brain. 
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6. Move your hands down touching your femur bones; feel your hands penetrate into 
the bone and into the bone marrow. Feel like an electric shock or a tingling moving all 
the way down through the bones of the leg and down to the soles of your feet. 

7. Slowly move your fingers down touching the bone and into bone marrow and extend 
yourself down past the earth to touch the galaxy on the other side. Raise your sacrum 
and picture yellow light coming up from the earth and the other side of the galaxy; 
focus on the Lower Tan Tien and feel it fill with Chi. Do this three times. Go back 
down to the squatting position. 





Fig. 2.4 Galaxies Spiral Star and the Direction of Spiral 


8. Place the palms face down to the earth and be aware of the galaxy and the yellow 
light; make three to six circles to gather the Chi below. Gather the yellow Chi; touch 
your heels and feel the yellow Chi flowing up the leg bones. Feel the bubbling of your 
bones like an electric current running up through the feet, tibia and fibula, femur, 
pelvis, and spine. While touching your bone and bone marrow with your fingers, slide 
your hands up along the back of your legs; slowly come all the way up to touch the 
coccyx and the sacrum. Concentrate on your sexual center so the energy will flow 
and spread out to the sexual organs. Go back to the navel and gather the Chi into 
your Tan Tien. 
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Fig. 2.5 Hands circle to gather Earth Chi. 


Microcosmic Orbit 


The Microcosmic Orbit Meditation awakens, circulates and directs Chi through the ‘Gov- 
erning Channel’, which ascends from the base of the spine up to the head and the 
‘Functional’ or ‘Conception Channel’, which runs from the tip of the tongue down the 
middle of the torso to the perineum. Dedicated practice of this ancient esoteric method 
eliminates stress and nervous tension, energizes the internal organs, restores health to 
damaged tissue and builds a strong sense of personal well being. 

The Microcosmic Orbit is the foundation of Cosmic Healing Chi Kung practice. Each 
new practice is dependent upon the high quality of your meditations and your ability to 
perfect the Microcosmic Orbit. In order to master Cosmic Chi Kung, one must practice 
meditation daily. The meditations in the Microcosmic Orbit also strengthen the ‘Original 
Chi’ and teach you the basics of circulating Chi. They allow the palms, the soles of the 
feet, the mideyebrow point and the crown to open. These specific locations are the 
major points where energy can be absorbed, condensed and transformed into fresh 
new life force. 

@ 1. Focus on the Lower Tan Tien (the area where the Original Chi is stored, between 
the navel, kidneys and sexual organs). Feel the pulsing in this area, observe whether 
this area feels tense or relaxed, cool or warm, expansive or contracting. Notice any 
sensations of Chi: tingling, heat, expansiveness, pulsing, electric or magnetic sen- 
sations. Allow these to grow and expand. Then let this energy flow out to the Navel 
Center. 
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© 2. Use your intention (mind-eye-heart power) to spiral in the navel point guiding and 
moving the Chi. Let the energy flow down to the sexual center (Ovarian or Sperm 
Palace). 

(© 3. Move the energy from the sexual center to the perineum and down to the soles of 
the feet. 

© 4. Draw the energy up from the soles to the perineum and to the sacrum. 


A 5. Draw the energy up from the sacrum to the Door of Life (the point in the spine 
opposite the navel). 


A 6. Draw the energy up to the mid-spine point (the T-11 vertebrae). 
ra 7. Draw the energy up to the base of the skull (Jade Pillow). 

A 8. Draw the energy up to the crown. 

ra 9. Move the energy down from the crown to the mideyebrow point. 


ra 10. Touch the tip of your tongue to your upper palate, press and release a few times; 
then lightly touch the palate, sensing the electric or tingling feeling in the tip of the 
tongue. Move the energy down from the mideyebrow to where the tip of your tongue 
and palate meet. 

© 11. Move the energy down from the palate through your tongue to the throat center. 

(1 12. Move the energy down from the throat to the heart center. 

© 13. Bring the energy down from the heart to the solar plexus and feel a small sun 
shining out. 

© 14. Bring the energy back down to the navel. 


ra 15. Continue to circulate your energy through this entire sequence of points, at least 
nine times. Once the pathways are open, you can let your energy flow continuously 
like a river of energy without needing to stop at each point. 


| 16. Conclude when you wish by collecting energy at the navel. 


Men: Cover your navel with both palms, left hand over right. Collect and mentally 
spiral the energy outward from the navel 36 times clockwise, and then inward 24 times 
counterclockwise. 

Women: Cover your navel with both palms, right hand over left. Collect and mentally 
spiral the energy outward from the navel 36 times counterclockwise, and then inward 
24 times clockwise. For details of this practice see the book, "Awaken Healing Light", 
by Mantak Chia. 
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Opening the Three Tan Tiens to the Six Directions 


Introduction 


Opening the Three Tan Tiens is a Chi Kung meditation that strengthens our connection 
to the universe, opening us up to the primordial force of the Cosmos and the energy 
within Nature. We are dynamically connected to the infinite. "As above, so below" is an 
echo of wisdom heard from sages and mystics throughout the ages. When we can 
connect to and absorb the energy that surrounds us, we are able to tap into the many 
splendors of the universe. 

We exist because of the unique combination of the forces that are around and within 
us. The two main forces are electricity and magnetism. ‘Bio-electro magnetism’ is the 
western term for life force, and what the Tao refers to as Chi. For the last 5000 years, 
the Taoists have utilized this bio-electro-magnetic energy to enhance their way of life 
and establish a relationship with the universe. Bio signifies life, electro refers to the 
universal energies (yang) of the stars and planets and the magnetic force refers to the 
earth force (yin) or gravitational force present on all planets and stars. As we align 
ourselves with these forces, we become a conduit through which we can absorb and 
digest these energies through the body, mind and spirit establishing a direct connection 
with the universe. The Taoists recognized this connection and created the Chi Kung 
form of ‘Opening the Three Tan Tiens to the Six Directions’ to enhance our relationship 
to and our understanding of this connection. 

Humans normally access bio-electro-magnetic energy through food and air. Plants 
take the universal energies of the sun and the magnetic energies of the earth and digest 
and transform them, thereby making these energies available to all living beings. Tao- 
ists believe that the food sources with the purest form of energy are the green leafy 
vegetables. These have taken sunlight directly into their cells. Rather than waiting until 
the energy in the universe is processed through plants, the Taoist goes directly to the 
source of this primordial energy. Through Chi Kung and meditation, the Taoists direct 
the energy of the universe precisely. Opening the Three Tan Tiens is a meditational Chi 
Kung exercise that focuses on how to directly tap into the source of energy all around 
us. 

The Tao views human beings as lamps filled with fuel. Many people burn this fuel at 
very high intensity, without ever taking the time to replenish the oil in the lamp. Alcohol, 
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drugs, tobacco and promiscuity all quicken the depletion of this fuel. The Taoist exer- 
cises strive to continually refuel the energy within. The Taoist recognizes that we are 
limited in our nature as human beings, unless we connect the sources of energy within 
the universe, thereby becoming infinite. So, within the limitations of our human nature, 
we constantly fill ourselves with the unlimited abundance of energy around us. 

Through their internal quest, the Taoists discovered a doorway to the universe. The 
more we open our internal energy, the more we are capable of connecting to the forces 
of energy around us. 

Human beings have amazing potential and capabilities. We are unique creatures in 
the way we use our minds and hands. Look at the world around you, the skyscrapers, 
the architecture, computers, technology and the myriad creations of man. All have come 
about through the combination of the mind with the hands. In the Tao practice, we use 
the mind and the hands, in both Chi Kung and meditation, to connect to the forces of the 
universe. We use the mind to project a pattern of energy into the universe, to connect to 
the force, and to bring this energy back into the body. 

The mind can travel millions of light years in a few moments. Taoists discovered the 
unlimited potential of the human mind. If you picture something in your mind; an ocean, 
a sunset or a mountain, you automatically connect with that image. The mind can take 
you anywhere you imagine. With the proper training you can connect to the energy of 
nature and the universe and project your Chi to combine with it, drawing these forces 
into the body. The hands are called the touching force, and like antennae they can 
transmit the frequencies and vibrations from space. With the mind and the hands, each 
of us can journey into the boundless energy of the universe. 


Relaxation, Letting Go, Surrender and Ego 


In some religions and spiritual paths, there is a great emphasis on surrender and letting 
go. This is actually a form of relaxation. Taoist practices emphasize relaxation, letting 
go, and emptiness. When a person is relaxed, the muscles are open, the breathing is 
soft, and the energy can flow through the channels of the body. There is no resistance 
and no fighting. This allows the creative and higher forces to flow into us. 

Most religions have a similar process. To contact the higher self and the higher forces, 
one needs to let go and surrender in order to reach the level where one can be in 
contact and become one with the higher forces. Through the surrender of control, one 
opens up and touches the forces of nature. However, if you continue to surrender and 
let go, you will lose the energy you have sent out. In the long term, this will gradually 
drain you. The force will suck the energy out of you, rather than help you to bring the 
energy into yourself. To avoid this, at the moment that one is in touch with the higher 
forces, one again becomes aware of oneself and his or her own energy. One is then 
able to project his or her own thoughts, intentions and patterns into the force, integrating 
the outer with the doubling or tripling inner energies. You can bring this force back to 
your place, your house and into yourself. 
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One must remain open and empty while using one's intentions, mind and Chi to draw 
the energy into oneself. What might initially appear to be a paradox is reformed as one 
does the practice and learns how to be empty and open and to simultaneously retain 
enough consciousness to draw the force into oneself. 


Mind, Organs and Sexual Organs 


It seems that some people are disconnected from themselves and from their sexual 
organs. The mind and organs are therefore separate. Taoism believes that the mind, 
body and spirit must work together. The results depend on a person's practice. 


Brain 


The brain can access and generate the higher forces, but storing this energy in the 
brain itself is not easy. We need to train the brain to increase its ability and capacity to 
store energy. The brain energy, when increased to a certain level, can enable more 
synapses to grow, and can help turn protein into brain cells. The Tao believes that with 
training and practice, one can learn to grow more brain and nerve cells, as well as 
increase the number of synapses in the central nervous system. 


Organs of the Body 


The organs can also generate energy, but much less than the sexual organs and the 
brain. They also have a much greater capacity to store and transform energy. 


Sexual Organs 


The Tao discovered that the sexual organs are the only organs that can generate a 
significant amount of sexual energy (life force). However, the sexual organs cannot 
store the energy efficiently. When too much energy is generated, considerable amounts 
have to be dumped out. And this is the best energy that one has. It is the ‘creative’ 
energy. 


Three Tan Tiens 


The Three Tan Tiens can also store energy, transform it and supply it to the brain, 
spinal cord, sexual organs and other organs. 

The aim of Taoist basic training is to integrate the brain, sexual organs and other 
organs into one system. If the brain generates too much energy, it can store the energy 
in the organs. The excess sexual energy can also be stored in the organs and the three 
Tan Tiens. If the brain generates too much of the higher forces and we are unable to 
store this energy, we have to throw it away. It is like preparing food for one hundred 
people, when only one person is eating. The rest gets thrown away. In the same way, 
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when too much sexual energy is produced and there is no place to store it, it is wasted. 
We do not have enough of this energy to be able to waste it. We have a limited amount 
of energy and of time. 

Some practices just deal with the spirit and ignore the body and the sexual energy. 
These practices can generate a lot of energy, but when one is not connected to the 
organs, it cannot be stored anywhere. One will end up draining oneself. Some people 
practice sitting quietly, emptying the mind, with the whole body relaxed and calm, but 
very little energy is actually generated. When one gets deep into the practice, some 
people find it hard to come back to society, because they have no energy and their mind 
power does not work well. These people have to depend on others to support them. 

In the Universal Tao, we are learning to create a sacred and holy temple within our- 
selves. With the simple practice of smiling to all the organs, we can integrate our bod- 
ies, minds and spirits. They are no longer separate. The sexual practice connects the 
mind with the sexual organs and the brain. The separation between these parts of 
ourselves is bridged and a synergy is created. 

The Taoist practice provides us with the resources to extend beyond the realm of our 
senses. By tapping into our internal resources and channeling the energy around us, 
we Can perceive much more than the senses normally report to the mind. We want to 
extend our perception from the limited perspective of the sociologically conditioned 
senses to the unlimited awareness of the universe. For example, our senses tell us that 
the earth is flat, that we are stationary, and that heaven is above us. In reality, the earth 
is a sphere hurtling through space at thousands of miles per hour and the heavens are 
above, below and beyond the earth in every direction. The goal of the Three Tan Tiens is 
to connect with the forces from the six directions - above, below, left, right, front and 
back - and draw all these forces into the body. Eventually, with practice one can draw 
upon many different energies and use them as needed, thereby giving form to the form- 
less energy that is abundant in nature. 


Opening the Three Tan Tiens 


Opening the Three Tan Tiens to the Six Directions is just another one of the many 
resources the Taoist practitioner uses to connect with the universe. The practice com- 
bines the power of the mind with the extension of Chi. This combination allows our 
personal consciousness to directly connect to the patterns and matrices of energy in 
the universe. When we put our thoughts into the web of the universe, we transform the 
electromagnetic energy into a force that is accessible to us. The combination of mind 
power and energy is what allows us to establish a relationship to these creative forces 
and the high sources of energy. 
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Three Tan Tiens 


Once we make the connection with the forces of energy in the universe, we then want 
to be able to store this energy in the body. Energy is like money, if you are making a 
million dollars a year and spend a million dollars, you have nothing left to use in the 
future. That is the way we live and use our energy in our society. We are spending more 
energy than we are saving and we are living on borrowed energy, paying very high 
interest. Our credit will run out very soon. 

In the Tao practice, we store energy in the Three Tan Tiens. The Three Tan Tiens are 
the reservoirs of energy within us. 


Fig. 3.1 The Upper Tan Tien is in the brain (the Crystal 
Room, third ventricle), and when it is full of energy, the capacity 
of the brain increases. We store our spiritual intelligence, the 
mind here. All the Tan Tiens have both yin and yang within them. 
In nature, the yin and yang are present in all things. Day (yang) 
turns into the sunset, which turns to night (yin). It is very impor- 
tant to feel the qualities of yin within yang and yang with yin 
(sunrise/sunset). One quality does not exist without the other. 
They are inseparable qualities of the same force. 


Fig. 3.2 The Heart Center Tan Tien, between the two nipples, 
is the Middle Tan Tien. It is associated with the fire element. 
Yet, within fire there is always water. The original spirit (Shen) is 
stored here. 





Fig. 3.3 The lower abdomen at the Navel is like an empty 





= 4 universe, or ocean. We want to feel a universe of energy in the 
y =>. Lower Tan Tien. Within this universe or ocean, there is a fire, 
4 y ty like a volcano under the ocean; ‘fire under water’. 


The Three Tan Tiens refer to the three reservoirs of energy within the body. These 
reservoirs are places where we can store, transform and collect energy. The reservoirs 
are the source of energy that flows through the body. The meridians are rivers of energy 
fed by these reservoirs. The goal of Opening the Three Tan Tiens is to continually fill and 
replenish the energy of the Three Tan Tiens. When we are connected to the Tao, life 
ceases to be a struggle. Through the observation of nature, the Taoists learned to flow 
with the stream of energy and connect to forces in the universe. 

In these practices, we use a variety of hand movements and body postures to open 
to the energy around us. We draw the energy from the six directions into the body, 
activate the three fires, open the Three Tan Tiens and circulate this energy in the Micro- 
cosmic Orbit. 


31 


Cosmic Chi Kung 


Combined Practice 


Warm - Up Exercises 


Rotating the Sacrum 


Rotating the sacrum is an excellent exercise to open the lower 
back and activate the spinal cord. Place one hand over the sacrum 
and the other over the pubic bone. Rotate the sacrum in a circle, 
36 times in each direction. This movement activates the sacral 


pump. 





Spinal Cord Breathing 


Inhale and expand the chest, arms bent at 
the elbows and extended to the sides of the 
body. Exhale, tuck the tailbone under you 
and round the back, bringing the elbows to- 
ward one another in front of the chest. 
Smile. Inhale, expand the chest, tuck the 
chin in toward the throat, push the chin back 
and raise the crown and bring the arms out 
to the sides. Repeat this back and forth 
movement 36 times. This movement acti- 
vates the cranial and sacral pumps, and 
loosens all the joints in the spine. 
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Shaking 


Shake the whole body loose, especially the joints, by bouncing up and down on the 
heels. Let all the joints open and relax. Also, shake the testicles and the breasts loose. 
This will open the sexual energy (the yin electric) and you do this on back as well. 

The yin and yang are the negative and positive electric forces in the universe. The 
heart produces impulses (the yang electric) and the adrenal glands produce the adre- 
nal hormone to stimulate the heart to beat. Of all the hormones inside us, this is the one 
that gives the vital force to our life. 

When we concentrate on the sexual organs, 
the heart and the mind, we can make the yin and 
the yang electricity combine. 


Point of Lymphatic 
drainage into the Vena 


Direction of 
Lymphatic flow 





Fig. 3.4 Whole Body shaking and Lymphatic System 
True Breath - Skin Breathing 


We exist because of the physical food and the unique combination of forces that sur- 
round us. The daily requirement of calories is about 6,000 units, while we only get 2,000 
calories from food. The other 4,000 calories come from the forces around, above and 
below us. These forces that surround us are electricity, magnetism, cosmic particle 
energy, light, sound and heat. If we don't know how to absorb and transform this cosmic 
food, we need to depend on others to supply us. We then need to ask a priest, monk or 
holy person to give us our daily spiritual food. 

The Taoists discovered that we can learn to absorb these surrounding and universal 
energies through the skin and the major energy centers. Absorbing energy through the 
skin is called the True Breath. This powerful energetic technique requires the Inner 
Smile and relaxation. The more one can relax, the more the body and the skin can open 
to the energy around us. The practice allows one to extend the mind, to touch the force 
and to draw that energy back into the body. 
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Daily Practice: Opening, Connecting and Activating Chi 
Within and Cosmic Charging 


Paradoxically, in order to project ourselves out into the immensity of the galaxies and 
the universe to gather limitless resources of Cosmic Chi for healing, we must take the 
first steps of the journey within ourselves. In order to ‘go out’, we must first ‘go in’. The 
vehicle for this magical journey is powered by our ability to relax in mind and body. As 
we physically relax and let go of muscular and emotional tensions and joint and bone 
structures we gain access to the inner realms by turning on our very special subtle 
smile. It opens the pathways of the parasympathetic nervous system. This helps us to 
reduce the out flowing habits of our senses so that we can be more alert in sensing our 
inner universe. 

This simple process of ‘going in’ enables us to develop our internal skills so as to 
safely ‘go out’ to the universe. 


Practice 


Relax and Let go - Smile to Connect with the Universe Within 


Smile to mideyebrow, eyebrows, eyes, mouth, jaw, tongue, lips, cheeks, ears, 
shoulders, ribcage and brain. Let the relaxed sensations and the ‘Observer Mind’ 
(Upper Brain) sink down into the Lower Tan Tien. 


1. Smile to the mideyebrow. Relax and let go. Smile to the eyebrows and let them grow 
long to the sides. Lower these relaxed sensations down to the Tan Tien. 





Fig. 3.5 Smile and Relax to the Mideyebrow and think of the eyebrows growing long. 
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2. Smile to the eyes: relax the eyes and feel how nice and cool they are. Let the eyes 
draw back in their sockets and start to sink down to the chest and gradually down to 


the abdomen, the home of your ‘feeling and awareness mind’. 





Fig. 3.6 Smile and relax the eyes, sink into the eye sockets and gradually feel the eyes 
dropping down into the Abdomen. 


. Relax the two broad muscles extending from the outer portions of the upper lips 
across the cheekbones, and lightly smile feeling their connection to the upper front of 


the ears. Gradually feel the ears growing ‘long’, up and 
down. Feel the ears grow all the way down and con- 


nect to the kidneys. 
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4. Open your mouth and relax your jaw, separating the upper and lower teeth. Feel the 
jaw relax. Once the jaw relaxes the shoulders will relax and drop down. Continue to 
feel the jaw relax until you feel the saliva start to come out. Relax down to the rib 
cage. Feel the rib cage drop down, softening all the joints, relaxing down to the Lower 
Tan Tien. Let the tongue relax back in the mouth. Feel the tongue start to drop down 
into the throat to the chest and all the way down to the navel sinking the ‘floating’ 
sensation down to the Lower Tan Tien. 

5. Smile to the shoulders and relax until you feel the shoulders drop and the rib cage 
relax. 





Fig. 3.8 Relax the Jaw; and the Shoulders and Tongue will relax down to Lower Tan Tien. 


6. Lightly close the lips, but keep the teeth slightly separated. Physically begin a child- 
like smile with the corners of the mouth gently uplifted and the outer edges of the 
eyes softly crinkled up. Breathe through your nose. 

7. Smile into the brain and empty the upper (observing) mind 
down to the Tan Tien. 

8. Become aware of your inner universe as a big empty space. 
Keep on sinking — sinking down, into the darkness of your 
empty space. Keep sinking and experience the vastness until 
you get closer and closer to the center, the ‘original force.’ 
Stay relaxed and alert so as to be able to see one dot of light. 
It becomes a galaxy spiraling inside you. 

Do the above practice several times until you become fa- 
miliar and comfortable with it. 





Fig. 3.9 Bring the Senses down to the Tan Tien. 
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Tan Tien Consciousness: Second Brain 


Already terms have been used like ‘upper mind’, ‘feeling and awareness mind’ in the 
abdomen and lower ‘Tan Tien’. In the next phase of practice, the ‘conscious mind of the 
heart’ is introduced. For those readers who have not been updated on the scientific and 
medical revelations of the recent era about a ‘second’ and ‘third’ brain, we offer the 
following information. 

Along with this, there is the long-standing Taoist practice of cultivating and training 
consciousness in the Three Tan Tiens, especially the Lower Tan Tien. There is my own 
experience in participating in brain wave measurements and ‘brain energy potential’ 
research in recent years. The combination of all these areas of knowledge and experi- 
ence in our time, makes Cosmic Healing practices accessible for our minds while also 
being very ‘down to earth.’ Now let’s talk about the Lower Tan Tien. 

In addition to its importance as the control center for the mechanics of the physical 
structure of the body, the Lower Tan Tien also houses a treasure of even more far- 
reaching significance. It has been a well-kept secret in the western world, as well as in 
most of the rest of the world: our Second Brain. Most of us who have had Taoist training 
in Chi Kung, Tai Chi, various Chi meditations or healing practices have often heard the 
reminder, ‘Be aware of your Tan Tien.’ But, do most people really ‘get’ the meaning of 
the injunction to always be conscious of the Tan Tien? Probably not. Further, do we use 
our Second Brain as much as we can? Definitely not. 

In western terms, do we actually understand “Be aware of your Tan Tien” as being a 
way to train consciousness and awareness, like educating a brain in the abdominal 
area, in our Tan Tien? Probably not. Throughout the world, there are institutions to train 
the brain in the head. That is good. But, what about training the ‘second brain’ in the 
abdominal area? | didn’t think of it exactly like that in western terms, either, even though 
that is exactly what | have been doing all of my life in my Taoist training and teaching. 


Personal Revelation 


Suddenly | came to understand a few things which are so simple 
and so important, and that’s what | am going to share with you. 
It started in 1994 in Los Angeles when a clinical psychologist 
there, Dr. Rhonda Jessum, wanted to start testing me. | agreed 
to do the testing, but the machines at that time didn't tell me 
much. However, it was discovered that when | did the Inner 
Smile meditation, my brain waves went down dramatically — 
but at the same time, my ‘beta’ waves increased to a very high 
level. That means the waves showed that | could be driving a 
car, but that my brain should have been resting and sleeping. 
So the researchers said, “Hey, how did you do that?” | didn’t 
understand either — because it was not clear to me either. 
Fig. 3.10 First and Second Brains are linked. 
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Fig. 3.11 Second Brain 
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After that, | was invited to start testing in Europe by the Institute for Applied 
Biocybernetics and Feedback Research. My name is becoming known there because 
| teach in Europe a lot. One of the biggest institutes for training top athletes in Europe is 
in Vienna. They developed an instrument that can measure the brain’s potential energy, 
which represents all the energy in the body. The doctors also said that this proves to the 
west that Chi exists, there is energy and a life force running in the body. That instrument 
picks it up in the brain and indicates how much potential brain energy you have. It also 
determines how much energy you have for the whole day and how much of that energy 
is for mental clarity and body power. They use these instruments to measure the ath- 
letes. 


The study measures brainwave frequencies during four practices. 





Fig. 3.12 Fig. 3.13 Fig. 3.14 Fig 3.15 
Cosmic Inner Smile Cosmic Orbit Six Healing Sounds Orgasmic Upward Draw 


Theta 
Alpha 
Beta 





Fig. 3.16 Alpha and Theta Waves increasing Fig. 3.17 Ultraslow Brain potentials 
during the Cosmic Inner Smile Meditation. measurement while in Vienna. 
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Fig. 3.18 A. Altering dominance of alpha and theta waves during the Cosmic Orbit Meditation. 
B. Cosmic Healing Sounds Meditation, results in increases in alpha and theta frequencies. 
There are minimal beta brainwaves; the brain reaches a state of stillness and internal focus. 
C. Orgasmic Upward Draw Meditation increases the levels of alpha and theta. 
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Fig. 3.19 Left and Right Brain Charts 





It’s interesting because the energy | have been describing in my teaching is exactly 
what they were measuring during their testing. So | went there and did the measure- 
ments with them. | just did the Inner Smile, smiling into my abdomen. They picked up 
these readings very quickly and said, “Your brain waves are going lower, lower and 
resting — and you are nearly in the sleeping state.” At the same time, the muscle tension 
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was very low, the heartbeat was very low and the skin resistance was very low. After 
that, | surged the energy up to the brain and they started to see that the energy actually 
charged up there. When we are thinking, worrying or feeling anger, shame or guilt — the 
energy level in the brain actually decreases, and the brain doesn’t get charged up. They 
were quite amazed, and said, “Hey, this is what we’re looking for!” 

They asked me what | was doing. | said, “I’m smiling to my abdomen.” They kept on 
talking to me and asking me questions. They discovered that this brain (in the head) 
was not very active at all, meaning that there was not much activity in the brain. It was 
still in a very light resting state. But, how could | answer their questions? They said, 
“Hey, look! Master Chia is talking to us in his sleep. How can he talk to us in his sleep?” 

After that, | said, “Oh, | understand now.” Because, throughout the whole practice of 
the Tao is the injunction, ‘train the second brain in order to use the second brain.’ It took 
the westerners a long time to understand that. So, when the article about the ‘Hidden 
Brain in the Gut’ came out in The New York Times," | started to understand that. You can 
be miserable; you can be happy; you can feel all kinds of feelings. But according to this 
article, they had also discovered that this brain in the gut, the enteric nervous system, 
can do a lot of functions. It says that this gut brain can send and receive impulses; it can 
record experience and respond to emotions. So, it is like a brain. In this article, they had 
only discovered that the large intestine and the small intestines have the same neurons 
as the brain cells. After that article, a new book, The Second Brain, was published.? 

Now in medical science, | might add, they have begun to discover consciousness in 
the heart. They found that the heart can record a whole event, and it has its own brain. 
Dr. Paul Pearsall has written a new book, called The Heart’s Code.? They have found 
that people who have a heart transplant actually get the emo- 
tions of the donor. They actually experience whatever the do- 
nor experienced. One of the cases is that of a girl who was 
brutally killed, and they didn’t know who killed her. But, the 
heart was OK; so, it was transplanted into another girl. After 
that, the girl started to get nightmares and described some- 
body killing her. Then she described how the killer looked. Fi- 
nally, the mother took the girl to a psychiatrist, and he in turn 
contacted the police. The girl gave the police an exact de- 
scription and a police artist drew a likeness of the killer. With 
the information provided by the girl, the police were able to go 
and arrest the man. Afterwards, when confronted with clear 
details of the crime, the man confessed that he was indeed 
guilty of this crime. So, from that experience, medical scien- 
tists and others came to realize that the heart can record all of 
an event and remember it. Fig. 3.20 Heart’s Code 


1 “Complex and Hidden Brain in the Gut Makes Stomachaches and Butterflies,” The New York Times, 
section C1, Tuesday, January 23, 1996 
Gershon, Michael. The Second Brain (New York: Harper Collins Publishers Inc., 1998). 

3 Pearsall, Paul, Ph.D. The Heart’s Code (New York: Broadway Books, 1998) 


A1 





Cosmic Chi Kung 


The Lower Brain consumes 
less energy and can do a lot 
of daily work, like send and re- 
ceive impulse records and ex- 
' perience and respond to emo- 
tions. When you lower down 
the Upper Mind, it will also 
lower the blood pressure and 
anxiety. 
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I! Fig. 3.21 Abdomen has it own Brain: the Awareness Mind. 





On the second page of the Times’ article, it says that even the large 
intestine is loaded with neurons. The question was posed, ‘Can it learn?’ But | say, “Hey, 
this goes back to 4,700 years of the Tao practice, which says: Train all the organs; train 
them how to do different things.” You can rest the head brain when you're not using it — 
and use the brain in the gut. Why is it so important? Because the head brain is a ‘mon- 
key mind’ riddled with doubt, shame, guilt and a suspicious mind. It is always thinking. 
Worrying, figuring things out things, head trips — it just keeps on, all the time. To be a 
God, you must let go of the past and empty the mind. Now we are in the information age; 
anything flits in — we think. Just one word flits in and we start an entire string of thought. 
When somebody says one bad word to you, you can think and figure it out for three 
days and three nights. ‘How am | going to get revenge? 
How am | going to get revenge?’ 

Scientists have discovered that when people worry 
too much, thinking, planning, etc., this brain actually uses 
up a lot of energy. Depending on the type of person— 
some people are very physical types who use very little 
brain energy, but their physical body consumes a lot of 
energy. However, most people think and think and think. 
So the scientists give an approximation, by way of a 
percentage. This is just a number for comparison, not 
an exact number. They say that this brain in the head 
can use up to 80% of the body’s energy. So, what hap- 
pens is you have only 20% left for the organs. Fig. 3.22 Cross-section of the 

neurons in the Large Intestine. 

According to the information about the brain in the gut, they have discovered that the 
brain in the head and the brain in the gut can do some similar jobs. For example, this 
brain in the gut is the emotional and the feeling brain. In the west you have the expres- 
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sions, ‘I feel you from my gut’ and ‘I have a gut feeling about something.’ Why do people 
mention a gut feeling? Obviously people have some feeling in their gut. It’s very interest- 
ing that the whole Tao practice is feeling, awareness and consciousness — using this 
gut to feel, to be aware, and to be conscious. 

You can rest, relax the brain in the head by using the ‘brain in the gut.’ This is the first 
step. The first thing we learn in the Tao is to forgive and let go. When we keep on 
remembering past negative emotions, we will stop seeing the truth. To let go of the past 
is to empty the mind and use the abdominal mind, the awareness and consciousness. 
Here’s an interesting point in the way of the Tao: This gut brain can do a lot of simple 
functions that are similar to the functions of the brain in the head. This is a feeling and 
awareness type of functioning similar to many of our ‘right brain’ functions. However, we 
need to use the brain in the head in order to perform complex functions such as reason- 
ing, making plans and making complex calculations. For rational functions, we need to 
use the brain in the head for the ‘left brain’ functions. 


For our daily life of consciousness, awareness and feeling, we can use 
either the brain in the gut or the brain in the head. When we use the upper 
brain less, it will become charged with more energy and its power will be 
increased — and more power will be available to the body. That is why we 
| say in Taoism, that we have to train the brain in the gut, so that we can use 
it when the brain in the head is resting. When the head brain is resting, it 
can be recharged: brain repair and maintenance occurs. Also, it can grow 
new brain cells. With more charging we have more power for creativity or 
whatever we want to use it for. If we like, we can use it to develop our 
higher spiritual nature. 

Fig. 3.23 When you are not using the Upper Brain allow it to rest 
= by sending it down to the Lower Tan Tien. 





The simple thing is, that for the same job that the head brain or the gut brain can do, 
the head brain charges you eighty dollars. The gut brain only charges you twenty dol- 
lars. So, which one do you want to use? No, of course we are not that silly to use this 
overpriced person for the same work. But when we come to our own actual life, we 
don’t know how to do it. We always use this mind, this high-priced brain. To add to this, 
we continue using it and using it, until the brain energy is completely consumed — no 
more energy. When you get to a certain level the brain is empty. These brain energy 
measurements are not only for indicating mental energy levels, they also represent 
energy conditions for the whole body and spiritual energy. 

Whenever | smile down, the brain waves go lower and lower very quickly — and the 
transformed energy from the Tan Tien and organs charges up the brain in the head! 
Just by flexing the facial muscles into the mode we use with a genuine smile, we can 
produce the effects on the nervous system that normally goes with the natural sponta- 
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neous feeling. We can actually make ourselves relaxed and happy by 
taking advantage of this built-in human mechanism. It’s natural. Just do 
it! Learning to smile down to the abdominal area and maintain the 
awareness of the relaxed, smiling sensation in the Tan Tien is the first _ , 
step in training the Second Brain! Think about it: Pure awareness and / 
consciousness can change attitudes and emotions carried in the DNA. 
Remember: Number 1: “Empty your mind down to the Tan Tien, and 

fill the Tan Tien with Chi.” An axiom in the Tao is, where the mind goes 
the Chi follows. And, Number 2: “When your mind is empty, it will be | /; 
filled!” This means that when the organs have extra energy, the extra | \ 
organ energy will rise up and fill the brain with Chi. | 
Fig. 3.24 When the mind is empty, transformed energy 

from all the organs can charge the brain with Chi. 





Three Minds into One: ‘Yi’ Power 
Smile into your heart. Lower the Observation Mind, then the Heart Mind down to 
the Tan Tien. With the Feeling/Awareness Mind, Spiral the three minds into one. 
1. Smile into your heart. Make it feel soft. Feel love. Feel joy. Feel happy and feel com- 


passion in your heart. Feel the heart spiral. 


2. Spiral in the upper mind. Lower your upper mind, the observation mind, down to the 


Tan Tien in your navel area. 


3. Turn the consciousness in your heart, activated by your love and softness, down to 


your Tan Tien. 


4. Combine the upper and middle minds with the energy of the feeling/awareness mind 
of the entire nervous system — the Second Brain in the abdomen. Merge the three 


minds into one mind by spiraling their energy, blendin 


Make the 
Heart feel 
1 soft 













g them together as one in the 


Tan Tien. 

When the three minds 
merge into one they become 
the ‘Yi’ power, the three-mind 
power — activate the spiraling 
at the mideyebrow, crown and 
the soles of your feet — ex- 
pand to the universe in six di- 
rections: up, down, front, 
back, left and right. Once you 
get it, the Yi, we will start to 
activate the six directions and 
the three fires. 

Fig. 3.25 A. The Heart 
softens like a rose blossoming. 


B. Spiral the Upper Tan Tiendewre 2 owest Tan Tien and Three Mind ‘Yi’ Power. 
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Activating the Six Directions and the Three Fires 


This powerful energetic technique allows one to extend the mind, to touch the force, 
and to draw that energy back into the body. 

The Six Directions teaches you how to expand your mind and Chi for receiving heal- 
ing power. By practicing the Six Directions daily you will increase your healing and 
cosmic power. Turn your mind and Chi into the cosmos, multiply them and draw them 
back. 


Direction Below 

When you achieve the three minds into one mind begin expanding into the Six Directions; 
press your hands down and start with the low direction. Picture yourself standing on the 
earth and you expand yourself very far away — deep down into the earth, very, very deep 
down into the earth. Your hands become very long; your feet become very long — they 
go all the way down into the earth and out past it into the galaxy below on the other side. 

Push. When you push, connect with the galaxy below — pull and think about your 
Tan Tien filling with Chi. Push and pull. Push and pull. Fill your Tan Tien with Chi. 





A. B. C. 


Fig. 3.26 A. Hands expand through the earth and to the galaxy below. 
B. Hands push forward and pull back. C. Smile to the primordial Chi from the universe back to 
the Lower Tan Tien and fill the Tan Tien with Chi. 
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1. Stand, feet together. Put you hands down, parallel to the ground. Expand your hands 
very far away and your mind very far away smiling into the ground. Continue expanding 
your hands, feet and your mind very far away beyond the earth below. Go down 
through the galaxy, way beyond to the primordial force. It’s just like you are extending 
all the way to the primordial force before 30 million years ago. 

2. Push, moving the hands forward six inches only. 

3. Pull, moving the hands back by the sides. Think about your Tan Tien — Chi coming to 
the primordial force in your Tan Tien. Smile to your Tan Tien, dark, deep and vast. 

4. Push: touch the primordial force in the universe. 





A. B. C. 
Fig. 3.27 A. Be aware of the universe in front. 
B. Expand your hands very big and long to the universe in front. 
C. Hold the fire ball to activate the Tan Tien Fire. 


5. Pull back to your Tan Tien the dark primordial forces with your hands. 

Push and pull: It’s just like you go to an empty space — vast. Then you come back to 
your Tan Tien — also empty, just like the primordial condition before anything existed. That 
is where all the forces come from. Push and pull 3 — 9 times. 

Front Direction and Tan Tien Fire 


Next, be aware of the front direction; a huge fireball appears in front of you. 
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Open your palms: scoop up the Chi, scoop up the fire. Bring the fire into your 
Tan Tien. Activate the Tan Tien Fire. 


1. You start with a small dot of light in- 
side you. Expand your awareness 
smiling to the universe in front of you. 

2. Become aware of a big fireball in front 
of you. Fell your hand become big- 
ger and longer. Scoop up the fire- 
ball. You may close your eyes to help 
your inner sensing. 

3. Use the fireball to light the fire in your 
Tan Tien. Feel the fire burning in the 
darkness, the ‘fire burning under the 
sea.’ 





Fig. 3.28 Smile to the Burning Fire. 


Back Direction and Kidney Fire 


Be aware of the back of the Tan Tien, the Door of Life and the back or rear 
direction. Extend your mind very far away to the ‘back’. Scoop up the fire and 
light up your ‘Kidney Fire’. 





Fig. 3.29 Be aware of the back direction, move the arms toward the back of the universe 
and scoop up the universal fire. 
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1. Expand your awareness all the way to the back. Move the arms toward the universe 
behind you. 

2. Touch the universe; scoop up the fire. Activate the Kidney Fire. Maintain your aware- 
ness in the Tan Tien and expand smiling out to the universe. The energetic spiral 
glows in the Tan Tien. Spiral in the heart, spiral in your crown and spiral in the uni- 
verse. 


Heart Fire 


Raise your hands up under your armpits, and feel yourself holding the two 
fireballs. Touch the heart by extending the fingers energetically in from the sides; 
feel your hands extending into your heart and very far away. Activate the Heart 
Fire. 





Fig. 3.30 Activate the Heart Fire. 


1. Move your hands up under your armpits and extend your fingers deep into your heart 
and very far away. 

2. Tan Tien and the Universe: you are connecting to the ‘charger,’ charging more fire 
into yourself. 

3. Feel your heart soft in the center as you smile down. Feel the warmth of the fire 
energy of love, joy and happiness in the heart. 

4. You feel the connection with the unconditional love in the universe as you keep your 
heart consciousness in your Tan Tien and extend your awareness out to the uni- 
verse. 
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Sacred Fire (Chi Fire) 


Connect the Three Fires to combine into one Fire: Heart to Kidneys to Navel to 
Heart. 





Fig. 3.31 Connect the Three Fires and Sacred Fire. 


1. Move your hands together in front of your heart. Hold your hands together in front 
near the heart and feel the fire burning in there. Connect the Heart Fire to the Kidney 
Fire, the Kidney Fire to the Tan Tien Fire and back up to your heart; connecting them 
as one triangular Sacred Fire, circulating the Chi at 1,000 revolutions per minute, 
10,000 R.P.M, 30,000 R.P.M and 60,000 R.P.M, doubling or tripling their collective 
power. 


Open the Third Eye 


Now, extend your hands out to the front, very far away — pushing, pushing, 
pushing. Push. Turn your palms inward, and extend your middle fingers inward 
toward your third eye. Picture a crack in the middle of your forehead, and pull 
the crack open. Feel the light from the heavens opening it and feel the light 
from the heavens shining into your brain. 


1. Open your palms. Open your eyes, dimming the eyes. Look to the universe. Extend 
your hands to the front, palms vertical. Extend the arms from the scapulas. Smile 
and touch the universe. 

2. Turn your palms inward and extend your middle fingers inward toward your third eye. 
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3. Picture a crack in the 
middle of your forehead 
and let the heavenly light 
shine into the brain; pull 
the crack open and let 
the light reflect into the 
organs. 

4. Close the third eye. 
Again, open. Pull: open- 
close-open. And, close. 
With the third eye open, 
the light from the heav- 
ens shines into your 
brain and reflects down 
to all your organs. Open 
and close the third eye 3 
- 9 times. 








A. B. 
Fig. 3.33 A. The Middle of the Finger hooks into the third eye and reflects down into the Organs. 
B. Pull open the Third Eye; let heaven open and shine its light into the Brain. 
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Front Direction: Push/Pull Master Practice 


Now, turn your palms, pushing out. Push. Pull. This is the master practice that is 
imperative for successful completion. When you first start practicing you should 
do it at least one hundred times and increase up to 200 times. Push and pull. 
When you push, you feel your hands extended very far away — very long — reach 


the sky. Touch the universe. 
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Push: Extend your arms 
and hands to the front, 
palms vertical. Extend 
the arms from the 
scapulas. 

Expand: smiling, smiling, 
touching the universe — 
touching the force, touch 
-ing the Cosmic Chi. 


Fig. 3.34 
Master practice: 
Touch the Universe. 


Pull: Draw the Chi back 
to you from the universe. 
Moving the arms from 
the scapulas, draw the 
hands toward your body 
in a horizontal position, 
drawing the Chi into the 
body. 


Fig. 3.35 ‘Drawing’ Universal 
Chi - feel your Tan Tien 


and fill it with Chi. 
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Pull. Think and smile to your Tan Tien. Push, very far away to the universe. 
Pull. Push: Smile, relax, and let go, touching the sky, touching the universe. 


Fig. 3.36 
Let go - Push and Touch the 
Universe, do it 6, 9 or 18 
times. 





Left and Right Directions 


Now, move your hands to the left and right directions. Pull the Universal energy 
in. Push; touch the universe. Pull; think about your Tan Tien. Push — all the way, 
touching-touching-touching the universe. 


1. Move your extended 
hands from the front 
horizon to the left and right 
sides. 


Fig. 3.37 Touch the Universe 
Left and Right. 
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2. Pull Tan Tien: Smile to your 
Tan Tien. Keep smiling to 
your Tan Tien. 

3. Push to both sides. 
Expand all the way, 
smiling and touching the 
universe. 

Push/Pull: touching, 
touching the universe 
drawing the Chi smile 
energy into you from both 
sides. 

Do 3-6 times. 


Fig. 3.38 Pull: Just feel about 
your Tan Tien. 





Direction Above 


Turn your palms up to the universe. Scoop up the Chi. Pour the Chi over your 
crown, and touch your crown. Project the Chi all the way down to the perineum 
and down through the earth to the universe below. Tan Tien and universe; always 
feel your Tan Tien spiraling, heart spiraling, crown spiraling and the universe 
around you Spiraling. 





Fig. 3.39 A. Raise the hands above the crown and feel it extend up to heaven. 
B. Feel that the hands are big and long and that the bones are hollow. 
Fill and pack the bones with Chi. 


53 


Cosmic Chi Kung 


Raise your hands up to the universe 
and expand your hands as big as the uni- 
verse - feel the Chi charge into your 
bones. 

Scoop and gather the energy turning 
the body three times to the left and three 
times the right drawing the smiling energy. 


Fig.3.40 Scoop up the Universal Chi and 
pour it over the head. 





Open the Spine 


1. Touch the back-crown point. Pour the Chi all over your crown. Think of your soles so 
that you feel like there is a waterfall of Chi flowing from your crown all the way down 
to your soles. Feel your finger grow long and the Chi penetrate down through your 
spine to the coccyx. Leave the fingers touchng the back of the crown, to maintain 
the energetic connection with the coccyx. 
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Fig. 3.41 Feel your fingers growing long, all the way down to the coccyx. 
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Turn ‘Three Minds into One Mind’ at the Lower Tan Tien, and expand the awareness 
to the universe. Let yourself be charged by the universe. ; 
| 


EE eee 


Door of Life | |} ‘ 


i re 
Awareness | \ : 


J 


Tan Tien is like a battery. 





Like you are back in the womb. 


Fig. 3.42 Universe charges Tan Tien power. 


Beware of the Tan Tien and spiral it like universal energy in motion. Feel the heart 
center spiraling and the crown spiraling. Be aware of the universe spiraling above, below, 
front, back, left and right. Let all of the sick energy and the negative forces leave the 
body and go down into the ground for Mother Earth to recycle. Extend the Chi from 
above, all the way down through the earth and the universe below. 





Fig. 3.43 Be aware of the Lower Tan Tien, Heart Center and Crown spiraling. 
Feel the Universe is spiraling and charging the Three Tan Tiens. 
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Open the Middle Channel and Perineum 


1. Move to the mid-crown point. Touch the point and project your fingers inwards; go 
deeper, deeper through the middle of your body down to the perineum. Focus on the 
perineum. Feel the Chi from the universe flow into your perineum. Look for one dot 
of light. Look into the darkness, the vast darkness, the immense darkness; this is the 
primordial force, a cloudy moving force. Look for a dot of light at the perineum and 
extend your awareness all the way down through the ground and the universe below. 


Middle of Crown 





Fig. 3.44 Move the Hands to the Middle of the Crown 
and feel the Fingers Penetrate to the Perineum. 


Perineum 





When finished opening to the Six Directions and igniting the Three Fires, gather the 
Chi in the center and bring this expanded awareness into the healing session. 
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Tan Tien and the Universe 


The expression, ‘Tan Tien and the Universe’, is a reminder to feel your Tan 
Tien, heart, mideyebrow and crown spiraling and that you are connected to the 
universe spiraling in the six directions around you. 


1. Establish a Complete Location 


You will use your Yi, the three-mind power, repeatedly to recharge your Chi for vari- 
ous purposes. You recharge by connecting to the Universal Chi in the six directions of 
the universe simultaneously. When you charge a particular area or direct Chi into the 
body to a particular point, you first establish a connection point for the Chi by placing the 
hand or fingers at an appropriate location on the surface. This is like giving a location for 
the Chi to go to. Once the location is established and the Chi starts to go there, leave 
your hands there. 

Then you move your attention to where you want the Chi to go in the body. Feel the 
Chi connected to and charging the intended location. 


2. Charge Tan Tien from Universe 


When the location connection is established, be aware of your Tan Tien, heart cen- 
ter, mideyebrow and crown spiraling. Be sure that the conscious mind of the heart is 
lowered to the Tan Tien and the awareness mind of the abdomen is connected to the 
mideyebrow crown and out to the universe. Feel them connected to the spiraling energy 
in the six directions of the universe. Let the universe charge your Tan Tien. 


3. Don’t Stop at the Location 


With your focus in the Tan Tien, the Chi will go from there to the ‘location’ indicated by 
your hands and then to the intended location in the body. Don’t let Chi stop there, how- 
ever. 


4. Direct Chi out the Opposite Side to Universe 


Direct your attention to guide the Chi flow through the body and out the opposite side. 
You want to clear out any blockages and prevent any others from accumulating. You 
also want to release sick energy and negative forces down into the earth. Let the Uni- 
versal Chi flow out through the universe and beyond. 
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Open the Three Tan Tiens 


Move your hands down to the mideyebrow. Touch the mideyebrow. 
We are going to open the three Tan Tiens, starting with the Upper Tan Tien. 


Upper Tan Tien - Mideyebrow 


1. Recharge. Remember: Tan Tien — heart consciousness in, awareness out. Spiral — 
Tan Tien, heart, third eye and crown. Universe — six directions spiraling. 





Fig. 3.45 Raise hands and charge with Universal Chi. 
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2. Move your hands down and touch the mideyebrow. Feel your fingers grow very long 
(energetically) and penetrate all the way back to the base of the skull. Focus on the 
back. Remember: Tan Tien and the universe spiraling. With the spiraling, the Chi in 
the fingers will become hot. It will expand and penetrate out through the back of the 
head all the way to 
the universe behind. 


Fig 3.46 Fingers touch 
mideyebrow and pen- 
etrate to the back of the 
Skull and the universe at 
the rear. 





Fig 3.47 
Tan Tien and the 
Universe. 
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3. Picture your fingers like laser beams of Chi, ‘Tan Tien and Universe’: Feel your Tan 
Tien and the universe spiral and charge your fingers. Move your fingers out from the 
mideyebrow around the side of the head to the top of the ears. Your fingers are like 
lasers -cut-cut-cutting open your skull right in the middle, around to the top of the ear, 
cutting open your Upper Tan 
Tien. Cut and project your fin- 
gers long into the middle of 
your brain. Spiral your Tan 
Tien and the universe. Leave 
your fingers there. Concen- 
trate on your Tan Tien spiral- 
ing — your heart, crown, the 
universe above, below, front, 
back left and right all spiral- 
ing. Your Tan Tien is a big 
empty space: primordial 
force; darkness. You can put 
so much Chi inside there! 
The Chi penetrates into your 
brain. 





Fig. 3.48 Move the fingers to the top of the ears. Feel them growing longer and cutting the skull 
open, penetrating into the brain. 


4. Move your hands all the way 
to the back, cutting to the 
back of the skull. Touch, and 
feel the Upper Tan Tien open. 

5. Touch the base of your skull. 
Focus on the mid-eyebrow. 
Feel the Chi flow like a laser 
beam from back to front and 
out to the universe in front. 
Complete the opening pro- 
cess by moving the hands 
back around to _ the 
mideyebrow, cutting as you 
go. 

Fig. 3.49 Chi moves like a laser, 

penetrating from the mideyebrow at 

the front, to the back of skull. 
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6. Recharge in the universe. Feel your bones and your arms are hollow. Fill and com- 
pact them with Chi. 

7. Scoop the Universal Chi and pour it down over your crown and all the way down, 
down to the Middle Tan Tien. 





Fig. 3.50 
Recharge in the Universe, scoop and pour the Chi down to the Middle Tan Tien (Heart Center). 


Middle Tan Tien - Heart Center - Conscious Mind 


1. Move your hands all the way down to your heart center at the mid-sternum. Touch. 
Focus on the point opposite the 
heart, T5/T6, on the spine. Fin- 
gers ‘long’, Chi penetrates into 
your thymus gland. Light— golden 
light — penetrates into your thy- 
mus. Feel the Chi penetrate 
through your heart all the way 
through T5/T6 to the universe be- 
hind. ‘Tan Tien and the Universe’ 
also feel your Chi Fingers pen- 
etrate into the bone and bone 
marrow and spread out into your 
rib cage. 

Fig 3.51 Golden light enters the 
heart, thymus, bones and marrow; feel 
it penetrate to the universe at the rear. 
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Recharge and cut around to the Armpits 


1. Recharge In the universe, 
pour Chi over the crown 
down through the body 
and lower your hands 
down to the heart center. 
Touch with the fingertips. 
Move your hands around 
under your armpits, ex- 
tending the Chi like laser 
beams cutting open this 
Middle Tan Tien. Pause 
under the armpits as you 
send the Chi into the cen- 
ter. 





Fig. 3.52 Cut open the Middle Tan Tien by cutting around the armpits. 


2. Continue to move your hands around to your back at T5/T6, touch and send the Chi 
from back to front. Let the beam of Chi penetrate out through the heart center to the 
universe in front of you. Then, move the hands back around the sides to the front, 
cutting as you go. 





Fig. 3.53 Chi beam from T5/T6 penetrates to the Heart Center in front. 
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Lower Tan Tien - Navel - Awareness Mind 


1. Recharge with Universal Chi. Tan Tien and Universe: Again, raise your hands and 
charge with the Chi into the universe. Your hands are very big, very long. The bones 
are hollow and compacted with compressed Universal Chi. Scoop the Chi from above 
and guide it down. Pour all the way down, down, down to the navel. Touch the navel, 
and focus on the Door of Life opposite on the spine between L2/L3. Touch and feel 
the Chi penetrate to the Door of Life Tan Tien and Universe. Feel the Chi penetrate 
through to the back and out to the universe behind. 





A. B. 
Fig. 3.54 A. Recharge the Lower Tan Tien and penetrate through to the Door of Life. 
B. Raise the hands up to the universe and charge with Chi. Bring the power down to Tan Tien. 


2. Open this Lower Tan Tien the 
same way as for the Upper and 
Middle Tan Tiens. Charge more 
Chi into your hands, and let them 
be like lasers cutting it open. Cut 
around to the sides. Pause. The 
fingers of the left and right hands 
are very long, extended energeti- 
cally inside. Cut and feel the en- 
ergy penetrate into the center. Fo- 
cus at Tan Tien and universe and 
feel more Chi. 





Fig. 3.55 ‘Cut’ open the Lower Tan Tien 
with Laser Fingers. 
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3. Continue cutting to the Door 
of Life. Touch, and send the 
Chi from the Door of Life back 
to the navel and out to the uni- 
verse in front. 


Fig. 3.56 ‘Cut’ open the Door of Life 
and send Chi to the 
navel and universe in front. 





4. Move the hands back around the sides to the navel, extending the fingers and “cut- 
ting” the Tan Tien open as you go. Touch the navel: Tan Tien and the universe spiral- 
ing. Feel more Chi, and feel the Tan Tien open. 


Activate Chi in the Bones of Hips, Legs and Sacrum 


1. Now touch your pelvic bone 
by energetically extending 
your fingers from the front 
area near the hips to the 
back. Feel Chi penetrate into 
your pelvic bones: funny, 
laughing, happy bones. 

2. Touch the femur bones. Tan 
Tien and universe. Charge 
the fingers. Also, feel the 
funny, happy, laughing vibra- 
tion inside the bones and in 
the bone marrow. Be aware 
of the Three Tan Tiens. Spi- 
ral from the universe. Spiral- 
ing charging your Tan Tien. 
Charge your hands and your 
bones. 





Fig. 3.57 Touch the femurs - happy laughing bones! 
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3. Now we are going to slowly lower the sensation of Chi down through the bones to the 
earth. Opening up the sacrum. Move the hands down the legs as you bend down. 

4. Lower yourself all the way down to the ground and sit on your feet. Move the Chi with 
your hands down to your toes, down through the earth and the universe below. 





A. B. 
Fig. 3.58 A. Sink the Chi into the earth. B. Lower and sink the mind and Chi down to the universe. 


5. Raise your sacrum up, keeping your hands at the toes. Smile to your Tan Tien and 
feel the Chi from the universe coming to fill the Three Tan Tiens. Opening up the 
sacrum. 


Fig. 3.59 
Raise the sacrum and smile to 
the Tan Tien. 
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6. Lower down again. 
Lower the Chi down to 
the earth and the galaxy 
below. 

7. Once more, raise your 
sacrum up, maintaining 
hand contact with your 
feet. Smile to your Tan 
Tien. 

8. For the third time, lower 
down. Open your palms, 
gathering the Chi from 
the earth below. Gather 
and scoop the Chi. 





Fig. 3.60 Gather the Earth Chi. 


9. Touch your heels and feel your bones as you slowly rise up. Fill your bones with Chi 
as you guide it up with your hands. 
10. Fill the bones in the upper legs as you move your hands up. 





Fig. 3.61 A. Fill the bones with Chi. B. Feel your fingers penetrate into the bones as you rise. 
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11. Feel your bones, and fill them with Chi all the way up to your coccyx. Touch your 
coccyx. Leave your fingers there, then be aware of the Chi and feel the Chi raising 
up to the Tan Tien and the universe. Feel it charge the fingers and the spine. 

12. Come up to the sacrum. Feel the sacrum open. Focus at the Tan Tien and the 


universe. 





B. 
Fig. 3.62 A. Bring the Chi to the Coccyx. 
B. Move your hands up to the Sacrum and feel the Chi rise up to the Crown. 


13. Come up to the door of life, and 
then back to the navel. You may 
sit down to continue the next step 
in the Cosmic Healing Practice. 





Fig. 3.63 Bring the Chi to the Door of 
Life and let it penetrate to the Navel. 
Practice daily till you feel the Chi. Then you can apply this Chi to the Healing Sessions. 
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Chapter IV 
General Healing Session 


The General Healing session practices are to be done with every student regardless of 
their age or health condition. These are for cleaning and strengthening the cells. Cells 
must be clean and strong to heal. The General Healing practices listed steps A-K are 
the most important part you must always do in every session. You can do this with one 
person or with many people at the same time. The following is a detailed decription of 
each of these steps. Become familar with them and they will flow easily one into the 
other. 


A. Three Minds into One Mind 

Smile down to the inner universe. Activate the heart consciousness and empty the 
mind and heart down to the LowerTan Tien, the Abdominal Brain. Gather the ‘Yi’ (mind- 
eye-heart power), combining three minds into one. Fill the Tan Tien with this Chi. Start to 
spiral. You are then ready to connect to the higher forces of Universal and Heavenly Chi. 
The Three Minds are the Upper, Middle and Lower, or three Tan Tiens. The Upper Mind 
is the one we have been closely related to most of our lives. It is the logical thinking, 
planning, calculating and worrying mind; it consumes 80% of our body’s energy. 
The key is to learn ‘to releas the mind’ by learning to sink the Chi to the Lower Tan Tien, 
whereby it can be used in synergy with the other two. 


B. Activate the Six Directions 

Activating the six directions is for opening the whole body, mind and soul to all of the 
Universal and Cosmic forces in all directions. We literally learn to draw in the Universal 
and Cosmic forces from all directions at the same time. This is important for healers 
so they are not using their own energy for healing but drawing on the limitless Universal 
forces. 

Expand your awareness to connect to the universe and the Six Directions at the 
mideyebrow and crown; left, right, front, behind, above and below. Connect to the uni- 
verse, collect and spiral the energy into your Lower Tan Tien. 


C. Activate the Three Fires 

Activate the Tan Tien, Kidney and Heart Fires to create a Sacred Fire Triangle. Move 
from the Tan Tien to the Heart, the Heart to the Kidneys and the Kidneys back to the Tan 
Tien. 
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D. Linking Personal Stars, Energy Bodies and the Universe 

World Link is a way for intelligent life force to return to the source; inwards and 
upwards. Become aware of the ‘personal stars’ above the crown and below the earth.We 
link with our own personal stars and then with the stars of each person in a group. This 
links the energy bodies of everyone in a group together. Start to spiral your energy and 
connect to other peoples’ stars and energy bodies. Make a left spiraling pattern, pro- 
gressing around the circle in a clockwise rotation. Link all of these stars together and 
form one large energy body. Each meditator will become an individual unit in an 
integrated communication link. A link between the earth and the universe. 


E. Protective Circle and Chi Field 

We create Chi Fields, Protective Animals and call the Eight Forces to protect the 
group from disturbances and psychic attacks. Raise your right (or leading) hand in the 
air and access the ‘Sacred Fire’ of the universal cauldron. “Feel your fingers becoming 
big, long and hollow’, as they reach into the Sacred Fire. The Chi will fill and pack your 
arm as you bring it down into your body. Use Yi-Power to create the Sacred Fire Pro- 
tective Circle. The fire will purify and protect the circle. You can cast a circle around 
your community, house, room and body. This will create an energetic field of Chi around 
the whole room. 


Then Create a Chi Dome. Invoke the ‘guardian animals’; Blue Tortoise from the north, 
Red Pheasant from the south, Green Dragon from the east, White Tiger from the west, 
Yellow Phoenix from above and Black Tortoise from below. 


Finally, activate the Eight Elemental Forces of Nature and the Universe. Call the 
forces of fire, water (ocean), thunder (lightning), lake (rain), earth, mountain, wind and 
heaven. Activate fire in the north, water in the south, lightning in the east, and rain in the 
west. 


F. Chi (Sacred) Water Practice 

Invoke the power of the Sacred, Chi or Holy Water practice to cleanse and heal the 
body’s sick, toxic or negative energy. Make a request to receive healing energy and feel 
yourself touch a heavenly pool of sacred water energy. Feel the pool pouring down 
heavenly water to fill your arm. 

Use the thumb and index finger to remove the sick energy from the cup, without 
touching the water. Talk to the sick cells. Let the sick energy return to the earth for 
recycling. Fill the water with your heart's compassion. Give the command: “This Sa- 
cred Water will give health, wealth and longevity”. Cosmic Healing works on a cellular 
level. It is the water’s ‘job’ to carry the message of the practice to all the cells, where it 
will remain. Drink the water in unison with the rest of the group. 
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G. Empty and Fill 

The Empty and Fill technique is emptying the sick energy into the earth and 
filling with healing Cosmic Force Energy. Project your ‘sword’ hand (middle and 
index fingers) down to the ground. Project the hand ‘very big and very long’ and your feet 
‘very big and very long’ - extended down to the ground. Now very slowly inhale, bring up 
the earth energy. Bring the energy up to your feet and into your bones. Let it enter all the 
bones, organs and cells. Feel it blending with all the sick energy. Turn your palm up, turn 
it back down again and exhale; let go of all the sick energy, the negative energy, the 
worries and burdens, all the way down into the earth. Repeat this three to nine times. 
Dig a hole and bury all the sick energy; tell it, “Do not come back; you will be happy down 
there.” Smile. 


H. Clean with Green Light 

The Green light is for cleaning the cells. This is vitally important because the cells 
must be clean for healing. Green can help detoxify the toxic cells. Green Chi is mild and 
safe. Green Chi is used for cleansing, and as a decongestant for diseased parts. It 
‘loosens’ the area. The light green Chi is used to break down dirty or diseased energy, 
like a detergent is used for washing clothes or dishes. 

Afterwards, the cells will be rinsed with blue light, like clean water is used to rinse the 
detergent and residue from clothes or dishes. 

When you carry out healing try to ‘see’ the cells enlarged and this green energy go in 
and blend with the dirty, black and cloudy energy. See it come out and let it go down to 
the earth. Dig a hole and bury it there. Tell it, “Don’t come back. You will be happy down 
there”. Become aware of the green light and spiral counter clockwise. Spiral down. 
Cleaning out the stress. Repeat as many times as you like, three times minimum. 


I. Clean with Blue Light 

Blue is like cold water; it has the yin power to dissolve all kinds of negative energy 
and sickness. It has an inhibiting effect. Blue yin energy is the opposite of red yang, 
which has a strengthening and stimulating effect. 

Blue has a cooling effect; it can reduce pain and inflammation, and it can help blood 
clot. It stops bleeding and reduces fever. It can help to induce rest and sleep. 


J. Charge with Violet Light 

Charging with Violet light holds the highest healing energy. When the cells are clean 
they will absorb and hold the Violet light and the healing will take place. Luminous Violet 
has intelligence and can be programmed. The universe is full of violet light, especially 
the North Star and the Big Dipper. The color of the star of the higher self or soul, above 
the crown, is also violet. It is the color of Divine or Soul energy. 
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It has properties of other Chi colors. It has a rapid regenerating effect on damaged 
organs and nerves. Always use green and blue light before using violet. Violet light 
develops the crown center, the spiritual core. It is good for psychological ailments as 
well as for physical deficiencies. 


K. Activate the Immune and Defense System 

The body has various mechanisms which combine to provide protection and de- 
fense against illness and disease. These mechanisms enable the body to produce 
various cells and bodies which act against invading or unwanted substances. As soon 
as a foreign body is recognized, the immune system will be triggered and will act to 
provide the most efficient means of eliminating the danger and return the body to a 
balanced state of health. A strong and healthy body will have good resources to protect 
itself from negative or sick energy. The aim of these practices is to help you to realize 
the potential of true harmony within yourself. To activate the immune and defense sys- 
tem is to increase the production of red and white blood cells. To do this we activate the 
bone marrow and lymphatic system. Guide the student or whole group together in all of 
these steps. You will not lose energy by doing this. You will gain more energy because 
you are all connected together in the group power. The crucial part is to multiply your 
good intentions, Chi and virtue energy into the cosmos, making yourself and each per- 
son a direct line from the Universe. After you finish the General Healing session you 
can tailor the healing techniques in the next chapters to the individual's needs. 
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Practice 
A. Three Minds into One Mind 


1. Smile to the Inner Universe 
Place your palms together in salutation, in front of your heart. Feel the Laogong 
points in your hands connect, creating an energy loop running from your heart through 


your arms and hands and back again. 


Laogong Point (Pericardium 8) 





Fig. 4.1 A. Empty the mind down to the lower abdomen. 
B. Activate the heart’s compassion. 


2. Activate the Heart Compassion Energy 

Smile to the heart and feel it softening. Feel love, joy, compassion and happiness. 
Smile down and empty the mind to the Tan Tien, the Abdominal Brain. Fill the Tan Tien 
with Chi and start to spiral. When the abdomen is warm, it is full of Chi. The Chi can 
then charge up to the brain. 
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3. Combine the Three Minds into One 


1. Turn Upper Mind to observation mind. 
2. Turn consciousness (Middle Mind) down to Lower Tan Tien. 
3. Combine three minds into one mind at the 
Lower Tan Tien (the Yi). 
4. Manifest out at the mideyebrow. 





Fig. 4.2 ‘Three Minds into One’. 


B. Activate the Six Directions 


Expand the awareness to connect to the universe and the Six Directions at the crown, 
mideyebrow, heart and Tan Tien. 





Fig. 4.3 Trust and believe - turn visualization into actualization. 
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C. Activate the Three Fires 


1. Tan Tien Fire - Activate the Tan Tien Fire: 
Smile down to the abdomen to create a burning stove near the lower lumbar and 
sacrum. Create a fire ball behind the navel, above the stove. 
2. Kidney Fire - Activate the Kidney Fire: 
Always retain awareness at the Tan Tien and keep it spiraling. 
3. Heart Fire - Activate the Heart Fire: 
Keep the heart soft and fill the heart with joy, love and happiness. 





Fig. 4.4 A. Activate the Lower Tan Tien Fire. B. Activate the Kidney and Adrenal Fires. 
C. Activate the Heart Fire. 


4. Sacred Fire Triangle 

The Sacred Fire Triangle has triple force. Make a triangle from kidneys to navel (Tan 
Tien). From the heart make the connection to the kidneys. Move from the Tan Tien up to 
the heart. 


5. Cosmic Star and the Earth Star 

At the moment of conception, the two forces yin and yang connect with such a force, 
then only fractions of a moment later, the two forces explode into nine different Energy 
Centers. Seven of them we find in the body and two of them outside the body, forming 
our personal stars. 
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Fig. 4.5 Three Fires into One Fig. 4.6 ‘Personal Star’ Energy 


Personal Star 
(Moon/Earth) Energy. 





The two personal stars are in fact energy centers connecting the aural field of each 
individual with the universal forces and the earth forces. In a way one can see the aim of 
Taoist Inner Alchemy in bringing these nine forces together, merging them into one 
force and thus enabling the return to the original force, the Wu Chi. 


There is a star about six inches above your crown and another one about one to 
three feet below the soles of your feet. They are also known as the higher self, guid- 
ance, protector, adviser. These stars are our connection to the cosmic force, the uni- 
versal force and the earth deep below us. 


Always make sure your Tan Tien is warm and the sacrum and mideyebrow are breath- 
ing. Be aware of the crown breathing and see a star or a small sun above you. Be aware 
of the crown and feel a light beam extend out of the crown and make a connection to the 
star above you. Keep on breathing until you feel a strong connection. Feel how the star 
above you is exercising a strong pulling force on your crown. Once you feel this pull on 
your crown you will also feel a strong pull down from the earth. Be aware of the star 
above and the earth and universal force below you. Feel that both of them have a strong 
pull on you. 


1. Reconfirm the star above you and the earth directly below you. 

2. Fix the image of the North Star and the Big Dipper six to nine feet above your crown. 
See the cup of the Big Dipper filling with the violet light, which gathers Chi from the 
North Star and the universe. 
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3. Reach up with your left hand, and hold on to the handle of the Big Dipper. 
Pour the violet light down to your personal star 4 to 6 inches above your 
head, in order to predigest the energy of the violet light. Then let it flow down 
to your crown, into the Upper Tan Tien, to be processed and flow down to the 
heart center (Middle Tan Tien) or to the back of the head down to C-7 (Cervi- 
cal 7) and T-2 (Thoracic 2) and down to the palms. 

In Taoism we consider that the North Star emits a violet light, which is regarded as 
the highest healing light and the Big Dipper as emitting a red light. 

You can do these meditations sitting, or standing in the Chi Kung posture. The 
standing position will support a stronger structure and provide a better connection 
with the earth. 


an " a 
ae 





fiat) "us 
Fig. 4.7 The North Star, Big Dipper and Galaxy spiral above. 


4. Always remember to breathe in slowly so you can process the awareness of the 
Lower Tan Tien. Feel a suction, warmth (Chi) and continue to breathe in and be 
aware of the suction of the crown, North Star and Big Dipper above you. 
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D. Linking Personal Stars, Energy Bodies and the Universe 


Be aware of your ‘personal stars’ above and below and connect to other peoples’ stars 
and energy bodies. 

Three minds unite, one mind aware of the stars above you and a star below you. 
Connect these stars to the people around you. Think about the bright light above the 
crowns of other people. Start to spiral your energy to connect to each of them. Group all 
the stars into one energy body and connect all the way to the center of the universe. 





Fig. 4.8 World Link Meditation 
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1. Center Channel and Personal Star above 


—_ 


Soul, personal star or higher self 


Se 







-™§ <— Upper Tan Tien (Upper Brain) is the 
if Center of Observation. 


Middle Tan Tien (Middle Mind) is 
the Center of Consciousness. 


Lower Tan Tien (Lower Brain) is the Seat 
of Awareness. 


Fig. 4.9 Connect Heaven to Earth 


Connect the Central Channel to the 
using the Central Channel. 


Upper and Lower Universe. 


2. Use Yi power to connect to your Personal Star above 


a 
a= 


f @ _+— Personal Star 
‘e 


4 


Observation ___§ F. 


Consciousness 


When the abdomen fills with 
Chi it will rise up and fill the 
upper brain. Connect to your 
personal star, six inches 
above your head. 


Awareness 


Fig. 4.10 Connect to your Personal Star Energy using ‘Yi’ Power. 
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3. Connect your Personal Star to the Personal Star of each person 
Connect your personal star to each person and then to the universe. 


4. Create a Chi Body becoming the major connecting point. Counterclock- 
wise spiral to connect each person’s star into a larger group star. 


Universal Force _—-—— 





Fig. 4.11 Link with Each others Personal Stars. Fig. 4.12 Connect into Group Star. 
5. Meditators become satellite links and 

create a group energy body. a 

The World Link meditations become an inte- 

grated communication link. They are linked to i 


the earth and the universe. Spiral and connect 
each person’s star together and group the en- 
ergy into one energy body. This energy body be- 
comes an integrated communication center for 
each person in the group. We can be connected, 


Ns 
=r 2. 
wherever we are. Each person can connect and | a. 1 
become their own ‘Center of the Universe’. (eure wy | 
4 ia 


+ 


Fig. 4.13 Form a Satellite Link and create a Group En- 
ergy Body. 
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E. Protective Circle and Chi Field 


Raise your hand up and become aware of the ‘Sacred Fire’ in the universe. Feel that 
your fingers are very ‘big’, very ‘long’ and touch the fire. Bring the fire down. Make a 
circle around your community, your house, Tao Garden, the meditation hall and around 
your bodies. Create an energetic field of Chi around the whole room. 


Sacred or Chi Fire 
Connect and Receive Fire from the Universal Cauldron 


1. Activate the Sacred Fire in the Universe 
Be aware of yourself. Feel your arm and fingers ‘big’, ‘long’ and ‘hollow’. Reach to 
the universe to the Sacred Fire. Let the Sacred Fire fill and pack your arm. 


2. Use Yi-Power to Create Sacred Fire Protective Circle 


Use the Yi Power to draw the Sacred Fire 
Circle on the ground around your house, 
office and the room you work in. 





A. B. 
Fig. 4.14 A. Create a Group Energy Body. B. Sacred Fire ‘Protection’ 
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3. Create a Chi Dome 

Set up the ‘guardian animals’, Blue Tortoise in the north, Red Pheasant in the south, 
Green Dragon in the east, White Tiger in the west, Yellow Phoenix above and Black 
Tortoise below. 


South 


’ Fire-Li 








Earth-Kun 


Wind-Sun Harmony 





Thunder Lake-Tui 
Lightning Rain 
Chen East West 





Mou = 





Ken 


Water-Kan 
Yin 3 


North 


Fig. 4.15 Create and surround yourself with a Chi Dome and the Guardian Animals. 
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4. Activate the Eight Elemental Forces of Nature and the Universe 
Activate all eight forces; wind, mountain, fire and thunder on the east. Earth, lake, 


water and heavenly power on the west. 
Call the Eight Forces; fire, water (ocean), thunder (lightning), lake (rain), earth, moun- 
tain, wind, and heaven. ee 
Fire-Li 
Yang 


Wind-Sun South al 





= Lake-Tui 





Thunder 
Lightning Rain 
Chen East West 
Mountain Heaven 
Ken Chien 
. o North 





Ez 
Water-Kan 
Yin 


Fig. 4.16 Activate the Eight Forces. 
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In the next sections F,G,H,I are practices that are for cleaning the cells. 
The more you clean the cells the more the Cosmic Healing can take place. 


F. Chi (Sacred) Water Practice 


The Sacred Water practice (also known in the West as Holy Water) is to exercise the 
right of being the creators of the Cosmos. With strict and absolutely regular daily water 
intake to prevent the stresses and associated damages of dehydration, the chief con- 
ductor and supervisor of the body’s well being — tryptophan and its neurotransmitter 
derivatives, serotonin, tryptamine and melatonin will be well positioned to regulate all 
functions. Regular daily walks will keep muscles well coordinated and correct any physi- 
ological processes that are established in the body as a result of anxiety or emotional 
stress. 

A well hydrated and healthy skin needs water to constantly replace that which it 
loses to the outside environment. This then allows blood vessels to the face and the 
body to open up and provide necessary nourishment for exposed skin cells. 

Science has discovered that even if we clean water through filtration processes, 
although it may look and taste alright, closer analysis using high powered microscopic 
technology, indicates that its cell structure is ‘unclean’. Water, like humans, maintains 
the memory of its old ‘self. We store our ‘memory’ within our DNA; water stores its 
memory within its cells. 


The world is about 70% water 





Fig. 4.17 Water is Life. 
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The following three pages contain extracts from the book ‘The Message from Water’ by 
Masaru Emoto. It advises us that ‘water is telling us to take a closer look at ourselves - 


water is a mirror reflecting our mind.’ 





After offering a prayer 

to the Fujiwara dam 

the message is reflected 
in the water. 


te Se! LA 
= 





Chi and Love Love-Appreciation 





Let’s do it Do it! 


Fig. 4.18 The Human Body consists of 70% Water. 
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When we project Chi and love into water 
and then freeze it; it will turn into a 
‘regular’ and well structured crystal. If 
we project negative energy into water, 
the opposite will apply. Our projections 
will access the cellular level, clean out 
the polluted cells and reprogram those 
remaining with the essence of our 
affirmation. 

When we project a nice, loving 
instruction or thought into water, like 
‘let’s do it’ the water will pick up this 
vibration and restructure itself. If we 
project negativity into the water, like a 
command, ‘do it!’, the water will 
acknowledge this accordingly. When 
we look into a pond we see our image. 
If we drink a glass of negative image 
water its destructive energy will enter 
our system and attempt to multiply. 


Chapter IV 


Research has demonstrated that if we completely filter polluted water, using every 
process available, it will still maintain its old vibration and unstable structure. It will maintain 
memory in the same way that a computer does. We must therefore reprogram the cells 
with our intent. 

If the water we drink contains too many pollutants and antioxidants it will eventually 
poison us. 

As we can see from these pictures, there is an enormous difference between natural 
spring water and regular city water. It is now quite clear that if we program water so that 
it becomes, sacred, holy or Chi water, then it will have the power to remove all antioxidants 
and pollutants — all sickness. It will have the power to reprogram the water within our 
bodies, to carry the same pure structure. 





# 





London Tap Water Paris Tap Water 





a 
‘all rT he : 

Under Ground Water Buenos Aires, Argentina Spring Water of Saijo, 

in Northern Island, Hiroshima Prefecture 


New Zealand 


Fig. 4.19 Healing or hurting? 


85 


General Healing Session 


We can also use music to e 
program a vibration into water. ' 
Classical music will create a 
vibration that synchronizes with 
our own health, whereas heavy _ : 
metal music will have a feat a Pye 
tendency to ‘shatter’! > 









oa wt * 
“You make me sick”, You Fool 


or “I will kill you”. 
"ag 








. aes a ' : 

Heavy Metal Music Thankyou Folksong of Celtic Healing Music 
Region in UK 

Fig. 4.20 Power to heal or harm? 


Similarly, when we program our emotions regarding other people into water, the 
effects are the same. If we think negatively of someone, then the response will produce 
a bad vibration. If we think kind, loving thoughts then the structure will be like a beautiful 
crystal. If we love Mother Theresa and send this energy into the water, a wonderful 
crystalline structure will be created. Sick water can be transformed into healthy water. 
Healthy water can be transformed into sick water. The human body consists of 70% 
water. The key is your intent and your ability to believe that healing comes from the 
nature of your vibration. Always be open to receive. 


‘ r Tr 
~qW.°% 
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Adolph Hitler Mother Teresa Dirty Beautiful 
Fig. 4.21 Sick or saintly? 
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Joe 


Ingestion of Indigestible Material 
Fig. 4.22 With the Power of the Sacred Water Abnormal Cells can be cured. 
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A positive mental 
attitude will be 
transmitted into the 
cells of the water 
contained within our 
own body. We must 
consciously practice 
inner work until it 
becomes reflexive. 








General Healing Session 


Outline of Sacred Water Practice 


Invoke the power of the Sacred Water practice to cleanse and heal the body’s sick, toxic 
or negative energy. If you are working with a group of people, direct your energy 
through the energy body overhead and into each person’s star, as you guide 
them through the procedure. 


Vi. 


Vil. 


Hold a glass one quarter full of water in your left hand, folding the middle and the 
ring fingers into the center of the palm. 

Hold the glass in front of your body as you point the ‘Sword Fingers’ of your right 
hand up to Heaven. 


. Make a request to receive healing energy and feel yourself touch a heavenly pool of 


sacred water energy. Feel the pool pouring down heavenly water to fill your arm. 
Place your fingers on the cup and ask: 

Command 1: “Yin power and good fortune come from the east. Yin power 
please dissolve all negative energy, all sickness and bad fortune”. Make a 
cross over the top of the cup. 

Bring your arm down and point the sword fingers around the inner rim of the glass. 
Smile as you circle the fingers around the rim. 

Command 2: “By my request. Please carry out the order now.” Repeat this 
three times, charging the water with Yin Power. Project your thoughts into the wa- 
ter. 

Use the thumb and index finger to remove the sick energy from the cup, without 
touching the water. Do this three times. Talk to the sick cells. Tell them to listen to 
your command: 

Command 3: “All sick cells please listen: Clear, clean and bright, this 
Sacred Water will take all the sickness away.” 

Repeat the order and visualize yourself removing the sick energy from the cells and 
giving it to Mother Earth for recycling. 


VIII. Hold the cup with both hands near your heart. 


Command 4: “This Sacred Water will give me/you health, wealth and 
longevity.” 

Project love, joy, thankfulness, gratefulness, appreciation and the energy of com- 
passion into the cup. 

The Sacred Water will carry the message of the practice to all the cells, where it will 
remain. If you are practicing in a group, drink the water in unison. If you are working 
with a student, pass them the glass to drink using both hands. 
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Step I: Prepare the Hands and Arms to Receive the Universal Chi 
Left Hand Position: Prepare to hold a cup or glass with the left hand by folding the 
ring and middle finger into the center of the palm. Hold the glass in front of the body. 


r | | 





A. B. 
Fig. 4.23 A. Fold Ring and Middle Fingers. B. Hold Glass in Front of Body. 


Step Il: Prepare the Sword Hands to Receive the Universal Chi 

Right Hand Position: Form the right hand into a ‘sword hand’ by folding the pinkie, 
ring fingers and thumb into the palm. Straighten and hold the index and middle fingers 
together and extend them upward. 





Fig. 4.24 Prepare to receive the Universal Chi. 
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Step Ill: Fill your Arm with the Power of the Heavenly Pool 

Sense the sword fingers and the arm as being ‘long’ and ‘big’ as you raise them 
towards Heaven. Sense that the middle of the arm is hollow and bottom is sealed at the 
shoulder. The mind’s attention is focused on merging with the primordial Chi of the 
Universe, the energy of your thoughts will be multiplied. 

As you make your request to the Universe, feel that you are touching a heavenly pool 
of Sacred Water Energy. Feel that the pool is pouring down like a waterfall to fill the arm. 
When it is full compact, compress the Sacred Energy into it as much as you can. 





Fig. 4.26 A. Blessing Sacred Water in Russia. B. Opening the Third Eye in Russia. 
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Step IV: Make the Cross on the Top of the Cup 


Put Sword Fingers on top of the Cup. Ask for the Yin Power: Command 1: “Yin 
Power and good fortune, come from the east. Yin has the power to dissolve all 
negative energy, all sickness and bad fortune.” 

Command 2: Make the cross on the top of the cup and say “By my request......”. 


= 





Fig. 4.27 Give the command: “Fortune comes from the East - Yin has the power to dissolve all 


” 


negative energy, all sickness and bad fortune. By my request....”. 


Step V: Charge the Water to Transform it into Sacred Water 


Bring your arm down and point the sword fingers into the glass of water. Smile and 
circle the sword fingers around the inner rim of the glass. 

Continue to order: “Please carry out the order now.” Repeat 3 times to charge 
the water with the Yin Power. As you do this, project a good thought into the water. 


Fig. 4.28 “Please carry out the order now” 
Repeat three times, charging the water 
with the yin power. 





91 


General Healing Session 


Step VI: Command 3: “All sick cells please listen : Clear, Clean and Bright, this 
Sacred Water will take all the Sickness away.” 


Give the above command. Use the thumb and index finger to pick up sick energy 
from the cup, without touching the water. Do this three times. 





Fig. 4.29 “All sick cells please listen: clear, clean and bright, 
this sacred water will take my/your sickness away”. 





} a 7 
Fail 4 
Ls - 
is f i 
_——_ / 
i _ f= a r 
at = | ' 
: = ai 
y J | 
& } = 
) = all 
a ai Fis Pip, 1 = 
7 1 = 
J F et 7 
: a 4 - s | 
i. = , a 
—— = 
B. 


Fig. 4.30 
A. Ask for the power to see the cells - if they are toxic and dark, ask for them to be cleaned out. 
B. “Clear, clean and bright”. 
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Step VII: Let go of the Sick Energy to be transformed by the Earth 
As you repeat the order, picture yourself removing the sick energy from the cells 
and discarding it down into the Earth to be transformed and recycled. 





Fig. 4.31 Sick Energy return to the Earth. 


Fig. 4.32 See the Cells become Clean, Bright and Smiling. 
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Step VIII: Fill the Water with Compassion 


Hold the cup with both hands near the heart and project goodness into the water. 
Command 4: “This sacred water will give me/you health, wealth and longevity.” 
Project love, joy, thankfulness, gratefulness, appreciation and the energy of com- 


passion into the cup. 


Fig. 4.33 “This Sacred Water will give 
you health, wealth and longevity.” 


Step IX: Drink the Sacred Water 


The Sacred Water will carry the 
message to all the cells. It will Keep 
the message of the Sacred Wa- 
ter practice in all the cells. Use 
both hands to pass the Sacred 
Water to the student you are work- 
ing with, or drink it yourself and/or 
in unison with your group. Feel 
the water go into all the cells 
of your body. Feel it removing 
the sick cells and purifying your 
body. 

You can also sprinkle it on 
to any area that requires heal- 


ing. 


Fig. 4.34 Drink the Sacred Water. 
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G. Empty and Fill 

Ask for permission to work on the student by communicating with their personal star. 
Point your sword hand down to the ground. Project your hand ‘very big and very long’ 
and your feet ‘very big and very long’ - extended down to the ground. Now very slowly 
inhale, bring up the earth energy. An important part of the practice is to extend a ‘line’ 
down from universe into yourself and one into the student. The line sinks through the 
Tan Tien into the universe below. You can send your energy up to your energy body and 
it will be brought down to the energy body of the other person. 










Fig. 4.35 Feel your hands are long as Fig. 4.36 Project the other person’s legs 
down into the earth they extend. deep into the earth. 


. in | — | 
Fig. 4.37 Blend the universal energy and Earth Chi - bring it into all of the bones and cells. 
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Bring the energy up to your feet, into your bones. Let it enter all the bones, organs 
and cells. Feel it blending with all the sick energy. Turn your palm up, turn it back down 
again and exhale; let go of all the sick energy, the negative energy, the worries and the 
burdens all the way down to the earth. Down, down, down to the earth. Again from the 
earth up. Do it at least three, six or nine times. When people are very sick, you need to 
clean them thoroughly. Bring the earth energy up into your bones again. Feel numb, 
tinkling electricity flowing in all your cells. Return the energy down, down, down to the 
earth. Relax, let go; worries, burdens, let everything go. It is very important to say to 
yourself or group: “You must let go of all your sick energy. Let go of all your bur- 
dens. Let go of all your worries, down to the earth”. Repeat it once again. Inhale 
from the universe and into the earth. From the earth let it enter into your bones. From 
the bones all the way to your inner self. Feel the energy blend with the sick energy. 
Exhale and let go of all your sick energy, any negative emotions burdens, worries, anxi- 
eties; release them all the way down into the earth. 





Fig. 4.38 Bring the Universal Chi down and let it blend with the sick and negative energy. 
Bring it down into the earth and bury it there. 


Empty negative, sick energy, burdens, worries, go deep down into the earth. Dig a 
hole and bury them there - tell them “Do not come back; you will be happy there.” 

Feel that the feet are long and extended into the earth. The hollow bones have been 
compacted with compressed Chi. 
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Once again guide the good Chi 
from earth up to the fill the person 
again. See the cells as big as the stars 
and fill them with Chi to blend with the 
dirty and sick energy. Then empty 
them again down to the earth. 


Fig. 4.39 You can also use a Tree to 
guide the Chi down into the Earth. 





H. Clean with Green Light 


Become aware of your liver and breathe into your throat center. Feel that you are breathing 
the green light into your throat center and let it blend in the Tan Tien. The Chi comes up 
to blend in the heart, up to the crown, spirals and goes up to the universe. Raise your 
hand in a spiraling motion up to the universe. Use your ‘one hand’ to spiral in the uni- 
verse. Spiral clockwise first. Spiral green light from the universe. Now reverse, counter- 
clockwise - multiply and spiral counterclockwise, bringing the Chi down to clean out 
your communities, your house, the Tao Garden, the meditation hall, your bodies and all 
of the people that are ‘here’ - fill yourselves with Chi. You will use this power to see the 
cells. = , = 





7 U 

i ee 

Fig. 4.40 Spiral Sick Energy Counterclockwise down to the Earth. Smile to the Cells and let the 
Green Light clean out the sickness, flushing it down into the Earth below. 
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See the cells enlarged and this green energy go in and blend with the dirty, black and 
cloudy energy. See it come out and let it go down into the earth. Dig a hole and bury it 
there. Tell it, “Don’t come back. You will be happy down there”. Become aware of the 
green light and spiral counterclockwise. Spiral down, cleaning out the stress. Clean out 
your house. Send everything down into the earth. Repeat three, six, nine, thirty six or 
one hundred and eight times. This depends on how much sick energy you are dealing 
with in your body. 


Green: 


70% White 


30% Green 


Fig. 4.41 Clean with green. 


Green cleans and detoxifies all of the body’s cells. Green Chi is mild and safe. 
Green Chi is used for cleansing, and as a decongestant for diseased parts. It ‘loosens’ 
the area. The light green Chi is used to break down dirty or diseased energy, like a 
detergent is used for washing clothes or dishes. Afterwards, the cells will be rinsed 
with blue light, like clean water is used to rinse the detergent and residue from clothes 
or dishes. 


Throat Center Green 


Be aware of the liver’s green 
color, the throat and the forest. 
Breathe into the throat, feel your- 
self breathing in the green light. 
Guide it down to the Tan Tien, blend 
and move it up to the heart and the 
crown. 

Project it to the universe; spiral 
and let it multiply. 

Channel one direct line down to 
the student, one to your crown and 
one to your palm. 

Fig. 4.42 Blend Green Chi into the Three Tan Tiens - project to the Universe, 
multiply and bring the Energy back down to the Student. 
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Be aware of the liver, the gall bladder, the forest and 
the throat breathing. 

Be aware of the green light in the universe. Let the 
light come in and blend in the Tan Tien, up to the heart 
to blend with the compassion in the heart, and up to the 
crown. 

Project the light up to the universe. See it spiral and 
let it multiply. 





Always keep your Lower Tan Tien Fire warm. Spiral 
in your Tan Tien and spiral the energy down to the 
student. Spiral 1,000 revolutions per minute, 10,000, 
' 30,000 and 60,000. 


Fig. 4.43 Draw down the Green Light from the Universe. 


Cleanse and Remove Sickness 


Extend your arms up, with palms facing the heavens. 
Use one hand to spiral the green force down. The other 
hand holds the position and connects to the universe. 
Let this big pool of green light in the universe spiral down 
— through your community, your home and then into your 
crown. 

Let the Green light blend into the cells and bond with 
sickness and toxins. Let the green light bring the sick- 
ness out of the cells and flow down to the center of the 
earth. 

Dig a hole and bury it. Give the command: “Don’t come 
back. You will be happy down there. You will be trans- 
formed into good Chi.” Smile. Always smile. 

Repeat it six, nine or eighteen times. For people who 
are very sick, who have cancer or may be terminally ill, 
you can do this two or three hundred times. 


Fig. 4.44 Green Light bonds with the Sickness and Toxins 
before returning them to the Earth. 
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I. Clean with Blue Light 


Be aware the blue light, kidney blue. Breathe the blue light into the throat center. Now 
slowly blend the blue light in the Tan Tien. Blend the blue light in the heart, in the crown 
and project it up to the universe, spiraling clockwise. Then feel the universe pouring the 
blue light back down; counterclockwise. Spiral down. Look at the cells and see the blue 
light, like water, go in to the cells to rinse and clean all the dirty things, down, down, 
down to the earth. All the way down. Repeat three, six or nine times. Smile. 


Blue: 






70% White 


30% Blue 


Fig. 4.45 Rinse with Blue. 


Blue is like cold water; it has the yin power to dissolve all kinds of negative energy 
and sickness. It has an inhibiting effect. Blue yin energy is the opposite of red yang, 
which has a strengthening and stimulating effect. Blue has a cooling effect; it can re- 
duce pain, inflammation and can help blood to clot. It stops bleeding and reduces fever. 
It can help to induce rest and sleep. 


Throat Center Blue 


Be aware of the kidneys’ blue color 
and breathe the blue light into your throat. 
Guide it down to the Tan Tien, blend and 
move back up to the ‘heart of compas- 
sion’ and then the crown. 

Project up to the universe, spiral and 
let it multiply. 

Channel one direct line down to the 
student, one to your crown and one to 
your palm. 

Fig. 4.46 Multiply the Universal Blue Light - 


guide the Energy from the Throat, Heart and 
Crown into the Universe and back down. 
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Be aware of the kidneys, the bladder, the oceans 
and the throat breathing. 

Be aware of the blue light in the universe. Let the 
light come in and blend in the Tan Tien, up to the 
heart to blend with the compassion and up to the 
crown. 

Project the light up to the universe. See it spiral 
and let it multiply. 


Fig. 4.47 Draw the Blue Light from the Universe - 
rinse clean and remove sickness. 





Rinse and Flush 


Extend your arms in the air, with palms facing 
heaven. Use one hand to spiral the green force down. 
The other hand holds the position and connects to the 
universe. Let a big pool of green light in the universe 
spiral down — through your community, your home, 
and then into your crown. 

Let the blue light flush into the cells and flush out 
sickness and toxins towards the center of the earth. 

Dig a hole and bury them. Give the command: “Don't 
come back. You will be happy down there. You will be 
transformed into good Chi.” 

Repeat it six, nine or eighteen times. For people 
who are very sick, who have cancer or who may be 
terminally ill you can do this up to thirty six, seventy 
two or one hundred and eight times. 





Fig. 4.48 Blue Light flushes out the 
sickness and toxins before returning 
them to the earth. 
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J. Charge with Violet Light 


70% White 


30% Violet 


Fig.4.49 Intelligent Luminous Violet 


Luminous Violet has intelligence and can be programmed. The universe is full of violet 
light, especially the North Star and the Big Dipper. The color of the star of the higher self 
or soul, above the crown, is also violet light, the Divine or Soul energy. 

It has properties of other Chi colors. It has a rapid regenerating effect on damaged 
organs and nerves. Always use green and blue light before using violet. Violet light 
develops the crown center, the spiritual core. It is good for psychological ailments as 
well as for physical deficiencies. 


Primordial Force 


Turning the three minds into one mind, go deep into the empty space of the cell and 
deep into the chromosomes, magnify the space as you enter into the DNA and return to 
the original cells. The empty space is the Wu Chi. When you enter this stage you turn 
the subconsciousness into consciousness and you can talk to your body and cells. You 
can change the programming of DNA and RNA. 

Ask for the power to see the cells and look at the brain cells spread out into the 
space. “Brain cells please listen. Clear, Clean, and Bright: fill with violet light and return 
to normal function’. 


Violet Light into the Cells 


See violet light. Be aware of your crown. The Tan Tien Chi and the negative Chi all 
combine in the crown. Extend a violet light up to the universe. See the North Star in the 
Big Dipper. Tell the student to hold their arms in the air, so that they can funnel the Chi 
into their personal star. Bring the North Star and the Big Dipper down; hold the handle of 
the Big Dipper and pour the violet light over the student’s personal star. The higher cells 
will be programmed. Let the Chi enter the brain and ask for the power to see the brain 
cells. “Brain cells listen to the command”. If there is sickness in the brain, give the 
command. “Sickness go away”. 
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The North Star is a major source of vio- 
let light. 

The Big Dipper is a major source of red 
and infrared light. Taoists understand that 
the cup of the Big Dipper gathers all the 
violet light from the universe. The left hand 
holds the handle of the big dipper - pour it 
down to your crown. It then flows down 
throughout the body. 





Fig. 4.50 Connect with the North Star to receive the Violet Light. 


Spring 


Summer 
Winter 





Fig. 4.51 Practitioner connects with Universal Violet Light. 
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Bring the violet light down to the student’s personal star above their crown. Pause to 
let the higher cells of the brain reprogram the violet light at the personal star. Continue 
to spiral the violet light down through the cells of the brain and down through the cells of 


the whole body. 





if 


Fig. 4.52 Pause to reprogram the Violet Light at the other Person’s Personal Star. 





Fig 4.53 Lead the person and guide them to follow you. 
Tell them to focus on the part of their body that you are working on. 


104 


Chapter IV 


1. Ask for the power to see into the cells of the brain. Ask the student to move their 
hands to cover their brain. “Brain cells listen to the command: Sickness go away. 
Clear, clean and bright; fill with violet light and return to normal function’. 


Frontal Lobe 
Parietal Lobe 









Occipital Lobe 


Temporal Lobe 


Cerebellar Hemisphere 





Pineal Gland 







Hypothalamus 


Cortex of Cerebellum 


Pituitary Gland 
Mammillary Body 


Ponas Medulla Oblongata 


Fig. 4.54 “Clear, clean and bright; fill with violet light and return to normal functions”. 


Brain Cells 





Fig. 4.55 ‘Intent’ to Heal. 
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2. Ask for the power to see the cells of the sense organs. Ask the student to move their 
hand to cover their senses. Give the command: “Eyes, ears, nose, tongue and mouth 
cells listen to the command. Sickness go away. Clear, clean and bright; fill with violet 
light and return to normal function”. 


Light 


> Conjunctiva 






Retina 
Blood 

Vessels 
Lateral 
Rectus 
Muscle 





Optic (Il) Nerve Optic Disk (Blind Spot) 


Fig. 4.56 “Eyes, listen; clear, clean and bright; fill with Violet Light and return to normal function”. 









Semicircular Canal 


Cochlea 


Eardrum 
Elastic Cartillage 


External Auditory Canal 


Fig. 4.57 “Ears, listen; clear, clean and bright; fill with Violet Light and return to normal function”. 
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Olfactory Tract 








Epiglottis 
Root of Tongu 






Olfactory Bulb 


Olfactory Nerve 
Bitter 


Sour 


Salty 
Sweet 


- Superior Nasal Canal 


Nose Tongue 


Fig. 4.58 
“Nose, tongue, listen; clear, clean and bright; fill with violet light and return to normal function” 


3. Move your hands down to your throat center and give the command: “Thyroid, par- 
athyroid and Thymus glands, listen to the command; Clear, clean and bright; fill with 
violet light and return to normal function”. 














Right Lobe of Larynx 
Thyroid Gland Left Lobe of 
Thyroid glan 
Common Carotid Artery 
Trachea 
Stern 
Throat Center 
Thyroid 
Parathyroid Glands 
(Behind) 
’ — 
Thymus = 
Gland A ~- Thyroid Gland 


Trachea 


Fig. 4.59 
“Thyroid, parathyroid and thymus glands - listen; clear, clean and 
bright; fill with violet light and return to normal function”. 
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5. 


“Liver, gallbladder, pancreas and spleen cells please listen; 


. Move your hands to the heart and the lungs. Ask for the power to see the cells of the 


heart and lungs. Give them the command: “Lungs and heart cells, listen to the com- 
mand”. If there is no sickness, just clean them out. See the cells and clean them out 
with violet light. If there is sickness, tell the sickness to “go away - be clear, clean 
and bright; fill with violet light and return to normal function”. Make sure that you say 
this part aloud. Give the command in a very firm tone of voice. 


Fig. 4.60 
“Heart and lung cells please listen; clear, clean & bright; 
fill with violet light and return to normal function”. 





Move your hands to cover the left and right sides of the ribcage. Ask for the power to 
see the cells of the liver, gallbladder, spleen, pancreas and stomach. Give them the 
command: “Liver, gallbladder, spleen, pancreas and stomach cells, listen to the com- 
mand”. If there is no sickness, just clean them out. If there is sickness, tell the 
sickness to, “go away - be clear, clean and bright; fill with violet light and return to 
normal function”. Make sure that you say this part aloud. Give the command in a very 
firm tone of voice. 





Pancreas (Behind) 
Stomach 


Fig. 4.61 





clear, clean and bright: fill with violet light and return to 
normal function”. 
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6. Move your hands to the large and small intestine on the front of the abdomen. Ask for 
the power to see the cells of the intestines. Give them the command: “Large and 
small intestine, listen to the command”. If there is no sickness, just clean them out. 
See the cells and clean them out with violet light. If there is sickness, tell the sick- 
ness to, “go away - be clear, clean and bright; fill with violet light and return to normal 
function”. Make sure that you say this part aloud. Give the command in a very firm 
tone of voice. 


LT. A a he an See wa 
Saeed 
Intestines Healthy cells 
Fig. 4.62 “Small and large intestine cells listen to the command: clear, clean and bright; fill with 
violet light and return to normal function”. 





7. Move your hands to the kidney and sexual organs and ask for the power to see their 
cells. Give the command: “Kidney and sexual organ cells listen to the command: 
Clear, clean and bright; fill with violet light and return to normal function”. Gather the 
violet light again and let it pour down and fill all the cells. See the violet light again and 
feel and see that all the cells are, “clear, clean and bright”. Smile. 





Testes Ovaries 


Kidney 


Fig. 4.63 “Kidneys and Sexual Organs listen”. 
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Ps 


Sacrum Rectum Uterine (Fallopian) Tube 


1 





Clitoris 

Mons Pubis 

: Urethra 

Coccyx ; External Urethral Orifice 
Anus Vagina Urinary Bladder 


Urinary Bladder Seminal Vesicle 






Pubic Bone Rigetale 





Nucleus 


Egg Sperm 


Fig. 4.65 “Clear, clean and bright: fill with Violet Light and return to normal function”. 
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K. Activate the Defense and Immune System 

















The Defense System relates to the white blood 
cell and the immune system relates to the Lym- 
phatic System. 


Palatine Tonsi 








Submandibular Node 
Cervical Node 





Right Lymphatic Duct 


Thymus Axillary Node 


Lymphatic Vessel— 


Thoracic Duct Spleen 


Small Intestine 


Intestinal Node 


Large Intestine lliac Node 


Appendix 


Inguinal Node 






Hypothalamus 
Pineal Gland 
> Pituitary Gland 


Red Bone Marrow 


Adrenal Gland 
Pancreas 


Lymphatic Vessel 


Fig. 4.66 Ask the cells to listen to the command. 
The bone marrow produces red and white blood cells. The lymphatic system cleans the toxic 
and polluted material and bacteria from the cells. 
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T Cells and Macrophages Genneal 
Afferent ane B Cells ervical _| 
Lymphatic Vertebrae 
Vessels 
Valve Lymphatic Sinuses 
Reticular Fibers Thoracic | 
; Vertebrae 
=—— Lymphatic 
Lumbar | 
Capsule Vertebrae 
F Sacral | 
Solin : Vertebrae 
Lymphatic «* : 
Vessels 2 Lymph Node Coccygeal Vertebrae = 





Fig. 4.67 “Immune Cells and Vertebrae please listen: clear, clean and bright; 
fill with Violet Light and return to normal function”. 


Bone Marrow Tissue 


Ht) 





Sachin: The sacrum controls all the bones and marrow. It effects the production of 
red and white blood cells. The bone marrow produces the lymphatic cells (white blood 
cells). When the blood is full of Chi it becomes lighter. Negative emotions make the 
blood thick and acidic. The blood cells in a healthy body can live up to ten times longer 
than in a weak or diseased one. 

Bone Marrow: A tissue rich in fats, containing plenty of nourishment for the com- 
prehensive production of the different blood cells: red cells for the transport of oxygen, 
blood platelets for clotting and the various white cells for the immune system. 

Bacterium: Represents the foreign invader, but it is only one of many invaders. Para- 
sites, fungi, viruses, chemicals, mineral fragments, metal particles—these and a great 
deal besides, set the immune system to work. 

Thymus Gland: Perhaps the most important organ of the immune system. The vital 
training of the different T-lymphocytes takes place inside. When they pass through the 
thymus they receive a program to convert them into ‘T’ lymph cells. When they pass 
through the liver and large intestine they become ‘B’ cells and helper cells. 
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We have obtained Fig. 4.68 and the following text from the publication ‘The Body 
Victorious’ by Lennart Nilsson and Jan Lindberg. 

We hope that you find this short selection of material as informative as we did. 

“The illustration below is a highly schematic and simplified picture of our immune 
system. Top left, the pale yellow ‘house’ symbolizes the bone marrow, where all blood 
cells are born. Bottom Right, a solitary bacterium (yellow) represents the foreign invader 
that the immune system needs to combat. The light blue path represents the older 
defenses, with various feeding cells that tackle all foreign substances and also function 
as a kind of cleaning system. They deal with all the old, dead and used-up material in 
the body. The newer, special defense force, which develops later, follows the green 
path. Its cells are more specialized; they obtain their special training and reach maturity 
in organs such as the thymus gland and in the lymphoid tissue around the intestines 
and in the liver. In the lymphoid tissue, the yellow ‘half-way house’ (far right), the ‘B- 
lymphocytes are trained. These are the precursors of the large plasma cells - the pale 
green cells (far right) in the illustration, which produce the body’s sniper ammunition, 
the antibodies (Red and Y-Shaped). 


Bone Marrow - 





Killer Cell 


Bacterium =_ 


Fig. 4.68 
Bone marrow, bacterium and thymus please listen: clear, clean and bright; fill with violet light 
and return to normal function”. 
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The three paths from the thymus are intended to show that there are different types 
of T- lymphocytes - among others, aggressive killer cells, helper cells and suppressive 
cells. All of them have specialized tasks to perform when the immune system launches 
a counterattack. The three blue paths of the older defenses have three different kinds of 
feeding cells. First, the large and powerful macrophages (orange) advance on the enemy; 
then come the granulocytes (blue), smaller and faster moving, followed by the (pink) 
monocytes. The nuclei in the shimmering cell bodies are faintly discernable. In addition, 
there is an important complement system (middle), symbolized here by a multicolored 
range of small spheres flocking toward the foreign bacterium. These molecules play a 
large part in increasing the efficiency of both antibodies and feeding cells. In addition, 
they have the capacity to destroy bacteria by shooting holes in them. The complement 
factors are produced in many different cells in the body. 

Chi Kung has a very strong effect against viruses. Altough medical science is strug- 
gling to discover a medicine that will kill them, Chi Kung practice is able to prevent them 
from occuring in the first place. Whether we are sick or healthy, we all need our defense 
system to be in good shape. 


Defense System - Outline of Practice 


1. Work on yourself first to activate your sacrum. Project the sacrum as big as the 
universe. See the eight holes in the bone and visualize them breathing. Breathe and 
compress the Universal Chi into the bones. Feel the Chi begin to rise up the spine 
and into your mideyebrow and temple bones. When you feel that there is enough 
Chi, project it out to the universe, multiply it and spiral it back down. Project it towards 
the student and ask them to touch their sacrum. Rub your hands until warm and 
touch the sacrum. Picture the sacrum getting bigger and bigger, breathing into the 
eight holes. Tell the person to smile at the sacrum and start to work on your Tan Tien 
and universe. Multiply more energy and picture the Chi from the universe coming 
down to the sacrum of the other person (and your own) and then charge up the 
spine, to the rib cage, to the temple bone and to the mideyebrow. 







Crown . _ Cartilage 
Temple Bones ; 







Spongy Bone 
Third Eye 
Medullary Cavity 


Mideyebrow controls all Yellow Bone Marrow — 
the glands and energy Periosteum 
centers. 

Artery 
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. Tell the student to move their hands to the hip bones. Tell them to smile to these 


bones. Feel them as ‘funny, laughing, happy bones’. Tell them to feel the electricity 
in the sacrum and bone marrow. 


. Touch the femur bones. Feel the electricity running up the legs. 
. Touch the humerus bones. Feel the electricity running up the arms. 
. Touch the lower part of the sternum and feel the Chi penetrate into the bones and 


spread out to the rib cage. Feel the electricity run throughout the rib cage. 


Practice 


. Touch the sacrum, feel your fingers grown ‘long’ and penetrate into the marrow. Feel 


that the sacrum is as big as the universe and that the Chi has been compacted. Fill 
the sacrum with Chi. The eight holes are breathing. Let the fingers touch the sacrum 
and become aware of the Tan Tien spiraling, until you feel the crown and the 
mideyebrow spiral and connect to the universe. Hold until the universe fills the sacrum 
once again and rises up the spine to the mideyebrow. 


Bone Marrow Cells 





Fig. 4.70 Touch the Sacrum - see the Eight Holes breathing - fill the Sacrum, Mideyebrow and 


Crown with Chi - empty to the universe and ‘fill’ again. 


Sacrum Breathing to get Chi 


Breathe through the sacrum; feel red and yellow light enter. Guide it into Tan Tien. Blend 
the Chi in the Tan Tien. Move up to the Heart Center. Move up to the Crown and project 
up to the universe; let it blend and multiply. Multiply in the universe 


Open a direct channel down to the other person, and one to your palm. 
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Sacrum Chi 


Project the student’s feet down to the earth and connect to the earth’s core. 








Eight Holes Breathing 


— 





Third Eye and Temple Bones are aligned ina triangle. Activate the Sacrum until you feel the Chi 
rising up the spine and feel it pulsing; 
be aware of the Temple Bones. 


Fig. 4.71 Activate the Sacrum - Be aware of the Temples. 


2. Tell the student to move 
their hands to the hip 
bones. Tell them to smile 
to these bones. Feel 
them as ‘funny, laughing, 
happy bones’. Tell them 
to feel the electricity in 
the sacrum and bone 
marrow. Tell the student 
to pack and compress 
the Chi into the bones in 
order to revitalize and re- 
vive bone marrow. Give 
the command. “Produce 
healthy white and red 
blood cells”. 


Become aware of your arms. The 
bones are as big as the universe. 


Hip Bones 


Become aware of your legs. The 
bones are as big as the universe. 


Fig. 4.72 “Hip Bones produce healthy White and Red Blood Cells”. 
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White Blood Cell 
(Neutrophil) 





Leave the fingers touching the hip bones and start to 
spiral in the Tan Tien until you feel the crown and the 
mideyebrow also spiral. Expand your awareness to the 
Universe and the Universe will charge into the hip 
bones. 


Fig. 4.73 Touch and feel the bones. Leave your fingers there 
- lower your mind into the Tan Tien and the universe. 





3. Touch the middle part of the femur bone 
to help increase the production of 
healthy red blood cells. Feel the 
electricity running up the legs. Give the 
same command for the femur bones: 
“Funny, laughing, happy bones produce 
healthy white and red cells.” After that 
put your mind into the Tan Tien and 
universe so that the Chi can charge into 
the bones. Feel electricity run through- 
out the whole skeleton. 


Fig. 4.74 “Funny, laughing, happy femur 
bones produce healthy white and 
red blood cells”. 





4. Touch the humerus bones. Feel the electricity running up the arms.Give the same 
command: “Funny, laughing, happy bones produce healthy white and red cells.” After 
that, put your mind into the Tan Tien and universe so that the Chi can charge into the 
bones. Give the same command for the lower part of the sternum. Chi penetrates 
into the bone and spreads out into the rib cage ‘Tan Tien and Universe’. Put your 
mind into the Tan Tien and the universe so that the Chi can charge into the bones. 
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5. Touch the lower part of the sternum and feel it and the rib cage as funny, happy, 
laughing bones. Feel the Chi and electricity penetrate into the bones and spread out 
to the rib cage. Touch the lower part of the sternum. Give the same command again. 
“Produce healthy white and red cells”. After that you put your mind into the Tan Tien 
and universe so that the Chi can charge into the bones. 

You have finished activating the defense system. 


Touch the 3 


Humerus Bones re") 





Fig. 4.75 
A. “Humerus bones produce 
healthy white and red blood cells”. 
B. Tan Tien and the Universe. 
C. “Lower sternum produce healthy 
white and red blood cells”. 





Immune System 


1. The Immune System starts with the top part of the sternum. Touch the top part of the 
sternum. Project your fingers ‘very long’ into the bone and feel them penetrate right 
into the thymus. Activate the thymus gland. Gradually, feel the fingers rising up to the 
thyroid and parathyroid. Activate the thyroid and parathyroid and throat center. Give 
the command, “Clear ,clean and bright fill with violet light and return to normal function’. 

| 





Pericardium Heart 
Fig. 4.76 Touch the Top of the Sternum & activate the Thymus, Thyroid and Parathyroid Glands. 
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2. Move the fingers to touch both sides of the jaw bones to help activate the tonsils, the 
body’s first line of defense. The jaw bone affects the lymph nodes beneath, which 
include the tonsils. Fill them with Chi. Give the command, “Clear, clean and bright; fill 
with violet light and return to normal function”. 







Jaws control Tonsils. 


Fig. 4.77 Activate the Tonsils and Jaw Bones. 


3. Touch the mideyebrow and crown, which control the pituitary and pineal glands re- 
spectively. Touch the third eye, feeling it open and feel the light from heaven entering 
into your brain and into your body. Touch the crown. Feel your fingers reaching deep 
inside and feel the Chi penetrating all the way down to your perineum. Give the com- 
mand, “Clear, clean and bright fill with violet light and return to normal function”. 

Crown 


Third Eye 
Mideyebrow 
controls all the Glands \Vs__ 
and the Energy Center. *§ 


Fig. 4.78 Third Eye, Mideyebrow and the Crown affects the Immunity and Defense Systems. 


4. Rub both of your hands until they are warm and cross the hands on the neck and feel 
the lymphatic system has been activated. Cross your arms and hold your hands 
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under your armpits. Picture the 
lymphatic system of the armpits 
as you activate the lymph nodes. 
Give the command; “Clear, clean 
and bright fill with violet light and 
return to normal function”. The 
lymphatic system of the upper 
body is clear, clean and bright 
and the lymphatic fluid flows! 
Smile. 





Fig. 4.79 Lymphatic System of the Neck and Armpits are clear, clean and bright. 


5. Move the hands to the cover the groin area. Give the command to the lymph nodes 
there. Next, cover the lymph nodes of the navel area, and give the command; “Clear, 
clean and bright fill with violet light and return to normal function”. The groin and the 
navel area lymph nodes become clear, clean and bright. 












Tonsil 


Neck Lymph Nodes 
Thymus 


Navel Area 
Lymph Nodes 


_ Groin Area 
Lymph Nodes 





Fig. 4.80 
Activate the Lymph Nodes in the Groin. 
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Place your palms over your navel and activate the 
lymph nodes. Give the command; “Clear, clean 
and bright fill with violet light and return to normal 
function”. See them become clear, clean and 
bright. You have now activated the immune sys- 
tem. 


Fig. 4.81 
Touch and activate the Lymph Nodes in the Navel. 





Summary - General Healing Session 


This General Healing Session will help everybody. 
A Three Minds into One 


Ac—-rlamnmmoanw 


A. 


. Activate the Six Directions 

. Activate the Three Fires 

. Linking Personal Stars, Energy Bodies and the Universe 
. Protective Circle and Chi Field 

. Chi Water (Sacred Water) Practice 

. Empty and Fill 

. Clean with Green Light 

. Clean with Blue Light 

. Charge with Violet Light 

. Defense and Immune System 


Three Minds into One 
Smile to the inner universe, activate the heart compassion energy; feel the love and 


joy within. Smile and empty the mind and heart down into the Tan Tien. Fill the Tan Tien 
with Chi and spiral the energy. When the Tan Tien is full, the energy will rise up to fill the 
brain. Manifestation will occur at the mideyebrow. 


B. 


Activate the Six Directions 
Expand the awareness to connect to the Six Directions at the crown, mideyebrow, 


heart and Tan Tien. 
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C. Activate the Three Fires 

Activate the Tan Tien, Kidney and Heart Fires. 

Activate the Sacred Fire Triangle circulating the energy between the Tan Tien, kid- 
neys and the heart. Feel the energy’s force multiply. 

Activate the personal stars; the cosmic star above the head and the earth star below 
the soles of the feet. 

Keep the Tan Tien warm, and spiral at the sacrum and mideyebrow. Turn your eyes 
to look upwards and see the crown spiraling, connecting to the cosmic star about six 
inches above the crown point. Feel the cosmic and earth stars pull the body simulta- 
neously towards heaven and earth. See the cup of the Big Dipper fill with Violet Light, 
gathering Chi from the North Star and the universe. When the cup is full, pour the light 
down into the cosmic star above your head. Feel the violet light spreading throughout 
your entire system, filling the Upper, Middle and Lower Tan Tiens. 


D. Linking Personal Stars, Energy Bodies and the Universe 

Feel the central channel running from your cosmic star, through your three Tan Tiens 
and connecting to the earth energy below. Use you ‘Yi’ power to connect to the personal 
or cosmic star above the head. Connect the personal star to the stars of each other 
person in the meditation. Create a Chi body and become the major connecting point. 
Create a left spiral pattern to connect all the stars into a larger group. All the meditators 
then become a satellite, creating a group energy body. 


E. Protective Circle and Chi Field 

Raise the hands and touch the Universal Fire. Use your Yi to bring the energy down 
and manifest a Sacred or Chi Fire around the room, creating a protective circle. Create 
a Chi Dome and set up the guardian animals and/or angels. Activate the eight elemental 
forces of nature and the universe. 


F. Chi Water (Sacred Water) Practice 

Invoke the power of the Sacred Water practice to cleanse the body of all sickness, 
negative energy and bad fortune. Energize and renew the self at a cellular level with 
health, wealth and longevity. 


G. Empty and Fill 

Empty any remaining negative energy, sickness, burdens and worries, down in the 
depths of the molecular mother, the earth. Bury the energy there so that the earth can 
recycle it. Bring recycled energy up from the center of the earth into the body. Fill and 
compact the Chi into the ‘hollow bones’. See all of the cells on the horizon of your 
mind’s eye; spread them across the panorama and see the cells as big as the stars in 
the night sky. Fill them with Chi, blending it with any sick or grey energy. Then empty 
again, as you guide the all of the Chi back into the earth for recycling. If you wish, you 
can fill with earth Chi once again before you begin to ‘clean with green’. 
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H. Clean with Green Light 

Green cleans and detoxifies all of the body’s cells. Green Chi is mild and safe. Green 
Chi is used for cleansing, and as a decongestant for diseased parts. Be aware of the 
liver’s green color, the throat and the emerald forest. Breathe into the throat, feel your- 
self breathing in the green light. Guide it down to the Tan Tien, blend and move it up to 
the heart and the crown. 

Project it to the universe; spiral and let it multiply. Channel one direct line down to the 
student, one to your crown and one to your palm. Bring the energy back down and blend 
it with any sickness in the liver, gallbladder or anywhere else in the body. Spiral the 
energy counter clockwise and down into the earth. Continue cleaning with green until 
you see that all the cells have been charged with the emerald light of the forest. 


I. Clean with Blue Light 

Be aware of the kidneys’ blue sapphire color and breathe the blue light into your 
throat. Guide it down to the Tan Tien, blend and move back up to the ‘heart of compas- 
sion’ and then to the crown. 

Project up to the universe, spiral and let it multiply. Channel one direct line down to 
the student, one to your crown and one to your palm. Then feel the universe pouring the 
blue light back down; clockwise. Spiral down. Look at the cells and see the blue light, 
like water, go into the cells to rinse, clean and remove any sickness. Spiral the energy 
counter clockwise and down into the earth. Continue rinsing with blue light until you see 
that all the cells have been charged with the sapphire blue. 


J. Charge with Violet Light 

Luminous Violet has intelligence and can be programmed. 

Turn three minds into one mind, go deep into the empty space of the cell and deep 
into the chromosomes, magnify the space as you enter into the DNA and return to the 
original cells. Ask for the power to see the cells and look at the brain cells spread out 
into the space. “Brain cells please listen. Clear, Clean, and Bright: fill with violet light, 
back to normal function”. See violet light. Be aware your crown. The Tan Tien Chi and 
the negative Chi all combine in the crown. Extend a violet light up to the universe. See 
the North Star and the Big Dipper. Tell the students to hold their arms in the air, so that 
they can funnel the Chi into their personal star. Bring the North Star and the Big Dipper 
down; hold the handle of the Big Dipper and pour the violet light over the student’s 
personal star. The higher cells will be programmed. Let the Chi enter the brain and ask 
for the power to see the brain cells. “Brain cells listen to the command”. If there is 
sickness in the brain, give the command. “Sickness go away”. Continue to spiral the 
violet light down through the cells of the whole body. 

1. Ask for the power to see into the cells of the Brain. Ask the student to move their 
hands to cover their brain. “Brain Cells listen to the command;”Sickness go away. 

Clear, clean and bright fill with violet light and return to normal functions”. 
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oR & 


. Ask for the power to see the cells of the sense organs. Ask the student to move their 


hand to cover their senses. Give the command; “Eyes, Ears, Nose, Tongue and 
Mouth cells listen to the command. Sickness go away. Clear, clean and bright fill 
with violet light and return to normal function”. 


. Move your hands down to your Throat Center and give the command; “Thyroid, 


Parathyroid and Thymus Glands listen to the command; Clear, clean and bright fill 
with violet light and return to normal function”. 


. Move your hands to the heart and the lungs. Ask for the power to see the cells of the 


heart and lungs. Give them the command; “Lungs and Heart Cells listen to the 
command; Clear, clean and bright; Fill with violet light and return to normal function”. 


. Move your hands to cover the left and right sides of the ribcage. Ask for the power to 


see the cells of the liver, gallbladder, spleen, pancreas and stomach. Give them the 
command; “Liver, Gallbladder, Spleen, Pancreas and Stomach Cells listen to 
the command; Clear, clean and bright fill with violet light and return to normal func- 
tion’. 


. Move your hands to the large and small intestine on the front of the abdomen. Ask for 


the power to see the cells of the intestines. Give them the command; “Large and 
Small Intestine, listen to the comm and Clear, clean and bright fill with violet light 
and return to normal function”. 


. Move your hands to the kidney and sexual organs and ask for the power to see their 


cells. Give the command; “Kidney and Sexual Organ Cells listen to the com- 
mand; Clear, clean and bright fill with violet light and return to normal function”. Gather 
the violet light again and let it pour down and fill all the cells. See the violet light again 
and feel and see that all the cells are “clear, clean and bright”. Smile. 


. Defense and Immune System 


Defense System 


. Work on yourself first to activate your Sacrum. Project the sacrum as big as the 


universe. Breathe and compress the universal Chi into the sacrum until it rises up to 
fill your brain. Project out into the universe, multiply the energy and spiral it back 
down. Project it to the students and tell them to touch the sacrum. 


. Tell the students to move their hands to the Hip Bones. Tell them to smile to these 


bones. Feel them as ‘funny, laughing, happy bones’. Tell them to feel the electricity 
in the sacrum and bone marrow. 


. Touch the Femur Bones. Feel the electricity running up the legs. 
. Touch the Humerus Bones. Feel the electricity running up the arms. 
. Touch the lower part of the Sternum and feel the Chi penetrate into the bones and 


spread out to the Rib Cage. Feel the electricity run throughout the rib cage. 
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Immune System 

. The Immune system starts with the top part of the Sternum. Touch the top part of 
the sternum. Project your fingers ‘very long’ into the bone and feel them penetrate 
right into the Thymus. Activate the thymus gland. Gradually, feel the fingers rising up 
to the thyroid and parathyroid. Activate the Thyroid and Parathyroid and Throat 
Center. Give the command; “Clear, clean and bright fill with violet light and return to 
normal function”. 

. Move the fingers to touch both sides of the Jaw Bones to help activate the Tonsils, 
the body’s first line of defense. The jaw bone affects the Lymph Nodes beneath, 
which includes the tonsils. Fill them with Chi. Give the command; “Clear clean and 
bright fill with violet light and return to normal function’. 

. Touch the Mideyebrow and Crown, which control the Pituitary and Pineal Glands 
respectively. Touch the third eye, feeling it open and feel the light from heaven enter- 
ing into your brain and into your body. Touch the crown. Feel your fingers reaching 
deep inside and feel the Chi penetrating all the way down to your perineum. Fill the 
glands with Chi. Give the command; “Clear, clean and bright fill with violet light and 
return to normal function”. 

. Rub both of your hands until they are warm. Cross your arms and hold your hands 
under your Armpits. Picture the Lymphatic System of the armpits as you activate 
the lymph nodes. Give the command; “Clear, clean and bright fill with violet light and 
return to normal function”. The lymphatic system of the upper body is clear, clean 
and bright then the lymphatic fluid flows! Smile. 

. Move the hands to the cover the Groin area. Give the command to the Lymph Nodes 
there. Give the command; “Clear, clean and bright fill with violet light and return to 
normal function”. 

. Place your palms over your Navel and activate the Lymph Nodes. Give the com- 
mand to the lymph nodes there. Give the command; “Clear, clean and bright fill with 
violet light and return to normal function”. You have now activated the immune 
system. 
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Chapter V 
Cosmic Healing | - Basic 


Source of Chi and Color 


There are different sources of Chi in the universe: cosmic (air), earth, nature and hu- 
man. Different parts of the human body have different energies and are correlated with 
the universe and nature. Each part of our body, especially the organs and glands can 
produce, receive, transform and emit different Chi and color. 





Mars - Red Chi 
Frontal Bone - 1 


Mercury - Blue Chi 
Occipital Bone - 4 





Saturn - Yellow Chi 


Frontal Bone - 2 Venus - White Chi 


Left Parietal Bone - 5 





Jupiter - Green Chi 
Right Parietal Bone - 3 


Sun - Golden Chi 
Third Eye - 6 





Moon - Silver Chi 
Sacral Bone - 7 


Fig. 5.1 Planet, Bone and Cosmic Colors 
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Earth Chi 


While Cosmic Chi (the atmosphere over us and the universal force) is ethereal in 
nature, what is called earth Chi is not. This Chi appears as the line visible above the 
horizon when the sun is low in the sky, and seems to hover just above the ground. It 
actually also sinks into the ground. 

Earth Chi contains yellow and some white Chi. When the ground and the cosmic 
(air) combine they will become white Chi. This Chi has a very powerful healing energy, 
not too overheated, but balanced and mild. 

When treating a problem, white Chi, in the proportion 7:3 (7 white to 3 of the 
selected color) acts as a brake on colors which are hot or too active. This enables 
the body to take in chi more easily. 


Sacrum Throat 


70% White 
30% Green 


70% White 
30% Red 





Light Whitish Red Light Whitish Green 


Throat Crown 


70% White 70% White 
30% Blue 30% Violet 





Light Whitish Blue Light Whitish Violet 
Fig. 5.2 Use White Chi to blend all the other Colors. 


Special Note: Many of the color references came from the following books: “Let There 
be Light” by Darius Dinshah and “Advanced Pranic Healing” by Master Choa Kok Sui. 
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Human and Nature Chi 


These include the things we can see on the earth: the mountains, lakes, seas, forests, 
streams, caves, valleys, rocks and precious stones. Taoism classifies five elemental 
forces: earth, metal, water, wood and fire. 

So there are five elements in our body and five elements in nature; there are five 
elements in the cosmic and five elements in the universe. 

According to the Taoists, when we can make the connection and control our body’s 
elements, we will quickly make connections to nature and the universal forces and 
employ them very easily. 


Solar Chi 


Before sunrise or sunset there is more white Chi in the air, which we can use abun- 
dantly for health and healing. White Chi affects the lungs and the large intestine, so we 
direct this Chi to these organs. This will generate further Chi to maintain our daily activi- 
ties. All colors of the spectrum are present in white. 


Simple Practice 


Look at the horizon at sunrise and sunset. Stand still and extend your palms toward the 
sun, smile and absorb the rising or setting sun’s energy into yourself. 


General Information 


Energy can be introduced to the affected area of the body by moving the hand 
clockwise in a spiral. 

Move the hand anticlockwise with a spiraling motion to clean, flush and remove 
energy from the treatment area. After this, brush down the whole body, to direct the 
sick energy into the earth. 

Use an anticlockwise spiraling movement in order to clean, then expel the energy. 

Use a clockwise movement to bring energy in and an anticlockwise one to take it 
out. 

As a general rule and especially when you are beginning to practice the techniques, 
keep the color combinations simple. Always use blue (to cool, calm and stabilize), 
green to clean, white to harmonize and violet (which carries the properties of all 
the other colors) to program. 


Although it is important to learn all of the applications, it is more important to begin 
practice, maintaining a serene state of mind throughout. You will immediately realize 
that Cosmic Healing provides the practitioner with as much benefit as the student. The 
more you practice the more you heal. 
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Healing Colors 
White Chi 


The color of the chi from the air, earth and sun is always white and acts as a 
calming agent for the surplus chi produced by the other colors. It also redirects this 
chi to areas of the body which need it. For this reason, use white in combination with 
another color in the proportion 7:3. 

Shining white chi should be concentrated at the center, while colored Chi goes 
to the edge. This can also be reversed. It is also possible to blend the white and 
colored Chi together. 

It is safe to use white chi when you are not sure which color might be suitable 
for a patient, especially when treating babies, toddlers, the elderly and the weak. 
People with minor problems can be treated with blue, green or mauve, while 
gold colored Chi or mauve/white Chi is better when the problem is serious. 

For a stimulating and strengthening effect use white-red. 

When it becomes necessary to switch from one color to another, an abrupt 
shaking movement of the hand should ensure a smooth transition to a new 
color. 

There is avery strong violet light in the North Star. You can dilute the color with 
white. White Chi is composed of red, orange, yellow, violet and blue. 


Blue Chi 


The effect of blue Chi is one of cooling, and hindering similar to yin or water energy. 
The opposite effect can be obtained with ibe use of red Chi. 
When we draw the energy down, some peoples’ bodies can't adjust to the energy im- 
mediately, so using blue Chi is alwa ‘blue’ is the one element that always 
brings harmony and does not c 

a. Blue Chi, like yin, water er 

agent. 
b. Because of blue Chi’s abil 










t. Italso can act as a restraining 


tum, it is particularly appropri- 
ate for promoting relaxation < jy abnormally high body tempera- 
ture, minimizing pain and swelling. | also hinder the proliferation of viruses 
and bacteria and assist in the rapid clotting of blood. 

Blue (and green) can detoxify and also energize. 


Green Chi 


While tangerine Chi can be quite dangerous, the action on green chi is gentle and 
harmless. Freeing up a damaged area so that cleaning can then take place may be 
done with green Chi. Once it’s loose you can then use blue or organ’s color Chi to expel 
the disease completely. It can therefore remove the disease and bad energy by locally 
sweeping either to and then out of the arms for the upper body or out of the legs for the 
lower body. 
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If there is aneed to energize with the organ’s color Chi, first energize with pale green 
Chi. Always use green chi before using the colors purple, tangerine and red. 

Use the throat to activate and draw the green Chi up to the crown, rising to the uni- 
verse to be multiplied and brought back down for use. Always add blue Chi when there 
is pain. The motion of pushing and pulling through the affected part is very powerful. You 
also can also use the ‘sword finger’ in a small area and for infection. 

Green can also be used for energizing together with violet; first use green and follow 
with violet. 

Pale green and pale tangerine chi can be employed i in sequence, as the first acts 
on the ‘sick’ energy, reducing it m which can easily be driven out by the 






second. 
Simultaneous use of pal nd white chi in the ratio 2:1:7 is 
recommended to treat stt ne effects are intensified when 


ceded by blue. This can assist in toxin remo al, and in the cleaning and freeing up 
of disease affected areas so that necrotic cellular tissue is released. These colors 
can relieve congestion and free up ‘sick’ energy which is ‘stuck’ when used with 
brushing movements over the affected areas. They also help with treatment of 
colds and elevated body temperatures, and in the dispersal of blood clots. 


Red Chi 


Cerise chi makes the area to which is applied stronger, while crimson chi has the 
opposite effect. When using color for healing, project luminous white in the center 
and cerise at the edges for a strengthening effect. Always combine red with blue and 
green; never use it on its own. 

Cerise mixed with white, because of its expansion abilities, can help widen 
blood vessels and breathing tubes. It also helps those with heart and asthma 
problems. 
Red chi with its qualities o 
good for the circulator 
blood vessels and othe 
larly for heart patients ar 
the blood and helps allay fe 

















yn, has a number of benefits. It is 
and the blood, as it expands 
ulation and breathing, particu- 
rings increased energy into 
akness, driving out ‘sick’ energy 
along with toxic substances ar materials. It can also help those who 
are sensitive to allergens. It may hose whose lives are near the end have a 
longer period on earth, and promote revival of consciousness. 


Avoid the use of dark colors, which may cause an adverse reaction. If a per- 
son is suffering from a sexually transmitted disease, it is not advisable to treat 
him or her with chi which is crimson. Chi of this color makes the microbes that 
cause such diseases multiply at a fast rate and can also produce an inflammatory 
or constrictive reaction. 130 
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Tangerine Chi 


When using orange Chi, always use blue Chi first; to tone and calm down the ailing 
body area, before applying the vitality of orange. 

Pale tangerine chi with added white can be used, however certain areas are 
inappropriate for treatment by this yr k use of its power. Do not use with the 
eyes (including retinal problems), h brain (for example bleeding in 
the brain) or the spleen. 

The large intestine benefits f 
used sparingly on areas like 
not be treated with this color as 
effect on the bowel, and can also a 
sciousness or in stimulating someone s dyin 

To treat cancers of certain types, dark green and eark tangerine are suitable because 
of their ability to destroy. Always avoid the head and the heart when using orange. 

Forcible removal of waste products, toxic substances, ‘sick’ energy, viruses and 
bacteria 

Menstrual difficulties 

Waste elimination problems 

Freeing up ‘sick’ energy 

Breakdown of clots in the blood 

Problems of the urinary and respiratory systems 
Diseases of joints and connective tissue 
Common cold 

Problems caused by allergens 

Cysts 

















i, but this color should be 
endix problems should 
roblem. Tangerine chi has an 
unconscious person to con- 












bones and the bone marrow. It is 
Ived in the assimilation and 
alot, but when the spleen is 


Yellow Chi has a close connection 1 

the color of the spleen; in Ta 

processing of food and the app: 

balanced the appetite will be co 
Chi which is yellow in color atment of nerves as it promotes 
re-growth. It also helps in the repa Ires and cells. It is good for the health 
of bones, tissues and organs. It has the power to increase bone marrow produc- 
tion. 


Violet Chi 


Violet Chi has the properties of all the other colors. It’s used for severe types of sick- 
ness. 
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The qualities found in all colors are contained in purple chi, therefore it is particularly 
effective for serious illnesses. Mauve (light purple) chi which contains elements of 
blue and green, helps to restore organs and nerves affected by disease or trauma. 
Although mauve chi can be employed on certain kinds of severe infections, chi 
which is dark purple should be avoid >d when diseases of the respiratory system 
are present, as it could cause the of disease causing microbes. 
Violet Chi is use chi that is pal white/tangerine and, selecting 
each in turn, with a brushir whole spinal area and espe- 
cially to the area where th 
If purple chi is used in con 
and if used together with f 
cause the undesirable prolifer 
Dark electric violet can be used ft 
green first. 

In order to make an area which has become weak stronger, mauve mixed with 
white can be used, but for really fast strengthening use cerise mixed with white. 
Both white and violet have the properties of all the Chi colors. The difference is that 
violet Chi has a greater penetrating effect and is easier to assimilate than white. 
Because bright purple chi has been acted upon by the soul, it has the capacity for 
independent thought and action. 

Energy or chi which comes from the air, the earth and the sun is called purple chi. 
There is a second type of chi with this color, but having more brightness — this has 
been called bright purple chi and is derived from ibe soul through the crown of the 
head, the point connected to the North S 

Bright purple chi can only be bro 
the practitioner has highly develc 
the sun depends on the develog 

















t will intensify their qualities 
i can be dangerous; it may 


cancers. Always use the blue or 














> Universe via the crown point if 
3 of chi i from air, earth and 


In contrast to purple chi, the 
potency because it can hel 


n color has a much greater 
ye rves and organs which have 
been affected either by diseas Dright purple chi can be used to 
remove infection and to promote ‘as iJ, even in the case of serious illness. 
In addition, this chi has been said to possess its own consciousness (Master 
Choa Kok Sui. Advanced pranic healing:49) 

When cancer and other growths are being treated, use bright purple chi because 
it has the ability to destroy. However, beforehand, the affected area should be 
energized with pale blue chi. 
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Do not use bright purple chi at the same time as chi which is yellow, green, 
tangerine or red because it will intensify and increase the effects of these colors. 
In addition, the use of any dark colors with bright purple chi (either preceding or 
following its use) should be avoided, as S this will produce a very damaging result. 
As a general guideline, use blue before electric violet. 








Gold colored chi, which has almo: 
formed when bright purple chi mee body. The color changes to 
cerise (pale red) when this gold colored chi enters the physical body. However, 
this chi is does not have as much influence as the bright purple chi, being 
gentler and therefore less effective as a cleansing agent. Gold colored chi 
should be used to treat a very local area, while bright purple chi can be em- 
ployed over a wider area. 


alities as bright purple chi, is 


Spleen 


The spleen is connected to the solar plexus and the navel, the major center that con- 
nects to all the organs. Holding solar energy or a white ball at the solar plexus will help 
distribute Chi to all the organs. 


If the solar plexus gets clogged up the liver and spleen will also become blocked. The 
spleen, the Door of Life and the navel are all linked together; the navel and the Door of 
Life sit opposite each other. We call this an emotional link. Many diseases are caused 
by emotional links; people use psychology to deal with it which can work to a certain 
level, but all the energy would eventually get stuck at this main juncture or plexus. White 
chi is taken in mainly at the spleen, and before being sent to the various parts of the 
body, is split into its colored forms of red, green, purple, blue and tangerine. 

If the spleen is not clean, the immune system will be affected, together with the 
production of bone marrow. The blood will be dirty and diseases of the joints and 
connective tissue encouraged. 


Cosmic Healing Chi Kung works very well with Chi Nei Tsang. The Cosmic 
Healing Chi Kung, Chi Nei Tsang and all the other Universal Tao practices all play a 
unique role in working to heal the physical and subtle bodies. When you combine these 
three in synergy, it allows you to perform many healing tasks. The spleen (located under 
the left side of the rib cage), spleen center or navel can absorb white Chi directly into the 
front or back. The Chi will be broken down into color and distributed to other centers and 
their associated organs. 

There is one thing that | always advise: the recipient or student should be un- 
der a doctor's supervision and that they should alternate between the medicine 
from the doctor and the work with us at the Universal Tao. The doctor should be 
advised of what we intend to do with the student. 
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Cosmic Healing Planetary Colors 


In Taoism we give each planet a color which enhances the healing power. Have the 
‘Planets’ chart (located at the beginning of this chapter) in front of you, look at the rel- 
evant planet and close your eyes. Hold the planet in your mind. 






Fig. 5.3 Channel the Cosmic Planetary Energy into the body. 


Mars: Focus your awareness on the star above you, turn your eyes up and look up to 
the crown. Hold the image of Mars and extend your sight beyond the crown, looking up 
into infinity. See the Red Light and gradually bring it down to your head about 6 feet 
above you. Form it into a red ball, a holographic image of the planet Mars shining its red 
light above you. Invite it to flow down to your ‘star’ (located above your crown) and 
continue to flow into your Upper Tan Tien for processing. Let it flow down to the heart (or 
T-2) and down to the palms. Red and orange light also can be breathed in through the 
sacrum. Feel the sacrum pulsing and breathing in the red and orange light. Practice 9 to 
18 times, rest and shake your hands. 

Venus: Become aware of the star above you, turn your eyes up and look up to the 
crown and into infinity, seeing the expanse of White Light. Gradually bring the light 
down to your head, about 6 feet above you. Form it into a white ball, a holographic image 
of the planet Venus shining its white light above you. Invite it to flow down to the star 
above your crown and continue to flow into your Upper Tan Tien, for processing. Now it 
may flow down to your lungs freely. 


134 


Chapter V 


Saturn: The Yellow Light from Saturn can also be absorbed via the earth through 
the soles of your feet and perineum. This is for your spleen. Follow as above. 


Mercury: The Blue Light from Mercury may be absorbed through the throat center. 
This is for your kidneys. 


Jupiter: The Green Light from Jupiter can also be absorbed through the throat 
center. This is for your liver. Follow as above. 


Summary - Working with Color 


(Practitioner to Student) 
There are two ways of doing this type of healing session: 


One way is to focus on the specific location in your own body, using your hands and 
ask the other person to do the same. Together you complete the entire route. 

Another way is to focus on your own energy body and ask the student to do the same. 
Bring a channel or line down from your energy body into your physical body and do the 
same for the student. Once again, complete the routes together. 


For reasons of clarity this text only mentions one student and uses the male gender, 
this session may however be performed with a group also. Before starting the session 
do some group meditation practice and warm ups. 


1.Be aware of the Tan Tien and connect to the universe. Let the student sit with his 
back to you. You are behind him. Be aware of your Sacrum area and feel the Chi; 
wait for the Chi to rise up to the crown and to the universe. Spiral the Chi down 
to the student’s and your own energy body and it will flow into the physical realm. 

2. Draw in the green light with your palm, push it right through the sacrum and dis- 
perse the sickness throughout the other side of the universe. Pull the green light 
from the universe through the sacrum and push the sick Chi out to the universe. Do 
this 6 to 9 times until you feel the sacrum has been cleaned. When you pull back 
stop the green Chi at the student’s sacrum; there is no need to pull it back to you. 

Yellow light from the earth will help strengthen the sacral bone. Visualize the 
sacrum and vitalize the complete bone structure with yellow light passing through- 
out. 

3. Be aware of the energy body above the Crown; extend yourself up from above your 
crown and channel down the white light from the center of the universe and 
the violet light from the North Star. Using your ‘mind-power’ ask the inside of the 
bone structure to open, allowing the white and violet light to flow into the marrow. 
Focus on the energy body; you can picture the energy body's sacrum and bone 
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10. 


structure to help guide the energy inside and see the whole body light up from deep 
within. 


. Then focus on the Door of Life and the Navel. First flush them through with green 


light, cleaning them out. Draw the green light from the Door of Life through to the 
navel, and then push back through. To cool down the Door of Life (if necessary), 
draw the blue light and push it through from the navel to the Ming Men, connecting 
with the universe. Then bring the white or violet light down and activate the 
Lower Tan Tien. Always teach people about their Tan Tien. It is like an ocean and 
the body is like a hollow bamboo. The bamboo can bring the water up. This way 
energy will never dry up. 


. Concentrate on the Solar Plexus and the Chi Chung (T-11). Once again, draw 


the green light, spiral it, use it to flush, then energize with white and violet light. 
As before, always allow the energy to stream through both the points completely. 
The solar plexus holds all the emotions. When working on the solar plexus, the 
most important thing to remember is to connect the ‘backside’ to the uni- 
verse. There is literally no end to this connection. Just allow the Chi to come all the 
way down and then pull it towards the rear slightly. Simply clean out the path. Allow 
the information to condense; allow any images to manifest and then release. Then 
stabilize the energy. Picture the Chi-Field enveloping the person as a big protective 
bubble. Cool down with blue. 


. Proceed to the Heart and the Shen Dao (T5/ T6). Draw in the green light, push it 


through and repeat several times. Now scan the heart with your palm, sensing its 
strength; then select an appropriate hue, i.e., not too dark. Send the red light through 
the heart to strengthen it. 

Cool down any excess heat in the heart, flushing down and out, using blue color. 
Draw in the white Chi; push it through to the Wing Point (T5/T6). Energize the 
center at the back of the heart using violet and golden Chi. Picture the heart 
surrounded by a golden aura. 


.Move up to the Throat Center, flushing through to C-7, using blue light first to 


open and clear it and then green light to clean. 


. Next activate the mideyebrow. Focus on the mideyebrow in your own body. Use 


golden yellow Chi; use it to flush and stabilize the mideyebrow. Flush it all the 
way through to the backside of the head. Energize with violet golden light. 


. Proceed up to the third eye in the middle of the forehead. Connect to the Kun Lun 


at the back of the crown. Flush through both points using the pale violet light. 
Energize with electric white or golden light. 
Concentrate on the crown. Use violet or golden light to enter and flush all the way 
down through the central channel, leaving the body at the perineum. Cool down 
the system by showering blue light over the whole body. 

When people have a serious infection, they should consult a doctor. It is common 
for infections to take a long time to clear up nowadays, even when using antibiotics. 
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There are two ways to deal with this; allopathically or naturally. The Taoist practices 
are in great conflict with ‘contemporary (i.e., not alternative/natural) western con- 
cepts’. The western concepts recommend a full course of antibiotics. Using the 
theories of Chi Kung, a baby for example, would absorb natural antibiotics via the 
bones. Western Allopathic Practice consider antibiotics as wonder drugs. The only 
‘wonder’ is when will they realize the many harmful effects that it has on the body? 
Babies that have been ‘fed’ with antibiotics frequently suffer many organ related 
problems by the time they reach 20 to 30 years of age. The worst thing is that they 
are given to children nearly every time that they become ill. If you scan (cosmically) 
the solar plexus, thymus or spleen of such a person, the area feels like a hollow 
void. This means that the immune system is totally non-functional. The same thing 
applies to Aids: the immune system no longer functions. Any virus can enter the 
body - medicine cannot kill it. There is nothing left to ‘fight with’. 

In my experience and following my own experiments, in circumstances like the 
above my own practices are as follows: | clean my colon; there are a few ways to do 
that. | eat fiber, vegetables, especially green leafy ones. | eat a big bowl of vegetable 
soup. | also add things like onion, pumpkin, carrots and cabbage, which will give ita 
sweet taste. | don’t eat any meat and drink a lot of water. The colon is cleansed 
within two days. | also brush the skin, which is a very good detoxifier. The vegetables 
will provide natural carbohydrates which are digested and absorbed very quickly. A 
healthy diet consists of many whole natural foods. It is ‘alkaline’ as opposed to ‘acid’ 
based. | also use the ‘colema’ which | feel is the best cleanser. 
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Chapter VI 
Individual Healing Session 


The Individual Healing session embodies all of the techniques that you have used previ- 
ously and consolidates them for use on a one-to-one basis. The session comprises the 
following three parts: 

A. Almighty Knife (Chi Knife) 

The almighty knife can be used for any health problems. We can charge the knife 
with Yin or Yang energy. We charge the almighty knife most often with Yin Power. Yin is 
the cold energy and is used for any inflammation, pain or heat. Yin is used to break up 
illness. Charge the almighty knife with Yang for strengthening, melting or expelling. Only 
use the Yang when there is no pain. 

B. Energizing and Activating the Immune System 

C. Cleansing the Internal Organs 


A. Almighty Knife 





Fig. 6.1 Almighty Chi Knife 


Since the dawn of ages and our descent into the material realm, we have constructed, 
manufactured and used tools to facilitate the progress of events. They are an extension 
of ourselves that enable us to enhance, mould and magnify our intrinsic nature as 
inquisitive playful beings. 

We have used implements to help nourish, protect and amuse ourselves and further 
our progress in attempting to understand the ‘how’ and ‘why’ of existential reality. The 
knife has served as a means to carve our way into the present. It is a simple, yet 
powertul ‘friend’ and derives as much power as we wish to lend it. 
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Its design may consist of any combination of the five elements (Earth) which when 
combined with Universal (Heaven) and Cosmic (Man) forces, provide a unit of energetic 
substance which receives and transmits magnification, purpose and power in accordance 
with the human will that governs it. ‘Chi Knife’ and “Powers of Ten’ adopt the precepts of 
a truly magical existence. When we arrive at our destination we will realize that we have 
indeed turned “the Wheel of Law’. In achieving this end we will have completed the 
cycle and returned to the beginning of the journey. We will understand that the simple 
things in life, like the knife, contain the same amount of power as state of the art technology. 

We are all returning to the Garden of Eden. Complex telescopic and microscopic 
equipment now enables us to see the truth: 

“Inside has no outside; outside has no inside”. 

They are one in the same thing. When they merge together we will indeed enter the 

Kingdom of God. 


Outline of Practice 


1. Hold the knife in the right hand (left, if you are left handed). Hold the other hand near 
your body, with the thumb and index finger touching. Project the Chi Knife as big as 
the universe, ‘long and big - reaching to Heaven’. The bones in your arm are hollow 
and the ‘bottom’ is sealed at the shoulder. Feel them ‘fill and pack’ with the power 
coming from above. 

2. Then give the command: “Power comes from the east. This Chi Knife has the 
power to dissolve all the negative energy, sickness and bad fortune. By my 
request, please carry out the order now.” Wait until you feel that your arm and 
the knife are heavy and full of Chi. 


Eye Problems 

Use the thumb and the index finger 
to hold the eye wide open. 

You hold the knife like holding a pen, 
3 to 6 cm away from the eye. Use the 
little finger for leverage and support. 


WARNING! 

DO NOT USE AKNIFE. THE MAS- 
TERS OF GREAT EXPERIENCE USE 
RITUAL SCALPEL TYPE KNIVES. 
THE STUDENT SHOULD USE THE 


“SWORD HAND” FINGERS (P.76, FIG. 
4.24). 

DO NOT USE SHARP OBJECTS 
NEAR THE EYES. 





Fig. 6.2 Hold the knife three to six cm. 


from the eye. 
139 


Individual Healing Session 


Chi knife - “Almighty Knife” helps all eye 
problems”. Cut up and down and sideways in the 
cross pattern ‘through’ the eye thoroughly. Tell the 
student to move the eye left and slowly move to 
the right as you cut with the Chi Knife. When they 
move their eye to the right, move the Chi Knife to 
the left. Remember that the knife is used for 
‘energetic surgery’ and should never make 
contact with the eye itself. 


eeeeeaee 


“Slice” the eye toward the 
right side for 50 to 100 
knife movements and do 
the same to the left side. 





ereterest 


Fig. 6.3 “Almighty Chi Knife helps eye all problems”. 


“Almighty Knife, please destroy all kinds of 
wounds, warts and tumors”. Cut up, down and 
sideways in the cross pattern through the part that 
has the ‘condition’. 


Fig. 6.4 “Almighty Knife, please destroy all 
kinds of wounds, warts and tumors”. 


The almighty knife can be used for any problem 
in the body. Follow the same procedure to carry 
out ‘energetic surgery’ on all parts of the anatomy. 
It is especially good for soft tissue repair, including 
the brain. 





When you feel that the Chi Knife 
is full of sick Chi, spiral counter 
clockwise and discard it down to the 
ground. When you feel that the knife 
is ‘empty’ charge it with Chi from 
the universe. 
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B. Energizing and Activating the Immune System 


In cases of severe illness, you will want to do this technique many many times, be- 
cause it is essential to stimulate the body's defence-systems. This technique is also 
beneficial for debilitation and infection. You may also want do this in a preventative 
manner. 


Activating the immune system always in- 
volves the bone structure, especially the 
round bones in the arms and legs and the flat 
bones in the skull, jaw, rib cage, hips and spine. 
All of these are involved with the production of 
white blood cells. The thymus gland and the 
spleen are of special importance to the im- 
mune system, because they are involved with 
programming and training the white blood cells 
(called T-Cells) to do the right job. The lym- 
phatic system is involved in removing 
toxic waste from the body; it is therefore 
beneficial to stimulate the lymph flow as 
well. This is best done in combination with 
Chi Nei Tsang. For details refer to the Chi Nei 
Tsang Books. 


be 





Fig. 6.6 
x ) Touch the top of Sternum to activate the Thymus. 
Pe J = 


If you work on a one-to-one basis, first per- 
form the general cleansing session, where you 
Le an ‘pour energy’ over the other person. After that 

) use your hands, drawing Chi and pushing it 
through. Remember to push the energy all the 
 # way through and connect it with the universe 





iw areas that you are treating, preferably by guid- 
re | ing them, touching each point as you go. 


Fig. 6.7 Happy Cells. 
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Outline of Practice 


Guide the student as you prac- 
tice together. Work with your 
own energy body and tell the stu- 
dent to work with theirs. Pre- 
suming that you have already 
done the previous set of general 
healing, you can start with the 

COcCyx. 

1. Be aware of your Tan Tien 
and connect to the universe. 
Direct the Chi down to the 
fingers. Touch your coccyx 
with the fingers concentrat- 
ing a beam of white light on 
to it. Picture the sacrum 
opening and the white light 
streaming inside, flowing up 
the spine and streaming out 
over the whole bone-struc- 
ture. Transfer the feeling of 
Chi in the coccyx up to the 
universe, multiply itand guide 
it down to your energy body. 

2. Always be aware of the Tan 
Tien and the universe first. At- 
tract the yellow light; spiral 
and condense the healing 
light into the tip of your fin- 
gers; move the fingers up to 
touch the sacrum. Send out a beam of yellow Chi into the sacrum, directing it up the 
spine. This will stimulate the production of red blood cells. If you are not sure whether 
you are able to send it right into the marrow, picture the marrow or emit the Chi from 
your fingers, while at the same time concentrating on the bone marrow of the energy 
body. Transfer the feeling of ‘Bone Chi’ up to the universe and down to the energy 
body. 








Fig. 6.9 Touch the Sacrum. 


3. Proceed to the crown, showering it with violet light. Then spread from the crown 
throughout the bones of the body. Repeat several times. Instruct the student to feel 
the bone structure breathing. Ask him/her to extend up from the crown to the Big 
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Dipper and North Star, channelling down the red and violet light into the thymus gland. 

4. Continue to the throat, stroking down with your palms, using green color to move the 
lymph down towards the backside of the heart. (Never stroke up towards the 
head. Only guide the lymph down). 





A. B. 
Fig. 6.10 A. Channel the Violet Light of the North. 
B. Use your Palms to bring the Lymph flow back to the Heart. 


5. Proceed to the lymph nodes under the armpits and across the sternum. Next acti- 
vate the lymph nodes in the groin. From the groin you guide the lymph up to the navel 
center (Not down where it will get stuck in the legs). 

6. Return to the navel center. Send the energy deep inside, energizing the lymph nodes 
at the back. Pull back, drawing green energy, flushing out any waste products that 
are stuck in them. 
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A. B. 
Fig. 6.11 A. Activate the Lymph Nodes in the Armpits and Groin. 
B. Energize and flush the Lymph Nodes in the Navel. 


C. Cleansing the Internal Organs Technique 
Healing Some Common Illnesses 


This session can be used for any kind of ailment and carried out with any number of 
students. It can take place on a singular, paired, small group or large group basis. 
Numbers can range from one person, one hundred, one thousand, ten thousand, ad 
infinitum. It is more likely that a greater energetic current will be created in much larger 
groups. In the case of ‘mass’ healings, there will always be a ‘guide’ or ‘conductor’, to 
open the channel for the students to follow. In the case of solo practices you will of 
course be the guide. The following instructions have been set out on a one-to- 
one basis. 

By connecting to heaven, earth and your student, you will maximise the wholistic 
healing potential to your physical and subtle bodies. We recommend you spend about 
twenty minutes on the general healing before moving on to the more localized practices 
of emptying and cleansing the body’s centers, systems and organs, contained within 
this chapter. We recommend that you spend between five to fifteen minutes on all of 
these. Always perform the Sacred or Chi Water practice before. 
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It is important to remember that if there is no energy in your Tan Tien, then 


there will be no energy to work with. ‘Connecting the Tan Tien and the Universe’ 
means connect your center to the infinite source of the universe, the Tao. When you 
make the connection you access this power. Always hold on to your center; it is the only 


thi 


ng that is truly yours. Keep the fire warm and spiraling. When you are aware of your 


Chi, you can direct heavenly light straight into your energy body and then into the student's. 


hh 


ou 


10. 


11. 


General Principles 


. Push and pull the energy through the student's body. Push and disperse the sick 
energy into the universe and out to the planets, where it will be transformed and 
recycled. 

. Pull the energy back and stop it between yourself and the student. 

. Spiral the energy counterclockwise until you see the green light mix and clean the 
sick energy. Spiral and flush the energy down into the earth. 

. Spiral with blue light; see it mix and flush the energy within the student’s body. 
Spiral this energy down to the ground. 

. Energize the student with white or violet light. 

. You can also use both hands to channel Chi when you ‘push and pull’ through the 
body. 

. Energy can be introduced to the affected area of the body by moving the hand 
clockwise in a spiral. 

. Move the hand anticlockwise with a spiraling motion to clean, flush and remove 
energy from the treatment area. After this, brush down the whole body, to direct the 
sick energy into the earth. 

Use an anticlockwise spiraling movement in order to clean, then expel the en- 
ergy. 

Use a clockwise movement to bring energy in and an anticlockwise one to take it 
out. 

. When you begin pushing, pulling and sweeping, you may feel resistance in the 

body. As you progress and the energy centers open, this feeling will diminish. 

There are many color combinations that can be applied to the various parts of the 

body. When you start practice, stick to the basic ‘blue, green, white, violet and blue’ 

formula. When you are working on a specific area, you can keep this book near by, 
or write a short ‘color recipe’ before you begin. In this way, you will be able to relax 
your mind. 

‘Pushing and pulling’ is like fanning and venting the body; when you fan your hands 

in front of your face, it will have a cooling effect. Ventilation enables the stagnant, 

sick energy to leave the body. 

Below is a list of the body’s organs in relation to their tendency to ‘store heat’. They 

are listed in descending order, i.e, the head is the hottest: 
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Head, heart, liver, lung, stomach and spleen, large intestine and small intestine, 
kidneys and sexual organs (which become hot when aroused). 


Outline of Practice 


Occupying a position amongst most of the internal organs, the solar plexus acts as 
a kind of clearing center for energy generated by the emotions. It also lies in between 
the lower and higher energy centers. 
1. Scan; ask for the power to look at the cells. 
2. Push, pull and give the command, “Disperse”. Push until you feel the solar plexus 
clear and open. 
3. Spiral green Chi counterclockwise. Talk to the sick energy; tell it to “leave”, you will 
take it to “a better place, where it will be happy”. Give the command, “Out”. 
4. Spiral Blue Chi counterclockwise, flushing out any remaining sickness. Guide the 
sick energy into the earth. 
5. Spiral and sweep Blue-Green and Red Chi into the solar plexus, sweeping the or- 
gans. Ifthe patient is expecting a baby, has an infection or bleeding in the intestinal 
area; do not use this method. 





Fig. 6.13 Charge your Hands with Chi - 
Spiral Green Chi counterclockwise project the Hand Bones into the Universe 
in the Navel. and feel them fill and pack with Chi. 
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Work on cleaning out the organs. Scan the person and see which parts are hot. A 
lot of people will have an overheated solar plexus, which means that this area will re- 
quire a lot of attention. You will feel the heat when you scan. 

You can clean the organs by ‘pushing and pulling’. Picture the organ and push; 
feel your hands are very ‘long’, extending through the organs and reaching out to the 
universe. Project all the sick energy down into the earth and out to the universe. Use 
your intent to guide it into the earth and out to the other planets in the solar system, 
where it will be processed and recycled. Pull the universal energy back towards your- 
self; push and disperse all the negative energy out to universe. Pull; when you pull the 
Chi back past the student, stop in between the two of you. Push, pull, push and pull, until 
you feel the energy or power. Ask; “Give me the power to see”. Feel your Chi 
entering into the organs with ease. 





Fig. 6.14 
A. Extend through the solar plexus and reach out to the universe. 
B. ‘Clean and energize with Green’ - push and pull to help loosen the solar plexus. Spiral 
counterclockwise with a Green Light. Blend with the sick energy and guide it down to the ground. 


Clean with Green Light. Spiral counterclockwise. Feel the green light mixing with 
the sick energy. Push and pull until you feel the energy in the solar plexus begin to 
disperse. Spiral the energy counterclockwise and guide it down to the ground. 
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A. B. 
Fig. 6.15 A. ‘Push and Pull’ to help disperse the energy in the Solar Plexus. 
B.‘Flush and stabilize with Blue’-Picture Ocean Blue and flush sick energy down into the Earth. 


Rinse and flush with blue light. Picture ocean blue and flush down to the earth. See 
and feel the solar plexus becoming cleaner. Flush the sick energy down to the earth. 

Now clean out the whole body again. With all the organs: from the lungs, heart, liver, 
gall bladder, pancreas, spleen, stomach, small intestines, large intestine, kidneys and 
sexual organs. Clean all the way down to the earth. When you clean the solar plexus 
and all the other organs you remove all the negative emotional energy. 

Energize the spleen, liver and kidneys with blue or white light. Then project green, 
followed by orange light to the cores of the liver and kidneys. Clean with the green and 
orange light and stabilize with blue light. 


Work on the back of the spleen and kidneys. Energize them with blue-white light. 
The spleen is on the student’s left and kidneys on the right and left. They all help to clean 
the blood. Spiral the energy clockwise into the spleen. See it in your mideyebrow. See 
the cells and spiral the light into them. Give the command, “Stay”. This is very impor- 
tant; it makes sure that none of the cells hide from the dazzling light that you are send- 
ing. Give the command again. Then stabilize them with blue light. Picture the kidneys 
and see their cells and feel the blue light go into the cells. 

Work on the Liver on the student’s right hand side. Smile and laugh to the liver and 
see all of its cells. Give the command, “Stay”; then send in the healing light. Send in blue 
or white (energize), followed by green (energize and clean), blue (rinse and stabilize), 
violet (recharge and reprogram) and then blue to stabilize again. 
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Liver 





Fig. 6.16 ‘Push and Pull’ to help disperse the energy in the Liver and Spleen. Clean with Green 
and flush and stabilize with blue. Flush the sick energy down into the Earth. 


It is essential that you feel and talk to any sick energy. If the student is healthy then 
you will feel their ‘light’. Ask their energy body to tell you where it may need some 
healing. Send in ‘light radar’. Transmit green light and flush down to the earth. When 
you feel that energy is accumulating, start to spiral more. Push and pull and give 
the command for the sick energy to leave. 

The more you clean, the more you heal. Tell your student to practice at home after 
the session, at an agreed time. You can then carry out ‘absent or distance’ healing, 
linking everyone’s personal star, energy body and the universe. With time, you will 
master the techniques, imprinting them with your own manner. Eventually symp- 
toms disappear, as the blockages are cleared and the flow returned. 


Cleansing the Spinal Cord 


Always cleanse the spinal cord, which protects the entire body from dis- 
eased and negative energy, both physical and psychic. When you open the 
spinal cord and solar plexus you can release many energy blockages. Sweep 
the hand in a clockwise motion to energize the spine with either/or a combi- 
nation of; blue, green, white and ultra-violet. Then spiral counterclock- 
wise and brush the spine down to the ground. Continue sweeping until you 
feel that the spinal cord has cooled down. Remember not to use orange or Spine 
red. 
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Cleansing the Blood (Lungs) 


Pale green/white and tangerine/white chi work as cleaning agents for the blood. 
Diseases of the blood and arteries can be treated. The chi first energises the lungs 
and as the blood passes through them, it takes in the chi, thus becoming purified. 
The benefit is then carried to the rest of the body as the blood circulates. Serious 
infections can also be treated in this way; however, the technique should not be used 
on women who are pregnant. 





Fig. 6.17 A. Cleansing the Blood and emptying the Lungs. 
B. Become aware your Three Tan Tiens. Connect to the Universe and ask for ‘the Power to See’. 


Outline for Cleansing the Blood/Lungs 


. Scan the student. 

. Push through and open the lungs from the back to the front. 

. When the lungs need to be given energy, use pale green/white 
followed by pale tangerine/white chi beginning at the front and 
moving top the rear. 

4. To make weak patients stronger, cerise/white chi can be em- 

ployed as this will bring energy into the lungs. 

5. Purification of the blood is carried out by the liver, kidneys and 
spleen. Use white chi to bring energy to these areas, after first 
pushing and pulling through them. 

6. The blood requires a lot of cleaning on a regular basis. 

7. Energize with white Chi. Germs can only grow in the dark. 

‘Fill yourself with the light’. 


WN = 
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Circulatory/Heart System General 


One of the basic problems pertaining to the circulatory sys- 
tem and heart is hypertension and hypotension. Once again, 
the sacrum and solar plexus are involved. The sacrum con- 
trols the bones; indirectly, it stimulates the marrow and en- 
hances the quality of the blood. Good blood is like running the 
highest quality motor oil through the engine of a motor ve- - 
hicle. 
(Within the Universal Tao System we also have the view 
that the sacrum controls the Chi-pulse. If there is enough Chi, 
the heart does not have to work so hard, because the Chi 
pushes the blood). 
The solar plexus relates to the emotions, affecting the heart 
through two mechanisms: 
- It may affect the heart directly, causing rhythmic distur- 
bance or pressure around the heart muscle . 
- Malfunction in the liver or digestive tract, leading to high ( / F 
cholesterol levels or gas which pushes up towards the 
heart from the intestines and causes unwanted heat and 
pressure. 
Cleaning out the Solar Plexus will greatly improve these conditions. If you have been 
trained in Chi Nei Tsang you can use it in combination with the Cosmic Healing tech- 
niques. 





Specific 


Working on the Heart Muscle: 

Clean out the Solar Plexus as outlined above. Push and pull with green and blue. 
Detoxify the liver, flush with green. 

Enhance with white and violet light. 

Use the finger to work on the lower left and upper right part of the heart. 
Remember that the heart muscle is very delicate. 

You draw the force, you spiral and you push. 

Stabilize with white. 

For enlarged heart use blue. 

Carefully use the red light to balance the blood and open the blood vessels. 
Sweep the sacrum with green, red and blue. 

Sweep the solar plexus with green, blue, red, white and violet. 

Energize and cool down the throat center, using blue. 

Working on Hypertension (High Blood Pressure): 
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Overactive adrenals/ kidneys often cause hypertension. Clean out the solar plexus first, 
because the adrenals (T11) are connected to it. The adrenal glands produce adrena- 
line, the hormone that stimulates the heart to pump. Overactive adrenal glands will 
eventually affect the heart. 

Tune-up the Door of Life with blue, calming it. 

Take the pressure from the heart, use green. 

Energize the heart, use violet. 

Flush down from head to feet with blue; 

The basic problem with hypertension is that the Chi goes up and cannot come down. 
Work on the sacrum, using orange and yellow. 


Working on Hypotension (Low Blood Pressure): 

In hypotension the Door of Life and T11 are underactive. 

First clean out the Solar Plexus, this time focus on removing blocks or stuck energy. 
Energize the Door of Life, using green and red. 

Energize the Sacrum (same colors). 

Energize the Base of Skull with green and violet. 


Stomach Pains 


Pass your hands over the patient and brush the whole abdomen, especially the 
solar plexus, navel and lower abdomen. The navel should be treated with a combina- 
tion of green and blue, and blue should be used at the end to firm up the energy. 

If problems persist: A) Treat with Chi Nei Tsang B) Seek the advice of a qualified 
medical practitioner. 


Relieving Pain: Blue Chi 


Chi that is associated with the colors blue and green can be utilized in different ways. 
While green chi acts to free up energy that has become ‘sick’ and ‘stuck’, blue chi can 
act as a painkiller because of its ability to reduce the severity of pain. 

1. Push and pull the through the affected part out to the universe or ground the sick 
energy until partial relief is attained. 

2. A large amount of pale blue/white chi together with pale green/white chi should be 
used to transmit energy to the problem area. 

3. For the alleviation of pain, use pale green/white chi and pale tangerine/white chi in 
turn. 

Energize means draw the Chi into the part that you want to receive healing. 
Cleansing means push energy through the affected part and send it out to the 
universe. Pull the new Chi back into the same area. Light green Chi is used in 
loosening and cleansing delicate organs like the eyes and the brain. 
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Headache: Light Whitish Green and Light Whitish Blue Chi 


. To check for areas that are congested or lacking in energy, the eyes, temples, spine 


and solar plexus area should be scanned. Also, the crown, mideyebrow, forehead 
and back of the head and neck. 


. The eye and temple areas should be brushed down when the headache is because 


of eyestrain and then flushed into the ground. 


. The whole head, particularly the painful section should be brushed and then pale 


green/white, blue/white and pale purple/white Chi used to bring energy into the area. 
Migraine Headache: Light Whitish Green Blue and Violet Chi 


. Persons who suffer from prolonged or chronic headaches including those types 


termed ‘migraine’ headaches have an abnormal accumulation of energy in various 
parts of their bodies. Starting with the solar plexus, this energy follows a route up the 
vertebral column and thence into the neck and head. As a result the various blood 
vessels in the head expand, causing pain in the head area. Mental strain and emo- 
tional disturbances usually cause this type of headache. 


. Use a pushing movement to clean and open the solar plexus and liver areas. First 


use pale green/white, then pale blue/white and finally mauve/white chi to bring en- 
ergy to the solar plexus area. 


. In order to send the ‘sick’ red chi into the ground, brush down the spinal column. 
. The back of the heart can be opened by pushing through in order to remove the dirty 


Chi. Then bring energy to the heart by using pale green/white and purple. Use your 
mind to see the heart center expanding and opening. 


. Brush down the dirty chi from the head area and send it into the earth. 
. Use a combination of pale green/white, blue and purple to bring energy to the back of 


the head, the crown point and the forehead. 
Toothache: Light Whitish Green and Blue Chi 


. Brush down the area with pale green/white Chi. 
. Energy should be brought into the area with pale green/white, mauve/white and blue 


Chi. 
Broken Bone: Orange- Yellow Chi 


For anything relating to the bones always activate the sacrum. Light orange-yellow Chi 


is used to encourage broken bones to knit quickly, Chi which is pale yellowish tan- 
gerine may be employed. The sacrum attracts the orange-yellow Chi; feel the eight 
holes in the bone breathing. The orange-yellow Chi enters, transfers up to the crown 
and is sent up to the universe to multiply. 


. The fracture area should be brushed using a combination of pale green/white and 


pale tangerine/white chi. 


. To promote fast knitting of fractures, a daily treatment with pale tangerine yellow Chi 


mixed with white can be employed, in the ratio of 7:1.5:1.5 of white (for the center), 
yellow and tangerine respectively. Push through and brush the sacral and navel ar- 
eas, using a Cerise (light red) Chi mixed with white. 
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Back Injury: Light Whitish Blue and Green Violet Chi 


. Scan the student to see which parts are congested. 

2. Use chi that is pale white/green or pale white/tangerine and, selecting each in turn, 
with a brushing movement apply to the whole spinal area and especially to the area 
where the trauma is located. 

3. To bring energy to the damaged area, use a combination of pale blue/white, green 
and purple. 

4. White chi should be used with a brushing movement on both the back and front of 

the solar plexus area. 


—s 


Infection and Inflammation: Light Green Chi 


Treat the damaged area with green and tangerine/white chi, using a brushing move- 
ment. For the heart and spleen, these colors should be replaced with green and purple. 

Bring energy to the area by the use of mauve, white, tangerine, green and blue and 
strengthen the natural immune of the body. 


Cysts: Light Green and Blue Chi 


During the course of the session, repeatedly pass your hands over the patient’s 
body. Treat the solar plexus area with a combination of green and blue chi. The cyst 
can be removed using a chi knife, spiraling clockwise with green and tangerine chi; 
moving the ‘stuck’ red chi out of the body and grounding it in the earth. After, blue chi 
should be used for a calming effect, while green and tangerine can also provide 
energy. For maximum benefit, sessions should be thrice weekly. 

As foods containing a lot of highly spiced ingredients have a lot of red chi, these 
should be kept to a minimum. The patient should use the Inner Smile to calm and 
balance his/her emotional state. 

It is sometimes necessary to sweep 100-200 times, to cool the affected area. Scan- 
ning will enable you to take a temperature reading. If the area is still hot then continue 
sweeping until it reaches a satisfactory temperature. 


Fever 


— 


. Brushing can be done with blue or green Chi. 

2. Push and pull through the affected part, sweeping the spleen with green and blue. 
Clean and rinse thoroughly. 

3. The solar plexus area can be treated with tangerine and blue Chi but tangerine should 
not be used on a patient with diarrhea. 

4. The thymus gland can be stimulated by the application of green, tangerine and purple 
Chi. First, brush the heart area with green and blue. This helps the body to ward off 
infection. 

5. Both lungs should be brushed and energy brought into the back of the lung area by 
the use of tangerine and green. 

6. Sweep the spleen with green. 
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If the student has a fever then they must lie down to receive the healing. This applies 
in all cases where the student is unable to sit up comfortably. 


Insomnia: Green and Blue 


Inability to sleep may be the result of too much activity in the solar plexus and the 
sacral area. The solar plexus may also be congested. Similar problems can also 
occur in the throat, mideyebrow and forehead, as well as at the crown point. 
Repeatedly pass your hands over the patient’s body as the treatment progresses 
and use a combination of blue and green chi to clean the sacral and solar plexus areas. 
Sleep can be brought on by use of blue, as it soothes the solar plexus area. Use 
blue and green to brush the mideyebrow, forehead and crown point and white and 
tangerine on the navel. Finish with blue. 

Do not eat food late in the evening. 

Sleep in a separate bed from your partner. You can place two beds next to each 
other. 


Tinnitus 


Relates to weakened kidneys. Work on the kidneys, mideyebrow and forehead. 


Blood Clotting: Blue Chi - Fresh Burns: Green and Blue Chi 


Because of the cooling and calming properties of blue chi, it can be used to remove 
the heat from burns. Green has a similar effect. 
The area needing treatment should be scanned, then brushed with a combination 
of pale green/white and blue Chi until relief is felt and the heat in the cells released. 


Old Minor Burns: Green and Red Chi 


Pass your hands over the damaged areas and repeat this during the treatment 
period. Use pale green/white and tangerine, but do not use on the head, eyes or brain, 
or other sensitive organs. 

To reduce discomfort in the damaged area and promote fast healing, firstly pale blue 
Chi mixed with white should be employed, followed by cerise mixed with white, and 
green in equal proportions as this mixture optimizes the breaking down of necrotic 
cellular material. However, cerise should not be used in the head area but be replaced 
by mauve mixed with white. 

Use cerise/white chi to brush the sacral and navel areas and follow with blue 
which assists in the release of the stagnant Chi. This session should be repeated for 
2 or 3 days. 
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Old Severe Burns: Green and Red Chi 


1. Scan atthe beginning and end of the treatment (Note:! do not think scan can be seen 
as plagiarism and | don’t know what other word to use in this context as | do not have 
the full text) 

2. The local area should be brushed first with pale green/white and then with pale 
tangerine white. Keep repeating but make sure to omit sensitive organs and the 
head area. 

3. To speed up healing and reduce pain and infection, the damaged area should be 
filled with energy from pale blue white, pale green white and mauve with white Chi. 

4. To help speed up the healing process, wait a few days until there is much less pain, 
then use pale green white and cerise mixed with white Chi. If the head area is af- 
fected, use mauve mixed with white in place of the cerise. 

5. Brush in the sacral and navel areas and to speed up healing use white Chi. 

6. After making your healing intent stable, release it. 


Old Wounds: Green and Red Chi 


Green chi, in equal proportion of pale green/white and pale red/white should be em- 
ployed on injuries which are not new as, when used in large quantities, it attacks and 
disperses damaged cellular matter, promoting fast healing. On recent injuries, it will 
have an adverse effect because it is likely to cause the trauma area to become moist, 
and it also will not be able to work quickly. 

Scan at the beginning and end of the treatment, and brush the damaged area 
with pale green/white and pale tangerine/white Chi. Some pale blue/white can be 
employed locally to energise the area. Use of pale green/white followed by 
cerise mixed with white can speed up the healing process and assist in the 
breakdown of cellular material. 

The navel and sacral areas should be brushed using pale cerise/white Chi. 
This will fill the area with energy and make the wounds heal faster. Before the 
Chi is let go, it should be stabilized. 


Some Specific Points and Ailments 


The following descriptions are mere guidelines. Each case is different and much de- 
pends on your own abilities. One needs practice to detect diseases. Best results with 
Cosmic Healing will be obtained when practiced in combination with Chi Nei Tsang. 

Remember that these techniques are not meant to replace the doctor, but merely to 
assist him. The student must always work with the practitioner. The practitioner is a 
channel, the student the healer. 
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Solar Plexus: Blue Chi 


The Solar Plexus is the connection point for practically 


all the nerves inside the body. That is why it becomes 
laden with emotions so easily. When the Solar Plexus 
jams up and overheats, the liver will overheat; when this 
happens, the heart will also overheat; this will in turn af- 
fect the thyroid and parathyroid; finally the brain will be 
affected. Cleaning out this center is therefore extremely 
important. This type of cleaning may be done from the 

top down (as in the general cleansing session) or aimed 

at the Solar Plexus directly. Draw the green light, spiral 

it, flush with the green light, then energize with white and 
violet light. As before, always allow the energy to stream 
through both the points fully. The Solar Plexus holds all 

the emotions. When working on the Solar Plexus, the 
most important thing to remember is to connect the back- 
side to the universe. There is literally no end to the ‘other’ 

end of this connection. Just allow the Chi to come all the 
way down and slightly pull inwards a little. Simply clean 1 
out the path. Allow the information to condense, allow { 
any images to come out. Then stabilize the energy. Pic- 





ture the Chi-field enveloping the person as a big protec- 
tive bubble. Cool down with blue. 


Skin Infection: Blue Chi 


The skin is related to the lungs and the kidneys. Whenever there is an infection, the 
immune system is involved. 


1 
2 


Enhance immunity as outlined in pages 101-108. 

Focus on strengthening the lungs. Always start with green to flush out. Then send 
orange light into the lungs. Make sure you are not sending it up to the brain. Energize 
the lungs with blue and white. 


. Detoxify the kidneys, purify the blood (green) and energize with blue. Ask the person 


to visualize a fresh mountain-stream to stimulate the kidneys. 


. Treat the area locally, using your hands. If the area is big, use your palm, if small use 


the fingers. Do not focus on your palms - refer to the section ‘Forget About Your 
Palms’. on page 152. Draw green Chi from the forest, and then energize with violet. 


. To diminish pain or itch, use blue to cool down. Also use the Chi knife to work on the 


infection. 
In case the skin problem is allergy-based, you should also treat the mideyebrow; 


there might be some irritation here. First clean with green, then either energize with 
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violet (if resistance is low) or soothe with a light shade of yellow. If the skin problem is 
related to asthma, open the lungs with bright red clean the throat center with green and 
energize it with (deep) blue. 

If the problem is due to toxicity, also clean out the liver flushing with a combination of 
green and orange. Energize with green. Enhance the immune system by working on 
the sacrum. 


Eyes: Green Chi 


The right and left eye are governed by the forehead and 
mideyebrow respectively. The eyes are also linked to the 
temples. Ask the person to touch their temple bone and guide 
them to take in the (white or light violet) Chi. Send Chi through 
the mideyebrow and forehead (all the way through). Ask the 
person to visualize the light coming in. Use soft shades of 
green with golden yellow to stimulate the optic nerve. Use 
blue to calm the eye muscles and light violet to stimulate the 
inner eyesight. 

The eyes are connected to the liver. Scan the liver and energize with green. Scan the 
jawbone to see if there is any unreleased anger. Cool down with blue. Channel bright 
green into the liver. 





Ears: Violet Chi 


The right and left ears are governed by the forehead and mideyebrow respectively. 
Push and pull green Chi to clean. The ears are connected to the kidneys, so you can 
work on them also. The ears are also connected to the sinuses and upper respiratory 
tract. This means that infections need to cool down before you can use any cleaning 
technique. Use blue to cool and clean with violet. As long as fever and severe infection 
persist, use blue to cool them down. When clean, energize with violet. 


Have Better Health, Less Stress and Remain Young 


Brush specifically on the areas of the solar plexus, liver, stomach and pancreas. 

White chi brings energy to the crown point, head (at the back) and both sides of the 
brain. 

Both the front and rear of the heart and lungs can receive energy from white/purple 
Chi. 

Both the front and rear of the spleen, the navel and lower abdominal area, the spinal 
cord, the kidneys, using white Chi. 

On the sexual center use white chi but if the problem is difficult to shift, use green. 
You can also use white Chi on the sacral area, and green or purple on other organs. 
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White Chi can be employed for the arms and hands, while the legs and feet should 
be treated with white and purple Chi. 
Eye problems with green/yellow energy. 


After a session, patients who are particularly weak should not bathe for one full day. 
The energy which has been put into their bodies can thus be kept there by application 
of pale blue/white Chi at the end of the session. 





Fig. 6.18 Use Compassion, Love and Kindness. 


Summary of Individual Healing Session 


A. Chi Knife 
B. Energizing and Activating the Immune System 
C. Cleansing with the Internal Organ Techniques 


General Outline of Practices 


1. Gain experience by working with one person. Stand in front of them with your feet 
shoulder width apart. Hold your hands at your heart in salutation. Transmit your 
love and compassion and ask for their permission to help them to help themselves 
heal. 
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. Connect to the student’s and your own cosmic star above your head and ask for 


universal permission. Radiate your love and transfer three minds into one mind. 
Lower your Upper Tan Tien. Activate your consciousness: Three minds become one 
mind. Expand your awareness in the mideyebrow and the crown. Feel the Tan Tien, 
heart, mideyebrow and crown spiraling. Expand to the universe. 


. Visualize the person’s legs as being ‘very long’, extending down to the earth. Acti- 


vate the Sacred Fire and bring it down. Clean out the room and make a big Chi field 
around you and the student. 


. Call the Elemental Forces: water, fire, thunder, lightning, rain, lake, earth, moun- 


tain, wind and Heavenly Chi. Call the guardian animals; Blue Tortoise from the north, 
Red Pheasant from the south, Green Dragon from the east, White Tiger from the 
west, Yellow Phoenix from above and Black Tortoise from below. Feel that you are 
protected by the Chi; gather the power of all the mountains, rivers, streams, stones 
and rocks into the room. Activate them with lightning, thunder and wind - filling the 
whole room with electrified Chi. 


. Chi Knife 
. Hold the knife in right hand (left, if you are left handed). Hold the other hand near your 


body with the thumb and index finger touching. Project the Chi Knife as big as the 
universe, ‘long and big - reaching to Heaven’. The bones in your arm are hollow and 
the ‘bottom’ is sealed at the shoulder. Feel them ‘fill and pack’ with the power coming 
from above. 


. Then give the command: “Power comes from the east. This Chi Knife has the 


power to dissolve all the negative energy, sickness and bad fortune. By my 
request, please carry out the order now.” Wait until you feel that your arm and 
the knife are heavy and full of Chi. 

Carry out energetic surgery, cutting and slicing the affected area with cool 
yin energy. When you feel that the Chi Knife is full of sick Chi, spiral counterclock- 
wise and discard it down into the ground. When you feel that the knife is ‘empty’, 
charge it with Chi from the universe. Continue until you feel that the area has been 
cleansed. 


. Energizing and Activating the Immune System 


In cases of severe illness, debilitation and infection, it is essential to stimulate the 
body's defence systems. You may also want do this in a preventative manner. 
Guide the student as you practice together. Presuming that you have already done 
the previous set of general healing, you can start with the coccyx. 


. Be aware of your Tan Tien and connect to the universe. Touch your coccyx with the 


fingers concentrating a beam of white or yellow light on to it. Picture the sacrum 
opening and the light streaming inside, flowing up the spine and streaming out over 
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the whole bone structure. Feel the Chi rising up to the universe, multiply it and guide 
it down to your energy body. 

2. Be aware of the Tan Tien and the universe. Attract the yellow light; spiral and con- 
dense the healing light into the tips of your fingers; move the fingers up to touch the 
sacrum. Send out a beam of yellow Chi into the sacrum, directing it up the spine. 
This will stimulate the production of red blood cells. Transfer the feeling of ‘Bone- 
Chi’ up to universe and down to your energy body. 

3. Proceed to the crown, showering it with violet light. Then spread from the crown 
throughout the bones of the body. Repeat several times. Instruct the student to feel 
the bone structure breathing. Ask him/her to extend up from their crown to the Big 
Dipper and North Star, channelling down the red and violet light into the thymus gland. 

4. Continue to the throat, stroking down with your palms, using green color to move 
the lymph down towards the backside of the heart. (Never stroke up towards the 
head! Only guide the lymph down). 

5. Proceed to the lymph nodes under the armpits and across the sternum. Next 
activate the lymph nodes in the groin. From the groin you guide the lymph up to the 
navel center (Not down where it will get stuck in the legs). 

6. Return to the navel center. Send the energy deep inside, energizing the lymph 
nodes at the back. Pull back, drawing green energy, flushing out any waste products 
that are stuck in them. 

Activate the points at the inside of the elbows and the knees. 

Shower the whole body with healing light and energize the perineum with blue Chi. 

Always remember to ground any sick energy by sending it deep into the ground. 

Ask the student to do the same and it will be more effective. You should do this 

while giving the session as well as when closing it. 


C. Cleansing the Internal Organs 
(Repeated from pages 132-133 and pages 136-137) 

This session can be used for any kind of ailment and carried out with any number of 
students. It is important to remember that if there is no energy in your Tan Tien, 
then there will be no energy to work with. When you are aware of your Chi, you can 
direct heavenly light straight into your energy body and then into the student’s. 


General Cleansing Procedure 


1. Push and pull the energy through the student’s body. Push and disperse the sick 
energy into the universe and out to the planets, where it will be transformed and 
recycled. 

Pull the energy back and stop it between yourself and the student. 

Spiral the energy counterclockwise until you see the green light mix and clean the 
sick energy. Spiral and flush the energy down into the earth. 


oN 
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10. 


11. 


. Spiral with blue light; see it mix and flush the energy within the student’s body. Spiral 


this energy down to the ground. 
Energize the student with white or violet light. 
You can also use both hands to channel Chi when you ‘push and pull’ through the 
body. 
Spiral in - spiral clockwise to bring energy into the body and energize it. 
Spiral out - spiral counterclockwise to cleanse, flush and remove energy. 
When you begin pushing, pulling and sweeping, you may feel resistance in the body. 
As you progress and the energy centers open, this feeling will diminish. 
There are many color combinations that can be applied to the various parts of the 
body. When you start practice, stick to the basic ‘blue, green, white, violet and blue’ 
formula. When you are working on a specific area, you can keep this book near by, 
or write a short ‘color recipe’ before you begin. In this way, you will be able to relax 
your mind. 
‘Pushing and pulling’ is like fanning and venting the body; when you fan your hands 
in front of your face, it will have a cooling effect. Ventilation enables the stagnant, 
sick energy to leave the body. 

Below is a list of the body’s organs in relation to their tendency to ‘store heat’. 
They are listed in descending order, i.e, the head is the hottest. 

Head, heart, liver, lung, stomach and spleen, large intestine and small intestine, 
kidneys and sexual organs (which become hot when aroused). 


Outline of Practice 


The solar plexus is the clearing house for emotional energy and is situated in be- 


tween the lower and higher energy centers and in the center of most of the internal 
organs. All the organs dump their negative emotions here. The internal organs can be 
cleansed by sweeping the solar plexus, energizing, cleaning and flushing it of sick en- 
ergy. When you feel sick energy in the body, give the command: “Stay”. This is very 
important; it makes sure that none of the cells hide from the dazzling light that you are 
sending in. 


1. 
Zi 


3. 


Scan; ask for the power to look at the cells. 

Push, pull and give the command “Disperse”. Push until you feel the solar plexus 
clear and open. 

Spiral green Chi counterclockwise. Talk to the sick energy; tell it to “Leave”, you will 
take it to “a better place, where it will be happy”. Give the command “Out”. 


. Spiral Blue Chi counterclockwise, flushing out any remaining sickness. Guide the 


sick energy into the earth. 


. Spiral and sweep Blue - Green and Red Chi into the solar plexus, sweep the organs. 


Do not use in cases where there is intestinal infection and internal bleeding (which 
can be worsened) or in the presence of pregnant women. 
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Cleansing the Spinal Cord 


Always cleanse the spinal cord, which protects the entire body from diseased and 
negative energy, both physical and psychic. When you open the spinal cord and solar 
plexus you can release many energy blockages. Sweep the hand in a clockwise motion 
to energize the spine with either/or a combination of: blue, green, white and ultra-violet. 
Then spiral counterclockwise and brush the spine down to the ground. Continue sweeping 
until you feel that the spinal cord has cooled down. Remember not to use orange or red 


Cleansing the Blood (Lungs) 


The blood can be cleansed by energizing the lungs with whitish green, then with light 
whitish orange. The blood passing through the lungs will absorb the green and orange 
Chi, thereby cleansing the blood plasma and vessels and the rest of the body. This 
technique is very useful for treating ailments of the blood and of the arteries and for 
severe infections. Do not use it on pregnant women. 


Outline of Practice 


. Scan the student. 

. Push through and open the lungs from the back to the front. 

. Energize the lungs from front to back with light whitish green, then with light whitish 

orange. Push through. 

4. If the student is weak, energize the lungs with light whitish red, which will provide a 
strengthening effect. 

5. The spleen, liver and kidneys purify the blood. Push and pull through the organs 
and energize with white Chi. 

6. The blood requires a lot of cleaning on a regular basis. 

7. Energize with white Chi. Germs can only grow in the dark. ‘Fill yourself with the 

light’. 


On = 


General Principles 


Energy can be introduced to the affected area of the body by moving the hand clock- 
wise in a spiral. Flush means to return the sick energy to the earth for recycling. 

Stabilize means to return the area to normal functioning. 

Spiral in a clockwise motion when you are ‘stabilizing’. 

Use blue or white light to energize the area that you are working on. 

Use green light to energize and clean the area that you are working on. 

Use blue light to flush and stabilize the area that you are working on. 

Use violet light to balance the sick energy and reprogram the cells of the body. 
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For general infections always use green (energize and clean) and blue (stabi- 
lize) light. Use violet light to balance the sick energy and reprogram all the cells. Use the 
‘Chi Knife’ for infections as well. Never use orange on the head, heart and spleen. 


Give the command “Stay” to make sure all the cells receive the light you are 
sending in. Remember that germs and bacteria cannot hide in the light. 


Energize means to draw the Cosmic Chi into the part that requires healing. 
Cleanse means to clean all the cells being treated. 


You can also work on yourself. You may need some help when working on the 
back. If you obtain optimum health and practice the Cosmic Orbit regularly then you will 
never ‘need’ to apply any of these techniques to yourself. 

Like all Chinese medicine, Cosmic Healing works on the system as a whole, balanc- 
ing the entire organism, treating the cause to cure the symptoms. 


The techniques really are simple. 


When in doubt use; blue, green, white, violet, blue. 
You can always use white and violet. 
Upper organs - use violet. 


You can practice group healings and then link your students’ personal stars together, 
at an agreed time later in the day. You can then perform the World Link Cosmic 
Healing. 


Work on any other ailments that the student may have. 


The simplest way to learn is to begin practicing today. 
The simplest way to heal is to allow yourself to be healed. 
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Chapter VII 
Different Hand Techniques 


Forget about your Palms 


An extremely important theory of Cosmic Healing Hand Techniques is to ‘forget about 
your palm’. This means that you should only use the palm (which is incredibly sensi- 
tive), for ‘guiding’ the universal energy into the right spot, sending out a minute beam of 
light, like a laser, that marks the place where the energy should be sent. Your palm is 
connected to your brain, which has been sunk into your Tan Tien. The light marker will 
serve as a beacon for the force that is directed down by your mind. Draw down the 
Universal Chi, guide it to the right spot and give the command; "Stay". This is very 
important, otherwise the Chi will disappear once you move your hand. 

When you practice Cosmic Healing it makes no difference how many people you 
treat, because you are not transferring your own energy. 


Don't Focus your Mind on the Sick Part 


If you direct your attention towards something, your energy will go there. If you focus on 
some ailment, you are already sending out your energy. Instead you should try to con- 
nect with a greater source, Universal Chi, extending your mind very far away. This way 
you won't lose your power. The only thing you do as a practitioner is to form the connec- 
tion between nature, the student and the sick energy or between the universe, the Chi 
field and the sick part. 


Cosmic Healing is Teaching 


One of the best methods of protection for a practitioner is the Fusion practice (Refer to 
‘Fusion of the Five Elements | by Mantak Chia). Perhaps even better is for the practitio- 
ner not to perceive him/herself as a healer, but as a person that comes to guide people 
in something they have to do themselves. When you say; "| am a healer", the sickness 
or bad energy, has already found a new home. When you check it out, first it will try to 
hide, and then it will try to attach itself to you. But if you don't interfere, the energy will go 
straight to the ground. So it is very important to clarify that you are not a healer, but a 
practitioner that can help, and that the student or sick person has to do most of the job. 
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Fig. 7.1 The Stronger your Awareness of your Inner Body, 
the Easier it will be for others present to pick up this Sense. 


If you guide those present, this will greatly enhance your healing session. Sit or stand 
facing your student. Any time you want him or her to focus on a particular point of the 
body, ask them to touch it with their hands. For example, "Now place your hands on 
your navel", while you do the same thing yourself. As soon as you feel the Chi there, you 
instruct them to focus on the navel themselves. This way you are actually helping them 
to deepen their bodily awareness. The stronger your own awareness of your inner body, 
the easier it will be for the others present to pick it up. This means that if you are treating 
some part of another person's body, or if you see that the person is not aware of any 
energy in some part of the body, you can help by focusing your awareness on this 
particular part of your own body. 


Chi Kung Diagnosis: Hand Scanning 


Hand scanning is a simple and effective diagnostic tool of External Chi Healing. It in- 
volves passing your palm over the body of your student from one inch to one foot above 
the surface of the skin and being aware of the energetic state of the various bodily 
areas. What one senses is described as the electromagnetic field, the aura or the 
energy body. 


General Variations in the Energy Field 


The variations you may sense with scanning that have diagnostic significance are: 
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Temperature 


Heat generally indicates excess, while cold indicates deficiency. However, some 
areas of the body are naturally warmer or colder than others. This is described below 
under "Hand Scanning the Internal Organs." 


Thickness 


A feeling of thickness over the area would indicate excess, while thinness may indi- 
cate deficiency. 
Wind 


You may feel sensations of wind leaving the body at various places. This may indi- 
cate internal wind at a given location, or it may point to an area of the body that is 
"leaking energy" and needs to be ‘patched’ or ‘sealed’. It may also be a positive sign that 
you are driving wind out of the body. 


Peaks and Valleys 


Peaks in the energy field will feel like mountains or hills in the aural landscape. They 
may actually push your hand away. Valleys feel like depressions or energy vortexes 
drawing you in. They may also feel empty, like a hole or pit. Peaks indicate excess or 
stagnation, while valleys indicate deficiency. 


Tingling 


Accumulations of sick Chi may cause your hand to tingle, feel prickly, throb, or even 
hurt. These are excesses of energy and upon inquiry, the student may complain of pain 
in this area. 


Hand Scanning the Internal Organs 
Each Organ Emits a Different Aura 


Each organ emits a different kind of force or aura through the skin. By passing a 
hand one or two inches above the skin, you can feel different sensations that reflect the 
condition or state of the internal organs. You need to develop the sensitivity to receive 
and identify the vibration or frequency of each organ. Practicing the Cosmic Chi Kung 
Meditations will help develop such sensitivity. 


Liver and Gall Bladder Scanning 


Healthy liver and gall bladder energy feels warm. 

Negative Emotions: When you pass your hand over the liver, under the right side of 
the rib cage, you will feel a charged energy come up to your hand. This is a sign of anger 
in the liver. 
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Overactivity: When you pass your hand over the liver and feel a rush of hot energy, 
this indicates that the liver is overheating because of toxins or emotional stress. 

Underactivity: When you pass your hand over the liver and you feel a dense and hot 
energy, the liver is weak, congested and sick. 


Lungs Scanning 


Healthy lung energy feels cool and dry. 

Negative Emotions: Pass your hand over the lungs. Do the Lungs' Sound and listen 
to the echo of the sound as it rebounds from the lungs. Sadness will feel like a deflating 
ball pressed between your hands. 

Overactivity: Energy that feels dry and hot indicates an overworked organ. 

Underactivity: Energy that feels damp and cool under the scanning hand indicates 
underactive or congested lungs that can lead to respiratory problems. 


Heart Scanning 


Healthy heart energy feels warm and energetic. 

Negative Emotions: Hot and charged energy indicates impatience, hastiness and 
arrogance in the heart. 

Overactivity: If your hand detects hot, charged and overly expansive energy, this 
indicates that the heart and blood may be overheating. 

Underactivity: Energy that feels cool and less expansive indicates an underactive or 
congested heart. 


Spleen Scanning 


Healthy spleen energy feels lukewarm. 

Negative emotions: Energy that feel damp and sinking indicates excessive worry. 
Overactivity: The energy feels hot and damp when the spleen is overactive. 
Underactivity: The energy feels cool and damp. 


Kidneys Scanning 


Healthy kidney energy feels cold, but not too cold. 

Negative emotions: Energy that feels cold and chilly indicates fear. 

Overactivity: When the kidneys are overworked or overstimulated by excessive ex- 
ercise or improper diet and liquid intake, the energy can feel damp, stick and hot. 

Underactivity: When toxins are blocking the organs, the energy can feel damp and 
cold. 

Hand scanning is an art, and may take a while for you to feel confident using it. 
Practicing Cosmic Chi Kung is one of the best ways to develop greater sensitivity in 
hand scanning. 
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Chapter VIII 
Cosmic Chi Kung 
Palm and Finger Training 


Why We Practice the Cosmic Chi Kung 


The Cosmic Chi Kung is also known as Buddha Palm. The reason we train with the 
Empty Force practice in connection with the Cosmic Healing is to learn how to project 
Chi through the space in the cosmos, the space between your hands and to project Chi 
through the space to your students. Usually when we touch the student we pick up sick 
energy. This practice will teach you how to ground the sick energy to the earth and to 
disperse it into the Universe to be decomposed and recycled by the planets. 

Practice until you can project Chi out from your palms and fingers and when you feel 
the Chi coming into your body through your hands. The most important part is to always 
remain connected with the Universal Force coming from all six directions. If you focus 
on healing from your hands or your Tan Tien you will use up your own energy. You must 
be connected to the Cosmic Universal Force. 


Expand your awareness to nature, the oceans, the lakes, the forests and mountains. 
Smile to nature and feel it smile back to you; inhale and draw the Chi into your palms. 
Expand your awareness to connect to the light, the Milky Way and the cosmos. 

Be aware of the heart and the red light in the heart; expand your awareness to infinity. 
The light will come close to you; picture the red planet Mars above you. See it shine 
down to your crown, feeling the light in your palms. Be aware of the six directions, feel 
your body growing bigger; until you touch the sky, your feet still planted in the earth. 
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Opening Heaven and Earth Force in the Palms with 
Heaven and Earth Spirals 


The purpose of this technique is to draw in the forces of heaven and earth through the 
palm. Activate the spirals, the symbol for the heaven and earth force in the center of the 
palm. za hy 





Fig. 8.1 Enhances the symbol of Heaven and Earth Force, in the Laogong - Pericardium 8. 


This is accomplished by drawing these spirals with the palm itself. As you draw the 
spirals, you should actually feel the palm breathing, inhaling these forces in. In the be- 
ginning, however, you may only be able to use your own mental imagery and imagine 
that you are absorbing these forces. In time the feelings will replace your imagination. 

You breathe in Heavenly Chi when you draw the heaven spirals, and breathe in Earthly 
Chi when drawing the earth spirals. You may draw in both in one session; you may also 
choose just to draw in either Heaven or Earth Chi if you feel you need more of one or the 
other. It is important to balance these energies whenever you do this exercise. 

1. Begin by raising the right hand to about shoulder height with the elbow sunk and the 
palm facing forward. Slightly pull back (open) the index finger, and slightly stretch the 
thumb forward and down. This will activate the Laogong point on the palm. 

At the same time, touch the tips of your left thumb and index fingers together. 

This will allow the right hand to draw in the Heaven and Earth Chi. The left hand will 

then be held palm up to draw in the heavenly force, or held palm down to draw in the 
earthly force. 
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2. Begin drawing the heaven spiral by moving the palm in a clockwise motion, with 
the circles getting smaller and smaller, spiraling inward. At the same time, your left 
hand is held at your side, palm up with thumb and index tips touching each other. 
Draw seven or nine (planets of our solar system) small spirals with your right hand in 
this way, drawing in the violet heavenly energy. 

3. Next, lower your right hand slightly and turn your left palm down to face the earth. 
Then begin drawing the earth spiral by moving the right palm in a counterclock- 
wise motion with the circles getting larger and larger. Draw five spirals (five ele- 
ments), drawing in the blue earth energy as you move. Inhale into the palm, feeling 
the energies. 

4. You may now bring both hands down to the beginning position of Cosmic Chi Kung, 
or you may open the Cosmic Channel to the planets for healing. This is discussed in 
the next section, Part |, ‘Opening to Heaven, Earth and Cosmic Chi’. 


Cell Breathing 


By understanding the operations of our cells, we establish a foundation for our experi- 
ence of Cosmic Chi Kung. Each cell is a living, breathing entity, absorbing energy with 
each inhalation and releasing toxins with each exhalation. Thus with every breath, we 
are creating more Chi. 

We are made up of over one hundred trillion cells (one trillion is one thousand billion). 
Each one of these cells is constantly breathing. In order for our cells to function opti- 
mally, we must follow nature's teachings. 





Fig. 8.2 Each Cell is a Living, Breathing Entity. 
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The first thing is to keep your cells free of toxins. Eat nutritional foods. This helps the 
Chi to flow smoothly through your energy channels and aids greater assimilation of 
vitamins and minerals. Learn and apply Five Element nutrition principles, eating ac- 
cording to the seasons and to your own constitution. 

The second thing is to keep your cells free of excess emotions. Develop the skill of 
acting positively to situations, rather than reacting, especially negatively. Don't allow 
anyone to make you sad and unhealthy. Some people like to say, "You make me angry,” 
or "You made me worry." We cannot allow other people to make us so emotional. We 
do not need to accept the negative emotions that other people try to dump on us. Cellu- 
lar and psychic boundaries are related. Negative emotions disturb the cells' ability to 
absorb Chi and to generate the energy necessary for healing. We need all the Chi that 
we can get. Learn and apply the Six Healing Sounds, the Cosmic Inner Smile and the 
Fusion of the Five Elements meditation to transform negative emotions into personal 
power. 

Third, create more energy by cultivating a happy attitude, so that your cells can re- 
generate more easily. Smiling and loving are the two quickest ways to make more 
Chi. In order to have an ample supply of Chi, develop an attitude of joy and love in 
yourself and towards others. 


Mind, Eyes, Heart and Intention (YI) 


The opening of the mind, eyes, heart and use of intention is vital for further activating 
and increasing your Chi. In the 
Tao we achieve this by cultivat- 
ing our "Yi" (pronounced "yee"). 
"Yi" means mind power, intention, 
awareness and concentration. 
The Yi leads and guides the Chi. 
With our mind we control thought 
patterns. With our eyes we con- 
trol the senses of sight, hearing, 
smell and taste. With our heart 
we control all our organs and 
their related emotions: the kind- 
ness/anger of the liver, the joy/ 
impatience of the heart, the open- 
ness/worry of the spleen, the 
courage/sadness of the lungs 
and the gentleness/fear of the kidneys. 





Fig. 8.3 ‘Yi’ leads and guides the Chi. 
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Every excellent achievement in our lives depends upon the quality and efficient op- 
eration of our Yi. Combining the awareness of the mind, eyes, heart and intention into 
one, causes the creation of a rich and rare alchemical mixture. The power of the Yi is 
the magical catalyst that assures energetic results. 

The basic teachings are all in the Microcosmic Orbit, the Cosmic Inner Smile and the 
Six Healing Sounds. As long as you are alive and healthy, you are able to draw in energy 
from the universe and nature. The stronger the battery, the better it is able to store this 
energy. If you're weak and sick, you have no way to draw any energy from nature or the 
universe. When the cells stop drawing in energy, life ends. If you have perfected these 
practices, you have all the personal physical, mental and spiritual power that you need. 
Everything comes together. Your mind is aware of the original force. From the knowl- 
edge of Oneness, you are inwardly aware of your mind, senses and heart; you are 
outwardly aware of the universal energy. Now you are capable of receiving the abun- 
dantly available healing power of the universe; you can tune into everything, inwardly 
and outwardly in all directions. This is what we are here for: to heal and become whole 
again. We have higher goals to reach. The foundation for reaching our goals is a strong 
and healthy body. 

Cosmic Healing Chi Kung is merely an extension of the universe within yourself. You 
draw the universe in through your palms, skin, heart and crown. With your Yi you breathe 
in the cosmos through these various open cavities of receptivity in your body, absorb its 
power, condense it, transform it and use it for the benefit of all. 


Connecting the Bridge 


Contracting the muscles of the perineum, sexual organs and anus activates our con- 
nection with the earth energy. By pulling up these areas and drawing in energy through 
the soles of the feet, we immediately become grounded and bring the earth (yin) energy 
into the Microcosmic Orbit. Pulling up should be done gently and directed by the Yi. 
When we speak of "Connecting the Bridge," we are referring to the above exercise, 
except that we do not pull up on the perineum. Pull up gently and lightly on the sex 
organs and anus while leaving the perineum totally relaxed. After performing the first 
contractions, when you then relax the perineum, the earth energy will continue to flow 
into the body using the principles of a siphon. We thus connect the "Bridge" across the 
perineum from the sexual organs to the anus using the Yi to direct the energy. This 
actively combines the earth energy and your sexual energy and directs it into the Micro- 
cosmic Orbit. This energy is circulated during Cosmic Chi Kung. Holding a very gentle 
contraction will keep you grounded during the exercise. It can be done sitting or stand- 


ing. 
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Women lightly contract the Vagina Men lightly contract the Perineum and Anus 


Fig. 8.4 Connect the Bridge - combine Earth and Heavenly Energy. 


Cosmic Chi Kung Preparation 


Cosmic Chi Kung can be practiced either in a sitting or a standing position. 
Sitting, relax as much as possible and invoke the Cosmic Inner Smile. 


1. 


Be aware of your heart and listen to your kidneys with your inner senses. Smile to 
your heart and kidneys and feel them pulsing; feel them communicating and interact- 
ing with each other. The Kan and Li; the water of the kidneys and the fire of the heart, 
balance and begin to mix. 


. Open the arm pits as if you were holding a ping pong ball there and slightly move the 


fingers to activate the Chi flow. Relax. Feel the sensations of the Chi flow: tingling, 
warmth, pulsing, electric and magnetic feelings. 


. Be aware of your palms. Draw in Chi by activating the bone breathing process. 


Become aware of the perineum; slightly pull up the perineum, sexual organs and 
anus and "connect the bridge." (Remember to relax the perineum). 


. Breathe into the palms of the hands and soles of the feet, further enhancing your 


connection to the earth force. Smile to the blue earth energy as it flows up your arms 
and legs and suffuses your body with pleasant Yin energy. 


. Breathe into the mideyebrow point and activate your connection with the Cosmic 


Force. Smile to the golden light of the cosmic energy as it swirls into your mideyebrow 
point and flows throughout your body, healing and balancing your energy. 


. Breathe into your crown point and activate your connection with the Heavenly Force. 


Smile to the red and violet light of the heavenly force as it flows into your brain and 
washes your body with subtle pure Yang energy. 
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Fig. 8.5 
Place the Tip of the Tongue on the Upper Palate. 


7. Place the tip of your tongue on the upper 
palate behind the teeth in a comfortable 
position. 





Fig. 8.6 Invoke the Cosmic Inner Smile. 


8. As you begin to move through the postures of Cosmic Chi Kung, always be aware of 
the Chi flow and its attending sensations. 


Cosmic Chi Kung Preparation Standing 


1. Stand with your feet parallel and shoulder width apart. 

Tilt your sacrum and pelvis slightly forward until you feel your feet press more firmly 
into the ground. As you tilt the pelvis, feel your lumbar vertebrae pressing outward; 
this is called "Opening the Door of Life." 

2. Relax your chest and sink your sternum. Draw your chin in slightly, and hold your 
head, neck and spine erect as if your head and spine were suspended from above 
by a string. 

3. Follow the same instructions for the preparations of Cosmic Chi Kung. 
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Cosmic Chi Kung 


Opening to Heaven, Earth and Nature 


The natural world is the source of our power. Cosmic Chi Kung teaches us about na- 
ture and its energies. In the Tao, nature and the universe are equivalent to God. You are 
a part of nature and can easily learn to open to the forces in the macrocosm and let 
them flow through you. This is very simple. Just tune into the frequencies around you. 
Your fingers are antennae, which transmit and receive. 


1. To begin your practice of Cosmic Chi Kung, simply stand up and feel the energy 
around you. When you stand or sit, be aware of your soles (Bubbling Spring points) 
making a good connection with the earth. Your perineum (Hui Yin point) is relaxed 
and open. You are connecting to the earth force and can expand further down on to 
the other side of the universe. This is one type of energy. 

2. When you draw your chin in, slightly relax your chest and tilt your head slightly 
forward; you begin to be aware of the heavenly force. This is another type of energy. 

3. The qualities of the Five Elements reveal themselves as woody trees (growing 
force), fiery deserts (expanding force), earth mountains (stabilizing force), metal air 
(contracting force) and watery oceans and lakes (gathering force). We call the com- 
bination of these elements the ‘Cosmic Force’. 


Thus, your mind and body learn to gather, absorb, direct and transform the heaven, 
earth and cosmic energy for your own use. This is the essence of Chi Kung. Today 
there is a lot of emphasis on learning movements and forms of Chi Kung. However, if 
the inner feeling is not there, the movements are of little value. 


Heavenly force is Yang. Earth force is Yin. By learning to connect to the energies of 
heaven and earth, you have a powerful tool for restoring and maintaining your inner 
balance of Yin and Yang. 


Outline of Practice 


Before practicing each of the Cosmic Chi Kung sets in this chapter and in the follow- 
ing chapters begin with the heaven and earth spirals as outlined on page 157. 

First Create the Chi Field. 

Hold each of the Cosmic Chi Kung postures for at least 5 - 30 seconds, gradually 
lengthening the time to 60 - 120 seconds per posture. 

Note: While holding the postures count the breath from 5 to 15 seconds, being aware 
of the Tan Tien and feeling the Chi in the Tan Tien which then moves up to the crown 
and expands up to the universe; fuse your Chi with the Universal Chi and let it multiply 
down to your palms. Just concentrate on the ‘Tan Tien and the Universe’; do not 
concentrate on the palms at all. 

Throughout parts |, Il, Ill and IV “Tan Tien and Universe’ means to spiral into the Tan 
Tien and spiral out into the universe connecting ‘Tan Tien and Universe’. 
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Part | 
Opening to Heaven, Earth and Cosmic Chi 


Opening Movements 


Three Minds into One Mind 


Empty the mind and heart down to the Tan Tien. 

Hold the hands together at the heart center. 

Smile and make the heart feel soft; feel love, joy and happiness. 
Turn your consciousness inward and your awareness out. 





Fig. 8.7 Empty your Mind and Heart down to your Lower Tan Tien. 


Feel your legs lengthen extending down to the center of the earth. 

Feel your hands lengthen extending to the universe below. 

Let the mind expand and be aware all the way down to the universe. 

Feel the ‘long’ bones of the arms and legs and begin bone breathing. 

Feel universal Chi filling, packing and compressing into the bones. 

Draw this Chi down to the back of your crown and feel a heavy pressure press on the 
crown; feel slightly numb or a light electric downward flow, like oil dripping down. ‘Focus 
at Tan Tien and Universe’. Count to five. 
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Channeling the Earth Force - Washing the Bone Marrow 


Smile into the perineum, palms and crown. Then slowly raise the arms, palms facing 
each other, to chest height keeping the elbows relaxed and sunk. Rotate the arms 
slowly until the palms are facing down. Be aware of the mideyebrow and feel your 
breath and lightly contract your eyes and round muscles around the eyes. Connect the 
perineum bridge by slightly squeezing the sex organs and the anus; do this a few times. 

Rest and smile to soles of the feet, feel the Chi bubbling and feel like you are 
standing on a hot spring starting to bubble up. 

Be aware of your Tan Tien and expand your mind down past the earth to connect with 
the galaxy below you. Multiply and bring your mind back to the Tan Tien. Gradually feel 
the Chi being absorbed through the whole body and absorb it into the bones and body 
like a rising steam or mist. Feel the earth force move through the center of the bones 
and enter the bone marrow move up the calves and thighs (femur bones) through the 
hip bones, spine, scapula, arms, neck and skull. Finally swirl the energy around 
your brain. ‘Focus at Tan Tien and Universe’. 


\e@\ : 
\\ Tiger’s mouth 
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Fig 8.8 Activate the Hip: Large Intestine 4, Pericardium 8 and Small Intestine 3. 






Raise your index finger slightly upward to 
activate the Hegu Point (Large Intestine). 


Tiger’s Mouth 


Fig. 8.9 Open the ‘Tiger’s Mouth’. 
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Then stretch your thumbs out to the sides and down, so that they end up point- 
ing downwards toward the earth. This activates Large Intestine 4 (Hegu). Large Intes- 
tine 4 is found in the webbing between the thumb and index finger. It is called the "eye of 
the hand"; this area is also known as the "Tiger's Mouth." 

Slowly draw the elbows back and lower the hands until your palms are facing down 
beside the "eye of the hip" (the iliac crest) with the "eye of the hand" (Large Intestine 4) 
aligned with the "eye of the hip. "Be aware of the Tan Tien (Yi, the abdominal brain) and 
expand your mind out into space, the Cosmos and the universe. Remember: The fin- 
gers and the energy point act just like a laser to help guide the universal force flow; as 
soon as you focus on the fingers or the palms you are starting to use your own energy. 
Feel your Tan Tien and the crown full with Chi. Just use your second mind intention, 
lightly aware of the area between the hips and LI-4 points. Focus at Tan Tien and the 
universe. This will activate the lungs and large intestines. Hold for a 30 second count 
and gradually you will feel the ascending colon and the sigmoid colon have been acti- 
vated; you may feel some movement around this area. 





Hip Point 


Fig. 8.10 Activate the Organ Energy. 


Use your Yi to rotate your hands so that the fingers first point out, then back, turn the 
palms up and finally point the middle finger in toward the eye of the hip. Tan Tien and the 
universe - 95 % aware of the ‘Tan Tien and the Universe’ and 5 % aware of energy 
flowing back and forth between the tips of the middle fingers (Pericardium 9); feel 
the Chi passing through the hips. This will activate the pericardium. 
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Rotate the hands again until the fingers are 
pointing forward with the palms facing up. 
Align the knife edges (Small Intestine 3) with 
the eyes of the hip. ‘Focus at Tan Tien and the 
Universe’. Be lightly aware of the energy pass- 
ing back and forth between the two hands. This 
will activate the heart and small intestine. 


Fig. 8.11 Activate the Heart and Small Intestine. 





Absorb the Heavenly Force 
Washing the Bone Marrow - Crown to 
Soles 


Extend the arms forward to chest height with the palms 
facing upward. 


Laogong Point (Pericardium 8) 





we 
Fig. 8.12 Draw Heavenly Energy into the Palms. 


Become aware of the Tan Tien, the Crown and the Star above you. Expand your 
mind (YI) out to the universe and connect to the galaxy. Be aware of the palms and the 
crown which are connected to the galaxy. Activate the Laogong point (Pericardium 8). 

Feel the heavenly energy come directly to your palms, and be aware of the violet light 
of the North Star and the red light of the Big Dipper both shining radiantly. 
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Picture yourself holding the handle of the Big Dip- 
per and turn the ‘cup’ pouring the light over your head. 
Draw this light in through the palms and the crown 
point and feel it washing your bone marrow. Always 
remember your Tan Tien. Direct the sensations 
down through the skull, cervical vertebrae, 
clavicle, scapulas and sternum. Activate your thy- 
mus gland and continue drawing the healing 
heavenly light down through the rib cage, arms, 
spine, hips, femurs and calf bones, feet and toe 
bones. Be aware of the soles bubbling up to the 
perineum and up to the crown. 

Lightly rock yourself like riding a horse; this will help 
keep your spine open and Chi can flow easily through- 
out the practice. 





Fig. 8.13 Hold the Big Dipper. 


Absorb the Earth Force and the Other Side of the Galaxy 


Rotate the arms until the hands are palms down. 

Raise the index fingers slightly and extend the thumbs first towards each other and 
then toward the ground. Be 95% aware of the Tan Tien and the Universe, and 5 % aware 
of the index fingers and the big toes. Wait until you feel the Chi enter. Fill the joints of the 
fingers and up to the wrists; feel ‘tense but not tense’ 
and let the Chi continue to fill the joints up to the 
elbows, up to the shoulders and gradually up to the 
neck and the head. Go from the toes up the legs to the 
hips and on into the spine and the rib cage complet- 
ing all the joints of the body. 

Be aware of the Tan Tien and the universe and only 
slightly aware of the palms (Laogong), the soles of the 
feet (Kidney 1-Bubbling Spring), and the perineum 
(Conception Vessel 1-Hui Yin) bubbling. Activate these 
points, feel the earth energy and continue smiling 
through the earth to connect with the galaxy, Milky Way, 
and the universe. Draw this light in through the palms 
and soles and let it wash up through the center of your 
bones from the feet up. Let it steam and cleanse your 
marrow. Picture any impurities or illness dripping out 
of your bones and draining down into the earth, where 
they will be recycled and purified. 





Fig. 8.14 Open the index fingers. 
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Core Movements of Part | 


Grasping the Moon 
Connecting the Heaven and Earth Forces - Right Side over Left 


Open Position: Heaven Force - Slightly raise the index fingers to open the palms. 
Bring the arms up , bending the elbows so that the left hand is under the right elbow with 
the left index finger pointing up to Heart 3. 





tart Heart3 — Ps 


Large Intestine 11 
Fig. 8.15 Complete the Heavenly Circuit. 


The right index finger is pointing up toward heaven and connecting to the galaxy. The 
right forearm is over the left forearm, with the tip of the right index finger held above the 
Large Intestine 11 point of the left arm. 

The right index finger draws in the heavenly force like antennae. The force flows 
up the bones of the right arm, across the shoulders to the left arm and through the 
bones of the left arm to the left index fingertip. It then flows through the index finger 
of the left hand into the Heart 3 point of the right arm, completing the heavenly 
circuit. Continue cycling in this way. Hold the position and count to five. 

The practice uses the ‘Empty Force’; this means that there is no contact. The 
fingers must be ‘tense without tensing’. When you tense and raise the index finger, 
you will feel the Laogong point opening. 
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Close Position: Tan Tien, earth and the universal force - keeping the arms in the 
same position, move both index fingers to point down. The right index finger will now 
point toward the Large Intestine 11 point of the left arm and the left index finger 
will point downward toward the earth and continue down to connect to the universe. 
Draw in the earth force through the left index finger, bringing it through the bones of the 
left arm, across the shoulders through the right arm to the right index finger and out into 
the Large Intestine 11 point of the left arm. Continue cycling in this way, completing the 
earth circuit. 

Open and close three times altogether ending in the open position. Hold each count 
for five seconds. 


Holding and Activating the Chi Ball 
Tan Tien and the Original Force - Right Side over Left 


Turn the left palm upward and lower it to 
the Tan Tien with the pinky pointing inwards. 

Lower the right palm to the navel, palm 
down, as though you were holding a small 
Chi ball. Lower the right thumb to point toward 
the left Laogong point. This opens the eye of 
the right hand (LI-4), then point it toward the 
navel. Be aware of Tan Tien and universe. 





Fig. 8.16 Right Side over Left - ‘Holding the Ball’. 
Yin/Yang Palms 


Separate the hands and extend them out in front of the 
body at navel level. The left palm is still pointing up, and 
is Yang drawing in the heavenly force through Laogong. 
The right palm is still facing down, and is Yin drawing in 
the earth and the galactic force from below. 

Conclude by turning the left palm over to face down- 
ward. Draw in the earth force through both palms. 


Fig. 8.17 ‘Yin and Yang Palms’ - Right Hand 
connecting to Earth and Left to Heaven. 
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Left Side: Repeat on the left hand side with the left arm over the right. Holding 
the Chi ball the left hand is on top. Hold for a count of five seconds. 





Fig. 8.18 Open the Heavenly Circuit. Fig. 8.19 Holding the Chi Ball 
Then the bottom hand slides and turns ‘Palm-Up’ - Left Side over Right. 
and the Top Arm slides to ‘hold the Chi Ball’ 


Closing Movements 
Activate the Chi Channels - Balance the Organs 
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Fig. 8.20 Finger Points 
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The closing movements balance organ energy while activating the Chi Channels. 

Hold the arms extended forward with the palms down at solar plexus level. Hold 
each stage for a count of five seconds. 

Index Fingers: 


Tense all the fingers and feel the Chi filling all the joints; open the index fingers, 
raising them up, while keeping the rest of the fingers level. 


, 


Large Intestine 





Fig. 8.21 Activate the Index Fingers - Up. 
The tension should be like the string of a tuned musical instrument. When 


lightly tense the Heavenly Chi will be drawn in through the index fingers. 
Relax the hands and bring the index fingers back to the neutral position, 


level with the other fingers. 


Energy to Large Intestine 





Fig. 8.22 Draw Earth Energy through the Index Fingers - Down. 


Stretch out and tense all the fingers and press the index fingers to point 
down toward the earth and continue down to the universe. Keep the other fingers level. 
Draw in earth energy through the index fingers and circulate it through the body. 
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Bring the index fingers back to neutral and relax your hands. 

Once again open the index fingers by raising the index fingers up, while keep- 
ing the rest of the fingers level. Draw in the Heavenly Chi through the index fingers. 

Bring the index fingers back to neutral again and relax your hands. 


Ring Fingers: 


Stretch the ring fingers down toward the earth, keeping the rest of the fingers level. 
Draw in earth energy through the ring fingers and circulate it through the body. 





Fig. 8.23 Draw Earth Energy through the Ring Fingers. 





Bring the ring fingers back to neutral and relax your hands. 

Once again open the index fingers by raising the index fingers up, while keep- 
ing the rest of the fingers level, and draw in the Heavenly Chi through the index fingers. 

Bring the index fingers back to neutral again and relax your hands. 


Thumbs: 


Stretch the thumbs out and down toward the earth, keeping the rest of the fingers 
level. Draw in earth energy through the thumbs and circulate it through the body. 
Bring the thumbs back to neutral and relax your hands. 





Fig. 8.24 Draw Earth Energy through the Thumbs. 
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Once again open the index fingers by raising the index fingers up, while keep- 
ing the rest of the fingers level, and draw in the Heavenly Chi through the index fingers. 
Bring the index fingers back to neutral again and relax your hands. 


Pinky Fingers: 


Stretch the pinky fingers out and down toward the earth, keeping the rest of the 
fingers level. Draw in earth energy through the pinky fingers and circulate it through the 
body. 





Small Intestine 


Fig. 8.25 Draw Earth Energy through the Pinky Fingers. 


Bring the pinky fingers back to neutral and relax your hands. 

Once again open the index fingers by raising the index fingers up, while keep- 
ing the rest of the fingers level. Draw in the Heavenly Chi through the index fingers. 
Bring the index fingers back to neutral again and relax your hands. 


Middle Fingers: 


Stretch the middle fingers out and down toward the earth, keeping the rest of the 
fingers level. Draw in earth energy through the middle fingers and circulate it through 
the body. 

Bring the middle fingers back to neutral and relax your hands. 

Once again open the 
index fingers by raising 
the index fingers up, 
while keeping the rest of 
the fingers level. Draw in 
the Heavenly Chi through 
the index fingers. 

Bring the index fingers 
back to neutral again and 
relax your hands. 





Fig. 8.26 Draw Earth Energy through the Middle Fingers. 
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Crane's Beak and Swallow the Saliva: 


Form the "Crane's Beak" with both hands by bringing all the fingertips together with the 
thumbs inside. Inhale and contract the sexual organs. 

Move your tongue and suck the mouth to activate the saliva. Divide it into three 
parts, tighten the neck and gulp down the first part to the center of the navel; force the 
second mouthful of nectar down to the left side of the navel and the third to the right 
side of the navel. Raise the forearms up to shoulder height with the fingers pointing 
down. Slowly open the palms and begin to lower the arms to the sides, until the palms 
are facing each other before the starting position. 








zz 
Fig. 8.29 Lower Arms to the Sides. Fig. 8.30 
Palms facing each other to cover the Navel. 





Conclusion: 

Bring awareness to the navel. Notice the quality and intensity of the energy generated 
and collect your energy at the navel. Men place hands over the navel with the right 
hand on top; women vice versa. Rest. 


Summary: 
Practice Part | daily for one or two weeks until you can do it well. Then you can 
proceed to learning Part Il. 
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Part Il 
Opening the Bridge and Regulator Channels 


Theory 


Chi flows through your body along numerous channels or meridians. The channels are 
divided into two major groups: the extraordinary or special channels and the ordinary 
channels. After your mother’s egg and your father’s sperm joined together to form a 
single cell, that cell began to divide. The extraordinary channels were the first energy 
channels formed as a result of that early cell division. 


There are Eight Extraordinary Channels: 
Governor Channel 
Functional or Conception Channel 
Thrusting Channel 
Belt Channel 
Yang Regulator Channel 
Yin Regulator Channel 
Yang Bridge Channel 
Yin Bridge Channel 


Later, as your fetus developed, your Original Chi flowed through the eight extraordi- 
nary channels to help create your internal organs and their energy channels. These 
twelve "ordinary channels" are divided into yin and yang. The yin Channels are con- 
nected to the solid organs, and the yang channels are connected to the hollow organs. 


The Twelve Ordinary Channels: 
Lung (Yin) Channel 
Large Intestine (Yang) Channel 
Stomach (Yang) Channel 
Spleen (Yin) Channel 
Heart (Yin) Channel 
Small Intestine (Yang) Channel 
Bladder (Yang) Channel 
Kidneys (Yin) Channel 
Pericardium (Yin) Channel 
Triple Warmer (Yang) Channel 
Gall Bladder (Yang) Channel 
Liver (Yin) Channel 
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These twelve organs serve to extract energy from the food and water we ingest and 
the air that we breathe to create energy through the metabolic processes of respiration, 
circulation, digestion, elimination and reproduction. This energy is called PostNatal Chi, 
as it comes in after we are born. Thus the extraordinary channels serve as the link 
between our Original or Prenatal Chi which came from our mother and father, and our 
Postnatal Chi which comes from our food and air as a result of metabolism. 


General Functions of the Eight Extraordinary Channels 
They serve as reservoirs of Chi. 


About two thousand years ago, one of the great texts of Chinese medicine, the Nan 
Ching was written. This classical text describes the twelve ordinary channels as rivers 
and the eight extraordinary channels as reservoirs of Chi. When the ordinary channels 
become low in energy, they can draw from the reservoirs of energy in the extraordinary 
channels. On the other hand, if the ordinary channels become too full, the excess can 
be taken up by the extraordinary channels. In this way the extraordinary channels help 
us to maintain a balance in our energy body. 


They store and circulate Ching Chi. 


The extraordinary channels all draw their energy from the kidneys, which are the store- 
house of Ching Chi (essence or sexual energy) in the body. Thus the extraordinary 
channels circulate the Ching Chi around the body, particularly to the skin and hair, and 
to the five ancestral organs: the brain and spinal cord, the bone marrow, the blood, the 
uterus and the liver and gall bladder. 


They circulate Defensive Chi to protect the body. 


The Chi that protects the body against invasion by external pathogens is called Defen- 
sive Chi or Wei Chi. The extraordinary channels circulate Defensive Chi over the back, 
abdomen and thorax. These functions are performed by the Governor Channel, the 
Functional Channel and the Thrusting Channels, respectively. 


They regulate our life cycles. 
In the first chapter of the Yellow Emperor's Classic of Internal Medicine (Huang Di Nei 
Ching Su Wen), another of the classical texts of Chinese medicine, the life changes of 


women and men are described in 7 and 8 year cycles respectively. The Functional 
Channel and the Thrusting Channel govern these cycles. 
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Eight Extraordinary Channels and Chi Kung 


There are few texts available today that describe the purpose and function of the eight 
extraordinary channels and their place in Chi Kung practice. To make matters more 
confusing, the extraordinary channels and points used in Chi Kung are often quite differ- 
ent from those used in acupuncture, even though they may bear the same names. 

Most acupuncturists pay little attention to the eight extraordinary channels in diagno- 
sis and treatment with the exception of some modern Japanese researchers. By con- 
trast, the extraordinary channels have been of special importance to Taoists and Chi 
Kung practitioners for thousands of years. Taoists see the extraordinary channels as 
the foundation of our bodily energy, as the bridge between our Original or Prenatal Chi 
and our Postnatal Chi; these channels affect us on the deepest level of our basic con- 
stitutional energy. 


Therefore, Taoists focus on opening up the flow of energy through the eight extraor- 
dinary channels as a prerequisite for opening the energy flow in the twelve ordinary 
channels. In the Universal Tao system, you first open up the Governor Channel and the 
Functional Channel in the Microcosmic Orbit Meditation. The second pair: the Thrusting 
Channels and the Belt Channels are opened in the Fusion of the Five Elements II Medi- 
tation. The last four channels, the Yin and Yang Bridge Channels and the Yin and Yang 
Regulator Channels are opened in the third level of Fusion of the Five Elements Medita- 
tion. After opening all eight channels, in the next level of Taoist inner alchemical medita- 
tion called the Lesser Enlightenment of Kan and Li, the twelve ordinary channels are 
then opened. 
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Special Functions of the Bridge and Regulator Channels 


The Bridge and Regulator Channels have no points of their own. They borrow points 
from the other ‘ordinary’ channels linking together and controlling the flow through all the 
separate channels of the body. The Bridge and Regulator Channels travel along the 
same paths. There is no ‘real’ difference between them. Both of them connect or ‘bridge’ 
and ‘regulate’ the flow of Chi in the body’s meridians. 

GB-16 


GB-15 





Rs ah i 


Fig. 8.31 Yin Bridge and Regulator Channels 
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Bridge Channels Yin and Yang Chiao Mo Function 


The Bridge Channels, also called the Heel Vessels as they originate at the heels, regu- 
late the amount of energy being used by all the other meridians in the body. They act 
like a bridge linking together the stored Chi in the body and the areas in need of Chi. 
Usually if any meridian uses more energy than it needs to flow properly, then other 
meridians become deficient as a result. Thus the Bridge Channels seek to assure that 
your energy is distributed in a balanced way. The Yin Bridge Channel runs along the 
front or yin side of the body, while the Yang Bridge Channel runs along the back of the 


body. 0-17 gee 68-8 
1 


i 





Fig. 8.32 Yang Bridge and Regulator Channels 
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Disorders of the Bridge Channels 


Excess Yang Energy 


When yin energy is slowed down in the Bridge Channels, yang energy flows more 
rapidly. The excess yang can cause the following problems: insomnia, difficulty in clos- 
ing the eyes, hypertension, stiff back and waist, inability to bend down, thigh tumors, 
bad colds, spontaneous sweating, headaches, painful eyes, paralysis of the arms and 
legs, vomiting of milk in infants, deafness, epilepsy, nose bleeding, swelling of the body, 
pain in the joints and head sweating. 


Excess Yin Energy 


When yang energy is slowed down in the Bridge Channels, yin energy moves more 
rapidly. The excess yin causes the following problems: sleepiness, difficulty in keeping 
the eyes open, hypotension, choking, painful urination, stomach rumbling, vomiting, 
diarrhea, difficult bowel movements, difficult labor and unconsciousness. 


Regulator Channels 


Yin and Yang Wei Mo Function 


The Regulator Channels, also called the Linking Vessels, bind together all the merid- 
ians in the body. The Regulator Channels are also divided into yin and yang. The yin 
aspect, which runs along the front of the body, moves the yin energy and regulates the 
blood and inner parts of the body. It connects with all the yin channels: the Liver, Spleen, 
Kidney, Heart, Pericardium and Lung channels. If the yin aspect becomes imbalanced, 
the person may suffer from heart pains. 

The yang aspect, which runs along the back side of the body, moves the yang en- 
ergy, controls Defensive Chi, regulates resistance to external infections, and regulates 
the external parts of the body. It connects with all the yang channels: the Stomach, 
Bladder, Gall Bladder, Large Intestine, Triple Warmer & Small Intestine channels. If the 
yang aspect becomes out of balance, the person may catch colds and fevers easily. 

By joining together the various channels, the Regulator Channels help to maintain a 
harmonious and cooperative interaction between the different channels. 

The Regulator Channels in Taoist Yoga and Chi Kung are slightly different from those 
presented in acupuncture texts. The Chi Kung Regulator Channels include the yin and 
yang arm routes as well; some Taoist Yoga texts also refer to the arm routes as the Yin 
Yu and the Yang Yu. Acupuncture texts, by contrast, include only the leg, trunk and head 
routes. Many recent Chi Kung texts, unaware of these differences, depict illustrations 
from acupuncture texts alone, further adding to the confusion. 
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Disorders of the Regulator Channels 


Excess Yang Energy 


When yin energy is slowed down in the Regulator Channels, yang energy moves more 
rapidly. The excess yang can cause the following problems: swelling and pain in the 
joints, cold knees, paralysis of the arms and legs, painful back and sides, aching muscles, 
pain in the head, neck and edge of the eyebrows, fever, rashes, night sweating, tetanus, 
painful red eyes, colds and superficial fevers. 


Excess Yin Energy 


Similarly, when yang energy is slowed down in the Regulator Channels, yin energy 
moves more rapidly. The excess yin can cause the following problems: heart pain, 
diarrhea with stomach rumbling, difficulty swallowing, pain on both sides of the chest, 
diseases associated with cold and convulsions. 


Summary 


The Bridge and Regulator Channels link all of the yin and yang channels in the body 
together and regulate the flow of energy in these channels to maintain a state of ener- 
getic balance in the body. The channels used for meditation are somewhat different 
from the ones seen in Chinese medical text and acupuncture charts. This is because 
their purposes are different. 

Chinese medicine aims to restore sick people to health. The points being treated 
must be superficial so that they can be activated by acupuncture needles. 

Chi Kung and Taoist meditation aim to maintain health and to take one beyond mere 
physical health to spiritual immortality. The channels and points can be deep within the 
body, since the energy is guided by the mind or by postures and movements rather than 
by needles. 

The movements used in Cosmic Chi Kung Part II to activate the Bridge and Regula- 
tor Channels are relatively simple. To completely master the Bridge and Regulator Chan- 
nels, you must learn and practice the third level of Fusion of the Five Elements Medita- 
tion. Once you have done so, this part of Cosmic Chi Kung practice will be particularly 
powerful and balancing for you. 
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Practice 
Opening Movements 


The Opening Movements for this second part of Cosmic Chi Kung are the same as for 
the first part. By now you should be familiar with these movements, so they will be 
described briefly. For a more detailed description, refer to Part |, Opening Movements. 


Hands down at sides, palms facing each other. Commence Bone breathing. Be 
aware of the Tan Tien and absorb Cosmic Chi. Be aware of the Tan Tien and channel- 
ing the earth and galactic forces. 


Washing the Bone Marrow 
Raise arms to chest height - palms facing each other. Rotate arms until palms face 
down. Open the ‘Tiger's Mouth’ - Index finger up, thumb down. 





Fig. 8.33 Hands lower to the Sides. Fig. 8.34 Open the ‘Tiger’s Mouth’. 
Lower the Mind to the Tan Tien. 


Activate and Beam to the Eye of the Hip 
A. Large Intestine 4 - Eye of the Hand 
B. Pericardium 9 - Tip of the Middle Finger 
C. Small Intestine 3 - Knife Edge of the Hand 
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Fig. 8.35 Activate the Large Intestine, Pericardium and Small Intestine. : : 
. -— Hip Point 


Be aware of the Tan Tien and absorb the Heavenly Force 

Washing the Bone Marrow Crown to Soles. 

Extend the arms forward - palms upward. Be aware of the Tan Tien and absorb the 
heavenly force. Rotate the arms until the palms face down. Raise the index fingers 
slightly. Absorb the Earth Chi. 


Fig. 8.36 
A. Be aware of the Tan Tien and 
absorb the Heavenly Force. 


B. Index Fingers up - be aware 
of the Tan Tien and absorb 
the Earth and Universal Force. 
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Core Movements of Part Il 
Opening the Bridge and Regulator Channels 


Activate the Throat Center - Right Side 


Keeping the elbows sunk, raise the left palm first so that it is about 1 inch in front of the 
throat center (Conception Vessel 22), palm facing in. Then bring the right hand up so 
that it is about 1 inches in front of the left hand, palm facing in. Align the Lung 10 point in 
the middle of the eminence of the left hand with the throat center. Feel the Chi go 
through the neck to C-7. Continue smiling to the universe and connect to the back 
side of the universe. Hold for a 5 to 30 count and feel the throat center activated. 


Throat Center'to C-7 Thumb to Thumb Alignment 





Fig. 8.37 Connect to the Throat Center. Fig. 8.38 
Feel the connection to the Universe at the Back. 


Move both hands out slowly like you're pulling silk; when the feeling is diminished or 
the silk starts to break stop there. Be still and feel the beam connect the throat center to 
C-7 and the universe. Maintain the energy beam as you move in and out three times 
altogether ending with the hands as above. 


Activate Mideyebrow Point - Right Side 


Be aware of the Tan Tien and the universe. Keeping the Lung 10 points aligned, raise 
the hands up to the level of the mideyebrow point about one inch in front of the face. 
Keep the points aligned and beam the energy passing through both hands into 
the mideyebrow point and through to the base of the skull. Continue smiling and 
extending to make a connection to the back universe for a 5 to 30 count. 

Use only 5% of the awareness to move both hands very slowly out, like you are 
pulling silk; continue to move out as long as your can feel the connection to the 
mideyebrow, C-7 points and the universe, maintaining the energy beam as you move. 

Move in and out three times altogether, ending with the hands as above. 
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Mideyebrow to Jade Pillow am Pull and feel the connection 
of the string of Chi flow 





Fig. 8.39 Connect to the Mideyebrow, Jade Pillow and the Universe at the Back. 


Keeping the palms and thenars (Lung 10) aligned, move the hands back down to the 
position in front of the throat center. Keeping the forearms horizontal at shoulder height, 
separate the hands so that the Laogong point is aligned in front of Stomach 13, just 
below the clavicle on a vertical line above the nipple or mammillary line. The middle 
fingertips should almost be touching. Beam energy from the Laogong points into 
ST-13 through the back on the side of the spine and connect to the universe. 
You will be following this vertical line, which passes through the nipples, down the torso 
to the level of the navel, stopping to focus and beam energy into key points along 
the way. On each of these, focus your Yi on beaming energy into the organs inside 
each position. Stomach 13 is the location that activates the Heart and Lungs. Feel the 
change in your breathing as you activate the lungs. 





Fig. 8.40 Beam Energy into ST13. 
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Move the hands down the mammillary line to Stomach 16, about one inch above the 
nipple (in the space between the third and fourth ribs). Chi connects to the back and to 
the universe. Again, beam energy to energize and balance the heart and middle of the 
lungs. Move the hands down to Liver 14 (about 2 - 3 inches below the nipple in the 
space between the 6th and 7th ribs). Beam healing energy into the liver and gall blad- 
der. Feel the Chi or the vibration of the palms activate the liver and feel the energy 
moving inside there. 





A “B. 
Fig. 8.41 A. Energize and balance the Lungs at ST16. 
B. Energize and balance the Liver and Gallbladder at LV14. 


Move the hands down to Spleen 16 (just below the rib cage on the mammillary line). 
Beam healing energy into the stomach, pancreas and spleen and the liver. Picture 
the organs receiving the Chi from the cosmic and the universe. 

Move the hands down to Spleen 15 (on the mammillary line to the level of the navel). 
Beam healing energy from your palms into the small intestine and the Tan Tien. 





A. BL 
Fig. 8.42 A. Energize the Stomach, Pancreas, Spleen and Liver at SP 16. 
B. Energize the Tan Tien and Small Intestine at SP15. 
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Hold the Chi Ball - Right Hand on Top 


Turn the left palm up and align the Chi Ball with the Tan Tien. Turn the right palm 
down and align the eye of the hand (LI-4) with the navel. Feel your palms holding a Chi 
ball and feel a Chi ball inside the Tan Tien. Feel the Chi ball connect to the Cosmic 
Chi outside. Feel the north (usually left) and south (usually right) poles in the hands. 
Lower the right thumb to point toward the left Laogong point. 


Fig. 8.43 
Hold the ‘Chi Ball’ - One in the Tan Tien and the 
other in the hands - Right Hand over Lett. 





Yin/Yang Palms 


Separate the hands and extend them out in front of the body at solar plexus level. The 
left palm is still pointing up and is yang drawing in the Heavenly Force through Laogong. 
The right palm is still facing down and is yin drawing in the Earth Force energy. ‘Be 
Aware Tan Tien and Universe’. 


Fig. 8.44 Connect to Heaven and Earth. 
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Conclude by turning the left palm over to face 
downward. Draw in the ‘Earth Force’ through 
both palms. 


Fig. 8.45 Draw the Earth Force through the Palms. 





Repeat the sequence with the left palm over the right. 


Start by moving the right palm to the throat and then the left palm. Scan the body, as in 
the previous sequence, using both palms to connect to the points running down the 
front of the body. Remember to maintain a sense of the Chi flowing between the points 
in the front and their corresponding points in the back of the body. 





Fig. 8.46 Repeat the Practice on the Left Side. Push and Pull the silk at the Throat. 
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Fig. 8.47 Project to the Mideyebrow and Base of the Skull - connect to the Universe at the 
back. Then hold the Ball and repeat Finger Movements, as below. 


Continue with the left side, now pulling the silk at throat (C-7). 


Fig. 8.48 Beam Energy into each of the Organs like the last time. 


Closing Movements 


The closing movements, crane’s beak and finish are the same as before. 
Activate the Chi channels - balancing the organs. 
Index Fingers 





Fig. 8.49 Open (up) Fig. 8.50 Neutral Fig. 8.51 Close (down) 
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Fig. 8.52 
Ring Finger - down, neutral. 
Index Finger - open, neutral. 


Fig. 8.53 
Thumb - in and down, neutral. 
Index Finger - open, neutral. 





Fig. 8.54 
Pinky Finger - down, neutral. 
Index Finger - open, neutral. 


Fig. 8.55 
Middle Finger - down, neutral. 
Index Finger - open, neutral. 





Crane's Beak 

Form the crane's beak with both hands by bringing the fingertips together with the 
thumbs inside. Activate the saliva and swallow down three times to the Tan Tien. Raise 
the forearms to shoulder height with the fingers pointed down, inhaling gently as you 
raise. Open the palms slowly and begin to lower the arms to the sides as you exhale, 
until the palms are facing each other in the starting position. 


Finish 
Bring the awareness to the navel and notice the quality and intensity of the energy 


generated. Collect energy at the navel. Men, place the hands over the navel with the 
right hand on top; vice versa for women. 
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Part Ill 
Opening the Functional and Governor Channels 


Theory: Functional and Governor Channels 


The Functional and Governor Channels are the first two of the eight extraordinary chan- 
nels described earlier in this chapter (beginning p.178). They serve as the reservoirs of 
yin and yang energy in the body. The Functional or Conception Channel is yin and all of 
the ordinary yin channels connect to it. Similarly, the Governor Channel is yang and all 
of the ordinary yang channels connect to it. 

Pineal Gland beneath Crown 


(Enlightenment Gland, 
Gland of Direction) 


















Pituitary Gland (Mideyebrow) __# jl | A Yui-Gen (Cranial Pump) 
Crystal Room Cavity of the Spirit Tongue 


Ta-Chui (Central Control of the 
—— Tendon Connections of the 
Hands and Spinal Cord) 
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Death and Life) 


Functional Channel Governor Channel 


Yung-Chuan K-1 a 


(bubbling spring) 
Fig. 8.56 Cosmic Orbit 
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Chi Ball 


In Part Ill we also begin to focus more on 
the sensation of Chi being emitted from our 
palms. This energy is emitted from the 
Laogong points primarily, but you can also 
feel it throughout the palms and fingers. It 
will feel like a balloon between your hands 
that is expanding and contracting or like two 
magnetic fields repelling and attracting each 
other. 

Once you have practiced Cosmic Chi 
Kung for awhile and have become skillful at 
it, you may find that Grasping the Chi ball is 
all you need to do to activate your flow of 
healing energy before doing a session. As 
you become sensitive to the sensation of 
your own Chi, it becomes an easy step to 
feel the Chi of others. 





Fig. 8.57 Grasping the Chi Ball. 


Opening Movements, Hands Down at Sides, Palms Facing Each Other 
Bone Breathing - Absorbing Cosmic Chi 


The Opening Movements are the same as in the sequence in Part I, ‘Opening to 
Heaven, Earth and Cosmic Chi’, on page 164. 


A. Channeling the Earth Force - Washing the Bone Marrow Raise arms to chest 
height - Palms facing each other. Rotate arms until palms face down. Open the 
Tiger's Mouth - Index finger up, thumb down. 

B. Activate and Beam to the Eye of the Hip 

C. Absorb the Heavenly Force Washing the Bone Marrow - Crown to Soles 
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Core Movements of Part Ill 


Grasping the Chi Ball 


Slowly rotate the hands so that your palms face each other in front of your navel. 





Fig. 8.58 Hold the Chi Ball. Fig. 8.59 Stretch and squeeze it. 


Feel the invisible ball of energy between your hands. Allow the energy to push 
your hands apart keeping the feeling of connection between your palms. When you 
have less feeling stop the palms and hold it there and reestablish the feeling of the Chi 
ball. 

Let the energy draw your hands back toward each other, like a magnet, until you feel 
as if you were squeezing and compressing the ball. 

Stretch and squeeze the Chi ball three times by opening and closing your palms in 
this way. 





207 


Cosmic Chi Kung 


Activate the Outer and Inner Arm Gates 


Activate Waiguan Triple Warmer 5 and Neiguan Pericardium 6 - Right arm on top. 
Slowly rotate the arms so that both palms face down. 

Cross the right wrist over the left wrist with 1 inch of space between the hands. Align 
PC-6 of the right wrist with TW-5 of the left wrist. Feel the two gates activate each other 
like metal and magnet drawn to each other. Hold for a 5 to 30 second count. 





PC 


Fig. 8.60 Align and activate PC-6 (Right) with TW-5 (Left). 


Keeping the wrists crossed, slowly rotate hands turning the palms upward. Now 
TW-5 of the right wrist will be aligned with PC-6 of the left wrist. Hold and count and feel 
the points activated. ‘Be aware of Tan Tien and Universe’. 





Fig. 8.61 Fig. 8.62 Feel the Chi Ball and beam 
Align and activate TW-5 (Right) with PC-6 (Left). energy from LI-4 into the Navel Point. 


Open the Functional Channel with LI-4 


Bring the left hand down to the level of the Tan Tien with the Chi Knife facing in. Lower 
the right hand, palm down and align the eye of the hand, the LI-4 point with your navel. 
Feel the Chi ball between your two hands, and at the same time beam energy from 
LI-4 into the navel point. 
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ai. 
Fig. 8.63 Fig. 8.64 Activate all the Points. 
Magnify the Power of the Beam to the Solar Plexus. 


Raise the right hand up the Functional Channel, stopping and aligning LI-4 with the 
solar plexus, hold for a 5 to 30 second count and feel the points open and starting to 
activate each other. 





Fig. 8.65 Fig. 8.66 Fig. 8.67 
Beam to the Heart Center. Beam to the Throat Beam to the Mideyebrow 


Continue to move up to the heart, throat (CV-22) and mideyebrow points. Beam 
energy from the eye of the hand into each of these points and at the same time, con- 
tinue to feel the Chi ball connection between the two hands. 


209 


Cosmic Chi Kung 


Return down the Functional Channel in the same manner, starting from the 
mideyebrow and stopping to beam energy into each point. 


Next beam into the throat center, heart center, solar plexus and finally the navel. 
Hold the Chi ball at the navel with the right hand over the left. 


Yin/Yang Palms 
Separate the hands and extend them out in front of the body at solar plexus level. The 


left palm is still pointing up and is yang drawing in the heavenly force through the Laogong 
point. The right palm is still facing down and is yin drawing in the earth force energy. 





Fig. 8.68 Separate the Hands, one palm facing up 
and one down - draw in the Forces of Heaven and Earth. Draw in Earth Force. 


Conclude by turning the left palm over to face downward. Draw in the earth force 
through both palms. 


Activate the Chi Ball, Tan Tien and the Original Force 


Turn the right palm upward and lower it to the Tan Tien 
with the Chi knife pointing inwards. 

Lower the left palm to the navel, palm down. Lower 
the left thumb to point toward the right Laogong point. 
This opens the eye of the left hand (LI-4), pointing it to- 
ward the navel. 


Fig. 8.70 Activate the Chi Ball, 
Tan Tien and the Original Force - Right Hand over left, the 
‘Large Intestine 4’ pointing at the Navel. 
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Open the Functional Channel with the Left Hand 





A. B. C. 
Fig. 8.71 A. Bring LI4 point up to the Solar Plexus and Heart Center. 
B. Then up to the Throat Center. 
C. Then up to the Mideyebrow. Descending down the channel in reverse, finishing at the Navel. 


After going up the functional channel come down the channel with the left hand. 


Holding a Chi Ball: Open the hands with the palms facing each other holding a Chi 
ball. Stretch and squeeze the Chi ball a few times in order to feel the Chi as a sub- 
stance; open and then relax the palms as you squeeze. 





Fig. 8.72 Hold and squeeze the Chi Ball. Fig. 8.73 
Feel the Chi Ball expanding, growing Bigger. 
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Double Palm and Double Beam - Palm to Palm 
Activate the Functional and Governor Channels - Right Palm on Left 


Bring the left palm in first to face the navel, about 1 inch away, aligning the Laogong 
point with the navel. Follow by bringing the right hand in front of the left hand, aligning 
the Laogong of the right palm with the Laogong of the left hand and the navel. 
Both palms are now facing in. Beam energy through both Laogong points to the navel 
and through the body to the Door of Life, between L-2 and L-3 (Lumbar Vertebrae). 
Hold for a 5 to 30 second count and feel the vibration of the palms and Chi beam 
penetrate through the two points; feel them link together. 





Fig. 8.74 Fig. 8.75 Fig. 8.76 
Left Palm to Navel. Right on Top. Beam from Navel to Door of Life. 


Next raise the left palm up to the solar plexus, aligning the Laogong point with the 
solar plexus. 

Follow with the right palm aligning the Laogong to the left palm. Beam energy into the 
solar plexus point and through the body to the T-11 point (thoracic vertebrae). 





Fig. 8.77 Fig. 8.78 Follow with the Right Hand to 
Raise Left Palm to Solar Plexus. form the Double Beam. 
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Continue in the same way with the left hand leading to the heart point and wing 
point, the throat point and C-7 (cervical vertebrae), the mideyebrow point and 
Jade Pillow, and the crown point and perineum. Always remember ‘Tan Tien and 
the universe’. 









Fig. 8.79 Beam into the Heart Center Fig. 8.80 Beam into the Throat Center and to C7. 
and to the back of the Heart. 


When you reach the crown lightly spiral the palms and feel the Chi slowly penetrate 
deep into the body reaching the perineum; this will also open the Thrusting Channels. 
This might take a longer time, try a 30 to 60 second count. 






Perineum 


Fig. 8.81 Beam into the Mideyebrow Fig. 8.82 Beam from the Crown 
to the base of the Stall. down to the Perineum. 
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Return down the front, point by point in the same way, leading with the left 
hand. 

Go up and down this way three times. The double palm and beam activate both the 
Functional and Governor Channels. The energy beam passes all the way through the 
body at each point. 


Grasping the Chi Ball 


Separate the hands and slowly extend the arms in front of you at navel level, palms 
facing each other, holding the Chi ball. 





Fig. 8.83 Squeeze the Chi Ball. Fig. 8.84 Magnify its Energy. 


Stretch and squeeze the Chi ball three times as before by opening and closing the 
palms. ‘Be Aware of Tan Tien and Universe’. 





A. B. C. 
Fig. 8.85 Repeat the double palm and beam with the left hand on the outside 
and the right palm leading, beaming from; A. Navel to Door of Life. 
B. Solar Plexus to T11 and Heart Center to the Wing Point C.Throat Center to C7. 
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Fig. 8.86 Activate the Mideyebrow to the Fig. 8.87 Activate the Crown and feel the 
Base of the Skull. Energy penetrate to the Perineum. 


A. Lower the right hand to the mideyebrow and penetrate to the skull. 
B. Lower the right hand down to the throat center, following with the left. 
C. Lower down to the solar plexus and penetrate to T11. 

D. Lower down to the navel and penetrate to the Door of Life. 





Fig. 8.88 Channel the Earth Force. 
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Rotate the hands to face downward and draw in the earth force through the palms, 
soles and perineum. 
Closing Movements 
Activate the Chi Channels - Balancing the Organs 


The closing movements, crane’s beak and finish are the same as before. 
Index Finger open (up), close (down), neutral (even with the other fingers) 
Ring Finger - down, neutral. 

Index Finger - open, neutral. 

Thumb - in and down, neutral. 

Index Finger - open, neutral. 

Pinky Finger - down, neutral. 

Index Finger - open, neutral. 

Middle Finger - down, neutral. 

Index Finger - open, neutral. 





1 ' i 
Fig. 8.89 Form the Crane’s Beak. Fig. 8.90 Palms to Front. Fig. 8.91 Lower to Sides. 





Crane's Beak 


Form the crane's beak with both hands by bringing the fingertips together with the thumbs 
inside. Activate the saliva and swallow this elixir down three times to the Tan Tien. Raise 
the forearms to shoulder height with the fingers pointed down, inhaling gently as you 
raise. 

Open the palms slowly and begin to lower the arms to the sides as you exhale, until 
the palms are facing each other in the starting position. 


Finish 
Bring awareness to the navel and notice the quality and intensity of the energy gener- 


ated. Collect energy at the navel. Men, place the hands over the navel with the right 
hand on top; vice versa for women. 


216 


Chapter VIII 


Part lV 
Activating the Yin and Yang Channels and the Chi Belt 


Theory 


In this final part of Cosmic Chi Kung, you will focus on opening the yin and yang chan- 
nels of the arms and on activating the Chi Belt around the waist. Mastery of Part IV of 
Cosmic Chi Kung will enhance your ability to project Chi through your fingers for heal- 
ing. 


Yin and Yang Channels of the Arms 


There are six important energy channels flowing through the arms. These channels are 
paired together with each pair comprised of a yin channel and a yang channel. The yin 
channel of each pair flows down the inside of the arm from torso to fingertip, while its 
yang counterpart flows up the outside of the arm from fingertip to head. 
The pairs are as follows: 

Metal Element - Yin - Lung Channel - Thumb 

Yang - Large Intestine Channel - Index Finger 

Fire Element - Yin - Pericardium Channel - Middle Finger 

Yang - Triple Warmer Channel - Ring Finger 

Fire Element - Yin - Heart Channel - Pinky Finger 

Yang - Small Intestine - Pinky Finger 


Projecting Healing Energy through the Fingers 


Emitting Chi from the fingers for healing is known 
in China as the "One Finger Art." Because the 
various energy channels of the arms either end 
or begin at the fingertips, the fingers are very ef- 
fective instruments for projecting healing energy. 
Your fingers can focus energy like a laser beam 
toward a concentrated area such as a specific 
acupuncture point. You can also emit energy from 
all the fingers at once creating a combined effect 
to target an area. Part IV of Cosmic Chi Kung will 
stimulate all of the arm channels and will give you 
an opportunity to activate all of the fingers for 
beaming energy. 





Fig. 8.92 “One Finger Art” 
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Activating the Chi Belt - Dai Mo 


The Chi Belt or Belt Channel (also called the Girdle Vessel) is the only channel in the 
body that runs horizontally. It encircles the body at the waist level, connecting together 
all the vertical channels running through the torso. Thus, the Belt Channel plays an 
important role in maintaining a good energetic communication between the upper and 
lower body. In women it strongly affects the uterus and the menstrual cycle in particu- 
lar. 

In Taoist Chi Kung, the Belt Channel is not limited to the waist region. It encircles the 
entire body, almost like weaving an energetic cocoon around you from head to foot. 
Activating the Belt Channel strengthens the aura and helps to defend and protect you 
from outside negative energies. 


aa | mor 





Fig. 8.93 Belt Channel 
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Practice 
Opening Movements 


These opening movements have been described in Parts I, Il, Ill. Refer to Part | to 
refresh your practice. 

Hands Down at Sides - Palms Facing Each Other - Bone Breathing - Absorbing 
Cosmic Chi. 


Channeling the Earth Force - Washing the Bone Marrow. 
Raise arms to chest height - Palms facing each other. 
Rotate arms until palms face down. 

Open the Tiger's Mouth - Index Finger up, thumb down. 


Activate and Beam to the Eye of the Hip. 
Large Intestine 4 - Eye of the Hand. 
Pericardium 9 - Tip of the Middle Finger. 
Small Intestine 3 - Knife Edge of the Hand. 


Absorb the Heavenly Force - Washing the Bone Marrow - Crown to Soles. 
Extend the arms forward to chest height - palms upward. 


Absorb the Earth Force. 
Rotate the arms until the palms face down. 
Raise the Index Fingers slightly. 





Fig. 8.94 Mother Earth’s Healing Power 
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Core Movements of Part IV Yin and Yang Channels - Chi Belt 


Activating the Yin Channels - Left Side 


Turn the palms down and slightly open the index fingers. Smile to your palms and soles 
and channel the earth force. 

Turn your right palm up and pass it just one inch below the left arm yin channels from 
the left palm to the armpit, without physically touching the arm. Feel the Chi moving. 
Turn your right palm to face your left rib cage and pass your right hand down the left side 
of your abdomen along the descending colon, and a cross the pelvis to the right side to 
activate the yin energy. 





Fig. 8.97 Raise Chi in the Right Palm. Fig. 8.98 Pass it to the Left. 
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Pass your right hand up the right side of the abdomen to the level of your forehead 
with the palm facing diagonally toward the left palm (which simultaneously turns palm 
up at the level of the navel). Project the Chi from palm to palm for 30 to 60 seconds, 
vibrating the palm and feeling Chi from the right palm sent to the left picking up by the left 
palm. Keep the palms open and relaxed. 

Next point the right ring finger toward the left palm and project Chi making very small 
circles from the right ring finger (Triple Warmer channel); emit the Chi to the left palm for 
30 to 60 seconds. 

Then return the right index finger to neutral position. Point the left ring finger up to- 
ward the right palm, project into the right palm for 30 to 60 seconds, and then return to 
neutral. 

Next both ring fingers project toward the opposite palms at the same time for 30 to 
60 seconds and then return to neutral. Notice that the energy may meet in the middle. 





Fig. 8.99 Project Energy and balance Left and Right. 


Activate the Yang Channels - Left Side 


Turn the left palm down and lower the right palm to cover the back of the left hand, palm 
down. Pass the right palm over the left arm's yang channels from the back of the left 
hand to the left shoulder. Then pass the right palm across the upper chest and across 
the right breast. Scoop the right palm under the right armpit, fingers first. Then bring the 
right palm forward, palm down and press forward with the left palm at the same time. 
Relax and channel the earth force. 
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A. Left Palm down, lower Right Palm to B. Pass the Right Palm over 
cover the back of Left Hand. the Left Arm’s Yang Channels. 





C. Pass the Right palm across the chest D. Press both Palms forward, relax 
and scoop under the Right Armpit, Fingers first. and channel the Earth Force. 


Fig. 8.100 Balance Left Side Yin and Yang and Channel Earth Energy. 
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Repeat, Activating the Yin and Yang Channels to the Right Side 





Fig. 8.101 Balance right side yin and yang and channel earth energy 
Then repeat Activating the Yin and Yang Channels with the other fingers and 
channels in the following order: Index Finger - Large Intestine 
Thumb - Lung 
Pinky Finger - Heart and Small Intestine 
Middle Finger - Pericardium 





Fig. 8.102 One Finger Art - activating the Laogong. 
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Activate the Chi Belt - Right Foot Forward 


Step forward with the right foot. The right palm covers the navel and the left palm covers 
the Door of Life. Feel the Chi beam penetrate from palm to palm. 

Turn your hips to the right and shift weight to your right leg. At the same time move 
your right palm to the Door of Life in a brushing manner, while your left palm moves to 
the right hip in a sweeping manner. Note that the palms face the Chi belt. 

Repeat the above three times altogether. 






Fig. 8.103 Activate the Chi Belt - Right Side. 
Activate the Chi Belt - Left Foot Forward 


Repeat the above with the left foot forward and reversing the right and left hands. 





Fig. 8.104 Activate the Chi Belt - Left Side. 
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Channel the Earth Force 


Bring the hands forward and rotate the palms to face downwards. Smile and channel 
the earth force as before. 


For these Closing Movements see the pictures beginning on page 171. 


Closing Movements 
Activate the Chi Channels - Balancing the Organs 


Index Finger - open (up), close (down), neutral (even with the other fingers). 
Ring Finger - down, neutral. 

Index Finger - open, neutral. 

Thumb - in and down, neutral. 

Index Finger - open, neutral. 

Pinky Finger - down, neutral. 

Index Finger - open, neutral. 

Middle Finger - down, neutral. 

Index Finger - open, neutral. 


Crane's Beak 


Form the crane's beak with both hands by bringing the fingertips together with the thumbs 
inside. Swallow the saliva. Raise the forearms to shoulder height with the fingers pointed 
down, inhaling gently as you raise. 

Open the palms slowly and begin to lower the arms to the sides as you exhale, until 
the palms have returned to the starting position. 


Finish 


Bring the awareness to the navel and notice the quality and intensity of the energy 
generated. 

Collect energy at the navel. Men, place the hands over the navel with the right hand 
on top; vice versa for women. 


225 





Cosmic Chi Kung 


Healing Others 


Summary and Combined Practice 


After learning the four sets of Cosmic Chi Kung, you may want to combine them all into 
a short and simple daily practice. This combined set, previously called Buddha Palm I, 
synthesizes the movements from the first three sets into one basic sequence. The 
movements are done on the right side only, so the entire set can be completed in ten to 
twenty minutes. 


Cosmic Chi Kung: Simple Combined Sequence 
Opening Movements 


Bone Breathing - Absorbing Cosmic Chi 


1. Stand with your hands down by your sides. Feel your Chi moving and activate the 
bone breathing. 

2. Activate the cosmic force by using your mental intention (Yi) to spiral at the 
mideyebrow point and draw in the golden light energy. Breathe through the 
mideyebrow point in the same manner as in bone breathing, allowing the energy to 
flow through the Microcosmic Orbit. Alternatively you can breathe the golden light 
down into your navel to charge up your Original Chi at the Tan Tien. You can also 
simply circulate the golden light throughout your body. Relax, smile and enjoy the 
sensation of your entire body breathing in the cosmic energy. 


Channeling the Earth Force - Washing the Bone Marrow 


1. Connect with the earth force by activating the perineum and the soles of the feet, 
Kidney 1, Bubbling Spring. Connect the bridge by slightly squeezing the sex or- 
gans and the anus. Wash the bone marrow from the soles to the crown. 

2. Smile into the perineum, palms, mideyebrow and crown. Then slowly raise the arms, 
palms facing each other to chest height keeping the elbows relaxed and sunk. Then 
slowly rotate the arms until the palms are facing down. Absorb the Earth Chi through 
the soles, perineum and palms; feel it being absorbed into the bones and body like a 
steam or mist rising from the earth. Feel the earth force move through the center 
of the bones, up the calves, thighs (femur bones), through the hip bones, spine, 
scapulas, arms, neck and skull. Finally swirl the energy around your brain. 
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Activate the Hip - Large Intestine 4, Pericardium 9 and Small Intestine 3 


1. Raise your index finger slightly upward to activate the Laogong point (Pericardium 
8). Then stretch your thumbs out to the sides and down, so that they end up pointing 
downwards toward the earth to activate Large Intestine 4 (Hegu). Large Intestine 4 
is found in the webbing between the thumb and index finger. It is called the 
“eye of the hand"; this area is also known as the "Tiger's Mouth." 

2. Slowly draw the elbows back and lower the hands until your palms are facing down 
beside the "eye of the hip" (the iliac crest) with the "eye of the hand" (Large Intestine 
4) aligned with the "eye of the hip". Use your mind intention to beam the energy 
back and forth between your two LI-4 points. This will activate the large and 
small intestines. 

3. Rotate your hands so that the fingers first point out, then back and finally point the 
fingers in toward the eye of the hip. Beam energy back and forth between the 
tips of the middle fingers (Pericardium 9) passing through the hips. 

Rotate the hands again until the fingers are pointing forward with the palms facing 
up. Align the knife edge (Small Intestine 3) with the eyes of the hip, and beam the 
energy back and forth between the two hands. 


Absorb the Heavenly Force - Washing the Bone Marrow - Crown to Soles 


Extend the arms forward to chest height with the palms still facing upward. 

Become aware of the palms and the crown. Activate the Laogong point (Pericardium 
8). Feel the heavenly energy, and be aware of the violet light of the North Star and the 
red light of the Big Dipper shining down. Draw this light in through the palms and the 
crown point and feel it washing your bone marrow. Direct the sensations down through 
the skull, cervical vertebrae, clavicle, scapulas and sternum. Activate your thymus gland 
and continue drawing the healing heavenly light down through the rib cage, arms, spine, 
hips, femurs, calf bones, feet and toe bones. Feel your bones activated with a posi- 
tive electrical force (the positive force comes from heaven, negative from the 
earth). 


Absorb the Earth Force 


1. Rotate the arms until the palms face down. 

Raise the index fingers slightly, extend the thumbs first towards each other, and then 
towards the ground. 

2. Become aware of the palms (Laogong), the soles of the feet (Kidney 1, Bubbling 
Spring) and the perineum (Conception Vessel 1, Hui Yin). Activate these points, feel 
the earth energy, and be aware of a gentle blue light or white light rising up 
from the earth like a pure steamy mist. Draw this light in through the palms and 
soles and let it wash up through the center of your bones as it steam cleans your 
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marrow. Picture any impurities or illness dripping out of your bones and draining 
down into the earth, where they are recycled and purified. 


Core Movements 


Grasping the Moon - Connecting the Heaven and Earth Forces 


1. Open Position: Heaven Force - Bring the arms up to shoulder height, bending the 
elbows so that the left hand is under the right elbow with the left index finger 
pointing up to Heart 3. 

2. The right forearm is over the left forearm with the tip of the right index finger held 
above the Large Intestine 11 point of the left arm. The right index finger is pointing up 
toward heaven. 

3. The right index finger draws in the heavenly force like an antenna. The force flows up 
the bones of the right arm across the shoulders to the left arm, and through the 
bones of the left arm to the left index fingertip. It then flows through the index finger of 
the left hand into the Heart 3 point of the right arm completing the heavenly circuit. 
Continue cycling in this way. 

4. Close Position: Earth Force - Keeping the arms in the same position, move both 
index fingers to point down. The right index finger will now point toward the Large 
Intestine 11, point of the left arm and the left index finger will point downward toward 
the earth. Draw in the earth force through the left index finger bringing it through the 
bones of the left arm, across the shoulders through the right arm to the right index 
finger and out into the Large Intestine 11 point of the left arm. Continue cycling in this 
way completing the earth circuit. 

Open and close three times altogether ending in the open position. 


Activate the Throat Center 


1. Draw the elbows out to the side and rotate the palms to face in so that the left palm 
is about 3 - 6 inches in front of the Throat Center (Conception Vessel 22), palm 
facing in, and the right hand is about 1 - 3 inches in front of the left hand, palm facing 
in. Align the Lung 10 point of the right hand with the Lung 10 of the left hand, and align 
the Lung 10 points in the middle of the thenar eminence of the left hand with the 
Throat Center. Keep the points aligned and beam the energy passing through 
both hands into the Throat Center. 

2. Move both hands about 12-18 inches out from the Throat Center maintaining the 
energy beam as you move. 

3. Move in and out three times altogether in this way ending with the hands in as in 
preivous point above. 
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Activate the Third Eye 


. Keeping the Lung 10 points aligned, raise the hands up to the level of the mideyebrow 
point. Keep the points aligned and beam the energy passing through both hands 
into the mideyebrow point. 

. Move both hands about 12-18 inches out from the mideyebrow point maintaining the 
energy beam as you move. Move in and out three times altogether in this way, 
ending with the hands as previously. 

. Keeping the palms and thenars (Lung 10) aligned, move the hands back down to the 
position in front of the Throat Center. 


Open the Bridge and Regulator Channels 


. Keeping the forearms horizontal at shoulder height, separate the hands so that the 
Laogong points are aligned in front of Stomach 13 just below the clavicle on a vertical 
line above the nipple or mammillary line. The fingertips should almost be touching. 
Beam energy from the Laogong points into ST-13. You will be following this vertical 
line, which passes through the nipples, down the torso to the level of the navel stop- 
ping to focus and beam energy into key points along the way. On each of these, 
focus your Yi on beaming energy into the organs inside each position. Stomach 13 is 
the location that activates the Heart and Lungs. Feel the change in your breathing as 
you activate the lungs. 

. Move the hands down the mammillary line to Stomach 16, about one inch above the 
nipple (in the space between the third and fourth ribs). Again, beam energy to ener- 
gize and balance the heart and lungs. 

. Move the hands down to Liver 14 (about 2 - 3 inches below the nipple in the space 
between the 6th and 7th ribs). Beam healing energy into the liver and gall bladder. 
. Move the hands down to Spleen 16 (just below the rib cage on the mammillary line). 
Beam healing energy into the stomach, pancreas and spleen. 

. Move the hands down to Spleen 15 (on the mammillary line to the level of the navel). 
Beam healing energy from your palms into the small intestine and the Tan Tien. 


Grasping the Chi Ball 


. Slowly rotate the hands so that your palms face each other in front of your navel. 
Feel the invisible ball of energy between your hands. Allow the energy to push your 
hands apart keeping the feeling of connection between your palms. 

. Let the energy draw your hands back toward each other, like a magnet, until you feel 
as if you are squeezing a ball. 

. Stretch and squeeze the Chi ball three times by opening and closing your palms in 
this way. 
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as 


Activate the Outer and Inner Arm Gates 
Waiguan - Triple Warmer 5 and Neiguan - Pericardium 6 - Right Arm on Top 


. Slowly rotate the arms so that both palms face down. 


2. Cross the right wrist over the left wrist with 1-3 inches of space between the hands. 


Align PC-6 of the right wrist with TW-5 of the left wrist. 


. Keeping the wrists crossed, slowly rotate hands turning the palms upward. Now 


TW-5 of the right wrist will be aligned with PC-6 of the left wrist. 


Open the Functional Channel with LI-4 


. Bring the left hand down to the level of the Tan Tien with the Chi Knife facing in. 


Lower the right hand, palm down, and align the eye of the hand, the LI-4 point with 
your navel. Feel the Chi ball between your two hands, and at the same time beam 
energy from LI-4 into the navel point. 


. Raise the right hand up the Functional Channel stopping and aligning LI-4 with the 


solar plexus, heart, throat (CV-22) and mideyebrow points. Beam energy from 
the eye of the hand into each of these points, and at the same time continue to 
feel the Chi ball connection between the two hands. 


. Return down the Functional Channel in the same manner stopping to beam energy 


into each point. Go up and down the Functional Channel in this way three times. 


Yin/Yang Palms 


. Separate the hands and extend them out in front of the body at solar plexus level. 


The left palm is still pointing up and is yang drawing in the heavenly force through 
Laogong. The right palm is still facing down and is yin drawing in the earth force 
energy. 


. Conclude by turning the left palm over to face downward. Draw in the earth force 


through both palms. 


Double Palm and Beam to Activate the Functional and Governor Channels 


. Bring the left palm in first to face the navel, about 3 - 5 inches away, aligning the 


Laogong point with the navel. Follow by bringing the right hand in front of the left 
hand, aligning the Laogong of the right palm with the Laogong of the left hand and the 
navel. Both palms are now facing in. Beam energy through both Laogong points 
to the navel and through the body to the Door of Life. 


. Next raise the left palm up to the solar plexus aligning the Laogong point with the 


solar plexus. Beam energy into the solar plexus point and through the body to the T- 
11 point. Your right hand remains at the navel level beaming energy to the navel and 
the Door of Life. 


. Raise your right hand up to the outside of the left hand at the solar plexus level, and 


beam energy through both hands into the solar plexus point and the T-11 point. 
Continue in the same way with the left hand leading to the heart point and wing 
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point, the throat point and C-7, the mideyebrow point and jade pillow and the 
crown point and perineum. 

4. Return down the front, point by point in the same way, leading with the left hand. 
Go up and down in this way three times. The double palm and beam activate 
both the Functional and Governor Channels. The energy beam passes all the 
way through the body at each point. 


Grasping the Chi Ball 


1. Separate the hands and slowly extend the arms in front of you at navel level, palms 
facing each other holding the Chi ball. 

2. Stretch and squeeze the Chi ball three times as before by opening and closing the 
palms. 


Channel the Earth Force 


Rotate the hands to face downward, and draw in the earth force through the palms, 
soles and perineum. 


Closing Movements 
Activate the Chi Channels - Balancing the Organs 


Index Finger - open (up), close (down), neutral (even with the other fingers). 
Ring Finger - down, neutral. 

Index Finger - open, neutral. 

Thumb - in and down, neutral. 

Index Finger - open, neutral. 

Pinky Finger - down, neutral. 

Index Finger - open, neutral. 

Middle Finger - down, neutral. 

Index Finger - open, neutral. 


Crane's Beak 


1. Form the crane's beak with both hands by bringing the fingertips together with the 
thumbs inside. Raise the forearms to shoulder height with the fingers pointed down, 
inhaling gently as you raise. 

2. Open the palms slowly and begin to lower the arms to the sides as you exhale, until 
the palms are facing each other in the starting position. 


Finish 
1. Bring the awareness to the navel and notice the quality and intensity of the energy 
generated. 


2. Collect energy at the navel. Men, place the hands over the navel with the right hand 
on top; vice versa for women. 
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Chapter IX 
Universal Tao Practices 


Cosmic Inner Smile 





Fig. 9.1 Inner Smile 


The Inner Smile begins at the eyes and the mideyebrow point and moves down to the 
heart. As you activate the heart, the loving energy will flow out and you will feel the 
energy of your Inner Smile flow down the entire length of your body like a waterfall. This 
is a very powerful and effective tool to counteract stress, tension and negative Chi. 
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. Be aware of the mideyebrow, imagining that your are in one of your favorite 
places in the world, a place where you feel safe, relaxed and happy. Recall the 
sights you might have seen there, the sounds you might have heard, the scents, 
sensations and flavors that you associate with that place. 

. Imagine that one of your favorite people is standing in front of you, smiling to you with 
loving, happy, radiant shining eyes. Smile to your face and slightly lift up the corners 
of your mouth. 

. Feel yourself responding to that special person's smile with a smile of your own. 
Feel your eyes smiling and relaxing. 

. Smile down to the thymus gland and picture a white flower blossoming. Gently 
inhale into the thymus gland, connecting your breath to the olfactory organ. Smell 
the good fragrance. 

. Aim your inner attention at your heart, picturing the heart before your inner eye and 
smile to it. Smile until you feel the heart smile back to you. Picture your heart like a 
red rose, gradually opening. This will activate the love and fire of compassion in the 
heart. Once you feel the red light and loving awareness it will activate the cosmic 
red healing light or mist from above and around you. 

. Smile at the light or mist and very slowly with a soft, long, deep breath draw the red 
mist, love and compassion into the mideyebrow, down through the mouth and throat, 
into the heart and gradually overflowing to the small intestine. Exhale, but retain the 
red light and the love and compassion in the heart and small intestine. At the 
same time exhale the cloudy, black or negative energy. Keep on doing this breathing 
18 to 36 times waiting until the heart becomes bright red before your inner vision and 
starts to radiate out to the tongue, mouth, nose, ears and eyes. Allow the red light to 
whirl around you and form a red aura. Feel your skin glowing with red energy. 

. Let the heart's loving energy radiate out to the lungs. Aim your attention at the lungs; 
picture them before your inner eye and smile to them. Smile until you feel the lungs 
smile back to you. Picture your lungs like a white rose, gradually opening; smell the 
good fragrance. This will activate the courage in the lungs. Once you invoke the 
white light and courage into the lungs, you will also activate the cosmic white heal- 
ing light or mist from above and around you. 

. Smile at the light or mist and very slowly, softly take a long deep breath and draw the 
white mist into the mideyebrow, the mouth and down to the lungs, gradually over- 
flowing into the large intestine. Exhale but retain the white light and the feeling of 
courage in the lungs. At the same time exhale the cloudy, black or negative energy. 
Keep on doing this kind of breathing 18 to 36 times, waiting until the lungs become 
bright white and start to radiate out to the nose, ears, eyes, tongue and mouth. Invite 
the white light to whirl around you and form a white aura covering your skin like 
autumn dew. 

. The spleen, pancreas and stomach correspond to the yellow color of the earth 
element. Connect to these organs and smile down into them from the mideyebrow. 
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First connect to the heart, then attract the clear yellow light from above and around 
you. You might see the golden yellow aura of a wheat field ready for harvest. Expel 
feelings of worry; exhale the cloudy, sticky energy. Breathe in the golden yellow 
aura, filling your spleen center with golden yellow light. Repeat to complete 18 to 36 
cycles, then allow the light to radiate out to your mouth, nose, ears, eyes and tongue. 
Wrap the golden aura around you, leaving a golden shine on your skin. 

10. The kidneys and bladder correspond to the blue color of the water element. Gentle- 
ness is contained within the blue healing light. Inhale the blue aura into the kidneys. 
Expel feelings of fear or stress on breathing out. Allow your energy field to expand, 
breathing in and out the blue energy 18-36 times, until it starts to radiate out from 
your kidneys to your ears, eyes, tongue, mouth and nose. Gather the blue mist on 
your skin enveloping you with a blue aura. 

11. The liver and gall bladder connect to the green color of the element wood; kind- 
ness replaces anger, which is expelled on breathing out. Do the same as above and 
create a green aura around you. Exhale the dark red, cloudy heat. Inhale the nour- 
ishing green of the forests. Do 18 to 36 cycles, until the green light has completely 
filled the liver and starts to radiate out to your eyes, tongue, mouth, nose and ears. 
Invite the green light to form a green aura around you. 

12. Smile down to the sexual organs and reproductive system. Feel love and sexual 
arousal and the heart and sexual organs uniting. Observe how this process trans- 
forms the sexual energy into Chi. Channel down orange and red light to the sexual 
organs. Thank them for their work in keeping you alive and healthy. Rest. Do noth- 
ing. Gather and store the energy by smiling and spiraling in the Tan Tien. 


Six Healing Sounds 


The Six Healing Sounds enhance Therapeutic Work 


Everyone has heard stories about gifted beings who possess great healing powers. 
People seek out gifted healers. Yet even in the best of circumstances, how much time 
can a great healer spend with you? One hour a day? An hour a week? What about the 
rest of the time? Thus you must learn how to take care of yourself; you must learn how 
to clear out your negative energy and transform it into positive healthy energy. If you 
maintain yourself in this way it will surely enhance any other therapy you are receiving. 

The Six Healing Sounds are a simple yet powerful tool to promote physical, ener- 
getic and emotional healing and balance. If you are healing others, you can teach your 
students one or two of the Six Healing sounds each session, to enhance the effects of 
your therapeutic work. During the practice of the sound the resting period is very impor- 
tant. Growing the good virtue of the organs is essential so the negative or sick energy 
has less room to grow. 
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The sounds are also used to generate certain frequencies for specific healing. Each 
sound can generate different energy for the healing of the different organs. 

Once the movements, sounds and information have been integrated into your prac- 
tice you can simplify and make the Six Healing Sounds more powerful. For example, 
when you are settled into the lung sound and you are breathing white healing light and 
feel the mideyebrow wide open, you put the awareness in the ‘Tan Tien and Universe’. 

Chi will flow from the universe into the Tan Tien and just the right amount and quality 
will flow from the Tan Tien into the lungs and large intestine. Just set up the location (the 
organ) and connect to the universe and the Chi will flow to the correct location! 

When doing these, the eyes are open only while making the sound. 


Six Healing Sounds - Practice 


Lung Sound 


Element: Metal 

Associated Organ: Large Intestine 

Sound: SSSSSSS (Tongue behind Teeth) 

Emotions: Negative - Grief, Sadness, Depression 
Positive - Courage, Righteousness, High Self Esteem 
Color: White, Clear, Metallic 

Season: Fall 

Direction: West 





Position: Sit in a chair with your back straight and your hands resting palms up on 
your thighs. Have your feet flat on the floor about a hip's width apart . Smile down to 
your lungs and be aware of any sadness, grief or excess heat in your lungs. Slowly 
inhale and raise your hands up your center line with your fingers pointing toward each 
other. When your hands pass your shoulder level, begin to rotate the palms out as you 
continue raising your hands up in front of you and above your head with the palms up. 
Point your fingers towards the fingers of the opposite hand and keep your elbows slightly 
bent. 


Sound: Part your lips slightly, keeping your jaw gently closed. Look up through the 
space between your two hands and push your palms slightly upward as you slowly 
exhale and make the sound, "SSSSSSS". Picture and feel any excess heat, sadness, 
grief, depression, sickness and dingy white color expelled and released as you exhale 
slowly and fully. 
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Resting Posture: When you have completely exhaled, rotate the palms to face 
downward with the fingers still pointing toward each other. Slowly lower the palms and 
bring them just in front of the chest feeling the lung’s aura. 


Close your eyes and be aware of your lungs. Smile into your lungs, and as you 
inhale, imagine that you are breathing in a bright white mist of light. Breathe this light 
into your lungs and feel it cooling, cleansing, invigorating, healing and refreshing your 
lungs. Feel it flowing down to the large intestine to balance the energy of the yin lungs 
and yang large intestine, allowing the courage quality of your lungs to emerge. Grow 
more courage, So sadness and depression have less room to grow. With each inbreath, 
feel yourself drawing in cool fresh energy. With each outbreath, mentally make the Lung 
Sound and release any remaining sadness or hot energy. 

Repeat at least three times. For the first two repetitions, you can make the sound 
aloud. On the third or last repetition, make the sound sub-vocally (vocalizing the sound 
so softly that only you can hear it) Repeat six, nine, twelve or twenty four times to 
alleviate extreme sadness, depression, colds, flu, toothaches, asthma and emphysema. 


Kidney Sound 


Element: Water 

Associated Organ: Bladder 

Sound: CHOOOOOO (with your lips forming an "O" 
as if blowing out a candle.) 

Emotions: Negative - Fear, Shock 

Positive - Gentleness, Wisdom 

Color: Dark Blue or Black 

Season: Winter 

Direction: North 





Position: Now move the hands to cover the kidneys. Smile to your kidneys, and be 
aware of any excess cold or heat in the kidney region. Then bring your legs together, 
ankles and knees touching. Lean forward and clasp the fingers of both hands together 
around your knees. Inhale and pull your arms straight from the lower back while bending 
the torso forward (this allows your back to protrude in the area of the kidneys). Tilt your 
head upward as you look straight ahead, still pulling on your arms from the lower back. 
Feel your spine pulling against your knees. 


Sound: Round the lips slightly and slowly exhale while making the sound 
"CHOOOOOO." Simultaneously contract your abdomen, pulling it in toward your kid- 
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neys. Imagine any fear, sickness, imbalances, excess cold or heat energy being re- 
leased and squeezed out of the fascia surrounding the kidneys. 


Resting Posture: After you have fully exhaled, slowly sit erect and return the hands 
to touch the aura of the kidneys. Close your eyes and again be aware of your kidneys. 
Smile to your kidneys and, on the inbreath, imagine you are breathing a brilliant lumi- 
nous blue light mist into them; feel this mist healing, balancing and refreshing your 
kidneys and bladder and picture them glowing a bright blue color. On the outbreath, 
imagine you are still making the Kidney Sound. 


Repeat at least 3 times, as with the previous sound. Repeat six, nine, twelve, or 
twenty four times to alleviate extreme fear, fatigue, low-pitched ringing in the ears, dizzi- 
ness, back pain, bladder and urinary infections or other problems of the reproductive 
system. 


Liver Sound 


Element: Wood 

Associated Organ: Gall Bladder 

Sound: SHHHHHHH 

Emotions: Negative - Anger, Frustration, Resentment 
Positive - Loving Kindness, Benevolence, Forgiveness 
Color: Green 

Season: Spring 

Direction: East 





Position: Place the hands on the liver. Smile to your liver and be aware of any 
anger, frustration, resentment or excess heat. Slowly begin to inhale a deep breath as 
you extend your arms up from the sides with your palms up. Continue to raise them 
over your head. Interlace your fingers together and turn your joined hands over to face 
the sky, palms up. Push out through the heels of the palms and extend the arms up, 
keeping the shoulders relaxed. Bend a little to the left and stretch your right arm slightly 
to gently open the area of your liver. 


Sound: Open your eyes wide (the eyes are the sensory opening of the liver). Slowly 
exhale, making the sound, "SHHHHHHH" sub-vocally. Feel that you are releasing any 
trapped excess heat, anger, illness and negativity from your liver and that these are 
riding out of your body on your breath. 


Resting Posture: Once you have fully exhaled, separate your hands, turn the palms 
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down and slowly lower your arms to the sides, leading with the heels of the hands. 
Smile and inhale a shiny spring green mist, illuminating the liver and gall bladder. 
Bring your hands back to rest on the liver’s aura. Close your eyes and smile into your 
liver. With each inbreath, breathe fresh Chi into your liver and gall bladder and mentally 
make the Liver Sound with each outbreath. 


Repeat at least three times, as with the previous sound. Repeat six, nine, twelve or 
twenty four times to alleviate extreme anger, to relieve red or watery eyes, to remove a 
sour or bitter taste in the mouth or to detoxify the liver. 


Heart Sound 


Element: Fire 

Associated Organ: Small Intestine 

Sound: HAAAAAAAW 

Emotions: Negative - Arrogance, Harshness, Cruelty, Hatred 
Positive - Joy, Honor, Respect, Love, Happiness 

Color: Red 

Season: Summer 

Direction: South 





Position: Let both hands rest on the heart. Smile to your heart and be aware of any 
arrogance, haughtiness, hatred, giddiness, cruelty or hastiness. Slowly begin to inhale 
a deep breath as you extend your arms up from the sides with your palms up, as you did 
with the Liver Sound. Continue to raise them over your head. Interlace your fingers 
together and turn your clasped hands over to face the sky, palms up. Push out through 
the heels of the palms and extend the arms up, keeping the shoulders relaxed. Benda 
little to the right and stretch your left arm slightly to gently open the area of your heart. 


Sound: Keep your eyes soft and relaxed, looking up through your hands. Slowly 
exhale, making the sound, "HAAAAAAAW" sub-vocally. Feel that you are releasing any 
trapped heat, negative emotions, illness and imbalances from your heart and that these 
are riding out of the body on your breath. 


Resting Posture: Once you have fully exhaled, close your eyes, separate your hands, 
turn the palms down and slowly lower your arms to the sides, leading with the heels of 
the hands. As you move inhale a bright red mist into the heart and small intestines. 
Bring your hands back to rest on your heart’s aura . Smile into your heart. With each 
inbreath, breathe fresh Chi into your heart with each outbreath mentally repeat the heart 
sound. 
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Repeat at least three times, as with the previous sound. Repeat six, nine, twelve or 
twenty four times for the heart and small intestines; feel them balanced. This will allevi- 
ate extreme impatience, hastiness, arrogance, nervousness, moodiness, jumpiness, 
irritability, tongue ulcers, palpitations, sore throat, heart disease, insomnia and detoxify 
the heart. 


Spleen Sound 


Element: Earth 

Associated Organ: Pancreas, Stomach 

Sound: WHOOOOOOO (gutturally from the throat) 
Emotions: Negative - Worry, Excess Sympathy, Overthinking 
Positive - Fairness, Balance, Equanimity, Justice, Openness 
Color: Yellow 

Season: Indian Summer 

Direction: Center (where you stand, looking out to 

the Six Directions) 





Position: Place your hands on the body covering the spleen, pancreas, and stom- 
ach area. Be aware of your spleen and smile sincerely into it. Inhale deeply as you 
move the arms outward in an embrace and aim the fingers up under the left rib cage. 
Place your fingers of both hands just beneath the sternum and rib cage on the left side. 


Sound: Look out, lean into your fingers and gently push your fingertips in. Exhale 
slowly and make the sound, "WHOOOOOOO," from the depths of your throat. Feel 
yourself releasing any trapped heat, worry, mental fixations or excess sympathy. 


Resting Posture: Once you have fully exhaled, close your eyes, slowly release the 
hands and extend the arms out embracing the earth; return your hands to the resting 
position on the spleen’s aura. Smile to your spleen, pancreas and stomach. Inhale 
fresh Chi to your spleen, pancreas and stomach as a brilliant luminous yellow healing 
mist that cleanses and refreshes your organs. Mentally do the Spleen Sound with each 
outbreath. 


Repeat at least three times, as with the previous sound. Repeat six, nine, twelve or 


twenty four times to alleviate extreme indigestion, heat or cold in the stomach or spleen, 
worry, nausea, hemorrhoids, fatigue, organ prolapse or loose stools. 
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Triple Warmer Sound 


The Triple Warmer refers to the upper, middle and lower 
body, and to the distinct metabolic transformations that oc- 
cur within each area. The Upper Warmer is the area above 
the diaphragm, where the heart and lungs are located. This 
area tends to become hot and is responsible for respiration 
and cardiovascular circulation. The Middle Warmer, the area 
between the diaphragm and the navel, becomes warm and 
is where the digestive organs are located. The Lower 
Warmer, the area below the navel, is responsible for repro- 
duction and elimination and is cool in temperature. The 
sound "HEEEEEEE" balances the temperatures of the three 
levels by bringing hot energy down to the lower center and 
cold energy up to the higher centers. 





Position: Lie on your back with your arms resting palms up at your sides. Keep your 
eyes closed. Smile. First breathe into the upper part of your lungs to expand the Upper 
Warmer; then breathe into the middle of the lungs to expand the Middle Warmer; finally, 
with the last part of your inhalation, expand your lower lungs and fill the Lower Warmer. 
Breathing in this way creates more space inside for each organ, helping to release and 
circulate any internal heat or cold. 


Sound: Exhale with the sound "HEEEEEEE" sub-vocally, first flattening your chest, 
then your solar plexus, and finally your lower abdomen. Feel the dark and cloudy color, 
cold and chill energy exit from the tips of the fingers. 


Resting Posture: Once you have fully exhaled, do not to focus on any emotions or 
purification process at all. Just let go and relax your body and mind completely. 


Repeat at least three times, as with the previous sound. Repeat six, nine, twelve or 
twenty four times to alleviate insomnia and stress. 

When you have completed the Six Healing Sounds just rest, smile and do nothing. 

Regular daily practice of the Six Healing Sounds will help you to keep in touch with 
the energetic and emotional state of your internal organs. Most importantly do the sounds 
in the evening before going to sleep. This will help clear out the negative emotions 
before sleeping, so you can feel that the night’s rest recharges your energy positively. 
This practice will greatly benefit your personal Cosmic Healing Chi Kung practice. It will 
help sensitize you to the varieties and differing qualities of Chi. This knowledge will also 
help you in diagnosing and treating others. 

For more details of this practice please see the book "Taoist Ways to Transform 
Stress Into Vitality", by Mantak Chia. 
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Guide to the Acupuncture Points used in Cosmic Chi Kung 


The following is a detailed description of the acupuncture energy points used in the 
Cosmic Chi Kung practice. It is necessary to know the exact location of the points to do 
the practice well. However, you do not have to know the traditional Chinese medical 
functions and energetics of the points to do the practice. These are included in this 
appendix as an item of interest. 

The names of the points are given first by the channel and number, second by the 
English translation of the traditional Chinese name for the point and finally by the name 
in Chinese. 

We are emphasizing the traditional Chinese medical therapeutic properties of the 
points given herein. Many of these points also have very different purposes in Taoist 
Yoga. For a description of the Taoist Yoga energetics, refer to “Awaken Healing Light of 
the Tao” by Mantak Chia. 


Pericardium 8 
"Lakor's Palace" - Laogong 


Ying Spring, Fire Point 
Location: On the center of the palm, where the tip of the middle finger touches when 
making a loose fist. 


On the Crease = e i— P-3 
] | Functions: Cools the of the Inner | 
heart, drains heat from the Elbow Region | 

| o+ pes heart, cools the blood, | 
: calms the spirit, regulates ] 
the heart Chi and yang, | 
Ghost Point for treating | 
; fo | spirit possession. ] 
Indications: Coma from | 

L-] Ana stroke, heat exhaustion, 

| angina pectoris, mania, hys- iy | 
U Il] teria, mental illness, exces- Ihanl 
sive sweating of the palms, | | \ | 
mouth problems. UUU ~ 
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Large Intestine 4 
"Adjoining Valleys" - Hegu 


Yuan Source Point 

Location: On the back side of the hand between the thumb and in- LI4 
dex finger, in the web approximately at the middle of the metacarpal 3 
bone of the index finger. ae 
Functions: Disperses wind, relieves exterior conditions, suppresses 
pain and clears the channels, clears lung heat, calms the spirit. 
Very powerful point for moving the Chi and blood of the whole body; 
main point for pain; main point for headache; main point for ailments of the head, face 
and sensory organs; main point for immunity. 

Indications: Headaches, common cold, redness with pain and swelling of the eyes, 
toothache, facial swelling, sore throat, finger cramps, arm pain, fever, abdominal pain, 
constipation. 

Caution: Contra-indicated in pregnancy. 


Small Intestine 3 


"Back Creek" - Houxi S13 


Shu Stream, Wood Point 
Master Point of the Governor Channel 
Coupled Point of the Yang Bridge Channel 
Location: When a loose fist is made, the point is near the head of the fifth metacarpal 
bone on the knife edge of the hand at the junction of the red and white skin. 
Functions: Relaxes the tendon-muscular channels, opens the Governor Channel, clears 
the Spirit, drains evil Chi from the heart. 
Indications: Seizures, psychosis, hysteria, intercostal neuralgia, headache, stiff neck, 
red, painful and congested eyes, deafness, spasms of the arm, elbow and fingers; 
fever, night sweating, whiplash, occipital headaches. 

Used for structural/musculo-skeletal problems; opens the Governor Channel for prob- 
lems with back, neck and head, main point for stiff neck, antispasmodic for muscle 
spasms; anti-inflammatory for spinal arthritis, intestinal inflammation. 


Lung 10 
"Fish Border" - Yuji 
L10 
Ying Spring, Fire Point 
Location: In the middle of the ulna eminence below the thumbs Yy 
at the junction of the red and white skin. 


Functions: Cools heat in the lungs, benefits the throat. 
Indications: Sore throat, cough, laryngitis, tonsillitis, fever with common cold. 
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Triple Warmer 5 
"Outer Gate" - Wai Guan ~2 2 


Luo Connecting Point 

Master Point of the Yang Regulator Channel 

Coupled Point of the Belt Channel T™5 
Location: About two fingers width above the wrist crease on the outsiug eon afM. 
Functions: Regulates the Yang Regulator Channel and Belt Channel, tonifies and con- 
solidates Protective (Wei) Chi, releases exterior hot and cold conditions, helps circu- 
late stagnant Chi in the channels. 

Indications: Common cold with alternating chills and fever, high fevers, pneumonia, 
deafness, migraine headaches, paralysis, stiff neck. 


Pericardium 6 aan ae 


"Inner Gate" - Nei Guan ae 


| 
Luo Connecting Point Va 
Master Point of the Yin Regulator Channel “1 | | \ | 
Location: About two fingers width above the wrist crease on the il UU “* the arm, 
between the two prominent tendons. 
Functions: Calms the heart and spirit, regulates the Chi, opens and relaxes the chest, 
regulates and harmonizes the stomach, regulates the liver, relieves pain. 
Indications: Rheumatic heart disease, shock, angina pectoris, palpitations, chest pain, 
asthma, shortness of breath, tightness or fullness in the chest, spasm of the diaphragm, 
vomiting, stomach ache, abdominal pain, morning sickness, motion sickness, migraine 
headaches, hysteria, anxiety, irritability, insomnia, seizures, swollen and painful throat, 
painful menses or nausea with period. 


Large Intestine 11 a. 
"Crooked Pond" - Qu Chi 
He Sea, Earth Point ; “= e 
Ghost Point 
Location: When the elbow is flexed, in the depression at the vi 


outer and upper end of the elbow crease. 
Functions: Cools heat, clears fire, drains dampness, eliminates wind and exterior con- 
ditions, regulates and moistens large intestine. 

Indications: Arthritic pain in the arms, paralysis, hypertension, high fever, anemia, al- 
lergies, skin problems, Parkinson's Disease. Main point for skin diseases; main point 
for high fever. 
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Conception Vessel 22 ae. 
"Heaven's Chimney" - Tian Tu (—_ 
t 


==} 
Intersecting Point of the Yin Regulator Channel on the Concep- \e] 
tion Vessel, Window of the Sky Point Pa a 
Location: At the top of the breastbone (sternum) in the V-shaped (ERO, XO) 
indentation (suprasternal notch). Press in and downward ata | '’ VS =7 ie 
forty-five degree angle. WF} Sd) 
Functions: Cools the throat and clears the voice, facilitates and { kK; yh gy} 
regulates movement of lung Chi, frees the breath and helps re- a 3 


store the proper functioning of the lungs and bronchi, helps open Conception Vessel 
(Functional Channel). 
Indications: Asthma, bronchial asthma, bronchitis, coughing, pharyngitis, goiter, hic- 
cups, nervous vomiting, hoarse voice, spasms of the esophagus, diseases of the vocal 
cords, sore throat. 
Conception Vessel 17 
“Central Altar” - Tan Zhong 


Front Mu-Alarm Point of the pericardium, Influential Point of Chi of the body 

Sea of Chi Point, Master Point of the Middle Tan Tien 

Location: On the frontal midline at the level of the fourth intercostal space, between the 
nipples. 

Functions: Regulates the lungs and the Upper Warmer, tonifies Ancestral Chi, opens 
and relaxes the chest, diffuses lung Chi, regulates and tonifies Chi, transforms phlegm. 
Indications: Pulmonary tuberculosis with shortness of breath, bronchitis, asthma, bron- 
chial asthma, chest pain; all breast problems such as mastitis, insufficient lactation, 
breast abscesses, wheezing, chest pain, labored breathing, palpitations, difficulty swal- 
lowing food, anxiety. 


Conception Vessel 12 2 
"Middle Cavity" - Zhongwan (Solar Plexus) fp 
& 
LL 
Front Mu-Alarm Point of the stomach, Influential point of all yang or-  goyar 
gans Plexus 
Location: Approximately midway between the navel and the top joint a 


of the xiphoid process 

Functions: Regulates the stomach Chi and yin, regulates, strength- Navel © 
ens and tonifies the spleen Chi and yang, regulates the Middle Warmer, 
reduces digestive stagnation, tonifies nutritive Chi, regulates Chi and 
blood, redirects rebellious Chi downwards, clears stomach fire and 
heat, calms the fetus, controls the aura. 

Indications: Acute or chronic gastritis, stomach and duodenal ulcers, prolapsed stom- 
ach, acute intestinal obstruction, stomach ache, vomiting, abdominal distention, diar- 


rhea, constipation, acid regurgitation, indigestion, hypertension, mental diseases. 
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Mideyebrow Point 
"Seal Hall" - Yin Tang 


Master Point of the Upper Tan Tien 

Location: At the midpoint between the two eyebrows. Mideyebrow 
Functions: Calms the spirit, activates the Crystal Room, oBel# 
the Governor Channel, draws in Cosmic Chi, eliminates wind heat. 
Indications: Headache, vertigo, rhinitis, sinusitis, common cold, 
hypertension, infantile convulsions, sore eyes. 





Conception Vessel 6 
"Chi Ocean" - Chi Hai 


Master Point of the Lower Tan Tien fr 
Location: Approximately three fingers width below the navel. x 
Functions: Regulates Chi, tonifies Original Chi, strengthens 

weak kidneys, harmonizes the blood, regulates the Thrusting 

Route Conception Vessel, reinforces Ching Chi, enriches yin. 

Indications: Neurasthenia, abdominal distention, abdominal 


pain, irregular menstruation, impotence, spermatorrhea, urinary Navel © 

retention, frequent urination, intestinal paralysis, incontinence, Chi Ocean 4 

constipation, infertility, uterine bleeding, hernia. Chi Hai gel 
Stomach 13 


"Chi's Household" - Chi Hu 


Location: Below the midpoint of the collarbone along (7 = 


the mammilary line (directly above the nipple). ls *} 

Functions: Clears heat, loosens the chest, relaxes the ke 

diaphragm, regulates lung Chi. ais 

Indications: Asthma, bronchitis, chest and back pain, (Ie Cras 5) —ST 13 

hiccups. ANCES =y D 
Stomach 16 NWA SA sr 16 


"Breast's Window" - Ying Chuang 


Location: In the space between the third and fourth ribs, one rib directly above the 


nipple in men, slightly higher in women. 


Functions: Stops pain, reduces swelling, clears heat, resolves depression, opens lungs, 


stops cough, relaxes chest, moves Chi. 


Indications: Coughing, asthma, swelling of the breasts, chest and stomach pain, heart- 


burn, shortness of breath, melancholy, diarrhea 
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Liver 14 2 
"Gate of Hope" - Chi Men a 
Jy sf iene 
Front Mu-Alarm Point of the liver a . ) 
Intersecting point of the Yin Ks Py a / 
Regulator and spleen channels on the liver channel Ley (fe @ Sa Lv 14 


Location: In the sixth intercostal space, directly below the nipple. : 
Functions: Spreads liver Chi, transforms and removes con- ri 
gealed blood, strengthens spleen and stomach, expands and a 
relaxes the chest. \ 
Indications: Difficulty in breathing, chest pain, hepatitis, enlarged " 
liver, gall stones, pleurisy, nervous stomach, menopausal dis- 
orders, cholera, failure to discharge the placenta after childbirth. 

Spleen 16 


"Abdomen's Sorrow" - Fu Ai 
Location: Just below the bottom edge of the rib cage on the mamillary line. 
Functions: Frees bowel Chi, dispels damp and heat, opens the organs and clears Chi 
stagnation. 
Indications: Pain in the navel region, indigestion, dysentary, constipation. 


Spleen 15 


"Great Horizontal" - Da Heng 
Intersecting point of the Yin Regulator Channel on the spleen channel 
Location: At the level with the navel along the mamillary line. 
Functions: Regulates the spleen, regulates and moistens the intestines, reduces di- 
gestive stagnation and transforms damp-heat. 
Indications: Abdominal distension, diarrhea, constipation, intestinal paralysis, para- 
sitic worms in the intestines, chronic sadness. 


Conception Vessel 8 a 

"Spirit Palace Gate" - Shen Que \: iF 

Doorway to the Original Chi, al 
Location: In the center of the navel 


Functions: Tonifies, strengthens and regulates the spleen b | 
(Chi and yang), and stomach Chi, regulates the intestines, 


warms the interior and reduces digestive stagnation, tonifies : Shen Que 
the kidneys, warms the yang, dries dampness and dispels | J} Navel |! 
cold. | | 


Indications: Chronic diarrhea, intestinal tuberculosis, all uri- 
nary disorders, shock resulting from intestinal adhesions, 
heatstroke, rectal or anal prolapse, restless fetus. 
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Governor Vessel 4 
"Door of Life" - Ming Men 


Back Doorway to the Lower Tan Tien 

Location: Below the spinous process of the second lumbar 
vertebrae. Approximately at the level of the navel. 
Functions: Nourishes the Original Chi, strengthens and har- 
monizes the kidneys, tonifies ching and yang, clears chan- 
nels and invigorates collateral vessels, benefits the lower back 


ra 


and bones, regulates water pathways. GV4 
Main point to build life fire; main point for sexual/genital prob- 
lems. Door of Life 


Indications: Bone disorders, chronic nephritis, enuresis, low 

sex drive, fatigue, spermatorrhea, impotence, irregular 

menses, painful menses, no menses, scanty menses, ab- — 

normal uterine bleeding, lower back stiffness and pain, kid- 

ney pain radiating to the abdomen, hemorrhoids, urinary incontinence, painful urination, 
diarrhea, sciatica, spinal myelitis. 


Governor Vessel 6 
"Middle of Spine" - Jizhonc¢ 


Location: Below the spinous process of the 11th tho- 
racic vertebrae (T-11). 

Functions: Stimulates Ching Chi, benefits spleen, 
stomach and kidneys and liver. 

Indications: Hepatitis, seizures, low back pain, paraly- 
sis of lower limbs, blood in stools, diabetes, diarrhea. 





Governor Vessel 11 
"Spirit's Path" - Shen Tao 


Location: Below the spinous process of T-5 (opposite CV- 
17, the Heart Point). 

Functions: Calms heart and mind, regulates heart Chi and 
yang, expands and relaxes the chest, benefits heart and 
lungs, sedates pain, sedates fright and dispels wind. 
Indications: Anxiety and palpitations due to fear or fright, 
neurasthenia, asthma, cough, shortness of breath, chest 
and hypochondriac pain, insomnia, aphasia due to winds, 
stroke, forgetfulness, fever. 


Shen Tao 
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Governor Vessel 14 

" Big Vertebra" - Da Zhui _, 
Influential point of yang " 
Sea of Chi point 
Intersection point of all yang channels. 
Location: Below the spinous process of the 
seventh cervical vertebra (C-7), approximately 
at the level of the shoulders. 
Functions: Opens the yang, clears the brain, 
calms the spirit, tonifies Protective (Wei) Chi, 
reduces fever, relieves exterior conditions, clears heat. 
Indications: Fever, sunstroke, malaria, psychosis, seizures, bronchitis, asthma, pul- 
monary tuberculosis, emphysema, hepatitis, blood diseases, eczema, hemiplegia, pain 
in the back of the shoulders, cold-induced diseases, cough, fever and chills. 







GV 16 


(Da Zhui) 
GV 14 


Governor Vessel 16 
“Jade Pillow” or "Wind Palace" - Feng Fu 


Sea of Marrow Point, Window of Sky Point, Ghost Point 

Intersection point of the Yang Regulator Channel on the Governor Vessel 

Location: At the base of the skull, about one inch above the posterior hairline. 
Functions: Benefits and clears the brain, calms spirit, opens the sensory orifices, 
dispels wind, wind-cold and wind-heat, smoothes joint functions. 

Indications: Seizures, mania, hemiplegia, loss of speech due to stroke, delirium, sui- 
cidal behavior, fear and fright, anxiety, common cold, sensation of heaviness in the 
head, headache, dizziness, numbness of the limbs, deaf-mutism, blurred vision, si- 
nusitis, stiff neck. 


Governor Vessel 20 
"One Hundred Meetings" - Bai 
Hui 


Sea of Marrow Point 

Location: At the crown of the head, approximately on the mid- 
point of the line connecting the top apex of the two ears. 
Function: Clears the senses, calms the spirit, extinguishes 
liver wind, stabilizes ascending yang. 

Indications: Headache, dizziness, shock, depression, hyper- 
tension, insomnia, seizures, prolapsed anus, prolapsed uterus, 
mental dullness, hemorrhoids. 
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INTRODUCTION 


At the eastern most end of Long Island sits Montauk Point, known to most New 
Yorkers for its scenic beauty and landmark lighthouse. To the immediate west of 
the lighthouse, there is a mysterious and derelict Air Force base on the grounds 
of old Fort Hero. Although it was officially decommissioned and abandoned by the 
U.S. Air Force in 1969, it was subsequently reopened and continued to operate 


without the sanction of the U. S. Government. 

The entire financing for the base is also a mystery. No funding can be 
traced to the military or government. Officials of the U. S. Government have 
probed for answers without success. 

The secrecy of the operation has prompted legends to thrive across Long 
Island. However, it is unlikely that any of the local people of Montauk, or those 
who spread the tales, know the full story of what actually went on there. 

A circle of insiders believe the Montauk Project was a development and 
culmination of the phenomena encountered aboard the U.S.S. Eldridge in 1943. 

Popularly known as the "Philadelphia Experiment", the ship actually 
disappeared while the Navy conducted radar invisibility experiments. 

According to these accounts, over three decades of secret research and 
applied technology ensued. Experiments were conducted that included that included 
electronic mind surveillance and the control of distinct populations. 

The climax of this work was reached at Montauk Point in 1983. It was at that 
time that the Montauk Project effectively ripped open a hole in space-time to 
1943. 

Perhaps the person best qualified to tell the real story is Preston Nichols, 
an electrical engineer and inventor who has studied the Montauk Project for the 
better part of a decade. His interest in the project was spurred in part by 
unusual circumstances in his own life. He was also able to legally acquire much of 
the equipment that was used for the project. His continued investigation 
ultimately revealed his own role as the technical director of the project. Despite 
brainwashing and threats to silence him, he has survived and has decided it is in 
the best interest of all to tell his story. 


GUIDE TO THE READER 


Because of the subject matter of this book is controversial, we would like to 
offer some guidelines. 

This book is an exercise in consciousness. It is an invitation to view time 
in a new manner and expand your awareness of the universe. Time rules our fate and 
ushers in our death. Although we are regulated by its laws, there is much that we 
do not know about time and how it relates to our consciousness. Hopefully, at the 
very least, this information will broaden your horizons. 

Some of the data you will read in this book can be considered as "soft 
facts". 

Soft facts are not untrue, they are just not backed up by irrefutable 
documentation. 

A "hard fact" would be documentation or hard physical evidence that could 
stand up to scrutiny. 

By the nature of the subject matter and security considerations, hard facts 
about the Montauk Project have been very difficult to obtain. There is also an 
area between soft and hard which can be termed "gray facts". These would be very 
plausible but not as easily provable as a hard fact. 

Any serious investigation will show that a Montauk Project did, in fact, 
exist. One can also find people who have been experimented on in some fashion or 
another. 

This book is not an attempt to prove anything. The purpose is to get a story 
told that is of essential interest to scientific researchers, metaphysicians and 
citizens of the planet Earth. It is the story of one particular individual and his 
circle of contacts. It is hoped that more individuals will come out of the closet 
and that researchers will come forth with more investigations and documentation. 

This work is being presented as non-fiction as it contains no falsehoods to 
the best knowledge of the authors. However, it can also be read as pure science 
fiction if that is more suitable to the reader. 


A short glossary has been provided in the back to assist with ordinary 
electronic terms and those of a more esoteric nature. Scientists who read this 
book should understand that the definitions are designed to assist the general 
reader's understanding. They are not purported to be the latest technical jargon. 

Likewise, the general reader should understand that the diagrams in this 
book are included for the benefit of technical people. If one is interested, they 
can get a further understanding of those terms and symbols by studying the Radio 
Amateur's Handbook or a text of similar nature. 


ONE-THE PHILADELPHIA EXPERIMENT 


The origin of the Montauk Project dates back to 1943 when radar invisibility was 
being researched aboard the USS Eldridge. As the Eldridge was stationed at the 
Philadelphia Navy Yard, the events concerning the ship have commonly been referred 
to as the "Philadelphia Experiment". Having been the subject of differnet books 
and a movie, only a quick synopsis will be given here. * 

The Philadelphia Experiment was known as the Rainbow Project to those who 
manned and operated it. It was designed as a top secret project that would help 
end World War II. The forerunner of today's stealth technology, the Rainbow 
Project was experimenting with a technique to make a ship invisible to enemy 
radar. This was done by creating an "electromagnetic bottle" which actually 
diverted radar waves around the ship. An “electromagnetic bottle" changes the 
entire electromagnetic field of a specific area - in this case, the field 
encompassing the USS Eldridge. 

While the objective was to simply make the ship undetectable by radar, it 
had a totally unexpected and drastic side effect. It made the ship invisible to 
the naked eye and removed it from the space-time continuum. The ship suddenly 
reappeared in Norfolk, Virginia, hundreds of miles away. 

The project was a success from a material standpoint, but it was a drastic 
catastrophe to the people involved. While the USS Eldridge "moved" from the 
Philadelphia Naval Yard to Norfolk and back again, the crew found themselves in 
complete disorientation. They had left the physical universe and had no familiar 
surrounding to relate to. Upon their return to the Philadelphia Navy Yard, some 
were planted into the bulkheads of the ship itself. Those who survived were ina 
mental state of disorientation and absolute horror. 

The crew were subsequently discharged as "mentally unfit" after having spent 
considerable time in rehabilitation. The status of "mentally unfit" made it very 
convenient for their stories to be discredited. 

This put the Rainbow Project at a standstill. 

Although a major breakthrough had occurred, there was no certainty that 
human beings could survive further experimentation. It was too risky. Dr. John von 
Neumann, who headed the project, was now summoned to work on the Manhattan 
Project. This concerned the making of the atom bomb, which became the weapon of 
choice for ending World War II. 

Although it is not well known, vast research that began with the Rainbow 
Project was resumed in the late 1940's. It continued on, culminating with a hole 
being ripped through space-time at Montauk in 1983. The goal of this book is to 
give you a general understanding of the research and events subsequent to the 
Philadelphia Experiment and up to 1983 at Montauk. I will begin by telling you how 
I, Preston Nichols, stumble across it. 

* Further information about the Philadelphia Experiment can be found in 
Appendix E. 


TWO-MONTAUK DISCOVERED 


In 1971, I began working for BJM*, a well Known defense contractor on Long Island. 
Through the years, I got a degree in electrical engineering and became a 
specialist in electromagnetic phenomena. I was not then aware of the Philadelphia 
Experiment or its accompanying phenomena. 

Although I was not extraordinarily interested in the paranormal at that 
time, I had obtained a grant to study mental telepathy and to determine whether or 
not it existed. I sought to disprove it, but I was surprised to find out that it 
did, in fact, exist. 

I began my research and found out that telepathic communication operated on 
principles that are strikingly similar to that of radio waves. I had discovered a 
wave that could be termed a "telepathic wave". In some respects, it behaved like a 
radio wave. I set out to get the characteristics of this "telepathic wave". I 
studied their wave lengths and other pertinent facts. I determined that while a 
telepathic wave behaves like a radio wave, it isn't exactly a radio wave. Although 
it propagates in a similar fashion to that of electromagnetic waves and possesses 
like properties, not all of these fit into normal wave functions. 

I found all of this very exciting. I had discovered a whole brand new 
electromagnetic function that was not in any of the text books I'd ever seen. 

I wanted to learn as much as I could and studied all the activities that 
might use this type of function. My interest into metaphysics had been launched. 

I continued to research in my spare time and collaborated with different 
psychics to test and monitor their various responses. In 1974, I noticed a 
peculiar phenomena that was common to all of the psychics that I worked with. 
Every day, at the same hour, their minds would be jammed. They couldn't think 
effectively. 

Suspecting that the interference was caused by an electronic signal, I used 
my radio equipment and correlated what came on over the air waves at the times the 
psychics were non-functional. Whenever a 410-420 MHz (Megahertz) cycle appeared on 
the air, they were jammed. When the 410-420 MHz cycle was off, the psychics would 
open back up after about twenty minutes. It was obvious that this signal was 
greatly impeding the ability of my psychics. 

I decided to trace the signal. Placing a modified TV atenna on the roof of 
my car, I grabbed a VHF receiver and set out looking for the source of it. I 
tracked it right to Montauk Point. It was coming directly from a red and white 
radar atenna on the Air Force base. 

At first, I thought that this signal might have been generated accidentally. 

I checked around and found out that the base was still active. 
Unfortunately, security was tight and the guards wouldn't give any useful 
information. They said that the radar was for a project run by the FAA. I couldn't 
press the point beyond that. In fact, their statement didn't make a lot of sense. 
This was a World War II radar defense system known as "Sage Radar". It was totally 
antiquated, and there is not any known reason why the FAA would need such a system 
I didn't believe them but couldn't help being intrigued. Unfortunately, I had hit 
a dead end. 

I continued my psychic research, but didn't get anywhere on the 
investigation of the Montauk atenna until 1984, when a friend of mine called. He 
told me the place was now abandoned, and that I should go out there and check it 
out. I did. 

It was indeed abandoned, with debris strewn everywhere. I saw a fire 
extinguisher left amidst many scattered papers. The gate was opened as were the 
windows and doors of the buildings. This is not the way the military normally 
leaves a base. 

I strolled around. The first things that caught my eye was the high voltage 
equipment. I was very interested as it was a radio engineer's delight. I ama 
collector of ham gear and radio equipment, and I wanted to buy it. I figured it 
would be available cheap if I made the proper arrangements though the Surplus 
Disposal Agency in Michigan. 


After examing all the equipment, I contacted the disposal agency and spoke 
to a friendly lady. I told her what I wanted, and she told me she would see what 
could be done. It appeared to be abandoned material and looked like a scrap 
contract. If this was so, I'd be able to take what I wanted. Unfortunately, I 
didn't hear from her so I called her back three weeks later. She informed me that 
there had not been any success with tracing the equipment. They couldn't find out 
who owned it. Neither the military or the GSA (General Services Administration) 
claimed to know anything about it. Fortunately, the Surplus Disposal Agency said 
they would continue to track the matter further. After another week or two went 
by, I called her back. She said she'd turn me over to a John Smith (fictitious 
name), located at a military overseas terminal in Bayonne, New Jersey. 

"Talk to him and he'll set something up," she said. 

"We Like to keep our customers satisfied." 

I met John Smith. He didn't want to discuss anything on the phone. He said 
that no one officially admitted to owning that equipment. As far as they were 
concerned, the equipment was abandoned and I could go in and take whatever I 
wanted. He gave me a piece of paper which appeared be official and said to show it 
to anyone who might question my presence in the area. It was not an official 
document nor was it registered with anybody, but he assured me that it would keep 
the police off my back. He also referred me to the caretaker of the Montauk Air 
Force Base who would show me around. 

*BJM is a fictitious name for the company I worked for. 


THREE-A VISIT FROM MONTAUK 


I was out at the base within the week. There I met the caretaker, Mr. Anderson. 

He was very helpful. He told me to be careful and showed me where things 
were so that I wouldn't fall through the floor and that type of thing. He said I 
was welcome to take anything I could this trip, but if he ever saw me out there 
again, he'd have to kick me out. His job, afer all, was to keep people off the 
base. 

He realized that the permission I had was semi-official at best. He was also 
kind enough to tell me that he went out for a dring every evening at 7P.M.. 

I had taken a trip to Montauk with a fellow named Brian. Brian was a psychic 
who had helped me with my research. As we foraged around the base, we went in two 
different directions. I went into a building and saw a man who appeared to be 
homeless. He told me that he had been living in the building ever since the base 
was abandoned. He also said that there had been a big experiment a year earlier 
and that everything had gone crazy. Apparently, he'd never gotten over it himself. 

In fact, the man recognized me, but I had no idea who he was or what he was 
talking about. I did listen to his story. He said he had been a technician at the 
base and that he'd been AWOL. He had deserted the project just before the base had 
been abandoned. He spoke about a big beast appearing and frightening everyone 
away. He told me a lot about the technical details of the machinery and how things 
worked. He also said something that was very strange. He told me that he 
remembered me well. In fact, I had been his boss on the project. of course, I 
thought it was pure nonsense. 

I didn't know then that there was any truth to his story. This was just the 
beginning of my discovery that the Montauk Project was real. 

I left the man and found Brian. He was conplaining that things weren't right 
and that he was feeling some very funny vibrations. I decided to ask him for a 
psychic reading right there. His reading was strangely similar to what the 
homeless man had just told me. He spoke of irregular weather patterns, mind 
control and a vicious beast. He mentioned animals being affected, crashing through 
windows. 

Mind control was a main focus of Brian's reading. 





The reading was interesting, but we were there to cart out the equipment. 
Much of it was heavy and we weren't allowed to bring a vehicle right onto the 
base. 

We had to back pack it. I was thus able to acquire much of the equipment 
left behind from the Montauk Project. 

A few weeks later, I was surprised by a visitor who barged into my lab. He 
came straight to the lab, which was in back of the house. He didn't ring the door 
bell or anything. He claimed to know me and said that I had been his boss. He went 
on to explain many of the technical details of the Montauk Project. His story 
corroborated what psychics and the homeless man had told me. I didn't recognize 
him but listened to all he had to say. 

I was sure that something had gone on at the Montauk base, but I didn't know 
what. My personal involvement was evident, but I still didn't consider it very 
seriously. I was, however, puzzled by different people recognizing me. I had to 
make it my business to investigate Montauk. So, I went out and camped on the beach 
for a week or so. I went to bars and asked the locals for stories about the base. 
I talked to people on the beach, on the street, wherever I could find them. I 
asked all about the stranged activities that were purported to have occurred. 

Six different people said that it had snowed in the middle of August. There 
were Listings of hurricane force winds that came out of nowhere. Thunder storms, 
Lightning and hail were also reported under unusual circumstances. They would 
appear when previously there had been no meterorologial evidence to expect such. 

There were other unusual stories besides the weather. These included stories 
of animals coming into the town en masse and sometimes crashing through the 
windows. By this time, I had taken different psychics out to the base. The stories 
confirmed what psychics had been able to determine through their own sensitivity. 

I finally got the idea to speak to the Chief of Police who also informed me 
of strange happenings. For example, crimes would be committed in a two hour 
period. Then, all of a sudden, nothing. Keep in mind that Montauk is a very small 
town. After the quiet, another two hour period of crimes would occur. 

Teens were also reported to suddenly group en masse for two hours, then 
mysteriously separate and go their own ways. The Chief couldn't account for it, 
but his statements lined up perfectly with what the psychics had indicated about 
mind control experiments. 

I had collected some really bizarre information, but I didn't have many 
answers. 

I was, however becoming very suspicious. I had often travelled to Ham-fests, 
(where Ham radio equipment is bought and sold) and there more people would 
recognize me. I had no idea who they were, but I would talk to them and ask them 
about Montauk. As I did, more information came, but everything was still a big 
puzzle. 


FOUR- DUNCAN ARRIVES 


In November of '84, another man appeared at my lab door. His name was Duncan 
Cameron. He had a piece of audio equipment, and he wanted to know if I could help 
him with it. He quickly became absorbed in the group of psychics I had working 
with me at the time. This endeavor was a continuation of my original line of 
research. Duncan showed a keen aptitude for such work and was extremely 
enthusiastic. 

I thought he was too good to be true and became suspicious of him. My 
assistant, Brian, felt the same. He didn't like duncan's sudden involvement and 
decided to go his own way. 

At one point, I surprised Duncan by telling him that I would be taking him 
some place to see if he recognized it. I drove him to the Montauk Air Force Base. 

He not only recognized it, he told me what the purpose was for each of the 


various buildings. He knew exactly where the bulletin board in the mess hall was 
and many other suchminute details. Obviously, he had been there before. He knew 
the place like the back of his hand. He provided new information about the nature 
of the base and what his own function had been, Duncan's input dovetailed very 
nicely with the previous data I had collected. 

When Duncan entered the transmitter building, he suddenly went into a trance 
and began spitting out information. This was curious, but I had to shake him 
repeatedly to break him out of it. When I brought him back to the lab, I applied 
techniques that I'd learned to help Duncan unblock his memories. Layers of 
programming were now coming out of Duncan. A lot of information concerned the 
Montauk Project. 

Many different things were revealed, until finally a shocking program came 
straight to the awareness of Duncan's conscious mind. He blurted out that he had 
been programmed to come to my place, befriend me and, then, kill me and blow up my 
entire lab. All my work would be totally destroyed. Duncan appeared to be more 
outraged at all this than I was. He swore that he would no longer help those who 
had programmed him, and he has worked with me ever since. 

Further work with Duncan revealed even more bizarre information. He had been 
involved in the Philadelphia Experiment! He said that he and his brother Edward 
had served aboard the USS Eldridge as members of the crew*. 

A lot of things surfaced as a result of my work with Duncan. I started to 
remember things about the Montauk Project and was now certain I'd been involved. 

I just didn't know how or why. The puzzle was slowly clearing up. I found 
Duncan to be an extremely operational psychic and through him I was able to 
confirm new information. 

* An account of Duncan's role in the Philadelphia Experiment is in the book 
"The Philadelphia Experiment & Other UFO Conspiracies" by Brad Steiger with Al 
Bielek and Sherry Hanson Steiger. 


FIVE- A CONSPIRACY REVEALED 


I visited Montauk many more times, often with different people who had been 
involved. A small group of us began to realize that we had stumbled across one of 
the highest security projects the country had ever known. We figured that we had 
better do something fast with this new found knowledge. If we didn't, we might end 
up dead. 

As a group, we decided action had to be taken. We weren't sure exactly what 
to do, so we sat around and discussed it. What was the best thing to do? Publish 
it? Immediately? We talked about it extensively. In July of 1986, we decided that 
I should go to the United States Psychotronics Association (USPA) in Chicago and 
talk about it. I did, and it created an uproar. Word got around fast to those who 
didn't want the Montauk story to be revealed. Suddenly, here I was, giving an 
unannounced lecture. The information got out to hundreds of people, swept under 
the rug without creating a public furor. To this day, I still appreciate the open 
forum and free speech that the USPA provided me. 

Now, we decided to feed the information to the federal government. One of 
associates knew the nephew of a senior senator from the Southwest. The nephew, who 
we will call Lenny, worked for the Senator. We gave the information to Lenny, who 
passed it to his uncle. This information included pictures of the orders given to 
the different military personnel, which we had found strewn about the base. 

The Senator did a personal investigation and verified that miitary 
technicians had in fact been assigned to the base. The Senator also discovered 
that the base was decommissioned, derelict and mothballed since 1969. Having 
served his country as an Air Force general, he was particularly interested to know 
why Air Force personnel were working on a derelict base. And, where did the money 
come from to open up the base and run it? 


After they did their own investigation and saw the pictures and documents we 
Supplied them, there was no question that the base had been active. They verified 
that Fort Hero (which is the name of the original World War I base that surrounds 
the entire area of the Air Force base) and Montauk were indeed derelict and simply 
listed as property held by the General Services Administrations since 1970. 

The Senator got very involved and travelled to Long Island to find out what 
he could about Montauk Air Force Base. He was not greeted with enthusiastic 
cooperation despite having very impressive personal credentials. People reported 
seeing him looking through the fences and trying to find out what was going on. He 
visited me and told me to keep quiet about it as speaking out any further could 
jeopardize his investigation. That is why I have kept this strory quiet until now. 

When the Senator completed his investigation, he couldn't find any trace of 
government funding, no appropriations, no oversight committees and no payments. 

He eventually retired due to advancing age, but I have since been informed 
by Lenny that he sees no problem with my story being published. He also said that 
the Senator is still in the picture and that the investigation had been reopened. 


SIX- "PROJECT MOONBEAM" 


While the Senator was seaching for paper trails that might reveal the secrets of 
Montauk, I knew that they would not solve my personal mysteries one bit. I had 
been recognized by people I didn't know, and it was obvious that I had severe 
memory blocks. What made things so hard to reconcile was that I had a full set of 
"normal" memories which told me where I had been. 

My memory improved while working with Duncan, and I eventually realized that 
I must have been existing on two separate time tracks. As bizarre as it may sound, 
it was the only sensible explanation under the circumstances. 

As my memory was still largely blocked, there were three avenues of approach 
to the problem. First, I could simply try to remember the other time track, 
through regression or hypnosis. This proved to be very difficult for me and was 
virtually of no use. Secondly, I could look for clues and hints (in our normal 
time track) that the other time track did, in fact, exist. Thirdly, I could try to 
find the answers through technology. This would include theories of how the other 
time track was created and how I ended upon it. 

The third approach was the easiest. I am told that many people might find 
this very confusing, but I was familiar with the theories of the Philadelphia 
Experiment and was not intimidated by physics or electromagnetics. I found it 
plausible. 

The second approach also proved extremely helpful, but clues were hard to 
come by. 

It was now 1989. I started to roam around the plant at BJM, where I was 
still working. I would talk to different people and dredge up what information I 
could without trying to appear suspicious. I would also walk around and just sense 
my own personal gut reaction to the different places in the plant. 

I became particularly irritated when I would come to a certain room. My 
innards would just churn. I sensed very strongly that there was something in that 
room that was disturbing me. I had to investigate it. I rang the doorbell and was 
told that I couldn't come in. It was a high security area. Reportedly, only ten 
people at the plant had the proper clearance to be in that room. 

I found that virtually no one knew anything about it. Finally, I did find 
two people who'd been in there, but they said they couldn't tell me anything. 

One of them must have turned me in, because the security personnel visited 
me shortly thereafter. It was time to lay low for a while. 

About a year after my futile investigation, the room was totally cleared 
out. 


The doors were open and anyone could walk right in. It was obvious that 
there had been all sorts of equipment. Dirt markings revealed that four round 
things had stood on the floor. I presumed they were coil structures. It was clear 
that there had been a console. There was also a huge power line that still ran 
into the room. The entire place gave me the creeps, but I was driven to find all I 
could. 

I discovered an elevator in the back of the room. I got in and found only 
two buttons: Main Floor and Sub Floor. There was also a numbered key pad. I pushed 
the button for Sub Floor and tried to go down, but the elevator would only go so 
far. I heard a voice that told me to punch in the proper coded numbers on the key 
pad. I didn't have the code and a beeping noise went off for about thirty seconds. 
Security was alerted. I had hit another dead end. 

I wasn't scoring any points with security, and it was time to lay low once 
again. I began to think of how I could show that something very unusual was going 
on. 

I also recalled earlier strange experiences that had occurred while working 
at BJM. There was a period when, all of a sudden, a band-aid would appear on my 
hand. It hadn't been there fifteen minutes ago! I couldn't remember putting it on. 
This hapened more than a few times. 

One day, I had been sitting at my desk and my hand suddenly started to ache. 

The back of the hand was sore, and there was a band aid on it. I absolutely 
knew that I had not put that band aid on nor had I had it put on. I became very 
Suspicious. I got up and went down to the nurse. 

I said to her, "This may sound wacky, but was I in here for a band aid?" 

"No, you weren't in here," she told me. 

I asked her where I'd gotten it and she said, "You must've gotten it from 
one of the first aid kits. Don't you remember?" 

"I'm just trying to figure it out," I said, and I walked out. I thought in 
my mind, "I'm not going to get a band-aid at BJM except from the company nurse." 

I wanted a record, so I made a conviction that I would never use a first aid 
kit. 

I eventually remembered the reason I had sustained so many injuries to my 
hands. In my alternate reality, I frequently had to move different equipment. 

I was just about the only one who could move it as most people would go 
wacky when they'd get near it. For some reason, it didn't seem to bother me. But 
it was heavy and hard to maneuver. With no one to assist me, bruised hands and 
band aids became a regular occurrence. 

I kept to my conviction not to use any band aids from first aid kits. I 
continued to check with the nurse when they appeared, and the records indicated 
I'd never been to her. 

As this was an irregularity, she must have reported it to security. They 
visited me and said, "Why are you asking about band aids, Mr. Nichols?" I knew 
better than to pursue that anymore. 

Recalling these experiences with the band aids helped spur my memory back to 
1978. I remembered sitting at my work bench one day. All of a sudden, I smelled 
the scent of burning transformers. It was pungent, like the smell of burning tar. 
It came and disappeared very fast. This happened at 9:00 o'clock in the morning. 
The rest of the day continued as normal until 4:00 o'clock in the afternoon when 
the whole plant began to smell like putrid smoke from burning transformers. 

I thought to myself, "That's the same smell I smelled at 9:00 o'clock this 
morning." But now it occurred to me that the event probably hadn't happened at the 
time I had thought. You can't burn up a transformer and have the smell disappear 
as fast as it had that morning. 

Many more events of this nature had occurred. Each puzzle tended to confuse 
the general issue. Streams of unfamiliar people continued to recognize me. I began 
to get executive mail that would normally be for the vice president of a company. 

For instance, I would be asked to come to a conference concerning patents. I 
didn't know what they were talking about. I was also called to meetings with a 


certain executive. He always appeared very agitated whenever we spoke. 

Most of the inquiries I received from these people were about the Moonbeam 
Project. I didn't know what it was. But one day, I had an intuitive urge. The 
basement of the BJM building in Melville had a very high security area. 
Consciously, I had no clearance to be in that area, but I walked in anyway. 
Normally, when you walk from one security area to another, you must hand the guard 
your badge and he gives you another badge (with a different designation). This 
permits you to walk in the secure area. I simply went in and gave him my badge 
from the lesser security area, and what do you know? He gave me a badge with my 
name on it! I'd had a hunch and it worked. 

I walked around and let the churning in my gut determine what direction I 
should go in. I ended up in a posh mahogany paneled office. There was a large desk 
with a name plate on it that read, "Preston B. Nichols, Assist Project Director". 
This was the first tangible physical proof I had that something out of the 
ordinary was definitely occurring. I sat at the desk and looked through all the 
papers. 

It was impossible to take the papers out of the place as I knew I would be 
searched very thoroughly on my way out of this high security area. So, I committed 
everything I saw to memory, to the best of my ability. I had an entire second 
career here that I knew almost nothing about! I can't even talk about most of it. 

It is top secret. I'm bound not to mention it for thirty years because of an 
agreement I signed when I went to work for BJM. However, I didn't sign a single 
thing regarding the activities of the Montauk Project. 

Sifting through the material, I spent about six hours in my newly discovered 
office. Then, I decided I'd better get back to my regular job before the day was 
through. I handed back my badge and walked out. A couple of days went by before I 
decided it was time to go back and check things out again. Once more, I handed the 
guard my badge, but this time he didn't give me anything back. He said, "By the 
way, Mr. Roberts (fictitious name) wants to see you." 

A man, Mr. Roberts, came out of an office that had "Project Director" 
written on it. He looked at me and said, "What do you want to come in here for, 
sir?" 

"To get to my other desk," I replied. 

He said, "You don't have any other desk here." 

I pointed to the office where my desk had been. But as I entered the room 
with the Project Director, I found it to be gone. In the couple of days since I'd 
been there, they had removed every trace of myself from the room. 

Somebody must have realized that I had visited my office when I wasn't 
supposed to. I had entered in an ordinary state of mind which was not to their 
liking. They apparently had not turned on the program (switching me to an 
alternate reality) for that particular day and must have been wondering why I'd 
shown up. They must have concluded that the process was leaking and that I was 
some how able to remember my alternate existence. As a result, they stopped 
everything. I was pulled aside through security channels and was told that if I 
breathed a word of what I'd seen, I'd be locked up in jail and the key thrown 
away. 

I tried to think of other strange incidents that had occurred. I'd kept a 
Suspicious eye and had been experiencing two separate existences. How the hell had 
I been at Montauk and working at BJM, apparently during the same time period? I 
had already arrived at the conclusion that I must have been working two jobs 
simultaneously because there was a period of time when I'd come home and be 
totally exhausted. 

At this point, all of what you've read was one huge confused mess in my 
mind. 

I knew that I'd been working on two separate time lines or maybe more. In 
fact, I'd discovered quite a bit, but it was more confused than clear. I was, 
however, able to make a major breakthrough in 1990. I had begun constructing a 
Delta T* antenna on the roof of my laboratory. One day, I was sitting on the roof 


and soldering all the loops together into the relay boxes (which relay the signals 
from the antenna downstairs to the lab). Apparently, as I sat there and held the 
wires together to solder them, the time functions were causing my mind to shift. 
The more soldering I did, the more I became aware. Then, one day - bang! - the 
whole memory line blew open for me. ALL I could figure was that the Delta T 
antenna was storing up time flux waves as I was connecting it together. It just 
kept pushing my mind a little bit with regard to the time reference. The antenna 
was stressing time (bending it) and enough bend was created so that I was 
subconsciously in two time lines. This was my memory breakthrough. 

Whatever the explanation, I was very pleased to have regained so much of my 
memory. I also believe my theory about the Delta T antenna is correct because the 
more time I spent working on the antenna, the more memories came back. By early 
June 1990, all my key memories had come back. 

In July, I was laid off. Subsequent to my firing, all of my close 
connections were removed as well. After having worked at BJM for the better part 
of two decades, I no longer had any links or friends to the company. My 
information sources had been effictively severed. 

You now have a general idea of the circumstances whereby I regained my 
memory. 

The next part of the book will contain the history of the Montauk Project 
that includes a general description of the technology involved. It is based upon 
my own memories and the information that has been shared with me by my various 
colleagues involved with the Montauk Project. 

* A Delta T antenna is an octahedronal antenna structure that can shift time 
zones. It is designed to bend time. Delta T=Delta Time. Delta is used in science 
to show change and "Delta T" would refer to a change in time. More about the 
nature of this antenna will be covered later in the book. 


SEVEN- WILHELM REICH AND THE PHOENIX PROJECT 


The U.S. Government began a weather control project in the late 1940's under the 
codename "Phoenix." The information and technology for this came from Dr. Wilhelm 
Reich, an Austrian scientist who had studied with Freud and Carl Jung. 

Reich was an extremely brilliant man but highly controversial. Although he 
experimented extensively and wrote many volumes, few of his critics have taken an 
honest look at all of his research because much of it is not available. Part of 
this can be attributed to the Food and Drug Administration who supervised a 
massive book burning of all his available materials and also destroyed much of his 
laboratory equipment. 

Reich was known in part for his discovery of "“orgone" energy, which is 
orgasmic or life energy. His experiments revealed orgone energy to be distinctly 
different from ordinary electromagnetic energy. He was able to prove the existence 
of this energy in the laboratory. His findings were written up in various 
psychiatric and medical journals of the period. The discovery of a type of energy 
called "orgone" was not so controversial. It became very controlversial with the 
powers at be when he reported curing cancer with his theories. He also associated 
"“orgone" energy with "cosmic energy" and the Newtonian concept of "the ether". 
None of these views won him support from conventional scientists of the 1940's. 

At the turn of the century, scientists had embraced the Newtonian "ether". 

This is referred to a hypothetical invisible substance as a medium for light 
and radiant energy. Einstein, who embraced the theory in his early years, 
eventually determined that there could not be a calm ether sea through which 
matter moves. 

Not all physicists bought Einstein's argument, but Reich didn't disagree. He 


pointed out that Einstein disproved the concept of a static ether. Reich 
considered the ether to be wave-like in nature and not static at all. 

Conventional scientists have since recognized the existence of phenomena 
that are a cross between particles and waves. They are sometimes referred to as 
"wavicles". 

Common research has also shown that vacuum space contains complex properties 
that are dynamic in nature. 

Although it is not my cause to take up the case of Reich, his concept of the 
ether has proven itself functional in my research. It does not matter whether we 
are actually referring to "wavicles" or even more esoteric phenomena when we talk 
about the ether. Is is the word that Reich used, and it is easier for me to use in 
describing this for the general public. The reader is invited to read up on Reich 
as his work is vast and encompasses much more than can be covered in the scope of 
this book. 

For instance, he found practical uses for his theories such as modifying the 
weather. He found that violent storms accumulate "dead orgone", which he termed 
"DOR." Dead orgone refers to the accumulation of "dead energy" or energy that is 
on a descending spiral. Orgone and DOR were found to be present not only in 
biological organisms but in empty regions of the environment as well. An active 
and enthusiastic go-getter would be considered to have plenty of orgone energy, 
whereas a complaining hypochondriac who wanted to die would have DOR energy. 

For example, he found that the more DOR in the storm system, the more 
violent the storm. He experimented with many forms of DOR busting, and came up 
with a simple electromagnetic method to reduce the violence of storms. In the late 
1940's, Reich contacted the government and told them he had developed technology 
that could take the violence out of storms. Despite what disinformation you may 
hear, the government already Knew what Reich could do and considered him a 
brilliant man. They asked for his prototypes and he was happy to oblige since he 
wasn't interested in the mechanical development, just the research. 

At this point, the government's technology team merged Reich's discoveries 
with their own weather monitors and produced what is known today as the 
"radiosonde." 

The government's contribution to the radiosonde dates back to the "airborne 
metrograph"* of the 1920's. This was a mechanical device that recorded 
temperature, bumidity and pressure. It was sent up in a parachute balloon and 
recorded information on a paper tape. The balloon was designed to burst so that 
the parachute would bring the metrograph back to Earth. The public were encouraged 
to retrieve them for a $5 reward, which was considerably more money in those days. 
This was how the government obtained data on the weather. 

As these devices were returned via the mail, the time that elapsed before 
the recorded information could be read was much too long. 

In the late 1930's, a new device was designed that was called a "radio 
metrograph." 

This was similar to the airborne metrograph except that it contained 
electrical sensors. These sensors were connected to a transmitter that would 
transmit to a receiver on the ground. 

The radio metrograph was the state-of-the-art weather device when Wilhelm 
Reich contacted the government in the late 1940's. He gave them a little balsa 
wood package that could be sent up in a balloon. According to witnesses, 
approaching thunderstorms actually split up and went arount the test sit on Long 
Island. 

The government combined the technology of the radio metrographs with Reich's 
DOR busting device and called it the "radiosonde." It was developed until 
consistent effects on the weather could be reproduced. 

By the 1950's, radiosondes were being sent into the air en masse at a rate 
of about 200 per day. 

Since these radiosondes were sent up in balloons, they would not come down 
hard enough to self destruct upon impact. The public would find them, and it would 


be impossible to keep the actual units secret enough without arousing suspicion. 
They publicized the apparent purpose of recording weather data, which uniformed 
examination would back up. The real purpose is not that obvious. 

If someone tuned into one of these packages, the signal would not appear 
unusual when normal radio equipment was ued. So far so good! 

They showed the public a data receiving station; set up to receive the 
inaccurate and unusuable data. A small production run of this receiving equipment 
was produced. 

There were literally hundreds of these radiosondes in the air every day. 
With the radio range being limited to 100 miles, there should have been a "pile" 
of receivers known as radiosonde receptors and they should have been very common. 

As I am a surplus radio collector "nut", it is quite strange that I have 
never seen a radiosonde receptor or the equipment that should accompany one. It is 
very unusual to have a data transmitter (in this case, the radiosonde) with no 
receiver to pick it up. This indicates that the Government didn't use the 
receivers! 

My next clue was to look at the specification sheet for the radiosonde tube 
which emphatically states that the life expectancy is only a few hours. Despite 
this, I have had a tube on the air for over 2,000 hours, and at this time have 
built over twenty such units with only on efailure. This is a good industrial 
failure rate but is a major red flag. My only explanation is that if some local 
amateur radio operator finds or buys a radiosonde on the surplus market, he will 
read the data, get misled and not bother building a circuit that will run for a 
"only a few hours." He will use another tube. 

It appears that the Government does not want the public to use these tubes 
and find something unusual and thus blow their secret. This is why misinformation 
in the spec sheet preserves the secret. In fact, they are not telling a lie 
because the battery pack was designed so that the tube would burn out after three 
hours or so. This is caused by back bombardment of the cathode, which would cool 
slowly and then destruct. 

By the time these radiosondes hit the ground, they were dead. This way the 
public, who were encouraged to return them, wouldn't be able to pick up live 
units. If there was no secrecy involved here, why would the government design a 
battery to burn out a costly tube that would have to be replaced after a very 
short usage? More disinformation was accomplished by packing the sensors in sealed 
vials, which implies that upon exposure to the air, the sensors are short lived. 
Because of these precautions, the secret was maintained for over forty years, 
which is excellent security. 

Upon further examination of the radiosonde and its circuitry, I discovered 
that the temperature and humidity registers in the radiosonde didn't work. Not any 
of them! 

The temperature sensor was useless for recording the temperature, but it did 
have a function.** It acted as a DOR antenna while the humidity sensor acted as an 
orgone antenna. If DOR was sensed by the antenna, the transmitter would be 
broadcast out of phase and bust up the DOR and take the violence out of a storm. 

Conversely, transmitting in phase would cause the DOR to build up. 

The humidity sensor had the same effect with orgone energy. Transmitting in 
phase would build up the orgone energy and transmitting out of phase would reduce 
it. 

The radiosonde also contained a pressure element that would act as a switch 
Signal and would maintain either DOR or orgone. This was how they built up the 
orgone energy. 

The transmitter consisted of two oscillators. One was a carrier oscillator, 
which runs at 403 MHz. The other ran at 7 MHz and is a relaxation oscillator. 

This one would pulse on and off depending on what was encountered. Somehow, 
this monitored the etheric function of the radiosonde. I haven't discovered 
everything there is to know about radiosonde, but I have done a scientific 
analysis of it which I've included in the appendix (see Appendix A) for those who 


are interested. 

What I have told you about the radiosonde is hard evidence that can stand up 
to scrutiny. It establishes the credibility of my story that there was a secret 
project that involved weather control. We can't say exactly whether the 
radiosondes were used just to bust up violent storms, but the possibility was also 
there to build them up. The government abandoned the weather control aspect 
eventually. Changing weather, if it were proven in court, could lead to many law 
suits. 

What is more intriguing than the weather aspect is the entire prospect of 
orgone and DOR energy and what could be done with that. In theory, this means that 
the government could have targeted communities, buildings or an entire populace 
and transmitted orgone or DOR energy. These type of activities have been reported 
in Russia for years. Not much press coverage has been given the U. S. effort in 
this regard, but there has been some activity. Whether it has been used harmfully 
or in war, I cannot answer, but the potential was there. 

Forty years of development could also have made this a very refined 
technological device. 

Please refer to Appendix B for additional information on Wilhelm Reich. 

* The word "metrograph" is more clearly defined if you understand that 
"metro" signifies that it was a meteorological device and that "graph" means to 
write. 

** For those technically oriented, the temperature sensor is essentially a 
thermistor; but instead of being carbon based, it contains noble metals and exotic 
elements. It is a very poor temperature sensor because as the temperature cycles 
it up and down, the resistance curve changes and it doesn't hold its calibration. 
The humidity sensor suffers from the same problem. 


EIGHT- "THE PHOENIX PROJECT" ABSORBS "PROJECT RAINBOW" 


While the Phoenix Project was investigating the weather and the use of 
radiosondes, Project Rainbow resurfaced in the late 1940's. Project Rainbow (which 
was the code name for the operation that brought about the Philadelphia 
Experiment) was going to continue research into the phenomena encountered on the 
USS Eldridge. 

This project was concerned with the "electromagnetic bottle" technology, 
which eventually resulted in today's stealth fighter craft. 

At about the same time, Dr. John von Neumann and his research team were 
called back. They had worked on the original Rainbow project and went to work ona 
new endeavor. This was similar to the Rainbow Project but had a different gowl. 
They were to find out what went wrong with the “human factor" of the experiment 
and why it failed so miserably. 

In the early 1950's, it was decided that the remnants of Project Rainbow and 
the radiosonde project should be included under the same umbrella with the human 
factor study. After that point, the title of "Phoenix Project" was used to refer 
to all of these activities. 

The project headquarters was at Brookhaven Labs on Long Island and the first 
order of business was to put Dr. von Neumann in charge of the entire project. 

Dr. von Neumann was a mathematician who came to the United States from 
Germany. 

He also became a theoretical physicist and was noted for his very advanced 
concepts of space and time. He originated the computer and built the first vacuum 
tube computer at Princeton University, where he also served as the head of the 
Institute for Advanced Study. 

Dr. von Neumann had what could be described as a "good technical feel." He 
had the ability to apply advanced theories to technology. His background in math 


gave him enough theory to communicate with Einstein, and he could in turn pass 
this on to the engineers and serve as a bridge between the two. 

As von Neumann began work on the Phoenix Project, he quickly learned that he 
was going to have to study metaphysics. He had to understand the metaphysical side 
of man. The Rainbow technology had dissolved the physical and biological structure 
of human beings. People were stuck in bulkheads and changed beyond recognition in 
some cases. But it was the esoteric workings of the mind that had been affected 
first, in each case. 

Von Neumann and his team spent about ten years working out why human beings 
had troubles with electromagnetic fields that shifted them through different 
places and times. They actually found out that humans are born with what is known 
as a "time reference" point. At conception, an energy being is attached to a time 
line and we all start from that point. To understand this, it is necessary to view 
the "energy being" or soul as distinct from the physical body of the person 
concerned. 

Our whole reference as a physical and metaphysical being stems from that 
time reference which actually resides within the electromagnetic background of our 
planet. This time reference is the basic orientation point you have to the 
universe and the way it operates. You can imagine how you would feel if the clock 
suddenly started moving backwards and time as well. It is this time reference 
point that was thrown out of kilter with the individual crewmen of the USS 
Eldridge and caused them untold trauma. 

The Rainbow technology turns on and creates what can be called an alternate 
or artificial reality. It creates a stealth effect by not only isolating the ship, 
but the individual beings as well, within a "bottle effect." Those beings were 
literally removed from space and our universe as we know it. This accounts for the 
invisibility of the ship and of the people on board. The alternate reality thus 
created has no time references at all because it is not part of the normal time 
stream. It is entirely out of time. To be in an artificial reality would be like 
waking up and not knowing where the hell you are. All of this would be very 
confusing. 

The Phoenix Project was faced with solving the problem of bringing human 
beings into the "bottle" (and eventually out again) while at the same time 
connecting them to their real time reference (that they would know as the planet 
Earth, etc). 

This meant that when they were in the alternate reality or "bottle", they 
had to be supplied with something that would give them a time reference. They 
solved this by feeding into the "bottle" all the natural backgrounds of the Earth 
- at least enough to convince them of a continuous stream time reference. To do 
otherwise, would likely cause those in the "bottle" to experience transdimensional 
disorder and problems of this sort. This is why it was necessary to set a phony 
stage. They could then feel some degree of normality. 

Dr. von Neumann was the ideal candidate for the job since he knew computers. 

A computer had to be used if they were going to calculate the time 
references of specific people and replicate those references while they were 
passing through an “electromagnetic bottle" or alternate reality. The people 
inside the "bottle" would be going through zero time and essentially a "no 
reality" or a disoriented one at best. The computer had to generate an 
electromagnetic background (or phony stage) that the physical being would 
synchronize with as well. If that wasn't done, the spirit and the physical body 
would go out of synch, thus resulting in insanity. 

There are two points to be brought out here: the physical being and the 
spiritual being. This is why the time reference would lock in the spirit and the 
electromagnetic background would lock in the body. This whole project started in 
1948 and was finally developed in 1967. 

When this project was complete, a final report was written and submitted to 
Congress. Congress had funded this particular project thus far and followed the 
results. They were told that the consciousness of man could definitely be affected 
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by electromagnetics; and additionally, that it would be possible to develop 
equipment that could literally change the way a person thinks. 

Not surprisingly, Congress said no. They were concerned that if the wrong 
people got a hold of this technology that they themselves could lose their minds 
and be controlled. It is a very valid concern and word was given by 1969 to 
disband the entire project. 


NINE- THE MONTAUK PROJECT BEGINS 


It is no secret that Congress has tried to brow beat the CIA into finding out 
everything that goes on in the intelligence community. They have cut their 
funding, limited their legal powers, and even the most naive person would likely 
admit to a credibility gap of some degree. However, we are not dealing with the 
CIA proper here. Indeed, if the CIA is involved, it would be a splinter wing or 
wings that are being used by a source other than the CIA director. 

When Congress disbanded the Phoenix Project, the group at Brookhaven had 
already built an entire kingdom around this project. They had Reichian and stealth 
technologies which could definitely affect the mind of man. 

The Brookhaven group went to the military and informed them about this 
fantastic new piece of technology they were working on. They told them about a 
device that could make the enemy surrender without a battle simply by throwing a 
switch. Of course, the military was very interested. This was every war expert's 
dream. Imagine, a device that makes the enemy give up before the battle starts!* 

The military became enthusiastic and were ready to cooperate. They were 
informed that they didn't need to get involved in the financing because that was 
covered by the group at Brookhaven National labs. But, the Brookhaven people 
needed a place where proper experimentation could be done in seclusion. They 
needed certain equipment and personnel from the military. They gave the military a 
list of all technology required. 

Of particular import on the technology list was the old Sage Radar. For 
this, they required a huge radiosonde that would operate around 425 to 450 
MegaHertz. 

From earlier research, it was known that this was one of the "window 
frequencies" for getting into the human consciousness. A very high powered radar 
device was needed that ran at 425 to 450 MHz. 

The military had just what they were looking for: a mothballed Air Force 
base at Montauk Point that housed an obsolete Sage Radar system that fit the bill. 

This system already had the RF sections and the modulator that would be 
required to build a huge radiosonde. 

The Sage Radar at Montauk was originally part of the early warning defense 
system used during the '50's and ‘60's. Today, satellites and over-the-horizon 
radar make this technology obsolete for defense purposes. It certainly raises an 
important question, even if one doesn't believe this story. Why was an old 
antiquated defense system turned on and utilized for a period of over ten years? 

The name for this project was known as "Phoenix II" by the officials 
concerned. 

It has since been colloquially named by myself and others involved as the 
Montauk Project. 

Up until then, Congress had been informed about what had occurred. But at 
this point, independent people were carrying forward with a project denied by 
Congress and were operating outside of any controls. They were even using the U. 
S. military in the process. Of course, it quickly becomes, "Who is using who?" 

But, the point being stressed here is that it was being done without the 
Supervision of elected officials and in spite of their objections. 

The Montauk Base was being reopened. The Sage Radar had been shut down since 
1969/1970 when the base was turned over to the General Services Administration. 


It was a surplus government base without anything on it, and government 
financing for it had ceased. 

It is obvious that major funding would be required for such an endeavor. The 
financing is shrouded in mystery, but it appeared to be totally private. I do not 
have documented evidence myself of the financing but have been told by my Montauk 
acquaintances that the original money came courtesy of the Nazis. 

In 1944, an American troop train went through a French tunnel carrying 10 
billion dollars worth of Nazi gold. This train was dynamited in the tunnel while 
carrying 51 GIs. General George Patton was in Europe at the time and investigated 
this, but he couldn't understand how an American troop train could be dynamited in 
western Allied territory. As a general and human being, he cared about the GIs. 
The 10 billion dollars was also a mystery, but Patton's efforts were blocked. 

I've been told this gold eventually showed up at Montauk, and it was 10 
billion dollars of gold priced, then, at $20 an ounce. This was the equivalent of 
almost 200 billion dollars in today's currency. It was used to finance the project 
initially and for years to come. After it was all spent, the project was allegedly 
financed by the infamous Krupp** family, who controlled the ITT corporation. 

In late 1970 and 1971, the Montauk Air Force Base, 0773rd Radar Battalion, 
was actively being reestablished. They had to establish a staff, get the equipment 
working and set up the whole research facility. This took about a year, and by 
late '71, the Montauk Project was underway. 

The strictest security measures were employed, part of which were entirely 
valid. Although confidential stealth technology was involved, it is no secret that 
the stealth aircraft was designed with a radar resistant absorbine coating and a 
reduced surface cross section. What is secret are certain aspects of the 
"electromagnetic bottle" technology and how that was propagated. We're not going 
to discuss this or describe it as it remains a duly authorized military secret 
that concerns the defense of the United States. With this book, we are concerned 
with disclosing a project that should never have been activated in the first 
place. With no military or defense purposes to begin with, it was only designed 
for controlling the minds of the population and in spite of Congress forbidding 
this project. 

The staff was a mixture of military employees, government employees and 
personnel supplied by various corporations. I was one of the latter and came to 
the project in 1973. 

There were a number of Air Force technicians who had worked on the Sage 
Radar in the '60's. The Air Force had assigned them to Montauk even though it was 
listed on the books as a decommissioned, derelict base. The technicians told the 
Phoenix group that they could change the general mood of the base by changing the 
frequency and pulse duration of the radar. they had noticed this as a professional 
curiosity after years of working with radar. 

This was a surprise to the Phoenix people, and they found it very 
interesting. 

By changing the pulse rate and pulse width, they could change the general 
way people were thinking. This was what they were looking for. 

This new information prompted what I now refer to as the "Microwave Oven" 
experiments. They took the reflector (which looks like a huge banana peel and 
which can be seen from a distance when you are at the Point), rotated it almost 
due west and angled it down so that it was focused on one of the buildings, in 
what they though to be a safe place. 

Inside that building they had a chair inside a shielded room. First, they'd 
Sit someone in the chair - this was usually Duncan Cameron. Then, they would open 
and close the door to determine how much UHF/microwave energy was getting into the 
room. All this was being done while the antenna was rotated and focused to a point 
in front of the building. At the same time, the transmitter was blasting gigawatts 
of power. 

They experimented by running the transmitter at different pulse widths, 
different pulse rates, and different frequencies. They tried everything they could 


think of, just plain empirical experimentation. They just wanted to see what would 
happen to the person in the chair if he was bombarded by "x" frequency, pulse, 
etc. They observed that certain changes made a person sleep, cry, laugh, be 
agitated and so on. There were rumors that whenever the Sage Radar ran, the mood 
of the whole base would change. This was very interesting to the project 
Supervisors as they were primarily concerned with the study of human factors. 

They wanted to see how they could train and change brain waves. This was 
done by changing the repitition rates of the pulse and the amplitude in 
correspondence to different biological functions. In this way, a person's thoughts 
could be controlled. With the 425-450 MHz of radio frequency power, they actually 
had a window into the human mind. The next step would be to find out what was 
inside of it. 

Although the door to the shielded room was closed most of the time, it 
didn't work properly. The subjects were exposed to a strong enough field to 
influence the brain waves but not enough to do damage. However, if exposed to it 
for several days on end, it could be quite damaging. 

Duncan sustained serious brain and tissue damage as a result of continuous 
expsure to 100 kilowatts of RF power at a distance of about 100 yards. The radio 
waves baked his brains and chest. Anywhere in his body where there was a change of 
density, zones of heat or energy would be created by the concentration of the 
microwave beams. 

Upon visiting a doctor in 1988, Duncan's doctor commented upon the unusual 
scar tissue in his lungs. He'd never seen anything like it. Another doctor who was 
consulted said he'd only seen it in the service when someone had gotten in front 
of a high powered radar beam. 

Previous research in or about 1986 indicated that Duncan was actually brain 
dead. Initially, I had asked different psychics to do readings on Duncan. They 
determined he was brain dead. I also knew that it was possible to inject a 
particular dye into the brain and have x-rays or CAT scans can reveal what areas 
of the brain are using oxygen. Brain dead individuals suffer from a lack of oxygen 
to the cerebrum. If the psychic readings were accurate, his brain would not be 
using much oxygen. 

I asked a neurologist with whom I was friendly with, and he said it was 
definitely possible that some one could be brain dead and yet be walking around. 
He cited some post mortems done on people in England in the U. S. whose brains had 
unusual coatings inside the skull. The coatings were about a millimeter thick. 

More interesting yet was a case he'd encountered about ten years ago. He 
took out a group of x-rays of a normal human being and showed me the red areas. He 
also indicated blue areas but told me they were ares that didn't require much 
oxygen. 

Then, he put up another x-ray where the entire brain was blue. This meant 
that the person was alive and was walking around like a normal human except he has 
memory loss problems from it. He was essentially brain dead and the brain was 
using just enough oxygen to keep it from rotting. I noticed the corner of the x- 
ray and was surprised to see Duncan's name. Based upon this information, Duncan is 
indeed brain dead. 

I asked the doctor for an explanation, but he wasn't sure. He could only 
offer a theoretical conclusion based upon psychic powers. He said that his 
profession recognized the existence of psychic phenomena but did not understand 
it. 

At this point, we learned that the only reason Duncan is alive today is due 
to his strong psychic aptitude. The psychic part of his mind takes over the 
physical part of his mind and runs the body. His brain stem is alive; his spinal 
chord is alive; his body is alive, but his actual higher brain is dead. His 
psychic energy runs the body through the brain stem. 

Duncan was not the only person affected. We don't know how many people were 
involved but the body count was probably high. 

It wasn't until 1972 or '73 when it was finally realized that stealth 


technology dealth with non-burning radiation. One theory was that actual non- 
burning radiation, which is the higher order of components (as opposed to burning 
radiation), actually went through the reflector and would be opposite to the focal 
point of the antenna. 

THey tried it and turned the antenna around 180 degrees. They aimed the 
burning rays into the sky and hit the person with the non-burning rays. Then, they 
found they had the same mood altering capabilities, if not more than they had 
before, but this did not damage the people. But at what cost to the persons 
previously experimented on! 

At this point in the project, they were interested in monitoring people and 
changing their thoughts and moods, etc. It was not necessarily how they changed 
but the fact that they changed under certain circumstances. Different army units 
were invited to come to the base and have R&R there. As far as the soldiers were 
concerned, it was free R&R in a beautiful location. 

The outer base had a nice gymnasium and a bowling alley with excellent food 
and accommodations. Unbeknownst to the servicemen, they became guinea pigs for the 
mood control experiments. However, these were not the only guinea pigs. 

Experimentation was also done on the townspeople, Long Island, New Jersey, 
upstate New York and Connecticut civilians, just to see how far it could go. 
However, most experimentation was done on the vacationing soldiers. 

Time was spent monitoring different pulse types, trying this and trying 
that. 

They would note and categorize the different effects. It was all pure 
empirical experimentation and a huge data base was collected. Once they had enough 
data, they began to make some sense out of which functions did what. 

During this period, they also experimented with frequency hopping. Frequency 
hopping consists of the transmitter instantaneously and randomly shifting around 
to any of five different frequencies (that were being fed to the transmitter). 
This point became veryimportant later on as it was key to bending time. 

They discovered that very fast frequency hops made the modulations more 
psycho- active. A data base was then developed that would list the frequency hop 
times (times you go from one frequency to another), how they pulse modulated, the 
rate the pulse modulated at, the pulse width, and the power output they pulsed it 
at. 

This was then coupled with the responding effects it had. The data base was 
very extensive and covered an extremely broad range of causes and effects. 

After the extensive experimentation, they developed a control panel with 
which they could set different pulse modulations and timings. They knew that these 
different pulses and functions represented certain thought patterns from the 
individual. They could set the modulators and timings so that a transmission would 
be generated that would place thought patterns into an individual. This meant they 
could literally set this pulse at anything they wanted and expect a desired effect 
to take place. 

ALL of this took about three or four years to research. The transmitter was 
now fully operational and hooked up. Programs could be typed in that would put the 
transmitter through its phases. Programs were derived that could change the moods 
of people, increase the crime rate, or make people agitated. Even animals within 
the vicinty were programmed to do strange things. 

The researchers were able to derive programs whereby they could focus ona 
car and stop all the electric functions in it. I don't know what the modulations 
were, but I understand they found this quite by accident. 

One day, there were military vehicles riding around the base. They suddenly 
ceased to operate without any function. An investigation ensued to find out what 
was occurring with the transmitter at the time, and a program was developed. At 
first, the program could only get the lights in a car to dim. It was eventually 
refined to where the program caused all electrical functions in a vehicle to 
cease. 

Several years of research and collecting information had finally yielded a 


mind control device. The next objective was to create a precision technology with 
the material. In order to do this, help from very strange sources was enlisted. 

* I have included in Appendix C some vidence that suggests mind control 
devices were used against the Iraqis during the Persian Gulf War. 

** The Krupp's were the owners of the German munitions factories for World 
War I and II. After being found guilty of war crimes and complicity with Hitler at 
the Nuremberg Trials, the head of the Krupp family was paroled from a light prison 
sentence and allowed to continue his notorious arms dealings. 


TEN- THE MONTAUK CHAIR 


In the 1950's, ITT developed sensor technology that could literally display what a 
person was thinking. It was essentially a mind-reading machine. It operated on the 
principle of picking up the ectromagnetic functions of human beings and 
translating those in an understandable form. It consisted of a chair in which a 
person would sit. Coils, which served as sensors, were placed around the chair. 
There were also three receivers, six channels and a Cray 1 computer which would 
display what was on a person's mind - digitally or on a Screen. 

It is still a mystery how this technology was developed. It has been 
suggested that the research was aided by the Sirians, an alien race who come from 
the star system known as Sirius. This theory has the aliens providing the basic 
design and humans working it out from that. 

Three sets of coils were set up in a pyramid around the chair. There was 
also a coil around the top of the pyramid to parallel the base coil. The person 
would be placed inside the field of the coils. The three sets of coils were 
connected to three different radio receivers (Hammerland Super ProP 600's) and six 
outputs. 

An independent sideband detector, which had a floating carrier reference 
system, would provide six outputs from the three receivers. Three of them were of 
the sideband below the carrier wave. Three of them were of the sideband above the 
carrier wave. This brings to mind a very important question. If this device was 
reading minds, what was the carrier wave it was using to do this? 

With the use of an oscillator, the detectors in the receivers were able to 
lock on a phantom or etheric signal that was being picked up by the coils. There 
was no actual carrier wave as we would normally know it. the detectors would lock 
in on the noise peak that the coils picked up from the three sets of frequencies 
the receivers were tuned to. 

At this point, the research team was actually able to detect the signals 
that represented the comparable functions of the human mind. Solid signals that 
would change with a person's thoughts were actually coming out of the receivers. 
This device was actually reading the human aura, which is a word that psychics and 
metaphysicians use to describe the electromagnetic field that surrounds the human 
body. In the same way that human speeck is carried via radio waves, this device 
was carrying thoughts (which theoretically manifest in the aura). 

The six output channels from the receivers were then run through a digital 
converter (turning them into computer language) and fed into a computer. A Cray 1 
computer was used to decode what the receivers were picking up. A lot of hard work 
and a lot more computer crunching got things to the point where the computer could 
print out a dialogue. This would be a running dialogue of the person thinking. 

More work got it to where the person would visualize something and a picture 
would actually appear on the computer monitor. Improvements and refinements 
continued until a 3D representation of the actual audio/visual aspect (of the 
person's thoughts) appeared on the computer monitor and could in turn be printed 
out. 

When the people at Montauk heard about this mind reading device, they 
thought it was great. They wanted to turn this mind reading machine into a 


transmitter. This could possibly cut the risks to human beings undergoing 
invisibility or time experimentation. The theory was that a person in the chair 
would transmit an alternate reality to the crew (like in the Philadelphia 
Experiment). When the ship became invisible, the crew would then be 
insynchronization with the alternate reality and wouldn't become disoriented or 
mentally lost. 

At this point, a chair was procured, which we now refer to as the famous 
"Montauk Chair". It was hooked up to the coil set-up from ITT. The Crayl computer, 
which was used to decode the transmissions being generated from the person in the 
chair, was then interfaced with an IBM 360 computer. This was, in turn, interfaced 
with the Montauk transmitter. 

The IBM 360 was needed to control the modulation of the transmitter so that 
the transmitter could frequency hop across the entire band. 

It was about this time that I remember Al Bielek taking on a key role. Al is 
one of the authors of 'The Philadelphia Experiment and Other UFO Conspiracies. ' 

He has memories of being involved in the Rainbow Project as well. 
Originally, he was brought to the project to explain what was going on 
metaphysically with the use of the transmitter on human beings. He was chosen 
because he not only had an engineering background, but he was psychically 
sensitive and had an extensive knowledge of esoteric matters. 

It now became AL's job to help interface the Cray 1 computer with the IBM 
360. 

The Cray 1 was putting out tons of information. They didn't know what to do 
with it and needed someone with esoteric knowledge to figure it out. They had to 
convert what the Cray 1 was putting out so that it would synchronize with what the 
pulse modulation comupter wanted. The IBM 360 served this function and was 
essentially used as a translator and storage bank for what the Cray 1 was 
outputting. Al got very heavily involved because he was part of the team that 
figured out what program to put on the IBM 360 that would translate the Cray 1 
output to drive the transmitter. 

The transmitter had a modulation computer which was digitally fed the 
typical 32 bit code that the 360 put out. The modulation computer and the 
transmitter were set. 

The IBM 360 would tell the modulation computer how to modulate the 
transmitter. 

Now we had a system where one could put in 32 bit words of data and the 
transmitter would give back something. And here the chair fed the receptors 
feeding the Cray 1 which would tell what the person was thinking. They had to take 
this and translate what was coming out of the Cray 1 and make it so that the IFM 
360 could re-encode the thought form that was actually transmitting. It took about 
a year to successfully link up the computers. 

I had joined the project at this time to work with the radio frequencies and 
transmitter. Although some linkage had been achieved with the computers, they were 
having huge problems with feedback from the transmitter to the chair. The solution 
to the feedback was to move the chair down the coast to the ITT center in 
Southampton, Long Island. A psychic would then sit in the chair in Southampton and 
relay via computer to the Montauk transmitter. 

The psychic would think thoughts, and the Cray 1 would decode them. They'd 
be put on a 32 bit radio link and sent Montauk where they would go into the IBM 
360. 

The IBM computer would then broadcast it out the transmitter and could build 
a thought form out at Montauk of what the psychic was thinking in Southampton. The 
device was essentially a mind amplifier. 

It took another year of research before they could get a readable signal 
(based upon what the psychic was thinking at Southampton) sent to Montauk and out 
the transmitter. This was their first objective: get some thought fidelity from 
the chair through the Montauk transmitter and out the antenna. Besides Duncan, 
there were a couple of additional psychics on site. They literally tuned up the 


computer programs. Finally, the thought forms became clear. The psychic could 
concentrate on something in Southampton and the transmitter at Montauk would 
transmit a very clear representation of what he was thinking. 

That was the first point at which the Montauk transmitter was working with 
high thought fidelity. 

In another year, I recall as early '75, they discovered another problem. If 
there was a glitch in the flow of time in our reality, everything fell apart. In 
other words, if the psychic in the chair projected a reality (in terms of time in 
this case) that was not consistent with out reality (i. e., the flow of time in 
our reality), it would cause the connection between Southampton and Montauk to 
break up. Any glitch in space-time between the two cities would cause the 
transmission of the thought form to cease. 

To better understand a time glitch, imagine time as a continuous pulsation 
or flow. As the basic pulsation of time interacts and changes form with other 
flows or phenomena, we have motion as we know it, against the backdrop of time. 
When these core pulsations that make up time are shifted (due to a reality change 
or other phenomena); the direction, speed, or flow of time is changed. This is 
what is known as a time glitch. Theoretically, these occur every now and then, 
since we are referenced in our reality, we really don't notice a time glitch. Deja 
vu phenomena could well be an example of a time glitch in the fabric of time. 

With the chair in Southampton, the mind control experiments with the 
transmitter were not always working. This was attributable to the time glitches. 
It was also known that if a large amount of power was fed into the transmitter 
during a time glitch, there could be disastrous effects. 

It now became imperative to get the chair working at Montauk. They first put 
tremendous shielding around the chair so that the electromagnetic fields at 
Montauk would not affect it. That didn't work, so they tried putting the chair in 
an electromagnetic dead zone. They picked the best dead zone available, but this 
was not successful either. 

They worked through mid '75 but continued to have difficulties until they 
consulted the original prototype that the chair was based upon (allegedly devised 
by the Sirians). This device was not identical to the one ITT had created. It had 
a different kind of coil set-up wherein the coils were connected to crystal type 
receivers. These were actual crystals and not ordinary electronic devices. 

After review of the prototype, secret bids for a new chair were put out and 
RCA came up with the winning bid. Nikola Tesla* had designed receivers for RCA in 
the '30's. Tesla's work during this period was done under the name "N. Terbo", 
which referred to his mother's maiden name. These Tesla receivers had very special 
coil structures. They were normal type radio coils but were arranged in strange 
coupling patterns as set up and designed by Tesla. 

The set up of the Montauk Chair was also enhanced by using Helmholtz coils. 

These were placed around the chair to serve as pick up coils. In ordinary 
electronics, Helmholtz coils consist of two sets of coils. They possess a unique 
property in that they can be phased to create a constant field (of energy) inside 
the coils. 

At Montauk, the researchers extrapolated upon the principles of Helmholtz 
coils. 

They used three sets of coils (X, Y and Z), and phased them so that while a 
constant energy couls be maintained inside the coils, there was absolutely no 
effect on the outside. 

The coil structure in the receivers designed by Tesla was ideal for the 
Montauk Project. Not only would the chair be in a coil structure, but so would the 
receivers themselves. This would shield the energy field. 

It should also be noted that the coil sturctures in the Tesla receivers are 
also known as Delta T or Delta Time coil structures. The property of shielding an 
energy field is part of what enable a "bottle effect" to be created around the USS 
Eldridge in the Philadelphia Experiment. These Delta T coils were actually picking 
up three axes of time signals. More pertinent to the project, they no longer had a 


microwave link that would malfunction during a reality shift. 

To get the Montauk chair operating without interference, they had to 
replicate what the crystal receivers did with the "Sirian" technology. The coil 
structures in the prototype receivers were Delta Time coil structures. And the 
receiver itself did the Delta Time function, but not the antenna. ITT had the 
Delta Time function in the antenna instead of the receivers. The RCA version used 
standard type Helmholtz pick up coils that could accomplish Delta Time conversion 
in the receivers. They also had the same kind of detector system and oscillator 
locks that ITT used with the Cray 1 computer. 

At this point, it now became inclusive of the coil only. Outside, the coil 
structure, there was no sensitivity. They could put the chair in the dead spot 
that was between the transmitting antenna on top of the transmitter building and 
the transmitting magnetic antenna that was underground. This was in the 
underground basement of the transmitter building, which had already been tightly 
shielded. In the next room, they had these three specially designed receivers with 
another rack of equipment. These were used to synchronize all local oscillators 
with the signal, similar to the ITT system. 

Now, the antenna, the transmitter, and the chair were in the same time 
plane. 

The computers were in their own time plane. It didn't matter that they had 
the chair underground and the Cray and 360 in the other building (feeding back to 
the transmitter building). When everything is digitized, one is no longer in real 
time. A "fake time" is created. The computers could have been located anywhere. 
The computer building was designed to operate computers and shielded out 
electromagnetics and energy didn't drive the computer insane. The operation center 
was totally shielded in cement and steel. 

Finally, they created the second and last generation of the Montauk chair. 

It performed the same purpose as the first chair. It brought the same six 
channels of information to the computer, but there was an additional advantage. It 
was immune to the signal from the antenna. Now, the signal from the antenna didn't 
feed back and cause interference. So, they had everything on site. They spent 
another six months until about late '75, early '76, just aligning, adjusting, and 
making sure everything was working. 

They finally got the transmitter functioning, which was quite astounding. 
What happened afterwards was even more so. 

* Nikola Tesla was an electronic genius who was the first to discover and 
apply the principles of alternating current. With the financial backing of George 
Westinghouse, he revolutionized the way electricity was used across the world. 

See Appendix D for more information on Tesla. 


ELEVEN- CREATION FROM THE ETHER 


Once they had the transmitter working, it took about another year to work out the 
computer programs so the system would receive and transmit all psycho-active 
functions. By late '77, the transmitter was reproducing thought forms without 
glitches and with a very high degree of fidelity. At this point, they pulled out 
all the stops. They had the psychic, Duncan Cameron, concentrate on a solid 
object, and guess what happened? The solid object actually precipitated out of the 
ether! 

In his mind, he would concentrate on a solid object, and it would appear 
somewhere on the base. Whatever Duncan would visualize, the transmitter would 
transmit the lattice (or matrix) for, and build enough power to materialize 
whatever he was thinking of. Every single point to where he could witness to a 
particular spot on the base, at that spot an object would materialize. In other 
words, if he would hold an object in his hand and/or visualize it, it would appear 
at the given spot. 


They actually had discovered pure creation out of thought with the use of 
the transmitter. 

Whatever Duncan could think up would appear. Many times, it would be only 
visible and not solid to the touch, like a ghost. Sometimes, it was a real solid 
object that was stable and would stay. Other times, it was a solid object that 
would remain as long as the transmitter was turned on and then fade out as the 
transmitter was turned off. The read out from the computer gave an accurate 
representation of what Duncan was thinking. The researchers could then select what 
thoughts would be broadcase out of the transmitter. Most of these though forms 
were broadcast in the vicinity of the Montauk Air Force Base, but other locations 
were used as well. 

What Duncan though of as a subjective reality would be created as an 
objective reality (either solid or transparent, depending on the circumstances). 
For example, he could think of an entire building and that building would appear 
on base. This type of experimentation was routine. 

The system worked with a good degree of fidelity. Now, they wanted to see 
what they could do with it. the first experiment was called "The Seeing Eye." With 
a lock of person's hair or other appropriate object in his hand, Duncan could 
concentrate on the person and be able to see as if he was seeing through their 
eyes, hearing through their ears, and feeling through their body. He could 
actually, see through other people, anywhere on the planet. This style of 
experimentation was extensive, but I don't know how far it was taken. 

It is truly incredible that such a feat could be accomplished, however the 
agenda employed was more sinister than incredible. They were interested in 
controlling how human beings think. The next move was to see if they could put 
thoughts in the head of another person. For instance, they would have Duncan meet 
a subject individual. 

Subsequent to the meeting and unbeknownst to the individual, Duncan would 
concentrate on the individual. Ninety-nine percent of the time, the subject would 
get thoughts similar to Duncan's. Being able to push his mind so far into the mind 
of another being, Duncan could control another person and make them do anything he 
wanted. 

This control factor was on a deeper level than ordinary hypnosis. 

Through Duncan, the equipment and the Montauk transmitter, scientists could 
actually load information, programs and commands into the individual's mind. 
Duncan's thoughts would become an individual's own thoughts. And, using this 
process, an individual could be made to do something he wouldn't ordinarily do. 
This was the start of the mind control aspect of the Montauk Project. 

This line of research continued until about 1979. Many other different 
experiments ensued. Some of them were interesting, but others had horrible 
consequences. 

They would target individuals or masses of people, animals, places and 
technology. 

They could basically target anything they wanted. For example, a TV set 
could be made to go haywire. They could stop the picture or shut it off entirely. 
They telekinetically moved objects and destroyed rooms. 

In one particular case, Duncan concentratedon shattering a window. Enough 
force was generated to the point where it actually broke a window in the nearby 
town of Montauk. Animals could also be made to charge off Montauk Point and into 
the town. Humans could be influenced to start a crime wave. 

One must realize that when Duncan did these experiments, he was in an 
altered form of consciousness. He had been given special training which could 
possibly have been administered by the CIA or NSA. In any event, his conscious 
mind would be diverted through sexual bliss. What could be termed the primitive 
mind would then surface. 

Duncan, the individual, would be transferred into an orgasmic trance. His 
primitive mind, at the disposal of the researchers, became very suggestible and 
therefore controllable. 


For this programming, information could be installed via any of the body's 
senses. Duncan would then be directed to have his primitive mind concentrate on 
the information thus installed. For instance, once his primitive mind surfaced and 
was told to concentrate on something, it would concentrate with its whole being. 
His whole mind would focus on one subject while his body went into suspended 
animation. 

The primitive mind could also be cleared of previous programming, and 
something else could be inserted. There was a literal translator, whereby they 
could program in whatever they wanted. Spoken words, written words, movies, music 
or whatever was needed was employed to work the primitive mind. 

These techniques were the key to getting clear thought forms from the 
transmitter that would either affect another person's mind or bring creation out 
of the ether. 

By 1978, the mind control techniques were fully developed and recorded. 
Appropriate tapes were made and distributed to different agencies so they could be 
developed into something practical. 


TWELVE- TIME WARPING 


As the experiments continued throughout 1979, a very peculiar phenomena was 
noticed. As Duncan's thoughts were projected out through the transmitter, they 
would suddenly cease. This was disappointing and appeared to be a malfunction. 

Eventually, it was noticed that the projection of Duncan's thoughts hadn't 
ceased. 

They were just occurring out of the normal time stream! 

For example, he would concentrate on something at 8:00 PM and the object or 
occurrence would happen at midnight or even 6:00 AM. Whatever he thought of would 
not happen at the time he thought of it. 

It now appeared that the Montauk scientists could now use Duncan's psychic 
powers to actually bend time! 

They eagerly started to research this phenomena. We were all required to 
attend what were known as the "Sigma Conferences", which were held near Olympia, 
Washington. 

These conferences were on the subject of time functions, and we were there 
to gain a better knowledge of how time works. We were told we had to optimize the 
use of the transmitter for time manipulations. 

We learned that the equipment being used was strong enough to bend time, but 
it wasn't doing a complete job. The antennas being employed were giving us what 
could be a side effect of "time warping." This side effect of time shifting did 
show, however, that the basic equipment was sufficient to do it. But, we required 
an antenna that was much more effective in creating time potentials. 

After going to several conferences and talking to many people, our research 
group decided that the radio frequency being used was not working. Changes had to 
be made, such as setting up pulses into a coil. We also studied pyramid based 
geometry and how to use that to bend the time field. Additionally, we had to learn 
more about what is known as the Delta Time function (time changing function). 

The key clue to our understanding time was a suggestion that we use a 
particular type of antenna structurde, which I now refer to as an Orion Delta T 
antenna. It is referred to as "Orion" because there was a persistent rumor that 
the design was given tot he project by aliens from the Orion constellation (this 
is a different group of aliens from the Sirians, whose knowledge was alegedly used 
for the Montauk chair). According to the rumor, the Orions knew we were close to 
achieving our task and had their own agenda for helping us. 

The Orion Delta T was a huge octahedronal antenna, and it was placed 
underground. 

Its height was about 100 to 150 feet from point to point. Excavations were 


Watt Dummy Load Kit 





completed to about 300 feet to house the antenna under the transmitter. 

The Montauk chair was placed under the transmitter and above the Delta T 
antenna. 

This was done in order to phase the ground RF antenna with the below ground 
loop antenna so that the chair was in a null point between them. The null point 
was meant to cut out the interference even deeper. It knocked the interference 
right out of the chair - completely. 

The Delta T transmitting antenna was supplied by three drives. Two of the 
drives came from the pulse modulators of the two transmitters and fed into the x 
and y coils of the Delta T. (The same pulse that supplied power to the amplitron 
also supplied power to the Delta T antenna that was underground). The third axis 
was the z-axis. 

It was placed around the perimeter of the antenna and was derived from a 
white noise* source that came from a 250 kilowatt audio amplifier. The white noise 
correlated the whole transmitter and more will be said on that later. 

The RF was fed into an omnidirectional antenna located above ground on the 
top of the transmitter building. Additionally, the non-hertzian component (which 
is etheric in nature) of the RF made it below ground and interfaced with the 
magnetic field that had been generated underground. When these frequencies are 
summed in that manner, time disturbances and distortions result. 

The basic techniques were the same as those employed in the Philadelphia 
Experiment. 

On the Eldridge, they had the RF transmissions on the main mast of the ship. 
The coils were placed around the deck and were driven by pulses. We had 
essentially duplicated by upgraded the Rainbow Porject machine. This technique 
also made the project far more controllable. 

In addition to the Delta T antenna, there are two other key points to 
understand: zero time and white noise. 

Zero time was referred to previously, but I will give a more complete 
understanding of it now. First, zero time is outside the realm of our normal three 
dimensional universe. It would be considered senior to the createed world as zero 
time existed prior to our created world. Zero time is our basic connection to the 
universe. 

As our universe roates, it rotates around zero time. But our universe is not 
the only one. Every universe has a zero point. All the zero points of the 
different universes coincide and never move: that is why it is called a zero 
point. 

It may help to imagine a carnival style merry-go-round that revolves around 
a central booth. The man inside that booth would represent the zero point. In 
addition to the merry-go-round, there would be several more merry-go-rounds at 
different levels, but all would be under the control of the central zero point 
booth. 

A zero time reference generator had already been constructed by Nikola Tesla 
in the 1920's. It consisted of an assortment of spinning widgets and rotating 
wheels. colloquially, we referred to it as a "whirligig". It is a strange device 
because when you turn it on, yu can hear it "lock in" to something, but we are not 
referring to the power line. I'm told it locks into the rotation of the Earth 
itself, which is a secondary zero time reference. It is secondary because the 
Earth's rotation is inertially related to the solar system, which is inertially 
related to the galaxy, on down to the universe. The universe rotates around the 
zero time point. 

One can get an even better understanding of this by reading up on Tesla and 
how he discovered alternating current by applying the principles of the rotating 
magnetic fields of the earth. The zero time generator is to some degree an 
extrapolation of that, however it doesn't just refer to the rotation of the Earth. 
It takes into account the orbit of the Sun, our galaxy, and ultimately the center 
of our whole reality. 

The other key point to understand is white noise. White noise could be 


considered the glue that makes the whole operation work. It basically made the 
whole transmitter system coherent. It is a highly technical operation which I will 
simplify. 

The Sage transmitter contained something like forty or fifty crystal 
controlled oscillators, mixers and amplifiers that generated a 425MHz signal. It 
also had "frequency agility", which meant it was able to spontaneously switch from 
one frequency to another. 

Along with the transmitter, they had what is called a "COHO" or a "coherent 
oscillator set-up." Normally, a "COHO" would function by having only one frequency 
reference. However, this is not how the Montauk transmitter achieved coherency. 

In order to make it entirely coherent, we took every oscillator available 
and amplitude modulated it with white noise. Since white noise is fifty percent 
correlated to everything, it serves a universal auto-correlating function. The 
result was that all of the etheric components of the oscillators were now coherent 
to each other. We weren't trying to correlate the normal electrical functions as 
they didn't concern us. We were only interested in the etheric functions, as they 
gave the results we were searching for. 

A very stable time reference was required from the zero time generator. This 
produced two 30 hertz waves, referenced to zero time. One was connected to the 
computers and synchronized the clock or timing functions. The other modulated the 
white noise generator. By adjusting the phase between them, we could focus on and 
monitor the whole operation. This enabled us to take the correlations of the white 
noise and refer it right to the center point of time, where all time crosses. 

The purpose of this experiment was to make the psychic transmissions of 
Duncan time coherent. Dr. von Neumann had instructed us that the transmitter had 
to be time coherent with respect to zero time. The whirligig zero time reference 
also served as a witness point back to the Philadelphia Experiment, and that was 
very important. The project was trying to open a door to the USS Eldridge in 1943. 

Modifications continued on the equipment through 1979, until we had a 
coherent transmission system with respect to time phase. 

Now, they had to calibrate Duncan. This meant they had to adjust and modify 
the equipment to synchronize with him. He had already demonstrated that he had 
zero point references of his own when the inadvertent time bending had occurred. 
This could perhaps be better explained due to his prior experience during the 
Philadelphia Experiment. There, he had jumped off the Eldridge and was thrust into 
a time vortex. 

At Montauk, he was now in an entirely new set of circumstances, but his 
familiarization with zero time had apparently never left him. 

There were also other psychics, but Duncan was the first they had used, and 
he was in the chair ninety percent of the time the system was in operation. If he 
was sick or didn't feel well, they'd wait a day. Because every time they changed 
the operator, they had to recalibrate and reprogram the computers and pulse 
modulator, and it took about two full days to do that. If Duncan was out for two 
weeks or more, they'd put in another operator, but I only remember one time when 
they did that. It was almost a disaster, because they didn't spend enough time in 
the initial calibration. From then on, Duncan was the one and only one who ran the 
equipment. A backup had to be there, however, in case something happened to 
Duncan. 

By 1980, the big radar reflector (that looks like a huge banana peel) on top 
of the building was no longer in use. Now, there were two transmitters that fed 
the omnidirectional antenna (the one above ground). The pulse modulators of the 
transmitters were feeding both that antenna and the coils of the Delta T antenna 
(underground) . 

Also connected to the computer was the Montauk chair, which was now placed 
between both antennas at the null point. By this time, the computer system was 
huge and was housed inside the control room next to the radar tower. Additionally, 
the computer room contained a lot of different terminals and displays to monitor 
the various activities of the project. 


Duncan would start out sitting in the chair. Then, the transmitter would be 
turned on. His mind would be blank and clear. He would then be directed to 
concentrate on an opening in time from say, 1980 (then the current time) to 1990. 
At this point, a "hole" or time portal would appear right in the center of the 
Delta T antenna - you could walk through the portal from 1980 to 1990. There was 
an opening that you could look into. It looked like a circular corridor with a 
light at the other end. 

The time door would remain as long as Duncan would concentrate on 1990 and 
1980. 

I've been told by those who entered the tunnel that it looked like a spiral, 
Similar to science fiction sytle renditions of a vortex. When outside the tunnel, 
it looked like you were looking through space - from one circular opening through 
space to a circular but little bit smaller window at the other end. I was 
considered too valuable to the technical operation and was not allowed to travel 
through the portal. 

From 1980 to late 1981, the time function was calibrated. At first, the time 
portals would drift away. One might go throught the portal and come out in 1960. 

But when one went back to find it later, although it was still being tracked 
in real time, the portal would not appear where it should have been. One could 
easily get lost in time and space. Initially, the portal would be opened up, but 
it would drift. This was because Duncan himself was drifting. He had to got 
through extensive training to get the portal to be stable. We also had to focus 
the transmitter more closely and tighten up the thought form translation to get 
everything right. 

We would spend days just rying to get a particular time change to occur as 
predicated. 

However, there was no particular problem with creating a time warp. 
Predicting what it would do was the difficulty. Finally, towards the end of 1981, 
we learned how to stabilize it so that when a portal would appear, it would 
remain. Although the function was not absolutely perfect, it was predictable, 
stable and running according to plans. 

Essentially, what the scientists were doing was using 1943, 1963, 1983 
vortex, which was based upon the natural twenty year biorhythms of the Earth 
.1943, 1963 and 1983 acted as anchor points for the main vortex. Sub vortices or 
open ended vortices would be created by going from the main one through an anchor 
point ('43, '63 or '83). At Montauk, August 12, 1983 was used. 

For example, let's say they wanted to reach November 1981. There would be a 
bridge point from November of ‘81 to August 12, 1983. From August 12, '83 they 
could go to whatever time they wanted. The vortex ran between August 12, 1943 and 
August 12, '83 because that was the master vortex. It is called open ended, 
because there is no device at the other end which anchoring it. 

Although they had stabilized the time aspect of the portals, they had to 
work on the spatial aspect as well. They stabilized this aspect so that they could 
not only place a portal at a particular time but in a particular space. 

Once time stabilized and the above was accomplished, they kicked out 
everybody and cleared the entire base except for a few key persons. I remained 
there as I was the technical operator and was essential to the project. Duncan 
remained as he was the psychic who made the operation work. The entire system was 
tuned to him. 

Two other psychics were also retained as back-ups in case Duncan was killed 
or incapacitated. The project directors also stayed, but the military left. A 
whole new team was brought in to do the more mundane functions of maintaining the 
base. 

Up to that point, everyone operated on a "need to know" basis. Security was 
already tight, but they wanted even higher security. They didn't want the military 
to know what they were doing with time. But everybody knew there was something 
weird going on. They just didn't know what. 

* White noise is an impulse at every frequnecy at the same time. When you 


are tuning your FM radio dial, the noise you hear between stations is white noise. 
It can be thought of as a sudden burst at every frequency or a bunch of 
impulses thrown together. 


THIRTEEN- TIME TRAVEL 


As most of the technicians were gone, a new technical crew was brought in. 

I don't know who they were and what their qualifications were, but they were 
called the "Secret Crew." The project was relaunched and is now sometimes referred 
to as "Phoenix III." This lasted from February 1981 until 1983. 

The objective now was to explore time itself. The crew began to look at past 
history and to the future, just scouting around. They would search ahead for a 
hostile environment. Through the vortex, they could sample the air, the terrain 
and everything without entering the portal. 

Those who travelled through the vortex described it as a peculiar spiral 
tunnel that was lit, all the way down. As one started to walk down, he would 
suddenly be pulled through it. It propelled one out the other end, usually in 
another place (as opposed to Montauk), or according to where the transmitter was 
set or placed. It could be anywhere in the Universe. 

The tunnel resembled a corkscrew with an effect similar to lit bulbs. It was 
a fluted sort of structure and not a straight tunnel. It twisted and took turns 
until you'd come out the other end. There, you would meet somebody or do 
something. 

You would complete your mission and return. The tunnel would open for you, 
and you'd come back to where you came from. However, if they lost power during the 
operation, you'd be lost in time or abandoned somewhere in the vortex itself. When 
someone was lost, it was usually caused by a glitch in hyperspace.* And although 
many were lost, the scientists didn't abandon people deliberately or carelessly. 

According to Duncan, there was also another function of the time tunnel. 
About two-thirds of the way down the tunnel, one's energy leaves the body. One 
would feel a big thump accompanied by a tendency to see on a broad scale. He 
reported sensing a higher intelligence along with an out-of-the-body experience. 
This was referred to as a FULL OUT. The researchers would try to manifest this in 
Duncan. 

It could have been for further "Seeing Eye" experiments or for other 
reasons. 

It was routine to create a tunnel, grab somebody off the street and send 
them down. Most of the time these people were winos or derelicts whose absence 
wouldn't create a furor. If they returned, they would make a full report on what 
they had encountered. Most of the winos used for the experiments were sobered up 
for a week before entering a portal, but many didn't make it back. We don't know 
how many people are still floating around in time, whenever, wherever, and 
however. 

As "Phoenix III" developed, the individuals so chosen for this reseearch 
would be wired up with all sorts of TV and radio equipment so that they could 
report back "live." Each individual would be escorted through the portal, 
sometimes with force. TV and radio signals would travel right through the portals 
and as long as they could pick these up, researchers would have radio/video tapes 
of what the time traveller had experienced. 

Those controlling the project began to play all sorts of games, manipulating 
the past and future. I don't really know what they did because I was the one at 
the switch. My station was in the transmitter building, and I had to keep 
everything going. I was not privy to a lot of what was going on, but at one point 
I do know that they had an extensive library of videotapes. I saw the tapes 
themselves although I was not granted extensive viewing privileges. Actually, I 
designed and built the viewer (with the aid of tremendous resources) so I had some 


idea of what was going on. Much of what I knew came from Duncan's own reports, 
because by that time, we had become good friends. Eventually, we were debriefed 
and sent on our separate ways. Most of my memories of him had been wiped out. 

In addition to the derelicts, the reserachers also used kids for some 
reason. 

I'm not sure what exactly the purpose was, but there was one kid at Montauk 
who would go out and get other kids and bring them to the project. He was like a 
tractor beam. He lived in Montauk and would circulate around very effectively. 
There was also an entire corps of these around the New York metro area that could 
get away for six hours or so without being missed. They were specifically trained 
to go out and bring in other kids. Some kids returned home, some didn't. The kids 
chosen were between 10 and 16, or maybe 18 at the oldest and 9 at the youngest. 
Most were just about to reach puberty or had just finished it. They were usually 
blond, blue eyed, tall and light skinned. They fit the Aryan stereotype. To my 
knowleddge, there were no girls in this group. 

A later investigation showed that Montauk had a NeoNazi connection and that 
the Nazis were still on the Aryan kick. We don't know where the kids went, what 
they were educated in or programmed for. Whether they came back or not is still a 
mystery. 

What information is available is that they sent every raw recruit into the 
future to 6037 AD, always to the same point, to what appeared to be a dead city in 
ruins. 

Everything was stationary, not unlike a dreamlike state. There were no signs 
of life. In the center of the city was a square with a gold horse on a pedestal. 

There were inscriptions on that pedestal, and recruits were sent there to 
read what they said. Each recruit would interpret and report. We still don't know 
what the reseachers were after. They could have been trying to find the same 
answer from different people. I don't know. Duncan suggested there was technology 
in the pedestal and that they were trying to get somebody to sense or feel what 
the technology was. 

Someone else involved in the project has said the horse was there to test 
the powers of observation of the recruits and that it also served as a point of 
reference. 

The recruits were always asked if they saw anybody in the city. Each 
individual would interpret what he observed and report. 

We know a lot of people were shoved somewhere into the future, maybe 200 or 
300 years ahead. Estimates range from three to ten thousand people that were 
eventually abandoned. We have no idea for what purpose. 

I have already said that I don't know exactly what they did with time. I 
wasn't there, but I do know they did a lot with World War I and World War II. They 
monitored those times and took pictures. They knew exactly what they were doing. 

They could actually make up a secondary vortex to observe what was going on. 
We called this a seeing eye function. The original vortex was such that one could 
drive a truck through it. Using phase conjugation through the elaborate computer 
set-up, past and future history could actually be transmitted through the portal 
and viewed on television. 

* Hyperspace is defined as space which exceeds the boundaries of three 
dimensions. 


FOURTEEN- MISSION TO MARS 


The project researchers continued to scout around in time. It was in late 1981 or 
‘82 when the first actual use of this technology was employed to gain entrance 
into the underground areas in the big pyramid on the planet Mars. 

As this material will be controlversial to much of the general public, I 
will try to give some background. 


There is currently a video tape in circulation entitled "Hoagland's Mars". 

This is a presentation to NASA scientists by scientific journalist Richard 
Hoagland concerning the tetrahedral complex that is associated with the "Face on 
Mars." 

In this video, Hoagland shows the "face" and nearby pyramids that were 
photographed by the Viking spacecraft in the '70's. computerized projection 
techniques are used that give one a 360 degree "fly by" of the "face." The video 
also gives a close look at the pyramids. 

Hoagland is trying to convice NASA to make more pictures of this region, 
which is known as Cydonia. NASA has been hard to convince and minimized the 
Significance of Hoagland's work. In fact, a major effort was launched to prohibit 
the showing of this tape on public television stations. The story of this scandal 
was reported on by New York radio station WABC. 

Why would NASA assume such a stance about a subject that is so intriguing? 

The answer is perhaps explained by a book entitled, ‘Alternative 3,' by 
Leslie Watkins with David Ambrose and Christopher Miles.* This book was based on a 
1977 video that revealed a secret space program being run by an international 
conspiracy that included both the Russians and the United States. It is a 
fascinating account that includes astronauts breaking security, disappearing 
scientists, murder and the establishment of slave societies on the moon and the 
planet Mars. The book claims that men actually landed on Mars as early as 1962. 

It is not my cause to prove that a colony exists or did exist on Mars. I 
have included this information so that the reader will understand that there is an 
entire scenario concerning Mars that is separate from my story. Those who are 
interested can investigate "Hoagland's Mars" or ‘Alternative 3' for themselves. It 
is interesting to note, however, that the documentary entitled "Alternative 3" was 
shown on a San Francisco TV station sometime around the late '70's. A story has 
proliferated since that at the time the FCC threatened to revoke the station's 
broadcasting license if it were to be shown again. It wasn't shown again. 

The directows of the Montauk Project knew there was a colony on Mars. It is 
more than likely that they were a part of the conspiracy. 

Mars was interesting to the Montauk researchers, because they had realized 
that there was an old technology there. They knew somebody had built the pyramids 
and face on Mars. These were not natural formations. 

According to the information that my associates and I have dug up, the 
people who were living on the surface of Mars could not get to the underground 
area beneath the pyramid. The entrances were either sealed over or simply couldn't 
be found. In fact, it appeared that the big pyramid was sealed better then the 
pyramid at Giza. Despite all the expensive and fancy technology that was 
available, the pyramid could not be penetrated. 

The scientists at Montauk decided the best approach would be to project 
right into the center of the Martian underground. The newly discovered Montauk 
technology gave them the wherewithal to use a spatial warp to get inside. They 
wanted to get into the underground caverns. These were thought to be set up and 
administered by a very old civilization. 

The time portal took the risk out of the operation as we could look through 
it. 

We had a set up with TV monitors so that whatever Duncan would visualize 
would appear on the monitors. This provided a visual of present time on planet 
Mars. In order to find the underground area, we kept moving the opoen end of the 
vortex until a corridor appeared. At that point, we had Duncan solidify the 
portal. The away team was then able to walk from Montauk to Mars and be 
underground. 

By this time, Duncan was no longer required to be continuously in the chair. 

We had learned to have Duncan generate functions with the computer storing 
them and continually spitting them back. The computer could generally run the 
transmitter for a short time and had enough memory to modify the flow of time for 
about four hours. If Duncan would not return after that time, the thought forms 


being generated would drop out of reality. In such a case, the thought forms would 
have to be reconstructed from scratch. 

The system definitely needed a live being initially. He would create the 
time portals and hold them open through concentration. Once the opening was made, 
we could record on tape what the live person was generating. The tape could then 
be used on its own to create another opening. 

The system was continually refined and improved. If Duncan made a time 
connection once, it would then be recorded on tape. Because he sometimes had 
difficulty getting a connection, the tape made it easier and automatic. An entire 
library was eventually accumulated so that they didn't have to rely on Duncan. It 
was this development that enabled Duncan to be sent through the vortices himself. 
This occurred in '82 and '83. He was eventually selected for the team that went to 
Mars. 

Using the time portals, Mars had been scoured for live inhabitants. 
Researchers had to push back about 125,000 years before they could find any. I 
don't know what they found out or what they did with the information. Duncan has 
tried to access this information, but it is deeply buried and difficult to 
contact. 

My personal view is that the pyramid on Mars serves as an antenna. Perhaps 
there is technology inside of the pyramid. According to Duncan's recollections, he 
travelled to the inside of the pyramid. He saw technology being operated there and 
called it "The Solar System Defense." According to his account, the Montauk 
researchers wanted this shut off. It had to be shut off before anything else could 
be done. 

This defense has been shut off retroactive to 1943, which is commonly 
considered amongst many UFO buffs to be the beginning of the massive UFO 
phenomena. 

There's not much more I can say about Mars at this point except that the 
movie "Total Recall" is fancifully based upon some of the events that occurred 
with the Montauk Project. The way they used the chair in the movie is strinkingly 
Similar. 

Time research continued and countless missions were run until August 12, 
1983. This was when the actual lock was made back to 1943 and 1963. 

* 'Alternative 3' was originally published in the United Kingdom. The first 
printing in the U.S. was in 1979 by Avon Books, a Division of the Hearst 
Corporation, 959 Eighth Avenue, New York, New York, 10019. 


FIFTEEN- ENCOUNTER WITH THE BEAST 


On August 5th, 1983, we were given a directive to run the transmitter non-stop - 
just turn it on and let it go continuously. We followed the orders, but nothing 
out of the ordinary occurred until August 12th. Then, something very strange 
happened. All of a sudden, the equipment appeared to drop into synch with 
something else. We didn't know what function the system was now attuned to, but at 
that point, the USS Eldridge (the ship used for the Philadelphia Experiment) 
appeared through the portal. We had locked up with the Eldridge. 

I'm not sure if this was a pure accident, but if the Montauk researchers 
were trying to hook up with the Eldridge, the attempt had to be made on this exact 
date. This is due to the 20 year biorhythms of the planet Earth (which was a 
discovery made in the process of these experiments) and the Eldridge experiment 
having occurred on August 12, 1943. 

At this point, the Duncan from 1943 appeared and could be seen through the 
time portal along with his own brother. Both were crew members of the USS 
Eldridge. 

We kept the Duncan of 1983 from seeing himself so as to avoid a time paradox 
and resultant negative effects. 


The project had now reached apocalyptic proportions. Natural laws were being 
violated, and it seemed everyone involved felt uncomfortable. Three colleagues and 
myself had been privately voicing misgivings about the project over a period of 
months. We had talked about the pitfalls of dealing with time and how this might 
affect the karma of the planet. We hoped the project would truncate itself. 

Consequently, our little cabal created a contingency program that only 
Duncan could activate. It was designed to crash the entire project. 

We finally decided we'd had enough of the whole experiment. The contingency 
program was activated by someone approaching Duncan while he was in the chair and 
simply whispering, "The time is now." 

At this moment, he let loose a monster from his subconscious, and the 
transmitter actually portrayed a hairy monster. It was big, hairy, hungry and 
nasty. But it didn't appear underground in the null point. It showed up somewhere 
on the base. 

It would eat anything it could find, and it smashed everything in sight. 
Several different people saw it, but almost everyone described a different beast. 
It was either 9 feet tall or 30 feet tall, depending on who saw it. I personally 
believe it was about 9 or 10 feet in height. Fright does strange things to people, 
and no one was sure of what the exact physical constitution of this monster was. 
No one was in any frame of mind to calmly and collectively analyze its exact 
nature. 

My supervisor had ordered us to shut off the generatorsin order to stop 
whatever type of phenomena was occurring. This didn't work, so it was decided that 
the thing had to be stopped. 

It was decided that the transmitter had to be shut down. There were two 
efforts made in this direction. One was to send somebody back and turn off the 
transmitters on the Eldridge. They would be smashed if that was what was necessary 
to shut them down. 

The other effort was by myself and the director of the project. We 
unsuccessfully attempted to shut the transmitter at Montauk. We then went into the 
power station and disconnected the base from the Long Island Lighting Company. The 
power kept going and nothing stopped. 

We weren't concerned about the lights. We just wanted to stop the 
transmitter itself. We decided the next best thing to do was to go into the power 
station and cut the wires leading into the ground from the big transformers. I put 
an acetylene torch on my back and cut the wires going into the ground. I had to be 
careful because they were hot. Still, nothing happened. The lights at the base 
stayed on. 

I figured there must have been another power feed somewhere. We went over to 
the transformer farm nex to the transmitter building and cut the wires coming up 
out of the ground. At that point, the lights at the base went out and the computer 
stopped. But, the lights in the transmitter building stayed on! 

We went into the building and pulled the wires out of the panel that 
controlled the transmitter. Then wires from the transmitter itself. The lights in 
the building went off, but the transmitter stayed on. 

I then went upstairs and cut the actual equipment apart. I cut the conduits. 
I cut the cabinets. Finally, I cut enough apart that the transmitter just groaned 
and stopped. All the lights went off. We'd done it. Today, you can still see the 
torch marks where I'd cut things apart. 

It was at this point that the beast stopped moving and faded back into the 
ether. 

The portal closed and that was the end of that episode. 

After we stopped the transmitter and things settled, we figured out what had 
happened. When we had first thrown the switches in the power station, none of the 
lights went off at the base. There was no power coming into the base. When I cut 
the lines going to the transmitter building, the rest of the base went off, 
including the computers. However, the transmitters ran without computers. 

The system had actually gone into a free energy mode. The two systems (i. e. 


the two generators - one in 1943 aboard the Eldridge, one at Montauk in 1983) were 
locked together. There was a tremendous amount of energy bouncing between the 
generators. With so much energy between them, all the electrical circuits that 
were connected remained active. The lights stayed on. 

More importantly, the generators established a connection from 1983 to 1943. 

By bouncing energy between the two time periods, a stable vortex was 
created. 

This served as an anchor. Using this vortex, a time tunnel could then be 
projected to a specific point in time. 

For example, if one wanted to go from 1983 to 1993, the '83 to '43 vortex 
would first have to be functioning to serve as the anchor. The projection to '93 
(or whatever other point in time chosen) would come out the '83 end of the vortex. 

If one wanted to go to 1923, one would project through the 1943 end of the 
vortex. Times between 1943 and 1983 could be reached by going through either end 
of the vortex. Dates after 1963 were accessed through 1983 and dates prior to 1963 
via 1943. 

This is not to say that all time travel would have to be done in this manner 
(using the master vortex from 1943 to 1983). During these experiments, no 
generators were found in either the past or the future that could link up and 
establish a vortex of this nature. There are, of course, plenty of generators 
around, but a successful link had to be made. That link required a "witness 
effect." 

"Witness" is an occult term. As a noun, it refers to an object that is 
connected or related to someone or something. For example, a lock of someone's 
hair or a picture could serve as a witness. As a verb, "witness" means to use an 
object to enter a person's consciousness or otherwise have an effect on them. 

One example of a "witness effect" would be for someone to take a lock of 
hair, use it with a love potion, and have the owner of the hair fall in love. 

With the Montauk Project, there were three "witness effects." They could be 
considered as three different levels of witnessing. 

The first level consisted of physical people who were actually on the USS 
Eldridge. Any surviving crew members they could find were brought to Montauk for 
the experiment in 1983. This also included personnel who were considered to be 
reincarnated since the Philadelphia Experiment. Duncan and Al Bielek were both 
there and were two of the primary witnesses. 

The second level of witnessing concerned technology. The zero time reference 
generator (referred to previously as the whirligig) used aboard the Eldridge was 
also used at Montauk. When the Eldridge was eventually decommissioned in 1946, the 
whirligig was placed in storage. It was eventually brought out to Montauk and 
incorporated with the system there. In addition to the whirligig, there were two 
very strange radio transceivers* linking the two projects. They were "crosstime" 
transmitters. They could transmit across time, and they used that to lock up the 
two projects. 

The third level of witnessing was the planetary biorhythm. the term 
"biorhythm" is esoteric and refers to the higher order channels that regulate life 
in an organism. 

Biorhythms are a result of the resonance upon which nature operates. In 
humans, the processes of sleeping and eating would involve biorhythms. Of course, 
there are many subtle ones that could be studied, ad infinitum. When viewing the 
Earth as an organism, there are also biorhythms. The seasons and the daily spin of 
the planet would involved biorhythms. The scientists at Montauk exhaustively 
studied the biorhythms of the Eart and how they related to the entire universe. 
They discovered that there is a major planetary biorhythm that peaks out every 
twenty years. 

The Philadelphia Experiment occurred in 1943. Although 1983 was forty years 
later, it was a multiple of twenty and served as a potent witness. It enabled the 
two projects to link up. I should also mention that it is entirely possible that 
the link could have been made without the witness effect, however its application 


proved very helpful to the project. 

The reader should now have some idea of the general theories and 
applications that were used at Montauk. 

After the bizarre occurrences of August 12, 1983, the Montauk base virtually 
emptied. The power was restored, but lights were left on with everything in 
disarray. Most of the personnel were eventually rounded up, debriefed and 
brainwashed accordingly. 

* I was able to acquire a few of the transceivers that were used in the 
experiments. 

Up to this date, I do not fully understand them or their function. It is 
impossible to get any literature or manuals on the subject. The only possible way 
to get information on these transceivers is to ask people who have used them. The 
only answers I've gotten thus far is that they were a highly classified piece of 
equipment. People I spoke to knew they were for stealth airplanes, but they didn't 
know what exactly they were for. 


SIXTEEN- THE NATURE OF TIME 


This book will give rise to many questions, particularly about the nature of time 
itself. From my experience in talking to groups, I will try to clarify some points 
that often confuse people. 

First of all, the past and the future can be changed. 

It will help to consider the idea of a chessboard. In chess, there might be 
thirty moves in a game. Each one of these moves will create a different layout of 
the chess board. If one were to "go back in time" and change a move that has been 
made, it would consequently change all the other board layouts subsequent to that 
change. 

Time could be considered a hypnotic pulse that we all subconsciously agree 
or submit to. When someone is able to manipulate a change in time, they are also 
manipulating our subconscious considerations and experiences. Therefore, if time 
is changed, one wouldn't necessarily realize it. 

This scenario implies that we are merely pieces on a grand chess board. To a 
degree, this is true. For example, retired generals often complain of having been 
the pawns of international bankers. It is a farfetched comment, but perhaps there 
would be no war if generals could be truly clued in on the real machinations 
behind international politics. 

There is also the example of Homer's 'Iliad', which tells the story of the 
Trojan War. According to that legend, the gods literally manipulated the 
characters on Earth like a chess board. The story is ripe with intrigue between 
mortals and gods. The plots become so intricate and thick that it sometimes seems 
Homer is trying to provide us witha microcosmic view of the entire universe. 

Whatever the case, we are all players in the game that is known as "time." 
The obvious way to protect one's interest is, of course, to gain knowledge about 
time itself. Whether one wants to do this by pursuing meditation or astrophysics 
is an entirely personal matter. 

At Montauk, the scientists also viewed the future. The viewers they had gave 
them the ability to look at multiple futures. Once they chose a particular 
scenario and activated it by someone or something travelling to it, that future 
would become fixed. That point would be locked to the time from whence the 
connection was made. 

It would create a loop that was fixed. 

For example, let's say multiple futures were viewed with different people 
becoming president. Suppose the future with "Sam Jones" as president was chosen by 
the researchers, for whatever reason. Linking a person or item from the present 
would lock in the President Sam Jones scenario no matter what. However, none of 
this means that a fixed point scenario couldn't be further changed by the 
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scientists doing more manipulations. 

At this writing, we arecurrently in a time loop. This loop extends from 
where the Montauk researchers penetrated into the past up to where they penetrated 
into the future. It's fixed and would appear unalterable. However, this does not 
mean that we are all relegated to being hopeless slaves of time manipulators. The 
subconscious has its automatic or hypnotic levels, but it also contains the seeds 
of freedom: dreams. If one can dream something, it can be brought into being. 

It is very easy to get philosophical about all of this and get lost in that 
process. My point with this book is that there has been manipulation of time. This 
has also exploited individuals and caused untold misery. It could easily be 
considered to be the work of dark forces. 

There is still one major question. Who was really behind the Montauk 
Project? 

There are countless intrigues and scenarios one can envision. Religionists 
can bring in God and the Devil. UFO aficionados can offer a grand scheme of aliens 
vying for our solar system. Left wingers will offer explanations concerning the 
CIA and secret government. 

I believe that all of the above can shed light on what actually happened at 
Montauk. It is also my hope that this book will bring more people out of the 
woodwork. Thus, we can have more answers and less mystery. 


SEVENTEEN- THE MONTAUK BASE IS SEALED 


After the events of August 12, 1983, the Montauk Air Force Base was abandoned. 

By the end of that year, there was no knowledge of anyone being on the base. 

In May or June of 1984, a crack squad of Black Berets were sent to the base. 

I believe they were Marines, but I'm not absolutely sure. They were 
reportedly ordered to shoot anything that moved. Their purpose was to purge anyone 
who might be on the base. 

There was a second team that followed the Black Berets. They removed secret 
equipment which was considered too sensitive to leave behind. 

The next step was to prepare the underground to be sealed. Certain 
incriminating evidence was removed at this point. I've heard that a room with 
hundreds of skeletons was cleared out during this evolution. 

About six months later, a caravan of cement mixers appeared on the base. 
Many people saw these trucks. They filled the vast underground areas of Montauk 
with cement. This included dumping cement down the elevator shafts as well. 

The gates were locked up and the base was abandoned for good. 


EIGHTEEN- MONTAUK TODAY 


If one travels to Montauk Point today and parks in the state parking lot near the 
light house, it is possible to get a good view of the giant radar reflector that 
sits atop the transmitter building. 

For those who are either brave or foolish, one can follow the dirt roads 
that lead to the base. Most of the entrance gates have been bent or otherwise 
vandalized so that entrance is easy. This was probably done by local juveniles who 
sometimes get drunk and have beer parties on the base. However, walking on the 
base is prohibited by New York State park rangers who periodically patrol the 
area.* There are also occupied buildings on the main roads to the base. 

It should be noted that I am not writing this information to lure people to 
the base. People are going to be curious after reading this book, and it is my 
responsibility to warn them. I'm not absolutely sure of the legal techinicalities, 
but walking on the base is probably illegal. One goes at one's own risk. 


There are also other dangers to consider. 

Two people I know who participated in the Montauk Project visited the area 
in the late '80's. They claimed they were abducted and do not totally remember 
what happened to them. 

Another person has reported in August of 1991 that video cameras can now be 
seen from the top of the transmitter building. This is a new development and is 
rather odd considering it is a vacant and derelict facility. 

There are also reports that the underground areas of the base are being 
reopened. 

This is speculative but should serve to warn anyone making travel plans to 
Montauk. 

* The entirety of Fort Hero, including the inner Montauk Base has since been 
donated to New York State as a park. While there are peculiar political 
arrangements concerning the base to this day, the rangers are not out of bounds in 
keeping people off the grounds. The buildings are in a state of disrepair and are 
potentially dangerous to those going on a casual walk. 


NINTEEN- VON NEUMANN ALIVE! 


After completing the first draft of this book, a new development took place. 

It concerns occurrences that started years ago but only came to a resolution 
recently. 

This concerns John von Neumann and corroborates the theory that he didn't 
die in 1958 as is generally believed. 

In 1983, I was contacted by a friend of mine in upstate New York who I will 
refer to as Klark. He knew I was interested in communicatoins equipment and told 
me about an old time suplus dealer who I will call Dr. Rinehart.* Rinehart was a 
legend in the local surplus community. 

Klark said that the man had a collection of equipment that went back as far 
as the 1930's and 1940's. A meeting was arranged with Dr. Rinehart on the pretext 
that I was interested in buying him out. Klark introduced me, and Rinhart showed 
me his collection on a silver platter. He sincerely wanted to sell out, but I 
thought his price was too high. A great deal of the equipment was junk and would 
have cost just as much to cart away. 

I considered his prices exorbitant and thought he might be a bit crazy. 
Apparently, he went even crazier after he met me. Klark visited him again on his 
own and was met at the door with a shot gun. Rinehart pointed the gun and told 
Klark that he didn't want to see that bastard Preston on his property. He didn't 
want to see Klark, Preston or any of their friends on the property. He said he'd 
shoot them if they showed up. 

Klark tried to calm him down and asked what this was all about. He had no 
idea why the man was so upset. Rinehart said that Preston had come back and robbed 
him the night he was last there. 

As it turned out, somebody had come to the guy's house, strapped him to the 
chair, ransacked the house and stole money. It certainly wasn't me, and Klark and 
I were both confused. Years went by, and I had dismissed the puzzling 
circumstances concernign Dr. Rinehart. 

As my memory of the Montauk Project returned, I suddenly recognized Dr. 
Rinehart. 

He was actually John Eric von Neumann, the brains behind the Philadelphia 
Experiment and Montauk Project! 

Many years back, perhaps as early as 1958, von Neumann had been assigned to 
a "witness relocation" program. He was given a new identity as Dr. Rinehart and 
slipped into a new role as a surplus dealer upstate. He also remained on call to 
the authorities that ran the Phoenix and Montauk Projects and would work for them 
whenevery he was needed. Sometimes this was for months at a time. 


This man not only looked like von Neumann, his doctorates in mathematics and 
physics were on the wall and came from Germany. Despite this, he claimed never to 
have left the United States. 

It was also apparent that this gentleman's faculties and memory had been 
tampered with. 

I had talked this over with Al Bielek, and we figured that my presence at 
von Neumann's house was too much for him. He would have remembered me from Montauk 
and that probably frightened him and caused him to flip out. 

All of this is fascinating in its own right, but my main interest was ina 
strange looking receiver that he had. It is known as an FRR 24 Receiver. I had 
noticed it on my origianl visit, and it was still there. I wasn't about to return 
to his place in view of his threats, but I'd sent people up there and they 
indicated the receiver was still there. 

Al remembered von Neumann as well and wanted to visit him. In fact, von 
Neumann as Dr. Rinehart had taken a liking to Al. Hoping to get my hands on his 
receiver, I drove Al upstate to Rinehart's house. 

We weren't sure how to approach him on the receiver. We thought about having 
me wear a disguise but thought it might be easier to have Al buy the receivers on 
my behalf. 

Al got out of the car and greeted him. I remained in the car in hopes that 
he would ignore me. It started to rain, so Rinehart told Al that they should go to 
the trailer on the other side of the property. That's where the equipment was. 
Rinehart walked right by my car and looked me straight in the face. He was 
friendly and said I should come along, too. Apparently, Rinehart didn't recognize 
me. I followed them to the trailer as if nothing had ever happened between us. 

Al got the guy talking, and I just listened. Von Neumann didn't come 
through. 

He was strictly in the identity of "Dr. Rinehart" as he spoke to us. 

When he stopped talking, I told Rinehart that I'd heard he had a very large 
receiver setup where each reciever fits in a rack by itself. 

He said, "Oh, that thing! I was gonna keep that. But hell, I'm never gonna 
use it. I can't even move it. I'm gonna keep it, or I'm gonna sell it." 

I asked him how much he wanted for it, and he said he would give it to me 
for a thousand dollars. I told him that Al and I couldn't afford that kind of 
money, so he suggested a trade. 

Al told me to make an offer so I offered $600 for four racks of the 
receivers. 

He said that was a little less than he wanted and that he'd have to think it 
over. 

We left on good terms and returned home. 

Another meeting was arranged some time later. He said that he wanted hi-fi 
equipment and would be willing to work out a trade. We dug up some hi-fi material 
and went up again. He looked at it and practically got tears in his eyes. He was 
excited to see the material and remembered the people who actually designed much 
of it. 

He apologized and said that he really couldn't use any of the material. He 
wanted cash. If we sold the material, he said we could come back and get the 
receivers for cash. 

We carted everything back to Long Island again. I was frustrated but wasn't 
going to give up. I called around and found out that I could sell the material. 

It was worth $750 to other dealers, and I sold it immediately. 

I wanted to get his receivers quickly as he was getting known again by 
national collectors. They would snap up the receivers if I didn't act soon. 

I took $800 and went up to see Dr. Rinehart again. I'd taken along some 
friends to help me move the equipment. Fortunately, it was a clear day, and the 
weather wasn't going to interfere with our plans. 

Dr. Rinehart came out and was in a friendly mood. I showed him $750, but he 
said he didn't want any money until he was sure I was satisfied with the 


receivers. 

He showed us around the place. We went to look at the receivers, and I was 
Surprised. 

He had four racks of the equipment, and I had remembered only one. He was 
willing to let them all go for my offer of $750 which was more than fair on his 
part. 

I found him to be quite pleasant. In fact, I was a bit puzzled. Initially, 
he had wanted $1,200 per rack which meant $4,800 for the entire system. Now, it 
was seven years later, and he was accepting $750. It is my opinion that he wanted 
me to have the receivers for some reason. I still don't know exactly what it was. 

As I poked around and looked at the receivers, my two friends went to the 
chicken coop as they were interested in some Western Electric equipment that was 
stored there. Dr. Rinehart was sitting in a chair not far from the receivers. 
Suddenly, I noticed that he was no longer Rinehart. He was John von Neumann! He 
remembered his true identity and began to talk. 

He definitely remembered me and told me things that were of a sensitive 
nature which I am obligated not to repeat. He also said that over the years he had 
seen that millions of dollars were put away in secret Swiss bank accounts. This 
money was to be used to compensate many of the workers at Montauk who had suffered 
as a result of the project. Apparently, when I had visited him years back, some 
sort of signal alerted the secret group that backed the Montauk Project. He was 
bound up and robbed the next night, and his secret bank books were missing. He now 
realized that I had not been involved. 

I wasn't able to start moving the receivers out until the next day. It was a 
big job. I took the receivers out of their racks and broke them up so they could 
be moved safely. Rinehart was there, took, and he started to fade in and out. 
First, he was Rinehart, then he'd be von Neumann. It was like a yo-yo. Finally, he 
settled on von Neumann. 

As von Neumann, he said that he had obtained these receivers for a very good 
reason. They were actually capable of tuning in on either of the two projects: 
Project Rainbow (the Philadelphia Experiment) or the Montauk Project. Further, the 
receivers were capable of tuning in on the project from any other space and time 
in our universe. He also believed this receiver was the main witness from Montauk 
to the USS Eldridge. He said it could pick up the pattern of the Eldridge back in 
1943. 

It seemed that von Neumann had completed what he had to say. Rinehart 
returned, and I loaded up the receivers to take back to Long Island. 

I wasn't sure how the receivers worked or what they were all about. My first 
step was to ask Duncan to do a psychic reading. He indicated that the receiver was 
capable of tuning to any particular point in time by way of zero time. He said 
that if we could figure out how to tune it, we could tune in to any other point in 
time. 

We realized what von Neumann had already told me: this equipment was a key 
part of the Montauk time machine. I don't think the particular equipment that I 
had was on either the Eldridge or at Montauk. I think it had been used at the 
Philadelphia Navy Yard in the 1940's. 

I wanted to trace this equipment further to see if it had a logical point of 
origin. I called the biggest old time radio surplus dealer in the country. They 
had never heard of the FRR 24 Receiver. I talked to lots of friends in the surplus 
business and found only one person who had ever seen one or heard of one. This 
person said that the receiver came out of RCA. He owned a piece of one of the 
receivers at one time. It had gone out of his hands when an old man from upstate 
New York came and paid an exorbitant price for the piece he had of the receiver. 

Tracing this back to Dr. Rinehart, he verified that he was the purchaser of 
the equipment. But, he said that this only accounted for pieces from two of the 
racks he'd sole to me. There were four in total, and he had to buy the other two 
racks of receivers from somebody else. I tracked the other person down with Dr. 
Rinehart's help. This person was a young man who also said the FRR 24 Receiver had 


come from RCA. 

I decided to find out how many of these receivers had actually been 
released. 

I called up the Surplus Disposal Agency, gave them the number for the 
receiver, and they did a computer read out. A lady at the agency said that only 
three FRR 24's had ever been released. All the other systems were either still in 
use or had been destroyed. 

Then, she indicated that until recently, this receiver had been classified. 
She said that if any of them had been scrapped, the manuals for them had to be 
destroyed. 

There was also a note indicating that each FRR 24 unit contained seventy- 
five pounds of silver. The units had reportedly been scrapped and sold to dealers 
for silver recovery. When scrapped, they are not useful as they would have been 
put through a crusher. 

The report indicated that FRR 24's were only released when the government 
agreed to sell them to a world communications company. There were three such 
instances listed. One FRR 24 went to RCA, one went to ITT on the west coast and 
another to Vero Beach, Florida. 

I tried to trace down people who had actually worked with the FRR 24. 
Finally, I located a retired gentleman who had worked at RCA Rocky Point (on the 
eastern end of Long Island). He had worked at the receiver station at Rocky Point. 

The gentleman indicated that the FRR 24's had been at the RCA receiving 
station for years. He raved about the receivers and said they were beautiful and 
fantastic. 

When they were turned on, however, he said that a very strange type of 
interference was picked up all across Long Island Sound. It was a mystery and 
neither he nor anyone else could figure it out. He also mentioned that the 
receivers made strange audio noises and that RCA finally decided not to use them. 

This was interesting because von Neumann told me that two receiver racks 
from RCA Rocky Point had been sent back to the 1930's. One ended up in the 
Philadelphia Naval Yard and was used to track the Rainbow Project in 1943. The 
other receiver rack ended up at RCA for disassembly and study so that it could be 
replicated and applied to the technology of the day. 

It is interesting to note that in the 1930's, RCA made tremendous strides in 
radio technology. The years 1933 and 1934 were particularly ripe with new 
discoveries. 

If von Neumann was right, RCA received and analyzed a rack of receivers from 
the future. It is likely that von Neumann would have sent them back himself. 

The receiver rack that ended up at the Philadelphia Naval Yard eventually 
came into my possession, and I still have it. The disassembled rack was enhanced 
and improved upon by RCA, and these are what ended up at Rocky Point. This was 
accomplished through a time loop, thus there are some differences in the RCA 
receivers (the FRR 24's that I recently got from von Neumann) and the one used 
during the Philadelphia Experiment. Both receivers, however, have more 
similarities than differences. 

In addition to the above, I also have equipment developed by Tesla that 
appears to be inspired by the FRR 24's that were sent back from the future by von 
Neumann. 

Whatever the case, radio technology was pushed way ahead in the 1930's. As 
an engineer and professional radio man, it is my personal conclusion that it 
couldn't have been done without some major help from somewhere. For example, 
Nikola Tesla was always upsetting the status quo by saying that he experienced 
communication with aliens. 

There is another major point of interest concerning the FRR 24 Receiver. 
When I purchased them from Rinehart, I noticed that the aluminum housing was 
corroded on the outside. Aluminum itself does not corrode, but it does when it is 
mixed with impurities. The aluminum panel in the chassis, however, had no such 
corrosion. The chassis were therefore made out of a very pur aluminum. Commercial 


grade aluminum used in radio equipment is usually not that pure. 

What does all this tell us? 

There had to be a reason that the aluminum was so pure. Recently, it has 
come to the surface in conventional scientific circles that aluminum can be made 
into a superconductor. A friend of mine at NASA told me that mixing mercury with 
aluminum and alcohol makes microchannels big enough for electrons to channel 
through the aluminum. This essentially creates a room temperature superconductor. 

Rinehart also warned me about the chassis. He said there might be a little 
bit of mercury contamination on the chassis. Further inspection has revealed that 
the chassis had some sort of mercury treatment process. 

It is currently my belief that the treatment process is related to the 
silver resonators, which are the capacitors and coils. The mercury and aluminum 
create microfine channels along the superconducting chassis and the channels 
become a multi-dimensional resonator. 

To conclude, this receiver is actually a multi-dimensional space-time 
resonator and would be part and parcel of any time machine that was used for the 
Philadelphia Experiment or at Montauk. 

* Dr. Rinehart is a pseudonym used to protect this individual's privacy. 


APPENDIX A- A SCIENTIFIC ANALYSIS OF THE RADIOSONDE 


Note: This analysis is not expected to be readily understood by the general lay 
public. It is included only for those who are technically inclined. It also serves 
as corroboration of my statement that the government had the means to affect the 
weather). 

The Radiosonde consists of two variable resistance type sensors. One 
registers temperature, the other humidity. 

The temperature sensor is a thermistor, where the electrical resistance 
varies inversely with the temperature. The humidity sensor is an electrolytic 
resistor where the electrical resistance varies directly with the relative 
humidity. In most of the Radiosondes, the pressure sensor is of the pressure 
responsive selctor switch type (Baro switch). In essence, the transmitter sees a 
varying resistance which is selected alternately by the Baro switch or a 
sequential switcher. A short circuit is selected occasionally which is called the 
reference mode. This is what the sensors do on the surface. It is also the line 
the government releases to the public. Although cursory investigation will show 
this description to be true, there is also other activity which is secret. The 
temperature sensor is a carbon bar with precious metals added, and acts as an 
antenna to the DOR function. It also inverts the transform known as DOR 
energetics. This item is packed in a small vial, and has to be installed on fasten 
stock clips on the arms of the Radiosonde. In order to get a true temperature 
reading, it is painted white to reflect the sun's radiant heat and sits above the 
package in the open. This placement is understandable from conventional science, 
but it cannot be understood from the viewpoint of relativistic sciences. 

The humidity sensor is an electrolytic resistor. We do not understand its 
operation because the usual electrolytic resistor varies inversely with the 
relative humidity. This humidity sensor consists of a grid of conductive lines 
with an unknown chemical overlay. It acts as an antenna for orgone in phase. It is 
also similar to the electrolytic detectors that have been introduced for the 
detection of esoteric energies. The humidity sensor is also hermetically sealed in 
a small vial and has to be put in its holder on top of the Radiosonde, thus 
totally covering and protecting it from direct rain, but allowing air to circulate 
around it. This follows the released line of information. 

In later Radiosondes, the Baro switch is replaced with a clock-work driven 
scanning switch, with the addition of a receiver that the Government claims is 
used as a transponder to track direction and height. This suggests that the Baro 


switch gives height information, which can be read from the pressure, but depends 
on a uniform pressure gradient which our atmosphere does not exhibit. This follows 
the released information, but is grossly inaccurate. 

I do not believe that this is the real objective for the Baro switch. In 
fact, an entirely different purpose is intimated. It appears that the Baro switch 
is the correlated function which would be necessary to synchronize the DOR busting 
to the environment of the Earth. It is also apparent that the receiver 
synchronizes the DOR busting to the the environment. At this point, I do not fully 
understand the sensor scheme. 

In addition to the sensors, the other part of the radiosonde is the 
transmitter. 

It is pulst time modulated and the repetition rate of the pulse varies with 
the resistance presented to the transmitter. There are two types of pulse 
modulation used. 

One is where the modulation pulses off the CW (CW=carrier wave) carrier 
oscillator. 

The other is where a high voltage pulse supplies B+ (B+ stands for "B 
batteries", which refer to plate voltage) to the carrier oscillator. There are two 
frequencies used: 400 MHz and 1680 MHz. The 400 MHz oscillator is comprised of 
tuned lines with the trioed tube in the field of the lines. The 1680 MHz 
oscillator is of the integral cavity type, with the triode tube inside the fields 
of the cavity. 

In the down pulsed CW oscillator transmitter, there are two sections: the 
modulation oscillator and the carrier oscillator. The modulation oscillator is 
what generates the pulse, which is a triode oscillator with a blocking network in 
the grid circuit. 

The operation of the transmitter is simple. When the oscillator runs, the 
grid bias builds up across the cap (C) and when the voltage reaches the tube 
cutoff the oscillation stops. At this point, C discharges until the tube starts up 
again. 

As the grid voltage across C cycles up and down, the oscillator starts and 
stops; hence modulating the voltage drop across Rp, which is bypassed. The value 
of C and Rg and Rext and Rref determines the repetition rate of the pulse across 
Rp. 

The signal with the pulse and its potentials are capacitively coupled to the 
carrier oscillator. 

This is the usual explanation, but let us consider the relativistic 
activity. 

When the tube is cut off, the higher order signal builds up inside the tube 
like the charge on a capacitator. The longer the tube is cut off, the more 
relativistic signal builds up in the tube. When the tube turns on and oscillates, 
it slew between saturation and cutoff, and two things happen. First, the stored 
relativistic charge is forced out. Second, the slewing of the oscillation between 
saturation and cutoff has the effect of amplifying the hgiher order components by 
"0" point activity. 

The result is that the signal is amplified and outputs in pulses. From this 
point, the modulation signal is capacitively coupled to the grid of the carrier 
oscillator, where the pulse stops the oscillation. 

When we consider the carrier oscillator, the circuit is a standard one. How 
it was optimized probably has something to do with the placement of the tube in 
the field of the resonant network and the design of the tube. The higher order 
operation in the carrier oscillator is similar to the modulation oscillator. When 
the tube slews from saturation to cutoff, the 0 point of the vacuum is ripped. 
This results in relativistic gain as well as forcing all signals stored in the 
tube to the output and the antenna. 

The bypassed output of the modulation oscillator, which is pulsed potential 
(scalar) at approzimately 7 MHz is coupled to the grid of the carrier oscillator 
and slews the Q point * from saturation to cutoff. The "0" point activity sends 


out bursts of relativistic signal which replicates closely the input signal from 
the sensors. 

The pulse modulator transmitter uses a delay line pulse modulator with a 
thyratron, charging reactor, blocking diode, pulse forming network, and a pulse 
transformer that generates 1400 V pulses which drives the carrier oscillator. The 
thyratron is fired off by the output of the same modulation oscillator as in all 
of the rest. 

The modulation oscillator loads the relativistic signal into the delay line 
through the thyratron which is cut off but still has "0" point gain. When the 
thyratron fires, everything in the pulse forming network is loaded into the 
carrier oscillator tube as a 1400 V pulse which rips apart the vacuum and results 
in a high "relativistic gain" through the usual "0" point activity. 

The whole package is operated by a battery pack which lasts approximately 
three hours. 

* "Q point" means quiescent point. This refers to the point where the tube 
rests. 


APPENDIX B- WILHELM REICH 


Although the government had great appreciation for the discoveries and 
developments of Wilhelm Reich, it appears they had very little use for him 
personally. He was under pressure from the AMA and FDA for years on charges of 
quackery. Eventually, he was given a very stiff prison sentence for contempt of 
court when he refused to appear. The subsequent burning of his books and 
destruction of his equipment may be unparalleled in modern times for its 
outrageousness. 

His claims about jamming the drives of UFOs didn't win him too many friends 
either. He concluded that the drives of UFOs ran on cosmic or orgone energy. He 
developed a "Space gun" on the basis of orgone theory and was able to make UFOs 
fade away with regularity according to eyewitness accounts. 

After he was in prison, authorities reportedly gave him express permission 
to work on anti-gravity equations. This is odd to say the least; especially if 
they believed he was a quack. 

Whatever the exact facts and details of Wilhelm Reich are, it appears that 
he was used for his inventive genius and then put away so he couldn't disseminate 
his discoveries elsewhere. The systematic condemnation of his work only backs this 
up 

APPENDIX C- MIND CONTROL AND THE PERSIAN GULF WAR I was still laid off when 
the Persian Gulf War erupted and had the opportunity to watch the live briefings. 
Live briefings are interesting to me because information sometimes comes through 
that would otherwise be edited out. 

In one report, a CNN reporter said that he had just returned from Kuwait 
where he had travelled with an American patrol. They had noticed a patrol of about 
thirty Iraqis on the next sand dune. While the Americans were wondering how they 
would get the Iraqis to surrender, a U. S. helicopter suddenly appeared and flew 
over the Iraqis. By the time the helicopter had reached the next sand dune, the 
Iraqis had their hands up and were surrendering. 

This is all very suspicious in itself. These were the same Iraqis who fought 
a Holy War against Iran for eight years. 

The next news of interest that I noted came towards the end of the conflict 
when Brigadier General Neil was questioned by a British reporter from the BBC. The 
reporter asked the General about his plans to get the Iraqi soldiers out of the 
deep bunkers that the Germans built for the Iraqis. These bunkers were known to be 
extremely well fortified, and it was a good question. 

General Neil said, "We bring in the psychological..."* 

He then broke his sentence with coughing. It didn't sound like a real cough 


but that he had caught himself saying something he shouldn't reveal. When he 
stopped coughing, he continued speaking. 

"I'm sorry, we bring in the helicopters with PA (public address) systems and 
we talk ‘em out." 

To me, his statements were very significant. It is apparent to me that the 
General had made a mistake and had to continue his sentence in the same vein. In 
my opinion, he was going to say something like "psychological broadcasting 
helicopters." 

He had helicopters on his mind and in order to make it less obvious, I 
believe he changed what he was going to say and referred to "PA system 
helicopters." 

I did some research into the Iraqi bunkers and discovered that the Americans 
had been trying to get the plans for their construction from the East Germans. 

The Americans wanted to know how to penetrate the bunkers. They did retrieve 
the plans and found out the walls were very thick. Even after the air blitz, the 
Iraqis were still deep in the bunkers. They had electricity, entertainment and 
enough food and water to last at least six months. The bunkers were three feet 
thick and probably could have withstood a nuclear blast. The Iraqis also had the 
equipment to tunnel out if necessary. 

The British reporter knew it wouldn't be easy to get the Iraqis out of the 
bunkers. That's why he asked the question. I believe it is absurd to suggest that 
these fanatic soldiers would have surrendered under the mere threat of PA system 
helicopters. 

* The quotations by General Neil are not exact quotations but are 
paraphrases based upon my memory of the actual events. 


APPENDIX D- NIKOLA TESLA 


Nikola Tesla was born in 1856 in what is today known as Yugoslavia. Known as the 
"Father of Radio", he was clairvoyant and had different paranormal abilities. 

Most notable was his vision as a youngster that he would build an 
alternating current generator that would revolutionize the way that mankind 
harnessed electricity. 

Tesla received a renaissance education and learned to speak several 
languages. 

He worked his way across Europe as an inventor and electronics engineer. In 
Paris, his genius came to the attention of one of Thomas Edison's associates, and 
Tesla was invited to meet the famous inventor. Although Edison hired him, the two 
never got along well. 

Edison's utilities used direct current which required a power plant every 
few miles or so. Tesla tried to convince him that alternating current was more 
effective and less costly to operate. Edison was stubborn and Tesla's brilliance 
must have made him feel insecure. Here was a man whose geius was far Superior to 
that of Edison's! 

Edison would never back up Tesla's plans to revolutionize the world with 
alternating current. The two finally had a complete falling out when Tesla advised 
Edison that he could upgrade his entire facility by building new machines and 
replacing the old ones. Edison offered him $50,000 to complete the task. Tesla 
designed twenty-four types of machines and effectively enhanced the factory. 
Edison was very impressed but wouldn't pay the money. He claimed it was just his 
"American sense of humor." 

George Westinghouse was an inventor himself and recognized the genius in 
Tesla. 

He backed Tesla's plan to harness alternating current from Niagara Falls and 
the world has never been the same since. Meanwhile, Edison tried to prove that 
alternating current could be deadly to humans and went to the extent of 


electrocuting a dog in public (with alternating current) to prove his point. 
Edison ended up embarrassed and humiliated. 

Tesla's career went on the rise and his experiments were of vast renown. He 
demonstrated remote control with small boats in Madison Square Garden, but many 
people dismissed it as witchcraft. 

He even generated lighting between the Earth and sky at Colorado Springs. 
This experiment was particularly remarkable because he put light bulbs to the raw 
ground and they light up. This demonstrated that the Earth's surface was a 
conductor of electricity. This proved that if the proper vehicles were used that 
the entire population of Earth could enjoy free energy. 

Tesla created a huge tower on Long Island and sought to build a system that 
would provide free energy. While in progress the financier J. P. Morgan pulled the 
rug out from under Tesla. He didn't want free energy. 

Tesla's career went into a decline and his reputation was hurt. Part of this 
was caused by his periodic admisssions that he received communication from aliens. 

His receivers supposedly picked up transmissions from Mars. 

No one ever denied he was an electronics genius, but because he understood 
supernatural phenomena, he was held in suspicion. Today, many of my engineering 
colleagues consider him a "nut" who just happened to be brilliant in electronics. 
This is a very convenient explanation. 

It is my opinion that he was incredibly ahead of his time. 


APPENDIX E- HISTORY OF THE PHILADELPHIA EXPERIMENT AND ITS RECONCILIATION WITH THE 
MONTAUK PROJECT In 1912, a mathematician named David Hilbert developed several 
different methods of new math. One of these was known as "Hilbert Space." With 
this he developed equations for mulitple realities and multiple spaces. He met Dr. 
John von Neumann in 1926 and shared his information. Von Neumann took a lot of the 
systems he learned from Hilbert and ran with it. According to Einstein, von 
Neumann was the most brilliant of mathematicians. He had an uncanny ability to 
take abstract theoretical concepts in math and apply them to physical situations. 
Von Neumann developed all kinds of new systems and math. 


A Dr. Levinson had come along and developed the "Levinson Time Equations." 

He published three books, which are now very obscure and almost impossible 
to find. 

An associate of mine did dig up two of them at Princeton's Institute for 
Advanced Study. All of this work was to serve as a background for the invisibility 
project which would apply the theoretical principles to a large hard object. 

Serious research into the subject of invisibility began in earnest in the 
early 1930's at the University of Chicago. Dr. John Hutchinson Sr. served as Dean 
at this particular time and was privy to the work of Dr. Kurtenhauer, an Austrian 
physicist then at the University. They were later joined by Nikola Tesla. 
Together, they studied the nature of relativity and invisibility. 

In 1933, the Institute for Advanced Study was formed at Princeton 
University. 

This included Albert Einstein and John von Neumann, a brilliant 
mathematician and scientist. The invisibility project was transferred to Princeton 
shortly thereafter. 

In 1936, the project was expanded and Tesla was made the director of the 
group. 

With Tesla on board, partial invisibility was achieved before the end of the 
year. 

Research went on to 1940 when a full test was done in the Brooklyn Naval 
Yard. 

It was a small test, with no one on board the vehicle. The ship used was 
powered by generators from other ships, connected by cables. 
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Another scientist, T. Townsend Brown, became involved at this point. He was 
known for his practical ability to apply theoretical physics. Brown had a 
background in gravity and magnetic mines. He had developed counter measures to the 
mines with a technique known as degaussing. This would trip the mines at a safe 
distance. 

There was a big brain drain on Europe in the 1930's. Many Jewish and Nazi 
scientists were smuggled into the country. Much of this influx has been attributed 
to A. Duncan Cameron Sr. Although we know he had extensive connections, his exact 
relationship to intelligence circles is still a mystery. 

By 1941, Tesla had full confidence of the powers that be (FDR). A ship was 
prcured on his behalf, and he had coils wrapped around the entire ship. His famous 
Tesla coils were also employed on the ship. However, he grew wary because as the 
project developed, he knew there would be problems with personnel. Perhaps he knew 
this due to his ability to fully visualize his inventions in his mind. In any 
case, Tesla knew that the mental state and bodies of the crew would be affected 
severely. 

He wanted more time to perfect the experiment. 

Von Neumann desagreed with this vehemently at the time and the two never got 
along. Von Neumann was a brilliant scientist but did not embrace metaphysics for 
its own sake. Metaphysics was old hat to Tesla, and he had built a successful 
legacy of inventions based upon his unique prescience. 

Part of what made his views so controversial was that during his experiments 
in Colorado Springs, circa 1900, he said that off planet intelligence had 
contacted him via consistent signal messages when Mars approached. This also 
occurred in 1926 when he had radio towers erected in the Waldorf Astoria and at 
his New York city Lab. 

He claimed to receive information that he'd lose people if things were not 
changed. 

He needed time to design new equipment. 

Tesla's requests for more time were not heeded. The government had a war to 
win and additional time was not granted. Tesla wen through the motions but 
secretly sabotaged the operation in March 1942. He was either fired or quit. He is 
Supposed to have died in 1943, but there is arguable evidence to suggest he was 
whicked off to England. A look-alike derelict is supposed to have been put in his 
place for the funeral. He was cremated the day after his body was found which was 
not in keeping with the tradition of his family's orthodox faith. Whether or not 
he died is controversial. That secret papers were removed from his safe has never 
been in question. 

Von Neumann was named director of the project. He did a study and determined 
that two huge generators would be required for the experiment. The keel for the 
USS Eldridge was laid in July 1942. Tests were done at dry dock. Then, in late 
'42, von Neumann decided that the experiment could be fatal to people, just as 
Tesla had suggested. Ironically, he still got upset at the mention of Tesla's 
name. He decided a third generator would do the trick. He had time to build one 
but never got the third one to synchronize with the other two. It never worked 
because the gear box was incompatible. The experiment went out of control and a 
Navy technician was zapped, went comatose for four months and left the project. 
They pulled out the third generator. Von Neumann wasn't satisfied, but his 
superiors weren't going to wait any Longer. 

In July 20, 1943, they decided it was ready and made tests. Duncan Cameron 
Jr. and his brother, Edward, were in the control room to operate it. The ship was 
no longer at anchor and orders came by radio to turn it on. Fifteen minutes of 
invisibility ensued. There were immediate problems with people. They got sick, 
some experiencing nausea. There were also mental illnesses and psychological 
disorientation. They needed more time, but the final deadline was given for August 
12th, 1943. The orders came from the Chief of Naval Operations, and he said he was 
only concerned with the war. 

Trying to avoid damage to individuals involved, von Neumann tried to modify 


the equipment so that only radar invisibility would be achieved, not literal sight 
invisibility. 

Six days before the final test on the Eldridge, three UFOs appeared over the 
ship. 

The switch was thrown for the final test on August 12th, 1943. Two of the 
UFOs left the area. One was sucked up into hyperspace and ended up in the 
underground facility at Montauk. 

Reports from Duncan indicated that he and his brother knew things were going 
to go wrong with the August 12th experiment. However, for three to six minutes, 
things looked good. It appeared it might work without any devastating effects. 
They could see the outline of the ship - everything was gone. There were problems. 

The principal radio mast and the transmitter were broken. People were jammed 
in the bulkheads. Others were walking around in an insane state. 

Duncan and Edward Cameron did not suffer the same trauma as their shipmates. 

They had been shielded in the generator room which was surrounded by steel 
bulkheads. 

The steel acted as a shield to the RF energy. As they witnessed things 
falling apart, they tried to shut off the generator and transceivers but were 
unsuccessful. 

At the same "time", another experiment was going on forty years later at 
Montauk. 

Research had revealed that the Earth, like humans, has a biorhythm. These 
biorhythms peak out every twenty years on August 12th. This coincided with 1983 
and provided an additional function for the connecting links through the Earth's 
field for the Eldridge to be pulled into hyperspace. 

The Cameron brothers could not turn off the equipment on the Eldridge 
because it was linked through time to the generator at Montauk. They figured it 
wasn't safe to remain on the ship and decided the best alternative would be to 
jump overboard in hopes of escaping the electromagnetic field of the ship. 

They jumped and found themselves pulled through a time tunnel and onto dry 
ground at Montauk on Aug .12th, '83 at night. They were found quickly and taken 
downstairs. 

Von Neumann met Duncan and Edward and indicated he knew they were coming. He 
was now an old man. He said that there had been a lock up in hyperspace and that 
he'd been waiting since 1943 for this date. He told the time travellers that the 
technicians at Montauk were unable to go shut things down. Duncan and Edward were 
required to go back to 1943 and shut the generator off. Von Neumann even told them 
that the historical records showed that they had turned it off. But they hadn't 
done it yet! He told them to destory any equipment if that's what it took. 

Before returning to 1943 for good, Duncan and Edward did some missions for 
the Montauk group. They made a number of trips back to 1943. On one of these 
trips, Duncan passed through the time portal and entered the time tunnel. Duncan 
somehow entered a side tunnel and got caught there. Side tunnels were a mystery 
and remain so. 

Even though the Montauk scientists theoretically considered side tunnels 
non-existent, Duncan was warned not to enter them if they should appear. Edward 
soon ended up in the same tunnel with Duncan. 

A group of aliens revealed themselves. Apparently, the side tunnel was an 
artifical reality created by the aliens. They wanted a piece of equipment before 
they would let their captives go. This equipment was a very sensitive instrument 
that charged the crystal drive to the UFO that was underground at Montauk. The 
aliens didn't seem to mind leaving a ship, but they were very intent on keeping 
the drive source a mystery to humans. 

Duncan and Edward returned to Montauk and retrieved the drive for the 
aliens. 

Eventually, they were able to return to the Eldridge and carry out von 
Neumann's orders. They smashed the generators, transmitters and cut every cable 
they could find. The ship finally returned to its original point at the 


Philadelphia Naval Yard. 

Before the portal closed, Duncan returned to Montauk in 1983. His brother, 
Edward, remained in 1943. Duncan is not sure why he returned. It has been 
suggested that he may have been under orders or programmed to do so. 

This adventure turned out to be a disaster for Duncan. His time references 
totally dissolved, and he lost his link to the time line. When time references are 
lost, one of three things happens: aging slows down, remains the same or speeds 
up. In this case, it speeded up. Duncan began to age rapidly. After a short amount 
of time, he began to die of extreme old age. 

We're not sure how this happened, but we believe von Neumann transferred him 
to another time. Scientists were enlisted to help him. They couldn't let the 
Duncan from 1943 die. He was not only invaluable to the project, he was 
elaborately involved with the entire scope of time. His death could have created 
bizarre paradoxes and had to be avoided. 

Unfortunately, Duncan's body was dying and there was nothing that could be 
done to alter the rapid aging. But there was another alternative. Research had 
already demonstrated that each human being has their own unique electromagnetic 
identity. This was commonly referred to as one's "electromagnetic signature" or 
just "Signature." If this "signature" could be preserved when Duncan's body ceased 
to function, it could theoretically be transferred to a new body. 

The Montauk scientists were already intensely familiar with all of Duncan's 
electromagnetic manifestations from the exhaustive research that had been done. 

By some means, I'm not sure how, his "soul" or "Signature" was transferred 
to a new body. 

They sought help from one of their most loyal and effective agents: A. 
Duncan Cameron Sr., who happened to be the father of Duncan and Edward Cameron. 

Duncan Sr. was a mysterious character. He was married five times over the 
course of his life. He had numerous connections and didn't seem to work. He spent 
his time building sailboats and travelling to Europe. Some have alleged that he 
smuggled Nazi and/or German scientists into the U. S. via his boating activities. 

There is practically only one tangible piece of evidence that connects him 
to intelligence circles. He appeared in a photo of a special graduation for 
intelligence personnel at the Coast Guard Academy. He was not officially 
affiliated with the Coast Guard in any way. 

Through the use of the Montauk time techniques, the Montauk group contacted 
Duncan Sr. in 1947. They informed him of the situation and told him to get busy 
and have another son. He now had a different wife than Duncan Jr.'s original 
mother. Duncan Sr. cooperated and a child was born, but it was a girl. His 
directions were to produce a son. Finally, a boy was born in 1951. "Duncan" was 
chosen as the name for this child, and this is the same Duncan I know today. 

The Montauk techniques are obviously remarkable, but they were not 
sophisticated enough to move Duncan from 1983 straight back to 1951. There could 
have been other factors involved, but it appears the scientists had to rely on and 
ust the twenty year biorhythms of the Earth. As Duncan's original body was dying, 
he was transferred to 1963 and "installed" into the new body provided by Duncan 
Sr. and his wife. 

Duncan Jr. has no memories prior to 1963. It is also obvious that whoever 
occupied his body between 1951 and 1963 was forced out. 

I have often heard accounts of a secret project that was run by ITT at 
Brentwood, Long Island in 1963. It is entirely possible that transferring Duncan 
to a new body was the focal point or a very important part of this project. 
Whatever the circumstances, this project would certainly have been trying to 
somehow utilize the Earth's bioshythm that occurs every twenty years. 

Edward Cameron had returned to 1943. Duncan was in 1963. 

After the August 1943 experiment, the Navy brass didn't know what to do. 
Four days worth of meetings ensued with no conclusions. They decided to do one 
more test. 

In late October of 1943, the Eldridge disembarked for the final experiment. 


No personnel wree to remain on board. The crew boarded another vessel and 
controlled the equipment on the Eldridge remotely. The ship became invisible for 
about fifteen or twenty minutes. When they boarded it, some of the equipment was 
missing. 

Two transmitters, and a generator were gone. The control room was a burnt 
shambles, but the zero time reference generator was left intact. It was put into 
secret storage. 

The Navy washed their hands of the entire operation and officially launched 
the USS Eldridge with its office of record. The ship was eventually sold to the 
Greek navy who Later uncovered the log books and found that everything before 
January of 1944 had been omitted from the records. 

According to Al Bielek's account, Edward Cameron continued his career in the 
Navy. He had top level security clearance and probed into many sensitive areas 
such as "free energy" vehicles and devices. He was outspoken and complained about 
improper proceedures. 

For whatever reason, he was brainwashed to forget the Philadelphia 
Experiment and anything else to do with secret technology. 

Al has stated that age regression techiques were used to put Edward Cameron 
into a new body in the Bielek family. The Bielek family was chosen as there was 
only one child in the family and the baby had died by the time of his first 
birthday. 

Edward was substituted and the parents were brainwashed accordingly. Edward 
has since been knwon as "Al Bielek." 

Age regression techniques have been traced back to Tesla. When he was 
working on the original Philadelphia Experiment, he developed a device to help 
sailors in the event that they lost their time locks. The purpose of this device 
was to reestablish an individual with his normal time locks in the event he had 
been disoriented from time travel. The government or someone allegedly used this 
Tesla device and developed it for physical time regression. 

Tesla said that if the time locks of an individual are moved ahead in time, 
one could actually remove age. If one's time locks were pushed back twenty years 
younger, the body would be referenced to those locks. 

Edward Cameron now became Al Bielek. Al grew up with his own identity and 
education and became and engineer. Eventually, he ended up working at Montauk. 

It was not until the mid 1980's that Al began to get memories from his 
earlier identity. To this day, he continues to doggedly research the Philadelphia 
Experiment and is planning to write another book. He intends to prove, even to the 
most skeptical, that the Philadelphia Experiment did indeed happen. 


APPENDIX F- QUANTUM LEVELS OF EXISTENCE (According to Preston Nichols) 


When I am referring to quantum levels of existence, "quantum" refers to the 
different or many possible levels. "Quantum" comes from the Latin root "quantis" 
which means quantity. 

Understanding multiple realities is key to understanding time. Conventional 
physics does not deny the possibility of parallel existences, but it is mostly 
concerned with theories about matter and anti-matter. As there is much evidence to 
prompt scientific investigation into the area, there are currently about sixty 
theories around the world and ten in the U. S. that deal with quantum levels of 
reality. 

I am offering my own theory based upon my experiences, some of which are 
covered in this book. Like any proper scientific theory, this is being offered 
because it has proven workable to me in the laboratory. It will also help the 
reader get a better grasp of how time functions. 

What exactly is parallel reality? 

It would be a world or universe that has almost everything we have here. If 


we switched into it, we'd see another body that would represent us in the other 
existence. 

The parallel universe would not necessarily behave exactly like the one 
we're familiar to. It would have unique properties unto itself. 

It is my understanding that we exist in a number of parallel realities. We 
are primarily conscious of "our reality" because we are focused or referenced to 
it. The parallel universes might reach our consciousness through dreams, ESP, 
meditation or artificially induced mental states. 

It is now important to consider the overall view and what these different 
realities might look like in schematic form. Einstein theorized that if one 
travels in a straight line from any particular point in space that one would 
eventually end up in exactly the sam eplace that they started at. This could be 
considered a full loop. 

We are not going to go into the equations of that, but the general reader 
can grasp this by understanding what Einstein called a time toroid. For this 
purpose, a toroid can be likened to a two dimensional doughnut. Einstein likened 
the entire universe to a time toroid. He theorized that if one started ina 
straight Line from any given point on the outside of the doughnut, that one would 
end up at the exact opposite end of the doughnut. Both of these point would be 
essentially the same, except that one could be considered "positive" and the other 
"negative." As they are both points in the infinite stream of time, one point 
could be called "positive infinity" and the other "negative infinity." 

For purposes of explaining my theory, I have extrapolated upon Einstein's 
idea and have converted his time toroid into a three dimensional sphere. The 
reader can easily picture a smaller sphere inside of a bigger sphere. For 
clarification, we will call the inside sphere, Sphere A, which can be likened to a 
softball. 

The bigger sphere will be called Sphere B and can be likened to a basketball 
(which is hollow). 

Our experiences in different realities all occur within the realm of Sphere 
A. 

If you start from a point on Sphere A and travel in a straight line, you 
will eventually come back to where you started from. 

Within Sphere A, everything in dynamic and moving. It is time as we conceive 
it: 

The area between Sphere A and Sphere B is not dynamic at all. In fact, it is 
considered to be at rest. We can postulate this area to be a sea of time 
particles. 

These are not particles in any ordinary sense. In fact, trying to describe 
them in this three dimensional example is awkward. We are simply assuming these 
non-moving particles of time exist because we can sense them (if only in idea 
form). These particles between Sphere A and Sphere B would be the same as the 
particles in dynamic time (within Sphere A) except that they are static, i. e. at 
rest. 

Incidentally, we are not conscious of static time because our "normal" 
reality is built upon dynamic functions or dynamic time. 

A reality in time is created when God or someone creates a stress on the 
wall of Sphere A. This stress will cause the dynamic particles inside of Sphere A 
to move and travel through the sphere until there is a loop, thus completing the 
Alpha and Omega (beginning and end). 

Our reality can be considered one gigantic loop. It could have started with 
the big bang or the beginning of the universe and would eventually end there, but 
it would in fact continue ad infinitum. 

When someone or something then takes that loop that we are in and creates a 
new time stress and changes reality, a new loop is created that is, in fact, an 
alternate reality. The original loop cannot be obliterated or denied. It will 
still be there. The new loop could be modified in any way the modifier chooses. It 
could be an opening in 1963 that goes to 1983. Everything in between those times 


would be an alternate loop. It would not be an entire loop of its own, but would 
be added to the original loop of our normal reality. In this way, partial loops 
would be added on to our original time line, and we can call this conglomeration 
of loops a manifold. 

Each loop could also be called a manifold (a manifold generally refers to 
something that has many parts). 

As different alternate realities are created off of the original loop, 
additional manifolds are added to the sphere and make it swell. In addition to the 
alternate realities created by changing the reality of a particular time Line, 
there could be parallel realities created in the beginning of time that also have 
their own "original" loops as well. There is an infinate number of loops and 
manifolds possible. 

Some people may wonder about Sphere B in the above example. It is basically 
there to make the theory fit. At this point, I can add no further significance to 
Sphere B except that it serves as a wall containing time stress particles. It 
could possibly be a part of a bigger scheme of metaphysics. 

Now that you have a grasp of how these time loops and manifolds fit into an 
overall picture of the universe, there is another key question that must be asked. 
Is it possible to gain consciousness of the other loops or manifolds? 

Yes, it is. This is what happened on my roof when I was putting up my Delta 
T antenna (as discussed in Chapter Six). That antenna has a subtle 
interdimensional effect on the nature of time itself. It enabled me to regain 
consciousness of an alternate time line that I had been put on against my innate 
will. 

It is therefore possible for others to travel from one time loop to another. 

In fact, it appears that this is the entire reason for the Philadelphia 
Experiment and Montauk Project in the first place. This theory indicates that not 
only was an alternate time loop created but that this loop enabled a vast influx 
of alien UFOs to come to this planet. UFOs have always been around, but there is 
no denying the sudden frequency of reports in the 1940's. 

Even if you do not accept any of this as the truth, it is quite obvious that 
this is the type of advantage an alien race might have over us. 

The next point I want to address is that parallel realities are based upon 
principles common to electromagnetics. For example, it is common knowledge that 
alternating current is created by an alternating difference in potentials. 

It is the relationship between the voltage and the current that makes 
alternating current function. Further, the relationship between the current and 
voltage is inextricable. 

Just as there is an interplay between the voltage and current, there is one 
between two different realities. 

Extrapolating from these principles, it can be understood that parallel 
realities are ninety degrees out of phase with our "normal reality." In other 
words, if there is a parallel reality, one has to consider that it has potential 
energy. It is not activated of itself. It would also be ninety degrees out of 
kilter from our normal viewpoint. The fact that it is potential energy means that 
it has the capability to flow to our reality and vice versa. 

This explains that there is not only a relationship between electromagnetic 
principles and other universes, but suggests that by utilizing electromagnetic 
principles that one can theoretically enter the realm of other realities. These 
would include the alternate time loops of which I have already spoken. 

It is hoped that the above will give the reader a general understanding of 
how electromagnetic principles were used to manipulate time at Montauk. 


APPENDIX G- GLOSSARY 


Amplitron- A high powered UHF amplifier. At Montauk, this served as the 


final amplifier of the transmitter before a function was radiated out the antenna. 

A large tube, it weighed 300 pounds and measured 35 inches in its largest 
dimension. 

Biorhythm- This is an esoteric term and refers to any regularly repeating 
life function in an organism. A biorhythm is perhaps best understood in terms of 
Oriental "Ki" or "Chi" energy, which is the life force that regulates the entire 
body. Acupuncture addresses biorhythms in order to affect a cure. When the planet 
is considered as an organism, biorhythms would include all the subtle functions 
that make life possible and regulate it. The seasons, rotation of the Earth and 
spinning of the galaxy would all be taken into account. Legendary places such as 
Stonehenge are considered to be constructed in harmony with the biorhythms of the 
planet. 

Cathode- In a vacuum tube, the electron emitting material is called a 
cathode. 

In an electrolytic cell, it is the negative electrode from which current 
flows. 

In essence, it is a source of flow. 

Cycle- A unit of activity within a wave that continually repeats itself. A 
cycle will go up and down before it repeats itself. If you visualize ocean waves 
that are all uniform, the series of waves would be called the "wave." The one 
ocean wave that a surfer might ride would be a "cycle." 

Delta T- Short for "Delta Time." Delta is used in science to indicate 
change, thus "Delta T" would indicate a change in time. 

Delta T antenna- An octahedronal antenna structure that is designed to bend 
time. 

Visually, it looks like two pyramids sharing the same base. By definition, 
it can actually facilitate shifting time zones. Two coils are placed vertically 
around the edges of the pyramid structure at 90 degree angles to one another. 

A third coil surrounds the base. Shifting time zones was accomplished by 
pulsing and powering the Delta T antenna, as is discussed in Chapter 12. Even when 
the antenna is not powered, it has a subtle interdimensional effect on the nature 
of time itself. 

DOR- Stands for "Dead ORgone" (see definition of "orgone".) This refers to 
life energy that has become stagnant or negative. DOR couls be considered the 
antithesis of life energy. 

"Electromagnetic bottle"- This refers to a "bottle effect" that is created 
when a specific space is surrounded by an electromagnetic field. The specific 
space itself is the inside of the "bottle." The walls would be the electromagnetic 
field. 

When people or objects are within the specific space, they would be within 
an “electromagnetic bottle." 

Electromagnetic wave- When an electric charge occurs that oscillates (swings 
back and forth), a field around the charge is generated. This field is both 
electric and magnetic in nature. This field also oscillates which in turn 
propagates a wave through space. This was is called an electromagnetic wave. 

Frequency- The number of waves or cycles per second. 

Helmholtz coils- commonly, Helmholtz coils refer to two identical coils that 
are separated by a distance of one radius of the coils themselves. (You can 
visualize this if youthink of two hula hoops parallel to each other.) When the 
coils are electrified, they produce a homogeneous magnetic field over a larger 
volume of space than does a single coil. 

Hertz- (abbr Hz) This is simply one cycle of a wave. A wave consists of 
numerous cycles that are repetitions of one cycle. To be a bit more technical, 
hertz is the complete fluctuation of a wave from plus (the highest point) to minus 
(the lowest point.) Five hertz would be five cycles per second. 

MHz- MegaHertz, which are equivalent to 1,000,000 hertz. 

Non-hertzian component- This term does not exist in conventional science. It 
refers to the etheric component of electromagnetic waves. Theoretically, the non- 


Hertzian component is a wave function. Instead of oscillating transversely, it 
oscillates with the direction of propagation, which is known as longitudinal (i. 
e. sound waves.) It could be looked at as an "acoustical" electromagnetic wave. 

Orgone- This refers to life energy or sexual energy as observed by Dr. 
Wilhelm Reich. It is the positive energy that "makes us tick." 

Oscillator- A device that establishes and maintains oscillations. To 
oscillate means to swing back and forth. In electronics, an oscillations refers to 
a regular variation between maximum and minimum values, such as current or 
voltage. 

Phase- The time intervale between when one thing occurs and the instant a 
second related thing takes place. 

Phase conjugation- This is the process whereby a wave comes back from a 
received source that is an imaginary image of a transmitted wave. In other words, 
when a radio wave is transmitted, an image goes back to the transmitter by the 
process of conjugation. (For more information, one can read up on modern electro- 
optics theory.) 

Phoenix Project- A secret project that commenced in the late 1940's. It 
researched the use of orgone energy, particularly in regards to weather control. 
It eventually inherited the Rainbow Project and included the Montauk Project 
itself. "Phoenix" was an official code name. 

Psycho-active- This pertains to any activity or function that has an effect 
on the mind or psyche. In this book, psycho-active refers primarily to 
electromagnetic functions or electric equipment that influence human thinking and 
behavior. 

Psychotronics- The science and discipline of how life functions. It includes 
the study of how technology interacts with the human mind, spirit and body. 

Science, mathematics, philosophy, metaphysics and esoteric studies are 
united through the study of psychotronics. It would also include other realities 
and how we interface with other dimensions of existence. 

Pulse modulations- These are sent as a series of short pulses which are 
separated by relatively long stretches of time with no signal being transmitted. 
RF- Radio Frequency. Frequencies above 20,000 hertz are called radio 

frequencies because they are useful in radio transmissions. 

Radio wave- An electromagnetic wave that carries intelligent information 
(pictures, sound, etc.) 

Relativistic- Relativistic functions refer to activities that are out of our 
normal reference frame. It also concerns how activities in other reference frames 
relate to ours. Relativity embraces the concept of everything without any 
Limitations, including other dimensions and the entire universe(s). 

Sideband- This is the component of radio waves that actually carries the 
intelligent information. 

Space-time- When you study higher level physics, it becomes apparent that 
Space and time are inextricably related to each other. It is considered less 
accurate to refer to just space or time by itself (because they don't exist by 
themselves. ) 

That would be like saying your mouth ate the dinner. 

Time reference(s)- This refers to the electromagnetic factors by which we 
are connected to the physical universe and the stream of time. Consciousness of 
time can be likened to a deep hypnosis which causes one to be in sympathy with the 
various frequencies and pulses of the physical universe. 

Tranceiver- An instrument that serves as both a receiver and a transmitter. 

Transmitter- A device or unit that sends a signal or message. 

Wave- A state of motion that rises and falls periodically is called a wave. 
It can be transmitted from one particular area to another with no actual transport 
of matter taking place. A wave consists of many cycles and can carry signals, 
pictures or sounds. 


THE STORY CONTINUES... 

MONTAUK REVISITED, Adventures in Synchronicity: By Preston B. Nichols and 
Peter Moon Montauk revistied unmasks the occult forces that were behind the scene 
and technology used in "The Montauk Project." An ornate tapestry is revealed which 
interweaves the mysterious associations of the Cameron clan with genesis of 
American rocketry, the bizarre history of the electronic transistor and the magic 
of Aleister Crowley. The Montauk investigation carries forward as Preston Nichols 
opens the door to Peter Moon and unleashes a host of incredible characters and new 
information. A startling scenario is depicted that reaches far beyond the scope of 
the first book, "The Montauk Project." Illustrations and photos .256 pgs. 

PYRAMIDS OF MONTAUK, Explorations in Consciousness: By Preston B. Nichols 
and Peter Moon An astonishing second sequel that awakens the consciousness of 
humanity to its ancienty history and origins through the discovery of pyramids at 
Montauk. Their placement on sacred native American ground opens the door to an 
unprecedented investigation of the mystery schools of earth and their connection 
to Eygpt, Atlantis, Mars and the star Sirius. Mr. Nichols fascinates us with an 
update on covert operations that includes the discovery of a nuclear particle 
accelerator and the development of new psychotronic weapons. "Pyramids of Montauk" 
stirs the quest for the end of time as we know it .256 pgs. 


THE MONTAUK PULSE, A Chronicle of Time 


As "The Montauk Project: Experiments in Time" originally went to press in 
May 1992, many new and startling developments began to take place. Consequently a 
newsletter entitled "The Montauk Pulse" began in January 1993 to keep interested 
readers up to date on breaking news regarding the Montauk scenario. 

It was not envisioned at that time that two subsequent books would be 
published on the subject. The Pulse has a distinct identity from the books and 
will often comment on details and history that don't necessarily find their way 
into book form. 

The Montauk Pulse contains at least six pages per issue and is published 
quarterly. 

It includes exciting new breakthroughs on the Montauk story as well as 
similarly related phenomena like the Philadelphia Experiment or other space-time 
projects. 
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The Delta-T Antenna 


The Delta-T antenna is the device of legend from 'Project Phoenix'. The device consists of 3 antennas or coils each at 90 degrees to the other. The main two are 
fed a sine and cosine wave so that they are 90 degrees phase-shifted. This starts up a rotational magnetic field in the center of the antennas whose rotational 
velocity is equal to the input frequency. The third antenna pulls the field into the 3rd dimension. 


Here is a possible Delta-T configuration: 


180 DEGREES 
PHASE SHIFT 


90 DEGREES 
PHASE SHIFT 


270 DEGREES 
PHASE SHIFT 





SINE WAVE 


Construction: 
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Assembly 


Install R1- R30 
These are the 1/2W. 1.5K ohm resistors and they go in the marked locations shown on the circuit board. 


You may find it helpful to do one row of the resistors at a time to make soldering the leads easier. 


First, pre-bend the leads near the resistor bodies and then insert them into the board. 
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This device (Delta-T) enables time-traveling. The central part of the device consists of 2 frame antennas that are arranged 90 degree in relationship to each 
other. Each frame is approximately 2 meters in diameter. The antennas can consist of tubes which are 10 cm in diameter. The tubes must be 
superconductive. Inside the tubes float liquid helium for the superconductivity. 


The control device of the machine consists of a sinus generator with a tuning capacity from 1-Hz to 1000-MHz. The signal from this generator is amplified a 
little before it goes to a phase changer. This changes the phase of the signal 90-degrees. The phase changer is independent of the frequency in. The phase 
change is 90-degrees for both the 1-Hz and 1000-MHz input. The in-signal is split just before the phase changer so that one part is unchanged and another part 
is changed 90-degrees. After the phase changer, the signal amplified with 2 linear amplifiers to 100,000 watts on each channel. After that, the 2 channels are 
fed to its respective frame antenna. The signal on one frame antenna will always be 90-degrees in phase difference to the other frame antenna. 


Usage: 


The generator is set to 1-Hz and the machine is turned on. A compass needle at the center of the machine will travel slowly round. Inside and round the antenna 
system, it becomes a powerful rotating magnetic field. 


At a higher generator frequency, the magnetic field will rotate faster. Approximately 2 meters from the antennas are placed several chairs arranged in a circle 
around the antenna system. Here the time travelers are placed. One increases now the generator frequency gradually until the speed of the rotating magnetic 
field is close to the speed-of-light. If the right conditions are present now (etherical/astral), the time will run slower for those who are sitting on the chairs 
compared to persons outside the power-field. Seen from the chairs, the time will run normal between each chair. The time travelers! clock will run normal. 


They will see the clock on the wall outside the power-field running fast into the Future. The nearer the rotating speed of the magnetic field comes to the speed- 
of-light, the faster will the time travelers move into the future. If the speed of the magnetic field is set equal to the speed-of-light, the time will freeze as seen 
from outside the magnetic field. As seen from the time travelers view, they are moving endlessly fast into the future (they will not be able to sense the world 
outside the magnetic field and the time will stop for them). If one increases the frequency further, the rotating speed of the magnetic field will become greater 
than the speed-of-light. The time sensed from the chairs would then be reversed, and they will see the clock on the wall outside the magnetic field moving 
backwards. The time travelers will now travel back in time. 


At the speed-of-light, the time travelers go both endlessly fast into the Future and the Past at the same time. The result is that the time freezes at that speed. 


At a higher frequency, they will travel slower into the Past. When the speed of the magnetic field approaches the speed-of-light from above, the time travelers 
will travel faster into the past. At the speed-of-light for the magnetic field rotation, the time is frozen for the people inside the power-field and they can't 
register anything. For an outside person who looks inside, the power-field it looks like looking at a frozen hologram. If one from outside the magnetic field tries 
to touch the field at this state, it seems harder than steel. The outside person will at this state not be able to penetrate the power-field which acts as an endlessly 
strong armor at that state. If one puts a clock inside the power-field, an outside person will observe the following. 


At 1-Hz, the clock will run normal. When the frequency arrives at the lowest part of the VHF band (above 30-MHz) the clock seems to be going slower. At the 
top of the VHF band (approximately 300-MHz), the clock will stop completely. In the lower part of the UHF band (from 400-MHz), the clock begin to go 
slowly backwards. At 1000-MHz, the clock will go approximately at normal speed backwards. It's also possible that the machine must have an injection of 
modulated orgone energy to function. 
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The Montauk Project Papers 
by Thomas Skeggs 


Introduction 


Over the last few years I have amassed some information on 2 strange experimental projects known as the Montauk Project and the Philadelphia 
Experiment. 


So I have decided to publish extracts from some of my papers on these fascinating stories. There is a lot of debate surrounding the Montauk Project and the 
Philadelphia Experiment. Some of this debate can get a bit heated where both skeptic and believer trade insults and accusations of fraud, hoaxing, and even 
lying. Others make the claim that the Montauk Project and the Philadelphia Experiment are nothing more than disinformation -- a tool to distract the gullible 
investigator, researcher and journalist away from the real truth surrounding highly-classified and secretive research programs. 


When writing these papers, I have simply looked at them from purely a technical point-of-view to try to determine the true nature on how the equipment 
described in these projects may have actually worked. 


The Montauk Chair 
According to the authors Preston Nichols and "Peter Moon", the technology to read a person what way a person was thinking was originally allegedly 


developed at the ITT Technical Institute at the University of Southampton, Long Island in the 1950s. (Some basic research reveals the ITT Institute has closed 
down at Southampton). Nichols states in his book that RCA went on to develop a second version of the chair during the 1970s. 
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MONTAUK CHAIR DIAGRAM 
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a diagram drawn by Nichols describing the lay-out of the Montauk Chair. 


Nichols claims the chair was surrounded by 3 Helmholtz coils described as the 'X' coil, 'Y' coil and 'Z' coil. Note the 'X' coils are located on each site of the 
individual. The 'Y' coils are located above the head and below the feet. And the 'Z' coil appears to be wound around the chair. (2 loops could have been used 
above and below the chairs which may have been designed to pick up fluctuations or modulations within the electrical magnetic field surrounding the human 


body.) 
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Helmholtz coils consist of cable wound in loops in to produce a coil. Helmholtz coils are used in industry and science to produce a constant magnetic field. 
Also notice in the above diagram that each pair of loops are wound in opposite directions -- one clockwise and the other counterclockwise. 


This arrangement is known as a pair Helmholtz coils. And the magnetic field is uniform in the center between the 2 loops or Helmholtz coils. 


The diagram above basically shows the magnetic field that is produced when a currant is applied to the cables wound in a loop like those found in a pair of 
Helmholtz coils. 


The 3 Helmholtz coils were connected to what appears to be 3 antiquated value-driven radio receivers. 


Researching other sources of information has drawn very little supporting evidence from other sources regarding reading the thoughts of people. Yet I have 
found a short reference to the work carried out by Lawrence Pinneo (a neurophysiologist) from the Stanford Research Institute (SRI) in 1974. He had 
developed a computer system capable of reading a person's mind by correlating the brain wave 3 


with subjects on an ECG with certain commands. Writer and researcher K.B. Wells, Jr. writes in his book The Montauk Files that the CIA developed a chair in 
the 1960s which used polygraph-like technology to determine if the person sitting in the chair was telling the truth. 


Also scientists at the University of Sussex, England had developed a sensor which could read a heartbeat of an individual from between 1-2 meters. The sensor 
would not have to come into physical contact with the skin. The scientists said it would be especially useful with monitoring the heartbeat of serious burn 
victims. The scientists stated the sensor worked by picking up fluctuations in the electromagnetic field surrounding the individual. The heartbeat causes the 
fluctuations, and sensor can pick these tiny fluctuations and filter out noise. They also said the sensor was highly sensitive voltmeter. 


The Montauk chair system may have operated in a very similar way by acting as a highly sensitive magnetometer, which could record the slightest change in 
within the individual’s magnetic field. The Montauk chair system may have focused on brain activity. The coils are all wired up to 3 old radio receivers with no 
sign of an external power source. Yet the above diagrams immediately draw to mind Faraday’s Law. If you have a fluctuating or moving magnetic field, it will 
induce a currant to flow with a coil of wires. This means that the Montauk chair system may have been actually powered by electromagnetic field surrounding 
the human body of an individual. 

Chair Notes 

e The first version of the chair was allegedly developed at the ITT Technical Institute in Southampton, Long Island during the 1950s. 

e The second version of the chair was allegedly developed by RCA during the 1970s. 


e The chair system used 3 pairs of Helmholtz coils, designed to pick fluctuations of the electromagnetic field surrounding an individual. 


e A computer system was developed in 1974 at the SRI which could read the minds with certain commands. 
The Montauk Chair Receivers 


According to the Preston Nichols' first book The Montauk Project: Experiments in Time, there were 2 versions of the Montauk Chair. The first version of the 
infamous Montauk chair used 3 Hammarland SP600 or the Hammarland Super ProP600 radio receivers. I later found references to Hammarlund SP600 
receivers on the Internet plus references to a Super Pro SP600. It appears that Nichols misspelled the make and model numbers. These valve-driven radio 
receivers were built between 1950 to 1972. There are also numerous model variations usually identified with suffix number. For example, SP600-J12. Nichols 
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has not printed a suffix number, so it still remains uncertain as to what actual model was used. It can be important because most of the model variations have 
slightly different specifications and frequency responses. 





a photo of the Hammarlund SP600 Radio receiver claimed to have be used at Montauk 


There are several models made and were widely used by the U.S. Navy, Signal Corps, and the Air Force. Hammarlund also produced a civilian version of the 
SP600 which was popular with Amateur Radio enthusiasts. (Nichols and Bielek are such enthusiasts and attend HAM radio meetings.) 
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another photo of a Hammarlund SP600 radio receiver. This may be a Hammarland Super Pro SP600 
Yet one odd feature is the frequency ranges. The Hammarlund SP600 receiver has a frequency range of 0.54-54 MHz. 


According to Nichols, they developed a second version of the Montauk chair which used 3 radio receivers built by RCA. This type of receiver has proven 
harder to find information on. In Nichol’s book, he first just referred to the receivers as RCA "1935" (which was the year the first FM radios were developed). 


Nichols then names the second version of the radio receiver built by RCA as a"FRR-24". Later in his book, he also claims the FRR-24 was used in the 
legendary Philadelphia Experiment. Nichols suggests it was an extra-dimensional resonator. But the FRR-24 is a receiver -- not a transmitter. It would only 
be able to detect-or-receiver signals and not produce -or-propagate them. But it does seem possible that an AN/FRR-24 could have been fitted as standard kit to 
a new warship being built in 1943 like the USS Eldridge. 5 


Nichols also stated in his book that he managed to trace a man who had used a AN/FRR-24 receiver and this man sung the praises of the receiver. But this did 
point out to Nichols that the set was prone to picking up an unidentified source of interference. I did find a reference to an AN/FRR-24 radio describing it as 
just a receiving set. (Nichols left off the 'AN' prefix which means it’s a set made for the military). Information on this particular model appears very sketchy. I 
did manage to find some details on its predecessor the U.S. Navy’s AN/FRR-23 (also built by RCA). See picture below. Finding a photo of the AN/FRR-24 or 
technical details has drawn a blank. 
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This is a rare photo of the AN/FRR-23, built by RCA for the U.S. Navy. Trying to find a photo of the AN/FRR-24 as used in the Montauk Project has 
drawn a blank so far. 


Note in the picture of the AN/FRR-23 the red RCA label. And it was built for the U.S. Navy. 


The AN/FRR-23 was an AM (Amplitude Modulation) HF receiver. It had a frequency range of 2-32 MHz. The date AN/FRR-23 entered service was around 
1940-45. The radio sets appear to be very heavy, between 900-100 Ibs. 


I also found an intriguing reference to special radio receiver known as the "R-274/FRR" ordered by the U.S. Navy in Oct 1957. Its frequency range was 
between 100-400 khz and 1.35-29.7 MHz. This radio receiver was a version of the popular Hammarlund SP600 series. (Could this have been a replacement for 
aging AN/FRR-24 receivers). 


The radio receiver system described by Nichols appears to consist of 3 antiquated valve-driven radio receivers developed for the U.S. Navy and civilian use in 
the 1940s and 1950s. Yet Nichols stated that the Montauk Chair system was developed in the 1950s. Why would they use old valve receiver sets? 


I recall one TV documentary on the Cold War. The Americans had managed to capture a MIG 21 fighter aircraft. And when technicians took the MIG 21 apart, 
they found its avionics largely consisted of old valve-driven circuits. The technicians laughed at how primitive it was. During the 1950s and 1960s during 
atomic bomb tests in Nevada, technicians found that the high-tech transistor-based avionics fitted in most Western military aircraft was prone to the Electro- 
Magnetic Pulse (EMP) produced when atomic bombs are detonated. The EMP would seriously damage unprotected transistor based circuits, and the old valve 
circuits were a lot more robust. The technicians then realized why Soviet aircraft were fitted with the old style valves. It may be due to the sets are less prone to 
damage by sudden bursts of EM radiation. 6 


This could explain why such old and antiquated radios sets could have been used at Montauk because they were less prone to EM interference. Secondly, many 
radio and hi-fi fans will usually state that valve-driven radios and amplifiers produce a much better quality sound and signal output. 
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One thing that did catch my attention is that Nichols stated that each of the 3 receivers may have been tuned to 3 different frequencies. And each of the 3 radio 
receivers were connected to 3 sideband detector producing 2 outputs: a USB (Upper SideBand) and LSB (Lower SideBand) output. Looking at the wiring 
diagram, the signals picked up by the Helmholtz coils and radio receivers surrounding the chair appeared to be mostly filtered out. So what the sideband 
detectors may have done is pick up fluctuations or modulations within the electromagnetic field surrounding the human body (as described in the 'Chair' 
section). 
I'm still following up research in this area of using LSB and USB. Plus I will try to find out if these sets are AM or FM receivers. 
Another oddity is that Nichols wrote in his first book that these old radio receivers were located inside the transmitter/radar tower. That appears to contradict 
his story that the engineers went to great lengths to isolate and screen out noise around the infamous Montauk Chair. They then go and place the old radio 
receivers inside a noisy building where high-powered microwave transmitters are pumping out megawatts of EM radiation. But Nichols stated the Montauk 
chair was located in the basement of the transmitter building. I have recently conducted some research into Montauk, and I believe the radio receivers and chair 
system could have been located in another building located near to the transmitter. Not inside or below it. (I will write more about this at a later date). 
Receiver Notes 
e Version | of the chair may have used Hammarlund SP600 receivers or 3 Super Pro SP600 receivers. 
e Version 2 of the chair may have used 3 AN/FRR-24 HF AM radio receivers built for the U.S. Navy by RCA during the 1940s. 
e The 3 receivers may have been tuned to 3 different frequencies. 
e The 3 radio receivers were connected to 3 sideband detectors. 


e The receivers are obsolete and antiquated. 


e The old receivers were located in the transmitter/radar building. 
The Computers 


This section will examine how the computers were used to process the information from the radio receivers. 
The Transmitters 
This section will look at the transmitters installed at Montauk. 


The Delta T Antenna 
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a photo of the Delta T antenna which is claimed to have been used in the Montauk Project by Preston Nichols 


According to Nichols, the Delta-T antenna consists of 2 pyramid-shaped wiring looms with 3 Helmholtz coils wired in a special way to create a time-shifting 
field 
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a replica of the Delta T antenna. 


It consists of an outer steel skin with a wooden interior. The antenna has a removable floor panels. By looking at the photo, you can see where the coils will be 
located inside the antenna. The remote-viewing data that I got seems to suggest some transparent material covering the triangular openings like window blinds. 
It reminds me of a Chinese Lantern. 8 


The model is based on written accounts and remote-viewing data. 


What's confusing about the RV data is that there may have been different versions of the Delta-T antenna built at different sites or different times. Or there may 
have been more than one antenna in operation. The RV data seems to offer conflicting RV data regarding its overall shape. 


It's also difficult to trace the antennas as they were placed in long-term storage around America. Also different parts were stored at different locations 
(Plattsburgh, Hanscom, Wright Field, and a base in New Jersey). 


I also got some RV data on a possible second site surrounded by Pine trees and a chain link fence. It has a warning notice -- red background with white letters 


"Danger". It had black letters underneath. The only word I could pick out is "Hazard". It looked bare on the other side of the fence. It had overgrown grass plus 
antennas and wires. During RV sessions, I am repeatedly drawn to this location. 
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The Delta T Antenna uses the platonic solid shape (building block of the Universe) of a octahedra to achieve it specialized function. 


Montauk, America's Greatest Unknown Conspiracy 
Updated on October 17, 2015 


Radar Instillation, Camp Hero 
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This is the radar dish used for mind control experiments and EF transmissions at Camp Hero, Montauk, New York. 


Peter Moon 
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The Montauk Project: Experiments in Time 


Etymology of Montauk 


Native American shamans describe a spirit guide, shape shifter or time traveler as a Manatu or Manituo. According to The Keys of Enoch by J.J. Hurtak, the 
Tibetan word for Orion is Tak and is described as the gateway from human physical consciousness in this dimension to the next level of human evolution 
(creation). 


Discovering the Conspiracy 


What little is known about the United States Militaries' clandestine activities that revolve around Montauk Point Long Island, New York can be summed up in 
books by Peter Moon, Preston Nichols and Stewart Swerdlow. These men have found the courage to reveal activities that may very well have gone 
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undocumented had they remained silent and not blown the whistle on a secret Government project that could very well affect the lives of every man, woman 
and child on this planet. In this article Montauk, America's Greatest Unknown Conspiracy we will explore what little is truly known about the subject and 
speculate on its implications for mankind. 

Montauk, America's Greatest Unknown Conspiracy involves mind control experiments, weather manipulation, star gate technology, telepathy, UFOs, Aliens, 
Nazi's, pyramids, sleeper agents, Aleister Crowley and black magic, time travel and time 'police', remote viewing, Deep Underground Military Bases 
(D.U.M.B.s) and above all an incredible amount of synchronicity that cannot be easily explained as mere coincidence. The implications of this profound 
mystery will leave the reader reeling from the sheer number of unexplained phenomenon, bizarre coincidences and mind boggling innuendo. 


Another aspect of this mystery that cannot be ignored is the number of famous people involved in this ongoing mystery such as Jack Parsons, co-founder of the 
Jet Propulsion Laboratory, L. Ron Hubbard founder of the Church of Scientology, Aliester Crowley, the wickedest man on Earth (666), Mark Hammel, Luke 
Sky Walker of the Star Wars movies, Alfred Bielek, physicist, Remote Viewer and Director of PSI OPS at Montauk AF Base, Dr. John von Neumann famous 
physicist, Thomas Jefferson, 3rd President of the United States, Dr. John Dee alchemist and astronomer for Queen Elizabeth, Karl Haushofer, spiritual 
ambassador to the Far East for the Nazi's and a prominent General and leader in Hitler's rise to power and of course Duncan Cameron the operator of the 
infamous 'Montauk Chair". 


Montauk, America's Greatest Unknown Conspiracy really began with the Philadelphia Experiment in 1943 aboard the USS Eldridge, which was the U.S. 
Militaries' first publicly known attempt to create a 'stealth' field around an American warship that ostensibly would make the ship invisible to enemy radar. The 
USS Eldridge was stationed in the Philadelphia Navy Yard and the resulting stealth experiment was originally known as the Project Rainbow. While the 
attempt failed miserably, killing sailors and leaving others in a psychotic condition, it did open up new avenues of research into wormholes, star gates and 
quark fields. 


Basically what scientists and researchers, headed by Dr. John Von Neumann, attempted to do was to create an electromagnetic field or bottle around the ship 
that would divert radar signals around the bottle, making it undetectable to radar waves and underwater mine fields. While the experiment was essentially 
successful it had some unintended side affects, such as making the entire ship invisible to the naked eye. What was learned later was that the entire ship and 
crew had been moved into another dimension of space-time and transported hundreds of miles away to Norfolk, VA and back again. 


Needless to say, no one was prepared for this turn of events and when the ship re-materialized it left some of the sailors aboard fused into the bulkheads of the 
ship, much like how matter caught in a tornado can be fused together from the Hutchinson Effect which is found naturally in tornadoes. Because of these 
effects to human life and the fact that no one at the time really understood the results of the experiment the Project Rainbow was (publicly) 'terminated' and Von 
Neumann moved on to the Atomic Bomb and The Manhattan Project. 


However, because of the results of the Project Rainbow, the Government at some point decided to look deeper into the subject and that research began after 
World War II at Montauk Point Long Island, New York. This information may very well have gone completely unnoticed and never had been discovered had 
Preston Nichols not received a Government grant to research telepathy, in 1971, he lived on Long Island, New York. 


Originally he set out to disprove mental telepathy as he was a stern non-believer in psychic phenomenon. He learned through his research on his test subjects 
(psychics) that in fact telepathy not only existed but could be proved through the detection of an electromagnetic wave that was formed by the psychics 
themselves. His expertise was in electrical engineering and electromagnetic phenomenon, he had little interest in paranormal experience and had never even 
heard of the Philadelphia Experiment, of course most people hadn't until a movie was made about it in 1984. He set about learning about this electromagnetic 
wave and its properties and learned that it functioned much like a radio wave. 
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His research however lead him to conclude that a 410-420 MHz (megahertz) cycle being broadcast over the airwaves, at a specific time of the day, was 
effectively jamming the telepathic signals his psychics created, resulting in their inability to focus mentally or form a telepathic wave. The human mind 
operates on the 400 to 450 MHz cycle. Intrigued and frustrated he set out to trace this signal and found that it was coming directly form a radar dish on 
Montauk Air Force Base Long Island, New York. 

Upon further investigation into this radar facility he learned that it was being used by the FAA (Federal Aviation Administration) for experiments with radar 
technology and this excuse may well have held up, except for the fact that Preston Nichols was an expert in radar technology and could see no practical use the 
FAA would have for using an antiquated (World War II technology) Sage Radar system to broadcast signals in 410 to 420 MHz range. However because of 
incredibly tight security and stonewalling by Government officials he could learn little else, until 1984 when he learned the base had been shut down. 


Before we continue with the unravelling of this mystery, let's take a little time to reflect upon the exact location of Montauk Point Long Island New York as it 
has an intriguing history that is pertinent to this investigation. 


Ley Lines 


What is interesting to note is that the ley line that passes through Montauk, NY, intersects with the Bermuda Triangle. 


Montauk Point, New York - 
Montauk Point, Montauk, NY 11954, USA 
Montauk Point as been described as an island but is actually connected to Long Island, New York. 


Preston Nichols & Peter Moon 
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Pyramids of Montauk: Explorations in Consciousness 
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Montauk Point Long Island, New York 


Montauk (Island) Point, New York is located on a ley line and is part of the Earth's electro-magnetic grid. For those of you unfamiliar with the term ley line it 
refers to a low frequency electro-magnetic grid that covers the Earth. This grid creates geometric shapes in the form of platonic solids (the building blocks of 
the Universe) across the globe. Many ancient megalithic structures were built on these lines as away to harness the natural energy of the Earth, such as the 
Pyramids of Giza and Stonehenge. 


The Native Americans that lived for thousands of years in this section of New York, the Montauk Tribe (the word Montauk means a place of farseeing), were 
part of a larger tribe known as the Algonquin. What is interesting is that the chiefs of this Montauk tribe were named Pharaohs and that there is documented 
evidence and photographs of the tops of three pyramids along the coast of Montauk Point (see Pyramids of Montauk). These pyramids have since been buried 
to protect their location and prevent vandals from pilfering them. Only two other civilizations in human history have used the title Pharaoh for their rulers, 
Atlantis and Egypt. 


This tribe of Native Americans spoke an ancient language not known to many other tribes in the area, called the Vril Language. The Vril are described in myth 
and legend as an ancient race of man (Atlanteans) that live inside Hollow Earth and possess sophisticated technology and weapons. For more on the subject of 
the Vril I highly recommend a short novel written by Edward Bulwer Lytton called The Coming Race. However I would also like to point out that Nazi 
Germany created a secret 'spiritual' group closely linked to the SS, known as the Vril Society, which was involved in secret weapons research and technology 
concerned with round winged aircraft (UFOs) and anti-gravity. 


Another interesting aspect of this mystery is that this Vril 'language' has also been linked to the language of the Angels, called Enochian, which was translated 
by the infamous alchemist Dr. John Dee, t he royal astronomer for Queen Elizabeth. Dr.John Dee was a founding member of the Rosicrucian Order, was used 
as a role model for characters in Shakespeare's plays, such as King Lear and has been linked to the sinking of the Spanish Armada by weather manipulation and 
many other myths and legends. 


Adding an interesting twist to this mystery is that the 3rd President of the United States and known Freemason, Thomas Jefferson, travelled to Montuak to 
record, translate and preserve the Montauk language, known as Vril the language of Atlantis from the root language of Enochian, the language of the Angels. 
According to Jefferson upon returning to Washington the manuscript (which including an alphabet and dictionary) he had so carefully transcribed was lost in 
the Potomac River. There seems to be no end to the strange incidents, events and synchronicity involved in the Montauk, America's Greatest Unknown 
Conspiracy, including but not limited to, who actually owns the land of Montauk Point, New York. 


When the Montauk Indians 'sold', (they were told it would be a renewable lease), their rights to Montauk, New York to white settlers the dates of the 
transactions all included three sixes (666 is the number of the Beast, which was Aleister Crowley's calling card). The first transaction took place when they 
'sold' their land to the township of East Hampton on August 6th, 1660. The next deed for Indian occupation of the land was transacted on February 6th, 1661. 
Over the next two centuries there were many legal battles over the true ownership and rights to the land, however in 1910 New York Supreme Court ruled that 
the Montauk Tribe was 'legally extinct' and that the land was the property of the Federal Government. 
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Peter Moon 


USS. Eldridge 


The Philadelphia Experiment, The Movie 


Released in 1984 and distributed by Thorn E.M.I., one of the largest electronic firms in the United Kingdom, after only few weeks in movie theaters across the 
United States it was pulled at the behest of unknown U.S. Government officials. Thorn E.M.I. took the issue to court and won, getting the censorship reversed 
and allowing the movie to be seen by the public but the damage had been done and few movie theaters would touch it, the movie was a financial bust. I have 
watched the movie and must say that I would like to have those two hours of my life back. 


3 
a 
2 





Despite the movie receiving rave reviews by critics, it was a box office flop and only became popular after being released on video. However the synchronicity 
involved with the making of this movie and the characters involved in its production, distribution and story lead even a die hard skeptic to recognize that there 
is more to this story than meets the eye. 
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In 1918, Aleister Crowley (666), at the height of his magical career took a 'magical retirement’ to Montauk Point Long Island, New York, what he did while he 
was there remains a mystery. The Crowley family name, along with the Wilson family name became business partners in the early 1900s England to form a 
corporation involved in the manufacturing of the first electronic instruments in Great Britain used to monitor electric pulsations. 


This corporation merged with other companies in the 1920s to form Thorn Lighting, which eventually became Thorn E.M.I. in 1979. They also have an 
entertainment division which includes music and video publishing and distribution. 


I mention the name Wilson because of the odd connection to other players in this mystery. L. Ron Hubbard's original name was Wilson, as his father was 
adopted at an early age and took on the name of his adopted parents. The wife of Jack Parsons (JPL co-founder), whom went by the name Cameron, her 
maiden name was Wilson. Both her and Hubbard worked for Naval Intelligence and were reported to have been used as spies to investigate Jack Parsons. Jack 
Parsons was a student of Aliester Crowley and member of the O.T.O. (Ordo Templi Orientis), Crowley was purportedly the head of this secret order. 


An interesting side note is the link between Parsons, Hubbard and Cameron participating in a magic ritual known as the Babylon Working which purportedly 
dealt with opening a hole in the space time continuum, a rift to another dimension, which could conceivably allow Alien spaceships (UFOs) to enter our 
dimension. This secret magical 'working' took place in 1946, a year before the infamous Roswell UFO 


crash. Jack Parsons was killed in an explosion in his laboratory in 1952 but neither his wife nor the executor of his will was able to see the body before it was 
cremated. 

Another odd twist to this movie is the reported involvement of Mark Hammil, whom played Luke Skywalker in the original Star Wars movies. Although this 
information cannot be substantiated he was known to be a silent financier of the movie and childhood friends of Preston Nichols and Duncan Cameron. Nichols 
worked as a sound engineer on the movie The Empire Strikes Back. 


Al Bielbek reported to have dealings with Hammel in 1956 in Hawaii, which would make Hammels' far older than what he appears to be. However since the 
movie did involve time travel and part of the Montauk mystery does seem to revolve around this concept perhaps this isn't as unlikely as it seems. 

Of course there is the convoluted story of Mark Hammils' infamous 'car accident’ between the time the movie Star Wars came out and The Empire Strikes 
Back, was made. Starwars.com had this to say about it, "A car accident in early 1977 did extensive damage to Hamill's face, and the actor underwent 
reconstructive surgery prior to filming The Empire Strikes Back." 


After much reading and research about this movie and its connection to Montauk, the only other aspect that I find strange is that normally if a movie is a box 
office flop and actually loses money, a sequel is not made. However with every other bizarre aspect of Montauk, America's Greatest Unknown Conspiracy, The 
Philadelphia Experiment II was made and released in 1994. This movie involves an altered timeline that has Germany winning World War II and America 
being run as fascist military regime by the Nazis. Although, this may seem a fantastic scenario to most Americans it is not without precedence considering the 
information related in my article Nibiru Planet X How the Fourth Reich Plans to Rule the World After the Pole Shift. 


Peter Moon 
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The Black Sun: Montauk's Nazi-Tibetan Connection 


The Nazi Montauk Connection 


The amount of synchronicity involved with the Nazi/Montuak connection is extensive and convoluted to the extreme, whole books have been written on this 
subject and for good reason. I will try to be brief however it is a conspiracy theorist dream come true. 


According to Peter Moon in his book Pyramids of Montauk and The Black Sun, Aliester Crowley, members of the Thule Society (which were instrumental in 
Hitler's rise to power) and the Order of the Silver Star of the Illuminati conspired together in a magical ritual known as the Phisummum in 1923 to create a 
worm-hole for time travel. The Order of the Black Sun and high ranking Nazi officials were the controlling parties of the various powers involved using the 
Spear of Destiny as a magical power Source to travel back in time an retrieve the Holy Grail. 


The result of their magical ritual was a 'time explosion’ that connected to Philadelphia in 1943, Montauk in 1634 and Bannock Hill, England during the time of 
King Arthur and Merlin. It has long been speculated and rumored that Hitler and Nazi Germany were in league with Extra-terrestrials but the identity of these 
Aliens has never been determined. Some sources claim a faction of the Pleadians, others the Alpha-Draconians, while still others the Alderberans. Whatever 
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the case maybe, they did seem to have a leg up on the rest of the world in terms of technology and scientific advancements. Speculation is that this advanced 
knowledge of anti-gravity, weapons, cloning and magical rituals were derived from knowledge gained by German ambassador Karl Haushofer's time spent in 
the Orient and initiation into the Dragon Society of Japan. 


Karl Haushofer, a WW I General and some suspect co-author of Mein Kampf, was a known Bon Priest, Bon is an ancient religion predating Buddha in Tibet. 
The basic principals of the Bon Religion deals with the control of linear time and is grounded in a spiritual connection to nature and Mother Earth. 


A fundamental belief of the followers of Bon was that in their heaven, to which they referred as 'Sridpa Yesang', there were three deities who controlled the 
world. These were Dagpa, Salba and Shepa, one of whom controlled the past, another the present and the third controlled the future. It was they who held the 
key to Bon doctrines and Tonpa Shenrab Miwo claimed to be their earthly incarnation endowed with the power to control the current time. 


The connection to Montauk is interesting from the perspective that a submarine base located at Ford Pond Bay (Long Island, NY) was in operation during the 
WW II within miles of Montauk Point and many eye-witness testimony from the locals puts fleets of Nazi submarines off the coast during the War. It has long 
been speculated that an underground/water submarine base existed in the vicinity of Stony Hill, Amagansett, NY by the locals during World War II. 


During the 1930s the largest population of the Aryan Brotherhood in the USA existed in Yaphank, New York, known as Camp Siegfried (after the Norse God). 
This group promoted an eugenics program of sterilization of inferior races and held what the locals called Bund Meetings and Nazi rallies. Coincidentally the 
infamous Brookhaven Laboratories is located right next door to Camp Siegfried. 


Further speculation has it that late in the War as the Nazi regime began to fall, a clandestine mission was conducted by a Nazi submarine in which gold and 
other loot from the War was buried at Montauk Point to be used by Nazi scientist that would be brought to America through Operation Paperclip. It has long 
been rumored that the Nazi's exchanged three nuclear bombs with America late in the War for safe passage out of Germany by high ranking Nazi officials 
before and after the War, including but not limited to Hitler himself. 


What complicates the matter is that no American doctors or military officials were able to examine Hitler's remains, as Russia was the first to arrive at Hitler's 
bunker and cordoned off the area. Stalin had reported many times in the press of the day, that he believed that Hitler's body was a fake and that his supposed 
death was a Nazi trick. Incidentally, Hitler's autopsy reports weren't released until March 5, 1953, eight years after the end of the War and right after Stalin's 
death, presumably so that he could not shed any light on the details. 


Regardless of whether or not Hitler escaped and lived on after World War II and there have been many books related to this subject, the focus of this article 
Montauk, America's Greatest Unknown Conspiracy is about the known information that involves Montauk Island, New York and how it affects the course of 
human history. 


Montauk Conspiracy 
Brookhaven Laboratory 
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The Relativistic Heavy Ion Collider (RHIC) under construction. 
Brookhaven Laboratory 


The completed Relativistic Heavy Ion Collider (RHIC) on Long Island, New York. 


Montauk Conspiracy 
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It seems clear to this writer that there is an abundance of secret intrigue, disinformation, synchronicity and clandestine operations revolving around the area 
known as Montauk Point, New York. From early historical knowledge of colonial settlers right up to present day, the amount of unusual events, secret societal 
involvement, military activity and local gossip shows that this region of Long Island, New York has more than its fair share of intrigue and speculation. 


What we do know about Montauk, America's Greatest Unknown Conspiracy is that in 1986, electronics expert Preston Nichols announced in Chicago, to the 
dismay of the U.S. intelligence community, his involvement in the ‘black operation' known as Operation Phoenix which might be better known as the Montauk 
Project. Originally this project was designed to utilize the technology and experiments by Dr. Wilhelm Reich. An Austrian scientist known for his discovery of 
‘orgone' energy in the 1940s, which is more closely related to cosmic energy and the Newtonian concept of ether physics. 


Although Reich was able to prove the existence of orgone energy in laboratory experiments and published his findings in scientific journals his ideas were 
scoffed at and ridiculed by his peers. Among his claims was that orgone energy could cure cancer and that it directly affected the weather through what he 
called dead orgone energy or DOR. His research lead him to conclude that storms such as hurricanes, violent thunderstorms and other bad weather were caused 
by high levels of DOR (dead orgone energy). However he also learned that living orgone energy could be found in humans as well, with active happy people 
having more orgone energy than depressed lethargic people. 

He developed a device that could break up DOR in bad weather by connecting it to balloons and releasing them into the weather systems. His experiments 
showed that he could actually dissipate bad weather using his invention. However when he presented this invention to the U.S. Government his research and 
technology was confiscated citing National Security issues. Later all of his research papers and laboratory materials were destroyed by the Food and Drug 
Administration to prevent his discoveries of orgone energy from going public. 

The U.S. Government used his invention, coupled with a device used in the 1920s to collect weather data, known as the metrograph. This device recorded 
weather related phenomenon using a balloon/parachute system. The balloon was designed to burst after reaching a prescribed altitude, deploying a parachute to 
deliver it safely to the ground. Citizens were given $5 dollars (a lot of money back then) to return the device to the authorities. 


The U.S. Government created an invention they called a radiosonde based on Reich's invention and the metrograph. However what was known publicly as a 
device for measuring and detecting weather elements, upon further research has been revealed as a transmitter of weather elements, specifically DOR. In the 
fifties as many as 200 radiosonde's were being used in the atmosphere above America, daily. The device was eventually scrapped after more advanced weather 
manipulation technology was created, such as HAARP. 

So, initially Operation Phoenix began as weather manipulation but it soon took on a much wider scope, when it was combined with Project Rainbow, 
ostensibly to keep the latter shielded from the public. Dr. von Neumann would head up the entire project headquartered at Brookhaven National Laboratories 
on Long Island. He built the first vacuum tube computer at Princeton University to help in this research into theoretical physics and space/tome manipulation. 


What he learned initially as the reasons concerning the failure of the Philadelphia Experiment were due to humans having a time reference point, which is 
altered significantly when surrounded by an electro-magnetic field that essentially displaces whatever is inside it in the space/time continuum or alternative 
reality. His idea was to use a computer to create a false reality that humans could then use to synchronize too when undergoing any further electro-magnetic 
space/time experiments. What he found through experimentation on human test subjects (the general public and selected individuals) was that he could 
affectively control what people thought using the technology he had developed from 1948 to 1967 during Project Phoenix. 


Up until his final report the U.S. Congress had funded this project but upon learning the implications of this technology they ordered the project to be shut 
down, perhaps fearing their own minds would be tampered with and understandably so. However considering the implications for weapons research and 


http://www.zamandayolculuk.com/htmI-3/delta-t_antenna.htm 24/48 


1/14/2019 The Delta-T Antenna 


population control it would be grossly naive to think that this project would end. Enter the Military Industrial Complex and the real intrigue behind Montauk, 
America's Greatest Unknown Conspiracy. 


Amplitron 





With names of devices right out of science fiction the technology was used to create time travel and star gates. 


Thyratron 
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A Thyratron was one of the devices used with the Sage Radar to help with the time travel experiments. 


Montauk Air Force Base 


The Montauk Air Force Base (MAFB) was 'officially' reactivated in 1971 and was the site of a mothballed Sage Radar instillation. Although Congress was no 
longer officially involved in funding the new Phoenix II Project, money from Brookhaven Laboratories was funneled into the project for research and MAFB 
was used for the physical research and for security purposes. A combination of civilian and military personnel were used to work on how the technology from 
the original project could be used for military purposes. 


Essentially they used the Sage Radar antenna as a super radiosonde transmitter to broadcast on a 425-450MHz radio frequency using varying pulsations and 

amplitude to affect different biological functions and thought control. Initially they used the base personal as their first guinea pigs but eventually began 

broadcasting to the general public in the nearby area. They found that they could even affect the behavior of animals in the region, as well. 
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To monitor the results of their ongoing experiments they would use 'sleeper agents’ infused into the local population to report results and spread disinformation. 
Some of the side affects of their experiments was a wide range of abnormalities with electronic devices such as radios, televisions and appliances, including 
turning off or on cars in the area. They compiled a huge data base using different amplitudes, pulse modulations and frequencies and their results. This lead to 
the creation of a control panel with different settings that could be used to create instant results. After three or four years they could control the crime rate in the 
local population, the general mood and even some physical attributes, such as sexual urges or dysfunction. 


However all this was seen as only a general application to a wide physical range, what was needed was a refinement of their techniques, so that individuals 
could be targeting and more control could be exerted. Learning to refine this technology is what created the ability of the people behind Montauk, America's 
Greatest Unknown Conspiracy to open wormholes and time vortexes. 


Using an idea derived and based on applications taken from reversed engineered UFO technology what is known as the Montuak Chair was developed. ITT 
had been working on this idea since the 50s, in which they could read a persons mind and display it on a computer monitor using a similar type chair. The 
Phoenix II Project technicians wanted to use this technology to create a virtual reality machine that would enable one person to broadcast into the minds of 
their test subjects. Ostensibly this would be to allow anyone involved in entering an alternate reality to maintain their zero time reference point and would be 
the first step in making time travel possible, that was the theory anyway. 

Many problems had to be worked out but oddly enough some of the technical issues were solved using Tesla technology form the 30s, known as Delta T (time) 
coil structures. Also Al Bielek got involved to solve some the computer interface issues concerning the pyschics being used in the chairs operation. 


Duncan Cameron 
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Delta T Antenna 





The Delta T Antenna uses the platonic solid shape (building block of the Universe) of a octahedra to achieve it specialized function. 


The Zero Time Concept 
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The concept of zero time can be easily understood if we picture the center of the Universe like a large merry-go-round with many levels or dimensions. At the 
center of this merry-go-round would be a control booth that operates or exists in a zero time capsule and all linear time moves outward from that point. 


The reason I mention this is because for the technology to work properly all aspects of the components including the operator of the chair had to be 
harmonically synchronized to the zero time reference. To do this required that they not only modify the existing technology but also create their own 'white 
noise’ generator as a way of harmonizing all the various technology together. My understanding of this concept is limited but I basically see it as a constant 
wave signal that allows calibration to be achieved. 


However what needs to be pointed out or recognized is that the engineers and scientist involved in the Phoenix II Project or Montauk, America's Greatest 
Unknown Conspiracy did not have the technical sophistication to invent or create a device that could generate a zero point, white noise oscillator back in the 
late 70s. However because they did have access to certain information supplied by 'off world' intelligence's with their own nefarious agenda, they were able to 
‘borrow' this technology without having a complete understanding of how it worked or was engineered. 


Persistent rumors circulated that Aliens from both the Sirius and Orion star systems were involved in the project. Whether their intentions were honorable or 
not, is beside the point, the high degree of technological assistance and theoretical concepts employed in this operation did seem to take a decidedly Alien bent. 
To achieve the successful time experiments desired required technology that simply was not available in the late 70s. What was known as the Orion Delta T 
Antenna was supplied by an unknown source fully functional, as well as a fully functional Tesla Zero Point Time Reference Generator, supposedly invented in 
the 20s by Tesla himself. 


These components allowed the engineers to create a COHO or coherent 'white noise’ oscillator that could be linked to all the other devices and achieve a 
harmonic synchronization with the chair and operator, which would allow the desired time experiments to succeed. 


Preston Nichols & Peter Moon 
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MONTAUK REVISITED 


ADVENTURES IN SYNCHRONICITY 





PRESTON 8B. NICHOLS 


<> & PETER MOON 


Montauk Revisited: Adventures in Synchronicity 


Duncan Cameron 


Duncan Cameron was 'the' main Montauk Chair operator with the most success and was used extensively for most of the experiments in time. Duncan's 
revelations in the books written by Peter Moon and Preston Nichols were paramount in deciphering Montauk, America's Greatest Unknown Conspiracy. 
Duncan is a psychic, employed and trained by either the NSA or CIA in remote viewing techniques, depending on which source your willing to accept and his 
history is full of time travel innuendo, mysterious circumstances and aspects of mind control. However he seems to have a vast knowledge of technology and 
American history that only researchers and writers of conspiracy theory have been able to find. 


The history of the Cameron Clan is extensive and far too broad to be written about here but suffice to say the name Cameron is old, with connections to ancient 
royal bloodlines, and can be found throughout American history as well. It has been reported that their was a Cameron (perhaps named Wilson) on board the 
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USS Eldridge during the Philadelphia Experiment and some speculation is that it could very well have been the same man who became the main Montauk 
Chair operator in the 1980s. 


Whatever the case maybe to this enigmatic character, once he was synchronized to the Montauk Chair, his psychic abilities were increased to a high degree and 
he was able to produce startling results that defy conventional wisdom. Among his outstanding results, if they're to be accepted as real were opening time 
portals, materializing objects by mere thought, feeling through the five senses of other humans no matter where they were on the planet or off, traveling 
through time and space, projecting thoughts into other human minds to the point of controlling their actions and many other similar experiments. 


Once the technological bugs were worked out of the system and a high degree of harmonic fidelity was achieved with Duncan in 'The Chair' it was just a matter 
of fine tuning the synchronization of the technology and testing the limits of his psychic abilities. However as more and more successful 'experiments' were 
achieved, the program began to take on a more sinister agenda. 


At first, this was just experiments that involved controlling inanimate objects and electronics such as switching TV channels in peoples homes, turning them on 
and off and causing them to produce static but then it turned to destroying them, breaking windows, moving objects and destroying furniture and appliances. 
Then it turned even more deadly by using Cameron to influence peoples thoughts by directing them to commit crimes sprees and engage in odd sexual 
behavior. The truly sinister aspect of this was that the minds of those he engaged in these experiments would have no memory of the actual events, it was very 
deep form of hypnotic mind control. 


One result of these experiments that showed some potential that the Military Industrial Complex wished to explore was the phenomenon involving displaced 
time. It was found that Cameron could think of an event taking place or an object materializing and then that event or object would appear before he thought of 
it or sometimes many hours or days after he thought of it, even when he wasn't 'plugged into the Chair’. This lead to creating programs based on the recorded 
data supplied by these experiments, so that eventually they didn't even need Duncan to be 'plugged in' to produce the same results. 


Because of the nature of these experiments and technology required a high degree of 'secrecy' an underground complex was built beneath Montauk Air Force 
Base at Camp Hero, New York. However the construction of this base did not go unnoticed by the local population as tons of earth and large boulders began 

appearing along the coastlines of Montauk Point without any known means of arrival. The odd behavior of the locals and clandestine comings and goings of 
personnel began to become transparent and reported, this lead to a sophisticated disinformation campaign that still exists today. 


Time Portal 
This excellent illustration exemplifies my concept of what a Duncan Cameron created time portal may have looked like. 


Time Portal 
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Now, solder the BNC connector, making sure to seat it fully into the board. Solder the two small wires 
and the two support pins. 


The support pins may require longer time, increased temperature or a larger soldering iron to properly 
solder. 
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ENTRANCE TO WORMHOLE EXIT OF WORMHOLE 


OUR UNIVERSE OTHER UNIVERSE 


From the article How to Build a time Machine by Stephen Hawkings, well worth the read. 
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Preton Nichols & Peter Moon 





Encounter in the Pleiades: An Inside Look at UFOs 


Experiments In Time 


Once the advanced Alien technology had been integrated into the system and tested in 1980, the experiments began to concentrate on space/time and less on 
mind control. However because of the nefarious mind control experiments and time travel implications a secret group within the Phoenix Project decided to 
implement a ‘fail safe procedure' just in case things got out of control, in hindsight this turned out to be a wise precaution. 


The time experiments began by having Duncan concentrate on a specific date and year while the zero point time generator kept him located in his own time. 
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After many experiments and testing he was able to produce a window in time or what was labelled a 'time portal’ in which viewers were able to look into the 
future and the past. Eventually he was able to open a dimensional doorway that linked two time periods together in which humans could actually walk through 
and return . . . sometimes! 

However since this was in essence untested waters and there was never a shortage of homeless people in New York City, the first guinea pigs used were the 
indigent and poor, after all no one would miss them and it wouldn't arouse suspicion if they were lost in time. 


Before these actual time experiments took place however secrecy was amped up to a new level and all non-essential personnel were removed, this included the 
military. This was done by reporting to the Military Industrial Complex hierarchy that the time experiments were a failure. This is a common tactic used by The 
Powers That Be whenever they steal technology from inventors or scientist, they merely publicly term the invention or technology a failure, hire experts to 
write scientific essays on why the technology cannot work and promote it through the Fake Stream Media. 


This tactic can also be used to make people disappear by faking their deaths and having the media report it as fact. As long as the body cannot be identified or 
witnessed, none is the wiser. This is why the suspicious death of Jack Parsons has been questioned as well as other notable instances such Osama Bin laden and 
the Seal Team that dispatched him . . . dead men tell no tales. 


Once all the personnel were removed and replaced by other agents, the only remaining people were those that had specialized knowledge that couldn't be easily 
replaced. However certain mind control techniques were used on these remaining personnel so that they would have no memory of what they were working on. 
This lead to the phenomenon of 'missing time' which to most people makes them question their own sanity. Having experienced this phenomenon myself I can 
tell you it is quite disconcerting and very difficult to relate to anyone else. The best way to describe it would be to waking up fully clothed and have no idea of 
how you got there, with your last memory of being somewhere else (location) in time. 


All of this information is known because Preston Nichols was one of the specialized engineers that worked on and created many of the technical devices used 
in the experiments and he had become good friends with Duncan Cameron. Duncan had a direct mental link with the time events taking place and would often 
have an out-of-body experience while plugged into the chair. Of course their daily memory would be erased and replaced with other memories so that they 
‘thought’ they were going to work in one place and returning home, completely unaware of what they were really doing. 


After all these precautions were in place, a new name was used for the ongoing experiments, it was now called the Phoenix Project III. They began cataloguing 
different eras of time and space, by sampling the environment using automated devices, such as robots, drones and sensors. The tunnel or time portal was 
described very much like the stargate animation shown in the popular TV series Stargate, as it twisted and turned surrounded by wormhole like lights and 
elements. 


As long as the power remained on and no 'glitches' occurred during the transmission a portal would remain open on the other end and the robotic sensors could 
return with their collected data. After 'using' and testing many involuntary (homeless) subjects, sometimes by force, with various degrees of success, the project 
began using time operatives to conduct missions. These operatives would have advanced video equipment, sensors and cameras that would report in real time 
what they experienced while on their missions, so that their controllers could see what they were seeing and evaluate the data without having to rely on 
individual reports. A vast catalogue of videos were created using this technology. 
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Besides the normal operatives, children were used as well and according to Duncan and Nichols and every one of them was sent to a specific date and time in 
the future (6037 A.D.) as an initiation process, before their first mission. Why this was done remains one of the many truly bizarre mysteries revolving around 
the Montauk, America's Greatest Unknown Conspiracy. 


Both Cameron and Nichols estimate that as many as 10,000 people were sent 200 to 300 years into the future never to return. However much of the 
experiments in time revolved around both World War I and World War II. A secondary vortex was also used in conjunction with the first that would allow the 
controllers to beam, through sophisticated computer technology a television signal into the past or future that could be viewed by any with the same 
technology. 


One of the most interesting aspects of this technology was the reported time travel to other planets in the future as well as the past and the exploration of the 
Pyramids on Mars or Face of Cydonia complex. 


Mars Mission 


In a nutshell, The Powers That Be, the true hierarchy behind Montauk, America's Greatest Unknown Conspiracy knew beyond a shadow of a doubt that the 
Face of Cydonia Pyramid Complex had been created by an ancient sophisticated race of Aliens and wanted any technology that still existed there. According to 
both Duncan and Preston this information was known and considered a foregone conclusion. 


To reveal to anyone how this information was obtained would require divulging their 'ultra-secret' space program that had been in existence since at least the 
early 60s, they used a time tested form of disinformation through ridicule, censorship and silence pertaining to any information that might reveal that the Face 
of Cydonia and surrounding area, was in fact a large pyramid complex. 


However, because The Powers That Be assume the public is stupid and can't help themselves from rubbing our noses in our own stupidity, they allowed a docu- 
drama called Alternative 3 to be aired once on British Television in the late 70s that described how the United States and Russia had set up jointly run military 
prison bases on both the Moon and Mars. These bases were initially designed to allow the rich elite, 'themselves', to flee the Earth in case of any catastrophic 
Earth Changes that would take place in the near future . . . such as a Polar Shift. 


The bases also served as means of exploring both planets or moon in hopes of recovering any Alien technology left behind by advanced races. The base on 
Mars was located near the Face of Cydonia and is the main reason the Mars Rover was not sent there, later. However in the early 80s after twenty years of 
trying to get into the pyramids on Mars using various mining techniques and explosives with no success, they decided the Phoenix Project would solve their 
problems and gain entry. 


Although both Duncan and Preston vaguely remember planning a mission to Mars they can't recall much else about it. Duncan was able to remember 
penetrating the main pyramid 125,000 years into the past and 'seeing' operating technology which was part of what he called "The Solar System Defense 
System". The Powers That Be were desperate to have this automated system turned off but he could not recall if they were successful. Some speculation is that 
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this 'Defense System' may be preventing The Powers That Be from leaving the planet en masse and could be the reason no ‘publicly known' manned missions 
to other planets or the Moon have been accomplished since the Apollo mission in the early 70s. 


Philip K. Dick 


It is interesting to note that two of Philip K. Dick's novels, The Man in the High Castle and We Can Remember It For You Wholesale have inspired the movies 
Philadelphia Experiment II and Total Recall, respectively, both pertaining too the Montuak Project. 


While researching this information I have learned that 11 of his 44 novels have been made into movies, all of which deal with alternative realities. Of course, 
Do Androids Dream of Electric Sheep (Blade Runner) is the most famous of these. 


Duncan's Beast 


This is one of the photos of Duncan Cameron's subconscious Beast. 


The Montauk Project Gets Shut Down 


On August 5, 1983 the operators of the Montauk Project were given orders to turn on the chair, transmitter and time machine equipment and leaving it running 
until further notice. After a week of running continuously, August 12, 1983, exactly forty years to the day from the Philadelphia Experiment, August 12, 1943, 
the equipment lurched into high gear and became synchronized with another power source. When this happened a time portal opened back into the past and the 
USS Eldridge could clearly be seen at the other end. 

Due to the nature of their research and experiments the operators of the Montauk Project had learned that the Earth went through a cycle of twenty year 
biorhythms which made opening time portals easier when one used these cycles for time travel. Even Duncan Cameron could be seen on board the Eldridge 
and some of the operators began to get worried that some boundaries had been crossed and that a paradox could upset the nature of time itself. 


Fortunately a select few operators that still remained from the original crew had created a fail -safe countermeasure if the project needed to be terminated 
without prejudice. Duncan Cameron was given the code words, 'The Time Is Now' and Cameron let loose a beast from his subconscious mind that showed up 
literally as huge beast somewhere on the AF Base. This monster, perhaps powered by the huge amounts of energy coursing through the time portal, began 
destroying everything in its path. Photographs of this beast were taken showing it actually existed. 


The supervisor of the operation fearing the experiment was out of control and not knowing what a time explosion could do ordered the technicians to shut 
down the equipment, which they did, to no avail. The two time periods seemed to be fused together in loop with energy cascading out of control. It was decided 
that both transmitters had to be destroyed for the link to be severed, so someone would have to go back in time and destroy the one on the USS Eldridge, this 
would be one way ticket, there was no coming back. 

Preston Nichols and the Supervisor began pulling wires on all the equipment, using an acetylene torch, Preston was able to cut through live wires and still the 
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transmitter stayed on. A permanent time portal had been created using the USS Eldridge and the Montauk Project. The operators panicked and began smashing 
equipment and cutting wires, still the portal remained. Nothing they tried seemed to work, they ran to the transformer farm above ground and cut all the power 
cables leading underground and still the portal remained. 

They cut all the power cables leading from the power station in town to the AF Base, and the lights of the base shut off and even the computer link-up yet the 
portal remained open, the energy seemed to be growing. They ran to the transmitter station and cut all the power cables there, the lights went out but the 
transmitter remained operating, they were getting desperate. 


Finally Preston took his acetylene torch and began cutting the actual (hot) transmitter machine into pieces, he cut the conduits, he cut the cabinets, he cut apart 
all the moving parts. The machine groaned once like a dying beast and stopped, the time portal collapsed and the beast from Duncan's subconscious mind 
disappeared, it was over. 

From that day forward, August 12, 1983, forty years from the Philadelphia Experiment failure, the Montuak Project shut down . . . or did it? The personnel 
were debriefed, their memories erased, the base was abandoned and fenced off. Eventually some memories did re-surface but more questions remain than 
answers. 


Time Travel 
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Wormholes through the 4th dimension could be used for more than just 'time travel’ by linking planets and destinations in fixed portals. 


Conclusions 


While the amount of truly bizarre synchronicity (coincidence) involved in Montauk, America's Greatest Unknown Conspiracy can only be fully appreciated by 
reading Preston Nichols and 


Peter Moon's books, I hope that I have shown the reader that there is more to this story than meets the eye. Without the courage and dedication shown by Peter 
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Moon, Duncan Cameron, Preston Nichols and even Stewart Swerdlow to reveal this mystery to America and the world, I doubt if any of this information would 
have seen the light of day. 

All that being said, I think the most significant information outlined here is that, some secret group (The Powers That Be) have conspired to create technology 
that would allow them to travel through time and space. We may never know their true intentions or even any of the results of their experiments but it seems 
clear to this writer that even our own Government (Congress) sanctioned these experiments up to a point. 


What should be carefully thought about and considered is that if, in fact, any changes were made in the past due to these 'experiments in time' it could very well 
have already affected the lives of every man, woman and child living on this planet today. 

This should not be taken lightly as we may already be living in an altered timeline, without even realizing what affects it may lead too nor anyway of knowing 
or recognizing the profound changes it could have to our very existence. 


Without a doubt the decisions of a select few could very well have plunged humanity into a future that was never meant to be, while keeping the billions of 
people that live on this planet completely in the dark. However since there is no point in worrying about events we have no control over the main point of this 
article is awareness, consideration and planting the seed of knowledge. 


Putting the nefarious experiments aside for a moment, it seems clear that a form of mind control was practiced on American people, with startling results. The 
implications of Nazi collusion in technology, should also raise an eyebrow or two, however I barely touched on that aspect in this article. The technology and 
science alone that resulted from these experiments, if shared with the world, could open avenues of research that could potentially solve some of the worlds 
energy problems and even perhaps clear up some of the more profound mysteries of our ancient history. 


Consider for a moment a device that would allow children of all ages and even adults to explore our ancient past without ever leaving the confines of their 
homes. Think of the implications towards a better education of not only our history but the history of our entire Universe. Think of using a wormhole for travel 
to other parts of the planet or planets within our solar system as easy as walking through a door. 


When mankind begins to create a new paradigm built on giving, unconditional love and cooperation we could use this kind of technology to vastly improve the 
lives of every man, woman and child on the planet. While this idea may seem naive to the reader, consider how far the human race could be in terms of 
spiritual, scientific and technological advancements if we could temper our competitive nature, get over our differences and embrace our common heritage. 


People say that War and violence is human nature but I disagree, children have to be taught this kind of behavior. Raise a child or even a pet just on love, with 
no harsh words, no physical discipline and no references to violent behavior through books, TV or movies and you will see a being that knows nothing but 
various degrees of love. 

While this article Montauk, America's Greatest Unknown Conspiracy may have revolved around the selfish decisions of a select few humans to control and 
influence the masses, perhaps the Greatest Unknown Conspiracy should be why Unconditional Love is not recognized as the most powerful force in the 
Universe. 


THE PHILADELPHIA PROJECT PROJECT RAINBOW AND THE USS ELDRIDGE 
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In July 1943, the destroyer U.S.S. Eldridge pulled into the Delaware Bay area for a United States Naval experiment that involved the task of making the ship 
invisible. The project's official name is Project Rainbow, but was nicknamed and more commonly known as the Philadelphia Experiment. Much has been 
written and speculated about the legendary experiment into invisibilty, but sorting fact from fiction is a near impossible task, especially with the recent influx of 
misinformation and deliberate disinformation that has been spread by those connected to the U.S. Intelligence community and professional skeptics. 


There is much controversy over what exactly happened, but one thing is for sure. For some reason, soon after the test was completed, a massive blanket of 
secrecy and denial was placed over what happened in Delaware Bay. It is thought that a huge scientific breakthrough was made, and the ship was accurately 
transported over space and time, disappearing in Philadelphia, Pennsylvania and reappearing in Norfolk, Virginia. Whatever did happen is still not known, but 
different theories are discussed below: The "Official" Navy Record The Navy admits that the U.S.S. Eldridge took part in an experiment that involved 
wrapping wire around the hull of the destroyer in an attempt to cancel out the magnetic fields of the metal on the ship. This is known as degaussing. This would 
render the ship "invisible" to underwater magnetic mines that rely on proximity sensors to trigger the detonation. 


These sensors operate by detecting magnetic fields around ships. Without the magnetic field, the ship would be able to pass through regions mined with these 
sensors, invisible to enemy mines, but not to radar or vision. The Navy's report is very plausible, and doesn't mention any exotic results or circumstances. But 
could this just be a believable account to drop the interest by the general public, leaving only the true minority of investigators in doubt? Physical Invisibility 
Some scientists have developed the theory that the Navy was working on a way to make the ship invisible to vision. However, it didn't involve warping space 
time or any complex task of a similar nature. This theory suggests that the Eldridge was equipped with high frequency generators that would heat up the 
surrounding air to cause a mirage, making the vessel invisible. This phenomenon is naturally occurring, and there have been cases where entire islands have 
disappeared from view in the right weather conditions. The high frequency generator would heat up the surrounding air and the water (creating a green-colored 
fog that was said to have engulfed the ship), causing a mirage to form, concealing the ship from view. The generator would also account for the sickness 
(physical and mental) of the crew after the experiment. 


A high freqency generator can cause serious harm to a person's wellbeing, especially at close range. This is more plausible than the degaussing theory, and 
would also explain the crew's sick condition as a result of the test. The main problem with these theories though, is that it doesn't explain how the U.S:S. 
Eldridge was seen in Norfolk, Virginia by the civilian crew of the SS Andrew Furuseth, when the ship disappeared from view in Philadelphia in a space of only 
about fifteen minutes. There are also details such as crewmen being fused to the hull of the ship and some not even reappearing. Transported across space and 
time? The most interesting theory about the Philadelphia Experiment is that the destroyer did in fact disappear and was teleported across space and time. 
Supposedly, there was a great number of ingenious scientists (including Tesla and Einstein) that were taking part in the experiment. However, Nikola Tesla was 
supposed to dead at the time of the Naval experiment. The theory is that light has to be bent around the ship to make it invisible. To accomplish this, the Navy 
wrapped the ship's circumference in wire and passed a measured current through it. This caused a huge oscillating magnet to form a magnetic field around the 
ship, not only bending the light, but space and time as well. The physics of the experiment are reminiscent of Einstein's Unified Field Theory that once you 
bend light, you are also unwittingly bending space and time as well. 


The first time this experiment was undertaken, the ship didn't completely disappear, and an imprint of the hull could be seen sitting in the water. The second 
time, the ship totally disappeared in a green fog and was sighted in Norfolk, Virginia. A haunting fact is that when the ship reappeared, the crew were all in a 
state of disorientation. Some were mentally ill, while other crewmen didn't even return. There were also crewmen that returned embedded in the hull. Later 
accounts arose about the crewmen, including a former crew member who was involved in a bar fight, and all the participants froze in time, as reported by a 
local newspaper! There were also accounts of people who were on the ship, spontaneously combusting. The mystery remains It is still not known what 
happened that day in 1943, mainly due to the lack of witnesses coming forth who served aboard the Eldridge. There is also no documentation available to the 
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public which details Project Rainbow. It may have simply been a degaussing experiment. But how did the destroyer appear seconds later in Virginia? Its 
possible the answer will never be known, but the mystery may be solved when scientists rediscover what happened in Delaware Bay. 


Camp Hero: Mind Control, Time Travel & Reptilians 





The following information is an update to a post from January 2012: 


Montauk, N.Y. — like Area 51, written about in Annie Jacobsen’s book Area 51: An Uncensored History of America's Top Secret Military Basethe Montauk 
facility has been the center of an otherworldly conspiracy theory for decades. 


Believers say that people were kidnapped at a U.S. Air Force base and subjected to mind control and time travel experiments. And extraterrestrials somehow 
had a hand in it all. 


But nobody has been able to actually prove these allegations. And all that’s left of the Montauk facility — currently a state park — are the above-ground 
remnants of the original Air Force base. According to a document issued by the Air Force Historical Studies office, the Montauk base, known as Camp Hero, 
was decommissioned in the early 1980s. 


Montauk is a small seaside resort town on the tip of Long Island that draws vacationers to its shores every year. Camp Hero, located a short distance outside of 
Montauk, has roots as far back as the Revolutionary War, during which it was used to test military cannons. Later, during World War II, Camp Hero served as a 
coastal defense installation against any possible Nazi intrusions into America. 


Montauk Chronicles follows the story of three men, Alfred Bielek, Stewart Swerdlow and Preston Nichols, who claim that Camp Hero ended up as an 
underground site for scientific atrocities. 
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Bielek, a retired electrical engineer, maintains he was part of the mysterious Philadelphia Experiment, where in 1943, the U.S. Navy allegedly tried to make a 
small destroyer undetectable to radar. The test ended in disastrous results, including the ship disappearing from the Philadelphia Navy yard and — purportedly 
— traveling through time. 
The Philadelphia Experiment: Invisibility Time Travel and Mind Control - The Shocking Truth- Al Bielek 


According to Bielek’s story, he was transported ahead in time from Philadelphia, and extraterrestrials were responsible for the technology used in the 
Philadelphia Experiment. He also maintains he was recruited in 1970 to work on mind control and time travel projects at the Montauk facility. 


Swerdlow’s story involves being kidnapped as a teenager from his Long Island, N.Y., home, taken to the Montauk base, and subjected to a variety of 
experiments. 


“Beatings, a lot of torture, electrical shock, burials, near-drownings,” Swerdlow said. “They’d bring you to the point of death, and then they would save you, 
and the person doing this would be your rescuer or god, and would say, ‘I’m the one that saved you and remember that.’ And that became your handler — your 
programmer.” 

Swerdlow recalls being part of some horrific experiments while at the Montauk facility. 


Montauk: The Alien Connection- Stewart Swerdlow 


“The walls were very damp, oozing water, so it appeared to be deep underground or even underwater. I was always on this cold, hard table. Sometimes there’d 
be other people around, either my age or older, and electrodes were put into me and injections.” 


All three men claim to have seen extraterrestrials while at the underground Camp Hero facility. 


“Well, there were quite a number of aliens at Montauk,” said Bielek. “Some were there on a semi-permanent basis. A lot of them were just visitors that came in 
and looked at what they wanted to see and went back home. 


“There were little grays there, which I suspected were degenerated humans from out of the future. Large gray aliens (which are a different species) were also at 
Montauk, and they were highly intelligent.” 


Nichols, like Bielek, was an electrical engineer, who says he worked with Bielek in the mind control and psychic aspects of the Montauk Project. 


The Montauk Project: Experiments in Time- Preston B. Nichols 


“There were definitely alien beings at Montauk,” Nichols said. ““We had the little grays and the larger grays as well as a variety of reptilian beings. The large 
grays didn’t want anything to do with me because they couldn’t reach me telepathically. When I entered a room they would leave. 


“They were the strangest thing that I ever saw. At that point, I was beginning to doubt my own sanity.” 


And Swerdlow also saw an alien presence at Montauk. “Most of the time my interaction was with human beings, but I did come into close contact with alien 
beings. 
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“T did see, occasionally, intelligent reptilian humanoid beings as well as gray aliens who were once human beings but were physically altered as a result of 
degeneration and radiation toxins in their system. Most of them communicated with mental telepathy.” 


Garetano shot much of his film at the actual site of Camp Hero. - Lee Speigel - Montauk Project: New Film Takes On Allegations Of Mind Control, Time 
Travel And Alien Encounters At Military Base - THP 


Montauk Mind Control Victim Interview 
An exclusive interview with Andy Pero, survivor of a secret mind control project aimed at creating the super soldier with psionic abilities. 
By Eve Frances Lorgen, M.A - 


Andy Pero was unwillingly subjected to a mind control program off-shoot the Monarch Project-a trauma based mind control program similar to what Cathy O' 
Brien describes in her autobiography by Mark Philips, "Tranceformation of America". 


Andy Pero claims to have been created through a combination of genetic manipulation, trauma based mind control and Silva Mind Control training resulting in 
superhuman feats and psionic abilities. In addition to this, Mr. Pero alleges to have been unwittingly used in covert assassinations as a Manchurian Candidate 
and also in missions connected to the Montauk Project, such as time travel. 


Andy Pero first went public with his story in August of 1998 as a special guest of Preston Nichols while at a lecture series hosted by Bob Eure of Philadelphia, 
PA. I was so astounded with Andy's testimony, that I interviewed him personally so that his story could be shared with readers of Unknown Magazine. For 
those who are unfamiliar with me, I have worked for ten years investigating and counseling UFO experiencers, abductees and occasionally survivors of various 
forms of anomalous trauma, such as ritual abuse and mind control. Because of my background in alien abductions, paranormal, the occult and anomalous 
trauma, I recognized Andy as an extraordinary survivor of trauma based mind control, one whose story should not remain hidden: 


EL: Andy, where are you from originally and when did your training begin? 


AP: I was born in Fallon, Nevada in November of 1969. My father was a Lieutenant Commander at the Fallon Naval Air Station in Nevada at the time. I 
believe my first experiences began by the time I was two and a half years old. At five years old my family lived in Munich, Germany and I remember attending 
two distinct Kindergarten classes, on in German that was located on or near McGraw Army Troop Army Base, and another Kindergarten in English. 


I have flashback memories of torture sessions as early as age two where I was subjected to shock treatments with needles inserted in my ears and genitalia. 
What they (the controllers/handlers) do is use extreme trauma to separate the mind from the body. They do this to split the mind into several parts that can later 
be programmed to do things-like superhuman feats. Basically, they disconnect all of the normal human brain impulses, emotions and whatever is normally 
present, then reprogram in new ones. They do this to remove all fear, so that when they program in new abilities, you will not have the instinctual, "but I can't, 
I'm afraid..." response. They program you to do, not think. In essence, they treat and program your mind as if it was a computer. 


EL: Who are the people running these secret programs like the Monarch and Montauk Projects, and where do they conduct their activities? 


AP: Our own government. One of my handlers-who tried to brainwash me into believing that he was my father--was basically a Nazi. I nicknamed him Adolph 
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because he is very Aryan looking. 


After WW2 many Nazi scientists were brought over to the US through our own Intelligence community who formerly worked in mind control research in the 
concentration camps. I believe they are a remnant of the Nazi party working in conjunction with different branches of the US government and the military. 


Much of my training and torture sessions were done right at the University of Rochester, NY. They used to take me to a private room in the attic or top floor of 
the library. The big lab where I had most of the programming done to me was at the Rome National Air Base in Rome, NY. I have also been used in the 
Montauk chair while at Camp Hero, Montauk, L.I. and also in a chair in Atlanta, GA at Dobbins Air Force Base. 


The Montauk facility located in Camp Hero, L.I. was reopened by the Department of the Navy and is active to this day. 


Basically there are underground bases located across the country. Each one has a different function and specialty. There is a facility in Rochester, NY, Paramus, 
NJ, Dobbins Air Force Base in Atlanta, GA, Camp Hero in Montauk, L.I. and many others. In the Paramus, NJ facility is where they do the sex programming 
for many of the female agents. For the most part, 99% of them are involuntary sex agents and couriers who were raised in various mind control projects. 


EL: What were some of the things the mind control programmers made you do? 


AP: I remember my mother enrolling me in a Silva Mind Control course when I was ten. It is a type of self-hypnosis where you learn to go to different levels of 
your mind to do self-healing, relaxation, visualization, bending spoons with the power of your mind, things like that. This is also the time when I saw two 
peculiar military men, who would periodically visit me throughout my childhood, especially sporting events. I did exceptionally well at Silva Mind Control 
(and sports), so much so that the two military men approached me and said, "I hear you have some very special abilities. Someday you will work for us." At the 
time I didn't understand, but later the two men figured prominently in all the training I had up all the way through my college years. Of course I didn't realize 
this until my memories came back. I did very well at sports and demonstrated a genius IQ, but I stuttered so badly until I was in my twenties, that everyone just 
thought I was a dumb jock. The stuttering was due to all the electroshock treatments. 


I recall being subjected to electroshock numerous times, being placed in an enclosed water tank and told to breathe underwater. Consequently, I drowned 
several times and would revive because of my self-created healing pool in my mind. I learned to create my own mental laboratory through Silva Mind Control, 
replete with a super powerful healing pool that could heal any injury. I was forced to endure suffering beyond belief to accomplish superhuman feats of 
strength and survival. 


EL: Tell me more about the various superhuman abilities you discovered you had. 

AP: The trainers would put me into a trance whereby I'd be told I could jump off a ladder of minimal height. In my mind, I believed that I was only jumping off 
a footstool or a short ledge. In actuality, I was progressively led to jump higher and higher heights to the point of successfully jumping off buildings and even 
out of planes without a parachute. 

When under mind control, I could do whatever I was instructed to do as long as I believed them. I would do 200 or more push ups in perfect form, sometimes 
as long as a half hour straight, or until I was told to stop. I weight lifted 545 Ibs.on a barbell and squats while attending college and much more (500-1500 Ib.) 
while I was under the mind control in the training laboratory not far from Rochester, NY. 


In my jumps, it was as if I was falling like a cat, calm and cool with no fear, focusing like a laser only on the landing. 


EL: Are there others like yourself who have had similar training and experiences? 
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AP: I think there are thousands of other children and people who are used and many end up missing. Many die in the process. They are considered expendable. 
The ones who can survive the most rigorous programming live on to become what are known as the Montauk boys. Duncan Cameron is such a person. In 
general, the boys and young men are trained to be couriers, assassins and super soldiers and even psychic killers. The women are mostly used as sex agents. 
Cathy O' Brien's story is an example. 


EL: What kinds of special missions or time travel experiments do you remember taking part in? 


AP: There were times I remember being at the small Rochester airport, being picked up in an F-16 fighter plane and ending up in some southwestern desert 
terrain either for special military training and obstacle courses or assassination missions. I remember seeing other men in black t-shirts and pants on the same 
training course at one time. Other times I found myself on some aircraft carrier out at sea. After the mission they would take me back and I would return to 
college after a couple of days or even hours not remembering what even happened. All of these missions were done between the time I was 15 years old and 
until 1988-1992 under deep hypnotic programming with the memories erased, until of some of my memories started to return. 


I was also taught to handle various types of guns, loading, cleaning, special characteristics of each model and firing at exact targets repeatedly and perfectly 
without thinking, just doing. 


EL: Tell me more about your involvement in the Montauk Project. 


AP: I was involved in an off shoot of the Montauk Project called the Montauk chair. Basically the Montauk chair was developed to give the human and spirit a 
zero point of reference to facilitate time travel. What the chair essentially does is separate the mind from the body. The chair operator's thoughts and vibrational 
energy is picked up by umbrella looking antennas above the chair, sent to a computer, over to a processor, then amplified several hundred times. The 
information is sent to a network of free energy crystals arranged in a circle. Then whatever thoughts were amplified, i.e., a time period, a wormhole would open 
up in the room. The wormhole was as large as 16-18 feet across and even large enough for a truck to go through. 


In Camp Hero, Montauk, the location is the cross hairs of the earth's biorhythms and is the point on earth where time travel is most easily accomplished when 
earth is the point of origin. 


My part of the Montauk chair project was to use my focused visualization skills to think of specific time points in history that were assigned to me. The chair is 
connected to a sophisticated computer system and thought amplifier, such that when a thought or time period is visualized, the computer simulates a time portal 
based on that point in time. A series of time portals are done until a library of time periods and portals are accumulated. 


The chair is also used to amplify extremely focused thoughts to create three-dimensional materializations based on the operators thoughts. Preston Nichols 
wrote several books on the Montauk Project and describes an incident in which Duncan Cameron created a monster while in the Montauk chair. 


One such time travel mission was called Project Southern Cross. It was used to win WW2 in favor of the allies. What the US government did using time travel 
was to go back in time to the 1940's to help us win the war. We would deliver communication devices, weapons and technologies made out of 1940's parts. 
These would be delivered to the 1940's along with a complete set of drawings on how to make them out of 1940's parts. I took part in several of these 
deliveries, one time I was sent to Germany and another time to England. I was not allowed to speak to anyone, other than deliver my parcel and quickly return 
back to our time. And this was all done under deep hypnotic programming, so I didn't have a lot of freedom to explore. I was gone no longer than two hours for 
the deliveries. 


EL: Have you ever encountered any extraterrestrials or seen any aliens in any of your underground base memories? 
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AP: From what I understand the Department of the Navy made an agreement with the alien Greys to exchange technologies for human women and children to 
conduct horrific breeding experiments. This is what is going on right now in an underground base not far from Miami, Florida. One of my most disturbing 
memories is being escorted down a hallway in this underground lab and seeing cages of chickenwire fencing with women and children screaming for help. I 
have seen Grey aliens (the 4-foot tall ones with large black eyes) and also 7-foot tall reptilian beings in some of my experiences. I have been told that I have 
many children from alien breeding experiments. I have had abductions with the Greys also. 


On one occasion I was introduced to a Reptilian being while in an underground base sometime in 1989-90. At first I saw a 7-foot tall human Ayran looking 
man. He walks towards me and I notice that his image phases out as if something interfered with an energy field. He does something to a device on his belt and 
tells me, "OK, I'll show you." He then pushes some button and then I see his image change into a 7-foot tall lizard like creature who looked like he weighed 
over 400 lb. 


I was introduced to a group of beings that claimed to be a sub group of the Iluminati. They were made up of a group of about 40-50 men, all 6' 2" or taller, 
white, and of an indeterminate older age, averaging 70, but I suspect much older considering the technology they have access to. They convened in a 
boardroom that I believe was in an underground base, perhaps Camp Hero, Montauk. They sat around a large football shaped table made of wood. Each high 
backed chair had a light at the tip and each sitting had a TV type of screen and control panel that came out >from the table. There was a huge screen located in 
the front of the room as well. I have reason to believe that not all of the I!luminati are human, but in actuality are alien beings that appear to look human. 


EL: Who or what groups do you think are running the show here in the US or even on Earth? How do the aliens fit into all of this? 


AP: It is very complicated, but basically there are four main versions or groups of the New World Order, all with slightly varying agendas. The first group 
comprises the US and Western Europe (i.e., England, Germany, France and the US). The second group is Eastern Europe fused with Western Europe and the 
US. The third group is the countries of the Orient, and the fourth is the Middle Eastern-Saudia Arabian elements and all the oil money. There are also off world 
groups (aliens and future human Nazi's types called Zardanians, Reptilians, Greys and Dracos) who also have a hand in the NWO plans. For the time being, the 
old money groups of Europe and England have teamed up with die hard Nazi factions, Jews and Americans forming the group that has been always been 
known as the Illuminati and affiliated secret societies. This large international group controls the media, police force, military, etc. The Illuminati is also part of 
the NWO plan, which includes members such as George Bush, Prince Charles and other high ranking people. 


As for the aliens, I think most of the alien Greys are either under the authority of or in collaboration with the Reptilians, Dracos and the Illuminati, based on 
some of my experiences and memories that are still returning to me. Some Grey groups are in conflict with the Reptilian/Draco agenda and are doing their own 
thing (human/grey hybridization programs) so to speak. Their agenda gets into heavy spiritual matters having to do with acquiring an emotional body and an 
ability to ascend to higher dimensions. They are using humans to accomplish this via the human/alien hybrids. Humans have the key in terms of having a 
threefold essence or unity of being, physical, emotional and spiritual. Other aliens have lost this unity of being (because of the fall from grace), thus inhibiting 
them from ascending to higher dimensions, or evolving to higher levels. This gets back to the original Luciferic rebellion, fallen angels and the various 
conflicts between species. 


EL: When did you start remembering your memories? How did or can you break the programming they install? 


AP: Some of my first memories surfaced while I was living with a roommate in Atlanta, GA back in 1996. We went to the bowling alley and I saw a large sign 
in the shape of a man dressed like a Rhino advertising, "Bowl with Rhino balls." This triggered me into remembering that "Rhino" is the name my Nazi 
handlers called me. My roommate overheard me say outloud, "I'm Rhino-they called me Rhino." He got excited and immediately asked me, "Where did you 
hear that?" He had a grave look of concern on his face and kept questioning me. By his reaction, I realized later that all along he was one of my hired 
programmers and handlers. The initial triggered memory that surfaced was a flashback of me being electrocuted and shocked and screaming in pain in one of 
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my numerous torture sessions. 


Then after that first memory, other memories started leaking through. It was like my mind was dammed up and the subconscious memories were starting to 
leak through. My mind controller programmers deliberately built a wall around my memories so that I wouldn't remember. When I started recalling bits and 
pieces, I'd write notes to myself and hide them. Then I'd find my notes, after I had forgotten everything because my roommate was catching on that I was 
remembering. So he would repeatedly put me in trances, erase my memories and I'd forget what I had just remembered. But then everything came crashing 
down, because I deliberately hid notes and pretended that I didn't know to my roommate. I had thought he was a friend and it turned out he was just hired to be 
another controller and handler to keep me in the program. 


I recall that in the past I did not even remember my dreams for ten years. But now things are coming back. I am working on purifying the body to help clear my 
mind and get my abilities back. 


EL: How do they keep control overall these people who have been and are still in mind control projects? 


AP: The essence of their control tactics is of splitting the mind at a young age. This entails a process of trauma, torture, degradation and humiliation of the 
subject. The process is different for each individual, but in essence they go to your subconscious mind and find out what the most personal parts of you are. 
Then they essentially use this against you to break you down and rip your mind apart. What happens is this: An individual who possesses special mental 
abilities is selected at a very young age. (Very often they are from military families or from multigenerational Satanic ritual abuse families-EL) Then they are 
subjected to various stages of terror and horror to begin to separate them from their own minds. It is a process of progressive dissociation and 
compartmentalization of the mind and personality. 


They control your mind through various complicated hypnosis techniques and commands until they create the perfect Manchurian Candidate.(See The 
Greenbaum Speech by D.C. Hammond) They program you to do something, then erase the memory. Basically they program your mind as if it were a computer. 
Once they install the magic word, all they have to do is say it and you're under their control. This happens from an early age so it is easier to control them if 
they are conditioned and dissociated into several personalities. 


Another method of control is that they send in special people in your lives, handlers and controllers who pose as friends, teachers, "deprogrammers", 
roommates, lovers, etc. who are actually operatives for the mind control projects. Some are sleeper operatives who don't even know they are being used to a 
certain extent. It makes it hard to trust anyone at this point. 


EL: Is there anything else you can say about these projects or advice to others who have gone through similar experiences, like how they can be set free from 
its influence? 


AP: For those who want to get out of the influence of the programs of mind control, you must have a strong fighting instinct to do what is right regardless of 
what others are doing. Your only cage is the one you build for yourself. You must connect with your highest self to break the evil that is all around us, and not 


succumb to doing evil just because everyone else is doing it. Retain your fundamental sense of right and wrong. 


It all goes back to the basic conflict basic good and evil. It is like the dark forces in power of the planet at this time are trying to cheat their way into heaven or 
higher dimensions. - Eve Frances Lorgen, M.A 
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It is even said that under the perfect conditions, the device offers its user the ability to foresee what was going to 
happen in the near future. 


However, Father Ernetti remained secretive and stated he was not at liberty to reveal further details about the 


Chronovisor. 


Father Ernetti did however reveal that the Chronovisor worked by ’...processing residual electromagnetic radiation left 


over by numerous processes...’ 


According to numerous reports, Father Ernetti used the Chronovisor to witness important historical events, with the 


most notable being the crucifixion of Christ. 


However, Father Ernetti revealed that thanks to this invention had managed to witness the destruction of Sodom and 
Gomorrah, and other major historical events such as the founding of Rome in 753 B.C. Also, thanks to the Chronovisor, 
Father Ernetti was able to recompose the missing work “Thyestes” ,, written by Ennio Quinto and represented in Rome in 
169 A.C. in its original version, and the original text of the the two stone tablets written by God (Exodus 24:12) which were 
given to Moses on Mount Sinai, apart from witnessing the likes of Napoleon, Roman philosopher Cicero and other great 


and momentous historical and biblical episodes. 
French priest Francois Charles Antoine Brune was one of the first to hear about the Chronovisor. 


According to Father Francois, he met Father Ernetti in the 1960's when the two were traveling across the Grand Canal of 
Venice. As the two were experts in ancient languages, they began to talk about the Bible and its interpretation through 
the years. 
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Supposedly, these are the blueprints of the Chronovisor. 


Father Brune that was very intrigued when the Father Ernetti revealed that there was a machine that could answer all 
questions related to the Bible. 


When Father Francois asked about the Machine, Father Ernetti described the Chronovisor, saying that it was device that 
functioned just like a T.V., but instead of receiving transmissions from local stations, the chronovisor was able to tune 
into the past and allow the viewer to “see and hear” events that had occurred centuries before. 


Ernetti told Brune that the machine worked by detecting images and sounds that humanity had ‘created’ which were 
“floating” in space. 
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Operation 

The dummy load is easy to use. Simply connect your transmitter input to the BNC 
To measure RF Power, connect your multimeter to pin 1 and Pin 2 or 3. 

Pin 1 is ground and the DC output voltages appear on pins 2 and 3 of SV1. 

Pin 2 provides the RMS value of the RF voltage. 

Pin 3 gives the Peak value of the RF voltage. 

Pin 4 is direct RF voltage across the resistors. 

RF power is calculated from this relationship: Power = (Vrms‘’2)/50 


Note: The power input should be limited to 15W to avoid damaging the resistors and sense circuit 
components. 
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The truth is liberating at the same time paralysing. Laurence Mountford 


Introduction 

Just read it. Every word in this document is true, and it is the most important document to 
ever reach the internet. This document is written to empower good people of the world 
against the tyranny which exists all around us in our world today. Effectively, the document 
presented here discloses concealed information about the extent to which medicine, science, 
and technology has advanced in our current era. Moreover, I am disclosing this information 
because I have been extensively abused, and I am victim of current advances in medicine, 
science, and technology, which I describe in detail below. There are many, many, other 
victims of abuse, including myself, and therefore it is our plea that you read this document 
with an open mind and you investigate ALL statements which may initially irk you and 
appear ‘suspect’ to begin with (the circumstantial evidence is available all around you); 
because as a victim of abuse, I can honestly say, there is nothing worse than experiencing 
abuse, and those who have the power to protect you from your abusers, ignore you. 


I will now discuss what qualifies as whistle blowing disclosure. After detailing the criteria 
which qualifies for whistle blowing disclosure, I will detail aspects of the Serious Crime Act, 
and preface a foundation which defines, explains, and references key information for the 
reader to understand as well as explore the extent to which medicine, science, and technology 
has advanced today; all for the express purpose of compelling the reader that medicine, 
science, and technology, has advanced at an incredible rate; that current advances in 
medicine, science and technology are withheld from public knowledge; and finally these 
advancements in medicine, science, and technology, have been and are currently used to 
commit serious unspeakable crimes against humanity and our environment here on earth. 
Moreover, it is my aim to present this information as coherently as possible to assist the 
reader to save me, and save many, many others who experience abuse daily resulting from 
concealed advances in technology. 


Whistle Blowing: Qualifying Disclosure 


In the United Kingdom under the Public Interest Disclosure Act (1998) (PIDA) section 43B, 
a “qualifying disclosure” (whistle blowing disclosure) implies “any disclosure of information 
which in the reasonable belief of the worker, tends to show one of the following: 


a) That a criminal offence has been committed, is being committed or is likely to be 
committed, 

b) That a person has failed, is failing or is likely to fail to comply with any legal 
obligation to which he is subject 

c) That a miscarriage of justice has occurred, is occurring or is likely to occur, 

d) That the health or safety of any individual has been, is being or is likely to be 
endangered, 

e) That the environment has been, is being, or is likely to be damaged, or 

f) That information tending to show any matter falling within any one of the preceding 
paragraphs has been, or is likely to be deliberately concealed” 
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Furthermore, under the Enterprise and Regulatory Reform Act (ERRA) 2013 section 17 (The 
new ‘public interest’ test) is added for whistle blowing disclosures, amending section 43B of 
the Employment Rights Act (ERA) 1996 and therefore now reads as such (new words 
underlined): 


“(1) In this part a ‘qualifying disclosure’ means any disclosure of information which, in the 
reasonable belief of the worker making the disclosure, is made in the public interest and 
tends to show one or more of the following-- [criminal offence, breach of legal obligation, 
etc].” (Halliday 2013, p. 2). 


The following information is presented with the express intent that it is made in the public 
interest, and meets the all criteria set out in section 43B (a-f) of PIDA as well as the ‘public 
interest test’, ERRA section 17. Furthermore, in order for the reader to perceive the credence 
of my statements, so that (s)he has impetus to research the validity of my statements and not 
dismiss it as folly supplied by an internet troll who has nothing better to do than waste 
peoples’ time, I will cite the Serious Crime Act 2015 here for the express purpose of 
convincing the reader that all statements made in this document and my original document 
are indeed FACTUAL! THIS IS NO HOAX. THIS IS NO JOKE. This is simply what is 
happening in the world today. 


The Serious Crime Act 2015 


The Serious Crime Act 2015 (UK) section 41, 3ZA, amends section 3A of the Computer 
Misuse Act 1990 which previously read [under Computer Misuse Offences]: 


("3A Making, supplying or obtaining articles for use in offence under section 1 or 3 


1) [That] A person is guilty of an offence if he makes, adapts, supplies or offers to supply any article intending 
it to be used to commit, or to assist in the commission of, an offence under section | or 3. 


To: [The Serious Crime Act 2015, section 41, 3ZA] 


3ZA Unauthorised acts causing, or creating risk of, serious damage 


(1) A person is guilty of an offence if— 


(a) the person does any unauthorised act in relation to a computer; 


(2) Damage is ofa “material kind” for the purposes of this section if it is— 
(a) damage to human welfare in any place; 
(b) damage to the environment of any place; 


(c) damage to the economy of any country; or 


(d) damage to the national security of any country. 
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3) For the purposes of subsection (2)(a) an act causes damage to human welfare only if it causes — 
(a) loss to human life; 


(b) human illness or injury; 


(4) It is immaterial for the purposes of subsection (2) whether or not an act causing damage — 
(a) does so directly; 


(b) is the only or main cause of the damage. 


(5) In this section— 


(c) a reference to a country includes a reference to a territory, and to any place in, or part or region of, a 


country or territory. 


(6) A person guilty of an offence under this section is (unless subsection (7) applies) liable, on conviction on 


indictment, to imprisonment for a term not exceeding 14 years, or to a fine, or to both. 


(7) Where an offence under this section is committed as a result of an act causing or creating a significant risk 


of— 
(a) serious damage to human welfare of the kind mentioned in subsection (3)(a) or (3)(b), or 
(b) serious damage to national security, 


a person guilty of the offence is liable, on conviction on indictment, to imprisonment for life, or to a fine, or 
to both.” 


In laymen’s terms it is a serious crime (Serious Crime Act 2015), punishable by 
imprisonment, a fine, or both, to cite hatred or spread hoaxes by use of a computer which 
would cause mass hysteria or public dissension. I have been condemning public figures, high 
profile individuals, celebrities, singers, movie stars, directors, politicians, world leaders, 
royalty, anti-secret society ‘truthers’ (who are really misinformation agents, and agents of 
deception) etc. —the list is long - since 2011 and NOT a single one of these high profile 
people has issued a public statement saying “I do not like how you have tarnished my name” 
or filed a law suit against me. Why you may ask? Because every word I have stated and will 
state again (in this document) is true. 


Fundamentals 


Before I describe the heinous crimes committed against me and many others (including 
unsuspecting civilians of the world) it is important that I explain, define, and reference: 


e Key figures such as Phil Schneider, George Green and Aaron Russo, so that the 
reader has reference points to verify the extent to which technology has advanced in 
our present era (and continues to advance); 

e Define and briefly explain the transhumanist / post human agenda (for those who may 
be unfamiliar with their aims). 

e Define and explain rapid eye movement (R.E.M) sleep, the phases of sleep, and what 
happens to the (original’s) body during sleep. 
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Reference advances in technology, with particular attention to: Memory suppression 
technologies; Mind-voice technology; H.A.A.R.P technology, RFID microchip 
technology, and MK Ultra technology (CIA’s mind control program); 

Define and explain cloning; the different types of clones; cloning centres and cloning 
technology; 

Define drip feed disclosure / evaluative conditioning and explain why it occurs; 
Explain what ‘consciousness transfer’ is to the best of my knowledge, and cite drip 
feed disclosure articles with the express intent to allow the reader to grasp the abuse I 
have suffered daily at the hands of my tormentors. 


Key Figures 
Phil Schneider 





Phil Schneider (pictured) had 17 years experience working in government black projects 
carrying a level three security clearance. He was a geologist and engineer who worked in the 
black projects underground bases at Area 51, S-4, and Los Alamos. 


He is most notable for disclosing (Schneider 1995; 1996; Open Minds 2011): 


The ‘black budget’ expenditure of the United States, which Schneider claims to be 
between 1.023 trillion U.S. dollars every 2 years ( over $500 billion per year); 

Deep Underground Military Bases (also known as D.U.M.Bs -“dumbs”), and at the 
time of his lecture (Schneider, 1995), —that there are 131 active Deep Underground 
Military Bases present in the United States, and 1477 Deep Underground Military 
Bases worldwide; 

Each D.U.M.B costs on average 17-19 billion U.S. dollars; paid for by the taxpayer; 
and it takes approximately a year-and-a-half to 2 years to build D.U.M.Bs with 
sophisticated methods. 

That military technology outstrips the general public’s technology at a rate of 44 to 45 
years of technology for every calendar year which passes. In other words for every 12 
months which passes military technology will have advanced by 44 years than what 
we as the general public is currently accustomed to. Therefore as a rough example if 
we were to take the year Facebook was founded (2004) as a base year, then the 
military technology since the creation of Facebook will have outstripped what the 
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general public is accustomed to by as much as 484 years(!) (2015 - 2004 = 11. 11 x 
44 = 484). Similarly, if we are to use the year which YouTube was founded as a base 
year (2005), once again, military technology would be 440 years more advanced than 
what the public is currently accustomed to today. 


For the purpose of disclosing current advances in medicine, science and technology, and 
how such advances are used against me and the people of the world to commit monstrous 
crimes I will use 1945 as a base year. Everything will become apparent including why I 
use 1945 as a base year for my disclosure, but for the express purpose of compelling the 
reader to investigate my disclosure I must present everything, logically, sequentially, 
methodologically, and provide references for the reader in a coherent way to enable him 
or her to pay serious attention to my eye witness accounts. Therefore, at this present 
stage keep in mind the year 1945, and the fact that military technology outstrips the 
general public’s technology at a rate of 44 years for every 12 months which passes. 
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George Green 





George Green (pictured) was affiliated with U.S. Presidential candidates, and was once asked 
to be the Finance Chairman for the next President of the United States. Green would later 
declined the offer of Finance Chairman when a comment made by Ted Kennedy regarding 
sleeping with Green’s 14 year old daughter caused George Green to re-evaluate his 


associations with this in- group. 


During his 2008 interview with Project Camelot (2008a; 2008b), Green disclosed the 
following noteworthy information: 


U.S. presidents are “selected” and not elected. This is clearly expressed in a story 
Green recounts, when Green asks: 

“Who is going to be the next President of the United States [for him to overlook 
their finances]?” 

And the reply was: “Jimmy Carter” 

Green responds: "Jimmy who?" 

The reply Green received was: "Well, he's the Democratic Governor of Georgia." 
George Green: "But I've been voting Republican." 

Green was then confronted by a tall man, Paul Volcker (American Economist, and 
Chairman of Federal Reserve under Jimmy Carter and Ronald Regan), who 
walked over and said, “Son, don't worry about it [Republican or Democrat], we 
control 'em both." 

U.S. scientists learned how to make people (clones) since 1938 -walking talking 
ones —and the scientists call these people “synthetics” or “the others”. 

Cloning technology is relatively advanced. All that has to be done is take two cells 
from the original, give the cells a small electrical charge (retain a fertilised egg), 
then all one needs is a receiver (a womb / artificial womb for the fertilised egg to 
grow). 

Scientist were excited by the synthetic technology because it meant that spare 
organ parts could be grown for an “original” human without rejection, because 
theoretically speaking, the DNA of the synthetic is the same as the original. 

Green gives an example of a cloned Politician: George Walker Bush. Green 
advices the viewer to seek old video recordings of George W. Bush, and compare 
the old George W. Bush, with the George W. Bush during Bush’s second term, 
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-in terms of mannerism, speech pattern, body language etc. (old videos of George 
Walker Bush (Boringest 2006; Fox 4 News - Dallas-Fort Worth 2014) are 
presented in the References section). 

e Scientist have also learned how to make these synthetic people within a few 
months, to the point where the synthetic can be a walking, talking duplicate of the 
original, intact with all the memories and experiences of the original. The only 
problem is that the memory, experiences, and functioning capabilities of these 
synthetics are like: “A DVD recorder. Sometimes you have glitches, and you have 
to take the synthetics to Camp David occasionally [every 6 months to a year] to 
get them tuned up.” 

e Remember these synthetics are people too, they can think and act just like you 
can, but they do not have a soul. 

e Most of the world leaders have been bought and paid for [by men in the 
background] and are created to think a certain way —to meet the agendas of these 
men who remain in the background. 

e The global elite plans on depopulating the current human population of over 7 
billion to 500 million people. This is corroborated by the “Georgia Guidestones” 
(WorldTruth 2014). 

e Vladimir Putin is executing plans to bring the United States down and into a 
massive depression. Furthermore, China agrees with Vladimir Putin’s plans; 
stating that the Chinese government has not been a Superpower for over 5000 
years and “It is their turn to run the world.” 

e China has the capacity to set back / shut down all of U.S. computing and electrical 
systems within two days. 


At this present stage, the most salient points to keep in mind from Green’s accounts are that: 
U.S. presidents are selected and not elected; and most importantly, that scientists have been 
capable of creating synthetics (cloning people) since 1938. If you have kept in mind 
Schneider’s statement (1995; 1996), (that for every 12 months which passes military 
technology increases by the equivalent of 44 years compared to what the general public is 
accustomed to) —then learning that scientists have been capable of cloning humans since 1938 
should not come as much surprise. Again, everything regarding my disclosure will become 
apparent, and I thank these men for disclosing their information, because it helps the reader to 
corroborate my disclosure. 
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Aaron Russo 





Aaron Russo (pictured) was an American businessman, director, and political activist. He is 
best known for directing blockbuster films suchas Trading Places, The Rose and Wise Guys. 


Russo believed that a human being “Should stand for something, and do the right thing when 
the time calls to act”. Consequently, during the latter part of his career he did his best to warn 
the American public by producing documentaries such as Mad as Hell (1996), Freedom to 
Fascism (Russo 2006), and Reflections and Warnings (Jones 2008). 


Russo disclosed the following key information in Freedom to Fascism (Russo 2006): 


Income Tax 


There is no law requiring Americans to pay income tax. Although this is a truth, I 
DO NOT advocate Americans NOT to pay income tax (and neither did Russo). 
This is simply because the Federal Reserve can imprison you and seize your 
possessions for not paying income tax (although there is no law requiring Americans 
to do so). So for the sake of avoiding hassle for the mean time —pay your income 
taxes. 

To further illustrate the above point, Bob Shultz speaking at “We the People 
Foundation” said the following: “Most people believe that the income tax system is 
legal and that the revenue from the tax is used in the public interest. However, there is 
a substantial conclusive body of evidence that proves that our income tax system 
represents the most pernicious form of tyranny. It is the greatest hoax ever perpetrated 
by government against the working men and women of America.” 

Charlie Beall: “The federal government itself refuses to provide, the American 
people, who are coercively being subjected to this extraction of their private property, 
without any underlying legal justification. There is no law. There is no law that 
requires the average American worker in the private sector to pay a direct un- 
apportioned tax on their labour and compensation for services. There is no law.” 
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e State Representative — Phil Hart —(R-Idaho): “You can look through the statutes, and 
look for the law that requires you to pay, and when you do that, you cannot identify a 
law that requires the average person in America who earns a wage and works in 
private business to pay an income tax.” 

e Peter Gibbons (Tax Attorney) —It’s actually very simple. Congress tried to enact an 
income tax in 1894 —The Supreme Court said that is unconstitutional. When The 
Supreme Court says something is unconstitutional, it’s unconstitutional They 
(Congress) tried again in 1913 —and The Supreme Court said —the 16'" amend ment- 
“No new power of taxation” —so if they (Congress) didn’t have it then (1913) and they 
didn’t get it; they DON’T have it. There is no constitutional base for a tax on the 
wages for Americans living and working in the 50 States of the union. Period. End of 
argument. 


Radio Frequency Identification (RFID) Microchips 


e The latest technology for identifying people at the point of self, when they make 
purchases —is actually the implantable (RFID) microchip. There are microchips 
that can actually be imbedded directly into human flesh... It’s a tiny glass capsule 
about the size of a grain of rice... it contains an RFID computer microchip with a 
coiled antenna and it can transmit information also at a distance. 

e Katherine Albrecht —Author of “Spychips” (2005) makes the following comment: 
“RFID is a technology that uses tiny computer technology the size of a grain of 
sand or smaller; hooked up to miniature antennas to transmit information about 
items at a distance. Back in 1999, Procter and Gamble, Gillette, and MIT got 
together to find a way to commercialise this technology and make it small enough, 
make it efficient enough and make it low cost enough to essentially ---their dream 
is to put these tiny computer chips on every physical item manufactured on planet 
earth.” 

e Radio waves can travel through walls, they can travel through wood, and they can 
travel through things we normally rely on to protect our privacy, forexample your 
purse, your bag-pack, your pocket, —anything you are wearing or carrying. 

e One of the most worrisome applications of RFID microchips, are proposals to put 
them into cash, meaning that it would be able to track every bank note where it 
had been, who it had been issued to, and create in essence an audit trail. That 
would essentially take away the anonymity of cash we now enjoy today. 

e Once everything you do is tied down to a single number and there is no longer the 
ability to pay with cash, then all it takes to render you a non citizen 1s to simply 
turn that microchip off. You will no longer be able to participate in any 
function in society including buying food. Once money becomes digitised 
through RFID technology, the elite can deduct whatever amount of money 
they want out of your microchip, whenever they want. They can trace you 
whenever they want. You will be at their mercy. 
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Habeas Corpus 


Habeas Corpus is “[A] writ [formal document] requiring a person under arrest to be 
brought before a judge or into court, especially to secure the person's release unless 
lawful grounds are shown for their detention” (Legal-dictionary 2015). 

During the Bush Presidency [2001-2009 (History 2015)], President Bush signed 
executive orders giving him sole authority to impose martial law, and suspend Habeas 
Corpus. This gives him doctorial power over the people without any ‘checks and 
balances.’ 

In other words, “The government can jail you for life without charges, without a trial, 
without a lawyer” (Russo 2006). 

Furthermore: “The National Defense Authorization Act [4] signed by President 
Obama on the 31 st December 2011 authorises the indefinite detention, without trial or 
indictment, of any US citizens designated as enemies by the executive.” See Paye 
(2013) for further discussion re garding the suspension of Habeas Corpus. 


Fraudulent Manipulation of Election Results 


In 2004 at the “Forum of Presidential Election” Clinton Eugene Curtis, a former 
Computer Programmer for NASA and ExxonMobil testified under oath that election 
results can be rigged using electronic programs. 

In 2004 he gave the following abridged testimony (Russo 2006): 

Judge: Mr Curtis, are there programs which can be used to secretly fix elections? 
Curtis: Yes. 

Judge: How do you know that to be the case? 

Curtis: Because in October of 2000 I wrote a prototype for present congressman 

Tom Feeney, and the company I worked for in Oviedo Florida —it did just that. 

Judge: And when you said, “it did just that” —it would rig an election? 

Curtis: It would flip the vote 51:49 —-whoever you wanted it to go to, and whichever 
race you wanted to win. 

Judge: And would that program that you designed be something that election officials 
that might be on county boards would actually, could detect? 

Curtis: They’d never see it. 

Judge: So how would such a program, a secret program that, fixes the election —how 
could it be detected? 

Curtis: You would have to view it either with source code, or you would have to 
have a receipt and then count the hard paper against the actual vote total —other than 
that you won’t see it. 

Judge: Given the availability of such vote rigging software and the testimony that has 
been given under oath of substantial statistical anomalies and gross differences — 
between exit polling data and the actual tabulated results, do you have an opinion 
whether or not Ohio elections, the Ohio Presidential elections was hacked? 
Curtis: Yes. I would say it was. 
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Person in the audience: ---So in other words there is absolutely no assurance 
whatsoever in anything in regard to these machines? 

Curtis: Absolutely none. 

See Truthstream (2006) for further details regarding the full account of Curtis’ 
testimony on how elections can be manipulated. 

Moreover, voting machine manufactures refuse to allow anyone to see the source 
code. Without paper ballots, the honesty of any election cannot be verified. 


The War on Terrorism is the War on Your Freedom 


It is time to wake up America. These ID cards are not about defeating terrorism, but 
they are ALL about controlling the American people. 

The (mainstream) media controls the information that a person gets in various ways. 
They can make sure that the average American watching T.V. or reading the 
newspaper is going to come out with a certain mindset. She is going to say this is 
good, that’s bad —and that is all they (media/elites) have to do. 


Whoever Makes the Money Makes the Rules 


As Mayer Rothschild said “Give me control of a nation’s money supply, and I care 
not who makes its laws”. Mayer Rothschild, private banker, —knew that he and the 
other bankers would now control the laws of the nation. Government gave these 
bankers one of its most important powers, and now had to borrow money from the 
bankers and pay interest to finance the government. 

America has gone from people owning their own property, owning their own 
businesses —to a nation in debt because all the money is created by borrowing (from 
private banks) and this country has become one where people just live by borrowing. 


Russo’s Message to Mankind 


If you are in the military or law enforcement, remember you swore an oath [to uphold 
the law of the land]. You did not swear an oath to promote world government, or 
corporations. 

Now that you do understand what happened [to America, and the monetary system 
based on debt slavery] and how it is leading to a tyrannical one world government — 
the future of mankind depends on you —will you choose freedom or slavery? 

Stop being passive liberals. Stop being passive conservatives. Stop being passive 
centralists. Stop being passive human beings! When the media starts telling you that 
the country will fall apart if this is done... Do not be fooled!! 

Remember these are sick, malevolent and twisted people we are dealing with, trying 
to save themselves. Squash their agendas and stay on course. 

“I believe the time for mankind is time to give all or perish. Grow up or die. Grow up 
and become adults. Act like adults. Take some responsibility. The world which you 
have perceived is childlike; —and now the curtain has been pulled back for all to see.” 
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Unless people get active [get fully informed, and learn how governments of the world 
are conspiring against their people] and say —I am going to help shut down the Federal 
Reserve System; I am going to shut down the powers that be -the whole human race 
is doomed otherwise. 

We are coming near the end game and things are starting to accelerate... —and people 
are looking at the world leaders to declare martial law [which in turn will rid Habeas 
corpus]. 


Let’s Consolidate our Problems 


If we can all get focused on how to win the game instead of all these different 
objectives —such as people are fighting for a better environment; people are fighting to 
keep their guns/gun control; there are all these different issues which are going on 
around the world -and which are all important on their own —but if we can consolidate 
on that and focus —and take all those people —and say —hey let’s shut down the Federal 
Reserve, then we’ ll deal with those issues. Let’s go to the agenda, the objective, the 
root cause of man’s problems, first, then we’ Il go back to the other stuff. 

That is the priority right now. You have to cut off the head of the beast. And the head 
of the beast is the Federal Reserve System and the people behind it. You see, and that 
is what will save the world, and if people understand that —and they stop being 
passive liberals, and stop being passive republicans, but rather become active human 
beings —that is what will save the world! 


Aaron Russo: Reflections and Wamings 


In this documentary Russo recalls his relationship with Nick Rockefeller. Russo shares 


critical information Rockefeller discussed with him. 


The Falsehood of September 11th 2001 


Russo met Nick Rockefeller through a female attorney who telephoned Russo and 
said “One of the Rockefellers would like to meet you.” Russo made a documentary 
called Mad as Hell (1996), and Rockefeller had watched the video and knew Russo 
was running for Governor of Nevada and wanted to meet him. Russo said “Sure I'd 
like to meet him’, and the two met and talked. Rockefeller proved to be a very smart 
man and shared ideas with Russo and was the person to tell Russo 11 months before 
9/11 happened ““There was going to be an event...” 

Rockefeller never told Russo what the event was going to be; but, there was going to 
be an event —and out of that event, we [America] were going to invade Afghanistan, 
to run pipelines from the Caspian Sea; we were going to invade Iraq, to take over the 
oil fields and establish a base in the Middle East, and make it all part of the New 
World Order; and we would go after (Hugo) Chavez and Venezuela —and sure 
enough, later when 9/11 happened —and I remember he was telling me how you are 
going to see soldiers looking in caves for people in Afghanistan and Pakistan and all 
these places and there is going to be this war on terror which has no real enemy and 
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the whole thing is a giant HOAX, but it is a way for the government to take over the 
American people (and the world). 

There is no question about it [that 9/11 is a hoax]. Nick Rockefeller said to Russo: 
“There is going to be a “War on Terror” and he was laughing. Who are we fighting 
against...2 Why do you think 9/11 happened and then nothing has happened since 
then? Do you think that our security is so great here that these people who pulled off 
9/11, who were able to lock down another plane...? Come on it is ridiculous... 9/11 
was done by people in our own government and our own banking system to 
perpetuate the fear of the American people into subordinating themselves to anything 
the government wants them to do. That is what it is about and to create this endless 
war on terror. 

Nick Rockefeller was laughing when he said, “We are going to be sending men into 
caves in Afghanistan and Pakistan” —and it was just cynical, he kept laughing and 
saying “Look how stupid everyone is! We can do whatever we want!” 

9/11 was the first lie; and the next lie was to go into Iraq, to get Saddam Hussein out 
with his weapons of mass destruction (when the real issue was control of the oil 
fields) that was the next lie. 9/11 created an endless war on terror that would go on 
and on and youcan never define a real winner. There is no one to defeat and so it goes 
on and on forever. And they cando whatever they want; because they scared the hell 
out of the American public. 

This whole war on terror is [perpetuated on] a fraud. It is a farce. It is very difficult to 
say it out loud because people are intimidated in saying it. Because if you say it they 
want to make you into a nutcase —but the truth has to be... and the truth has to come 
out. The fact of the matter happens to be the whole war on terror is a fraud, it is a 
farce. Yes. There is a war going on in Iraq, because we invaded Iraq, and people over 
there are fighting... but the ‘war on terror’ —it is a JOKE —you know, and until we 
discover what really happened in 9/11 and who was responsible for 9/11 —because 
that is where the war on terror emanates from. That is where it comes from. It was 
9/11 which allowed this war on terror to begin and until we get to the bottom root of 
9/11 —the truth of 9/11 we’ll never know about the war on terror. 

Russo was in Tahiti when 9/11 happened and he got a call from his son — and his son 
said —“The twin towers, they were just attacked and they are falling down or 
something...” Russo was in Tahiti and had just woken up from sleep. Russo didn’t 
realise what it was immediately (11 months after Rockefeller had told him about 9/11 
and it had happened —because Rockefeller said there was going to be an event —he 
wasn’t specific) —but after Russo saw that America was going to go to Iraq and 
Afghanistan, that is when he realised, and equated it to what Rockefeller had said. 
9/11 was only a manifestation to create a fear in the American public. So that we 
would obey and do what they want us to do. Take for example, Richard Reed ‘The 
shoe bomber’ —now here is a guy who is 6 feet 6, ugly as can be; I heard he smelled... 
He sits on a plane, lights a match in a non-smoking area, to put his shoe on fire... 
surrounded by people... That is idiotic! If you were going to blow up a plane... you 
would go into the bathroom... you close the door... and you put your shoe on fire... 
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you are not going to sit there.... surrounded by people, lighting matches in a no 
smoking flight... they (elite) want you to believe this nonsense. That is ridiculous! 

The war on terrorism is to keep people in fear. It is an endless war without a real 
enemy (‘terrorists’) —so that people would submit and do whatever the government 
wants them to. Submit to searches, give you ID cards, put Radio Frequency 
Identification (RFID) chips in you etc. You become servants to the elite that is what 
this is all about... 

Freedom of liberty is what people really want, and it is time to stop the duplicity of 
the government from lying to us. You see many people know the truth of what is 
happening in this country; like 9/11 but they are afraid to stand up. People have to 
stand up and find their courage and say “I’m not going to take this anymore, I know 
the truth” —and they create a situation where if you tell the truth, you are considered a 
lunatic. 

In other words if someone goes ona T.V. show and says that 9/11 was an inside job — 
immediately the person is labelled an idiot or crazy. They call you names. You 
cannot be afraid of that. 

If youdo not fight the corruption and you do not stand up for what is right in life, you 
end up being a serf and a slave and you are leaving your children a world in which 
you would not want to live in yourself, so how can you in decency behave that way? 
You have to stand up for what is right in life, and unless you do that you are nothing. 


The New World Order Agenda 


The whole agenda is to create a one world government where everyone has an RFID 
chip implanted in them. All the money is to be in those chips [a cashless world]. This 
information came straight from Nick Rockefeller himself. That is what the ultimate 
plans of the global elite, banking industry and Rockefeller wants to accomplish. 

The agenda is to implant everyone with RFID microchips. All money is transferred to 
those microchips. There is no more cash. Money would be in microchips. Instead of 
having cash, you would have money in your microchips, but whenever they want, 
they (elite) could take whatever amount out of your microchip whenever they want to. 
Total control. If you are a protestor they just turn off your chip; you cannot buy food; 
you cannot do anything; it is total control of the people. 

So they want a one world government controlled by them. Everyone being chipped, 
all the money in those chips, and they control the chips and they control people, and 
you become a slave. You become a serf to these people —that is their goal. That is 
their goal; that is their intentions. 

Russo did not believe in enslaving people and Rockefeller would question him in the 
following manner: “Why do you care about them? Why do you care about those 
people? What difference does it make to you [Aaron]? Take care of your own life. 

Do the best you can for you and your family. What do the rest of the people mean to 
you? They don’t mean anything to you. They are just serfs. They are just people...” 


19| Page 


e Rockefeller asked —“Why are you fighting for the people for, what is it all about? The 
people have to be ruled. The constitution, what you are standing for is only for a few 
people, it’s only for a few individuals who can live that way and we believe that it is 
best for society to be ruled by an elite people who control everything.” Russo told 
Rockefeller he does not believe that. Russo believes: “God put me on this earth to be 
best person I could be and put everyone on this earth to be the best they can be, and 
NOT to be a slave and a sheep to YOU and these people (elite) —and I do not 
understand why you want to control everything. What is the need for that?” 

e It was just a lack of caring [from Rockefeller’s part], and that is just not who Russo 
was. It was just sort of like cold you know, and Russo used to say to Rockefeller, 
“What is the point, of all this? You have all the money in the world you need; you 
have all the power you need, what is the point? What ts the end goal? Rockefeller 
said “The end goal is to get everyone chipped. To control the whole society. To have 
the elite people [the bankers and government] controlling the world.” 


Women’s Liberation from the Perspective of the Elite 


e Women’s’ Liberation was founded by the Rockefellers. 

e Rockefeller asked Russo: “What do you think women’s liberation was about?” At the 
time Russo had a pretty conventional thinking about it and he said “It’s about women 
having the right to work; get equal pay with men; just like they won the right to vote.” 
At this point Rockefeller started to laugh and he said to Russo “Youre an idiot” 

e Rockefeller said —“Let me tell you what that was about. We the Rockefellers funded 
women’s’ liberation. We are the ones who got it all over the newspapers and 
television. The Rockefeller foundation —and you want to know why? There were two 
primary reasons:” 

e 1) “We couldn’t tax half the population before Women’s Liberation and the second 
reason was” 

e 2) “Now we get the kids at an early age [because both parents are away from home 
working] —we can indoctrinate the kids how to think, so it breaks up their family —the 
kids start looking at the state as the family, as the school as the officials as their 
family, not as their parents teaching them, and so those are the two primary reasons 
for women’s liberation.” 

e Russo thought, up to that point, Women’s Liberation was a noble thing; however 
when he saw the Rockefellers’ intentions behind it, where they were coming from 
when they created Women’s Liberation; the thought process of it; Russo saw the evil 
behind what he thought was a noble venture. 


America is a Republic 


e America is a constitution republic / it is supposed to be a constitution republic —and 
NOT a democracy. The majority should not rule, and nor should the majority take 
over the inalienable rights of the minority. 
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Americans pledge allegiance to the “Flag and the Republic which it stands” —and 
NOT democracy. 

Democracy is the worst form of government you can have because it is majority rule. 
Therefore the government can tell you what to do because ‘the majority’ wants it. It is 
irrelevant what the majority wants. Decisions should not take away the inalienable 
rights of an individual. 

Russo also said “It doesn’t matter who you vote for, republican or democrat; —they are 
the same —neither one of them is stopping the Federal Reserve or paying income 
taxes. 

The elite (Federal Reserve) have taken over the American government; there is no 
difference between republicans and democrats. There is no difference between the 
two parties. The duality is manufactured. They (Federal Reserve; central banks) 
control both parties. It doesn’t matter to the elite which one wins, because whoever is 
running for President will be someone they anoint. Whoever runs for President, will 
do whatever the elite want them to do. The fact of the matter happens to be that you 
cannot win an election unless you have enough money to win; they (Federal Reserve; 
central banks) make sure who gets the money. 


Depopulation 


Russo and Rockefeller discussed many things —and one of the things Rockefeller 
brought up in conversation was reducing the world population. Rockefeller felt that 
there are too many people in the world. Ina way Russo agreed that there are too many 
people in the world, but he does not think he has the authority to say who dies and 
who lives; but the elite felt that they want to reduce world population and Rockefeller 
felt it should be reduced by half. 

Rockefeller even mentioned to Russo in conversation, that they were having a real 
problem trying to solve the Israel/Palestine problem —and they were playing with the 
idea of bringing Israel to Arizona —and taking everybody from Israel and giving 
everybody a million dollars, and setting up Israel in the state of Arizona —because that 
is a problem that they are not in charge of. 


Borrowing Money from Private Banks causes Inflation and Debt 


These people (elite) control the money so they make all the rules, and therefore they 
put the rules in which they want into effect, and the truth is America has really 
become a socialist communistic country. Everyone says it is a capitalistic country, 
but how can it be a capitalistic country when you have a central bank? That is the first 
question people should ask. It can’t be. It is a planned economy, it is a phony! 

If they want to create prosperity, they just print dollars, or put digits into the economy. 
Now you have prosperity. You do not have real prosperity, you do not have real 
manufacturing, you just have money being injected in which is infusion of credit. This 
makes the government go into more debt. 
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Whoever makes the money makes the rules. Rothschild said that. Why are we 
allowing these private bankers to make the money for our country? It is nonsense. 
Why are we paying interest to these banks to make money for us when the 
government can do it itself without paying interest, without all that debt? There is no 
answer to that question and it is a question no politician will raise. Everybody talks 
about America’s debt... We are in debt because we borrow money... but we don’t 
HAVE to borrow money. They designed it so that we can go into debt. We can create 
the money, and back it by gold so that they cannot create too many of it, so that you 
do not have the inflation, and do what the Founding Fathers told us. 

Why in the world does the American government borrow money from the banks when 
they have the ability to create it themselves without borrowing it, and paying interest 
on it? Why? Nobody can answer that question —not one politician ever raises that. 
Why does the American government ever borrow money, when they can create it 
without paying interest? 

—And people say that —well if the American government creates it, it will cause 
inflation. And that is their answer. And Russo says well let’s look at it: the American 
government has the Federal Reserve do it, which creates the same inflation as if they 
did it, but also with the inflation —now you are getting massive debt —so with the 
Federal Reserve you have inflation and debt. Now if the American government made 
the money, backed by gold which would limit the amount they could make —you 
wouldn’t have debt and you wouldn’t have inflation. 

It wasn’t until 1913 when the Federal Reserve came in, that America had inflation. 
Before then there was no inflation for 100 years. There were points and spikes, mostly 
during the Civil War —but basically there was no inflation other than during that short 
period of time. I mean a loaf of bread would cost the same thing. People could plan 
their lives. 

Today, they have planned inflation, and now you have two parents working, they 
cannot afford to take and pay for their family anymore; the kids are going to state run 
schools now, the kids are being indoctrinated how to think; they are being given 
Ritalin, they are being given all these drugs, the whole country is being dumb down, it 
is all because of the Federal Reserve System; and the Federal Reserve system and 
these bankers are responsible for the demise of America. And if we ever want to win 
this battle you must shut down the Federal Reserve System, and we must shut down 
these bankers and restore sound money to this country. 

If you analyse the situation and if you realise that since the Federal Reserve has come 
into being since 1913, illegally, without a constitutional amendment, by bribing a few 
senators during Christmas vacation, they turned over the most important power that 
the American government has, the creation and issuance of money to a private bank. 
Through that private bank issuing money they have destroyed this country. They have 
destroyed the purchasing power of money in this country; they have created social 
programs that are destroying this country. 

The Federal Reserve has created massive inflation in America which means the 
American worker has to keep on making more money to keep up with the cost of 
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living. The more money they make to keep up with the cost of living, the less 
competitive they become in the world economy. So now what happens is that we have 
to pay our workers so much to keep up with the cost of living; and then they (elite; 
government; corporations etc.) say screw the American worker; let’s go overseas now 
to get the cheap labour. 

The inflation the Federal Reserve has created has now allowed other countries to 
outcompete us. Other countries do not have to pay as much money as we have to pay 
to our workers to survive. So now we are not competitive anymore and we have lost 
our manufacturing base. We have lost our competitive edge. 

‘Freedom to Fascism” is a documentary that everybody should see. Russo and his 
team show the fraud of the income tax; they show how Judges put people into jail for 
no reason; they show the corruption of the justice system. They show how the Federal 
Reserve came into being and how it is controlling society and how all the central 
banks are working together through the bank of International Settlements, in 
Switzerland which is the central bank for all central banks and how all are working 
together to create this one world government; this one world order; which is what they 
are trying to do. 


The Deception of the Council of Foreign Relations (CFR) 


Russo was interested in joining the Council of Foreign Relations, but he found out 
from Rockefeller himself, that part of the end goal of the CFR is to get everyone 
RFID chipped. To control the whole society and have the elite people (bankers, 
government etc.) controlling the world. Russo asked Rockefeller “Do all the people in 
the CFR believe the way that you do?” Rockefeller said “No, no, no. Most of them 
believe they are doing the right thing. A lot of them believe it is better off being 
socialistic. We have to convince people that socialism is really capitalism.” Because 
America is becoming a socialistic country; it is a communist country today. 

Russo’s friendship with Rockefeller became one where they would share thoughts, 
ideas and philosophies and Rockefeller wanted Russo to become a part of what they 
were doing [enslavement agenda], and for Russo to become a member of the CFR; 
Rockefeller offered various business opportunities for Russo to get involved in the 
CFR and to not take up the fight or the battle that Russo had been taking up in the 
past. Rockefeller wanted Russo to drop the idea of helping the people; because “What 
was the point in Russo fighting for the people?” Rockefeller would question. 

Russo asked Rockefeller do all the people of the Council of Foreign Relations feel the 
same way you feel? Rockefeller said “A lot of them think they are doing the right 
thing, they think that socialism is the best way to go (but this form of socialism 
involves redistributing the wealth for the elites and not to everyone), they think that 
they are doing the right thing.” But the people at the (very) top they all know the truth 
of what is happening. (Therefore, the good people in the CFR are also under an 
illusion, and do not know that effectively they are working for evil men who have the 
overall goal to control the populace of the world). 
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So it is compartmentalised within the elite structure as well. All the people in the CFR 
-2000 to 3000 people like Dan Raddler —they don’t know what is going on--- they join 
the CFR because it is prestigious. They think it is good for business, it is good for 
this; they don’t know what is really happening —the evil that comes out of it —that is 
emanating out of it. 

In terms of the CFR, in terms of compartmentalisation, there are many good people 
which Russo believes are part of these organisations who do not even understand 
what these organisations are really about. For example, when Russo was in Germany, 
doing cancer treatment, there was a gentleman there who was visiting a friend of his 
with cancer. The gentleman visiting his friend was a member of the CFR, and him and 
Russo were talking and Russo showed him the movie (Freedom to Fascism (2006)); - 
-and he said, “Oh my god! I’m going to resign.” “I had no idea this is what the CFR is 
about”. He had no idea; he is just a nice guy, who thought he was joining a prestigious 
organisation. 

A lot of people join the CFR because they think it is a prestigious organisation; it will 
help them in business; make good business contacts etc. They do not have an 
understanding that the CFR is really about world domination. How they, and the 
Trilateral Commission, The Bilderberger [Group], the banks, all work together to 
control the people —a lot of them do not understand that. They do not see the big 
picture. They think: Oh the CFR is a prestigious organisation. I’ ll make this, Pll make 
that, and I can do business deals. It is just business to them. The CFR wants to get the 
people in there that have influence and power, and so they are part of that 
(enslavement agenda), and so they are not opposed to them. So the whole country is 
becoming the haves and the have not. You are getting the very, very wealthy and the 
middle class being destroyed and you are getting the poor people. 

In Russo’s words: “You can call the CFR what you like, but it is a criminal 
organisation. Run by criminals. But people do not think of it as a criminal 
organisation, because it has ‘class’; ‘style’; ‘prestige’; —and it is ‘respected’; so people 
do not look at it as being a criminal organisation. That is what a great job they have 
done.” 


Combining America, Mexico and Canada into one Country 


Imagine this... here you are in America, and they (elite) are combining American, 
Canada and Mexico into one country. The North American union. And the American 
people do not know anything about it. It is not even in the press. They would rather 
talk about Rosy O’Donnell and Donald Trump calling each other names than 
discussing the fact that we are merging into one country. This isn’t even reported. 

The fact of the matter happens to be, that tells you how controlled the media is. The 
elite control the media, and they control governments and they are all in bed together. 
Here you are combining American, Canada and Mexico into one country, and you do 
not see it in the press. You do not see it in the press. Why? This should be one of the 
top stories everywhere —and the elite are not worried about it. That tells you—there is 
the evidence that [media] it is controlled. They do not want the American people to 
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know what is going on, that is why they do not protect our borders. That is why we 
are losing our constitution, the very document that secures our freedoms. 


Russo’s Vision on How to Bring These People Down 


There is no question we are in tyranny, there is no question that the American citizen 
is no longer a free individual human being, to do the things that they wish to do. 
We’re slaves and it is getting worse. 

We are dealing with complete evil; and until the American people wake up and say, 
we do not want this evil in our country anymore and we want to come back to a 
country of decency and goodness, integrity and honour, we are going down that road 
and that is what it is going to take? It is going to take people to stand up and say we 
do not want to live in this kind of world anymore. I believe we should pull all of our 
troops out of Iraq, I believe we should leave other countries alone. Let other countries 
live their lives the way they choose to. Stop trying to spread ‘democracy’ around the 
world, which is the worst form of government there is anyway (because 51 percent 
rule over 49%), restore our republic to what it is supposed to be and go back to what 
the founding fathers gave us. Restore the republic. 

In Russo’s opinion: The populace must shut down the Federal Reserve System —and 
there has to be an uprising. There has to be an uprising. People have to stand up. One 
person cannot do it alone. You cannot do it alone. People do not seem to have the 
courage to do what they have to do. 

A lot of people in Hollywood know the truth, they do not want to stand up and speak 
about it; I know many of them have seen my movie (Freedom to Fascism (2006)) and 
they know I am right, and they want to talk about it because everybody is afraid. 
Everybody is afraid because they think that the money they get from the Federal 
Reserve is really money and they have a comfortable lifestyle and they are afraid of 
change. They are afraid to stand up for what is right, and until people are willing to 
stand up and have the courage to do what they need to do, it is not going to change; 
and hopefully we can affect change when people stand up and say “Hey, I’ve had 
enough”. 

We (the populace) have one advantage. They (elite) need us to cooperate. See, if we 
do not cooperate with them, they cannot win. They always need our cooperation with 
them to go along with their programs. They try to “sell us”. Democracy; this majority 
says this; believe in this; do this, do that; the war on terror; we have to be scared... 
They are always trying to do things to “sell to us” to go along with them, and once we 
learn not to cooperate with them; then we win the game. 

That is the point, do not cooperate with them, and do not go along with the program 
anymore. Stop it. Join forces, and bring freedom back to this country. It is going to 
take people who believe in freedom; The Constitution and the Founding Fathers, 
Thomas Jefferson, to make this country whole again, because right now it is in the 
grip of the evil ones, and the only way to stop that is for good men to stand up. 
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e We have to stop being scared. We have to do what is necessary to take back what is 
ours. We have to stop these bankers, these elite, full of liars, congressmen full of liars. 
They are destroying our borders. 

e So through these bankers, attempting to take over America, knowing that America 
was the freest nation on this earth, it was necessary for them to takeover America, 
take away gun rights, freedom to bear arms, and create a country where we become 
Slaves, because once they take over America, the rest of the world becomes a lot 
easier for them. And so by creating 9/11, an event to terrify the American people that 
we are being ‘attacked by terrorist’, you create a world where there is an enemy that 
can never be pinpointed. You can never win the battle. It is 100 year war — a never 
ending war on terrorism. So you are always fighting this war, and through the war on 
terrorism, through 9/11 which is the first lie, then you create the war on terrorism 
which is the next lie, then you create the war in Iraq through weapons of mass 
destruction, which is the next lie —so you get one lie, to the next lie, to the next lie, -- 
now it is going to be Iran the next lie —and sending more troops and insurgents into 
Traq. 

e Restore America’s Republic back to what it is supposed to be. Get the bankers out of 
our government. Get government to stop borrowing money from the banks. 
Government should make its own money; restore the Republic. Restore individual 
freedoms. That is what this country is about -and until we do that we are going to be 
Slaves. 

e You have to take away the creation of money away from the private bankers and you 
will solve 95% of your problems. 

e Americans, mobilise, stand tall, stand together, tell the government you are “Mad as 
hell!” Do not cooperate with the government do not accept a National ID card. Do 
everything in your power to restore freedom and your individuality back to America. 
Stop being a country run by the institutions for the institutions. Let’s go back to “We 
the people, by the people for the people”, as opposed to, we the institutions, by the 
institution, for the institution. Stand up for your individual rights. Stand up for the 
God leaders that are in each and every one of us! 


The Trans-humanist / Post Human Agenda 


Transhumanism is a cultural and intellectual movement that believes we can, and should, 
improve the human condition through the use of advanced technologies. One of the core 
concepts in transhumanist thinking is life extension: through genetic engineering, nanotech, 
cloning, and other emerging technologies, eternal life may soon be possible. Likewise, 
transhumanists are interested in the ever-increasing number of technologies that can boost our 
physical, intellectual, and psychological capabilities beyond what humans are naturally 
capable of (thus the termfranshuman) (Anthony 2013). Transcranial direct current 
stimulation (tDCS), for example, which speeds up reaction times and learning speed 
by running a very weak electric current through your brain, (Anthony 2012) has already been 
used by the US military to train snipers. On the more extreme side, transhumanism deals with 
the concepts of mind uploading (to a computer), and what happens when we finally craft a 
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computer with greater-than-human intelligence (the technological singularity) (See: “How to 
create a mind, or die trying”, Hewitt 2012) (Anthony 2013). 


Moreover, put simply, “posthumanism” can be defined as that condition in which humans 
and intelligent technology are becoming increasingly intertwined (TheNanoAge 2015). For 
readers interested in learning more about the posthuman / transhuman agenda see BT Soul 
Catcher 2025 (BEAMS 2007); Avatar Project 2045 (2045 Initiative 2015; Borghino 2012) 
and Mind Clone Robot (Bloomberg Business 2015; RT 2015) which have all been disclosed 
as methods of transferring the human consciousness to a computer. 


The Phases of Sleep and Rapid Eye Movement (R.E.M) Sleep 


Sleepers pass through five stages of sleep: 1, 2, 3, 4, and REM (rapid eye movement) sleep. 
These stages progress cyclically from stage | through REM then begin again with stage 1. A 
complete sleep cycle takes an average 90 to 110 minutes (Sleepdex 2015). In other words, 
after falling asleep, it takes approximately 90-110 minutes to enter REM sleep. 
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Stage 2 Stage 3 Stage 4 
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Image 1: Stages of sleep. Source: Slee pdex: (2015) 
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Any sufficiently advanced technology is indistinguis hable from magic. 
Arthur C. Clarke 


REM Sleep 


Most dreaming occurs during Stage Five, knownas REM. REM sleep is characterized by eye 
movement, increased respiration rate, and increased brain activity. REM sleep is also referred 
to as paradoxical sleep because, while the brain and other body systems become more active, 
your muscles become more relaxed, or paralyzed. Dreaming occurs because of increased 
brain activity, but voluntary muscles become paralyzed. Voluntary muscles are those that you 
need to move by choice, for example, your arms and legs. Involuntary muscles are those that 


include your heart and gut. They move on their own (Sleepdex 2015; Walcutt 2013). 


Rapid eye movement, or REM sleep, is when you typically dream. You may have images 
float by in earlier stages, particularly when you are going through Alpha or Theta (brain 
waves), but the actual dream state occurs in REM (Walcutt 2013). 


This period of paralyzation is a built-in protective measure to keep you from harming 
yourself When you are paralyzed, you can’t leap out of bed and run. Do you ever feel like 
you can’t escape during a dream? Well, the truth is, you can’t. You can breathe, and your 


heart is working, but you really can’t move (Walcutt 2013). 


The reader is also advised to see the Horizon documentary “Why Do We Dream?” (BBC 
Horizon 2009). This video is available, on YouTube, and details sleep, the phases of sleep, 
REM sleep, the period of paralysation and more. 


Current Advances in Technology 


This is a section some readers may have difficulty with, because reading about these current 
technologies alone, one cannot help but feel that such technologies described below sound 
like the stuff of science fiction and fantasy -although they have been corroborated through 
public drip- feed disclosure (explained below). Nevertheless, I urge the reader to keep in mind 
Arthur C. Clarke’s quote (above), as well as Phil Schneider’s testimony regarding the 
advancements of military technology in comparison to the general public’s technology (for 
every 12 months, military technology outstrips the technology the public is accustomed to by 
a rate of 44 years). Moreover, for the reader who finds difficulty understanding the 
technologies described below, seek the supporting articles / videos. 
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Memory Suppression Technologies 

Memory suppression technologies are any scientifically advanced technologies which are 
used to suppress memory. Examples of how memories can be suppressed can be found by 
reading Winter’s (2014) article which details how memories can be suppressed using light; 
and Greenberg’s (2013) article which discusses memory suppression through gene / chemical 
modification. 


Mind-Voice Technology 

Mind-voice technology is an advanced technology which is capable of reading, listening, 
hearing or broadcasting your inner voice / thoughts. Examples of articles which discuss mind- 
voice technology are: Prigg (2014) details software which can read the inner voice; and New 
Scientist (2014) which also discusses a brain decoder which can eavesdrop on one’s inner 
voice. 


H.A.A.R.P. Technology 

The High Frequency Active Auroral Research Program (HAARP) is a radio transmitting 
system that can bounce signals off the ionosphere (a region of the Earth’s upper atmosphere 
60km (37 miles) to 1000km (620 miles) altitude) and back to earth to probe deep into the 
earth or sea, its proponents say. The system could locate minerals or communicate with 
submarines. (Begich & Manning 1997; Sheen, Begich & Robbins 2005). 


HAARP can also: 


e Disrupt human mental processes. 

e Knock out all global communications systems. 

e Manipulate global weather. 

e Change weather patterns over large areas. 

e Interfere with wildlife migration patterns. 

e Hurt ecosystems. 

e Negatively affect your health, moods, and mental states. 
e Unnaturally impact the Earth’s upper atmosphere. 
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This illustration (below) shows the ionosphere's relationship to the Earth. The illustration 
appeared in the HAARP Environmental Impact Statement on page 10-125 of Volume II. 
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Image 2: The ionos phere's relationship to earth. S ource: (Begich & Manning 1997) 


The ionosphere protects the earth HAARP (High frequency Active Auroral Research 
Program) is made to beam more than 1.7 gigawatts (billion watts) of radiated power into the 
ionosphere -the electrically charged layer above Earth‘s atmosphere. Put simply, the 
apparatus is a reversal of a radio telescope - just transmitting instead of receiving. It will boil 
the upper atmosphere. After disturbing the ionosphere, the radiations will bounce back onto 
the earth in the form of long waves which penetrate our bodies, the ground, and the oceans. 


HAARP represents a technology which could lead to a new class of weapons that could 
change our world profoundly - an all-purpose military tool If misused, the tool could mess 
up the weather. It could be used against humanity in a way that would change what people 
think, believe and feel. It could be used for good or evil, just as a harp can produce the music 
of Mozart or the melody of a death march. 


H.A.A.R.P. and Weather Control 


e “The theoretical implication [of Dr. Robert Helliwell and John Katsufrakis of 
Stanford University in 1974] suggested by their work is that global weather control 
can be attained by the injection of relatively small 'signals' into the Van Allen belts 
(radiation belts around Earth) - something like a super-transistor effect” said Frederic 
Jueneman. 

e Yes. The weather can be controlled using HAARP technology. 
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e A series of weather disasters began in 1960, according to a CIA report mentioned in 
the editorial, but at the time climatologists couldn‘t look ahead and see that droughts, 
floods and abnormal temperatures would continue beyond that decade. As if natural 
disasters weren‘t bad enough, the CIA reported that national governments were 
already able to manipulate weather for military purposes [using HAARP technology]. 


As far back as 1958, the chief White House advisor on weather modification, Captain 
Howard T. Orville, said the U.S. Department of Defence (DoD) was studying ways to 
manipulate the charges of the earth and sky and so affect the weather by using an electronic 
beam to ionize or deionize the atmosphere over a given area. In 1966, Professor Gordon J. F. 
MacDonald, associate director of the Institute of Geophysics and Planetary Physics at the 
University of California, Los Angeles, was a member of the President’s Science Advisory 
Committee, and later a member of the President's Council on Environmental Quality. 


Gordon J. F. MacDonald published papers on the use of environmental control technolo gies 
for military purposes. MacDonald made a revealing comment: —The key to geophysical 
warfare is the identification of environmental instabilities to which the addition of a small 
amount of energy would release vastly greater amounts of energy. MacDonald had a number 
of ideas for using the environment as a weapon system and he contributed to what was, at the 
time, the dream of a futurist. When he wrote his chapter, —“How to Wreck the Environment” 
for the book “Unless Peace Comes” he was not kidding around. 


In the text MacDonald describes the use of weather manipulation, climate modification, polar 
ice cap melting or destabilization, ozone depletion techniques, earthquake engineering, ocean 
wave control and brain wave manipulation utilizing the planet‘s energy fields. He also said 
that these types of weapons would be developed and, when used, would be virtually 
undetectable by their victims. He was not some wire haired fanatic when he made these 
observations in 1966 -he had the credentials of a world recognized scientist. What his 
futuristic concepts became, are the things which projects like HAARP are made of... 


H.A.A.R.P. and Mind Control 


e Radio frequency radiation, acting as a carrier for extremely low frequencies (ELF), 
can be used to wirelessly entrain (adjust) brain waves. 

e We are talking about very, very low power requirements. The trick for influencing 
brain activity is in the combination of frequency, power level and wave form. 

e As Dr. Patrick Flanagan, one of America’s most gifted inventors noted in an 
interview, the HAARP project could be not only the biggest ionospheric heater in the 
world, but also the biggest brain-entrainment (brain adjustment) device ever 
conceived. 

e According to HAARP records, when the device is built to full power it can send very 
low frequency (VLF) and extremely low frequency (ELF) waves using many wave 
forms at energy levels sufficient to affect the mental states of entire regional 
populations. 
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The HAARP transmitting system could be used unintentionally or intentionally to 
alter mental functions. 

If HAARP is tuned to the right frequency, using just the right wave forms, mental 
disruption throughout a region could occur intentionally or as a side effect of the radio 
frequency transmissions [in other words: “mind contro!’’]. 


RFID Technology 
Radio Frequency Identification (RFID) microchips are microchips that can be directly 
imbedded into human flesh. This section discusses the dangers of RFID chips. See Rense 
(2001) for full review. 


RFID technology links the brains of people via implanted microchips to satellites 
controlled by ground-based super-computers. 

Today they are small enough to be inserted into the neck or back, and also 
intravenously (through a vein) in different parts of the body during surgical 
operations, with or without the consent of the subject. It is now almost impossible to 
detect or remove them. 

Implanted human beings can be followed anywhere. 

Today's microchips operate by means of low-frequency radio waves that target them. 
With the help of satellites, the implanted person can be tracked anywhere on the 
globe. 


RFID Technology and the Medical Profession 


One reason the dangers of implantable microchip technology has remained a state 
secret is the widespread prestige of the psychiatric DIAGNOSTIC STATISTICAL 
MANUAL IV produced by the U.S. American Psychiatric Association (APA), and 
printed in 18 languages. Psychiatrists working for U.S. intelligence agencies no doubt 
participated in writing and revising this manual. This psychiatric "bible" covers up the 
secret development of Mind Control technologies by labelling some of their effects as 
symptoms of paranoid schizophrenia. 

The Psychiatric Diagnostic Statistical Manual (DSM) for mental disorders has been a 
brilliant cover up operation in 18 languages to hide the atrocities of military and 
intelligence agencies' actions towards their targets.) THE MANUAL LISTS ALL 
MIND CONTROL ACTIONS AS SIGNS OF PARANOID SCHIZOPHRENIA. 

If a target is under surveillance with modern technology via TV, radio, telephone, 
loudspeakers, lasers, microwaves, poisoned with mind altering drugs via air-ducts, 
giving familiar smells which cause headache, nausea and so forth, if s/he claims 
her/his clothes are poisoned, her/his food or tap water as well --- all medical schools 
teach their students that the person is paranoid, ESPECIALLY if s/he believes 
intelligence agencies are behind it all. 

Never is the medical profession told that these are routine actions all over the world 
by intelligence agencies against their targets. Thus, victims of mind control are falsely 
considered mentally ill and get no help since they are not believed and their suffering 
is doubled by misinformed health professionals. 
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Accurate Instrument model 153 and its RF probe schematic 
courtesy of John Lescaud. 





Further Implications of RFID Technology 


e How many people realize what the implications of implantable chips actually mean? 
It means total loss of privacy and total outside control of the person's physical body 
functions, mental, emotional and thought processes, including the implanted person's 
subconscious and dreams! For the rest of his / her life! 

e It sounds like science fiction but it is secret military and intelligence agencies’ mind 
control technology, which has been experimented with for over half a century (since 
1950s). Totally without the knowledge of the general public and even the general 
academic population. 

e Supercomputers in Maryland, Israel and elsewhere with a speed of over 20 BILLION 
bits/sec can monitor millions of people simultaneously. In fact, the whole world 
population can be totally controlled by these secret brain-computer interactions, 
however unbelievable it sounds for the uninformed. 

e Neuro-electromagnetic involuntary human experimentation has been going on with 
the so-called "vulnerable population" for over 50 years, in the name of "science" or 
"national security" contrary to all human rights. It happens today in the USA, Japan, 
and Europe. With few exceptions, the mass media suppresses all information about 
the entire topic. 

e Only increased public awareness of the microchip implants, thei frightful 
consequences to privacy by influencing of individuals' thoughts and actions, causing 
people to become biological robots with physical and emotional pain whenever the 
supercomputer technician so wishes, is enough reason to refuse to take the microchip 
into your body for whatever reason. 

e It is the biggest threat to humanity and the most sinister plan to enslave the human 
race forever. 


If you have a choice and want to remain a normal human being with privacy, DO NOT have 
your children implanted NOR yourself implanted with RFID microchip(s) (or any other type 
of implantable microchip). Otherwise your vision, hearing, sensing, thoughts, dreams and 
subconscious will be influenced by an outsider, who does not have your best interests in 
mind. For the rest of your life! 


Mind Control: MK Ultra Technology 

MK Ultra today has evolved from the 1950s variation of mind control (MK Ultra 
Compendium 1980), whereby drugs such as LSD, and interrogation were used as methods to 
weaken the mind of the individual to force confessions through mind control. Today, mind 
control is achieved through the implantable microchip (mentioned above; Rense 2001). 


e The brain functions of an implanted person can then be remotely monitored by 
supercomputers and even altered through the changing of frequencies. 

e Once implanted, the U.S. National Security Agency's (NSA) 20 billion bits / second 
supercomputers could now "see and hear" what you are experiencing with a remote 
monitoring system (RMS). 
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e Every thought, reaction, hearing and visual observation causes a certain neuro logical 
potential, spikes, and patterns in the brain and its electromagnetic fields, which can 
now be decoded into thoughts, pictures and voices. MK Ultra technology is therefore 
capable of Mental Video and Audio Projection, as well as Artificial Telepathy. 

e The mass media have not reported that an implanted person's privacy vanishes for the 
rest of his or her life. S/he can be manipulated in many ways. Using different 
frequencies, the secret controller of MK Ultra technology can even change a person's 
emotional life. S/he can be made aggressive or lethargic. Sexuality can be artificially 
influenced. Thought signals and subconscious thinking can be read, dreams affected 
and even induced, all without the knowledge or consent of the implanted person by 
using MK ultra technology. 

e Memory suppression technologies are used in conjunction with MK Ultra technology, 
which enables the programmer to control certain memories the victim remembers. 
The use of memory suppression technologies and MK Ultra technology allows the 
programmer to reinforce behaviour and elicit specific conditioned responses. 

e Mind control techniques, such as MK Ultra, can be used for political purposes. The 
goal of mind controllers today is to induce the targeted persons or groups to act 
against his/her own convictions and best interests. Zombified individuals can even be 
programmed using MK Ultra technology, to murder and remember nothing of their 
crime afterward. 

e The goal of mind control, using MK Ultra technology is to program an individual to 
carry out any task against thei will and self-preservation instinct and to control the 
absolute behaviour and thought patterns of the individual. The purpose of mind 
control, using MK Ultra technology is to disrupt memory, discredit people through 
unusual behaviour, to make them insane or to commit suicide or murder. 


See Mind-Computer (2012) which discusses how artificial telepathy is achieved. Artificial 
telepathy, also known as ‘brain to brain communication’, is also possible using MK Ultra 
technology. Furthermore, review: Jim Cristea (2009); Berkeley News (2011); UC Berkeley 
Campus Life (2011) CTForecaster (2013); nature video (2013) and Stromberg (2013). The 
above mentioned articles and videos describe, demonstrate, and corroborate how audio and 
video projection of the brain is achieved; how dreams can be recorded and projected digitally; 
how the brain can be scanned to reveal hidden information personal to an individual; and 
what a person’s underlying intentions are, by using brain scans. Moreover, the articles and 
videos mentioned above confirm the functionalities of MK Ultra technology. 


Furthermore, when our brain functions are connected to supercomputers by means of RFID 
technology, MK Ultra technology and other implantable microchips, it will be too late for 
protest. This threat can be defeated only by educating the public, using available literature on 
biotelemetry (electronic equipment that receives signals from radio transmitters) and 
information exchanged at international congresses. 
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Human Cloning 

There are currently five different types of clones, concealed from public knowledge. There 
are Mark 1 clones; Mark 2 Clones; Mark 3 Clones; and Mark 4 clones and reanimated clones. 
Moreover, there are two types of cloning techniques: duplication cloning and replication 
cloning. 


Mark | clones are REM sleep driven clones. However, the technology used for Mark 1 clones 
causes many side effects and therefore Mark 1 REM sleep driven clones are no longer a 
preferred choice. 


Mark 2 clones are also REM sleep driven clones. Mark 2 clones have fewer side effects than 
Mark 1 clones, and therefore Mark 2 clones are currently the preferred method for REM sleep 
driven clones. 


Mark 3 clones are independent clones which operate on microchip containing the entire 
consciousness of an individual. 


Mark 4 clones are also independent clones, operating on a microchip which contains the 
entire consciousness of an individual and is an advanced version of a Mark 3 clone. 


These independent clones (Mark 3 and Mark 4) have a lifespan of 6 months to 12 months and 
require adjustments after this period to run efficiently once more. Without these adjustments, 
their functionality weakens. 


To “reanimate” means “to restore to life; resuscitate; revive”. Consequently, reanimated 
clones are clones which are genetically identical to that of a person who once lived. 


Replication cloning is what the public is most familiar with. Replication cloning involves 
giving birth to a genetic identical of an original where the newborn starts life off as a baby 
and matures. The newborn is referred to as a clone. 


However, duplication cloning is a current concealed advanced from of cloning, and it 
involves taking as little as two cells from an individual, adding a constant electrical charge to 
the cells until a complete human being is formed. 


Duplication cloning is similar to the process of regenerative medicine as demonstrated by Dr. 
Stephen Badylak’s video “How to grow a New Fingertip” (CBS 2008; Science Channel 
2014) where Badylak states: ‘A whole human canbe grown within 9 months.’ On average it 
takes 5 months to grow a duplicate clone of an original by means of advanced scientific and 
technological regenerative procedures. 
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Cloning Centre and Cloning Technology 


A cloning centre is a place where clones are produced. Cloning technology are the 
advancements in medicine, science and technology used to produce duplicate and replicate 
copies of originals. 


Drip Feed Disclosure and Evaluative Conditioning 
Drip Feed Disclosure 


Drip feed disclosure is the process of supplying information but in small amounts overtime. 
Drip feed disclosure is also the process of revealing information slowly overtime, possibly 
telling lies to conceal certain aspects of the truth until the source administering the drip feed 
disclosure has adequate time to let out the truth in a slow and controlled way, thereby 
delaying the betrayed partner (in this disclosure, the public) from having the “complete truth” 
for some time. 


Drip feed disclosure is also a method to gauge public reaction used by governments, the 
media, multinational corporations and organisations as well as high ranking officials to “test” 
whether the general public is acceptant of the concealed information or not. When the public 
reacts favourably to the drip feed disclosure, more information is revealed and made public, 
and it appears to the unsuspecting observer that the people involved in making the disclosure 
are taking positive steps towards a favourable goal for all. However, when the public reacts 
adversely; information contradicting the drip feed disclosure is presented, and an expert is 
presented to the public who voices the concerns of the general public, and therefore it appears 
that the opinions of the public have been noted and research and development will not 
continue in the initial stated direction. Nevertheless, the truth remains concealed and research 
and development continues despite the aversions of the public. 


Examples of drip feed disclosure involve articles such as mind uploading / downloading 
(BEAMS 2007), Mind Clone Robots (Bloomberg Business 2015; RT 2015), The 2045 Avatar 
Project (2045 Initiative 2015; Borghino 2012). I am here to tell you that I have been a spy for 
over 30 years and such technological accomplishments which are posted under trans- 
humanism / post-humanism genre have been realised many years ago and are available 
today. They are just concealed from the public. 


Furthermore, Dolly the sheep was announced as the first publicly cloned mammal (Animal 
Research 1996), but how many readers can say they know that, four years later, a monkey 
(BBC News 2000), our closest primate, was cloned? This is publicly disclosed knowledge, 
but I suspect not many people know of a cloned monkey four years after Dolly. This is 
because there was such a worldwide adverse reaction to genetic cloning when Dolly was 
made public, that the disclosure of the cloned Rhesus monkey (BBC News 2000) was not 
made public knowledge ona grand scale. 
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Evaluative Conditioning 

Evaluative conditioning is defined as a change in liking, which occurs due to an association 
with a positive or negative stimulus (see De Houwer et al., 2001). Simply put, this means that 
our preferences for brands, products, people and other things can be influenced and even 
modified by the presence of something we like or dislike strongly (Hale 2012). 


In many settings, a neutral stimulus, called a “conditioned stimulus”, often coincides with 
some desirable or undesirable object, called the unconditioned stimulus. An unknown brand, 
for example, might appear in a commercial that also depicts a happy child. Over time, stimuli 
that often coincide with desirable objects are perceived more favourably, whereas stimuli that 
often coincide with undesirable objects are perceived less favourably--called evaluative 
conditioning (De Houwer, Thomas, & Bauyens, 2001; Walter, Nagengast, & Trassilli, 2005; 
Moss 2009). An “unconditioned response” is a response to a neutral stimulus we have no / 
little control over. It is a natural automatic response. 


In other words, our preferences for liking or disliking brands, products etc. (the neutral 
stimulus) can be influenced by embedding (implicitly placing) the brand etc. (neutral 
stimulus) with positive or negative associations. Overtime our conditioned response becomes 
one of conditioned favourable or negative response towards the brand, product etc. (neutral 
stimulus) when we are faced with the brand, product etc. at a future date. Our preferences 
have been guided overtime. Evaluative conditioning can change our preferences when carried 


out subliminally or implicitly; it does not have to be explicit. 


In media; music; movies; and other forms of popular culture and entertainment, images and 
symbols (of stimuli which cause undesirable consequences) are embedded subliminally and 
implicitly and are paired with positive associations as a formof evaluative conditioning, This 
causes individuals who have no preconceived judgements of the stimulus to be guided to 


have positive associations with a stimulus which causes undesirable consequences. 


In popular culture; media; advertisements; movies; music and other forms of entertainment, 
evaluative conditioning is used as a method of hinting (that something is wrong); showing off 
of power (ie. nothing can be done to stop the negative stimulus) and as a form of gloating 
(ze. we’ve pulled off the negative stimulus / we are pulling it off). In over the 30 years I have 
been a spy, I have witnessed methods of evaluative conditioning used to hint, show off 
power, and gloat more often than not, and evaluative conditioning is not used just to guide 


social order. 


37|Page 


The fortunate aspect is that once a person learns that his / her preferences are being guided by 
methods of evaluative conditioning, in order to influence the person to have positive 
associations with negative stimuli (or feel powerless towards the negative stimuli); and that 
the stimulus (brand / product) does in fact cause undesirable consequences —then the ‘spell’ is 
broken. The person can now choose how he or she responds to the brand etc. Usually, once 
all is known: a negative stimulus is associated with negative associations; despite it being 


portrayed as positive through evaluative conditioning. 


Consciousness Transfer 


Consciousness is defined as ‘the state of being aware of and responsive to one’s 
surroundings; a person’s awareness or perception of something” (Dictionary Reference 
2015). Consciousness can also be described as: individual awareness of a person’s unique 


thoughts, memories, feelings, sensations and environment (Cherry 2015). 


John Locke (1632-1704) was an English philosopher, Oxford academic and medical 
researcher who argues that it is sameness of consciousness rather than sameness of substance 
that constitutes personal identity. Consequently, if the psychological life is transferred from 
the body of a prince to the body of a cobbler (shoe mender), Locke argues, the resulting 
person will be the prince and not the cobbler. He would be responsible for the prince’s 
actions and not the cobbler’s; those who were close to the prince could continue their 
relationships with him but those who had relationships with the cobbler could not, and so on 
(Schechtman 2012, p.334). Moreover, basic Lockean intuition has proved to be that 
“consciousness transfer” can be thought of as the feat in which the person moves from one 
body into another (Schechtman 2012, p.334). 


Consciousness transfer can also be thought of as the process of transferring or copying the 
mental content (including long-term memory and “self’) from a particular brain and copying 
it to a computational device; artificial body or avatar body such as that of a robot or clone 
version of the original. The computation device, robot or the clone, will then respond 
essentially the same way as the original brain (as suggested by Lockean theory on 
consciousness transfer) and therefore the computational device, robot or clone experiences 
having a conscious mind and essentially the behaviour of the computational device, robot or 


clone, can be attributed as belonging to that of the original. 
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It is OF MONUMENTAL IMPORTANCE that the reader understands the above statement 
regarding consciousness transfer is a method of CURRENT concealed advances in 
technology and not a concept relegated only to the genre of science fiction. At the very least 
the reader should be open to the possibility of consciousness transfer and the implications of 
consciousness transfer, in order to truly begin to understand the extent to which current 


concealed advances in technology are used to commit monstrous crimes. 


I understand the above sounds unsettling, but there are also many wonderful concealed 
advances in technology (detailed in the disclosure section). The marvels in technological 
feats and human accomplishment will be released for the benefit of mankind once the world 
learns about the monstrous crimes which are committed against the them, and the earth, 
through the use of highly concealed technological advances and the good people of the world 


band together to put an end to the tyranny around us. 


Now is also a good time to remind the reader that if military technology advances by a rate of 
44 years for every 12 months which passes, then since 1945 military technology has 
advanced by a rate of more than 3000 years compared to the technology the public is 
currently accustomed to (44 times 70 = 3080). Now ask yourself honestly, in 3000 years 
from now (the year is 5015) don’t you think humans will have been capable of developing a 
method which allows them to transfer their consciousness from one body to the next and 
more? 


I am here to tell you that I have been a spy for over 30 years and that from the intelligence I 
have gathered over the years it has been illustrated to me countless times that consciousness 
transfer is indeed fact and currently exists. Consciousness transfer has been achieved since 
1945, although this accomplishment in human advancement (and more) is concealed from 
public knowledge. Moreover, consciousness transfer is a highly advanced form of concealed 
technology used by high ranking members of society to commit unspeakable crimes against 
the public. 


Furthermore, for the reader who wishes to understand how consciousness transfer is possible, 
see Petkova and Ehrsson (2008) and Ehrsson (2013). In the video Professor Henrik Ehrsson 
(2013) demonstrates: 


1) Consciousness transfer from one body to the next (owning another body other than 
ones original) 

2) Physiological evidence for owning the new body. In other words when consciousness 
has been transferred and the person perceives the new body as that of his or her own; 
when the new body is threatened as the mannequin (new body) was in the experiment, 
individuals still perceived the mannequin body as that of their own and became 
frightened (displayed biological and physiological responses). 

3) Visual perception and stimulation causes us to perceive ownership of a new body. 

4) The new body we inhabit must be similar to that of our own (it does not matter 
whether the new body is smaller or larger than our original so long as_ the 
measurements are proportional) for consciousness transfer to occur. 
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5) That it is possible for consciousness to be transferred to another person’s body and 
have (or perceive) ownership of other person’s body while being localised in your 
own body. In other words, dual consciousness is possible. 


Petkova and Ehrsson’s (2008) and Ehrsson’s (2013) research gives one of the clearest 
publicly disclosed explanations of consciousness transfer and I urge the reader to watch the 
video in order to better understand my disclosure. One of the main findings from his research 
is that perception is not rigid; and perception does shape reality. Sight and synchronous 
(going on at the same time) stimulation can, and does alter the brains perception of reality. 
Sight and synchronous stimulation activates certain parts of the brain (the sensory parts of the 
brain and the motor (movement) parts of the brain). The match between the two (sight and 
stimulation) “convinces” the brain that “hey, I’m no longer in this body; I’m in that one or 
that I have a third arm (although it is a false limp) etc. Accordingly, “perception is reality”. 


Disclosure: Save the Victims through your Diligence 

I’ve done my best to preface this information as logically, sequentially and methodologically 
for the reader as possible. I have stated what the law is on ‘whistle blowing’; I have given 
references and definitions where appropriate and I have provided many sources in order for 
the reader to research, corroborate, and better understand my disclosure, so that he or she 
becomes compelled to help me and victims like me, defeat tyranny and save the future of 
mankind; therefore if there are any areas of my disclosure which still appears suspect —and I 
understand, after all my efforts things may still not appear clear to some readers because we 
are dealing with highly advanced concealed technologies which are not available in the world 
the general public lives in; and therefore it is difficult to fathom and furthermore conceive 
that men can be so evil to their fellow humans through the use of advances in science and 
technology. Nevertheless, I promise you, I have no reason to lie, I am victimised daily 
because of these technologies, and therefore my only option is to tell the truth, and nothing 
but the truth so that the people of the world can put an end to this grave injustice. 


For the reader who still finds it difficult to accept my disclosure after first read, I want you to 
do two things: 


1) Give me the benefit of the doubt. I am asking you to do this because as I stated earlier, 
one of the hardest things to do as a victim of abuse is to come forward about the abuse you 
have suffered. It is even more heartbreaking when nobody believes you. Consider all the 
victims of paedophiles you have heard about on the news. I cannot speak for their individual 
cases but I can attest to the fact it affects my mental psyche beyond comprehension; there is 
nothing worse than being ignored and that nobody believes you. So on that premise, please 
give me the benefit of the doubt, because I’m sure the majority of good human beings out 
there will feel worse when it is proven that I ama victim of severe abuse and you ignored me, 
when you could have done everything in your power to save me. 


2) Set out on a genuine quest to debunk my disclosure. If my disclosure appears suspect to 
you to begin with, then set out on a genuine and investigative quest to debunk my disclosure 
because, if my disclosure initially appears circumspect to believe, then I should be proven 
false within minutes of your research of my disclosure, because even professionals make 
mistakes. There will be something about the disclosure which will just not ‘add up’. 
However, when a person is telling the truth, then it is very difficult to debunk that person. 

I promise you, it will be worth your time to know the real truth about the world, simply 
because the truth is liberating. 
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I would also like to remind you that the truth about the world has been hidden from the public 
for many decades, therefore when you do hear the truth of course it is going to sound absurd 
to begin with; but keep an open mind and pursue till you know what truth is; because “to 
“know” is to understand with certainty”. 


Words of Inspiration: Personalized from a Theoretical Physicist —Thomas 





Campbell 


The following gives an introduction to many aspects which occur in this world behind closed 
doors or in plain sight depending on how familiar the reader is with the topics. Evidently, a 
lot of what is written predominantly affects the people of the world and it is time the people 
of the world stood up and reclaimed their world. I cannot stress this importance enough! The 
disclosure is also a basis which explains many of the anomalies which exist in the world 
today. I apologise in advance if the disclosure is too shocking to be believable (initia lly) and 
it shakes the foundations of your belief systems... but as I’ve said, rather than lash out at the 
information, you must question your own belief system... and probe into the mechanisms 
which have influenced you to adopt your current belief system... only then does the shock 
subside... and you can move forward with an open mind through investigation, which should 
lead you to either corroborate or debunk the disclosure. Keep in your heart: scepticism, 
optimism and open mindedness (Campbell 2008). Scepticism keeps you from believing 
fallacies. It keeps you from falling into that which you have not yet proven for yourself. 
Scepticism is a requirement for breakthroughs. Optimism gives you the ability to give merit 
to that which you have not yet proven for yourself and Open Mindedness gives you the 
ability to “see” that which has not yet been proven. 


The Science of Hidden Consciousness 


Furthermore, “Consciousness Science Kept Hidden” (YesEthan 2013) illustrates: 


e “The heart is an electrical organ. It produces by far the strongest form of bio 
electricity in our body; up to 40-60 times stronger than the second most powerful 
source —which is the brain. This electrical energy travels through every single cell in 
our body and in a sense, binds the cells together. The bio-electricity field is strong 
enough that it can even be detected outside of the body; out into space; beyond the 
skin. It is very measurable electromagnetic energy, much like radio waves. What we 
found is that the heart produces an electromagnetic field that surrounds our entire 
body 360 degrees; and it can be detected about 3-4 feet with megatron meters outside 
of the body. Researchers at the medical facility in Kansas —say they have detected it 
10-12 feet. So regardless of how far it goes, what is interesting is that we produce this 
electromagnetic field which can be detected; it can be measured, with sensitive 
mainstream medical equipment.” -Howard Martin (co Author) “The Heart Math 
Solution” 

e Scientific studies have shown: that the heart is not only the most powerful centre in 
the body, it is the most intelligent and has the ability to receive precognition 
(knowledge ofa future event or situation, especially outside one’s normal sense of 
perception). If we can create coherence with our heart and mind centre we can access 
our intuition more frequently. 
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When you read my disclosure, remember that it is the heart and NOT the brain which is the 
most powerful centre in the body; the heart is the most intelligent; it has the ability to receive 
precognition and intuition about a future event, before it actually occurs; therefore if you 
find that your heart is in resonance with the themes I disclose; do not fight it with the ego of 
the mind; when our egos get in the way it overrides our heart’s intuition; your heart is capable 
of discerning the truth of an event before your brain becomes conscious of it; by all means 
listen to your heart, and allow your brain to naturally develop its intuition. It will be the 
coherence between your heart first, and then your mind centre which will allow you to access 
your intuition. 


Make an effort and reach your own conclusions to the point where you feel comfort in the 
fact that you KNOW the information contained in this disclosure is indeed factual. This will 
be the point you will have become empowered with golden truth and compelled to fulfil your 
duty as a human being and also spread the truth far and wide. Yes, we are all living in very 
interesting times. 


Disclosure: Donald Marshall’s Message to the World 

My name is Donald Marshall. I have been cloned by a large secretive cult know as “The 
Freemasons” and “The Vril Society” and “Scientologist” together called the Illuminati. For 
readers unfamiliar with The Illuminati see “The New World Order” (1990) by A. Ralph 
Epperson and Appendix C in this document; an introductory guide to the Illuminati and their 
agenda for the world is presented. 


Furthermore, I have to tell you that human cloning has been done since 1945. Now is also a 
very good time to recall Phil Schneider’s comment (Schneider was a Geologist and Engineer 
who worked on black projects and Deep Underground Military Bases (DUMBs)): “That for 
every 12 months which passes, military technology advances by a rate of 44 years compared 
to the technology the public is currently accustomed to” (Schneider 1995; 1996; Open Minds 
2011). George Green (a former Financier affiliated with U.S. Presidential candidates) also 
attests to the fact that humans have been cloned since 1938 (Green 2008a; 2008b). Therefore 
if we take 1945 as a base year, then military technology or hidden technology has advanced 
by the rate equivalent to 3080 years than the technology the general public is currently 
accustomed to (2015 — 1945 = 70 years; 70 multiplied by 44 = 3080). So yes, humans have 
been cloned since 1945 and continue to be cloned today and that current hidden technology in 
the year 2015 is as much as 3000 years ahead of the technology the public is currently 
accustomed to. I'll repeat myself because it is very important the reader understands the 
above statement, even if, the rest of the disclosure is hard to fathom after first read. The two 
most important things to keep in mind are: 

1) Humans have been cloned for over 70 years (since 1945); 

2) Present hidden technology is more advanced -as much as 3080 years more advanced- than 
what the public is currently accustomed to and technology continues to advance at an 
incredible rate. 


The Two Types of Cloning Techniques 


Now there are two different types of cloning techniques, there is replication cloning and 
duplication cloning. Replication cloning is the type of cloning the public has generally heard 
of. Replication cloning involves taking the nucleus (the DNA) out of a donor egg, and 
replacing it with new DNA from the person to be cloned. After a few days the resulting 
embryo can be implanted for pregnancy. The newborn starts life off as a genetic copy of an 
original. 
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Duplication cloning, on the other hand, is the second hidden method and type of cloning 
where the DNA from the person is grown ina big thick tank full of (salty) water. It involves a 
method of regenerative technology where the cells are agitated and agitated and over the 
course of 5 months, a fully formed duplicate clone body of an original is developed. The 
Illuminati used to have to use a tissue sample from the original or the cells from women’s pap 
smears because this contained rich cells to make duplicate clones; they also used children’s 
foreskins which were discarded at the hospital that got removed. That is what happened to 
me. I had my foreskin removed at age 4 —and by age 5 the Illuminati grew duplicate clones of 
me. Now the Illuminati say they have upgraded the technology since 2000 and now all they 
need is blood from the original. They then agitate the blood cells over and over again through 
regenerative technology, until a fully formed duplicate clone body of an original is produced. 
For readers who are unfamiliar with regenerative procedures, see Dr Stephen Badylak’s video 
on “How to grow a new fingertip” (Science Channel 2014) and Carmichael (2013) which 
discuses how scientists cloned a mouse from a blood sample (this is another example of drip- 
feed disclosure). Regenerative science and medicine (CBS 2008) does work; I’ve seen it 
many times. 


The Different Grades of Clones: “Mark 1” to “Mark 4” Clones 


There are a few different grades of clones that I know of. There are: “Mark 1” to “Mark 4” 
clones. Mark | clones were available at the end of World War II (1945). Mark 1 clones were 
rapid eye movement (REM) driven clones but they were primitive grades of cloning with lots 
of side effects caused to the original Mark 1, REM driven clones were called “Organic 
Robotoids”, even though there are no robotic parts to the clone at all. See Dr Peter Beter’s 
discussion on “Organic Robotoids” (Beter 2011). 


Donald Marshall’s Dilemma with “Mark 2” Sleep Driven REM Clones 

The problem I am having is with Mark 2 REM driven clones. “Mark 2” is a rapid eye 
movement (REM) driven clone. In other words, Mark 2 clones are sleep driven clones. REM 
Sleep is the fifth stage of sleep (Sleepdex 2015). The first REM cycle usually happens 90 
minutes to 110 minutes after we fall asleep (Sleepdex 2015). What that means is: currently, 
this is the [lluminati’s main form of communication. They do not call people on the phone; 
they do not meet at the Bohemian Grove anymore (they only meet there once a year for 
traditional purposes). Since they discovered the science of sleep driven cloning, they meet at 
the cloning centre WHEN THEY GO TO SLEEP (The cloning centre is a physical location, 
located 5 / 6 hours radius from the Robert Pickton Farm (Port Coquitlam, British Columbia, 
Canada) at a nature reserve). 


Consciousness Transfer Happens When the Original Reaches REM Sleep 


The Illuminati can transfer the consciousness of an original once the person reaches REM 
Sleep if there is a duplicate clone of the original at the cloning centre, once the person goes to 
sleep (90 minutes to 110 minutes after falling asleep). So what happens is that the 
consciousness of the original is transferred to the duplicated clone body (the duplicated clone 
body is grown within 5 months by regenerative technology) once the original reaches REM 
sleep. The original’s consciousness is transferred from the original’s body, although the 
original’s body is still in their bed, asleep at home; to a duplicated REM driven clone body at 
the cloning centre and the original ‘wakes up’ as a cloned version of himself / herself at the 
cloning centre. It is a great marvel of science and one man’s greatest achievements, but it is 
kept hidden and used for sinister purposes which I discuss below. I must address the readers 
at this point who are lost at the thought of duplication cloning, and consciousness transfer. 


43|Page 


For readers who may have difficulty understanding the process of duplication cloning, see the 
video which features Dr Stephen Badylak (CBS 2008; Science Channel 2014). Badylak 
describes and illustrates how a new fingertip can be grown within 4 weeks, by the process of 
regenerative technology. Duplication cloning works a similar way; involving regenerative 
technology whereby the cells are agitated and agitated, and over the course of 5 months a 
fully formed duplicate clone body of an original is grown. Moreover, readers should also 
view the Horizon documentary “Why Do We Dream?” (2009); the documentary clearly 
explains the phases of sleep; particularly REM sleep. The documentary also clearly explains 
that during REM phase sleep the whole body shuts down, and it is only the brain which is 
active. The fact that the brain is still active, although the body is inactive, is a perfect 
opportunity for consciousness transfer; and this is usually the moment the Illuminati transfer 
the consciousness of a person who is asleep, to a cloned version of himself / herself. The 
reader should also explore Ehrsson’s (2013) lecture on consciousness transfer. In the video, 
Ehrsson (2013) clearly explains how through the first person visual perspective (seeing 
through the eyes), and through synchronous (occurring at the same time) stimulation of a 
body part, individuals can perceive and see the world from another body different from their 
original. In other words, so long as people can see through the eyes, and the body is 
stimulated, the match between the visual perspective and feeling body sensations allows the 
individual to see and perceive the world through another body different from their original. 
The consciousness has been transferred to another body. 


Ehrsson (2013) also demonstrates that consciousness is linked. Once consciousness is 
transferred (ftom the original’s body to the new body), even though the new body is not the 
persons original body; when the new body is attacked, because the person perceives the 
world through the new body, everything feels “very real”. When the new body (for which the 
person’s consciousness has been transferred to) is attacked, the original still perceives the 
threat as “real”, and therefore the person displays a biological and physiological fear response 
in their original body; the heart rate increases, as does respiration (breathing) rate, as well as 
anxiety. 


Donald Marshall is an Original as he sits at Home Typing this Disclosure 

This is how advanced technology is today. This is also exactly what happens to me. I am an 
original as I sit at home here typing this disclosure, but when I enter REM sleep, my entire 
original body shuts down, and only my brain is active. The Illuminati have linked my 
consciousness to a REM driven duplicate clone body of me. Therefore, as soon as I enter 
REM sleep, they are alerted to the fact that I have entered stage five of the sleep cycle, and in 
REM sleep, because they have a green and red light above duplicate clones at the cloning 
centre. The red light indicates that the original is awake, and the green light lets them know 
that original has entered REM phase sleep and it is time to transfer their consciousness to a 
duplicate clone version. They cannot transfer the consciousness of an original before REM 
phase or when the original is awake. When they try and transfer consciousness before an 
original is in REM phase it makes the original have intense headaches. Setting an alarm every 
90 minutes to wake up and then go back to sleep also does not work in terms of avoiding 
REM sleep and having your consciousness transferred, because the body requires REM sleep, 
and therefore you become very tired, quickly, if youdo not get REM sleep. If you stay awake 
for four days without REM sleep you begin to hallucinate; after seven days without REM 
Sleep you will die. 
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When Donald Marshall's REM Driven Cloned Experiences Began 

This whole sordid episode began when I was 5 years old, after going to the doctors to get my 
foreskin removed, at age 4. The tissues from my discarded foreskin were used to grow 
multiple duplicate clones of me. Within months, I was having my consciousness transferred 
to a REM driven, 5 year old clone version of me every time I entered REM sleep. The reason 
the Illuminati did this was because they wanted to use me as what they term “a diddle kid” — 
in other words they wanted to have sex with an REM driven, 5 year old, duplicate clone 
versionof me. This is what they do. They clone people. They make duplicate clone bodies of 
people to victimise in terrible ways, and they clone children for men with undeveloped 
penises to have sex with. 


However, I could never remember any of these REM driven clone experiences when I woke 
up for 25 years; because another aspect of REM driven cloning is that the Illuminati have the 
advantage of being able to suppress the experiences of people who have their consciousness 
transferred to their REM driven duplicate clone versions through advanced memory 
suppression technologies. For the reader who wishes to understand how memory suppression 
works see Winter (2014). Memories are stored and retrieved from different parts of the brain. 
Interactions between the cerebral cortex (the outer layer of the brain) and hippocampus need 
to work together in order to bring the memories out of mental storage to be re-experienced by 
the mind (Winter 2014). Therefore all that has to be done is for them to turn off the nerve 
cells which communicate with the cerebral cortex and hippocampus for the evening which 
you went to sleep and had your consciousness transferred to a REM driven duplicate clone 
version of you, and you will not remember anything. The technology is so advanced; they 
can, and do suppress memories at a push of a button. Therefore, the victim wakes up the next 
morning and will not remember a single REM driven duplicate clone experience. All that 
they will be aware of is that they did not have a dream the previous night. 


This is what happened to me for over 25 years. I wasn’t allowed to remember these REM 
driven duplicate clone experiences until I turned 30. My memories were suppressed for 25 
years. I would wake up many days, after a night’s sleep, thinking ‘I didn’t have a dream last 
night’; or I would wake up the next morning and I would be sick, although I went to sleep the 
previous night feeling completely healthy. Throughout the years, I thought I had terminal 
illness; because whenever I went to see a doctor, the diagnosis would always come back that 
‘there was nothing wrong with me’. 


However, over the course of 25 years when I was memory suppressed, and not allowed to 
remember my REM sleep driven clone experiences, the Illuminati were using me to produce 
songs, lots and lots of songs, and whenever I could not produce a song, or did not want to, 
they would stab my REM driven clone body; sodomize my REM driven clone body; chain 
me to a crucifix and burn my REM driven clone and torture me for all kinds different 
reasons; and even when I was compliant and did what they told me to, I was attacked, simply 
because some members of the Illuminati wanted to know what it feels like to stab someone. 
Now because consciousness is linked (Ehrsson 2013), all these REM clone torture 
experiences affected me in my original body, and I have a weak heart today because of it, at 
the age of 39. The memories of my REM clone driven experiences also had to be released to 
me slowly (see Alford (2014) and FW: Thinking (2014) —for an example of how memories 
can be wiped and restored) over the course of many months because I had been through so 
much horror and torture that if the memories was released all at once, I would have had a 
heart attack in my real body and died. 
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This is one of the main reasons the Illuminati currently use REM sleep driven cloning 
(besides sex and torture): to plagiarise talented people under duress. There are many people 
including me who have been, and are plagiarised on a daily basis. Their consciousness is 
transferred to their REM driven clone alternates, and night after night and under duress they 
are forced to reveal their money making ideas or face torture or clone death; clone death after 
clone death. That is what the movie Inception (2010) is about: REM sleep driven cloning, and 
stealing ideas from the minds of unsuspecting individuals. The Illuminati actually made the 
film Inception (2010) as well as The Island (2005), Avatar (2009) and The 6" Day (2000); the 
films mentioned above contain references of cloning and REM driven cloning to show off 
the luminati’s ‘power’ and throw in the world’s face and laugh. 


The Science of REM Driven Cloning Began in 1945 


I am one of the few people fortunate, or unfortunate depending on how you look at it, who 
remembers all of my REM driven cloning experiences because these memories were released 
to me at the age of 30. I remember many people who have attended and still attend the 
cloning centre which they bring me to over the course of 34 years. 1am currently 39 years old 
and was brought there since the age of 5. The science of REM sleep driven cloning was first 
discovered in 1945, and at first it was just a political thing which leaders of the world did. 
Through the science of REM sleep driven cloning, political figures, heads of state and royalty 
met each other as REM driven clones versions of their selves when they went to sleep and 
discussed worldly affairs in complete secret with each other. They also did whatever they 
wanted with each other as REM driven clones, which they could not do in their original 
bodies such as sex, fighting each other to the death, jumping off cliffs as their REM driven 
clones, and just about anything you can think of when one has the ability of pseudo- 
immortality as a sleep driven clone version of themselves hidden from the guise of the world 
and general public. 


Well they soon got bored of each other very quickly, and started to make REM driven 
duplicate clones of movie stars, musicians, celebrities and public figures from all walks of 
life to hang with as REM driven clones and now they all get together for a disgusting time as 
REM driven clones when they go to sleep. Most of the G20 political leaders meet at the 
cloning centre as REM driven clones when they go to sleep to discuss worldly matters and 
watch gruesome things done to innocent and unsuspecting civilians, who are also REM sleep 
driven clones at the cloning centre, but civilians have their memories suppressed. This is what 
the films Hostel (2006); Hostel: Part IT (2007); and Hostel: Part III (2011) (Illuminati made 
films) -are about: -rich people paying to torture and kill innocent people at a secluded 
location for sport; just that at the cloning centre, the Illuminati members torture and kill REM 
driven clones of innocent people. 


Therefore, depending on what was done to your REM driven clone, you could wake up the 
next day with a very intense headache in your original body, if your REM clone was 
repeatedly punched in the head; an upset stomach in your original body if your internal 
organs were tortured; achy limbs; and worst of all, feel sick all over; although the previous 
evening you went to sleep feeling healthy. Remember consciousness is linked (Ehrsson 
2013), therefore whatever happens to your REM driven clone will affect you in your original 
body. Even when they suppress your memory; the previous night’s experiences still affects 
you in your original body. You wake up with the knowledge that you did not dream the 
previous evening when you went to sleep, and with certain illnesses depending on what was 
done to your REM driven clone. 
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Help Donald Marshall STOP REM Driven Cloning NOW! 

Everything I discuss in this disclosure is firsthand witness accounts. I have seen and 
experienced horror spectacles done to innocent civilians and to me. For the sake of humanity 
and the innocent children brought to the cloning centres all over the world; I must tell the 
whole world about this and the good people of this world MUST HELP ME TO BRING 
THIS TO A STOP. My sense of duty, moral correctness, and conscience cannot allow me to 
stay silent about this evil. REM sleep driven cloning, and the torture of innocent civilians as 
REM driven clones; having REM driven clone sex with beautiful, imnocent unsuspecting 
civilians of the world; the paedophilia of children through the process of REM driven 
cloning; REM driven sex slavery; the plagiarism of talented individuals through the process 
of REM driven cloning; and REM driven idea slavery, whereby talented individuals must 
produce new ideas and concepts daily (or whenever they sleep) or be stabbed or tortured in 
their sleep as REM clones —is the most vicious and pernicious form of tyranny ever to occur 
against humanity and IT MUST BESTOPPED NOW! 


Do Not Panic, Riot, or Cause Chaos. This is Very Important. 

Now I must preface this carefully, because members of the Illuminati have told me that I 
have to put this in an eloquent fashion, in a way which does not make people panic because 
people finding out about REM driven cloning, and the extent of the evil it has been used for, 
and continues to be used for; it could cause loss of social order, riots and anarchy in the 
streets. Moreover, I too DO NOT want riots and anarchy in the streets, despite the fact that I 
am vehemently angry considering the extent to which they plagiarised my talents over the 
years. If you are a good person reading this, and you want to help and you want social order 
restored for the benefit of mankind, promise yourself; me; all the innocent children they have 
affected through REM driven cloning, and the children of the future that you will NOT riot, 
and destroy a world for children who are going to inherit the world. This is very important. 
Remember the Illuminati have highly advanced technologies (kept hidden and secret), 
including weaponry, and they are just waiting for any excuse to use it on the populace. In all 
revolutions, the populace always win, and I want this disclosure and the end of REM driven 
sleep cloning to go smoothly. I want the good people of the world to keep spreading this 
information, keep spreading this disclosure all over social media, tell your close friends, your 
family, and as many people on social media platforms as you can. The internet, and radio 
shows with small audiences are the only forms of communication the Illuminati do not 
control. They own all forms of television networks, even including the Aboriginal People’s 
Television Network (APTN), and therefore a message as important as this will never reach 
the average man or woman through television because it does not serve their agenda. 


Spread this Disclosure Document until it reaches the Armed Forces 

I want this message to reach the armed forces, because currently people in the armed forces 
are following orders, yet they do not know how corrupt their governments and people in high 
profile places are. They are unknowingly defending these corrupt people. People in the armed 
forces will NOT defend these corrupt people nor will they harm civilians when they realise 
that these corrupt people have been growing duplicate clone bodies of civilians, transferring 
civilians consciousness to their duplicate clone versions when the victim reaches REM sleep, 
and torturing civilians in their sleep; having sex with under-aged REM driven cloned 
children; having sex with innocent and unsuspecting adults as REM driven sleep clones, 
against their will; torturing REM driven clones for sport; and for money-making ideas to 
benefit their own pockets while they make innocent civilians sick and have side effects in 
their original bodies from REM sleep driven cloning technology. No. The armed forces will 
not accept that. Therefore keep spreading and sharing this information for everyone to see so 
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that it reaches personnel in the armed forces ASAP! I want the armed forces to overthrow 
these corrupt people. The Illuminati think they are very sly and untouchable because together 
they hold most of the wealth in the world. We must show them that they are not untouchable. 
Please do all you can, to share and spread this message. It is the most important message to 
ever reach the internet because it affects all our liberties. 


I must also address the readers who may feel afraid in spreading my message because they 
may want to do the right thing, but they are terrified the Illuminati may degrade or end their 
lives. As unbelievable as the next thing I am going to share sounds, it is a belief system which 
shapes the reality of the Illuminati and therefore they themselves are afraid to do anything 
which may degrade their lives or ‘eternal soul’. 


They believe that they are the ‘fornicators’ mentioned in The Bible, and if they were to 
degrade or harm the lives of anyone aiding me, they would suffer the wrath of God when they 
die. Notice I said when they die, but so long as they are still alive they can do all the evil 
they like, with little consequence, as they do in their REM driven clone versions at the 
cloning centre; worshipping Lucifer and doing all sorts of ungodly things. They even say God 
does not exist, only science and technology; yet they are afraid of dying. Very afraid of 
dying; because they believe they’ ll meet God’s judgement. I’m just relaying what they have 
told me. They are weird like that. They also follow Hopi Indian Prophecy, Mayan Prophecy 
and Nostradamus Prophecy. They mix and match those three prophecies and come up with 
their own religion of what may or may not happen in the future. 


Donald Marshall is NOT “The New Age Saviour”. Nobody wants to bea 
‘saviour’ 

Furthermore, THEY believe I am a new age saviour for the end times; that I was going to 
save the world from something, according to the Nostradamus prophecy (quatrains); the 
Illuminati consider Nostradamus the greatest prophet ever to walk the earth. They are in awe 
of him. 


I DO NOT endorse their claims. I just want REM driven cloning to stop and these people 
face punishments for their crimes against humanity. I really do not endorse such claims, but if 
it saves my life and yours, so be it. In reality and practicality, nobody wants to be ‘the 
saviour’; not with such tyranny and pernicious evil such as this. We’d rather all just be living 
normal lives without the knowledge and practice of REM driven sleep cloning which is used 
for torture, clone death spectacles and sex with children. My friends on Facebook do not 
want to be heroes or ‘saviours’ either; nobody really does, but we do it out ofa sense of duty, 
moral correctness and our conscience would never rest knowing the true extent of evil in this 
world, and doing nothing to end it. So all that saviour and Nostradamus prophecy talk, it is 
just the Illuminati; they like to quote prophecies, and make them come true to make 
themselves feel special. 


Like I said, they are weird. I’m just relaying what they say, and I do not endorse the new age 
saviour Claims. I’m just a normal guy, who was unfortunate to be cloned when he had his 
foreskin removed at age 4. This could have happened to anyone. Thankfully I had a very 
active imagination at the age of 5 and with the use of the technologies such as Mind-voice 
technology (that is what the Illuminati call it) it allowed me to make songs to keep the 
perverts off me. Mind-voice technology is just a technology which can tune into the inner 
voice in your head (See articles by Prigg (2014) and New Scientist (2014) —which discuss 
how scientist can listen to your inner voice; —it is similar to how Mind-voice technology 
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works). Therefore, when you hear the sound of a guitar; the sound of drums; or any 
instrument for that matter; after hearing the sound, when you imagine the sound you heard, 
your REM driven clone can replicate this sound with Mind-voice technology exactly; and I 
used Mind- voice technology to make many, many songs over the years. As I’ve said, and I'll 
say it again: technology today is very advanced. 


How the Nostradamus Prophecies shapes the lives of the Illuminati 


Also another reason they have not killed me is because the Illuminati said “If they do, 
everyone is going to know I am telling the truth”, -which I am with my right hand to God and 
I cannot lie about this stuff; the things I have seen are too sinister and diabolical. It would 
make me as bad as them if I did. Furthermore, because they follow the Nostradamus 
prophecies religiously, they have told me that they believe anyone helping me is considered 
part of “The Army of Light” and again, to hurt or degrade anyone helping me, considered 
part of The Army of Light would incur the wrath of God; and that to hurt anyone considered 
part of The Army of Light will degrade their lives; they will suffer misfortune and entire ruin 
as will their eternal soul. These are just some of the interpretations of the Nostradamus 
quatrains they have relayed to me. These people are beyond crazy, zealot and religious 
fanatics. Nevertheless, the main point to remember by all this is that you are safe, and they 
cannot hurt you, they are scared to hurt you, as well as kill me because prophecies have 
shaped their lives and the lives of their ancestors for hundreds of years. 


Furthermore, and practically, I have told too many people that this is the extent, to which 
technology has developed in our current day, and it is kept secret and hidden from the public 
for nefarious purposes and this is what the Illuminati do: REM sleep driven cloning. I have 
been spreading this information since 2011 and not one of these high profile people, 
government officials or celebrity figures has issued a (public) statement against me or taken 
me to court over libel charges because I’m telling the truth; and their statements would not 
hold in court. 


I have also told over a million Arabs; I have appeared on radio interviews with Vinny 
Eastwood (Vincent Eastwood 2013); Jeanice Barcelo (Jeanice Barcelo 2013); and Lisa 
Phillips on the Cry Freedom Radio show (Astral 7ight 2013a — 2013h). I have reached 
audiences as many as 280,000 views on the Vinny Eastwood Show (Vincent Eastwood 2013) 
alone. However, I must stress that YouTube reduces the view count of my interviews every 
so often in order to suppress the truth so that my interviews do not get featured on their 
platform. Nevertheless, there is safety in numbers and rest assured there are new people 
waking up to the disclosure of REM driven sleep cloning every day; and therefore you can 
share and spread this information without any worry about facing reprisals from the 
Illuminati, even if you do not believe that it is in fact their beliefs in Nostradamus prophecies 
which is saving you and I from the Illuminati. 


HIV/AIDS has been cured; so have many forms of cancer 


Now is also a good time to share with the reader that this situation is not all ‘doom and 
gloom.’ In their quest to perfect technologies, science and medicine, the Hluminati discovered 
the cure for HIV/AIDS; cancer (except pancreatic cancer); Alzheimer’s; Dementia and many 
more debilitating diseases which humanity suffers with. They relayed the fact that they found 
the cure for HIV/AIDS by stimulating the cells in an oxygenated rich environment because 
diseases/viruses cannot thrive in an oxygenated rich environment (in layman’s terms). Magic 
Johnson was cured from AIDS this way and they use him as a spokesperson to sell the 
retrovirus pills which they know is not as effective. However, the greed these people have, 
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knows no bounds, and because they receive too many donations for HIV/AIDS as well as 
cancer donations they do not announce they have cured HIV/AIDS or cancer publicly. As 
I’ve told you, and will continue to tell you: technology is far, far, FAR advanced than what 
you currently see around you. With the help of the good people of earth I promise to release 
these technologies for the benefit of mankind, and all reading this disclosure can hold me to 
this. You must hold me to this. It is time we ended corrupt governments and corrupt 
individuals in high positions of power in this world. Hold me to this. 


I hope you are now beginning to understand why this is a world emergency and why these 
corrupt people must be ousted and overthrown. I also hope you understand why you must not 
riot or cause chaos because as I said at the beginning of this disclosure “TI write this to 
empower good people of the world against the tyranny which exists all around us in our 
world today”; I did NOT write this to cause chaos, public dissension or anarchy. Good 
people of the world will inherit the earth once these corrupt people are overthrown. 
Therefore, under no circumstance must you destroy the world when you are going to inherit 
it. No matter how angry this disclosure makes you; no matter how angry the diabolical people 
who commit these crimes against humanity make you feel. Let’s make sure this goes 
smoothly. Keep spreading and sharing this information, until this disclosure reaches the 
armed forces; until the armed forces bring these corrupt people to their knees. We are about 
to inherit the earth; by all means let’s ensure everything goes smoothly. Now that you 
understand how important this disclosure is and that the overthrow of these corrupt 
individuals must progress smoothly, I’ ll continue. 


The Behaviour of High Profile People at the Cloning Centre 


The high profile individuals who attend these REM driven clone gatherings in their sleep 
have nothing better to do than to show off in disgusting ways. They have no shame and it 
seems nothing embarrasses them. Some REM sleep driven, cloning centre attendees, sit in the 
stands of an unused arena, smaller than a hockey rink, but it still has the capacity to seat 
between approximately 300 to 400 people. There is dirt in the centre of the rink where ice 
would be. They have frightened REM driven clones of children walk into the middle of the 
dirt rink to be victimised for a bizarre and disgusting spectacle. Sometimes, they have 
animals like dogs have sex with the REM driven clone children, while a man holds the dogs 
on leash so that it wouldn’t bite the child on the back of the neck; which I have seen happen 
before. They all try to outdo each other in their levels of depravity; to be evil is to be “cool” 
to them. 


The Ring Leaders of the Cloning Centre 


I will now discuss the ring leaders, but before I name names, please understand that I am not 
someone who has collated stories and evidence together over the internet. [REALLY do not 
need to do this. Every time I enter REM sleep, the ring leaders at the cloning centre transfer 
my consciousness to a duplicate clone version of me. I have seen and talked with these 
monsters over the course of 34 years as REM driven clones at the cloning centre. However, I 
do understand that for the average reader, without understanding how far medicine, science 
and technology has advanced; without seeing or hearing people, other than me, discuss the 
crimes the ring leaders of the cloning centres commit, it is very difficult to imagine that this is 
what these high profile people are involved with, and do. Nevertheless, I guarantee it; this is 
the true extent and prevalence of evil in our world. 
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Their public personas, and public images is well managed by their PR teams, and therefore 
for the average person it is difficult to imagine these people in any other way but “positive”; 
but these people behind closed doors are the most evil, sick and twisted people I have ever 
had the misfortune of encountering. It is also difficult to take in what I am saying because I 
am not a public figure, nor do I have the “influence” or public image these people have; the 
general populace have never met, or heard of me, or known who Iam; if this was the case my 
eye witness testimony alone will be enough; however, I do understand that we are dealing 
with highly advanced technologies, thousands of years advanced compared to what the 
general public is accustomed to, and because of this I provide references for the reader; I 
provide references for the reader to have something to corroborate what I am disclosing; and 
I provide references for the reader to see past the illusions these people have created. 


Moreover, as “Consciousness Science Kept Hidden” demonstrates (YesEthan 2013): 
remember that it is the heart and not the brain which is the most powerful centre in the body, 
the heart is the most intelligent; it has the ability to receive precognition and intuition about a 
future event, before it actually occurs, therefore if you find that your heart is in resonance 
with the names mentioned; do not fight it with the ego of the mind; when our egos get in the 
way it overrides our heart’s intuition; your heart is capable of discerning the truth of an event 
before your brain becomes conscious of it; by all means listen to your heart, and allow your 
brain to naturally develop its intuition. It will be the coherence between your heart first, and 
then your mind centre which will allow you to access your intuition. 


The references I provide for the reader to corroborate what I am about to say includes: 
“Appeal from Survivors of Canadian Genocide” (inifiniLor 2013); Tila Tequila —“Missing 
Children and Cloning Centres” (Astral 7ight 20131); “Royal Babylon by Heathcote Williams” 
(MrCowshedder 2012); and “THIS MOVIE WILL BLOW YOUR F%SNG MIND” 
(Kafka W instonWorld 2014). 


Watch all the above videos and you will easily see all that I disclose. In Appeal from 
Survivors of Canadian Genocide interview (inifiniLor 2013): Listen to the indigenous people 
Stee-mas and Wahtsek speak about the pain and torment they have suffered under the Crown, 
the Vatican, the government, and churches of Canada. 50,000 to 150,000 indigenous children 
have gone missing because of the involvement of the Crown, the Vatican, the government, 
and the churches of Canada; and all these factions involved know this! 


Tila Tequila is a television personality who has attended the cloning centres as a REM driven 
clone since childhood. In Tila Tequila’s radio phone in (Astral 7ight 20131), the audio is not 
very Clear for the majority of her disclosure; she was also frightened and therefore she sounds 
most animated; however her words are clear at the following points of the audio (I also 
provide a transcript in the appendices section: “Appendix A”’): 


4.00 min: Cloning Centres and they take your children... 

4.25 min: —There are these CLONING CENTRES —I’m not even talking about child 
molestation here... 

5.40 min —They take your children —-they not only molest them; men f*** them; and make 
them shoot each other... 

7.59 min- There is a point where you cannot just turn the other way, you know this stuff is 
going onand you go ‘oh well, youknow... that’s their problem; let’s just turn the other cheek. 
How long are you going to turn the other cheek until it happens to your own freaking 
children? 
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10.34 min - Do you know why they love children? Because they are innocent souls; they are 
mnocent... they are the most innocent, pure beings in this planet. They are not harmed by 
anything. They are new to the world; bright-eyed, pure innocent children. That is why these 
disgusting paedophile... and these clone rings, cloning centres, satanic rituals, Brownsville 
Texas... there are many of the of the cloning centres where they take your children that go 
missing. 


Royal Babylon by Heathcote Williams (MrCowshedder 2012) addresses the fact that for 
Brits, despite their mordinate pride about their tradition, it is often revealed they know little 
about it than anyone. The documentary then goes on to address the fact that Prince Phillip the 
Duke of Edinburgh, has a lust for blood-sports which includes shooting endangered wildlife 
and mammals which he considers ‘culling’. The documentary is also notable for 
demonstrating to the viewer that Queen Elizabeth II redistributed as much as 2.1 million for 
her private income from 276 people from Merseyside and Lancashire. These people had no 
will, so their property was grabbed. The same is true for the Duchy of Cornwall. If you die 
without making a will, everything you possess will go to Prince Charles. Furthermore, 
Queen Elizabeth II is the largest land owner on earth. Queen Elizabeth II: head of state of the 
United Kingdom, and 31 other states and territories is the legal owner of about 6600 million 
acres of land; one six of the earth’s non ocean surface. She is the only person on earth who 
owns whole countries, and who owns countries that are not her own domestic territory. This 
land ownership is separate from her role as head of state; is different from other monarchies 
where no such claim is made —Norway, Belgium, Denmark etc. The value of her land holding 
is £17,600,000,000,000 (17.6 trillion Pounds) (approximately)). 


In “THIS MOVIE WILL BLOW YOUR F%SNG MIND” (KafkaWinstonWorld 2014), 
readers with a deeper knowledge of the Illuminati and the agenda of the Illuminati will easily 
spot the minor inaccuracies in the documentary. However, the documentary provides a good 
reference and foundation for anyone new to the topic of the Illuminati and their agendas for 
the world. The documentary demonstrates how the world is currently a deception within a 
deception coated in reverse psychology. It gives widespread insight into the Royal family of 
England, and their lineage. 


Furthermore, the documentary provides information that the world’s most popular religions 
have been infiltrated with Hluminati dogma, in secret. The documentary details how (some) 
modern Christians, Jews, and Muslims do not (yet) recognise their common enemy because 
that enemy is invisible (until now). The enemy hides within their own religions. The enemy 
also hides within the activist community (anti- Illuminati movements), it finances big budget 
documentaries and movements. The end game is to sell a divisive (creating strong 
disagreement), anti-capitalistic, atheistic message and deliver trusting followers right into the 
lap of a communist (one government) New World Order. The enemy is the Illuminati. 


The documentary also details that: “Today, the bloodlines of this unholy alliance are on the 
final stages of establishing one world religion, one world government, and one world ruler [-- 
that is IF, the good people of this world do nothing to stop them]. The Windsor Royals are at 
the control of this web of deceit. It is a known fact that Adam Weishaupt (the founder of the 
Illuminati) took refuge and got assistance from the German Saxe-Coburg Gotha Royal 
family. The Saxe-Coburg Gotha’s changed their German name to Windsor (in 1917). The 
Windsor’s public image is a facade, to hide the cesspool from which they operate behind the 
scenes; their power and control cascades out of Buckingham Palace to the elite bloodlines 
who run world affairs.” 
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For anyone who thinks they know they Royal family of England, did you know that still to 
this day: they have a person appointed called “Groom of the Stool”? What is a “Groom of the 
stool”, you may ask? A Groom of the stool is responsible for stools. The kind you sit on and 
the kind youexpel. In other words a Groom of the stool wipes Royal bottoms. The above has 
been confirmed to me by Prince Charles of Wales himself as REM driven clones at the 
cloning centre, and I quote: “It gives youthe feeling of being completely taken care of’ when 
I asked Prince Charles (as a REM driven clone) why they still have that. But don’t just take 
my word for this; research “Groom of the stool”. 


The Royal Family of England 


As most of readers have already guessed; and as unbelievable as it may currently sound to 
some readers, the ring leaders of these cloning centres includes the royal family of England. 
As I’ve said REM driven cloning started as far back as 1945, and it was just a political thing, 
but Queen Elizabeth II has been involved with REM driven cloning since its inception! Yes! 
Queen Elizabeth II; Phillip, Duke of Edinburgh and Prince Charles of Wales are the worst of 
them. They are unbelievable depraved perverts all showing off to the celebrities who attend 
these REM driven clone gatherings. Elizabeth has the REM sleep driven cloned children at 
the cloning centre call her “Lilli-bet” and Elizabeth as a REM driven clone herself does 
ungodly things to these REM driven cloned children. Some she fakes being nice to; some she 
is terrible to; and as a REM sleep driven clone Elizabeth cuts these REM driven clone 
children with swords while they scream. The decent people at these cloning centres who have 
had their consciousness transferred into their duplicate REM driven clones, and are there 
against their will, like I am; they are terrified to say anything against Elizabeth and her 
cronies. Most of these decent people also have their children’s consciousness transferred into 
their REM driven duplicate clones, and Elizabeth and her cronies hold these decent peoples’ 
children as hostage; to be torn apart; clone death after clone death if they have the slightest 
inkling of informing anyone, but as Elizabeth and her cohort have been torturing me as REM 
driven sleep clones anyway, I will disclose all that they do. 


Vladimir Putin is also there, as an REM driven clone, and he loves to put the fear of torture 
and death into people, but he is essentially a perverted coward himself. Most of the famous 
people who attended the cloning centre as REM driven clones are ashamed to speak or be 
seen by me there very much; because they are ashamed of the perverse and disgusting 
gatherings. I am a decent person, even when my consciousness is transferred to my REM 
duplicate clone alternative, and I will not participate in these depraved acts; so they use me as 
an example and torture me for being a good person. They have drugged my REM driven 
clone, and as I’ve mentioned because consciousness transfer is real (Ehrsson 2013) and 
because consciousness is linked, therefore everything feels “real as real”; when I’m drugged 
as a REM driven clone, I behave exactly as any person would on hard drugs (although I have 
never taken any drugs in my original body); my vision is blurry and my balance affected; 
they have used this as method of having me do disgusting things in a blurred state, 
videotaping these dirty acts and editing a highlight reel which also depicts me doing 
disgusting things to show to the world when the world learns of their depraved natures and 
their public personas are shattered so that I can be despised as much as they will be when the 
entire world learns about this. Furthermore, because of the microchip inserted in my REM 
driven clone; they mind controlled me like a “Manchurian Candidate” (The Manchurian 
Candidate 2004) using MK Ultra technology, which is far more advanced than the 
declassified MK Ultra techniques (MK Ultra Compendium 1980) mentioned online today 
which references MK Ultra techniques in the 1970s. See Rense (2001) for a detailed 
explanation of how implanted microchips work, and how these chips allow the programmer 
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control victims. C.S.LS Canadian intelligence are all involved; they have REM driven clones 
too; including a lot of Commissionaires and Canadian Prime Minister Steven Harper himself; 
They do what Elizabeth says, and seem to follow her every whim without question. It 
doesn’t matter who you are; if you have a cute child, or a talented child with imagination, 
creativity and moneymaking potential (such as business smarts; song making ability; literary / 
oratory ability etc. -you name it so long as your child has moneymaking value to them) they 
will send for the blood record of your child; agitate the blood cells over and over until a 
duplicate clone of your child is grown; they will then transfer your child’s duplicate clone 
body from the tank they were grown onto a steel rack; the steel racks contain 5 rows and each 
row holds a duplicate cloned body; once your child goes to sleep in his or her original body 
and once they enter REM sleep (90 minutes to 110 minutes after they first fall asleep) the 
Illuminati are alerted to this fact by a green light above your child’s duplicate clone at the 
cloning centre and they then transfer your child’s consciousness to the REM driven duplicate 
clone; this is the point where the prime evils molest your children; and so your children are 
being molested in their sleep as REM driven clones and then they suppress the child’s 
memory or implant false memories (see Kim (2013) and Alford (2015) —on how false 
memories can be implanted) so your children wake up not remembering dreams from the 
previous night, or if they do remember anything, the memory is false. These depraved acts 
very much stunt children’s development; it causes them to have learning disabilities; 
unexplained depression; loneliness; suicidal thoughts, and all kinds of side effects. 


The cloning centre is a paedophiles paradise and it must be stopped! Elizabeth secretly owes 
a few music companies too (Universal and others) with bands under contract; she forces me 
under a knife to compose music for them; if I can’t she will stab my REM driven clone; burn 
my REM driven clone and have her pervert thugs smash my REM driven clone body there. 
As Ehrsson (2013) demonstrated, because consciousness is linked; and consciousness transfer 
leads the person who has had their consciousness transferred to still perceive reality as “real 
as real” in the new body; I have the same biological and physiological responses as I would 
have if these attacks were occurring to my original body. This has caused me to have heart 
damage and severe debilitating headaches. Because my memories were released to me; I can 
now also remember all my past REM driven clone memories since age 5; as well as the 
previous night’s REM driven cloned memories (when I have my consciousness transferred to 
the cloning centre) which causes severe stress to my mental psyche and mental well being. 


As unbelievable as the above statement sounds regarding Elizabeth’s ownership of music 
companies, just go and listen to the song “Abadon” performed by Boondox (RainmanJhof 
2011) on YouTube. There are two “Abadon” versions; the version you seek can be found in 
the Reference section uploaded by RainmanJhof (2011); skip to 2:46 min (or listen to the 
whole song; pay particular attention at 2:46 min) and you will hear loud and clearly, 
Elizabeth say “Drop the mother f****ing base”. That is Elizabeth’s voice; you can compare it 
to any of her Christmas speeches. That is her. Elizabeth said the above as a REM driven 
clone at the cloning centre. I know. I was there. They got so confident, that nobody would 
ever find out about their REM driven cloning shenanigans, that they even had me sing ona 
song I produced: “Where’d You Go” -—Fort Minor (Murdok Dubstep Remix) 
(MurdokDubstep 2010), available on YouTube. Tila Tequila and I sing on this remixed track 
as REM driven clones (MurdokDubstep 2010); I start to sing from 1:44 min onwards. You 
can compare the voice you hear in the song with the Vinny Eastwood interview (Vincent 
Eastwood 2013). That is me, in both cases, and that song was recorded at the cloning centre. 
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One good person at the cloning centre; Bernie Mac (also as an REM clone version of 
himself); who was an actor and comedian, tried to stand up for me and speak up for me 
saying ‘Cloning and torturing people here, it’s not right to do to a human being...’ and “This 
place is the devil’... Bernie Mac also tried to have others join him in speaking out against the 
REM driven clone torture zone while he was having his consciousness transferred to his 
REM clone driven version. Elizabeth and Philip tortured him for 4 to 5 hours continuously at 
the cloning centre as an example of their ‘power’, Bernie Mac had an aneurysm (brain bleed) 
the next day and died. This is one of the aspects about REM driven clone torture: if you 
torture a REM driven clone continuously for hours on end, you will cause the person to die in 
their original body from a heart attack or aneurysm (while they sleep); even if they do 
manage to wake up the next day; because of the constant pain their consciousness has 
recorded; and because consciousness is linked they will wake up only to have a heart attack 
or aneurysm in their original bodies the following day. If you apply a constantly electrical 
current to a REM driven clone, that person will either have a heart attack or die from 
aneurysm in their original bodies while they sleep. 


This form of murder is similar to the CIA’s heart attack gun (Non Mirage Truth Vision 
2015); which was declassified in the 1970s and was a weapon used for causing heart attacks 
in victims, undetectable as the cause of heart attack under autopsy. The difference with REM 
driven clone death as a form of weaponry is that hardly anyone has heard of death by REM 
driven clone torture. Moreover, the perpetrator can be thousands of miles away from the 
victim; the culprit just needs a duplicate REM driven clone of the victim to torture or apply a 
constant electrical current to; this is exactly what is going on in our world every day. When 
Elizabeth and Philip don’t like someone and they want to get rid of that person, they clone 
that person; torture his or her REM driven clone till that person has a heart attack or 
aneurysm in their original body and dies. 


This is what Elizabeth and Duke Phillip did to the indigenous people in Canada. The video 
reference (inifiniLor 2013) provided above, regarding the genocide of the indigenous people 
of Canada discusses this very topic (inifiniLor 2013). As Elizabeth and Duke Phillip visited 
Canada as clones, when they killed the native children; they both had solid alibis of being in 
England at the time. They then cloned all the witnesses of the Canadian missing children’s 
case and had them remotely killed by applying constant electric currents to their REM driven 
clones; one by one and each witness either died of a heart attack or aneurysm. They just 
dispatched the last witness by also applying a constant electric current to the persons REM 
driven clone because the missing children’s case was building momentum. 


After Bernie Mac’s death everyone is afraid to speak up; they all became afraid of suffering 
the same fate. All it will take is a few lie detector tests from an independent source; and I will 
volunteer for them; they cover up for themselves so carefully that lie detector tests from an 
independent source unconnected to them in anyway will be the only viable method. I know 
many know non- famous people who have also attended these clone centre gatherings as their 
REM driven clone duplicate versions and also remember the clone gathering experiences in 
their original bodies (because they were not memory suppressed) that could be given lie 
detector tests to prove this. When it comes to the sexual exploitation of a child, lie detectors 
are admissible in Canadian courts. I need decent people with integrity to speak about this 
filthy business; to testify about who is involved. There is much to tell about the Illuminati and 
Tama wealth of information about this topic. 
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Elizabeth also had Princess Dianna Spencer killed by having someone shine the brightest 
light known to mankind through the window side on her car; they served away to avoid the 
light and hit the divider; it was no paparazzi. I first wrote about this in my original disclosure 
in 2011; this was corroborated by an article 2 years AFTER I had made my original 
disclosure. See Radar Online (2013) for the corroborating article. Furthermore, “Candle in 
the wind” performed by Elton John (SadSongs4You 2010) was not Dianna’s “death song’; it 
was “Bigger than us” performed by “White Lies” (WhiteLiesVevo 2010). The Illuminati 
released this song, deliberately, 13 years after Dianna’s death, again as a show of their 
‘power’. I did not want to compose this song but Elizabeth and her thugs threatened to stab 
and burn my REM driven clone repeatedly if I did not. Listen to the lyrics. I'll provide some 
of the lyrics here for those of you who are feeling too shocked by these revelations: 


White Lies Lyrics “Bigger than us” 


You took the tunnel route home. 

You've never taken that way with me before. 
Did you feela need for change? 

Apologies on your fingernails, 

Love flickered in the city of lights 

Like internet and radio waves. 


I don’t need your tears 
I don’t want your love 
I’ve just got to get home 


And I feel like I'm breaking up 
But I wanted to stay. 
Headlights on the hillside 
Don't take me this way. 

I don't want you to hold me 

I want you to pray, 

‘cause it's bigger than us. 


Are you beginning to see why these people must be stopped and stopped immediately? Are 
you beginning to see why it is no longer okay to ‘turn a blind eye’ or “bury your head in the 
sand’, and hope it all goes away? Can you see why I need the good people of this world to 
keep sharing this disclosure (online); to tell your friends and family until this information 
reaches the armed forces so that the armed forces can bring these people to their knees. I also 
do not want innocent civilians to get hurt despite the monstrosities these people cause to 
humanity ona daily basis. I want the overthrow to progress smoothly so that the good people 
of the earth can inherit the world, with all technologies and medical advancements which 
benefit mankind, made available to all. This is why I maintain my composure and resolve, in 
spite of the evil I see on a daily basis, and you the reader must also maintain your composure 
and resolve in spite of the evil which I am disclosing, so that we do not inherit a torn down 
world after we have completely overthrown these malevolent, sinister and corrupt hypocrites! 
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Furthermore, Diana survived the car crash; and while, either on her way to hospital or in 
hospital, Dianna was injected with a high concentration of salt, which is near undetectable in 
an autopsy and she died. Elizabeth did this because Diana was going to marry an Arab named 
Dodi Fayed. The Illuminati hate Arabs because for the most part, Arabs have not broken their 
relationship with God. Dianna hated her association with these people; Dianna knew about 
REM driven, sleep cloning and wanted nothing to do with it; but she was afraid of being 
killed and so said nothing. I know a lot about this and many more deplorable things the 
Illuminati have done over the course of 34 years and I will be more than happy to reveal all 
the evil they have done; as well as all the wonderful discoveries and progresses they have 
made in medicine, science and technology, which they have withheld from the general public. 
Iam very happy to disclose all, because I known once the world learns of all they have done, 
we truly will begin to see the end of such evil on this planet. Just make sure you keep 
spreading this disclosure and it reaches the armed forces soon. Soon, soon, soon! 


Help Donald Marshall by Sharing this Disclosure with Y our Close Friends 
and Family 


If you are reading this, then you have to help me. I know some of you may be reading this 
thinking, but I am just an ordinary man or woman Donald, I know you are telling the truth; I 
can feel it in my heart and my head that what you say is true and that you are telling the truth 
(which I promise you, with my right hand to God I am) but I’m just an ordinary man / woman 
Donald; I don’t have any power; I don’t have any influence; or because of the position I am 
currently in I can’t speak out against these people; and I am just an ordinary man / woman I 
cannot be expected to take on the world’s problems. You are right if you are thinking and 
feeling this, and I do not expect or want you to take on the world’s problems. All I want you 
to do is share this information with close friends and family initially, because when you do 
that, at least that is one more person who will know about the true extent of evil in this world. 
When your close friend or family member also shares my disclosure with another close 
friend, the disclosure will eventually spread exponentially. It will also be one more person 
who has your well being in their thoughts because I understand how scary it is to know this. 
Therefore remember there is safety in numbers; and the more people you tell in your social 
circle, the more you can all look out for each other. So feel free to share my disclosure with 
close friends and family. Do not talk about my disclosure in public (for now) if it makes you 
feel uncomfortable. Moreover, if you want to reach more people (other than your initial social 
circle) the best way, is to do it online: through social media, such as Facebook, Twitter, and 
YouTube etc. As I’ve already mentioned, the Illuminati controls all forms of media except 
the internet. 


The Illuminati, being so ‘confident’ at the time with the evil they wield onto the world, put 
my face on a Megadeth album cover titled The World Needs a Hero (2001) (to mock me) 
when I was 23. I posed for this album cover at the cloning centre when I was 23, and the 
album was released with a picture of my face, as a REM driven clone, 3 years later when I 
was 26. They did this because they were extremely confident that nothing would ever be 
proven. Google image it, although I am 39 now, you can still tell that it is me. The image 
shows what I end up looking like after an REM driven clone gathering with a skeleton 
popping out from my chest. I understand most of you are going to continue reading because 
although it is “liberating”, it is also “paralysing” at the same time (Laurence Mountford) to 
realise what the truth of the world is, so I will display two images below, but promise 
yourself, that you will Google search this image in your spare time. 
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Image 3: Megadeth Album Cover: The World Needs a Hero (2001) 





On Giecgadeth's "The Werld 
Bere" Album Gever 











Image 4: My original body: top left (age 37) and bottom right (age 37); 
compared to my 23 year old REM driven duplicate clone body (top right and bottom left) 
at the cloning centre. 
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You can clearly see from the images that, it is in fact me. In Image 4, you can also compare 
what my real body (top left and bottom right) looks like compared to my duplicate clone 
body. Duplicate clones do not come out of the tank looking 100% like the original; it’s 99% - 
there are always some slight variations as some have commented that the eyebrows and nose 
in the picture, bottom right, is not the same (as the duplicate clone on the album cover). 
However, to people who make such comments, I say: my eyebrows and nose is the same 
when you compare it to the pictures of my original body (top left and bottom right). Also, 
remember that the image on the album cover is a duplicate REM driven clone of me. REM 
duplicate clones do not come out of the tank looking 100% like the original. There are always 
slight variations; but the wrinkles on my 37 year old forehead (when I took the picture in my 
original body; top left and bottom right) is similar to my 23 year old wrinkles, the lips are the 
same; and the face which you see, is definitely, the same! Yes. REM duplicate cloning is real; 
going to sleep and waking up as a cloned version of version of you is real and we must put a 
stop to it now! 


The Deplorable Nature of the Iluminati 


My own family has been turned against me one by one. The Illuminati have told my family 
members when they were REM driven clones at the cloning centre, things such as I secretly 
hit or molested their children; poisoned their pets when the pets died of sickness and other 
such things to make my own family hate me and not want to help me. Even when my family 
side with me there at the cloning centre, as REM driven clones of themselves; and my family 
members say “They do not believe that Donny did all those horrid things’ -which they have 
been told; Elizabeth then says “Are you cooling me a liyah?!” in her dis gusting croaking 
voice made as low as low and evil sounding as she can make it, complete with psychotic and 
malevolent glare; and as terrified REM drivenclones my family say “No, no, of course [what 
you are saying] it’s true”, stuttering and afraid as REM clones. My mother Catherine 
McMahon sold me into this REM driven sex and torture cloning slavery when she remarried 
a man named Gordon Cohoon; Gordon’s whole family is in this scummy secret society, his 
brothers Tom and Tony Cohoon; his sisters Darlene and Bernadette Cohoon; they fear the 
new and improved lie detector tests; and all it would take, is for an independent source, far, 
far removed from any association with the Illuminati to administer these lie detector tests on 
me AND the above named people to prove this unequivocally. 


Half way through the making of my original disclosure document (in 2011), when I went to 
Sleep that evening, the Illuminati transferred my consciousness to my REM driven clone and 
introduced me to a man (who was also a REM driven clone) named TROY LANDRY. He is 
an alligator trapper from Louisiana on the TV program named “Swamp People”. Troy Landry 
said “If I send my [original] disclosure out to the public then he would take a power drill to 
my shin bone at the cloning centre and suck the marrow ftom my [REM driven clone’s] 
bones.” It is similar to spinal tap, and one of the WORST things you can do to a REM driven 
clone besides burning a REM driven clone. I told Troy that I will be sending out my 
disclosure to the public, because I have to escape the cloning centre, and so, Troy Landry did 
just that. It was excruciatingly painful; all the REM driven clones that were sat in the stands 
of the arena just watched; slack-jawed. Troy Landry is an insatiable child molester and an 
extra retarded REM driven clone. A side effect of REM driven cloning is that as a REM 
driven clone version of yourself, your emotions are heightened and you are less smart as you 
are when you are experiencing the world in your original body. Nevertheless, Troy Landry is 
extra retarded as a REM driven clone. 
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In Louisiana, when Troy sees a young boy that he likes, Troy asks of the boy’s name and tells 
the boy “He is an alligator hunter”; Troy then proceeds to shake the boy’s hand; Troy then 
has his paedophile friends at the local cloning centre find the boy’s blood records to grow 
duplicate clones of the boy. Five months later, there are multiple REM driven duplicate clone 
bodies of the boy grown for Troy Landry to victimise before the crowd of onlookers. All 
members of the Illuminati do this; it’s just a way of life to them; they consider themselves 
‘the privileged people’ in the world power organisation. Almost all the cast on the “Swamp 
People” television program attended the cloning centre as REM driven duplicate clones of 
themselves, when they go to sleep. After putting a power drill to my shin bone, Troy Landry 
asked me again, “Will I send my [original] disclosure out?” I said “Yes” to which he replied 
‘1’ ll do the same to your pelvic bone everyday!” The pain on my pelvic bone was far worse 
than when Troy put the power drill to my REM driven clone shin bone. I told Troy “I have no 
choice but to inform the public” — and so Troy put a power drill to my REM driven pelvic 
bone, everyday... and it is the worst pain ever... you forget your own name; where you are; all 
you know is pain; and you beg God or anything to save you from it... 


Another deplorable thing which the Illuminati did in real life is: The Canadian government 
were trying to lower the amount of prostitutes on the streets (Elizabeth hates prostitutes) so 
they had a man named Robert Pickton start killing the women and feeding the women to pigs 
on his farm. The Illuminati had a camera set up in the upper corner of a room in Pickton’s 
house and recorded Pickton hitting these women over the head with a hammer (a ball-peen 
hammer). They took the recordings, all 49 of these murders, and they all watch them at the 
cloning centre. To be seen as ‘tough’ at the cloning centre is to watch all 49 of the Pickton 
murders without having it affect your psyche. Elizabeth loves watching the Pickton murders 
and she says she has a macabre fascination with death. Canadian Prime minster Steven 
Harper knows all about the conduct of the Pickton murders; he has seen all the recordings and 
cheers on as the rest of them do. If Mr. Pickton says anything about his involvement with the 
Illuminati, or the recordings, they will apply a constant electrical current to his REM driven 
clone until Pickton has a heart attack or aneurysm in his original body. 


What Happened to Britney Spears? 

The Pickton murders are also the reason Britney Spears ‘lost it? and shaved her head bald. 
She had watched too many Pickton murders as a REM driven clone at the cloning centre and 
it drove her ‘over the edge’. I'll also reference the following songs performed by Britney 
Spears so that the reader has more corroborating evidence to add to the ever increasing pile. 
Search for the video “Break the Ice” (BritneySpearsVevo 2009) on YouTube. In the 
Japanimation video; at the beginning of the video; that is a cloned cartoon version of Britney 
Spears being grown in a big thick thank full of water (1 second to 7 seconds); and at 1:32 min 
to 1:43 min Britney walks into the cloning centre. This is EXACTLY how the cloning tubes 
are in real life. They are stacked one on top of the other, each filled with salty water. Britney 
Spears made this video because she said a fantasy of hers is to “Blow up a cloning centre”. 
The Illuminati allowed her to release this video because at the time they figured nobody 
would ever figure it out. I have provided the images on the next page. 
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Image 5: Britney Spears is being grown as a duplicate clone in a cloning tube. The depiction is 
EXACTLY how the duplicate clones are grown in the Cloning Centre... with wires extending from the 
body; in a big thick tank full of salty water. 





Image 6: Britney S pears walks into the cloning centre. The cloning tubes are stacked one on top of 
another. This is EXACTLY how these cloning tubes are in real life at the Cloning Centre. 





Image 7: The Cloning Centre depicted from an aerial view. 
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In “Hold it Against Me” (BritneySpearsVevo 2011) performed by Britney Spears; Britney is 
depicted fighting against her clone at 2:46 min till the end of the video. In “Mona Lisa” 
(SimpleGirHewer 2007) later remade by Britney Spears she changed the words in the song 
from “gone” to “cloned”. I'll provide the lyrics to chorus here because they have not changed 
iton A-Z lyrics etc., but listen to the song and you will clearly hear the following: 


Britney Spears Lyrics “Mona Lisa” 


She’s the original (yeah, yeah) 
She’s unforgettable (yeah yeah) 
She wants you to know (yeah) 
She’s been cloned... 

It’s kind of incredible (yeah yeah) 
She’s so unpredictable (yeah yeah) 
She wants you to know (yeah) 
She’s been cloned, 

She’s been cloned, 

She’s been cloned... 


Yes. Britney Spears and many other celebrities want you to know they have been cloned. The 
celebrities are depending on you, the ordinary man / woman; the populace, as I am depending 
on you to spread this message fast and far. In fact Elizabeth has said that “If any public 
person speaks out, they will die!” Therefore, public figures cannot openly discuss this topic to 
warn the populace —so they hint. It is NOW up to the ordinary man and woman to end this. 
Furthermore, Elizabeth has a nuclear bomb hooked up at the cloning centre which she can 
press at any time to wreck havoc on the world unsuspectingly. Thankfully, I managed to 
convince Elizabeth not to do such a silly thing. I hope you can now understand why everyone 
is terrified of Elizabeth at the cloning centre, and why this is a world emergency and we are 
depending on you to share and spread my disclosure! 


NEVER EVER SELL YOUR SOUL 


In This Physical World Selling Your Soul Is Selling Your REM Driven Clone 


Furthermore I must discuss an entrapment many up and coming ‘stars’ fall into. You have 
most likely heard many public figures say “I sold my soul to the devil” or some variation of 
“I sold my soul”. I am now going to address the aspect of “selling souls” or “selling your 
soul” which Iam sure you have heard many of these celebrities talk about. I’Il address this as 
coherently as I can because the on the surface selling your soul talk is difficult to contemplate 
especially if you consider the soul to be a metaphysical, ethereal or mystical part separate 
from your earth body. Moreover, we live ina physical world, so selling a metaphysical aspect 
of you sounds incomprehensible (at first). For the most part we have little understanding of 
what the soul is. However, we are told that the soul is a part of us which never dies and it 1s 
eternal. It is all that we are, ever were, and ever will be. Now our faiths and beliefs come into 
question, because if you are an atheist: there is no God, selling your soul is a bunch of crazy 
nonsense. 


62| Page 


Heath T-4 or IT-12 signal tracer probe (left) - - - - Eico 145 signal tracer probe (right) 


470K ohm 


—_E_ Be: a 


cpgese st 





Knight-kit signal tracer probe 


From a practical perspective it also seems difficult to fathom, because if you go on what you 
have been told, you are selling an intangible part of yourself to be used by someone else for 
whatever they wish; and so if you get into the headspace of viewing your soul as something 
separate from you or that you are in control of your mind and your body, then again, ‘selling 
an intangible aspect of you’ again sounds like nonsense because right now nobody controls 
you; you are controlling you; so what are you really selling? Thin air? 


Many up and coming ‘stars’ think this way when they are confronted with “se Iling their soul” 
aspect. The up and coming ‘stars’ are blinded by the prospect of being super famous and 
super rich; and in the moment they are confronted with “selling their soul” they believe these 
Illuminati people, are a group of over religious zealots and that they, -the up and coming 
‘stars’ are taking advantage of the Illuminati because the ‘soon to be ‘stars’’ do not believe 
(in that moment) it is possible to sell your soul, and only consider being super rich and super 
famous; so the ‘stars’ sign their ‘soul’ over. 


At this point, it is usually too late for the up and coming ‘star’; because what they have 
actually sold, in this physical world, is the use of their REM driven clone to the Illuminati. 
They have sold their REM driven clone to be used for REM driven sex by perverse old men 
and women whenever they enter REM sleep. 


These celebrities are not memory suppressed either; so whenever they enter REM sleep, their 
consciousness is transferred to their REM driven clone, to be used for whatever the [luminati 
wish: usually sex as REM driven clones with dirty and perverse old men in return for a 
promotion in the entertainment industry; such as movie role, advertisements, concert gigs 
etc. It is a very, very, sick business, and once these up and coming ‘stars’ get into the 
business they are trapped. Now you can begin to understand why so many celebrities, 
although on the surface it appears they have it all, are depressed; and do random and crazy 
things. It is a cry for help. Their illogical behaviours, (not all) for the most part, can be 
attributed to REM driven cloning. Furthermore, the Illuminati consider ‘selling your soul’ 
(the use of your REM clone) a very serious business. They do not joke about this; and there 
are NO RETURNS. Once you have sold the use of your REM driven clone for promotions 
etc., that’s it. If you ever make a fuss and want your ‘soul’ back, in other words: you no 
longer wish to have your REM driven clone to be used by dirty old men for sex; the 
Illuminati will kill you by applying a constant electric current to your REM driven clone until 
you have a heart attack or aneurysm in your original body and die. It is as simple as that. 


For example, Whitney Houston wanted nothing to do with the cloning centres, she said she 
would keep quiet; she never wants to be in the spotlight; she never wants to do radio or 
television. Let bygones be bygones, I’ll go my way and you can go your way. The Illuminati 
were extremely angry! They had bank-rolled her, and now she didn’t want to be their ‘friend’ 
or ever associate with them again. She was sacrificed; she was killed with a constant electric 
current to her REM clone. She had sold her soul, in the beginning of her career; in other 
words, the “use of her REM clone”. Earlier in Whitney Houston’s career, she had signed that 
they can use her REM driven clone however they wish. 
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I have also seen people say “No” —when confronted with ‘selling their souls’. These people 
are then memory suppressed, and will not remember the proposal of their REM driven 
experience. The people who also refuse to sell the use of their REM driven clone (‘sell their 
souls’) are blacklisted secretly, and they will never receive a high paying movie role, concert 
gig, advertisements etc. If you have ever wondered why so many talented people have not 
‘made it’ —they refused to sell their souls, in other words, the use of their REM driven clones 
in exchange for promotions. This is how the entertainment industry really works. Another 
aspect of selling your soul, in other words, selling your REM driven clone is that you are 
also agreeing to sell your children, and your children’s children etc.; your whole lineage to 
the Hluminati; for the Hluminati to use your unborn children for paedophilia, torture, sex 
sports and other grotesque and ungodly things when they sleep. It is a nasty business. 
NEVER EVER sell your soul. 


The lesson is very important. NEVER EVER, ‘sell your soul’; NEVER, EVER! You will 
experience the worst nightmare situation ever, and in this physical world, that is the use of 
your REM driven clone to be used for sex sports. You’ ll never have a decent night’s sleep 
ever again, and you will always retain the full memory of your REM driven clone 
experiences; as well as, you will be selling your unborn children into this dirty business. 
Even when confronted with this as a joke: never sell your soul. Never Ever! The physical 
aspect you are confronted with when asked to ‘sell your soul’ is: “YOU”, and everything 
which makes you, “you”; your ideas, your creativity, your privacy, your biology; everything 
which makes you, you. Never sell your soul, which in this life is currently the use of your 
REM driven clone! Never, ever! I hope that is well received. 


Fake Alien Abductions conducted through REM Driven Cloning Technology 


I must add they grow duplicate REM driven clones of people from all walks of life and then 
they transfer the persons consciousness to their REM driven clone version at the cloning 
centre while the person’s REM driven duplicate clone is chained down to stainless steel 
corpse tables; or they pre-inject the REM driven duplicate clones with drugs before 
transferring the consciousness so that once the consciousness has been transferred, the REM 
driven clone cannot move. This is the point when they usually send people into the room 
dressed as aliens. It is a fake alien abduction. It’s just these Illuminati people dressed in 
Hollywood quality accessories and they make the REM driven duplicate clones which have 
either been chained to the steel corpse tables or pre-injected with drugs, believe they are 
having an ‘alien abduction’. Members of the Illuminati even dye chicken skin grey, and 
stretch it over a mask for realism and perform “experiments” on the immobile REM driven 
clones; the perverts anally probe them; they rape their limb bodies and do not suppress the 
victims memories; so these victims wake up thinking they have been abducted by aliens but 
in reality, they had their consciousness transferred to their duplicate clone versions when they 
entered REM sleep and they were violated. The victims do not know where to turn and 
naturally, they are embarrassed. Some victims even try and do install cameras all around their 
bedrooms in order to videotape themselves while they sleep; to prove they have been ‘taken’; 
but to no avail they have not been taken; they have been cloned and had their consciousness 
transferred to their REM driven duplicate copies once they enter REM sleep by the most 
disgusting perverts in the world. The scum even videotape these ‘abductions’ to watch later 
as sick demented porn. These fake abductions are conducted by the Illuminati more often 
than you can imagine. They just keep doing it to random people over and over and overt... 
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Tam THE Spy for Humanity against the Corruption of the Illuminat 


Over the years the Illuminati have offered me: a priceless katana (Samurai sword); a rigged 
jackpot winning lottery ticket; REM drivenclone slaves to keep me quiet, any of the prettiest 
women I’ve ever seen; any girl from high school; Vladimir Putin’s daughter; even children; I 
do the right thing and spit in their REM driven clone faces; jam my fingers into their eyes but 
they have the technology to turn off the pain sensors of a REM driven clone, and therefore 
they have their pain receptors turned off as REM clones, while my pain receptors are fully on 
(sometimes even beyond the threshold of what is normal pain for a human). See the online 
articles: Science Daily (2014) and RT (2014) which discuss how pain receptors can be turned 
on and off in humans. Not much will hurt their REM driven clones other than getting dirt or 
vomit in a wound or bleeding too much. However, they have perfected the science and 
technology of REM driven cloning and therefore it only takes time and approximately $30 to 
grow new duplicate clone bodies. I started to smear excrement in their faces as a REM driven 
clone at the cloning centre in an attempt to deter them; I have never handled faeces in my 
original body, but I do this as a REM driven clone at the cloning centre, and even that does 
not deter them from their depraved ways. I composed a song which was later performed by 
“One Republic” referring to it called “All the Right Moves” (“All the right friends in all the 
right places... All the right moves in all the right faces"). I’ve made so many songs with MK 
Ultra technology (Rense 2001; Jim Cristea 2009; Berekley News 2011; Mind-Computer 2012 
nature video 2013) and Mind-voice technology (New Scientist 2014; Prigg 2014) it is 
ridiculous. You see it is very easy to make music using Mind-voice technology; Flo-Rida 
used Mind-voice technology to produce the song “Whistle” when I first made my original 
disclosure (in 2011). The song is a taunt at me about my “whistle blowing disclosure” 1.e. 
‘Can Donald blow the whistle? Etc. etc.” The thing is, anyone with a talent for music can 
make music much easier with the technologies which they have (MK ultra technology; Mind- 
voice technology); however, the Illuminati made more money from the music I composed, 
and so over the years, they just kept using me, over and over and over again, for rock, pop, 
rap, country etc. There are so many people involved in this REM driven cloning business, it 
is staggering; the organisation is vast. The only things the Illuminati fear are nuclear war; the 
new and improved lie detector tests and the general populace spreading my DISCLOSURE 
DOCUMENTS. 


For those of you thinking Queen Elizabeth II looks like a kindly little old lady and you still 
cannot believe that all this is true, although I have provided plenty of evidence to the contrary 
as well as evidence of her saying “Drop the mother f***ing base” as a REM driven clone on 
a song track (RainmanJhof 2011); you could not be more wrong. She is the worst human 
being I have ever seen or heard of. It is so sad to see these REM driven women and children 
having their consciousness transferred to their REM driven clone duplicates and brought to 
the centre of the dirt rink, sitting there naked, afraid and crying and raped and beaten for 
sport, for the rich and famous. REM driven cloned women and children display the most 
range of emotions, and it is the saddest thing to see there. Therefore, of course I cannot bring 
myself to be a part of this despite any riches which the Illuminati offer me. 


Over the 31 years when I was having my consciousness transferred to my REM driven clone 
at the cloning centre; Elizabeth, Vladimir and many, many Illuminati members and cloning 
centre attendees discussed many topics with me. These Illuminati people, such as Elizabeth 
and Vladimir, as well as many others confided in me because I had composed songs since I 
was 5 years old. 
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For readers struggling with the idea that a5 year old can compose such wonderful songs at 
such a young age I will remind you that, it is easier to compose songs with technologies such 
as MK Ultra and Mind-voice technology. One is only limited by their imagination and 
creativity. Moreover, research talented children. I won’t provide references of talented 
children here because I want to protect children from the Illuminati, and not have children 
exploited like I was; and for the readers who are parents; | am sure you know how talented, 
creative, and imaginative your children are. 


Accordingly, since the age of 5, Elizabeth, Vladimir and many, others confided me in me 
because they thought I was special, and wanted me to hang with them; some of these 
Illuminati people, I had composed their favourite songs; I was also memory suppressed for 
many years so they thought it was harmless to tell me everything that exists or is possible. 
They were trying to impress me and amaze me, and therefore they showed me plenty of their 
technologies and what they had. They wanted me to me a willing, full Illuminati member; so 
over the years I feigned interest and pretended to like these Illuminati people, so that I could 
learn what they do and how they do it. I was looking for a way to block the consciousness 
transfer to a clone during REM sleep, or hoping they would reveal this part to me; but they 
did not, and I did not find a method to block the consciousness transfer. However, I bided my 
time, until I knew just about everything they do; so that I could reveal to the world everything 
they do; to give humanity a fighting chance against everything they do and as a consequence, 
I became a spy for humanity against the corruption of the Illuminati. 


The Threat to Humanity when the H.A.A.R.P Grid is Complete 

One of the most important topics which they discussed with me that I must add to this 
disclosure is HAARP technology and their plans for HAARP technology. I have discussed 
the basics of HAARP above. HAARP radio transmitters have to be placed at certain points 
across earth to complete a ‘HAARP grid’. Once all the installations are completed over the 
earth HAARP will have more functions as a grid than the basics described. The Illuminati 
have told me, there is a possibility the HAARP grid will be capable of time travel, although 
there is a 50/50 chance using HAARP for time travel could destroy the earth. They also told 
me that once the HAARP installations are completed, the HAARP grid will be able to bend 
space and make the distance between, for example, Earth and Pluto approximately 1000 
miles for a few seconds, and then the distance will go back to normal. 


The Illuminati also said, once the HAARP grid is completed, they would be able to mind 
control people like never before without the use of RFID microchips or MK Ultra. Life on 
earth will be much worse once all the HAARP installations are up and working together in 
unison. The grid has to be complete though. HAARP cannot achieve time travel manipulation 
and mind control if it is just located in one or a few locations around the earth. There must be 
a certain number of HAARP installations around the world, in certain locations around the 
world; and the HAARP radio transmitters must be working in unison in order to achieve time 
travel manipulation and mind control of the populace of earth. 


This is what they told me as REM driven clones at the cloning centre. This disclosure could 
be false, or a half truth. I do not know. However, it is very important that I add this to the 
disclosure because the Illuminati are working twice as fast to complete the HAARP grid to 
achieve their aim of mind control over the entire population since I the time I sent out my 
first disclosure (in 2011). Whether or not they will achieve their aim of total mind control 
once all the HAARP installations are completed is NOT something we can afford to debate. 
They also told me that once the HAARP installations are completed; they will have the 
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capability to mind control anyone remotely like never before, at the push of a button. 
HAARP will also be capable of setting back time; which the Hluminati will use if they are 
ever in danger of being exposed. However, the Illuminati will remember the previous time, 
and the general populace will NOT remember the previous time, so that the Hluminati can 
correct the mistake(s) which led to their downfall. Once the HAARP grid is completed, 
humanity will be slaves forever. This is why we cannot afford to debate. Furthermore, from 
the book “Angels don’t play this HAARP” (Begich & Manning 1997, p. 8), it is estimated 
that the HAARP grid will be completed by approximately 2017; others estimate by the year 
2020. The important thing to note is that humanity does not have long, until the HAARP grid 
is completed. 


I must also add the positive side of HAARP, because as I have said, there is nothing 
inherently evil about technology. Technology is just a tool; it depends on the person using it. 
HAARP used correctly, and in the hands of honest men and women, will tame the weather 
with no adverse effects. Therefore humanity is on a timeline and a deadline to bring the 
Illuminati to an end. HAARP is one of the main reasons, this disclosure must spread, and 
spread fast. 


See below for possible HAARP locations around the earth (Rense 2011). The HAARP sites 
are located globally where the richest mineral belts are located. Sub-surface mineral 
exploration has been done from satellites by radio tomography that is 100% accurate. 
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Image 8: Possible H.A.A.R.P. Locations. Source: Rense (2011) 
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REM Driven Cloning is the Most Terrible Nightmare Situation Ever 
Furthermore, in terms of REM driven cloning; Fefe Dobson (singer) and Kurt Russell (actor) 
told me during my original disclosure (2011) specifically, to include in my disclosure that 
they do not like the cloning centre and they didn’t torture me. Then they said not to mention 
them, but I will mention them again. Mila Kunis (actress) from “That 70s Show” stabbed in 
my REM driven clone body multiple times when I made my original disclosure and I was 
rendered immobile for saying that “She is a slimy scumbag for hanging with these people” 
and for also saying “She has enormous eyeballs and looks like a lemur”. Mila Kunis (as a 
REM driven clone at the cloning centre) then begged me not to mention her (in my original 
disclosure, but I’1l mention her again too) and then Mila Kunis said “She doesn’t want to go 
to the clone zone anyway” and the Illuminati then deactivated her consciousness from her 
REM driven clone body, and she left. Her REM driven clone body went limp at the point 
where her consciousness was deactivated from it; her REM driven clone body looked ‘dead’, 
and she was gone. Some of the privileged people at the cloning centre are allowed NOT to 
have their consciousness transferred to their REM driven, clone duplicate versions (or they 
attend the cloning centre willingly when they want), but not me. I am an imprisoned slave in 
the worst nightmare situation. I told Nicole Leone (Madonna) also a REM driven clone at the 
cloning centre, that I was going to tell everyone that she coerced me to compose songs for her 
throughout my life (as REM driven clones). Nicole Leone (Madonna) told me VERY 
specifically to say in my disclosure here “She is not afraid!” and “No one will believe me and 
nothing will come of this”. I beg you to help me prove her wrong. 


Moreover, having your consciousness transferred to a REM driven clone alternative inhibits 
the person’s ability to dream for that evening. Although your original body is immobile and 
asleep in your bed, when they transfer your consciousness you have actually ‘woken up’ as a 
REM driven clone version of you at a physical location here on earth; therefore you walk and 
talk as a clone version of you. You are not dreaming; you are just a REM driven clone for the 
evening. Furthermore, when the Illuminati restore your memories (as they have with me) or 
do not suppress the memory of your REM driven cloning experience for the evening (such as 
with the fake alien abductions), you will remember the experience as ‘clear as daylight on a 
summer’s day’; the experience is ‘clear as a bell’ as life is in your original body. 


It is unlike dreaming, where dreams are fuzzy, incoherent and with random conjecture. The 
Illuminati know this as a fact, and therefore pre-inject the REM driven clones of random 
unsuspecting civilians for the evening with drugs before they transfer the person’s 
consciousness. They tell the person who has had their consciousness transferred to their REM 
driven clone all sorts of nonsense: such as they are in the 5'" Dimension; the astral plane; a 
singularity; the spiritual realm; Valhalla; quantum hopping etc. and all sorts of fallacies so 
that the person will not have a coherent picture of what has happened or what is happening. 
The truth is that person has had their consciousness transferred to their REM driven duplicate 
clone when they went to sleep and entered REM sleep; thei original body still remains asleep 
in their bed; their consciousness however is now transferred to a clone duplicate alternative, 
and the person is ‘awake’, walking and talking as a cloned version of themselves in a 
physical location. The Illuminati allow some people to retain some of these REM driven 
clone experiences to affect their mental psyche. 
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The physical location where the populace will be able to verify these REM driven clones is 
somewhere within 5/6 hours drive, in a radius of the Robert Pickton farm, Port Coquitlam, 
British Columbia, in Canada, somewhere at a remote nature reserve. This is the cloning 
centre all the rich and famous attend because it is above ground and the rich and famous 
don’t like the ‘hospital smell’ of underground cloning centres. The above ground cloning 
centre located in Canada is the cloning centre I have my consciousness transferred to when I 
Sleep. It is guarded by military personnel. There are many cloning centres all over the world; 
as Phil Schneider (1995; 1996) disclosed as far back as the mid 1990s when he spoke: there 
were 1477 Deep Underground Military Bases (DUMBs) worldwide and 131 active DUMBs 
in the United States alone. Each DUMB costs on average 17 -19 billion U.S. dollars; paid for 
by the taxpayer; and it takes approximately a year-and-a-half to 2 years to build DUMBs with 
sophisticated methods. DUMBs contain cloning floors, and have an entire floor dedicated to 
human cloning, where duplicate clones are grown of unsuspecting civilians (remember they 
just need your blood / DNA); and unsuspecting civilians have their consciousness transferred 
to their REM driven clones at a physical location, which is usually these Deep Underground 
Military Bases when they sleep; unsuspecting civilians are memory suppressed, also to be 
used for gruesome torture and sex sports; as well as the plagiarism of talented individuals. 
Schneider gave the above statistics in the mid 1990s; chances are there are more DUMBS and 
cloning centres worldwide today. 


Are you beginning to understand why this is the worst nightmare situation ever? Can you 
understand how: you, your friends, your family, your brothers, your sisters, aunties, uncles, 
children, work colleagues and anyone else you have contact with in your network, may be 
involved in this REM driven cloning business and will not even be fully aware of the 
situation or remember any experiences which they may have had once they wake up from 
Sleep and they are back in their original bodies? I remember all of the REM driven clone 
experiences as clear as daylight because my memories are fully restored. Can you understand 
why the Illuminati must be stopped and stopped immediately? This REM driven clone 
business is vast, and it affects everyone, not just me. 


This is why I mention that I am fortunate or unfortunate to remember all these experiences 
clearly depending on how you view it. | am unfortunate in the sense that I can recall all the 
depraved things these people do as REM driven cloned duplicates as clear as daylight and it 
affects my mental psyche. However, the fortunate part is: because I can recall all these 
experiences Clearly, I can inform the world about the evil committed against humanity in a 
clear and logical way for the average reader to understand and verify, so that the populace 
can bring these people to justice for the crimes they have perpetrated against humanity and 
continue to inflict on humanity. For anyone who has had their intellectual property stolen by 
the Illuminati as a consequence of the technologies they have used on you unsuspectingly, 
you will be able to sue and regain monetary reward for the theft of intellectual property as 
well as invasion of your privacy. 


I do not want to get too far ahead, because at this present moment, it is very important (I 
cannot say it enough) that this disclosure spreads (this is the stage we are currently at); it 
reaches the armed forces; to enable the armed forces to realise the crimes committed against 
humanity because of these people (the armed forces are kept ‘out of the loop’; they just 
“follow orders’); the armed forces will have to perform a military coup and bring this people 
to their knees. This is the point where the ordinary man / woman can have his REM driven 
cloning experiences restored, (that is if you want to) and sue / rightfully reclaim damages and 
legalreward for any crimes committed against him or her. 
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The Meek Shall Inherit the Earth 


As you can see if everything goes smoothly; the meek shall inherit the earth. This is why you 
must maintain your composure and resolve, as I do every single day. You must not riot or 
cause chaos, damage property or undertake any act which will cause public dissension. The 
good people of this earth are about to inherit the earth; under no circumstance must you 
destroy anything. At the end of this currently dire and complicated situation; humanity will 
inherit the cure for HIV/AIDS, cancer, Alzheimer’s, dementia, you name it —many 
debilitating diseases known to man; and other such wonderful technologies like hypersonic 
trains which run on magnets and are capable of doing Mach 5 (Mach 5 is the equivalent of 
3806 miles per hour or 6125 kilometres per hour; Schneider (1995; 1996) also mentions the 
availability of Mach 5 trains in his disclosure, back in the 1990s). These trains can be used to 
deliver foods which are discarded in More Economically Developed Countries (MEDCs) to 
Less Economically Developed Countries (LEDCs) because these trains can travel thousands 
of miles within minutes. Yes. The Illuminati have all these wonderful technologies and more, 
but withhold it, and in turn withhold the progress of humanity. Yes. Plenty of man’s problems 
can be solved when we address the root causes of our problems, and one of the root causes of 
humanity’s problems is: REM driven human cloning which is currently in the hands of evil 
men. Even REM driven cloning can be used for the benefit of mankind when this tool is in 
the hands of righteous men. It can be used learn new skills in your sleep: such as gain extra 
qualifications; learn how to speak a new language; play instruments etc. —so long as 
memories are not suppressed, you will be able to perform the skills you learned as a REM 
clone in your original body when you wake up. As you see there is nothing wrong with most 
technologies; it all depends on the person / people using it. Nevertheless, although they may 
be beneficial uses to REM driven cloning not yet realised, we must be shut down REM 
cloning before we can even consider how REM driven cloning may benefit mankind, because 
at this present moment all that REM driven human cloning is used for is to commit evil, 
particularly against unsuspecting civilians. 


It is OK to feel angry about all these crimes committed against humanity daily. But do not let 
these evil crimes rule you, in fact, let it motivate you; let it motivate you to the point where 
you will stand up and speak out to ensure that these crimes end. I think about the children 
and the future of the world every day; that is what motivates me and I view my situation as a 
God-given mission to bring these people to justice. I view things this way to maintain my 
sanity and composure. This is what keeps me going despite the extreme evil I experience, and 
it helps me to maintain my resolve and composure. The fact that I do not want a single child 
to grow up ina world, where they are being messed with in their sleep is what keeps me 
going despite this extreme evil. Some children are even kidnapped and brought to the cloning 
centre in their original bodies, again to be messed with. This is the root cause of why so many 
children go missing across the world. I’m sure any rational thinking human being feels the 
same way I do, and does not want their children, or any child to inherit a sick world governed 
by sick individuals. 


I am a baptised Roman Catholic and a God fearing man. I believe there is a Creator of the 
universe but the [luminati tell me there is no God, only science and technology. The 
Illuminati are also responsible for the death of the young beauty pageant girl Jean-Benet 
Ramsay; her parents are in this REM driven cloning business. Casey Anthony’s daughter; as 
well as, Casey Anthony (before she died) AND Casey Anthony’s parents also attend the 
cloning centre as REM driven clones. Many others; a man had his wife killed and this was 
mentioned on the news; it was an Asian woman whose rich husband had killed her; the 
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husband said the wife was responsible for their son’s death. Elizabeth’s response was that 
“Rich people in this organisation (The Illuminati) do not go to jail, they are covered for.” 


Stephen Spielberg and George Lucas are Illuminati members and they willing attend the 
cloning centre as REM driven clones when they sleep. George Lucas made other Illuminati 
members light my REM driven clone body on fire for the end of his movie Star Wars 
Episode III: Revenge of the Sith (2005).George Lucas said (as a REM driven clone) he 
wanted Hayden Christensen “To scream realistically”. Hayden Christensen (also a REM 
driven clone at the cloning centre) watched me, and listened to my screams and groans of 
pain and copied the sounds coming from my burning REM driven clone exactly. Hayden 
Christensen knows he is a REM driven clone when he goes to sleep and Hayden Christensen 
knows his consciousness is transferred when he reaches REM sleep. Hayden Christensen 
knows all about REM driven human cloning, and he is a “privileged” Illuminati member. 
Natalie Portman also knows all there is to know about REM driven human cloning; as does 
approximately a quarter of the “Star Wars” cast. Many directors have attended the cloning 
centre as REM driven clones too, and have used me in a similar role playing situation; they 
have caused me to have excruciating pain as a REM driven clone, to see what kind of squeak 
or screech I will make, as if I were less than a dog; and when I am a bloody mess on the floor 
as a REM driven clone; that is when they usually crawl on my broken REM driven clone 
body and sodomize me saying something like “They love me and they cannot control 
themselves because I made all their favourite songs and I’m so “special”. 


My ribs in my REM driven clone body will be broken, I will have suffered internal bleeding 
and will be crying or screaming, if I am able, but they just continue to sodomize me, and 
videotape such a depraved act of wickedness so that they can view it again like “evil 
porno graphy”. 


The REM driven cloned children, who have their consciousness transferred while they sleep 
at home in bed, in their original bodies, need a familiar face to talk to as REM clones or all 
they do is scream and cry at the cloning centre; that is where Joy Geizer comes in. Joy Geizer 
is married to my half brother from my father’s first marriage; Joy Geizer is a REM driven 
clone girl guide leader, and when the [luminati clone young girls, Joy Geizer speaks to these 
REM driven cloned girls; Joy Geizer keeps the REM driven cloned girls calm and “pimps” 
them out for free, knowing that these young girls will have their memories suppressed, and 
therefore they will not remember the experience and will not talk about it when they wake up. 
All the Geizers are in this REM driven, human cloning business; there are many people who 
remember these REM driven cloning experiences in their ‘awake state’ and in their original 
bodies who could be polygraph tested by independent polygraph testers. The police, and 
polygraph testers in my City of Halifax, Nova Scotia are compromised (they attend cloning 
centres as REM driven clones too); they cover up for child molesters and therefore cannot be 
trusted to fairly administer a polygraph test; as I said, commissionaires and C.S.LS are 
heavily involved. All it would take is a few polygraph tests to prove these things 
unequivocally, because for those of you who have ‘eyes’, you can already see that REM 
driven cloning is real, and that this ts actually the way of the world. I will take these 
polygraph tests publicly too, and demand that my mother and step father submit to them. 
They have told me, they wouldn’t even attempt to lie ona polygraph. 


71| Page 


Human cloning, particularly REM driven human cloning, is one of the absolute truths of this 
world; hidden from the world for over 70 years. My life and the freedoms of many, many 
people, including the reader (you) depend on this disclosure. The Illuminati say that the world 
finding out about REM driven human cloning will set the stage for the end of the world; 
people panicking and destroying property because of the evil these people have committed, 
but as I’ve said: prove them wrong, because we are going to inherit the earth, so there is no 
need to riot or cause public dissension. There will be no end of this world; just the end of the 
crazy Illuminati people. They always like to think and behave so negatively, don’t they? 
*Sigh*. Furthermore, the whole talk about 2012; December 21“ 2012 and the end of the 
world Mayan Prophecy; that was really about the world finding out REM driven human 
cloning, and the sick and sadistic nature it has been used for by these sick and sadistic people. 
Under no circumstance must you riot; you must prove you are better than these savage 
barbarians. Ill say it again, because it is important: we are going to inherit the earth, and 
therefore the smart and right thing to do, is not to destroy anything, especially the earth which 
you shall inherit. 


Furthermore, I hope you are beginning to understand that the good people of this world must 
bring these people to justice and stop their wicked ways. I sincerely wrote this disclosure so 
that the good people of earth would be empowered to put a stop to their wicked ways. I wrote 
this disclosure to empower the good people of earth against tyranny and not so that the world 
would end. Therefore you must understand that the downfall of these Luciferians (Illuminati) 
must progress smoothly, because unless you have been to the cloning centre as a REM driven 
clone and retained the full memories of your experience, it is difficult to understand the level 
of depravity and sub human cruelty; it is beyond anything that has ever been heard of, and 
there is much more to tell. 


Ignore this disclosure and you will condemn me to a horrible eventual death and you will 
encourage them that ‘they are all ‘powerful’’. This is not an exaggeration. There is no need to 
exaggerate even President Barrack Obama is involved in the REM driven cloning business 
and attends the cloning centre as a REM driven clone version of himself, when he goes to 
Sleep. He and his wife Michelle Obama attend these REM driven clone gatherings. Barrack 
Obama has even told me as a REM driven clone, at the cloning centre “Donny, we’re all 
powerful. You are a slave and the people here [as REM driven clones at the cloning centre] 
won't speak up for you for fear of torture or death. Now make us a new song or we’ ll gut you 
like fish and leave you to writhe in agony!” 


Be Wary of: Shills; Trolls; Disinformation Agents and Double Agents 


There are many, many disinformation agents whose aim it is, is to denounce or debunk me. 
Be very wary of them. They DO NOT, and cannot debunk me, because after all, everything I 
have disclosed is truth. Although the truth concerns highly advanced concealed technolo gies, 
so it is a bit difficult to fathom at first, but keep reading, and you will realise that all which I 
have disclosed is true. Be very wary of the disinformation agents. 


The most common thing these people say is that “Donald is a paranoid schizophrenic” —yet, 
ask them to detail the ins and outs of what a paranoid schizophrenic is and what specifically 
qualifies Donald to be a ‘paranoid schizophrenic’; there is a high probability they will not be 
able to explain this to you, logically, sequentially and methodologically. Their main goal is 
just to make it as difficult for newcomers to understand what the real truth of this world is 
and as I have disclosed; and one of the root causes of man’s problems is REM driven cloning. 
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Some disinformation agents are paid by the Hluminati, to behave this way, and are all too 
happy to echo empty statements (without any substantial evidence for their claims) because it 
provides them with a pay check. I will provide the following reference for the reader which 
discusses the signs and symptoms of a paranoid schizophrenic; all for the express intent for 
the reader to further understand paranoid schizophrenia. You can read more about paranoid 
schizophrenia on Medical News Today (2015). The link is provided in the reference section. 
You are welcome to read my Facebook wall and within days, you will realise I converse with 
others quite naturally. You can also ask individuals who have spoken to me through Skype or 
met me; but if this is not a viable option for you; all you have to do is read my Facebook wall 
and within days, you'll see that whoever makes such harsh and untrue remarks on my 
character is in fact a disinformation agent. 


Furthermore, remember we live in a 3D physical world; and there is always a physical aspect 
to how something manifests. Therefore, when you hear others discussing concepts such as 
‘Tila Tequila demonstrated an ‘energy ball’ right on camera; Why didn’t Donald discuss 
that?!’ Please understand that these people are trying to deceive you with misinformation. 
There are also professional disinformation agents to be wary of. I do not perceive anything 
extra-ordinary in the world when I am awake in my original body beyond the five senses. I 
don’t see orbs, auras or anything of the like. All I will ever discuss are practical things which 
have been unequivocally proven to me as fact; because in the situation the earth is currently 
in, I cannot afford to speculate. 


Contact Information 


My Facebook is: https ://www.facebook.com/donald.marshall.148 
You can also press CtrHC lick (hold “Ctrl” on your keyboard and left 
“Click” with your mouse, onthe image to your right). 





I have a public wall on Facebook which starts from March 2012. In other words, all posts are 
made public since March 2012 and you do not have to join my friends list or subscribe me to 
see what I post (although you will have to have a Facebook account). I suggest that 
newcomers start reading from March 2012, and be patient, and read everything. You can 
read everything and learn the real truth of the world free of charge. I don’t wish to write a 
book, I am not looking to turna profit from this; I want to crush these guys and shut down the 
cloning centres! 


It also worthwhile to add that: I am not asking for donations. I do not want ANY donations. 
Ever! These disclosures are far more important than any donations. This is NOT my job. I 
have a job. [am an independent contractor; carpentry is my trade and I earn a living this way. 
If you sincerely want to help; the best way to help is to spread and share my disclosures. That 
is all I ever ask for, so that eventually, the world knows about REM driven human cloning, 
and the armed forces can bring these people to their knees. That is all I want; spread, 
spread, and spread this disclosure. I will never ever ask for donations. Ever! Please keep 
this in mind, and anyone who asks for donations in my name or on my behalf should not be 
trusted. I, Donald Marshall, will NEVER EVER ask for any donations. I hope that is well 
received. 
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You can also view Proboards which has all my Facebook posts and have been archived by 
Celine O’Carroll and Astral 7ight by visiting: toms 


http ://donaldmarshall.proboards.com/ 
You can also press Ctrl+Click (hold “Ctrl” on your keyboard and left 


“Click” with your mouse, on the image to your right). 





There is a search function on Proboards, and you can use this to search for and read all the 
disclosures I have made regarding REM driven clones, the people involved and more. I 
understand that it is human nature to want to know, which people have been to the cloning 
centre as REM driven clones; therefore, use the search function to read about any public 
figure which I have already covered that you have an inkling about. You can also post 
anonymously on Proboards and Celine and other Administrators will transfer your question 
onto Facebook which I’ ll answer. 


Donald Marshall Revolution is a website which details a brief overview of the Illuminati. 
http ://donaldmarshallre volution.com/ 

You can also press Ctrl+Click (hold “Ctrl” on your keyboard and left 
“Click” with your mouse, onthe image to your right). 





Interviews 
You can listen to the radio interviews I have done. Listen for consistency; particularly 
anything which you do not hear me, pronounce clearly for the first time; the best thing to do 
is to pause the recording at that particular point and replay it. You should also research the 
statement you do not understand. Sometimes reading helps comprehension a lot faster. 


One of the main reasons you should pause and replay the recordings is because: the truth has 
been kept hidden for so long that a lot of what I discuss in my interviews are beyond most 
people’s current world view; so at some points I may speak too fast for you; my audio/ 
microphone may not be so clear so you may miss what I say etc. 


A friend has told me that when he first watched the Vinny Eastwood interview; he did not 
hear me say the word “scars” (When Vinny asked: ‘How do I know I’m the real me?’) 
although he replayed that particular point in the video 8 times. Everything was just beyond 
his current comprehension, at the time. No matter how many times he replayed that part he 
really could not hear me say the word “scars” —so he let that part go, and played the rest of 
the interview, pausing, and replaying points which he did not understand, especially to 
comprehend whether I was talking about my original body or my REM driven clone duplicate 
body. He also listened to all my interviews for consistency, to note any ‘slip ups’, or any parts 
of my testimonies which do not ‘add up’. He would listen to all my interviews, pausing and 
replaying parts he did not understand and he would reserve his judgements until he felt 
everything I was saying was for example as ordinary as: ‘I woke up today, brushed my teeth, 
and took the dog for a walk’. He was also patient to realise the truth. After listening to my 
interviews he would just let it ‘sink in’. A week later he would come back and listen to the 
same interviews, to test whether his comprehension on the topics I discuss has improved, and 
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whether he can understand what I am saying without having to pause and repeat at certain 
points in my interview; and soon enough he could now hear me say “scars” at that particular 
point of the Vinny Eastwood interview. He had reached the point where all topics I discuss 
sounded to him like I’m saying everyday common place stuff that people have heard, such as: 
‘I woke up today, brushed my teeth, and took the dog for a walk’. For anyone who may 
struggle to understand the topics I discuss: I strongly recommend you take the above 
approach as my friend did; soon enough, you too will realise the real truth of the world like 
he has: REM driven cloning, kept secret and used for sinister purposes. 


I cannot say the following is true for everybody, however, an unproductive venture a 
complete newcomer can do is to listen to my interviews first time, all the way through, 
without pausing or replaying parts which they do not fully understand; If you do this and if 
there is just a single part of my interviews which does not make sense to you; this will 
interfere with your understanding of the entire interview. Remember, all I am discussing is 
technology, thousands of years advanced compared to what you currently use; available 
today, hidden and secret. If things start to get too complex for you, reduce it to its bare 
minimums: (advanced) science and technology. I hope that helps. 


Another thing which I do in my interviews, that friends have picked up on, 1s: -because REM 
driven cloning has been my reality for many years; I don’t differentiate between my original 
body and my REM driven clone body. I just say: I did this, I did that, and Elizabeth did this 
and that, therefore it can become very confusing for newcomers. Please bare with me; 
although I’m more emotional as a REM driven clone, and not as smart as I am in my original 
body (this is a side effect of cloning: REM driven clones are more emotional than normal, 
and dumber than they are in their original bodies) I’m still “me” when my consciousness is 
transferred; I have all the experiences and knowledge which makes me, “me” and therefore I 
naturally do not differentiate between my REM driven clone version, and my original body as 
an outsider discussing these concepts would. I understand it helps comprehension so I have 
painstakingly done this throughout this disclosure. 


I hope this helps; and I hope this helps to better understand my disclosure as well as the 
interviews which I have done. On the next page you can find the links to my interviews. You 
can copy and paste the links to your web browser or press Ctr}+C lick — (hold “Ctrl” on your 
keyboard and left “Click” with your mouse, on the images below) to direct you to the 
interviews. 


75|Page 


Links to Donald Marshall Interviews 


Vincent Eastwood 


Copy and paste the link below to your web browser. 
https //www.youtube.com/watch?v=M_1UiFeV5Jg&ab_channel=VincentEastwood 





OR Press Ctrl+C lick (on the image below) to follow the link. 





Jeanice Barcelo 


Copy and paste the link below to your web browser. 
https //www.youtube.com/watch?v=3uzgu4ekT3c&ab_channel=JeaniceBarcelo 
OR Press Ctrl+C lick (on the image below) to follow the link. 











Lisa Phillips (CFR) 


Copy and paste the link below to your web browser. 
https //www.youtube.com/watch?v=UonnFuHLJKc&ab_channeE-Astral7ight 





OR Press Ctrl+C lick (on the image below) to follow the link. 
Listen to parts 1 through 8. 
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Radio Presenters —Contact Donald Marshall 


Anyone who sincerely wants to contact me for radio interviews on their show is welcome to 
do this. Please contact me through Proboards by leaving a message for me to contact you. 


Professionals who_understand “Consciousness Transfer” —Contact_Donald 
Marshall 


Any neuroscientists, engineers or professionals who understand how consciousness transfer 
works, and can provide me with a detailed methodology of how to block the consciousness 
transfer to my REM driven clone; please message me on Proboards, and this will be greatly 
appreciated. 


Email 

I currently do not have a contactable email address. In my original disclosure, the email 
address has been compromised (hacked), and so has any other email accounts I created: 
Yahoo, hotmail, Gmail, AOL etc. It doesn’t matter; they eventually get hacked; for whatever 
reason, the [luminatido not want me to have an email account. 


How to Learn More about Donald Marshall’s Whistle Blowing Disclosures 


The best ways to learn about the truth of the world is through my Facebook page and 
Proboards. There is a mountain of evidence which has been collated over the years, and 
corroborates all that I have disclosed here. I also understand that for some people it is 
impractical to read three years worth of Facebook posts, especially when some post are 
repetitive; contain unnecessary comments from trolls, shills and other disinformation agents. 
Therefore, I am currently compiling 5 documents which should make it easier for others to 
read and understand everything quickly; as well as, for others to share and spread those 5 
documents including this main disclosure document —so 6 documents about the real truth of 
the world. All for free! ! 


These documents include: 

e “Frequently Asked Donald Marshall Questions” —This will contain all the general 
FAQs which I have been asked over the years; all in one place. 

e “Experiences from the cloning centre” —This document will contain the full disclosure 
of my REM driven cloning experiences from the cloning centre when I go to sleep; all 
in chronological order. 

e “List of people to avoid” This will contain a whole list of trolls, shills, and 
disinformation agents and double agents in alphabetical order, to avoid at all costs, in 
real life and online; -all complied in one place; and the reasons why they should be 
avoided. 

e “Public Figures and their relationship with Donald Marshall as REM driven clones” — 
this will be a complete list of every public figure I have ever come into contact with 
as a REM driven clone; and you will be able to read about all the public figures I have 
met as REM clones, as well as the experiences, all in one place. 

e “The subterranean underground colonists: The Vril” —this will be everything about the 
biological parasites the Illuminati harbour. Yes. The [Illuminati harbour biological 
parasites, which they use against unsuspecting humans. I told you the Illuminati were 
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the biggest depraved perverts ever to grace God’s earth. REM driven human cloning, 
kept secret from the world for over 70 years is difficult to fathom as it is, as are these 
biological parasites. These parasites are also one of the main root causes of 
humanity’s problems here on earth, and must be rendered extinct. In this document 
you will be able to learn everything about their, strengths, weaknesses, psychology, 
biology, ecology, sexuality and arm yourself with knowledge which ensures that 
humanity exterminates these parasites from our earth, forever. The secret of Vril; a 
secret no more! 


I hope after reading my eye witness statements presented in this document that you have now 
began to understand that this is simply what is happening in our world today. 


Heed my disclosure, very diligently. At the start of my disclosure I asked the reader to do two 
things: 


1) Give me the benefit of the doubt —because there is nothing worse than being a victim 
of abuse, reporting it and the people who have the power to stop it, ignore you; 

2) Set out on a genuine quest to debunk my disclosure. I understand that for some 
people, plenty of what I have disclosed will still sound ‘too out there’ beyond their 
current scope of reality to be believable. For such people, the honest thing to do is to 
start with the first topic which you do not fully understand and explore it, either by 
finding that corresponding topic on Proboards (Donald Marshall Proboards 2015), and 
continuing your research from there; or just Google any topic you currently do not 
understand and review the topic on websites such as New Scientist (2015), Gizmag 
(2015), Motherboard (2015), BBC News (2015a; 2015b), BBC Future (2015), The 
Guardian (2015a; 2015b) The Independent (2015a; 2015b), Daily Mail Online (2015) 
and start reading more articles in the Science and Technology columns because these 
people have been telling you what they have been doing for decades. Consequently, 
keep in mind that articles which discuss ‘future’ technologies and ‘improvements’ in 
medicine or science, are articles, which are really discussing present technologies, 
and achievements in science and medicine already realised; because most of these 
achievements have been realised decades ago. It just hasn’t been fully disclosed 
publicly. 


I have also saved and backed-up every reference (except the homepages of the websites 
referenced) in this document; therefore if a link or video is ever deleted let me know. 


How Much Do You Know About Post-humanism / Trans-humanism? 


Furthermore, you have to be honest here: because if youdo not know much or anything about 
post-humanism / trans-humanism then I am afraid to say, -and this is no fault of yours — that 
you are behind in this the world; simply because these Illuminati people are Post- humanists; 
and that is the direction the want the rest of the world to go. They want the world to reacha 
destination where human cloning is common place; a world where downloading your mind / 
entire life experience onto a computer microchip and living on as a cloned version of you 
with the microchip running the consciousness to be common place; and these Illuminati Post- 
humanists want the world to head in a direction where it is commonplace to molest children 
through science and technology. No. This really is not Science-Fiction, this is the world we 
live in today; this is why such marvels in science, medicine and technology has been withheld 
from the general public and kept hidden by an ‘elite’ group of people because if these people 
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honestly came forward, and said “We have invented this technology and we want to use it for 
this “negative” purpose” —the populace would not accept it, and these people will be lynched 
in the streets before lunchtime. Therefore, through concealed advancements in medicine, 
science and technology, the Illuminati can live out their inner depraved cravings and commit 
crimes against humanity and the world, for which most people will be too blind to see or even 
fathom, because the hidden science and technology is beyond the average person’s current 
comprehension. 


Therefore, please attain an education in post-humanism / trans-humanism because these 
Illuminati people believe they can rival creation, nature and the marvels of the universe 
through science, medicine and technology. The Illuminati go against creation; they go 
against nature; and they go against humans. They don’t consider themselves humans. They 
consider themselves post- humans and believe they can become “gods” through advancements 
in medicine, science and technology. See LawOfldentity (2014) and Mark Dice (2014) for 
Richard Seed’s comments on ‘becoming gods’ through transhumanism. Richard Seed is a 
Physicist with a Ph.D. from Harvard University; he is well known in the controversial cloning 
debate and declares his aspirations to "become god" saying 'We are going to become Gods, 
period. If you don't like it, get off. You don't have to contribute, you don't have to participate, 
but if you are going to interfere with me becoming a God, you're going to have trouble. 
There'll be warfare.’ If you value humanity, do your best to attain an education in the trend of 
post-humanism / trans-humanism; otherwise the future of mankind will be bleak. We must do 
everything we can to stop these people. 


This is of uttermost importance. REM driven cloning of is the most terrible thing in the 
world, especially when it involves unsuspecting civilians, and worst of all, imnocent children. 
If you choose NOT to do anything you allow the Illuminati to continue to clone your 
children, sisters, wives, and sons. You allow the Illuminati to continue to hijack the minds of 
your children, sisters, wives, and sons while they sleep, through concealed advancements in 
science and technology. You allow the Illuminati to transfer the consciousness of your 
children, sisters, wives and sons to their REM driven duplicate clone versions while they 
Sleep, whereby the Illuminati molest your children, sisters, wives and sons, which will cause 
them to have learning disabilities, unexplained depression and suicidal thoughts, as well as all 
kinds of side effects. 


This IS your ONLY chance to end these monsters. There is a deadline! 


This is your ONLY chance to do something to end these monsters. We are on a timeline and 
there is a deadline. As I have already mentioned, as well as, the top scientists in the field of 
physics and geophysics have mentioned: HAARP is not only capable of controlling the 
weather; once the HAARP grid is completed and working at full power, it will be capable of 
mind control over entire populations. We will all be slaves to the Illuminati FOREVER. Our 
freewill will be gone forever. Furthermore, if they achieve their aim of time travel with 
HAARP technology, future generations of humanity will never be able to stop them, because 
as they have told me: ‘They will always be able to go back to a previous time, and correct the 
mistake(s) which led to their downfall’. This is the Illuminati’s end game and what they wish 
to achieve. This is why this disclosure is so heavy, and so important. It goes beyond REM 
driven cloning; although it is important the world understands REM driven cloning. The 
future of humanity is at stake; and because of the 2-5 year deadline until the HAARP grid is 
completed, it is ttme humanity stood up and brought an end to the Illuminati: This REALLY 
is your ONLY chance to end these monsters! 
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The only way for evil to triumph is for good people to do nothing. 
Edmund Burke 


Remember for every 12 months which passes military / concealed technology outstrips the 
technology the general public is accustomed to by 44 years (Schneider 1995; 1996). Close 
your eyes and think 44 years into the future. The year is 2059. What kind of technologies do 
you expect mankind to have? Do it for real; don’t just read the words. Close your eyes and 
imagine. The year is 2059. What kind of technologies does mankind have? You see. It is ‘out 
of this world’ technology, right. This is exactly what is going on today in the year 2015. It’s 
just that it is hidden. That’s all. Not so difficult to fathom now. 


Do NOT Be Afraid to Help. We OQutnumber the Illuminati by 1,000,000:1 


Don’t be afraid to help. These people are easily defeated when good people stand together as 
one. These Illuminati people total no more than 10,000 people. 10,000 people against 
7,000,000,000 (7 billion) people —that’s less than 0.000001 % of the world’s population. Now 
can you begin to understand how prevalent evil can be when a small organised group of 
individuals, as little as 10,000 of the world’s most evil and tyrannical people all work 
together in unison to exert their influence over the world? The world does not have to be this 
way. We outnumber the Illuminati people by a 1,000,000 to 1. For every Illuminati person 
there is, there are one million people who are not luminati, therefore do not to be afraid to 
help; all you will be doing is helping humanity rid itself of its sickness. So please feel free to 
share and spread my disclosure far and wide. 


For those of you whom this applies to: remember the Illuminati (and I know it sounds 
ridiculous despite the evil they do) are deeply religious. They believe anyone aiding me is 
part of the “Army of Light” prophesised by Nostradamus; and to harm or degrade the life of 
anyone assisting me will bring them to their ultimate end and they will incur the wrath of 
God; they will suffer utter ruin and demise in their lives if they are to hurt you; they are very 
scared of people who can see through the lies and deceptions they have inflicted on the 
world. So please, stay calm, do not stress your heart, and know that you are safe, and they 
cannot hurt you. You can feel safe in the knowledge that you can do the right thing by 
helping me. They told me this as REM driven clones on the night of 21“ of February 2014 
when I went to sleep. The above is exactly what they said. 


For anyone interested in understanding the interpretations of the Nostradamus Prophecies, 
Crystal Links (2015) provides a good source for all 942 of the quatrains. Delores Cannon is 
also an author who has written three volumes called “Conversations with Nostradamus” and 
for anyone interested you can read these online (Galactic 2012a; Galactic 2012b) as well as 
watch her YouTube videos (CreativeForce Video 2014; Disclose TruthTV 2015). 


Yes. This is the state of the world today: a deception within a deception coated in reverse 
psychology; and fact is indeed stranger than fiction. Now after everything I have said, if you 
are still sceptical and ‘in-between’ on this issue then the best thing for you to do is to pay 
attention to your dreams; or lack of dreams —they are your own experiences and you cannot 
deny your experiences. 
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In other words, you may be having REM driven cloned experiences too; for some people they 
have a ‘dream’, where they are in the same environment, over and over and over again; or the 
theme being discussed in their ‘dreams’ is the same over and over and over again; or the 
environment their ‘dreams’ take place always appear to happen in the same 3 or 4 
environments over and over again —no matter what the theme is. In each scenario there is a 
likely probability that these are not just dreams, and in fact these people have had their 
consciousness transferred to the REM driven clone duplicates and the Illuminati is trying to 
extract something from them, once that is done they implant a false memory (See Kim (2013) 
and Alford (2015) for discussions on how false memories are implanted) so you wake up 
with the feeling of remembering something, but in actuality it is false; or you wake up with 
no memory of dreams from the previous evening, which means there is a high probability that 
you had your memories suppressed when your consciousness was transferred to your REM 
driven clone. This is why I say you can be sceptical about everything I have said (for now), 
but pay attention to your dreams, or lack of dreams, they are your own experiences, and you 
cannot deny your own experiences. 


Notew orthy Frequently Asked Question 


A Frequently Asked Question I receive, which is worth a mentioning here, is as follows: 
Q: Donald, if everything you have said is true...; in other words human clones walk among us 
now ina multilayered conspiracy which reaches the highest levels of government; armed 
with this knowledge what does one do exactly? What happens now, Donald? You obviously 
want to spread the word and make people aware but to what end? 


DM: In short: I want to bring a complete end to the Illuminati and usher ina “Golden Age” 
of mankind. This question is best answered by detailing my ‘Mission and Vision’ for ending 
the Illuminati completely. 


Donald Marshall’s Mission and Vision on How to Bring Down The Illuminati 


e This disclosure must spread, and spread FAST and FAR! 

e If you now understand everything I have disclosed in this document as truth, then do 
not waste any more time. Share this disclosure with your wives, husbands, brothers, 
sisters’ aunties, uncles, friends, co-workers, and children. We all have a part to play in 
saving the world from a premature doom. 

e Call friends who have not heard from you in a while and tell them you have important 
news to share. Share this document. Share it on social media such as Facebook; 
Twitter; Instagram; Dropbox; Slideshare etc. 

e Keep sharing this document until it comes to the attention of the Armed Forces. The 
Armed Forces will have to intervene. Once the Armed Forces intervene we will have 
reached the middle stage of this vision and will be witnessing a complete end to the 
Illuminati. Until then, we’re in the beginning stages, so please; spread this document 
faster and further. The quicker it is spread; the quicker the Hluminati are ended. 

e Once the Armed Forces have intervened a Military coup can be orchestrated against 
these vile people. 

e Cloning centres can then be shut down once these people are overthrown. 
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The freeing of any missing people (children; teens; adults) trapped in the cloning 
centres can commence (once the Armed Forces intervene). 

HAARP (as well as other highly advanced technologies) can now be contained and 
not used for adverse effects against the world (once the world learns of this 
disclosure). 

These Illuminati people will then HAVE to appear in court for their crimes against 
humanity. 

Suing the Illuminati members in court (once court proceedings commence... we will 
be past the midpoint of my vision, and closer towards witnessing a complete end to 
the Hluminati). 

The populace (and it will be your choice) can then have their REM driven clone 
experiences restored and also sue and claim any legal reward / compensation. 

After the populace has sued the Illuminati for their crimes against humanity; the 
punishments can commence. 

Punishments will include: imprisonment and executions of these sick and malevolent 
people. The imprisonment and executions of evil Illuminati members will bring an 
end to the Illuminati. 

After the punishments and executions; Governments worldwide can now be replaced 
with incorrupt individuals, worldwide. 

The structure of Governance will also have to change. The reason for this because 
future generations will always be able to check their leaders and governance more 
appropriately; so that the depraved and subhuman acts I described can NEVER be 
committed against humanity again; nor will world leaders be capable of committing 
such monstrous crimes in such secrecy ever again. 

Ensuring that the laws of the land always progresses in line with advancements in 
medicine, science and technology; as well as, ensuring law progresses in the 
directions of Research and Development (R&D) regarding future technologies, 
science and medicine. 

Release of technologies, science and medicine which benefit mankind. 

Commence a “Golden Age” of mankind. 
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Pill bottle signal tracer nrahe 


If you do not fight the corruption and you do not stand up for what is right in life, 
you end up being a serf and a slave and you are leaving your children a world in 
which you would not want to live in yourself, so how can you in decency behave that 
way? You have to stand up for what is right in life, and unless you do that you are 
nothing. 

Aaron Russo 


Empowerment by Virtue of Golden Truth 


As you can see, despite all the horror of the world I currently present: if everything goes 
smoothly, the good people of this world, truly will inherit it. This is why despite any anger, 
sadness, or fears you may have; you must not riot, damage property or cause chaos or bring 
about any other form of public dissension. You cannot stay silent, or ignore the issue in the 
hope that the threat removes itself. You are called to act; you must take action to help bring 
the Illuminati to an end; you must act while at the same time, you must maintain your 
composure and resolve to ensure that the whole procedure goes smoothly, and we all inherit a 
world we want to live in. 


Your life, at this very moment, is more important than you may have probably ever 
imagined. You have purpose. Through you, and other good people around the world, together 
we can bring an end to such unspeakable forms of tyranny in this world. It is my humble 
stance that you have now become truly empowered with golden truth and you are now 
compelled to bring this tyranny to an end. 


Do not waste the knowledge you have obtained from this disclosure. It is my only hope to 
escape this man made living hell. It is my only hope, as well as, the hope of many REM 
clones imprisoned there, as well as, real people who go missing daily, and are trapped in the 
cloning centres. 


We sincerely beg you. 


Donald Marshall 
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Appendices 


Appendix A: Thien Thanh Thi Nguyen (Tila Tequila) Transcript 
Link: https://www. youtube.com/watch? v=7mRZ7ItF9ls&ab_channe-EAstral7ight 


00.00 — 1.10 min: You know what... since you f****** with my program darling Queen 
Elizabeth [II] and the paedophilia ring and the cloning centres, and the cloning centres. That’s 
right darling the cloning centres. Parents listen to me right now, they are blocking me but that 
is quite alright. They are blocking me but that is quite alright. Because I have many, many 
other forces; I shall not say their names right now, but I have many big plans to expose all of 
you disgusting, sadistic f***s! Okay? That is all. I shall save that for another time. But, 
however, I shall REPEAT: that was just an introduction to the reptilian family, leading all the 
way back. They call themselves the “The Black Nobility”. Now that is just one part of it; 
alright? 


1.11 -2.47 min: The Black Nobility; the reptilian family; all the way back from ancient 
times; so which they think... they feel like they are the divine chosen ones... from whom may 
I ask? Definitely. Definitely not God. Our creator of the world. Reptilians: they feed on 
blood; children; the paedophilia ring; recently busted. Oh! It has been going on for centuries. 
Parents listen to me carefully. I don’t care if I’m cutting out. I will continue this and I am not 
alone on this battle. Believe THAT! Believe THAT! I am not alone on this battle. I started 
out alone but Iam marching on with MILLIONS; okay? So sit your old a** down okay. 
Because you are gonna roll over, but it doesn’t matter anyway because you are all ancestral 
f***s! Who interbreed... ancestral f*****o... and then... and then... Oh! Only going to talk 
about cloning those children and... oh! And all those many children’s parents listen to me 
carefully. 


2.48 -4.24 min: Hundreds of missing children come up every year. You wonder... why? 
How? How could this be? And then there is so called CPS [Child Protection Services] or 
whatever they are called; they come and take your children, just, just for nothing; right? Not 
to discredit everybody, because not everybody is bad. I’m talking about the bad people. And 
they take your kids... they take them as this... they treat them like... I can’t even say the word. 
It’s disgusting, it’s sadistic. They... they... they take your kids... they toss them out like little 
[inaudible] cause they are so f*****g_. Pardon my French, but then again when I’m dealing 
with these evil cum-buckets I have no holy words coming out of my mouth, because these are 
the only words they resonate to. So therefore that’s how I refer to them. Because they can 
only [inaudible] ...their masters whiplash on them with these [inaudible] words of cursing, 
vileness and slaving and that is not what the true God is; okay? The God of Hell...; 


Anyways... 
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4.25 — 5.30 min: There are these CLONING CENTRES where they take your children and 
do sadistic things to them. I’m not even talking about child molestation here; not to mention; 
uh there is one of them that got caught, flying out to Florida; to meet up with a four year old 
little girl, to have sex with a four year old girl. That’s right. Google it because it is so highly 
sinful.. We have commercials about... you know starving kids; you know save the starving 
kids and it is heartbreaking. We can have commercials about it... why? Because it is a 
horrible thing and people can have commercials about it. WHY do we not have commercials 
about... ‘Daddy please don’t, don’t. Mommy please don’t let daddy let daddy touch me?’ — 
because it is disgusting! It is so disgusting; beyond sin that no one, NO ONE, can even make 
a commercial about that because that’s how sinful it is. 


5.31 — 7.19 min: Do you understand that? Do you understand how sinful that is? These 
people, I’m not even going to call them people; alright? They take your children; they not 
only molest them; men f*** them and make them shoot each other. They give them guns. It’s 
either you shoot him or I’m gonna shoot you. They are... mind you, they are children. 
Children. Yes. I’m speaking out, because I... uh! Who else is doing this? You’re all just 
[inaudible]... shame on you... And actually the most recent paedophilia... got taken down... 
WOW! How long did that take? Really?! Do you know how long this has been going on? 
*Sigh* Alright I’m gonna calm down... but as a parent and I love parents out there. My heart 
goes out to all the parents out there who have missing children. You know, we all pray for 
them; every day. And I put ona bold face in public every day; because there needs to be 
someone strong, believe that. But my strength comes from somewhere... that I have a very 
vulnerable emotional side where I feel very strongly for these children and innocent peop le. 
So therefore I want to speak out. 


7.20 — 9.10 min: I have and I have my passion too; and in the end you shall all know why I 
am so passionate about exposing every single one of these scumbags; okay? The truth shall 
prevail and you all will know why. So, as for you parents... ah... there are no words to 
describe. But let me just expose because you can’t just... there is a point where you CANNOT 
just turn the other way. You know this stuff is going on; and you go ‘Oh well... that’s their 
problem. Let’s just turn the other cheek.’ How long are you going to turn the other cheek, 
until it happens to your own freaking children? When, when, when your own child; three 
years old, get’s run out [kidnapped] and gets blasted right in the head with a gun... yeah... 
there’s more to that people; okay? And I’m not just saying that coming from some... I mean, 
actually, mothers, fathers out there... If you found out... I’m sure you would do way worse 
than what I am just saying. I’m just using voc. I’m just annihilating them vocally. I’m sure 
the parents out there who find out what their children have gone through, their missing 
children. I am pretty positive more than just a vocal annihilation of these scumbags that do 
this to your children; okay? 
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9.11 — 10.32 min: So keep on turning the other cheek folks. Hey, go and turn the other cheek; 
you are with the others. Iam not. 1 AM NOT. Like I said you... There is only two ways to go 
about this: you’re either with us: the good guys, or you’re with the others. There is no in- 
between. Cause if you are in-between, hiding like cowards, turning the other cheek; doing 
whatever; well then you are a freaking coward and you are just a sheep. And sheep end up 
dying because you know what you are owned by “The Others”. So pick one: you’re either 
one of us: the good guys or you’re part of the others. That is simple as that! Two choices: 
good guys; bad guys. In-between you’re dead because the bad guys are going to suck your 
soul out [transfer your consciousness to your REM driven clone] and do some sadistic stuff to 
you and watch, and make you watch while they pretty sadistic stuff to your children as well. 


10.33 — 11.33 min: Do you know why they love children? Because they are innocent souls; 
they’re innocent... they’re, they’re the most innocent pure beings in this planet. They’re not 
harmed by anything. They’re new to the world; bright-eyed pure innocent children. That is 
why these disgusting paedophile and these clone rings; cloning centres; satanic rituals; 
Brownsville Texas... There are many other cloning centres where they take your children that 
go missing. And you wonder why? What happens to them? I’m sorry to break this to you but 
that is what happens. Now either do you want to know what happens to them or do you want 
to turn the other freaking cheek? 


11.34 — 13.09 min: Tune into my next show. I’m gonna upload stuff; I have an arsenal ready 
to blow up! Okay. And I have reason behind this. You all should know my personal reason 
soon; but this has nothing to do with me right now. But know that I’m back, I’m back with a 
vengeance and I’m back with an army full of people around the world who are sick and tired 
of treated like animals; or quote, unquote “COWS”. We all know what that means. For the 
outside world (the masses) we all know the term “sheep”, sheeple. But for the insiders we 
know what the cows are don’t we? You know what “The Others” like to do with the cows, 
right? They start to herd you in... and to... yeah...’m gonna end it at that. And to all the 
parents, families and children out there, I love youso much. I... have to maintain composure, 
because that is what I do. That is all. Over and out. 
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Appendix B: MK Ultra 


MK Ultra -noun: [Manufacturing Killers Utilizing Lethal Tradecraft Requiring 
Assassinations] The goal of mind control, using MK Ultra technology is to program an 
individual to carry out any task against ther will and self-preservation instinct, and to control 
the absolute behaviour and thought patterns of the individual. 


Modern-day MK Ultra involves an implantable microchip which is inserted into a Mark 2 
clone of the victim. Every thought, reaction, hearing and visual observation causes a certain 
neurological potential, spikes, and patterns in the brain and its electromagnetic fields, which 
can now be decoded by the implantable microchip into thoughts, pictures and voices. The 
thoughts, pictures and voices of the implanted Mark 2 clone (victim) can now be displayed 
visually and heard on any system capable of converting visual images, suchas a television or 
a computer. These images are usually displayed ona giant screen at the cloning centre. 


The purpose of MK Ultra is to elicit a specific conditioned response in a victim (desired by 
the programmer) to an otherwise neutral stimulus. In other words, through the process of 
“classical conditioning” (which involves learning a new behaviour via the process of 
association. In simple terms two stimuli are linked together to produce a new learned 
response in a person) the implanted Mark 2 REM duplicate clone (victim) is placed thorough 
many similar recurring scenarios which are experienced (or perceived) by the victim as 
“real”, because the programmer manipulates the victim’s audio and visual field, and 
continuously pairs the victim with the neutral stimulus, so that either a positive or negative 
conditioned response is elicited in the victim towards the neutral stimulus. 


In other words an implanted victim can be placed in many recurring situations deemed as 
frightful, where a mystery stranger saves the victim from the frightful situation over and over 
again. The victim will now have positive associations towards the mystery stranger and 
therefore the conditioned response is now one of ‘positive associations’ (towards the mystery 
stranger who did not elicit sucha reaction before). 


MK Ultra techniques are administered through Mark 2 (sleep driven) clones. In other words 
classical conditioning happens when the person sleeps. Memory suppression technologies are 
also used in conjunction with MK Ultra technology, which enables the programmer to control 
certain memories the victim remembers. The use of memory suppression technologies and 
MK Ultra technology allows the programmer to reinforce behaviour and elicit specific 
conditioned responses (in an original). 


Therefore, in our example above, when the original meets the mystery stranger in real life, 
the original (victim) will be predisposed to the mystery stranger and automatically ‘feel safe’ 
around this person and may even believe that he / she should ‘date this mystery stranger’ — 
depending on what was programmed; because the victim was conditioned to elicit such an 
emotional response towards the mystery stranger in his / her sleep as a Mark 2 REM driven 
clone through MK Ultra functionality. 
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MK Ultra can also be used to create zombified individuals who are programmed to murder 
and remember nothing of their crime afterward. MK Ultra (technology) can also be used to 
disrupt the memory of the original, discredit people through unusual behaviour, make the 
person insane or commit suicide and murder. 


MK Ultra has much functionality. Furthermore, because of its video and audio projection 
functionality, MK Ultra can also be used to compose music. MK Ultra is capable of relaying 
the Mark 2 REM driven clone’s subconscious and conscious mind as visual images and 
audio, projected onto a screen. Therefore thoughts, pictures and voices which have been 
experienced consciously and subconsciously in one’s life can be displayed visually and 
audibly on a television or computer screen. The Mark 2 clone now has the option of 
harmonising these thoughts, pictures, and voices into a coherent order which produces music 
through the thought process of his or her imagination. See Jim Cristea (2009); Berkeley News 
(2011); UC Berkeley Campus Life (2011) CTForecaster (2013); nature video (2013) and 
Stromberg (2013) for examples and discussions and the capability of MK Ultra technology. 
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Appendix C: The Illuminati 


Illuminati —noun: A modern-day criminal organisation operated by reprobate (depraved, 
unprincipled and wicked person) criminals. Their main agenda: is to enslave the whole world 
through advanced concealed technologies. 


Today’s Illuminati trace their roots back to Professor Adam Weishaupt who found the 
Illuminati on 1“ May 1776. Since the inception of the Illuminati the intent has always been, 
and remains: “to bring about a NEW World Order that writes God out of the picture and 
deifies (glorifies) Lucifer.” This intent 1s still prevalent today. The following excerpt is 
derived from A. Ralph Epperson (1990) The New World Order: 


Weishaupt was a teacher of Cannon Law (law governing the affairs of a Christian Church, especially 
the law created or recognised by the Papal authority in the Roman Catholic Church) at the University 
of Ingolstadt in Bavaria, now part of Germany. 


He even told the world, in his writings, where he would conceal the Order: "None is fitter than the 
three lower degrees of Free Masonry; the public is accustomed to it, expects little from it, and therefore 
takes little notice of it." He felt that this secrecy would lead him to success because he felt no one 
would be able to break into it. He wrote: "Our secret Association works in a way that nothing can 
withstand ...." 


Weishaupt accepted the fact that all secret associations and secret orders had two doctrines, one 
concealed and reserved for the Masters... the other public ...." and the Illuminati was [and are to this 
day] a secret society with two doctrines. 


Professor Weishaupt, its founder, boasted of his organization's secrecy. He realized that this secrecy 
would enable them to decide the fate of nations and because their deliberations were secret, no outsider 
could interfere. He wrote: "The great strength of our Order lies in its concealment; let it never appear in 
its own name, but always covered by another name, and another occupation." Weishaupt later wrote 
about that secrecy in a letter to a fellow member of the Illuminati: "Nothing can bring this about [the 
new world order] but hidden societies. Hidden schools of wisdom are the means which will one day 
free men from their bonds [the "bonds" of religion] Princes and nations shall vanish fromthe earth." So 
the secret societies were created to bring the world to the new society known as the New World Order. 
The members of these organizations obviously feel that their goals are so noble that they may perform 
whatever tasks are required of them to bring that goal to fruition. This means that murder, plunder, and 
lying all become acceptable as long as these methods assist its members in obtaining their goal. 


Adam Weishaupt, the founder of the Illuminati, wrote over and over and over again, that "the ends 
justified the means." Weishaupt also told initiates to use whatever means, which included murder, to 
achieve the goals of the association that he was joining. And that the major goal of the Illuminati, was 
the destruction of all religion, including Christianity. That meant that if Christians physically stood in 
the way, they could be removed by simply murdering them. Weishaupt even went so far as to say that 
anyone not willing to take the life of another was unfit to join the Illuminati. He wrote the following in 
a letter to a fellow member in 1778: "No man is fit for our Order who is not ... ready to go to every 
length ...." 


Another reason, that Weishaupt felt that the Illuminati would succeed, was the fact that he was offering 
his members worldwide power. He felt that this inducement would enable him to draw into his 
organization only those who would do anything to satisfy that desire for power. He wrote: "The true 
purpose of the Order was to rule the world. To achieve this it was necessary for the Order to destroy all 
religions, overthrow all govern ments and abolish private property." 
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But his religion had a different base than the traditional religion: his was based upon a worship of 
reason: "... then will Reason rule with unperceived sway." "... Reason will be the only code of Man. 
This is one of our greatest secrets." "When at last Reason becomes the religion of man, then will the 
problem be solved." Weishaupt's dedication of his organization to "reason" makes some sense when the 
reader recalls that "reason" has been defined as the "unbridled use of man's mind to solve man's 
problems without the involvement of God." The Bible calls this "the fruit of the tree of the knowledge 
of good and evil." It was this knowledge that God wanted man not to have, and it was the promise 
made to man by Lucifer that man could have it by eating of "the fruit." In addition, Weishaupt's 


religion offered its believers a reward not offered by any other religion: worldwide power! 


wow 


Weishaupt wrote: "The pupils [members of the Illuminati] are convinced that the Order will rule the 
world. Every member therefore becomes a ruler." Weishaupt's religion not only offered power to his 
believers, but he offered them something else not guaranteed by any other religion: worldly success. He 
said that once a candidate had achieved the exalted degree of Illuminatus Minor, the fourth of the 
thirteen inside his Order, his superiors would: "assist him [the member] in bringing his talents into 
action, and [would] place him in situations most favourable for their exertion, so that he may be 
assured of success." Finally, the goal of the Illuminati was "man made perfect as a god - without God." 


The ideology of “man made perfect as a god —without God” still remains to this day, and it is 
practiced by today’s Illuminati members. The above phrase is what ties in Luciferian worship 
and trans-humanism. Lucifer is idolised by Hluminati members as the deity who gave man 
‘knowledge’ and therefore is worthy of worship; God, -according to Luciferians, -did not 
want man to have knowledge and therefore is despised by Luciferians. Ingrained in the trans- 
humanism doctrine is the believe that: ‘man can become ‘god’ through science and 
technology and in turn overthrow the Creator of the universe: God’. See LawOfldentity 
(2014) and Mark Dice (2014). 


These are the basics of Luciferianism. Therefore everything which is natural or pertains to 
nature must be contended or destroyed by Luciferians. This is why Illuminati members 
endorse having sex with children, killing first born sons, and drink blood. All the above go 
against nature and according to the ‘edicts of Lucifer’: paedophilia makes the person 
committing the act younger (it doesn’t, it is just an excuse to act perverse on children because 
they know children are vulnerable); killing your first born son gives you good luck and 
fortune in this life (so yes, some Luciferians have sacrificed their first bon sons); and 
Illuminati members believe drinking blood / cannibalism is a ‘purifying agent’ (although in 
reality it causes spongiform encephalitis (holes in the brain)). 


Modern-day Illuminati members still retain the goal of its founder “to bring about a NEW 
World Order that writes God out of the picture and deifies (glorifies) Lucifer.” Infiltration 
through secrecy, still remains their mode of operation, for the current Illuminati and therefore 
they have secretly infiltrated all the major religions on earth; government and education — 
where each successive generation is being dumb down; they have continually diminished the 
ability for individuals to own private property, or claim inheritance; divided people against 
each other to continually diminish patriotism; and have continually diminished family values. 


They also compartmentalise their knowledge between members. Until I fully exposed the 
Illuminati, many people who have been REM clones at the cloning centre did not know they 
were in fact REM drivenclones, and thought they were in the 5'" Dimension; the astral plane; 
a singularity; the spiritual realm; Valhalla; quantum hopping; a time stutter etc. or whatever 
else the Illuminati told them. 
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Today’s Illuminati members also meet in secret (just like the founding members) as REM 
driven clones, when they go to sleep. Furthermore, because Illuminati meetings are in secret 
and not many people know the exact location (because knowledge is compartmentalised) of 
the cloning centre; or the fact that their consciousness has been transferred to Mark 2 REM 
driven clone bodies at the cloning centre (and they are not in their original bodies); as well as 
the fact that unsuspecting civilians have their memories suppressed; the points mentioned 
above are the reasons the Illuminati believe ‘they are all powerful and untouchable’; and as a 
consequence, today’s Illuminati members do all the disgusting things they want, because they 
believe no outsider can interfere. 


The ring leaders of the Illuminati today also believe “the ends justify the means”. This is why 
they clone, torture, molest, murder, and rape unsuspecting civilians as REM driven clones in 
their sleep. The Illuminati of today offer their members incitements to go along with their 
agenda and not oppose them (or face death). Another popular method is to entice their target 
with many, many wonderful prospects, and have the target believe they are joining a noble 
and prosperous venture, so that the target fulfils the objectives of the Illuminati unknowingly; 
promoting the Illuminati in a positive way, because the target has been deceived to perceive 
the nature of the Illuminati as ‘positive’; by the time the target finds out the true intent of the 
Illuminati, and the evil which emanates from it, it is too late. Those who rise up in the ranks 
of the Illuminati are the men and women who have an insatiable lust for power, and most 
importantly: the men and women who want to rule the world. 


Modern-day [Illuminati members also wish to become gods (through technology); overthrow 
the Creator, and achieve their overall aim of enslaving mankind. This is why they clone 
people, and clone people in high rank society from all walks of life (movie stars, musicians, 
politicians etc.; whether the person willing wants to be part of the Illuminati or not) so long as 
that person is in a position of power and influence, the Illuminati clone that person, and 
threaten that person, for example -“Hey, you’re going to hang with us —or else” —through 
such coercion, the people in high rank society who have power and influence will not oppose 
the Illuminati’s plans to become gods; enslave mankind forever; and rule the world. Another 
reason for cloning high rank society is to include these people into the Illuminati (willingly or 
unwillingly) to ensure the world’s populace remains in ignorance (because once all the world 
leaders and high rank society are cloned and under the coercion of the Illuminati nobody in a 
position of influence or power can warn the populace against the Illuminati) until the 
Illuminati’s plan is completed and they have enslaved the world forever. 
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The Illuminati’s overall aim of ‘becoming gods’ and ruling the world, as well as, mind 
controlling all the inhabitants of earth is also the reason the Illuminati: 


Administer drip feed disclosure through media, by telling some truths mixed with lies 
in order to conceal their true intentions and overall aim, and prevent the betrayed 
partner (the public) ftom ever discovering “the complete truth”; 

Administer evaluative conditioning, by placing their symbols and ideology in popular 
media with positive associations, so that the unknowing and unsuspecting public will 
eventually become predisposed to the Illuminati and unsuspectingly have a positive or 
neutral response towards the Illuminati; 

Because they want to become ‘gods’ is also the reason the Illuminati is promoting 
RFID microchips and only discussing RFID microchips positively, while at the same 
time placing suppression (gagging) orders on anyone who speaks negatively about 
RFID microchips —which implies an unsuspecting public will willingly accept the 
microchip; and at the point of transaction, the person will have (unknowingly) given 
up their privacy to a third party (the Illuminati) for the rest of his / her life; 

Their aim to become ‘gods’ is also the reason the Illuminati are hurriedly trying to 
complete the HAARP grid across earth —because a complete HAARP grid will allow 
them to achieve their goal of mind control over the entire world; which fulfils their 
objective of becoming gods; because a complete HAARP grid will be capable of time 
travel, and therefore the Illuminati will be capable of going back to a previous time to 
correct the mistake(s) which led to their downfall; the Hluminati members will retain 
the knowledge of the previous time, and the rest of humanity will have no recollection 
of sucha memory. 


The Illuminati is not a joke. It is not fiction. They are very real, and part of humanity’s 
reality; and through advanced concealed technologies the Illuminati aim to enslave humanity 
forever. The ring leaders of the present Illuminati includes Queen Elizabeth II, Prince Philip 
Duke of Edinburgh, Prince Charles of Wales and Vladimir Putin. I have also detailed the 
actions of the ringleaders in the main text in this disclosure, as well as, detailed other modern- 
day evil Illuminati members on my Facebook and Proboards. It is time the good people of 
earth, stopped being afraid, do the right thing, put a stop to this evil, and save themselves, as 
well as their children’s children from being slaves forever. Spread and share this disclosure. 
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KIS (Keep It Simple) pill-bottle signal tracer probe 


Glossary 


Aneurysm -noun: Anexcessive swelling of the wall of an artery at a fixed point in the body. 
A brain aneurysm is therefore a: bulge or ballooning in a blood vessel in the brain. It often 
looks like a berry hanging on a stem. A brain aneurysm can leak or rapture, causing bleeding 
into the brain. 


Brain Aneurysm -noun: see Aneurysm. 


Clone —noun: a cell, group of cells, an organism produced asexually froma single ancestor 
and is genetically identical to a single ancestor. 


Concealed Technology -noun: hidden machinery and devices undisclosed and currently 
unavailable for public consumption. Concealed (or military) technology develops at a rate of 
44 years for every 12 months which passes in comparison to the technology the public is 
currently accustomed to. Origin: Phil Schneider. 


Cloning Centre —noun: a physical location (on earth) where duplicate and replicate clones 
are produced. These physical locations are usually Deep Underground Military Bases 
(DUMBs). DUMBs have an entire floor dedicated to cloning. It is also a place where 
Illuminati members meet with each other as REM driven clones. The above-ground cloning 
centre where many high profile people attend can be found within a radius of 5/6 hours drive 
from the Robert Pickton Farm Port Coquitlam, British Columbia, in Canada, somewhere at a 
remote nature reserve. 


Cloning Technology -noun: the technological advancements in medicine, science and 
technology used to produce duplicate and replicate copies of originals. 


Conditioned Response -noun: an automatic response established by training to an ordinarily 
neutral stimulus. 


Conditioned Stimulus —noun: A previously neutral stimulus that, after repeated association 
with an unconditioned stimulus, elicits the response produced by the unconditioned stimulus 
itself. 


Consciousness —noun: the state of being aware of and responsive to one’s surroundings; a 
> 
person’s awareness or perception of something. 


Consciousness Transfer -noun or verb: the process of transferring or copying the mental 
content (including long-term memory and “self’) ftom a particular brain and copying it to a 
computational device; artificial body or avatar body such as that of a robot or clone version of 
the original. It is also the feat in which the person’s mental content (long term memory and 
“self’) moves from one body into another. 


Depopulation verb: to remove or reduce the population of, as by destruction or force. 


93| Page 


Drip Feed Disclosure noun or verb: is the process of supplying information but in small 
amounts overtime. Drip feed disclosure is also the process of revealing information slowly 
overtime, possibly telling lies to conceal certain aspects of the truth until the source 
administering the drip feed disclosure has adequate time to let out the truth in a slow and 
controlled way, thereby delaying the betrayed partner (in this disclosure, the public) from 
having the “complete truth” for some time. 


DUMB -noun: [Deep Underground Military Base] a facility directly owned and operated by 
or for the military or one of its branches that shelters military equipment and personnel, and 
facilitates training and operations beneath the surface of the earth. 


Duplicate Clone -noun: a fully formed human body which is a genetic copy of original 
developed through the process of regenerative technology. Duplicate clones are grown ina 
big thick tank full of (salty) water. 


Duplication Cloning -verb: involves agitating the cells of on an original repetitively until a 
fully formed human body of the original is developed. Duplicate clones take an average of 5 
months to form into a fully developed human body of the original through the process of 
regenerative medicine and technology. 


Evaluative Conditioning -noun: is a change in liking, which occurs due to an association 
with a positive or negative stimulus. 


H.A.A.R.P. Technology —noun: [High frequency Active Auroral Research Program] a radio 
transmitting system that can bounce signals off the Earth’s upper atmosphere, (60km (37 
miles) to 1000km (620 miles) high) back to probe deep into the earth or sea. HAARP is also 
capable of: disrupting human mental processes; knocking out all global communication 
systems; changing weather patterns over large areas; interfering with wildlife and migration 
patterns; hurting ecosystems; negatively affect human beings health, moods and mental 
states; and unnaturally ‘boil’ the earth’s upper atmosphere. HAARP used correctly will 
control the weather without any adverse effects. 


H.A.A.R.P. Grid —noun: a network of radio transmitters which can bounce signals off the 
earth’s upper surface. Each transmitter is located at a specific point across earth and 
communicates in unison with other radio transmitters across the earth. At this present time of 
writing, a HAARP grid has not been completed, although the Illuminati are working twice as 
fast to complete a HAARP grid. The threat to humanity once a HAARP grid is completed 
includes: mind control over the entire world’s inhabitants. A completed HAARP grid will 
also be capable of time travel, and therefore the Illuminati will always be able to go back toa 
pervious point in time to correct the mistake(s) which led to their downfall. Humanity will be 
Slaves forever. 


Habeas Corpus -noun: is [A] writ [formal document] requiring a person under arrest to be 
brought before a judge or into court, especially to secure the person's release unless lawful 
grounds are shown for their detention. 


Heart Attack -noun: A sudden occurrence of a blockage of the flow of blood to the heart. 


Human Clone —noun: The creation ofa genetically identical copy of a human. 
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Ionosphere —noun: the layer of the earth's atmosphere which contains a high concentration of 
ions and free electrons and is able to reflect radio waves. It lies above the mesosphere and 
extends from about 60km (37 miles) to 1,000 km (620 miles) above the earth's surface. 


Iuminati —noun: A modern-day criminal organisation operated by reprobate (depraved, 
unprincipled and wicked person) criminals. Their main agenda: is to enslave the whole world 
through advanced concealed technologies. See Appendix C for further discussion. 


Mark 2 Clone —noun: Is a sleep driven clone; specifically, a REM sleep driven clone. A 
Mark 2 Clone is activated by transferring the consciousness of an original into a Mark 2 
Clone only when the original reaches REM sleep (usually 90- 110 minutes after the original 
falls asleep). Once the consciousness of the original is transferred from the original’s body to 
the Mark 2 Clone, the Mark 2 clone is now capable of motion: such as walking, talking etc. 
The Mark 2 clone ‘drops limp’ and becomes motionless once the original wakes up from 
sleep. The original’s consciousness no longer resides in the Mark 2 clone (once the original is 
awake) and therefore the Mark 2 clone is now incapable of motion. Mark 2 Clones are also 
known as “REM Driven Clones” and “REM Duplicate Clones”. 


Memory Suppression —noun or verb: is the selective removal of memories or associations 
with the mind using memory suppression technology. 


Memory Suppression Technology —noun: any scientifically advanced technology used 
selectively to remove memories from the conscious mind. 


Mind-Voice Technology —noun: an advanced technology capable of reading, listening, 
hearing and broadcasting a person’s inner voice or thoughts. It is capable of replicating 
sounds exactly. Therefore an individual can hear the sound of drums, a guitar or any 
instrument and replicate that sound exactly just by thinking about it. Consequently, Mind- 
voice technology has the functionality of producing music. 


Military Technology —noun: machinery and devices developed from scientific knowledge 
used by the Armed Forces which advance at a rate of 44 years for every 12 months which 
passes, compared to the technology the public is accustomed to. Origin: Phil Schneider 


MK Ultra -noun: [Manufacturing Killers Utilizing Lethal Tradecraft Requiring 
Assassinations] The goal of mind control, using MK Ultra technology is to program an 
individual to carry out any task against their will and self-preservation instinct and to control 
the absolute behaviour and thought patterns of the individual. See Appendix B for further 
details. 


Neutral Stimulus —noun: is a stimulus which initially produces no specific response other 
than focusing attention. In classical conditioning, when used together with an unconditioned 
stimulus, the neutral stimulus becomes a conditioned stimulus. 


Negative Association -noun: is an undesirable experience or perception. 


Negative Stimulus -noun: a stimulus with undesirable consequences. 


95| Page 


New World Order -noun: [NWO] Agenda. The whole NWO agenda is to turn humanity into 
mindless slaves forever; whereby the post-humans / trans-humans mind control the entire 
world’s populace either through RFID microchips or a completed HAARP grid. Another 
aspect of the NWO agenda is to depopulate the world’s current population of 7.3 billion 
people to 500 million people (and never exceed a world population of 500 million people 
afterwards); ruled by a one world government; a one world ruler; with a one world religion. 
See Appendix C for more details. 


Original —noun: A person who is not a clone. 


Pain Receptor -noun: Any one of the many nerve endings throughout the body that warn of 
harmful changes in the environment such as excessive pressure or temperature. 


Positive Association -noun: is a desirable experience or perception. 
Positive stimulus -noun: a stimulus with desirable consequences. 


Posthumanism —noun: seeks to rewrite the very definition of being human. It is the 
condition in which humans and intelligent technology become intertwined. In the Posthuman 
there are no essential differences or absolute demarcations between bodily existence and 
computer stimulation, cybernetic mechanism and biological organism, robot technology and 
human goals. 


Posthuman -noun: see Posthumanism. 
Project MK Ultra -noun: see MK Ultra. 


Regenerative Medicine -noun: (of a living organism) the process of re- growing new tissues 
after loss or damage. 


Regenerative Technology -noun: any machinery or device developed from scientific 
knowledge which has the capability to re- grow new tissues after loss or damage. 


REM Sleep —noun: [Rapid Eye Movement] is the fifth stage of sleep in the sleep cycle. It 
takes 90 - 110 minutes to reach REM sleep after we fall asleep. REM sleep is also known as 
the “period of paralysation”. The involuntary muscles such as the brain become more active 
whereas voluntary muscles (those that you move by choice) such as your arms and legs 
become more relaxed or paralysed. REM sleep is a kind of sleep that occurs at intervals 
during sleep, and it is characterised by rapid eye movements. 


REM Driven Clone -noun: [Rapid Eye Movement Driven Clone] a clone that can only 
become activated, once the original is in REM sleep. See Mark 2 Clone. 


REM Duplicate Clone -noun: [Rapid Eye Movement Driven Clone] A clone developed by 
regenerative medicine and technology and is therefore an identical copy of an original. REM 
duplicate clones can only become activated when the original is in REM sleep. See Mark 2 
Clone. 
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REM Driven Clone Death —noun: the process where an original dies because of constant 
torture to their REM driven clone or where a constant electrical current is applied to the REM 
driven clone resulting in death of an original usually in the form of an aneurysm or heart 
attack (because consciousness is linked) in the original’s body. 


REM Driven Clone Torture —noun or verb: the action or practice of inflicting serve pain 
on a REM driven clone. REM driven clone torture causes biological and physiological 
responses in the original’s body because consciousness is linked. Intermittent REM driven 
clone torture (depending on what is done) causes the original to experience severe headaches, 
an upset stomach, achy limbs, sickness; a weakened heart. Continuous REM driven clone 
torture will lead to the death of the original; usually in the form of aneurysm or heart attack in 
the original’s body. 


Replication Cloning —verb: involves giving birth to a genetic identical of an original where 
the newborn starts life offas a baby and matures. The newborn is referred to as a clone. 


RFID Technology [Radio Frequency Identification] -noun: are electronic microchips the size 
of a grain of sand that can be directly embedded into the human flesh. RFID microchips 
communicate wirelessly through the use of electromagnetic fields to transfer data. RFID 
microchips link the brains of people via the implanted microchip to satellites controlled by 
ground base super-computers. The dangers of RFID microchips to the implanted person are: 
total loss of privacy and total control of the person’s physical body functions, mental and 
emotional thought processes, including the implanted person’s subconscious or dreams —for 
the rest of that person’s life! RFID microchips are also tracking devices, and the implanted 
person can be tracked anywhere on the globe. 


Selling One’s Soul -verb: to sell the use one’s “Mark 2" REM driven clone to the Illuminati, 
for the Illuminati to use the individual’s Mark 2 REM driven clone in whatever manner the 
Illuminati wishes. There are no returns once the individual has signed over his / her (soul) 
Mark 2 REM driven clone. When an individual sells their (soul) Mark 2 REM driven clone, 
the person has also entered into a contract to sell the Mark 2 REM driven clone(s) of their 
current children (if they have any) as well as any unborn children the person may have later 
in life. The person sells all their descendants (souls) Mark 2 REM driven clones to the 
Illuminati, once the individual sells their (soul) Mark 2 REM driven clone to the Illuminati. 
Selling one’s (soul) Mark 2 REM driven clone is considered a serious business transaction 
to the Illuminati. There are no returns. If the person ever makes a fuss and wants their (soul) 
Mark 2 REM driven clone back, the Illuminati will either torture the person’s Mark 2 Clone, 
or apply a constant electric current to the person’s Mark 2 Clone until the person either has a 
heart attack or aneurysm in their original body. This is what public figures are hinting at 
when they say “They have sold ther soul”. They have sold the use of their Mark 2 REM 
driven clone to the Hluminati. Selling one’s soul is not a joke. Never sell your soul. 


Stimulus —noun: is something that causes a reaction, especially interest, excitement or 
energy. It is also an energy change registered by the senses. For example a stimulus can be a 


shinny object for a baby. 


Technology —noun: machinery and devices developed from scientific knowledge. 
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Technological Advancement -noun: is incorporating, by means of experimental 
development, a characteristic or capability not previously existing or available in standard 
practice, into a new or existing process or product that enhances a_ product's 
performance. Novelty, uniqueness, or innovation alone does not indicate a technological 
advancement. 


Transhumanism —noun: the belief or theory that the human race can evolve beyond its 
current physical and mental limitations, especially by means of science and technology. 


Unconditioned Response —noun: is a response to a neutral stimulus we have no / little 
control over. It is a natural automatic response. For example, food is an unconditioned 


stimulus for a hungry animal, and salivation is the unconditioned response. 


Unconditioned Stimulus —noun: A stimulus that elicits an unconditioned response. 
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PREFACE 


AS FAR AS THE HISTORY OF THIS PLANET IS CONCERNED, YOU CAN CONSIDER THAT EVERYTHING 
YOU EVER LEARNED IS A COMPLETE LIE. ALL HISTORY AND SCIENCE BOOKS ARE REWRITTEN TO 
ACCOMMODATE THE AGENDA OF THE CONTROLLERS OF THIS PLANET. THESE BOOKS ARE JUST AS 
FALSE AS THE NEW AGE MATERIAL SPEWING FORTH FROM SUCH PLACES AS SEDONA AND SANTA 
FE, TO NAME A COUPLE OF ILLUMINATI MECCAS. 


DISINFORMATION IS RAMPANT EVERYWHERE. MY INFORMATION COMES FROM MY MONTAUK 
PROJECT INDOCTRINATIONS, EXPERIENCES, CONVERSATIONS WITH SCIENTISTS INVOLVED IN 
ILLUMINATI PROGRAMS, COMMUNICATIONS WITH ALIEN AND INTERDIMENSIONAL BEINGS WHOM I 
MET AT VARIOUS GOVERNMENT PROJECTS, AND THROUGH THE PROBING OF MY OWN OVERSOUL. 


I CANNOT OFFER YOU PHYSICAL PROOF AT THIS TIME. I CAN ONLY TELL YOU THAT IT IS AVAILABLE 
IN CERTAIN PLACES. ALTHOUGH ALL EXISTENCE IS SIMULTANEOUS, AND TIME AND SPACE ARE 
MERELY ILLUSIONS OF PHYSICAL REALITY, FOR THE PURPOSE OF THIS BOOK I WILL PRESENT THE 
MAJORITY OF HISTORY FROM A LINEAR PERSPECTIVE. THERE ARE ALSO INFINITE UNIVERSES, BOTH 
PHYSICAL AND NON-PHYSICAL, BUT FOR NOW, I WILL ONLY TELL YOU ABOUT THIS ONE. 


TO UNDERSTAND HOW THE ILLUMINATI CAME TO POWER, OR EVEN TO COMPREHEND WHAT THEY 
ARE, IT IS IMPORTANT TO UNDERSTAND THE BEGINNING OF LIFE ON THIS WORLD AND ITS 
PROGRESSION. 


I DO NOT BELIEVE IN ANY RELIGION, ORGANIZED OR OTHERWISE. ALL RELIGIONS, NO MATTER 
WHAT THEY ARE, ARE FORMS OF GROUP MIND-CONTROL DESIGNED TO MANIPULATE LARGE 
MASSES OF PEOPLE TO STOP THINKING FOR THEMSELVES. I DO BELIEVE IN GOD. IT HAS NO 
RELIGION. 


IN THE SUBSEQUENT YEARS FOLLOWING THE PUBLICATION OF MY LAST BOOK, MUCH HAS BEEN 
WRITTEN ABOUT BY OTHER RESEARCHERS CONCERNING REPTILIANS AND THEIR RITUALS. THIS 
THEME HAS FOUND ITS WAY INTO THE PSYCHE OF THE PUBLIC. MOST PEOPLE ARE STILL NOT 
WILLING TO ACCEPT OR EVEN ENTERTAIN THE IDEA THAT HYBRID REPTILIANS ARE IN CONTROL OF 
THIS PLANET AND PERFORM BLOOD RITUALS AND CEREMONIES USING HUMANS AS THE SOURCE OF 
FOOD AND HORMONES. I WISH IT WERE NOT TRUE. BUT I CANNOT CHANGE HISTORY, CURRENT 
EVENTS, OR WHAT I KNOW TO BE TRUE. 


THE CONTROLLERS PLAN THE PATTERN OF COMING EVENTS IN SUCH A WAY TO PURPOSEFULLY 
DISORIENT THE MASSES WHILE THEY ALONE SEE THE DESTINATION AND THE ORDER OF LIFE. THE 
MASSES ARE LEAD TO BELIEVE THAT HAPHAZARD EVENTS AMIDST CHAOS SHAPE THEIR 
EXISTENCE. 


IN TRUE REALITY, THERE IS NO SUCH THING AS CHAOS. CHAOS IS SIMPLY A PATTERN NOT YET 
UNDERSTOOD OR PERCEIVED. 


THINK ABOUT AN ANT CRAWLING OVER A DESIGNED, TILED FLOOR. THE ANT MAY SEEM CONFUSED 
OR DISORIENTED; NOT KNOWING WHICH WAY TO GO. BUT A HUMAN BEING WATCHING THE ANT 
FROM A HIGHER PERSPECTIVE CLEARLY SEES THE FLOOR PATTERN AND KNOWS WHICH WAY THE 


ANT CAN GET TO ITS DESTINATION. TO THE ANT, THERE IS ONLY PERCEIVED CHAOS. TO THE 
HUMAN, THERE IS A PRESCRIBED PATTERN. 


TO THE CONTROLLERS, THE HUMANS ARE THE ANTS. THE CONTROLLERS ARE INTERESTED IN 
DIRECTING THE PEOPLE IN SUCH A WAY THAT THEY DO NOT KNOW THAT THEY ARE BEING 
DIRECTED. THE CONTROLLERS WORK SLOWLY AND METHODICALLY FROM A GLOBAL PERSPECTIVE 
TO ACCOMPLISH THEIR GOALS. 


WITH AWARENESS, YOU TOO, CAN PERCEIVE ORDER FROM THE CHAOS, MAKE SOME CONSCIOUS 
DECISIONS, AND GAIN CONTROL OF YOUR OWN LIFE AND DESTINY. 


GO BACK 


2 - THE TRANSPARENT PEOPLE 


WHEN I WORKED AT MONTAUK, I ENCOUNTERED AN OCCASIONAL ALIEN SPECIES KNOWN AS A 
REPTILIAN. THEY SEEMED TO POP IN AND OUT OF PHYSICAL REALITY. THE REPTILIANS PRIMARILY 
USE THE LOWER ASTRAL REALMS AS THEIR REFERENCE POINT, OR POINT OF ENTRY, INTO PHYSICAL 
REALITY. THIS IS THE ORIGIN OF THE LEGENDS OF ASTRAL DEMONS. MY MONTAUK CONTROLLERS 
EXPLAINED THAT THESE BEINGS WERE BROUGHT TO THE DRACO STAR SYSTEM EONS AGO BY 
ANOTHER GROUP UNKNOWN TO ANYONE. FURTHER, THEY EXPLAINED, NO ONE KNEW ANYTHING 
OF THEIR TRUE ORIGINS. 


COMMUNICATION WITH ME WAS ENTIRELY TELEPATHIC (THE DRACO REPTILIAN). MENTALLY, IT 
TOLD ME THAT IT CAME FROM THE FAR FUTURE WHERE HUMANS NO LONGER EXISTED, AND THAT 
ITS SPECIES WAS NOT FROM THIS REALITY. CONTINUING, IT SAID THAT ITS SPECIES HAD TRAVELED 
BACK INTO THE DISTANT PAST TO CREATE A RACE OF BEINGS, WHICH I KNEW AS THE REPTILIANS, 
TO ANTAGONIZE AND TEST HUMANS. 


IT ALSO TOLD ME THAT THEY WERE ASSISTED BY THE SIRIANS OF SIRIUS A IN THE CREATION OF 
THE REPTILIANS AND THEIR PLACEMENT IN THE DRACO STAR SYSTEM. 


FOR THE REPTILIANS TO FUNCTION IN PHYSICAL REALITY, THEY NEEDED PHYSICAL GENETICS. THE 
TRANSPARENT PEOPLE TOOK GENETICS FROM THE NOW PHYSICAL LYRAENS, WHO HAD BLONDE OR 
RED HAIR, AND BLUE OR GREEN EYES. THESE GENETICS WERE MIXED WITH THE TRANSPARENT 
PEOPLES COLLECTIVE ENERGY, THUS MANIFESTING PHYSICALLY AS THE REPTILIANS. THIS IS WHY 
THE CURRENT REPTILIANS NEED THE ENERGETICS FROM ARYAN-TYPE PEOPLE TO SURVIVE ON THE 
PHYSICAL PLANE. 


ONCE THE REPTILIANS WERE CREATED IN THE ASTRAL, THEY NEEDED A PHYSICAL HOME BASE 
FROM WHICH TO ACCOMPLISH THEIR TASK. FOR THIS, THEY WERE TAKEN TO MANY DIFFERENT 
PHYSICAL REALITIES IN WHICH THEY COULD BECOME THE DOMINANT SPECIES. MENTALLY, THEY 
WERE PROGRAMMED TO CONQUER AND ABSORB ALL OF THE RACES AND SPECIES THAT THEY 
ENCOUNTERED. THOSE THAT COULD NOT BE ABSORBED WERE TO BE DESTROYED. THE PURPOSE OF 
ALL OF THIS IS TO DETERMINE THE MOST PERFECT FORM IN PHYSICAL REALITY THAT CAN EXIST IN 
ANY ENVIRONMENT. THINK OF IT AS A GIGANTIC, COSMIC SURVIVOR CONTEST. 


THE REPTILIANS ARE PROGRAMMED TO BELIEVE THAT THEY ARE THE SUPERIOR PHYSICAL FORM. 


SCIENTIFICALLY SPEAKING, REPTILIAN DNA DOES NOT CHANGE VERY MUCH OVER EONS OF TIME. 
IT BASICALLY REMAINS THE SAME. FOR THEM, THIS IS THEIR PROOF THAT THEY ARE ALREADY 
PERFECT, WITHOUT ANY NEED TO ADAPT. MAMMALIAN LIFE, ON THE OTHER HAND, EVOLVES AND 
CHANGES FORM CONSTANTLY TO SURVIVE. 


TO THE REPTILIAN MIND, THIS DENOTES WEAKNESS AND INFERIORITY. REPTILIANS ARE ALSO 
ANDROGYNOUS, MEANING MALE AND FEMALE IN ONE BODY. THIS IS COMPARABLE TO ALL NON- 
PHYSICAL FORMS THAT HAVE NO GENDER LIKE GOD-MIND. FOR THIS REASON, THE REPTILIANS 
BELIEVE THEMSELVES TO BE MORE GODLIKE BECAUSE OF THEIR ANDROGYNY. DUE TO THEIR 
ETHNOCENTRIC VALUES, THEY ALSO CONSIDER IT THEIR RIGHT TO CONTROL AND CONQUER ALL 
OF SPACE AND TIME. 


ALTHOUGH THE REPTILIANS OPERATE OUT OF A GENERAL GROUP MIND, THEY ARE SEPARATED 
INTO SEVEN DIFFERENT REPTILIAN SPECIES, EACH CREATED TO PERFORM SPECIFIC FUNCTIONS. 


THIS IS THEIR HIERARCHY, AND IS BASED ON THE NINE LEVEL ANGELIC HIERARCHY THAT I 
DISCUSSED IN THE HEALERS HANDBOOK - A JOURNEY INTO HYPERSPACE (SKY BOOKS, 1999). 


AS AN ASIDE, THE HINDU CASTE SYSTEM IS A DIRECT REPLICA OF THE REPTILIAN HIERARCHY. 


COMMENTARY FROM WINTER: 


THE POLITICS OF THE INTERVENTIONIST DRACO TRADING COLONIES (SEE DUNE - WHOSE ARRAKEIS 
- THE HOME STAR OF DRACOS AND DUNE - IS CORRECTLY LOCATED IN ALPHA DRACONIS) - 
DEFINITELY BECAME REPRESENTED BY ENLIL/YAHWEH/MICHAEL SIDE OF THE AN - ANUNNAKI 
FAMILY. ALSO SHOULD BE SEEN AS THE ROOTS OF INSURANCE AND BANKING ON EARTH. THE 
TEMPLAR FOLLOWERS OF THE MAG (DRACO MATRILINY) LINE ARE OFTEN CREDITED WITH 
"INVENTING’ INSURANCE AND BANKING FOR THE WEST. THIS IS ABSURD - SINCE THEY HAD 
ALREADY INSTALLED SUCH INDUSTRY - SO CLOSE TO FEAR AND EXTORTION - TO HARVEST 
COLONIES ON HUNDREDS OF PLANETS. THE "SKULL AND BONES" - ORION- ORIGINS OF THE PIRACY 
AND EXTORTION STORY IS AN EXAMPLE OF INSURANCE AND BANKING THAT LOSES ITS PUBLIC 
RELATIONS BUDGET. MORE ON THE SKULL OF THE MAG BELOW. 


LATER - AS ENLIL/YAHWEH UNDER THE NAME OF "GOD" MICHABO (MICHAEL) INSTALLS GENETIC 
RULES IN ABORIGINAL AUSTRALIA AND THE AMERICA’S HE IS FOLLOWING THE DRAC TRADITION 
ENTIRELY FOCUSED ON PREVENTING CHANGE - AND FACILITATING HARVEST OF COLONIES- LIKE 
FORESTS WHOSE ONLY PURPOSE IS TO BE CUT DOWN. 


AT A DEEPER LEVEL WE SHOULD INVESTIGATE THE CONNECTION BETWEEN LOSS OF DNA 
IMPLOSION - THE PHYSICS OF LOSS OF SOUL & ACCESS TO BLISS - CALLED NEPHILIM WHICH BEFELL 
THESE DRACO (LOST SERAPHIM) FAMILIES. LOSS OF FIRE IN THE BLOOD CREATED LOSS OF LUCID 
DREAMING, LOSS OF "ENSOULMENT" AND LOSS OF LONG TERM MEMORY. PART OF THEIR PROBLEM 
WAS LOSS OF ABILITY TO NAVIGATE IN TIME TRAVEL (?*GUILD NAVIGATOR’ IN DUNE - STAR 
NAVIGATING TIME TRAVELERS, ABLE TO WARP SPACE FROM WITHIN) - DUE TO THIS LOSS OF DNA 
COHERENCE. 


NOT UNLIKE ONE OF THEIR RESULTANT CULTURES - TIBETAN - WHO ARE INTENSELY AWARE THAT 
THEIR IS NO STEERING THEIR COLLECTIVE CULTURAL DIRECTION (TIME TRAVEL) WITHOUT A 
LEADER WHO IS ABLE TO REMEMBER PAST LIVES. THIS IS EXACTLY WHAT DRACO LOST. IT IS 


PROFOUND TO COMPARE THIS TO ZULU SHAMAN LEADER LAST WEEK BEMOANING TO US HOW HIS 
GRAND CHILDREN LOST THE ABILITY TO LUCID DREAM JUST AFTER THEY SUFFERED BEING 
IMMUNIZED. THIS IS AN EXAMPLE OF HOW BORG - FALLEN DRAC EMPIRES - TREAT DNA. BY NOT 
LOVING THEIR GENES ENOUGH TO SET THEM FREE - THEY BLIND THEIR CHILDREN. 


GO BACK 


GO BACK TO VIDA EN NUESTRA GALAXTA 


3 - IS THIS PLANET TAKEN? 

IN THE BELOW - WE SUGGEST COMPARISON TO LYSA ROYALL’S "PRISM OF LYRA" BOOK - A 
*>CHANNELED’ MORE ROMANTIC AND’ INTUITIVE ACCOUNT- WHICH AT LEAST AGREES 
SURPRISINGLY ABOUT THE LYRAEN ORIGIN OF TODAY'S HUMANS. 


BECAUSE THE LYRAENS DID NOT HAVE A DEFENSE SYSTEM IN PLACE, THEY WERE A SITTING 
TARGET FOR THE REPTILIANS, ALSO REFERRED TO AS THE "DRACO". AFTER BEING BRUTALLY 
ATTACKED BY THE DRACO EMPIRE, THE SURVIVORS OF THE LYRAEN SOCIETY DISPERSED TO 
OTHER LOCATIONS THROUGHOUT THE GALAXY. THE REMNANTS OF THE DRACO ATTACK ON LYRAE 
ARE STILL SEEN BY TODAY’S SCIENTISTS. 


IN 1985, A NEWSPAPER ARTICLE STATED THAT SCIENTISTS ARE ABLE TO OBSERVE REMNANT 
WAVES OF A BLAST THAT FAN OUTWARD, AND EMANATE FROM A CENTRAL PART OF THIS GALAXY. 
THEY BELIEVE THIS BLAST TO BE SEVERAL MILLION YEARS OLD AND OF SUCH INTENSE 
PROPORTIONS THAT THE WAVE IS STILL TRAVELING TOWARD THE EDGE OF THE GALAXY BEFORE 
DISSIPATING. THEY CLAIM NOT TO HAVE ANY IDEA OF WHAT CREATED THE BLAST. 


THESE SURVIVORS WENT TO ORION, TAU CETI, PLEIADES, PROCYON, ANTARIES, ALPHA CENTAURI, 
BARNARD STAR, ARCTURUS, AND DOZENS OF OTHER SOLAR SYSTEMS. IN THIS SOLAR SYSTEM, THE 
REFUGEES COLONIZED THE PLANET NOW CALLED MARS. AT THAT TIME, IT WAS THE THIRD PLANET 
IN THE SOLAR SYSTEM. A WORLD CALLED MALDEK WAS THE FOURTH PLANET IN THIS SOLAR 
SYSTEM, AND WAS ALSO COLONIZED. 


THE LYRAENS WERE ALL BLONDE-HAIRED, BLUE-EYED PEOPLE, WITH AN OCCASIONAL RED-HAIRED 
OR GREEN-EYED PERSON. IN LYRAEN SOCIETY, RED-HAIRED PEOPLE WERE CONSIDERED SPECIAL 
WITH EXTRASENSORY POWERS THAT CONNECTED THEM TO NON-PHYSICAL REALMS. THEY WERE 
ESPECIALLY DESIRED FOR BREEDING PURPOSES. SPECIAL PERMISSION TO BREED WITH A RED- 
HAIRED PERSON WAS REQUIRED BECAUSE OF THE EXTRA, OR SUPERHUMAN, ABILITIES THAT CAME 
WITH THE OFFSPRING. 


FOR THIS REASON, RED-HAIRED PEOPLE WERE KEPT SEPARATE FROM THE REST, AND EVEN HAD 
THEIR OWN SUBCULTURE. THEY WERE ALSO COVETED BY THE REPTILIANS, WHO AS A SPECIES DID 
NOT HAVE MUCH PSYCHIC ABILITY. OFTEN, WHEN REPTILIANS CAME TO A WORLD FOR 
OCCUPATION, THE LYRAEN REFUGEES OFFERED A GROUP OF RED-HAIRED PEOPLE TO APPEASE 
THEM FOR A WHILE. THIS PRACTICE EVENTUALLY DEGENERATED INTO SACRIFICES TO APPEASE 
THE DEMONS. 


THE PLANET EARTH IN THOSE DAYS WAS A WATER WORLD IN SECOND ORBIT FROM THE SUN. 
THERE WAS LITTLE LAND ABOVE THE SURFACE. THE ONLY INTELLIGENT INHABITANTS WERE AN 
AMPHIBIAN RACE THAT WAS COMPLETELY WITHOUT TECHNOLOGY. THE ATMOSPHERE OF THE 
EARTH WAS MOSTLY LIQUID. THE PLANET DEFINITELY COULD NOT SUSTAIN ANY TYPE OF HUMAN 


LIFE FORMS. 


THE DISPERSED LYRAEN DESCENDANTS DEVELOPED THEIR OWN CULTURES OVER THE EONS OF 
TIME. EVEN THEIR GENETICS MANIFESTED DIFFERENTLY AS A RESULT OF THE MIND-PATTERNS OF 
EACH OF THE COLONIES. FOR INSTANCE, MARS AND MALDEK WERE SIMILAR TO THE CURRENT 
EARTH ENVIRONMENT, WITH WARM TO TEMPERATE CLIMATES AND AN OXYGEN-RICH 
ATMOSPHERE. THE GRAVITY ON MALDEK WAS DENSER THAT MARS, SO THOSE PEOPLE DEVELOPED 
A THICKER FRAME AND A MORE AGGRESSIVE ATTITUDE. 


EVENTUALLY, SKIRMISHES DEVELOPED BETWEEN THE OCCUPANTS OF THE TWO PLANETS. MARS 
WAS RICH IN RESOURCES. THE PEOPLE OF MALDEK THOUGHT THAT THEY DESERVED THESE 
RESOURCES FOR SURVIVAL. THE MARTIANS ASKED THE BEINGS OF SIRIUS A, FROM THE PLANET 
KHOOM, FOR DEFENSE TECHNOLOGY TO SHIELD THEIR PLANET FROM ATTACK, NOT ONLY FROM 
THE REPTILIANS, BUT FROM THEIR HUMANOID NEIGHBORS AND COUSINS. THE SIRIANS ARE KNOWN 
THROUGHOUT THE GALAXY AS MERCHANTS OF TECHNOLOGY. THEY HAVE THE BEST, EVEN 
SHARING IT WITH THE REPTILIANS. 


SO, THE SIRIANS CREATED A DEFENSE MECHANISM LOCATED IN THE MARS UNDERGROUND. 


MARS IS A HOLLOW PLANET, AS ARE EARTH AND JUPITER. PLANETS CREATED WITH MATERIAL 
EJECTED FROM A STAR HAVE HOLLOW INTERIORS. AS A MOLTEN BALL IS THROWN FROM THE STAR 
AND STARTS SPINNING AWAY, IT BEGINS TO COOL. THE CENTRIFUGAL FORCE OF THE GLOBE 
SPINNING AND MOVING AT GREAT SPEED PUSHES THE MOLTEN INTERIOR TO THE SIDES, FORMING 
THE CRUST OF THE PLANET. THIS, IN TURN, FORCES HOT GASES OUT OF THE POLES TO FORM 
OPENINGS AT BOTH ENDS. THE MOLTEN CORE AND GASES THAT REMAIN GET TRAPPED BETWEEN 
THE HOLLOW INTERIOR AND THE PLATES BELOW THE CRUST OF THE GLOBE. THESE ARE PUSHED 
OUT PERIODICALLY IN THE FORM OF VOLCANIC ACTIVITY. 


THE NEXUS POINT ON ANY SUCH GLOBE IS ALWAYS AT THE 19TH PARALLEL OF THE PLANET. IT IS 
EVIDENT ON EARTH BY THE HAWAIIAN VOLCANOES, LOCATED AT THE 19TH PARALLEL; BY THE 
MONS VOLCANO ON MARS LOCATED AT THE 19TH PARALLEL; AND AT THE RED SPOT ON JUPITER, 
ALSO AT THE 19TH PARALLEL. 


THE GEOMETRY BUILT INTO THE MONUMENTS ON MARS BY THE SIRIANS AND LYRAEN COLONISTS 
EXPLAINS ABOUT THE 19TH PARALLEL THROUGH ITS GEOMETRIC EQUATIONS AND 
MEASUREMENTS. 


THIS GEOMETRY IS ALSO REPLICATED AND CONTAINED WITHIN THE GIZA PLATEAU IN EGYPT. 


COMPARE THIS TO RICHARD HOAGLAND - STILL CLUE LESS TO WHY DOLMEN LIKE GIZA AND 
CYDONIA ARE AT TETRAHEDRAL LATITUDES. BY MODULATING (ADJUSTING) THE SPIN RATE OF 
PLANETS AT TETRAHEDRAL HAND HOLDS - PLANETARY SPIN COMES INTO PHASE WITH ZODIAC SPIN 
- THIS SELF SIMILAR SPIN RELATION MPLOSIVE COLLAPSE) IS CRITICAL TO STABILIZING GRAVITY 
AND THEREFORE ATMOSPHERE. 


GO BACK 


4 - THE REPTILIAN AGENDA 


THE REPTILIAN AGENDA WAS, AND IS, TO SEEK OUT THE HUMAN REFUGEES FOR DESTRUCTION OR 
ASSIMILATION, AND TO USE THEIR BLOOD AND HORMONES FOR SUSTENANCE. 


IT IS SAID THOSE (OPHANIM? SERAPHIM? WINGED DRACS? CIAKAR? CHERUBIM?) WHO PLACED THE 
DRACO IN OUR GALACTIC SECTOR KNEW THAT THE HUMANOID REMNANT WOULD NEED AN 
AGGRESSIVE PARASITE TO TRIGGER DEVELOPMENT. FURTHER THE RESULT OF THE PART OF THE 
HUMANOID BLOOD ON EARTH TODAY RECEIVING A BLOOD LINE CROSS FROM DRACO (URU CROSS 
WITH IBI) - IS BENEFICIAL. (SEE LAWRENCE GARDNER DEFENDING HIS DRAC FAMILY ROOT). THIS IS 
RELATED TO USUALLY AN OR CELTIC OR BRITISH RH NEGATIVE BLOOD. 


THE REPTILIAN DRAC BLOOD ENKI (RA - ABRAHAM) CROSSED WITH THE CRO-MAGNON MONKEY 
BLOOD HAD DNA WAS LESS VITAL THAN THE INDIGENOUS (RHESUS) MONKEY BLOOD. SO THE 
REPTILIANS HAD TO KEEP IN-BREEDING (AS IN HOLY BLOOD HOLY GRAIL) - CONSISTENT WITH 
WHAT SWERDLOW SAYS BELOW. AREAS (UK) WHERE THIS RHESUS MONKEY BLOOD IS ABSENT (RH 
NEGATIVE) MAY LEAD THE WORLD IN LACK OF COMPASSION. E-LIZ-A BETH (FROM LIZARD BORN) 
BREEDS A LINE WHERE NO PERMISSION TO CRY PRODUCES A STIFF UPPER LIP. 


THE REMNANT LYRAENS WHO COLONIZED OTHER PLANETS FORMED AN ALLIANCE AGAINST THE 
CONSTANT REPTILIAN ATTACKS. THEY CALLED THIS ALLIANCE THE GALACTIC FEDERATION, 
COMPRISED OF 110 DIFFERENT COLONIES. THE COLONIES BELONGING TO THE FEDERATION WISHED 
TO MAINTAIN THEIR NEW IDENTITIES, AND NO LONGER ASSOCIATE WITH THE OLD WAY. TOGETHER, 
THE FEDERATION COLONISTS MANAGED TO REPEL THE REPTILIAN ATTACKS. 


THERE WERE THREE PRIMARY GROUPS WHO DID NOT JOIN THE FEDERATION. THESE THREE GROUPS 
WERE CONSIDERED EXTREMISTS, OR NATIONALISTIC IDEALISTS, SEEKING TO RECREATE THE 
GLORY OF THE OLD LYRAEN CIVILIZATION. ONE GROUP WAS THE ATLANS, LOCATED ON A 
PLEIADIAN PLANET. THE PLEIADES ACTUALLY CONSISTS OF THIRTY-TWO PLANETS ORBITING 
SEVEN STARS. AT THAT TIME THERE WERE SIXTEEN DIFFERENT COLONIES OF LYRAEN DESCENT 
THROUGHOUT THE PLEIADES. THESE COLONISTS ALL WANTED TO OUST THE RENEGADE ATLANS 
BECAUSE THEY REMAINED INDEPENDENT AND DID NOT ASSIST THEIR HUMAN COUSINS. 


THE OTHER TWO GROUPS WERE THE MARTIANS AND MALDEKIANS, WHO WERE ALREADY AT ODDS 
WITH EACH OTHER. FOR THIS REASON, THE REPTILIANS TURNED THEIR ATTENTION TOWARD THIS 
SOLAR SYSTEM WITH ITS TWO HUMAN COLONIES. IN THE REPTILIANS ESTIMATION, IT WOULD BE 
EASY TO DIVIDE AND CONQUER. 


THE REPTILIANS LOVE TO USE COMETS AND ASTEROIDS AS WEAPONS AND SHIPS, USING THEM TO 
TRAVEL THROUGH THE STARS. FIRST, THEY CREATE A SMALL BLACK HOLE AS A PROPULSION 
SYSTEM THAT PULLS THE LARGER PLANETOID TOWARDS ITS DESTINATION. WHEN USED AS A 
WEAPON, THEY USE A PARTICLE BEAM ACCELERATOR TO CREATE A BLAST THAT HURLS THE 
COMET OR ASTEROID TO ITS TARGET. ALL OF THE TECHNOLOGY WAS OBTAINED BY THE BEINGS 
FROM SIRIUS A.(1) 


IN THIS WAY, THEY HURLED A HUGE ICE COMET AIMED AT MARS AND MALDEK. THE REPTILIANS, 
NOT BEING VERY TECHNOLOGICALLY ORIENTED, MISCALCULATED THE TRAJECTORY. THE PULL OF 
THE GIGANTIC GAS PLANET, JUPITER, PULLED THE COMET OFF COURSE. THE ICE COMET THEN 
HEADED DIRECTLY FOR MALDEK. THE CITIZENS OF THAT PLANET ASKED THE MARTIANS FOR HELP. 
EVEN THOUGH THEY WERE AT ODDS WITH EACH OTHER, THEY ALLOWED SOME OF THE 
MALDEKIANS TO MOVE TO THE MARTIAN UNDERGROUND. THE COMET CAME SO CLOSE TO MALDEK 
THAT THE PLANET GOT CAUGHT BETWEEN THE GRAVITATIONAL PULL OF JUPITER, MARS, AND THE 


COMET. THIS CAUSED THE PLANET TO EXPLODE, LEAVING AN ASTEROID BELT BETWEEN MARS AND 
JUPITER. (2) 


THE EXPLOSION PUSHED THE ICE COMET CLOSE ENOUGH TO MARS TO RIP THE ATMOSPHERE OFF 
THAT PLANET, LEAVING ONLY AN EXTREMELY THIN ATMOSPHERE. THE EXPLOSION ALSO PULLED 
MARS FURTHER AWAY FROM THE SUN. 


THE COMET THEN CONTINUED ON TOWARD THE EARTH. THE HEAT OF THE SUN AND THE 
GRAVITATIONAL PULL BETWEEN THE TWO GLOBES FORCED THE WATERY ATMOSPHERE OF THE 
EARTH TO POLARIZE. THIS POLARIZATION PULLED MOST OF THE ICE FROM THE COMET TO THE 
POLAR REGIONS OF THE EARTH, THUS COVERING MOST OPENINGS TO THE INNER EARTH, WHILE AT 
THE SAME TIME EXPOSING HUGE LAND MASSES FOR THE FIRST TIME. 


THE COMET THEN SWITCHED PLACES WITH EARTH, TAKING UP THE SECOND ORBIT FROM THE SUN, 
BECOMING THE PLANET NOW KNOWN AS VENUS. THE HEAT OF THE SUN MELTED THE ICE ON THE 
COMET, CREATING A CLOUDY COVERING TO THIS NEW PLANET. THE EARTH WAS PUSHED OUT TO 
THE THIRD ORBIT OCCUPYING THE PREVIOUS POSITION HELD BY MARS. THE EARTH WAS NOW 
READY TO BE COLONIZED. MOST OF THE SURVIVING AMPHIBIANS WERE TRANSPORTED TO A NEW 
HOME ON NEPTUNE. SOME STAYED IN THE NEWLY FORMED OCEANS. 


THE REPTILIANS WHO WERE INSIDE THE HOLLOW COMET, NOW VENUS, CAME TO THE SURFACE OF 
THIS NEW WORLD. THEY BUILT SEVEN DOMED CITIES, ONE FOR EACH OF THE SEVEN GROUPS IN THE 
HIERARCHY. IN THE MID-1980S ONE OF NEW YORK'S DAILY PAPERS, NEWSDAY, REPORTED THAT A 
SOVIET SPACE PROBE PENETRATED THE CLOUD LAYER OF VENUS AND PHOTOGRAPHED SEVEN 
WHITE DOMES THE SIZE OF SMALL CITIES, ALL IN A ROW. 


AFTER A PAGE-LONG DIATRIBE, THE AMERICAN SCIENTISTS CONCLUDED THAT THIS WAS ALL A 
NATURAL FORMATION. 


THE REPTILIANS DROVE A LARGE, HOLLOWED OUT OBJECT INTO EARTHS ORBIT TO BEGIN THE 
COLONIZATION PROCESS. THIS OBJECT IS NOW CALLED THE MOON. CONVENTIONAL SCIENCE 
CONSIDERS THE MOON NATURAL, YET IT IS THE ONLY KNOWN OBJECT IN SPACE THAT DOES NOT 
SPIN ON ITS AXIS. THE MOON FACES THE EARTH IN THE SAME POSITION ALL OF THE TIME, LEAVING 
ONE SIDE IN COMPLETE DARKNESS. A SONIC RESONANCE SENT TO THE SURFACE OF THE MOON 
MAKES A PINGING NOISE LIKE A HOLLOW OBJECT. IF THE MOON WERE SOLID, THE NOISE WOULD 
SOUND LIKE A THUMP OR THUD. THE MOON IS HOLLOW. A RECENT ARTICLE IN AN ASTRONOMY 
MAGAZINE SAID THAT THE MOON WAS BEING RECLASSIFIED BECAUSE IT IS CONSIDERED TO BE 
HOLLOW. 


THE REPTILIANS CHOSE A LARGE CONTINENTAL LANDMASS TO BEGIN THEIR CIVILIZATION ON THE 
EARTH, NOW REFERRED TO AS LEMURIA OR MU. THIS WAS A VAST AREA IN WHAT IS NOW THE 
PACIFIC BASIN, EXTENDING FROM JAPAN TO AUSTRALIA, AND FROM THE COAST OF CALIFORNIA TO 
PERU. THE HAWAIIAN ISLANDS ARE IN THE MIDDLE OF THIS ONE-TIME LANDMASS. 


HERE, AN ANDROGYNOUS REPTILIAN CULTURE DEVELOPED. THEY BROUGHT WITH THEM THE 
CREATURES THAT WERE THEIR SUSTENANCE THE DINOSAURS. ALL BEINGS CREATE BENEATH THEM 
ANIMALS AND PLANTS THAT ARE A REFLECTION OF THE MIND-PATTERN. REPTILIANS CREATE 
DINOSAURS, HUMANS CREATE MAMMALS. THEY ARE NOT DESIGNED TO COEXIST ON THE SAME 
PLANET. 





ADDITIONALLY, THE THINKING PROCESS OF THE REPTILIANS DIFFERS FROM THE HUMAN THINKING 
PROCESS. BECAUSE REPTILIANS DO NOT EVOLVE RAPIDLY AND REMAIN UNCHANGING, THEIR 
EXPANSION IS ALSO SLOW MOVING AND INSIDIOUS. IT WOULD TAKE SEVERAL MILLENNIA FOR THE 
REPTILIANS TO DECIDE WHETHER OR NOT THEY WOULD COEXIST WITH HUMANS. AFTER ALL, 
EARTH WAS STILL AN OUTPOST FAR FROM THE CENTRE OF THE DRACONIAN EMPIRE. 


IN THE MEANTIME, THE MARTIANS WERE NOW LIVING UNDERGROUND WITH THEIR HOSTILE 
MALDEKIAN GUESTS. SOMETHING HAD TO BE DONE QUICKLY TO PREVENT THEM FROM 
DESTROYING ONE ANOTHER. SO, THE MARTIANS PETITIONED THE GALACTIC FEDERATION TO 
REMOVE THE MALDEKIAN REFUGEES TO ANOTHER PLANET. THE GALACTIC FEDERATION ALSO 
RECEIVED A PETITION FROM THE PLEIADIAN COUNCIL AT THE SAME TIME, ASKING THE 
FEDERATION TO REMOVE THE ATLANS FROM THEIR STAR CLUSTER. 


THE FEDERATION THUSLY DECIDED TO USE THE ATLANS AS A COUNTERBALANCE ON EARTH. IF THE 
ATLANS SURVIVED, THE MALDEKIANS WOULD ALSO BE SENT. THE HUMAN/LYRAEN DESCENDANTS 
WERE LITERALLY THROWING THEIR OWN RIFFRAFF TO THE REPTILIAN COLONISTS ON EARTH. IN 
THIS WAY, THE FEDERATION WOULD GET RID OF THEIR UNDESIRABLES. THE UNDESIRABLES 
WOULD OCCUPY THE ATTENTION OF THE REPTILIANS. THE FEDERATION WOULD GAIN VALUABLE 
TIME TO BUILD THEIR OWN FORCES AGAINST THE REPTILIANS. 


WHEN THE ATLANS ARRIVED ON THE EARTH, THEY COLONIZED WHAT BECAME KNOWN AS 
ATLANTIS. THEIR CONTINENT STRETCHED FROM WHAT IS NOW THE CARIBBEAN BASIN TO THE 
AZORES AND CANARY ISLANDS, AS WELL AS SEVERAL SMALL ISLAND CHAINS REACHING UP TO 
WHAT IS NOW THE EAST COAST OF THE UNITED STATES, INCLUDING MONTAUK POINT. 


THE INDUSTRIOUS ATLANTEANS RAPIDLY GREW TO A LARGE, PROSPERING CIVILIZATION NEEDING 
MORE TERRITORY. THE DINOSAUR POPULATION WAS RAPIDLY INCREASING AND BECOMING 
DANGEROUS TO THE HUMAN COLONISTS. THE ATLANTEANS BEGAN DESTROYING THE DINOSAURS 
TO PROTECT THEMSELVES. THIS DID NOT SIT WELL WITH THE REPTILIANS. SOON MAJOR BATTLES 
OCCURRED ON THE EARTH BETWEEN THE LEMURIAN REPTILIANS AND ATLANTEAN HUMANS. 


AT THE SAME TIME, THE MALDEKIAN REFUGEES ARRIVED ON EARTH. THEY CREATED A LARGE 
HUMAN COLONY IN WHAT IS NOW THE GOBI DESERT, NORTHERN INDIA, SUMER, AND OTHER PARTS 
OF ASIA. 


THE MALDEKIANS ATTACKED THE LUNAR SURFACE WHERE THE REPTILIANS GUARDED THEIR 
EARTH OUTPOST FROM INVASION. THE MALDEKIANS ALSO BOMBARDED ATLANTIS AND LEMURIA 
WITH LASER WEAPONS. THE DINOSAURS WERE WIPED OUT. 


ADDITIONALLY, THE MARTIANS ALSO ATTACKED THE REPTILIANS FROM SPACE SINCE THEY, TOO, 
WERE SEARCHING FOR A REPTILIAN-FREE ENVIRONMENT IN WHICH TO LIVE. THIS MIGHT BE 
CONSIDERED THE REAL FIRST WORLD WAR ON THIS PLANET. 


IT WAS A MESS! 


FOOTNOTES: 


1. THE SIRIANS WERE AT WAR WITH THE ORION SYSTEM. THIS HOSTILITY EXISTS TO THIS DAY. IT 
IS INTRIGUING SINCE THE BEINGS IN ORION WERE ONCE VERY HUMAN, AS LYRAEN COLONISTS, 
AND THEN WERE TAKEN OVER BY THE REPTILIANS. HOWEVER, THE SIRIANS AND THE REPTILIANS 
TRADE WITH EACH OTHER AND THE BEINGS FROM SIRIUS A SELL WEAPONRY TO THE DRACOS! A 
COMPLEX POLITICAL SITUATION INDEED. 


2. THE COMET ALSO CAUSED THE PLANET URANUS TO FLIP ON ITS SIDE. IT IS THE ONLY KNOWN 
PLANET THAT ROTATES NORTH-SOUTH INSTEAD OF EAST-WEST. 


THE LOSS OF THE MARTIAN ATMOSPHERE CAUSED BY DRACO’S PLAYING BILLIARDS BECAME THE 
"TOTAL RECALL" LEGEND (MOVIE ABOUT MARTIAN HISTORY AND THE OXYGEN WAR). THE DRACO 
BASES THERE TODAY STILL HAVE NO HESITATION TO SHOOT DOWN A NASA PROBE, ALTHOUGH 
INCREASINGLY AS THE US GOVERNMENT BECOMES A SATELLITE OF THE SHAPE-SHIFTERS- THEY 
BEGIN TO LET A FEW EARTH PROBES IN. 


GO BACK 


5 - CONFLICT & CREATION 


TO STOP THE FIGHTING AND MAKE THE EARTH PEACEFUL ENOUGH FOR COLONIZATION, A MEETING 
WAS HELD BY A COUNCIL FROM THE ANDROMEDA GALAXY, ON A PLANET CALLED HATONA. 


THIS MEETING TOOK PLACE OUTSIDE OF THE MILKY WAY GALAXY WITH A NEUTRAL COUNCIL 
BECAUSE ALL CIVILIZATIONS WITHIN THE MILKY WAY GALAXY WERE IN SOME WAY CONNECTED 
TO THE FIGHTING, AND ALL HAD SOME SORT OF STAKE IN BELONGING TO THE WINNING SIDE. 


INTERESTING PREQUEL TO LETTERS FROM ANDROMEDA FROM ALEX COLLIER (AUTHOR OF 
"DEFENDING SACRED GROUND"). 


THE HATONA COUNCIL CONVENED FOR MANY DECADES AS THE FIGHTING CONTINUED IN THIS 
SOLAR SYSTEM. FINALLY, WITH THEIR INTERCESSION, AN AGREEMENT WAS REACHED BETWEEN 
SOME OF THE HUMAN FACTIONS AND THE REPTILIAN EARTH COLONISTS. KEEP IN MIND THAT THIS 
AGREEMENT WAS WITHOUT THE PARTICIPATION OF THE REPTILIANS FROM THE ORIGINAL DRACO 
EMPIRE. 


THE AGREEMENT STATED THAT A NEW BREED OF HUMANITY WOULD BE CREATED ON EARTH THAT 
WOULD CONTAIN THE DNA OF ALL INTERESTED PARTIES WHO PARTICIPATED IN THE "PEACE" 
PROCESS. A DESIGNATED AREA ON EARTH WOULD BE SET ASIDE FOR THE CREATION OF THIS NEW 
SPECIES. THE EARTH-BASED REPTILIANS OF LEMURIA AGREED TO THIS UNDER THE CONDITION 
THAT THE REPTILIAN BODY BE THE FOUNDATION FOR THIS NEW BEING. 


THIS IS WHY THE ORIGINAL BIBLE STATES, "LET US MAKE MAN IN OUR OWN IMAGE." THIS IS A 
PLURAL STATEMENT BECAUSE IT WAS A GROUP PROJECT. 


TO ACHIEVE A NEW SPECIES FROM A REPTILIAN ANDROGYNOUS BODY, IT WAS NECESSARY TO 
SEPARATE THE GENETICS INTO MALE AND FEMALE COMPONENTS. THIS IS THE ALLEGORICAL 
STORY IN THE BIBLE OF ADAM AND EVE. CREATING EVE OUT OF THE RIB OF ADAM IS ACTUALLY 
THE STORY OF SEPARATING THE ANDROGYNOUS REPTILIAN BODY INTO MALE AND FEMALE. THIS IS 
WHY ALL HUMANS ON THIS PLANET HAVE REPTILIAN DNA WITH REPTILIAN TRAITS. THIS IS ALSO 
WHY HUMAN FETUSES GO THROUGH REPTILIAN-STYLE DEVELOPMENT IN THE WOMB BEFORE 
LOOKING HUMANOID. 


MANY PROTOTYPES WERE DEVELOPED OVER MILLENNIA. UNDER THE SUPERVISION OF THE 
HATONA COUNCIL, RACES WERE CREATED AND THEN DESTROYED WHEN IT WAS NOT ACCEPTABLE 


The Bridge Rectifier 


The next stage in the wall adapter is the bidge rectifier, This device takes the AC output of the transformer 
and converts it into a DC voltage. It does this using an arrangement of diodes that force the current to pass 
through the load in one direction only. Figure 8 shows the diodes in the adaptor along with a schematic 
representation of how the diodes are connected together 


To Load 





Figure 8. Full Badge Recttier Circuit and Schematic 


The bndge rectifier in this wall adapter is made of four individual diodes (part number 1N4001), but 
sometimes the rectifier is a basic integrated circurt with the four diodes manufactured all in one device like in 
figure 9 


BY ALL PARTIES. THIS EXPLAINS WHY ANCESTORS OF MANKIND APPEAR AND THEN SUDDENLY 
DISAPPEAR IN LAYERS OF ARCHAEOLOGICAL ANALYSIS. 


TWELVE HUMANOID, AND ONE REPTILIAN, GROUPS DONATED DNA FOR THIS PURPOSE. MANKIND 
WAS DEVELOPED IN THE AREA NOW KNOWN AS IRAN/IRAQ, AS WELL AS PARTS OF AFRICA. 
HYBRIDS WERE ALSO DEVELOPED ON ATLANTIS AND LEMURIA. REMNANTS OF THESE ARE SEEN 
TODAY AS THE BIGFOOT OR YETI IN NORTH AMERICA AND ASIA; THE ABORIGINES OF AUSTRALIA; 
AND THE PYGMIES AND WATUSI IN AFRICA. 


THE AFRICAN VERSIONS WERE CREATED BY BEINGS FROM A NOMADIC, ARTIFICIAL PLANET KNOWN 
AS NIBIRU, OR MARDUK. THESE REPTILIAN-LIKE BEINGS TRAVEL IN A MANUFACTURED WORLD 
LOOPING OUR SOLAR SYSTEM. 


THE SUMERIANS CALLED THEM ANUNNAKI. 


IT IS HERE, WE WOULD HAVE TO ASSUME, THE FAMILY OF AN, WITH SON’S ENKI / ENLIL (LUCIFER / 
MICHAEL - ADON / YAHWEH) ARRIVED FROM SIRIUS TECHNO CRAFT, WITH ALL THE NEPHILIM 
GENETIC DISASTERS WE CALLED THE RETURN OF ENKI. WHILE PEOPLE LIKE SITCHIN CAN ADD 
USEFUL PUZZLE PIECES LIKE HOW THEIR HOME ATMOSPHERE REPAIR COULD GAIN THE NECESSARY 
GRAVITY FRACTALITY USING GOLD DEPOSITS, THE SUMERIAN BASICALLY DID NOT GIVE HIM A 
CLUE AS TO THE BIGGER GALACTIC POLITIC MESS THAN TRIGGERED ENKI’S (ABRAHAM) GENETIC 
EXPERIMENTS. AFTER REPEATEDLY ENCOUNTERING THE ENKI/ENLIL STORY IN AUSTRALIA (FISH OR 
DOLPHIN GOD VS SNAKE GOD -LEVITE), IT WAS COOL TO LISTEN TO CRETO MUTWA TELL THE ZULU 
KILIMANJARO MEANS ENKI MOUNTAIN! 


THE COSMIC JOKE TO THIS PROJECT IS THAT ALL OF THE GROUPS DONATING DNA SECRETLY 
PROGRAMMED SEQUENCES TO CAUSE THEIR GENETIC STRAND TO BE PREDOMINANT. THIS SET THE 
PRECEDENT FOR ETERNAL CONFLICT. HUMANITY WAS DOOMED TO FIGHT AND BE CONTROLLED. 
NO ONE GROUP WOULD EVER BE IN CHARGE. THE PROJECT WAS DOOMED FOR FAILURE BEFORE IT 
EVEN BEGAN! 


SUCH DNA PROGRAMMING INVITES TYRANNY AND OPPRESSION. SOUL-PERSONALITIES ATTRACTED 
TO SUCH A PLANET HAVE A VICTIM MENTALITY. MANY ADVANCED CULTURES CALL EARTH A 
PRISON PLANET, AND DUMP THEIR CRIMINALS HERE AS PUNISHMENT. 


ONCE IN A WHILE, ONE OF THESE SOUL-PERSONALITIES REVEAL THEMSELVES, SUCH AS RICHARD 
DAHMER, CHARLES MANSON, RICHARD SPECK, AND VLAD THE IMPALER (COUNT DRACULA), TO 
NAME A FEW. 


DUNE WAS A PRISON COLONY, LIKE AUSTRALIA. EARTH FITS THE ARCHETYPE. LIKE IN DUNE 
HOWEVER, IN EARTH’S GENETIC CAULDRON OF SURVIVAL, THE STRONGEST DNA EMERGES: A 
*VACCINE’ FOR THE ORION WARS? BUILT BY DESIGN? THE CURRENT EXPRESSION OF THE 2 
BROTHERS STILL TOSSING NUCLEAR BOMBS THEN CALLED EAST OF EDEN, TODAY CALLED THE 
MIDDLE EAST CONFLICT, MAY BE A PERFECT HEALTHY FRACTAL OF THE ORION WARS, WITH THE 
MAIN WARRING GALACTIC ELEMENTS ALL NICELY STAGED TO WORK OUT A GALACTIC CONFLICT 
IN A MICRO-COSM. 


THIS MAY BE MORE HOWEVER THAN A TEMPEST IN A TEAPOT, BECAUSE THE GALACTIC PLAYERS 
APPEAR TO BE WILLING TO UP THE STAKES WITH MORE INTERVENTION IF THEIR CHESS PIECE 
STARTS TO LOSE. ENLIL AS YAHWEH (THE ENCODER IN BIBLE CODE) MAY NOT BE WILLING TO 
STAND ASIDE AS HIS ISRAEL UNDER THE HEX DRACO FLAG IS DESTROYED BY YET ANOTHER 
NUCLEAR BLAST. (PREDICTED BY BIBLE CODE AND FATIMA & OTHERS) . 


AS WINGMAKERS SO NICELY POINTED OUT - ONLY THE TRON (BST TECHNOLOGY) WITH (IGNITED) 
DNA MORE TIME TRAVEL CAPABLE CAN DEFEAT SUCH PREDATORY ET’S. THESE GENES WHICH TIME 
TRAVEL ARE PRECISELY THE JEWEL THAT ALWAYS ELUDES YAHWEH ENLIL’S REPTILE (LEVITE) 
FAMILY - THEY ARE STUCK IN THE CUBE, GENETIC SOFTWARE ENVIRONMENT OF THE TETRA 
(HEBREW ALPHABET) WHICH CAN ONLY MAKE A GOLEM. 


ISRAEL WAS ORIGINALLY THE GENES OF ENKI WHEN HIS THOTH PTAH LINE AKHANATON, TOOK THE 
GOLD FROM EGYPT, ASSUMING THE MOSES IDENTITY TO START THE ESSENES. TROUBLE WITH THE 
12 TRIBES - GENETIC IMPLOSION SYMMETRY - WAS WHEN THE ORIENTAL (QUEEN DRAC) ASHOKA 
ASHKANAZI, USURPED THE SEPHARTIC, INSTALLING ENLIL’S CONTROL IN ISRAEL. (ALSO FOUNDING 
THE BANK OF ENGLAND - DESCRIBED BELOW AS OWNING THE US BANKING). 


THE REPTILIANS ENSURED THAT THE NEW MAN WOULD BE FOREVER ATTACHED TO THE REPTILIAN 
FREQUENCY BECAUSE THE FOUNDATIONAL PROTOTYPE WAS REPTILIAN. THIS MEANT THAT THE 
NEW MAN COULD EASILY BE MENTALLY CONTROLLED BY THEM. 


UPON DISCOVERY OF THIS INFORMATION THAT THE REPTILIANS WANTED CONTROL OF THE NEW 
RACE, THE ATLANTEANS BEGAN A SEVERE ELECTROMAGNETIC BOMBARDMENT OF LEMURIA. THIS 
BOMBARDMENT CAUSED THE BULK OF THE CONTINENT TO SUBMERGE INTO THE OCEAN, NOW 
CALLED THE PACIFIC OCEAN. THE ONLY PARTS LEFT ABOVE THE WATER ARE THE HAWAIIAN 
ISLANDS, THE CALIFORNIA COAST WEST OF THE SAN ANDREAS FAULT, AUSTRALIA, NEW ZEALAND, 
THE SOUTH PACIFIC ISLANDS, JAPAN, THE PHILIPPINES, TAIWAN, AND THE ISLANDS OF SOUTHEAST 
ASIA. 


THE REPTILIAN SURVIVORS WENT TO NORTHERN INDIA, THE EARTHS INTERIOR, THE PLANET 
VENUS, AND PARTS OF CENTRAL AND SOUTH AMERICA. INNER EARTH BECAME THE "HOMELAND" 
FOR MOST OF THE SURVIVING REPTILIANS OF LEMURIA. HERE, THEY CREATED A VAST 
UNDERGROUND CIVILIZATION. 


THIS STARTED THE LEGENDS OF HELL AND DEMONS LIVING IN FIRE UNDER THE EARTH. THEY BUILT 
TUBES CONTAINING FAST, SUBWAY-LIKE VEHICLES THAT CAN TRAVEL TO ANY POINT ON THE 
EARTH WITHIN A FEW HOURS. THEY CREATED THE FAMED UNDERWORLD CITIES OF AKKADIA, 
AGARTHA, HYPERBOREA, AND SHAMBALLA THAT ARE SOUGHT BY EXPLORERS TO THIS VERY DAY. 
THESE CITIES ARE BUILT ALONG THE INSIDE WALL OF THE INNER CRUST THAT LINES THE INTERIOR 
OF THE EARTH. 


REMEMBER, THE HOLLOW EARTH IS NOT A THEORY, BUT A SCIENTIFIC FACT CAUSED BY THE 
COOLING AND SPINNING OF A PLANET AS IT IS EJECTED FROM A STAR OR SUN. 


SHALL WE CHECK TO SEE IF MEREDITH LADY YOUNG, AUTHOR OF "AGARTHA" (BOOK ABOUT THE 
CIVILIZATION OF THE INNER EARTH) AGREES? 


THE PRIMARY ENTRY POINTS TO THE INNER EARTH ARE VIA THE NORTH POLE, WHERE THERE IS AN 
OPENING OF 1300 MILES, AND THE SOUTH POLE, WITH AN OPENING OF 950 MILES. THESE CAN BE 
SEEN FROM SPACE. THAT IS WHY COMMERCIAL AIRCRAFT ARE NOT ALLOWED TO FLY OVER THESE 
AREAS; NOT BECAUSE OF MAGNETIC DISTURBANCES, WHICH IS THE "OFFICIAL" REASON. ADMIRAL 
BYRD REPORTED ON THESE OPENINGS IN THE 1920S UNTIL HIS INFORMATION WAS CONCEALED BY 
THE GOVERNMENT. 


AT THE VERY CENTRE, OR NUCLEUS, OF INNER EARTH, THERE IS A GLOBE OF ENERGY LEFT OVER 
FROM THE CREATION OF THIS PLANET THAT ACTS AS AN INNER SUN. IT IS THE LIGHT FROM THIS 
OBJECT SUSPENDED BY GRAVITY AND CENTRIFUGAL FORCE THAT CAUSES THE LIGHT OF THE 
AURORA BOREALIS. 


NUMEROUS CAVE ENTRANCES TO THE INNER EARTH EXIST IN THE ROCKY MOUNTAINS AND SIERRA 
MOUNTAINS IN THE WESTERN UNITED STATES, AS WELL AS LESS NUMEROUS OPENINGS IN THE 
OZARKS AND APPALACHIAN MOUNTAINS. ENTRIES ALSO EXIST IN THE ALPS, HIMALAYAS, ANDES, 
AND THE CARIBBEAN. THERE ARE ALSO NUMEROUS SUB-OCEANIC ENTRY POINTS, PARTICULARLY 
IN THE DEEP TRENCHES OF THE PACIFIC OCEAN, THE CARIBBEAN SEA, AND THE ATLANTIC 
SUBMARINE MOUNTAIN RANGES ESPECIALLY ON OR NEAR THE AZORES, CANARY ISLANDS, AND 
THE FALKLANDS. 


ALL OF THESE AREAS ARE CLOSELY GUARDED BY LOCAL GOVERNMENTS AND N.W.O. ELITE 
FORCES. ARTIFICIALLY CREATED ENTRANCES EXIST UNDER THE NEW DENVER AIRPORT, THE GIZA 
PLATEAU IN EGYPT, MAJOR AIR FORCE COMPLEXES AROUND THE WORLD, AND MANY OF THE 
TEMPLES IN INDIA AND CHINA. A MAJOR CHINESE ENTRY POINT IS UNDER THE SHENSI PYRAMID 
THAT IS OUT OF BOUNDS FOR EVERYONE IN WESTERN CHINA. 


OF COURSE, WITH THE REPTILIANS OFF THE EARTHS SURFACE, THE ATLANTEANS WERE FREE TO 
PLAY WITH THIS NEW MANKIND AND ESTABLISH HUMANS AS THE RULER OF THIS PLANET. THEY 
ESTABLISHED COLONIES ALL OVER THE REMAINING PORTIONS OF LAND. THEY INVITED THE 
SIRIANS TO COME AND PLAY WITH THEM. THEY BOOTED THE MARDUK BEINGS OFF-WORLD AND 
TOOK CONTROL OF THEIR SLAVES. THEY CREATED NEW HYBRIDS FOR SEA AND LAND, ONE OF 
WHICH BECAME THE MERFOLK, A GENETIC BLEND OF HUMAN AND DOLPHIN. THE DOLPHIN SPECIES 
WAS BROUGHT HERE FROM THE ANDROMEDA GALAXY TO MONITOR ALL OF THESE EVENTS. 


WHENEVER THE ATLANTEANS DETECTED UNDERGROUND REPTILIAN ACTIVITY, THEY BLASTED 
THE INNER EARTH WITH LASERS AND ELECTROMAGNETIC PULSES TO KILL THEM. 
UNFORTUNATELY, THIS WEAKENED THE UPPER CRUST OF THE EARTHS TOP MANTLE RIDING OVER 
THE TRAPPED MAGMA BETWEEN THE UPPER AND LOWER CRUSTS. AFTER SEVERAL MILLENNIA OF 
THESE ATTACKS, THE ATLANTEAN CONTINENT STARTED TO BREAK UP. THEIR CIVILIZATION BEGAN 
TO BREAK UP AS A REFLECTION OF THE PHYSICAL DETERIORATION OF THEIR CONTINENT. THE 
ATLANTEANS BECAME EVEN MORE BELLIGERENT AS FEAR AND DESTRUCTION OVERTOOK THEIR 
MIND-PATTERNS. BLACK MAGICIANS AND SORCERERS TOOK THE PLACE OF SCIENTISTS AND 
RELIGIOUS LEADERS. 


FORTUNATELY, THE POPULATION FORESAW THE DESTRUCTION THAT WAS COMING. MANY 
REFUGEES RELOCATED TO WHAT IS NOW EGYPT, PERU, THE APPALACHIAN MOUNTAINS AND 
WESTERN EUROPE, JUST BEFORE THE CONTINENT COLLAPSED INTO THE UPPER CRUST OF THE 
EARTH. THIS COLLAPSE CAUSED THE EARTH TO FLIP ON ITS AXIS, CREATING THE LEGEND OF THE 
FLOOD WRITTEN ABOUT IN THE BIBLE, AND INOTHER WORLD CULTURES. 


THIS CATASTROPHE WAS USED AS A WINDOW OF OPPORTUNITY BY THE GROUPS THAT DONATED 
DNA TO CREATE MANKIND. THEY IMMEDIATELY BEGAN REORGANIZING THE HUMANS INTO NEW 
GROUPS THAT BECAME THE BASIS FOR FUTURE NATIONALISM. 


* 


THE SIRIANS HELPED TO CREATE THE ANCIENT EGYPTIAN CULTURE 


* 


THOSE FROM TAU CETI ORGANIZED THE SLAVIC CULTURE 


* 


THE RIGELIANS WERE BUSY IN CHINA AND THE ORIENT (3) 


WHILE ALL THIS WAS TRANSPIRING, THE REPTILIANS SAW AN OPPORTUNITY AND SEIZED IT! 


FOOTNOTE: 


3. FOR FURTHER DETAILS OF THE FLOW OF GENETICS AN ALIEN INTERVENTION IN MANKIND, 
PLEASE REFER TO THE MILKY WAY GALAXY CHART ON THE BOOK. 


GO BACK 


6 - BLUEBLOODS! 


THE INNER EARTH PROVIDED A SUBTERRANEAN LOCALE FOR THE REPTILIANS TO REGROUP AND 
FORMULATE PLANS TO RETAKE THE SURFACE. AT THIS POINT, THE REPTILIANS WERE COMPLETELY 
CUT OFF FROM THEIR HOME IN THE DRACO CONSTELLATION. THEIR SPACESHIP, THE MOON, WAS IN 
HUMAN HANDS. THEY WERE ALONE, ISOLATED ON A NOW HOSTILE PLANET. THEY NEEDED TO 
DEFEND THEMSELVES. 


THEY DEVELOPED A PLAN TO INSIDIOUSLY RETAKE THE SURFACE BY BLENDING THEIR GENETICS 
WITH THE GENETICS OF THE SURFACE HUMANS. BECAUSE THE HUMAN PROTOTYPE ALREADY HAD 
REPTILIAN GENETICS, IT WAS EASY TO ACCESS THE MIND-PATTERN. THE REPTILIAN FREQUENCY 
WAS ALREADY ESTABLISHED IN THE BRAIN STEM AS WELL AS THE REPTILIAN BRAIN SECTION OF 
THESE HYBRID HUMANS. 


THE POPULATION OF SUMER WAS CHOSEN AS THE STARTING POINT. THESE HUMANS WERE 
PRIMARILY DESCENDANTS OF THE MARTIAN, MALDEKIAN, AND LYRAEN REFUGEES. THE 
REPTILIANS HAVE A PREFERENCE FOR THE GENETICS OF BLONDE-HAIRED, BLUE-EYED PEOPLE 
WHOSE MIND-PATTERNS AND GENETICS ARE SO EASILY CONTROLLED. THEY ABDUCTED MEMBERS 
OF THE RULING CLASSES, INCLUDING POLITICAL LEADERS. 


USING THESE HUMANS, THEY BEGAN A NEW HYBRIDIZATION PROGRAM THAT TOOK SEVERAL 
GENERATIONS TO PERFECT. THEIR GOAL WAS TO REACH A HUMAW/ REPTILIAN GENETIC 50/50 SPLIT. 
THIS WOULD PRODUCE A HUMAN-LOOKING REPTILIAN THAT COULD EASILY SHAPESHIFT FROM 
REPTILIAN TO HUMAN, THEN BACK AGAIN. SHAPESHIFTING WAS ACCOMPLISHED SIMPLY BY 
CONCENTRATING ON THE GENETICS THE HYBRID WISHED TO OPEN, OR LOCK UP, WHATEVER THE 
CASE MAY BE. 


FOR THIS PROGRAM THE REPTILIANS ENGAGED THE HELP OF THE SIRIANS WHO HAD THE 
TECHNOLOGY TO IMPLEMENT SUCH A PROGRAM. THE SIRIANS KNEW A LOT ABOUT GENETIC 
ALTERATIONS AND MIND-PROGRAMMING, WHICH THEY FREELY SHARED WITH THE REPTILIANS. 


ONCE THE HYBRIDIZATION PROGRAM WAS COMPLETE, THE SUMERIAN LEADERS WERE NOW 


SHAPESHIFTING REPTILIANS. THE NEW REPTILIAN HYBRID BECAME THE ELITE OF THAT CULTURE. 
THEIR BLOOD, BECAUSE OF THE INCREASED REPTILIAN DNA, CONTAINED MORE OF A COPPER 
CONTENT. 


SINCE COPPER-BASED BLOOD TURNS BLUE-GREEN UPON OXIDIZING, THESE REPTILIAN HYBRIDS 
WERE CALLED "BLUEBLOODS". 


AMERICAN GOVERNMENT IS PROBABLY THE MAIN FOCUS OF THE CURRENT REPTILIAN 
SHAPESHIFTERS. YOUR ATTENTION IS DRAWN TO THE VERTICAL SLIT EYEBALLS WHICH SHAPE 
SHIFT IN TO MANY US MILITARY LEADERS - NORMAN RUSSBACHER, RUPERT MURDOCK, ETC. 
PICTURES: WERE AT WIOLAWA.COM WE SUGGESTED NEW RULES REQUIRING ALL GOVERNMENT 
DECISIONS AND VOTING MUST TAKE PLACE IN 20% OXYGEN AIR, TO KILL THE SHAPESHIFTERS. 


THE BLUEBLOODS QUICKLY REALIZED THAT WITH A 50/50 HUMAN/REPTILIAN GENETIC SPLIT, IT 
WAS NECESSARY TO INTERMARRY TO MAINTAIN THE 50/50 SPLIT BLOODLINE NECESSARY TO 
SHAPESHIFT. WHEN THE SPLIT INCREASED TOO FAR TO THE REPTILIAN SIDE, SHAPESHIFTING 
BECAME DIFFICULT, AND HOLDING HUMAN FORM BECAME IMPOSSIBLE. IN THESE CASES, IT WAS 
DISCOVERED THAT THE INGESTION OF HUMAN HORMONES, FLESH, AND BLOOD, ALLOWED THE 
REPTILIANS TO MAINTAIN THE HUMAN FORM. 


HUMAN FORM WAS NECESSARY TO MAINTAIN TO AVOID SCARING THE POPULATION, WHICH WAS 
NOW NOT ACCUSTOMED TO THE REPTILIAN FORM. 


CONTROL OF THE MASSES WAS EASIER WHEN THE ORDERS CAME FROM A HUMANOID. THE 
REPTILIAN FORMAT WAS KEPT TO RELIGIOUS ICONS AND LEGENDS. THE STATUES OF THEIR GODS 
AND GODDESSES REFLECT THE REPTILIAN INFLUENCE, EVEN SHOWING A FEMALE REPTILIAN 
HOLDING A HYBRID BABY. (CLICK IMAGE RIGHT) 


THE SHAPESHIFTING REPTILIAN BLUEBLOODS ASKED THE SIRIANS FOR HELP WITH THE DAILY 
MAINTENANCE OF THEIR HUMAN FORMS. THE SIRIANS DETERMINED THAT FEEDING THE HYBRIDS 
HUMAN HORMONES AND BLOOD IN AN ALTERED ANIMAL FORM WOULD BE THE EASIEST WAY TO 
DO IT UNNOTICED BY THE POPULATION. 


THE SACRIFICIAL ANIMAL USED BY MOST MIDDLE EASTERN PEOPLE WAS THE WILD BOAR, SO THE 
SIRIANS CHOSE IT AS THE BASIS FOR THIS NEW ANIMAL HYBRID. HUMAN GENETICS WERE MIXED 
WITH THOSE OF THE WILD BOAR TO CREATE THE DOMESTICATED PIG. THIS ANIMAL WAS SERVED 
DAILY TO THE BLUEBLOODS AS A METHOD OF TEMPORARILY MAINTAINING THEIR HUMAN FORM 
UNTIL THEY COULD USE AN ACTUAL HUMAN IN A SACRIFICIAL CEREMONY. 


BECAUSE THE DOMESTICATED PIG IS A COMBINATION OF HUMAN AND ANIMAL GENETICS, EATING 
IT IS A FORM OF CANNIBALISM. THIS EXPLAINS WHY THE HEBREWS CONSIDERED IT UNCLEAN TO 
EAT. THIS IS ALSO WHY THE PIG IS CONSIDERED TO BE THE MOST INTELLIGENT ANIMAL ON EARTH, 
WHY PIG SKIN CAN BE GRAFTED DIRECTLY ONTO HUMANS IN BURN CASES, AND WHY PIG HEART 
VALVES CAN BE USED IN HUMANS WITH LITTLE DIFFICULTY. CANCER DRUGS AND OTHER 
CHEMICALS ARE OFTEN TESTED ON PIGS BEFORE HUMANS. 


THE DOMESTICATED PIG FREQUENCY, OR GROUP MIND, IS THE PERFECT VEHICLE FOR ANIMAL 
SPECIES TO ENTER BEFORE ENTERING HUMAN FORM ON THEIR EVOLUTIONARY PROGRESSION. IN 
MANY RESPECTS, PIGS CAN BE CONSIDERED A FORM OF HUMANITY. TO A LESSER DEGREE, THE 
SAME IS TRUE ABOUT CATS. 


AS TIME PROGRESSED, THE CIVILIZATION OF SUMER DECLINED AND TRANSFORMED INTO OTHER 
CULTURES. VAST MIGRATIONS FROM SUMER TO OTHER LOCATIONS IN CENTRAL ASIA OCCURRED. 
THE MIGRATING PEOPLES TOOK THEIR BLUEBLOOD LEADERS WITH THEM, AS THEY WERE THEIR 
ROYALTY AND KINGS. 


THE SUMERIANS BECAME KNOWN AS THE SUM-ARYANS, OR JUST, ARYANS. THEY SPREAD OUT 
ACROSS ASIA INTO THE STEPPES OF RUSSIA AND INTO THE NORTHERN INDIAN SUBCONTINENT. IN 
INDIA THEY ENCOUNTERED THE DARK-SKINNED DRAVIDIANS, WHO WERE REPTILIAN REMNANTS 
FROM LEMURIA. THE DRAVIDIANS WERE DRIVEN TO THE CENTRAL AND SOUTHERN PARTS OF 
INDIA, WHILE THE ARYAN HYBRIDS TOOK CONTROL OF THE NORTH, AND INTO THE FOOTHILLS OF 
THE HIMALAYAS. 


THE ARYAN LEADERS, ALL BLUEBLOODS, BECAME THE SULTANS AND RAJAS OF LEGEND AND 
HISTORY. SUMERIANS ALSO CREATED BABYLONIA. 


THE SUMERIANS ALSO MIGRATED TO THE AREA KNOWN AS THE CAUCASUS REGION, WHERE THE 
KHAZARS DEVELOPED. FROM THE CAUCASUS REGION, THE BLUEBLOOD KINGS AND THEIR PEOPLE 
SPREAD WEST TOWARD EUROPE, DEVELOPING INTO THE FRANKS, CAMBRIANS, AND TEUTONIC 
NATIONALITIES. THESE NATIONALITIES WERE ALSO BEING MANIPULATED BY VARIOUS ALIEN 
CULTURES LIKE THE ANTARIANS, ARCTURIANS, ALDEBARANS, TAU CETIANS, AND OTHER 
REMNANTS OF THE LYRAENS, SUCH AS THE ATLANS. THE ATLANS LOCATED HERE EVENTUALLY 
BECAME THE CELTS. 


TO BACK-TRACK FOR JUST A BIT, I HAD SAID IN A PREVIOUS CHAPTER THAT THE DESCENDANTS OF 
THE REPTILIAN HYBRID SUMERIANS WENT INTO CENTRAL ASIA AND THE MIDDLE EAST. THEY 
MOSTLY ESTABLISHED THEMSELVES IN THE CAUCASUS MOUNTAINS AND BECAME THE KHAZARS. 
FROM HERE, THEY SPREAD WEST TOWARD EUROPE, SEEDING THE NATIONAL IDENTITIES FOR THE 
VIKINGS, THE FRANKS, THE TEUTONIC PEOPLES, AND THE RUSSIANS. KEEP IN MIND THAT WHEN 
ATLANTIS SANK, SOME OF THOSE REFUGEES WENT TO WESTERN EUROPE AND DEVELOPED INTO 
THE CELTS. SOME WENT TO GREECE AND OTHERS TO THE ITALIAN PENINSULA. 


THESE PEOPLES WERE HERE BEFORE THE HYBRIDS MOVED IN. IT WAS DURING THE INTERIM TIME 
PERIOD FROM THE DESTRUCTION OF ATLANTIS UNTIL THE SUMERIAN DESCENDANTS MOVED IN 
THAT OTHER ALIEN GROUPS STARTED TO ADD THEIR GENETIC MIX TO THE POT AND DEVELOP 
INDIVIDUAL CULTURES BASED ON THEIR HOME WORLDS. 


THESE BLUEBLOOD LEADERS ALSO INFILTRATED THE MIDDLE EASTERN PEOPLES, SUCH AS THE 
BIBLICAL CANAANITES, MALACHITES, AND KITTITES. 


AT THE SAME TIME IN EGYPT, THE SIRIANS WERE REORGANIZING THE ATLANTEAN DESCENDANTS 
THERE, KNOWN AS THE PHOENICIANS. THE PHOENICIANS WERE BLONDE-HAIRED, BLUE-EYED, WITH 
SOME GREEN-EYED, RED-HAIRED PEOPLE AMONG THEM. THE PHOENICIANS COLONIZED THE 
COASTAL MIDDLE EAST AND THE BRITISH ISLES. THEY EVEN COLONIZED PARTS OF THE NORTH- 
EASTERN NORTH AMERICAN CONTINENT, ALL THE WAY TO THE GREAT LAKES AREA. SOME OF 
THEIR MINES AND WRITING SON STONE TABLETS CAN STILL BE FOUND IN THE WOODS OF NORTH 
AMERICA. 


THE SIRIANS WERE ALSO GENETICALLY CREATING THE ANCIENT HEBREWS. THE JEWISH PEOPLE 
ARE ACTUALLY A COMBINATION OF THESE GENETICALLY MANIPULATED HEBREWS AND THE 
SUMERIANS. THESE JEWISH PEOPLE WERE THEN RELEASED INTO THE PALESTINIAN TERRITORY. THE 
NAME, PALESTINE, COMES FROM THE ANCIENT PEOPLE, THE PHILISTINES, WHO WERE ACTUALLY 
PHOENICIANS. 











ALL OF THESE MIXED IN THE COASTAL PLAINS OF PALESTINE AND CREATED A NEW RELIGION 
BASED ON SACRIFICE AND AN AVENGING ALIEN CONTROLLER, THAT THEY CALLED GOD, OR 
ELOHIM. 


SIMILARLY, WHEN THE ARYANS MIXED WITH THE DRAVIDIANS IN INDIA, THEY CREATED THE 
HINDU RELIGION, WHICH IS ACTUALLY A RECREATION OF THE REPTILIAN SEVEN-TIER HIERARCHY. 
THE CASTE SYSTEM OF INDIA IS A DIRECT COPY OF THE REPTILIAN DIVISION OF FUNCTION. 


AT THE SAME TIME THAT ALL OF THIS WAS GOING ON IN WESTERN AND CENTRAL ASIA, THE 
RIGELIANS, WERE DEVELOPING THE REMNANTS OF LEMURIA WHO ESCAPED TO THE COAST OF 
EASTERN ASIA. THE RIGELIANS WERE A HUMAN CIVILIZATION THAT WAS CONTROLLED, AND 
EVENTUALLY ASSIMILATED, BY THE REPTILIANS. THE RIGELIANS ASSISTED THE INNER EARTH 
REPTILIANS IN DEVELOPING A HYBRID THAT INCLUDED RIGELIAN DNA. 


THE RIGELIAN/REPTILIAN HYBRIDS SET UP DYNASTIES IN WHAT IS NOW JAPAN AND CHINA THAT 
DEVELOPED INDEPENDENTLY OF THEIR WESTERN COUSINS. 


IN THEIR MANIA FOR CONTROL, THE REPTILIANS USED THE VARIOUS RACES THAT DONATED DNA 
TO THE ORIGINAL HUMAN PROJECT. THEY FASTIDIOUSLY MONITORED THESE RELATED SECTIONS 
OF HYBRIDS TO DETERMINE WHICH WAS BEST SUITED FOR OVERALL CONTROL, AND WHICH FOR 
SUBSERVIENCE. ALL THE HYBRIDS COULD BE CONTROLLED THROUGH THE REPTILIAN BRAIN THAT 
HOOKED THEM INTO REPTILIAN MIND-PATTERNS, BUT SOME WERE MORE CONTROLLABLE THAN 
OTHERS. 


IN EUROPE, THE BLUEBLOODS INSIDIOUSLY TOOK CONTROL OF THE VARIOUS TRIBES AND GROUPS, 
BECOMING THEIR KINGS AND ROYALTY. THEY INFILTRATED THE ARCTURIAN EXPERIMENT, 
CALLED THE ETRUSCANS AND STARTED TO CREATE A NEW GLOBAL EMPIRE THROUGH THE 
ROMANS. THESE EUROPEAN BLUEBLOODS THEN ENTIRELY ELIMINATED THE ANTARIAN 
EXPERIMENT IN GREECE, AND INSTIGATED THEIR PLAN FOR GLOBALIZATION THROUGH THE 
ROMAN EMPIRE. 





THE REPTILIANS EVEN OFFENDED THE SIRIANS BY INFILTRATING THE EGYPTIAN EXPERIMENT AND 
IMPLEMENTING THEIR RELIGION THERE. 


THE REPTILIAN HYBRIDS BECAME LIKE THE ENDOMETRIOSIS OF THE KNOWN WORLD, SLOWLY 
GROWING INTO ALL AREAS AND CREATING CONTROL THROUGH THE BLUEBLOOD SYSTEM. 
GO BACK 


GO BACK TO THE BLACK NOBILITY 


7 - OTHER ALIEN GROUPS 


WHILE THE REPTILIANS WERE THE FIRST COLONISTS ON EARTH, THEY WERE NOT THE ONLY ONES 
WHO INTERFERED WITH HUMAN DEVELOPMENT ON THIS PLANET. IN ALL THERE ARE TWELVE 
OTHER GROUPS WHO DONATED DNA TO THE PRODUCTION OF THE EXPERIMENT. 


ADD THE REPTILIANS TO THE TWELVE GROUPS, RESULTING IN HUMAN BEINGS WITH A GENETIC 
MIXTURE OF 13 DIFFERENT STRAINS. 


THE RESULT WAS A GENERAL FREE-FOR-ALL. WHILE ALL THESE HUMANOID ALIENS WERE 
LYRAEN/REPTILIAN DESCENDANTS, EACH GROUP WAS CULTURALLY AND _ PHYSICALLY 
MANIPULATED BY DIFFERENT GROUPS. THIS IS SIMILAR TO A LAB PROFESSOR WHO LEAVES THE 
DOOR OPEN WHILE HE IS GONE, AND ALL HIS ASSISTANTS ADD THEIR OWN GENETICS TO THE 
EXPERIMENT. 


THE TAU CETI ALIENS CENTERED THEIR ATTENTION ON THE EASTERN EUROPEAN AREA, FROM 
WHAT IS NOW SERBIA TO THE SLOPES OF THE URAL MOUNTAINS. FROM HERE, THEY INFLUENCED 
THE SLAVIC AND RUSSIAN PEOPLES. THE GEOGRAPHIC CONDITIONS RESEMBLED THAT IN THE TAU 
CETI STAR SYSTEM, AND ITS COLONY EPSILON ERIDANUS. THE TAU CETI ADDED THEIR DNA TO THE 
HUMAN PROTOTYPES THAT WERE ALREADY ESTABLISHED THERE, CREATING WHAT IS NOW 
KNOWN AS THE SLAVIC PEOPLES. THE RESULTS WERE A RACE OF HUMANS WHO WERE STOCKY, 
BARREL-CHESTED, AND AVERAGING 5’6”’ TO 5’9”’ IN HEIGHT, WITH A DENSE BONE STRUCTURE AND 
DARK EYES. THEY WERE AGGRESSIVE, AND PREFERRED A COLD CLIMATE. 





THESE TAU CETI/HUMANS WERE VIRULENTLY AGAINST THE GREY ALIEN RACE AND THE 
REPTILIANS, BECAUSE THEIR WORLDS HAD BEEN ATTACKED, AND THEIR CHILDREN STOLEN AND 
KILLED BY BOTH RACES. THE TAU CETIANS VOWED TO FOLLOW THE GREY RACE AND DESTROY 
THEM. 


IN THE 1950S, THE SOVIET UNION SIGNED AN AGREEMENT WITH THE TAU CETIANS TO USE BASES IN 
SIBERIA AND UNDER THE URAL MOUNTAINS. FOR THIS REASON, THE CITY OF SVERDLOVSK, NAMED 
AFTER MY GREAT-UNCLE, THE FIRST PRESIDENT OF THE SOVIET UNION, WAS CLOSED TO 
OUTSIDERS (CLICK IMAGE LEFT). 


MANY EXPERIMENTS INVOLVING RADIATION ON THE PUBLIC WERE PERFORMED HERE FROM 1958 
THROUGH THE 1980S. A UNITED STATES SPY PLANE WAS SHOT DOWN OVER SVERDLOVSK IN THE 
EARLY 1960S WHEN THE UNITED STATES WAS TRYING TO LEARN ABOUT THE SECRET ACTIVITIES 
TAKING PLACE THERE. 


IN CENTRAL EUROPE, THE GERMAN TRIBES WERE GENETICALLY MANIPULATED BY BEINGS FROM 
ALDEBARAN. THESE PEOPLE ARE VERY INTELLIGENT AND SCIENTIFICALLY-ORIENTED. THEY ARE 
GENERALLY BLONDE-HAIRED AND BLUE-EYED, WITH A MINORITY OF DARK-HAIRED, LIGHT-BROWN 
TO HAZEL-EYED PEOPLE. THEY ARE MILITARISTIC, AND PREFER TO KEEP TO THEMSELVES. FOR 
ALMOST 2,000 YEARS, THE ALDEBARANS HAVE BEEN ENERGETICALLY CONNECTING TO THE 
GERMANIC PEOPLES, TELEPATHICALLY SENDING INFORMATION TO THEM AND PROMOTING A 
NATIONAL SENTIMENT. 


MANY HUMANS OF THE ALDEBARAN FREQUENCY HAVE MIXED WITH THE TAU CETI DESCENDANTS 
IN THE SLAVIC AREA, PARTICULARLY IN POLAND AND RUSSIA. HITLER KNEW THIS. THAT IS WHY HE 
WAS SO ADAMANT ABOUT INVADING THOSE COUNTRIES AND INCORPORATING THEM INTO HIS 
EMPIRE. 


HITLER WAS ONLY HALF GERMANIC. HIS FATHER WAS A WEALTHY JEWISH BUSINESSMAN IN 
AUSTRIA. HIS MOTHER WORKED AT THE HOME AS A MAID. SHE HAD AN AFFAIR WITH THE MASTER 
OF THE HOUSE, AND WHEN THE WIFE FOUND OUT ABOUT IT, HAD THE MAID THROWN OUT. THE 
JEWISH BUSINESSMAN DID NOTHING TO HELP HITLER’S MOTHER. FOR THIS REASON, HITLER HATED 
THE JEWS AND SOUGHT TO DESTROY HIS OWN GENETIC LINEAGE, BASICALLY BECAUSE HE HATED 
HIMSELF. HE WAS ALSO DEEPLY MIND-CONTROLLED. 


THE ALDEBARANS ALSO GENETICALLY INFUSED THE VIKINGS. THESE NORDIC PEOPLE INHERITED 
THE AGGRESSIVE AND MILITARISTIC TENDENCIES THAT ARE ALSO SEEN IN THE GERMANS. THE 
VIKINGS PLUNDERED AND RAPED ACROSS EUROPE FOR CENTURIES, BUT DID NOT HAVE THE 


TECHNOLOGICAL ABILITY TO STAY IN POWER. 


AN ACCIDENTAL MANIPULATION OF GENETICS OCCURRED ON THE ITALIAN PENINSULA 3000 YEARS 
AGO. A SHIP FROM THE ARCTURUS STAR SYSTEM CRASHED LANDED ON ETRUSCAN TERRITORY. 
THESE HUMANS WERE ACTUALLY EXTREMELY SPIRITUALLY-MINDED, AND INSTEAD OF TRYING TO 
GET BACK HOME, STAYED AND BLENDED INTO THE HUMANS OF THAT PART OF EARTH. THEIR 
DESCENDANTS BECAME THE ROMANS WHO WERE THEN INFILTRATED AND MIXED WITH THE 
CENTRAL ASIAN HYBRIDS. 





BEINGS FROM THE ANTARIAN STAR SYSTEM WERE BEHIND THE GENETIC MANIPULATION OF 
ANCIENT GREECE. THESE PEOPLE WERE A _ SOCIETY PREDOMINANTLY BASED UPON 
HOMOSEXUALITY. FEMALES WERE USED FOR BREEDING ONLY. IN FACT, THERE WERE ANTARIAN 
OBSERVERS AT THE MONTAUK PROJECT WHO WERE INTERESTED IN THE PROGRAMMING ASPECTS 
OF SEXUALITY AS THEY RELATED TO THE WILHELM REICH METHODS. 


THE ANTARIANS ARE DARK, OFTEN WITH OLIVE SKIN, DARK EYES, AND SHORT, THIN BODIES. THEY 
HAVE A FABULOUS MUSCULATURE DUE TO THE DENSITY OF THEIR HOME-WORLD, AND ARE 
KNOWN FOR THEIR BODY-BUILDING GOALS. 


THE GREEK-ANTARIANS COLONIZED SPAIN AND PORTUGAL. THEIR DESCENDANTS FURTHER MIXED 
WITH THE ROMANS, AND ARABS WHO ARE PREDOMINANTLY SUMERIAN/REPTILIAN. THESE THEN 
COLONIZED CENTRAL AND SOUTH AMERICA, MIXING THEIR GENETICS WITH THE NATIVE INDIANS 
WHO WERE OF ATLANTEAN-PROCYON DESCENT. 


THE PROCYON STAR SYSTEM DOES NOT HAVE MUCH TECHNOLOGY. THE PROCYONS WERE 
BROUGHT TO THIS PLANET AFTER THE FALL OF ATLANTIS TO BOOST THE SURVIVAL RATE OF THE 
REFUGEES. THEY BECAME THE MAYA, AZTEC, AND INCA. THEY WERE GIVEN ANCIENT LEMURIAN 
AND ATLANTEAN OUTPOSTS IN THE ANDES AND SIERRAS OF MEXICO. THEY TRIED 
UNSUCCESSFULLY TO RECREATE THESE CULTURES, INCLUDING EMULATING THE BUILDING OF THE 
PYRAMIDS, PERFORMING MEDICAL PROCEDURES, AND FINALLY, SACRIFICING TO THE REPTILIAN 
GODS. THIS IS WHY THEIR LEGENDS SPEAK OF BLOND MEN RETURNING IN CHARIOTS FROM SPACE 
TO TAKE THEM AWAY. 


THE ANASAZI INDIANS OF THE AMERICAN SOUTHWEST WERE ALSO BROUGHT FROM PROCYON. IT 
WAS THE SIRIANS WHO SO GENEROUSLY PROVIDED TRANSPORTATION. THE SIRIANS EVEN 
ATTEMPTED TO BRING THE HEBREWS TO THE AMERICAN WEST. ANCIENT HEBREW COINS WERE 
FOUND IN NEW MEXICO AND OTHER PARTS OF NORTH AND SOUTH AMERICA. 





OVER THE MILLENNIA AND RECENT CENTURIES, MOVEMENTS OF NATIONS, COLONIZATIONS, WAR, 
AND FAMINES, HAVE THROWN THE EARTHS POPULATION INTO A GIANT MELTING POT. STRANDS OF 
GENETICS HAVE CONTINUOUSLY MIXED WITH ONE ANOTHER, ESPECIALLY IN NORTH AMERICA, 
EUROPE, AUSTRALIA, THE CARIBBEAN, AND SOUTH AMERICA. THE RESULT IS THAT THERE ARE FEW 
PURE RACES LEFT, AND THE RACIAL AND CULTURAL UNITY MAKES IT EASIER FOR GROUP 
CONTROL. 


WHILE ALL OF THIS WAS GOING ON IN EUROPE AND THE MIDDLE EAST, THE CHINESE EMPIRE WAS 
EXPANDING OVER EAST ASIA, AND THE DRAVIDIAN-REPTILIAN CULTURE IN INDIA WAS BEING 
REPLACED BY THE ARYAN (ARI- AND SUM-ARIAN) HORDES FROM CENTRAL ASIA. IN SOUTH 
AMERICA, THE INCA EMPIRE WAS FLOURISHING AS IT WAS MIXED WITH THE GENETICS OF THE 
PROCYON STAR SYSTEM. 


THE SAME MIXTURE WAS HAPPENING IN NORTH AND CENTRAL AMERICA CREATING THE TOLTECS, 
MAYANS, AND AZTECS. ALL OF THESE CULTURES, USED BLOOD-RITUAL AND HUMAN SACRIFICE. 
THIS INDICATES THAT THE PROCYONIANS WERE THEMSELVES CONQUERED BY THE REPTILIANS 
AND DID THEIR BIDDING, EVEN THOUGH THEY WERE HUMANOID. ALL OF THE CENTRAL AND SOUTH 
AMERICAN CULTURES USED SNAKES AND REPTILIANS AS SYMBOLS. 


THESE PEOPLE HAVE A UNIQUE BLEND OF LEMURIAN/DRACO AND ATLANTEAN/HUMAN GENETICS 
MIXED WITH THE PROCYONIAN DNA. 


GO BACK 


GO BACK TO VIDA EN NUESTRA GALAXTA 


8 - THE CRYSTAL SKULL 


WHEN THE HATONA COUNCIL CONVENED TO DETERMINE THE DEVELOPMENT OF LIFE ON EARTH, 
THEY PONDERED TWO QUESTIONS. FIRST, IF THE EARTH BEINGS WERE LEFT TO DEVELOP ON THEIR 
OWN, HOW WOULD THEY KNOW THEIR TRUE ORIGINS, AND SECOND, IF THERE WAS NO 
INTERFERENCE, HOW COULD THEY BE PRODDED IN THE CORRECT DIRECTION. 


ONE E.T. GROUP THAT WAS PRIMARILY NON-PHYSICAL DECIDED TO LEAVE A REPOSITORY OF 
KNOWLEDGE FOR THOSE WHO EVOLVED ENOUGH TO UNDERSTAND IT. THESE MUSCULAR BEINGS 
WERE TALL WITH GOLDEN-BRONZE SKIN, GOLDEN HAIR, AND VIOLET EYES. ON AN ETHERIC LEVEL, 
THIS E.T. GROUP CREATED AN OBJECT THAT CONTAINED WITHIN IT THE SUM TOTAL OF 
KNOWLEDGE OF THE MIND OF GOD AS THEY KNEW IT. THEY ALSO PROGRAMMED THIS OBJECT 
WITH THE HISTORY OF THE UNIVERSE AND ALL THE TECHNOLOGY THAT WOULD EVER BE 
NECESSARY. 





FOR THE OBJECT THIS GROUP CHOSE THE SHAPE OF A FEMALE HUMAN SKULL WITHOUT ANY 
RACIAL FEATURES. THE SKULL REPRESENTED ALL HUMANOIDS, SYMBOLIZING BROTHERHOOD AND 
HARMONY. THE FEMALE WAS CHOSEN BECAUSE IT WAS TO BE PLACED IN PHYSICAL REALITY AS A 
SYMBOL OF EGO BEING OVERCOME. 


CRYSTAL WAS CHOSEN BECAUSE IT REPRESENTS THE HIGHEST VIBRATION POSSIBLE IN PHYSICAL 
REALITY - PURITY, CLARITY, FOCUSING, AND MAGNIFICATION. THE MOVABLE JAW PIECE (CLICK 
IMAGE RIGHT) SYMBOLIZED THE FACT THAT IT WAS A COMMUNICATION DEVICE. THE E.T. GROUP 
LEFT THE CRYSTAL SKULL WITH THE FIRST LYRAEN/ ATLANTEAN CIVILIZATION WHERE IT WAS 
PLACED IN A TEMPLE PYRAMID TO BE ENERGIZED BY THE LYRAEN/ATLANTEANS OVER MANY 
AEONS OF TIME. 


WHEN THE SIRIANS INFILTRATED THE SECOND-GENERATION LYRAEN/ATLANTEAN CIVILIZATION, 
THEY NEGOTIATED WITH THE ATLANS TO STUDY THE CRYSTAL SKULL. OVER TIME, THEY CREATED 
AN EXACT DUPLICATE THAT THEY BROUGHT BACK TO SIRIUS A. OTHER ALIEN GROUPS MADE 
INFERIOR COPIES OF IT FOR USE WITH THEIR OWN HUMAN CREATIONS. BY THE TIME THE THIRD- 
GENERATION LYRAEN/ATLANTEANS WERE WELL ESTABLISHED, THE TRUE PURPOSE OF THE 
CRYSTAL SKULL WAS ALMOST ENTIRELY FORGOTTEN. 











THOSE IN POWER TRIED TO USE IT FOR NEGATIVE PURPOSES, NOT REALIZING THAT THIS MAGNIFIED 
AND REFLECTED BACK ALL THEIR EVIL DEEDS AND INTENTIONS. IN ADDITION, THE CRYSTAL 
SKULL WAS CREATED IN SUCH A WAY THAT WHATEVER IS THOUGHT IN ITS PRESENCE REFLECTS 
BACK, BECOMING A PART OF THE THINKER’S EXPERIENCES. THE CRYSTAL SKULL TEACHES THAT 
THE PHYSICAL UNIVERSE MIRRORS THOUGHTS. 


WHEN ATLANTIS SANK, HIGH PRIESTS FLEEING THE CONTINENT BROUGHT IT TO CENTRAL AMERICA 





Figure 9. Bridge Rectifier in an /C 


The output of the rectifier is only DC in the sense that current to the load is forced in one direction. The 
voltage is still varying a large amount as can be seen in figure 10. Effectively what the rectifier did was to 
take the negative portion of the voltage and flip it around to make it positive as shown in the figure below. 
The voltage still swings between OV and the peak. Further processing must be done on the voltage to 
minimize the voltage swing and that is what the next stage does. 





Figure 10. Rectifier Circuit Showing Input and Output Voltages.png 


TO WHERE THE PROCYONIANS BROUGHT THE MAYA. HERE, IT WAS USED AS AN OBJECT OF 
WORSHIP AND REVERENCE UNTIL THE MAYA WERE REMOVED FROM THE EARTH. EVENTUALLY, 
THE CRYSTAL SKULL REMAINED BURIED IN RUINS UNTIL ITS DISCOVERY IN THE EARLY PART OF 
THE 20TH CENTURY, WHEN THE CRYSTAL SKULL ALLOWED ITSELF TO BE DISCOVERED. 


THE CRYSTAL SKULL OPERATES THROUGH THE TRINITY OF COMMUNICATION COLOR, TONE, AND 
ARCHETYPE. WHEN ANY COMBINATION OF THESE THREE IS BEAMED OR THOUGHT OF IN THE 
PRESENCE OF THE CRYSTAL SKULL, IT OPENS A PROGRAM THAT IS CODED TO A PARTICULAR 
FREQUENCY RESONANCE. 


AN INFINITE NUMBER OF COMBINATIONS CAN BE USED, AND ANY ONE WILL UNLOCK A PROGRAM 
IN THE CRYSTAL SKULL TO TEACH MANKIND. THE LEFT-BRAIN REPRESENTS LANGUAGE, AND THE 
RIGHT-BRAIN REPRESENTS PURE THOUGHT. THE PINEAL GLAND OF COMMUNICATION BALANCES 
AND TRANSLATES THE LEFT- AND RIGHT- BRAINS WITH THE USE OF ARCHETYPES. 


ARCHETYPES CAN BE GEOMETRIC SHAPES, LETTERS, NUMBERS, ANCIENT HEBREW SYMBOLS, 
PICTOGRAMS, OR ANY COMBINATION OF THESE. COLORS ARE ALSO PART OF THE TRIAD WITH A 
LANGUAGE ALL THEIR OWN. THE LEFT-BRAIN IS DARK, THE RIGHT-BRAIN IS LIGHT, AND ONCE 
AGAIN, THE PINEAL GLAND BALANCES AND TRANSLATES THIS THROUGH COLORS. TONES ALSO 
REPRESENT THE TRINITY OF SOUND, BALANCING MUSIC AND SILENCE. IN THE SAME WAY, THE 
CRYSTAL SKULL BALANCES THE MIND OF GOD AND PHYSICAL REALITY. 


AT TIMES, THE CRYSTAL SKULL BECOMES NON-PHYSICAL. BECAUSE IT WAS CREATED WITHOUT A 
BODY, THIS SYMBOLIZES THE NEEDLESSNESS OF THE PHYSICAL BODY. THE CRYSTAL SKULL IS A 
BRIDGE BETWEEN ALL LEVELS OF REALITY. 


ANYONE WHO KNOWS THE SEQUENCES OF THE TRINITY OF COMMUNICATION BECOMES ALL- 
POWERFUL AND OMNISCIENT. 


GO BACK 


GO BACK TO CRANEOS INSOLITOS 


9 - THE ANCIENT HEBREWS 


MOST MODERN JEWS HAVE ABSOLUTELY NO GENETIC LINK TO THE MIDDLE EAST. THERE ARE IN 
FACT, MANY DIFFERENT PHYSICAL TYPES OF JEWS, COVERING MANY RACIAL CHARACTERISTICS. 
THIS SUPPORTS THE FACT THAT THEY ARE NOT A HOMOGENEOUS GROUP, BUT A RELIGIOUS GROUP 
THAT SPANS MANY CULTURES. THE STORY OF ABRAHAM GOING OUT FROM THE CITY OF UR AND 
COMING TO CANAAN IS REALLY TELLING THE STORY OF THE REPTILIAN HYBRIDS LEAVING 


SUMERIAN TERRITORY AND COLONIZING OTHER PARTS OF CENTRAL ASIA AND THE MIDDLE EAST. 
THE VAST MAJORITY OF EUROPEAN/AMERICAN JEWS CAN TRACE THEIR GENETIC LINEAGE TO THE 
KHAZARS, MENTIONED IN THE LAST CHAPTER, WHO ALL CONVERTED TO JUDAISM IN THE 8008S TO 
CIRCUMVENT THE CATHOLIC RULE OF THE HOLY ROMAN EMPIRE. 


IN THE YEAR 2000, THE UNIVERSITY OF PAVIA IN ITALY DID A GENETIC STUDY OF EUROPEAN MEN. 
THEY FOUND THAT 80% OF THEM HAD A DIRECT LINEAGE TO CENTRAL ASIA AND THE OTHER 20% 
TO THE MIDDLE EAST. THIS SUPPORTS THE STATEMENT THAT THE SUMERIANS ENTERED INTO 
CENTRAL ASIA AND THEN MIGRATED TO EUROPE AND THE MIDDLE EAST. THIS ALSO NULLIFIES THE 
THEORY OF AFRICA AS THE BIRTHPLACE OF MANKIND. THERE IS ABSOLUTELY NO GENETIC 
CONNECTION FROM ASIA OR EUROPE TO AFRICA. 


THE ANCIENT HEBREWS HAVE NOTHING TO DO WITH MODERN JEWS. AS MENTIONED IN THE 
PREVIOUS CHAPTER, THE HEBREWS WERE SIRIAN-CREATED IN EGYPT BY COMBINING SIRIAN AND 
LYRAEN GENETICS. THESE PEOPLE WERE TALL AND POWERFUL, AND SPOKE THE SIRIAN LANGUAGE 
WHICH IS THE EQUIVALENT TO THE ANCIENT HEBREW LANGUAGE. SCHOLARS AGREE THAT THE 
HEBREW LANGUAGE SUDDENLY APPEARED ON THE SCENE. 


THE ANCIENT PEOPLES OF PALESTINE SPOKE ARAMAIC, WHICH WAS THE PARENT LANGUAGE OF 
ARABIC, FARSI, AND SEVERAL OTHER MIDDLE EASTERN DIALECTS. ORIGINALLY, HEBREW WAS A 
LANGUAGE USED EXCLUSIVELY BY THE PRIESTHOOD AND THE EGYPTIAN SECRET SOCIETY. 
EVENTUALLY, ANCIENT HEBREW BEGAN TO MIX WITH ARAMAIC, AMONG OTHER LANGUAGES. 


THE HEBREWS WERE ACTUALLY PAID WORKERS IN EGYPT. THEY WENT TO CANAAN TO ASSIMILATE 
THE NATIVE CULTURES FOR THE EGYPTIAN EMPIRE. THEY MIXED WITH THE LOCAL TRIBES OF 
SUMERIAN-HYBRID DESCENDANTS, PRACTICING BLOOD-RITUAL AND HUMAN SACRIFICED. ALL OF 
THIS WAS INCORPORATED INTO A CONGLOMERATE RELIGION BASED ON ANCIENT 
EGYPTIAN/ATLANTEAW/ SIRIAN BELIEFS. THAT IS HOW JUDAISM WAS BORN. 


THE STORY OF THE EXODUS OF THE JEWS FROM EGYPT IS A POOR RETELLING OF THE DESTRUCTION 
OF THE ISLAND OF SANTORINI IN THE EASTERN MEDITERRANEAN SEA BY VOLCANIC EXPLOSION. 
THE LAVA DISPERSED INTO THE SEA CAUSING IT TO TURN BLOOD-RED. THE VOLCANIC ASH AND 
ROCK THAT SPEWED FORTH CREATED THE LEGEND OF THE PLAGUES ON EGYPT. MANY CITIZENS 
FLED THE AREA. THE RED SEA PARTED WHEN THE GROUND UNDER THE WATER ROSE UP, EXPOSING 
LAND THAT COULD THEN BE CROSSED. SEVERAL HOURS LATER, IT SANK BACK DOWN, DROWNING 
WHOEVER WAS STILL TRYING TO CROSS. 


THE ACTUAL TRANSLATION OF HOW THE TEN COMMANDMENTS, OR THE BIBLE CODES, WERE 
TRANSMITTED TO THE PEOPLE OF THE EXODUS, STATES THAT THE PEOPLE SPONTANEOUSLY 
STARTED SPEAKING THE INSTRUCTIONS. THIS IS A DEMONSTRATION OF MIND-TO-MIND 
COMMUNICATION. IN THIS CASE, PROGRAMMING WAS ELECTROMAGNETICALLY ACTIVATED, 
REVEALING DNA INSTRUCTIONS THAT WERE THEN WRITTEN DOWN. THESE INSTRUCTIONS WERE 
DESIGNED TO KEEP THE EXPERIMENT/PROJECT IN LINE. 


THE MIDDLE EAST BECAME A FOCAL POINT FOR THE SIRIANS AND THEIR REPTILIAN ALLIES. 
TOGETHER, THEY GENERATED A NEW VERSION OF RELIGION AND CULTURE FOR EASE OF GLOBAL 
CONTROL AND DOMINATION. WHAT BETTER WAY TO DO THAT THAN BY PROGRAMMING A RACE OF 
NOMADIC PEOPLE THAT WOULD CARRY THE RELIGION AND CULTURE EVERYWHERE ON THE 
EARTH. 


WHENEVER THE CONDITIONS WITHIN THE EXPERIMENT BECAME UNMANAGEABLE, THE 
PARTICULAR OVERSEER GROUP MADE CORRECTIONS. FOR EXAMPLE, MOST PEOPLE ARE FAMILIAR 
WITH THE STORY OF THE CITIES OF SODOM AND GOMORRAH, WHERE A GROUP OF HUMANS IN THE 
MANKIND EXPERIMENT WENT AWRY. THEIR SEXUAL HABITS WERE NOT CONDUCIVE TO 
PROPAGATION SINCE THEY WERE PREDOMINANTLY HOMOSEXUAL. 


A VIRUS WAS INTRODUCED INTO THE POPULATION TO DESTROY IT. HOWEVER, IT STARTED TO 
SPREAD OUTSIDE THE IMMEDIATE REGION. THIS DISTURBED THE CONTROLLERS, SO THEY SENT 


TWO AGENTS TO INVESTIGATE, AND TO DETERMINE IF ANYONE WAS SALVAGEABLE. THE LOCAL 
INHABITANTS CALLED THEM ANGELS, BECAUSE OF THEIR BLONDE HAIR, BLUE EYES, AND PERFECT 
BODIES. 


LOT AND HIS WIFE TOOK THE AGENTS INTO THEIR HOME TO PROTECT THEM, SINCE ALL THE MEN IN 
TOWN WANTED TO HAVE SEX WITH THEM. SOON AFTER, SODOM AND GOMORRAH WERE 
DESTROYED. TO THIS DAY, RADIATION CAN BE DETECTED AT THE SITE. MELTED ROCK IS SEEN IN 
THE CANYON WALLS. SODOM AND GOMORRAH WERE ELIMINATED WITH A NUCLEAR WEAPON. 


IN THE EARLY 1960S, ISRAELI SCIENTIST DIGGING AT THE SITE OF SODOM FOUND REMNANTS OF 
BONE AND BODY TISSUE ENCASED IN ROCK. AMERICAN SCIENTISTS WERE CALLED IN BECAUSE 
THEY HAD BETTER EQUIPMENT. WHAT THEY FOUND IN THE PRESERVED BODY TISSUE WAS A 
SAMPLE OF THE VIRUS. THE AMERICANS RECONSTITUTED IT WITH LIVING CELLULAR NUCLEI. 
QUIETLY IT WAS TESTED ON A TERMINALLY ILL PATIENT IN A ST LOUIS HOSPITAL IN 1967. THE MAN 
DIED A HORRIBLE DEATH. THE VIRUS WAS CALLED AIDS BECAUSE IT REMOVED WHATEVER 
IMMUNE SYSTEM THE MAN HAD LEFT. THE AMERICAN RESEARCH DETERMINED THAT THIS 
THOUSANDS-OF-YEARS-OLD VIRUS WAS ARTIFICIALLY GENETICALLY CREATED. 


THE ANCIENT HEBREW RELIGION WAS A CONGLOMERATION OF THE SUMERIAN-REPTILIAN BELIEF 
SYSTEM, ANCIENT EGYPTIAN-ATLANTEAN-LYRAEN BELIEF SYSTEM, AND THE REPTILIAN TRIBAL 
SUBCULTURES FOUND IN THE LAND OF CANAAN THAT WERE INCORPORATED INTO ONE 
ACCEPTABLE DOGMA. IT INCLUDED BLOOD-RITUAL AND HUMAN SACRIFICE, WHICH IS WHY 
ABRAHAM WAS SO EAGER TO PLEASE GOD BY KILLING HIS OWN SON ON AN ALTAR. THIS 
SYMBOLISM CAME IN HANDY LATER ON FOR RELIGIOUS PURPOSES. 


THE HEBREW LANGUAGE ITSELF DID NOT APPEAR UNTIL AFTER THE HEBREWS LEFT EGYPT, AND 
THEN ONLY FOR RELIGIOUS CEREMONIAL PURPOSES BY THE PRIESTS. IN FACT, MANY OF THE 
TERMS AND NAMES USED IN THE HEBREW RELIGION CAME FROM THE EGYPTIAN CEREMONIAL 
RITES. THE NAME, MOSES, ORIGINATES FROM THE TITLE GIVEN TO ADEPTS OF THE SECRET 
EGYPTIAN PYRAMID CULT. 


THIS EGYPTIAN CEREMONIAL TITLE, MOSHE, MEANS "HE WHO IS ANOINTED WITH CROCODILE FAT 
FROM THE NILE RIVER." 


HERE, WE SUGGEST SWERDLOW DOES NOT DEAL WELL - WITH THE ACADEMIC EVIDENCE MOSES 
WAS AKHANATON - REF: OUT OF EGYPT , HOUSE OF THE MESSIAH , BOOKS ETC. BUT AT LEAST HE 
PERCEIVES CORRECTLY THAT THE BEST HEBREW RITES WERE MOSTLY DESCENDED FROM EGYPT. 


THE ONGOING CONFLICT BETWEEN ENLIL’S AMUN RA PRIESTS, VERSUS AKHENATON’S ATUN ( ENKI) 
PROBABLY REFLECTS THE ENLIL MORE DRAC REPTILIAN PERSUASION, VERSUS ENKI - THE 
REBELLIOUS SON FROM SIRIUS, PUSHING THE POSSIBILITY THAT A (HIS?) GENETIC EXPERIMENT 
HERE COULD PRODUCE A BLOOD LINE RECOVERY FROM THE CATASTROPHIC NEPHILIM DNA 
CONDITION. 


WITH THE BENEFICIAL RESULT TO THE ADVANCED DRACO’S OF NEW ACCESS TO A BLOOD LINE 
THAT COULD RESUME STAR NAVIGATING - WHERE THE BIG SALARIES ARE MADE- BECAUSE OF 
RENEWED GRAVITY MAKING POWER IN IMPLODING IGNITED DNA. 


THIS CEREMONY WAS PERFORMED INSIDE THE KINGS CHAMBER IN THE GREAT PYRAMID. 


IN HEBREW IT MEANT "OUT FROM THE WATER", IN REFERENCE TO THE CROCODILES. THE EGYPTIAN 
WORD FOR CROCODILE FAT WAS MESSEH FROM WHICH THE TERM MESSIAH IS DERIVED. TO BE 
ANOINTED WITH CROCODILE FAT RENDERED INTO AN OIL, WAS TO ABSORB POWERFUL, 
UNCHANGING REPTILIAN ENERGY AND ASSIMILATE THIS INTO THE BODY. MOSHE, OR MOSES, WAS 
A RITUAL TITLE, NOT A PERSONS NAME AND WAS A REFERENCE TO THE CROCODILE FAT USED IN 
TEMPLE AND PYRAMID CEREMONIES. 


A LEADER SUCH AS A MOSES WAS A LOGICAL CHOICE TO SPEARHEAD A MIGRATION OF PEOPLE TO 
SAFETY FROM A PLACE OF TURMOIL, SUCH AS WHEN THE DESTRUCTION OF THE ISLAND OF 
SANTORINI, ALSO KNOWN AS THERA, BLEW UP AND CREATED HAVOC ON EGYPTIAN TERRITORY, 
CAUSING MANY TO FLEE. IT WOULD ALSO MAKE SENSE FOR THE SIRIAN CONTROLLERS OF EGYPT 
TO SEND OUT THEIR GENETIC CREATIONS, THE HEBREWS, TO A PLACE OF SAFETY IN THE SINAI 
DESERT LIKE A SAFEKEEPING UNTIL NEEDED. 


IT WAS THEN THAT THE TORAH, OR HOLY COMMANDMENTS, WAS GIVEN TO THIS PEOPLE AS A 
CODE BY WHICH TO LIVE. THIS DOCUMENT IS IN A CODE THAT CAN ONLY NOW BE DECIPHERED 
WITH THE USE OF A COMPUTER. THE LAND OF CANAAN NEEDED TO BE CONQUERED IN ORDER TO 
GIVE DEVELOPMENT ROOM TO THE NEW CREATIONS. IN EFFECT, THE HEBREWS WERE THE NEXT 
SEQUENCE OF THE EXPERIMENT, AND THE OLD VERSIONS WERE TO BE ELIMINATED OR 
ASSIMILATED. 


THE HEBREWS CARRIED THE NEW CODED LAWS IN THE ARK OF THE COVENANT (COVEN OF ANTS), 
THAT ONLY THE PRIESTS COULD TOUCH. WHEN THE UNIVERSITY OF MINNESOTA IN THE 1960S 
ATTEMPTED TO BUILD THE ARK AS DESCRIBED WITH INSTRUCTIONS IN THE BIBLE, IT WAS SO 
ELECTRICALLY CHARGED THAT IT HAD TO BE DISMANTLED! 


THIS IS WHY THE ANCIENT HEBREW PRIESTS ENTERED INTO THE ARK AREA ALONE, FOR SAFETY 
REASONS. THEY ALSO HAD TO WEAR WHITE LINEN, AS NON-CONDUCTIVE CLOTHING, AND WORE A 
SPECIAL BREASTPLATE THAT GROUNDED THEM ELECTRICALLY AND ACTED AS A PROTECTIVE 
SHIELD. THE ARK WAS REALLY A COMMUNICATION DEVICE. THIS IS WHY THE PRIESTS HAD 
MESSAGES FROM GOD WHENEVER THEY WERE IN THE ARKS PRESENCE. 


THE ARK ALSO ACTED AS A LOCATION DEVICE FOR BEACONS ORIGINATING OUTSIDE OF THIS 
PLANET. THE ARK WAS ORIGINALLY KEPT IN THE GREAT PYRAMID TO FOCALIZE ENERGIES. IT WAS 
SENT WITH THE HEBREWS FOR SAFEKEEPING. IT HAS SINCE TRAVELED FROM EGYPT TO 
CANAAN/ISRAEL TO ETHIOPIA, BACK TO ISRAEL, AND NOW IS LOCATED UNDER THE PYRAMID 
AGAIN. 


HOWEVER, THERE ARE ACTUALLY TWO ARKS. 


THE SECOND ONE IS IN JERUSALEM. 


WE FEEL THIS INFORMATION IS INCOMPLETE, IN THAT CLEARLY THE ARK WAS A FRACTALLY 
ARRANGED (ORGONE) CAPACITOR - WHOSE CHARGE COMPRESSION COULD CONTAIN 
RADIOACTIVITY. AND THAT FEEDING THE CHARGE OF THIS DEVICE IS THE REASON IT MUST BE 
LOCATED ON A MAJOR LEY LINE - TODAY IT APPEARS- PRECISELY ON THE MICHAEL LINE - ST 


MICHAEL’S (ENLIL) ISLAND CAVE IN THE AZORES - IMAGE ABOVE LEFT (ASSURAS = ASSA URU)- 
WHERE JACQUE COUSTEAU’S SON LOST HIS LIFE FOR GETTING TOO CLOSE. 


GO BACK 
GO BACK TO KHAZAR - THE THIRTEENTH TRIBE 


GO BACK TO THE PROTOCOLS OF THE LEARNED ELDERS OF ZION 


10 - THE ANUNNAKI & THE BLACK RACE 


THE CREATORS OF THE BLACK RACE, THE REPTILIAN BEINGS OF MARDUK KNOWN AS THE 
ANUNNAKI WHOSE PLANETOID TRAVELS IN AN ELLIPTICAL ORBIT OF THIS SOLAR SYSTEM EVERY 
FEW THOUSAND YEARS, ARE DUE TO ARRIVE IN 2003. 


IT IS NOW 2004 AND REASONABLE TO SURMISE THAT MASSIVE ARRIVAL/INVASION IS IMMANENT. 
WE RECOMMEND ISOLATION IN COMMUNITY, HI GROUND, SHELTER FROM HI WIND, GOOD WATER, 
SEEDS, AND BEING TRANSPARENT TO GOVERNMENT. GOOD SHAMAN LUCID DREAMING SKILL TO 
SET UP BOUNDARY. 


THE ANUNNAKI LIKE TO DEVELOP SLAVE RACES FOR SPECIFIC PURPOSES, CREATING THEM OUT OF 
LOWER ANIMAL FORMS. IN THE CASE OF THEIR EARTH CREATIONS, THEY USED SIMIANS TO CREATE 
A SLAVE RACE TO WORK THE MINES IN WHAT IS NOW KNOWN AS AFRICA. THIS RACE WAS 
GENETICALLY DESIGNED TO WORK AND LIVE IN HOT, HUMID CONDITIONS WITH A LIMITED LIFE 
SPAN. DISEASES WERE PROGRAMMED INTO THEM TO PREVENT DEVELOPMENT OF CULTURE, AND 
CAUSE THEM TO BECOME DEPENDENT ON THEIR CREATORS FOR EXISTENCE. THIS IS WHY IN THE 
GENETIC MEMORY OF ALL OTHER RACES, THE BLACKS ARE SLAVES. 


THE AMERICAN AND EUROPEAN ILLUMINATI DECIDED TO USE THE AIDS VIRUS AS A WEAPON TO 
REMOVE THE BLACK RACE FROM EARTH. THESE ILLUMINATI CONCLUDED THAT IF THE BLACKS 
WERE NO LONGER HERE, THE ANUNNAKI WOULD FIND THE CONDITION OF THEIR SLAVES 
UNACCEPTABLE, AND NOT INTERFERE WITH ILLUMINATI PLANS. THE GREEN MONKEYS OF EAST 
AFRICA WERE SUBSEQUENTLY INFECTED WITH THE AIDS VIRUS, ALONG WITH THE BLOOD SUPPLY 
OF HAITI. IN AFRICA, AIDS IS A HETEROSEXUAL DISEASE. 





THE WORLD HEALTH ORGANIZATION, WHO, WAS ALSO USED TO DIRECTLY INJECT THE AIDS VIRUS 
INTO THE POPULATION UNDER THE GUISE OF IMMUNIZATION. 


"THE 1971 FLOWCHART MAKES IT PERFECTLY CLEAR, THE DESIGN, INTENT AND PURPOSE OF THE 
U.S. SPECIAL VIRUS PROGRAM. AS DR. PETER PIOT, EXECUTIVE DIRECTOR OF UNAIDS SAYS, THE 
HIV/AIDS VIRUS IS THE RESULT OF MANY STEPS IN THE LABORATORY, IT WAS NO ACCIDENT. THE 
1971 FLOWCHART PROVIDES ABSOLUTE EVIDENCE OF THE UNITED STATES’ INTENT TO KILL ITS 
OWN CITIZENS AND OTHERS." DR BOYD GRAVES 


HOWEVER, A MONKEY WRENCH TURNED UP IN THE PLANS. A GAY FRENCH-CANADIAN FLIGHT 
ATTENDANT HAD SEX WITH A BISEXUAL PARTNER IN AFRICA. THE INFECTED FLIGHT ATTENDANT 
ANGRILY SPREAD THE DISEASE WHEREVER HE WENT. NEW YORK CITY AND SAN FRANCISCO WERE 
TWO OF HIS PRIMARY DESTINATIONS. HE ALONE IS DETERMINED TO HAVE BEEN THE MAIN CARRIER 
OUTSIDE OF THE INTENDED TARGET. THE ILLUMINATI DOES NOT THINK OF EVERYTHING. (5) 


BY 2003 WHEN MARDUK RETURNS, MOST OF BLACK AFRICA WILL BE INFECTED. THOSE WHO ARE 
NOT INFECTED WILL BE KILLED VIA EBOLA, WAR, OR FAMINE. 


MOST CARIBBEAN AND NORTH AMERICAN BLACKS HAVE A HIGH PERCENTAGE OF EUROPEAN 
GENETICS THAT ARE NOT CONSIDERED DESIRABLE FOR SLAVE PURPOSES. 


IN 1999, NEWSPAPERS REPORTED THAT US ASTRONOMERS SAID THAT A HUGE PLANET HAD BEEN 
DETECTED BEYOND PLUTO WITH AN ELLIPTICAL ORBIT OPPOSITE TO ALL THE OTHER PLANETS IN 
THIS SOLAR SYSTEM. THEY SAID IT WAS ON A TRAJECTORY THAT WOULD TAKE IT TO NEAR THE 
EARTH IN 2003! 


NOT ANOTHER WORD WAS PRINTED ABOUT IT AFTER THAT. 


QUOTES FROM 
PLANET X, COMETS AND WHAT NASA IS HIDING 


(EXPLORING THE PARALLEL TO THE INTERVENTIONIST COMET THEORY) 


AN INTERVIEW WITH JAMES MCCANNEY, BY RICK MARTIN 


"... THE OTHER FACTOR... IN 1991 WHAT HARRINGTON SAW WAS TWO THINGS: HE SAW HALE-BOPP, 
AND HE SAW SOMETHING MUCH BIGGER BEYOND HALE BOPP. THAT'S PLANET-X. .. IN 1991, HALE- 
BOPP WAS ON A NEAR DIRECT COLLISION COURSE WITH EARTH. WITH A COUPLE OF QUICK 
PHOTOGRAPHS THEY COULD CHART THE ORBIT, AND IT WAS ON A NEW COLLISION COURSE WITH 
EARTH. 


MARTIN :(NTERVIEWER): NO WONDER THERE WAS SUCH A SCRAMBLE. 


MCCANNEY: IT WAS A HUGE SCRAMBLE. WHEN IT WAS DISCOVERED, I CALLED UP GODDARD SPACE 
CENTRE- I KNEW THE SECRETARY THERE- AND I SAID: 'WHAT'S GOING ON?' I HEARD THERE'S THIS 
COMET..." YOU COULD HEAR THE SCREAMING IN THE BACKGROUND. AND SHE SAID: "OH MY GOD, 
THIS COMET IS HUGE!". BUT I THOUGHT SHE MEANT IN THE SENSE OF BEING A NEWS STORY. NO, IT 
WAS HUGE IN THE SENSE THAT IS A PLANET-SIZED OBJECT. THEY HAD BEEN TRACKING IT. 


YOU SEE, THIS IS WHERE THE DIVISION COMES IN, BECAUSE IT WASN'T UNTIL THEN THAT EVEN A 
LOT OF THE SCIENTISTS AT GODDARD FOUND OUT ABOUT IT. BUT THEY HAD BEEN TRACKING THIS 
SINCE 1991, POSSIBLY EARLIER. HARRINGTON DISCOVERED IT, AND YOU SEE IT IN THE 1991 MEMO 
THAT HE KNEW EXACTLY WHERE TO GO AND LOOK AT IT. 


A LONG TIME AGO, WHAT HAPPENED JS... IT WAS ONE OF THE COMPANIONS OF NIBURU THAT DID 
THE DAMAGE TO EARTH. 
MARTIN: A COMPANION? 


MCCANNEY: A COMPANION. IT WAS THE ONE THAT BECAME VENUS. VELIKOVSKY WAS VERY RIGHT 
THAT VENUS WAS A HUGE COMET THAT WORKED ITS WAY THROUGH THE SOLAR SYSTEM, AND IT 
TOOK ABOUT A 600 YEAR PERIOD FROM THE TIME IT WAS CAPTURED BY JUPITER TO THE TIME IT 
ENCOUNTERED EARTH. AND THEN WORKED ITS WAY IN TO BECOME THE PLANET (VENUS) THAT WE 
KNOW TODAY. 


SO, ORIGINALLY, WHAT HAPPENED WAS THAT HALE-BOPP WAS HERE ABOUT 4,200 YEARS AGO. 
THEY WERE, LITERALLY, SMALLER COMPANIONS TO NIBURU. THAT'S WHY THEY DIDN'T WANT 
ANYBODY TO KNOW ABOUT THE COMPANION, BECAUSE THEY KNEW IT WAS ON A COLLISION 
COURSE WITH EARTH, AND THEY KNEW IT WAS THE COMPANION TO THE BIGGER ONE THAT 
CAUSED THE PROBLEM. BUT THEY DIDN'T REALIZE THAT HALE-BOPP WAS, LITERALLY ONE OF THE 
COMPANIONS ITSELF. 


NOW, WHEN THE DESTROYER, THE BIG GUY, NIBURU, COMES IN, IT HAS AN ENTIRE ENTOURAGE OF 
THESE THINGS. 


MARTIN: I GUESS COMENT NEAT WOULD BE ONE OF THOSE? 


MCCANNEY: AND THAT'S THE THING. WHEN WE GOT BARRAGED A FEW WEEKS AGO BY ALL THESE 
COMETS, AND THEY NEVER ANNOUNCED COMET NEAT,C-2002/VI. CLEARLY ALL OF THIS STUFF IS 
COMING FROM THE SOUTHERN HEMISPHERE. 


THEN OF COURSE, HARRINGTON KNEW VERY WELL WHERE THAT WAS, THE REASONS THAT I GAVE; 
THEY WERE 'PULLING DOWN' ON THE PLANETS URANUS AND NEPTUNE. IT'S INTERESTING TO NOTE 
THAT WHEN THE STORY OF HARRINGTON CAME OUT, THE GOVERNMENT TRIED TO MAKE A 
STATEMENT THROUGH SOME OF THESE ASTRONOMERS THAT ON THE RADIO, THE DISINFORMATION 
GUYS, WHO CAME UP WITH A STORY: "OH WELL, WE HAVE CORRECTED THE MASSES OF THOSE 
PLANETS DUE TO NEW INFORMATION, SO THAT HAS TAKEN CARE OF THE PROBLEM" 


WELL, NO, THAT DOESN'T CORRECT ANYTHING, WHEN YOU SEE THESE PLANETS BEING 'PULLED 
DOWN". THAT WOULD ONLY CORRECT THINGS IN THE PLANE OF THE PLANETS. THIS OBJECT WAS 
BIG ENOUGH, BACK IN 1991, THAT IT WAS PULLING URANUS AND NEPTUNE DOWN OUT OF THEIR 
ORBITS. THAT'S HOW BIG THIS THING IS! 


SO, YOU SEE THE CONCERN OVER THE COMPANION. BECAUSE THEY ALL KNOW, AND THE VATICAN 
KNOWS, THAT IT WAS THE COMPANION THAT DID THE DAMAGE THE LAST TIME. THE ONLY 
PROBLEM IS, THE COMPANION BECAME THE PLANET VENUS. WHAT THEY DON'T UNDERSTAND IS 
THAT IT'S A VERY DIFFERENT THING TO PRODUCE THE ORBITS FOR THESE, AND NASA IS LEARNING 
THE HARD WAY. THEY COULDN'T KEEP TRACK OF HALE-BOPP; IT CHANGED ON A DAILY BASIS. 
THAT WAS THE ONE THING WE DID IN THE MILLENIUM GROUP: TRACK THE DAILING CHANGING OF 
ITS ORBIT ON THE GOVERNMENT EPHEMERIS PAGES. 


MARTIN: WAS COMET NEAT A SURPRISE? DID THAT COME OUT OF NOWHERE- OR DID THEY EXPECT 


THAT? 


MCCANNEY: NO. COMET NEAT IS ANOTHER VERY LARGE NUCLEUS; PLANETARY IN SIZE- PROBABLY 
THE SIZE OF OUR MOON, AT LEAST; PROBABLY LARGER. THEY PROBABLY SAW IT COMING IN YEARS 
AGO, AS PART OF THIS ENTOURAGE OF THINGS COMING IN -- WHICH I THINK OF AS THINGS THAT 
ARE COMING IN AS PART OF THE PLANET X ENTOURAGE. THEY DIDN'T WANT ANYBODY TO KNOW 
ABOUT IT, FOR THE SIMPLE REASON THEY KNEW IT WAS GOING TO COME IN RIGHT AROUND THE 
SUN AND IT WAS BIG. THEY PROBABLY NEVER EXPECTED IT TO BECOME AS BRIGHT AS IT DID. BUT 
IT WAS LITERALLY VISIBLE IN THE DAYTIME SKY, RIGHT NEXT TO THE SUN, AS IT PASSED - OVER 
ABOUT A 12 HOUR PERIOD WHEN IT WAS COMING IN. 

MARTIN: THE OBVIOUS QUESTION IS: HOW MANY MORE OF THESE COMPANIONS CAN WE LOOK 
FORWARD TO ? 


MCCANNEY: WE DON'T KNOW. OF COURSE THOUGH, NASA WOULD HAVE A VERY GOOD 
KNOWLEDGE OF THIS. THE OTHER IMPORTANT THING THAT I WANTED TO SAY EARLIER ABOUT 
HALE-BOPP IS THAT IN THE SIX YEAR PERIOD FROM 1991 TO 1996, WHERE IT ACTUALLY HIT 
PERIHELION WITH THE SUN, IT LOST THREE MONTHS TIME IN ARRIVING DUE TO THE TAIL-DRAG OF 
THE HUGE COMET. THAT'S WHY WE DIDN'T HAVE A DIRECT COLLISION WITH IT. AND WHEN I SAY 
"DIRECT COLLISION", I DON'T MEAN HITTING EARTH; I MEAN WE WOULD HAVE BEEN WITHIN ABOUT 
ONE MILLION MILES. BY ANYBODY'S STANDARD, IT WOULD HAVE BEEN TOTAL DEVASTATION OF 
THIS PLANET. THE FLOODING WOULD HAVE BEEN ENORMOUS. IT WAS ONLY DUE TO THE FACT 
THAT THIS THING SLOWED DOWN THAT WE MISSED IT. 


MARTIN: I GUESS ANOTHER QUESTION WOULD BE; WHERE IS NEAT GOING? 


MCCANNEY: NEAT HEADED BACK OUT. THAT IS OBJECT NUMBER FOUR OF MY SOUTH AMERICAN 
HARRINGTON EXPEDITION TO CHART THE NEW ORBIT FOR NEAT, BECAUSE IT CLEARLY LOST A LOT 
OF ITS ENERGY AS IT CAME AROUND THE SUN, AS IT PICKED UP A LOT OF TAIL MATERIAL. SO, IT'S 
NOT GOING TO COME AND HIT EARTH. THAT'S WHAT NASA ALWAYS SAYS: "OH THESE PEOPLE 
THINK IT'S GOING TO HIT EARTH". NO, NO; NOBODY SAID ANYTHING ABOUT IT HITTING EARTH. 
THEY TRY TO MAKE FUN OF PEOPLE AND, IN FACT, THEY ACTUALLY HAVE PEOPLE WHO SET UP 
THOSE STORIES ON THE INTERNET SO THEY CAN GO MAKE FUN OF THEM. IT'S PART OF THEIR 
DISINFORMATION CAMPAIGN. 





MARTIN: WHEN A COMET THE SIZE OF NEAT, SWINGS BY OUR SUN, HOW DOES 'ACTION AT A 
DISTANCE' COME INTO PLAY? 


MCCANNEY: THE FLARE THAT CAME OFF (THE SUN), THAT YOU SEE IN MANY OF THE PHOTOS, CAME 
AND HIT THE BACK SIDE OF THE COMET TAIL. 


MARTIN: THE FIVE-MILLION-MILE FLARE? 


MCCANNEY: YES. NOW, IF THAT WERE TO HAVE COME AT EARTH, IT WOULD HAVE KNOCKED US TO 
OUR KNEES. BUT IT WENT OFF IN A TOTALLY OBSCURE DIRECTION. LET'S LOOK AT SOMETHING 
ELSE. WHAT YOU DIDN'T SEE THERE, BUT I COULD SEE IT COMING OFF OF NEAT... IF YOU LOOK VERY 
CLOSELY, YOU'LL SEE A PIN-THIN STREAK COMING DIRECTLY AWAY FROM THE SUN AND OUT 
AWAY FROM THE NUCLEUS, OUT THE RIGHT OF THE SCREEN. THAT'S CONNECTING WITH PLANET 
MERCURY. MERCURY WAS IN A DIRECT ALIGNMENT WITH NEAT AS IT CAME ACROSS THE ECLIPTIC, 
THE PLANE OF THE PLANETS. THAT LINE, THAT YOU CAN ACTUALLY SEE ON SOLAR PHOTOGRAPHS, 
IS CONNECTING TO MERCURY. 


SO, NOW LET'S PUT EARTH OVER THERE. WHAT IF EARTH HAD BEEN OVER 90 DEGREES AROUND, 
AND WE WERE NOT BROADSIDE TO IT? THEN, WE COULD HAVE VERY EASILY BEEN IN A POSITION 
TO TAKE THAT FLARE, FOR EXAMPLE, OR TAKE AN ELECTRICAL DISCHARGE DIRECTLY FROM NEAT. 
THAT IS WHAT THE ANCIENTS TALKED ABOUT WITH THE COMETS, THE LIGHTNING BOLTS FLYING 
ACROSS THE HEAVENS; THEY SAW THESE THINGS - ZEUS THROWING LIGHTNING BOLTS TO MARS. 
THEY SAW THIS STUFF. 


MARTIN: IT WAS LITERAL; IT WASN'T METAPHORICAL? 


MCCANNEY: NO, IT WAS NOT METAPHORICAL. WHEN VENUS CAME AROUND MARS, IT LASHED OUT 
WITH AN ELECTRICAL DISCHARGE AND AURORAS IN THE ATMOSPHERE OF MARS LIT UP; IT LOOKED 
LIKE A SNAKE GRABBING MARS. IT LITERALLY SUCKED THE OCEANS AND ATMOSPHERE OFF OF 
MARS AS IT PASSED BY. AND THEY SAW THIS. THEY KNEW THAT MARS, PRIOR TO THAT, WAS A 
WATER PLANET, WAS A BLUE PLANET, JUST LIKE EARTH. MARS HAS A VERY THIN ATMOSPHERE. 
VENUS HAS A MASSIVE ATMOSPHERE, THOUSANDS OF TIMES DENSER THAN EARTH'S ATMOSPHERE. 
BUT PERCENTAGE WISE, THE CHEMICAL COMPOSITION OF THE ATMOSPHERES OF VENUS AND MARS 
ARE EXACTLY THE SAME- WHICH MEANS THEY WERE FORMED IN THE SAME BOILING POT THERE, 
AS THEY PASSED BY EACH OTHER. 





MARTIN: I WANTED TO ASK YOU ABOUT VELIKOVSKY. YOU'RE VERY SIMILAR TO HIM IN THAT HE 
WAS GIVEN A HARD TIME AND RIDICULED, AND IT TURNS OUT HE WAS RIGHT. 


MCCANNEY: THERE'S NO QUESTION ANY MORE THAT VELIKOVSKY WAS RIGHT. AND, I THINK THE 
BIGGEST THING THAT I WANT TO SAY ABOUT VELIKOVSKY IS THAT HE WAS NOT STUDYING 
ASTRONOMY. HE WAS STUDYING CALENDARS! 


( IN THE NEXT SECTION-MCCANNEY REVIEWS MORE OF HIS INTERESTING WORK ON HOW 
CONTROVERSIAL HE HAS BEEN - "COMETS ARE NOT DIRTY SNOWBALLS- BUT LARGE ELECTRICAL 
VACUUM CLEANERS IN OUTER SPACE" - BY DEMONSTRATING AGAINST THE SCIENCE COMMUNITY 
OPINION - THAT THE PLASMA OF SPACE IS ACTIVE - FULL OF CHARGE - AND NOT ELECTRICALLY 
NEUTRAL. THIS HAS PROFOUND IMPLICATIONS FOR WHAT COMETS DO IN NEAR MISSES - AND 
PERHAPS - HOW IN PART - "PLANETS EXPERIENCE GRAVITY RELATIONS EROTICALLY" - A GURDJIEFF 
SENTIMENT.) 

--THE LAST SECTION OF THE ARTICLE IS NICE TO ADD HERE: (FITS NICELY WITH THE DOZENS OF 
NEW WEB SITES COMPARING GEORGE BUSH'S LAWS PASSED SINCE 9/11 TO HITLER) 


MARTIN: ARE THERE SOME CLOSING COMMENTS YOU WOULD LIKE TO MAKE? 





MCCANNEY: I WOULD SAY, NUMBER ONE THAT THE REST OF THE WORLD IS ADVANCING FAR 
BEYOND THE UNITED STATES IN CONSCIOUSNESS AND IN PROGRESS AS A HUMAN SPECIES. THE 
OTHER THING I WOULD SAY IS THAT AS A COUNTRY, AS A CIVILIAN POPULATION, WE HAVE TO 
GRAB HOLD OF THIS COUNTRY AND TURN IT AROUND BECAUSE, LITERALLY, THE WHOLE REST OF 
THE WORLD DEPENDS UPON IT. WE ARE AT A STAGE RIGHT NOW THAT IS EQUIVALENT TO 1939, PRE- 
WORLD WAR II HITLER'S GERMANY. 


THEY DID NOT TURN THAT COUNTRY AROUND - AND IF WE DON'T TURN THIS COUNTRY AROUND, 
WE'RE GOING TO BE IN A FAR BIGGER WORLD PROBLEM THAN WORLD WAR II EVER THOUGHT OF 


BEING. 


THE REMNANTS OF THE MARDUK/REPTILIAN EXPERIMENTATION IN CENTRAL AND SOUTHERN 
AFRICA WERE BASICALLY LEFT ON THEIR OWN. THE BEINGS FROM MARDUK, THE ANUNNAKI, ALSO 
KNOWN AS THE ABBENNAKKI, LEFT THE EARTH, CONTINUING ON ITS ELLIPTICAL JOURNEY 
THROUGH THE SOLAR SYSTEM AND BEYOND. 


THIS ARTIFICIAL PLANET PASSES NEAR EARTH EVERY 12,000 YEARS. A COMPLETE ORBIT TAKES 
24,000 YEARS. THE LAST TIME THEY PASSED EARTH, APPROXIMATELY 10,500 BC, ITS 
GRAVITATIONAL PULL EXERTED IN CONJUNCTION WITH ATLANTEAN CRYSTAL EXPERIMENTATION, 
CAUSED THE EARTH TO FLIP ON ITS AXIS, SINKING ATLANTIS. 


THE ANUNNAKI/ABBENNAKKI HAVE ROBOTICAL SCOUT SHIPS THAT MONITOR EARTH WHEN THE 
ARTIFICIAL PLANET IS NOT CLOSE. THESE SHIPS HAVE A CREW OF WORKERS THAT LOOK LIKE 
DWARFED BEARS. THEY ARE KNOWN TO BE AGGRESSIVE, EVEN ATTACKING HUMANS IN THE PAST. 
THESE BEAR-LIKE CREATURES ARE CYBORGS WITH BRAIN IMPLANTS THAT ALLOW CONTROL FROM 
A DISTANCE. THEIR BODIES ARE ORGANIC AND POWERFUL. 


THESE CREATURES STARTED APPEARING IN THE LATE 1960S. GOVERNMENT-RELEASED UFO 
INVESTIGATION REPORTS DOCUMENT THEIR EXISTENCE. MORE OF THESE CREATURES WILL BE 
SEEN IN THE NEXT TWO YEARS. STAY AWAY FROM THEM! THEY ARE DANGEROUS. 


MOST LIKELY, THEY WILL SURFACE IN AFRICA TO CHECK ON THE BLACK RACE FOR THEIR MASTERS 
ON MARDUK. LOUIS FARRKHAN, THE BLACK MOSLEM LEADER, HAS OFTEN SPOKEN ABOUT HIS UFO 
CONTACTS. ACCORDING TO FARRAKHAN, THESE CONTACTS EXPLAINED THAT THE BLACK RACE 
WAS CREATED BY THEM. 


THEY FURTHER TOLD HIM ABOUT THE NEED FOR THE BLACKS TO DEVELOP WITHOUT 
INTERFERENCE FROM OTHER RACES. 


FOTENOTES: 


5. THIS WAS AUGMENTED BY EXPERIMENTS ON GAY MEN IN NEW YORK CITY UNDER THE GUISE 
OF HEPATITIS SHOTS. 


GO BACK 


GO BACK TO THE ANUNNAKI 


11 - MIND-CONTROL VIA RELIGION 


THE FIRST RELIGION ON EARTH WAS THE REPTILIAN BELIEF SYSTEM BROUGHT BY THE COLONISTS 
OF LEMURIA. THEIR RELIGION BELIEVED IN A GOD-MIND THAT CONTAINED A HIERARCHY, OR 
CASTE SYSTEM. THIS CASTE SYSTEM WAS EXTRAPOLATED TO THE SEVERAL REPTILIAN SPECIES 
INCORPORATED INTO THE DRACO EMPIRE. EACH SPECIES HAD ITS OWN PLACE IN THE STRUCTURE 
OF THEIR SOCIETY. EVERY INDIVIDUAL KNEW ITS FUNCTIONS AND RESPECTED THESE BOUNDARIES. 
TO VIOLATE THESE RULES MEANT DEATH. 


The Capacitor 
The next problem to solve is how to take that varying voltage and smooth it out so that the load receives a 
is the capacitor. The 


ore or less constant voltage. The main component in this fight against this npple 





Capacitor is the tall blue cylindncal component in figure 11 below 
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Capacitor in AC Adap 
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The capacitor in this wall adapter is a 
used because if ts possible to have a relat: 

voltage tolerance (10's of volts) at an affordable pnce. For example. a quick 
component supplier's website shows me that a 2200 uF capacitor that can tolerate up to 50V 
is an electrolytic capacitor and more than $250 if it is a film capacitor. The primary downside of electrolytic 


Capacitors is that they have a much shorter life expectancy than film capacitors. In fact electrolytic 
Capacitors are likely to be the component that fails first in any electronic system. Generally manufacturers 


THE REPTILIANS OPERATE AS A GROUP MIND, MEANING THAT NO SINGLE REPTILIAN CAN MAKE A 
DECISION FOR ITSELF. ONLY THE UPPER CASTE, OR WINGED ONES, HAVE THE SEMBLANCE OF 
INDIVIDUALITY. THEY WERE, AND ARE, THE LEADERS. 


WHEN THIS RELIGION WAS BROUGHT TO SUMERIA, THE CASTE SYSTEM WAS INFUSED INTO SOCIETY 
AS A RELIGIOUS HIERARCHY. REMEMBER THAT THE COLONISTS OF SUMERIA WERE REFUGEES 
FROM LYRAE/MARS/MALDEK. THEY, LIKE THE ATLANTEANS, MAINTAINED THE ORIGINAL BELIEF 
SYSTEM OF THE LYRAEN CULTURE. THE LYRAEN BELIEF SYSTEM ENCOURAGED INDIVIDUALITY, AS 
WELL AS PROMOTED SERVICE TO OTHERS AS A PATHWAY TO SELF-GROWTH. THE LYRAENS 
BELIEVED THAT RED-HAIRED PEOPLE WERE CONNECTORS TO GOD-MIND, AND AS SUCH, USED THEM 
AS ORACLES. 


THE REPTILIANS WORSHIPPED THE TRANSPARENT BEINGS FROM THE ASTRAL PLANES AS THEIR 
CREATORS. THE TRANSPARENT BEINGS HAVE A MASS CONSCIOUSNESS, LIKE AN OVERSOUL. THEY 
ARE BASICALLY GENDERLESS, ALTHOUGH IN TERMS OF PHYSICAL REALITY, THEIR 
CHARACTERISTICS AND TRAITS RENDER THEM MORE MASCULINE THAN FEMININE. 


WHEN THE REPTILIANS BROUGHT THIS RELIGION TO THE SUMERIANS, THEY WERE CAREFUL TO 
INTRODUCE IT IN A WAY THAT WOULD BE ACCEPTED AND FOLLOWED. FIRST, THEY CREATED A 
GENDER BASE FOR A GENDER-MINDED POPULATION. THEN, THEY INSTILLED FEAR TO CONTROL THE 
MIND-PATTERNS. CLEVERLY, THEY DEVISED A RELIGION BASED ON A MALE-FEMALE, GOD- 
GODDESS CONTROL SYSTEM. THE MALE GOD WAS CALLED NIMROD; THE FEMALE GODDESS, 
SEMIRAMIS. THEY ARE DEPICTED AS HALF-HUMAN, HALF-REPTILIAN. THEIR APPEARANCES WERE 
DESIGNED TO FRIGHTEN THE HUMANS INTO SUBMISSION. 


NIMROD AND SEMIRAMIS EVENTUALLY BECAME THE OSIRIS AND ISIS OF EGYPT, AND THE APOLLO 
AND ATHENA OF GREECE, AMONG MANY OTHER GODS. ALL USED THE MALE/FEMALE, 
GOD/GODDESS THEME BECAUSE IT REPRESENTED THE ORIGINAL REPTILIAN ANDROGYNY AND THE 
SEPARATION OF THE HUMAN PROTOTYPE INTO THE MALE/FEMALE, ADAM/EVE. 


BECAUSE OF THE "MASCULINE" TENDENCY OF THE TRANSPARENT PEOPLE, AND DESPITE BEING 
ANDROGYNOUS THEMSELVES, THE REPTILIANS PREFER THE POWERFUL MALE OVER THE FEMALE. 
THEY REPRESENTED THEIR ANDROGYNY IN SUMER BY PLACING THREE HORNS ON THE REPTILIAN 
GOD, NIMROD. 





THERE ARE MANY LAYERS OF SYMBOLISM TO THIS: 


* 


THE PENIS AND TWO TESTICLES 


* 


TWO ENERGIES UNITING TO CREATE A THIRD, LE., THE HUMAN PROTOTYPE 


* 


THE THREE LEVELS OF EXISTENCE: HYPERSPACE, ASTRAL, AND PHYSICAL 


* 


THE THREE LEVELS OF AWARENESS: CONSCIOUS, SUBCONSCIOUS, AND SUPERCONSCIOUS 


* 


ANDROGYNY LEADING TO MALE AND FEMALE SECTIONS 


THUS, THE NUMBER THREE WAS AN IMPORTANT SYMBOL TO THE REPTILIANS ON EARTH. THEY 
REPRESENT THIS IN MANY WAYS, INCLUDING THE LILY, OR FLEUR-DE-LIS WITH ITS THREE POINTS. 


THEY ALSO USE THE SCORPION WITH ITS STINGER AND TWO PIERCING CLAWS. 


THE ADVANCED VERSION OF THE SCORPION IS THE EAGLE, WHICH REPRESENTS THE SCORPION IN 
ITS HIGHER FORM. BECAUSE OF THIS, THE EAGLE CAME TO REPRESENT RAISING FROM A LOWER 
FORM TO A HIGHER ONE. IT REPRESENTED POWER AND GLOBALIZATION. BECAUSE IT WAS A BIRD 
OF PREY, IT WAS ABLE TO CAPTURE EVERYTHING BENEATH IT, ESPECIALLY LIVE FOOD. FOR THESE 
REASONS, THE ROMANS ALWAYS USED AN EAGLE ON THEIR STAFFS WHENEVER THEY MARCHED 
INTO A CITY OR COUNTRY. 


MOST PEOPLE DO NOT REALIZE THAT ALL BIRDS ARE DESCENDENTS OF REPTILIAN DINOSAURS. 
MANY CORPORATE LOGOS AND SUPERHEROES OF TODAY HAVE WINGS ATTACHED TO THEM. THE 
WINGS ALSO REPRESENT THE WINGED REPTILIAN LEADERS IN THE UPPER ECHELON OF THE 
REPTILIAN/ILLUMINATI FLOWCHART. 


HALF A CONTINENT AWAY IN CHINA, THE REMNANTS OF LEMURIA CREATED A MALE-DOMINATED 
EMPIRE SYSTEM. HERE, THE MALE EMPEROR WOULD ALWAYS HAVE A EMPRESS. THE PEOPLE WERE 
TOLD THAT THE EMPEROR AND EMPRESS WERE DESCENDENTS OF THE SUN-GOD. THE SYMBOL OF 
THE EMPIRE WAS THE DRAGON, ANOTHER REPTILIAN FIGURE. THIS "ROYAL" FAMILY CREATED A 
DYNASTY THAT RULED TIGHT-FISTED FOR MILLENNIA. 


THE CHINESE REPTILIAN RELIGION SPREAD ACROSS EASTERN ASIA, WHILE THE SUMERIAN VERSION 
MEANDERED THROUGH CENTRAL AND WESTERN ASIA. THE SPREAD OF THESE RELIGIONS WAS 
INTENTIONALLY CONTROLLED FROM THE UNDERGROUND REPTILIAN POPULATION, PRIMARILY 
CENTERED UNDER TIBET. LOOKING AT A WORLD MAP, ONE CAN EASILY SEE THAT THIS IS THE BEST 
UNDERGROUND BASE LOCATION IN ASIA TO REACH ALL AREAS OF THE CONTINENT. THESE 
REPTILIANS WERE AIDED BY BEINGS FROM SIRIUS B WHO DEVELOPED THE BUDDHIST 
PHILOSOPHIES, AS WELL AS A GROUP OF RENEGADE LYRAENS TRYING TO REPRODUCE A LYRAEN 
CIVILIZATION UNDER REPTILIAN CONTROL. STRANGE BEDFELLOWS! 


AT THE SAME TIME IN INDIA, THE LEMURIAN REPTILIAN REFUGEES CREATED A CASTE SYSTEM 
THAT WAS A_ DIRECT REPLICA OF THE REPTILIAN HIERARCHY, FROM THE LOWLY 
WORKERS/UNTOUCHABLES TO THE BRAHMIN/WINGED ONES. THIS INDIAN/REPTILIAN CULTURE 
REMAINED LOCALIZED, WRITING THE ANCIENT VEDAS AND BUILDING TEMPLES TO THE VARIOUS 
REPTILIAN GODS. 


MEANWHILE, THE EGYPTIANS, WHO WERE ATLANTEAN/LYRAEN REFUGEES, WERE IN THE PROCESS 
OF BUILDING A NEW CIVILIZATION FROM THE REMNANTS OF THEIR TWO MAJOR ANCESTRAL ONES 
THAT WERE DESTROYED. THE BEINGS FROM SIRIUS A HELPED THEM, AS THEY WERE A MAJOR 
FACTOR IN THE INTERACTIONS OF ATLANTIS. 


AS PREVIOUSLY STATED, IN EGYPT, THE REPTILIAN GODS WERE KNOWN AS OSIRIS AND ISIS. THE 
EGYPTIAN PANACEA OF GODS INCLUDED A LARGE VARIETY OF HYBRID CREATIONS, HALF-HUMAN, 
HALF-ANIMAL. THIS WAS REMINISCENT OF THE ATLANTEAN HYBRID EXPERIMENTS THAT FOUND 
THEIR WAY INTO EGYPTIAN CULTURE, AND WAS PROMOTED BY THE SIRIANS WHO WERE 
PREPARING THAT CULTURE FOR A REPTILIAN TAKEOVER. 


THE ATLANTEANS WERE SO ENTRENCHED IN THE ORIGINAL LYRAEN BELIEF SYSTEM, THAT IT TOOK 
SEVERAL MILLENNIA FOR THE REPTILIANS TO GET A STRONGHOLD IN THAT CULTURE. NOW THAT 
THE REMNANTS WERE SCATTERED OVER THE EARTH AND NON-COHESIVE, IT WAS EASY TO SEND IN 
INFILTRATORS (IN-FULL-TRAITORS) TO SWAY THE BELIEF SYSTEM TOWARD A REPTILIAN FLAVOR. 


THIS BEGAN WITH THE INTRODUCTION OF THE CAT AS A FOCAL POINT OF WORSHIP. 


IN THE SIRIUS A STAR SYSTEM, THE MAIN WORLD IS CALLED KHOOM. THE ANCIENT NAME FOR 
EGYPT IS KHEM. THERE IS ALSO A CORRELATION WITH MEXICO. SOME RESEARCHERS SAY THAT 
THE BAY OF CAMPECHE TRANSLATES TO THE BAY OF OLD EGYPT, INDICATING A CONNECTION 


BETWEEN EGYPT AND THE YUCATAN PENINSULA. THIS IS NOT SO. 


SIRIANS WHO INTERACTED WITH ATLANTIS NAMED THIS AREA AFTER THEIR HOME WORLD, AND 
THEN CARRIED THE NAME ON TO THE NEW REFUGEE CULTURE IN EGYPT. 


OUR INFO, IS THAT THE WORD KHEM FOR EGYPTAUS (EGYPT) MEANT FROM THE BLACKNESS, FOR 
THE BLACK OR DARK COPPER BASED NUBIAN BLOOD OF THOTH/ENKI RA LINE, WHICH FOUNDED IT. 
EVIDENCE WOULD INCLUDE THE BLACK ZULU CULTURE WHOSE NAME FOR GOD - ENKI AS IN THE 
KILIMANJARO - SUGGESTS THEIR OWN BLACK GENETIC ORIGINS WITH ENKI (RA - ABRAHAM) AND 
HIS SON THOTH. LATER THE WORD KHEM MEANING BLACK HOLE BECAME ALCHEMY AND 
CHEMISTRY, FROM THE IMPLOSION PRINCIPLE OF THE ABILITY TO MAKE BLACK HOLES (WHICH 
GOLD’S ELECTRON VALENCE FRACTALITY ENABLES). HENCE ALCHEMY OF THE HEART IS THE 
FUSION ABILITY WHICH RESULTS FROM PERFECTING COMPRESSION (COMPASSION) IMPLOSION. 


ANOTHER PLANET IN ORBIT AROUND SIRIUS A IS A WORLD CALLED KILROTI. HERE, THE SIRIANS 
CREATED HIGH-INTELLIGENCE CAT-LIKE BEINGS. THESE CAT-LIKE BEINGS ARE CALLED THE LION 
PEOPLE. IN THE 1970S AND 1980S, THE GOVERNMENT CREATED A CARTOON FOR CHILDREN THAT 
DESCRIBED THESE BEINGS. 


IN THE HIGH ASTRAL LEVELS, THERE IS AN ETHERIC RACE OF LION BEINGS WHO ARE GOLD, HAVE 
WINGS, AND VIOLET EYES. THE NAME OF THE RACE IS ARI. ARI IS ALSO THE OLD HEBREW WORD 
FOR LION. THEIR FREQUENCY IS MORE POWERFUL THAN THE DOLPHIN FREQUENCY. 


THE ARI CREATED THE OHALU COUNCIL THAT GOVERNS THE SIRIUS A STAR SYSTEM. 


THIS FITS INTERESTINGLY WITH ANNA HAYES (VOYAGERS SERIES BOOKS, AND AMENTI) WHO 
CLAIMS THAT THE REASON THE SPHINX IS LION OR CAT LION SHAPED IS THAT THE STAR ELDERS OF 
THE INTERVENTIONIST ANUNNAKI (NEPHALIM) WERE LEONINE OR CAT/LION LIKE. SO IT WAS 
POLITICALLY CORRECT FOR THE FALLEN ANUNNAKI TO CLAIM THAT THEIR GOD WAS THE LION 
BEING. IF YOUR GOD IS STRONGER THAN YOUR ENEMIES GOD, YOU HAVE A PROBLEM IN WAR, SO 
YOUR STATUE (THE SPHINX) PROVES YOU HAVE THE RIGHT GOD (THE LION ELDERS OF SIRIUS) ON 
YOUR SIDE. 


WE WONDER WHY SWERDLOW DID NOT SUGGEST THAT ARY-AN .... MEANS LION-BASED AN-NUNAKI 
- INSTEAD OF SUM-ARYAN. 


THE KILROTI WERE GENERATED BY MIXING THE GENETICS OF THE SIRIANS WITH THE ENERGY OF 
THE ARI. THIS IS WHAT WAS BROUGHT TO ANCIENT EGYPT. AS THE NON-PHYSICAL ENERGY 


DESCENDED INTO PHYSICAL REALITY, DNA FORMED THAT COULD BE USED TO CREATE CORPOREAL 
LIFE. 


THIS WAS THEN MIXED WITH HUMAN AND WILD LION DNA TO FORM THE COMMON HOUSE CAT 
FOUND ON EARTH. THE CAT WAS GIVEN TO EVERY HOME IN ANCIENT EGYPT, AND PROGRAMMED 
TO LEAVE AT NIGHT TO REPORT BACK TO THEIR ALIEN CONTROLLERS. THIS IS WHY CATS TO THIS 
DAY HAVE THE URGE TO GO OUT AT NIGHT. THIS ALSO EXPLAINS THEIR ALOOF NATURE. 


THE SIRIANS INCORPORATED WORSHIP OF THE CAT IDOL INTO THE EGYPTIAN RELIGION TO ENSURE 
THE PERPETUITY OF THIS METHOD OF SPYING. THE SIRIANS ALSO BUILT THE SPHINX AS A 
SYMBOLIC REMINDER OF THE BLENDING OF HUMAN GENETICS WITH LION FREQUENCY. THIS WAS A 
WAY TO ENERGETICALLY BIND FUTURE CIVILIZATION TO THE SIRIANS. THE SPHINX WAS DESIGNED 
TO FACE THE MORNING STAR SIRIUS A EVERY DAY. THE FACE ON THE SPHINX IS IDENTICAL TO THE 
FACE ON THE MARS MONUMENT THAT LOOKS DOWN TO THE EARTH AT THE SPHINX. 


SIRIAN TECHNOLOGY BUILT THE COMPLEXES AT THE CYDONIA PLATEAU ON MARS, UPON THE 
ARRIVAL OF THE FIRST LYRAEN REFUGEES. THE NEW MARTIANS WERE UNAWARE OF THE CLOSE 
SIRIAN CONNECTION TO THE REPTILIANS. 


THE ORIGINAL PYRAMIDS, BUILT AFTER THE DESTRUCTION OF ATLANTIS, WERE ENERGY POINTS. 
THEY WERE THE SAME SHAPES UNDERGROUND AS ABOVE, MAKING THEM INTO OCTAHEDRONS. AT 
THEIR CENTRE IS A TETRAHEDRON. THIS MASTER SHAPE IS THE ARCHETYPE SYMBOL FOR GOD- 
MIND TOTALITY. ANYTHING AT ITS EXACT CENTRE IS ABSOLUTELY PROTECTED. THE OCTAHEDRON 
IS ALSO THE SHAPE OF THE DELTA-T ANTENNA USED AT THE MONTAUK PROJECT. THIS SHAPE, 
WHEN ENERGIZED IN THE PROPER COLOR CODES, CAUSES INTERDIMENSIONAL RIFTS, CREATING 
VORTICES AND WORMHOLES. 


RITUALS PERFORMED AT THIS CENTRE POINT PRODUCE VAST ENERGIES THAT CAN BE 
TRANSMITTED THROUGH HYPERSPACE TO ANY WHERE IN CREATION. 


WE SAW PRESTON NICHOLS SPIN THE DELTA T, OCTA ANTENNA OF MONTAUK - IN MODEL - AT 
VARIOUS PSYCHOTRONIC CONFERENCES. IT SEEMS NEITHER HE NOR SWERDLOW UNDERSTOOD THE 
REASON IT WAS LATER CALLED DECA DELTA, AS ONLY WHEN THE OCTA/CUBE IS TILT SPUN INTO 
DODECA (SOULINVITATION.COM/MERKABBAH) DO YOU GET IMPLOSIVE COMPRESSION THAT 
BECOMES SUPERLUMINAL AND TIME PENETRATING ACCELERATION THRU C LIGHT SPEED. OBSERVE 
TO DODECA ANTENNA REQUIRED FOR TIME TRAVEL IN THE MOVIE "CONTACT". 


SOME RESEARCHERS CLAIM THAT THE PYRAMIDS WERE PUMPING STATIONS FOR UNDERGROUND 
NILE TRIBUTARIES. THIS IS ONLY PARTIALLY TRUE. 


BECAUSE WATER IS AN ELECTROMAGNETIC AMPLIFIER, IT WAS USED TO SURROUND THE RITUAL 
CHAMBER LOCATED IN THE DELTA-T TO BOOST RITUAL ENERGY. USING THESE METHODS, THE 
ANCIENT EGYPTIANS CONTROLLED WEATHER, DESTROYED ENEMIES, CREATED STARGATES, AND 
BOOSTED THEIR REPTILIAN ENERGIES IN CEREMONY. THIS IS ALSO WHY THE MONTAUK PROJECT 
WAS LOCATED NEAR VAST AMOUNTS OF WATER. 


"GREAT WHITE PYRAMID" OF "XIAN,CHINA" IS THE "WORLDS LARGEST PYRAMID". IT IS REPORTED 
TO BE ABOUT 300 METERS HIGH. 


THE GREAT PYRAMID IS PART OF A PROTECTIVE SOLAR SYSTEM GRID, LINKING THE MOON AND 
MARS MONUMENTS TOGETHER TO PRODUCE A FORCE FIELD TO REPEL INVADERS. 


THE GREAT PYRAMID IS ALSO CONNECTED TO OTHER POINTS ON THE EARTH SUCH AS 
STONEHENGE, A SUBMERGED ATLANTEAN CRYSTAL, TIAHUANACO, AYERS ROCK, AND THE WHITE 
PYRAMID IN WESTERN CHINA. TOGETHER, THEY FORM AN ENERGY CONTAINMENT FIELD SIMILAR 
TO AN ELECTRIC FENCE. 


THE HAARP PROJECT IN ALASKA TAPS INTO THIS. 


MEANWHILE, A DYNASTIC CULTURE SIMILAR TO THE REPTILIAN CHINESE DYNASTIES WAS 
FORMING IN EGYPT. THE REPTILIAN CONTROL RELIGION BASED ON OSIRIS AND ISIS FANNED OUT 
OVER NORTHEAST AFRICA AND THE MIDDLE EAST. AT THE SAME TIME THE REPTILIAN SUMERIAN 
CULT OF NIMROD AND SEMIRAMIS FANNED OUT OVER CENTRAL ASIA. 


A UNIFICATION OF THESE BELIEFS WAS NECESSARY TO ACCOMPLISH THE PLAN SET FORTH FROM 
THE BEGINNING. THIS IS WHY ABRAHAM ORIGINATED IN THE SUMERIAN CITY OF UR, JOURNEYING 
WESTWARD TOWARD THE MIDDLE EAST. IT WAS NO ACCIDENT THAT THE FOLLOWERS OF 
ABRAHAM WOUND UP IN EGYPT, WHERE THE SIRIANS THEN CREATED THE HEBREWS. THE HEBREWS 
WERE DESTINED TO BE THE CULTURAL PROTOTYPE FOR THE FUTURE WORLD. 


THIS IS WHY THEY WERE PROGRAMMED TO WANDER ALL OVER THE EARTH AND INFLUENCE ALL 
EXISTING CULTURES. 


(DAN WINTER COMMENTS) 


THIS WOULD ALL IMPLY THAT IF ENKI IS IN FACT THE RA IN ABRAHAM - THAT HIS GENETIC 
ENGINEERING EXPLOITS WITH HIS SPERM TO MAKE EVE FERTILE USING CRO-MAG EGG IMPLANTED 
IN HIS HALF SISTER DRACO INANNA/NINHURSAG... WAS PART OF A MORE INSIDIOUS PLAN FROM HIS 
SIRIAN AN FAMILY? IT FITS THAT HIS EXPLOITS DESCEND FROM UR BECAUSE THAT IS THE NAME OF 
THE DRAC LINE. (N-IBI-URU, URUSHALAEM/JERUSALEM, IL-UR-U, H-IBI-URU/HEBREW , UR- 
MAN/ROMAN/ROMANIAN, UR-BAN) 


WE WOULD HAVE TO EXPECT THAT THE (PART DRAC?) FATHER HE SHARED WITH YAHWEH ENLIL, 
WAS HALF BORG MACHINE (HARK-ONEN, SARKDAUER, DARTH VADER ...ETC). MORE AT RETURN OF 
ENKI. IT ALSO FITS THAT ENKI’S DAD AN = ANTU THE SIRIAN SUN GOD (TUETHE DE DANAAN - 
PEOPLE OF THE GODS) (CALLED BIKIT BY AUSTRALIAN ABORIGINALS) - WAS ABLE TO ACT DISTANT 
AND ALOOF EVEN SEEMINGLY HEARTLESS TO THE CREATURE-LINGS OF EARTHS SEEMING 
PATHETIC SLAVE BORGS. TODAY, SWERDLOW’S DESCRIPTION OF THE SIRIUS A POLITICS PERFECTLY 
FITS THAT PICTURE. 


THEY WILL STAND BACK, HAVING SOLD GUNS TO BOTH SIDES, IMPARTIALLY WAITING TO SEE WHO 
WINS- AND ASSUME EDUCATION AND EVOLUTION REQUIRES THE BLOOD SPILL. VERY MUCH 
CONNECTED TO THE POLITICS OF THE WEST EUROPE ARMS MUNITIONS FAMILIES (PRESUMABLY IN 
BUSH’S FAMILY GROUP) WHO GOT GREAT CORPORATE RETURN FOR THEIR INVESTMENT IN PAYING 
FOR THE SUB-SONIC SCALAR DEVICE (A NEAR TOWER BASE LO FREQUENCY VIBRATOR) THAT TOOK 
DOWN NEW YORK’S TWIN TOWERS (EVIDENCED BY THE SEISMIC TRACE). 


. (EXCERPTS) 


"THE SEISMIC SIGNALS FROM THE FIVE EVENTS ON 11 SEPTEMBER DIFFERED FROM A SMALL 
EARTHQUAKE IN SIGNIFICANT WAYS. 


THEY WERE RICHER IN LOW-FREQUENCY ENERGY AND POORER IN HIGH-FREQUENCY ENERGY. "... 


"WHILE GOING OVER SOME OF THE FOOTAGE I HAD TAPED ON A TIVO RECORDER, A CLIP CAUGHT 
MY ATTENTION THAT HASN’T BEEN NOTICED BY ANYONE. A SHOT FROM THE TOP OF A BUILDING 
LOOKING SOUTH SHOWS BOTH TOWERS BURNING AND STILL STANDING. THEN IN THE LOWER LEFT 
OF THE SCREEN, AT GROUND LEVEL QUITE A DISTANCE FROM THE BASE OF THE TOWERS A 
COMPLETELY SEPARATE BUILDING COLLAPSES IN A HUGE DUST CLOUD. 


I REPEAT, THIS IS BEFORE THE COLLAPSE OF THE TOWERS" 


OUR SUPPOSITION THAT ENKI (RA, ABRAHAM, ATON, THOTH, HERMES AND THE AKHANATON- 
MOSES-JESUS MYTH/LINE THEY SIRED) WAS COLORED TO TRY TO PREVENT THE TOTAL PARASITIC 
EATING OF THE TAK-ADAMA (ADAM AND EVE) BLOOD LINE (YOU AND ME) EVEN AGAINST THE 
MORE DRACONIAN WISHES OF HIS FAMILY- BECAUSE HE ESSENTIALLY FELL IN LOVE WITH HIS OWN 
GENETIC CREATION. 


AND EVEN POSSIBLY THAT HE PERCEIVED EVENTUALLY THAT THE BLOOD LINES HE CROSSED 
COULD BE THE VACCINE IN THE ORION WARS GIVING THE REMNANT HUMANOIDS FROM MANY 
STAR CULTURES A CHANCE IF THEY COULD (BLISS) IGNITE THEIR DNA TO ENOUGH GRAVITY 
MAKING TO OUT-STEER THEIR CREATOR PARASITE ANCESTORS??? (THE BST - CLICK IMAGE RIGHT - 
OF WINGMAKERS) 


WITH ALL OF THIS AS A BACKGROUND, THE REPTILIAN BLUEBLOODS NOW NEEDED TO FORM A 
GLOBAL EMPIRE THAT WOULD ENCOMPASS THE CULTURES THAT THEY HAD INSPIRED. 


THEY NEEDED TO COUNTERACT THE OTHER ALIEN GROUPS THAT HAD BEEN WORKING DILIGENTLY 
IN EUROPE TO CREATE MORE HUMAN CIVILIZATIONS. 


GO BACK 
GO BACK TO CONTROL MENTAL 
GO BACK TO BUDDHISM AND THE KALACHAKRA SYSTEM 


GO BACK TO LA VERDADERA HISTORIA DE LOS NAZARENOS Y LA BIBLIA 


15 - THE ILLUMINATI HIERARCHY 
P.61-67 


THE LEADER OF THE EARTHS ILLUMINATI IS CALLED THE "PINDAR". THE PINDAR IS A MEMBER OF 
ONE OF THE 13 RULING ILLUMINATI FAMILIES, AND IS ALWAYS MALE. THE TITLE, PINDAR, IS AN 
ABBREVIATED TERM FOR "PINNACLE OF THE DRACO", ALSO KNOWN AS THE "PENIS OF THE 
DRAGON". SYMBOLICALLY, THIS REPRESENTS THE TOP OF POWER, CONTROL, CREATION, 
PENETRATION, EXPANSION, INVASION, AND FEAR. THE HOLDER OF THIS RANK REPORTS TO THE 
PUREBRED REPTILIAN LEADER IN THE INNER EARTH. 


RECENTLY, THERE ARE REPORTS THAT THE MARQUIS DE LIBEAUX IS THE PINDAR, BUT THIS IS 
DISINFORMATION. THE TRUE CURRENT PINDAR IS THE HEAD OF THE ROTHSCHILD FAMILY, AS HAS 
BEEN FOR SEVERAL HUNDRED YEARS. HE IS BASED IN GERMANY NEAR FRANKFURT. IN THE LATE 
1970S, HE OVERSAW THE SISTER PROJECT TO MONTAUK, CALLED M.A.L.D.A. IS AN ANAGRAM FOR 
MONTAUK-ALSACE-LORRAINE DIMENSIONAL ACTIVATION. THIS PROJECT WAS LOCATED NEAR THE 
CITY OF STRASBOURG, FRANCE, HISTORICALLY ONCE PART OF GERMANY. 





INTERESTINGLY, THERE IS A WINERY ON THE EAST END OF LONG ISLAND, NOT FAR FROM 
MONTAUK POINT, CALLED PINDAR VINEYARDS. THIS WINE IS GROWING IN POPULARITY, GAINING 
INTERNATIONAL ACCOLADES. THIS FITS NICELY INTO THE PLAN, AS THIS AREA WILL BE A PART OF 
THE CAPITAL DISTRICT OF THE EARTH/UNITED NATIONS IN THE EMPIRE STATE! RED WINE IS 
SYMBOLIC OF THE BLOOD INGESTED BY THE REPTILIANS. THE WINE CAN BECOME SANCTIFIED AS IT 
DID IN THE ROMAN CATHOLIC CHURCH, A PATSY FOR THE REPTILIANS. IN THE CATHOLIC CHURCH, 
WINE REPLACED THE BLOOD IN CEREMONY. 


THE ILLUMINATI HERE ON EARTH HAVE ESTABLISHED A PYRAMID STRUCTURE OF CONTROL 
IDENTICAL TO THE SYSTEM THAT EXISTS IN THE DRACO EMPIRE. THE PYRAMID WITH THE 
REPTILIAN EYE, LOCATED ON THE AMERICAN ONE-DOLLAR BILL, IS SYMBOLIC OF THIS CONTROL 
STRUCTURE. THE EYE IS THE CAP ON THE PYRAMID, THUS EXPLAINING WHY THE ORIGINAL 
SURFACE OF THE GREAT PYRAMID IN EGYPT WAS CAPPED IN SOLID GOLD. 


THE PINDAR IS REPRESENTED BY THE GOLD CAP ON THE PYRAMID. THE NEXT LAYER, OR "EYE", ON 
THE PYRAMID REPRESENTS THE 13 RULING FAMILIES. 


THEY ARE AS FOLLOWS: 


* 


ROTHSCHILD (BAUER OR BOWER) - PINDAR 
* 


BRUCE 


* 


CAVENDISH (KENNEDY) 
* 


DE MEDICI 


* 


HANOVER 


* 


HAPSBURG 


* 


KRUPP 


* 


PLANTAGENET 


* 


ROCKEFELLER 


* 


ROMANOV 


* 


SINCLAIR (ST. CLAIR) 
* 

WARBURG (DEL BANCO) 
* 


WINDSOR (SAXE-COBURG-GOTHE) 


EACH OF THE 13 RULING FAMILIES IS GIVEN AN AREA OF THE EARTH AND/OR A PARTICULAR 
FUNCTION TO FULFILL ON THE EARTH. 


THESE PARTICULAR FUNCTIONS INCLUDE: 


* 


GLOBAL FINANCES 


* 


MILITARY TECHNOLOGY/DEVELOPMENT 


* 


MIND-CONTROL 


* 


RELIGION 


* 


MEDIA 


EACH OF THE 13 RULING FAMILIES HAS A COUNCIL OF 13 AS WELL. THE NUMBER, 13, HAS GREAT 
SIGNIFICANCE TO THEM. THEY KNOW THAT THERE ARE 12 TYPES OF ENERGIES THAT PASS 
THROUGH THE 10 ASPECTS OF GOD-MIND. THE TOTALITY OF THE 12 ENERGIES EQUALS A 13TH 
ENERGY. THIS IS CONSIDERED THE MOST POWERFUL KNOWLEDGE. 


THEY ALSO KNOW THAT THERE ARE REALLY 13 ZODIAC SIGNS, NOT THE COMMONLY 
ACKNOWLEDGED 12. THEY HAVE KEPT THE 13TH HIDDEN FOR CENTURIES BECAUSE IT IS THE SIGN 
OF THE DRAGON. THEY KEEP THE QUALITIES AND TRAITS OF THIS SIGN SECRET TO AVOID GIVING 
AWAY CLUES TO THE REPTILIAN MIND-PATTERN. 


THE NEXT LAYER IS THE SECOND-IN-COMMAND FAMILIES WHO DO THE SUPPORT WORK FOR THE 
PINDAR AND 13 RULING FAMILIES. WHILE ALL OF THE 13 RULING FAMILY MEMBERS ARE SHAPE- 
SHIFTERS, ALL MEMBERS OF THE 300 SUPPORTING FAMILIES ARE NOT. THEY DO, HOWEVER, ALL 
HAVE A HIGH PERCENTAGE OF REPTILIAN DNA. 


THEY ARE KNOWN AS THE "COMMITTEE OF 300".THESE FAMILIES INCLUDE SUCH NOTABLE NAMES 
AS AGNELLI, BALLIOL, BEALE, BELL, BOUVIER, BUSH, CAMERON, CAMPBELL, CARNEGIE, 
CARRINGTON, COOLIDGE, DELANO, DOUGLAS, FORD, GARDNER, GRAHAM, HAMILTON, HARRIMAN, 
HEINZ, KUHN, LINDSAY, LOEB, MELLON, MONTGOMERY, MORGAN, NORMAN, OPPENHEIMER, 
RHODES, ROOSEVELT, RUSSELL, SAVOY, SCHIFF, SETON, SPENCER, STEWART/STUART, TAFT, AND 
WILSON. THERE ARE MANY OTHERS... 


THE COMMITTEE OF 300 USE MANY WELL-KNOWN INSTITUTIONS TO ACCOMPLISH THEIR GOALS, 
INCLUDING THE 


* 


COUNCIL ON FOREIGN RELATIONS 


* 


BILDERBERGERS 


* 


TRILATERAL COMMISSION 


* 


CLUB OF ROME 


* 


ROYAL INSTITUTE FOR INTERNATIONAL AFFAIRS 


NSA 


MOSSAD 


* 


SECRET SERVICE 


INTERNATIONAL MONETARY FUND 


* 


FEDERAL RESERVE 


* 


INTERNAL REVENUE SERVICE 


* 


INTERPOL, 


... TO NAME A FEW. 


ALL OF THESE ARE PRIVATE ORGANIZATIONS OR CORPORATIONS SET UP AS PUBLIC SERVICE 
DEVICES, BUT THIS IS FAR FROM THE TRUTH. 


THE ILLUMINATI STRUCTURE ALSO CREATES ARTIFICIAL COUNTRIES TO FURTHER THEIR GOALS. 
EXAMPLES OF THESE ARE THE UNITED STATES, SWITZERLAND, KUWAIT, THE SOVIET UNION, 
PANAMA, ISRAEL, ITALY, YUGOSLAVIA, THE UNITED KINGDOM, MOST OF BLACK AFRICA, ALL OF 
THE ARAB COUNTRIES, AND ALL OF CENTRAL AND SOUTH AMERICA. THESE NATIONS WERE 
CREATED TO AMASS WEALTH FOR THE RULING FAMILIES AND THEIR SUPPORTERS, TO HIDE OR 
KEEP THEIR WEALTH, AND TO CREATE UNSTABLE CONDITIONS NECESSARY TO START WARS OR 
INCREASE MILITARY BUDGETS. 


SWITZERLAND WAS CREATED AS A NEUTRAL BANKING CENTRE SO THAT ILLUMINATI FAMILIES 
WOULD HAVE A SAFE PLACE TO KEEP THEIR FUNDS WITHOUT FEAR OF DESTRUCTION FROM WARS 
AND PRYING EYES. 


THE UNITED STATES WAS ESTABLISHED WITH 13 COLONIES, ONE FOR EACH OF THE ILLUMINATI 
FAMILIES. THE ORIGINAL FLAG HAD 13 STARS, AND STILL HAS 13 STRIPES. THE EAGLE, THE SYMBOL 
OF THE UNITED STATES, HOLDS 13 ARROWS IN ITS TALONS. THE UNITED STATES IS ACTUALLY A 
CORPORATE ASSET OF THE VIRGINIA COMPANY THAT WAS ESTABLISHED IN 1604 IN ENGLAND WITH 
DIRECT INVOLVEMENT OF THE ROTHSCHILDS. THE FINANCES OF THE ROTHSCHILDS WERE 
NECESSARY TO FUND THE EXPLORATION AND EXPLOITATION OF THE NORTH AMERICAN 
CONTINENT. 


THE ASSETS OF THE VIRGINIA COMPANY, INCLUDING THE UNITED STATES, ARE OWNED BY THE 
HOLY ROMAN EMPIRE VIA THE VATICAN. THIS OCCURRED IN 1213 WHEN KING JAMES GAVE ALL 
ENGLISH ASSETS TO THE REPTILIAN POPE. EXECUTORSHIP REMAINS WITH THE BRITISH ROYAL 
FAMILY, BUT ACTUAL OWNERSHIP LIES WITH THE ROMAN CATHOLIC CHURCH. 


THE UNITED STATES OF AMERICA IS NOT NAMED AFTER AMERIGO VESPUCCI, AS YOU LEARNED IN 


SCHOOL. THE ILLUMINATI WOULD NEVER NAME A CONTINENT, ACTUALLY TWO CONTINENTS, 
AFTER AN ITALIAN MAPMAKER. 


THE NAME IS ACTUALLY A COMBINATION OF WORDS. 


* 


"AM" IS THE HEBREW WORD FOR "PEOPLE" 


* 


ransformer 


Figure 5 shows the same adaptor seen from the side. The blue wires on the nght are the inputs from the 
two-prong wall connection and they connect directly to the primary of the transformer. The output from the 
secondary can be seen at the lower left of the transformer as two small copper wires. The purpose of the 
transformer is to step the AC voltage down from the 120Vaxrs from the wall outlet to a voltage that is closer 
to the required DC voltage 


Tal 1 i 


OT elt micelas 
Secondary _ 





Figure 5. Side View of AC Adaptor with Transformer Labeled 


If you ignore all of the non-ideal properties of transformers. they are very simple devices. The general idea 
is that there are two (usually large) coils of wire that are electrically isolated, but magnetically coupled 
together. The input side of the transformer is called the pnmary and the output side ts called the secondary. 
Alternating current passes through the pnmary coil which creates an alternating magnetic flux in the 
transformer core. This alternating magnetic flux in turn induces a voltage in the coils of the secondary. The 
rato of the number of loops in the primary coil to the number of loops in the secondary coil is equal to the 
ratio of the input AC voltage to the output AC voltage In equation form this relationship is: 


"AME" IS ALSO THE COMMAND FORM OF THE SPANISH/LATIN VERB "TO LOVE" 


* 


"ERI" OR "ARI" IS A HEBREW TERM FOR "LION" 


* 


"RICA" IS THE FEMININE FORM OF THE SPANISH WORD FOR "RICH" 


* 


"KA" IS THE ANCIENT EGYPTIAN WORD FOR SOUL, OR SPIRIT FORCE WITHIN A BODY 


THERE ARE TWO LAYERS OF MEANINGS. 


THE ANCIENT HEBREW/EGYPTIAN TRANSLATES TO SAY, 
"THE PEOPLE OF THE LION WITH SPIRIT FORCE" 


HENCE, THE PYRAMID AND ALL-SEEING EYE ON THE ONE-DOLLAR BILL. THE LATINIZED VERSION 
TRANSLATES TO SAY, "LOVE RICHES", IN A FEMINIZED/PHYSICAL REALITY WAY. THIS GIVES AN 
IDEA OF WHAT THEY HAD IN MIND. 


TAKE THIS A STEP FURTHER, AND ONE SEES THE MIXTURE OF THE FEMININE LATIN/EAGLE IDEAS 
WITH THE MASCULINE HEBREW/LION IDEAS. THE SYMBOLIC STATEMENT OF AMERICA IS THAT IT IS 
A COMBINATION OF LEMURIA AND ATLANTIS; A BLEND OF THE HUMAN/LYRAE WITH 
REPTILIAN/DRACO. PERHAPS THE ANAGRAM LSD, AN ILLUMINATI CREATED DRUG, HAS A HIDDEN 
MEANING AS WELL: LYRAE-SIRIUS-DRACO! 


THE COMBINATION OF THESE THREE CIVILIZATIONS WOULD PRODUCE THE MOST POWERFUL, 
TECHNOLOGICAL EMPIRE EVER KNOWN! 


IN 1776, THE CREATION OF THE UNITED STATES AS AN INDEPENDENT NATION COINCIDED WITH THE 
DECLARATION INTO PUBLIC EXISTENCE OF THE OFFICIAL ILLUMINATI ORGANIZATION BY MEMBER 
ADAM WEISHAUPT, IN BAVARIA. PUBLICLY, MR. WEISHAUPT APPEARED TO BE DETERMINED TO 
CREATE AN ORGANIZATION COMPRISED OF THE EUROPEAN ELITE THAT WOULD UPLIFT MANKIND. 


OF COURSE, THIS WAS PART OF AN ILLUMINATI GLOBAL CEREMONY. THE CREATION FOR THE 
UNITED STATES AND THE ILLUMINATI GLOBAL CEREMONY. THE CREATION OF THE UNITED STATES 
AND THE ILLUMINATI ORGANIZATION WERE ARTIFICIAL BEGINNINGS FOR PUBLIC CONSUMPTION. 
THE UNITED STATES WAS THE DEVICE TO BE USED TO BRING THE ILLUMINATI INTO PUBLIC 
ACCEPTANCE. CURRENT ILLUMINATI MEMBERS BELIEVE THAT ADAM WEISHAUPT WAS A LOOK- 
ALIKE FOR GEORGE WASHINGTON, AND IT IS ACTUALLY WEISHAUPTS IMAGE THAT APPEARS ON 
THE ONE-DOLLAR BILL. 


GEORGE WASHINGTON WAS A WEALTHY SLAVE AND PLANTATION OWNER. HE IS KNOWN TO HAVE 
RAPED SOME OF HIS FEMALE SLAVES AND USED SOME OF THE MALE SLAVES IN RITUALISTIC 
CEREMONY. THERE ARE MANY PEOPLE OF THE BLACK RACE WHO CAN LITERALLY TRACE THEIR 
GENETICS TO THE FOUNDING FATHERS. GEORGE WASHINGTON ALSO ORDERED THE BUILDING OF 
THE MONTAUK LIGHTHOUSE IN 1796. THIS LIGHTHOUSE INCLUDED AN UNDERGROUND AREA FOR 
SUPPLY STORAGE IN CASE OF A BRITISH COASTLINE INVASION. IF HE HAD ONLY KNOWN WHAT 
THAT AREA WOULD BECOME - OR DID HE? 


THE 13 RULING ILLUMINATI FAMILIES CONSTANTLY VIE FOR CONTROL AMONGST THEMSELVES. 


DURING THIS TIME PERIOD, THE SPANISH, BRITISH, AND FRENCH ILLUMINATI ALL FOUGHT TO WIN 
CONTROL OVER NORTH AND SOUTH AMERICA. THE ROTHSCHILDS KEPT THESE ILLUMINATI 
FACTIONS IN LINE BY SENDING HESSIAN TROOPS TO MONITOR THE SITUATION. THE LEADERS 
ENJOYED THESE WAR GAMES, PITTING ONE AGAINST THE OTHER TO SEE WHO WOULD WIN. THE 
HUNDREDS OF THOUSANDS OF LIVES LOST WERE MEANINGLESS TO THEM. 


THE MANIFEST DESTINY OF THE UNITED STATES WAS CREATED TO EXPAND THE TERRITORY OF THE 
ARYANS AT THE EXPENSE OF THE NATIVE POPULATIONS. AS ALWAYS, THE ILLUMINATI SEEK TO 
DESTROY NATIVE PEOPLES AND THEIR CULTURES. THIS IS AN ATTEMPT TO DESTROY THEIR 
KNOWLEDGE OF GOD-MIND, AS WELL AS THE POSSIBILITY THAT THE NATIVES WILL IMPART THIS 
INFORMATION ON TO OTHERS. 


ESPECIALLY IMPORTANT IS THEIR NEED TO ELIMINATE NATIVE CULTURES WITH ANCIENT 
KNOWLEDGE OF ATLANTIS AND LYRAE. 


THE NATIVES THAT GAVE THEM THE MOST PROBLEM WERE THE CHEROKEE INDIANS BECAUSE THIS 
TRIBE RETAINED MOST OF THEIR ATLANTEAN KNOWLEDGE, EVEN ACCESSING THE BEAR/BIGFOOT 
FREQUENCY FOR INFORMATION. FOR THIS REASON, THESE PEOPLE WERE UPROOTED FROM THEIR 
HOMELAND IN THE SOUTHERN APPALACHIAN MOUNTAINS, AND FORCIBLY MARCHED TO 
OKLAHOMA ON WHAT IS NOW KNOWN AS THE TRAIL OF TEARS. MANY DIED ALONG THE WAY. 
ONLY A REMNANT REMAINED IN NORTH CAROLINA, TENNESSEE, AND GEORGIA. IN THE NORTH, THE 
VAST IROQUOIS/MOHAWK NATION WAS DISBANDED. THE MONTAUK, DIRECT DESCENDENTS OF THE 
ATLANTEANS WHO CALL THEIR LEADER PHARAOH, WERE SYSTEMATICALLY ELIMINATED. 


THE ROTHSCHILDS WERE AGGRESSIVELY INVOLVED WITH THE SLAVE TRADE FROM AFRICA, 
IMPORTING SLAVES TO NORTH AND SOUTH AMERICA AS WELL AS THE CARIBBEAN. THEY WERE 
VERY CAREFUL NOT TO IMPORT BLACKS FROM THE EASTERN AREAS OF ETHIOPIA OR SUDAN 
WHERE THE DESCENDENTS OF SOLOMON WERE LOCATED, INSTEAD CONCENTRATING ON WESTERN 
AND CENTRAL AFRICA FOR THE SLAVE POPULATIONS. THESE AREAS HAD THE PURE MIXTURE OF 
ANUNNAKI AND SIMIAN GENETICS, AND THE PROGRAMMING DESIRABLE FOR THE ILLUMINATI 
AGENDA. 


THE ROTHSCHILDS DECIDED THAT SPLITTING THE UNITED STATES COLONIES WOULD DOUBLE 
THEIR PROFITS. SO THEY POLITICALLY CREATED, AND FINANCIALLY SUPPORTED, THE CIVIL WAR. 
THE CIVIL WAR WAS ACTUALLY A GLOBAL CEREMONIAL RITUAL TO BRING SLAVERY TO ITS NEXT 
LEVEL. 


THIS WAR ALLOWED THE NORTH TO WIN, AND PUBLICLY ABOLISH SLAVERY. THE BEST SLAVES ARE 
THE ONES WHO DO NOT REALIZE THAT THEY ARE SLAVES. THIS ALLEVIATES REBELLION AND 
RESISTANCE. THIS WAS THE STATUS IMMEDIATELY FOLLOWING THE CIVIL WAR. BLACKS IN THE 
SOUTH ARE STILL SLAVES. THERE IS STILL SEGREGATION, EVEN IN THE NORTH. THE ILLUMINATI 
STILL CONSIDER BLACKS TO BE SECOND OR THIRD CLASS CITIZENS. ONLY NOW THE SLAVERY IS 
SUBTLE AND MASKED. 


SINCE THE CIVIL WAR, THERE HAVE BEEN OTHER STAGED WARS THAT ENTRENCHED THE TREND 
TOWARD GLOBALIZATION. THE SPANISH-AMERICAN WAR OF 1898-1899 ACQUIRED MORE LAND FOR 
THE AMERICAN ILLUMINATI, PLACING A GREATER PORTION OF THE EARTH’S SURFACE UNDER 
AMERICAN JURISDICTION. WORLD WAR I WAS DESIGNED TO CHANGE THE MAP OF EUROPE AS WELL 
AS TEST GERM AND CHEMICAL WARFARE TECHNOLOGY FOR FUTURE USE. THIS COINCIDED WITH 
THE WORLDWIDE INFLUENZA OUTBREAK DESIGNED TO REDUCE THE GLOBAL POPULATION, 
MAKING CONTROL EASIER. WORLD WAR I ALSO LAID THE FOUNDATION FOR THE GERMAN ROLE IN 
THE NEXT WAR. 


WORLD WAR II WAS A TEST OF THE FINAL GLOBALIZATION AND EXTERMINATION PROJECTS. IT WAS 


ALSO DESIGNED TO TEST MIND-CONTROL MACHINATIONS; TO TEST THE USE OF FLUORIDE WHICH 
DEADENS BRAIN ACTIVITY AND SLOWS RESISTANCE TO AUTHORITY; TO EXPERIMENT WITH SLAVE 
LABOR CAMPS AND STUDY THE DEVELOPMENT OF RESISTANCE; AND TO TEACH THE MASSES TO 
SPY AND REPORT ON ONE ANOTHER. 


WORLD WAR II BROUGHT THREE PRIMARY GOALS OF THE ILLUMINATI TO FRUITION. 


* 


THE FIRST WAS THAT HIDDEN ILLUMINATI SYMBOLISMS WERE BROUGHT TO PUBLIC ATTENTION 
FROM THE UNDERGROUND STRONGHOLDS IN TIBET AND EGYPT, SUCH AS THE SWASTIKA AND THE 
ANKH. 


* 


THE SECOND WAS THE CREATION OF THE STATE OF ISRAEL AS A FOUNDATION FOR THE NEW 
WORLD RELIGION. 


* 


THE LAST WAS THE CREATION OF NUCLEAR WEAPONS AS PART OF THE ILLUMINATI GLOBAL 
CEREMONY. 


DURING WORLD WAR IL, THE GERMANS HELPED TO PERFECT "SEX-SLAVES" AS A MEANS OF 
TRANSMITTING INFORMATION AMONGST THE ELITE. SEX-SLAVES CAN BE EITHER MALE OR 
FEMALE, WHO ARE SEXUALLY PROGRAMMED USING WILHELM REICH PROCEDURES, WHICH ARE 
ILLEGAL IN THE UNITED STATES, BUT USED BY THE ILLUMINATI AND GOVERNMENT. 


THESE SEX-SLAVES DELIVER MESSAGES AND KEEP PROGRAMMED SLEEPERS IN LINE. THE SEX- 
SLAVE IS DOWNLOADED WITH A MESSAGE OR FUNCTION THROUGH VARIOUS SEXUAL ACTS AND 
DRUGS, WHICH CAN ONLY BE RELEASED BY REPEATING THE SAME SEXUAL ACT WITH THE TARGET, 
OR PERSON, TO BE ACTIVATED. THEY ARE TRAINED TO KNOW THEIR TARGET’S TRIGGER WORDS 
AND TRIGGER EVENTS TO ACTIVATE, DELETE, OR CHANGE PROGRAMMING. 


IN RECENT YEARS, SEVERAL WOMEN HAVE COME FORWARD CLAIMING TO BE THE SEX-SLAVES OF 
GLOBALLY RECOGNIZED POLITICAL FIGURES. MANY WERE USED AS INFORMATION COURIERS 
BETWEEN HIGH-LEVEL MALE ILLUMINATI. USUALLY, LOOK-ALIKES OF THE POLITICAL FIGURES ARE 
USED IN THE INCIPIENT PROGRAMMING AS A FOCAL POINT FOR THE SEX-SLAVE. THE SLAVE IS PUT 
THROUGH A DESENSITIZING PROCESS, SO THERE IS NO PLEASURE IN THE SEXUAL ACT; IT IS MERELY 
A DUTY TO BE PERFORMED. MANY TIMES THE SLAVE BECOMES SEXUALLY PROMISCUOUS, 
REPEATEDLY HAVING SEX WITH PEOPLE WHO LOOK LIKE THE INTENDED TARGET. IT IS A SAD LIFE. 





BY THE END OF WORLD WAR IL, ONE OF THE THREE MAJOR ILLUMINATI GLOBAL RITUALS WAS 
ACCOMPLISHED. 


THIS WAS THE NUCLEAR EXPLOSION THAT TOOK PLACE IN 1945 AT THE 33RD PARALLEL AS A TEST 
FOR THE NUCLEAR ATTACK ON JAPAN. THIS EXPLOSION WAS SYMBOLIC, REPRESENTING THE 
SIMULTANEOUS CREATION AND DESTRUCTION OF MATTER AND ENERGY. THE YEAR WAS 
SYMBOLIC AS WELL. IN NUMEROLOGY, 1 + 9 = 10, REPRESENTING THE 10 ASPECTS OF GOD-MIND. 
THE NUMBER 10 FURTHER BREAKS DOWN TO 1 + 0 = 1, REPRESENTING A NEW BEGINNING. 
CONTINUING, 4 + 5 = 9, REPRESENTING THE END OF A CYCLE. 


SYMBOLICALLY, THE ENTIRE EVENT REPRESENTED THE END OF A CYCLE TO PREPARE FOR A NEW 
BEGINNING USING THE NEW CREATION OF GOD-MIND OUT OF DESTRUCTION. 


ADDITIONALLY, A CYLINDER CONTAINING MATERIAL STILL NOT EXPLAINED BY THE GOVERNMENT 


WAS TRUCKED INTO THE NUCLEAR EXPLOSION TESTING. THIS CYLINDER WAS MADE FROM PURE 
STEEL AND ALLEGEDLY WAS THE SAME PHYSICAL DIMENSIONS AS THE KABALA DESCRIBES FOR 
THE CREATION OF GOLEMS. KABALA IS ANCIENT HEBREW METAPHYSICS THAT HAS BEEN A STAPLE 
FOR THE ILLUMINATI FOR MILLENNIA. GOLEMS ARE ARTIFICIAL BEINGS THAT ARE USED AS A 
SLAVE FORCE. IT IS HIGHLY PROBABLE THAT THIS WAS A SYMBOLIC RITUAL FOR THE CREATION OF 
THE SOCIETY OF GOLEMS. 


WORLD WAR II ALSO ALLOWED THE EUROPEAN/AMERICAN ILLUMINATI TO DESTROY THE 
JAPANESE ILLUMINATI DESIRES OF GLOBAL DOMINATION. THE JAPANESE ROYAL FAMILY, 
REPRESENTED BY EMPEROR HIROHITO, HAVE ALWAYS BEEN OSTRACIZED AS NON-LEGITIMATE BY 
THE RULING 13 FAMILIES. THE JAPANESE CLAIM TO BE DIRECT DESCENDENTS OF LEMURIAN 
PUREBRED REPTILIANS. 


THE EUROPEAN/AMERICAN ILLUMINATI CLAIM THAT THE JAPANESE ILLUMINATI ARE 
DESCENDENTS FROM A LOWER SPECIES IN THE DRACO HIERARCHY. THIS LOWER SPECIES IS 
CONSIDERED A WORKER CLASS WITHOUT ANY POLITICAL CLOUT OR INFLUENCE. THE 
EUROPEAN/AMERICAN ILLUMINATI ALSO CLAIM THAT EAST INDIANS ARE A LOWER SPECIES IN THE 
DRACO HIERARCHY. THE 13 RULING FAMILIES CONSIDER LIGHT SKIN AND HAIR TO BE AN ELITE 
CHARACTERISTIC. 


ON JANUARY 17, 1994, JAPAN SENT A SEISMIC EVENT TO CALIFORNIA. EXACTLY ONE YEAR LATER 
ON JANUARY 17, 1995, THE CITY OF KOBE, JAPAN WAS SEISMICALLY DESTROYED. KOBE WAS THE 
HOME OF THE JAPANESE ELECTROMAGNETIC WEAPONRY CENTERS. THE EUROPEAN/AMERICAN 
ILLUMINATI WILL NOT TOLERATE THORNS IN THEIR SIDES. THE DESTRUCTION OF JAPAN AND ITS 
ROYAL FAMILY WILL CONTINUE IN THE COMING MONTHS. 


EVERY YEAR, THE ILLUMINATI HOLD MEETINGS TO PLAN THE EVENTS OF THE COMING YEAR TO 
ACCOMPLISH THEIR MAIN OBJECTIVE FORMULATED MILLENNIA AGO OF GLOBAL CONTROL AND 
DOMINATION. IN THE 1850S, THEY PINPOINTED THEIR TARGET DATE FOR COMPLETE DOMINATION 
WITH AN AGENDA CALLED PLAN 2000. 


THIS HAS SINCE BEEN REVISED TO 2003. THE FIASCO ELECTION OF GEORGE W. BUSH JR. TO OFFICE IS 
A KEY SIGN THAT THEY ARE ON TARGET. THE PUBLIC LESSON OF THE UNITED STATES 
PRESIDENTIAL "ELECTION" OF 2000 IS THAT THE CITIZENS DO NOT VOTE FOR ANYONE! 


EVEN THE ILLUMINATI ARE NOW FINDING IT INCREASINGLY DIFFICULT TO CONCEAL THEIR PLANS. 


GO BACK 


DRACO 
P.158 


CREATED BY AN ET GROUP, THE CREATORS TRAVELED BACK IN TIME AND SPACE WITH GENETIC 
MATERIAL TO SUPPORT THE DISINTEGRATION OF THE LYRAEN CIVILIZATION. WITH SEVEN 
DIFFERENT TYPES OF DRACO RACES, THE LEADER GROUP IS A SEVEN TO EIGHT FOOT TALL WINGED 
REPTILIAN-TYPE CREATURE. ABOVE IS PICTURED A WARRIOR USED TO CONQUER AND OCCUPY A 
PLANET. THE SLENDER FOUR TO FIVE FOOT DRACO SIMILAR TO A LIZARD PERFORMS MENIAL TASKS 
AND AIDS IN ABDUCTIONS. 


HARSH, WARLIKE BEINGS WHO FEEL LITTLE EMOTION, THE DRACO HAVE NO REGARD FOR CULTURE 
OR OTHER BEINGS. MOST DRACO ARE ANDROGYNOUS AND REPRODUCE BY PARTHENOGENESIS, OR 
CLONING. ONE SPECIAL GROUP THAT IS COMPLETELY MALE CREATES HYBRID RACES THAT 
CONQUER OTHERS. 

THE EARTH'S MOON IS A DRACO PLANETOID PLACED IN ORBIT AEONS AGO DURING THE TIME OF 
THE LEMURIAN COLONIZATION. WITH THE INTENTION TO DIVIDE AND CONQUER, THEY ARE KNOWN 
TO BE BRUTAL, AS WITH RIGEL BY BOILING OCEANS, SCORCHING LANDMASSES, ETC. THE DRACO 
HAVE VAST UNDERGROUND BASES ON EARTH AND COLONIES ON VENUS. 


A SECOND MOON HAS BEEN STATIONED OVER THE EARTH. IT ARRIVE BEHIND THE HALE-BOPP 
COMET IN 1997. THESE ARE PURE REPTILIANS. 


THE HYBRIDS, ILLUMINATI, ARE IN CONTROL OF THE EARTH. 


GO BACK 


THERE FOLLOWS EXCERPTS FROM THE BOOK: 
MONTAUK - THE ALIEN CONNECTION 


BY STEWART SWERDLOW 
EDITED BY PETER MOON, EXPANSIONS PUBLISHING CO. 


COMMENTS IN ITALIC LETTERS ARE FROM DAN WINTER, THE REST IS A QUOTE DIRECTLY FROM THE 
BOOK-PAGES MENTIONED... 


P.36-40 
SPEAKING IN SUCCESSION FROM RIGHT TO LEFT, THE FIRST ONE WAS A LARGE REPTILIAN 


CREATURE WHO LOOKED LIKE A LIZARD STUFFED INTO A BLACK UNIFORM. HE SPOKE WITH A 
HISSING NOISE IN A LANGUAGE THAT SOUNDED GUTTURAL AND SEVERE. 


SIMULTANEOUSLY, I HEARD THE MEANING OF HIS WORDS IN MY HEAD. A MEMBER OF A VAST 


EMPIRE THAT SPANNED A LARGE PORTION OF THE GALAXY, HIS PEOPLE ARE ATTEMPTING TO 
OCCUPY ALL OF THE STAR SYSTEMS ON THE OUTER FRINGES OF THIS GALAXY, EVENTUALLY 
WORKING THEIR WAY INWARD. A DEFECTOR, HE NOW ADVISES THIS COUNCIL ON THE POSSIBLE 
ACTIVITIES OF THESE INVASION FORCES. 


ACCORDING TO THE LIZARD, THE EARTH WAS INVADED MANY THOUSANDS OF YEARS AGO BY AN 
ARMY OF HIS PEOPLE THAT ARRIVED IN A HUGE SHIP THAT IS NOW THE MOON OF EARTH. 


NUMEROUS SOURCES- INCLUDING WE UNDERSTAND NASA’S SEISMIC DATA - CONFIRM THE MOON IS 
A HOLLOW METAL FRAMEWORK, TOWED IN HERE, AND INFESTED INTERNALLY WITH GREYS AND 
DRACS 


ANOTHER SUCH SHIP IS ON ITS WAY, HE SAID, DESTINED TO ARRIVE BEFORE THE END OF THIS 
CENTURY (AS WE CALCULATE TIME). 


SEVERAL SOURCES - AMONG THEM ALEX COLLIER, HAVE INSISTED ARTIFICIAL PLANETOIDS - LIKE 
HALE BOPP’S TOW INS - WERE HEADED HERE IN COMET GRAVITY TAILS - FILLED WITH INVADING 
DRACOS. THE SUN CRUISERS IN THE SOLAR/MERCURY NEAR ORBIT - VISIBLE ON SEVERAL WEB 
SITES - ARE SAID TO BE EXAMPLES OF THESE. ALEX’S ANDROMEDAN MATERIAL SPECIFICALLY 
PREDICTED THE COMET WOULD DROP THE INVASION SHIPS IN A TEMPORARY NEAR MERCURY 
ORBIT. 


AFTER BEING DRIVEN OFF THE EARTH BY SETTLERS FROM THE LYRAEN EMPIRE, HIS PEOPLE WENT 
UNDERGROUND. 


MOST OF THE LEMURIAN EPOCH STORIES SUGGEST THAT THE END OF THE LEMURIAN CONTINENT 
WAS A WAR WITH A REPTILIAN RACE, WHICH THE HUMANOIDS WON AGAINST THE REPTILIANS - 
BUT AT THE COST OF THE ENVIRONMENT - FORCING THE HUMANOID SURVIVING REMNANT 
UNDERGROUND - WHERE THEIR BLOOD BECAME MORE RED AND DEPENDANT ON IRON TO BOND 
OXYGEN (AS OPPOSED TO THE HUMANOID REMNANT WHO FLED AT THAT POINT LARGELY TO 
SIRIUS AND PLEIADES WHERE THEY BECAME MORE BLUE/COPPER BLOOD.) 


THERE, THEY REMAIN IN STASIS UNTIL THEY ARE TO BE REACTIVATED BY THE INCOMING SHIP. 
THESE REPTILIANS ALSO MAINTAIN BASES ON VENUS AND ON SOME OF THE MOONS OF THE OUTER 
PLANETS. BECAUSE HIS PEOPLE ARE MALE ONLY, THEY CREATED FEMALES FOR THE SOLE PURPOSE 
OF BREEDING. DESPITE THIS, CLONING IS THEIR PRIMARY METHOD OF REPRODUCTION. IN 
CONCLUSION, THE LIZARD ADDED THAT I WOULD SOMEDAY CONVERT HIS PEOPLE TO THE LIGHT 
BECAUSE MY SOUL WAS AN EMISSARY TO THEM MANY YEARS AGO. REMEMBERING ME, THEY 
WOULD RESPECT WHAT I SAID TO THEM. 


THE NEXT ONE TO SPEAK WAS AN AMPHIBIAN-TYPE BEING WHO LOOKED VERY MUCH LIKE THE 
CREATURE FROM THE BLACK LAGOON. SLIMY AND MOIST, HIS BODY WAS COVERED WITH A SCALY, 
GREENISH-GREY SKIN. BREATHING HEAVILY, HIS THOUGHTS FLOODED MY BRAIN. HIS 
CIVILIZATION WAS THE ORIGINAL INHABITANT OF EARTH BEFORE THE OTHERS ARRIVED. AT THAT 
TIME, EARTH WAS MOSTLY WATER AND MARSHES. DEVASTATED BY MANKIND AND ALIENS ALIKE, 
THERE REMAIN ONLY A FEW POCKETS OF HIS PEOPLE AT THE DEEPEST DEPTHS OF THE OCEANS. 


FROM TIME TO TIME THEY COME TO DRY LAND TO SUN THEMSELVES, THUS CREATING THE BASIS 
FOR THE LEGENDARY MERMAIDS AND MERMEN. THIS SPECIES WORKED CLOSELY WITH THE 
ATLANTEANS BEFORE THAT CONTINENT SANK. THEY SERVED AS LIAISONS BETWEEN MANKIND 
AND THE WHALES AND DOLPHINS. HE SAID THAT THESE SEA MAMMALS ARE ADVANCED RACES 
FROM ANOTHER GALAXY. MOST OF HIS PEOPLE WERE LIFTED OFF-WORLD TO UNDERGROUND 
OCEANS ON NEPTUNE. THIS MANEUVER WAS FACILITATED BY BENEVOLENT ET GROUPS. 
CONTINUING, HE TOLD ME THAT I HAVE DOLPHIN DNA; THEREFORE, I COULD LEARN TO 
COMMUNICATE WITH HIS SPECIES IN ORDER TO HELP MANKIND AND THE DOLPHIN/WHALE 
SYSTEMS. 


NEXT, A BEING ON THE OPPOSITE SIDE OF THE TABLE SPOKE. LOOKING LIKE A SMALL DARK-HAIRED 
HUMAN, HIS EYES WERE SO DARK THAT THEY ALMOST SHINED. HIS EYES SEEMED TO PIERCE RIGHT 
THROUGH MY OWN, AND I FOUND IT DIFFICULT TO LOOK AT HIM. CLAIMING TO REPRESENT THE 
FEDERATION OF PLANETS OF THIS GALAXY, HE SAID THAT THERE ARE OVER 120 DIFFERENT 
MEMBER CIVILIZATIONS. SOMEDAY, EARTH WILL BE ASKED TO JOIN, BUT ONLY IF THEY ARE 
SUCCESSFUL IN REPELLING THE INVASION FORCE. OTHERWISE, EARTH COULD BECOME A TARGET 
BY THE FEDERATION UNTIL THE REPTILIANS ARE REMOVED. 


THIS DARK-HAIRED HUMAN SAID THAT I WAS SELECTED TO SPEAK WITH ALL OF THESE ALIENS 
BECAUSE EACH SPECIES HAD CONTRIBUTED TO MY DNA CREATION. I WAS MADE FOR THE EXPRESS 
GENETIC PURPOSE OF BELONGING TO MANY DIFFERENT GROUPS. BECAUSE OF THAT, EACH GROUP 
WOULD BE MORE WILLING TO LISTEN TO ME AND ACCEPT MY IDEAS SINCE I PARTIALLY BELONGED 
TO THEM. 


CONTINUING, HE SAID THAT MY SOUL-PERSONALITY HAD AGREED TO THIS MISSION LONG AGO, 
UNDERGOING TRAINING IN MANY GALAXIES AND ALTERNATE UNIVERSES. HE SAID THAT MUCH OF 
WHAT THEY TOLD ME NOW WOULD STAY HIDDEN IN MY CELLULAR MEMORY UNTIL EACH PIECE OF 
INFORMATION BECOMES NECESSARY. FUTURE HARDSHIPS AND SADNESS WOULD CONDITION ME 
FOR MY MISSION. NOT WANTING TO HEAR ANY OF THIS, I TENSED UP TO THE POINT OF VOMITING. 
THE NEXT THING I REMEMBER, I WAS STILL IN THE CHAIR WITH ANOTHER BEING TALKING TO ME. 


THIS CREATURE WAS A PALE GREYISH-WHITE. HE POSSESSED LARGE, ROUND, BLACK EYES AND A 
LONG NOSE. A SHORT CURTAIN OF MATERIAL DRAPED AROUND THE BACK OF HIS LARGE HEAD. HIS 
THIN MOUTH DID NOT MOVE AS HE SPOKE WORDS INSIDE MY HEAD. WITH A HARSH ATTITUDE, THIS 
GREY CLAIMED TO BE FROM THE RIGEL STAR SYSTEM. ALTHOUGH HE DID NOT WANT TO BE PART 
OF THIS MEETING, HIS OVERLORDS INSISTED THAT HE ATTEND IT. HIS JOB WAS TO MONITOR THE 
PROCEDURES SINCE I WAS ONCE A PART OF THEIR RACE, TOO. 


HIS HOME WORLD WAS ONCE PART OF THE LYRAEN CIVILIZATION. AFTER THAT CULTURE 
DISINTEGRATED, THE REPTILIANS INVADED HIS PLANET. NOW HIS PEOPLE ARE PART OF THAT 
EMPIRE AND AS SUCH, DO THEIR BIDDING. FROM TIME TO TIME HE WOULD SEND HIS WORKERS, 
SMALLER GREY CREATURES, TO CHECK UP ON ME. MOST OF THE TIME I WOULD NOT REMEMBER IT 
EXCEPT AS A BAD DREAM. 


MICHAEL ASH - THE SUPPOSED CHIEF TIME EMPATH FROM MONTAUK - HAD DESCRIBED TO ME HOW 
UNPLEASANT AND INTERVENTIONIST THE MANY RIGELIANS WERE - WHO HE ENCOUNTERED AT 
MONTAUK. ALSO NOTABLY IN THE BUEHLER/THOTH MATERIALS- THOTH (SON OF 
ENKI/ADONAI/RA/HERMES) INSISTS HIS BLOOD IS BLUE/BLACK BECAUSE HE WAS FROM RIGEL IN 
ORION. I SUSPECT THIS WAS THE ANCESTRAL FAMILY OF ENKI/RA’S MOTHER AIDA WHO WAS 


WINGED DRAC.. "PTAH TAAL" . 


(THOTH - NUBIAN - BLUE BLACK BLOOD - WAS THE REASON THE ORIGINAL NAME FOR EGYPT WAS 
KHEM - WHICH MEANS FROM THE BLACKNESS - THE TERM ALCHEMY THEREFORE MEANS- SCIENCE 
OF MAKING BLACK HOLES. IT WAS THOTH - HERMES FAMILY WHO IMPREGNATED AKSENPATEN - 
WHICH BECAME THE TUT/MAGDALEN STORY - AND BLACK MADONNA). IN ALEX COLLIER - 
ANDROMEDAN PAPERS (DEFENDING SACRED GROUND - ETC.) 


READ ABOUT THE ORIGIN OF THE TERM PTAH IN EGYPT (RA /ENKI’S LINE ) FROM THE TERM PTAH 
TAAL - MEANING 11TH DIMENSIONAL OR BIRD TRIBE - BUT MORE PROBABLY WINGED DRAC OR 
CIAKAR OR MOTHMAN - THE SOURCE OF THE PSYCHOKINESIS IN THE DNA - ENKI - RA - ABRAHAM - 
USED IN HIS OWN SPERM TO MAKE ADAM AND EVE FERTILE. 


THERE WOULD COME A TIME WHEN THESE GREYS WOULD BE AT WAR WITH SOME OF THE WORLDS 
REPRESENTED AT THIS MEETING. MY JOB WOULD THEN BE TO MONITOR THE ACTIVITIES AND 
REPORT THE FINDINGS TO MY CONTROLLERS. MY BODY CONTAINS CHEMICALS NEEDED BY HIS 
RACE. THE GREY SAID THAT HIS RACE ALSO LOOKED HUMAN UNTIL WAR CONTAMINATED THEIR 
ENVIRONMENT, GENETICALLY DEGENERATING THEM. MY BODY WAS PRESENTED TO THEM AS A 
TEMPORARY TOKEN OF HOPE AND PEACE. 


ALLOWED TO USE MY GENETICS FOR THE PURPOSE OF UPGRADING THEIR DYING SPECIES, THEY 
COULD NOT PURPOSEFULLY HARM ME, PERMANENTLY KIDNAP ME, OR ALLOW ME TO REMEMBER 
WHAT THEY DID TO GET WHAT THEY NEEDED FROM ME. THESE WERE THE RULES THAT ALL ABIDED 
BY TO KEEP THE STATUS QUO WHILE AT THE SAME TIME BENEFITING FROM MY CREATION. 


IF MY MISSION FAILED, OR IF ANY OF THE PARTICIPANTS IN THIS PROJECT NO LONGER WISHED TO 
CONTINUE, THEN I WOULD BE REMOVED TO A SAFE PLACE WHILE THE OTHERS FOUGHT AMONGST 
THEMSELVES, POSSIBLY EVEN ON THE SURFACE OF THE PLANET EARTH. FINALLY, HE TOLD ME 
THAT HIS PEOPLE MERELY WISHED TO CORRECT THE ERRORS COMMITTED AGAINST THEM IN 
ORDER TO EVOLVE. THEY WISHED TO BECOME INDEPENDENT OF THE REPTILIANS AND RECREATE 
THEIR OLD CIVILIZATION BEFORE IT WAS TOO LATE. THEIR DILEMMA WAS THAT, IF THEY 
ATTEMPTED THIS, THEY WOULD BE DESTROYED COMPLETELY BY THEIR MASTERS. ON THE OTHER 
HAND, IF THEY CONTINUED WITH THEIR MASTERS ORDERS, THEY WOULD BE TARGETED BY THE 
FEDERATION PLANETS. BECAUSE THEY FELT HOPELESS, THEY LOOKED OUT ONLY FOR 
THEMSELVES. 


AT THIS POINT, THE LAST BEING AT THE COUNCIL TALE, WHO SAT IN THE MIDDLE, INTERRUPTED 
THE RIGELIAN. THIS BEING WAS VERY TALL. STANDING UP, HE RAISED HIS ARMS TO EITHER SIDE. 
THE BEAUTIFUL WHITE ROBE HE WORE WAS TRIMMED IN A BLUE THAT I HAD NEVER SEEN BEFORE. 
HIS LARGE HEAD WAS ROUND ON TOP WITH A POINTED CHIN. STANDING WITH HIS ARMS 
OUTSTRETCHED, HE REMARKABLY RESEMBLED A LIVING ANKH. HIS OVAL EYES WERE BRILLIANT 
BLUE; HIS SKIN IVORY WHITE. BY FAR, HE WAS THE MOST IMPRESSIVE BEING AT THIS GATHERING. 


WHEN HIS THOUGHTS FILLED MY HEAD, I COULD NOT EVEN THINK OF MY OWN NAME! AS HE 
SPOKE, ISAW WORDS IN A STRANGE LANGUAGE SWIRLING ETHEREALLY AROUND HIS HEAD. 


SEQUENCES OF BRAIN CORTEX CHARGE DOMAINS IN COMPRESSION SYMMETRY - ORIGIN OF 
ANCIENT ALPHABETS - (COMPARE- HEBREW - THE SOFTWARE ENVIRONMENT FOR A CENTRAL BORG 
COMPUTER DOING GENETIC INTERVENTION - VERSUS OPHANIM - BIRD TRIBE- ORIGIN OF STARGATE 
THE MOVIE).. AND PHYSICS SYMMETRY ELEMENTS OF CREATION. 


HE TOLD ME HIS NAME, BUT I CANNOT REMEMBER IT. COMING FROM THE PLANET KHOOM IN THE 
BINARY SIRIUS STAR SYSTEM, HIS PEOPLE WERE DESCENDENTS OF NON-PHYSICAL BEINGS WHO 
INHABITED HYPERSPACE, A REGION OF CONSCIOUSNESS EXISTING OUTSIDE OF LINEAR TIME AND 
SPACE. THEY CREATED THE ANCIENT EGYPTIAN CIVILIZATION AS WELL AS THE JEWISH PEOPLE 
AND GAVE THEM THE TORAH. THE CRYSTAL SKULL WAS THEIR CREATION, AND THEY WERE IN 
CHARGE OF MANY EVENTS IN THE GALAXY AND BEYOND. MY SOUL-PERSONALITY WAS FROM HIS 
PEOPLE BECAUSE IT WAS THE ONLY TYPE ADVANCED ENOUGH TO ANIMATE SUCH A HYBRID BODY 
AS MY OWN. 


POSSESSING THE MOST ADVANCED TECHNOLOGY IN THE UNIVERSE, ALL THE OTHER SPECIES CAME 
TO THESE SIRIANS FOR INFORMATION. NOW, AS AN ADULT, I REALIZE THAT THIS GROUP ALSO 
PLAYS ONE CIVILIZATION AGAINST THE OTHER TO BENEFIT EVOLUTION AS WELL AS THEIR OWN 
SPECIES. 


WE KNOW ENKI/ENLIL (ADONAI/LUCIFER - VERSUS YAHWEH/MICHAEL) FATHER WAS MOST LIKELY 
FROM SIRIUS. IN A HOLDOUT POSITION TRYING TO SAVE THE LAST HUMANOID REMNANT AGAINST 
THE ONSLAUGHT OF THE BORG MACHINE EMPIRE (EMPIRE STRIKES BACK BECOME REAL). WE 
SUSPECT HE (ANTU / OR BIKI AS THE ABOS CALL HIM- LITERALLY SUN GOD / AN ) WAS HALF 
MACHINE - BUT NOT HAPPY ABOUT THAT (CORRECT HISTORY DESCRIBING MUAB DIB’S FATHER 
LINE - HARKONEN - HALF MACHINE IN DUNE - AND LUKE SKYWALKER’S FATHER DARTH VADER - 
HALF MACHINE IN STAR TREK - A PHYLLIS SCHLEMMER ORIGINATED STORY). 


WHAT IS CONFUSING IS THE ANDROMEDAN MATERIAL - HAS INSISTED SIRIUS A WAS NON- 
INTERVENTIONIST IN IT’S POLITICAL RELATION WITH EARTH - WHILE SIRIUS B WAS MORE 
INTERVENTIONIST (INTERFERE WITH INDIGENOUS GENEPOOLS WITHOUT REGARD TO THE PRIME 
DIRECTIVE). 


THIS NOTE HINTS THAT ALL THE GOOD DNA CALLED HEBREW - ACTUALLY DESCENDED FROM ENKI 
IN EGYPT (THE BOOKS: OUT OF EGYPT, & HOUSE OF THE MESSIAH & COPPER SCROLLS - PRESENT 
OVERWHELMING EVIDENCE - THE RABBI’S LIED ABOUT ISRAEL BEING MOSES ORIGIN - MOSES WAS 
THE NAME AKHANATON TOOK - WHEN ENLIL/AMUN - TOOK OVER EGYPT & WHILE HE SWIPED THE 
FAMILY GOLD TO FOUND THE ESSENES). 


THE THING MISSING HERE IS THE SOURCE OF THE GOOD SIRIAN DNA - WHICH IS ACTUALLY WINGED 
DRACONIAN... ENKI’S MOM. THE CRYSTAL SKULL WAS A DECADENT CONTROL DEVICE USED LATER 
BY A FALLEN MAG MATRILINY WHO LOST THE SKILL TO PASS RACIAL MEMORY IN A REAL SKULL 
TOUCH. - SEE ORIGINS OF BAPHOMET. 


8 - THE SIRIANS 
P. 77- 84 


THE APARTMENT IN HOLON BECAME MY HOME BASE. FROM THERE, I LEFT ON MANY TRIPS AROUND 
THE REGION, SOMETIMES FOR DAYS AT A TIME. 


ONE PARTICULAR ADVENTURE TOOK PLACE WHILE ON AN EXCURSION TO THE NEGEV DESERT IN 
THE SOUTH OF ISRAEL. I HAD JUST PASSED THE RESTRICTED AREA AROUND DIMONA, A TOWN 
WHERE ISRAEL HAS ITS SECRET NUCLEAR FACILITY. THIS PLACE IS GUARDED BY THE FALASHA, 
THE BLACK JEWS FROM ETHIOPIA WHO CLAIM TO BE DESCENDENTS OF KING SOLOMON AND THE 
QUEEN OF SHEBA. THE QUEEN SUPPOSEDLY RETURNED TO ETHIOPIA WITH THE ORIGINAL ARK OF 
THE COVENANT WHERE IT REMAINED FOR SAFEKEEPING UNTIL ONLY A FEW YEARS AGO. 


THE SO CALLED BLACK JEWS ARE THE REAL NUBIAN COPPER BLUE BLOODS KIDS OF ENKI/RA... 
SEED OF SEPHARTICS... NOT THE USURPING (ENLIL’S) ASHKANASI - INNANA DRAC DESCENDANTS - 
FOUNDERS OF CHINA AND BANK OF ENGLAND... IT IS NOT OVER TRIVIALIZING TO CHARACTERIZE 
THE CONTINUING DIALECTIC BY THE ENKI VS ENLIL HALF-BLOOD BROTHERS-LINES. 


KING SOLOMON WAS A POWERFUL MYSTIC (AKHANATON - WHOSE AMARNA-SOLAR CAPACITOR 
FOR IGNITING DNA BECAME THE SOLOMON TEMPLE MYTH). HIS ADVISORS ALWAYS DISCUSSED THE 
FUTURE WITH HIM. IT IS BELIEVED THAT HE WAS WARNED OF A FUTURE TIME WHEN ISRAEL 
WOULD BE OVERRUN WITH EVIL FOREIGNERS. (ASHKANAZI - WHO NOW FLY THE ALPHA DRACONIS 
FLAG - THE HEX DOUBLE TRIANGLE - OVER ISRAEL - ALSO HAPPENS TO BE THE SHAPE OF THE 
INTERVENTIONIST DRACO CRAFT COMING TO INVADE). THE HOLY ARK OF THE COVENANT WOULD 
MOST LIKELY BE A PRIME TARGET. 


I BELIEVE THAT SOLOMON, IN ALL HIS WISDOM, DECIDED TO HIDE THE REAL ARK OF THE 
COVENANT IN A PLACE WHERE NO ONE WOULD THINK TO LOOK. CONVENIENTLY, THE QUEEN OF 
SHEBA WAS LOOKING FOR A MAJOR TOKEN OF FAITH AND AFFECTION FROM HER CURRENT LOVER. 
SOLOMON SENT THE ARK BACK WITH HER TO ETHIOPIA AND MADE A FACSIMILE FOR THE PUBLIC 
TO VIEW. 


THE ARK OF THE COVENANT IS A FRACTAL SELF SIMILAR CAPACITOR (ORGONE’) WITH ENOUGH 
IMPLOSIVE COMPRESSION TO PARTIALLY SAFELY CONTAIN RADIOACTIVE POWER. (RADIOACTIVITY 
IS THE OPPOSITE OF FRACTAL CHARGE COMPRESSION - WHICH IS WHY URI GELLER COULD MEAN... 


IN ORDER TO SOLIDIFY HIS TRUST FOR SHEBA AND THE ARK, SOLOMON SAW TO IT SHE HAD HIS 
CHILD SO THAT SHE WOULD ALWAYS FEEL AN OBLIGATION TO HER CHILD'S PEOPLE. HIS WAS THE 
PERFECT PLAN. 


THE QUEENS DESCENDENTS BECAME THE FALASHA, A NUMEROUS FACTION IN ETHIOPIA. AT ONE 
TIME, IT IS BELIEVED THAT THERE WERE OVER 500,000 FALASHA IN ETHIOPIA. IN FACT, HEILE 
SALASSIE, THE RULER OF ETHIOPIA UNTIL A MILITARY COUP TOPPLED HIS REGIME, CALLED 
HIMSELF THE LION OF JUDAH. 


THE ISRAELI MOSSAD, OR INTELLIGENCE AGENCY, HELPED THE PROVINCE OF ERITREA BREAK 
AWAY FROM ETHIOPIA BECAUSE THE ARK WAS HIDDEN THERE AND THE MILITARY GOVERNMENT 


Full Circuit Recap 


The preceding sections of this article show that the transformer, the rectifier and the capacitor are all that 
are required for a basic AC-DC converter. This final picture and schematic shows the end to end voltage 





AC Source Transformer Rectifier Capacitor Load 
Vrectifier . Vout 


Vac _  Vsecondary 


Figure 14. AC Adaptor, Schematic and Voltages 


From this picture it looks like we get a reasonably steady DC output voltage given a 120Vaye AC input 
voltage (note that the output is unregulated, so with no load, the DC voltage is actually higher than the rated 
12). For this 20 watt AC-DC converter, as long as the voltage ripple is meeting your specifications, there is 
not much more that you need to worry about. However, as mentioned earlier, there can be problems at 
higher powers due to the large in-rush current to the capacitor as it is recharged. These problems will be 
analyzed in part 2 of the rectifier investigation 


REFUSED TO COOPERATE WITH THE ISRAELIS. CONSEQUENTLY, THE ISRAELIS CREATED THEIR OWN 
COUNTRY WITH WHOM TO NEGOTIATE. THE ARK WAS SUCCESSFULLY TRANSFERRED TO THE HOLY 
LAND AT THE SAME TIME THE MILITARY GOVERNMENT OF ETHIOPIA ALLOWED THE ISRAELIS TO 
AIRLIFT ALL OF THE REMAINING FALASHA OUT OF ETHIOPIA. A STRANGE TURN OF EVENTS, BUT 
ONE THAT PORTENDS THE COMING OF THE MESSIAH FOR THE JEWS. 


IT WAS NEAR DIMONA THAT I WAS ABDUCTED BY THE SIRIANS FOR A MAJOR ADVENTURE. AS I 
WALKED AROUND SOME ROCK FORMATIONS THAT JUTTED UP OUT OF THE DESERT, THE SUN WAS 
HOT AND THE AIR EXTREMELY DRY. PERSPIRATION EVAPORATED IN A MANNER OF SECONDS AFTER 
APPEARING ON MY SKIN. SUDDENLY, A TREMENDOUS FLASH OF LIGHT BLINDED ME. RAISING MY 
HANDS TO SHIELD MY EYES, I REALIZED THAT THERE WERE NO SOUNDS AROUND ME; IN FACT, 
THERE WAS AN EERIE SILENCE ALL ABOUT. 


OPENING MY EYES, I FOUND MYSELF IN A GREAT ROOM THAT RESEMBLED AN ANCIENT GREEK OR 
ROMAN THRONE ROOM WITH HUGE COLUMNS AND A SCREEN ON THE WALL. LIGHTING WAS 
SUBDUED AND WITHOUT A VISIBLE SOURCE. THERE WERE NO WINDOWS OR DOORS. FROM A SPACE 
NEAR THE SCREEN, A TALL SIRIAN DRESSED IN A WHITE AND BLUE ROBE APPEARED. HE WAS 
NEARLY IDENTICAL TO THE SIRIAN I HAD SEEN AS A CHILD. ABOUT SEVEN-FEET TALL, HIS SKIN 
WAS PALE. HE HAD LARGE POINTED EARS, A LONG POINTED NOSE, AND BIG, BLUE ALMOND-SHAPED 
EYES. 


HIS MOUTH AND LIPS WERE VERY SMALL. HIS FINGERS APPEARED LONG AND GRACEFUL AS HE 
STOOD IN FRONT OF ME WITH OUTSTRETCHED ARMS. THE WAY HIS ROBE TOUCHED THE FLOOR, 
COMBINED WITH THE SHAPE OF HIS ELONGATED HEAD, HE LOOKED EXACTLY LIKE A LIVING ANKH! 
WHAT A BEAUTIFUL SIGHT! I FELT NO FEAR BECAUSE I HAD SEEN ONE BEFORE AND FELT AT HOME 
WITH IT. THE SCREEN CAME ON BEHIND HIM AND ALLOWED ME TO SEE THE OUTLINE OF EARTH AS 
WE MOVED SWIFTLY AWAY FROM IT IN SOME SORT OF A CRAFT HEADING TOWARD MARS. IN THAT 
ROOM, THERE WAS NO SENSATION OF MOVEMENT. IT FELT SOFT AND COMFORTABLE EVEN MORE 
COMFORTABLE THAN HOME. 


THE BEING MOVED FORWARD AND SMILED, TELEPATHICALLY WELCOMING ME. THROUGH HIS 
THOUGHTS, HE TOLD ME THAT WE WERE ON OUR WAY TO MARS TO SEE SOMETHING THAT WOULD 
HELP ME AT A LATER TIME. CONTINUING, HE SAID THAT HIS SPECIES CREATED PEOPLE FROM STOCK 
BROUGHT TO EARTH FROM ELSEWHERE. THESE CREATIONS ARE KNOWN AS HEBREWS, AS IS THEIR 
LANGUAGE. 


MUCH OF THIS HAD BEEN DISTORTED AND INTERFERED WITH OVER THE MILLENNIUMS. HIS SPECIES 
WAS NOW IN LEAGUE WITH THE REMNANTS OF THESE ORIGINAL CREATIONS, THE ISRAELIS, TO 
CORRECT AND PURIFY THEM BEFORE THE NEXT WAVE OF INTERRUPTIONS OCCUR. APPARENTLY, 
THE SIRIANS FELT THAT THESE HEBREW REMNANTS WERE NOT THE GENETICALLY-WHOLE BEINGS 
THAT THEY ORIGINALLY CREATED. BECAUSE IT WAS TOO LATE TO CHANGE THEIR PHYSICAL 
STRUCTURE, IT HAD BECOME NECESSARY TO CHANGE THEIR MIND-PATTERNS, THUS ENABLING 
THEM TO INTERFACE WITH OTHER ALIEN BEINGS. AS HE COMMUNICATED, PICTURES OF HIS WORDS 
APPEARED ON THE SCREEN BEHIND HIM. I ACTUALLY SAW HISTORY FROM THE DIM PAST AS 
THOUGH IT WAS HAPPENING AT THAT MOMENT. 


NEXT, I REMEMBER LYING ON A TABLE IN A BRIGHTLY LIT CLINICAL-LOOKING ROOM. THE SIRIAN 
WAS THERE WITH A TALL GREY BEING WHO HAD ROUND, BLACK EYES AND A GOOFY LOOK ON ITS 
FACE. IDENTIFIED TO ME AS A VEGAN, IT WAS A CREATION BY THE SIRIANS OUT OF THEIR OWN 
GENETICS MIXED WITH THE LITTLE GREYS. ALTHOUGH NOT STRAPPED DOWN, I COULD NOT MOVE, 
AND I REALIZED THAT I WAS NAKED. FOR THE FIRST TIME, I FELT FEAR WITH THE SIRIANS. A 
BRIGHT DEVICE WAS PLACED OVER MY FACE AS THEY PROBED MY GENITALS, STOMACH, AND 
CHEST. 


THE SIRIAN SAID THAT THEY NEEDED TO TEST FOR RESIDUALS OF GENETIC RESONANCE 
IDENTIFYING MY BODY WITH THEIRS. HE SAID THEY HAD MANUFACTURED MY BODY IN COLLUSION 
WITH CERTAIN EARTH FORCES FOR THE PURPOSE OF COMPLETING THEIR AGENDA. I WAS SOME 
KIND OF PAWN IN AN INTERSTELLAR GAME. WHAT WAS GOING ON HERE? 


TO COMPLICATE MATTERS FURTHER, HE SAID THAT MY SOUL-PERSONALITY WAS SOME TYPE OF 
ENTITY FROM A NON-PHYSICAL ASPECT OF SIRIUS WHICH WAS AN EVEN HIGHER FORM THAN 
HIMSELF. MY BODY CONTAINED SIRIAN DNA WHICH WAS NECESSARY FOR THE SOUL-PERSONALITY 
TO OPERATE IT. AS HE SPOKE, I BEGAN TO GLIMPSE IN MY MIND MY TRUE IDENTITY WHICH WAS 
SIMULTANEOUSLY MAGNIFICENTLY BEAUTIFUL AND _ FRIGHTENING. TEARS  FLOWED 
UNCONTROLLABLY DOWN MY FACE. THIS SEEMED TO AMUSE THE SIRIAN AND THE VEGAN. I 
THOUGHT TO MYSELF, IF I LOOKED LIKE EITHER ONE OF YOU, I WOULD NOT LAUGH! 


NEXT, I WAS STOOD UP INSTANTANEOUSLY. WEARING ONLY A SIRIAN ROBE, I COULD NOT SEE MY 
FEET. I FELT ELATION, LIKE I WAS ON A NATURAL HIGH. I CANNOT COMPARE THE FEELING TO 
ANYTHING ANOTHER CAN UNDERSTAND WITHOUT HAVING HAD THE EXPERIENCE THEMSELVES. I 
FELT A COMPLETE KNOWING OF ALL THINGS; A CONNECTION TO ALL BEINGS. YET, I RETAINED MY 
IDENTITY OF SELF. I FOLLOWED THE SIRIAN OUT THROUGH THE WALL TO WHAT APPEARED TO BE A 
MAROON-COLORED CAVE WITH A HIGH CEILING THAT SEEMED TO GO ON FOR MILES. 


GLANCING BACK, I SAW THE CRAFT THAT I HAD JUST BEEN IN IT RESEMBLED A GIGANTIC PEARL. 
COMPLETELY WHITE, WITH A SOFT WHITISH-VIOLET GLOW, THERE WAS NO SOUND COMING FROM 
IT. INSTANTLY, I KNEW THAT IT TRAVELED THROUGH SPACE LIKE AN ELECTRON AS IT BECOMES A 
PARTICLES WAVE SOMEWHERE BETWEEN THE PHYSICAL AND SPIRITUAL PLANES. 


IN FRONT OF ME, ISAW A LARGE GROUP OF MEN. MOST OF THEM WERE IN THEIR TWENTIES, A FEW 
WERE TEENAGERS, AND SOME WERE OLDER. DIGGING IN UNISON WITH SHOVELS, THEY MOVED 
LIKE AUTOMATONS. LARGE, MELON-HEADED BEINGS WATCHED THEM WORK. APPARENTLY, THESE 
WERE THEIR OVERSEERS. A FEW FOUR-FOOT TALL GREYS MOVED ABOUT. I SAW TUNNELS AND 
CRAFTS THAT LOOKED LIKE DISCS. SUDDENLY, ALL THE MEN STOPPED AND LOOKED UP TOWARD A 
PLATFORM. LOUDLY, A VOICE CALLED OUT, THE EMISSARY FROM RIGEL WILL SPEAK NOW. 


AT THAT MOMENT, A FIVE-FOOT BEING WITH ROUND, BLACK EYES APPEARED ON THE PLATFORM. 
HIS LARGE HEAD WAS DRAPED WITH A KIND OF SHORT CURTAIN AROUND THE BACK OF IT. 
DRESSED ALL IN BLACK, HIS CLOTHING APPEARED TO BE A UNIFORM. LOOKING OMINOUS, HE 
CARRIED A ROD THAT LOOKED BOTH METALLIC AND CRYSTALLINE AT THE SAME TIME. 


EVERYONE SEEMED TO UNDERSTAND HIS MENTAL COMMUNICATION. EXPLAINING THAT THIS 
GROUP OF MEN HAD COMPLETED THEIR SERVICE ON EARTH AND THE MARTIAN OUTPOST, HE TOLD 
THEM THAT THEY WOULD NOW BE EXAMINED FOR POSSIBLE TRANSPORT TO RIGEL FOR 
EXPERIMENTATION. THOSE NOT USED WOULD BE ELIMINATED. THE MEN WERE THEN LED INTO THE 
OPEN PORT OF A SILVER DISC. I NOTICED THAT THEIR LEGS WERE CHAINED TOGETHER. THE ENTIRE 
SCENE APPEARED TO BE ORCHESTRATED JUST FOR ME. I DO NOT KNOW IF IT WAS. IF SO, WHAT 
WOULD BE THE PURPOSE? PERHAPS THE ENTIRE INCIDENT IS AN IMPLANTED MEMORY. 


THE NEXT THING I REMEMBER, I WAS BACK ON THE SIRIAN SHIP. TRAVELING IN HYPERSPACE, I SAT 
IN A DARKENED ROOM ON THE FLOOR WITH THE VEGAN AND THE SIRIAN. SOFT LIGHTING 
ALLOWED ME TO SEE INSIDE AND OUTSIDE THE SHIP SIMULTANEOUSLY. HYPERSPACE WAS A 
BEAUTIFUL SHADE OF DARK BLUE AND VIOLET. THE SHIP APPEARED TO BE DIAMOND-SHAPED AS IT 
TRAVELED. THE SIRIAN SAID THAT WE WERE GOING BACK TO OUR HOME WORLD, KHOOM, WHICH 
ORBITED SIRIUS A IN THAT BINARY STAR SYSTEM. LATER, I COULD DECIDE IF I WANTED TO RETURN 
TO EARTH. I REALIZED WE THREE WERE THE ONLY BEINGS ABOARD THAT GREAT SHIP. OVERRATED 


TOTALLY BY OUR WILL, I FELT COMPLETELY SAFE AND AT PEACE. I KNEW THAT I WAS GOING 
HOME. 


I DO NOT REMEMBER MUCH OF MY STAY ON KHOOM. I WAS TOLD THAT MY MEMORY WOULD 
RETURN AT THE APPROPRIATE TIME. A FROZEN WORLD COVERED IN ICE AND SNOW, THE SUNS 
GLARE ON THE SURFACE WAS BLINDING. THE INHABITANTS LIVED UNDERGROUND. AN ELABORATE 
AND IMPENETRABLE DEFENSE SYSTEM PROTECTED THE ENTIRE PLANET. 


ONCE A SUBTROPICAL WORLD, KHOOM WAS PUSHED OUT OF ITS ORIGINAL ORBIT BY WAR EONS 
AGO. FROM SPACE, IT LOOKS BLUE AND WHITE. THE PLANET HAS NO MOONS. A VICTIM OF THE 
ORIGINAL BATTLE BETWEEN GOOD AND EVIL, KHOOM WAS BLOWN FROM ITS CRADLE ORBIT BY 
THOSE WHO CREATED THE DRACO RACE, THE REPTILIANS WHO SEEK TO DOMINATE THE GALAXY 
AND BEYOND. THE CREATORS OF THE DRACO RACES CAME FROM ANOTHER TIME AND SPACE. THE 
FIRST GENESIS OF LUCIFER, THEIR NAME DENOTES THE EPITOME OF EVIL. 


OCCUPYING THE SAME PHYSICAL LOCATION AS KHOOM, BUT AT A DIFFERENT VIBRATORY 
RESONANCE, IS A NON-PHYSICAL WORLD GOVERNED BY A COUNCIL OF NINE BEINGS KNOWN AS 
THE OHALU COUNCIL. WHILE NOT THE SAME BEINGS REFERRED TO AS THE NINEIN OTHER 
LITERATURE, THEY DO COMMUNICATE WITH THE NINE AS WELL AS PARTICIPATE IN JOINT 
PROJECTS. THE NINE FIRST APPEARED IN LITERATURE IN THE WORKS OF DR. ANDRIJA PUHARICH. IN 
HIS WORK WITH CHANNELERS, HE CAME ACROSS A FEW INDIVIDUALS WHO CLAIMED TO BE IN 
CONTACT WITH THIS ET GROUP. 


URI GELLER WAS THE FIRST TO ACTUALLY IDENTIFY THEM AS FORMER PHYSICAL BEINGS WHO 
TRANSFERRED THEIR MINDS AND SOUL-ESSENCES INTO NINE ADVANCED COMPUTERS. EACH ONE 
OF THESE COMPUTER REPRESENTS A DIFFERENT ASPECT OF THE MIND OF GOD. THE NINE 
COMMUNICATE WITH A FEW SELECT INDIVIDUALS ACROSS THE PLANET IN AN EFFORT TO UPGRADE 
THE COLLECTIVE CONSCIOUSNESS OF HUMANKIND. 


THE OHALU COUNCIL ALSO GOVERNS THE PLANET KHOOM IN THE STAR SYSTEM SIRIUS SINCE THE 
SIRIANS ARE REALLY THE LOWER VIBRATIONS OF THE COUNCIL BEINGS IN THE SAME WAY THAT 
HUMANS ARE LOWER VIBRATIONS OF THEIR ET SELVES. 


I WAS ORIGINALLY SENT TO EARTH BY THE OHALU COUNCIL WHO DIRECTED THE SIRIANS ON THE 
CREATION OF MY PHYSICAL BODY. THEY TOLD ME THERE ARE NINE BEINGS ON EARTH WHO ARE 
LIKE ME. EACH ONE IS DIRECTED BY A MEMBER OF THE COUNCIL. I WAS SHOWN MY PAST AND 
FUTURE WHILE I WAS ON KHOOM. I WAS TAKEN TO A PLANET ORBITING SIRIUS B THAT WAS A 
TROPICAL, SWAMPY JUNGLE WORLD OCCUPIED BY SHORT, STOCKY BEINGS WHO LIVE IN HUTS. 


EXTREMELY ADVANCED, THESE CREATURES CAN ASTRAL PROJECT ANYWHERE THEY WANT TO AT 
WILL. THEY RELY ON OTHERS FOR PHYSICAL TRANSPORTATION OFF-WORLD BUT AS THEY HAVE NO 
NEED TO GO ANYWHERE ELSE, THEY RARELY DO SO. COMMUNICATING EXCLUSIVELY BY MIND- 
LINKING, THEY DO NOT HAVE A SPOKEN LANGUAGE. 


THE SIRIANS TOLD ME OF THE COMING EARTH INVASION BY THE DRACO; THAT THE ORION 
CONFEDERATION WAS WORKING WITH THE DRACO; AND THAT THERE IS A WAR GOING ON RIGHT 
NOW BETWEEN THE SIRIANS AND ORIONS. THE SUPREME MERCHANTS OF THE UNIVERSE, THE 
SIRIANS ACTUALLY SUPPLIED THE ORION GROUPS WITH THE WEAPONS THAT ARE NOW BEING USED 
AGAINST THEM. HOWEVER, THE SIRIANS KEEP THE BEST AND MOST POWERFUL FOR THEMSELVES, 
SO THEY NEVER LOSE. 


THE SIRIANS SEE THE ORIONS AS BAD CHILDREN WHO PLAY WITH MATCHES. THEY DO NOT SEEK TO 
DESTROY THEM, BUT THEY KEEP THEM IN CHECK. THEY ALLOW HUMANS, ORIONS, AND THE DRACO 
TO FOLLOW THEIR OWN DESTINIES. 


DESPITE NOT WANTING TO LEAVE, THE OHALU COUNCIL CONVINCED ME TO RETURN TO EARTH. 
ARRIVING BACK IN ISRAEL I FOUND THAT ONLY THREE DAYS HAD PASSED. I WAS UNCEASINGLY 
THIRSTY, HAD LOST TEN POUNDS, AND WAS SO TIRED THAT I COULD NOT SEE STRAIGHT. 
RETURNING TO HOLON, I SLEPT FOR ALMOST AN ENTIRE WEEK. 


DURING MY RETURN REST, I REALIZED THAT THE ARK OF THE COVENANT IS ACTUALLY A 
COMMUNICATION DEVICE BETWEEN THE PHYSICAL WORLD AND HYPERSPACE. THE SIRIANS 
APPARENTLY GAVE THE HEBREWS INSTRUCTIONS FOR BUILDING IT. A RECONSTRUCTION OF THE 
DEVICE WAS BUILT BY THE UNIVERSITY OF MINNESOTA YEARS AGO, FOLLOWING THE 
INSTRUCTIONS GIVEN IN THE BIBLE. IT WAS SO ELECTRICALLY CHARGED AND DANGEROUS THAT IT 
HAD TO BE DESTROYED. 





I BELIEVE THAT THE SIRIANS ARE TRYING TO UNDERMINE THE PLANS OF ALL THE FACTIONS 
INVOLVED ON EARTH: 


* 


THE NEW WORLD ORDER 


* 


THE DRACO 


* 


THE GREYS 


* 


THE TALL BLONDS, ETC. 


THEIR AGENDA IS TO BRING ALL EVENTS TO A CLIMAX, THEN USURP ALL POWER, POSSIBLY VIA 
THE ISRAELIS. THIS IS ONLY SPECULATION ON MY PART. 


TIME WILL TELL. 


P. 130 - 132 


THAT NIGHT, THE SESSION WAS MOST INTERESTING. AFTER I WAS ENTRANCED, A SMALL WHITE 
BEING, WHO LOOKED LIKE A TYPICAL GREY, ENTERED MY BODY. SPEAKING AT FIRST IN A STRANGE 
LANGUAGE THAT ONLY DUNCAN UNDERSTOOD, IT THEN SPOKE IN ENGLISH AS THE TONE BECAME 
MORE OMINOUS. THIS BEING SAID THAT IT HAD EVERY RIGHT TO TAKE POSSESSION OF MY BODY 
BECAUSE I WAS ONE OF THEM! 


CHALLENGING THIS REMARK, PRESTON SAID THAT I WAS A HUMAN BEING WITH A SOUL FROM GOD, 
AND NO ONE WAS ALLOWED TO USE THE BODY EXCEPT STEWART. THE ENTITY CURSED PRESTON 
AND CALLED HIM PRESSED ON. IT SAID I WORKED FOR THEM AND WAS CARRYING OUT A MISSION 
VITAL TO THE SUCCESS OF THEIR PROGRAM ON EARTH. 


BOTH PRESTON AND DUNCAN SAW THE PHYSICAL SHAPE OF MY BODY CHANGE AS IF IT WERE A 
GREY ALIEN BODY. THE OUTLINE OF MY FACE SIMILARLY CHANGED. THEN, THE BEING STARTED TO 
MOVE MY BODY. GETTING UP, IT WALKED AROUND WHILE MAKING NASTY COMMENTS ABOUT 
THOSE PRESENT. ALTHOUGH MY EYES WERE CLOSED, MY BODY WALKED AROUND THE ROOM AS IF 
IT WERE WIDE AWAKE. 


WHEN PRESTON STARTED TO ASK QUESTIONS ABOUT THEIR AGENDA, THE BEING HESITATED. NEXT, 
AN EXTREMELY POWERFUL ENTITY LITERALLY PULLED THE GREY FROM MY BODY AS IT TOOK 
OVER. IDENTIFYING ITSELF AS A DRACO COMMANDER, IT GAVE ITS NAME AS GENGEEKO. PRESTON 
IMMEDIATELY UNDERSTOOD THE DRACO TO BE POWERFUL, REPTILIAN WARRIORS. THE CREATURE 
TOLD PRESTON THAT AN INVASION FORCE WAS ON ITS WAY TO EARTH AND THAT NOTHING COULD 
STOP IT. 


THE MOON ORBITING THE EARTH WAS THEIR FIRST CRAFT. IT HAD ARRIVED HERE AEONS AGO TO 
CONTROL THE PLANET. AFTER CREATING THE LEMURIAN CIVILIZATION, THEY HAD BEEN REMOVED 
FROM THE EARTH BY THE ATLANS AND THE DESCENDENTS OF THE DISBANDED LYRAEN EMPIRE 
WITH THE HELP OF THE PLEIADIANS. NOW, THE DRACO WERE RETURNING TO RECLAIM THE EARTH 
AND USE IT AS A MILITARY BASE FOR ENTRY INTO THE REST OF THE GALAXY. AT THIS POINT, I 
REALIZED THAT THIS WAS WHY SO MANY RACES WERE INTERESTED IN THE EARTH. IF THIS PLANET 
FALLS, THEN THE REST OF THE GALAXY IS IN DANGER. 


THE DRACONIAN THEN STOOD UP AND RASPED A WARNING AT PRESTON NOT TO USE HIS 
EQUIPMENT OR PLEIADIAN CONTACTS TO TRY TO STOP THEM. NEXT, HE PHYSICALLY ATTACKED 
PRESTON! 


BOTH DUNCAN AND PRESTON HAD TO RESTRAIN THIS BEING IN MY BODY UNTIL IT FINALLY SAT 
DOWN AND RESUMED ITS SPEECH. CLAIMING THAT HUMANS WERE WEAK, IT SAID THAT HUMANS 
NEEDED THE ORDER THAT AN INVASION WOULD BRING. THIS WAY, THE INVASION WOULD BENEFIT 
EVERYONE. THE DRACO WOULD RECEIVE THE RAW MATERIALS, WORKERS, AND FOOD THAT THEY 
NEEDED FOR THEIR INVASION INTO THE REST OF THE GALAXY. THE EARTH WOULD BE PROTECTED 
FOREVER BY THE DRACO EMPIRE. 


OUR LEADERS WERE WELL AWARE OF THE IMPENDING INVASION, GRADUALLY PREPARING THE 
WORLD POPULATION VIA TELEVISION SHOWS AND MOVIES. EVEN RULERS IN SOME COUNTRIES 
WERE HUMANS WITH DRACO SOUL-PERSONALITIES. 


THE REPTILIAN WITHIN MY BODY EXPANDED UPON HIS IDEAS BY SAYING THAT THE UNITED 
NATIONS WOULD BE THE FORUM FOR A CENTRAL PLANETARY GOVERNMENT. UNITED STATES 
LEADERS WERE IN LEAGUE WITH DRACO ALLIES WITHOUT REALIZING IT. SOME OF THE LEADERS OF 
THIS PLANET HAD PREPARED ESCAPE PLANS TO MARS WHERE EQUIPMENT WAS ALREADY BEING 
ACTIVATED, AS WELL AS TO OTHER PLANETS AND MOONS IN THIS SOLAR SYSTEM. MARS HAS A 
HUGE UNDERGROUND FACILITY BUILT BY THE SIRIANS OVER 500,000 YEARS AGO. 


GENGEEKO SAID THAT MY BODY COULD BE USED SINCE I WAS ONCE AN AMBASSADOR TO THEIR 
HOME WORLD FROM THE OHALU COUNCIL, THE RULER OF THE SIRIAN STAR SYSTEM. I WAS 
NEUTRAL AND NOT REALLY CONCERNED ABOUT WHO WAS IN POWER. THIS IS BASICALLY TRUE 
FOR ME; I AM NOT A POLITICAL PERSON. MY MAIN INTEREST LIES IN HELPING INDIVIDUALS TO 
ADVANCE THEIR SOULS AND MINDS. 


CONTINUING, GENGEEKO STATED THAT I WAS CREATED WITH ALIEN GENETICS AND THAT MY 
SOUL-PERSONALITY WAS NOT HUMAN NOR FROM THIS STAR SYSTEM. THIS EXPLAINS WHY I HAVE 
SO MANY MENTAL ABILITIES THAT ARE CONSIDERED UNCONVENTIONAL ON EARTH. 


WHEN I CAME OUT OF THIS TRANCE SEVERAL HOURS LATER, MY BODY WAS DEHYDRATED AND 
EXTREMELY COLD. DISORIENTED AND CONFUSED, I DID NOT RETURN TO NORMAL FOR ALMOST 
TWO DAYS. IN ADDITION, I SUFFERED RECTAL BLEEDING, SHORTNESS OF BREATH, AND SEVERE 
SHIVERING. 


OVERALL, IT WAS NOT A PLEASANT EXPERIENCE. 


GO BACK 


GO BACK TO THE MONTAUK PROJECT 


17 - BREAKTHROUGH 
P. 137 - 139 


THE NEXT TIME PRESTON USED WILHELM REICH PROCEDURES, HE BROUGHT HIS TAPE RECORDER. 


AN ENTITY CALLING ITSELF TUBOR ENTERED MY BODY WITH SUCH FORCE THAT I SHUDDERED 
HARD AND NEARLY FELL TO THE FLOOR. CLAIMING TO BE THE DRACO CONTROLLER OF A MISSION 
TO PREPARE EARTH FOR OCCUPATION, TUBORS MAIN CONCERN WAS OTHER ALIEN AND HUMAN 
INFLUENCES ON THE POPULATION THAT MIGHT THWART THEIR PLANS. THESE REPTILIAN BEINGS 
WERE EXTREMELY NASTY AND HOSTILE TOWARD ANYONE WHO QUESTIONED THEM. TUBOR 
COMMENTED THAT IT WAS DISGUSTED WITH MY BODY AND DETESTED THE WAY A HUMAN FELT. 
HUMANS WERE CONSIDERED TO BE WEAK, FRAGILE, AND TOO PRONE TO EMOTIONAL REACTIONS. 


INSISTING THAT I HAD A CONTRACT WITH THEM WHICH PERMITTED THEM TO USE MY BODY 
BEFORE THEIR OFFICIAL ARRIVAL, TUBOR SAID THAT I WAS ALSO DESTINED TO BE A LIAISON 
DURING THE INVASION. USING A HUMAN IN THIS WAY WOULD ALLOW BOTH SIDES TO 
UNDERSTAND THE MIND-SET OF THE OTHER. I HAD SUPPOSEDLY AGREED TO THIS BECAUSE I WAS 
ONCE THE SIRIAN AMBASSADOR TO THEIR HOME WORLD AS WELL AS TO ARCTURUS AND A PLANET 
CALLED UMO. 


AS THE SIRIAN AMBASSADOR, I HAD SUCCESSFULLY NEGOTIATED A TECHNOLOGY CONTRACT 
BETWEEN THE DRACO AND THE SIRIANS, SIRIUS A AGREED TO PROVIDE THE DRACO WITH HIGH 
TECHNOLOGY IN EXCHANGE FOR FREE TRADE AND PASSAGE OF THEIR VESSELS ANYWHERE 
WITHIN THE DRACO EMPIRE. THIS CONTRACT UPSET THE ORION CONFEDERATION BECAUSE, BEING 
CONTROLLED BY THE DRACO, THEY WOULD NEVER BE FREE. THE SIGNING OF THIS CONTRACT 


EVENTUALLY PROVOKED A WAR BETWEEN THE ORION CONFEDERATION AND SIRIUS A WHICH 
CONTINUES TO THIS DAY. 


TUBOR ALSO TOLD US THAT THE MONTAUK PROJECT EMPLOYED SIRIAN TECHNOLOGY. THE DRACO 
OBSERVED ALL EXPERIMENTS BUT WERE ESPECIALLY INTERESTED IN THE ONES THAT INVOLVED 
GENETIC MANIPULATION. BECAUSE THEY ARE AN ANDROGYNOUS RACE, THE DRACO ARE 
EXCEPTIONALLY INTERESTED IN SPECIES THAT PROCREATE SEXUALLY. USING SEXUALITY AS A 
MEANS OF PROGRAMMING PEOPLE AND GAINING MIND CONTROL OVER THE MASSES WAS 
PARTICULARLY FASCINATING TO THEM. 





WHENEVER PRESTON ASKED QUESTIONS OR STATED AN OPINION, TUBOR BECAME ANGRY. HE 
CALLED PRESTON PRESSED ON AND REFERRED TO DUNCAN AS DUNK CAN. AT TIMES, TUBOR 
HISSED AND SWUNG HIS ARMS TOWARD THEM. TUBOR EVEN TRIED TO HURT MY BODY BY HITTING 
OR TWISTING PARTS OF IT. ABOUT AN HOUR LATER, ANOTHER ENTITY PUSHED INTO ME AND 
THREW TUBOR SPINNING AWAY. AFTER FALLING LIMP TO THE FLOOR, MY BODY THEN STOOD UP 
AGAIN. 


CLAIMING TO BE A SIRIAN, THIS BEING GAVE ITS NAME AS MISHKA. HE SAID THAT HE FORCED HIS 
WAY INTO THE BODY TO SHOW ME HOW TO DEFLECT HOSTILE USE OF MY BODY. SINCE I HAD 
SIRIAN DNA, I COULD EASILY LEARN HOW TO DEFEND MYSELF USING MY ABILITIES. MISHKA SAID 
THAT HE LIVED ON A LARGE SIRIAN SPACE STATION CALLED CALUMBA WHICH ORBITED BETWEEN 
EARTH AND MARS. 


THIS STATION WAS DESIGNED TO MONITOR INTERFERENCE ON EARTH AND SURROUNDING 
PLANETS. THE SIRIANS WERE INDEPENDENT AND CONSIDERED TO BE THE MERCHANTS OF THE 
UNIVERSE. WITH THE HIGHEST TECHNOLOGY AVAILABLE IN THEIR POSSESSION, MANY RACES 
CAME TO THEM FOR HELP. EVEN ALL THE WEAPONS USED BY THE DRACO CAME FROM SIRIUS. 
WHEN PRESTON REMARKED THAT THIS MADE THEM GUILTY OF HURTING OTHERS, MISHKA HAD AN 
ANSWER. HE REPLIED THAT WITHOUT SIRIAN WEAPONS, THE DRACO WOULD USE BRUTAL FORCE 
TO OVERWHELM THEIR TARGETS. IN THIS WAY, THE SIRIANS CONSIDERED THEMSELVES TO BE A 
MITIGATING FORCE IN THE GALAXY. 


OVER THE NEXT SEVERAL MONTHS, MISHKA, MISHKAS ASSISTANT MARSHAK, TUBOR, AND 
GENGEEKO USED MY BODY TO DELIVER WARNINGS AND ULTIMATUMS. I WAS GIVEN INFORMATION 
THAT THE USSR WAS IN LEAGUE WITH THE DRACO AND ALLOWING THEM TO USE SOVIET BASES 
FOR ADVANCE OPERATIONS. BUT, THE USSR WOULD EVENTUALLY BREAK UP INTO SMALLER 
NATIONS AND DISRUPT THE AGREEMENT. 


WHEN THIS HAPPENED, I WAS TOLD THAT THIS WAS A DECEPTION TO LULL THE REST OF THE 
WORLD INTO A FALSE PEACE. THE VARIOUS SOVIET GOVERNMENTS WERE CLOSELY ALIGNED WITH 
EACH OTHER. WHEN THE OPPORTUNITY WAS RIGHT, THE SOVIETS WOULD POUNCE ON THE 
UNSUSPECTING COUNTRIES. 


IN THIS WAY, THE DRACO HAD A POWERFUL ALLY ON EARTH TO DO THEIR DIRTY WORK FOR THEM. 
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THE REST OF THE CONVERSATION INVOLVED INFORMATION ABOUT THE SIRIAN INTEREST IN 
ISRAEL AND THE JEWISH PEOPLE. THE JEWS, HE SAID, WERE CREATED AS A JOINT EFFORT BETWEEN 
THE SIRIANS AND THE DRACO. THE GENETIC STOCK CAME FROM THE HEBREWS, A RACE OF SIRIAN 


ORIGIN. THE OHALU COUNCIL, COMPRISED OF THE LEADERS OF THE SIRIAN CIVILIZATION, 
PROVIDED THE TORAH (THE FIRST FIVE BOOKS OF MOSES, LE., THE OLD TESTAMENT OF THE BIBLE) 
WITH ITS CODED INFORMATION THAT I WOULD LEARN TO DECIPHER. 


IN FACT, THE OHALUANS ARE NONPHYSICAL BEINGS WHO REMAIN IN HYPERSPACE. THE SIRIANS 
ARE THEIR PHYSICAL DESCENDENTS. ANCIENT HEBREW IS THE LANGUAGE OF THIS COUNCIL. A 
HOLY LANGUAGE, IT COMES DIRECTLY FROM THE MIND OF GOD. EACH LETTER IS A SYMBOL, 
NUMBER, ARCHETYPE, AND GEOMETRIC SHAPE THAT IS USED TO TRANSLATE FROM THE SPIRITUAL 
INTO THE PHYSICAL. 


IN FACT, EACH CHAPTER OF THE OLD TESTAMENT CAN BE DECODED TO LETTER PATTERNS. WHEN 
RECURRING PATTERNS ARE MATCHED AGAINST ONE ANOTHER, GEOMETRIC SHAPES ARE FORMED. 


THESE INCLUDE A DOUGHNUT SHAPE, DIAMONDS, THREE-DIMENSIONAL TRIANGLES, ETC. WHEN 
ALL THE PATTERNS ARE ENFOLDED ON ONE ANOTHER, A TETRAHEDRON IS FORMED IN 
MULTIDIMENSIONALITY. THAT IS TO SAY, THE SHAPE CAN ONLY BE DEMONSTRATED ON PAPER BY 
DRAWING A THREE-DIMENSIONAL TETRAHEDRON. HOWEVER, ITS ACTUAL SHAPE GOES FAR 
BEYOND ANYTHING THAT CAN BE SHOWN GRAPHICALLY WITH CURRENT TECHNOLOGY. ALL 
LETTERS OF THE HEBREW ALPHABET CAN BE SEEN WITHIN THE SHAPE OF THE TETRAHEDRON. 





IN THE ANCIENT HEBREW ALPHABET THERE ARE FOUR LETTERS THAT HAVE A STYLIZED CROWN 
ON TOP OF THEM. NO ONE KNEW WHY. HOWEVER, IF ALL OF THE OTHER LETTERS WERE SOMEHOW 
FORGOTTEN, EXCEPT FOR THOSE FOUR SPECIAL ONES, BY USING THESE FOUR, THE TETRAHEDRON 
COULD BE RECONSTRUCTED AND ALL THE OTHER LETTERS AGAIN FOUND WITHIN THE SHAPE. 


SCIENTISTS IN JERUSALEM AND NEW YORK ARE ONLY NOW REALIZING THE INFORMATION 
ENCODED WITHIN THE OLD TESTAMENT AS THEY REVIEW IT BY COMPUTER AND RESEARCH THE 
VARIOUS LETTER PATTERNS. WHAT TYPE OF MIND COULD HAVE CREATED SUCH A TIMELESS 
DOCUMENT? CERTAINLY NOT A HUMAN ONE. 


AT THE CONCLUSION OF OUR CONVERSATION, ELSINOB TOLD ME TO RETURN TO BED. WALKING 
BACK TO MY ROOM, I NOTICED THAT THE GLOW SUDDENLY STOPPED. THE MOMENT MY HEAD 
TOUCHED MY PILLOW, I WENT INTO A DEEP SLEEP. AT 4:45 A.M., THE ALARM RANG. WHEN I AWOKE, 
I REMEMBERED EVERYTHING. THAT IS WHEN I BECAME AFRAID. 
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I ALSO LEARNED THAT THERE WERE ORIGINALLY TWELVE ROOT RACES ON THE EARTH AT THE 
BEGINNING OF LIFE ON THIS PLANET. WHAT THIS MEANS IS THAT THERE WERE TWELVE ORIGINAL 
ALIEN RACES THAT AGREED TO GENETICALLY MANIPULATE AND SEED LIFE ON THIS PLANET AS 
PART OF A GREAT EXPERIMENT. THE PURPOSE WAS TO DETERMINE IF ALL OF THE MAN 
FREQUENCIES IN THE GALAXY COULD LIVE TOGETHER HARMONIOUSLY OR IF THEY WOULD 
DESTROY ONE ANOTHER. 


THESE TWELVE ALIEN RACES MONITORED THEIR CONTRIBUTIONS TO THE EXPERIMENT OVER THE 
MILLENNIA. SOME LOST INTEREST WHILE SOME COMPLETELY ALTERED THEIR ORIGINAL IDEAS. IN 
ANY EVENT, THE TWELVE RACES ARE RETURNING TO REMOVE OR AID THEIR PART OF THE PROJECT 
BEFORE INVASION FORCES ARRIVE ON EARTH AND USURP ALL OF THE RESOURCES AND PEOPLE. 
THE OUTCOME OF THIS INVASION IS YET TO BE DETERMINED. 


MANY OF THE ORIGINAL RACES KEEP BASES IN THIS SOLAR SYSTEM TO WATCH THE EARTH. 


* 


A SIRIAN BASE ON MARS HAS EXISTED FOR MANY THOUSANDS OF YEARS 


* 


THE AMPHIBIANS HAVE BASES ON NEPTUNE AND ON TITAN, A MOON OF SATURN 


* 


THE DRACO, WHO ARE THE INVADING REPTILIANS, HAVE BASES ON VENUS AS WELL AS UNDER 
THE EARTH 


* 


THE PLEIADEANS HAVE A BASE ON A MOON OF JUPITER 


* 


MANY OTHERS MAINTAIN PLATFORMS OR STATIONS IN ORBIT AROUND THE EARTH AND 
OTHER PLANETS IN THIS SOLAR SYSTEM 


* 


MOST OF THEM DO NOT WANT TO BE DISCOVERED YET 


IN THE EARLY 1990’S, I WAS CONTACTED BY A MAN IN LOS ANGELES ON BEHALF OF MARINA 
POPOVICH, THE SOVIET COSMONAUT WHO WAS ON A LECTURE TOUR IN THIS COUNTRY. SECRETLY, 
SHE WAS INVESTIGATING THE DISAPPEARANCE OF A SOVIET SPACECRAFT THAT HAD BEEN ON A 
RECONNAISSANCE MISSION TO MARS. WHILE APPROACHING PHOBOS, A MARTIAN MOON, A 
STRANGE-LOOKING CRAFT EMERGED FROM BEHIND THAT MOON, FIRED SOMETHING AT THE 
RUSSIAN PROBE, AND THE SHIP WAS NEVER HEARD FROM AGAIN. 


MS. POPOVICH KNEW MY FAMILY HISTORY IN RUSSIA (REMEMBER, MY GREAT-UNCLE WAS THE 
FIRST PRESIDENT OF THE SOVIET UNION), AND SHE KNEW ABOUT MY BACKGROUND AND TRAINING. 
SHE WAS INTERESTED TO HEAR WHAT I HAD TO SAY ABOUT THE MISSING RUSSIAN CRAFT. 


AFTER SEVERAL ATTEMPTS TO CONVERSE VIA PHONE, MARINA WAS SUDDENLY SENT BACK TO 
MOSCOW. TO MY KNOWLEDGE, SHE NEVER RETURNED. I NEVER HAD THE CHANCE TO TELL HER 
THAT A SIRIAN VESSEL DESTROYED THE SOVIET PROBE ON BEHALF OF THE U.S. GOVERNMENT AND 
THE ISRAELIS! APPARENTLY, THERE WERE THOSE PEOPLE WHO DID NOT WANT THE WORLD TO FIND 
OUT ABOUT THE MONUMENTS ON MARS. 


THESE SAME PEOPLE DID NOT WANT THE PUBLIC TO KNOW THAT AMERICANS WERE ALREADY 
WORKING WITH BEINGS FROM TAU CETI WHO WERE THE PROGENITORS OF THE SLAVIC RACES. 
ALTHOUGH THE SIRIANS, TAU CETIANS, RUSSIANS, ISRAELIS, AND AMERICANS WERE 
THEORETICALLY ALL WORKING TOGETHER AGAINST THE ORION CONFEDERATION AND THE DRACO 
EMPIRE, EACH HAD THEIR OWN AGENDA AND WITHHELD INFORMATION FROM EACH OTHER. THE 
AMERICANS AND THE ISRAELIS WANTED PRIMARY CONTROL SO THEY CAN EVENTUALLY 
DOMINATE THE WORLD. 


THEY REASONED THAT THE GOVERNMENT WITH THE MOST EXCLUSIVE INFORMATION AND 
TECHNOLOGY WOULD WIN. 


MONTAUK: THE ALIEN CONNECTION REVEALS THE MOST AMAZING STORY YET TO SURFACE IN THE 
AREA OF ALIEN ABDUCTION. THIS IS AN AUTOBIOGRAPHICAL AND FACTUAL ACCOUNT FROM 
STEWART SWERDLOW, A GIFTED MENTALIST WHO WAS BORN CLAIRVOYANT BUT HAUNTED BY 
STRANGE TIME-SPACE SCENARIOS. AFTER SUFFERING ALIEN ABDUCTIONS AND GOVERNMENT 
MANIPULATIONS, STEWART FOUND PRESTON NICHOLS AND DISCOVERED HIS OWN ROLE IN TIME 


TRAVEL EXPERIMENTS KNOWN AS THE MONTAUK PROJECT. 


AFTER REFUSING TO BREAK HIS ASSOCIATION WITH NICHOLS, STEWART WAS INCARCERATED BY 
THE AUTHORITIES, BUT THE TRUTH BEGAN TO REVEAL ITSELF. STRUGGLING FOR HIS LIFE, 
STEWART USED HIS MENTAL ABILITIES TO OVERCOME THE NEGATIVE INFLUENCES SURROUNDING 
HIM AND ULTIMATELY DISCOVERED THE HIGHEST COMMON DENOMINATOR IN THE ALIEN 
EQUATION AN INTERDIMENSIONAL LANGUAGE WHICH COMMUNICATES TO ALL CONSCIOUS 
BEINGS. 
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VICTIM MENTALITY 


THIS PLANET PRIMARILY ATTRACTS TWO TYPES OF BEINGS THOSE WITH A VICTIM MENTALITY AND 
THOSE WITH AN OPPRESSOR MENTALITY. IN ORDER TO BE A VICTIM, YOU MUST HAVE OPPRESSORS. 
IN ORDER TO BE AN OPPRESSOR, YOU MUST HAVE VICTIMS. TOGETHER, THIS CREATES BALANCE IN 
GOD-MIND. 


THIS PLANET IS DESIGNED AS A PLACE WHERE BEINGS WITH A VICTIM MENTALITY CAN LEARN TO 
OVERCOME IT. THEREFORE, ANY 'HIGHER LEVEL' BEING WILL NOT BECOME INVOLVED BECAUSE IT 
IS NECESSARY FOR THOSE HERE TO HAVE THE OPPORTUNITY TO WORK THROUGH THEIR VICTIM 
MENTALITIES. TO BECOME INVOLVED WOULD MEAN INTERFERING OR TAKING AWAY THE LESSONS 
OF THOSE WITH VICTIM MENTALITIES. HIGHER LEVEL BEINGS WILL BE OBJECTIVE OBSERVERS WHO 
WILL GUIDE AND INSTRUCT YOU THROUGH YOUR VICTIM MENTALITY ONCE YOU REACH THEM, 
BUT THAT IS ALL. 


THEY ARE NOT HERE TO "SAVE" YOU OR THIS PLANET. 


ANY BEING WHO SAYS THAT THEY ARE HERE TO "SAVE" YOU IS INTERFERING IN YOUR SOUL 
GROWTH. ONLY YOU CAN "SAVE" YOURSELF FROM A VICTIM MENTALITY. ONLY YOU CAN "SAVE" 
YOURSELF FROM A VICTIM MENTALITY. ONLY YOU AND THE LESSONS YOU SELF-DESIGN WILL 
TEACH YOU ABOUT VICTIM MENTALITY. ONLY YOU CAN MOVE THROUGH THESE LESSONS THAT 
WILL ALLOW YOU TO MAKE A FINAL RELEASE OF YOUR VICTIM MENTALITY. NO ONE IS WAITING TO 
HELP YOU DO NOT BE FOOLED BY ANY BEING MAKING SUCH PROMISES. 


WHEN YOU LEARN TO MOVE THROUGH YOUR VICTIM MENTALITY, YOUR MIND PATTERN WILL NO 
LONGER ATTRACT OPPRESSORS. THE MORE STUBBORN YOU ARE IN YOUR DETERMINATION TO 
HANG ONTO YOUR VICTIM MENTALITY WAYS, THE MORE INTENSE THE LESSONS THAT YOU 
ATTRACT TO GET YOU TO RELEASE THOSE WAYS. THIS MEANS, METAPHORICALLY SPEAKING, A 
BIGGER, MEANER, STRONGER, STICK UNTIL YOU FINALLY "GET IT." 


YOU HAVE TO GET HURT, BELITTLED, AND FINALLY, ANGRY ENOUGH TO STAND UP FOR YOURSELF 
AND DECLARE THAT YOU WILL NO LONGER BE A VICTIM TO ANYONE, ANYWHERE, ANY MORE! 
PERHAPS WHEN YOU FINALLY HAVE HAD ENOUGH, YOU RELEASE YOUR VICTIM MENTALITY BY 
SAYING, "I JUST DON'T GIVE A DAM ANYMORE WHAT ANYBODY THINKS! I AM SPEAKING MY MIND 
REGARDLESS! I AM TAKING CARE OF MYSELF, REGARDLESS!" 


SOMETIMES, PEOPLE ARE BEATEN UP SO MUCH THAT INSTEAD OF RELEASING THE VICTIM 
MENTALITY, THEY DECIDE TO BECOME THE OPPRESSOR WHEN THE OPPORTUNITY PRESENTS 
ITSELF. THIS IS WHY CYCLES REPEAT THEMSELVES. PEOPLE WHO WERE OPPRESSED FIND OTHER 
VICTIMS, BECAUSE THIS GIVES THEM A SENSE OF CONTROL. IN DOING SO, THEY RELIVE THEIR 


Ham Radio - Build your own QRPp CW transmitter 


om Te 2 





EARLIER EXPERIENCES WHEN THEY FELT LIKE THEY HAD NO CONTROL. THEY BECOME THE 
PERPETRATOR, JUST SO THEY CAN BE THE "WINNER" FOR A CHANGE. OF COURSE, THIS IS ANOTHER 
IMBALANCE, OR EXTREME FLIP FROM VICTIM TO OPPRESSOR. 


THE IDEAL IS TO FIND A HAPPY MEDIUM, OR BALANCE, BETWEEN VICTIM AND OPPRESSOR. VICTIM 
AND OPPRESSOR ARE OPPOSITE SIDES OF THE SAME COIN IN THE MIND OF GOD. IN THIS CASE, TWO 
INDIVIDUAL SOUL-PERSONALITIES ARE NEEDED TO MAINTAIN AN EQUILIBRIUM IN GOD MIND. ONE 
CARRIES THE WEIGHT OF A VICTIM, ONE CARRIES THE WEIGHT OF AN OPPRESSOR. WHAT YOU NEED 
TO DO IS FIND THE BALANCE WITHIN YOURSELF, SO THAT EQUILIBRIUM WITHIN THE MIND OF GOD 
IS MAINTAINED WITHIN ONE SOUL-PERSONALITY INSTEAD OF TWO. 





YES, YOU MUST LEARN TO SPEAK YOUR MIND AND NOT ALLOW ANYONE TO WALK ON YOU. YES, 
YOU MUST SOMETIMES BE HARSH AND CRUEL WITH WORDS AND SOMETIMES EVEN ACTIONS. BUT 
WHEN THIS MUST HAPPEN, IT MUST BE DONE IN AN OBJECTIVE MANNER WHAT IS BEST FOR 
EVERYONE INVOLVED TO GET THE POINT ACROSS WHILE CAUSING THE LEAST AMOUNT OF PAIN. 


BOUNDARIES MUST BE SET. 


* 


WHAT ARE YOUR BOUNDARIES? 


* 


WHO CROSSES THEM AND HOW? 


* 


WHO IS A BELLIGERENT PERSON IN YOUR LIFE THAT YOU TRY TO AVOID BECAUSE OF THEIR 
BULLISH, PUSHY WAYS? 
* 


WHY DO YOU AVOID THIS PERSON? 


* 


WHY NOT PRACTICE LETTING GO OF YOUR VICTIM MENTALITY AND SPEAK YOUR MIND TO 
HIM/HER? 


SO WHAT IF YOUR KNEES SHAKE SO HARD THAT YOU THINK YOU WILL FALL DOWN, AND YOUR 
VOICE IS SHAKY, SQUEAKY, OR BARELY AUDIBLE? SOMEWHERE ALONG THE WAY, YOU MUST STOP 
YOUR VICTIM MENTALITY BEFORE IT STOPS YOU. LEARN TO BE PROACTIVE INSTEAD OF REACTIVE. 


WHEN YOU ALLOW OTHERS TO PUSH YOU AROUND, YOU BECOME ANGRY, SULLEN, AND 
INTROVERTED. THEN, YOU LASH OUT AT THE UNDESERVING WITH MISDIRECTED FRUSTRATION 
AND ANGER. SOMETIMES YOUR BODY BECOMES ILL BECAUSE OF ALL THAT YOU SUPPRESS, OR YOU 
INSULATE YOUR BODY, OR PERHAPS STOP EATING. ONE WAY OR THE OTHER, YOU SUFFER. 


BUT, THERE IS A PART OF YOU THAT FEELS THAT YOU DESERVE TO SUFFER. THERE IS A PART OF 
YOU THAT ENJOYS THIS PAIN AND SELF-PUNISHMENT. IT FEELS GOOD TO SOME PART OF YOURSELF, 
OR YOU WOULD NOT DO IT. SOME PEOPLE CREATE OTHERS TO GIVE THEM PAIN, SOMETIMES 
PHYSICAL, SOMETIMES EMOTIONAL, SOMETIMES BOTH. SOME PEOPLE DO IT FOR THEMSELVES A 
SELF-CONTAINED, FULLY FUNCTIONAL, VICTIM MENTALITY UNIT. SOME PEOPLE ARE EXTREMELY 
SUCCESSFUL AT THIS. 


WHY DO YOU FEEL SO BAD ABOUT YOURSELF THAT YOU FEEL LIKE YOU ARE MEANT TO SUFFER, TO 
BE ALONE, TO FEEL GUILTY, TO HAVE ILL HEALTH, TO BE OVER OR UNDERWEIGHT. DID IT START IN 
THIS LIFETIME, OR DID IT START BEFORE? FOLLOW THOSE FEELINGS, AND ALLOW YOURSELF TO 
RELEASE IT. THIS PHYSICAL REALITY IS YOUR CHANCE TO OVERCOME IT. THE MORE YOU IGNORE 


THIS SITUATION, THE HARDER AND MORE INTENSE LESSON YOU WILL ATTRACT TO BEAT IT OUT OF 
YOURSELF. YOU CAME HERE TO LEARN NOW DO IT. QUIT WHINING MOANING, AND COMPLAINING 
BECAUSE THERE IS A PART OF YOU THAT ENJOYS THAT TOO. 


ACHES AND PAINS CAN CREATE A LOT OF ENTERTAINMENT. YOU CAN RUN FROM DOCTOR TO 
DOCTOR, TRYING TO FIND A CURE FOR SOMETHING THAT WILL NEVER BE CURED AS LONG AS YOU 
MAINTAIN YOUR CURRENT MIND-PATTERN. 


"BAD LUCK" CAN ATTRACT A LOT OF ATTENTION AND SYMPATHY FROM OTHERS. DIRE 
CIRCUMSTANCES WILL FORCE SOMEONE TO PAY ATTENTION TO YOU. NEVER GETTING A RAISE OR 
A PROMOTION IS AN EXCUSE NOT TO CLIMB HIGHER IN YOUR CAREER OR COMPANY. YOU CAN 
MOAN ALL YOU WANT ABOUT BEING ALONE, WITH A PARTNER WHO DOES NOT UNDERSTAND YOU, 
OR WITHOUT ONE AT ALL. 


BUT THIS SELF-IMPOSED ISOLATION ALSO GIVES YOU TIME TO SELFISHLY TAKE CARE OF YOURSELF 
WITHOUT ANY INTERFERENCE. THE SAME FOR SAYING YOU WANT CHILDREN BUT ARE UNABLE TO 
HAVE THEM. A PART OF YOU DOES NOT WANT A SPOUSE, OR A CARING SPOUSE, OR CHILDREN, 
BECAUSE IF ALL OF YOU WANTED THIS AND IT WAS TRULY IN YOUR MIND-PATTERN, YOU WOULD 
HAVE IT! 


VICTIM, VICTIM, VICTIM! LET US COUNT THE WAYS! REFUSE TO BE A VICTIM. FIND A NEW SOURCE 
OF ENTERTAINMENT. RELEASE YOURSELF FROM THIS MIND-PATTERN SO THAT YOU CAN MOVE 
INTO NEW VISTAS OF GROWTH - ONES SO VAST THAT YOU CANNOT EVEN IMAGINE OR 
COMPREHEND THEM. YOU MUST LET GO OF THE OLD TO MAKE ROOM FOR THE NEW. NO ONE CAN 
DO IT FOR YOU. NO ONE CAN "SAVE" YOU FROM YOURSELF. NO ONE IS WAITING TO HELP THIS 
PLANET. 


ONLY YOU CAN MAKE A DIFFERENCE. ONLY YOU CAN SAVE THIS PLANET. 


DOIT! 
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ARE YOU A MIND-CONTROL CANDIDATE? 


DOES MIND-CONTROL SOUND LIKE A FOREBODING SUBJECT THAT PEOPLE IN DARK, MYSTERIOUS 
PLACES PRACTICE UPON UNSUSPECTING VICTIMS? DO YOU READ ABOUT OTHER PEOPLE’S CLAIMS 
WITH INTEREST, WHILE THINKING THAT IT REALLY HAS NOTHING TO DO WITH YOU? REMEMBER, IF 
YOU ARE READING ABOUT IT, IT IS IN YOUR WORLD. IF IT IS IN YOUR WORLD, IT IS A REFLECTION OF 
SOME PART OF YOURSELF OR IT COULD NOT EXIST. SO, ARE YOU A MIND-CONTROL CANDIDATE FOR 
SINISTER FORCES? 


TO FIT THE PROFILE THEY ARE LOOKING FOR, YOU MUST BE CONTROLLABLE. ARE YOU? WHAT 
DOES YOUR MIND-PATTERN LOOK LIKE? ARE YOU IN CONTROL OF YOUR OWN LIFE, OR IS YOUR LIFE 
IN CONTROL OF YOU? 


IF ANYTHING, ANYWHERE CONTROLS YOU, YOU HAVE AN ESTABLISHED MIND-PATTERN THAT ANY 
FORCE CAN USE AND MANIPULATE. ALL THE FORCE HAS TO DO IS ENTER YOUR AURIC FIELD 
THROUGH THIS "HOLE" IN YOUR MIND-PATTERN. TO CLOSE THE HOLES AND CORRECT THE MIND- 
PATTERN, IT IS IMPORTANT TO FIND OUT WHAT IN YOUR LIFE IS CONTROLLING YOU SO THAT YOU 
CAN STOP IT. 


WHAT CONTROLS YOU? IS IT A PERSON? ANYONE WHO "PULLS YOUR STRINGS" OR "PUSHES YOUR 
BUTTONS" IS CONTROLLING YOU. ANYONE WHO YOU ALLOW TO PUT YOU DOWN, OR WHO MAKES 
YOU FEEL LIKE LESS OF A PERSON IS CONTROLLING YOU. WHEN YOU REACT TO THEIR 
MANIPULATION, YOU ARE NOT IN CONTROL. THE OTHER PERSON CONTROLS YOU. THIS COULD BE A 
PARENT, SPOUSE, CHILD, RELATIVE, CO-WORKER, OR NEIGHBOR, FOR EXAMPLE. 


DO YOUR EMOTIONS CONTROL YOU? WHEN EMOTIONS ARE OUT OF BALANCE, THEY CAN CREATE 
THEIR OWN SUBPERSONALITIES. EACH EMOTION HAS ITS OWN COLOR, TONE, AND ARCHETYPE 
WITHIN YOUR AURIC FIELD. ANGER IS COMPRISED OF THE COLOR RED, FEAR IS YELLOW, JEALOUSY 
IS GREEN. EVERY TIME YOU HAVE EXPERIENCE THESE EMOTIONS WITHOUT PASSING THEM UP TO 
YOUR OVERSOUL, THE ENERGY OF THESE SPECIFIC SUBPERSONALITIES ARE FED. 


ANGER GETS STRONGER, FEAR GETS STRONGER, JEALOUSY GETS STRONGER. NOW, THEY ARE IN 
CONTROL OF YOU. YOU CAN MAKE ALL THE PROMISES YOU WANT, BUT WHAT HAPPENS WHEN 
YOUR BUTTONS GET PUSHED? ALL OF A SUDDEN, ANGER IS CONTROLLING YOU, OR FEAR, OR 
JEALOUSY. YOU HAVE LOST THE BATTLE. YOUR EMOTIONS ARE IN CONTROL. 


PERHAPS IT IS ILLNESS THAT CONTROLS YOU. DO YOU NEED THAT ILLNESS IN ORDER TO FEEL 
IMPORTANT, OR AS A WAY TO GET ATTENTION AND/OR LOVE? DO YOU HAVE CHRONIC HEALTH 
ISSUES THAT NEVER SEEM TO GO AWAY? OR YOU JUST GET RID OF SOMETHING AND SOMETHING 
ELSE POPS UP TO TAKE ITS PLACE? WHAT PART OF YOU NEEDS AND ALLOWS THIS TYPE OF 
CONTROL? 


DO ALCOHOL AND DRUGS CONTROL YOU? HOW ABOUT TOBACCO? SEX? THERE ARE SUPPORT 
GROUPS FOR ALCOHOLISM, DRUG, AND SEX ADDICTION; FOR PEOPLE WHO CANNOT STOP SHOPPING, 
GAMBLING, AND/OR SHOPLIFTING. THERE ARE SUPPORT GROUPS FOR PEOPLE CONTROLLED BY 
BULIMIA, ANOREXIA, OBSESSIVE COMPULSIVE DISORDER. YOU NAME IT, IT IS OUT THERE 
CONTROLLING SOMEBODY, SOMEWHERE. IS IT CONTROLLING YOU. 


DOES FOOD CONTROL YOU? FOOD CONTROLLING YOU DOES NOT IMPLY THAT YOU ARE 
OVERWEIGHT. COULD YOU GO A DAY WITHOUT CHOCOLATE OR SUGAR? COULD YOU FAST FOR 24 
HOURS WITHOUT ANYTHING BUT WATER? MOST LIKELY YOU WOULD NOT STARVE TO DEATH AND 
DIE, SO COULD YOU?? 


HOW ABOUT FASHION? ARE YOU THE FIRST TO GET THE LATEST CLOTHING, HAIRSTYLES, HOME 
DECOR, WITHOUT THINKING IF YOU EVEN LIKE THEM OR NOT? HOW ABOUT CARS, MOTORCYCLES 
TRUCKS, MOTOR VEHICLES, BOAT... THE LIST IS ENDLESS. 


OR FADS, BE IT BODY-PIERCING, TATTOOS, OR ACQUIRING ALL KINDS OF DOODADS AND 
KNICKKNACKS THAT WILL BE USELESS PRACTICALLY BEFORE YOU EVEN HAVE THEM OUT OF THE 
BOX. DO YOU HAVE TO HAVE WHATEVER EVERYONE ELSE HAS. 


PLASTIC SURGERY CONTROLS PEOPLE. THEY KEEP GOING BACK AND REDOING EVERY PART OF THE 
BODY UNTIL THERE IS NOTHING LEFT TO REDO. THEN THEY START OVER AGAIN. 


SOME PEOPLE START EXERCISING AND CANNOT STOP. THEY EXERCISE CONTINUALLY AND 
CONSTANTLY, SOMETIMES BUILDING UP MUSCLE MASSES THAT WOULD PUT HERCULES TO SHAME. 
OTHERS EXERCISE UNTIL THEY DO NOT HAVE A DROP OF FAT ON THEIR BODIES, THEN BEGIN 
DESTROYING THEIR MUSCLE TISSUES, LIGAMENTS, AND INTERNAL ORGANS. 


DO YOUR EXPERIENCES USE AND CONTROL YOU, OR DO YOU USE AND CONTROL YOUR 
EXPERIENCES? THIS IS THE BOTTOM LINE. IF ANYTHING OR ANYONE CONTROLS YOU IN ANY WAY, 
SHAPE, OR FORM, YOU ARE A PRIME CANDIDATE FOR MASS AND/OR INDIVIDUAL MIND-CONTROL. 
WHEN YOU ARE IN CONTROL OF YOUR OWN SELF, NO ONE AND NO THING CAN CONTROL YOU. 


EVERYTHING IN MODERATION IS ACCEPTABLE, BUT WHEN SOMETHING TAKES OVER YOUR LIFE TO 
THE DEGREE WHERE IT CONTROLS YOU, YOU CREATE A MIND-PATTERN THAT SAYS "OUTSIDE 
FORCES CAN AND DO CONTROL ME." 


THIS LEAVES HOLES IN YOUR MIND-PATTERN AND AURIC FIELD THAT TELLS ANYONE WHO CAN 
UNDERSTAND THIS INFORMATION THAT YOU ARE A PERFECT CANDIDATE FOR MIND-CONTROL. 
LEARN TO BREATHE YOURSELF INTO YOUR CENTRE. IDENTIFY THE STRONG ASPECTS OF YOUR 
MIND-PATTERN AND THE ONES THAT NEED STRENGTHENING. ANCHOR YOURSELF IN THE 
STRENGTH OF YOUR OWN OVERSOUL AND GOD-MIND. TAKE CONTROL OVER ABSOLUTELY 
ANYTHING THAT HAS CONTROL OVER YOU, REMEMBERING TO KEEP THE BALANCE. YOU CAN BE 
PULLED OFF-CENTRE IN EVERY WAY IMAGINABLE, AND YOU WILL BE. THESE ARE YOUR TESTS. 


BE THE MONITOR OF YOUR OWN PROGRESS. THE MORE YOU USE INTERNAL MONITORS, THE LESS 
CHANCE OUTSIDE MONITORS CAN STEP IN TO DO THE JOB FOR YOU. WHENEVER YOU LET YOUR 
GUARD DOWN, THERE WILL BE SOMEBODY OR SOMETHING THAT WILL KNOWINGLY AND GLADLY 
PUSH YOU OUT OF YOUR CENTRE. 





PART OF YOUR REASON FOR EXISTING IN PHYSICAL REALITY IS TO FIND OUT WHO AND WHAT YOU 
ARE. BEING PUSHED OUT OF YOUR CENTRE TELLS YOU WHO YOU ARE NOT. OPERATING FROM 
OUTSIDE OF YOUR CENTRE ALLOWS OTHERS TO DEFINE YOU ACCORDING TO THEIR TERMS. THEY 
CAN MOULD AND BEND YOU LIKE CLAY TO CREATE THE PERSON THAT THEY NEED FOR THEIR OWN 
PURPOSES. 


YOU ARE SO BUSY MOLDING AND BENDING THAT YOU DO NOT HAVE TIME TO RECOGNIZE WHAT IS 
HAPPENING TO YOU. 


ONLY WHEN YOU STAND FIRM IN YOUR CENTRE, IN CONTROL OF ABSOLUTELY EVERY ASPECT OF 
YOUR LIFE, ARE ALL THE HOLES OF YOUR MIND-PATTERN COMPLETELY SEALED SHUT. WHEN THIS 
HAPPENS, NO ONE OR NO THING CAN CONTROL YOU. 


BUT EVEN WHEN THE DOOR IS CLOSED TO OUTSIDERS, REMEMBER THAT THEY WILL STILL COME 
KNOCKING. 


IT IS UP TO YOU TO ENSURE THAT THEY DO NOT ENTER. 


GO BACK 
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|, ANDREW D. BASIAGO, being first duly sworn, on oath, depose and state as follows: 


2 


My name is Andrew Daniel Basiago. 


2: | am an American citizen. 
3; | was born on September 18, 1961 in Morristown, New Jersey, USA. 
4. | reside in Vancouver, Washington, USA. 
5. | am an attorney-at-law in private practice in the State of Washington. 
6. | was admitted to the Washington State Bar Association in 1996. 
t. Currently, | am an active member in good standing of the Washington State Bar 
Association. 
8. | maintain a successful solo law practice. 
AFFIDAVIT OF WITNESS — 1 Andrew D. Basiago, Esq. 


P.O. Box 2311 
Vancouver, WA 98668 
(360) 980-4100 
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10. 1am of sound mind and healthy body. 

11. This affidavit is accurate to the best of my ability to remember and tell the true life 
experiences that | testify to in it and is made without any motive to deceive or purpose 
of evasion. 

12. During the years 1968 to 1972, | was a child “chrononaut” in Project Pegasus. 

13. Achrononaut is a time traveler. 

14. Project Pegasus was a classified, defense-related, research and development program 
of the Defense Advanced Research Projects Agency [DARPA.] 

15. DARPA is the agency that develops advanced weapon systems, communication 
devices, and surveillance technologies for the US Department of Defense. 

16. Project Pegasus was the US time-space program at the time of the emergence of 
quantum access in the US defense-technical community. 

17. “Quantum access” is the ability to gather information about a non-local event in the 
time-space continuum by either sending a chrononaut there physically or propagating a 
hologram of the event through which the chrononaut either views the event or visits the 
event on a physio-virtual basis. 

18. Non-local events are those scenarios that take place in what we call the past and 
future but which are actually going on simultaneously in a quantum hologram that 
consists of a multitude of adjacent similar and dissimilar time lines. 

19. The mission of Project Pegasus was to use quantum access to develop a “remote 
sensing in time” capability pertaining to non-local events on behalf of the Executive 
Branch of the United States government. 

20. It was hoped that by developing better intelligence about past and future events, 
Project Pegasus would enable the US president, intelligence community, and military 
to engage in better contingency planning for future events. 

21. Project Pegasus was trying to accomplish this by developing different time travel 
technologies in a research and development program under the aegis of DARPA. 

22. These time travel technologies were advanced electro-magnetic devices, including 
teleporters, that would enable DARPA to send chrononauts to non-local events and 
advanced electro-optical devices, including chornovisors, that would enable DARPA to 
propagate holograms of non-local events for purposes of remote viewing or physio- 
virtual visitation of said non-local events. 
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A “teleporter” is an electro-magnetic device that by opening up a vortal tunnel in the 
quantum hologram permits a chrononaut to travel thousands of miles in time-space in 
seconds. 


Teleporters were fully operational in the secret realms of the US defense-technical 
community by 1967-68. 


A “chronovisor” is an electro-optical device that by driving an electro-magnetic signal 
through a crystal array propagates a hologram that lenses a non-local event into the 
laboratory. 


Chronovisors were fully operational in the secret realms of the US defense-technical 
community by 1967-69. 


| am the fifth and youngest child of the American electrical engineer and inventor 
Raymond Francis Basiago [1923-1990]. 


From 1966 to 1984, Raymond F. Basiago was employed as a special projects engineer 
for The Ralph M. Parsons Corporation of New York, New York [today, Parsons 
Corporation of Pasadena, California.] 


Parsons was the principal US defense contractor involved in DARPA’s Project Pegasus, 
so principally, in fact, that when Ralph M. Parsons, the founder of Parsons Corporation, 
bought what was then the world’s largest private yacht from the billionaire Adnan 
Kashoggi in 1972, Parsons renamed the ship “Pegasus II.” 


In addition to working for Parsons as an engineer, Raymond F. Basiago secretly held 
the rank of Major in the Second Reserve of the US Army. 


During his 18 years of employment with the Parsons Corporation ostensibly working on 
conventional engineering projects, my father was secretly employed as the technical 
liaison between Parsons and the CIA on the theory and practice of teleportation. 


While it is not clear whether Raymond F. Basiago was ever a CIA officer per se, his 
work with DARPA, the CIA, and other US military and intelligence agencies was 
extensive enough for him to be in the CIA employee database. 


When | inquired of my father's employment status with the CIA through an intermediary 
ten years ago, | was told by the CIA that they could not release information to the family 
members of living or deceased CIA personnel. 


| was first brought into Project Pegasus by my father in 1967-68, when at age six | 
teleported with him from New Jersey to New Mexico via a teleporter located in Building 
68 at the “old” Curtiss-Wright Aeronautical Company facility formerly at 1 Passaic 
Avenue in Wood Ridge, New Jersey. 


This “jump” resulted in me becoming the first American child to teleport. 
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| was Officially enlisted in DARPA’s Project Pegasus in Fall 1969, at age seven, at the 
beginning of my third grade year, when | signed a loyalty and secrecy oath on US 
Department of Defense letterhead. 


During 1969-72, the learning laboratory for gifted and talented school children at my 
public elementary school, Mountview Road School in Morris Plains, New Jersey, was 
used as a training course for time travel activities that | was then involved in at defense 
contractor locations in New Jersey and New Mexico. 


In this educational context, | received alpha intelligence training in such abilities as 
perception, memory, and communication. 


This training included photo-learning on machines called “tachistoscopes” developed by 
the Office of Naval Research for the education of the 140 gifted and talented American 
school children enrolled in Project Pegasus and other secret defense and intelligence 
projects utilizing US school children as “team members.” 


The curriculum that we studied on the tachistoscope was called “Galileo” and 
emphasized the history of society and of science from the year 1450. The purpose of 
this schooling was to give the children who would be time traveling for DARPA 
knowledge of the social and technical history of the modern era so that we would have 
this information available to us when we were in the field. 


From Fall 1969 to Summer 1972, | was involved in eight different forms of quantum 
access for DARPA, in which | received specialized education in the learning lab at 
Mountview and then took part in practical exercises either in the learning laboratory or at 
a defense contractor location off-campus. 


Remote Viewing. |n Fall 1969, the children in my group were assessed for our psychic 
ability and then involved in remote viewing exercises for the US Navy’s Office of Naval 
Intelligence. We were asked, inter alia, to remotely view the POW compound known as 
the “Hanoi Hilton” in North Vietnam and determine whether Lt. John McCain was in the 
prison and, if so, where he was in the prison. 


Spinning. \n Spring 1970, the children in my group took part in exercises in which we 
were laid on our backs on a table top-like device and spun clockwise at 33 rpm. In this 
way, we were trained to go “out-of-body.” During one astral projection, | confronted a 
barrier that the lady from DARPA who debriefed me stated was the infrastructure 
propagating the hologram we exist in, The Matrix. 


The Montauk Chair. \|n Spring 1970, the children in my group first began to take astral 
projections to episodes in our own subjective futures via the time travel technology 
known as “the Montauk chair.” After returning from these induced astral projections to 
our own futures, we were then debriefed about what we saw, and in this way intelligence 
was gathered about future events and conditions. According to Dr. David L. Anderson, 
the Montauk chair “went national” and involved thousand of American schoolchildren in 
probes to episodes in their future lives beginning in Spring 1970. | was one of them. 
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The Teleporter. In Summer 1970, the children in my group first began traveling to the 
state capitol grounds in Santa Fe, New Mexico via the Tesla teleporter at the Curtiss- 
Wright Aeronautical Company in Wood Ridge, New Jersey and returning to New Jersey 
via the teleport located at the Sandia National Laboratory in Sandia, New Mexico, 
adjacent to the Kirtland Air Force Base northeast of Albuquerque, New Mexico. 


The Chronovisor. \|n Fall 1970, the children in my group first began accessing past and 
future events via third and fourth-dimensional Ernetti-Gemelli chronovisors situated at 
the General Manufacturing Company in Convent Station, New Jersey; a public 
auditorium under construction in Morristown, New Jersey; and the ITT Defense 
Communications facility in Nutley, New Jersey. 


The Plasma Confinement Chamber. \|n Spring 1972, my father took me to a time lab in 
East Hanover, NJ where, under the direction of Dr. Stirling Colgate, | entered a Lucite 
chamber where plasma was emitted, and while immersed in the plasma, | worm-holed 
to Gettysburg, PA on November 19, 1863, where | was depicted in the famous 
Josephine Cobb photograph of Abraham Lincoln at Gettysburg. 


The Stargate. In Summer 1972, | took trips to 2045 to retrieve microfilmed summaries 
of intervening events being prepared by project historians in the future. The Stargate 
through which | jumped was located in the gymnasium at the Cerrillos Cultural Center 
near Cerrillos, NM. We arrived back in the present on the grounds of the Microwave 
Tower at the Lobo Overlook site in SW Colorado. 


The Jump Room. Before | left my period of service attached to Project Pegasus in 
1972, | witnessed a device, about the size of a microwave oven, through which things 
like documents from Washington, DC were arriving in New Mexico. | believe that it was 
this time travel technology from which the jump rooms were developed via which, by the 
late 1970's, the US government was sending personne! Mars. 


During the three years that | was officially attached to Project Pegasus from 1969 to 
1972, | spent three secret summers in New Mexico living with my father and taking part 
in time travel activities undertaken at both atomic research institutions like the Los 
Alamos National Laboratories [LANL] and the Sandia National Laboratory and smaller 
labs operated by DARPA in the desolate environs of New Mexico. 


These secret summers were effectuated by my father and | teleporting to New Mexico, 
spending the summer there, and then at the end of the summer teleporting back to New 
Jersey so as to arrive on the afternoon of the morning that we had left at the beginning 
of the summer. In this way, the time loop created by our “quantum displacement” in 
New Mexico was closed and time travel was used to conceal time travel research via 
the propagation of a time loop and its subsequent disappearance. 


These “secret” or “hidden” summers were the first Summer 1971, Summer 1973 
accessed from Fall 1971, and the first Summer 1972. | say “first Summer 1971 and 
1972” because after those summers, my father and | lived second summers, with a 
different set of experiences, upon returning to New Jersey. 
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Consequently, as both a child progressing farther and farther down the rabbit hole of 
applied quantum physics, and as my father’s son, during those three summers, and for 
shorter periods during the school year when | was in New Mexico after having teleported 
there, | was frequently present at project social events, including project meetings held 
at the labs, meals taken at restaurants, drinks had at bars, parties enjoyed at private 
residences, and receptions held at hotels. 


In that context, | met many distinguished Americans who were either project principals, 
or who were interested in the project's activities, or who were being brought through the 
project’s social network so that they could be briefed about their roles in future events as 
individuals who had been identified as “persons of interest” related to their personal 
destinies as national leaders of the United States. 


The project principals that | met included Dr. Harold M. Agnew, who served as_ the 
federal administrator of Project Pegasus during his tenure as director of LANL [1970- 
78]; Dr. Edward Teller, who | once met when he was trying to fix a chronovisor at LANL; 
Dr. Stephen J. Lukasik, when he was serving as the director of DARPA; Dr. Iben 
Browning, when he was serving as the director of the directorate of science and 
technology of the CIA [1959-74]; John A. McCone, a former director of the CIA [1960- 
64]; Dr. Stirling Colgate, when he was president of the New Mexico Institute of Science 
and Technology [NMIST]; Dr. Emilio Segre, who had a discussion with my father in the 
hallway at LANL about the existence of teleportation; and Donald H. Rumsfeld, the 
future Secretary of Defense, who served as the defense attaché of Project Pegasus. 


In retrospect, when | consider that three of these individuals [Agnew, Teller, and Segre] 
were Manhattan Project physicists and that three [Agnew, Lukasik, and McCone] served 
as the director of major defense and intelligence agencies [LANL, DARPA, and CIA], | 
am struck by how important Project Pegasus was and how privileged my father and | 
were to be part of it and both witness and participate in the US time-space exploration 
program at the time of the emergence of time travel in the US defense-technical 
community in the early 1970's. 


| also met several future national leaders of the United States at lunches that were held 
in Albuquerque, NM with project principals shortly after they were apprised of the fact 
that using its quantum access capability DARPA had determined that they were 
destined to serve as President or Vice President of the United States. These individuals 
included President George H.W. Bush, Vice President Richard B. Cheney, President 
George W. Bush, and President William J. Clinton. These lunches were held at La 
Hacienda Restaurant in Old Town Albuquerque, where my father’s lifelong friend, Mary 
Constance Chavez [1928-81], was the cashier 


In this unusual and unprecedented social milieu, in which American defense officials 
operating in the present were sharing intelligence data from the future with both future 
national leaders and their colleagues on the project, | had, on occasion, the opportunity 
to overhear “shop talk” that was filtering through the social network of Project Pegasus, 
in which project principals were revealing what they knew about future events, 
developments, and conditions. 
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These discussions were in the nature of gossip or project scuttlebutt and presumably 
should not have been held because the information about the future that Project 
Pegasus was gathering was supposed to remain secret and only shared with those 
individuals with a need to know on a “need to know basis only.” 


The future events, developments, and conditions that | acquired prior knowledge of as a 
result of serving as a child on Project Pegasus included, but were not limited to: the 
resignation of President Richard M. Nixon; the advent of the Internet; the emergence of 
AIDS as an epidemic disease; the presidencies of US presidents Carter, Bush, Clinton, 
and Bush; widespread cell phone use in the future; the fact that Donald H. Rumsfeld 
would one day serve as Defense Secretary; and the attack on the Twin Towers of the 
World Trade Center on 9/11. 


| am filing this affidavit with the tribunal because | have direct, personal knowledge of 
the fact that a secret time travel project for which he served as defense attaché gave 
Donald H. Rumsfeld, who served as US Secretary of Defense during 9/11, prior 
knowledge of 9/11 thirty years before 9/11. 


While serving on Project Pegasus as a child chrononaut and he as its defense attaché — 
as the point man between the Department of Defense and project principals like Dr. 
Agnew and my father — | had extensive contact with Mr. Rumsfeld. 


In Spring 1971, | attended a lecture that Mr. Rumsfeld gave to about 15 young people 
on the project. This lecture was held at an underground amphitheater at the Cerrillos 
Cultural Center near Cerrillos, NM. During the lecture, Mr. Rumsfeld thanked us for our 
participation in the program, admonished us to keep our knowledge of the time travel 
technologies involved absolutely secret because the national security of the United 
States depended on it, and informed us that the significance of teleportation was 
primarily military in that it would enable the US Army to put troops precisely where they 
were needed on the battlefield. 


| greeted Mr. Rumsfeld as we entered the same amphitheater at the Cerrillos Cultural 
Center for a later briefing. Sticking out my hand and imitating adults, | introduced myself 
as simply “Basiago.” Following suit, he shook my hand and replied: “Rumsfeld.” 


| was in the company of my father in 1971 when we entered a bar in Albuquerque and 
my father had a conversation with Mr. Rumsfeld in which my father and Mr. Rumsfeld 
commiserated about being involved in a program that was involving American school 
children in time travel. During this conversation, my father informed him that the 
program had determined that he was destined to “make” Defense Secretary. Mr. 
Rumsfeld replied: “I know that, Ray. | read that in one of the reports. But that’s one 
future event that I'll only believe when it happens.” 


| was again in the company of my father in 1972 when my father was briefed by Mr. 
Rumsfeld about the fact that upon high schoo! graduation the children in the program 
would be admitted to the US Naval Academy at Annapolis “as a pretext for involving 
them in future project activities,” as Mr. Rumsfeld stated. 
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In addition, | was a guest at an afternoon reception at a downtown hotel in Albuquerque. 
After drinks were served, Mr. Rumsfeld regaled those around him with stories of his 
exploits as a naval aviator during the Korean War. 


The 9/11 event was spoken of openly within Project Pegasus’ inner circle. | think this 
was the case because it was not only a future event that had been detected by the 
program but because it was a dramatic future event; it was a future event that had 
implications for the national security of the United States; and it was a future event that 
involved something that had not been seen since the War of 1812, which was a 
coordinated attack on the US mainland. 


One time, in a restaurant in Albuquerque, NM, one of the project engineers asked my 
father what he knew about this future event. “What can you tell me about the event 
called 9-1-1, Ray? Apparently, it's some kind of domestic Pearl Harbor?” My father 
responded, matter-of-factly: “Middle Eastern terrorists hijack commercial airliners and fly 
them into the Twin Towers in New York City.” “What happens then, Ray?” the project 
engineer asked. My father answered: “The Twin Towers come tumbling down, like a ton 
of bricks.” “God, how awful,” the project engineer sighed. “What happens after that?” 
My father answered: “The country picks itself up, dusts itself off, and goes on like 
nothing happened.” 


While this was typical of the kind of informal discussion about 9/11 that | overheard as a 
boy while serving on Project Pegasus, my father and | were actually shown visual 
evidence of the future attacks of 9/11 that had been retrieved by the project from 30 
years in the future. 


One afternoon during our Summer 1971 stay in New Mexico, my father and | had just 
finished lunch at the La Hacienda Restaurant in Old Town Albuquerque, when my father 
was Called to the telephone. He listened intently, and then said: “I'll be right down.” 
When he hung up the phone, he said: “Let's go.” When we were in the car, | asked my 
father where we were going. He said, tersely: “Aerojet.” 


My father sped to our destination. The Aerojet Corporation was in Socorro, NM, a 
distance of 90 miles south of Albuquerque. We reached Aerojet in a little over an hour, 
meaning that we must have been traveling at 80 to 85 mph for my father to get us there 
so swiftly by private automobile. At Aerojet, we were shown astonishing evidence, so, in 
retrospect, | can understand my father’s excitement. 


In those years, the Aerojet Corporation facility was at the corner of Bullock Avenue and 
Leroy Place on the New Mexico Institute of Science and Technology [NMIST] campus in 
Socorro, NM. It was a small, C-shaped building with a zero-scaped courtyard. A small 
macadam parking lot on the grass in front of the building accommodated about 10 cars. 
When one turned left while traveling west on Bullock Avenue to park in this small 
parking lot, one passed a sign consisting of a slab of black granite with silver letters that 
read “Aerojet Corporation.” The Aerojet Corporation facility on the NMIST campus was 
processing images of future events retrieved by US chrononauts from the future. 
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During one of three fact-finding trips about my project experiences that | took to New 
Mexico in 2003, 2004, and 2008, Joy Thompson, the head research librarian for NMIST, 
not only confirmed that a C-shaped Aerojet Corporation building was present on the 
grounds of NMIST in the early 1970's, but that in those years it was misidentified on the 
campus maps published inside the official NMIST course catalogues as either Gibbons 
Hall, a student union of NMIST, or as the National Radio Astronomy Observatory, which 
is located a mile west of NMIST. This was contrary to what | had been told by Aerojet 
before making my 2004 trip to New Mexico. They told me that Aerojet did not have a 
corporate presence in Socorro until 1985, when, in fact, it was in 1985 that Aerojet built 
its present facility on the NMIST campus and tore down its earlier, C-shaped building. 


When, in 1971, my father and | entered the Aerojet building through a door in the interior 
of the “C," my father showed an armed security guard his Department of Defense 
identification card and told the guard, “My son's with me.” The guard pushed a button 
and prison cell-like bars blocking access to the secured left side of the building retracted 
into the ceiling and we walked down the hall. 


We were greeted in the hall by one of the photo-analysts processing images from the 
future at the Aerojet facility. | remember that my father had explained that some of these 
photo-analysts were graduate physics students studying under Dr. Stirling Colgate, who 
was then serving as President of NMIST and chair of its physics department. The 
photo-analyst was very excited and as he approached my father and | excitedly 
informed my father: “We've got it, Ray! We've got images of the event!” My father shook 
his head in bemused bewilderment. 


The photo-analyst led us into a small room that had about 20 TV monitors stacked all 
over the place in a hodgepodge manner. The small photo-analytical lab was dense with 
TV monitors and video cassette consoles. The photo-analyst then took a beta video 
cassette and with trembling hands popped it into a beta video console. “Watch this!” he 
told us. The TV screen illuminated with a set of large square pixels that formed from the 
jagged leading edge of what appeared to be a fragment of videotape. This might have 
been the remnant of one of the microfilms of the sort that we were retrieving from the 
year 2045. 


When the picture pixilated into view, we saw sun glinting off of a commercial passenger 
airliner as it entered the scene from the left, traveled across the screen slowly, and 
crashed into one of the Twin Towers in Downtown Manhattan, causing a dense fireball 
to erupt in the area of its impact with the building. The videotape loop that we were 
shown was approximately 20 seconds in duration. Every time the fireball would erupt 
and the loop would conclude, the photo-analyst would replay the videotape loop, and 
every time the plane again struck one of the Twin Towers, he and another young photo- 
analyst watching would exclaim “Bam!” as if they were replaying a replay of a “slam 
dunk” in a televised basketball game. | believe that what we were shown was the 
second plane strike that would take place 30 years in the future on 9/11 and its resulting 
fireball. Certainly, the footage was indistinguishable from the video evidence of the 
attack on the Twin Towers that has been broadcast widely since 9/11. 
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In light of the fact that my father and | learned of 9/11 while attached to Project Pegasus, 
it is certain that Mr. Rumsfeld did, too. After all, he was the defense attaché for the 
program, which placed him at a higher level of responsibility than my father. Inevitably, 
Mr. Rumsfeld would have been shown the visual evidence of the future event, as my 
father and | were shown that day at the Aerojet Corporation in Socorro, NM in 1971; or 
would have read of the future terror attack associated with the term “9/11” in one of the 
intelligence reports about future events that were being circulated in the leadership 
echelon of the program and among top intelligence officials; or would have heard 9/11 
discussed in casual conversations between project principals. 


This evidence establishes that 30 years prior to 9/11, and on the day of 9/11, the US 
Secretary of Defense, Donald H. Rumsfeld, had prior knowledge of 9/11. 
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The one and only true timetraveler Andrew D. Basiago tells the Truth: 
THE EIGHT MODALITIES OF TIME TRAVEL by Andrew D. Basiago 


1. Remote viewing was developed by the US military in the 1960’s years before it was supposedly developed 
at Stanford Research Institute [SRI] in 1972. It uses the human mind to travel to locations distant in space in 
real time or distant in time-space. 


2. Spinning to induce out-of-body experiences so as to travel on the astral plane is an ancient occult practice. It 
uses dissociation of the mind to access while awake the astral realm that we access while we are lucid 
dreaming. 


3. The Montauk chair was reverse-engineered from the pilot’s seat aboard a crashed ET craft, by which the ET 
pilot piloted the craft psychically to avoid collisions in space in light of the speed of the craft and the vast 
interstellar distances traversed. It uses magnetic transduction to boost human consciousness forward in time 
so that the individual in the chair pre-experiences a moment in his subjective future. 


4. The teleporter, which opens up a vortal tunnel in the fabric of time-space through which the teleportee 
passes from Point A to Point B in several seconds, was invented by Nikola Tesla. It uses a field of radiant 
energy to open up the vortal tunnel in time-space. When the tunnel in time-space closes, the teleportee finds 
footfall in the location where the tunnel closes, either in real time or in the past or future. 


5. The chronovisor was accidentally discovered by Vatican musicologists Father Pellegrino Ernetti and Father 
Augustino Gemelli when they were studying the harmonic patterns in Gregorian chants at the Catholic 
University of Milan in the 1940's. Ernetti and Gemelli found that the microphone they were developing could 
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multi-colored light by US defense contractors under DARPA after the Vatican gave the chronovisor 
technology to the US government for further development. 


6. The stargate is a Tesla teleporter that so concentrates the radiant energy that it derives from the quantum 
hologram that it can send the teleportee vast distances in time-space. Once inside the vortal tunnnel, the 
teleportee can see that the tunnel is identical to the tunnel walls of bluish-white holographic light produced 
by the Tesla teleporter, but since greater distances in time-space can be reached by the stargate, the 
teleportee spends more time in the tunnel and so has a greater risk of asphyxiation. It was via stargate that 
Project Pegasus was accessing 2045 in 1972. 


7. The plasma confinement chamber was invented by Dr. Stirling Colgate, president of the New Mexico 
Institute of Science and Technology [NMIST] and a physicist at the Los Alamos National Laboratories [LANL]. 
It uses radioactive plasma to propagate a wormhole which the time traveler travels in order to be embedded 
temporarily in a past event. When this local quantum field effect created around the chrononaut wears off, he 
experiences transitioning spontaneously back to his point of embarkation in the chamber without traveling 
via wormhole. It was via this device that Andrew D. Basiago was sent to Gettysburg, PA in 1863 in Spring 
1972 as seen in the Josephine Cobb image of Lincoln at Gettysburg. 


8. The jump room or “aeronautical repositioning chamber” [ARC] was developed in a joint venture between 
Parsons and Lockheed, possibly after being reverse-engineered from an extraterrestrial device or as a result 
of ET-human liaison in which the device was given to the US government by one of the Grey ET species. It uses 
an unknown process to relocate the teleportee on an interplanetary basis. In the CIA’s Mars jump room 
program, jumps between Earth and Mars tended to take about 20 minutes and involved the jump room 
“morphing” from a box to a cylinder and back again during the jump. 


Copyright 2016 by Andrew D. Basiago. All rights reserved. 


Source 
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Alien Base for Giants Discovered in the Bucegi Mountains 


http://humansarefree.com/2010/11/another-true-history-chapter.html 





The article was originally published on November 30th, 2010, at 11:11 AM. It was improved, corrected 
and republished in May 2013. 


|. Short Introduction 


In the summer of 2003, in an unexplored area of the i Mot , a team from Zero Department 
(a top secret section of the Romanian Intelligence Service -- SRI), had made an epochal discovery, 
which could had completely change mankind's destiny. 


The United States of America exercised colossal diplomatic pressure on the Romanian Government, 
which intended to disclose the findings to the entire world. 





The implications became far more complex due to the brutal interference of the Order of the Illuminati, which sought to take control of both the 
location of the discovery, and the joint Romanian - American expedition. 


The expert on strange phenomena, and also the leader of operations for the Romanian State, Cezar Brad, is the “hero” of the shocking events that 
occurred in the Bucegi Mountains. He also had two memorable meetings with a leading representative of the Illuminati, and top Bilderberg 
member. 
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The location of the alien base inside the 'Masivul Bucegi' mountain, Romania. Also, notice the locations of the Sphinx of Bucegi and the Babele 
monoliths above the alien base. 


Il. A Strange Visit From the Most Powerful Bilderberg Member 


In May 2003, Cezar was visited by a highly important character. The meeting request came through SRI, as a result of the government's 
intervention. The person was a foreigner, but spoke the Romanian language very well. He was also familiar with the country. The SRI informed 
Cezar that the visitor was a high ranking member of a very important Masonic lodge from Italy, he was a noble, and had very strong financial 
influence in Romania. 


His political influence was also very high, since he was able to penetrate the wall of SRI agents and reach the DZ. 
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Cezar felt a high pressure and a heavy weight around this person. He was surrounded by a cloud of heavy, unpleasant radiation which concealed 
his true intentions. For this meeting, Cezar prepared thoroughly, isolating himself in a room and falling into a state of deep meditation, to learn 
more about the person. 


A SRI helicopter brought this arrogant, tall gentleman, wearing a black suit. He had a cane with ivory handle and gold inlay. His face expressed 
harshness and his green eyes had a strange effect, radiating unusual coldness. He presented himself as Senior Massini (probably not the real 
name). He was very confident of his power and created the impression of a person who was used to give orders. 


He was the leader of one of the most important Masonic Lodges of Europe and also to one of the most influential Masonic organizations in the 
world: the Bilderberg Group. 


Massini was very direct and stated that humans are of two kinds: those who can be manipulated and ruled (these form the majority), and those 
who have certain virtues and strong personalities. He said that his group is part of the highest Masonic order and is very interested in the outcome 
of the discussion. 


Mister Massini explained that the Bilderberg Group is not a Masonic lodge, and it means much more than that. He said that the lodges are just 
facades and the real power is much higher than the thirty-third hierarchical level. Massini invited Cezar to join the group, letting him understand 
that he will have many advantages. 


According to Cezar, Massini was both physically and psychical strong, which contrasted with his age. Unfortunately for him, his power was 
centered on a huge ego, arrogance and sense of superiority over the rest. 


Massini informed Cezar that he requested him personally, using his political influence, because he was impressed by Cezar's psychic power. 
Ill. The Pentagon Spies With Satellites 


A Pentagon satellite used for geodetic espionage, based on bionic technology and shape waves, discovered in 2002 a separate unit in a specific 
area of the Bucegi Mountains. The empty space inside the mountain had no correspondence with the outside, and looked like it was carved from 
the inside, by intelligent beings. It was definitely not a cave. 


The satellite scan of the mountain revealed two major energetic blocks. These barriers were made of artificial energy. The first one was like an 
energetic wall, blocking the access to the tunnel, while the second one was shaped like a dome (or hemisphere), and was located at the opposite 
end of the tunnel, near the center of the mountain. 


Massini was sure that inside the dome they will discover something extremely important. 
He had deep knowledge about the origin of this discovery and had knew of the existence of at least one item located inside the great hemispherical 


hall. The tunnel and dome were strangely aligned with the rock formations from the top of the mountain, known as "Babele" and the "Sphinx of 
Bucegi". 





The Romanian Sphinx of Bucegi 
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IV. A Similar Structure In Iraq 


The Pentagon team noted that the hemispherical energy barrier had the same vibrational frequency and the same shape as one other top secret 
underground structure that they had discovered prior, near Baghdad, Iraq. Shortly after this discovery, the Iraqi war broke out and after a few 
months, the Americans had access to the biggest secret in the area -- which the Iraqis knew nothing of. 


Massini explained Cezar that the content of that discovery had to do with Earth's mysterious past and the history of their secret organizations. 
When the Pentagon investigation noted the similarities between the underground structure of Baghdad and the one from the Bucegi Mountains, 
Massini and his masonic lodge became extremely agitated. Initially, they've almost panicked. The panic was due to the fact that this structure - 
much larger and more complex than the one from Iraq - is on Romania’s territory. 





The location of the alien base, on Romania's map 


[Apparently, Romania is probable to play an important role in the downfall of the secret societies that control the world and enslave mankind. It was 
also suggested that somewhere above the Bucegi Mountains, an energetic pyramid is located, which is invisible to the naked eye, and contains the 
real history of our planet. One can imagine their panic]. 


Massini brought to the drilling site an ultra sophisticated, hard rock drilling machine, used by the US military. The device used a strong plasma jet 
and a sort of rotating magnetic field, literally melting the rock with no visible effort. 


V. The Secrets of the Bucegi Mountains -- Year 2003 


They were able to achieve penetration about 60-70 meters away from the first energetic barrier, and reached the first gallery, which looked like a 
subway tunnel. Its walls were perfectly polished. At the end of the tunnel there was a massive stone gate, which was protected by an invisible 
energetic barrier. Three members of the first special intervention team tried to touch the door, and immediately died of cardiac arrest. 


Any object (rock, plastic, metal or wood) threw at the barrier, immediately turned into fine dust. Two generals from the Pentagon and the U.S. 
presidential adviser arrived on the spot. 


VI. The Grand Gallery 


Beyond the formidable energy barrier, which caused the deaths of three people, there was also the solid rock gate. On the tunnel’s wall, just in 
front of the gate, there was an area of 20 square cm, on which there was precisely drawn an equilateral triangle pointing up. The square was 
located between the huge grinding stone gate and the invisible energy barrier. 
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Tunnel and dome inside the Bucegi Mountains 


Cezar felt that there is some kind of compatibility between the energetic barrier and himself, something like a mutual “sympathy”. His hand lightly 
touched the surface of the energetic barrier and he felt a tingling on the skin. The shield was completely harmless to him, so he stepped forward, 
passing right through it. The U.S. officials were absolutely stunned. 


Cezar estimated the barrier to be no more than an inch thick. 


He touched the triangle drawing located in the center of the square, and the gigantic stone door silently slid to the left, into the wall. That command 
also cancelled the energetic barrier, giving them access to a huge room, which was later named "The Grand Gallery". 





Even though there was no visible light source, the Grand Gallery was perfectly lit. 


After turning off the first energetic barrier, the huge hemispherical shield at the other end of the room, suddenly tuned to a higher vibration and 
started emitting higher radiations. 


On a closer analysis, the wall inside the Grand Gallery seemed synthetic but also felt like something organic was part of it. It had the color of oil, 
but the reflections were green and blue. 


Later tests revealed that the wall's material was somewhat rough to the touch, but it could not be scratched or bent. It withstood any attempt of 
breaking, piercing or cutting it. Later, the scientists tried to burn the material, but in a mysterious way, the flames were somehow absorbed within it, 
leaving it untouched. 


The American scientists agreed that the material is a mysterious combination of organic and inorganic matter. After 280 feet, the gallery suddenly 


turned to the right in a sharp angle. Further ahead a blue, sparkly, light could be seen. The blue light at the end of the gallery was the reflection of 
the protective shield of energy. 
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Vil. A Similar Base in lraq 


The U.S. adviser on national security issues received a call and he was notified that the energetic shield from Baghdad, Iraq, had been suddenly 
activated, and it was also pulsating at a higher frequency. 


In front of the shield from Baghdad, a hologram of our planet appeared, which sequentially and progressively depicted the European Continent, 
then moved to the south-east, then it showed the Bucegi Mountains from Romania and, finally, it showed their own location within the structure’s 
corridor. It was obvious that the two hemispherical energy shields were in a direct connection. 


Basically, the Iraqi base had been notified about the presence of people inside the Romanian base. 


The bad news was that the U.S. presidency was notified and it contacted the Romanian diplomacy. In just a few minutes, the whole operation had 
been disclosed, and Lord Massini's plan went down the drain. 


The U.S. presidency demanded to take control over the secret base and the entire operation. The Romanian politicians, who knew nothing of the 
undergoing secret operation, panicked. 


The Pentagon's generals present at the scene, had been informed that Washington demanded an urgent meeting. 

VIII. CSAT (Supreme Defense Council) Emergency Meeting 

An emergency session of the Supreme Defense Council (CSAT) had created a huge wave of sympathy for the Zero Department. Most were 
shaken by the news they’ve received. The CSAT's decision was to continue the research, but under Zero Department's complete control. They've 


had also demanded an inventory of everything found in the Great Room. 


From Bucharest (Romania's capital), the orders came in waves, canceling each other. Some were very vehement and strict, while others were 
elusive -- denoting the huge tension. 


CSAT's members were in continuous session, keeping in touch with the Bucegi Mountains team. After discussing everything for hours, they 


had decided to make the discovery public. The Romanian government was to make a formal statement to the entire world. Some CSAT members 
vehemently opposed the decision. 


IX. Romania's Official Statement 


When the U.S. diplomacy had been informed that Romania will disclose the discoveries, everything tuned into chaos. The President was called for 
a direct phone conversation with the White House. 


Within hours, the U.S. blocked all financial transactions with Romania and its access to all other financial institutions. Romania was about to 
declare “State of emergency” in the Bucegi Mountains and the capital. 


The talks between the U.S. officials arrived in Bucharest and the Romanian Emergency Department took place without a translator. The U.S. 
officials were verbally violent, constantly shouting and uttering threats to Romania and its officials. 


Romania's official disclosure to the world would have provided photographic evidence and anything else essential for a complete clarification. 
Leading scientists and researchers from all over the planet were to be invited for in depth studies. 


But most importantly, it would have revealed the truth about mankind's distant past and the real history -- which according to what Cezar witnessed 
inside the Grand Gallery, is almost entirely counterfeit. 


The reaction of the U.S. government was so brutal because that disclosure would have shattered their global influence and power, in a instant. 


The official reason cited by the U.S., was not to create panic in the world, but they had omitted to acknowledge that the current state of global 
anguish is a direct result of deliberate deceit and manipulation conducted by the Freemasonry and other secret societies, for millenia. 


There was also an intervention from the Vatican (if you wonder how did the Vatican found out about this discovery, then you should know that they 
are at the very top of the world's control pyramid, and their religious piety is merely a facade -- read: The Darkest Secrets of the Vatican), in which 
the Pope (!) called for moderation before this great, fundamental, step for mankind. 


The Pope promised to make certain documents available to the Romanian state from the ancient papal secret archives, which were of great 
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importance for Romania. The documents were backing up the discoveries (yes, that's how powerful a Pope is). 


After 24 hours of negotiations, a final agreement occurred between Romania and the USA. The Romanian state was to postpone the disclosure, 
and gradually present everything to the people. 


X. The Projection Room 


The Grand Gallery ended abruptly with a giant auditorium, 30 meters in height (98,5 feet) and a length of 100 meters (328 feet). The Projection 
Room was smaller in size and it was protected by an energetic shield. 


Advancing towards the shield, a portion of it disappeared, in the shape of a door, allowing access inside it. The shield protected the room by any 
outside influences. Once inside the room, the shield became compact and looked like a white-golden wall. 


Basically, the shield formed this dome-shaped room, with curved walls and ceiling. At the back of the room, at a height of a about 10-12 meters 
(33-39,5 feet), the shield ended where it touched the room's stone wall. 


In this wall there were three enormous tunnel holes: one located straight ahead, and the other two were symmetrical on both sides. They were lit 
by a diffuse light in a greenish tint. Both sides decided to prohibit the access to these tunnels and a protocol was signed between them. 
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XI. Tables For Giants 


A series of huge stone tables were arranged along the right and left walls (five on each side), following their curvature. The tables were about 2 
meters in height (6,6 feet). 


The table tops had precision cut-in reliefs, different signs of an unknown writing and characters that resembled ancient cuneiform. The writing also 
contained more general symbols, such as triangles and circles. Although the signs were not painted, they've had a fluorescent light radiating in 
various colors, different for each table. 


On some of the tables there were different objects, which appeared to be technical tools. From many of these tools, translucent-white wires 
descended to the floor, and entered inside shiny, silver-like, rectangular boxes. These boxes were placed directly on the floor. 


At a closer inspection, the cables were extremely flexible and lightweight, and light pulses could be seen circulating along their length. Each time 


someone approached the tables, a holographic projection was automatically activated, presenting aspects of a particular scientific field. The three 
dimensional images were perfect and had height of almost two and a half meters (8,2 ft). 
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The projections were automated and ran by themselves, but at the same time they were interactive, and changed according to the signs touched 


on the tables’ surface. 


[Picture of an actual giant skeleton unearthed in the 1970s inside a Romanian gold mine, at Rosia Montana -- the full story in a future article]: 





XII. A Great Discovery: Holographic DNA Combinations Between Extraterrestrial Species 


Because of the great height of the tables, the scientists used special tripods to climb at a comfortable height. At a closer investigation they've 


observed a dark-glassy material covering the table tops. The material was divided into several large squares, bounded by straight lines, which 


formed some kind of a grid. 
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One of the tables contained information from the field of biology, and it projected images of plants and animals, some of which were completely 
unknown to the scientists. After touching one of the squares, a hologram presenting the structure of the human body was activated. The hologram 
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was constantly rotating, highlighting various areas of the human body. 


Touching other squares activated holographic projections of extraterrestrial beings, from other planetary systems. Simultaneously touching two 
different squares, a complex scientific analysis was projected, showing the DNA of both species, and compatibility possibilities between the two. 


On the sides, in vertical lines, there were written explanations in the same, alien alphabet. At the end of the simulation, a crossbreed between the 
two species was displayed. 


XIll. Real Giants 


Judging by the size of all the objects within the Projection Room, the creators of the edifice were probably very tall beings. A confirmation of giant 
humanoid skeletons found in Romania could be found in a newspaper called “Ziarul’: 





"The team from the newspaper is accompanied by researcher Vasile Rudan, who noted that the people of the Bozioru village have concrete evidence: a cemetery with skeletons of 
giants. It was discovered by chance over 20 years ago, when the authorities decided to plant apple trees in the village of Scaieni. Digging on a hill, the villagers discovered huge 
skeletons, measuring more than 2,40 m (7 ft 10 in). 


"Dragoi Ilie, one of those who worked in the apple orchard, takes us to the spot. Mister Ilie shows us around the orchard: ‘Everywhere are tombs of giants. We were making holes, to 
plant saplings, when we found a human head as big as a pumpkin. Neither one of us had ever seen anything like that. We were all amazed. Digging further, we've found some bones of 


the feet, as big as the vineyard poles. The dead one must have been very big.” 


XIV. The Library of the Universe 


The Projection Room contained detailed information from fields like: physics, cosmology, astronomy, architecture, technology, biology, genetics, 
and even religion. Because it contained so much information, the room was compared to a library. 


In the middle of the room, there was a podium-like area which contained an interesting device. The scientists speculated that it might have been a 
device to enhance various cerebral functions. 


XV. Romania's Control Panel 

Next to it there was a command panel, covered with various geometric symbols, in different colors. There were also two sliding levers and a red 
button, in the center of the panel, above all other commands. A holographic simulation explained the purpose of the button. It showed an image of 
the Carpathian Mountains as seen from 25 km (15,5 miles) above them and next, an enormous quantity of water flooded the lowlands and plains. 
Next, from the territories of Romania, Hungary and Ukraine, more streams of water appear, heading towards the Transylvanian plateau, in the form 
of huge rivers. The image focused on Romania's territory and showed most of its surface covered by the waters of a great sea. Some of the tallest 


mountain peaks could now be seen as small, floating islands. 


Next, the waters begun to withdraw, as soon as the leavers found on the panel were activated, leaving sunk only a small area near the Retezat 
Godeanu mountain. A true manual. 


XVI. A Mysterious Amphora 


Behind the control panel there was a square pedestal, of about three meters (9 ft 10 in) per side, on which a mysterious amphora was resting. Lord 
Massini had knowledge of its existence and, for him and his Masonic elite, this was the most important discovery. 


The amphora contained a very fine white powder. The researchers were dismayed to find that the powder was a high purity formula of monatomic 
gold, with an unknown crystalline structure. 


The gold powder in its pure form greatly stimulates certain waves and energy exchanges at cellular and neural level. This causes an accelerated 
process of rejuvenation. 


Theoretically, a man can live in the same physical body for several thousand years, provided they consume from time to time, a well-defined 
quantity of monatomic gold powder. This explains many puzzling aspects about the incredible longevity of some important figures and uncovers 
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part of the hidden intentions of the global elite. 


XVII. The Real History of Our Planet 


Behind the amphora, in the middle of the square, there was a huge dome that projected holograms. It displayed the main aspects of humanity's 
most distant past, from its very beginning. Cezar explained that according to the images projected by the hologram, about 90% of mankind's official 
history is false and counterfeit. Darwin's evolutionary theory is also incorrect. 


In the middle of the square is a huge dome which projects a hologram of moving parts. It contains the main aspects of the very distant past of 
humanity, from its very beginning. Cezar explained that according to the images projected by the hologram, Darwin's evolutionary theory is 
completely false. 


The true origin of man is depicted in a condensed holographic form. After these lessons of truth, we can say that 90% of the official history of 
mankind is false and counterfeit. Unbelievable, but what is now considered to have really happened in our history, never did, while the so called 
"myths" and "legends" are almost entirely true. 


Also, most archaeological theories are false. For example, the dinosaurs did not went extinct 65 million years ago, and the old continents 
of Lemuria and Atlantis existed. This strange inversion caused many problems and conflicts between people in our past. For a correct dating of the 
presented events, a star map corresponding to that period was projected on the background. 


Although the time period covered by the projections was very large (several hundred thousand years), and the procession cycle of the Earth is 
25,920 years, by observing the number of “Platonic years” (the 25,920-year cycle) the exact dating of the events was possible. The Bucegi 
Mountains are 50-55 thousand years old. 


XVIII. Shocking Revelations 


Cezar saw what happened during the so called Great Flood and where the human civilization originated, but he decided not to reveal this, as the 
revelations are too shocking for the mentality, ideas and knowledge of the contemporary man. 


Personally, | think people like him are also responsible for the current state of unawareness and latency of the human species. We have been lied 
and manipulated for millenia, and as soon as we are close to the truth, someone decides that we are not yet ready to hear it. 


This is an arrogant and selfish approach! The people are as ready today as they will ever be, and the sooner the truth will be released, the better. 
Having more pieces of the puzzle will make them accept the truth easier and, more importantly, will make convince them to take action against the 
manipulators and enslavers. 


In a disturbing display of images, the existence of Jesus and his crucifixion was also presented. The projections revealed that many of those who 
witnessed the crucifixion came there from other historical periods. 


They were wearing the same kind of clothing as the rest of the people, but their facial features were different, hence they were constantly covering 
their faces. The hologram also presented fragments from the spiritual lives of other exceptional characters of mankind's distant past, including 
people that we know nothing of. 


In those times, the social and population distribution were completely different from what is known today, so the archaeologists and anthropologists 
should review their theories from scratch. 


XIX. The Three Mysterious Tunnels 


The discovered tunnels are thousands of miles in length and lead to three different areas of the planet. The one in the left connected the Romanian 
base to a yet to be discovered underground base somewhere in Egypt (which was definitely discovered and explored by now). 


The right tunnel led to a similar but smaller structure, in the "Tibetan Plateau". This tunnel had three secondary ramifications. One led to an 
underground area near the Romanian city of Buzaru (close to the "Carpathian Bend"). Another one led to the already mentioned Iraqi base, while 
the final ramification led to an underground base in the "Gobi Desert", in Mongolia. 


XX. The Third Tunnel -- A Secret World EY 


The middle tunnel was the most important to both Lord Massini and the U.S. Government, which strongly requested to be kept secret to the public. 
This tunnel descended to extreme depths towards a veritable underground world, located near the center of our planet. 
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Those of you who are not familiar to the hollow earth theory, please note that there are important figures who support the theory that all planets are 
probably hollow on the inside, and bring interesting scientific arguments to support their claims. 


Also, there are some very interesting and beautiful stories about people who allegedly traveled to this world. The realm is commonly known as 
Agartha, and the third tunnel was probably leading straight to it. It only makes sense that the shadow elite were not interested to make the 
discovery known to the people. 


Related: The complete collection of stories about Agartha; 


Intense preparations begun for expeditions inside all 3 tunnels, as following: the first one to Egypt, the second to Tibet, and the third one to Earth’s 
core. 


(Summary of events from the book: "Viitor cu cap de mort", by “Radu Cinamar” -- the pen name for an undisclosed writer, which in my opinion, is 
none other than ex-General Emil Strainu. | base my statement on the extremely similar writing style and the fact that the author had direct access 
to this above-Top Secret alien base -- something that couldn't have happened unless the person was an insider.) 


In 2009, a local television “Antena 1” briefly presented these events: 





After the program, they've received an anonymous phone threat: 





The following is a transcript of the phone call. The reporter from "Antena 1" answered the phone: 


Reporter: Hello, good afternoon! 


R: Who are you? 
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A.c.: This information must remain at the level of some structures and must not be made public! You've entered a dangerous game. You 
are young, you have families... there are enough subjects in this country to speak about. 

R: Mister, who are you? 

A.c.: Don’t wish to know us and to be yourselves interviewed by us! That’s all I've had to say. 


Thank you for reading and always remember: "the truth is out there". Never stop searching... 
By Alexander Light, HumansAreFree.com, based on Radu Cinamar's book Transylvanian Sunrise; | You can find further details and the discoveries 


that followed in Radu Cinamar's books; | Cover image: Fara Secrete; | Testimonies about giant skeletons discovered all over Romania (not 
available in English): The Secret of Rosia Montana; Argedava's giant skeletons (more here); Romania's giants; The Giants of Scaieni; 


_ Donate _ Dear Friends, 
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12. 


Philosophy given or rather 


Technical 


information given 
from the IARGA 
contactteam. 


their describtions on the matter of 
TIME 


- AND MORE 


- picture is described later 


The analog carrierfield model, an instruction 


model. 


The cosmic carrier field of all space and matter performs a sixfold function, 
of which some have already been discussed in gereral way. 


I, 


The carrier function of an infinitely strong forcefield blocked in itself 
contains the fluidum conducting all waves without dissipation and 
maintained to eternity. 


. The orientation of the time-axes of the universes with respect to nothing 


provides the structure of the carrier-field of three dimensions, the 
bounded Love-will, creating our life and existence. 


. The time synchronisation function locks all universes in the iron grip of 


the law of cosmic counter-balance from which no atom can escape. 


. The feedback principle of time to the total mass of the universe is the 


function of the coupling-field by counterbalance (and interference) of 
the time-bound waves. 


. The function of the timeless primeval atom-field, the atom-principle, as 


the transmitter program containing the code of matter of which all atoms 
are remote manifestations. 


. The function as bearer of the absolute ALL-knowledge and goal 


consciousness, manifesting itself as the laws of nature and as the 
intelligent goal of life: the spirit of God. 


The last function concerns the existential aspects, which have been discussed 
in the previous section of this book. 
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The first analog model is a mechanical instruction model explaining the 
cosmic carrier field by means of symbols. This model was built on another 
life-supporting planet on a high mountain and was many meters high. It was 
the gathering point for contemplation of that intelligent race for devotion to 
its Creator. 


It was the symbol by which the majority of the race acknowledged the goal of 
Creation, simultaneously the sign that the cosmic isolation had been lifted. 
The other function of the carrier-field will be discussed with the help of this 
mechanical instruction model. 


The analog model consisted mainly of the six edges of a huge equilateral 
triangular pyramid built out of solid soft-iron bars. The many metres thick 
edges of the pyramid contain an impressive number of iron bars parallel to the 
direction of the edges and cast in a kind of plastic resin following a process 
similar to that of casting concrete(betong). So a mainly iron-frame was 
formed especially suitable for conduction of magnetic pulses of high power 
without much loss. 


So far the carrying fuction of the cosmic time-field, which primarily 
maintains the timeless waves is symbolized in the model. The magnetic 
pulses in the edges of the pyramid run backwards and forwards like the 
timeless waves in reality. 


With respect to the other edges of the pyramid, the magnetic pulses are phase- 
shifted. The problem is that up to now the forward propagation (forplantning) 
in time has been missed out. In fact we look for the equivalent of the two little 
wagons on the vibrating rail. The solution can be found in the symbol of the 
rotating flywheel, as with the atom its rotation is continuous in time, it is in 
fact time propagation. Therefore the iron frame of the pyramid is 
discontinued at two places in each of the six edges of the pyramid. At this 
discontinuation point a linear magnetic impulse motor is installed, on the axis 
of which a large flywheel is mounted. 


NBF=NonFerroBridge 





Rotor and flywheel 


Non ferro bridge. 
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The flywheel symbolizes not only the propagation of time, but also the inertia 
of matter and so the flywheel is in effect the total mass of the universe. This 
type of magnetic impulse motor is not self-starting, so at the inside on the 
flywheel axis a starter-motor is mounted, fitted solely for the purpose of 
starting. One rotating the synchronous motor maintains the exact number of 
revolutions at the same frequency of the magnetic alternation field. Thus in 
each of pyramid's edges two synchronous motors are mounted making twelve 
flywheels in total. 


The two flywheels per axis rotate in opposite directions to symbolize the time 
propagation in opposite time directions. This type of linear impulse motor is 
chosen because it can be made to rotate in either direction. 


The first analog model. 


In one triangular plane of the pyramid the six synchronous motors in the iron 
frame demonstrate a rotating magnetic field, seen from the center of the 
plane. Each edge of the pyramid has the right phase-shift with respect to the 
other edges of the triangle. 


The first model has four central rotating magnetic field generators in the 
middle of each triangular plane. (See figure of unfolded pyramid indicating 
the actual phase-shift). 


These four synchronous (three phase) generators are coupled together by a 
gearbox and are driven by the main electric motor (not shown in the drawing). 
Consequently the four three-phase generators fulfill the synchronisation and 
constant phase-shifts for the flywheels of the pyramid-edges. The four 
separate rotating fields together, initate the complex three-dimensional 
rotation of the carrier field (or atom-field). 


The disadvantage of the first model is that it is further away from reality, 
because the atomic field is not symboized as one three-demensional rotating 
field. However it shows better how to imagine the complicated rotation in 
three dimensions. 


The second or the real analog model. 


This mechanical model has only one central generator in the middle of the 
pyramid, instead of the four rotating field generators of the first model. All 
magnetic waves in the pyramid edges go straight to the pyramid's center. The 
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rotor of the 3-dimensional rotating generator is like a yo-yo with spherical 
end-surfaces. 


It requires a touch of genius to provide the drive-connection between the 
central motor and the spherical rotor, which has to be started up in a complex 
rotation. The six diametrically opposed pole-shoes from the middle of the 
pyramid's edges around the spherical rotor form in pairs, three axes of right 
angles - representing a Cartesian coordinate system. So it shows that the six 
time-axes of the edges of the pyramid can be converted into the three 
principal time-axes of the central sphere. 


Together it imitates three-dimensional time, which causally creates the three- 
dimensional space of our universe. 


The principles of the first and second analog models are equivalent. One 
version can be converted into the other, for example, converting the four 
rotating fields to one three-dimensional rotation in the centre-mass of the 
pyramid. 


The model can be started by switching on the thirteen drive-motors. As the 
flywheels reach velocity the twelve starter-motors are switched off and only 
the central motor drives the complete gigantic model. The essence is that all 
flywheels have exactly the same number of revolutions. They are all either 
synchronous motors or generators. Then the flywheels are marked and 
illuminated by a stroboscopic flash light. Seen by the normal eve they do not 
appear to move showing the synchronous rotation and the constant phase- 
shifts between the flywheels. 


These mechanical models are meant to explain the unimaginable Creation out 
of the nothing by symbolic imitation of the carrier-field. However it is only a 
weak symbol of Creation. The carrier-field is the esoteric medium, a 
transmutation of the absolute spirit or conscience, it is the spiritual force field 
of infinite strength which is present everywhere in the universe. 


The imitation of the carrier-field 
functions. 


Nevertheless the analogy of reality is incredible. This will be shown in the 
next explanation of the five functions of the cosmic carrier-field. 
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The carrier-function 


The foundation of the carrier-field is the infinite force-field created by 
interference quenching (avbrytende stopp) of the original infinite vibration. 
The mode initiates this force-field with the six bundles of soft-iron bars as the 
edges of the pyramid. 


As in reality, the three-dimensional magnetic rotating field in our model is 
caused by the linear waves of each time-axis. The timeless waves alternate 
backwards and forwards as in our model. They drive the flywheels 
representing the masses of the universes, and their rotation is the propagation 
(spredning) in time. 


The orientation of the time-axes with respect to 
the nothing. 


The relative position of one time-axis in the apparent nothing plays an 
important role in the orientation of the universes in reality, determining the 
direction of each time-axis. Here the first model is shown representing the 
four three-phase synchronous generators in the planes of the pyramid. Only 
with decompostion of the three-dimensional rotation into four rotations can 
one show that the three-dimensional rotating field has left no remaining 
component in the nothing, while in contrast a two-dimensional rotating field 
can not be nullified, a remaining component will always exist in the nothing. 
This can be explained by considering a single plane of the pyramid with its 
six flywheels at the edges, the analog for a two-dimensional 


carrier-field. The rotation impulse of the flywheels is compensated by the 
opposite rotations but the rotation impulse of the central three-phase generator 


is left over. It can be measured by the outside world (the nothing). 


It requires four field three-phase generators (maintaining overall symmetry) 
to compensate for these rotation impulses. 


With this the three-dimensionality of the carrier-field has been shown and the 
orientation of the time-axes with respect to the nothing is determined. 


The time synchronization function. 


http://galactic.no/rune/iarapdx2.html 5/10 


3/18/2018 


Philosophy given or rather 


Impressively the model imitates the time synchronization, simultaneously 
maintaining the cosmic counter-balance by which the universes continue to 
exist. The rotation of the two flywheels per axis 1s in opposite directions and 
they rotate with exactly the same speed. Thus it imitates the circular motion to 
the timeless waves which progresses exactly synchronous by their mutual 
interference coupling. 


The twelve cosmic systems run without any dissipation, once started, the 
perpetuum mobile continues into eternity with the absolute accuracy of time- 
synchronisation. If one supposes the model to be without loss and without 
using the eternal driving motors, it will continue to run synchronously due to 
the inertia of the flywheels and the fact that the synchronous linear impulse 
motors can function as generators as well. 


This symbolizes another property of the continuous circular motion of the 
timeless waves, because every wave somewhere in the pyramid circuit at each 
moment has its opposite value resulting in an overall zero at any moment. 


This is the law of conservation of the nothing. 


The couplingfield function. 


Time synchronization is not alone determined by the iron grip of the three- 
dimensional carrier-field and the principle of cosmic counter-balance. Apart 
from this an important effect is realized from the feedback of the gigantic 
masses of the universes to the timeless waves. These masses can be 
considered as enormous flywheels without loss. Once started by the super 
flash, no change in speed is possible, because a force of sufficient magnitude 
is simply not available. This function of the coupling field can also be shown 
in our model, because the linear synchronous motors of the flywheels are also 
generators. If the central driving motor is switched off, then the flywheels 
continue for some time to drive the central three-dimensioal rotating sphere. 
Everything stays exactly synchronous with the same phase-shifts. 


This experiment shows how the flywheels feed their energy back and have a 
stabilizing function in time-synchronization. The coupling-field of the masses 
of the universes is fed back in the time-bound vibrations of the atom-field 
from which no atom total mass of the universes is fed back to one single 
atom. 
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This is a painting by Rudolf Dass of the analogous visual-mechanical carrier-field 
model which symbolizes time and matter creation and synchronization in twelve 
universes. This giant working construction that was a cross between a monument and a 
machine was seen on an artificially flattened mountaintop on Iarga. This place was 
perceived as a place of pilgrimage, a place of meditation and contemplation, and the 
machine was a symbol of creation. The Iargans know no separation between science 
and religion, and religious and spiritual theories are entirely scientific. The model was 
several hundred yards(meters) long. The machine seemed to operate by some kind of 
perpetual motion, neither running on fuel or electrical power. 


The Instructional Analog Model 


The mechanical instruction models are the visual representations of the principles of the 
cosmic unified field theory. The model is intended to demonstrate that time, matter, and 
energy are creations out of the nothing and therefore the counter-balance has to be 
maintained to allow the causal infinity of the nothing to exist. In a broader context the 
physical symbols all take on new meaning and demonstrate the unification of science 
and religion. In a religious sense the spherical three-dimensional time-field in the heart 
of the pyramid symbolizes the Soul of the Creator. The pyramid symbolizes his infinite 
lovewill, the cage in which the infinity of His existence has been blocked irrevocably. 
The lines symbolize the different frequencies of the timeless waves. The flywheels on 
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the edges of the pyramid symbolize the twelve associated and interrelated universes, 
including ours, that make up this unity. One cannot exist without the others. 


The timeless primeval atom-principle, the 
transmitter function. 


The atom-field is a time-creating field and as such a remote manifestation of 
the primeval atom principle. It can be compared with a transmitter. As soon as 
the program is converted into waves of great power, billions of radios can 
receive the same program, the number is unlimited. Everything depends on 
the one program of the transmitter, the primeval atom-field. If this exists with 
infinite strength, it is at the same time the vibration medium (the carrier-field) 
which helps it to spread everywhere. Thus any atom in any universe can 
receive the timeless basic program. The second model shows the three- 
dimensional time-field of the primeval atom field most clearly, although this 
is a three-dimensional rotation of the central sphere in spatial sense. This is an 
analog of reality, the atom has a spherical field which is defined by six linear 
time-vibration directions. Any atom is a remote manifestation of the one 
carrier-field of infinite strength. 


Considering this fifth function of the carrier-field one has to realize that only 
the central sphere, the atom, is visible to us. The fields in the pyramid edges 
outside the sphere are invisible. It is the time-field reality of which the atom is 
a reflection. 


The mechanical instruction models are the visual representations of the 
principles of the cosmic unified field theory. This requires however some 
marginal notes. A material comparison to explain spiritual abstractions is 
always in some ways incomplete. There are several hiatus of which only the 
three most important ones are mentioned. 


1. In the model one time-axis represents only one frequency of the magnetic 
field, while in reality all frequencies are contained. Every frequency however 
can be initiated for each time-axis for which the interference representation of 
the analog model is valid. 


2. The model demonstrates the rotating field of the timeless waves. It does not 
imitate the time-bound waves by which our time-axis the propagation speed 
of time is X, then the phase velocity of the two time-axes connected to "our" 
pyramid edge is 2X. The other two time-axes connecting our time-axis with 
the other corner of the pyramid is -/2X, making up for the time speed of our 
anti-universe -X. The crossing, not-touching time-axis is perpendicular to our 
time-axis and does not contribute. 
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3. In our model the masses of the universes are given by the flywheel symbol. 


In fact this is fundamentally wrong, because it is separated from the three- 
dimensional rotation of the central sphere. It can therefore basically not 
maintain the counterbalance of the nothing. 


The most important conclusion of the analog model 1s that time, matter and 
energy are creations out of the nothing and therefore the counter-balance has 
to be maintained to allow the causal infinity of the nothing exist. 


14. The existential symbolism of the model. 


So far the physical aspects of the model have been unravelled, but if one 
wants to give a wider context to the model suddenly all the physical symbols 
change their meaning. In relation to philosophical or theological disciplines 
the model takes on the additional meaning of the unification of science and 
religion. By certain inherent (medfodte) laws within any intelligent race the 
denial of God's existence will be destroyed sooner or later. Earth science will 
provide an indestructible contribution to our final knowledge-awareness, 
which we shall attribute as typical human attainment in the cosmic 
integration. It is that piece of our human identity and self-awareness, which 
we Shall possess and care for throughout eternity. /t the light of this purpose, 
science serves God and the distinction between science and religion fades 
away. 


In a religious sense the spherical three-dimensional time-field in the heart of 
the pyramid has a special meaning. It symbolizes the Soul of the Creator, 
the Father who is the pure Identity of the infinite origin. The pyramid 
symbolizes his infinite Love-will, the cage in which the infinity of his 
Existence has been blocked irrevocably. He sacrificed his Ego and his 
freedom, to love his twelve Sons once. He is present only indirectly in his 
Creation as the reflection of the infinity, the Supreme Being, as the one Ego- 
consciousness of the Archangels. 


That is why the theologian covers the central sphere with pure gold, 
symbolizing the golden Heart, the Holy of Holies, the most sacred secret of 
the universe. The pyramid is then painted dark red, the universal colour of 
love. Over the red many thin golden stripes run in the direction along the 
pyramid edges. These stripes symbolize the different frequencies of the 
timeless waves, the expressions of Love and faith of the Father and his 
infinite Will. 


Gathered around the golden Heart are the twelve flywheels, coloured white, 
the colour of purity and innocence. The model shows that every universe has 
the power to awaken the matter-consciousness and to transform it to the new 
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God: the Son. The goal of Creation is therefore the awakening and the 
formation of the twelve Sons of the Father. 


This is not in contradiction with the Bible telling us that the Father sent his 
only-begotten Son. The Bible is solely directed to man. It is our instruction 
book for life describing our attitude towards God and our fellow man. The 
Bible does not tell anything about life on other planets, because it is not 
relevant in our relationship with God now. 


The same goes for our parallel universes. In fact they do not exist for us, 
because they are not in our world of existence but somewhere else. They do 
not exist for all intelligent races in this universe, we shall never be able to 
observe them nor experience them in any way. Perhaps at the end of all time 
we shall meet. In our world the Father has one only-begotten Son and this 
truth is already so unimaginable that nobody can conceive the consequences 


yet. 
END OF IARGAN DISCUSSION 
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- AND MORE 


APPENDIX 1 


An Analog Model 


1. Introduction 


This appendix is not a part of the story of the Creation which is explained in religious 
terms in Chapter 1 (Part 2). It is a complementary way of reasoning to prove the 
existence of God, using the concepts of time, matter and energy. These concepts are 
also used in physics. The problem, which now arises, is that the author will use 
physical concepts without understanding the real meaning of the words, because he is 
not a specialist. The words atom, atom-field, matter, etc., must all be understood 
within the context of this book and they have no direct connection with the ideas used 
in modern science. Especially the words "matter" and "atom" are most confusing, 
because the Iargan author knows about the existence of matter in three configurations 
(and its opposite possibilities as anti-matter); i.e., time-matter, phase-matter 

and reflection-matter (the one we know about in our universe), but he fails to interpret 
these concepts due to his lack of knowledge of physics. He only knows that these 
forms of matter are all related to one or none of the directions of time- propagation 
(tidsforplantning) of the atom of which time is fundamentally three-dimensional. It 
therefore determines in which form these configurations (beskaffenheter) can exist in 
our universe. 


In this appendix - time-creation out of NOTHING is described - by making use of the 
concept of more time-dimensions. The explanation of time-creation is very difficult 


because it uses an overall carrier-field of infinite strength and then this concept is 
called the cosmic unified field theory. In defining this term, one has to be 

careful, because this theory is of a different basic nature from the existing unified field 
theories here on earth. Our unified field theories try to unify the four basic forces in 
nature, which are the electro-magnetic, the weak strong nuclear force and gravitation. 
The unified field theories accepted by most prominent 

(igynefallende) scientists find their origin in the general relativity theory of Einstein, 
which itself explains matter and energy in terms of space and time. 


The problem now is to find a method, explaining the spiritual or esoteric reality, the 
cosmic time-field. On other planets, this problem was solved by explaining the basic 
concepts of the cosmic unified field theory. The elementary functions of these 
concepts can be understood with a mechanical instruction model demonstrating the 
cosmic time-field visually. 


Why indulge in this complication of describing a theory which will probably only be 
fully grasped by a few individuals? It does not concern the author very much, he only 
carries out his commission. His Iargan instructors gave three reasons for publishing 
the concepts of this theory: 


1. The future integration of science and religion requires a material proof of God's 
existence. This explanation could be the start of the exchange between these two. 


2. In the previous story of Creation the limitation of the infinite is explained 
unambiguously(upretendigst), but the working principle was completely 
neglected(forsgmt). 


3. The cosmic unified field theory published in this book will be the only possible 
verification for the true identity of this book, providing the link for the future 
development of the human race. 


2. The physical approximation of the NOTHING. 


One concept in physics is that all atoms and energy consist of vibrations and wave 
appearances. In a material way, every atom or form of energy is caused by vibration. 
The physical approximation (tilnermelse) describes the nothing of the idea of 
vibration - and does not touch on the spiritual aspects and the consciousness of 
matter. It does not distinguish between the "nothing" and the spiritual "No-Thing" (the 
ALL). It only recognizes the material aspects of the nothing. 


If everything is vibrations or waves, then it is not necessary to speak of matter or 


energy, then Creation is fundamentally based on this concept of vibration. The 
primeval vibration (before the limitation) can be described as infinite in time, infinite 


in all its aspects and possibilities, infinite in frequency and amplitude and existing in 
all time directions (omnitime). Unchanging, timeless and powerful to all limited 
vibrations in every bound power. It is the omnipotent definition. 


In this approximation the nothing is more simple to understand. Before the creation - 
the infinite omnipotent vibration existed- but a vibration in every direction and of 
infinite frequency and amplitude is not a vibration. The apparent paradox can be 
eliminated by stating: Only at the instant when this infinite vibration blocks itself by 
interference, as in a flash, all bound waves and frequencies were created. This 
condition is very close to the existential view of the Creation out of NOTHING in 
Chapter 1. 


The nothing (here) has no counteraction, but in contrast the omnipotent vibration - can 
manifest itself only by counter-acting in such a way that the infinite allows the 
nothing to be. So one can also state that all vibrations were created because the 
nothing bound itself by a mechanism of interference quenching (ble dempet) - 
(counteracting vibrations) of infinite force, which blocked the infinite possibilities of 


these vibrations. This universe can only be considered as the limitation of the 
unbounded nothing. 


3. The bounding of the omnipotent infinite vibration, the 
cosmic time field. 


One of the basic principles on which the mechanism of bounding is based is: [f one 
property of a power (any power) of something is bound, then all properties and 
powers of this something will be bound. In infinity the finite cannot exist. To limit the 
omnipotent vibration it was sufficient to bind only one of the perhaps infinite number 
of possibilities. Because if only just a little something were to be formed in the 
nothing, the nothing would be altered and cancelled irrevocably, then the complete 
finity (endelighet/begrensethet) was a fact. OR, if there were just the three- 
dimensional rotating time-field as a possibility of the primeval atom in the infinity of 
the nothing, then the finite was a fact. This atom-field needed to be a force-field of 
infinite strength, the carrier-field, to counteract the omnipotent vibration, the cosmic 
time-field. 
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4. The Creation can only exist as a result of counter-balance. 


One of the functions of the carrier-field is time-synchronization by which the cosmic 
counter-action and therefore the nothing can BE. Matter and energy cannot exist on 


its own in the nothing. The principle of time synchronization is given: 


1. Time is only relative, it is motion or propagation (spredning) in relation to at 
least a second motion of time. 

2. the cosmic law of counterbalance dictates that the second time has to 
counterbalance the first time. So time can only exist in relation to a second 
exact opposite direction of time (running backwards in relation to our time). 


3. Time exists only through the presence of atoms or matter. Then the backward- 
running time can only exist through matter in which the time propagation is 
opposite, running backwards in relation to us (antitime matter). Anti-matter or 
reflection antimatter may exist in our universe with an opposite electric charge with 
respect to our known reflection matter. The question, as to which charge antitime 
matter has in the anti-universe, is of no importance in this appendix. 


4. Because neither matter nor energy can exist on its own in the nothing -another 
quantity of matter of opposite properties must exist which is exactly similar to that in 
our universe. This balance of matter and energy is so accurate, that one surplus atom 
(overskuddsatom) is impossible. 


This explains nearly as per definition the cosmic law of counter-balance allowing the 


nothing to be. There must be at least a second universe exactly like ours, in which 


time runs backwards according to us, but normally for life in that universe. In the 
following it is shown that there are not just two, but eleven other universes in addition 


to ours necessary to maintain the cosmic law of counter-balance. 


6. The time-synchronization field. 


The law of counter-balance also applies to time. The timedirection is opposite and the 
time velocity is equal to ours. Time is the propagation of vibrations of the atom. Then 
the atomvibrations in both universes are equal and opposite with respect to the 
timelessness. This is only possible if these times are caused by one field (time-field). 


The definition of a field (any field in physics) is: If an event occurs, because another 
event takes place somewhere else without a mechanical or visible connection between 


these events, then these events are caused by a field. Time-synchronization occurs 
according to this definition. The atom vibrations in our universes are exactly similar, 
because the atom vibrations of our anti-universe occur despite the enormous 
difference in time and without any dissipation of energy. It is about 30 billion 
(milliarder) years since the occurrence of the super flash Creation (big bang) between 
the two universes. 


The law of conservation of counter-balance is causal to the law of energy 
conservation in every universe. Each universe is a closed system and without energy 
dissipation outside itself. The amount of matter and energy once created remains 
constant. A loss of energy is impossible, because our time-bound energy propagates 
forwards, while the time-bound matter and energy of the anti-universe propagate 
backwards in time. These universes are separated by a time-barrier through which no 
communication nor transfer of life is known. (Well - according to information in the book UFO- 
CONTACT FROM PLANET KOLDAS and also told by the et-contact ASKET and Semjase - there are some 


methods for entering the mirroruniverse - but this can not be touched here - reseach yourself if interested!! 
R.@.remark.) 








6. What is a timeless vibration or wave? 


The question is how the field functions maintain the time-synchronization of the 
atom-waves between the universes separated by billions of years. It is only possible if 
the synchronization stands still in time, but exists simultaneously in all the time 
elapsed (- som er gatt..) since the beginning of the super flash, as well in all the 
future. A timeless vibration does not normally move in time, the amplitudes of the 
field propagation - alternate (veksler) forwards and backwards in time. Time 
synchronization is the principle by which our universe catches every forward-moving 
amplitude and the anti-universe catches every backward moving amplitude of one and 
the same timeless wave. 


On other planets there are simple mechanical models explaining the function of time 
synchronization. One such model is very similar to our well-known mini-model rail 
upon which are two little wagons. The model has two lengths of rail of say 1.50 
meters each, which are in direct line with each other. 





Picture of the model wagons with a Electric drive motor which letting an excentric, and so the 
rails vibrate horisontally. 


Rail and wagon model demonstrating the principle of the timeless waves. The 
vibration is present at any point of the rail and at any time during the whole process 
period. Also from the moment of the super flash until the end of all times 
(ALWAYS). 


The rails are mounted on small springs to allow them to vibrate forwards and 
backwards in horizontal direction (from left to right and vice versa). The two rails are 
connected to a little electric motor with a double eccentric, each driving one rail, 
letting the rails vibrate about 1 millimeter of linear distance, also backwards and 
forwards. The amplitude is small enough to be invisible to the eye. 


Then one little wagon is placed on each rail and each wagon has a catch with a 
catchwheel (tilbakelgps-sperre) on one of the wheelaxes, so the wagon can ride in 
only one direction. The movement in the other direction is blocked. The wagons are 
placed with their rears against each other, after which the electric motor is switched 
on. If the teeth of the catchwheel have the same beat as the vibrator mechanism, the 
wagons roll away from each other with exactly the same speed to the end of each rail. 


With this simple model time synchronization for the atom-vibrations of both departing 
universes (in time) by a timeless field "always existing everywhere" has been 
demonstrated sufficiently. At the same time a flaw(feil) comes to light. It is 
impossible to maintain an energy time flux of the timefield for the two departing 
universes, because where is then the inexhaustible (ut@mmelige)energy source to 
maintain the time-flux? (betyr det tidsustabiliteten??) 


This is one of the reasons that a one-dimensional time-field is not possible. Only a 


three-dimensional time-field, which encloses the energy time-flux in itself, allows our 
universe and the others to exist. 


7. The principle (mechanism) to create finity: 
INTERFERENCE. 


So far the function of time-synchronization of the carrier-field has been considered. 
Now we will discuss the medium of conserving and maintaining the timeless vibration 
into eternity. It is the infinite force-field carrying all matter and energy. 


We are at the moment of the flash or big bang, the moment at which the infinite 
primeval vibration limited (transmutated) itself to the carrier-field. This mechanism of 
blocking is well known and based on the principle of wave interference. (Interference 
of lightwaves is important today in laser technology.) Interference is the action or 
counter-action of two or more waves. If the wave-propagation(-forplantning) is 
opposite and parallel and the frequencies of the waves equal, mutual amplification 
(gjensidig forsterkning)or attenuation (fortynnelse) of the intensities of the wave is 
possible, depending on the phase relation between these waves. 


If the phases are opposite and the amplitudes of the waves are equal, total quenching 
(dempning/kvelning)is possible. This is the principle of the binding of infinity. If an 
infinite wave manifests itself in one time-direction, automatically the equivalent 
absolute counteraction is created which counter-balances the infinity, allowing the 
nothing to be. 


The infinite primeval wave(urbglgen) blocked itself at the moment it created itself and 
so it never existed in reality. It was in fact a transmutation (forvandling) of 

infinity; the transmutation of the infinite vibration of infinite amplitude and frequency 
to a carrier-field of infinite strength, which blocked itself by interference. 


8. The time-bound vibrations or waves. 


The primeval wave blocked itself in a three dimensional time-axis system 
(propagation directions) by interference, and trans-mutated to an infinite, timeless, 


immobile force-field. How could the bound timeless waves exist, which synchronize 
our universe? 


It is an error of thinking to suppose that by quenching the omnipotent vibration - all 
finite waves were also cancelled. It is just the opposite. A vibration with infinite 
frequency is not a vibration in reality. The infinite prevented the vibration, because a 
vibration can only exist in the finite. As soon as infinity was removed, the prevention 
disappeared and the real bound wave was a possibility. It is the carrier forcefield 
although of infinite strength and energy density which gets its finite value due to 
interference quenching. All timeless waves are as it were encapsulated in infinity and 
therefore indestructible. However "belonging" to infinity and not bound by time 
themselves, they create time forever, they are the eternal ripples on the static 


("krusning i likevekten"), unchangeable and loss-free field of infinite strength. (This 
must be what the Danish wiseman Martinus call the X2- principle and the primeval-desire or "urbegjeret" in 
Danish. R.@.remark.) 


Because of this, all time-bound waves such as light, radio-waves or gravitation, exist 
in space without any loss and it is the empty space in the universe, which is the non- 
modulated structure of the carrier-field. It is one of the most fantastic touches of 
genius of Creation, that the non-vibrating infinity was transmutated to a loss-free 
medium carrying all time-bound and timeless waves. A few properties of this medium 
can be measured with instruments, the other part of its structure cannot be objectively 
observed yet, it is the esoteric fluidum or the infinite Love-will of the Father which 
carries the whole Creation. 


9. The unimaginable three-dimensional time. 
(Den utenklige tredimensjonale tid) 


One time-axis counter-balances only one direction of time propagation of the 
omnipotent (allmektige)wave. In infinity all possibilities of vibration exist and 
therefore all time-propagation directions. The question is, could infinity be limited by 
just one time-direction and one co-existing propagation direction going the opposite 
way? 


One way to answer this was already given in the previous paragraph, in which it was 
stated that the energy time-flux of the primeval wave of two universes is not a closed 
system. Another plausible answer can be by simply reasoning. 


The atom is causal for the time - and space dimensions, due to its time-creating 
properties, already mentioned. The space-creating properties are easy to understand, 
because the atom takes up space. It is three-dimensional in space and therefore it 
creates space in three dimensions. If all atoms were two-dimensional then the whole 
of creation would have been on a plane and space would not have been more than a 
flat or curved plane(as on a sheet of paper. R.@.remark.) Our time-space is no more 
than a bound part of the nothing (det "noe som er" -X1- som Martinus kaller det. 
R.@.remark.) - being filled with matter or energy. Anything that space distinguishes 
(utskiller) of the time - and - dimensionless void, is caused by atoms or energy. If 
atoms have three space dimensions, then the timeless waves creating the atoms also 
have three dimensions. 


1. The timeless primeval atom-field has three time dimensions. 


2. The timeless waves could not be bound by only one time-axis, but must necessarily 
have three time-axes. 


3. The timeless atom-field should consist of a three-dimensional rotating field of 
infinite strength, which is attenuated (fortynnet) of itself by interference. It conserves 


the law of cosmic counter-balance of the no-thing. The atom of such a rotating field 
structure has six time-axes, but in principle these six axes can always be reduced to 
three time-dimensions, no further reduction is possible. 


>-F=superflasl 





Picture of ONE-TIME-AXIS: The cosmic symbol of one time-axis. 


In the following parpagraphs of the analog carrier-field model it is shown, why the 
atom-field has to be a three-dimensional and not a two-dimensional field. 


10. The six time-axes of the time-creating, cosmic carrier field. 


How can it be established that the carrier-field of all matter in twelve universes has six 
time-axes? The first part of the answer is simple to explain. A well-known type of 
rotating field on earth is that of the electric three-phase synchronous motor. 


This type of electromagnetic-field system consists of three linear magnetic fields, 
which are arranged at angles of 120 round a rotor. The phase-differences of the three 
alternating magnetic-fields, which have the same frequencies (say 50 Hz) are also at 
each 120 degrees. Each alternating field is in itself an exact linear vibration oriented 
in one direction. The rotating field exists only if the three linear vibrations are 
combined together with the proper phase-relation between them. So a two- 
dimensional rotating field in space is created. It can force a piece of magnetic material 
to rotate around its axis with a great power. 


Insert pict of motor 


e 


The principle of an electric three-phase synchronous motor. 


The fact that it is possible to create rotating fields by combining three linear 
alternating waves does not mean that it has to be the same for fields of infinite 
strength, it can be more than three, but it is not very likely as first guess, because the 
three wave principle (the equilateral triangle) is the most simple and effective. 
According this principle, for a three dimensional field six linear waves are required to 
form an equilateral (likesidet) triangular pyramid, but why an angle of 60 degrees 
between time-axes? 


The first answer can initially be given in a very simple way, the second is more 
complicated, but at least more to the point. 


A simple way of reasoning to derive (utlede) the answer to the question of 60 degrees 
is the following. The atom field of matter has spatial (romlig)structure, therefore the 
time-axes must be positioned in such a way that they form a closed three-dimensional 
geometric object, because the energy fluxes of time must be closed in itself due to the 
law of counter-balance. 


The time-axes form straight lines, which cannot be parallel lines, because parallel 
time-axes form one and the same time-direction. The most simple three-dimensional 
closed object is an equilateral triangular pyramid. There are no reasons to suppose it 
should be an a-symmetric pyramid if three-dimensional time is considered, on the 
contrary, it must be symmetrical in all positions. So it is simply a equilateral triangular 
pyramid of which the lanes are equilateral triangles. There is no more simple object in 
three-dimensional space with these requirements. 


The more sophisticated answer to the question of 60 degrees is time given by 
approaching the question from the relativity of time frequencies between the other 
universes (the other time-axes). Time is the wave propagation of atoms which 


determines the direction of the past to the future.Simultaneously these time-creating or 
timeless waves are the linear phase waves combining to maintain the atomic rotating 


field. The problem is that "our' atoms do not experience the right frequencies of the 
other time-axes, because they do not propagate (spredes)with the same speed, but 
advance in time. 


Thus there is an apparent frequency-shift, a kind of Doppler shift, by which the 
frequencies of the "other" time-axes are experienced by "our" atom. One should 
realize that the timeless vibrations of the other universes also exist in our universe. 


At first sight it seems impossible for a rotating field to posess a constant phase-shift 
because between vibrations of different frequencies a constant phase-shift is not 
possible unless the frequencies are related to each other in a particular way. They are 
harmonic. Two vibrations are harmonic if the apparent frequencies have constant 
ratios to each other, like 1:2, 1:3, 1:4, etc. 


Timeless waves can only exist when the frequencies are related by the harmonic ratio 
Tez 





Picture explaining the frequency-shift for 60 degrees time-axis angle. 


The frequency ratio is determined by the angle between the two time-axes, as the 
picture shows. Our time direction is Tl while another time direction is shown as T2. 
The time direction propagating forwards (from past to future) is useful to our 
universe, while the backward-moving impulses of the timeleess wave do not "catch" 
the rotating field of "our" atoms. Secondly the time-axis at a right angle (90dg) to our 
axis Tl does not make any contribution, we experience this time-axis as non-existing. 


As the picture shows, due to the angle of 60 degrees, 'our' atom experiences exactly 
half the time-speed of the other time-axis and this makes the frequency harmonic. As 
T1=2 times T2, the result is the simplest harmonic ratio of 1:2, determined by the 
angle of projection of 60 degrees between two time-axes. (Pythagoras' law for right 
angled triangles). 


All other possibilities and other harmonic ratios fail to give non-destructive 
contributions for the necessary interference intensification. Other excitations of higher 
order harmonic ratios give more complicated time-axes structures of the rotating atom 
field and cannot be stable. Also because the couple-field feedback to the total mass 
(inertia) of the universes is not optimized (see the following paragraphs). 


It supposes simultaneously the existence of a higher number of co-existing universes, 
which seems highly unlikely (usannsynlig)(higher than twelve). Therefore we must 
decide for the simplest three-dimensional geometric form: the equilateral triangular 
pyramid. 


11. The ancient symbol of God, the Star of David. 


It is necessary to summarize the above issues of the principle. 


1. The choice of the mechanism of limitation determined the existence of all types of 
timeless waves, among which was the (most complex) three-dimensional rotating 
time-field. 


2. The limitation took place by interference quenching (forstyrrelses-dempning) the 
primeval infinite vibration (possibility) affording more time-axes in three dimensions. 


3. A time-axis is a part of the infinite force-field. This only exists as a single linear 
vibration. 


4. For a three-dimensional rotating field at least six linear field waves are necessary, 
which are located spatially in time having angles of 60 degrees between the time-axes. 


5. The angle of 60 degrees could only be created by an apparent frequency shift 
maintaining the harmonic vibrations of the rotating field. 


These considerations determine the mechanism of blocking the infinite. It consists of 
six time-axes forming a closed three-dimensional object, which creates and restricts 
the speed of the rotating atom-field. 


Though every time-axis carries two universes(universe and anti-univers), there are in 
the frightening depth of cosmic space twelve distinct cosmic structures, separated by 
the unbridgeable barrier of time. Not only are there eleven other universes apart from 
ours, but they are all embedded in the same cosmic or geometric space. All universes 
have the same size and the same energy content. The geometric space is necessarily 
the location in the nothing - in which the omnipotent vibration quenched itself by 
interference. It is the location for waves encountering each other, as it is for light- 
waves interfering with each other. But it does not require that every atom has twelve 
buldges at the same space-point in time. Or more crucially, it does not mean that 
every human being has twelve images of himself without knowing it. 


It is the mechanism of interference synchronisation of the timeless waves which 
uncouples the universes at each space-point, simultaneously maintaining the time- 
propagation of each universe. 


The equilateral triangular pyramid is the symbol of God, the Father as it is known 
everywhere in the universe (after lifting the cosmic isolation).We know it as the 
double equilateral triangles of the Star of David, also six time-axes with angles of 60 
degrees. It means that the principle of the limitation was revealed to humanity 
centuries ago, but we did not understand its meaning so far. 


make in your thoughts : The Star of David. 


Technical information given from the 
IARGA contactteam. 


their describtions on the matter of TIME 
- AND MORE 


picture is described later 


12. The analog carrierfield model, an instruction model. 


The cosmic carrier field of all space and matter performs a sixfold function, of which 
some have already been discussed in gereral way. 
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1. The carrier function of an infinitely strong forcefield blocked in itself contains 
the fluidum conducting all waves without dissipation and maintained to 
eternity. 

2. The orientation of the time-axes of the universes with respect to nothing 
provides the structure of the carrier-field of three dimensions, the bounded 
Love-will, creating our life and existence. 

3. The time synchronisation function locks all universes in the iron grip of the law 
of cosmic counter-balance from which no atom can escape. 

4. The feedback principle of time to the total mass of the universe is the function 
of the coupling-field by counterbalance (and interference) of the time-bound 
waves. 

5. The function of the timeless primeval atom-field, the atom-principle, as the 
transmitter program containing the code of matter of which all atoms are 
remote manifestations. 

6. The function as bearer of the absolute ALL-knowledge and goal consciousness, 
manifesting itself as the laws of nature and as the intelligent goal of life: the 
spirit of God. 


The last function concerns the existential aspects, which have been discussed in the 
previous section of this book. 


The first analog model is a mechanical instruction model explaining the cosmic carrier 
field by means of symbols. This model was built on another life-supporting planet on 
a high mountain and was many meters high. It was the gathering point for 
contemplation of that intelligent race for devotion to its Creator. 


It was the symbol by which the majority of the race acknowledged the goal of 
Creation, simultaneously the sign that the cosmic isolation had been lifted. The other 
function of the carrier-field will be discussed with the help of this mechanical 
instruction model. 


The analog model consisted mainly of the six edges of a huge equilateral triangular 
pyramid built out of solid soft-iron bars. The many metres thick edges of the pyramid 
contain an impressive number of iron bars parallel to the direction of the edges and 
cast in a kind of plastic resin following a process similar to that of casting 
concrete(betong). So a mainly iron-frame was formed especially suitable for 
conduction of magnetic pulses of high power without much loss. 


So far the carrying fuction of the cosmic time-field, which primarily maintains the 
timeless waves is symbolized in the model. The magnetic pulses in the edges of the 
pyramid run backwards and forwards like the timeless waves in reality. 


With respect to the other edges of the pyramid, the magnetic pulses are phase-shifted. 
The problem is that up to now the forward propagation (forplantning) in time has been 
missed out. In fact we look for the equivalent of the two little wagons on the vibrating 
rail. The solution can be found in the symbol of the rotating flywheel, as with the atom 
its rotation is continuous in time, it is in fact time propagation. Therefore the iron 
frame of the pyramid is discontinued at two places in each of the six edges of the 
pyramid. At this discontinuation point a linear magnetic impulse motor is installed, on 


the axis of which a large 


flywheel is mounted. 
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Rotor and flywheel NBF=NonFerroBridge 


PE=PyramidEdge and soft iron 
bars 


a ee ee 
SSS ee 
ae 
er et 
(_—_—_— PMR=PermanentMagneticRotor 


Permanent magne- 
tic rotor, 


The flywheel symbolizes not 
only the propagation of time, 
but also the inertia of matter 


and so the flywheel is in 
effect the total mass of the universe. This type of magnetic impulse motor is not self- 


starting, so at the inside on the flywheel axis a starter-motor is mounted, fitted solely 
for the purpose of starting. One rotating the synchronous motor maintains the exact 
number of revolutions at the same frequency of the magnetic alternation field. Thus in 


each of pyramid's edges two synchronous motors are mounted making twelve 
flywheels in total. 


The two flywheels per axis rotate in opposite directions to symbolize the time 


propagation in opposite time directions. This type of linear impulse motor is chosen 
because it can be made to rotate in either direction. 


The first analog model. 


In one triangular plane of the pyramid the six synchronous motors in the iron frame 
demonstrate a rotating magnetic field, seen from the center of the plane. Each edge of 
the pyramid has the right phase-shift with respect to the other edges of the triangle. 


The first model has four central rotating magnetic field generators in the middle of 
each triangular plane. (See figure of unfolded pyramid indicating the actual phase- 
shift). 


These four synchronous (three phase) generators are coupled together by a gearbox 
and are driven by the main electric motor (not shown in the drawing). Consequently 
the four three-phase generators fulfill the synchronisation and constant phase-shifts 
for the flywheels of the pyramid-edges. The four separate rotating fields together, 
initate the complex three-dimensional rotation of the carrier field (or atom-field). 


The disadvantage of the first model is that it is further away from reality, because the 
atomic field is not symboized as one three-demensional rotating field. However it 
shows better how to imagine the complicated rotation in three dimensions. 


The second or the real analog model. 


This mechanical model has only one central generator in the middle of the pyramid, 
instead of the four rotating field generators of the first model. All magnetic waves in 
the pyramid edges go straight to the pyramid's center. The rotor of the 3-dimensional 
rotating generator is like a yo-yo with spherical end-surfaces. 


It requires a touch of genius to provide the drive-connection between the central 
motor and the spherical rotor, which has to be started up in a complex rotation. The 
six diametrically opposed pole-shoes from the middle of the pyramid's edges around 
the spherical rotor form in pairs, three axes of right angles - representing a Cartesian 
coordinate system. So it shows that the six time-axes of the edges of the pyramid can 
be converted into the three principal time-axes of the central sphere. 


Together it imitates three-dimensional time, which causally creates the three- 
dimensional space of our universe. 


The principles of the first and second analog models are equivalent. One version can 
be converted into the other, for example, converting the four rotating fields to one 
three-dimensional rotation in the centre-mass of the pyramid. 


The model can be started by switching on the thirteen drive-motors. As the flywheels 
reach velocity the twelve starter-motors are switched off and only the central motor 
drives the complete gigantic model. The essence is that all flywheels have exactly the 
same number of revolutions. They are all either synchronous motors or generators. 
Then the flywheels are marked and illuminated by a stroboscopic flash light. Seen by 


the normal eye they do not appear to move showing the synchronous rotation and the 


constant phase-shifts between the flywheels. 





These mechanical models are meant to explain the unimaginable Creation out of the 
nothing by symbolic imitation of the carrier-field. However it is only a weak symbol 
of Creation. The carrier-field is the esoteric medium, a transmutation of the absolute 
spirit or conscience, it is the spiritual force field of infinite strength which is present 
everywhere in the universe. 





The imitation of the carrier-field functions. 


Nevertheless the analogy of reality is incredible. This will be shown in the next 
explanation of the five functions of the cosmic carrier-field. 


The carrier-function 


The foundation of the carrier-field is the infinite force-field created by interference 
quenching (avbrytende stopp) of the original infinite vibration. The mode initiates this 
force-field with the six bundles of soft-iron bars as the edges of the pyramid. 


As in reality, the three-dimensional magnetic rotating field in our model is caused by 
the linear waves of each time-axis. The timeless waves alternate backwards and 
forwards as in our model. They drive the flywheels representing the masses of the 
universes, and their rotation is the propagation (spredning) in time. 


The orientation of the time-axes with respect to the nothing. 


The relative position of one time-axis in the apparent nothing plays an important role 
in the orientation of the universes in reality, determining the direction of each time- 
axis. Here the first model is shown representing the four three-phase synchronous 
generators in the planes of the pyramid. Only with decompostion of the three- 
dimensional rotation into four rotations can one show that the three-dimensional 
rotating field has left no remaining component in the nothing, while in contrast a two- 
dimensional rotating field can not be nullified, a remaining component will always 


exist in the nothing. This can be explained by considering a single plane of the 
pyramid with its six flywheels at the edges, the analog for a two-dimensional 


carrier-field. The rotation impulse of the flywheels is compensated by the opposite 
rotations but the rotation impulse of the central three-phase generator is left over. It 
can be measured by the outside world (the nothing). 


It requires four field three-phase generators (maintaining overall symmetry) to 
compensate for these rotation impulses. 


With this the three-dimensionality of the carrier-field has been shown and the 
orientation of the time-axes with respect to the nothing is determined. 


The time synchronization function. 


Impressively the model imitates the time synchronization, simultaneously maintaining 
the cosmic counter-balance by which the universes continue to exist. The rotation of 
the two flywheels per axis is in opposite directions and they rotate with exactly the 
same speed. Thus it imitates the circular motion to the timeless waves which 
progresses exactly synchronous by their mutual interference coupling. 


The twelve cosmic systems run without any dissipation, once started, the perpetuum 
mobile continues into eternity with the absolute accuracy of time-synchronisation. If 
one supposes the model to be without loss and without using the eternal driving 
motors, it will continue to run synchronously due to the inertia of the flywheels and 
the fact that the synchronous linear impulse motors can function as generators as well. 


This symbolizes another property of the continuous circular motion of the timeless 
waves, because every wave somewhere in the pyramid circuit at each moment has its 


opposite value resulting in an overall zero at any moment. 


This is the law of conservation of the nothing. 


The couplingfield function. 


Time synchronization is not alone determined by the iron grip of the three- 
dimensional carrier-field and the principle of cosmic counter-balance. Apart from this 
an important effect is realized from the feedback of the gigantic masses of the 
universes to the timeless waves. These masses can be considered as enormous 
flywheels without loss. Once started by the super flash, no change in speed is 
possible, because a force of sufficient magnitude is simply not available. This function 
of the coupling field can also be shown in our model, because the linear synchronous 
motors of the flywheels are also generators. If the central driving motor is switched 
off, then the flywheels continue for some time to drive the central three-dimensioal 
rotating sphere. Everything stays exactly synchronous with the same phase-shifts. 


This experiment shows how the flywheels feed their energy back and have a 
stabilizing function in time-synchronization. The coupling-field of the masses of the 
universes is fed back in the time-bound vibrations of the atom-field from which no 
atom total mass of the universes is fed back to one single atom. 





This is a painting by Rudolf Dass of the analogous visual-mechanical carrier-field model which 
symbolizes time and matter creation and synchronization in twelve universes. This giant working 
construction that was a cross between a monument and a machine was seen on an artificially 
flattened mountaintop on Iarga. This place was perceived as a place of pilgrimage, a place of 
meditation and contemplation, and the machine was a symbol of creation. The Iargans know no 
separation between science and religion, and religious and spiritual theories are entirely 
scientific. The model was several hundred yards(meters) long. The machine seemed to operate 
by some kind of perpetual motion, neither running on fuel or electrical power. 


The Instructional Analog Model 


The mechanical instruction models are the visual representations of the principles of the cosmic 
unified field theory. The model is intended to demonstrate that time, matter, and energy are 
creations out of the nothing and therefore the counter-balance has to be maintained to allow the 
causal infinity of the nothing to exist. In a broader context the physical symbols all take on new 
meaning and demonstrate the unification of science and religion. In a religious sense the 
spherical three-dimensional time-field in the heart of the pyramid symbolizes the Soul of the 
Creator. The pyramid symbolizes his infinite lovewill, the cage in which the infinity of His 
existence has been blocked irrevocably. The lines symbolize the different frequencies of the 
timeless waves. The flywheels on the edges of the pyramid symbolize the twelve associated and 
interrelated universes, including ours, that make up this unity. One cannot exist without the 
others. 


The timeless primeval atom-principle, the transmitter function. 


The atom-field is a time-creating field and as such a remote manifestation of the 
primeval atom principle. It can be compared with a transmitter. As soon as the 
program is converted into waves of great power, billions of radios can receive the 
same program, the number is unlimited. Everything depends on the one program of 
the transmitter, the primeval atom-field. If this exists with infinite strength, it is at the 
same time the vibration medium (the carrier-field) which helps it to spread 
everywhere. Thus any atom in any universe can receive the timeless basic 
program. The second model shows the three-dimensional time-field of the primeval 
atom field most clearly, although this is a three-dimensional rotation of the central 
sphere in spatial sense. This is an analog of reality, the atom has a spherical field 
which is defined by six linear time-vibration directions. Any atom is a remote 
manifestation of the one carrier-field of infinite strength. 


Considering this fifth function of the carrier-field one has to realize that only the 
central sphere, the atom, is visible to us. The fields in the pyramid edges outside the 
sphere are invisible. It is the time-field reality of which the atom is a reflection. 


The mechanical instruction models are the visual representations of the principles of 
the cosmic unified field theory. This requires however some marginal notes. A 
material comparison to explain spiritual abstractions is always in some ways 
incomplete. There are several hiatus of which only the three most important ones are 
mentioned. 


1. In the model one time-axis represents only one frequency of the magnetic field, 
while in reality all frequencies are contained. Every frequency however can be 
initiated for each time-axis for which the interference representation of the analog 
model is valid. 


2. The model demonstrates the rotating field of the timeless waves. It does not imitate 
the time-bound waves by which our time-axis the propagation speed of time is X, then 
the phase velocity of the two time-axes connected to "our" pyramid edge is 2X. The 
other two time-axes connecting our time-axis with the other corner of the pyramid is - 
YX, making up for the time speed of our anti-universe -X. The crossing, not-touching 
time-axis is perpendicular to our time-axis and does not contribute. 


3. In our model the masses of the universes are given by the flywheel symbol. In fact 
this is fundamentally wrong, because it is separated from the three-dimensional 
rotation of the central sphere. It can therefore basically not maintain the 
counterbalance of the nothing. 


The most important conclusion of the analog model is that time, matter and energy 
are creations out of the nothing and therefore the counter-balance has to be 
maintained to allow the causal infinity of the nothing exist. 


14. The existential symbolism of the model. 


So far the physical aspects of the model have been unravelled, but if one wants to give 
a wider context to the model suddenly all the physical symbols change their meaning. 
In relation to philosophical or theological disciplines the model takes on the additional 
meaning of the unification of science and religion. By certain inherent (medf¢gdte) 
laws within any intelligent race the denial of God's existence will be destroyed sooner 
or later. Earth science will provide an indestructible contribution to our final 
knowledge-awareness, which we shall attribute as typical human attainment in the 


cosmic integration. It is that piece of our human identity and self-awareness, which 
we Shall possess and care for throughout eternity. It the light of this purpose, science 
serves God and the distinction between science and religion fades away. 


In a religious sense the spherical three-dimensional time-field in the heart of the 
pyramid has a special meaning. It symbolizes the Soul of the Creator, the Father 
who is the pure Identity of the infinite origin. The pyramid symbolizes his infinite 
Love-will, the cage in which the infinity of his Existence has been blocked 
irrevocably. He sacrificed his Ego and his freedom, to love his twelve Sons once. He 
is present only indirectly in his Creation as the reflection of the infinity, the Supreme 
Being, as the one Ego-consciousness of the Archangels. 


That is why the theologian covers the central sphere with pure gold, symbolizing the 
golden Heart, the Holy of Holies, the most sacred secret of the universe. The pyramid 
is then painted dark red, the universal colour of love. Over the red many thin golden 
stripes run in the direction along the pyramid edges. These stripes symbolize the 
different frequencies of the timeless waves, the expressions of Love and faith of the 
Father and his infinite Will. 


Gathered around the golden Heart are the twelve flywheels, coloured white, the colour 
of purity and innocence. The model shows that every universe has the power to 
awaken the matter-consciousness and to transform it to the new God: the Son. The 
goal of Creation is therefore the awakening and the formation of the twelve Sons of 
the Father. 


This is not in contradiction with the Bible telling us that the Father sent his only- 
begotten Son. The Bible is solely directed to man. It is our instruction book for life 
describing our attitude towards God and our fellow man. The Bible does not tell 
anything about life on other planets, because it is not relevant in our relationship with 
God now. 


The same goes for our parallel universes. In fact they do not exist for us, because they 
are not in our world of existence but somewhere else. They do not exist for all 
intelligent races in this universe, we shall never be able to observe them nor 
experience them in any way. Perhaps at the end of all time we shall meet. 

In our world the Father has one only-begotten Son and this truth is already so 
unimaginable that nobody can conceive the consequences yet. 


END OF IARGAN DISCUSSION 


Stefan Denaerde 


Cosmic Unified Field Theory. 


How it started. 


More than 25 years ago appeared an amazing book in the Netherlands: “Buitenaardse Beschaving’ 
(Extraterrestrial Civilization) from Stefan Denaerde. (Known in English as : "UFO contact from planet Iarga") 
It describes the confrontation of the author with the race from the planet Jarga (larga). It was written as a novel 
(although it is a true story) and illustrated by a well known Dutch technical illustrator (Rudolf Das). 


Sailing with his ship in Dutch waters, Mr. Denaerde (not his real name) bumped into something which was 
hidden underwater. When he sees someone floating in the water he comes to the rescue of what later appears to 
be an astronaut. This rescue was a test for him and after the initial shock he gets in contact with the Jargans who 
invite him for a three day learning session inside their submerged saucer. 


Via a 3D screen and a radiation ‘head set’ he learns about the Jargan culture, philosophy and technical 
achievements. Through the concepts of extreme efficiency and justice he is taken to the Jargans love for the 
Omni-Creativity (our word for “God’ is too poor) and their striving to be one with it. 

This ‘carrier field’ of the Universe supports everything (matter, time, consiousnes), and by applying this 
knowledge it makes interstellar space travel possible. 

It appears that the goal of a civilization is to create a socially stable supercivilization. Discriminations of any 
kind no longer exist. Resources and wealth are available for everyone, but not as a goal as such, but to enable 
everyone to grow spiritually. 


There is much more to this book. Anyone interested can find an interview with Denaerde by Wendell Stevens, as 
well as several chapters from the book on this link. (This also contains the 2nd book of Denaerde!) 

From this interview it appears that the contact has continued for many years in telepathic form. A lot of highly 
technical information has been given in this way, which resulted in the second book: 


This appeared about 20 years after his first book. It describes in one theory the origin of the Universe, matter, 
time, consciousness, the Universal goal for any civilization, the history and possible (very bright) future of 
mankind, in one word : a TOE (theory of everything). 

The atmosphere of the book is totally different: the first book had something like “you don't have to believe this 
has happened, it could be hypothetical’. The Universal Creation is much more direct and confronts us with a 
direct proof of its contents, because the authors (Stefan and his ‘brother’ Christian Denaerde) express that it is 
high time that science and religion are united again. 

The Universal Creation comes with an appendix ‘Cosmic Unified Theory’- in English!- which goes into much 
detail about the new physical model. Recently this information is available on CR-Rom, to be ordered at the 
Cosmic Field Paradigm foundation. This essay is mainly about the appendix and the CD-Rom. 


The creation out of the nothing. 


According to the Cosmic Field (CF) model there existed prior to the creation (or big bang) vibrations of infinite 
frequency and amplitude in every time direction. 

The act of creation was the blocking of the infinite waves by interference to form waves of finite frequency and 
amplitude. In order for matter and energy or anything to exist, there must be an equal counterbalancing 
vibration. Also time direction has to be counterbalanced. Think of a time axis as two pieces of mini model rail 
which are connected via a motor, which can move the rails back and forth say over 1 cm. If you place a wagon 
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on one of the rails which has a catch wheel that catches only the forward movement of the rails, you will see the 
wagon move forward. Another wagon, placed in the opposite direction on the other rail will also move forwards, 
thus the two wagons will separate from each other. So the rails can be seen as a time axis, where time moves 
back and forth. The wagon represents matter, which can only catch one time direction through a property called 
spin. 

One time axis is not sufficient: to counterbalance everything and to cause a a feedback mechanism a 3D time 
structure is needed in the form of a tetra-eder. 


Fig. 1 The carrier field model 


6 time axes form a 
closed loop. 12 
universes are 
separated by time 
direction. 

The spin of matter is 
represented by the two 
flywheels (only shown 
for one time axis) 





This implies that there exist 6 time axes (each with a back and forward movement in time) and thus 12 
universes. These universes cannot be seen, but some aspects like the time frequencies can be sensed by our 
atoms. (BTW, this might explain the missing mass problem in cosmology: our universe still senses the mass of 
the other 11 universes, that is why 90% of the mass is unexplained..) 


The picture shows the arrangement of the time axes. The center of each axis (depicted by a small circle) can be 
considered as T=0. The two flywheels (drawn on one axis only) represent the spin direction of matter. In our 
direct anti-universe (on the same time axis) the direction of time is opposite, but also the spin of the matter 
particles. This means that everything is mirrored, and living beings in the anti-universe experience time as 
moving forward, just like we. In fact time moves in two directions along an axis, but matter has a sort of 
rectifying effect - it only picks up the forward going time. 


The 60 degrees angle between the time axes is necessary to have an harmonic ratio between our time axis and 
the time axis of the other universes. 


http://www.resona.nl/Denaerde/denaerde.html 


2/8 


10/23/2018 Denaerde 


Fig.2 2 time axes at 60 degrees 


<2 Only at this angle there 


can be a harmonic ratio 
between the time 
60° creating frequencies. 
An atom on our time 
Pes Tl axis Tl experiences the 
T2 other time axis at half 
the frequency. 


Our time direction is T1. Another time direction is T2. The angle of 60 degrees makes T1=2*T2, thus giving an 
harmonic ratio of 1:2. 


The carrier field model has several functions, such as: 


It is an infinitely strong force field, blocked in itself. It is a loss free conduction medium for all waves. The 
counter balancing of everything implies that the universes are locked in an iron grip: the spins in one universe 
are exactly the same and opposite to the spins of the anti universes. It also means that there cannot be one atom 
more in a universe, which is not present in the 11 other universes. (this does not mean that all the 12 universes 
have to be the same). 


The model is also an image of the universal atom: When applied at a very small scale Denaerde explains the 
basic building blocks to form matter. 


The flywheels can represent the total mass in one universe or just the mass of one atom. The 3D time structure 
of the pyramid is present in all matter: you could imagine the center of the pyramid being in a star, a galaxy, etc. 
The 11 other universes are not observable, but they could occupy the same 3D space. The model demonstrates 
beautifully that matter, time and energy are just properties of one universe (1/12th of the whole). Summing all 
the properties of the pyramid results in nothing. (The big bang theory fails to explain where the initial energy 
came from) 


The Double rotating central bar. 


Denaerde introduces the concept of a magnetic bar, which touches 2 opposite ribs in the pyramid. This induces a 
flux in the loss free time axis. This is a very important concept and it takes a while to understand it. The bar 
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needs to rotate around two axes simultaneously (Fig. 3) in order to create alternating fluxes in the pyramid ribs 
(which still represent time axes). The rotating movement repeats itself in 6 time-steps. 


axis 1 
The simultaneous rotation 
of a central magnetic bar 

around 2 axes gives 

a alternating flux patterns 
(time directions) in a pair 
of ribs. This process is 
repeated in 6 timesteps. 


axis 2 


Fig.3 Double rotation of a central bar 


Denaerde calls this configuration a building element. Next we will see that from these building elements one can 
derive the fundamental elementary particles : electron, quark and neutrino. 


The two fundamental building blocks 





By adding the initial building block at different time steps (adding three bar rotors) it can be derived that there 
are two possibilities. These are called central rotors of the first and second kind. (figures 4 and 5). The central 
rotor of the first kind gives a fixed alternating flux pattern in the ribs of the pyramid. (Try it out!) 
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Fig. 4 3 building blocks at different time moments are added 
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The total return flux gives a new 
building block: a rigid central 
barrotor of the first kind. The 
zero node does not change its 
orientation. In a next timestep the 
flux pattern is reversed, but the 
magnitude is the same. 


This model describes the 
ELECTRON. 
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Fig. 5 The rigid central bar rotor of the second kind 
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The rotor of the second kind has 
no fixed zero flux node. The zero 
flux node rotates through one of 
the corners of the pyramid. 

After 6 timesteps the flux and the 
zero node are identical to the 


0 original position. 









The second possibility is called a central rotor of the second kind. 

The rotor of the first kind is similar to the ELECTRON. 

The rotor of the second kind is similar to the QUARK. 

Don’t forget, the pyramid ribs represent time axes. (Note: Denaerde uses capitals to distinguish from the real 


particles in 3D space.) 


Three QUARKS added together give a PROTON. (Figure 6) 
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Fig6 Quarks, electron and H atom 


QUARK + QUARK = + QUARK = PROTON 
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ELECTRON + PROTON = H ATOM 


A QUARK and an "anti time" QUARK or the ELECTRON and the "anti time" ELECTRON (positron) can be 
distinguished by the c.w. or anti c.w. rotation of the central rotors. Dipoles of opposite rotation destroy each 
other. 

Fig 6 shows that adding the PROTON and the ELECTRON gives the neutral H-ATOM. 

The mass difference between electron and proton can be explained by different rotation frequencies of the 
dipoles. 


Denaerde then continues to describe several NEUTRON groups which can be formed. This is rather complicated 
and requires a lot of pictures to visualize, so I would rather skip this. (For anyone interested, I strongly 
recommend to order the CD!) 

The outcome is, that the NEUTRON in the Carrier Field model has 4 QUARKS. 

This gives a NEUTRON with a zero external flux. The model explains why the neutron is not stable in free 
space, while the electron and proton are. 


It can easily be seen that to the CF model a QUARK has a unit of charge of 1/3 of the ELECTRON, if charge is 
defined as the external flux in the pyramid ribs. Charge is related to a symmetry axis of the pyramid. The CF 
model predicts that charge is not constant in time and that there are two types of charge for a matter particle (e.g. 
electron): North and South charge. Due to the time switching mechanism we don’t detect this. 


A NEUTRON consisting of 4 central rotors of the 2nd kind can be converted into a PROTON (3 rotors of the 
2nd kind) and an ELECTRON (1 rotor of the Ist kind). 
What is left over is the NEUTRINO : a free dipole in the carrier field. 


In order for the particles to exist in space and time, a grid is needed which carries the complex flux patterns. 
Denaerde comes to a grid consisting of two pyramids stacked together. The top one is inverted and rotated 60 
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degrees, while its top touches the base of the other pyramid (sunken). The size of the pyramids is in the order of 
h (Plank’s constant, normalised to length). All particles have more or less the same size in parametric space 
(space as we know it). 


Further Implications 


We come now to the more profound meanings of the model. This subject I describe very condensed (without 
further proof, although the subject is described in great detail in the appendix). 


The double rotating central bar has an additional degree of freedom. This results in a second gravitational field, 
which we cannot directly observe. So there are two kinds of gravity. 

The CF model talks about ideal Black Holes and White Radiators. Black Holes have a function to stabilize the 
universes. As said before, the mass (energy) in all 12 universes must be exactly the same. Still the mass 
distribution can be different, but only thanks to black holes. B.H’s and W.R’s are present in the comers of the 
pyramid frame. In one time step, our time direction faces the Black Hole, while our anti-universe’s time 
direction faces the White Radiator. The next time step our time direction faces the White Radiator. In the next 
time step it is the null-energy flux. 

White Radiators are generators of mass and energy, but have no mass of their own. It generates the exact 
opposite type of gravity which nullifies with normal gravity. 

A pair of BH and WR belongs to each reality. The ideal Black Holes (and there counterpart the WR) in the CF 
model must have spin. The normal black hole as known from General Relativity Theorie is discussed also. 


The formation of a pair of BH and WR (also called a macroscopic quantum mirror or black mirror) is then 
proven to be a non natural object : it could only have formed by an act of intelligence. Intelligent life is a 
necessary condition in the formation of the universe! According to the CF model, the black mirrors are formed 
by the collective mind power of an intelligent race. 


Another important consequence is that the time history (knowledge) of the universe is laid down in the quantum 
gravitation fields. This is one of the reasons why the universe expands: to record the time history. In other 
words, the time history of a matter system, determined by an increase of entropy, is converted into information 
in the quantum gravity field. Intelligent life interferes with and modifies the quantum gravity fields (creativity). 


The two types of gravity fields represent the matter-bound and emotional (or soul-bound) energy fields. The 
creation of the macroscopic quantum mirror is the final goal of an intelligent race. It is called the all-might 
manifestation of the race and it can only be initiated by enough minds working together to create the mirror - 
which means nothing less than the recognition and identification of the Love poles which carry the universe... 


Note: 


Everything written here is in my own words. Pictures were made by me. Therefore, copyright has not been violated. 


Back 
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Reptoids of the Inner Earth 


The Lacerta Files 
Jimmy Bergman, Owner, Sweden. 
Published in this website on December 26, 2004. 
Note of the Editor of Brother Veritus' Website: These English translations were edited to correct 
English grammatical errors but message and intent were left intact. The word "Ilojiim" or "Illojim" 
used extensively in these texts could mean "Elohim", since this is the equivalent traditional word used 


in Western culture, however, this term may indicate a different galactic race. The illustrations are not 
of Lacerta. 


Lacerta File I 


Translation by Chris Pfeiler, Editor and Translator. Taken from 
http://www.sabon.org/reptiloid/index3.html . 





Introduction 


I certify that the following text is the absolute truth and 

no work of fiction. These are parts of a transcript of an A = 
interview I’ve made with a non-human and reptilian 
being in December 1999. This female being was already 
in contact with a friend of mine (whose name is given 
only with the abbreviation E.F. in the text) since some 
months. Let me declare, that I was all my life a skeptic 
about UFOs, aliens and other weird things and I thought 
that E.F. tells me just dreams or fictitious stories when 
he talked with me about his First Contacts with the non- 
human being "Lacerta". I was still a skeptic when I met 
this being on December 16 last year in that small warm 
room in the remote house of my friend near to a town in 
the south of Sweden, despite the fact that I saw now with 
my own eyes that she was not human. She has told and shown me so many unbelievable things during 
that meeting that I can’t deny the reality and the truth of her words any longer. This is not another of 
that wrong UFO papers which claim to tell the truth but tell in fact just fiction, I’m convinced that this 
transcript contains the only truth and therefore you should read it. 





I had talked with her for over 3 hours, so the following transcript shows you only shortened parts of the 
interview, because she asked me after the interview not to publish everything she had told me already 
now. The order of the questions in this transcript is not always the same order in which I had asked 
them, so it may seem sometimes a little bit confusing to you. It was not easy to delete all the important 
parts she had asked me to delete from the transcript, so I apologize for the maybe unusual order. 


I’m in the possession of the entire transcript of the interview (49 pages with some of my drawings of 
her body and her equipment) and also of some tapes on which I have the full interview, but I will not 
reveal this before I have permission from her. 


I will send this shortened form of the still fascinating document to four of my reliable friends to 
Finland, Norway, Germany and France and I hope they will translate it into their own languages and 
into other languages and I hope as many people as possible will be able to read and to understand the 
transcript. If you receive it, please send it to all your friends via e-mail or make print-outs and copy 
them. 


I certify furthermore, that various "paranormal" abilities of her species like telepathy and telekinesis 
(including the moving and dancing of my pencil on the table without touching and the flying of an 
apple around 40 centimeters over her hands) were shown to me during the 3 hours and 6 minutes of the 
meeting and I’m absolutely sure that these abilities were no tricks. The following is certainly difficult 
to understand and to believe for someone who hasn’t experienced it, but I was really in contact with her 
mind and I’m now completely sure that everything she said during the interview is the absolute truth 
about our world. 


Unfortunately, if I read the entire transcript and (much more) this very shortened form by myself I have 
the strong impression, that everything I’ve written sounds too unbelievable to be true, that everything 
sounds more like a bad science fiction story from TV or cinema and I have doubts that anyone will 
believe my experiences. But they are true, if you believe it or not. I can’t expect from you that you 
believe my simple words without evidence, but I can’t give you that evidence. Please read the transcript 
and think about it and you will maybe see the truth in these words. 


There will be a new meeting between me and her (again in the same house in Sweden) on April 23 
2000 and she promised me to give me maybe some evidence for her existence. In the meantime I 
collect questions which I will ask her then. Maybe she gives me permission to reveal more of the 
missing parts in that transcript and about the coming war. 


Believe it or not, this makes no real difference (but I hope you will believe.) 


Ole K. 


Transcript of Interview (Shortened Version) 
December 16, 1999 


Question: First of all, who are you and what are you? Are you an extraterrestrial species or can your 
origin be found on this planet? 


Answer: As you could see with your own eyes, I’m not a human being like you and to be honest I’m no 
real mammal (despite my partly mammal-like body features, which are a result of evolution.) I’m a 
female reptile being, belonging to a very old reptilian race. 
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We are the native terrans and we live on that planet since millions of years. We are mentioned in your 
religious writings like your Christian Bible and many of the ancient human tribes were aware of our 
presence and worshipped us as gods, for example the Egyptians and the Inca and many other old tribes. 
Your Christian religion has misunderstood our role in your creation, so we are mentioned as "evil 
serpent" in your writings. This is wrong. Your race was genetically engineered by aliens and we were 
just the more or less passive visitors of this accelerated evolution process. You must know (some of 
your scientists have already supposed this) that your species had evolved in a naturally completely 
impossible speed within just 2 - 3 millions of years. This is absolutely impossible, because evolution is 
a much slower process if it’s natural but you have not understood this. Your creation was artificial and 
done by genetic engineering, but not by us but by an alien species. If you ask me, if I’m an 
extraterrestrial, J must answer no. We are native terrans. We had and have some colonies in the solar 
system, but we originate on this planet. It’s in fact our planet and not yours - it was never yours. 


Question: Can you tell me your name? 


Answer: This is difficult, because your human tongue is not able to pronounce it correctly (and a 
mispronunciation of our names is very offensive for some of my kind.) Our language is very different 
from yours, but my name is —I will try to say it smoother by use of your human letters— something 
like "Sssshiaassshakkkasskkhhhshhh" with a very, very strong pronunciation of the "sh" and "k" 
sounds. We have no forenames like you but only a single but unique name which is divided and 
characterized by the way of speaking and which is given not to children (who have an own children- 
name) but only in a special procedure in the adolescent age at the time of either religious or scientific 
"enlightenment" or awareness (as you would call it.) I would appreciate it if you don’t try to say my 
real name with your human tongue. Please call me "Lacerta", this is the name I generally use when I’m 
among humans and talk with them. 


Question: How old are you? 


Answer: We measure the time not like you in astronomical years and in the revolving of the earth 
around sun, because we usually live beneath the surface of the planet. Our time measurement depends 
on periodically returning cycles in the earth magnetic field and according to this (and said with your 
numbers) I’m today —let me calculate— 57,653 cycles old. I have reached my adult phase and my 
awareness 16,337 cycles ago (this is a very important date for us.) According to your human time scale 
I’m around 28 years old. 


Question: What is your task? Do you have a "job" like us? 


Answer: To say it with your words: I’m a curios student of the social behavior of your species. That’s 
why I’m here and talk to you, that’s why I have revealed my real nature to E.F. and now to you and 
that’s why I give you all that secret information and why I will try to answer all the questions on your 
many sheets of paper honestly. I will see how you react, how others of your kind react. There are so 
many crazies and liars of your kind on this planet who claim to know the truth about us, about UFOs, 
about aliens and so on and some of you believe their lies. I’m interested to see how your species will 
react if you make the truth (which I will tell you now) public. I’m quite sure everyone of you will 
refuse to believe my words, but I hope I’m wrong, because you need to understand if you want to 
survive the coming years. 


Question: I’ve read your full statement (which you have given to E.F.) about this, but can you give me 
now just a short answer: are UFOs real flying objects piloted by extraterrestrials or do they belong to 
your species? 


Answer: Some observed UFOs - as you call them - belong to us, but most not. Most of the "mysterious" 
flying objects in the sky are not technological devices but mainly misinterpretations of natural 
phenomena your scientists have not understood (like spontaneous plasma flares in the high 
atmosphere.) Nevertheless, some UFOs are real craft belonging either to your own species (especially 
to your military) or to other alien species or at last to us (but a minority of sighted craft belongs really 
to us, because we are generally very careful with our movements in the atmosphere and we have special 
ways to hide our ships.) If you read a report about a sighting of a metallic bright-gray cigar-shaped 
cylindrical object with a length of —there are different types— let me say between 20 and 260 of your 
meters and if this object had made a very deep humming sound and if there were 5 bright red lights on 
the metallic surface of the cigar (one at the top, one in the middle, two at the end) then it’s likely that 
someone of you have seen one of our ships and this means that it was either partly defect or that 
someone of us was not careful enough. We have also a very small fleet of disc-shaped craft, but such 
UFOs belong usually to an alien species. Triangular UFOs belong generally to your own military but 
they use foreign technology to build them. If you really want to try to see one of our craft, you should 
have a look at the skies over the Arctic, the Antarctic and over Inner Asia (especially over the 
mountains there.) 


Question: Have you a special symbol or something like that with which we can identify your kind? 


Answer: We have two major symbols representing our species. One (the more ancient) symbol is a blue 
serpent with four white wings on a black background (the colors have religious meanings for us.) This 
symbol was used from certain parts of my society, but it is today very seldom —you humans have 
copied it very often in your old writings. The other symbol is a mystic being you would call a "Dragon" 
in the shape of a circle with seven white stars in the middle. This symbol is much more common today. 
If you see one of that symbols on a cylindrical craft I’ve described in my previous answer or on some 
underground installation, this thing or place belongs definitely to us (and I would advise you to go 
away from there as soon as possible.) 


Question: The seven stars in the second symbol you’ve mentioned, do they mean the Pleiades? 


Answer: Pleiades? No. Actually, the seven stars are planets and moons and they are a symbol for our 
former seven colonies in the solar system. The stars are shown in front of a blue background and the 
dragon-circle means the shape of Earth. The seven white stars mean Moon, Mars, Venus and 4 moons 
of Jupiter and Saturn, we had colonized in the past. Two colonies are no longer in use and abandoned, 
so 5 stars would be more correct. 


Question: As you have not allowed me to make photos —what would be very useful to prove your real 
existence and the truth of this story— can you describe yourself detailed? 


Answer: I know that it would be helpful to prove the authenticity of this 
interview if you can make some photos from me. Otherwise, you humans are 
very skeptic (that’s good for us and for the real alien species acting secretly on 
this planet) so even if you had such photos, many of your kind would say that 
they are fraud, that I’m just a masked human woman or something like that (that 
“4 would be very offensive for me.) You must understand that I can’t give you 

, permission to make photos of me or of my equipment. This have various 
= reasons, which I want not to discuss with you further, but one of the reasons is 
|# the keeping up of the secrecy of our existence, another reason is more religious. 
Nevertheless, you have permission to make drawings of my look and of my 
equipment I can show you later. I can also try to describe myself, but I doubt that 
others of your kind will be able to imagine my real look just from simple words, 
because the automatic denial of the existence of reptilian species and generally 
fm Of intelligent species other than your own is part of the programming of your 
‘mind. Well, I will try. 















Imagine the body of a normal human woman and you have at first a good imagination of my body. Like 
you, I have a head, two arms, two hands, two legs and two feet and the proportions of my body are like 
yours. As I’m female I have also two breasts (despite our reptile origin, we have started to give milk to 
our babies during the evolution process —this happened around 30 million years ago— because this is 
the best thing to keep the young alive. Evolution had done this for your species already in the dinosaur 
age and —a little bit later— also for ours. That means not that we are now real mammals) but the 
breasts of us are not as large as those of human woman and the size of them is generally equal for every 
female of my kind. The external reproduction organs are for both sexes smaller than those of humans, 
but they are visible and they have the same function as yours (another gift of evolution to our species.) 


My skin is mainly of a green-beige colour - more pale green - and we have some patterns of brown 
irregular dots (each dot of the size of 1 - 2 centimeters) on our skin and in our face (the patterns are 
different for both sexes but females have more, especially in the lower body and in the face.) You can 
see them in my case as two lines over the eyebrows crossing my forehead, at my cheek and at my chin. 
My eyes are a little bit larger than human eyes (for this reason, we can see better in the darkness) and 
usually dominated from the large black pupils, which are surrounded from a small bright-green iris 
(males have a dark-green iris). The pupil is slit and can change its size from a small black line to a 
wide-open egg-shaped oval, because our retina is very light sensitive and the pupil must compare this. 
We have external round ears but they are smaller and not so curved as yours, but we can hear better 
because our ears are more sensitive for sonic (we can also hear a wider range of sonic). There’s a 
muscle or "lid" over the ears which can completely close them (for example under water). Our nose is 
more pointed and there is a V-shaped curving between the nostrils, which enabled the ancestors to "see" 
temperature. We have lost most of this ability, but we can still feel temperature much better with this 
"organ". Our lips are shaped like yours (those of females a little bit larger than those of males) but of a 
pale brown colour and our teeth are very white and strong and a little bit longer and sharper than your 
soft mammal teeth. We have no different hair colors like you (but there is a tradition to colour the hairs 
in different ages) and the original colour is —like mine— a greenish brown. Our hairs are thicker and 
stronger than yours and they grow very slow. In addition, the head is the only part of our body where 
we have hairs. 










Our body, arms and legs are similar in shape and size to yours, but the color is different 
(green-beige, like the face) and there are scale-like structures on the upper legs (over the 
ee) and upper arms (over the elbow). Our five fingers are a little bit longer and thinner 
han human fingers and our skin on the palm is plain, so we have no lines like you but 
again a combination of a scale-like skin structure and of the brown dots (both sexes have 
he dots on the palm) and we have no fingerprints like you. If you touch my skin, you 
will feel that it is smoother than your hairy skin. There are small sharp horns on the upside of both 
middle fingers. The fingernails are grey and generally longer than yours. You see that my nails are not 
so long and round at the top. This is because I’m female. Males have sharp pointed nails with a length 
of sometimes 5 or 6 of your centimeters. The following feature is very different from your body and 
part of our reptilian origin: if you touch the backside of my upper body you will feel a hard bony line 
through my clothing. This is not my spine but a very difficult shaped external plate-structure of skin 
and tissue following exactly our spine from the head to the hip. There is an extremely high number of 
nerves and large blood vessels in this structure and in the plates (which are around two or three 
centimeters long and very touch sensitive - this is the reason why we have always problems to sit in 
chairs with a back like this chair.) The main task of these small plates (beside a role in our sexuality) is 
simply the regulation of our body temperature and if we sit in natural or artificial sunlight, these plates 
become more blood-filled and the vessels become wider and the sun is able to heat up our reptoid blood 
(which circulates through the body and through the plates) for many degrees and that gives us a great 
pleasure. 


What else is different from your kind? Oh, we have no navel, because we were born in a different way 
to your mammal birth. The other exterior differences from your kind are minor and I think I must not 
mention all now, because most of them are not visible if we wear clothing. I hope the description of my 
body was detailed enough. I would advice you to make some drawings. 


Question: What kind of clothing do you generally wear? I suppose this is not the way you dress 
normally? 


Answer: No, I wear this human every-day-clothing only when I’m among humans. To be honest, it’s 
not very comfortable for me to wear such tight things and it is always a very unusual feeling. If we are 
in our own home (this means in our subterranean home) or in our large artificial sun areas and if we are 
together with others near to our own name, we are usually naked. Is this shocking for you? When we 
are in the public and together with many others of my species we wear very wide and soft clothing 
made of thin, light stuff. I have told you that many parts of our bodies are very touch sensitive, mostly 
the small back plates so we can’t feel comfortable in tight clothing because it can hurt us. Man and 
woman wear often the same kind of clothing, but the colors are different for the sexes. 


Question: You’ve said "others near to your own name". Do you mean your family? 


Answer: No, not really. You would call it "family" but with this word you mean only those of your kind 
which belong genetically together like father or mother and child. As I have said earlier we have a very 
difficult and unique name. Part of the pronunciation of that name is absolute unique and there is no 
other being with the same name, but part of this name (the middle part) is pronounced in a way that told 
the others to which "family" (I must use the word, because you haven’t the right one in your 
vocabulary) you belong. 


This means not that all in that group are genetically related to you, because these groups are usually 
very large and contain between 40 and 70 of us. This group includes generally your genetic relations - 
except one of them had decided to left this group - and your connection with father and mother is often 
the strongest. It would be too difficult for me to explain you now our very old social system which is 
very complex and we would need many hours only for the primary things. Maybe we can meet another 
time and I can give you detailed descriptions of all these things. 


Question: Have you a tail like normal reptiles? 


Answer: Do you see one? No, we have no visible tail. If you look at our skeleton, there is only a small 
rounded bone at the end of our spine behind the pelvis. This is a useless rudiment of the tail of our 
ancestors, but it is not visible from the outside. Oh, our embryos have tails during the first months of 
development, but these tails disappear before they were born. A tail makes only sense for a primitive 
species which tries to walk on two legs and must held the balance with the tail, but our skeleton had 
changed during evolution and our spine is nearly in the same shape as yours, so we need no tail to stay 
on two feet. 


Question: You said that you were born in a different way to us. Do you lay eggs? 


Answer: Yes, but not like your birds or primitive reptiles. Actually, the embryo grows in a protein 
liquid inside the mother’s womb, but there is also an egg-shaped but very thin chalk hull around it, that 
fills the whole womb. The embryo inside this hull is completely autarky from the mother’s body and it 
has every substance it needs to develop inside this chalk hull. There is also a cord like your navel cord 
which is connected to a point hidden behind the back plates. When the baby is going to be born, the 
whole egg is pressed through the vagina covered in a slimy protein substance and the baby came out of 
this soft egg after some minutes. These two horns on our middle fingers were instinctively used from 
babies to break through the chalk hull to take their first breath. Our young are not so large as your 
babies when they were born, they are between 30 and 35 of your centimeters tall, the egg is around 40 
centimeters tall (this is because our vagina is smaller than a human one) but we grow to a normal size 
of 1,60 to 1,80 meters. 


Question: What about your body temperature? You’ve said that you enjoy to lay in the sun. What effect 
has this to your organism? 


Answer: We are no mammals and as reptiles our body temperature depends on the temperature of our 
surrounding. If you touch my hand you will maybe feel that it is colder than yours, because our normal 
body temperature is around 30 to 33 degree Celsius. If we sit in the sun (especially naked and with our 
row of small back plates in the sun) our body temperature can rise for 8 or 9 degrees within minutes. 
This rise causes a production of many enzymes and hormones in our body, our heart and brain and 
every organ becomes more active and we feel than very, very good. You humans only enjoy being in 
the sun but for us it is the greatest pleasure you can imagine (maybe like your sexual excitement.) We 
also enjoy swimming in very warm water or other liquids to rise our body temperature. If we are for 
some hours in the shadow, our temperature goes back to 30 to 33 degrees. This can cause no harm to 
us, but we feel much better in the sun. We have artificial sun-rooms in the underground but this is not 
the same for us like the real sun. 


Question: What do you eat? 


Answer: Generally various things like you: flesh, fruit, vegetables, special kinds of fungus (from 
subterranean farms) and other things. We can also eat and digest some substances which are poisonous 
for you. The main difference between you and us is that we must eat flesh, because our body needs the 
proteins. We can’t live completely vegetarian like your kind because our digestion would stop working 
and we would die after some weeks or maybe months without flesh. Many of us eat raw flesh or other 
things which would be disgusting for you. Personally, I prefer cooked flesh and surface fruits like 
apples or oranges. 


Question: Can you tell me something about the natural history and evolution of your species? How old 
is your species? Have you evolved from primitive reptiles as mankind has evolved from apes? 


Answer: Oh, this is a very long and complex story and it sounds certainly unbelievable to you, but it’s 
the truth. I will try to explain it in short. Around 65 million years ago, many of our unadvanced 
ancestors from the dinosaur race died in a great global cataclysm. The reason for this destruction was 
not a natural disaster - an asteroid impact as your scientists believe falsely - but a war between two 
enemy alien groups that took mainly place in the orbit and high atmosphere of your planet. According 
to our limited knowledge about the early days this global war was the first alien war on planet earth but 
it was definitely not the last (and a future war is coming soon, while a "cold war" - as you call it - 
between alien groups is ongoing since the last 73 years on your planet.) The opponents in this 65 
million year old war were two advanced alien species, whose both names are again not pronounceable 
for your tongues. I’m able to say them but it would hurt your ear if I tell you the names in their original 
way. One race was humanoid like your species (but much older) and was from this universe, from a 
solar system in the star constellation you call "Procyon" today in your maps. The other species - about 
which we know not so much - was a reptilian species, but they have nothing to do with our own 
species, because we have evolved from local saurians without exterior influence (except the successful 
manipulation of our own genes by us. More about that later.) The advanced reptilian species came not 
from this universe but from a - well, how should I explain it to you. Your scientists have not really 
understood the true nature of the universe, because your illogical mind is not able to see the easiest 
things and relies on wrong mathematics and numbers. This is part of the genetic programming of your 
kind to which I will come later. Let me say, that you are nearly as far away from the understanding of 
the universe as you were 500 years ago. 


To use a term you will maybe understand: the other species came not from this universe but from 
another "bubble" in the foam of the Omniverse. You would call it maybe another dimension, but this is 
not the right word to describe it correctly (by the way, the term dimension is generally wrong in the 
way you understand it.) The fact you should remember is, that advanced species are able to "walk" 
between bubbles by use of - as you would call it - quantum technology and sometimes in special ways 
only by use of their mind (my own species had also advanced mental abilities in comparison to your 
species, but we are not able to do the matter-string/bubble changing without technology, but other 
species active on this planet are able and this looks to you like magic as it had to your ancestors.) 


Back to our own history: the first species (the humanoids) had reached Earth around 150 years before 
the reptilians and they built some colonies on the former continents. 


There was a large colony on the continent you call "Antarctica" today and another one in the continent 
you call "Asia" today. These people lived together with animal-like saurians on the planet without 
problems. When the advanced reptilian species arrived in this system, the humanoid colonists from 
"Procyon" tried to communicate peacefully, but they were not successful and a global war started 
within months. You must understand that both species were interested in this young planet not for his 
biology and undeveloped species, but for only one reason: raw material, especially copper. To 
understand this reason, you must know that copper is a very important material for some advanced 
species (even today) because it is - together with some unstable materials - able to produce new stable 
elements if you induce a high electromagnetic field in the right angle with a high nuclear radiation field 
to produce an over-crossing of fluctuating fields. The fusion of copper with other elements in such a 
magnetic/radiation field-chamber can produce a force field of special nature that is very useful for 
various technological tasks (but the base for this is an extremely complex formula you are not able to 
discover because of the restrictions of your simple mind.) Both species wanted to have the copper of 
Planet Earth and for this reason they fought a not very long war in space and orbit. The humanoid 
species seemed to be successful during the first time, but in a last battle the reptilians decided to use a 
mighty experimental weapon - a special kind of fusion bomb which should destroy the life forms on the 
planet but should not harm the valuable raw materials and the copper. The bomb was fired from space 
and detonated at a point of your planet you call "Middle America" today. As it detonated in the ocean, 
it produced an unpredictable fusion with hydrogen and the effect was much stronger than the reptilians 
had expected. A deadly radiation, an over-production of fusion-oxygen, a fall-out of different elements 
and a "nuclear winter" for nearly 200 years were the result. Most of the humanoids were killed and the 
reptilians lost their interest on the planet after some years for (even for us) unknown reasons - maybe 
because of the radiation. Planet Earth was on its own again and the animals on the surface died. By the 
way, one result of the fusion bomb was the fall-out of different elements and materials created in the 
burning process and one of those materials was Iridium. Your human scientists today see the Iridium 
concentration in the ground as an evidence for an asteroid impact that killed the dinosaurs. That is not 
true, but how should you know that? 


Well, most of the dinosaurs died (not all in the detonation but in the bad things which came after the 
war, especially in the nuclear winter and in the fall-out.) Nearly all dinosaurs and reptilians were dead 
within the next 20 years. Some of them —especially those in the oceans— were able to survive for the 
next 200 to 300 years even in this changed world, but these species also died, because the climate had 
changed. The nuclear winter ended after 200 years, but it was colder on earth than before. Despite the 
cataclysm, some species were able to survive: fish (like the sharks), birds, little creepy mammals (your 
ancestors), various reptiles like crocodiles... and there was a special kind of small but advanced 
dinosaurs which had developed together with the last large animal-reptilians like the species you call 
Tyrannosaurus. 


This new reptile was walking on two legs and looked at little bit like your reconstruction of an 
Iguanodon (it originated in this family) but it was smaller (around 1.50 meters tall) with some 
humanoid features, a changed bone structure, a larger skull and brain, a hand with a thumb which was 
able to grab things, a different organism and digestion, advanced eyes in the middle of the head like 
your eyes and most important...with a new and better brain structure. This was our direct ancestor. 
There are theories that the radiation from the bomb took part in the mutations of the organism of this 
new breed, but this is not proven. 


Nevertheless, this little humanoid-like dinosaur evolved during the following 30 million years (as I 
have said earlier, a species need generally more time to evolve than you think, if the evolution is not 
artificially induced like in your case) from an animal to a more or less thinking being. These beings 
were intelligent enough not to die in the next millions of years, because they learned to change their 
behavior, they lived in caves instead in the cold nature and they learned to use stones and branches as 
first tools and the use of fire as help to warm them - especially to warm their blood which is very 
important for our kind to survive. During the next 20 million years this species was divided by nature 
into 27 sub-species (unfortunately, former reptilian species were prone to divide themselves in a more 
or less illogical way into sub-species during the evolution process. You can clearly see this in the 
unnecessary high number of animal-dinosaur species in earlier times) and there were many (mainly 
primitive) wars between this sub-species for dominance. 


Well, nature was not very friendly to us and as far a we know from the 27 sub-species 24 were extinct 
in primitive wars and in evolution, because their organism and mind was not developed enough to 
survive and (as main reason) they were not able to change their blood temperature in the right way if 
the climate changed. 50 million years after the war and after the end of Dinosaurs, only three (now also 
technological) advanced reptilian species were remaining on this planet together with all the other 
lower animals. Through natural and artificial crossbreeding these three species were united to one 
reptilian species and through the invention of genetic manipulations, we were able to "eliminate" the 
dividing-prone genes in our genetic structure. According to our history and belief, this was the time 
when our final reptilian race - as you see me today - was created by use of genetic engineering. This 
was around 10 million years ago and our evolution nearly stopped at this point (well, actually there 
were some minor changes in our look toward a more humanoid and mammal-like appearance during 
the coming ages, but we have not divided again into sub-species). You see, we are a very old race in 
comparison to your kind, which was jumping around as small monkey-like animals in the trees at this 
time while we invented technology, colonized other planets of this system, built large cities on this 
planet (which disappeared without a trace in the ages) and engineered our own genes while your genes 
where still those of animals. 


10 million years ago the small simians started to grow and they came down from the trees to the ground 
(again because of the change of the climate - especially on the so-called African continent.) But they 
evolved very slow as it is normal for a mammal and if nothing extraordinary had happened to your 
kind, we wouldn’t be able to sit here and talk because I would sit in my comfortable modern house and 
you would sit in your cave clothed with fur and trying to discover the secrets of fire - or you would 
maybe sit in one of our zoos. But the things had developed differently and you believe now you are the 
"crown of creation" and you can sit in the modern house and we must hide and live beneath the earth 
and in remote areas. Around 1,5 million years ago, another alien species arrived at Earth (it was 
surprisingly the first species since over 60 million years. This would be more surprising for you if you 
would know how many different species are today here.) The interest of this humanoid species - you 
call them "Illojim" today - was not the raw material and the copper, it were to our astonishment the 
unadvanced ape-humanoids. Despite of our presence on this planet, the aliens decided to "help" the 
apes to evolve a little bit faster, to serve them in the future as some kind of slave-race in coming wars. 
The fate of your species was not really important for us, but we didn’t like the presence of the "Tllojim" 
on our planet and they didn’t liked our presence on their new "galactic zoo" planet and so your sixth 
and seventh creation was the reason for a war between us and them. 


You can read about that war for example partly in the book you call "Bible" in a very strange way of 
description. The real truth is a very long and difficult story. Should I continue? 


Question: No, not now. I’ve made some notes about your history and now I have some questions. 
Answer: Please ask. 


Question: First of all, you handle with a very large time scale. You claim that your primitive ancestors 
lived together with the dinosaurs, survived the - as you called it - artificial cataclysm and evolved then 
over 40 million years and your evolution was completed 10 million years ago. This sounds very 
unbelievable to me. Can you say something to this? 


Answer: I understand that this must sound absolutely unbelievable to you, because you are a young and 
genetically engineered species. Your historical horizon ends at a scale of just some thousands of years 
and you think this is right. But it isn’t. This is impossible. Your programmed mind is obviously not able 
to handle with such large time scales. Our evolution time may seem incredible long to you, but this is in 
fact the original way of nature. Remember, your early mammal ancestors developed together with 
dinosaurs and they survived the bomb like us. They evolved slowly during the next millions of years 
and they divided into various species and shapes, some of them larger, some of them smaller. This is 
evolution of the body. But what about their mind and intelligence? They were simple animals. The 
mammals evolved since —let us say— 150 millions of years, but only in the last 2 - 3 millions of years 
they were able to became intelligent and thinking. And within this small period beings like you were 
created. From nature? 148 millions of year’s time for the evolution of animal-like mammals, 2 millions 
of year’s time for the development of (more or less) intelligent beings like you? Ask yourself: Do you 
really think this accelerated evolution is natural? Then your species is more ignorant than I’ve thought. 
We have not evolved wrong but you. 


Question: I understand. But I have another question. You’ve mentioned many facts about the ancient 
war between the aliens 65 million years ago. This happened very long before your kind became really 
intelligent (as far as I have understood you). Why do you know so many things about that "first war" 
and about the evolution of your species? 


Answer: This is a good question (much better than the previous) and I have not explained it properly to 
you. Our knowledge about the first war comes completely from an ancient artifact, which was found 
around 16,000 years ago from our archeologists on the continent you call North America today. They 
found there a round plate with a diameter of approximately 47 of your centimeters. The plate was made 
of an even for us unknown magnetic material and inside the plate there was another smaller crystal 
plate which contained an enormous amount of information coded in the molecular structure of the 
crystal. This "memory plate" was manufactured from the last bomb survivors of human race from 
"Procyon" already 65 million years ago but it was completely intact when we found it. Our scientists 
were able to encode the messages and data and so we heard the first time about the events which took 
place in the distant past and which led to the extinction of the dinosaurs. The plate contained detailed 
descriptions of both species (but more about the humanoids) and about the events and weapons, 
including the fusion bomb. It contained also a description of the animals and saurians on earth, 
including our pre-intelligent ancestor species. The rest of our knowledge about our evolution comes 
from skeletons and from the back-reading and de/encoding of our DNA. 


You see, we know the real truth about our roots since 16,000 years. Before that time, there was a more 
religious idea of our creation. 


Question: What have happened with the both alien species? 


Answer: We don’t know exactly. The surviving humanoids on earth obviously died in the years after 
the bomb and others of their kind and the reptilians never came back to Earth (as far as we know). 
Concerning the reptilian aliens, there is a possibility that it was physically impossible for them to 
return, because the matter between bubbles is sometimes in rapid movement. The current theory is, that 
both species had ceased to exist during the millions of years. 


Question: You’ve mentioned skeletons of your kind. How can it be, that human scientists haven’t found 
any trace of you and your ancestors if you really live for such a long time on this planet? We have 
found many skeletons of primitive dinosaurs, but none of an advanced reptilian being with a larger 
skull and brain and a hand with a thumb as you have described it before. 


Answer: Yes, you have. But your "great" scientists were not able to reconstruct the skeletons 
completely, because they wanted to reconstruct reptilian animals, not intelligent beings. You would 
laugh if you would know how many of the (especially small) saurian skeletons in your museums are 
totally wrong constructions of never-existing beings, because you used many bones which didn’t really 
belong together and sometimes you made artificial bones if something was missing you needed to 
construct an "animal" saurian. Many of your scientists are aware of this problem, but they don’t make it 
public, because they can’t explain it and they claim, that the right bones were just missing and their 
reconstruction is right. Many bones of us were used for Iguanodon reconstructions, for example the 
hands with the visible thumb (look at an Iguanodon in a museum and you will see that I’m right.) A 
scientist in the country you call United States had built a nearly correct skeleton of our kind some years 
ago, but the local government (which is partly aware of our existence) confiscated the reconstruction. 
As we live today (and since thousands of years) nearly completely beneath the earth, you will not find 
any cadavers or skeletons of us. 


Question: You speak sometimes about underground cities and artificial sunlight. Do you mean 
something like a "hollow Earth" with this? Is there a second sun inside our planet? 


Answer: No, Earth is not really completely hollow and there is no second sun inside. This story is 
ridiculous and physically not possible (even your species should be intelligent enough not to believe 
this.) Do you know how much mass a sun must have to produce energy and light for a longer time by 
fusion? Do you really think that there could be a small active sun inside the planet? When I talk about 
our subterranean home, I talk about large cave systems. The caves you have discovered near to the 
surface are tiny in comparison to real caves and huge caverns deeper in the earth (in a depth of 2,000 to 
8,000 of your meters, but connected with many hidden tunnels to the surface or to surface-near caves) 
and we live in large and advanced cities and colonies inside such caves. Major sites of us are beyond 
the Arctic, the Antarctic, Inner Asia, North America and Australia. If I talk about artificial sunlight in 
our cities I don’t mean a real sun but various technological sources of light (including gravitational 
sources) which illuminates the caverns and tunnels. There are special cave areas and tunnels with a 
strong UV light in every city and we use that places to heat our blood. Furthermore, we have also some 
surface sun places in remote areas, especially in America and Australia. 
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Question: Where can we find such a surface-near entry to your world? 


Answer: Do you really think I will tell you their exact location? If you want to find such an entry, you 
have to search it by yourself (but I would advise you not to do that.) When I came to the surface four 
days ago, I used an entry approximately 300 of your kilometers north from here near to a large lake, but 
I doubt that you would be able to find it (there are only a few entries in this part of the world - more are 
far more north and east.) As a little advice: if you are in a narrow cave or in a tunnel or even in 
something that looks to you like an artificial mine shaft and as deeper you walk as smoother appear the 
walls and if you feel unusual warm air streaming from the depth or if you hear the rushing sound of 
streaming air in a ventilation or elevator shaft, then look for a special kind of artificial and smooth wall 
somewhere in the cave with a door made of gray metal. If you would be able to open that door (but I 
doubt this) you would be in a usually round technical room with ventilation systems and elevators to 
the depth. This is probably an entry to our world. If you have reached this point, you should know that 
we are now definitely aware of your presence. You are already in big trouble if you have entered the 
round room, but you should look for one of the two reptilian symbols on the walls. If there are no 
symbols or other symbols, you are maybe in bigger trouble as you think, because not every 
underground installation belongs to our kind. Some new tunnel systems are operated from alien races 
(including hostile races). My general advice if you find yourself in a, for you, strange underground 
installation: run away as fast as you can. 


Question: You mentioned earlier that you use the name "Lacerta" when you are among humans and that 
you enjoy it to be in the real sun on the surface of earth. But how can you be among humans? You 
don’t look like us, so anyone will see that you belong to another species. Why have nobody seen and 
described a being like you if your kind lives already since our "creation" together with us on the same 
planet. Can you explain that to me? 


Answer: First, my kind was of course seen and described (and worshipped) many times in your 
primitive past, for example in your religious writings like your Christian Bible. You can find 
descriptions and even simple drawings of us for also in the southern part of the American continent on 
various temples. So-called "wise" men from India and from the Asian mountains have described our 
species many times in writings, together with other "wise" men from the African continent. I think we 
are the most mentioned non-human species (maybe beside the "Illojim") in your history. If you don’t 
believe me, have a look at your history and you will see the truth in my words. Your "great" scientists 
called the belief in us "superstition" and "religion" and today’s "intelligent" humans have forgotten our 
presence on the surface in the past. 


Furthermore, our species is seen even today sometimes from human witnesses in its original shape on 
earth or in our surface-near entries and tunnel systems, but fortunately you and your media didn’t take 
the reports of such "crazies" serious (that’s good for us and that’s the reason why we allow those people 
to see us as we really are.) Some of my species are also in direct contact with human scientists and 
politicians from the surface, but this is top-secret —as you would call it— and nobody of your public 
knows anything about it (the matter of these meetings is generally the upcoming war with and between 
the alien species and our assistance in this war). But there is also another explanation, why we can walk 
among you and why you are not able to recognize us: mimicry. 


The following may again sound unbelievable and even shocking to you, but as you have asked I will 
explain it. I have told you before, that we have more advanced mental abilities than your species and 
with "more advanced" I mean, that we are able to use telepathy and telekinesis from our birth on (in 
fact, mother and new-born child communicate generally with telepathy during the first months) without 
special training as you need it to activate these sleeping parts of your brain. The structure of our brain is 
a little bit different to yours and our hypothesis is larger and more active than yours - especially when 
we are in sunlight. Our own abilities are very strong in comparison to yours, but weak in comparison to 
the "matter-string/bubble" mind forces of some of the alien species on this planet. I was never very 
good in that mind things, but we all have these primary abilities and can use them for example for our 
protection or even for attack. 


When we are on the surface and we meet human beings (even a large group of them - this makes no 
difference. All of your minds are like one mind) we are able to "touch" their mind and induce them via 
telepathy the command "See us as one of your kind" and the weak human mind will accept this order 
without re-fusion and they will see us (despite our reptilian look) as normal humans. I’ve done this 
many times and you weak humans generally see me as an attractive brown-haired woman, because I 
have created this special "mimicry image" in my mind years ago and I can induce it into your minds 
without problems. I’ve needed some time at the beginning to learn the use of the mimicry correctly, but 
then it worked nearly automatically and I can even walk among a group of yours and nobody will 
recognize what I am. There is a simple switch ("See us as we really are / See us as we want you to see 
us") in your consciousness which was placed there from the "Illojim" when they created your kind and 
we can use this switch to convince you that you see humans when you look at us (other aliens use this 
switch, too). It is easier as you think. When there are meetings between your kind and aliens which 
seem to look exactly like yours, these aliens have used that switch and some of the meetings with man- 
like aliens can be also explained with meetings with my kind.) When I met E.F. the first time, he saw 
me also as a normal human woman and I remember that he was very frightened and shocked when I 
revealed him my real appearance. 


Question: Do you mean, that you can really make me belief that I talk now with an attractive brown- 
haired human woman instead of a reptilian being like you? 


Answer: Probably, but I don’t think so in your special case. When someone expects to see a human 
woman instead of me, I can do it without problems with his mind (even with large groups) because 
nobody expects to see a reptile woman. But I have allowed your mind to see me in my original 
appearance from our first meeting on and I have never induced something into your mind, so you have 
already realized that I’m not human. If I would now try to change this, it would probably lead to an 
absolute confusion or to unconsciousness and I don’t want to harm you. As I have said I’m not very 
good in these things. 


Question: That’s very scary. Can you kill with those abilities? 
Answer: Yes, but it’s forbidden. This means not that it was not done in previous times. 
Question: Have both sexes these abilities? 


Answer: Yes. 


Question: What about photos? How do you appear on photos? 


Answer: This is a silly question. I appear on photos as a reptile being, because I can’t have influence on 
the photo or on the camera itself but only on the photographers mind. If he or she would develop the 
film and show the photo to others, they would see me in my original shape. That’s the reason why it is 
forbidden for our kind to be filmed or photographed and we must avoid every camera on the surface 
(that is very difficult and we were filmed sometimes in the past without our knowledge, especially from 
certain of your governments and secret agencies.) 


Question: What other commands can your kind induce into our minds? Something like "Serve us" or 
"Obey"? 


Answer: This is again a strange question. We are not your enemy (most of us not) so why should we do 
this? To answer your question: it depends on the strength of the human mind and on the strength of the 
sending reptilian. There is no "Serve us" or "Serve me" switch in your mind, so such a command is 
much more difficult to induce. If the human mind and consciousness is weak and the reptilian inducer 
is experienced in these things and was some hours in the sun before he or she tries to do it, then it could 
probably work for a certain time. There are secret teachings about such things, but I’ve never learned 
anything about it. I use my primary abilities for mimicry and for communication with my own kind and 
sometimes for other private things, but ve never used it to harm humans or their mind. I would 
appreciate it if we can end with this topic here. 


Question: A last question: you’ve said earlier, that you can hide your UFOs? Do you use the same 
abilities to do this? 


Answer: Yes, but on a technical base. There is a powerful device inside each craft which is able to send 
an artificial signal to your minds to convince you, that you see either nothing but only the sky or that 
you see normal aircraft like planes instead of our ships. This isn’t used very often, because we avoid 
human public when we move in the atmosphere. If you are able to see our "UFOs" it means that the 
device is either defect or deactivated for some reason. The camouflage effect didn’t work on photos - to 
answer this possible question of you already in advance - but why should someone make a photo of the 
sky when he could not see anything unusual there. By the way, most of the surface-near entry points to 
our tunnels are also hidden with such a device and your kind will generally see only normal cave walls 
instead of the door. That’s one reason why I’ve said that I doubt that you will be able to find such a 
secret door to our world (but it have happened a few times in the past.) 


Question: Back to your and our own history. You’ve mentioned the race of the "Illojim" who have 
created our human race. From where did they come and how did they look like? What had exactly 
happened when they arrived? Are they our "God"? 


Answer: The "Illojim" came from this universe, from the solar system you call "Aldebaran" in your 
maps. They were a very tall humanoid species whit usually blonde hairs and a very white skin (they 
avoided the sunlight, because it hurt their skin and their eyes. This was absolutely unbelievable for a 
sun-loving species like us). 


They seemed to be intelligent and peaceful at the beginning and we started a more or less friendly 
communication with them, but later they showed their real intentions and plans: they wanted to evolve 
the apes to a new breed and we were a disturbing factor for them on their new zoo planet. At first, they 
caught around 10,000 or maybe even 20,000 of your simian ancestors and they left the planet for some 
hundred years. When they returned, they brought your (now more human) ancestors back. Then they 
left Earth again for some thousands of years and the primitive pre-humans lived together with us 
without major problems (they were just afraid of our aircraft and technology). The "Illojim" had taught 
their mind and enhanced their brain and their body structure and they were now able to use tools and 
fire. The "Illojim" returned within 23,000 years seven times and accelerated the evolution speed of 
certain of your kind. You must understand that you are not the first human civilization on the planet. 
The first advanced humans (who lived at the same time with less-developed pre-humans, because the 
"Illojim" had experimented with different speeds and stages of evolution) with technology and speech 
existed around 700,000 years ago on this planet (your scientists have not understand this, because 
they’ve found only the bones of the pre-humans and some primitive cave drawings showing advanced 
humans and flying devices.) This genetically advanced human breed lived together with us, but they 
avoided contact with my kind, because the "Illojim" teachers had warned them with misleading purpose 
that we are evil beings and that we lie to them. 


wm Well, after some centuries the aliens decided to extinct 

_ their first creation and they accelerated the evolution 
_ of a second and better test series and so on and so on. 
The truth is that your modern human civilization is not 
the first on this planet Earth but already the seventh. 
= The buildings of the first breeds are lost, but the fifth 
* civilization was the one, which built the large 
triangular constructions you call "Egyptian Pyramids" 
today around 75,000 years ago (your Egyptians just 
found that large ancient pyramids in the sand and tried not very successful to built similar 
constructions) and the sixth civilization was the one, which built the cities which ruins you can find 
today beneath the sea in the so-called Bimini Area around 16,000 years ago. The last creation of the 
seventh breed - of your series - was done just 8,500 years ago and this is the only creation you can 
remember and to which your religious writings refer. You rely on archeological and paleonthological 
artifacts which show you a wrong and short past, but how should you know anything about the six 
civilizations before. And if you find evidence for their existence, you deny and misinterpret the facts. 
This is partly a programming of your mind and partly pure ignorance. I will tell you in the following 
only about your creations, because the six previous mankinds are lost and therefore they should not 
concern you. 





There was a long war between us and the "Illojim" and also between certain groups of the "Illojim" 
themselves, because many of them were the opinion that the again-and-again creation of human species 
on this planet makes no real sense. The last battles in this war were fought around 5,000 years ago in 
orbit and surface. The aliens used powerful sonic weapons to destroy our underground cities but on the 
other hand we were able to destroy many of their surface installations and bases in space. 


The humans of your series were very frightened when they observed our battles and they wrote it down 
in form of religious myths (their mind was not able to understand what was really going on.) The 
"Illojim" - who appeared as "gods" for the sixth and seventh breed - told them that it is a war between 
good and evil and that they are the good and we are the evil race. This depends certainly on the point of 
view. It was our planet before they arrived and before they started their evolution project with your 
kind. In my opinion, it was our right to fight for our planet. It was exactly 4,943 years ago - according 
to your time scale - that the Illojim left the planet again for unknown reasons (this is a very important 
date for us, because many of our historians called it a victory.) Fact is that we don’t know what had 
really happened. The "Illojim" were gone from one day to another, they vanished without a trace 
together with their ships and we found most of their surface installations destroyed by them. The 
humans were on their own and your civilization developed. Many of us were in contact with certain 
(more southern) tribes of your species in the coming centuries and we were able to convince some of 
them that we are not the "Evil" the aliens wanted them to believe. During the time from 4,900 years ago 
to today, many other alien species arrived the planet (some of them used the old teaching and 
programming of your mind and "played" again God for you) but the "Illojim" themselves never came 
back. They had left the planet for a duration of some thousand years also earlier, so we expect their 
return one day in future to end their project or to maybe extinct also the seventh breed, but we don’t 
really know what have happened to them (to answer this question of you in advance). 


Your current civilization doesn’t know anything about your real origin, about your real past, about your 
real world and universe and you know very little about us and our past. And you know nothing about 
the things to come in near future. As long as you will not understand and believe my words - I tell you 
the truth because we are not your enemy - as long there is danger for your species. Your enemies are 
already here and you have not understood. Open your eyes or you will be in big trouble soon. If you 
haven’t believed anything of the things I’ve told you before, then you should really believe and 
remember this. 


Question: Why do you think I don’t believe you? 


Answer: I have a certain feeling that you don’t believe me, despite the fact that I’m sitting here in front 
of you. Everything I have told you in the last two hours is the absolute truth about our world. 


Question: How many alien species are active on earth at the moment? 


Answer: As far as we know 14 species. 11 from this universe, 2 from another "bubble" and 1 very 
advanced from a very different plain. Don’t ask me for names, because nearly all are not pronounceable 
for you, eight of them are not pronounceable even for us. Most of the species - especially the more 
advanced - are just studying you as animals and they are not very dangerous for you and for us and we 
work together with some of them, but three species are hostile, including the one which was in contact 
with some of your governments and exchanged their technology for copper and other important things 
and which had betrayed your kind. There was and is a "cold war" between two of these hostile races 
during the last 73 years and the third species seemed to be the "winner" in this useless struggle. We 
expect a more "hot" war between them and you in the near future (I would say in the next 10 or 20 
years) and we are worried about that development. In the last time, there were some rumors about a 
new, fifteenth species which had arrived on Earth just 3 or 4 years ago, but we don’t know anything 
about their intentions and we were not in contact with them till now. Maybe the rumors are wrong. 


Question: What do the hostile alien races want? 


Answer: Various raw materials, including copper for their technology, your water (or better the 
hydrogen in your water, which is a source of energy in advanced fusion processes) and certain chemical 
elements in your air. Furthermore, two of the species are also interested in your body, in your human 
tissue and blood, because their own genetic structure is defect through bad evolution and radiation (as 
far as we know) and they need intact strings from your kind and from animals to repair their own 
genetic again and again, but they are not really able to repair the defects completely because their DNA 
and your DNA is not fully compatible (my own species is absolutely incompatible with them, so they 
are not very interested in us) and they try to make more compatible crossbreeds between you and them 
by use of artificial fertilizations and artificial wombs. We suppose that the coming war between the 
three races or between you and one or all of them will be fought for raw material, hydrogen, air and 
DNA. 


Question: Is this the reason for the "abductions"? 


Answer: Partly, especially when the aliens took egg and sperm samples from you. Sometimes the 
abductors belong to another and more advanced race and they just want to study your body and your 
mind (which is more interesting for some of them than your solid body) as you would study a primitive 
animal. As I have said, three alien species are hostile and this means that they do not care for your fate 
or for your life and people who were "abducted" by them came very rarely back alive. If someone is 
able to report about an abduction, it means in my opinion that he or she has not met one of the 
aggressive species or that he or she is a very, very lucky human to be alive. Advanced and "friendly" 
races also took sometimes egg and sperm samples, but for other reasons. 


Question: You’ve said there are only 14 species active on earth. But why describe people who saw 
alien beings so many different and bizarre types of them? 


Answer: I think I have already answered to this question. As I have said, most of the alien races have 
much more advanced mind abilities than you or even me (there is just one alien race completely 
without such abilities). They are able to appear in your mind and memory as whatever they want and 
this induced "Image" has nothing to do with their real appearance. You remember them as normal 
humans or grey dwarfs or even extremely bizarre animals because they want you to remember that or 
sometimes they want you to completely forget anything about a meeting with them. Another example: 
you can for example remember that you were just in a normal of your human hospitals and that some 
doctors were examining you and you think not further about what have happened to you (maybe till 
you discover that there is no hospital in the street were you supposed it) but in fact you were examined 
by them in one of their laboratories. You can’t rely on your mind in this case. They appear in different 
shapes to you to confuse you and to make so-called abduction witnesses who were able to remember 
the events - or who believe they are able to remember - ridiculous in the public and as far as we know, 
they are successful. Believe me, there are only 14 alien species on this planet and only eight of them 
abduct humans at the moment (again as far as we know.) In addition, not everyone of your "abductees" 
is one and some of the aliens in their reports are really just imagination or lies. 


Question: How can we protect us against this influence on our mind? 


Answer: I don’t know. I doubt you can, because your mind is like an open book to read and write for 
nearly every species I know. This is partly the guilty of the "Illojim" themselves, because they had 
constructed or better mis-constructed (partly intentionally) your mind and your consciousness without 
real protection mechanisms. If you are aware that someone tries to manipulate your mind, you can only 
concentrate on that suspicion and try to analyze every one of your thoughts and memories. Very 
important: don’t close your eyes (this would lead to a different form of brain waves which are more 
easy to access) and don’t sit or lay down to rest. If you stay awake during the first minutes, you can 
maybe try to filter the other thoughts and waves in your brain and the inducer will give up after some 
minutes if he or she is not successful because it will start to hurt his or her own brain. This is very 
difficult and certainly painful and it can harm you, so better don’t try to resist but it would be the only 
possibility you have. However, you can try this only with the more weaker species, not with the strong. 


Question: What do you mean with "one species comes from a very different plain"? 


Answer: Before I can explain that correctly to you, you must be able to understand the universe and this 
would mean a maybe useless teaching of your mind (including the remove of some barriers) of many 
weeks and with teaching I mean not only teaching by words. I have said this with your word "plain" or 
"level" because you have again no better word in your vocabulary and dimension would be in this case 
absolutely wrong (it’s rather wrong even for another "bubble") because a dimension can’t exist without 
plains. If you would be a species living in another or over the plain and if you would be furthermore 
able to enter plains without technology so that your body is not made of that kind of matter you know, 
then you would be the mightiest being you can imagine. This very advanced race I’ve mentioned had 
developed outside of here and they’ve evolved in fact over billions of years. They would be able to 
destroy all of you and us and everything with just a single thought. We were in contact with them only 
3 times in our whole history, because their interest in your planet is different from that of all other 
races. They are definitely no danger for you or us. 


Question: What will happen when the war begins? 


Answer: This is difficult to answer. It depends on the enemy race and on their tactic. "War" is not 
always that primitive thing you humans mean with the word, "War" can be fought on various levels. 
One possibility they have is the "destruction" of your social system by influence on political leaders, 
another is the use of advanced weapon systems which can cause earthquakes or volcanic eruptions or 
other disasters (including weather disasters) which may seem natural to you. The special fields from 
copper-fusion I’ve mentioned earlier are able to have an influence on your global weather. I think they 
will not attack the planet directly before the human civilization is weak, because even you have 
possibilities to destroy their craft (but not many.) Let me say, that we are not absolutely sure if there 
will be really such a "hot" war already in the next years. I don’t want to talk further about this. 


Question: This is the end of the interview. Do you want to say a last sentence or message? 
Answer: Open your eyes and see. Don’t believe only in your wrong history or your scientists or your 


politicians. Some of them know the truth about various things, but they don’t inform the public to avoid 
confusion and panic. 


I think your species is not as bad as some of my kind thinks and it would be a pity to observe your end. 
That’s everything I can say. Go through your world with open eyes and you will see - or maybe not. 
Your kind is ignorant. 

Question: Do you think anyone will believe that this interview is the truth? 

Answer: No, but it is an interesting experiment for my social studies. We will meet again in some 
months and you will tell me then what have happened after the publication of my message. Maybe 


there is hope for your kind. 
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Introduction 


I once again reaffirm that the following text is the absolute truth and is not fiction. It was composed 
from three original tape recordings which were made on April 24, 2000 with a tape recorder during my 
second interview with the reptilian creature known as "Lacerta". At Lacerta's request, the original text 
of 31 pages was revised and shortened up to deal with some questions and answers. Some existing 
questions were partially shortened or amended. It was even undertaken to extract message and 
significance from it. This part of the interview, either not mentioned or not mentioned completely in the 
transcript, deals primarily with personal issues, paranormal demonstrations, the social system of the 
reptilian species and alien technology and physics. 


The reason for the shifting of the date and time of the second meeting was a possible observation and 
surveillance of my own person after the publication of the first transcript. Although everything was 
attempted on the advice of Lacerta to keep my identity a secret, just two days after the dissemination of 
the document abroad, and various unusual events took place. Please don't think that I am paranoid; 
however, I believe that the publication of the interview has drawn either official attention or the 
attention of some organization to me. Up until this time, I usually regarded people who believed that 
they were being followed by the state to be nothing more than jokers. But now I have begun to revise 
my ideas on that since events in January. It began with a failure of my telephone for several hours. 
When the phone became operational once again, there were quiet echoes and strange clicking and 
whirring sounds when I made calls. A defect could (ostensibly) not be found anywhere. Overnight, 
important data disappeared from the hard drive in my computer. The testing program reported 
"defective sectors" where strangely enough there were only data which dealt with illustrations and 
completed textual material from the interview. These "defective sectors" also contained material of a 
paranormal nature in the field of my research. (Fortunately, the material was also stored on floppies.) In 
addition I discovered by pure chance some hidden data in a likewise hidden directory index. The name 
which appeared on the data and the directory index was "E72UJ." 


A friend, who is a computer expert, could not make anything of this designation, and when I was about 
to show it to him, the directory index had disappeared. One evening, my apartment door was standing 
wide open, my TV set was running —and I am absolutely confident that I had turned the TV set off. 


A minivan with British markings and the imprint of a Europe-wide supermarket chain parked in front 
of my house. I noticed the same minivan again on several occasions traveling at a distance behind my 
car, even when I visited the town of ...... 65 kilometers away. When I returned, the car was on the other 
side of the street once again. I never saw anyone get into or out of the car. A knock on the door of the 
vehicle and on the tinted windows caused no reaction of any kind. After about two weeks, the minivan 
disappeared again. When I informed E.F. personally about these events, he suggested that I change the 
place and date of the meeting in order to assure our own and Lacerta's safety. The meeting took place 
on April 27, 2000 in another isolated location. It was unobserved as far as I can determine. 


Once again, all of this may sound strange and paranoid, like a fantasy from a cheap science fiction film; 
however, I can only repeat to and assure the reader once again: all of this is the unadulterated truth. 
Believe my words or don't believe them. These things have happened and they will continue to happen, 
whether you believe it or not. Until it is too late. Our civilization is in danger. 


Ole. K. — May 3, 2000 


Transcript of the Interview (Shortened Version) 
Date of Interview: April 27, 2000 


[Comment by Ole. K.: The meeting began with an appraisal of diverse questions and opinions which I 
had gotten from readers of the first transcript in anonymous fashion through distribution from my 
trustworthy friends. Some of these opinions—all together there were over 14 pages of paper— 
contained comments shaped by everything from a radically religious to a fanatical tendency to welcome 
contact with a reptilian species. Some of these comments contained stereotypical phrases like "Servants 
of Hell" or "Species of the Evil One". I don't want to go into any kind of detailed description here since 
I don't want pass on further any false and radical realm of thought. ] 


Question: When you read these religious and animosity-ridden comments here, what do you think and 
feel then? Is the relationship between your species and ours really shaped from that kind of total 
negation? 


Answer: Does it amaze you that I am not completely angered by that? I had fully expected those kinds 
of extreme reactions. The programming for the utter negation of another species (especially the 
reptilian species) as in your own case is deeply embedded in each of your own individual 
consciousnesses. This ancient conditioning stems from the days of your third artificial creation and, 
biologically speaking, is passed down as an information genome from generation to generation. The 
identification of my species with the powers of darkness was a primary intention of the Illojim, who 
liked seeing themselves in the role of the powers of light —something which in and of itself represents 
a paradox, since that humanoid species was extremely sensitive to your sunlight. 


In case you were expecting me to act offended, I guess I'll have to partially disappoint you. These 
obscure intentions are not really your fault; you are simply following for the most part what you have 
inherited from your ancestors. It is indeed actually somewhat disappointing that many of you develop 
no especially strong individual self-conscience, for this would help you to overcome the conditioning. 
As I already said, we were in direct contact in the last several centuries with some of your more 
primitive human tribes; these tribes had themselves succeeded in breaking through the old "creation 
programming;" they were able to meet us without tension, hate and total rejection. Apparently many of 
your modern civilized individuals are not in a position to think on their own, but rather let themselves 
be guided by programming and religion (which is also a manifestation of that ancient programming and 
part and parcel of the plan of the Illojim). Therefore, comments of that kind I'd sooner regard as 
amusing than irritating; they simply confirm in large measure for me my suppositions about your 
defined mode of thinking. 


Question: Therefore, you are not the "Species of the Evil One" as was remarked earlier? 


Answer: How am I supposed to answer that? Your people still think according to a simple and 
completely inappropriate scheme of generalizations. Simply put, there are absolutely NO purely evil 
species. There exist in every terrestrial and extraterrestrial species alike both good and evil individuals; 
it's even true of your own people; but there is NO such thing as an absolutely evil species. This 
conception is really very primitive. You people have believed from time immemorial what you are 
supposed to believe—what was foreseen for you to believe by your creators. Every well-known 
species, even the more highly developed ones, consists of a great number of individual consciousnesses 
(at least a portion of the consciousness is individual, even though there are connecting fields of 
consciousness); these self-sufficient spirits are able to decide freely for themselves a lifestyle which is 
either good or evil, according to your own human standards. It depends again on the respective point of 
view; your people are not necessarily in a position to judge whether the deeds of a much more highly 
developed species are good or evil, because you stand at a lower observation point, from which an 
assessment is not possible. Your simple words "good" and "evil" are in any case examples of a 
tendency towards generalization; in my language there are many concepts for the various shades of 
meaning of individual behaviors in comparison to the norms of a society. 


Even those extraterrestrial species which are inclined to act with antagonism towards you are not 
"Species of the Evil One," even though they operate negatively with respect to your own race. They do 
this for their own reasons and do not regard themselves as evil; were your structured way of thinking 
more linear and more focused as theirs is, then you would also behave in such a fashion. The attitude of 
a species towards other kinds of existence naturally depends very heavily on its respective structured 
way of thinking; each species sets its own priorities. To classify that as "good" or "evil" is really quite 
primitive, for the survival of any species argues for many varieties, among them your own, as well as 
for even the most varied of the worst or negatively-directed deeds. I won't even exclude my own kind 
in this regard, for there have been certain occurrences in the past which I don't personally welcome, but 
about which I would also not like to go into detail. None of these occurrences have happened in the last 
200 years of your time scale. But please note the following: there are NO absolutely good and there are 
NO absolutely bad species, because each and every species always consists of individuals. 
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Question: In the letters that I got, there was often the question, whether you could go into any greater 
detail regarding the advanced physics that you commented on last time. Many people said, your words 
made no sense. For example, how do UFOs function, how do they fly, how do they perform the 
maneuvers that they do? 


Answer: I ought to explain that to people? That's not all that simple. Let me think about it for a minute. 
I always have to use very simple words in order to make clear to you the basic principles of a higher 
kind of science. Let's try this: You have to be clear about some fundamental facts. The very first thing 
is that you must divide up the conception of the physical world because each existence consists of 
different layers; let's say for simplicity's sake that it consists of a material illusion and a sphere of 
influence. {TRANSLATOR'S NOTE: No legitimate translation exists for this word 'Feldraum'; "Feld" 
means "field," "Raum" means "space, room, expanse." Therefore, I'm translating it as "sphere of 
influence."} Certain physical conditions are associated only with the realm of the material {as in 
‘concrete'}, while other and more complicated conditions are associated only with the sphere of 
influence of the material world. Your conception of the physical world is based upon a simple material 
illusion. That illusion is further subdivided into three elementary or basic conditions of matter. A fourth 
and very important condition also exists, which you simply pay attention to more or less as you choose; 
it is the one bordering on the sphere of influence or plasma realm. For you, the theory for a controlled 
transformation or an elevation of the frequency of matter and the stable existence of this fourth 
aggregate condition of matter is not very common, or it exists at a very primitive level. (As an aside, 
there are simply five states of matter, but the post-plasma state would really be going too far and it 
would only serve to confuse you. Besides, it is not necessary for an understanding of the basic theory; it 
is connected with diverse phenomena which you would characterize as paranormal.) Now, back to the 
essentials: Plasma...now, with plasma I don't mean just "hot gas"—as the concept is generally 
simplified by your people—but rather I mean a higher aggregate condition of matter. The plasma state 
of matter is a special form of matter which lies between its real existence and the sphere of influence, 
that is, a complete loss of mass and pure accretion of energy of various form whenever matter is 
"pushed or shoved." {NOTE: No explanation was given for the use of the word "pushed, shoved" as 

used in this context. Your guess is as 

good mine. } 


















he fourth state of matter is very 
important for certain physical 
conditions which can be used for 
example to...how should I express this 
O you...generate antigravity. (That's a 
rather strange human word and not 


asics ic really correct, but you ought to 
te kL nderstand it better this way.) 
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With antigravity or the displacement of gravitational characteristics into levels, one can, for example, 
cause apparently solid matter to levitate; this method is employed partly by us and by extraterrestrials 
as well as a means of propulsion for their UFOs. You people are moving on a really primitive level 
towards a similar principle for your secret military projects, but since you have more or less stolen this 
technology (and it was later falsely passed on to you intentionally by the extraterrestrials), you lack the 
real physical understanding; as a result, you have to struggle with problems of instability and radiation 
with your "UFOs". According to my information, there have been a great number of deaths of your 
people because of intense radiation and field disturbances. Don't you agree, this is also an example of 
the business regarding the question of "good" and "evil"? You people play with unknown forces and 
thereby accept the death of colleagues of your own kind, for they are dying for a greater cause, namely, 
for the advancement of your technology, which as a result is being put into place once again for the 
purpose of war, i.e., for negative pursuits. Now, one can give you the benefit of the doubt, that only the 
least number of your kind have any knowledge about these alien projects which are —as you explain 
it— top secret. It was told to you that the higher the ordinal or ranking number of basic matter, the 
simpler the heightening of the condition, but that is only partially correct. If you can't circumvent these 
powers, then you're better off not attempting it. But your kind has always been ignorant and has from 
time immemorial tried to play around with forces which you have not even understood. Why would 
that ever change? 


You remember this business of copper fusion? By means of the fluctuation at the right angle with the 
induced radiation field, copper is fused with other elements. (The illusion of matter is fused, the fields 
in the sphere of influence overlap each other, but the main force would be reflected by that process and 
would assume a quasi-bipolar character.) The resulting connection and the field would therefore not be 
stable in the normal condition of matter and unsuited for tasks. As a result, the entire field spectrum is 
shifted to a higher plasma-like condition, whereby the spectrum comes together with this harsh shifting 
to the opposite pole side —the word is NOT correct— of the force field and it resembles quite closely a 
gravitational shift. This shifting causes a "tilting" of the repulsing quasi-bipolar force, which now no 
longer flows to the interior of the force field, but rather flows partly to the exterior of the field. The 
result is an inter-stratifying reflective force field which is very difficult to modulate within certain 
technical boundaries in relation to its own characteristics. It can also carry out a multiplicity of tasks, as 
for example, causing massive flying objects to be levitated and maneuvered. It can also exert a 
camouflage function in the realm of electromagnetic radiation as well as manipulate temporal 
sequences of events—indeed only to very limited extent—and other things as well. Are you familiar 
with your "quantum tunnel effect"? Even the amplitude equalizations among genuine matter can be 
achieved with one of those kinds of fields if the frequency and the distance from the plane of the field 
are high enough. Unfortunately, the whole thing that I have explained to you in your words has come 
out to be rather primitive, I'm afraid. It sounds rather strange and certainly impossible for your 
comprehension, but perhaps this simple explanation can be of some use to you in helping you to 
understand. But then again, maybe not. 


Question: Is there a scientific substantiation for paranormal powers, as for example with your powers of 
thought? 


Answer: Yes. In order to explain that, one has to acknowledge the physical reality of the sphere of 
influence {Feldraum}. I'll try to do it...wait just a second...you are going to have to separate yourself 
mentally from the illusion that that which you see is the true nature of the universe. 


It is, at best, the surface of a side. Imagine for yourself that all the matter here —you, this table, this 
pencil, this technical device, this paper— does not really exist, but that it is rather only the result of a 
field oscillation and a concentration of energy. All matter that you see, every creature, every planet and 
star in this universe, has an "information-energy equivalent" in the sphere of influence which is located 
on a main field the general level {of things}. Now, there is not only one level, but several. Last time, 
I had mentioned that highly-developed species which is capable of changing levels (which is something 
completely different from the simple bubble changing, for bubbles are a part of each and every level). 
Do you understand? Dimensions, as you call them, are a part of a solitary bubble, bubbles or universal 
foam are a part of a level, and levels are layers in the sphere of influence, while the sphere of influence, 
acting in the capacity of single physical size, is essentially unending; it is composed of innumerable 
information-energy layers and general levels. There are in the sphere of influence no null-levels; all are 
the same, but they are separated by means of their energy conditions. I notice that I am confusing you 
now. I think I ought to stop with this explanation. 


Question: No, please continue. How do concrete paranormal powers arise? 


Answer: Well, OK then. Let's try something simpler. Again, it is not completely correct, but let's begin 
in this manner: Tangible matter on this side is mirrored in the sphere of influence {Feldraum} as a field 
with distinct layers. These layers contain information, as an example, about the simple structure of 
matter or the string frequency, but also there is stored information stemming from the development of 
matter. Are you familiar with the human concept of "morphogenetic fields?" One part of the layer could 
be designated as such. Now there is still another intermediary layer for which you unfortunately have 
no human concept, since the theory is not common in human thinking. Let's call it a "para-layer," for 
this layer is mainly responsible for everything which you call PSI and paranormal and which lies 
outside the boundaries of your primitive science. This para-layer lies between the layers of matter and 
the morphogenetic layers of a field in the sphere of influence. It can actively integrate with both. Your 
body, for example, is mirrored as a field in the sphere of influence {Feldraum}. That doesn't mean that 
it does not also exist here as well —as flesh, blood, bones— in the form of matter strings or atoms, but 
not only that. Existence is always a duality. Some layers of the field contain simple information about 
the solid matter of your body and its frequency, while other layers {contain information about} your 
spirit, your consciousness or, speaking from a human-religious point of view, your soul. Awareness or 
consciousness in this case is a simple energy matrix, divided into different layers of your field in the 
sphere of influence —nothing more, nothing less. Genuine awareness can also exist here on the matter 
side, but only in the form of post-plasma {the fifth form of matter}. With the necessary physical 
knowledge and the corresponding technology, the consciousness/awareness matrix, or soul, can also be 
separated from its field of rest. It can, despite its removal, continue to exist in a self-sufficient manner 
for a certain amount of time. That has the strange occult name of "soul robbing." But above all, we're 
talking about science here, not about magic or dark forces. 


[Comment by Ole. K.: The "soul robbing" was mentioned in one of the radical, religiously-motivated 
comments in connection with the reptilian species. | 


But back to your Question: Creatures with more powerful mental powers can have a direct influence on 
the para-layer by means of their consciousness/awareness fields. 


Now this layer is not limited only to the individual, but rather as a part of a general information layer 
—you could call it in a prosaic sense the community soul— that is connected with all animate and 
inanimate matter and all consciousness which exist on this main level. The biological cause for these 
abilities lies on the side of matter, by the way, in the pituitary gland, which always is in the position to 
generate the frequencies to actively control the sphere of influence {Feldraum}. Even you people could 
theoretically do this; however, you are solidly blocked in these things. As I have said, the para-layer 
can interact with mind as well as with matter. For example, if I decide to use my mental powers once 
more in order to move this pencil, then, simply said, I imagine in my mind how my 
consciousness/awareness expands/amplifies itself on the matter side in the form of post-plasma to the 
pencil. In the sphere of influence this causes simultaneously an automatic command from the 
consciousness/awareness layer to the para-layer to interact with the matter layer of the pencil. Since the 
para-layer is not confined to the body, it is not even a problem that the pencil lies over there, for I can 
unerringly reach it, even without moving my matter body. Post-Plasma on this side, para-layer on the 
other. I have control over the pencil and the interaction brings the matter field of the pencil to the point 
where it changes in the manner in which it moves, for example. 


[Comment by Ole K.: I certify that the pencil mentioned above abruptly at that very moment jumped 
into the air to a height of 20 cm and then fell back to the surface of the table. The sound is clearly heard 
on the recording tape. No one visibly had touched that pencil. ] 


Question: That is fascinating. Which kinds of paranormal activities can one generate with that? 


Answer: All kinds. Everything that you call paranormal. As I said, this special layer lies in the sphere 
of influence {Feldraum} between the morphogenetic information layers and the matter layers and can 
interact with respect to both sides. That is to say, it can be interacted with solid matter as well as with 
mind or mental information, wherewith we can achieve everything that is generally designated as 
telekinesis and telepathy. The "connection absorption" with another consciousness/awareness is 
generally separate in the procedure from the simple influence of matter, since different 
consciousness/awareness fields work with different oscillations. A consciousness/awareness that sends 
or a consciousness/awareness that listens must first adapt itself to the other mind exactly, before any 
access is possible. Most species also have chances to block the alien access, but you people don't have 
this. The following is generally valid: the stronger the paranormal abilities of a species, the simpler the 
adaptation and the access. Our own abilities are not so powerfully developed; therefore, first we have to 
learn specifically alien mind influence in order to use our mimicry, for example—where mimicry is 
actually quite simple in your minds due to the implanting of the on/off switch. Some of these abilities 
are also partially inherited; mother and child of my kind as an example are attuned exactly during the 
first months of life —partially also in the egg covering in the expectant mother— and communicate 
telepathically. In order to influence you people, we need a certain amount of time for practicing, despite 
your simple structure. Therefore, it is forbidden, for example, for adults of my kind before the "Age of 
Enlightenment" to come to the surface of the Earth. (That term is synonymous, along with other things, 
with full physical strength.) In the case of not fully developed abilities, the danger of discovery by you 
would be too great. By the way, there are of course numerous secret teachings about the real 
possibilities which can give one these abilities, but I really don't know anything exact about that. 


Whenever an alien mind ought to be influenced, then there are some generally valid steps, which are set 
into motion by other extraterrestrial species. 


First and foremost, the alien oscillation must be felt, something generally that is done automatically by 
the brain, i.e., for the one the field oscillation, for the other the quasi-electrical brain waves here in the 
normal space {which matter inhabits}. That is not especially difficult. After that, one simply probes for 
the other consciousness/awareness in the mind with a post-plasma manifestation, the sphere of 
influence {Feldraum} reacts and the connection is there. Now one can read out information from the 
first one and record the desired information to the second one in the correct location. You asked me last 
time whether you people have the opportunity to protect yourselves against this influence, and I told 
you that only an awake and concentrated mind had any kind of a chance to withstand it. In this state of 
mind the oscillations change very abruptly and access becomes complicated; more precisely, it can 
come as a painful recoil. Whenever you close your eyes, then the field becomes "flat," and alien access 
{to the mind} is immediately possible and without restriction. In terms of your chances against a more 
highly developed species, you have none at all. They are able to adjust the oscillations faster than you 
can change. I could even demonstrate it on you, but you were really horrified and confused the last 
time, so we'll just leave it at an explanation. 


This explanation presumably sounds to you like —as you say— something esoteric or from the occult 
or magic. The reason for that is simply that you lack the basic understanding for seeing the background 
reasons. All paranormal phenomena have a purely scientific origination. None of this has anything to 
do with supernatural powers. We grow up with this kind of knowledge, we know how one makes use of 
these powers, and where they come from. We are acquainted with theory and practice. You are not. 
Therefore, you really don't understand what happens in your world—you see only one side of 
existence, not the other (I mean here both that are physical). Everything paranormal is dualistic, and it 
exists in the space that matter inhabits as well as in the sphere of influence {Feldraum}. To be 
explained...it can only be explained by the acceptance of the latter, because the sphere of influence 
{Feldraum} is the basis. I would welcome an end to the scientific questions since you really aren't 
grasping them anyway. We're wasting more or less valuable time by doing this. 


Question: Only one last question. At our first meeting in December, you made it quite clear that you 
didn't want to discuss scientific and paranormal concerns. Why the openness now? 


Answer: The last time I saw really no necessity in overburdening you with facts of that kind (and now 
you are obviously overburdened). Therefore, I had preferred only to mention these topics in a 
peripheral sense. Apparently, however, some of my performances today have set you to thinking about 
your world, something that can't be all bad. And by the way, your human scientists will tend to regard 
my comments as "humbug." And so I see no great danger in spreading this information widely. No one 
will pay much attention to it. By the way, the words of people who have characterized me as a 
"Creature of Evil" have their basis in the belief in occult powers and magic —both of which things DO 
NOT exist. There is no magic, only highly developed science, and everything that you label as "magic" 
is only a part of science. If you would only comprehend that, then you would be a step ahead in your 
development. My openness on this issue ends here. Pose other questions, please. 


Question: Good. Let's talk about UFOs. Can you explain to me how our governments came into 
possession of UFO material to the point that they could start their own projects? Did it have anything to 
do with the "Roswell Incident?" 


Answer: Yes, but that incident was not the first one. I am no historian, I am studying only your current 
behavior, so my knowledge about those events in your history is presumably not very extensive. I will 
try to explain to you what I know about those things which happened at that time. Let me think about it 
for a second. In the years 1946 to 1953 in your time scale, there were five cases where extraterrestrial 
ships crashed to the surface of the Earth. In that crash which you call the "Roswell Incident," there was 
not only one alien ship involved, but two that crashed after a collision in different parts of the land in 
the west—the one you call the USA. (You have to know that the ships of this particular species can 
remain levitating in the air for a particular period of time even though they are damaged; that accounts 
for the spatial difference {in their crash locations}.) These were indeed not the first crashes, but by that 
time the second and the third. Another ship had crashed in 1946, but it was destroyed beyond usability. 


One thing first before the explanation: it certainly sounds ridiculous to you that such highly developed 
extraterrestrial ships simply crash, and that a relatively large number did so in a relatively short amount 
of time. The explanation for that is likewise more than strange, but it is correct. It does not lie in the 
ship's drive itself, but rather in the direction of the field to your planet. This species that we are 
discussing —and it was always in this time period that this species used a disk-shaped craft— used a 
propulsion system which ran according to the normal principle of fusion, to be sure, but one that at that 
time employed a more than unconventional method for field alignment. This method had various 
advantages but also disadvantages. The repelling field must of course lie in the absolute correct angle to 
the surface of the Earth. This species used an alignment technology in their ships, with which the field 
locked into place all points of the Earth's magnetic field. Now at that time this species had just arrived 
on the earth and their point of origin lay on a planet with a more stable magnetic field, for which they 
had developed and aligned their drive. The magnetic field of the Earth is not really all that stable; it is 
subject to cyclical variations and it forms field eddies under unfavorable conditions. Whenever a ship 
with one of those kinds of drives gets into a field fluctuation or into an eddy that is too strong, then for 
a short time the repelling field can no longer align itself correctly and the ship glides uncontrolled on its 
flight path. The drive is operating correctly, to be sure, but the field fluctuates in all directions and 
because of that, the ship can crash. In the case from 1947 which you addressed, it is my understanding 
that one of the ships got caught in a fluctuation, its field linked up unintentionally with that of its 
squadron leader and it collided with another ship whereby both of them were heavily damaged. The 
cause for the magnetic fluctuation at that time was probably an electrical disturbance brought about by 
a weather event. Both ships crashed as a result; one of them fell near the collision point, the other a 
hundred of your kilometers or so distant. All occupants were killed in the impact. The thin hull 
structure of that kind of disk craft is in and of itself not very stable, since those disks have not been 
designed for crashes as well as for flight in a field where there are exterior forces at work. 


Now, your human military collected the individual pieces at first until they discovered the whole ships 
with the dead creatures aboard. Immediately they classified everything as "Top Secret" and brought 
them to their military bases in order to analyze the drive. The secret endeavor was to set the alien 
technology in place later against evil enemies of that great country. That is as primitive as it is 
ridiculous. 


I believe I remember—I don't want to specify exactly your date—that it was probably between 1949 
and 1952 that there was a rather bad accident during some research being done on one of the wrecks. 
According to what I heard—what members of my species were told by members of that government— 
it resulted in an unintentional activation of one of the drive's components in the unshielded condition. 
As a result, for a very short period of time—how should I phrase this—there was an unchecked shift of 
the environment to a plasma-like condition, which on the other hand, through a very, very unfortunate 
accident, caused an overturning of the general power field into a magnetic pulse of immense power. Do 
you have any idea what kind of an effect a plasma-magnetic jolt has, when it comes into contact with 
an organism? No, how should you know that. Of course you don't. Disturbance in the structure of the 
field and bioelectric feedback. Imagine, if you will, a human body which is engulfed in bright flames 
for 3 or 4 of your days. Those flames apparently do not go out and they burn the body right down to its 
last constituents. Well, then you have an approximate impression of what happened. I think that 20 or 
30 of your scientists were killed in that lab. 


Two further crashes occurred in 1950 and 1953 in the water catchment area of the American continent. 
Those ships were able to be recovered from the crashes relatively intact. (The one in 1953, as I 
remember, even had an intact drive core. It was by means of that device that you saw for the first time 
that you had understood the entire concept fully incorrectly and that you had reconstructed it fully 
incorrectly. Even today you still don't have it right.) That species, which had built the ships in the first 
place —a species which I, by the way, count among those who are unfriendly towards you— was 
naturally worried about the investigation of their own technology by your kind. They did not want, 
however, at that early point in time, to begin direct conflict with you, and so they chose the diplomatic 
path and came into contact with that government during your 1960's. Of course, they did not divulge 
the real reasons for their being here —copper, hydrogen, air— but rather they pretended to be curious 
"researchers" and offered to show people the functioning principle of the ships whereby they would 
expect in return some "favors." Simple-minded as you are, you of course agreed to it...and were 
deceived. You gave them raw materials, you gave them secured locations for their bases, you gave 
them access to your most secret defense data, you gave them access to your DNA and much more—and 
all just to quench your greed for power and information. The alien species of course quickly noticed 
that they were dealing with simple-minded creatures, and they gave you false and inferior information 
about their technology so that they recetve much more out of the collaboration than your kind do. For 
example, they gave you information that the drive can only be constructed with unstable elements of a 
higher ranking number, but they withheld the information that the field drive can be constructed with 
various modifications to work as well with stable elements of a lower periodic number, and generally, 
that's the way it's done. Through these half truths they made you dependent on the synthesizing of high 
{numbered} elements, and thereby renewed by their own technology. Their clues to the construction of 
your "UFOs" were laid out in such a way that the solution to old problems caused new problems to 
arise simultaneously. They never told you the complete truth, but always built in again and again clever 
lies, which later lead to technical problems —and to your dependence on them. 


In the last years of your 1970's and your early 1980's, it finally came down to various events between 
the alien species and that human government —I don't want to go into detail here since there is much 
that even I am not exactly sure of. The whole thing lay in the context with some new, or better said, the 
old technical problems with your own self-constructed ships whose camouflage and drive partially 
failed to function in test flights in the open. 


Because of that, the function of secrecy was threatened. Your military and your politicians slowly— 
very slowly—came to the conclusion after more than 20 years of this that they had been deceived by 
that alien species. Multitudinous incongruities and the overstepping of bounds of the treaties by both 
sides finally led to an altercation between you and the extraterrestrials, which culminated in the lift-off 
of three of the alien aerial objects through a special —how do you say it?— EMP {electromagnetic 
pulse} weapon and a military skirmish at one of their underground installations. As a consequence of 
these attacks, the alien species ultimately withdrew from all contact with you and was understandably 
more than angered about your kind. Therefore, I count these extraterrestrials among the three groups 
who are hostile towards you, and while the other two are more occupied with their own business, 
among them waging a cold war for dominance on your planet, your old "friends" and partners are 
preparing to supply themselves finally with the sole and absolute dominance over raw materials and 
human DNA. At the moment it is probably true that they lack some of the technical possibilities and the 
large amount of forces which they need in order to achieve their goals directly. In spite of that, we are 
counting on negative actions —possibly ever of a more subtle kind— against you in the next few years 
or decades. 


Question: Will the other extraterrestrial species undertake nothing against these war-like actions? 
Specifically, something ought to be on Earth for the more highly developed species. 


Answer: You're wrong there. Specifically, for the more highly developed species there is simply at the 
very least your fate. You are animals for them. Animals in a very large lab. Understandably, an alien 
intervention on your planet would disturb their projects, but I don't think that they accept a 
confrontation with other species for it. Many of them could look for another research planet for 
themselves or they could study over a long distance your behavior and your consciousness/awareness, 
since crisis situations could have an attraction for their studies. Whenever you people take a look at an 
ant hill, and another person comes along and steps on the ant hill, what do you do? You go on your 
way, or you search for another ant hill or you observe the ants in their crisis condition. But would one 
of you —even though he were larger and more powerful than the one who stepped on the ant hill in the 
first place— defend the meaningless ants? No. You have to imagine for yourself the viewpoint of the 
more highly advanced creatures. You are the ants. Don't expect any help from them. 


Of course we would also ask for help when it became clear that your old partners were ganging up on 
you. Some members of that human government are fully aware of our existence —also partially owing 
to an old religious basis. For example, there is a gigantic partially underground building in the capital 
which is totally dedicated to my species and that also has a direct approach to an elevator shaft and to 
an underground system. In this building partial meetings have taken place and do take place between us 
and humans. We have passed on information to you in the last few years; according to what I know, we 
will keep ourselves as far away from the conflict as we can. You ought to learn to solve your own 
problems yourselves or to become intelligent enough never to create those kinds of situations. What 
will come and who will possibly place themselves on your side, only time will tell. I really do not want 
to make any indications about that. 


Question: I have here 5 prints of different UFOs, which claim to show UFOs. Can you take a look at 
the pictures and tell me in which of them actual extraterrestrial aerial craft can be seen? 


Answer: I can try it. You pose many questions to me today which even I cannot answer unequivocally. 
Don't overestimate my knowledge, I'm no expert in alien technology and the construction of 
extraterrestrial ships. To be sure, there are mostly some technical details and peculiarities about genuine 
"UFOs," with whose help one can easily differentiate them from natural phenomena or human 
forgeries. You falsify sometimes the pattern of genuine ships; therefore, it is not so easy simply with 
absolute certainty to identify an object. I'll try it. Show me the photos. 


[Comment by Ole K.: She considered the pictures respectively for only a couple of seconds and then 
sorted out photos 1, 3 and 5.] 


These three pictures here are obvious counterfeits or erroneous identifications. In the one picture, it 
certainly seems to me that a real existing ship of an alien species was adapted for a small model here. It 
lacks important characteristics which are tied in with the technically- and physically-associated field. 
Generally speaking, a picture is all the more a fake, the clearer the outline and the colors are, because a 
levitating ship is generally hidden in a shifted-field condition that even distorts the colors or the forms 
according to alignment. It might perhaps sound strange, but hazy and spectrally-shifted photos are 
sometimes to be interpreted as an indication for a possibly authenticity. By the way, this object is 
floating above the water. If it were a genuine ship, we would have to see in any case either a trough or a 
swell on the surface. Since the surface is flat, it is obviously not a genuine ship. In my opinion, none of 
these three pictures show genuine objects in flight or UFOs. Here in this picture I see above all no 
artificial object in flight; it seems much more to deal with only a light reflex in your simple optical 
cameras. You really ought to be intelligent enough not to fall for a mix-up like that. When your general 
public chases counterfeits and frauds for a long time, then they will presumably discover too late, what 
is really going on in front of them in their atmosphere. 


PHOTO 2: Albiosc, France, 1974 


This one seems to be genuine, at least it displays the necessary characteristics. I would assign it at first 
glance to an alien species who have been visiting your planet for the last 35 years or so. The object 
itself is metallic and disk-shaped; certainly it is distorted in form and color by means of a field effect. 
These four white and very long "processes" on the underside of the ship itself portray a kind of quasi- 
gravitational light manipulation, i.e., the universal force field is being shifted in the direction of a 
simulated gravity. Actually, it is not a genuine light (it is mostly not a genuine light whenever you see 
illuminating "UFOs") but a special strongly charged form field which manifests itself in the space that 
matter inhabits as a quasi-light. The reason for the activation of this special high-energy system in an 
atmosphere is not completely clear to me; it's possible that it is a kind of investigating or influencing of 
the environment. In any case, it is terribly careless of that species to allow this technology to be 
photographed by humans. Well, I guess that most of you just plain don't understand it, and those who 
do will not say anything about it to the general public. 


PHOTO 4: Petit Rechain, Belgium, 1990 


This is in fact a genuine aerial object; it is in no way extraterrestrial. Triangular aerial objects in flight 
are simply not used by alien species, or not in this form, at least. That streamlined kind of form is a 
human concept. It is one of your own secret military projects that you build with the help of immature 
alien technology —technology that was handed over to you by the extraterrestrials during the 1960's 
and the 1970's. Generally, the form of the hull for a genuine extraterrestrial ship is of no consequence, 
for inside the field itself there are no exterior forces that have any effect there; in general, the ships 
have a rounded off form and they are built without hard edges —as a disk or a cylinder— so that the 
field can flow more easily. Your projects decree that along with the alien drive field there also be a 
conventional jet engine system; therefore, they are always triangular and built thus with streamlining in 
order to be steerable with this primitive recoil principle. 


In the example here the ship glides above all on its genuine field drive. Do you see the distortion and 
the quasi-light in the rotating cylinders? That is an unmistakable indication for the authenticity of the 
photo. But why, you might ask, are there 4 cylinders? That's unusual —even the interval seems to be 
incorrect. The coloring is very dark and the interior optical distortion is very noticeable. Presumably a 
reconstruction of the original system by your scientists. Since the alien species has just not given you 
any more information since the disagreement, they are rebuilding the systems single-handedly without 
actually being able to understand what kind of dangerous thing they are doing there. This construction 
does not make the system better, only more unstable. Both of the forward cylinders are too close to 
each other; they will definitely flow into each other. The color shows me a powerful residual radiation; 
it was probably the case that high elements were used again as customary for the shifting. It is in any 
case very dangerous to be unshielded in the vicinity of the field. Did the person who took the photo 
display any kind of radiation and burn damage? 


Question: I don't know. Where do these military "UFOs" come from? From the United States? 
Answer: Yes. I think generally that's true. From the western continent. 


Question: Why then do they fly over thickly populated areas of Europe? This photo comes from 
Belgium. That doesn't make any sense. Can you explain? 


Answer: Why is it that ONLY I am able to explain strange human deeds? It's possible that these are 
long-distance tests or tests with the electromagnetic camouflage systems. The old enemy of the 
American nation is on this side of the world, so why shouldn't they test here? At home they've had 
enough time to have had their ships crossing back and forth. Maybe they have aroused too much 
observation there. With one of those kinds of unstable field structures —as your photo indicates— I 
consider it somewhat improbable that that ship is capable of making a flight of that length over the 
ocean. It's possible there is a test station here on your continent. Unfortunately, I don't know anything 
about it. 
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Question: Many readers of the first transcript have posed the question how your original contact with 
E.F. came about. I already know the story from your narratives, but could you repeat it here once again 
for this volume and for the new transcript? 


Answer: Of course. Now, the story began about two of your years ago here in Sweden. I have been 
strongly interested in your species and your behavior since my youth; I had already studied your 
literature at that time, as well as possible. (Naturally, it is not easy in my homeland to come into 
possession of human books, but since my group or family stands in a higher ranking order, I was able 
to gather some material together and sometimes to speak with others of my kind who have already been 
in contact with you.) I was really very curious about your species and as soon as I was allowed to come 
to the surface, I attempted to assemble more information immediately; above all, it was expressly 
forbidden for me to commence direct contact with humans because in my position at that time, there 
existed no necessity for doing so. 


It was in your year 1998, when I was on my way further north from here in the remote forests in the 
vicinity of the entrance to my world and was looking for biological specimens, which we use in order 
to watch over environmental pollution and destruction of your flora and fauna statistically by your own 
kind. At the time, I was already on the return path to the entrance—we can even orient ourselves more 
easily, by the way, through our senses to the Earth's magnetic field—and already in the vicinity of the 
large lake, when much to my surprise I came across a cabin in the woods. In this cabin I sensed a 
human consciousness/awareness. It was E.F. Actually, I had no permission for contact with another 
species, but by the same token I had set in place my mimicry capability quite successfully prior to 
this—even with larger groups of you (I had never ever come across a human being when I was alone). 
Now, let's call it primitive curiosity; I wanted to talk with the person in this cabin and so I knocked on 
the door. E. opened the door and we got into an interesting conversation. His language was not quite 
yet common at that time for me, but it's not all that hard to learn a new language when one can read the 
information in the consciousness/awareness of the opposite individual. I simply told him that I came 
from a foreign country in the east. Of course at the time, he did not really "recognize" who I was; he 
was totally convinced that he was talking with a creature of his own kind, although it was simply only a 
mimicry image. 


Since my assignment anyway had as its goal an investigation of this terrain which was to last for 
several days, I visited him in this span of time three times as a human person. At first we talked mainly 
about really ordinary things; later we got into religious and physical topics. He seemed to be impressed 
by my knowledge, and I was likewise impressed with his clear thoughts and his—for a human being— 
well displayed personality structure and his own opinions. You really like giving yourselves over 
completely to a public opinion or conditioning, as for example, "reptilian species are evil" and stuff like 
that. I steered the conversation in this direction, and E.F. said something to the effect that he believed in 
alien species and that they did not have to necessarily be evil, but perhaps only different than his kind 
are. That pleased me. At that juncture of time, of course, I could not speak concretely with him about 
my knowledge because he wouldn't have believed me—he would have taken me for a human practical 
joker. I cultivated the very, very unusual idea (for my kind) to show him my true exterior, something 
that I did during our conversation at our fourth meeting in the cabin. Actually, he was predestined for 
contact: he was open-minded, honest, intelligent, not religiously inclined or conditioned; he lived alone 
and isolated, and no one would believe him, should he decide to go public with his story. 


I dared to take the step, but then I had serious doubt about the propriety of my act, especially when he 
reacted...very...violently. He got control of himself again after a time and we could finally talk 
concretely about definite matters. Now he had no choice but to believe me. This was the beginning of a 
series of meetings which initially took place there in the woods, but later took place in his remote 
residence. Finally he brought you into contact with me...and for that reason we are now sitting here 
once again and talking about things which probably won't be believed out there in human society. 


Question: You said, you would not have had permission at that time for contacts with human beings. 
Do you now then have permission to talk with E.F. and me about all these things and even to make this 
scientifically public? 


Answer: Yes. That is difficult to explain and for you to understand. Let's just say, I find myself in the 
position now to arrange this permission without having to take into account any consequences. In this 
position I am quasi-"immune" against certain restrictions. Let's look it that way. Yes. 


Question: If other people want to come into contact with your kind, do they have a chance to do so? 


Answer: Generally not. We avoid contact with you and we operate on the surface only in remote areas 
and there we use the mimicry techniques in case we should meet some people. That I am talking with 
you now does not mean that others will follow my example. It goes without saying that you could try to 
find an entrance to my world and penetrate your way into there. However, that can sooner lead to 
unpleasant consequences for the infiltrator. You have next to no chances on the surface of recognizing 
us. You can't even contact us directly, we have to contact you, just as I did with E.F. Those kinds of 
contacts however are not the rule but are very rare occurrences. 


Question: Can you describe your subterranean homeland location? 


Answer: I can attempt to do so, but I certainly will not tell you where this place is located. My 
homeland lies in one of our smaller underground settlements to the east of here. I'll give you some 
numbers so that you can make a better impression for yourself. Just a minute...I have to try to convert 
the measurements approximately into your units. It is a dome-shaped cavern at a distance of about 4300 
meters from the Earth's surface. The cavern was organized as a colony about 3000 years ago; a major 
portion of the ceiling structure is artificially integrated into the rock and the form was remodeled into 
an almost elegantly proportioned and very flat dome with an oval ground plan. The diameter of the 
dome according to your measures is about two-and-a-half kilometers. The height of the dome at the 
highest point is about 220 meters. Underneath that highest point in every colony there stands a special 
whitish-gray cylindrical building—a kind of supporting column which holds the honeycomb net- 
carrying structure of the dome. This building is the tallest, largest and oldest in the entire dome for it is 
always situated as the first construction together with the security of the ceiling. (In the meantime of 
course there were times when it was completed and reconditioned.) That building has a very special 
name and religious significance. We have only one of those columns; larger colonies even have more 
columns according to the construction of the ceiling. 


One of the main colonies in Inner Asia has as an example 9 of those kinds of supports, but that colony 
is also over 25 of your kilometers in size. The central building is generally a center of religion, but also 
a center for climate control, and a center for the behavior and the regulation of the lighting system. 


We have at our location all together 5 large artificial light sources which generate your UV light and its 
warmth through gravitational sources. The air shafts and the light systems from the surface likewise run 
through these columns and naturally, they are very intensely controlled. 


By the way, we have 3 air shafts and 2 elevator systems there, and even a tunnel connection to the next 
main colony which lies approximately 500 kilometers to the southeast. One elevator shaft leads to a 
cavern near the surface, the other leads to one of our depots for the ships —-you remember, the 
cylindrical ships— that is naturally concealed closer to the surface behind a rocky mountain face. 
Normally, there are only three ships there —it's a small depot. The other buildings of the colony are, for 
the most part, concentrically ordered in oval circles around the main supporting column, and they are 
without exception much flatter; generally only between 3 and 20 meters tall. The shape of the buildings 
is round and dome-like. The color is even differentiated according to circle and distance from the main 
column. To the north of the column, there is an additional, very large but very flat round building. This 
building interrupts the concentric system of the colony with its diameter of about 250 meters. It is the 
artificial sun zone in which specially illuminated corridors and rooms are housed. In these locations 
very powerful UV light predominates, and they are used in order to warm our blood. There is even a 
medical dispensary and a meeting room located there. Beyond the outer ring of the colony, there are 
zones in which animals are kept—you know, we MUST consume flesh as nourishment—and the 
gardens in which plant nourishment and mushroom culture are cultivated; there is also hot and cold 
running water there from subterranean sources. The power station is located on the edge of the colony. 
The station is driven by fusion as its base and it supplies the colony and the "suns" with energy. My 
group or "family" lives, by the way, in the fourth ring of buildings out from the central support column. 
So much in such a short time. To describe to you all the buildings and their tasks would be going too 
far. It is difficult to describe something like that to you, for it is a completely different set of 
surroundings and culture from what you are accustomed to in your life on the surface. You really have 
to see it for yourself to be able to believe it. 


Question: Will I myself see it sometime? 

Answer: Who knows, maybe. Time brings new opportunities. 
Question: How many creatures of your kind live in this colony? 
Answer: Approximately 900. 


Question: That is the end of the interview. Do you have any final message for the readers of the 
transcript? 


Answer: Yes. I am thoroughly surprised at the many comments to my words; of course, I am naturally 
also disappointed about the religious portrayals of me as the enemy which have been voiced and which 
have buried themselves deeply in your mind. You should learn to set yourselves apart from the old 
conditioning and not to stand quasi under the control of something or someone who has already been 
gone for 5000 years. You are, after all, free spirits. Those are my final words. 
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The Natural Phenomena of AntiGravitation and Invisibility in Insects 
due to the Grebennikov Cavity Structure Effect (CSE) 


Introduction 


by lu. N. Cherednichenko, Senior Researcher, Biophysics Laboratory, Institute of 
Human Pathology and Ecology, Russian Academy of Medical Science 


Viktor Stepanovich Grebennikov is a naturalist, a professional entomologist, an artist-simply put, an 
intellectual with a wide range of interests and pursuits. He is known to many as the discoverer of the 
Cavernous Structures Effect (CSE). But very few people are familiar with his other discovery, one 
that also borrows from Nature and its innermost secrets. 


Back in 1988 he discovered anti- gravitational effects of the chitin shell of certain insects. But the most 
impressive concomitant phenomenon discovered at the same time was that of complete or partial 
invisibility or of distorted perception of material objects entering the zone of compensated gravity. 
Based on this discovery, the author used bionic principles to design and build an anti- gravitational 
platform for dirigible flights at the speed of up to 25 km/min. Since 1991-92 he has used this device 
for fast transportation. 


Bio- gravitational effects are a wide spectrum of natural phenomena, apparently not confined to just a 
few species of insects. There is much emprrical data to support the possibility of a lowered weight or 
complete levitation of material objects as a result of directed psycho-physical human action 
(psychokinesis)-e. g. levitation of yogi practicing transcendental meditation according to the Maharishi 
method. There are known cases of mediums levitating during spiritistic sessions. However, it would 
be a mistake to think that such abilities are only found in people who are gifted by nature. 


I am convinced that these abilities are an understudied biological regularity. As is known, human 
weight significantly drops in the state of somnambulistic automatism (sleepwalking). During their 
nocturnal journeys, 80-90 kg sleepwalkers are able to tread on thin planks, or step on people 
sleeping next to them without causing the latter any physical discomfort (other than fright). Some 
clinical cases of non-spasmodic epileptic fits often result na short-term reversible transformation of 
personality (people in such state are commonly referred to as "possessed"), whereby a skinny, 
exhausted girl or a ten-year-old boy acquire the physical prowess ofa trained athlete. 


Currently this psychological phenomenon is known as multiple-personality syndrome because it 
significantly differs from the classical complex of epileptic symptoms. Such clinical cases are well- 
known and well-documented. However, phenomena accompanied by a change in the weight of 


keelynet.com/greb/greb.htm 1/38 


2/28/12 THE NATURAL PHENOMENA OF ANTIGRAVITATION AND INVISIBILITY IN INSECTS AND THE GREBENNIK... 


humans or of material objects are not confined to functional pathologies of the organism. 


Healthy people in the state of acute psychological stress caused by a life-threatening situation or an 
overpowering motivation to achieve a vitally important goal have the ability to spontaneously 
overcome obstacles insurmountable in their normal condition-e. g. to lift enormous weights, etc. These 
phenomena are commonly explained by an extreme mobilization of muscular strength, but precise 
calculations do not agree with such hypotheses. Apparently, athletes (high jumpers, weightlifters, 
runners) have particularly developed bio-antigravitational mechanisms. 


Their athletic performance 1s mostly (if not wholly) determined not so much by the rigor of their 
training as by their psychological preparedness. If an accurate scientific task of studying the anomalies 
of the human weight in various psycho-physiological states were ever set up and technical means of 
dynamic weight monitoring created, we would then have objective data on this unusual phenomenon. 
There is also evidence of other phenomena of short-term mass increase in biological objects, including 
humans, that are not related to mass transfer. 


V.S. Grebennikov's book has high literary merit and includes the author's own illustrations. It is a 
kind ofa "dactylogram" for his system of spiritual values, his environmental outlook, and his 
entomological autobiography. Many readers are likely to perceive the book as nothing more than a 
popularized summary of the entomologist's 60-year experience of scientific observations, peppered 
with some elements of science fiction. But such a conclusion would be deeply erroneous. As Viktor 
Stepanovich's friend and as someone with an intimate knowledge of his work (our homes are only 
10km apart), I can vouch I have never met a more careful, conscientious, honest, and talented 
experimental scientist. 


Grebennikov is also widely known in the so-called scientific underground (i. e. the branch of 
advanced Russian science constantly persecuted by the official scientific establishment). Thus, a 
committee for combating pseudoscience, created in Novosibirsk division of the Russian Academy, 
has victimized many talented members of our local scientific community. The situation is much the 
same at the Russian Agricultural Academy. It is very easy to lose one's job at a lab (even as its head, 
regardless of one's degree and title). One only needs to publish an article on, for example, the 
evolutionary significance of antigravitational mechanisms in insects. 


But I am convinced that discoveries of such proportions must not be buried in manuscripts just 
because pragmatism still rules science. Let this book be nothing but "science fiction" for those at the 
top. Each person has his own beliefs. But he who has eyes shall see. Catastrophism in both the 
evolution of living nature and in the nature of human knowledge is actually a drastic destruction of old 
belief systems-a destruction that runs ahead of theoretical prognostications. A fanatical faith and idol 
worship links our contemporary academic science with pagan religion. But a harmonious development 
(in the sense of Pavel Florensky's pneumatosphere) would not be possible without breaking old 
stereotypes in the process of mastering the wisdom and experience of older generations. 


Flight - Chapter V of V. S. Grebennikov's My World 
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" 2 A quiet evening in the steppe. The sun's red disk has already 
i touched the faraway, misty horizon. It is too late to get back 

% home-I've stayed too long here with my insects and am 

) preparing to spend the night in the field. Thank goodness I still 
‘\ have water in the flask and some mosquito repellent-one 

‘| needs it here, what with hosts of gnats on the steep shore of 

| pos salty lake. 
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* I am in the steppes, in Kamyshlovo valley. It used to be a 

BD cichty tributary of the Irtysh, but the ploughing of the steppes 

} and deforestation turned the river into a deep, broad gully with 
ts, =r! a string of salty lakes, like this one. There is no wind. Pods of 
aucks ekoni over the evening lake, sandpipers are also heard in the distance. 


The high, pearl-colored sky stretches over the calming world of the steppe. How good it is to be out 
here, in the open country! 


I settle for the night on the very edge of the steep, on a grassy glade. I spread out my coat, put my 
backpack under the head, and before lying down, collect a few dry cakes of cow manure, and light 
them up. The romantic, unforgettable smell of bluish smoke slowly spreads across the dozing steppe. 
I lie down on my simple bed, stretch my tired legs and anticipate yet another wonderful night in the 
country. 


The blue smoke quietly takes me to the Land of Fairy Tales; sleep comes fast. I become very small, 
the size of an ant, then enormous, like the sky, and am about to fall asleep. But why is it that today 
these "pre-sleep transformations" of my bodily dimensions are somewhat unusual, too strong? A new 
sensation has mixed in-a sensation of falling, as though the high cliffhas been snatched away from 
under my body, and I am falling into an unknown, terrible abyss! 


Suddenly I see flashes. I open my eyes, but they don't go away-they are dancing on the pearl-and- 
sliver evening sky and on the grass. I get a strong, metallic taste in my mouth, as though I pressed my 
tongue to the contact plates of a small electric battery. My ears start ringing, I distinctly hear the 
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double beats of my own heart. 
How can one sleep when such things are going on! 


I sit up and try to drive away these unpleasant sensations, but nothing comes out of my efforts. The 
only result is that the flashes are no longer wide and blurred but sharp and clear, like sparks or 
perhaps small chains; they make it hard to look around. Then I remember: I had very similar 
sensations a few years ago in Lesochek, or to be more precise, in the Enchanted Grove [the author is 
referring to localities of an entomological preserve in Omsk Region]. 


I have to get up and walk around the lakeshore. Does tt feel 
like this everywhere around here? No: here, a meter from the 
edge, I feela clear effect of "something", while ten meters 
further into the steppe the effect clearly disappears. 


It becomes a bit frightening: I am alone in the deserted steppe, 
by the "Enchanted Lake". I should quickly pack up and clear 
out. But my curiosity takes over: what is this, really? Could it be 
that the smell of lake water and slime is domg this to me? I go 
down, under the steep and sit down by the water. The thick, 
sweetish smell of sapropeL-rotted remains of algae-is enveloping 
me like na mud spa. I sit there for five, ten mmutes-no 
unpleasant sensations. It would be suitable to sleep here, if it 
weren't so wet. 


I climb the steppe-same old story! My head is spinning, I again 
get that "galvanic", sour taste in the mouth and feel as though my 
weight is changing-I am at one moment incredibly light, and unbearably heavy at the next. I see flashes 
in my eyes. If it was indeed a "bad spot", some nasty anomaly, then there would be no grass here, 
and large bees would not be nesting in the loamy steppe. 


ao ees, 







Meanwhile, their nests are all over it-in fact, I was trying to 
make my bed right above their underground "bee city" in 
whose depths there is of course a multitude of tunnels, 
chambers, lots of larvae, cocoons-all of them alive and 
healthy. I understood nothing that time. 

ot =<, +, : I got up with a headache even before sunrise and, tired, 
" ~~ hobbled off toward the road to get a hitch to Isilkul. 

That summer I visited the "Enchanted Lake" four more times, at various times of day, and under 
various weather conditions. By the end of the summer my bees got incredibly busy stuffing their holes 
with flower pollen-in a word, they were feeling great. Which / wasn't: a meter from the edge of the 
steppe, above their nests, I again had a set of most unpleasant sensations. Five meters away, I had 
none... And there was the same old bewilderment: why, why do these bees feel so good here that the 
entire steppe is dappled with their holes like Swiss cheese, and in places, almost like a sponge? 


The solution came many years later, when the bee city in Kamyshlovo valley died: the tillage came to 
the very edge which consequently fell off Now instead of grass and bee holes, there is nothing there 
but an atrocious heap of mud. 


I only had a handful of old clay lumps- fragments of those nests, with multiple chamber cells. The cells 
were side by side and reminded of small thimbles, or little jugs with narrowing necks. 
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I already knew that these bees were of the quadruple ring species-that was the number of light rings 
on their elongated bellies. On my desk, packed with equipment, ant- and grasshopper-houses, bottles 
with chemicals, and other stuff, I had a wide receptacle filled with these spongy clay lumps. I was 
about to pick something up and moved my hand over these porous fragments. 


A miracle happened: I suddenly felt warmth emanating from them. I 
touched the lumps with my hand-they were cold, but above them I 
felt a clear thermal sensation. 


Besides, in my fingers I felt some hitherto unknown jerks, some sort 
of "tick" as it were. And when I pushed the bow] with the nests to the 
end of the desk and leaned over it, I felt the same sensation as on the 
lake-my head was getting lighter and bigger, the body was falling 
down, the eyes saw rapid flashes, and the mouth tasted an electric 
battery. I was feeling slightly nauseous... 


I put a sheet of cardboard on top of the bowl the sensation didn't 
change. A pot lid changed nothing either; it was as if the "something" 
was cutting right through it. I had to study the phenomenon at once. 
But what could I do at home, without the necessary physical 
instruments? I got assistance from many research scientists of various 
institutes of the Agricultural Academy in Novosibirsk. 


But alas, the instruments-either thermometers, or ultrasound 
detectors, magnetometers and electrometers-did not respond to them 
in the slightest. 
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We conducted a precise chemical analysis of the clay-nothing special. 
The radiometer was also silent... But ordinary human hands, and not 
just mine, distinctly felt either warmth or a cold draft and a tingle, or 
sometimes a thicker, stickier environment. 


Some people's hands got heavier, others felt theirs were pushed up; 
some people's fingers and arm muscles got numb, they felt giddy and had profuse salivation. 


eae Similar phenomena could be observed in a bunch of paper tubes inhabited 
oie ~~ by leaf: cutting bees. Each tunnel had a solid row of multi-layered cans of 
ea torn leaves, covered with concave lids (also of leaves). Inside the cans there 


were silk, oval cocoons with larvae and chrysalides. 


I asked people who knew nothing of my discovery to hold their hands or 
faces over the leaf-cutter nests, and took a detailed record of the 
experiment. The results may be found in my article "On the physical and 
biological properties of pollinator bee nests" published in the Siberian 
Bulletin of Agricultural Science, no.3, 1984. 


The same article contains the formula of the discovery-a brief physical 
description of this wonderful phenomenon. Based on the structure of bee 
nests, I created a few dozen artificial honeycombs- of plastic, paper, metal, 
and wood. It turned out that the cause of all those unusual sensations was 
not a biological field, but the size, shape, number, and the arrangement of caverns formed by any solid 
objects. And as before, the organism felt it, while the instruments were silent. 





I called the discovery the Cavernous Structures Effect (CSE) and carried on with my experiments. 
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Nature continued to reveal its 7 4 cand mon 199539" Neomssogen, Kerpody 
innermost secrets one after Tiatmuge, nd & <= depen 
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It turned out that the CSE 
zone inhibits the growth of 


saprophytic soil bacteria, of 
yeast and other cultures, as 
well as wheat grain 
germination. It also changes 
the behavior of microscopic 
algea chlamydospores. Leaf- 
cutting bee larvae begin to 
phosphoresce, while adult 
bees are much more active in 
this field and finish pollination 
two weeks earlier. 


It turned out that the CSE, 
like gravitation, could not be 
shielded-it affected living 
organisms through walls, thick 
metal, and other screens. It 
tured out that ifa porous 
object were moved to another 
spot, the human would feel 
the CSE not immediately but 
in a few seconds or minutes, while the old shat would retaina "trace", or as I called it, a "nhantom! 
perceivable by the hand for hours, and sometimes for months thereafter. 


It turned out that the CSE field did not decrease evenly with distance, but surrounded the honeycomb 
with a system of invisible, yet sometimes clearly percetvable "shells". 


It turned out that animals (white mice) and humans entering the zone of the CSE (even a very strong 
one) soon adapted to it. It couldn't be otherwise: we are everywhere surrounded by caverns large 
and small: by grids, cells of living and dead plants (as well as our own cells), by bubbles of foam- 
rubber, foam plastic, foam concrete, rooms, corridors, halls, roofing, spaces between machine parts, 
trees, furniture, buildings. 


It turned out that the CSE "ray" had a stronger impact on living organisms when it was directed away 
from the sun, and also downwards, facing the Earth's center. 
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It turned out that clocks-both mechanical and electronic-placed in a strong CSE field started running 
inaccurately-Time must also have a part in it. All this was the manifestation of the Will of Matter, 
constantly moving, transforming, and eternally existing. It turned out that back in the 20s the French 
physicist Louis des Broglie was awarded the Nobel Prize for his discovery of these waves, and that 
the latter were used in electronic microscopes. 


It turned out... well, many other things transpired in my experiments and research, but they would lead 
us into solid-state physics, quantum mechanics, elementary-particle physics, i. e far away from the 
main characters of our narrative: insects... 


Meanwhile, I did manage to devise instruments for an objective registration of the CSE- instruments 
that accurately reacted to the proximity of insect nests. 


Here they are in the drawing: sealed vessels with straws and burnt 
twigs- drawing coals-suspended on spider web threads. There is 
some water at the bottom to counter static electricity hindering 
experiments in dry air. 


If you point an old wasp nest, a bee honeycomb, a bunch of cereal 
ears to the upper end of the indicator, it slowly moves a few dozen 
degrees... 


There is no miracle here: the energy of scintillating electrons of both 
multi-cavernous bodies creates a total wave system in space, 
whereby a wave is energy capable of performing a mutual repulsion 
of these objects-even through obstacles, such as a thick-walled steel 
capsule (see photograph). 


It is hard to imagine that its armor is powerless to stop waves ofa 
tiny, light wasp nest seen in the picture, and that the indicator inside 
this heavy, solid capsule "runs away"-sometimes as far as 180 
degrees- from this long-vacant nest. Yet it is so. Those who have 
doubts are invited to visit the Agroecology Museum near 
Novosibirsk-you'll see it for yourselves. 





The same museum displays an always-active honeycomb painkiller. It is a chair with an overhead cap 
that has a few empty, but intact combs of the honeybee ("dry" honeycombs, in the beekeeper vocab) 
in it. Anyone who sits in this chair will after a few minutes almost certainly feel something (please write 
to me what exactly you feel, I'll be grateful), while those with a headache will in just a few minutes say 
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goodbye to the pain-at least for a few hours. My painkillers are see ssly used in many parts of the 
country-I made no secret of my discovery. ¥ 
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The hand will clearly sense the emanation if 
you take it from below, palm up, to the cap 
with bee honeycombs. The cap could be 
made of cardboard, veneer, or better still, of 
tin plate with tightly sealed seams. 
















Yet another gift from insects... 


This was my reasoning at first: people have 
been dealing with the honeybee for 
thousands of years, no one has ever 
complained of anything unpleasant, except 
of course stings. I held a dry honeycomb 
over my head-it was working! 


I decided to use a set of six frames. Such 
was the story of my rather simple discovery. 
An old wasp nest works quite differently, 
even though the size and shape of its cells 
are very Close to those of bees. 





The important difference was that the honeycomb material, unlike that of wax, is more crumbly and 
micro-porous: it is paper-like (by the way, it was wasps that invented paper, not people: they scrape 
old wood fiber and mix it with thei sticky saliva). 


Walls of the wasp honeycomb are much thinner than those of bees, the cell size and pattern are also 
different, as is the outer shell, also made of multi-layered, loosely wrapped paper. I had reports ofa 
highly unpleasant effect of a few wasp nests in an attic. And besides, most multi-cell devices and 
objects that will manifest CSE in the first few minutes have a far from beneficial effect on humans. 
Honeybee combs are a rare exception. And when in the 1960s we had bumblebees living in our 
Isikkul apartment, I often observed the following. 


A young bumblebee on its first trip away from the hive did not take the trouble to remember the 
entrance and would spend hours wandering around the windows of our house and ofa similar- 
looking house nearby. And in the evening, giving up on its poor visual memory, it would land on the 
brick wall, precisely outside the hive and would try to break right through it. How did the insect know 
that right there, four meters away from the entrance, and a meter and a half below, behind the thick, 
halfmeter wall was its home nest? At the time I was lost in conjectures, but now I know exactly why 
the bumblebee behaved like that. An amazing find, wouldn't you agree? 


Now let us remember the experiment in which hunter wasps returned not just to a given location, but 
to an entirely different place where the lump of soil with their nest had been moved: no doubt, they 
were able to find it because of a wave beacon created by the nest cavern. And there was another 
mystery revealed to me by my insect friends. It turned out that to attract their pollinators, flowers use 
not only color, odor, and nectar, but also a similar wave beacon, powerful and unstoppable. 


I discovered it with a drawing coal-a burnt twig-by passing it over large, bell-shaped flowers (tulips, 
lilies, amaryllises, mallows, pumpkins). 


Already at a distance I could feel a "braking", as it were, of this detector. Soon I was able to find a 
flower in a dark room standing one or two meters away from it-but only ifit had not been moved, 
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i] 


because a "false target" would be left in its old place-the "residual phantom! 
I already mentioned. 


I do not possess any supersensory abilities, and any person after some 
training would be able to do the same. Instead of coal one could use a 10- 
cm long piece ofa yellow sorghum stem, or a short pencil whose rear end 
should be facing the flower. 


Some people would be able to feel the flower (a "warm", "cold", or 
"shivering" sensation emanating from it) with their bare hands, tongues, or 
even faces. As many experiments demonstrated, children and adolescents are particularly sensitive to 
Waves of Matter. 





As for bees that nest underground, their "knowledge" of the CSE is vital for them first of all, because 
it enables the builder of a new gallery to stay away from a neighboring nest. Otherwise the entire bee- 
city cut through with intersecting holes would simply collapse. 


Secondly, plant roots cannot be allowed to grow down into the galleries and 
honeycombs. Thus roots stop a few centimeters away from the honeycomb, 
or else, feeling that nests are near, they start growing aside. 


The latter conclusion was confirmed 
by my many experiments on 

= sprouting wheat seeds in a strong 
CSE field, as compared to seeds 

™ germinating in the same climatic 
conditions but in the absence of the 
a CSE. 













Photographs and drawings show 
: both the dying of roots in the 
experimental batch and their sharp deviation in a direction away from my 
"artificial honeycomb". 


Thus bees and weeds back at the lake had long ago made a pact-another 
example of the highest ecological expediency ofall Being. And in that same 
spot on the globe we see yet another example of people's mercilessly ignorant 
attitude to Nature... 





The bee-city is now gone; every spring thick streams of fertile black earth soil run down, between 
filthy heaps of trash, to the lifeless, salty puddles that not too long ago were a string of lakes with 
countless flocks of sandpipers and ducks, white swans, and hovering fish-hawks. And by the steppe 
thinned out by bee holes, one used to hear the hum of hundreds of thousands of bees that for the first 
time led me into the Unknown. 


I must have tired the reader with all these honeycombs of mme... A separate thick book would be 
required to describe all my experiments. Therefore I will only mention one thing: my pocket, battery- 
powered calculator often malfunctioned in the CSE field: it either erred, or sometimes its display 
window would fail to light up for hours. I used the field ofa wasp nest combined with that of my two 
palms. None of these structures had any effect in isolation. 


I will also note that hands with their tubular phalanxes, jomts, ligaments, blood vessels, and nails are 
intensive CSE emanators capable of giving a powerful push to the straw or coal indicator of my little 
instrument from a couple of meters' distance. Practically anyone could do it. This is why I am 
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convinced that there are no people with supersensory abilities, or rather that all the people have 
them... And the number of those who froma distance can move light-weight objects on a table, hold 
them suspended in the air or "magnetically" attached to the hand is far greater than is usually thought. 
Try it yourself! I look forward to your letters. 


There once was an ancient folk game: one man sits on a chair, and over his head, four of his friends 
"puild" a grid of horizontally stretched palms with slightly spread fingers-first right hands, then left, with 
2 cm gaps between them. In 10-15 seconds, all four synchronously put their pressed-together index 
and middle fingers under the armpits and under the knees of the sitting man, and then they 
energetically toss him up in the air. The time between "collapsing" the grid and tossing the man must 
not exceed two seconds; the synchronicity is also very important. If everything is done right, a 100- 
kilo man flies up almost to the ceilnmg, while the ones who tossed him claim he was light as a feather. 


A strict reader may ask me how tt is possible. Doesn't it all contradict laws of nature? And ifso, am I 
not propagating mysticism? Nothing of the sort! There is no mysticism, the thing is simply that we, 
humans, still know little of the Universe which, as we see, not always "accepts" our, all too human 
rules, assumptions, and orders... Once it dawned on me: the results of my experiments with insect 
nests bear too much similarity to the reports of people who happened to be in the vicinity of... UFOs. 
Think and compare: temporary malfunctioning of electronic devices, disrupted clocks-i. e., time, an 
invisible, resilient "obstacle", a temporary drop in the weight of objects, the sensation of a drop in 
human weight, phosphenes-moving, colored flashes in the eyes, a "galvanic" taste in the mouth... 


I am sure you have read about all this n UFO journals. I am now telling you it can all be experienced 
in our Museum. Come visit! Was I standing on the threshold of yet another mystery? Quite so. And 
again I was helped by chance, or rather by my old insect friends. And again there were sleepless 
nights, failures, doubts, breakdowns, even accidents... And I had no one to turn to for advice-they 
would have just laughed, or worse... 


But I can say this, my reader: he is happy who has a more or less adequate use of his eyes, head, and 
hands- skillful hands are particularly important!-and trust me, the joy of creative work, even of work 
that ends in failure, is far higher and brighter than earning any diplomas, medals, or patents. 





3 i TT 


Flying an Anti-gravitational Platform 
(excerpts from a diary) 


Judge it for yourself from my diary excerpts- obviously simplified and adapted for this book. Pictures 
and drawings will help you to evaluate my story... A hot summer day. Far-away expanses drown in a 
bluish-lilac haze; the sky's gigantic cupola with fluffy clouds stretches above the fields and coppices. I 
am flying about 300 meters above ground, with a distant lake-a light, elongated spot in the haze-as 
my reference pomt. 


Blue, intricate tree contours slowly recede; between them, there are fields. Those, bluish-green ones 
are fields of oats; the whitish rectangles with a strange, rhythmic twinkling are those of buckwheat. 
Straight ahead of me is a field of alfalfa-its green color is familiar, it resembles the oil paint "cobalt 
medium-green". Green oceans of wheat on the right are of a denser shade and resemble the "chrome 
oxide" paint. An enormous, multi-colored palette floats further and further backwards. 


Footpaths meander between fields and coppices. They join gravel roads which it turn stretch further 
out, toward the highway, still invisible from here for the haze, but I know that if I flew on the right side 
of the lake, I would see it-a smooth, gray strip without a beginning or an end, on which cars-small 
boxes-are slowly crawling. 
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Isometric, flat shadows of cumulus clouds are picturesquely spread around the 
sunny forest-steppe. They are deep-blue where they cover coppices, and are 
various shades of light blue over fields. Now I am in the shadow of one such 
cloud: I accelerate-it's quite easy for me to do that-and leave the shadow. 


I lean forward slightly and feel a warm, taut wind coming far down below, from 
the sun- warmed ground and plants. It comes not ftom the side, as on the 
ground, but strangely from the surface up. I physically feel a thick, dense 
current with a strong odor of blooming buckwheat. Of course this jet can easily 
lift up even a large bird-an eagle, a stork, or a crane-if it freezes its spread 

= wings. But I have no wings and am suspended in the air not by the upward jet. 


In my flight I am supported by a flat, 
rectangular little platform, slightly bigger 
than the seat ofa chair, with a pole and 
two handles to which I hold on and with 
whose help I navigate the device. Is this 
science fiction? I wouldn't say so... 





Ina word, the interrupted manuscript of this book was 
abandoned for two years because generous, ancient Nature, 
again through my insect friends had given me another 
Something-and it did so, as usual, elegantly and 
inconspicuously, yet swiftly and convincingly. And for two 
years the Discovery did not let me go, even though it seemed 
to me I was mastering it at a break-neck speed. 


(Note: Grebennikov would have been approximately 62-63 
years of age in 1990-1992) 


But it always happens this way: when your work is new and 
interesting, time flies twice as fast. A light spot ofa steppe lake 
is already much closer. Beyond it, the highway is visible with 
already distinctly discernable boxes of cars. The highway is about 8km away from the railway that 
runs parallel to it, and if I look closer, I can see the poles of the power line and the light-colored 
embankment of the railway. It is time to turn some 20 degrees to the left. 





I am not seen from the ground, and not just because of the distance: even in a very low flight I cast 
almost no shadow. Yet, as I found out later, people sometimes see something where I am in the sky- 
either a light sphere, a disk, or something like a slanted cloud with sharp edges that moves, according 
to them, not exactly the way a cloud would. 


One person observed a "flat, non-transparent square, about one hectare in size"-could it have been 
the optically enlarged little platform of my device? 


Most people see nothing at all, and I am for the moment pleased with it-I can't be too careful! 
Besides, I still haven't determined what my visibility or invisibility depends on. 


Therefore I confess that I consciously avoid people in my flight and for that purpose bypass cities and 
towns, and even cross roads and footpaths at high speed, after making sure there is no one on them. 


In these excursions-no doubt, fictional for the reader, but for me already almost casual] trust only my 
insect friends depicted on these pages. 
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1. 


he first practicahuse of my discovery was-and still is-entomological: to examme my secret places, to 

: f Ui take a picture of them from above, 
— to find new, still unexamined Insect 
Lands in need of protection and 
rescue. Alas, Nature established 
its own, strict limitations on my 
work: just as on a passenger 
plane, I could see but couldn't 
photograph. 






_ My camera shutter wouldn't close, 

~ and both rolls of films I had taken 
with me-one in the camera, the 
other in my pocket- got light- 
struck. I didn't succeed in 
sketching the landscape either; as 


cule eunae both my hands were almost 
- nSa 4 
sg g always busy, I could only free one 


SR, Suge sam wpa. (5) 
oe ee (eeu cuseee hand for a couple of seconds. 
ee’ Bia _yiee.u}- Thus I could only draw from 


memory. I managed to do that 
only immediately after landing-though I am an artist, my visual memory 1s not that great. 








aia 2 


meri! 





In my flight I did not feel the same way we do when we fly in our sleep. 


It was with flying in my sleep that I started this book a while ago. And flying is not so much pleasure 
as it is work, sometimes very hard and dangerous. One has to stand, not hover, the hands are always 
busy, and a few centimeters away there is a border separating "this" space from "that", on the outside. 


The border is invisible but very treacherous. My contraption is still rather clumsy and resembles 
perhaps... hospital scales. But this is only the beginning! 


By the way, besides the camera, I sometimes had trouble with my watch and possibly, with the 
calendar too: descending on a familiar glade, I would occasionally find it slightly "out of season", with 
a two-week deviation, and I had nothing to check it against. 


Thus it is possible to fly not just in space but also-or so it seems-in time as well. I cannot make the 
latter claim with a 100% guarantee, except perhaps that in flight, particularly at its beginning, a watch 
runs too slow and then too fast, but at the end of the excursion starts running accurately again. 


This is why I stay away from people during my journeys: if time is involved alongside gravitation, I 
might perhaps accidentally disrupt cause-and-effect relations and someone might get hurt. 


This is where my fears were coming from: insects captured "there" 
disappear from test tubes, boxes, and other receptacles. 


They disappear mostly without a trace. Once a test tube in my 
pocket was crushed to tiny bits, another time there was an oval 
hole mn the glass, with brown, as though "chitin" edges-you can see 
it m the picture. 





Many times I felt a kind of burning or an electric shock inside my pocket-perhaps at the moment of 
my prisoner's "disappearance". 
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Only once did I find a captured insect in the test tube, but it wasn't the adult ichneumon with white 
rings on its feelers, but its... chrysalis, 1. e. its earlier stage. It was alive-it moved its belly when 
touched. Much to my dismay, it died a week later. 


It is best to fly on clear summer days. Flying is much more difficult when it rains, and almost 
impossible in winter-not because of the cold. I could have adapted my device accordingly, but since I 
am an entomologist, I simply do not need winter flights. 


How and why did I come to this discovery? In the summer of 1988, as I was examining under a 
microscope the chitin shells of insects, their pmnate (feathery) feelers, and the thinnest structure of 
butterflies’ wings, I got interested in an amazingly rhythmical microstructure of one large insect detail. 


It was an extremely well-ordered composition, as though pressed on a complex machine according to 
special blueprints and calculations. As I saw it, the mtricate sponginess was clearly not necessary 
either for the durability of the detail, or for its decoration. I had never observed anything like this 
unusual micro- ornament either in nature, in technology, or in art. 


Because its structure is three- dimensional, so far I have been unable to capture it ina drawing, or a 
photograph. Why does an insect need it? Besides, other than in flight, this structure at the bottom of 
the wing case is always hidden from the eye-no one would ever see it properly. Was it perhaps the 
wave beacon with "my" multiple cavernous structures effect? That truly lucky summer there were very 
many insects of this species, and I would capture them at night: neither before, nor after was I able to 
observe these insects. 


I put the small, concave chitin plate on the microscope shelf in order again to examine under strong 
magnification its strangely star-shaped cells. I again admired this masterpiece of nature, and almost 
purposelessly placed it on top of another, identical plate that had the same unusual cells on one of its 
sides. 


But no!-the detail broke loose ftom my tweezers; for a few seconds it hung suspended above the 
other plate on the microscope shelf, turned a few degrees clockwise, slid to the right, turned 
counterclockwise, swung, and only then abruptly fell on the desk. 


You can imagine what I felt at that moment... When I came to my senses, I tied a few panels with a 
wire-it wasn't an easy thing to do, and I only succeeded when I positioned them vertically. What I got 
was a multi-layered chitin block. I put it on the desk. 


Even a relatively large object-such as a paper tack-could not fall on it-something pushed it up and 
aside. When I attached the tack on top of the "block", I witnessed such incredible, impossible things 
(for example, the tack for a few moments was lost from sight) that I realized it was no beacon, but 
something else entirely. 


And again I got so excited that all the objects around me became foggy and shaky. It was with a huge 
effort that I managed to pull myself together in a couple of hours and continue working. 


So, this is how it started. Of course, much still remains to be understood, verified, and tested. I will 
certainly tell my readers about the finer details of my machine, about its propulsion principles, about 
distances, heights, speeds, equipment, and all the rest-but in my next book. 


...1 conducted my first, very unsuccessful and highly dangerous flight on the night of March 17, 1990. 
I didn't have the patience to wait till the warm season and neglected to go to a deserted area. I 
already knew that night was the most dangerous time for this kind of work. 

I had bad luck from the very beginning: the panel blocks of the right part of the bearing platform 
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periodically got stuck. I should have fixed the problem immediately, but neglected to do so. I took off 
right in the middle of the Agricultural Academy campus, erroneously assuming that at 1 AM everyone 
was asleep, and nobody would see me. 


The lift-off went well, but ina few seconds, when the lit windows of buildings sank beneath me, I felt 
dizzy. I should have landed right then but remained airborne, which was wrong because a powerful 
force snatched away my control over the movement and weight, and it pulled me in the direction of 
the city. 


Drawn by this unexpected, uncontrollable power, I crossed the second circle of nine-story buildings 
in the city's residential area (they are laid out in two huge circles with five-story buildings, including 
ours, inside them), then I crossed a snow-covered, narrow field, and the Academy City highway... 
The dark immensity of Novosibirsk was closing in upon me, and it was closing in fast. I was already 
near a bunch of tall factory chimneys many of which fumed thick smoke-night shift was on. I had to 
do something quickly. 


I got on top of the situation only with a great effort. Finally I managed to conduct an emergency 
adjustment of the panel blocks. My horizontal movement slowed down, but then I again felt sick. 


Only at fourth try did I succeed in stopping the horizontal movement, at which pomt my platform was 
hanging over Zatulinka, the city's industrial district. The sinister chimneys silently continued to fume 
right underneath me. 


I rested for a few minutes-if one could call hanging over a lighted factory fence rest-and after I made 
sure the "evil power" has passed, I glided back-yet not in the direction of our Agricultural Academy 
campus but to the right from it, toward the airport. I did this to foul the trail, in case someone had 
seen me. 


Only about halfway to the airport, over some dark, night fields where there was clearly no one 
around, I abruptly turned home... Next day I naturally couldn't get out of bed. 


News on TV and in newspapers was more than alarming. Headlines, such as "UFO over Zatulinka" 
and "Aliens again?" meant that my flight had been detected. But how! Some perceived the 
"phenomenon" as glowing spheres or disks-many actually saw not one sphere but two! Others 
claimed they had seen a "real saucer" with windows and rays. 


I am not discounting the possibility that some Zatulino residents saw not my near-emergency 
evolutions, but something else entirely that had nothing to do with those. Besides, March of 1990 was 
particularly rich in UFO sightings in Siberia, near Nalchik, and especially in Belgium where, according 
to Pravda, on March 31 the engineer Marcel Alferlane took a two-minute film of the flight of a huge 
triangular craft which, according to Belgian scientists, were none other than "material objects with a 
capacity no civilization can currently create." 


Is it really so? As for me, I would suggest that the gravitational filter platforms (or as I call them, panel 
blocks) of these machines were in fact small, triangular, and made here on Earth-but with more 
sophistication than my half-wooden contraption. 


I too wanted to make the platform triangular- it is much safer and more efficient that way-but I chose a 
rectangular design because it is easier to fold, and when folded, it resembles a suitcase, a painter's 
case, or a briefcase that can be thus disguised so as not to arouse suspicion. I, naturally, disguised it 
as a painter's case. 


I had nothing to do with the sightings in Nalchik or Belgium. Besides, as it may appear, I am very 
impractical in the use of my discovery-I only fly to my entomological preserves. These are far more 
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important to me than any technological finds. 


At the moment, I have eleven such preserves: eight in Omsk 
region, one in Voronezh region, and one near Novosibirsk. 
There used to be six of them in Novosibirsk region, all of 
them created, or rather salvaged by me and my family, but 
they don't like them here. Neither the Agricultural Academy 
(still more obsessed with "chemistry" than with anything else), 
nor the Environmental Protection Committee were willing to 
help me salvage these little preserves from evil, ignorant 
people. 


Thus I am continuing my journey westward under the 
magnificent, fluffy clouds at noon. The blue shadows of the 
clouds, the intricately shaped coppices, and the multicolored 
rectangles of fields float backwards below me. 





The speed of my flight is quite high, but there is no wind in my ears-the platform's force field has 
"carved out" from space an upward-diverging, invisible column that cuts the platform off the earth's 
gravitational pull. But it left me and the air inside the column intact. I think that all this, as it were, parts 
space in flight, and then closes it behind me. 


This must be the reason for the invisibility, or the distorted visibility, of the device and its "rider'-as 
was the case with my flight over Novosibirsk's Zatulinka suburb. 


But the protection from gravity is regulated, even though it is incomplete: if you move your head 
forward, you already feel the turbulence of the wind that clearly smells either of sweet clover, of 
buckwheat, or of the colored weeds of Siberian meadows. 


I leave Isilkul with its huge grain elevator on my right and gradually begin to descend over the 
highway, making sure that I am invisible to drivers, passengers, and people working in the field. 


My platform and I cast no shadow (although the shadow occasionally appears): I see three kids on 
the edge ofa forest, go down, drop my speed, and fly right near them. They show no reaction, which 
means that everything is fine-neither I, nor my shadow are visible. Or heard: the propulsion principle 
of my device is such that the platform makes no sound whatsoever, because there is practically no air 
friction. 


My jourmey was long-at least forty mmutes from Novosibirsk. My hands are tired as I can't take them 
off the controls, so are my legs and body-I have to stand up straight, tied to the vertical pole with a 
belt. And even though I can travel faster, I am still afraid to do so-my hand-made machine is still too 
small and fragile. 
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I again go up and ahead, and soon I see the familiar landmarks-a road intersection, a passenger 
terminal on the right side of the highway. Another five kilometers, and finally I see orange columns of 
the Preserve fence. The Preserve is this year-come to think of it-twenty years old! How many times I 
saved this child of mine from trouble and bureaucrats, from chemicals- loaded aircraft, from fires, and 
many other evil deeds. And the Land of Insects is alive and well! 


Descending and braking, which is done by cross- shifting filter blinds under the platform board, I 
already see the thicket of carrot weed, make out the light heads of their flowers resembling azure 
balls-they are of course covered with insects, and an incredible joy comes over me, taking away my 
fatigue, for it was I who saved this piece of Earth, even if small one, less than seven hectares. 


Already for twenty years no one has driven here, no one has cut the grass, tended cattle, and the soil 
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has risen in places to fourteen centimeters high. Not only several locally extinct species of insects have 
returned, but also such weeds as feather grass of rare varieties, purple Scorzonera whose large 
flowers in the morning smell of chocolate, and many other plants. I feel the thick smell of cuckoo 
flower-only this Middle Glade smells like that, it is right behind the fence of the preserve, and fills me 
with yet again with the joyful anticipation of another encounter with the World of Insects. 


Here they are, I can see them very well even from ten meters above the ground on the wide umbrellas 
and azure balls of angelica and carrot plants: dark orange butterflies sit on them in groups; heavy 
hornets bow the white and yellow inflorescences of lady's bedstraws; ginger and blue dragonflies with 
trembling wide wings and a fine network of veins hover next to my head. I slow down even more, and 
see a sudden flash below: my shadow, hitherto invisible, has finally appeared and now slowly glides 
along weeds and bushes. 


But I am already safe-there is not a soul around, and the highway three hundred meters north of the 
preserve is now empty. I can land. The stems of the tallest weeds rustle against the bottom of my 
"podium''- the platform with the panel blocks. 


But before putting it down on a little bump, I, in a fit of joy, again spread the blinds with my control 
handle, and vertically go up. The landscape below quickly shrinks, shrivels as it were: the shrubs of 
the preserve, its edges and fences, all the surrounding coppices and fields. The horizon begins to 
curve on all sides ina huge groove, opening up the railroad that runs two kilometers on the left, then a 
village on the right-it twinkles with its light slate roofs. 


Further on the right is Roslavka, the central estate of Lesnoy State Farn--it already looks like a small 
city. Left from the railroad are cow farms of Lesnoy's Komsomolsk branch; they are surrounded by a 
yellow ring of straw and dry, foot-worn manure. In the far west, where the smooth curve of the 
railroad disappears (this is actually confusing: the railway is straight as an arrow), there are small 
houses and the neat white cube of the Yunmo railroad terminal, six km away. Beyond Yunino, there 
are limitless expanses of Kazakhstan drowning in the hot, bluish haze. 


And finally here it is, below me-Isilkulia, the land of my youth; it's very different from how it appears 
on maps and plans with their inscriptions and signs. It is vast, limitless, alive, interspersed with dark, 
intricate islands of coppices, cloudy shadows, light, clear spots of lakes. 


The huge disk of the Earth with all this for some reason appears more and more concave-] still 
haven't discovered the reason for this already familiar illusion. I go up higher, the rare, white cloud 
masses sink lower, and the sky is darker than below-it is dark blue. The fields visible between the 
clouds are already covered with a thickening blue haze, and it is more and more difficult to make them 
out. Too bad I can't take my four-year-old grandson Andrei with me; the platform could easily lift us 
both. Yet one can't be too careful... 


... Goodness, what am I doing? I cast a shadow back on the Glade, didn't I? This means I can be 
seen by thousands, as on that memorable night in March. It is day now, and I may again appear as a 
disk, square, or worse, my own person... There is also a cargo plane, still soundless, coming straight 
at me, quickly growing in size; I already see the cold shimmer of its body and the pulsation of its 
unnaturally red blinker. 


Down, quick! I brake abruptly, make a turn; the sun is at my back; my shadow should be across 
from me, on the gigantic, convex wall ofa white cloud. But there is none, only a multicolored glory, an 
iridescent, bright ring familiar to all pilots has brushed the cloud ahead of me. 


I sigh with relief-this means nobody saw either me, or my "double" in the guise of a triangle, square, or 
a "banal" saucer... A thought occurs to me (I must say that despite the desperate technical and 
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physical inconvenience, imagination works much better and faster in a "falling" flight): what if 1 am not 
the only one out of five billion people to have made my discovery; what if flyng devices based on the 
same principle-both home-made and professional-have long been constructed and tested? 


But all screening platforms have the same quality: sometimes they become visible to other people; 
pilots too are "transformed"-they are seen as "humanoids" in silver costumes, either short and green, 
or flat as if made of cardboard (Voronezh, 1989), etc. Thus it may very well be that these are not 
alien UFO crewmen, but "temporarily deformed"- of course to outside observers-earthly pilots and 
builders of little platforms, such as mine, who have made their inventions reliable. 


My advice to those who in their study of insects comes across the same phenomenon and begin 
making and testing a "gravitoplane" (by the way, I am convinced that one can't make the discovery 
without insects) is this: to fly only on fine summer days, to avoid working in thunderstorms or rain, not 
to get too far or too high, not take a thing with you from the landing area, to make all assembly units 
maximally strong, and to avoid testing the device in the vicinity of any power lines, towns (let alone 
cities), transport, or people. 


The best site for testing is a distant forest glade, as far away from human habitation as possible; 
otherwise a phenomenon known as poltergeist could occur in the radius ofa few dozen meters- 
"unexplained" movements of household objects, switching off or on, of household electric appliances, 
and even fires. 


I myself have no explanation for all this, but it seems that these phenomena are the consequence of 
temporal disruptions, a complicated and treacherous thing. Not a single, even tiniest fragment or 
particle should be dropped either during the flight, or in the landing area. 


Let us remember the Dalnegorsk phenomenon of January 29, 1986-apparently a tragic one for the 
inventors, when the entire device was blown apart and scattered on a vast area, and only small shreds 
of filter cells were found, impossible to analyze chemically (as it should be!). 


Remember, I wrote that insects taken "there" and moved "here" in a test tube disappeared, and a hole 
was formed in the tube, if it remained intact. 


It turns out these holes resembled those in window glass; the latter sometimes appear in residential 
and office buildings, occasionally in "bursts" in the windows of several rooms and floors. A hole is 3-5 
mm on the outside, widening in a cone to he inside, with exit diameter of 6-15 mm. Some holes are 
melted or colored in brown on edges-just as it happened in the case of my insect in a test tube. 


It seems that this type of poltergeist is caused not, as I used to believe, by short-lived microplasmoids 
ofa tiny ball lightening type, but by particles and specks carelessly dropped while testing a device 
similar to mine. The photographs of window holes on these pages are documentary and made by me 
at the scientific center of the Agricultural Academy near Novosibirsk. I can show them to anyone who 
wants to see them. These holes appeared during 1975-1990, but none of them, except perhaps the 
very last one, are related to my flights. 


I am certain that part of UFO descriptions are actually those of platforms, panel blocks and other 
large parts of devices deliberately or accidentally taken out of the active field by their designers and 
makers. These fragments are capable of causing much trouble to others, or at best, to generate a 
series of improbable tales and stories in papers and magazines, often accompanied by "scientific" 
commentary... 


Why am I not disclosing the particulars of my discovery at this time? Firstly, because one needs time 

and energy for proving the truth. I have neither. I know how daunting this task is from my own bitter 

experience of trying to get recognition for my previous discoveries, including such an obvious one as 
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the Cavernous Structures Effect of whose reality you, my readers, I am sure, are by now convinced. 
This was the result of my protracted, painstaking efforts to get the CSE scientifically recognized: 


"Any further correspondence with you on the subject of your patent application is 
counterproductive." 


I know personally some of the High Priests of Science, and I am certain that were I ever to get an 
audience with one such person (which is now practically impossible), were I ever to; 


open my painter's case, 
attach the pole, 

turn the handle, 

and soar to the ceiling, 


he wouldn't be a bit impressed-or worse still, would order the trickster out of the office. I look 
forward to times when young people will replace these "priests". 


The second reason for my "non-disclosure" is more objective. I found these antigravitational 
structures only in one species of Siberian insects. I am not even naming the class to which this insect 
belongs-it seems to be on the verge of extinction, and the population surge I registered back then was 
possibly local and final. 


Thus, if] were to name the genus and the species, what is the guarantee that dishonest people, half 
way competent in biology, would not rush out to ravines, meadows, and forests to catch perhaps the 
very last samples of this Miracle of Nature? 


What are the guarantees that they would not plough up hundreds of glades, cut down dozens of 
forests to get to this potentially lucrative prey? Therefore, let all I have related in this chapter and in 
the addendum remain science fiction; may Nature herself never reveal this secret to them-it would 
take a lot of effort, and they would never be able to get it by force as there are still several million 
insect species living on the planet. 


Spend at least an hour on the morphological study of each of them, then calculate the odds of 
encountering the Unusual, and I will sincerely wish you diligence and a very long life, for even if you 
took no days off, working eight hours a day, you would need a thousand years of life. 


I hope I will be understood and forgiven by those of my readers who wanted immediate information 
about my discovery not for selfish ends, but simply out of curiosity. Indeed, what would you do in my 
place if you were to act in the best interests of Living Nature? 


Besides, I can see that similar inventions have been made by other people who are also in no rush to 
take their discoveries to bureaucrats' offices, preferring to fly across night skies in the guise of strange 
disks, triangles, or squares with chatoyant (iridescent) glimmer. 


Falling down, or rather sinking down, I orient myself; look to see if there is anyone around. I brake 
abruptly about forty meters ftom the ground, and land safely where I always do-on a tiny glade in the 
Big Forest of the preserve. You won't find it on a map, and if you get there, you won't be able to find 
it either. 


Don't judge me for the fact that the branches of several aspens there are cut or sliced "by lightening": 
The strictly vertical take-off and landing are very difficult, and the initial trajectory is for the most part 
slanted, particularly at take-off, when the platform is for some reason carried offaway from the sun, 
and sometimes the other way around. 
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I loosen the screws on the control pole, then shorten it like an antenna of a portable radio, and 
remove it from the platform which I fold in half Now tt looks like a painter's case, a box for paints, if 
only a bit thicker. I put the case, some food, and a few tools for repairing the fence in my backpack 
and make my way for the Middle Glade between aspens and short dog-rose bushes. Even before I 
leave the forest, I see a good omen-a family of fire-red toadstools that have lined up on the forest 
bedding in a wide curve, or, as it used to be called mn folklore, a "witch's ring". 


Why "witch's"? And in general, why does one have to break, knock off, trample this beautiful 
mushroom of Siberian forests? I often asked mushroom-pickers why they do it. The answer was, 
"because it's nedible!" But turf, clay, twigs, tree stumps, and stones are inedible too. 


If there were rocks lying in the forest instead of mushrooms, no one would be knocking them off. It 
seems that inedible mushrooms are knocked off because they are alive; they are knocked off only in 
order to kill them! What is this then? 


Do people really have this in their blood-to knock offa mushroom, to crush a bug, to shoot a bird, a 
hare, or a bison? And is this not where boorishness, sadism, pogroms, and wars originate? One really 
wants not to believe it, but I put myself in the shoes ofan alien: I come to Earth to visit humans and 
see them knock off mushrooms, crush insects, shoot birds and each other. 


What would I do? I would immediately turn my spacecraft around and go back. I wouldn't return for 
at least 500 earth years... What would you do, my reader, if you were an alien? 


It's a good thing at least that this little family of toadstools is hidden from evil eyes and cruel feet. 
Every summer it gives me joy to see its special life, its cinnabar-red, moist caps with large, whitish 
scales. But here is the Glade. I step on it, as usual, with my heart sinking with a constant longing for 
this dear, faraway nature of Isilkul, with a fear that some "master" might decide to plough it up, and 
with a joy that it is still unploughed, uncut, and untrampled... 


And it really means nothing that in my backpack I have a folded, i. e. neutralized platform with 
gravitational, micro-cellular filter blocks, and between them, a folded pole with field regulators and a 
belt with which I fasten myself to the pole. 


What difference does it make that I got about fifty years ahead of contemporary science with my 
discovery? People are still gomg to master this and many other mysteries of Matter, Space, 
Gravitation, and Time. 


But no supercivilization on any planet of any Supergalaxy is going to re-create this very Glade with its 
complex, fragile, trembling Life, with its lady's bedstraws, meadow sweets, and feather-grass... 


Where else, in what corner of the Universe are you going to find a match for this lilac-blue bellflower 
in whose semi-transparent entrails two flower flies are doing their love dance? On what other planet 
would a nearly tame blue butterfly land on your outstretched hand to have a taste of something salty- 
sausage, cheese, or a pickle? Or else, just to walk up and down your palm, opening and closing its 
gray wings on whose backside there is a fine ornament of round eye-shaped spots? 


...It hasn't been too long since we, humans, started flying-first air balloons, then airplanes, and now 
powerful rockets that we send to other heavenly bodies. What next? Next we are going to fly to other 
stars at a speed close to that of light; but even the closest galaxy would still be out of reach. 


Yet Humankind-if it earns the name of Intelligent-will solve many riddles of the Universe and will then 
overcome that hurdle too. Then any worlds of the Universe will become accessible, close-even if they 
are trillions of light years away. It'll happen, for it is alla matter of Reason, Science, and technology. 
But of nothing else. Only this Glade may disappear if I-and there is no one else to rely on-am not 
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going to preserve it for my close and distant descendants. 


So what is more valuable to Humanity at this time-the insect preserve or the home-made device 
capable of developing the zenithal pull of at least 100 kg and the horizontal speed of 30-40 km/min? I 
am asking you, my reader. But think hard before you give a serious, responsible answer. 


ther simple device in assembly. A flexible cable inside a steerng 
column trasmits movement from the left handle to the 
gravitational blinds. 













es", I lift off or land. Once I lost the left handle in a free-falling 
etter world if the platform hadn't dug out a rather deep well in the 


tillage-first a vertical one, then a horizontal, facing away from the 
sun. 


Thus I not only survived, but also felt almost no impact-just 
darkness. I extracted myself and my fairly badly damaged device from this well-but not without 
efforts as the "well" had no slag heaps! 


I had to use all my ingenuity to disguise it. If seen from the road, it would have caused much 
speculation, and may even have led some over-zealous investigators to the culprit. Similar wells-also 
with a side-tunnel and without slag heaps-were suddenly formed on October 24, 1989 in the fields of 
Khvorostyansk District of Samara Region. Komsomol'skaya pravda described it in detail on 
December 6 of the same year. It seems I am not alone. And quite likely am "inventing a bicycle". 
Well, actually the top part of my device looks very much like one: the right handle is used for 
horizontal, onward march achieved, also via a cable, by the inclne of both groups of "wing case" 
blinds. I never fly faster than 25 kn/min, preferring to go ten times slower. 


.... don't know whether I have persuaded you, my reader, that similar devices will soon be available 
to practically everyone, while Living Nature which humans cannot survive without won't be available 
to anyone if we don't save tt. 


But I don't want to seem entirely greedy and will give researchers another Patent of Nature, one also 
related to Movement and Gravitation. Physicists say that an unsupported mover is impossible. In 
other words, a device completely isolated from the environment won't fly or drive-a car won't go 
without outer wheels, a plane won't fly with a covered propeller or engine, neither will a rocket with 
stopped nozzles. Baron Miinchhausen who managed to pull himself up by the hair from a mire is the 
only exception. 


It happened near Novosibirsk in 1981 when we were studying the entomo- fauna of alfalfa- its 
pollinators and pests. Walking along the field, I was "mowing" alfalfa with an sect net and was then 
moving its contents-insects, leaves and flowers-into a glass jar. Such is the cruel method of studying 
the insect make-up of fields, no better one has been invented. Alas, such was the work with which I 
earned my living at the Institute of Agricultural Chemistry. I was about to throw a piece of ethered 
cotton wool into the jar and then cap it, when a light little cocoon jumped up at me. 


It was oval-shaped, rather dense and non-transparent. One of the "prisoners" of the jar must have 
pushed it-cocoons can't jump on their own! But the cocoon proved me wrong: it jumped up one 
more time, hit the glass wall, and fell down. I took it out and put it ina separate test tube. At home I 
looked at it through a binocular microscope-nothing special, a cocoon like any other, about 3 mm 
long, 1.5 mm wide. Its walls felt strong to the touch-as they should. The cocoon energetically jumped 
when lit-or warmed?-by the sun; it was quiet in the dark. Its could jump 30mm longwise and, what 
was even more remarkable, up to 50mm high. As far as I could tell, it flew smoothly, almost without 
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tumbling. No doubt, the larva of the insect was responsible for the movement. But it was impossible 
to see how it was happening. 


Jumping ahead, I can tell you that the cocoon finally produced a male insect of the ichneumon family, 
the Batiplectes anurus species. It is beneficial for agriculture because its larvae parasitize the weevil, 
a pest of alfalfa. 


The flying cocoon was finally to land in a cool place- for example, a crack in the ground. It must have 
found myself in my net during its strange journey, i. e. at the moment of its jump. It all resembled 
poltergeist-unexplamed "jumps" of household objects, many times described in papers. I would put it 
on glass and look at it from below: could it be that the larva draws in its bottom and then abruptly 
releases it? Nothing of the kind-there were no dents at any pomt, and the cocoon jumped no matter 
how I rolled it. It was also remarkable that from horizontal, slippery glass it jumped sideways. 


I measured its trajectories: they were up to 35 cm long and up to 50 mm high, that is, the cocoon 
lifted itself up to a height 30 times its own width! Shall I leave this capsule without support? But how? 
With a piece of loose cotton wool! I loosen a piece of cotton wool by pulling it a little, place the 
cocoon on this "cloud", put it out in the sun and impatiently wait. If the cocoon's inhabitant jumps by 
hitting the lower wall, making the cocoon to bounce off its support, this time it won't work because 
the impact will be absorbed by the thin, paddy fibrils of the cotton wool. Theoretically, the cocoon 
shouldn't even move. But no: it takes off from its motionless pad-up and aside, as it did before. 


I measure the broad jump: 42 mm, i. e. as before. The insect must have been hitting not the bottom, 
but the top part of the cocoon-at any rate, it must have been doing something that caused the capsule 
to move. 


Frankly speaking, it is as I write these notes that I feel agitation; back then, in 1981, I found nothing 
supernatural in the jumps of my prisoner. This was because I knew that, according to physics, there 
are and there can be no unsupported movers. Otherwise I would have bred a couple of hundred of 
those insects-thank fully, they were quite common-and would have studied the phenomenon 


thoroughly. 


Now let us fantasize a little: what if the batiplectes wanted to leave the Earth? An adult, winged insect 
would have no luck-our atmosphere is quite rarefied at the top, wings are no match for it. A larva ina 
cocoon is an entirely different matter. It could, in theory, after lifting its capsule 5 cm in a jump, take it 
up even further while in the air, then again and again... 


And if the cocoon were airtight-I mean the air reserve for the pilot's breathing-then the device would 
be able to leave the atmosphere and would have no obstacles to a limitless build-up of speed. Such is 
the alluring, incredible value of unsupported movers, declared, alas, a product of empty fantasy. But 
even if you are no physicist, you still have a hard time imagining what a tiny larva does in there if its 
vessel soars 5 cm high. It simply can't be-and yet it jumps! 


Physicists say that this is "beyond science" as it "contradicts the laws of nature." The only problem is 
that the Batiplectes anurus doesn't know it. The physicists' ban must also have been unknown to the 
leading, experienced biologists who honestly wrote the following on page 26 of the academic 
Register of Insects of European USSR (vol. III, pt. 3): "the cocoon jumps up as a result of abrupt 
movements of the larva inside the cocoon." In a word, it is a working-and tested-example ofa safe, 
unsupported mover. I am giving it to you, my reader: invent, design, build, and Godspeed! But hurry! 


Massive chemical warfare has been waged against the alfalfa pest snout-beetle (phitonomus). 
Humanity may actually win it. But the price may be too great: with the destruction of the Phitonomus 
varnabilis beetle, our planet's fauna may also lose the ichneumon Batiplectes anurus as it parasitizes 
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only this kind of weevil and cannot survive without tt. 


Meanwhile, any proposals on using biological weapons against the pest-such as our very ichneumon 
and other insect predators are completely rejected by the bosses of Russian agriculture and 
agricultural science. I have been fighting them on this for years, but so far with little success. 


However, one could understand those in charge too-how can one stop expensive chemical factories? 
And why do agrarian scientists care about some unsupported mover that doesn't allow alfalfa to be 
treated with poison? Hurry up, biologists, engineers, physicists! For if Chemistry wins, this Mystery- 
and with, a host of other Mysteries related to it-will leave people for ever. Without insects, people 
won't invent it themselves. Please trust me, an entomologist with 60-year experience. 









At the end of my first book, A Million 
Riddles, published in Novosibirsk in 1968, 
there is a drawing that I am reproducing 
again: a man is flying over Novosibirsk's 
Academic City. He is flying a device based 
on a huge pair of insect wings. 


At the time I dreamed of inventing such a machine. Strangely, the 
dream came true precisely because of my friendship with insects-yet not by blindly copying the most 
noticeable parts-for example wings that only make me smile now-but through careful study of living 
Nature. 


Nothing would have been possible without my six- legged friends. No one would be able to do 
without them either. Thus safeguard their world, the ancient, wonderful world of Insect, for it is an 
infinite, unique treasure of Nature's mysteries! I beg you all, take care of it! 














FROM THE NOTEBOOK OF A NATURALIST 


Artificial honeycomb. 


Take a dozen and a half papier-machet 

supermarket egg cases (30-egg variety), tie them 

up or glue them together (one on top of another) in 

such a way as to join the "teeth" to one another, 
not to the hollow spots. 


You will have large cells, 
similar to multi-cellular 
combs ofa certain 
"paper" wasp, except 
many times larger. Fix the 
whole set (it can be 
enclosed in a case) over 
the head ofa person 
sitting in a chair, with the 
bottom "comb" is 10-20 
cm above the head. 


Leave the person there for 10-15 min. The "unnatural", unusual transformation of the spatial shape 
formed by the set can be picked up even by the palm of a hand. 
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“ compare the results with 


Experiment with couching 
seeds, or breeding 
microorganisms and 
insects under a 
"macrocomb" and 


those of identical 
experiments conducted at 
least 2 m away from the 
comb. Repeat each pair 
of experiments several 
times. 


"Tron comb". ina 
similar way, test the 
impact of common 
kitchen shredders piled 
up one on top of another, 
with their wire-edges 
down, small-hole 
shredders at the bottom, large-hole ones at the 





S| top. 


Paper emanators of the CSE. 


Cut apart-longways-5 sheets of office paper and 
fold each of them accordion-like so as to get 10 
edges and 20 surfaces. Squeeze the accordions to 
make them square and glue them on top of one 
another, turning each horizontally 30 degrees 
clockwise against the bottom one. 


Glue together, preferably out of dark paper, a 
conical, multi-layered "flower" with a few dozen 
petals; fluffup the petals. 


Test the emanators with by putting your palmon 
above the "flower" and underneath the suspended 
"accordion". Place them above the head of the 
sitting person, marking his sensations. 


Foam plastic. We are used to the fact that this excellent thermal insulator "reflects" the warmth of the 
hand even at a distance. But even if you cover it with dark paper, cardboard, or a tin plate, it would 
still do the same. This happens due to the work of multiple vesicular caverns of the material that 


produce the CSE. 


Foam rubber. It is widely known that a person used to sleeping on, say, a cotton wool mattress 
doesn't sleep well at first on a rubber foam one, or else is unable to sleep at all. This is a typical 
manifestation of the CSE. Later on, the organism adapts itself to this new bed. 


"Mushroom CSE". A hunter once told me that he warms up his hands in winter on bracket- fungi. 
Let us recall that the lower horizontal part of this tree fungus is full of fine comb-tubes through which 
spores fall out in summer. What the hunter felt was not warm but a typical CSE. 
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Moving "combs". 


Make a wooden whipping top and drill several through caverns on its 
sides, pencil-width in diameter or a bit wider. Their CSE significantly 
increases if the top is rotated; this is easily perceived by the palm. 


This is due to the fact that the caverns must be numerically multiplying 
in space. 


"Flower CSE". An "unnatural" position of such a seemingly common 
and pleasant object as a living flower can also change its properties. 
Put a bunch of several dozen bell-shaped flowers (tulips, narcissuses, 
lilies, bell-flowers) upside down above the head of a sitting person. To 
bar the impact of odors, put the flower bunch in a plastic bag. Write to me about the results. 





Wind-fallen trees. One of my test subjects, a geographer, said to me after experiencing the effect of 
one of my "grids" that he had once had a similar sensation many years before, when he was passing a 
wind-fallen section ofa forest. His head, ears, mouth, and the entire body felt something particularly 
unpleasant-the same thing he felt under my grid. This means that the abruptly disrupted shape of the 
normal multi-cavernous space of the forest for some time emanated waves unpleasant for humans. 


Before the rain. Place a shower nozzle on a tap and run cold water. Slowly move your hand toward 
the drops coming from the sides: most people feel "warmth". In reality, this is the CSE reinforced by 
the movement of ever new elements of the "multi-layered" grid-water drops and gaps between them. 
After practicing in the bathroom or kitchen, pick up an even stronger CSE from fountains and 
waterfalls. Even when the atmospheric pressure is high, the shroud ofa distant rain creates a powerful 
CSE field that has its impact on a large area. Have you ever felt sleepy before the rain even in 
enclosed premises? The CSE cannot be screened. 


"The CSE of a book". 


A ad Take a thick, preferably well-read book and place it upright on the edge ofa 
oF 77 So . desk with its back facing the direction of the sun (e.g. facing north at night). 


- 
fi 
. aire 






’ Boag Open the book and fluffup its pages as evenly as possible. In a few minutes 


sensations mentioned in this chapter. 


This "tail", after some practice, can be picked up at a 2-3 meters’ distance. It 
is also easy to verify that the "book CSE" is also non-screenable-ask 
someone to stand between the hadn and the book. 


"A large cone" with an artificial comb filling and three magnets at the back. 


Two cones of this sort, positioned against each other taking into account the 
position of the sun, were in the morning of April 23, 1991, thrown apart and 
disfigured. One had been placed in Isilkul, the other near Novosibirsk (the 
second one was unfolded and pressed into the wall of an underground 
hiding place; its magnets disappeared). 


At the same moment, residents of an Omsk apartment experienced a series of strangest "poltergeists" 
(see Vechernii Omsk for April 26 and Omsk and Moscow TV broadcasts). Because of this 
coincidence, on August 5, 1991, the same paper called the device in the picture "a Grebennikov's 
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hyperboloid". a. 







Actually, one of the "beams" of the upright electronic waves between the 
two structures may have been formed precisely there, on the Irtysh 
embankment in Omsk. 


"A medium cone". 


Tightly insert a dozen plastic household funnels into each other and fix the 
structure on any support with the nozzles turned toward the sun. Cover the 
bell end of the top funnel with a net or light blue cloth (so that the tested 
subjects not anticipate heat). 


"A small cone". Tightly roll up two unusable rolls of film, tied them up with 
string or thread and make a bell-shaped cavity in the middle of the top roll. 
CSE emanations can be easily picked up by the palm, particularly ina 
counter-solar position. You will get interesting sensations if you press this 
"microcone" to your forehead. 


"Perpetuum mobile". 


I surrounded my above described device [for 
registering CSE emanations; a straw indicator 
suspended on a cobweb thread] with seven 
funnel-shaped rolls of film [see above]. 


Slowly leaving the zone of impact of one roll, the 
straw would enter the power field of another, then 
the third, and so on... 


This experiment is most successful in a sound- 
insulated chamber, away from wires, pipes, 
sources of heat, cold, and bright light. There is no 
miracle here: matter is eternal in its endless 
movement. 





A solar ether- and beam radiator. 


This intricate name was devised by the Leipzig 
professor Otto Kornschelt who discovered the CSE 
over 100 years ago and produced devices for its 
practical application in medicine, agriculture, and 
technology. Rhythmic caverns were formed in them 
by cooper chains. 


The devices were positioned with their backsides 
facing the sun. It is ndeed true that new inventions 
are simply well-forgotten old ones. The sensations 
described by Kornschelt are identical to the ones I 
experienced in my own independent work. 


I learned about Korschelt's experiments very recently from M. Platten's New Medical Technique, 
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vol. IH, St. Petersburg, 1886, where the following 
drawing of the device is reproduced. 





Hopuessinobonit. 
"The sieve CSE". In the old days, in several areas nee iapsneedaar ki 
headaches and concussion symptoms were treated 
with an ordinary flour sieve that was held above the 
head of the patient, net up. Alternatively, the patient 
squeezed the rim between the teeth, with the net in 
front of the face. The sieve material is unmportant. 
The device works better if the patient faces the sun 
(north at midnight). This type of CSE is also 
perceivable by healthy people. 


The CSE and the planets. The planets of our Solar 
system are situated at certain distances ftom the sun. 
The Tictus-Bodet formula for the distance is this: 4 is 
added to the numbers 3, 6, 12, 36, etc (a 
geometrical progression), and the resulting number is 
divided by 10. The cause for this regularity is 
unknown. The empty spot in this progression (between Mars and Jupiter) is occupied by asteroids. 
The Kemerovo physicist V. Iu. Kaznev thinks that the regularity is determined by the CSE generated 
by the sun: the matter of planets was grouped in the areas of the sun's field force concentration. 


The CSE in daily life. Perceivable waves of matter are emanated by piles of pipes, some caves, 
underground tunnels, tree crowns; the shape of premises is also significant (round, cornered, 
cupolaed). The wall and furniture material also emanates a CSE of certain parameters. 


"Micro-CSE". The CSE effect may be manifested not just in galactic or household scales, but also 
in micro-world, in substances whose molecules have caverns of certain shapes. For example, in 
naphthalene. I filled a one-liter jar with it, sealed it, and suspended it from the ceiling. People beneath 
it felt with their palms a whole system of power field "clots". (more son if the receptacle was 
suspended above the top of the head). Activated charcoal is also a multi-cavernous structure. Hold 
2-3 tablets of such charcoal in your fingers as demonstrated in the picture and for a few minutes move 
your hands slightly up and down, or parting and joing them. Write to me about the results. 


Tefelin. 


I have so far isolated 4 CSE emanators beneficial for 
humans: bee honeycombs, a grid of jomed hands (more 
about it in the next chapter), a sieve, a phylactery otherwise 
known as tefelin. 


What is it? An old device: a tightly sown leather cube 
attached to a leather platform with two bands. Inside the 
cube there are four strips of parchment-tightly rolled, 
bleached, soft kidskin with Talmudic inscriptions. A 
worshippers attached the device to his forehead, with the 
axes of parchment rolls perpendicular to the forehead and 
their outer ends facing East. It turns out, the inscriptions were 
AY sak unimportant; what matters is the material, shape, and 

pean) SAR SE, MAREE Oy dimensions. 





Made of different materials, the device only causes unpleasant sensations, while a leather tefelin 
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produces a beneficial physiological effect-besides the shape and other factors, the microstructure of 
the material must have a part in it too. 


Thot's Scepter. 


The ancient Egyptian deity Thoth is a god of science, sorcery, 
and an "accountant" of the dead's earthly deeds. This is the 
design of his staff 2- or 3mm copper wire is twisted at the end 

in the shape ofa flat spiral, with 3-4 coils, each 10 cm in 
diameter’; closer to the handle there are 2 coils of transverse, 
3-dimensional spiral, each 5 cm in diameter. 


The wire ts inserted in the 16-cm-long square-sectioned 
handle of dense wood, 4 cm thick at base and 1.5 cm thick at 
its end; the entire staff with the wire is 41 cm long. The narrow 
end of the handle has 13 deep accordion-shaped cuts. 


The staff works even without the wire (albeit not as strongly); 
the wire is thin and could be of any material but works best if 
thickly insulated-two layers increases its effect. 


If you hold the staff as demonstrated in the picture, the total 
radiation emanating from the center of the large spiral, 
perpendicular to its surface, are very well-perceivable by the 
human palm on both sides. 


I never found out for what purpose ancient Egyptians used this 
"double-beam" emanator. 





The Pyramid of Cheops. 


Make a pyramid of 3-4 layers of thick, porous 
wrapping paper: 202x20 cm square base, 
ascending edges 19cm each. Glue it only at the 
edges, the tighter the better, but in a thin line. 


Make a 5-6 cm hole in the middle of one of the side 
facets. Hold a 10 cm-long piece of drawing coal in 
your fingers, or simply a pencil, and insert this 
indicator into the hole, slanting the other end toward 
the bottom of the pyramid. "Stir" the space inside 
the pyramid with the indicator, take it out, then repeat the procedure about 30 times. 





You will soon pick up an active zone-a "clot"-where the Egyptians had their tombs. Another active 
zone, above the top of the pyramid, is also well-perceived by the indicator if you drag its end over he 
top. After some practice, the "clot" and the "torch" are well-felt by the finger nserted into he pyramid, 
or a palm moved above tt. 


The pyramid effect that generated over the centuries many scary, mysterious stories 1s one of the CSE 
manifestations. 


The pyramid skeleton. 


Similar interesting qualities are displayed by pyramids of the same dimensions but only skeletal, 
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j without facets-a skeleton glued together of 8 smooth, 
‘} \ } bi oe firm straws. Here we get the effect of the total CSE 

‘ of the straws with their complex capillary structure 
and the effect of the entire cavern. Such pyramids 
can also be made in other sizes, with a proportional 
increase in the length of the edges. 


Hold such a pyramid above the head of your friend, 
bottom down, for about 5 min, then bottom up. 
Conduct additional experiments with insects 
(bumblebees, developing caterpillars, etc.), house 
plants, and perishable foods by placing the latter 
within the pyramid, above and underneath it (always 
checking your experiments by identical ones but 
without the CSE effect). And you will see that 
ancient Egyptians had their reason to build 
pyramids... 





Telekinesis. 


This is the name for a contactless movement of light 
objects of which the so-called gifted people are 
capable-i. e. moving a match box on a table without 
touching it, holding a tennis ball in the arr... 


I submit that everyone has this ability. Suspend the 
described skeletal pyramid by its top from the ceiling 
on a thin, artificial thread, or better still on a long 
shred of elastic torn from a stocking. Choose a spot 
with the lowest convection (air circulation). 


Ina few hours, when the pyramid stops rotating, 
from a 2-meter distance point at it a "tube" made up 
of two hands (see picture). In a few minutes (do not 
lose your "target"), the pyramid will start rotating 
clockwise under the pressure of this beam of CSE 
energy. Stop the rotation by moving the "tube" to the 
right side of the skeleton-it will start rotating counter- 
clockwise. 





Conduct experiments of various duration, after various time intervals and at various distance. You will 
see that telekinesis is no miracle, but only one of the manifestations of the Will of Matter that is 
available to a chosen few but to everyone. The thing is that the palm is also a multi-cavernous 
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structure that clearly repels the indicator of the straw-cobweb device described in this chapter. By 
using it and the skeletal pyramid, you can practice and develop your "telekinetic" abilities, significantly 
increasing them. 


"The CSE of cereals". 


Fasten a bunch of 30-40 ripe wheat ears, better with 
short stems, inside a low cone of dark paper-as in the 
picture. 


Hand-perceivable emanations repel the straw indicator 
of the same device through any screens-even sharper 
than some honeycombs. 


This effect is produced by multiple wedge-shaped 
sinuses between ear scales that are directed at an 
acute angle toward the bottom of the ear. 





Haymaking with "miracles". 


In my youth, I was shown the following: a fragment of 
a cut stem, the length ofa short pencil, was placed on 
the blade ofa scythe, next to its blunt edge; another 
stem fragment of the same length, placed on the blade 
in the same manner but at some distance, was pushed 
by the hand to the first one. 


At about 8cm, the first stem got moving, "ran away" 
from the second stem along the rim. Th experiment 
wasn't always successful; it usually occurred right 
after the cutting a large amount of grass from the same 
spot; I forgot some elements or conditions of the 
experiment. 


I think the following factors were at work here: an 
abrupt change of the total CSE field on the 
"deformed" meadow (let us remember the windfall 
case), the grid of the reaper's fingers, the multi-cavernous properties of the stem itself} and perhaps its 
position against the morning sun. Static electricity is excluded as everything at that hour is wet. 





Identified Flying Objects. A long time ago, in a remote Caucasus village, I was surprised that 
people walk around the mountains at night, through dense forests. They all had lit cigarettes in their 
mouths, are all waving their hands, and their cigarette lights for a second disappear behind their 
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bodies... It turned out those weren't cigarettes, but local fireflies, Luceola mingredica; ther light 
twinkle in this manner. Meanwhile, UFO reports and letters from my readers tell of dark flying 
saucers that turn out either a flock of birds or a compact swarm of insects . I myself saw in Siberia 
not just "columns" of insects but also "balls", 3 or 4 meters in diameter: in one case those were some 
mosquito-like fliers, in another, winged ants of the Mirmica genus. From afar this swarm could by 
taken by an ignorant person for a huge, round plasmoid. 


A detailed description of the CSE effect may be found in my book Mysteries of the World of 
Insects (Novosibirsk, 1990), in the journals Sibirskii vestnik selskokhoziastvennoi nauki, no.3, 
1984, and Pchlovodstvo, no. 12, 1984. The physical nature of CSE is described in Non-periodic 
Galloping Phenomena in the Environment, vol. Il (Tomsk, 1988). Allin all I have published over 
three dozen articles on the CSE. 


As promised, I will describe the rest in my next book. I will call it as I called this chapter: Flight. 


————————————————— ee 


NOTE from Jerry Decker : Victor S. Grebennikov died at the age of 74 in 
April 2001 as reported to KeelyNet in two phone calls to his surviving son 
Sergei. 


This all came about from an email from a friend in Russia by the name of Youlain who sent 
in the URL some two years ago. When I saw the pictures of the platform, especially the one 
hovering over the ground I thought it was a hoax, but I couldn't stop thinking about it so 
translated the webpage in sections beginning with the technical descriptions. 


As correlations began to fall into place, I hesitated reporting it because his writing indicated 
psychogenic effects associated with these structures, meaning it could be hallucinations, 
delusions or daydreams perpetrated with jumping into the air while on the platform as what 
the TMers (Transcendental Meditation) devotees claim as ‘flight’. 


However, other aspects of his claims led me to think he really had discovered something. 
With the idea of getting a copy of the book, I ended up sending some $200 to Yuri with the 
instructions being to take out the cost of the book and shipping, give the rest to the 
Professor. I did receive the book (Youlain bought his for $7.00 US but he lives in Russia.) 


Meanwhile, I had made a 'secret' page on KeelyNet whose URL I mailed out to long time 
trusted confidants to see what they thought about it since I valued their insights, opinions 
and knowledge, asking them to keep it on the QT until I heard from the professor direct, if 
possible. From their responses, new information was added. 


However, one of these long time confidants who over the years since the BBS days, shared 
much useful information, had now become infatuated with public attention and so posted the 
URL and claimed I was ‘hiding' information in order to further his newfound career of public 
speaker and author. Very sad to see this but ego just took him over, so he's gone. 


In the meantime, Yuri had kindly provided me with the Professors mailing address and I 
immediately wrote to him in Russian, sending at least 5 packets over the next year of 
correlated information to him and all translated into Russian. 


In all that time I received only one letter from the Professor which stated he had suffered a 
stroke, that he had no degree and had learned what he knew from his experiences in 
‘gulags' (Russian prison of war) and was paralyzed on one side, having to type this letter 
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with one finger. At the time of his response, he wrote he had received 3 of my letters, 
indicating in the letter that his son had withheld the ones I sent in February until May 
before he actually saw them. 


I asked his son in the phone call why they had not responded with but one letter in the past 2 
years and he said the entire family had been ill, especially his father. Early in 2001 I asked 
Yuri if I flew over there and pre-arranged an interview with Professor Grebennikov, would 
he serve as translator and he agreed, that was roughly in February. It was only when I 
called Sergei in July, after the June KeelyNet conference, that I learned Professor 
Grebennikov was deceased. 


The Professor had written that he would like me to republish his book in English and so I 
was trying to get him to sign a copyright release to pursue that project. After his death, the 
rights would have gone to Sergei, so I asked him if he would be willing to sign such a release 
for a percentage of book sales and he didn't seem to comprehend the matter over two phone 
calls and a detailed letter with release form. The calls were made in Russian as translated 
by my Russian translator Helena. She also wrote and sent the letter with copyright release 
to which Sergei has not responded as of December 6th, 2001. 


It takes about two to three weeks for a letter to get from Dallas to his village near 
Novosibirsk and the same to get back. They don't offer UPS, FedX, or any faster means of 
snail communication and the Professor was not online, relegated to living on $24.00 US per 
month in his retirement. That is another reason I was considering publishing his book as his 
percentage would greatly improve his income level, that is irrelevant now. 


In the book, of the sections we have in English, he asks only to be recognized by his peers 
and in the history books as the discoverer of the CSE phenomenon. He has of course 
refused to reveal the name of the insect and even the genus, it could be a beetle, a butterfly, 
a bee, a wasp, a locust, a grasshopper, a dung beetle. There are some 1100 species of 
beetles in Russia. 


Professor Grebennikov was a great ecologist as you can tell by his protective attitude 
toward the environment. He was afraid if the name of the insect were revealed, people 
would rush to the area and kill off all of them. I wrote him in two separate letters that it was 
not necessary to know the insect name or genus. 


In order to allow verification, all we needed were TWO of the insect covers which could be 
analyzed under an electron microscope to determine geometry and dimensions, from that 
point, it should be possible to duplicate it artificially and the insect would be forever safe. 


I offered the Professor $1,000 US in cash if he could send me two of the covers (I sent 
money to pay shipping) AND they exhibited the gravity repelling characteristic he had seen. 
He indicates the effect was not magnetic, electrostatic or due to stray air currents. 


He never responded which his son claims was due to illness. 


At any rate, the entire book is currently being translated and my current plans are to 
extract technical information and compile it with other information which correlates and 
supports what the Professor claims. 


This will be sold through KeelyNet to recover my personal expenditures and to support 
KeelyNet along with further research, donations are greatly appreciated. 


There is a lot of weirdness going on with this. I asked Sergei if he could provide a couple of 
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the covers, he said he didn't know what they were or where they came from. I then asked 
him what happened to his fathers flying platform, he said (in a hesitant and halting fashion) 
his father had hidden it and he didn't know the location. 


We have since read an email from a Russian scientist who visited Professor Grebennikov in 
the hospital and claims he was told firsthand that he had smashed the platform to pieces. 
Sergei also said many people had been contacting he and his father since the publication of 
the book some 6-7 years ago, with everyone wanting the secret, but his father had never 
revealed it. 


Numerous posts have been made to the KeelyNet Interact discussion list on cavities, 
nanostructures, arrays, chitin, dielectrics and related subjects for those who are interested 
in this claim. 


Additional information has been posted in the Chaos file, the Time Dilation file and in dual 
presentations (Decker & Davidson) made at the June KeelyNet 2001 conference in Dallas 


(available on videotape). See also Dan Davidsons' experiments with shape power and Joe 
Parrs original discovery of energy bubbles in pyramidal structures. 


Many are involved in this and have widely varying views. At this time, we have no verfiable 
experimental evidence of the late Professor Grebennikovs wide-ranging and earth-shaking 
claims. As you can see, they span all branches of science, philosophy and theosophy, 
shedding quite new and novel views on the nature of gravity, time and paranormal 
experiences. 


We will continue to correlate information and try to pin down experiments that can verify 
various aspects of his claims. He has certainly provided many experiments that seem to rely 
mostly on human perceptions. 


We need to find ways to detect these emanations with instrumentation, exactly the same 
problem we have with Aether/ZPE, we need a kind of attachment for a FLUKE meter and a 
scope to be able to qualify and QUANTIFY these kinds of energies. 


I would like to add one further comment, please do not confuse time dilation with time 
travel. They are not remotely the same. Time dilation simply slows down the local temporal 
field of an object, kind of like a 'stasis' field on Star Trek so that anything outside this local 
area moves at the normal speed, while anything inside this field ages at a slower rate. Refer 
to the Time Dilation file. 


The Professors' friend and associate is Yuri N. Cherednichenko. 


If you have comments, ideas or information relevant to the above, please post it to the 
KeelyNet discussion list or send it to Jerry Decker for posting to the list, thanks! 


Additional fascinating information relating to weight loss in sleepwalkers was provided by 
Slavek Krapelka and with full details posted at his website at; 


Amazing Sleepwalking Experiments 
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If you would like to contribute something to help them recover their costs, please send an 
email to Ren Berghuis for information on how to do so. THANKS!!! 


So FEW people actually contribute with anything more than comments or looking for free 
material researched or validated by others. 


There is more information which will be added to this page or linked in future. 





Additional information from our translator that might be of use; 


"The only specific insect I've seen mentioned thus far of possibly interest was 
the one I identified in the portion of the 'Flight' chapter you saw, the bee, 
‘Halictus quadricinctus'. It seems that particular subspecies is native to Siberia, 
although most of the other references sound fairly generic." 


A picture of the mudnest and the Halictus Quadricinctus photos I found on the web; 


1. Trigona (Heterotrigona) lutea Bingham 
2. Trigona (Heterotrigona) laevicpeps Smith 
3. (Micrapis) florea Fabricius 
4. Trigona (Heterotrigona) vidua Lepeletier 
5. Ctenoplectectra davidi Vachal 
6. Apis (Megapis) laboriosa Smith 
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7. Eucera pekingensis Yasumatsu 

8. Tetralonia chinensis Smith 

9. Habrophotula nigripes Wu 

10. (pupae) 

11. (larvae) 

12. Xylocopa (Biluna) tranquabarorum (Swederus) 
13. Halictus camellia Wu 

14, *** Halictus quadricinctus Fabricius *** 

15. ?? 

16. Osmia excavata Alfken 
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Hialictus breviceps Hatictus xanthapus Halictus gramineus 


Terminix® Pest Control $50 Off Terminix Pest Control. Call today! 855-860-9137 www.TerminixPestControlOffers.com 
Buy Neodymium Magnets Top Quality Neodymium Magnets, Low Prices, Speedy Same Day Shipping www.amazingmagnets.cd 


Eco Friendly Pest Control Free Inspection & Estimates. Safe Non-Toxic Extermination. www.PointePestControl.com 








If you found this file useful or interesting, please consider 


a donation or a purchase to help keep KeelyNet online and RayPa i 
providing free information. DONATE 
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physics, antigravity, sound, acoustics, electricity, motor, vacuum, medicine, oil, petroleum, hydrogen, ecology, biology, Keelynet, levitation, geometry, hubbard, physics, electronics, 
alternative, paranormal, metal, organic, fiber, reich, weather, rain, media, rife, gray, interdimensional, time travel, new energy, energy, electron, atom, quark, quantum, battery, emf back emf 
lenz, magnet, zpf puthoff solar, wind, thermal, thermodynamic, heat, pump, plant, research, invent, invention, inventor, patent, future, past, present, generator, dynamo, faraday, homopolar, 
disc, kinemassic, unidirectional, direction, fuel, gas, vapor, flying, flight, satellite, rocket, moon, mars, sun, earth, push, einstein, converter, inverter, microscope, signature, radionic, psionic, 
psychic, telepathic, telepathy, precognition, cognition, reality, galaxy, laser, color, microwave, radio, aura, pyramid, thoth, indian, temple, music, ffequency, wave, wavelength, broadcast, 
superconductor, cooper pair, perpetual, motion, unity, expansion, quartz, vibration, oscillation, sympathetic, cancer, disease, heart, attack, weapon, carbon, alien, clinic, pressure, mechanical, 
physical, medicine, healing, life, rejuvenation, cell, voltage, current, amperage, watts, coil, cone, biomagnetic, lightning, arc, spark, resonant, resonance, conjugation, phase, ufo, patent, 
experiment, experimental, virus, bacteria, battery, honeycomb, ffl, rectify, rectification, grebennikov, russia, negative, positive, neutral, weird, air, dilation, chaos, control, parameter, mystery, 
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correlation, helical, gasoline, decomposition, fuel cell, hydrogen, oxygen, cold, fusion, inertial, high voltage, repulsive, attractive, theory, dielectric, paramagnetic, diamagnetic, orgone, 
caduceus, bifilar, cymatic, jenny, manners, delawarr, heironymous, hieronymous, analyzer, molecular, atomic, grid, appliance, wheel, motion, brown, temperature, radiant, monopole, sweet, 
silvertooth, motional, hooper, flanagan, decker, vacuum, matrix, space-time, heaven, god, heretic, pain, degauss, artificial, intelligence, biology, blaster, colloid, tube, stellar, mutation, bible, 
purify, purification, holiday, vacation, travel, ticket, flight, airline, car, exotic, novel, unique, dissociation, compression, vector, lost, shift, teleport, ark, covenant, tantalus, tantalusfield, noah, 
theoretical, anomaly, anomalies, phenomena, rare, earth, neodymium, robotic, conspiracy, electronic, ancient, electrogravitic, gravitic, engine, stirling, thought, emg, eeg, nexus, Tilley 
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Alexander Putney 


“Soma is food for the gods.” ~ Chandogya Upanishad 


“We have drunk the Soma and become immortal. We have 
attained the light the gods discovered... One thinks to have 
drunk Soma... Of him... no one ever tastes.” ~ Rig Veda 


"The man who supplies food hath always [Soma] pressing 
stones adjusted, a wet Soma filter... he wha hath this 
knowledge wins the luminous spheres.” ~ Atharva Veda 


What is this ethereal Soma that is the subject of so many 
ancient Vedic hymns? Soma is efectrum, a special food and 
beverage additive consisting of gold and silver nanoparticles 
that are tasteless, invisible, and electroluminescent ~gold 
nanospheres emit red light, while silver nanospheres emit blue 
light. Vedic wisdom Clearly identifies the intracellular luminosity 
of electrum-enriched Soma waters and foods as endowing 
eternal life, directly defining a ‘god’ as one who ‘discovered 
and ‘attained the light’ by consuming electroluminescent 
gold and silver nanoparticles! 


The partaking of electrum-enriched foods and beverages 
formed an integral rite of sacred initiation practices at all the 
ancient pyramids, temples and sacred sites at resonance. 
Identified in the Bible as showbread or manna bread, it was 
not made by a common baker, but by the goldsmith, to 
preserve the initiate from being burned in the tabernacle. 


Maya wisdom prepares initiates at their sacred sites using 
the golden waters of Tlaloc to crystallize and reawaken human 
consciousness, reflecting the highest wisdom of visitors from 
the stars as recorded by Maya ancestors in ancient times. Many 
renewed contacts taken up with individuals on various continents 
over the last several decades attest to the transdimensional use 
of lightwater with silver and gold nanoparticles in the ignition 
of HHO plasma for enhancement of consciousness and longevity 
through cellular regeneration processes enabling vastly extended 
lifespans of hundreds of years. The secrets of transdimensional 
travel have been revealed by extraterrestrial teachers from various 
confederations of peaceful planetary systems, including advanced 
applications of standing wave resonance for the resonant atomic 
transmutation processing of metals for spaceflight vehicles. 


Concise explanations were given concerning the magnetic 
reversal of our entire solar system on December 22, 2012, and 
provide the timeline of specific intersecting events involving the 
Galactic Plane crossing, the intense blast wave of the Betelgeuse 
supernova and the incandescence of a Red Dwarf star at the edge 
of our solar system. The messages of visitors from the depths of 
the cosmos resonate clearly with the wisdom offerings of the 
indigenous Elders of Earth, preparing humanity for ascension in the 
resonant pulsations of worldwide aurora known as the Red Dawn, 
when the bleeding sky heralds the emergence of the Fifth World. 
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For all of the radiant beings who guide humanity 
toward the creation of a lasting peace on Earth, 
with her transformation into a heavenly planet 


under the purifying red light of the solar twins. 


Having no one to influence my outlook, 
| display my primordial nature and adopt the style of a youthful prince. 
This is due to the only father guru. 


! am busy working for others. 
Prajna, penetrating all obstacles, has made the prince old and wise, fearing no one. 
Dancing in space, clad in clouds, eating the sun and holding the moon, 
the stars are my retinue. 


The naked child is beautiful and dignified. 
The red flower blooms in the sky. It is ironic to see the formless dancer, 
dancing to the trumpet without a trumpeter. 


At the palace of red ruby, listening to the utterance of the seed syllable, 
it is joyful to watch the dance of illusion, 
the seductive maidens of phenomena. 


The warrior without a sword, riding on a rainbow, 
hears the limitless laughter of transcendent joy, 
the poisonous snake becomes amrita. 


Drinking fire, wearing water, 
holding the mace of the wind, breathing earth, 
| am the lord of the three worlds. 


Excerpt from ‘Enthronement’ by Chégyam Trungpa, January 22, 1973 
From ‘The Myth of Freedom and the Way of Meditation’ (2002) 


1 Fourth-Density Realms 


2 Contacts From Koldas 


3 The Plejaren 


4 Urandir’s Transport 


5 Golden Planets 


6 Betelgeuse & the Red Dawn 


1-44 


45 — 66 


67 — 124 


125 — 150 


151 — 192 


193 — 222 





1 
Fourth-Density Realms 


Fourth-Density Realms 


Unusual atmospheric events taking place above the surface of the Earth are unmistakable signs that our 
planet is rapidly ascending into a new, high-resonance quantum state in synchrony with changes 
witnessed on the sun. Distinct geometric patterning defining the nonlinear distribution of sunspots is 
retraced by atmospheric excitations of plasma into the concentric arcs of resonant standing waves within 
the solar corona. Solar plasma formations during coronal mass ejections display perpendicular rows of 
luminous plasma plumes (opposite) that are also observed of Earth’s noctilucent aurora (above). 


Auroral plumes were photographed and videotaped in the high atmosphere above Xiamen, China on July 
12, 2010 as uneven rows of vertical plasma beams shone brightly during the night hours.’ Perhaps the 
most striking examples of aerial plasma formations have been recorded near ground level in Longview, 
Texas by motion-activated game-trail cameras on the night of September 9-10, 2009.” The auspicious 
calendar date of this plasma flare event —9/9/9— suggests that heightened Earth resonance and solar 
activity may be directly linked with synchronized meditation by large masses of human beings, as once 
achieved by the pyramid-building cultures of the world, whose resonant temple stones still hum today. 
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Sacred geometric knowledge of the focal points of Earth resonance remains perfectly preserved in the 
pyramidal monuments of the world, both in their respective structural configurations and their relative 
geopositions, encoding the golden proportion as a precise spherical formula [ Zp+1 = Ze ]. All of the world’s 
stone temples and sacred sites find exquisite alignment within this global psychoacoustic resonance 
network organized by the geometric distribution of nonlinear infrasound standing waves (above).° This 
transcendental quadratic formula has been encoded in the sacred geometric configuration of the Sanskrit 
mandala —a square within a circle— and preserved throughout ancient sacred artworks the world over. 
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lies carefully nested, in perfect 


<. ‘= > . 7 ’ This spherical mandala code 
; : order, in the locks of the 


‘ : . ~ y Buddha's hair and the circular 
Na " pattern of the radiant aura 
a ; surrounding his golden head 


(opposite). The hemispheric 
design of the topknot bun at 
the crown chakra displays 
octopolar symmetry with sets 
of concentric circles arranged 
in radial rows of 4, 8 and 16. 
The extremely long earlobes 
often seen in representations 
of the Buddha reflect an odd 
Sanskrit cultural association 
with transcendent wisdom and 
the great attainment of yogis 
to become transdimensional 
beings, at one with Creation. 


The identification of spiritual 
attainment with gold has been 
passed down since time 
immemorial, and the latest 
findings of the biophysical 
sciences provide access to 
deeper layers of meaning 
within these ever-present 
cultural concepts. Gold, like 
silver, is not reactive with 
water and so does not break 
down by oxidation, but 
maintains a pure state —just as 
the consciousness of a fully 
self-aware human being is 
crystallized and purified to 
achieve the highest state of 
perfection attainable. 





Sacred mountains are identified by indigenous cultures for the alignment of their peaks with convergence 
points of infrasound resonance, while great masters of consciousness are known to reside on such sacred 
peaks. Among the Himalayan spiritual traditions of India and Nepal, the mystical figure Mahavatar Babaji is 
closely associated with a cavesite retreat within sacred Mt. Kailash. Other poignant examples include the 
Indian adept Sri Ramana, who practiced a barefoot yogic lifestyle atop sacred Mt. Arunachala thriving on 
the accumulated spiritual energy for most of his life, 


This resonant bioenergetic phenomenon is well cited among ancient wisdom traditions as an attainment 
of spiritual and physical purity, as the water of the adept’s body itself becomes crystallized by the deep 
delta wave beating that reigns over the enlightened consciousness. Such resonant bodies never 
desiccate atop sacred mountain peaks, or inside pyramid chambers, but become mummified in the 
preservative infrasound-enhanced electromagnetic environment as the piezoelectric crystalline water, 
bones and tissues are continually sterilized by mild electrical currents that neutralize all pathogens.* This 
post-mortem effect was reported of spiritual adept Simeon Toko, who died in Luanda, Angola, yet his 
lifeless body was observed by respectful masses for many days without any sign of putrefaction.° 


The three main pyramids that dominate the Giza plateau were created as a symbolic representation of 
the three belt stars of the Orion constellation, so designed to transduce the diverse ambient energies of 
both solar and geomagnetic storms into a precisely ordered tri-frequency resonance. Any three acoustic 
frequencies in Fibonacci ratio generate the full set of nonlinear standing waves that couple energy from 
Earth’s base Schumann Resonance frequencies (near the human heartbeat at rest) into the higher 
harmonics,° which then become audible to the human ear as a deep pulsation -the cosmic Om. 





Infrasound standing waves stimulated by 1.45 Hz heartbeat booming within the Great Pyramid ignite the 
very water vapor surrounding the pyramids in arcs of HHO plasma that is generated as water molecules 
are torn apart and ionized. Gold and silver nanoparticles were a key component of the high purity water 
that once rose as vapor through the pyramid’s ascending passages, to enhance the ignition process of 
HHO plasma within the stone chambers and into the surrounding atmosphere. This biocompatible form of 
gold (thus ‘organic’) was consumed by all initiates within the pyramids, and reveals the deeper 
significance of the star constellation name ‘Orion’ —which literally means ‘gold ion’! lonized nanoparticles 
of gold and silver are electroluminescent, illuminating the DNA of all initiates within the pyramids: 


Through this initiation they will be able to see the luminosity of the Great Spirit. When this spiritual initiation is 
completed in the house of Hunab K'u in heaven, the spirit of each initiate will be illumined. Then, it will return to 
Earth to awaken the body and take it to the pyramids. Chichen Itza, Uxmal, K'aba, Etznah, Palenque, all of 
these sacred Mayan centers have a specific function in every part of the body to awaken the 7 powers 
contained in it. 


Only through the solar initiation can the sleeping body of mankind be awakened. The reincarnated teachers of 
the new age of Aquarius implore for the sacred human race to awaken, so that in this way it can fulfill its sacred 
destiny, which is to be the true sons and daughters of the cosmic light. The time of knowledge approaches, the 
light in the center of the pyramidal house of Hunab K'u will flash like lighting that will pierce through the 
shadows that envelop the human race. Let us prepare to receive the light of knowledge that comes from Hunab 
K'u and transcend into the memory of the creator and become beings of eternal luminosity. ’ 
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The electroluminosity of nano-gold and -silver within the body vastly increases cellular longevity and the 
lifespans of all initiates accordingly, as well as providing the quintessential biorhythmic environment for 
meditation, telepathic communication and Astral projection. The vast multitudes of piezoelectric stone 
temples found throughout the entire world find precise placement within the infrasound distribution 
pattern expressed by the sacred formula known to mathematicians today as four-dimensional equation 
[ Zn+1 = ae ], as a spherical rendering expressed from the apex of the Great Pyramid of Giza, Egypt 
(above, with major sacred temple sites denoted in white). 


The Sanskrit origin of the world’s ancient pyramid traditions has been linguistically identified by modern 
epigrapher Dr. Kurt Schildmann,? yet the living culture of the Maya people of Central America remains a 
most direct modern link to the Vedic knowledge of the deep past, as one of several descendant language 
forms. The powerful words of the ancient Sanskrit pyramid-builders still resonate within the sacred temple 
stones today, as a clue to their longstanding and divine purpose that is intimately linked with the 
conscious Spirit of all the human beings of Earth. The ancient astronomical and mathematical wisdom is 
preserved in Maya scriptures and oral traditions, in conscious mastery of galactic temporal cycles: 





Man does not will when he wars, loves, reaps; it is the rhythms of the great gods, the planets, that act over him 
and make him do. When he comprehends that by himself he can do nothing, then he can learn to serve the 
gods; so, he must become conscious of the rhythm of the gods. 


The calendar that governs the life of man, the Tonalpohualli, is based on the rites of the planets that turn closest 
to the Earth: Paynal, Mercury; Quetzalcéatl, Venus; and Huitzilopochtli, Mars... 


After 657 Tonalpohualli (468 solar years) the cycles of the minor planets and the cycles of the Sun end 
together. Tonatiuh, Quetzalcdéatl, Huitzilopochtli, and Paynal shine again at the same time in the same form. 
This is an age, the duration of the life of a culture. 


Chalchiuhtlicue, Goddess of Terrestrial Waters, of that which flows, runs, surges, forward and down, arriving 
always at profounder levels. Chalchiuhtlicue swells the fruits and flowers only so that they may drop. 


Chalchiuhtlicue fills the gourd of pulque so that man may forget. Chalchiuhtlicue, current that descends in the 
course of rivers, current that flows in the course of time, making men's wastes and the implements of war inert 
and taking them to their inevitable end. 


Tlaloc, God of Celestial Water, god of the vapor that rises, from the earth warmed by the sun after the rains, 
god of the mist that ascends from the valleys at dawn, god of the water that returns to its source in the clouds 
that swim over the highest peaks, god of the humid incense from which rise the copal prayers and the prayers 
of sacrifice. 


Tlaloc is the return of vapor that strains to rise, is the return of time that strains to remember... Tlaloc, God of 
the Fight Against the Current, with whose aid the hero battles against the torrent toward his own origin and 
beginning, towards the wings of his soul, the wings that Tlaloc hides in the hero's past. 





Quetzalcdatl, the Plumed Serpent, moves between gods and men, because Quetzalcéatl is God who 
permeates man and is the man that achieves God. The Plumed Serpent is born when that which slithers over 
the Earth grows wings to be elevated to Heaven. Quetzalcéatl is a superior man, the inner circle of humanity, 
the link between gods and men. All men are made of earth, air, water, and fire... But in their hearts and in their 
semen, each man has his own coatl, his own serpent, the energy of Tonatiuh, the power of the sun itself. And 
in this serpent sleeps consciousness, in this serpent is hidden his divinity. From this serpent his wings will grow. 


There is an occult energy in the heart that comes from Tonatiuh, the Sun, and if man releases it, returning it 
consciously to the sun, he becomes immortal. But to liberate this energy, sacrifice is necessary. Man must 
sacrifice the desires and habits that he adores, sacrifice them in himself, and turn the knife against the enemy 
that he carries within himself, that keeps his heart a prisoner. 


In recent times men still remembered these words, but they have now forgotten their significance. They have 
made enemies of other men to sacrifice them and take out their hearts, believing such offerings would 
propitiate Tonatiuh. Such is their degeneration, such is their superstition. When fear unites with knowledge, 
terrible things are done. It is the self within ourselves that we have to sacrifice. It is our own heart that has to be 
torn out of the false being and offered to the light. May Xiuhtecuhtli, Lord of Fire, burn my false being. May Itzli, 
Obsidian Knife, liberate my heart. 


What is the blood that connects stones with soul, men with suns? It is the universal unity, the one creative 
principle crystallizing into myriad forms, and when liberated by sacrifice it returns to unity. Because to sacrifice 
is to act consciously, to sacrifice that which will be taken away is to deny the destiny that takes it. 


Defraud Death by sacrificing Life; because from the hand of the Goddess of Sacrifice that holds the obsidian 
blade sprouts the germ of Life to come. To sow life in the fires of sacrifice: Are the flames rising on the Hill of 
the Star, toward Cauhlacan? Or is it my own heart that is afire? 





The cycle of years is past - the waiting ended. Come - reunite, pilgrims, for the sky is in flames! From 
Xochicalco to Teotihuacan the red spreads one step, another step, and another, only twelve short steps from 
the cave of the womb to the final conflagration... The flames rage in consummation- Rise, oh flames! What 
light, what heat! What great holocaust! The smoke ascends and spirals... Obscurity disappears as the flames 
rise to Tonatiuh, the purest light. 


Profound mathematical knowledge of the rhythms of the inner planets and their specific effect on the 
patterns of the collective consciousness of the human beings of Earth is followed by an explanation of 
the attributes of different kinds of water. Sacred waters are identified with memory, wisdom, ascension 
and prayer and are known to science as water molecules exclusively comprised of the lightest form of 
hydrogen — protium. The lower forms of water contain heavy hydrogen isotopes — deuterium and tritium 
(with 2 and 3 neutrons, respectively), and are associated with forgetfulness, degeneration and entropy. 


The Maya understand the inner power of human consciousness as a function of DNA, the coiled ‘coatl’ 
serpent within every living cell, to be mastered through meditation, spiritual development and emotional 
control of brainwave and DNA states. DNA electrification is overtly expressed in the straight, double 
ladders depicted on a large copper/gold plate from the Crespi collection from Cuenca, Ecuador, with 
double-headed serpents representing electrical currents moving along nanoparticles chains (opposite). 


The prophecy of the Red Sky is related by Maya texts as an ignition of the pyramids and the very sky 
itself in flames! Atmospheric HHO plasma plumes and red atmospheric aurora are depicted in the 
Teotihuacan Tree of Life mural (above), the blood red sky encompassing the entire background of the 
scene, dominated by a giant tree-like form comprised of luminous pink and green plumes. Along the 
length of the spiraling ‘branches’ of this sacred tree are numerous concentric circles, as a well as 
spiders and butterflies - symbols for the transformative effects of the living waters of Tlaloc. 
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There are some impressive geometric shapes that have been appearing in the fields of the European country of 
England, but the most impressive is the one that appeared on July 16th, 1999 in Windmill Hill, Avebury Trusloe, 
Wiltshire County [presented above]... As it can be seen, it is a large circle with a square in its center. Besides, 
the square has 328 small circles distributed symmetrically in its interior... The information below was published 
in the magazine "Crop Circles" where Judith Moore and Barbara Lamb wrote the following: “This 'Crop Circle’ is 
the DNA chip that will evolve our mathematical capacity. Each one of these circles in an infinite fractal 
crystalline code, and each crystalline aspect is a fractal universe. This evolved system is the next step for 
mathematics on Earth. When this particular glyph becomes of collective knowledge, current mathematics will 
seem obsolete or primitive, like the difference between a stone axe and the laser.” 
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Qijuayon soen tra soen nas tra ka mix na ke te son tra laixwa mei ix nika. This is the ancient mantra for the 
activation of this process. In ancient history there were bearers of both the Mayan and Egyptian tradition that 
prepared the planetary essence to receive this evolutional leap. The crystalline codes were implanted in sacred 
sites and will be reactivated by those of you who bear the appropriate DNA codes to complete those ancient 
formulas and receive the mathematical formulas created in the collective mind. Those who will be part of this 
cosmic mission have already been reincarnated to activate this process... 


The geometric writing exists, but the human being in general still cannot understand it. In ancient times the 
peoples mastered it; for example, the Mayans could understand it and they applied this knowledge on the 
planning of their constructions when they built their ceremonial centers and they also applied it on their 
architecture. They knew that energy moves in geometric shapes using its perfect proportions. 
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The Crystal Skulls will work on the magnetic activation of the pyramids and in a natural way they will make 
several radiations of the cosmos to come to us. These radiations will concentrate on the axis of all and each 
one of the pyramids and of course in their center, too. The pyramids are huge accumulators of electromagnetic 
energy that will be activated by the crystal skulls together with the initiates and teachers in the Mayan temples 
in order to seek the human benefit. It is also important to send this energy already activated to the center of 
each human being skull so that he can raise his consciousness. 





As a conclusion, we will quote an important fact related to the pyramids. It is worth mentioning here the 
scientific theory that talks about the atomic excitation that takes place in the Sun, the stars and the cosmic 
space... that is able to penetrate all the existent things. Well, when this cosmic excitation penetrates into the 
pyramidal constructions, it gets organized and forms perfect geometric figures, giving birth in this to the cosmic 
geometric writing... We will do this work together in benefit of the natural laws, our Mother Earth, and all the 
human beings. It will also help us to start a communication with our cosmic family. This initiatic work will open 
the gate of the New Itza Age and the future generations will have a better world to live in, a world with a new 
consciousness achieved through this magnetic cosmic activation.° 


The force of cosmic infrasound so penetrates all matter and becomes focused by giant crystalline 
pyramids on Earth’s surface, into a nonlinear distribution pattern exactly encoded by the spherical 
resonance formula [ Zn+1 = Zi | (above). Standing auroral beams and atmospheric flashes are being 
caused by localized surges of terrestrial infrasound at nodal convergence points, irradiating water vapor 
to induce the dissociation of water molecules and the rapid formation of HHO plasma. The implosion of 
hydrogen atoms releases intense ultraviolet-A and infrared light that becomes visible during brief periods. 


14 


An intensely luminous HHO plasma canopy envelops the Giza pyramids when operating at high 
resonance, radiating giant acoustic plasma beams that arc from the four faces of each pyramid, with 
looping flares connecting one pyramid to another just as solar flares arc from one sunspot to another. 
This dramatic luminous interaction of the pyramids with stimulated atmospheric plasma activity is exactly 
described by the Pyramid Texts of Saqarra, Egypt (below), only now comprehensible to plasma 
physicists as intense emissions of UV-A and IR light from resonant HHO plasma and amplified by the 
gleaming UV fluorescent limestone’s of pyramids all over the world: 






SS 


& 





low 





t 


SS 


its 


House bright and dark of Heaven and Earth, for the [solar] ships put together; Great Pyramid, House of the 
gods with pointed peak; for Heaven-to-Earth it is greatly equipped. House whose interior glows with a reddish 
light of Heaven, pulsating a beam which reaches far and wide; its awesomeness touches the flesh... House of 
Eternity; its foundations are stones, the water; its great circumference is set in the clay."° 


Calcite is an ultraviolet fluorescent material that was used extensively in the construction of all of the 
pyramids of the world. The ancient Vedic accounts of antigravitic vimana, or solar ships, include recipes 
for electroluminescent metal alloys which display the same molecular properties as the pyramid stones, 
as well as showing the same octagonal axis-symmetric geometry. If antigravitic effects were once 
achieved in the pyramids for application to the human body and consciousness, what is the range of 
extra-low-frequency sound biocompatibility? The heartbeat - at 1.45 Hz wavelength of 765 feet - informs 
the base length of the Great Pyramid of Egypt. The word 'pyr-a-mid' itself is of Greek origin, based on the 
word 'pyros' or fire and meaning ‘fire in the middle’. Were biocompatible plasmas once burning in the 
pyramids’ inner chambers? 


The recently rediscovered high-energy state of hydrogen has been reported by Dr. Randall Mills, who 
has developed the process which releases vast amounts of energy stored within the hydrogen atom 
itself. Mills has defined the physics underlying this novel chemical reaction derived from water as hydrino 
resonant-transfer plasmas, which are now being commercially marketed for power generation by his 
company Blacklight Power, Inc. A very similar application of this novel reaction has been developed by 
Denny Klein, called HHO gas, and is now available as a plasma torch capable of sublimating any 
material. Both of these hydrogen-based plasma reactions produce intense infrared and ultravoilet light. 
Interestingly, the bandwidth of UV radiation produced is restricted to UV-A, which is beneficial to the 
human body, while the destructive UV-B and UV-C wavelengths are not observed. 


The technical process by which HHO plasmas are formed has been defined by the Blacklight Power 
researchers. It involves the breaking of the molecular bonds of water by vaporized metal nanoparticles, 
producing a highly kinetic vapor composed of individual hydrogen and oxygen atoms. This reaction 
cannot occur in the presence of air, therefore a vacuum chamber is required. Once the HHO vapor fills 
the chamber, it is then electrified to become HHO plasma releasing energy as the H atoms shrink to one- 
quarter normal size. 
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These contemporary scientific breakthroughs shed light on the unusual experiences recounted (in Search 
Magazine, March 1960) by American ex-patriot Dr. Raymond Bernard in Joinville, a coastal city in the 
Brazilian State of Santa Catarina (above). A very strange series of extraterrestrial contacts began while 
Dr. Bernard was organizing and living amongst a community of vegetarians outside of the city. The calls 
of a booming voice from a nearby mountaintop prompted a member of Bernard's camp to investigate the 
location of their origin. Eventually finding only a well-like circular shaft, measured by jungle vines to be 
about 300' in depth, the investigator returned equipped with ample rope to descend to its bottom: 


When | came to the bottom | entered a tunnel, which | traversed for a distance of 2,000 meters. | then saw with 
my flashlight a door of stone. While | was watching the door, it suddenly opened and | saw a very tall man with 
a metallic uniform, who spoke with a powerful voice and said that this was the first time that anyone ever had 
the courage to enter this tunnel. | first was frightened at the powerful voice of the man and wanted to run, but 
he called me and told me not to be afraid, as he was a very peaceful person who never did harm to any living 
being. So | asked him who he was to live in this cavern. 


He said, "| am an Atlantean-Inca, the guardian of this door." 


He asked me what | was looking for. | told him | was looking for my race, because | too am an Inca. He seemed 
to be very pleased to hear this. | told him | would like to visit his city, and that | had an American friend, and a 
wife that would like to go there too, with my children... 


On this second visit to the Atlantean he delivered a lecture on radioactivity and its danger. He said that 
radioactive dust in the air is causing surface dwellers to age very rapidly because it accumulated in the pores of 
the skin and stops skin respiration. He said the pores of the skin have a constant alternate contraction and 
expansion and serve to take in air and expel foreign matter. In an atmosphere of radioactive dust metals, there 
substances clog up the pores and interfere with their vital functions of respiration and excretion. This causes 
disease and early death. 
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The Atlantean called me to come near a transparent screen to make an exchange of blood to make sure | will 
preserve the secret of the whereabouts of this tunnel, so that | do not reveal it to an unworthy person. When | was 
near the curved plastic screen, another curved plastic screen suddenly appeared from each side of the door and 
encompassed me, so that | found myself inside the two curved plastic screens. Then it seemed that all air was 
pumped out, leaving a vacuum in the space where | was between the plastic screens. Then other air entered, 
which seemed lighter and purer, which made me feel more healthful and stronger. Then the inside plastic door 
opened, and he put inside a man-sized capsule of this transparent substance which he held by handles on both 
sides of it, and told me to go inside the open door. After | was inside, the door automatically closed. Now the 
second plastic door opened and the Atlantean took hold of the handles on each side of the capsule and carried 
me to the other side of the inside plastic screen whose door automatically opened and shut... 


He told me not to bring here any unworthy person, because he would know it in advance. | asked how. He said 
that with this apparatus, which he called an "electrovisor," he could behold whatever was occurring in any part 
of the world. If any unworthy person comes near the mountain and tries to get to the tunnel opening, certain 
rays confuse the person's mind, so that he is unable to continue the trip and will go off in a wrong direction. 


| had some bread in a pocket. He told me not to eat the bread. He put a white pill in my hand (which was 
projected outside the capsule all the time), and told me this pill had the taste of many fruits. Then | withdrew my 
hand and the plastic material through which it projected closed. After he gave me the pill he carried the capsule 
with me inside to the space between the two plastic screens, as the door of the inside screen opened to admit 
the capsule and then automatically shut. Then the door of the capsule opened. | left the capsule, and then the 
door of the outside plastic screen opened and | left. 


When newcomers enter, they first enter the capsule, and the Atlantean carries them to a Decontamination 
Chamber (the Atlantean told me). The door of the capsule opens, the person leaves the capsule, takes off his 
clothing, then the chamber becomes filled with vapor, which draws forth radioactive poisons from his body. The 
person dresses with other clothing there ready for him, then enters an "electrical apparatus," which carries him 
[towards] the center of the earth. | should mention that during my visits, before the door opened | heard a 
peculiar humming sound, which was of the apparatus with which the Atlantean came up from below, which 
became louder and louder as the apparatus came near, and when it came to a stop the noise stopped and the 
doors automatically opened. 
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| should also mention that when a flying saucer came near my house on Saturday, June 13, 1959, in the 
afternoon and night, it gave off an identical hum as this subterranean apparatus, which makes me think they 
are both operated by the same mechanism and that the flying saucer was an apparatus of those same 
subterranean Atlantean's and did not come from another planet. The flying saucer came describing a spiral 
which descended on top of a hill about 2000 meters from my house, and then rose in a spiral manner, with a 
tail of light behind it. It came in the night, had a round shape and a silver color. | believe it was sent by 
subterranean Atlantean's , who knew where | lived and came especially near my house." 


These details related by Bernard are all the more remarkable when one considers their timeframe, prior 
to 1960! The accounts of a peculiar loud humming that accompanied both the subterranean elevator and 
the vimana ‘flying saucer’ are now known to be ultra-low frequency soundwaves used for antigravitic 
control. The Atlantean's brief mention of technological remote viewing and rays that would confuse any 
visitor with negative intensions are also applications of ultra-low frequency waves being developed by 
today's scientists. Blood sampling for DNA study in the screening of visitors is also logical, as modern 
researchers have now been able to show a genetic predisposition to psychopathic behaviour. 


Likewise, the lesson given by the Atlantean on radioactive dust metals in the atmosphere is confirmed by 
the ancient evidence of nuclear blasts in the archaeological record, as well as by modern indiscriminate 
use of depleted uranium (DU) weaponry. Modern medicine has also recently developed the process 
called electroporation that was described to Bernard prior to 1960 as a natural cellular function that has 
become blocked by atmospheric conditions. The detailed account of decontamination processes 
involving electroporation is extremely scientifically accurate, as informed by newly developed heat- 
resistant piezoelectric plastics such as PVDF (polyvinylidene fluoride) that form the vacuum chamber into 
which HHO gas is flooded before becoming an electrified plasma. 


Further investigations of the unique properties of superfluid plasmas have been conducted by a group at 
the Massachussetts Institute of Technology led by Dr. Ketterle. The group's experiments have defined 
the parameters necessary for the creation of superfluid plasma beams. An infrared light ray is used as a 
pathway that is then surrounded by a strong encircling electromagnetic field. These conditions efficiently 
contain the plasma when released into the IR beam. They have found that a pair of rotating green lasers 
within the IR beam induces the frictionless rotation of the superfluid plasma, which subsequently forms 
an array of hexagonal vortices that maintain the crystalline structure of the ionized gas. 
18 


Ketterle's experimental results have apparently 
replicated the ‘ultraviolet fog beams’ related in 
the vast majority of extraterrestrial encounters. 
Physical transport via levitation in ultraviolet 
beams have been reported for decades, 
including riveting descriptions of the intense 
sensations of heat and light that accompany the 
events. The consistency of the contemporary 
eyewitness accounts of these advanced plasma 
technologies is astounding, and when analyzed 
in the context of the latest human technological 
developments one finds a profound 
synchronicity. Twenty-first century science has 
completed both the mathematical and 
experimental groundwork enabling a new 
comprehension of high-energy realms beyond 
common human experience. 


Plasma is the fourth state of matter, with the 
highest energy and lowest density, followed by 
gas, liquid and solid states. The ignition of fire 
is acommonly witnessed event where gas 
becomes ionized to form plasma. The realm of 
human beings is a gas-filled resonating 
atmosphere in which we experience a three- 
dimensional world. A four-dimensional 
extraterrestrial realm of resonant plasmas 
passes through and beyond the human reality, 
apparently inhabited by electroluminous 
paraphysical beings. 





While still higher realms of aphysical consciousness - thought at large - must exist, all human contact 
with this realm necessarily occurs via thought, dream, intuition, meditation or channeling. The channeled 
Cassiopaea contacts of Laura Knight-Jadczyk provide a very broad frame of reference and apt termin- 
ology which we will apply here in our discussion of the relationship of the gas and plasma realms —as 
‘third-density' and 'fourth-density' environments. Matter brought into the high-energy plasma environment 
decreases in density thus allowing molecular interpenetration. Evidence of the hyperdimensional inter- 
penetration of matter have been found in the debris of tornadoes. One such anomaly has been described 
more than once - a windowframe with a wood plank passing right through its unbroken pane of glass. 


Superconducting plasma aerial vehicles achieve frictionless passage through air, water or stone as there 
is no displacement of matter, allowing velocities and maneuverablity impossible for objects in third-density. 
The wave motion of acoustic propagation that is created in a third-density atmosphere of air is not present 
in fourth-density plasmas, which lack the temperature differentials that bend sound into waveforms. The 
fourth-density environment creates a coherent energy transfer, inducing unified telepathic consciousness 
without any information loss as minds are electromagnetically coupled in group synchrony. 


The biocompatability of HHO plasmas accurately described in Bernard's account is quite similar to later 
reports of extraterrestrial encounters from other parts of the world. Michael Hesemann's breathtaking 
documentary film 'Ships of Light: The Carlos Diaz UFO Experience’ presents overwhelming video and 
photographic evidence of fourth-density technology. Diaz vividly describes the initial sensation of heart 
throbbing at 1.45 Hz entrainment that precedes his extraterrestrial contacts. This powerful infrasound 
effect can now be understood as part of the propulsion system of the fourth-density craft, suggesting its 
invisible presence is maintained nearby before Carlos becomes aware of it. The craft then makes a 
luminous and visually dramatic appearance only when he has mentally prepared himself for the contact: 
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Once when | came out of the yellow light | realized | was not at the same place, but in a cave. It had stalactites 
and stalagmites, and between them | saw several sculptures and ornaments which were of the art of the Maya 
culture. This big cave was the place where the ship hovered and there was a kind of path we walked through 
and we came to another cave, and | saw there many people who were very kind to me and greeted me... But 
the particular thing about this cave was that there were seven egg-like spheres of yellow light. After we got to 
this place my friend stuck his hand into one of the eggs and took out a small ball of light, also yellow, and said 
that this little ball could project a ray that would touch my seventh vertebrae or at the middle of the spine and it 
would take all of the information in my neurons. 


Once | was there in this place he invited me to go into one of those spheres or eggs of light. When | did so, | 
realized that all the yellow color changed, and it was not yellow anymore, but was a scene of a forest from the 
air. It was like as if | was flying. And then | saw on each of my sides a wing — the wing of an eagle, and | 
realized what | was looking at was the information from an eagle, his memories, that they had stored into this 
egg of light. 


Once... my good friend Jaime Maussan asked me to ask them where they come from. So when | was with one 
of them the next time, we were walking near Mextitla, | asked him ‘Where are you from?’, and he smiled and 
said, ‘Look Carlos, | can give you the name of any star, any constellation, any galaxy, but what would this tell 
you? As far as you have gotten is your moon, so it makes no sense if | tell you where we come from since you 
can’t go there and verify. For me, this answer was enough even though when | was with them | once heard 
them to mention a star named Maya, and when | looked into an astronomy book that there is in the 
constellation of the Pleiades a star named Maya. Maybe this is where they come from but | really don’t know... 
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The ray of light that comes down, when we look at it frame by frame, the light of the ray... [is] darker the top than 
itis at the bottom... and it goes off the same way. At each incident when the light goes on... the variance is 
between one frame, a thirtieth if a second. Well if [the ray] was [propagated] at the speed of light, we wouldn’t 
even see it in a frame. It would be off and then on... which is curious. So, I’m still trying to understand it. 


The false assumption that the ray is a simple beam of light has caused great confusion, as the intensity 
of the beam increases from top to bottom over the period of three video frames or one tenth of a second. 
The same three-frame shift in intensity from top to bottom is also noted when the beam recedes. The 
constant of the speed of light denies the possibility of a single source of emanation, suggesting that the 
beam is an emission of plasma. This notion is corroborated by the recent experimental results of 
Ketterle's MIT group, from which we can infer that the beam is initiated as a faint ray of infrared light 
subsequently flooded by HHO plasma in one tenth of a second. Knowledge of the properties of plasma 
beams and the effect of acoustic levitation by use of standing waves informs the authenticity of the 
images, as for Dr. August Meessen, Professor of physics at the Catholic University of Louvain, Belgium: 





As far as | see there are no objections against [the Diaz documentary photographs and videos], because if it is 
true it is very interesting for me as a confirmation of the theory where one expected results of this type... | 
developed a theory for the propulsion of classical objects... [which are] axis-symmetric objects... How do they 
produce electromagnetic waves which surround the object? ...One of the predictions of the [Unified Field] 
theory... [is] that they should be able to create standing waves with certain modes where at certain regularly 
distributed places you have a higher intensity, thus you could eventually ionize differently. \f the theory is 
correct you could expect that somewhere observations like [those of Carlos Diaz] should appear. 


Dr. Meessen accurately identifies the aerial activity over Tepotzlan, Mexico as involving ionizing 
spacecraft that restore energy by absorption of terrestrial infrasound standing waves that converge on 
the area, as described to Carlos as ‘energy belts’ by the extraterrestrials in contact with Carlos Diaz. 
Meessen has arrived at the same conclusions concerning standing waves as had Nikola Tesla, the 
original discoverer of the fascinating acoustic phenomenon, and have been applied by this author as 
spherical infrasound resonance maps of the Earth, flowering from the Giza Prime Meridian: 
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The discovery of the stationary terrestrial waves... [indicates] that, despite its vast extent, the entire planet can 
be thrown into resonant vibration like a little tuning fork; that electrical oscillations suited to its physical 


properties and dimensions pass through it unimpeded, in strict obedience to a simple mathematical law... 
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Tesla’s most profound discoveries in those last several months of the 19" century would go unpublished 
for almost 80 years, yet find direct relevance to the advancements of resonant technologies of the 21° 
century and beyond. The concise explanations of Nikola Tesla provide insight into the technological 
aspect of fourth-density experiences reported by extraterrestrial contactees and abductees alike. The 


envelopi 


ng brilliance of violet, yellow or golden light -combined with an intense sensation of the warmth 


of Eternal Love— are among the transdimensional experiences that leave many at a loss for words. 


Many ur 


mistakable aspects of advanced bioelectrical bodily purification processes using HHO plasma 


have been well documented. Closely echoing Bernard's 1960 report, Diaz also underwent plasma 
decontamination and was given fruit concentrate pills to ingest instead of the normal third-density 








metaboli 


sm based on the digestion of organic material. 


The impeccable and extensive video and photographic evidence presented by Diaz documents the 
fourth-density conditions of intense light and heat of HHO plasma within the beam transport and in the 
plasma ship itself (opposite). This remarkable enhancement of the luminosity of the atmospheric 
conditions reflects the atmospheric environment present on the homeworlds of those space-travelers, 
affecting DNA enhancements not present in the terrestrial human populations of Earth. DNA evidence of 


this kind 





was actually obtained by Australian Peter Khoury, who has collected and preserved a single 


translucent hair from one of his several disturbing extraterrestrial encounters investigated by Bill Chalker: 





It was not until 1996 that | heard from Peter Khoury about the hair sample that had been recovered from what 
may have been an alien abduction sexual assault case... By 1998, | began an investigation into the hair 
sample, when biochemical colleagues agreed to undertake what was the world's first PCR (polymerase chain 
reaction) DNA profiling of biological material implicated in an alien abduction experience. The analysis 
confirmed the hair came from someone who was biologically close to normal human genetics, but of an 
unusual racial type - a rare Chinese Mongoloid type - one of the rarest human lineages known, that lies further 
from the human mainstream than any other except for African pygmies and aboriginals. 
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There was the strange anomaly of it being blonde to clear instead of black, as would be expected from the Asian 
type mitochondrial DNA. The study concluded, "The most probable donor of the hair must therefore be as 
(Khoury) claims: a tall blonde female who does not need much color in her hair or skin, as a form of protection 
against the sun, perhaps because she does not require it [in a luminous fourth-density environment]..." 


The original DNA work was done on the shaft of the hair. Fascinating further anomalies were found in the root 
of the hair. Two types of DNA were found depending on where the mitochondrial DNA testing occurs, namely 
confirming the rare Chinese type DNA in the hair shaft and indicating a rare possible Basque/Gaelic type DNA 
in the root section... [The female’s appearance is illustrated below, based on Khoury’s detailed descriptions.] 


This was very puzzling and controversial, until a 'Nature Biotechnology’ paper appeared in 2000. It revealed 
recent findings on hair transplanting with previously incompatible hair, using advanced cloning techniques, 
developed in a possible cure for baldness. We seem to be seeing similar combined or "grafted" DNA in the 
sample recovered under controversial circumstances by Peter Khoury back in 1992. 
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Perhaps even more controversial is that we have findings suggestive of nuclear DNA indicating possible viral 
resistance. The hair sample seems to show it contains 2 deleted genes for CCR5 protein and no intact gene for 
normal undeleted CCR85 - this CCR5 deletion factor has been implicated in AlDs resistance. To keep a very 
complex story somewhat uncomplicated, what seems to be suggested by the range of findings is possible 
evidence for advanced DNA techniques and DNA anomalies and findings, for which we are only now 
discovering or starting to make sense of in mainstream biotechnology. 


While the unusual experiences of Bernard and Diaz were of a very positive nature, the sexual assault 
case of Khoury is by contrast quite negative. Yet in all of these cases the powerful emotive interaction 
between the extraterrestrials and the contactees is obvious, as one might expect of primarily telepathic 
beings. Diaz provides extensive video and photographic evidence that support his experiences, while 
Oliveira and Khoury have collected the most convincing physical evidence of HHO plasmas and an 
extraterrestrial DNA sample. 


When compared and contrasted, their corroborated accounts and evidence of hyperdimensional 
transport compellingly point to a single, remarkable conclusion: that technologically advanced Sanskrit 
cultures of the deep human past have not perished, but have in fact transcended our toxic third-density 
realm to achieve vastly extended lifespans in fourth-density plasma environments developed in 
subterranean chambers and flying vimana discs. The stark synchronicity of evidence from these 
extraterrestrial contacts with the emerging human technologies of acoustic levitation, HHO plasma, 
electroluminescent metals and piezoelectric plastics informs a broadened perspective. By synthesizing 
these scientifically described and extraterrestrially demonstrated technologies, humanity is at the 
threshold of a hyperdimensional transition to the unified consciousness of the fourth-density realm. 
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Advanced HHO plasma technology will soon significantly expand the consciousness and extend the 
lifespan of human beings living on Earth’s surface, thus closing the circle of time to reunite with our 
advanced ancient ancestors concurrently dwelling in fourth-density. The ascension of human 
consciousness by self-sacrifice in HHO plasma chambers within the sacred pyramids endows telepathic 
communication and direct thought contact with fourth-density spacecraft in Earth’s atmosphere. Fleets of 
plasma ships have been videotaped at high-altitudes over the vicinity of Mexico City in various large 
formations, including long chains of ships that appear like floating helical DNA strands (below). 





Such odd and spectacular plasma ship formations are orchestrated to reawaken human curiosity and 

announce the presence of higher dimensional realities, while most fourth-density spacecraft pass through 
Earth’s atmosphere without being perceived by terrestrial humans. Highly developed subterranean bases 
and cities have been in use for millennia by extraterrestrial colonies living deep below the Earth’s surface: 


Two scientists affiliated to the Fundacion Instituto Biofisico de Investigaciones (FICI) headquartered in La 
Matanza... claimed having picked up radioactive signatures, microwaves, levels of electricity and oscillations 
originating from the depths of the earth. 


Omar Hesse and Jorge Millstein surveyed the mountains surrounding Cachi last week -- 157 km from the 
capital and 2,280 meters above sea level. After applying a Russian tester in the vicinity of the Nevado de Cachi, 
they concluded that the signals are not natural in origin, and rather originate by machinery operated by 
intelligent beings... "The oscillations clearly indicate that kilometers beneath the surface there is activity: 
alternating electrical waves, which means a power source," said Hesse. "This could mean engines," he added.” 
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The constantly maintained acoustic signals of deep subterranean cities present convincing evidence that 
such highly advanced facilities are powered by infrasound standing wave resonance, in alignment with 
the pyramids on the Earth’s surface above. The fourth-density experiences of Carlos Diaz involved visits 
to augmented natural caverns below the Tepotzlan, Mexico area (not far from the Nevado de Cachi site) 
that contained ancient statuary like that of the Maya tradition, as well as seven yellow luminous plasma 
eggs composed of the same HHO plasma that also surrounds the spacecraft as a radiant red aura. 





Transit to and from these deep underground cities is achieved by transdimensional passage directly 
through the bedrock by retuning the atomic frequency of the entire ship, its interior HHO plasma 
atmosphere and crew to safely interpenetrate the material realm. The transdimensional ships’ generate 
thin veils of HHO plasma surrounding the vessel that can instantaneously shift the frequency of all 
emitted light into the infrared range for invisibility cloaking, or be tuned to generate visible light of any 
desired frequency. Security camera video from Turkey in 2006 obtained detailed close-up images of the 
underside of a large lens-shaped plasma craft, revealing 7 luminous concentric rings surrounding one 
central HHO plasma beam emitter (above). 
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The refraction of acoustic energy within the parallel faces of the alloy’s crystalline lattice allows resonant 
energy storing as standing waves form within the electrified metals, thereby generating coherent light 
from its highly reflective surfaces and reducing its mass to become totally weightless. During investigation 
of photographic evidence produced in the Carlos Diaz case, analyst Jim Dilettoso identified the unusual 


properties of light emitted by electroluminous alloys as “coherent light — like a laser’."’ 


Various metal alloys manufactured for diamagnetic antigravity propulsion systems (having two opposing 
rotating magnetic fields) produce the effects of electroluminescence from highly reflective surfaces, as 
well as photo-absorption from completely black surfaces. By applying ancient metallurgical knowledge 
preserved in Vedic hymns, Dr. C.S.R. Prabhu has reproduced metal alloys with formulations that are 
completely unknown to modern science, such as one referred to in Sanskrit as Tamogarbha Loha: 


Tamogarbha Loha: Already produced in the laboratory, light in weight, black in color, found to be resistant to 
acids. Displayed high level of absorption for laser light... used in 'Tamo Yantra’... for the purposes of absorption 
of light escaping from a photochemical reaction... generating ‘darkness'..."® 


The Atlantean Sanskrit origin of vimana spacecraft seen throughout Earth’s skies today is revealed by 
crashed aerial discs collected by military forces in many parts of the world. The most famous incident of 
this kind occurred on July 2, 1947 —allegedly near Roswell, New Mexico. Leaked US military 
documentary photographs and films of the New Mexico disc crash wreckage”? include dwarf humanoid 
corpses with large eyes, grey skin and six fingers, as well as fragments of highly reflective metal alloys 
imprinted with small six-fingered hand consoles and hieroglyphic Archaic Sanskrit inscriptions. Dr. 
Schildmann’s epigraphic decipherment reveals the meaning of a fragmentary text from an I-beam: 
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KNEDUSEPIA 


kar-as tridasa yoni Sani tridasa ku-p9i? as-upama 
“workings of 30 resonances, female and male, 30 resonances whereby approaching the highest” 


The New Mexico I-beam text directly confirms the Sanskrit origin of the pyramids and ‘UFO’ phenomena. 
Four very unusual removable metal panels were also documented among the pieces of Roswell crash 
wreckage, formed with what appear to be inset hand consoles for conjoined control of the plasma ship. 
One of the panels was damaged. Like portable biocomputers for each crewmember of the ship, each 
panel is individually tuned to the biorhythmic signature of each pilot, precluding use by others. 


The panels’ cast metal forms accommodate two small, six-fingered hands, with nodal sensors distributed 
at geometric points on the contact consoles and along a radial groove extending just beyond the span of 
the fingers. The configuration of the consoles exactly match the anatomy of the Roswell autopsy 
documentary video leaked anonymously to Ray Santilli and published in May of 1995, corroborating their 
close association and authenticity. While abductees call these beings ‘the grays’, they have been 
identified as bioengineered androids of a dwarf race from the planet known as Zeta Reticuli, of the 
Reticulum star system, during informative contacts with a Swiss farmer named Eduard Meier on 
November 3, 1975, and further clarified in tantalizing detail over 11 years later, on February 28, 1987: 


Their size varies between 126 and 163 centimeters... They originate in the planet and star system Zeta 
Reticuli,... a median distance of 37 light years away from the Earth. Their spaceships are similar to our 
beamships, and extremely well equipped, and are very able for space-traveling. The atmosphere of their 
homeworld is very similar to the Earth atmosphere, thus they can breathe here without great difficulty. They 
wear close-fitted filter-dress, which offers protection for them in some ways. 
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The Roswell Case is a reality because the UFO crash actually took place there, but this is denied up to the 
present day and will continue to be denied in the distant future by the American military and Secret Services, as 
well as by all government agencies, namely with flimsy, changing, stupid, and ridiculous excuses that will only 
surely testify to the fact that everything actually happened. With the crashed object, it concerned a beamship 
from the Reticulum systems. The crew did not consist of natural human life forms but of human androids of a 
bioorganic nature, which means that they were artificial human androids, which the US-Army also got a hold of, 
some living and some dead, and these were secretly kept in secret stations [for autopsy, above, opposite”']. 


With the bioorganic androids, it concerned effective artificial life forms, so not robots or the like, but 
independently thinking beings, in every way self-capable of making decisions, made out of living material and 
living organs, bred in accordance with the human beings who are located in the Reticulum systems. In Earth- 
human terms, these bioorganic androids bred by the Reticulum people are actual life forms, and as such, they 
are respected by the Reticulum people and are also appreciated and treated, for the androids are, indeed, 
artificial human beings. As such, they stand under the command of the real humans of the Reticulum systems, 
on whose behalf they also carry out excursions, etc. to foreign star systems and planetary systems. And such 
artificial human forms were associated with the crash, as | already explained. 


The intelligence of these android beings stems from a bioorganic consciousness of an artificial form, which is 
just as capable of development as the consciousness of the normal, natural person; therefore, it can also be 
creative and inventive. The type of consciousness is designed uniformly and collectively in each android, which 
means that all of the androids have a uniform consciousness form, and so, they are collectively like-minded, 
and thus, a collective form of telepathic communication is owned by them... which doesn’t correspond to an 
actual personality but rather to an artificial form, which can think quite independently, act, and decide, as well 
as develop itself further, but which isn’t arranged into conscious evolution but only functions according to 
conscious instinct... [Yet], in spite of the collectivity, [such an android] has its own individuality... 


34 





The bioorganic androids of the Reticulum people contain an authoritative programming in their artificial 
consciousness, which prevents that the artificial beings could ever rise over their designers, respectively their 
creators, but the time of their lives is limited to 300 years of devoted servitude to these. Nevertheless, they are 
entirely free and can in every way decide as to what responsibilities they undertake, exercise, or decline and, 
thus, whether they want to focus on a task or not. So they are in no way subject to compulsion by their creators. 


In the manner in which they are biologically created, they are incapable of performing sexual acts and also of 
reproducing themselves. Their... artificial-bioorganic consciousness does not contain a creative spirit form, which 
would drive and animate this by its own energies. Animation is provided by the artificial brain, which is 
constructed in such a way that it can absorb and use the cosmic-electromagnetic life energies, so that the 
existence of life is guaranteed. It is this cosmic energy, by which the artificial life forms are animated and also 
made alive. All this, however, couldn’t be recognized by all the doctors, surgeons, and pathologists, etc. in the 
American secret stations, where the crashed android beings were taken. But how could they, since their 
knowledge relating to this wasn’t in place yet? In fact, it will still take many centuries and even several millennia 
before the terrestrial scientists arrive at the possibility of creating such beings as the bioorganic androids. 
Therefore, these beings will remain an unsolvable mystery to them for a very long time, as it is also the case for 
them with regard to the crashed beings in Roswell.” 
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The complex information given by Quetzal concerning the bioorganic androids of the Reticulum people 
includes specific details of their collective telepathic communication and animation by ‘cosmic 
electromagnetic life-energies’ that indirectly refer to the resonant fourth-density environment of HHO 
plasma that is artificially created within their interstellar spacecraft. Brainwave and heartbeat 
synchronization engendered by resonant acoustic standing waves produced within the plasma ships 
induces collective telepathic communication, while animation of the artificial consciousness and bodies of 
the androids is accomplished by the nanopulsed bioelectric currents of HHO plasma. 


Further corroborating physical evidence for the fourth-density origin and biorhythmic animation of the 
Roswell androids has been documented by anthropology investigator Lloyd Pye —a small, unusual 
humanoid skull discovered 80 years ago in a cave in Mexico. Known as the ‘Starchild’ skull (above, 
opposite), it displays a set of cranial features that closely resemble those of the Roswell humanoid, with 
extremely large ocular cavities and an expansive, round brain vault with a very broad, flat occipital region. 
DNA testing of the Starchild skull has revealed segments of unique genetic material, and bone density 
analyses show major deviations from average human skulls, confirming the skull’s extraterrestrial origin. 
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The Starchild skull is thought to be 900 years old, according to radiocarbon dating tests.”* Further 
analysis revealed the bone is twice as hard yet half as thick as the skull bones of an Earthly human 


being, with a density similar to tooth enamel.” The unusual braincase presents a volume of 1600 cubic 


centimeters (cc), allowing for a brain mass that is 200cc greater than the average human brain.” DNA 
testing has identified unique portions of genetic material that correspond to no known species.”° 


Microscopy studies of bone samples taken from this unusual skull provide the most significant evidence 
of advanced artificial bioengineering. Cross-sections of the bone revealed the presence of metallic 
nanowires running through the many cavities crisscrossing its structure, known as cancellous holes 
(inset, opposite), that were not cut by the high-speed stainless steel rotary saw. Spectroscopic analysis of 
the nanowires has yet to be undertaken to determine the elemental composition of the metal.”” The 
enhanced electrical conductivity of metal nanowires grown within the artificially modified skull distributes 
the nanopulsed electrical currents of the HHO plasma atmosphere maintained within the Reticulum 
spacecraft to sustain the artificial lifeforms as they undertake interplanetary excursions. 
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The longstanding presence of technologically advanced extraterrestrial visitors from the Orion, Reticulum 
and Draco star systems, among others, extends hundreds of thousands of years into the veiled human 
past. This ancient and still ongoing pattern of activity is recorded in artistic representations from all over 
the world, and many stunningly accurate depictions of the bioorganic androids of the Reticulum people 
are to be found among various indigenous cultural traditions. The Wandjina figures of Australian 
aboriginal traditions comprise a stunning record of interactions with extraterrestrial visitors that spans 
several thousand years in successive layers on the walls of sacred rock shelters and cavesites. 





The Wandjina figures are depicted with large almond-shaped eyes, small open mouths and short-limbed, 
dwart-like bodies, just as represented by ancient artists from Mesopotamia, as well as among Andean 
artists on the other side of the Pacific Ocean. A Chancay tri-frequency psychoacoustic whistling vessel 
displays this same combination of unmistakable features seen in the Reticulum androids, and even 
includes the accurate anatomical modeling of six fingers on each hand (opposite). 


The diminutive Reticulum androids are also represented in Tayrona gold masterworks from Colombia, 
showing infrasound standing waves converging on the two hemispheres of the brain, inset by 3 spirals 
representing the tri-frequency resonance (above). The figure holds a double-spiral belt at his waist 
representing the control of DNA states under the influence of psychoacoustic resonance. These many 
specific features reflect an accurate and longstanding cultural knowledge of these cosmic visitors, and 
their connection with highly advanced psychoacoustic technologies of consciousness that were practiced 
on Earth during Atlantean times, before the Great Deluge that silenced the worldwide infrasound network. 
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One giant reptilian figure from the Sanxingdui collection wears a headdress surmounted by a circle and a set 
of standing waves that converge above the crown chakra of the figure (above), as similarly seen on the 
headdress of the kundalini figure hammered into copper plate from the Crespi collection of Cuenca, Ecuador 
(p. 10). The complete set of cultural references to infrasound standing waves and kundalini development is 
shared on all continents, belonging to one ancient mother-culture of Aztlan spanning the entire globe in 
geomagnetic alignment with the Great Pyramid of Giza, Egypt. 
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The sheer walls of Barrier Canyon still reverberate with an intense infrasound resonance, and bear many 
profound Atlantean cultural symbols in the red ochre renderings of several millennia past. Part of a larger 
wall mural, two very tall humanoid figures are seen levitating into the air with writhing double serpents 
representing DNA, with concentric circles shown at the heart chakra representing infrasound standing 
waves tuned to the heartbeat frequency (above). Pairs of concentric circles form the eyes of one of the 
figures, connected by the arc of a standing wave signifying the hemispheric synchronization achieved by 
psychoacoustic entrainment. The same psychoacoustic effect is signified by plants sprouting from the 
head of the other figure like living antennae, with several small flying birds encircling it. 


A group of seven luminous white caves are symbolically represented between the two tall floating figures, 
known as ‘Chicomostoc’ — the 7 sacred caves described in the origin story of Aztlan still retold by the 
Maya.” Luminous plasma ships are depicted as circles flying around the levitating figures, with standing 
waves radiating from some of the spacecraft (see p. 28), while others appear to be moving in formation 
through the sky, just as observed and videotaped in our times by thousands of dismayed eyewitnesses. 
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THE OCTAVE ABOVE lS -E> WUHICH |= EXACTLY dre THE LEHGTH OF THE TOHIC. 
THE FIFTH ABOWE 15° -E+ WHICH 1S EXACTLY 245 THE LEHGTH OF THE TOHIC. 

THE FOURTH ABOVE IS -A- WHICH IS EXACTLY Sf4 THE LEMHGTH OF THE TORIC. 
THE THIRD ABOVE lS -A FLAT: WHICH 1S EXACTLY 4°5 THE LENGTH OF THE TOHLC. 


THESE TOHES ARE THE MOST COHSONANT (HOST HARAOMIC) WITH THE TOHIC -E+ AMG 
ARE ALSO THE FLACES Of THE GUITAR WHERE FLAYING ‘HARMOWMICS: WORKS EEST. 


THE TOHWES “¢ DISTANCES IN THE CHROMATIC SCALE FALL OW INTERSECTION 


FOINTS OF THE EXFAWOING VESICA FISCES CIRCLE FORMATIONS. 
fC) JASOH COOPER 
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Contacts from Koldas 





A remarkable set of still ongoing extraterrestrial contacts that began in 1968, in South Africa, present a 
fascinating perspective on the unfolding human experience. A young radio/electrical engineer living in 
Richard’s Bay, South Africa (above), ‘F. Edwin W.’ (alias) received radio transmissions from a cosmonaut 
in Earth orbit named Valdar, from the planet Koldas. Subsequent years of regular radio contacts and 
comprehensive face-to-face conversations included other wise cosmic visitors from a Confederation of 
Planets in alliance with Koldas. Extensive and profound information shared during the visits of Valdar, 
Kashendo, Taylanz and Wy-Ora were recorded and later published by Carl van Vlierden in 1986. 


Edwin was told that the primary structure of the Confederation of 12 Planets was peacefully founded in 
the Grandor star system, comprised of planets Grandor, Leec Goran, Sparlane, Velaan and Novan; and 
has extended to include the planets of neighboring systems like Koldas, Salamia, Siton, Bryonne, Pyrole, 
Pyrc Furvey and Triaxula. Valdar provided Edwin with a basic description of his homeworld, Koldas — a 
giant world with freshwater oceans reflecting the purity of planetary systems at high resonance: 


‘It is many times larger than Earth. We have seas on Koldas, but these are freshwater seas. There are also 
large lakes, the largest about 24,000 km long and 20,000 km wide. Some of the towns of Koldas are in the 
mountain regions while others are by the sea. The towns are similar to yours, except that buildings are 
constructed differently. There are no roads here for our vehicles travel above the surface of the ground. Our 
buildings are linked by conveyors to take people to their destination. Our capital city is vast, much larger than 
New York. Of course there are rural areas with smaller homes for one or two families, and there are forests and 
also rivers. In the large lakes there are islands where you find holiday resorts. 
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‘Our way of life is very similar to that of Earth. What | am trying to impress upon you is that we do not differ from 
you. The only difference is our mental attitude. Our way of life is different. We have no monetary system; no 
currency whatsoever. Each planet in the Confederation produces and plays a vital part in the whole. Some are 
rich in minerals and supply these to the others and some are more suitable for cultivation. Koldas, with its seas 
or lakes, has an abundance of fish, harvests of which are sent to other planets in the Confederation in 
exchange for minerals and materials to build the powerful Astrael-craft. And so my friends, a chain of good-will 
and understanding links all our planets. Earth too could play a part in this Confederation... We are like you. We 
are in the flesh. We feel pain and we die. The difference is that we are able to travel at this fantastic speed.’ } 


The visitors from Koldas spoke in words of genuine compassion during their many radio contacts with 
Edwin (below). Valdar expressed deep sorrow concerning the intense suffering of children of war: 
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Valdar then reiterated that most of Earth's governments, political rulers and Superiors, knew of the Koldasian 
operations and the Confederation. He said they had known of the presence of Confederation craft over their 
countries and in the oceans for a very long time... ‘What makes me sad,’ Valdar said, ‘is the unnecessary 
bloodshed and warfare on Earth. | often think of the little children who are the innocent victims of all this 
violence. Infants without homes having to find refuge, food and water, yet they have no idea why their parents 
are at war. There are areas of dire poverty. All these scenes and much more were recently recorded by the 
three-day aerial survey. This too contributes to the Confederation's decision to withdraw their patrols.’ 


The observation of humanity and monitoring of the rapid development of Earthly civilization is a primary 
task of Confederation vessels, including the older Astraelcraft and newer Corynthian spacecraft, which 
incorporates their most advanced designs with automatic instrumentation, representing a most 
formidable interstellar craft, in terms of both annihilating power and instant translocating capacity: 


‘The craft used by space-travelers range from two-seater scout-craft carried by their motherships, to the largest 
masterpieces of design and technology which are veritable floating cities in space. The Confederation spacecraft 
were spherical in appearance prior to 1941. It was these craft which were used to explore the Universe and solar 
systems many thousands of years ago. Then the spherical craft were superceded by the Astraelcraft. These 
were named by the Koldasian designer in honor of his wife Astraelda. Other smaller craft are disc-shaped. 
Larger carriers are cigar-shaped and measure in kilometers. These are used for cargo and passengers. 
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‘All these craft are propelled by magnetic flux. The magnetic streams have different layers with various 
velocities. The motors, with which all craft are fitted, serve as rudders directing the craft into the various velocity 
layers. The highest velocity is reached on the outer surface and can exceed that of light. The magnetic streams 
criss-cross deep space, connecting planets, solar systems, galaxies and even universes in a vast web of 
highways and by-ways for space-travelers and their craft...’ 


Koldas had enjoyed 20 centuries of history without fighting of any kind and consequently the only deterrent they 
could muster was their fleet of Astrael spacecraft. These craft are not intended for military service but are 
equipped with a ‘Sun-ray’ disintegrating laser or charged particle ray gun which is designed to annihilate 
meteorites in the magnetic traffic lanes. Its pencil-like ‘laser’ beam stabs at any object, destroying it in a brilliant 
flash without leaving a trace... 





| scrambled up against the side of the dune where | had a good view of the spacecraft as it touched down on 
the beach. As it came closer, | could see how enormous it was. It must have been close to 50 meters in 
diameter... | heard a low hum... It then rose up into the air... The ship now moved out over the surf, rising all 
the time... The craft itself was not emitting any light... The outside was steel grey in color but shiny. One could 
not see any rivets or joints or welds; it seemed to be one complete moulding, like two saucers put rim to rim.” 


The technological advancement of Koldasian spacecraft reflects their comprehensive understanding of 
the nature of the human spirit. The physical limitations of corporeal existence have been mitigated by the 
artificial control of matter, space and time — freeing the human being to explore transdimensionality. 
Valdar’s brief description of the spiritual views prevalent among the Confederation planets is highly 
reminiscent of the ancient Sanskrit traditions passed down through the ages from their original 
dissemination on Earth during colonization events described to have occurred over 70,000 years ago: 


And he told me sometimes about the religion of the Confederation... He stressed that he did not give such 
information with the idea of trying to introduce it to Earth. He did say that many of our ancient civilizations knew 
of their religion, which was taken to our planet by members of the Confederation approximately 70,000 years 
ago. They believe that there is One Supreme Being, usually referred to as the Divine One. This Being is infinite 
and all-powerful and He creates all things, seen and unseen. Also created by Him was his Son. When man was 
created, the Divine One placed within the body of man a spirit or the soul, which never dies but continues on to 
eternity. The task of man's soul is to rule the material body by overcoming material desires... When this is ac- 
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complished, the soul will be called back to the great source and forever live in perfect joy and happiness. They 
also believe that all mankind is created by the same Divine Force, therefore all mankind are brothers and sis- 
ters. But this is a mere outline of their religion; there is much more — for example, their belief in reincarnation.° 


The ancient idea of reincarnation 
present among most cultures of 
the world has only recently come 
under scientific scrutiny. Hypnotic 
access to memories of past lives 
stored in the subconscious mind 
enables the statistical comparison 
of specific psychological and 
physiological traits of successive 
incarnations of a spirit, whereby 
solid probability calculations can 
be made concerning the likely- 
hood of such a spiritual continuity. 
Well-documented reincarnation 
cases such as that of Jeffrey 
Keene and John B. Gordon (left) 
present so many extremely rare 
synchronicities — elusive ‘proofs’. 





In his discussions with Edwin, Kashendo described part of the Confederation’s master registry as a vast 
reincarnation database, which cross-references the specific characteristics of every sentient being within 
the planetary collective as a statistical aid in identifying the successive incarnations of a particular spirit: 


‘Now as | promised,’ said Kashendo, ‘I shall tell you what we know of your past incarnations in our own 
Confederation... It is a vast subject and there is much to tell. Let me begin by saying that the master register is 
stored in a gigantic memory bank on the mother planet of Grandor. Here are the records of all beings who have 
lived lives in the Confederation.’ 


Kashendo explained that the giant computer is housed in 37 buildings which are arranged in a circle around a 
central building. Most of the staff work in the central building which collects the required data from ‘memory 
cells’, consisting of thousands of transparent tubes with crystals inside them. Each tube is capable of storing 
many thousands of symbols and a memory bank consists of many thousands of these transparent tubes. The 
data is stored indefinitely and when needed the controllers extract it in coded form which is then decoded to 
provide the required information. All the equipment is very complex and kept in a special atmosphere. 


The memory cells store innumerable personal features and characteristics which reappear in the same 
individual through many lives. When a search is made, a special computer transmits the details of the required 
person to the whole range of memory cells. As soon as the features are recognized by a memory bank a 
message is transmitted back to the central control building where it is recorded. The whole process is 
complicated and Kashendo said that he found it difficult to describe it accurately, but he hoped it explained how 
the Grandorians are able to trace people's lives through time, at least within the Confederation.’ 


The scientific tracking of a particular spirit through its long string of incarnations is a statistical task that 
requires great computational capabilities, which the Grandorian record-keepers achieve using 
supercomputers operating in ‘a special atmosphere’ of fourth-density HHO plasma. The geometric 
configuration of 37 buildings housing the thousands of memory cells is precisely aligned in a circle 
around a central building to make use of infrasound standing waves for the focused distribution of 
wireless power by which the HHO plasma chambers are resonantly synchronized. Edwin’s spirit had 
selected a reincarnation on Earth as a means of transmitting information for the benefit of humanity. 
One of Kashendo’s profound offerings of knowledge concerning the human past and the deep history of 
Earth revealed the presence of once breathtaking cities laid to waste on the ocean floor, along with the 
giant wreckage of huge interstellar spacecraft which enabled the colonization of Earth by different races 
seeking refuge from various worlds in peril (rather than being a byproduct of evolutionary processes): 
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Kashendo spoke about the various races we have on Earth and said, ‘This is an intriguing subject but some of 
the mystery is known to the Confederation. We know that long before we first visited your planet, there were 
other visitors. When our ancient pioneers arrived there, they found evidence that whoever came before them 
must have come from systems far beyond those known to us. It is possible that they wished to colonize Earth. 
We do not know for certain whether this explains the many different races, but we do know that the race which 
you call the Red Indian, had ancestors who came from a far away planet doomed to destruction. They were 
highly civilized and had mastered space-travel. They left their home planet in a giant craft to search for new 
planets to colonize and reached Earth and there they settled. It seems that they were abandoned by their 
people or were unable to return home, possibly for lack of fuel. Their craft was stranded and so they remained 
on Earth. They were forced to improvise and learn to live off the land. They made use of what they had and 
what they could find. They hunted the animals; and learned to use them for food and sustenance. 


‘We know about these people, for they were very intelligent as a race, and one of the early ones to occupy 
Earth. But what about the many other races you have? We can only assume that they too were space travelers 
for we have definitely found the remains of many craft beneath your desert sands. Gigantic craft [have been 
found] which are not from the Confederation! Should these remains be discovered, they would cause a 
sensation on Earth as they are of enormous proportions. They must have carried thousands of people. 


‘It is possible,’ he suggested, ‘that they never intended to return to their homes. Were they banished and 
perhaps sent away as punishment? We can only guess at the reason for their presence but the evidence of 
their arrival from other planets is there, beneath the sands. This may be one reason why there are so many 
different races on Earth... 


‘When the Confederation carried out patrols beneath the surface of your oceans, they discovered many craft 
buried in the mud of the ocean floors. There is much evidence which will not be found soon, and much that has 
been lost. In another transmission | must tell you about the abandoned cities which lie beneath your Pacific 
Ocean; mysterious cities which must have been of great beauty before they disappeared. What catastrophe 
befell Earth? Who were the builders of these matchless cities?’ ® 
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These remarkable facts delivered by Kashendo attest to the great antiquity of human civilization on 
Earth, and the deep mystery of the cosmic origin of human racial diversity on Earth. While the existence 
of the remains of gigantic spacecraft below the (Sahara?) desert sands has been quite purposefully 
withheld from public knowledge by the world’s governments, the same astounding scale is plainly 
witnessed in the pyramids of Giza, Egypt — designed to transduce and focus infrasound standing waves 
used for the propulsion of antigravitic plasma ships by acoustic levitation. Valdar explained: 


The pyramids... were used as transmitting and receiving stations and for the storage of magno-solar energy. 
They were located in a strategic area and the ancient Starships used to home in on them... Their design is 
significant in more ways than one. In the coming changes on your planet, this pyramidal design will again be 
used in your buildings.’ . 


Other discussions with the Koldasian envoys confirm that the ‘pyramids [of Giza] were strategically 
placed in the geographic center of the land surface of the planet.’ '° This fact was recently reported by 
investigators of the Great Flood, who analyzed sea level data to identify an ancient global flooding event 
that raised sea levels by 178m, which offset the gravitic center of Earth’s landmass by hundreds of miles 
to the northeast of Giza." This 178m sea level rise explains how the casing stones of the central pyramid 
have remained intact above that precise height, while those casing stones below that mark were 
gradually torn away by the erosive wave activity of slowly receding floodwaters (above). 


Long before the destruction of the pyramid resonance network by the Great Flood, the Giza pyramids 
pulsed with a tri-thalamic frequency of 1.45 Hz to synchronize heart/mind rhythms throughout all of the 
sacred sites of the planet and act as a homing beacon for the legions of spacecraft in transit through our 
solar system. The resonant excitation of planetary infrasound taps a vast reservoir of cosmic energy 
available to humanity once again through the oncoming changes, which include an intensification of 
planetary resonance. The deep hum of our planet, an infrasonic gravity field, is artificially recreated in all 
of the space-faring plasma ships’ magnetic motors, as described to Edwin during a transmission: 
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Wy-Ora continued wistfully, ‘If only your governments would unite in peace and extend the invitation, your skies 
would ring with the hum of magnetic motors... All our knowledge would be yours. All that we have achieved 
over the centuries would be given you freely. But unfortunately, your rulers cannot agree. They tell us many 
things; why they cannot accept us. But it all boils down to the fact that it would bring too many changes on 
Earth and that it would disturb the 'balance of things'.’ = 


In fact, all extraterrestrial matters have been kept secret by Nazi/CIA elements to preserve the present 
corruption of world governments, enforced by the military use of stealth technology stolen from Nikola 
Tesla in 1942.'* The standing waves discovered by Tesla in 1899" display the same Fibonacci structure 
observed of galactic and solar systems (above), providing magnetic field lanes for magnetic propulsion: 


‘Each solar system has a magnetic field. Once you have broken away from the gravitational field of your planet, 
you can make use of the magnetic fields of other planets and solar systems to travel vast distances and even 
change in time... On Earth you are using the wrong method of propulsion. You are using fuels, liquid or solid or 
whatever they may be. This does not take advantage of the vast reservoir of universal energy. There is an 
unlimited supply of this energy and power that can never be exhausted. This energy is there for mankind to use 
on your planet.’ 
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We asked Valdar about ‘conditioning’ during a thought-transmission. He said that initially we were tested to 
see whether we had accepted the Confederation ‘way of life’... ‘Only then’ he continued, ‘various methods of 
conditioning are used. This is done mainly during thought-transmissions. We describe our planets to you — our 
way of life - and we answer your questions. Your subconscious minds are conditioned by us to store certain 
impressions gained during these transmissions. These are of great importance later on. 


‘We continued to condition you mentally, so you will accept more of what we give you. This is a long procedure 
and is still in operation at the moment. We will continue until we are satisfied. This type of conditioning is done 
mainly at night, during the hours of sleep. While sleeping, everyone transmits a signal. This is normal and 
happens to everyone. We have instruments to ‘tune in' to your particular signal; your personal frequency. 


"i Valdar continued, ‘You know that you 
if | ] {ih all have a forward or conscious mind. 
' You also have a mind that lies 
dormant, which we call the 'back' 
mind or the subconscious. This back 
mind accumulates a great deal 
of knowledge and a great variety of 
impressions lie stored there. A brain 
is like a computer. It may reach a 
stage where it will not accept any 
more. Then it refuses to receive new 
impressions and this mainly applies to 
one's subconscious mind. Then it 
becomes necessary to unburden this 
subconscious mind. This is to prepare 
you for all the new information you will 
acquire. 





‘We have a method of conditioning by 
which we rid your subconscious mind 
of much that has been impressed 
upon it, making way for new 
conditioning. This has been carefully 
programmed for each one 
individually, to suit your mission and 
type of work. All data and information 
is placed there. This continues stage 
by stage, depending on how you 
accept it. It all depends on you. 


‘We can tell what you have recorded of the information we have placed there and what you have received 
during the various transmissions via the thought-channel. Then comes a very important stage — the most 
important of all — and you are going through this stage at the moment. This is the stage in the program where 
you must accept a new way of life. | have already mentioned how strange things are beyond your solar system. 


‘All this has been placed in your mind and it is done to alert your subconscious to be prepared. We are going to 
place in your memory-bank vital information that is needed if you should ever have to travel beyond your 

solar system, so that it will not refuse to accept what it will see and what conditions will prevail when you travel 
in Outer Space... You see, there are conditions which one cannot describe. One has to experience them to 
realize what is meant. One's body undergoes a drastic change in interstellar flight, for you will travel many 
times faster than the speed of light. Your body may be shattered into millions of particles and even your mind 
may experience this disintegration. This may sound more frightening than it is. 


‘Now, when you are in that stage of disintegration, you will exist... and yet, you do not exist. For you (the 
consciousness) are there in ‘energy particles' — you actually flow. Yes, the word flow describes it accurately, for 
you cannot leave your Universe unless you are able to flow through the magnetic field, coasting along the 
magnetic force lines. One cannot escape from your Universe and enter an other-matter Universe unless one 
undergoes change. You see there is a strange law out there, a law that has existed since the birth of the two 
Universes. There is a dividing line, which is invisible, beyond which nothing can go, not even light rays. 
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Therefore, to escape beyond that invisible barrier one must undergo great change. When the craft, including all 
its occupants, goes through this change, it is completely disintegrated into its elementary particles — into 
energy. After that one does not travel at speed anymore, as this does not describe it. One then travels in such 
a way that there are no words to express it... This happens only for a certain distance; the distance between the 
two Universes. Then one emerges into the anti-matter Universe and the craft and occupants revert back to 
solid bodies again, the process being reversed [to induce rematerialization]. 


‘Let us put it this way. A container filled with water is suddenly spilled upon the floor where it spreads out. 

Now, suppose you had a magnet that could attract water. Place this near the spill on the floor and suddenly, it 
becomes one body of water again. This illustrates what happens when you disintegrate your body and craft into 
elementary particles - spread it out, so to speak - so you can flow from one Universe to another. You would flow 
through gigantic magnetic fields, which are of such high intensity that when you break through that invisible 
barrier you become energy and travel in time. 





‘This is the most important part of your conditioning because when you arrive on the other side, there is a world 
that you could never imagine! There are vast differences. You would not be as you were when you left your 
Universe. You would be in a new environment. Nature has molded you to live on Earth; you were never 
intended to go through the polarity barrier. It would be impossible for you to live on our planet the way you are 
now. To begin with, gravitation is so great that you would not be able to breathe. Koldas is such a large planet; 
the forces of gravity are correspondingly greater. You might survive, but under such great torture... 


‘That is why Nature remolds you when you penetrate that invisible barrier. It adapts you, not gradually, but 
suddenly, to the new environment. Even if your body might be able to adapt itself to the new environment, 
your conscious mind would not. Your subconscious mind does not care where it is, but your forward or 
conscious mind could not cope... It is fortunate that you all have a subconscious mind, otherwise it would be 
impossible for any of you to leave your Universe. Here we have a storehouse where all this vital information 
can be placed. We program your subconscious and tell it exactly what to expect; how to react; what to do and 
how to do it. So when you make your final jump and you arrive at the new world, your subconscious has been 
trained to take full command. Then you will no longer have a subconscious mind; then the complete brain 

will function — you will need it! Indeed you will. The new world is much larger — every solar system is so much 
greater; the way of life is so different... 


The things one has to do would require your thought capacity to be so much larger — your concentration, your 
eyesight, speech, breathing, much more... then the subconscious would disappear... Only on Earth is the mind 
divided into a conscious and subconscious. Although we in the Confederation do have a subconscious mind, it 
is very small indeed. So you see, this is the most important part of the conditioning. Other stages consist of 
being taught various things, such as communication and telepathy and the acceptance of new colors. We 
respond to a greater range of colors. This extended vision is very important and has given us problems with 
some who have left Earth. We have found that their brains will not accept the wider range and intensity (of the 
colors) and they become muddled and very confused. So it has become necessary for our scientists to develop 
new means of conditioning to allow one to accept this. 
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‘It is difficult to explain all this to you. | do not compile this program for conditioning, myself; it is done by 
scientists who have spent their lives on this work. Each one of you is well known, not only to one particular 
scientist, but to many scientists. Every one of you has accepted and passed the first stage. Now there is a 
pause and it is my job to find out more about you. | have to find out much about each one of you, right down to 
the last detail, and all this is recorded and submitted to the panel of scientists who deal with mental 
programming. They then make a very careful study of all the data and select the best methods for your 
individual needs. 


‘This may be different for each person. In some cases, photographs are needed. This we manage also and 
every detail is taken into account. It is very necessary that all these details are considered, as we cannot afford 
any errors in conditioning one wrongly, for it could do much damage, especially if the person needed to visit the 
antimatter Universe. If he or she were wrongly programmed, it could be fatal. Remember, in the fluid stage, 
while you are flowing between the two Universes, we rely on your subconscious to piece you together again in 
the correct way. For example, your height and your weight would increase. You would become more robust, 
depending on which solar system you are visiting. \f your destination were Triaxula, then it would be in reverse. 
You would automatically adapt to the environment... 


‘You see, once you are beyond the light barrier, that invisible line which separates our two Universes; once you 
have made the first crossing of the line, you can at any time travel at or beyond the barrier, disintegrate and 
reform and coast through the magnetic fields at will. You will find subsequent crossings much easier and faster. 
It is like being in two different seas. You are in one, and we are in the other. We, for instance, found that when 
we break through to your Universe, various difficulties arose. Difficulties in breathing [can occur]. Your sunlight 
interferes with our eyesight a great deal and we find your atmosphere very humid, even in your colder regions. 
So you see, once you leave your Universe and break through that barrier, your body automatically takes on the 
right shape and size and you adapt to the environment, provided that you have been properly conditioned. 











You will find that your brain 
capacity also increases and 
this is when the information 
which we have given you in 
our training will find a place. 
Your present brain is suited 
to your planet and present 
age. If you were to come to 
our planet with the same 
brain capacity as you now 
have, you would be ina 
great danger and trouble, for 
you would not be able to 
understand us and we would 
not be able to understand 
you. You would be as a 
primitive prehistoric creature 
would be if placed in your 
present society. That is why 
it is necessary to have this 
background training, this 
[voluntary process of 
advanced, subconscious 
mental] conditioning. 





‘And when all of you have completed this, then you will be on our level. You are then full-fledged Koldasians, 
Byronnians, or Triaxulans or whatever the case may be. You would then find that you could travel at will from 
planet to planet, without any problem. And once you are beyond the light barrier, you will have no difficulty, 
even with the language. But this is new! The conditioning for language has never been used before for 

the scientists thought that it was far too much. Now they have realized that they can go much further and that is 
why, when you reach a certain stage, you will find that you have very strange dreams. These are very realistic 
dreams. You might even be able to smell or feel in these dreams. At first, this will prove alarming, for you may 
feel the heat of the day or the intense cold of the night. You will see things in your dreams, which we have 
placed there. You may, for example, experience living with nature. 
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directly to the brain. We can accomplish this conditioning in about one hour. However, the person is first placed 
in a sleep state and firmly strapped-down where he or she remains until the light barrier has been passed. This 
is the normal procedure. Those who have been conditioned already would be treated as the crew and would be 
seated in the main control centre. This is where | prefer all passengers and the crew to be when we transcend. 
This main control centre is the safest area in an Astrael-craft. Once beyond the light barrier, things return to 
normal and one walks and sleeps, and one can use the craft as one would an ocean liner. 


Valdar continued his explanation. ‘| have used the word 'conditioning'. This is not strictly the right word to use; 
probably 'programming’, training or teaching would be better expressions. Remember we do not do this against 
your will! It is entirely up to you. The very first step is that you accept us, then you automatically tune your mind 
to our wavelength and only then do we continue to prepare you for the next phase. | am really your teacher, 
with many assistants... Of course, those crystals and that valuable instrument, the strata-recorder, could not be 
dispensed with... 


Then another aspect of this conditioning program emerged when the discussion turned to the enigmatic subject 
called the ‘New Age’. Valdar said, ‘One has to be conditioned to accept the New Age. In the ancient scriptures 
of the Confederation, it is written that the Divine One will change many planets. 





‘A voice tells us that there will be a change. The timing of the event will depend on many circumstances. It 
might be caused by the separation of the two Universes resulting in a complete break in the magnetic field 
between them. This event may bring about changes which would gradually usher in a New Age. There might be 
a change in the atomic structure. Every atomic power station would then cease to function, and even your 
electrical power would stop. But a new source of energy will then be available... 


‘Your physical world would undergo a transformation — a cleansing of the Earth. Then the resurrection would 
follow in the still of the night. This transformation would be almost instantaneous. Even the heavens would 
change color! Mankind will be afraid, but a great uplifting will follow. There will be regeneration; for example, 
those of 90 years age will be as 50, and those of you who are 50 will be as 30. 


‘Many would not see these changes. Only those of you who can now accept the new way of life will perceive it 
and experience it. Many are now being conditioned for that day... and also for cosmic flights, should that become 
necessary. Your subconscious mind is being conditioned to prepare for such an event, should it arise. Then, as if 
with the turning of a switch, true understanding would come. Some of you may become teachers or leaders... 
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Valdar also mentioned again the disturbance in the magnetic fields, which, although unobserved by astrono- 
mers on Earth, caused an insurmountable barrier to all magnetically propelled spacecraft. This disturbance 
came to an end on the 18" of January 1981... ‘Once the magnetic disturbance [of the December Solstice of 
2012 occurs]... and the magnetic fields return to normal, then there could be a radical change on earth. When 
the changes come... and come they will, the rotational direction of Earth will be opposite what it is today. It 
would take the planet quite a while to readjust itself, but it will do so, for the earth is still a very young planet. 
These things happen to young planets! And they must happen before your sun becomes unstable and turns 
into a supernova and burns everything out. But there are still many millions of Earth years before that event. 


Power Flux 





‘But then there is the possibility that Earth may turn into a ball of fire as the result of a nuclear war. However, | 
feel that these changes, some of which | mentioned, will come before mankind on Earth can perform such a 
deed. Let us wait and see. There are still many things that even the Confederation is uncertain of. Changes can 
be observed and data analysed but only Mother Nature — the Divine One — will trigger the reaction that will 
change things permanently; | repeat permanenily on Earth. 


‘The reversal of rotation of the planet would also change the polarity of Earth. North would become South and 
the South pole would become North. This could be brought about by a natural or an accidental cause... Great 
ships from space will come... then truly the planet Earth will be at peace. Those who remain will know our love 
and friendship. They will understand what the stars have to offer them. All this will be given to them and many 
things will be revealed in the New Age... And this is why we keep contact with you, to bring you messages of 
peace and love. We have tried to bring you an understanding of our planets and our way of life, which will be to 
your benefit when this great change arrives... and this will affect the whole of the Universe — not only Earth. 
These things have not been planned by us; we are just passing the message to you.’ m 


Valdar’s clear statements elucidate dramatic future events and subsequent major atmospheric changes 
involving the oncoming shift of Earth to high resonance. He foretells a ‘physical... transformation — a 
cleansing of the Earth... in the still of the night... [that] would be almost instantaneous. Even the heavens 
would change color!’ A great increase in the intensity of cosmic rays bombarding the Earth, from a 
nearby supernova event or chain of events, would re-engage the now-dormant pyramids to ignite an 
atmospheric HHO plasma canopy, with plumes arching along the pathways of Fibonacci standing waves. 
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An astounding aerial HHO plasma phenomenon was photographed in detail on the auspicious date of 
9/9/9 in Longview, Texas by motion-sensor game-trail cameras (above)"®, providing recent, direct 
evidence of the atmospheric and electromagnetic changes described by Valdar over 40 years prior to 
this enigmatic time preceding the magnetic reversal of December 22, 2012. The ultraviolet-A and infrared 
spectra emitted by the ionizing plasma plumes, as well as the precise standing wave configuration of the 
luminous arcs, confirm the photographed phenomena to be a product of ultra-low frequency irradiation of 
water vapor, causing its combustion by energized particles as HHO gas near ground level. Atmospheric 
HHO plasma plumes and standing auroral patterns may become an everyday aspect of Earth’s future. 


The inevitable result of high-energy atmospheric change will be the purification of the ambient light that 
penetrates many layers of HHO plasma to reach the ground, providing healing ultraviolet-A and infrared 
light to all terrestrial lifeforms. Just as demonstrated in HHO plasma beam healing devices like the 
Godlight cellular regeneration beam of Troy Hurtubise, '® the atmospheric conditions will dramatically alter 
the lifecycle of all living terrestrial creatures: ‘There will be regeneration; for example, those of 90 years 
age will be as 50, and those of you who are 50 will be as 30.’ The regenerative effect of the frequencies 
of light emitted by HHO plasma promotes the extreme longevity enjoyed by advanced space-traveling 
civilizations on their homeworlds, and also generated inside the cabins of their interstellar spacecraft. 


The highly resonant atmospheric purity of the planet Koldas affords a longevity that is significantly 
greater than that presently experienced here on Earth, although the oncoming energy shift may soon 
restore Earth’s atmospheric purification processes, involving the plasma discharges of auroral activity 
and lightning strikes, that had become severely diminished over the preceding millennia: 
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‘Greetings... The message that | would like to leave with you this evening is, be patient, trust in us, for indeed 
you will realize that we can see a little further into the future than it is possible for you to do at this present 
moment. Trust in us and a new way of life, a new path, will be revealed to you, as the ancient prophets did in 
the past. Their monuments are still there today to be seen on your planet — the pyramids and the Sphinx... 


Other Superiors have governed Koldas, who have lived to the age of an equivalent of 250 Earth years. They 
enjoyed the full benefits of life as | do. | have no ailments and that is as it should be, and that is how it will be for 
those who share our life philosophy. We are the instruments for the Divine Love and Truth to manifest through. 
We are not Gods. Never think of us as such! There is one Divine Creator of all the heavens that you can see, 
and that we can see, and what lies beyond that again... | am Vax Noah... Salu kata katsu, farewell.’ 7 


This heartfelt message from the Superior of Koldas was transmitted from high above, among the stars 
where many things beyond Earthly vantage can be seen. The penetrating knowledge offered to us by the 
Confederation of Twelve Planets was seeded for germination during the cosmic changes unfolding since 
the beginning of their contacts with Edwin in 1968. Present scientific understanding of enhanced cellular 
function under the influence of a mild electrical current, and under the high-energy conditions of plasma 
beam healing devices, allows the conceptual framework needed to grasp the truth of Valdar’s insights. 
As he well knows from similar events in the history of other binary star systems like our own, the cellular 
rejuvenation effect of HHO plasma will be induced by the elevation of vast amounts of water into the 
atmosphere of Earth under the growing influence of an inaudible acoustic resonance. 


The greatly increased ambient atmospheric luminosity 
generated by a glowing auroral canopy of HHO plasma, in 
combination with increased infrasonic stimulation, will alter 
the expression of DNA in all living creatures on Earth. In 
the terrestrial human being, pineal gland stimulation will 
bring about significant changes in the range of visible light 
and audible sound perceived. Our eyesight and hearing will 
extend significantly, aligning with the greater capabilities of 
Koldasian sensory perception. This was referenced quite 
literally when Valdar explained ‘what we can see is more 
than you.’ Layers of meaning within the simple, profound 
statements of the Koldasian visitors continue to unfold: 
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Valdar hinted at some future catastrophe and the changes that this event would bring with it. But he gave no 
due as to when this cataclysm or cosmic upheaval would take place as this was unknown even to the scientists 
of the Confederation. They are certain that it will occur as they have learned to interpret various signs in their 
long history of cosmic observations... The virgin lands where the ancient Atlanteans settled will one day be a 
haven for mankind again. For after the big change takes place, where there are now oceans, there will be land 
and where there is now land, there will be oceans. The continents of America, Africa, Asia and Europe will no 
longer be there. In their place will be these 'new' lands, now at the polar regions, and civilization will start again 
for we think your polar regions will not suffer in this big upheaval. They will remain more or less intact but the 
climate will change and the icecaps will melt. On the rest of Earth's surface there will be drastic changes! The 
present polar regions are even now being prepared, for they will be needed. You may have noticed that there is 
a lot of UFO activity there.’ - 


Indeed, a fascinating component of the preparations mentioned involve giant aerial plasma displays over 
major urban populations, most spectacularly witnessed by residents of the Chinese cities of Dalian and 
Yantai in 2005; Tomsk, Russia in 2006; Trondelag, Norway in 2009 (photograph above); and over South 
Australia in 2010.7° Such technological demonstrations of fourth-density plasma shake and arouse 
human consciousness to awaken for the long-awaited day when the humans of Earth fully accept the 
great offerings of cosmic visitors, as the time beckons when such help becomes increasingly necessary. 


Recognition of the wisdom teachings of cosmic observers allows the integration of new concepts for a 
more balanced awareness. The peaceful and wise Confederation of Twelve Planets is but one of 
innumerable cooperative networks of cosmic civilizations exploring the endless magnetic fields in search 
of knowledge, toward the ever-present call of Oneness. Spiritual adepts among this small planetary group 
attain an extended lifespan by means of the radiations of the same high-energy HHO plasma that will 
soon be witnessed throughout the skies of Earth. The dynamic shift of Earth resonance to a higher level 
follows a pattern of revelation that inevitably occurs during the ascendance of all young planets and all 
nascent civilizations, along the path toward collective consciousness and cosmic co-creation. 
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3 
The Plejaren 


The Plejaren 


Eduard Albert Meier (b. 2/3/1937) is a Swiss 
farmer who has been visited since the age of 
five by extraterrestrials from the region of the 
Plejares star system, representing a wise and 
peaceful Confederation of planetary systems. 
Eduard’s childhood contacts were made by an 
aged man named Sfath, while as a young 
adult he maintained contacts with a female 
cosmic visitor named Asket. Through his later 
years he maintained contacts with Quetzal, 
Semjase, her father Ptaah and many others. 


‘Billy’ is a nickname Eduard received in 
Tehran during his long travels on foot through 
the Middle East and Asia Minor (seen at left, 
in 1980). Billy Meier has documented years of 
contacts and remarkable dialogs with visitors 
from the Plejares star system. He has also 
produced several 8mm documentary films of 
Plejaren spacecraft, or beamships as they are 
called. Meier has also produced several 
hundred high-quality photographs of extra- 
terrestrial spacecraft of many types — both 
from the ground and in the air, aboard the 
Plejaren spacecraft itself. The sheer breadth 
and diversity of highly advanced information 
and physical evidence provided by Meier 
concerning his contacts and cosmic travels 
with the Plejaren calls for the close attention 
and discernment of the human beings of 
Earth, who grow in awareness by the slow 
process of assimilation of knowledge. 





While many contactees have experienced transdimensional travel and orbited the Earth and her oceans, 
Meier is one of the few present-day humans who has time-traveled by hyperleaps through deep space 
with his cosmic friends and returned with photographs and scientific details that are undeniably valid. The 
most profound teachings that imbue Meier's life’s work are the spiritual teachings he has received from 
the Plejaren and presented to humanity through his many books, now available in several languages. The 
simple and penetrating spiritual teachings of the Plejaren are now transmitted through the Semjase Silver 
Star Center in Hinterschmidtruti, Switzerland, providing an opportunity for synchronized meditation 
practices with billions of advanced spiritual beings throughout the Confederation’s unified network of 
planets, who choose specific times for coordinated interplanetary peace meditation on a regular basis. 


The Confederation comprises a collective of diverse civilizations that remain deeply rooted in spiritual 
connection through their respective planets, providing a guiding influence on worlds in crucial phases of 
developmental shift, as is the present case of Earth. These spiritually and materially advanced visitors 
remind us that even they grow food in organic gardens, and maintain direct contact with nature by planting 
with the hands in the soil, in the creative intention of love. Plejaren wisdom finds guidance in the Laws of 
Creation, and encourages humanity to learn for ourselves through investigation, thoughtful reflection and 
the application of reason. In spiritual aid of the human beings of Earth, Billy confers their extensive spiritual 
knowledge and physical evidence in the form of photographs, films and even samples of exotic materials. 
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Eduard’s space-traveling visitors explained their ancestral origin in the Lyra star system, before an 
ancient cosmic migration to the Plejares star system, including the beautiful planet of Erra, which resides 
in a fourth-density space-time configuration about 80 light years beyond the Pleiades star cluster (above). 
The name Plejaren (‘play-yar-en’) means ‘Law of the Sevenfold’, reflecting a penetrating cognizance of 
Creational Law and the Truth of Spirit. Offerings of the Plejaren Elders on the physics of Spirit were 
balanced by comprehensive lessons on solar and astrophysics. Meier was informed that the Sol system, 
outside the Milky Way, constitutes something like an enclave because it floats as a single system far 
outside a spiral arm, moving at high-speed towards the Hercules star system. The distance from the Sol 
system to the middle of the galactic central sun is 35,002 light years, according to Plejaren calculation. 


Spiritual demonstrations of Semjase’s intentional healing ability were given during various contacts when 
she rapidly restored Meier’s dwindling health by concentration alone. During the 50" contact of April 6, 
1976 Eduard’s broken ribs were mended in minutes by an electro-healing apparatus within Semjase’s 
beamship (opposite), extending natural mental capabilities through technological means.’ The ability of 
the Plejaren visitors to predict all major events in Eduard’s life was repeatedly demonstrated, and even 
the date and cause of his death were previewed and discussed with him in detail. Another definitive event 
in his life predicted by the Plejaren, for his psychological preparation, involved the loss of his left arm in a 
bus accident in Tehran in 1964. After the necessary amputation, Meier healed in conventional hospice 
and wisely refused a biotech prosthetic arm offered by his extraterrestrial friends, on the grounds that his 
safety would be compromised by the greed of other humans who would inevitably attempt to steal the 
advanced extraterrestrial biotechnology. /n this, he has found the resounding truth of the spiritual lesson. 
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Rather than secretly enjoying the material benefits of his contacts, Eduard Meier instead disseminates 
the advanced spiritual teachings of the Plejaren Elders, inviting each Earthly human being to consider the 
truth of spirit. The path of inner seeking through meditation and reasoned thought has become the focus 
of FIGU, a conscious community that has co-founded the Semjase Silver Star Center. Serving primarily 
as a meditation center, the facility synchronizes the FIGU community for the development of telepathy by 
exposure to focused infrasound. From there, Eduard’s enduring teachings have radiated their light: 


In truth, the Earth human lives a life that does 
not ever deserve the designation life, in the 
true sense... [for he] no longer knows of the 
strengths and possibilities that lie within him 
and are suppressed. The human's psyche has 
become a prisoner of the material, and the 
human's corporal nature hinders him from 
glimpsing more than only a weak shimmer of 
the true light. But certainly the day will come 
when the human will venture forward 
somewhat further than usual in his thoughts, 
and then still a little bit further, and further. 


Then the inner light will gleam in him and he 
catches, to start with, only a small and fleeting 
glimpse of his true essence. Indeed, then 
comes the point in time in which he becomes 
somewhat more aware of it, and then still 
somewhat more. So the light of truth with 
which, namely, he is one, with eternal life and 
with the eternal power of his essence, 
gradually comes on for him. This light then 
illuminates his entire psyche and takes 
possession of it. 


Awakened through this new consciousness, 
the human holds the thoughts of this oneness 
firmly, and thereby now progressively lives in 
these thoughts, his life now flows in constant 
actualization of the oneness of the creational 
Being. And thus the terrestrial Earth human is 
transmuted into the human who is of Creation. 
Compared to the new life, the old one only 
deserves the name death, because ignorance 
and narrow-mindedness is like that. But this 
deadly life is no longer able to shackle the new 
human who, before, in the old life, in a certain 
sense, had actually been dead -a living corpse. 
(OM: The Book of Truth, 43:153,167-177) : 





Knowledge of the inner dimensions of the human being inspires reflection on the endless gifts offered by 
the Creation, granting natural relief from the burden of the physical through the transcendence of spirit. 
The moral dilemma which now cripples Earthly consciousness, namely the role of psychopathy in politics, 
was solved naturally by the Plejaren science of biorhythmic healing by genetic enhancement through the 
tri-thalamic heartbeat entrainment during fetal development.® This advanced preventive infrasonic genetic 
technique also relieves the moral crisis of abortion, which is permitted by natural chemical methods using 
essential oils (like that of the Neem tree found here on Earth’) within the first three weeks of pregnancy 
only, as “the time of the beginning heart activity coincides with the entrance of the spirit of the newly 
conceived human being, so on the 21" day after conception.” ° The determination of spirit in accordance 
with Creation propels the consciously seeking individual from within his/her deepening experience of the 
luminosity of his own being, as taught by Semjase during the 18" contact of May 15, 1975: 
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| want to proceed with the teaching of the spirit, as it is the most important of all things... The experience 
reveals that the Creation is unending beauty, a beauty above all beauty, borderless, intensive happiness 
without end, wisdom, knowledge, ability, truth and absolute determination. When that is recognized by the 
human then he leads every one of his joys instantly back to its origin, to the unending joy of Creation. 


Wherever he sees something beautiful, be it now a flower, an animal or a human, or something else, he thus 
brings it instantly into interconnectedness with the infinite beauty of Creation itself. Wherever the human sees 
cognition reach expression, in this or any form, in an impressive and exalted manner, then he knows that it has 
its roots in the endless cognition which is Creation. Wherever life stirs itself, be it even in the tiniest Being, ina 
creature, as, for example, the microbe, there, behind this life he glimpses the infinite, the eternal and the 
creational. Out of that he attempts to deepen and expand his understanding and feeling through which he 
contemplates the essence of the creational and its inseparable presence at any time and in any space in many 
kinds of ways in the daily life and experience. 
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Creation exists in every human as a fragment of himself. Once this thought has first deeply penetrated the 
human and become his experience, then any fear and all doubt in him disappear. If he knows that the Creation 
is all-knowing, and almighty then he gains in inner peace and security and is immune from stupid thoughts and 
wrong feelings. Repeated contemplation about the all-present, the truth, wisdom and the ability and knowledge 
of Creation as constantly eternal, as dignity and worth, allows the word and the designation Creation to become 
something very meaningful in the human — to something which calls forth transformations in the feelings and 
transformations in his manner of thinking. 


The more his intelligence is effective in this direction the more he gains radiating light, the more powerful his 
personality would be and the more blessed his entire life and works would be. Again and again the human living 
in clarity of consciousness would produce in himself, anew, the strong perception that the Creational is far more 
real than his body's feelings. This perception rules, without interruption, the human living in accordance with 
spirit. The creational grasps possession of his consciousness whereby his senses are full of peace, strength, 
joy, knowledge, wisdom, truth and hope. All measures that the normal human grasps in his material-intellectual 
thoughts in order to attain peace, happiness and strength always show themselves as deceitful, while the 
constant controlled-ness of the human who is living according to spirit would be pulsed through with the 
dynamic power of Creation. 


He who is a human living according to spirit is very dynamic in all things. He attempts, uninterruptedly, to reach 
his goal as quickly as possible. As long as he lives he would, in accordance with this, use the time for applying 
the creational ability with all the energy available to him. He would never allow this undertaking to be lost. 
Everything possible can happen in the course of time, yet his desire for the creational would never be 
extinguished in him. He can strike hindrances in which he suddenly has no sense and taste any more for the 
necessary material things, yet he never loses the taste and sense for the creational because he knows that the 
Creation embodies the true Being. 
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Only a human who fights hard for consciousness and spiritual goods and progress, for knowledge, truth, logic, 
wisdom and love harvests mighty fruit of a spiritual and consciousness kind, because they do not simply fall into 
his lap. First, before the first results would be obtained, it is required that the spiritual-intellectual manner of 
thinking must learn the path of creational thinking and recognize its absolute correctness and determination. Yet 
when these first results come about then the cognizant one steps onward with great steps and expands himself 
in spirit and consciousness to a factor of power. First, through this, already known facts, knowledge, truth, logic, 
wisdom and love would be self-evident, which first, however, must be gained through hard work. Indeed, the 
path does not end at this point, because further seeking, further searching, further development and further 
recognition lead into the borderless duration of time. 


Everything possible may happen in the course of time, and hold the human back from taking up deeds, yet the 
human living according to spirit knows no borders and does not allow himself to be kept from his goals by any 
kind of events or bad future out-looks. For him the future already exists in the present, so it is that everything 
must be done here and now in order to reach the highest spiritual and consciousness state... Again and again 
he produces in himself the strong perception that something is there which gives him immeasurable power and 
makes him free from unreal assumptions; (it is) the truth of Creation. 





Always again and again the human produces in himself the strong perception that he finds, in the ocean of 
creational light, his wisdom, his knowledge, truth, logic and love, which for him first entirely enables the Being of 
life. The joy of the human who is turned towards Creation exists as a result of his reverence produced from the 
creational and Creation; (it is) this, in which he accepts the almighty will in the creational laws and turns the 
absolute determination of these laws to his own determination and practically employs them. 


He brings his dedication to the laws to expression through the learning and utilization of all spiritual and 
consciousness facts, but never through belief, assumptions, serving and humility. The only way to learn exists 
in the unremitting efforts and striving to obtain higher spiritual and consciousness cognitions and to bring the 
capabilities into application which have unfolded through this. Patience and endurance and the development of 
higher understanding, recognition and engagement of the cosmic and universal love, deepening of the spiritual 
and consciousness knowledge and ability, as well as the shutting-out of material-intellectual thought powers, 
like egoism, materialism, pride, envy, greed and jealousy and so forth, are thereby of decisive significance, 
because only this guarantees the recognition and obedience to the creational laws... 


He who is a human living according to the spirit attempts constantly to maintain himself always, and under all 
circumstances, in the vibrational realm of creational motions. Should these once, through some kind of 
influences, be in danger, then he calls on Creation in the highest power and thus protects himself in its highest 
vibrational power, from the negative. In this manner he proceeds so far along until the creational essence in him 
has produced the absolute determination of defense against the negative. 
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[In his thoughts and his waters,] the human is always the bearer of some things. Many carry oppressive feelings 
in themselves, others grief, worries, problems... But he, who is a human living according to the spirit, is a 
bearer of the creational, of the spiritual... He immediately transforms even the most negative thoughts that 
come and want to destroy his spiritual-intellectual thoughts, into creational power and wisdom. So he makes 
everything creational and carries it as a block of power in himself. Thereby he is a traveling temple of Creation. 


—— \ 





The intelligences of the human living according to Creation would be ever more inspired and press always 
deeper into the spirit-consciousness. He who lives according to the spirit presses always deeper into all things 
with his cognitive abilities and grasps the warmth of the fire of the creational presence in everything. Thereby 
the spiritually thinking human would, over-all, be cognizant and conscious of the power and the truth of the 
creational presence. What therefore remains unrecognized by the everyday perception of the senses, [—as 
cosmic infrasound-] would be spiritually-consciously perceived by the human living according to Creation... 


The material life on the Earth is like a passing game, an evaporating phenomenon, but behind it lies the eternal 
and timeless truth; the spirit of the creational presence and the reality of Creation. This creational reality carries 
in itself all riches and realms of the ability to do with wisdom. This is the remaining, the timeless constancy and 
imperishable. This is no game, rather the eternal and timeless truth and wisdom, knowledge, freedom, love, 
logic and ability, the relative perfection, the absolute determination...° 


The pristine clarity of Semjase’s spiritual teaching continually unfolds within the conscious listener, 
expressing the source of all joy in Truth and the oneness of Creation. The purity of spirit and thought 
present in the Plejaren wisdom teachers reflects their physical purity, drinking the celestial waters of their 
resonant home planet of Erra. The comprehensive knowledge of this advanced cosmic culture directs 
their harmonious lifestyle to benefit from a collective consciousness and the telepathic abilities endowed 
by following the resonant life-path set forth by The Spirit. Dwelling within the field of heartbeat resonance, 
one enters into direct communication with the living instruments given to us by the Creator, to hear the 
joyful laughter and all-penetrating cosmic Om — the vital force of the human being engaged in the 
‘synesthetic’ state of inspired conscious co-creation. 


While Eduard had been educated in the teachings of spirit since his earliest contacts with Semjase’s 
grandfather Sfath —at the age of five— comprehensive spirit teachings were offered in later contacts with 
Semjase, beginning on January 27, 1975. The contacts of the 1970s involved many lessons on the Truth 
of Spirit, but also began a period of extensive photographic opportunities for material evidence. 
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At left is a montage created from Meier's original February 27, 1975 photograph taken at Jacobsberg- 
Allenberg/Bettswil, Switzerland. Meier has even taken photographs from inside Plejaren beamships in 
flight (below). The blurring and tinting of the image is a result of special coatings used in the windows, 
likely comprised of quartz glass, which glow orange in our atmosphere. The resonant acoustic and 
electromagnetic environment maintained inside the Plejaren beamships interferes heavily with the 
camera functions, often overexposing the film due to high-energy radiations or distorting images beyond 
recognition. Dozens of remarkable photos taken in space are marred by significant focal problems. 
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All of the photographs produced by Eduard Meier during his contacts were obtained by permission of the 
Plejaren, while certain sensitive areas were prohibited as subjects for documentation. Portraiture of the 
Plejaren visitors was not permissible, nor was Meier allowed to photograph the interior of the beamships. 
Why do they not yet present themselves to the human beings of Earth openly? Semjase’s father, Ptaah, 
provided Billy with a concise answer to this question, revealing a profound understanding of the nature of 
human consciousness at the present time, and the primacy of reasoned thought and careful deliberation: 


Ptaah: When the epochs change, so also do the minds of the forms of life. This has also happened to humans 
now. The Age of Fishes was characterized by religious fanaticism... Then the birth pains of the Age of Aquarius 
began, and suddenly the Earth human started to listen inside of himself. And he started to think and to explore, 
and suddenly recognized logic only in truth. He developed in a short time his thinking abilities, and searched 
and explored... which is a characteristic of the Age of Aquarius. And this is one of the main reasons why certain 
human beings are now being contacted by extraterrestrial forms of life again. The present Age of Aquarius 
demands thinking and spiritual evolution of the humans of Earth. This cannot be achieved by seeing and 
listening with the physical organs only, but only by reasoned thought. If we appear officially in our beamships 
and spacecraft, the effect of deliberation and of thought would suffer, because the Earth human, in his present 
state of evolution, does no longer deliberate and search that which he can see with his own eyes and hear with 
his ears. Beyond the seeing and hearing, the interest is short-lived, because that soon becomes a natural event 


to him, and he no longer cares. What he knows no more interests him. His interest is only aroused by secrets 
for which he can hunt.’ 
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The Plejaren visitors always wore a protective suit that Meier described as matching the texture and color 
of elephant skin, but was creased and folded to the exact forms of its wearer — perhaps some kind of 
organically grown material fit to form. Meier also described a reflective circular metal neck fitting with the 
apparent function of a helmet-mounting lock ring. The Plejaren go helmetless on Earth without exposing 
themselves to our polluted air, as this circular neck fitting is electrified to create a standing wave over the 
nose and mouth that purifies and sterilizes the air taken in. This apparatus protects the wearer from 
radioactive uranium dust in Earth’s atmosphere due to humanity’s seemingly insatiable lust for war. 


The low-resonance environment of Earth 
had long ago reduced human lifespans to 
the brief span of near 100 years. This limit 
on longevity to which terrestrial humans 
have all become accustomed is a drastic 
and direct result of the weak and offset 
magnetic field of the planet, corresponding 
low levels of infrasound resonance and 
very high levels of deuterium (the heavy 
form of hydrogen) in our waters. Traces of 
heavy water pollute the waters of Earth 
and her surface-dwelling human popula- 
tions, yet the process of her cleansing and 
transformation into a pristine paradise 
already grows from seeds within the 
human heart that will require a quantum 
shift to high-resonance. The high- 
resonance environments of planets with 
atmospheres containing only light water, 
comprised exclusively of protium (being 
deuterium-free), engenders human 
lifespans of perhaps 1,000 years or more 
as enjoyed by the advanced Plejaren 
civilization. An enhanced and colorized 
image based on a self-portrait drawing by 
Semjase (at left)® captures the refined 
grace of her features at the age of 330 
years, in 1975. The facial features, size 
and proportions of the Plejaren race are 
identical to that of Earthly human beings 
with the exception of their long, connected 
earlobes, which may have inspired an 
association with wisdom long ago (pg. 4): 





[Concerning lifespans, investigator Lt. Col. Wendelle Stevens concluded as follows:] This 1,000 years average 
age for the [Plejaren] seems strangely coincidental, as that is the [Bible’s] reported age of Earth humans before 
the Great Flood, when the dense vapor envelope surrounding the Earth came down in torrents everywhere for 
scores of days. Loss of the vapor envelope reduced the atmospheric protection of Earth’s creature species from 
the harsh [UV-B and UV-C] radiations of our sun, and the lifespans of all creatures decreased quite dramatically 
and rapidly to less than 100 years for humans, and vegetable and plant yields were reduced accordingly. 


Recalling the extraterrestrial’s statements that we are descendents of their ancestors when they were here long 
ago, our 1,000-year biblical longevities take on new meaning. Loss of that atmospheric protection has 
shortened our lifespans to 1/10" its former scale... An interesting observation made later on in the contacts by 
one of the extraterrestrials, describing a protective [HHO plasma] screen they use around their vehicles, and 
even around their person when out of their vehicles, indicated that they age in our atmosphere as much as we 
[terrestrial humans do] without their protective screen! 
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The vital force of infrasound expresses itself much more intensely in the highly evolved atmospheric 
conditions on Erra, imbuing an extreme longevity and advanced consciousness among the Plejaren 
through psychoacoustic entrainment. Meier initiated a profound lesson during the 39" contact of 
December 3, 1975 by pointing out the brevity of the human lifespan as a result of “the fact that the forces 
of thinking of each single human being are able to raise or lower the force of life of the fellow creatures’: 


Ptaah: Certainly, this question is of great importance... The age of every creature is shaped partly by the 
penetration of its outer forces by others of the same kind of forms of life. Because the thinking of a form of life in 
cooperation with spirit generates an extremely logical, that is Creation-accorded, force which is released as 
high-frequency radiations and oscillations, an immense force is generated which is able to influence everything. 
The Creation-accorded force penetrates all, truly into all, material forms of life and matter, and influences them 
according to their kind and form. Each form of life owns an, adapted to its spiritual level, age of living or time for 
living, thus as well with the human beings of Earth. In earliest times, when the human being of Earth was 
procreated here by his ancestors, his average age of life was 1,007 years of living, and as taught by his 
procreators, possessed an enormous Spiritual level of knowledge and abilities. 





But unexpectedly rapidly, he fell into religions and their heresies, and by this lost true knowledge and the truth. 
He necessarily began to work against natural law, became a stranger to it, and lived under the bondage of self- 
created laws. This all together resulted in the loss of the high average span of life, which in a few thousands of 
years decreased ever more and settled at the twentieth part of its earlier time. In the beginning of the new 
epoch [of the Age of Aquarius] a change for the better once more marked itself, from which the average span of 
life slowly increases. The main reason for this is to be found in the acknowledgement of the truth and connected 
spiritual direction. The more then that spiritual direction turns itself again towards the truth, the higher again 
develops the average span of life, because here, by this also, the altered genetic and other factors regulate 
themselves again, which in the course of millenniums had become wickedly influenced. The mass of Earth 
human beings moving in spiritual form is still relatively low, and in many cases only beginning to recognize the 
real truth, thus hitherto still no great progress could be achieved. But the more the Earth human being turns 
himself towards the real truth, the more does also increase his average span of life. 


Seen as a whole, every form of life is of important meaning, that is, in its thinking and the forces whereby 
released. Each thought radiates out as a great force and strikes the other creatures who attract these like 
magnets. According to their quality, negative or positive or balanced, they generate in the receiving creatures 
kindred forces, under according effects... But by the heresies and other misguidance of religions, the Earth 
human being is mainly only able to unfold forces which destructively influence all forms of life. Such 
destructions are found in the injury to age, that is, the lowering of the average age. 


The greater the assembly of human beings, as for example in cities, the lower sinks the average age, because 
in such places immeasurable thought energy is released, and penetrates into the fellow creatures... But also all 
materiality suckles itself up on these destroying forces, and in this way falls to early destruction, as for example 
iron, which normally does not rust so fast as is the case on Earth. By this, each Earth human being is himself 
guilty for the early death of his fellow creature, consciously or unconsciously, when he thinks in uncontrolled 
form, and in this way releases uncontrollable destructive forces. If the Earth human being wants to think right 
and according to the Creation, then he must guide the course of his thinking neither in negative, nor in positive 
trails, because both are degenerations which create bad consequences, thus they are against the Creation. 
Right thinking declares itself by a balanced and natural manner of thinking, in which way life becomes 
procreated and maintained. '° 


78 


These penetrating lessons generate a heightening of the spiritual resonance of those humans who can 
receive the lesson and attune their thoughts, feelings and actions accordingly. The voluntary effects of 
teachings of truth was precisely given by Semjase during the 91° contact of November 17, 1977: 


Semjase: ...In result of your education and your knowledge, it is you, [Eduard]... who emits the highest 
radiations on the Earth... When for example exists a lesson of the truth, then its radiation diffuses very quickly 
and very intensively. If now other living creatures find themselves the truth within this lesson, by which fact they 
themselves strive towards the truth, so they become liberated for the reception of the radiation [from the speaker 
of truth]... In consequence of this, the receivers of the radiation tune themselves inside of the subconscious for 


elaborating the lesson of truth towards its best inside of themselves, whereby they generate automatically a 
relationship of themselves to the diffuser of the lessons and even to his place of stay." 
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The highly developed thought forces of Eduard Meier (above, 2010) were briefly demonstrated by focused 
intent in 1977, when he levitated a %% ton oven across a short distance of several meters, and later that 
year demonstrated the heating and melting of several coins in his hands."* The real danger of oscillation 
interference was concisely addressed by Quetzal during the 97" contact of December 28, 1977: 


Quetzal: The reason why we do not maintain connections in physical form with you Earth human beings, is as 
follows: The spheres of oscillations between the Earth human being and ourselves is basically so much 
different, expressed in forms of negative and positive, as of the balances, that it could have heavy 
consequences, if they would touch one another. Normally those oscillations of the human being reach up to 90 
meters [or 295’], which is why care has to be taken, this distance does not fall below that, thus that Earth 
human beings shall not come within this point of distance to us. Our oscillations are very highly sensitive, and 
react strongly to other oscillations, which penetrate towards our sphere of oscillations. In comparison to the 
Earth human being, we are standing very high within our total development, namely by about 3,500 years in 
advance of the Earth human being, for which reason as well our complete field of oscillations has become 
subtilized. When now oscillations of a much less sensible Earth human being would hit us, just that way, that 
Earth human and thus quite imbalanced and negative oscillations would penetrate into the field of our 
oscillations, then this would be equal to a very strong shocking of the structure of oscillations, resulting in a 


strong outer influence leading to a sudden uncontrolledness of reactions, thoughts and actions of ourselves, 
which at the same time release uncontrolled feelings of fear... 
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Normally we use, when we walk among Earth human beings, which doing yet is extremely rare, an instrument, 
which protects us from the lower Earth human radiations. But to do this was never necessary with you, because 
you are exempt from these oscillations because of all your knowledge and your balance, which equates with 
ours... These dangerous disturbances of oscillation structure are the main reason that we are not allowed to 
agree to physical contacts with the Earth human beings. Even in our telepathic, or just inspirational-impulsive 
contacts, we have to exercise extreme caution, as also reflected impulse radiations effect similar 
consequences. 





Complete absorbance of radiated energies by the resonant metals of Plejaren spacecraft protects the 
visitors from the destructive thought forces of terrestrial humans, as with protective gear worn when 
outside the craft. Without the technical mitigation of radiant energies, safe contact is nearly impossible. 
The HHO plasma screens of Plejaren beamships permit the viewing of invisible infrared atmospheric 
energy as ‘ion plumes’ like those recently reported over North America during geomagnetic storms. '* An 
excerpt from the 38" contact of November 13, 1975 concerns “energy bales... that circle the Earth at 
different distances and intervals” — according to the Fibonacci structure of infrasound standing waves: 


[Semjase explained that] through the dimension door it was possible to visit the Earth in its prehistoric past as 
well as in its later time when it has a thick white vapor envelope surrounding the globe... But what now about 
the dimension portal in the Devil’s Triangle? Can anyone see it? 


Semjase: With the eyes alone, it is not recognizable, but it is possible to make the [infrared] radiation visible... 
with the help of my ship. At present only two courses of radiation are visible from this side of the Earth, while 
the third one is behind the Earth and thus cannot be seen from here... [Not only can you see it on the 
viewscreen, but] you can also see it from the windows, because the radiation becoming visible results from the 
radiation shield, which is [HHO plasma] spread from the whole ship. Now watch carefully, for the Earth... 


Meier: ...Girl, ...that is fantastic — | can see really two huge trails of radiation! Besides this, there are spheres 
and other things around the Earth. What do these mean? 


Semjase: Those are energy bales of different sorts and strengths. They circle the Earth at different distances 
and intervals, but are very important for the maintenance of Earth creatures. | am not allowed to explain more.” 
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[aspect of awareness] has become overweighted and dominates the spiritual. So this means that the Earth 
human being has become governed by the material side, by which the evolution runs in this direction, while the 
spiritual steps badly injured behind, as you yourself have once said. From that it appears that the technologies 
are more developed than the spiritual evolution. In this it has to be considered that especially since the year 
1937 the strong influence of the new cosmic age have led this wrong burden of the material side in the whole 
world toward more gentle and harmonized courses, by which the differences between spiritual plenty and the 
material is no longer as strong as is generally thought. 


Many forms of spiritual direction have led to spiritual recognitions of enormous meaning and value, which 
decisively appear in the development of technologies, and as an interesting fact, lead to success although the 
normal sequence of observance of the law was disturbed. But this can also be explained by, the otherwise 
newly gathered spiritual cognitions do nearly compensate for the lawful rule, which means, that in spite of 
barbarism the Earth human being has proceeded in both directions since 1937, and gets closer, though often 
unconsciously about this, and advances by the cosmic oscillations, rapidly towards the real evolution and 
begins to comply with it. This course of development can already be seen in the first days of entering the 
Waterman Age, in the 3° of February 1844, and during the following time until the year 1937, when since the = 
of February the second half of transgression of time began to offer its powerful working, from which it can be 
said by great probability, that the temporal aim of Earth humanity in respect to his determination by evolution, 
will have been reached after a time of about 800 years. . 


This concise explanation concerning human control of the gravitational forces given by Semjase contains 
many profound truths, which reach to the core of the present predicament of our Earthly humankind. The 
Plejaren comprehension of the Creational Laws reveals the natural evolutionary process whereby each 
civilization overcomes all barriers to interstellar space-travel: from the cognition of an internal spiritual 
process of levitation involving resonant infrasound standing waves and water crystallization. The ancient 
Vedic spiritual practice of levitation was referred to as one of the great attainments. Known as ‘aghima’ in 
Sanskrit, it is understood as an internal electromagnetic force generated by infrasound standing waves 
that are transduced and focused by the piezoelectric human body into an enveloping antigravity field. 
Earth’s present-day scientists have learned to overcome the gravitational force using acoustic levitation, 
as an effect generated by the focusing of high-frequency acoustic waves into a concave resonator. 
Biophysicists have demonstrated the levitation of various insects, and even gone so far as to successfully 
complete the gestation cycle of a frog egg entirely within a levitating water droplet! '” 


Just as concave resonators artificially generate the force of 
laghima in a beetle, an artificial gravity field is generated by 
Plejaren beamships for their levitation by acoustic resonance. 
While high-frequency oscillations are used to levitate beetles in 
laboratory experiments (at left), interstellar spacecraft apply 
ultra-low frequencies for the acoustic generation of gravity. 
When describing the rebalancing of the evolutionary growth of 
spirit with the growth of technical means, Semjase identifies 
changes in ‘cosmic oscillations’ as the underlying cause. The 
movement of our entire solar system into a highly energetic 
region of our galaxy is presently inducing the profound 
advancement in consciousness due to the relative increase of 
planetary infrasound resonance, effecting a dramatic 
rebalancing of the Earth’s very sensitive vibratory envelope. 
These cosmic oscillations are transduced on Earth by the 
world’s network of pyramids into a resonant field of infrasound 
standing waves that converge at focal points defined by the 
axis-symmetrical octagonal geometry of the Great Pyramid of 
Giza, Egypt. The Fibonacci-ordered distribution pattern of 
resonant infrasound focal points dictates the precise locations 
where human consciousness becomes enhanced by the 
heightened ‘cosmic oscillations’ increasingly inundating the 
Earth since 1844, according to information provided to Meier. 
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Several of Billy’s contacts occurred in Ober-Satelleg, Switzerland, where he was able to photograph 
Semjase’s beamship on March 8, 1975 (above). At this same location on July 7, 1980 Meier was simply 
instructed to record the acoustic resonance of Semjase’s beamship during a demonstration flight.'® Meier 
took up a position below the low-hovering beamship, near the trees beyond the log piles, while his wife 
Kalliope, two of his children and several close friends also made recordings on the greenway about 488m 
away. Thorough analyses by acoustics experts confirm the beamship sounds to be genuine recordings 
that are impossible to replicate using any known equipment, being truly unique in three significant aspects: 


1. There were at least thirty or more discrete frequencies in a random and constantly shifting mix that ranged 
from 4 to 2170 Hz, but varied on average between 470 and 1452 Hz. 


2. The amplitude of these frequencies was also constantly changing, whereby the dominance alternated. 


3. The wave shape was also constantly changing in a random, periodic rhythm that caused a characteristic beat. 


The wave pattern in the oscilloscope showed this constant and random shift in frequency, in which the principal 
waves of all frequencies came together in perfect synchronization at one moment, only to travel at the next 
moment in different directions and stages, thereby generating different patterns— at one moment seemingly 
moving in a cluster in one direction and, at the next moment, in the other direction. Then they gradually 
expanded until, for one moment, they formed a mutually precise and evenly distributed pattern, only then to 
move again into different relationships. Although these changes appeared to be random and were not repeated 
in a particular order, they always appeared in geometric relationship to one another. Two other sound engineers 
and a synthesizer sound specialist joined the analysis team, and the sounds were reexamined, this time for 
possible duplication. All of these specialists agreed that the character of the sounds was unique and that any 
type of synthesis, if in fact such was possible, could produce only portions of the recordings we had examined 
and that duplicating only part of the sounds, even in a short linear segment, would be impossible. The number of 
traveling and constantly shifting discrete frequencies and constantly changing amplitudes, which were shifting in 
relative dominance, exhibited duplication problems that exceed the abilities of a current state-of-the-art device!” 
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Making a Shortwave Radio ( How to make a Shortwave Radio ) 





Normally, Meier does not hear such loud ship noises, certainly not for such a long time. At the most, there is 
usually a very short noise when the spaceship lands or takes off. This demonstration was intentionally given for 
the purpose of the tape recording... None of the other eyewitnesses saw any type of spaceship, but Meier said 
that he could see it from below and observe a strange effect. As the sound went up on the scale, the ship 
became more transparent, and when the pitch became lower, it looked denser again... 


Jim Dilettoso, our research consultant, took samples of this noise to Peter Gimer and Rick Coupland of Micor in 
San Francisco. There they performed tests in the audible range, from 20 Hz to 2000 Hz. They found twenty-four 
characteristic frequencies within the audible range and eight outside of it. They found all thirty-two frequencies 
concurrently at different amplitudes and volumes. All thirty-two tones are somehow produced simultaneously. In 
a time matrix, the amplitude of some frequencies increases, while that of others decreases. It was observed 
that the amplitude periodically increased by ca. fifty decibels and then decreased by ca. forty, and at other 
times, just the opposite was the case, which produced the characteristic beat that was audible. Other normal 
sounds were audible on the recording, but there were no signs of a tone-on-tone tape dubbing. All frequencies 
were clear and stable, and they were regularly lined up along the frequency scale [in the sonogram, below]. 
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The demodulation showed that one must be dealing with a rotating device — 249.6 U/min. modulated at 4.16 
Hz... The high-speed device produced a sound that began at 520 Hz and increased in steps up to 990 Hz, only 
then to decrease again down to 520 Hz in the same frequency steps. The tonal groups comprising 520 Hz 
disappeared together at 520 Hz and reappeared at 600 Hz, only to disappear again at 720 Hz. At 990 Hz, 
however, they reappeared and were very strong. The same occurred in the other direction. The condition 
remained stable fora moment and then shifted again. This shift was somehow random, but nevertheless 
constant. At certain times, the high-speed device was still, and a deep, throbbing beat was audible; and then 
the high-speed rotation began again, and the sound increased rapidly to a high vibrating crescendo in the upper 
50,000 U/min. range or higher. Simultaneously, the slower 249.6 U/min.-rotation again became audible. The 
vibration was produced by the high-speed rotation of approximately 29,000 U/min., which accelerated to over 
59,000 U/min. This was most certainly not a normal sound! 8 


While acoustic experts have identified several key features of the beamship sounds that are impossible to 
reproduce with any known equipment, their archive search for related sounds failed to recognize these 
same key features in a sound that we are all constantly exposed to, but only very rarely conscious of — 
the sound of our mother Earth! The over 30 fixed frequencies of Semjase’s beamship, whirring in 
constantly shifting amplitudes, very closely replicate the much lower infrasound harmonies of Earth’s 
planetary resonance. Earth’s base frequency presently fluctuates near 7.8 Hz and harmonics progress in 
frequency steps of approximately 5.9 Hz, extending from below 2 Hz upwards to about 50 Hz.”° 


Subtle fluctuations observed in the deep resonance of Earth are seen as rather dramatic shifts in the 
multi-frequency oscillations of the Plejaren beamship, as dominance constantly shifts up and down the 
frequency scale in regular stepped intervals visible in the sonogram above. The various circular rings and 
domed elements of the beamships’ hulls are designed to generate this standing wave resonance through 
highly structured crystalline metals that transduce and amplify the omnipresent song of the cosmos, 
referred to by the Plejaren as the ‘Symphony of the Spheres’ during the 223™ contact of May 1, 1988: 
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Meier: You, as well as Ptaah and Semjase, once played the strange humming sounds of the Earth to me 
through your apparatuses, which | can’t perceive in nature, unfortunately, because my hearing senses aren’t so 
sensitive that | could hear these sounds, which should very well be possible for other people, however, as 
you've explained... You named the sounds “Symphony of the Earth” or “Symphony of the Planets” as well as 
“Symphony of Space,” which is also entirely incorporated into these sounds, like also the atmospheres of 
planets and suns and even all material and immaterial things of every kind, concerning which you’ve spoken of 
a “Symphony of the Spheres.” This symphony, i.e. these sounds, are, so far, still unknown to the Earthly 
scientists in particular and to the people in general, other than just the exceptions to the rule, even those people 
who perceive these humming sounds, i.e. “Symphony of the Earth,” and who are of the opinion that something 
isn’t right in their heads, and thus, not that real things are going to and fro. Can you once again officially explain 
what it actually concerns with these humming sounds, if it shouldn’t remain a secret? 


Queizal: |t does not have to remain a secret because in about 10 to 15 years [1998-2002], a portion of the 
Earthly sciences should also encounter these things. Moreover, it concerns the fact that every planet, every 
comet, every larger asteroid, meteor, and every sun, as well as the nebulae and clouds in space and space 
itself, as well as every black hole and all material and immaterial things existing at all produce certain tones and 
sounds, which we, as you said, actually call Symphony. Within the entire realm of the Creation or of the 
Universe, nothing exists that would not be incorporated into these symphonies, so therefore, all material and 
immaterial things vibrationally generate certain tones and sounds and even symphonies, which usually cannot 
be perceived by the human ear because these move in too low or too high frequencies for this. Only through 
abnormal, degenerative, physiological changes can these sounds or symphonies be perceived by human life 
forms, whereby these then become effective in an extremely consciousness-impairing, nerve-racking, and 
psyche-damaging manner. 
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The frequencies of these symphonies or sounds reach into all levels, so thus, the lowest sounds, like humming 
sounds, as you Say, are given as well as the highest whirring sounds and shimmering sounds, etc. As the 
frequencies are virtually countless in their number, these are also the sources of the sound symphonies, for 
these relate to all that exists of the material and immaterial. Thus, if one starts from the Earth, then these sound 
sources are, for example, the waters, in terms of the deep-sea movements as well as the movements of the 
waters of the lakes, rivers, streams, creeks, and springs. 





Even the roar of the waves, the small and mighty storms, the tectonic movements of the Earth’s interior, the 
bubbling of magma in the Earth, and the eruptions of the volcanoes belong to these, as well as the rain, hail, 
and the various layers of the atmosphere, which rub against each other, as well as the winds against the trees, 
grasses, flowers, houses, mountains, sand dunes and deserts, steppes, icebergs, glaciers, and surfaces of ice, 
as well as against windmills, wind turbines, ships, aircraft, rockets, missiles, and vehicles of all types, against 
land surfaces and everything else that materially exists. Also to be noted are the voices and sounds of humans 
and animals, insects, birds, and fish and any other water creatures. 


All sounds together form the actual “Symphony of the Planet,” as we call it. And as this happens in the purely 
material realm, so this also happens in any immaterial sphere in the entire Universe, each of which also 
produces its own symphony, like also fog flowing on the Earth or nebulae existing in space and all other 
formations that are absolutely impossible to cite in their number because everything is so immeasurable that it 
could neither be grasped by purely human understanding nor by technological possibilities of any kind.7" 


Given as a precise description of cosmic resonance, the comprehensive explanation of the ‘Symphony of 
the Spheres’ provided by Quetzal penetrates to the unified vibratory essence of the cosmos. My own 
direct perception of the resonant symphony during deep meditative states formed the impetus for my 
years of study of infrasound standing waves. | discerned that the deep throbbing pulsation that fills my 
consciousness during the darkest hours of the night was induced by ayurvedic pyramids for heartbeat 
entrainment at specific nodal points around the globe where sacred ancient temples still exist, yet having 
suffered terrible cataclysm. The cosmic symphony is absorbed through the resonant metals of plasma 
beamships to be converted by interior HHO plasma chambers into ultraviolet-A and infrared light for all 
power needs. The over 30 distinct frequencies observed in the infrasonic bands of Earth’s resonant 
symphony are exactly replicated by spacecraft for acoustic levitation on the arches of standing waves. 


Analyses of the resonant humming of the Plejaren beamships recorded by Billy Meier exactly echo 
hieroglyphic Sanskrit scripts on highly reflective silver-alloy metal debris recovered from the 1947 aerial 
disc crash near Roswell, New Mexico (pg. 31). Embossed text on an I-beam fragment reads: “workings of 
30 resonances, female and male, 30 resonances whereby approaching the highest...” Meier’s beamship 
recordings prove the Roswell texts describe the 30 resonant frequencies of standing waves generated by 
plasma ships for both antigravitic propulsion and the maintenance of life onboard. 
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Semjase: For traveling through cosmic space, a drive is necessary which surpasses the speed of light by 
millions of times. But this propulsion can only come into action once the speed of light has already been 
reached... This means then that a beamship needs two drives, first the normal which accelerates up to the 
speed of light, and then a second... which generates a million-fold, a billion-fold, the speed of light, thus the 
hyperspeed by which hyperspace is penetrated... So time and space collapse, and they become zero time and 
zero space. This means time and space cease to exist. And exactly by that, distances of numerous light years 
are traversed in a fraction of a second, with no time lag... When, for example, we leave the Pleiades and need 
about 7 hours to get to Earth, then on our own planet, and on Earth, 7 hours pass. We need this long because 
we first have to fly beyond the reach of the planets by normal propulsion, and only far out in space can we 
convert to hyperspeed. Back from hyperspace then, far outside your solar system, we convert to normal drive. 
We are never allowed to enter hyperspace too near to a planet... | am only allowed to say this concerning 
propulsions; your scientists are already working on light-emitting drives. Light-emitting drives work for normal 
propulsion, and move the beamships near planets and until they are a safe distance away. 
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Meier: This is evident, but how is it possible for a beamship in the gravity of a planet, or in its atmosphere, to 
attain such great speed without glowing, or the passengers succumbing to the huge pressures? 


Semjase: This is very easy to explain, and also no secret any more to Earth humans, at least not the scientists; 
the beamship is surrounded by a protection-beam-girdle... [Thereby] anything contacting the screen [becomes] 
disintegrated or “flowed” away... [while the protective HHO plasma screen] also neutralizes the attractive force 
of a planet... The gravity of a planet is, besides this, not always the same, or of the same strength, owing to 
certain alternations which will be discovered by your scientists in a reasonable time. The beam-protective- 
screen diverts the gravity and attractive forces, and the beamship in effect becomes a miniature planet which 
can travel at nearly light speed through any atmosphere without risk. As the gravity of a concerned planet does 
not influence the ship, the passengers feel normal and unburdened, as if they were on their planet itself, always 
under the premise that the planetary gravity is in accordance with their anatomical capabilities. In the beamship 
itself, the gravity of course is tuned to the passengers and is completely controllable. When passengers on 
spacecraft from other worlds move in atmospheres alien to them, or on hostile planets with unbearable gravity, 
they use suits and other small transportable instruments which generate for that creature, the necessary beam- 
protection-screen for their particular ship and their particular requirement. 


[Semjase continued her explanation of superluminal space travel during the 8" contact, on March 18, 1975:] 
The turning-off of a time-dilation or time-shift needs but the penetration of hyperspace, as | have already 
explained. The “jump” occurs very fast by momentary paralyzation of the protective screen under flash-like 
increased velocity, with the consequence of a flash-like increase in mass. This means that the initiation process 
runs so fast, that by the speed of certain processes, generated by the apparatus, matter is distorted within the 
millionth part of a second, and becomes fine-material form, which is able to pass hyperspace timelessly... 
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By this, at the same time, space and time are paralyzed and disappear, in consequence of which the ship 
already rematerializes itself at its destination place, as it is dematerialized at its place of departure. The whole 
process needs no longer than a millionth part of a second, thus also for creatures, passing hyperspace does not 
take alterations of any kind. When spaceships fly below the speed of light, this inevitably takes much time, which 
is always the case with newcomers to cosmic flight. First, they all do learn from experiences and cognitions. 
Second, this space-traveling is very dangerous and leaves its purpose open to question. When spaceships reach 
hyperspeed without passing directly into hyperspace, then catastrophe for the ship and its passengers is 
assured... Speeds above that of light hold many dangers, when the barrier of hyperspace is not penetrated and 
made an ally. The dilation effect is only one of these dangers... Our forefathers, too, faced these problems, and 
went astray in space and time. The same does happen to other creatures, and in the same way.” 
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The industrial development of antigravity technology on Earth followed Nikola Tesla’s 1899 discovery of 
standing waves, which led to the later development of the implosive hydrogen motor. Through the joint 
espionage efforts of Nazi industrialists in both the US and Germany, Tesla’s secret transdimensional 
spacecraft designs were stolen by Hitler and quickly weaponized by enslaved Nazi/CIA scientists”*: 


Viktor Schauberger was the actual designer and builder of this world’s first flying saucer motor, which was built 
for Nazi Germany in 1944. In view of this startling revelation one has to wonder where he obtained his revolu- 
tionary knowledge to construct such a device. He had discovered what he called an “implosion” principle, and 
invented a motor to take advantage of this new principle. The motor consumed only air and water and genera- 


ted light, heat, and thrust, as well as a diamagnetism which made lift possible through "diamagnetic levitation”.*° 


The dark truth of the Nazi assassination of Tesla after the theft of his designs was retold in 1995, during a 
deathbed confession by Hitler's personal bodyguard and espionage agent Otto Skorzeny. Published by 
Erik Berman in 2003, Skorzeny confirmed that Tesla’s HHO plasma invisibility technology had been applied 
in both the Nazi flying discs and later in the US stealth aircraft.** Advances in Earth’s resonant spacecraft 
technologies continually occur as the expansive consciousness of humanity reaches toward the stars. 
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In anticipation of piloting a newly manufactured spacecraft from Erra to Earth for the first time, Semjase 
announced the deployment during the 48" contact. Eduard was given the opportunity to photograph the 
new beamship on March 8, 1976, at Bachtelhornli-Unterbachtel (above). The new beamship displays a 
golden-colored alloy comprising the underside of the hull and along a band below the orange-tinted 
cupola windows. Both beamship models are 7 meters in diameter and share a similar hull design, with 
several significant differences. The latest design presents a more complex array of HHO gas-venting 
systems above the domed ceiling that replaces the aerial antenna employed in the previous model, as 
well as radial ridges that form a distinctive stepped contour along the golden perimeter of the spacecraft. 


Semjase explained, “In the outer appearance only small differences appear. The greater novelty is the 
inside arrangements, which offer much more capability than is the case with my present ship. With the 
new one | have the ability to break through dimensions in two directions.” *° Meier had previously 
described transdimensional hyperleaps through space and time during earlier contacts in his youth, as an 
instantaneous physical dematerialization from which arises a profound sense of cosmic Oneness: 


With the launching of the [time-travel] transmission a quite weird thing happened in the form that the entire 
surroundings of the ship slowly shimmered and then quite suddenly simply no longer existed. | also observed 
the same process in regard to myself, and in the moment of the "jump" it was, to me, actually as if | suddenly no 
longer corporally existed. Somehow | felt transferred into something which | sensed as being eternity itself and 
in which an indescribable silence and endless, calming peace and enormous love ruled... It was often for me as 
if | were raised up by being itself. °° 
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While photographing the latest Plejaren spacecraft design for the first time (below), Meier witnessed the 
instantaneous appearance of two accompanying spacecraft, later described as 4-meter Explorer class 
unmanned reconnaissance vessels. HHO plasma excited in the air surrounding the beamship for instant 
optical invisibility can also be generated within the ship’s interior airspaces by rapidly ionizing the third- 
density lightwater vapor to become a fourth-density environment of HHO plasma. During his 31 contact 
of July 17, 1975 Eduard Meier experienced fourth-density space-travel, by hyperleaps, covering vast 
distances to visit various inhabited worlds of the Universe. The remarkable details reported by Meier 
deserve serious contemplation — especially the state of consciousness experienced by all the passengers 
aboard the giant spherical ‘Great-Spacer’ during the seven minutes of dematerialization ‘in the eternity’: 











Semjase: Earth humans still don't know very many things. But now we have to interrupt our conversation, 
because my father has finished his preparations for the great leap. And as | am already speaking of such, then | 
want to ask you something: In a few minutes, we will jump for seven minutes into the "eternity", as you call it. 
The feelings and sensations there are completely otherwise than in normal existence in material life. For that 
reason it is also not possible for us to receive your thoughts and feelings with proper concentration. In 
consequence of which neither | nor my father, nor any of us, could later repeat for you your feelings and 
thoughts, so that you could write them down. If you nevertheless wish to do this, then there is a chance ona 
technical basis... 


The booths, which you can see there, beside the screens, are equipped with all necessary means, to store up 
feelings and thoughts. The thought impulses received are stored in a special computer and can later, as may be 
desired, be repeated word for word from it. The helmet, formable and adaptable in size, which you see there, is 
equipped with very fine sondes and is as well covered by a special, fine-meshed net of sondes, which pick up 
every kind of energy and transforms it into impulses, which are then transmitted to the computer where they are 
registered and stored. The energy of thoughts and feelings is measured in very high values and can be 
received only through those instruments. The energies of feelings and thoughts exist only in very high 
frequency fields, or hyper-frequencies. To now be able to register your thoughts and feelings, it is necessary 
that you place yourself into the chair and lay the head under the helmet cap, which then will adapt itself 
automatically to your head... 
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Meier: At your service... (AS Semjase explained to me, | quickly sit down inside one of the three booths, in the 
extremely comfortable chair. As soon as | have seated myself, the peculiar helmet moves over my head and 
sinks down silently. It is big enough that it closes around my whole head, and only leaves my face open, thus | 
can see and watch everything. But the helmet is not touching my head; only lying close around it, keeping about 
one and a half centimeters distance to the skull, as | can see when | place a forefinger between the helmet and 
the head. Now | am tense and expectant, for | wonder what is going to happen. Ptaah and Semjase manipulate 
the apparatus, and now | can see again how the fantastic heavens and stars change. In a fraction of a second 
they are nothing more than a whitish milky mass, a shining mass, as | have already seen in the other hyper- 
leaps. But now suddenly as well, this milky whitish shining is gone and there is darkness. 





But now what is this? Suddenly all is merging into a golden color, and now everything is like silver. But - my 
dear this glistening light, this beaming shining splendor! Everything is merged into glistening light - only the 
glistening light. It is stronger than all the suns of the Universe... Dear, oh dear, this glistening light, and it does 
not hurt the eyes! Dear, this must be eternity, the glistening light of the eternal... but see, there is nothing 
besides the eternity; man alive, how marvelous! Marvelous? Man alive, that is itself marvelous. Eternity and 
marvelousness are one and the same. Only why do | separate it? Why do | put the eternity into terms of time? 
Time does not exist, and the eternity is marvelous. Man, just what is this? This tranquility, this peace -- what is 
it? How could | have achieved this? 


Love, oh that deep all-encompassing love. Nothing is there, but Jove: wonderful, marvelous. Oh yes, | am, but | 
am not. Everything is so deep, and full of love. Of course, | am eternity, and | am inside of eternity. How could | 
ever forget this? Oh yes, | am a human being, how can I... why do | forget that? | am only a guest in eternity — 
and those loving voices, calling for me, from where is it coming? | can see nothing, only the glistening light, 
comforting. Who is calling me? | see nothing; man alive, | am nothing any more. | can't see myself. | am 
eternity, in the eternity. Oh, how is that, but | don't see with my eyes, still | see everything. And | am not listening 
with my ears, yet | hear everything. Yes, the love, how powerful it is, how immense, infinite and wonderful. 
Everything is love and splendor; why doesn't the human being understand this?... The calling comes out of the 
light. Is it the call of eternity? 


Oh how hard it is... to not think that | am only a guest in eternity, that | am only a human being. How painful it is, 
this being a human. | do no more want to be. | want to remain here as eternity inside of eternity... this deep. 
Yes, | want to stay here. Never again do | want to return. Here is the existence, the real existence... How can | 
feel strange having to return to a material world? | belong here... Pain, why are you shaking me? What is it?) 


Semjase: Do you still not understand? 
Meier: |— Oh yes, of course! — Pitiful — very much pitiful —- why have you brought me back here? 


Semjase: You want to joke, but we have all been inside the timelessness, and would all like to stay there. But 
we are not ready to stay, because we have to absolve the way of evolution step-by-step — as you also must do, 
dear friend. | know quite well, how painfully your heart aches now, as we all have experienced the same thing. 
But we have to adjust ourselves for that and do know, that under no circumstances or conditions are we 
allowed or able to remain, until we have reached that level of consciousness. | do regret very much that you feel 
disturbed inside, as | can see it on your face. But you will overcome it, because you can think about it 
realistically. For that reason we also took responsibility for this equipment... [that allows us to record your 
blissful thoughts so that you may reflect on the experience of transcendence later. ] ~ 
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The transdimensional experience of oneness had left Eduard shaken. What he experienced ‘in the 
eternity’ finds direct parallels with the impressions of other contactees who have transcended into fourth- 
density awareness. During transdimensional breakthrough, the third-density air environment maintained 
inside the spacecraft is instantaneously converted into a fourth-density environment of HHO plasma, 
inducing a transcendent state in the human being through the radiations of gold and silver nanospheres 
among the trace elements conforming the atmospheric water vapor maintained within all beamships: 


Ptaah: You breathe here in this room... air... [that] is adjusted to the conditions of our homeworld, and is much 
more healthy and invigorating than that of Earth. The oxygen content is some values higher than on Earth, and 
also the compound of other elements is somewhat different... The different composition of the air keeps us 
awake longer, and in need of less sleep than is the case on Earth. That is why you are not tired.*° 


An elementally balanced atmospheric composition affects the bioelectrical enhancement of all cellular 
metabolic processes within the human body, greatly decreasing the need for physical sustenance, 

whereby Meier was sustained on one meal for over 90 hours. Open discussion of bionanotechnology 
was precluded by the Plejaren, except once —by Quetzal during the 205" contact of February 3, 1986: 


But in our civilizations, [disease] has no longer appeared for thousands of years... | want to explain as an 
exception and on my own responsibility. Above all, silver ion products — such as silver ion powder, silver ion 
jelly, or silver ion cream — are useful. For this, an application is required on the skin.°? 


This hint from Quetzal addressed those few silver ion products available at that time in 1986, yet point 
directly toward the present advances of ayurvedic electro-medicine using gold and silver nano-colloids. 
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No radio waves and no other kinds of vibrations are capable of penetrating into these aircraft because the outer 
hulls of each device absorb everything in terms of power storage for the ships’ propulsion and everything else. 
This means among other things that these aircraft are so designed that they absorb all waves of all frequencies 
and, therefore, all vibrations of all kinds for power storage, like also sunlight and everything else in terms of 
entering radiations, etc. But the moon light and the weak light of the stars are also absorbed and stored as 
power, together with many other things [comprising the Symphony of the Planet, especially terrestrial standing 
waves of infrasound resonance], which are still unknown to the Earthly scientists.*° 
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All wavelengths of energy are absorbed into the craft and transduced into ultraviolet-A and infrared light 
inside HHO plasma chambers, formed by the conjoined rings of spherical resonators. The rotating rings 
release plasma discharges that arc across the spark gap created between the two resonant spheres with 
gold-colored circular fittings. The noticeable warping of the image is an optical effect of the strong 
electromagnetic fields levitating the craft across the parking lot while it was being photographed, without 
landing. Along the outermost rim of the craft is a ring of 96 rubies that act as plasma beam emitters as 
HHO plasma becomes confined within the path of the infrared light by an encircling electromagnetic field, 
just as recently defined by MIT researchers investigating superfluidity (Ketterle et al.*’). 


The single-occupant reconnaissance spacecraft displays many advanced features for the application of 
fourth-density HHO plasma beam technologies that further confirm the validity of these photographs, 
which have been met with decades of sustained criticism despite being authenticated by experts. Many 
magnificent photographs taken at the Semjase Silver Star Center provide scale references by including 
foreground and background objects, allowing the size of the spacecraft to be accurately determined. 
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The craft’s spherical resonators and compact circular hull serve in the production of standing acoustic 
waves that provide the antigravitic effect for flight by acoustic levitation. An array of 8 spheres is clustered 
at the top the craft, above a central row of 12 spheres and a wide lower row of 24 spheres — all of similar 
diameter. This 8—12—24 alignment of resonators presents the same quadrupolar geometric configuration 
observed of all of their spaceflight vehicles for generating Fibonacci-ordered standing waves composed 
of over 30 simultaneous, fixed frequencies with constantly shifting amplitudes (overlaid, above). 


The loud singing of the resonant metals in flight can be shifted out of the audible range of human beings 
to be entirely imperceptible, utilizing deep, throbbing infrasound frequencies well below 20 Hz for 
levitation. The frequency of each spherical resonator is defined by wall thickness, not diameter, thereby 
allowing the specification of a unique frequency for each, as the high-speed rotation of the largest ring of 
resonators at 249.6 U/min. creates the 4.16 Hz modulation. Never having seen Meier’s photographs, 
acoustic analysts identified the object that produced the sounds as being composed of many spheres. 











Meier was able to document an interesting effect 
of electroluminescence generated by Quetzal’s 
beamship at nighttime from several perspectives, 
in a series of remarkable close-ups on August 5, 
1981. Red light emitted by the normally silver- 
colored metal surfaces gives the ship a golden 
appearance. One image from the series captured 
the ship in a particular configuration not seen in 
any of Meier’s other photographs, with a reflective 
metallic viewing screen exposed by the retraction 
of a small protective sleeve (above). Comparing 
photographs of Quetzal’s ship reveals the rotary 
function of the lower array of resonators. The 
compact circular design of this interstellar vessel 
reflects the same mathematical structure that 
guides the larger beamship designs, presenting 
the precise, unmistakable form of the Mandelbrot 
quaternion (at left). The octagonal symmetry of the 
Mandelbrot set defines the distribution pattern of 
interconnected spherical resonators mounted in 
circular rows along the upper tiers in the 8-12-24 
arrangement. This ‘otherworldly’ plasma vessel 
reflects the same geometries seen in crop circles. 
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The close-range photo series included well-illuminated, detailed nighttime images of the tiered convex 
underside of the beamship piloted by Quetzal. Recessed patterns are seen under the beamship’s outer 
flange and details of the lower hull’s concentric rings include a pair of circular fixtures and other closed 
circular ports just barely visible (likely housing landing supports). The large, stepped central element 
terminates in a nearly hemispherical platform with an array of HHO plasma beam emitters, for which the 
‘beamships’ have been named. Plejaren beamships in Earth’s airspace maintain complete invisibility, yet 
special occasions presented themselves whereby members of the Meier’s community were able to 
witness and photograph various spacecraft and other associated aerial phenomena. While Semjase’s 
description of global celebrations on her homeworld of Erra included immense, multicolored aerial HHO 
plasma displays by fleets of beamships, only modest demonstrations were made for Meier’s group. 


FIGU member and author Guido Moosebrugger 
was able to photograph a nighttime aerial 
beamship demonstration on June 13, 1976 
above Winkelriet/ Wetzikon (at left). The bright 
luminous display distinctly presents an array of 
infrared beams acting as guide paths for glowing 
orange columnar discharges of HHO plasma. 
Rather than providing some form of thrust as 
would be expected in the context of plasma jets 
used in basic terrestrial rocket technology, the 
plasma beams can be used to target and 
incinerate objects below the ship, and to levitate 
objects upwards from very far below. This beam 
is often used for tasks such as collecting 
atmospheric, terrestrial or aquatic samples and 
specimens, as well as generating luminous aerial 
displays. Specific colors emitted by HHO plasma 
can be controlled by simple chemical additives 
being vented with the HHO gas, thereby forming 
plasma trails of banded colors in the wake of the 
plasma craft as it maneuvers aerially. 
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The circular bottom of the reconnaissance beamship houses a symmetric octagonal array of 24 plasma 
beam emitters arranged around a larger central element which vents HHO gas into the beam array to be 
ignited as HHO resonant-transfer plasma (above). Each of the plasma emitters contains a ruby for the 
generation of a beam of infrared light, precisely aimed by a short nozzle. The plasma emitters’ achieve a 
narrow range of rotary motion that allows all 24 beams to be focused on one central point several feet 
below the beamship, or independently into any other desired configuration. The alloyed nozzles focus an 
electromagnetic field that encircles the infrared beam, thereby confining the HHO plasma within the 
beam. These techniques for plasma beam focusing are now commonly used by plasma physicists, yet 
are rarely studied in the context of beam propagation over vast distances through the atmosphere. 


Well-known examples of resonant metal alloys formulated by Sanskrit-based Buddhist traditions in Asia 
include Tibetan singing bowls, comprised of 3 metals, and finer Bhutanese singing bowls rendered from 7 
metals or more, known for highly resonant characteristics. While the singing bowls of Asia are comprised 
of a layered composite of various metals formed by hammering, the much more advanced resonant alloy 
production processes of Plejaren metallurgists involve the co-mingling of atoms in a composition unique 
to space-faring plasma ships, unlike any produced on Earth in modern times. Billy accepted several 
resonant metal samples as gifts from Asket, the products of her civilization, the Timars, who use similar 
advanced techniques of frequency resonance applied by the Plejaren, and indeed all cosmic travelers. 
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Dimensional phonon resonance occurs when the space occupied by one isotope is exactly the same as that of 
another isotope in its rest state [i.e. 25°C]. This event can only occur under the following two conditions: the ex- 
pansion of an isotope by heating, or the contraction of an isotope by cooling. Due to the natural characteristics 
of elemental properties, this event is extremely rare and one can only force the event under select conditions. 
To determine the phonon resonance of an isotope, it is necessary to apply the following formula: 


d - density in g/cm? 
Phonon Resonance (Hz/Cm) = dx Na Na - Avogadro's Constant 
m m - atomic mass 
In the formation of Au (or other elements) from a dimensional reaction, the conversion will occur without excess 
energies or nuclear signatures... by heating Ag to a temperature of 43.2°C... To achieve maximum conversion 
of Ag to Au will depend on the dwell time at resonance temperature. To date, visible conversion of Ag to Au has 
taken as little as six hours, with 2% conversion taking up to 24 hours. The reaction is safe... [with] no toxicity.*© 


23 
107Aq Ph Hz/ - 3105 x (6.0221x 10") - 38 962 
g Phonon Resonance (Hz/Cm) ~——408.006002 38,962,532 
23 
Au Phonon Resonance (Hz/Cm) = EE el = 38,931,841 


Dr. Champion’s phonon resonance formula provides the resonant frequency of go/d (Au) in its rest state 
as 38,931,841 Hz and the '°’Ag isotope of silver as 38,962,532 Hz (above). The relative proximity of the 
resonant frequencies of these two precious metals allows a low-energy atomic transmutation from '°’Ag 
to Au to occur near room temperature. However, silver isotope '°°Ag comprises 48.8% of all available 
silver bouillon and, unlike it’s sister isotope '°’Ag, is not so easily converted to Au. 


The conversion of '°°Ag into gold requires a more complex process using megahertz frequencies in 
conjunction with precision heating techniques. By the same means aluminum can be converted into silver 
when oscillating at a resonance of 38,950,565 Hz (at 276°C) and will also convert into gold when dwelling 
at a resonance of 39,932,068 Hz (at 295°C). After just a few days of dwell-time at resonance, atoms of 
the starting element have become informed with the resonant frequency of the target element in its rest 
state. The metal is then melted and rapidly cooled in distilled water to achieve the maximum conversion 
rate, just as in the procedures described by Semjase in 1976. The respective electron configurations of 
aluminum, silver, platinum and gold reveal the restructuring of electron orbital shells during transmutation: 
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The addition of subatomic particles into atoms vibrating at resonance is facilitated by standing waves that 
act as pathways for the reconfiguration of electrons, protons and neutrons into a more densely packed 
arrangement. Just as acoustic standing waves can power wireless devices by transmitting electrical 
currents across otherwise nonconductive airspaces, standing microwave resonances induced within 
atoms allow subatomic particles to jump across otherwise impassable gaps in the atomic framework. 
Direct observation of this resonant phenomenon of atomic transmutation will be made possible by the 
quantum stroboscope, which has already provided the first direct imaging of standing waves that 
comprise the structure of a single electron. A source metal like aluminum can thus be transmuted into 
silver and then gold as successive electron shells become filled, adding atomic weight in the process and 
significantly increasing the yield weight of the conversion with each stage of the complex process. 
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Dr. Champion has identified a new class of intriguing natural metabolic processes”’ where atomic 
transmutation occurs as fungi ingest silver, thereby undergoing a pleomorphic change. Dry, active yeast 
is a cheap and readily available bread-making product that requires only warmth and water to thrive and 
reproduce in vast numbers. Common yeast species like Saccharomyces cerevisiae produce the silver- 
binding protein SSB-1 that enables the attachment of active yeast cells to available silver surfaces.*® 
Ingestion of silver atoms by the round 2-3 nm microbes causes their mutation into rod-shaped mutant 
microbes about 1-2 nm in length (below). The budding yeast cells act as electron donors inducing the 
resonant transmutation of silver into gold, as 32 electrons, 32 protons and 57 neutrons are accepted by 
'°7ag silver atoms vibrating at a 38,931,841 Hz resonance with gold. This newly recognized metabolic 
process leaves nanoclusters of gold deposited on exposed silver binding sites, as further transmutation 
takes place within the bodies of the microbes whereby ingested silver is converted into gold nanorods. 





The rediscovery of biological transmutation in yeast species restores ancient metallurgical knowledge 
and informs a scientific reinterpretation of enigmatic passages from the Bible. Biblical accounts of the 
divine presence often refer to a sacred substance called manna, which was used in making holy items 
such as the ‘bread of life’ (or showbread) and the ‘living water’. However, this holy bread was not simply 
produced by a common baker. Instead, Moses commanded the goldsmith Bezaleel to prepare manna for 
the ‘Bread of the Presence of God’ — apparently using yeast to convert silver nanopowder into gold. Many 
unmistakable references preserved in the Book of Exodus confirm the biological process of atomic 
transmutation was used in the enrichment of food and water for the elevation of human consciousness. 
Advanced material and spiritual knowledge possessed by Moses is revealed in his demonstration that the 
presence of God is not conferred by gold idols, but by gold nanoparticles in sacred bread and water: 


When Moses approached the camp and saw the calf and the dancing, his anger burned... He burnt the golden 

calf - melted it down, and then filed it to dust; and that the powder to which it was reduced might be taken notice 
of throughout the camp, he strewn it upon the water which they all drank of. He did this that it might appear that 
an idol is nothing in the world, he reduced this to atoms, that it might be as near nothing as could be. (32:19-20) 
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My first experiments achieved ~3% transmutation of silver into gold in 7 days using the silver/yeast 
method at 108°F (before/after seen above)! A comprehensive spreadsheet provides phonon resonance 
frequencies and temperatures for most isotopes based on each atom’s physical diameter.*? A small 
selection of phonon resonance frequencies determined for various conversions follows: 





Source Isotope > Target Isotope Resonant Frequenc Resonant Temperature 
‘7g (silver) > "Au (gold) 38,931,841 Hz 43°C / 108 °F 
Mo (molybdenum) > Zn (zinc) 39,400,694 Hz 115°C / 239°F 
°Zn_ (zinc) > Al (aluminum) 39,296,350 Hz 183°C / 362°F 
"Al (aluminum) > ‘Ag (silver) 38,950,565 Hz 276°C / 529°F 
“Al (aluminum) > ‘Au (gold) 39,932,068 Hz 295°C / 563 °F 
‘07g (silver) > 1°8Aq (silver) 38,652,383 Hz 327°C / 620 °F 
Zn (zinc) > '°'ng (silver) 39,138,500 Hz 344°C / 653 °F 
Zn (zinc) > '7Au (gold) 39,126,761 Hz 356°C / 673 °F 


The atomic resonance of various elements provides the particular conversion cascade by which nature 
creates the diversity and abundance of matter through great heating and cooling cycles recurring 
throughout the depths of the cosmos. The layered lithosphere’s seemingly endless variety of minerals 
and ores are the byproduct of extreme conditions of pressure, heat and time. Bacteria thriving in these 
conditions also contribute to the Earth’s internal atomic transmutation and decay processes, just as 
microbes are essential to metabolic processes in the human body, with its own specific resonances. 
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The full spectrum of atomic resonances present in all planets endows resonant vibratory characteristics, 
and Plejaren metallurgists have produced resonant metals by the same means. Beamship metals also 
contain traces of a// stable elements present in nature. Eduard Meier’s Plejaren contacts have explained 
that transdimensional spacecraft are like tiny artificial planets unto themselves, and the beamship metal 
samples provided to Meier have given further insight into the deeper layers of truth contained within their 
many concise explanations. The delicate threads of knowledge woven into Meier’s communications with 
the cosmic Plejaren culture have been published word-for-word for this very reason: to preserve for 
human contemplation their advanced scientific and spiritual teachings in pristine form. 


—— eee 
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The penetrating truth of the Plejaren teachings has become all the more apparent as the frontiers of 
human knowledge expand toward recognition of natural law and co-creation using diverse natural micro- 
and macrocosmic processes. The manipulation of an atom’s diameter by temperature adjustment allows 
for nuclear transmutation from one element to another in a specific cascade sequence that determines 
the frequency programs used by Plejaren metallurgists to convert lead into a resonant copper-nickel- 
silver-gold alloy with trace amounts of every other stable element. The third, fourth and fifth-stage 
beamship metal samples were submitted for microscopy analysis to Marcel Vogel, senior research 
scientist for IBM, who later confessed his amazement at what he observed under magnification: 


"When | touched the oxide with a stainless steel probe, red streaks appeared and the oxide coating 
disappeared. | just touched the metal like that, and it started to deoxidize and become a pure metal. | have 
never seen a phenomenon like that before." Of another metal sample containing nearly every element in the 
periodic table, Vogel stated, "Each pure element was bonded to each of the others, yet somehow retained its 
own identity." At 500X magnification thulium was revealed. "Thulium exists [naturally] only in minute amounts. It 
is exceedingly expensive, far beyond platinum, and rare to come by. Someone would have to have an 
extensive metallurgical knowledge even to be aware of a composition of this type", said Vogel. At 1600X Vogel 
said, "A whole new world appears in the specimen. There are structures within structures - very unusual." At 
2500X he found that the sample was, "metal, but at the same time ... it is crystal!" ... Vogel put the full weight of 
his expertise in these summary comments: "With any technology that | know of, we could not achieve this on 
this planet! | could not put it together myself, as a scientist... 


Vogel’s astonished assessment of beamship metal constitution was made independently, without having 
any advanced knowledge of the comprehensive details Meier had been given by Semjase concerning all 
7 stages of the resonant metal manufacturing processes of Plejaren metallurgy! The most significant 
details omitted by Semjase (for good reason) are the precise transmutation frequencies necessary to 
achieve each specific conversion. The complete set of phonon resonance frequencies determined by the 
formulas of Dr. Champion allow the integration of Plejaren teachings with the theoretical framework 
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understood by contemporary atomic physicists. Dr. Champion’s work inspires a reinterpretation of the 
results of various analyses conducted by Marcel Vogel in 1979, which comprised the first modern 
scientific study of resonant metal alloys produced by the cascade process of atomic transmutation: 


All of the elements examined spectrographically had missing bands in their spectra which should have been 
there if they were normal atomic spectra. This indicated that the elements were put together in a very unusual 
way [easily distinguished] from normal Earth technology... [presenting elemental characteristics] beyond what 
one would consider an isotope... Basically this indicates a non-electrical cold fusion process of synthesis 
because there was no ash and no heat residue. Such a process is not known to Earth technology... Another 
unique feature of these elements was the almost perfectly uniform fall-off of lighter elements preceding that 
being studied in the spectrograph. There would be the primary in a high state of purity and then with no sec- 
ondary and no catalyst an absolutely uniform curve of all the lighter elements preceding that, even through the 
gases. It appears as though the desired metal was the result of a uniform buildup of density, particle by particle! 





Examination of a non-metallic part of the specimen using polarized light to emphasize certain bi-refringence 
revealed crystalline structures, which are organized in spiral formations. Under 2000X scanning electron 
microscopy the six-sided face angles of the crystals were clearly revealed. A photomicrograph picture shot of 
this revealed unusual clarity indicating unusual conductivity of the electrons illuminating the image. Ordinarily, if 
they were ordinary non-conducting crystals, like quartz, the electrons would accumulate rapidly on the points of 
the crystals and form a space charge obscuring the image. The conductivity was so efficient that sub-crystal 
structures inside the crystals could be actually seen — something unheard of before this. The electrical bonding 
between the basic crystal elements was so efficient that a clear view through the crystalline latticework revealed 
a spiral buildup of regularly spaced assembly with contact taking place at the ends of the sub-particles. There 
were no gas bubbles. If this were produced in a heat fusion process the picture would be entirely different and a 
greater mixing of elements would be expected... Still another micropart of the specimen consisted of pure silver 
—again with no secondary lines and no catalyst indication. The silver was also unusually conductive and it was 
smoothly bonded to a pure aluminum area that was unusually conductive also... The following unique proper- 
ties encountered in examining this specimen make it exotic and very definitely point to an unearthly origin: 


¢ Unusual purity in state of metal examined... with no indication of catalyst or secondary spectrographic lines. 


¢ Unusual number of trace elements ranging from the primary heavy all the way up the scale density in a very 
uniform curve with no breaks or gaps up to the lightest gaseous elements. Again these lines all indicate the 
same high purity for each element. Scientists involved have never seen anything like this before. 


¢ Strange, very uniform grain pattern with a layer of horizontal grains sandwiched between layers of vertical 
grains again sandwiched between that and another horizontal grain, etc., in a tight 90° latticework. 


* One metal surface showed evidence of an extremely fine mechanical cut, possibly even by laser. [above] 
¢ Association of non-metallic crystals of strange structure and extremely high conductivity for the elements. 


¢ End-to-end formation of bond patterns in the crystal structure and the spiral assembly or stacking of the 
crystals in the non-metallic substance was unique. 


¢ Some form of non-electrolytic cold synthesis process is very definitely indicated. 
* There is some evidence that the synthesis took place ina vacuum.”" 
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With regard to mathematics, that 3 times 3 is 9, it is to be said, of course, that the result is right and is also 
consistent with our mathematics, but the form of our mathematics is fundamentally different to the terrestrial 
one... Like with the mathematical formulas, the physics formulas also differ. But once they are converted, they 
yield the same values because universally, the mathematical and physical laws, etc. are uniform in their basic 
value and final value and, therefore, are one and the same, just with the difference that the various races, 
civilizations, and humanities of the various worlds throughout the vastness of the Universe call other forms of 
mathematics and other terms, etc. their own; consequently, they also have other methods of calculation than 
what are common among the Earth people. Nevertheless, in mathematics, the basic value and final value yield 
the same results.“ 
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The vast variety of cosmic and planetary conditions within the universe facilitates natural learning 
environments of various types, each providing the necessary range of lessons and limitations for each 
developing life-form and each collective terrestrial civilization. Planets can be categorized by their 
respective levels of infrasound resonance, with planets such as Earth presently residing at the lowest level 
of the scale, and planets such as Erra, in the Plejares star system, finding their place among the more 
highly developed worlds. As Earth presently progresses from the primary level of consciousness lessons, 
the infrasound resonance of the planet is stimulated to a higher level of collective vibratory experience. 
Previously invisible forces will become visible to human eyes; subtle forces will become self-evident. 


Rainfall patterns and major fluctuations in river levels have been directly correlated with solar flare activity 
-through the stimulation of infrasound standing wave resonance, raising vast amounts of water into the 
atmosphere to fall as rain. Rows of water vapor plumes evaporating off the ocean were photographed off 
Laguna Beach, California” in 2009, while the long-term water flow-rates of the Parana River were perfectly 
matched with sunspot numbers” in 2010. So-called constants like gravitation and atomic decay rates vary 
significantly, and in accordance with the levels of incident infrasound radiation upon the tested materials. 
Thus, Earth’s infrasound resonance with the sun defines the increasingly noticeable fluctuations of 
gravitation, atmospheric evaporation, rainfall, and the decay rates of every atom comprising our world. 








Plejaren scientists precisely comprehend the relative conditions of various planets, having studied literally 
millions of different inhabitable and uninhabitable worlds, and this comprehensive knowledge extends 
into the minute variations in the respective rates of decay of elements on each planet. Ptaah revealed as 
much to Meier during a conversation regarding the low-resonance of the present atmospheric conditions 
of Earth that “all materiality suckles itself up on... and in this way falls to early destruction, as for example 
iron, which normally does not rust so fast as is the case on Earth.” (pg. 78) The significance of this short 
sentence can only be understood in the broader context of planetary infrasound resonance as it 
influences atomic decay. Physicists on Earth have only recently documented the correlation of notable 
fluctuations in the rate of decay in radioactive isotopes in the laboratory with solar flare activity: 


It's a mystery that presented itself unexpectedly: The radioactive decay of some elements sitting quietly in 
laboratories on Earth seemed to be influenced by activities inside the sun, 93 million miles away. Is this 
possible? Researchers from Stanford and Purdue University believe it is. But their explanation of how it 
happens opens the door to yet another mystery... There is even an outside chance that this unexpected effect 
is brought about by a previously unknown particle emitted by the sun. "That would be truly remarkable," said 
Peter Sturrock, Stanford professor emeritus of applied physics and an expert on the inner workings of the sun. 


The story begins, in a sense, in classrooms around the world, where students are taught that the rate of decay 
of a specific radioactive material is a constant. This concept is relied upon, for example, when anthropologists 
use carbon-14 to date ancient artifacts... But that assumption was challenged in an unexpected way by a group 
of researchers from Purdue University... Ephraim Fischbach, a physics professor at Purdue, was looking into 
the rate of radioactive decay of several isotopes as a possible source of random numbers generated without 
any human input... As the researchers pored through published data on specific isotopes, they found 
disagreement in the measured decay rates — odd for supposed physical constants. 
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Checking data collected at Brookhaven National Laboratory on Long Island and the Federal Physical and 
Technical Institute in Germany, they came across something even more surprising: long-term observation of the 
decay rate of silicon-32 and radium-226 seemed to show a small seasonal variation. The decay rate was ever 
so slightly faster in winter than in summer... 


On Dec 13, 2006, the sun itself provided a crucial clue, when a solar flare sent a stream of particles and 
radiation toward Earth. Purdue nuclear engineer Jere Jenkins, while measuring the decay rate of manganese- 
54, a short-lived isotope used in medical diagnostics, noticed that the rate dropped slightly during the flare, a 
decrease that started about a day and a half before the flare. 


If this apparent relationship between flares and decay rates proves true, it could lead to a method of predicting 
solar flares prior to their occurrence, which could help prevent damage to satellites and electric grids, as well as 
save the lives of astronauts in space. The decay-rate aberrations that Jenkins noticed occurred during the 
middle of the night in Indiana — meaning that something produced by the sun had traveled all the way through 
the Earth to reach Jenkins’ detectors. What could the flare send forth that could have such an effect? 


Jenkins and Fischbach guessed that the culprits in this bit of decay-rate mischief were probably solar neutrinos, 
the almost weightless particles famous for flying at almost the speed of light through the physical world — 
humans, rocks, oceans or planets — with virtually no interaction with anything... "It doesn't make sense 
according to conventional ideas," Fischbach said. Jenkins whimsically added, "What we're suggesting is that 
something that doesn't really interact with anything is changing something that can't be changed.” 


"It's an effect that no one yet understands," agreed Sturrock. "Theorists are starting to say, 'What's going on?' 
But that's what the evidence points to. It's a challenge for the physicists and... the solar people too."”” 


In fact, the subtle variations in atomic decay data are not an effect of neutrinos, but the direct result of 
measurable surges of localized infrasound resonance, just as in the case of the ‘aberrant’ fluctuations of 
planetary gravity fields and the patterns observed in the water flow rates of major rivers. The fundamental 
integrity of the measured radioactive isotopes is directly affected by the incident infrasound radiation. The 
decay rates measured by Jenkins at Purdue show a significant fluctuation specifically because of the 
location of his laboratory in relation to the Great Pyramid of Giza. The Purdue University campus in West 
Lafayette, Indiana (40.43°N 86.91°W) is 6,176 miles from Giza, a distance comprising 24.8% of the 


Earth’s mean circumference. Infrasound standing waves focused by the Great Pyramid into the central 
Indiana area not only alter decay rates in Purdue labs, but also levitate huge sandstone boulders into 
treetops in nearby Limon*® and Yellowwood” Indiana State Parks at the 25.0% distance - in the same 
antigravity resonance process employed by the crystalline metals of interstellar Plejaren beamships. 
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The invisible web of terrestrial infrasound standing waves that protectively encircles the planet becomes 
focused by the three Giza pyramids, and in the same way by the three-ringed hull of Semjase’s 7-meter 
beamship. The complex designs of every Plejaren spacecraft are precisely configured to interact within 
the Fibonacci structure of standing waves to achieve highly efficient acoustic energy storing within the 
crystalline latticework of resonant alloys comprising the circular body. This same effect occurs in natural 
crystalline structures — in stones. A remarkable photograph taken on July 19, 2009 by Gang Hao 
captures a special effect of acoustic resonance (above).°° This giant boulder is estimated at 5m in 
diameter, which suggests a weight of several tons. The family never noticed it flying overhead while 
taking the photos, suggesting that the boulder was captured while slowly floating during an event of 
acoustic levitation, actually caused by solar flares transduced into infrasound by the Great Pyramid. 


The piezoelectric properties of quartz, the main constituent of the sandstone boulder, allows its levitation 
by focused infrasound standing waves. The internal reflection of the parallel faces of the quartz crystals 
allows the acoustic energy to be stored inside the stone. The build-up of vibratory energy within the 
quartz lattice creates an electromagnetic field reducing the stone's weight until it becomes entirely 
weightless, and then slowly levitates along the infrasound standing wave's arch. The source of the 
focused standing wave energy levitating these stones is the Orion pyramids at Giza, exactly 5,240 miles 
from Gushan (or Gunchangzhai), China (25.02°N 118.51°E). This distance is precisely 21.05% of the 
Earth's mean circumference of 24,892 miles. Gushan is also situated 1,245 miles from Angkor Wat - a 
resonant distance that is precisely 5.00% of the Earth's mean circumference. 


The whole number percent values of the site distances confirms the antigravity formula as applied. 
Evidently, the quantum physics of standing wave resonance underlies all of the transdimensional 
Plejaren technologies, as standing wave resonance affects both the levitation of spacecraft and the 
‘levitation’ of electrons, protons and neutrons through the atomic framework. The provision of subatomic 
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particles allows low-energy nuclear change and the multi-staged production of precious metals and rare 
elements such as vanadium, thulium and rhenium. These exotic elements are costly to mine and only 
rarely find application in human industry today, yet the advances of phonon resonance beckon a new era 
of harmonious human creativity, promising to expand the reach of human consciousness by allowing 
interstellar flight and bringing an end to the destructive and dangerous practice of ore mining. The broad 
set of transdimensional capabilities of Plejaren beamships include time travel — affording their ability to 
preview future events. Billy Meier has published 100% accurate predictions of a multitude of major 
scientific discoveries and major world events — yet without having published any erroneous predictions: 





* 29th Contact, July 7, 1975, and 31st Contact, July 17, 1975: Contact involved specific information about 
Venus, unknown at the time, including composition of atmospheric gases, surface temperatures, depth of 
clouds, wind speeds, atmospheric pressure, coloration, variation in terrain, etc... 


¢ 31st Contact, July 17, 1975: Semjase informed Meier that Mt Chimborazo, Ecuador, is the highest mountain on 
Earth [as measured from the center of the planet]... contrary to Meier's belief that it was Mt Everest... 


* 1978: In a Wasserman publication, Meier foretold the launch of a telescope at end of the 1980s that would 
make unfathomable discoveries in space, and wrote that an asteroid would be discovered in the late 1980s to 
early 1990s; it would be named Toutatis, and may threaten Earth in September 2004... 


° 1978: In Existing Life in the Universe, Meier [described] 2 small planetary bodies outside Pluto's orbit... 

* 115th Contact, October 19, 1978: Meier described existence [and composition] of Jupiter's rings [and moons]... 
« Jonestown massacre (Nov 18, 1978), Overthrow of the Shah of Iran (Jan 1979) 

* Chinese invasion of North Vietnam (Feb—Mar 1979), Iran Hostage Crisis (Nov 1979—Jan 1981) 

* Soviet invasion of Afghanistan (Dec 1979), Terrorist attack on Iranian Embassy, London (Apr—May 1980) 

¢ Abdication of Queen Juliana of The Netherlands (Apr 1980), Death of Tito of Yugoslavia (May 4, 1980) 

¢ Mount St. Helens eruption (May 18, 1980), Assassination of Indian PM Indira Gandhi (Oct 31, 1984) 


¢ 215th Contact, February 28, 1987: Known as the Henoch (or Enoch) Prophecies, this contact contained a 
forewarning of the destruction of the World Trade Center (WTC) by terrorism, the series of worldwide wars that 
the US would subsequently launch, and military actions involving Russia, China, France, Germany, Spain, 
England, Scandinavia and many other countries." 


Repeated, accurate predictions of major world events, often years prior, proves Meier’s foreknowledge! 
He also received information from the Plejaren leader Ptaah regarding the dramatic events of December 
22, 2012, as later disclosed during the 476" contact of February 3, 2009 — on Eduard’s 7 birthday: 
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Meier: Regarding the Mayan calendar, [engraved as a sacred mandala in resonant piezoelectric stone, above,] 
it must be said that the year 2012 will bring a whole series of quite special events, and... our sun, will contribute 
to them, because on the sun's surface enormous eruptions will occur and solar storms are caused, which will be 
very intensive and will influence Earth's geomagnetic balance. 


The Earth's magnetic field can suffer very strong fluctuations through the very strong X-ray radiation falling 
down on it. And through such geomagnetic storms, power grids and all electronic appliances can collapse, thus 
also those in satellites, and the ISS can also suffer great damage or can even fail completely. Such solar 
storms can lead to enormous natural catastrophes, and in the worst case, to a polarity reversal of Earth's 
magnetic field... What also has to be said is that such solar storms form to a climax in an exact rhythm of eleven 
years, which is normal, but in the year 2012 it can happen in an extraordinary magnitude. Earth will come under 
a very strong bombardment of hard radiation, which can have a very negative effect on the Earth's ozone layer. 
Due to the entire resulting process, nitric oxides and acid rain can form worldwide, which may have bad and 
devastating effects on the entire plant world. The enormous solar eruptions can lead to further very strong 
climate changes and, with it, to immense droughts, bad weather, volcanic eruptions, earthquakes, crop failures 
and, therefore, to even greater famines than have existed up to now. In addition to all this, the year 2012 brings 
other unpleasant events, such as a so far unknown, invisible, dark and huge space wanderer that is threatening 
from the fringe of our solar system and could wreak tremendous havoc on Earth. 


And if this should really occur, the fact of its existence would be openly proven starting with 2010 or 2011, if at 
all, because the possibility of a "dark" and, therefore, non-observable passage of the colossus is also possible. 
Aside from that, all kinds of unpleasant machinations regarding unpeace, worldwide heavy warlike actions, as 
well as increasing degeneracy and excessive human ways of behaviour are threatening for the year 2012... 
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Ptaah: You should not say more, because what you explained should be enough... Regarding the Mayan 
calendar, the 21° of December 2012 represents the culmination of a star constellation [alignment] that only 
occurs around every 26,000 years. The Mayan calculations are assuming that Earth - on the 21° of December 
2012 - shall lie on an imaginary line that joins together the star [Betelgeuse,] above the left side of the 
constellation Orion with the Central Sun, [situated at] the centre of the Milky Way. The Sun meets the Milky 
Way at a location that is built by interstellar dust clouds, and is called the "dark cleft of the Milky Way" by the 
human beings of Earth. On the 21° of December 2012, at nightfall of winter solstice, the Sun is directly in that 
cleft, and it is in such a position that the Milky Way covers the horizon in all positions all around. 


Thereby the optical impression is produced that the Milky Way would touch Earth all around and that the galaxy 

would lie directly on the Earth. On the whole that's the end product of the Mayan calendar recording. This should 
suffice, my friend. To say more would be too much, because it would only foster the fear of the human beings of 
Earth, which should not be, however. So keep silent on all the further explanations that we have given you...°” 





Through the tireless efforts of Eduard Meier, the wisdom traditions of the Plejaren culture reveal that the 
ongoing Earth changes are a result of the Golden Radiation emitted from the Central Sun, which lies at 
the core of our Milky Way galaxy. This Central Sun is obscured from our direct view by the ‘dark cleft of 
the Milky Way' (above). Specific details regarding these electromagnetic field changes now occurring on 
Earth are most intensely experienced at infrasound standing wave convergence points which are already 
destroying all electrical equipment, just as discussed by Meier and his Plejaren contacts. The electrical 
overload of modern technology is also being experienced on the International Space Station, in 
accordance with the information from Meier and echoed in Native American prophecies of the Hopi. 


Billy's brief mention of the ‘invisible, dark and huge space wanderer’ references the presence of a binary 
twin companion of our sun - a brown dwarf star that the Hopi prophecies describe as reigniting to be seen 
as a small red star known to them as the Purifier, which will be the sign of the Purification Day, when all 
life on Earth will be effected. The wave of energy described by the Plejaren as the Golden Radiation is 
the crucial factor linking these events involving the red supergiant star Betelgeuse with the Central Sun 
on December 22, 2012, as the wave of Golden Radiation passes through our Sol system. Another 
chaotic aspect of the near passage of the dark brown dwarf star is the disturbance it has already caused 
within the Oort Cloud, before it becomes reignited as the Red Purifier of Hopi Prophecy. 
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The topic of the origin of comets within our solar system was addressed during the 150" contact of 
October 10, 1981, concerning the nearby Dark Star and its cyclical dislodging of comets from the Oort 
Cloud accounting for 97% of cometary debris entering Earth’s vicinity. While the complete details of the 
close passage of the invisible brown dwarf binary twin of our visible Sun (referred to as a Dark Star) have 
been wisely withheld, the breaching of the Oort Cloud presently threatens all of Earthly humanity: 





Meier: |n the coming years and decades, there will again appear frequent passages of comets, including 
those such as Halley's Comet, which can practically be observed in the sky... in broad daylight... [W]hen you 
took me in 1975 on the great journey, | saw beyond our solar system and planetary system the immense belt 
of material of frozen acids, rocks... and lifeless planets; some were quite large. Like the asteroid belt beyond 
the orbit of Mars, this belt also moves around the Sun but very far outside of Pluto’s orbit. 


At that time, you explained to me that celestial bodies of all kinds pass through this belt, such as Dark Stars 
and other space bodies, and that every now and then, smaller or larger bodies tear out from this belt and 
enter into another orbit around the Sun, which can then partly be observed as comets from the Earth and, 
thus, can be seen. If | remember correctly, you told me at that time that on the one hand, this belt was still 
widely unknown to the Earth people in its magnitude but... more would soon be discovered... Furthermore, 
you explained that this material belt consists of the remains of the formation of the solar system and of 
immigrated materials from space, etc. Now, | wonder how high the percentage of comets is that appears in 
our solar system and that arises from this material belt beyond Pluto’s orbit? 


Quetzal: It has probably escaped your attention, but this belt was discovered in the meantime and is named 
‘Oort,’ after a Dutch astronomer. In accordance with its discovery, the discovered belt is called the Oort Cloud 
in Earth’s scientific circles, but that’s about it because the connections of this belt to the comets of the Sol 
system are still, to my knowledge, foreign and unknown to the Earth scientists. 


But the truth is that about 97% of the SOL system comets originate from this belt, as in this belt, planetary 
bodies passing by upset the trajectories of the materials through their attractive forces, so then these 
suddenly scramble, which removes isolated larger and smaller objects, pushing them into new orbits around 
the solar system, where they then appear as comets, while others fly out far from the Sun into free space in 
order to disappear somewhere in the vastness of the universe, often referred to as migrant dark planets, 
which will partly be captured again by major stars as satellites and then orbit them, far away from the new 
mother stars. But others will rush uncontrollably as dark objects traveling through space.°° 


117 


Studies informing the link between Oort comets and a dark binary twin™ have been published by U. of 
Louisiana researchers and the Binary Research Institute,°° and subsequently reconfirmed in 2010.° 
The rain of Oort comets has already begun to impact the Earth on a daily basis. Smaller fragments are 
creating dramatic aerial explosions worldwide, as witnessed over South Sulawesi, Indonesia on October 
8, 2009. Sizable craters attest to large impacts in Hidalgo, Mexico on February 10, 2010; San Joaquin 
(Santander), Colombia on September 6, 2010; and San Bruno, California on September 9, 2010. The 
prophetic date of December 22, 2012 was indirectly addressed during the 52™ contact of May 17, 1976, 
in connection with precise astronomical calculations decisive in the building of the Giza pyramids about 
73,350 years ago (spanning two cycles of 36,650 years, as Ptaah later explained in the 256" contact®): 





Semjase: When the pyramids were built, the then astronomers had already calculated the further fate of the 
Earth. The measurements of the pyramids were elaborated according to their calculations... [which] revealed 
that many thousands of years in the future, a catastrophe would menace the Earth and that from the cosmos, 
like at the time of the construction of the pyramids. To reveal to the later inhabitants of the Earth over the later 
millennia... the measured dates in astronomical form were built into the pyramids for the far distant future... 
when the catastrophe from the cosmos threatens anew. The ancient astronomy was very able, and... even 
considered in their calculations, several world crashes, and could reckon the dates with very exact precision. 


As pre-calculated, the Earth did then convert, and agreed with the then and since long gone science. Now 
slowly the time becomes mature, that the astronomically measured dates, which as mentioned, served in the 
construction of the pyramids and were decisive in this, agrees with the astronomical values of the present, and 
announce the more than 70,000 years ago prophesied events this way. And this event will be exactly then, 
when the solar light of a very far distant star, a central star, falls through the tube-like Opening of Revelation, 
which draws itself from the outside of the Giza pyramid into the center, in a straight uninterrupted line, and 
illuminates one certain point. | am not allowed to tell more about this.°° 


Many insights can be gleaned from Semjase’s foretelling of the activation of the Great Pyramid by the 
radiations of the galactic Central Sun, and the catastrophic impacts of Oort comets dislodged by the Dark 
Star’s passage. The Giza pyramids were masterfully designed for repeated reactivations by cyclical blast 
waves that radiate from the core of the galaxy to impact Earth in a precisely calculated rhythm, causing 
the magnetic reversal of the entire Sol system and a dramatic increase in terrestrial infrasound levels. 
Worldwide auroras can thereby be expected, as well as increased evaporation and precipitation rates 
globally, and a measurable reduction in the atomic decay rates of all Earthly matter. All cosmic signs 
point toward the imminent reemergence of a ‘thick white vapor envelope surrounding the globe’. 


Earthly astronomy can no longer ignore the nearby presence of the brown dwarf binary twin of our sun. 
Nor can corporate news continue to hide or dismiss the multitudes of reported meteor strikes now 
inundating the Earth, exactly as foretold by Eduard Meier and his knowledgeable informants decades 
ago. The existing corporate and religious institutionalization of psychopathy cannot withstand the great 
revelations occurring at the present time, and will soon lose its despotic hold of human consciousness: 
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Ptaah: When hitherto Semjase only spoke of Earth religions in negative form, then it was because the Earth 
human had to be made attentive to the error in his religions, ...for these are like nowhere else in this Universe... 
They control the Earth human and the whole planet, and retard your world thousands of years, in Spiritual 
respect... [YJour religions still contain real worth, but this becomes so indiscernible that only few people are 
able to see the effective truth there. These few who are able to see the real truths from the scripts, are banned 
and confounded by those dependent on these wrong beliefs, and thus cannot spread the truth. When Semjase 
speaks in negative form about Earth religions, she is addressing the falsifications in them which have been built 
up partly consciously. The Earth religions are only called such in name, but are just degenerate cults." 


In truth, the same small minority of fallible psychopathic individuals control world religions, economics, 
sciences and politics -those engaged in the destructive subterranean nuclear blasts, damming of waters 
and extraction of oils— are themselves also actively inducing earthquakes using the HAARP array to 
terrorize and extort the rest of humanity. Awareness of the hereditary genetic disorder that results in 
psychopathic behavior demands responsible action from the conscious human beings of Earth. 


The holistic teachings of Plejaren 
Elders reveal that genetic 
enhancement through 
biorhythmic entrainment holds 
the highest potential for the 
reversal of all known mis- 
developments of the physical 
body or the spirit. Natural law 
provides for the bioelectrification 
and illumination of the body’s 
waters, using golden celestial 
water comprised of pure protium 
in conjunction with tri-thalamic 
heartbeat entrainment during 
fetal development and throughout 
life, thereby removing all negative 
influences from the crystallized 
human being: 





Quetzal: [T]he fallible ones could be completely cured of their criminal or other degenerate forms through 
genetic manipulation and be released into society. This gene-manipulative healing method was further 
investigated and further developed [by Plejaren biophysicists many thousands of years ago], and indeed, even 
in reference to all hereditary diseases and immunodeficiencies as well as physical and organic deformities, but 
also in terms of disorders of consciousness and inheritable psychological disorders, etc. The development 
progressed rapidly, so already soon, early detections of gene damages of the aforementioned kind became 
possible, which naturally led to the fact that these cognitions were used and the genetic deformities, genetic 
abnormalities, and other harmful genetic influences were already repaired in the growing child in the womb. 


Thus, an irrefutable law has been in force since then, namely that every child, so every girl and every boy, is to 
be arranged into a gene examination, i.e. a gene analysis, at the prenatal age of seven months. Since then, 
since this law gained validity and became observed absolutely, it is valid with us that every crime or other 
degeneration as well as every inheritable disease of the body and its organs, every immunodeficiency of any 
kind, and every form of harmful aggressiveness, jealousy, and vindictiveness are just as non-existent as also 
hatred, envy, desire for validity, egoism, and many other characteristics that bring the human being discord, 
unkindness, and other harms. But at the same time, it should be noted that through this, our own decision in all 
matters and concerns is in no way impaired, as well as not our drive for self-preservation and our drive for self- 
defense, when this is demanded.”° 


Until the coming times when this biorhythmic genetic healing becomes active through the world’s 
infrasound network of resonant pyramids, the survival of humanity requires our careful discernment of 
psychopathy in human leadership. The Prophecies of Henoch, forewarning of the dire consequences of 
human ignorance on Earth, were presented by Quetzal during the 215™ contact on February 28, 1987: 
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Quetzal: Before | give you a clear account of the prophecies of Henoch, | would like to point out that 
prophecies are always changeable and can be changed for the better if man makes positive changes in his 
thoughts, feelings and actions, leading to that which is better and positively progressive... 


However, this does not apply to predictions, as these rest upon events that cannot be changed, are inevitable 
and surely and definitely will occur in the future. Predictions rest upon a preview and thus on a direct viewing of 
the future, and have to do with neither prophecy nor with calculation of probability. So when | make a portion of 
Henoch's prophecies for the third millennium known to you, it does not mean that they have to be fulfilled, 
because the prerequisite of fulfillment in each case would be that the already existing causes continue to exist 
as also continue to be created in the future so that a fulfillment of the prophecies can come to pass. 


Thus, provided that human beings of Earth will become reasonable, the possibility exists that by a reasonable 
change in the way of thinking as well as a reasonable development in feeling and an equally reasonable way of 
acting, everything changes for the better and positive, whereby prophecies do not have to be fulfilled. However, 
if this transformation does not occur, a very evil, wicked and negative time lies ahead for the Earth and its entire 
population in the coming new millennium... 





The point in time at which these prophecies will begin to be fulfilled will be when a Pope will no longer reside in 
Rome. All of Europe will then fall victim to a terrible punishment by evil powers. The Christian religion will 
collapse and the churches and monasteries will end up in ruins and ashes... Monstrous forces will be created 
by science and will be released by the military forces and armies as well as by terrorists, causing great 
destruction. Millions and even billions of people will be killed by acts of terrorism, by wars and civil wars; and 
finally, in some parts of the world, every third human being, and, in other places, every fourth human being, will 
lose his or her life. The nations of the East will rise against the nations of the West, the West against the East... 


The people will be completely powerless against all this and will live through 888 days of Hell on Earth, suffering 
hunger and plagues, which will claim even more lives than the war itself. The time will be severe as never before 
experienced on Earth. Ultimately, nothing can be bought or sold any longer. All provisions will be rationed; and if 
a human being steals even a small piece of bread, he/she will have to pay for it with his/her life... 


And it will be that the fanatics of Islam will rise up against the countries of Europe and all will shake and quiver. 
Everything in the West will be destroyed; England will be conquered and thrown down to the lowest level of 
misery. And the fanatics and warriors of Islam will retain their power for a long time. However, not only Europe 
will be affected but ultimately all the countries and peoples of the Earth, as the great horror expands to a war 
that will encompass the entire world. 


After the turn of the millennium, the papacy will exist only a short period. Pope John Paul II is the third from last 
in this position. After him, only one additional pontificate will follow [Pope Benedict]. Then a Pontifex Maximus 
follows who will be known as Petrus Romanus. Under his religious rule, the end of the Catholic Church will 
come, a total collapse becoming inevitable. That will be the beginning of the worst catastrophe that will ever 
have befallen the human beings and the Earth..." 
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These profound passages form only a portion of the Prophecies of Henoch, and follow from earlier 
information about the lineage of popes provided to Meier on August 6, 1978 during the 113" contact: 


Karol Wojtyla... is the 3rd to last pope before the world change [of December 22, 2012]. He is the 264th pope. 
He will die in the near future. The world will be astonished when the next pope [Joseph Ratzinger] is killed also. 
Then the pope with the number value of five [is coronated]. He is the 266th pope - he is the last one.” 


After the murder of Pope 
Benedict XVI, “a Pontifex 
Maximus follows who will be 
known as Petrus Romanus. 
Under his religious rule, the end 
of the Catholic Church will 
come, a total collapse 
becoming inevitable.” These 
very detailed, ancient 
prophecies from the Henoch 
lineage directly coincide with 
those attributed to St. Malachy, 
an Irish monk who produced a 
comprehensive list in the year 
1139 which prophesied every 
future pontiff of the Papal 
lineage from that date until 
today. St. Malachy wrote: “In 
the final persecution of the Holy 
Roman Church there will reign 
Petrus Romanus, who will feed 
his flock among many 
tribulations; after which the 
seven-hilled city will be 
destroyed and the dreadful 
Judge will judge the people.” 
Not only is the same name 
given for a proclaimed ‘final 
Pope’, but the destruction of 
Rome, the ‘seven-hilled city’ is 
also given as a sign of the 
imminence of the collapse of 
the Roman Catholic Church. 
The Henoch prophecies foretell 
that “the point in time at which 
these prophecies will begin to 
be fulfilled will be when a Pope 
will no longer reside in Rome.” 





These foretold events will follow a pattern of fulfillment due to dramatic infrasonic surges that require the 
imminent evacuation of Rome and the Vatican, which will inevitably be overcome by recurring spates of 
piezoelectric fires, just as documented in the towns of Messina, Sicily, near the active Mt. Etna volcano.” 
The Vatican (41.53°N 12.30°E in white, above) is 1,326 miles from Giza, Egypt — a distance that is 5.3% 
of the Earth’s mean circumference — along the radial distance of infrasound standing wave convergence. 
The steadily growing intensity of planetary infrasound is already significantly affecting these fixed focal 
points, including both the location of the Vatican and the Semjase Silver Star Center. Infrasound waves 
have been recorded in the atmosphere above Switzerland that reveal an inaudible ultra-low frequency 
field of concentric circles, as documented during an infrasound resonance event on April 24, 2009: 


121 





Did a country-sized UFO hover above Switzerland last month? On the morning of Friday the 24" of April of this 
year employees at MeteoSwiss [observed] huge circular fields hovering over Switzerland... [that] covered the 
entire country... MeteoSwiss claimed... that they were merely caused by the reflection of water droplets. A few 
minutes after being queried on the issue the radar images were hurriedly removed from the department's 
website. Are we being told everything the Swiss meteorological knows about these radar images? : 


Meteorologists in Switzerland have never seen radar anomalies like this specifically because they are 
hidden and scrubbed from archives, as in this particular case. Hundreds of similar radar anomalies are 
documented by websites that gather the data before it's purged from online archives. The only viable 
explanation for these giant radar rings is water vapor suspended by concentric rings of standing waves in 
the ultra-low frequency range. Nikola Tesla was the first to scientifically describe standing waves in his 
Colorado Springs lab”, later reporting: “In Colorado | succeeded one day in precipitating a dense fog. 
There was a mist outside, but when | turned on the current the cloud in the laboratory became so dense 
that when the hand was held only a few inches from the face it could not be seen.” ”° The standing waves 
that fogged-out Tesla’s laboratory are now suspending these giant concentric circular rings of water 
vapor above the entire country of Switzerland — as on April 24, 2009. A circumference of the Earth taken 
along the northwest/southeast axis of the Great Pyramid of Giza, Egypt passes exactly through the 
center point of the MeteoSwiss radar circles. 


The center point of these gigantic radar circles lies just southwest of the Semjase Silver Star Center 
(overlaid in red, above) in Hinterschmidruti, Switzerland (47.416°N 8.906°E); both sites being located 
along the 6.7% resonant distance of about 1,680 miles from Giza. This precise resonant alignment of the 
Semjase spiritual center in Switzerland reflects the same advanced understanding of the Fibonacci 
geometry of infrasound standing waves that informs the locations of all of the ancient pyramids of the 
world, now approaching the time of reactivation with the magnetic reversal of December 22, 2012. The 
meticulous work of Eduard Meier to record his extensive contacts with the Plejaren civilization guides 
humanity by the light of Truth, reorienting our consciousness toward the radiant lessons of the Creation 
witnessed within ourselves and our mother Earth during this time of the great shift. 
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Urandir’s Transport 


Urandir’s Transport 


Ongoing cosmic contacts occurring in 
Brazil have been largely obfuscated by 
corporate media disinformation, finding 
press coverage only in the Portuguese 
language broadcasts of the Brazilian 
media. Most significant among the 
many extraterrestrial contacts occurring 
in South American regions are those 
reported by Urandir Oliveira, who very 
carefully documents many forms of 
evidence attesting to the veracity of his 
statements and the reality of his 
transdimensional experiences. The 
weight of Urandir’s evidence takes the 
form of demonstrations of the strong 
magnetic influence that he directs 
through his hands to move objects, in 
addition to physical trace evidence and 
video recordings of his levitation along 
violet-colored transport beams into 
luminous aerial plasma ships floating 
above. At Urandir’s special request, 
Verade TV videographers recorded 
and broadcast high-quality footage of 
his 1998 plasma beam transport into 
one of six disc-shaped plasma craft in 
an arc, each radiating pure white light. 





Urandir Fernandes de Oliveira was born on March 14, 1963 in Maraba Paulista, a rural area outside Sao 
Paulo in the state of Sao Paulo, Brazil. He clearly states that his unusual experiences with highly 
advanced extraterrestrial beings have involved their purposeful electromagnetic activation of bioenergetic 
capabilities that lie dormant in the average person. At a young age, Urandir had noticed the influence of 
his emotional states on metal objects in his hands. He quickly learned to develop this skill over the years, 
eventually being able to bend and tear common coins with his bare fingers. While he does not recall any 
physical interactions with the cosmic visitors during early childhood, he does attribute his unusual 
electromagnetic abilities to artificial plasma environments that he was voluntarily exposed to. The first 
face-to-face meeting that Oliveira recalls occurred on March 6, 1976, at the age of 13, when he was 
transported from his Sao Paolo home aboard a luminous lens-shaped craft. There he met with several 
tall, blond-haired humans of about 6’3”-6’5” in height, who radiated love, peace and intelligence through 
cat-like eyes, with vertically-oriented luminous golden pupils enclosed by blue, green or yellow irises. 


The enhanced mental capabilities endowed by Oliveira’s visitors allowed his further development of 
telepathic communication with the beings at a distance, by which method they would request and prepare 
him for subsequent contacts. The electro-acoustic activation of various Earth humans was explained to 
be a crucial mission of this extraterrestrial group, comprised of several allied races for whom Urandir has 
been given no names or planetary origins, but only recognizes their personalities telepathically. The 
practical urgency of Urandir’s contacts involve the provision of crucial information regarding the 
electromagnetic changes now occurring on Earth, to prevent disastrous consequences that include the 
destruction of all nuclear power stations and nuclear arms storage facilities by the electrical overload and 
superheating of metals at specific focal points of infrasound resonance. Several contacts were conducted 
over many years to prepare Urandir for the complex astronomical information he would later receive: 
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By age eight, Urandir realized that when he fought over food with his brothers and sisters at the kitchen table, 
his hands could bend and twist the metal utensils. He remembers once throwing a fork that kept bending as it 
hit the table top... Urandir recalls physical abductions from Earth locations into an extraterrestrial craft when he 
was 13, 23, 27, 35 and 39, plus an encounter in Sao Paulo with ET humanoids at age 23. 


Age 13, March 6, 1976 - Urandir Oliveira's Extraterrestrial Abduction #1, Sao Paulo 


When he was thirteen on March 6, 1976, at 10pm at his home in Sao Paulo, he had his first encounter with a 
craft. The beings were tall and blond-haired. Their eyes were like a cat's, vertical honey-colored pupils in blue, 
green or yellow irises. He understood that the frequency of his mind had been speeded up by the blond 
humanoids to improve communication. Since then, one of the consequences has been that Urandir Oliveira's 
mind control over matter resembles the powers of metal bender, Uri Geller, who linked his abilities to a 
childhood encounter with a glowing being. 


Age 23, 1986 - Urandir Oliveira's Extraterrestrial Encounter in Sao Paulo 


Urandir had been making money by entertaining people with his mental powers in Sao Paulo. Then one night, 
he came upon a beggar and child who were hit by a car and broken bones were exposed through their skin. Not 
knowing how or why, he bent down and placed his hands on their terrible wounds and the bleeding stopped. 
Shortly thereafter, tall blond beings approached him and said, 'Now you know what to do with the light energy.’ 


Age 27, 1990 - Urandir Oliveira's Extraterrestrial Abduction #2, Sao Paulo 


In 1990, he and a friend were both lifted up in beams of light into a craft where Urandir remembers many crystals 
pulsating with light and ‘lightning.’ He understood that the pulsating crystals ‘activated human force fields.’ 
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As with many conscious individuals seeking a sustainable life-path in accordance with ancient indigenous 
wisdom concerning these times of great change, Urandir and his wife Jessica have chosen to relocate to 
a resonant location to begin a sustainable organic farming community. Just as in the case of Eduard 
Meier and the FIGU community in Switzerland, Urandir Oliveira has founded Project Portal at his family- 
owned Ecovila Fezenda organic farm. Both communities engage in the sharing of extraterrestrial spiritual 
teachings concerning meditation, telekinesis, levitation, telepathy and the oncoming Earth changes. 


Quadratic mapping of infrasound standing wave patterns reveals the Rochedo area of the Brazilian state 
of Mato Grosso do Sul as a resonant convergence point. The Oliveiras’ 209-acre farm (19.88°S 54.95°W) 
is 6,669 miles from Giza, or 26.79% of the Earth’s mean circumference. It is 1,365 miles from Nazca, 
Peru —a resonant circumference distance of 5.5%. The nearby giant rock formation, for which the town of 
Rochedo (“Little Rock”) gets its name, is an ancient geological sign of convergent infrasound (opposite). 


The holistic vision and profoundly transformative consciousness that is being engendered through these 
communities has apparently been perceived as a threat to the US government policy of UFO secrecy and 
denial, resulting in repeated attacks of all kinds. Both FIGU and Project Portal have been branded ‘cults’ 
and libelously slandered and legally attacked by so-called ‘UFO groups’ that are nothing more than US 
government propaganda fronts. Both Eduard Meier and Urandir Oliveira have received numerous death 
threats and both have evaded assassination attempts. Oliveira was also harassed, arrested and briefly 
imprisoned in March of 2000 on false and absurd charges aimed at destroying Project Portal. These 
detractions have been unsuccessful due to the open nature of Project Portal’s workshops and events, 
bringing hundreds of people to the eco-village every year for spiritual and psychic development.® 
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Looming majestically over green fields and forests is Morro Ashtar, an oblong plateau that has become the 
center of increasing aerial activity. Continually unfolding telepathic interactions, luminous plasma ships, and 
very bright but completely silent aerial explosions suggest to some residents that a subterranean base 
exists below the plateau. Many Corguinho residents have spoken publicly about their numerous and regular 
sightings, and in some cases have also reported direct conscious interactions with extraterrestrial beings. 


One such case involving ongoing contacts has been reported by Mr. Joao, a 72 year-old lawyer from Rio 
de Janeiro living in the Corguinho area.‘ An intriguing aspect of the experiences of Mr. Jodo involve loud 
booming and humming noises emitted by the invisible plasma ship of the visitors to raise his electro- 
acoustic vibratory field, during which time they continually asked about his perception of colors presented 
from the luminous craft. Success was achieved after Mr. Joao was asked to put his hands on the ground, 
as his shoes had apparently prevented the energetic activation they were undertaking! 


While videotaped group experiences involving interactions with plasma craft do exist, other such events 
in the Corguinho area have gone largely unreported. Documentary video was recorded by Fabricio da 
Silva during Urandir’s experience aboard the fourth-density plasma ship on the night of September 15, 
2002, including footage of a ‘rain of stones’ falling from the sky during the initial beam levitation event.° 
Also included in the video document is an interview with Urandir Oliveira by science reporter Linda 
Moulton Howe from February 9, 2003, at his farmhouse, conducted with Portugese-to-English translation 
by Luciano Didier. Subsequent interviews by Moulton Howe (with translation by Didier and Felipe Branco) 
explored the many intriguing details of Urandir’s plasma beam transport and transdimensional 
experiences aboard a plasma ship for three whole days, from February 15-18, 2002: 
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He (Urandir) was very anxious because for three days 
already he was expecting to be abducted, and there 
were only three hours left to the time the beings told 
him he would be abducted. (...10:00pm). He tried to 
prepare himself, so he went home and took a shower 
and put his shorts on and laid down on the bed. He 
picked up a book and tried to relax. A few minutes 
later, he realized a flash in the room. Then he felt his 
body like a fever warming up. 


Q: What was the color of that flash? 


The flash was sort of a light purple, or violet... [lit up] 
the whole room and then was condensing in the form 
of... a tube that included the bed and himself all the 
way from the bottom of the floor to the ceiling... The 
book was in his right hand (extended in the air beyond 
the right edge of the bed) and when the light flashed, 
eventually he released the book. The book fell from his 
hand. And he felt sort of a paralyzing [effect]. He could 
not move. He really felt this fever in his body and his 
body on the bed. He felt his body warmer on the bed. 
[see Urandir’s sketch of his body in the beam, at left. 
Plasma beam photo above was taken elsewhere,” yet 
displays identical characteristics as described.] 
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Q: When you look at those sheets and that ceiling, you would think you would feel pain (from the burn)? 


Yes, because it leaves the impression that something burned someone there. But knowing in advance already 
the beam process of abduction (from earlier encounters), he knew it was not going to be painful at all. 


Q: What is happening after the heat and going upward? 


He felt himself rising up and going through the ceiling. From the point he was paralyzed, he could not move so 
much, but from what he could see, he realized everything was like normal from inside the light as he is rising. 
Actually the position did not allow him to see much, but what he could see are the normal things like the walls, 
the door, [and] the window. 


Q: What happens as he gets up to the wood ceiling? 


He saw himself going through the ceiling and he could actually see the molecules between the ceiling, like if he 
were going through foam. Not like a foam rubber, but like a soap, more like soap bubbles, like when you wash 
your hands and you produce the foam that comes out in the soap. And then he is turned upright so he is 
standing after he crosses that point of the ceiling, going through the ceiling, in the same violet light. 


Q: The other day, he mentioned he could see and hear more? 


Even at the height and distance he was, he could see and hear perfectly well, even better than normal, as if 
everything was amplified. He could see the stones falling everywhere, he could hear peoples’ conversations 
and see them below... he could only see [the plasma craft] at the moment he approached it. 


Q: The rocks are falling why? 


It was a signal, a sign, that the beings left so that everyone would recognize that moment and everyone would 
know he was being abducted... As he was approaching the craft rising and saw everything that was going on 
down below, he goes into the first room into the craft. And it is also violet color inside this craft.’ 
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The many fascinating aspects of the plasma beam transport of Urandir Oliveira on September 15, 2002 
provide a wealth of information for the study of fourth-density technology. While such vivid descriptions of 
violet fog and levitation in luminous beams have been shared by many contactees over the last decades, 

none of those accounts were accompanied by accurate scientific descriptions of the entire experience. 

Urandir’s case is a gift to Earthly science, in that he provides detailed scientific explanations for physical 

trace evidence in the form of textile samples with plasma-induced molecular alterations that can be 

studied by physicists for potential replication by all known means. 


Previously obtained evidence of transdimensional plasma phenomena subjected to rigorous scientific 
analyses has been limited to downed plants from crop circle formations. The rapid heating of water 
contained within the effected plants by microwaves causes expulsion cavities in the nodes of the stalks 

as water is forced out by high-pressure. Video of plasma balls forming these marvelous geometric 
mandalas in the crops confirms their formation by the microwave emissions of airborne HHO plasma 

spheres that are themselves natural elemental beings giving mathematical lessons to Earthly humanity. 





Scientists have confirmed through various means that the microwave radiation responsible for the many 
geometric crop formations of non-human origin must have been delivered in a very brief period of time, 
perhaps involving an exposure of under 7 seconds. This is exactly the conclusion that must be drawn 

from analyses of the scorched bed sheet evidence presented in the Oliveira contact case (above). 
Urandir experienced no pain during the plasma beam transport, as the beam technologies employed are 
completely safe and biocompatible, normally leaving no detectable trace of its use whatsoever. 


Recently applied as a dental torch, helium/oxygen plasma is safely maintained near room temperatures 

by use of nanosecond electrical pulses, causing only a few degrees of heating in tooth enamel and gum 

tissues while vaporizing plaque and sterilizing oral films of bacteria in seconds.® During Urandir’s beam 

transport, the air the room was infused from above with HHO gas bearing gold and silver nanoparticles 

and rapidly ionized by infrared light followed by nanosecond electrical pulses to form HHO plasma near 

room temperature, which became concentrated within the beam’s vertical column. The paralysis 
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experienced by Urandir is electronically controlled by automated computers in the plasma ship above, as 
pulses from rotating green lasers within the plasma column created differential forces within the 
superfluid beam to levitate his body off the bed. The scorching of the bed sheet and pillowcase was then 
purposefully executed by a very brief heating of the plasma field closely surrounding Urandir’s body just 
above the bed, before continuing with the strangely silent levitation process. 


All matter within the fourth-density HHO plasma beam undergoes an atomic synchronization and expansion 
and that allows complete interpenetration of objects without interference, whereby Urandir’s body was 
brought directly through the ceiling toward the craft. He describes being rotated into a vertical position after 
having passed through the roof, allowing him to see all of the activity going on below. Urandir’s description 
of enhanced vision and hearing inside the plasma beam column is a result of the fourth-density awareness 
endowed by immersion of the human body in a superconductive state where the holographic aspect of 
consciousness becomes reunified with the eternity. The bright white light that Urandir describes as 
emanating from the electroluminescent metal hulls of the plasma ships also radiates from the craft’s interior 
walls, which electrify the interior chambers with the same biocompatibly tuned HHO plasma that is 
concentrated within the beam transport tube emanating both ultraviolet-A and infrared light. 
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After Urandir’s transdimensional levitation through the roof of his farmhouse and into the plasma ship 
hovering silently above, the cloaked ship created a ‘rain of stones’ as a deliberate sign to the neighborhood 
that the foretold event was indeed taking place. In the video footage recorded by Fabricio da Silva on the 
night of September 15, 2002, one can hear the round stones occasionally falling on the corrugated steel 
roofing and rolling down to be collected from the ground by the surprised neighbors. Petrographic 
microscope analysis of one of the disc-shaped stones collected from the Oliveira farm was conducted by 
Professor Gomaa Omar, Geologist at the Dept. of Earth and Environmental Sciences at the University of 
Pennsylvania, and the results discussed in an interview with Linda Moulton Howe in June of 2003: 


It’s very clear when you look at the cross-section here, you can see how [the stones] are banded. This is a 
mystery to me... | have never seen this particular ‘football-like’ shape and this particular mineral arrangement... 


Q: And to produce this shape — of these sort of football-shaped or disc-shaped stones... and to have all of this 
quartz embedded in the iron... [would require a temperature] at about 2,000°F? 


It was in a melt, yes... Definitely it is very clear that the quartz grains were floating in this iron liquid at high 
temperatures... But, as to the banding and the stratification going from the center outward, that has something 
to do with spinning force... and | really don’t know what would cause this spinning force to form this 
[symmetrically disc-shaped iron/quartz stone]."° 


135 





Iron in the red soils of the Corguinho area are attracted to the intense electromagnetic fields generated 
by the implosive hydrino plasma beam technology. Small grains of quartz sand are lifted from the ground 
along with the magnetic iron particles to be mixed with the liquified iron suspended in the intense rotating 
electromagnetic fields generated below the transdimensional spacecraft. Surface oxidation does not 
occur on these disc-shaped metallic concretions due to the unique effect of HHO plasma. Inventor Denny 
Klein noted the rust-resistant properties of surfaces brazed by HHO plasma during experimentation 
throughout the 1990s, which lead to the first commercial production of HHO gas torches, however short- 
lived.'' The convergence of Earthly human technology with extraterrestrial means is greatly accelerating. 


All over the world, these disc-shaped iron-quartz concretions are created below passing plasma craft of 
all kinds, even becoming commonplace in dry canyons which act like funnels to collect falling debris 
(opposite). Rains of these round iron stones have also been recently linked to invisible aircraft above the 
Indian towns of Ratria'’* Dhenkanal."® Infrared video obtained on March 5, 2004 by the Mexican Air 
Force" recorded a quickly moving formation of 11 disc-shaped aircraft that were completely invisible to 
the naked eye due to their use of HHO plasma screens surrounding each vessel like a bubble, with heat 
signatures of plasma vortices below each craft being clearly visible (above). The formation of the iron 
concretions was even filmed during a crash event in New Mexico, "® actually showing magnetic material in 
the soil being trapped in the vortex below the craft, visible as molten metal glowing a bright red color. 


Similar phenomena involving the interaction of iron-rich substrates with the strong rotating magnetic fields 
of plasmas moving above the terrestrial surface has also been identified on Mars."° Contributing to 
events of this kind are various plasma formations including natural lightening arcs that occur before the 
many impacts of meteor and comet debris to produce tiny spherical iron pellets that become thrown off 
as slag in a wide shower. The application of this phenomena by Urandir’s fourth-density visitors as a 
message to the community is another example of their purposeful production of tangible evidence: 
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Q: [What occurred right after transport into the plasma ship?] This being was waiting, and how many others? 


There were more — he cannot tell exactly how many, but there were more behind him. He was the main one, 
this one, waiting for him... [is] like 6-foot-three or -five inches [tall]... Then he walked in towards a bubble that 
was higher than him. As he saw a bed inside this bubble and just supposed he had to go and lay down there... 
[Inside the bubble] it was cold... like a car with air-conditioning on... He just walked through it... It was as if he 
(the blond being) was telling him, 'Go in, lay down and relax.' That's what he felt... He goes through it, feels very 
cold, lays down on the bed and then some sort of mist comes in and the shorts he had on disappear and in its 
place, some kind of other clothes materialized over his skin... [like those worn by the blond beings]. All of them, 
including his own, emanated a light like silvery-white neon lights... This light stabilizes his chakras and is 
sterilizing him from any bacteria on this planet. 





Q: What happened then after he’s in the suit? 


He walked out of this bubble and went towards them. The greeting with the beings is touching the (index) finger 
to identify the energy. And the same finger passing, like rubbing, the forehead, like if he was tuning into the 
other one's mind to start a telepathic conversation... The being touches his own forehead and then Urandir 
touches his own forehead. Only the (index) fingers touch... only telepathic conversation —no images in his mind. 


The tall blond male directed Urandir toward stairs and they climbed to the next floor [as seen in his drawing, 
above] where Urandir was to remain for the next three Earth days watching wall screens of images about the 
Earth, this solar system and the galaxy. Watching with Urandir were representatives of other non-human 
species who Urandir understands are allied with the blond beings in a mission to help humans transform and 
evolve. The tall blond beings are trying to transform the mind frequencies of as many people as possible, 
raising them in an effort to neutralize large numbers of low frequencies and help block catastrophes they see in 
Earth's future. Urandir considers himself one of their students and his goal is to share publicly what he has 
learned about mind energy over matter from the beings. 


The following excerpts about Urandir's memory of what he was shown and told are taken from a five hour 
conversation that was tape recorded in Corguinho, Brazil on February 10, 2003, with Portuguese to English 
translation help. Urandir said that various dates connected with earth changes - both positive and dangerous - 
were shown to him, but not in chronological order. (After walking up stairs with the blond being to a second 
floor) the wall of the craft there transforms into a monitor and they start showing scenes... The worldwide 
events that are going to happen... [in Earth’s immediate future are presented and described telepathically.] 


Scene 1 - 2014, Outer Space Chunks of Ice 


The solar system traveling and meeting a curtain of ice pieces approaching... He said the solar system travels 
in a big galactic cycle through the ice... This is the second time the earth has passed through these huge 
clumps of ice. It's very close this and it will take maybe 15 years to go through the big pieces, but a few pieces 
of ice could already be coming toward Earth today. The blond beings said that we cannot see this yet because 
there is another body that reflects with a very strong electromagnetic field all the light of this ice curtain 
approaching the solar system... 
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Scene 2 - December 22, 2012, Galactic Pulse 


A giant galaxy was the next image... [with the] solar system down there. On December 22, 2012, this galaxy is 
going to emanate a big flash of light that will affect all the suns. Every sun reflects to all the planets surrounding 
them and will cause a 'reversal' not only the earth, but all the planets... It's like God synchronizing the whole 
universe, like a synchronization ray or beam that would come from God, the Creator. He said it will be seen by 
any creature on the planet that has eyes to see it... For our planet, there will be lots of solar storms. The suns will 
get hotter with more solar storms... 


Scene 3 - December 22, 2012 - Sun and Stars Moving in the Sky 


They showed how the human beings would see the sky from the earth... Moving, like [on a teeter-totter]... if you 
are looking at the sky, it will swing. You will see the moon and the stars moving. 


Q: Like [The Book of] Revelations in the Bible says the stars will move in the sky? 


Yes, exactly... [moving or wobbling during] both day and night. 


Scene 4 - 2014 and 2023, 'Plasma Ships' Evacuate Some Humans from Earth 


In the next scene are lights in the sky which are the blond beings’ plasma ships picking up humans from hilltops 
in their beam transport technology. This is roughly near 2023. But something similar in evacuating human beings 
starts in 2014. These are like stars representing the plasma ships. People are on the hills and the ships are 
rescuing them... [The plasma ships emanate] silver light. Like a dish to a dish... 


Scene 5 - 2004, Cosmic Body Travels Close to Earth 


At end of 2004, there is a shock due to a body that travels close to our planet and interferes with the climate and 
atmosphere... [This event occurred on September 29, 2004 — the close passage of Asteroid Toutatis, as also 
predicted during the extraterrestrial contacts of Eduard Meier in 1978, who even foretold the exact name that 
would be chosen by French astronomers several years before the asteroid had been observed. ] 
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Scene 6 - 2007, Cosmic Body Disturbs Earth's EM Fields; Scientists Discover Life-Extending Water 


In 2007, there will be both bad news and good news for human beings. There will be a cosmic body [-Dark Star-] 
that moves toward or into the solar system that will affect the earth's electromagnetic fields... This electro- 
magnetic wave will affect some places locally, different, but not the whole earth. A good example is the Etna 
volcano in Italy. It could erupt and kill thousands of people. The rest of the world will carry on... 





The beings said that science has already got the knowledge, but nothing has been published yet. In the ice 
caps of the Antarctic, scientists will study the water and find it is more pure, free of heavy water, deuterium? He 
is saying they are going to find this water with less heaviness. Scientists will discover this new purer water will 
retard the aging process by about 80 times. People could live 300 or 400 years. The technology to extract this 
new water in 2007 will be available... [whereby pure protium can be separated from heavier water molecules. ] 


Q: Who is planning this cruel joke of us finding life-extending water just before humans are wiped out by ice 
blocks only seven years later? 


But there will be many survivors who can use the new discovery. The Earth has more than 6 billion inhabitants. 
Around 3 billion will die with all the catastrophes, but nearly as many will survive. 


Scene 7 - 2028, Blond Beings Return Some Humans to Earth 


And by 2028, it's like as if they are helping the population trying to help fix the planet. They start bringing back 
those people they evacuated before. And it starts a new era on the Earth. It's like everyone is part of a 
cooperative effort... After the evacuation, the people are returned years later but younger than when they were 
first beamed up into the plasma craft... They are taken into a different dimension that was adapted for the 
human beings to be preserved...'’ 


The specific predictive information provided to Urandir Oliveira by his extraterrestrial teachers deserves 
careful analysis and consideration. Their concise description of the Galactic Pulse of December 22, 2012 
being a synchronization beam radiating from the galactic core -observable to all as a bright luminous 
flash that induces magnetic reversal of the entire Sol system-— corroborates descriptions provided by 
other extraterrestrial sources. The wobbling of the planet for days during a major reorientation in its 
rotational axis echoes ancient Biblical predictions, and suggests a permanent seasonal change on Earth. 


We are warned that light from a threatening interstellar ice sheet is reflected by the strong electromagnetic 
field of the brown dwarf binary twin of our sun, itself having already invisibly entered the solar system. The 
foretold electromagnetic wave effects of the closing Dark Star are indeed perfectly exemplified by unusual 
events occurring in the Messina region of Sicily, just west of the mentioned Etna volcano. The town of 
Canneto di Caronia has experienced repeated evacuations throughout the last several years due to 
extremely high electromagnetic fields being transduced from intense acoustic energy by the piezoelectric 
limestone bedrock. The entire area is being bombarded by ultra-low frequency standing waves focused by 
the Giza pyramids, at a distance of 1,120 miles, or 4.5% of the Earth’s mean circumference. The brief 
explanation of localized effects given to Oliveira refers to nonlinear focal points of infrasound resonance. 
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Information given concerning /ightwater that Urandir drank with his companions for three days aboard the 
plasma craft is of great importance, being ‘lighter’ in reference to both its weight and optical aspects. 
Being comprised of pure protium, with less atomic weight than the heavier forms of water (deuterium and 
tritium), lightwater can be extracted from mixed terrestrial sources by virtue of the specific freezing, 
boiling and vapor points of protium that differ from the lower forms. Oliveira was given astounding details 
concerning cellular longevity: that under bioelectrification conditions, the ingestion of pure protium 
lightwater endows an extended lifespan of 300 to 400 years. This is the biological effect of the fourth- 
density HHO plasma environment that ‘has been adapted for the human beings to be preserved’ such 
that they are ‘younger than they were when they were first beamed up into the plasma craft.’ 


It appears that Urandir’s fourth-density teachers recognize the fact of governmental concealment of the 
anti-aging properties of pure protium water as a valid reason for providing this important information to 
humanity through Oliveira’s efforts. The invisible bionanotechnological aspects of the lightwater that 
Urandir drank and absorbed through his skin during his extraterrestrial experiences were not discussed, 
yet comprise a significant factor in the formation of the HHO plasma that preserves both spacecraft and 
passengers. Biocompatible gold and silver nanoparticles of less than 10nm in size provide for remarkable 
optical characteristics, by transducing red and blue light inside all the bodies cells for the activation of 
DNA as an organic superconductor. This effect cannot occur without the ingestion of these trace metals. 





Physicists on Earth have now begun to apply the atomic implosion process of hydrogen for the 
transduction of free energy from the resonant field of infrasound standing waves enveloping the planet, 
using HHO plasma reactors that contain tungsten power and catalysts that are not biocompatible (above, 
left).'® For direct application to the human body, gold and silver nanoparticles and dissolved potassium 
are essential. Earthly physicists have also recently defined the parameters for containing plasma within a 
superfluid beam, reporting the appearance of a hexagonal array of vortices during rotation (Ketterle, et 
al).'? Oliveira described his experiences inside an HHO plasma transport beam to Linda Moulton Howe: 


The transport process was reversed, according to Urandir Oliveira, when the tall, blond beings decided to return 
him on the evening of September 18, 2002, after three days on a second floor room where a large wall screen 
showed Urandir and many other non-human beings images of Earth's alleged future. During our February 10, 
2003, interview about the experience, | asked Urandir if he and the others were in the same room all three 
days. He answered, "Yes, it's like the walls were endless. | walked, but never reached the walls, so it gave the 
impression that the room was really big’... 


What he says he did understand was that the meeting in the "endless" room with many other non-human 
beings was supposed to have lasted for fifteen Earth days, not only three. But many of the people who had 
been at the Corguinho farm on the night of September 15, 2002, when the scorched body prints were found on 
Urandir's bed and the bedroom ceiling told friends, relatives and the Brazilian media about what had happened. 
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By September 16, 2002, Brazilian television reporters had traveled to Urandir's farmhouse to wait for a craft to 
return him. Felipe Branco and others who had been shocked the previous night by the bedroom scene had 
already locked the bedroom and shuttered the windows so no one could enter, including the curious media. 
When no dramatic aerial or beam activity was seen on September 16 or 17, the media left the farm. Urandir 
said, "In the end, the blond being told me that the trip was going to be interrupted, cut short, because of all the 
movement down there with the media which was not in accordance with what had been committed to me" by 
the beings. He understood that the non-humans did not want sensation, but left the physical evidence in the 
bedroom that unusual energy had interacted there for researchers to analyze. 


On the evening of September 18, 2002, when the farm was relatively quiet, the tall blond being walked Urandir 
down the stairs in the craft to the place he had entered in the violet light. There he went back into the bubble 
where the silver, glowing, leotard-like suit dematerialized from his body and his own underpants materialized on 
him again. 


Interview: The violet light was already there and a lot denser... When the violet transforms into a tube that 
comes down, the light becomes more subtle... At this point, he walks into the light. As he is going back down in 
the beam, about half way down, this light changes him from a standing position and puts him in the previous 
exact position when he was on the bed before (on September 15, 2002). The very same position and he is 
paralyzed again to go all the way through the roof and ceiling of his house and back to where he was... 


Q: Any different feeling then? 
Like as if his bones are stretching. Like cracking joints... The whole skeleton of all his bones go snap, snap. 


Q: | wonder if it has to do with molecular expansion and contraction of passing his matter body through the roof 
and onto the bed? 
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Yes, it does have something to do with expanded molecular structure so he can interact with matter again. It's 
as if they are re-tuning the body... He can see through the same [violet] light to the room... He saw himself 
going through the ceiling and then he feels his body touch the bed. But before he actually approached the bed, 
he could not see that the bed was burned because the way in which he was paralyzed would not allow him to. 
So the (violet) light goes off and everything comes back to normal and he stands up, switched on the room light, 
and then he is surprised with his bed because it is so burnt. He thought he had been melted there! ... There was 
some sort of smoke in the ceiling still coming out. 


| was puzzled... as | photographed and gathered cloth and wood samples from the sheet and the ceiling... 
[because] the scorch marks on the pillow and the heavy scorch mark surrounded by the aura of his head in the 
wood ceiling [above] were in different places... A logical speculation about this difference is that Urandir's body 
was moving forward toward the head of the bed as it was lifted upward by the violet beam technology... | asked 
him why he thought there were no scorch marks of his hand or feet in the ceiling. He was uncertain, but said he 
understood from the non-humans that the energy beam that lifted his body was precisely tuned to the molecules 
of his body against the bed in order to separate them from the bed... [It is an] extraordinary technology. 


Q: What went through his mind as he looked at the sheet and the ceiling? 


At the time, he started touching himself thinking, ‘Have | melted?' And he wanted to know his weight, so he 
climbed on a scale and he lost 4 kilos (8.8 pounds) in those three days. 


Q: Did they feed him anything? 
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Some tablets with different flavors... If he wanted a meat flavor, they would give a meat flavor. If he wanted a 
sweet or apple flavor, he would have an apple flavor. 


Q: Did they give him liquid? Water that was much lighter than our own... 
Q: He felt perfectly fine? Relaxed, peaceful, joyful. 


Q: So he is now standing in the bedroom. The ceiling is smoking. He is looking at his own body to see if he is 
burned... [and his clothing appears unaffected by the high temperatures. Then what happens?] 


Then he tries to open the door of the room and it's locked. He opened the window and it is blocked from the 
outside... with bars. Everyone locked the room after he was gone (on September 15) after the [transport] to 
make sure no one would walk into the room... [thereby securing the evidence of Urandir’s beam transport.] He 
has an intercom phone, so he called his parents who live on the farm and they rushed to the room to open it. 


Q: He was gone for at least three days and humans go to the bathroom on a daily basis. What did they provide? 


There was some sort of a cabin, almost transparent, a plasma material. And the only need or urge he had was 
to urinate. He did not feel any other urge. When he arrived at the plasma material, there was no hole, no basin, 
nothing. So, he thought, 'Well, | will just urinate here’... 


Q: What happened? 
So he starts urinating and when it is about 10 centimeters for the urine to touch the ground, it would disappear. 
Q: He said he is standing before a plasma. !s it like a fog? 


[The plasma cabin and urinal are formed by the] same material as the bubble. [The urine just disappears] 
before it touches the floor. 


Q: Do the [extraterrestrial] blond beings urinate? 


Yes, not as much as we do, but they do... [and they eat the] same tablets that they provided him." a 
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[A]nalytical chemist Phyllis A. Budinger [explained]... that the blue threads in the affected Oliveira sheet are 
cotton and the white are polyester. The blue and white threads are woven together throughout the sheet, but 
there is great variability in the body imprint from what looks like burned and charred cloth right next to cloth with 
only slightly darker blue discoloration that also outlines the entire body print. This is especially interesting when 
you consider the facts that cotton decomposes, or scorches, at about 148° Centigrade, or about 300° 
Fahrenheit. But polyester threads don't melt until 500°F. There are melted, gummy threads intricately woven 
throughout the blue cotton threads -even in places where the cotton is not scorched, or even brown. 
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Interview: W. C. Levengood, Biophysicist, Pinelandia Biophysical Laboratory...: ‘I've never seen anything like 
this. This takes a very, very high precision kind of - whatever the energy, and there had to be energy here to 
transform, probably at the molecular level, this because it changed the internal energy of the material. Whatever 
it was... [this form of energy] was extremely precise. 


‘Tran on to one region right at the edge of the brown material and the threads - you could actually see where 
they were white, normal threads, and then just a fraction of a millimeter away, they had begun to be 
transformed. They were glassy-looking, but you could still see the individual fibers inside. Then in another half 
millimeter, they were totally homogeneous into this opalescent material. So, that transition is very precise and 
you could see the line of demarcation if you had the incident light just at the right angle on the sample, you can 
see this band of change. So, the energy here is very, very precise. 


‘| measured the weight per unit area of a control sample. The weight of the control cloth is 17 milligrams per 
square centimeter. The blue region is 24% higher in weight than the control cloth. | don't think anything was 
added. It means the energy has changed the density of the polyethylene and to change density means you 
have to change the molecular structure. There is some incredible technology [being applied] here... 


Q: This is a photomicrograph of a sample of the body pattern on the Urandir bed that was not scorched, but 
almost looks wet... [opposite, center.] But in fact that wet look has been caused by a change in the polyester? 


It sure has. These | call a transition, or the polyester is converted into what | call vitreous fibers. It looks wet, but 
this is actually sort of an opalescent liquid-looking, but it's like a plastic, very hard. 


Q: We know that polyester... has a melting temperature of 500°F and that cotton has a scorch temperature of 
300°F. The difference of 200°F in this photograph alone is baffling because it looks as if the polyester threads 
have been melted and the blue cotton threads seem completely untouched. 


That's right. And that difference of 200°F -that's the astounding thing. The cotton threads are totally undisturbed. 
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Levengood’s biophysical analyses of microwave-radiated plants from crop formations form the only 
precedent for the study of material evidence of aerial plasma beam phenomena. Further analyses of the 
Corguinho bed sheet were undertaken by Professor Herbet J. Barndt, Director of the Grundy Testing 
Laboratory of the School of Textiles and Materials Technology at Philadelphia University. In an interview 
by Linda Moulton Howe in May of 2003, Professor Barndt stated that the delicate burn pattern on Urandir 
Oliveira’s bed sheet must have been made with laser-like precision in mere seconds of exposure: 


Q: Could you explain a little bit about the possible importance that water might have played — both from having 
taken a shower and perspiration when this individual laid down? 


Well, when cotton gets wet, moisture actually goes into the fiber. In other words it’s inside the fiber, as well as 
on the surface. [In the case of] polyester, the water remains on the surface. So in the presence of a high 
temperature the water will evaporate from the surface of the polyester before it evaporates from the cotton, 
because the water is bound to the cotton fiber. So, in order to damage the cotton fiber you have to evaporate 
the water to get the fiber hot enough to burn. But since the polyester isn’t really holding water it can absorb heat 
more rapidly, and that may explain why the polyester melted, and the cotton in a number of these areas wasn’t 
particularly damaged... 





Q: Does that suggest... whatever did happen to this bed sheet happened in a very quick period of time? 


| would think so... especially with the temperatures that are involved and the fact that the cotton wasn’t degraded 
more than it was. it would seem that it had to have been a very quick occurrence, whatever happened here. 


Q: And we're talking in seconds, right? 


| would think so... It’s very unusual... You would have to have a pinpoint heat source like a laser to do that... If 
you have a heat source that’s intense enough to melt the polyester, and still not cause intense damage to the 
cotton, or at least some of the cotton, it has to move fairly quickly along this pattern... [or] the whole thing [is 
briefly heated] all at once...7' 


These detailed conclusions of the analyses of the bed sheet evidence from the Oliveira case point directly 
to a specific plasma heat source that was unknown to the ‘experts’, yet is derived from the most common 
and basic element in the Universe — hydrogen! /t is now known that HHO plasma is unique in that it heats 
different materials to different temperatures depending on the molecular structure. An HHO plasma torch 
will not boil water, but instead reverts to water vapor on contact. The implosion of atomic hydrogen allows 
for precisely tuned interaction with the cotton and polyester threads in discreet bands of temperature 
change, producing the ultraviolet and infrared emissions described by Urandir as heat and violet light. 


146 





HHO plasma is also responsible for the molecular changes documented by Levengood regarding the 
weight increase of the vitreous polyester fibers. Similar analytic results were obtained from other material 
evidence collected by Oliveira and his group after a brilliant nighttime aerial explosion over Mount Ashtar 
(above) that scattered radioactive debris later measured with Geiger counters. A small brown ball of a 
solid resin-coated material was found lodged in a vertical rock face and carefully collected for laboratory 
analysis (opposite). X-ray diffraction analyses of the roughly spherical, resin-coated metal sample were 
conducted in the capitol city of Brasilia to determine the elemental composition of the artifact, which may 
reveal its extraterrestrial origin. Testing showed abnormally high quantities of rare Earth elements: 


Analysis of the nucleus, done by Centro Técnico Aerospacial [detected]... iron, oxygen, silicon, titanium and 
vanadium. In relation to the occurrence of these elements, the iron and the silicon can be largely found as iron 
ore and as silica... The oxygen is found associated chemically to the iron ore and the silica as iron oxide and 
silicon oxide, respectively. These oxides are mentioned in the probable presented compounds according to 
analysis done by x-ray diffraction. The titanium, as well as the iron and the silicon are not found in a pure state 
in the nature, being found also as oxides. In the sample, the probable compound that contains titanium is the 
iron oxide and titanium, which can be found in the nature as a mineral called ilmenite. 


Nonetheless, the most important aspect is the presence of vanadium. This element and all its derivatives are 
toxic to humans. Pure vanadium is normally used in special steels. It is found in complex minerals, such as 
vanadite (PbsCl(VO,)3) and carnotite (K2(UO2)2(VO,4)2"3H20), with an occurrence in the crust of the Earth of 
0.03% - a very restricted presence in the nature. Vanadium does not occur together with iron, silicon or 
titanium, which suggests that it was manipulated to be used with these chemical elements. 


Curiously, some forms of iron ore and titanium can present magnetism, which leads to certain suspicions about 
a possible mechanism of magnetic control of the space probe. The usage of iron bindings and silicon are also 
indicated in this sense, together with the bindings with Manganese... [Brasilia’s] Laboratorio Instrumental da 
Divisao de Quimica do Instituto de Aeronautica e Espacgo do Centro Aeroespacial showed that [the resin] 
presents a fossilized-material aspect of the ester resin kind, known as amber and silica.” 
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The initial radioactivity of the recovered probe debris is evidence of molecular changes having occurred 
during the explosion, while the exotic composition of nucleus confirms its unearthly origin. The amber/silica 
resin coating presents an organic appearance, yet the roughly spherical metallic core of iron, oxygen, 
silicon, titanium and vanadium is certainly of non-mineral origin. Brazilian Aerospace laboratories clearly 
acknowledged the highly unusual magnetic properties of the combination of elements found in the nucleus, 
while the resonant piezoelectric properties of silicon also implicate a highly advanced magneto-acoustic 
levitation technology. Silence accompanied the great heat and light emitted during the brilliant flash that 
briefly lit up the entire area like daylight, as the fusion of the aerial object into a tiny molten mass occurred. 


The pointed speculation of analytical scientists 
supports the direct observations of witnesses to 
the luminous event and is further corroborated 
by information related in the contact case of 
Eduard Meier. Exactly this type of brown resin- 
coated mass was discussed as the byproduct of 
special security features commonly used by 
space-travelers visiting Earth. The dangerous 
potential misuse of technological knowledge is 
prevented by the installation of self-destruct 
mechanisms within all instruments and probes, 
for intentional or automatic activation in the 
event of malfunction. Semjase informed Meier of 
the necessity of the elimination of technological 
materials foreign to Earth, and a complete 
demonstration of the elimination process during 
his 62" contact with cosmic visitors from the 

— “= Plejares system, on August 12, 1976: 





Meier: | have heard that some objects had simply disappeared or burnt, or dissolved themselves in some way, 
if they were found by Earth human beings and if the objects belonged to some extraterrestrial intelligences. 


Semjase: The reason therefore is the elimination of these objects. We and many other intelligences are able to 
eliminate lost, or fallen into insincere hands, things by different ways, or simply to burn these to ashes. This 
happens by very far-reaching transmitters, which are started by means built into each instrument, a destroyer 
mechanism. These destroyer mechanisms are usually built into the objects and instruments, which we take to 
strange and still lowly-developed worlds, for reasons of security, so there does not come the dangerous for 
them possibilities of progress into the hands of the concerned still lowly-developed forms of life of any planet. 
These instruments or objects equipped with such destroyer mechanisms are normally produced from synthetic 
materials, like for example this small thing here... a selective warning instrument... which announces by a fine 
signal tone to me, when for example now should anyone come near us, whose brainwave pattern is not noted 
in this instrument, by which | mean, not registered. 


Meier: ...Can you perhaps demonstrate for me how you destroy such a thing? 


Semjase: |In purpose of your accomplishments, yes. Look, | simply throw it here onto the ground, and now do 
come a bit aside. — Like that, yes. Now look at this girdle-instrument; when you push these both flat buttons, 
then the warning means will start itself and burn and change towards a viscous and brown-black synthetic 
mass. Pay attention to the means laying there and push the two buttons. (I allow myself to push them.) 


Meier: Can | have the remainders? Know | want to let them get analyzed. 


Semjase: Yes, but then you should stop burning this mass, as otherwise nothing will remain for you. Don’t 
touch it until Me hours have passed, as until then, certain radiations dissolved by the combustion will have 
escaped out of the mass. 


Meier: Well, but don’t you think that our scientists could analyze important facts from out of this mass? 


Semjase: The chance is very small, because this sort of synthetic material allows no more recognition of the 
original compounds, [and] will in similar form be used as well on the Earth...°° 
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The explanations of Semjase perfectly describe the aerial probe debris recovered by scientific investigators 
involved with the Urandir Oliveira contact case, despite the more than three decades that separate the 
statements of Semjase with the spectacular aerial events occurring above Mount Ashtar in Mato Grosso do 
Sul, Brazil. The comprehensive guidance offered by visitors from other worlds, through the persistent efforts 
of Urandir Oliveira and other dedicated individuals, prepares Earthly humanity for the current electro- 
magnetic changes connected with the emergence of the brown dwarf binary companion at the outer 
reaches of our solar system, as the rain of Oort comet impacts bombards every continent of the Earth, 
continually threatening humanity for a prolonged period of many years into the future. 


Greatly increased solar flare activity and resulting geomagnetic superstorms will accompany the process of 
magnetic reversal of the entire solar system in alignment with the Galactic Pulse of December 22, 2012. 
The ancient calculations of the calendars of the Maya culture resonate with the future events foretold to 
Urandir Oliveira, as do their advanced lessons on the effects of lightwater. The Maya also identify the 
transformative effects of the celestial lightwaters of Tlaloc that rise in the mists at dawn, in contrast to the 
degenerative effects of the heavy waters that run downward to the center of the Earth. Indeed, the process 
of activating the electro-acoustic vibratory fields of Earthly human beings is not only occurring in the plasma 
ships of extraterrestrial entities, but also in the Mayan pyramids and sacred sites throughout Central 
America. Through these cosmic methods of bioenergetic activation the disasters threatening Earth’s future 
may be mitigated or prevented, as the transdimensional enhancement of consciousness allows the 
integration of new perceptive capabilities in synchrony with the dramatic environmental upheaval. 
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Golden Planets 





In one of the most intriguing cosmic journeys yet documented in our times, Michel Desmarquet was 
contacted by a giant, quite beautiful race of extraterrestrial human beings, and invited aboard their 
massive spherical spacecraft. Michel’s cosmic journey began on a clear night in June of 1987, in the 
northeast part of Australia, when he was levitated above his home in a bluish plasma to be met by a giant 
figure in mid-air. Wearing a close-fitting single-piece suit, the huge figure smiled and explained the many 
unusual circumstances to Michel, before inviting him aboard the giant spacecraft that floated nearby: 


About 100 meters from us was an enormous sphere, from which emanated a bluish Aura. | later learned that it 
measured 70 meters in diameter. The light was not steady, but shimmered, resembling a heat haze when one 
looks from a distance at sand heated by the summer sun. This enormous sphere ‘shimmered’ about ten meters 
from the ground. With no windows, no openings, no ladder, it appeared as smooth as the shell of an egg.’ 


The giant being introduced itself to Michel as Thao, and explained the main purpose of their long journey 
from their gigantic homeworld, known as the golden planet of Thiaoouba. It was later identified as one of 
three such golden planets in our galaxy that represent the highest attainment of physical and spiritual 
advancement. Michel was invited aboard the spherical super long-range spacecraft, called an ‘Alatora’, 
and underwent a necessary set of bacterial decontamination processes with the implicit understanding 
that he was to join this race of gentle giants on a great journey. Michel was given the opportunity to visit 
their homeworld of Thiaoouba to speak directly with their High Council of 7 Elders, known as the Thaori. 
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No photographic or physical evidence of Michel’s cosmic journey was obtained, but his vivid descriptions, 
first published in 1993, provide a wealth of advanced spiritual information and detailed observations that 
in themselves provide the ultimate validity of his experiences. As Desmarquet clearly acknowledges, “this 
extraordinary story will appear to [be]... a story entirely invented — but | do not have the imagination that 
such a fabrication would require. This is not science fiction. The reader of good faith will be able to 
recognize the truth in the message | transmit from my new friends to the people of the planet Earth.” 


For a period of ten days, Michel became the pupil of Thao, a quite impressive personage of 9’8” (290cm) 
in height, who radiated a youthful wisdom and joyfulness, representing a unisex race of giant human 
beings inhabiting the planet of Thiaoouba. Being hermaphrodites, all Thiaooubans possess both male 
and female reproductive organs. Such giant extraterrestrial hermaphrodites may have been depicted by 
ancient artists in giant stonework, such as the temples of Angkor from the ancient Sanskrit traditions of 
present-day Cambodia (above, with inset drawing of Thao based on Michel’s descriptions). Thao’s 
intriguing facial features combine the elegance of very feminine eyes with a strong masculine chin: 


Thao... smiled at me and | clearly remember appreciating, for the first time, the beauty and nobility of her 
face... | have already mentioned her hair, which was long and silky, golden-blond in color, which fell to her 
shoulders and framed a face that was perfectly oval in shape. She had a large, slightly protruding forehead... 
Her blue-mauve eyes and long curled lashes would have been the envy of many women on our planet. Her 
eyebrows curved upwards, similar to the wings of a seagull... The chin, well shaped but slightly angular, 
suggested a willful determination that was somewhat masculine, but this did not detract from its charm. A faint 
shadow of hair above her upper lip could have spoiled this perfect face, were it not blond.” 
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[Upon entering the giant ship, we] were now ‘gliding’ at ground level along a tunnel-shaped corridor that led to a 
small room, the walls of which were of a yellow so intense that | had to close my eyes... ‘It is not a light. It is just 
the present color of the walls... There is no paint. There are only vibrations, Michel. You still believe that you 
are in your Earthly universe, when you are not. You are now in one of our super long-range spacecraft, capable 
of traveling at several times the speed of light. We will be leaving soon, if you will lie down on this bunk?’ 


There, in the centre of the room were two boxes - rather like coffins without lids. | stretched out in one of them 
and Thao in the other... | wanted to lift myself up a little but couldn’t, being held by an unknown and invisible 
force. The yellow color progressively disappeared from the walls, to be replaced by a blue that was certainly no 
less intense... [Thao explained the light intensity as a health precaution-] ‘We come from a planet [that is] 
bacteriologically different from Earth, which, for us, is a veritable culture medium. Thus, in order to contact you, 
| was obliged to take this basic precaution. You, yourself, were a danger to me but you are no longer... When 
you entered this cabin, the color was too intense for you and | gave you the helmet you are now wearing, which 
was specially designed for you... 


‘During the very short time the cabin was yellow and then blue, 
eighty percent of the dangerous bacteria in you was destroyed. 
Then perhaps you felt a coolness in the air, similar to when an 
air conditioner is working; this was another form of disinfection 
by... let’s call it radiation, although that is not the correct word — 
it cannot be translated into any Earth language. In this way, | 
have been disinfected one hundred percent, but you still have 
enough bacteria to harm us considerably. | am going to give 
you these two pills, and in three hours you will be able to 
consider yourself as ‘pure’ as one of us.’ 


As she spoke, she took a little box from beside her bunk, 
removed the pills and held them out to me, along with a test 
tube containing a liquid that | supposed to be water. | 
swallowed them both, lifting the base of my helmet to do so... ‘I 
have given you a special drug in order to cleanse your body of 
all bacteria that is dangerous to us. | have also given you 
another drug that has caused your Astral being to leave your 
body - this will last three hours, the time it will take to purify 
you. In this way, you will be able to visit our spacecraft, without 
danger of contamination to us and without wasting time.’ 2 





Thao’s explanation of the intense electroluminescence of the resonant metal walls of the Alatora 
spacecraft and the necessary preventive bioelectrification protocols can now be properly understood. 
Lightwater and a pill most likely containing exotic trace elements including electroluminescent 
nanoparticles of gold and silver became activated by the strong force-field which impeded his movement 
while reclining in the resonant chamber, illuminating his cellular waters with red and blue light. The 
precise environmental controls exercised inside the starship reflect the luminosity of Thao’s high- 
resonance homeworld of Thaioouba. While in Astral body, Michel took the opportunity to ask his 
impressive new friend a spiritual question of great importance: “First of all, who is God? Does he exist?” 


‘| have been expecting this question and it is important that you ask it. On an ancient stone tablet, which | 
believe is Naacal, it is written: In the beginning there was nothing - all was darkness and silence.’ 


‘The Spirit - the Superior Intelligence decided to create the worlds and he commanded to four superior forces... 
It’s extremely difficult for the human mind, even when highly developed, to comprehend such a thing. In fact, in 
a sense, it is impossible. On the other hand, your Astral Spirit assimilates it when it is freed from your physical 

body. But I’m getting ahead of myself - let’s go back to the very beginning.’ 


‘In the beginning there was nothing except darkness and a spirit - THE Spirit. The Spirit was, and is, infinitely 
powerful - powerful beyond the comprehension of any human mind. The Spirit is so powerful that he was able, 
by the action of his will alone, to trigger an atomic explosion with chain reactions of unimaginable force. In fact, 
the Spirit imagined the worlds - he imagined how to create them - from the most enormous to the most 
minuscule. He imagined the atoms. When he imagined them he created, in his imagination, all that moved and 
will move: all that lived and will live; all that is motionless, or seems to be - every single thing.’ 
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‘At the very beginning, The Spirit imagined experiencing feelings through a special creature. He had imagined 
Man by means of the third force that we will call the ‘Ovoastromic Force’. Thus Man was created. Have you 
ever considered Michel, what intelligence it took to create a human being or even an animal? Blood that 
circulates thanks to the heart that beats millions of times independently of the will... lungs that purify the blood... 
the nervous system... the brain which gives the orders, aided by the five senses... the spinal cord which is ultra- 
sensitive... Have you ever wondered why, that of the billions of individuals on a planet like yours, there are no 
two fingerprints the same: and why, what we call the ‘crystalline’ of the blood, is just as unique among 
individuals as the fingerprint? ...Your experts and technicians on Earth, and on other planets, have tried and still 
try to create a human body. Have they succeeded? In regards to the robots they have made, not even the most 
highly perfected will ever be more than a vulgar machine in comparison with the human mechanism. 
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‘To go back to the crystalline | mentioned just now, it is best described as a certain vibration particular to the 
blood of each individual. [Scanning electron microscopy imaging of healthy red blood cells is presented below.] 
It has nothing to do with the blood group. Various religious sects on Earth believe absolutely in the ‘rightness’ of 
refusing blood transfusions. Their reasons relate to the teachings and books of their religious teachings and 
their own interpretations of these, whereas they should look to the real reason, which is the impact the different 
vibrations have on each other... If it is a large transfusion, it can have an influence on the recipient to a degree 
and, for a length of time, which varies according to the volume of the transfusion. This influence, of course, is 
never dangerous... After a time, which never exceeds one month, the vibrations of the recipient’s blood takes 
over, leaving no trace of the vibrations of the donor’s blood... It shouldn’t be forgotten that these vibrations are 
much more a feature of the physiological and fluidic body than that of the physical body.’ 7 





The straightforward scientific explanations provided to Michel Desmarquet by the cosmic beings of 
Thiaoouba guide Earthly human thinking toward the unified logic that Nature presents all around. The 
simple beauty of the lessons of the Creation offered by Thao rise in harmony with the teachings of Spirit 
transmitted to Earth by various other advanced masters in Nature, radiating their light throughout the 
great depths of the cosmos. 


The concise explanation given concerning the formation of the cosmos through the four forces of 
Creation clarifies the quantum interactions of the short- and long-wave aspects of Creation, also referred 
to as the matter and anti-matter Universes. The Atomic force propels the material creation (u/trasonic 
resonances), the Ovocosmic force generates and maintains plant and animal life (infrasonic resonances) 
and the Ovoastromic force manifests through human life and consciousness. The fourth force was 
explained to Michel only later, after further necessary explanations were addressed: The Astral force. 
Thao’s comparison of the fingerprint with the unique resonant frequency of the ‘crystalline of the blood’ of 
each individual is just one of the many fascinating pieces of information that lead human consciousness 
on Earth toward the deeper cognitions that will unfold with this great change of the ages. 
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Suddenly, there it was, right in the middle of the panel... Thiaoouba! My guess had to be correct - | could feel it. 
Thao immediately telepathized an affirmative, leaving me in no doubt... As we approached and Thiaoouba grew 
on the panel, | couldn’t take my eyes off the sight, for what | saw before me was indescribably beautiful. Initially, 
the first word which sprang to mind was ‘luminous’ - this then was juxtaposed with ‘golden’ - but the effect 
produced by this color was beyond any description. If | were to invent a word, perhaps one that might apply 
would be ‘lumino-vapour-golden’. In fact, one had the impression of plunging into a luminous and golden bath — 
almost as if there were very fine gold dust in the atmosphere. 





We were descending gently on to the planet and the panel no longer showed its contours, but rather, the contours 
of a continent could be distinguished, ending abruptly at an ocean that was sprinkled with a multitude of islands of 
different colors... The closer we came, the greater was the detail discernible... What captivated me most, was the 
color before me — | was dazzled! All the colors were, in each tonal variation more vivid than ours. A bright green, 
for example, almost shone — it radiated color. A dark green had the opposite effect — it ‘kept’ its color. It is 
extremely difficult to describe, for the colors on this planet could not be compared with any that exist on Earth. A 
red could be recognized as red, but it wasn’t the red we know. There is a word in Thao’s language which defines 
the types of colors on Earth and on planets similar to ours. Our colors are Kalbilaoka which | translate as ‘dull’, 
theirs, on the other hand, are Theosolakoviniki which means they radiate their colors from within. 


My attention was soon drawn to what looked, on the screen, like eggs - yes, eggs! | could see the ground 
dotted with eggs, some half covered with vegetation, and others quite bare. Some seemed bigger than others 
and some lay down. Others were upright with what looked like the pointed end towards the sky. | was so 
astonished by this sight that | turned again towards Thao to ask her about these ‘eggs’, when suddenly on the 
screen, there appeared a round form surrounded by several spheres of different sizes, and, slightly further 
away, yet more ‘eggs’. These ones were enormous. | recognized the spheres to be space vessels just like ours. 
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‘Affirmative’, said Thao from her seat, ‘and the round form you see is the cell in which our spacecraft will be 
accommodated in a few moments, for we are in the process of docking. 


‘And the gigantic eggs, what are they?’ 


Thao smiled. ‘Buildings, Michel, but just now, there is something more important that | must explain to you. Our 
planet contains many surprises for you, but there are two, which could have harmful effects on you. | must 
therefore ensure that you take certain elementary precautions. Thiaoouba does not have the same gravitational 
force as your planet. Your weight would be 70 kilograms on Earth - here it will be 47 kg. When you leave the 
spacecraft, if you aren’t careful, you risk losing your sense of equilibrium in your movements and your reflexes. 
You'll be inclined to take too great a stride, and perhaps fall and injure yourself...’ 


‘But | don’t understand. In your spacecraft, | feel fine.’ 


‘We have related the internal gravitational pull to correspond with that of Earth — or almost... It’s true that under 
this force, our bodies are heavier, but we have counter-balanced this by a semi-levitation, thus we are not 
uncomfortable, and at the same time, we have the satisfaction of seeing you move among us at ease.’ A slight 
jolt indicated we had docked. This extraordinary trip was over - | was going to put my foot on another planet. 





‘The second point,’ Thao resumed, ‘is that you will be obliged to wear a mask, for a while at least, for the 
brightness and the colors will literally intoxicate you, just as if you had drunk alcohol. The colors are vibrations 
that act on certain points on your physiological body. On Earth, these points are so slightly stimulated, so little 
exercised, that here, consequences could be unfortunate...’ There, she took a helmet, very light, which covered 
my face from my forehead to just below my nose. 


‘Let’s go, Michel, and welcome to Thiaoouba.’ Outside the spacecraft, we walked along a very short walkway. 
Immediately, | felt lighter. The sensation was very pleasant, although somewhat disconcerting, since several 
times | lost balance and Thao had to steady me. 


We saw no one, a fact that surprised me... After a short distance, we arrived at a round platform, to the side of 
the walkway. Thao sat down on a circular seat inside the platform and signaled that | should sit down opposite 
her... She took out an object the size of a walkie-talkie and immediately | felt myself pinned to the seat, just as | 
had been in the spaceship, by an invisible force field. Then, quite gently and with a barely perceptible hum, the 
platform rose by several meters and moved off rapidly towards the ‘eggs’, about 800 meters away. The thin and 
slightly perfumed air was lashing the exposed area of my face below my nose, which was very nice, its 
temperature being around 26 degrees Celsius. 


In just seconds, we arrived, and passed through the walls of one of the ‘eggs’, as if we’d passed through a 
cloud. The platform stopped and came to rest gently on the floor of the ‘building’. | looked around me in all 
directions... It seemed absurd, but the ‘egg’ had disappeared. We had indeed, entered the ‘egg’ and yet around 
us, as far as the eye could see, stretched the countryside. We could see the landing ground and the docked 
spaceships just as though we were outside... Not far from us, were gathered twenty or thirty people, all busy to 
some extent, in front of desks and screens which flashed with colored lights - similar to inside the spacecraft. A 
type of music played very softly, elevating me to a state of euphoria... 
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Michel Desmarquet’s thoroughly detailed and fascinating description of the visual splendor of the golden 
planet of Thiaoouba contains a wealth of information for scientific consideration, as well as a direct 
reference to the abundance of atmospheric gold (nanoparticles) visible throughout the luminous skies of 
Thiaoouba! This vaporous luminosity of Thiaoouba’s atmosphere is created by light amplification effects 
of the HHO plasma that forms around the gold nanoparticles, which electroluminesce under the influence 
of atmospheric electrical currents moving through the resonant field of infrasound standing waves. 


Thao’s description of the effect of high-intensity colored light on the human body is also quite intriguing. 
Informing Michel that “the colors are vibrations that act on certain points on your physiological body”, 
Thao offers an only slightly veiled reference to the pineal gland to the center of the human brain — also 
known as the ‘third-eye’ or ajna chakra among ancient Sanskrit traditions. The pineal gland is truly an 
eye, being photosensitive, and is responsible for the alignment of the body’s circadian rhythms with the 
sun by light reception in the center of the brain.’ Thao later explained in great detail the role of the pineal 
gland as one of the six principle points within the chakra system of the human body: 


‘The fluidic body [includes the brain stem and spinal 
cord, and] influences the physiological body which, in 
turn, influences the physical body... In the fluidic body, 
you possess six principal points which we call Karolas 
and which the yogis on your planet call Chakras. The 
first Chakra is the one situated between your two eyes, 
just a centimeter and a half above your nose. It’s the 
‘brain’ of your fluidic body, if you like; it corresponds to 
the pineal gland [in red, at left], which is placed much 
further back in your physical brain but on exactly the 
same level... 


‘Now, at the bottom of the fluidic body and just above the 
sex organs, is found a very important Chakra, which we 
call the Mouladhara, and which your yogis call Sacred 
[or Sacral]. Above this Chakra, and meeting the spinal 
column, is the Palantius. It is in the form of a coiled 
spring and only reaches the base of the spinal column 
when it is relaxed. 


‘For it to become relaxed, it requires the accomplishment 
of the sexual act between two partners who must not 
only love one another, but also have a spiritual affinity 
between them. Only at that moment and under these 
conditions will the Palantius extend to the spinal column, 
transferring an energy and special gifts to the 
physiological body which then affects the physical body. 
The person concerned will experience happiness in 
sexual enjoyment that is far greater than normal.’ 6 





Thao identifies the shape and function of the pal/antius in much the same way as the coiled Kundalini 
serpent of Sanskrit teachings, and further reveals the special conditions for such an activation include not 
only partnership in love, but also true spiritual affinity. As proven by research scientists, such spiritual 
affinity takes the form of a heart/mind resonance between the two,” whereby releasing the palantius. 


The identification of the chakras as existing within the fluidic body is also very concise, meaning within 
the spinal fluid itself. While the definition of the pineal gland as the first chakra presents an inverse order 
when compared with Sanskrit traditions, the Thiaoouban name of the root chakra —the Mouladhara- is 
identical to Sanskrit terminology. The attunements of Michel’s chakras were so powerfully influenced by 
the luminosity of the high-resonance atmosphere of Thiaoouba that, combined with the intensity of 
ambient infrasound and the resulting decreased weight, his state of consciousness was elevated to 
euphoric levels that are only momentarily experienced by human beings on Earth, if ever. The highly 
elevated levels of all frequencies of electromagnetic radiation also required longer periods of rest. 
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The profound attainment of knowledge witnessed on Thiaoouba is reflected in the delicacy of colors and 
radiating brilliance of every life-form preserved there in harmony with the advanced technological lifestyle 
of the giant human inhabitants. Ever-present forms and forces within nature inspire the technological 
creations observable on this planet, whose buildings take on the form of eggs, and plasma spacecraft 
display a spherical perfection. The flying circular platform used for Michel’s magnificent tour of Thiaoouba 
(illustrated above) is resonantly designed to generate the barely perceptible humming sound that Michel 
described during lift-off. Invisible magnetic fields are generated as belts that act as safety harnesses, and 
a domed magnetic field forms a protective covering enclosing the occupants of the open platform aircraft. 


The grand scale of the trees and flowers, as well as the insects and animals, is a reflection of the 
enhanced gravity conditions of Thiaoouba, which are similarly witnessed in the geological record of 
Earth. During the age of dinosaurs, all life-forms on earth were correspondingly larger than witnessed 
today. Insects were once several times larger than the same types now living and would be crushed by 
the present conditions of gravity were they to be found on the planet today. The relative conditions of 
planetary gravity are directly tied to the intensity of atmospheric infrasound standing wave resonance. 


We rejoined our vehicle and immediately accelerated away in the direction of a forest, which could be seen in 
the distance. We flew at a height of approximately five or six meters and at a speed | would have estimated to 
be 70 or 80 kilometers per hour. The air was warm and fragrant and | again felt euphoric, in a way | had never 
experienced on Earth. We arrived at the edge of the forest and | remember having been greatly impressed by 
the size of the largest trees. They looked to rise about 200 meters into the sky. 


‘The tallest is 240 of your meters, Michel.’ Thao explained without me having to ask, ‘and between 20 and 30 
meters in diameter at the base. Some of these are 8000 of our years old. Our year consists of 333 days of 26 
karses. A karse is a period of 55 lorse, a lorse comprising 70 kasios, and a kasio being almost equivalent to one 
of your seconds... 
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The vehicle greatly reduced its speed and we were able to glide between, or indeed, stop and observe more 
closely, the trees at heights that ranged from almost ground level to 10 meters above the ground. Thao was 
able to guide our ‘flying platform’ with amazing precision and expertise. Our vehicle, and Thao’s manner of 
driving it, put me in mind of a flying carpet, which was taking me on a magical tour of this magnificent forest... 
Thao leaned towards me and removed my mask. The undergrowth was luminous and softly golden but | found it 
quite tolerable... ‘It is a good time to begin accustoming yourself to the light and color, Michel. Look!’ 
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Following her gaze, | spotted, very high among the branches, three butterflies, vividly colored and of enormous 
size. These lepidoptera, which must have had one meter wingspans, fluttered high in the foliage, but we were 
lucky to see them fly closer and closer to us, on wings of blue, green and orange. It is as clear to me as if it were 
yesterday. They brushed against us with their wings that were strangely fringed, to create the most beautiful and 
breathtaking effect. One of them came to rest on a leaf just a few meters from us and | was able to admire its 
body, ringed with silver and gold, and its jade-green antennae. Its proboscis was golden and the tops of its wings 
were green with streaks of bright blue alternated with dark orange diamond shapes. The under-sides were dark 
blue, but luminous, as though they had been illuminated from above by a projector. 


For the duration of time this giant insect remained on the leaf, it seemed to emit a soft whistling sound and | was 
quite surprised by this. | had certainly not heard a lepidopteran on Earth make any sound at all. Of course, we 
were no longer on Earth but on Thiaoouba, and this was only the beginning of a long series of surprises for me. 
On the forest floor, grew an incredible variety of plants, each one stranger than the next. They covered the ground 
completely, but | noticed very few bushes among them... the forest's giants prevented them from developing. 


In size, these plants varied from a ground-covering moss-like plant, to one the size of a large rose bush. One kind, 
with leaves as thick as a hand in various shapes - sometimes heart-shaped or circular, sometimes very long and 
thin - was of a color tending much more towards blue than to green. Flowers of every shape and color, even of the 
purest black, entwined each other. From our altitude of several meters, the effect was absolutely glorious. We 
rose till we were up among the highest branches and | put my mask back on according to Thao’s direction. We 
emerged from the canopy and moved slowly, just above the foliage of those enormous trees. 
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Above the forest the light was, once again, incredibly intense and | had the impression of traveling through a 
landscape of pure crystal. Marvelous birds were perched on the tops of the taller trees, watching us pass, 
without fear. Their colors, varied and rich, were a veritable feast for my eyes in spite of the subduing effect of 
my mask. Here were varieties of macaw, with blue, yellow, pink and red plumage; and, among them a type of 
bird of paradise strutted amidst a cloud of what appeared to be hummingbirds. These hummingbirds were of a 
brilliant red color flecked with gold. The red, pink and orange tail feathers of the birds of paradise, would have 
measured 250 centimeters in length and their wingspans almost two meters. 


When these ‘jewels’ took flight, the underside of their wings revealed a very soft, misty pink, with just a touch of 
bright blue on the tips - so unexpected, especially as the tops of their wings were of an orange-yellow color. 
Their heads wore plumes of impressive size, each feather being a different color: yellow, green, orange, black, 
blue, red, white, cream... | feel frustrated that my attempts to describe the colors | saw on Thiaoouba are so 
inadequate - | feel | need a whole new lexicon, as my language fails me. | had the constant impression that the 
colors came from within the objects | looked at, and the color was more than | had known it to be. On earth, we 
know perhaps 15 shades of red; here there must have been over a hundred... 


It wasn’t only the colors that claimed my attention. The sounds that | had heard since we began to fly over the 
forest inspired me to seek an explanation from Thao. It was almost a background music, very light and soft, 
similar to a flute which continually played the same air but at a distance. As we moved on, the music seemed to 
change, only to return to the original tune. ‘Is that music | hear?’ 


‘It is vibrations emitted by the thousands of insects which, when combined with the vibrations of the colors 
reflected by solar rays on to certain plants, such as the Xinoxi, for example, produce the very musical results 
that you hear. We, ourselves, only hear it if we particularly attune to it, for it comprises an integral part of our life 
and our environment. It is restful, isn’t it? ... According to the experts, if these vibrations were to cease, we 
would experience considerable eye trouble. This will perhaps seem odd at first, since these vibrations appear to 
be perceptible to the ear rather than the eye. However, ...the chance of their ceasing is as remote as the 
chance of our sun extinguishing itself tomorrow.’ 
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Thao turned our vehicle and in a few moments, we had left the forest tops and... | saw we were approaching 
the ocean. Palm trees resembling coconut palms waved their majestic fronds at impressive heights, on the 
edge of a beach of golden sands... A hundred or so people basked on the sand or swam, entirely naked, in the 
transparent waters of the ocean. | felt a little dazed, not only because of the new and wondrous things | was 
constantly discovering, but also because of the perpetual sensation of lightness, due to the change in gravity. 
This sensation was my reminder of Earth — what a strange word, and how difficult it was to visualize Earth now! 
The auditory and visual vibrations were also affecting my nervous system enormously. Usually a highly-strung 
person, | was feeling completely relaxed... —so relaxed | felt like crying. ° 


The perfection of natural beauty and harmony of life on Thiaoouba resonated deeply with Michel, its 
intense radiations bathing him in a field of love that has been raised to the highest resonance: 


The sun was already quite low and the sky was totally clear. The ocean had taken on an orange color, which 
was surprising. | never would have imagined water could appear such a shade. Inquiring about it, telepathically, 
it was explained to me that, sometimes, at this time of day, immense patches of orange colored plankton would 
rise to the surface. These waters, it appeared, contained enormous quantities of plankton. What a sight it was: 
the sky was blue-green, the sea was orange, and everything was enveloped in the golden light which, on this 
planet, seemed to come from nowhere and everywhere. "" 


The intense luminous qualities described by Michel can only be explained as an amplification effect of 
diffuse atmospheric HHO plasma generated by electroluminescent nanoparticles of silver and gold 
suspended in the planet’s strong enveloping field of infrasound standing waves. The tranquil weather 
patterns well described throughout Michel’s nine-day adventure on Thiaoouba are a reflection of the 
planet’s highly balanced atmospheric systems. Desmarquet was also taken by the intense nighttime 
optical effects of Thiaoouba’s many-layered canopy of atmospheric HHO plasma, which amplifies all 
starlight as seen from the ground, creating a magnificent opportunity for direct stellar observation: 
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The startling beauty of color was everywhere; the greenery; the branches of the trees dissecting the blue- 
mauve sky above; the butterflies; the flowers...| recall a bird that came to rest right in the middle of the roof, so 
that we could see the bottom of its feet. It was as though it had miraculously stopped in mid-air — the effect was 
quite extraordinary... The only contrast with the outside was provided by the floor that was covered in a type of 
carpet on which was arranged comfortable looking seats and large pedestal tables. All of these furnishings 
were, of course, on a large scale - appropriate to these ‘large-scale’ people. 


‘Thao,’ | asked, ‘how are your walls transparent and 
yet we can’t see in from the outside? And how can 
we pass through your walls as we did?’... 


‘You see, Michel, this habitation exists because of a 
magnetic field that is quite special. We have copied 
the forces of nature and the creations of nature to 
our own ends. Let me explain. Every body - human, 
animal or mineral - possesses a field around itself. 
The human body, for example, is surrounded both by 
an Aura and by an etheric force (field) of oval shape 
[at left]. You know that, don’t you?’ | nodded. 


‘The latter comprises, in part, electricity and, toa 
greater extent, vibrations that we call Ariacostinaki... 
These vibrations occur continuously for your 
protection while you are alive, and they are not to be 
confused with the vibrations of the Aura. With our 
habitations, we have copied nature in creating a field 
of mineral electro-etheric vibrations around a 
nucleus.’ Thao indicated an ‘egg’, the size of an 
ostrich egg, located in the middle of the room 
between two seats... [as the nucleus.] 





‘This way,’ she said, smiling again and taking several steps in another direction. ‘Do you see this transparent 
drawer? Inside you have various compartments. From left to right: fish, shellfish, eggs, cheese, dairy products, 
vegetables and fruits, and here in the last, we have what you call ‘manna’, which is our bread...’ 


‘You tell me that, on Earth, this bread is known as ‘manna’. How is it that it exists on Earth at all?’ 


‘It is a product we always carry on our intergalactic spacecraft... very practical... easily compressed and highly 
nourishing. In fact, it's a complete food. It comes from wheat and oats and you could live on it alone for months.’"® 
Michel’s unusual descriptions of the giant egg-like domed magnetic fields of the buildings of the people of 
Thiaoouba reflect a simplicity and natural beauty that is profoundly inspiring. Thao’s concise explanation 

of the etheric force field surrounding the ostrich-egg sized nucleus of the building was very carefully given 
in terms understandable to Michel, yet can be further understood in scientific terms. Each domed building 
is located at precise focal points of resonant infrasound standing waves, which become transduced by 

the resonant metal alloys of the nucleus into a vast electromagnetic field dome of the same shape. 


The sacred oval or egg shape is repeated throughout Nature as reflections of the structure of the 
Universe, the great ovum. The Ovocosmic force can be described structurally by the Mandelbrot Set 
quadratic function [ Zn+1 = Zi + Cc] (above), and the closely related function for nonlinear standing waves: 
[ Zn+1 = Zo ]. The entire design of the Thiaoouban spiritual center of the City of Nine Dokos, home to the 
Seven Masters of the Thaori, conforms to this sacred cosmic force of resonant infrasound (opposite). 


Thiaoouban manna bread was described as consisting of oats and wheat, while the electrical properties 
of invisible constituents including nanosilver and gold are indispensible for space travel, enabling the 
transdimensional effect of superconductivity of the human body for hyperleaps across the Universe. Gold 
and silver together comprise the ancient alloy electrum, so named for high electrical conductivity. Vedic 
scholars recently identified the Sanskrit term for electrum as ‘Soma’, described as granting eternal life 
through the luminosity of the electrum nanoparticles consumed in both foods and drinks: 
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“We have drunk the Soma and become immortal. We have attained the light the gods discovered.” (Rig Veda: 
VIII.48.3)... “Soma is food for the gods. Gods eat Soma.” (Chandogya Upanishad: V.10.4)... “The man who 
supplies food hath always [his Soma] pressing stones adjusted, a wet Soma filter, well-prepared religious 
rites... he who hath this knowledge wins the luminous spheres.” (Atharva Veda: IX.6)... Soma, Soma ma al, 
asemon, asem, electrum may perhaps denote the same substance... (which required the purificatory 'mineral 
waters') contained in the kaman.d.alu symbols in the icons of the yaks.a legacy. It may perhaps be the same 
substance said to be am°tam which was considered to be the elixir of life, of immortality. It may perhaps be the 
same substance referred to, in sheer poetry, as amritam ayur hira’ yam. Gold is immortality." 


Vedic hymns clearly identify the intracellular luminosity of electrum-enriched Soma waters and foods as 
endowing eternal life. Vedic wisdom also relates the yogic practice of levitation using the bodily force of 
‘laghima’ —an ability that Thao suddenly demonstrated for Michel while selecting Soma food preparations: 


‘We can, as readily, lift ourselves in the air, but that serves no great purpose other than our own amusement.’ 
Having said that, Thao, who was sitting cross-legged, began to rise above her seat and floated about the room, 
finally coming to rest in mid-air. | stared at her, but soon realized | was the only one fascinated by her 
accomplishment. Indeed, | must have looked idiotic, for all eyes were fixed on me. Evidently, Thao’s behavior 
was perfectly normal to my friends but they were more interested in the astonished expression on my face... 
Thao descended slowly on to her seat. ‘That demonstrates one of the many sciences you have lost on Earth, 
Michel - apart from a few individuals who are still capable of doing it... There was a time when it was practiced 
by many, along with many other skills.’ 
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The demonstration of levitation given by Thao was one of many special lessons given to Michel on the 
golden planet. On Earth, this bioenergetic art form was practiced as one of the attainments, or siddhis 
known to Sanskrit adepts, in addition to being able to make one’s body become larger or smaller, 
invisible or radiant, or instantaneously translocate or bilocate (being in two places at once). Thao would 
make demonstrations of other siddhis later during her discussions with Michel, and proceeded with a 
lesson on auras and color coordination for the balancing of physical health and consciousness: 
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‘The colors of your robe were chosen according to those of your Aura; that’s why you feel so good. If people on 
Earth were able to see Auras, they too could choose colors, which suit them and thereby enhance their feeling 
of well-being. They’d make use of color rather than aspirin...’ 


‘ll give you an example. Do you ever remember saying of someone: ‘oh, those clothes don’t suit you at all. He, 
or she, has no taste’? ...If you were to suggest it be because of the colors they were wearing, they would think 
you odd. You could explain that the vibrations of the colors were in discord with those of their Auras, but they 
would be no more inclined to believe you. On your planet, people only believe in what they see or touch... and 
yet the Aura can be seen... The Aura vibrates constantly with colors that vary. At the top of your head is a 
veritable bouquet of colors, where almost all the colors you know are represented. 


‘Around the head too, is a golden halo, but it is only really obvious in the most highly spiritual people and in 
those who have sacrificed themselves in order to help someone else. The halo resembles a golden mist, much 
like painters on Earth depict the haloes of ‘saints’ and of Christ. The haloes were included in their paintings 
because, in those times, some of the artists actually saw them... The colors are all there in the Aura: some 
shine more strongly, others are dull. People in poor health, for example, or people with bad intentions... Many 
people on Earth could see it and read it a very long time ago, but there are few now. Calm yourself, Michel. You 
will see it, and not only one but several, including your own.’... 


Approaching the coast, | could recognize enormous dokos, their points as usual towards the sky, | counted a 
group of nine, but the island was sprinkled with others, smaller and less visible amongst the vegetation. Thao 
took us higher and we were soon flying over what Thao called Kotra quo doj Doko - ‘The City of the Nine 
Dokos’. Skillfully, Thao brought us down between the dokos, to a beautiful park located in their midst. In spite of 
my mask, | was aware that the golden mist that enveloped Thiaoouba was much denser around these dokos 
than elsewhere. Thao confirmed | was not mistaken in my perception... 
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Eventually, we reached the Central Doko 
and stopped below the entrance light. 
Thao seemed to concentrate for several 
seconds, then she took me by the 
shoulder and we passed through the 
wall... She immediately removed my 
mask, advising at the same time, that | 
half-closed my eyes, which | did. Light 
filtered through my lower lids and after a 
time, | was able to open my eyes 
normally... | must say, that this brightness, 
more golden than in my own doko, was 
considerably uncomfortable at first... 


This doko must have been 100 meters in 
diameter. We headed directly, although 
more slowly, for the centre, where seven 
seats, each occupied, were arranged ina 
semi-circle. The occupants sat as though 
petrified and, at first, | thought them to be 
statues... In looks they resembled Thao, 
although their hair was longer and their 
if. facial expressions more serious, giving 
them the air of being older. Their eyes 
seemed to be illuminated from within, 
which was somewhat disturbing. What 
struck me most of all, was the golden 
haze, even stronger here than outside, 
which seemed to concentrate in haloes 
around their heads... When one of them 
raised a hand to indicate Thao and | 
should each take a seat facing them, | was 
indeed awestruck, and the word is feeble. | 
could not have imagined it possible that 
such radiant beings could exist: it was as 
though they were on fire inside and 
emitting rays from within. 
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They sat on block-like seats, fabric-covered, with straight backs. Each seat was of a different color - some only 
slightly different and others vastly different from their neighbors. Their clothes too, differed in color, suiting each 
wearer perfectly. All of them sat in what we call on Earth, the ‘lotus position’ that is, the sitting position of 
Buddha, with hands resting on knees... It was the central figure who addressed me, in a voice so melodious 
and, at the same time, so authoritarian. | was stunned by it, particularly since he spoke in perfect French. ‘You 
are welcome among us, Michel. May The Spirit assist and enlighten you.’ The others echoed: ‘May The Spirit 
enlighten you.’ 


He began to rise gently above his seat still in the lotus position, and floated towards me. This did not entirely 
surprise me since Thao had previously demonstrated this technique of levitation. | wanted to rise before this 
undoubtedly great and highly spiritual personage, as a measure of the infinite respect inspired in me. In trying to 
move, | found | couldn’t - as though paralyzed in my seat... He stopped just above and in front of me, placing 
both his hands on my head; the thumbs joined on my forehead above my nose, opposite the pineal gland, and 
the fingers joined at the top of my head. It was Thao who described these details to me later, for at the time, | 
was overwhelmed by such a sensation, that the details didn’t register. 


During the time his hands were on my head, it seemed that my body no longer existed. A gentle warmth and 
delicate perfume originated within me, emanating in waves and blending with soft music that was barely 
audible... Suddenly, | could see amazing colors surrounding the figures opposite me and, as the ‘leader’ 
returned slowly towards his seat, | could see a multitude of radiant colors around him; ones | had been unable 
to perceive before. The principal color was a mass of pale pink which enveloped the seven figures, as though in 
a cloud, and their movements caused that wonderful, glowing pink to encircle us also! 
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When | had sufficiently recovered my senses to turn towards Thao, she too, was surrounded with wonderful 
colors, although less brilliant than those around the seven figures... You will notice that, in speaking of these 
great personages, | instinctively use ‘he’ rather than ‘she’. In explaining this, | can only suggest that the 
personalities of these special beings were so strong and their bearings so imposing, that | recognized more of the 
masculine in them than the feminine —| mean no offence to women— my reaction was instinctive... However, 
women or men, they had transformed me. | knew that the colors surrounding them were their Auras. | was 
capable of seeing Auras —who knew for how long— and | wondered at what | saw. 
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The ‘leader’ had resumed his seat and all eyes were fixed on me, as if they wanted to see inside me, which 
indeed, is what they were doing. Silence reigned for a time, which seemed interminable. | watched the varied 
colors of their Auras vibrate and dance around them, sometimes far in the distance and recognized the ‘bouquet 
of color’ Thao had spoken of earlier... The golden haloes, clearly defined, were almost saffron colored. It 
occurred to me, they could not only see my Aura, but possibly read it as well. | suddenly felt quite naked before 
this learned assembly. The question that haunted me was: why have they brought me here? 


Abruptly, the ‘leader’ broke the silence. ‘As Thao has already explained to you, Michel, you have been chosen by 
us, to visit our planet, in order to report certain messages and to offer enlightenment on several important issues 
when you return to Earth. The time has come when certain events must occur. After several thousand years of 
darkness and savagery on the planet Earth, a so-called ‘civilization’ appeared and, inevitably, technology was 
developed —a development, which was accelerated during the last 150 years. 
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‘It has been 14,500 years since a comparable level of technological advance existed on Earth. This technology, 
which is nothing compared with true knowledge, is nevertheless, sufficiently advanced to become harmful to the 
human race on Earth in the very near future... harmful, because it is only material knowledge and not spiritual 
knowledge. Technology should assist spiritual development, not confine people, more and more, within a 
materialistic world, as is happening now on your planet... To an even greater extent, your people are obsessed 
with a single goal - affluence. Their lives are concerned with all that the pursuit of wealth entails; envy, jealousy, 
hatred of those richer and contempt for those poorer. In other words your technology, which is nothing 
compared with what existed on Earth more than 14,500 years ago, is dragging your civilization down, and 
pushing it closer and closer to moral and spiritual catastrophe.’ 


| noticed that each time this great personage spoke of materialism, his Aura and those of his acolytes, flashed 
with a dull and ‘dirty’ red, as though momentarily, they were in the middle of burning bushes. ‘We, the people of 
Thiaoouba, are assigned to assist, guide and sometimes punish the inhabitants of planets under our 
guardianship.’ Fortunately, Thao had briefed me on Earth’s history during our journey to Thiaoouba. Otherwise, 
I’d have surely fallen off my seat on hearing such a speech. 





‘| think,’ he resumed, ‘that you already know what we mean by ‘harmful to the human race’. Many people on 
Earth believe atomic arms to be the major danger, but it is not so. The greatest danger concerns ‘materialism’. 
The people of your planet seek money - to some it’s a means of attaining power; to others it’s a means to 
acquire drugs (another curse), yet to others, it’s a way of possessing more than their neighbors possess... 


‘Now, once and for always, we will teach you and provide you with what you French call ‘the key to the 
mystery’... As you have heard, in the beginning there was the Spirit alone and he created, by his immense 
force, all that exists materially. He created the planets, the suns, plants, animals, with one goal in mind: to 
satisfy his spiritual need. This is quite logical since he is purely spirit. Already | see you are wondering why the 
need to create material things in order to attain spiritual fulfillment. | offer this, by way of explanation: the creator 
sought spiritual experiences through a material world... In order to have these experiences, he wanted to 
embody a tiny part of his Spirit in a physical entity. To do this, he called on the Fourth force - the force which 
Thao has not yet spoken of and which concerns only spirituality. In this domain, Universal Law also applies. 


‘You most certainly know that the pattern of the Universe dictates that nine planets revolve around their sun. It 
is also the case that these suns revolve around a bigger sun, which is the nucleus for nine such suns, and their 
nine planets... Certain accidents occur and sometimes a planet will disappear in a solar system, or perhaps 
enter it, but later in time, the solar system will revert and base its structure again on the number nine. 
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‘The Fourth force had a very important role to play: it had to bring to fruition all that the Spirit had imagined. It 
‘inserted’ thus, an infinitesimal part of the Spirit in the human body. This comprises what you could call the 
Astral body, which forms one ninth of the essential human being and consists of one ninth of a ‘Higher-self’, 
which is sometimes called ‘overself’. The Higher-self of man is, in other words, an entity which sends one ninth 
of itself into a human body, becoming the person’s Astral being. Other physical bodies are inhabited, similarly, 
by other ninths of the same Higher-self and yet each part remains integral to the central entity... Further, the 
Higher-self is a ninth part of a superior Higher-self which, in turn, is a ninth part of a more superior Higher-self. 
The process continues as far back as the source, and allows the enormous filtration of spiritual experience 
required by the Spirit. 
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‘You must not think that the Higher-self of the first category is insignificant in comparison with the others. It 
functions at a lower level, but is nevertheless extremely powerful and important. It is capable of curing illness 
and even resuscitating the dead. There are many instances of people, declared clinically dead, who are brought 
back to life in the hands of doctors who had abandoned all hope for them. What generally happens in these 
cases, is that the person’s Astral body meets with the Higher-self. This portion of the Higher-self has left the 
physical body during the period of ‘death’. It perceives its physical body below, and the doctors trying to 
resuscitate it; it can also perceive loved ones who mourn for it. In his present state, the Astral body, the person 
will feel perfectly well -even blissful. Usually he abandons his physical body, frequently the source of much 
suffering, to find himself catapulted down a ‘psychic canal’, at the end of which is a wondrous light and beyond, 
a State of bliss. 


‘If before passing through this canal into the blissful light which is his Higher- self he has the least will not to die 
—not on his own account but for the sake of those who need him, young children for example, he will ask to 
return. In certain cases it will be permitted... You are in constant communication with your Higher-self by means 
of your cerebral canal. Acting as a transmitting and receiving post, it conducts special vibrations directly 
between your Astral body and your Higher-self. Your Higher-self monitors you continually, by day and by night 
and can intervene to save you from an accident. 
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‘Someone, for example, who is to catch a plane, finds that the taxi breaks down on the way to the airport; a 
second taxi called also breaks down - just like that... Could you really believe in such a coincidence? The plane 
in question crashes thirty minutes later, leaving no survivors. Another person, an old and rheumatic woman and 
barely able to walk, starts to cross a street. There is a loud horn blast and a screeching of tires, but this person 
is miraculously able to leap to safety. 


‘How is this explained? It was not 
yet her time to die and so her 
Higher-self intervened. In one 
hundredth of a second the 
Higher-self triggered a reaction in 
her adrenaline glands, which, for 
a few seconds, provided enough 
strength to her muscles to enable 
her to execute the leap which 
saved her life. Adrenaline 
released into the blood can make 
it possible to flee from imminent 
danger, or to defeat the 
‘unbeatable’ through anger or 
fear. In too strong a dose, 
however, adrenaline becomes a 
lethal poison. 


‘It isn’t only the cerebral canal 
which is able to conduct 
messages between the Higher- 
self and the Astral body. Another 
channel exists sometimes in 
dreams —or, | should even say, in 
sleep. At certain times during 
sleep, your Higher-self is able to 
call your Astral body to itself and, 
either communicate instructions 
or ideas, or to regenerate it in 
some way, replenishing its 
spiritual strength or enlightening 
it in regard to solutions to 
important problems. For this 
reason, it is essential your sleep 
is undisturbed by intrusive noise 
or by nightmares resulting from 
harmful impressions received 
during the day. Perhaps you will 
better understand the importance 
of your old French saying: ‘Night 
brings counsel’. 





‘The physical body in which you exist at the moment is already very complex, but still, it is nothing compared 
with the complexity of the process of evolvement which occurs with Astral bodies and Higher-selves. In order to 
allow ordinary people on your planet to understand as easily as possible, | will make my explanation in the 
simplest terms... Your Astral body, which inhabits every normal human being, transfers to its Higher-self all the 
sensations that are experienced during a lifetime in a physical body. These sensations pass through the 
immense ‘filter’ of nine Higher-selves before arriving in the etheric ‘ocean’ that surrounds the Spirit. If these 
sensations are based essentially on materialism, the Higher-selves have enormous trouble filtering them, just 
as a water filter clogs quicker if it filters dirty water than if the water was already clear... 


‘If, through the numerous experiences you have in your life, you ensure your Astral body benefits in a spiritual 
sense, it will acquire more and more spiritual understanding. In time, which can vary from 500 to even 15,000 of 
your Earth years, your Higher-self will have nothing more to filter... 
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This part of itself, embodied in the Astral being of Michel Desmarquet, will be so spiritually advanced, it will have 
arrived at the next stage where it will have to contend directly with the more superior Higher-self... We can 
compare this process with a nine-stage filter, intended to rid the water passing through, of nine elements. At the 
end of stage one in the process, one will have been completely eliminated, with eight remaining. Of course, to 
make this information easier to digest, | am making enormous use of imagery... 


‘This Astral body then, will have completed its cycle with the Higher-self of the first category and will then detach 
itself from Higher-self number one to rejoin the Higher-self of the second category; the entire process will be 
repeated. By the same token, the Astral body will be sufficiently spiritually advanced to pass to a planet of the next 
category, as well... 





‘In his wisdom, The Spirit, by means of the Fourth force, provided for nine categories of planets. At present, you 
are on the planet Thiaoouba which is in the ninth category; that is, at the top of the scale... Earth is a planet of 
the first category and therefore at the bottom of the scale. What does this mean? The planet Earth could be 
likened to a kindergarten with the emphasis on teaching basic social values. A planet of the second category 
would then correspond with a primary school where further values are taught - in both schools, adult guidance 
is imperative. The third category would comprise secondary schools where a foundation of values allows 
exploration beyond. Next, you would go to university, where you are treated as an adult, for you would not only 
have attained a certain amount of knowledge, but you would also start to accept civic responsibility. 


‘This is the type of progress occurring with the nine categories of planets. The more spiritually advanced you are, 
the more you will benefit, on a superior planet, by an environment and general way of life which is superior. The 
very way in which you procure food is much easier, which in turn, simplifies the process of organizing your way of 
life; the consequence is more effective spiritual development. On the higher planets, Nature itself, enters the 
stage to assist ‘the pupil’ and, by the time you reach planets of the sixth, seventh, eighth and ninth category, not 
only is your Astral body highly evolved, your physical body has also benefited from your development. 


‘We know you have already been favorably impressed by what you have seen on our planet. As you see more, 
you will appreciate that it is what you would call on Earth, ‘a paradise’; and yet, compared with true happiness, 
when you become a pure spirit, it is still nothing... From this planet, it is possible either to remain in a physical 
body or be reunited with the Great Spirit in the ether.’ As these words were uttered, the Aura surrounding the 
leader shone more brightly than ever and | was surprised to see him almost disappear in a golden mist, only to 
reappear a second later. 


‘You have understood that the Astral body is a body which inhabits your physical body recalling and noting all 
the understanding acquired during the course of its various lives... It can only be enriched spiritually - not 
materially. The physical body is merely a vehicle which, in most cases we abandon when we die... | will 
elaborate, for | see that ‘in most cases’ has confused you. By this, | mean that some of us, including all on our 
planet, are able to regenerate the cells of our bodies at will. Yes, you have already noticed that most of us seem 
to be of the same age. We are one of three planets that are the most highly evolved in this galaxy. Some of us 
can, and do, directly join what we call the great ether. 
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‘So, on this particular planet, we have arrived at a stage near perfection, both materially and spiritually. But we 
have our roles to perform, as does every creature existing in the universe; in fact, everything, including a single 
pebble, has its role... Our role, as beings of a superior planet, is to guide — to help with spiritual development and 
even, sometimes, materially. We are in a position to give material assistance because we are technologically the 
most advanced people. Indeed, how could a father give spiritual guidance to his child if he were not older, more 
educated and more skilled in diplomacy than the child? If the child should require physical punishment, as unfor- 
tunately, is sometimes the case, isn’t it important that the parent be physically stronger than the child? Certain 
adults, who refuse to listen and who are absolutely stubborn, also need to be corrected by physical means.’ 


‘You, Michel, come from the planet Earth, which is sometimes called ‘The Planet of Sorrows’. Indeed, the name 
is appropriate, but it is this way for a precise reason - it is intended to provide a learning environment of a quite 
specific kind. It is not because life there is so difficult that you have to intervene - you cannot lightly go against 
Nature, destroying rather than conserving what the Creator has put at your disposal; that is, interfering with 
ecological systems, which have been intricately designed. Certain countries, like Australia, where you are from, 
are beginning to show great respect for ecology and it is a step in the right direction; but even in that country, 
what case is made of pollution - both water and air pollution? What is ever done about one of the worst forms of 
pollution? Noise. [Damage to sensitive auditory cells in the cochlea, seen below, is but one of many dangers.] 


‘| say ‘worst’ be- 
cause people such 

as Australians pay 
virtually no attention to 
it at all... Ask 
someone if traffic 
noise bothers him and 
the response will 
surprise you - eighty 
five percent of the 
time it will be; ‘What 
noise? What are you 
talking about? Oh that 
noise - we get used to 
it.’ And it is precisely 
because they ‘get 
used to it’ that the 
danger exists.’ 





Just then, Thaora, as this high figure was called, made a gesture and | turned around. He was replying to a 
question | had mentally posed; ‘How can he speak of percentages and know so much about our planet with so 
much precision?’ Turning around, | almost uttered a cry of surprise for, behind me, stood Biastra and Latoli. In 
itself, this was nothing surprising, but the friends | knew who measured 310 and 280 centimeters in height 
respectively, were now reduced in size to correspond with my height. My mouth must have continued to gape, 
for Thaora smiled. 


‘Can you understand, that sometimes, and very often in these days, some of us live among your people on 
Earth? - and there is my answer to your question. To continue on the very important subject of noise, it is such 
a danger that, if nothing is done, catastrophe is certain... Let us take the example of a discotheque. The people 
who expose themselves to music that is typically played three times too loudly, are subjecting their brains and 
their physiological and astral bodies to vibrations which are so harmful. If they could see the damage that is 
caused, they would vacate the discotheque quicker than if there was a fire. 


‘But vibrations don’t only come from noise; they also come from colors and it is astonishing that, on your planet, 
experiments conducted in this field have not been followed up. © Our ‘agents’ reported a particular experiment 
involving a man who was capable of lifting a certain weight. It was found that after staring fora moment at a 
pink-colored screen, he consistently lost thirty percent of his strength... Your civilization pays no attention to 
such experimentation. In fact, colors can enormously influence the behavior of human beings and yet, control of 
this influence requires that an individual’s Aura be taken into account. If for example, you want to paint or 
wallpaper your bedroom with the colors that are truly appropriate for you, you must be aware of the colors of 
certain principal points of your Aura. 
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‘An Astral body absolutely cannot change to a superior planet until sufficiently evolved [in spirit]... This evolution 
occurs thanks to the physical body that improves as it progresses right up as far as this planet. You have 
already learned of the nine categories of planets —ours are at the bottom of the scale. We, in our present 
physical bodies, can be permitted only nine days’ stay here. According to Universal Law, on the tenth day, our 
physical bodies would die and neither Thao nor the great Thaora, within whose power it is to revive the dead, 
would be able to prevent or reverse the process. Nature has very inflexible rules with well-established 
safeguards... But it is possible that when you do die on Earth —-when your moment has come- your Astral body 
will reincarnate in a body on... a second or perhaps third category planet... [Through reincarnation] we must be 
‘reprocessed’ over and over until we emerge perfect, for eventually we will rejoin The Spirit who, being perfect 
himself, cannot accept the slightest imperfection.’ 





Around each planet, since its creation, is a kind of psychosphere or vibratory cocoon, which turns at a speed 
seven times that of light [or 1,302,000 miles per second]. This cocoon acts as a blotter, as it were, absorbing 
(and remembering) absolutely every event occurring on the planet... The human being, comprising an integral 
part of the universe can, because of his Astral body and if he is correctly trained, draw what knowledge he 
seeks from within the psychosphere. Of course, great training is required for this."° 


This description of the psychosphere corresponds closely with the ancient Sanskrit concept of the 
akashic field, the mnemonic body of the planet that spirals around the Earth through the pathways of 
standing infrasound waves (illustrated above). The (Van Allen) plasma belt that encompasses Earth 
possesses superfluid crystalline properties that may act as a form of cosmic memory storage. 
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The subconscious mind is in constant contact with the planetary psychosphere where all the information 
of all past and future lives is stored, as elucidated by the Sleeping Prophet Edgar Cayce, in so many 
astoundingly advanced spiritual readings from the era of the industrial revolution. While Cayce had a 
unique ability to access the psychosphere directly during trance, Thao explained that most inexplicable 
moments of déja vu are attributable to akashic future life previews shown by the Higher-self: 


[A]fter having seen his life... flash before him, and, after accepting to live that life, all details of it were erased 
from his memory. He passed through what certain Nagas have called ‘The River of Oblivion’ - this happens 
whether one accepts or rejects a possible reincarnation. Of course, there is a reason for it. 
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‘If, for example, you remembered that, around forty years of age, you would lose your wife and two cherished 
children in a car accident and that you, yourself, would be confined to a wheelchair, the knowledge could tempt 
you to take your life rather than face up to your troubles, or it might lead you to behave badly in other spheres. 
So, the ‘film’ is erased, in something like the way you ‘wipe out’ a tape recording. 


‘Occasionally, by accident, the machine does not erase everything and you can hear brief portions of what 
should have been erased. Of course, my analogies are fanciful when | speak of ‘films’ and ‘tape recordings’ but 
| hope they give you an idea of what | am trying to explain. In reality, the process involves electro-photonics, 
which mean nothing, yet, to people on Earth. This, in fact, occurs often in the ‘films’ that the Higher-self shows 
to an Astral body, which is why most people say, on several occasions in the course of their lives ‘| have seen 
that before’ or ‘I have heard that before’ and they know what the very next action or word will be. In English, 
people call this feeling ‘déja vu’.’ 7° 








‘Michel... you were chosen by us to visit Thiaoouba, but the essential motive for our choice has not been 
revealed. It is not only because you have a mind already awakened and open, but also —and principally— 
because you are one of the rare soukous inhabiting Earth at the present time. A ‘soukou’ is an Astral body that 
has lived eighty-one lives in human physical bodies, and has lived those lives on different planets or different 
categories. For various reasons, the ‘soukous’ return to live on inferior planets, like Earth, when they could just 
as well continue to ‘climb the ladder’ without ever going backwards. You know that the number nine is the 
number of the Universe. You are here in the City of Nine Dokos, founded on Universal Law. Your Astral body 
has nine times nine lives, which brings you to the end of one of the great cycles.’ 


Once again, | was completely flabbergasted. | suspected | wasn’t living my first life... -but eighty-one lives! | 
didn’t know one lived so many... ‘It’s possible to live many more, Michel,’ said the Thaora, interrupting my 
thoughts. ‘Thao is up to her 216", but other entities live far fewer. As | said, you have been chosen from among 
very few ‘soukous' living on Earth, but, in order that you acquire a thorough understanding during the trip to our 
planet, we have planned another journey in time for you. So that you will better understand what reincarnation 
is, and what its purpose is, we will permit you to revisit your previous existences. This journey in time will be 
useful to you when writing your book as you will fully comprehend its purpose.’ _ 
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Absolutely all of the events of past lives are stored within the psychosphere and remain accessible to highly attuned 
adepts of meditation. The ancient pyramid technologies were developed to enhance the psychoacoustic conditions 
that engender synesthesia, a form of holographic consciousness. The global network of ancient pyramids function 
as one synchronous unit, balancing the biorhythms of initiates into telepathic communication with other worlds: 
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‘| must finish off my story concerning the continent of Mu... Savanasa then, was situated on a vast plateau 
overlooking plains which rose, on average, no more than 30 meters above sea level. On this plateau and in the 
centre, an enormous pyramid was constructed. Each stone used in its construction, some weighing more than 
50 tons, was cut precisely to within one fifth of a millimeter, using what we can call ‘ultrasonic vibratory 
systems’. [These ultrasonic pulse cutting techniques were developed by scientists in 2009.”7] This was done in 
the quarries of Holaton, now found on Easter Island, which was the one place on the entire continent where this 
special rock could be found. There was, however, another quarry at Notora, southwest of the continent. 


‘The enormous stones were transported using anti-gravitational techniques well known to these people. (They 
were carried on platforms, 20 centimeters above the paved roads, and were constructed using the same 
principals as those of the pyramids.) Roads such as these were built all over the country, converging, like a 
massive spider’s web, on the capital, Savanasa. 


‘The huge stones were taken to Savanasa and put into position according to directions from the ‘master’ or 
chief architect on the project. When finished, the pyramid measured exactly 440.01 meters in height and its four 
faces were oriented precisely towards the four points of the compass [as seen above].’ 


‘Was this intended to be the King’s palace, or his tomb?’ Everyone wore the same indulgent smile that often 
appeared when | asked a question. 
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‘Nothing of the sort, Michel. This pyramid was much more important - it was a tool. An enormous tool, | admit, 
but a tool just the same. So, too, was the Pyramid of Cheops, in Egypt, though it was much smaller... You will 
have realized... these were highly advanced people. They possessed a profound understanding of Universal 

Law and used their pyramid as a ‘captor’ of cosmic rays, forces and energies, as well as terrestrial energies... 


Inside, rooms positioned according to a precise plan, served the King and certain other great initiates, as 
powerful communications centers, enabling (telepathic) communication with other planets and other worlds in 
the universe. Such communication with extraterrestrials is no longer possible for people on Earth; but the 
people of Mu in those days, by natural means and by exploiting cosmic forces, were in constant communication 
with other beings and were even able to explore parallel universes... 


[The pyramid’s] second use was to make rain. By a system of plates, made of a special alloy incorporating 
silver as its major component, these people were able, in a few days, to cause the accumulation of clouds 
above the country, and so, to have rain... Thus, they were able to create, virtually, a paradise over the whole 
continent. Rivers and springs never dried up, but flowed lazily across the numerous plains of a land that was 
essentially flat. Fruit trees were laden with fruit, bowing under the weight of oranges, mandarins or apples, 


according to latitude. Exotic fruits, of kinds that... no longer exist on Earth, were harvested in abundance.’ = 


In describing interior “rooms positioned according to a precise plan,” Thao is making reference to the 
nonlinear structure of Fibonacci standing waves by which the precise positions of the pyramids’ 
chambers were determined, for the purpose of focusing terrestrial infrasound resonance (above). 
Telepathic communication was established by biorhythmic entrainment at 1.45 Hz heartbeat, also known 
as the fri-thalamic entrainment frequency, by which the biorhythms of initiates using the pyramid 
chambers are synchronized with those initiates in other pyramids across the world, or indeed with other 
planetary civilizations. Infrasound stimulation also provided for the secondary purpose of rainmaking, by 
drastically increasing the evaporation and precipitation rates, just as occurs during solar flare activity. 
Biorhythmic balancing in the pyramids also greatly benefits the Astral body, composed of electrons: 


184 





‘Now we come to another kind of pollution that is of no small concern, though people might readily dismiss it. 
As the great Thaora told you, noise is one of the most noxious pollutants for it upsets your electrons and 
unbalances your physical compartment. | haven't yet mentioned these electrons to you and | see that you are 
not following me very well... A normal human Astral body contains approximately four billion, trillion electrons 
[4.0 x 107' = 4 000 000 000 000 000 000 000 electrons]. These electrons have a life span of approximately ten 
billion, trillion of your years [107° = 10 000 000 000 000 000 000 000 years]. They were created at the moment 
of creation. Your Astral body contains them and, when you die, nineteen per cent rejoin the electrons of the 
universe until required by Nature to form a new body or a new tree or animal, and the eighty one per cent rejoin 
your Higher-self.’ ‘I don’t quite follow you,’ | interrupted. 


‘| know, but | intend helping you to understand. An Astral body is not quite what you would call a pure spirit. On 

Earth, there is a belief that the spirit is made of nothing. This is false. The Astral body is composed of billions of 
electrons, exactly marrying your physical shape. Each of these electrons has a ‘memory’ and each is capable of 
retaining as much information as is contained in all the books that fill the shelves of an average town library. 


‘| see you are staring wide-eyed at me, but it is as | say. This information is coded, like a microfilm containing all 
the plans of an industrial installation that a spy would be able to pass in a cufflink, though much more 
miniaturized than that. Certain physicists on Earth are now aware of this fact but the public, at large, hasn’t 
been informed of it. Your Astral body transmits and receives messages, by means of these electrons, through 
the channel of your brain, to, and from your Higher-self. Information is being transmitted without you being 
aware of it, thanks to a weak electric current from your brain in harmony with your electrons. ‘Since it is the 
Higher-self which sent this Astral body into your physical body, it is in the natural order of things that your 
Higher-self should receive information from your Astral body. 
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‘Like all things electronic, the Astral body — tool of the Higher-self — is quite a delicate tool. During your waking 
hours it is capable of sending messages of extreme urgency to the Higher-self but the Higher-self seeks much 
more than that. So, during sleep, your Astral body leaves your physical body to rejoin the Higher-self, either 
passing on required information or receiving information or orders... Now, those people who, through very 
advanced and special exercises, are able to detach their astral bodies from their physical bodies, will be able to 
see a light, silvery-blue thread, such as you saw yourself, linking their physical and astral bodies. Their Astral 
bodies, likewise, are visible during the time that the separation lasts. It is these same electrons which form your 
Astral body and which create the visible effect of the thread. 


‘| see that you follow what | 
am saying and that you have 
grasped my point. Let me 
finish by explaining the 
dangers of noise. Noise 
directly attacks the electrons 
of your Astral body creating 
parasites, to use a radio and 
television term. If... someone 
is operating an electric tool 
next door to your house, such 
large parasites will be 
produced on your screen that 
the image will distort 
completely. 


‘The same thing occurs with 
the Astral body, but 
unfortunately you won't be 
aware of it in the same way 
that you are with a television 
screen; and, it’s much worse, 
since noise damages your 
electrons. And yet people 
say: ‘Oh, we get used to it.’ 
Your brain ‘tenses’, so to 
speak and your psyche 
initiates self-defense 
mechanisms, but not so the 
Astral body; a parasite 
invades its electrons - which, 
of course, has disastrous 
repercussions for your 
Higher-self. 





‘The sounds that reach your ears are clearly very important. A particular piece of music can elevate you to a 
state of euphoria, while another piece, although very pretty, will have no effect on you or, perhaps, irritate you. 
Try an experiment: take a piece of soft violin, piano or flute music that you like and play it as loudly as you can. 
The suffering of your eardrums will not be as great as the discomfort you'll feel within. Most of your fellow 
human beings on Earth consider noise pollution to be of negligible concern, but the noise of the exhaust pipe of 
a motor bike is three to four times worse than the noxious fumes that it discharges. While the fumes affect your 
throat and your lungs, the noise affects your Astral body... However, no one has ever been able to take a 
photograph of your Astral body and, so, people don’t concern themselves with it!’ en 


Thao’s lengthy description of the Astral or electronic body brings sharp clarity to the issue of noise 
pollution in the industrialized world. The remarkable descriptive metaphor of electronic parasites was 
powerfully used to illustrate the invisible effect of the dangerous distortion caused by the incessant 
bombardment of disruptive oscillations from modern airplane, truck and automobile traffic. Not mentioned 
at the time of Desmarquet’s contact in 1987, which occurred before the mass-production of wireless 
devices, the lethal effects of long-term exposure of DNA to microwave radiation has since become 
another invisible threat to all life, mirroring the atmospheric devastation caused by combustion engines: 
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The dipole belt was to serve, in effect, an artificial ionosphere... [by artificially creating] a belt of 480 million 
dipoles orbiting 2,200 miles above the earth... In addition to judiciously specifying the initial orbit parameters, 
we gave the dipoles a high area-to-mass ratio to ensure that the solar radiation pressure acting on the dipoles 
would distort their circular orbits into highly elliptical ones. The orbital perigee would eventually dip to an altitude 
at which air resistance would sweep the dipoles out of orbit... The first attempt at establishing the dipole belt, in 
October 1961, failed. The dipole-dispenser ejection mechanism didn't spin up, so no dipoles were released. 
With a redesigned dipole dispenser, a dipole belt was established in May 1963... By late 1965, the dipole belt 
had been swept from orbit, right on schedule.*" 


The Lincoln Laboratory photograph of 7 of the tiny dipole needles— 0.7” long and 0.0007” in diameter — 
(above) confounds the ability of the human mind to imagine the total volume of 480 million of these 
needles, which could easily have caused major damage to the Earth if allowed to melt together during 
atmospheric reentry to form several large molten masses that would rain down on the Earth in a series of 
major catastrophic impacts. The extreme myopia of the faulty thought process that directed this 
dangerous experiment is characteristic of ‘government scientists’ who endanger our planet by ignorant 
interference in natural atmospheric and orbital processes. 


Prevention of the first mission’s release of the dipole belt was achieved by interference with the 
functioning of the dipole-dispenser ejection mechanism. This simple preventive measure only frustrated 
NASA scientists, who mounted a second mission that was allowed to be released, and the experiment 
conducted, before the dipole belt was disintegrated by the plasma beams of Alatora spacecraft for the 
protection of all life on Earth. The oversight of human development on Earth is a significant task of the 
many advanced neighboring civilizations within our galaxy, who prevent such calamities only rarely by 
physical means when the logic and reason of Earthly humans cannot be inspired by any other means: 
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‘| see, Michel, you are having enormous difficulty believing what | have been saying. Never forget that we have 
THE knowledge - you have not seen one-tenth of what we can do. Attend carefully and | will give you a few 
examples to help you understand what I’m going to tell you.’ 


Thao stopped talking and appeared to be concentrating. As | watched, her face became a blur and, 
instinctively, | rubbed my eyes. Of course, this did not help and, in fact, she became progressively transparent 
until | could see right through her. Finally, she was no longer there - she had completely disappeared. 


‘Thao,’ | called, slightly concerned, ‘where are you?’ 
‘Here, Michel.’ | jumped, for the voice came as a whisper, quite close to my ear... 


Several feet in front of me, | saw the silhouette of Thao, completely golden yet radiant, as though inside her 
there burned a fire, its flames brief but intense. As for her face, it was recognizable but her eyes seemed to 
send forth little rays each time she spoke... She began to rise a few feet above the ground, without having 
moved a muscle of her ‘body’; then she started to circle the room, so fast | had trouble keeping my eyes on her. 
She stopped, eventually, above her seat and sat her ghostly form down. It was as though she were made of a 
shining mist - she was still recognizable as Thao and yet, quite transparent. The next instant she was gone. | 
looked around, but she had completely vanished. 


‘Look no further, Michel, | am back.’ Indeed, there she was, in flesh and bone again, sitting on her seat. 
‘How do you do that?’ 


‘As | was just explaining to you, we have THE knowledge. We can revive the dead; cure the deaf and the blind; 
make people walk who are paralyzed; we can cure any malady you care to name. We are masters, not of 
Nature, but in Nature, and we can do the thing most difficult of all - we can generate life spontaneously. ‘Out of 
the release of cosmic ray, we can create any type of living creature, including man... We can create a human 
body, but that is done only by the great Thaori, taking infinite care, for the human body must be inhabited by 
several bodies, as you are aware - the physiological, the astral etc. If not, it would merely be a robot. Perfect 
knowledge is therefore required for such an undertaking... A man of twenty or thirty years-of-age can be 
created by the Thaori in approximately twenty-four of your Earth hours.’ = 


The astounding disclosures of spiritual knowledge 
provided through the writings of Michel Desmarquet 
inspire great contemplation. The transdimensional 
demonstrations and many penetrating truths offered by 
both Thao and the Thaori reflect their purely Creational 
consciousness, as masters in Nature. Michel’s galactic 
voyage to the golden planet of Thiaoouba stands as an 
example of the highest attainment of Nature, inspiring the 
human beings of Earth to reverse the destructive effects of 
our ignorant ways by the advanced spiritual use of gold 
and silver nanoparticles for resonant atmospheric and 
intracellular illumination (at left). The seeds of knowledge 
have been widely sown, and hold the magnificent promise 
of an era of rejuvenation using electrum-enriched foods 
and drinks to reclaim our own natural ability ‘to regenerate 
the cells of our bodies at will’ in the enhanced cosmic ray 
environment of the Betelgeuse supernova blast. 





At this juncture, the development of human consciousness on Earth will benefit from dramatic cosmic 
environmental changes, ‘as Nature itself enters the stage to assist the pupil’ in the attainment of 
knowledge. Thiaoouban wisdom concerning the Four Forces of Creation, the Atomic, Ovocosmic, 
Ovoastromic and Astral, has been offered for our contemplation on Earth as all living beings receive DNA 
enhancements induced by cycling galactic infrasound waves. Their lessons identify the significant 
advances of Kirlian photography and the clean hydrogen engine as crucial developments for terrestrial 
technology on Earth, pointing directly toward the use of biocompatible HHO plasma for cellular 
regeneration, enhanced longevity and an inexhaustible source of clean, resonant energy. 
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Betelgeuse & the Red Dawn 





An inexorable sequence of natural electromagnetic events is unfolding that demands our full attention, 
and underlies the shifting currents of human consciousness. Ancient Sanskrit knowledge maintained by 
the Maya culture explicitly describes the events surrounding the end of this solar cycle, as retold in many 
forms throughout the indigenous prophecies and wisdom traditions of the world. It is said humanity will be 
transformed in the red light of cosmic consciousness — quite directly telling us ‘man becomes god.’ 


Mayan wisdom identifies the energetic changes of December 22, 2012 as the effect of a synchronization 
ray emitted from the center of the galaxy. This event is described as an alignment of Earth with the 
galactic plane, which will ignite Earth’s high atmosphere in an all-encompassing red aurora. The Pyramid 
of Fire Codex foretells that the sky itself will be in flames, and the red flames will soread amongst the 
pyramids — from one ‘Hill of the Star’ to another along flaming plumes of celestial water: 


Tlaloc, God of Celestial Water, god of the vapor that rises, from the Earth warmed by the sun after the rains, 

god of the mist that ascends from the valleys at dawn... Tlaloc is the return of vapor that strains to rise, is the 
return of time that strains to remember. Tlaloc, God of the Fight Against the Current, with whose aid the hero 
battles against the torrent toward his own origin and beginning, towards the wings of his soul, the wings that 

Tlaloc hides in the hero’s past... 


It is the self within ourselves that we have to sacrifice. It is our own heart that has to be torn out of the false 
being and offered to the light. May Xiuhtecuhtli, Lord of Fire, burn my false being, May Itzli, Obsidian Knife, 
liberate my heart. To sow life in the fires of sacrifice: Are the flames rising on the Hill of the Star, toward 
Cauhlacan? Or is it my own heart that is afire? 


The cycle of years is past - the waiting ended. Come - reunite, pilgrims, for the sky is in flames! From 
Xochicalco to Teotihuacan the red spreads one step, another step, and another, only twelve short steps from 
the cave of the womb to the final conflagration... The flames rage in consummation- Rise, oh flames! What light, 
what heat! What great holocaust! The smoke ascends and spirals... Obscurity disappears as the flames rise to 
Tonatiuh, the purest light. ' 
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The kundalini technology of the pyramids employs the crystalline memory of celestial waters to awaken 
human divinity at sacred temples like Teotihuacan, meaning ‘site-where-man-becomes-God’ (below). The 
resonant frequency of the Pyramid of the Sun at Teotihuacan closely matches the 1.45 Hz heartbeat 
oscillation of the Great Pyramid due to its comparable base length of 740’. Itza Mayan Elder Hunbatz 
Men describes the pyramids as generators of the brilliant light of heaven that imbues the human being 
with eternal life. Cosmic Creator Hunab K’u guides the initiatic work of Mayan Elders at sacred pyramids: 





"Take care of the light that | leave within my temple. When you form the human being, teach him to venerate my 
house, for within it they will find the light they need for eternal life. Teach him also that if he should stray, due to 
his errors, vices or ignorance, then I, Hunab K'u will reclaim my beloved beings and take them to my temple of 
wisdom and nourish them again with my light which is in the heavens. Then, together, Tepeu, Gugumatz and 
Huyubcaan will perform purification rituals using that brilliant light for the benefit of my beloved whom we 
created and molded, so they can live in the light of eternal wisdom." 


A heavenly life-giving light radiating inside pyramid chambers is also related in hieroglyphic texts 
inscribed on the interior walls of the pyramids of Saqqara, Egypt. Profound details of the luminal and 
acoustic effects of the Great Pyramid transducer in full operation have been recorded in stone: 


House bright and dark of Heaven and Earth, for the [solar] ships put together; Great Pyramid, House of the 
gods with pointed peak; for Heaven-to-Earth it is greatly equipped. House whose interior glows with a reddish 
Light of Heaven, pulsating a beam which reaches far and wide; its awesomeness touches the flesh... House of 
Eternity: its foundations are stones, the water; its great circumference is set in the clay. House the rightness of 
whose howling the Great-Ones-Who-See-and-Orbit bring down to rest... Mountain by which Utu ascends... 
whose deep insides men cannot penetrate. ° 


Both the Egyptian and Mayan hieroglyphs are descendant forms of the ancient logographic Sanskrit, as 
deciphered by epigrapher Dr. Kurt Schildmann (1909-2001). This antediluvian proto-Sanskrit can be 
identified as the Atlantean script, having been found on all inhabited continents of the world on stone and 
ceramic artifacts dated to the Pleistocene period — being over 12,000 years old. The pyramid traditions of 
these cultures of Atlantean descent provide us with stunningly explicit descriptions of future events tied 
into the ancient Sanskrit conception of water as the transformative agent of consciousness. 
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The Atlantean psychoacoustic technology of quartz crystal skulls reflects the Sanskrit tradition of 
augmenting consciousness through the purification and crystallization of the water within the human 
body. The refraction of light within the human body that is fueled by crystalline water enables the higher 
capacities of human consciousness by biorhythmic alignment at 1.45 Hz heartbeat entrainment in the 
pyramid chambers. The Great Pyramid’s upper chamber does not contain a sarcophagus — the granite 
box was actually a water-birthing resonator filled with celestial water. The closed shafts rising from the 
chambers are its “deep insides men cannot penetrate”, designed to focus infrasound heartbeats at 1.45 
Hz into the tiny newborn infants. Usually born as twins, the infants’ skulls were elongated by this process. 


The celestial waters of La Mana, Ecuador (photographed above with several plasma orbs) and Tlacote, 
Mexico have been extensively studied for their astounding resonant properties.* Test results have shown 
the spring waters of La Mana and Tlacote have the highest water purity found anywhere in the world, 
containing virtually no salt or other dissolved solids. This in itself is remarkable, but tests have also 
identified trace amounts of gold and silver nanoparticles and an energy rating of over 1,000,000 on the 
Bovis scale. There is no modern technology capable of creating energized waters like those flowing from 
the springs of La Mana and Tlacote. These celestial waters are the nanotechnological product of the 
transdimensional civilization of Atlantis — the central component of the pyramid kundalini tradition of 
psychoacoustic gestation and water-birthing practices. 








Golden waters and wisdom of the Chichimeca and Chichicastl cultures of Tlacote, Mexico have been 
preserved by the Maya Elders, and presented through translation by Gerardo Aceves Quetza Sha: 


Tlacote is a great assembly point of the ancient gods where once existed the Golden City of the Golden Water, 
built by the Chichimeca and the Chichicastl. In other times, our ancestors left us transcendental information... 
Man has always been looking for something else, something that lives inside of him, and he recognized the 
inner light manifesting in his heart. It is this inner light that will cause the changes in humanity and that will 
make the dream come true, that the animal which is the human being will be able to live thousands of years. 
Man opens his heart to understand the revealing truth, creating consciousness and elevating his thoughts. 
This process is necessary, because we must understand and solve the enigmas of Earth and the planetary 
system, in order to develop in perfect conscience right from the beginning of creation. We meet thousands of 
phenomena in our life. Man calls this coincidence; spirit calls it cycles of comprehension in the evolution of 
man. Therefore, if a new race emerges to a new cycle of existence, this happens because the information 
imprinted in the subconscious of the Inner Self has been completed. 





All the information we need is imprinted in the subconscious of the inner self, so it may evolve according to its 
individual level, remembering who it is and knowing its task on Earth: "AWAKEN, INNER SELF, and recognize 
your inner creation in order to understand the movements of the Universe!’ This is how the different races and 
religions developed in their particular states of evolution. Each religion in its particular language has 
accompanied us on a very important part of our path and accomplished the demands of a particular time. Now 
humanity is awakening to a new cycle of consciousness. A new race is born, constantly bringing in new 
knowledge and spheres of conscience, and being aware of the past, the present and the future... 


This message predicting the awakening of the Golden Water is sacred and was created and given to us by 
beings from other dimensions, so that other generations can be born, prepared for the great changes that will 
be produced from the center of the Earth.® 


Not only are the acoustic environments enhanced at these sacred sites, but the quality of water is also 
correspondingly enhanced to become crystalline. These profound findings reveal the sophisticated yet 
invisible technologies that enhance human consciousness and longevity at these sites — for those who 
choose to live close to spirit and purify their bodies to be bathed in the energy of the pyramids. The red 
light scattering of golden celestial waters induces DNA enhancement through heartbeat synchronization. 
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Apache Elder Stalking Wolf related his profound visions of the future in the Prophecy of the Red Sky, 
received as a vision several decades before the foretold events, and later published by Tom Brown Jr.: 


In the 1920s, an Apache wise man had a Vision of four prophecies that foretold death and destruction for 
mankind, unless we incorporate Spirit in our daily lives. Two of these prophecies may already have come true. 
A number of people can predict the future, but few get the timing correct. "Grandfather" was an Apache wise 
man and scout, named Stalking Wolf, who grew up outside white man's influence. His many predictions not 
only came true in the manner he predicted, but also when he predicted... 


Grandfather had been wandering for several years and was well into his forties when the Vision of the four 
signs was given to him. He had just finished his third Vision Quest at the Eternal Cave when the Vision made 
itself known. He had been seated at the mouth of the cave, awaiting the rising Sun, when the spirit of the 
warrior appeared to him. He felt as if he were in a state somewhere between dream and reality, sleep and 
wakefulness, until the spirit finally sooke and he knew that it was not his imagination. The spirit called 
Grandfather's name and beckoned him to follow. 


As Grandfather stood, he was suddenly transported to another world. Again, he thought that he was dreaming, 
but his flesh could feel the reality of this place; his senses knew that this was a state of abject reality, but in 
another time and place. 


The spirit warrior spoke to Grandfather. "These are the things yet to come that will mark the destruction of man. 
These things you may never see, but you must work to stop them and pass these warnings on to your 
grandchildren. They are the possible futures of what will come if man does not come back to the Earth and 
begin to obey the laws of Creation and the Creator. There are four signs, four warnings, that only the children of 
the Earth will understand. Each warning marks the beginning of a possible future, and as each warning 
becomes reality, so too does the future it marks”... 
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The Third Sign 


Grandfather spent the next four days at the cave entrance, though for those four days nothing spoke to him, not 
even the Earth. He said that it was a time of great sorrow, of aloneness, and a time to digest all that had taken 
place. 


He knew that these things would not appear in his lifetime, but they had to be passed down to the people of the 
future with the same urgency and power with which they had been delivered to him. But he did not know how 
he would explain these unlikely events to anyone. Surely the elders and shamans of the tribes would 
understand, but not society, and certainly not anyone who was removed from the Earth and Spirit. 


He sat for the full four days, unmoving, as if made of stone, and his heart felt heavy with the burden he now 
carried. 


It was at the end of the fourth day that the third Vision came to him. As he gazed out onto the landscape 
towards the setting Sun, the sky suddenly turned to a liquid and then turned blood-red. As far as his eyes could 
see, the sky was solid red, with no variation in shadow, texture or light. The whole of Creation seemed to have 
grown still, as if awaiting some unseen command. Time, place and destiny seemed to be in limbo, stilled by the 
bleeding sky. He gazed for a long time at the sky, in a state of awe and terror, for the red color of the sky was 
like nothing he had ever seen in any sunset or sunrise. The color was that of man, not of Nature, and it hada 
vile stench and texture. It seemed to burn the Earth wherever it touched. As sunset drifted to night, the stars 
shone bright red, the color never leaving the sky, and everywhere the cries of fear and pain were heard. 


Again, the warrior spirit appeared to Grandfather, but this time as a voice from the sky. Like thunder, the voice 
shook the landscape. "This, then, is the third sign, the night of the bleeding stars. It will become known 
throughout the world, for the sky in all lands will be red with the blood of the sky, day and night. It is then, with 
this sign of the third probable future, that there is no longer hope. Life on the Earth as man has lived it will come 
to an end, and there can be no turning back, physically or spiritually. It is then, if things are not changed during 
the second sign, that man will surely know the destruction of the Earth is at hand. It is then that the children of 
the Earth must run to the wild places and hide. For when the sky bleeds fire, there will be no safety in the world 
of man." 
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Grandfather sat in shocked horror as the voice continued. "From this time, when the stars bleed, to the fourth 
and final sign, will be four seasons of peace [that is, one year]. It is in these four seasons that the children of 
the Earth must live deep in the wild places and find a new home, close to the Earth and the Creator. It is only 
the children of the Earth that will survive, and they must live the philosophy of the Earth, never returning to the 
thinking of man. And survival will not be enough, for the children of the Earth must also live close to the Spirit. 
So tell them not to hesitate if and when this third sign becomes manifest in the stars, for there are but four 
seasons to escape"... Grandfather said that the voice and red sky lingered for a week, and then were gone as 
quickly as they were manifest. 


The Fourth Sign 


He did not remember how many days he'd spent at the mouth of the cave, nor did it make a difference, for he 
had received the Vision he had come for. It was in his final night at the Eternal Cave that the fourth Vision came 
to Grandfather, this time carried by the voice of a young child. 


The child said, "The fourth and final sign will appear through the next ten winters [that is, ten years] following 
the night that the stars will bleed. During this time, the Earth will heal itself and man will die. For those ten 
years, the children of the Earth must remain hidden in the wild places, make no permanent camps, and wander 
to avoid contact with the last remaining forces of man. They must remain hidden, like the ancient scouts, and 
fight the urge to go back to the destruction of man. Curiosity could kill many." 


There was a long silence, until Grandfather spoke to the child spirit, asking, "And what will happen to the worlds 
of man?" 





There was another period of silence until finally the child spoke again. "There will be a great famine throughout 
the world, like man cannot imagine. Waters will run vile, the poisons of man's sins running strong in the waters of 
the soils, lakes and rivers. Crops will fail, the animals of man will die, and disease will kill the masses. The 
grandchildren will feed upon the remains of the dead, and all about will be the cries of pain and anguish. Roving 
bands of men will hunt and kill other men for food, and water will always be scarce, getting scarcer with each 
passing year. The land, the water, the sky will all be poisoned, and man will live in the wrath of the Creator. Man 
will hide at first in the cities, but there he will die. A few will run to the wilderness, but the wilderness will destroy 
them, for they had long ago been given a choice. Man will be destroyed, his cities in ruin, and it is then that the 
grandchildren will pay for the sins of their grandfathers and grandmothers." 


"Is there then no hope?" Grandfather asked. 


The child spoke again. "There is only hope during the time of the first and second signs. Upon the third sign, 
the night of the bleeding, there is no longer hope, for only the children of the Earth will survive. Man will be 
given these warnings; if unheeded, there can be no hope, for only the children of the Earth will purge 
themselves of the cancers of mankind, of mankind's destructive thinking. It will be the children of the Earth who 
will bring a new hope to the new society, living closer to the Earth and Spirit." 
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Naval Research Laboratory 
December 7, 2001 - 7pm 
GOES-10 Satellite 





Deeply resonant humming heard in these infrasound hotspots is continually generating millions of reports 
of disturbance and annoyance worldwide, with new telephone hotlines even fielding calls from concerned 
residents to quell the panic. Deep infrasound booms like heartbeats have been reported all over the world 
by residents of Llanidloes, Mawnan, Bridlington, Auckland, Sydney, Klai, Ranchlands, and in the US in 
Anderson, '' Kimberley,'* Richmond, * Wilmington, '* Knoxville, '° Mobile, '° Knob Noster, '’ Denver, ® 
Seattle,’? Arroyo Grande” and Atwater.”" Infrasound resonance focal points in the US are mapped below. 


What is initially perceived as an annoyance quickly becomes a clear and present danger, as the 
infrasound resonance starts to overload all metals and wires with electricity until the extreme heat ignites 
fires. As Stalking Wolf emphasizes, “when the sky bleeds fire, there will be no safety in the world of man.” 
All of the modern electrical technologies of humanity will not only cease to function, but will endanger 
human beings by spontaneous combustion. The surprising ignition of plastic-sheathed copper wiring was 
first noted in 1859 when a massive solar ejection shorted out and then ignited telegraph lines across the 
entire United States and all of Europe, and auroras were seen as far south as Rome and Hawai'i.” 
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Periods of elevated infrasound resonance have generated hundreds of fires in homes across the world. 
These resonant fires are located in the nodes of an infrasound standing wave pattern that is increasing in 
intensity, eventually requiring total evacuation of residents from areas like Tenerife,*° Babura,”* Lalapansi,”° 
Mapuve,”° Bodibe,”” Landovica,”® Peschici,”° Berici,*° Messina,*" northern Greece,** Kishtwar,*° Ratria,** 
Santo Tomas,” and in the US in Seattle,*° Colorado Springs,*” San Mateo*® and Santa Barbara.” A grave 
danger to personal safety in these regions of infrasound resonance will be posed by cellphones, which will 
ignite spontaneously in the pockets of clothing, as discovered already by one unfortunate man in Vallejo, 
California.*° Such surprising events will be an inevitable occurrence in the years to come. 


One of the most interesting incidents of this kind recently occurred in Soesterberg, Netherlands where, 
on the morning of July 19, 2009, ball lightning descended on the town in an unprecedented series of 
events.*' Residents reported fast-moving ball lightning in more than 100 homes that sustained extensive 
damage to electrical systems. One eyewitness described a purple beam of light that shot skyward 
through the roof of one home. The fact that nobody was injured in Soesterberg is remarkable. 
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Clearly, modern civilization’s embrace of electrical wiring is becoming a dangerous trap in many parts of 
the world, eventually threatening to kill anyone who cannot return to a life close to spirit and in the natural 
places of the Earth. Even high above the planet, infrasound drumming has been reported on multiple 
occasions onboard the International Space Station (ISS) in 2004 — the result of an infrasound resonance 
of standing waves that will inevitably destroy the station’s systems as it has in many homes far below: 


The two men aboard the international space station heard a strange metallic sound again Friday, four months 
after being startled by it the first time... Cosmonaut Alexander Kaleri was talking to flight controllers in Moscow 
when he heard a loud drum-like noise coming from the instrument panel of the station's Russian-built living 
quarters. 


Kaleri and astronaut Michael Foale first heard the mystery noise - described as a flapping sheet of metal - back 
in late November. Neither the crewmen nor flight controllers were ever able to identify the sound... "It's very 
strange,” Russian Mission Control said. "| doubt that it would be a coincidence that you're hearing the same 
thing coming from the same place." 


During a spacewalk in February, Kaleri and Foale were supposed to check the exterior of the space station 
where the noise originated last November. But Kaleri's spacesuit overheated and became damp, and the 
spacewalk had to be cut short, so the men did not have time to inspect the area. 


The fact that Kaleri's investigative soacewalk was not possible as his spacesuit overheated is another 
result of the electrical effects of the standing wave resonance. While the event has been passed off as 
the result of 'space junk', NASA directed a spacewalk mission that abruptly failed, yet no link has been 
drawn between the anomalous acoustic energy heard with the anomalous heating of the astronaut's 
spacesuit. The infrasound energy that is likely causing the noisy drumming and the overheating of the 
cosmonaut's spacesuit will likely recur for a longer duration, building an electrical charge capable of 
rendering the systems of the International Space Station inoperable. 
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Hopi Elder White Feather relates a sacred prophecy describing the nine signs preceding the emergence 
of the new solar age on Earth — known to the Hopi as The Fifth World. The final sign clearly describes the 
destruction of the ISS as the last warning preceding the morning of the Red Dawn: 


"And this is the Ninth and Last Sign: You will hear of a dwelling-place in the heavens, above the Earth, that shall 
fall with a great crash. It will appear as a blue star. Very soon after this, the ceremonies of my people will cease. 


"These are the Signs that great destruction is coming. The world shall rock to and fro. The white man will battle 
against other people in other lands -- with those who possessed the first light of wisdom. There will be many 
columns of smoke and fire such as White Feather has seen the white man make in the deserts not far from 
here. Only those which come will cause disease and a great dying. 


"Many of my people, understanding the prophecies, shall be safe. Those who stay and live in the places of my 
people also shall be safe. Then there will be much to rebuild. And soon - very soon afterward - Pahana will 
return. He shall bring with him the dawn of the Fifth World. He shall plant the seeds of his wisdom in their hearts. 
Even now the seeds are being planted. These shall smooth the way to the Emergence into the Fifth World." 
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The Hopi prophecy details the order of events to occur, which can be deciphered when combined with 
the Mayan calendar wisdom which links the Red Dawn prophecy with the end date of 12.22.2012. Thus, 
the ISS may be interpreted as the sign of the Blue Star Katchina that precedes the 2012 event, like an 
alarm clock heralding its imminence. The Hopi tell that soon after the fall of the space station will come 
the appearance of the Red Star Katchina bringing the Day of Purification, when the skies in all lands of 
the Earth will bleed red. 


Hopi Elders describe this future cosmic 
event in simple and clear terms: “a 
small Red Star which will come very 
close and sit in our heavens watching 
us.” Now, just wait a minute... stars are 
not known to wander around and 
sneak up on anyone! What exactly is 
being suggested by the Hopi? While it 
may come as a startling surprise for 
many, the Hopi description accurately 
reflects the scenario presented by the 
Binary Research Institute.*° Astro- 
physics is now coming to grips with the 
reality that our solar system is a binary 
star system - that we will imminently 
discover a dark star companion in 
close proximity to our sun. The binary 
model is the only one that predicts the 
extremely elliptical orbit of Sedna (inset 
diagram at left), which must be highly 
influenced by our sun’s dark twin to 
maintain such an orbit.“* 





The Hopi sacred prophecies tell of the impending incandescence of a red star in the close vicinity of 
Earth, describing it as a revelation of the solar twins. The now hidden brown dwarf companion star will 
soon reach a critical proximity to the sun — its dormant surface will reignite, transforming it into a brilliant 
red star. The small size and dark brown color of the long-ago extinguished dark twin sun has allowed it to 
creep on its elliptical path back into close proximity of the solar system without our awareness, and its 
ignition will likely be triggered by the imminent wave front from the supernova of Betelgeuse. 


The red light of purification will emanate from this newly visible star, dramatically changing the color of 
our skies to a flaming red. This is referred to in the ancient wisdom as the Red Dawn of the forever cycle, 
where the consciousness and DNA of every living being will be transformed through the influence of the 
red light. Dr. Robert Ghostwolf and the Hopi Elders retell sacred traditional prophecies of the coming of 
the new world as an opportunity for the advancement of consciousness: 


The return of the Blue Star Katchina who is also known as Nan ga sohu will be the alarm clock that tells us of 
the new day and new way of life, a new world that is coming. This is where the changes will begin. They will 
start as fires that burn within us, and we will burn up with desires and conflict if we do not remember the original 
teachings, and return to the peaceful way of life. 


Not far behind the twins will come the Purifier, the Red Katchina, who will bring the Day of Purification. On this 
day the Earth, her creatures and all life as we know it will change forever. There will be messengers that will 
precede this coming of the Purifier. They will leave messages to those on Earth who remember the old ways. 


The messages will be found written in the living stone, through the sacred grains, and even the waters (Crop 
Circles have been found in ice). From the Purifier will issue forth a great Red Light. All things will change in 
their manner of being. Every living thing will be offered the opportunity to change from the largest to the 
smallest thing. 
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Those who return to the ways given to us in the original teachings, and live a natural way of life will not be 
touched by the coming of the Purifier. They will survive and build the new world. Only in the ancient teachings 
will the ability to understand the messages be found. 


It is important to understand that these messages will be found upon every living thing, even within our bodies, 
even within a drop of our blood. All life forms will receive the messages from the twins... those that fly, the 
plants, even the rabbit. The appearance of the twins begins a period of seven years and will be our final 
opportunity to change our ways. Everything we experience is all a matter of choice... 


When the Purifier comes we will see him first as a small Red Star which will come very close and sit in our 
heavens watching us. Watching us to see how well we have remembered the sacred teachings. This Purifier 
will show us many miraculous signs in our heavens. In this way we will know Creator is not a dream. Even 
those who do not feel their connection to spirit will see the face of creator across the sky. Things unseen will be 
felt very strongly. 





Many things will begin to occur that will not make sense, for reality will be shifting back in and out of the dream 
state. There will be many doorways to the lower world that will open at this time. Things long forgotten will 
come back to remind us of our past creations. All living things will want to be present for this day when time 
ends, and we enter the forever cycle of the Fifth World. 


We will receive many warnings allowing us to change our ways from below the Earth as well as above. Then, one 
morning in a moment, we will awaken to the Red Dawn. The sky will be the color of blood, many things will then 
begin to happen that right now we are not sure of their exact nature. For much of reality will not be as it is now.*° 


Hopi culture foretells invisible acoustic changes in the environment and in the hearts of human beings, as 
“things unseen will be strongly felt.” The Elders inform us “the messages will be found written in the living 
stone, through the sacred grains, and even the waters (Crop Circles have been found in ice).” For 
decades now, conscious plasma orbs have been forming geometric messages in ice and grain fields, 
providing coherent mathematical formulas. The most complex quadratic functions were rendered in 
England, where the Mandelbrot Set [ Zp+1 = Zn” + C ] appeared in Ickleton in 1991.“° Subsequent agro- 
glyphs formed at Lurkley Hill in 2006*” and Wayland Smithy in 2008*° presented a variation on the fractal 
formula: [ Zn+1 = 2° ]. Remarkably, this formula exactly describes unusual IR satellite data from 2001. 
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The sacred grains of England were also impressed with the value of Pi in 2008, in the form of a ratcheted 
spiral that accurately renders the first 10 digits (3.141592654...).“° The conscious plasma ball entities that 
form these stunning messages are offering advanced hyper-dimensional mathematics to human beings at 
this time in our spiritual development to prepare our consciousness for multi-dimensional awareness. The 
agroglyphs provide us with a map of the nodal points of infrasound standing wave patterns now being 
stimulated by increasing solar activity. The circle-makers have even provided a specific and unmistakable 
calendar date in a truly massive formation in Avebury, England in 2008, showing a precise configuration of all 
of the planets of the solar system — confirming the T’zolkin calendar of the Maya: 


Avebury Manor of July 15, 2008 reminds us that the Mayan Long Count calendar will end on December 23, 
2012: by showing precise orbital locations for all nine planets of our solar system on that date, plus an accurate 
elliptical orbit for Pluto. 


The 5125-year Mayan Long count calendar will end on December 22-23, 2012. Given the long period of time 
which it represents, all nine planets of our solar system need to be shown in order to mark its end uniquely. 
Such a clever astronomical diagram was shown at Avebury Manor on July 15, 2008. All nine planets appear 
there precisely as they will be located in space four and one-half years from now on December 23, 2012... 
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The indigenous Elders tell us that the messages of change will be received inside all living things, and 
each will be given an opportunity to change. Russian researchers have used infrasound and light waves to 
induce DNA transmutation, by which one species is genetically transmuted into another.*' This discovery 
provides a new framework for quantum leaps in evolution, whereby quantum shifts from high to low levels 
of planetary infrasound resonance regulate the expression of DNA in Earth’s many lifeforms. 





New animal species are being encountered that are a sign of planet-wide genetic transmutations now 
occurring in hotspots of infrasound humming. An unusual new species now recorded often is a mostly 
hairless variety of purple/grey-skinned canine dubbed the ‘hyote’ (hyena/coyote, juvenile seen alive in 
captivity above), photographed and videotaped in Minnesota,” Maryland, Texas and Saudi Arabia. 
Sightings of various giant species of ‘thunderbirds’ have also been increasing around the world as 
species exhibit soontaneous DNA changes. 





Another example of a new species now emerging at hotspots throughout the world is a kind of gracile fox 
that displays a long neck and large ears, with a tan coat that can be subtly spotted on the backside. The 
animal’s fine facial features, combined with the extremely elongated limbs and tail, give it a deer-like 
appearance. This ‘deerfox’ has been photographed and observed in the US in England (pregnant female 


and two juveniles seen in separate photographs, above).°° 


These same infrasound-related DNA changes are expressed in extraordinary human beings who 
possess profound cosmic knowledge of their pristine origins and the unlimited holographic capabilities 
enabled by such knowledge. A shining example of this truth is a young woman from the taiga forests of 
Siberia named Anastasia who has mastered ayurveda — the art of living. Having inherited the deepest of 
cosmic wisdom from her Vedruss forefathers, Anastasia provides us with the spiritual information that will 
germinate the seeds of human divinity now being planted in the fields of the Earth. The voices of the 
indigenous Elders of the world speak as one, revealing ancient Vedic knowledge of the transdimensional 
nature of human consciousness to guide our path of ascent into the red light of Oneness. 
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The Sanskrit wisdom traditions of Russia have recently revealed a profound knowledge of nature that 
forms the basis for the use of heartbeat resonance in monumental psychoacoustics. Timeless Vedic 
wisdom understands the seed as physician and the tree as an organic antenna - a collector of cosmic 
energy for the single purpose of powering the human heart and spirit. The Vedruss Elders of Siberia 
reveal their process of DNA imprinting of seeds for the creation of a resonant field of heartbeat 
synchronization.™ By heartbeat entrainment through seed imprinting, the family of Anastasia has created 
a resonant field of infrasound that amplifies their heartbeat to enable astral travel through the Akashic 
field of planetary infrasound standing waves on the heartbeat frequency of love: 


“When someone is in a state of love they emit a radiant energy. It takes but a split second for it to reflect off the 
planets floating overhead and come back to Earth to give life to everything that breathes... The Sun is one of 
those planets, and it reflects but a tiny fraction of such radiance. Only bright rays can travel into Space from 
Man on the Earth. And only beneficial rays can be reflected from Space back to Earth." 


"Under the influence of malicious feelings Man can emit only dark rays. These dark rays cannot rise but must 
fall into the depths of the Earth. Bouncing off its core, they return to the surface in the form of volcanic 
eruptions, earthquakes, wars, etc. The culminating achievement of these dark rays is their direct effect on the 
Man originating them, invariably exacerbating the man's own malicious feelings." - 


Vedruss knowledge echoes the call of the Hopi Elders, who foretell of the great increase in the energies 
moving through human beings, whose inner emotional states will become amplified in the light of the 
Red Purifier to manifest as fires that will burn within us. Malevolent feelings will consume those who 
harbor them, while the rays of love will also become equally amplified to generate healing forces in 
human beings who harbor a deep Creational love by living as one being in heartbeat resonance. 





Hopi Elders also foretell of portals to the lower worlds that will be opening at this time to remind us of our 
past creations. Referred to as ‘sipapu’, these lower realms are described in Hopi wisdom traditions as 
having been used to preserve the human race during previous cataclysmic events on Earth. Yaqui Elder 
Don Juan elaborated on the secret knowledge possessed by ancient Nahuatl seers pertaining to the 
motive properties of fire and water for bodily transport to fourth-density realms of inorganic life, in 
artificially generated HHO plasma chambers both above and below the Earth’s surface: 


He continued then with his elucidation of the practices of the old seers. Another of their great findings had to do 
with the category of secret knowledge: fire and water. They discovered that flames have the most peculiar 
quality; they can transport man bodily, just as water does... They considered flames and fluidity to be higher, 
magical properties, and they used them as a means for bodily transportation to the realm of inorganic life. 


Don Juan said that the old seers observed that the wetness of water only dampens or soaks, but the fluidity of 
water moves. It runs, they surmised, in search of other levels underneath us. They believed that water had 
been given to us not only for life, but also as a link, a road to the other levels below... to be transported bodily 
by the fluidity of water anywhere between this level of ours and the other seven levels below.”” 


The knowledge of the below had to do with fog, water of underground springs, swamps, lightening bolts, 
earthquakes, the night, moonlight and the moon.”® 


“‘[Some men of knowledge] endeavored to use seeing positively and to teach it to their fellow men. I’m con- 
vinced that under their direction, the populations of entire cities went into other worlds and never came back.” i 
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“The old seers saw that the Earth has a cocoon,” he went on. “They saw that there was a ball encasing the 
Earth, a luminous cocoon that entraps the Eagle’s emanations. The Earth is a gigantic sentient being subjected 
to the same forces we are.” °° 


*[Don Juan stated that]... one of the most worthwhile findings of the ancient seers... was the discovery that 
organic life is not the only form of life present on this Earth... For seers, to be alive means to be aware... For the 
average man, to be aware means to be an organism. This is where seers are different. For them, to be aware 
means that the emanations that cause awareness are encased inside a receptacle." 


The circular aspect... is what maintains life and awareness, fulfillment and purpose... “The reason that it’s called 
the circular force is that it comes in rings, thread-like hoops of iridescence... it strikes all living beings 
ceaselessly... to give them strength, direction, awareness; to give them life... It's one indivisible force that fits all 
living beings, organic and inorganic.” . 


“They say that perception is a condition of alignment... Alignment is what allows awareness to be cultivated by 
every living creature...” When seers see perception, they witness that the luminosity of the... emanations 
outside those creatures’ cocoons brightens the luminosity inside their cocoons. The outside luminosity attracts 
the inside one; it traps it, so to speak, and fixes it. That fixation is the awareness of every specific being. 





He explained that what he called the key to everything was the first-hand knowledge that the Earth is a sentient 
being and as such can give warriors a tremendous boost; it is an impulse that comes from the awareness of the 
Earth itself at the instant in which the emanations inside the warriors’ cocoons are aligned with the appropriate 
emanations inside the Earth’s cocoon. Since both the Earth and man are sentient beings, their emanations 
coincide, or rather, the Earth has all the emanations that are present in man and all the emanations present in 
all sentient beings, organic or inorganic for that matter. When a moment of alignment takes place, sentient 
beings use that alignment in a limited way and perceive their world. Warriors can use that alignment either to 
perceive, like everyone else, or as a boost that allows them to enter unimaginable worlds. 


He explained that the Earth’s boost is the force of alignment of only the amber emanations. It is a boost that 
heightens awareness to unthinkable degrees. To the new seers it is a blast of unlimited consciousness, which 
they call total freedom. 


Don Juan restated over and over that the portion of the emanations inside man’s cocoon is in there only for 
awareness, and that awareness is matching that portion of the emanations with the same portion of emanations 
at large. They are called emanations at large because they are immense... inside man’s cocoon the unknown is 
the emanations untouched by awareness. When the glow of awareness touches them, they become active and 
can be aligned with the corresponding emanations at large. Once that happens the unknown is perceived and 
becomes the known.” 


The Eagle, that power that governs the destiny of all living things, reflects equally and at once all those living 
things... [and] although it is not moved by the circumstances of any living thing, has granted a gift to each of 
those beings. In its own way and right, any one of them, it if so desires, has the power to keep the flame of 
awareness, the power to disobey the summons to die and be consumed. Every living thing has been granted 
the power, if it so desires, to seek an opening to freedom and to go through it. It is evident to the seer who sees 
the opening, and to the creatures that go through it, that the Eagle has granted that gift in order to perpetuate 
awareness. 
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For the purpose of guiding living beings to that opening, the Eagle created the Nagual. The Nagual is a double 
being to whom the rule has been revealed. Whether it be in the form of a human being, an animal, a plant, or 
anything else that lives, the Nagual by virtue of its doubleness is drawn to seek that hidden passageway. 


The Nagual comes in pairs, male and female. A double man and a double woman become the Nagual only 
after the rule has been told to each of them, and each of them has understood it and accepted it in full... To the 
eye of the seer, a Nagual man or a Nagual woman appears as a luminous egg with four compartments. Unlike 
the average human being, who has two sides only, a left and a right, the Nagual has the left side divided into 
two long sections, and a right side equally divided in two. 





























The Eagle created the first Nagual man and first Nagual woman as seers and immediately put them in the 
world to see. It provided them with four female warriors who were stalkers, three male warriors, and one male 
courier, whom they were to nourish, enhance and lead to freedom... In order to make sure that the first Nagual 
man would lead his party to freedom and not deviate from that path or become corrupted, the Eagle took the 
Nagual woman to the other world to serve as a beacon, guiding the party to the opening. 


The Nagual and his warriors were then commanded to forget. They were plunged into darkness and were given 
new tasks: the task of remembering themselves, and the task of remembering the Eagle... The command to 
forget was so great that everyone was separated. They did not remember who they were. The Eagle intended 
that if they were capable of remembering themselves again, they would find the totality of themselves. Only 
then would they have the strength and forbearance necessary to seek and face their definitive journey. 


Their last task, after they had regained the totality of themselves, was to get a new pair of double beings and 
transform them into a new Nagual man and a new Nagual woman by virtue of revealing the rule to them... 


Don Juan explained that the rule was not a tale, and that to cross over to freedom did not mean eternal life as 
eternity is commonly understood —that is, as living forever. What the rule stated was that one could keep the 
awareness which is ordinarily relinquished at the moment of dying... [A]t the moment of crossing, one enters 
into the third attention, and the body in its entirety is kindled with knowledge. Every cell at once becomes aware 
of itself, and also aware of the totality of the body... Therefore the crux of the warrior’s struggle was not so 
much to realize that the crossing over stated in the rule meant crossing to the third attention, but rather to 
conceive that there exists such an awareness at all.°” 
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“Seers say that there are three types of attention... 
they are rather three levels of attainment. They are 
the first, second, and third attention, each of them 
an independent domain, complete in itself.” He 
explained that the first attention in man is the 
animal awareness... everything that one can think 
about is part of the first attention... _ 


Don Juan explained that in order for our first 
attention to bring into focus the world that we 
perceive, it has to emphasize certain emanations 
selected from the narrow band of emanations 
where man’s awareness is located. The discarded 
emanations are still within our reach but remain 
dormant, unknown to us for the duration of our 
lives. The new seers call the emphasized 
emanations the right side, normal awareness, the 
tonal, this world, the known, the first attention. The 
average man calls it reality, rationality, common 
sense. 


The emphasized emanations compose a large 
portion of man’s band of awareness, but a very 
small piece of the total spectrum of emanations 
present inside the cocoon of man. The disregarded 
emanations within man’s band are thought of as a 
sort of preamble to the unknown, the unknown 
proper consisting of the bulk of emanations which 
are not part of the human band and which are 
never emphasized. Seers call them the left-side 
awareness, the nagual, the other world, the 
unknown, the second attention.° 





“[To be able]... to utilize those unused emanations, one needs uncommon, elaborate tactics that require 
supreme discipline and concentration... the art of dreaming... the concentration needed to be aware that one is 
having a dream is the forerunner of the second attention. That concentration is a form of consciousness that is 
not in the same category as the consciousness needed to deal with the daily world. 


“The new seers... let the mastery of awareness develop to its natural end, which is to extend the glow of 
awareness beyond the bounds of the luminous cocoon in one single stroke. The third attention is attained 
when the glow of awareness turns into the fire from within: a glow that kindles not one band at a time but all 
the... emanations inside man’s cocoon.” 


Don Juan expressed his awe for the new seers’ deliberate effort to attain the third attention while they are alive 
and conscious of their individuality... “The supreme accomplishment of human beings,” he said, “is to attain 
that level of attention while retaining the life-force, without becoming a disembodied awareness moving like a 
flicker of light...””° 


[He then explained that]...the glow produced by a state of total awareness... is seen as a burst of 
incandescence in the entire luminous egg. It is an explosion of light of such a magnitude that the boundaries of 
the shell are diffused and the inside emanations extend themselves beyond anything imaginable. 


“Are those special cases, don Juan?” 


“Certainly. They happen only to seers. No other living men or any other living creatures brighten up like that. 
Seers who deliberately attain total awareness are a sight to behold. That is the moment when they burn from 
within. The fire from within consumes them. And in full awareness they fuse themselves to the emanations at 
large, and glide into eternity. 


[As seers] our case is a bit different, because we are at the end of our trail. We are not seeking anything... we 
go from day to day doing nothing. We are waiting. | will not tire of repeating this: we know that we are waiting 
and we know what we are waiting for. We are waiting for freedom!” ‘ 
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gold and silver nanoparticles within every cell. Intense infrasound booming will align all initiates into 
heart/mind synchronization inducing the synesthetic experience of collective telepathic unity, kindling the 
fire from within to attain fourth-density awareness. 


The time has arrived for humanity to escape the technological perils of his own misguided making and to 
reconvene at our ancient pyramids and sacred sites to ascend into the red light of purification that will 
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nious living beings touching the Earth during the Red Dawn of the Forever Cycle. 
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2 The Essential Dictionary of Music Notation 





APPROACHING MUSIC 
NOTATION 


Music notation is a language and, as such, it 
must be communicable. The closer the notation 
adheres to common rules and guidelines, the 
more successfully the music will be performed. 
The rules and guidelines presented here will 
make the notation easier to read and will help to 
make the musical intent clear. Although these 
rules are not inflexible, they should not be 
ignored. 


For music notation, the first priority is always 
clarity. Choices need to be made that are solely 
dependent on the situation; a rule may not 
provide the most desirable answer to a problem. 
(It would be an endless task to list every musical 
exception to a rule.) Problems are usually solved 
by deciding which rule is more flexible (least 
important to clarity). 


Although meticulous adjustment can only clarity 
and beautify the notation, sometimes such 
attention to detail is not practical. All decisions 
must depend on a wide variety of situations. An 
understanding of the rules allows these choices to 
be made wisely—the notation can only be as 
good as the knowledge at hand. 


ES ABOUT THIS BOOK 


The Essential Dictionary of Music Notation is in 
an easy-to-use format, which includes cross 
referencing. At the top of each page. running 
heads show exactly which topic is being treated 
on that page. Bold treatments of text highlight 
important points for clarity and quick reference. 


Text is accompanied by numerous examples 
directly related to the topic being discussed. 
These examples are kept as simple and complete 
as possible, with an emphasis on presenting 
correct and current notation practices. Obsolete 
rules are mentioned only when necessary. 


The focus of this book has been narrowed, 
avoiding the discussion of orchestration or music 
theory, in order to present as much information 
as possible that is directly related to the actual 
notation of music. The serious musician is 
encouraged to seek out other sources that more 
thoroughly address the subjects of orchestration 
and music theory. 


Whether you are using a pencil or a computer, all 
principles within this book are applicable. No 
computer software or specific tool is referenced, 
in order to make this a useful guide for any 
musician. 


An Index of Topics is provided on the last page. 
SS 


A due (a2) See Sharing a staff 


A tempo 


Accidentals 


Accents See Articulations 


Accidentals 3 


A cappella 


TO 


Vocal music that is to be sung without 
accompaniment (a cappella) often has a 
piano part for rehearsal only. 


The piano part may be full size or cue size 
(see Cue notes). If cue size, the staff should 
be cue size also. (Cue-size notes ona 
full-size staff are not as easy to read.} 


The indication for rehearsal only should be 
clearly placed above the piano part. 








Place above the staff (sometimes within 
the grand staff) to indicate a return to the 
normal tempo. Used after tempo 
alterations such as ritardando, accelerando, 
pin lento or ad libitum. (See Tempo marks) 








Temporary alterations to the pitch of 
a note. 


THE 5 SYMBOLS 


If appearing in the music, apart from use 
in the key signature, these symbols are 
called accidentals. 


f Sharp 
Raises a note one half step. 


x Double-sharp 
Raises a note two half steps. 


L Flat 
Lowers a note one half step. 


bb Double-flat 
Lowers a note two half steps. Notice that 
the flats touch, forming one symbol. 


b Natural 
Cancels any of the above, whether 
indicated in the key signature or as an 
accidental. 


Accidentals Accidentals 5 


TT 


ONE ACCIDENTAL PER NOTE add accidental again 


Do not use multiple accidentals on one 
note. {A double-flat is a single accidental. 


Accidentals shown altering onenote — = — OCTAVE ALTERATIONS 
lowest to highest. 
frome tau 8 Accidentals do not apply if an 8va sign is 

The lowest a note can be lowered is a bb. _ added; repeat the accidentals. 


The highest a note can be raised is a x. 


WITHIN A MEASURE 


Any accidental is cancelled when a new 
accidental appears on the like pitch. 





7 COURTESY ACCIDENTALS 


Used as reminders of the key signature 
when an accidental has been used in the 
previous measure, or to avoid ambiguity 
Notice that only the flat (nothb) is needed to in certain situations. 

change from a double-flat to a flat. 





Use a courtesy accidental as a reminder 
to return to the original pitch. 


An accidental affects all subsequent notes courtesy accidental 
of the same pitch within the measure. <3, et 


” ar 
if ae eer 2a 
y oe = Sr aes ES ER a 
——e na a 
= ee — = Courtesy accidentals may or may not be 
enclosed in parentheses. The parentheses 
show that it is a courtesy accidental, and 
An accidental must be added again in the help avoid confusion about the key 
following measure. = signature. However, if many courtesy 
accidentals are used, and the piece is also 
crowded, the parentheses could make it 
look cluttered and more complicated. For 


this reason some editors choose not to use 
parentheses at all. 








If a chord has more than one courtesy 
accidental, each accidental gets its own 


An accidental carries over to a tied note pair of parentheses. 


extending from one measure tothenext. .— — 


The accidental will reappear only 
when the note is re-struck. 


6 Accidentals 


It is best to add a courtesy accidental for 


octave shifts although the notes of the 
same pitch in different octaves are 
considered separately. 


courtesy accidental for clarity 





accidental / 
applies to this note only 


GRACE NOTES WITH ACCIDENTALS 


The accidental placed on a grace note 
will be smaller (cue size), like the grace 


note. 


The accidental affects all subsequent 
notes of the same pitch within the 
measure. 


a 


Depending on the clarity of the situation, 
courtesy accidentals are often needed to 


avoid confusion. 


| grace-note accidental 
y applies to entire measure, yet... 


aS 


4 courtesy accidental is 
: needed for clarity 


ALIGNMENT FOR INTERVALS (2 Notes) 





For intervals of a 2nd through a 6th, place 


the upper accidental closest to the note, 
the lower accidental to the left. 


Accidentals 


When intervals are greater than a 6th, 
accidentals align vertically. 


ae 
a | es | ee 
10 7 | 7 | 7 #8 





For the interval of a 6th, if the two 
accidentals don't collide they may be 
aligned vertically. 





[Pee [Pts JAP Ce JAP CP PP 
Te ee Te et | ee 


Se . 1 ee. ee ee ee. 
1~- ee SP Ue Oe ae 






ALIGNMENT FOR CHORDS (3 Notes) 


When outer notes are a 6th or less, the 
upper accidental is closest to the note, 


7 


EE 


the lower accidental is placed left, and the 


middle accidental is placed farthest left. 


| (highest) 


(middle) 3 ~/ 
2 


{lowest} 





When outer notes are greater than a 6th, 
upper and lower accidentals are aligned 
closest to the notes—the middle 
accidental is placed to the left. 


; | align 
(middle) 3 highest 
& 


2 lowest 





8 Accidentals Accidentals $ 


MU re | 
ALIGNMENT FOR CHORDS one ttstrument— 
(More than 3 Notes) — ae the accidentals carry through the measure 


When dealing with accidentals for 

complex chords, rules are treated moreas — — 
guidelines or suggestions. Keep the 

arrangement of the accidentals as 





compact as possible. = 

Make the arrangement of accidentals as 

easy to read as possible for the situation. Parts on the same staff that are played by 

a more than one instrument (including 

Align the highest and lowest accidentals vocal parts) are treated individually. 
whenever possible. Repeat accidentals in the same measure if 
The center accidentals are usually - = the voices cross. 
arranged diagonally from highest to two instruments sharing a staff— 
lowest. the acctdentals are considered separately 
Align accidentals for octaves whenever 7° 4. — ' 





ossible. —-———s 
: | ane 
Accidentals for the 2nd should usuallybe I ee Te a os 
shaped like the 2nd {if the outer notes are 4 courtesy accidental 
greater than a 6th). avoids confusion 


The upper accidental is placed closest to we tte 
the note, the lower accidental to the left. 





=. CHROMATIC PASSAGES 
In general, use sharps when ascending, 
flats when descending. 


Accidentals are always placedbeforethe _ — 

entire note structure. (Do not place an eas 
accidental between notes that are played 
together, even if they are stemmed in 


opposite direction.) When choosing accidentals, consider the 
context of the music, such as key 
signature, harmony and voice leading. 


In the chord below, both a sharp and a flat 
are required (C¥, not Db; Eb not Dp). 


augmented 6th chord 





TWO PARTS ON A STAFF 


For multiple notes played by one 


instrument, an accidental carries through ACCIDENTALS WITH TRILLS (See Trill) 
the measure. Cancellations must be ACCIDENTALS IN HARP MUSIC 
applied. (See Pedal marks) 


Mm 


10 Alternating instruments Arpeggio signs 11 
ee oe | 


Alternating instruments yk JAZZ ENSEMBLE 
All rules above apply except that “muta in 





[...]" is written “Change to new 





















CONCERPORCH POTS sane a3 as instrument}” and is placed above the staff. 

1. To alternate instruments, enough 
time must be given to allow the for jazz orchestra 
change. place above staff \ 

2. During the measures of rest the (Alto Sax) Change to Flute e 
indication “Muta in {second aut 3 Te 
instrument}” is indicated below the 7a, eo 

ie re ASF. a, 1 





staff as soon as the first instrument 

















stops. 
3. Any change to the key signature + COMMONLY ALTERNATING 
occurs after the barline following the INSTRUMENTS 
oy, MIS MeW nsetinent The following is a listing of commonly 
ane - = alternating instruments in a standard 
4. The new instrument is indicated orchestra: 
above the entrance of the Alternate 
instrument. oS 
Flute III Piccolo 
scoala Oboe II English horn 
allow ample time indicate new . ; 
to change instrument Ke instrument ek «= wha Clarinet Iil Bass clarinet 
(Oboe) * 3 Eng. Hn. Bassoon III Contrabassoon 
In smaller orchestras, the second player 
alternates in all cases above. 
English Hom 
FA 


place below “ ae, se A . 
Arpeggio signs 


INCORPORATING CUES A vertical wavy line before a chord or 
1. Cue notes should be added after On interval indicates an arpeggio (rolled 
many measures of rest, to help the chord). 


performer make a correct entrance. 


=. Se ARPEGGIO DIRECTION 


The chord is to be played quickly from 
bottom to top (no direction arrow). 


2. The cued instrument is indicated 
above the passage in a smaller type 
size. 


3. The key signature changes at the 
beginning of the cue. 


4. Full-size rests are indicated below = 


layed upward 
(or above, depending on stem ire 


(no direction arrow) 


direction). 
__ cue notes are fai oles If the arpeggio is to be played from top to 
written ta mew Rey | Ve P 
yr bottom, an arrowhead is added to the 
(Oboe) i Eng. Hn. bottom of the wavy line. 











played downward 


ar aaa is 
a} ot 6 oF 
Muta in 
English Horn xe ee 
add rest 


(See Cue notes) 
Sm —_—__ COC 








12 Arpeggio signs 


k= &#8»©—Cti‘iOSOSOCOCTTT 


When the arpeggio returns to normal 


(bottom to top) or alternates with an 


arpeggio played downward, an arrowhead 


is added to the top of the wavy line. 


= 


played upward 


The arpeggio sign should not extend 
much past the chord affected. 


PLACEMENT WITH ACCIDENTALS 


Arpeggio signs are always placed before 


accidentals. 


3= 


| ee | 
allow space 
for accidentals 


FOR KEYBOARD INSTRUMENTS 


The arpeggio sign can extend across both 
staves. The right hand begins after the left 


hand has completed the chord. 





played upward, 
from bottom to top 


If the wavy line is broken between 


staves, both hands begin the arpeggio 


simultaneously. 





hands start 
simultaneously 
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Articulations 





Articulations are symbols used to 
indicate how a note or chord is played, 
alone or in relation to other notes and 
chords. 


There are five main articulations: 

staccatissimo, staccato, tenuto, 

accent, marcato. 
An articulation’s influence on a note or 
chord varies depending on its context. 
A staccato note in a slower tempo is not 
played as short as it would be played in a 
faster tempo. An accent is softer in the 
dynamic p than in the dynamic f. 


One articulation applies to all notes of an 
interval or chord (on one stem). 


A > _ 


DURATIONAL ARTICULATIONS 


There are three articulations that affect 
the duration of a note or chord: 
staccatissimo (+), staccato (.) and tenuto (-). 


The following illustrates durational 
articulations compared to an unmarked 
note, from shortest to longest. 


SHORTER ~~~" LONGER 


tunmarked) 


staccatissimo staccata tenuto 


can be same duration 


14 Articulations Articulations 15 


a re | 
Staccatissimo Center on the stem for opposite stem 
ae direction. 


The shape varies slightly among engravers, 
but is always wedge-shaped. It indicates 
that a note or chord is to be played as 
short as possible. 


staccatissimo 





¥ — —_ 


Tenuto 


A short, heavy line above or below a note 


Used only with note values of a or chord, thicker than the staff lines. 


uarter note or less. ee : 
q a = A tenuto indicates that a note or chord is 


The staccatissimo is centered on the to be held for its full value (durational 

notehead. Placement is in the next space articulation), or the intent may be to apply 

from the notehead, whetherthenoteison = a slight stress (articulation of force}. 

a line or space. 

' tenuto -~-~-der oe 
a a 

Center on the stem for opposite stem = nee : 

direction. However it is interpreted, the tenuto is 
meant to ensure that a note or chord will 

SR SN iy 2 = be given a certain amount of attention. 
This emphasis allows the tenuto to be 
flexible in its application, especially when 
gl mae fa combined with other articulations. 
f - The tenuto is sometimes referred to as a 
_ sostenuto or stress. 
Staccato Used with notes of any rhythmic value. 

A dot above or below a note or chord 

indicates that the note or chord is to be ae 

played short. The tenuto is centered on the notehead. 

akats Placement is in the next space from the 
Ne are notehead, whether the note is on a line or 
° space. 





Used with note values ofa 
quarter note or less. 


The staccato is centered on the notehead. : Also center to the notehead, not the stem, 
Placement is in the next space from the for opposite stem direction. 


notehead, whether the note is on a line or ; 


space. 
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a rs 


ARTICULATIONS OF FORCE 


There are three articulations that affect 
the force of attack of a note or chord: the 
tenuto [-] discussed earlier, accent [>] and 
marcato [A].* 


The following illustrates articulations of 
force compared to an unmarked note, from 
lesser to greater force of attack. 


= Center to the notehead, not the stem, for 
opposite stem direction. 


Dynamic MOST STRESS — — a 
Level —-----__—_--__» ADDED > > > 
(unmarked) | 


os, Se: AK 


=e —_ 


tenuto accent marcato Marcato 
twhen used = = : 
as stress) When the marcato is placed over or under 


a note or chord, the note or chord is to be 
played with even more attack, and more 
marked, than an accent. 


*Terminology varies for the symbols [ > | 
and [A]. For the sake of this discussion, = = 
the words accent and marcato have been 


attached to the symbols. marcato —» A 


Accent 
When an accent is placed over or under a 


note or chord, the note or chord is to be ee . 
played with more attack, more marked. Used with notes of any rhythmic value. 


accent —te > The marcato is centered on the notehead. 


Preferred placement is outside the staff 
and above the staff. 


Sa preferred placement— 
above the staff 
Used with notes of any rhythmic value. A A A A AOA 






The accent is centered on the notehead. aes a 
Preferred placement is outside the staff. _ ee 
> > > acceptable below 





Also center to the notehead (not the stem) 
> > > me Te for opposite stem direction, 


AA ce 
Although it is to be avoided, sometimes 
placing an accent within the staff is 
acceptable. A decision needs to be made 
whether it is preferred to have the accent air 
closer to the notehead, or outside the staff. a” Vey V 


WM Ee 
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= =. °° ° °°. ——.,;, OT 
OTHER ARTICULATIONS OF FORCE Staccatissimo and staccato are 
= never combined (they basically 
Sforzando (sf), forzando/forzato (fz) and have the same function in varying 
sforzato (gs) are also included in this degrees}. 


articulation group and are = 
interchangeable with accents and 

marcato accents, depending on the 

dynamic range. oT 45 


Accent and marcato are never 
combined for the same reason. 


Staccatissimo and tenuto are not 
commonly combined. 
These three articulations have the benefit 


: : Staccatissimo and marcato are not 
of a built-in indicator of dynamics. 


a OS commonly combined. 
For instance, a sf should be indicated only 
in the dynamic ranges from ppp to f. With 
each increase of dynamic level, the _- — 
sforzando reflects the higher dynamic level: 
Sf iN Sf, SF in LF. Combining articulations with tenuto 
The following chart illustrates the iy Fes The dual function of the tenuto—the 
relationships between accent [>] and idea of more importance, more attention, 
marcato (A) to sforzando isf')], forzando whether of duration or force (or both) — 


[fz], and sforzato {gfs| within various allows the tenuto to be combined with 
dynamic levels. either articulation group. 


—-— oH When a tenuto is combined with an 
articulation of force, the tenuto has more 
of a durational function, but may also 

aa” iS retain its idea of force. 


When combined 


with an tenuta is 
articulation ge > ae A durational 
of force... — articulation, 
te and may also 
ddd extra force. 





FbbbES 


A [>] in ¥ is comparable to a [sf]. - - 


A [A] in is comparable to a [sfffs1. 
if When a tenuto is combined with a 


ar durational articulation, the tenuto has 
COMBINED ARTICULATIONS the function of an articulation of force, 


Durational articulations can be while retaining its durational function. 


combined with articulations of force to 
create variations of the basic 


[ 
[ 


Tenuta is an articulation 


articulations. of force my . 
Soe es and ° combined 
The following examples are the of duration... with a durational 
most used combinations. articulation. 
at Usual interpretation. play detached and 
force with a slight stress. 


durational _-_ — 


Sholaslsameleiel\e 
socket 
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PLACEMENT WHEN COMBINED 


The following can be used as guides for the 
placement of combined articulations: 


tenuto & staccato 





marcato & staccato 
AAA A AA 


Keep the two combined articulations 
together (on the same side of the note) 
whenever possible. 


Notice that when a staccato is combined 
with another articulation (and is on the 
same side of the note), it is centered on 
the notehead, even when it is on the 
stem side. 


SIMILE 


When an articulation (or pattern of 
articulations) is applied in a repetitious 
and predictable manner, the word simile 
may be used. 


Simile is indicated after the pattern has 
been clearly established (usually two or 
three measures). 


ee 


Augmentation dot 21 





simile ~ articulation pattern 
continues 


Notice that the simile was not used at the 
beginning of the line, even though the 
pattern had already been established. 


The simile is ended when the pattern ends 
or when different articulations are added. 





f 


pan 


simile stops 


(articulations continue) 


SLURS WITH ARTICULATIONS (See Slurs} 


PLACEMENT 


Always place one dot per space and only 
in a space—never on a staff line or on the 
same level as a leger line. 





For a line note—place to the right of the 
notehead, in the space above. 





For a space note—place to the right of the 
notehead in the same space as the note. 





22 Augmentation dot Augmentation dot 23 


For notes with a flag—the dot is placed FOR INTERVALS OF A SECOND 
further right, altogether avoiding the flag. ~ 
Never place a dot between the notehead 
and its flag. 


The dot for the space note is always placed 
in the space to the right of the notehead. 


~~ = If the line note is above, place the dot in 
the space above. If the line note is below, 
place the dot in the space below. 





Double and triple dots are placed directly 
to the right of the first dot. Horizontal 
spacing is equal to that of the first dot. 


Multiple dots should be used only in -_ FOR TWO OR MORE PARTS 

situations where they will be easily For stems up, place dots for line notes in 

understood. the space above. For stems down, place in 
op Oe the space below. 





Never separate a dot from its notehead. 
Stem direction and creative positioningof -— — 
a dotted note must be considered. 


’ Se DOTTED RESTS 


Rests are dotted in the same way notes 
\ oh pe are dotted, but with some restrictions on 
their use. 


Place the dots as follows: 


Ties always avoid the dot—place the tie 


clearly to the right of the dot. SS : 2 —— 


© oO 


Dotted rests are used mainly to clarify 


the subdivision of a measure. (See Meter) 
For two or more notes in a chord with the 


vertically. all the dotted rests. They are never used 


in simple meter. 


Possible use of dotted whole rest: 


——=——--— 


Mumm ee 





Two dots never share the same space. 


24 


Augmentation dot 


Likewise, a dotted half rest should not be 
used in simple meter. 


Possible uses of dotted half rest: 


SS S= 
————— 


Dotted quarter rests are used in 
compound meters. Avoid using them in 
simple meters. 


In g time, dotted quarter rests can be used 
on beats 1 and 4 only. 


Sr J MMT)? | 


In % time, dotted quarter rests can be 
used on beats 1, 4 and 7 only {the pulses). 


22 J kg | 


In ¥ time, do NOT use a dotted half rest 
across the middle of the measure. Use 
dotted quarter rests. 


Blob 


It is acceptable to use the dotted eighth 
rest, dotted sixteenth rest, etc., for a 


cleaner look. 
ve 3 VS, 7 y $ 


Mm 


{ 
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Barlines 


Barlines are vertical lines that divide a 
staff into measures. 


SINGLE BARLINE 





The thickness of a barline is equal to, or 
greater than, the staff line thickness (staff 
lines being thicker than stems). 


To help the performer follow the music 
from staff to staff, avoid the alignment of 
barlines from staff to staff (or from system 
to system). 

Y 


——— 
——— 


Allow a small amount of space after a 
barline—depending upon the density of 
notes within the measure. 














ai space after barline 


lay da dg ah 


Less space may be allowed after the 
barline if the density of notes is high. 


use fess space 















i ay — } 
ae ew de Fi] 








all J 

Td Teer J ad 
ete iehee nm aa 

zy os 


More space may be allowed after the 
barline if the density of notes is low. 


use more space 


4 


SSS 


Less space may be allowed before the 
barline if density is high. Avoid adding 
space before the barline. 


less space 


Saaaeea ee 





| 
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DOUBLE BARLINE 
(Thin/thin) 


Used to clarify the end of a section of 
music, such as in a Da Capo layout. 


D.C. al Fine 


SSE Fz 


r) 


FINAL DOUBLE BARLINE 
(Thin/ thick) 


Marks the end of a composition, or the 
end of a movement within a larger work. 


Consists of a thin barline followed by a 
thick bariine. \ 


SS 


BROKEN BARLINES 


Broken (dashed) barlines are sometimes 
used when a situation calls for the 
completion of a section mid-measure, 
although the final double barline is 
preferred. 


Fine 


Fine 


preferred A 


For composite meters, a broken barline is 
sometimes used to clarify the meter 
division within a measure. 





THE LEFT BARLINE 


A single staff should never begin with a 
barline. 


—<—— 
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Te 


SYSTEMIC BARLINE 


A systemic barline connects two or more 
staves together, as in the grand staff. 


' 


Barlines are used to group staves of like 
instruments in a score layout. 





yaa 


Flute 


i 


| 


Bb Ctarinet 


a 
| | 


Bassoon 


systemic 
barline 


Violin I 
Violin IT 
Viola 


Violoncello 


WITH CHANGING CLEFS 


The new clef {cue size) is placed before the 
barline if the clef changes mid-staff. 


new clef placed 
before the barline 


mid-staff | 
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A courtesy clef is placed before the last 
barline of the staff if the new clef begins 
immediately on the next staff. 


courtesy clef placed 
before the barline, 


end of staff 


(See Clef signs} 


WITH CHANGING KEY SIGNATURES 


The new key signature is placed after an 
added double barline if the key signature 
changes mid-staff. 

new Rey signature 

placed after the barline 


y mid-staff 


A courtesy key signature is placed after the 
last barline (add double bar) if the new key 
signature begins on the following staff. 


courtesy key signature ; 
placed after the barline 


leave open 4 


Note: A single barline may be used in both 
the above instances, but a double bar calls 
more attention to the change. 


WITH CHANGING TIME SIGNATURES 


The time signature is placed after the barline 
if the time signature changes mid-staff. 


time signature placed 
after the barline 


mid-staff | 


{ 
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A courtesy time signature is placed after 
the last barline if the new time signature 
begins on the following staff. 


courtesy time signature 
placed after the barline ' 


leave open 4 


WITH MULTIPLE COURTESY SIGNS 


If a courtesy clef, key signature and time 
signature all appear together, they follow 
the rules for each individual courtesy 
change. 


The order is the same as the order 
presented at the beginning of the piece 
(clef, key signature, time signature). 


yovy 





INCOMPLETE MEASURES 


If a piece begins with a pick-up, the 
barline is positioned according to the time 
value of the beat({s). 


Eb “> Oe 





Although sometimes referred to as 
“balkans” or “ligatures,” “beam” is the 
preferred term for the connection 
between two or more consecutive notes, 
replacing the flag. 


Beams greatly simplify the reading of 
music, substituting for individual flags in 
groupings of notes smaller than a quarter 
note. 


Because of the ease in reading of beams, 
the use of flags in vocal music—in relation 
to the lyric—has become obsolete. 


ee | 
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CONNECTION TO THE STEM 


Beams are connected to the side of the 
stem. They must be flush to the stem, 
both vertically and horizontally. 


PRIMARY AND SECONDARY BEAMS 


The beam that is furthest from the 
noteheads and connects a group of notes is 
called a primary beam. This beam remains 
unbroken throughout the grouping. 


Any beam other than the primary beam is 
a secondary beam. The secondary beam 
may be broken, to divide the grouping 
into smaller units for easier reading. 


beams may be joined 
with primary beam 
{ primary 
’ ra beam 


t-— secondary 
“te beams 


Stems extend through secondary beams 
and connect to the primary beam. 


DOUBLE BEAMS 


Normal stem length will accommodate 
a double beam—the stem need not be 
adjusted. 


TRIPLE AND QUADRUPLE BEAMS 


When a third or fourth beam is added 
below the secondary beam, the stems 
must be extended by approximately one 
staff space per beam. 


The extension of the stems allows the 
space between the noteheads and the 
lowest beam to remain normal. 


if 32nd- and 64th-note values occupy the 
majority of the rhythmic values, it may be 
better to double the rhythmic values of the 
entire piece and alterthe tempo. 


FRACTIONAL BEAMS 
A fractional] beam is also a secondary beam. 


Fractional beams are associated with only 
one note. 


The length of a fractional beam is the 
same as the width of a notehead. 


Place exactly the same as a full-length 
secondary beam would be placed. The 
beam is always inside the grouping, and it 
usually follows or precedes a beamed 
dotted note. 





BEAMING AND METER 


The basic purpose of beaming is to 
connect two or more notes within the 
same beat (or pulse), Meter must be 
considered when grouping notes witha 
beam. (See Meter) 


In any simple meter, each beat is divisible 
by two; a beam may connect the two 
notes. Simple duple, simple triple and 
simple quadruple meters each have 
slightly different considerations. 


ee i *) 


Beans 


Simple duple meter @, 3, 2) 
In some cases, the entire measure may be 
beamed. 


or 


Some combinations of beams, flags and 
rests in stmple duple meter: 


Although some contemporary engravers 
beam over a rest at the beginning or 
ending of a beamed grouping 7J 7 q , itis 
not the preferred notation. 


Simple triple meter (3, 3, 3) 


Consideration is given to visually 
maintain the three beats within the 
measure. In some cases the entire 
measure may be beamed. 





It is better to avoid arbitrary groupings of 
4+2 or 2+4. However, they are sometimes 
used to emphasize phrasing. 
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The combined use of flags and beams 
clarify the meter. 


beat 2 2 





Avoid beaming in a manner that would 
suggest § time. Use flagged notes to 
differentiate } meter from § meter. 





use flagged notes to 
avoid groupings of three 


Beaming to include rests inside the 
grouping is acceptable. 


p parareserer are 


Simple quadruple meter (i, 4) 


In 4 time, beats 1 & 2 and beats 3 & 4 may 
be beamed together to form a unit. 


Never connect the notes of beat 2 with beat 3. 





The basic rule in # time is that the two 
halves of the measure (beats 1 & 3) must 
be immediately recognizable. The only 
exception to this would be a very simple 
syncopation (suchas JJ J). 


Because of this rule, all the notes in the 
measure would rot be beamed together, as 
is possible in the other simple meters. 
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=. OO O—>—T a 
THE SAME RHYTHM THREE WAYS Compound meter 
Each could be the best for a particular When each pulse of the measure is divided 
situation. into three beats, the meter is called 


“compound.” A beam may connect the 
three beats. 


Notice that each beat is recognizable in 
the following example. 


compound duple (2 pulses. 6 beats) 


oe A RE 
me 
Notated with beams only, the two halves 
of the measure are easily recognizable: 





compound triple (3 pulses, 9 beats) 


ss 


compound quadruple (4 pulses. 12 beats) 





If the above example were in a piece that 
contained triplets, it could at first glance 
be mistaken for triplets. In that case, a 
better notation would be: 





The units of three beats for each pulse in 
compound meter must always be 
maintained. Even when rests are included 
in the measure, as in the example below, 
beats 1, 4 & 7 must be clearly visible. 





beat | 4 7 
i] 7 y 
For any simple meter, when a beat is 

ee Soon ak are ete OW The three units in the above example could 
the two a nariee eats Snould' net be be made even more obvious by including 
beamed together as a unit. . the rest on beat 5 in a beamed unit. 

¥ ; beat | 4 7 

¥ 7 ¥ 


ae aS 


It is possible to group all notes within a 
pulse. All the notes in the measure, 
however, cannot be beamed together— 
this could cause the measure to appear to 
be in some other meter. 





a Although different groupings are sometimes 
used for phrasing or interpretation, the 
above should be generally adhered to. 


| 





Beams 


TIES AND BEAMS 


Avoid using tied notes within a beamed 
grouping. The unit should be broken 


where the tie is placed. 


preferred in 





ee a 


é 


fn this case, there would not be a continuous 
beam, since beats 2 and 3 should not 
be beamed together in this meter, 


STEM DIRECTION OF BEAMED 
GROUPS 


Simple rules for stemming of single notes 
apply to beamed groups when possible 


(for example, if all notes in a beamed 


grouping are on or above the middle line 
of the staff, stems are down), but some 


additional guidelines are needed. 


(See Stems) 


For two beamed notes 


Stem direction is determined by the note 


farther from the middle staff line. 


farther above 
stems up 


nee as — —— =e 
line 
& 


stems down 
farther below 


If both notes are the same distance from 
the middle line, the preference is for stems 


down. 
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same distance 


stems down 


If all other stems in the surrounding 
measures are up-stem, that direction is 
sometimes continued if the two notes are 
the same distance from the middle line. 
(This is a very subtle point, and somewhat 
obsolete.) 








For three or more beamed notes 


If the majority of the notes are on or above 
the middle line, the stems go down. 


majority on or above line 


goaictatecsces ot nani teeaa enee Menta 
: ¢ 











¥ 
stems down 


If the majority of the notes are below the 
middle line, the stems are up. 


stems up 





i A 


majority below line 


If the number of notes above and below 
the middle line are equal, the note 
farthest from the middle line dictates the 
stem direction. (If all notes are the same 
distance, the preference is down.) 


farthest f ue equal distance above 


: middle and below fine 
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BEAM SLANT & PLACEMENT 
Concerning the computer 


With most computer engraving today, the 
direction, slant and placement of the 
beam are automatic. 


However, the defaults—or even the 
settings allowable—may not conform to 
traditional practices. Even though some of 
these practices are in the process of 
change, there are some guidelines to keep 
in mind for a more professional look. 


Beginning placement of the beam 


When stems are up, the stem length of 
the highest note determines the beam 
placement. 


When stems are down, the stem length 
of the lowest note determines the beam 
placement. 


x higher note 4 lower note 


4 


m4 





Direction of slant 


Beams usually follow the contour of the 
notes, ascending or descending. 


For mixed direction of notes, the beam 
usually follows the direction between the 
first and last note of a grouping. 


terval of outer nates 


* 





interval of outer notes 


When two or more notes share a stem, the 
note closest to the beam dictates the 
beam direction. 


3 
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Horizontal beaming 


A beam should be horizontal if the first 
and fast note of the beamed group is on 
the same pitch level. 


¥ ¥ 





If the grouping consists of repeated 
intervals, the beam should be horizontal. 











Horizontal beams may be used if inner 
notes do not follow the interval direction 
of the outer notes. 


Some other examples of horizontal 
beaming: 





Interval-specific beam slant 


Determining the placement and slant 
of beams in traditional plate engraving 
was complicated and detailed. 


The following are approximate guidelines, 
modified from the strict traditional rules 
for beaming of intervals. There are two 
main reasons for this modification: 

1. The consistency of the computer and 
the quality of modern printing make it 
no longer necessary to avoid the small 
“wedges” of white space that in the past 
often filled in with ink, 


2. Adjusting many beams individually on 
the computer is very time-consuming. 


ee 





a 
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A pair of notes of different pitch should 
not have a horizontal beam. (Exception: 
two notes on the same line or space, one or 
both altered with an accidental) 


with leger lines 


If a beam slants, it is usually from 1/2 to 2 
staff spaces—very seldom more. 


Intervals of a 2nd slant 1/2 space. 7 - Depending upon the amount of space 





2nds allowed between the beamed notes, the 
slant of the beam naturally decreases with 
SSiSarrs=a an increase in the amount of space 
ee a allotted, if stem lengths remain the same. 
pee Oo x hinge its SO, iy ae 
Intervals of a 3rd slant 1 staff space. : natural decrease in slant 


Zi. ne ; as space is increased 
3rds i 


i <i & ~ “te. fe. : 
Intervals of a 4th slant from 1 to 1-1/2 staff SS | 


spaces. ~ die Ei aden oat Acces ; 





Alhs For tightly spaced beamed notes, adjust 
the slant (by lengthening the stem of the 
farthest note) so that it is not so extreme. 


% . 
Intervals of a 5th, 6th & 7th each slant = ra eres ap 
approximately 1 to 1-1/2 staff spaces. 


StAs 


Alternative beaming 


For grand staff notation, cross-staff 
- = beaming is acceptable in some situations. 
6ths The slant of the beam is determined by the 
amount of space between the two staves, 
the length of the stems, and by avoiding 
exaggerated angles. 








Tths 








Intervals of an octave and greater slant 
1-1/2 to 2 staff spaces. 


octaves For single-staff music, alternative beaming 
should be used only in exceptional 
circumstances. Stems must not be too 
short. 


Beamed notes with leger lines slant 1/2 
staff space. (Remember that stems must 
extend to the middle line.) 
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Bowing 


Down-bow and up-bow markings are 
centered to the notehead and are placed 
above the staff, except when two parts 
share a staff. 


down-bow up-bow 


Po: Vo ¥ 


= 


String techniques such as spiccato, 
legato, portato and jeté are notated 
conventionally, with slurs and/or 
articulations. 


The study of orchestration is necessary to 
properly specify string indications. 


Slurs can indicate either phrasing or 
bowing, or both. 


Brackets to the left of the chord may be 

used for multiple stops if the chord is to 
be divided a particular way. Usually no 

bracket is used. 


Multiple stops may be double, triple 
or quadruple stops. 


[ 


PLACEMENT OF TEXT 
All text for bowing indications is placed 
above the staff. 


When a particular string is to be played 
exclusively, se? (string] is indicated. 


sul G 
Pizzicate is cancelled with the arce 
indication. 
pizz. arco 


With any of the following indications, ord. 
or ordinario is commonly used to indicate 
the return to normal playing. 


non vib. sul pont. sultasto col legno 


RR 
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Brace 


The brace is used to connect the two 
staves in scores for instruments such as 
piano, organ, harp and marimba. 





The brace connects two staves to form a 
grand staff. 





The bracket is used to connect two or 
more staves to form a system or to group 
certain instruments within a system. 





The bracket is different from the brace in 
that it connects the staves for two or more 
separate instruments, while the brace 
connects staves for one instrument (such 
as keyboard). 


The grouping may be two or more unlike 
instruments, identical instruments, or a 
family of instruments, such as strings. 


"connects unlike instruments 
= 


Flute 


Violin 


44 Bracket Caesura 45 
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; ee ae If the breath mark occurs between two 
; connects identical instruments notes, the placement is toward the end of 
the space for the full value of the note. 


x § 


Flute | 


Flute [I 


If the breath mark occurs at the end of a 
measure, the placement is just before the 
barline, 


Violin | 


Violin D 








Viola 





The caesura (//) is a small pause or break 
in the tempo (implying a break in sound}. 





Violoncebe 





; The pause of the caesura is slightly longer 
(See Barlines, Scores) than a breath mark, but shorter than a 
fermata. 


Breath mark PLACEMENT 


ae : The caesura is placed on the fourth line 
The breath mark (9) has two similar uses: from the bottom of the staff (extending to 


* an actual breath indication for — a reget ha at the point where a 
instruments (including voice) ee Pena e 
requiring the breath to sound. 

¢ asmall pause or break (as if taking a 7 == 
breath) for instruments nofrequiring —- — - 


breath to sound. 


A breath mark may or may not interrupt The caesura is placed toward the end of the 
the tempo. If it does interrupt the tempo, ~ full value of the note. 
the break or pause is shorter than that of 


a caesura or fermata. ae ieee 
PLACEMENT SS 


The breath mark is indicated just above 


the staff, at the point where a breath or _ If space is tight, the caesura can be 
break is desired. centered between two notes. 
$ 7 ¥ 


——— ae = 


46 Caesura Chord frames & symbols 47 


If the caesura occurs at the end ofa The number of strings and tunings vary 
measure, the placement is just before the between string instruments, The chord 
barline. frame is modified (number of strings, 


tunings) according to the differences 
between each instrument, 


The foliowing examples explain the 
various chord frame elements for guitar. 


The number of _ Vertical 
= = the fret on » lines ; 
If a longer pause is desired, a fermata may which the fingers : coe : 
be placed above the caesura. mi positioned $ g 
ey ~ 
] 
. ott. 
0 > | 
Horizontal 
7 = 3 lines represent 
the frets 
4 
5 
(E ADGB £) 


The notes of 
the open strings 


Chord frames & symbols 


Chord frames are diagrams that contain 
all the information necessary to play a oe 


particular chord on a fretted instrument. The fingerings, note names and position 


of the chord on the neck are all provided 


= on the chord frame. 
The photograph below shows the finger numbers 


corresponding to the fingerings used for guitar. An X indicates Open 
_ that ihe string is (unfingered) 


unplayed or muted strings 





AEACE 


Circles indicate the fret and string 
on which the finger is placed— 
the number indicates which 

finger is used 
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A “slur’ indicates that the finger 
is placed flat, covering ihe 
marked notes | 





The following are commonly used clefs. 


Middle Cis shown for comparison in 
all examples except neutral clefs. 








TREBLE AND BASS CLEFS 
Resulting 4 
8 oe i Treble and bass clefs are most frequently 
used. Keyboard, harp and organ music is 
written using only these clefs. 
CHORD SYMBOLS 
The chord symbol is always placed above LOE 
the frame to identify the chord. 
Chord symbol ~-a A 2 middle C 
x 
12 
13 
- = bass clef 
. middle C 
AEA CE : 
Careful attention must be given to the - 
consistent identification of chords, in the 
least ambiguous way possible. 
Chord symbols often appear without a . - 
frame. Whether or not there is a frame, The octave treble clef is sometimes used 
space must be allowed so that the symbol for tenor vocal parts, to indicate that the 
is aligned with the proper beat. = = part is one octave lower than written. 
The double treble clef serves the same 
: alls function as the octave treble clef but is 
“symbols 
Roe eas cee a SY =, 7 much less frequently seen. 





octave treble clef double treble c 


The regular treble clef is also commonly 
(See Tablature) = used for tenor vocal parts; the octave is 
assumed. 





























oy 











Acomplete listing of guitar chords, 
along with chord theory, is provided s treble clef for 
in Alfred’s Guitar Chord tenor voice 
Encyclopedia (/tem #4432). 
It also includes a listing of chord middle C 
symbols and a listing of 
ambiguously named symbols. 


a ee ee 
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SS —————$<—— err se ———_——- 
C CLEFS indent on single siaffi—no left barline 
Alto clef is commonly used for viola, to a 


avoid excessive leger lines. (Viola also uses 


sacs {__——}——— 
alto clef = 
jR=s— middle C indent on staff with systemic barline 


‘ 


Tenor clef is primarily used for bassoon, 
cello and trombone when playing in 
higher registers. 


tenor clef = 


~ The clef is always placed before the key 
signature and time signature. 


Notice the distance from the end of 











The following C clefs are obsolete: 7 the staff to the clef, from the clef to 
the key signature, and from the key 
soprano clef mezzo-soprano clef signature to the time signature. 
—————— ee _— 
= == ry 
baritone clef 
CLEF CHANGES 


When the clef changes within a staff, a 
cue-size clef is used (usually 75% of the 


NEUTRAL CLEFS original clef size). Courtesy clefs are also 
cue size. 
Neutral clefs are used by percussion 
instruments of indefinite pitch. The = If a clef change affects a complete 
measure, it is always placed before the 


following is most commonly used. Ravine 





Neutral clef for single-line percussion: ; ‘ 
& P Only a systemic barline can precede 


M a clef sign. (See Systems) 


Ifa clef change is within a measure, the 
clef is placed directly before the first note 


POSITIONING a involved. 


Clefs are slightly indented on the staff, to 
the right of a systemic barline or the open 
single staff. Be sure to leave the single 
staff open—do not put a barline before 
the cleft 


ee 
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If a clef change begins after a rest and is i ; % se ; 
ona beat, the clef is placed directly before ae Coda sign See D.C. al Coda, D.S. al Coda 
the first note affected. 








Courtesy accidentals See Accidentals 


i Credits 





; Credits may consist of the composer, 
If a clef change begins after a rest but is lyricist and arranger, or a word such as 
, the clef precedes th t. a 
npt Gi aibeat ile cletprecedes teres traditional, anonymous, folk song, etc. 


1. The composer credit is placed flush 
right with the page margin. It is not 
horizontally aligned with the tempo 
marking. 

2. The arranger credit is placed below 
the composer credit (also not 
horizontally aligned with the tempo 
marking). 

3. The lyric credit is placed flush left 
with the page margin, horizontally 
aligned with the composer credit. 


Lynch » Composer 
Alkegro © Arr. by... 
ese 





If a clef change occurs at the beginning of 
a staff, a courtesy clef is placed before the 
barline at the end of the previous staff, 
followed by the new clef at full size in the 
new staff. 




















The rules for clef changes are not affected The typeface for all three credits is usually 
by the addition of a key change and/or Roman. 

time signature change. The clef sign 

precedes the barline; the key signature and = 

time signature follow the barline. For a less formal style, such as pop 

eae ee piano/vocal music, the lyric credit would 
go under the composer credit, with the 
arranger under that. All credits would be 
flush right with the page margin. 


vy y 


Some examples: 
Words and Music by... 





Words and Music by 


Notice that the order of courtesy clef, key 
signature and time signature is the same 


Ltede rf Music by... 
as the order at the beginning ofa piece. sofa Biyeions, atin 
The courtesy clef is cue size; the key signa- Arranged DY... 
ture and time signature are normal size. 

Also notice the open staff after the courtesy The word “arranged” may be abbreviated 
key signature and time signature. (Arr.), 


Mm 
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WU 


Cue notes may be given as guidance only, 
to assist a performer’s entrance after 
numerous measures of rest. 

Cue notes may also be given for possible 
performance if the cue instrument is weak 
ormissing. (See Alternating instruments) 


The size of cue notes is somewhat smaller 
than normal note size, but still large 
enough to be legible (65-75% of normal 
note size). 


65% 75% 100% 


=== —= 


All musical elements associated with the 
cue notes will also be at cue size. 


There are two ways to notate cue 
passages. 











With reverse stem direction and added 
rests: 


cue notes with 
opposite stem direction 


Eng. Hn. 





with rest 


With normal stem direction and no added 
rests: 


cue motes with 
normal stem direction 


Fl Eng. Hn. 














without resi 


Piano accompaniment parts may include 
a cue-size solo part above the grand staff. 


= 
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ee 


Not all notes that are cue size are used as 


- a Cue. 


Ossia passages and grace notes are 
typically notated at cue size. (See Ossia, 
Grace notes) 


grace note 


= 
ME D.C. ol Coda (de capo ol coda) 


Means go back to the beginning, play to 
the “to coda” sign (4§), then jump to the 
coda to finish the piece. 


@ play from beginning to D.C. at Code 


, wie Coda D 7 






| Qiat double bartine, he 
° returat to | yh 
A beginning D.C. at Cada 





¢ 
ra) Coda 








Align the edge of the “to coda” sign 
flush right with the barline. 


¥ 
é 
The words fe Coda are often omitted 


from the “to coda” sign. 


ge 


56 D.C. al Coda D.C. al Fine 57 


Place a double barline {thin/thin) at the ° . 
D.C. al Coda. (D.C. al Coda can also be a D.C. al Fine (da capo al fine) 


written D.C. al Coda ) Means go back to the beginning and play 


PE alae to the Fine. 
‘ # & play from beginning to D.C, af Fine 


ra 








add double artine 
© 2nd time play to the final double barline 


Separate the coda from the staff above : 
(optional) and indent. ah | 


D.C. at Coda 


— s 
a (4) end here ae 
\ ; ~ “4 Fine ™ 
re —_ 
ss 


separaie coda -— 


$ 4} Coda © ai double bartine, return 


io the beginning - - - - - - saa 
indent ~~ D.C. al Fine 


; SS 


Align the coda sign with the beginning of ; = 
the staff. It should be somewhat larger 
than the “to coda” sign. 

















larger coda stan 
! Place a double barline (thin/thin) at the 








@ coda D.C. al Fine. 
: -. D.C. al Fine 
ry add final ra ‘ 
i ; double barline - aa we 
align coda sign add double 
barline 
The coda will end with a final double _ 
barline (thin/ thick}. 
It is sometimes necessary to begin the coda _ 
on the same staff as the D.C. af Coda. If so, A final double barline (thin/thick is 
break the staff and add a clef and key added at the Fine. 
signature. (Do not add a time signature 
unless it changes at the coda.) ~~ add final 


add space to w double barline 


separate coda Fine * 
7 = - 
3 D.C. at Coda —‘P Coda 


a 


add clef arid — 
key signature 





ME 


58 D.S. al Coda 
I Sh hh 


D.S. al Coda (dal segno al coda) 


Means go back to the sign (%), play to the 
“to coda” sign (@), then jump to the coda 
to finish the piece. 


play from beginning to B.S. at Coda 


© 2nd time play from the 
segna Lo the to Coda sian 








: Ojunp to Coda 
‘-~ to Coda GO 


————— 

















i Ou double barline jump 
: hack to the seane 
DS. al Coda 


ne 











The segno & should be aligned flush left 
with the barline. . 


% 


== 


Align the edge of the “to coda” sign 
flush right with the barline. 
" 


8 


——— 


The words to Coda are often 
omitted from the “to Coda” sign. 


Place a double barline (thin/thin) at the 
D.S. al Coda. (D.S. al Coda can also be 
written D.S. % al Coda 4.) 

DS. al Coda 


DS. al Fine 59 
—————————————————————— a 


Separate the coda from the staff above 
(optional) and indent. 


D.S. al Coda 


—S——— 


add space to 
separate coda 
J 


Lf 


indent 








Coda 








Align the coda sign with the beginning of 
the staff. It should be somewhat larger 
than the “to coda” sign. 


larger coda sign 


* 
4) Coda 











4 


& add final 


i ; double barline | 
align coda sign 


The coda will end with a final double 
barline (thin/thick). 


Means go back to the sign and 
play to the Fine. 





& play from beginning to D.S. al Fine 


3] play from the sign to 
the final double bartine 








oy. Oend here 














me \ 

: *% Fine % 
@ at the double barline, 
jump back to the sign - a 
D.S. af Fine 
+ TT 
— _tC—CCCS 
fi. 2 es 


SS 


add double barline 
(= 








60 D.S, al Fine 


The segno & should be aligned flush left 


with the barline. | 
si 
= 


Add a double barline (thin/thin) at the 


D.S. al Fine. 
D.S. al Fine 














# 
add double barline ~ 


A final double barline (thin/thick) is 
added at the Fine. 
add final 
» double barline 


Fine © 


— ——— 











Divisi is used for instruments (such as 
strings) that can produce more than one 
note at a time, indicating that the notes 
should be divided among the group of 


instruments (i.e., instead of multiple 
stops). 


Divisi dots 


Dotted rhythms See Augmentation dot 





Dynamics indicate the varying degree of 
volume or intensity of a note, phrase or 


section of music. 


The following lists the most common 


dynamics from the softest to the loudest: 


softest ce I ee eer 


ppp pp p mp mf f Sf If 


Dynamics softer than ppp or louder than 


Sff are impractical, although 
theoretically any dynamic is possible. 


Co 


(See Sharing a staff 


See Tremolo 


Dynamics 61 


CT 


COMBINED DYNAMICS 


Dynamics such as mf, f,¢fcan be 
combined with por pp. The resulting 
dynamics function as a somewhat broader 
form of articulation. 


Jp Sp stpp 


Jp would mean to play loudly, then 
immediately play softly. 
(See Articulations) 


CRESCENDO & DIMINUENDO 


The crescendo sign is wedge-shaped and 
opens toward the right. 


—————_____ 


The diminuendo sign is wedge-shaped 
and opens toward the left. (The words 
diminuendo and decrescendo ate inter- 
changeable, but diminuendo is preferred.) 


———— 


A crescendo or diminuendo sign is used 
when a gradual increase or decrease is 
wanted from one dynamic to another, 


Ppp ———__ If 


Musical elements should not be placed 
within the opening of the signs. 


a rit 


The word crescendo or diminuendo 
(decrescendo) may be written or 
abbreviated cresc., dim. (decrese.). 
The effect is identical whether using the 
sign, word or abbreviation. 
If space doesn’t allow the use of the 
sign, or the passage is a long one, it is 
best to use the word. 


ee 


62 Dynamics 


A dashed line may be used if it helps 
clarify the length of the passage. 








The word is sometimes hyphenated to 
extend throughout a section of music. 




















GENERAL PLACEMENT 


Place the dynamic sign slightly before the 
notehead whenever possible. 


== 


P 


For single-staff instruments 


Dynamics are placed below the staff. 


= 


a” 
dynamics below for instruments 





MM 


Dynamics 63 


When two parts share a staff and the 
dynamics vary between parts, the 
dynamics will be placed above and below 
the staff. 


p 





mf =p 


For vocal music 


Dynamics are placed above the staff to 
avoid conflicting with the lyric, 





P S =P 


) will nev-er cease to see 


For the grand staff 


Dynamics are placed between the two 
staves. 
































If two different dynamics are needed for 
each staff, the dynamics may be placed 
above for the top staff and below for the 
bottom, or in positions that clarify the 
situation best. 








64 Dynamics 


Fermata 65 
k= &8&8&=——hlCCCOCOCOCOCC 
Horizontal placement is preferred for The level at the beginning of the sign is 
crescendo and diminuendo signs, the same as the dynamic last indicated in 
although an angled placement is the music. 
acceptable if necessary. 


é 











P a ——_____ 


It is advised to carefully begin and end the 
sign so that it makes sense. 





While the example below would make 
perfect sense in a clarinet part, it would 
The signs may also be placed outside the make no sense in a piano part. 


staff if space is tight within the grand staff. 














molto cantabile 





Endings See Repeat signs 





If a dynamic mark must be placed ona 
barline, the barline should be broken. 


A hold or pause sign (7N). It is used with 
any rhythmic value—single notes, 
For crescendo and diminuendo signs, the __. intervals, chords or rests. 
barline is left intact. 
PLACEMENT 
break barline don't break barline 


~ Preferred placement is above, regardless 
of stem direction, except when parts share 
a staff. 


The fermata is centered on the notehead 


mf = 
Fal (or rest}, whether it is on the notehead side 


or the stem side. 


diminuendo signs 


lan cn 
Dynamics with crescendo/ ~ 


The intensity of the increase/decrease in 
volume is relative to the dynamic level of 


the section of music. : . 
One fermata applies to all notes of an 


Ifa dynamic is not indicated at theend _ interval or chord. 

of a crescendo sign, and the music is ON 
consistently gentle, the increase in LN 
volume would probably ; 

be subtle. 


a a ———— — —l 


66 


Fermata 


a 


Place outside the staff if at all possible. 
LN CN 


Place outside articulations and slurs. 


fN* 
= 


Place the fermata on the exact beat that is 
to be held, so that there can be no 
confusion. In the first example below, it 
might be wondered whether the fermata 
over the whole notes would apply to the 
eighth rest in the lower voice. 


Confusing: 
f™ 





Same example, more clearly written: 
1 


FE 


TIME VALUE 


A fermata over a note or chord not only 
indicates that the tempo is interrupted but 
that the note or chord is sustained. 


The length of a fermata is determined by 
the performer and is relative to the 
musical situation. 


In a fast tempo, placed on a sixteenth note, 
the fermata would be a shorter value than 
if placed on a whole note, in a slow tempo. 


Gum 


ae Fingerings (for keyboard) 


GENERAL PLACEMENT 


Fingerings (for keyboard) 67 


USING WITH RESTS 


In the following example, the fermata 
prolongs silence rather than sound. 





ABOVE A CAESURA 


The following example is similar to the last 
one. The caesura indicates a small break 
in the sound; the addition of a fermata 
lengthens the break. 
















ews 
2 ee 
Lt fe TT 
Fg | | UT Td as le a 





Occasionaily a fermata is seen over a final 
double barline before another movement. 
However, since a barline has no time 
value, avoid using a fermata over a single 
barline. 


ACCOMPANYING TERMS 


Lunga (/ong) or poco (little or short) may 
be used with a fermata for a more specific 
intent. 


These should be centered above the 
fermata. 





Fingerings for the right hand should be 
placed above the staff, away from all 
musical elements. 


Fingerings for the left hand should be 
placed below the staff, away from all 
musical elements. 


right hand 





left hand 
below 9 5 


STFS 


68 Fingerings (for keyboard) Fingerings (for keyboard) 69 
OU = = 


Fingerings are centered above or below ALTERNATING FINGERINGS 


head, wh ssible. : : : 
mie noseneoen woe Ep If a fingering changes on a note that is 


held, a hyphen (-} or an “en-dash” (—) 
a separates the two fingerings. The first 





right hand fingering is centered on the note; the 
second is to the right. 
i. eo 
left hand PE are 
1 5 





An alternate method uses a small slur 


A finger number is preferably placed =. Je instead of the hyphen or en-dash. 


outside a beam. 


ir 





te 4 — 
CHORDS 
Fingerings are stacked above or below a _ USE WITH TRIPLETS 
chord; all notes should have a fingering. The triplet 3 is sometimes mistaken for a 


fingering when the fonts are similar. 


Now 


= The fingering font should be smaller and 


ee = of a different typeface than the font used 
right han : for triplets. 


Avoid positioning the triplet 3 on the 
: same side of the staff as a fingering. 
left hand = = 
= Instead of moving the fingering, move the 
triplet 3 to the opposite side from the 
a fingering. The triplet 3 would normally be 


on the beam side; if on the notehead side 
it is helpful to add a bracket. (See Tupiets) 


- 


Vike 


If a chord includes notes that are tied and a 
fingering is indicatedforanotethatisnot _ = _ 

ae ze and font different 
tied, only that fingering is necessary. ‘ “ if 


— 3077 a 


Z ) 
= = 2. ow 


5 move triplet 
= and add bracket 





ee 


70 Fingerings (for keyboard) Glissando sign 71 
rr | 


N ONE STAFF 
TWO HANDS ON ONES . Flat 


If both hands share the same staff, the 


fingering for the right hand is above, the rm = 
left hand below. — BEET aT 


RH (right hand) or LH (left hand) may be A glissando is indicated by a wavy or 
added ior chaaiticadon: straight line placed at an angle, 
oe ascending or descending. 


See Accidentals, Key signatures 








Indicate the beginning and ending notes 
of the glissando. 

















AMOUNT OF FINGERING 


Fingering should be used sparingly and ~ 
only to establish a pattern or hand 
position. 











fingering not needed 











ADD THE ABBREVIATION 
OVERLAPPING ELEMENTS It is helpful to add the abbreviation 
Fingerings may overlap aslur. The — (gliss.), placing it at the same angle as the 
symbol. 


preference is to break the slur at the 
point of intersection, if possible. 








. TWO OR MORE NOTES 
The vertical space sometimes dictatesthat | ihe dieandasmece mare tianeas 
fingerings be placed within the staff. The note, add agliesando svinbol foreach 


staff lines should be broken to accom- note. The word (gliss.) is used only once 
modate the overlapping fingerings. regardless of the number of notes. 





72 Grace notes Grace notes 73 





= Sr 
Stems for grace notes on leger lines do not 
Grace notes ; have to be lengthened to meet the middle 
line. 
Grace notes are small notes without a 
rhythmic value of their own, taking their = - 
value from the previous or following beat. 
Grace notes are notated at cue size or S fe 
slightly smaller (65% of normal size works 
well). SHARING A STAFF 
When two parts share a staff, the grace 
SINGLE GRACE NOTES note stems follow the stem direction of the 
Single grace notes are considered eighth parts. 
notes. a ots # “ 
Place the stem up regardless of the main se 
note’s stem direction (except when two 
parts share a staff). = 5 
a a a - YS 
He. 
MULTIPLE GRACE NOTES 


Multiple grace notes should never have a 


Usually a small slur connects the grace slanted line through the stems or beams. 


note to the main note; the slur usually The slanted line is only for single, flagged 
begins below the grace note. grace notes. 
= Ifa slur is used, the slur connects all the 
} } grace notes to the main note. 
ms “f Two grace notes are considered sixteenth 


- oe notes and should be beamed accordingly. 


Three and four can be either sixteenth or 
The slur end does not need to be centered 32nd notes. 


on the main notehead like slurs normally 
do. It may end slightly to the left of the 
notehead. (See Slurs) 


For single grace notes with a flag, a small 
line can intersect the flag, always slanting 
upward, from left to right, regardless of 
stem direction. 





Larger groupings, such as five and six 
grace notes, are usually beamed as 32nd 


abd Af = 


DIRECTION OF GRACE-NOTE SLURS 


=. & Ifa grace note precedes an interval or 
chord, the slur will follow the direction of 
resolution (from the grace note to the 
appropriate main note}. 


(for a lower voice 
sharing a staff) 


PLACEMENT ON THE STAFF 
The grace note is centered in a space or ee 
placed directly on a line. = 
Grace-note accidentals are also cue size. - 
(See Accidentals) ‘@ 


Mi 


74 Grace notes Grand staff 75 
rs 


WITH LEGER LINES : systemic barline 


If leger lines are used, the slur may be 
placed above to avoid the leger lines. 


manuals 


The grace-note leger lines can be the 
same thickness as staff lines, but shorter. pedal 





Grand pause 
The grand pause or general pause (G.P) FOR INSTRUMENT & PIANO 
over a measure of rest indicates that the Scores for an instrument (including voice) 
entire orchestra is silent, often ee and piano use a grand staff, with the 
unexpectedly. instrument staff above. 


The staff above the grand staff is 


7 . sometimes cue size, if the instrument has 
its own full-size, separate part. 


Except for the systemic barline, barlines 


The grand staff is used to notate scores : are broken between the instrument staff 
for instruments such as piano, organ, and the grand staff. 
harp and marimba. 
systemic 
The grand staff consists of two staves ee, te fae 


joined by a brace and a systemic barline. 
(See Brace) 





Piano 
Although the “normal” clefs for the grand 
staff are treble above and bass below, either =| 
staff may have either clef, and may change 
clefs at any time. (See Clef signs) 
FOR ORGAN TWO-PIANO MUSIC 
Organ scores use the grand staff Two-piano music requires two grand 
connected to a staff used tonotatemusic ~— — staves joined together with a systemic 
for the organ pedals. barline. 
Except for the systemic barline, barlines The measure barlines connect staves for 
are separated between the manuals 7 = each grand staff only. 
and pedal. 


TC. $< 


76 Grand staff Harmonics 77 





: Such notation indicates a natural 
systemic harmonic. 
barline : 


natural 


harmonic Na 


Carefil consideration of an instrument's 
= capabilities is necessary. Only some instruments 
break barline Bee” are capable of producing harmonics. 


Piano I 


Another way to notate a natural harmonic 
(for strings) is to use a diamond-shaped 


Piano II notehead. 


The position on the staff indicates where 
ae the finger is placed—NOT the sounding 
note. 





The sounding note may be indicated in 
cue size and in parentheses. 


ONE PIANO—FOUR HANDS 7 


- : sounding note 
Facing pages are required. 


The Secundo part is notated on the left- ¥ 
hand page; usually both staves are in 
bass clef. 


The Primo part is notated on the right- 
hand page; usually both staves are in % 
treble clef. fingered note ~ 


Primo on the 


right-hand page| ARTIFICIAL HARMONICS (STRINGS) 


eee A diamond-shaped notehead with a 

: standard notehead comprises an artificial 
harmonic. The standard notehead 
indicates the placed finger; the diamond 
indicates where the second finger lightly 
touches the node to produce the 
harmonic, 

peabpeg esis cates wines sh abe peti coda eRe oese : ae 2nd finger 

ap..... COUCHES node 


Secundo on the 
left-hand page 


























The page layout for primo and secondo is 
preferably identical, system-for-system; 

if they are not identical, the facing pages St ° 
must begin and end with the same 

measures. 


~#--~ placed finger 


Often the sounding note is indicated in 


Se cue size and in parentheses. 
4 
fHarmonis #¥ 


NATURAL HARMONICS a = 


Natural harmonics are indicated by a 
small circle centered above the notehead. 


The indicated note is the SOUNDING = 
NOTE. 


Q™mm 


78 Key signatures Key signatures 79 
—— 


z Ifa key changes mid-staff: 
Key sig natures 1. adouble barline is added, 


Key signatures appear after the clef but 2 Tollowed By Mie nen keys gratuite: 


before the time signature. 3. The new key signature continues on 
the next staff. 


rv | © © 


ra 


= m3) 
CHANGING KEYS 


The preference is to make key changes at 
the beginning of a staff or system, with a CANCELLATIONS 
courtesy key signature at the end of the 


previous one. Cancellations are no longer considered necessary, 


unless the new key is C major or A minor (no 
1. Akey change is traditionally sharps or flats). In that case, cancel the old sharps 
preceded by a double barline. or flats with natural signs, in the same order as the 
old key signature . 
2. Ifthe key change is at the beginning 
of a staff or system, a courtesy key 
signature is placed at the end of the 


previous one. 


3. The staffis left open after the 


courtesy key signature. G. 
4. The new key signature is indicated —— 
on the next staff. ‘ 


The following illustrates the positioning of 
the clef, key signature and time signature if 
all three change simultaneously. 





i 








80 Key signatures Key signatures 81 
CM eS 


Key signatures in the TREBLE CLEF Key signatures in the TENOR CLEF 


. = == 
5 — ; aS BS 


Key signatures in the BASS CLEF Key signatures in the ALTO CLEF 


| = 





Ka re 

eT ae a 
eT 
ley "#7 





82 Key signatures Leger lines 83 
Se eee ce oe 


THE CIRCLE OF FIFTHS 


The Circle of Fifths serves as a quick 


( 





reference guide to the relationship of the me reap ne to extend the range 
keys and key signatures, and how they 2 of the five-line stall. 
can be figured out in a logical manner. Leger lines are the same line weight as 


taff lines, lightly heavier. 
The Circle of Fifths will also help to clarify eke ewes 


which keys are enharmonic equivalents. 
(Enharmonic means notes that sound the 
same but are written differently.) 


The vertical spacing of leger lines must be 
identical] to the vertical spacing between 
staff lines. 


Clockwise movement (up a perfect 5th) 
provides all of the sharp keys by adding one 
sharp to the key signature progressively. 


Counter-clockwise (down a perfect 5th) = = aa 
provides the flat keys by adding one flat 
similarly, 


Leger lines extend slightly past the 
notehead. They will need to extend 
sufficiently enough to be seen. 





STEM LENGTH 


Stems of all notes ABOVE or BELOW the 
first leger line past the staff must extend at 
least to the middle staff line. 














OVERCROWDING 


To avoid leger lines that touch, adjustments 
must be made either in the horizontal 


° 1 a spacing of the music or by shortening the 
Layout See Spacing = leger line length. The first is preferred, but 
is not always possible. 


| 


84 Leger lines 
MM 


in the first example below, the leger lines 
are overcrowded and appear 
to be touching. 





Corrected by shortening the leger lines to 
create a slight amount of space 
between the lines. 





CLEF CONSIDERATIONS 


Choose the appropriate clef for the 
situation. The viola, for instance, may be 
written in alto clef to avoid excessive leger 
lines. (See Clefs) 


The following examples illustrate the 
same musical example in three different clefs. 


Beaming of notes associated with a lyric 
now follows standard notational practice. 
Traditional practice, now obsolete, was to 
use flags for eighth notes, sixteenth notes, 
etc. Beams were used only for melismas. 
However, in several other ways the lyric 
makes the notation of a vocal part 
different from that of other parts. 


Mm 


Lyric 85 
TT 


PLACEMENT OF STAFF INDICATIONS 


Dynamics and tempo indications go above 
the staff to avoid conflicting with the lyric. 





rit. 
P SP 
| will nev-er cease to see 
USE OF SLURS 


Slurs are seldom used in a vocal part for 
anything other than a melisma (a term 
used here simply to mean a syllable or word 
that is sung to more than one note). 


melisma 


I wills als - Ss ways 


ALIGNMENT OF LYRIC FOR MELISMA 


Another help in reading a melisma is the 
proper alignment of the lyric. The word or 
syllable, instead of being centered under 
the note, should be aligned flush left with 
the left edge of the notehead {see above). 


EXTENDER LINES 


In addition to the slur, extender lines at 
the baseline of the lyric help to show the 
length of a melisma. However, extender 
lines are only used for one-syllable words, 
or for the last syllable of a word. A 
hyphen is used in the middle of a word. 


The thickness of extender lines should be 
less than that of the staff lines. 


The end of the extender line should be 
aligned flush right with the last note of the 
melisma. The most common mistake in the 
use of lyric extender lines is to extend the — 
line for the full value of the note. 


word __: 
A é 


86 Lyric 


When an extender line is called for, there 
should always be one, even if the words 
are crowded and it has to be very short. {In 
this case, the line can extend slightly past 


the note.} 


= 


long— the__ _ straight_ and 
# 


When an extender line wraps to 
the next staff, begin the line at the 


end of the key signature. 


ST 


straight. and, — 


___—itthe 


Notice the comma in the previous 
example. Any punctuation always 


precedes an extender line. 


TIES 


Ties are treated exactly like melismas, 
including the use of extender lines and 


alignment of lyric. 


WORD PLACEMENT (NORMAL) 


Words or syllabies for notes other than 
melismas or tied notes are centered to the 
notehead. If the lack of space does not 
allow a word or syllable to be exactly 
centered, at least some part of the word or 
syllable should be under the note. 


== 


word 





4 
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HYPHENATED WORDS 


Center the hyphen {not a dash or extender 
line) between syllables. 


If the melisma (or tie) is extremely long, 
more than one hyphen may be used. 


If the hyphenated word wraps to the next 
line, another hyphen may be used at the 
beginning of the line. 


Hyphenate words according to the 
dictionary. Do not hyphenate according 
to how the word sounds like it should 
divide. If there is any question at all, check 


the dictionary. 


PUNCTUATION 


Use normal punctuation and 
capitalization, (Sometimes capitalization 
is done as if the words were poetry, with 
each “line” capped, but this is becoming 
less common.) A common mistake is to use 
little or no punctuation. 


MULTIPLE VERSES & REPEATS 
Broken slurs 


A broken slur is used when one verse has a 
melisma, especially if it is not the first verse. 


Bt 


ae 





Now I see youhere’ with 
When— I was quite young, 


Treat the lyric for each verse separately. 
Notice in the above example that the 
melisma is aligned as a melisma, while the 
previous verse is aligned normally. 


Omission lines 


An omission line is sometimes used to 
clarify that there is no word or syllable 
sung. 





Now I~ see youhere’ with 
When _ I was quite young, 


in many cases, however, there is a better 
way to treat the situation. In the previous 
example, the omission line could be 
mistaken for an extender line, so it would 
be better without it, letting the cue-size rest 
serve the same purpose. 


ee 


88 Lyric 
MM 


Cue-size notes, rests 


Use cue-size notes and rests when a 
rhythm is different from the first verse 
{see previous example). Stems and beams 
should also be cue size. 


If there are more than two verses with 
different rhythms, the notation can 
become quite complicated. It may be 
better to write out the music. 


Numbering 


Multiple verses are numbered. There are __ 
several ways to treat these when there are 
pick-ups, repeats, first and second 

endings, etc. Be clear and consistent. 


~—m |. Verse, verse, verse 
—w 2. Verse, verse, verse 
~—w 3. Verse, verse, verse 


Using a brace 


When multiple lines converge into one 
line, such as a chorus or refrain, a brace is 
used, 


—~ |. Verse, verse, aslo 
—w 2. Verse. verse, verse chorus or refrain ©. a 
—-w- 3. Verse, verse, verse 


The understanding of meter is essential 
to the placement of ties, rests, 
syncopated rhythms and proper 
beaming. 


Time signatures identify the meter. 


There are two overall classifications of 
meter: perfect and imperfect (odd) meter. 


PERFECT METER 


In perfect meter the measure can be 
divided into equal halves or thirds. - - 


There are two classifications of perfect 
meter: simple meter and compound 
meter. 


In simple meters each BEAT can be 
subdivided by 2. 


In compound meters each PULSE 
can be subdivided by 3. 


Metric subdivisions should not be 
confused with tuplets. 


QW 


Meter 89 


SIMPLE METER 


The classification of duple, triple or 
quadruple reflects the number of BEATS 
in the measure. 


Simple duple meter 


Simple duple time signatures have a 2 as the 
upper number of the time signature. 


2 2 2 
2 4 8 


Each measure contains 2 BEATS, 
beat | | 


Each BEAT can be subdivided by 2. 
beat } | 


’ 


qJ)Td) 


Only rests of equal value to the beat ox less 
may be used {except in a complete measure 
of rest, which is indicated by a whole rest). 


eS 
BSS Ss 


Rests of equal value to the beat are used 
ONLY on the beat. 


do not combine 
fea | 


aS 





! i 


do not combine 


The following are all acceptable examples 
in simple duple meter. 


quarter note is acceptable. but not a quarter rest 
‘ 
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Simple triple meter 


Simple triple time signatures have a 3 as 
the upper number of the time signature. 
3 3 3 
2 4 
Each measure contains 3 BEATS. 


beat ~ : 


aes 


Each beat can be subdivided by 2. 


heat : : 


WANN 


Only rests of equal value to the beat or 
less may be used (except in a complete 
measure of rest, which is indicated by a 
whole rest}. 





do nat combine rests 


Beaming should reflect the simple triple 
meter, NOT compound duple meter. 


Simple quadruple meter 2 


Simple quadruple time signatures have a 
4 as the upper number of the time 
signature. 
4 4 4 
2 4 8 
Each measure contains 4 BEATS. 
Each beat can be subdivided by 2. 


G@mmm 
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To successfully notate simple quadruple 

meter, it is best to consider the meter as 

a combination of 2 units of duple meter. 
peal | : 


inann 


iF 


In simple quadruple meter, these 2 units 
must always be clearly distinguished. The 
only exception to this would be a very 
simple syncopation (such as | d dy 


The following examples illustrate the subdivision 
of the 2 units. The notation of each unit, 
separately, is identical to that of simple duple 
meter. 


; i i i 
% = unit ¢ sunt e ume * unit 











Whole rests are used to indicate a 
complete measure of rest. 


Rests twice the value of the beat are used 
ONLY on beats 1 & 3 (the first beat of each 
half of the measure). 


Y ‘ 


$M 


Mumm 


Meter 


Rests of equal value to the beat can ONLY 
appear on the beat. 


Rests less than the value of the beat are 
used freely as long as the two units are 
apparent. 


do not combine rests 


Pas ES 


COMPOUND METER 


The classification of duple, triple or 
quadruple reflects the number of 
PULSES in the measure. 


Compound duple meter 


Compound duple time signatures have a 
6 as the upper number of the time 
signature. 
6 6 
4 


Each measure contains 2 PULSES. 


pulse | 


v 


Ba. ae || 


Each PULSE can be divided into 3 BEATS. 


pulse | i 


y 


§ TT 


Only rests of equal value to the pulse or 
less may be used (except in a complete 
measure of rest which is indicated by a 
whole rest). 


Rests of equal value to the pulse can ONLY 
appear on the pulse. 


' ? 
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Rests of 2/3 the value of a pulse may be 
used ONLY on the pulse. 


’ ’ 
| ' ¥ ¥ 


Rests of equal value to the beat, not 
appearing on the pulse, CANNOT 
be combined. 











Beaming should reflect the compound 
duple meter, NOT simple triple meter. 











Compound triple meter 


Compound triple time signatures have a 9 
as the upper number of the time signature. 
An example is &. 


Each measure contains 3 PULSES. 


pulse ! i | 


v y 


eg) bod 


. Each PULSE can be divided into 3 BEATS. 
pulse { 


: mm 


Rules governing rests and beaming are 
identical to compound duple meter. 
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Compound quadruple meter 


Compound quadruple time signatures 
have a 12 as the upper number of the time 
signature. An example is ¥. 


Each measure contains 4 PULSES. 
Each PULSE can be divided into 3 BEATS. 


To successfully notate compound 
quadruple meter it is best to 
consider the meter as a 
combination of 2 units of 
compound duple meter. 


pulse, 


eMMmM - 
‘ar 


Rules governing rests and beaming are 
identical to compound duple meter. 


IMPERFECT METER (ODD METER) 


In imperfect meter (odd meter) the 
measure CANNOT be divided into equal 
halves or thirds. 


Imperfect meter can be considered as any 
combination of duple or quadruple meter 
AND triple meter. - 


% time can be considered a 
combination of Z + Bor 843. 


sm 
Zlra)+ 3 


Notice that 7 is not divisible by 2 or 3. 


MODERN APPROACHES TO METER 


A broken barline is sometimes added to 
clarify imperfect meters. 


broker bartine 
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A composite meter is another option to 
clarify the subdivision of imperfect meters, 


composite 
meter 


% 


ee errr rers 








When two or more measures alternate 

a meters in a manner that repeats 
predictably, a time signature reflecting the 
alternating meter may be used. 


alternating 
miclers 
pairs of meters will continue to alternate 
% 





SSS 





Metronome marks See Tempo marks 





Natural sign See Accidentals 


Traditionally there are five main shapes 
representing noteheads: 





Pitched 
© whole note 


Non-pitched 


© whole note, 
half note 


O half note 





X quarter, eighth, 
sixteenth, 32nd, etc, 


@ quarter, eighth, 
sixteenth, 32nd, etc. 





PLACEMENT ON THE STAFF 


On a five-line staff, notes are either ina 
space or on a line. 


=a 


a in a space on a line 


ese 
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On a single-line staff, the notehead 
usually intersects the line, with the stem 
always up. 


When two instruments share a staff, one 
part sits on the line; the other hangs from 
the line. 


one part two parts 


STEMS AND NOTEHEADS 
Double whole notes (or breves) andwhole ~ 


notes are without stems. 


oll o 


double whole 
whole note 
note 


Half notes and quarter notes are always 


stemmed, 


half quarter 
note note 


Single eighth, sixteenth, 32nd and 64th 
notes are always stemmed and with a 
flag(s). - 


pasd| 


8th 16th 32nd 64th 
note note rote note 


Two or more eighth, sixteenth, 32nd and 
64th notes are usually beamed into groups. 


name 


8th = 16th «32nd = Oi 





Octave signs 97 
i eT 


An X notehead is used primarily in non- 
pitched percussion music. It is also seen 
in vocal music to indicate approximate- 
pitched singing (Sprechstimme), 
rhythmically spoken parts, clapping, etc. 


Seep 


The diamond-shaped notehead serves as 
a half note (with stem) or whole note 
(without stem). 


When used as a harmonic, the diamond- 
shaped notehead is always open, 
whatever the rhythmic value. 






f) 

FS | CA CS 
AU] a  —=eE=eh 

fa EE 2) se ee ee 

Sl og: Te” | 






In some software programs the 
characters for the diamond-shaped 
notehead and the harmonic are 
slightly different. 


dave signs 


The use of octave signs is primarily to 
avoid multiple leger lines. While 
frequently used in piano music, octave 
signs are only selectively used in 
instrumental music. 





8va or all’ottava means “at the octave.” 


8va (or sometimes 8) is indicated above a 
treble clef staff only. Do not use above 
any other clef. 


Usually accompanied by an extender 
line—a broken line with a downstroke 
at the end. 


The alignment of the 8va is centered 
above the notehead. 


The end of the 8va bracket extends slightly 
past the last note affected. 


cenler to vend flook down 
natehead 
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8va bassa or ottava bassa means “at the WITH ACCIDENTALS 


octave below.” 


8va (or 8) below the staff, especially in 
keyboard music, is always understood to 
mean 8va bassa. 


8va bassa is indicated below a bass clef 
staff only. Do not use for treble, alto or 
tenor clefs. 


Usually accompanied by an extender 
line—a broken line with an upstroke at 
the end. 


The beginning of the 8va bassa is placed 
below the notehead. 


The end of the 8va bassa line extends 
slightly past the last note affected. 


cenler to 
notchead 








8va bassa----------+"-7 —f. 
end hook up *. 
a 
~ ‘The abbreviation vb is only a copyist’s | 
shorthand and should not be used in 
engraved music. 


PLACEMENT CONSIDERATIONS 


The 8va or 8va bassa with its extender line 
should be clearly placed, to avoid conflict 
with as many musical elements as possible 
and yet be as close to the notes affected as 
possible. 

In the example below, the 8va is placed 
entirely above the slur. 





in this example, the 8va intersects the slur 
due to a possible limitation of space. 


slur intersects 





Accidentals must be repeated for the 
notes included within 8va or Sva bassa 
octave alterations. 





WRAPPING FROM STAFF TO STAFF 


The 8va or 8va bassa breaks at the end of 


the first staff, aligned with the right 
barline. 








The extender line begins again just past 
the clef or key signature. 


A courtesy 8va or 8va bassa may also be 
indicated at the beginning of the second 
staff when wrapping from staff to staff. 


LOCO 


Although the ending of the extender line 
should suffice, the word foco (meaning “at 
place”) may be added as a reminder that 
the 8va or 8va bassa no longer applies. 


wire to join 
earth points 


6 
9 6g O68 2O 
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ON AN ENDING NOTE 


The 8va or 8va bassa is centered to the 
notehead and, since it is the last note of 
the piece, it may or may not be 
accompanied with a downstroke (or 
upstroke}. 


&va 


If a single note is altered but is not the last 
note of the piece, an upstroke (or 
downstroke) nustst be added. 





SPECIAL SITUATIONS 


The following examples are incorrectly 
notated. The 8va or 8va bassa is never 
placed between the two staves of a 
grand staff. 





4a. 8 Mapp, AONE Seco 


wrong 


























wrong 








Pt Apc IE ARMRR Cone Sa te ft 











Gee 




















. meverre aS: 


LER AMMELAE EET Hee ot 








These two incorrect examples would need 
to be rewritten—perhaps in one of the 
following ways: 
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WITH RESTS 


If the 8va or 8va bassa is interrupted with 


short rests, the extender line may 
continue over them. 





- If the rests are of a larger value, the line 
should be broken and reintroduced. 


When rests precede the Sva or 8va bassa, 
begin on the first note after the rests. 





When rests follow the 8va or 8va bassa, the 
octave alteration ends with the last note in 
the grouping—the rests should not be 
included in the grouping. 


CUE SIZE 


For any passage at cue size the &va will 
likewise be at cue size. 













ae A 
i Pitt je TP 
Ze 
re SS ——— 


velociss. fas 
—=—__a._ 


‘ 1 _ 
1 
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15MA 


15ma or quindicesima means “at the 
fifteenth” (two octaves). The situations to 
use 15ma bassa are very rare. 

All rules for 8va apply to i5ma. 


COLL 8VA 


Coll’ 8va (or coll’ 8) is an abbreviation for 
coll’ ottava meaning “with the octave.” It 
is a shorthand system of writing octaves, 
discouraged in traditional engraving. 


The function of coll’ 8va differs from &va in 
that the written notes are doubled at the 
octave. 


For the extender line, a longer dash length 
or a solid line is recommended, to make 
the coll’ 8va distinguishable from 8va. 


The coil’ 8va doubles at the octave above 
when notated in the treble clef. 


coll’ 8va- - - - — — 7 





The coil’ 8va doubles at the octave below 
when notated in the bass clef. 


col? 8va~ - - - - - — 


is played. 
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INSTRUMENT CONSIDERATIONS 


ORCHESTRA / BAND SCORES 


Often a score will have limited space, 

causing leger lines to become too crowded 

and illegible. Octave signs help to 

eliminate vertical overcrowding. 
WOODWINDS 


Wind players prefer to read leger lines. 


STRINGS 


Octave signs should be used very sparingly 
for viola and cello, Violins are accustomed 
to reading either leger lines or 8va (but not 
iSma). 


KEYBOARD INSTRUMENTS 
Celesta uses 8va but not 8va bassa 
{the range does not extend low enough). 


Harpsichord rarely uses Sva or 8va bassa. 
Leger lines are more commonly used. 


Piano uses 8va and /5ma in the treble clef 
and 8va bassa in the bass clef. 


Organ uses 8va but not 8va bassa (the 
range does not extend low enough). 


Ornaments are primarily used in 
Baroque, Classical or Romantic period 
music. The interpretation of an 
ornament varies according to the 
musical period or composer. It is 
advised to consult detailed references on 
ornament usage and interpretation. 





Ornament symbols are placed above the 
staff regardless of stem direction. 


Ae AW Ae may 00 ode 


Ve ae 8 lexes ~ 
When two parts share a staff, an 
ornament symbol applying to the lower 


part is placed below the staff. 


 SsSsSsS—C—CSsCSCSCSCS<CS 
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MU 


Ornaments are usually centered to the 
notehead. Depending upon the position 
of the ornament, the realization of the 
ornament will vary. 


In the example below, the turn symbol is 
presented two ways, centered above the note and 
positioned after the note. 


Notice the different realizations of the ornament. 


this ura CENTERED 
above the notehead 
indicates: 


=e aL a aoe 
iis urn placed AFTER 
He note tndicales: 


2 
Ossig 


Ossia is an indication for an alternate 
version, which may be easier or more 
difficult. It is treated the same as a 
realized ornament. 


The ossia passage is placed above the full- 
size staff. The passage is cue size (65-75%). 


Only the passage concerned is notated— 
the staff begins directly before and ends 
directly after. 


Align all beats. 


_ ossta (rmore diffteedtt) 
























































” realized ornament 
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Pedal marks 


FOR THE PIANO 





There are three pedals on a grand piano: 
the damper pedal (right), the sostenuto 
pedal (center) and the una corda pedal 
(left). Some upright pianos have only two 
pedals—the damper and una corda. 


Damper pedal 


Markings for the damper pedal (sustain 
pedal) are always placed below the grand 
staff and are usually placed below all other 
musical elements. 


The most commonly used pedal marks 
consist of three elements: pedal dawn, 
pedal change and pedal up. 


es ; 


pedal down pedal change pedal up 


The pedal-down marking begins vertically 
aligned with the left edge of the notehead.* 


th 


, 


begin left of 
the notebead 


The poini of the pedal-change marking is 
vertically aligned with the center of the 


notehead. 
— 


al 


centered on 
notehead 


*Some publishers center or align flush right. 
In any case, a style decision should be made. 
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The pedal-up marking is vertically aligned 
to the left of the notehead. 


= = 


end flush left 
with the notehead 


The traditional method of pedal marking 
consisted of pedal down and pedal up. 


This method ts somewhat obsolete. 


SOD. % 


pedal down pedal up 


Drawbacks of this method of pedal 
indication include the potential for 
inaccuracy and a cluttered look. 























Flutter Pedal 


To notate the rapid fluctuating of the 
pedal, a zigzag pattern interrupts the 
usual pedal marking. 


flutler pedal 


Wrapping from staff to staff 
The pedal mark is interrupted at the end of 
the staff. It continues on the next staff, 
beginning immediately after the key 
signature. 


De 
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If the pedal mark continues to the end of 
the piece, it is vertically aligned with the 
thin line of the final double barline. 


vertically alian 
with barline 





A A end at barline | 


beat tmntediatety after Rey Stanalure 


Simile 
When the pattern has been clearly 
established, simife may be used instead of 
continuing the pedal marks. (See Simile) 


3 ee simile 


If the pattern changes, simply begin the 
pedal marks again. 


Half pedal 


The clearest indication is to simply add 
“1/2” to the pedal marking, whether at the 
down pedal or at the pedal change. 


haltpaial) 1 <———- f= -— __.. 


fy 
Ify 
half pedal 
Una corda pedal 


The indication una corda (one string) or 
u.c. is placed where the pedal is pressed; 
fre corde (three strings) or t.c. indicates the 
return to normal. 


Sostenuto pedal 


This is indicated by the abbreviation sos. 
(sometimes in combination with a 
bracket}. 


sos, —.___ sd 
a =~ 
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FOR THE ORGAN 


Two symbols are used, one for the heel, 
one for the foe. 


U A 


heel toe 


The symbols are NOT inverted when 
moved from one side of the staff to 
the other. 


The pedal marks for the right foot are 
always placed above the staff and 
centered on the notehead. 


right-foat feel right-foat tae 
U U N- sik 
The pedal marks for the left foot are always 


placed below the staff and centered on 
the notehead. 


left-fooal tecel feft-foal toe 


HARP PEDALS 


Pedal indications for harp are settings for 
tuning. 

The left and right foot have separate sets 
of pedals. 


Notation for the harp is closely linked to 
the position of each of these pedals. 
Therefore, enharmonic spellings are 
frequent in harp music. 





The tuning of the harp is based on the 
three notch positions of the pedals. 


When a pedal is in its resting position, 
center, the string is tuned to the note’s 
letter name (D, C, B, E, F, G & A). 


mm = 
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When a pedal is raised, the note is lowered 
a half step (loosens the string). 


When a pedal is lowered, the note is raised 
a half step (tightens the string). 


pedal up - 


is flat 
ie - center positror 
iS mote name 
pedal dawn 
is sharp 


The following three examples illustrate 
possible ways to indicate harp pedal 
settings in a score. 


They may be listed horizontally, stacked 
or using the Salzedo diagram. 


OF 


Picking is notated with down-stroke 
and up-stroke symbols. The same 
symbols may be used as those that are 
used for down-bow and up-bow. 





Down-stroke and up-stroke indications 
are centered to the notehead and are 
always placed above the staff. 

down-stroke up-stroke 
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Repeat signs 


Indications for repeats occur on three 
levels: beat repetitions, measure 
repetitions and section repetitions. 
The first two are used almost exclusively 
in manuscript or in popular music. 





BEAT REPETITIONS 


Angled slashes following a single beat 
indicate that whatever is written on the 
first beat is to be repeated. These are 
commonly used in manuscript. Do not 
use in engraved music. 


Pa 


Another use of beat repeats is in guitar or 
rhythm parts, where they help pinpoint 
where chord changes occur. These are 
used in engraved music. Stems, beams 
and ties may be used when necessary. 

G Cc 


— 


ONE-MEASURE REPEAT 


This sign (#4), meaning repeat the 
previous measure, consists of a slash with 
two dots and is centered in an otherwise 
empty measure, In engraved music. its 
use should be limited to rhythm parts. 


When several consecutive measure repeats 
are used, numbering is helpful. Place a 
small number above the staff and center it 
on the measure repeat sign. 


The notated measure is considered the 
first measure, with the actual numbering 
beginning on the first repeated measure. 





Write out the music at key points such as 
rehearsal numbers, page turns, etc. 


“lm 


Repeat signs ill 


| 


TWO-MEASURE REPEAT 


When two measures are to be repeated, a 
sign consisting of fvo slashes with dots is 
placed on the center bar line of two other- 
wise empty measures, with the number 2 
above it. The number is in the same 
typeface and size as a time signature 
number. 


This sign should not be used when one 
measure is to be repeated twice. It should 
only be used for two consecutive 
measures that are different, and are to be 
repeated. In engraved music, it should 
only be used in rhythm parts. 


If more than two measures are to be 
repeated, the repeat sign should be used. 


SECTION REPETITIONS 


The repeat sign is used to indicate the 
repeat of one or more measures, or an 
entire section. 


The repeat sign looks like a final double 
barline, with two dots positioned in the 
spaces above and below the center line of 
the staff. 


The right-facing repeat sign is placed at 
the beginning of the first measure of the 
section to be repeated. The left-facing sign 
is placed at the end of the last measure of 
the same section. 


Thus, the section that is to be repeated is 
framed by the inward-facing repeat signs. 





*If the repeat begins at the beginning of a 
piece, the right-facing sign is not needed. 


ee 
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For two adjoining repeated sections, 
repeat signs are placed, as before, framing 
each section. The adjoining repeat signs 
may share the thick bar. 





With key changes 
When a key signature change occurs at the 
beginning of a repeated section, a double 
bar is added and the key signature is 
placed before the first repeat sign. 


key signature change 
before repeat sign - 


SS 


@) 














With multiple endings 


A section that is repeated may have a 

different ending each time it is played. 
The repeat sign is placed at the beginning 
of the section and at the last bar line of the 
Ist ending. 


Dat feet Jad tin 
ommir suet 
i. VE 


e—— 


2nd fine 

















The brackets do not intersect or touch the 
staff but are placed above the staff, 
avoiding all musical elements. They are 
aligned vertically with the barlines. 


1st ending brackets are always closed. 


If the 2nd ending is not the end of the 
piece, the bracket will be open-ended. 


[ ] IP : : 
I. =) Pade COUPLE: 








If it is the end of the piece (or movement), 
the bracket will be closed. 


I. 113. end af pie? 


——-—f 


DS 


If a section is played three or more times 
but there are only two endings, number 
the brackets accordingly. This occurs 
often when there are lyrics. 


—=F— 








This section deals mainly with the 
positioning of rests. For more on the use 
of rests, see Meter and Augmentation dot. 


TABLE OF RESTS 


In the listing of rests below, each rest is 
half the value of the previous rest, 
starting with the double whole rest. 


double whole half quarter 
whole rest rest rest rest 














Ih 
ih 
IF 
tn 


eighl sixteenth =. 32nd 64th 
rest rest rest resi 








DOUBLE WHOLE REST (BREVE) 


The double whole rest is placed between 
the third and fourth staff lines, touching 
both lines. 


WHOLE REST 


With the exception of 4 and $ the whole 
rest is used to signify a complete measure 
of rest in any time signature. 


— 


It hangs from the fourth staff line. 


Whole rests are centered in the measure. 


When two parts share a staff, whole rests 
are positioned on the fifth line for the top 
part and the first line for the bottom, 


If either part conflicts with the placement 


of the rest, the rest may be positioned 
outside the staff. 


upper part 





HALF REST 


The half rest is positioned to sit on the third 
staff line. 


3 z = 


When two parts share a staff, the half rest 
will sit on either the fifth line or the first 
line. 


If either part conflicts with this placement, 
the rest may be positioned outside the 
staff. 


Mmm = 
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Half rests are positioned at the beginning 
of beat } or 3—never centered between 
two beats. 


alian with 
beat | 3 | 3 


In the above example the use of half rests 
instead of two quarter rests is correct. 
However, meter must be considered—do not 
automatically substitute a half rest for two 
quarter rests. 


(See Meter) 


QUARTER REST 


The quarter rest is positioned as follows. 
Notice the position of the bottom hook. 





When two parts share a staff, the quarter 
rest is moved up or down from its normal 
position. The relationship of the rest to 
lines and spaces must be the same as in 
normal position. 


The rest may be completely outside the 
staff when necessary. 


: 
: 


In some situations the above rests could 
be left out entirely. In other situations, if 
both parts were resting, one rest in normal 
position could serve for both. 


Ee | 


Scores il7 
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EIGHTH, SIXTEENTH & 32ND RESTS 


The guidelines for positioning quarter 
rests in the example above also apply for 
eighth, sixteenth and 32nd rests. 


The hook of these rests is always placed in 
a space (or between imaginary leger lines 
if placed outside the staff). 


eighth sixteenth 32nd 6A 
rest rest rest rest 











lf one of the above rests interferes with a 
beam, the rest moves up or down so that 
stem lengths may be more normal. Other 
rests in the measure remain in normal 
position. 


<a 


MULTIPLE-MEASURE RESTS 
For a rest of more than one measure, a 
horizontal line (the thickness of a beam) 
is placed on the middle staff line, with a 
thinner vertical line at each end 
extending from the second to the fourth 
staff line. 

A number the size and font of a time- 


signature number is placed above the staff 
and centered in the measure. 


4t 


Ss 


Break the multiple-measure rest for 
rehearsal numbers, tempo changes, etc. 


Tempo I 


4 8 


SS = 


RESTS ON A SINGLE-LINE STAFF 


When there is only one part on a staff. 
position the rests as follows: 


WM 


ay ge TE 


When two parts share a single-line staff, 
place the rests above and below the line, 
not touching the line. Use a leger line for 
whole and half rests. 


i 2 
‘ 





On a complete score all parts are 
included on a system and are arranged in 
a certain order. 


Ali information contained on the parts 
and score must be identical. 


On the first page of the score the system 
(or first system) is indented. Brackets 
connect instrument choirs. (See Bracket, 
Systems) 
The full name of each instrument is given 
to the left of the first system. 


Abbreviations are substituted for the full 
instrument names on subsequent systems. 


Rehearsal numbers (indicated at the top 
of the score) serve as key reference points. 


They may be letters or measure numbers 
enclosed in a circle or square. 


Ail extracted parts will have identical 
rehearsal numbers. 


SCORE ORDER 


Instruments should be arranged in what 
is known as score order. 


Woodwinds 
Brasses 
Percussion 
Other instruments 
Strings 
Each family of instruments is predom- 
inantly grouped together from highest- 
pitched instruments to lowest- pitched 
instruments, with some traditional 
exceptions. 
The French horns, although not the 


highest-pitched, are traditionally placed 
above the other brass instruments. 


ss _t—CS 
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Sharing a staff 


In band or orchestra music some parts of 
instrument families share the same staff. 
Combine parts 1 & 2 or 2 & 3; avoid com- 
bining three instruments on one staff. 


BEGINNING A PASSAGE 


If parts are divisi, no indication ts necessary 
unless one or both instruments (such as 
strings) can play more than one note at a 
time. (See Divisi) 


Indicate a2 above staff if both parts play in 
unison. Use only one stem per note. 


a2 


ae 


If the unison continues after a page turn, 
repeat a2 in parentheses. 




















If like instruments are sharing a staff and 
only one part plays, indicate which part: 
l.orll, 


é - 


if unlike instruments are sharing the staff 
and one part plays, indicate which 
instrument is playing. 





Oboe 


e: 


STEMMING OF TWO PARTS 


If two parts are playing different pitches 
but the same rhythm, they share one stem. 


SSS 


t 








If the parts are alternating between 
unison and divisi, and share the same 
rhythm, opposite stem direction makes 
the unisons clear. 


MM 
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If both parts have different rhythms, 
opposite stem direction is necessary. 

















(See Accidentals, Rests} 


FROM TWO PARTS TO UNISON 


Opposite stem direction is used for clarity 
on unison notes in short passages. 








Indicate a2 above staff and use one stem 
for longer passages, 


a2 


SSS 

















FROM TWO PARTS TO ONE: 


Use rests in shorter passages. 




















Place I. or II. above the staff and use one 
stem (for two /ike instruments in longer 
passages or after long rests). 
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Mark passage with instrument name (for 
two uniike instruments in longer passages 
or after long rests), 


Bb Clar. 


SS 


STAFF INDICATIONS 


Staff indications (dynamic, slurs. tempi) 
are placed below the staff. 


SaaS rae az 









































7 
place betow 


If the two parts move independently, a 
separate set of directions is needed for 
each part, above and below the staff. 


above 














WHEN NOT TO SHARE A STAFF 


1. [fthe range of one part tends to cross 
the range of the other, the parts 
should have separate staves. 

2. If the parts require different clefs or 
clef changes the parts should be 
separated. 

3. Ifthe two parts are too rhythmically 
diverse, they should be separated. 

In all cases a bracket should be used, 
nota brace. 























See Accidentals 





When the word simile is indicated after a 
pattern has been established (for example, 
of articulations, pedal marks, bowing, 
etc.), it means to continue in the same 
manner. (See Articulations, Pedal marks} 


Although a slur looks somewhat like a tie, 
the placement, positioning and use of 
slurs are different from ties. Slurs and ties 
should not be confused. 





Slurs are used to indicate phrasing or 
technique. Depending on the instrument, 
the slur will imply different techniques to 
be used. 


PLACEMENT OF SLURS 


The stemming of the notes is the main 
factor in determining whether the slur is 
to be placed above or below. 


When stems extend up, the slur is placed 
under, on the notehead side. 


a 


in ae ee 


When stems extend down, the slur is 
placed over, on the notehead side. 


When stems are in both directions, 
the slur is always placed over. 
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MO —<$—= eV—————S— nn 
If the notes are whole notes, imagine the BEGINNING FROM THE STEM 
stems! 


Place the beginning of the slur so it starts 


mid-stem (to the right of the stem—never 
Se begin to the left, crossing the stem). 





In some cases the slur may begin at the 
end of the stem. 


If the phrase is substantially long, 
the slur may be placed over, regardless 
of stem direction. 



















“ti a | 
Peeestmenescoss 
yg ae 


zal e* Fs 





Begin at the end of the stem if beaming is 
involved. Never cross the beam with a slur. 


PLACEMENT ON THE NOTEHEAD ee aaa 


Slurs have a definite beginning and SSeS 
ending; they should not be “hanging in 


space” so that the beginning and ending 
notes must be guessed at. 


ENDING ON THE STEM 
If the slur is on the notehead side, the Place the end of the slur so it slopes 
beginning and ending of the slur should towards the notehead, away from the end 
be centered on the notehead. It should of the stem. Center the slur on the 
not touch the notehead. notehead. 


end centered 
begin centered over nolehead 
over nolehead 





> 


: on = The slur may also end at the end of the 
© stem if it would make a more pleasing 
© shape. 





See 


End at the end of the stem if beaming is 


involved. Never cross the beam with a slur. 
begin centered 


under nolehcad end centered ee Ea Oe 


under notehead . > . 


SLUR DIRECTION 


If the direction of the phrase ascends, the 
slur will slope upward. If the direction of 
the phrase descends, the slur will slope 
downward. 





When a slur begins and ends on the same 
note, the slur can remain on the same 
horizontal level. 





SLURS WITH CHORDS 


Only one slur is needed when there is only 
one stem per chord. 


ae 
SHARING THE SAME STAFF 


For two parts, place slurs above for the 
upper part, below for the lower part. 


a alice 


a a ee 





















For two sets of parts, place slurs above for 
the upper parts, below for the lower parts. 
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WRAPPING FROM STAFF TO STAFF 


Align the end of the slur with the end of 
the staff. The slur ends at an angle 
(ascending or descending} at the end of 
the staff. 
ends at a slight angle, 
aligned with end of staff . 


= 
Ale ne pe 


, continues at a slight anale, 
after key signature or clef 























Continue the slur in the lower staff 
immediately after the key signature (or 
clef}, also at an angle. Be sure the first 
note is far enough to the right so that it is 
very clear that the slur does not begin on 
the note. 


If the slur is over the staff it remains over 
when continuing on the next staff. If it is 
under, it remains under on the next staff. 


The direction of the slur (ascending or 
descending) continues logically in the 
following staff. 























slur ascends to follow direction of notes 














slur descends to follow direction of notes 


SCS 


DIFFERENTIATING SLURS FROM TIES 


When slurs and ties are both involved in a 
chord progression such as the following, 
position the slur opposite to the tie and at 
a noticeable angle. 


slur MUST be moved opposite te lhe tie 


a =. 


wrong — 


An even better way to write the above: 


Ifa slur begins and ends on the same 
pitch and could possibly be mistaken for 
a tie, position the slur on the stem side. 


slur ts moved above 
Jo avoid being mistaken for a tie 


ss 
Pie tie 


When a slur connects chords with tied 
notes within, combine the tied notes into 
a single note with opposite stem direction. 


BEGINNING OR ENDING WITH A TIE 


A slur must include both notes of the tie, 
whether the tie is at the beginning or at the 
ending of the slur. (For an exception, see 
“Elisions,” on the next page.) 
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ELISIONS 


In keyboard music, one slur might end at 
the same point where another slur begins. 


The two slurs share the center of the note- 
head (elide) without touching each other, 


end of —- beginning of 
one phrase — another phrase 


qt 











When the elision occurs on tied notes, the 
first phrase may end on the first tied note. 
The second phrase can then begin on the 
second tied note. 


end of beginning of 
one phrase another phrase 
Ht 


= ——_ — 











GRACE-NOTE SLURS 


Grace notes may or may not have slurs. 
The slurs are usually somewhat smaller to 
match the grace notes. 


Since grace notes are always stemmed up 
{unless there are two voices), the slur is 
usually placed below. 


Grace-note slurs may be placed more to 
the inside edges of the noteheads. 


arace-note slur 


a = 


slur for beamed 
arace’ motes 
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Grace-note slurs elide with sturs. 


grace-note slurs 
and slurs 








at 


SLURS AND ARTICULATIONS 


Beginning or ending on notes with an 
articulation: 


The beginning or ending of a slur is placed 
outside staccato and tenuto marks. 


Center over or under the articulation. 


slur is outside nolehead 
and articulation 





The beginning or ending of a slur is usually 
placed between accents and the notehead. 


slur ts belween notehead and articulation 


A A 





=> > 


here the accent ts placed 
inside the slur 


=> 


MS 


Articulations between the beginning and 
ending notes remain inside the slur. 
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Fermatas are placed outside the end ofa 
slur. 


ron 


“LET RING” SLURS 


The use ofa short slur to indicate 
continued vibration should be placed on 
notes of longer duration only. Angle the 
slur slightly. 


let ring 


$A 


INSTRUMENT CONSIDERATIONS 
Woodwinds and brass 


Legato technique is indicated by the use 
of a slur. The slur might also indicate 
breathing and phrasing. 


Slurs in combination with staccato or 
tenuto marks show varying degrees of 
legato. 


most legato less legato —_ least legato 


For keyboards 


If the space between the two staves is lim- 
ited, slurs may be placed outside the staff. 








y. Pies 

A ee | 
2 fon 2 
a 





An S-shaped slur is sometimes used in 
music notated on the grand staff. 



































For strings 


Slurs can only partially indicate phrasing. 
Slurs are also used to indicate various 
bowing techniques. (See Bowing) 


For vocal music 


A slur is used for a melisma (two ot more 
notes that are to be sung ona single 
syllable). 


The word or syllable should be placed 
flush left with the notehead. 


—— melisma —— 


hs Se ee 
where —____ you 
alian lyric with left edae of notehead 


Slurs to indicate phrasing in vocal music are 
seldom used, Since breathing is a major 
factor in phrasing, rests and breath marks 


can be used as a partial indicator of phrases. 


Slurs can be drawn using a broken line 
instead of a solid one. The broken slur is 
most often used to accommodate lyrics 
for multiple verses. 


*€ 


When will you be there for 
No - where have \ seen 


Similarly, broken slurs may also be used 
for syllable differences of translated text. 


slur for translation 


[-¥—;-___-| +, 
eT a se 
_.__ 7a _ 

Or ¢. 1s gin - al text —_ 
Trans - lat - ed text ___ 


Mm 
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Spacing is of primary importance to the 
visual quality of any musical notation. 
While the attention to musical detail may 
be excellent, poor judgment in spacing 
may make the score look ill-conceived. 





An awareness of spacing occurs on many 
levels, from the smallest element (the 
beat} to the largest (the score or book). 
The desired effect is that the notation and 
layout will immediately convey the 
musical intent. Ultimately, any score 
should look accessible regardless of the 
level of difficulty. 


PROPORTIONAL SPACING 


The concept of proportional spacing takes into 
consideration the mathematical spacing of a 
beat, measure and system, in relation to the 
density of activity (the number of notes per 
beat, measure and system). 


With proportional spacing, a half note, for 
example, must get more space than a quarter 
note, but not twice as much. 


SPACING WITHIN THE MEASURE 


Notes are spaced within the measure according to 
a compromise between two extremes: 


1) Space given according to note-value (for 
example, a half note getting twice as much space 
as a quarter note). 


2) Equal spacing given to each note. 


Compare the normal (proportional) spacing with 
the two extreme examples. 


Normal spacitg—proportional 


—_ 


KL Los 
' Spaced according to note-value—mathematical 
Wrong: each note spaced equally 


*Make sure that consecutive notes of equal value 
have equal space following each note. 


$$ C—O 


Spacing 


MEASURES WITHIN THE STAFF 


The size of the measure within the staff is 
determined according to a compromise 
between two extremes: 

1} Equal space for each measure. 

2) Measure size based on note density 
only. 


Norntal spacing of measures 


SS 























Wrong: spaced ecards io negual: measure Size 


== = 


Wrong: spaced according to measure density only 


-—- aS 









































VERTICAL SPACING 
Between staves 


Musical elements (notes on leger lines, 
articulations, slurs, pedal marks) projecting 
beyond a staff should never conflict with the 
elements of another staff or system. There should 
be enough space allowed for ease of reading. 


Inside systems 


On the other hand, the staves of a system should 
not be too far apart. This is especially important 
for a system that is to be read by one performer— 
a keyboard player, for example. The eye should 
not have to jump too far from one staff to the 
other, in order to read notes for the right and left 
hand simultaneously. 


The most common misjudgment is to place staves 
(or systems) exactly the same distance from one 
another without adjusting to compensate for the 
projecting musical elements. 


Between systems 


More space should be be provided between 
systems than between the staves of the systems. 


The spacing between systems should be 
balanced, with the page margins and the number 
of systems on the page in mind. If the page is 
dense, the systems will be closer to each other 


a = 
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and to the minimum vettical margins, while 
allowing enough distance between systems to 
distinguish one from another. If the page is 
sparse, the upper and lower page margins could 
be larger. 


GENERAL PAGE LAYOUT 
Page numbers 


The position of the page number in relation to 
the page edges should never change, regardless 
of page spacing. Printers can use the page 
number as a guide for positioning the image area 
on the page. 


If page numbers are placed to the left and right, as 
is usual, even numbers are always to the left, odd 
numbers always to the right. Page numbers may 
be centered, but this is not the usual practice. 
Centered page numbers interfere more with the 
music and text. 


Page numbers should be positioned no closer than 
1/4 inch from the top (or bottom) of the page edge. 


Title page 

The title, credits, copyright and any accom- 
panying text can be vertically adjusted to 
accommodate a loosely spaced page or a tightly 
spaced page. Such type should always be well 
placed, considering the space allowed. 


Facing pages 

Facing pages should look good together. As 
much as possible, they should have a balanced 
look (notes on a system, number of systems, 
white space, etc.). The vertical page margins 
should be the same if at all possible. 


Page turns 


It is very important to lay out the measures and 
systems in a manner that will allow a good page 
turn. Having rests in the last measure before the 
page turn is the most desirable. Second to rests 
would be perhaps a whole note (that could be 
held with the pedal) or a sparse measure— 
anything that would allow a hand to be free to 
turn the page. 

Try to minimize the number of page turns by 


adjusting the amount of music on the page or by 
changing the sequence of pieces. 


a SSsSsSsSSSSSSSSSSssse—C 


Spacing 
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Book layout 


Calculating the number of pages needed 
or what will work in the allowed number 
of pages is crucial to an appealing layout. 


Ifa book contains many short pieces and 
a particular order is not important {or 
can be adjusted slightly}, there are several 
things that can be done to make a good 
layout. 


Often a piece can be condensed or expanded to 
offer choice page turns and good facing pages. 


Consider reordering the pieces to minimize the 
number of page turns. Group pieces with an odd 
number of pages together so that the ones with an 
even number of pages can have facing pages. 


A poorly placed piece at the beginning of a book 
can throw off the facing pages for the rest of the 
book. 


Backing up 


Expect to go back and adjust various elements 
(page turns, systems, staves, Measures or notes 
within a measure) when planning a layout fora 
book. A change in the order of pieces and the 
number of pages might create density problems 
on other pages. 


The part must be considered with the whole and the 
whole considered with the part. 


White space 


With experience comes the appreciation of white 
space on a page or within a book. There is 
nothing more daunting than overwhelming 
density. The eye should be guided from note to 
note, measure to measure, staff to staff and page 
to page with a minimum of surprises. Ifa 
performer must stop playing in order to 
understand the notation, or loses his place 
because of poor placement, the notation and 
layout are not successful. 


Staccato See Articulations 








The staff commonly consists of five lines. 


The staff line weight should be thick 
enough to be clearly legible but thin 
enough for the notes of the staff to be 
easily read. 


A staff line will be thicker than stem lines 
and equal to (or thinner than) barlines. 


If a note is on the line, the line will always 
run through the center of the notehead, 
regardless of the note value. 


Anotehead in a space is always clearly 
positioned between the two staff lines. 


A one-line staff is used for non-pitched 
percussion. 


Leger lines extend the range of the staff. 


leger lines - -- 


leger lines © @ 


Barlines divide the staff into measures. 


A clef placed on a five-line staff determines 
the pitches for each line and space. 


atiddle C middle C middle C 





A key signature determines the key of the 
music notated on the staff. 


Two or more staves grouped together 
(with a systemic barline) form a system. 


A bracket groups staves into 
systems or parts of systems. 
{See Bracket) 


A brace groups staves into a grand 
staff. (See Brace) 


Some examples of systents: 


arand staff == 
= 








= a 
"bracket 
= 


The first system (or staff} of music is 
usually indented about !/2 inch. 





Stems 137 
OT 


Stems are thinner than staff lines and 
barlines. 


STEM LENGTH 


The normal stem length is 3!/2 spaces 
(one octave}. 


one octave ; = 


With leger lines 





When a note extends beyond one leger 
line, the stem must touch the middle 
staff line. 





When parts share a staff 


Up-stem notes above the middle line are 
shorter than normal. Traditionally, their 
stem length is relative to surrounding 
notes, getting progressively shorter as the 
notes go higher, The shortest stem length 
is 2!/2 spaces (interval of a 6th). 


2!72 spaces (a 6th) 





ee 


normal length (3'/2 spaces—one octave} 


For the computer, a setting should be chosen 
that works well for most situations. 


Down-stem notes below the middle line 
follow the same guidelines as the above. 
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With the interval of a 2nd 


The stem is always placed between the 
two notes of an interval of a 2nd, with the 
upper note always to the right, the lower 
note always to the left. 





STEM DIRECTION 


For notes on the middle line and above, 
the stem is down. 


For notes below the middle line, the stem 
is up. 


When sharing a staff 
Notes have opposite stem direction when 
sharing a staff. (Stems in the “wrong 
direction” will have shorter stems, as 
previously mentioned.) 





When notes share a stem 
If the note above is farther from the 
middle line than the note below, the stem 
goes down. 


If the note below is farther from the 
middle line, the stem goes up. 


stem down 
farther farther 
from from 
middle middle ° 


stem up 
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When the two notes are an equal distance 
from the middle line, the preferred 
direction is down. 


equal : 
distance ; 


stem preferred 
down 


If a pattern of stem direction is 
established, stem direction is sometimes 
maintained when the notes are an equal 
distance from the middle. (This practice is 
all but obsolete.) 


The same rules apply to more than two 
notes sharing astem. The distance of the 
OUTER NOTES from the middle line 
determines stem direction, 


When the outer notes are an equal 
distance from the middle line and the 
majority of notes are above the middle 
line, the stem goes down. 


majorily - 
of Holes”. 


stem down 


When the outer notes are an equal 
distance from the middle line and the 
majority of notes are below the middle 
line, the stem goes up. 


Stem up 


majority 
of notes 


For beamed groups 


Simple rules for stemming of single notes 
and chords apply to beamed groups when 
possible (for example, if all notes in a 
beamed grouping are on or above the 
middle line of the staff, stems are down). 
(See Beams) 


—_ AAA CO 
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Tablature does NOT indicate rhythmic 
values; therefore, a five-line staff using 
Two or more staves grouped together standard notation is placed above the 
, tablature staff. 
(with a systemic barline) form a system. 















































A bracket groups staves into systems or standard notation 
parts of systems. {See Bracket} on top staff __ chord 
ts : i a” symbols 
A brace groups staves into a grand staff. y Am7 Em? Dm7 
(See Brace and Grand staff} 
Some examples of systems: nts: t 
sustemic — 
barline 
grand staff x ay 
== — g——5—_ 481 
[As 5—__3—_ 1 
—— CB 5 F 5 
i = oe * 
-——— “TAB 
= *% — replaces clef 
brace il 
*® . - ( ae 
- bracket . 
= A systemic barline connects the two 
—— staves together. Measure barlines are 
: broken. 
(See Barlines) 


Chord symbols (when appropriate) are 


The first system of music is usually often added above the top staff. 

indented about !/2 inch. Picking or fingering techniques notated 
on the top staff are repeated on the 
tablature staff. 


Tebltve - 





Tablature is a system of notation that 
graphically represents the strings and 
frets of a stringed instrument (such as 
guitar). 























The letters “TAB” are placed where a clef ~ 
would normally be. The only function of 
these letters is to identify the staff as being 


tablature. rs be Every note on the top staff must have a 


pee tat , corresponding finger number on the 
Each note is indicated by placing the fret tablature staff—tied notes are in 


number on the appropriate string. parentheses. 








ist string, |Oth fret 
2nd string. 10th fret 


\ 
& 





1] ~ played together 7 


3 x 


Gm 











oe 4 
4th string, 5th fret an open G chord a 
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Tablature may consist of four lines (for WITH METRONOME MARKS 
electric bass and mandolin) or five lines 


(five-string banjo) The tempo mark may be more precisely 


indicated with the addition of a 


The notation for guitar tablature outlined metronoiie mark. 
on the previous pages applies to all tab- = ; 
lature, regardless of the number of strings. The metronome mark may be specific, a 


tempo range or general, The type is 
slightly smaller than that of the tempo and 
Electric bass is usually enclosed in parentheses. The 


_ note is cue size or smaller. 
Ist string, open 4, 


° 1 2 Allegro con moto (d = 144) 
—o 2 —_2—9 1 
A o—— 2 Allegro con moto (4 = 132-144) 
‘* 


Allegro con moto (0 = ca. 144) 























. d 
4th string, 3rd fret TEMPO VARIATIONS 


If the tempo is varied by the use of 
markings such as ritardando, rallentando or 




















Five-string banjo accelerando, the term a tempo is placed at 
© ie - the point where the tempo is reinstated. 
c= 3 The type will be bold italic. 
--8- [ 

8 € 1 7 If the tempo changes, and then returns to 

Eis = ° the original tempo later in the piece, the 
acl oe term Tempo I is indicated above the staff. 

The type will be bold Roman. 
Tempo marks 

Tempo marks indicating the rate of speed ~- See Articulations 


may be followed by an expression mark 
and/or metronome mark. 
The left edge of the tempo mark is 


vertically aligned to the left edge 2 . 
of the time signature. A tie connects two consecutive notes of 


The typeis bold Roman. ~ — the same pitch, extending the duration of 
the first note to include the second. {The 
second note does not have its own 

- = attack.) 





¢ 


Allegro 


The shape of a tie is somewhat similar 

Me... to a slur, but the placement, positioning 
and use of ties and slurs are different; the 
two should not be confused. 


WITH EXPRESSION MARKS = BEGINNING AND ENDING 


Tempo marks are often accompanied by Begin and end on the same horizontal 
an indication of expression; however, level, 
expression marks should never replace cS 


tempo marks. mie 


Picco con brie ‘o Ste * gaher Sah ass ‘ 





Slowly, with much emotion 


fag 


Begin to the right of the notehead. 
End to the left of the next notehead. 
The tie does not touch the noteheads. 


begin 
oO © 
4 
end 


AVOID AUGMENTATION DOTS 


Ties should never collide with augmenta- 
tion dots. Begin the tie to the right of an 
augmentation dot. 


' 
© Oo 


PLACEMENT ON THE STAFF 


Avoid touching staff lines. 
Place the center of the curve in a “space.” 


a © ae © 
a 0 SE © 


Ends of ties may cross staff lines—it is 
better to cross even slightly, than to just 
touch a staff line. 
| 
oe See fee 
a) eT | 


Adjust curve for longer ties. 
Raise or lower the center of the curve to 
the next space. 


2 
ee ea 


DIRECTION ON THE STAFF 


Curve ties opposite of stem direction. 
Stem down—curve above notehead. 
Stem up—curve below notehead. 


f 


== 


q 


Ties on whole notes are treated as if the 
whole notes had stems. 


For mixed stem direction, the tie is always 
placed above. 


: 





SHARING THE SAME STAFF 


For two parts, place ties above for the 
upper part, below for the lower part. 





For two sets of parts, place ties above for 
the upper two parts, below for the lower 
two parts. 





MULTIPLE TIED NOTES 


When more than two notes are tied, ties 
must be added from note to note. 





WRAPPING FROM STAFF TO STAFF 


Align end of tie with end of staff. 


oC 


i 


Continue tie in the lower staff 
immediately after the key signature 
(or clef). 


Beginning and ending points always 
remain on the same horizontal level. 





DIRECTION OF TIES FOR CHORDS 


Highest note—tie is above. 





Notes between highest and lowest—on the 
middle line and above, ties are above. 


—_ 








For intervals of a 2nd, ties will be in 
opposite directions whenever possible. 


If some notes are not tied within the 
chords, the uppermost tied note has the tie 
above; the lowermost tied note has the tie 
below. 


fop tie up A 


i 
¥ bottom tie down 


ALIGNMENT OF TIE ENDS 
Align ends of ties within a chord. 





Tie ends for intervals of a 2nd should be 
adjusted if possible. 





ADJUSTMENT OF TIES 


Whenever possible, maintain the curve of 
atie in uncommon situations. It should 


look like a tie, not a slur. 





In this instance it is better to have the 
top tie curved up even though itisa part ~— 
of the lower voice. 


If a time signature interrupts a tie, break 
the tie to avoid colliding with the time 


signature. 


SS 


BROKEN (DASHED) TIES 


Ties using a broken line instead ofa solid 
one are often used to accommodate lyrics 


for multiple verses. 


¥ 


When will you be there for 
No - where have | seen 


TIES IN MEASURED ARPEGGIOS 


Although traditionally considered incorrect, 


ties are sometimes extended to the 


unbroken chord to avoid a cluttered look. 


Traditional 





f 
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Time signatures indicate the meter for a 
measure(s) or an entire piece. 





Since meter is so closely connected with 
the proper use of ties, rests, beams and 
syncopated rhythms, the correct time 
signature must be chosen. 


The upper number indicates the number 
of beats per measure. 


The lower number indicates the note that 
gets one beat (2 = half note, 4 = quarter 
note, 8 = eighth note, 16 = sixteenth note, 
etc.). 


All measures after a time signature will be 
in the same meter until a new time 
signature is indicated. 


PLACEMENT 


The upper number is always placed 
between the top line and the middle line 
of the staff. 


The lower number is always placed 
between the middle line and the bottom 
line of the staff. 


r 


For a single-line staff, the line intersects 
the two numbers. 


The time signature is indicated after the 
clef and key signature. 


ivf 
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a | 
ah aoa are ara Are mutremolo 
Time signatures may change from 
measure to measure, applying to all A tremolo may be on one note, or 
measures until the next time signature - between two or more notes. It may be 
change. A change in time signature measured (a clear subdivision) or 
alvsys appears SFTER a Perine: unmeasured (as fast as possible). 
’ : ae ON ONE NOTE 


Measured tremolo 
ee A short slanted line, ascending from left to 


right, through the stem of a note indicates 
that a note is to be subdivided. 


If the time signature changes at the begin- =— — - Each line placed on the stem indicates the 
ning of a line, a courtesy time signature is rhythmic value of the tremolo. 

added at the end of the previous staff, after 

the last barline. The new time signature = 
appears after the clef (and key signature, if 
any) on the next staff. 


For instance, one line will indicate eighth 
notes, 
two lines—sixteenth notes. 


courtesy 
linte signature % ~ - — = ===== 


In string music, a measured tremolo is 
sometimes indicated by placing divisi dots 
above the note, in addition to the slashes 
through the stem. 





The following illustrates the positioning of 
the clef, key signature and time signature if 
all three change simultaneously. 
The divisi dots precisely indicate the 
(double barline is added for divisions per note. The slashes through 
a oO the stem indicate the rhythmic value. 


=== 
3 
COMPOSITE METER (See Meter} . == - aae==2 


ALTERNATING METER (See Meter) 
ee 
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Unmeasured tremolo With such a subdivision of the tremolo, 
7 each note equals the total rhythmic value 


An unmeasured tremolo (on one note) is 
indicated by placing three lines through 
the stem and adding the abbreviation trem. unmeasured whole-note tremolo (traditional stule) 
above the note. (If placed on a beamed - 

note, the beam counts as one of the lines.) ————— 
Most often seen in notation for strings, — 

percussion and fretted instruments. =e tS 


of the tremolo. 


modern style 





trem. 


trem. = trem. 


In the previous example, a complete 
measure of tremolo in 4 time consists of 


Tremolo lines on whole notes are two sets of half notes beamed together. 
traditionally indicated above or below the 

note (positioned as if there were a stem, a INTERVAL / CHORD TREMOLO 

but centered on the notehead). For some instruments, a tremolo is possi- 


ble between two, three or more notes. 


traditional style - 


Modern style breaks the whole note into 


through the stems as usual. <2 
The abbreviation & indicates a trill. 








modern style = 


The @ is always placed above the note, 
= regardiess of stem direction (unless two 
parts share a staff). 
vot 


ON MORE THAN ONE NOTE ~~ =——— 
When a tremolo is indicated between two 


(or more) different pitches, the notes are 


connected with a beam, with incomplete Each trilled note must have its own trill 
beams placed between to indicate the symbol. 
rhythmic value. : 7 
ae “eS 
ror ir ¢ 


=. A wavy line may be indicated after the ¢, 
especially if the trill is extended. 
fran 
—————= 





Stems are lengthened to — 
accommodate added beams. 


Wm SO 
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= —_- i... — =. 


If the trill extends over two or more notes, 
the wavy line continues to the end of the _ 
notehead of the last note affected by the trill. 


end just after, 
nolehead j 


If the wavy line extends over consecutive 
notes of the same pitch but without ties, 
the notes are to be clearly articulated. 


tf 


it} iit 
et 











ve 


When two parts share a staff, the trill for 
the lower part is placed below the note. 














When the upper note of a trill is altered 

from the diatonic scale, a small accidental 

is used with the trill sign. The accidentalis — 
placed after the trill sign but before the 

wavy line (if used.) 


tar ~ 


{= 


The accidental may also appear above the 
trill sign. 


A cue-size notehead is sometimes used. 


fr 


== = 
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TO 


Terminations can be indicated by cue-size 
7 or full-size notes. 





_ termination 


Triplet See Tuplets 


Rhythmic groupings of notes that are 
NOT metric groupings are known as 
tuplets. 






Duplets, triplets, quadruplets, quintuplets, 
sextuplets and septuplets are all examples of 
vs tuplets, 


TUPLET NUMERALS 


The numeral is larger than a finger 

number and is distinctly italic, 

preferably bold italic. (See Fingerings {for 
keyboard) 


-- For beamed tuplets, the numeral is 
preferred on the beam side, centered. 


~ 3 


| IT: 


De not use a tuplet slur with the 
numeral. This is an obsolete 

= practice and causes confusion 
between normal slurs and tuplet 
slurs, 


Place the tuplet numeral outside the staff 
whenever possible. 


If placed within the staff, the numeral 
must be clearly positioned, avoiding staff 
lines as much as possible. 


$$ —________________________ 


156 Tuplets Tuplets 157 


xz = & « °@&« °@&°°°©°. ©. eel 

The numeral remains placed with the If the tuplet numeral is moved to the 
beam, whatever the stem direction. : notehead side of a beamed tuplet (for 

example, to avoid fingerings), add a 

—» 3 bracket for clarity. 
2 The bracket is placed at the same angle as 
the beam. 
je 3 
2 eo 4.85 be 
_angle aa 
When parts share a staff, the numeral is wets : 
placed normally (beam/stem side). ay 
— 8 
oo 4 Lo fe 


When placing a bracket with unbeamed 
notes, the bracket angle can vary. 


After a pattern of tuplets has been ——— 


established, the numeral may be omitted. 
Simile may also be used for clarity. 


BRACKETS AND UNEQUAL VALUES 


Por unequal rhythmic values within the 


TUPLET BRACKETS es tuplet group, the bracket must include all 
If the tuplet is not beamed, a bracket is notes of the group. 
added and the numeral is centered within The numeral remains centered 
the bracket. z within the bracket. 
The bracket always begins flush left with 
the notehead and ends flush right with t 
the notehead, whether on the notehead or : 
stem side. - _ 4 
' The tuplet unit is clearly seen if the 
_—3 aa oe bracket extends to include the 
4 7 tereq ign Fight 4 entire allotted space for the tuplet 
align left 5 eennIE (as in the first tuplet below). 


~~ The bracket does not extend to include 
the flag (as shown in the 
second tuplet). 


The bracket is broken to accommodate 
the number; the ends are always vertical. 


break bracket ene ae 4 


¥ ra 
“awe | Oy ad 
ends are vertical | a 


ee 
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Lg LB 


WITH RESTS Short slurs may be considered articulations. 


The bracket extends to include rests. 


f———~3 —_ DETERMINING NOTE VALUE 


Ss A tuplet may occupy a beat, a pulse, a 


portion of a beat or pulse, or an entire 


Although the bracket is preferred, an mS measure. 
ee nein : aa teunelude To determine the rhythmic value of a 


tuplet that occupies one beat, subdivide 

the beat metrically as many times as you 

can without exceeding the number of 

notes in the tuplet. The note value of the 

3 , tupiet will be equal to the note value of 
that metric subdivision. 


3 3 


WITH FINGERINGS : In the example below, if each beat were 


subdivided further, it would have more 
notes than the tuplet; therefore the tuplet 
notes are sixteenth notes. 


It is advised to move the tuplet figure to 
avoid confusion with finger numbers. 


finger numbers 5 


Son ca } 


subdivision of each beat (4 sixteenth notes) 


* e & * * ca a e 


p—- 3 tuplet numeral 


Pm. g ~a-—— tuplet numeral 
3 P 5 
each tuplet occupies one beat 


—-e | 3 
i hers 5 asia : 
finger numbe Use the same principle to determine the 


note value of tuplets that occupy an entire 
measure (or another unit of a measure). 


WITH ARTICULATIONS - -- 
subdivision of the measure (4 eighth notes) 
If the bracket must be placed on the same jcuAEERENNGRE Ln Mie Te Nee 
side as articulations, the bracketis placed * * . « 
outside articulations. B| 


tress 
= 3 x o 
he o> = fe = = — 


tuplets occupying an entire measure 


es = == | 


©) -4 : 
hy SWR Indicator for QRP, 


fa + 


a ee 2 ee |) LO oa 


Simple SWR Indicator for QRP 
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subdivision of the measure (12 sixteenth notes) 








* 


e cal . ° al 


a SEU VeDEEEbeiemenSneepiereaipanam 
pummnoveveveesevverenrvee (otrreerrstataocd 
* ” * * * a 


tuplets occupying an entire measure 


13 


Duplets are the only exception to the 
previous rule deciding tuplet rhythmic 


value. 


Duplets are equal in rhythmic value to the 


beat {not to be confused with pulse). 


Duplets only occur in compound meter. 


subdivision of the PULSE 
(3 eighth notes) 


Duplets 2 
HORIZONTAL SPACING 


A tuplet is spaced mathematically, as 
proper spacing dictates—not aligned 
with the metric rhythm. 


X notehead 





subdivision of the PULSE 
(6 sixteenth nates} 


luplet occupying one pulse 
(entire measure] 


See Lyric 


See Notes 
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The concept of distance is a basic one in the whole human experience. In everyday 
life, it usually means some degree of closeness of two physical objects or ideas, i.e., 
length, time interval, gap, rank difference, coolness, or remoteness, while the term 
metric is often used as a standard for a measurement. 

But here we consider, except for the last two chapters, the mathematical meaning 
of those terms which is an abstraction of measurement. The mathematical notions 
of distance metric (i.e., a function d(x, y) from X x X to the set of real numbers 
satisfying to d(x,y) => O with equality only for x = y, d(x,y) = d(y,x), and 
d(x,y) < d(x,z) + d(z,y)) and of metric space (X,d) were originated a century 
ago by M. Fréchet (1906) and F. Hausdorff (1914) as a special case of an infinite 
topological space. The triangle inequality above appears already in Euclid. The 
infinite metric spaces are usually seen as a generalization of the metric |x — y| on 
the real numbers. Their main classes are the measurable spaces (add measure) and 
Banach spaces (add norm and completeness). 

However, starting from K. Menger (who, in 1928, introduced metric spaces in 
geometry) and L.M. Blumenthal (1953), an explosion of interest in both finite and 
infinite metric spaces occurred. Another trend is that many mathematical theories, 
in the process of their generalization, settled on the level of metric space. It is 
an ongoing process, for example, for Riemannian geometry, real analysis, and 
approximation theory. 

Distance metrics and distances have become now an essential tool in many 
areas of mathematics and its applications including geometry, probability, statis- 
tics, coding/graph theory, clustering, data analysis, pattern recognition, networks, 
engineering, computer graphics/vision, astronomy, cosmology, molecular biology, 
and many other areas of science. Devising the most suitable distance metrics and 
similarities, in order to quantify the proximity between objects, has become a 
standard task for many researchers. Especially intense ongoing search for such 
distances occurs, for example, in computational biology, image analysis, speech 
recognition, and information retrieval. 

Often the same distance metric appears independently in several different areas, 
for example, the edit distance between words, the evolutionary distance in biology, 


XV 
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the Levenshtein metric in coding theory, and the Hamming+Gap or shuffle- 
Hamming distance. 

This body of knowledge has become too big and disparate to operate within. 
The number of worldwide web entries offered by Google on the topics “distance,” 
“metric space,” and “distance metric” is about 216, 3, and 9 million, respectively, not 
to mention all the printed information outside the web, or the vast “invisible web” 
of searchable databases. About 15,000 books on Amazon.com contain “distance” in 
their titles. However, this huge information on distances is too scattered: the works 
evaluating distance from some list usually treat very specific areas and are hardly 
accessible for nonexperts. 

Therefore many researchers, including us, keep and cherish a collection of 
distances for use in their areas of science. In view of the growing general need 
for an accessible interdisciplinary source for a vast multitude of researchers, we 
have expanded our private collection into this dictionary. Some additional material 
was reworked from various encyclopedias, especially Encyclopedia of Mathematics 
([EM98]), MathWorld ([Weis99]), PlanetMath ({PM]), and Wikipedia ([WFE]). 
However, the majority of distances are extracted directly from specialist literature. 

Besides distances themselves, we collected here many distance-related notions 
(especially in Chap. 1) and paradigms, enabling people from applications to get 
those (arcane for nonspecialists) research tools, in ready-to-use fashion. This and the 
appearance of some distances in different contexts can be a source of new research. 

In the time when overspecialization and terminology fences isolate researchers, 
this dictionary tries to be “centripetal” and “ecumenical,” providing some access 
and altitude of vision but without taking the route of scientific vulgarization. This 
attempted balance defined the structure and style of the dictionary. 

This reference book is a specialized encyclopedic dictionary organized by subject 
area. It is divided into 29 chapters grouped into 7 parts of about the same length. 
The titles of the parts are purposely approximative: they just allow a reader to figure 
out her/his area of interest and competence. For example, Parts II, II, IV, and V 
require some culture in, respectively, pure and applied mathematics. Part VII can be 
read by a layman. 

The chapters are thematic lists, by areas of mathematics or applications, which 
can be read independently. When necessary, a chapter or a section starts with a short 
introduction: a field trip with the main concepts. Besides these introductions, the 
main properties and uses of distances are given, within items, only exceptionally. We 
also tried, when it was easy, to trace distances to their originator(s), but the proposed 
extensive bibliography has a less general ambition: just to provide convenient 
sources for a quick search. 

Each chapter consists of items ordered in a way that hints of connections between 
them. All item titles and (with majuscules only for proper nouns) selected key terms 
can be traced in the large subject index; they are boldfaced unless the meaning is 
clear from the context. So, the definitions are easy to locate, by subject, in chapters 
and/or, by alphabetic order, in the subject index. 
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The introductions and definitions are reader-friendly and maximally independent 
each from another; still they are interconnected, in the 3D HTML manner, by 
hyperlink-like boldfaced references to similar definitions. 

Many nice curiosities appear in this “Who Is Who” of distances. Examples of 
such sundry terms are ubiquitous Euclidean distance (“‘as-the-crow-flies’”), flower- 
shop metric (shortest way between two points, visiting a “flower-shop” point first), 
knight-move metric on a chessboard, Gordian distance of knots, Earth mover’s 
distance, biotope distance, Procrustes distance, lift metric, post office metric, 
Internet hop metric, WWW hyperlink quasi-metric, Moscow metric, and dogkeeper 
distance. 

Besides abstract distances, the distances having physical meaning appear also 
(especially in Part VI); they range from 1.6 x 10~* m (Planck length) to 8.8 x 107° m 
(the estimated size of the observable Universe, about 5.4 x 10°! Planck lengths). 

The number of distance metrics is infinite, and therefore our dictionary cannot 
enumerate all of them. But we were inspired by several successful thematic 
dictionaries on other infinite lists, for example, on numbers, integer sequences, 
inequalities, and random processes, and by atlases of functions, groups, fullerenes, 
etc. On the other hand, the large scope often forced us to switch to the mode of 
laconic tutorial. 

The target audience consists of all researchers working on some measuring 
schemes and, to a certain degree, students and a part of the general public interested 
in science. 

We tried to address all scientific uses of the notion of distance. But some 
distances did not made it to this dictionary due to space limitations (being too 
specific and/or complex) or our oversight. In general, the size/interdisciplinarity cut- 
off, i.e., decision where to stop, was our main headache. We would be grateful to 
the readers who will send us their favorite distances missed here. 
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Mathematics of Distances 
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Fig. 3. Layout of the rectifier prototype, printed on RO3206. w, = 72 mil, 
wa = 15 mil, and L; = 171 mil. Fabricated sample is shown in top left, and 
the impedance matching stub is encircled. 
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Chapter 1 
General Definitions 


1.1. Basic Definitions 


Distance 

A distance space (X, d) is a set X (carrier) equipped with a distance d. 

A function d : X x X — R is called a distance (or dissimilarity) on X if, for 
all x, y € X, it holds: 


1. d(x, y) = 0 (nonnegativity); 
2. d(x, y) = d(y, x) (symmetry); 
3. d(x, x) = 0 (reflexivity). 


In Topology, a distance with d(x,y) = 0 implying x = y is called a 
symmetric. 

For any distance d, the function D, defined for x # y by Di (x, y) = d(x, y)+c, 
where c = max, zex(d(x, y) — d(x, z) — d(y, z)), and D(x, x) = 0, is a metric. 
Also, D2(x, y) = d(x, y)* is a metric for sufficiently small c > 0. 

The function D3(x,y) = inf )°,d(z;, zi41), where the infimum is taken over 


all sequences x = Z,...,Z,+1 = y, 1s the path semimetric of the complete 
weighted graph on X, where, for any x, y € X, the weight of edge xy is d(x, y). 
Similarity 


Let X be a set. A function s : X x X — R is called a similarity on X if s is 
nonnegative, symmetric and the inequality 


S(x,y) S s(x, x) 


holds for all x, y € X, with equality if and only if x = y. 

The main transforms used to obtain a distance (dissimilarity) d from a 
similarity s bounded by | from above are: d = 1—s,d = ae d=v1-s, 
d= /2(1—s?), d = arccoss, d = —Ins (cf. Chap. 4). 
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Semimetric 
Let X be a set. A function d : X x X — R is called a semimetric on X if d is 
nonnegative, symmetric, reflexive (d(x, x) = 0 for x € X) and it holds 


d(x, y) < d(x, z) + d(z,y) 


for all x, y,z € X (triangle inequality or, sometimes, triangular inequality). 

In Topology, it is called a pseudo-metric (or, rarely, semidistance, gauge), 
while the term semimetric is sometimes used for a symmetric (a distance d(x, y) 
with d(x, y) = 0 only if x = y); cf. symmetrizable space in Chap. 2. 

For a semimetric d, the triangle inequality is equivalent, for each fixed n > 4 
and all x, y,Z1,...,Z,—2 € X, to the following n-gon inequality 


d(x, y) < d(x, 21) + d(zi, Z2) + +++ + d(Z:-2, y). 


Equivalent rectangle inequality is |d(x, y) — d(z1, z2)| < d(x, z1) + +d, 2). 

For a semimetric d on X, define an equivalence relation, called metric 
identification, by x ~ y if d(x,y) = 0; equivalent points are equidistant 
from all other points. Let [x] denote the equivalence class containing x; then 
D({x], [y]) = d(x, y) is a metric on the set {[x] : x € X} of equivalence classes. 
Metric 

Let X be a set. A function d : X x X — R is called a metric on X if, for all 
x,y,z €X, it holds: 


. d(x, y) = 0 (nonnegativity); 

. d(x, y) = O if and only if x = y (identity of indiscernibles); 
. d(x, y) = d(y, x) (symmetry); 

. d(x, y) < d(x, z) + d(z, y) (triangle inequality). 


BRWN re 


In fact, the above condition 1. follows from above 2., 3. and 4. 

If 2. is dropped, then d is called (Bukatin, 2002) relaxed semimetric. If 2. is 
weakened to “d(x, x) = d(x, y) = d(y, y) implies x = y”, then d is called relaxed 
metric. A partial metric is a partial semimetric, which is a relaxed metric. 

If above 2. is weakened to “d(x, y) = 0 implies x = y’”, then d is called 
(Amini-Harandi, 2012) metric-like function. Any partial metric is metric-like. 
Metric space 

A metric space (X, d) is a set X equipped with a metric d. 

It is called a metric frame (or metric scheme, integral) if d is integer-valued. 

A pointed metric space (or rooted metric space) (X,d, xo) is a metric space 
(X, d) with a selected base point xo € X. 

Extended metric 

An extended metric is a generalization of the notion of metric: the value oo 
is allowed for a metric d. 

Quasi-distance 

Let X be a set. A function d : X x X — R is called a quasi-distance on X if d 
is nonnegative, and d(x, x) = 0 holds for all x € X. It is also called a premetric 
or prametric in Topology and a divergence in Probability. 
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If a quasi-distance d satisfies the strong triangle inequality d(x,y) < 
d(x, z) + d(y, z), then (Lindenbaum, 1926) it is symmetric and so, a semimetric. 
A quasi-semimetric d is a semimetric if and only if (Weiss, 2012) it satisfies the 
full triangle inequality |d(x, z) — d(z, y)| < d(x, z) < d(x, z) + d(z, y). 

The distance/metric notions are usually named as weakenings or modifica- 
tions of the fundamental notion of metric, using various prefixes and modifiers. 
But, perhaps, extended (i.e., the value oo is allowed) semimetric and quasi- 
semimetric should be (as suggested in Lawvere, 2002) used as the basic terms, 
since, together with their short mappings, they are best behaved of the metric 
space categories. 

Quasi-semimetric 

A function d : X x X — R is called a quasi-semimetric (or hemimetric, 
ostensible metric) on X if d(x,x) = 0, d(x, y) = 0 and the oriented triangle 
inequality 


d(x, y) < d(x,z) + d(z,y) 


holds for all x, y,z € X. The set X can be partially ordered by the specialization 
order: x < y if and only if d(x, y) = 0. 

A weak quasi-metric is a quasi-semimetric d on X with weak symmetry, i.e., 
for all x, y € X the equality d(x, y) = 0 implies d(y, x) = 0. 

An Albert quasi-metric is a quasi-semimetric d on X with weak definiteness, 
ie., for all x, y € X the equality d(x, y) = d(y, x) = 0 implies x = y. 

Both, weak and Albert, quasi-metric, is a usual quasi-metric. 

Any pre-order (X, <) (satisfying for all x,y,z © X, x ~ x and if x < y and 
y < z then x < z) can be viewed as a pre-order extended quasi-semimetric 
(X, d) by defining d(x, y) = 0 if x ~ y and d(x, y) = ov, otherwise. 

A weightable quasi-semimetric is a quasi-semimetric d on X with relaxed 
symmetry, i.e., for all x,y,z € X 


d(x, y) + d(y,z) + d(z, x) = d(x, z) + d(z,y) + dQ, x), 


holds or, equivalently, there exists a weight function w(x) € R on X with 
d(x, y) — d(y,x) = w(y) — w(x) for all x,y € X (ie., d(x, y) + 5 (w(x) — w(y)) 
is a semimetric). If d is a weightable quasi-semimetric, then d(x, y) + w(x) is a 
partial semimetric (moreover, a partial metric if d is an Albert quasi-metric). 
Partial metric 

Let X be a set. A nonnegative symmetric function p : X x X > Ris called a 
partial metric ({[Matt92]) if, for all x, y, z € X, it holds: 


1. p(x, x) < p(x, y), ie., every self-distance (or extent) p(x, x) is small; 
2. x = yif p(x) = p(x, y) = pv. y) = 0 (To separation axiom); 
3. p(x, y) < p@, z) + p(z, y) — p(z, Z) (sharp triangle inequality). 


The 1-st above condition means that p is a forward resemblance, cf. Chap. 3. 
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If the 2-nd above condition is dropped, the function p is called a partial 
semimetric. The nonnegative function p is a partial semimetric if and only if 
P(x, y) — p(x, x) is a weightable quasi-semimetric with w(x) = p(x, x). 

If the 1-st above condition is also dropped, the function p is called (Heckmann, 
1999) a weak partial semimetric. The nonnegative function p is a weak partial 
semimetric if and only if 2p(x, y) — p(x, x) — p(y, y) is a semimetric. 

Sometimes, the term partial metric is used when a metric d(x, y) is defined 
only on a subset of the set of all pairs x, y of points. 

Protometric 

A function p : X x X — Ris called a protometric if, for all (equivalently, for 

all different) x, y, z € X, the sharp triangle inequality holds: 


P(x, y) < p(x, z) + p(z. y) — plz, 2). 


For finite X, the matrix (( p(x, y))) is (Burkard et al., 1996) weak Monge array. 

A strong protometric is a protometric p with p(x, x) = 0 for all x € X. Such 
a protometric is exactly a quasi-semimetric, but with the condition p(x, y) > 0 
(for any x, y € X) being relaxed to p(x, y) + p(y, x) = 0. 

A partial semimetric is a symmetric protometric (i.e., p(x, y) = p(y,x) 
with p(x,y) => p(x,x) => 0 for all x,y € X.) An example of a nonpositive 
symmetric protometric is given by p(x, y) = —(*.y)x) = + (d(x, y) — d(x, x9) — 
d(y, Yo)), where (X,d) is a metric space with a fixed base point x» € X; see 
Gromov product similarity (x.y),, and, in Chap. 4, Farris transform metric 
C — (XY) xo. 

A 0-protometric is a protometric p for which all sharp triangle inequalities 
(equivalently, all inequalities p(x, y) + p(y,x) => p(x,x) + p(y, y) implied by 
them) hold as equalities. For any u € X, denote by A’, A” the 0-protometrics p 
with p(x, y) = ly, 1 y=u, respectively. The protometrics on X form a flat convex 
cone in which the 0-protometrics form the largest linear space. For finite X, a 
basis of this space is given by all but one A/,, A” (since )©,, Ai, = >-,, A”) and, for 
the flat subcone of all symmetric 0-protometrics on X, by all A’, + A”. 

A weighted protometric on X is a protometric with a point-weight function 
w : X — R. The mappings p(@,y) = 5 (d(x, y) + w(x) + w(y)) and 
d(x,y) = 2p(x,y) — p(x,x) — p(y, y), w(x) = p(x,x) establish a bijection 
between the weighted strong protometrics (d, w) and the protometrics p on X, 
as well as between the weighted semimetrics and the symmetric protometrics. 
For example, a weighted semimetric (d, w) with w(x) = —d(x, xo) corresponds 
to a protometric —(x.y),,. For finite |X|, the above mappings amount to the 
representation 


2p =d + > plu, u)(Al, + AY). 


uexX 


Quasi-metric 
A function d : X x X — Ris called a quasi-metric (or asymmetric metric, 
directed metric) on X if d(x,y) > 0 holds for all x,y € X with equality if and 
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only if x = y, and for all x, y,z € X the oriented triangle inequality 
d(x,y) < d(x, z) + dy) 


holds. A quasi-metric space (X, d) is a set X equipped with a quasi-metric d. 
For any quasi-metric d, the functions max{d(x, y), d(y, x)} (called sometimes 
bi-distance), min{d(x, y), d(y,x)}, $(d? (x,y) + d? (y,x))? with given p > | are 
metric generating; cf. Chap. 4. 
A non-Archimedean quasi-metric d is a quasi-distance on X which, for all 
x,y,z € X, satisfies the following strengthened oriented triangle inequality: 


d(x,y) < max{d(x, z),d(z, y)}. 


Directed-metric 
Let X be a set. A function d : X x X — Ris called (Jegede, 2005) a directed- 
metric on X if, for all x, y, z € X, it holds d(x, y) = —d(y, x) and 


|d(x, y)| S ld, 2)| + ld y)]- 


Cf. displacement in Chap. 24 and rigid motion of metric space. 
Coarse-path metric 

Let X be a set. A metric d on X is called a coarse-path metric if, for a 
fixed C > 0 and for every pair of points x,y € X, there exists a sequence 
X = X0,X1,...,%, = y for which d(4_-1,x;) < C fori = 1,...,¢, and it holds 


d(x, y) = d(xo, x1) + d(x, x2) + +--+ d(y-1,%;) — C. 


Near-metric 
Let X be a set. A distance d on X is called a near-metric (or C-near-metric) 
if d(x, y) > 0 forx ¥ y and the C-relaxed triangle inequality 


d(x, y) < C(d(x, z) + d(z, y)) 


holds for all x, y,z € X and some constant C > 1. 

If d(x, y) > 0 for x # y and the C-asymmetric triangle inequality d(x, y) < 
d(x, z) + Cd(z, y) holds, dis a <F near-metric. 

A C-inframetric is a C-near-metric, while a C-near-metric is a 2C- 
inframetric. 

Some recent papers use the term quasi-triangle inequality for the above 
inequality and so, quasi-metric for the notion of near-metric. 

The power transform (Chap. 4) (d(x, y))* of any near-metric is a near-metric 
for any a > 0. Also, any near-metric d admits a bi-Lipschitz mapping on 
(D(x, y))* for some semimetric D on the same set and a positive number a. 
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A near-metric d on X is called a Holder near-metric if the inequality 
|d(x, y) — d(x, 2)| < Bd" (y, (d(x, y) + dx, 2)" 


holds for some 6 > 0,0 < @ < 1 andall x, y,z € X. Cf. Hélder mapping. 
A distance d on set X is said (Greenhoe, 2015) to satisfy (C, p) power triangle 
inequality if, for given positive C, p and any x, y,z € X, it holds 


1 1 1 
d(x.) S 2C|5a"(x.2) + 5A)". 


f-quasi-metric 

Let f(t.) : Roo x Roo — Rso be a function with limg)40.f(t./) = 
f (0,0) = 0. 

Let X be a set. A function d : X x X — R is called (Arutyunov et al., 2016) 
a f-quasi-metric on X if d(x, y) > 0 holds for all x, y € X with equality if and 
only if x = y, and for all x, y,z € X holds the f-triangle inequality 





d(x, y) < f (d(x, z), d(z, y)). 


The f-quasi-metric space (X,d) with symmetric d and f(t, 1’) = max(t, 7’) 
is exactly the Fréchet V-space (1906); cf. the partially ordered distance in 
Sect. 3.4. 

The case f(t, ’) = t+ ¢ of a f-quasi-metric corresponds to a quasi-metric. 
Given q, q’ = 1, the f-quasi-metric with f(t, ’) = gt+q’t' is called (q, q’)-quasi- 
metric. 

The inequality d(x, y) < F(d(x, z), d(y, z)) implies d(x, y) < f(d(, z), d(z, y)) 
for the function f(t, /) = F(t, F(O,?’)). 

Weak ultrametric 

A weak ultrametric (or C-inframetric, C-pseudo-distance) d is a distance 

on X such that d(x, y) > 0 for x # y and the C-inframetric inequality 


d(x, y) < Cmax{d(x, z), d(z, y)} 


holds for all x, y,z € X and some constant C > 1. 

The term pseudo-distance is also used, in some applications, for any of 
a pseudo-metric, a quasi-distance, a near-metric, a distance which can be 
infinite, a distance with an error, etc. Another unsettled term is weak metric: 
it is used for both a near-metric and a quasi-semimetric. 
Ultrametric 

An ultrametric (or non-Archimedean metric) is (Krasner, 1944) a metric d 
on X which satisfies, for all x, y, z € X, the following strengthened version of the 
triangle inequality (Hausdorff, 1934), called the ultrametric inequality: 


d(x, y) < max{d(x, z), d(z,y)} 
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An ultrametric space is also called an isosceles space since at least two of d(x, y), 
d(z, y), d(x, z) are equal. An ultrametric on a set V has at most |V| values. 

A metric d is an ultrametric if and only if its power transform (see Chap. 4) 
d® is a metric for any real positive number a. Any ultrametric satisfies the 
four-point inequality. A metric d is an ultrametric if and only if it is a Farris 
transform metric (Chap. 4) of a four-point inequality metric. 

Robinsonian distance 

A distance d on X is called a Robinsonian distance (or monotone distance) 

if there exists a total order < on X compatible with it, i.e., for x, y, w,z € X, 


x < y~<w Xz implies d(y, w) < d(x, 2), 
or, equivalently, for x, y, z € X, it holds 
x X y Xz implies d(x, y) < max{d(x, z),d(z, y)}. 


Any ultrametric is a Robinsonian distance. 
Four-point inequality metric 

A metric d on X is a four-point inequality metric (or additive metric) if it 
satisfies the following strengthened version of the triangle inequality called the 
four-point inequality (Buneman, 1974): for all x, y, z,u € X 


d(x, y) + d(z,u) < max{d(x, z) + d(y,u), d(x, u) + dy, 2} 


holds. Equivalently, among the three sums d(x, y) + d(z,u), d(x,z) + d(y, u), 
d(x, u) + d(y, z) the two largest sums are equal. 

A metric satisfies the four-point inequality if and only if it is a tree-like 
metric. 

Any metric, satisfying the four-point inequality, is a Ptolemaic metric and an 
L,-metric. Cf. Ly-metric in Chap. 5. 

A bush metric is a metric for which all four-point inequalities are equalities, 
ie., d(x, y) + d(u, z) = d(x, u) + d(y, z) holds for any u, x, y,z € X. 
Relaxed four-point inequality metric 

A metric d on X satisfies the relaxed four-point inequality if, for all 
x, y,Z,u € X, among the three sums 


d(x, y) + d(z,u), d(x, z) + d(y, u), d(x, u) + d(y, z) 


at least two (not necessarily the two largest) are equal. A metric satisfies this 
inequality if and only if it is a relaxed tree-like metric. 
Ptolemaic metric 

A Ptolemaic metric d is a metric on X which satisfies the Ptolemaic 
inequality 


d(x, y)d(u, z) < d(x, u)d(y, z) + d(x, z)d(y, u) 





1 General Definitions 


for all x,y,u,z € X. A classical result, attributed to Ptolemy, says that this 
inequality holds in the Euclidean plane, with equality if and only if the points 
x, y, u, z lie on a circle in that order. 

A Ptolemaic space is anormed vector space (V, ||.||) such that its norm metric 
||x — y|| is a Ptolemaic metric. A normed vector space is a Ptolemaic space if 
and only if it is an inner product space (Chap. 5); so, a Minkowskian metric 
(Chap. 6) is Euclidean if and only if it is Ptolemaic. 

For any metric d, the metric Jd is Ptolemaic ([FoSc06]). 
6-hyperbolic metric 

Given a number 5 > 0, a metric d on a set X is called 5-hyperbolic if it 
satisfies the following Gromov 6-hyperbolic inequality (another weakening of 
the four-point inequality): for all x, y, z, u € X, it holds that 


d(x, y) + d(z,u) < 26 + max{d(x, z) + d(y, u), d(x, u) + d(y, z)}. 


A metric space (X, d) is 6-hyperbolic if and only if for all xo, x, y, z € X it holds 


(X.Y) x9 2 min{(x.Z)x9, (y.Z)xo$ — 6, 


where (x.y) = $(d(xo, x) + d(xo, y) — d(x, y)) is the Gromov product of the 
points x and y of X with respect to the base point xp € X. 

A metric space (X, d) is 0-hyperbolic exactly when d satisfies the four-point 
inequality. Every bounded metric space of diameter D is D-hyperbolic. The n- 
dimensional hyperbolic space is In 3-hyperbolic. 

Every 6-hyperbolic metric space is isometrically embeddable into a geodesic 
metric space (Bonk and Schramm, 2000). 

Gromov product similarity 

Given a metric space (X,d) with a fixed point x) € X, the Gromov product 
similarity (or Gromov product, covariance, overlap function) (.). is a similarity 
on X defined by 


1 
(Xy)z = 3 (4, x0) + d(y, xo) — d(x, y)). 


The triangle inequality for d implies (x.y), = (X-Z)xy) + O-Dxy — (Z-Zaxo 
(covariance triangle inequality), i.c., sharp triangle inequality for protomet- 


ric —(X.y) x9. 
If (X,d) is a tree, then (x.y),, = d(xo, [x, y]). If (X,d) is a measure 
semimetric space, i.e., d(x, y) = j(xAy) for a Borel measure jz on X, then 


(x.y)g = w(xN y). Ifdisa distance of negative type, i.e., d(x, y) = dz (x, y) ou 
a subset X of a Euclidean space E”, then (x. a is the usual inner product on E 
Cf. Farris transform metric d,, (x, y) = C — (x.y)x) in Chap. 4. 
Cross-difference 
Given a metric space (X,d) and quadruple (x, y, z, w) of its points, the cross- 
difference is the real number cd defined by 


























cd(x, y,z,w) = d(x, y) + d(z, w) — d(x, z) — d(y, w). 


1.1 Basic Definitions 11 


In terms of the Gromov product similarity, for all x, y,z,w,p € X, it holds 


1 
cate, y, ZW) = —(%Y)p — (Z.W)p + (%.Z)p + O-W)p; 


in particular, it becomes (x.y), if y = w = p. 
If x 4 zand y ¥ w, the cross-ratio is the positive number defined by 


d(x, y)d(z, w) 


cr((x, y,Z,w),d) = d(x, z)d(y, w)’ 


¢ 2k-gonal distance 
A 2k-gonal distance d is a distance on X which satisfies, for all distinct 
elements x),...,Xn € X, the 2k-gonal inequality 


2 bjbjd (xi, X;) <0 


l<i<j<n 


for all b € Z" with )7_, bj = 0 and )~"_, |b;| = 2k. 
¢ Distance of negative type 
A distance of negative type d is a distance on X which is 2k-gonal for any 
k > 1,1e., satisfies the negative type inequality 


a bjbjd (xi, x) < 0 


l<i<j<n 


for all b € Z" with yi b; = 0, and for all distinct elements x,,...,x, € X. 
A distance can be of negative type without being a semimetric. Cayley proved 
that a metric d is an Ly-metric if and only if d? is a distance of negative type. 
¢ (2k + 1)-gonal distance 
A (2k+ 1)-gonal distance d is a distance on X which satisfies, for all distinct 
elements x),...,X, € X, the (2k + 1)-gonal inequality 


2 bjbjd (xj, x) < 0 


l<i<j<n 


for all b € Z" with )°_, bj = 1 and )“_, |bi| = 2k +1. 
The (2k + 1)-gonal inequality with k = 1 is the usual triangle inequality. The 
(2k + 1)-gonal inequality implies the 2k-gonal inequality. 
¢ Hypermetric 
A hypermetric d is a distance on X which is (2k + 1)-gonal for any k > 1, 
i.e., satisfies the hypermetric inequality (Deza, 1960) 


bjbjd (xi, xj) ss 0 


l<i<j<n 


for all b € Z” with ae b; = 1, and for all distinct elements x,,...,x, € X. 
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Any hypermetric is a semimetric, a distance of negative type and, moreover, 
it can be isometrically embedded into some n-sphere S” with squared Euclidean 
distance. Any L-metric (cf. L,-metric in Chap. 5) is a hypermetric. 

P-metric 

A P-metric d is a metric on X with values in [0,1] which satisfies the 

correlation triangle inequality 


d(x, y) < d(x, z) + d(z, y) — d(x, z)d(z, y). 


The equivalent inequality 1—d(x, y) > (1—d(x, z))(1—d(z, y)) expresses that the 
probability, say, to reach x from y via z is either equal to (1 — d(x, z))(1 — d(z, y)) 
(independence of reaching z from x and y from z), or greater than it (positive 
correlation). A metric is a P-metric if and only if it is a Schoenberg transform 
metric (Chap. 4). 
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Metric ball 

Given a metric space (X, d), the metric ball (or closed metric ball) with center 
xo € X and radius r > 0 is defined by B(xo,r) = {x € X : d(x,x) < rt, 
and the open metric ball with center x) € X and radius r > 0 is defined by 
B(xo, r) = {x € X : d(xo, x) < r}. The closed ball is a subset of the closure of the 
open ball; it is a proper subset for, say, the discrete metric on X. 

The metric sphere with center x» € X and radius r > 0 is defined by 
S(xo,r) = {x € X : d(xo, x) = ry}. 

For the norm metric on an n-dimensional normed vector space (V, ||.||), the 
metric ball B” = {x € V: ||x|| < 1} is called the unit ball, and the set $”—! = 
{x € V: ||x|| = 1} is called the unit sphere. In a two-dimensional vector space, a 
metric ball (closed or open) is called a metric disk (closed or open, respectively). 
Metric hull 

Given a metric space (X,d), let M be a bounded subset of X. 

The metric hull H(M) of M is the intersection of all metric balls containing 
M. 

The set of surface points S(M) of M is the set of all x € H(M) such that x lies 
on the sphere of one of the metric balls containing M. 

Distance-invariant metric space 

A metric space (X, d) is distance-invariant if all metric balls B(xo, r) = {x € 
X : d(xo, x) <r} of the same radius have the same number of elements. 

Then the growth rate of a metric space (X,d) is the function f(n) = 
|B(x, n)|. 
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(X,d) is a metric space of polynomial growth if there are some positive 
constants k,C such that f(n) < Cn‘ for all n > 0. Cf. graph of polynomial 
growth, including the group case, in Chap. 15. 

For a metrically discrete metric space (X,d) (ie. with a = 
inf, yexr¢y (x,y) > 0), its growth rate was defined also (Gordon-Linial— 
Rabinovich, 1998) by 


log |B(x, ar)| 
x ——_——_. 


xEX 22 logr 


¢ Ahlfors g-regular metric space 
A metric space (X,d) endowed with a Borel measure jz is called Ahlfors q- 
regular if there exists a constant C > 1 such that for every ball in (X,d) with 
radius r < diam(X, d) it holds 


Clr < (B(x, 7) < Cr’. 


If such an (X,d) is locally compact, then the Hausdorff g-measure can 
be taken as yw and gq is the Hausdorff dimension. For two disjoint continua 
(nonempty connected compact metric subspaces) C,, C2 of such space (X, d), 
let I" be the set of rectifiable curves connecting C; to C2. The g-modulus between 
C; and C2 is Mg(C1, C2) = inf{ fy p? : infyer i p = 1}, where p : X > Ryo is 
any density function on X; cf. the modulus metric in Chap. 6. 

The relative distance between Cy and Cp is 8(Ci, Co) = tn eakprse ce), 

(X, d) is a q-Loewner space if there are increasing functions f, g : [0,00) > 

[0,co) such that for all Cj,C, it holds f(6(Ci,C2)) < M,(Ci,C2) < 

g(8(Ci, Co)). 
¢ Connected metric space 

A metric space (X, d) is called connected if it cannot be partitioned into two 
nonempty open sets. Cf. connected space in Chap. 2. 

The maximal connected subspaces of a metric space are called its connected 
components. A totally disconnected metric space is a space in which all 
connected subsets are 8 and one-point sets. 

A path-connected metric space is a connected metric space such that any 
two its points can be joined by an arc (cf. metric curve). 

¢ Cantor connected metric space 

A metric space (X, d) is called Cantor (or pre-) connected if, for any two its 
points x, y and any € > 0, there exists an €-chain joining them, i.e., a sequence of 
points x = 29, Z1,.--, 2-1, Zn = y such that d(z, 741) < € foreveryO <k<n. 
A metric space (X, d) is Cantor connected if and only if it cannot be partitioned 
into two remote parts A and B, i.e., such that inf{d(x, y):x € A,y € B} > 0. 

The maximal Cantor connected subspaces of a metric space are called its 
Cantor connected components. A totally Cantor disconnected metric is the 
metric of a metric space in which all Cantor connected components are one-point 
sets. 
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Indivisible metric space 

A metric space (X,d) is called indivisible if it cannot be partitioned into 
two parts, neither of which contains an isometric copy of (X, d). Any indivisible 
metric space with |X| > 2 is infinite, bounded and totally Cantor disconnected 
(Delhomme-Laflamme-—Pouzet—Sauer, 2007). 

A metric space (X,d) is called an oscillation stable metric space (Nguyen 
Van Thé, 2006) if, given any € > O and any partition of X into finitely many 
pieces, the e-neighborhood of one of the pieces includes an isometric copy of 
(X,d). 

Closed subset of metric space 

Given a subset M of a metric space (X,d), a point x € X is called a limit (or 
accumulation) point of M if any open metric ball B(x, r) = {y € X : d(x, y) < r} 
contains a point x’ € M with x # x. The boundary 3 (M) of M is the set of all its 
limit points. The closure of M, denoted by cl(M), is MU 3(M), and M is called 
closed subset, if M = c/l(M), and dense subset, if X = c/(M). 

Every point of M which is not its limit point, is called an isolated point. The 
interior int(M) of M is the set of all its isolated points, and the exterior ext(M) 
of M is int(X\M). A subset M is called nowhere dense if int(cl(M)) = @. 

A subset M is called topologically discrete (cf. metrically discrete metric 
space) if int(M) = M and dense-in-itself if int(M) = 9. A dense-in-itself 
subset is called perfect (cf. perfect metric space) if it is closed. The subsets 
Irr (irrational numbers) and Q (rational numbers) of R are dense, dense-in-itself 
but not perfect. The set Q NM [0, 1] is dense-in-itself but not dense in R. 

Open subset of metric space 

A subset M of a metric space (X, d) is called open if, given any point x € M, 
the open metric ball B(x, r) = {y € X : d(x, y) < r} is contained in M for some 
number r > 0. The family of open subsets of a metric space forms a natural 
topology on it. A closed subset is the complement of an open subset. 

An open subset is called clopen, if it is closed, and a domain if it is connected. 

A door space is a metric (in general, topological) space in which every subset 
is either open or closed. 

Metric topology 

A metric topology is a topology induced by a metric; cf. equivalent metrics. 
More exactly, the metric topology on a metric space (X, d) is the set of all open 
sets of X, i.e., arbitrary unions of (finitely or infinitely many) open metric balls 
B(x,r) = {ty €X: d(x, y) <r},xeX,reR,r>0. 

A topological space which can arise in this way from a metric space is called 
a metrizable space (Chap. 2). Metrization theorems are theorems which give 
sufficient conditions for a topological space to be metrizable. 

On the other hand, the adjective metric in several important mathematical 
terms indicates connection to a measure, rather than distance, for example, metric 
Number Theory, metric Theory of Functions, metric transitivity. 

Equivalent metrics 

Two metrics d; and d2 on a set X are called equivalent if they define the same 

topology on X, i.e., if, for every point x» € X, every open metric ball with center 
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at xo defined with respect to d;, contains an open metric ball with the same center 
but defined with respect to dz, and conversely. 

Two metrics d; and d2 are equivalent if and only if, for every « > O and 
every x € X, there exists 6 > 0 such that d)(x, y) < 6 implies d2(x, y) < € and, 
conversely, do(x, y) < 6 implies di (x, y) < €. 

All metrics on a finite set are equivalent; they generate the discrete topology. 

¢ Metric betweenness 

The metric betweenness of a metric space (X, d) is (Menger, 1928) the set of 
all ordered triples (x, y, z) such that x, y, z are (not necessarily distinct) points of 
X for which the triangle equality d(x, y) + d(y, z) = d(x, z) holds. 

¢ Monometric 

A ternary relation R on a set X is called a betweenness relation if (x,y,z) € R 
if and only if (z, y,x) € R and (x, y, z), (x, z, y) € Rif and only if y = z. 

Given a such relation R, a monometric is (Perez-Fernandez et al., 2016) a 
function d : X x X — Rso with d(x, y) = 0 if and only if x = y and (x,y, z) 
implying d(x, y) < d(x, z). Clearly, any metric is a monometric. 

Cf. a distance-rationalizable voting rule in Sect. 11.2. 

¢ Closed metric interval 

Given two different points x, y € X of a metric space (X, d), the closed metric 
interval between them (or line induced by) them is the set of the points z, for 
which the triangle equality (or metric betweenness (x, z, y)) holds: 


I(x, y) = {2 € X: d(x,y) = d(x,z) + d(z,y)}. 


Cf. inner product space (Chap. 5) and cutpoint additive metric (Chap. 15). 
Let Ext(x,y) = {z : y € I(x,z) \ {x, zt}. A CC-line CC(x, y) is I(x, y) U 
Ext(x, y) U Ext(y, x). Chen—Chvatal, 2008, conjectured that every metric space 
onn,n > 2, points, either has at least n distinct CC-lines or consists of a unique 
CC-line. 
¢ Underlying graph of a metric space 
The underlying graph (or neighborhood graph) of a metric space (X,d) is a 
graph with the vertex-set X and xy being an edge if I(x, y) = {x, y}, Le., there is 
no third point z € X, for which d(x, y) = d(x, z) + d(z, y). 
¢ Distance monotone metric space 
A metric space (X, d) is called distance monotone if for any its closed metric 
interval /(x, y) and u € X \ I(x, y), there exists z € I(x, xy) with d(u, z) > d(x, y). 
¢ Metric triangle 
Three distinct points x,y,z € X of a metric space (X,d) form a metric 
triangle if the closed metric intervals /(x, y), [(y, z) and I(z, x) intersect only 
in the common endpoints. 
¢ Metric space having collinearity 
A metric space (X,d) has collinearity if for any « > 0 each of its infinite 
subsets contains distinct ¢€-collinear (i.e., with d(x, y) + d(y,z) — d(x,z) < ©) 
points x, y, z. 
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¢ Modular metric space 
A metric space (X,d) is called modular if, for any three different points 
x,y,z € X, there exists a point u € I(x, y) N I(y, z) NI(z, x). This should not be 
confused with modular distance in Chap. 10 and modulus metric in Chap. 6. 
¢ Median metric space 
A metric space (X, d) is called a median metric space if, for any three points 
x,y,z € X, there exists a unique point u € I(x, y)NI(y, z)NI(z, x), or, equivalently, 


d(x,u) +d.) + dleu) = 5 (a9) +0, +e), 


The point u is called median for {x, y, z}, since it minimises the sum of distances 
to them. Any median metric space is an L,-metric; cf. L)-metric in Chap. 5 and 
median graph in Chap. 15. 

A metric space (X,d) is called an antimedian metric space if, for any three 
points x, y,z € X, there exists a unique point u € X maximizing d(x, u)+d(y, u)+ 
d(z,u). 

¢ Metric quadrangle 

Four different points x, y,z,u € X of a metric space (X,d) form a metric 
quadrangle if x,z € I(y,u) and y,u € I(x,z); then d(x,y) = d(z,u) and 
d(x, u) = d(y,z). 

A metric space (X, d) is called weakly spherical if any three different points 
x,y,z € X with y € I(x, z), form a metric quadrangle with some point u € X. 

¢ Metric curve 

A metric curve (or, simply, curve) y in a metric space (X, d) is a continuous 
mapping y : J > X from an interval J of R into X. A curve is called an are (or 
path, simple curve) if it is injective. A curve y : [a,b] — X is called a Jordan 
curve (or simple closed curve) if it does not cross itself, and y(a) = y(b). 

The length of a curve y : [a,b] — X is the number /(y) defined by 


I(y) = supf > d(y(t), yi) 22 EN, a = < ty <1 < ty = Bh. 


1l<i<n 


A rectifiable curve is a curve with a finite length. A metric space (X, d), where 
every two points can be joined by a rectifiable curve, is called a quasi-convex 
metric space (or, specifically, C-quasi-convex metric space) if there exists a 
constant C > 1 such that every pair x, y € X can be joined by a rectifiable curve 
of length at most Cd(x, y). If C = 1, then this length is equal to d(x, y), ie., (X, d) 
is a geodesic metric space (Chap. 6). 

In a quasi-convex metric space (X,d), the infimum of the lengths of all 
rectifiable curves, connecting x, y € X is called the internal metric. 

The metric d on X is called the intrinsic metric (and then (X, d) is called a 
length space) if it coincides with the internal metric of (X, d). 

If, moreover, any pair x, y of points can be joined by a curve of length d(x, y), 
the metric d is called strictly intrinsic, and the length space (X, d) is a geodesic 
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metric space. Hopf—Rinow, 1931, showed that any complete locally compact 
length space is geodesic and proper. The punctured plane (IR? \ {0}, ||x — y||2) 
is locally compact and path-connected but not geodesic: the distance between 
(—1, 0) and (1, 0) is 2 but there is no geodesic realizing this distance. 

The metric derivative of a metric curve y : [a,b] > X at a limit point t is 


7 d(y(t+ s), y() 
ww M_ 


s>0 |s| , 
if it exists. It is the rate of change, with respect to t, of the length of the curve at 
almost every point, i.e., a generalization of the notion of speed to metric spaces. 
* Geodesic 

Given a metric space (X, d), a geodesic is a locally shortest metric curve, i.c., 
it is a locally isometric embedding of R into X; cf. Chap. 6. 

A subset S of X is called a geodesic segment (or metric segment, shortest 
path, minimizing geodesic) between two distinct points x and y in X, if there exists 
a segment (closed interval) [a,b] on the real line R and an isometric embedding 
y : [a,b] > X, such that y[a, b] = S, y(a) = x and y(b) = y. 

A metric straight line is a geodesic which is minimal between any two of its 
points; it is an isometric embedding of the whole of R into X. A metric ray and 
metric great circle are isometric embeddings of, respectively, the half-line Ro 
and a circle $'(0, r) into X. 

A geodesic metric space (Chap. 6) is a metric space in which any two points 
are joined by a geodesic segment. If, moreover, the geodesic is unique, the space 
is called totally geodesic (or uniquely geodesic). 

A geodesic metric space (X,d) is called geodesically complete if every 
geodesic is a subarc of a metric straight line. If (X,d) is complete, then it 
is geodesically complete. The punctured plane (R? \ {0}, ||x — yl|2) is not 
geodesically complete: any geodesic going to 0 is not a subarc of a metric straight 
line. 

¢ Length spectrum 

Given a metric space (X, d), a closed geodesic is a map y : S' + X which is 
locally minimizing around every point of S!. 

If (X, d) is a compact length space, its length spectrum is the collection of 
lengths of closed geodesics. Each length is counted with multiplicity equal to the 
number of distinct free homotopy classes that contain a closed geodesic of such 
length. The minimal length spectrum is the set of lengths of closed geodesics 
which are the shortest in their free homotopy class. Cf. the distance list. 

¢ Systole of metric space 

Given a compact metric space (X,d), its systole sys(X,d) is the length of 
the shortest noncontractible loop in X; such a loop is a closed geodesic. So, 
sys(X,d) = 0 exactly if (X,d) is simply connected. Cf. connected space in 





Chap. 2. 
If (X, d) is a graph with path metric, then its systole is referred to as the girth. 
If (X, d) is a closed surface, then its systolic ratio is the ratio SR = are 
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Some tight upper bounds of SR for every metric on a surface are: A = 2 


(Hermite constant in 2D) for 2-torus (Loewner, 1949), = for the real projective 


plane (Pu, 1952) and ari for the Klein bottle (Bavard, 1986). Tight asymptotic 


bounds for a surface S of large genus g are ; . isa < SR(S) < laa (Katz et al., 
2007). 
Shankar-Sormani radii 

Given a geodesic metric space (X,d), Shankar and Sormani, 2009, defined 
its unique injectivity radius Uirad(X) as the supremum over all r > 0 such 
that any two points at distance at most r are joined by a unique geodesic, and its 
minimal radius Mrad(X) as inf,ex d(p, MinCut(p)). 

Here the minimal cut locus of p MinCut( p) is the set of points g € X for which 
there is a geodesic y running from p to qg such that y extends past q but is not 
minimizing from p to any point past q. If (X, d) is a Riemannian space, then the 
distance function from p is a smooth function except at p itself and the cut locus. 
Cf. medial axis and skeleton in Chap. 21. 

It holds Uirad(X) < Mrad(X) with equality if (X,d) is a Riemannian space 
in which case it is the injectivity radius. It holds Uirad(X) = o0 for a flat disk 
but Mrad(X) < oo if (X,d) is compact and at least one geodesic is extendible. 
Geodesic convexity 

Given a geodesic metric space (X,d) and a subset M C X, the set M is 
called geodesically convex (or convex) if, for any two points of M, there exists a 
geodesic segment connecting them which lies entirely in M; the space is strongly 
convex if such a segment is unique and no other geodesic connecting those points 
lies entirely in M. The space is called locally convex if such a segment exists for 
any two sufficiently close points in M. 

For a given pointx € M, the radius of convexity is 7, = sup{r > 0: B(x, r) C 
M}, where the metric ball B(x,r) is convex. The point x is called the center 
of mass of points y1,...,y~ € M if it minimizes the function >>; d(x, y;)* (cf. 
Fréchet mean); such point is unique if d(y;, y;) < r, forall <i<j<k. 

The injectivity radius of the set M is the supremum over all r > 0 such that 
any two points in M at distance < r are joined by unique geodesic segment which 
lies in M. The Hawaiian Earring is a compact complete metric space consisting 
of a set of circles of radius t for each i € N all joined at a common point; its 
injectivity radius is 0. It is path-connected but not simply connected. 

The set M C X is called a totally convex metric subspace of (X, d) if, for 
any two points of M, any geodesic segment connecting them lies entirely in M. 
Busemann convexity 

A geodesic metric space (X,d) is called Busemann convex (or Busemann 
space, nonpositively curved in the sense of Busemann) if, for any three points 
x,y,z € X and midpoints m(x, z) and m(y, z) (i.e., d(x, m(x, z)) = d(m(x, z), Z) = 
$d(x,z) and d(y, m(y, z)) = d(m(y, z), z) = 4d(y, z)), there holds 


d(m(x, z), m(y, z)) < sdla,y), 
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The flat Euclidean strip {(x,y) € R* : 0 < x < 1} is Gromov hyperbolic 
metric space (Chap. 6) but not Busemann convex one. In a complete Busemann 
convex metric space any two points are joined by a unique geodesic segment. 

A locally geodesic metric space (X, d) is called Busemann locally convex if 
the above inequality holds locally. Any locally CAT(0) metric space is Busemann 
locally convex. 

¢ Menger convexity 

A metric space (X,d) is called Menger convex if, for any different points 
x,y € X, there exists a third point z € X for which d(x, y) = d(x, z) + d(z, y), 
ie., |Z(x, y)| > 2 holds for the closed metric interval I(x, y) = {z € X: (x,y) = 
d(x, z) + d(z, y)}. It is called strictly Menger convex if such a z is unique for all 
x,yEXx. 

Geodesic convexity implies Menger convexity. The converse holds for com- 
plete metric spaces. 

A subset M C X is called (Menger, 1928) a d-convex set (or interval-convex 
set) if I(x,y) C M for any different points x,y € M. A function f : M —> 
R defined on a d-convex set M C X is a d-convex function if for any z € 
I(x,y) C M 


d(y, Z) d(x, z) 
dey deay 








fO< f(y). 


A subset M C X is a gated set if for every x € X there exists a unique x’ € M, 
the gate, such that d(x, y) = d(x,x’) + d(x’, y) for y € M. Any such set is d- 
convex. 
¢ Midpoint convexity 
A metric space (X,d) is called midpoint convex (or having midpoints, 
admitting a midpoint map) if, for any different points x,y € X, there exists a 
third point m(x, y) € X for which d(x, m(x, y)) = d(m(x, y), y) = $d(x,y). Such 
a point m(x, y) is called a midpoint and the map m : X x X — X is called a 
midpoint map (cf. midset); this map is unique if m(x, y) is unique for all x, y € X. 
For example, the geometric mean ,/xy is the midpoint map for the metric 
space (Ro, d(x, y) = |logx — log y)). 
A complete metric space is geodesic if and only if it is midpoint convex. 
A metric space (X, d) is said to have approximate midpoints if, for any points 
x,y € X and any € > 0, there exists an €-midpoint, i.e., a point z € X such that 
d(x,z) < $d(x,y) +€ = d(z,y). 
¢ Ball convexity 
A midpoint convex metric space (X, d) is called ball convex if 


d(m(x, y),z) < max{d(x, z),d(y, z)} 


for all x, y,z € X and any midpoint map m(x, y). 
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Ball convexity implies that all metric balls are totally convex and, in the case 
of a geodesic metric space, vice versa. Ball convexity implies also the uniqueness 
of a midpoint map (geodesics in the case of complete metric space). 

The metric space (R*, d(x, y) = bie vy |xi — yi|) is not ball convex. 
Distance convexity 

A midpoint convex metric space (X, d) is called distance convex if 


d(m(x,y),2) < 5(d@.2) + 0.2) 


A geodesic metric space is distance convex if and only if the restriction of the 
distance function d(x, -), x € X, to every geodesic segment is a convex function. 

Distance convexity implies ball convexity and, in the case of Busemann 
convex metric space, vice versa. 

Metric convexity 

A metric space (X, d) is called metrically convex if, for any different points 
x,y € X andany A € (0, 1), there exists a third point z = z(x, y,A) € X for which 
d(x, y) = d(x, z) + d(z, y) and d(x, z) = Ad(x, y). 

The space is called strictly metrically convex if such a point z(x,y, A) is 
unique for all x, y € X and any A € (0, 1). 

A metric space (X, d) is called strongly metrically convex if, for any different 
points x, y € X and any A,, Az € (0, 1), there exists a third point z = z(x,y, A) € 
X for which d(z(x, y, A1), 2%, y, A2)) = |A1 — Aal|d(x, y). 

Metric convexity implies Menger convexity, and every Menger convex 
complete metric space is strongly metrically convex. 

A metric space (X, d) is called nearly convex (Mandelkern, 1983) if, for any 
different points x, y € X and any A, uz > O such that d(x, y) < A+, there exists a 
third point z € X for which d(x, z) < 4 andd(z, y) < pu, ie., z € B(x, A)NB(y, pL). 
Metric convexity implies near convexity. 

Takahashi convexity 

A metric space (X,d) is called Takahashi convex if, for any different points 
x,y € X and any A € (0, 1), there exists a third point z = z(x, y, A) € X such that 
d(z(x, y,A),u) < Ad(x, u) + (1 —A)dQy, uw) for all u € X. Any convex subset of a 
normed space is a Takahashi convex metric space with z(x, y,A) = Ax+(1—-A)y. 

A set M C X is Takahashi convex if z(x,y,A) € M for all x,y € X and any 
A € [0, 1]. In a Takahashi convex metric space, all metric balls, open metric balls, 
and arbitrary intersections of Takahashi convex subsets are all Takahashi convex. 
Hyperconvexity 

A metric space (X, d) is called hyperconvex (Aronszajn—Panitchpakdi, 1956) 
if it is metrically convex and its metric balls have the infinite Helly property, i.e., 
any family of mutually intersecting closed balls in X has nonempty intersection. 
A metric space (X, d) is hyperconvex if and only if it is an injective metric space. 

The spaces /”,,, [S and Jj are hyperconvex but /$° is not. 

Distance matrix 

Given a finite metric space (X = {x1,--- ,X,},d), its distance matrix is the 

symmetric n x n matrix ((dj)), where dj = d(x;, xj) for any 1 < i,j <n. 
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The probability that a symmetric n x n matrix, whose diagonal elements are 
zeros and all other elements are uniformly random real numbers, is a distance 
matrix is (Mascioni, 2005) s, x for n = 3,4, respectively. 

¢ Magnitude of a finite metric space 

Let (X = {x1,...,Xn},d) be a finite metric space, such that there exists a 
vector w = {w1,..., Wn} with ((e@6*)))w = (1,..., D7. 

Then the magnitude of (X, d) is (Leinster-Meckes, 2016) the sum )~_, wi. 
In fact, the definition of Euler characteristic of a category was generalized to 
enriched categories, renamed magnitude, then re-specialized to metric spaces. 

¢ Distance product of matrices 

Given n x n matrices A = ((a,j)) and B = ((b,)), their distance (or min-plus) 
product is the n x n matrix C = ((cj)) with cy = ming_, (dix + by). 

It is the usual matrix multiplication in the tropical semiring (RU {oo}, min, +) 
(Chap. 18). IfA is the matrix of weights of an edge-weighted complete graph K,, 
then its direct power A” is the (shortest path) distance matrix of this graph. 

¢ Distance list 

Given a metric space (X, d), its distance set and distance list are the set and 
the multiset (i.e., multiplicities are counted) and of all pairwise distances. 

Two subsets A,B C X are said to be homometric sets if they have the same 
distance list. Cf. homometric structures in Chap. 24. 

A finite metric space is called tie-breaking if all pairwise distances are distinct. 

¢ Degree of distance near-equality 


Given a finite metric space (X,d) with |X| = n > 3, let f = min| dab) 
d(x,y) 


(degree of distance near-equality) and f’ = min | ream. |, where the minimum 
is over different 2-subsets {x,y}, {a,b} of X and, respectively, over different 
x,y,b € X. [OpPil4] proved f < ““2" and f’ < 2, while f > $24 and f’ > + 
for some (X, d). 
¢ Semimetric cone 

The semimetric cone MET,, is the polyhedral cone in RG) of all distance 
matrices of semimetrics on the set V, = {1,...,m}. Vershik, 2004, considers 
MET, i.e., the weakly closed convex cone of infinite distance matrices of 
semimetrics on N. 

The cone of n-point weightable quasi-semimetrics is a projection along an 
extreme ray of the semimetric cone Met,, (Grishukhin—Deza—Deza, 2011). 

The metric fan is a canonical decomposition MF, of MET,, into subcones 
whose faces belong to the fan, and the intersection of any two of them is their 
common boundary. Two semimetrics d,d’ € MET, lie in the same cone of the 
metric fan if the subdivisions 54, 5y of the polyhedron 6(n, 2) = conv{e; + e; : 
1 <i<j <n} C R" are equal. Here a subpolytope P of 5(n, 2) is a cell of the 
subdivision 6, if there exists y € R” satisfying y; ++ y; = dj if e; + e; is a vertex of 
P, and y; + y; > dj, otherwise. The complex of bounded faces of the polyhedron 
dual to dq is the tight span of the semimetric d. 
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¢ Cayley—Menger matrix 
Given a finite metric space (X = {x1,--- , Xn}, d), its Cayley-Menger matrix 
is the symmetric (n + 1) x (n + 1) matrix 


cmx.d) = (55). 


where D = ((d7(x;,x;))) and e is the n-vector all components of which are 1. 
The determinant of CM(X,d) is called the Cayley-Menger determinant. If 
(X,d) is a metric subspace of the Euclidean space E”~!, then CM(X,d) is 
(—1)"2""!((n—1)!)? times the squared (n—1)-dimensional volume of the convex 
hull of X in R’!. 
¢ Gram matrix 
Given elements v1,...,v, of a Euclidean space, their Gram matrix is the 
symmetric k x k matrix VV", where V = ((v;)), of pairwise inner products of 
Vis. +5 UE! 














G(v1,..., Ue) = (((v;, v;))). 


It holds G(v),...,v%) = $((dz (vo, vi) + dz (vo, vj) — dz (vj, ¥j))), ie., the 
inner product (-, -) is the Gromov product similarity of the squared Euclidean 
distance dz, A k x k matrix ((d7(v;, vj))) is called Euclidean distance matrix (or 
EDM). It defines a distance of negative type on {1,...,}; all such matrices 
form the (nonpolyhedral) closed convex cone of all such distances. 

The determinant of a Gram matrix is called the Gram determinant; it is equal 
to the square of the k-dimensional volume of the parallelotope constructed on 
U1, ... Uk. 

A symmetric k x k real matrix M is said to be positive-semidefinite (PSD) if 
xMx" > 0 for any nonzero x € R* and positive-definite (PD) if xMx" > 0. A 
matrix is PSD if and only if it is a Gram matrix; it is PD if and only the vectors 
U1,..., Ux are linearly independent. In Statistics, the covariance matrices and 
correlation matrices are exactly PSD and PD ones, respectively. 

° Midset 

Given a metric space (X, d) and distinct y,z € X, the midset (or bisector) of 
points y and zis the set M = {x € X : d(x, y) = d(x, z)} of midpoints x. 

A metric space is said to have the n-point midset property if, for every pair of 
its points, the midset has exactly n points. The one-point midset property means 
uniqueness of the midpoint map. Cf. midpoint convexity. 

¢ Distance k-sector 

Given a metric space (X,d) and disjoint subsets Y,Z C X, the bisector of Y 
and Z is the set M = {x € X : infyey d(x, y) = inf,<z d(x, z)}. 

The distance k-sector of Y and Z is the sequence M,,..., My—, of subsets of 
X such that M;, for any | < i < k —1, is the bisector of sets Mj_-, and Mj+1, 
where Y = Mo and Z = M,. Asano—Matousek—Tokuyama, 2006, considered the 
distance k-sector on the Euclidean plane (R?, J); for compact sets Y and Z, the 
sets M,,...,M,_ are curves partitioning the plane into k parts. 
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Metric basis 

Given a metric space (X,d) and a subset M C X, for any point x € X, its 
metric M-representation is the set {(m,d(x,m)) : m € M} of its metric M- 
coordinates (m, d(x,m)). The set M is called (Blumenthal, 1953) a metric basis 
(or resolving set, locating set, set of uniqueness, set of landmarks) if distinct 
points x € X have distinct M-representations. A vertex-subset M of a connected 
graph is (Okamoto et al., 2009) a local metric basis if adjacent vertices have 
distinct M-representations. 

The resolving number of a finite (X, d) is (Chartrand—Poisson—Zhang, 2000) 
minimum k such that any k-subset of X is a metric basis. 

The vertices of a non degenerate simplex form a metric basis of E”, but /;- 
and /49-metrics on R", n > 1, have no finite metric basis. 

The distance similarity is (Saenpholphat—-Zhang, 2003) an equivalence 
relation on X defined by x ~ y if d(z,x) = d(z,y) for any z € X \ {x,y}. Any 
metric basis contains all or all but one elements from each equivalence class. 
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Resolving dimension 

Given a metric space (X,d), its resolving dimension (or location number 
(Slater, 1975), metric dimension (Harary—Melter, 1976)) is the minimum car- 
dinality of its metric basis. The upper resolving dimension of (X,d) is the 
maximum cardinality of its metric basis not containing another metric basis 
as a proper subset. Adjacency dimension of (X,d) is the metric dimension of 
(X, min(2, d)). 

A metric independence number of (X, d) is (Currie—Oellermann, 2001) the 
maximum cardinality J of a collection of pairs of points of X, such that for any 
two, (say, (x, y) and (a’, y’)) of them there is no point z € X with d(z, x) 4 d(z, y) 
and d(z,x’) # d(z,y’). A function f : X — [0, 1] is a resolving function of (X, d) 
if eexide.gtdy.ol @ > 1 for any distinct x,y € X. The fractional resolving 
dimension of (X,d) is F = min )~.<y g(x), where the minimum is taken over 
resolving functions f such that any function f’ with f’, f is not resolving. 

The partition dimension of (X,d) is (Chartrand—Salevi-Zhang, 1998) the 
minimum cardinality P of its resolving partition, i.e., a partition X = U;<j<,S; 
such that no two points have, for 1 < i < k, the same minimal distances to the 
set S;. 

Related locating a robber game on a graph G = (V,E) was considered 
in 2012 by Seager and by Carraher et al.: cop win on G if every sequence 
r = 1\,...,%m Of robber’s steps (7, € V and dpan(7i, 7141) < 1) is uniquely 
identified by a sequence d(11, c1),...,d(Tn, Cn) of cop’s distance queries for some 
Cy,..-5€n € Vz 
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¢ Metric dimension 
For a metric space (X,d) and a number € > 0, let C. be the minimal size of 
an €-net of (X, d), i.e., a subset M C X with U,eyB(x, €) = X. The number 





Inc 
dim(X, d) = lim — 
e>0 —Ine 


(if it exists) is called the metric dimension (or Minkowski-Bouligand dimen- 
sion, box-counting dimension) of X. If the limit above does not exist, then the 
following notions of dimension are considered: 





1. dim(X,d) = lim,_, Ce called the lower Minkowski dimension (or lower 


dimension, lower box dimension, Pontryagin—Snirelman dimension); 


2. dim(X,d) = lime-+o InCe called the Kolmogorov-Tikhomirov dimension 


(or upper dimension, entropy dimension, upper box dimension). 





See below examples of other, less prominent, notions of metric dimension. 


1. The (equilateral) metric dimension of a metric space is the maximum cardi- 
nality of its equidistant subset, i.e., such that any two of its distinct points 
are at the same distance. For a normed space, this dimension is equal to the 
maximum number of translates of its unit ball that touch pairwise. 

2. For any c > 1, the (normed space) metric dimension dim,(X) of a finite metric 
space (X,d) is the least dimension of a real normed space (V, ||.||) such that 
there is an embedding f : X — V with Ld(x, y) < || f@) -—fO)|| < d@,y). 

3. The (Euclidean) metric dimension of a finite metric space (X, d) is the least 
dimension n of a Euclidean space E” such that (X,f(d)) is its metric sub- 
space, where the minimum is taken over all continuous monotone increasing 
functions f(t) of t > 0. 

4. The dimensionality of a metric space is £ 352» Where jz and o” are the mean and 
variance of its histogram of distance values; this notion is used in Information 
Retrieval for proximity searching. 

The term dimensionality is also used for the minimal dimension, if it is 
finite, of Euclidean space in which a given metric space embeds isometrically. 














¢ Hausdorff dimension 
Given a metric space (X,d) and p,q > 0, let H? = inf > (diam(A;))’, 
where the infimum is taken over all countable coverings {A;} with diameter of A; 
less than g. The Hausdorff g-measure of X is the metric outer measure defined 
by 


H? = lim H}. 
q>0 


The Hausdorff dimension (or fractal dimension) of (X, d) is defined by 


dimpaus(X,d) = inf{p > 0: H?(X) = 0}. 
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Any countable metric space has dimyqus = 0, dimyqus(E") = n, and any 
X C E" with Int X F @ has dimya,, = dim. For any totally bounded (X, d), it 
holds 

















dimjop = dimtaus ps dim = dim < dim. 
¢ Rough dimension _ 

Given a metric space (X,d), its rough n-volume Vol,X is lime.o€" Bx(€), 

where « > 0 and Bxy(e) = max|Y| for Y C X with d(a,b) > cifae Y,beE 

Y \ {a}; Bx(€) = co is permitted. The rough dimension is defined ([BBI01]) by 


dimyougn(X,d) = sup{n : Vol,X = oo} or, equivalently, = inf{n : Vol,X = O}. 


The space (X, d) can be not locally compact. It holds dimyaus < dimyough. 
¢ Packing dimension 

Given a metric space (X,d) and p,q > 0, let P§ = sup > (diam(B;))’, 
where the supremum is taken over all countable packings (by disjoint balls) {B;} 
with the diameter of B; less than q. 

The packing q-pre-measure is P = lim +o P4. The packing q-measure is 
the metric outer measure which is the infimum of packing g-pre-measures of 
countable coverings of X. The packing dimension of (X, d) is defined by 


dimpack(X,d) = inf{p > 0: P?(X) = 0}. 


¢ Topological dimension 
For any compact metric space (X, d) its topological dimension (or Lebesgue 
covering dimension) is defined by 


dimyoy (x, d) = inf{ dimeaus (X, d’) i, 


where d’ is any metric on X equivalent to d. So, it holds dimyoy < dimyaus. A 
fractal (Chap. 18) is a metric space for which this inequality is strict. 

This dimension does not exceed also the Assouad—Nagata dimension of 
(X,d). 

In general, the topological dimension of a topological space X is the smallest 
integer n such that, for any finite open covering of X, there exists a finite open 
refinement of it with no point of X belonging to more than n + | elements. 

The geometric dimension is (Kleiner, 1999; [BBIO1]) sup dim, (Y, d) over 
compact Y Cc X. 

¢ Doubling dimension 

The doubling dimension (dimgo,»:(X,d)) of a metric space (X,d) is the 
smallest integer n (or oo if such an n does not exist) such that every metric ball 
(or, say, a set of finite diameter) can be covered by a family of at most 2” metric 
balls (respectively, sets) of half the diameter. 
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If (X, d) has finite doubling dimension, then d is called a doubling metric and 
the smallest integer m such that every metric ball can be covered by a family of 
at most m metric balls of half the diameter is called doubling constant. 
Assouad-Nagata dimension 

The Assouad-Nagata dimension dim,y(X, d) of a metric space (X, d) is the 
smallest integer n (or co if such an n does not exist) for which there exists a 
constant C > 0 such that, for all s > 0, there exists a covering of X by its subsets 
of diameter < Cs with every subset of X of diameter < s meeting < n+ 1 
elements of covering. It holds (LeDonne-Rajala, 2014) diman < dimdouyi; but 
dimay = 1, while dimdoupi = 00, holds (Lang—Schlichenmaier, 2014) for some 
real trees (X, d). 

Replacing “for all s > 0” in the above definition by “for s > 0 sufficiently 
large” or by “for s > 0 sufficiently small’, gives the microscopic mi-dimay(X, d) 
and macroscopic ma-dimay(X,d) Assouad—Nagata dimensions, respectively. 
Then (Brodskiy et al., 2006) mi-diman(X, d) = diman(X, min{d, 1}) and 

ma-diman(X,d) = diman(X, max{d, 1}) (here max{d(x, y), 1} means 0 for 
x=y). 

The Assouad—Nagata dimension is preserved (Lang—Schlichenmaier, 2004) 
under quasi-symmetric mapping but, in general, not under quasi-isometry. 
Vol’ berg—Konyagin dimension 

The Vol’berg—Konyagin dimension of a metric space (X, d) is the smallest 
constant C > | (or oo if such a C does not exist) for which X carries a doubling 
measure, i.e., a Borel measure jz such that, for all x € X and r > 0, it holds that 


(B(x, 2r)) < Cu(B(, 1). 


A metric space (X, d) carries a doubling measure if and only if d is a doubling 
metric, and any complete doubling metric carries a doubling measure. 

The Karger—Ruhl constant of a metric space (X, d) is the smallest c > 1 (or 
oo if such a c does not exist) such that for all x € X and r > 0 it holds 


|B(x, 2r)| < cl/B(x, n)]. 


If c is finite, then the doubling dimension of (X, d) is at most 4c. 
Hyperbolic dimension 

A metric space (X, d) is called an (R, N)-large-scale doubling if there exists a 
number R > 0 and integer N > 0 such that every ball of radius r > R in (X,d) 
can be covered by N balls of radius 5. 

The hyperbolic dimension hypdim(X, d) of a metric space (X,d) (Buyalo— 
Schroeder, 2004) is the smallest integer n such that for every r > 0 there are 
R > 0, an integer N > 0 and a covering of X with the following properties: 


1. Every ball of radius r meets at most n + 1 elements of the covering; 
2. The covering is an (R, N)-large-scale doubling, and any finite union of its 
elements is an (R’, N)-large-scale doubling for some R’ > 0. 
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The hyperbolic dimension is 0 if (X, d) is a large-scale doubling, and it is n if 
(X, d) is n-dimensional hyperbolic space. 
Also, hypdim(X,d) <  asdim(X,d) since the asymptotic dimension 
asdim(X, d) corresponds to the case N = 1 in the definition of hypdim(X, d). 
The hyperbolic dimension is preserved under a quasi-isometry. 
¢« Asymptotic dimension 
The asymptotic dimension asdim(X,d) of a metric space (X,d) (Gromovy, 
1993) is the smallest integer n such that, for every r > 0, there exists a constant 
D = D(r) and a covering of X by its subsets of diameter at most D such that 
every ball of radius r meets at most n + 1 elements of the covering. 
The asymptotic dimension is preserved under a quasi-isometry. 
¢ Width dimension 
Let (X,d) be a compact metric space. For a given number € > 0, the width 
dimension Widim, (X, d) of (X, d) is (Gromov, 1999) the minimum integer such 
that there exists an n-dimensional polyhedron P and a continuous map f : X —> P 
(called an €-embedding) with diam(f—'(y)) < € for all y € P. 
The width dimension is a macroscopic dimension at the scale > € of (X,d), 
because its limit for € — 0 is the topological dimension of (X, d). 
¢ Godsil—McKay dimension 
We say that a metric space (X,d) has Godsil-McKay dimension n > 0 if 
there exists an element x9 € X and two positive constants c and C such that the 
inequality ck” < |{x € X : d(x, xo) < k}| < Ck" holds for every integer k > 0. 
This notion was introduced in [GoMc80] for the path metric of a countable 
locally finite graph. They proved that, if the group Z” acts faithfully and with a 
finite number of orbits on the vertices of the graph, then this dimension is n. 
¢ Metric outer measure 
A o-algebra over X is any nonempty collection © of subsets of X, including X 
itself, that is closed under complementation and countable unions of its members. 
Given a o-algebra & over X, a measure on (X, X) is a function w : 4 > 
[0, co] with the following properties: 


1. uO) = 0; 
2. For any sequence {A;} of pairwise disjoint subsets of X, w()); Ai) = >; u(Ai) 
(countable o-additivity). 


The triple (X, &, jz) is called a measure space. If M C A € & and (A) = 0 
implies M € &, then (X, %, jz) is called a complete measure space. A measure 
ft with p(X) = 1 is called a probability measure. 

If X is a topological space (see Chap. 2), then the o-algebra over X, consisting 
of all open and closed sets of X, is called the Borel o-algebra of X, (X, X) is 
called a Borel space, and a measure on » is called a Borel measure. So, any 
metric space (X,d) admits a Borel measure coming from its metric topology, 
where the open set is an arbitrary union of open metric d-balls. 

An outer measure on X is a function v : P(X) — [0, co] (where P(X) is the 
set of all subsets of X) with the following properties: 


1. v@) = 0; 
2. For any subsets A,B C X,A C B implies v(A) < v(B) (monotonicity); 
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3. For any sequence {A;} of subsets of X, v()°;A;) < 50, v(Ai) (countable 
subadditivity). 


A subset M C X is called v-measurable if v(A) = v(A U M) + v(A \ M) for 
any A C X. The set D’ of all v-measurable sets forms a o-algebra over X, and 
(X, x’, v) is a complete measure space. 

A metric outer measure is an outer measure v defined on the subsets of a 
given metric space (X,d) such that v(A U B) = v(A) + v(B) for every pair of 
nonempty subsets A, B C X with positive set-set distance inf,<4 ,<g d(a, b). An 
example is Hausdorff g-measure; cf. Hausdorff dimension. 

Length of metric space 

The Fremlin length of a metric space (X,d) is its Hausdorff 1-measure 
H!(X). 

The Hejeman length /ng(M) of a subset M C X of a metric space (X, d) is 
sup{ing(M’) : M’ Cc M,|M'| < oo}. Here Ing(@) = 0 and, for a finite subset 
M' CX, Ing(M’) = min ~_, d(x;-1, xi) over all sequences xo, ...,X, such that 
{x; :i=0,1,...,n} = M’. 

The Schechtman length of a finite metric space (X, d) is inf ,/}~"_, a? over 


all sequences a,...,@, of positive numbers such that there exists a sequence 
Xo,...,X» of partitions of X with following properties: 


1. Xo = {X} and X, = {{x} : x © X}; 

2. X; refines X;-; fori = 1,...,n; 

3. Fori=1,...,nand B,C CA € X;_; with B,C € X;, there exists a one-to- 
one map f from B onto C such that d(x, f(x)) < a; for all x € B. 


Volume of finite metric space 

Given a metric space (X, d) with |X| = k < oo, its volume (Feige, 2000) is the 
maximal (k — 1)-dimensional volume of the simplex with vertices { f(x) : x € X} 
over all metric mappings f : (X,d@) > (R*!, 2). The volume coincides with the 
metric for k = 2. It is monotonically increasing and continuous in the metric d. 
Rank of metric space 

The Minkowski rank of a metric space (X, d) is the maximal dimension of 
a normed vector space (V, ||.||) such that there is an isometry (V, ||.||) > (X,d). 

The Euclidean rank of a metric space (X, d) is the maximal dimension of a 
flat in it, that is of a Euclidean space E” such that there is an isometric embedding 
a” —> (X,d). 

The quasi-Euclidean rank of a metric space (X, d) is the maximal dimen- 
sion of a quasi-flat in it, i.e., of an Euclidean space E” admitting a quasi- 
isometry E” — (X,d). Every Gromov hyperbolic metric space has this rank 1. 
Roundness of metric space 

The roundness of a metric space (X, d) is the supremum of all g such that 


















































d(x1,X2)4 + d(y1, y2)4 < d(x1, y1)4 + d(x1, yo)? + d(x2, y1)4 + d(x2, y2)4 


for any four points x;,x2, y1, yo € X. 
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Every metric space has roundness > 1; it is < 2 if the space has approximate 
midpoints. The roundness of L,-space is p if 1 < p < 2. 

The generalized roundness of a metric space (X,d) is (Enflo, 1969) the 
supremum of all g such that, for any 2k > 4 points x;, y; €¢ X with 1 <i<k, 


Yo (xix) + 4Qi.y) < YL d8(xi,y)). 


l<i<j<k ISijsk 


Lennard—Tonge—Weston, 1997, have shown that the generalized roundness is the 
supremum of g such that d is of g-negative type, i.c., d? is of negative type. 

Every CAT(0) space (Chap.6) has roundness 2, but some of them have 
generalized roundness 0 (Lafont—Prassidis, 2006). 

¢ Type of metric space 

The Enflo type of a metric space (X,d) is p if there exists a constant 1 < 
C < oo such that, for every n € N and every function f : {—1,1}" > xX, 
eee 2 (F(©).f(-)) is at most 

cP a=) een ad’ (f(é1, sees GF-1,€6,€ 415--+, En), fla, seey ER-1, —&, 
Ejtls-++>€n ). 

A Banach space (V, ||.||) of Enflo type p has Rademacher type p, i.e., for every 
X1,...,Xy, € V, it holds 


n n 
yy Woe? <C> llr. 
j=l 


ee{-1,1}" j=l 


Given a metric space (X,d), a symmetric Markov chain on X is a Markov 
chain {Z)}72, on a state space {x1,...,Xm} C X with a symmetrical transition 
m X m matrix ((aj)), such that P(Zj41 = 2) : Z; = xi) = ay and P(Zp = xj) = + 
for all integers 1 < i,j < mand/ > 0. A metric space (X,d) has Markov type 
p (Ball, 1992) if sup; M,(X,T) < oo where M,(X,T) is the smallest constant 


C > 0 such that the inequality 





























Ld? (Zr, Zo) < TC? ud? (Z,, Zo) 


holds for every symmetric Markov chain {Z)}?2, on X holds, in terms of expected 
value (mean) E[X] = }>,. xp(x) of the discrete random variable X. 
A metric space of Markov type p has Enflo type p. 
¢ Strength of metric space 
Given a finite metric space (X,d) with s different nonzero values of dj = 
d(i,j), its strength is the largest number ¢ such that, for any integers p,q > 0 
with p + q < t, there is a polynomial f,,(s) of degree at most min{p, g} such that 
(di? ))\(d;")) = (fa (@))).- 
¢ Rendez-vous number 
Given a metric space (X,d), its rendez-vous number (or Gross number, 
magic number) is a positive real number r(X,d) (if it exists) defined by the 
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property that for each integer n and all (not necessarily distinct) x1,...,%, € X 
there exists a point x € X such that 


r(X,d) = . Y> dai. x). 
i=1 


If the number r(X, d) exists, then it is said that (X,d) has the average distance 
property. Every compact connected metric space has this property. The unit ball 
{x € V: ||x|| < 1} of a Banach space (V, ||.||) has the rendez-vous number 1. 
Wiener-like distance indices 

Given a finite subset M of a metric space (X, d) and a parameter q, the Wiener 
polynomial of M (as defined by Hosoya, 1988, for the graphic metric dpa) is 


1 - 
wWMg= 5 dg. 


x,yEM: xy 


It is a generating function for the distance distribution (Chap. 16) of M, i.e., the 
coefficient of g' in W(M; q) is the number |{{x, y} ¢ M x M : d(x, y) = i} |. 

In the main case when M is the vertex-set V of a connected graph G = (V, E) 
and d is the path metric of G, the number W(M; 1) = + Dexyem 4, y) is called 
the Wiener index of G. This notion is originated (Wiener, 1947) and applied, 
together with its many analogs, in Chemistry; cf. chemical distance in Chap. 24. 

The hyper-Wiener index is Vryem (A, y) + d(x, y)*). The reverse-Wiener 
index is 5 ase u(D—d(x, y)), where D is the diameter of M. The complementary 
reciprocal Wiener index is 5 we! + D — d(x,y))~!. The Harary index is 
pe cles y))~!. The Szeged index and the vertex PI index are )~,-;, x(e)ny(e) 
and )>¢;(nx(e) +ny(e)), where e = (xy) and n,(e)=|{z € V : d(x, z) < d(y, 2)}I. 

Two studied edge-Wiener indices of G are the Wiener index of its line graph 
and 09), EE max{d(x, x’), d(x, y’), d(y, x’), d(y, y’)}. 

The Gutman—Schultz index, degree distance (Dobrynin—Kochetova, 1994), 
reciprocal degree distance and terminal Wiener index are: 


Ys nndeey), Woda win+n). © tn). YL ay), 


d(x 
x,yEM x,yEM x,yEM ( -y) xye{zeMir,=1} 


where r, is the degree of the vertex z € M. The eccentric distance sum (Gupta 
et al., 2002) is ))\-y(max{d(x,y) : x € M}d,), where dy is )) ey d(x, y). 
The Balaban index is A oper lV ay4z ~!, where c is the number of 
primitive cycles. The multiplicative Wiener index is (Das—Gutman, 2016) 
penne d(x, y). 

Given a partition P = {Vj,..., Vx} of the vertex-set V, set fp(x) = i for 
x € V;. The colored distance (Dankelman et al., 2001) and the partition distance 
(KlavZar, 2016) of G are foo #fely) d(x, y) and Leasnuy d(x, y), respectively. 
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Above indices are called (corresponding) Kirchhoff indices if d the resistance 
metric (Chap. 15) of G. 

The average distance of M is the number MMC Rage u G(x, y). In 
oe for a quasi- ee space (X,d), the numbers >’, ,<y (x,y) and 

UMI=p a yeltey Toy are called, respectively, the transmission and global 
ye of M 

e Distance polynomial 

Given an ordered finite subset M of a metric space (X, d), let D be the distance 
matrix of M. The distance polynomial of M is the characteristic polynomial of 
D, i.e., the determinant det(D — AJ). 

Usually, D is the distance matrix of the path metric of a graph. Sometimes, 
the distance polynomial is defined as det(AI — D) or (—1)"det(D — AJ). 

The roots of the distance polynomial constitute the distance spectrum (or 
D-spectrum of D-eigenvalues) of M. Let Pmax and Pmin be the largest and the 
smallest roots; then Pmax and Pmax — Pmin are called (distance spectral) radius 
and spread of M. The distance degree of x ¢ M is >) <y d(x, y). The distance 
energy of M is the sum of the absolute values of its D-eigenvalues. It is 2Pmax 
if (as, for example, for the path metric of a tree) exactly one D-eigenvalue is 
positive. 

* s-energy 

Given a finite subset M of a metric space (X,d) and a number s > 0, the 

s-energy and 0-energy of M are, respectively, the numbers 


1 1 
a Fay) and x MGs I] d(x, y). 


xyEM xAy x,yEM xA#y x,yEM xA#y 








The (unnormalized) s-moment of M is the number Loar ua’ (x,y). 

The discrete Riesz s-energy is the s-energy for Euclidean distance d. In 
general, let jz be a finite Borel probability measure on (X,d). Then U#'(x) = 
f on is the (abstract) s-potential at a point x € X. The Newton gravitational 
potential is the case (X,d) = (R*, |x — y|), s = 1, for the mass distribution ju. 

The s-energy of wis Ey = f Us (x)u(dx) = f ee and the s-capacity 
of (X, d) is (inf, E')~'. Cf. the metric capacity. 

¢ Fréchet mean 

Given a metric space (X,d) and a number s > 0, the Fréchet function is 
F(x) = E[d*(x, y)]. For a finite subset M of X, this expected value is the mean 
F(x) = yey wO)d*(x, y), where w(y) is a weight function on M. 

The points, minimizing F\(x) and F>(x), are called the Fréchet median (or 
weighted geometric median) and Fréchet mean (or Karcher mean), respectively. 

If (X,d) = (R", ||x — y||2) and the weights are equal, these points are called 
the geometric median (or Fermat—Weber point, 1-median) and the centroid (or 
geometric center, barycenter), respectively. 

The k-median and k-mean of M are the k-sets C minimizing, respectively, the 


sums cy Mincec d(y,c) = Dye dy, C) and Dey dy, C). 
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Let (X, d) be the metric space (Rso, | f(x) —f())|), where f : Rug > Risa 
given injective and continuous function. Then the Fréchet mean of M C Ryo is 
the f-mean (or Kolmogorov mean, quasi-arithmetic mean) f—' (Buf, It is the 
arithmetic, geometric, harmonic, and power mean if f = x, log(x), i, and f = x? 
(for a given p # 0), respectively. The cases p > +00,p — —oo correspond 
to maximum and minimum, while p = 2,= 1,— 0,— —1 correspond to the 
quadratic, arithmetic, geometric and harmonic mean. 

Given a completely monotonic (i.e., (—1)‘f = 0 for any k) function f € C®, 
the f-potential energy of a finite subset M of (X, d) is Doe ee G (d?(x, y)). The 
set M is called (Cohn—Kumar, 2007) universally optimal if it minimizes, among 
sets M’ Cc X with |M’| = |M|, the f-potential energy for any such f. Among 
universally optimal subsets of (S"~!, ||x — y||2), there are the vertex-sets of a 
polygon, simplex, cross-polytope, icosahedron, 600-cell, Eg root system. 
Distance-weighted mean 

In Statistics, the distance-weighted mean between given data points 
X1,...,X, 18 defined (Dodonov—Dodonova, 2011) by 


sien WR n—-1 
1<i< IL . 
sis with w; = 


ee Wi aan |xi — | 


The case w; = 1 for all i corresponds to the arithmetic mean. 
Inverse distance weighting 

In Numerical Analysis, multivariate (or spatial) interpolation is interpolation 
on functions of more than one variable. Inverse distance weighting is a method 
(Shepard, 1968) for multivariate interpolation. Let x,,...,x, be interpolating 
points (i.e., samples u; = u(x;) are known), x be an interpolated (unknown) point 
and d(x, x;) be a given distance. A general form of interpolated value u(x) is 


pares wi(x)uj 1 

u(x) = =>, with w,(x) = ———_, 

Lisisn wi(x) (d(x, xi)? 
where p > 0 (usually p = 2) is a fixed power parameter. 
Transfinite diameter 

The n-th diameter D,(M) and the n-th Chebyshev constant C,(M) of a set 
M CX ina metric space (X, d) are defined (Fekete, 1923, for the complex plane 
C) as 


D,(M) = — sup [dip and C,(M) = inf sup [ae 


X1,...,.Xn€M ij Rises in EM jy 
The number log D,(M) (the supremum of the average distance) is called the 
n-extent of M. The numbers D,(M),C,(M) come from the geometric mean 
averaging; they also come as the limit case s —> 0 of the s-moment >”, za (xi, xj)* 
averaging. 


~ 50 Ohm stripline 
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The transfinite diameter (or oo-th diameter) and the oo-th Chebyshev 
constant Coo(M) of M are defined as 


Doo(M) = lim D,(M) and Cyo(M) = lim C,(M); 
noo n—>oo 


these limits existing since {D,(M)} and {C,,(M)} are nonincreasing sequences of 
nonnegative real numbers. Define D..(@) = 0. 
The transfinite diameter of a compact subset of C is its conformal radius at 
infinity (cf. Chap. 6); for a segment in C, it is t of its length. 
¢ Metric diameter 
The metric diameter (or diameter, width) diam(M) of a set M C X ina 
metric space (X, d) is defined by 


sup d(x, y). 
xyEM 


The diameter graph of M has, as vertices, all points x € M with d(x,y) = 
diam(M) for some y € M; it has, as edges, all pairs of its vertices at distance 
diam(M) in (X, d). (X, d) is called a diametrical metric space if any x € X has 
the antipode, i.e., a unique x’ € X such that the closed metric interval (x, x’) is 
Xx. 

The furthest neighbor digraph of M is a directed graph on M, where xy is an 
arc (called a furthest neighbor pair) whenever y is at maximal distance from x. 

In a metric space endowed with a measure, one says that the isodiametric 
inequality holds if the metric balls maximize the measure among all sets with 
given diameter. It holds for the volume in Euclidean space but not, for example, 
for the Heisenberg metric on the Heisenberg group (Chap. 10). 

The k-ameter (Grove—Markvorsen, 1992) is supgey: |x|=x 5 Vxyex I, y), 
and the k-diameter (Chung—Delorme-Sole, 1999) is supxcy: ik| =k Whe yex: rey 
d(x, y). 

Given a property P C X x X of a pair (K, K’) of subsets of a finite metric 
space (X,d), the conditional diameter (called P-diameter in Balbuena et al., 
1996) is Max(K,K’)eP MIN(y y)EKXK’ d(x, y). It is diam(X, d) if P = {(K, K’) € 
X x X : |K| = |K’| = 1}. When (X,d) models an interconnection network, 
the P-diameter corresponds to the maximum delay of the messages interchanged 
between any pair of clusters of nodes, K and K’, satisfying a given property P of 
interest. 

¢ Metric spread 

A subset M of a metric space (X, d) is called Delone set (or separated €-net, 
(A, a)-Delone set) if it is bounded (with a finite diameter A = SUP, yem d(x, y)) 
and metrically discrete (with a separation a = inf, yeyx4y d(x, y) > 0). 

The metric spread (or distance ratio, normalized diameter) of M is the 
ratio 4. 

a 
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The aspect ratio (or axial ratio) of a shape is the ratio of its longer and shorter 
dimensions, say, the length and diameter of a rod, major and minor axes of a torus 
or width and height of a rectangle (image, display, pixel, etc.). 

For a mesh M with separation a and covering radius (or mesh norm) c = 
SUPyey INfrem d(x, y), the mesh ratio is ©. 

In Physics, the aspect ratio is the ratio of height-to-length scale characteristics. 
Cf. the wing’s aspect ratio among aircraft distances in Chap. 29. 

Dynamic range DNR is the ratio between the largest and smallest possible 
values of a quantity, such as in sound or light signals; cf. SNR distance in 
Chap. 21. 

Eccentricity 

Given a bounded metric space (X, d), the eccentricity (or Koenig number) of 
a point x € X is the number e(x) = maxyex d(x, y). 

The numbers D = maxyex e(x) and r = miny,ex e(x) are called the diameter 
and the radius of (X,d), respectively. The point z € X is called central if 
e(z) = r, peripheral if e(z) = D, and pseudo-peripheral if for each point x with 
d(z,x) = e(z) it holds that e(z) = e(x). For finite |X|, the average eccentricity is 
mT Yo rex (x), and the contour of (X,d) is the set of points x € X such that no 
neighbor (closest point) of x has an eccentricity greater than x. 

The eccentric digraph (Buckley, 2001) of (X,d) has, as vertices, all points 
x € X and, as arcs, all ordered pairs (x,y) of points with d(x,y) = e(y). 
The eccentric graph (Akyiama—Ando-Avis, 1976) of (X, d) has, as vertices, all 
points x € X and, as edges, all pairs (x, y) of points at distance min{e(x), e(y)}. 

The super-eccentric graph (Iqbalunnisa—Janairaman—Srinivasan, 1989) of 
(X, d) has, as vertices, all points x € X and, as edges, all pairs (x, y) of points 
at distance no less than the radius of (X,d). The radial graph (Kathiresan— 
Marimuthu, 2009) of (X,d) has, as vertices, all points x € X and, as edges, 
all pairs (x, y) of points at distance equal to the radius of (X, d). 

The sets {x € X : e(x) < e(z) forany z € X}, {x © X : e(x) = 
e(z) forany z € X}and {x € X: Dicyd(xy) < Diveyd(z,y) for any z € X} 
are called, respectively, the metric center (or eccentricity center, center), metric 
antimedian (or periphery) and the metric median (or distance center) of (X, d). 
Radii of metric space 

Given a bounded metric space (X,d) and a set M C X of diameter D, 
its metric radius (or radius) Mr, covering radius (or directed Hausdorff 
distance from X to M) Cr and remoteness (or Chebyshev radius) Re are the 
numbers infyey SUPyey A(X, y), SUP, ex infyey d(x, y) and infrex sUPy ey d(x, y), 
respectively. It holds that 2 < Re < Mr < Dwith Mr = 2 in any injective 
metric space. Somemimes, 9 is called the radius. 

For m > 0, a minimax distance design of size m is an m-subset of X having 
smallest covering radius. This radius is called the m-point mesh norm of (X, d). 

The packing radius Pr of M is the number sup{r : inf, yey. d(x, y) > 2r}. 
For m > 0, a maximum distance design of size m is an m-subset of X having 
largest packing radius. This radius is the m-point best packing distance on (X, d). 
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€-net 

Given a metric space (X,d), a subset M C X, and a number € > 0, the e- 
neighborhood of M is the set MS = U;ey B(x, €). 

The set M is called an €-net (or €-covering, €-approximation) of (X,d) if 
M* = X, ie., the covering radius of M is at most e. 

Let C, denote the €-covering number, i.e., the smallest size of an €-net in 
(X, d). The number lg, C, is called (Kolmogorov—Tikhomirov, 1959) the metric 
entropy (or €-entropy) of (X,d). It holds P. < C. < Pe, where P, denote 
the €-packing number of (X,d), i.e., sup{|M| : M C X,B(x,€) N BO,«) = 
® for any x,y € M,x # y}. The number lg, P, is called the metric capacity (or 
€-capacity) of (X,d). 

Steiner ratio 

Given a metric space (X, d) and a finite subset V C X, let G = (V, E) be the 
complete weighted graph on V with edge-weights d(x, y) for all x,y € V. 

Given a tree T, its weight is the sum d(T) of its edge-weights. A spanning tree 
of V is a subset of |V| — 1 edges forming a tree on V. Let MSpTy be a minimum 
spanning tree of V, i.e., a spanning tree with the minimal weight d(MSpTy). 

A Steiner tree of V is a tree on Y, V C Y C X, connecting vertices 
from V; elements of Y \ V are called Steiner points. Let SIMTy be a minimum 
Steiner tree of V, 1.e., a Steiner tree with the minimal weight d(StMTy) = 
infycy:ycy d(MSpTy). This weight is called the Steiner diversity of V; cf. 
diversity in Chap. 3. It is the Steiner distance of set V (Chap. 15) if (X,d) is 
graphic metric space. 

The Steiner ratio St(X, d) of the metric space (X, d) is defined by 


_ , d(StMTy) 
inf ——____, 
vcx d(MSpTy) 


Cf. arc routing problems in Chap. 15. 
Chromatic numbers of metric space 

Given a metric space (X,d) and a set D of positive real numbers, the D- 
chromatic number of (X, d) is the standard chromatic number of its D-distance 
graph, i.e., the graph (X, E) with the vertex-set X and the edge-set E = {xy : 
d(x,y) € D} (Chap. 15). Usually, (X,d) is an /,-space and D = {1} (Benda- 
Perles chromatic number) or D = [1 —«, 1 + €]. 

For a metric space (X, d), the polychromatic number is the minimum number 
of colors needed to color all the points x € X so that, for each color class C;, there 
is a distance d; such that no two points of C; are at distance dj. 

For a metric space (X,d), the packing chromatic number is the minimum 
number of colors needed to color all the points x € X so that, for each color class 
C;, no two distinct points of C; are at distance at most i. 

For any integer t > 0, the t-distance chromatic number of a metric space 
(X, d) is the minimum number of colors needed to color all the points x € X so 
that any two points whose distance is < ¢ have distinct colors. Cf. k-distance 
chromatic number in Chap. 15. 
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For any integer ¢ > 0, the t-th Babai number of a metric space (X, d) is the 
minimum number of colors needed to color all the points in X so that, for any set 
D of positive distances with |D| < t, any two points x,y € X with d(x,y) € D 
have distinct colors. 

Congruence order of metric space 

A metric space (X,d) has congruence order n if every finite metric space 
which is not isometrically embeddable in (X,d) has a subspace with at most 
n points which is not isometrically embeddable in (X,d). For example, the 
congruence order of /5 is n + 3 (Menger, 1928); it is 4 for the path metric of 
a tree. 


1.4 Main Mappings of Metric Spaces 


Distance function 

In Topology, the term distance function is often used for distance. But, in 
general, a distance function (or ray function) is a continuous function on a 
metric space (X,d) (usually, on a Euclidean space E”) f : X — Rso which is 
homogeneous, 1.e., f (tx) = tf(x) for all t > 0 and all x € X. 

Such function f is called positive if f(x) > 0 for all x 4 0, symmetric if 
f(x) =f (—%), convex if f(tx + (1 — dy) < #(®) + Ud —df() for any0 <t< 1 
and x # y, and strictly convex if this inequality is strict. 

If X = E”, the set Sy = {x € R" : f(x) < 1} is star body, i.e., x € S¢ implies 
[0,x] C Sy. Any star body S corresponds to a unique distance function g(x) = 
infpes 50 i, and S = S,. The star body is bounded if f is positive, symmetric 
about the origin if f is symmetric, convex if f is convex, and strictly convex (i.e., 
the boundary 0B does not contain a segment) if f is strictly convex. 

For a quadratic distance function of the form fy, = xAx’, where A is a real 
matrix and x € R”, the matrix A is positive-definite (i.c., the Gram matrix 
VW! = (((u;, v;))) of n linearly independent vectors v; = (vj1,..., Vin)) if and 
only if f4 is symmetric and strictly convex function. The homogeneous minimum 
of fa is 


























min(fa) = inf fats) to 22" 
where L = {)° x;v; : x; € Z} is a lattice, i.e., a discrete subgroup of R” spanning 
it. The Hermite constant y,, a central notion in Geometry of Numbers, is the 
supremum, over all positive-definite (n x n)-matrices, of min(f,) det(A) i. It is 
known only for 2 <n < 8 andn = 24; cf. systole of metric space. 

Convex distance function 
Given a compact convex region B C R” containing the origin O in its interior, 
the convex distance function (or Minkowski distance function, Minkowski 
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seminorm, gauge) is the function ||P||z whose value at a point P € R"” is the 
distance ratio an where Q € B is the furthest from O point on the ray OP. 
Then dg(x, y) = ||x — y||g is the quasi-metric on R” defined, for x 4 y, by 


inffa > 0: y—x € aB}, 


and B = {x € R": dg(0,x) < 1} with equality only for x € OB. 

The function ||P||z is called a polyhedral distance function if B is a n- 
polytope, simplicial distance function if it is a n-simplex, and so on. 

If B is centrally-symmetric with respect to the origin, then dg is a 
Minkowskian metric (Chap. 6) whose unit ball is B. This is the /;-metric if 
B is the n-cross-polytope and the /,9-metric if B is the n-cube. 

¢ Funk distance 

Let B be an nonempty open convex subset of R”. For any x, y € B, denote by 
R(x, y) the ray from x through y. The Funk distance (Funk, 1929) on B is the 
quasi-semimetric defined, for any x, y € B, as 0 if the boundary 0(B) and R(x, y) 
are disjoint, and, otherwise, i.e., if R(x, y) NM 0B = {z}, by 


[lx = zlle 


In : 
lly — zll2 


The Hilbert projective metric in Chap. 6 is a symmetrization of this distance. 
¢ Metric projection 

Given a metric space (X,d) and a subset M C X, an element up € M is called 
an element of best approximation (or nearest point) to a given element x € X 
if d(x, uo) = inf,cy d(x, u), i.e., if d(x, uo) is the point-set distance d(x, M). 

A metric projection (or operator of best approximation, nearest point map) 
is a multivalued mapping associating to each element x € X the set of elements 
of best approximation from the set M (cf. distance map). 

A Chebyshev set in a metric space (X,d) is a subset M C X containing a 
unique element of best approximation for every x € X. 

A subset M C X is called a semi-Chebyshev set if the number of such 
elements is at most one, and a proximinal set if this number is at least one. 

While the Chebyshev radius (or remoteness; cf. radii of metric space) 
of the set M is infyex sup, cy d(x, y), a Chebyshev center of M is an element 
xo € X realizing this infimum. Sometimes (say, for a finite graphic metric 
space), ut infrex ) yey A(x, y) and ut SUP,ex Dyem (x, y) are called proximity 
and remoteness of M. 

¢ Distance map 

Given a metric space (X,d) and a subset M C X, the distance map is a 
function fy : X — Rso, where f(x) = infyew d(x, u) is the point-set distance 
d(x, M) (cf. metric projection). 
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If the boundary B(M) of the set M is defined, then the signed distance 
function gy is defined by gy(x) = —infyegyyy d(x, u) for x € M, and gy(x) = 
inf,<acm) d(x, u), otherwise. If M is a (closed orientable) n-manifold (Chap. 2), 
then gy is the solution of the eikonal equation |V g| = 1 for its gradient V. 

If X = R” and, for every x € X, there is unique element u(x) with d(x, M) = 
d(x, u(x)) (i.e., M is a Chebyshev set), then ||x—u(x)|| is called a vector distance 
function. 

Distance maps are used in Robot Motion (M being the set of obstacle points) 
and, especially, in Image Processing (M being the set of all or only boundary 
pixels of the image). For X = R?, the graph {(x,fy(x)) : x € X} of d(x, M) is 
called the Voronoi surface of M. 

Isometry 

Given metric spaces (X,dy) and (Y,dy), a function f : X —> Y is 
called an isometric embedding of X into Y if it is injective and the equality 
dy (f(x), f(y)) = dx(x, y) holds for all x, y € X. 

An isometry (or congruence mapping) is a bijective isometric embedding. 
Two metric spaces are called isometric (or isometrically isomorphic) if there 
exists an isometry between them. 

A property of metric spaces which is invariant with respect to isometries (com- 
pleteness, boundedness, etc.) is called a metric property (or metric invariant). 

A path isometry (or arcwise isometry) is a mapping from X into Y (not 
necessarily bijective) preserving lengths of curves. 

Rigid motion of metric space 

A rigid motion (or, simply, motion) of a metric space (X, d) is an isometry 
of (X, d) onto itself. 

For a motion f, the displacement function d/(x) is d(x,f(x)). The motion 
f is called semisimple if infyex dg(x) = d(xo,f(xo)) for some x) € X, and 
parabolic, otherwise. A semisimple motion is called elliptic if infyex dp(x) = 0, 
and axial (or hyperbolic), otherwise. A motion is called a Clifford translation if 
the displacement function d,(x) is a constant for all x € X. 

Symmetric metric space 

A metric space (X, d) is called symmetric if, for any point p € X, there exists 
a symmetry relative to that point, i.e., a motion f, of this metric space such that 
So (fp(®)) = x for all x € X, and p is an isolated fixed point of f,. 

Homogeneous metric space 

A metric space is called homogeneous (or point-homogeneous) if, for any two 
points of it, there exists a motion mapping one of the points to the other. 

In general, a homogeneous space is a set together with a given transitive group 
of symmetries. Moss, 1992, defined similar distance-homogeneous distanced 
graph. 

A metric space is called ultrahomogeneous space (or highly transitive) if any 
isometry between two of its finite subspaces extends to the whole space. 

A metric space (X, d) is called (Griinbaum—Kelly) a metrically homogeneous 
metric space if {d(x, z) : z € X} = {d(y,z) : z € X} for any x,y € X. 
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Flat space 

A flat space is any metric space with local isometry to some E”, i.e., each 
point has a neighborhood isometric to an open set in E”. A space is locally 
Euclidean if every point has a neighborhood homeomorphic to an open subset 
in E”. 

Dilation of metric space 

Given a metric space (X, d), its dilation (or r-dilation) is a mapping f : X > 
X with d(f(x),f(y)) = rd(x, y) for some r > 0 and any x € X. 

Wobbling of metric space 

Given a metric space (X,d), its wobbling (or r-wobbling) is a mapping f : 
X — X with d(x, f(x)) < r for some r > 0 and any x € X. 

Paradoxical metric space 

Given a metric space (X,d) and an equivalence relation on the subsets of X, 
the space (X, d) is called paradoxical if X can be decomposed into two disjoint 
sets M,, M2 so that M,, M2 and X are pairwise equivalent. 

Deuber, Simonovitz and Sés, 1995, introduced this idea for wobbling equiva- 
lent subsets M,, My C X, i.e., there is a bijective r-wobbling f : M, — M). For 
example, (R?, /2) is paradoxical for wobbling but not for isometry equivalence. 
Metric cone 

A pointed metric space (X, d, xo) is called a metric cone, if it is isometric to 
(AX, d, xo) for all A > 0. A metric cone structure on (X, d, xo) is a (pointwise) 
continuous family f; (¢ € Rso) of dilations of X, leaving the point xo invariant, 
such that d( f(x), f:(v)) = td(x, y) for all x, y and f; of; = fis. A Banach space has 
such a structure for the dilations f,(x) = tx (t € Rso). The Euclidean cone over a 
metric space (cf. cone over metric space in Chap. 9) is another example. 

The tangent metric cone over a metric space (X,d) at a point xo is (for all 
dilations tX = (X,td)) the closure of U;sofX, i.e., of lim; ‘X taken in the 
pointed Gromov—Hausdorff topology (cf. Gromov—Hausdorff metric). 

The asymptotic metric cone over (X,d) is its tangent metric cone “at 
infinity”, i.e., QsofX = lim; tX. Cf. boundary of metric space in Chap. 6. 

The term metric cone was also used by Bronshtein, 1998, for a convex cone 
C equipped with a complete metric compatible with its operations of addition 
(continuous on C x C) and multiplication (continuous on C x Ro). by all A > 0. 
Metric fibration 

Given a complete metric space (X, d), two subsets M, and Mp) of X are called 
equidistant if for each x € M, there exists y € Mz with d(x, y) being equal to the 
Hausdorff metric between the sets M; and M2. A metric fibration of (X, d) is 
a partition F of X into isometric mutually equidistant closed sets. 

The quotient metric space X/F inherits a natural metric for which the 
distance map is a submetry. 

Homeomorphic metric spaces 

Two metric spaces (X, dy) and (Y, dy) are called homeomorphic (or topolog- 
ically isomorphic) if there exists a homeomorphism from X to Y, i.e., a bijective 
function f : X — Y such that f and f—! are continuous (the preimage of every 
open set in Y is open in X). 
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Two metric spaces (X,dy) and (Y,dy) are called uniformly isomorphic if 
there exists a bijective function f : X — Y such that f and f—! are uniformly 
continuous. A function g is uniformly continuous if, for any € > 0, there 
exists 6 > 0 such that, for any x,y € X, the inequality dy(x,y) < 6 implies 
that dy(g(x),f(y)) < €; a continuous function is uniformly continuous if X is 
compact. 

Mobius mapping 
Given distinct points x, y, z, w of a metric space (X, d), their cross-ratio is 


d(x.y)d@w) 


cr((x,y,Z,W),d) = d(x, z)d(y, w) 


Given metric spaces (X, dy) and (Y, dy), a homeomorphism f : X — Y is 
called a Mébius mapping if, for every distinct points x, y, z, w € X, it holds 


cr((x, y, zw), dx) = er((F@).f0). ff), dy). 


A homeomorphism f : X — Y is called a quasi-M6bius mapping (Vaisala, 
1984) if there exists a homeomorphism Tt : [0, 00) — [0, co) such that, for every 
quadruple x, y, z, w of distinct points of X, it holds 


cr((f(®).f0), f@). fw), dy) < t(cr((%, y, zw), dx)). 


A metric space (X, d) is called metrically dense (or [1-dense for given u > 1, 
Aseev-—Trotsenko, 1987) if for any x,y € X, there exists a sequence {z;,i € Z} 
with z; > x as i > —oo, 7 > y asi — oo, and logcr((x, z, zi41,y),d) < logu 
for all i € Z. The space (X, d) is -dense if and only if (Tukia- Vaisala, 1980), for 
any x, y € X, there exists z € X with aT < d(x,z) < te 
Quasi-symmetric mapping 

Given metric spaces (X,dy) and (Y,dy), a homeomorphism f : X —> Y 
is called a quasi-symmetric mapping (Tukia—Vaisalaé, 1980) if there is a 
homeomorphism t : [0,co) — [0,00) such that, for every triple (x, y, z) of 
distinct points of X, 


Ay(FO)FO) — ax@y) 
dy(f(x).f(2)) ~ dx, 2) 


Quasi-symmetric mappings are quasi-M6bius, and quasi-Mobius mappings 
between bounded metric spaces are quasi-symmetric. In the case f : R’? > R", 
quasi-symmetric mappings are exactly the same as quasi-conformal mappings. 
Conformal metric mapping 

Given metric spaces (X, dy) and (Y,dy) which are domains in R”, a home- 
omorphism f : X — Y is called a conformal metric mapping if, for any 


nonisolated point x € X, the limit lim,_,, ee ema exists, is finite and positive. 
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A homeomorphism f : X — Y is called a quasi-conformal mapping (or, 
specifically, C-quasi-conformal mapping) if there exists a constant C such that 





fan sup MXAVFO).FO)) #dvlO) SA Cg 
r>0 minfdy(f(x),f(y)) : dx(x,y) > r} 


for each x € X. The smallest such constant C is called the conformal dilation. 
The conformal dimension of a metric space (X,d) (Pansu, 1989) is the 
infimum of the Hausdorff dimension over all quasi-conformal mappings of 
(X, d) into some metric space. For the middle-third Cantor set on [0, 1], it is 0 
but, for any of its quasi-conformal images, it is positive. 
¢ Hélder mapping 
Let c,a@ > 0 be constants. Given metric spaces (X, dy) and (Y, dy), a function 
f : X — Y is called the Hélder mapping (or a-Hélder mapping if the constant 
a should be mentioned) if for all x, y €¢ X 


dy(f(x).f()) < c(dx(x, y))”. 


A 1-H6lder mapping is a Lipschitz mapping; 0-H6lder mapping means that 
the metric dy is bounded. 
¢ Lipschitz mapping 
Let c be a positive constant. Given metric spaces (X,dx) and (Y,dy), a 
function f : X — Y is called a Lipschitz (or Lipschitz continuous, c-Lipschitz 
if the constant c should be mentioned) mapping if for all x, y € X it holds 


dy (f(x). f(y) < cdx(x, y). 


A c-Lipschitz mapping is called a metric mapping if c = 1, and is called a 
contraction if c < 1. 
¢ Bi-Lipschitz mapping 
Given metric spaces (X, dy), (Y, dy) and a constant c > 1, a function f : X > 
Y is called a bi-Lipschitz mapping (or c-bi-Lipschitz mapping, c-embedding) if 
there exists a number r > 0 such that for any x, y € X it holds 


rdx (x,y) < dy(f(x),f(Y)) S erdx(x, y). 


Every bi-Lipschitz mapping is a quasi-symmetric mapping. 

The smallest c for which f is a c-bi-Lipschitz mapping is called the distortion 
of f. Bourgain, 1985, proved that every k-point metric space c-embeds into a 
Euclidean space with distortion O(Ink). Gromov’s distortion for curves is the 
maximum ratio of arc length to chord length. 

Two metrics d; and d) on X are called bi-Lipschitz equivalent metrics if 
there are positive constants c and C such that cd, (x, y) < d2(x, y) < Cd, (x, y) for 
all x, y € X, i.e., the identity mapping is a bi-Lipschitz mapping from (X, d,) into 
(X, dy). Bi-Lipschitz equivalent metrics are equivalent, i.c., generate the same 
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topology but, for example, equivalent L;-metric and Lz-metric (cf. L,-metric in 
Chap. 5) on R are not bi-Lipschitz equivalent. 

A bi-Lipschitz mapping f : X — Y is a c-isomorphism f : X — f(X). 
c-isomorphism of metric spaces 

Given two metric spaces (X, dy) and (Y, dy), the Lipschitz norm ||.||zip on the 
set of all injective mappings f : X — Y is defined by 


dy(F).fO)) 


| i li x,yEX xy dx (x, y) 

Two metric spaces X and Y are called c-isomorphic if there exists an injective 
mapping f : X > Y such that ||f||zipl|f7'|zip < ¢- 
Metric Ramsey number 

For a given class M of metric spaces (usually, [,-spaces), an integer n > 1, 
and a real number c > 1, the metric Ramsey number (or c-metric Ramsey 
number) Ry,4(c,n) is the largest integer m such that every n-point metric space 
has a subspace of cardinality m that c-embeds into a member of M (see 
[BLMNO05]). 

The Ramsey number R,, is the minimal number of vertices of a complete graph 
such that any edge-coloring with n colors produces a monochromatic triangle. 
The following metric analog of R, was considered in [Masc04]: the least number 
of points a finite metric space must contain in order to contain an equilateral 
triangle, i.e., to have equilateral metric dimension greater than two. 

Uniform metric mapping 

Given metric spaces (X, dy) and (Y,dy), a function f : X — Y is called a 
uniform metric mapping if there are two nondecreasing functions g; and go 
from Ro to itself with lim, oo g;(r) = oo for i = 1, 2, such that the inequality 


8i(dx(x,y)) < dy(f(),f()) < g2(dx(x y)) 


holds for all x, y € X. A bi-Lipschitz mapping is a uniform metric mapping with 
linear functions g1, go. 
Metric compression 

Given metric spaces (X, dy) (unbounded) and (Y, dy), a function f : X > Y 
is a large scale Lipschitz mapping if, for some c > 0,D = O and all x,y € X, 


dy (f(x), f(y)) < cdx(x, y) + D. 


The compression of such a mapping f is pr(r) = infa, .yy>r dy (f(@), fQ)). 
The metric compression of (X, dy) in (Y, dy) is defined by 


log max{p,(r), 1} 


logr i 


R(X,Y)= sup{lim,_, 4 
f 


where the supremum is over all large scale Lipschitz mappings /. 








AN RF AMMETER 





James Brett 
GOTFP says 
that by looking 
back to the time 
when ‘Aerial 
current’ was 
used as the 
indicator for 
antenna system 
efficiency, 
instead of an 
S.W.r, meter, you 
could improve 
your station, 
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here wns a time, 
hefore coaxial eahie 
feeder was generally 
used in Radin 
Amateur stations, 
when output pawer and general 
antenna system efiiciency were 
guuged by the amount of ef. 
current Mowing in the antenna 
eateuitry: 
in the early days of radio 
‘aerial current’ was an important 
Measurement to be observed, 
dust look at Second World War 
military equipment, the ammeter 
used for this purpose was often 
an hot wire type, with the 
antenna system current flowing 
thraugh a short section of thin 
wire within the ammeter. 


Mechanical Instrument 


Such a mechanical instrument as 
the hut wiré animeter, shown in 
Fig. 1 and hot wire thermocouple 
ammeters are nol now generally 
available. The design presented 
here, is based on the technique of 
a current tranaformer, feeding a 
moving coil meter, calibrated to 
read root mean square (rma, )" 
eurrent, vin a rectifier. 

(* The rms. malue of « 
sinewave fs the mathematical 
derivation of the effective a.c. 
voltage that produces the same 
power tr ire fond as a sinewave 
with a known peak voltage. 
Editor) 

The heat generated by the 
actual current Mowing, caused 
the length of the wire to extend 
slightly This stight extension 
was magnified via.a pointer, and 
used on a-scale, as an indication 
of the xf, current passing into 
the feeder system and sa to the 
antenna. 

Consider what this current 
flow can show, In tuning up and 
londing untennas, it follows that 
the more current flowing into it 
the better. More current means & 
stronger magnetic field and 
hence potentially more signal 
radiated. 

The c.f ammeter can also be 
used for transmitter power 
output measurements, Working 
in toa matched dummy load or 
tuned and correctly matched 


antenna, which can be alsa 
considered as 2 pure resistance, 
measurement of the current will 
indicate the power. 

Por example with a 508 loud 
and a with & measured current of 
O.5A flowing, power (given by ? 
Riis §2.5W. Interestingly a 
current of LA flowing ina 5082 
load, represents a power GOW 

With the lower h.f bands and 
antennas that were often random 
length, measurement of current 
in the antenna was the easiest 


overload, The old hat wire 
instruments were very casily 
burnt out and even a moderate 
overload would aiter the 
characteristic of the hot wire 
inaking it very inaccorate. 

The design uses # current 
transformer with a ratio of 50:1. 
So, for & current of LA flowing in 
the primary circuit, the 
aecondary current will be 20mA, 
The secondary ef. current. is 
rectified by the diode bridge; D1- 
D4, and used to drive the 
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Terminal 7 


‘, 


owww—_S 
Small spring to keep \ 


~~ _> the spendie 30, that movement 
causes the pointer to 


ihe “hot wire a 
under 3 sight tension 


Current between the two terminals 
_ passes through this wire and 

‘\ causes a small length change due 
“yo the heating effect 











Terminal 2 


This wire passes sound 


rotate indicating the change 


© Fig. 3: A skeleton view of a hot were current meter, an eatrement shat reads a.¢ 
(r.m.s.} or d.c..cuntet wash the same scale, See text for mane detads 


D1-Dé 1N4748 





* See text 


® Fig. 2: The orcuit mayan of GOTFF’s Ff Qument mecer. Seo teat toe mare deta 


solution ta maximising output. 
Using the rf. current ammeter 
this approuch can be repeated 
and other experiments with Jong 
wire antennas made. 


Circuit Diagram 

The cireait diagram of my 
current meter, ia shown in Pig, 
2. One big advantage of this 
approach ts its tolerance ta 


shunted moving coil meter M1. 
The peak value of a sinewave 
is 1.414 times (V2) its nm.s. 
vilue (either current or voltage). 
But in a meter the value 
indicated in not the rms. but the 
value of the mean voltage for 
current). Like all moving coil 
meters, the displayed value of 
the rectified a.¢, is the mean 
value of the a,c, voltage's peak 
level, And ao, this must he taken 
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In the main interesting case—when (Y, dy) is a Hilbert space and (X, dy) is a 
(finitely generated discrete) group with word metric—R(X, Y) = 0 if there is no 
(Guentner—Kaminker, 2004) uniform metric mapping (X,dy) — (Y,dy), and 
R(X, Y) = 1 for free groups, even if there is no quasi-isometry. Arzhantzeva— 
Guba-Sapir, 2006, found groups with 5 < R(X, Y) < 3. 

¢ Quasi-isometry 

Given metric spaces (X, dy) and (Y,dy), a function f : X — Y is called a 
quasi-isometry (or (C, c)-quasi-isometry) if it holds 


Cldx(x,y) —¢ < dy(f(x),f)) < Cdx(x,y) +, 


for some C > 1,c = 0, and Y = UyexBa, (f(x), c), i.e., for every point y € Y, 
there exists x € X such that dy(y,f(x)) < 5. Quasi-isometry is an equivalence 
relation on metric spaces; it is a bi-Lipschitz equivalence up to small distances. 
Quasi-isometry means that metric spaces contain bi-Lipschitz equivalent Delone 
sets. 

A quasi-isometry with C = | is called a coarse isometry (or rough isometry, 
almost isometry). Cf. quasi-Euclidean rank of a metric space. 

¢ Coarse embedding 

Given metric spaces (X,dy) and (Y,dy), a function f : X — Y is called 
a coarse embedding if there exist nondecreasing functions (1, 92 : [0,00) > 
[0, 00) with pi(dx(x,x’)) < dy(f(x),fQ’)) < p2(dx(x,2’)) if x,x’ € X and 
lim;-+o0 p1(t) = +00. 

Metrics d,,d2 on X are called coarsely equivalent metrics if there exist 
nondecreasing functions f,g : [0,co) — [0,00) such that dj < f(do),do < 
g(di). 

¢ Metrically regular mapping 

Let (X, dx) and (Y, dy) be metric spaces, and let F be a set-valued mapping 
from X to Y, having inverse F', i.e., with x € F—!(y) if and only if y € F(x). 

The mapping F is said to be metrically regular at x for y (Dontchev—Lewis— 
Rockafeller, 2002) if there exists c > 0 such that it holds 


dx(x, F_'(y)) < cdy(y, F(x) 


for all (x, y) close to (x, y). Here d(z, A) = infye, d(z, a) and d(z, @) = +00. 
¢ Contraction 
Given metric spaces (X, dy) and (Y,dy), a function f : X — Y is called a 
contraction if the inequality 


dy(f(x).fQ)) < cdx(x, y) 


holds for all x, y € X and some real number c, 0 < c < 1. 

Every contraction is a contractive mapping, and it is uniformly continuous. 
Banach fixed point theorem (or contraction principle): every contraction from a 
complete metric space into itself has a unique fixed point. 
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¢ Contractive mapping 
Given metric spaces (X, dy) and (Y,dy), a function f : X — Y is called a 
contractive (or strictly short, distance-decreasing) mapping if 


dy(f(x).f0)) < dx, y) 


holds for all different x, y €¢ X. A function f : X — Y is called a noncontractive 
mapping (or dominating mapping) if for all x, y € X it holds 


dy(f(x). f(y) = dx(x,y). 


Every noncontractive bijection from a totally bounded metric space onto 
itself is an isometry. 
¢ Short mapping 
Given metric spaces (X,dy) and (Y,dy), a function f : X — Y is called 
a short (or /-Lipschitz, nonexpansive, distance-noninreasing, metric) mapping 
(or semicontraction) if for all x, y € X it holds 


dy(f(x).f0)) < dx, y). 


A submetry is a short mapping such that the image of any metric ball is a 
metric ball of the same radius. 

The set of short mappings f : X — Y for bounded metric spaces (X, dy) and 
(Y, dy) is a metric space under the uniform metric sup{dy (f(x), g(x)) : x € X}. 

Two subsets A and B of a metric space (X,d) are called (Gowers, 2000) 
similar if there exist short mappings f : A — X, g : B — X anda small 
€ > 0 such that every point of A is within € of some point of B, every point of 
B is within € of some point of A, and |d(x, g(f(x))) — dv. f(g()))| < € for any 
xEA,yeB. 

¢ Category of metric spaces 

A category WV consists of a class Ob(W) of objects and a class Mor(W) of 

morphisms (or arrows) satisfying the following conditions: 


1. To each ordered pair of objects A, B is associated a set (A, B) of morphisms, 
and each morphism belongs to only one set Y(A, B); 

2. The composition f - g of two morphisms f : A —> B, g : C — Dis defined if 
B = Cin which case it belongs to W(A, D), and it is associative; 

3. Each set W(A, A) contains, as an identity, a morphism id, such that f - ids = f 
and id, - g = g for any morphisms f :X > Aandg:A— Y. 


The category of metric spaces, denoted by Met (see [Isbe64)]), is a category 
which has metric spaces as objects and short mappings as morphisms. A unique 
injective envelope exists in this category for every one of its objects; it can be 
identified with its tight span. In Met, the monomorphisms are injective short 
mappings, and isomorphisms are isometries. Met is a subcategory of the category 
which has metric spaces as objects and Lipschitz mappings as morphisms. 
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Cf. metric 1-space on the objects of a category in Chap. 3. 
Injective metric space 

A metric space (X,d) is called injective if, for every isometric embedding 
f : X — X’ of (X,d) into another metric space (X’,d’), there exists a short 
mapping f’ from X’ into X with f’ - f = idx, i.e., X is a retract of X’. 

Equivalently, X is an absolute retract, i.e., a retract of every metric space into 
which it embeds isometrically. A metric space (X,d) is injective if and only if 
it is hyperconvex. Examples of such metric spaces are [{-space, /”.,-space, any 
real tree and the tight span of a metric space. 

Injective envelope 

The injective envelope (introduced first in [Isbe64] as injective hull) is a 
generalization of Cauchy completion. Given a metric space (X,d), it can be 
embedded isometrically into an injective metric space (X, d); given any such 
isometric embedding f : X > X, there exists a unique smallest injective subspace 
(X, d) of (X, d) containing f(X) which is called the injective envelope of X. It is 
isometrically identified with the tight span of (X, d). 

A metric space coincides with its injective envelope if and only if it is 
injective. 

Tight extension 

An extension (X’, d’) of a metric space (X, d) is called a tight extension if, for 
every semimetric d” on X’ satisfying the conditions d’ (x1, x2) = d(x1, x2) for all 
X1,X2 € X, and d"(y1, y2) < d'(y1, y2) for any y,, y2 € X’, one has da” (y), y2) = 
d'(y1, 2) for all YE Xx’. 

The tight span is the universal tight extension of X, i.e., it contains, up to 
isometries, every tight extension of X, and it has no proper tight extension itself. 
Tight span 

Given a metric space (X, d) of finite diameter, consider the set RX = {f : X > 
R}. The tight span 7(X, d) of (X,d) is defined as the set T(X,d) = {f € R*: 
f(x) = supyey(d(x, y) — f(y) for all x € X}, endowed with the metric induced 
on T(X, d) by the sup norm || f|| = sup,ex | f(@)]. 

The set X can be identified with the set {h, € T(X,d) : h,(y) = d(y, x)} or, 
equivalently, with the set T°(X,d) = {f € T(X,d) : 0 € f(X)}. The injective 
envelope (X, d) of X is isometrically identified with the tight span T(X, d) by 


X > T(X,d), ¥ > hz € T(X, d) : hx(y) = d(f(y),%). 


The tight span 7(X,d) of a finite metric space is the metric space 
(T(X), D(f,g) = max|f(x) — g(x)|), where T(X) is the set of functions 
f : X — R such that for any x,y € X, f(x) + f(y) = d(x,y) and, for each 
x € X, there exists y € X with f(x) + f(y) = d(x, y). The mapping of any x into 
the function f(y) = d(x, y) gives an isometric embedding of (X, d) into T(X, d). 
For example, if X = {x,, x}, then T(X, d) is the interval of length d(x, x2). 
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The tight span of a metric space (X, d) of finite diameter can be considered as 
a polytopal complex of bounded faces of the polyhedron 


ty € Roo: yi + yj = di, x) for 1 <i<j<n} 


if, for example, X = {x,,...,xX,}. The dimension of this complex is called (Dress, 
1984) the combinatorial dimension of (X, d). 
Real tree 


A metric space (X, d) is called (Tits, 1977) a real tree (or R-tree) if, for all 
x,y € X, there exists a unique arc from x to y, and this arc is a geodesic segment. 
So, an R-tree is a (uniquely) arcwise connected metric space in which each arc 
is isometric to a subarc of R. R-tree is not related to a metric tree in Chap. 17. 

A metric space (X,d) is a real tree if and only if it is path-connected and 
Gromoy 0-hyperbolic (i.e., satisfies the four-point inequality). The plane R? 
with the Paris metric or lift metric (Chap. 19) are examples of an R-tree. 

Real trees are exactly tree-like metric spaces which are geodesic; they are 
injective metric spaces among tree-like spaces. Tree-like metric spaces are by 
definition metric subspaces of real trees. 

If (X, d) is a finite metric space, then the tight span 7(X, d) is a real tree and 
can be viewed as an edge-weighted graph-theoretical tree. 

A metric space is a complete real tree if and only if it is hyperconvex and any 
two points are joined by a metric segment. 

A geodesic metric space (X, d) is called (Drutu—Sapir, 2005) tree-graded with 
respect to a collection P of connected proper subsets with |P MN P’| < 1 for 
any distinct P, P’ € P, if every its simple loop composed of three geodesics is 
contained in one P € P. R-trees are tree-graded with respect to the empty set. 
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Discrete metric 

Given a set X, the discrete metric (or trivial metric, sorting distance, 
drastic distance, Dirac distance, overlap) is a metric on X, defined by d(x, y) = 
1 for all distinct x, y € X and d(x, x) = 0. Cf. the much more general notion of a 
(metrically or topologically) discrete metric space. 
Indiscrete semimetric 

Given a set X, the indiscrete semimetric d is a semimetric on X defined by 
d(x, y) = Oforallx,y EX. 
Equidistant metric 

Given a set X and a positive real number ¢, the equidistant metric d is a metric 
on X defined by d(x, y) = t for all distinct x, y € X (and d(x, x) = 0). 
(1, 2) — B-metric 

Given a set X, the (1,2) — B-metric d is a metric on X such that, for any 
x € X, the number of points y € X with d(x, y) = 1 is at most B, and all other 
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distances are equal to 2. The (1, 2) —B-metric is the truncated metric of a graph 
with maximal vertex degree B. 
¢ Permutation metric 
Given a finite set X, a metric d on it is called a permutation metric (or linear 
arrangement metric) if there exists a bijection w : X > {1,..., |X|} such that 


d(x, y) = |o(x) — o()| 


holds for all x, y € X. Even—Naor—Rao-Schieber, 2000, defined a more general 
spreading metric, i.e., any metric d on {1,...,} such that )> <4 d(x,y) > 


MMi +2) for any 1 <x <nandM C {1,...,n} \ {x} with |M| > 2. 
¢ Induced metric 
Given a metric space (X,d) and a subset X’ C X, an induced metric (or 
submetric) is the restriction d’ of d to X’. A metric space (X’,d’) is called a 
metric subspace of (X, d), and (X, d) is called a metric extension of (X’, d’). 
¢ Katétov mapping 
Given a metric space (X, d), the mapping f : X — R is a Katétov mapping if 


If@) —fO)| < d@ y) =< f@) +f) 


for any x, y € X, ie., setting d(x, z) = f(x) defines a one-point metric extension 
(X U {z}, d) of (X, d). 

The set E(X) of Katétov mappings on X is a complete metric space with 
metric D(f, g) = sup,cx | f(x) — g(x)|; (X, d) embeds isometrically in it via the 
Kuratowski mapping x — d(x, .), with unique extension of each isometry of X to 
one of E(X). 

¢ Dominating metric 

Given metrics d and d, on a set X, d,; dominates d if d(x, y) > d(x, y) for all 
x,y € X. Cf. noncontractive mapping (or dominating mapping). 

¢ Barbilian semimetric 

Given sets X and P, the function f : P x X — Ryo is called an influence (of P 
over X) if for any x,y € X the ratio g,,(p) = AP) has a maximum when peEP. 

The Barbilian semimetric is defined on the set X by 


MAaXpeP Sxy(P) 


In — 
MiNpep 8xy(P) 


for any x,y € X. Barbilian, 1959, proved that the above function is well defined 
(moreover, MiNpep Sxy(P) = eee, and is a semimetric. Also, it is a metric 
if the influence f is effective, i.e., there is no pair x,y € X such that g,,(p) is 
constant for all p € P. Cf. a special case Barbilian metric in Chap. 6. 
¢ Metric transform 
A metric transform is a distance obtained as a function of a given metric (cf. 


Chap. 4). 
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Complete metric 

Given a metric space (X,d), a sequence {x,}, x, © X, is said to have 
convergence to x* € X if limy—+oo d(Xn, x*) = 0, ie., for any € > 0, there exists 
no € N such that d(x,,x*) < € for any n > no. Any sequence converges to at 
most one limit in X; it is not so, in general, if d is a semimetric. 

A sequence {Xy}n, Xn € X, is called a Cauchy sequence if, for any € > 0, there 
exists no € N such that d(x;,xm) < € for any m,n > no. 

A metric space (X,d) is called a complete metric space if every Cauchy 
sequence in it converges. In this case the metric d is called a complete metric. 
An example of an incomplete metric space is (N, d(m,n) = mal 
Cauchy completion 

Given a metric space (X, d), its Cauchy completion is a metric space (X*, d*) 
on the set X* of all equivalence classes of Cauchy sequences, where the sequence 
{Xn}n is called equivalent to {yn}n if liMp+ood(%n, yn) = 0. The metric d* is 
defined by 


d* (x*,y*) = lim d(%q, yn), 
noo 


for any x*, y* € X*, where {z,},, is any element in the equivalence class z*. 

The Cauchy completion (X*, d*) is a unique, up to isometry, complete metric 
space, into which the metric space (X,d) embeds as a dense metric subspace. 

The Cauchy completion of the metric space (Q, |x — y|) of rational numbers 
is the real line (R,|x — y|). A Banach space is the Cauchy completion of a 
normed vector space (V, ||.||) with the norm metric ||x — y||. A Hilbert space 
corresponds to the case an inner product norm ||x|| = ./ (x, x). 

Perfect metric space 

A complete metric space (X, d) is called perfect if every point x € X is a limit 
point, i.e., |B(x,r) = {y € X : d(x, y) < r}| > 1 holds for any r > 0. 

A topological space is a Cantor space (i.e., homeomorphic to the Cantor set 
with the natural metric |x — y|) if and only if it is nonempty, perfect, totally 
disconnected, compact and metrizable. The totally disconnected countable 
metric space (Q, |x—y|) of rational numbers also consists only of limit points but 
it is not complete and not locally compact. 

Every proper metric ball of radius r in a metric space has diameter at most 
2r. Given a number 0 < c < 1, a metric space is called a c-uniformly perfect 
metric space if this diameter is at least 2cr. Cf. the radii of metric space. 
Metrically discrete metric space 

A metric space (X,d) is called metrically (or uniformly) discrete if there 
exists a number r > 0 such that B(x,r) = {y € X : d(x, y) < r} = {x} for every 
xeEXx., 

(X, d) is a topologically discrete metric space (or a discrete metric space) if 
the underlying topological space is discrete, i.e., each point x € X is an isolated 
point: there exists a number r(x) > 0 such that B(x, r(x)) = {x}. For X = {i : 
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n= 1,2,3,...}, the metric space (X, |x — y|) is topologically but not metrically 
discrete. Cf. translation discrete metric in Chap. 10. 

Alternatively, a metric space (X, d) is called discrete if any of the following 
holds: 


1. (Burdyuk—Burdyuk 1991) it has a proper isolated subset, 1.e., M C X with 
inf{d(x,y) : x € M,y €¢ M} > 0 (any such space admits a unique 
decomposition into continuous, i.e., nondiscrete, components); 

2. (Lebedeva—Sergienko-Soltan, 1984) for any distinct points x,y € X, there 
exists a point z of the closed metric interval /(x, y) with I(x, z) = {x, z}; 

3. a stronger property holds: for any two distinct points x, y € X, every sequence 
of points z1,22,... with z, € I(x, y) but z41 € T(x, zx) \ {zx} fork = 1,2,... 
is a finite sequence. 


¢ Locally finite metric space 
Let (X,d) be a metrically discrete metric space. Then it is called locally 
finite if for every x € X and every r > 0, the ball |B(x, r)| is finite. 
If, moreover, |B(x,r)| < C(r) for some number C(r) depending only on r, 
then (X, d) is said to have bounded geometry. 
¢ Bounded metric space 
A metric (moreover, a distance) d on a set X is called bounded if there exists 
a constant C > 0 such that d(x, y) < C for any x,y € X. 
For example, given a metric d on X, the metric D on X, defined by D(x, y) = 
775%,, is bounded with C = 1. 
A metric space (X,d) with a bounded metric d is called a bounded metric 
space. 
¢ Totally bounded metric space 
A metric space (X, d) is called totally bounded if, for every € > 0, there exists 
a finite €-net, i.e., a finite subset M C X with the point-set distance d(x, M) < « 
for any x € X (cf. totally bounded space in Chap. 2). 
Every totally bounded metric space is bounded and separable. A metric 
space is totally bounded if and only if its Cauchy completion is compact. 
¢ Separable metric space 
A metric space (X,d) is called separable if it contains a countable dense 
subset M, i.e., a subset with which all its elements can be approached: X is the 
closure cl(M) (M together with all its limit points). 
A metric space is separable if and only if it is second-countable (cf. Chap. 2). 
¢ Compact metric space 
A compact metric space (or metric compactum) is a metric space in 
which every sequence has a Cauchy subsequence, and those subsequences are 
convergent. A metric space is compact if and only if it is totally bounded and 
complete. 
Every bounded and closed subset of a Euclidean space is compact. Every finite 
metric space is compact. Every compact metric space is second-countable. 
A continuum is a nonempty connected metric compactum. 
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Proper metric space 

A metric space is called proper (or finitely compact, having the Heine—Borel 
property) if every its closed metric ball is compact. Any such space is complete. 
UC metric space 

A metric space is called a UC metric space (or Atsuji space) if any continuous 
function from it into an arbitrary metric space is uniformly continuous. 

Every such space is complete. Every metric compactum is a UC metric 
space. 
Metric measure space 

A metric measure space (or mm-space, metric triple) is a triple (X, d, 2), 
where (X,d) is a Polish (i.e., complete separable; cf. Chap. 2) metric space and 
(X, X, 4) is a probability measure space (u(X) = 1) with & being a Borel o- 
algebra of all open and closed sets of the metric topology (Chap. 2) induced by 
the metric d on X. Cf. metric outer measure. 
Norm metric 

Given a normed vector space (V, ||.||), the norm metric on V is defined by 


llx— ll. 


The metric space (V,||x — y||) is called a Banach space if it is complete. 
Examples of norm metrics are /,- and L,-metrics, in particular, the Euclidean 
metric. 

Any metric space (X,d) admits an isometric embedding into a Banach space 
B such that its convex hull is dense in B (cf. Monge—Kantorovich metric in 
Chap. 14); (X, d) is a linearly rigid metric space if such an embedding is unique 
up to isometry. A metric space isometrically embeds into the unit sphere of a 
Banach space if and only if its diameter is at most 2. 

Path metric 

Given a connected graph G = (V, £), its path metric (or graphic metric) dpan 
is a metric on V defined as the length (1.e., the number of edges) of a shortest path 
connecting two given vertices x and y from V (cf. Chap. 15). 

Editing metric 

Given a finite set X and a finite set O of (unary) editing operations on X, the 
editing metric on X is the path metric of the graph with the vertex-set X and xy 
being an edge if y can be obtained from x by one of the operations from O. 
Gallery metric 

A chamber system is a set X (its elements are called chambers) equipped with 
n equivalence relations ~;, | < i < n. A gallery is a sequence of chambers 
X1,...,Xm Such that x; ~; x;+1 for every i and some j depending on i. 

The gallery metric is an extended metric on X which is the length of the 
shortest gallery connecting x and y € X (and is equal to oo if there is no 
connecting gallery). The gallery metric is the (extended) path metric of the graph 
with the vertex-set X and xy being an edge if x ~; y for some 1 <i<n. 
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¢ Metric on incidence structure 
An incidence structure (P,L, 1) consists of 3 sets: points P, lines L and flags 
I Cc PXL, where a point p € P is said to be incident with a line 1 € Lif (p,l) € I. 
If, moreover, for any pair of distinct points, there is at most one line incident 
with both of them, then the collinearity graph is a graph whose vertices are the 
points with two vertices being adjacent if they determine a line. 
The metric on incidence structure is the path metric of this graph. 
¢ Riemannian metric 
Given a connected n-dimensional smooth manifold M" (cf. Chaps. 2 and 7), its 
Riemannian metric is a collection of positive-definite symmetric bilinear forms 
((gi)) on the tangent spaces of M” which varies smoothly from point to point. 


The length of a curve y on M” is expressed as i iy gidxjdx;, and the 


intrinsic metric on M", also called the Riemannian distance, is the infimum of 
lengths of curves connecting any two given points x, y € M". Cf. Chap. 7. 
¢ Linearly additive metric 
A linearly additive (or additive on lines) metric is a continuous metric d on 
R" which, for any points x, y, z lying in that order on a common line, satisfies 


d(x, z) = d(x, y) + d(y, 2). 


Hilbert’s 4-th problem asked in 1900 to classify such metrics; it is solved only 
for dimension n = 2 ([Amba76]). Cf. projective metric in Chap. 6. 
Every norm metric on R” is linearly additive. Every linearly additive metric 
on R? is a hypermetric. 
¢ Hamming metric 
The Hamming metric dy (called sometimes Dalal distance in Semantics) is 
a metric on R” defined (Hamming, 1950) by 


i: 1<i<n,x; # yj}. 


On binary vectors x,y € {0, 1}" the Hamming metric and the /;-metric (cf. Lp- 
metric in Chap. 5) coincide; they are equal to |J(x) A/(y)| = |J(x) \Z0)| + 70) \ 
I(x)|, where [(z) = {1 <t<n: z= 1}. 
In fact, max{|/(x) \ JQ), [ZGv) \ Z(x)|} is also a metric. 
¢ Lee metric 
Given m,n € N, m > 2, the Lee metric d;-- is a metric on Zi, = 
{0,1,...,m—1}" defined (Lee, 1958) by 


~ min{|x; — yi|,m — |x; — yil}. 
l<i<n 


The metric space (Z? 


m? 


diee) is a discrete analog of the elliptic space. 
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The Lee metric coincides with the Hamming metric dy ifm = 2 orm = 
3. The metric spaces (Z7, dzee) and a. dy) are isometric. Lee and Hamming 
metrics are applied for phase and orthogonal modulation, respectively. 

Cf. absolute summation distance and generalized Lee metric in Chap. 16. 
Enomoto-Katona metric 

Given a finite set X and an integer k, 2k < |X|, the Enomoto—Katona metric 
(2001) is the distance between unordered pairs (X,, X2) and (Yj, Y2) of disjoint 
k-subsets of X defined by 


min{|X; \ Yi| + [Xo \ Yol, [Xr \ Yol + [Xo \ Vil}. 


Cf. Earth Mover’s distance, transportation distance in Chaps. 21 and 14. 
Symmetric difference metric 

Given a measure space (Q,A, 4), the symmetric difference (or measure) 
semimetric on the set A, = {A € A: (A) < 00} is defined by 


oda (A,B) = (AAB), 


where AAB = (A UB)\(AN B) is the symmetric difference of A and B € A,,. 

The value dy (A, B) = 0 if and only if u(AAB) = 0, ie., A and B are equal 
almost everywhere. Identifying two sets A,B € A, if u(AAB) = 0, we obtain 
the symmetric difference metric (or Fréchet-Nikodym—Aronszyan distance, 
measure metric). 

If x is the cardinality measure, i.e., (A) = |A|, then da (A, B) = |AAB| = 
|A \ B| + |B \ Al. In this case |AAB| = 0 if and only if A = B. 

The metrics dmax(A,B) = max(|A \ Bl,|B \ Al) and 1 — stn (its 
normalised version) are special cases of Zelinka distance and Bunke—-Shearer 
metric in Chap. 15. For each p > 1, the p-difference metric (Noradam—Nyblom, 
2014) is d,(A, B) = (A \ BP + |B\ AlP)>: so, d; = da and lim, ,o9 dy = dmax- 

The Johnson distance between k-sets A and B is ABI =k—|AN BI. 

The symmetric difference metric between ordered q-partitions A = 
(Aj,...,Ag) and B = (Bj,...,B,) is )°1, |A;AB;|. Cf. metrics between 
partitions in Chap. 10. 

Steinhaus distance 
Given a measure space (Q2, A, 4), the Steinhaus distance ds, is a semimetric 


on the set A,, = {A € A: (A) < 00} defined as 0 if w(A) = p(B) = 0, and by 


w(AAB) | (ANB) 
(AUB) (AUB) 


if 4(AUB) > 0. It becomes a metric on the set of equivalence classes of elements 
from A,,; here A, B € A, are called equivalent if 4(AAB) = 0. 


inte when calibrating the 
meter. 


Mean Value 


The mean value of a sinewave 
is 0.636 times the peak level 
Hence the meter will not 
indicate the r.m.s, value, but 
the lower. mean value. Let's 
nasuine we wish to measure a 
primary current of LA rm.s-., 
The 20mA r.m.s. in the 
secondary must be shunted to 
display the mean value of this 
value at full scale. We oat 
bypass some of Che secondary 
current with low value 
resistors, shown as Rl and R2 
in the chvcuit diagram of Fig, 2. 
The peak value of a 20mA 
current is 25.25mA so, the 
meter must be shunted to 
show a full scale reading with 
the mean of this current, To 
calculate the menn value of 





then it's quite easy to calculate 
the actual value of the shunt, 
But I've found that the beat 
way to make up the shunt is 
by trial and error using several 
low vale resistors connected 
in parallel. In my prototype, 
this worked out as a shunting 
resistance made from one 1522 





















® Fig. 4: A close up of the genie Gyoor of the current sensing tranvfanrer, 








rocnhers, ane 
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28.28, multiply it by the mean 
conversion ratio of &.656. So, 
O.$636728.28 = L7_fimaA or 
more practically b8imA full 
ecale, corresponding tb a 
primary current of 1A ym.s, 

If you know the internal 
resistance of the milliammeter, 


and two LOG resisters in 
parallel, giving 3-752 in 
parallel with the LmA meter. 


Construction Simple 


Construction of the current 
meter is simple, as shown in 
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the photographs. dust 
remember to keep leads short 
and layout as compact as 
praclically possible, Fig. 3 
The toraidal current 
transformer is wound as a 
single layer with 100 turns of 
0.2mm (dis. wig.) enamelled 
wire and two turns of | x 0.24 


This wall also support the 
circuit board. Cut unwanted 
tracks and engure that the 
terminal nuts are not making 
any unwanted short cireuits 
The toraid is supported by the 
primary winding and held in 
place by dropping melted 
candle wax on to the toroid 


@ fig. 3: All companents ace mounted on.asenall eece al Perf-poord mounted 


between the two comes! sockets 


plastic covered hock up wire. 

| find that a convenient way 
to wind 100 turns on the toroid 
is to take a litthe over two 
metres of the enamelled wire 
and thread one end on toa 
darning needle. Pass half the 
wire through the toroid, held 
in a bullkiog clip, anid restrain 
the wire. 

Use the needle to feed the 
wire through the middle of the 
toraid, as you wind 50 turns 
evenly over the free half uf the 
toraid. Next rotate the toroid, 
su that the wound half is held 
in the bulldog clip, Hien again 
using the needle, thread the 
remaining half length of wire 
through the toroid to wind a 
further [} turns 

You should now have a 
single winding with 100 turns 
evenly wound on the toroid. A 
small dab of ghic at cach end 
will hold this winding in place. 
Then wind the primary two 
turns onto the toroid, leaving 
the ends free. 


Circuit Board 


My circuit board i assembled 
and can be positioned so that 
direct connection to the 
terminats can be made, Fig. 4, 


and circuit beard. 

After checking that all is 
well the ammeter is ready to 
use, The prototype was 
checked using a transmitter 
and dummy load, Calculation 
af power from current 
measurements showed good 
correlation with the selected 
power levels from the 
transmitter. 

Now you can begin testing 
out ai! your antenna systems, 
aml you have a reading of the 
real power passing wp inte the 
antenna system. You never 
know - you might dispense 
with the s.o.r, meter all 
together! PR 


COMPONENT UST 


To make the vf: ammeter, 
you will need the following 
items: 

A imA moving ‘coil meter, 
four diodes (typically 
IN4148 or INS), one THS-2 
toroid ¢Micrometals), several 
low value resistors fur shunt 
(see -Lext), two panel sockets, 
two terminals, a die cast box 
idepth to suit meter} and 
finally, a amall piece of 
Veroboard or Perfhoard 
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The biotope (or Tanimoto) distance Roa is the special case of Steinhaus 


distance obtained for the cardinality measure [4(A) = |A| for finite sets. 
Cf. also the generalized biotope transform metric in Chap. 4. 
¢ Fréchet metric 
Let (X,d) be a metric space. Consider a set F of all continuous mappings 
f:A->X,g:B—-X,..., where A, B,... are subsets of R”, homeomorphic to 
[0, 1]” for a fixed dimension n € N. 
The Fréchet semimetric df is a semimetric on F defined by 





inf ie d(f (x), g(a(x))), 


where the infimum is taken over all orientation preserving homeomorphisms o : 
A — B. It becomes the Fréchet metric on the set of equivalence classes f* = 
{g : dr(g,f) = O}. Cf. the Fréchet surface metric in Chap. 8. 
¢ Hausdorff metric 
Given a metric space (X,d), the Hausdorff metric (or two-sided Hausdorff 
distance) is a metric on the family F of nonempty compact subsets of X defined 
by 


ditaus = max{daHaus (A, B) ; ddHaus (B, A) } ; 


where dataus(A, B) = maxye4 Minyeg d(x, y) is the directed Hausdorff distance 
(or one-sided Hausdorff distance) from A to B. The metric space (F, dyaus) is 
called hyperspace of metric space (X, d); cf. hyperspace in Chap. 2. 

In other words, dyqus(A, B) is the minimal number ¢€ (called also the Blaschke 
distance) such that a closed €-neighborhood of A contains B and a closed e- 
neighborhood of B contains A. Then dyays(A, B) is equal to 


sup |d(x, A) — d(x, B)|, 
xEX 


where d(x, A) = minye,4 d(x, y) is the point-set distance. 

If the above definition is extended for noncompact closed subsets A and B of 
X, then dyqys(A, B) can be infinite, i.e., it becomes an extended metric. 

For not necessarily closed subsets A and B of X, the Hausdorff semimetric 
between them is defined as the Hausdorff metric between their closures. If X is 
finite, dyays 18 a metric on the class of all subsets of X. 

¢ L,-Hausdorff distance 

Given a finite metric space (X,d), the L,-Hausdorff distance ([Badd92]) 

between two subsets A and B of X is defined by 


(S- ld(x, A) — d(x, BY)”, 


xEX 
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where d(x,A) is the point-set distance. The usual Hausdorff metric corre- 
sponds to the case p = ov. 
Generalized G-Hausdorff metric 

Given a group (G,-,e) acting on a metric space (X,d), the generalized G- 
Hausdorff metric between two closed bounded subsets A and B of X is 


min draus (31 (A) > 82 (B)) > 
81,82€G 


where diaus is the Hausdorff metric. If d(g(x), g(v)) = d(x, y) for any g € G 
(i.e., if the metric d is left-invariant with respect of G), then above metric is equal 
to mingeg dxaus(A, g(B)). 
Gromov-—Hausdorff metric 

The Gromov—Hausdorff metric is a metric on the set of all isometry classes 
of compact metric spaces defined by 


inf dyaus (f(x), a(Y)) 


for any two classes X* and Y* with the representatives X and Y, respectively, 
where dyaus is the Hausdorff metric, and the minimum is taken over all metric 
spaces M and all isometric embeddings f : X — M,g : Y — M. The 
corresponding metric space is called the Gromov—Hausdorff space. 

The Hausdorff-Lipschitz distance between isometry classes of compact 
metric spaces X and Y is defined by 


inf{dgu(X, X1) + dr(X1, V1) + den(Y, Y1)}, 


where dgy is the Gromov—Hausdorff metric, dz is the Lipschitz metric, and the 
minimum is taken over all (isometry classes of compact) metric spaces X,, Yj. 
Kadets distance 

The gap (or opening) between two closed subspaces X and Y of a Banach 
space (V, ||.||) is defined by 


gap(X, Y) = max{8(X, Y), 5(¥, X)}, 


where 6(X, Y) = sup{infyey ||x — y|| : x € X,||x|| = 1} (cf. gap distance in 
Chap. 12 and gap metric in Chap. 18). 

The Kadets distance between two Banach spaces V and W is a semimetric 
defined (Kadets, 1975) by 


inf gap(Byvy, Bey). 
ZS .g 


where the infimum is taken over all Banach spaces Z and all linear isometric 
embeddings f : V > Z and g: W — Z; here Bycy) and By) are the closed unit 
balls of Banach spaces f(V) and g(W), respectively. 
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The nonlinear analog of the Kadets distance is the following Gromov-— 
Hausdorff distance between Banach spaces U and W: 


Ens ditaus(f (By), g(By)), 


where the infimum is taken over all metric spaces Z and all isometric embeddings 
f:V— Zand g: W => Z; here dyays is the Hausdorff metric. 

The Kadets path distance between Banach spaces V and W is defined 
(Ostrovskii, 2000) as the infimum of the lengths (with respect to the Kadets 
distance) of all curves joining V and W (and is equal to oo if there is no such 
curve). 

¢ Banach—Mazur distance 
The Banach—Mazur distance dgy between two Banach spaces V and W is 


Ininf [TI -||7~"I|, 


where the infimum is taken over all isomorphisms T : V > W. 

It can also be written as Ind(V, W), where the number d(V, W) is the smallest 
positive d > 1 such that By C T(By) C dBy for some linear invertible 
transformation T : V — W. Here By = {x € Vi: |lally < 1} and 
By = {x € W;||xllw < 1} are the unit balls of the normed spaces (V, ||.||v) 
and (W, ||.||w), respectively. 

One has dgy(V,W) = 0 if and only if V and W are isometric, and dgy 
becomes a metric on the set X” of all equivalence classes of n-dimensional 
normed spaces, where V ~ W if they are isometric. The pair (X”,dgy) is a 
compact metric space which is called the Banach-Mazur compactum. 

The modified Banach—Mazur distance (Glushkin, 1963, and Khrabrov, 
2001) is 


inf{||7||xy : |detT| = 1}- inf{||T||y+x : |detT| = 1}. 
The weak Banach—Mazur distance (Tomczak—Jaegermann, 1984) is 
max{7y (idx), Vy (idy)}, 


where id is the identity map and, for an operator U : X — Y, yz(U) denotes 
inf }* ||Wz|| - ||Ve||. Here the infimum is taken over all representations U = 
> WV; for W, : X > Zand Vy : Z > Y. This distance never exceeds the 
corresponding Banach—Mazur distance. 
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¢ Lipschitz distance 
Given a > 0 and two metric spaces (X, dy), (Y, dy), the a-Hélder norm ||.||Ho1 
on the set of all injective functions f : X — Y is defined by 


iFiee= sup, DLO) 
0. xyEeXxfty dx (x, y)” : 


The Lipschitz norm ||.||zip is the case a = 1 of ||.|| #07. 
The Lipschitz distance between metric spaces (X, dy) and (Y, dy) is defined 
by 


Ininf || f|zip leamaller 


where the infimum is taken over all bijective functions f : X — Y. Equivalently, 
it is the infimum of numbers Ina such that there exists a bijective bi-Lipschitz 
mapping between (X, dy) and (Y, dy) with constants exp(—a), exp(a). 

It becomes a metric (Lipschitz metric) on the set of all isometry classes of 
compact metric spaces. Cf. Hausdorff-Lipschitz distance. 

This distance is an analog to the Banach—Mazur distance and, in the case of 
finite-dimensional real Banach spaces, coincides with it. 

It also coincides with the Hilbert projective metric on nonnegative projective 
spaces, obtained by starting with IR2, and identifying any point x with cx, c > 0. 

¢ Lipschitz distance between measures 
Given a compact metric space (X, d), the Lipschitz seminorm ||.||rjp on the set 


of all functions f : X — R is defined by || f||zip = SUP, yey xZy eae 
The Lipschitz distance between measures jz and v on X is defined by 


sup [tau—», 


Wfllzip<1 


It is the transportation distance (Chap. 14) if jz, v are probability measures. 
Let a such measure m,(.) be attached to any x € X; for distinct x, y the coarse 
Ricci curvature along (xy) is defined (Ollivier, 2009) as k(x, y) = 1 — ay) 
Ollivier’s curvature generalizes the Ricci curvature in Riemannian space (cf. 
Chap. 7). 
¢ Barycentric metric space 
Given a metric space (X, d), let (B(X), ||{4 —v||7v) be the metric space, where 
B(X) is the set of all regular Borel probability measures on X with bounded 
support, and ||jz — v||7v is the variational distance /,, |p(j.) — p(v)|dA (cf. 
Chap. 14). Here p(jz) and p(v) are the density functions of measures jz and v, 


respectively, with respect to the o-finite measure + = : 
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A metric space (X, d) is barycentric if there exists a constant 6B > 0 and a 
surjection f : B(X) — X such that for any measures w,v € B(X) it holds the 
inequality 


d(f(u).f(v)) < Bdiam(supp(u + v))\|M — vIlrv- 


Any Banach space (X,d = ||x — y||) is a barycentric metric space with the 
smallest 6 being | and the map f (jz) being the usual center of mass [,, xd1(x). 

Any Hadamard (i.e., a complete CAT(0) space, cf. Chap. 6, is barycentric 
with the smallest 6 being | and the map f(j1) being the unique minimizer of the 
function g(y) = f, d?(x, y)du(x) on X. 

¢ Point-set distance 

Given a metric space (X,d), the point-set distance d(x, A) between a point 

x € X and a subset A of X is defined as 


inf d ' 
= (x, y) 


For any x,y € X and for any nonempty subset A of X, we have the following 
version of the triangle inequality: d(x, A) < d(x, y) + d(y,A) (cf. distance map). 
For a given point-measure j1(x) on X and a penalty function p, an optimal 
quantizer is a set B C X such that { p(d(x, B))dj1(x) is as small as possible. 
¢ Set-set distance 
Given a metric space (X,d), the set-set distance between two subsets A and 
B of X is defined by 


dys(A,B) = ink d(x,9). 


This distance can be 0 even for disjoint sets, for example, for the intervals 
(1, 2), (2,3) on R. The sets A and B are positively separated if ds;(A, B) > 0. A 
constructive appartness space is a generalization of this relation on subsets of 
Xx. 

The spanning distance between A and B is sup,c, ye A(X, y). 

In Data Analysis, (cf. Chap. 17) the set-set and spanning distances between 
clusters are called the single and complete linkage, respectively. 

¢« Matching distance 

Given a metric space (X,d), the matching distance (or multiset-multiset 

distance) between two multisets A and B in X is defined by 


ine max d(x, b(x)), 


where ¢ runs over all bijections between A and B, as multisets. 
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The matching distance is not related to the perfect matching distance in 
Chap. 15 and to the nonlinear elastic matching distance in Chap. 21. But the 
bottleneck distance in Chap. 21 is a special case of it. 

Metrics between multisets 

A multiset (or bag) drawn from a set S is a mapping m : S > Zso, where 
m(x) represents the “multiplicity” of x € S. The dimensionality, cardinality and 
height of multiset m is |S|, |m| = }°.<¢5 m(x) and maxes m(x), respectively. 

Multisets are good models for multi-attribute objects such as, say, all symbols 
in a string, all words in a document, etc. 

A multiset m is finite if S and all m(x) are finite; the complement of a finite 
multiset m is the multiset m : S > Zso, where m(x) = maxyes m(y) — m(x). 
Given two multisets m, and m2, denote by my Um, m, Nm, m,\mz and m, Am 
the multisets on S defined , for any x € S, by m, U mo(x) = max{m)(x), mo(x)}, 
my mo(x) = min{m (x), m2(x)}, mi\m2(x) = max{0,m(x) — mo(x)} and 
m,Am(x) = |m,(x) — m2(x)|, respectively. Also, m,; C mp» denotes that 
m,(x) < mo(x) for all x € S. 

The measure yu(m) of a multiset m is a linear combination (mm) = 
Yo res A(x)m(x) with A(x) > 0. In particular, |m| is the counting measure. 

For any measure w(m) € Rso, Miyamoto, 1990, and Petrovsky, 2003, 
proposed several semimetrics between multisets m, and m including 
dy(im, m2) = jem Amp) and do(m,m) = HA) (with (0,8) = 0 
by definition). Cf. symmetric difference metric and Steinhaus distance. 

Among examples of other metrics between multisets are matching distance, 
metric space of roots in Chap. 12, jz-metric in Chap. 15 and, in Chap. 11, bag 
distance max{|7\mo|, |m\mm|} and q-gram similarity. 

See also Vitanyi multiset metric in Chap. 3. 

Metrics between fuzzy sets 

A fuzzy subset of a set S is a mapping pp : S — [0, 1], where z(x) represents 
the “degree of membership” of x € S. It is an ordinary (crisp) if all x(x) are 0 
or 1. Fuzzy sets are good models for gray scale images (cf. gray scale images 
distances in Chap. 21), random objects and objects with nonsharp boundaries. 

Bhutani—Rosenfeld, 2003, introduced the following two metrics between two 
fuzzy subsets jz and v of a finite set S. The diff-dissimilarity is a metric (a fuzzy 
generalization of Hamming metric), defined by 





d(u.v) = D7 |H@) — vO]. 


xe 
The perm-dissimilarity is a semimetric defined by 
min{d(u, p(v))}, 


where the minimum is taken over all permutations p of S. 
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The Chaudhuri-Rosenfeld metric (1996) between two fuzzy sets and v 
with crisp points (i.e., the sets {x € S : w(x) = 1} and {x € S: v(x) = 1} are 
nonempty) is an extended metric, defined the Hausdorff metric dias by 


1 
/ 2tdraus {x € S: w(x) = th, {x € S: v(x) = th)dt. 
0 


A fuzzy number is a fuzzy subset yu of the real line R, such that the level set (or 
t-cut) A, (t) = {x € R: w(x) = t} is convex for every ¢ € [0, 1]. The sendograph 
of a fuzzy set ju is the set send(u) = {(x, ft) € Sx [0,1]: uw) > 0, w@) = fh. 
The sendograph metric (Kloeden, 1980) between two fuzzy numbers jz, v with 
crisp points and compact sendographs is the Hausdorff metric 


max{ sup d(a, send(v)), sup d(b, send(1))}, 
a= (x,t) €send(p) b=(x',t’)€send(v) 


where d(a, b) = d((x, t), (x, t’)) is a box metric (Chap. 4) max{|x — x’|, |t—7’|}. 
The Klement—Puri-Ralesku metric (1988) between fuzzy numbers /1, v is 


15 
i drtaus(A, (t).Ay (t))dt, 


where difqus(A y(t), Ay (t)) is the Hausdorff metric 


max{ sup inf |x—y|, sup inf |x— yj}. 
x€A,,(t) YEA x€A, (t) *AnO 


Several other Hausdorff-like metrics on some families of fuzzy sets were 
proposed by Boxer in 1997, Fan in 1998 and Brass in 2002; Brass also argued 
the nonexistence of a “good” such metric. 

If g is a quasi-metric on [0,1] and S is a finite set, then Q(u,v) = 
SUPyes (L(x), V(x)) is a quasi-metric on fuzzy subsets of S. 

Cf. fuzzy Hamming distance in Chap. | | and, in Chap. 23, fuzzy set distance 
and fuzzy polynucleotide metric. Cf. fuzzy metric spaces in Chap. 3 for fuzzy- 
valued generalizations of metrics and, for example, [Bloc99] for a survey. 

¢ Metrics between intuitionistic fuzzy sets 

An intuitionistic fuzzy subset of a set S is (Atanassov, 1999) an ordered pair 
of mappings ju, v :— [0, 1] with 0 < w(@) + v(x) < 1 for all x € S, representing 
the “degree of membership” and the “degree of nonmembership” of x € S, 
respectively. It is an ordinary fuzzy subset if w(x) + v(x) = 1 forallx € S. 

Given two intuitionistic fuzzy subsets (j1(x), v(x)) and (j2’ (x), v’(x)) of a finite 
set S = {x,,...,x,}, their Atanassov distances (1999) are: 


; eo) — p'(x)| + |v) — v(x) |) CHamming distance) 


i=1 
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and, in general, for any given numbers p > | and 0 < q < 1, the distance 


n 1 
(2d — (nei) — wd)” + goa) — vi”). 
i=1 
Their Grzegorzewski distances (2004) are: 


2 max{|,2(x;) — ye’ (x;)|, |v(x) — v’(x;)|} (Hamming distance); 


i=1 





> max{(j(x;) — we’ (xi))*, (v(x) — v’(x;))*} (Euclidean distance). 


i=1 


The normalized versions (dividing the above sums by 7) were also proposed. 

Szmidt—Kacprzyk, 1997, proposed a modification of the above, adding 2 (x) — 
s(x), where r(x) is the third mapping 1 — p(x) — v(a). 

An interval-valued fuzzy subset of a set S is a mapping {4 :—> [I], where [/] is 
the set of closed intervals [a~,at] © [0, 1]. Let w(x) = [7 (x), w*(a)], where 
0 < w(x) < wt (x) < 1 and an interval-valued fuzzy subset is an ordered pair 
of mappings z~ and jt. This notion is close to the above intuitionistic one; 
so, above distance can easily be adapted. For example, )~"_, max{|u7 (x;) — 
bw’ (xi)|, |ut i) — y’t (x))|} is a Hamming distance between interval-valued 
fuzzy subsets (u~, w+) and (u’~, p’T). 

Polynomial metric space 

Let (X,d) be a metric space with a finite diameter D and a finite normalized 
measure jly. Let the Hilbert space L2(X, d) of complex-valued functions decom- 
pose into a countable (when X is infinite) or a finite (with D+ 1 members when X 
is finite) direct sum of mutually orthogonal subspaces L,(X,d) = Vp @V| @.... 

Then (X,d) is a polynomial metric space if there exists an ordering of 
the spaces Vo, Vj,... such that, fori = 0,1,..., there exist zonal spherical 
functions, i.e., real polynomials Q;(t) of degree i such that 


OMtld(x,9))) = — J vy) 
L j=l 

for all x,y € X, where r; is the dimension of V;, {vj(x) : 1 < j < r;} is 
an orthonormal basis of V;, and f(d) is a continuous decreasing real function 
such that r(0) = 1 and t(D) = —1. The zonal spherical functions constitute an 
orthogonal system of polynomials with respect to some weight w(t). 

The finite polynomial metric spaces are also called (P and Q)-polynomial 
association schemes, cf. distance-regular graph in Chap. 15. The infinite 
polynomial metric spaces are the compact connected two-point homogeneous 
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spaces. Wang, 1952, classified them as the Euclidean unit spheres, the real, 
complex, quaternionic projective spaces or the Cayley projective line and plane. 
¢ Universal metric space 

A metric space (U, d) is called universal for a collection M of metric spaces 
if any metric space (M, dy) from M is isometrically embeddable in (U, d), i.e., 
there exists a mapping f : M — U which satisfies dy(x, y) = d(f(x),f(y)) for 
any x, y € M. Some examples follow. 

Every separable metric space (X, d) isometrically embeds (Fréchet, 1909) in 
(a nonseparable) Banach space /°°. In fact, d(x, y) = sup; |d(x, a;) — d(y, ai)|, 
where (a),...,q;,...) is a dense countable subset of X. 

Every metric space isometrically embeds (Kuratowski, 1935) in the Banach 
space L®(X) of bounded functions f : X¥ — R with the norm sup, ¢y | f(x)|- 

The Urysohn space is a homogeneous complete separable space which is 
the universal metric space for all separable metric spaces. The Hilbert cube 
(Chap. 4) is the universal space for the class of metric spaces with a countable 
base. 

The graphic metric space of the random graph (Rado, 1964; the vertex- 
set consists of all prime numbers p = 1( mod 4) with pg being an edge if p 
is a quadratic residue modulo q) is the universal metric space for any finite or 
countable metric space with distances 0, 1 and 2 only. It is a discrete analog of 
the Urysohn space. 

There exists a metric d on R, inducing the usual (interval) topology, such that 
(R, d) is a universal metric space for all finite metric spaces (Holsztynski, 1978). 
The Banach space /?, is a universal metric space for all metric spaces (X, d) with 
|X| < n+ 2 (Wolfe, 1967). The Euclidean space E” is a universal metric space 
for all ultrametric spaces (X, d) with |X| < n+ 1; the space of all finite functions 
f(@ : Rso — R equipped with the metric d(f, g) = sup{t : f() # gH} isa 
universal metric space for all ultrametric spaces (Lemin—Lemin, 1996). 

The universality can be defined also for mappings, other than isometric 
embeddings, of metric spaces, say, a bi-Lipschitz embedding, etc. For example, 
any compact metric space is a continuous image of the Cantor set with the 
natural metric |x — y| inherited from R, and any complete separable metric space 
is a continuous image of the space of irrational numbers. 

¢ Constructive metric space 

A constructive metric space is a pair (X,d), where X is a set of constructive 
objects (say, words over an alphabet), and d is an algorithm converting any pair 
of elements of X into a constructive real number d(x, y) such that d is a metric on 
Xx. 

¢ Computable metric space 

Let {x,}nen be a sequence of elements from a given Polish (i.e., complete 
separable) metric space (X,d) such that the set {x, : n € N} is dense in (X, d). 
Let N (m,n, k) be the Cantor tuple function of a triple (n,m,k) € N®, and let 
{qx}xen be a fixed total standard numbering of the set Q of rational numbers. 
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The triple (X,d, {%n}nen) is called an effective (or semicomputable) metric 
space ([Hemm02]) if the set {N(n,m,k) : d(X%m,Xn) < qx} is recursively 
enumerable, i.e., there is an algorithm that enumerates the members of this set. If, 
moreover, the set {N'(n, m, k) : d(8m, 5m) > qx} is recursively enumerable, then 
this triple is called (Lacombe, 1951) computable metric space, (or recursive 
metric space). In other words, the map do (q x gq) : N? > R is a computable 
(double) sequence of real numbers, i.e., is recursive over R. 





Chapter 2 
Topological Spaces 


A topological space (X,T) is a set X with a topology T, i.e., a collection of subsets 
of X with the following properties: 


1xXet,@et; 
2. IfA,Bet, thenANBert; 
3. For any collection {Ag}q, if all Ay € T, then UyAg € T. 


The sets in t are called open sets, and their complements are called closed sets. 
A base of the topology Tt is a collection of open sets such that every open set is a 
union of sets in the base. The coarsest topology has two open sets, the empty set 
and X, and is called the trivial topology (or indiscrete topology). The finest topology 
contains all subsets as open sets, and is called the discrete topology. 

In a metric space (X,d) define the open ball as the set B(x,r) = {y € X : 
d(x,y) < r}, where x € X (the center of the ball), and r € R,r > 0 (the radius 
of the ball). A subset of X which is the union of (finitely or infinitely many) open 
balls, is called an open set. Equivalently, a subset U of X is called open if, given any 
point x € U, there exists a real number € > 0 such that, for any point y € X with 
d(x,y)<e,yeU. 

Any metric space is a topological space, the topology (metric topology, topology 
induced by the metric d) being the set of all open sets. The metric topology is always 
T4 (see below a list of topological spaces). A topological space which can arise in 
this way from a metric space, is called a metrizable space. 

A quasi-pseudo-metric topology is a topology on X induced similarly by a quasi- 
semimetric d on X, using the set of open d-balls B(x, r) as the base. In particular, 
quasi-metric topology and pseudo-metric topology are the terms used for the case of, 
respectively, quasi-metric and semimetric d. In general, those topologies are not To. 

Given a topological space (X,t), a neighborhood of a point x € X is a set 
containing an open set which in turn contains x. The closure of a subset of a 
topological space is the smallest closed set which contains it. An open cover of 
X is a collection £ of open sets, the union of which is X; its subcover is a cover K 
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such that every member of K is a member of CL; its refinement is a cover K, where 
every member of K is a subset of some member of £. A collection of subsets of X is 
called locally finite if every point of X has a neighborhood which meets only finitely 
many of these subsets. 

A subset A C X is called dense if X = cl(A), i.e., it consists of A and its limit 
points; cf. closed subset of metric space in Chap. 1. The density of a topological 
space is the least cardinality of its dense subset. A local base of a point x € X isa 
collection U/ of neighborhoods of x such that every neighborhood of x contains some 
member of U/. 

A function from one topological space to another is called continuous if the 
preimage of every open set is open. Roughly, given x € X, all points close to x 
map to points close to f(x). A function f from one metric space (X, dy) to another 
metric space (Y, dy) is continuous at the point c € X if, for any positive real number 
€, there exists a positive real number 6 such that all x € X satisfying dy(x,c) < 6 
will also satisfy dy(f(x),f(c)) < €; the function is continuous on an interval J if it 
is continuous at any point of J. 

The following classes of topological spaces (up to Ty) include any metric space. 


¢ To-space 
A To-space (or Kolmogorov space) is a topological space in which every 
two distinct points are topologically distinguishable, i.e., have different neigh- 
borhoods. 
¢ 7\-space 
A T-space (or accessible space) is a topological space in which every two 
distinct points are separated, i.e., each does not belong to other’s closure. T\- 
spaces are always Tp. 
¢ 7 -space 
A T>-space (or Hausdorff space) is a topological space in which every two 
distinct points are separated by neighborhoods, i.e., have disjoint neighborhoods. 
T>-spaces are always 7}. 
A space is T> if and only if it is both Jo and pre-regular, i.e., any two 
topologically distinguishable points are separated by neighborhoods. 
¢ Regular space 
A regular space is a topological space in which every neighborhood of a 
point contains a closed neighborhood of the same point. A T3-space (or Vietoris 
space, regular Hausdorff space) is a topological space which is T; and regular. 
Bing, Nagata, Smirnov showed in 1950-1951 that a topological space is 
metrizable if and only if it is regular, 7) and has a countably locally finite base. 
A completely regular space (or Tychonoff space) is a Hausdorff space 
(X, t) in which any closed set A and any x ¢ A are functionally separated, i.e., 
there is a continuous function f : X — [0, 1] such that f(A) = 0 and f(B) = 1. 
¢« Normal space 
A normal space is a topological space in which, for any two disjoint closed 
sets A and B, there exist two disjoint open sets U and V such that A C U, and 
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BC V. A T4-space (or Tietze space, normal Hausdorff space) is a topological 
space which is 7; and normal. Any metric space is a perfectly normal T-space. 

A completely (or hereditarily) normal space is a topological space in 
which any two separated (i.e., disjoint from the other’s closure) sets have 
disjoint neighborhoods. A T5-space (or completely normal Hausdorff space) is a 
topological space which is completely normal and 7T;. T5-spaces are always T4. 

A monotonically normal space is a completely normal space in which any 
two separated subsets A and B are strongly separated, i.e., there exist open sets 
U and V withA C U,B C Vand CI(U) N Cl(V) = 9. 

A perfectly normal space is a topological space (X,t) in which any two 
disjoint closed subsets of X are functionally separated. A Ts-space (or perfectly 
normal Hausdorff space) is a topological space which is T; and perfectly normal. 
To-spaces are always Ts. 

Moore space 

A Moore space is a regular space with a development. 

A development is a sequence {U/,,}, of open covers such that, for every x € X 
and every open set A containing x, there exists n such that St(x,U,) = U{U € 
U,:x € US} CA, ie., {St(x,Un)}n is a neighborhood base at x. 

Polish space 

A separable space is a topological space which has a countable dense subset. 

A Polish space is a separable space which can be equipped with a complete 
metric. A Lusin space is a topological space such that some weaker topology 
makes it into a Polish space; every Polish space is Lusin. A Souslin space is a 
continuous image of a Polish space; every Lusin space is Suslin. 

Lindel6of space 

A Lindel6f space is a topological space in which every open cover has a 
countable subcover. 
First-countable space 

A topological space is called first-countable if every point has a countable 
local base. Every metric space is first-countable. 
Second-countable space 

A topological space is called second-countable if its topology has a countable 
base. Such space is quasi-metrizable and, if and only if it is a T3-space, 
metrizable. 

Second-countable spaces are first-countable, separable and Lindeléf. The 
properties second-countable, separable and Lindeléf are equivalent for metric 
spaces. 

The Euclidean space E” with its usual topology is second-countable. 

Baire space 

A Baire space is a topological space in which every intersection of countably 
many dense open sets is dense. Every complete metric space is a Baire space. 
Every locally compact T>-space (hence, every n-manifold) is a Baire space. 
Alexandrov space 

An Alexandrov space is a topological space in which every intersection of 
arbitrarily many open sets is open. 

















2 Topological Spaces 


A topological space is called a P-space if every Gs-set (i.e., the intersection 
of countably many open sets) is open. 

A topological space (X,t) is called a Q-space if every subset A C X is a 
Gs-set. 

Connected space 

A topological space (X, T) is called connected if it is not the union of a pair 
of disjoint nonempty open sets. In this case the set X is called a connected set. 

A connected topological space (X, T) is called unicoherent if the intersection 
A B is connected for any closed connected sets A, B with A UB = X. 

A topological space (X,T) is called locally connected if every point x ¢ X 
has a local base consisting of connected sets. 

A topological space (X, Tt) is called path-connected (or 0-connected) if for 
every points x,y € X there is a path y from x to y, i.e., a continuous function 
y: [0,1] > X with y(x) = 0, yy) = 1. 

A topological space (X,t) is called simply connected (or 1-connected) if 
it consists of one piece, and has no circle-shaped “holes” or “handles” or, 
equivalently, if every continuous curve of X is contractible, i.e., can be reduced 
to one of its points by a continuous deformation. 

A topological space (X,t) is called hyperconnected (or irreducible) if X 
cannot be written as the union of two proper closed sets. 

Sober space 

A topological space (X, 17) is called sober if every hyperconnected closed 
subset of X is the closure of exactly one point of X. Any sober space is a To- 
space. 

Any T-space is a sober 7|-space but some sober 7|-spaces are not 7). 
Paracompact space 

A topological space is called paracompact if every open cover of it has an 
open locally finite refinement. Every metrizable space is paracompact. 

Totally bounded space 

A topological space (X, T) is called totally bounded (or pre-compact) if it can 
be covered by finitely many subsets of any fixed cardinality. 

A metric space (X,d) is a totally bounded metric space if, for every real 
number r > 0, there exist finitely many open balls of radius r, whose union is 
equal to X. 

Compact space 

A topological space (X, tT) is called compact if every open cover of X has a 
finite subcover. 

Compact spaces are always Lindel6f, totally bounded, and paracompact. A 
metric space is compact if and only if it is complete and totally bounded. A 
subset of a Euclidean space E” is compact if and only if it is closed and bounded. 

There exist a number of topological properties which are equivalent to 
compactness in metric spaces, but are nonequivalent in general topological 
spaces. Thus, a metric space is compact if and only if it is a sequentially compact 
space (every sequence has a convergent subsequence), or a countably compact 
space (every countable open cover has a finite subcover), or a pseudo-compact 
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space (every real-valued continuous function on the space is bounded), or a 
weakly countably compact space (1.e., every infinite subset has an accumulation 
point). 

Sometimes, a compact connected 7>-space is called continuum; cf. contin- 
uum in Chap. 1. 

Locally compact space 

A topological space is called locally compact if every point has a local base 
consisting of compact neighborhoods. The Euclidean spaces E” and the spaces 
Q, of p-adic numbers are locally compact. 

A topological space (X,T) is called a k-space if, for any compact set Y C X 
and A C X, the set A is closed whenever A M Y is closed. The k-spaces are 
precisely quotient images of locally compact spaces. 

Locally convex space 

A topological vector space is a real (complex) vector space V which is a 7- 
space with continuous vector addition and scalar multiplication. It is a uniform 
space (cf. Chap. 3). 

A locally convex space is a topological vector space whose topology has a 
base, where each member is a convex balanced absorbent set. A subset A of V is 
called convex if, for all x,y € A and allt € [0, 1], the point + (1—dy € A, ice., 
every point on the line segment connecting x and y belongs to A. A subset A is 
balanced if it contains the line segment between x and —x for every x € A; A is 
absorbent if, for every x € V, there exist t > 0 such that tx € A. 

The locally convex spaces are precisely vector spaces with topology induced 
by a family {|].||y} of seminorms such that x = 0 if ||x||, = 0 for every a. 

Any metric space (V,||x — y||) on a real (complex) vector space V with a 
norm metric ||x — y|| is a locally convex space; each point of V has a local base 
consisting of convex sets. Every L, with 0 < p < | is an example of a vector 
space which is not locally convex. 
n-manifold 

Broadly, a manifold is a topological space locally homeomorphic to a 
topological vector space over the reals. 

But usually, a topological manifold is a second-countable 7>-space that 
is locally homeomorphic to Euclidean space. An n-manifold is a topological 
manifold such that every point has a neighborhood homeomorphic to E”. 
Fréchet space 

A Fréchet space is a locally convex space (V,t) which is complete as a 
uniform space and whose topology is defined using a countable set of seminorms 
lI-[lu,---s[-ln.---» de., a subset U C V is open in (V, Tt) if, for every u € U, 
there existe > Oand N > 1 with {v EV: ||u—v||; <€ ifi < N} CU. 

A Fréchet space is precisely a locally convex F-space (cf. Chap.5). Its 
topology can be induced by a translation invariant metric (Chap. 5) and it is 
a complete and metrizable space with respect to this topology. But this topology 
may be induced by many such metrics. Every Banach space is a Fréchet space. 
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¢ Countably-normed space 
A countably-normed space is a locally convex space (V, tT) whose topology 
is defined using a countable set of compatible norms ||.||1,...,||-[la.---- It means 
that, if a sequence {x,}, of elements of V that is fundamental in the norms |].||; 
and ||.||; converges to zero in one of these norms, then it also converges in the 
other. A countably-normed space is a metrizable space, and its metric can be 
defined by 


So leah 
=e 1+ |lx-yl|n 


¢ Metrizable space 

A topological space (7,1) is called metrizable if it is homeomorphic to a 
metric space, i.e., X admits a metric d such that the set of open d-balls {B(x, r) : 
r > 0} forms a neighborhood base at each point x € X. If, moreover, (X,d) is 
a complete metric space for one of such metrics d, then (X,d) is a completely 
metrizable (or topologically complete) space. 

Metrizable spaces are always paracompact T)-spaces (hence, normal and 
completely regular), and first-countable. 

A topological space is called locally metrizable if every point in it has a 
metrizable neighborhood. 

A topological space (X, T) is called submetrizable if there exists a metrizable 
topology t’ on X which is coarser than t. 

A topological space (X, T) is called proto-metrizable if it is paracompact and 
has an orthobase, i.e., a base B such that, for B’ C B, either NB’ is open, or B’ 
is a local base at the unique point in NB’. It is not related to the protometric in 
Chap. 1. 

Some examples of other direct generalizations of metrizable spaces follow. 

A sequential space is a quotient image of a metrizable space. 

Morita’s M-space is a topological space (X,t) from which there exists a 
continuous map f onto a metrizable topological space (Y, t’) such that f is closed 
and f—'(y) is countably compact for each y € Y. 

Ceder’s M,-space is a topological space (X, t) having a o-closure-preserving 
base (metrizable spaces have o-locally finite bases). 

Okuyama’s o-space is a topological space (X, tT) having a o-locally finite net, 
i.e., a collection U/ of subsets of X such that, given of a point x € U with U open, 
there exists U’ € U with x € U’ C U (a base is a net consisting of open sets). 
Every compact subset of a o-space is metrizable. 

Michael’s cosmic space is a topological space (X, t) having a countable net 
(equivalently, a Lindeléf o-space). It is exactly a continuous image of a separable 
metric space. A 72-space is called analytic if it is a continuous image of a 
complete separable metric space; it is called a Lusin space if, moreover, the 
image is one-to-one. 
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Quasi-metrizable space 

A topological space (X,t) is called a quasi-metrizable space if X admits 
a quasi-metric d such that the set of open d-balls {B(x,r) : r > 0} forms a 
neighborhood base at each point x € X. 

A more general y-space is a topological space admitting a y-metric d (i.e., 
a function d : X x X — Rso with d(x, z,) — O whenever d(x, y,) — 0 and 
d(Yn, Zn) — 0) such that the set of open forward d-balls {B(x, r) : r > 0} forms a 
neighborhood base at each point x € X. 

The Sorgenfrey line is the topological space (IR,t) defined by the base 
{la,b) : a,b € R,a < b}. It is not metrizable but it is a first-countable 
separable and paracompact Ts-space; neither it is second-countable, nor locally 
compact or locally connected. However, the Sorgenfrey line is quasi-metrizable 
by the Sorgenfrey quasi-metric (cf. Chap. 12) defined as y — x if y > x, and 1, 
otherwise. 

Symmetrizable space 

A topological space (X,t) is called symmetrizable (and t is called the 
distance topology) if there is a symmetric d on X (i.e., a distance d : X x X > 
Rso with d(x, y) = 0 implying x = y) such that a subset U C X is open if and 
only if, for each x € U, there exists € > 0 with B(x,e) ={yeEX : d(x,y) < 
e}cu. 

In other words, a subset H C X is closed if and only if d(x, H) = inf,{d(x, y) : 
y € H} > 0 for each x € X\U. A symmetrizable space is metrizable if and only 
if itis a Morita’s M-space. 

In Topology, the term semimetrizable space refers to a topological space 
(X, tT) admitting a symmetric d such that, for each x € X, the family {B(x, €) : 
€ > 0} of balls forms a (not necessarily open) neighborhood base at x. In other 
words, a point x is in the closure of a set H if and only if d(x, H) = 0. 

A topological space is semimetrizable if and only if it is symmetrizable and 
first-countable. Also, a symmetrizable space is semimetrizable if and only if it 
is a Fréchet-Urysohn space (or E-space), i.e., for any subset A and for any point 
x of its closure, there is a sequence in A converging to x. 

Hyperspace 

A hyperspace of a topological space (X,t) is a topological space on the 
set CL(X) of all nonempty closed (or, moreover, compact) subsets of X. The 
topology of a hyperspace of X is called a hypertopology. Examples of such a 
hit-and-miss topology are the Vietoris topology, and the Fell topology. Examples 
of such a weak hyperspace topology are the Hausdorff metric topology, and the 
Wijsman topology. 

Discrete topological space 

A topological space (X, T) is discrete if t is the discrete topology (the finest 
topology on X), i.e., containing all subsets of X as open sets. Equivalently, it does 
not contain any limit point, i.e., it consists only of isolated points. 

Indiscrete topological space 

A topological space (X,T) is indiscrete if t is the indiscrete topology (the 

coarsest topology on X), i.e., having only two open sets, @ and X. 
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It can be considered as the semimetric space (X,d) with the indiscrete 
semimetric: d(x, y) = 0 for any x,y € X. 
Extended topology 

Consider a set X and a map cl : P(X) — P(X), where P(X) is the set of all 
subsets of X. The set c/(A) (for A C X), its dual set int(A) = X\cl(X\A) and the 
map N : X > P(X) with N(x) = {A C X : x € int(A)} are called the closure, 
interior and neighborhood map, respectively. 

So, x € cl(A) is equivalent to X\A € P(X)\N(x). A subset A C X is closed if 
A = cl(A) and open if A = int(A). Consider the following possible properties of 
cl; they are meant to hold for all A, B € P(X). 


1. cl(@) = 9; 

2. A © B implies cl(A) € cl(B) (isotony); 

3. A C cl(A)(enlarging); 

4. cl(A U B) = cl(A) U cl(B) (linearity, and, in fact, 4 implies 2); 
5. cl(cl(A)) = cl(A) (idempotency). 


The pair (X, cl) satisfying | is called an extended topology if 2 holds, a Brissaud 
space (Brissaud, 1974) if 3 holds, a neighborhood space (Hammer, 1964) if 2 
and 3 hold, a Smyth space (Smyth, 1995) if 4 holds, a pre-topology (Cech, 
1966) if 3 and 4 hold, and a closure space (Soltan, 1984) if 2, 3 and 5 hold. 

(X, cl) is the usual topology, in closure terms, if 1, 3, 4 and 5 hold. 


Chapter 3 
Generalizations of Metric Spaces 


Some immediate generalizations of the notion of metric, for example, quasi- 
metric, near-metric, extended metric, were defined in Chap. 1. Here we give some 
generalizations in the direction of Topology, Probability, Algebra, etc. 


3.1 m-Tuple Generalizations of Metrics 


In the definition of a metric, for every two points there is a unique associated 
number. Here we group some generalizations of metrics in which several points 
or several numbers are considered instead. 


¢ m-hemimetric 
Let X be a nonempty set. A function d : X"t! — Ryo is called a 
m-hemimetric (Deza—Rosenberg, 2000) if it have the following properties: 





1. d is totally symmetric, i.e., satisfies d(x,,...,Xm+1) = d(Xr(1), +--+ Xa(m+1)) 
for all x1,...,%m41 € X and for any permutation z of {1,...,m+ 1}; 
2. d(x1,..-,Xm+1) = Oif x1,...,Xm41 are not pairwise distinct; 
3. for all x1,...,%m+2 € X, d satisfies the m-simplex inequality 
m+1 


d(x, tee »Xm+1) = So dim. vee Xi-1,Xi41,--- Xm+2). 


i=1 


Cf. unrelated hemimetric (i.e., a quasi-semimetric) in Chap. 1. 

If in above 3. d(x),...,X%m+1) is replaced by sd(x1,...,%m+1) for some 
s,0 <s < 1, thend is called (m, s)-super-metric ([DeDu03]). (m, 1)- and (1, s)- 
super-metrics are exactly m-hemimetric and +-near-semimetric; cf. near-metric 
in Chap. |. 
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If above 3. is dropped, d is called m-dissimilarity. 1-dissimilarity and 1- 
hemimetric are exactly a distance and a semimetric. 
¢ 2-metric 
An m-hemimetric with m = 2 satisfies 2-simplex (or tetrahedron) inequality 


(x1, X2,%3) < d(%4, X2,%3) + d(x1, x4, 3) + d(x], X2, x4). 


A 2-metric (Gahler, 1963 and 1966) is a 2-hemimetric d in which, for any 
distinct points x), x2, there is a point x3 with d(x, x2,x3) > 0. The area of the 
triangle spanned by x1, x2,.x3 on R? or S? is a 2-metric. 

A D-space (Dhage, 1992) is an 2-hemimetric space (X,d) in which the 
condition “d(x;,x%2,x%3) = 0 if two of x;,x2,x3 are equal” is replaced by 
“d(x1,X2,x3) = Oif and only if x) = x2. = x3.” Mustafa and Sims, 2003, showed 
that D-spaces are not suitable for topological constructions. In 2006, they defined 
instead a function, let us call it WS — 2-metric, D : X? > IR>o which satisfies 


. D(x1,X2,%3) = Oif xy = x = x33 

. D(x1,x1,x2) > O whenever x, 4 x; 

. D(x, x2,%3) = D(x1,x1,x2) whenever x3 4 x; 

. Disa totally symmetric function of its three variables, and 

. D(x, X2,%3) < D(x1, x4, X4) + D(x4, x2, x3) for all x1, x2,.%3,.x4 € X. 


nABWN re 


The perimeter of the triangle spanned by x;,x2,x3 on R? is a MS — 2- 
metric. If d is a metric, then $(d(x1, x2) + d(xo,x3) + d(x1,x3)) and 
max(d(x1, x2), d(x2, x3), d(x1,x3)) are MS — 2-metrics. If D is a MS — 2-metric, 
then D(x, x2,%2) + D(x1,x1,x2) is a metric. If (X,D) is a MS — 2-metric 
space, the open D-ball with center xo and radius r is Bp(xo,r) = {x, EX : 
D(x0,.%1,.X1) <r}. 
¢ Multidistance 

Given a set X, a function D : Un» 1X” — Rso is called a multidistance 

(Martin—Major, 2009) if, for all m and all x1,...,%n,y € X, it satisfies: 


1. D@&,....%m) = O if xy = +++ = Xm; 
2. D(X1,....X%m) = D(xx(1),---,Xx(m)) for any permutation z of {1,...,m}; 
3. D(x, aye Xm) < pear D(x, y). 


Clearly, the restriction of a multidistance on X? is a semimetric. 

A multidistance D is called regular, if all Dix,,...,%m) < D(%,..-,Xm,y) 
hold, and stable, if all Dix,,...,%m) = D(xq,...,Xm,%;) hold. Given a metric 
space (X,d), the Fermat multidistance is minyex )>;_, d(x;,x); it is regular, but 
not stable. 

The regular multidistances on X form a convex cone. 

¢ Multimetric 

In Mao, 2006, a multimetric space is the union of some metric spaces 
(X;,d;),i € J. In the case X; = X,i € J, the multimetric is defined as the 
sequence-valued map d(x, y) = (dj),i € J, from X x X to RY. 
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Cf. bimetric theory of gravity in Chap. 24 and (in the item meter-related 
terms) multimetric crystallography in Chap. 27. 

Also, Jérnsten, 2007, consider clustering (Chap. 17) under several distance 
metrics simultaneously. In Rintanen, 2004, a linear multimetric is defined as d = 
wid, +--+ + Wmdm, where d; are metrics and w; € [0, 1] are weights. 

Diversity 

Given a set X, a function f from its finite subsets to Rso is called (Bryant— 

Tupper, 2012) diversity on X if f(A) = 0 for all A C X with |A| < 1 and 


f(AUB) +f(BUC) = f(AUC) forall A, B,C CX with B F 9. 


The induced diversity metric d(x, y) is f({x, y}). 

For any diversity f(A) with induced metric space (X,d), it holds foiam(A) < 
F(A) < fs(A) < (JA| — Dffiam(A), where the diameter diversity fyjam(A) is 
max, ye4 d(x,y) = diam(A) and the Steiner diversity f5(A) is the minimum 
weight of a Steiner tree connecting elements of A. 

l,-diversity is defined by fini(A) = max |a;—b;|:a,b¢A for all finite 
ACR". 

Any diversity is a Vitanyi multiset metric, restricted to subsets. But much of 
Bryant—Tupper’s theory of diversities does not extend on multisets. 

Vitanyi multiset metric 

Given two multisets m and m’, define n = mm’ if nis the multiset consisting of 
the elements of the multisets m and m’, that is, if x occurs once in m and once in 
m’, then it occurs twice in n. A function d on the set of nonempty finite multisets 
is (Vitanyi, 2011) a multiset metric if 


1. d(m) = Oif all elements of m are equal and d(m) > 0 otherwise. 
2. d(X) is invariant under all permutations of m. 
3. d(mm’) < d(mm") + d(m'm’) (multiset triangle inequality). 


The usual metric between two elements results if the multiset m has two elements 
in 1. and 2. and the multisets m, m’, m” have one element each in 3. 

An example is the set of all nonempty finite multisets m of integers with 
d(m) = max{x : x € m} — min{x : x € m}. Cohen-Vitanyi, 2012, defined 
another multiset metric, generalising normalised web distance (Chap. 22). 


3.2 Indefinite Metrics 


Indefinite metric 

An indefinite metric (or G-metric) on a real (complex) vector space V is 
a bilinear (in the complex case, sesquilinear) form G on V, i.e., a function G : 
VxV — R(O©), such that, for any x, y, z € V and for any scalars a, 8, we have the 
following properties: G(ax + By, z) = aG(x, z) + BG(y, z), and G@, ay+ Bz) = 
a@G(x, y)+BG(x, z), where @ = a + bi = a—bi denotes the complex conjugation. 
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If a positive-definite form G is symmetric, then it is an inner product on V, 
and one can use it to canonically introduce a norm and the corresponding norm 
metric on V. In the case of a general form G, there is neither a norm, nor a 
metric canonically related to G, and the term indefinite metric only recalls the 
close relation of such forms with certain metrics in vector spaces (cf. Chaps. 7 
and 26). 

The pair (V,G) is called a space with an indefinite metric. A finite- 
dimensional space with an indefinite metric is called a bilinear metric space. 
A Hilbert space H, endowed with a continuous G-metric, is called a Hilbert 
space with an indefinite metric. The most important example of such space is a 
J-space; cf. J-metric. 

A subspace L in a space (V,G) with an indefinite metric is called a 
positive subspace, negative subspace, or neutral subspace, depending on whether 
G(x, x) > 0, G(x, x) < 0, or G(x, x) = 0 for all x € L. 

Hermitian G-metric 

A Hermitian G-metric is an indefinite metric G? on a complex vector space 

V such that, for all x, y € V, we have the equality 


G" (x,y) = G4(y,x), 


where @ = a+ bi = a — bi denotes the complex conjugation. 
Regular G-metric 

A regular G-metric is a continuous indefinite metric G on a Hilbert space 
H over C, generated by an invertible Hermitian operator T by the formula 


G(x, y) = (T(x),y), 


where (,) is the inner product on H. 

A Hermitian operator on a Hilbert space H is a linear operator T on H defined 
on a domain D(T) of H such that (T(x), y) = (x, T(y)) for any x,y € D(T). 
A bounded Hermitian operator is either defined on the whole of H, or can be 
so extended by continuity, and then T = T*. On a finite-dimensional space a 
Hermitian operator can be described by a Hermitian matrix ((aj)) = ((Gji)). 
J-metric 

A J-metric is a continuous indefinite metric G on a Hilbert space H over C 
defined by a certain Hermitian involution J on H by the formula 


G(x, y) = JQ),y), 


where (-,-) is the inner product on H. 

An involution is a mapping H onto H whose square is the identity mapping. 
The involution J may be represented as J = P; — P_, where P+ and P_ are 
orthogonal projections in H, and P+ + P_ = H. The rank of indefiniteness of the 
J-metric is defined as min{dim P+, dim P_}. 
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The space (H, G) is called a J-space. A J-space with finite rank of indefinite- 
ness is called a Pontryagin space. 


3.3. Topological Generalizations 


Metametric space 

A metametric space (Vaisala, 2003) is a pair (X, d), where X is a set, and d is 
a nonnegative symmetric function d : X x X — R such that d(x, y) = 0 implies 
x = y and triangle inequality d(x, y) < d(x, z) + d(z, y) holds for all x, y,z € X. 

A metametric space is metrizable: the metametric d defines the same topology 
as the metric d’ defined by d'(x,x) = 0 and d’(x,y) = d(x, y) ifx # yA 
metametric d induces a Hausdorff topology with the usual definition of a ball 
B(xo, r) = {x € X : d(xo, x) < r}. Any partial metric (Chap. 1) is a metamettric. 
Resemblance 

Let X be a set. A function d : X x X — R is called (Batagelj-Bren, 1993) a 
resemblance on X if dis symmetric and if, for all x, y € X, either d(x, x) < d(x, y) 
(in which case d is called a forward resemblance), or d(x, x) > d(x, y) (in which 
case d is called a backward resemblance). 

Every resemblance d induces a strict partial order < on the set of all 
unordered pairs of elements of X by defining {x,y} ~ {u,v} if and only if 
d(x, y) < d(u, v). 
w-distance 

Given a metric space (X,d), a w-distance on X (Kada—Suzuki—Takahashi, 
1996) is a nonnegative function p : X x X — R which satisfies the following 
conditions: 


1. p(x, z) < p(x, y) + pQ. z) for all x,y,z € X; 

2. for any x € X, the function p(x, .) : X > R is lower semicontinuous, i.e., if a 
sequence {y,}, in X converges to y € X, then p(x, y) < lim, _,,p(%, Yn); 

3. for any € > 0, there exists 6 > 0 such that p(z, x) < 6 and p(z,y) < 6 imply 
d(x, y) < «€, for each x,y,z € X. 


t-distance space 

A t-distance space is a pair (X,f), where X is a topological space and f is an 
Aamri-Moutawakil’s t-distance on X, i.e., a nonnegative function f : XxX > R 
such that, for any x € X and any neighborhood U of x, there exists € > O with 
{ye X: fy) <e} CU. 

Any distance space (X, d) is a t-distance space for the topology ty defined as 
follows: A € ty if, for any x € X, there exists € > 0 with {y € X : f(x,y) < E} C 
A. However, there exist nonmetrizable t-distance spaces. A t-distance f(x, y) 
need be neither symmetric, nor vanishing for x = y; for example, e!*~! is a 
t-distance on X = R with usual topology. 
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¢ Proximity space 
A proximity space (Efremovich, 1936) is a set X with a binary relation 6 on 
the power set P(X) of all of its subsets which satisfies the following conditions: 


1. AéB if and only if B6A (symmetry); 
2. Aéd(B U C) if and only if AdB or AdC (additivity); 
3. A6dA if and only if A ¥ @ (reflexivity). 


The relation 6 defines a proximity (or proximity structure) on X. If ASB fails, the 
sets A and B are called remote sets. 

Every metric space (X,d) is a proximity space: define AdB if and only if 
d(A, B) = infyeayep d(x,y) = 0. 

Every proximity on X induces a (completely regular) topology on X by 
defining the closure operator cl : P(X) — P(X) on the set of all subsets of X 
as cl(A) = {x € X : {x}dA}. 

¢ Uniform space 

A uniform space is a topological space (with additional structure) providing 
a generalization of metric space, based on set-set distance. 

A uniform space (Weil, 1937) is a set X with an uniformity (or uniform 
structure) U, i.e., a nonempty collection of subsets of X x X, called entourages, 
with the following properties: 


. Every subset of X x X which contains a set of U/ belongs to U; 

. Every finite intersection of sets of U/ belongs to U/; 

. Every set V € U contains the diagonal, i.e., the set {(x,x) :x EX} CXxX; 

. If V belongs to U/, then the set {(y, x) : (x, y) € V} belongs to U/; 

. If V belongs to U/, then there exists V’ € U/ such that (x,z) € V whenever 
@y),OgeV. 


Every metric space (X,d) is a uniform space. An entourage in (X,d) is a 
subset of X x X which contains the set Ve = {(x,y) € X x X : d(x,y) < «} 
for some positive real number €. Other basic example of uniform space are 
topological groups. 

Every uniform space (X,//) generates a topology consisting of all sets A C X 
such that, for any x € A, there is a set V € U with {y: (x,y) Ee V} CA. 

Every uniformity induces a proximity o where AoB if and only if A x B has 
nonempty intersection with any entourage. 

A topological space admits a uniform structure inducing its topology if only 
if the topology is completely regular (Chap. 2) and, also, if only if it is a gauge 
space, i.e., the topology is defined by a >-filter of semimetrics. 

¢ Nearness space 

A nearness space (Herrich, 1974) is a set X with a nearness structure, i.e., a 
nonempty collection U/ of families of subsets of X, called near families, with the 
following properties: 
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1. Each family refining a near family is near; 
2. Every family with nonempty intersection is near; 
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3. Vis near if {cl(A) : A € V} is near, where c/(A) is {x € X : {{x}, A} € U}; 
4. @ is near, while the set of all subsets of X is not; 
5. If{AUB:A € F,,B € F} is near family, then so is F, or F. 


The uniform spaces are precisely paracompact nearness spaces. 
¢ Approach space 

An approach space is a topological space providing a generalization of metric 
space, based on point-set distance. 

An approach space (Lowen, 1989) is a pair (X, D), where X is a set and D is 
a point-set distance, i.e., a function X x P(X) — [0, co] (where P(X) is the set 
of all subsets of X) satisfying, for all x € X and all A,B € P(X), the following 
conditions: 


. D(x, {x}) = 0; 

. D(x, {O}) = 00; 

. D(x, A U B) = min{D(x, A), D(x, B)}; 

. D(x, A) < D(x, AS) + € for any € € [0, oo], where AS = {x : D(x, A) < €} is 
the “e-ball” with center x. 
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Every metric space (X, d) (moreover, any extended quasi-semimetric space) is an 
approach space with D(x, A) being the usual point-set distance minye, d(x, y). 

Given a locally compact separable metric space (X, d) and the family F of 
its nonempty closed subsets, the Baddeley—Molchanov distance function gives 
a tool for another generalization. It is a function D : X x F — R which is lower 
semicontinuous with respect to its first argument, measurable with respect to the 
second, and satisfies the following two conditions: F = {x € X : D(x, F) < 0} 
for F € F, and D(x, F,) > D(x, Fr) for x € X, whenever F|,F. € F and 
F, CF». 

The additional conditions D(x, {y}) = Dy, {x}), and D(x, F) < D(x, {y}) + 
D(y, F) for all x, y € X and every F € F, provide analogs of symmetry and the 
triangle inequality. The case D(x, F) = d(x, F) corresponds to the usual point-set 
distance for the metric space (X, d); the case D(x, F) = d(x, F) for x € X\F and 
D(x, F) = —d(x, X\F) for x € X corresponds to the signed distance function in 
Chap. |. 

¢ Metric bornology 

Given a topological space X, a bornology of X is any family A of proper 

subsets A of X such that the following conditions hold: 


1. Use AA =X 5 
2. A is an ideal, i.e., contains all subsets and finite unions of its members. 
The family A is a metric bornology ([Beer99]) if, moreover 
. A contains a countable base; 
4. For any A € A there exists A’ € A such that the closure of A coincides with 
the interior of A’. 


io) 


The metric bornology is called trivial if A is the set P(X) of all subsets of X; such 
a metric bornology corresponds to the family of bounded sets of some bounded 
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metric. For any noncompact metrizable topological space X, there exists an 
unbounded metric compatible with this topology. A nontrivial metric bornology 
on such a space X corresponds to the family of bounded subsets with respect 
to some such unbounded metric. A noncompact metrizable topological space X 
admits uncountably many nontrivial metric bornologies. 
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¢ Metric 1-space 

A category WV consists (Eilenberg and MacLane, 1945) of a set Ob(W) 
of objects, a set Mor(W) of morphisms (or arrows)) and a set-valued map 
associating a set U(x, y) of arrows to each ordered pair of objects x, y, so that 
each arrow belongs to only one set V(x, y). An element of U(x, y) is also denoted 
byfix—-y. 

Moreover, the composition f-g € W(x, z) of two arrows f : x > y, g: y > zis 
defined, and it is associative. Finally, each set U(x, x) contains an identity arrow 
id, such that f - id, = f and id,- g = g for any arrows f : y > xandg:x— z. 
Cf. category of metric spaces in Chap. 1. 

Weiss defined in [Weis12] a metric 1-space as a category V together with a 
weight-function w : U(x, y) > Rs» U {00} on arrows, which satisfies 


1. w(id,) = 0 holds for each object x € Ob(W) (reflexivity). 
2. |w(g) — w(f)| < w(g-f) < w(g) + w(f) holds for any objects x, y, z and 
arrows f :x > y,g: y — Z (full triangle inequality). 


Any set X produces an indiscrete category Ix, in which ObUIx) = X and 
[Ix (x, y)| = 1 for all x, y € X. Any metric space (X, d) produces a metric 1-space 
on ly by defining w(f) = d(x, y), and it is unique metric 1-space on Jy. But, 
in general, the function w on arrows can be seen as a multivalued function on 
Ob x Ob. 

[Weis 12] also outlined a metric m-space as a kind of an m-hemimetric on an 
m-category consisting of i-dimensional cells, 0 < i < m (objects, arrows, ...) 
and a associative-like composition rule for the cells with matching boundaries. 

¢ V-continuity space 

Let (V,A, Vv) be a complete (having AS := A,yesx and VS := Vxes for all 
S C V) lattice with bottom element 0. For a, b € V, ais said to be well above b, 
denoted by b < a, if given any S C V such that AS < b, there exists s € S with 
S<a. 

A value quantale is a pair (V, +), where V is a complete lattice and + is an 
associative and commutative operation o such that for all a,b € Vand S C V, 


l.a+AS= A(a+5S), 
2.a+0=a, 

3. a= A{beE Va < db}, 
4.0<«aAb if 0~a,b. 
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A V-continuity space is (Flagg—Koperman, 1997) a triple (X,d, V), where V 
is a value quantale, X is a set, and d : X x X — Visa function satisfying 


d(x,x) =0 and d(x,z) < d(x, y) +d(,z). 


Any extended quasi-semimetric space is a V-continuity space, where V is the 
value quantale [0, co], seen as a complete lattice, with ordinary addition. 

Weiss, 2013, showed that taken with continuous functions, the categories of 
all V-continuity spaces and of all topological spaces are equivalent. In particular, 
every topological space (X, T) is ““metrizable” in the sense that there exists a V- 
continuity space (X,d,V) such that t is the topology generated by open balls 
{y € X we}. 

¢ Probabilistic metric space 

A notion of probabilistic metric space is a generalization of the notion 
of metric space (see, for example, [ScSk83]) in two ways: distances become 
probability distributions, and the sum in the triangle inequality becomes a 
triangle operation. 

Formally, let A be the set of all probability distribution functions, whose 
support lies in [0,00]. For any a € [0,00] define step functions €g € A by 
€a(x) = lif x > aorx = o, and €,(x) = 0, otherwise. The functions in A 
are ordered by defining F < Gto mean F(x) < G(x) for all x > 0; the minimal 
element is €o. 

A commutative and associative operation t on A is called a triangle function 
if t(F, €9) = F for any F € A and t(E, F) < t(G, H) whenever E < G, F < H. 
The semigroup (A, tT) generalizes the group (R, +). 

A probabilistic metric space is a triple (X,D,t), where X is a set, D is a 
function X x X — A, and T is a triangle function, such that for any p,q,r € X 


1. D(p, gq) = €0 if and only if p = q; 
2. D(p,q) = Dq.P); 
3. Dip, r) = (Dp, 4), D(,")). 


For any metric space (X,d) and any triangle function t, such that t(€q, €,) = 
€a+p for all a, b = 0, the triple (X, D = €q,,), T) is a probabilistic metric space. 

For any x > 0, the value D(p, q) at x can be interpreted as “the probability that 
the distance between p and q is less than x”; this was approach of Menger, who 
proposed in 1942 the original version, statistical metric space, of this notion. 

A probabilistic metric space is called a Wald space if the triangle function is 
a convolution, i.e., of the form 1,(E, F) = te E(x — t)dF(t). 

A probabilistic metric space is called a generalized Menger space if the 
triangle function has form 1,(£,F) = sup,,,—, 7 (E(u), F(v)) for a t-norm T, 
i.e., such a commutative and associative operation on [0,1] that T(a,1) = a, 
T(0, 0) = 0 and T(c, d) > T(a, b) whenever c > a,d > b. 

¢ Fuzzy metric spaces 

A fuzzy subset of a set S is a mapping jz : S — [0, 1], where jz(x) represents 

the “degree of membership” of x € S. 
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A continuous t-norm is a binary commutative and associative continuous 
operation T on [0, 1], such that T(a,1) = a and T(c,d) > T(a,b) whenever 
c>a,d>b. 

A KM fuzzy metric space (Kramosil—Michalek, 1975) is a pair (X, (uw, T)), 
where X is a nonempty set and a fuzzy metric ({4,T) is a pair comprising a 
continuous t-norm T and a fuzzy set 4 : X? x Rso — [0,1], such that, for 
x,y,z €X ands, t > 0, the following conditions hold: 


. L(x, y, 0) = 0; 
. L(x, y, t) = 1 if and only if x = y,t > 0; 
- Hy, t) = Wy, x, 0); 


. Tuy, t), HO, 2,5)) < wu, zt+ 5); 
5. the function ju(x, y,-) : R>o — [0, 1] is left continuous. 
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A KM fuzzy metric space is called also a fuzzy Menger space since by defining 
D.(p,q) = [L(p.g,t) one gets a generalized Menger space. The following 
modification of the above notion, using a stronger form of metric fuzziness, it 
a generalized Menger space with D,(p, q) positive and continuous on R,o for all 
P.4q.- 

A GV fuzzy metric space (George—Veeramani, 1994) is a pair (X, (uw, T)), 
where X is a nonempty set, and a fuzzy metric ({4,T) is a pair comprising a 
continuous t-norm 7 and a fuzzy set  : X* x Ro — [0, 1], such that for x, y, z € 
Xands,t>0 


. L(x, y,t) > 0; 

. L(x, y, ft) = 1 if and only if x = y; 

- WX yt) = wy, x, 1); 

. Tw, y, 1), WO, 2,5) < wa, z.t +5); 

. the function jz(x, y,-) : Ro — [0, 1] is continuous. 
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An example of a GV fuzzy metric space comes from any metric space (X, d) 
by defining T(a,b) = b — ab and p(x, y,t) = aD: Conversely, any GV 
fuzzy metric space (and also any KM fuzzy metric space) generates a metrizable 
topology. Most GV fuzzy metrics are strong, i.e., T(u(x,y,t),u0,z.0) < 
L(x, z, t) holds. 

A fuzzy number is a fuzzy set 4 : R — [0,1] which is normal ({x € R : 
L(x) = 1} 4 ), convex (u(tx + (1 — dy) = min{iz(x), w(y)} for every x,y € 
R and ¢t € [0,1]) and upper semicontinuous (at each point xo, the values s(x) 
for x near xo are either close to f4(xo) or less than jz(x)). Denote the set of all 
fuzzy numbers which are nonnegative, i.e., (x) = 0 for all x < 0, by G. The 
additive and multiplicative identities of fuzzy numbers are denoted by 0 and 1, 
respectively. The level set [4], = {x : w(x) = t} of a fuzzy number p is a closed 
interval. 

Given a nonempty set X and a mapping d : X? — G, let the mappings 
L,R : [0,1]? — [0,1] be symmetric and nondecreasing in both arguments 
and satisfy L(0,0) = 0, R(1,1) = 1. For all x,y € X andt e€ (0, 1], let 
[d(x y)]; = Ary), or, y)]. 
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A KS fuzzy metric space (Kaleva—Seikkala, 1984) is a quadruple (X, d, L, R) 
with fuzzy metric d, if for all x, y,z € X 


1. d(x, y) = O if and only if x = y; 

2. d(x,y) = d(y,x); 

3. d(x, y)(s + t) => L(d(x, z)(s), d(z, y)(t)) whenever s < A, (x,z), t < A(z, y), 
ands+t<Aj,(x,y); 

4. d(x,y(s +.) < R(d(x, (3), d(z, y)() whenever s = Ay(x,2), t= Ai(zy), 
ands +t > Ai(x,y). 


The following functions are some frequently used choices for L and R: 
max{a + b — 1, 0}, ab, min{a, b}, max{a, b},a + b — ab, min{a + b, 1}. 


Several other notions of fuzzy metric space were proposed, including 
those by Erceg, 1979, Deng, 1982, and Voxman, 1998, Xu—Li, 2001, Tran— 
Duckstein, 2002, Chakraborty—Chakraborty, 2006. Cf. also metrics between 
fuzzy sets, fuzzy Hamming distance, gray-scale image distances and fuzzy 
polynucleotide metric in Chaps. 1, 11, 21 and 23, respectively. 

¢ Interval-valued metric space 

Let /(R=o) denote the set of closed intervals of R>o. 

An interval-valued metric space (Coppola—Pacelli, 2006) is a pair 
((X, <), A), where (X, <) is a partially ordered set and A is an interval-valued 
mapping A : X x X > J(Rso), such that for every x, y,z € X 


. A(x, x) * [0, 1] = A(x, x); 

. A(x, y) = AQ, x); 

. A(x, y) — A(z, z) x A@,z) + At y); 

- AG, y) — AQ, y) X AQ, x) + AQ, y); 

. x <x andy < y imply A(x, y) C AW’, y’); 

. AG, y) = 0 if and only if x = y and x,y are atoms (minimal elements of 
(X, <)). 


Here the following interval arithmetic rules hold: [u, v] < [w’, v’] if and only if 
u<u', 

[u,v] + [wv] = [utu,utu'), [u,v] — [wu] = lw—w',v—-v', 

[u, v] * [u’, v'] = [min{uu', uv’, vu’, vv}, max{uu’, uv’, vu’, vu'}] and 

los, = (ming, 4, %, 2 },maxt, 4, 5, 2f] when 0 ¢ [u,v 

The addition and multiplication operations are commutative, associative and 
subdistributive: it holds X * (Y + Z) C (X* Y+X*Z). 

Cf. metric between intervals in Chap. 10. 

The usual metric spaces coincide with above spaces in which all x € X are 
atoms. 

¢ Direction distance 

Given a normed real vector space (V, ||.||), for any x € V \ {0}, denote by [x] 

the direction (ray) {Ax : A > 0} and by xo the point Tal: An oriented angle is an 
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ordered pair ([x], [y]) of directions. The direction distance from x to y is defined 
(Busch—Ruch, 1992) as the family of distances ||wxo — Byo|| with a, B € Ryo. 

The mixing distance is defined as the restriction of the direction distance to 
pairs of directions in the cone {Av : v € V,A > O}. In fact, authors introduced 
these distances on some special normed spaces used in Quantum Mechanics. 
Generalized metric 

Let X be a set. Let (V,+,<) be an ordered semigroup (not necessarily 
commutative) with a least element 0 and with x < y,x; < y, implying 
X+x, <y+y1. Let (V, +) be also endowed with an order-preserving involution 
x* (.e., (x*)* = x), which is operation-reversing, i.e., (x + y)* = y* +2*. 

A function d : X x X — Gis called (Li-Wang—Pouzet, 1987) a generalized 
metric over (V, +, <) if the following conditions hold: 


1. d(x, y) = @ if and only if x = y; 
2. d(x, y) < d(x, z) + d(z, y) for all x,y € X; 
3. d*(x,y) = d(y,x). 


Cone metric 
Let C be a proper cone in a real Banach space W, i.e., C is closed, C 4 @, the 
interior of C is not equal to {0} (where @ is the zero vector in W) and 


1. ifx,y € Canda,b € Rso, then ax + by € C; 
2. ifx € Cand —x € C, then x = 0. 


Define a partial ordering (W, <) on W by letting x < y if y—x € C. The 
following variation of generalized metric and partially ordered distance was 
defined in Huang—Zhang, 2007, and, partially, in Rzepecki, 1980. Given a set X, 
a cone metric is a mapping d : X x X — (W, <) such that 


1. 6 < d(x, y) with equality if and only if x = y; 
2. d(x, y) = d(y, x) for all x, y € X; 
3. d(x, y) < d(x,z) + d(z, y) for all x,y € X; 


The pair (X, d) is called a cone metric space. 
W-distance on building 

Let X be a set, and let (W,-, 1) be a group. A W-distance on X is a W-valued 
map o : X x X — W having the following properties: 


1. o(@, y) = 1 if and only if x = y; 
2. a(y,x) = (o(,y))T. 
A natural W-distance on W is o(x, y) = xl. 
A Coxeter group is a group (W,-, 1) generated by the elements 


{w1,.--,Was (ww)! = 1,1 < i,j <n}. 


Here M = ((mj)) is a Coxeter matrix, i.e., an arbitrary symmetric n x n matrix 
with m;; = 1, and the other values are positive integers or oo. The length I(x) of 
x € Wis the smallest number of generators w),..., w, needed to represent x. 


Here is a simple standard circuit: 






RF Ort 
to DVM — 
0.01 uF 
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to dummy load 








ceramic disk capacitor 
0.01 uF / 250 V 


A simple RF-probe 


Obviously, this circuit will be fooled by a DC-offset on the RF signal. We can fix this by swapping the diode and the capacitor. Note that this is not 
necessary if you measure an RF voltage via a transformer, such as a directional coupler. 


We can also make life a little easier by including a voltage divider with a scaling factor that is equal to the reciprocal of 12. Then the output voltage 
will be the RMS value that we are interested in. We can make a voltage divider where one resistor is the input impedance of the DVM. My DVM 
has a published input resistance of 10 MQ. The second resistor should be 4M14 Q,since 10 / (10+4.14) = 1/\2). So 3M9 + 220k = 4M12 would 
be a good choice. This approach is shown below. Note that the resistor should be non-inductive (e.g., bulk-metal-foil or carbon). 


ceramic disk capacitor 
0.01 uF / 250 V 









to dummy load 








diode 
RF-probe with DC-block and peak-to-RMS scaling 
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Let X be a set, let (W,-, 1) be a Coxeter group and let o(x, y) be a W-distance 
on X. The pair (X, @) is called (Tits, 1981) a building over (W, -, 1) if it holds 


1. the relation ~; defined by x ~; y if o(x, y) = 1 or wj, is an equivalence 
relation; 

2. given x € X and an equivalence class C of ~;, there exists a unique y € C 
such that o(x, y) is shortest (i.e., of smallest length), and o(x, y’) = a(x, y)w; 
for any y’ €C,y #y. 


The gallery distance on building d is a usual metric on X defined by 
I(d(x, y)). The distance d is the path metric in the graph with the vertex-set 
X and xy being an edge if o(x, y) = w; for some | < i < n. The gallery distance 
on building is a special case of a gallery metric (of chamber system X). 

¢ Boolean metric space 

A Boolean algebra (or Boolean lattice) is a distributive lattice (B,V, A) 
admitting a least element 0 and greatest element 1 such that every x € B has 
a complement x with x Vx = 1 andx Ax = 0. 

Let X be a set, and let (B, V, A) be a Boolean algebra. The pair (X, d) is called 
(Blumenthal, 1953) a Boolean metric space over B if the functiond : XxX > B 
has the following properties: 


1. d(x, y) = 0 if and only if x = y; 
2. d(x, y) < d(x, z) V d(z, y) for all x, y,z € X. 


¢ Space over algebra 

A space over algebra is a metric space with a differential-geometric structure, 
whose points can be provided with coordinates from some algebra (usually, an 
associative algebra with identity). 

A module over an algebra is a generalization of a vector space over a field, 
and its definition can be obtained from the definition of a vector space by 
replacing the field by an associative algebra with identity. An affine space over 
an algebra is a similar generalization of an affine space over a field. In affine 
spaces over algebras one can specify a Hermitian metric, while in the case of 
commutative algebras even a quadratic metric can be given. To do this one defines 
in a unital module a scalar product (x,y), in the first case with the property 
(x,y) = J({y, x)), where J is an involution of the algebra, and in the second case 
with the property (y, x) = (x,y). 

The n-dimensional projective space over an algebra is defined as the variety 
of one-dimensional submodules of an (n + 1)-dimensional unital module over 
this algebra. The introduction of a scalar product (x, y) in a unital module makes 
it possible to define a Hermitian metric in a projective space constructed by 
means of this module or, in the case of a commutative algebra, quadratic elliptic 
and hyperbolic metrics. The metric invariant of the points of these spaces is 
the cross-ratio W = (x,x)~!(x,y)(y,y)~!(y, x). If W is a real number, then 
w = arccos /W is called the distance between x and y in the space over 
algebra. 
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¢ Partially ordered distance 

Let X be a set. Let (G, <) be a partially ordered set with a least element go. 
A partially ordered distance is a function d : X x X — G such that, for any 
x,y € X, d(x, y) = go if and only if x = y. 

A generalized ultrametric (Priess-Crampe and Ribenboim, 1993) is a sym- 
metric (i.e., d(x, y) = d(y,x)) partially ordered distance, such that d(z,x) < g 
and d(z, y) < g imply d(x, y) < g for any x,y,z € X andg €G. 

Suppose that G’ = G\{go} 4 @ and, for any g1, go € G’, there exists g3 € G’ 
such that g3 < g; and g3 < go. Consider the following possible properties: 


1. For any g; € G’, there exists go € G’ such that, for any x,y € X, from 
d(x, y) < g2 it follows that d(y,x) < g1; 

2. For any g € G’, there exist g2, g3 € G’ such that, for any x,y,z € X, from 
d(x, y) < gz and d(y, z) < g3 it follows that d(x, z) < g1; 

3. For any g; € G’, there exists gy € G’ such that, for any x,y,z € X, from 
d(x, y) < gz and d(y, z) < g it follows that d(y, x) < gi; 

4. G' has no first element; 

5. d(x, y) = d(y, x) for any x,y € X; 

6. For any g; € G’, there exists g2 € G’ such that, for any x,y,z € X, from 
d(x,y) <* go and d(y,z) <* go it follows that d(x,z) <* gi; here p <* q 
means that either p < g, or p is not comparable to q; 

7. The order relation < is a total ordering of G. 


In terms of above properties, d is called: the Appert partially ordered 
distance if 1 and 2 hold; the Golmez partially ordered distance of first type if 
4, 5, and 6 hold; the Golmez partially ordered distance of second type if 3, 4, 
and 5 hold; the Kurepa—Fréchet distance if 3, 4, 5, and 7 hold. 

The case G = Rs» of the Kurepa—Fréchet distance corresponds to the Fréchet 
V-space; cf. the f-quasi-metric in Sect. 1.1. The general case was considered in 
Kurepa, 1934, and rediscovered in Fréchet, 1946. 

¢ Distance from measurement 

Distance from measurement is an analog of distance on domains in Com- 
puter Science; it was developed in [Mart00]. 

A po (partially ordered set) (D, X) is called depo (directed-complete po) if 
every directed subset S C D (i.e., S # @ and any pair x, y € S is bounded: there 
is z € S with x, y X z) has a supremum US, i.e., the least of such upper bounds z. 

For x,y € D, y is an approximation of x if, for all directed subsets S C D, 
x < US implies y < s for some s € S. A depo (D, 3) is continuous if for all 
x € D the set of all approximations of x is directed and x is its supremum. A 
domain is a continuous depo (D, <) such that for all x, y € D there is z € D with 
Zz < x,y. A Scott domain is a domain with least element, in which any bounded 
pair has a supremum. 

A subset U of a dcpo (D, <) is Alexandrov open if, for any x € U andy € D, 
x < yimplies y € U; it is Scott open if also, for any directed subset S C D, 
US € Uimplies SOU 4 G. The set of Scott open sets form the Scott topology; it is 
a To-space (Chap. 2) with generalized metrization by a partial metric (Chap. 1). 
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A measurement is a mapping 4 : D — Rs» between dcpo (D, <) and dcpo 
(Rso, <), where Rs is ordered as x < y if y < x, such that 


1. x X yimplies w(x) < WG); 
2. w(US) = U({(s) : s € S}) for every directed subset S C D; 
3. For all x € D with w(x) = 0 and all sequences (x,),n — ov, of 


approximations of x with lim,_,o9 “(%) = L(x), one has U(UPS {x,}) = x. 


Given a measurement j1, the distance from measurement is a mapping d : 
D x D — Rs» given by 


d(x, y) = inf{u(z) : z approximates x, y} = inf{ju(z) : z X x,y}. 


One has d(x, x) < 4(x). The function d(x, y) is a metric on the set {x € D: 
[L(x) = 0} if jw satisfies the following measurement triangle inequality: for all 
bounded pairs x, y € D, there is an element z < x, y such that 4(z) < w(a)+uU(). 

Waszkiewicz, 2001, found topological connections between topologies com- 
ing from a distance from measurement and from a partial metric defined in 
Chap. |. 





Chapter 4 
Metric Transforms 


There are many ways to obtain new distances (metrics) from given distances 
(metrics). Metric transforms give new distances as a functions of given metrics (or 
given distances) on the same set X. A metric so obtained is called a transform 
metric. We give some important examples of transform metrics in Sect. 4.1. 

Given a metric space (X,d), one can construct a new metric on an extension 
of X; similarly, given a collection of metrics on sets X;,...,X,, one can obtain a 
new metric on an extension of X),...,X,. Examples of such operations are given in 
Sect. 4.2. There are many distances on other structures connected with X, say, on the 
set of all subsets of X. The main distances of this kind are considered in Sect. 4.3. 


4.1 Metrics on the Same Set 


¢ Metric transform 

A metric transform is a distance on a set X, obtained as a function of given 
metrics (or given distances) on X. 

In particular, given a continuous monotone increasing function f(x) of x > 0 
with f(0) = 0, called the scale, and a distance space (X, d), one obtains another 
distance space (X, dy), called a scale metric transform of X, defining d(x, y) = 
f (d(@, y)). For every finite distance space (X, d), there exists a scale f, such that 
(X, dr) is a metric subspace of a Euclidean space R”. 

If (X,d) is a metric space and f is a continuous differentiable strictly 
increasing scale with f(0) = 0 and nonincreasing f’, then (X, dy) is a metric 
space (cf. functional transform metric). 

The metric d is an ultrametric if and only if f(d) is a metric for every 
nondecreasing function f : R>y > Ro. 

¢ Transform metric 

A transform metric is a metric on a set X which is a metric transform, i.c., 

is obtained as a function of a given metric (or given metrics) on X. In particular, 
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transform metrics can be obtained from a given metric d (or given metrics d; and 
dz) on X by any of the following operations (here t > 0): 


. td(x, y) (t-scaled metric, or dilated metric, similar metric); 
. min{t, d(x, y)} (t-truncated metric); 

. max{t, d(x, y)} for x ~ y (t-uniformly discrete metric); 

. d(x, y) + t for x ¥ y (t-translated metric); 





Nn nNBWN KE 


. ae (this metric has diameter less than k); 
. (x,y) = ~ 24) ___ where p is an fixed element of X (biotope 


d(x,p)+d(y,p)+d(x,y)? 
transform metric, or p-smoothing distance on X \ {p}); 


7. max{d(x, y), d2(x, y)}; 
8. ad,(x, y) + Bdo(x, y), where a, 6 > 0 (cf. semimetric cone in Chap. 1). 


Generalized biotope transform metric 
For a given metric d on a set X and a closed set M C X, the generalized 
biotope transform metric d™ on X is defined by 


2d(x, y) 
d(x, y) + infzeu (d(x, z) + d(y,2)) 





aM (x,y) = 


In fact, d™ (x, y) and its 1-truncation min{1, d(x, y)} are both metrics. 

The biotope transform metric is d“(x, y) with |M| = 1. The Steinhaus 
distance from Chap. | is the case d(x, y) = (xAy) with p 4 @ and the biotope 
distance from Chap. 23 is its subcase d(x, y) = u(xAy) = |xAy|. 
Metric-preserving function 

A function f : Ryo > Rso with f-'(0) = {0} is a metric-preserving 
function if, for each metric space (X, d), the metric transform 


dr(x, y) = f (d(x, y)) 


is a metric on X; cf. [Cora99]. In this case dy is called a functional transform 
metric. For example, a (a > 0), d*(0 < a < 1), In( + Q), arcsinh d, 








Ta 
The sipeipoution: sum and maximum of two metric-preserving functions are 


metric-preserving. If f is subadditive, i.e. f(x + y) < f(x) + f(y) for all x, y = 0, 
and mondecredsine, then it is metric-preserving. But, for example, the function 
f@= — , for x > 0, and f(0) = 0, is decreasing and metric-preserving. If f is 
metric- -preserving, then it is subadditive. 

If f is concave, i.e., f( Y) > fotfo) for all x,y > 0, then it is metric- 
preserving. In particular, a twice dieerentiable function f : Rso — Rso such 
that f(0) = 0, f’(x) > 0 for all x > 0, and f” (x) < 0 for all x > 0, is metric- 
preserving. 

The function f is strongly metric-preserving function if d and f(d(x, y)) 
are equivalent metrics on X, for each metric space (X, d). A metric-preserving 
function is strongly metric-preserving if and only if it is continuous at 0. 
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¢ Metric aggregating function 
A function f : R2, > Rso with f(a, b) = 0 if and only if a = b = 0, is said 
to be metric (respectively, quasi-metric) aggregating function if the function 
dy : X x X — Rso is a metric for every pair of metric spaces (respectively, a 
quasi-metric for every pair of quasi-metric spaces) (X1,d1) and (X2,d2), where 
X = X, x X2 and, for all (x, z), (vy, w) € X, it holds 


dp (x, 2), (y, w)) = f(di (x, z), da(y, w)). 


Borsik—Doboi, 1981, proved that a function f is metric aggregating if and only 
if, for all a,b,c, a’,b’,c! > O with |a—b| < c < at+band|a'—b'| < c' <a'+0, 
it holds 


[f(a.a’) — f(b, b)| sfe.c) < fla.) +f, 6’). 


Cf. spin triangle inequality in Chap. 15. 

Major—Valero, 2008, proved that a function f is quasi-metric agregating if and 
only if it holds f(a, a’) < f(b, c') + f(c, b’) for all a,b,c, a’, b’,c’ = 0 such that 
a<b+candd' < b! +c’; so, any quasi-metric agregating function is metric 
agregating. 

¢ Metric generating function 

A symmetric function f : R2, > Rso with f(a,b) = 0 if and only if a = 

b = 0, is said to be metric generating if the function defined by 


dy (x,y) = f (d(x, y), d(y, x) 


for all x, y € X is a metric on X for every quasi-metric space (X, d). 
Martin—Major—Valero, 2013, proved that a function f is metric generating if 
and only if it holds f(a, a’) < f(b, c') + f(c, b’) for all a, b,c, a’, b’, c’ such that 
a<b+c,b<a+t+b',c<c+aandd <b'4+c,b'<ada+b,c <ct+d. 
¢ Power transform metric 
Let 0 < a < 1. Given a metric space (X,d), the power (or a-snowflake) 
transform metric is a functional transform metric on X defined by 


(d(x, y))*. 


The distance d(x, y) = (7) [xi — y;|P)P with 0 < p =a < | is not a metric 
on R", but its power transform (d(x, y)®) is a metric. 

For a given metric d on X and any a > 1, the function d® is, in general, only a 
distance on X. It is a metric, for any positive a, if and only if d is an ultrametric. 

A metric d is a doubling metric if and only if (Assouad, 1983) the power 
transform metric d% admits a bi-Lipschitz embedding in some Euclidean space 
for every 0 < a < 1 (cf. Chap. | for definitions). 
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Quadrance 

A distance which is a squared distance d? is called a quadrance. 

Rational trigonometry is the proposal (Wildberger, 2007) to use as its 
fundamental units, quadrance and spread (square of sine of angle), instead of 
distance and angle. 

It makes some problems easier to computers: solvable with only addition, 
subtraction, multiplication, and division, while avoiding square roots, sine, and 
cosine functions. Also, such trigonometry can be done over any field. 
Schoenberg transform metric 

Let A > 0. Given a metric space (X, d), the Schoenberg transform metric is 
a functional transform metric on X defined by 


1— eo Ady) 


The Schoenberg transform metrics are exactly P-metrics (cf. Chap. 1). 
Pullback metric 

Given two metric spaces (X, dy), (Y, dy) and an injective mapping g : X > Y, 
the pullback metric (of (Y, dy) by g) on X is defined by 


dy(g(x), 80). 


If (X, dy) = (Y, dy), then the pullback metric is called a g-transform metric. 
Internal metric 

Given a metric space (X,d) in which every pair of points x, y is joined by a 
rectifiable curve, the internal metric (or inner metric, induced intrinsic metric, 
interior metric) D is a transform metric on X, obtained from d as the infimum 
of the lengths of all rectifiable curves connecting two given points x and y € X. 

The metric d is called an intrinsic metric (or length metric if it coincides 
with its internal metric. Cf. Chap. 6 and metric curve in Chap. 1. 
Farris transform metric 

Given a metric space (X,d) and a point z € X, the Farris transform is a 
metric transform D, on X\{z} defined by D(x, x) = 0 and, for different x,y € 
X\{z}, by 


D,(x, y) =C-— (x.y)z, 


where C is a positive constant, and (x.y), = S(d(x, z) + d(y, z) — d(x, y)) is the 
Gromov product (cf. Chap. 1). It is a metric if C > maxyex\4. d(x, z); in fact, 
there exists a number Cy € (max, yex\{3,x4y(%-¥)z, MAXyex\{3 d(x, zZ)] such that 
it is a metric if and only if C > Co. The Farris transform is an ultrametric if 
and only if d satisfies the four-point inequality. In Phylogenetics, where it was 
applied first, the term Farris transform is used for the function d(x, y) — d(x, z) — 


d(y, 2). 





4.2 Metrics on Set Extensions 91 


Involution transform metric 
Given a metric space (X,d) and a point z € X, the involution transform 
metric is a metric transform d, on X\{z} defined by 


d(x, y) 
d(x, z)d(y,z) 


It is a metric for any z € X, if and only if d is a Ptolemaic metric ([FoSc06)). 


d(x, y) _ 


4.2 Metrics on Set Extensions 


Extension distances 


If d is a metric on V, = {1,...,n}, anda € R,a@ > 0, then the following 
extension distances (see, for example, [DeLa97]) are used. 
The gate extension distance gat = gat‘ is a metric on Vn41 = {1,...,n+ 1} 


defined by the following conditions: 


1. gat(l,n+1)=a; 
2. gat,n+1)=a+d(,i)if2 <i<n; 
3. gat(i,j) =d,j) if 1 <i<j<n. 


The distance gatt is called the gate 0-extension or, simply, 0-extension of d. 
If @ > max2<;<, d(1, i), then the antipodal extension distance ant = antt is 
a distance on V,,4; defined by the following conditions: 


1. ant(i,n+1)=a; 
2. ant(iin+1)=a-—d(l,i)if2 <i<n,; 
3. ant(i,j) = d(i,j) if | <i<j<n. 


If a > max;<;j<n d(i,j), then the full antipodal extension distance Ant = 
Ant4 is a distance on V2, = {1,..., 2n} defined by the following conditions: 


1. Anti,n+i) =aifl<i<n; 

2. Ant(i,n+j) =a—d(i,j)if1<i#j<n; 
3. Ant(i,j) = d(i,j) if 1 <iAj <n; 

4. Anttn+i,n+j) =d(i,jifl<ifj<n. 


It is obtained by applying the antipodal extension operation iteratively n times, 
starting from d. 

The spherical extension distance sph = sph‘ is a metric on V,+41 defined by 
the following conditions: 


1. sphG,n+1)=aifl<i<n,; 
2. sphii,j) = di, j)ifl <i<j<n. 
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1-sum distance 

Let d, be a distance on a set X1, let dy be a distance on a set X2, and suppose 
that X;X>2 = {xo}. The 1-sum distance of d, and d) is the distance d on X; UX 
defined by the following conditions: 


d(x, y), if xyEeXx, 
d(x,y) = d>(x, y), if x,yeX, 
d(x, xo) + d(xo, y), if x EX1,y © X. 


In Graph Theory, the 1-sum distance is a path metric, corresponding to the 
clique 1-sum operation for graphs. 
Disjoint union metric 

Given a family (X;, d;), t € T, of metric spaces, the disjoint union metric is 
an extended metric on the set _), X, x {t} defined by 


d((x, t), Oy, ty)) = d,(x, y) 


for t) = t, and d((x, t1), (y, 2)) = ov, otherwise. 
Metric bouquet 

Given a family (X;,d;), t € T, of metric spaces with marked points x;, the 
metric bouquet is obtained from their disjoint union by gluing all points x, 
together. 
Product metric 

Given finite or countable number n of metric spaces (X1,d)), (X2,d2), ..., 
(X,,, d,), the product metric is a metric on the Cartesian product X, x X7 X+++ x 
Xn = {x = (1,%2,---,Xn) 1 XH) © X1,...,Xn € X,} defined as a function of 
d,,...,d,. The simplest finite product metrics are defined by 


1. (OL, G9)", <p < 00; 
2. maxj<j<n dj(Xx;, yi); 


n 1 dj(%,yi) 
3. ei 2 T+di iyi) * 





The last metric is bounded and can be extended to the product of countably many 
metric spaces. 

If X, =---= X, = R, andd, =--- = d, = d, where d(x, y) = |x — y| is the 
natural metric on R, all product metrics above induce the Euclidean topology 
on the n-dimensional space R”. They do not coincide with the Euclidean metric 
on R”, but they are equivalent to it. In particular, the set R” with the Euclidean 
metric can be considered as the Cartesian product R x --- x R of n copies of the 
real line (R, d) with the product metric defined by /})_, d?(xi, yi). 

Box metric 

Let (X, d) be a metric space and / the unit interval of R. The box metric is the 

product metric d’ on the Cartesian product X x J defined by 


d'((x1, tr), (2, t2)) = max(d(x1, x2), |t1 — tI). 
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Cf. unrelated bounded box metric in Chap. 18. 
¢ Fréchet product metric 
Let (X,d) be a metric space with a bounded metric d. Let X° = X x--- x 
Xeee = {x = (X,...,Xp,---) 2 Xr © X1,...,Xn € Xn... } be the countable 
Cartesian product space of X. 
The Fréchet product metric is a product metric on X° defined by 


lo. @) 

Y- And (Xn Yn)s 

n=1 

| is 


where °° An is any convergent series of positive terms. Usually, A, = 57 


used. 7 
A metric (sometimes called the Fréchet metric) on the set of all sequences 
{%n}n of real (complex) numbers, defined by 


— Xn = Ya 
pea 
1+ [Xn — Yn 


n=1 


where }°°°, A, is any convergent series of positive terms, is a Fréchet product 
metric of countably many copies of R (C). Usually, A, = 4 or A, = a are used. 

¢ Hilbert cube metric 
The Hilbert cube I*° is the Cartesian product of countable many copies of the 


interval [0, 1], equipped with the metric 


CO 
52x: — yil 
i=1 


(cf. Fréchet infinite metric product). It also can be identified up to homeo- 
morphisms with the compact metric space formed by all sequences {x,}, of real 


1 . . 
numbers such that 0 < x, < =i where the metric is defined as ,/ Lae Qn - Yn)?. 


The Cartesian products [0, 1]‘ and {0, 1}*, where t is an arbitrary cardinal 
number, are called a Tikhonov cube and Cantor cube, respectively. 

¢ Hamming cube 

Given integers n > 1 and q > 2, the Hamming space H(n, q) is the set of 
all n-tuples over an alphabet of size q (say, the Cartesian product of n copies of 
the set {0, 1,...,q—1}), equipped with the Hamming metric (cf. Chap. 1), i.e., 
the distance between two n-tuples is the number of coordinates where they differ. 
The Hamming cube is the Hamming space H(n, 2). 

The infinite Hamming cube H(oo) is the set of all infinite strings over the 
alphabet {0, 1} containing only finitely many 1’s, equipped with the Hamming 
metric. 

The half-cube 5H (n) is the set of all n-tuples over {0,1}, containing even 
number of 1’s, with two of them being adjacent if they differ exactly in two 
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ceramic disk capacitor 
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A simple RF-probe 


Obviously, this circuit will be fooled by a DC-offset on the RF signal. We can fix this by swapping the diode and the capacitor. Note that this is not 
necessary if you measure an RF voltage via a transformer, such as a directional coupler. 


We can also make life a little easier by including a voltage divider with a scaling factor that is equal to the reciprocal of ¥2. Then the output voltage 
will be the RMS value that we are interested in. We can make a voltage divider where one resistor is the input impedance of the DVM. My DVM 
has a published input resistance of 10 MQ. The second resistor should be 4M14 Q.since 10 / (10+4.14) = 1/12). So 3M9 + 220k = 4M12 would 
be a good choice. This approach is shown below. Note that the resistor should be non-inductive (e.g., bulk-metal-foil or carbon) 
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A variation on this, with a full-wave rectifier, is shown below: 
100 nF 1000 
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coordinates. For an integer k, 1 < k <n, the Johnson graph J(n, k) is the set of 
all n-tuples over {0, 1}, containing k 1’s, with the same notion of adjacence. 

The Fibonacci cube F(n) is the set of all n-tuples over {0, 1} that contain 
no two consecutive 1’s, equipped with the Hamming metric; it is a partial 
cube (Chap. 15), i-e., an isometric subgraph of H(n, 2). The Lucas cube L(n) 
is obtained from F(n) by removing n-tuples that start and end with 1. 

¢ Cameron-Tarzi cube 

Given integers n > | and q > 2, the normalized Hamming space H,,(q) is the 
set of all n-tuples over an alphabet of size g, equipped with the Hamming metric 
divided by n. Clearly, there are isometric embeddings 


F\(q) > H2(q) > Ha(q) > As(q) > ... 


Let H(q) denote the Cauchy completion (Chap. 1) of the union (denote it by 
H..(q)) of all metric spaces H,,(q) with n > 1. This metric space was introduced 
in [CaTa08]. Call H(2) the Cameron-Tarzi cube. 

It is shown in [CaTa08] that H,,(2) is the word metric space (Chap. 20) of 
the countable Nim group, i.e., the elementary Abelian 2-group of all natural 
numbers under bitwise addition modulo 2 of the number expressions in base 2. 
The Cameron-Tarzi cube is also the word metric space of an Abelian group. 

¢ Rubik cube 

There is a bijection between legal positions of the Rubik 3 x 3 x 3 cube and 
elements of the subgroup G of the group Symuag (of all permutations of 6(9 — 
1) movable facets) generated by the 6 face rotations. The number of possible 
positions attainable by the cube is |G| ~ 43 x 10!8. 

The maximum number of face turns needed to solve any instance of the Rubik 
cube is the diameter (maximal word metric), 20, of the Cayley graph of G. 

¢ Warped product metric 

Let (X, dx) and (Y, dy) be two complete length spaces (cf. Chap. 6), and let 
f :X — R bea positive continuous function. Given a curve y : [a,b] > X x Y, 
consider its projections y, : [a,b] — X and y2 : [a,b] — Y to X and Y, and 
define the length of y by the formula i iin 2a) + Pn O)1y5 [2 dt. 

The warped product metric is a metric on X x Y, defined as the infimum 


of lengths of all rectifiable curves connecting two given points in X x Y (see 
[BBI01]). 





4.3. Metrics on Other Sets 


Given a metric space (X,d), one can construct several distances between some 
subsets of X. The main such distances are: the point-set distance d(x,A) = 
infy<4 d(x, y) between a point x € X and a subset A C X, the set-set distance 
inf,<4,yep d(x, y) between two subsets A and B of X, and the Hausdorff metric 
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between compact subsets of X which are considered in Chap. |. In this section we 
list some other distances of this kind. 


¢ Line-line distance 
The line-line distance (or vertical distance between lines) is the set-set 
distance in R? between two skew lines, i.e., two straight lines that do not lie 
in a plane. 
It is the length of the segment of their common perpendicular whose endpoints 
lie on the lines. For /; and /, with equations /;: x = p+qt,t € R, and J): x = r+st, 
t € R, the distance is given by 


I(r —p,q x 8)| 
Ila x sll2 


where x is the cross product on R3, (,) is the inner product on R°, and ||.||> 
is the Euclidean norm. For x = (q1, 42,43), 5 = (81, 52,53), one hasg xs = 
(4283 — 43825 9351 — 4153, 4182 — G251). 
¢ Point-line distance 
The point-line distance is the point-set distance between a point and a line. 
In R’, the distance between a point P = (x), y;) anda line /: ax+ by +c =0 
(in Cartesian coordinates) is the perpendicular distance given by 


Jax, + by; + ¢| 
V@e@+R - 


In R?, the directed distance between a point P and a line / is given by 


ax; + by; +c 
tV/e@+R ’ 


where the denominator is given the sign of b. It is negative if P is below the line. 
In R?, the distance between a point P and a line /: x = p+ qt, t € R (in vector 
formulation) is given by 


lq x (p= P)lle 
llall2 


> 


where x is the cross product on R?, and |].||2 is the Euclidean norm. 
¢ Point-plane distance 
The point-plane distance is the point-set distance in R* between a point 
P = (x1, y1, 21) and a plane aw: ax + by + cz +d = 0 given by 





lax, + by, +cz, + d| 
Ve@+RP +02 © 


4 Metric Transforms 


Algebraic point-conic distance 

The algebraic distance of a point y to the curve given by the quadratic 
equation x’Ax (such as a conic in homogeneous coordinates) is defined as y" Ay. 
Prime number distance 

The prime number distance is the point-set distance in (N, |2—m|) between 
anumbern € N and the set of prime numbers P C N. It is the absolute difference 
between n and the nearest prime number. 
Distance up to nearest integer 

The distance up to nearest integer is the point-set distance in (R, |x — y]) 
between a number x € R and the set of integers Z C R, i.e., minyez |x — n|. 
Busemann metric of sets 

Given a metric space (X, d), the Busemann metric of sets (see [Buse55]) is a 
metric on the set of all nonempty closed subsets of X defined by 


sup |d(x, A) — d(x, B)\e 2, 


xEX 


where p € X is fixed, and d(x, A) = minye, d(x, y) is the point-set distance. 
Instead of the weighting factor e~“””), one can take any distance transform 
function which decreases fast enough (cf. L,-Hausdorff distance in Chap. 1, and 
the list of variations of the Hausdorff metric in Chap. 21). 
Quotient semimetric 
Given an extended metric space (X, d) (i.e., a possibly infinite metric) and 
an equivalence relation ~ on X, the quotient semimetric is a semimetric on the 
set X = X/ ~ of equivalence classes defined, for any x, ¥ € X, by 


d(x,y) = inf ) d(x. yi), 
(5) cps (xi. yi) 


where the infimum is taken over all sequences x1, ¥1,%2, Y2,---;Xm,¥m With x; € 
X,¥m € Y, and y; ~ x4; fori = 1,2,...,m— 1. One has d(x, y) < d(x, y) for all 
x,y € X, and d is the biggest semimetric on X with this property. 





Chapter 5 
Metrics on Normed Structures 


In this chapter we consider a special class of metrics defined on some normed 
structures, as the norm of the difference between two given elements. This structure 
can be a group (with a group norm), a vector space (with a vector norm or, simply, 
a norm), a vector lattice (with a Riesz norm), a field (with a valuation), etc. 

Any norm is subadditive, i.e., triangle inequality ||x + y|| < ||x|| + |[y|| holds. 
A norm is submultiplicative if multiplicative triangle inequality ||xy|| < ||x||||y]| 
holds. 


¢ Group norm metric 
A group norm metric is a metric on a group (G, +, 0) defined by 


[lx + (yl = Ile — Il, 


where ||.|| is a group norm on G, i.e., a function ||.|| : G — R such that, for all 
x,y € G, we have the following properties: 


1. ||x|| = 0, with ||x|| = 0 if and only if x = 0; 
2. |Ixll = || — all: 
3. ||x + yl] < |[x]| + ||y|| (triangle inequality). 


Any group norm metric d is right-invariant, i.e., d(x, y) = d(x + z,y + z) 
for any x, y, z € G. Conversely, any right-invariant (as well as any left-invariant, 
and, in particular, any bi-invariant) metric d on G is a group norm metric, since 
one can define a group norm on G by ||x|| = d(x, 0). 

¢ F-norm metric 

A vector space (or linear space) over a field F is a set V equipped with 
operations of vector addition + : V x V — V and scalar multiplication - : 
F x V => V such that (V,+,0) forms an Abelian group (where 0 € V is the 
zero vector), and, for all vectors x,y € V and any scalars a,b € F, we have 
the following properties: 1 -x = x (where 1 is the multiplicative unit of F), 
(ab)-x =a-(b-x), (a+b)-x=a-x+b-x,anda-(x+y)=a-x+a-y. 
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A vector space over the field R of real numbers is called a real vector space. A 
vector space over the field C of complex numbers is called complex vector space. 
A F-norm metric is a metric on a real (complex) vector space V defined by 


lx — yllr- 


where ||.||7 is an F-norm on V, i.e., a function ||.||- : V — R such that, for all 
x,y € V and for any scalar a with |a| = 1, we have the following properties: 


1. ||x||- = 0, with ||x||- = 0 if and only if x = 0; 
2. |laxl|r < |lallr if al < 1; 

3. limg+o ||ax||” = 0; 

4. ||x+ y|le < |lx||r + ||yl |r (triangle inequality). 


An F-norm is called p-homogeneous if ||ax||- = |a|?||x||r for any scalar a. 

Any F-norm metric d is a translation invariant metric, i.e., d(x, y) = d(x + 
z,y +z) for all x, y,z € V. Conversely, if d is a translation invariant metric on V, 
then ||x||- = d(x, 0) is an F-norm on V. 

F*-metric 

An F*-metric is an F-norm metric ||x — y||- on a real (complex) vector 
space V such that the operations of scalar multiplication and vector addition are 
continuous with respect to ||.||. Thus |].||- is a function |].||7 : V > R such that, 
for all x, y, x, € V and for all scalars a, a,, we have the following properties: 


. |lxl|e = 0, with ||x||- = 0 if and only if x = 0; 
. |lax||~ = ||x||” for all a with |a| = 1; 

- [e+ ylle < [belle + Illes 

» |[anx||- > Oif a, > 0; 

. |[axn||-7 > 0 if x, > 0; 

» |lanXn||e > 0 if an > 0, x, > 0. 


NnBWN RE 


The metric space (V,||x — y||r) with an F*-metric is called a nF*-space. 
Equivalently, an F*-space is a metric space (V,d) with a translation invariant 
metric d such that the operation of scalar multiplication and vector addition are 
continuous with respect to this metric. 

A complete F*-space is called an F-space. A locally convex F-space is 
known as a Fréchet space (Chap. 2) in Functional Analysis. 

A modular space is an F*-space (V, ||.||7) in which the F-norm |].||r is 
defined by 


. x 
I|xl|e = inf{A > 0: p(5) 2ay. 


and p is a metrizing modular on V, i.e., a function p : V > [0, co] such that, for 
all x, y,x, € V and for all scalars a, a,, we have the following properties: 

1. p(x) = Oif and only if x = 0; 

2. p(ax) = p(x) implies |a| = 1; 
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3. p(ax + by) < p(x) + p(y) implies a,b > 0,a+b=1; 
4. p(anx) > 0 if a, > 0 and p(x) < oo; 

5. p(ax,) > 0 if p(x,) — 0 (metrizing property); 

6. For any x € V, there exists k > 0 such that p(kx) < oo. 


¢ Norm metric 
A norm metric is a metric on a real (complex) vector space V defined by 


lx—yll, 


where ||.|| is a norm on V, i.e., a function ||.|| : V — R such that, for all x,y € V 
and for any scalar a, we have the following properties: 
1. ||x|| = 0, with ||x|| = 0 if and only if x = 0; 
2. |lax|| = lal|lxl|: 
3. ||x + yl] < |[x]| + ||y]| (triangle inequality). 
Therefore, a norm ||.|| is a 1-homogeneous F-norm. The vector space (V, ||.|]) is 
called a normed vector space or, simply, normed space. 

Any metric space can be embedded isometrically in some normed vector space 
as a Closed linearly independent subset. Every finite-dimensional normed space 


is complete, and all norms on it are equivalent. 
In general, the norm ||.|| is equivalent (Maligranda, 2008) to the norm 


1 
[lela = Cla + [ell ll? + [be — [Pel] al? 


introduced, for any u € V and p = 1, by Odell and Schlumprecht, 1998. 
The norm-angular distance between x and y is defined (Clarkson, 1936) by 


x y 
a,y) = || ll: 
[Ix TI 


The following sharpening of the triangle inequality (Maligranda, 2003) holds: 


He = ll = Hel = Tvl Hehe le = ih + We TINT 
mint||x||, |LyI] max¢{||al|, [IylI} 
(2 — d(x, —y)) min{| |x|], [lyl]} S [lll + [bl [b+ yl 
< (2—d(x, —y)) max{] |x|], [ly]. 








Dragomir, 2004, call | Sf? fodx| < if |f(x)|dx continuous triangle 
inequality. 
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¢ Reverse triangle inequality 
The triangle inequality ||x + yl] < ||x|| + ||y|| in a normed space (V, ||.||) is 
equivalent to the following inequality, for any x1,...,x, € V withn > 2: 


n n 
II do axall < SO lll. 
i=1 i=1 


If in the normed space (V, ||.||), for some C > 1 one has 


n n 
Cl> all> lal, 
i=1 i=1 


then this inequality is called the reverse triangle inequality. 

This term is used, sometimes, also for the inverse triangle inequality (cf. 
kinematic metric in Chap.26) and for the eventual inequality Cd(x,z) = 
d(x, y) + d(y, z) with C > 1 ina metric space (X, d). 

The triangle inequality ||x + y|| < ||x]| + ||y||, for any x,y € V, in a normed 
space (V, ||.||) is, for any number g > 1, equivalent (Belbachir, Mirzavaziri and 
Moslenian, 2005) to the following inequality: 


IIx + yl? < 27 *((lall? + IbylI9. 


The parallelogram inequality ||x + y||? < 2(||x||? + ||y||?) is the case g = 2 of 
above. 
Given a number gq, 0 < q < 1, the norm is called g-subadditive if ||x + y||? < 
l|x||2 + ||y||% holds for x, y € V. 
¢ Seminorm semimetric 
A seminorm semimetric on a real (complex) vector space V is defined by 


llx—yll, 


where ||.|| is a seminorm (or pseudo-norm) on V, i.e., a function ||.|| : V > R 
such that, for all x, y € V and for any scalar a, we have the following properties: 


1. |x|] = 0, with ||O|| = 0; 
2. |lax|| = all la]; 
3. ||x + yl] < |lal| + ||y|| (triangle inequality). 


The vector space (V, ||.||) is called a seminormed vector space. Many normed 
vector spaces, in particular, Banach spaces, are defined as the quotient space by 
the subspace of elements of seminorm zero. 

A quasi-normed space is a vector space V, on which a quasi-norm is given. 
A quasi-norm on V is a nonnegative function |].|| : V — R which satisfies the 
same axioms as a norm, except for the triangle inequality which is replaced by 
the weaker requirement: there exists a constant C > 0 such that, for all x, y € V, 
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the following C-triangle inequality (cf. near-metric in Chap. 1) holds: 


lx + yl] < C(lxl] + Ill) 


An example of a quasi-normed space, that is not normed, is the Lebesgue space 
L,(&2) with 0 < p < 1 in which a quasi-norm is defined by 


ILFl = ( i LF) Idx)? f € L,(Q). 


¢ Banach space 


A Banach space (or B-space) is a complete metric space (V, ||x — y||) on 


a vector space V with a norm metric ||x — y||. Equivalently, it is the complete 
normed space (V,||.||). In this case, the norm ||.|| on V is called the Banach 
norm. Some examples of Banach spaces are: 


1. 


[,-spaces, [> -spaces, l<p<o,neN; 


2. The space C of convergent numerical sequences with the norm ||x|| = 


10. 
11. 


sup, [Xn|; 

The space Cp of numerical sequences which converge to zero with the norm 
||| | = max, Lxnl5 

The space Ch bP 1 < p < ™, of continuous functions on [a, b] with the 


Ly-norm || fllp = (2 |f|at)?; 


The space Cx of continuous functions on a compactum K with the norm 


ILf|| = maxyex | f(d)|; 


The space (Cj,4))” of functions on [a, b] with continuous derivatives up to 
and including the order n with the norm || f||n = > -fo9 Maxa<r<p |f (|; 


. The space C"[/’"] of all functions defined in an m-dimensional cube that are 


continuously differentiable up to and including the order n with the norm of 
uniform boundedness in all derivatives of order at most n; 
The space M;,,,) of bounded measurable functions on [a, b] with the norm 


I|fll = ess sup |f@| = inf sup |f(d|; 
a<t<b (e)=0 


eH(C)=9 tefa,b]\e 


The space A(A) of functions analytic in the open unit disk A = {z € 
C : |z| < 1} and continuous in the closed disk A with the norm ||f|| = 
maxx |f(z)|; 

The Lebesgue spaces L,(&2), 1 < p < 00; 

The Sobolev spaces W*?(Q), Q C R", 1 < p < o, of functions f on Q 
such that f and its derivatives, up to some order k, have a finite L,-norm, 


. k . 
with the norm || f |p = > >j=0 HF Ilps 
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12. The Bohr space AP of almost periodic functions with the norm 


Ifll= sup |f@l. 


—0o<f<+00 


A finite-dimensional real Banach space is called a Minkowskian space. A 
norm metric of a Minkowskian space is called a Minkowskian metric (Chap. 6). 
In particular, any /,-metric is a Minkowskian metric. 

All n-dimensional Banach spaces are pairwise isomorphic; the set of such 
spaces becomes compact if one introduces the Banach-Mazur distance by 
dgu(V, W) = Ininfr ||T|| - ||7~!||, where the infimum is taken over all operators 
which realize an isomorphism T : V > W. 

* [,-metric 
The /,-metric d),, 1 < p < ©&, is anorm metric on R” (or on C"), defined by 





\|x — y| Pp? 


where the /,-norm ||.||p is defined by 


n 

1 

IIxllp = (CD bl?) 
i=1 


For p = 08, we obtain ||x||oo = limp+oo Y=) |xil? = maxi<j<n |xi|. The 
metric space (IR", d),) is abbreviated as I? and is called [°-space. 

The /,-metric, | < p < 00, on the set of all sequences x = {x,}?2, of real 
(complex) numbers, for which the sum }° °°, |x;|? (for p = 00, the sum °°, [x;|) 


is finite, is 


i 1 
> |x: — yilP)?. 
i=1 


For p = oo, we obtain max; |x; — y;|. This metric space is abbreviated as > 
and is called />°-space. 

Most important are /;-, /:- and Jo9-metrics. Among /,-metrics, only /;- and 
Ioo-metrics are crystalline metrics, i.e., metrics having polygonal unit balls. On 
R all [,-metrics coincide with the natural metric (Chap. 12) |x — y]. 


The Jo-norm ||(x1,x2)|/2 = 4/27 +5 on R? is also called Pythagorean 


addition of the numbers x; and x2. Under this commutative operation, R form 
a semigroup, and Ro form a monoid (semigroup with identity, 0). 
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¢ Euclidean metric 
The Euclidean metric (or Pythagorean distance, as-the-crow-flies dis- 
tance, beeline distance) dz is the metric on R” defined by 





Ilx—yll2 = V(x =i)? ++ Ga = Fn) 





It is the ordinary />-metric on R”. The metric space (R”, dg) is abbreviated as E” 

and is called Euclidean space “Euclidean space” stands for the case n = 3, as 

opposed, for n = 2, to Euclidean plane and, for n = 1, Euclidean (or real) line. 

In fact, E” is an inner product space (and even a Hilbert space), i.e., 
de(x,y) = ||x—yll2 = J(x—y,x—y), where (x,y) is the inner product on 
IR" which is given in the Cartesian coordinate system by (x,y) = )°7_, xi. In 
a standard coordinate system one has (x,y) = ar SijXiyj, Where gj = (ei, ej), 
and the metric tensor ((g;)) (cf. Chap. 7) is a positive-definite symmetric n x n 
matrix. 

In general, a Euclidean space is defined as a space, the properties of which are 
described by the axioms of Euclidean Geometry. 

¢ Norm transform metric 

A norm transform metric is a metric d(x, y) on a vector space (V, ||.||), 
which is a function of ||x|| and ||y|. Usually, V = R” and, moreover, E” = 
(R", |I-[I2). 

Some examples are (p,q)-relative metric, /-relative metric and, from 
Chap. 19, the British Rail metric ||x|| + ||y|| for x # y, (and equal to 0, 
otherwise), the radar screen metric min{1, ||x — y||} and max{1, ||x — y||} for 
x # y. Cf. t-truncated and t-uniformly discrete metrics in Chap. 4. 

* (p,q)-relative distance 

Let (V, ||.||) 4 9, {0} be a Ptolemaic space, i.e., the norm metric ||x — y|| is a 
Ptolemaic metric (Chap. 1). Let p,q > 0. 

The (p, q)-relative distance on (V, ||.||) is defined, for x or y 4 0, by 



































IIx —yI| 
dell? + IIylP)? 





Pog, y)+ 


(and equal to 0, otherwise). In the case of p = ov, it has the form 


|lx— yl 
(max{||-x||, |[yl[})7" 





This distance is a metric (Hast6, 2002) if and only if 0 < q < 1, p > max{1— 

2-4 
q, "3. 

(p, 1)-, (co, 1)- and the original (1, 1)-relative metric on E” are called p- 
relative (or Klamkin—Meir metric), relative metric and Schattschneider 
metric. 














Note that these diodes are available from several manufacturers and the Vf and Vrrm may vary slightly between them. | opted for an OA91 
diode, as | had one in my junk box. Note that this limits the measured power to 20 W. The AA118 (or its substitutes AA113 and 1N60) is good 
through 32 Waitt into 50 ohm. For further considerations, see ref. 2 and 8. 


Gee 
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¢ M-relative distance 
Let (V,||.||) 4 @, {0} be a Ptolemaic space, i.e., ||x — y|| is a Ptolemaic 
metric. Let M : [0,00) — (0, 00) be a symmetric function. 
The M-relative distance on (V, ||.||) is defined by 


llx—yll 

PAO = saan: 
M((lxl1, [yD 
So, it is the (p, q)-relative distance if M(x, y) = (x + y’)? for p,q > 0. 

Call a function f : [0,00) — (0,00) moderately increasing (MI) if f(x) is 
increasing but me is decreasing for x > 0. Hast6, 2002, showed that 
(i) If M = f(x)f(y), then p(x, y) is a metric if and only if f is MI and convex; 
(ii) If both, M(x,-) and M(-,x), are MI for each fixed x > 0, then py(x, y) is a 

metric if and only if it is a metric on R; it holds for any Ptolemeaic metric. 


¢ Unitary metric 
The unitary (or complex Euclidean) metric is the /,-metric on C” defined by 





IIx —yll2 = Via — yi? +++ + [tn — yal? 


For n = 1, it is the complex modulus metric |x — y| = \/ (x — y)(«— y) on the 
Wessel—-Argand plane (Chap. 12). 


* L,-metric 
An L,-metric d;,, | < p < 00, is anorm metric on L,(&, A, 4) defined by 


lf —gllp 


for any f,g € Lp(Q2,A,) . The metric space (L,(Q, A, 1), dz,) is called the 
L,-space (or Lebesgue space). 

Here Q is a set, and A is n o-algebra of subsets of Q, i.e., a collection of 
subsets of Q satisfying the following properties: 


1.QeEA; 
2. IfA€ A, then Q\A € A; 
3. IfA = U&,A; with Aj € A, then A € A. 


A function 4 : A — Rspo is called a measure on A if it is additive, i.e., 
p(Uj>1Ai) = 05, (As) for all pairwise disjoint sets A; € A, and satisfies 
w(®) = 0. A measure space is a triple (Q, A, 1). 

Given a function f : Q — R(C), its L,-norm is defined by 


IIflle = ( i {/(o)"udo) ) - 
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Let L,(Q,A, 4) = L,(&2) denote the set of all functions f : Q — R (C) 
such that ||f||, < oo. Strictly speaking, L,(Q,.A, 2) consists of equivalence 
classes of functions, where two functions are equivalent if they are equal 
almost everywhere, i.e., the set on which they differ has measure zero. The set 
Loo (2, A, 2) is the set of equivalence classes of measurable functions f : Q > 
R (C) whose absolute values are bounded almost everywhere. 

The most classical example of an L,-metric is d;, on the set L,(&,.A, 1), 
where Q is the open interval (0, 1), A is the Borel o-algebra on (0, 1), and ju is 
the Lebesgue measure. This metric space is abbreviated by L,(0, 1) and is called 
L,(0, 1)-space. 

In the same way, one can define the L,-metric on the set Cia) of all real 
(complex) continuous functions on [a, b]: dr, (f, g) = ( pe |f(x) -—g(x) Pax)? For 
p= 0, d,,(f,g) = maxe<x<s |f(x) — g(x)|. This metric space is abbreviated 
by Cj, 5) and is called C7, ,)-space. 

IfQ = N, A = 2° is the collection of all subsets of Q, and yz is the cardinality 
measure (i.e., L(A) = |A| if A is a finite subset of Q, and jz(A) = oo, otherwise), 
then the metric space (L,(Q, 2®, |.|), d;,) coincides with the space [>°. 

If Q = V, is a set of cardinality n, A = 2%, and jv is the cardinality measure, 
then the metric space (L,(V,,2™, |.|), d;,,) coincides with the space [). 

¢ Dual metrics 

The /,-metric and the /,-metric, 1 < p,q < oe, are called dual if 
1/p+1/q=1. 

In general, when dealing with a normed vector space (V,||.||v), one is 
interested in the continuous linear functionals from V into the base field (R or 
C). These functionals form a Banach space (V’, ||.||y’), called the continuous 
dual of V. The norm ||.||y- on V’ is defined by ||7||v- = supjj,j),<) [T@)|- 

The continuous dual for the metric space Do () is U (1°, respectively). The 
continuous dual of If (/7°) is I, (gg, respectively). The continuous duals of the 
Banach spaces C (consisting of all convergent sequences, with /,o-metric) and 
Co (consisting of the sequences converging to zero, with /,9-metric) are both 
naturally identified with /f°. 

¢ Inner product space 

An inner product space (or pre-Hilbert space) is a metric space (V, ||x— y]]|) 
on a real (complex) vector space V with an inner product (x,y) such that the 
norm metric ||x—y|| is constructed using the inner product norm ||x|| = ./ (x, x). 

An inner product {,) on a real (complex) vector space V is a symmetric 
bilinear (in the complex case, sesquilinear) form on V, i.e., a function (,) : 
V x V — R ©) such that, for all x, y,z € V and for all scalars a, 6B, we have 
the following properties: 


1. (x, x) => 0, with (x, x) = 0 if and only if x = 0; 
2. (x,y) = (y,x), where the bar denotes complex conjugation; 
3. (ax + By, z) = a(x, 2) + Bly. 2). 
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For a complex vector space, an inner product is called also a Hermitian inner 
product, and the corresponding metric space is called a Hermitian inner product 
space. 


A norm ||.|| in a normed space (V,||.||) is generated by an inner product if 
and only if, for all x, y € V, we have: ||x + y||? + |x — y||? = 2(|[x]|? + |ly||?). 
In an inner product space, the triangle equality (Chap. 1) ||x — y|| = ||x|| + 


||y||, for x,y A 0, holds if and only if 7 = bir ie.,x—y € [x,y]. 
¢ Hilbert space 

A Hilbert space is an inner product space which, as a metric space, is 
complete. More precisely, a Hilbert space is a complete metric space (H, ||x—y]]) 
on a real (complex) vector space H with an inner product (,) such that the norm 
metric ||x — y|| is constructed using the inner product norm ||x|| = V(x, x). Any 
Hilbert space is a Banach space. 

An example of a Hilbert space is the set of all sequences x = {xy}, of 
real (complex) numbers such that °?°, |x;|? converges, with the Hilbert metric 
defined by 


O @-y))?. 
i=1 


Other examples of Hilbert spaces are any L2-space, and any finite-dimensional 
inner product space. In particular, any Euclidean space is a Hilbert space. 

A direct product of two Hilbert spaces is called a Liouville space (or line 
space, extended Hilbert space). 

Given an infinite cardinal number t and a set A of the cardinality r, let R,, 
a € A, be the copies of R. Let H(A) = {{xa} € Tye, Ra : 0,2 < co}; then 
H(A) with the metric defined for {xa}, {ya} € H(A) as 


(0 Ga = Ya)’) 2 , 


acA 


is called the generalized Hilbert space of weight t. 
¢ Erdés space 

The Erddés space (or rational Hilbert space) is the metric subspace of J, 
consisting of all vectors in /2 with only rational coordinates. It has topological 
dimension | and is not complete. Erdés space is homeomorphic to its countable 
infinite power, and every nonempty open subset of it is homeomorphic to whole 
space. 

The complete Erdés space (or irrational Hilbert space) is the complete 
metric subspace of /, consisting of all vectors in J, the coordinates of which 
are all irrational. 
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Riesz norm metric 
A Riesz space (or vector lattice) is a partially ordered vector space (Vpr;, X) in 
which the following conditions hold: 


1. The vector space structure and the partial order structure are compatible, i.e., 
from x < y it follows that x + z x y+ z, and from x > 0,a € R,a > Oit 
follows that ax > 0; 

2. For any two elements x,y € Vp;, there exist the join x V y € Vp; and meet 
x Ay € Vr; (cf. Chap. 10). 


The Riesz norm metric is a norm metric on Vp; defined by 


Ilx — y|lri. 


where |].||z; is a Riesz norm on VR, i.e., a norm such that, for any x, y € Vp;, the 
inequality |x| < |y|, where |x] = (—x) Vv (x), implies ||x||zi < |IyI[zi- 

The space (Vi, ||.||ri) is called a normed Riesz space. In the case of 
completeness, it is called a Banach lattice. 
Banach—Mazur compactum 

The Banach—Mazur distance dgy between two n-dimensional normed 


spaces (V, ||.||v) and (W, ||.||w) is defined by 








ining ||7|-\I7~"I, 


where the infimum is taken over all isomorphisms T : V — W. It is a metric 
on the set X” of all equivalence classes of n-dimensional normed spaces, where 
V ~ W if and only if they are isometric. Then the pair (X”, dgy) is a compact 
metric space which is called the Banach—-Mazur compactum. 
Quotient metric 

Given a normed space (V, ||.||v) with a norm ||.||y and a closed subspace W 
of V, let (V/W, ||.||v/w) be the normed space of cosets x+W = {x+w:w € W}, 
x € V, with the quotient norm ||x + W||v;w = infwew ||x + wllv. 

The quotient metric is a norm metric on V/W defined by 


I(x + W) - (+ W)|lvw- 


Tensor norm metric 

Given normed spaces (V, ||.||v) and (W, ||.||w), a norm ||.||g on the tensor 
product V ® W is called tensor norm (or cross norm) if ||x ® y||@ = |lxllvllyllw 
for all decomposable tensors x @ y. 

The tensor product metric is a norm metric on V @ W defined by 


Iz— tlle. 
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For anyz€ V@W,z= pa xj @ yj, x} € V, y; © W, the projective norm (or 
m-norm) of z is defined by ||z||pr = inf >); llxjllvllyjllw. where the infimum is 
taken over all representations of z as a sum of decomposable vectors. It is the 
largest tensor norm on V @ W. 
¢ Valuation metric 
A valuation metric is a metric on a field F defined by 


|lx—yll, 


where ||.|| is a valuation on F, i.e., a function ||.|| : F — R such that, for all 
x,y € F, we have the following properties: 


1. |x|] = 0, with ||x|| = 0 if and only if x = 0; 
2. |lxyll = [lal Ib 
3. ||x + y|| < |[x]| + ||y]| (triangle inequality). 


If ||x+y]| < max{||x]], ||y]|}, the valuation ||.|| is called non-Archimedean. In this 
case, the valuation metric is an ultrametric. The simplest valuation is the trivial 
valuation ||.||: ||O|| = 0, and ||x||,, = 1 for x € F\{0}. It is non-Archimedean. 

There are different definitions of valuation in Mathematics. Thus, the function 
v : F > RU {oo} is called a valuation if v(x) > 0, v(0) = o, v(xy) = 
v(x) + v(y), and v(x + y) > min{v(x), v(y)} for all x, y € F. The valuation |].|| 
can be obtained from the function v by the formula ||x|| = a” for some fixed 
0 <a <1 (cf. p-adic metric in Chap. 12). 

The Kiirschdk valuation |.|x;s is a function |.|x;; : F — R such that |x|x,5 > 0, 
Ixlxrs = O if and only if x = 0, |xylxs = ([alxrsl¥lxrs, and |x + vies < 
C max{|x|xrs, |Ylxrs} for all x,y € F and for some positive constant C, called 
the constant of valuation. If C < 2, one obtains the ordinary valuation ||.|| which 
is non-Archimedean if C < 1. In general, any |.|x;s is equivalent to some ||.||, 
ie., |.[%,. = ||-|| for some p > 0. 

Finally, given an ordered group (G,-,e,<) equipped with zero, the Krull 
valuation is a function |.| : F — G such that |x| = 0 if and only if x = 0, 
|xy| = |x||y|, and |x + y| < max{|x|,|y|} for any x, y € F. It is a generalization 
of the definition of non-Archimedean valuation |].|| (cf. generalized metric in 
Chap. 3). 

¢ Power series metric 
Let F be an arbitrary algebraic field, and let F(x~') be the field of power series 


of the form w = Gx" +--+ + a9 +ayx ! +...,a; € F. Given! > 1, anon- 
Archimedean valuation ||.|| on F(x7') is defined by 
I”, if w40, 
lw|| =p we 
0, if w=0. 


The power series metric is the valuation metric ||w — v|| on F(x7!). 





Part II 
Geometry and Distances 


Chapter 6 
Distances in Geometry 


Geometry arose as the field of knowledge dealing with spatial relationships. It was 
one of the two fields of pre-modern Mathematics, the other being the study of 
numbers. 

Earliest known evidence of abstract representation—ochre rocks marked with 
cross hatches and lines to create a consistent complex geometric motif, dated 
about 75,000 BC—were found in Blombos Cave, South Africa. In modern times, 
geometric concepts have been generalized to a high level of abstraction and 
complexity. 


6.1 Geodesic Geometry 


In Mathematics, the notion of “geodesic” is a generalization of the notion of 
“straight line” to curved spaces. This term is taken from Geodesy, the science of 
measuring the size and shape of the Earth. 

Given a metric space (X,d), a metric curve y is a continuous function y : 1 > 
X, where / is an interval (i.e., nonempty connected subset) of R. If y is r times 
continuously differentiable, it is called a regular curve of class C’; if r = ov, y is 
called a smooth curve. 

In general, a curve may cross itself. A curve is called a simple curve (or arc, path) 
if it does not cross itself, i.e., if it is injective. A curve y : [a,b] > X is called a 
Jordan curve (or simple closed curve) if it does not cross itself, and y(a) = y(b). 

The length (which may be equal to oo) I(y) of a curve y : [a,b] > X is 
defined by sup )~"_, d(y(ti-1), y(t), where the supremum is taken over all finite 
decompositions a = fp <t) <...<t, =b,n EN, of [a,b]. 

A curve with finite length is called rectifiable. For each regular curve y : [a, b] > 
X define the natural parameter s of y by s = s(t) = I(y|faq), where I(y|{a,q) is the 
length of the part of y corresponding to the interval [a, t]. A curve with this natural 
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parametrization y = y(s) is called of unit speed, (or parametrized by arc length, 
normalized), in this parametrization, for any t), tf € J, one has I(y|j1,,}) = | —t|, 
and I(y) = |b—al. 

The length of any curve y : [a,b] > X is at least the distance between its 
endpoints: /(y) > d(y(a), y(b)). The curve y, for which /(y) = d(y(a), y(b)), is 
called the geodesic segment (or shortest path) from x = y(a) to y = y(b), and 
denoted by |x, y]. 

Thus, a geodesic segment is a shortest join of its endpoints; it is an isometric 
embedding of [a, b] in X. In general, geodesic segments need not exist, unless the 
segment consists of one point only. A geodesic segment joining two points need not 
be unique. 

A geodesic (Chap. 1) is a curve which extends indefinitely in both directions and 
behaves locally like a segment, i.e., is everywhere locally a distance minimizer. 

More exactly, a curve y : R — X, given in the natural parametrization, is called 
a geodesic if, for any t € R, there exists a neighborhood U of t such that, for any 
ti,t2 € U, we have d(y(t), y(t2)) = |ti — t2|. Thus, any geodesic is a locally 
isometric embedding of the whole of R in X. 

A geodesic is called a metric straight line if the equality d(y(t1), y(t2)) = |fi — 
to| holds for all t1, t2 € IR. Such a geodesic is an isometric embedding of the whole 
real line R in X. A geodesic is called a metric great circle if it is an isometric 
embedding of a circle S'(0, r) in X. In general, geodesics need not exist. 


¢ Geodesic metric space 

A metric space (X,d) is called geodesic if any two points in X can be joined 
by a geodesic segment, i.e., for any two points x,y € X, there is an isometry 
from the segment [0, d(x, y)] into X. Examples of geodesic spaces are complete 
Riemannian spaces, Banach spaces, metric graphs from Chap. 15 and (Ivanov— 
Nikolaeva—Tuzhilin, 2015) Gromov—Hausdorff space. 

A metric space (X,d) is called a locally geodesic metric space if any two 
sufficiently close points in X can be joined by a geodesic segment; it is called D- 
geodesic if any two points at distance < D can be joined by a geodesic segment. 

* Geodesic distance 

The geodesic distance (or shortest path distance) is the length of a geodesic 
segment (i.e., a shortest path) between two points. 

¢ Intrinsic metric 

Given a metric space (X,d) in which every two points are joined by a 
rectifiable curve, the internal metric (Chap. 4) D on X is defined as the infimum 
of the lengths of all rectifiable curves, connecting two given points x, y € X. 

The metric d on X is called the intrinsic metric (or length metric) if it 
coincides with its internal metric D. A metric space with the intrinsic metric 
is called a length space (or path metric space, inner metric space, intrinsic 
space). 

If, moreover, any pair x, y of points can be joined by a curve of length d(x, y), 
the intrinsic metric d is called strictly intrinsic, and the length space (X,d) is a 
geodesic metric space (or shortest path metric space). 
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A complete metric space (X,d) is a length space if and only if it is having 
approximate midpoints, i.c., for any points x,y € X and for any € > 0, there 
exists a third point z € X with d(x, z), d(y,z) < 4d(x, y) + €. A complete metric 
space (X, d) is a geodesic metric space if and only if it is having midpoints. 

Any complete locally compact length space is a proper geodesic metric space. 

¢ G-space 

A G-space (or space of geodesics) is a metric space (X, d) with the geometry 
characterized by the fact that extensions of geodesics, defined as locally shortest 
lines, are unique. Such geometry is a generalization of Hilbert Geometry (see 
[Buse55]). 

More exactly, a G-space (X, d) is defined by the following conditions: 


. Itis proper (or finitely compact), i.e., all metric balls are compact; 
. It is Menger-convex, i.e., for any different x, y € X, there exists a third point 
z€X,z4#x,y, such that d(x, z) + d(z, y) = d(x, y); 

3. It is locally extendable, i.e., for any a € X, there exists r > 0 such that, for 
any distinct points x, y in the ball B(a, r), there exists z distinct from x and y 
such that d(x, y) + d(y, z) = d(x, z); 

4. It is uniquely extendable, i.e., if in 3 above two points z; and z2 were found, 

so that d(y, z1) = d(y, z), then z) = z. 


Ne 


The existence of geodesic segments is ensured by finite compactness and 
Menger-convexity: any two points of a finitely compact Menger-convex set X 
can be joined by a geodesic segment in X. The existence of geodesics is ensured 
by the axiom of local prolongation: if a finitely compact Menger-convex set X 
is locally extendable, then there exists a geodesic containing a given segment. 
Finally, the uniqueness of prolongation ensures the assumption of Differential 
Geometry that a line element determines a geodesic uniquely. 

All Riemannian and Finsler spaces are G-spaces. A 1D G-space is a metric 
straight line or metric great circle. Any 2D G-space is a topological manifold 
(Chap. 2). 

Every G-space is a chord metric space, i.e., a metric space with a set 
distinguished geodesic segments such that any two points are joined by a unique 
such segment (see [BuPh87]). 

¢ Desarguesian space 

A Desarguesian space is a G-space (X, d) in which the role of geodesics is 
played by ordinary straight lines. Thus, X may be topologically mapped into a 
projective space RP" so that each geodesic of X is mapped into a straight line of 
RP". 

Any X mapped into RP” must either cover all of RP" and, in such a case, 
the geodesics of X are all metric great circles of the same length, or X may be 
considered as an open convex subset of an affine space A”. 

A space (X,d) of geodesics is a Desarguesian space if and only if the 
following conditions hold: 





114 6 Distances in Geometry 


1. The geodesic passing through two different points is unique; 
2. For dimension n = 2, both the direct and the converse Desargues theorems 
are valid and, for dimension n > 2, any three points in X lie in one plane. 


Among Riemannian spaces, the only Desarguesian spaces are Euclidean, hyper- 
bolic, and elliptic spaces. An example of the non-Riemannian Desarguesian 
space is the Minkowskian space which can be regarded as the prototype of all 
non-Riemannian spaces, including Finsler spaces. 

¢ G-space of elliptic type 

A G-space of elliptic type is a G-space in which the geodesic through two 
points is unique, and all geodesics are the metric great circles of the same length. 

Every G-space such that there is unique geodesic through each given pair of 
points is either a G-space of elliptic type, or a straight G-space. 

¢ Straight G-space 

A straight G-space is a G-space in which extension of a geodesic is possible 
globally, so that any segment of the geodesic remains a shortest path. In other 
words, for any two points x, y € X, there is a unique geodesic segment joining x 
to y, and a unique metric straight line containing x and y. 

Any geodesic in a straight G-space is a metric straight line, and is uniquely 
determined by any two of its points. Any such 2D space is homeomorphic to the 
plane. 

All simply connected Riemannian spaces of nonpositive curvature (including 
Euclidean and hyperbolic spaces), Hilbert geometries, and Teichmiiller spaces of 
compact Riemann surfaces of genus g > | (when metrized by the Teichmiiller 
metric) are straight G-spaces. 

* Gromov hyperbolic metric space 

A metric space (X, d) is called Gromov hyperbolic if it is geodesic and 6- 
hyperbolic for some 6 > 0. 

An important class of such spaces are the hyperbolic groups, i.e., finitely 
generated groups whose word metric is Gromov hyperbolic. A metric space is a 
real tree exactly when it is 0-hyperbolic. 

Every bounded metric space X is (diam(X,d))-hyperbolic. A normed vector 
space is Gromov hyperbolic if and only it has dimension 1. Any complete simply 
connected Riemannian space of sectional curvature k < —a? < 0 is m3 
hyperbolic. Every CAT(x) space with k < 0 is Gromov hyperbolic. 

« CAT(k) space 

Let (X,d) be a metric space. Let M” be a simply connected 2D Riemannian 
manifold (Chap. 7) of constant curvature k, i.e., the 2-sphere S? with x > 0, the 
Euclidean plane E* with « = 0, or the hyperbolic plane H? with x < 0. Let Dy 
denote the diameter of M’, i.e., D. = a ifx > 0, and D, = ooifk < 0. 

A triangle T in X consists of three points in X together with three geodesic 
segments joining them pairwise; the segments are called the sides of the triangle. 
For a triangle T C X, a comparison triangle for T in M? is a triangle T’ C M? 
together with a map fr which sends each side of T isometrically onto a side of 
T’. A triangle T is said (Gromov, 1987) to satisfy the CAT(x) inequality (for 
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Cartan, Alexandrov and Toponogov) if, for every x, y € T, we have 


d(x, y) < dy (fr).frO)), 


where fr is the map associated to a comparison triangle for T in M’. So, the 
geodesic triangle T is at least as “thin” as its comparison triangle in M?. 

The metric space (X, d) is a CAT(x) space if it is D,-geodesic (i.e., any two 
points at distance < D, can be joined by a geodesic segment), and all triangles T 
with perimeter < 2D, satisfy the CAT(x) inequality. 

Every CAT(k;) space is a CAT(k2) space if kj < k2. Every real tree is a 
CAT(—00) space, i.e., is a CAT(k,) space for all « € R. 

A locally CAT(x) space (called metric space with curvature < « in 
Alexandrov, 1951) is a metric space (X,d) in which every point p € X has a 
neighborhood U such that any two points x, y € U are connected by a geodesic 
segment, and the CAT(x) inequality holds for any x,y,z € U. A Riemannian 
manifold is locally CAT(«) if and only if its sectional curvature is at most k. 

A metric space with curvature > « is (Alexandrov, 1951) a metric space 
(X,d) in which every p € X has a neighborhood U such that any x,y € U are 
connected by a geodesic segment, and the reverse CAT(k) inequality 


d(x, y) = dye (fr).fr0) 


holds for any x, y,z € U, where f; is the map associated to a comparison triangle 
for T in M?. It is a generalized Riemannian space (Chap. 7). 

Above two definitions differ only by the sign of d(x, y) — dyp(fr(x), frO)). 
In the case k = 0, the above spaces are called nonpositively curved and 
nonnegatively curved metric spaces, respectively. For complete metric spaces, 
they differ also (Bruhat—Tits, 1972) by the sign (< 0 or = 0, respectively) of 


F (x,y,z) = 4d?(z, m(x, y)) — (d’(z, x) + d?(z,y) — d*(x, y)), 


where x,y,z are any three points and m(x,y) is the midpoint of the metric 
interval /(x, y). A complete CAT(0) space is called Hadamard space. 

The inequality F(x, y,z) < 0 for all x,y,z € X, characterizing Hadamard 
spaces, is called semiparallelogram inequality, because the usual vector paral- 
lelogram law ||u — v||? + ||u + v||? = 2||u||? + 2||v||?, characterizing norms 
induced by inner products, is equivalent to the equality F(x, y, z) = 0. A normed 
space is an Hadamard space if and only if it is a Hilbert space. 

Every two points in an Hadamard space are connected by a unique geodesic 
(and hence unique shortest path), while in a general CAT(O) space, they are 
connected by a unique geodesic segment, and the distance is a convex function. 

Foertsch—Lytchack—Schroeder, 2007, proved that a metric space is CAT(0) if 
and only if it is Busemann convex and Ptolemaic; cf. Chap. 1. Euclidean spaces, 
hyperbolic spaces, and trees are CAT(0) spaces. 
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¢ 6-bolic metric space 
Given a number 6 > 0, a metric space (X,d) is called 6-bolic (Kasparov— 
Skandalis, 1994, simplified by Bucher—Karlsson, 2002) if for any x, y,z € X and 
some function m : X x X —> X, it holds 





2ad(e,m(x,y)) $ V2EE 3) +P) — Ply) + 56. 


A 6-hyperbolic space with approximate 6-midpoints (Chap. 1) is # bolic. 

Every CAT(0)-space is 5-bolic for any 6 > 0; for complete spaces the converse 
holds as well. An /,-metric space of dimension > 1 is 5-bolic for any 6 > 0 only 
ifp =2. 

¢ Boundary of metric space 

There are many notions of the boundary 0X of a metric space (X,d). We 
give below some of the most general among them. Usually, if (X,d) is locally 
compact, X U 0X is its compactification. 


1. Ideal boundary (or boundary at oo). Given a geodesic metric space (X, d), 
let y! and y? be two metric rays, i.e., geodesics with isometry of R59 into 
X. These rays are called equivalent if the Hausdorff distance between them 
(associated with the metric d) is finite, i.e., if sup.9 d(v!(0), y?()_ < co. 

The ideal boundary of (X, d) is the set 0,.X of equivalence classes Yo of 
all metric rays. Cf. asymptotic metric cone (Chap. 1). 

If (X, d) is a complete CAT(0) space, then the Tits metric (or asymptotic 
angle of divergence) on JgoX is defined by 2 aresin (£) for all y,, 73, € IooX, 
where p = lim,+oo 4d(y!(1), y?(0)). The set 09.X equipped with the Tits 
metric is called the Tits boundary of X. 

If (X,d,xo) is a pointed complete CAT(—1) space, then the Bourdon 
metric (or visual distance) on 0..X is defined, for any distinct x,y € dooX, 
by e-“»), where (x.y) denotes the Gromov product (x.y) x). 

The visual sphere of (X,d) at a point x9 € X is the set of equivalence 
classes of all metric rays emanating from xo. 

2. Gromov boundary. Given a pointed metric space (X, d, xo) (1.e., one with 
a selected base point x9 € X), the Gromov boundary of it (as generalized 
by Buckley and Kokkendorff, 2005, from the case of the Gromov hyperbolic 
space) is the set dgX of equivalence classes of Gromov sequences. 

A sequence x = {x,}, in X is a Gromov sequence if the Gromov product 
(Xj-Xj)xo —> CO as i,j —> oo. Two Gromov sequences x and y are equivalent 
if there is a finite chain of Gromov sequences x*,0 < k < k’, such that 
x= x,y = x¥, and limj;+o0 inf(xt! x4) = 00 for0 < k < X. 

In a proper geodesic Gromov hyperbolic space (X, d), the visual sphere 
does not depends on the base point x9 and is naturally isomorphic to its 
Gromov boundary 0gX which can be identified with 0o.X. 

3. g-boundary. Denote by X, the metric completion of (X, d) and, viewing X as 
a subset of X,, denote by dX, the difference X \X. Let (X, 1, xo) be a pointed 
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unbounded length space, i.e., its metric coincides with the internal metric / 
of (X, d). Given a measurable function g : R>o — Rso, the g-boundary of 
(X, d, xo) (as generalized by Buckley—Kokkendorff, 2005, from spherical and 
Floyd boundaries) is 0gX = 0X, \0X), where o(x, y) = inf /) g(z)dl(z) for all 
x,y € X (here the infimum is taken over all metric segments y = [x, y]). 

4. Hotchkiss boundary. Given a pointed proper Busemann convex metric 
space (X,d,xo), the Hotchkiss boundary of it is the set d4(X,xo) of 
isometries f : R>y > X with f(0) = xo. The boundaries 0;/X and 0;,X are 
homeomorphic for distinct x9, x, € X. In a Gromov hyperbolic space, 07/X is 
homeomorphic to the Gromov boundary d¢X. 

5. Metric boundary. Given a pointed metric space (X, d, x9) and an unbounded 
subset S of Ryo, aray y : S > X is called a weakly geodesic ray if, for every 
x € X and every € > 0, there is an integer N such that |d(y(t), y(0)) —t| <, 
and |d(y(t), x) — d(y(s), x) — (t—s)| < € forall s,t € T with s,t > N. 

Let G(X, d) be the commutative unital C*-algebra with the norm ||.||oo, 
generated by the (bounded, continuous) functions which vanish at infinity, the 
constant functions, and the functions of the form g(x) = d(x, xo) — d(x, y); 
cf. Rieffel metric space in Chap. 7 for definitions. 

The Rieffel’s metric boundary 0pX of (X, d) is the difference x \X, where 


X” is the metric compactification of (X, d), i.e., the maximum ideal space (the 
set of pure states) of this C*-algebra. 

For a proper metric space (X,d) (Chap. 1) with a countable base, the 
boundary dX consists of the limits lim; f(y (4) for every weakly geodesic 
ray y and every function f from the above C*-algebra (Rieffel, 2002). 


¢ Projectively flat metric space 
A metric space, in which geodesics are defined, is called projectively flat if 
it locally admits a geodesic mapping (or projective mapping), i.e., a mapping 
preserving geodesics into an Euclidean space. Cf. Euclidean rank of metric 
space in Chap. |; similar terms are: affinely flat, conformally flat, etc. 
A Riemannian space is projectively flat if and only if it has constant (sectional) 
curvature. Cf. flat metric in Chap. 8. 


6.2 Projective Geometry 


Projective Geometry is a branch of Geometry dealing with the properties and 
invariants of geometric figures under projection. Affine Geometry, Metric Geometry 
and Euclidean Geometry are subsets of Projective Geometry of increasing com- 
plexity. The main invariants of Projective, Affine, Metric, Euclidean Geometry are, 
respectively, cross-ratio, parallelism (and relative distances), angles (and relative 
distances), absolute distances. 
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An n-dimensional projective space FP" is the space of one-dimensional vector 
subspaces of a given (n + 1)-dimensional vector space V over a field F. The basic 
construction is to form the set of equivalence classes of nonzero vectors in V 
under the relation of scalar proportionality. This idea goes back to mathematical 
descriptions of perspective. 

The use of a basis of V allows the introduction of homogeneous coordinates of 
a point in FP” which are usually written as (x; : x2: ... : Xp : Xn+1)—a vector 
of length n + 1, other than (0:0: 0: ...: 0). Two sets of coordinates that are 
proportional denote the same point of the projective space. Any point of projective 
space which can be represented as (x; : X2 : ... ! X, : 0) is called a point at 
infinity. The part of a projective space FP” not “at infinity” , i.e., the set of points 
of the projective space which can be represented as (x; : x2: ... : X, : 1), is an 
n-dimensional affine space A”. 

The notation RP” denotes the real projective space of dimension n, i.e., the space 
of 1D vector subspaces of R"*!. The notation CP" denotes the complex projective 
space of dimension n. The projective space RP” carries a natural structure of a 
compact smooth n-manifold. It can be viewed as the space of lines through the 
zero element 0 of Rt! (i.e., as a ray space). It can be viewed also as the set R”, 
considered as an affine space, together with its points at infinity. Also it can be seen 
as the set of points of an n-sphere in R"*! with identified diametrically-opposite 


points. 
The projective points, projective straight lines, projective planes, ..., projective 
hyperplanes of FP” are one-, two-, three-, ..., n-dimensional subspaces of V, 


respectively. Any two projective straight lines in a projective plane have one and 
only one common point. A projective transformation (or collineation, projectivity) 
is a bijection of a projective space onto itself, preserving collinearity (the property 
of points to be on one line) in both directions. Any projective transformation is a 
composition of a pair of perspective projections. Projective transformations do not 
preserve sizes or angles but do preserve type (that is, points remain points, and lines 
remain lines), incidence (that is, whether a point lies on a line), and cross-ratio 
(Chap. 1). 

Here, given four collinear points x, y,z,t € FP”, their cross-ratio (x, y, z, ft) is 
ae where *— denotes the ratio poet for some affine bijection f from the 
straight line /, , through the points x and y onto F. 

Given four projective straight lines /,,1,,/,,l,, containing points x,y, z,t?, 


respectively, and passing through a given point, their cross-ratio (/,, 1), /,, 1) is 
sin(/,l-) sin(ly.lr) ; 





sin(I, J.) sin([y i) coincides with (x, y, z, t). The cross-ratio (x, y, z, f) of four complex 
(= O-) 


numbers X,Y, Z,t is Ce5 
collinear or concyclic. 


It is real if and only if the four numbers are either 


¢ Projective metric 
Given a convex subset D of a projective space RP", the projective metric 
d is a metric on D such that shortest paths with respect to this metric are parts 
of or entire projective straight lines. It is assumed that the following conditions 
hold: 
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1. D does not belong to a hyperplane; 

2. For any three noncollinear points x, y,z € D, the triangle inequality holds in 
the strict sense: d(x, y) < d(x, z) + d(z, y); 

3. If x,y are different points in D, then the intersection of the straight line 1, y 
through x and y with D is either all of /,, and forms a metric great circle, or 
is obtained from /,,, by discarding some segment (which can be reduced to a 
point), and forms a metric straight line. 


The metric space (D,d) is called a projective metric space. The problem 
of determining all projective metrics on R” (called linearly additive metrics in 
Chap. 1) is the 4-th problem of Hilbert; it has been solved only for n = 2. In fact, 
given a smooth measure on the space of hyperplanes in RP", define the distance 
between any two points x,y € RP” as one-half the measure of all hyperplanes 
intersecting the line segment joining x and y. The obtained metric is projective; it 
is the Busemann’s construction of projective metrics. [Amba76] proved that all 
projective metrics on R? can be obtained by this construction. 

In a projective metric space there cannot simultaneously be both types of 
straight lines: they are either all metric straight lines, or they are all metric great 
circles of the same length (Hamel’s theorem). Spaces of the first kind are called 
open. They coincide with subspaces of an affine space; the geometry of open 
projective metric spaces is a Hilbert Geometry. Hyperbolic Geometry is a Hilbert 
Geometry in which there exist reflections at all straight lines. 

Thus, the set D has Hyperbolic Geometry if and only if it is the interior 
of an ellipsoid. The geometry of open projective metric spaces whose subsets 
coincide with all of affine space, is a Minkowski Geometry. Euclidean Geometry 
is a Hilbert Geometry and a Minkowski Geometry, simultaneously. Spaces of 
the second kind are called closed; they coincide with the whole of RP". Elliptic 
Geometry is the geometry of a projective metric space of the second kind. 

¢ Strip projective metric 

The strip projective metric ([BuKe53]) is a projective metric on the strip 

St = {x € R? : —1/2 < x) < 1/2} defined by 





V(x —y)? + (x2 — yo)? + | tan x2 = tan yo|. 





The Euclidean metric a (x1 — y1)? + (2 — y2)? is not a projective metric on St. 
¢ Half-plane projective metric 
The half-plane projective metric ([BuKe53]) is a projective metric on 
Ri. = {x € R? : x) > 0} defined by 








1 1 
V (x1 — y1)? + (2 — yn)? + -- ae 
x2 «2 


¢ Hilbert projective metric 
Given a set H, the Hilbert projective metric h is a complete projective 
metric on H. It means that H contains, together with two arbitrary distinct 
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points x and y, also the points z and t for which h(x, z) + h(z,y) = A(x, y), 
h(x, y) + h(y,t) = (x,t), and that H is homeomorphic to a convex set in an 
n-dimensional affine space A”, the geodesics in H being mapped to straight lines 
of A”. 

The metric space (H,h) is called the Hilbert projective space, and the 
geometry of a Hilbert projective space is called Hilbert Geometry. 

Formally, let D be a nonempty convex open set in A” with the boundary 0D 
not containing two proper coplanar but noncollinear segments (ordinarily the 
boundary of D is a strictly convex closed curve, and D is its interior). Let x, y € D 
be located on a straight line which intersects dD at z and f, z is on the side of 
y, and ¢ is on the side of x. Then the Hilbert projective metric / on D is the 
symmetrization of the Funk distance (Chap. 1): 


1 _ —t 1 
A(x, y) = (in : + Ina ) = —In(x, y,z, ft), 
y-Zz y-t 2 





where (x, y, z, f) is the cross-ratio of x, y, z, t. 

The metric space (D, h) is a straight G-space. If D is an ellipsoid, then h is 
the hyperbolic metric, and defines Hyperbolic Geometry on D. On the unit disk 
A = {ze C: |z| < 1} the metric A coincides with the Cayley—Klein—Hilbert 
metric. If n = 1, the metric ) makes D isometric to the Euclidean line. 

If dD contains coplanar but noncollinear segments, a projective metric on D 
can be given by h(x, y) + d(x, y), where d is any Minkowskian metric. 

¢ Minkowskian metric 

The Minkowskian metric (or Minkowski—H6lder distance) is the norm 
metric of a finite-dimensional real Banach space. 

Formally, let IR” be an n-dimensional real vector space, let K be a symmetric 
convex body in R”, i.e., an open neighborhood of the origin which is bounded, 
convex, and symmetric (x € K if and only if —x € K). Then the Minkowski 
distance function ||x||x : R" — [0,00), defined as inffa > 0: > € dK} (cf. 
Chap. 1), is a norm on R", and the Minkowskian metric mx on R” is defined by 


mx (x,y) = ||x— yll«. 


The metric space (R”, m) is called Minkowskian space; its geometry is Minkowski 
Geometry. It can be seen as an affine space A” with a metric m in which the 
unit ball is the body K. For a strictly convex symmetric body the Minkowskian 
metric is a projective metric, and (R”, m) is a G-straight space. A Minkowski 
Geometry is Euclidean if and only if its unit sphere is an ellipsoid. 

The Minkowskian metric m is proportional to the Euclidean metric dg on 
every given line /, i.e., m(x,y) = $()dz(x, y). Thus, the Minkowskian metric 
can be considered as a metric which is defined in the whole affine space A” and 

- 


has the property that the affine ratio “; of any three collinear points a, b,c (cf. 


Sect. 6.3) is equal to their distance ratio “2 


m(a,b) * 
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Given a convex body C in a Minkowskian space with unit ball K, the 
Minkowskian thickness and Minkowskian diameter of C are (Averkov, 2003): 


sup{a > 0:aK C C—C} and inffa>0:C-—CCak}. 
¢ C-distance 


Given a convex body C C E”, the C-distance (or relative distance; Lassak, 
1991) is a distance on E” defined, for any x, y € E”, by 






































de(x,y) = 2), 
dg(x', y’) 
where x’y’ is the longest chord of C parallel to the segment xy. C-distance is not 
related to C-metric in Chap. 10 and to rotating C-metric in Chap. 26. 
The unit ball of the normed space with the norm ||x|| = dc(x, 0) is 5(C —C). 
For every r € [-1, 1], it holds dc(x, y) = drc+(—n(—ay(, ). 
¢ Busemann metric 
The Busemann metric ({[Buse55]) is a metric on the real n-dimensional 
projective space RP” defined by 


n+1 




















n+1 
, Xi Ji Xi Ji 
min — : 
> ial Toul {ima * ip 
for any x = (41 :... : Xp41),y¥ = On: .-. : Ynti) € RP", where ||x|| = 


Ee I x. 

¢ Flag metric 

Given an n-dimensional projective space FP", the flag metric d is a metric on 
FP" defined by a flag, i.e., an absolute consisting of a collection of m-planes a, 
m= 0,...,n—1, with a;_; belonging to a; for alli € {1,...,2—1}. The metric 
space (FP", d) is abbreviated by F” and is called a flag space. 

If one chooses an affine coordinate system (x;); in a space F”, so that the 
vectors of the lines passing through the (n — m — 1)-plane a,_,,—; are defined by 
the condition x; = ...x, = 0, then the flag metric d(x, y) between the points 
xX = (X1,...,X,) and y = (y1,..., ¥p) 1s defined by 


d(x,y) = |x1 —yi|, ifr Ay, d(x, y) = [x2 — ya], if x1 = y1,x2 F ya... 
we U(X, y) = [xq — Yel, ify = V1... Xe-1 = Ve Xk A Vkv ee 
¢ Projective determination of a metric 
The projective determination of a metric is an introduction, in subsets of 


a projective space, of a metric such that these subsets become isomorphic to a 
Euclidean, hyperbolic, or elliptic space. 
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To obtain a Euclidean determination of a metric in RP", one should distin- 
guish in this space an (n— 1)-dimensional hyperplane z, called the hyperplane at 
infinity, and define E” as the subset of the projective space obtained by removing 
from it this hyperplane zr. In terms of homogeneous coordinates, a consists of 
all points (x1 :... : xX, : 0), and E” consists of all points (x1 :...! Xn? Xp+1) with 
Xn+1 4 0. Hence, it can be written as E” = {x € RP": x = (x1 2... 2X): VD}. 
The Euclidean metric dg on E” is defined by 















































V(x—y.x—y), 














where, for any x = (41: ...: 4): D,y = O1: .-. 1: yy: 1) © E"’, one has 
(x,y) = Din i 

To obtain a hyperbolic determination of a metric in RP", a set D of interior 
points of a real oval hypersurface Q of order two in RP” is considered. The 
hyperbolic metric d;,, on D is defined by 


: 
=|In@, y,z, 9], 
5! (x,y,z, 2)| 


where z and ¢ are the points of intersection of the straight line /,,, through the 
points x and y with Q, (x, y, z, ¢) is the cross-ratio of the points x, y, z, ¢, andr > 0 
is a fixed constant. If, for any x = (x, :... 2 Xn41),9 = O12 --- 2 Ynti1) € RP", 
the scalar product (x,y) = —x,y, + ee x;y; is defined, the hyperbolic metric 
on the set D = {x € RP” : (x, x) < 0} can be written, for a fixed constant r > 0, 
as 


(x.y) | 
Vex) y) 


where arccosh denotes the nonnegative values of the inverse hyperbolic cosine. 

To obtain an elliptic determination of a metric in RP", one should consider, 
for any x = (41 2... 2 Xn41),¥9 = Ont... 2 Ynt1) € RP", the inner product 
(x,y) = pa i x;y;. The elliptic metric d., on RP" is defined now by 


I(x, y)| 
Vex) 09) 


where r > 0 is a fixed constant, and arccos is the inverse cosine in [0, z]. 

In all the considered cases, some hypersurfaces of the second-order remain 
invariant under given motions, i.c., projective transformations preserving a given 
metric. These hypersurfaces are called absolutes. In the case of a Euclidean 
determination of a metric, the absolute is an imaginary (n — 2)-dimensional oval 
surface of order two, in fact, the degenerate absolute x feeef x = 0, X41 = 0. 


rarccosh 


r arccos 
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In the case of a hyperbolic determination of a metric, the absolute is a real 
(n — 1)-dimensional oval hypersurface of order two, in the simplest case, the 
absolute —x} + x5 + +++ + aS 41 = 0. In the case of an elliptic determination of 
a metric, the absolute is an imaginary (nm — 1)-dimensional oval hypersurface of 
order two, in fact, the absolute x7 + -+- +274, =0. 


6.3 Affine Geometry 


An n-dimensional affine space over a field F is a set A” (the elements of which 
are called points of the affine space) to which corresponds an n-dimensional vector 
space V over F (called the space associated to A") such that, for any a € A”, A = 
at+V = {a+v: v € V}. In the other words, if a = (a,...,a,) and b = 
(bi,...,bn) € A", then the veorae = (bj —a1,..., bn — a) belongs to V. 

In an affine space, one can add a vector to a point to get another point, and 
subtract points to get vectors, but one cannot add points, since there is no origin. 


=> > 
Given points a, b, c,d € A” such that c # d, and the vectors ab and cd are collinear, 


the scalar A, defined by ab = Acd, is called the affine ratio of ab and cd, and is 
denoted by oe 

An affine transformation (or affinity) is a bijection of A” onto itself which 
preserves collinearity and ratios of distances In this sense, affine indicates a 
special class of projective transformations that do not move any objects from the 
affine space to the plane at infinity or conversely. Any affine transformation is a 
composition of rotations, translations, dilations, and shears. The set of all affine 
transformations of A” forms a group Aff(A”), called the general affine group of A”. 
Each element f € Aff(A) can be given by a formula f(a) = b, bj = Yi=1 pijaj + Cj, 
where ((p,)) is an invertible matrix. 

The subgroup of Aff(A”), consisting of affine transformations with det((p;)) = 
1, is called the equi-affine group of A”. An equi-affine space is an affine space with 
the equi-affine group of transformations. The fundamental invariants of an equi- 
affine space are volumes of parallelepipeds. In an equi-affine plane A”, any two 
vectors U;, v2 have an invariant |v; x v2| (the modulus of their cross product)—the 
surface area of the parallelogram constructed on v, and v2. 

Given a nonrectilinear curve y = y(t), its affine parameter (or equi-affine arc 
length) is an invariant s = ie ly’ x yp” |!/3dt. The invariant k = fy x fy is 
called the equi-affine curvature of y. Passing to the general affine group, two more 
invariants of the curve are considered: the affine arc lengtho = [ k'/ds, and the 
affine curvature k = ar a 

For A”, n > 2, the affine parameter (or equi-affine arc length) of acurve y = y(t) 
is defined by s = re OY genes y) |= dr, where the invariant (v1,..., Un) 
is the (oriented) volume spanned by the vectors v,,...,U, which is equal to the 
determinant of the n x n matrix whose i-th column is the vector v;. 





124 6 Distances in Geometry 


Affine distance 

Given an affine plane A’, a line element (a, l,) of A? consists of a point a € A? 
together with a straight line , C A” passing through a. 

The affine distance is a distance on the set of all line elements of A” defined 
by 


oy ae 


where, for a given line elements (a,/,) and (b,/,), f is the surface area of the 
triangle abc if c is the point of intersection of the straight lines J, and /,. The 
affine distance between (a, /,) and (b, /,) can be interpreted as the affine length 
of the arc ab of a parabola such that /, and J, are tangent to the parabola at a and 
b, respectively. 
Affine pseudo-distance 

Let A? be an equi-affine plane, and let y = y(s) be a curve in A” defined as a 
function of the affine parameter s. The affine pseudo-distance dp, for A” is 


dy 


dpag (a, b) = \ab x 
af (a,b) = \a — 
Paff ds 


’ 








1.e., it is cae to the surface area of the parallelogram constructed on ae vectors 
ab and 2% , where b is an arbitrary point in A’, a is a point on y, and is the 
tangent weciee to the curve y at the point a. 

Similarly, the affine pseudo-distance for an equi-affine space A? is defined as 








dy @y 
ds’ ds Peak 
where y = y(s) is acurve in A?, defined as a function of the affine parameter s, 
b € A}, ais a point of y, and the vectors ay a Y are obtained at the point a. 
For A”, n > 3, we have dpa (a,b) = \(ab, ee at Y)|. For an arbitrary 
parametrization y = y(f), one obtains Pee = \(ab, V gees VOY, 


yey, 
Affine metric 

The affine metric is a metric on a nondevelopable surface r = r(uy, uz) in an 
equi-affine space A*, given by its metric tensor ((g;)): 


aij 


8 ldet(ai)) 


where aj = (017, dar, Oyr), i,j € {1, 2}. 


“6 16 « 8 6 
ewe eee et Vet ep 
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6.4 Non-Euclidean Geometry 


The term non-Euclidean Geometry describes both Hyperbolic Geometry (or 
Lobachevsky-Bolyai-Gauss Geometry) and Elliptic Geometry which are contrasted 
with Euclidean Geometry (or Parabolic Geometry). The essential difference 
between Euclidean and non-Euclidean Geometry is the nature of parallel lines. 
In Euclidean Geometry, if we start with a line / and a point a, which is not on /, then 
there is only one line through a that is parallel to /. In Hyperbolic Geometry there 
are infinitely many lines through a parallel to /. In Elliptic Geometry, parallel lines 
do not exist. The Spherical Geometry is also “non-Euclidean’’,, but it fails the axiom 
that any two points determine exactly one line. 


¢ Spherical metric 
Let S"(0,r) = {x ¢ Rt! : Wt! 2 = 7°} be the sphere in R’*! with the 
center 0 and the radius r > 0. 
The spherical metric (or great circle metric) is a metric on S"(0,r) defined 
by 


n+1 
1 XV; 
dspn = 1 arccos (Eee) : 


r2 


where arccos is the inverse cosine in [0, zr]. It is the length of the great circle 
arc, passing through x and y. In terms of the standard inner product (x,y) = 
yt xy; on R"*!, the spherical metric can be written as r arccos I(e)| 


J (xx) yy)” 


The metric space (S"(0, 1), dspn) is called n-dimensional spherical space. It 
is a space of curvature 1/r, and r is the radius of curvature. It is a model of n- 
dimensional Spherical Geometry. The great circles of the sphere are its geodesics 
and all geodesics are closed and of the same length. See, for example, [Blum70]. 
¢ Elliptic metric 
Let RP” be the real n-dimensional projective space. The elliptic metric d, is 
a metric on RP" defined by 


_ ley 
Vix) 0y) 


where, for any x = (4): ... : X41) andy = (1 : ... : Ynt1) € RP", one has 
(x,y) = wan, x;y, r > 0 is a constant and arccos is the inverse cosine in (0, z]. 

The metric space (RP”,d,1) is called n-dimensional elliptic space. It is a 
model of n-dimensional Elliptic Geometry. It is the space of curvature 1 /r?, and 
r is the radius of curvature. As r — oo, the metric formulas of Elliptic Geometry 
yield formulas of Euclidean Geometry (or become meaningless). 

If RP” is viewed as the set E"(0,r), obtained from the sphere S”(0,r) = 
fx e RH, yt 2 = 77} in R"t! with center 0 and radius r by identifying 
diametrically-opposite points, then the elliptic metric on E”(0, r) can be written 


r arccos 
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as Aspn(x, y) if dspn(x,y) < Fr, and as wr—dypp(x, y) if dspn(x, y) > Fr, where dsp), 
is the spherical metric on S”(0, r). Thus, no two points of E”(0, r) have distance 
exceeding +r. The elliptic space (E?(0, r), den) is called the Poincaré sphere. 

If RP” is viewed as the set E” of lines through the zero element 0 in Rt 
then the elliptic metric on E” is defined as the angle between the corresponding 
subspaces. 

An n-dimensional elliptic space is a Riemannian space of constant positive 
curvature. It is the only such space which is topologically equivalent to a 
projective space. See, for example, [Blum70] and [Buse55]. 

¢ Hermitian elliptic metric 

Let CP” be the n-dimensional complex projective space. The Hermitian 

elliptic metric ae, (see, for example, [Buse55]) is a metric on CP” defined by 


(x,y) | 


V(x), y) 


where, for any x = (4) :... : X41) andy = (y : ... ! Yn41) € CP", one has 
(x,y) = ~ X;y;, r > 0 is a constant and arccos is the inverse cosine in [0, z]. 

The metric space (CP", d/,) is called n-dimensional Hermitian elliptic space 
(cf. Fubini-Study metric in Chap. 7). 

¢ Elliptic plane metric 

The elliptic plane metric is the elliptic metric on the elliptic plane RP?. 

If RP? is viewed as the Poincaré sphere (i.e., a sphere in R? with identified 
diametrically-opposite points) of diameter 1 tangent to the extended complex 
plane C = CU {oo} at the point z = 0, then, under the stereographic projection 
from the “north pole” (0,0, 1), C with identified points z and —1 is a model of 
the elliptic plane. 7 


r arcCcos 


The elliptic plane metric d,1 on it is defined by its line element ds* = “ithe. 
¢ Pseudo-elliptic distance 
The pseudo-elliptic distance (or elliptic pseudo-distance) dp, is defined, on 


the extended complex plane C = C U {00} with identified points z and — i by 


Z—U 


1+ Zu 








In fact, dpen(z, u) = tan d.y(z, u), where d,1 is the elliptic plane metric. 
¢ Hyperbolic metric 
Let RP” be the n-dimensional real projective space. Let, for any x = (x : 
2X41), ¥ = 2... 2 Ynt1) € RP", their scalar product (x,y) be —x1y1 + 


wnt 
= XiYi- 
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The hyperbolic metric d), is a metric on the set H” = {x € RP” : (x, x) < 0} 
defined, for a fixed constant r > 0, by 


I(x, y)| 
(xx) (yy) 


where arccosh denotes the nonnegative values of the inverse hyperbolic cosine. 

In this construction, the points of H” can be viewed as the one-spaces of the 
pseudo-Euclidean space R"! inside the cone C = {x € R™! : (x, x) = Of. 

The metric space (H", djy,) is called n-dimensional hyperbolic space. It is a 
model of n-dimensional Hyperbolic Geometry. It is the space of curvature —1/r’, 
and r is the radius of curvature. Replacement of r by ir transforms all metric 
formulas of Hyperbolic Geometry into the corresponding formulas of Elliptic 
Geometry. As r — oo, both systems yield formulas of Euclidean Geometry (or 
become meaningless). 

If H” is viewed as the set {x € R" : )\_, x7 < K}, where K > 1 is any fixed 
constant, the hyperbolic metric can be written as 


ry pty lH yey 
aS eer y(x.y) 


rarccosh 





viene MD ,and r > 0 is anumber with tanh + = Wie 

If H” is viewed as a submanifold of the (n+ 1)-dimensional pseudo-Euclidean 
space IR"! with the scalar product (x,y) = —x1y1 + Saar xiy; (in fact, as the 
top sheet {x ¢ R"! : (x,x) = —1,x; > 0} of the two-sheeted hyperboloid 
of revolution), then the hyperbolic metric on H” is induced from the pseudo- 
Riemannian metric on R”! (cf. Lorentz metric in Chap. 26). 

An n-dimensional hyperbolic space is a Riemannian space of constant 
negative curvature. It is the only such space which is complete and topologically 
equivalent to an Euclidean space. (See, for example, [Blum70, Buse55].) 

¢ Hermitian hyperbolic metric 

Let CP” be the n-dimensional complex projective space. Let, for any x = 
(Xj. Peet Xnt 1), y = (1 : --- t Yeti) € CP", their scalar product (x,y) be 
—xX1y1 + paar ») XiVi- 

The Hermitian hyperbolic metric d di, (see, for example, [Buse55]) is a 
metric on the set CH” = {x € CP” : (x,x) < 0} defined, for a fixed constant 
r > 0, by 


where y(x, y) = 





| (x, y)| 
(x, x) (yy) 
where arccosh denotes the none pauve values of the inverse hyperbolic cosine. 


The metric space (CH"”, dj’) is called n-dimensional Hermitian hyperbolic 
space. 


arccosh 


ae 
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Poincaré metric 

The Poincaré metric dp is the hyperbolic metric for the Poincaré disk model 
of Hyperbolic Geometry. In this model the unit disk A = {z € C: |z| < 1} is 
called the hyperbolic plane, every point of A is called a hyperbolic point, circular 
arcs (and diameters) in A which are orthogonal to the absolute Q = {z EC: 
|z| = 1} are called hyperbolic straight lines. Every point of Q is called an ideal 
point. 

The angular measurements in this model are the same as in Hyperbolic 
Geometry, i.e., it is a conformal model. There is a one-to-one correspondence 
between segments and acute angles. The Poincaré metric on A is defined by its 
line element 
|dz|? dz + dz 


a el dy pam Ut rpeee) ak 





ds’ 


The distance dp between two points z and u of A can be written as 


1, |l—za| t+ |z—ul Iz—ul 
In — = arctanh —, 
2 |l—zl—|z—-ul |1 — zu 








In terms of cross-ratio, it is equal to 


ane u,Z,u*) = a eee a 
2 Pos 2 (z* —u)(u* — 2)’ 





where z* and u* are the points of intersection of the hyperbolic straight line 
passing through z and u with Q, z* on the side of u, and u* on the side of z. 

The multiplicative distance function on the segments zu of A is defined 
(Hartshorne, 2003) by pu(zu) = (z,u,z*,u*)—!; it allows the definition of 
trigonometric functions in the absence of continuity. 

In the conformal Poincaré half-plane model of Hyperbolic Geometry the 
hyperbolic plane is the upper half-plane H* = {z ¢ C : z > O}, and the 
hyperbolic lines are semicircles and half-lines which are orthogonal to the real 
axis. The absolute (i.e., the set of ideal points) is the real axis together with the 
point at infinity. 

The line element of the Poincaré metric on H? is given by 


_ lal? det + dz 


dr = — = 
(3z)? ie 





The distance between two points z, u can be written as 


1. |z—at|z— = 1 1 (—Q(u* — 
n lz al ESS sean a = —In(z,u,z*,u*) = = In Ge eoe wy) 
2 |z—ul—|z—ul Iz— ul 2 2 (* —u)(u* —2) 
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where z* is the ideal point of the half-line emanating from z and passing through 
u, and u™* is the ideal point of the half-line emanating from u and passing through 
z. 

In general, the hyperbolic metric in any domain D C C with at least three 
boundary points is defined as the preimage of the Poincaré metric in A under a 
conformal mapping f : D — A. Its line element has the form 


G=lf@lF) 


The distance between two points z and u in D can be written as 


1 H=fOFW! + F@ —F0o), 
2 1-f@FOI = FO —FOo) 


¢ Pseudo-hyperbolic distance 
The pseudo-hyperbolic distance (or Gleason distance, hyperbolic pseudo- 
distance) dphyp is a metric on the unit disk A = {z € C: |z| < 1}, defined 
by 





Zu 











1—Z 


In fact, dppypy(z, u) = tanh dp(z, u), where dp is the Poincaré metric on A. 
¢ Cayley—Klein—Hilbert metric 

The Cayley—Klein—Hilbert metric dcxy is the hyperbolic metric for the 
Klein model (or projective disk model, for Hyperbolic Geometry. In this model 
the hyperbolic plane is realized as the unit disk A = {z € C: |z| < 1}, and 
the hyperbolic straight lines are realized as the chords of A. Every point of the 
absolute Q = {z € C: |z| = 1} is called an ideal point. This model is not 
conformal: the angular measurements are distorted. The Cayley—Klein—Hilbert 
metric on A is given by its metric tensor ((gj)), 7,7 = 1, 2: 


(1 —z5) 22125 — Pde zi) 
§22 


8 sO = = 7.22? 
(l—zj-— 23)? (1 —zj— 23)? Sg sor 


where r is any positive constant. The distance between points z and u in A is 


1 — Zu) — 222 
r arccosh : 


2 2 2 2 
j1-d-dy1-a-8 


where arccosh denotes the nonnegative values of the inverse hyperbolic cosine. 
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Weierstrass metric 
Given a real n-dimensional inner product space (R”,(,)), n > 2, the 
Weierstrass metric dy is a metric on R” defined by 





arccosh(/1 + (x, x)V1 + (yy) — (x, y)), 


where arccosh denotes the nonnegative values of the inverse hyperbolic cosine. 

Here, (x, 1 + (x,x)) € R” @ R are the Weierstrass coordinates of x € R", 
and the metric space (IR”, dy) can be seen as the Weierstrass model of Hyperbolic 
Geometry. 


The Cayley—Klein-Hilbert metric dex(x, y) = arccosh_—=*2__ on 
yley CKH(X, y) fi=Ga Joa) 

the open ball B”? = {x € R” : (x,x) < 1} can be obtained from dw by 

dexu(x, y) = dw(u(x), H(y)), where pw : R” — B" is the Weierstrass mapping: 


_ x 
HO) = ey 
Harnack metric 
Given a domain D C R",n > 2, the Harnack metric is a metric on D defined 


by 





where the supremum is taken over all positive functions which are harmonic on 
D. 
Quasi-hyperbolic metric 

Given a domain D C R",n > 2, the quasi-hyperbolic metric on D is defined 


by 
ing [ 
ver Jy plz) 


where the infimum is taken over the set I’ of all rectifiable curves connecting x 
and y in D, p(z) = inf,eap ||z — u||2 is the distance between z and the boundary 
dD of D, and ||.||2 is the Euclidean norm on R”. 

This metric is Gromov hyperbolic if the domain D is uniform, i.e., there 
exist constants C,C’ such that each pair of points x,y € D can be joined by 
a rectifiable curve y = y(x,y) € D of length [(y) at most C|x — yl, and 
min{l(y (x, z)), U(y(z,y))} < C’d(z, dD) holds for all z € y. Also, the quasi- 
hyperbolic metric is the inner metric (Chap. 4) of the distance ratio metric. 

For n = 2, one can define the hyperbolic metric on D by 


2if'@)| 
nt | Top 
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where f : D > A is any conformal mapping of D onto the unit disk A = {z € 

C: |z| < 1}. For n > 3, it is defined only for the half-hyperplane H” and for 

the open unit ball B" as the infimum over all y € T of the integrals ie la and 
2|dz| 

J, ¥ Tllell5” 


¢ Apollonian metric 
Let D C R", be a domain such that its complement is not contained in a 
hyperplane or a sphere. The Apollonian metric (or Barbilian metric, [Barb35]) 
on D is defined (denoting the boundary of D by dD) by the cross-ratio as 








[la — x21] — yll2 
sup In ; 
apead —||a— yllallb — allo 





This metric is Gromov hyperbolic. 
¢ Half-Apollonian metric 
Given a domain D C R", the half-Apollonian metric yp (Hasto and Lindén, 
2004) on D is defined (denoting the boundary of D by dD) by 








aeédD 


This metric is Gromov hyperbolic only if the domain is R”\ {x}. 
¢ Gehring metric 7 
Given a domain D C R", the Gehring metric jp (Gehring, 1982) is a metric 


on D, defined by 
1 _ = 
Jin (1+ x ie (14 cE a), 
2 p(x) ply) 


where p(x) = inf,eap ||x — u||2 is the distance between x and the boundary of D. 
This metric is Gromov hyperbolic. 
¢ Distance ratio metric 
Given a domain D C R", the distance ratio metric (or jp-metric) is 
(Gehring—Palka, 1976, and Vuorinen, 1985) a metric on D defined by 


[lx —yll2 ) 
In (1 + ———_———.}, 
min{ p(x), p(y)} 
where p(x) = inf,cap ||x — u||2 is the distance between x and the boundary of D. 
This metric is Gromov hyperbolic only if the domain is R"\ {x}. 
¢ Triangular ratio metric 


Given a domain D C R’, the triangular ratio metric on D is defined 
(denoting the boundary of D by dD) by 


Ilx — yll2 
zeap (|| — z|l2 + Ily — alla! 
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¢ Visual angle metric 
Given a domain D C R’", the visual angle metric on D is defined (denoting 
the boundary of D by dD) by Klein et al., 2014, as 


sup Z(x, z, y). 
z€dD 


¢ Dovgoshev—Hariri-Vuorinen metric 
Given a metric space (X, d) and an open set D in it with nonempty boundary 
dD, Dovgoshev—Hariri—Vuorinen, 2015, showed that 





d(x, 
ied te cd(x, y) 
J d(x, 0D)d(y, 0D) 
is a metric for every c > 2 with 2 being the best possible constant. 
¢ Ferrand metric 


Given a domain D C R", the Ferrand metric op (Ferrand, 1987) is a metric 
on D defined by 


: a—b 
int [ sup _ taal gy 
yer y a,bedD \|z — al|2||z — bl |2 


where the infimum is taken over the set I’ of all rectifiable curves connecting x 
and y in D, dD is the boundary of D, and ||.||2 is the Euclidean norm on R". 
This metric is the inner metric (Chap. 4) of the M6bius metric. 
¢ Mobius metric 
Given a domain D C _ R", the Mébius (or absolute ratio, 5p-) metric; 
Siettenranta, 1999) is a metric on D defined by 


_ b— 
wp n(1 4 He=ailele— sla) 
we \ (la Bllalle—yll 





This metric is Gromov hyperbolic. 
¢ Modulus metric 

Let D C R’, be a domain. The conformal modulus of a family T of locally 
rectifiable curves in D is M(I) = inf, ie p"dm, where m is the n-dimensional 
Lebesgue measure, and p is any Borel-measurable function with [ . pds = 1 and 
p = Ofor each y € I’. Cf. general modulus in extremal metric, Chap. 8. 

Let A(E, F; D) denote the family of all closed nonconstant curves in D joining 
E and F. The modulus metric {zp (Gal, 1960) is a metric on D, defined by 


inf M(A(Coy, dD; D)), 
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where C,, is a compact connected set such that for some y : [0, 1] — D, it holds 


Cry = y([0, 1) and y(0) = x, y(1) = y. 
The Ferrand second metric 17, (Ferrand, 1997) is a metric on D, defined by 


1 

1—n 
inf M(A(C,, C,\; D ; 
(nt (A(C., G ») 


where C, (z = x, y) is a compact connected set such that, for some y, : [0, 1] > 
D, it holds C, = y({0, 1)), z € |y,| and y,(t) > dDast > 1. 
Above two metrics are Gromov hyperbolic if D is the open ball B” = {x € 
IR” : (x, x) < 1} ora simply connected domain in R?. 
¢ Conformal radius 
Let D Cc C, be a simply connected domain and let z € D, z # 00. 
The conformal (or harmonic) radius is defined by 


rad(z, D) = (f'(2))", 


where f : D > A is the uniformizing map, i.e., the unique conformal mapping 
onto the unit disk with f(z) = 0 € A and f’(z) > 0. 

The Euclidean distance between z and the boundary 0D of D (i.e., the radius 
of the largest disk inscribed in D) lies in the segment [mae rad(z, D)]. 

If D is compact, define rad(oo, D) as lim: £0, where f : (C\A) > (C\D) 
is the unique conformal mapping with f (00) = oo and positive above limit. This 
radius is the transfinite diameter from Chap. 1. 

¢ Parabolic distance 
The parabolic distance is a metric on R’t!, considered as R” x R defined by 





J (x1 —y)? feet (Xn — yn)? a |t = ae meéeN, 


for any x = (%1,....%n.t:),¥ = O1,---. nf) € R" XR. 
The space R” x R can be interpreted as multidimensional space-time. 
Usually, the value m = 2 is applied. There exist some variants of the parabolic 
distance, for example, the parabolic distance 
sup{|x1 — yil, [x2 — yal!”7} 
on R? (cf. also Rickman’s rug metric in Chap. 19), or the half-space parabolic 
distance on R}. = {x € R® : x; > 0} defined by 


[x1 —yil + [x2 — yal 


JX + /X2 + /|x2 — y2| 





+ [x3 — yal. 





Chapter 7 
Riemannian and Hermitian Metrics 


Riemannian Geometry is a multidimensional generalization of the intrinsic geom- 
etry of 2D surfaces in the Euclidean space E*. It studies real smooth manifolds 
equipped with Riemannian metrics, i.e., collections of positive-definite symmetric 
bilinear forms ((gj)) on their tangent spaces which vary smoothly from point to 
point. The geometry of such (Riemannian) manifolds is based on the line element 
a= 2 ij 8ijaxidxj. This gives, in particular, local notions of angle, length of curve, 
and volume. 

From these notions some other global quantities can be derived, by integrating 
local contributions. Thus, the value ds is interpreted as the length of the vector 
(dx,,...,dX,), and it is called the infinitesimal distance. The arc length of a curve 














y is expressed by ty af due ; 8ijaxidxj, and then the intrinsic metric on a Riemannian 


manifold is defined as the infimum of lengths of curves joining two given points of 
the manifold. 

Therefore, a Riemannian metric is not an ordinary metric, but it induces an 
ordinary metric, in fact, the intrinsic metric, called Riemannian distance, on any 
connected Riemannian manifold. A Riemannian metric is an infinitesimal form of 
the corresponding Riemannian distance. 

As particular special cases of Riemannian Geometry, there occur Euclidean 
Geometry as well as the two standard types, Elliptic Geometry and Hyperbolic 
Geometry, of non-Euclidean Geometry. If the bilinear forms ((gj)) are nonde- 
generate but indefinite, one obtains pseudo-Riemannian Geometry. In the case of 
dimension four (and signature (1, 3)) it is the main object of the General Theory of 
Relativity. 

If ds = F(x,,...,Xn,d%1,...,d%,), where F is a real positive-definite convex 
function which cannot be given as the square root of a symmetric bilinear form (as 
in the Riemannian case), one obtains the Finsler Geometry generalizing Riemannian 
Geometry. 

Hermitian Geometry studies complex manifolds equipped with Hermitian met- 
rics, i.e., collections of positive-definite symmetric sesquilinear forms (or 3-linear 


© Springer-Verlag Berlin Heidelberg 2016 135 
M.M. Deza, E. Deza, Encyclopedia of Distances, 
DOI 10.1007/978-3-662-52844-0_7 





136 7 Riemannian and Hermitian Metrics 


forms) since they are linear in one argument and antilinear in the other) on their 
tangent spaces, which vary smoothly from point to point. It is a complex analog of 
Riemannian Geometry. 

A special class of Hermitian metrics form Kahler metrics which have a 
closed fundamental form w. A generalization of Hermitian metrics give complex 
Finsler metrics which cannot be written as a bilinear symmetric positive-definite 
sesqulinear form. 


7.1 Riemannian Metrics and Generalizations 


A real n-manifold M" with boundary is (cf. Chap. 2) a Hausdorff space in which 
every point has an open neighborhood homeomorphic to either an open subset of 
{”, or an open subset of the closed half of E”. The set of points which have an 
open neighborhood homeomorphic to E” is called the interior (of the manifold); it 
is always nonempty. 

The complement of the interior is called the boundary (of the manifold); it is an 
(n — 1)-dimensional manifold. If it is empty, one obtains a real n-manifold without 
boundary. Such manifold is called closed if it is compact, and open, otherwise. 

An open set of M” together with a homeomorphism between the open set and 
an open set of E” is called a coordinate chart. A collection of charts which cover 
M” is an atlas on M". The homeomorphisms of two overlapping charts provide a 
transition mapping from a subset of E” to some other subset of E”. 

If all these mappings are continuously differentiable, then M” is a differentiable 
manifold. If they are k times (infinitely often) continuously differentiable, then the 
manifold is a C* manifold (respectively, a smooth manifold, or C® manifold). 

An atlas of a manifold is called oriented if the Jacobians of the coordinate 
transformations between any two charts are positive at every point. An orientable 
manifold is a manifold admitting an oriented atlas. 

Manifolds inherit many local properties of the Euclidean space: they are locally 
path-connected, locally compact, and locally metrizable. Every smooth Riemannian 
manifold embeds isometrically (Nash, 1956) in some finite-dimensional Euclidean 
space. 

Associated with every point on a differentiable manifold is a tangent space and 
its dual, a cotangent space. Formally, let M" be a C* manifold, k > 1, and pa 
point of M”. Fix a chart g : U — E”, where U is an open subset of M” containing 
p. Suppose that two curves y! : (—1,1) — M" and y? : (-1,1) — M" with 
y'(0) = y?(0) = pare given such that g - y! and g - y” are both differentiable at 0. 

Then y! and y? are called tangent at 0 if (g - y!)'(0)= (g- y?) (0). If the 
functions g - y’ : (—1,1) > E", i = 1,2, are given by n real-valued component 
functions (y-y'),(t),...,(@-y')n(d), the condition above means that their Jacobians 





































































































(427 1D) nas mnt) coincide at 0. This is an equivalence relation, and the 


equivalence class y’ (0) of the curve y is called a tangent vector of M” at p. 
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The tangent space T,(M") of M” at p is defined as the set of all tangent vectors 
at p. The function (dg), : T,(M") — E” defined by (dg),(y'(0)) = (y-y) (0), 
is bijective and can be used to transfer the vector space operations from E” over to 
T,(M"). 

All the tangent spaces T,(M"), p € M", when “glued together’, form the tangent 
bundle T(M") of M". Any element of T(M") is a pair (p, v), where v € T,(M"). 

If for an open neighborhood U of p the function g : U — R” is a coordinate 
chart, then the preimage V of U in T(M”) admits a mapping w : V > R” x R” 
defined by W(p,v) = (y(p),dg(:p)). It defines the structure of a smooth 2n- 
dimensional manifold on T(M”). The cotangent bundle T*(M") of M” is obtained 
in similar manner using cotangent spaces T; (M"), p< M". 

A vector field on a manifold M” is a section of its tangent bundle T(M”), i.e., a 
smooth function f : M"” — T(M") which assigns to every point p € M” a vector 
v €T,(M"). 

A connection (or covariant derivative) is a way of specifying a derivative of a 
vector field along another vector field on a manifold. 

Formally, the covariant derivative V of a vector u (defined at a point p € M") in 
the direction of the vector v (defined at the same point p) is a rule that defines a third 
vector at p, called V,u which has the properties of a derivative. A Riemannian metric 
uniquely defines a special covariant derivative called the Levi-Civita connection. 
It is the torsion-free connection V of the tangent bundle, preserving the given 
Riemannian metric. 

The Riemann curvature tensor R is the standard way to express the curvature of 
Riemannian manifolds. The Riemann curvature tensor can be given in terms of the 
Levi-Civita connection V by the following formula: 


























Riu, v)w = ViuVow = VuVuw =, Viuv|Ws 


where R(u, v) is a linear transformation of the tangent space of the manifold M"; 


it is linear in each argument. If u = i and v = ne are coordinate vector fields, 
7 





then [u, v] = 0, and the formula simplifies to R(u, vw = V,Vyw— Vy VW, ie., the 
curvature tensor measures anti-commutativity of the covariant derivative. The linear 
transformation w > R(u, v)w is also called the curvature transformation. 

The Ricci curvature tensor (or Ricci curvature) Ric is obtained as the trace of the 
full curvature tensor R. It can be thought of as a Laplacian of the Riemannian metric 
tensor in the case of Riemannian manifolds. Ricci curvature is a linear operator on 
the tangent space at a point. Given an orthonormal basis (e;); in the tangent space 
T,(M"), we have 


Ric(u) = S> Ru, eer. 


The value of Ric(u) does not depend on the choice of an orthonormal basis. Starting 
with dimension four, the Ricci curvature does not describe the curvature tensor 
completely. 
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The Ricci scalar (or scalar curvature) Sc of a Riemannian manifold M” is the 
full trace of the curvature tensor; given an orthonormal basis (e;); at p € M", we 
have 


Sc = DRE, ej)ej, ei) = y (Ric(e;). ei). 


ij i 


The sectional curvature K(o) of a Riemannian manifold M” is defined as the 
Gauss curvature of an o-section at a point p € M", where a o-section is a locally- 
defined piece of surface which has the 2-plane o as a tangent plane at p, obtained 
from geodesics which start at p in the directions of the image of o under the 
exponential mapping. 


¢ Metric tensor 

The metric (or basic, fundamental) tensor is a symmetric tensor of rank 2, 
that is used to measure distances and angles in a real n-dimensional differentiable 
manifold M”. Once a local coordinate system (x;); is chosen, the metric tensor 
appears as a real symmetric n x n matrix ((g,)). 

The assignment of a metric tensor on M” introduces a scalar product (i.e., 
symmetric bilinear, but in general not positive-definite, form) (, ), on the tangent 
space T,,(M") at any p € M” defined by 


(x. 9)p = gy) = >- gy(P)xv, 


iy 


where x = (X1,...,Xn), ¥ = (1,---.¥n) © Tp(M"). The collection of all these 
scalar products is called the metric g with the metric tensor ((gj)). The length ds 
of the vector (dx;,...,d%,) is expressed by the quadratic differential form 


ds* = S > gidxid;, 


if 


which is called the line element (or first fundamental form) of the metric g. 
The length of a curve y is expressed by the formula iF af Doi j 8iAxidx;. In 


general it may be real, purely imaginary, or zero (an isotropic curve). 

Let p, g and r be the numbers of positive, negative and zero eigenvalues of the 
matrix ((gj)) of the metric g; so, p-+q+r =n. The metric signature (or, simply, 
signature) of g is the pair (p, g). A nondegenerated metric (i.e., one with r = 0) 
is Riemannian or pseudo-Riemannian if its signature is positive-definite (q = 0) 
or indefinite (pq > 0), respectively. 

The nonmetricity tensor is the covariant derivative of a metric tensor. It is 0 
for Riemannian metrics but can be 4 0 for pseudo-Riemannian ones. 
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¢ Nondegenerate metric 

A nondegenerate metric is a metric g with the metric tensor ((g,)), for which 
the metric discriminant det((gj)) A 0. All Riemannian and pseudo-Riemannian 
metrics are nondegenerate. 

A degenerate metric is a metric g with det((g;)) = 0 (cf. semi-Riemannian 
metric and semi-pseudo-Riemannian metric). A manifold with a degenerate 
metric is called an isotropic manifold. 

¢ Diagonal metric 

A diagonal metric is a metric g with a metric tensor ((gj)) which is zero for 
i # j. The Euclidean metric is a diagonal metric, as its metric tensor has the form 
si 1, gi = 0 fori # j. 

¢ Riemannian metric 

Consider a real n-dimensional differentiable manifold M” in which each 
tangent space is equipped with an inner product (i.e., a symmetric positive- 
definite bilinear form) which varies smoothly from point to point. 

A Riemannian metric on M” is a collection of inner products (,), on the 
tangent spaces T,,(M"), one for each p € M”. 

Every inner product (, ), is completely defined by inner products (ej, e;)) = 
gij(p) of elements e1,..., e, of a standard basis in E”, i.e., by the real symmetric 
and positive-definite n x n matrix ((gj)) = ((gi(p))), called a metric tensor. 
In fact, (x, Y)p = )0;; 8i(p)xiyj, Where x = (X1,.-.,Xn) and y = (y1,.--, Yn) € 
T,(M"). The smooth function g completely determines the Riemannian metric. 

A Riemannian metric on M” is not an ordinary metric on M". However, for 
a connected manifold M”, every Riemannian metric on M” induces an ordinary 
metric on M", in fact, the intrinsic metric of M”, 

For any points p,g € M” the Riemannian distance between them is defined 


1 
int f 
Y Jo 


where the infimum is over all rectifiable curves y : [0,1] — M", connecting p 
and q. 

A Riemannian manifold (or Riemannian space) is a real n-dimensional 
differentiable manifold M” equipped with a Riemannian metric. The theory of 
Riemannian spaces is called Riemannian Geometry. The simplest examples of 
Riemannian spaces are Euclidean spaces, hyperbolic spaces, and elliptic spaces. 

¢ Conformal metric 

A conformal structure on a vector space V is a class of pairwise-homothetic 
Euclidean metrics on V. Any Euclidean metric dg on V defines a conformal 
structure {Adg : A > O}. 

A conformal structure on a manifold is a field of conformal structures on the 
tangent spaces or, equivalently, a class of conformally equivalent Riemannian 
metrics. Two Riemannian metrics g and hf on a smooth manifold M” are called 














as 





140 7 Riemannian and Hermitian Metrics 


conformally equivalent if g = f - h for some positive function f on M”, called a 
conformal factor. 

A conformal metric is a Riemannian metric that represents the conformal 
structure. Cf. conformally invariant metric in Chap. 8. 

¢ Conformal space 

The conformal space (or inversive space) is the Euclidean space E” extended 
by an ideal point (at infinity). Under conformal transformations, i.e., continuous 
transformations preserving local angles, the ideal point can be taken to be an 
ordinary point. Therefore, in a conformal space a sphere is indistinguishable from 
a plane: a plane is a sphere passing through the ideal point. 

Conformal spaces are considered in Conformal (or angle-preserving, Mobius) 
Geometry in which properties of figures are studied that are invariant under 
conformal transformations. It is the set of transformations that map spheres into 
spheres, i.e., generated by the Euclidean transformations together with inversions 














eae . : 2 
which in coordinate form are conjugate to x; > <= “ty , where r is the radius 
j xj 


of the inversion. An inversion in a sphere becomes an everywhere well defined 
automorphism of period two. Any angle inverts into an equal angle. 

The 2D conformal space is the Riemann sphere, on wae “ conformal 
5 ad—be #0. 

In general, a conformal mapping between two Riemannian manifolds is a 
diffeomorphism between them such that the pulled back metric is conformally 
equivalent to the original one. A conformal Euclidean space is a Riemannian 
space admitting a conformal mapping onto an Euclidean space. 

In the General Theory of Relativity, conformal transformations are considered 
on the Minkowski space R'* extended by two ideal points. 

¢ Space of constant curvature 

A space of constant curvature is a Riemannian space M" for which the 
sectional curvature K(o) is constant in all 2D directions o. 

A space form is a connected complete space of constant curvature k. Examples 
of a flat space form, i.e., with k = 0, are the Euclidean space and flat torus. The 
sphere and hyperbolic space are space forms with k > 0 and k < 0, respectively. 

¢ Generalized Riemannian space 

A generalized Riemannian space is a metric space with the intrinsic metric, 
subject to certain restrictions on the curvature. Such spaces include spaces of 
bounded curvature, Riemannian spaces, etc. They are defined and investigated 
on the basis of their metric alone, without coordinates. 

A space of bounded curvature (< k and > k’) is defined by the condition: for 
any sequence of geodesic triangles T,, contracting to a point, we have 











BT) jin ST) 


k > lim o(T) = im o(T) = >k, 








where a geodesic triangle T = xyz is the triplet of geodesic segments [x, y], [y, z], 
[z, x] (the sides of T) connecting in pairs three different points x,y,z, 6(T) = 
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a + B + y —7 is the excess of the geodesic triangle T, and o(T°) is the area of 
a Euclidean triangle T° with the sides of the same lengths. The intrinsic metric 
on the space of bounded curvature is called a metric of bounded curvature. 
Such a space turns out to be Riemannian under two additional conditions: 
local compactness of the space (this ensures the condition of local existence of 
geodesics), and local extendability of geodesics. If in this case k = k, itis a 
Riemannian space of constant curvature k (cf. space of geodesics in Chap. 6). 


A space of curvature < k is defined by the condition lim 379 <k. In sucha 


space any point has a neighborhood in which the sum a + 6 + y of the angles 
of a geodesic triangle T does not exceed the sum a, + Bx + yx of the angles of a 
triangle 7" with sides of the same lengths in a space of constant curvature k. The 
intrinsic metric of such space is called a k-concave metric. 





5(Tn 
on) > k. In such 


a space any point has a neighborhood in which a + B + y > ag + Be t+ Ve 
for triangles T and T*. The intrinsic metric of such space is called a K-concave 
metric. 

An Alexandrov metric space is a generalized Riemannian space with upper, 
lower or integral curvature bounds. Cf. a CAT(x,) space in Chap. 6. 

¢ Complete Riemannian metric 

A Riemannian metric g on a manifold M” is called complete if M" forms a 
complete metric space with respect to g. 

Any Riemannian metric on a compact manifold is complete. 

* Ricci-flat metric 

A Ricci-flat metric is a Riemannian metric with vanished Ricci curvature 
tensor. 

A Ricci-flat manifold is a Riemannian manifold equipped with a Ricci-flat 
metric. Ricci-flat manifolds represent vacuum solutions to the Einstein field 
equation, and are special cases of Kdhler—Einstein manifolds. Important Ricci- 
flat manifolds are Calabi-Yau manifolds, and hyper-Kdhler manifolds. 

¢ Osserman metric 

An Osserman metric is a Riemannian metric for which the Riemannian 
curvature tensor R is Osserman, i.e., the eigenvalues of the Jacobi operator 
I(x) : y — R(y,x)x are constant on the unit sphere S"—' in E” (they are 
independent of the unit vectors x). 

¢ G-invariant Riemannian metric 

Given a Lie group (G,-,id) of transformations, a Riemannian metric g on a 
differentiable manifold M” is called G-invariant, if it does not change under any 
x € G. The group (G, -, id) is called the group of motions (or group of isometries) 
of the Riemannian space (M", g). Cf. G-invariant metric in Chap. 10. 

¢ Ivanov—Petrova metric 

Let R be the Riemannian curvature tensor of a Riemannian manifold M", and 
let {x, y} be an orthogonal basis for an oriented 2-plane z in the tangent space 
T,(M") at a point p of M”. 





A space of curvature > k is defined by the condition lim 
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The Ivanov—Petrova metric is a Riemannian metric on M” for which the 
eigenvalues of the antisymmetric curvature operator R(a) = R(x, y) ([IvSt95]) 
depend only on the point p of a Riemannian manifold M”, but not upon the plane 
I. 

Zoll metric 

A Zoll metric is a Riemannian metric on a smooth manifold M" whose 
geodesics are all simple closed curves of an equal length. A 2D sphere S? admits 
many such metrics, besides the obvious metrics of constant curvature. In terms 
of cylindrical coordinates (z, 8) (z € [—1, 1], 6 € [0, 27r]), the line element 

2 
i= (1 +f@) d2 + (1—2)d6? 

1-2 
defines a Zoll metric on S? for any smooth odd function f : [-1,1] > (-1,1) 
which vanishes at the endpoints of the interval. 

Berger metric 

The Berger metric is a Riemannian metric on the Berger sphere (i.e., the 

three-sphere S? squashed in one direction) defined by the line element 


ds’ = d0” + sin? 6dp* + cos’ a(dy + cos 6d¢)’, 


where @ is a constant, and 0, ¢, w are Euler angles. 
Cycloidal metric 

The cycloidal metric is a Riemannian metric on the half-plane R2. = {x € 
IR? : x2 > 0} defined by the line element 


= dxt + dx3 
2x2 : 


ds* 


It is called cycloidal because its geodesics are cycloid curves. The correspond- 
ing distance d(x, y) between two points x, y € R72 is equivalent to the distance 


[x1 = y1| + [x2 = yal 


JX, + /%2 + [x2 — y2| 


in the sense that d < Cp, and p < Cd for some positive constant C. 
Klein metric 

The Klein metric is a Riemannian metric on the open unit ball B" = {x € 
R” : ||x||2 < 1} in R” defined by 





p(x, y) = 





Vllv13 - (sl BIyIB = b9)) 





1 — [all 
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for any x € B” and y € T,(B"), where ||.||2 is the Euclidean norm on R”, and (, ) 
is the ordinary inner product on R". 
The Klein metric is the hyperbolic case a = —1 of the general form 





V1 + allel? )lby|? = a(x, y)? 
1 +l? 





’ 


while a = 0, 1 correspond to the Euclidean and spherical cases. 
¢ Carnot—Carathéodory metric 

A distribution (or polarization) on a manifold M” is a subbundle of the 
tangent bundle T(M") of M". Given a distribution H(M"), a vector field in H(M") 
is called horizontal. A curve y on M” is called horizontal (or distinguished, 
admissible) with respect to H(M") if y’(t) € Hy (M") for any t. 

A distribution H(M") is called completely nonintegrable if the Lie brackets 
of H(M"), ie., [--- ,[H(M"),H(M")]], span the tangent bundle T(M”), ice., 
for all p ¢€ M” any tangent vector v from 7,(M”) can be presented as 
a linear combination of vectors of the following types: u, [u, w], [u, [w, d]], 
[u, [w, [¢, s]]],--- € 7,(M"), where all vector fields u, w, t,s,... are horizontal. 

The Carnot—Carathéodory metric (or CC metric, sub-Riemannian met- 
ric, control metric) is a metric on a manifold M” with a completely nonintegrable 
horizontal distribution H(M”) defined as the section gc of positive-definite scalar 
products on H(M"). The distance dc(p,q) between any points p,q € M” is 
defined as the infimum of the gc-lengths of the horizontal curves joining p and gq. 

A sub-Riemannian manifold (or polarized manifold) is a manifold M” 
equipped with a Carnot—Carathéodory metric. It is a generalization of a 
Riemannian manifold. Roughly, in order to measure distances in a sub- 
Riemannian manifold, one is allowed to go only along curves tangent to 
horizontal spaces. 

¢ Pseudo-Riemannian metric 

Consider a real n-dimensional differentiable manifold M” in which every 
tangent space 7,(M"), p € M”, is equipped with a scalar product which varies 
smoothly from point to point and is nondegenerate, but indefinite. 

A pseudo-Riemannian metric on M” is a collection of scalar products (, ), 
on the tangent spaces T,(M"), p € M”, one for each p € M”. 

Every scalar product (, ), is completely defined by scalar products (e;, e;)) = 
gij(p) of elements e1,..., e, of a standard basis in E”, i.e., by the real symmetric 
indefinite n x n matrix ((gj)) = ((gy(p))), called a metric tensor (cf. 
Riemannian metric in which case this tensor is not only nondegenerate but, 
moreover, positive-definite). 

In fact, (x,y)p = )0,;8i(p)xiyj, where x = (X1,...,%) and y = 
(1,---,Yn) € T,(M"). The smooth function g determines the pseudo- 
Riemannian metric. 
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The length ds of the vector (dx,,..., dx,) is given by the quadratic differential 
form 


ds? = 2 gijdxjdx;. 


iy 


The length of a curve y : [0, 1] — M” is expressed by the formula 





dx; aK 


ee [ 28 Sit ao 


In general it may be real, purely imaginary or zero (an isotropic curve). 

A pseudo-Riemannian metric on M” is a metric with a fixed, but indefinite 
signature (p,q), p + q = n. A pseudo-Riemannian metric is nondegenerate, 
i.e., its metric discriminant det((g)) 4 0. Therefore, it is a nondegenerate 
indefinite metric. 

A pseudo-Riemannian manifold (or pseudo-Riemannian space) is a real n- 
dimensional differentiable manifold M” equipped with a pseudo-Riemannian 
metric. The theory of pseudo-Riemannian spaces is called Pseudo-Riemannian 
Geometry. 

Pseudo-Euclidean distance 

The model space of a pseudo-Riemannian space of signature (p,q) is the 
pseudo-Euclidean space R?“’, p + q = n which is a real n-dimensional vector 
space IR” “tuppes with the metric tensor ((gj)) of signature (p, g) defined, for 
ix j, by B11 = +++ = 8pp = 1, Spti pti = ++ = Bin = —1, gy = 0. 

The line element of the corresponding metric is given by 

ds’ = dx +--+ + dx — dx, —--- — deg. 

The pseudo-Euclidean distance of signature (p, g = n—p) on R" is defined 
by 


doe (X,Y) = D(x, y) = De yi) _ 3 (xj - yi? 


i=p+1 


Such a pseudo-Euclidean space can be seen as R? x iR4%, where i = “at, 

The pseudo-Euclidean space with (p,q) = (1,3) is used as flat space-time 
model of Special Relativity; cf. Minkowski metric in Chap. 26. 

The points correspond to events; the line spanned by x and y is space-like 
if D(x, y) > 0 and time-like if D(x, y) < 0. If D(x, y) > 0, then ./D(x, y) is 
Euclidean distance and if D(x, y) < 0, then ./|D(x, y)| is the lifetime of a particle 
(from x to y). 
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The pseudo-Euclidean distance of signature (p,g = n—p) is the case A = 
diag(a;) with a, = 1 for 1 < i < panda; = —1 forp+1 <i < n, of the 
weighted Euclidean distance ‘/ Yo i<ien Gi(Ki — yi)? in Chap. 17. 

¢ Blaschke metric 

The Blaschke metric on a nondegenerate hypersurface is a pseudo- 
Riemannian metric, associated to the affine normal of the immersion ¢ : M” > 
R"t!, where M” is an n-dimensional manifold, and Rt! is considered as an 
affine space. 

¢ Semi-Riemannian metric 

A semi-Riemannian metric on a real n-dimensional differentiable manifold 
M” is a degenerate Riemannian metric, i.e., a collection of positive-semidefinite 
scalar products (x, y)p = vii gij(p)xiy; on the tangent spaces T,(M"), p € M"; 
the metric discriminant det((gj)) = 0. 

A semi-Riemannian manifold (or semi-Riemannian space) is a real n- 
dimensional differentiable manifold M” equipped with a semi-Riemannian 
metric. 

The model space of a semi-Riemannian manifold is the semi-Euclidean space 
R’, d = 1 (sometimes denoted also by R}__,), i-e., a real n-dimensional vector 
space R” equipped with a semi-Riemannian metric. 

It means that there exists a scalar product of vectors such that, relative to a 
suitably chosen basis, the scalar product (x,x) has the form (x,x) = ae ~ 
The number d > | is called the defect (or deficiency) of the space. 

¢ Grushin metric 

The Grushin metric is a semi-Riemannian metric on R? defined by the line 

element 





2 


d. 
ds’ = dx; -+ aes 
xy 


¢« Agmon distance 
The Agmon metric attached to an energy E and a potential V is defined as 


ds’ = max{0, V(x) — Eo(h)$dx’, 


where dx? is the standard metric on R¢. Then the Agmon distance on R® is the 
corresponding Riemannian distance defined, for any x, y € R%, by 





1 
int i /max{V(y(9) — Eo), 0} - |y’ (lds : yO) =x, 70) =y.7 € C4. 


¢ Semi-pseudo-Riemannian metric 
A semi-pseudo-Riemannian metric on a real n-dimensional differentiable 
manifold M” is a degenerate pseudo-Riemannian metric, i.e., a collection of 
degenerate indefinite scalar products (x,y)) = Yi; ; ii(P)xiyj On the tangent 
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spaces T,,(M"), p © M”, the metric discriminant det((g;)) = 0. In fact, a semi- 
pseudo-Riemannian metric is a degenerate indefinite metric. 

A semi-pseudo-Riemannian manifold (or semi-pseudo-Riemannian space) 
is a real n-dimensional differentiable manifold M" equipped with a semi- 
pseudo-Riemannian metric. The model space of such manifold is the semi- 
pseudo-Euclidean space Rj, , 1-€., a vector space IR” equipped with a 


semi-pseudo-Riemannian metric. i? 

It means that there exist r scalar products (x,y), = >> €;,x;,)i,, Where a = 
1,...7,0 = mp <m <+++<m, =N, ig = mMg-1 + 1,...Ma, &, = £1, and—-1 
occurs 1, times among the numbers €;,. The product (x,y), is defined for those 
vectors for which all coordinates x;, i < mg_, or i > mg + | are zero. 

The first scalar square of an aay vector x is a degenerate quadratic form 
(x,x)) = — yes xy + Bak Sates The number /; > 0 is called the index, and 
the number d = n — mz, is called the defect of the space. If 4) = --- = 1, 

0, we obtain a semi-Euclidean space. The spaces R® and R?, are called es 


Euclidean spaces. 


The semi-pseudo-non-Euclidean space Sj, 18 ahhypersphere in Re lp 


fares Myp— MY] y-5Mp— 


with identified genes points. It is called semielliptic (or semi-non- -Euclidean) 
space if 1, =--- =1, = 0 anda semihyperbolic space if there exist l; 4 0. 
¢ Finsler sacirie 
Consider a real n-dimensional differentiable manifold M” in which every 
tangent space T,,(M”), p € M", is equipped with a Banach norm ||.|| such that 
the Banach norm as a function of position is smooth, and the matrix ((g;)), 


1 ||x|/? 
2 Ox;0X; * 





= gi(p. x)= 


is positive-definite for any p € M” and any x € T,(M”"). 
A Finsler metric on M" is a collection of Banach norms |].|| on the tangent 
spaces T,(M"), one for each p € M”. Its line element has the form 


ds? = s gijdxjdx;. 


iy 


The Finsler metric can be given by fundamental function, i.e., a real positive- 
definite convex function F(p, x) of p € M” and x € T,(M") acting at the point p. 
F(-p,x) is positively homogeneous of degree one in x: F(p, Ax) = AF(p,x) for 
every A > 0. Then F(p, x) is the length of the vector x. 

The Finsler metric tensor has the form ((gi)) = ((4 ore 7 )). The length of 





acurve y : [0,1] — M” is given by ri F(p, ® Yat. For each fixed p the Finsler 
metric tensor is Riemannian in the variables x. 
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The Finsler metric is a generalization of the Riemannian metric, where the 
general definition of the length ||x|| of a vector x € T,(M") is not necessarily 
given in the form of the square root of a symmetric bilinear form as in the 
Riemannian case. 

A Finsler manifold (or Finsler space) is a real differentiable n-manifold M” 
equipped with a Finsler metric. The theory of such spaces is Finsler Geometry. 

The difference between a Riemannian space and a Finsler space is that the 
former behaves locally like a Euclidean space, and the latter locally like a 
Minkowskian space or, analytically, the difference is that to an ellipsoid in the 
Riemannian case there corresponds an arbitrary convex surface which has the 
origin as the center. 

A pseudo-Finsler metric F is defined by weakening the definition of a 
Finsler metric): ((gj)) should be nondegenerate and of constant signature (not 
necessarily positive-definite) and hence F could be negative. The pseudo-Finsler 
metric is a generalization of the pseudo-Riemannian metric. 

¢ (a, 6)-metric 

Let a(x, y) = \/aj(x)y’y/ be a Riemannian metric and B(x, y) = bj(x)y' be a 

1-form on a n-dimensional manifold M”. Let s = B and $(s) is an C°-positive 


function on some symmetric interval (—r,r) with r > e for all (x,y) in the 
tangent bundle TM = U,ey7T,(M") of the tangent spaces T,(M"). Then F = 
ad(s) is a Finsler metric (Matsumoto, 1972) called an (a, 8)-metric. The main 
examples of (a, 8)-metrics follow. 

The Kropina metric is the case #(s) = -,ie., F = ©, 

The generalized Kropina metric is hee case @(s) = 8", ie., F = B"a!-™, 
The Randers metric (1941) is the case #(s) = 1 5 S, Le. ae =a - B. 


The Matsumoto slope metric is the case ¢(s) = a Set = os. 


The Riemann-type (qa, £)-metric is the case ¢(s) = V1+s7, ie, F = 
a? + B?. 
Park and Lee, 1998, considered the case ¢(s) = 1+ 5’, i.e., F =a + cE 


¢ Shen metric 
Given a vector a € R", ||a||2 < 1, the Shen metric (2003) is a Finsler metric 
on the open unit ball B" = {x € R": ||x||2 < 1} in R” defined by 





VIbI3-AaBlbIB- 99+ 69) (a,93 
1 |Ielh3 Phen) 





for any x € B” and y € T,(B"), where ||.||2 is the Euclidean norm on R”, and 
(,) is the ordinary inner product on R”. It is a Randers metric and a projective 
metric. Cf. Klein metric and Berwald metric. 
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¢ Berwald metric 
The Berwald metric (1929) is a Finsler metric Fg, on the open unit ball 
B" = {x € R": ||x||2 < 1} in R” defined, for any x € B” and y € T,.(B"), by 





2, 
( l= Gla BIb1B = 99°) + sod) 
(1 [Is113)? ylip13 — (belBIbIB — G99) 








where ||.||2 is the Euclidean norm on R", and (, ) is the inner product on R”". It is 
a projective metric and an (a, 8)-metric with 6(s) = (1+s)?, i.e., F = oy, 

The Riemannian metrics are special Berwald metrics. Every Berwald metric 
is affinely equivalent to a Riemannian metric. 

In general, every Finsler metric on a manifold M” anauces a spray (second- 
order homogeneous ordinary differential equation) ye — 2G! ie which deter- 
mines the geodesics. A Finsler metric is a Berwald metric if the spray coefficients 
G' = Gi(x,y) are quadratic in y € 7,(M") at any point x € M",ie., Go = 
ahi Qdy’y*. 

A Finsler metric is a more general Landsberg metric Ty = 59,9, dye (V4 “tk (x)yy*). 
The Landsberg metric is the one for which the Landsberg curvature (the covariant 
derivative of the Cartan torsion along a geodesic) is zero. 

¢ Douglas metric 

A Douglas metric a Finsler metric for which the spray coefficients Gi = 

G'(x, y) have the following form: 


: jane 
C= aT yine + PO Yyi- 


Every Finsler metric which is projectively equivalent to a Berwald metric 
is a Douglas metric. Every Berwald metric is a Douglas metric. Every known 
Douglas metric is (locally) projectively equivalent to a Berwald metric. 

¢ Bryant metric 


Let a be an angle with |a| < 5. Let, for any x,y € R",A = I|y||$ sin? 2a + 


2 
(IlvlI3 cos 2a + |[alI5IIyll5 — @y)?), B= Ilyll3cos 2a + |[xlIIlvl5 — (ey), 
C = (x,y) sin2a, D = ||x||} + 2||x||3 cos 2a + 1. Then we get a Finsler metric 


VA+B (S) C 
+ fe 
2D D D 








On the 2D unit sphere S”, it is the Bryant metric (1996). 
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¢ m-th root pseudo-Finsler metric 
An m-th root pseudo-Finsler metric is (Shimada, 1979) a pseudo-Finsler 
metric defined (with a;,__;,, Symmetric in all its indices) by 


F(x, y) = (Gi... Oy") n, 


For m = 2, it is a pseudo-Riemannian metric. The 3-rd and 4-th root pseudo- 
Finsler metrics are called cubic metric and quartic metric, respectively. 
¢ Antonelli-Shimada metric 
The Antonelli-Shimada metric (or ecological Finsler metric) is an m-th 
root pseudo-Finsler metric defined, via linearly independent 1-forms a’, by 


Fy) = Ola)". 


i=1 


The Uchijo metric is defined, for a constant k, by 


F(x.y) = (Qa)? + kal. 


i=1 


¢ Berwald—Moor metric 
The Berwald—Mo6or metric is an m-th root pseudo-Finsler metric, defined 
by 


F(x,y) = 6! ...y")r. 


More general Asanov metric is defined, via linearly independent 1-forms a’, 
by 


F(x, y) = (a'...a")", 


The Berwald—Mo6r metrics with n = 4 andn = 6 are applied in Relativity 
Theory and Diffusion Imaging, respectively. The pseudo-Finsler spaces which 
are locally isomorphic to the 4-th root Berwald—Mo6r metric, are expected to be 
more general and productive space-time models than usual pseudo-Riemannian 
spaces, which are locally isomorphic to the Minkowski metric. 

¢ Kawaguchi metric 

The Kawaguchi metric is a metric on a smooth n-dimensional manifold M”, 

given by the arc element ds of a regular curve x = x(t), t € [fo, t)] via the formula 


dkx 


Ha ag 


ds = F(x, ia 
dt 
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where the metric function F satisfies Zermelo’s conditions: he 1 sx F (i = F, 


Dia GST HV Fy, = 0, x0! = OF, Fig; = OH, andr = 2,...,k. 

These conditions ensure that the arc element ds is independent of the 
parametrization of the curve x = x(f). 

A Kawaguchi manifold (or Kawaguchi space) is a smooth manifold equipped 
with a Kawaguchi metric. It is a generalization of a Finsler manifold. 

e Lagrange metric 

Consider a real n-dimensional manifold M”. A set of symmetric nonde- 
generated matrices ((g(p,x))) define a generalized Lagrange metric on M" 
if a change of coordinates (p,x) — (q,y), such that gq; = qj(P1,---,Pn), 
yi = (9jqi)xj and rank (0;q;) = n, implies gi(p,x) = (0:41) (0jq;) gii(4. Y)- 

A generalized Lagrange metric is called a Lagrange metric if there exists a 
Lagrangian, i.e., a smooth function L(p, x) such that it holds 





ee: 1 oL(p,x) 
ae aaa 2 OxjOx; , 


Every Finsler metric is a Lagrange metric with L = F”. 

¢ DeWitt supermetric 

The DeWitt supermetric (or Wheeler-DeWitt supermetric) G = ((Gjx)) 
calculates distances between metrics on a given manifold, and it is a generaliza- 
tion of a Riemannian (or pseudo-Riemannian) metric g = ((g;)). 

For example, for a given connected smooth 3-dimensional manifold M3, 
consider the space M(M?) of all Riemannian (or pseudo-Riemannian) metrics on 
M®. Identifying points of M(M?*) that are related by a diffeomorphism of M?, one 
obtains the space Geom(M?) of 3-geometries (of fixed topology), points of which 
are the classes of diffeomorphically equivalent metrics. The space Geom(M?) 
is called a superspace. It plays an important role in several formulations of 
Quantum Gravity. 

A supermetric, i.e., a “metric on metrics”, is a metric on M(M?*) (or on 
Geom(M?)) which is used for measuring distances between metrics on M? (or 
between their equivalence classes). Given g = ((g;)) € M(M°), we obtain 


Bel? =f axo™Oy5ey(e)8su00. 


where G! is the inverse of the DeWitt supermetric 

(ug + BiB — A8y8u) 
(Si Bil 1 SiS jk — ASSKI)- 
2 /det((gij)) 


The value A parametrizes the distance between metrics in M(M?), and may take 
any real value except A = <, for which the supermetric is singular. 


Gijkt = 
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¢ Lund-Regge supermetric 

The Lund—Regge supermetric (or simplicial supermetric) is an analog of 
the DeWitt supermetric, used to measure the distances between simplicial 3- 
geometries in a simplicial configuration space. 

More exactly, given a closed simplicial 3D manifold M? consisting of several 
tetrahedra (i.e., 3-simplices), a simplicial geometry on M? is fixed by an 
assignment of values to the squared edge lengths of M?, and a flat Riemannian 
Geometry to the interior of each tetrahedron consistent with those values. 

The squared edge lengths should be positive and constrained by the triangle 
inequalities and their analogs for the tetrahedra, i.e., all squared measures 
(lengths, areas, volumes) must be nonnegative (cf. tetrahedron inequality in 
Chap. 3). 

The set 7(M*) of all simplicial geometries on M? is called a simplicial 
configuration space. The Lund-Regge supermetric ((Ginn)) on T (M2) is induced 
from the DeWitt supermetric on M(M?), using for representations of points in 
T (M?) such metrics in M(M?) which are piecewise flat in the tetrahedra. 

¢ Space of Lorentz metrics 

Let M” be an n-dimensional compact manifold, and £(M") the set of all 
Lorentz metrics (i.c., the pseudo-Riemannian metrics of signature (n — 1, 1)) 
on M". 

Given a Riemannian metric g on M", one can identify the vector space S?(M") 
of all symmetric 2-tensors with the vector space of endomorphisms of the tangent 
to M” which are symmetric with respect to g. In fact, if h is the endomorphism 
associated to a tensor h, then the distance on S?(M") is given by 


d,(h,t) = sup y tr(hy —t,)?. 


xeM" 


The set £(M") taken with the distance d, is an open subset of S?(M") called 
the space of Lorentz metrics. Cf. manifold triangulation metric in Chap. 9. 

¢ Perelman supermetric proof 

The Thurston’s Geometrization Conjecture is that, after two well-known 
splittings, any 3D manifold admits, as remaining components, only one of eight 
Thurston model geometries. If true, this conjecture implies the validity of the 
famous Poincaré Conjecture of 1904, that any 3-manifold, in which every simple 
closed curve can be deformed continuously to a point, is homeomorphic to the 
3-sphere. 

In 2002, Perelman gave a gapless “sketch of an eclectic proof” of Thurston’s 
conjecture using a kind of supermetric approach to the space of all Riemannian 
metrics on a given smooth 3-manifold. In a Ricci flow the distances decrease in 
directions of positive curvature since the metric is time-dependent. Perelman’s 
modification of the standard Ricci flow permitted systematic elimination of 
arising singularities. 
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7.2 Riemannian Metrics in Information Theory 


Some special Riemannian metrics are commonly used in Information Theory. A list 
of such metrics is given below. 


¢ Thermodynamic metrics 

Given the space of all extensive (additive in magnitude, mechanically con- 
served) thermodynamic variables of a system (energy, entropy, amounts of 
materials), a thermodynamic metric is a Riemannian metric on the manifold of 
equilibrium states defined as the 2-nd derivative of one extensive quantity, usually 
entropy or energy, with respect to the other extensive quantities. This information 
geometric approach provides a geometric description of thermodynamic systems 
in equilibrium. 

The Ruppeiner metric (Ruppeiner, 1979) is defined by the line element 
ase = ghdx'dx! , where the matrix ((g#)) of the symmetric metric tensor is a 
negative Hessian (the matrix of 2-nd order partial derivatives) of the entropy 
function S: 


gh = —0,0;S(M, N*). 


Here M is the internal energy (which is the mass in black hole applications) 
of the system and N“ refer to other extensive parameters such as charge, 
angular momentum, volume, etc. This metric is flat if and only if the statistical 
mechanical system is noninteracting, while curvature singularities are a signal of 
critical behavior, or, more precisely, of divergent correlation lengths (Chap. 24). 

The Weinhold metric (Weinhold, 1975) is defined by gy = 0;0;M(S, N*). 

The Ruppeiner and Weinhold metrics are conformally equivalent (cf. confor- 
mal metric) via ds* = gidM 'dMi = t gy ds'ds! , where T is the temperature. 

The thermodynamic length in Chap. 24 is a path function that measures the 
distance along a path in the state space. 

¢ Fisher information metric 

In Statistics, Probability, and Information Geometry, the Fisher information 
metric is a Riemannian metric for a statistical differential manifold (see, for 
example, [Amar85, Frie98]). Formally, let pg = p(x, @) be a family of densities, 
indexed by n parameters 06 = (6),...,0,) which form the parameter manifold 
P. 

The Fisher information metric g = gg on P is a Riemannian metric, defined 
by the Fisher information matrix ((I(0),)), where 

















1(); = | nee Spe] = f ee) ere 


: , O)dx. 

06; 00, 06; ag, Pe 

It is a symmetric bilinear form which gives a classical measure (Rao measure) 
for the statistical distinguishability of distribution parameters. 
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Putting i(x, 9) = —Inp(x, 8), one obtains an equivalent formula 
07 i(x, 8) 0° i(x, 0) 
I 6 j= a — 0 d. . 
(Dy = Eo 00;90, 96,05, PO 4 


In a coordinate-free language, we get 











1(0)(u, v) = Eg [u(in pg) - vUnpe)], 





where u and v are vectors tangent to the parameter manifold P, and u(Inpe) = 
4 In po+u\t=0 is the derivative of In pg along the direction u. 

A manifold of densities M is the image of the parameter manifold P under 
the mapping 6 — pe with certain regularity conditions. A vector u tangent to 
this manifold is of the form u = 4 Po+t\t=0, and the Fisher information metric 
& = 8, on M, obtained from the metric gg on P, can be written as 


fu v 
SplUu, v) = Ihp E A 7 : 
P Pp 














e Fisher—Rao metric 
Let P, = {p € R" : )°_, pi = 1,p; > 0} be the simplex of strictly positive 


probability vectors. An element p € P,, is a density of the n-point set {1,..., 7} 
with p(i) = p;. An element u of the tangent space T;,(P,) = {u € R": 0, uj = 
0} at a point p € P,, is a function on {1,...,2} with u(i) = uj. 


The Fisher—Rao metric g, on P,, is a Riemannian metric defined by 





n 
UjV; 
8p(u, Vv) = 5 _ 
1 


i=1 
for any u,v € T,(P,), i.e., it is the Fisher information metric on P,,. 
The Fisher—Rao metric is the unique (up to a constant factor) Riemannian 
metric on P,,, contracting under stochastic maps ([Chen72]). 
This metric is isometric, by p > 2(./P1. site /Pn)> with the standard metric 
on an open subset of the sphere of radius two in R”. This identification allows 
one to obtain on P,, the geodesic distance, called the Rao distance, by 


2 arccos() pr?qi!?). 
i 


The Fisher—Rao metric can be extended to the set M,, = {p € R", p; > 0} of all 
finite strictly positive measures on the set {1,...,m}. In this case, the geodesic 
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distance on M,, can be written as 
20 (VP - VG)?)"? 


for any p,q € M, (cf. Hellinger metric in Chap. 14). 
* Monotone metrics 

Let M,, be the set of all complex n x n matrices. Let M C M,, be the manifold 
of all such positive-definite matrices. Lett D C M,D = {p € M: Trp = 1}, 
be the submanifold of all density matrices. It is the space of faithful states of an 
n-level quantum system; cf. distances between quantum states in Chap. 24. 

The tangent space of M at p € M is T,(M) = {x € M, : x = x*}, ie, 
the set of all n x n Hermitian matrices. The tangent space T,(D) at p € D is the 
subspace of traceless (i.e., with trace 0) matrices in T,(M). 

A Riemannian metric A on M is called monotone metric if the inequality 


Ano) (A(u), h(u)) S Ap(u, u) 


holds for any p € M, any u € T,(M), and any stochastic, i.e., completely 
positive trace preserving mapping h. 

It was proved in [Petz96] that A is monotone if and only if it can be written as 

Ap-(u, v) = Tr uJp(v), 

where J, is an operator of the form J, = FIRE: Here L, and R, are the 
left and the right multiplication operators, and f : (0,co) — R is an operator 
monotone function which is symmetric, i.e., f(t) = tf (t~'), and normalized, i.e., 
f(1) = 1. Then J,(v) = p~'v if v and p are commute, i.e., any monotone metric 
is equal to the Fisher information metric on commutative submanifolds. 

The Bures metric (or Helstrom metric) is the smallest monotone metric, 
$Tr(dpg), obtained for f(t) = a In this case J,(v) = g, pg + gp = 2v. 

For any p1, 92 € M the geodesic distance defined by the Bures metric, (cf. 
Bures distance in Chap. 24) can be written as 





( Tr(p1) + Tr(p2) — 2Tr(y/ /p124/P1)- 
On the submanifold D = {p € M : Trp = 1} of density matrices it has the form 


arccos Tr(4/ ./124//1)- 


The right logarithmic derivative metric (or RLD-metric) is the greatest 
monotone metric, corresponding to f(t) = aE ie., J,(v) = (ply +vp7'). 
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The Bogolubov—Kubo-Mori metric (or BKM-metric) is obtained for f(x) = 
a It can be written as A,(u, v) = 2 ira + su) In(p + tv)|s1=0- 
¢ Wigner—Yanase—Dyson metrics 
The Wigner-Yanase—-Dyson metrics (or WYD-metrics) form a family of 
metrics on the manifold M of all complex positive-definite n xn matrices defined 
by 


where fo(x) = ae if a # 1, and is Inx, if @ = 1. These metrics are 
monotone for a € [—3, 3]. Fora = +1 one obtains the Bogolubov-Kubo-Mori 
metric; for ~@ = +3 one obtains the right logarithmic derivative metric. 

The Wigner—Yanase metric (or WY-metric) is die the smallest metric in the 
family. It can be written as 1,,(u, v) = 4Tr u(/Lp + VRp)*(v). 

¢ Connes metric 

Roughly, the Connes metric is a generalization (from the space of all 
probability measures of a set X, to the state space of any unital C*-algebra) 
of the transportation distance (Chap. 14) defined via Lipschitz seminorm. 

Let M” be a smooth n-dimensional manifold. Let A = C™(M") be the 
(commutative) algebra of smooth complex-valued functions on M”, represented 
as multiplication operators on the Hilbert space H = L*(M",S) of square 
integrable sections of the spinor bundle on M” by (f&)(p) = f(p)&(p) for all 
f €Aand for all € € H. 

Let D be the Dirac operator. Let the commutator [D, f] for f € A be the 
Clifford multiplication by the gradient Vf, so that its operator norm ||.|| in H is 
given by ||[D. f]l] = sup,cy lIV/Il. 

The Connes metric is the intrinsic metric on M", defined by 


sup — | f(p) —f()|- 


feA,|| [D.f]||S1 


This definition can also be applied to discrete spaces, and even generalized to C*- 
algebras; cf. Rieffel metric space. In particular, for a labeled connected locally 
finite graph G = (V, E) with the vertex-set V = {v ,...,U,,...}, the Connes 
metric on V is defined, for any v;, vj € V, by supy ip, 7)\\=IIar|<1 |For — fl, Where 
{f = Yifivi + SO \fi,|? < co} is the set of formal sums f, forming a Hilbert 
space, and || [D, f]|| is sup;(Soy21? (fx —fus)?)?- 
¢ Rieffel metric space 

Let V be a normed space (or, more generally, a locally convex topological 
vector space, cf. Chap. 2), and let V’ be its continuous dual space, i.e., the set 
of all continuous linear functionals f on V. The weak-* topology on V’ is defined 
as the weakest (i.e., with the fewest open sets) topology on V’ such that, for every 
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x € V, the map F, : V’ > R defined by F,(f) = f(x) for all f € V’, remains 
continuous. 

An order-unit space is a partially ordered real (complex) vector space 
(A, X) with a special distinguished element e (order unit) satisfying the following 
properties: 


1. For any a € A, there exists r € R with a ~ re; 
2. Ifa €¢ Aanda ~X re forall positive r € R, thena < 0 (Archimedean property). 


The main example of an order-unit space is the vector space of all self-adjoint 
elements in a unital C*-algebra with the identity element being the order unit. 
Here a C*-algebrais a Banach algebra over C equipped with a special involution. 
It is called unital if it has a unit (multiplicative identity element); such C*- 
algebras are also called, roughly, compact noncommutative topological spaces. 
Main example of a unital C*-algebra is the complex algebra of linear operators 
on a complex Hilbert space which is topologically closed in the norm topology 
of operators, and is closed under the operation of taking adjoints of operators. 
The state space of an order-unit space (A, <, e) is the set S(A) = {f € A: 
| f|| = 1} of states, i.e., continuous linear functionals f with || f|| = f(e) = 1. 
A Rieffel (or compact quantum as in Rieffel, 1999) metric space is a pair 
(A, ||-||zip), where (A, <, e) is an order-unit space, and ||.||zip is a [0, +-oo]-valued 
seminorm on A (generalizing the Lipschitz seminorm) for which it holds: 


1. Fora € A, ||a||zip = 0 holds if and only if a € Re; 
2. the metric dzip(f,g) = SUPgeA:lal|zip<I | f(a) — g(a)| generates on the state 
space S(A) its weak-* topology. 


So, (S(A), dzip) is a usual metric space. If the order-unit space (A, <,e) is a 
C*-algebra, then d;j, is the Connes metric, and if, moreover, the C*-algebra 
is noncommutative, (S(A), drip) is called a noncommutative metric space. 
The term quantum is due to the belief that the Planck-scale geometry of space- 
time comes from such C*-algebras; cf. quantum space-time in Chap. 24. 
Kuperberg and Weaver, 2010, proposed a new definition of quantum metric 
space, in the setting of von Neumann algebras. 


7.3 Hermitian Metrics and Generalizations 


A vector bundle is a geometrical construct where to every point of a topological 
space M we attach a vector space so that all those vector spaces “glued together” 
form another topological space E. A continuous mapping z : E — M is calleda 
projection E on M. For every p € M, the vector space 2 !(p) is called a fiber of the 
vector bundle. 

A real (complex) vector bundle is a vector bundle x : E — M whose fibers 
x ~!(p), p € M, are real (complex) vector spaces. 
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In a real vector bundle, for every p € M, the fiber 2~!(p) locally looks like the 
vector space R”, i.e., there is an open neighborhood U of p, a natural number n, and 
a homeomorphism ¢ : U x R" > 2~!(U) such that, for all x € U and v € R", one 
has 2 (g(x, v)) = v, and the mapping v > g(x, v) yields an isomorphism between 
IR" and z~!(x). The set U, together with 9, is called a local trivialization of the 
bundle. 

If there exists a “global trivialization’”, then a real vector bundle z : M@xR” > M 
is called trivial. Similarly, in a complex vector bundle, for every p € M, the fiber 
x! (p) locally looks like the vector space C”. The basic example of such bundle is 
the trivial bundle x : U x C" > U, where U is an open subset of R*. 

Important special cases of a real vector bundle are the tangent bundle T(M") 
and the cotangent bundle T*(M") of a real n-dimensional manifold Mi, = M". 
Important special cases of a complex vector bundle are the tangent bundle and the 
cotangent bundle of a complex n-dimensional manifold. 

Namely, a complex n-dimensional manifold M@ is a topological space in which 
every point has an open neighborhood homeomorphic to an open set of the n- 
dimensional complex vector space C”, and there is an atlas of charts such that the 
change of coordinates between charts is analytic. The (complex) tangent bundle 
Tc(M@) of a complex manifold M@ is a vector bundle of all (complex) tangent 
spaces of M@ at every point p € Mg. It can be obtained as a complexification 
Tz(Mp) ® C = T(M") ® C of the corresponding real tangent bundle, and is called 
the complexified tangent bundle of M@. 

The complexified cotangent bundle of M¢ is obtained similarly as T*(M") @ C. 
Any complex n-dimensional manifold Mj = M” can be regarded as a real 2n- 
dimensional manifold equipped with a complex structure on each tangent space. 

A complex structure on a real vector space V is the structure of a complex 
vector space on V that is compatible with the original real structure. It is completely 
determined by the operator of multiplication by the number /, the role of which can 
be taken by an arbitrary linear transformation J : V > V, J? = —id, where id is the 
identity mapping. 

A connection (or covariant derivative) is a way of specifying a derivative of a 
vector field along another vector field in a vector bundle. A metric connection is 
a linear connection in a vector bundle 2 : E — M, equipped with a bilinear form 
in the fibers, for which parallel displacement along an arbitrary piecewise-smooth 
curve in M preserves the form, that is, the scalar product of two vectors remains 
constant under parallel displacement. 

In the case of a nondegenerate symmetric bilinear form, the metric connection 
is called the Euclidean connection. In the case of nondegenerate antisymmetric 
bilinear form, the metric connection is called the symplectic connection. 


¢ Bundle metric 
A bundle metric is a metric on a vector bundle. 
¢ Hermitian metric 
A Hermitian metric on a complex vector bundle z : E — M is a collection 
of Hermitian inner products (i.e., positive-definite symmetric sesquilinear forms) 
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on every fiber E, = x '(p), p € M, that varies smoothly with the point p in M. 
Any complex vector bundle has a Hermitian metric. 

The basic example of a vector bundle is the trivial bundle z : U x C” > U, 
where U is an open set in R*. In this case a Hermitian inner product on C”, and 
hence, a Hermitian metric on the bundle z : U x C” — U, is defined by 


(u,v) = ul HD, 


where H is a positive-definite Hermitian matrix, i.e., a complex n x n matrix such 


that H#* =’ = H, and 0’ Hv > 0 for all v € C”\{0}. In the simplest case, one 
has (u,v) = S77, uidj. 

An important special case is a Hermitian metric 4 on a complex manifold 
M", i.e., on the complexified tangent bundle T(M") @ C of M”. This is the 
Hermitian analog of a Riemannian metric. In this case h = g + iw, and its real 
part g is a Riemannian metric, while its imaginary part w is a nondegenerate 
antisymmetric bilinear form, called a fundamental form. Here g(J(x),J(y)) = 
g(x,y), w(x), J(y)) = w(x, y), and w(x, y) = g(x, J(y)), where the operator J 
is an operator of complex structure on M”; as a rule, J(x) = ix. Any of the forms 
g, w determines / uniquely. 

The term Hermitian metric can also refer to the corresponding Riemannian 
metric g, which gives M” a Hermitian structure. 

On a complex manifold, a Hermitian metric h can be expressed in local 
coordinates by a Hermitian symmetric tensor ((hj)): 


h= > hyde: ® dz, 


iy 


where ((hj)) is a positive-definite Hermitian matrix. The associated fundamental 
form w is then written as w = sy; jjdzi \ dz. A Hermitian manifold (or 
Hermitian space) is a complex manifold equipped with a Hermitian metric. 
¢ Kahler metric 

A Kahler metric (or Kahlerian metric) is a Hermitian metric h = g + iw on 
a complex manifold M” whose fundamental form w is closed, i.e., dw = 0 holds. 
A Kahler manifold is a complex manifold equipped with a Kahler metric. 

If h is expressed in local coordinates, i.e., h = yy ij hydz; ® dz, then the 


associated fundamental form w can be written as w = 5 ; ij hydz A dz, where 


A is the wedge product which is antisymmetric, i.e., dx \ dy = —dy A dx (hence, 
dx A dx = 0). 

In fact, w is a differential 2-form on M", i.e., a tensor of rank 2 that is 
antisymmetric under exchange of any pair of indices: w = 5°, (fix A dx, 


where fj; is a function on M”. The exterior derivative dw of w is defined by 


dw = vi a wi dey A dx; \ dx,. If dw = 0, then w is a symplectic (i.e., closed 


nondegenerate) differential 2-form. Such differential 2-forms are called Kahler 
forms. 
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aK 

dz; 02; 
function K, called the Kahler potential. The term Kdhler metric can also refer to 
the corresponding Riemannian metric g, which gives M” a Kahler structure. Then 
a Kahler manifold is defined as a complex manifold which carries a Riemannian 
metric and a Kahler form on the underlying real manifold. 

¢ Hessian metric 

Given a smooth f on an open subset of a real vector space, the associated 

Hessian metric is defined by 


. for some 





The metric on a Kahler manifold locally satisfies hy = 


af 


~ OX OX; , 





ij 


A Hessian metric is also called an affine Kahler metric since a Kahler metric on 
a complex manifold has an analogous description as 
¢ Calabi-Yau metric 

The Calabi-Yau metric is a Kahler metric which is Ricci-flat. 

A Calabi-Yau manifold (or Calabi-Yau space) is a simply connected complex 
manifold equipped with a Calabi-Yau metric. It can be considered as a 2n- 
dimensional (6D being particularly interesting) smooth manifold with holonomy 
group (i.e., the set of linear transformations of tangent vectors arising from 
parallel transport along closed loops) in the special unitary group. 

¢ Ka&hler—Einstein metric 

A Kahler-Einstein metric is a Kahler metric on a complex manifold 
M” whose Ricci curvature tensor is proportional to the metric tensor. This 
proportionality is an analog of the Einstein field equation in the General Theory 
of Relativity. 

A Kdhler—Einstein manifold (or Einstein manifold) is a complex manifold 
equipped with a Kahler—Einstein metric. In this case the Ricci curvature tensor, 
seen as an operator on the tangent space, is just multiplication by a constant. 

Such a metric exists on any domain D C C” that is bounded and pseudo- 
convex. It can be given by the line element 





Oz: 0z;* 


07u(z) 
d’ =) ——“dzdz;, 
S az;0% Zz gj 


iy 





where u is a solution to the boundary value problem: det( Ht) = e* on D, and 
u = co on OD. The Kahler—Einstein metric is a complete metric. On the unit disk 
A = {zEC: |z| < 1} it is coincides with the Poincaré metric. 

Let h be the Einstein metric on a smooth compact manifold M’—! without 
boundary, having scalar curvature (n—1)(n—2). A generalized Delaunay metric 
on Rx M""! is (Delay, 2010) of the form g = uz (dy? +h), where u = u(y) > 0 


3 : . 3 —2)2 —2) a2 
is a periodic solution of u” — in 7 ut ue a = 0, 
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There is one parameter family of constant positive curvature conformal 
metrics on R x S"~!, referred to as Delaunay metric; cf. Kottler metric in 
Chap. 26. 

Hodge metric 

The Hodge metric is a Kahler metric whose fundamental form w defines an 
integral cohomology class or, equivalently, has integral periods. 

A Hodge manifold (or Hodge variety) is a complex manifold equipped with 
a Hodge metric. A compact complex manifold is a Hodge manifold if and only 
if it is isomorphic to a smooth algebraic subvariety of some complex projective 
space. 

Fubini-Study metric 

The Fubini-Study metric (or Cayley—Fubini-Study metric) is a Kahler 
metric on a complex projective space CP" defined by a Hermitian inner product 
(,) in C"t!. It is given by the line element 


(x, x) (dx, dx) — (x, dx) (x, dx) 


(x,.x)? 


ds? = 





The Fubini-Study distance between points (x; : ... : X41) and (yj, :...: 
Yn+1) © CP", where x = (x1, eid Xn) and y= 1, an nti) € Crt!\ sor, is 
equal to 


I(x, y) 


Vex y) 


The Fubini—Study metric is a Hodge metric. The space CP” endowed with 
this metric is called a Hermitian elliptic space (cf. Hermitian elliptic metric). 
Bergman metric 

The Bergman metric is a Kahler metric on a bounded domain D Cc C” 
defined, for the Bergman kernel K(z, u), by the line element 


arccos 


5 a InK(z,z) 
ds’ = 2 acide) dzdzZ;. 
It is a biholomorhically invariant metric on D, and it is complete if D is 
homogeneous. For the unit disk A = {z € C: |z| < 1} the Bergman metric 
coincides with the Poincaré metric; cf. also Bergman p-metric in Chap. 13. 

The set of all analytic functions f # 0 of class L,(D) with respect to 
the Lebesgue measure, forms the Hilbert space l.,(D) C L,(D) with an 
orthonormal basis (¢;);. The Bergman kernel is a function in the domain Dx D C 
C*", defined by Kp(z, u) = K(z,u) = 0, di(z)di(u). 
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The Skwarczynski distance is defined by 


|K(z, u)| 1 


1 —____..)2 
: VK(z, 2) VK(u, u) 





¢ Hyper-Kahler metric 
A hyper-Kahler metric is a Riemannian metric g on a 4n-dimensional 
Riemannian manifold which is compatible with a quaternionic structure on the 
tangent bundle of the manifold. 
Thus, the metric g is Kahlerian with respect to 3 Kahler structures (J, wy, g), 
(J, wy, g), and (K, wx, g), corresponding to the complex structures, as endomor- 
phisms of the tangent bundle, which satisfy the quaternionic relationship 


P= =K? =lJK =—JIK =-1. 





A hyper-Kdahler manifold is a Riemannian manifold equipped with a hyper- 
Kahler metric. manifolds are Ricci-flat. Compact 4D hyper-Kahler manifolds are 
called K3-surfaces; they are studied in Algebraic Geometry. 

¢ Calabi metric 

The Calabi metric is a hyper-Kaéhler metric on the cotangent bundle 
T*(CP"*!) of a complex projective space CP"*!,. 

For n = 4k + 4, this metric can be given by the line element 


dr? 


ds? = 
1-—r~4 





1 1 1 
$77 VP EP OF) +S PD fat ow +5 (P+) (Bia t Eda), 


where (A, 11, V2, 01,920, Dla, 42a), With @ running over k values, are left- 
invariant one-forms (i.e., linear real-valued functions) on the coset SU(k + 
2)/U(k). Here U(K) is the unitary group consisting of complex k x k unitary 
matrices, and SU(k) is the special unitary group of complex kxk unitary matrices 
with determinant 1. 
For k = 0, the Calabi metric coincides with the Eguchi-Hanson metric. 
e Stenzel metric 
The Stenzel metric is a hyper-Kéhler metric on the cotangent bundle 
T*(S"*') of a sphere S”*!, 
¢ $O(3)-invariant metric 
An SO(3)-invariant metric is a 4D 4-dimensional hyper-Kéhler metric with 
the line element given, in the Bianchi type /X formalism (cf. Bianchi metrics in 
Chap. 26) by 


ds’ =f? (thd? + a’ (tho? + b°(thos + c(t)o3, 


where the invariant one-forms 0, 02, 03 of SO(3) are expressed in terms of Euler 
angles 0, ¥, 6 as o, = +(sin wdé — sin@ coswWdd¢), o. = —4(cos wdé + 
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sin # sin wd¢), 03 = (dy + cos 6d¢), and the normalization has been chosen 
so that 0; A oj = 5 €ijedox. The coordinate ¢ of the metric can always be chosen 
so that f(t) = Sabc, using a suitable reparametrization. 
¢ Atiyah-Hitchin metric 
The Atiyah—Hitchin metric is a complete regular $O(3)-invariant metric 
with the line element 


dk . 
ds? = 74 bc (az) + a (ko? + b* (kos + 7 (kos, 


where a, b, c are functions of k, ab = —K(k)(E(k) — K(k)), bc = —K(k) (E(k) — 


(1 — k?)K(k)), ac = —K(k)E(k), and K(k), E(k) are the complete elliptic 
integrals, respectively, of the first and second kind, with O < k < 1. The 
__ 2K(1—k?) 





coordinate ¢t is given by the change of variables t = 
constant. 
¢ Taub-NUT metric 
The Taub-NUT metric (cf. also Chap. 26) is a complete regular SO(3)- 
invariant metric with the line element 


aK UP to an additive 


r—-m 4 


ds 03, 








1 
2 age (r? — m?)(o7 + 05) + 4m? 
4r—m r+m 


where m is the relevant moduli parameter, and the coordinate r is related to t by 
r=m+ a NUT manifold was discovered in Ehlers, 1957, and rediscovered 
in Newman—Tamburino—Unti, 1963; it is closely related to the metric in Taub, 
1951. 
¢ Eguchi-Hanson metric 
The Eguchi-Hanson metric is a complete regular SO(3)-invariant metric 


with the line element 


dr’ a\4 
apt ae Oa) 


where a is the moduli parameter, and the coordinate r is a,/coth(a?1). 
The Eguchi—Hanson metric coincides with the 4D Calabi metric. 
¢ Complex Finsler metric 
A complex Finsler metric is an upper semicontinuous function F : T(M") > 
I+ on acomplex manifold M” with the analytic tangent bundle T(M”") satisfying 
the following conditions: 


1. F? is smooth on M", where M” is the complement in T(M") of the zero section; 
2. F(p,x) > 0 for all p € M” and x € M”; 
3. F(p,ax) = |A|F(p, x) for all p € M", x € T,(M"), and € C. 
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The function G = F”’ can be locally expressed in terms of the coordinates 


(P1,-++sPny X1,-++,Xn); the Finsler metric tensor of the complex Finsler metric 
is given by the matrix((Gj)) = ((}25=)), called the Levi matrix. If the 


matrix ((G,)) is positive-definite, the complex Finsler metric F is called strongly 
pseudo-convex. 
¢ Distance-decreasing semimetric 

Let d be a semimetric which can be defined on some class M of complex 
manifolds containing the unit disk A = {z € C: |z| < 1}. It is called distance- 
decreasing if, for any analytic mapping f : M; — M2 with M,,M2 € M, the 
inequality d(f(p),f(qg)) < d(p, q) holds for all p,q € M,. 

The Carathéodory semimetric Fc, Sibony semimetric F's, Azukawa semi- 
metric F', and Kobayashi semimetric Fx are distance-decreasing with Fc and 
Fx being the smallest and the greatest distance-decreasing semimetrics. They 
are generalizations of the Poincaré metric to higher-dimensional domains, since 
Fc = Fx is the Poincaré metric on the unit disk A, and Fc = Fx = OonC". 

It holds F¢(z, u) < Fs(z,u) < Fa(z,u) < Fr(z,u) for all z € Dandu € C". 
If D is convex, then all these metrics coincide. 

¢ Biholomorphically invariant semimetric 

A biholomorphism is a bijective holomorphic (complex differentiable in a 
neighborhood of every point in its domain) function whose inverse is also 
holomorphic. 

A semimetric F(z,u) : Dx C" — [0,00] on a domain D in C” is called 
biholomorphically invariant if F(z, wu) = |A|F(z, uv) for all A € C, and F(z, u) = 
F(f (2), f’ (zu) for any biholomorphism f : D > D’. 

Invariant metrics, including the Carathéodory, Kobayashi, Sibony, 
Azukawa, Bergman, and Kahler—Einstein metrics, play an important role 
in Complex Function Theory, Complex Dynamics and Convex Geometry. The 
first four metrics are used mostly because they are distance-decreasing. But 
they are almost never Hermitian. On the other hand, the Bergman metric and the 
K&hler—Einstein metric are Hermitian (in fact, Kahlerian), but, in general, not 
distance-decreasing. 

The Wu metric (Cheung and Kim, 1996) is an invariant non-Kahler Hermitian 
metric on a complex manifold M” which factor, for any holomorphic mapping 
between two complex manifolds. 

¢ Kobayashi metric 

Let D be a domain in C”. Let O(A, D) be the set of all analytic mappings 
f : A — D, where A = {z €C: |z| < 1} is the unit disk. 

The Kobayashi metric (or Kobayashi-Royden metric) Fx is a complex 
Finsler metric defined, for all z ¢ D and u € C", by 


Fx(z,u) = inffa > 0: 3f € O(A,D),f(0) = z, af (0) = ut. 
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Given a complex manifold M”, the Kobayashi semimetric Fx is defined by 
Fx(p,u) = inffa > 0: 4f € O(A,M"), f(0) = p. af (0) = u} 


for all p € M" and u € T,(M”"). 

Fx(p,u) is a seminorm of the tangent vector u, called the Kobayashi 
seminorm. Fx is a metric if M” is taut, i.e., O(A, M") is a normal family (every 
sequence has a subsequence which either converge or diverge compactly). 

The Kobayashi semimetric is an infinitesimal form of the Kobayashi semidis- 
tance (or Kobayashi pseudo-distance, 1967) Ky. on M", defined as follows. 
Given p,q € M", a chain of disks a from p to q is a collection of points 
p=p’,p',...,p* = q of M", pairs of points a',b!;...;a*, b* of the unit disk 
A, and analytic mappings f,,...f¢ from A into M”, such that f(a’) = p/~' and 
f(b!) = p? for all j. 

The length /(@) of a chain a is the sum dp(a!,b!) + --- + dp(a‘, b‘), where 
dp is the Poincaré metric. The Kobayashi semimetric Ky on M” is defined by 


Kun (p,q) = inf l(a), 


where the infimum is taken over all lengths /(@) of chains of disks w from p to q. 

Given a complex manifold M", the Kobayashi-Busemann semimetric on 
Mr” is the double dual of the Kobayashi semimetric. It is a metric if M” is taut. 
Carathéodory metric 

Let D be a domain in C”. Let O(D, A) be the set of all analytic mappings 
f :D— A, where A = {z €C: |z| < 1} is the unit disk. 

The Carathéodory metric F¢ is a complex Finsler metric defined by 


Fc(z,u) = sup{|f (ul : f € OW, A)} 


for any z€ Dandu €C". 
Given a complex manifold M", the Carathéodory semimetric Fc is defined 
by 


Fc(p,u) = sup{|f (p)ul f € OM", A)} 


for all p € M” and u € T,(M"). F¢ is a metric if M” is taut, i.e., every sequence 
in O(A, M”) has a subsequence which either converge or diverge compactly. 

The Carathéodory semidistance (or Carathéodory pseudo-distance, 1926) 
Cyn is a semimetric on a complex manifold M”, defined by 


Cun (p,q) = suptdp(f(p),f(q)) : f €¢ O(M", A)}, 


where dp is the Poincaré metric. 
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In general, the integrated semimetric of the infinitesimal Carathéodory semi- 

metric is internal for the Carathéodory semidistance, but does not equal to it. 
¢ Azukawa semimetric 

Let D be a domain in C”. Let Kp(z) be the set of all logarithmically 
plurisubharmonic functions f : D — [0, 1) such that there exist M,r > 0 with 
f@) < M||u — 2||2 for all u € B(z,r) C D; here ||.||2 is the ,-norm on C", and 
B(z,r) = {x € C": ||z—2]|2 < r}. Let gp(z, u) be sup{ f(u) : f € Kp(2)}. 

The Azukawa semimetric F is a complex Finsler metric defined by 


a 1 
F4(z,u) = limo (80, zt Au) 


for all z €¢ Dandu € C”. 

The Azukawa metric is an infinitesimal form of the Azukawa semidistance. 

¢ Sibony semimetric 

Let D be a domain in C”. Let Kp(z) be the set of all logarithmically 
plurisubharmonic functions f : D — [0,1) such that there exist M,r > 0 with 
flu) < M||\u—z||2 for all u € B(z,r) = {x € C”: ||z—2]|2 < r} C D. Let CZ.) 
be the set of all functions of class C? on some open neighborhood of z. 

The Sibony semimetric F's is a complex Finsler semimetric defined by 


F(z, u) = sup 
FEKD(Z)NC?,.(2) 





for all z € Dandu € C”. 

The Sibony semimetric is an infinitesimal form of the Sibony semidistance. 

¢ Teichmiiller metric 

A Riemann surface R is a one-dimensional complex manifold. Two Riemann 
surfaces R; and R> are called conformally equivalent if there exists a bijective 
analytic function (i.e., a conformal homeomorphism) from R; into Ry. More 
precisely, consider a fixed closed Riemann surface Ro of a given genus g > 2. 

For a closed Riemann surface R of genus g, one can construct a pair (R,f), 
where f : Ro > R is a homeomorphism. Two pairs (R,f) and (R1,f;,) are called 
conformally equivalent if there exists a conformal homeomorphism h : R — R, 
such that the mapping (f;)!-h-f : Ro > Ro is homotopic to the identity. 

An abstract Riemann surface R* = (R,f)* is the equivalence class of all 
Riemann surfaces, conformally equivalent to R. The set of all equivalence classes 
is called the Teichmiiller space T(Ro) of the surface Ro. 

For closed surfaces Ro of given genus g, the spaces T(Ro) are isometrically 
isomorphic, and one can speak of the Teichmiiller space T, of surfaces of genus 
g. T, is a complex manifold. If Ro is obtained from a compact surface of genus 
g = 2 by removing n points, then the complex dimension of T, is 3g — 3 + n. 


RF Current Probe 
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The Teichmiiller metric is a metric on T, defined by 
= fin K(h 
5 in nK(h) 


for any R},R>} € Tz, where h : Ry — Rp is a quasi-conformal homeomorphism, 
homotopic to the identity, and K(h) is the maximal dilation of h. In fact, 
there exists a unique extremal mapping, called the Teichmiiller mapping which 
minimizes the maximal dilation of all such h, and the distance between Ry and 
R% is equal to }InK, where the constant K is the dilation of the Teichmiiller 
mapping. - 

In terms of the extremal length extp« (y), the distance between Rj and Rj is 


1 ext (Y) 
~ Insup ———.,, 
2 y extes (Y) 


where the supremum is taken over all simple closed curves on Ro. 

The Teichmiiller space 7,, with the Teichmiiller metric on it, is a geodesic 
metric space (moreover, a straight G-space) but it is neither Gromov hyper- 
bolic, nor a Busemann convex metric space. 

The Thurston quasi-metric on the Teichmiiller space T, is defined by 


i 
. inf In ||A||zip 


for any R},R> € Tz, where h : Ry — Rp is a quasi-conformal homeomorphism, 
homotopic to the identity, and ||.||zj) is the Lipschitz norm on the set of all 
injective functions f : X — Y defined by || f||zip = SUP, yex x¢y aos) 

The moduli space R, of conformal classes of Riemann surfaces of genus g 
is obtained by factorization of T, by some countable group of automorphisms 
of it, called the modular group. The Zamolodchikov metric, defined (1986) in 
terms of exactly marginal operators, is a natural metric on the conformal moduli 
spaces. 

Liu, Sun and Yau, 2005, showed that all known complete metrics on the 
Teichmiiller space and moduli space (including Teichmiiller metric, Bergman 
metric, Cheng—Yau-Mok Kahler-Einstein metric, Carathéodory metric, 
McMullen metric) are equivalent since they are quasi-isometric (Chap. 1) to the 
Ricci metric and the perturbed Ricci metric introduced by them. 

¢ Weil-Petersson metric 

The Weil—Petersson metric is a Kahler metric on the Teichmiiller space 
Tz, of abstract Riemann surfaces of genus g with n punctures and negative Euler 
characteristic. This metric has negative Ricci curvature; it is geodesically convex 
(Chap. |) and not complete. 

The Weil—Peterson metric is Gromov hyperbolic if and only if (Brock and 
Farb, 2006) the complex dimension 3g — 3 + n of T,,, is at most two. 
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Gibbons—Manton metric 

The Gibbons—Manton metric is a 4n-dimensional hyper-Kahler metric on 
the moduli space of n-monopoles which admits an isometric action of the n- 
dimensional torus 7”. It is a hyper-Kahler quotient of a flat quaternionic vector 
space. 

Metrics on determinant lines 

Let M” be an n-dimensional compact smooth manifold, and let F be a flat 
vector bundle over M”. Let H*(M",F) = ©@'_)H'(M",F) be the de Rham 
cohomology of M” with coefficients in F. Given an n-dimensional vector space 
V, the determinant line det V of V is defined as the top exterior power of V, i.e., 
det V = A"V. Given a finite-dimensional graded vector space V = /_,V;, the 
determinant line of V is defined as the tensor product det V = @l_g(detV;)—. 

Thus, the determinant line detH®(M”", F) of the cogomology H*(M", F) can 
be written as detH*®(M", F) = @'_,(detH'(M", F))—" 

The Reidemeister metric is a metric on detH*(M", F), defined by a given 
smooth triangulation of M”, and the classical Reidemeister—Franz torsion. 

Let g¥ and g™") be smooth metrics on the vector bundle F and tangent bundle 
T(M"), respectively. These metrics induce a canonical L>-metrie h#°™"-) on 
H°(M", F). The Ray-Singler metric on detH*(M", F) is defined as the product 
of the metric induced on detH*(M",F) by h#°™".) with the Ray-Singler 
analytic torsion. The Milnor metric on detH®(M", F) can be defined in a similar 
manner using the Milnor analytic torsion. If g* is flat, the above two metrics 
coincide with the Reidemeister metric. Using a co-Euler structure, one can define 
a modified Ray—Singler metric on detH®(M", F). 

The Poincaré—Reidemeister metric is a metric on the cohomological deter- 
minant line detH®(M",F) of a closed connected oriented odd-dimensional 
manifold M”. It can be constructed using a combination of the Reidemeister 
torsion with the Poincaré duality. Equivalently, one can define the Poincaré— 
Reidemeister scalar product on detH®(M", F) which completely determines 
the Poincaré—Reidemeister metric but contains an additional sign or phase 
information. 

The Quillen metric is a metric on the inverse of the cohomological determi- 
nant line of a compact Hermitian one-dimensional complex manifold. It can be 
defined as the product of the L-metric with the Ray-Singler analytic torsion. 
Kahler supermetric 

The Kahler supermetric is a generalization of the Kahler metric for the case 
of a supermanifold. A supermanifold is a generalization of the usual manifold 
with fermonic as well as bosonic coordinates. The bosonic coordinates are 
ordinary numbers, whereas the fermonic coordinates are Grassmann numbers. 

Here the term supermetric differs from the one used in this chapter. 

Hofer metric 

A symplectic manifold (M",w), n = 2k, is a smooth even-dimensional 
manifold M” equipped with a symplectic form, i.e, a closed nondegenerate 2- 
form, w. 
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A Lagrangian manifold is a k-dimensional smooth submanifold L*‘ of a 
symplectic manifold (M", w), n = 2k, such that the form w vanishes identically 
on L*, i.e., for any p € LK and any x,y € T(E), one has w(x, y) = 0. 

Let L(M", A) be the set of all Lagrangian submanifolds of a closed symplectic 
manifold (M”,w), diffeomorphic to a given Lagrangian submanifold A. A 
smooth family w = {L,},, t € [0, 1], of Lagrangian submanifolds L, € L(M", A) 
is called an exact path connecting Lo and L), if there exists a smooth mapping 
Ww: Ax [0,1] — M” such that, for every t € [0, 1], one has W(A x {7}) = L,, 
and VW * w = dH, A dt for some smooth function H : A x [0,1] — R. The 
Hofer length l(a) of an exact path a is defined by [(a) = fo {Maxpea H(p,t) — 
miner H(p, t)}dt. 

The Hofer metric on the set L(M”, A) is defined by 


inf l(a) 


for any Lo, L; € L(M", A), where the infimum is taken over all exact paths on 
L(M", A), that connect Lo and L. 

The Hofer metric can be defined similarly on the group Ham(M",w) of 
Hamiltonian diffeomorphisms of a closed symplectic manifold (M", w), whose 
elements are time-one mappings of Hamiltonian flows $!: it is infy (a), where 
the infimum is taken over all smooth paths w = {¢/}, t € [0, 1], connecting ¢ 
and wy. 

Sasakian metric 

A Sasakian metric is a metric on a contact manifold, naturally adapted to the 
contact structure. 

A contact manifold equipped with a Sasakian metric is called a Sasakian 
space, and it is an odd-dimensional analog of a Kahler manifold. The scalar 
curvature of a Sasakian metric which is also Einstein metric, is positive. 
Cartan metric 

A Killing form (or Cartan—Killing form) on a finite-dimensional Lie algebra 
Q over a field F is a symmetric bilinear form 


B(x, y) = Tr(ady adj), 


where Tr denotes the trace of a linear operator, and ad, is the image of x under 
the adjoint representation of Q, i.e., the linear operator on the vector space (2 
defined by the rule z — [x, z], where [, ] is the Lie bracket. 

Let ¢1,...e, be a basis for the Lie algebra Q, and [e;, e)] = )-p—) Vijeks where 


Vi are corresponding structure constants. Then the Killing form is given by 


n 
B(x;, xj) = gi = pa VaVic: 
k=! 


In Theoretical Physics, the metric tensor ((g;;)) is called a Cartan metric. 





Chapter 8 
Distances on Surfaces and Knots 


8.1 General Surface Metrics 


A surface is a real 2D (two-dimensional) manifold M?, i.e., a Hausdorff space, 
each point of which has a neighborhood which is homeomorphic to a plane E’, or a 
closed half-plane (cf. Chap. 7). 

A compact orientable surface is called closed if it has no boundary, and it 
is called a surface with boundary, otherwise. There are compact nonorientable 
surfaces (closed or with boundary); the simplest such surface is the Mobius strip. 
Noncompact surfaces without boundary are called open. 

Any closed connected surface is homeomorphic to either a sphere with, say, g 
(cylindric) handles, or a sphere with, say, g cross-caps (i.e., caps with a twist like 
Mobius strip in them). In both cases the number g is called the genus of the surface. 
In the case of handles, the surface is orientable; it is called a torus (doughnut), 
double torus, and triple torus for g = 1,2 and 3, respectively. In the case of cross- 
caps, the surface is nonorientable; it is called the real projective plane, Klein bottle, 
and Dyck’s surface for g = 1,2 and 3, respectively. The genus is the maximal 
number of disjoint simple closed curves which can be cut from a surface without 
disconnecting it (the Jordan curve theorem for surfaces). 

The Euler—Poincaré characteristic of a surface is (the same for all polyhedral 
decompositions of a given surface) the number y = v —e +f, where v, e and / are, 
respectively, the number of vertices, edges and faces of the decomposition. Then 
x = 2 — 2g if the surface is orientable, and y = 2 — g if not. Every surface with 
boundary is homeomorphic to a sphere with an appropriate number of (disjoint) 
holes (i.e., what remains if an open disk is removed) and handles or cross-caps. If h 
is the number of holes, then y = 2 — 2g — h holds if the surface is orientable, and 
x =2-g-hif not. 

The connectivity number of a surface is the largest number of closed cuts that can 
be made on the surface without separating it into two or more parts. This number is 
equal to 3 — y for closed surfaces, and 2 — y for surfaces with boundaries. A surface 
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with connectivity number 1, 2 and 3 is called, respectively, simply, doubly and triply 
connected. A sphere is simply connected, while a torus is triply connected. 

A surface can be considered as a metric space with its own intrinsic metric, or 
as a figure in space. A surface in E? is called complete if it is a complete metric 
space with respect to its intrinsic metric. 

Useful shape-aware (preserved by isomorphic deformations of the surface) 
distances on the interior of a surface mesh can be defined by isometric embedding 
of the surface into a suitable high-dimensional Euclidean space; for example, 
diffusion metric (cf. Chap. 15 and histogram diffusion distance from Chap. 21) 
and Rustamov et al., 2009. 

A surface is called differentiable, regular, or analytic, respectively, if in a 
neighborhood of each of its points it can be given by an expression 














r=r(u,v) = r(x(u, v), x2(u, v),x3(u, v)), 


where the position vector r = r(u,v) is a differentiable, regular (i.e., a sufficient 
number of times differentiable), or real analytic, respectively, vector function 
satisfying the condition r, x ry # 0. 

Any regular surface has the intrinsic metric with the line element (or first 
Jundamental form) 


ds? = dr’ = E(u, v)du* + 2F(u, v)dudv + G(u, v)dv’, 
where E(u,v) = (fu,ru), F(U.v) = (ru, tv), Gu,v) = (ry, rv). The length of a 


curve defined on the surface by the equations u = u(t), v = v(t), t € [0,1], is 
computed by 





1 
i: V Eu? + 2Fu'v’ + Gv2dt, 
0 


and the distance between any points p,g € M? is defined as the infimum of 
the lengths of all curves on M’, connecting p and g. A Riemannian metric is a 
generalization of the first fundamental form of a surface. 

For surfaces, two kinds of curvature are considered: Gaussian curvature, and 
mean curvature. To compute these curvatures at a given point of the surface, 
consider the intersection of the surface with a plane, containing a fixed normal 
vector, i.e., a vector which is perpendicular to the surface at this point. This 
intersection is a plane curve. The curvature k of this plane curve is called the normal 
curvature of the surface at the given point. If we vary the plane, the normal curvature 
k will change, and there are two extremal values, the maximal curvature k,, and the 
minimal curvature kz, called the principal curvatures of the surface. A curvature is 
taken to be positive if the curve turns in the same direction as the surface’s chosen 
normal, otherwise it is taken to be negative. 
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The Gaussian curvature is K = kk» (it can be given entirely in terms of the first 
fundamental form). The mean curvature is H = 5 (ky + ko). 

A minimal surface is a surface with mean curvature zero or, equivalently, a 
surface of minimum area subject to constraints on the location of its boundary. 

A Riemann surface is a one-dimensional complex manifold, or a 2D real manifold 
with a complex structure, i.e., in which the local coordinates in neighborhoods of 
points are related by complex analytic functions. It can be thought of as a deformed 
version of the complex plane. All Riemann surfaces are orientable. Closed Riemann 
surfaces are geometrical models of complex algebraic curves. Every connected 
Riemann surface can be turned into a complete 2D Riemannian manifold with 
constant curvature —1,0, or 1. The Riemann surfaces with curvature —1 are called 
hyperbolic, and the unit disk A = {z € C: |z| < 1} is the canonical example. The 
Riemann surfaces with curvature 0 are called parabolic, and C is a typical example. 
The Riemann surfaces with curvature | are called elliptic, and the Riemann sphere 
C U {oo} is a typical example. 


¢ Regular metric 
The intrinsic metric of a surface is regular if it can be specified by the line 
element 


ds* = Edu* + 2Fdudv + Gdv’, 


where the coefficients of the form ds? are regular functions. 

Any regular surface, given by an expression r = r(u, v), has a regular metric 
with the line element ds”, where E(u, v) = (ry, 1u), F(u, v) = (ry, Ty), G(u, v) = 
(Ty, Tv). 

e Analytic metric 

The intrinsic metric on a surface is analytic if it can be specified by the line 

element 


ds* = Edu* + 2Fdudv + Gdv’, 


where the coefficients of the form ds? are real analytic functions. 

Any analytic surface, given by an expression r = r(u,v), has an analytic 
metric with the line element ds”, where E(u, v) = (ry,%u), F(u,v) = (rus tv); 
G(u, v) = (ry, 1v). 

¢ Metric of nonpositive curvature 

A metric of nonpositive curvature is the intrinsic metric on a saddle- 
like surface. A saddle-like surface is a generalization of a surface of negative 
curvature: a twice continuously-differentiable surface is a saddle-like surface if 
and only if at each point of the surface its Gaussian curvature is nonpositive. 

These surfaces can be seen as antipodes of convex surfaces, but they do not 
form such a natural class of surfaces as do convex surfaces. 

A metric of negative curvature is the intrinsic metric on a surface of negative 
curvature, i.e., a surface in E? that has negative Gaussian curvature at every point. 
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A surface of negative curvature locally has a saddle-like structure. The 
intrinsic geometry of a surface of constant negative curvature (in particular, of 
a pseudo-sphere) locally coincides with the geometry of the Lobachevsky plane. 
There exists no surface in E? whose intrinsic geometry coincides completely 
with the geometry of the Lobachevsky plane (i.e., a complete regular surface of 
constant negative curvature). 

¢ Metric of nonnegative curvature 

A metric of nonnegative curvature is the intrinsic metric on a convex 
surface. 

A convex surface is a domain (i.e., a connected open set) on the boundary of 
a convex body in E? (in some sense, it is an antipode of a saddle-like surface). 

The entire boundary of a convex body is called a complete convex surface. 
If the body is finite (bounded), the complete convex surface is called closed. 
Otherwise, it is called infinite (an infinite convex surface is homeomorphic to a 
plane or to a circular cylinder). 

Any convex surface M? in is a surface of bounded curvature. The total 
Gaussian curvature w(A) = f [, K(x)do(x) of a set A C M? is always 
nonnegative (here o(.) is the area, and K(x) is the Gaussian curvature of M? at a 
point x), i.e., a convex surface can be seen as a surface of nonnegative curvature. 

The intrinsic metric of a convex surface is a convex metric (not to be confused 
with metric convexity from Chap. 1) in the sense of Surface Theory, i.e., it 
displays the convexity condition: the sum of the angles of any triangle whose 
sides are shortest curves is not less that z. 

A metric of positive curvature is the intrinsic metric on a surface of positive 
curvature, i.e., a surface in E? that has positive Gaussian curvature at every point. 

¢ Metric with alternating curvature 

A metric with alternating curvature is the intrinsic metric on a surface with 
alternating (positive or negative) Gaussian curvature. 

¢ Flat metric 

A flat metric is the intrinsic metric on a developable surface, i.e., a surface, 
on which the Gaussian curvature is everywhere zero. Cf. flat space in Chap. 1. 

In general, a Riemannian metric on a surface is locally Euclidean up to a third 
order error (distortion of metric) measured by the Gaussian curvature. 

¢ Metric of bounded curvature 

A metric of bounded curvature is the intrinsic metric p on a surface of 
bounded curvature. 

A surface M? with an intrinsic metric p is called a surface of bounded 
curvature if there exists a sequence of Riemannian metrics p, defined on M?, 
such that p, — p uniformly for any compact set A C M”, and the sequence 
|wn|(A) is bounded, where |w|,(A) = ff, |K(x)|do(x) is the total absolute 
curvature of the metric p, (here K(x) is the Gaussian curvature of M? at a point 
x, and o(.) is the area). 

¢ A-metric 

A A-metric (or metric of type A) is a complete metric on a surface with 

curvature bounded from above by a negative constant. 
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A A-metric does not have embeddings into E?. It is a generalization of the 
result in Hilbert, 1901: no complete regular surface of constant negative curvature 
(i.e., a surface whose intrinsic geometry is the geometry of the Lobachevsky 
plane) exists in E°. 

(h, A)-metric 

A (h, A)-metric is a metric on a surface with a slowly-changing negative 
curvature. 

A complete (4, A)-metric does not permit a regular isometric embedding in 
three-dimensional Euclidean space (cf. A-metric). 

G-distance 

A connected set G of points on a surface M? is called a geodesic region if, 
for each point x € G, there exists a disk B(x, r) with center at x, such that Bg = 
GN B(x,r) has one of the following forms: Bg = B(x, r) (x is a regular interior 
point of G); Bg is a semidisk of B(x, r) (x is a regular boundary point of G); Bg is 
a sector of B(x, r) other than a semidisk (x is an angular point of G); Bg consists 
of a finite number of sectors of B(x, r) with no common points except x (a nodal 
point of G). 

The G-distance between any x and y € G is the greatest lower bound of the 
lengths of all rectifiable curves connecting x and y € G and completely contained 
in G. 

Conformally invariant metric 

Let R be a Riemann surface. A local parameter (or local uniformizing 
parameter, local uniformizer) is a complex variable z considered as a continuous 
function Z,, = p)(p) of a point p € R which is defined everywhere in some 
neighborhood (parametric neighborhood) V(po) of a point po € R and which 
realizes a homeomorphic mapping (parametric mapping) of V(po) onto the disk 
(parametric disk) A(po) = {z € C : |z| < r(po)}, where ¢p,(po) = 0. 
Under a parametric mapping, any point function g(p) defined in the parametric 
neighborhood V(po), goes into a function of the local parameter z: g(p) = 
(¢,, (2) = G2). 

A conformally invariant metric is a differential p(z)|dz| on the Riemann 
surface R which is invariant with respect to the choice of the local parameter z. 
Thus, to each local parameter z (z : U > C) a function p, : z(U) — [0,00] is 
associated such that, for any local parameters z; and z2, we have 














dz(p) 
dz2(p) 


Pzo(Z2(P)) _ 
Pz (Z1(P)) 





for any p € U; N Up. 





Every linear differential 4(z)dz and every quadratic differential Q(z)dz* induce 
conformally invariant metrics |A(z)||dz| and |Q(z)|!/2|dz|, respectively (cf. Q- 
metric). 
Q-metric 

An Q-metric is a conformally invariant metric p(z)|dz| = |Q(z)|!/2|dz| on 
a Riemann surface R defined by a quadratic differential Q(z)dz’. 
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A quadratic differential Q(z)dz is a nonlinear differential on a Riemann 
surface R which is invariant with respect to the choice of the local parameter 
z. Thus, to each local parameter z (z : U — C) a function Q, : 7(U) > C is 
associated such that, for any local parameters z,; and z2, we have 





Q-(Z2(P)) _ (= 
Q.,(zi(P)) dza(p) 


Extremal metric 

Let T' be a family of locally rectifiable curves on a Riemann surface R and 
let P be a class of conformally invariant metrics o(z)|dz| on R such that o(z) 
is square-integrable in the z-plane for every local parameter z, and the following 
Lebesgue integrals are not simultaneously equal to 0 or oo: 


2 
) for any p € U; MN Ud. 


A(R) = ff p*@dsdy and 5(T) = int / p(e)|dzl 


The modulus of the family of curves T is defined by 


The extremal length of the family of curves T is the reciprocal of M(T). 

Let P; be the subclass of P such that, for any p(z)|dz| € Pz and any y € T, 
one has I, p(z)|dz| => 1. If P, A Y, then M(T) = infpep, Ap(R). Every metric 
from P, is called an admissible metric for the modulus on I. If there exists p* 
for which 


M(T) = inf Ap(R) = Ape (R), 


the metric p*|dz| is called an extremal metric for the modulus on I. It is a 
conformally invariant metric. 
Fréchet surface metric 

Let (X,d) be a metric space, M? a compact 2D manifold, f a continuous 
mapping f : M* — X, called a parametrized surface, and 0 : M? — M? 
a homeomorphism of M? onto itself. Two parametrized surfaces f; and fy are 
called equivalent if infs max,ey2 d(fi(p),f2(o(p))) = 0, where the infimum is 
taken over all possible homeomorphisms o. A class f* of parametrized surfaces, 
equivalent to f, is called a Fréchet surface. It is a generalization of the notion of 
a surface in Euclidean space to the case of an arbitrary metric space (X, d). 

The Fréchet surface metric on the set of all Fréchet surfaces is defined by 


inf ae d(fi(p). (o(p))) 
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for any Fréchet surfaces f** and f;*, where the infimum is taken over all possible 
homeomorphisms o. Cf. the Fréchet metric in Chap. 1. 
¢ Hempel metric 

A handlebody of genus g is the boundary sum of g copies of a solid torus; it is 
homeomorphic to the closure of a regular neighborhood of some finite graph in 
IR>. Given a closed orientable 3-manifold M, its Heegaard splitting (of genus g) 
is M = A Up B where A, B are genus g handlebodies in M such that MW = AUB 
and A MB = 0A = 0B = P. Then P is called a (genus g) Heegaard surface 
of M. In knot applications, Heegaard splitting of the exterior of a knot K (the 
complement of an open solid torus knotted like K) are considered. 

Two embedded curves are isotopic if there exists a continuous deformation 
of one embedding to another through a path of embeddings. Given a closed 
connected orientable surface S of genus at least two, let C(S) = (V, E) denotes 
the graph whose vertices are isotopy classes of essential (not bounding disk 
on the surface) simple closed curves and whose edges are drawn between 
vertices with disjoint representative curves. This graph is connected. For any 
subsets of vertices X,Y C V, denote by ds(X, Y) their set-to-set distance 
min ds(x, y) : x € X,y € Y, where ds(x, y) is the path metric of C(S). 

If S is the boundary of a handlebody H, let M(H) denotes the set of vertices 
with representatives bounding meridian disks D of H, i.e., such that dD are 
essential simple closed curves in 0H. The Hempel distance of a (genus g > 2) 
Heegaard splitting M = AUpB is defined (Hempel, 2001) to be dp(M(A), M(B)). 

A Heegaard splitting M = A Up B is stabilized, if there are meridian 
disks D4, Dg of A, B respectively such that dD, and dDz intersects transversely 
in a single point. The Reidemeister-Singer distance between two Heegaard 
surfaces/splittings is the minimal number of stabilizations (roughly, additions 
of a “trivial” handle) and destabilizations (inverse operation) relating them. 


8.2 Intrinsic Metrics on Surfaces 


In this section we list intrinsic metrics, given by their line elements (which, in fact, 
are 2D Riemannian metrics), for some selected surfaces. 


¢ Quadric metric 

A quadric (or quadratic surface, surface of second-order) is a set of points 
in E*, whose coordinates in a Cartesian coordinate system satisfy an alge- 
braic equation of degree two. There are 17 classes of such surfaces. Among 
them are: ellipsoids, one-sheet and two-sheet hyperboloids, elliptic paraboloids, 
hyperbolic paraboloids, elliptic, hyperbolic and parabolic cylinders, and conical 
surfaces. 

For example, a cylinder can be given by the following parametric equations: 














x1 (u, Vv) = acosv, x2(u,v) = asinv, x3(u,v) = u. 
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The intrinsic metric on it is given by the line element 
ds* = du + adv’. 


An elliptic cone (i.e., a cone with elliptical cross-section) has the following 
equations: 


h-u h-u 
COS UV, X2(u,v) = b 








x1(u,v) =a sinv, x3(u,v) = u, 
where h is the height, ais the semimajor axis, and b is the semiminor axis of the 
cone. The intrinsic metric on it is given by the line element 
> Wt+acosv+b sin? v 2 (a? — b*)(h—u) cosvsinv 
dss = du +2 
h? h? 
(h—u)?(a’ sin? v + b* cos? v) | 5 
+ Rp dv’. 








dudv + 





¢ Sphere metric 
A sphere is a quadric, given by the Cartesian equation (x; — a)? + (x2 — b)? + 
(x3 — c)? = r’, where the point (a, b,c) is the center of the sphere, and r > 0 
is the radius of the sphere. The sphere of radius r, centered at the origin, can be 
given by the following parametric equations: 


x1(0,¢) = rsin@ cos¢, x»(0,¢) = rsind sing, x3(0,¢) = rcos@, 


where the azimuthal angle ¢ € [0, 27), and the polar angle 6 € [0, z]. 
The intrinsic metric on it (in fact, the 2D spherical metric) is given by the 
line element 


ds? = rd? + r° sin’ 6d¢’. 


A sphere of radius r has constant positive Gaussian curvature equal to r. 
¢ Ellipsoid metric 


2 2 2 
An ellipsoid is a quadric given by the Cartesian equation at + = + 4 = 1; 
or by the following parametric equations: 


x1(6,¢) = acos¢sin 6, x2(0,¢) = bsing sind, x3(8,¢) = ccos 8, 


where the azimuthal angle ¢ € [0, 27), and the polar angle 6 € [0, x]. 
The intrinsic metric on it is given by the line element 


ds” = (b’ cos? @ +a’ sin’ #) sin? Odd? + (b? — a”) cos sin ¢ cos O sin 9dOdo+ 
+((a* cos? ¢ + b’ sin® @) cos” 6 + c* sin? )d6?. 
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¢ Spheroid metric 
A spheroid is an ellipsoid having two axes of equal length. It is also a rotation 
surface, given by the following parametric equations: 


x1(u, v) = asinucosu, x2(u,v) = asinv sinu, x3(u, v) = ccosv, 


where 0 <u <2n,and0<vu<aZ. 
The intrinsic metric on it is given by the line element 


1 
ds’ = a’ sin? vdu* + 5 +? + (a —c*) cos(2v))dv’. 


¢ Hyperboloid metric 
A hyperboloid is a quadric which may be one- or two-sheeted. 
The one-sheeted hyperboloid is a surface of revolution obtained by rotating 
a hyperbola about the perpendicular bisector to the line between the foci, while 
the two-sheeted hyperboloid is a surface of revolution obtained by rotating a 
hyperbola about the line joining the foci. 
The one-sheeted circular hyperboloid, oriented along the x3 axis, is given by 


. . x x2 x . . . 
the Cartesian equation + + 4—= = 1, or by the following parametric equations: 


x(u,v) =aV1+u*?cosv, x(u,v) =aV1+u’sinv, x3(u,v) = cu, 


where v € [0, 27). The intrinsic metric on it is given by the line element 


25,2 


a 
uw+i1 





ds? = (2 + ) du? + a? (uw? + 1)dv?. 


¢ Rotation surface metric 
A rotation surface (or surface of revolution) is a surface generated by rotating 
a 2D curve about an axis. It is given by the following parametric equations: 


x1(u, v) = O(v) cosu, x2(u,v) = d(v) sinu, x3(u, v) = W(v). 
The intrinsic metric on it is given by the line element 
ds? = $d + ($? + Wav”. 
¢ Pseudo-sphere metric 
A pseudo-sphere is a half of the rotation surface generated by rotating a 


tractrix about its asymptote. It is given by the following parametric equations: 


x, (u,v) = sechucosv, x2(u,v) = sechusinv, x3(u, v) = u—tanhu, 
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where u > 0, and 0 < v < 27. The intrinsic metric on it is given by the line 
element 


ds* = tanh? udu? + sech7udv?. 


The pseudo-sphere has constant negative Gaussian curvature equal to —1, and 
in this sense is an analog of the sphere which has constant positive Gaussian 
curvature. 
¢ Torus metric 
A torus is a surface having genus one. A torus azimuthally symmetric about 


the x3 axis is given by the Cartesian equation (c — ,/x7 + x3)? + x} = a’, or by 
the following parametric equations: 


x1 (u,v) = (c+ acosv) cosu, x2(u,v) = (c+ acosv) sinu, x3(u, v) = asinv, 


where c > a, and u,v € [0, 277). 
The intrinsic metric on it is given by the line element 


ds? = (c +. acosv)*du* + a*dv’. 


For toroidally confined plasma, such as in magnetic confinement fusion, the 
coordinates u, v and a correspond to the directions called , respectively, toroidal 
(long, as lines of latitude, way around the torus), poloidal (short way around the 
torus) and radial. The poloidal distance, used in plasma context, is the distance 
in the poloidal direction. 

¢ Helical surface metric 

A helical surface (or surface of screw motion) is a surface described by a plane 
curve y which, while rotating around an axis at a uniform rate, also advances 
along that axis at a uniform rate. If y is located in the plane of the axis of rotation 
x3 and is defined by the equation x3 = f(u), the position vector of the helical 
surface is 


r= (ucosv, usinu, f(u) = hv), h = const, 
and the intrinsic metric on it is given by the line element 
ds’ = (1+ f?)du? + 2hf dudv + (uw? + h?)dv?. 
If f = const, one has a helicoid; if h = 0, one has a rotation surface. 


¢ Catalan surface metric 
The Catalan surface is a minimal surface, given by the following equations: 





x1 (u,v) = u—sinucoshv, x2(u,v) = 1—cosucoshv, x3(u,v) = 4sin (5) sinh (5) : 
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The intrinsic metric on it is given by the line element 
2 2(¥ 2 27¥ 2 
ds“ = 2 cosh 5 (cosh v — cos u)du~ + 2 cosh (3) (cosh v — cosu) dv~. 


¢ Monkey saddle metric 
The monkey saddle is a surface, given by the Cartesian equation x3 = x, (xt - 
3x3), or by the following parametric equations: 


x1 (u,v) = u, x2(u,v) = v, %3(u,v) = w — 3uv. 


This is a surface which a monkey can straddle with both legs and his tail. The 
intrinsic metric on it is given by the line element 


ds? = (1 + (su? — 3v7)*)du? — 2(18uv(u? — v?))dudv + (1 + 36u7v’)dv’). 


¢ Distance-defined surfaces and curves 

We give below examples of plane curves and surfaces which are the loci of 
points with given value of some function of their Euclidean distances to the given 
objects. 

A parabola is the locus of all points in R? that are equidistant from the given 
point (focus) and given line (directrix) on the plane. 

A hyperbola is the locus of all points in R? such that the ratio of their distances 
to the given point and line is a constant (eccentricity) greater than 1. It is also the 
locus of all points in R? such that the absolute value of the difference of their 
distances to the two given foci is constant. 

An ellipse is the locus of all points in R? such that the sum of their distances 
to the two given points (foci) is constant; cf. elliptic orbit distance in Chap. 25. 
A circle is an ellipse in which the two foci are coincident. 

A Cassini oval is the locus of all points in R? such that the product of their 
distances to two given points is a constant k. If the distance between two points 
is 2./k, then such oval is called a lemniscate of Bernoulli. 

A circle of Appolonius is the locus of points in R? such that the ratio of their 
distances to the first and second given points is constant. 

A Cartesian oval is the locus of points in R? such that their distances r, r> to 
the foci (—1, 0), (1, 0) are related linearly by ar; +br, = 1. The casesa = b,a = 
—b anda = 5 (orb = 5) correspond to the ellipse, hyperbola and limacon of 
Pascal, respectively. 

A Cassinian curve is the locus of all points in R* such that the product of their 
distances to n given points (poles) is constant. If the poles form a regular n-gon, 
then this (algebraic of degree 2n) curve is a sinusoidal spiral given also by polar 
equation r” = 2 cos(n@), and the case n = 3 corresponds to the Kiepert curve. 

Farouki and Moon, 2000, considered many other multipolar generalizations 
of above curves. For example, their trifocal ellipse is the locus of all points in 


180 8 Distances on Surfaces and Knots 


IR? (seen as the complex plane) such that the sum of their distances to the 3 cube 
roots of unity is a constant k. If k = 2,/3, the curve pass through (and is singular 
at) the 3 poles. 

In R?, a surface, rotationally symmetric about an axis, is a locus defined via 
Euclidean distances of its points to the two given poles belonging to this axis. For 
example, a spheroid (or ellipsoid of revolution) is a quadric obtained by rotating 
an ellipse about one of its principal axes. 

It is a sphere, if this ellipse is a circle. If the ellipse is rotated about its major 
axis, the result is an elongated (as the rugby ball) spheroid which is the locus of 
all points in RR? such that the sum of their distances to the two given points is 
constant. The rotation about its minor axis results in a flattened spheroid (as the 
Earth) which is the locus of all points in R* such that the sum of the distances to 
the closest and the farthest points of given circle is constant. 

A hyperboloid of revolution of two sheets is a quadric obtained by revolving a 
hyperbola about its semimajor (real) axis. Such hyperboloid with axis AB is the 
locus of all points in R? such that the absolute value of the difference of their 
distances to the points A and B is constant. 

Any point in R” is uniquely defined by its Euclidean distances to the vertices 
of a nondegenerated n-simplex. If a surface which is not rotationally symmetric 
about an axis, is a locus in R? defined via distances of its points to the given 
poles, then three noncollinear poles is needed, and the surface is symmetric with 
respect to reflection in the plane defined by the three poles. 


8.3 Distances on Knots 


A knot is a closed, self-nonintersecting curve that is embedded in S?. The trivial 
knot (or unknot) O is a closed loop that is not knotted. A knot can be generalized 
to a link which is a set of disjoint knots. Every link has its Seifert surface, i.e., a 
compact oriented surface with the given link as boundary. 

Two knots (links) are called equivalent if one can be smoothly deformed into 
another. Formally, a link is defined as a smooth one-dimensional submanifold of 
the 3-sphere S?; a knot is a link consisting of one component; two links L; and 
Ly are called equivalent if there exists an orientation-preserving homeomorphism 
f : S? + S such that f(L)) = Lo. 

All the information about a knot can be described using a knot diagram. It is 
a projection of a knot onto a plane such that no more than two points of the knot 
are projected to the same point on the plane, and at each such point it is indicated 
which strand is closest to the plane, usually by erasing part of the lower strand. Two 
different knot diagrams may both represent the same knot. Much of Knot Theory is 
devoted to telling when two knot diagrams represent the same knot. 
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An unknotting operation is an operation which changes the overcrossing and the 
undercrossing at a double point of a given knot diagram. The unknotting number 
of a knot K is the minimum number of unknotting operations needed to deform 
a diagram of K into that of the trivial knot, where the minimum is taken over all 
diagrams of K. Roughly, the unknotting number is the smallest number of times a 
knot K must be passed through itself to untie it. 

An {-unknotting operation in a diagram of a knot K is an analog of the unknotting 
operation for a {l-part of the diagram consisting of two pairs of parallel strands with 
one of the pair overcrossing another. Thus, an f-unknotting operation changes the 
overcrossing and the undercrossing at each vertex of obtained quadrangle. 


¢ Gordian distance 

The Gordian distance is a metric on the set of all knots defined, for given 
knots K and K’, as the minimum number of unknotting operations needed to 
deform a diagram of K into that of K’, where the minimum is taken over all 
diagrams of K from which one can obtain diagrams of K’. The unknotting 
number of K is equal to the Gordian distance between K and the trivial knot 
O. 

Let rK be the knot obtained from K by taking its mirror image, and let —K be 
the knot with the reversed orientation. The positive reflection distance Ref+(K) 
is the Gordian distance between K and rK. The negative reflection distance 
Ref_(K) is the Gordian distance between K and —rK. The inversion distance 
Inv(K) is the Gordian distance between K and —K. 

The Gordian distance is the case k = 1 of the C,-distance which is the 
minimum number of C,-moves needed to transform K into K’; Habiro, 1994 
and Goussarov, 1995, independently proved that, for k > 1, it is finite if and 
only if both knots have the same Vassiliev invariants of order less than k. A C,- 
move is a single crossing change, a C2-move (or delta-move) is a simultaneous 
crossing change for 3 arcs forming a triangle. C)- and C3-distances are called 
delta distance and clasp-pass distance, respectively. 

¢ {-Gordian distance 

The {t-Gordian distance (see, for example, [Mura85]) is a metric on the set 
of all knots defined, for given knots K and K’, as the minimum number of {l- 
unknotting operations needed to deform a diagram of K into that of K , where the 
minimum is taken over all diagrams of K from which one can obtain diagrams 
of K’. 

Let rK be the knot obtained from K by taking its mirror image, and let —K 
be the knot with the reversed orientation. The positive {-reflection distance 
Ref, (K) is the {t-Gordian distance between K and rK. The negative {-reflection 
distance Ref! (K) is the {-Gordian distance between K and —rK. The {-inversion 
distance Inv4(K) is the {-Gordian distance between K and —K. 

* Knot complement hyperbolic metric 
The complement of a knot K (or a link L) is S*\K (or S3\L, respectively). 
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A knot (or, in general, a link) is called hyperbolic if its complement supports 
a complete Riemannian metric of constant curvature —1. In this case, the metric 
is called a knot (or link) complement hyperbolic metric, and it is unique. 

A knot is hyperbolic if and only if (Thurston, 1978) it is not a satellite knot 
(then it supports a complete locally homogeneous Riemannian metric) and not a 
torus knot (does not lie on a trivially embedded torus in S*). The complement of 
any nontrivial knot supports a complete nonpositively curved Riemannian metric. 





Chapter 9 
Distances on Convex Bodies, Cones, 
and Simplicial Complexes 


9.1 Distances on Convex Bodies 





yi 








A convex body in the n-dimensional Euclidean space is a convex compact 
connected subset of E”. It is called solid (or proper) if it has nonempty interior. 
Let K denote the space of all convex bodies in E”, and let K,, be the subspace of all 
proper convex bodies. Given a set X C E”, its convex hull conv(X) is the minimal 
convex set containing X. 

Any metric space (K,d) on K is called a metric space of convex bodies. Such 
spaces, in particular the metrization by the Hausdorff metric, or by the symmetric 
difference metric, play a basic role in Convex Geometry (see, for example, 
[Grub93]). 

For C,D € K\{®}, the Minkowski addition and the Minkowski nonnegative 
scalar multiplication are defined by C+ D = {x+y: x € C,y € D}, and 
aC = {ax :x € C}, a > 0, respectively. The Abelian semigroup (K, +) equipped 
with nonnegative scalar multiplication operators can be considered as a convex cone. 

The support function hc : S""! — Roof C € K is defined by hc(u) = 
sup{(u,x) : x € C} for any wu € S"~!, where S”~! is the (n — 1)-dimensional 
unit sphere in IE", and (,) is the inner product in E”. The width wc(u) is hc(u) + 
hc(—u) = hc—c(u). It is the perpendicular distance between the parallel supporting 
hyperplanes perpendicular to given direction. The mean width is the average of 
width over all directions in S"~!. 

































































¢ Area deviation 
The area deviation (or template metric) is a metric on the set K, in i (ie., 
on the set of plane convex disks) defined by 
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where A(.) is the area, and A is the symmetric difference. If C C D, then it is 
equal to A(D) — A(C). 
¢ Perimeter deviation 
The perimeter deviation is a metric on K,, in E* defined by 














2p(conv(C U D)) — p(C) — p(D), 


where p(.) is the perimeter. In the case C C D, it is equal to p(D) — p(C). 
¢ Mean width metric 
The mean width metric is a metric on K, in &? defined by 














v2W(conv(C U D)) — W(C) — W(D), 


where W(.) is the mean width: W(C) = p(C)/z, and p(.) is the perimeter. 
¢ Florian metric 
The Florian metric is a metric on K defined by 


J) iicta) = hotan|doru) = Ihe — hol 


It can be expressed in the form 2S(conuv(C U D)) — S(C) — S(D) for n = 2 (cf. 
perimeter deviation); it can be expressed also in the form nk,(2W(conv(C U 
D)) — W(C) — W(D)) for n > 2 (cf. mean width metric). 

Here S(.) is the surface area, k, is the volume of the unit ball B" of E", and 
W(.) is the mean width: W(C) = ae J (he(u) + hc(—u))do(u). 

¢ McClure-Vitale metric 
Given | < p < ov, the McClure-Vitale metric is a metric on K, defined by 














(/ nc) ~ ho(wyPaotay)' — [lc — hp||p- 
grr 


¢ Pompeiu—Hausdorff-Blaschke metric 
The Pompeiu—Hausdorff—Blaschke metric is a metric on K defined by 


max{sup inf ||x — y||2, sup inf ||x — y||2}, 
xec YED yEDACU 





ce 








where ||.||2 is the Euclidean norm on 
In terms of support functions and using Minkowski addition, this metric is 





sup |hc(u)—hp(u)| = |\hc—hp| loo = inf{A > 0: C C D+AB",D C C+AB"}, 


ues"! 











where B’’ is the unit ball of E”. This metric can be defined using any norm on R” 
and for the space of bounded closed subsets of any metric space. 
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¢ Pompeiu—Eggleston metric 
The Pompeiu—Eggleston metric is a metric on K defined by 


peas [lx — yll2 + me inf ||x — yll2. 





where ||.||2 is the Euclidean norm on E”. 


In terms of support functions and using Minkowski addition, this metric is 











max{0, sup (Ac(u) — hp(u))} + max{0, sup (Ap(u) — hc(u))} = 


ues"! ues! 


= inffA >0:CCD+AB"} + inff4 >0:DCC+AB’}, 











where B’’ is the unit ball of E”. This metric can be defined using any norm on R” 
and for the space of bounded closed subsets of any metric space. 
¢ Sobolev distance 
The Sobolev distance is a metric on K defined by 





lhc — hp||w: 


where ||.||,, is the cai 1-norm on the set Gg.-1 of all real continuous functions 
on the unit sphere S’~! of E”. 
The Sobolev 1-norm is defined by || f||. = (f./f) ?, where (,)w is an inner 


product on Ggi—1, given by 

















(f,8)v = ie (fg + Vs(f, g))dwo, wo = 


w 
ky 














where V;(f, g) = (grad, gradsg), (,) is the inner product in E”, and grad, is 
the gradient on S"—! (see [ArWe92]). 
¢ Shephard metric 
The Shephard metric is a metric on K, defined by 


In(i + 2infA >0:CCD+A(D-—D),DCC+A(C—C)}). 
¢ Nikodym metric 


The Nikodym metric (or volume of symmetric difference, Dinghas 
distance) is a metric on K, defined by 


V(CAD) = [sec _ liep)*dx, 


where V(.) is the volume (i.e., the Lebesgue n-dimensional measure), and A is 
the symmetric difference. For n = 2, one obtains the area deviation. 
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Normalized volume of symmetric difference is a variant of Steinhaus 
distance defined by 


V(CAD) 
V(CUD) 


Eggleston distance 
The Eggleston distance (or symmetric surface area deviation) is a distance 
on K,, defined by 


S(CUD)—S(CND), 


where S(.) is the surface area. It is not a metric. 
Asplund metric 

The Asplund metric is a metric on the space K,/ ~ of affine-equivalence 
classes in K, defined by 














Ininf{A > 1:47: E” > E" affine, x € E”,C C T(D) CAC 4+ x} 




















for any equivalence classes C* and D* with the representatives C and D, 
respectively. 
Macbeath metric 

The Macbeath metric is a metric on the space K,/ ~ of affine-equivalence 
classes in K, defined by 





Ininf{| det 7 - P| : AT, P : E” > E” regular affine, C C T(D), D C P(C)} 

















for any equivalence classes C* and D* with the representatives C and D, 
respectively. 

Equivalently, it can be written as Ind(C,D) + Iné(D,C), where 6(C,D) = 
infr{ C Cc T(D)}, and T is a regular affine mapping of E” onto itself. 
Banach—Mazur metric 

The Banach-Mazur metric is a metric on the space K,,/ ~ of the 
equivalence classes of proper 0-symmetric convex bodies with respect to linear 


transformations defined by 























Ininff{A > 1:47: E” > E" linear, C Cc T(D) C AC} 











for any equivalence classes C* and D* with the representatives C and D, 
respectively. 

It is a special case of the Banach—Mazur distance (Chap. 1). 
Separation distance 

The separation distance between two disjoint convex bodies C and D in 
4” (in general, between any two disjoint subsets) E”) is (Buckley, 1985) their 
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Euclidean set-set distance inf{||x — y||2 : x € C,y € D}, while sup{||x — y||2 : 
x € C,y € D} is their spanning distance. 
¢ Penetration depth distance 
The penetration depth distance between two interpenetrating convex bodies 
C and D in E” (in general, between any two interpenetrating subsets of E”) is 
(Cameron—Culley, 1986) defined as the minimum translation distance that one 
body undergoes to make the interiors of C and D disjoint: 


























min{||?||2 : interior(C + t) ND = 9}. 


Keerthi—Sridharan, 1991, considered ||f||,- and ||¢||,.o-analogs of this distance. 
Cf. penetration distance in Chap. 23 and penetration depth in Chap. 24. 
¢ Growth distances 
Let C,D € K, be two compact convex proper bodies. Fix their seed points 
Pc € int C and pp € int D; usually, they are the centroids of C and D. The growth 
function g(C, D) is the minimal number A > 0, such that 


(ipc} + A(C\{pc})) 9 (pvt + A(WD\{po})) F 9. 


It is the amount objects must be grown if g(C,D) > 1 (i.e, CN D = 9), or 
contracted if g(C, D) > 1 (i.e., int CN int D # ) from their internal seed points 
until their surfaces just touch. The growth separation distance ds(C, D) and the 
growth penetration distance dp(C, D) ([OnGi96]) are defined as 


ds(C, D) = max{0, rcp(g(C, D)—1)} and dp(C, D) = max{0, rcp(1—g(C, D))}, 


where rcp is the scaling coefficient (usually, the sum of radii of circumscribing 
spheres for the sets C\{pc} and D\{pp}). 

The one-sided growth distance between disjoint C and D (Leven-Sharir, 
1987) is 


—1+ mind > 0: (tpc} + AL(C\tpc})) 1 D F GF. 


¢ Minkowski difference 
The Minkowski difference on the set of all compact subsets, in particular, on 
the set of all sculptured objects (or free form objects), of R? is defined by 


A-B={x-y:xeEA,yeB}. 


If we consider object B to be free to move with fixed orientation, the Minkowski 
difference is a set containing all the translations that bring B to intersect with 
A. The closest point from the Minkowski difference boundary, 0(A — B), to the 
origin gives the separation distance between A and B. 
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If both objects intersect, the origin is inside of their Minkowski difference, 
and the obtained distance can be interpreted as a penetration depth distance. 
Demyanov distance 

Given C € K, and u € S""!, denote, if |{c € C : (u,c) = hc(u)}| = 1, this 
unique point by y(u, C) (exposed point of C in direction u). 

The Demyanov difference A © B of two subsets A, B € K,, is the closure of 


conv (Uryaynr(ay{y(u, A) — y(u, B)}), 


where T(C) = {ue S""!: [fe € C: (u,c) = hc(w)}| = 1}. 
The Demyanov distance between two subsets A, B € K, is defined by 


||A © Bi| = max ||cl|>. 
c€AOB 


It is shown in [BaFa07] that ||A © B|| = sup, ||St_(A) — Sty(M)||2, where St, (C) 
is a generalized Steiner point and the supremum is over all “sufficiently smooth” 
probabilistic measures a. 
Maximum polygon distance 

The maximum polygon distance is a distance between two convex polygons 
P = (—~i,...,Pn) and Q = (qj,..., Gm) defined by 


max ||pi — qj |2. ie€ {1,...,m}, je {1,...,m}. 


Grenander distance 

Let P = (pj,...,Pn) and Q = (q1,..., 4m) be two disjoint convex polygons, 
and let L(p;, g;), L(pi, dm) be two intersecting critical support lines for P and Q. 
Then the Grenander distance between P and Q is defined by 


lpi — ajllo + ||P — @mll2 — 2 (pi, Pr) — U(8j, 4m), 


where ||.||2 is the Euclidean norm, and (pj, p;) is the sum of the edges lengths 
of the polynomial chain pj, ... , p. 

Here P = (p,..., Pn) is aconvex polygon with the vertices in standard form, 
i.e., the vertices are specified according to Cartesian coordinates in a clockwise 
order, and no three consecutive vertices are collinear. A line L is a line of support 
of P if the interior of P lies completely to one side of L. 

Given two disjoint polygons P and Q, the line L(p;, qj) is a critical support 
line if it is a line of support for P at p;, a line of support for Q at q;, and P and 
Q lie on opposite sides of L(p;, q;). In general, a chord [a, b] of a convex body 
C is called its affine diameter if there is a pair of different hyperplanes each 
containing one of the endpoints a, b and supporting C. 
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9.2 Distances on Cones 


A convex cone C in a real vector space V is a subset C of V such that C+ C C C, 
AC Cc C for any A > 0. A cone C induces a partial order on V by 


x < yif and only ify—x EC. 


The order < respects the vector structure of V, i.e., if x < y and z x u, thenx+z xX 
y + u, and if x < y, then Ax < Ay, A € R, A => 0. Elements x,y € V are called 
comparable and denoted by x ~ y if there exist positive real numbers a and 6 such 
that ay < x x By. Comparability is an equivalence relation; its equivalence classes 
(which belong to C or to —C) are called parts (or components, constituents). 

Given a convex cone C, a subset S = {x € C: T(x) = 1}, where T:V > R 
is a positive linear functional, is called a cross-section of C. A convex cone C is 
called almost Archimedean if the closure of its restriction to any 2D subspace is also 
acone. 

A convex cone C is called pointed if CU (—C) = {0} and solid if int C # @. 


¢ Koszul—-Vinberg metric 

Given an open pointed convex cone C, let C* be its dual cone. 

The Koszul—Vinberg metric on C (Vinberg, 1963, and Koszul, 1965) is an 
affine invariant Riemannian metric defined as the Hessian g = d?Wc, where 
Vc(x) = —log [e+ ede for any x € C. 

The Hessian of the entropy (Legendre transform of Wc(x)) defines a metric 
on C*, which ([Barb14]) is equivalent to the Fisher-Rao metric (Sect. 7.2). 
[Barb14] also observed that Fisher—Souriau metric ({Sour70]) generalises 
Fisher-Rao metric for Lie group thermodynamics and interpreted it as a 
geometric heat capacity. 

¢ Invariant distances on symmetric cones 

An open convex cone C in an Euclidean space V is said to be homogeneous if 
its group of linear automorphisms G = {g € GL(V) : g(C) = C} act transitively 
on C. If, moreover, C is pointed and C is self-dual with respect to the given inner 
product (, }, then it is called a symmetric cone. Any symmetric cone is a Cartesian 
product of such cones of only 5 types: the cones Sym(n,R)*, Her(n,C)* (cf. 
Chap. 12), Her(n, H)* of positive-definite Hermitian matrices with real, complex 
or quaternion entries, the Lorentz cone (or forward light cone) {(t,x1,...,Xn) € 
R'tl s P > x7 +-+++22} and 27-dimensional exceptional cone of 3 x 3 positive- 
definite matrices over the octonions O. Ann x n quaternion matrix A can be seen 
as a 2n x 2n complex matrix A’; so, A € Her(n,H)* means A’ € Her(2n,C)?. 

Let V be an Euclidean Jordan algebra, i.e., a finite-dimensional Jordan alge- 
bra (commutative algebra satisfying x?(xy) = x(x’y) and having a multiplicative 
identity e) equipped with an associative ({xy,z) = (y,xz)) inner product (,). 
Then the set of square elements of V is a symmetric cone, and every symmetric 
cone arises in this way. Denote P(x)y = 2x(xy) — xy for any x,y € C. 


190 9 Distances on Convex Bodies, Cones, and Simplicial Complexes 


For example, for C = PD,,(R), the group G is GL(n, R), the inner product is 
(X, Y) = Tr(XY), the Jordan product is 5(XY + YX), and P(X)Y = XYX, where 
the multiplication on the right-hand side is the usual matrix multiplication. 

If r is the rank of V, then for any x € V there is a complete set of orthogonal 


primitive idempotents c),...,c, 4 0 (ie., a = cj, cj indecomposable, cjc; = 0 
if i $j, )°)_, ci = e) and real numbers Aj,...,A,, called eigenvalues of x, such 
that x = 0", Aicj. Let x,y € C and Aj,...,A, be the eigenvalues of P(x~2)y. 


Lim, 2001, defined following three G-invariant distances on any symmetric cone 
C: 


dr = ( = In? aD?, dr = max In|A;|, dy = In(max A,( min AY: 
1<i<r 1<i<r l<i<r 


l<i<r 


For above distances, the geometric mean P(x? )\(PQm? y))2 is the midpoint 
of x and y. The distances dr(x,y), dr(x,y) are the intrinsic metrics of G- 
invariant Riemannian and Finsler metrics on C. The Riemannian geodesic curve 
a(t) = P(x2)(P(x-2 y))‘ is one of infinitely many shortest Finsler curves passing 
through x and y. The space (C, dr(x, y)) is an Hadamard space (Chap. 6), while 
(C, dr(x, y)) is not. The distance dr(x, y) is the Thompson’s part metric on C, 
and the distance dy(x, y) is the Hilbert projective semimetric on C which is a 
complete metric on the unit sphere on C. 
Thompson’s part metric 

Given a convex cone C in areal Banach space V, the Thompson’s part metric 
on apart K C C\{0} is defined (Thompson, 1963) by 


log max{m(x, y), m(y, x)} 


for any x, y € K, where m(x, y) = inf{A € R: y X Ax}. 

If C is almost Archimedean, then K equipped with this metric is a complete 
metric space. If C is finite-dimensional, then one obtains a chord space 
(Chap. 6). The positive cone RY) = {(x1,...,%) 1 x = Oforl < i < n} 
equipped with this metric is isometric to a normed space which can be seen as 
being flat. The same holds for the Hilbert projective semimetric on R’, . 

If C is a closed solid cone in IR”, then int C can be seen as an n-dimensional 
manifold M”. If for any tangent vector v € T,(M"), p € M", we define a norm 
||v| e = inffa > 0: -—ap < v X ap}, then the length of any piecewise 


differentiable curve y : [0,1] > M” is I(y) = is lly | | yat, and the distance 


between x and y is inf, /(y), where the infimum is taken over all such curves y 
with y(0) = x, y(1) = y. 
Hilbert projective semimetric 

Given a pointed closed convex cone C in a real Banach space V, the Hilbert 
projective semimetric on C\{0} is defined (Bushell, 1973), for x, y € C\{0}, by 





h(x, y) = log(m(x, y)m(y, x)), 
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where m(x, y) = inf{A € R: y X Ax}; it holds aay = sup{A € R: Ay ~ x}. 
This semimetric is finite on the interior of C and h(Ax, A’y) = h(x, y) fora, A’ > 
0. So, h(x, y) is a metric on the projectivization of C, i.e., the space of rays of this 
cone. 

If C is finite-dimensional, and S is a cross-section of C (in particular, S = {x € 
C: ||x|| = 1}, where ||.|| is a norm on V), then, for any distinct points x, y € S, it 
holds h(x, y) = |In(@, y, z, |, where z, ¢ are the points of the intersection of the 
line /,, with the boundary of S, and (x, y, z, t) is the cross-ratio of x, y, z, t. Cf. 
the Hilbert projective metric in Chap. 6. 

If C is finite-dimensional and almost Archimedean, then each part of C is a 
chord space (Chap. 6) under the Hilbert projective semimetric. On the Lorentz 
cone L = {x = (t,x1,...,%) € Rt: 2 > xt +--+ + x2}, this semimetric is 
isometric to the n-dimensional hyperbolic space. On the hyperbolic subspace 
H = {x € L: det(x) = 1}, it holds h(x,y) = 2d(x,y), where d(x, y) is 
the Thompson’s part metric which is (on H) the usual hyperbolic distance 
arccosh(x, y). 

If C is a closed solid cone in R", then int C can be seen as an n-manifold M” 
(Chap. 2). If for any tangent vector v € T,(M"), p ¢ M”, we define a seminorm 
||v| 4 = m(p,v) — m(v, p), then the length of any piecewise differentiable curve 


y : [0,1] > Mis (vy) = 1. lly Olea. and h(x, y) = inf, /(y), where the 
infimum is taken over all such curves y with y(0) = x and y(1) = y. 
¢ Bushell metric 
Given a convex cone C in a real Banach space V, the Bushell metric on the 
set S = {x € C: 7, |x;| = 1} Gin general, on any cross-section of C) is defined 
by 


1 — m(x, y) -m,x) 
1 + m(x, y) -m(y, x) 





for any x,y € S, where m(x,y) = inff{A e R: y X< Ax}. In fact, it is equal to 
tanh(5/(x, y)), where h is the Hilbert projective semimetric. 
¢ k-oriented distance 
A simplicial cone C in R" is defined as the intersection of n (open or closed) 
half-spaces, each of whose supporting planes contain the origin 0. For any set M 
of n points on the unit sphere, there is a unique simplicial cone C that contains 
these points. The axes of the cone C can be constructed as the set of the n rays, 
where each ray originates at the origin, and contains one of the points from M. 
Given a partition {C),..., Cy} of R” into a set of simplicial cones C),..., Cy, 
the k-oriented distance is a metric on R” defined by 


d(x — y) 


for all x, y € R”, where, for any x € C;, the value d;(x) is the length of the shortest 
path from the origin 0 to x traveling only in directions parallel to the axes of C;j. 
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¢ Cones over metric space 
A cone over a metric space (X,d) is the quotient space Con(X, d)=(X x 
[0, 1])/(X x {0}) obtained from the product X x Rso by collapsing the fiber 
(subspace X x {0}) to a point (the apex of the cone). Cf. metric cone in Chap. 1. 
The Euclidean cone over the metric space (X, d) is the cone Con(X, d) with a 
metric d defined, for any (x, f), (y, s) € Con(X, d), by 





V2 + s? — 2ts cos(min{d(x, y), 7}). 


If (X, d) is a compact metric space with diameter < 2, the Krakus metric is 
a metric on Con(X, d) defined, for any (x, t), (y, 5) € Con(X, d), by 


min{s, t}d(x, y) + |t—s|. 


The cone Con(X,d) with the Krakus metric admits a unique midpoint for each 
pair of its points if (X, d) has this property. 

If M” is a manifold with a pseudo-Riemannian metric g, one can consider a 
metric dr?+r?g (in general, a metric ¢dr?+1?g, k # 0) on Con(M") = M"xRso. 
For example, Con(M") = R” \ {0} if (M”, g) is the unit sphere in R”. 

A spherical cone (or suspension) X(X) over a metric space (X,d) is the 
quotient of the product X x [0, a] obtained by identifying all points in the fibers 
X x {0} and X x {a}. If (X, d) is a length space (Chap. 6) with diam(X) < zm, and 
a = 7, the suspension metric on © (X) is defined, for any (x, 1), (y,s) € U(X), 
by 


arccos(costcoss + sintsinscos d(x, y)). 


9.3 Distances on Simplicial Complexes 


An r-dimensional simplex (or geometrical simplex, hypertetrahedron) is the convex 
hull of r + 1 points of E” which do not lie in any (r — 1)-plane. The boundary 
of an r-simplex has r + 1 0-faces (polytope vertices), ee 1-faces (polytope 
edges), and Ca) i-faces, where (}) is the binomial coefficient. The content (i.e., the 
hypervolume) of a simplex can be computed using the Cayley-Menger determinant. 
The regular simplex of dimension r is denoted by @,. Simplicial depth of a point 
p € E” relative to a set P C E” is the number of simplices S, generated by (n + 1)- 
subsets of P and containing p. 

Roughly, a geometrical simplicial complex is a space with a triangulation, i.e., a 
decomposition of it into closed simplices such that any two simplices either do not 
intersect or intersect only along a common face. 

An abstract simplicial complex S is a set, whose elements are called vertices, in 
which a family of finite nonempty subsets, called simplices, is distinguished, such 
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that every nonempty subset of a simplex s is a simplex, called a face of s, and every 
one-element subset is a simplex. A simplex is called i-dimensional if it consists 
of i + 1 vertices. The dimension of S is the maximal dimension of its simplices. 
For every simplicial complex S there exists a triangulation of a polyhedron whose 
simplicial complex is S. This geometric simplicial complex, denoted by GS, is called 
the geometric realization of S. 


¢ Vietoris—Rips complex 
Given a metric space (X,d) and distance 6, their Vietoris-Rips complex is 
an abstract simplicial complex, the simplexes of which are the finite subsets M 
of (X,d) having diameter at most 6; the dimension of a simplex defined by M is 
|M| —1. 
¢ Simplicial metric 
Given an abstract simplicial complex S, the points of geometric simplicial 
complex GS, realizing S, can be identified with the functions a : S$ — [0, 1] for 
which the set {x € S : a(x) # 0} is a simplex in S, and }°.<,a(x) = 1. The 
number a(x) is called the x-th barycentric coordinate of a. 
The simplicial metric on GS (Lefschetz, 1939) is the Euclidean metric on it: 





Yi (a(a) — B(@))?. 


xeS$ 


Tukey, 1939, found another metric on GS, topologically equivalent to a 
simplicial one. His polyhedral metric is the intrinsic metric, defined as the 
infimum of the lengths of the polygonal lines joining the points a and 6 such that 
each link is within one of the simplices. An example of a polyhedral metric is the 
intrinsic metric on the surface of a convex polyhedron in E?. 

¢ Polyhedral space 

A Euclidean polyhedral space is a simplicial complex with a polyhedral 
metric. Every simplex is a flat space (a metric space locally isometric to 
some EI”; cf. Chap. 1), and the metrics of any two simplices coincide on their 
intersection. The metric is the maximal metric not exceeding the metrics of 
simplices. 

If such a space is an n-manifold (Chap. 2), a point in it is a metric singularity 
if it has no neighborhood isometric to an open subset of E”. 

A polyhedral metric on a simplicial complex in a space of constant (positive 
or negative) curvature results in spherical and hyperbolic polyhedral spaces. 

The dimension of a polyhedral space is the maximal dimension of simplices 
used to glue it. Metric graphs (Chap. 15) are just one-dimensional polyhedral 
spaces. 

The surface of a convex polyhedron is a 2D polyhedral space. A polyhedral 
metric d on a triangulated surface is a circle-packing metric (Thurston, 1985) 
if there exists a vertex-weighting w(x) > 0 with d(x, y) = w(x) + w(y) for any 
edge xy. 
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¢« Manifold edge-distance 

A (boundaryless) combinatorial n-manifold is an abstract n-dimensional 
simplicial complex M” in which the link of each r-simplex is an (n—r—1)-sphere. 
The category of such spaces is equivalent to the category of piecewise-linear (PL) 
manifolds. 

The link of a simplex S is Cl(Stars) — Stars, where Stars is the set of 
all simplices in M” having a face S, and Cl(Stars) is the smallest simplicial 
subcomplex of M” containing Stars. 

The edge-distance between vertices u,v € M” is the minimum number of 
edges needed to connect them. 

¢ Manifold triangulation metric 

Let M” be a compact PL (piecewise-linear) n-dimensional manifold. A trian- 
gulation of M” is a simplicial complex such that its corresponding polyhedron 
is PL-homeomorphic to M”. Let Ty be the set of all combinatorial types of 
triangulations, where two triangulations are equivalent if they are simplicially 
isomorphic. 

Every such triangulation can be seen as a metric on the smooth manifold M@ 
if one assigns the unit length for any of its 1-dimensional simplices; so, Ti» can 
be seen as a discrete analog of the space of Riemannian structures, i.e., isometry 
classes of Riemannian metrics on M". 

A manifold triangulation metric between two triangulations x and y is 
(Nabutovsky and Ben-Av, 1993) an editing metric on Ty, i.e., the minimal 
number of elementary moves, from a given finite list of operations, needed to 
obtain y from x. 

For example, the bistellar move consists of replacing a subcomplex of a 
given triangulation, which is simplicially isomorphic to a subcomplex of the 
boundary of the standard (n + 1)-simplex, by the complementary subcomplex 
of the boundary of an (n + 1)-simplex, containing all remaining n-simplices and 
their faces. Every triangulation can be obtained from any other one by a finite 
sequence of bistellar moves. 

¢ Polyhedral chain metric 

An r-dimensional polyhedral chain A in E" is a linear expression )~""_, dit’, 
where, for any i, the value #7 is an r-dimensional simplex of E”. The boundary 
0A of a chain AD is the linear combination of boundaries of the simplices in the 
chain. The boundary of an r-dimensional chain is an (r — 1)-dimensional chain. 

A polyhedral chain metric is a norm metric ||A — B|| on the set C,(E”) of 
all r-dimensional polyhedral chains. As a norm ||.|| on C,(E”) one can take: 


















































1. The mass of a polyhedral chain, ie., |A] = 0, |di||¢7], where |r’| is the 
volume of the cell #7; 

2. The flat norm of a polyhedral chain, i.e., |A|’? = infp{|A — dD] + |D|}, where 
the infimum is taken over all (r + 1)-dimensional polyhedral chains; 
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3. The sharp norm of a polyhedral chain, 1.e., 


dj||t}| |v; 
at = ne ( EE 1 Idil| rie 41S a) 


where the infimum is taken over all shifts v (here T,t" is the cell obtained by 
shifting ¢” by a vector v of length |v|). A flat chain of finite mass is a sharp 
chain. If r = 0, than |A|’ = |A|?. 


The metric space of polyhedral co-chains (i.e., linear functions of polyhedral 
chains) can be defined similarly. As a norm of a polyhedral co-chain X one can 
take: 


1. The co-mass of a polyhedral co-chain, i.e., |X| = supj4)=; |X(A)|, where X(A) 
is the value of the co-chain X on a chain A; 

2. The flat co-norm of a polyhedral co-chain, i.e., |X|’ = SUP j4}>=1 |X (A)|; 

3. The sharp co-norm of a polyhedral co-chain, i.e., |X|* = supjaji=1 |X(A)]- 
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Chapter 10 
Distances in Algebra 


10.1 Group Metrics 


A group (G,-,e) is a set G of elements with a binary operation -, called the group 
operation, that together satisfy the four fundamental properties of closure (x-y € G 
for any x, y € G), associativity (x: (y+z) = (x-y)-z for any x, y, z € G), the identity 
property (x-e = e-x = x for any x € G), and the inverse property (for any x € G, 
there exists an element x~! € G such that x- x7! liye), 

In additive notation, a group (G, +, 0) is a set G with a binary operation + such 
that the following properties hold: x+y € G forany x,y € G,x+(y+z) = (x+y)+z 
for any x,y,z € G,x +0 =0+x = x for any x € G, and, for any x € G, there 
exists an element —x € G such that x + (—x) = (—x) +x = 0. 

A group (G, -,e) is called finite if the set G is finite. A group (G,-,e) is called 
Abelian if it is commutative, 1.e.,x-y = y-x for any x,y € G. 

Most metrics considered in this section are group norm metrics on a group 
(G, -,e), defined by 


=x 


Ixy" 


(or, sometimes, by ||y~! -x||), where ||.|| is a group norm, i.e., a function ||.|| : G > 
R such that, for any x, y € G, we have the following properties: 


1. ||x|| = 0, with ||x|| = 0 if and only if x = e; 
2. |lxl| = Ila" IIs 
3. ||x-yl|| < ||x]] + ||y|| (triangle inequality). 


In additive notation, a group norm metric on a group (G,+,0) is defined by 
|x + (—y)|| = [lx — yl], or, sometimes, by ||(—y) + 21]. 

The simplest example of a group norm metric is the bi-invariant ultrametric 
(sometimes called the Hamming metric) ||x-y~!||4, where ||x||y = 1 for x 4 e, and 
lella = 0. 
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Bi-invariant metric 
A metric (in general, a semimetric) d on a group (G, -, e) is called bi-invariant 
if 


d(x, y) = d(x-z,y-z) = d(z-x,z-y) 


for any x,y,z € G (cf. translation invariant metric in Chap.5). Any group 
norm metric on an Abelian group is bi-invariant. 

A metric (in general, a semimetric) d on a group (G,-,e) is called a right- 
invariant metric if d(x, y) = d(x-z, y-z) for any x, y, z € G, 1.e., the operation of 
right multiplication by an element z is a motion of the metric space (G, d). Any 
group norm metric defined by ||x- y—'|], is right-invariant. 

A metric (in general, a semimetric) d on a group (G,-,e) is called a left- 
invariant metric if d(x, y) = d(z-x,z- y) holds for any x,y,z € G, ie., the 
operation of left multiplication by an element z is a motion of the metric space 
(G, d). Any group norm metric defined by ||y~! - x||, is left-invariant. 

Any right-invariant or left-invariant (in particular, bi-invariant) metric d on G 
is a group norm metric, since one can define a group norm on G by ||x|| = d(x, 0). 
G-invariant metric 

Given a metric space (X,d) and an action g(x) of a group G on it, the metric 
d is called G-invariant (under this action) if for all x, y € X, g € Git holds 


d(g(x), g(y)) = d(x, y). 


For every G-invariant metric dy on X and every point x € X, the function 


dg(g1, 82) = dx(gi(x), g2(x)) 


is a left-invariant metric on G. This metric is called orbit metric in [BBI01], 
since it is the restriction of d on the orbit Gx, which can be identified with G. 
Positively homogeneous distance 

A distance d on an Abelian group (G, +, 0) is called positively homogeneous 
if 


d(mx, my) = md(x, y) 


for all x, y € Gand all m € N, where mx is the sum of m terms all equal to x. 
Translation discrete metric 

A group norm metric (in general, a group norm semimetric) on a group 
(G, -, e) is called translation discrete if the translation distances (or translation 
numbers) 


t(x) = lim ial 


noo Nn 
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of the nontorsion elements x (i.e., such that x" # e for any n € N) of the group 
with respect to that metric are bounded away from zero. 

If the numbers tg(x) are just nonzero, such a group norm metric is called a 
translation proper metric. 

¢ Word metric 

Let (G,-,e) be a finitely-generated group with a set A of generators (i.e., A 
is finite, and every element of G can be expressed as a product of finitely many 
elements A and their inverses). The word length w‘,,(x) of an element x € G\{e} 
is defined by 


w(x) = inf{r : x = aj!...a%,a; € A,e € {£1} and wi/(e) = 0. 


The word metric d4j, associated with A is a group norm metric on G defined 
by 


w(x: y'). 


As the word length w %, is a group norm on G, dy is right-invariant. Sometimes 
it is defined as w4,(y!-x), and then it is left-invariant. In fact, d#, is the maximal 
metric on G that is right-invariant, and such that the distance from any element 
of A or A~! to the identity element e is equal to one. 

If A and B are two finite sets of generators of the group (G,-,e), then the 
identity mapping between the metric spaces (G,d},) and (G,d®,) is a quasi- 
isometry, i.e., the word metric is unique up to quasi-isometry. 

The word metric is the path metric of the Cayley graph TY of (G,-,e), 
constructed with respect to A. Namely, I’ is a graph with the vertex-set G in 
which two vertices x and y € G are connected by an edge if and only if y = a‘x, 
e=Htlaeéa. 

¢ Weighted word metric 

Let (G, -, e) be a finitely-generated group with a set A of generators. Given a 
bounded weight function w : A + (0, 00), the weighted word length w(x) of 
an element x € G\{e} is defined by w4y,(e) = 0 and 


t 
wiyw(x) = inf) )" w(a),t Nix =aj!...a%,a) €A,e € {41}p . 


i=1 


The weighted word metric d‘j,,, associated with A is a group norm metric 
on G defined by 


wiww(x-y'). 


As the weighted word length w {, is a group norm on G, diy is right-invariant. 
Sometimes it is defined as w4y(y~! - x), and then it is left-invariant. 
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The metric te is the supremum of semimetrics d on G with the property that 
d(e,a) < w(a) for anyaeé A. 

The metric Coe is a coarse-path metric, and every right-invariant coarse path 
metric is a weighted word metric up to coarse isometry. 

The metric dey is the path metric of the weighted Cayley graph Tw of 
(G,-,e) constructed with respect to A. Namely, Py is a weighted graph with 
the vertex-set G in which two vertices x and y € G are connected by an edge with 
the weight w(a) if and only if y = a°x,e = £1,aeéA. 

¢ Interval norm metric 

An interval norm metric is a group norm metric on a finite group (G, -, e) 

defined by 


-1 
| |x ‘y | lint 
where ||.||ine is an interval norm on G, i.e., a group norm such that the values of 
||-|line form a set of consecutive integers starting with 0. 
To each interval norm ||.||in corresponds an ordered partition {Bo,..., Bm} of 


G with B; = {x € G: ||x|lin. = i}; cf. Sharma—Kaushik distance in Chap. 16. 
The Hamming and Lee norms are special cases of interval norm. A generalized 
Lee norm is an interval norm for which each class has a form B; = {a, a! }. 
¢ C-metric 
A C-metric d is a metric on a group (G,-,e) satisfying the following 
conditions: 


1. The values of d form a set of consecutive integers starting with 0; 
2. The cardinality of the sphere B(x, r) = {y € G: d(x, y) = r} is independent 
of the particular choice of x € G. 


The word metric, the Hamming metric, and the Lee metric are C-metrics. Any 
interval norm metric is a C-metric. 
¢ Order norm metric 

Let (G,-,e) be a finite Abelian group. Let ord(x) be the order of an element 
x € G,ie., the smallest positive integer n such that x” = e. Then the function 
l|-[lora 1 G — R defined by ||x||ora = In ord(a), is a group norm on G, called the 
order norm. 

The order norm metric is a group norm metric on G, defined by 


[x+y Hora 


¢ Tarnauceanu metric 
Let o(a) denote the order of the element a of a group. Let C be the class of 
finite groups G in which o(ab) < o(a) + o(b) for every a,b € G. Tarnauceanu, 
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2015, noted that the function d : G x G — N defined by 


d(x,y) = o(xy"'!)-1 


for all x, y € Gis a metric on G if and only if GE C. 

He found that C contains all Abelian p-groups, Qg, and Aq, but not nonabelian 
finite simple groups, alternating groups A(n) with n > 5, and, forn > 4, Sym(n), 
quaternion groups Qo, dihedral groups D2,. C is closed under subgroups, but 
not under direct products or extensions. The centralizers of nontrivial elements 
of such groups contain only elements of prime power order. 

¢ Monomorphism norm metric 

Let (G, +, 0) be a group. Let (H, -, e) be a group with a group norm ||.||y. Let 
f : G ~ H bea monomorphism of groups G and H, i.e., an injective function 
such that f(x+y) = f(x)-f(y) for any x, y € G. Then the function ||.| ie :GoR 
defined by ||x| be = ||f(@)||xz, is a group norm on G, called the monomorphism 
norm. 

The monomorphism norm metric is a group norm metric on G defined by 


Ix — yIKG- 


¢ Product norm metric 
Let (G, +, 0) be a group with a group norm ||.||c. Let (H, -, e) be a group with 
a group norm ||.||7. Let G x H = {a = (x,y) : x € G,y € H} be the Cartesian 
product of G and H, and (x, y)- (z,f) = («+z y-?). 
Then the function ||.||Gxu : GxH — R defined by ||@||cxa = ||@.y)|lexuz = 
llx||¢ + ||yllz, is a group norm on G x H, called the product norm. 
The product norm metric is a group norm metric on G x H defined by 


-1 
lla B llaxe. 


On the Cartesian product G x H of two finite groups with the interval norms 
||.[|2’ and ||.|[/7’, an interval norm ||.||@,, can be defined. In fact, ||a||, = 
IO.) eg = Ulello + (m+ L)llyllin. where m = maxcec [lal] 
¢ Quotient norm metric 

Let (G,-,e) be a group with a group norm ||.||g. Let (N,-,e) be a normal 
subgroup of (G,-,e), ie., xN = Nx for any x € G. Let (G/N,-,eN) be the 
quotient group of G, i.e., G/N = {xN : x € G} with xN = {x-a:a€ N}, and 
xN - yN = xyN. Then the function ||.||G/y : G/N — R defined by ||xN||cjw = 
minyey ||xa||x, is a group norm on G/N, called the quotient norm. 


A quotient norm metric is a group norm metric on G/N defined by 


|xN +N)! lew = lay! ley. 
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If G = Z with the norm being the absolute value, and N = mZ, m € N, then 
the quotient norm on Z/mZ = Z,, coincides with the Lee norm. 

If a metric d on a group (G,-,e) is right-invariant, then for any normal 
subgroup (N,-,e) of (G,-,e) the metric d induces a right-invariant metric (in 
fact, the Hausdorff metric) d* on G/N by 


d*(xN,yN) = in d(a,b), in d(a, b)}. 
= ee ey 


Commutation distance 

Let (G,-,e) be a finite nonabelian group. Let Z(G) = {c € G: x-c = 
c:x for any x € G} be the center of G. 

The commutation graph of G is defined as a graph with the vertex-set G 
in which distinct elements x,y € G are connected by an edge whenever they 
commute, i.e., x: y = y+ x. (Darafsheh, 2009, consider noncommuting graph on 
G\ Z(G).) 

Any two noncommuting elements x,y € G are connected in this graph by 
the path x,c, y, where c is any element of Z(G) (for example, e). A path x = 
x! x?,...,x© = y in the commutation graph is called an (x — y) N-path if x' ¢ 
Z(G) for any i € {1,..., A}. In this case the elements x, y € G\Z(G) are called 
N-connected. 

The commutation distance (see [DeHu98]) d is an extended distance on G 
defined by the following conditions: 


1. d(x,x) = 0; 

2. d(x,y) = 1lifx Ay, andx-y=y-x; 

3. d(x, y) is the minimum length of an (x — y) N-path for any N-connected 
elements x and y € G\Z(G); 

4. d(x, y) = oo if x, y € G\Z(G) are not connected by any N-path. 


Given a group G and a G-conjugacy class X in it, Bates—Bundy—Perkins 
Rowley in 2003, 2004, 2007, 2008 considered commuting graph (X,E) whose 
vertex set is X and distinct vertices x, y € X are joined by an edge e € E whenever 
they commute. 

Modular distance 

Let (Zn, +,0), m > 2, be a finite cyclic group. Letr € N, r > 2. The 
modular r-weight w,(x) of an element x € Z, = {0,1,...,m} is defined as 
w,(x) = min{w,(x), w,(m — x)}, where w,(x) is the arithmetic r-weight of the 
integer x. 

The value w,(x) can be obtained as the number of nonzero coefficients in the 
generalized nonadjacent form x = é,r" + ...eir + eo with e; € Z, |e] < r, 
le; + ei41| <r, and |e;| < |e:41| if e;e;41 < 0. Cf. arithmetic r-norm metric in 
Chap. 12. 

The modular distance is a distance on Z,,, defined by 





w(x —y). 
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The modular distance is a metric for w,(m) = 1, w,(m) = 2, and for several 
special cases with w,(m) = 3 or 4. In particular, it is a metric for m = r” or 
m= r'—1;if r = 2, it is a metric also form = 2” + 1 (see, for example, 
[Ernv85]). 

The most popular metric on Z,, is the Lee metric defined by ||x—y||z.2, where 
[|x| |zee = min{x, m — x} is the Lee norm of an element x € Zp. 

¢ G-norm metric 

Consider a finite field F,. for a prime p and a natural number n. Given a 
compact convex centrally-symmetric body G in R", define the G-norm of an 
element x € F,» by ||x||g = inf{y > 0: x € pZ” + uG}. 

The G-norm metric is a group norm metric on F,. defined by 


-1 
Ilx-y~'|lc. 


¢ Permutation norm metric 
Given a finite metric space (X,d), the permutation norm metric is a group 
norm metric on the group (Symy, -, id) of all permutations of X (id is the identity 
mapping) defined by 


\|f ; g | |syms 


where the group norm ||.||sym on Symyx is given by ||fl|sym = Maxxex d(x, f(2)). 
¢ Metric of motions 
Let (X, d) be a metric space, and let p € X be a fixed element of X. 
The metric of motions (see [Buse55]) is a metric on the group (Q, -, id) of all 
motions of (X, d) (id is the identity mapping) defined by 


sup d(f(x), g(x)) -e 4 
xEX 


for any f, g € Q (cf. Busemann metric of sets in Chap. 3). If the space (X, d) is 
bounded, a similar metric on Q can be defined as 


ow d(f (x), g(x)). 


Given a semimetric space (X, d), the semimetric of motions on (QQ, -, id) is 


d(f (Pp), 8(p)). 


¢ General linear group semimetric 
Let F be a locally compact nondiscrete topological field. Let (F”, ||.||r), 
n > 2, be anormed vector space over F. Let ||.|| be the operator norm associated 
with the normed vector space (F”, ||.||p). Let GL(n, F) be the general linear 
group over F. Then the function |.|,, : GL(n,F) — R defined by |g|op = 
sup{| In ||g|| |, | In ||g~!|| |}, is a seminorm on GL(n, F). 
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The general linear group semimetric on the group GL(n, F) is defined by 


lg . ho! lag? 


It is a right-invariant semimetric which is unique, up to coarse isometry, 
since any two norms on F” are bi-Lipschitz equivalent. 
Generalized torus semimetric 

Let (T,-,e) be a generalized torus, i.e., a topological group which is iso- 
morphic to a direct product of n multiplicative groups F* of locally compact 
nondiscrete topological fields F;. Then there is a proper continuous homomor- 
phism v : T — R’", namely, v(i,...,%) = (vi(%1),...,Un(%n)), where 
v; : F¥ — R are proper continuous homomorphisms from the F* to the additive 
group R, given by the logarithm of the valuation. Every other proper continuous 
homomorphism v : T > R” is of the form v = a@- v witha € GL(n,R). If ||.|| 
is anorm on R", one obtains the corresponding seminorm ||x||7 = ||v(x)|| on T. 

The generalized torus semimetric is defined on the group (7, -, e) by 


lay" Ir = Ilv@y I] = Ilv@) — vO)I1- 


Stable norm metric 

Given a Riemannian manifold (M, g), the stable norm metric is a group 
norm metric on its real homology group H;(M,R) defined by the following 
stable norm ||h||,;: the infimum of the Riemannian k-volumes of real cycles 
representing h. 

The Riemannian manifold (R”, g) is within finite Gromov—Hausdorff dis- 
tance (cf. Chap. 1) from an n-dimensional normed vector space (R", |].||;). 

If (M, g) is a compact connected oriented Riemannian manifold, then the 
manifold H,(M, R)/H(M, R) with metric induced by ||.||; is called the Albanese 
torus (or Jacobi torus) of (M, g). This Albanese metric is a flat metric (Chap. 8). 
Heisenberg metric 

Let (H,-, e) be the (real) Heisenberg group H", i.e., a group on the set H = 
R” x R” x R with the group law h-f’ = (x,y, -(,y,7f) = @+xX,y4+ 
y.t+t+2>°_) (%y; — xiy;), and the identity e = (0,0, 0). Let |.|zeis be the 
Heisenberg gauge (Cygan, 1978) on H” defined by |Alieis = |X. Y.0|Heis = 
(ini typ? +P)". 

The Heisenberg metric (or Koranyi metric, Cygan metric, gauge metric) 
dreis iS a group norm metric on 7” defined by 


|x! : y|Heis- 
One can identify the Heisenberg group H”~! = C""! x R with JHE \ {00}, 


where HHI?. is the Hermitian (i.e., complex) hyperbolic n-space, and 00 is any point 
of its boundary dH@. So, the usual hyperbolic metric of Het! induces a metric 
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on 1”. The Hamenstadt distance on dH@ \ {oo} (Hersonsky—Paulin, 2004) is 
sp neis 

Sometimes, the term Cygan metric is reserved for the extension of the 
metric dyi; on whole Hi, and (Apanasov, 2004) for its generalization (via the 
Carnot group F"~! x ImF) on F-hyperbolic spaces HH; over numbers F that 
can be complex numbers, or quaternions or, for n = 2, octonions. Also, the 
generalization of dy.i; on Carnot groups of Heisenberg type is called the Cygan 
metric. 

The second natural metric on 1” is the Carnot—Carathéodory metric (or CC 
metric, sub-Riemannian metric; cf. Chap. 7) dc defined as the length metric 
(Chap. 6) using horizontal vector fields on H".. This metric is the internal metric 
(Chap. 4) corresponding to dis. 

The metric dy,;; is bi-Lipschitz equivalent with dc but not with any 
Riemannian distance and, in particular, not with any Euclidean metric. For both 
metrics, the Heisenberg group H” is a fractal since its Hausdorff dimension, 
2n + 2, is strictly greater than its topological dimension, 27 + 1. 

¢ Metric between intervals 

Let G be the set of all intervals [a, b] of R. The set G forms semigroups (G, +) 
and (G, -) under addition / + J = {x + y: x €/,y € J} and under multiplication 

= {x-y:xel,y € J}, respectively. 

The metric between intervals is a metric on G, defined by 


max{|/|, |J|} 


for all J, J € G, where, for K = [a, b], one has |K| = |a— DI. 
¢ Metric between games 
Consider positional games, i.e., two-player nonrandom games of perfect 
information with real-valued outcomes. Play is alternating with a nonterminated 
game having move options for both players. Real-world examples include 
Chess, Go and Tic-Tac-Toe. Formally, let Fp be the universe of games defined 
inductively as follows: 


1. Every real number r € R belongs to Fg and is called an atomic game. 
2. If A,B C Fr with 1 < |A|, |B] < 00, then {A|B} € Fr (nonatomic game). 


Write any game G = {A|B} as {G“|G*}, where G’ = A and G* = B are the set 
of left and right moves of G, respectively. 

FR becomes a commutative semigroup under the following addition opera- 
tion: 


1. If p and g are atomic games, then p + q is the usual addition in R. 
2: Par {eas st> Bayou HAR Piont (Ba Dis aa be 
3. 7 G and H are both nonatomic, then {G"|G*! + {H“|H®! = {7/|J*}, where 
= {gp +H,Gth: g€ Gt, hy € H*} and I® = {g, + H,G+h, : g, € 
Gt hy € AR}. 
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For any game G € Fg, define the optimal outcomes L(G) and R(G) (if both 
players play optimally with Left and Right starting, respectively) as follows: 

L(p) = R(p) = p and L(G) = max{R(g)) : gi € G"}, R(G) = max{L(g,) : 
8 € GX}. 

The metric between games G and H defined by Ettinger, 2000, is the 
following extended metric on FR: 


sup |L(G + X) — L(H + X)| = sup |R(G + X) — R(H + X)|. 
x xX 


Helly semimetric 

Consider a game (A, 6, H) between players A and B with strategy sets A and 
B, respectively. Here H = H(.,-) is the payoff function, i.e., if player A plays 
a € Aand player B plays b € B, then A pays H(a,b) to B. A player’s strategy set 
is the set of available to him pure strategies, i.e., complete algorithms for playing 
the game, indicating the move for every possible situation throughout it. 

The Helly semimetric between strategies a, € A and a) € A of A is defined 
by 


sup |H (a1, b) — H(az, b)|. 
bEB 


Factorial ring semimetric 

Let (A, +, -) be a factorial ring, i.e., an integral domain (nonzero commutative 
ring with no nonzero zero divisors), in which every nonzero nonunit element can 
be written as a product of (nonunit) irreducible elements, and such factorization 
is unique up to permutation. 

The factorial ring semimetric is a semimetric on the set A\{0}, defined by 


Icm(x, y) 
D8 
gcd(x, y) 


where Icm(x, y) is the least common multiple, and gcd(x,y) is the greatest 
common divisor of elements x, y € A\{0}. 
Frankild—Sather—Wagstaff metric 

Let G(R) be the set of isomorphism classes, up to a shift, of semidualizing 
complexes over a local Noetherian commutative ring R. An R-complex is 
a particular sequence of R-module homomorphisms; see [FrSa07]) for exact 
definitions. 

The Frankild—Sather—Wagstaff metric ({FrSa07]) is a metric on G(R) 
defined, for any classes [K], [L] € G(R), as the infimum of the lengths of chains 
of pairwise comparable elements starting with [K] and ending with [L]. 
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A binary relation R on a set X is a subset of X x X; it is the arc-set of the directed 
graph (X, R) with the vertex-set X. 

A binary relation R which is symmetric ((x, y) € R implies (y,x) € R), reflexive 
(all (x,x) € R), and transitive ((x,y),(y,z) € R imply (x,z) € R) is called 
an equivalence relation or a partition (of X into equivalence classes). Any q-ary 
sequence x = (X1,...,Xn), gq = 2 Ge., with O < x < g-—1forl <i <n), 
corresponds to the partition {Bo,...,B,-1} of V, = {1,...,n}, where Bj = {1 < 
i <n: x; =} are the equivalence classes. 

A binary relation R which is antisymmetric ((x, y), (y,x) € R imply x = y), 
reflexive, and transitive is called a partial order, and the pair (X, R) is called a poset 
(partially ordered set). A partial order R on X is denoted also by < with x < y if 
and only if (x,y) € R. The order < is called linear if any elements x,y € X are 
compatible, i.e.,x < y ory Xx. 

A poset (Z, <) is called a lattice if every two elements x,y € L have the join 
x V y and the meet x A y. All partitions of X form a lattice Py by refinement; it is a 
sublattice of the lattice (by set-inclusion) of all binary relations. 


¢ Kemeny distance 
The Kemeny distance between binary relations R; and R>2 on a set X is the 
Hamming metric |R, AR>|. It is twice the minimal number of inversions of pairs 
of adjacent elements of X which is necessary to obtain Ry from R1. 
If R,, Ro are partitions, then the Kemeny distance coincides with the Mirkin- 
Tcherny distance, and | — RAR] is the Rand index. 
If binary relations R, R2 are linear orders (or permutations) on the set X, then 
the Kemeny distance coincides with the Kendall t distance (Chap. | 1). 
¢ Drdapal—Kepka distance 
The Drapal—Kepka distance between distinct guasigroups (differing from 
groups in that they need not be associative) (X, +) and (X,-) is the Hamming 
metric |{(x, y) : x + y 4 x- y}| between their Cayley tables. 
For finite nonisomorphic groups, this distance is (Ivanyos, Le Gall and 
Yoshida, 2012) at least 2( Ply with equality (Drapal, 2003) for some 3-groups. 
* Editing metrics between partitions 
Let X be a finite set, |X| = n, and let A, B be nonempty subsets of X. Let 
Px be the set of partitions of X, and P,Q € Px. Let Pj,..., P, be blocks in the 
partition P, i.e., the pairwise disjoint sets such that X = P, U---UP,,q = 1. Let 
PY Qand PA Q be the join and meet of P and Q in the lattice Py of partitions 
of X. 
Consider the following editing operations on partitions (clusterings): 


— An augmentation transforms a partition P of A\{B} into a partition of A by 
either including the objects of B in a block, or including B as a new block; 

— An removal transforms a partition P of A into a partition of A\{B} by deleting 
the objects in B from each block that contains them; 


210 10 Distances in Algebra 


— A division transforms one partition P into another by the simultaneous 
removal of B from P; (where B C P;, B ~ P;), and augmentation of B as 
a new block; 

— A merging transforms one partition P into another by the simultaneous 
removal of B from P; (where B = P;), and augmentation of B to P; (where 
JAD; 

— A transfer transforms one partition P into another by the simultaneous 
removal of B from P; (where B C P;), and augmentation of B to P; (where 
j#i. 

Define (see, say, [Day81]), using above operations, the following metrics on 

Px: 


1. The minimum number of augmentations and removals of single objects 
needed to transform P into Q; 

2. The minimum number of divisions, mergings, and transfers of single objects 
needed to transform P into Q; 

3. The minimum number of divisions, mergings, and transfers needed to trans- 
form P into Q; 

4. The minimum number of divisions and mergings needed to transform P into 
Q; in fact, it is equal to |P| + |Q| —2|P v Q|; 

5. o(P) + o(Q) — 20(P A Q), where o( P) = Di p.ep |Pil(|Pil — 1); 

. e(P) + e(Q) — 2e(P A Q), where e( P) = logyn+ )opep [Fil log, Pil. 


n 


7. 2n— »P.eP maxgjeg |P; Q;|— d9<0 maxp,ep |P; 1 Q;| (van Dongen, 2000). 


Oo 


The maximum matching distance (or partition-distance as defined in Gus- 
field, 2002) is (Réignier, 1965) the minimum number of elements that must be 
moved between the blocks of partition P in order to transform it into Q. 

¢ Rossi-Hamming metric 

Given a partition P = (P),... Py) of a finite set X, its size is defined as 
s(P) = $ Dy <i<q |Pil(|Pil — 1). We call the Rossi-Hamming metric the metric 
between partitions P and Q, defined in Rossi, 2014, as 


dru(P, Q) = s(P) + s(Q) — 2s(P A Q). 
One has dry( P,Q) < s(P Vv Q) — s(P A Q), where the right-hand side is 


the size-based distance (Rossi, 2011). The inequality is strict only for some 
noncomparable P, Q. 


10.3. Metrics on Semilattices 


Consider a poset (L, <). The meet (or infimum) x A y (if it exists) of two elements 
x and y is the unique element satisfying x A y < x,y, andz <x xA yif z < x,y. The 
join (or supremum) x V y (if it exists) is the unique element such that x,y <x xv y, 
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andx V y < zif x,y < z. A poset (L, <) is called a lattice if every its elements x, y 
have the join x V y and the meet x A y. A poset is a meet (or lower) semilattice if 
only the meet-operation is defined. A poset is a join (or upper) semilattice if only 
the join-operation is defined. 

A lattice L = (L,<,V,A) is called a semimodular lattice if the modularity 
relation xMy is symmetric: xMy implies yMx for any x, y € L. Here two elements x 
and y are said to constitute a modular pair, in symbols xMy, if x\(yVz) = (xAy) Vz 
for any z < x. A lattice L in which every pair of elements is modular, is called a 
modular lattice. 

Given a lattice L, a function v : L > Rso, satisfying v(x V y) + Va Ay) < 
v(x)+v(y) for all x, y € L, is called a subvaluation on L. A subvaluation v is isotone 
if v(x) < v(y) whenever x < y, and it is positive if v(x) < v(y) whenever x < y, 
x % y. A subvaluation v is called a valuation if it is isotone and v(xV y)+v(xAy) = 
v(x) + v(y) for all x, y € L. 


¢ Lattice valuation metric 
Let L = (L, X,V,A) be a lattice, and let v be an isotone subvaluation on L. 
The lattice subvaluation semimetric d, on L is defined by 


2vu(x V y) — v(x) — v(y). 


(It can be defined also on some semilattices.) If v is a positive subvaluation on L, 
one obtains a metric, called the lattice subvaluation metric. If v is a valuation, 
dy is called the valuation semimetric and can be written as 


v(x Vy) — V&A y) = v(x) + v(y) — 20(e A y). 


If v is a positive valuation on L, one obtains a metric, called the lattice valuation 
metric, and the lattice is called a metric lattice. 

An example is the Hamming distance d,(A, B) = |A U B| — |A NM B| on the 
lattice (P(X), U, AM) of all subsets of the set X. Cf. also the Shannon distance 
(Chap. 14), which can be seen as a distance on partitions. 

If L = N (the set of positive integers), x V y = Icm(x,y) (least common 
multiple), x \y = gcd(x, y) (greatest common divisor), and the positive valuation 
v(x) = Inx, then d,(x, y) = In aay 

This metric can be generalized on any factorial ring equipped with a positive 
valuation v such that v(x) > 0 with equality only for the multiplicative unit of 
the ring, and v(xy) = v(x) + vy). Cf. factorial ring semimetric. 

¢ Finite subgroup metric 

Let (G,-,e) be a group. Let L = (L,C,/) be the meet semilattice of all 
finite subgroups of the group (G,-,e) with the meet X M Y and the valuation 

v(X) = In |X]. 

The finite subgroup metric is a valuation metric on L defined by 


IXI1¥| 


v(X) + v(Y) — 20(X AY) =1n (en ype 
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Join semilattice distances 

Let L = (L,~<,V) be a join semilattice, finite or infinite, such that every 
maximal chain in every interval [x, y] is finite. For x < y, the height h(x, y) of y 
above x is the least cardinality of a finite maximal (by inclusion) chain of [x, y] 
minus 1. Call the join semilattice L semimodular if for all x,y € L, whenever 
there exists an element z covered by both x and y, the join x V y covers both x 
and y, or, in other words, whenever elements x, y have a common lower bound 
z, it holds h(x,x V y) < h(z,y). Any tree (i.e., all intervals [x, z] are finite, each 
pair x, y of uncomparable elements have a least common upper bound x Vv y but 
they never have a common lower bound) is semimodular. Consider the following 
distances on L: 

dpath (x, y) is the path metric of the Hasse diagram of (L, X), i.e., a graph with 
vertex-set L and an edge between two elements if they are comparable. 

da pa (x, y) is the smallest number of the form h(x, z) + h(y,z), where z is 
a common upper bound of x and y, i.e., it is the ancestral path distance; cf. 
pedigree-based distances in Chap. 23. This and next distance reflect the way 
how Roman civil law and medieval canon law, respectively, measured degree of 
kinship. 

dmax (x, y) is defined by max(h(x, x V y), h(y,x V y)). 

It holds da pany) = pathy) = dmax(x, y). Foldes, 2013, proved that 
dmax(x, y) is a metric if L is semimodular and that dz pan(x, y) is a metric if and 
only if L is semimodular, in which case dg path(x, ¥) = dpatn (x, y). 

Gallery distance of flags 

Let L bea lattice. A chain C in Lis a subset of L which is linearly ordered, i.e., 
any two elements of C are compatible. A flag is a chain in L which is maximal 
with respect to inclusion. If L is a semimodular lattice, containing a finite flag, 
then L has a unique minimal and a unique maximal element, and any two flags 
C, D in L have the same cardinality, n + 1. Then n is the height of the lattice L. 

Two flags C, D are called adjacent if either they are equal or D contains 
exactly one element not in C. A gallery from C to D of length m is a sequence 
of flags C = Co,Ci,...,Cn = D such that C;-; and C; are adjacent for 
ae eee 7 

A gallery distance of flags (see [Abel91]) is a distance on the set of all flags 
of a semimodular lattice L with finite height defined as the minimum of lengths 
of galleries from C to D. It can be written as 





IC v D| —|C| = |Cv D| — |DI, 


where CV D = {c Vd: c € C,d € D} is the subsemilattice generated by C and 
D. This distance is the gallery metric of the chamber system consisting of flags. 
Scalar and vectorial metrics 

Let L = (L, <, max, min) be a lattice with the join max{x, y}, and the meet 
min{x, y} ona set L C [0, co) which has a fixed number a as the greatest element 
and is closed under negation, i.e., for any x € L, one hasx =a—xeL. 
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The scalar metric d on L is defined, for x 4 y, by 
d(x, y) = max{min{x, y}, min{x, y}}. 
The scalar metric d* on L* = LU {x}, * ¢ L, is defined, for x # y, by 


d(x,y), if x yeEL, 
d* (x,y) = 4 max{x,x}, if y= *,x 4 x, 
max{y, y}, if x= *,y A *. 


Given a norm ||.|| on R”, n > 2, the vectorial metric on L” is defined by 


\|\(d(@x1, 91), sey d(Xn, Yn) )\I, 


and the vectorial metric on (L*)” is defined by 


"Gi. y1).---+d* Gn Yn))II- 


The vectorial metric on L5 = {0,1}” with Jj-norm on R” is the 
Fréchet-Nikodym-Aronszyan distance. The vectorial metric on Li, = 
{0, —., ee as 1}” with /,-norm on R” is the Sgarro m-valued metric. The 
vectorial metric on [0, 1]” with /;-norm on R" is the Sgarro fuzzy metric. 

If L is Ly or [0,1], and x = (%,...,Xn,Xnti.---sXntr), Yo = 
(Y1,---+Yn.*,---,*), Where * stands in r places, then the vectorial metric 
between x and y is the Sgarro metric (see, for example, [CSY01]). 

¢ Metrics on Riesz space 

A Riesz space (or vector lattice) is a partially ordered vector space (Vr;, X) in 

which the following conditions hold: 





1. The vector space structure and the partial order structure are compatible: x < y 
implies x + z< y+z,andx > 0,A € R,A > Oimplies Ax > 0; 

2. For any two elements x, y € Vp; there exists the join x V y € Va; (in particular, 
the join and the meet of any finite set of elements from VR; exist). 


The Riesz norm metric is a norm metric on Vp; defined by 


Ilx — yllri. 


where |].||z; is a Riesz norm, i.e., anorm on Vp; such that, for any x, y € Vp;, the 
inequality |x| < |y|, where |x| = (—x) v (x), implies ||x||ai < |Lyllai- 

The space (Vzi,||.||z:) is called a normed Riesz space. In the case of 
completeness it is called a Banach lattice. All Riesz norms on a Banach lattice 
are equivalent. 

An element e € Ve = {x € Va: x > 0} is called a strong unit of Vp; if for 


each x € Vp; there exists A € R such that |x| < Ae. If a Riesz space Vr; has a 
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strong unit e, then ||x|| = inf{A € R: |x| < Ae} is a Riesz norm, and one obtains 
on Vr; a Riesz norm metric 


inf{A ER: |x—y| ~ Ae}. 


A weak unit of Vp; is an element e of Vz, such that e A |x| = 0 implies x = 0. 
A Riesz space Vp; is called Archimedean if, for any two x,y € ve. there exists 
a natural number n, such that nx < y. The uniform metric on an Archimedean 
Riesz space with a weak unit e is defined by 


inffA ER: |x—y| Ae X Ae}. 


¢ Machida metric 

For a fixed integer k > 2 and the set Vk = {0,1,...,k — 1}, let o” be the 
set of all n-ary functions from (V;)”" into Vy and O, = uo”. Let Pr; be 
the set of all projections pr? over Vz, where pri(x1,...,Xi,...,Xn) = x; for any 
X1,..25Xn © Vp. 

A clone over V;, is a subset C of O; containing Pr, and closed under 
(functional) composition. The set LZ; of all clones over V; is a lattice. The Post 
lattice Ly defined over Boolean functions, is countable but any Ly with k > 3 is 
not. Forn > 1 and aclone C € Ly, let C™ denote n-slice CN ow”. 

For any two clones C), Cz € Lx, Machida, 1998, defined the distance to be 0 if 
C, = C2 and (min{n : ce # ey 1)—!, otherwise. The lattice Ly of clones with 
this distance is a compact ultrametric space. Cf. Baire metric in Chap. 11. 





Chapter 11 
Distances on Strings and Permutations 


An alphabet is a finite set A, | A| => 2, elements of which are called characters (or 
symbols). A string (or word) is a sequence of characters over a given finite alphabet 
A. The set of all finite strings over the alphabet A is denoted by W(A). Examples 
of real world applications, using distances and similarities of string pairs, are 
Speech Recognition, Bioinformatics, Information Retrieval, Machine Translation, 
Lexicography, Dialectology. 

A substring (or factor, chain, block) of the string x = x, ...xX, is any contiguous 
subsequence x;xj+1...x, with 1 < i < k < n.A prefix of a string x is any its 
substring starting with x,; a suffix is any its substring finishing with x,. If a string is 
a part of a text, then the delimiters (a space, a dot, a comma, etc.) are added to A. 

A vector is any finite sequence consisting of real numbers, i.e., a finite string over 
the infinite alphabet R. A frequency vector (or discrete probability distribution) is 
any string x] ...xX, with all x; > 0 and 4 x; = 1. A permutation (or ranking) is 
any string x; ...x, with all x; being different numbers from {1,...,n}. 

An editing operation is an operation on strings, i.e., a symmetric binary relation 
on the set of all considered strings. Given a set of editing operations O = 
{O1,..., Om}, the corresponding editing metric (or unit cost edit distance) between 
strings x and y is the minimum number of editing operations from O needed to 
obtain y from x. It is the path metric of a graph with the vertex-set W(A) and xy 
being an edge if y can be obtained from x by one of the operations from O. 

In some applications, a cost function is assigned to each type of editing operation; 
then the editing distance is the minimal total cost of transforming x into y. Given a 
set of editing operations O on strings, the corresponding necklace editing metric 
between cyclic strings x and y is the minimum number of editing operations from O 
needed to obtain y from x, minimized over all rotations of x. 

The main editing operations on strings are: 


¢ Character indel, i.e., insertion or deletion of a character; 
¢ Character replacement; 
¢ Character swap, i.e., an interchange of adjacent characters; 
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Substring move, i.e., transforming, say, the string x = x, ...x, into the string 
Xo. Xj—-1 Xj... Xk—-1Xj . .  XJ-1Xk Xn 

Substring copy, i.e., transforming, say, xX = X,...X, imto xy ...X;-1Xj...Xk-1 
Xji-.-Xn3 

Substring uncopy, i.e., the removal of a substring provided that a copy of it 
remains in the string. 


We list below the main distances on strings. However, some string distances will 


appear in Chaps. 15, 21 and 23, where they fit better, with respect to the needed level 
of generalization or specification. 


11.1 Distances on General Strings 


Levenstein metric 

The Levenstein metric (or edit distance, Hamming+Gap metric, shuffle- 
Hamming distance) is (Levenstein, 1965) an editing metric on W(A), obtained 
for O consisting of only character replacements and indels. 

The Levenstein metric between strings x = x1 ...X%, andy = y, ... yy, iS 


dz (x, y) = min{dy(x*, y*)}, 


where x*, y* are strings of length k, k > max{m,n}, over the alphabet A* = 
AU {x} so that, after deleting all new characters *, strings x* and y* shrink to x 
and y, respectively. Here, the gap is the new symbol x, and x*, y* are shuffles of 
strings x and y with strings consisting of only *. 

The Levenstein similarity is 1 — a 

The Damerau—Levenstein metric (Damerau, 1964) is an editing metric on 
W(A), obtained for O consisting only of character replacements, indels and 
transpositions. In the Levenstein metric, a transposition corresponds to two 
editing operations: one insertion and one deletion. 

The constrained edit distance (Oomen, 1986) is the Levenstein metric, but 
the ranges for the number of replacements, insertions and deletions are specified. 
Editing metric with moves 

The editing metric with moves is an editing metric on W(A) ({Corm03]), 
obtained for O consisting of only substring moves and indels. 

Editing compression metric 

The editing compression metric is an editing metric on W(.A) ([Corm03]), 
obtained for O consisting of only indels, copy and uncopy operations. 
Swap metric 

The swap metric (or interchange distance, Dodson distance) is an editing 
metric on W(A), obtained for O consisting only of character swaps, i.e., it is 
the minimum number of interchanges of adjacent pairs of symbols, converting x 
into y. 
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Indel metric 
The indel metric is an editing metric on W(A), obtained for O consisting of 
only indels. It is an analog of the Hamming metric |X AY| between sets X and 
Y. For strings x = x1 ...X», and y = y,...y, itis m+ n—2LCS(x, y), where the 
similarity LCS(x, y) is the length of the longest common subsequence of x and y. 
The factor distance is m + n — 2LCF(x, y), where LCF (x, y) is the length of 
the longest common substring (factor) of x and y. 
The LCS ratio and the LCF ratio are the similarities 


respectively; sometimes, the denominator is max{m, n} or 
Prefix, suffix, and substring distances 

Given strings x and y, their prefix distance, suffix distance, and substring 
distance are the numbers of symbol occurrences in the strings that do not 
belong to their longest common prefix, suffix or substring, respectively. Cf. Jaro— 
Winkler similarity, factor distance. 

Antidistance 

There are (n — 1)! circular permutations, i.e., cyclic orders, of a set X of size 
n. The antidistance between circular permutations x and y is the swap metric 
between x and the reversal of y. 

Also, given complex n x n matrices A and B, the unitary similarity orbit 
through B is supyey, ||U*BU||oo, where U € U, is the group of unitary matrices. 
Ando, 1996, define anti-distance between A and this orbit as supyey, ||A — 
U*BU|oo. 

Also, given a simple connected graph (V, £), we assign directions to edges 
and the weight of each edge (either | or —1) depending on the direction of 
the traverse. Iravanian, 2012, define anti-distance d(u,v) = —d(v,u) between 
vertices as the weighted average length of all simple paths from u to v. 

Edit distance with costs 

Given a set of editing operations O = {O,,...,Om} and a weight (or cost 
function) w; = 0, assigned to each type O; of operation, the edit distance with 
costs between strings x and y is the minimal total cost of an editing path between 
them, i.e., the minimal sum of weights for a sequence of operations transforming 
x into y. 

The normalized edit distance between strings x and y (Marzal—Vidal, 1993) 
is the minimum, over all editing paths P between them, of a where W(P) and 
L(P) are the total cost and the length of the editing path P. 

Transduction edit distances 

The Levenstein metric with costs between strings x and y is modeled in 
[RiYi98] as a memoryless stochastic transduction between x and y. 

Each step of transduction generates either a character replacement pair (a, b), 
a deletion pair (a, @), an insertion pair (G, b), or the specific termination symbol 
t according to a probability function 6 : EU {t} > [0, 1], where E is the set of all 
possible above pairs. Such a transducer induces a probability function on the set 
of all sequences of operations. 





LCS(x,y) d LCF (x,y) 
min{m,n} min{m,n}? 
m+n 

> 
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The transduction edit distances between strings x and y are ([RiYi98]) Inp 
of the following probabilities p: 


— for the Viterbi edit distance, the probability of the most likely sequence of 
editing operations transforming x into y; 
— for the stochastic edit distance, the probability of the string pair (x, y). 


This model allows one to learn, in order to reduce error rate, the edit costs for 
the Levenstein metric from a corpus of examples (training set of string pairs). 
This learning is automatic; it reduces to estimating the parameters of above 
transducer. 

¢ Bag distance 

The bag distance (or multiset metric, counting filter) is a metric on W(A) 

defined (Navarro, 1997) by 


max{|X\¥|, |Y\X|} 


for any strings x and y, where X and Y are the bags of symbols (multisets of 
characters) in strings x and y, respectively, and, say, |X\Y| counts the number of 
elements in the multiset X\Y. It is a (computationally) cheap approximation of 
the Levenstein metric. Cf. metrics between multisets in Chap. 1. 
¢ Marking metric 
The marking metric is a metric on W(A) ([EhHa88]) defined by 


Ing ((diff(x, y) + I (diff. x) + D) 


for any strings x = x) ...X» and y = y,...¥,, where diff(x, y) is the minimal 
cardinality |M| of a subset M C {1,...,m} such that any substring of x, not 
containing any x; with i € M, is a substring of y. 
Another metric defined in [EhHa88], is In (diff (x, y) + diff(y, x) + 1). 
¢ Transformation distance 

The transformation distance is an editing distance with costs on W(A) 
(Varre—Delahaye—Rivals, 1999) obtained for O consisting only of substring copy, 
uncopy and substring indels. The distance between strings x and y is the minimal 
cost of transformation x into y using these operations, where the cost of each 
operation is the length of its description. 

For example, the description of the copy requires a binary code specifying the 
type of operation, an offset between the substring locations in x and in y, and the 
length of the substring. A code for insertion specifies the type of operation, the 
length of the substring and the sequence of the substring. 

e Lj -rearrangement distance 

The L)-rearrangement distance (Amir et al., 2007) between strings x = 

X1...Xm and y = y; ...¥m is defined by 


m 


min ) > |i— z(a)|, 
* (j=l 
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where z : {1,...,m} — {1,...,m} is a permutation transforming x into y; if 
there are no such permutations, the distance is equal to oo. 

The L.o-rearrangement distance (Amir et al., 2007) between x and y is 
min, maxj<j<m |i — 2(i)| and it is co if such a permutation does not exist. 

Cf. genome rearrangement distances in Chap. 23. 
Normalized information distance 

The normalized information distance d between two binary strings x and y 
is a symmetric function on W({0, 1}) (ILCLMV04]) defined by 


max{K(x|y*), K(y|x*)} 
max{K(x), K(y)} 





Here, for binary strings u and v, u* is a shortest binary program to compute u 
on an appropriate (i.e., using a Turing-complete language) universal computer, 
the Kolmogorov complexity (or algorithmic entropy) K(u) is the length of u* 
(the ultimate compressed version of u), and K(u|v) is the length of the shortest 
program to compute u if v is provided as an auxiliary input. 

The function d(x, y) is a metric up to small error term: d(x, x) = O((K(x))~'), 
and d(x, z) — d(x, y) — d(y,z) = O((max{K(x), K(y), K(z)})~'). Cf. in Chap. 15 
the shared information distance H(X|Y) + H(Y|X) between sources X and Y. 

The Kolmogorov complexity is uncomputable and depends on the chosen 
computer language; so, instead of K(u), were proposed the minimum message 
length (shortest overall message) by Wallace, 1968, and the minimum description 
length (largest compression of data) by Rissanen, 1978. 

The normalized compression distance is a metric on W({0, 1}) (derived by 
Cilibrasi and Vitanyi, 2005, from [LCLMV04, BGLVZ98]) defined by 


C(xy) — min{C(x), C(y)} 
max{C(x), C(y)} 





for any binary strings x and y, where C(x), C(y), and C(xy) denote the size 
of the compression (by fixed compressor C, such as gzip, bzip2, or PPMZ) of 
strings x, y, and their concatenation xy. It is an approximation of the normalized 
information distance. A similar distance is defined by aaa - 
Lempel-Ziv distance 

The Lempel-Ziv distance between two binary strings x and y of length n is 


LZ(x|y) LZ(y|x) 
LZ(x) > LZ(y) 








ax{ } 


where LZ(x) = PP@)| Tog |r| is the Lempel—Ziv complexity of x, approximating its 
Kolmogorov complexity K(x). Here P(x) is the set of nonoverlapping substrings 
into which x is parsed sequentially, so that the new substring is not yet contained 
in the set of substrings generated so far. For example, such a Lempel—Ziv 
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parsing for x = 001100101010011 is 0]01|1/00|10|101|001|11. Now, LZ(x|y) = 
IPQ)\PO) [log |P@)\PO)| : 





° Anthony—-Hammer similarity 
The Anthony—Hammer similarity between a binary string x = x, ...x, and 
the set Y of binary strings y = y,; ...y, is the maximal number m such that, for 
every m-subset M C {1,...,n}, the substring of x, containing only x; with i € M, 
is a substring of some y € Y containing only y; with i € M. 
¢ Jaro similarity 
Given strings x = x;...X, andy = y,. -+Yn» call a character x; common with 
y if x; = yj, where |i ie setae Letx = = x). ue be all the characters 
of x which are common with y Gn the same order as they appear in x), and let 
y= =y, oe yo be the analogic string for y. 
The Jaro similarity Jaro(x, y) between strings x and y is defined by 





1 (ni n 1 <i < min{m ,n’ 1K =y, 
a Wis mint! a!) aj = yl) 
3\m on min{m’,n'} 

This and following two similarities are used in Record Linkage. 
¢ Jaro—Winkler similarity 
The Jaro—Winkler similarity between strings x and y is defined by 


max{4, LCP(x, y)} 


J ; 
‘aro(x,y) + i0 





(1 — Jaro(x, y)), 


where Jaro(x, y) is the Jaro similarity, and LCP(x, y) is the length of the longest 
common prefix of x and y. 
* q-gram similarity 
Given an integer g > 1 (usually, g is 2 or 3), the g-gram similarity between 
strings x and y is defined by 


2q(x, y) 
q(x) + qv)’ 


where q(x), g(y) and q(x, y) are the sizes of multisets of all g-grams (substrings 
of length g) occurring in x, y and both of them, respectively. 

Sometimes, g(x, y) is divided not by the average of q(x) and q(y), as above, but 
by their minimum, maximum or harmonic mean Ae a Cf. metrics between 
multisets in Chap.1 and, in Chap. 17, Dice similarity, Simpson similarity, 
Braun-Blanquet similarity and Anderberg similarity. 

The g-gram similarity is an example of token-based similarities, i.c., 
ones defined in terms of tokens (selected substrings or words). Here tokens 
are g-grams. A generic dictionary-based metric between strings x and y is 
|D(x) AD(y)|, where D(z) denotes the full dictionary of z, i.e., the set of all of its 
substrings. 
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¢ Prefix-Hamming metric 
The prefix-Hamming metric between strings x = x1 ...x, andy = y1...¥p 
is 


(max{m,n} — min{m, n}) + |{1 <i < min{m, n} : x; # y;}|. 


¢ Weighted Hamming metric 
If (A,d) is a metric space, then the weighted Hamming metric between 
strings x = x; ...X%, and y = y,... Ym» is defined by 


SS d(x;, yi). 
i=1 


The term weighted Hamming metric (or weighted Hamming distance) is also used 
for eres w;, where, for any | < i < m, w(i) > Ois its weight. 
¢ Fuzzy Hamming distance 

If (A,d) is a metric space, the fuzzy Hamming distance between strings 
xX = X,...Xm and y = y,...y¥» is an editing distance with costs on W(A) 
obtained for O consisting of only indels, each of fixed cost g > 0, and character 
shifts (i.e., moves of 1-character substrings), where the cost of replacement of i 
by jis a function f(|i—j|). This distance is the minimal total cost of transforming x 
into y by these operations. Bookstein—Klein—Raita, 2001, introduced this distance 
for Information Retrieval and proved that it is a metric if f is a monotonically 
increasing concave function on integers vanishing only at 0. 

The case f(|i—j|) = C|i—jj|, where C > 0 is a constant and |i — j| is a time 
shift, corresponds to the Victor—Purpura spike train distance in Chap. 23. 

Ralescu, 2003, introduced, for Image Retrieval, another fuzzy Hamming 
distance on R’”. The Ralescu distance between two strings x = x, ...X and 
y = y1...¥m is the fuzzy cardinality of the difference fuzzy set Dy (x, y) (where 
a is a parameter) with membership function 


a p(eesy a2 : 
py = 1—e MO 1 <i<m. 


The nonfuzzy cardinality of the fuzzy set Dg(x,y) approximating its fuzzy 
cardinality is |{1 <i<m: pj; > +H. 
¢ Needleman—Wunsch-Sellers metric 
If (A,d) is a metric space, the Needleman—Wunsch-Sellers metric 
(or global alignment metric) is an editing distance with costs on W(A) 
([NeWu70]), obtained for O consisting of only indels, each of fixed cost g > 0, 
and character replacements, where the cost of replacement of i by j is d(i, j). This 
metric is the minimal total cost of transforming x into y by these operations. It is 


min{dwyx(x*, y*)}, 
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where x*, y* are strings of length k, k > max{m,n}, over the alphabet A* = 
AU {x}, so that, after deleting all new characters *, strings x* and y* shrink to x 
and y, respectively. Here d,(x*, y*) is the weighted Hamming metric between 
x* and y* with weight d(x7, v7) = q (Le., the editing operation is an indel) if one 
of x*, yF is *, and d(x*, y*) = d(i,j), otherwise. 

The Gotoh-Smith—Waterman distance (or string distance with affine gaps) 
is a more specialized editing metric with costs (see [Goto82]). It discounts 
mismatching parts at the beginning and end of the strings x, y, and introduces 
two indel costs: one for starting an affine gap (contiguous block of indels), and 
another one (lower) for extending a gap. 

¢ Duncan metric 

Consider the set X of all strictly increasing infinite sequences x = {x,}, of 
positive integers. Define N(n, x) as the number of elements in x = {x,}, which 
are less than n, and 6(x) as the density of x, i.e., 5(x) = limy+oo ae Let Y be 
the subset of X consisting of all sequences x = {x,}, for which 6(x) < oo. 

The Duncan metric is a metric on Y defined, for x 4 y, by 





ta acras) + |d(x) — 8(y)], 


where LCP(x, y) is the length of the longest common prefix of x and y. 
¢ Martin metric 
The Martin metric d“ between strings x = x, ...X, and y = yj... Yn is 


max{m,n} 


—m nh a 
jz"—2"+ YO ray SUP H(z.) — RE.) 
t=1 iad 





where z is any string of length ¢, k(z, x) is the Martin kernel of a Markov chain 
M = {M,}%), and the sequence a € {a = {a} : a; > 0, °) a; < co} isa 
parameter. 
¢ Baire metric 
The Baire metric is an ultrametric between strings x and y defined, for x # y, 
by 


1 
1+ LCP(x, y)’ 


where LCP(x, y) is the length of the longest common prefix of strings (finite or 
infinite) x and y. Cf. Baire space in Chap. 2. 

Given an infinite cardinal number « and a set A of cardinality «, the Cartesian 
product of countably many copies of A endowed with above ultrametric IFICPGS) 
is called the Baire space of weight « and denoted by B(x). In particular, B(Xo) 
(called the Baire 0-dimensional space) is homeomorphic to the space Irr of 
irrationals with continued fraction metric (Chap. 12). 
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¢ Generalized Cantor metric 
The generalized Cantor metric (or, sometimes, Baire distance) is an ultra- 
metric between infinite strings x and y defined, for x ¥ y, by 


gi thCPeny) | 


where a is a fixed number from the interval (0, 1), and LCP(x, y) is the length of 
the longest common prefix of x and y. 

This ultrametric space is compact. In the case a = s, this metric was 
considered on a remarkable fractal, the Cantor set; cf. Cantor metric in 
Chap. 18. Another important case is a = i = 0.367879441. 

Comyn—Dauchet, 1985, and Kwiatkowska, 1990, introduced some analogs 
of generalized Cantor metric for traces, i.e., equivalence classes of strings with 
respect to a congruence relation identifying strings x, y that are identical up to 
permutation of concurrent actions (xy = yx). 

¢ Parikh distance 

Given an ordered alphabet A = {a,,...,a,}, the Parikh distance between 
words x and y over it is the Manhattan metric a |x; — y;| between their 
Parikh maps (or commutative images) P(x) and P(y), where, for a word w, w; 
denotes the number of occurrences of a; in w and P(w) is (w1,..., Wx). 

¢ Parentheses string metrics 

Let P,, be the set of all strings on the alphabet {(, )} generated by a grammar 
and having n open and n closed parentheses. A parentheses string metric is an 
editing metric on P,, corresponding to a given set of editing operations. 

For example, the Monjardet metric (Monjardet, 1981) between two strings 
x,y € P,, is the minimum number of adjacent parentheses interchanges (“()” 
to “)(’? or “)(’? to “O”) needed to obtain y from x. It is the Manhattan metric 
between their representations p, and p,, where p, = (p,(1),...,pz(n)) and p,(i) 
is the number of open parentheses written before the i-th closed parentheses of 
zePy. 

There is a bijection between parentheses strings and binary trees; cf. the tree 
rotation distance in Chap. 15. 

¢ Dehornoy—Autord distance 

The Dehornoy—Autord distance (2010) between two shortest expressions x 
and y of a permutation as a product of transpositions ¢;, is the minimal, needed to 
get x from y, number of braid relations: ttt; = ttjt; with |i—j| = 1 and tjt; = tt; 
with |i — j| > 2. 

This distance can be extended to the decompositions of any given positive 
braid in terms of Artin’s generators. The permutations corresponds to the simple 
braids which are the divisors of Garside’s fundamental braid in the braid 
monoid. 

¢ Schellenkens complexity quasi-metric 

The Schellenkens complexity quasi-metric between infinite strings x = (x;) 

and y = (y,) iG = 0,1,...) over R>o with )°%, las < oo (seen as complexity 
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functions) is defined (Schellenkens, 1995) by 


Co 
. 1 1 
> 27‘ max{0, — — —}. 
Xi Yi 


i=0 


Graev metrics 

Let (X, d) be a metric space. Let X = X UX’ U fe}, where X’ = {x’ : x € X} is 
a disjoint copy of X, and e ¢ X UX’. We use the notation (e’)’ = e and (x’)' = x 
for any x € X; also, the letters x, y,x;, y; will denote elements of X. Let (X ,D) 
be a metric space such that D(x, y) = D(’, y’) = d(x, y), D(x, e) = D(x’, e) and 
D(x, y') = D(X’, y) for all x, y € X. 

Denote by W(X) the set of all words over X and, for each word w € W(X), 
denote by /(w) its length. A word w € W(X) is called irreducible if w = e or 
W = X9...Xn, Where x; # e and xj41 # x, forO <i<n. 

For each word w over X, denote by w the unique irreducible word obtained 
from w by successively replacing any occurrence of xx’ in w by e and eliminating 
e from any occurrence of the form w;ew2, where w; = w2 — 9 is excluded. 

Denote by F(X) the set of all irreducible words over X and, for u,v € F(X), 
define u- v = w’, where w is the concatenation of words u and v. Then F(X) 
becomes a group; its identity element is the (nonempty) word e. 

For any two words v = xo...X, and uu = yo... Yn over X of the same length, 
let p(v,u) = 7-9 D(xi, yi). The Graev metric between two irreducible words 
u = u,v € F(X) is defined ([DiGa07]) by 


inf{p(u*,v*) :u*,v* € W(X), lu*) = (v"*), =u" = v}. 


Graev proved that this metric is bi-invariant metric on F(X) and that F(X) is a 
topological group in the topology induced by it. 
String-induced alphabet distance 

Let a = (a,...,@m) be a finite string over alphabet X, |X| = n > 2. Let 
A(x) = {1 <i<m:a;=x}#@ foranyxe xX. 

The string-induced distance between symbols x, y € X is the set-set distance 
(Chap. 1) defined by 


d,(x, y) = min{|i—j| : i € A(x), j € AQ)}. 


A k-radius sequence (Jaromczyk and Lonc, 2004) is a string a over X with 
max; yex da(x, y) < k, i.e., any two symbols (say, large digital images) occur in 
some window (say, memory cache) of length k+1. Minimal length m corresponds 
to most efficient pipelining of images when no more than k + 1 of them can be 
placed in main memory in any given time. 
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11.2 Distances on Permutations 


A permutation (or ranking) is any string x,;...x, with all x; being different 


numbers from {1,...,7}; a signed permutation is any string x) ...X, with all |x;{ 
being different numbers from {1,...,}. Denote by (Sym,,-,id) the group of all 
permutations of the set {1,...,}, where id is the identity mapping. 


The restriction, on the set Sym, of all n-permutation vectors, of any metric on R” 


1 
is a metric on Sym,; the main example is the /,-metric ()~y_, |x; — yi|?)?, p > 1. 
The main editing operations on permutations are: 


¢ Block transposition, 1.e., a substring move; 

¢ Character move, i.e., a transposition of a block consisting of only one character; 

¢ Character swap, i.e., interchanging of any two adjacent characters; 

¢ Character exchange, i.e., interchanging of any two characters (in Group Theory, 
it is called transposition); 

* One-level character exchange, 1.e., exchange of characters x; and x;, i < j, such 
that, for any k with i < k <j, either min{x;, xj} > x, Or x, > max{x;, x} 

¢ Block reversal, i.e., transforming, say, the permutation x = x,...x, into the 
permutation x, ...xj;—)XjXj-1...Xi+1XjXj+1-.-Xn (SO, a Swap is a reversal of a 
block consisting only of two characters); 

¢ Signed reversal, i.e., a reversal in signed permutation, followed by multiplication 
on —1 of all characters of the reversed block. 


Below we list the most used editing and other metrics on Sym. 


¢ Hamming metric on permutations 
The Hamming metric on permutations dy is an editing metric on Sym,, 
obtained for O consisting of only character replacements. It is a bi-invariant 
metric. Also, n — dy(x, y) is the number of fixed points of xy~!. 
¢ Spearman p distance 
The Spearman p distance is the Euclidean metric on Sym,: 


> Gi -y)?. 


i=1 





Its square is a 2-near-metric. Cf. Spearman p rank correlation in Chap. 17. 
¢ Spearman footrule distance 
The Spearman footrule distance is the /,-metric on Sym,: 


n 
> be -yl.- 
i=1 


Cf. Spearman footrule similarity in Chap. 17. 
Both above Spearman distances are bi-invariant. 
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¢ Kendall ct distance 

The Kendall t distance (or inversion metric, permutation swap metric, 
bubble-sort distance) I is an editing metric on Sym,, obtained for O consisting 
only of character swaps. 

In terms of Group Theory, /(x, y) is the number of adjacent transpositions 
needed to obtain x from y. Also, /(x, y) is the number of relative inversions of x 
and y, i.e., pairs (i,j), | < i<j <n, with (x — xj); — yj) < 0. Cf. Kendall r 
rank correlation in Chap. 17. 

In [BCFS97] the following metrics, associated with /(x, y), were given: 


minzesym, (U(x, z) + Iz!) 

MaxXzesym, I (zx, zy)s 

MiNesym, [(ZX, ZY) = T(x, y), where T is the Cayley metric; 

editing metric with O consisting only of one-level character exchanges. 


Po Ne 


* Daniels—Guilbaud semimetric 

The Daniels—Guilbaud semimetric (see [Monj98]) is defined, for any x, y € 
Symp, as the number of triples (i,j,k), 1 < i<j < k <n, such that (%j, x;, xx) is 
not a cyclic shift of (y;, yj, yg). So, it is 0 if and only if x is a cyclic shift of y. 

¢ Cayley metric 

The Cayley metric (or transposition distance) T is an editing metric on 
Sym,, obtained for O consisting only of character exchanges. In terms of Group 
Theory, T(x, y) is the minimum number of transpositions needed to obtain x 
from y. 

The metric T is bi-invariant. Also, n— T(x, y) is the number of cycles in xy!, 
and, for the Hamming metric on permutations, dy (x, y) —T(x, y) is the number 
of cycles with length at least 2 in xy!. 

¢ Ulam metric 

The Ulam metric (or permutation editing metric) U is an editing metric 
on Sym,, obtained for O consisting only of character moves. It is the half of the 
indel metric on Sym,. 

Also, n — U(x, y) = LCS(x, y) = LIS(xy~!), where LCS(x, y) is the length of 
the longest common subsequence (not necessarily a substring) of x and y, while 
LIS(z) is the length of the longest increasing subsequence of z € Symp. 

This and the preceding six metrics are right-invariant. 

¢ Reversal metric 

The reversal metric is an editing metric on Sym,, obtained for O consisting 
only of block reversals. 

¢ Signed reversal metric 

The signed reversal metric (Sankoff, 1989) is an editing metric on the set of 
all 2”! signed permutations of the set {1,...,}, obtained for O consisting only 
of signed reversals. 

This metric is used in Biology, where a signed permutation represents a single- 
chromosome genome, seen as a permutation of genes (along the chromosome) 
each having a direction (so, a sign + or —). 
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Chain metric 

The chain metric (or rearrangement metric) is a metric on Sym, ([Page65]) 
defined, for any x,y € Sym,, as the minimum number, minus 1, of chains 
(substrings) Hi als Ly, of y, such that x can be parsed (concatenated) into, i.e., 
x= y, ae LY, 
Lexicographic metric 

The lexicographic metric (Golenko—Ginzburg, 1973) is a metric on Sym,: 


IN(@x) — NOI 


where N(x) is the ordinal number of the position (among 1, ..., 7!) occupied by 
the permutation x in the lexicographic ordering of the set Sym,. 

In the lexicographic ordering of Sym,, x = X,...X%, < y = y,..-Yn if there 
exists 1 < i < n such that x, = x1,...,X%;-1 = yj-1, but x; < yj. 
Fréchet permutation metric 

The Fréchet permutation metric is the Fréchet product metric (Chap. 4) 
on the set Symgo of permutations of positive integers defined by 


er 


1+ |X; ant 


Distance-rationalizable voting rule 

Let e = (m1,...,%m) be a finite string over alphabet Sym,; it can be seen as 
an election in which, for each i, 1 < i < m, the voter v; give the ranking z; = 
(zi(c1),..., Wi(Cn)) on the set C = {c1,..., Cn) of candidates. Let X = Sym'" be 
the set of all possible elections with m voters in each. 

A voting rule is any map R : X — P(C) assigning to each election e a 
set R(e) C C of its R-winners. For example, the winners of plurality rule are 
candidates with the largest number of first-place votes. A candidate is a unanimity 
winner if all voters rank him first. A candidate c; is a Condorcet winner if for 
each c; € C \ {cj}, a strict majority of voters prefer c; to cj. A candidate is a 
Dodson winner if the number of swaps of adjacent candidates in the rankings by 
voters after which he became a Condorcet winner, is minimal. So, |R(e)| < 1 
for elections with unanimity or Condorcet rule, and |R(e)| > 1 for plurality or 
Dodson rule. 

A consensus class is a pair (Y, W), where Y C X is aset of elections and W is 
a voting rule with unique (Y, W)-winner (i.e., |W(e)| = 1) for alle € Y. LetUv 
and C denote the consensus classes of all elections having the Condorcet winner 
and the unanimity winner, respectively. 

Given a distance d on X and consensus class (Y, W), the voting rule R is called 
(Meskanen—Nurmi, 2008, and Elkind—Faliszewski—Slinko, 2009) (d; (Y, W))- 
distance-rationalizable if, for each election e, a candidate c; is its R-winner if 
and only if he is the (Y, W)-winner in a d-closest election in Y. 
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The plurality rule is (dy; U/)-rationalizable, where dy(e, e’) is the Hamming 
distance |{i < i < m: x; # m/}|. The Dodson rule is (d,,; C)-rationalizable, 
where dy(e, e’) = > <j<y Asw(1i, 1/) and dy, on rankings is the swap metric. 

Similar framework (minimization of an aggregation function of distances 
between a collective opinion and the individual judgements) is used in distance- 
based jugement aggregation and in general distance-based semantics for decision 
or choice. 





Chapter 12 
Distances on Numbers, Polynomials, 
and Matrices 


12.1 Metrics on Numbers 


Here we consider the most important metrics on the classical number systems: the 
semiring N of natural numbers, the ring Z of integers, and the fields Q, R, C of 
rational, real, complex numbers, respectively. We consider also the algebra Q of 
quaternions. 


Metrics on natural numbers 
There are several well-known metrics on the set N of natural numbers: 


1. |n — m|; the restriction of the natural metric (from R) on N; 

2. p *, where @ is the highest power of a given prime number p dividing m — n, 
for m # n (and equal to 0 for m = n); the restriction of the p-adic metric 
(from Q) on N; 

3. In ee an example of the lattice valuation metric; 

4. w,(n —m), where w,(n) is the arithmetic r-weight of n; the restriction of the 
arithmetic r-norm metric (from Z) on N; 


5, “= (cf, M-relative metric in Chap. 5); 


mn 











6. 1+ oe for m 4 n (and equal to 0 for m = n); the Sierpinski metric. 


Most of these metrics on N can be extended on Z. Moreover, any one of the above 
metrics can be used in the case of an arbitrary countable set X. For example, the 
Sierpinski metric is defined, in general, on a countable set X = {x, : n € N} by 
1+ — for all Xm,X, € X with m # n (and is equal to 0, otherwise). 
Arithmetic r-norm metric 

Let r ¢ N,r > 2. The modified r-ary form of an integer x is a representation 


x= e,r" +--+ er +e, 


where e; € Z, and |e;| < r for alli = 0,...,7. 
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An r-ary form is called minimal if the number of nonzero coefficients is 
minimal. The minimal form is not unique, in general. But if the coefficients e;, 
0 < i < n-—1, satisfy the conditions |e; + e4;| < r, and |e;| < Jej41| if 
eje;+1 < 0, then the above form is unique and minimal; it is called the generalized 
nonadjacent form. 

The arithmetic r-weight w,(x) of an integer x is the number of nonzero 
coefficients in a minimal r-ary form of x, in particular, in the generalized 
nonadjacent form. The arithmetic r-norm metric on Z (see, for example, 
[Ernv85]) is defined by 


w(x —y). 


¢ Distance between consecutive primes 

The distance between consecutive primes (or prime gap, prime difference 
function) is the difference g, = Pyn+1—Pn between two successive prime numbers. 

It holds g, < pn, limy+o08n = oo and (Zhang, 2013) lim, _,.,8n < 7 x 10’, 
improved to < 246 (conjecturally, to < 6) by Polymath8, 2014. There is no 
lim,-+00 8n but g, ~ Inp, for the average g,,. 

Open Polignac’s conjecture: for any k => 1, there are infinitely many n with 
8n = 2k; the case k = | (ie., that lim, ...g, = 2 holds) is the twin prime 
conjecture. 

¢ Distance Fibonacci numbers 

Fibonacci numbers are defined by the recurrence F,, = F,—-, + F,—2 forn > 2 
with initial terms Fo = 0 and F; = 1. Distance Fibonacci numbers are three 
following generalizations of them in the distance sense, considered by Wloch 
et al.. 

Kwasnik—Wloch, 2000: F(k,n) = F(k,n — 1) + F(k,n —k) forn > k and 
F(k,n) =n+1forn<k. 

Bednarz et al., 2012: Fd(k,n) = Fd(k,n—k+1)+Fd(k,n—k) forn>k> 1 
and Fd(k,n) = 1 forO<n<k. 

Wloch et al., 2013: F2(k, n) = Fo(k,n — 2) + Fo(k,n —k) forn > k > 1 and 
F4(k,n) = | for0<n<k. 

¢ p-adic metric 

Let p be a prime number. Any nonzero rational number x can be represented as 
x = p**, where c and d are integers not divisible by p, and a is a unique integer. 
The p-adic norm of x is defined by |x|, = p~*. Moreover, |0|, = 0 is defined. 

The p-adic metric is a norm metric on the set Q of rational numbers 
defined by 


= ¥lps 


This metric forms the basis for the algebra of p-adic numbers. The Cauchy com- 
pletions of the metric spaces (Q, |x—y|,) and (Q, |x—y|) with the natural metric 
|x — y| give the fields Q, of p-adic numbers and R of real numbers, respectively. 
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The Gaji¢ metric is an ultrametric on the set Q of rational numbers defined, 
for x # y (via the integer part |z| of a real number z), by 


inf(2" :n eZ, |2"(x—e)| = |2"(v—e) |}, 


where e is any fixed irrational number. This metric is equivalent to the natural 
metric |x — y| on Q. 
¢ Continued fraction metric on irrationals 
The continued fraction metric on irrationals is a complete metric on the set 
Irr of irrational numbers defined, for x 4 y, by 


1 

7 
where 7 is the first index for which the continued fraction expansions of x and 
y differ. This metric is equivalent to the natural metric |x — y| on rr which is 
noncomplete and disconnected. Also, the Baire 0-dimensional space B(Xo) (cf. 
Baire metric in Chap. 11) is homeomorphic to /rr endowed with this metric. 

¢ Natural metric 

The natural metric (or absolute value metric, line metric, the distance 

between numbers) is a metric on R defined by 


y—x,ifx—y <0, 
|x—y| = ; 
x—y,ifx—y>0. 


On R all /,-metrics coincide with the natural metric. The metric space (R, |x—y)|) 
is called the real line (or Euclidean line). 

There exist many other metrics on R coming from |x — y| by some metric 
transform (Chap. 4). For example: min{1, |x — y|}, eet. |x| + |x — y| + |y| 
(for x # y) and, for a given 0 < a < 1, the generalized absolute value metric 
ey. 

Some authors use |x — y| as the Polish notation (parentheses-free and 
computer-friendly) of the distance function in any metric space. 

¢ Zero bias metric 
The zero bias metric is a metric on R defined by 





1+|x—yI 
if one and only one of x and y is strictly positive, and by 
Ix— yl, 


otherwise, where |x — y| is the natural metric (see, for example, [Gile87]). 
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Sorgenfrey quasi-metric 
The Sorgenfrey quasi-metric is a quasi-metric d on R defined by 


y-x 


if y > x, and equal to 1, otherwise. Some similar quasi-metrics on R are: 


1. di(x, y) = max{y — x, 0} (in general, max{ f(y) — f(x), 0} is a quasi-metric on 
a set X if f : X — Rso is an injective function); 

2. do(x, y) = min{y — x, 1} if y > x, and equal to 1, otherwise; 

3. d3(x,y) = y—x if y > x, and equal to a(x — y) (for fixed a > 0), otherwise; 

4. da(x,y) = e? — e* if y > x, and equal to e” — e * otherwise. 


Real half-line quasi-semimetric 
The real half-line quasi-semimetric is defined on the half-line R. by 


max{0, In ay 
x 


Janous—Hametner metric 
The Janous—Hametner metric is defined on the half-line R.» by 


|x — y| 
(x+y) 





where t = —1 or 0 < t < 1, and |x — y| is the natural metric. 
Extended real line metric 

An extended real line metric is a metric on R U {+00} U {—oo}. The main 
example (see, for example, [Cops68]) of such metric is given by 


lf) —fO)I, 


where f(x) = ear forx € R,f(+oo) = 1, and f(—oo) = -1. 


Another metric, commonly used on R U {+00} U {—oo}, is defined by 





| arctan x — arctan y|, 


where —}n < arctanx < 4m for —oo < x < oo, and arctan(+oo) = +47. 


Complex modulus metric 
The complex modulus metric on the set C of complex numbers is defined by 


|z— ul, 


where, for any z = z; + zai € C, the number |z| = /zZ = \/zj + Z is the com- 
plex modulus. The complex argument @ is defined by z = |z|(cos(@) + isin(@)). 
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The metric space (C, |z—u|) is called the complex (or Wessel-Argand) plane. 
It is isometric to the Euclidean plane (IR?, ||x—y||2). So, the metrics on R?, given 
in Chaps. 19 and 5, can be seen as metrics on C. For example, the British Rail 
metric on C is |z| + |u| for z 4 u. The p-relative (if 1 < p < oo) and relative 
metric (if p = oo) on C are defined for |z| + |u| 4 0 respectively, by 


|z—u| |z—u| 
and : 
/\zP + ule = maxt|z|, |e} 


¢ Z(nm)-related norm metrics 
A Kummer (or cyclotomic) ring Z(jm) is a subring of the ring C (and an 
extension of the ring Z), such that each of its elements has the form ar dj Was 





where 77, is a primitive m-th root exp(*) of unity, and all a; are integers. 
The complex modulus |z| of z = a + bnm € C is defined by 


201 
z|? = =a? + (Mn + Tm)ab + b* = a? + 2ab cos(—*) +b’. 


Then (a + b)? = q? for m = 2 (or 1), a* + b? for m = 4, and a* + ab + b? for 
m = 6 (or 3), ie., for the ring Z of usual integers, Z(i) of Gaussian integers and 
Z(p) of Eisenstein—Jacobi (or EJ) integers. 

The set of units of Z(7») contain 7,0 < j < m-—1; form = 5 and 
m > 6, units of infinite order appear also, since cos( =) is irrational. For 
m = 2,4, 6, the set of units is {+1}, {+1, +i}, {+1, +p, +p}, where i = nq 
and p = 76 = ase 

The norms |z| = Ja? + b? and ||z||; = |a| + |b] for z = a+ bi € C give 
rise to the complex modulus and i-Manhattan metrics on C. They coincide 
with the Euclidean (/2-) and Manhattan (/;-) metrics, respectively, on IR? seen as 
the complex plane. The restriction of the i-Manhattan metric on Z(i) is the path 
metric of the square grid Z? of R7; cf. grid metric in Chap. 19. 

The p-Manhattan metric on C is defined by the norm ||z]|p, i-e., 


min{|a|+|b|+]e] : z= at+bptcp7} = minf|a|+|b], |a+b|+]d], |a+b|+lal : z= at+bp}. 


The restriction of the p-Manhattan metric on Z(p) is the path metric of the 
triangular grid of R? (seen as the hexagonal lattice Ay = {(a,b,c) € Z : 
a+b-+c=0}), ie., the hexagonal metric (Chap. 19). 

Let f denote either i or p = eee Given az € Z(f) \ {0} and z,z € Z(f), 
we write z = z’ (mod z) if z— z’ = dx for some 6 € Z(f). For the quotient ring 
Zx(f) = {z(mod zx) : z € Z(f)}, it holds |Zx(f)| = [|r |2. 

Call two congruence classes z(mod zr) and z (mod z) adjacent if z— 7 = 
f! (mod x) for some j. The resulting graph on Z,(f) called a Gaussian network 
or EJ network if, respectively, f = iorf = p. The path metrics of these networks 
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coincide with their norm metrics, defined (Fan—Gao, 2004) for z(modz) and 
z’ (mod zr), by 


min ||u||p :u € z— Zz (modz). 


These metrics are different from the previously defined ([Hube94a, Hube94b]) 
distance on Z,(f): ||v||p, where v € z—z/ (modz) is selected by minimizing 
the complex modulus. For f = i, this is the Mannheim distance (Chap. 16), 
which is not a metric. 

¢ Chordal metric 
The chordal metric d, is a metric on the set C=C U {00} defined by 


2|z — u| date 8 2 
an zZz,co) = — 
VIF kPyI+ |r” VI+kP 


for all u,z € C (cf. M-relative metric in Chap. 5). 

The metric space (C, d ~) 18 called the extended complex plane. It is homeo- 
morphic and conformally equivalent to the Riemann sphere, 1.e., the unit sphere 
S? = {(x1, 42,43) € E? : x} + x5 + x4 = 1} (considered as a metric subspace of 
33), onto which (C, d ) is one-to-one mapped under stereographic projection. 

The plane C can be identified with the plane x3 = 0 such that the and 
imaginary axes coincide with the x, and x2 axes. Under stereographic projection, 
each point z € C corresponds to the point (x), x2,x3) € S*, where the ray drawn 
from the “north pole” (0, 0, 1) to the point z meets the sphere S”; the “north pole” 
corresponds to the point at oo. The chordal (spherical) metric between two points 
p.q € S* is taken to be the distance between their preimages z, u € C. 

The chordal metric is defined equivalently on R' =R"U {oo}: 





d,(z,u) = 





























2\|x — yll2 2 


and d,(x, oo) = ———————.. 
i+ IkBy1 + IIB 1+ IelB 


The restriction of the metric d, on R" is a Ptolemaic metric; cf. Chap. 1. 
Givena > 0, 8 > 0, p > 1, the generalized chordal metric is a metric on C 
(in general, on (IR”, ||.||2) and even on any Ptolemaic space (V, ||.||)), defined by 





d,(x,y) = 





Iz —u| 


Va + BlzP + a+ BlulP 








¢ Metrics on quaternions 
Quaternions are members of a noncommutative division algebra Q over the 
field R, geometrically realizable in R*+ ({Hami66]). Formally, 


Q= {q=q1 4+ grit aaj + qak : qi € R}, 


where the basic units 1,i,j,k € Q satisfy ? = j? =k? = —1 and ij = —ji=k. 
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The quaternion norm is defined by ||g|| = /gq = Va ++43+ 4, 
where G = q1 — qoi — qaj — q4k. The quaternion metric is the norm metric 
llgq—q'|| on 9. 

The set of all Lipschitz integers and Hurwitz integers are defined, respectively, 
by 


L = {qi + qoi + aaj + qak : gi € Z} and 
’ 1 
H={qit+qmitqyt+qak: all ge Z orall gi + 5 € Z}. 


A quaternion q € L is irreducible (i.e, gq = qq" implies {q’,g’} 
{#1, ti, +j, +k} # @) if and only if ||g|| is a prime. Given an irreducible 
a €Landgq,q’' € H, we write g = q' (modz) if g—q' = 6m for some 6 € L. 
For the rings L,;, = {q(modz) : g € L} and H, = {q(modz) : q € H}it 
holds |L,,| = ||sr||? and |H,,| = 2||z||? — 1. 
The quaternion Lipschitz metric on L, is defined (Martinez et al., 2009) by 


dy(a,B) = min )> |qs| :@ — B = 41 + Gai + Qa + quk (mod x). 


1l<s<4 


The ring H is additively generated by its subring L and w = (1 +i+tjy+h). 
The Hurwitz metric on the ring H, is defined (Guzéltepe, 2013) by 


dy(a, B) = min ls): @— B = qi t+ git gai t+ qak + qsw (mod z). 


1<s<5 


Cf. the hyper-Kahler and Gibbons—Manton metrics in Sect. 7.3 and the unit 
quaternions and joint angle metrics in Sect. 18.3. 


12.2 Metrics on Polynomials 


A polynomial is a sum of powers in one or more variables multiplied by coefficients. 
A polynomial in one variable (or monic polynomial) with constant real (complex) 
coefficients is given by P = P(z) = Y pao axz*, ax € R (ay € C). The set P of all 
real (complex) polynomials forms a ring (P, +, -,0). It is also a vector space over 
R (over C). 


¢ Polynomial norm metric 
A polynomial norm metric is a norm metric on the vector space P of all 
real (complex) polynomials defined by 


||P— Qll. 
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where ||.|| is a polynomial norm, i.e., a function ||.|| : 2 — R such that, for all 
P,Q € P and for any scalar k, we have the following properties: 


1. ||P|| = 0, with ||P|| = 0 if and only if P = 0; 
2. ||KP|| = IAI|| PII; 
3. ||P + Q|| < ||P|| + ||Q]] (triangle inequality). 


The /,-norm and L,-norm of a polynomial P(z) = >, axz* are defined by 


z on oo. dO. 1 
Pllo = Cd > laxl?)” and ||P, = (f |P(e*)?—)? for 1 < p <0, 
k=0 0 20 


I|Pl loo = max |a,| and ||P||z., = sup |P(z)| for p = oo. 
O0<k<n jz|=1 


The values ||P||; and ||P||oo are called the Jength and height of polynomial P. 
¢ Distance from irreducible polynomials 

For any field F, a polynomial with coefficients in F is said to be irreducible 
over F if it cannot be factored into the product of two nonconstant polynomials 
with coefficients in F. Given a metric d on the polynomials over F, the 
distance (of a given polynomial P(z)) from irreducible polynomials is d;,(P) = 
inf d(P, Q), where Q(z) is any irreducible polynomial of the same degree over F. 

Polynomial conjecture of Turan, 1967, is that there exists a constant C with 
di-(P) < C for every polynomial P over Z, where d(P, Q) is the length ||P—Q]||\ 
of P—@Q. 

Lee—Ruskey—Williams, 2007, conjectured that there exists a constant C with 
diy(P) < C for every polynomial P over the Galois field F2, where d(P, Q) is the 
Hamming distance between the (0, 1)-sequences of coefficients of P and Q. 

¢ Bombieri metric 

The Bombieri metric (or polynomial bracket metric) is a polynomial norm 

metric on the set P of all real (complex) polynomials defined by 


[P— lp. 


where [.],, 0 < p < 00, is the Bombieri p-norm. 
For a polynomial P(z) = )-4=» axz* it is defined by 


Pl, = OG)! Pla)". 


k=0 


¢ Metric space of roots 
The metric space of roots is (Curgus—Mascioni, 2006) the space (X, d) where 
X is the family of all multisets of complex numbers with n elements and the 
distance between multisets U = {u,..., un} and V = {v1,..., Un} is defined by 





12.3 Metrics on Matrices 237 


the following analog of the Fréchet metric: 


min max |uj — vz ;)|, 
tESym, 1<j<n 


where t is any permutation of {1,...,”}. Here the set of roots of some monic 
complex polynomial of degree n is considered as a multiset with n elements. Cf. 
metrics between multisets in Chap. 1. 

The function assigning to each polynomial the multiset of its roots is a 
homeomorphism between the metric space of all monic complex polynomials 
of degree n with the polynomial norm metric /,, and the metric space of roots. 


12.3. Metrics on Matrices 


An m X n matrix A = ((aj)) over a field F is a table consisting of m rows and n 
columns with the entries aj from F. The set of all m xn matrices with real (complex) 
entries is denoted by M,,,, or R””*” (C””). It forms a group (Minn, +, Omn), Where 
((ay)) + ((by)) = (Cay + 5,)), and the matrix On, = 0. It is also an mn-dimensional 
vector space over R (C). 

The transpose of a matrix A = ((aj)) € Mm is the matrix Al = ((aji)) € Mam. 
A m Xn matrix A is called a square matrix if m = n, and a symmetric matrix if 
A = A’. The conjugate transpose (or adjoint) of a matrix A = ((aj)) € Minn is 
the matrix A* = ((@;)) € Mnm. An Hermitian matrix is a complex square matrix A 
with A = A*. 

The set of all square n x n matrices with real (complex) entries is denoted by 
M,,. It forms a ring (My, +,:,0n), where + and 0, are defined as above, and ((aj)) « 
((bi)) = (Ole 1 Gixdy)). It is also an n>-dimensional vector space over R (over C). 
The trace of a square n x n matrix A = ((aj)) is defined by Tr(A) = )7_, aii. 

The identity matrix is 1, = ((cj)) with cj = 1, and cy = 0,i ¢ j. An unitary 
matrix U = ((uj)) is a square matrix defined by U~! = U*, where U7! is the 
inverse matrix of U, i.e., UU~! = 1,. A matrix A € Mymn is orthonormal if A*A = 
1,. A matrix A € R”” is orthogonal if A’ = A™!, normal if ATA = AA™ and 
singular if its determinant is 0. 

If for a matrix A € M, there is a vector x such that Ax = Ax for some scalar 
A, then A is called an eigenvalue of A with corresponding eigenvector x. Given a 
matrix A € C’”", its singular values s;(A) are defined as ,/A(A*A). A real matrix A 
is positive-definite if v'Av > 0 for all nonzero real vectors v; it holds if and only if 
all eigenvalues of Ay = 5(A + A’) are positive. An Hermitian matrix A is positive- 
definite if v*Av > 0 for all nonzero complex vectors v; it holds if and only if all 
4(A) are positive. 

The mixed states of a n-dimensional quantum system are described by their 
density matrices, i.e., positive-semidefinite Hermitian n x n matrices of trace 1. The 
set of such matrices is convex, and its extremal points describe the pure states. Cf. 
monotone metrics in Chap. 7 and distances between quantum states in Chap. 24. 
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Matrix norm metric 
A matrix norm metric is a norm metric on the set M,,,, of all real (complex) 
m X n matrices defined by 


||A — Bll, 


where ||.|| is a matrix norm, i.e., a function ||.|| + Mnn — R such that, for all 
A, B € Mn, and for any scalar k, we have the following properties: 


. ||A]| = 0, with ||A|| = 0 if and only if A = Onn; 
- [KA|] = JAIIATI: 

. ||A + Bl| < ||A]| + ||B]] (triangle inequality). 

. ||ABI| < ||Al| - ||B]| (submultiplicativity). 


BRWN re 


All matrix norm metrics on M,,, are equivalent. The simplest example of such 
metric is the Hamming metric on M,,,,, (in general, on the set M,,,(F) of all mxn 
matrices with entries from a field F) defined by ||A — B||z, where ||A||z is the 
Hamming norm of A € Myn, 1.e., the number of nonzero entries in A. Example 
of a generalized (i.e., not submultiplicative one) matrix norm is the max element 
norm \|A = ((aj))||max = max,, |ajj|; but ./mn||A||max is a matrix norm. 
Natural norm metric 

A natural (or operator, induced) norm metric is a matrix norm metric on 
the set M,, defined by 


I|A — Bl |nat, 


where ||.||nat is a natural (or operator, induced) norm on M,, induced by the 
vector norm ||x||,.x € R” (x € C”), is a matrix norm defined by 


||Ax]| 
I|A||nat = sup = sup ||Ax|| = sup ||Ax||. 
yiciizo WI) ja IIxll<1 





The natural norm metric can be defined in similar way on the set M,,,, of all 
m X n real (complex) matrices: given vector norms |].||R» on R” and ||.||R on 
R", the natural norm ||A||na of a matrix A € Minn, induced by ||.||z» and ||.||R», 
is a matrix norm defined by ||A||nat = SUPjj,j,., =1 ||AX||e~. 
Matrix p-norm metric 
A matrix p-norm metric is a natural norm metric on M,, defined by 
Pp 
|A — Bl lnat. 
where ||.|{/. is the matrix (or operator) p-norm, i.e., a natural norm, induced by 
the vector /,-norm, 1 < p < ow: 


n 
Alloa = max |lAap, where xIlp = (Dl?) 


I+Ilp i=l 
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The maximum absolute column and maximum absolute row metric are the 
matrix 1-norm and matrix oo-norm metric on M,. For a matrix A = ((aj)) € 
M,, the maximum absolute column and maximum absolute row sum norm are 


n n 
1 
Alle = yaar, 2 lau and Alle = max, ) lay! 
= = 


The spectral norm metric is the matrix 2-norm metric ||A — B||?,, on 


M,,. The matrix 2-norm ||.||?,,, induced by the vector /-norm, is also called the 


spectral norm and denoted by ||.||sp. For a symmetric matrix A = ((aj)) € Mn, 
it is 


IA] | sp = Smax (A) — 6) ls CAPA), 


where A* = ((Gji)), while smax and Amax are largest singular value and eigenvalue. 
¢ Frobenius norm metric 
The Frobenius norm metric is a matrix norm metric on M,,,,, defined by 
||[A — Bl|r,, 
where ||.||, is the Frobenius (or Hilbert-Schmidt) norm. For A = ((aj)), it is 


Vigt=VraA= | a=] Ys, 
ij 


1<i<rank(A) 1<i<rank(A) 








where ,, s; are the eigenvalues and singular values of A. 
This norm is strictly convex, is a differentiable function of its elements aj and 


1 
is the only unitarily invariant norm among ||A||p» = (021 Doj=1 lal”)? p = 1. 
The trace norm metric is a matrix norm metric on M,,,, defined by 


||A — Bl |r, 
where ||.||,, is the trace norm (or nuclear norm) on My,» defined by 
min{m,n} 
Alle = 5 s:(A) = Tr(V/A*A). 
i=l 


¢ Schatten norm metric 
Given | < p < o, the Schatten norm metric is a matrix norm metric on 
Minn defined by 


\|A — Bllisci 
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where ||.| lee is the Schatten p-norm on M,,,,. For a matrix A € Mj,y, it is defined 


as the p-th root of the sum of the p-th powers of all its singular values: 


min{m,n} 


NAllgen = (2 P(A)? 


i=1 


For p = oo, 2 and 1, one obtains the spectral norm metric, Frobenius norm 
metric and trace norm metric, respectively. 
¢ (c,p)-norm metric 
Let k € N,k < min{m,n},c € R*,c, > co > +++ > cy > 0, and 1 <p <o. 
The (c, p)-norm metric is a matrix norm metric on M,,,, defined by 


||A B| leas 


where ||.| leew) is the (c, p)-norm on My, n. For a matrix A € Mn, it is defined by 


k 

1 

Alley = Qo ish (A))?, 
i=1 


where s;(A) > s2(A) > --- > s,(A) are the first k singular values of A. 
If p = 1, it is the c-norm. If, moreover, c) = --- = cy = 1, it is the Ky Fan 
k-norm. 
¢ Ky Fan k-norm metric 
Given k € N,k < min{m, n}, the Ky Fan k-norm metric is a matrix norm 
metric on M,,,, defined by 


||A — Bll. 


where ||.| fe is the Ky Fan k-norm on My. For a matrix A € My,p, it is defined 
as the sum of its first k singular values: 


k 


Allie = >, si(A). 


i=1 


For k = 1 and k = min{m, n}, one obtains the spectral and trace norm metrics. 
¢ Cut norm metric 
The cut norm metric is a matrix norm metric on M,,,,, defined by 


I|A — Bl leur, 
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where ||.||cur is the cut norm on Mm» defined, for a matrix A = ((ay)) € Min, as: 


Cf. in Chap. 15 the rectangle distance on weighted graphs and the cut 

semimetric, but the weighted cut metric in Chap. 19 is not related. 
¢ Matrix nearness problems 

A norm ||.|| is unitarily invariant on My» if ||B|| = || UBV]|| for all B € Minn 
and all unitary matrices U, V. All Schatten p-norms are unitarily invariant. 

Given a unitarily invariant norm |].|| on Mj, a matrix property P defining 
a subspace or compact subset of M,,,, (so that dj(A, P) below is well defined) 
and a matrix A € M,,y, then the distance to P is the point-set distance on M,,, , 


d(A) = dy \(A,P) = min{||E|| : A + E has property P}. 


A matrix nearness problem is ({[High89]) to find an explicit formula for 
d(A), the P-closest matrix (or matrices) X|)|\(A) = A + E, satisfying the 
above minimum, and efficient algorithms for computing d(A) and Xj, |\(A). The 
componentwise nearness problem is to find d’(A) = minfe : |E| < €|A|,A + 
E has property P}, where |B| = ((|b,|)) and the matrix inequality is interpreted 
componentwise. 

The most used norms for B = ((by)) are the Schatten 2- and 
co-norms (cf. Schatten norm metric): the Frobenius norm ||B\|p. = 


V Tr(B*B)=,/ >> <i<rank(p) 87 and the spectral norm ||B\\sy = y/Amax(B*B) = 
S] (B) H 

Examples of closest matrices X = X\j | (A, P) follow. 

Let A € C”*". Then A = Ay + As, where Ay = 5(A + A*) is Hermitian 
and Ay = 5(A — A*) is skew-Hermitian (i.e., Aj, = —Ay). LetA = UXV* bea 
singular value decomposition (SVD) of A, i.e., U € M,, and V* € M,, are unitary, 
while & = diag(s1, 52,..., Smin{mn}) is an m X n diagonal matrix with 5; > s2 > 

* = Stank(aA) > O = +++ = O. Fan and Hoffman, 1955, showed that, for any 
unitarily invariant norm, Ay, As, UV* are closest Hermitian (symmetric), skew- 
Hermitian (skew-symmetric) and unitary (orthogonal) matrices, respectively. 
Such matrix X-,(A) is a unique minimizer in all three cases. 

Let A € R’”". Gabriel, 1979, found the closest normal matrix X;,(A). Higham 
found in 1988 a unique closest symmetric positive-semidefinite matrix X;,(A) 
and, in 2001, the closest matrix of this type with unit diagonal (i.e., ab correlation 
matrix). 

GivenaSVDA = UXV* of A, let Ay denote UX;,V*, where &, is a diagonal 
matrix diag(s),50,...,5%,0,...,0) containing the largest k singular values of A. 
Then (Mirsky, 1960) A; achieves MiNyank(a+£)<k ||E|| for any unitarily invariant 


norm. So, ||A — Agl| = yf eK) s? (Eckart-Young, 1936) and ||A — Ag||sp = 
Smax(A — Ag) = 54 (A). Ag is a unique minimizer Xp,(A) if sp > 5x41. 
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Let A € R”” be nonsingular. Then its distance to singularity d(A, Sine) = 
seta A + Eis singular} is, for both above norms, s,(A) = aa a5 = 
I = sup{é : dBr» C ABpr}; here Ban = {x € R”: ||x|| < 1}. 

Given a closed convex cone C C R", call a matrix A € R”*” feasible if 
{Ax : x € C} = R”; so, form = n and C = R’", feasibly means nonsingularity. 
Renegar, 1995, showed that, for feasible matrix A, its distance to infeasibility 
min{||E||nar : A + £ is not feasible} is sup{d : Ba» C A(Bp» N C)}. 

Lewis, 2003, generalized this by showing that, given two real normed spaces 
X, Y and a surjective convex process (or set valued sublinear mapping) F from X 
to Y, i.e., a multifunction for which {(x, y) : y € F(x)} is a closed convex cone, it 
holds 
























































1 


min{||E||nat : E is any linear map X — Y, F + E is not surjective} = Fe 
nat 


Donchev et al. 2002, extended this, computing distance to irregularity; 
cf. metric regularity (Chap. 1). Cf. the above four distances to ill-posedness 
with distance to uncontrollability (Chap. 18) and distances from symmetry 
(Chap. 21). 

Sym(n, R)* and Her(n, C)* metrics 

Let Sym(n,R)* and Her(n,C)* be the cones of n x n symmetric real and 
Hermitian complex positive-definite n x n matrices. The Sym(n, R)* metric is 
defined, for any A, B € Sym(n, R)*, as 


(Slog? A,)?, 
i=1 


where A,,c,A, are the eigenvalues of the matrix A~!B (the same as those of 

A~2BA™2). It is the Riemannian distance, arising from the Riemannian metric 

ds? = Tr((A~!(dA))?). This metric was rediscovered in Férstner—Moonen, 1999, 

and Pennec et al., 2004, via generalized eigenvalue problem: det(AA — B) = 0. 
The Her(n, C)* metric is defined, for any A, B € Her(n, C)*, by 


dg(A, B) = ||log(A~2BA~2)] |, 


where ||H||7- = (0; [Aij|2)2 is the Frobenius norm of the matrix H = ((hj)). It 
is the Riemannian distance arising from the Riemannian metric of nonpositive 
curvature, defined locally (at H) by ds = ||H -3 dH H~? ||z. In other words, this 
distance is the geodesic distance 


inf{L(y) : y is a (differentiable) path from A to B}, 
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where L(y) = if I|ly72 (ty! (t)y~2 (t)||~dt and the geodesic [A,B] is 
parametrized by y(t) = A? (A-2BA~2)'A2 in the sense that dr(A,y(t)) = 
tdr(A, B) for each t € [0, 1]. In particular, the geodesic midpoint y(5) of [A, B] 
can be seen as the geometric mean of two positive-definite matrices A and B. 
The space (Her(n,C)*,dg)) is an Hadamard (i.e., complete and CAT(0)) 
space, cf. Chap. 6. But Her(n, C)* is not complete with respect to matrix norms; 
it has a boundary consisting of the singular positive-semidefinite matrices. 
Above Sym(n,R)* and Her(n,C)* metrics are the special cases of the 
distance dr(x, y) among invariant distances on symmetric cones in Chap. 9. 
Cf. also, in Chap. 24, the trace distance on all Hermitian of trace 1 positive- 
definite n x n matrices and in Chap. 7, the Wigner-Yanase—Dyson metrics on 
all complex positive-definite m x n matrices. 
The Bartlett distance between two matrices A,B € Her(n,C)*, is defined 
(Conradsen et al., 2003, for radar applications) by 


( (det(A + ar 
Adet(A)det(B) } © 


e Siegel distance 
The Siegel half-plane is the set SH, of n x n matrices Z = X + iY, where X, Y 
are symmetric or Hermitian and Y is positive-definite. The Siegel-Hua metric 
(Siegel, 1943, and independently, Hua, 1944) on SH, is defined by 


ds* = Tr(Y~!(dZ)Y~!(dZ)). 


It is unique metric preserved by any automorphism of SH,,. The Siegel—Hua 
metric on the Siegel disk SD, = {W = (Z—il)(Z+ il"! : Z € SH,} is 
defined by 


ds? = Tr((I — WW*) 'dwU — W* Ww) 'dw*). 


For n=1, the Siegel—-Hua metric is the Poincaré metric (cf. Chap.6) on the 
Poincaré half-plane SH, and the Poincaré disk SD, respectively. 

LetA, = {Z = iY : Y > 0} be the imaginary axe on the Siegel half-plane. The 
Siegel—Hua metric on A, is (cf. [Barb12]) the Riemannian trace metric ds* = 
Tr((P' dP)2). The corresponding distances are Sym(n, R)* metric or Her(n, C)* 
metric. The Siegel distance on SH, \ A, is defined by 

Sieget(Z1 » Za) = 2 toe 





A\,...,A,y are the eigenvalues of the matrix (Z,; — Z2)(Z; — Z2)—1(Z, — Z2)(Z; — 
Z)!. 
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¢ Barbaresco metrics 

Let z(k) be a complex temporal (discrete time) stationary signal, 1.e., its mean 
value is constant and its covariance function E|z(k,)z* (kz)| is only a function of 
k, — ky. Such signal can be represented by its covariance n x n matrix R = ((rj)), 
where rj = E[z(i), z* (j)] = Elz(n)z* (n—i+,)]. It is a positive-definite Toeplitz 
(i.e. diagonal-constant) Hermitian matrix. In radar applications, such matrices 
represent the Doppler spectra of the signal. Matrices R admit a parametrization 
(complex ARM, i.e., m-th order autoregressive model) by partial autocorrelation 
coefficients defined recursively as the complex correlation between the forward 
and backward prediction errors of the (m — 1)-th order complex ARM. 

Barbaresco ([Barb12]) defined, via this parametrization, a Bergman metric 
(Chap. 7) on the bounded domain R + xD, C C" of above matrices R; here D is 
a Poincaré disk. He also defined a related Kahler metric on M x S,, where M 
is the set of positive-definite Hermitian matrices and SD, is the Siegel disk (cf. 
Siegel distance). Such matrices represent spatiotemporal stationary signals, i.e., 
in radar applications, the Doppler spectra and spatial directions of the signal. 

Ben Jeuris, 2015, extended above metrics on block Toeplitz matrices, 1.e., 
those having blocks that are repeated (as elements of a Toeplitz matrix) down 
the diagonals of the matrix. 

Cf. Ruppeiner metric (Chap. 7) and Martin cepstrum distance (Chap. 21). 

¢ Distances between graphs of matrices 

The graph G(A) of a complex m x n matrix A is the range (1.e., the span of 
columns) of the matrix R(A) = ({IA7])’. So, G(A) is a subspace of Ct” of all 
vectors v, for which the equation R(A)x = v has a solution. 

A distance between graphs of matrices A and B is a distance between the 
subspaces G(A) and G(B). It can be an angle distance between subspaces or, 
for example, the following distance (cf. also the Kadets distance in Chap. | and 
the gap metric in Chap. 18). 

The spherical gap distance between subspaces A and B is defined by 






































max{ max dr(x, S(B)), max dg(y, S(A))}, 
x€S(A) yeS(B) 


where S(A), S(B) are the unit spheres of the subspaces A, B, d(z, C) is the point- 
set distance infec d(z, y) and dg(z, y) is the Euclidean distance. 
¢ Angle distances between subspaces 
Consider the Grassmannian space G(m, n) of all n-dimensional subspaces of 
Euclidean space E”; it is a compact Riemannian manifold of dimension n(m—n). 
Given two subspaces A,B € G(m,n), the principal angles > = 0; = +++ = 
6, > O between them are defined, for k = 1,...,n, inductively by 














cos 6; = max max x’y = (x*)"y* 
xE€A yeB 





subject to the conditions ||x||2 = ||y||2 = 1,x7x' = 0, y’y! = 0, for 1 < i < k-1, 
where ||.||2 is the Euclidean norm. 
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The principal angles can also be defined in terms of orthonormal matrices 
Q, and Qz spanning subspaces A and B, respectively: in fact, n ordered singular 
values of the matrix Q,Qz € M,, can be expressed as cosines cos 6), ..., COS On. 

The Grassmann distance between subspaces A and B of the same dimension 
is their geodesic distance defined by 





The Martin distance between subspaces A and B is defined by 


n 1 
in I] cos? 6; " 


In the case when the subspaces represent ARMs (autoregressive models), the 
Martin distance can be expressed in terms of the cepstrum of the autocorrelation 
functions of the models. Cf. the Martin cepstrum distance in Chap. 21. 

The Asimov distance between subspaces A and B is defined by 6;. The 
spectral distance (or chordal 2-norm distance) is defined by 2 sin( 4), 

The containment gap distance (or projection distance) is sin 1. It is the l- 
norm of the difference of the orthogonal projectors onto A and B. Many versions 
of this distance are used in Control Theory (cf. gap metric in Chap. 18). 

The Frobenius distance and chordal distance between subspaces A and B 
are 


n 
>. sin? 6;, respectively. 


i=1 


2 > sin? 6; and 
i=l 





It is the Frobenius norm of the difference of above projectors onto A and B. 

Similar distances /1 — [| |j_, cos? 9; and arccos([][;_, cos 9;) are called the 
Binet—Cauchy distance and (cf. Chap. 7) Fubini-Study distance, respectively. 

¢ Larsson-Villani metric 

Let A and B be two arbitrary orthonormal m x n matrices of full rank, and let 
6;; be the angle between the i-th column of A and the j-th column of B. 

We call Larsson-Villani metric the distance between A and B (used by 
Larsson and Villani, 2000, for multivariate models) the square of which is 
defined by 


n n 


n— cos” 6;;. 
dod 00s" 6 


i=1 j=l 
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The square of usual Euclidean distance between A and B is 2(1—)7_, cos 6;i). 
For n = 1, above two distances are sin § and ./2(1 — cos 6), respectively. 
¢ Lerman metric 
Given a finite set X and real symmetric |X| x |X| matrices ((d\(x, y))), 
((d2(x, y))) with x,y € X, their Lerman semimetric (cf. Kendall t distance 
on permutations in Chap. 11) is defined by 


~2 
1 
iC, yb, tu, vp) + (dix, y) — di (u, v))(do(x, y) — do(u, v)) < 0} . 


where ({x, y}, {u, v}) is any pair of unordered pairs of elements x, y, u, v from X. 
Similar Kaufman semimetric between ((d,(x, y))) and ((d2(x, y))) is 


I{({x, y}, {u, vf) + (di, y) — di (u, v))(do(x, y) — do(u, v)) < 0}| 
k(x, y}. {u, v}) : (di (x,y) — di (u, v))(do(x, y) — do(u, v)) F OF 








Chapter 13 
Distances in Functional Analysis 


Functional Analysis is the branch of Mathematics concerned with the study of 
spaces of functions. This usage of the word functional goes back to the calculus 
of variations which studies functions whose argument is a function. In the modern 
view, Functional Analysis is seen as the study of complete normed vector spaces, 
i.e., Banach spaces. 

For any real number p > 1, an example of a Banach space is given by L,-space 
of all Lebesgue-measurable functions whose absolute value’s p-th power has finite 
integral. 

A Hilbert space is a Banach space in which the norm arises from an inner 
product. Also, in Functional Analysis are considered continuous linear operators 
defined on Banach and Hilbert spaces. 


13.1 Metrics on Function Spaces 


Let J C R be an open interval (i.e., a nonempty connected open set) in R. A real 
function f : J > R is called real analytic on I if it agrees with its Taylor series in 
n=0 
any x € U,,. Let D C C be a domain (i.e., a convex open set) in C. 
A complex function f : D — C is called complex analytic (or, simply, analytic) 
on D if it agrees with its Taylor series in an open neighborhood of every point 
zo € D. A complex function f is analytic on D if and only if it is holomorphic on D, 


ie., if it has a complex derivative ‘i (Zo) = lim,-;,, feria) at every point z € D. 


an open neighborhood U,, of every point xo € I: f(x) = 7 fo) (x — xo)" for 
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¢ Integral metric 
The integral metric is the L\-metric on the set Cj.) of all continuous real 
(complex) functions on a given segment [a, b] defined by 


b 
/ LFG) — e@ldx. 


The corresponding metric space is abbreviated by Chat)" It is a Banach space. 
In general, for any compact topological space X, the integral metric is defined 
on the set of all continuous functions f : X > R (C) by fy | f(x) — g(x)|dx. 
¢ Uniform metric 
The uniform metric (or sup metric) is the Loo-metric on the set Cjay| of all 
real (complex) continuous functions on a given segment [a, b] defined by 


sup | f(x) — g@)I. 


x€[a,b] 


The corresponding metric space is abbreviated by Chea: It is a Banach space. 

A generalization of Cray is the space of continuous functions C(X), i.e., a 
metric space on the set of all continuous (more generally, bounded) functions 
f :X — C of a topological space X with the L.o-metric sup,cx | f(x) — g(x) |. 

In the case of the metric space C(X,Y) of continuous (more generally, 
bounded) functions f : X — Y from one metric compactum (X, dy) to another 
(Y, dy), the sup metric between two functions f,g € C(X,Y) is defined by 


suprex y(f(x), 8(x)). 
The metric space Cheap as well as the metric space Cai are two of the most 


important cases of the metric space Choy 1 < p < o, on the set Cy») with the 


L,-metric ( he | f(x) — g(x) Pdx)?. The space Cy, ,, is an example of an L,-space. 
¢ Dogkeeper distance 
Given a metric space (X, d), the dogkeeper distance is a metric on the set of 
all functions f : [0, 1] — X, defined by 


inf sup d(f(t), g(a(t))), 


° te[0,1] 


where o : [0, 1] — [0, 1] is a continuous, monotone increasing function such that 
o(0) = 0, o(1) = 1. This metric is a special case of the Fréchet metric. 

For the case, when (X,d) is Euclidean space R”, this metric is the original 
(1906) Fréchet distance between parametric curves f,g : [0,1] — R"”. This 
distance can be seen as the length of the shortest leash that is sufficient for the 
man and the dog to walk their paths f and g from start to end. For example, the 
Fréchet distance between two concentric circles of radius r; and rp is |r; — 72]. 
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The discrete Fréchet distance (or coupling distance, Eiter and Mannila, 
1994) is an approximation of the Fréchet metric for polygonal curves f and g. 
It considers only positions of the leash where its endpoints are located at vertices 
of f and g. So, this distance is the minimum, over all order-preserving pairings of 
vertices in f and g, of the maximal Euclidean distance between paired vertices. 

If the two curves are embedded in a more general metric space (say, a polyhe- 
dral terrain or some Euclidean space with obstacles), the distance between two 
points on them is most naturally defined as the length of the shortest path. The 
resulting geodesic Fréchet distance allows the leash to switch discontinuously. 
Bohr metric 

Let R be a metric space with a metric p. A continuous function f : R > R 
is called almost periodic if, for every € > 0, there exists ] = J(€) > 0 such that 
every interval [fo, fo + /(€)] contains at least one number t for which p( f(t), f(t+ 
T)) < € for —oo < t < +00. 

The Bohr metric is the norm metric || f — g|| on the set AP of all almost 
periodic functions defined by the norm 


Ifll= sup |f@}. 


—00<t<+00 


It makes AP a Banach space. Some generalizations of almost periodic functions 
were obtained using other norms; cf. Stepanov distance, Weyl distance, 
Besicovitch distance and Bochner metric. 
Stepanov distance 

The Stepanov distance is a distance on the set of all measurable functions 
f :R— C with summable p-th power on each bounded integral, defined by 


x+l \/p 
sup(5 fifo) —ecnPar) 


The Weyl distance is a distance on the same set defined by 


1 x+l 1/p 
lim sup (5 / [f(x) - s(s)fa) : 


l>o0o xeR 
Besicovitch distance 


The Besicovitch distance is a distance on the set of all measurable functions 
f :R— C with summable p-th power on each bounded integral defined by 


—_ l T 1/p 
(tty. or is | f(x) — g(a) . 


The generalized Besicovitch almost periodic functions correspond to this dis- 
tance. 
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¢ Bochner metric 
Given a measure space (2, .A, 14), a Banach space (V, ||.||y), and 1 < p < 
oo, the Bochner space (or Lebesgue—Bochner space) L?(&2, V) is the set of all 
measurable functions f : 2 — V such that || f||(a,v) < 0°. 


Here the Bochner norm ||f\|1(@.v) is defined by (/, II Fo) |Rdu(w))? for 
1 < p < ~, and, for p = oo, by ess sup,,cg || f()|lv.- 
¢ Bergman p-metric 
Given | < p < o, let L,(A) be the L,-space of Lebesgue measurable 
functions f on the unit disk A = {z € C: |g) < J} with ||f\|, = 


1 
(fs, IFIP (dz)? < 00. 

The Bergman space L)(A) is the subspace of L,(A) consisting of analytic 
functions, and the Bergman p-metric is the L,-metric on L>(A) (cf. Bergman 
metric in Chap. 7). Any Bergman space is a Banach space. 

¢ Bloch metric 

The Bloch space B on the unit disk A = {z € C: |z| < 1} is the set of all 
analytic functions f on A such that || f||3 = supe, (1 — zl?) | (2)| < 00. Using 
the complete seminorm ||.||z, a norm on B is defined by 


FIL = 1FO)| + [If lle- 


The Bloch metric is the norm metric || f — g|| on B. It makes B a Banach space. 
¢ Besov metric 

Given 1 < p < ov, the Besov space By on the unit disk A = {z € 

C : |z| < 1} is the set of all analytic functions f in A such that ||f||z, = 
1 

(/.(1 - PY LF @lrda@)’ < oo, where dA(z) = at is the Mébius 
invariant measure on A. Using the complete seminorm ||.||z,, the Besov norm 
on B, is defined by 


IFll = |FO)| + IIA lla,. 


The Besov metric is the norm metric || f — g|| on Bp. 

It makes B, a Banach space. The set By is the classical Dirichlet space of 
functions analytic on A with square integrable derivative, equipped with the 
Dirichlet metric. The Bloch space B can be considered as Boo. 

¢ Hardy metric 

Given | < p < on, the Hardy space H?(A) is the class of functions, analytic 
on the unit disk A = {z € C: |z| < 1}, and satisfying the following growth 
condition for the Hardy norm ||.||n: 


1 

1 2n : D 

Illy = sup (5- f° Irtee"yPa0)” < oo, 
O0<r<l Jo 
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The Hardy metric is the norm metric || f — g||a-(a) on H?(A). It makes H?(A) 
a Banach space. 

In Complex Analysis, the Hardy spaces are analogs of the L,-spaces of 
Functional Analysis. Such spaces are applied in Mathematical Analysis itself, 
and also in Scattering Theory and Control Theory (cf. Chap. 18). 

¢ Part metric 
The part metric is a metric on a domain D of R? defined for any x,y € R? 


by 
(2) 
n ——— 
f(y) 
where H™ is the set of all positive harmonic functions on the domain D. 
A twice-differentiable real function f : D — R is called harmonic on D if its 


See ge 
Laplacian Af = ot + ot vanishes on D. 
elt ae) 


sup 
feat 


’ 








¢ Orlicz metric 

Let M(u) be an even convex function of a real variable which is increasing 
for u positive, and lim, u~'M(u) = limy+oo u(M(u))! = 0. In this case the 
function p(v) = M (v) does not decrease on [0, co), p(0) = lim, p(v) = 0, 
and p(v) > 0 when v > 0. Writing M(u) = Me p(v)dv, and defining N(u) = 
i p'(v)dv, one obtains a pair (M(u), N(u)) of complementary functions. 

Let (M(u), N(u)) be a pair of complementary functions, and let G be a 
bounded closed set in R”. The Orlicz space Ly,(G) is the set of Lebesgue- 
measurable functions f on G satisfying the following growth condition for the 
Orlicz norm ||f ||: 


(LFllae = sup i) F()e(at : ) N(g(t))dt < i 265, 


The Orlicz metric is the norm metric ||f — g|| on Ly,(G). It makes Ly,(G) a 
Banach space ([Orli32]). 

When M(u) = u?,1 < p < oo, Li,(G) coincides with the space L,(G), and, 
up to scalar factor, the L,-norm || f||p coincides with || f||:- 

The Orlicz norm is equivalent to the Luxemburg norm || f || = inf{A > 0: 
J, MO—'f@)dt < 1}; in fact, |Ifllan < IIfllw < 2llfllao- 

¢ Orlicz—Lorentz metric 

Let w : (0,00) — (0,00) be a nonincreasing function. Let M : [0,00) > 
[0, co) be a nondecreasing and convex function with M(0) = 0. Let G be a 
bounded closed set in R”. 

The Orlicz—Lorentz space Ly y(G) is the set of all Lebesgue-measurable 
functions f on G satisfying the following growth condition for the Orlicz—Lorentz 
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norm || f\|wat: 


IF llwa = int} > 0: f° wom (FE?) ar < i < 00, 


where f* (x) = sup{t: 4(|f| = 1) = x} is the nonincreasing rearrangement of f. 

The Orlicz—Lorentz metric is the norm metric ||f — g||y.2 on Ly.w(G). It 
makes Ly w(G) a Banach space. 

The Orlicz—Lorentz space is a generalization of the Orlicz space Ly,(G) (cf. 
Orlicz metric), and the Lorentz space Ly,q(G), 1 < q < oo, of all Lebesgue- 
measurable functions f on G satisfying the following growth condition for the 
Lorentz norm: 


\Iflleg = ( [ woneerenyt)’ aes 


¢ Holder metric 
Let L*(G) be the set of all bounded continuous functions f defined on a subset 
G of R", and satisfying the Holder condition on G. Here, a function f satisfies the 
Holder condition at a point y € G with index (or order) a, 0 < a < 1, and with 
coefficient A(y), if |f@) —fO)| < AW) |x— y|® for all x € G sufficiently close to 


y. 
IfA = sup,cg(A()) < 00, the Hélder condition is called uniform on G, and 


A is called the Holder coefficient of G. The quantity | fla = sup,yeg APSO! 
0 < a < 1, is called the Hélder a-seminorm of f, and the Hélder norm of f is 


defined by 


Ilfllee@ = sup IFO)| + |fla- 


The Holder metric is the norm metric || f — g||z2(q) on L*(G). It makes L*(G) 
a Banach space. 
¢ Sobolev metric 
The Sobolev space W*? is a subset of an L,-space such that f and its 
derivatives up to order k have a finite L,-norm. Formally, given a subset G of 
IR”, define 


Wi? = WIG) = (f € L(G) :fO €LyG),1 <i <k, 


where f = Oe! ... OF, of + +++ + Gy, = i, and the derivatives are taken in a 
weak sense. The Sobolev norm on W*? is defined by 


k 
If lleo = oF llp- 


i=0 
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In fact, it is enough to take only the first and last in the sequence, i.e., the norm 
defined by || fk» = ||fllp + ||f||, is equivalent to the norm above. 

For p = ov, the Sobolev norm is equal to the essential supremum of |f|: 
Ilflleco = esssup,eg|f()|, Le., it is the infimum of all numbers a € R for 
which | f(x)| > a on a set of measure zero. 

The Sobolev metric is the norm metric || f — g||«, on W*”. It makes W*? a 
Banach space. 

The Sobolev space W*? is denoted by H*. It is a Hilbert space for the inner 
product (f,8)x = Delf, 8\n = Dini fof OP ude). 

¢ Variable exponent space metrics 

Let G be a nonempty open subset of R”, and let p : G > [1,co) bea 
measurable bounded function, called a variable exponent. The variable exponent 
Lebesgue space Ly)(G) is the set of all measurable functions f : G — R for 
which the modular @n)(f) = fg |f@) |? dx is finite. The Luxemburg norm on 
this space is defined by 


TFllow = infA > 0: Qn (f/A) SV. 


The variable exponent Lebesgue space metric is the norm metric || f — g||p() 
on Ly) (G). 

A variable exponent Sobolev space W!?\(G) is a subspace of Ly.) (G) 
consisting of functions f whose distributional gradient exists almost everywhere 
and satisfies the condition |Vf| € L,()(G). The norm 


flhivo = Flleo + IVA 


makes W!?“)(G) a Banach space. The variable exponent Sobolev space metric 
is the norm metric || f — g||1p¢) on WIP. 
¢ Schwartz metric 

The Schwartz space (or space of rapidly decreasing functions) S(IR") is the 
class of all Schwartz functions, i.e., infinitely-differentiable functions f : R”’ > C 
that decrease at infinity, as do all their derivatives, faster than any inverse power 
of x. More precisely, f is a Schwartz function if we have the following growth 
condition: 


emule 107 ete 
= sup |xi!...xb a 
| Flop SOP 1 n iy vis Oe 





|< oo 


for any nonnegative integer vectors a and f. The family of seminorms ||.||ug 
defines a locally convex topology of S(IR") which is metrizable and complete. 
The Schwartz metric is a metric on S(R”") which can be obtained using this 
topology (cf. countably normed space in Chap. 2). 

The corresponding metric space on S(IR") is a Fréchet space in the sense of 
Functional Analysis, i.e., a locally convex F-space. 
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¢ Bregman quasi-distance 
Let G C R" be aclosed set with the nonempty interior G°. Let f be a Bregman 
function with zone G. 
The Bregman quasi-distance D; : G x G° + Rs» is defined by 


D(x, y) = f(®) — FO) — (VFO),.*—y), 


where Vf = (x, ar iL). Dy(x,y) = 0 if and only if x = y. Also De(x, y) + 
Dy(y, Z) — De (x, 2) = (VF(z) — Vf), x — y) but, in general, Dy does not satisfy 
the triangle inequality, and is not symmetric. 

A real-valued function f whose effective domain contains G is called a 
Bregman function with zone G if the following conditions hold: 


1. f is continuously differentiable on G°; 

2. f is strictly convex and continuous on G; 

3. For all 6 € R the partial level sets T(x,5) = {y € G° : Dy(x,y) < 8} are 
bounded for all x € G; 

4. If {yn}n C G® converges to y*, then D;(y*, yn) converges to 0; 

5. If {ap}, C G and {y,}, C G® are sequences such that {x,}, is bounded, 
limp oo Yn = Y*, and limy—+o0 De (Xn, Yn) = 0, then limp+o9 Xn = y*. 


When G = R’, a sufficient condition for a strictly convex function to be a 
Bregman function has the form: lim)|,||-+ 00 =o. 
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A linear operator is a function T : V — W between two vector spaces V, W over 
a field F, that is compatible with their linear structures, i.e., for any x,y € V and 
any scalar k € F, we have the following properties: T(x + y) = T(x) + T(y), and 
T (kx) = kT(x). 


¢ Operator norm metric 
Consider the set of all linear operators from a normed space (V, ||.||y) into a 
normed space (W, ||.||w). The operator norm ||T|| of a linear operator T : V > 
W is defined as the largest value by which T stretches an element of V, i.e., 


IT) ||w 
|7|| = sup ——— = sup ||7(v)|lw = sup ||T(v)|lw. 
iiwllv4o (Ully —ully=a IIvllv<1 


A linear operator T : V — W from a normed space V into a normed space 
W is called bounded if its operator norm is finite. For normed spaces, a linear 
operator is bounded if and only if it is continuous. 
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The operator norm metric is a norm metric on the set B(V, W) of all 
bounded linear operators from V into W, defined by 


7 — Pll. 


The space (B(V, W), ||.||) is called the space of bounded linear operators. This 
metric space is complete if W is. If V = W is complete, the space B(V, V) is a 
Banach algebra, as the operator norm is a submultiplicative norm. 

A linear operator T : V — W from a Banach space V into another Banach 
space W is called compact if the image of any bounded subset of V is a relatively 
compact subset of W. Any compact operator is bounded (and, hence, continuous). 
The space (K(V, W), ||.||) on the set K(V, W) of all compact operators from V 
into W with the operator norm ||.|| is called the space of compact operators. 

¢ Nuclear norm metric 

Let B(V, W) be the space of all bounded linear operators mapping a Banach 
space (V, ||.||v) into another Banach space (W, ||. ||). Let the Banach dual of 
V be denoted by V’, and the value of a functional x € V’ ata vector x € V by 
(x, x y. 

A linear operator T € B(V,W) is called a nuclear operator if it can be 
represented in the form x + T(x) = S°%,(x,x,)y;, where {x,}; and {y;}; are 
sequences in V’ and W, respectively, such that paar Ixy Iyillw < oo. This 
representation is called nuclear, and can be regarded as an expansion of T as a 
sum of operators of rank | (i.e., with one-dimensional range). The nuclear norm 
of T is defined as 


[o.e) 
7 , 
[IT le = inf > |Lx;lyIlyllw. 
i=1 


where the infimum is taken over all possible nuclear representations of T. 

The nuclear norm metric is the norm metric ||T — P||j< on the set N(V, W) 
of all nuclear operators mapping V into W. The space (N(V, W), ||.||nuc), called 
the space of nuclear operators, is a Banach space. 

A nuclear space is defined as a locally convex space for which all continuous 
linear functions into an arbitrary Banach space are nuclear operators. A nuclear 
space is constructed as a projective limit of Hilbert spaces Hy with the property 
that, for each a € I, one can find 6 € J such that Hg C Hy, and the embedding 
operator Hg > x — x € H, is a Hilbert-Schmidt operator. A normed space is 
nuclear if and only if it is finite-dimensional. 

¢ Finite nuclear norm metric 

Let F(V, W) be the space of all linear operators of finite rank (1.e., with finite- 
dimensional range) mapping a Banach space (V, ||.||v) into another Banach space 
(W, ||.||w). A linear operator T € F(V, W) can be represented in the form x > 
TO) (x, x,)¥i, where fa}; and {y;}; are sequences in V’ (Banach dual of 
V) and W, respectively, and (x, x) is the value of a functional x € V’ at a vector 
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x € V. The finite nuclear norm of T is defined as 


n 
Z , 
IT Vjme = inf Y* ||x;Ilylbillw. 


i=1 


where the infimum is taken over all possible finite representations of T. 

The finite nuclear norm metric is the norm metric ||T — P||/nuc on F(V, W). 
The space (F(V, W), ||-||/auc) is called the space of operators of finite rank. It is 
a dense linear subspace of the space of nuclear operators N(V, W). 

¢ Hilbert-Schmidt norm metric 

Consider the set of all linear operators from a Hilbert space (Hj, ||.||#,) into a 
Hilbert space (2, ||.||#,). The Hilbert-Schmidt norm ||T||xs of a linear operator 
T : H, — Hy is defined by 


[IT llas = (YS IT(ea) |)”. 


ael 


where (é,) yey is an orthonormal basis in H,. A linear operator T : H, > A) is 
called a Hilbert-Schmidt operator if ||T||7j5 < 00. 

The Hilbert-Schmidt norm metric is the norm metric ||7—P||5 on the set 
S(H,, H>) of all Hilbert-Schmidt operators from H into H>. In Euclidean space 
l|.|lzs is also called Frobenius norm; cf. Frobenius norm metric in Chap. 12. 

For H; = H, = H, the algebra S(H, H) = S(A) with the Hilbert-Schmidt 
norm is a Banach algebra. It contains operators of finite rank as a dense subset, 
and is contained in the space K(H) of compact operators. An inner product (, ) ys 
on S(H) is defined by (7, P) ns = vye(T(€a), P(ea)), and ||T||us = (T,T) se. 
So, S(H) is a Hilbert space (independent of the chosen basis (€,) ey). 

¢ Trace-class norm metric 

Given a Hilbert space H, the trace-class norm of a linear operator T : H — H 

is 


[The = DS (IT (ex), ea), 


ael 


where |7| is the absolute value of T in the Banach algebra B(A) of all bounded 
operators from H into itself, and (ey)qe, is an orthonormal basis of H. 

An operator T : H — H is called a trace-class operator if ||T||;¢ < oo. Any 
such operator is the product of two Hilbert-Schmidt operators. 

The trace-class norm metric is the norm metric ||T — P||,- on the set L(H) 
of all trace-class operators from H into itself. 

The set L(H) with the norm ||.||,- forms a Banach algebra which is contained 
in the algebra K(H) (of all compact operators from H into itself), and contains 
the algebra S(H) of all Hilbert-Schmidt operators from H into itself. 
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¢ Schatten p-class norm metric 
Let 1 < p < oo. Given a separable Hilbert space H, the Schatten p-class norm 
of a compact linear operator T : H — H is defined by 


ub 
? 
\|7| ie = (= in") ; 
n 


where {s,,},, is the sequence of singular values of T. A compact operator T : H > 
H is called a Schatten p-class operator if ||T\|§., < 00. 

The Schatten p-class norm metric is the norm metric ||T — P||{.,, on the set 
S,(H) of all Schatten p-class operators from H onto itself. The set S,(H) with the 
norm ||.||{.,, forms a Banach space. S| (H) is the trace-class of H, and S>(H) is the 
Hilbert-Schmidt class of H. Cf. Schatten norm metric (in Chap. 12) for which 
trace and Frobenius norm metrics are cases p = | and p = 2, respectively. 

¢ Continuous dual space 

For any vector space V over some field, its algebraic dual space is the set of 
all linear functionals on V. 

Let (V,||.||) be a normed vector space. Let V’ be the set of all continuous 
linear functionals T from V into the base field (R or C). Let ||.||' be the operator 
norm on V defined by 


IT = sup [TI 


llxl[<1 


The space (V’, ||.||') is a Banach space which is called the continuous dual (or 
Banach dual) of (V, ||.||). 

The continuous dual of the metric space [7 (I>?) is If (7°, respectively), where 
q is defined by Pas : = 1. The continuous dual of [7 (/7°) is [2 (i3§, respectively). 

¢ Distance constant of operator algebra 

Let A be an subalgebra of B(H), the algebra of all bounded operators on a 
Hilbert space H. For any operator T € B(H), let P be a projection, P+ be its 
orthogonal complement and B(T,.A) = sup{||P+7P|| : Pt AP = (0)}. 

Let dist(T, A) = infye,4||T — Al| be the distance of T to algebra A; cf. 
matrix nearness problems in Chap. 12. It holds dist(T, A) > B(T, A). 

The algebra A is reflexive if B(T, A) = 0 implies T € A; it is hyperreflexive 
if there exists a constant C > 1 such that, for any operator T € B(H), it holds 


dist(T, A) < CB(T, A). 


The smallest such C is called the distance constant of the algebra A. 

In the case of a reflexive algebra of matrices with nonzero entries specified by 
a given pattern, the problem of finding the distance constant can be formulated as 
a matrix-filling problem: given a partially completed matrix, fill in the remaining 
entries so that the operator norm of the resulting complete matrix is minimized. 





Chapter 14 
Distances in Probability Theory 


A probability space is a measurable space (§2,.A,P), where A is the set of all 
measurable subsets of 2, and P is a measure on A with P({2) = 1. The set 2 
is called a sample space. An element a € A is called an event. P(a) is called the 
probability of the event a. The measure P on A is called a probability measure, or 
(probability) distribution law, or simply (probability) distribution. 

A random variable X is a measurable function from a probability space (2, A, P) 
into a measurable space, called a state space of possible values of the variable; it is 
usually taken to be R with the Borel o-algebra, so X : {2 — R. The range ¥ of the 
variable X is called the support of the distribution P; an element x € V is called a 
state. 

A distribution law can be uniquely described via a cumulative distribution (or 
simply, distribution) function CDF, which describes the probability that a random 
value X takes on a value at most x: F(x) = P(X < x) = P(w € 2: X(@) < x). 

So, any random variable X gives rise to a probability distribution which assigns 
to the interval [a, b] the probability P(a < X < b) = Pw € 2:a< X(@) < b), 
i.e., the probability that the variable X will take a value in the interval [a, ]. 

A distribution is called discrete if F(x) consists of a sequence of finite jumps at 
xj; a distribution is called continuous if F(x) is continuous. We consider (as in the 
majority of applications) only discrete or absolutely continuous distributions, 1.e., 
the CDF function F : R —> R is absolutely continuous. It means that, for every 
number € > 0, there is a number 5 > 0 such that, for any sequence of pairwise 
disjoint intervals [xx, yz], 1 < k <n, the inequality )°,—,.,,%e—xx) < 6 implies the 
inequality )°) <pen IFO) — FQx)| < €. 

A distribution law also can be uniquely defined via a probability density (or 
density, probability) function PDF of the underlying random variable. For an 
absolutely continuous distribution, the CDF is almost everywhere differentiable, and 
the PDF is defined as the derivative p(x) = F (x) of the CDF; so, F(x) = P(X < 
x)= x9 pdt, and f? p(pat = P(a < X < b). In the discrete case, the PDF is is 
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ye y<x Pi), Where p(x) = P(X = x) is the probability mass function. But p(x) = 0 
for each fixed x in any continuous case. 

The random variable X is used to “push-forward” the measure P on {2 to a 
measure dF on R. The underlying probability space is a technical device used to 
guarantee the existence of random variables and sometimes to construct them. 

We usually present the discrete version of probability metrics, but many of 
them are defined on any measurable space; see [Bass89, Bass13, Cha08]. For a 
probability distance d on random quantities, the conditions P(X = Y) = 1 or 
equality of distributions imply (and characterize) d(X, Y) = 0; such distances are 
called ([Rach91]) compound or simple distances, respectively. Often, some ground 
distance d is given on the state space ¥ and the presented distance is a lifting of it 
to a distance on distributions. A quasi-distance between distributions is also called 
divergence or distance statistic. 

Below we denote py = p(x) = P(X = x), Fy = F(x) = P(X < x), p(x, y) = 
P(X = x, Y = y). We denote by E[X] the expected value (or mean) of the random 















































variable X: in the discrete case E[X] = )°, xp(x), in the continuous case E[X] = 
J xp(a)dx. 
The covariance between the random variables X and Y is Cou(X, Y) = E[(x — 




















'[X])(Y — E[Y])] = E[XY] — E[X]E[Y]. The variance and standard deviation of 
X are Var(X) = Cov(X,X) and o(X) = we Var(X), respectively. The correlation 


between X and Y is Corr(X, Y) = ee cf. Chap. 17. 












































14.1. Distances on Random Variables 


All distances in this section are defined on the set Z of all random variables with the 
same support V; here X,Y € Z. 


* p-average compound metric 
Given p > 1, the p-average compound metric (or L,-metric between 
variables) is a metric on Z with ¥& C R and E||Z|?] < oo for all Z € Z defined 
by 


























Cex —YPDY?=( DY be—yPp@ yy)". 
(Xy)EX KX 
For p = 2 and on, it is called, respectively, the mean-square distance and 


essential supremum distance between variables. 
¢ Lukaszyk—Karmovski metric 
The Lukaszyk—Karmovski metric (2001) on Z with ¥ C R is defined by 


S> |x—ylp@)p). 


(Xy)EXRKHK 
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For continuous random variables, it is defined by (aie, | ae |\x—y|F (x) F(y)dxdy. 
This function can be positive for X = Y. Such possibility is excluded, and so, it 
will be a distance metric, if and only if it holds 


+00 f-+oo 
i / x — y[8@e— E[X)4(y — E[Y)dxdy = [ELX] — EL]. 


¢ Absolute moment metric 
Given p > 1, the absolute moment metric is a metric on Z with ¥ C R and 
f[|Z|?] < co for all Z € Z defined by 






































xPpy'”? — Ellyrp'”|. 


For p = | it is called the engineer metric. 
¢ Indicator metric 
The indicator metric is a metric on Z defined by 














lxzy]= D> Lep@y= >) pay). 


(x,y)\EXKX (XyVJEXXAX xy 


(Cf. Hamming metric in Chap. 1.) 
¢ Ky Fan metric K 
The Ky Fan metric K is a metric K on Z, defined by 


inffe > 0: P(\IX—Y| >) <é}. 
It is the case d(x, y) = |X — Y| of the probability distance. 


¢ Ky Fan metric K* 
The Ky Fan metric K* is a metric on Z defined by 


| =F] 3 |x —y| 
etl ee ee | ——_—— p(x, y). 
Es ies 2 














¢ Probability distance 
Given a metric space (1, d), the probability distance on Z is defined by 


inf{e > 0: P(d(X, Y) > €) <e}. 


14.2 Distances on Distribution Laws 


All distances in this section are defined on the set P of all distribution laws such 
that corresponding random variables have the same range 7; here P;, P2 € P. 
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¢ L,-metric between densities 
The L,-metric between densities is a metric on P (for a countable 7) 
defined, for any p > 1, by 


(D> pie) — pr) |P)?. 


For p = 1, one half of it is called the variational distance (or total variation 
distance, Kolmogorov distance). For p = 2, it is the Patrick—Fisher distance. 
The point metric sup, |pi(x) — p2(x)| corresponds to p = oo. 

The Lissak-Fu distance with parameter w > 0 is defined as }°, |pi(x) — 
p2(x)|*. 

¢ Bayesian distance 

The error probability in classification is the following error probability of 
the optimal Bayes rule for the classification into two classes with a priori 
probabilities ¢, | — ¢ and corresponding densities p,, p2 of the observations: 


Pe =) min(gpi (x), (1 — ¢)p2(2)). 


The Bayesian distance on P is defined by 1 — Py. 
For the classification into m classes with a priori probabilities ¢;, 1 < i < m, 
and corresponding densities p; of the observations, the error probability becomes 


P,=1- Y> p(x) max P(C;|x), 


where P(C;|x) is the a posteriori probability of the class C; given the observation 
x and p(x) = }°"_, i:P(x|Cj). The general mean distance between m classes C; 
(cf. m-hemimetric in Chap. 3) is defined (Van der Lubbe, 1979) fora > 0, 6 > 1 
by 


D> PC, P(CiIx)9)*. 


The case a = 1, 8 = 2 corresponds to the Bayesian distance in Devijver, 1974; 
the case B = + was considered in Trouborst et al., 1974. 
¢ Mahalanobis semimetric 
The Mahalanobis semimetric is a semimetric on P (for ¥ C R”") defined by 















































y Ep, IX] — Ep, [X])"A Ep, [X] — Er, LX) 


for a given positive-semidefinite matrix A; its square is a Bregman quasi- 
distance (Chap. 13). Cf. also the Mahalanobis distance in Chap. 17. 
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¢ Engineer semimetric 
The engineer semimetric is a semimetric on P (for ¥ C R) defined by 


























Ep, [X] — Ep, [X]] = | 9) x(pi(x) — pa(x))]. 


¢ Stop-loss metric of order m 
The stop-loss metric of order m is a metric on P (for ¥ C R) defined by 





sup Js B= (p19) = p20). 


m! 
teR xt 


¢ Kolmogorov—Smirnov metric 
The Kolmogorov—Smirnov metric (or Kolmogorov metric, uniform metric) 
is a metric on P (for ¥ C R) defined (1948) by 


sup |Pi(X < x) — Po(X < x)). 
xER 


This metric is used, for example, in Biology as a measure of sexual dimorphism. 
The Kuiper distance on 7 is defined by 


sup(P1(X < x) — P2(X < x)) + sup(P2(X < x) — P(X < x)). 
xER xE€R 


(Cf. Pompeiu—Eggleston metric in Chap. 9.) 
The Crnkovic—Drachma distance is defined by 














1 

aaa JPiX <n (1 — PAX <x) ‘ 
1 

eS a JV@ik <0 —PiX <a) 


¢ Cramér-von Mises distance 
The Cramér—von Mises distance (1928) is defined on P (for ¥ C R) by 


+00 
or = i (Pi (X < x) — Po(X < x))’dP2(x). 


The Anderson—Darling distance (1954) on P is defined by 





*° (PAX Sx) — Pa(X $2)” 9 
[. (PX <00— PK <a) 2 
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In Statistics, above distances of Kolmogorov—Smirnov, Cramér—von Mises, 
Anderson—Darling and, below, y?-distance are the main measures of goodness 
of fit between estimated, P2, and theoretical, P;, distributions. 

They and other distances were generalized (for example by Kiefer, 1955, and 
Glick, 1969) on K-sample setting, i.e., some convenient generalized distances 
d(P\,...,Px) were defined. Cf. m-hemimetric in Chap. 3. 

¢ Energy distance 

The energy distance (Széely, 1985) between cumulative density functions 

F(X), F(Y) of two independent random vectors X, Y € R” is defined by 























d(F(X), F(Y)) = 2E[||(X — ¥||] — E[||X — X'||] — E[||(¥ — ¥'|{], 

















where X, X’ are iid (independent and identically distributed), Y, Y’ are iid and ||.|| 
is the length of a vector. For real-valued random variables this distance is exactly 
twice Cramér—von Mises distance. Cf. distance covariance in Chap. 17. 
It holds d(F(X), F(Y)) = 0 if and only if X, Y are iid. 
¢ Prokhorov metric 
Given a metric space (1, d), the Prokhorov metric on 7 is defined (1956) 
by 


inf{e > 0: P(X € B) < Po(X € B*) + € and P2(X € B) < P(X € BS) + €}, 


where B is any Borel subset of V, and BS = {x : d(x, y) < €,y € B}. 
It is the smallest (over all joint distributions of pairs (X, Y) of random variables 
X,Y such that the marginal distributions of X and Y are P; and P», respectively) 
probability distance between random variables X and Y. 
¢ Levy-Sibley metric 
The Levy-Sibley metric is a metric on P (for ¥ C R only) defined by 


inf{e > 0: Pi (X < x—€)—€ < Po(X < x) < Pi (X < x+e)+€ for any x e€ R}. 
It is a special case of the Prokhorov metric for (7, d) = (R, |x —y]). 


¢ Dudley metric 
Given a metric space (4, d), the Dudley metric on P is defined by 


























sup |Ep, [f(X)] — Ep, [f(X)]] = sup | > FO) (pi) = p2s))I, 


fer xEX 


where F = {f : XY > R\|lflloo + Lipa(f) < Up and Lipa(f) = 


|f0)-=FO)| 
SUPx yer uty day) 
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Szulga metric 
Given a metric space (1, d), the Szulga metric (1982) on P is defined by 


sup 5 1FG)Ppi@))/”” — (D2 |F@) Ppa)!” |, 


xEX xEX 


where F = {f : X >R, Lipa(f) < 1}, and Lipa(f) = supyyex xy a ee 
Zolotarev semimetric 
The Zolotarev semimetric is a semimetric on P, defined (1976) by 


sup DEF@(Pi@) — p20), 


xEX 


where F is any set of functions f : Y — R (in the continuous case, F is any set 
of such bounded continuous functions); cf. Szulga metric, Dudley metric. 
Convolution metric 

Let G be a separable locally compact Abelian group, and let C(G) be the set 
of all real bounded continuous functions on G vanishing at infinity. Fix a function 
g € C(G) such that |g| is integrable with respect to the Haar measure on G, and 
{B € G* : g(B) = 0} has empty interior; here G* is the dual group of G, and g is 
the Fourier transform of g. 

The convolution metric (or smoothing metric) is defined (Yukich, 1985), for 
any two finite signed Baire measures P; and P2 on G, by 


sup| g(xy_')(dP| — dP2)(y)|. 


yEG 


It can also be seen as the difference Tp, (g) — Tp, (g) of convolution operators on 
C(G) where, for any f € C(G), the operator Tpf (x) is Seo f @y")dP0). 

In particular, this metric can be defined on the space of probability measures 
on R”, where g is a PDF satisfying above conditions. 
Discrepancy metric 

Given a metric space (1, d), the discrepancy metric on P is defined by 


sup{|P(X € B) — P2(X € B)| : Bis any closed ball}. 
Bi-discrepancy semimetric 
The bi-discrepancy semimetric (evaluating the proximity of distributions P,, 
P> over different collections A;,.A2 of measurable sets) is defined by 


D(P1, P2) + D(P2, P1), 


where D(P},P2) = sup{inf{P2(C) : B C C € Aj} — P\(B) : B € Aj} 
(discrepancy). 
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¢ Le Cam distance 
The Le Cam distance (1974) is a semimetric, evaluating the proximity 
of probability distributions P;, P2 (on different spaces 1, V2) and defined as 
follows: 


max{6(P), P2), (Po, P1)}, 
where 5(P,, P2) = infg De eek |BP\(X2 = X2) rae BP(X2 = X2)| is the Le 
Cam deficiency. Here BP\(X2 = x2) = ex, Piola), where B is a 


probability distribution over ¥, x 12, and 


B(X = x1,X2 = X2) = BX, => X1,X2 = X2) 
B(X, = x1) Dex, BX = m1,X_. =x) 





b(x2|x1) = 


So, BP2(X2 = x2) is a probability distribution over %2, since baer eX) b(x2|x1) = 
1. 
Le Cam distance is not a probabilistic distance, since P; and P> are defined 
over different spaces; it is a distance between statistical experiments (models). 
¢ Skorokhod-Billingsley metric 
The Skorokhod-Billingsley metric is a metric on P, defined by 


pfO=fe 


inf max § sup |Pi(X < x) — Po(X < f(x))|, sup |f() — x|, sup |In 
f x x xy yx 








where f : R — R is any strictly increasing continuous function. 
¢ Skorokhod metric 
The Skorokhod metric is a metric on P defined (1956) by 


inffe > 0: max{sup|P)(X < x) — P2(X < f(x))|, sup | f(x) — x|} < e}, 


where f : R — R is a strictly increasing continuous function. 
¢ Birnbaum—Orlicz distance 
The Birnbaum-—Orlicz distance (1931) is a distance on P defined by 


ups Ee SH PAX Sx) |), 


where f : R>o — Rs» is any nondecreasing continuous function with f(0) = 0, 
and f(2t) < Cf(t) for any t > 0 and some fixed C > 1. It is a near-metric, since 
the C-triangle inequality d(P), P2) < C(d(P, P3) + d(P3, P2)) holds. 
Birnbaum-—Orlicz distance is also used, in Functional Analysis, on the 
set of all integrable functions on the segment [0,1], where it is defined by 
f H(|f(x) — g(x)|)dx, where H is a nondecreasing continuous function from 
[0, oo) onto [0, co) which vanishes at the origin and satisfies the Orlicz condition: 


H(2t 
SUP,..9 a < 00. 
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¢ Kruglov distance 
The Kruglov distance (1973) is a distance on P, defined by 


fro < x) — P2(X < x))dx, 


where f : R>o — Rso is any even strictly increasing function with f(0) = 0, and 
f(is+a < C(f(s) + f(@) for any s,t => 0 and some fixed C > 1. It is a near- 
metric, since the C-triangle inequality d(P,,P2) < C(d(P1, P3) + d(P3, P2)) 
holds. 
¢ Bregman divergence 

Given a differentiable strictly convex function #(p) : R” > Rand B € (0, 1), 
the skew Jensen (or skew Burbea—Rao) divergence on P is (Basseville—Cardoso, 
1995) 


JP (Pi, P2) = Bb (pi) + (1 = B)¢ (pr) — o(Bpi + (1 = B)p2)- 


The Burbea—Rao distance (1982) is the case 8B = 5 of it, i.e., it is 





#(P1@)) + (P20) Pi) + (pale) 
a ; = oP Os). 


x 


The Bregman divergence (1967) is a quasi-distance on P defined by 


Y2( (P10) — 6(p20) = (P1@) = P2@))6"(20))) = lim SFP), P2), 
pol B 





The generalised Kullback—Leibler distance >>, p(x) In 2 aa —- 1 - 


p2(x)) and Itakura-Saito distance (Chap. 21) >>, > “a —In : n — 1 are the cases 


o(p) = Pp) np) — ). p@) and 6(p) = —¥, Inp(s) of the Bregman 
divergence. Cf. Bregman quasi-distance in Chap. 13. 

Csizar, 1991, proved that the Kullback—Leibler distance is the only Breg- 
man divergence which is an f-divergence. 

¢ f-divergence 

Given a convex function f(t) : Rxo > R with f(1) = 0,f’C_) = 0,f’C) = 
1, the f-divergence (independently, Csizar, 1963, Morimoto, 1963, Ali—Silvey, 
1966, Ziv—Zakai, 1973, and Akaike, 1974) on P is defined by 


Trey (28), 


p2(x) 











The cases f(t) = tlnt and f(t) = (t — 1)* correspond to the Kullback—Leibler 
distance and to the x?-distance below, respectively. The case f(t) = |t — 1| 
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corresponds to the variational distance, and the case f(t) = 4(1 — 4/2) (as well 

as f(t) = 2(t + 1) — 4,/2) corresponds to the squared Hellinger metric. 
Semimetrics can also be obtained, as the square root of the f-divergence, in the 

cases f(t) = (t—1)?/(t+1) (the Vajda—Kus semimetric), f(t) = | —1|!/¢ with 


(4 +1) '/4—20-9)/4 (74-1) 
1-1/a 





0 < a < | (the generalized Matusita distance), and f(t) = 
(the Osterreicher semimetric). 
* a-divergence 
Given a € R, the a-divergence (independently, Csizar, 1967, Havrda— 
Charvat, 1967, Cressie—Read, 1984, and Amari, 1985) is defined as KL(P}, P2), 
KL(P2, P,) fora = 1,0 and fora ¥ 0, 1, it is 


1 pilx) \" 
a(1 — a) ne) fey, 





The Amari divergence come from the above by the transformation a = a 


¢ Harmonic mean similarity 
The harmonic mean similarity is a similarity on P defined by 


Pi(x)p2(x) 
Pera) Pi(x) + p2(x) 


¢ Fidelity similarity 
The fidelity similarity (or Bhattacharya coefficient, Hellinger affinity) on P 
is 


p(Pi, Ps) = >> Vpi@)po@). 


Cf. more general quantum fidelity similarity in Chap. 24. 
¢ Hellinger metric 
In terms of the fidelity similarity p, the Hellinger metric (or Matusita 
distance, Hellinger—Kakutani metric) on P is defined by 





(Vp) — Vp2@)))? = V2 = (Pi. Pa). 


¢ Bhattacharya distance | 
In terms of the fidelity similarity o, the Bhattacharya distance | (1946) is 


(arccos p(P1, P2))” 


for P|, P2 € P. Twice this distance is the Rao distance from Chap. 7. It is used 
also in Statistics and Machine Learning, where it is called the Fisher distance. 
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The Bhattacharya distance 2 (1943) on P is defined by 
—In p(P1, P2). 


* y?-distance 
The x?-distance (or Pearson y?-distance) is a quasi-distance on P, defined 
by 


(pi (x) — p2(x))” 
a aa 


The Neyman ?-distance is a quasi-distance on P, defined by 


(pi(x) — p2(x))? 
Zz pi(x) 


x 


The half of x?-distance is also called Kagan’s divergence. 
The probabilistic symmetric 7”-measure is a distance on P, defined by 


(pi(x) — pa(x))? 
2 Pi(x) + po(x) © 


¢ Separation quasi-distance 
The separation distance is a quasi-distance on P (for a countable 1) defined 


by 
( Pi *) 
max { | — ‘ 
x p2(x) 
(Not to be confused with separation distance in Chap. 9.) 
¢ Kullback-Leibler distance 


The Kullback—-Leibler distance (or relative entropy, information deviation, 
information gain, KL-distance) is a quasi-distance on P, defined (1951) by 




















KL(P\, P2) = UP [In Z] = L pics) In ae 


where L = ne is the likelihood ratio. Therefore, 


KL(P,, P2) = ~) > pila) In p2(x) + Y- pile) In pi (x) = H(P), P2) — A(P1), 


where H(P,) is the entropy of P;, and H(P1, P2) is the cross-entropy of P, and P>. 
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If P, is the product of marginals of P, (say, p2(x,y) = pi(x)pi(y)), the KL- 
distance KL(P,, P) is called the Shannon information quantity and (cf. Shannon 
distance) is equal to ) 1), yexxx Pi y) In Pee 

The exponential divergence is defined by )°. pi(x)(In Gn uy 
Distance to normality 

For a continuous distribution P on R, the differential entropy is defined by 


h(P) = -f p(x) In p(x)dx. 


It is In(6/2me) for a normal (or Gaussian) distribution g3,(x) = 


ft Ne : . 
Te exp (- oe 3 ) with variance 5? and mean ju. 
TU 


The distance to normality (or negentropy) of P is the Kullback—Leibler 


distance KL(P, g) = [°. p(x) In (2 Hs) dx = h(g) — h(P), where q is a normal 
distribution with the same variance as P. So, it is nonnegative and equal to 0 if 
and only if P = g almost everywhere. Cf. Shannon distance. 

Also, h(ua,) = In (6 — a) for an rie distribution with minimum a and 
maximum b > 4, ie., Ug p(X) = , if x € [a,b], and it is 0, otherwise. It 
holds h(ugp) > h(P) fo any distébugon P with support contained in [a, b]; so, 
h(ugy) — h(P) can be called the distance to uniformity. Tononi, 2008, used it in 
his model of consciousness. 

Jeffrey distance 

The Jeffrey distance (or J-divergence, KL2-distance) is a symmetric version 

of the Kullback—Leibler distance defined (1946) on P by 





Pi(x) 
p2(x) 





KL(P, Po) + KL(P2, Pi) = > ((pi(x) — po(x)) In 


x 


wipe pe : . Picx)g(Pi) )2 
The Aitchison distance (1986) is defined by ,/)>>,(In Caer S| , where 


s(p) = TL, p(x))* is the geometric mean of components p(x) of p. 
Resistor-average distance 

The resistor-average distance is (Johnson—Simanovi¢, 2000) a symmetric 
version of the Kullback-Leibler distance on P which is defined by the 
harmonic sum 





=| 
1 if 1 
KL(P\,P2) — KL(P2, P1) 


Jensen-Shannon divergence 
Given a number f € [0, 1] and P;, P2 € P, let P3 denote BP; + (1 — B)Po. 
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The skew divergence and the Jensen—Shannon divergence between P; and 
Pz are defined on P as KL(P,,P3) and BKL(P;,P3) + (1 — B)KL(Po, P3), 
respectively. Here KL is the Kullback—Leibler distance; cf. clarity similarity. 

In terms of entropy H(P) = — >, p(x) In p(x), the Jensen—Shannon diver- 
gence is H(BP,+(1—8)P2)—BH(P1)—(1—f)H(P2), i.e., the Jensen divergence 
(cf. Bregman divergence). 

Let P3 = (Pi + P2), ie. B = 7 Then the skew divergence and twice the 
Jensen—Shannon divergence are called K-divergence and Topsge distance (or 
information statistics), respectively. The Topsge distance is a symmetric version 
of KL(P,, P2). It is not a metric, but its square root is a metric. 

Related symmetric divergencies between P; and P>—Taneja distance (1995) 
and Kumar—Johnson distance (2005)—are defined, respectively, by 


F (ADH y DAD) soy yr (IDO) 
: 2 2 V/Pi(x)p2(x) A 2Vpi1@)p20) 





¢ Clarity similarity 
The clarity similarity is a similarity on P, defined by 


(KL(P1, P3) + KL(P2, P3)) — (KL(P1, P2) + KL(P2, P1)) = 


=> (re in + a(x) ne) : 








p3(x) p3(x) 


where KL is the Kullback—Leibler distance, and P3 is a fixed probability law. 
It was introduced in [CCLO1] with P3 being the probability distribution of 
English. 
¢ Ali-Silvey distance 
The Ali—Silvey distance is a quasi-distance on P defined by the functional 








F(Ep,[gZ))), 





where L = ou is the likelihood ratio, f is a nondecreasing function on R, and g 


is a continuous convex function on R3o (cf. f-divergence). 

The case f(x) = x, g(x) = xInx corresponds to the Kullback—Leibler 
distance; the case f(x) = —Inx, g(x) = x’ corresponds to the Chernoff 
distance. 

¢ Chernoff distance 
The Chernoff distance (or Rényi cross-entropy) on P is defined (1954) by 








max D,(P}, P2), 
te(0,1) 


where 0 < ¢t < 1 and D(P),P2) = —In>°,(pi(x))'(p2(x))'~ (called the 
Chernoff coefficient) which is proportional to the Rényi distance. 
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¢ Rényi distance 
Given t € R, the Rényi distance (or order t Rényi entropy, 1961) is a quasi- 
distance on P defined as the Kullback-Leibler distance KL(P), P2) if t = 1, 
and, otherwise, by 








p2(x) 


1 x\' 
poet Lip2) bar 


For t = 5, one half of the Rényi distance is the Bhattacharya distance 2. Cf. 
f-divergence and Chernoff distance. 
¢ Shannon distance 
Given a measure space (82,A,P), where the set (2 is finite and P is a 
probability measure, the entropy (or Shannon information entropy) of a function 


f : 2 — X, where X is a finite set, is defined by 


H(f) =—) > P(f =x) log, (P(f =»). 


xEX 


Here a = 2, e, or 10 and the unit of entropy is called a bit, nat, or dit (digit), 
respectively. The function f can be seen as a partition of the measure space. 

For any two such partitions f : 82 > X and g: 2 — Y, denote by H(f,g) 
the entropy of the partition (f, g) : 2 — X x Y (joint entropy), and by H(f|g) 
the conditional entropy (or equivocation). Then the Shannon distance between 
f and g is a metric defined by 


H(flg) + H(s\f) = 2H(f.8) — H(f) — H(g) = H(f) + H(g) — 21(f: 8), 


where /(f; g) = H(f) + H(g) — A(f, g) is the Shannon mutual information. 

If P is the uniform probability law, then Goppa showed that the Shannon 
distance can be obtained as a limiting case of the finite subgroup metric. 

In general, the shared information distance (or variation of information, 
entropy metric) between random variables (information sources) X and Y is 


H(X|Y) + H(Y|X) = H(X, Y) — (XY), 


where the conditional entropy H(X|Y) is )o.ex Diyey Py) In p(xly), and 
P(x|y) = P(X = x|Y = y) is the conditional probability. 

The Rajski distance (or normalized information metric) is defined (Rajski, 
1961, for discrete probability distributions X, Y) by 


H(X|Y) +H(Y|X) (XY) 
H(X.Y) ~ AY, Y)’ 
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It is equal to 1 if X and Y are independent. Cf. Tanimoto distance in Chap. 17 
and the normalized information distance in Chap. 11. 
Now, max{H(X), H(Y)} — I(X; Y) is also a metric. 
¢ Transportation distance 
Given a metric space (4, d), the transportation distance (and/or, according 
to Villani, 2009, Monge—Kantorovich—Wasserstein—Rubinstein—Ornstein— 
Gini-Dall’ Aglio-Mallows—Tanaka distance) is the metric defined by 














W, (P,, P2) = inf Es[d(X, Y)] = int [ d(X, Y)dS(X, Y), 
SS (x YEXxX 


where the infimum is taken over all joint distributions S of pairs (X, Y) of random 
variables X, Y such that marginal distributions of X and Y are P; and P. 

For any separable metric space (1, d), this is equivalent to the Lipschitz 
distance between measures sup, J fd(P) — P2), where the supremum is taken 
over all functions f with | f(x) —f(y)| < d(@,y) for any x,y € ¥. Cf. Dudley 
metric. 

In general, for a Borel function c : ¥ x X — Rs», the c-transportation 
distance 7,(P), P2) is inf Es[c(X, Y)]. It is the minimal total transportation cost 
if c(X, Y) is the cost of transporting a unit of mass from the location X to the 
location Y. Cf. the Earth Mover’s distance (Chap. 21), which is a discrete form 
of it. 

The L,-Wasserstein distance is W, = (Tw)!/? = (inf Es[d?(X, Y)])!/?. For 
(X,d) = (R, |x—y)), it is also called the L,-metric between distribution functions 
(CDF) F; with F he (x) = sup, (Pi(X < x) < u), and can be written as 
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For p = 1, this metric is called Monge—Kantorovich metric (or Wasser- 
stein metric, Fortet-Mourier metric, Hutchinson metric, Kantorovich— 
Rubinstein metric). For p = 2, it is the Levy—Fréchet metric (Fréchet, 1957). 

* Ornstein d-metric 
The Ornstein d-metric is a metric on P (for ¥ = R") defined (1974) by 


1 n 
~ inf / $3 i] dS, 
. ; 

*Y \i=l 


where the infimum is taken over all joint distributions S of pairs (X,Y) of 
random variables X, Y such that marginal distributions of X and Y are P; and 
P», respectively. 
¢ Distances between belief assignments 
In Bayesian (or subjective, evidential) interpretation, a probability can be 
assigned to any statement, even if no random process is involved, as a way 
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to represent its subjective plausibility, or the degree to which it is supported 
by the available evidence, or, mainly, degree of belief. Within this approach, 
imprecise probability generalizes Probability Theory to deal with scarce, vague, 
or conflicting information. The main model is Dempster-Shafer theory, which 
allows evidence to be combined. 

Given a set X, a (basic) belief assignment is a function m : P(X) — [0, 1] 
(where P(X) is the set of all subsets of X) with m(@) = 0 and Vacr(x) m(A) = 1. 
Probability measures are a special case in which m(A) > 0 only for singletons. 

For the classic probability P(A), it holds then Bel(A) < P(A) < PI(A), where 
the belief function and plausibility function are defined, respectively, by 


Bel(A) = )*° m(B) and PI(A)= > m(B) = 1—Bel(A). 


B:BCA B:BNA#D 


The original (Dempster, 1967) conflict factor between two belief assignments 
m, and mz was defined as c(m,m2) = Doaqgegmi(A)m2(B). This is 
not a distance since c(m,m) > 0. The combination of m, and mp, 
seen as independent sources of evidence, is defined by m; ® m(A) = 
=e Jopneey m,(B)m(C). 

sually, a distance between m, and mz estimates the difference between 
these sources in the form dy = |U(m,) — U(m2)|, where U is an uncertainty 
measure; see Sarabi-Jamab et al., 2013, for a comparison of their performance. 
In particular, this distance is called: 


confusion (Hoehle, 1981) if U(m) = >°, m(A) log, Bel(A); 

dissonance (Yager, 1983) if U(m) = E(m) = — >¢, m(A) log, PI(A); 

Yager’s factor (Eager, 1983) if U(m) = 1 — Dave no 

possibility-based (Smets, 1983) if U(m) = — )>, logy )op.4cpm(B); 
U-uncertainty (Dubois—Prade, 1985) if U(@m) = I(m) = — 3°, m(A) log, |A|; 
Lamata—Moral’s (1988) if U(m) = log,()°, m(A)|A|) and U(m) = E(m) + 
I(m); 

pile (Klir-Ramer, 1990) if Um) = Dim) = — 36, m(A) log, — 
yop m(B) pal) and a variant: U(m) = D(m) + I(m); 


strife (Klir-Parviz, 1992) if U(m) = — >>, m(A) log, (3~, m(B) ae); 

Pal et al.’s (1993) if U(m) = G(m) = — }°, log, m(A) and U(m) = G(m) + 
I(m); 

total conflict (George-Pal, 1996) if U(m) = >, m(A) >, (m(B)U — asp): 


Among other distances used are the cosine distance | — Rica the Maha- 


lanobis distance \/(m — m2)"A(m; — m2) for some matrices A, and pignistic- 


based one (Tessem, 1993) max {| 7 ,—y(m1(B) — m2(B) ane |}. 





Part IV 
Distances in Applied Mathematics 





Chapter 15 
Distances in Graph Theory 


A graph is a pair G = (V, E), where V is a set, called the set of vertices of the graph 
G, and E is a set of unordered pairs of vertices, called the edges of the graph G. A 
directed graph (or digraph) is a pair D = (V,E), where V is a set, called the set of 
vertices of the digraph D, and E is a set of ordered pairs of vertices, called arcs of 
the digraph D. 

A graph in which at most one edge may connect any two vertices, is called a 
simple graph. If multiple edges are allowed between vertices, the graph is called a 
multigraph. A graph, together with a function which assigns a positive weight to 
each edge, is called a weighted graph or network. 

The graph is called finite (infinite) if the set V of its vertices is finite (infinite, 
respectively). The order and size of a finite graph (V,£) are |V| and |], 
respectively. 

A subgraph of a graph G = (V,E) is a graph G = (VE) with VC V and 
E CE.IfG isa subgraph of G, then G is called a supergraph of G.A subgraph 
(V’,E’) of (V,E) is its induced subgraph if E = {e = uv € E:u,veV}. 

A graph G = (V, E) is called connected if, for any u,v € V, there exists a (u—v) 
walk, i.e., a sequence of edges uw; = WoW}, W1W2, .--, Wa—-1Wn = Wy—1U from E. 
A (u—v) path is a (u— v) walk with distinct edges. A graph is called m-connected 
if there is no set of m — 1 edges whose removal disconnects the graph; a connected 
graph is l1-connected. A digraph D = (V, E) is called strongly connected if, for any 
u,v € V, the directed (u — v) and (v — u) paths both exist. A maximal connected 
subgraph of a graph G is called its connected component. 

Vertices connected by an edge are called adjacent. The degree deg(v) of a vertex 
v € V of a graph G = (V, E) is the number of its vertices adjacent to v. 

A complete graph is a graph in which each pair of vertices is connected by an 
edge. A bipartite graph is a graph in which the set V of vertices is decomposed into 
two disjoint subsets so that no two vertices within the same subset are adjacent. A 
simple path is a simple connected graph in which two vertices have degree 1, and 
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other vertices (if they exist) have degree 2; the /ength of a path is the number of its 
edges. 

A cycle is a closed simple path, i.e., a simple connected graph in which every 
vertex has degree 2. The circumference of a graph is the length of the longest 
cycle in it. A tree is a simple connected graph without cycles. A tree having a path 
from which every vertex has distance < 1| or < 2, is called a caterpillar or lobster, 
respectively. 

Two graphs which contain the same number of vertices connected in the same 
way are called isomorphic. Formally, two graphs G = (V(G),E(G)) and H = 
(V(A), E(A)) are called isomorphic if there is a bijection f : V(G) — V(H) such 
that, for any u, v € V(G), uv € E(G) if and only if f(u)f(v) € E(A). 

We will consider mainly simple finite graphs and digraphs; more exactly, the 
equivalence classes of such isomorphic graphs. 


15.1 Distances on the Vertices of a Graph 


¢ Path metric 

The path metric (or graphic metric, shortest path metric) dpa is a metric 
on the vertex-set V of a connected graph G = (V, E) defined, for any u,v € V, 
as the length of a shortest (u — v) path in G, 1.e., a geodesic. Examples follow. 

Given an integer n > 1, the line metric on {1,...,7} in Chap. 1 is the path 
metric of the path P, = {1,...,n}. The path metric of the Cayley graph I’ of a 
finitely generated group (G, -, e) is called a word metric. 

The hypercube metric is the path metric of a hypercube graph H(m, 2) 
with the vertex-set V = {0,1}, and whose edges are the pairs of vectors 
x,y € {0,1}” such that |{i € {1,...,n} : x; A yi}| = 1; it is equal to 
{i € {l,..., n} ix; = 1}A{i € {1,...,n} : y; = 1}|. The graphic metric 
space associated with a hypercube graph coincides with a Hamming cube, i.e., 
the metric space ({0, 1}, dj,). 

The belt distance (Garber—Dolbilin, 2010) is the path metric of a belt graph 
B(P) of a polytope P with centrally symmetric facets. The vertices of B(P) are 
the facets of P and two vertices are connected by an edge if the corresponding 
facets lie in the same belt (the set of all facets of P parallel to a given face of 
codimension 2). 

The reciprocal path metric is called geodesic similarity. 

¢ Weighted path metric 

The weighted path metric dy pan is a metric on the vertex-set V of a 
connected weighted graph G = (V,£) with positive edge-weights (w(e)) cer 
defined by 


min > w(e), 


eeP 


where the minimum is taken over all (u — v) paths P in G. 
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Sometimes, aa is called the length of the edge e. In the theory of electrical 
a 


w(e) 
inverse weighted path metric is minp )~ 
Filling of metric space 

Given a finite metric space (X, d), a connected weighted graph G = (V, E; w) 
with X C V and edge-weights w(e) > 0 is called (Ivanov—Tuzhilin, 2012) filling 
of (X, d) if for all x, y € X, d(x, y) is bounded from above by the weighted path 
metric dg(x, y). Ivanov—Tuzhilin showed the existence of filings with minimal 
der @(e) and some relations with Steiner problem; (cf. Steiner ratio in Sect. 
1.3. 

For the case when X is Riemannian manifold, a similar notion was defined by 
Gromov (1983), and related to Systolic Geometry (cf. systole of metric space 
in Sect. 1.2). Here a minimal filing is any compact manifold of minimal volume, 
having boundary X and a distance function that bounds d on X from above. 
Metric graph 

A metric (or metrized) graph is a connected graph G = (V, E), where edges 
e are identified with line segments [0, /(e)] of length /(e). Let x. be the coordinate 
on the segment [0, /(e)] with vertices corresponding to x. = 0, /(e); the ends of 
distinct segments are identified if they correspond to the same vertex of G. A 
function f on G is the |E|-tuple of functions f,(x.) on the segments. 

A metric graph can be seen as an infinite metric space (X,d), where X is the 
set of all points on above segments, and the distance between two points is the 
length of the shortest, along the line segments traversed, path connecting them. 
Also, it can be seen as one-dimensional Riemannian manifold with singularities. 

There is a bijection between the metric graphs, the equivalence classes of 
finite connected edge-weighted graphs and the resistive electrical networks: if 
an edge e of a metric graph has length /(e), then re is the weight of e in the 
corresponding edge-weighted graph and /(e) is the resistance along e in the 
corresponding resistive electric circuit. Cf. the resistance metric. 

A quantum graph is a metric graph equipped with a self-adjoint differential 
operator (such as a Laplacian) acting on functions on the graph. The Hilbert 
space of the graph is ®-e¢L*({0, w(e)]), where the inner product of functions is 
(f.g) = eee ie (Xe) Se(Xe)dXe. 

Spin network 

A spin network is (Penrose, 1971) a connected graph (V,£) with edge- 
weights (w(e))-ex (spins), w(e) € N, such that for any distinct edges 1, eo, e3 
with a common vertex, it holds spin triangle inequality |w(e:) — w(e2)| < 
w(e3) < w(e1) + w(e2) and fermion conservation: w(e,) + w(e2) + w(e3) is 
an even number. 

The quantum space-time (Chap. 24) in Loop Quantum Gravity is a network 
of loops at Planck scale. Loops are represented by adapted spin networks: 
directed graphs whose arcs are labeled by irreducible representations of a 
compact Lie group and vertices are labeled by interwinning operators from the 
tensor product of labels on incoming arcs to the tensor product of labels on 


networks, the edge-length is identified with the resistance of the edge e. The 


1 
e€P we) 
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outgoing arcs. Such networks represent “quantum states” of the gravitational 
field on a 3D hypersurface. 
¢ Detour distance 

Given a connected graph G = (V, E), the detour distance is (Chartrand and 
Zhang, 2004) a metric on the vertex-set V defined, for u # v, as the length of the 
longest (u — v) path in G. So, this distance is 1 or |V| — 1 if and only if uv is a 
bridge of G or, respectively, G contains a Hamiltonian (u — v) path. 

The monophonic distance is (Santhakumaran and Titus, 2011) a distance (in 
general, not a metric) on the V defined, for u # v, as the length of a longest 
monophonic (or induced, minimal), i.e., chordless (u — v) path in G. 

The height of a DAG (acyclic digraph) is the number of vertices in a longest 
directed path. 

¢ Rainbow distance 

In an edge-colored graph, the rainbow distance is (Chartrand and Zhang, 
2005) the length of a shortest rainbow (i.e., containing no color twice) path. 

In a vertex-colored graph, the colored distance is (Dankelmann et al., 2001) 
the sum of distances between all unordered pairs of vertices having different 
colors. 

¢ Cutpoint additive metric 

Given a graph G = (V,£), Klein—Zhu, 1998, call a metric d on V graph- 
geodetic metric if, for u,w,v € V, the triangle equality d(u, w) + d(w,v) = 
d(u, v) holds if w is a (u, v)-gatekeeper, i.e., w lies on any path connecting u and 
v. Cf. metric interval in Chap. 1. Any gatekeeper is a cutpoint, 1.e., removing 
it disconnects G and a pivotal point, i.e., it lies on any shortest path between u 
and v. 

Chebotarev, 2010, call a metric d on the vertices of a multigraph without loops 
cutpoint additive if d(u, w)+d(w, v) = d(u, v) holds if and only if w lies on any 
path connecting u and v. The resistance metric is cutpoint additive (Gvishiani 
and Gurvich, 1992), while the path metric is graph-geodetic only (in the weaker 
Klein—Zhu sense). See also Chebotarev-Shamis metric. 

¢ Graph boundary 

Given a connected graph G = (V,E), a vertex v € V is (Chartrand et al., 
2003) a boundary vertex if there exists a witness, 1.e., a vertex u € V such that 
d(u, v) => d(u, w) for all neighbors w of v. So, the end-vertices of a longest path 
are boundary vertices. The boundary of G is the set of all boundary vertices. 

The boundary of a subset M C Vis the set OM C E of edges having precisely 
one endpoint in M. The isoperimetric number of G is (Buser, 1978) inf ie 
where the infimum is taken over all M C V with 2|M| < |V]. 

¢ Graph diameter 

Given a connected graph G = (V, £), its graph diameter is the largest value 
of the path metric between vertices of G. 

A connected graph is vertex-critical ( edge-critical) if deleting any vertex 
(edge) increases its diameter. A graph G of diameter k is goal-minimal if for 
every edge uv, the inequality dg—u»(x, y) > k holds if and only if {u, v} = {x, y}. 
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The mixed fault diameter D(,,)(G) is the maximum diameter among all 
subgraphs obtained from G by deleting a vertices and b edges. 

The a-wide distance d,(u, v) between vertices u and v is the minimum integer 
I, for which there are at least a internally disjoint (u — v) paths of length at 
most / in G: cf. Hsu-Lyuu-Flandrin-Li distance. The a-wide diameter of G is 
max, »ey dq(u, v); it is at least Diq_1,0)(G). 

Given a strong orientation O of a connected graph G = (V, E), i.e., a strongly 
connected digraph D = (V, E’) with arcs e’ € E” obtained from edges e € E by 
orientation O, the diameter of D is the maximal length of shortest directed (u—v) 
path in it. The oriented diameter of a graph G is the smallest diameter among 
strong orientations of G. If it is equal to the diameter of G, then any orientation 
realizing this equality is called tight. For example, a hypercube graph H(m, 2) 
admits a tight orientation if m > 4 (McCanna, 1988). 

Path quasi-metric in digraphs 

The path quasi-metric in digraphs dgpatn is a quasi-metric on the vertex-set 
V of a strongly connected digraph D = (V, E) defined, for any u,v € V, as the 
length of a shortest directed (u — v) path in D. 

The circular metric in digraphs is a metric on the vertex-set V of a strongly 
connected digraph D = (V, E), defined by dapatn(u, v) + dapan(v, u). 

Strong distance in digraphs 

The strong distance in digraphs is a metric between vertices v and v of 
a strongly connected digraph D = (V,E) defined (Chartrand—Erwin—Raines— 
Zhang, 1999) as the minimum size (the number of edges) of a strongly connected 
subdigraph of D containing v and v. Cf. Steiner distance of a set. 

Y -metric 

Given a class Y of connected graphs, the metric d of a metric space (X, d) is 
called a Y-metric if (X, d) is isometric to a subspace of a metric space (V, dwpath), 
where G = (V,E) € Y, and dypan is the weighted path metric on V with 
positive edge-weight function w; cf. tree-like metric. 

Tree-like metric 

A tree-like metric (or weighted tree metric) d on a set X is a Y-metric for 
the class Y of all trees, i.e., the metric space (X, d) is isometric to a subspace of 
a metric space (V, dypath), Where T = (V, E) is a tree, and dwpatn is the weighted 
path metric on the vertex-set V of T with a positive weight function w. A metric 
is a tree-like metric if and only if it satisfies the four-point inequality. Any such 
metric has (Hendy, 1992) a unique tree representation. 

A metric d on a set X is called a relaxed tree-like metric if the set X can be 
embedded in some (not necessary positively) edge-weighted tree such that, for 
any x,y € X, d(x, y) is equal to the sum of all edge weights along the (unique) 
path between corresponding vertices x and y in the tree. A metric is a relaxed 
tree-like metric if and only if it satisfies the relaxed four-point inequality. 
Katz similarity 

Given a connected graph G = (V, E) with positive edge-weight function w = 
(w(e))ceg, let V = {v1,..., Un}. Denote by A the (n x n)-matrix ((aj)), where 
aj = aj = w(i/) if ij is an edge, and aj = 0, otherwise. Let J be the identity 


282 15 Distances in Graph Theory 


(n x n)-matrix, and let t,0 <t < ts be a parameter, where A = max; |A,| is the 
spectral radius of A and A; are the eigenvalues of A. Define the (n x n)-matrix 


K = ((&)) = ) fai = G- tay - 


i=1 


The number kj is called the Katz similarity between v; and v,. Katz, 1953, 
proposed it for evaluating social status. 

Chebotarev, 2011, defined, for a similar (n x )-matrix ((cj)) = )°%2 “A! = 
(I — tA)~! and connected edge-weighted multigraphs allowing loops, the walk 
distance between vertices v; and v; as any positive multiple of d,(i,j) = 
—In oe Jeagy (ct. the Nei standard genetic distance in Chap. 23). He proved that d; 





isa Galati additive metric and the path metric in G coincides with the short 
walk distance lim,_,9+ 7 in G, ae the resistance metric in G coincides 


with the long walk distance lim in the graph G’ obtained from G by 


t>f nt WD Xr 
attaching weighted loops that provide e, a uniform weighted degrees. 
If G is a simple unweighted graph, then A is its adjacency matrix. Let J be the 
(n x n)-matrix of all ones and let ~ = min; A;. Let N = ((ny)) = WU — J) — 
Neumaier, 1980, remarked that ((,/7j)) is a semimetric on the vertices of G. 
¢ Resistance metric 
Given a connected graph G = (V, E) with positive edge-weight function w = 
(w(e))eez, let us interpret the edge-weights as electrical conductances and their 
inverses as resistances. For any two different vertices u and v, suppose that a 
battery is connected across them, so that one unit of a current flows in at u and 
out in v. The voltage (potential) difference, required for this, is, by Ohm’s law, 
the effective resistance between u and v in an electrical network; it is called the 
resistance (or electric) metric (2 (u, v) between them (Sharpe, 1967, Gvishiani— 
Gurvich, 1987, and Klein—Randic, 1993). So, if a potential of one volt is applied 
across vertices u and v, a current of can will flow. The number ao is a 
measure of the connectivity between u and v. 


Let r(u, v) = TO) if uv is an edge, and r(u, v) = 0, otherwise. Formally, 


Qu, v) = of O)rw, v))7, 


weV 


where f : V — [0,1] is the unique function with f(u) = 1, f(v) = 0 and 
Devil) —f@)rOv,z) = 0 for any w # u,v. 

The resistance metric is a weighted average of the lengths of all (u— v) paths. 
It is applied when the number of (u — v) paths, for any u,v € V, matters. 

A. probabilistic interpretation (Gobel—Jagers, 1974) is: (u,v) = 
(deg(u)Pr(u — v))~!, where deg(u) is the degree of the vertex u, and Pr(u — v) 
is the probability for a random walk leaving u to arrive at v before returning to 
u. The expected commuting time between u and v is 2 7 <, w(e)2(u, v). 
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Then 2(u,v) < minp >, <p aa where P is any (u — v) path (cf. inverse 
weighted path metric), with equality if and only if such a path P is unique. So, if 
w(e) = | for all edges, the equality means that G is a geodetic graph, and hence 


the path and resistance metrics coincide. Also, it holds that 2 (u,v) = eee cOl 


if uv is an edge, and Q(u,v) = a , otherwise, where T, 7” are the sets of 
spanning trees for G = (V, E) and G’ = (V, EU {uv}). 

If w(e) = 1 for all edges, then Q(u,v) = (Guu + Gov) — (Suv + Sou), Where 
((gij)) is the Moore—Penrose generalized inverse of the Laplacian matrix ((Ijj)) 
of the graph G: here J; is the degree of vertex i, while, fori A j, jj = —1 
if the vertices i and j are adjacent, and /;, = 0, otherwise. A symmetric (for an 
undirected graph) and positive-semidefinite matrix ((g,;)) admits a representation 
KK’. So, Q(u, v) is the squared Euclidean distance between the w-th and v-th 
rows of K. 

The distance ,/§2(u, v) is a Mahalanobis distance (Chap. 17) with a weight- 
ing matrix ((gj)). So, Quy = dw |((gi))|duy, Where a, are the vectors of zeros 
except for +1 and —1 in the u-th and v-th positions. This distance is called a 
diffusion metric in [CLMNWZ0S5] because it depends on a random walk. 

The number 5 ouvey $2 (Us v) is called the total resistance (or Kirchhoff 
index) of G. 

¢ Hitting time quasi-metric 

Let G = (V,E) be a connected graph. Consider random walks on G, where 
at each step the walk moves to a vertex randomly with uniform probability from 
the neighbors of the current vertex. The hitting (or first-passage) time quasi- 
metric H(u, v) from u € V to v € V is the expected number of steps (edges) for 
a random walk on G beginning at u to reach v for the first time; it is 0 for u = v. 
This quasi-metric is a weightable quasi-semimetric (Chap. 1). 

The commuting time metric is C(u, v) = H(u,v) + H(v, u). 

Then C(u,v) = 2|E|Q(u,v), where Q(u,v) is the resistance metric (or 
effective resistance), i.e., 0 if u = v and, otherwise, =1~ is the current flowing 


> Q(u,v) 
into v, when grounding v and applying a | volt potential to u (each edge is seen as 





a resistor of 1 ohm). Also, 2(u, v) = supy.y_yr p(f)>0 Ae where DE(f) 
is the Dirichlet energy of f, i.e.. > eg (f(s) —f (0). 

The above setting can be generalized to weighted digraphs D = (V, E) with 
arc-weights c, for ij €¢ E and the cost of a directed (u — v) path being the sum 
of the weights of its arcs. Consider the random walk on D, where at each step 
the walk moves by arc ij with reference probability pj proportional to aa set 
py = Oif ij ¢ E. Saerens et al., 2008, defined the randomized et al. shortest 
path quasi-distance d(u, v) on vertices of D as the minimum expected cost of a 
directed (u — v) path in the probability distribution minimizing the expected cost 
among all distributions having a fixed Kullback—-Leibler distance (Chap. 14) 
with reference probability distribution. In fact, their biased random walk model 
depends on a parameter 0 > 0. For 6 = 0 and large @, the distance d(u, v) + 
d(v,u) become a metric; it is proportional to the commuting time and the usual 
path metric, respectively. 
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Chebotarev-Shamis metric 

Given a > 0 and a connected weighted multigraph G = (V,E;w) with 
positive edge-weight function w = (w(e))cez, denote by L = ((Jj)) the 
Laplacian (or Kirchhoff) matrix of G, i.e., jj = —w(ij) fori A j and ly = 
Y iz#i VU). The Chebotarev-Shamis metric d, (u, v) (Chebotarev and Shamis, 
2000, called 5 do (u, v) a-forest metric) between vertices u and v is defined by 


2duv — duu — Avv 


for the protometric ((g;;)) = —(/ + @L)~', where / is the identity matrix. 

Chebotarev and Shamis showed that their metric of G = (V,E;w) is the 
resistance metric of another weighted multigraph, G’ = (V’,E’;w’), where 
V = VU {0}, E’ = EU {u0: u € V}, while w’(e) = aw(e) for alle € E 
and w’(u0) = 1 for all uw € V. In fact, there is a bijection between the forests of 
G and trees of G’. This metric becomes the resistance metric of G = (V, E; w) as 
a —> oo. 

Their forest metric (1997) is the case wa = 1 of the a-forest metric. 

Chebotarev, 2010, remarked that 2 In gy,—1n gu,—1n quy is a cutpoint additive 
metric d/)(u, v), i.e., dy (u,w) + d?(w,v) = d!(u, v) holds if and only if w lies 
on any path connecting u and v. The metric d” is the path metric if « > 0* and 
the resistance metric if ~@ — oo. 

Truncated metric 

The truncated metric is a metric on the vertex-set of a graph, which is equal 
to | for any two adjacent vertices, and is equal to 2 for any nonadjacent different 
vertices. It is the 2-truncated metric for the path metric of the graph. It is the 
(1, 2) — B-metric if the degree of any vertex is at most B. 
Hsu-Lyuu-Flandrin-Li distance 

Given an m-connected graph G = (V,E) and two vertices u,v € V, a 
container C(u, v) of width m is a set of m (u — v) paths with any two of them 
intersecting only in u and v. The length of a container is the length of the longest 
path in it. 

The Hsu-Lyuu-Flandrin-Li distance between vertices u and v (Hsu—Lyuu, 
1991, and Flandrin—Li, 1994) is the minimum of container lengths taken over all 
containers C(u, v) of width m. This generalization of the path metric is used in 
parallel architectures for interconnection networks. 

Multiply-sure distance 

The multiply-sure distance is a distance on the vertex-set V of an m- 
connected weighted graph G = (V,E), defined, for any u,v € V, as the 
minimum weighted sum of lengths of m disjoint (u—v) paths. This generalization 
of the path metric helps when several disjoint paths between two points are 
needed, for example, in communication networks, where m — 1 of (u — v) paths 
are used to code the message sent by the remaining (u— v) path (see [McCa97]). 
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Cut semimetric 

A cut is a partition of a set into two parts. Given a subset S of V, = 
{1,...,}, we obtain the partition {S, V,,\S} of V,. The cut semimetric (or split 
semimetric) 5s defined by this partition, is a semimetric on V,, defined by 


ips yr) =) 
; otherwise. 
Usually, it is considered as a vector in RI*«!, E(n) = {{i,j}: 1 <i<j <n. 

A circular cut of V,, is defined by a subset S41 = {k+1,...,3( mod n) C 
V,: if we consider the points {1,...,} as being ordered along a circle in that 
circular order, then S41, is the set of its consecutive vertices from k + 1 to 
l. For a circular cut, the corresponding cut semimetric is called a circular cut 
semimetric. 

An even cut semimetric (odd cut semimetric) is 6; on V, with even 
(odd, respectively) |S|. A k-uniform cut semimetric is 55; on V,, with |S| € 
{k,n — k}. An equicut semimetric (inequicut semimetric) is 6; on V,, with 
IS| € {151,191} S| ¢ {L3]. ($1), respectively); see, for example, [DeLa97]. 
Decomposable semimetric 

A decomposable semimetric is a semimetric on V, = {1,...,n} which can 
be represented as a nonnegative linear combination of cut semimetrics. The set 
of all decomposable semimetrics on V,, is a convex cone, called the cut cone 
CUT,,. 

A semimetric on V,, is decomposable if and only if it is a finite /, -semimetric. 

A circular decomposable semimetric is a semimetric on V, = {1,...,n} 
which can be represented as a nonnegative linear combination of circular cut 
semimetrics. A semimetric on V,, is circular decomposable if and only if it is a 
Kalmanson semimetric with respect to the same ordering (see [ChFi98]). 
Finite /,-semimetric 

A finite /,-semimetric d is a semimetric on V, = {1,...,} such that (V,, d) 
is a semimetric subspace of the /;'-space (IR, d),) for some m € N. 

If, instead of V,,, is taken X = {0,1}", the metric space (X,d) is called the 
[,-cube. The I-cube is called a Hamming cube; cf. Chap. 4. It is the graphic 
metric space associated with a hypercube graph H(n, 2), and any subspace of it 
is called a partial cube. 

Kalmanson semimetric 

A Kalmanson semimetric d with respect to the ordering 1,...,n is a 

semimetric on V, = {1,...,} which satisfies the condition 


max{d(i,j) + d(r,s), d(i,s) + d(j,r)} < d(i,r) + dj, s) 
forall <i<j<r<s<n. 


Equivalently, if the points {1,...,} are ordered along a circle C,, in that 
circular order, then the distance d on V, is a Kalmanson semimetric if the 
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inequality 
d(i,r) + d(j,s) < dij) + d(r, s) 


holds for i,j,r,s € V, whenever the segments [i,j], [r,s] are crossing chords 
of Cy. 

A tree-like metric is a Kalmanson metric for some ordering of the vertices of 
the tree. The Euclidean metric, restricted to the points that form a convex polygon 
in the plane, is a Kalmanson metric. 

¢ Multicut semimetric 

Let {S1,..., Sg}, ¢ = 2, be a partition of the set V, = {1,...,n}, ie, a 
collection S;,..., S, of pairwise disjoint subsets of V, such that S;U---US, = Vp. 

The multicut semimetric 55, s, 18 a semimetric on V,, defined by 

dang 0, if i,j € S, forsomeh,1 <h <q, 
Baru = |) : 
; otherwise. 
¢ Oriented cut quasi-semimetric 

Given a subset S of V, = {1,...,}, the oriented cut quasi-semimetric 55 is 

a quasi-semimetric on V,, defined by 


boss l, if ie Sj ¢S, 
bij) = 4.” 
s@j) 0, otherwise. 
Usually, it is considered as the vector of R’"!, I(n) = {(i,j) : 1 <i #j < nh. 
The cut semimetric 65 is 55 + by \s: 
¢ Oriented multicut quasi-semimetric 
Given a partition {S|,...,Sq}, q = 2, of Vn, the oriented multicut quasi- 


sl, if i € Sy,j € Sn, h < m, 
~ ) 0, otherwise 


bs, oe Sn (i,j) 


15.2 Distance-Defined Graphs 


Below we first give some graphs defined in terms of distances between their vertices. 
Then some graphs associated with metric spaces are presented. 

A graph (V,£) is, say, distance-invariant or distance monotone if its metric 
space (V,dpan) is distance invariant or distance monotone, respectively (cf. 
Chap. 1). The definitions of such graphs, being straightforward subcases of corre- 
sponding metric spaces, will be not given below. 
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k-power of a graph 

The k-power of a graph G = (V, E) is the supergraph G* = (V, E’) of G with 
edges between all pairs of vertices having path distance at most k. 
Distance-residual subgraph 

For a connected finite graph G = (V,E£) anda set M C V of its vertices, a 
distance-residual subgraph is (Luksic and Pisanski, 2010) a subgraph induced 
on the set of vertices u of G at the maximal point-set distance min,ey dpatn(U, V) 
from M. Such a subgraph is called vertex-residual if M consists of a vertex, and 
edge-residual if M consists of two adjacent vertices. 

Isometric subgraph 

A subgraph H of a graph G = (V, E) is called an isometric subgraph if the 
path metric between any two points of H is the same as their path metric in G. 

A subgraph 4 is called a convex subgraph if it is isometric, and for any u,v € 
H every vertex on a shortest (u — v) path belonging to H also belongs to H. 
Taking, instead of shortest, other types of paths (say, any, longest, induced) or 
walks, one gets corresponding notions of convexity. 

A subset M C V is called gated if for every u € V \ M there exists a unique 
vertex g € M (called a gate) lying on a shortest (u — v) path for every v € M. 
The subgraph induced by a gated set is a convex subgraph. 

Retract subgraph 

A subgraph H of G is called a_ retract subgraph if it is induced by an 
idempotent metric mapping of G into itself, ic., f? = f : V > V with 
dpatn(f(U).f(V)) < dpan(u, v) for u,v € V. Any retract subgraph is isometric. 
Partial cube 

A partial cube is an isometric subgraph of a Hamming cube, i.c., of a 
hypercube H(m, 2). Similar topological notion was introduced by Acharya, 1983: 
any graph (V, E) admits a set-indexing f : VUE — 2* with injective f|y,f|r and 
f(uv) = f(u)Af(v) for any (uv) € E. The set-indexing number is min |X|. 
Median graph 

A connected graph G = (V,E£) is called a median graph if, for any three 
vertices u,v,w € V, there exists a unique vertex that lies simultaneously on a 
shortest (u — v), (u— w) and (w — v) paths, i.e., (V, dpan) is a median metric 
space. 

The median graphs are exactly retract subgraphs of hypercubes and exactly 
1-skeletons of a CAT(0) cube complexes. Also, they are exactly partial cubes 
such that the vertex-set of any convex subgraph is gated (cf. isometric sub- 
graph). 

Geodetic graph 

A graph is called geodetic if there exists at most one shortest path between any 
two of its vertices. A graph is called strongly geodetic if there exists at most one 
path of length less than or equal to the diameter between any two of its vertices. 

A uniformly geodetic graph is a connected graph such that the number of 
shortest paths between any two vertices u and v depends only on d(u, v). 

A graph is a forest (disjoint union of trees) if and only if there exists at most 
one path between any two of its vertices. 
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The geodetic number of a finite connected graph (V, £) ([BuHa90]) is min |M| 
over sets M C V such that any x € V lies ona shortest (u—v) path with u,v € M. 
k-geodetically connected graph 

A k-connected graph is called (Entringer—Jackson—Slater, 1977) k- 
geodetically connected (k — GC) if the removal of less than k vertices (or, 
equivalently, edges) does not affect the path metric between any pair of the 
remaining vertices. 

2 — GC graphs are called _ self-repairing. Cf. Hsu-Lyuu—Flandrin-Li 
distance. 

Interval distance monotone graph 

A connected graph G = (V, E) is called interval distance monotone if any 
of its intervals Jg(u, v) induces a distance monotone graph, i.e., its path metric 
is distance monotone, cf. Chap. 1. 

A graph is interval distance monotone if and only if (Zhang—Wang, 2007) each 
of its intervals is isomorphic to either a path, a cycle or a hypercube. 
Distance-regular graph 

A connected regular (i.e., every vertex has the same degree) graph G = (V, E) 
of diameter T is called distance-regular (or drg) if, for every two its vertices u, v 
and any integers 0 < i,j < T, the number |{w € V: dpan(u, w) = i, dpan(v, w) = 
J}| depends only on i,j and k = dpan(u, v), but not on the choice of u and v. 

A special case of it is a distance-transitive graph, i.e., such that its group of 
automorphisms is transitive, for any 0 < i < T, on the pairs of vertices (u, v) with 
dpath(u, v) = i. Given a number s,1 < s < T, a graph is said to be s-geodesic- 
transitive or s-distance transitive if its automorphism group acts transitively on 
the sets of i-geodesics (shortest paths of length 7), for 0 < i < 5s, or, respectively, 
on the sets of ordered vertex pairs at distance i, forO <i<s. 

Any drg is a distance-balanced graph (or dbg), i.e., |Wiv| = |Wou|, where 
Wuv = {x € V: d(x,u) < d(x, v)}. Such graph is also called self-median since 
it is exactly one, metric median (cf. eccentricity in Chap. 1) of which is V. A 
gbg is called nicely distance-balanced if |W,,,| is the same for all edges uv. 

Any drg is a distance degree-regular graph (ie., |{x ¢ V : d(x,u) = i}| 
depends only on i; such graph is also called strongly distance-balanced), and a 
walk-regular graph (i.e., the number of closed walks of length i starting at u 
depends only on i). van Dam—Omidi, 2013, call a graph strongly walk-regular if 
there is an / > 2 such that the number of walks of length / from u to v depends 
only on whether the d(u, v) is 0, 1, or > 2; for! = 2, itis a strongly regular graph, 
i.e., a drg of diameter 2. A d-Deza graph (Gu, 2013) is a regular graph (V, £) in 
which there are exactly d different values of |{w € V : d(u,w) = d(v, w) = 1}{ 
for distinct u,v € V. 

Any drg is a sphere-regular graph (Dehmer, 2008), i.e., its path metric is 
distance-invariant (all closed balls of the same radius have the same size; cf. 


Chap. 1). 
A graph G is a distance-regularized graph if for each u € V, if admits 
an intersection array at vertex u, 1.e., the numbers a;(u) = |G;(u) N Gi(v)|, 


b(u) = |Giti1(u) N Gi(v)| and cj(u) = |Gi-1(v) N Gi(v)| depend only on the 
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distance d(u, v) = i and are independent of the choice of the vertex v € G;(u). 
Here, for any i, G;(w) is the set of all vertices at the distance i from w. Godsil— 
Shawe-Taylor, 1987, defined such graph and proved that it is either drg or 
distance-biregular (a bipartite one with vertices in the same class having the 
same intersection array). 

A drg is also called a metric association scheme or P-polynomial association 
scheme. A finite polynomial metric space (Chap. |) is a special case of it, also 
called a (P and Q)-polynomial association scheme. 

¢ Distance-regular digraph 

A strongly connected digraph D = (V,E) is called distance-regular 
(Damerell, 1981) if, for any its vertices u,v with dpatn(u,v) = k and for any 
integer 0 < i < k + 1, the number of vertices w, such that dpan(u, w) = i and 
dpath(v, w) = 1, depends only on k and j, but not on the choice of u and v. In order 
to find interesting classes of distance-regular digraphs with unbounded diameter, 
the above definition was weakened by two teams in different directions. 

Call d(x,y) = (d(x, y),d(y,x)) the two-way distance in digraph D. A 
strongly connected digraph D = (V,E) is called weakly distance-regular 
(Wang and Suzuku, 2003) if, for any its vertices u,v with d(u,v) = (k1, ko), 
the number of vertices w, such that d(w,u) = (i,i2) and d(w,v) = (j1,Jj2), 
depends only on the values kj, ka, i1, i2,j1,j2. Comellas et al., 2004, defined a 
weakly distance-regular digraph as one in which, for any vertices u and v, the 
number of u — v walks of every given length only depends on the distance 
d(u, v). 

¢ Metrically almost transitive graph 

An automorphism of a graph G = (V,E) is a map g : V — V such that u 
is adjacent to v if and only if g(w) is adjacent to g(v), for any u,v € V. The 
set Aut(G) of automorphisms of G is a group with respect to the composition of 
functions. 

A graph G is metrically almost transitive (Kr6n—Moller, 2008) if there is an 
integer r such that, for any vertex u € V it holds 














Useauian{g(B(u, 7) = {v € V: dpan(u, v) < r})} = V. 


¢ Metric end 

Given an infinite graph G = (V, E), a ray is a sequence (xo, x), ...) of distinct 
vertices such that x; and x; are adjacent for i > 0. 

Two rays R; and R> are equivalent whenever it is impossible to find a 
bounded—set of vertices F such that any path from R, to R2 contains an element 
of F. 

Metric ends are defined as equivalence classes of metric rays which are rays 
without infinite, bounded subsets. 
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¢ Graph of polynomial growth 
Let G = (V,£) be a transitive locally finite graph. For a vertex v € V, the 
growth function is defined by 


f(n) = |twe Vi dtu, v) < n}I, 


and it does not depend on v. Cf. growth rate of metric space in Chap. 1. 

The graph G is a graph of polynomial growth if there are some positive 
constants k, C such that f(n) < Cn* for all n > 0. It is a graph of exponential 
growth if there is a constant C > 1 such that f(n) > C” for alln > 0. 

A group with a finite symmetric set of generators has polynomial growth rate 
if the corresponding Cayley graph has polynomial growth. Here the metric ball 
consists of all elements of the group which can be expressed as products of at 
most n generators, i.e., it is a closed ball centered in the identity in the word 
metric, cf. Chap. 10. 

¢ Distance-polynomial graph 

Given a connected graph G = (V, E) of diameter T, for any 2 < i < T denote 
by G; the graph (V,E’) with FE = {e = uv € E: dpan(u, Vv) = i}. The graph G 
is called a distance-polynomial if the adjacency matrix of any G;, 2 < i < T, is 
a polynomial in terms of the adjacency matrix of G. 

Any distance-regular graph is a distance-polynomial. 

¢ Distance-hereditary graph 

A connected graph is called distance-hereditary (Howorka, 1977) if each of 
its connected induced subgraphs is isometric. 

A graph is distance-hereditary if each of its induced paths is isometric. A 
graph is distance-hereditary, bipartite distance-hereditary, block graph, tree if 
and only if its path metric is a relaxed tree-like metric for edge-weights being, 
respectively, nonzero half-integers, nonzero integers, positive half-integers, pos- 
itive integers. 

A graph is called a parity graph if, for any u,v € V, the lengths of all induced 
(u—v) paths have the same parity. A graph is a parity graph (moreover, distance- 
hereditary) if and only if every induced subgraph of odd (moreover, any) order 
of at least five has an even number of Hamiltonian cycles (McKee, 2008). 

¢ Distance magic graph 

A graph G = (V,£) is called (Vilfred, 1994) a distance magic graph if it 
admits a distance magic labeling, i.e., a magic constant k > 0 and a bijection 
f:V—> {1,2,...,[V]} with w(v) = ee f(v) = k for every u € V. 

Cf. rendez-vous number in Chap. |. These graphs generalize magic squares 
(such complete n-partite graphs with parts of size n). Among such trees, cycles 
and K,, only P;,P3,C4 are distance magic. The hypercube graph H(m, 2) is 
distance magic if m = 2,6 but not if m = 0,1,3( mod 4). 

The graph G = (V,E) is said (Kamatchi-Arumugam, 2013) to be distance 
anti-magic if w(u) # w(v) for all u,v € V. Cichacz et al., 2015, extended both 
above notions on vertex-labeling by elements of an Abelian group. 





15.2 Distance-Defined Graphs 291 


The graph G = (V, E) is said (O’Neil—Slater, 2011) to be D-distance magic 
if it admits a D-distance magic labeling, i.e., a magic constant k > 0 anda 
bijection f : V > {1,2,...,|V|} with w(v) = Dd vev:duryepf U) = k for every 
ue V. 

¢ Block graph 

A graph is called a block graph if each of its blocks (i.e., a maximal 2- 
connected induced subgraph) is a complete graph. Any tree is a block graph. 

A graph is a block graph if and only if its path metric is a tree-like metric or, 
equivalently, satisfies the four-point inequality. 

¢ Ptolemaic graph 

A graph is called Ptolemaic if its path metric satisfies the Ptolemaic 

inequality 


d(x, y)d(u, z) < d(x, u)d(y, z) + d(x, z)d(y, u). 


A graph is Ptolemaic if and only if it is distance-hereditary and chordal, i.e., every 
cycle of length greater than 3 has a chord. So, any block graph is Ptolemaic. 
¢ k-cocomparability graph 
A graph G = (V,E) is called (Chang—Ho—Ko, 2003) k-cocomparability 
graph if its vertex-set admits a linear ordering < such that for any three vertices 
u<vu<w,d(u,w) < k implies d(u, v) < k or d(v, w) < k. 
¢ Distance-perfect graph 
Cvetkovicé et al., 2007, observed that any graph of diameter T has at most 
k + T* vertices, where k is its location number (Chap. 1), i.e., the minimal 
cardinality of a set of vertices, the path distances from which uniquely determines 
any vertex. They called a graph distance-perfect if it meets this upper bound and 
proved that such a graph has T # 2. 
¢ t-irredundant set 
A set S Cc V of vertices in a connected graph G = (V,E) is called t- 
irredundant (Hattingh—Henning, 1994) if for any u € S there exists a vertex 
v € V such that, for the path metric dpa, of G, it holds 


dpath(V,X) < t < dpan(v, V\S) = or dpath(U, U). 
u€S 


The t-irredundance number ir, of G is the smallest cardinality |S| such that S is 
t-irredundant but S U {v} is not, for every v € V\S. 

The t-independent number a, and distance t-domination number y, of G 
are, respectively, the cardinality of the largest [5]-packing and smallest (t + 1)- 
covering (by the open balls of the radius t+ 1) of the metric space (V, dpan(u, v)); 


cf. the radii of metric space in Chap. |. Then it holds uel < ir, < Vy XS Oy. 


Let C, be the largest constant such that y; => CrP epee d(x;,x;) for r 
vertices of any connected graph; Kang, 2015, showed that C, = i and C, = 
eral for r > 3, implying that y; > ad(G), where ad denotes the average 
distance. 
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The distance t-vertex cover number of G is (Canales et al., 2015) the minimum 
cardinality of the set S C V, such that for each edge e of G, there is a path of 
length at most f that contains e and a vertex from S. 

If G is plane graph, then its distance t-guarding number is (Canales et al., 
2015) the minimum cardinality of the set S C V, such that for every face f of G, 
there is a vertex u in the boundary of f, and a vertex v € S with dpath(u, v) < t. 

¢ r-locating-dominating set 

Let D=(V,E) be a digraph and C C V, and let B-(v) denote the set of all 
vertices x such that there exists a directed (x — v) path with at most r arcs. 

If B-(v) NC, v € V\ C (respectively, v € V), are nonempty distinct 
sets, C is called (Slater, 1984) an r-locating-dominating set (respectively, an r- 
identifying code; cf. Chap. 16) of D. Such sets of smallest cardinality are called 
optimal. 

¢ Locating chromatic number 

The locating chromatic number of a graph G = (V,£) is the minimum 
number of color classes C),..., C; needed to color vertices of G so that any two 
adjacent vertices have distinct colors and each vertex u € V has distinct color 
code (minyec, d(u, v),...,MiNyec, d(u, v)). 

¢ k-distant chromatic number 

The k-distant chromatic number of a graph G = (V,£) is the minimum 
number of colors needed to color vertices of G so that any two vertices at distance 
at most k have distinct colors, i.e., it is the chromatic number of the k-power of G. 

¢ Distance between edges 

The distance between edges in a connected graph G = (X, £) is the number 
of vertices in a shortest path between them. So, adjacent edges have distance 1. 

A distance-k matching of G is a set of edges no two of which are within 
distance k. For k = 1, it is the usual matching. For k = 2, it is also induced (or 
strong) matching. A distance-k matching of G is equivalent to an independent set 
in the k-power of the line graph of G. A distance-k edge-coloring of G is an 
edge-coloring such that each color class induces a distance-k matching. 

The distance-k chromatic index /1;(G) is the least integer t such that there 
exists a distance-t edge-coloring of G. The distance-k matching number 1;(G) 
is the largest integer ¢ such that there exists a distance-t matching in G with ft 
edges. It holds that 4(G)v,(G) = |E]. 

The distance between faces of a plane graph is the number of vertices in a 
shortest path between them. A distance-k face-coloring is a face-coloring such 
that any two faces at distance at most k have different colors. The distance-k 
face chromatic index is the least integer ¢ such that such coloring by ¢ colors 
exists. The dual notion is k-distance coloring of a graph G = (V,E), ie., a 
vertex-coloring such that any two vertices at distance at most k receives different 
colors. 

¢ Distance integral graph 

Given a finite graph G, its distance polynomial (cf. Chap. 1) is the determi- 
nant det(D — AJ), where D is the distance matrix of the path metric of G. 

A graph is called distance integral if all roots of this polynomial are integers. 
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¢ D-distance graph 

Given a set D of positive numbers containing | and a metric space (X, d), the 
D-distance graph is a graph G = (V = X,E) with the edge-set E = {uv : 
d(u, v) € D} (cf. D-chromatic number in Chap. 1). If (X, d) is path metric of a 
graph H, then G is called the distance power H” of H. 

Alon—Kupavsky, 2014, call G (in the case (X,d) = E”, d = {1}) the faithful 
unit-distance graph, using term unit-distance graph for E C {(u, v) : ||ju—v||2 = 
1}. 

For a positive number ¢, the signed distance graph is (Fiedler, 1969) a signed 
graph with the vertex-set X in which vertices x, y are joined by a positive edge if 
t > d(x, y), by a negative edge if d(x, y) > t, and not joined if d(x, y) = t. 

A D-distance graph is called a distance graph (or unit-distance graph) if 
D = {1}, an e-unit graph if D = [1 —€,1 + €], a unit-neighborhood graph if 
D = (0, 1], an integral-distance graph if D = Z4, a rational-distance graph if 
D = Q4, and a prime-distance graph if D is the set of prime numbers (with 1). 

Every finite graph can be represented by a D-distance graph in some E”. The 
minimum dimension of such a Euclidean space is called the D-dimension of G. 
A matchstick graph is a crossingless unit-distance graph in E?. 

¢ Distance-number of a graph 

Given a graph G = (V, E), its degenerate drawing is a mapping f : V > R? 
such that |f(V)| = |V| and f(uv) is an open straight-line segment joining the 
vertices f(u) and f(v) for any edge uv € E; it is a drawing if, moreover, f(w) € 

f(uv) for any uv € Eandwe V. 

The distance-number dn(G) of a graph G is (Carmi et al. 2008) the 
minimum number of distinct edge-lengths in a drawing of G. 

The degenerate distance-number of G, denoted by ddn(G), is the minimum 
number of distinct edge-lengths in a degenerated drawing of G. The first of 
the Erdés-type distance problems in Chap. 19 is equivalent to determining 
ddn(K,). 

¢ Dimension of a graph 

The dimension dim(G) of a graph G is (Erdés—Harary—Tutte, 1965) the 
minimum k such that G has a unit-distance representation in R*, i.e., every edge 
is of length 1. The vertices are mapped to distinct points of R*, but edges may 
Cross. 

For example, dim(G) = n— 1,4,2 for G = Ky, Kinn, Cn (m = n => 3). 

¢ Bar-and-joint framework 

A n-dimensional bar-and-joint framework is a pair (G,f), where G = 
(V, E) is a finite graph (no loops and multiple edges) and f : V > R” is a map 
with f(u) ~ f(v) whenever uv € E. The framework is a straight line realization 
of G in R” in which the length of an edge uv € E is given by ||f(u) —f(v)||2. 

The vertices and edges are called joints and bars, respectively, in terms of 
Structural Engineering. A tensegrity structure (Fuller, 1948) is a mechanically 
stable bar framework in which bars are either cables (tension elements which 
cannot get further apart), or struts (compression elements which cannot get closer 
together). 
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A framework (G,f) is globally rigid if every framework (G,f’), satisfying 
If) —f(v)|l2 = IIf'@ —f'(v)||2 for all uv € E, also satisfy it for all 
u,v € V. A framework (G,f) is rigid if every continuous motion of its vertices 
which preserves the lengths of all edges, also preserves the distances between 
all pairs of vertices. The framework (G,f) is generic if the set containing the 
coordinates of all the points f(v) is algebraically independent over the rationals. 
The graph G is n-rigid if every its n-dimensional generic realization is rigid. For 
generic frameworks, rigidity is equivalent to the stronger property of infinitesimal 
rigidity. 

An infinitesimal motion of (G,f) is a map m : V — R" with (m(u) — 
m(v))(f(u) — f(v)) = O whenever uv € E. A motion is trivial if it can be 
extended to an isometry of R”. A framework is an infinitesimally rigid if every 
motion of it is trivial, and it is isostatic if, moreover, the deletion of any its edge 
will cause loss of rigidity. (G,f) is an elastic framework if, for any € > 0, 
there exists a 6 > O such that for every edge-weighting w : E — Rso with 
Max,vex |w(uv) — ||f(u) — f(v)||2| < 46, there exist a framework (G,f’) with 
maxyev ||f(u) —f"(v)||2 <€. 

A framework (G,f) with |[f(u) — f(v)|l2 > rifu,v € Vu # c and 
IIf(u), f(v)|l2 < Rif uv € E, for some 0 < r < R, is called (Doyle—Snell, 1984) 
a civilized drawing of a graph. The random walks on such graphs are recurrent if 
n= 1,2. 

Distance constrained labeling 


Given a sequence a = (@,...,a@,) of distance constraints a, > --- > a, > 
0, a Aq-labeling of a graph G = (V,E) is an assignment of labels f(v) from 
the set {0,1,...,A} of integers to the vertices v € V such that, for any f with 


0<t<k, |f(v) —f()| = a, whenever the path distance between u and v is ¢. 

The radio frequency assignment problem, where vertices are transmitters 
(available channels) and labels represent frequencies of not-interfering channels, 
consists of minimizing A. Distance-two labeling is the main interesting case 
a = (2,1); its span is the difference between the largest and smallest labels 
used. 
Distance-related graph embedding 

An embedding of the guest graph G = (Vj, £;) into the host graph H = 
(V2, £2) with |V,| < |V2|, is an injective map from V into Vp. 

The wire length, dilation and antidilation of G in H are 


min 7 dy(flu).f()), min max dy(f).f(0)), max. min dy F(W).f0)). 


(uv)€E 


respectively, where f is any embedding of G into H. The main distance- 
related graph embedding problems consist of finding or estimating these three 
parameters. 

The bandwidth and antibandwidth of G is the dilation and antidilation, 
respectively, of G in a path H with Vj vertices. 
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¢ Bandwidth of a graph 

Given a graph G = (V, £) with |V| = 2, its ordering is a bijective mapping 
f:V— {l,...,}. Given a number b > 0, the bandwidth problem for (G, b) is 
the existence of ordering f with the stretch max,,ex |f(u) — f(v)| at most b. 

The bandwidth of G, denoted by bw(G), is the minimum stretch over all f. 

The antibandwidth problem for G is to find ordering f with maximal 
Minwes |f(u) —f(v)| (antibandwidth). 

¢ Path distance width of a graph 

Given a connected graph G = (V, E), an ordered partition V = U!_,L; of its 
vertices is called a distance structure on G if L; = {v € V: minyez, dpan(u, v) = 
i—1}for 1 <i<t. The structure is rooted if |Li| = 1. 

The path distance width pwd(G) of G is defined (Yamazaki et al., 1999) as 
min max;<;<; |L;| over all distance structures on G. 

An ordered partition V = U!_,L; is called a level structure on G if for each 
edge uv with u € L; and v € Lj, it holds that |i — j| < 1. The level width (or 
strong pathwidth) lw(G) is min max) <;<; |L;| over all level structures. 

Clearly, w(G) < pdw(G). Yamazaki et al., 1999, proved that pdw(G) can be 
arbitrarily larger than the bandwidth bw(G) and /w(G) < bw(G) < 2/w(G). 

¢ Tree-length of a graph 

A tree decomposition of a graph G = (V, E) is a pair of a tree T with vertex- 

set W and a family of subsets {X; : i € W} of V with UjewX; = V such that 


1. for every edge (uv) € E, there is a subset X; containing u, v, and 
2. for every v € V, the set {i € W: v € X;} induces a connected subtree of T. 


The chordal graphs (i.e., ones without induced cycles of length at least 4) are 
exactly those admitting a tree decomposition where every X; is a clique. 

For tree decomposition, the tree-length is maxjew diam(X;) (diam(X;) is the 
diameter of the subgraph of G induced by X;) and tree-width is maxjew |Xi| — 
1. The tree-length of G (Dourisboure—Gavoille, 2004) and its tree-width 
(Robertson—Seymour, 1986) are the minima, over all tree decompositions, of 
above tree-length and tree-width. The path-length G is defined taking as trees 
only paths. 

Given a linear ordering ¢,..., jz; of the edges of G, let, for 1 < i < 
|E|, denote by Ge; and Gj< the graphs induced by the edges {e),...,e;} and 
{€i41,..+,€|z|}, respectively. The linear-length is max,<j;<|g| diam(V(G<i) N 
V(G;<)). The linear-length of G (Umezawa—Yamazaki, 2009) is the minimum 
of the above linear-length taken over all the linear orderings of its edges. 

¢ Spatial graph 

A spatial graph (or spatial network) is a graph G = (V, E), where each vertex 
v has a spatial position (v1,..., Un) € R”. (Gis called a geometric graph if it is 
drawn on R? and its edges are straight-line segments.) 

The graph-theoretic dilation and geometric dilation of G are, respectively: 


d(v,u d(v,u 
max aU and max aw. 
v,ueV l|v — ul|2 (vu) EE ||v — ul|2 
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¢ Distance Geometry problem 
Given a weighted finite graph G = (V,E;w), the Distance Geometry 
problem (DGP) is the problem of realizing it as a spatial graph G = (V’, E’), 
where x : V > V’ is a bijection with x(v) = (v),...,U,) € R” for every v € V 
and E’ = {(x(u)x(v)) : (uv) € E}, so that for every edge (uv) € E it holds that 


||x(u) — x(u)|[2 = w(uv). 


The main application of DGP is the molecular DGP: to find the coordinates of 
the atoms of a given molecular conformation are by exploiting only some of the 
distances between pairs of atoms found experimentally; cf. [MLLM13]. 

¢ Arc routing problems 

Given a finite set X, a quasi-distance d(x, y) on it anda set A C {(x,y): x,y € 
X}, consider the weighted digraph D = (X,A) with the vertex-set X and arc- 
weights d(x, y) for all arcs (x, y) € A. For given sets V of vertices and E of arcs, 
the arc routing problem consists of finding a shortest (i.e., with minimal sum 
of weights of its arcs) (V, E)-tour, i.e., a circuit in D = (X,A), visiting each 
vertex in V and each arc in E exactly once or, in a variation, at least once. 

The Asymmetric Traveling Salesman problem corresponds to the case V = X, 
E = 9; the Traveling Salesman problem is the symmetric version of it (usually, 
each vertex should be visited exactly once). The Bottleneck Traveling Salesman 
problem consists of finding a (V, E)-tour T with smallest max, y)er d(x, y). 

The Windy Postman problem corresponds to the case V = @, E = A, while 
the Chinese Postman problem is the symmetric version of it. 

The above problems are also considered for general arc- or edge-weights; 
then, for example, the term Metric TSP is used when edge-weights in the 
Traveling Salesman problem satisfy the triangle inequality, i.e., d is a quasi- 
semimetric. 

¢ Steiner distance of a set 

The Steiner distance of a set S C V of vertices in a connected graph 
G = (V, E) is (Chartrand et al., 1989) the minimum size (number of edges) of a 
connected subgraph of G, containing S. Such a subgraph is a tree, and is called a 
Steiner tree for S. Cf. general Steiner diversity in Steiner ratio (Chap. 1). 

The Steiner distance of the set S = {u,v} is the path metric between u and 
v. The Steiner k-diameter of G is the maximum Steiner distance of any k-subset 
of V. 

¢ f-Spanner 

A factor, i.e., a spanning subgraph, H = (V,E(H)) of a connected graph 
G = (V,E) is called a t-spanner (or t-multiplicative spanner) of G if, for every 
u,v € V, the inequality dein (Ul, v)/diin(u, v) < t holds. The value ¢ is called 
the stretch factor (or dilation) of H. Cf. distance-related graph embedding and 
spatial graph. 

The graph H = (V,E(A)) is called a k-additive spanner of G if, for every 


u,v € V, the inequality d?.,(u, v) < dein(U v) + k holds. 
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Mulder and Nebesky, 2012, defined, for connected H, the guide of (H, G) as 
the ternary relation R C V x V x V consisting of ordered triples (u, w, v) such 
that uw € E and den (U, w) + den (W, v) = den (U, v). The guide of (G, G) is 
called the step ternary relation; cf. metric betweenness in Chap. 1. 

¢ Optimal realization of metric space 

Given a finite metric space (X, d), a realization of it is a weighted graph G = 
(V, E; w) with X C V such that d(x, y) = dg(x, y) holds for all x, y € X. 

The realization is optimal if it has minimal } 1, cz W(Uv). 

¢ Proximity graph 

Given a finite subset V of a metric space (X, d), its proximity graph is a graph 
representing neighbor relationships between points of V. Such graphs are used 
in Computational Geometry and many real-world problems. The main examples 
are presented below. Cf. underlying graph of a metric space in Chap. 1. 

A spanning tree of V is a set T of |V| — 1 unordered pairs (x, y) of different 
points of V forming a tree on V; the weight of T is De) er A(x, y). A minimum 
spanning tree MST(V) of V is a spanning tree with the minimal weight. Such a 
tree is unique if the edge-weights are distinct. 

A nearest neighbor graph is the digraph NNG(V) = (V, £) with vertex-set 
V = v,..., vjy and, for x,y € V, xy € E if y is the nearest neighbor of x, 1.e., 
d(x, y) = min,,cy\3 d(x, vj) and only v; with maximal index i is picked. The k- 
nearest neighbor graph arises if k such v; with maximal indices are picked. The 
undirect version of NNG(V) is a subgraph of MST(V). 

A relative neighborhood graph is (Toussaint, 1980) the graph RNG(V) = 
(V,E) with vertex-set V and, for x,y € V, xy € E if there is no point z € V 
with max{d(x, z), d(y,z)} < d(x,y). Also considered, for (X,d) = (R?, ||x — 
y||2), the related Gabriel graph GG(V) (in general, B-skeleton) and Delaunay 
triangulation DT(V); then NNG(V) GC MST(V) © RNG(V) © GG(V) © 
DT(V). 

For any x € V, its sphere of influence is the open metric ball B(x, r,) = {z € 
X : d(x, z) <r} in (X, d) centered at x with radius r, = min,cy\ {3 d(x, Z). 

Sphere of influence graph is the graph SJG(V) = (V, £) with vertex-set V 
and, for x,y € V, xy € Eif Bx, r,) 1 BO, 1n) F 9; so, it is a proximity graph 
and an intersection graph. The closed sphere of influence graph is the graph 
CSIG(V) = (V,£E) with xy € F if Bx, ry) NBO, ry) F 9G. 
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¢ Chartrand—Kubicki-Schultz distance 
The Chartrand—Kubicki-Schultz distance (or @-distance, 1998) between 
two connected graphs G; = (V, £;) and Gz = (V2, Ez) with |V;| = |V2| = nis 


min{) * ldg, (u, v) — de, (@(u), d(v)) |}, 
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where dg,.dg, are the path metrics of graphs G}, G2, the sum is taken over 
all unordered pairs u,v of vertices of G;, and the minimum is taken over all 
bijections @ : V; > Vo. 
¢ Subgraph metric 
Let F = {F; = (Vj, £,),F2 = (V2, Eo),...,} be the set of isomorphism 
classes of finite graphs. Given a finite graph G = (V,E), denote by s;(G) the 
number of injective homomorphisms from F; into G, i.e., the number of injections 
o: V; > Vwith d(x)¢(y) € E if xy € E; divided by the number ae of such 
injections from F; with |V;| < |V| into Kjy|. Set s(G) = (s;(G))%, € [0, 1]°° 
Let d be the Cantor metric (Chap. 18) d(x, y) = }772, 27|xi — yi| on [0, 1] 
or any metric on [0, 1]°° inducing the product topology. Then Bollobas—Riordan, 
2007, defined the subgraph metric between the graphs G; and G2 as 


d(s(G1), s(G2)) 


and generalized it on kernels (or graphons), i.e., symmetric measurable functions 
k: [0, 1] x [0, 1] + Rso, replacing G by k and the above s;(G) by 


\Vil 


Si(k) = i I] kaon) | [aes 


stEE; 


¢ Benjamini-Schramm metric 

The rooted graphs (G, 0) and (G’, 0’) (where G = (V,E),G’ = (V’, E’) and 
o € V,o' &€ V’) are isomorphic is there is a graph-isomorphism of G onto G’ 
taking o to o’. Let X be the set of isomorphism classes of rooted connected locally 
finite graphs and let (G, 0), (G’, o’) be representatives of two classes. 

Let k be the supremum of all radii r, for which rooted metric balls 
(Bc(o,r),0) and (Bg’(o',r), 0’) (in the usual path metric) are isomorphic as 
rooted graphs. Benjamini and Schramm, 2001, defined the metric 2~* between 
classes represented by (G,o) and (G’,o’). Here 2~© means 0. Benjamini and 
Curien, 2011, defined the similar distance at 

¢ Rectangle distance on weighted graphs 

Let G = G(a, B) be a complete weighted graph on {1,...,} with vertex- 

weights a; > 0, 1 < i < n, and edge-weights Bj € R, 1 < i <j <n. Denote by 
The rectangle distance (or cut distance) between two weighted graphs G = 


G(a, B) and G’ = G(a’, B’) (with vertex-weights (a;) and edge-weights (B',)) is 
defined (Borgs—Chayes—Lovasz—S6s—Vesztergombi, 2007) by 


A(G) the n x n matrix ((aj)), where aj = 





/ 


a. 
1 (aj—4)|+ | alt 
2 : : = sees a 


ctl. er i€ljeJ Sos Oj 





where A(G) = ((ajj)) and A(G’) = ((a;)). 
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In the case (a!) = (a), the rectangle distance is ||A(G) — A(G’)||cu, Le., 
the cut norm metric (cf. Chap. 12) between matrices A(G) and A(G’) and the 
rectangle distance from Frieze—Kannan, 1999. In this case, the /;- and />-metrics 
between two weighted graphs G and G’ are defined as ||A(G) — A(G’)||, and 
||A(G) —A(G’)||2, respectively. The subcase a; = | for all 1 < i < n corresponds 
to unweighted vertices. Cf. the Robinson—Foulds weighted metric. 

Authors generalized the rectangle distance on kernels (or graphons), i.e., 
symmetric measurable functions k : [0,1] x [0,1] — Rso, using the cut norm 
KI cut = SUPs 7C\0,1] lI scp Kx, y)dxdy|. 

A map ¢: [0, 1] — [0, 1] is measure-preserving if, for any measurable subset 
A C [0,1], the measures of A and #~!(A) are equal. For a kernel k, define the 
kernel k? by k?(x, y) = k(#(x), 6(y)). The Lovasz-Szegedy semimetric (2007) 
between kernels k; and k; is defined by 


inf [kj =k) leg 


where ¢ ranges over all measure-preserving bijections [0,1] — [0,1]. Cf. 
Chartrand—Kubicki-Schultz distance. 
¢ Spectral semimetric between graphs 

Given a finite weighted graph G = (V, E, w), its normalised Laplacian matrix 
is Ag = 1—D“!A, where D is the diagonal matrix ((Uj)) with Jj; being the degree 
of vertex i, while A is the adjacency matrix of G; cf. the resistance metric. 

The spectrum of G consists of all eigenvalues 1;,1 < i < |V|, of Ag. The 
spectrum, organised as Ag = (Aj,...,Ajy\), where the A; do not decrease, is 
called the spectral vector. 

The spectral semimetric between two finite weighted graphs G = (V, E, w) 
and G’ = (V’, E’,w’) with |V| = |V’| = nis defined (Gu-Hua-Liu, 2015) as 


1 
d,(G, G’) = lac = Aer |p, 


i.e., the /,-distance between the spectral vectors, for any 1 < p < oo. 

In fact, by assigning a probability measure via the spectrum of the normalised 
Laplacian matrix to each graph, Gu, Hua, and Liu defined their spectral distance 
d, as the L,-Wasserstein distance (cf. Chap. 14) between probability measures 
on the set of all, including infinite and random, weighted graphs. 

¢ Subgraph-supergraph distances 

A common subgraph of graphs G; and G2 is a graph which is isomorphic to 
induced subgraphs of both G; and G2. A common supergraph of graphs G; and 
G» is a graph which contains induced subgraphs isomorphic to G; and Gp. 

The Zelinka distance dz ([Zeli75]) on the set G of all graphs (more exactly, 
on the set of all equivalence classes of isomorphic graphs) is defined by 


dz = max{n(G}),n(G2)} — n(Gy, G2) 
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for any G,;, G2 € G, where n(G;) is the number of vertices in G;, i = 1,2, and 
n(G,, G2) is the maximum number of vertices of their common subgraph. 

The Bunke-Shearer metric (1998) on the set of nonempty graphs is defined 
by 


_ n(G 1, Go) 
max{n(G),n(G2)} 





Given any set M of graphs, the common subgraph distance dj, on M is 
max{n(G,),n(G2)} — n(Gi, G2), 

and the common supergraph distance d;, is defined, for any G;, G2 € M, by 
N(G,, G2) — min{n(G1), n(G2)}, 


where n(G;) is the number of vertices in G;, i = 1,2, while n(G;, G2) and 
N(G1, G2) are the maximal order of a common subgraph G € M and the minimal 
order of acommon supergraph H € M, respectively, of Gj and Go. 

dy is a metric on M if the following condition (i) holds: 


(i) if H € M is a common supergraph of G;,G2 € M, then there exists a 
common subgraph G € M of G, and G2 with n(G) > n(G,) +n(G2)—n(A). 
dj, is a metric on M if the following condition (ii) holds: 
(ii) if G € Mis acommon subgraph of G;, G2 € M, then there exists a common 
supergraph H € M of G; and G) with n(H) < n(G,) + n(G2) — n(G). 


One has dy < dj, if the condition (i) holds, and dy > dj, if (ii) holds. 

The distance dy is a metric on the set G of all graphs, the set of all cycle-free 
graphs, the set of all bipartite graphs, and the set of all trees. The distance dj, 
is a metric on the set G of all graphs, the set of all connected graphs, the set of 
all connected bipartite graphs, and the set of all trees. The Zelinka distance dz 
coincides with dy and d;, on the set G of all graphs. On the set T of all trees the 
distances dy and dj, are identical, but different from the Zelinka distance. 

The Zelinka distance dz is a metric on the set G(n) of all graphs with n 
vertices, and is equal to n — k or to K — n for all G}, Gy € G(n), where k is 
the maximum number of vertices of a common subgraph of G; and Go, and K is 
the minimum number of vertices of a common supergraph of G; and Gp. 

On the set T(7) of all trees with n vertices the distance dz is called the Zelinka 
tree distance (see, for example, [Zeli75]). 

¢ Fernandez-Valiente metric 

Given graphs G and H, let G; = (Vj, £,) and Gy = (V2, EF) be their 
maximum common subgraph and minimum common supergraph; cf. subgraph- 
supergraph distances. The Fernandez-Valiente metric (2001) between G and 
His 


(|V2| + |E2|) — Vi] + |£i)). 
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¢ Graph edit distance 
The graph edit distance (Axenovich—Kézdy—Martin, 2008, and Alon-Stav, 
2008) between graphs G and G’ on the same labeled vertex-set is defined by 


dea(G, G') = |E(G)AE(G’)|. 


It is the minimum number of edge deletions or additions needed to transform G 
into G’, and half of the Hamming distance between their adjacency matrices. 

Given a graph property (i.e., a family H of graphs), let d.g(G,H) be 
min{d.q(G, G’) : V(G’) = V(G),G’ € H}. Given a number p € (0, 1], the 
edit distance function of a property H is (if this limit exists) defined by 


edy(p) = lim max{dea(G,H) : [V(G)| =, |E()| = (3) nd(5) 


If H is hereditary (closed under the taking induced subgraphs) and nontrivial 
(contains arbitrarily large graphs), then (Balogh—Martin, 2008) it holds 














edu (p) = kim, scan) 701((5) 


G(n, p) is the random graph (Chap. 1) on n vertices with edge probability p. 

Bunke, 1997, defined the graph edit distance between vertex- and edge- 
labeled graphs G; and G2 as the minimal total cost of matching G, and Gp, using 
deletions, additions and substitutions of vertices and edges. Cf. also tree, top- 
down, unit cost and restricted edit distance between rooted trees. 

The Bayesian graph edit distance between two relational graphs (i.e., triples 
(V,E,A), where V,E,A are the sets of vertices, edges, vertex-attributes) is 
(Myers—Wilson—Hancock, 2000) their graph edit distance with costs defined by 
probabilities of operations along an editing path seen as a memoryless error 
process. Cf. transduction edit distances (Chap.11) and Bayesian distance 
(Chap. 14). 

The structural Hamming distance between two digraphs G = (X, E£) and 
G’ = (X,E’) is defined (Acid-Campos, 2003) as SHD(G, G’) = |EAE"’|. The 
ring sum (or symmetric difference) of G and G’ is defined (Deo, 1974) as (X U 
X', EAE’). 

¢ Edge distance 
The edge distance on the set of all graphs is defined (Balaz et al., 1986) by 


|Ey| + |E2| — 2|E12| + ||Vil — |V2l| 
for any graphs G; = (V\, £)) and G2 = (V2, E2), where Gj2 = (Viz, Ej2) is a 


common subgraph of G; and Gz with maximal number of edges. This distance 
has many applications in Organic and Medical Chemistry. 
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Contraction distance 
The contraction distance is a distance on the set G(n) of all graphs with n 
vertices defined by 


n—k 


for any G1}, G2 € G(n), where k is the maximum number of vertices of a graph 
which is isomorphic simultaneously to a graph, obtained from each of G; and G, 
by a finite number of edge contractions. To perform the contraction of the edge 
uv € E of a graph G = (V,£) means to replace u and v by one vertex that is 
adjacent to all vertices of V\{u, v} which were adjacent to u or to v. 

Edge move distance 

The edge move distance (Balaz et al., 1986) is a metric on the set G(n, m) of 
all graphs with n vertices and m edges, defined, for any G}, G2 € G(m, n), as the 
minimum number of edge moves necessary for transforming the graph G, into 
the graph G). It is equal to m — k, where k is the maximum size of a common 
subgraph of G, and Gp. 

An edge move is one of the edge transformations, defined as follows: H can be 
obtained from G by an edge move if there exist (not necessarily distinct) vertices 
u,v, Ww, and x in G such that uv € E(G), wx ¢ E(G), and H = G— uv + wx. 
Edge jump distance 

The edge jump distance is an extended metric (which in general can take the 
value oo) on the set G(n, m) of all graphs with n vertices and m edges defined, 
for any Gj, G2 € G(m,n), as the minimum number of edge jumps necessary for 
transforming G, into Go. 

An edge jump is one of the edge transformations, defined as follows: H can 
be obtained from G by an edge jump if there exist four distinct vertices u, v, w, 
and x in G, such that uv € E(G), wx ¢ E(G), and H = G—av 4 wx. 

Edge flipping distance 

Let P = {v,..., Un} be a collection of points on the plane. A triangulation 
T of P is a partition of the convex hull of P into a set of triangles such that each 
triangle has a disjoint interior and the vertices of each triangle are points of P. 

The edge flipping distance is a distance on the set of all triangulations of 
P defined, for any triangulations T and 7, as the minimum number of edge 
flippings necessary for transforming T into T). 

An edge e of T is called flippable if it is the boundary of two triangles t and 
t of T, and C = t Uf is a convex quadrilateral. The flipping e is one of the 
edge transformations, which consists of removing e and replacing it by the other 
diagonal of C. Edge flipping is an special case of edge jump. 

The edge flipping distance can be extended on pseudo-triangulations, i.e., 
partitions of the convex hull of P into a set of disjoint interior pseudo-triangles 
(simply connected subsets of the plane that lie between any three mutually 
tangent convex sets) whose vertices are given points. 
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¢ Edge rotation distance 

The edge rotation distance (Chartand—Saba—Zou, 1985) is a metric on the 
set G(n, m) of graphs with n vertices and m edges, defined, for any G), G2, as 
the minimum number of edge rotations needed for transforming G, into Gp. 
Cf. Pospichal-Kvasni¢ka chemical distance, called also reaction metric, in 
Chap. 24. 

An edge rotation is one of the edge transformations, defined as follows: H can 
be obtained from G by an edge rotation if there exist distinct vertices u, v, and w 
in G, such that uv € E(G), uw ¢ E(G), and H = G—uv + uw. 

¢ Tree edge rotation distance 

The tree edge rotation distance is a metric on the set T(n) of all trees with 
n vertices defined, for all 7}, T, € T(n), as the minimum number of tree edge 
rotations necessary for transforming 7) into T>. A tree edge rotation is an edge 
rotation performed on a tree, and resulting in a tree. 

For T(n) the tree edge rotation and the edge rotation distances may differ. 

¢ Edge shift distance 

The edge shift distance (or edge slide distance) is a metric (Johnson, 1985) 
on the set G,(n, m) of all connected graphs with n vertices and m edges defined, 
for any Gi}, G2 € G,(m, n), as the minimum number of edge shifts necessary for 
transforming G, into G2. 

An edge shift is one of the edge transformations, defined as follows: H can be 
obtained from G by an edge shift if there exist distinct vertices u,v, and w in G 
such that uv, ww € E(G), uw ¢ E(G), and H = G— uv + uw. Edge shift is a 
special kind of edge rotation in the case when the vertices v, w are adjacent in G. 

The edge shift distance can be defined between any graphs G and H with 
components G,;(1 < i < k) and H;(1 < i < 4), respectively, such that G; and H; 
have the same order and the same size. 

¢ F-rotation distance 

The F-rotation distance is a distance on the set Gr(n, m) of all graphs with 
n vertices and m edges, containing a subgraph isomorphic to a given graph F of 
order at least 2 defined, for all G;, G2 € Gr(m,n), as the minimum number of 
F-rotations necessary for transforming G, into Go. 

An F-rotation is one of the edge transformations, defined as follows: let F be 
a subgraph of a graph G, isomorphic to F, let u, v, w be three distinct vertices of 
the graph G such that u ¢ V(F’), v,.w € V(F’), uv € E(G), and uw ¢ E(G); H 
can be obtained from G by the F-rotation of the edge wv into the position uw if 
H=G-—uwuw-+uw. 

¢ Binary relation distance 

Let R be a nonreflexive binary relation between graphs, i.e., R C G x G, and 
there exists G € G such that (G, G) ¢ R. 

The binary relation distance is a metric (which can take the value oo) on the 
set G of all graphs defined, for any graphs G; and Go, as the minimum number 
of R-transformations necessary for transforming G; into Gz. We say that a graph 
H can be obtained from a graph G by an R-transformation if (H,G) € R. 
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An example is the distance between two triangular embeddings of a complete 
graph (i.e., its cellular embeddings in a surface with only 3-gonal faces) defined 
as the minimal number f¢ such that, up to replacing t faces, the embeddings are 
isomorphic. 

¢ Crossing-free transformation metrics 

Given a subset S of R*, a noncrossing spanning tree of S is a tree whose 
vertices are points of S, and edges are pairwise noncrossing straight line 
segments. 

The crossing-free edge move metric (see [AAHO00]) on the set Ty of all 
noncrossing spanning trees of a set S, is defined, for any 7;,7. € Ts, as the 
minimum number of crossing-free edge moves needed to transform T; into 7). 
Such move is an edge transformation which consists of adding some edge e in 
T € Ts and removing some edge f from the induced cycle so that e and f do not 
Cross. 

The crossing-free edge slide metric is a metric on the set Ts of all 
noncrossing spanning trees of a set S defined, for any 7;,7 2 € Ts, as the 
minimum number of crossing-free edge slides necessary for transforming 7] into 
T>. Such slide is one of the edge transformations which consists of taking some 
edge e in T € Ts and moving one of its endpoints along some edge adjacent to 
e in T, without introducing edge crossings and without sweeping across points 
in S (that gives a new edge f instead of e). The edge slide is a special kind of 
crossing-free edge move: the new tree is obtained by closing with f a cycle C of 
length 3 in T, and removing e from C, in such a way that f avoids the interior of 
the triangle C. 

¢ Traveling salesman tours distances 

The Traveling Salesman problem is the problem of finding the shortest tour 
that visits a set of cities. We will consider only Traveling Salesman problem with 
undirected links. For an n-city traveling salesman problem, the space 7, of tours 
is the set of fast cyclic permutations of the cities 1,2,...,7. 

The metric D on 7, is defined in terms of the difference in form: if tours 
T,T €T, differ in m links, then D(T, T’) = m. 

A k-OPT transformation of a tour T is obtained by deleting & links from T, and 
reconnecting. A tour T , obtained from T by a k-OPT transformation, is called 
a k-OPT of T. The distance d on the set Jy is defined in terms of the 2-OPT 
transformations: d(T, T’) is the minimal i, for which there exists a sequence of 
i 2-OPT transformations which transforms T to 7’. In fact, d(T, T’) < D(T,T’) 
for any T,T’ € Ty (see, for example, [MaMo95]). Cf. are routing problems. 

¢ Orientation distance 

The orientation distance (Chartrand—Erwin—Raines—Zhang, 2001) between 
two orientations D and D’ of a finite graph is the minimum number of arcs of D 
whose directions must be reversed to produce an orientation isomorphic to D’. 
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¢ Subgraphs distances 
The standard distance on the set of all subgraphs of a connected graph G = 
(V, E) is defined by 


min{dpan(u, v) 2 u € V(F),v € V(A)} 


for any subgraphs F, H of G. For any subgraphs F,, H of a strongly connected 
digraph D = (V, E), the standard quasi-distance is defined by 


min{dgpah(u, v) i u € V(F),u € V(A)}. 


Using standard operations (rotation, shift, etc.) on the edge-set of a graph, one 
gets corresponding distances between its edge-induced subgraphs of given size 
which are subcases of similar distances on the set of all graphs of a given size 
and order. 

The edge rotation distance on the set S‘(G) of all edge-induced subgraphs 
with k edges in a connected graph G is defined as the minimum number of edge 
rotations required to transform F € S*(G) into H € S‘(G). We say that H can be 
obtained from F by an edge rotation if there exist distinct vertices u, v, and w in 
G such that uv € E(F), uw € E(G)\E(F), and H = F —uv + uw. 

The edge shift distance on the set S‘(G) of all edge-induced subgraphs with 
k edges in a connected graph G is defined as the minimum number of edge shifts 
required to transform F € S*(G) into H € S*(G). We say that H can be obtained 
from F by an edge shift if there exist distinct vertices u, v and w in G such that 
uv, vw € E(F), uw € E(G)\E(F), and H = F—uv + uw. 

The edge move distance on the set S‘(G) of all edge-induced subgraphs 
with k edges of a graph G (not necessary connected) is defined as the minimum 
number of edge moves required to transform F € S*(G) into H € S*(G). We say 
that H can be obtained from F by an edge move if there exist (not necessarily 
distinct) vertices u, v, w, and x in G such that uv € E(F), wx € E(G)\E(F), and 
H = F—uv+ wx. The edge move distance is a metric on S‘(G). If F and H have 
s edges in common, then it is equal to k — s. 

The edge jump distance (which in general can take the value oo) on the 
set S‘(G) of all edge-induced subgraphs with k edges of a graph G (not 
necessary connected) is defined as the minimum number of edge jumps required 
to transform F € S*(G) into H € S*(G). We say that H can be obtained from F 
by an edge jump if there exist four distinct vertices u,v, w, and x in G such that 
uv € E(F), wx € E(G)\E(F), and H = F — uv 4+ wx. 
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Let T be a rooted tree, i.e., a tree with one of its vertices being chosen as the root. 
The depth of a vertex v, depth(v), is the number of edges on the path from v to the 
root. A vertex v is called a parent of a vertex u, v = par(u), if they are adjacent, 
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and depth(u) = depth(v) + 1; in this case u is called a child of v. A leaf is a vertex 
without child. Two vertices are siblings if they have the same parent. 

The in-degree of a vertex is the number of its children. T(v) is the subtree of T, 
rooted at a node v € V(T). If w € V(T(v)), then v is an ancestor of w, and w is a 
descendant of v; nca(u, v) is the nearest common ancestor of the vertices u and v. 

T is called a labeled tree if a symbol from a fixed finite alphabet A is assigned 
to each node. T is called an ordered tree if a left-to-right order among siblings in 
T is given. On the set T,,. of all rooted labeled ordered trees there are three editing 
operations: 


¢ Relabel—change the label of a vertex v; 

¢ Deletion—delete a nonrooted vertex v with parent v, making the children of 
v become the children of v’; the children are inserted in the place of v as a 
subsequence in the left-to-right order of the children of vs 

*  Insertion—the complement of deletion; insert a vertex v as a child of av’ making 
v the parent of a consecutive subsequence of the children of v. 


For unordered trees above operations (and so, distances) are defined similarly, but 
the insert and delete operations work on a subset instead of a subsequence. 

We assume that there is a cost function defined on each editing operation, and the 
cost of a sequence of editing operations is the sum of the costs of these operations. 

The ordered edit distance mapping is a representation of the editing operations. 
Formally, the triple (M, 7), T2) is an ordered edit distance mapping from T, to T2, 
T1,T2 € Tro, if M Cc V(M1) x V(T2) and, for any (v1, w1), (v2,w2) € M, the 
following conditions hold: v; = v2 if and only if wy = w2 (one-to-one condition), 
v1 is an ancestor of v2 if and only if w; is an ancestor of w2 (ancestor condition), v1 
is to the left of v2 if and only if w is to the left of wz (sibling condition). 

We say that a vertex v in 7) and 7 is touched by a line in M if v occurs in 
some pair in M. Let N; and N> be the set of vertices in T; and 72, respectively, not 
touched by any line in M. The cost of M is given by y(M) = Saaen yu > 
W) + Ven, YU >A) + Viven, YA > w), where y(a > b) = y(a,b) is the cost 
of an editing operation a — b which is a relabel if a,b € A, a deletion if b = A, 
and an insertion if a = A. Here A ¢ Aisa special blank symbol, and y is a metric 
on the set AU A (excepting the value y(A, A)). 


¢ Tree edit distance 

The tree edit distance (see [Tai79]) on the set T,,, of all rooted labeled 
ordered trees is defined, for any T,, 7 € T,19, as the minimum cost of a sequence 
of editing operations (relabels, insertions, and deletions) turning T; into 7>. 

In terms of ordered edit distance mappings, it is equal to minyy7,,7,) y(M), 
where the minimum is taken over all such mappings (M, T;, T>). 

The unit cost edit distance between 7; and T> is the minimum number of 
three above editing operations turning 7 into T», i.e., it is the tree edit distance 
with cost 1 of any operation. 
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¢ Selkow distance 

The Selkow distance (or top-down edit distance, degree-| edit distance) 
is a distance on the set T,,, of all rooted labeled ordered trees defined, for 
any T;,T, € Tyo, aS the minimum cost of a sequence of editing operations 
(relabels, insertions, and deletions) turning 7; into T if insertions and deletions 
are restricted to leaves of the trees (see [Selk77]). 

The root of 7; must be mapped to the root of 7>, and if a node v is to be 
deleted (inserted), then any subtree rooted at v is to be deleted (inserted). 

In terms of ordered edit distance mappings, it is equal to minyy,7,,7,) y(), 
where the minimum is taken over all such mappings (M,7,, 72) such that 
(par(v), par(w)) € M if (v, w) € M, where neither v nor w is the root. 

¢ Restricted edit distance 

The restricted edit distance is a distance on the set T,;, of all rooted labeled 
ordered trees defined, for any 7), 7 € T,9, as the minimum cost of a sequence 
of editing operations (relabels, insertions, and deletions) turning T; into 7> with 
the restriction that disjoint subtrees should be mapped to disjoint subtrees. 

In terms of ordered edit distance mappings, it is equal to minyy7,,7,) y(M), 
where the minimum is taken over all such mappings (M, T;, T>) satisfying the 
following condition: for all (vj,w1), (v2, w2), (v3,w3) € M, nca(vj, v2) is a 
proper ancestor of v3 if and only if nca(w1, w2) is a proper ancestor of w3. 

This distance is equivalent to the structure respecting edit distance which 
is defined by minyy.7,,7,) yY(M). Here the minimum is taken over all ordered 
edit distance mappings (M, 7), 72), satisfying the following condition: for all 
(v1, W1), (V2, W2), (v3, W3) € M, such that none of v1, v2, and v3 is an ancestor of 
the others, nca(v1, v2) = nca(v1, v3) if and only if nca(w1, w2) = nca(w1, W3). 

Cf. constrained edit distance in Chap. 11. 

¢ Alignment distance 

The alignment distance (see [JWZ94]) is a distance on the set T,j. of all 
rooted labeled ordered trees defined, for any T,, 7 € T)j, as the minimum cost 
of an alignment of T; and T>. It corresponds to a restricted edit distance, where 
all insertions must be performed before any deletions. 

Thus, one inserts spaces, i.e., vertices labeled with a blank symbol i, into 
T, and T> so that they become isomorphic when labels are ignored; the resulting 
trees are overlaid on top of each other giving the alignment T_4 which is a tree, 
where each vertex is labeled by a pair of labels. The cost of T., is the sum of the 
costs of all pairs of opposite labels in 7.4. 

¢ Splitting-merging distance 

The splitting-merging distance (see [ChLu85]) is a distance on the set T,1, 
of all rooted labeled ordered trees defined, for any T|, 72 € T,i9, as the minimum 
number of vertex splittings and mergings needed to transform 7; into 7). 

¢ Degree-2 distance 

The degree-2 distance is a metric on the set T, of all labeled trees (labeled free 
trees), defined, for any T;, T, € T), as the minimum number of editing operations 
(relabels, insertions, and deletions) turning T; into Tz if any vertex to be inserted 
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(deleted) has no more than two neighbors. This metric is a natural extension of 
the tree edit distance and the Selkow distance. 


A phylogenetic X-tree is an unordered unrooted tree with the labeled leaf set X and 
no vertices of degree two. If every interior vertex has degree three, the tree is called 
binary. Let T(X) denote the set of all phylogenetic X-trees. 


¢ Robinson-Foulds metric 
A cut A|B of X is a partition of X into two subsets A and B (see cut 
semimetric). Removing an edge e from a phylogenetic X-tree induces a cut of 
the leaf set X which is called the cut associated with e. 
The Robinson—Foulds metric (or Bourque metric, bipartition distance) is a 
metric on the set T(X), defined, for any phylogenetic X-trees T;, T, € T(X), by 


SIEAZ)| = 1B) \ (TI + 51E(T)\ BCI 


where »'(T) is the collection of all cuts of X associated with edges of T. 
The Robinson-Foulds weighted metric is a metric on the set T(X) of all 
phylogenetic X-trees defined by 


d> fw AB) — wr(AlB)| 


A|BES(T,)US(T>) 


for all T;,T7, € T(X), where w; = (w(e))cexiz;) iS the collection of positive 
weights, associated with the edges of the X-tree 7;, ¥'(7;) is the collection of all 
cuts of X, associated with edges of T;, and w;(A|B) is the weight of the edge, 
corresponding to the cut A|B of X, i = 1,2. Cf. more general cut norm metric 
in Chap. 12 and rectangle distance on weighted graphs. 


* y-metric 
Given a phylogenetic X-tree T with n leaves and a vertex v in it, let w(v) = 
(141 (v),..., Un(v)), where j1;(v) is the number of different paths from the vertex 


v to the i-th leaf. Let 4(7) denote the multiset on the vertex-set of T with jz(v) 
being the multiplicity of the vertex v. 

The j1-metric (Cardona—Rosell6—Valiente, 2008) is a metric on the set T(X) 
of all phylogenetic X-trees defined, for all T,, T, € T(X), by 


1 
le) Au(Ta)I, 


where A denotes the symmetric difference of multisets. 
Cf. the metrics between multisets in Chap. 1 and the Dodge-Shiode WebX 
quasi-distance in Chap. 22. 
¢ Nearest neighbor interchange metric 
The nearest neighbor interchange metric (or crossover metric) on the 
set T(X) of all phylogenetic X-trees, is defined, for all T,,7 € T(X), as the 
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minimum number of nearest neighbor interchanges required to transform 7, into 
To. 

A nearest neighbor interchange consists of swapping two subtrees in a tree 
that are adjacent to the same internal edge; the remainder of the tree is unchanged. 

¢ Subtree prune and regraft distance 

The subtree prune and regraft distance is a metric on the set T(X) of all 
phylogenetic X-trees defined, for all T,, 72 ¢ T(X), as the minimum number of 
subtree prune and regraft transformations required to transform T, into T>. 

A subtree prune and regraft transformation proceeds in three steps: one 
selects and removes an edge uv of the tree, thereby dividing the tree into two 
subtrees T,, (containing uw) and 7), (containing v); then one selects and subdivides 
an edge of T,, giving a new vertex w; finally, one connects u and w by an edge, 
and removes all vertices of degree two. 

¢ Tree bisection-reconnection metric 

The tree bisection-reconnection metric (or TBR-metric) on the set T(X) of 
all phylogenetic X-trees is defined, for all T,, 7. € T(X), as the minimum number 
of tree bisection and reconnection transformations required to transform T, into 
To. 

A tree bisection and reconnection transformation proceeds in three steps: one 
selects and removes an edge uv of the tree, thereby dividing the tree into two 
subtrees T,, (containing uv) and 7), (containing v); then one selects and subdivides 
an edge of T,, giving a new vertex w, and an edge of T,,, giving a new vertex Z; 
finally one connects w and z by an edge, and removes all vertices of degree two. 

¢ Quartet distance 

The quartet distance (see [EMM85]) is a distance of the set T,(X) of all 
binary phylogenetic X-trees defined, for all T;, 7 € T,(X), as the number of 
mismatched quartets (from the total number (‘}) possible quartets) for T, and T>. 

This distance is based on the fact that, given four leaves {1, 2,3, 4} of a tree, 
they can only be combined in a binary subtree in three ways: (12|34), (13|24), or 
(14|23): the notation (12|34) refers to the binary tree with the leaf set {1,2, 3, 4} 
in which removing the inner edge yields the trees with the leaf sets {1,2} and 
{3, 4}. 

¢ Triples distance 

The triples distance (see [CPQ96]) is a distance of the set T;(X) of all binary 
phylogenetic X-trees defined, for all T,, 7. € T,(X), as the number of triples 
(from the total number (3) possible triples) that differ (for example, by which 
leaf is the outlier) for 7, and 7. 

¢ Perfect matching distance 

The perfect matching distance is a distance on the set T,,(X) of all rooted 
binary phylogenetic X-trees with the set X of n labeled leaves defined, for any 
T,, Tz € Tp-(X), as the minimum number of interchanges necessary to bring the 
perfect matching of 7; to the perfect matching of 7». 

GivenasetA = {1,..., 2k} of 2k points, a perfect matching of A is a partition 
of A into k pairs. A rooted binary phylogenetic tree with n labeled leaves has 
a root and n — 2 internal vertices distinct from the root. It can be identified 
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with a perfect matching on 2n — 2, different from the root, vertices by following 
construction: label the internal vertices with numbers n+1,...,2n—2 by putting 
the smallest available label as the parent of the pair of labeled children of which 
one has the smallest label among pairs of labeled children; now a matching is 
formed by peeling off the children, or sibling pairs, two by two. 

¢ Tree rotation distance 

The tree rotation distance is a distance on the set T,, of all rooted ordered 
binary trees with n interior vertices defined, for all 7;, T2 € T,, as the minimum 
number of rotations, required to transform T; into T>. 

Given interior edges uv, vv’, vu” and uw of a binary tree, the rotation is 
replacing them by edges uv, uv”, vv’ and vw. 

There is a bijection between edge flipping operations in triangulations of 
convex polygons with n + 2 vertices and rotations in binary trees with n interior 
vertices. 

¢ Attributed tree metrics 

An attributed tree is a triple (V,E,a), where T = (V,E£) is the underlying 
tree, and @ is a function which assigns an attribute vector a(v) to every vertex 
v € V. Given two attributed trees (V}, £),@) and (V2, 2, 8), consider the set 
of all subtree isomorphisms between them, i.e., the set of all isomorphisms f : 
A, — Ho, H; C V,, Ho C Vo, between their induced subtrees. 

Given a similarity s on the set of attributes, the similarity between isomorphic 
induced subtrees is defined as W;(f) = )),<n, 5(@(v), B(f(v))). Let ¢ be the 
isomorphism with maximal similarity W,(¢) = W(@). 

The following four semimetrics on the set T,, of all attributed trees are used: 


max{|Vi|,|Val}—- W(@), [Vil + |V2]-2W(p) and 


_ W@) pe W(o) 
max{|V;|, |Vo|}’ [Vil + |Vo| — W(p) 








They become metrics on the set of equivalences classes of attributed trees: two 
such trees (V,, £;,@) and (V2, Eo, B) are called equivalent if they are attribute- 
isomorphic, 1.e., if there exists an isomorphism g : Vj — V2 between the trees 
such that, for any v € V;, we have a(v) = B(g(v)). Then |Vi| = |V2| = W(g). 
¢ Maximal agreement subtree distance 

The maximal agreement subtree distance (MAST) is (Finden—Gordon, 
1985) a distance of the set T of all trees defined, for all T;,7, € T, as the 
minimum number of leaves removed to obtain a (greatest) agreement subtree. 

An agreement subtree (or common pruned tree) of two trees is an identical 
subtree that can be obtained from both trees by pruning leaves with the same 
label. 
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* [,-distances between trees 
Given p > 1, the /,-distance between trees 7, T’ on the same vertex-set is the 
[,-metric between their (shortest path) distance matrices D, D’ seen as vectors. 
For p = 1, it is edge difference distance (Williams—Clifford, 1971). For 
p = 2, it is path difference distance (Steel-Penny, 1993). For p = on, it is 
path interval (or k-interval cospeciation, as in original Hugguns et al., 2012) 
distance. 


Chapter 16 
Distances in Coding Theory 


Coding Theory deals with the design and properties of error-correcting codes for 
the reliable transmission of information across noisy channels in transmission lines 
and storage devices. The aim of Coding Theory is to find codes which transmit and 
decode fast, contain many valid code words, and can correct, or at least detect, many 
errors. These aims are mutually exclusive, however; so, each application has its own 
good code. 

In communications, a code is a rule for converting a piece of information 
(for example, a letter, word, or phrase) into another form or representation, not 
necessarily of the same sort. Encoding is the process by which a source (object) 
performs this conversion of information into data, which is then sent to a receiver 
(observer), such as a data processing system. Decoding is the reverse process of 
converting data which has been sent by a source, into information understandable 
by a receiver. 

An error-correcting code is a code in which every data signal conforms to 
specific rules of construction so that departures from this construction in the 
received signal can generally be automatically detected and corrected. It is used 
in computer data storage, for example in dynamic RAM, and in data transmission. 
Error detection is much simpler than error correction, and one or more “check” 
digits are commonly embedded in credit card numbers in order to detect mistakes. 
The two main classes of error-correcting codes are block codes, and convolutional 
codes. 

A block code (or uniform code) of length n over an alphabet A, usually, over 
a finite field F, = {0,...,g — 1}, is a subset C C A”; every vector x € C is 
called a codeword, and M = |C| is called size of the code. Given a metric d on 
Fi (for example, the Hamming metric, Lee metric, Levenstein metric), the value 
d* = d*(C) = minx yecx¢y A(x, y) is called the minimum distance of the code C. 
The weight w(x) of a codeword x € C is defined as w(x) = d(x, 0). An (n, M, d*)- 
code is a q-ary block code of length n, size M, and minimum distance d*. A binary 
code is a code over F>. 
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When codewords are chosen such that the distance between them is maximized, 
the code is called error-correcting, since slightly garbled vectors can be recovered 
by choosing the nearest codeword. A code C is a t-error-correcting code (and a 2t- 
error-detecting code) if d*(C) > 2t + 1. In this case each neighborhood U,(x) = 
{y € C: d(x, y) < t} of x € C is disjoint with U,(y) for any y € C,y # x. 

A perfect code is a q-ary (n,M,2t + 1)-code for which the M spheres U;,(x) 
of radius ¢ centered on the codewords fill the whole space F/ completely, without 
overlapping. 

A block code C C F* is called linear if C is a vector subspace of Fj. An [n, k]- 
code is a k-dimensional linear code C C EK (with the minimum distance d*); it 
has size q*, ie., it is an (n, g*,d*)-code. The Hamming code is the linear perfect 
one-error correcting Can roa — r,3)-code. 

A kxn matrix G with rows that are basis vectors for a linear [n, k]-code C is called 
a generator matrix of C. In standard form it can be written as (1,|A), where 1, is 
the k x k identity matrix. Each message (or information symbol, source symbol) u = 
(uy,..., Ux) € Ft can be encoded by multiplying it (on the right) by the generator 
matrix: uG € C. 

The matrix H = (—A7|1,—) is called the parity-check matrix of C. The number 
r = n—k corresponds to the number of parity check digits in the code, and is called 
the redundancy of the code C. The information rate (or code rate) of a code C is the 
number R = ee For a q-ary [n, k]-code, R = k log, q; for a binary [n, k]-code, 
R= =. 

A ‘convolutional code is a type of error-correction code in which each k-bit 
information symbol to be encoded is transformed into an n-bit codeword, where 
R= A is the code rate (n > k), and the transformation is a function of the last m 
information symbols, where m is the constraint length of the code. Convolutional 
codes are often used to improve the performance of radio and satellite links. 

A variable length code is a code with codewords of different lengths. 

In contrast to error-correcting codes which are designed only to increase the 
reliability of data communications, cryptographic codes are designed to increase 
their security. In Cryptography, the sender uses a key to encrypt a message before it 
is sent through an insecure channel, and an authorized receiver at the other end then 
uses a key to decrypt the received data to a message. 

Often, data compression algorithms and error-correcting codes are used in 
tandem with cryptographic codes to yield communications that are efficient, robust 
to data transmission errors, and secure to eavesdropping and tampering. Encrypted 
messages which are, moreover, hidden in text, image, etc., are called steganographic 
messages. 

The encryption/assortment theory of humor (Flamson—Barrett, 2008) proposes 
that people signal similarity in locally variable personal features through humor. In 
a successful joke, both the producer and the receiver share common background 
information—the key—and the joke is engineered in such a way (via devices such 
as incongruity) that there is a nonrandom fit between the surface utterance and this 
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information that would only be apparent to a person with access to it. The function 
of encrypted humor is not secrecy per se, but rather, honestly indexing the presence 
of shared keys. 


16.1 Minimum Distance and Relatives 


Minimum distance 
Given acode C C V, where V is an n-dimensional vector space equipped with 
a metric d, the minimum distance d* = d*(C) of the code C is defined by 


min d(x,y). 
xyEC xAy 


The metric d depends on the nature of the errors for the correction of which the 
code is intended. For a prescribed correcting capacity it is necessary to use codes 
with a maximum number of codewords. Such most widely investigated codes are 
the g-ary block codes in the Hamming metric dy(x,y) = |{i: x4 A yi,i = 
1,...,7}]. 

For a linear code C the minimum distance d*(C) = w(C), where w(C) = 
min{w(x) : x € C} is a minimum weight of the code C. As there are rank(H) < 
n—k independent columns in the parity check matrix H of an [n, k]-code C, then 
d*(C) <n—k + 1 (Singleton upper bound). 

Dual distance 

The dual distance d+ of a linear [n, k]-code C C F” is the minimum distance 
of the dual code C+ of C defined by C+ = {v € F”: (v,u) = 0 for any u € C}. 

The code C+ is a linear [n, n — k]-code, and its (n — k) x n generator matrix is 
the parity-check matrix of C. 

Bar product distance 

Given linear codes C; and C) of length n with Cy C C), their bar product 
C|Co is a linear code of length 2n defined by Ci|C2 = {x|x+y:x € Ci,y € Cy}. 

The bar product distance between C; and C> is the minimum distance 
d*(C,|C2) of their bar product C\|C2. 

Design distance 

A linear code is called a cyclic code if all cyclic shifts of a codeword also 
belong to C, 1.e., if for any (ao,...,Gn,—1) € C the vector (a,—1,d0,..-,4n—2) € 
C. It is convenient to identify a codeword (ao,...,@,—1) with the polynomial 
C(x) = ap +ayx+++++ay—1x" |; then every cyclic [n, k]-code can be represented 
as the principal ideal (g(x)) = {r(@x)g(@) : r(x) € R,} of the ring R, = 
F,(x)/(x"—1), generated by the generator polynomial g(x) = go+gixt---+x"* 
of C. 

Given an element a of order n in a finite field Fy, a Bose—Chaudhuri- 
Hocquenghem {n, k]-code of design distance d is a cyclic code of length n, 
generated by a polynomial g(x) in F,(x) of degree n — k, that has roots at a, 
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a?,...,¢—!. The minimum distance d* of such a code of odd design distance d 
is at least d. 

A Reed-Solomon code is a Bose—Chaudhuri—Hocquenghem code with s = 
1. The generator polynomial of a Reed—Solomon code of design distance d is 
g(x) = (x—a)...(x— at!) with degree n — k = d — 1; that is, for a Reed— 
Solomon code the design distance d = n—k+ 1, and the minimum distance d* > 
d. Since, for a linear [n, k]-code, the minimum distance d* < n—k+ 1 (Singleton 
upper bound), a Reed-Solomon code achieves this bound. Compact disc players 
use a double-error correcting (255, 251, 5) Reed-Solomon code over F 56. 
Goppa designed minimum distance 

The Goppa designed minimum distance ([Gopp71]) is a lower bound d* (m) 
for the minimum distance of one-point geometric Goppa codes (or algebraic 
geometry codes) G(m). For G(m), associated to the divisors D and mP, m € N, 
of a smooth projective absolutely irreducible algebraic curve of genus g > 0 over 
a finite field F,, one has d*(m) = m+ 2—2g if2g -2<m<vn. 

In fact, for a Goppa code C(m) the structure of the gap sequence at P may 
allow one to give a better lower bound of the minimum distance (cf. Feng—Rao 
distance). 

Feng—Rao distance 

The Feng-Rao distance 6;(m) is a lower bound for the minimum distance 
of one-point geometric Goppa codes G(m) which is better than the Goppa 
designed minimum distance. The method of Feng and Rao for encoding the 
code C(m) decodes errors up to half the Feng—Rao distance d¢r(m), and gives an 
improvement of the number of errors that one can correct for one-point geometric 
Goppa codes. 

Formally, the Feng—Rao distance is defined as follows. Let S be a subsemi- 
group S of N U {0} such that the genus g = |N U {0}\S| of S is finite, and 
0 € S. The Feng—Rao distance on S is a function d¢r : S > N U {0} such that 
drr(m) = min{v(r) : r > m,r € St, where v(r) = |{(a,b) € S?-:atb=r}. 

The generalized r-th Feng—Rao distance on S is 67,,(m) = min{v[m,..., 
m,| 2m < my, <-+++ < m,,m; € S}, where v[m,...,m,] = |{a Ee S:m—ae 
S for some i = 1,...,r}|. Then dpa(m) = 5;-2(m). See, for example, [FaMu03]. 
Free distance 

The free distance is the minimum nonzero Hamming weight of any codeword 
in a convolutional code or a variable length code. 

Formally, the k-th minimum distance d{ of such code is the smallest 
Hamming distance between any two initial codeword segments which are k frame 
long and disagree in the initial frame. The sequence df, d},d},... (dj < dj < 
d} < ...) is called the distance profile of the code. The free distance of a 
convolutional code or a variable length code is max; d/ = limj+o9 dj = d3,. 
Effective free distance 

A turbo code is a long block code in which there are L input bits, and each of 
these bits is encoded gq times. In the j-th encoding, the L bits are sent through a 
permutation box P;, and then encoded via an [Nj, L] block encoder (code fragment 
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encoder) which can be thought of as an L x N; matrix. The overall turbo code is 
then a linear [N, + --- + Ng, L]-code (see, for example, [BGT93]). 

The weight-i input minimum distance d'(C) of a turbo code C is the minimum 
weight among codewords corresponding to input words of weight i. The effective 
free distance of C is its weight-2 input minimum distance d’(C), i.e., the 
minimum weight among codewords corresponding to input words of weight 2. 

Turbo codes were the first practical codes to closely approach the Shannon 
limit (or channel capacity), the theoretical limit of maximum information transfer 
rate over a symmetric memory-less noisy channel. These codes are used in 3G 
mobile and satellite communications. Another capacity-approaching codes with 
similar performance are linear LDPC (low-density parity-check) codes. 
Distance distribution 

Given a code C over a finite metric space (X,d) with the diameter 
diam(X, d) = D, the distance distribution of C is a (D+ 1)-vector (Ao,..., Ap), 
where A; = alk.c) € C2: d(c,c’) = i}|. That is, one considers A;(c) as 
the number of code words at distance i from the codeword c, and takes A; as the 
average of A;,(c) over all c € C. Ag = 1 and, if d* = d*(C) is the minimum 
distance of C, then Ay = --- = Agx_, = 0. 

The distance distribution of a code with given parameters is important, 
in particular, for bounding the probability of decoding error under different 
decoding procedures from maximum likelihood decoding to error detection. It 
can also be helpful in revealing structural properties of codes and establishing 
nonexistence of some codes. 

Unicity distance 

The unicity distance of a cryptosystem (Shannon, 1949) is the minimal length 
of a cyphertext that is required in order to expect that there exists only one 
meaningful decryption for it. For classic cryptosystems with fixed key space, the 
unicity distance is approximated by the formula H(K)/D, where H(K) is the key 
space entropy (roughly log, N, where N is the number of keys), and D measures 
the redundancy of the plaintext source language in bits per letter. 

A cryptosystem offers perfect secrecy if its unicity distance is infinite. For 
example, the one-time pads offer perfect secrecy; they were used for the “red 
telephone” between the Kremlin and the White House. 

More generally, Pe-security distance of a cryptosystem (Tilburg—Boekee, 
1987) is the minimal expected length of cyphertext that is required in order to 
break the cryptogram with an average error probability of at most Pe. 


16.2 Main Coding Distances 


Arithmetic codes distance 

An arithmetic code (or code with correction of arithmetic errors) is a finite 
subset of the set Z of integers (usually, nonnegative integers). It is intended for 
the control of the functioning of an adder (a module performing addition). When 
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adding numbers represented in the binary number system, a single slip in the 
functioning of the adder leads to a change in the result by some power of 2, thus, 
to a single arithmetic error. Formally, a single arithmetic error on Z is defined 
as a transformation of a number n € Z to anumbern’ =n + 2) i=1,2,.... 
The arithmetic codes distance is a metric on Z defined, for any n;,n2 € Z, 
as the minimum number of arithmetic errors taking n, to no. It is w2(n, — no), 
where w2(n) is the arithmetic 2-weight of n, i.e., the smallest possible number 
of nonzero coefficients in representations 1 = er e;2', where e; = 0, £1, and 
k is some nonnegative integer. For each n there is a unique such representation 
with e, ~ 0, e;e;4; = 0 for alli = 0,...,k — 1, which has the smallest number 
of nonzero coefficients (cf. arithmetic r-norm metric in Chap. 12). 
¢ b-burst metric 


Given the number b > 1 and the set Z?, = {0, 1,...,m—1}", each its element 
xX = (%1,...,X,) can be uniquely represented as 
(O" ujvp 0% uve! wee); 


where u; 4 0, 0 is the string of k > 0 zeroes and v’~! is any string of length 
b-1. 
The b-burst metric between elements x and y of Z” is (Bridewell and Wolf, 
1979) the number of b-tuples uv?! in x — y. It describes the burst errors. 
¢ Sharma—Kaushik metrics 
Let q = 2,m > 2. A partition {Bo, B,...Bg—1} of Zm is called a Sharma— 
Kaushik partition if the following conditions hold: 


1. Bo = {0}; 

2. For any i € Z,,, i € B, if and only if m—i € B,,s = 1,2,...,q—1; 

3. Ifi € B,,j € B,, and s > ¢, then min{i, m — i} > min{j, m — j}; 

4. Ifs>t,s,t=0,1,...,q—1, then |B,| > |B,| except for s = g— 1 in which 
case |By-1| > 5|Bg—2- 


Given a Sharma—Kaushik partition of Z,,, the Sharma-Kaushik weight wsx (x) of 
any element x € Z,, is defined by wsx (x) = tif x € Bj, i € {0,1,...,q—l}. 
The Sharma—Kaushik metric ([ShKa79]) is a metric on Z,, defined by 


Wsx(x —_ y). 


The Sharma—Kaushik metric on Z/, is defined by w(,(x — y) where, for x = 
(x1,..-%n) € Z",, one has wix(x) = 7, Wok (x). 

The Hamming metric and the Lee metric arise from two specific partitions 
of the above type: Py = {Bo, Bi}, where B} = {1,2,...,q— 1}, and P; = 


{Bo, Bi,..., Big/2|}, where B; = {i,m —i},i = L acoarl ale 
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Varshamov metric 
The Varshamov metric between two binary n-vectors x = (x,...,X,) and 
y = (1,.--,¥n) from Z = {0, 1}” is defined by 


n n 
max( ) Tj=1 yi=0> ) Ij=1 y=): 
i=1 i=1 


This metric was introduced by Varshamoy, 1965, to describe asymmetric errors. 
Absolute summation distance 

The absolute summation distance (or Lee distance) is the Lee metric on the 
set Z” = {0,1,...,m—1}" defined by 


m 





Wee(X — Y), 


where Wree(x) = )-7_, min{x;,m — x;} is the Lee weight of x = (x1,...,Xn) € 
Zi, 

If Z), is equipped with the absolute summation distance, then a subset C of 
Zr, is called a Lee distance code. The most important such codes are negacyclic 
codes. 

Mannheim distance 

The Mannheim distance is a 2D generalization of the Lee metric. 

Let Z[i] = {a+ bi: a,b € Z} be the set of Gaussian integers. Let m = a+ bi 
(a > b > 0) be a Gaussian prime, i.e., either 


(i) (a+ bi)(a— bi) = a? +. b* = p, where p = 1 (mod 4) is a prime number, or 
(ii) up to an integer, 7 = p+ 0-i, where p = 3 (mod 4) is a prime number. 


The Mannheim distance is not a metric; it is defined ([Hube94a]), for any x, y € 
Z{i], as |x’| + |y’|, where x + yi = x — y (modz), which is defined as (x — 
y)- [SPF |x in the case (i). Here [.] denotes rounding to the closest Gaussian 
integer, i.e., [c + di] = [c] + [d]i with [c] denoting the rounding to the closest 
integer. 

In general, the elements of the finite field F, = {0,1,...,.»—1} forp = 1 
(mod 4), p = a’ + b’, and of the finite field F,2 for p = 3 (mod4), p = a, 
can be mapped on a subset of Z[i] using the complex modulo function w(k) = 
k- [Va + bi), k = 0,...,p —1. The set of the selected Gaussian integers 


a+ bi with the minimal complex modulus norms V(a + bi)(a— bi) = Va? + Bb? 
is called a constellation. 

The Mannheim distance between two vectors over Z[i] is the sum of the 
Mannheim distances of corresponding components. It was introduced to make 
2D QAM.-like signals more susceptible to algebraic decoding methods. 

For codes over hexagonal signal constellations, a similar metric was 
introduced over Zee) in [Hube94b]. Cf. Z(),)-related norm metrics in 
Chap. 12. 
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Generalized Lee metric 

Let F,» denote the finite field with p’” elements, where p is prime number and 
m > | is an integer. Let e; = (0,...,0,1,0,...,0), 1 < i < k, be the standard 
basis of Z*. Choose elements a; € F,m, 1 < i < k, and the mapping ¢ : Z' > 
Fm, sending any x = 4 xje;, x; € Z*, to d(x) = yy a;x;(mod p), so that 
¢ is surjective. So, for each a € Fm, there exists x € Z* such that a = (a). 
For each a € Fy, its k-dimensional Lee weight is wx (a) = minf)~_, lxi] 2x = 
(xi) € Z,a = b(x)}. 

The generalized Lee metric between vectors (a;) and (b;) of Fin is defined 
(Nishimura—Hiramatsu, 2008) by 


Wet (aj = bj). 
j=l 


It is the Lee metric (or absolute summation distance) if ¢(e,) = 1 while 
o(e;) = 0 for2 <i <k. Itis the Mannheim distance if k = 2, p = 1 (mod 4), 
o(e1) = 1 while d(e2) = a is a solution in F, of the quadratic congruence 


x? =—1 (mod p). 


¢ p-Lee metric 


The p-Lee metric on Z; is given by d)(x, y) = 1 dai, yi)?” if p € [1, 00), 
and d(x,y) = max'_, d(x, yi) if p = oo, where x = (%,...,%),y = 
(1,---,3n) € Z", and d(x;, y;) is the Lee metric min{|x; — y;|,q — |x: — yil} 
on Z. 

Poset metric 

Let (V,, <) be a poset on V, = {1,...,n}. A subset J of V,, is called ideal if 
x € Jandy < x imply that y e J. If J C V,, then (J) denotes the smallest ideal 
of V, which contains J. Consider the vector space F7 over a finite field F,. The 
P-weight of an element x = (x1,...,Xn) € Fy is defined as the cardinality of 
the smallest ideal of V, containing the support of x: wp(x) = |(supp(x))|, where 
supp(x) = {i x; F O}. 

The poset metric (see [BGL95]) is a metric on Fr defined by 


wp(x—y). 


If F7, is equipped with a poset metric, then a subset C of F7 is called a poset code. 
If V,, forms the chain 1 < 2 < --- < n, then the linear code C of dimension k 
consisting of all vectors (0,...,0,@,—K41,.++,4n) € ie is a perfect poset code 
with the minimum (poset) metric d(C) =n—k-+ 1. 

If V,, forms an antichain, then the poset distance coincides with the Hamming 
metric. If V,, consists of finite disjoint union of chains of equal lengths, then the 
poset distance coincides with the NRT metric. 
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Rank metric 
Let F, be a finite field, K = Fyn an extension of degree m of F,, and K” a 
vector space of dimension n over K. For any a = (a),...d,) € K" define its rank, 
rank(a), as the dimension of the vector space over F,, generated by {a1,..., dn}. 
The rank metric (Delsarte, 1978) is a metric on K” defined by 


rank(a — b). 


A constant rank-distance k set is (Gow et al., 2014) a set U of n x n matrices 
over a field F such that rank(A —B) = k for allA, B € U,A ~ Band rank(A) = k 
for all A € U,A # 0. Such set is called a partial spread set if k = n; it 
defines a partial spread in the (2n — 1)-dimensional projective, hermitian polar 
or symplectic polar space, if U consists of arbitrary, hermitian or symmetric 
matrices, respectively. 

Gabidulin-Simonis metrics 

Let F’ be the vector space over a finite field F, and let F = {F;: i € I} bea 
finite family of its subsets such that the minimal linear subspace of Ke containing 
Uje Fj is FP Without loss of generality, F can be an antichain of linear subspaces 
of FY. 

The F-weight wr of a vector x = (X1,...,Xn) € F% is the smallest |J| over 
such subsets J C J that x belongs to the minimal linear subspace of Fr, containing 
UiesF;. A Gabidulin—Simonis metric (or F-distance, see [GaSi98]) on se is 
defined by 


Wr(x—y). 


The Hamming metric corresponds to the case of F;,i € J, forming the standard 
basis. The Vandermonde metric is F'-distance with F;,i € J, being the columns 
of a generalized Vandermonde matrix. Among other examples are: the rank 
metric and the combinatorial metrics (by Gabidulin, 1984), including the b- 
burst metric. 
Subspace metric 

Let F{ be the vector space over a finite field F, and let P,,, be the set of all 
subspaces of F7. For any subspace U € Py, let dim(U) denote its dimension 
and let Ut = {ve Fi: (u,v) = 0 for all u € U} be its orthogonal space. 

LetU+V = {u+u:ueU,v € V},ie., U+ V is the smallest subspace of FY 
containing both V and V. Then dim(U + V) = dim(U) + dim(V) — dim(UNV). 
If UNV = @, then U+ V is a direct sum U @ V. 

The subspace metric between two subspaces U and V from P,,, is defined by 


d(U, V) = dim(U + V) — dim(U N V) = dim(U) + dim(V) — 2dim(U NV). 
This metric was introduced by Koetter and Kschischang, 2007, for network 


coding. It holds d(U,V) = d(U+,V+). Cf. the lattice valuation metric in 
Chap. 10 and distances between subspaces in Chap. 12. 
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NRT metric 

Let Minn» (IF) be the set of all m x n matrices with entries from a finite field 
F, (in general, from any finite alphabet A = {a),..., a }). The NRT norm ||.||ar 
on M;,»(F,) is defined as follows: if m = 1 anda = (&, &,...,&) € Min(Fq), 
then ||O1 aller = O, and |lall~r = max{i : & #4 0} fora F 01,; if 
A= (ay, are Gm)" E Minn(F a), qe M,n(Fq), l< Jim, then ||Aller = 
Y=: llailler- 

The NRT metric (or Niederreiter-Rosenbloom—Tsfasman metric, since intro- 
duced by Niederreiter, 1991, and Rosenbloom—Tsfasman, 1997; or ordered 
Hamming distance, in ([MaSt99]) is a matrix norm metric (in fact, an ultra- 
metric) on M,,,,(F,), defined by 


||A — Bl ler. 


For every matrix code C C Mmp(Fq) with gk elements the minimum NRT 
distance di,(C) < mn —k + 1. Codes meeting this bound are called maximum 
distance separable codes. 

The most used distance between codewords of a matrix code C C Mnn(Fq) is 
the Hamming metric on M,,,,(F,) defined by ||A — B||z, where ||A||y is the 
Hamming weight of a matrix A € M,,,,(F,), i.e., the number of its nonzero 
entries. 

The LRTJ-metric (introduced as Generalized Lee—Rosenbloom—Tsfasman 
pseudo-metric by Jain, 2008) is the norm metric for the following generalization 
of the above norm ||a||r7 in the case a # 01,n: 


lalloery = max min{§;,q~ &} + max{i~1: & #0}. 


It is the Lee metric for m = 1 and the NRT metric for g = 2, 3. 
ACME distance 
The ACME distance on a code C C A” over an alphabet A is defined by 


min{dy(x, y), d(x, y)}, 


where dy is the Hamming metric, and d; is the swap metric (Chap. 11), i-e., 
the minimum number of interchanges of adjacent pairs of symbols, converting x 
into y. 
Indel distance 

Let W be the set of all words over an alphabet A. A deletion of a letter in 


a word 6 = b,...b, of the length n is a transformation of 6 into a word 
Bp = b,...bj-1bi41...b, of the length n — 1. An insertion of a letter in 
a word 6B = b,...b, of the length n is a transformation of 6 into a word 


Bo = by... dibbiz, ... Bp, of the length n + 1. 
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The indel distance is a metric on W, defined as the minimum number of 
deletions and insertions of letters converting a into 6. Cf. indel metric in 
Chap. 11. 

A code C with correction of deletions and insertions is an arbitrary finite 
subset of W. An example of such a code is the set of words B = b,...by, of 
length n over the alphabet A = {0, 1} for which }7"_, ib; = 0 (modn + 1). The 
number of words in this code is equal to TEES >, P(K)2t D/*, where the sum 
is taken over all odd divisors k of n + 1, and ¢ is the Euler function. 

¢ Interval distance 

The interval distance (see, for example, [Bata95]) is a metric on a finite group 

(G, +, 0) defined by 


Wint(x — y), 


where Win(x) is an interval weight on G, i.e., a group norm whose values are 
consecutive nonnegative integers 0, ...,m. This distance is used for group codes 
CCG. 

¢ Fano metric 

The Fano metric is a decoding metric with the goal to find the best sequence 
estimate used for the Fano algorithm of sequential decoding of convolutional 
codes. In a convolutional code each k-bit information symbol to be encoded is 
transformed into an n-bit codeword, where R = A is the code rate (n > k), and 
the transformation is a function of the last m information symbols. 

The linear time-invariant decoder (fixed convolutional decoder) maps an 
information symbol uj € {uw,...,un}, ui = (Un,... Ui), Uj € Fo, into a 
codeword x; € {x1,...,Xw}, Xi = (a,---.Xin), Xy7 € Fo, so one has a code 
{x1,...,Xy} with N codewords which occur with probabilities {p(x),..., 
p(xn)}. A sequence of / codewords forms a path x = xuq7 = {x1,...,x7} which 
is transmitted through a discrete memoryless channel, resulting in the received 
sequence y = yyy. 

The task of a decoder minimizing the sequence error probability is to find a 
sequence maximizing the joint probability of input and output channel sequences 
Py, x) = p(x) - p(x). Usually it is sufficient to find a procedure that maximizes 
p(y|x), and a decoder that always chooses as its estimate one of the sequences 
that maximizes it or, equivalently, the Fano metric, is called a max-likelihood 
decoder. 

Roughly, we consider each code as a tree, where each branch represents one 
codeword. The decoder begins at the first vertex in the tree, and computes the 
branch metric for each possible branch, determining the best branch to be the one 
corresponding to the codeword x; resulting in the largest branch metric, jr(xj). 

This branch is added to the path, and the algorithm continues from the new 
node which represents the sum of the previous node and the number of bits in 
the current best codeword. Through iterating until a terminal node of the tree is 
reached, the algorithm traces the most likely path. 
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In this construction, the bit Fano metric is defined by 


P(vilxi) 
Pi) 


the branch Fano metric is defined by 


log, 





—R, 


PQXji) = 


poe 


r(x) = Y (log, 
i=1 


and the path Fano metric is defined by 


1 
r(x) = >> bey): 


j=l 


where p(y;|.ji) are the channel transition probabilities, p(y;) = )),,, P@n)p(VilXm) 
is the probability distribution of the output given the input symbols averaged over 
all input symbols, and R = k is the code rate. 

For a hard-decision decoder p(y; = O|xj = 1) = pO; = 1x; = 0) = p, 
0<p< i, the Fano metric for a path x77 can be written as 





Meng) = —Cda (yg. xpq) + B+ l-n, 


where a = — log, = > 0,6 = 1—R + log, (1 — p), and dy is the Hamming 
metric. 
The generalized Fano metric is defined, for 0 < w < 1, by 


In i 
Heo) = 0 (108, Boney - wR) 
= Py) 
For w = 1/2, it is the Fano metric with a multiplicative constant 1/2. 
Channel metrization 

A square channel over [n] = {1,...,n} is an n x n probability matrix P = 
(QP) such that Pj is the probability P(j|i) = P(j received if i sent). 

For a code C C [nl], the maximum likelihood decoder (MLD) decodes j as 
c € C maximizing P(j|c). If a metric d is defined on [n], then the minimum 
distance decoder (MDD) decodes j as c € C minimizing d(j, c). 

Channel metrization is (D’ Oliveira—Firer, 2015), for a given channel P over 
[n], to find a metric d on [n] with coinciding decoders MLD and MDD, i.e., for 
every C C [n] andj ¢€ [n], arg min{d(j,c) : c € C} = argmax{P(j|c) : c € C}. 
Main example: metrization of the binary symmetric channel by the Hamming 
metric. 
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¢ Metric recursion of a MAP decoding 
Maximum a posteriori sequence estimation, or MAP decoding for variable 
length codes, used the Viterbi algorithm, and is based on the metric recursion 
i HOR ix” _ +1) 
AQ? = AR", + Do xgn log, ——— + 2 logs py”), 


n=1 POKnIxy? _ =1) 


where A” is the branch metric of branch m at time (level) k, xz» is the 
n-th bit of the codeword having ie bits labeled at each branch, yg» is the 


respective received soft-bit, uj’ is the source symbol of branch m at time k and, 


assuming statistical independence of the source symbols, the probability p(u” ) 
is equivalent to the probability of the source symbol labeled at branch m, that 
may be known or estimated. The metric increment is computed for each branch, 
and the largest value, when using log-likelihood values, of each state is used for 
further recursion. The decoder first computes the metric of all branches, and then 
the branch sequence with largest metric starting from the final state backward is 
selected. 
¢ Distance decoder 

A graph family A is said (Peleg, 2000) to have an /(n) distance labeling 
scheme if there is a function Lg labeling the vertices of each n-vertex graph 
G € A with distinct labels up to /() bits, and there exists an algorithm, called 
a distance decoder, that decides the distance d(u, v) between any two vertices 
u,v € X ina graph G € A, ie.,d(u, v) = f(Le(u), Lg(v)), polynomial in time in 
the length of their labels L(u), L(v). 

Cf. distance constrained labeling in Chap. 15. 

¢ Identifying code 

Let G = (X, E) be a digraph and C C V, and let B(v) denote the set consisting 
of v and all of its incoming neighbors in G. If the sets B(v) N C are nonempty 
and distinct, C is called identifying code of G. Such sets of smallest cardinality 
are called (Karpovsky—Chakrabarty—Levitin, 1998) minimum identifying codes; 
denote this cardinality by M(G). An r-locating-dominating set (Chap. 15) with 
r = 1 differs from an identifying code only in that B(v) N C are not required to 
be unique identifying sets for v € C. 

A minimum identifying code graph of order n is a graph G = (X,E) with 
X =n and M(G) = [log 22(n + 1)] having the minimum number of edges |E]. 





Chapter 17 
Distances and Similarities in Data Analysis 


A data set is a finite set comprising m sequences Gi, ...5 4), 7 € {1,...,m}, of 
length n. The values x},...,.x1" represent an attribute Sj. 

Among numerical data, metric data is any reading at an interval scale, mea- 
suring the degree of difference between items, or at a ratio scale measuring the 
ratio between a magnitude of a continuous quantity and a unit magnitude of 
the same kind; with them one have a meter permitting define distances between 
scale values. Nonmetric (or categorial, qualitative) data are collected from binary 
(presence/absence expressed by 1/0), ordinal (numbers expressing rank only), or 
nominal (items are not ordered) scale. 

Geometric data analysis refer to geometric aspects of image, pattern and shape 
analysis that treats arbitrary data sets as clouds of points in R”. 

Often data are organized in a metric database (especially, metric tree), i.e., a 
database indexed in a metric space. The term metric indexing is also used. 

Cluster Analysis (or Classification, Taxonomy, Pattern Recognition) consists 
mainly of partition of data A into a relatively small number of clusters, i.e., such sets 
of objects that (with respect to a selected measure of distance) are at best possible 
degree, “close” if they belong to the same cluster, “far” if they belong to different 
clusters, and further subdivision into clusters will impair the above two conditions. 

We give three typical examples. In Information Retrieval applications, nodes 
of peer-to-peer database network export data (collection of text documents); each 
document is characterized by a vector from R”. An user needs to retrieve all 
documents in the database which are relevant to a query object (say, a vector 
x € R"), i.e., belong to the ball in R", center x, of fixed radius and with a convenient 
distance function. Such similarity query is called a metric range query. In Record 
Linkage, each document (database record) is represented by a term-frequency vector 
x € R" ora string, and one wants to measure semantic relevancy of syntactically 
different records. In Ecology, let x, y be species abundance distributions, obtained 
by two sample methods (i.e., xj, y; are the numbers of individuals of species j, 
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observed in a corresponding sample); one needs a measure of the distance between 
x and y, in order to compare two methods. 

Once a distance d between objects is selected, it is intra-distance or inter- 
distance if the objects are within the same cluster or in two different clusters, 
respectively. 

The linkage metric, i.e., a distance between clusters A = {a),..., dy} and B = 
{b,,..., by} is usually one of the following: 


average linkage: the average of the distances between the all members of the 
: oj A(ainb; 

clusters, i.e., ae 

single linkage: the distance minj;; d(a;,; ) between the nearest members of the 

clusters, i.e., the set-set distance (Chap. 1); 

complete linkage: the distance max; ; d(a;, bj) between the furthest members of 

the clusters, i.e., the spanning distance (Chap. 1); 

centroid linkage: the distance between the centroids of the clusters, i.e, ||a—b||2, 
2 Gi ~ ‘Dj 

where @ = =“, andb = 2 5 


m? 





Ward linkage: the distance ,/ 7" ||a — b||2. 


Multidimensional Scaling is a technique developed in the behavioral and Social 
Sciences for studying the structure of objects or people. Together with Cluster 
Analysis, it is based on distance methods. But in Multidimensional Scaling, as 
opposed to Cluster Analysis, one starts only with some m x m matrix D of distances 
of the objects and (iteratively) looks for a representation of objects in R” with low 
n, so that their Euclidean distance matrix has minimal square deviation from the 
original matrix D. 

The related Metric Nearness Problem (Dhillon—Sra—Tropp, 2003) is to approxi- 
mate a given finite distance space (X,d) by a metric space (X, a’). Other examples 
of distance methods in Data Analysis are distance-based outlier detection (in Data 
Mining) and distance-based redundancy analysis (in Multivariate Statistics). 

There are many similarities used in Data Analysis; the choice depends on the 
nature of data and is not an exact science. We list below the main such similarities 
and distances. 

Given two objects, represented by nonzero vectors x = (x],...,X,) and y = 
(1,---,Yn) from R", the following notation is used in this chapter. 

>> x; means 77, Xi. 

If is the characteristic function of event F: 1p = 1 if F happens, and lr = 0, 
otherwise. 


I|x]|2 = 4/2 x? is the ordinary Euclidean norm on R”. 


x denotes xi, i.e., the mean value of components of x. So, X = t ifxisa 


frequency vector (discrete probability distribution), i.e., all x; > 0, and }° x; = 1; 


and x = wil if x is a ranking (permutation), i.e., all x; are different numbers from 


{1,...,n}. 
The k-th moment is 
2,3,4. 





LiT*, are q oo 
Gr %) ; it is called variance, skewness, kurtosis if k = 





17.1 Similarities and Distances for Numerical Data 329 


In the binary case x € {0, 1}” (i.e., when x is a binary n-sequence), let X = {1 < 
i<n:x; = l}andX = {1 <i<n: x; = 0}.Let|XN¥Y|, |XU Y|, |X\Y| and 
|X AY| denote the cardinality of the intersection, union, difference and symmetric 
difference (X\Y) U (Y\X) of the sets X and Y, respectively. 


17.1 Similarities and Distances for Numerical Data 


¢ Ruzicka similarity 
The Ruzicka similarity is a similarity on R", defined by 


> min{x;, yi} 
> max{xj, yi} 


The corresponding Soergel distance 


ie Y min{x;,y} Dla —yil 
> max{x;, yi} >> max{x;, yi} 


coincides on R’, with the fuzzy polynucleotide metric (Chap. 23). 
The Wave—Edges distance is defined by 


min{x;, yi}. |x; — yi| 
da ~ neon os max{x;, yi} 


¢ Roberts similarity 
The Roberts similarity is a similarity on R", defined by 











D(x; + y) Baad 
Yi + yi) 





¢ Ellenberg similarity 
The Ellenberg similarity is a similarity on R” defined by 


Gi + Vi Ley.0 
Yai t+y)( + Lyy;=0) : 





¢ Gleason similarity 
The Gleason similarity is a similarity on R”, defined by 


DiGi + yd Lapy:60 
YiGa + yi) 
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The Czekanowsky—Dice distance (or nonmetric coefficient, Bray—Curtis, 1957) 
is anear-metric on {0, 1}” defined by 


2IXNY| _ |XAY| 
IX] +|¥] |X} +1¥] 





¢ Warrens inequalities on similarities 
Denote by S;, 1 < k < 7 above intersection, Kulczynski 2, Bray—Curtis, 
Roberts, Ruzicka, Eilenberg and Gleason similarities, respectively. 
Warrens (2016), showed that 


1> S$, = S8.>$83>S8,>S5>0 and $5 < So < S$; = 83. 


¢ Jaccard similarity 
The Jaccard similarity of community, Jaccard, 1908, is a similarity on R” 
defined by 


xi; 
a + Dy — xo: 


The corresponding Jaccard distance is defined by 
i DM 7 Qo xi — yi)? 
Vet Vy - Vay Yat + Vy? - xn: 


The binary cases of Jaccard, Ellenberg and Ruzicka similarities coincide; it is 
called Tanimoto similarity: 











IXn Y| 
IXUY|° 





The Tanimoto distance (or biotope distance from Chap. 23) is a distance on 
{0, 1}” defined by 


IXNY| _ |XAY| 
IXUY| |XUY|’ 





¢ Czekanowsky similarity 
The Czekanowsky similarity is a similarity on R", defined by 


Y min{x;, yi} 
~@t+y) - 


The corresponding Czekanowsky distance is defined by 


;_ Qeminin ys _— Dla —yil 
Gi + yi) LGi+y)” 
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Dice similarity 
The Dice similarity is a similarity on R”, defined by 
», XiVi 
Ly tly 


The corresponding Dice distance is defined by 
er De 
LetLy Lae+ Ly 


Maryland Bridge similarity 
The Maryland Bridge similarity is (Mirkin and Koonin, 2003) a similarity 
on R” defined by 











Lf Soxy Sox; 
(E ; =) 


The corresponding Maryland Bridge distance is defined by 


ee Lyi, Dm 
Ae Ly 





Simpson similarity 
The Simpson (or overlap) similarity is a similarity on R” defined by 


Yo xi 
mint)? xi, 0 yd 


Intersection distance 
The intersection distance is a distance on R", defined by 


1 > min{x;, yi} 
mint)? xi, Lyd 
It becomes 5 > |x; — yi | if x, y are frequency vectors. 
Kulczynski similarity | 
The Kulczynski similarity | is a similarity on R” defined by 
» min{x; F yi} 
Lbi-yil 


The corresponding Kulezynski distance is 


Yi — yl 
a min{x;, yi} . 


\ | wanted to\see the ame aa 
harvesting Vo) h t= Ke [=m kod a= palighy was not. 


re \. a ; 


, 
> Pl) 1:01/ 6:54 
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Kulczynski similarity 2 
The Kulczynski similarity 2 is a similarity on R” defined by 


jae 
, (; + =) Y- min{x;, yi}. 
In the binary case it coincides with Maryland bridge similarity; its form is 


IXAY|-(X1+1¥) _ IXAY| [xny| 
2|X| -[Y| 2|x| 2|Y| 





Motyka similarity 
The Motyka similarity is a similarity on R”, defined by 


zi min{x;, yi} ar Dat min{x;, yi} 


~— Gi + yi) x+y 





The corresponding Motyka distance is 


— Lemintxiyit do max{xi, Yi} 


>i + yi) i + yi) 





Bray—Curtis similarity 
The Bray—Curtis similarity, 1957, is a similarity on R” defined by 


2 
ne+5) os min{x;, yj}. 


It is called Renkonen percentage similarity if x, y are frequency vectors. 
Sgrensen distance 

The Sgrensen (or Bray—Curtis) distance on R” is defined (Sgrensen, 1948) 
by 


Dlx —yil lx; — yil 
-=a +7) :s min{x;, y= ya +y) (x; + yi) 


The binary cases of Bray—Curtis, Cleason, Czekanowsky and Dice similarities 
coincide; it is called S@rensen similarity: 
2|xXn Y| _ Xn ¥| 
EaOn see ao 4m enya 





Canberra distance 
The Canberra distance (Lance—Williams, 1967) is a distance on R”, defined 
by 


y x; — yj 


[xj] + lil 
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¢ Baroni-Urbani-Buser similarity 
The Baroni—Urbani-Buser similarity is a similarity on R” defined by 





Y min{x;, yz} + vos min{x;, y;} >> (max) <j<n x; — max{xj, y;}) 
>= max{x;, yi} + Vv» min{x;, y;} >) (max) <j<n xj — max{x;, yi}) ; 








In the binary case it takes the form 


IXNY|+ VIXNY|-[XUP| 
UF eal MAY Uy 





17.2. Relatives of Euclidean Distance 


¢ Power (p, r)-distance 
The power (p, 1r)-distance is a distance on R” defined, for x, y € R”, by 


n 

1 

O |x; — yi|P)r. 
i=1 


For p = r > 1, it is the /,-metric, including the Euclidean, Manhattan (or 
magnitude) and Chebyshev (or maximum-value, dominance, template) metrics 
for p = 2, | and oo, respectively. 

The case (p,r) = (2, 1) corresponds to the squared Euclidean distance. 

The power (p,r)-distance with 0 < p = r < 1 is called the fractional 
[,-distance (not a metric since the unit balls are not convex). It is used for 
“dimensionality-cursed” data, i.e., when there are few observations and the 
number n of variables is large. The case 0 < p < r = 1, 1.e., of the p-th power of 
the fractional /,-distance, corresponds to a metric on R”. 


The weighted versions (> w;|x; — yilP)? (with nonnegative weights w,) are 
also used, for p = 1,2, in applications. Given weights w; > 0, the weighted 
Manhattan quasi-metric for x, y € R" is }-7_, d;, where every d; is the quasi- 
metric defined by d; = w;(x; — y;) if x; > y; and d; = W;(y; — x;), otherwise. 

The ordinal distance on R” is defined (Bahari and Van hamme, 2014) by 


Ol} Gyr). 


i=1 1<j<i 


¢ YJHHR metrics 
We call YJHHR metrics the following metrics, introduced by Yang, Jiang, 
Hahn, Housworth, and Radivojac, 2016. 
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For any p => | and two finite sets X, Y, define 
1 
d(X,Y) = (|X\ YP + |¥\ x)? 


d(X, Y) 


and d’(X,Y) = 
IXUY| 


if |XUY|>0, d’(X,Y) =0, otherwise. 





For any p => 1 and two bounded integrable functions f, g on R, define 


D(f.8) = (( | (maxis. par)’ + ( [ cnaxce =f ox’)? 


D(f,g) 
J max(|f|.[f|.1f -— glx 





and D’/(f,g) = 


¢ Multiplicative distance 
In order to offset instability of the norm distances for high-dimensional data 
(i.e., in R” with large n), Mansouri and Khademi, 2014, introduced the following 
multiplicative distance for any x, y € R": 


dux(x,y) =—-1+] [G+ lai—yil)® 


i=1 


where c),..., Cy are given positive numbers. 
Qureshi, 2015, introduced another multiplicative distance for any x,y € N": 


do(x.y) = > |Il@i) — Lodhi. 


i=1 


where I(a) = (a1, ,...) for any number a € N represented as p{'p5” ...; here 
P1,p2,--. is the sequence of prime numbers. 
¢ Penrose size and shape distances 
The Penrose size distance and Penrose shape distance are the distances on 
RR” defined, respectively, by 





vay) |x; — y;| and (Xe —X)— (yi—y)). 


The sum of their squares is the squared Euclidean distance. 

The mean character distance (Czekanowsky, 1909) is defined by = 2, 
¢ Lorentzian distance 

The Lorentzian distance is a distance on R", defined by 


yon + |x; — y;|). 
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¢ Effect size 
Let X, y be the means of samples x, y and let s? be the pooled variance of both 
samples. The effect size (a term used mainly in social sciences) is defined by 


x-y 





S 


Its symmetric version FI is called statistical distance by Johnson—Wichern, 
1982, and standard distance by Flury—Riedwy], 1986. 
Cf. the engineer semimetric in Chap. 14 and the ward linkage. 
¢ Binary Euclidean distance 


The binary Euclidean distance is a distance on R” defined by 


i > “C0 — 1y20)?. 


¢ Mean censored Euclidean distance 
The mean censored Euclidean distance is a distance on R” defined by 


Gi — yi)? 
y 12440 
* Normalized /,-distance 


The normalized /,,-distance, 1 < p < 00, is a distance on R” defined by 








Ilx—yl|p 
Ilxllp + [lyIIp 


The only integer value p for which the normalized [,,-distance is a metric, is p=2. 


Ilx=yllo 


Moreover, the distance aonb tip) 


¢ Clark distance 
The Clark distance (Clark, 1952) is a distance on R”, defined by 


1 2 ( Xj = ) 
n lxi| + lyil 
¢ Meehl distance 


The Meehl distance (or Meehl index) is a distance on R” defined by 


is a metric for any a, b > 0 ([Yian91]). 


Nie 


> =n eer 


1<i<n—-1 
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Hellinger distance 
The Hellinger distance is a distance on IR“ defined by 


PEC). 


Cf. Hellinger metric in Chap. 14. 

The Whittaker index of association is defined by + )>|# — =|. 
Symmetric y?-measure 

The symmetric 7?-measure is a distance on R” defined by 


3 ae Gy yi)” 


x*y Xi Yi 





Symmetric ?-distance 
The symmetric y?-distance (or chi-distance) is a distance on R" defined by 


X+Y XM Ving _ x+y (iy—yix)? 
jr woe-2 7 = {z ae 


nx-y)? x+y; 














It is a weighted Euclidean distance. 
Weighted Euclidean distance 
The general quadratic-form distance on R” is defined by 


V(x—y)TA(x—y), 


where A is a real nonsingular symmetric n x n matrix; cf. Mahalanobis distance. 
The weighted Euclidean distance is the case A = diag(a;), a; # 0, i-e., it is 


/ Se ailxi = 


Some examples are: pseudo-Euclidean distance (Chap.7), standardized 
Euclidean distance and first two metrics (Euclidean R°-distances) in Sect. 18.3. 
Mahalanobis distance 

The Mahalanobis distance (or quadratic distance, or directionally weighted 
distance) is a semimetric on R” defined (Mahalanobis, 1936) by 


Ilx—ylla = V@—-y)AQ—y)?, 


where A is a positive-semidefinite matrix. It is a metric if A is positive-definite. 
Cf. Mahalanobis semimetric in Chap. 14. The square ||x — y||% is called 
generalized ellipsoid (or generalized squared interpoint) distance. 
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Usually, A = C7, where C is a covariance matrix ((Cov(x;,x;))) of some 
data points x, y € R” (say, random vectors with the same distribution), or A = 
(det(C))C™! so that det(A) = 1. 

Clearly, ||x— ||; is the Euclidean distance. If C = ((cj)) is a diagonal matrix, 
then cj = Var(x;) = Var(y;) = 0? and it holds 


Cae 
ea 


i t 


lx—ylle = 





Such diagonal Mahalanobis distance is called the standardized Euclidean 
distance (or normalized Euclidean distance, scaled Euclidean distance). 
The maximum scaled difference (Maxwell—Buddemeier, 2002) is defined by 


(xi — yi)? 
max ———. 
i 0; 


17.3 Similarities and Distances for Binary Data 


Usually, such similarities s range from 0 to 1 or from —1 to 1; the corresponding 


: 1-5 . 
distances are usually | — s or —*, respectively. 


¢ Hamann similarity 
The Hamann similarity, 1961, is a similarity on {0, 1}", defined by 





2IKAY|_ |, _ n—2IXAY' 


n n 


¢ Rand similarity 
The Rand similarity (or Sokal—Michener’s simple matching) is a similarity 
on {0, 1}” defined by 


KAY] _ | _ |xay| 


n n 


Its square root is called the Euclidean similarity. The corresponding metric art 
is called the variance or Manhattan similarity; cf. Penrose size distance. 
¢ Sokal-Sneath similarities 


The Sokal-Sneath similarities 1,2, 3 are the similarity on {0, 1}” defined by 


2|X AY| IXn ¥| |XAY| 
n+ |XAY|’ |XUY|+|XAY|” |xAY| 
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Russel-Rao similarity 
The Russel-Rao similarity is a similarity on {0, 1}", defined by 


IXNY| 
a 


Forbes—Mozley similarity 
The Forbes—Mozley similarity is a similarity on {0, 1}” defined by 
n|\xXnyY| 
IXI|¥] 


Braun-Blanquet similarity 
The Braun-Blanquet similarity is a similarity on {0, 1}" defined by 


IXNY| 
max{|X|,|Y|}- 


Roger-Tanimoto similarity 
The Roger—Tanimoto similarity, 1960, is a similarity on {0, 1}" defined by 
|XAY| 
n+ |XAY|° 


Faith similarity 
The Faith similarity is a similarity on {0, 1}”, defined by 


IX Y|+ |XAY| 
2n ‘ 


Tversky similarity 
The Tversky similarity is a similarity on {0, 1}”, defined by 


IXn Y| 
a|XAY| + b|XN Y| 





It becomes the Tanimoto, Sgrensen and (the binary case of) Kulezynsky 1 
similarities for (a,b) = (1, 1), (G. 1) and (1, 0), respectively. 
Mountford similarity 

The Mountford similarity, 1962, is a similarity on {0, 1}”, defined by 


2IXNY| 





IX||Y¥\X] + [¥|[X\¥ 
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¢« Gower-Legendre similarity 
The Gower-Legendre similarity is a similarity on {0, 1}" defined by 
|XAY| _ |XAY| 
a|\XAY|+|XAY| n+ (a—1)|XAY| 





e Anderberg similarity 
The Anderberg (or Sokal—Sneath 4 similarity) on {0, 1}" is defined by 


een (tate 1,1 
4° XX) AP] 4 \ixl  |y}- 


¢ Yule similarities 
The Yule Q similarity (Yule, 1900) is a similarity on {0, 1}”, defined by 





Bega 4c) Sp aia) 4 apap ae-< 
IX Y|-|KUY| + |X\¥|-|¥\X| 





The Yule Y similarity of colligation (1912) is a similarity on {0, 1}” defined 


by 
VIXOY|-|XUY|— V/IX\¥I-IY\X! 
yIXOY|-|XUY| + VIX\¥I-IY\X! 


¢ Dispersion similarity 
The dispersion similarity is a similarity on {0, 1}", defined by 











IX Y|-|X UY|— |xX\Y|-|¥\X| 
7 : 





n 


¢ Pearson ¢ similarity 
The Pearson ¢ similarity is a similarity on {0, 1}" defined by 


IX Y|-|X UY|— |xX\Y|-|¥\X| 





IX] +X] 1¥1- IY 


¢ Gower similarity 2 
The Gower 2 (or Sokal—Sneath 5) similarity on {0, 1}” is defined by 


IXN Y|-|KUY| 





IX|- [X11] -1¥| 
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Pattern difference 
The pattern difference is a distance on {0, 1}”, defined by 


4IX\¥L-[P\XL 


n2 


Qo-difference 
The Qo-difference is a distance on {0, 1}", defined by 


|X\Y| -|¥\X| 
IXNY|-|KUY| 


Model distance 
Let X, Y be two data sets, and let A ; be the eigenvalues of the symmetrized 


cross-correlation matrix Cy\y y\x X Cy\xx\y- 
The model distance (Todeschini, 2004) is a distance on {0, 1}" defined by 


‘ta aVRSHOe Ve 
ui 


The CMD-distance (or, canonical measure of distance, Todeschini et al., 2009) 


is 
y+ 1-2 ys 
J 


where A; are the nonzero eigenvalues of the cross-correlation matrix Cy y x Cyx. 








17.4 Correlation Similarities and Distances 


The covariance between two real-valued random variables X and Y is Cou(x, y) = 
e[(X — E[X])(Y — E[Y])] = E[XY] — E[X]E[Y]. The variance of X is Var(X) = 

a 7 _ Cov(X,Y) . 
Cov(X, X) and the Pearson correlation of X and Y is Corr(X, Y) = Wrartovar®y 


cf. Chap. 14. 

Let (X, Y), (X’, Y’), (X”, Y”) be independent and identically distributed. The 
distance covariance (Székely, 2005) is the square root of dCov?(X, Y) = E||X — 
X’||Y—Y"|] + E[|X — X'|JE[|¥ — ¥"|] — E[|x —X"||Y—Y"|]—E[|X —X"||¥—Y"|] = 
t[|X—X"|| ¥—Y" |] +E]|X—X’ |JE]| Y—Y’|]|—2E|[|X—X’||Y¥—Y’ |]. Itis et aes 
and Y are independent. The distance correlation dCor(X, Y) is EGRET 

The vectors x, y below can be seen as samples (series of n measurements) of X, Y 
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¢ Covariance similarity 
The covariance similarity is a similarity on R” defined by 


>i — ¥) Oi — ¥) = xy 


—X-y 
n n 





¢ Pearson correlation similarity 
The Pearson correlation similarity, or, by its full name, Pearson product- 
moment correlation coefficient) is a similarity on R” defined by 


__ L@-XDOi-Y) 
V LCG — x)? LO) — 9? 


The Pearson distance (or correlation distance) is defined by 








1 xj—-X yi-y 
l-s= = 
we (Ss so) 


A multivariate generalization of the Pearson correlation similarity is the RV 


coefficient (Escoufier, 1973) RV(X,Y) = FECT where X,Y are 


matrices of centered random (column) vectors with covariance matrix C(X, Y) = 
‘[X7 Y], and Covu(X, Y) is the trace of the matrix C(X, Y)C(Y, X). 
¢ Cosine similarity 
The cosine similarity (or Orchini similarity, angular similarity, normalized 
dot product) is the case X = y = 0 of the Pearson correlation similarity, i.c., it 
is 























(x, y) 


——___ = cos ¢@, 
[Iall2 - Lyle 


where ¢ is the angle between vectors x and y. In the binary case, it becomes 


IXN | 
|X| -|¥| 


and is called the Ochiai—Otsuka similarity. 
In Record Linkage, cosine similarity is called TF-IDF similarity; it (or tf-idf, 
TFIDF) are used as an abbreviation of Frequency-Inverse Document Frequency. 
The angular semimetric on R” is defined by arccos ¢. The cosine distance 
is 1 — cos ¢, and the Orloci distance (or chord distance) is 


V2 — cos) = (2Ge 














y. 
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¢ Similarity ratio 
The similarity ratio (or Kohonen similarity, Kumar—Hassebrook similarity) 
is a similarity on R” defined by 


(x,y) 
(x.y) + |x —yIl 
Its binary case is the Tanimoto similarity. 
¢ Morisita—Horn similarity 


The Morisita—Horn similarity (Morisita, 1959) is a similarity on R” defined 
by 


2(x,y) 
[bello = + Il + § 





¢ Spearman rank correlation 
If the sequences x, y € R” are ranked separately, then the Pearson correlation 
similarity is approximated by the following Spearman p rank correlation: 








;— a)(bj —b 6 
“(a a)( a =l- Ae) SiG = bi)’, 
yr@-are-B MPD 
where n > | and a; = rank(x;),b; = rank(yj),a = (a1,...,d,),0 = 
(b1,...,b,). This approximation is good for such ordinal data when it holds 
= = n+l 
eS y= 7: 


The Spearman footrule is defined by 


3 


= n2—1 do bi vil 


Cf. the Spearman p distance and Spearman footrule distance in Chap. 11. 
Another correlation similarity for rankings is the Kendall t rank correlation: 





2 ee sign(x; — xj)sign(yi — yj) 
n(n — 1) , 





Cf. the Kendall t distance on permutations in Chap. 11. 
¢ Global correlation distance 
Let x € R” and (A,d) be a metric space with n points a),...,d,. For any 
d > 0, the Moran autocorrelation coefficient is defined by 


1D i<ikjen Wij (Q) (Xi — X) Gj — X) 
ees wij(d) Vizien =a 





I(d) = 
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where the weight w;(d) is 1 if d(a;,a;) = d and 0, otherwise. In spatial 
analysis, eventual clustering of (A, d) implies that /(d) decreases with increasing 
d. I(d) is a global indicator of the presumed spatial dependence that evaluate the 
existence/size of clusters in the spatial arrangement (A, d) of a given variable. 
The global correlation distance is the least value d’ for which I(d) = 0. 
¢ Log-likelihood distance 
Given two clusters A and B, their log-likelihood distance is the decrease 
in log-likelihood (cf. the Kullback—-Leibler distance in Chap. 14 and the log- 
likelihood ratio quasi-distance in Chap.21) as they are combined into one 
cluster. Simplifying (taking A, B C Ro), it is defined by 


x x x 
log — log =| — log __. 
Sox og Al poe og Bl 2% og JAUB| 


x€A x€AU 


¢ Spatial analysis 

In Statistics, spatial analysis (or spatial statistics) includes the formal 
techniques for studying entities using their topological, geometric, or geographic 
properties. More restrictively, it refers to Geostatistics and Human Geography. It 
considers spatially distributed data as a priori dependent one on another. 

Spatial dependence is a measure for the degree of associative dependence 
between independently measured values in an ordered set, determined in samples 
selected at different positions in a sample space. Cf. spatial correlation in 
Chap. 24. An example of such space-time dynamics: Gould, 1997, showed that 
x 80% of the diffusion of HIV in the US is highly correlated with the air 
passenger traffic (origin-destination) matrix for 102 major urban centers. 

SADIE (Spatial Analysis by Distance IndicEs) is a methodology (Perry, 1998) 
to measure the degree of nonrandomness in 2D spatial patterns of populations. 
Given n sample units x; € R? with associated counts Nj, the distance to 
regularity is the minimal total Euclidean distance that the individuals in the 
sample would have to move, from unit to unit, so that all units contained an 
identical number of individuals. The distance to crowding is the minimal total 
distance that individuals in the sample must move so that all are congregated in 
one unit. The indices of aggregation are defined by dividing above distances by 
their mean values. Cf. Earth Mover’s distance in Chap. 21. 

¢ Distance sampling 

Distance sampling is a widely-used group of methods for estimating the 
density and abundance of biological populations. It is an extension of plot- (or 
quadrate-based) sampling, where the number of objects at given distance from a 
point or a segment is counted. Also, Distance is the name of a Windows-based 
computer package that allows to design and analyze distance sampling surveys. 

A standardized survey along a series of lines or points is performed, searching 
for objects of interest (say, animals, plants or their clusters). Detection distances 
r (perpendicular ones from given lines and radial ones from given points) are 
measured to each detected object. The detection function g(r) (the probability 
that an object at distance r is detected) is fit then to the observed distances, and 
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this fitted function is used to estimate the proportion of objects missed by the 
survey. It gives estimates for the density and abundance of objects in the survey 
area. 

¢ Cook distance 

The Cook distance is a distance on R” giving a statistical measure of 
deciding if some i-th observation alone affects much regression estimates. It 
is a normalized squared Euclidean distance between estimated parameters 
from regression models constructed from all data and from data without i-th 
observation. 

The main similar distances, used in Regression Analysis for detecting influ- 
ential observations, are DFITS distance, Welsch distance, and Hadi distance. 

* Periodicity p-self-distance 

Ergun—Muthukrishnan-Sahinalp, 2004, call a data stream x = (x,...,Xn) D- 
periodic approximatively, for given | < p < 5 and distance function d between 
p-blocks of x, if the periodicity p-self-distance )0j2;d((xjp+1,---,Xiptp): 
(Xip+1. +++ +Xip+p)) is below some threshold. 

Above notion of self-distance is different from ones given in Chaps. | and 28. 
Also, the term se/f-distance is used for round-off error (or rounding error), i.e., 
the difference between the calculated approximation of a number and its exact 
value. 

¢ Distance metric learning 

Let x),...,X, denote the samples in the training set X C R”; here m is the 
number of features. Distance metric learning is an approach for the problem 
of clustering with side information, when algorithm learns a distance function 
d prior to clustering and then tries to satisfy some positive (or equivalence) 
constraints P and negative constraints D. Here S and D are the sets of similar 
(belonging to the same class) and dissimilar pairs (x;, xj), respectively. 

Usually d is a Mahalanobis metric ||x; — x;||4 = (Qi —x)7AGi — x), 
where A is a positive-semidefinite matrix, i.e., A = W'W for a matrix W with m 
columns and ||x; —.;||4 = ||Wx; — Wx;||?. Then, for example, one look for (Xing 
et al., 2003) A minimizing ))(,, yes ||ti — | |; while DV enapep lls: — Bed 

¢ Heterogeneous distance 

The following IBL (instance-based learning) setting is used for many real- 
world applications (neural networks, etc.), where data are incomplete and have 
both continuous and nominal attributes. Given an m x (n + 1) matrix ((xj)), its 
TOW (Xi0, Xi1,---,Xin) denotes an instance input vector x; = (Xj1,.-. Xin) with 
output class xjo; the set of m instances represents a training set during learning. 
For any new input vector y = (y1,...,¥n), the closest (in terms of a selected 
distance d) instance x; is sought, in order to classify y, i.e., predict its output class 
as Xi. 

A heterogeneous distance d(x;, y) is defined ((WiMa97]) by 








YF Ri,y) 


j=l 
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with dj(xj,yj) = 1 if xj or y; is unknown. If the attribute (input variable) j is 
nominal, then d;(x;, y;) is defined, for example, as Lj Ayj> OF AS 





y Hl <t<m:xo =a,xyj = xi}| _ [ls tsmixg = aay =y}|? 
7 H{l<t<m: xy = xj}| {l<t<m: xy =y)}| 
for g = 1 or 2; the sum is taken over all output classes, i.e., values a from 


{xo : 1 < t < m}. For continuous attributes j, the number d; is taken to be 
|xj — yj| divided by max, xj — min, x,, or by 7 of the standard deviation of values 
Xj l<t<m. 


Chapter 18 
Distances in Systems and Mathematical 
Engineering 


In this chapter we group the main distances used in Systems Theory (such as 
Transition Systems, Dynamical Systems, Cellular Automata, Feedback Systems) 
and other interdisciplinary branches of Mathematics, Engineering and Theoretical 
Computer Science (such as, say, Robot Motion and Multi-objective Optimization). 

A labeled transition system (LTS) is a triple (S, T, F) where S is a set of states, 
T is a set of labels (or actions) and F C S x T x S is a ternary relation. Any 
(x,t, y) € F represents a t-labeled transition from state x to state y. A LTS with 
|7| = 1 corresponds to an unlabeled transition system. 

A path is a sequence ((x1, f|,%2),..., (4%, ti, X41), ---) of transitions; it gives rise 
to a trace (t),...,t;,...). Two paths are trace-equivalent if they have the same 
traces. The term trace, in Computer Science, refers in general to the equivalence 
classes of strings of a trace monoid, wherein certain letters in the string are allowed 
to commute. It is not related to the trace in Linear Algebra. 

A LTS is called deterministic if for any x € S and t € T it holds that |{y € S : 
(x,t,y) € F}| = 1. Such LTS without output is called a semiautomaton (S,T,f) 
where S is a set of states, T is an input alphabet and f : X x T —> Sis a transition 
function. 

A deterministic finite-state machine is a tuple (S, so, T, f, S’) with S, T, f as above 
but 0 < |S|,|T| < 00, while s, € S is an initial state, and S’ C S is the set of final 
States. 

The free monoid on a set T is a monoid (algebraic structure with an associative 
binary operation and an identity element) T* whose elements are all the finite 
sequences x = X9,...,Xm Of elements from 7. The identity element is the empty 
string A, and the operation is string concatenation. The free semigroup on T is 
Tt = T* \ {A}. Let T° denote the set of all infinite sequences x = (x0,x1,...) 
in T, and let T~ denote T* U T°. 

A finite-state machine is nondeterministic if the next possible state is not 
uniquely determined. A weighted automaton is a such machine, say, M equipped 
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with a cost function c > 0, over some semiring (S,@, ®), on transitions. For a 
probabilistic automaton, the semiring is (Rs, +, x) andO <c <1. 

A distance automaton is (Hashiguchi, 1982) a weighted automaton over the 
tropical semiring TROP = (N U {oo}, min, +). A run over a word (string in the 
language of M) (a,,..., a) is asequence (so, ... , 8,) of states. The run’s distance is 
the sum ys C(4j)p;-yp; Of costs of involved transitions. The run is accepting if so is 
initial and sy, is a final state. The distance of a word recognized by M is the minimum 
of the distances over the all accepting runs. The distance of M is the supremum over 
the distances of all recognized words. Distance automata are equivalent to finitely 
generated monoids of matrices over TROP: nondeterministic automata recognize 
the same language as some deterministic ones but with transitions acting on the sets 
of original states. 


18.1 Distances in State Transition and Dynamical Systems 


¢ Distances on formal languages 

A formal language over an alphabet T is a set of words over T. 

The similarity between two words of a language are measured usually by the 
Hamming metric (cf. Sect. 1.5) or (cf. Sect. 11.1) by the Levenstein metric (or 
edit distance) and prefix, suffix and substring distances. 

Given a language L and a distance d on it, the distance between a word u 
and L is the point-set distance (Sect. 1.5) minyez d(u, v). 

The inner distance (or self distance) d of L is (Mihri, 2007) min, yer uév 
d(u, v); cf. separation in the item metric spread in Sect. 1.3. 

The similarity between two languages L and L’ are measured usually by the 
following extensions: Minyez yer ux d(u, Vv) and (called by Choffrut—Pighizzini, 
2002, the relative distance d) max,e, MiNyez d(u, v). In terms of Sect. 1.5, they 
are, respectively, the set-set distance and the directed Hausdorff distance. 

See also in Sect. 28.3 the language distance from English and other notions 
of distance between words of a natural language and between languages. 

¢ Fahrenberg—Legay-Thrane distances 

Given a labeled transition system (LTS) (S, T, F) Fahrenberg—Legay—Thrane, 
2011, call T° the set of traces and define a trace distance as an extended 
hemimetric (or quasi-semimetric) h : T° x T° — Rso U {oo} such that 
h(x, y) = oo for any sequences x, y € T™ of different length. 

For a given distance d on the set T of labels and a discount factor gq (0<q< 
1), they defined the pointwise, accumulating and limit-average trace distance 
as, respectively, PWa4(x, y) = sup; q'd(xi, yi), ACCaq(x.y) = >¢; d(x, yi) and 
AVGq = lim, 00 54:7 Dj=0 40;, yj). 

If d is a discrete metric, i.c., d(t, t’) = 1 whenever t 4 1’, then ACC,,; is the 
Hamming metric for finite traces of the same length, and ACC, with q < 1 
and AVG, are analogs of the Hamming metric for infinite traces. 
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Other examples of trace distances are a Cantor-like distance (1 + inf{i: x; 4 
yi)! and the maximum-lead distance, defined, for TC XY x R, by Henzinger- 
Majumdar—Prabhu, 2005, as sup; | )0j<o x) — D3j=0 9 | if x; = y; for all i and 00, 
otherwise. Here any z € T is denoted by (z’, 2”), where z’ € Y andz’ € R. 

Fahrenberg—Legay—Thrane, 2011, also define the two following extended 
simulation hemimetrics between states x, y € S. 

The accumulating simulation distance hg-(x, y) and the pointwise simulation 


distance hpo(x, y) are the least fixed points, respectively, to the set of equations 


hac(x,y) = max min (d(t,t’) + qha-(x’, y')) and 


t€T3(x,t,x’)EF t/ €T:(y,t’ yy )EF 


max min max{d(t,t’), hyo(X’, y’)t. 
t€T:(x,t.x/ EF  €T:(y,t’ WEF t ( ) pol ys 


Nyo (x, y; y= 
The above hemimetrics generalize the lifting by Alfaro—Faella—Stoelinga, 2004, 
of the quasi-metric max{x” — y’,0} between labels x,y € T = XY x Ronan 
accumulating trace distance and then the lifting of it on the directed Hausdorff 
distance (Chap. 1) between the sets of traces from two given states. 
The case Iac(x, y) = Mpo(x, y) = 0 corresponds to the simulation of x by y, 
written x < y, i.e., to the existence of a weighted simulation relation R C S x S, 
i.e., whenever (x, y) € R and (x, t,x’) € F, then (y, t, y’) € F with (x’, y’) € R. 
The case Iac(x,y) < 00 or hpo(x,y) < oo corresponds to the existence of 
an unweighted simulation relation R C S x S, i.e., whenever (x,y) € R and 
(x, t,x’) € F, then (y, ’, y’) € F with (x’, y’) € Rand d(t, t') < oo. 
The relation < is a pre-order on S. Two states x and y are similar if x < y and 
y < x; they are bisimilar if, moreover, the simulation R of x by y is the inverse 
of the simulation of y by x. Similarity is an equivalence relation on S which is 
coarser than the bisimilarity congruence. 
The above trace and similarity system hemimetrics are quantitative gen- 
eralizations of system relations: trace-equivalence and simulation pre-order, 
respectively. 
¢ Cellular automata distances 
Let S,|S| > 2, be a finite set (alphabet), and let S° be the set of Z- 

indexed bi-infinite sequences {x;}%_., (configurations) of elements of S. A 
(one-dimensional) cellular automaton is a continuous self-map f : S° — S° 
that commutes with all shift (or translation) maps g : S° — S® defined by 
8 (Xi) = Xi+1- 

Such cellular automaton form a discrete dynamical system with the time set 
T = Z (of cells, positions of a finite-state machine) on the finite-state space S. 
The main distances between configurations {x;}; and {y;}; (see [BFK99]) follow. 

The Cantor metric is a metric on S* defined, for x ¥ y, by 


Q~ min{iZ0: iyi +]x—i-y—i] #03 


It corresponds to the case a = 5 of the generalized Cantor metric in Chap. 11. 
The corresponding metric space is compact. 
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The Besicovitch semimetric is a semimetric on S* defined, for x # y, by 


a |-lsislixn# yl 
imj + 
poe 141 





Cf. Besicovitch distance on measurable functions in Chap. 13. The correspond- 
ing semimetric space is complete. 
The Weyl semimetric is a semimetric on S%, defined by 


— kK+1<i<k4+l1:x; i 
lim)-+99 max REIS Sees i 
keZ 


l 





This and the above semimetric are translation invariant, but are neither 
separable nor locally compact. Cf. Weyl distance in Chap. 13. 
Dynamical system 

A (deterministic) dynamical system is a tuple (7, X,f) consisting of a metric 
space (X,d), called the state space, a time set T and an evolution function f : 
T x X — X. Usually, T is a monoid, (X, d) is a manifold locally diffeomorphic 
to a Banach space, and f is a continuous function. 

The system is discrete if T = Z (cascade) or if T = {0,1,2...}. It is real 
(or flow) if T is an open interval in R, and it is a cellular automaton if X is finite 
and T = Z". Dynamical systems are studied in Control Theory in the context of 
stability; Chaos Theory considers the systems with maximal possible instability. 

A discrete dynamical system with T = {0,1,2...} is defined by a self-map 
f : X — X. For any x € X, its orbit is the sequence { f”(x)},; here f"(x) = 
f(f” |(&)) with f°(x) = x. The orbit of x € X is called periodic if f"(x) = x for 
some n > 0. 

A pair (x,y) € X x X is called proximal if lim, _,,,d(f"(«),f"(y)) = 0, and 
distal, otherwise. The system is called distal if any pair (x, y) of distinct points is 
distal. 

The dynamical system is called expansive if there exists a constant D > 0 
such that the inequality d(f"(x),f"(y)) = D holds for any distinct x, y © X and 
some n. 

An attractor is a closed subset A of X such that there exists an open 
neighborhood U of A with the property that lim,—..d(f"(b), A) = 0 for every 
b € U, ie., A attracts all nearby orbits. Here d(x,A) = infye4 d(x, y) is the 
point-set distance. 

If for large n and small r there exists a number @ such that 


GD df @L@) srisiisml 


C(X,n,r) = : 
n 





’ 


then a is called (Grassberger—Hentschel—Procaccia, 1983) the correlation dimen- 
sion. 

The Lyapunov time is the characteristic timescale on which a dynamical 
system is chaotic, i.e., small differences in initial conditions yield widely 
diverging outcomes, rendering long-term prediction impossible in general. 
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Melnikov distance 

The evolution of a planar dynamical system can be represented in a 3D 
state space with orthogonal coordinate axes Ox, Ox’, Ot. A homoclinic orbit 
(nongeneric orbit that joins a saddle point) can be seen in that space as the 
intersection with a plane of section t = const of the stable manifold (the surface 
consisting of all trajectories that approach yp = Ot asymptotically in forward 
time) and the unstable manifold (the surface consisting of all trajectories that 
approach Of in reverse time). 

Under a sufficiently small perturbation € which is bounded and smooth 
enough, Of persists as a smooth curve ye = Yo + O(€), and the perturbed system 
has (not coinciding since € > 0) stable and unstable manifolds contained in an 
O(e) neighborhood of the unperturbed manifolds. 

The Melnikov distance is the distance between stable and unstable manifolds 
measured along a line normal to the unperturbed manifolds, 1.e., a direction that 
is perpendicular to the unperturbed homoclinic orbit. Cf. Sect. 18.2. 

Fractal 

For a metric space, its topological dimension does not exceed its Hausdorff 
dimension; cf. Chap. 1. A fractal is a metric space for which this inequality is 
strict. (Originally, Mandelbrot defined a fractal as a point set with noninteger 
Hausdorff dimension.) For example, the Cantor set, seen as a compact metric 
subspace of (IR, d(x, y) = |x — y|) has the Hausdorff dimension re; cf. another 
Cantor metric in Chap. 11. Another classical fractal, the Sierpinski carpet of 
[0, 1] <[0, 1], is a complete geodesic metric subspace of (IR, d(x, y) = ||x—y||1). 

The term fractal is used also, more generally, for a self-similar (i.e., roughly, 
looking similar at any scale) object (usually, a subset of IR”). Cf. scale invari- 
ance. 

Scale invariance 

Scale invariance is a feature of laws or objects which do not change if length 
scales are multiplied by a common factor. 

Examples of scale invariant phenomena are fractals and power laws; cf. 
scale-free network in Chap. 22 and self-similarity in long range dependence. 
Scale invariance arising from a power law y = Cx“, for a constant C and 
scale exponent k, amounts to linearity logy = logC + klogx for logarithms. 
Much of scale invariant behavior (and complexity in nature) is explained (Bak— 
Tang—Wiesenfeld, 1987) by self-organized cruciality (SOC) of many dynamical 
systems, i.e., the property to have the critical point of a phase transition as an 
attractor which can be attained spontaneously without any fine-tuning of control 
parameters. 

Two moving systems are dynamically similar if the motion of one can be 
made identical to the motion of the other by multiplying all lengths by one scale 
factor, all forces by another one and all time periods by a third scale factor. 
Dynamic similarity can be formulated in terms of dimensionless parameters as, 
for example, the Reynolds number in Chap. 24. 

Long range dependence 

A (second-order stationary) stochastic process X;, k € Z, is called long range 

dependent (or Jong memory) if there exist numbers a,0 < a < 1, andc, > 0 
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such that limy_... ¢pk* p(k) = 1, where p(k) is the autocorrelation function. So, 
correlations decay very slowly (asymptotically hyperbolic) to zero implying that 
rez |e(K)| = 00, and that events so far apart are correlated (long memory). If 
the above sum is finite and the decay is exponential, then the process is short 
range. 

Examples of such processes are the exponential, normal and Poisson processes 
which are memoryless, and, in physical terms, systems in thermodynamic 
equilibrium. The above power law decay for correlations as a function of time 
translates into a power law decay of the Fourier spectrum as a function of 
frequency f and is called ! noise. 

A process has a self-similarity exponent (or Hust parameter) H if X, and 
t-4#X, have the same finite-dimensional distributions for any positive t. The 
cases H = 5 and H = 1 correspond, respectively, to purely random process 
and to exact self-similarity: the same behavior on all scales. Cf. fractal, scale 
invariance and, in Chap. 22, scale-free network. The processes with 5 <H<1 
are long range dependent with a = 2(1 — H). 

Long range dependence corresponds to heavy-tailed (or power law) distribu- 
tions. The distribution function and tail of a nonnegative random variable X are 
F(x) = P(X < x) and F(x) = P(X > x). A distribution F(X) is heavy-tailed if 
there exists a number a, 0 < a < 1, such that lim,_+99 x" F(x) = 1. 

Many such distributions occur in the real world (for example, in Physics, 
Economics, the Internet) in both space (distances) and time (durations). A 
standard example is the Pareto distribution F(x) = x* x > 1, wherek > 0 
is a parameter. Cf. Sect. 18.4 and, in Chap. 29, distance decay. 

Also, the random-copying model (the cultural analog of genetic drift) of the 
frequency distributions of various cultural traits (such as of scientific papers 
citations, first names, dog breeds, pottery decorations) results (Bentley-Hahn— 
Shennan, 2004) in a power law distribution y = Cx‘, where y is the proportion 
of cultural traits that occur with frequency x in the population, and C and k are 
parameters. 

A general Lévy flight is a random walk in which the increments have a power 
law probability distribution. 

¢ Lévy walks in human mobility 

A jump is a longest straight line trip from one location to another done without 
a directional change or pause. Consider a 2D random walk (taking successive 
jumps, each in a random direction) model that involves two distributions: a 
uniform one for the turning angle 6; and a power law P(l;) ~ [7% for the jump 
length l;. 

Brownian motion has a > 3 and normal diffusion, i.e., the MSD (mean 
squared displacement) grows linearly with time t: MSD ~ t’, y = 1. 

A Lévy walk has 1 < a < 3. Its jump length is scale-free, i.e., lacks an 
average scale /;, and it is superdiffusive: MSD ~ t’,y > 1. Intuitively, Lévy 
walks consist of many short jumps and, exceptionally, long jumps eliminating 
the effect of short ones in average jump lengths. 
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Lévy-like walk dispersal was observed in our Web browsing and image 
scanning, as well as in foraging animals. It and two-mode Brownian search 
strategies might be optimal for finding patches of randomly dispersed abundant 
resources: to cluster, in order to save time and effort, closely located activities 
and then make many short jumps within the clustered areas and a few long jumps 
among areas. 

Human mobility occurs on many length scales, ranging from walking to air 
travel. On average, humans spend 1.1 h of their daily time budget traveling. 
Schafer and Victor, 2000, estimated the average travel distance, per person per 
year, as 1814, 4382 and 6787 km for 1960, 1990 and 2020, respectively. 

Brockmann—Hafnagel—Geisel, 2006, studied long range human traffic via the 
geographic circulation of money. To track a bill, a user stamps it and enters 
data (serial number, series and local ZIP code) in a computer. The site www. 
wheresgeorge.com reports the time and distance between the bill’s consecutive 
sightings. 57% of all ~ 465,000 considered bills traveled 50-800km over 9 
months in US. The probability of a bill traversing a distance r (an estimate of 
the probability of humans moving such a distance) followed, over 10-3500km, a 
power law P(r) = r—!°. Banknote dispersal was fractal, and the bill trajectories 
resembled Lévy walks. 

Gonzalez—Hidalgo—Barabasi, 2008, studied the trajectory of 100,000 
anonymized mobile phone users (a random sample of 6 million) over 6 months. 
The probability of finding a user at a location of rank k (by the number of 
times a user was recorded in the vicinity) was P(k) ~ i. 40 % of the time users 
were found at their first two preferred locations (home, work), while spending 
remaining time in 5—5O places. Phithakkitnukoon et al., 2011, found that ~ 80 % 
of places visited by mobile phone users are within of their geo-social radius 
(nearest social ties’ locations) 20 km. 

Jiang—Yin—Zhao, 2009, analyzed people’s moving trajectories, obtained from 
GPS data of 50 taxicabs over 6 months in a large street network. They found 
a Lévy behavior in walks (both origin-destination and between streets) and 
attributed it to the fractal property of the underlying street network, not to the 
goal-directed nature of human movement. Rhee et al., 2009, analyzed ~1000h 
of GPS traces of walks of 44 participants. They also got Lévy walks. 

¢ Total distance between trajectories 

A trajectory in R* is a sequence X = ((x1,f),..., (Xn. tn)) of state-time points 
with x; € R* and increasing “time” t; € N. In R?, a trajectory can be seen as a list 
of consecutive GPS points for a moving object; sometimes, a semantic tag (say, 
“Shop, Restaurant’’) is attached to each point. 

Let c(X) be the center of mass of {x1,...,x,}, [(X) the length of X, and s(X) 
the displacement of X (cf. Sect. 24.1), i.e., the vector from x; to xy. 


The total distance between trajectories X = ((x1,f),..., (%n.f,)) and X’ = 
((x1,0,),--.,@¢,,¢,)) is (Liu-Schneider, 2012) eee where a € [0,1] 


is a parameter, the semantic similarity Sem(X, X’) is the length of their longest 
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common subsequence divided by min(n, n’), while 


OX) - UXO. [IsCON + Is@I]__ (s&X), 8X)) 


d X), c(X’))(1 
E(c(X), (CX) + max(I(X), 1(X’)) 2 I[s(X)|| - [s@)|| 





is their geographic distance Geo(X, X’). 
The Lyapunov time, reflecting the limits of system’s predictability, is the time 
for the distance between nearby system’s trajectories to increase by a factor of e. 


18.2 Distances in Control Theory 


Control Theory deals with influencing the behavior of dynamical systems. It 
considers the feedback loop of a plant P (a function representing the object to 
be controlled, a system) and a controller C (a function to design). The output y, 
measured by a sensor, is fed back to the reference value r. 

Then the controller takes the error e = r — y to make inputs u = Ce. Subject to 
zero initial conditions, the input and output signals to the plant are related by y = 
Pu, where r, u,v and P, C are functions of the frequency variable s. So, y = ieRer 
and y & r (ie., one controls the output by simply setting the reference) if PC is 
large for any value of s. 

If the system is modeled by a system of linear differential equations, then 
its transfer function ike relating the output with the input, is a rational func- 
tion. The plant P is stable if it has no poles in the closed right half-plane 
Ci={z EC: Re(z) > 0}. 

The robust stabilization problem is: given a nominal plant (a model) Po and some 
metric d on plants, find the open ball of maximal radius which is centered in Po, such 
that some controller (rational function) C stabilizes every element of this ball. 

The graph G(P) of the plant P is the set of all bounded input-output pairs (u, y = 
Pu). Both u and y belong to the Hardy space H?(C+) of the right half-plane; the 
graph is a closed subspace of H?(C+) + H7(C+). In fact, G(P) is a closed subspace 
of H?(C’), and G(P) = f(P) - H*(C’) for some function f(P), called the graph 
symbol. 

Cf. a dynamical system and the Melnikov distance in Sect. 18.1. 


¢ Gap metric 
The gap metric between plants P; and Pz (Zames—El-Sakkary, 1980) is 
defined by 


gap(P, P2) = ||TT(Pi) — TT (P2)|I2. 


where JT(P;), i = 1, 2, is the orthogonal projection of the graph G(P;) of P; seen 
as a closed subspace of H?(C7). We have 


gap(P, P2) => max{6,(P;, P2),51(P2, P1)}, 


where 6; (P1, P2) = infgeno || f(P1) —f(P2)Q||H-0, and f(P) is a graph symbol. 
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Here H® is the space of matrix-valued functions that are analytic and bounded 
in the open right half-plane {s ¢ C : Ws > 0}; the H™-norm is the maximum 
singular value of the function over this space. 

If A is an m Xn matrix with m < n, then its n columns span an n-dimensional 
subspace, and the matrix B of the orthogonal projection onto the column space 
of A is A(A’A)~'A’. If the basis is orthonormal, then B = AA’. 

In general, the gap metric between two subspaces of the same dimension 
is the /)-norm of the difference of their orthogonal projections; see also the 
definition of this distance as an angle distance between subspaces. 

In applications, when subspaces correspond to autoregressive models, the 
Frobenius norm is used instead of the -norm. Cf. Frobenius distance in 
Chap. 12. 

¢ Vidyasagar metric 

The Vidyasagar metric (or graph metric) between plants P; and P2 is 

defined by 


max{d2(P1, P2), 52(P2, P1)}, 


where 6o(Pi, P>) = inf\\g\|<1 || f(P1) — f(P2)Q| |1o°. 

The behavioral distance is the gap between extended graphs of P; and P2; a 
term is added to the graph G(P), in order to reflect all possible initial conditions 
(instead of the usual setup with the initial conditions being zero). 

¢ Vinnicombe metric 

The Vinnicombe metric (v-gap metric) between plants P,; and P, is 

defined by 


*\—t € so 
5) (Pi, P2) = || + PoP3) 2(P2— Pi) + PPP) ?|Ioo 


if wno(f*(P2)f(P1)) = 0, and it is equal to 1, otherwise. 

Here f(P) is the graph symbol function of plant P. See [Youn98] for the 
definition of the winding number wno(f) of a rational function f and for a good 
introduction to Feedback Stabilization. 

¢ Lanzon—Papageorgiou quasi-distance 

Given a plant P, a perturbed plant Pandan uncertainty structure expressed via 
a generalized plant H, \et A be the set of all possible perturbations that explain 
the discrepancy between P and P. Then Lanzon—Papageorgiou quasi-distance 
(2009) between P and P is defined as 00 if A = @ and infse, ||5||o0, otherwise. 

This quasi-distance corresponds to the worst-case degradation of the stability 
margin due to a plant perturbation. For standard uncertainity structures H, it is a 
metric, but it is only a quasi-metric for multiplicative uncertainity. 

¢ Distance to uncontrollability 

Linear Control Theory concerns a system of the form x = Ax(t) + Bu(t), 
where, at each time t¢, x(t) € C” is the state vector, u(t) € C” is the control input 
vector, and A € C’”*", B € C’”” are the given matrices. The system (matrix pair 
(A, B)) is called controllable if, for any initial and final states x(0) and x(T), there 
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exists u(t),0 < t < T, that drive the state from x(0) to x(T) within finite time, or, 
equivalently (Kalman, 1963) the matrix A — AJB has full row rank for all A € C. 
The distance to uncontrollability (Paige, 1981, and Eising, 1984) is defined as 


min{||[E, F]|| : (A + £,B + F) is uncontrollable} = ste 0, (A — AJB), 
€ 


where ||.|| is the spectral or Frobenius norm (cf. Sect. 12.3) and o,(A — AJB) 
denotes the n-th largest singular value of the (n x (n + m))-matrix A — AJB. 

A matrix A € C”” is stable if any its eigenvalue 4 has real part Re(A) < 0. 
The distance to instability is (Van Loan, 1985) min{||E||} : A + £ is unstable}, 
where ||.|| is one of two above norms. Cf. nearness matrix problems in 
Chap. 12. 


18.3 Motion Planning Distances 


Automatic motion planning methods are applied in Robotics, Virtual Reality Systems 
and Computer Aided Design. A motion planning metric is a metric used in 
automatic motion planning methods. 

Let a robot be a finite collection of rigid links organized in a kinematic hierarchy. 
If the robot has n degrees of freedom, this leads to an n-dimensional manifold C, 
called the configuration space (or C-space) of the robot. The workspace W of the 
robot is the space (usually, E*) in which the robot moves. Usually, it is modeled as 
the Euclidean space E*. A workspace metric is a motion planning metric in the 
workspace R?. 

The obstacle region CB is the set of all configurations g € C that either cause 
the robot to collide with obstacles B, or cause different links of the robot to collide 
among themselves. The closure cl(Cfee) Of Cfree = C\{CB} is called the space of 
collision-free configurations. A motion planning algorithm must find a collision- 
free path from an initial configuration to a goal configuration. 

A configuration metric is a motion planning metric on the configuration 
space C of a robot. Usually, the configuration space C consists of six-tuples 
(x, y,z,a@, B, y), where the first three coordinates define the position, and the last 
three the orientation. The orientation coordinates are the angles in radians. 

Intuitively, a good measure of the distance between two configurations is a 
measure of the workspace region swept by the robot as it moves between them (the 
swept volume distance). However, the computation of such a metric is prohibitively 
expensive. 

The simplest approach has been to consider the C-space as a Cartesian space and 
to use Euclidean distance or its generalizations. For such configuration metrics, 
one normalizes the orientation coordinates so that they get the same magnitude as 
the position coordinates. Roughly, one multiplies the orientation coordinates by the 
maximum x, y or z range of the workspace bounding box. Examples of such metrics 
are given below. 
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More generally, the configuration space of a 3D rigid body can be identified with 
the Lie group [SO(3): C = R? x RP?. The general form of a matrix in [SO(3) is 


given by 
RX 
O01)’ 


where R € SO(3) & RP?, and X € R?. 

If X, and R, represent the translation and rotation components of the configura- 
tion g = (X,,R,) € ISO(3), then a configuration metric between configurations g 
and r is given by w;-||X, — X;|| + Wroo (Ra, R-), where the translation distance 
||X, — X;|| is obtained using some norm ||.|| on R°, and the rotation distance 
f (Ra, Rr) is a positive scalar function which gives the distance between the rotations 
R,,R,- € SO(3). The rotation distance is scaled relative to the translation distance 
via the weights wy, Wyor- 

There are many other types of metrics used in motion planning methods, in 
particular, the Riemannian metrics, the Hausdorff metric and, in Chap.9, the 
separation distance, the penetration depth distance and the growth distances. 


* Weighted Euclidean R°-distance 
The weighted Euclidean R°-distance is a configuration metric on R° 
defined, for any x, y € R®, by 


3 6 5 
(>: Reals Souls — v0?) | 
i=1 i=4 


where x = (x1,...,%6), X1,%2,%3 are the position coordinates, x4, x5,x6 are the 
orientation coordinates, and w; is the normalization factor. Cf. the general, i.e., in 
IR”, weighted Euclidean distance in Chap. 17. 

The scaled weighted Euclidean R°-distance is defined, for any x, y € R°, by 


1 
3 6 2 
(2 ln—vF-+ 0-9 ents 
i=1 i=4 


This distance changes the relative importance of the position and orientation 
components through the scale parameter s. 
¢ Weighted Minkowskian distance 
The weighted Minkowskian distance is a configuration metric on R° 
defined, for any x, y € R®, by 


3 6 : 
(>: xi — yil? + Sons) 
i=1 i=4 
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It gives the same importance to both position and orientation. 
¢ Modified Minkowskian distance 
The modified Minkowskian distance is a configuration metric on R° 
defined, for any x, y € R®, by 


3 6 75 
(>: lxi — iP! + > Qvila - vi”) 
i=4 


i=1 


It distinguishes between position and orientation coordinates using the parame- 
ters p; = 1 (for the position) and pz > | (for the orientation). 
¢ Weighted Manhattan distance 
The weighted Manhattan distance is a configuration metric on R° defined, 
for any x, y € R°, by 


6 


3 
Yo bi — yl + Do wil — yil- 
i=1 


i=4 


¢ Robot displacement metric 
The robot displacement metric (or DISP distance, Latombe, 1991, and 
LaValle, 2006) is a configuration metric on a configuration space C of a robot 
defined by 


max ||a(q) —a(r)]|| 


for any two configurations g, r € C, where a(q) is the position of the point a in the 
workspace R? when the robot is at configuration q, and ||.|| is one of the norms 
on R?, usually the Euclidean norm. Intuitively, this metric yields the maximum 
amount in workspace that any part of the robot is displaced when moving from 
one configuration to another (cf. bounded box metric). 
¢ Euler angle metric 

The Euler angle metric is a rotation metric on the group SO(3) (for the 
case of using three—Heading-Elevation-Bank—Euler angles to describe the 
orientation of a rigid body) defined by 





WrotV A(A1, 62)? + A(g1, $2)? + A(m, n2)? 


for all Ri, Ro. € SO(3), given by Euler angles (6), 61, 71), (@2, 62, 2), respec- 
tively, where A(0;, 02) = min{|6, — 02|,272 — |0; — |}, 0; € [0, 277], is the 
metric between angles, and w,,; is a scaling factor. 
¢ Unit quaternions metric 
The unit quaternions metric is a rotation metric on the unit quaternion 
representation of SO(3), i.e., a representation of SO(3) as the set of points (unit 
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quaternions) on the unit sphere S° in IR* with identified antipodal points (q ~ 
—4q). 

This representation of SO(3) suggested a number of possible metrics on it, for 
example, the following ones: 


1. min{||q—7||, Ila + 713; 
2. || In(q7'r)|I, 

3. Wor (1 = |A|), 

4. arccos |A|, 


where g = qi+qoit+qaj+qak, aa q; = 1,||.|| isanorm on R*,A = (q,r) = 
ae Gi¥i, and W,,; is a scaling factor. 
¢ Center of mass metric 

The center of mass metric is a workspace metric, defined as the Euclidean 
distance between the centers of mass of the robot in the two configurations. The 
center of mass is approximated by averaging all object vertices. 

¢ Bounded box metric 

The bounded box metric is a workspace metric defined as the maximum 
Euclidean distance between any vertex of the bounding box of the robot in one 
configuration and its corresponding vertex in the other configuration. 

The box metric in Chap. 4 is unrelated. 

¢ Pose distance 

A pose distance provides a measure of dissimilarity between actions of agents 
(including robots and humans) for Learning by Imitation in Robotics. 

In this context, agents are considered as kinematic chains, and are represented 
in the form of a kinematic tree, such that every link in the kinematic chain is 
represented by a unique edge in the corresponding tree. 

The configuration of the chain is represented by the pose of the corresponding 
tree which is obtained by an assignment of the pair (1;, /;) to every edge e;. Here 
n; is the unit normal, representing the orientation of the corresponding link in the 
chain, and /; is the length of the link. 

The pose class consists of all poses of a given kinematic tree. One of the 
possible pose distances is a distance on a given pose class which is the sum of 
measures of dissimilarity for every pair of compatible segments in the two given 
poses. 

Another way is to view a pose D(m) in the context of the a precedent and a 
subsequent frames as a 3D point cloud {Di(i) : m—a <i<m+a,j € Jt, 
where J is the joint set. The set D(m) contains k = |J|(2a + 1) points (joint 
positions) p; = (xj, y;, Z;), 1 < i < k. Let Tg, denote the linear transformation 
which simultaneously rotates all points of a point cloud about the y axis by an 
angle 6 € [0.27] and then shifts the resulting points in the xz plane by a vector 
(x,0,z) € R*. Then the 3D point cloud distance (Kover and Gleicher, 2002) 
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between the poses D(m) = (pi)ieti zy and D(n) = (qi)ief1.4 is defined as 


k 
min{ ) IP: To..<(qi)|I3}- 


i=1 


Cf. Procrustes distance in Chap. 21. 
¢ Joint angle metric 
For a given frame (or pose) jin an animation, let us define p; € R? as the global 
(root) position and q;z € S? as the unit quaternion describing the orientation of 
a joint k from the joint set J. Cf. unit quaternions metric and 3D point cloud 
distance. The joint angle metric between frames x and y is defined as follows: 


px —Pyl? + D> wil log(gngaeadl?. 
kes 


The second term describes the weighted sum of the orientation differences; cf. 
weighted Euclidean R°-distance. Sometimes, the terms expressing differences 
in derivatives, such as joint velocity and acceleration, are added. 

¢ Millibot train metrics 

In Microbotics (the field of miniature mobile robots), nanorobot, microrobot, 
millirobot, minirobot, and small robot are terms for robots with characteristic 
dimensions at most one micrometer, mm, cm, dm, and m, respectively. 

A millibot train is a team of heterogeneous, resource-limited millirobots 
which can collectively share information. They are able to fuse range information 
from a variety of different platforms to build a global occupancy map that 
represents a single collective view of the environment. 

In the construction of a motion planning metric of millibot trains, one casts a 
series of random points about a robot and poses each point as a candidate position 
for movement. The point with the highest overall utility is then selected, and the 
robot is directed to that point. Thus: 


the free space metric, determined by free space contours, only allows 
candidate points that do not drive the robot through obstructions; 

the obstacle avoidance metric penalizes for moves that get too close to 
obstacles; 

the frontier metric rewards for moves that take the robot towards open space; 
the formation metric rewards for moves that maintain formation; 

the localization metric, based on the separation angle between one or 
more localization pairs, rewards for moves that maximize localization (see 
[GKC04]). 


Cf. collision avoidance distance and piano movers distance in Chap. 19. 
A swarm-bot can form more complex (more sensors and actuators) and 
flexible (interconnecting at several angles and with less accuracy) configurations. 
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The wingspan range of flying robots includes 2.8 cm (quadcopter Lisa/S) 
and 40 m (Global Hawk). During 2012, a robot Papa Mau (PacX Wave Glider), 
piloted remotely, swam 16,668 km from San Francisco to Australia. 


18.4 MOEA Distances 


Most optimization problems have several objectives but, for simplicity, only one 
of them is optimized, and the others are handled as constraints. Multi-objective 
optimization considers (besides some inequality constraints) an objective vector 
function f : X C R" — R* from the search (or genotype, decision variables) 
space X to the objective (or phenotype, decision vectors) space f(X) = {f(x):x € 
xXycR. 

A point x* € X is a Pareto-optimal solution if, for every other x € X, the decision 
vector f(x) does not Pareto-dominate f (x*), i.e., f(x) < f(x*). The Pareto-optimal 
front is the set PF* = {f(x) : x € X*}, where X™ is the set of all Pareto-optimal 
solutions. 

Multi-objective evolutionary algorithms (MOEA) produce, at each generation, 
an approximation set (the found Pareto front PF yoy, approximating the desired 
Pareto front PF*) in objective space in which no element Pareto-dominates another 
element. Examples of MOEA metrics, i.e., measures evaluating how close PF non 
is to PF™, follow. 


¢ Generational distance 
The generational distance is defined by 


ie 


m 


where m = |PFinown|, and d; is the Euclidean distance (in the objective space) 
between f/(x) (ie., j-th member of PF yon) and the nearest member of PF*. This 
distance is zero if and only if PFinown = PF*. 

The term generational distance (or rate of turnover) is also used for the 
minimal number of branches between two positions in any system of ranked 
descent represented by a hierarchical tree. Examples are: phylogenetic distance 
on a phylogenetic tree (cf. Chap.23), the number of generations separating 
a photocopy from the original block print, and the number of generations 
separating the audience at a memorial from the commemorated event. 

¢ Spacing 
The spacing is defined by 


rn @-4)?\? 
m—1 : 
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where m = |PFnown|, dj is the L\-metric (in the objective space) between fix) 
(i.e., j-th member of PFijown) and the nearest other member of PF known, While d 
is the mean of all dj. 
¢ Overall nondominated vector ratio 
The overall nondominated vector ratio is defined by 


|PFnownl 
|PF*| 


¢ Crowding distance 
The crowding distance (Deb et al., 2002) is a diversity metric assigned to 
each Pareto-optimal solution. It is the sum, for all objectives, of the absolute 
difference of the objective values of two nearest solutions on each side, if they 
exist. 
The boundary solutions, i.e., those with the smallest or the highest such value, 
are assigned an infinite crowding distance. 





Part V 
Computer-Related Distances 





Chapter 19 
Distances on Real and Digital Planes 


19.1 Metrics on Real Plane 


Any L,-metric (as well as any norm metric for a given norm ||.|| on R*) can be 
used on the plane R’, and the most natural is the L»-metric, i.e., the Euclidean 
metric de(x,y) = y(t — yi)? + (x2 — y2)? which gives the length of the straight 
line segment [x, y], and is the intrinsic metric of the plane. 

However, there are other, often “exotic”, metrics on R?. Many of them are used 
for the construction of generalized Voronoi diagrams on R? (see, for example, 
Moscow metric, network metric, nice metric). Some of them are used in Digital 
Geometry. 





¢ Erdés-type distance problems 
Those distance problems were given by Erdés and his collaborators, usually, 
for the Euclidean metric on R?, but they are of interest for R” and for other 
metrics on R*. Examples of such problems are to find out: 


the least number of different distances (or largest occurrence of a given 
distance) in an m-subset of R?; 

the largest cardinality of a subset of R* determining at most m distances; 

the minimum diameter of an m-subset of R* with only integral distances (or, 
say, without a pair (d,, d2) of distances with 0 < |d; — d5| < 1); 

the Erdés-diameter of a given set S, i.e., the minimum diameter of a rescaled 
set rS, r > 0, in which any two different positive distances differ at least by 
one; 

the largest cardinality of an isosceles set in R’, i.e., a set of points, any three 
of which form an isosceles triangle; 

existence of an m-subset of R? with, for each 1 < i < m, a distance occurring 
exactly i times (examples are known for m < 8); 


© Springer-Verlag Berlin Heidelberg 2016 365 
M.M. Deza, E. Deza, Encyclopedia of Distances, 
DOI 10.1007/978-3-662-52844-0_19 


366 19 Distances on Real and Digital Planes 


existence of a dense subset of R? with rational distances (Ulam problem); 
existence of m,m > 7, noncollinear points of R* with integral distances; 
forbidden (not occurring within each part) distances of a partition of R?. 


The general Erdés distinct distances problem, still open for n > 2, is to prove 
that if A C R”, |A| = m and d(A) denotes the set {"_, (x; — yi)? : x,y € A}, 
then |d(A)| > Cm? for some constant C > 0. This problem was generalized for 
distinct “distances” (cf. Chap. 3) over a finite field. Also, its continuous analog, 
open Falconer distance problem is to prove that if the Hausdorff dimension 
of A C R" is > 5, then 1-dimensional Lebesque measure of d(A) is positive. 
Related result by Quas, 2009: if the upper density of A C R" is positive, then 
there is 79 > 0 such that for any r > ro, there are x, y € A with dg(x, y) = r. 

The three-distance theorem (Sés, 1957): given a € (0,1) andn € N, the 
points {0}, {a}, {2a}, ..., {na} (mod 1) on the circle of perimeter 1, partition it 
into n + 1 intervals having at most three lengths, one being the sum of the other 
two. 

The problem of dispersion (or finding System of Distant Representatives) in 
a family of n subsets of a metric space is (Fiala et al., 2005) that of selecting 
n points, one in each subset, such that the minimum inter-point distance is 
maximized. 

¢ Distance inequalities in a triangle 

The multitude of inequalities, involving Euclidean distances between points 
of R", is represented below by some distance inequalities in a triangle. 

Let AABC be a triangle on R? with side-lengths a = d(B,C),b = 
d(C, A),c = d(A, B) and area A = 4 /(a? + b? + c?)? — 2(at + bt + c4). 

Let P,P’ be two arbitrary interior points in AABC. Denote by Da, Dz, Dc 
the distances d(P, A), d(P, B), d(P, C) and by dj, dz, dc the point-line distances 
(Chap. 4) from P to the sides BC, CA, AB opposite to A, B, C. For the point P’ 
define D’,, D’,, D¢ and d',, dy, do similarly. 





The point P is circumcenter if Dy = Dg = Dc; this distance, R = ane 
is circumcircle’s radius. The point P is incenter if dy = dg = dc; this 
distance, r = A, is incircle’s radius. The centroid (the center of mass) 


is the point G of concurrency of three triangle’s medians m,, mp,m-; it holds 
d(A,G) = <ma, d(B, G) = tmp, d(C, G) = = Me. The symmedian point is the 
point of concurrency of three triangle’s symmedians (reflections of medians at 
corresponding angle bisectors). 

The orthocenter is the point of concurrency of three triangle’s altitudes. 
The centroid is situated on the Euler line through the circumcenter and the 
orthocenter, at ! of their distance. At 5 of their distance lies the center of the 


3 
circle going through the midpoints of three sides and the feet of three altitudes. 


— If P and P’ are the circumcenter and incenter of AABC, then (Euler, 1765) 


d’(P, P’) > R(R — 2r) 
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holds implying R > 2r with equality if and only if triangle is equilateral. In 
fact, the general Euler’s inequality R => nr holds (Klamkin-Tsintsifas, 1979) 
for the radii R, r of circumscribed and inscribed spheres of an n-simplex. 

For any P, P’, the Erdés—Mordell inequality (Mordell—Barrow, 1937) is 


Da +Dgp4+De= 2(da + dg + dc). 


Liu, 2008, generalized above as follows: for all x, y,z = 0 it holds 








DaDix? + yDaDhy* + DeDez > Ufdad'yz+ V/dadiyxz+ \/dedrxy). 
Lemoine, 1873, proved that 
4A? 2 2 2 
Pap pe A+ ae te 
with equality if and only if P is the symmedian point. 
Posamentier and Salkind, 1996, showed 


3 3 
qiatbte) < mMgtmptm, < a+tb+c, while qa tb +c’) = m+m+m. 


Kimberling, 2010, proved that 


3 


didn = 
Sen te Oi 





with equality if and only if P is the centroid. 
He also gave (together with unique point realizing equality) inequality 


(2,A)4 
2 2 2 
Get port pert) 





<d{+d,4+dé 





for any g < Oorgq > 1. For0 < q < 1, the reverse inequality holds. 


The side-lengths d(A, B), d(B, C), d(C, A) of a right triangle are in arithmetic 
progression only if their ratio is 3:4:5. They are in geometric progression only if 


14/5 


their ratio is 1: ./g@:g, where ¢ is the golden section —>—- 


2 


City-block metric 


The city-block metric is the L\-metric on R? defined by 


Ilx—ylhi = ber — yi] + be — yal. 
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It is also called the taxicab metric, Manhattan metric, rectilinear metric, 
right-angle metric, 4-metric and, on Z", grid metric. The von Neumann 
neighborhood of a point is the set of points at a Manhattan distance of | from it. 
¢ Chebyshev metric 
The Chebyshev metric (or chessboard metric, king-move metric, 
8-metric) is the Loo-metric on R? defined by 


Ilx — ylloo = max{|x; — yi], |x2 — yo]}- 


On Z”, this metric is called also the lattice (or uniform, sup) metric. A point’s 
Moore neighborhood is the set of points at a Chebyshev distance of 1. 
* a-metric 
Given a € [0, =], the w-metric for x, y € R? is defined (Tian, 2005) by 


dy (x, y) = max{|x; — y,|, |x2 — y2|} — (seca — tana) min{|x; — y,|, |x2 — yg]. 


It is the city-block metric if a = 0. Fora = 7, ie., seca — tana = i= ft, 
it is the Chinese checkers metric (Chen, 1992). Chinese checkers (as well as 
Hexagonal chess, Masonic chess, Sannin shogi, Hexshogi) is a strategy board 
game with hexagonal cells, while Tiangular chess, Tri-chess, Trishogi have 
triangular cells. Cf. hexagonal metric. Gelisgen and Kaya, 2006, generalized 
a-metric on R”. 

* Relative metrics on R? 

The (p, q)-relative and M-relative distances are defined in Chap.5 on any 
Ptolemaic space. The (p,q)-relative distance on R? (in general, on R") is 
defined (for x or y # 0) in the cases 1 < p < oo and p = o, respectively, 
by 


Ix — yll2 [lx — yllo 
AIX B + [Ivy (max {| |x||2. |lyll2})4 








Let f : [0,0c0) — (0,00) be a convex increasing function such that fo) @ j 


decreasing for x > 0. The M-relative distance on R? (in general, on R"), is 
defined by 


|x — yl|2 
f(lxll2) Fly l2) - 


In particular, the distance below is a metric if and only if p => 1: 


lIx—ylle 
1+ Isl 4/1 + liv 








A similar metric on R?\{0} (in general, on R”\{0}) is defined by eee 1 


xlo-Tyll2 ° 
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MBR metric 
The MBR metric (Sch6nemann, 1982, for bounded response scales in 
Psychology) is a metric d((x),x2), (v1, y2)) on R?, defined by 


[x1 — y1| + [x2 — yal 
1+ [x1 —yi|lx2 — yal 





= tanh(arctanh(|x1 — y1|) + arctanh(|x2 — y2|)). 


Moscow metric 

The Moscow (or Karlsruhe, Amsterdam) metric is a metric on R?, defined as 
the minimum Euclidean length of all admissible connecting curves between x 
andy é€ R?, where a curve is called admissible if it consists only of radial streets 
(segments of straight lines passing through the origin) and circular avenues 
(segments of circles centered at the origin); see, for example, [Klei88]). 

If the polar coordinates for points x,y € R? are (ry, 4), (ry, Oy), respectively, 
then the distance between them is equal to min{r,,r,}A(@, — 6,) + |r — ryI 
if0 < A(@,,6,) < 2, and is equal to r, + r, if 2 < A(@,0,) < a, where 
A(@,, 6) = min{|6,—6,|, 27 —|0,—,|}, 8., 6, € [0, 277), is the metric between 
angles. 

French Metro metric 

Given a norm ||.|| on R?, the French Metro metric is a metric on R? defined 

by 


||x — y|| if x = cy for some 0 4 c ER (ie., x12 = x21), 
and by 


||x|| + |[y|], otherwise. 


For the Euclidean norm |].||2, it is called the Paris metric, radial metric, 
hedgehog metric, or French railroad metric, enhanced SNCF metric. 

In this case it can be defined as the minimum Euclidean length of all 
admissible connecting curves between two given points x and y, where a curve is 
called admissible if it consists only of segments of straight lines passing through 
the origin. 

In graph terms, this metric is similar to the path metric of the tree consisting 
of a point from which radiate several disjoint paths. In the case when only one 
line radiates from the point, this metric is called the train metric. 

The Paris metric is an example of an R-tree T which is simplicial, 1.e., its set 
of points x with 7\{x} not having exactly two components, is discrete and closed. 
Lift metric 

The lift metric (or jungle river metric, raspberry picker metric, barbed wire 
metric) is a metric d((x1, x2), (y1, y2)) on R? defined (see, for example, [Brya85]) 
by 


|x1 —y1| ifx2 = yo, 
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and by 
lx1| + [x2 — ya] + |yi| ifr A yo. 


It is the minimum Euclidean length of all admissible (consisting only of segments 
of straight lines parallel to the x; axis and segments of the x2 axis) connecting 
curves between points (x1, x2) and (y1, y2). 

The lift metric is an nonsimplicial (cf. French Metro metric) R-tree. 
Radar screen metric 

Given a norm ||.|| on R? (in general, on R”), the radar screen metric is a 
special case of the t-truncated metric (Chap. 4) defined by 


min{1, ||x— yl]}. 


British Rail metric 
Given a norm ||.|| on R? (in general, on R"), the British Rail metric is a 
metric defined as 0 for x = y and, otherwise, by 


[lal + IDI 


It is also called the Post Office metric, caterpillar metric and shuttle metric. 
Flower-shop metric 

Let d be a metric on R’, and let f be a fixed point (a flower-shop) in the plane. 

The flower-shop metric (sometimes called SNCF metric) is a metric on R? 
(in general, on any metric space) defined by 


d(x,f) + d(f.y) 


for x 4 y (and is equal to 0, otherwise). So, a person living at point x, who wants 
to visit someone else living at point y, first goes to f, to buy some flowers. In the 
case d(x,y) = ||x — y|| and the point f being the origin, it is the British Rail 
metric. 

If k > 1 flower-shops f{,...,f; are available, one buys the flowers, where the 
detour is a minimum, i.e., the distance between distinct points x, y is equal to 
min <j<etd(x, fi) + d(fi. y)}- 

Rickman’s rug metric 

Given a number a € (0, 1), the Rickman’s rug metric on R? is a 2D case of 

the parabolic distance (Chap. 6) defined by 


A((X1,X2), 1, ¥2)) = |x1 — yi] + [x2 — yal”. 


Burago-Burago-Ivanov metric 
The Burago—Burago-Ivanoy metric ({BBIO1]) is a metric on R* defined by 


| IIxll2 — Iylla] + min{||x|]2, Ilyllb- v2.9), 
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where Z(x,y) is the angle between vectors x and y, and ||.||2 is the Euclidean 
norm on R?. The corresponding internal metric on R? is equal to | ||x||2—|[y||2| 
if Z(x, y) = 0, and is equal to ||x||2 + ||y||2, otherwise. 

¢ 2n-gon metric 

Given a centrally symmetric regular 2n-gon K on the plane, the 2n-gon metric 
is a metric on R? defined, for any x, y € IR’, as the shortest Euclidean length of a 
polygonal line from x to y with each of its sides parallel to some edge of K. 

If K is a square with the vertices {(41,+1)}, one obtains the Manhat- 
tan metric. The Manhattan metric arises also as the Minkowskian met- 
ric with the unit ball being the diamond, i.e., a square with the vertices 
tC, 0), (0, 1), (1, 0), (0, —I)}. 

¢ A-distance 

Given a set A, |A| > 2, of distinct orientations (i.e., angles with fixed x axis) on 
the plane R?, the A-distance (or fixed orientation metric) is (Widmayer-Wu- 
Wong, 1987) Euclidean length of the shortest (zig-zag) path of line segments 
with orientations from A. Any A-distance is a metric. 

A-distance with A = {2 : 1 <i <n} for fixedn € [2, ov], is called a uniform 
orientation metric; cf. 2n-gon metric. It is the /,-metric, hexagonal metric, />- 
metric for n = 2,3, 00, respectively. 

¢ Central Park metric 

The Central Park metric is a metric on R’, defined as the length of a shortest 
L\-path (Manhattan path) between two points x,y € IR? in the presence of a 
given set of areas which are traversed by a shortest Euclidean path (for example, 
Central Park in Manhattan). 

¢ Collision avoidance distance 

Let O = {O1,...,Om} be a collection of pairwise disjoint polygons on the 
Euclidean plane representing a set of obstacles which are neither transparent nor 
traversable. 

The collision avoidance distance (or piano movers distance, shortest path 
metric with obstacles) is a metric on the set R*\{O}, defined, for any x,y € 
R?\{O}, as the length of the shortest path among all possible continuous paths, 
connecting x and y, that do not intersect obstacles O;\dO; (a path can pass 
through points on the boundary 00; of O;), i = 1,...m. 

¢ Rectilinear distance with barriers 

Let O = {O1,...,Om} be a set of pairwise disjoint open polygonal barriers 
on R?. A rectilinear path (or Manhattan path) P,, from x to y is a collection of 
horizontal and vertical segments in the plane, joining x and y. The path P,, is 
called feasible if Py N (UL, Bi) = @. 

The rectilinear distance with barriers (or rectilinear distance in the pres- 
ence of barriers) is a metric on R*\{O}, defined, for any x, y € R*\{O}, as the 
length of the shortest feasible rectilinear path from x to y. 

The rectilinear distance in the presence of barriers is a restriction of the 
Manhattan metric, and usually it is considered on the set {q1,..., gn} C R? of 
n origin-destination points: the problem to find such a path arises, for example, 
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in Urban Transportation, or in Plant and Facility Layout (see, for example, 
[LaLi81]). 
¢ Link distance 

Let P C R’. The polygonal distance (or link distance as defined by Suri, 
1986) between any two points of P is the smallest number of edges of a polygonal 
path in P connecting them if such path exists and oo, otherwise. 

If the path is restricted to be rectilinear, one obtains the rectilinear link 
distance. If each line segment of the path is parallel to one from a set A of 
fixed orientations, one obtains the A-oriented link distance; cf. fixed orientation 
metric above. 

If the turning points of the path are constrained to lie on the boundary of P, 
then the path is called drp (diffuse reflection path). The drp-diameter of P is the 
minimum number of diffuse reflections (segments in a drp) needed to illuminate 
any target point from any point light source inside P. 

¢ Facility layout distances 

A layout is a partition of a rectangular plane region into smaller rectangles, 
called departments, by lines parallel to the sides of original rectangle. All interior 
vertices should be of degree 3, and some of them, at least one on the boundary of 
each department, are doors, i.e., input-output locations. 

The problem is to design a convenient notion of distance d(x, y) between 
departments x and y which minimizes the cost function )°,.., F(x, y)d(x, y), where 
F(x, y) is some material flow between x and y. The main distances used are: 


the centroid distance, i.e., the shortest Euclidean or Manhattan distance 
between centroids (the intersections of the diagonals) of x and y; 
the perimeter distance, i.c., the shortest rectilinear distance between doors of 
x and y, but going only along the wails (department perimeters). 


¢ Quickest path metric 

A quickest path metric (or network metric, time metric) is a metric on R? 
(or on a subset of RR?) in the presence of a given transportation network, i.e., a 
finite graph G = (V,E) with V C R? and edge-weight function w(e) > 1: the 
vertices and edges are stations and roads. For any x, y € R’, it is the time needed 
for a quickest path (i.e., a path minimizing the travel duration) between them 
when using, eventually, the network. 

Movement takes place, either off the network with unit speed, or along its 
roads e € E with fixed speeds w(e) >> 1, with respect to a given (usually, 
Euclidean or Manhattan) metric d on the plane. The network G can be accessed 
or exited only at stations (usual discrete model) or at any point of roads (the 
continuous model). 

The heavy luggage metric (Abellanas—Hurtado—Palop, 2005) is a quickest 
path metric on R? in the presence of a network with speed 1 outside of the 
network and speed o0 (so, travel time 0) inside of it. 

The airlift metric is a quickest path metric on R? in the presence of an 
airports network, i.e., a planar graph G = (V, £) on n vertices (airports) with 
positive edge weights (w-) cer (flight durations). The graph may be entered and 
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exited only at the airports. Movement off the network takes place with unit speed 
with respect to the Euclidean metric. We assume that going by car takes time 
equal to the Euclidean distance d, whereas the flight along an edge e = uv of G 
takes time w(e) < d(u, v). In the simplest case, when there is an airlift between 
two points a, b € R’, the distance between x and y is equal to 


min{d(x, y), d(x,a) + w+ d(b, y), d(x, b) + w+ d(a, y)}, 


where w is the flight duration from a to b. 

The city metric is a quickest path metric on R? in the presence of a city 
public transportation network, 1.e., a planar straight line graph G with horizontal 
or vertical edges. G may be composed of many connected components, and may 
contain cycles. 

One can enter/exit G at any point, be it at a vertex or on an edge (it is possible 
to postulate fixed entry points, too). Once having accessed G, one travels at 
fixed speed v > 1 in one of the available directions. Movement off the network 
takes place with unit speed with respect to the Manhattan metric, as in a large 
modern-style city with streets arranged in north-south and east-west directions. 

A variant of such semimetric is the subway semimetric defined ([O’ Bri03]), 
for x, y € R?, as min(d(x, y), d(x, L) + d(y, L)), where d is the Manhattan metric 
and L is a (subway) line. 

¢ Shantaram metric 

For any numbers a, b with 0 < b < 2a < 2b, the Shantaram metric between 
two points x, y € R? is 0, a or bif x and y coincide in exactly 2, | or 0 coordinates, 
respectively. 

¢ Periodic metric 

A metric d on R? is called periodic if there exist two linearly independent 
vectors v and u such that the translation by any vector w = mv + nu, m,n € Z, 
preserves distances, i.e., d(x, y) = d(x + w, y + w) for any x, y € R?. 

Cf. translation invariant metric in Chap. 5. 

¢ Nice metric 

A metric d on R? with the following properties is called nice (Klein—Wood, 

1989): 


1. d induces the Euclidean topology; 

2. The d-circles are bounded with respect to the Euclidean metric; 

3. If x,y € R* and x  y, then there exists a point z,z # x,z # y, such that 
d(x, y) = d(x,z) + dy); 

4. If x,y € R?, x < y (where < is a fixed order on R?’, the lexicographic order, 
for example), C(x,y) = {z € R* : d(x,z) < d(y,2)}, D(x. y) = {z € R’: 
d(x, z) < d(y, z), and D(x, y) is the closure of D(x, y), then J(x, y) = C(x, y)N 
D(x, y) is acurve homeomorphic to (0, 1). The intersection of two such curves 
consists of finitely many connected components. 





Every norm metric fulfills 1, 2, and 3 Property 2 means that the metric d is 
continuous at infinity with respect to the Euclidean metric. Property 4 is to ensure 
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that the boundaries of the correspondent Voronoi diagrams are curves, and that 
not too many intersections exist in a neighborhood of a point, or at infinity. 

A nice metric d has a nice Voronoi diagram: in the Voronoi diagram 
V(P,d,IR?) (where P = {pj,..., pe}, k = 2, is the set of generator points) 
each Voronoi region V(p;) is a path-connected set with a nonempty interior, and 
the system {V(~1),..., V(px)} forms a partition of the plane. 

¢ Contact quasi-distances 

The contact quasi-distances are the following variations of the distance 
convex function (Chap. |) defined on R? (in general, on R”) for any x,y € R?. 

Given a set B C R’, the first contact quasi-distance dg is defined by 


inffa > 0: y—x € aB} 


(cf. sensor network distances in Chap. 29). 
Given, moreover, a point b € B anda set A C R?, the linear contact quasi- 
distance is a point-set distance defined by d,(x,A) = inf{a > 0: ab+ x € A}. 
The intercept quasi-distance is, for a finite set B, defined by Rasp cole) 
¢ Radar discrimination distance 


The radar discrimination distance is a distance on R* defined by 


| Px ~~ Py + Oy 


if x,y € R?\{0}, and by 


|Px — py| 


if x = 0 or y = 0, where, for each x € R?, px denotes the radial distance of x 
from {0} and, for any x, y € R*\{0}, @,) denotes the radian angle between them. 
¢ Ehrenfeucht—Haussler semimetric 
Let S be a subset of R? such that x; > x2 — 1 > 0 for any x = (x1,x2) € S. 
The Ehrenfeucht—Haussler semimetric (see [EhHa88]) on S is defined by 


(( ) (2 )) , 
y2 X2 


The toroidal metric is a metric on T = [0, 1) x [0, 1) = {x = (41,x2) € R’: 
0 < x1,x2 < 1} defined for any x, y € R* by 


Voit+6, 


where ¢; = min{|x; — yi|, |x; — yi + 1|} fori = 1, 2 (cf. torus metric). 
¢ Circle metric 
The circle metric is the intrinsic metric on the unit circle S' in the plane. 
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As S! = {(x,y) 12? + y? = 1} = fel : 0 < 6 < 2m}, it is the length of the 
shorter of the two arcs joining the points e”, e” € S', and can be written as 


; je—-O6|, if O<|8-O| <a, 
0—|,27 —|0-B]}} = ; 
ae ada aA eae ra if |d—6|>7x. 
¢ Metric between angles 
The metric between angles A is a metric on the set of all angles in the plane 
IR’ defined for any 6, 0 € [0, 27) (cf. circle metric) by 


; - je-—O|, if O<|8-O| <2, 
a ae In —|8—O6|, if |#—O|>z. 
¢ Metric between directions 
On R?, a direction 1 is a class of all straight lines which are parallel to a given 
straight line / C R*. The metric between directions is a metric on the set L 
of all directions on the plane defined, for any directions i,m € L, as the angle 
between any two representatives. 
¢ Angular distance 
The angular distance traveled around a circle is the number 0 = t of radians 
the path subtends, 6 = = where / is the path length, and r is the circle’s radius. 
¢ Circular distance 
The circular distance is the distance traveled by a wheel. Each revolution of 
a wheel with radius r is equivalent to the distance of 2zr radians. 
¢ Circular-railroad quasi-metric 
The circular-railroad quasi-metric on the unit circle S' C R? is defined, for 
any x,y € S!, as the length of the counterclockwise circular arc from x to y in S!. 
¢ Inversive distance 
The inversive distance between two nonintersecting circles in the plane R? is 
defined as the natural logarithm of the ratio of the radii (the larger to the smaller) 
of two concentric circles into which the given circles can be inverted. 
Let c be the distance between the centers of two nonintersecting circles of 
radii a and b < a. Then their inversive distance is given by 


avt+b?—-c 
2ab 


cosh! 








The circumcircle and incircle of a triangle with circumradius R and inradius r 
are at the inversive distance 2 sinh! G V3). 

Given three noncollinear points, construct three tangent circles such that one 
is centered at each point and the circles are pairwise tangent to one another. Then 
there exist exactly two nonintersecting circles, called the Soddy circles, that are 
tangent to all three circles. Their inversive distance is 2 cosh”! 2. 
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19.2 Digital Metrics 


Here we list special metrics which are used in Computer Vision (or Pattern 
Recognition, Robot Vision, Digital Geometry). 

A computer picture (or computer image) is a subset of Z” which is called a digital 
nD space. Usually, pictures are represented in the digital plane (or image plane) Z’, 
or in the digital space (or image space) Z? . The points of Z? and Z? are called pixels 
and voxels, respectively. An nD m-quantized space is a scaling 172". 

A digital metric (see, for example, [RoPf68]) is any metric on a digital nD space. 
Usually, it should take integer values. 

The metrics on Z” that are mainly used are the L- and Loo-metrics, as well as the 
Ly-metric after rounding to the nearest greater (or lesser) integer. In general, a given 
list of neighbors of a pixel can be seen as a list of permitted one-step moves on Z?. 
Let us associate a prime distance, i.c., a positive weight, to each type of such move. 

Many digital metrics can be obtained now as the minimum, over all admissible 
paths (i.e., sequences of permitted moves), of the sum of corresponding prime 
distances. 

In practice, the subset (Z,,)” = {0,1,...,m— 1}" is considered instead of the 
full space Z”. (Zm)* and (Zm)° are called the m-grill and m-framework, respectively. 
The most used metrics on (Z,,)” are the Hamming metric and the Lee metric. 


¢ Grid metric 
The grid metric is the L)-metric on Z". It can be seen as the path metric of an 
infinite graph: two points of Z” are adjacent if their L,-distance is 1. 
For n = 2, this metric is the restriction on Z? of the city-block metric which 
is also called the taxicab (or rectilinear, Manhattan, 4-) metric. 
¢ Lattice metric 
The lattice metric is the L.9-metric on Z”. It can be seen as the path metric of 
an infinite graph: two points of Z” are adjacent if their Loo-distance is 1. For Z, 
the adjacency corresponds to the king move in chessboard terms, and this graph 
is called the L.o-grid, while this metric is also called the chessboard metric, 
king-move metric, 8-metric, or checking distance. 
This metric is the restriction on Z” of the Chebyshev metric which is also 
called the sup metric, or uniform metric. 
¢ Hexagonal metric 
The hexagonal metric (or 6-metric) is a metric on Z? with a unit sphere 
(centered at x ¢ Z”) defined by S'(x) = Sj, ()U{Q1—1,x2-1), @1—1,424+ D} 
for even xo, and $'(x) = Sj, (x) U {(a1 + 1x2 — 1), 1 + 1,2 + D} for odd x. 
For any x = (x1,x2), y = (1, y2) € Z?, this metric dg (x, y) can be written as 


= = 1 1 
incaly (mam 4 [BHL|_| 241) yy)h 


It is the path metric of the triangular grid (or, dually, the minimum number of 
cell moves of the hexagonal grid) on the plane. In hexagonal coordinates (hy, hz) 








max § |x. — yo, 
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(in which the /,- and ho-axes are parallel to the grid’s edges) the hexagonal 
distance between points h = (hj, hz) andi = (i, in) is 


1 
do(h, i) = 5 (lA =| SP a 49] Fa) =), 


Le., |hy = it| + |h2 = in|, if (hy = i) (ho _ in) < 0, and max{|h, _ in|, |ho _ in|}, 
if otherwise; cf. [LuRo76]. The coordinates (/, h2) of a point x are related to its 
Cartesian coordinates (x), x2) by Ay = x1 — | FJ, h2 = x2. 
This metric approximates the Euclidean metric better than L,- or Loo-metric. 
The hexagonal Hausdorff metric is a metric on the set of all bounded subsets 
(pictures, or images) of the hexagonal grid on the plane defined by 


inf{p,qg:ACB+qH,BCA+pH} 


for any pictures A and B, where pH is the regular hexagon of size p (i.e., with p+ 1 
pixels on each edge), centered at the origin and including its interior, and + is the 
Minkowski addition: A + B = {x + y:x € A,y € B} (cf. Pompeiu—Hausdorff- 
Blaschke metric in Chap. 9). If A is a pixel x, then the distance between x and B 
is equal to sup,cz d(x, y), where dg is the hexagonal metric. 
¢ Digital volume metric 

The digital volume metric is a metric on the set K of all bounded subsets 

(pictures, or images) of Z (in general, of Z") defined by 


vol(AAB), 


where vol(A) = |A|, i-e., the number of pixels contained in A, and AAB is the 
symmetric difference between sets A and B. 
This metric is a digital analog of the Nikodym metric in Chap. 9. 
¢ Neighborhood sequence metric 

On the digital plane Z?, consider two types of motions: the city-block motion, 
restricting movements only to the horizontal or vertical directions, and the 
chessboard motion, also allowing diagonal movements. 

The use of both these motions is determined by a neighborhood sequence B = 
{b(1), b(2),..., b(D}, where b(i) € {1,2} is a particular type of neighborhood, 
with b(i) = 1 signifying unit change in 1 coordinate (city-block neighborhood), 
and b(i) = 2 meaning unit change also in 2 coordinates (chessboard neighbor- 
hood). The sequence B defines the type of motion to be used at every step (see 
[Das90]). 

The neighborhood sequence metric is a metric on Z? defined as the length 
of a shortest path between x and y € Z”, determined by a given neighborhood 
sequence B. It can be written as 


max{dp(u),dz(u)}, 
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where uy = xX; — Yj, Wy = %2— Y2, dp (u) = max{|uj|, |u|}, dg) = 
Din [tbat | 70) = OFM = Vib, 1 <i < bg) = 
IOqfU-D=—Lisst 

For B = {1} one obtains the city-block metric, for B = {2} one obtains 
the chessboard metric. The case B = {1,2}, i.e., the alternative use of these 
motions, results in the octagonal metric, introduced in [RoPf68]. 

A proper selection of the B-sequence can make the corresponding metric very 
close to the Euclidean metric. It is always greater than the chessboard metric, but 
smaller than the city-block metric. 

e nD-neighborhood sequence metric 

The nD-neighborhood sequence metric is a metric on Z”, defined as the 
length of a shortest path between x and y € Z", determined by a given nD- 
neighborhood sequence B (see [Faze99]). 

Formally, two points x,y € Z” are called m-neighbors, 0 < m < n, if 0 
lIxi -yi] < 1,1 <i < n, and OL, |x; — yi| < m. A finite sequence B 
{b(1),...,b@M}, b@ € {1,2,...,n}, is called an nD-neighborhood sequence 
with period I. For any x,y € Z", a point sequence x = x°,x!,...,x* = y, where 
x! and x't!, 0 <i < k—1, are r-neighbors, r = b((i mod /) + 1), is called a path 
from x to y determined by B with length k. The distance between x and y can be 
written as 


Il 1A 


max d;(u) with d;(x,y) = > || 
— mel #0 


where u = (|u|, |u2|,..., |Un|) is the nonincreasing ordering of |Um|, Um = Xm — 
Ym, m = 1,...,n, that is, |u| < |ujl if i < js aj = ST yj; bij) = BL) if 
b(j) < n—i+ 2, and is n—i+ 1, otherwise; f(j) = i b(k) ifl<j<1, 
and is 0 if j = 0; gi(j) =O —fiG- D—-1,1sjsl 
¢ Strand-Nagy distances 
The face-centered cubic lattice is A; = {(a,,a2,43) € 2 : a, +a, +43 = 
O(mod 2)}, and the body-centered cubic lattice is its dual 


A} = {(a1, 42,43) € Z : ay = ay = a3(mod2)}. 


Let L € {A3, A}}. For any points x,y € L, let d\(x,y) = a 


j=1 [Xj — yj| denote the 
Ly-metric and dog (x,y) = maxjes1,2,33 |x; — yj| denote the Loo-metric between 
them. Two points x,y € L are called /-neighbors if d\(x,y) < 3 andO < 
doo(x, y) < 1; they are called 2-neighbors if d,(x, y) < 3 and 1 < dgo(x, y) < 2. 

Given a sequence B = {b(i)}®, over the alphabet {1,2}, a B-path in Lis a 
point sequence x = x°,x!,...,x* = y, where x’ and x't!,0 <i < k—1, are 
1-neighbors if b(i) = 1 and 2-neighbors if b(i) = 2. 

The Strand—Nagy distance between two points x,y € L (or B-distance in 
Strand and Nagy, 2007) is the length of a shortest B-path between them. For 
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L=As, it is 


d ’ 
min{k :k > max{ 209) 


doo(x,y) —|{1 <i <k: b@) = 23}. 
The Strand—Nagy distance is a metric, for example, for the periodic 
sequence B = (1,2,1,2,1,2,...) but not for the periodic sequence B = 
(2,1,2,1,2,1,...). 
¢ Path-generated metric 
Consider the /oo-grid, i.e., the graph with the vertex-set Z’, and two vertices 
being neighbors if their /49-distance is 1. Let P be a collection of paths in the [oo- 
grid such that, for any x, y € Z?, there exists at least one path from P between x 
and y, and if P contains a path Q, then it also contains every path contained in Q. 
Let dp(x, y) be the length of the shortest path from P between x and y € Z?. 
If dp is a metric on Z”, then it is called a path-generated metric (see [Melt91}). 
Let G be one of the sets: G. = {t,—>}, Goa = {t, 7}, Gow = {F.N}, 
Goo = {7,\}, Gp = {>, \} Gia = {> t, 7}, Gaal, t. \b Gua = 
{>, 7,\}, Gaff, 7,.\,}, Gs = {, t, 77, \}. Let P(G) be the set of paths 
which are obtained by concatenation of paths in G and the corresponding paths 
in the opposite directions. Any path-generated metric coincides with one of the 
metrics dp(g). Moreover, one can obtain the following formulas: 


1. dpa (x,y) = |ua| + |ual; 

2. dp(Gr4)(X, Y) = max{|2u1 — ual, |u|}; 

3. dpGry) (x,y) = max{|2u) + ual, |u2|}; 

4. dp(Gy-)(X, y) = max{|2u2 + ui|, |u|}; 

5. dpGrp)(X, y) = max{|2u2 — uy], |uil}; 

6. dp(Gyy) (x,y) = max{|ui], |uo|, [ur — uel}; 

7. dp(Gz)(x, y) = max{|ui|, |ue|, [ui + ue|}; 

8. dp(Gay)(x, y) = max{2[ (\ui| — |u2|)/2], 0} + |u2l; 
9. dp(Gay) (x,y) = max{2[(|u2| — |u1|)/2],0} + [urls 


10. dpgs) (x,y) = max{|u)], |u2|}, 


where uy = x; — yj, Uy = X2 — y2, and [.] is the ceiling function: for any real x 
the number [x] is the least integer greater than or equal to x. 

The metric spaces obtained from G-sets with the same numerical index are 
isometric. dp(G,) is the city-block metric, and dp) is the chessboard metric. 

¢ Chamfer metric 

Given numbers a, 8 withO < a < 6B < 2a, the (a, B)-weighted Iy)-grid 
is the graph with the vertex-set Z?, two vertices being adjacent if their [- 
distance is one, while horizontal/vertical and diagonal edges have weights a and 
B, respectively. 

A chamfer metric (or (a, 8)-chamfer metric, [Borg86]) is the weighted path 
metric in this graph. For any x, y € Z? it can be written as 


Bm +a(M — 1m), 


where M = max{|u;|, |u2|}, m = min{|u|, |u2|}, v4) = x1 — y1, U2 = X2 — yo. 
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If the weights a and B are equal to the Euclidean lengths 1, /2 of hori- 
zontal/vertical and diagonal edges, respectively, then one obtains the Euclidean 
length of the shortest chessboard path between x and y. If a = 6 = 1, one 
obtains the chessboard metric. The (3, 4)-chamfer metric is the most used one 
for digital images. 

A 3D-chamfer metric is the weighted path metric of the graph with the 
vertex-set Z° of voxels, two voxels being adjacent if their /,)-distance is one, 
while weights a, 6, and y are associated, respectively, to the distance from 6 face 
neighbors, 12 edge neighbors, and 8 corner neighbors. 

Weighted cut metric 

Consider the weighted I5o-grid, i.e., the graph with the vertex-set Z*, two 
vertices being adjacent if their /.)-distance is one, and each edge having some 
positive weight (or cost). The usual weighted path metric between two pixels is 
the minimal cost of a path connecting them. The weighted cut metric between 
two pixels is the minimal cost (defined now as the sum of costs of crossed edges) 
of a cut, i.e., a plane curve connecting them while avoiding pixels. 

Knight metric 

The knight (or octogonal) metric on Z? is the minimum number of moves a 
chess knight would take to travel from x to y € Z”. Its unit sphere S a centered 
at the origin, contains exactly 8 integral points {(+2, +1), (+1, £2)}, and can 
be written as Sinight = S$}, Sz, where S}, is the L;-sphere of radius 3, and Sz. 
is the Loo-sphere of radius 2, both centered at the origin (see [DaCh88]). 

The distance between x and y is 3 if (M,m) = (1,0), is 4if (M@,m) = (2, 2) 
and is equal to max{[%], p“"7} + (M + m) — max{[ “1, p13 (mod 2), 
otherwise, where M = max{|u|, |vo|}, m = min{|u;1|, |u2|}, wy) = x1. —y1, w2 = 

2— 2. 
Super-knight metric 

Let p,q € N. A (p,q)-super-knight (or (p,q)-leaper, (p, q)-spider) is a 
(variant) chess piece whose move consists of a leap p squares in one orthogonal 
direction followed by a 90° direction change, and q squares leap to the destination 
square. Rook, bishop and queen have g = 0, g = p and q = 0, p, respectively. 

Chess-variant terms exist for a (p, 1)-leaper with p = 0,1,2,3,4 (Wazir, 
Ferz, usual Knight, Camel, Giraffe), and for a (p, 2)-leaper with p = 0,1,2,3 
(Dabbaba, usual Knight, Alfil, Zebra). 

A (p,q)-super-knight metric (or (p, q)-leaper metric) is a metric on Z? 
defined as the minimum number of moves a chess ( P; q)-super-knight would 
take to travel from x to y € Z?. Thus, its unit sphere S; pq? centered at the origin, 
contains exactly 8 integral points {(+p, +q), (4q, £p)}. (See [DaMu90].) 

The knight metric is the (1, 2)-super-knight metric. The city-block metric 
can be considered as the Wazir metric, i.e., (0, 1)-super-knight metric. 

Rook metric 

The rook metric is a metric on Z? defined as the minimum number of moves 
a chess rook would take to travel from x to y € Z. This metric can take only the 
values {0, 1, 2}, and coincides with the Hamming metric on Z?. 





19.2 Digital Metrics 381 


¢ Chess programming distances 

On a chessboard Zj, files are 8 columns labeled from a to A and ranks are 
8 rows labeled from 1 to 8. Given two squares, their file-distance and rank- 
distance are the absolute differences between the 0—7 indices of their files or, 
respectively, ranks. The Chebyshev distance and Manhattan distance are the 
maximum or, respectively, the sum of their file-distance and rank-distance. 

The center distance and corner distance of a square are its (Chebyshev or 
Manhattan) distance to closest square among {d4,d5, e4, e5} or, respectively, 
closest corner. For example, the program Chess 4.x uses in endgame evaluation 
4.7d + 1.6(14—d’), where d is the center Manhattan distance of losing king and 
d’ is the Manhattan distance between kings. 

Two kings at rank- and file-distances d,, dy, are in opposition, which is direct, 
or diagonal, or distant if (d,, dg) € {(0, 2), (2, 0)}, or = (2, 2), or their Manhattan 
distance is even > 6 and no pawns interfere between them. 

Unrelated cavalry file distance is the number of files in which it rides. 


Chapter 20 
Voronoi Diagram Distances 


Given a finite set A of objects A; in a space S, computing the Voronoi diagram of A 
means partitioning the space S into Voronoi regions V(A;) in such a way that V(A;) 
contains all points of S that are “closer” to A; than to any other object A; in A. 

Given a generator set P = {pi,...pk}, k = 2, of distinct points (generators) 
from R", n > 2, the ordinary Voronoi polytope V(:;) associated with a generator 
p; is defined by 


V(pi) = {x € R": de(x, pi) < de, p;) for any j F i}, 
where dz is the Euclidean distance on R”. The set 


V(P, de, R") = {V(pi),---, V(pa)} 


is called the n-dimensional ordinary Voronoi diagram, generated by P. 

The boundaries of (n-dimensional) Voronoi polytopes are called ((n — 1)- 
dimensional) Voronoi facets, the boundaries of Voronoi facets are called (n — 
2)-dimensional Voronoi faces, ..., the boundaries of 2D Voronoi faces are called 
Voronoi edges, and the boundaries of Voronoi edges are called Voronoi vertices. 

The ordinary Voronoi diagram can be generalized in the following three ways: 


1. The generalization with respect to the generator set A = {Aj,..., Ax} which can 
be a set of lines, a set of areas, etc.; 

2. The generalization with respect to the space S which can be a sphere (spherical 
Voronoi diagram), a cylinder (cylindrical Voronoi diagram), a cone (conic 
Voronoi diagram), a polyhedral surface (polyhedral Voronoi diagram), etc.; 

3. The generalization with respect to the function d, where d(x, A;) measures the 
“distance” from a point x € S to a generator A; € A. 


This generalized distance function d is called the Voronoi generation distance 
(or Voronoi distance, V-distance), and allows many more functions than the 
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Euclidean metric on S. If F is a strictly increasing function of a V-distance d, 1.e., 
F(d(x,Aj)) < F(d(x,A;)) if and only if d(x,A;) < d(x, Aj), then the generalized 
Voronoi diagrams V(A, F(d),S) and V(A, d,S) coincide, and one says that the V- 
distance F(d) is transformable to the V-distance d, and that the generalized Voronoi 
diagram V(A, F(d), S) is a trivial generalization of the generalized Voronoi diagram 
V(A,d,S). 

In applications, one often uses for trivial generalizations of the ordinary Voronoi 
diagram V(P, d, IR”) the exponential distance, the logarithmic distance, and the 
power distance. There are generalized Voronoi diagrams V(P,D,R"”), defined 
by V-distances, that are not transformable to the Euclidean distance dg: the 
multiplicatively weighted Voronoi distance, the additively weighted Voronoi 
distance, etc. 

The theory of generalized Voronoi diagrams V(P, D, RR"), where D is a norm 
metric ||x — p|| collapses even for the case, when P is a lattice in R”. But [DeDu13] 
adapted it for polyhedral, i.e., with a polytopal unit ball, norms; ||.||; and ||.||oo are 
among them. 

For additional information see, for example, [OBS92, Klei89]. 


20.1 Classical Voronoi Generation Distances 


¢ Exponential distance 
The exponential distance is the Voronoi generation distance 


Dexp(X, Pi) — edeEPi) 


for the trivial generalization V(P, Dex,, R") of the ordinary Voronoi diagram 
V(P, dz, R"), where dg is the Euclidean distance. 
¢ Logarithmic distance 
The logarithmic distance is the Voronoi generation distance 


Dyn (x, pi) = In dz (x, pi) 
for the trivial generalization V(P, Dj,,R") of the ordinary Voronoi diagram 
V(P, dr, R"), where dz is the Euclidean distance. 


¢ Power distance 
The power distance is the Voronoi generation distance 


Da (x, pi) = de(x, pi)”, a > 0, 


for the trivial generalization V(P,D.,,R") of the ordinary Voronoi diagram 
V(P, dz, R"), where dg is the Euclidean distance. 
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¢ Multiplicatively weighted distance 
The multiplicatively weighted distance dyw is the Voronoi generation 
distance of the generalized Voronoi diagram V(P,dyw,R") (multiplicatively 
weighted Voronoi diagram) defined by 


1 
duw(x, pi) = AC Pi) 


for any point x € R” and any generator point pj € P = {pi,...,pe}, k = 2, 
where w; € w = {wi,..., We} iS a given positive multiplicative weight of the 
generator p;, and dz is the Euclidean distance. 

A Mobius diagram (Boissonnat—Karavelas, 2003) is a diagram the midsets 
(bisectors) of which are hyperspheres. It generalizes the Euclidean Voronoi and 
power diagrams, and it is equivalent to power diagrams in R’*!. 

For R?, the multiplicatively weighted Voronoi diagram is called a circular 
Dirichlet tessellation. An edge in this diagram is a circular arc or a straight line. 

In the plane R?, there exists a generalization of the multiplicatively weighted 
Voronoi diagram, the crystal Voronoi diagram, with the same definition of the 
distance (where w; is the speed of growth of the crystal p;), but a different 
partition of the plane, as the crystals can grow only in an empty area. 

¢ Additively weighted distance 

The additively weighted distance d,w is the Voronoi generation distance 
of the generalized Voronoi diagram V(P, daw, R") (additively weighted Voronoi 
diagram) defined by 


daw(x, pi) = dg(x, pi) — wi 


for any point x € R” and any generator point pj € P = {pi,...,pe}, k = 2, 
where w; € w = {wi,..., We} is a given additive weight of the generator p;, and 
dr is the Euclidean distance. 

For R?, the additively weighted Voronoi diagram is called a hyperbolic 
Dirichlet tessellation. An edge in this diagram is a hyperbolic arc or a straight 
line segment. 

¢ Additively weighted power distance 

The additively weighted power distance dpw is the Voronoi generation 
distance of the generalized Voronoi diagram V(P, dpw, R") (additively weighted 
power Voronoi diagram) defined by 


dpw(x, pi) = de (x, pi) — Wi 


for any point x € R” and any generator point pj € P = {pi,...,pe}, k = 2, 
where w; € w = {wj,..., We} is a given additive weight of the generator p;, and 
dr is the Euclidean distance. 

This diagram can be seen as a Voronoi diagram of circles or as a Voronoi 
diagram with the Laguerre geometry. 
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The multiplicatively weighted power distance dypw(x,pi) = 1dz(x,pi), 
w; > 0, is transformable to the multiplicatively weighted distance, and gives a 
trivial extension of the multiplicatively weighted Voronoi diagram. 
¢ Compoundly weighted distance 
The compoundly weighted distance dcw is the Voronoi generation dis- 
tance of the generalized Voronoi diagram V(P, dcw, R") (compoundly weighted 
Voronoi diagram) defined by 


1 
dew (x, pi) = op TE Pid) — vj 


for any point x € R” and any generator point pj € P = {pi,...,pe}, k = 2, 
where w; € w = {wi,..., We} iS a given positive multiplicative weight of the 
generator p;, vj € v = {v1,..., Ug} is a given additive weight of the generator pj, 
and dz is the Euclidean distance. 

An edge in the 2D compoundly weighted Voronoi diagram is a part of a fourth- 
order polynomial curve, a hyperbolic arc, a circular arc, or a straight line. 


20.2 Plane Voronoi Generation Distances 


¢ Shortest path distance with obstacles 

Let O = {O1,...,Om} be a collection of pairwise disjoint polygons on the 
Euclidean plane, representing a set of obstacles which are neither transparent nor 
traversable. 

The shortest path distance with obstacles d,, is the Voronoi generation 
distance of the generalized Voronoi diagram V(P,d,,, R?\{O}) (shortest path 
Voronoi diagram with obstacles) defined, for any x, y € R*\{O}, as the length of 
the shortest path among all possible continuous (x —y)-paths that do not intersect 
obstacles O;\dO; (a path can pass through points on the boundary dO; of O)), 
a eee 7/2 

The shortest path is constructed with the aid of the visibility polygon and the 
visibility graph of V(P, dsp, R°\{O}). 

¢ Visibility shortest path distance 

Let O = {O1,..., Om} be acollection of pairwise disjoint line segments O; = 
[a;, bj] in the Euclidean plane, with P = { p1,..., px}, k = 2, the set of generator 
points, 


VIS( pi) = {x € R?: [x, p]N]ay, by[= @ for all] = 1,...,m} 
the visibility polygon of the generator p;, and dg the Euclidean distance. 


The visibility shortest path distance d,,, is the Voronoi generation distance 
of the generalized Voronoi diagram V(P, d,sp, R*\{O}) (visibility shortest path 
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Voronoi diagram with line obstacles), defined by 


dg(x, pi), if x € VIS(pi), 
dusp(&, Pi) = oO, otherwise . 
Network distances 

A network on R? is a connected planar geometrical graph G = (V, E) with 
the set V of vertices and the set E of edges (links). 

Let the generator set P = { p1,..., pe} be a subset of the set V = {pi,..., pi} 
of vertices of G, and let the set L be given by points of links of G. 

The network distance d,,.;, on the set V is the Voronoi generation distance 
of the network Voronoi node diagram V(P, dnety, V) defined as the shortest path 
along the links of G from p; € V to p; € V. It is the weighted path metric of the 
graph G, where w, is the Euclidean length of the link e € E. 

The network distance d,,.,; on the set L is the Voronoi generation distance of 
the network Voronoi link diagram V(P, dye, L) defined as the shortest path along 
the links fromx € Ltoye€ L. 

The access network distance dacene:; on R* is the Voronoi generation distance 
of the network Voronoi area diagram V(P, daccnet, R*) defined by 


daccnet(X, y) = net (U(x), I(Qy)) + dace(x) + dacc(y). 


where dgce(x) = minjez d(x, 1) = dg(x, I(x)) is the access distance of a point x. 
In fact, dgec(x) is the Euclidean distance from x to the access point I(x) € L of 
x which is the nearest to x point on the links of G. The access distance, among 
memory distances in Chap. 22, is not related. 

Airlift distance 

An airports network is an arbitrary planar graph G on n vertices (airports) 
with positive edge weights (flight durations). This graph may be entered and 
exited only at the airports. Once having accessed G, one travels at fixed speed 
v > 1 within the network. Movement off the network takes place with the unit 
speed with respect to the Euclidean distance. 

The airlift distance d,; is the Voronoi generation distance of the airlift 
Voronoi diagram V(P,d,,R”), defined as the time needed for a quickest, i.e., 
minimizing the travel time, path between x and y in the presence of the airports 
network G. 

City distance 

A city public transportation network, like a subway or a bus transportation 
system, is a planar straight line graph G with horizontal or vertical edges. G may 
be composed of many connected components, and may contain cycles. One is 
free to enter G at any point, be it at a vertex or on an edge (it is possible to 
postulate fixed entry points, too). Once having accessed G, one travels at a fixed 
speed v > | in one of the available directions. Movement off the network takes 
place with the unit speed with respect to the Manhattan metric. 
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The city distance di, is the Voronoi generation distance of the city Voronoi 
diagram V(P, deity, IR’), defined as the time needed for the quickest path, i.e., the 
one minimizing the travel time, between x and y in the presence of the network G. 

The set P = {pi,...,px}, k = 2, can be seen as a set of some city facilities 
(say, post offices or hospitals): for some people several facilities of the same kind 
are equally attractive, and they want to find out which facility is reachable first. 
Distance in a river 

The distance in a river d,;, is the Voronoi generation distance of the general- 
ized Voronoi diagram V(P, d,i,, R?) (Voronoi diagram in a river), defined by 





—a(x1 — y1) + ¥ 1 — yi)? + 1 = 7) (2 — yo)? 
v(1 — a?) : 





driv (x, y) = 


where v is the speed of the boat on still water, w > 0 is the speed of constant flow 
in the positive direction of the x; axis, anda = y (0 < a < 1) is the relative 
flow speed. 
Boat-sail distance 
Let 2 C R* be a domain in the plane (water surface), let f : 2 — R* be 
a continuous vector field on S2, representing the velocity of the water flow (flow 
field); let P = {pi,..., pe} C 2, k = 2, be a set of k points in 2 (harbors). 
The boat-sail distance ([NiSu03]) d,; is the Voronoi generation distance 
of the generalized Voronoi diagram V(P, dps, 2) (boat-sail Voronoi diagram) 
defined by 


dys (x, y) = inf 5(y, x, y) 





, -1 
for all x,y € 9, where S(y,x,y) = is Fae +f(y(s))| ds is the time 
necessary for the boat with the maximum speed F on still water to move from x 
to y along the curve y : [0,1] > @, y(0) = x, y(1) = y, and the infimum is 
taken over all possible curves y. 
Peeper distance 

Let § = {(x1,x2) € R* : x; > 0} be the half-plane in R?, let P = { p1,..., px, 
k > 2, be a set of points contained in the half-plane {(x,, x2.) € R? : x, < 0}, and 
let the window be the interval (a, b) with a = (0, 1) and b = (0, —-1). 

The peeper distance dp¢¢ is the Voronoi generation distance of the generalized 
Voronoi diagram V(P, dpee, S) (peeper’s Voronoi diagram) defined by 


dz(x, pi), if [x, p]a, b[F 0, 


dpec(X, Pi) = i 
pee (. Pi) oO, otherwise , 


where dz is the Euclidean distance. 
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Snowmobile distance 
Let 2 C R* be a domain in the x,x.-plane of the space R? (a 2D 
mapping), and let 2* = {(q,h(q)) : q = (1(g),%2(g)) € ,h(q) € R} 
be the three-dimensional land surface associated with the mapping S2. Let 
P={pi,...,pe} C 2,k = 2, bea set of k points in 2 (snowmobile stations). 
The snowmobile distance d,,, is the Voronoi generation distance of the gener- 
alized Voronoi diagram V(P, ds, §2) (snowmobile Voronoi diagram) defined by 


1 
dsm(q.r) = int [ —_——__——ds 
Y Jy F (1 = a toe) 


for any g,r € £2, and calculating the minimum time necessary for the 
snowmobile with the speed F on flat land to move from (q,h(q)) to (r, h(r)) 
along the land path y* : y*(s) = (y(s), h(y(s))) associated with the domain 
path y : [0,1] > 2, y(0) = gq, y() = r. The infimum is taken over all possible 
paths y, and a is a positive constant, since a snowmobile goes uphill more slowly 
than downhill. 

The situation is opposite for a forest fire, and it can be modeled using a 
negative value of a. The resulting distance and Voronoi diagram are called forest- 
fire distance and forest-fire Voronoi diagram. 

Skew distance 

Let T be a tilted plane in R?, obtained by rotating the x;x2 plane around the 
x, axis through the angle a, 0 < a < 4, with the coordinate system obtained by 
taking the coordinate system of the x;x2 plane, accordingly rotated. For a point 
qd €T,q = (x(q), X2(q)), define the height h(q) as its x3 coordinate in R?. Thus, 
h(q) = x2(q)- sina. Let P = {p,,..., px} CT, k = 2. 

The skew distance is the Voronoi generation distance of the gen- 
eralized Voronoi diagram V(P,dskey,T) (skew Voronoi diagram) defined 
([AACLMP98}]) by 


Askew (Gs r) = de(q, r) (h(r) = h(q)) = de(q, r) “Te sin a (x2(r) on x2(q)) 


or, more generally, by 


Askew(G, 1) = de(q,r) + k(x2(r) — x2(q)) 


for all g,r € T, where dg is the Euclidean distance, and k > 0 is a constant. 
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20.3 Other Voronoi Generation Distances 


¢ Voronoi distance for line segments 
The Voronoi distance for (a set of) line segments d,; is the Voronoi gen- 
eration distance of the generalized Voronoi diagram V(A, dy), R) (line Voronoi 
diagram generated by straight line segments) defined by 


ds(x, Aj) = inf de(x, y), 
yEeAj 


where the generator set A = {A\,...,Ax}, k = 2, is a set of pairwise disjoint 
straight line segments A; = [a;, bj], and dg is the ordinary Euclidean distance. In 
fact, 


dg(x, di), if xe Ra;; 
d(x, Aj) = dr(x, bi), if xe Rp,, 
RSC ee . 
dg(x — aj, Haan —aj)), if x € R?\{Ra, U Rp}, 


where Ry, = {x € R? : (b;—a;)" (x—a;) < 0}, Ry, = {x € R? : (ai—b;)" (x—Bi) < 
O}. 
¢ Voronoi distance for arcs 
The Voronoi distance for (a set of circle) arcs d.q is the Voronoi generation 
distance of the generalized Voronoi diagram V(A, dea, R7) (line Voronoi diagram 
generated by circle arcs) defined by 


dea(x, Ai) = inf dz(x, y), 
yEeAj 


where the generator set A = {Aj,...,Ax}, k > 2, is a set of pairwise disjoint 
circle arcs A; (less than or equal to a semicircle) with radius r; centered at x,,, and 
dr is the Euclidean distance. In fact, 


dea(x, Aj) => min{dg(x, di), dr(x, bi), ldg(x, Xe;) _ ril}, 


where a; and 5; are the endpoints of Aj. 
¢ Voronoi distance for circles 
The Voronoi distance for (a set of) circles d,; is the Voronoi generation 
distance of a generalized Voronoi diagram V(A, d,;, R*) (line Voronoi diagram 
generated by circles) defined by 


dei(x, Ai) = inf dr(x, y), 
yEeAj 


20.3. Other Voronoi Generation Distances 391 


where the generator set A = {A,,...,Ax}, k > 2, is a set of pairwise disjoint 
circles A; with radius r; centered at x,,, and dg is the Euclidean distance. In fact, 


de(x, Aj) = |de(x, Xe,) — ril- 


Examples of above Voronoi distances are d*(x,Aj) = dg(x,X¢,) — rj and 
d*(x, Aj) = dj.(x,X¢,) — r7 (the Laguerre Voronoi diagram). 
¢ Voronoi distance for areas 
The Voronoi distance for areas d,, is the Voronoi generation distance of the 
generalized Voronoi diagram V(A, d,,, R) (area Voronoi diagram) defined by 


day (x, Ai) = ont dg(x, y), 


where A = {Aj,..., Ax}, k > 2, is a collection of pairwise disjoint connected 
closed sets (areas), and dg is the ordinary Euclidean distance. 

For any generalized generator set A = {A ,..., Ax}, k = 2, one can use as the 
Voronoi generation distance the Hausdorff distance from a point x to a set A;: 
drtaus(x, Ai) = SUPyea, dz(x, y), where dz is the Euclidean distance. 

¢ Cylindrical distance 

The cylindrical distance d,,; is the intrinsic metric on the surface of a 
cylinder S which is used as the Voronoi generation distance in the cylindrical 
Voronoi diagram V(P, d.y, S). If the axis of a cylinder with unit radius is placed 
at the x3 axis in R°, the cylindrical distance between any points x, y € S with the 
cylindrical coordinates (1, 6,, z,) and (1, 8), zy) is given by 





V (Or -— 6)? ++ (% —%)*, if 0,- 0. <7, 
V (0. + 20 — 0)? + (2x — zy), if Oy — O > mr. 





deyi(X, y) = 


* Cone distance 
The cone distance d,,, is the intrinsic metric on the surface of a cone S 
which is used as the Voronoi generation distance in the conic Voronoi diagram 
V(P, deon, S). If the axis of the cone S is placed at the x3 axis in R?, and the radius 
of the circle made by the intersection of the cone S$ with the x;x2 plane is equal 
to one, then the cone distance between any points x, y € S is given by 





ve + 72 — 2rpry cos(@, — 6), 
if 6 6. +m sin(a/2), 
Ae +75 = 2rxry cos(@, + 27 sin(a/2) — 6). 
if 0, > 0, + m sin(a/2), 


deon(X, y) = 





where (x;,%2,x3) are the Cartesian coordinates of a point x on S, @ is the 
top angle of the cone, 6, is the counterclockwise angle from the x; axis 
to the ray from the origin to the point (x, x2,0), 6 = 6@,sin(a/2), r= 
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Y x7 +.x5 + (x3 — coth(a/2))* is the straight line distance from the top of the 
cone to the point (x1, x2, x3). 
¢ Voronoi distances of order m 

Given a finite set A of objects in a metric space (S,d), and an integer m > 1, 
consider the set of all m-subsets M; of A (i.e., M; C A, and |M;| = m). The 
Voronoi diagram of order m of A is a partition of S into Voronoi regions V(M;) 
of m-subsets of A in such a way that V(M;) contains all points s € S which are 
“closer” to M; than to any other m-set Mj: d(s,x) < d(s,y) for any x ¢ M; and 
y € S\M;j. This diagram provides first, second, ..., m-th closest neighbors of a 
point in S. 

Such diagrams can be defined in terms of some “distance function” D(s, M;), 
in particular, some m-hemimetric (Chap. 3) on S. For M; = {a;, b;}, there were 
considered the functions |d(s, a;) —d(s, b;)|, d(s, a;) +d(s, b;), d(s, a;)-d(s, bj), as 
well as 2-metrics d(s, a;) + d(s, b;) + d(a;, b;) and the area of triangle (s, a;, b;). 


Chapter 21 
Image and Audio Distances 


21.1 Image Distances 


Image Processing treats signals such as photographs, video, or tomographic output. 
In particular, Computer Graphics consists of image synthesis from some abstract 
models, while Computer Vision extracts some abstract information: say, the 3D 
description of a scene from video footage of it. From about 2000, analog image 
processing (by optical devices) gave way to digital processing, and, in particular, 
digital image editing (for example, processing of images taken by popular digital 
cameras). 

Computer graphics (and our brains) deals with vector graphics images, i.e., those 
represented geometrically by curves, polygons, etc. A raster graphics image (or 
digital image, bitmap) in 2D is a representation of a 2D image as a finite set of 
digital values, called pixels (short for picture elements) placed on a square grid 
Z? or a hexagonal grid. Typically, the image raster is a square 2 x 2* grid with 
k = 8,9 or 10. 

Video images and tomographic or magnetic resonance (obtained by cross- 
sectional slices) images are 3D (2D plus time); their digital values are called voxels 
(volume elements). The spacing between two pixels in one slice is referred to as the 
interpixel distance, while the spacing between slices is the interslice distance. 

A digital binary image corresponds to only two values 0,1 with 1 being 
interpreted as logical “true” and displayed as black; so, such image is identified with 
the set of black pixels. A continuous binary image is a (usually, compact) subset of 
a locally compact metric space (usually, Euclidean space E” with n = 2, 3). 

The gray-scale images can be seen as point-weighted binary images. In general, 
a fuzzy set is a point-weighted set with weights (membership values); cf. metrics 
between fuzzy sets in Chap. 1. For the gray-scale images, xyi-representation is used, 
where plane coordinates (x, y) indicate shape, while the weight i (short for intensity, 
i.e., brightness) indicates texture. Sometimes, the matrix ((i,,)) of gray-levels is 
used. 
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The brightness histogram of a gray-scale image provides the frequency of each 
brightness value found in that image. If an image has m brightness levels (bins 
of gray-scale), then there are 2” different possible intensities. Usually, m = 8 
and numbers 0, 1,...,255 represent the intensity range from black to white; other 
typical values are m = 10, 12, 14, 16. Humans can differ between around 10 million 
different colors but between only 30 different gray-levels; so, color has much higher 
discriminatory power. 

For color images, (RGB)-representation is the better known, where space coordi- 
nates R, G, B indicate red, green and blue levels; a 3D histogram provides brightness 
at each point. Among many other 3D color models (spaces) are: (CMY) cube 
(Cyan, Magenta, Yellow colors), (HSL) cone (Hue-color type given as an angle, 
Saturation in %, Luminosity in %), and (YUV), (YIQ) used, respectively, in PAL, 
NTSC television. CIE-approved conversion of (RGB) into luminance (luminosity) 
of gray-level is 0.299R + 0.587G + 0.114B. The color histogram is a feature vector 
with components representing either the total number of pixels, or the percentage of 
pixels of a given color in the image. 

Images are often represented by feature vectors, including color histograms, 
color moments, textures, shape descriptors, etc. Examples of feature spaces are: 
raw intensity (pixel values), edges (boundaries, contours, surfaces), salient features 
(corners, line intersections, points of high curvature), and statistical features 
(moment invariants, centroids). Typical video features are in terms of overlapping 
frames and motions. 

Image Retrieval (similarity search) consists of (as for other data: audio record- 
ings, DNA sequences, text documents, time-series, etc.) finding images whose 
features have values either mutual similarity, or similarity to a given query or in 
a given range. 

There are two methods to compare images directly: intensity-based (color and 
texture histograms), and geometry-based (shape representations by medial axis, 
skeletons, etc.). The imprecise term shape is used for the extent (silhouette) of the 
object, for its local geometry or geometrical pattern (conspicuous geometric details, 
points, curves, etc.), or for that pattern modulo a similarity transformation group 
(translations, rotations, and scalings). The imprecise term texture means all that is 
left after color and shape have been considered, or it is defined via structure and 
randomness. 

The similarity between vector representations of images is measured by the usual 
practical distances: /,-metrics, weighted editing metrics, Tanimoto distance, 
cosine distance, Mahalanobis distance and its extension, distance. 

Among probabilistic distances, the following ones are most used: Bhattacharya 
2, Hellinger, Kullback—Leibler, Kolmogorov—Smirnov, Jeffrey and (especially, 
for histograms) y?-, Kuiper distances. 

The main distances applied for compact subsets X and Y of R” (usually, n = 
2,3) or their digital versions are: Asplund metric, Shephard metric, symmetric 
difference semimetric Vol(X AY) (cf. Nykodym metric, area deviation, digital 
volume metric and their normalizations) and variations of the Hausdorff distance 
(see below). 
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For Image Processing, the distances below are between “true” and approximated 
digital images, in order to assess the performance of algorithms. For Image 
Retrieval, distances are between feature vectors of a query and reference. 


¢ Color distances 

The visible spectrum of a typical human eye is about 380-760 nm. It 
matches the range of wavelengths sustaining photosynthesis; also, at those 
wavelengths opacity often coincides with impenetrability. A light-adapted eye 
has its maximum sensitivity at ~ 555 nm (540 THz), in the green region of the 
optical spectrum. 

A color space is a 3-parameter description of colors. The need for exactly 
three parameters comes from the existence of three kinds of receptors (cells 
on the retina) in the human eye: for short, middle and long wavelengths, 
corresponding to blue, green, and red. Their respective sensitivity peaks are 
situated around 570 nm, 543 nm and 442 nm. About 1 of 10 women has a 4-th 
type of color receptor. Color blindness is 10 times more common in males. People 
with absent or removed lens of the eye, can see UV (ultraviolet) wavelengths 
(400-10 nm). 

The mantis shrimp has 12 types of color receptors including 4 for UV; 
its species Gonodactylus smithii is the only organism known to have optimal 
polarization vision. Some dragonflies have 30 different receptors; they can see 
UV and polarised light. Some spiders, jellyfish and scallops have, respectively, 
8, 24, over 110 eyes. 

The CIE (International Commission on Illumination) derived (XYZ) color 
space in 1931 from the (RGB)-model and measurements of the human eye. In 
the CIE (XYZ) color space, the values X, Y and Z are also roughly red, green 
and blue. 

In Colorimetry, chromaticity is intensity of a colour (hue), defined as the 
distance in the particular colour space of a colour from the neutral grey colour 
with the same value. The basic assumption of Colorimetry (Indow, 1991), is 
that the perceptual color space admits a metric, the true color distance. This 
metric is expected to be almost locally Euclidean, i.e., a Riemannian metric. A 
continuous mapping from the metric space of light stimuli to this metric space is 
also expected. 

Such a uniform color scale, where equal distances in the color space cor- 
respond to equal differences in color, is not obtained yet and existing color 
distances are various approximations of it. A first step in this direction was 
given by MacAdam ellipses, i.e., regions on a chromaticity (x, y) diagram which 
contains all colors looking indistinguishable to the average human eye; cf. JND 
(just-noticeable difference) video quality metric. For any « > 0, the MacAdam 
metric in a color space is the metric for which those 25 ellipses are circles of 
radius €. Here x = my and y = Famers are projective coordinates, and the 
colors of the chromaticity diagram occupy a region of the real projective plane 
RP?. 
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The CIE (L*a*b*) (CIELAB) is an adaptation of CIE 1931 (XYZ) color 
space; it gives a partial linearization of the MacAdam color metric. The L*, a*, b* 
of the most complete model are derived from L, a, b which are: the luminance L 
of the color from black L = 0 to white L = 100, its position a between green 
a < Oand red a > 0, and its position b between green b < 0 and yellow b > 0. 

Examples of non-Euclidean metrics, fitting well to observed color differences, 
are CIE94 (McDonald—Smith, 1995) and CIEDE2000 (Luo—Cui-Rigg, 2001). 
The best performing Euclidean metrics are versions of DIN99 (Cui et al., 2002) 
and the log-compressed OSA-UCS (Oleari et al., 2009). 

Farup, 2014, proposed to transform a chromatic plane {(x, y)} (say, {(a*, b*)} 
of CIELAB) with polar coordinates (r, 6) and an existing Euclidean metric, into 
the R-scaled Poincaré disk by 7 = tanh(;,) and observed that the resulting 
hyperbolic metrics (Chap. 6)) with optimised R perform better. 

Average color distance 

For a given 3D color space OSA-UC a list of n colors, let (ci, Ci2, c;3) be the 
representation of the i-th color of the list in this space. For a color histogram 
xX = (a,...,%n), its average color is the vector (x(1),x@),x(3)), where xj = 
5 oy x;ci (for example, the average red, blue and green values in (RGB)). 

The average color distance between two color histograms ([HSEFN95]) is 
the Euclidean distance of their average colors. 

Color component distance 

Given an image (as a subset of RR”), let p; denote the area percentage of this 
image occupied by the color c;. A color component of the image is a pair (cj, pi). 

The color component distance (Ma—Deng—Manjunath, 1997) between color 
components (c;, pi) and (c;, pj) is defined by 


[Pi — pj + A(ci, cj), 


where d(c;,cj) is the distance between c; and cj in a given color space. 
Mojsilovic—Hu-Soljanin, 2002, did an Earth Mover’s distance-like modifica- 
tion of it. 
Riemannian color space 

The proposal to measure perceptual dissimilarity of colors by a Riemannian 
metric (Chap. 7) on a strictly convex cone C C R* comes from von Helmholtz, 
1891, and Schrédinger, 1920. The challenge here is to choose a “good” one. 

Roughly, it was shown in [Resn74] that the only such GL-homogeneous cones 
C (ie., the group of all orientation preserving linear transformations of R?, 
carrying C into itself, acts transitively on C) are either C; = Ryo x (Rxo x Ro), 
or C) = Ryo x C’, where C’ is the set SL(2, R)/SO(2) of 2 x 2 real symmetric 
matrices with determinant 1. The first factor R.» can be identified with variation 
of brightness and the other with the set of lights of a fixed brightness. 
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Given some a; > 0, the Stiles color metric (1946) is the GL-invariant 
Riemannian metric on Cy) = {(x1,x2,x3) € R* : x; > 0} given by the line 
element 


The Resnikoff color metric (1974) is the GL-invariant Riemannian metric on 
Cy = {(x,u) : x € Rao, u € C’} given by the line element 


d. 
ds? = a(—) + aodst,, 


where ds?,, is the Poincaré metric (Chap. 6) on C’. 
Histogram intersection quasi-distance 

Given two color histograms x = (x1,...,%,) and y = (y,...,¥n) (with 
X;, yj representing the number of pixels in the bin i), the histogram intersection 
quasi-distance between them (cf. intersection distance in Chap. 17) is (Swain— 
Ballard, 1991) defined by 


Ss min{x;, yi} 
ini Xi 


For normalized histograms (total sum is 1) the above quasi-distance becomes the 


usual /|-metric }“"_, |x;—yi|. The normalized cross-correlation (Rosenfeld—Kak, 


ys 1XiVi 
vist % , 


_ 


1982) between x and y is a similarity defined by 


Histogram quadratic distance 

Given two color histograms x = (x1,...,X,) and y = (j1,..., Yn) (usually, 
n = 256 orn = 64) representing the color percentages of two images, their 
histogram quadratic distance (used in IBM’s Query By Image Content system) 
is their Mahalanobis distance defined in Chap. !7 by 


Vv (x—y)TAQ — y), 


where A = ((a;)) is a symmetric positive-definite matrix, and the weight aj is 
some, perceptually justified, similarity between colors i and j. 
For example (cf. [HSEFN95]), aj = 1 — wm where dj is the 
Euclidean distance between 3-vectors representing i and j in some color space. 
If (hj, 5;, vj) and (hj, sj, v;) are the representations of the colors i and j in the 
color space (HSV), then aj = 1— a ((vi- yj)? + (s; cos hi—s; cos hj)? +(s; sin hj— 


; ites 
s; sin h;)*)? is used. 
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¢ Histogram diffusion distance 
Given two histogram-based descriptors x = (x1,...,%,) and y = (y1,..., Yn); 
their histogram diffusion distance (Ling—Okada, 2006) is defined by 


F- 
/ Hlu(o||nae. 
0 


where T is a constant, and u(t) is a heat diffusion process with initial condition 
u(0) = x —y. In order to approximate the diffusion, the initial condition 
is convoluted with a Gaussian window; then the sums of /,;-norms after each 
convolution approximate the integral. 
¢ Gray-scale image distances 

Let f(x) and g(x) denote the brightness values of two digital gray-scale images 
f and g at the pixel x € X, where X is a raster of pixels. Any distance between 
point-weighted sets (X,f) and (X, g) (for example, the Earth Mover’s distance) 
can be applied for measuring distances between f and g. However, the main used 
distances (called also errors) between the images f and g are: 


Nie 


1. The root-mean-square error RMS(f,g) = (at yex(f@) — ¢(x))’) (a 


variant is to use the /;-norm | f(x) — g(x)| instead of the /,-norm); 


1 
2. The signal-to-noise ratio SNR(f, g) = ( > Rack su ) * (cf. SNR distance 
XE. 





between sonograms); 
3. The pixel misclassification error rate pre € X : f(x) F g(x)}| (normalized 
Hamming distance); 


1 

4. The frequency root-mean-square error (a yey (Fu) - Gwu))’) *, where 
F and G are the discrete Fourier transforms of f and g, respectively, and U is 
the frequency domain; 


1 
5. The Sobolev norm of order 6 error (a Dey + Inul2)°(F() — Gw))’) 3 
where 0 < 6 < 1 is fixed (usually, 6 = 5), and 7, is the 2D frequency vector 


associated with position u in the frequency domain U. 


Cf. metrics between fuzzy sets in Chap. 1. 
¢ Image compression L,-metric 
Given a number r, 0 < r < 1, the image compression L,-metric is the usual 


Ly-metric on Re, (the set of gray-scale images seen as n x n matrices) with 





. 7 : _ pol so _ 
p being a solution of the equation r = a i a So, p = 1,2, or oo for, 
: 2 ; 
respectively, r = 0,r = ies ~ 0.65, or r > we ~ 0.82. Here r estimates the 


informative (i.e., filled with nonzeros) part of the image. According to [KKN02], 
it is the best quality metric to select a lossy compression scheme. 
¢ Chamfering distances 
The chamfering distances are distances approximating Euclidean distance 
by a weighted path distance on the graph G = (Z*,E), where two pixels are 
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neighbors if one can be obtained from another by an one-step move on Z”. The 
list of permitted moves is given, and a prime distance, i.e., a positive weight (cf. 
Chap. 19), is associated to each type of such move. 

An (a, 6)-chamfer metric corresponds to two permitted moves—with /,- 
distance 1 and with /,,-distance 1 (diagonal moves only)—weighted a and £, 
respectively. 

The main applied cases are (a, 6) = (1,0) (city-block metric, or 4-metric), 
(1,1) (chessboard metric, or 8-metric), (1, 2) (Montanari metric), (3, 4) 
((3, 4)-metric), (2, 3) (Hilditch-Rutovitz metric), (5,7) (Verwer metric). 

The Borgefors metric corresponds to three permitted moves—with [)- 
distance 1, with /,o-distance 1 (diagonal moves only) and knight moves— 
weighted 5, 7 and 11. 

An 3D-chamfer metric (or (a, 6, y)-chamfer metric) is the weighted path 
metric of the infinite graph with the vertex-set Z* of voxels, two vertices being 
adjacent if their /,9-distance is one, while weights a, 6 and y are associated to 6 
face, 12 edge and 8 corner neighbors, respectively. If a = 6 = y = 1, we obtain 
loo-metric. The (3, 4, 5)- and (1, 2, 3)-chamfer metrics are the most used ones. 

The Chaudhuri-Murthy—-Chaudhuri metric between sequences x = 
(X1,...,Xm) and y = (y1,..., yn) is defined by 


1 
Xi(x.y) — Yiexy)| + T4121 > xi — yil, 


1<i<n,iAi(x,y) 


where max; |x; — yi] = |Xic.y) — Yicxy)|. For n = 2 it is the (1, 3)-chamfer metric. 
Earth Mover’s distance 

The Earth Mover’s distance is a discrete form of the transportation 
distance (Chap. 14). Roughly, it is the minimal amount of work needed to 
transport earth or mass from one position (properly spread in space) to the 
other (a collection of holes). For any two finite sequences (x),...,%m) and 
(y1,---,n) Over a metric space (X, d), consider signatures, i.e., point-weighted 
sets Py = (pi (x1),...,P1(%m)) and P2 = (p2(y1),.--,P20n))- 

For example, in [RTGOO]) signatures represent clustered color or texture 
content of images: elements of X are centroids of clusters, and pj (xj), p2(yj) are 
cardinalities of corresponding clusters. The ground distance d is a color distance, 
say, the Euclidean distance in 3D CIE (L*a*b*) color space. 

Let W, = 90; pi (xi) and W) = yi p2(;) be the total weights of P; and P, 
respectively. Then the Earth Mover’s distance between P and P2 is defined as 


Vij fi Qi. yj) 
Luli 
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where the mxn matrix S* = (fj )) is an optimal, i.e., minimizing )°; jFid Qi. Yi), 
flow. A flow is an m x n matrix S = ((fj)) with following constraints: 


1. all fj = 0; 
2. DijSii = min{W\, W2}; 
3. fi S p2j) and YY; fj < Pir). 


So, this distance is the average ground distance d that weights travel during an 
optimal flow. It is not a bin-to-bin (component-wise, as L,-, Kullback—Leibler, 
x’-distances), but a cross-bin histogram distance. 

In the case W; = Wb2, the above two inequalities 3. become equalities. 
Normalizing signatures to W; = W2 = | (which not changes the distance) allows 
us to see P; and P2 as probability distributions of random variables, say, X and 
Y. Then 97; , fiz (%i, yj) is Es[d(X, Y)], ie., the Earth Mover’s distance coincides, 
in this case, with the transportation distance (Chap. 14). 

For W; # Wo, it is not a metric in general. However, replacing the inequalities 
3 in the above definition by equalities 

3’. Sify = poy) and Yo fy = GoM 

produces the Giannopoulos—Veltkamp’s proportional transport semimetric. 

¢ Parameterized curves distance 

The shape can be represented by a parametrized curve on the plane. Usually, 
such a curve is simple, i.e., it has no self-intersections. Let X = X(x(t)) and 
Y = Y(y(#)) be two parametrized curves, where the (continuous) parametrization 
functions x(t) and y(f) on [0, 1] satisfy x(0) = y(0) = 0 and x(1) = y(1) = 1. 

The most used parametrized curves distance is the minimum, over all 
monotone increasing parametrizations x(t) and y(t), of the maximal Euclidean 
distance dg(X(x(t)), Y(y(4)). It is the Euclidean special case of the dogkeeper 
distance (cf. Sect. 13.1), i.e., the Fréchet metric for the case of curves. 

Among variations of this distance are dropping the monotonicity condition of 
the parametrization (weak Fréchet distance), or finding the part of one curve to 
which the other has the smallest such distance ({VeHa01]). 

In a general Riemannian manifold M, the shape [C] of a curve C can be seen 
as the class of all curves that differ from C only by a parametration, i.e., they pass 
through the same points of M but at different speeds. The geodesic distances d 
on curves and D on shapes are linked by D([C], [C’]) = infd(C, C’ oa), where 
a : [0,1] — [0, 1] is any reparameterization (increasing diffeomorphism(. 

A reparametrization-invariant metric on the space of curves induces a Rie- 
mannian structure on the shape space. Two such metrics are pullback metrics 
(cf. Chap.4) on the tangent bundle via square root velocity function: from Ly- 
metric by Srivastava et al., 2011, and from a more adapted metric by Le Brigant, 
2016. 

¢ Homotopic Fréchet distance 

Given a metric space (X,d), a curve is a continuous function C : [0,1] > X. 
The length of C is defined by the metric d. A reparameterization of C is any 
curve Coa, where a : [0, 1] > [0, 1] is a continuous nondecreasing surjection. 
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An (s, t)-leash between two curves C and C’ is another curve A : [0, 1] > X 
such that A(0) = C(s) and A(1) = C’(2). A leash map is a continuous function 
1: [0,1]? — X such that /(-, 0) and ((-, 1) are reparameterizations of C and C’, 
respectively. It describes the continuous motion of a leash between a dog walking 
along C and its owner walking along C’; the curve /(t, -) is the leash at time ¢. The 
length of lis the maximum length of any leash /(t, -). 

The homotopic Fréchet distance between C and C’ is (({CCELLT10]) the 
infimum, over all leash maps / between C and C’, of the length of /. This distance 
can be thought of as the minimal amount of deformation needed to transform C 
into C’, identifying points which are joined by a leash during its motion. 
Nonlinear elastic matching distance 

Consider a digital representation of curves. Let r > 1 be a constant, and let 
A = {aj,...,@m}, B = {bj,..., by} be finite ordered sets of consecutive points 
on two closed curves. For any order-preserving correspondence f between all 
points of A and all points of B, the stretch s(a;, bj) of (ai, f(ai) = bj) is r if either 
f(a-1) = 5; or f(aj) = bj-1, or zero otherwise. 

The relaxed nonlinear elastic matching distance is ming )\(s(a;,b;) + 
d(aj, bj)), where d(a;, bj) is the difference between the tangent angles of a; and 
bj. It is a near-metric for some r. For r = 1, it is called the nonlinear elastic 
matching distance. In general, Younes, 1998, and Mio—Srivastava—Joshi, 2005, 
introduced elastic Riemannian distances between (seen as elastic) plane curves 
(or enclosed shapes) measuring the minimal cost of elastic reshaping of a curve 
into another. 

Turning function distance 

For a plane polygon P, its turning function Tp(s) is the angle between the 
counterclockwise tangent and the x axis as a function of the arc length s. This 
function increases with each left hand turn and decreases with right-hand turns. 

Given two polygons of equal perimeters, their turning function distance is 
the L,-metric between their turning functions. 

Size function distance 

For a shape, seen as a plane graph G = (V, E), and a measuring function f on 
its vertex-set V (for example, the distance from v € V to the center of mass of 
V), the size function Sg(x, y) is defined, on the points (x, y) € R*, as the number 
of connected components of the restriction of G on vertices {v € V: f(v) < y} 
which contain a point v’ with f(v’) < x. 

Given two plane graphs with vertex-sets belonging to a raster R C Z?”, their 
Uras—Verri’s size function distance is the normalized /,-distance between their 
size functions over raster pixels. The matching distance (Chap. 1) between the 
cornerpoints/cornerlines multisets of two size functions is also used. 

Reflection distance 

For a finite union A of plane curves and each point x € R?, let Vi denote the 
union of intervals (x,a), a € A which are visible from x, i.e., (x,a) NA = @. 
Denote by p% the area of the set {x + v € V4: x—v € Vi}. 

The Hagedoorn—Veltkamp’s reflection distance between finite unions A and 
B of plane curves is the normalized /,-distance between the corresponding 
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functions p, and p; defined by 


Jee |Pa = Ppldx 
Jp2 Max{ py, Pp}dx 





Distance transform 

Given a metric space (X = Z?,d) and a binary digital image M C X, the 
distance transform is a function fy : X — Rso, where fy(x) = infyew d(x, u) 
is the point-set distance d(x,M). So, a distance transform can be seen as a 
gray-scale digital image where each pixel is given a label (a gray-level) which 
corresponds to the distance to the nearest pixel of the background. Distance 
transforms, in Image Processing, are also called distance fields and distance 
maps; but we reserve the last term only for this notion in any metric space as 
in Chap. 1. 

A distance transform of a shape is the distance transform with M being the 
boundary of the image. For X = R?’, the graph {(x,f(x)) : x € X} of d(x, M) is 
called the Voronoi surface of M. 

Medial axis and skeleton 

Let (X,d) be a metric space, and let M be a subset of X. The medial axis of 
X is the set MA(X) = {x € X: |{m € M: d(x,m) = d(x,M)}| => 2}, ie., 
all points of X which have in M at least two elements of best approximation; 
cf. metric projection in Chap. 1. MA(X) consists of all points of boundaries of 
Voronoi regions of points of M. The reach of M is the set-set distance (Chap. 1) 
between M and MA(X). 

The cut locus of X is the closure MA(X) of the medial axis. Cf. Shankar- 
Sormani radii in Chap.1. The medial axis transform MAT(X) is the point- 
weighted set MA(X) (the restriction of the distance transform on MA(X)) with 
d(x, M) being the weight of x € X. 

If (as usual in applications) X C R” and M is the boundary of X, then the 
skeleton Skel(X) of X is the set of the centers of all d-balls inscribed in X and 
not belonging to any other such ball; so, Skel(X) = MA(X). The skeleton with 
M being continuous boundary is a limit of Voronoi diagrams as the number of 
the generating points becomes infinite. For 2D binary images X, the skeleton is 
a curve, a single-pixel thin one, in the digital case. The exoskeleton of X is the 
skeleton of the complement of X, i.e., of the background of the image for which 
X is the foreground. 

Procrustes distance 

The shape of a form (configuration of points in R7), seen as expression of 
translation-, rotation- and scale-invariant properties of form, can be represented 
by a sequence of landmarks, i.e., specific points on the form, selected accordingly 
to some rule. Each landmark point a can be seen as an element (a a’) € R? or 
an element a +a ie C. 

Consider two shapes x and y, represented by their landmark vectors 
(x1,.--,Xn) and (y1,...,¥,) from C”. Suppose that x and y are corrected for 
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translation by setting )>,x, = )°,y, = 0. Then their Procrustes distance is 


defined by 
> x1 — y1|?, 
l<t<n 


where two forms are, first, optimally (by least squares criterion) aligned to correct 
for scale, and their Kendall shape distance is defined by 








oF x), YX) 
aac {= xO, a) 


where @ = a —a iis the complex conjugate of a = ad +ai. 

Petitjean, 2002, extended the L2-Wasserstein distance (cf. Chap. 14) to colored 
mixtures, i.e., ordinary mixtures of random vectors, for which an new axis (the 
space of colors) has been added. He remarked that the Procrustes distance is an 
instance of this colored Wasserstein distance, when this latter is minimized for a 
class of affine transformations (rotations and translations). 

Shape parameters 

Let X be a figure in R? with area A(X), perimeter P(X) and convex hull conv X. 

The main shape parameters of X are given below. 


D4(X) = 2,/ Aco and Dp(X) = PO) are the diameters of circles with area 
A(X) and with perimeter P(X), respectively. 

Feret’s diameters F(X), Fy(X), Finin(X), Fmax(X) are the orthogonal projec- 
tions of X on the x and y axes and such minimal and maximal projections on a 
line. 

Martin’s diameter M(X) is the distance between opposite sides of X 
measured crosswise of it on a line bisecting the figure’s area. M,(X) and M,(X) 
are Martin’s diameters for horizontal and vertical directions, respectively. 

Rin(X) and Roy:(X) are the radii of the largest disc in X and the smallest disc 
including X. a(X) and b(X) are the lengths of the major and minor semiaxes of 
the ellipse with area A(X) and perimeter P(X). 

Examples of the ratios, describing some shape properties in above terms, 
follow. 

The area-perimeter ratio (or projection sphericity) and Petland’s projection 


sphericity ratio are ArPe = ate d ai 
; . ; 1 
Aa circularity shape factor and Horton’s compactness factor are 7p, and 
VArPe* 


Wadell’s circularity shape and drainage-basin circularity shape ratios are 


Da(X) A(X) ‘ . . 
Tae ) d De)" Both ratios and ArPe are at most 1 with equality only for a 


disc. 
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Tickell’s ratio is Cee Cailleux’s roundness ratio is as , where r(X) is 
the radius of curvature at a most convex part of the contour of X. 


The rugosity coefficient and convexity ratio (or solidity) are 


A) tdi P(conv X) 
Aeonv X)" Both the solidity and —> 7H) 
sets. 

The diameters ratios are . The radii ratio and ellipse ratio 


Rin(X) a(X) Frin(X) 
are ix) and 5a: Fmax(X) 


eae The aspect ratio in Chap. | is the reciprocal of the Feret’s ratio. 


The symmetry factor of Blaschke is 1— ia y° where S(X) = 4(X @{x: —xe€ 
X}). 
¢ Distances from symmetry 
Many measures of chirality and, in general, given symmetry G of a given set 
A € R", were proposed. Several examples follow. 
Let A’ be the enantiomorph (mirror image) of A. Gilat, 1985, proposed to 


/ 
TET ). cf. normalized volume of 





P(X) 
P(conv X) 


are at most | with equality only for convex 


and 





MDx(X) MDy(X) 
Fxy and oy 


The Feret’s ratio and modification ratio are 














and 








measure distance from achirality of A by 
symmetric difference in Chap. 9. 

Let shape A be represented by a sequence (q,...,@,) of points. Then 
the symmetry distance of A is defined by Zabrodsky—Peleg—Avnir, 1992, as 
the point-set distance inf, + >", ||a; — bi||5, where b = (bj,...,b,) is the 
Ly-nearest to a representation of a symmetric (i.e., invariant to rotation and 
translation) shape. The symmetry distance of a function f with respect to any 
transformation G is the Ly-distance between f and the nearest function invariant 
to G. 

If A is a 2D object, and it is represented by its radial function R(r), 
then the distance of A from symmetry G can be measured (KG6hler, 1993) by 
Hay |G(R(r)) — R(r)|dr. For a sequence (a1,...,@m) of points, similar distance 
is (Kohler, 1999) min, )7""_, de(a;, G(p(ai))), where p is any of m! permutations 
of (a,,..., Gm) and dg is the Euclidean distance. 

¢ Tangent distance 

For any x € R” and a family of transformations t(x,a), where a € R* is the 
vector of k parameters (for example, the scaling factor and rotation angle), the set 
M, = {t(x,a@) : @ € R*} C R" is a manifold of dimension at most k. It is a curve 
if k = 1. The minimum Euclidean distance between manifolds M, and M, would 
be a useful distance since it is invariant with respect to transformations f(x, a). 

However, the computation of such a distance is too difficult in general; so, M, 
is approximated by its tangent subspace at x: {x + ae oxi: a € RY CR’, 
where the tangent vectors x', 1 < i < k, spanning it are the partial derivatives of 
t(x, @) with respect to a. The one-sided (or directed) tangent distance between 
elements x and y of R” is a quasi-distance d defined by 





k 
min ||x + > ax! — y||?. 
a 


i=1 
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The Simard—Le Cun—Denker’s tangent distance is defined by min{d(x, y), 
d(y, x)}. 
* Pixel distance 

Consider two digital images, seen as binary m x n matrices x = ((x,)) and 
y = ((vy)), where a pixel xj is black or white if it is equal to 1 or 0, respectively. 

For each pixel xj, the fringe distance map to the nearest pixel of opposite 
color Dgw(xj) is the number of fringes expanded from (i,j) (where each fringe 
is composed by the pixels that are at the same distance from (i, /)) until the first 
fringe holding a pixel of opposite color is reached. 

The pixel distance (Smith—Bourgoin—Sims—Voorhees, 1994) is defined by 


¥, > lx — vig] (Daw (xij) + Daw(vy))- 


l<i<m l<j<n 


In a pixel-based device (computer monitor, printer, scanner), the pixel pitch 
(or dot pitch) is the spacing between subpixels (dots) of the same color on the 
inside of a display screen. Closer spacing usually produce a sharper image. 

¢ Pratt’s figure of merit 

In general, a figure of merit is a quantity used to characterize the performance 
of a device, system or method, relative to its alternatives. Given two binary 
images, seen as nonempty subsets, A and B, of a finite metric space (X,d), 
their Pratt’s figure of merit (or FOM, Abdou—Pratt, 1979) is a quasi-distance 
defined by 


-1 
1 
(mt, Dar) 


x€B 


where a is a scaling constant (usually, 5), and d(x,A) = minye, d(x, y) is the 
point-set distance. 


Similar quasi-distances are Peli-Malah’s mean error distance + 
IB] 2+xeB 


d(x, A), and the mean square error distance Bl pee ew aes 
¢ p-th order mean Hausdorff distance 
Given p = 1 and two binary images, seen as nonempty subsets A and 
B of a finite metric space (say, a raster of pixels) (X,d), their p-th order 
mean Hausdorff distance is ([Badd92]) a normalized L,-Hausdorff distance, 
defined by 


1 


1 P 
(i So ld, A) — d(a, B) ' 


xEX 


where d(x,A) = minye, d(x, y) is the point-set distance. The usual Hausdorff 
metric is proportional to the oo-th order mean Hausdorff distance. 
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Venkatasubraminian’s =-Hausdorff distance dypiqys(A, B) + dataus(B, A) is 
equal to > cayp |d(x, A) — d(x, B)|, ie., it is a version of L;-Hausdorff distance. 

Another version of the 1-st order mean Hausdorff distance is Lindstrom— 
Turk’s mean geometric error (1998) between two images (seen as surfaces A 
and B) defined by 


1 
Area(A) + Area(B) ( i e d(x, B)dS + / 2 d(x, Aas) 


where Area(A) denotes the area of A. If the images are seen as finite sets A and 
B, their mean geometric error is defined by 


1 
xEA 


x€B 





Modified Hausdorff distance 

Given two binary images, seen as nonempty subsets A and B of a finite metric 
space (X,d), their Dubuisson—Jain’s modified Hausdorff distance (1994) is 
defined as the maximum of point-set distances averaged over A and B: 


max 


’ 








1 1 
— d(x, B), — d(x,A 
ia BD gi LA) 


x€B 


while their Eiter-Mannila’s sum of minimal distances (1997) is defined as 


3 d(x,B) +) d(x,A)). 


x€A x€B 


Partial Hausdorff quasi-distance 

Given two binary images, seen as subsets A,B 4 9 of a finite metric space 
(X, d), and integers k,/ with 1 < k < |A|, 1 < 1 < |B|, their Huttenlocher— 
Rucklidge’s partial (x, /)-Hausdorff quasi-distance (1992) is defined by 


max{k!"_,d(x, B), ll"_pd(x, A)}. 


where ee d(x, B) means the k-th (rather than the largest |A|-th ranked one) 
among |A| distances d(x, B) ranked in increasing order. The case k = [Ay 


= | corresponds to the modified median Hausdorff quasi-distance. 
Bottleneck distance 

Given two binary images, seen as subsets A, B # @ with |A| = |B| = m, of a 
metric space (X, d), their bottleneck distance is defined by 


min max d(x, f(x)), 
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where f is any bijective mapping between A and B. Cf. more general matching 
distance in Chap. 1. 
Variations of the above distance are: 


. The minimum weight matching: min; >> <4 d(x. f (x)); 
. The uniform matching: min¢{max,e4 d(x, f(x)) — mine, d(x, f(x)}; 
3. The minimum deviation matching: ming{maxye, d(x, f(x)) — al yea 


A(x, f(x). 


Given an integer t with 1 < t < |A|, the t-bottleneck distance between A and B 
({InVe00]) is the above minimum but with f being any mapping from A to B such 
that |{x eA: f(x) = y}]<t. 


NOR 


The cases t = 1 and t = |A| correspond, respectively, to the bottleneck 
distance and directed Hausdorff distance darjays(A, B) = Max,e4 Minyeg d(x, y) 
(Chap. 1). 


Hausdorff distance up to G 

Given a group (G,-,id) acting on the Euclidean space E”, the Hausdorff 
distance up to G between two compact subsets A and B (used in Image Process- 
ing) is their generalized G-Hausdorff distance (Chap. 1), i.e., the minimum of 
drtaus(A, g(B)) over all g € G. Usually, G is the group of all isometries or all 
translations of E”. 
Hyperbolic Hausdorff distance 

For any compact subset A of IR”, denote by MAT(A) its Blum’s medial axis 
transform, i.e., the subset of X = IR” x Rso, whose elements are all pairs 
x = (x’,r,) of the centers x’ and the radii r, of the maximal inscribed (in A) 
balls, in terms of the Euclidean distance d; in R”. (Cf. medial axis and skeleton 
transforms for the general case.) 

The hyperbolic Hausdorff distance ([ChSe00]) is the Hausdorff metric 
on nonempty compact subsets MAT(A) of the metric space (X,d), where the 
hyperbolic distance d on X is defined, for its elements x = (x’,ry) and y = 


(0, ry), by 

















= 











max{0, d(x’, y’) — (ry — ry}. 


Nonlinear Hausdorff metric 

Given two compact subsets A and B of a metric space (X, d), their nonlinear 
Hausdorff metric (or Szatmdri-Rekeczky—Roska wave distance) is the Haus- 
dorff distance diays(A M B, (A U B)*), where (A U B)* is the subset of A U B 
which forms a closed contiguous region with A M B, and the distances between 
points are allowed to be measured only along paths wholly in A U B. 
Handwriting spatial gap distances 

Automatic recognition of unconstrained handwritten texts (for example, legal 
amounts on bank checks or pre-hospital care reports) require measuring the 
spatial gaps between connected components in order to extract words. 
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Three most used ones, among handwriting spatial gap distances between 
two adjacent connected components x and y of text line, are: 


— Seni—Cohen, 1994: the run-length (minimum horizontal Euclidean distance) 
between x and y, and the horizontal distance between their bounding boxes; 

— Mahadevan—Nagabushnam, 1995: Euclidean distance between the convex 
hulls of x and y, on the line linking hull centroids. 


¢ Video quality metrics 

These metrics are between test and reference color video sequences, usually 
aimed at optimization of encoding/compression/decoding algorithms. Each of 
them is based on some perceptual model of the human vision system, the simplest 
ones being RMSE (root-mean-square error) and PSNR (peak signal-to-noise 
ratio) error measures. The threshold metrics estimate the probability of detecting 
an artifact (1.e., a visible distortion that gets added to a video signal during digital 
encoding). 

Examples are: Sarnoff’s JND (just-noticeable difference), Winkler’s PDM 
(perceptual distortion), and Watson’s DVQ (digital video quality) metrics. DVQ 
is an /,-metric between feature vectors representing two video sequences. Some 
metrics measure special artifacts in the video: the appearance of block structure, 
blurriness, added “mosquito” noise (ambiguity in the edge direction), texture 
distortion, etc. 

¢ Time series video distances 

The time series video distances are objective wavelet-based spatial-temporal 
video quality metrics. A video stream x is processed into a time series x(t) (seen 
as a curve on coordinate plane) which is then (piecewise linearly) approximated 
by a set of n contiguous line segments that can be defined by n + 1 endpoints 
(x;.4), 0 <i <n, in the coordinate plane. In [WoPi99] are given the following 
(cf. Meehl distance) distances between video streams x and y: 


= 
— Shape(x,y) = Diino |i — 4) — Cin — YD 


= ! te face 
— Offfset(x, y) = DiEg [A - A. 





¢ Dynamic time wrapping distance 

A time series is a temporal sequence, varied in time or speed, of numerical 
data points, collected usually at regular intervals over a period of time; see above 
time series video distances and, in Chap. 23, spike train distances. 

Dynamic time warping (DTW) is a sequence alignment method allowing 
a nonlinear mapping of one sequence to another by minimizing the (total 
cumulative) distance between them. Used originally in speech recognition, DTW 
is applied now to temporal sequences of video, audio, and graphics data. 


Consider two sequences (say, time series) x = (x1,...,%m) and y = 
(y1,---,¥n Over a distance space (S,d). The matrix ((PTW(i.j)))jcen of 


cumulative distances is defined by DTW(0, 0) = 0, all DTW(0, i) and DTW(i, 0) 


21.2 Audio Distances 409 


are oo, while 
DTW(i,j) = d(x, yj) + min(DTW(i — 1,7, DTW, j — 1, DTW — 1,7 — 1)), 


for any i,j => 1, minimizing insertion, deletion, match, respectively. A warping 
path W = (w1,...,Wx) is a contiguous set of matrix elements w; that represent 
a mapping between x and y. The optimal path is the one minimizing the warping 


cost; this minimum DTW(x, y) = min ,/>~, <<; W; is called the DTW-distance. 

The time series can be seen as discretizations of differentiable functions of 
time. Optimal nonlinear time warping functions are computed by minimizing 
a measure of distance of the set of functions to their warped average. Related 
elastic matching is an optimization problem of 2D warping specifying cor- 
responding pixels between subjected images; cf. nonlinear elastic matching 
distance between curves. 


21.2 Audio Distances 


Sound is the vibration of gas or air particles that causes pressure variations within 
our eardrums. Audio (speech, music, etc.) Signal Processing is the processing of 
analog (continuous) or, mainly, digital representation of the air pressure waveform 
of the sound. A sound spectrogram (or sonogram) is a visual 3D representation 
of acoustic signal. It is obtained either by a series of bandpass filters (an analog 
processing), or by application of the short-time Fourier transform to the electronic 
analog of an acoustic wave. Three axes represent time, frequency and intensity 
(acoustic energy). Often this 3D curve is reduced to two dimensions by indicating 
the intensity with more thick lines or more intense gray or color values. 

Sound is called tone if it is periodic (the lowest fundamental frequency plus its 
multiples, harmonics or overtones) and noise, otherwise. The frequency is measured 
in cps (the number of complete cycles per second) or Hz (Hertz). The range 
of audible sound frequencies to humans is typically 20 Hz to 20 kHz. A moth 
Galleria mellonella can hear up to 300 kHz, in order to locate predatory bats using 
ultrasound. 

The power P(f) of a signal is energy per unit of time; it is proportional to the 
square of signal’s amplitude A(f). Decibel dB is the unit used to express the relative 
strength of two signals. One tenth of 1 dB is bel, the original outdated unit. 

The amplitude of an audio signal in dB is 20 log), in = 10log), a where f” 
is a reference signal selected to correspond to 0 dB (usually, the threshold of human 
hearing). The threshold of pain is about 120-140 dB. 

Pitch and loudness are auditory subjective terms for frequency and amplitude. 

The mel scale is a perceptual frequency scale, corresponding to the auditory 
sensation of tone height and based on mel, a unit of pitch. It is connected to 
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the acoustic frequency f hertz scale by Mel(f) = 1127In(. + 5) or, simply, 


Mel(f) = 1000 log,(1 + 74a. 

The Bark scale (named after Barkhausen) is a psycho-acoustic scale of fre- 
quency: it ranges from 0 to 24 Bark corresponding to the first 24 critical bands 
of hearing: 

0, 100, 200, ..., 1270, 1480, 1720, ..., 9500, 12,000, 15,500 Hz. 

Those bands correspond to spatial regions of the basilar membrane (of the 
inner ear), where oscillations, produced by the sound of given frequency, activate 
the hair cells and neurons. Our ears are most sensitive in 2000-5000 Hz. The 
Bark scale is connected to the acoustic frequency f kilohertz scale by Bark(f) = 
13 arctan(0.76f) + 3.5 arctan(«4). 

Terrestrial vertebrates perceive frequency on a logarithmic scale, i.e., pitch 
perception is better described by frequency ratios than by differences on a linear 
scale. It is matched by the distribution of cells sensitive to different frequencies in 
their ears. 

Power spectral density PSD(f) of a wave is the power per Hz. It is the Fourier 
transform of the autocorrelation sequence. So, the power of the signal in the band 
(—W, W) is given by i PSD(f)df. A power law noise has PSD(f) ~ f*. The 
noise is called violet, blue, white, pink (or 1) red (or brown(ian)), black (or silent) 
ifa = 2,1,0,—1,—2, < —2. PSD changes by 3a dB per octave (i.e., with frequency 
doubling); it decreases for a < 0. 

Pink noise occurs in many physical, biological and economic systems; cf. long 
range dependence in Chap. 18. It has equal power in proportionally wide frequency 
ranges. Humans also process frequencies in a such logarithmic space (approximated 
by the Bark scale). So, every octave contains the same amount of energy. Thus 
pink noise is used as a reference signal in Audio Engineering. Steady pink noise 
(including light music) reduces brain wave complexity and improve sleep quality. 

Intensity of speech signal goes up/down within a 3-8 Hz frequency which 
resonates with the theta rhythm of neocortex. The speakers produce 3-8 syllables 
per second. 

The main way that humans control their phonation (speech, song, laughter) is 
by control over the vocal tract (the throat and mouth) shape. This shape, i.e., 
the cross-sectional profile of the tube from the closure in the glottis (the space 
between the vocal cords) to the opening (lips), is represented by the cross-sectional 
area function Area(x), where x is the distance to the glottis. The vocal tract acts 
as a resonator during vowel phonation, because it is kept relatively open. These 
resonances reinforce the source sound (ongoing flow of lung air) at particular 
resonant frequencies (or formants) of the vocal tract, producing peaks in the 
spectrum of the sound. 

Each vowel has two characteristic formants, depending on the vertical and 
horizontal position of the tongue in the mouth. The source sound function is 
modified by the frequency response function for a given area function. If the vocal 
tract is approximated as a sequence of concatenated tubes of constant cross-sectional 
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. ; Areal; . 
area, then the area ratio coefficients are the ratios at for consecutive tubes; 
1 


those coefficients can be computed by LPC (linear predictive coding). 

The spectrum of a sound is the distribution of magnitude (dB) (and sometimes the 
phases) in frequency (kHz) of the components of the wave. The spectral envelope is 
a smooth contour that connects the spectral peaks. Its estimation is based on either 
LPC, or FFT (fast Fourier transform) using real cepstrum, i.e., the log amplitude 
spectrum. 

FT (Fourier transform) maps time-domain functions into frequency-domain rep- 
resentations. The complex cepstrum of the signal f(t) is FTUn(FT(f(t) + 2mi))), 
where m is the integer needed to unwrap the angle or imaginary part of the complex 
logarithm function. The FFT performs the Fourier transform on the signal and 
samples the discrete transform output at the desired frequencies usually in the mel 
scale. 

Parameter-based distances used in recognition and processing of speech data are 
usually derived by LPC, modeling the speech spectrum as a linear combination of 
the previous samples (as in autoregressive processes). Roughly, LPC processes each 
word of the speech signal in the following 6 steps: filtering, energy normalization, 
partition into frames, windowing (to minimize discontinuities at the borders of 
frames), obtaining LPC parameters by the autocorrelation method and conversion 
to the LPC-derived cepstral coefficients. LPC assumes that speech is produced by 
a buzzer at the glottis (with occasionally added hissing and popping sounds), and it 
removes the formants by filtering. 

The majority of distortion measures between sonograms are variations 
of squared Euclidean distance (including a covariance-weighted one, i.e., 
Mahalanobis, distance) and probabilistic distances belonging to following general 
types: generalized variational distance, f-divergence and Chernoff distance; cf. 
Chap. 14. 

The distances for sound processing below are between vectors x and y represent- 
ing two signals to compare. For recognition, they are a template reference and input 
signal, while for noise reduction they are the original (reference) and distorted signal 
(see, for example, [OASM03]). Often distances are calculated for small segments, 
between vectors representing short-time spectra, and then averaged. 


¢ SNR distance 
Given a sound, let P and A, denote its average power and RMS (root-mean- 
square) amplitude. The signal-to-noise ratio in decibels is defined by 


P signal Asignal 








SNRag = 10logyo( y. 


) = Psignal,dB — ProisedB = 10 logjo( 


noise noise 


The dynamic range is such ratio between the strongest undistorted and minimum 
discernable signals. It is roughly 140 dB for human hearing, 40 dB for human 
speech and 80 dB for a music in a concert hall. 
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The Shannon—Hartley theorem express the capacity (maximal possible infor- 
mation rate) of a channel with additive colored (frequency-dependent) Gaussian 


noise, on the bandwidth B in Hz as te. log,(1 + aos )df. 


The SNR distance between signals x = (x;) and y = (y,) with n frames is 


eae 
Din OG — yi)? 


If M is the number of segments, the segmented SNR between x and y is defined by 


nm+n 
m oy (i De (x; ap): 


i=nm+1 


10 logig 


Spectral magnitude-phase distortion 
The spectral magnitude-phase distortion between signals x = x(w) and 
y = y(@) is defined by 


ax Y-(eGw)| = lyGv)))? + = A) Oe Zy(w)) ) 


i=1 


where |x(w)|, |y(w)| are magnitude spectra, and Zx(w), Zy(w) are phase spectra 
of x and y, respectively, while the parameter 1,0 < 4 < 1, is chosen in order to 
attach commensurate weights to the magnitude and phase terms. The case A = 0 
corresponds to the spectral phase distance. 

Given a signal f(t) = ae~"'u(t), a, b > 0 which has Fourier transform x(w) = 
brim its magnitude (or amplitude) spectrum is |x| = Tea’ and its phase 
spectrum (in radians) is a(x) = tan7! ¥,Le.,x(w) = |x|e = |x|(cosa+isina). 

The Fourier distance and Fourier phase distance are ||FFT(x) — FFT(y)||2 
and ||arg(FFT(x)) — arg(FFT(y))||2, where the sums only contain the lower 
frequency terms of fast Fourier transform in order to reduce noise. The similar 
wavelet distance is based on the discrete wavelet transform separating low and 
high frequencies. 

Spectral distances 

Given two discrete spectra x = (x;) and y = (y;) with n channel filters, their 
Euclidean metric EM, slope metric SM (Klatt, 1982) and 2-nd differential 
metric 2DM (Assmann and Summerfield, 1989) are defined, respectively, by 





n n n 
Yi@-y*, | le -y)? and | ¥°@! - yy), 
i=1 i=1 i=1 


where z) = zi41 — Z and z’ = max(2z; — zj41 — z-1,0). Comparing, say, 
the auditory excitation patterns of vowels, EM gives equal weight to peaks and 
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troughs although spectral peaks have more perceptual weight. SM emphasizes 
the formant frequencies, while 2DM sets to zero the spectral properties other 
than the formants. 

The RMS log spectral distance (or root-mean-square distance, quadratic 
mean distance) LSD(x, y) is defined by 





n 


1 
= Son; = In y;)?. 
n 


i=1 


The corresponding /,- and /g9-distances are called mean absolute distance and 
maximum deviation. These three distances are related to decibel variations in 
10 


the log spectral domain by the multiple >>. In fact, the log spectral distance 


between power spectra x(w) and y(w) is defined as (expressed in dB): 


1 /” x(@) 
iz [cores er 


The square of LSD(x,y), via the cepstrum representation Inx(w) = 
boas cje”' (where x(w) is the power cepstrum |FT(In(|FT(f(d))|?)|) 
becomes, in the complex cepstral space, the cepstral distance. 

The log area ratio distance LAR(x, y) between x and y is defined by 








1 n 
= ) 10(logy9 Area(x;) — log) Area(y;)), 
n 


i=1 


where Area(z;) is the cross-sectional area of the i-th segment of the vocal tract. 
¢ Bark spectral distance 
Let (x;) and (y;) be the Bark spectra of x and y, where the i-th component 
corresponds to the i-th auditory critical band in the Bark scale. The Bark spectral 
distance (Wang—Sekey—Gersho, 1992) is a perceptual distance, defined by 


BSD(x,y) = So (xi — yi)”, 
i=1 


i.e., it is the squared Euclidean distance between the Bark spectra. 
A modification of the Bark spectral distance excludes critical bands i on which 
the loudness distortion |x; — y;| is less than the noise masking threshold. 





414 21 Image and Audio Distances 


¢ Itakura-—Saito quasi-distance 
The Itakura-Saito (or maximum likelihood) quasi-distance between LPC- 
derived spectral envelopes x = x(w) and y = y(q) is defined (1968) by 


ee eer i x(w) x(w) | 
IS.) = 55 (3 ™ G0) ' oe 


The cosh distance is defined by /S(x, y) + IS(y, x), ie., is equal to 


1 7 (x) yw) ee x(w) _ 
aL (stay ey 2) = ag, 2008n(In Et te 


where cosh(t) = eee is the hyperbolic cosine function. 


* Log-likelihood ratio quasi-distance 
The log-likelihood ratio quasi-distance between LPC-derived spectral 
envelopes x = x(@),y = y(q@) is defined (cf. Kullback—-Leibler distance in 
Chap. 14) by 








The weighted likelihood ratio distance between x(w) and y(w) is defined by 


x(w) yor) y() x(w) 
1 [ (in (33) + say 1) x(w) 3 (in (23) + 5) 1) y(w) 
20 —n Px Py 




















where P(x) and P(y) denote the power of the spectra x(w) and y(w). 
¢ Cepstral distance 
The cepstral distance (or squared Euclidean cepstrum metric) CEP(x, y) 
between the LPC-derived spectral envelopes x = x(w) and y = y(q@) is 
defined by 


ee : (m2) a = =f. (Inx(w) — Iny(w))* dw = 3 (c;(x)—«¢;(y))* 
2a Jew \" yw) On J ‘ ova a 


j=-oo 
where c;(z) = x J, ef In |z(w) |dw is j-th cepstral (real) coefficient of z derived 
from the Fourier transform or LPC. 


The quefrency-weighted cepstral distance (or Yegnanarayana distance, 
weighted slope distance) between x and y is defined by 
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“Quefrency” and “cepstrum” are anagrams of “frequency” and “spectrum”. 
The Martin cepstrum distance between two ARMs (autoregressive models) 
is defined, in terms of their cepstra, by 





oe) 


DE lei) — ci). 


i=0 


Cf. general Martin distance in Chap. 12 and Martin metric in Chap. 11. 
¢ Distances in Musicology 

Pitch is a subjective correlate of the fundamental frequency. A note (or tone) 
is a named pitch. Pitch, seen as extending along a 1D continuum from high to 
low, is called pitch height. But it also varies circularly: a pitch class is a set of 
all pitches that are a whole number of octaves (intervals between a frequency 
and its double) apart. About 10 octaves cover the range of human hearing. 
In Western music, the most used octave division is the chromatic scale: 12 
notes C, C#, D, D#, E, F, F#, G, G#, A, A#, B drawn usually as pitch class space: 
a circle of equal temperament, i.e., divided into 12 equal semitones (or half 
steps). The distance between notes whose frequencies are f\, fo is 12 log, @) 
semitones. 

An interval is the difference between two pitches. Its width is the ratio ¢ (with 
g.c.d(a,b) = 1) between their frequencies. The Benedetti height of this ratio is 
ab; Tenney height (or Tenney harmonic distance) is log, ab and Kees height is 
max (a’, b’), where a’, b’ come from a, b by removing factors of 2. The width of 
a semitone is \/2 or 100 cents. The width of octave is 2 or 1200 cents. 

A pitch distance (or melodic distance) is the size of the section of the pitch- 
continuum bounded by those two pitches, such as modeled in a given scale. A 
MIDI (Musical Instrument Digital Interface) number of fundamental frequency 
f is defined by p(f) = 69 + 12 log, da: The distance between notes, in terms 
of this linear pitch space, becomes the natural metric |p(f,) — p(f2)| on R. 
This pitch distance corresponds to physical distance on keyboard instruments, 
and psychological distance as measured by experiments and musicians. 

Using integer notation 0, 1,..., 11 of pitches, a pitch interval PI(x, y) between 
the pitches x and y is the number of semitones |x — y| that separates them linearly, 
while a pitch-interval class PIC(x, y) is |x — y|_ mod 12 and an interval class 
ic(x, y) is their Lee distance min |x — y|, 12 — |x — y| on the circle. 

In integer notation, the circle of fifths is {7i mod 12911, and its reversal, 
the circle of fourths, is {5i mod 120.11. Neighboring pitches are separated by 
a perfect fifth (interval of 5 staff positions or 7 semitones). 

7 letters of a musical alphabet, C-D-E-F—G—A-B, are called the natural 
tones; they are the names of the white keys on a piano/keyboard, forming an 
octave. Above sequence and any of its translations is a major diatonic scale. A 
diatonic scale is a scale of 7 notes most used in Western music. Its structure is 1- 
1—0.5—1—1-1-0.5, in terms of interval succession of steps. A distance model (in 
Music) is the alternation of two different intervals to create a nondiatonic musical 





416 21 Image and Audio Distances 


mode/scale, such as the 1:3 distance model (alternation of semitones and minor 
thirds). 

In tonal music, composition written in home key; it modulates (move to other 
keys) and usually returns. The distance between keys approximates the ease of 
modulation. Every key is associated with a scale of pitches, usually, major or 
minor diatonic. The interkey distance of two keys is 7 minus the number of 
tones shared by their scales. It is also their distance around the circle of fifths, i.e., 
the difference in the number of sharps (or flats) in their signatures. The relative 
(having the same signatures) major and minor key share all 7 notes. 

A chord in music is any set of at least 3 pitch classes in the same octave that is 
heard as if sounding simultaneously. Music can be seen as a sequence of chords. 
Interval vector of a given chord c is V(c) = (c1,..., C6), where c; is the number 
of times i-th interval class (having i or 12 — i semitones) appears in it. Intervalic 
distance and Estrada distance between chord c and c’ are (Mathieu, 2002): 


6 
Yo lei — cj] and max |e|, c’| — |V(c) NV(c')| = 1. 


i=1 


The root distance is the number of fifths between the roots (pitches upon which 
a chord may be built, often by stacking thirds) of the chords. In [RRHD10], a 
survey of 8 distances between chords is given: above 3 and those by Chew 
(2000), Costére (1962), Lerdahl (2001), Paiement et al. (2005) and Yoo et al. 
(2006). 

Alternatively to equal-temperement, just intonation is a tuning in which the 
frequencies of notes are related by ratios of small whole numbers, say, 3 for 
perfect fifth (G) and $ for perfect forth (F). The pitches can be arranged in a 
2D diagram. For an odd number n > 0, the n-limit diagram contains all rational 
numbers such that any odd divisor of the numerator or denominator is at most 
n. Such 5- and 7-limit can be seen as the hexagonal lattice Ay = {(a,b,c) € 
Z:a+b+c = 0} and face-centered cubic lattice A; = {(a,b,c) € Z : 
a+b+c=0( mod 2)}, respectively, with vector space norms /a? + ab + b? 
and Ja? +ab+b?+c(a+b+c). 

¢ Distances between rhythms 

A rhythm timeline (music pattern) is represented, besides the standard music 

notation, in the following ways, used in computational music analysis. 





1. By a binary vector x = (x|,...,%m) of m time intervals (equal in a metric 
timeline), where x; = 1 denotes a beat, while x; = 0 denotes a rest interval 
(silence). For example, the five 12/8 metric timelines of Flamenco music are 
represented by five binary sequences of length 12. 

2. By a pitch vector q = (q\,...,4n) of absolute pitch values q; and a pitch 
difference vector p = (pi,...,Pn—1) Where p; = gi+1 — qi represents the 
number of semitones (positive or negative) from q; to gj+1. 
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3. By an interonset interval vector t = (t,...,t,) of n time intervals between 
consecutive onsets. 
4. By a chronotonic representation which is a histogram visualizing t as a 


sequence of squares of sides f,...,tf,; it can be seen as a piecewise linear 
function. 
: ti 
5. By a rhythm difference vector r = (r1,...,T,—1), Where r; = =. 


tj 
Examples of general distances between rhythms are the Hamming distance, 
swap metric (Chap. | 1) and Earth Mover’s distance between their given vector 
representations. 

The Euclidean interval vector distance is the Euclidean distance between 
two interonset interval vectors. The Gustafson chronotonic distance is a varia- 
tion of /,-distance between these vectors using the chronotonic representation. 

Coyle—Shmulevich interval-ratio distance is defined by 


n—-1 


eT pa max{r, r;} 
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where r and r’ are rhythm difference vectors of two rhythms (cf. the reciprocal 
of Ruzicka similarity in Chap. 17). 
Long-distance drumming 

Long-distance drumming (or drum telegraphy) is an early form of long- 
distance communication which was used by cultures in Africa, New Guinea and 
the tropical America living in deforested areas. A rhythm could represent an 
signal, repeat the profile of a spoken utterance or simply be subject to musical 
laws. 

The message drums (or slit gongs) were developed from hollow tree trunks. 
The sound could be understood at < 8 km but usually it was relayed to a next 
village. Another oldest tools of audio telecommunication were horns (tapered 
sound guides providing an acoustic impedance match between a sound source 
and free air). Any mode of communication (as by means of drums or horns) for 
use beyond the range of the articulate voice, is called distance language. 

Soldier termites of some species drum their heads (11 times per second) on 
the ground to signal danger. The initial vibrations travel 40 cm, but a chain of 
soldiers relay the resulting wave, moving 1.3 m/s, over much greater distances. 
Sonority distance effect 

People in warm-climate cultures spend more time outdoors and engage, on 
average, in more distal oral communication. So, such populations have greater 
sonority (audibility) of their phoneme inventory. Munroe et al., 1996 and 2009, 
observed that speakers in such languages use more simple consonant-vowel 
syllables, vowels and sonorant (say, nasal “n’, “m” rather than obstruents as “t’, 
“e”) consonants. 

Ember and Ember, 2007, found that number of cold months, as well as the 
combination of cold climate and sparse vegetation, predicts less sonority. Larger 
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average distance of the baby from its caregivers, as well as higher frequency of 
premarital and extramarital sex predicts more sonority. 
* Vocal deviation 

Vocal deviation is (Podos, 2001) the distance of birdsong performance to 
the upper performance limit. Performance is measured by a variable combining 
frequency bandwidth and note repetition rate (the number of notes per second). 

The vocal deviation of a bird is the minimal point-line distance (Chap. 4) of 
data points of its recordings from the (upper-bound regression) line representing 
performance limit. 

Fitch et al., 2014, found in hermit thrush’s songs the same intervals of pitch as 
the common major chords (octave, perfect fifth, perfect third) in human music. 

¢ Acoustics distances 

The wavelength of a wave is the distance it travels to complete one cycle. This 
distance is measured perpendicular to the wavefront in the direction of propaga- 
tion between one peak of a sine wave (sinusoid) and the next corresponding peak. 
The wavelength of any frequency sound may be found by dividing the speed of 
sound (331.4 m/s at sea level) in the medium by the fundamental frequency. 

The near field (cf. Chap. 24) is the part of a sound field (usually within about 
two wavelengths from the source) where there is no simple relationship between 
sound level and distance. The far field (cf. Chap. 24) is the area beyond the 
near field boundary. It is comprised of the reverberant field and free field, where 
sound intensity decreases as + with the distance d from the source. This law 
corresponds to a reduction of ~ 6 dB in the sound level for each doubling of 
distance and to halving of loudness (subjective response) for each reduction of 
~ 10 dB. 

The critical distance (or room radius) is the distance from the source at which 
the direct sound and reverberant sound (reflected echo produced by the direct 
sound bouncing off, say, walls, floor, etc.) are equal in amplitude. 

The pickup distance of a microphone is the effective distance that it can be 
used at. For an electric guitar, it is the distance from pickup (transducer that 
captures mechanical vibrations) to strings. 

A directional microphone may be placed farther away from a desired sound 
source than an omnidirectional one of equal quality; the ratio of distances is 
called the distance factor. 

The proximity effect (audio) is the anomaly of low frequencies being enhanced 
when a directional microphone is very close to the source. 

Auditory distance cues (Chap.28) are based on differences in loudness, 
spectrum, direct-to-reverb ratio and binaural ones. The closer sound object is 
louder, has more bass, high-frequencies, transient detail, dynamic contrast. Also, 
it appear wider, has more direct sound level over its reflected sound and has 
greater time delay between the direct sound and its reflections. 

The acoustic metric is the term used occasionally for some distances between 
vowels; for example, the Euclidean distance between vectors of formant fre- 
quencies of pronounced and intended vowel. Cf. acoustic metric in Physics 
(Chap. 24). 


Chapter 22 
Distances in Networks 


22.1 Scale-Free Networks 


A network is a graph, directed or undirected, with a positive number (weight) 
assigned to each of its arcs or edges. Real-world complex networks usually have 
a gigantic number WN of vertices and are sparse, i.e., with relatively few edges. 

Interaction networks (Internet, Web, social networks, etc.) tend to be small- 
world ([{Watt99]), i.e., interpolate between regular geometric lattices and random 
graphs in the following sense. They have a large clustering coefficient (the prob- 
ability that two distinct neighbors of a vertex are neighbors), as lattices in a local 
neighborhood, while the average path distance between two vertices is small, about 
InN, as in a random graph. 

A scale-free network ({Bara01]) ia a network with probability distribution for 
a vertex to have degree k being similar to k ”, for some constant y > 0 which 
usually belongs to the segment [2, 3]. This power law implies that very few vertices, 
called hubs (connectors, gateways, super-spreaders), are far more connected than 
other vertices. The power law (or long range dependent, heavy-tail) distributions, 
in space or time, has been observed in many natural phenomena (both physical and 
sociological). 


¢ Collaboration distance 

The collaboration distance is the path metric of the Collaboration graph, 
having authors in Mathematical Reviews database as vertices with xy being an 
edge if authors x and y have a joint publication among the papers from this 
database. 

The vertex of largest degree (1416) corresponds to Paul Erdés; the Erdés 
number of a mathematician is his collaboration distance to Paul Erdés. An 
example of a 3-path: Michel Deza—Paul Erdés—Ernst Gabor Straus—Albert 
Einstein. 
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¢ Co-starring distance 

The co-starring distance is the path metric of the Hollywood graph, having 
about 250,000 vertices (actors in the Internet Movie database) with xy being an 
edge if the actors x and y appeared in a feature film together. The vertices of 
largest degree are Christopher Lee and Kevin Bacon; the trivia game Six degrees 
of Kevin Bacon uses the Bacon number, i.e., the co-starring distance to this actor. 

The Morphy and Shusaku numbers are the similar measures of a chess or Go 
player’s connection to Paul Morphy and Honinbo Shusaku by way of playing 
games. Kasparov number of a chess-player is the length of a shortest directed 
path, if any, from him/her to Garry Kasparov; here arc uv means victory of u 
over v. 

Similar popular examples of such social scale-free networks are graphs of 
musicians (who played in the same rock band), baseball players (as team-mates), 
scientific publications (who cite each other), mail exchanges, acquaintances 
among classmates in a college, business board membership. 

Among other such studied networks are air travel connections, word 
co-occurrences in human language, US power grid, sensor networks, worm 
neuronal network, gene co-expression networks, protein interaction networks 
and metabolic networks (with two substrates forming an edge if a reaction 
occurs between them via enzymes). 

¢ WikiDistance 

In 2015, Wikipedia had about 38 million articles in 281 languages and 74,000 
active editors. English Wikipedia alone had 5 million articles (4 % of estimated 
number of notable articles needed to cover all human knowledge) and 814 billion 
of edits. 

The WikiDistance is the directed path quasi-metric of the Wikipedia digraph, 
having English Wikipedia articles as vertices, with xy being an arc if the article x 
contains an hyperlink to the article y; cf. http://software.tanos.co.uk/wikidistance 
and the Web hyperlink quasi-metric. 

Gabrilovich—Markovich, 2007, proposed to measure semantic relatedness of 
two texts by the cosine distance (cf. Web similarity metrics) between weighted 
vectors, interpreting texts in terms of affinity with a host of Wikipedia concepts. 

Crandall et al., 2008, considered the social network of Wikipedia editors: 
two editors are assumed to be connected if one of them posted to the other’s 
discussion page. Brandes et al., 2009, considered the edit network of a Wikipedia 
page, where nodes are the authors of this page and edges correspond to undoing 
each other edits. 

The editing depth of Wikipedia is an indicator of its collaborativeness defined 
as D = aa x (2)°, where e,a,n are the numbers of page edits, articles and 
nonarticles (redirects, talk, user pages). At February 2016, English Wikipedia 
had D = 916. 

¢ Virtual community distance 

Largest, in millions of active user accounts, virtual communities (online social 
networking services) are, as of December 2014, Facebook (1590), WhatsApp 
(1000), Tencent QQ (860), Facebook Messenger (800), Tencent Ozone (653), 
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WeChat (650), Googlet (540), Istagram (400), Twitter (305), Skype (300), all of 
origin in the US or China. 3.3 billion has used the services of the Internet within 
2015. 

In 2012, about 30 billion documents were uploaded on Facebook, 300 million 
tweets sent on Twitter and 24 petabytes of data processed by Google per day, 
while mankind published only ~5000 petabytes for the 20,000 years before 
2003. 

A virtual community distance is the path metric of the graph of active users, 
two of them forming an edge if they are “friends”. In Twitter it means that both 
“follow” each other. In particular, for the Facebook hop distance in November 
2011, 99.6 % of all pairs of users were connected by paths of length at most 5. 
The mean distance was 4.74, down from 5.28 in 2008. 

The Twitter friendship distance in Avril 2010 was 4,5,6 among 
37 %, 41 %, 13 % of 5.2 billion friendships. The average distance was 4.67 steps. 
Cf. mean distance 5.2 in Milgram’s (1967) theory of six degrees of separation 
on a planetary scale. 

An example of application: analysing linguistically emotional content of 
tweets and comments, one can obtain an interaction graph of the targeted region 
mood. 

Distance effect in large e-mail networks 

Takhteyev—Gruzd—Wellman, 2012, considered a sample representing Twitter 
tie (i.e., “follow” relation in both directions) network. They found that distance 
constrains ties, despite the seeming ease with which they can be formed: 39 % 
of the ties are shorter than 100 km (within the same regional cluster), ties up to 
1000 km are more frequent than random ones, and ties longer than 5000 km are 
rare. Cf. distance decay in Chap. 28. But the nonlocal ties are predicted better 
by the frequency of airline connections than by physical proximity. 

State et al., 2013, started with a graph of a sample about 10 million users of 
Yahoo! email with an edge between two users whenever they exchanged at least 
one email message in both directions, during the observation period in 2012. 
A weighted complete graph of 141 countries was derived, with edge-weight 
being the rescaled logarithm of the communication density between countries. 
For each doubling of distance (between each country centroids) and doubling 
of the number of direct flights, the density decreased by 66 % and increased by 
33 %, respectively. 

But the main (besides colonial link and common language) cultural factor, 
nearly doubling the density, happens to be the common membership in the same 
civilization from the list produced by Huntigton in a 1993 article The Clash 
of Civilizations: Latin American, Islamic, Orthodox, Sinic, Buddist, Western, 
African, Hindu, Japonic. For Latin American, Islamic, and Orthodox civilization, 
this factor increases the density by the factor of 5.4, 3.1 and 2.4, respectively. 
Network’s hidden metric 

Many social, biologic, and communication networks, including the Internet 
and Web, are scale-free and strongly clustered (many triangular subgraphs). 
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Greedy routing is a navigation strategy to do always the locally optimal step 
with the hope of finding a globally shortest path. Krioukov et al., 2009, found 
that successful greedy paths are shortest, mostly and asymptotically, in the large 
complex networks. 

They explain such efficiency by the existence of a hidden metric space (V, d) 
on the set V of nodes, so that a node passes information to the neighbor that is 
closest in (V,d) to the final destination. Moreover, they suggest that (V, d) is 
hyperbolic, because the nodes are heterogeneous (can be classified into groups, 
subgroups, and so on) implying a tree-like structure of such network. 

¢ Sexual distance 

Given a group of people, its sexual network is the graph of members two of 
them forming an edge if they had a sexual contact. The sexual distance is the 
path metric of a sexual network. Such networks of heterosexual individuals are 
usually scale-free but not small-world since they have no 3-cycles and very few 
4-cycles. 

Several sexual networks were mapped in order to trace the spread of sexually 
infectious diseases. The sexual network of all adults aged 18-35 in Licoma 
(almost isolated island 18 km? on lake Malawi) have a giant connected com- 
ponent containing half of nonisolated vertices, and more than one quarter were 
connected robustly, i.e., by multiple disjoint paths. Also, in the sexual network of 
students of an Midwestern US high school, 52 % of nonisolated vertices belong 
to a giant connected component. But this graph contains very few cycles and have 
large diameter (37). 

A study of persons at risk for HIV (Colorado Springs, 1988-1992) compared 
their sexual and geographical distance, measured as the actual distance between 
their residences. The closest (at mean 2.9 km) pairs were HIV-positive persons 
and their contacts. The most distant (at mean 6.1 km) pairs were prostitutes and 
their paying partners. The mean distance between all persons in Colorado Springs 
was 12.4 km compared with 5.4 km between all dyads the study. 

Moslonka-Lefebre et al., 2012, consider weighted sexual networks, where the 
weight of an edge is the number of sex acts that are actually realized between two 
individuals per, say, a week. Such model is more consistent with epidemiological 
data. 

The sexual network for the human race have a giant connected component 
containing many vertices of degree 1 and almost all vertices of larger degree. 

A dating application Tinder, linked to Facebook, has an estimated 50 million 
users since 2012; it generates 15 million mutual matches a day. 

¢ Subway network core 

Roth et al., 2012, observed that the world’s largest subway networks converge 
to a similar shape: a core (ring-shaped set of central stations) with quasi-1D/linear 
branches radiating from it. The average degree of core stations is 2.5; among 
them ~ 20 % are transfer stations and > 60 % have degree 2. 

The average radial (from the geographical centroid of all stations) distance 
(in km) to branched stations is about double of such distance to core stations, 
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while the number of branches scales roughly as the square root of the number of 
stations. 

Cf. Moscow metric, Paris metric, and subway semimetric in Chap. 19. 

¢ Normalized web distance 

The normalized web distance (or normalized Google distance, as it was 
derived by Cilibrasi and Vitanyi, 2007, from [BGLVZ98}]) is a semantic distance, 
not a metric, between search terms induced by a large data base (say, the Internet) 
and a search engine (say, Google). It is applicable to any data-base search engine 
pair. This distance between two search terms x and y is defined by 


NWD(x,y) = max{log f(x), log f(y)} — logfy) 


log N — min{log f(x), log f(y)} 





where f(x) is the number of pages containing x, the frequency f(x, y) is the 
number of pages containing both x and y, and N is the total number of indexed 
pages. 

Cf. normalized information distance in Chap. 11. 

¢ Drift distance 

The drift distance is the absolute value of the difference between observed 
and actual coordinates of a node in a NVE (Networked Virtual Environment). 

In models of such large-scale peer-to-peer NVE (for example, Massively 
Multiplayer Online Games), the users are represented as coordinate points on the 
plane (nodes) which can move at discrete time-steps, and each has a visibility 
range called the Area of Interest. NVE creates a synthetic 3D world where 
each user assumes avatar (a virtual identity) to interact with other users or 
computer AI. 

The primary metric tool in MMOG and Virtual Worlds is the proximity sensor 
recording when an avatar is within its specified range. 

The term drift distance is also used for the current going through a material, 
in tire production, etc. 

¢ Betweenness centrality 

For a geodesic metric space (X,d) (in particular, for the path metric of a 

graph), the stress centrality of a point x € X is defined (Shimbel, 1953) by 


a Number of shortest (y — z) paths through, 
y,zEX, yAxFz 


the betweenness centrality of a point x € X is defined (Freeman, 1977) by 





9 Number of shortest (y — z) paths throughx 


g(x) = 
Number of shortest (y — z) paths 


y,zEX, yxxAz 
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and the distance-mass function is a function M : R= — Q defined by 


{ty € X: d(x, y) + diy, z) = a for some x, y € X}| 


M(a) = {(x,z) EX xX: d(x, z) = a}| 





[GOJKKO2] estimated that Me) ~ 4.5 for the Internet AS metric, and ~ 1 for 
the Web hyperlink quasi-metric for which the shortest paths are almost unique. 
¢ Distance centrality 
Given a finite metric space (X, d) (usually, the path metric on the graph of a 
network) and a point x € X, we give here examples of metric functionals used 
to measure distance centrality, i.e., the amount of centrality of the point x in X 
expressed in terms of its distances d(x, y) to other points. 


1. The eccentricity (or Koenig number) maxycy d(x, y) was given in Chap. 1; 
Hage-Harary, 1995, considered 


maxyex xy) ° 


2. The closeness (Sabidussi, 1966) is the inverse Soe 
yEx x,y) 


3. Dangalchev, 2006, introduced Sivek — 2-4") which allows the case 
d(x, y) = oo (disconnected graphs). 

4. The functions fj = )\,<y d(x, y) and fp = Y>\cy d?(x, y); cf. Fréchet mean 
in Chap. 1. 


of the farness. 


In Location Theory applications, X’ C X is a set of positions of “clients” 
and one seeks points x € X of acceptable facility positions. The appropriate 
objective function is, say, min maxyex’ d(x, y) to locate an emergency service, 
min >> <x, d(x, y) for a goods delivering facility and max )>,<y, d(x, y) for a 
hazardous facility. 


22.2 Network-Based Semantic Distances 


Among the main lexical networks (such as WordNet, Framenet, Medical Search 
Headings, Roget’s Thesaurus) a semantic lexicon WordNet is the most popular lex- 
ical resource used in Natural Language Processing and Computational Linguistics. 

WordNet (see http://wordnet.princeton.edu) is an online lexical database in 
which English nouns, verbs, adjectives and adverbs are organized into synsets 
(synonym sets), each representing one underlying lexical concept. 

Two synsets can be linked semantically by one of the following links: upwards 
x (hyponym) IS-A y (hypernym) link, downwards x (meronym) CONTAINS y 
(holonym) link, or a horizontal link expressing frequent co-occurrence (antonymy), 
etc. JS-A links induce a partial order, called [S-A taxonomy. The version 2.0 of 
WordNet has 80,000 noun concepts and 13,500 verb concepts, organized into 9 
and 554 separate [S-A hierarchies. 

In the resulting DAG (directed acyclic graph) of concepts, for any two synsets 
(or concepts) x and y, let (x,y) denote the length of the shortest path between 
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them, using only JS-A links, and let LPS(x, y) denote their least common subsumer 
(ancestor) by /S-A taxonomy. Let d(x) denote the depth of x (i.e., its distance from 
the root in JS-A taxonomy) and let D = max, d(x). 

The semantic relatedness of two nouns can be estimated by their ancestral 
path distance (cf. Chaps. 10 and 23), i.e., the length of the shortest ancestral path 
(concatenation of two directed paths from a common ancestor) to them). A list of 
the other main semantic similarities and distances follows. See also [HRJM13]. 


¢ Length similarities 
The path similarity and Leacock—Chodorow similarity between synsets x 
and y are defined by 





U(x, 
path(x, y) = (U(x, y))~! and Ich(x, y) = —In ae 
The conceptual distance between x and y is defined by ey) 


¢ Wu-Palmer similarity 
The Wu-Palmer similarity between synsets x and y is defined by 


2d(LPS(x, y)) 


wup(x, y) = TEE TC 


¢ Resnik similarity 
The Resnik similarity between synsets x and y is defined by 


res(x, y) = —In p(LPS(x, y)), 


where p(z) is the probability of encountering an instance of concept z in a large 
corpus, and — In p(z) is called the information content of z. 
¢ Lin similarity 
The Lin similarity between synsets x and y is defined by 


2 In p(LPS(x, y)) 
In p(x) + In p(y)’ 





lin(x, y) = 


¢ Jiang—Conrath distance 
The Jiang—Conrath distance between synsets x and y is defined by 


jcn(x, y) = 21n p(LPS(x, y)) — (In p(x) + In p()). 


¢ Lesk similarities 
A gloss of a synonym set z is the member of this set giving a definition or 
explanation of an underlying concept. The Lesk similarities are those defined 
by a function of the overlap of glosses of corresponding concepts; for example, 
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the gloss overlap is 


2t(x, y) 
t(x) + t(y)’ 


where f(z) is the number of words in the synset z, and t(x, y) is the number of 
common words in x and y. 
¢ Hirst-St-Onge similarity 
The Hirst-St-Onge similarity between synsets x and y is defined by 


hso(x, y) = C — L(x, y) — ck, 


where L(x, y) is the length of a shortest path between x and y using all links, k is 
the number of changes of direction in that path, and C, c are constants. 

The Hirst-St-Onge distance is defined by Ee) 

¢ Semantic biomedical distances 

The semantic biomedical distances are the distances used in biomedical 
lexical networks. The main clinical terminologies are UMLS (United Medical 
Language System) and SNOMED (Systematized Nomenclature of Medicine) 
CT. 

An example of such distances used in SNOMED and presented in Melton et 
al., 2006, is given by the interpatient distance between two medical cases (sets 
X and ¥ of patient data). It is their Tanimoto distance (Chap. 1) wh : 

The conceptual distance between two biomedical concepts in UMLS is 
(Caviedes and Cimino, 2004) the minimum number of /S-A parent links between 
them in the directed acyclic graph of IS-A taxonomy of concepts. 

e Semantic proximity 

For the words in a document, there are short range syntactic relations and long 
range semantic correlations, i.e., meaning correlations between concepts. 

The main document networks are Web and bibliographic databases (digital 
libraries, scientific databases, etc.); the documents in them are related by, 
respectively, hyperlinks and citation or collaboration. 

Also, some semantic tags (keywords) can be attached to the documents in 
order to index (classify) them: terms selected by author, title words, journal titles, 
etc. 

The semantic proximity between two keywords x and y is their Tanimoto 


similarity ort where X and Y are the sets of documents indexed by x and y, 
[XAY|, 


respectively. Their keyword distance is defined by Ixny? it is not a metric. 
¢ Dictionary digraph 
Dictionary digraph (V, E) have the words of a given dictionary as vertices, 
and arcs uv € E whenever word u is used to define word v. The kernel (V’, E’) 
is its subdigraph induced by the vertices with out-degree #4 0. MF (minimum 
feedback vertex set) is a smallest set of vertices, from which any v € V can be 
reached. 
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Picard et al., 2013, found that |V| ~ 10|V’| ~ 20|MF| ~ 20|V”| in such 
digraphs for four English dictionaries; here (V”, E”) is the core (largest strongly 
connected component) of the kernel. They observed that the words in the kernel 
V’ are learned at a much younger age, and are more concrete, imageable and 
frequent than the words in V \ V’. The same is true, but more so, comparing V” 
with V \ V” and any MF with V \ MF. Cf. Swadesh similarity (Chap. 28). 

e SimRank similarity 

Let D be a directed multigraph representing a cross-referred document corpus 
(say, a set of citation-related scientific papers, hyperlink-related web pages, etc.) 
and I(v) be the set of in-neighbors of a vertex v. 

SimRank similarity s(x, y) between vertices x and y of D is defined (Jeh and 
Widom, 2002) as 1 if x = y, 0 if |7(x)||/(y)| = 0 and, otherwise, as 


C 
Fone 2. a) 


a€l(x),bEl(y) 


where C is a constant, 0 < C < 1 (usually, C = 0.8 or 0.6 is used). 
e D-separation in Bayesian network 

A Bayesian network is a DAG (digraph with no directed cycles) (V, E) whose 
vertices represent random variables and arcs represent conditional dependencies; 
so, the likelihood of each vertex can be calculated from the likelihood of its 
ancestors. Bayesian networks, including causal networks, are used for modeling 
knowledge. 

A vertex v € Vis called a collider of a trail (undirected path) ¢ if there are two 
consecutive arcs uv, vu’ € E ont. A trail t is active by a set Z C V of vertices 
if every its collider is or has a descendent in Z, while every other vertex along t 
is outside of Z. If X, Y,Z C V are disjoint sets of vertices, then Z is said (Pearl, 
1988) to d-separate X from Y if there is no active trail by Z between a vertex in 
X and a vertex in Y. Such d-separation means that the variable sets, represented 
by X and Y, are independent conditional on variables, represented by Z, in all 
probability distributions the DAG (V, £) can represent. 

The minimal set which d-separates vertex v from all other vertices is v’s 
Markov blanket; it consists of v’s parents, its children, and its children’s parents. 
A moral graph of the DAG (V, E£), used to find its equivalent undirect form, is the 
graph (V, E’), where E’ consists all arcs from E made undirected plus all missing 
marriages (edges between vertices having a common child). 

Cf. the Bayesian graph edit distance in Chap. 15. 

¢ Forward quasi-distance 

In a directed network, where edge-weights correspond to a point in time, the 
forward quasi-distance (backward quasi-distance) is the length of the shortest 
directed path, but only among paths on which consecutive edge-weights are 
increasing (decreasing, respectively). 

The forward quasi-distance is useful in epidemiological networks (disease 
spreading by contact, or, say, heresy spreading within a church), while the 





428 22 Distances in Networks 


backward quasi-distance is appropriated in P2P (i.e., peer-to-peer) file-sharing 
networks. 

Berman, 1996, introduced scheduled network: a directed network (of, say, 
airports), in which each edge (say, flight) is labeled by departure and arrival 
times. Kempe—Kleinberg—Kumar, 2002, defined more general temporal network: 
an edge-weighted graph, in which the weight of an edge is the time at which its 
endpoints communicated. A path is time-respecting if the weights of its edges 
are nondecreasing. Besides Scheduling and Epidemiology, such networks occur 
in Distributed Systems (say, dissemination of information using node-to-node 
communication). 

In order to handle large temporal data on human behavior, Kostakos, 2009, 
introduced temporal graph: an arc-weighted directed graph, where the vertices 
are instances ajt, (person a; in point ft, of time), and the arcs are (t+) — t)- 
weighted ones (ajf,, ajt,+1) linking time-consecutive pairs and unweighted ones 
(ajtz, ajt,) representing a communication (say, e-mail) from a; to a; at time t. 

In order to handle temporally disconnected (not connected by a time- 
respecting path) nodes, Tang et al., 2009, defined time-varying network: an 
ordered set {D,;},=1,...7 of directed (or not) graphs D, = (X, E,), where the arc- 
sets E, may change in time and the arcs have temporal duration. As real-world 
examples, they considered brain cortical and social interaction networks. 


22.3 Distances in Internet and Web 


Let us consider in detail the graphs of the Web and of its hardware substrate, Internet 
which are small-world and scale-free. 

The Internet is the largest WAN (wide area network), spanning the Earth. This 
publicly available worldwide computer network came from 13-node ARPANET 
(started in 1969 by US Department of Defense), NSFNet, Usenet, Bitnet, and 
other networks. In 1995, the National Science Foundation in the US gave up the 
stewardship of the Internet, and in 2009, US Department of Commerce accepted pri- 
vatization/internationalization of ICANN, the body responsible for domain names 
in the Internet. 

Its nodes are routers, i.e., devices that forward packets of data along networks 
from one computer to another, using IP (Internet Protocol relating names and 
numbers), TCP and UDP (for sending data), and (built on top of them) HTTP, 
Telnet, FTP and many other protocols (i.e., technical specifications of data transfer). 
Routers are located at gateways, i.e., places where at least two networks connect. 

The links that join the nodes together are various physical connectors, such as 
telephone wires, optical cables and satellite networks. The Internet uses packet 
switching, i.e., data (fragmented if needed) are forwarded not along a previously 
established path, but so as to optimize the use of available bandwidth (bit rate, in 
million bits per second) and minimize the latency (the time, in milliseconds, needed 
for a request to arrive). 
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Each computer linked to the Internet is usually given a unique “address”, called 
its IP address. The new Internet Protocol IPv6 has address space 2!*8 ~ 4.4 x 10°8. 
The most popular applications supported by the Internet are e-mail, file transfer, 
Web, and some multimedia as YouTube and Internet TV. In 2012, 144 billions e- 
mails (68.8 % of which was spam) were sent daily by 2.2 billions users worldwide. 
In 2015, global IP traffic will reach 1.0 zettabytes (1000’ bytes) per year. 

The Internet IP graph has, as the vertex-set, the IP addresses of all computers 
linked to the Internet; two vertices are adjacent if a router connects them directly, 
i.e., the passing datagram makes only one hop. The Internet also can be partitioned 
into ASs (administratively Autonomous Systems). Within each AS the intradomain 
routing is done by IGP (Interior Gateway Protocol), while interdomain routing is 
done by BGP (Border Gateway Protocol) which assigns an ASN (16-bit number) 
to each AS. The Internet AS graph has ASs (about 42,000 in 2012) as vertices and 
edges represent the existence of a BGP peer connection between corresponding ASs. 

The World Wide Web (WWW or Web, for short) is a major part of Internet content 
consisting of interconnected documents (resources). It corresponds to HTTP (Hyper 
Text Transfer Protocol) between browser and server, HTML (Hyper Text Markup 
Language) of encoding information for a display, and URLs (Uniform Resource 
Locators), giving unique “addresses” to web pages. The Web was started in 1989 in 
CERN which gave it for public use in 1993. The Web digraph is a virtual network, 
the nodes of which are documents (i.e., static HTML pages or their URLs) which 
are connected by incoming or outcoming HTML hyperlinks, i.e., hypertext links. It 
was at least 4.64 billion nodes (pages) in the Indexed Web digraph in May 2014. 

The number of operating web sites (collections of related web pages found at a 
single address) reached 634 million in 2012 from 18,957 in 1995. In 2012, 54.7 % of 
websites were in English, followed by 5.9 %, 5.7 % in Russian and German. Along 
with the Web lies the Deep (or Invisible) Web, i.e., content, which is not indexed by 
standard search engines. This content (say, unlinked, or having dynamic URL, non- 
HTML/text, technically limited access, or scripted, requiring registration/login) has 
(Bergman, 2001) about 3000 times more pages than Surface Web, where Internet 
searchers are searching. 

There are several hundred thousand cyber-communities, i.e., clusters of nodes of 
the Web digraph, where the link density is greater among members than between 
members and the rest. The cyber-communities (a customer group, a social network, 
a concept in a technical paper, etc.) are usually focused around a definite topic and 
contain a bipartite hubs-authorities subgraph, where all hubs (guides and resource 
lists) point to all authorities (useful and relevant pages on the topic). 

Examples of new media, created by the Web are (we)blogs (digital diaries 
posted on the Web), Skype (telephone calls), social sites (as Facebook, Twit- 
ter, Linkedin) and Wikipedia (the collaborative encyclopedia). Original Web-as- 
information-source is often referred as Web 1.0, while Web 2.0 means present 
Web-as-participation-platform as, for example, web-based communities, blogs, 
social-networking (and video-sharing) sites, wikis, hosted services and web appli- 
cations. For example, with cloud servers one can access his data and applications 
from the Internet rather than having them housed on-site. 
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Web 3.0 is the third generation of WWW conjectured to include semantic tagging 
of content. The project Semantic Web by W3C (WWW Consortium) aims at linking 
to metadata, merging social data and (making all things addressable by the existing 
naming protocols) transformation of WWW into GGG (Giant Global Graph) of 
users. 

The Internet of Things refers to uniquely identifiable objects (things) and their 
virtual representations in an Internet-like structure. It would encode geographic 
location and dimensions of 50-100 trillion objects, and be able to follow their 
movement and send data between them. Every human being is surrounded by 1000- 
5000 objects. 

On average, nodes of the Web digraph are of size 10 kilobytes, out-degree 7.2, 
and probability k~? to have out-degree or in-degree k. A study in [BKMROO] of 
over 200 million web pages gave, approximately, the largest connected component 
“core” of 56 million pages, with another 44 million of pages connected to the core 
(newcomers?), 44 million to which the giant core is connected (corporations?) and 
44 million connected to the core only by undirected paths or disconnected from it. 
For randomly chosen nodes x and y, the probability of the existence of a directed 
path from x to y was 0.25 and the average length of such a shortest path (if it exists) 
was 16, while maximal length of a shortest path was over 28 in the core and over 
500 in the whole digraph. 

A study in [CHKSS07] of Internet AS graphs revealed the following Medusa 
structure of the Internet: “nucleus” (diameter 2 cluster of ~ 100 nodes), “fractal” 
(15,000 nodes around it), and “tentacles” (+5000 nodes in isolated subnetworks 
communicating with the outside world only via the nucleus). 

The distances below are examples of host-to-host routing metrics, i.e., values 
used by routing algorithms in the Internet, in order to compare possible routes. 
Examples of other such measures are: bandwidth consumption, communication 
cost, reliability (probability of packet loss). Also, the main computer-related quality 
metrics are mentioned. 


¢ Distance-vector routing protocol 

A distance-vector routing protocol (DVRP) requires that a router informs its 
neighbors of topology changes periodically and, in some cases, when a change 
is detected in the topology of a network. Routers are advertised as vectors of a 
distance (say, Internet IP metric) and direction, given by next hop address and 
exit interface. Cf. displacement in Chap. 24. 

Ad hoc on-demand distance-vector routing is a (both unicast and multicast) 
routing protocol for mobile and other wireless ad hoc networks. It establishes a 
route to a destination only on demand and avoids the counting-to-infinity problem 
of other distance-vector protocols by using sequence numbers on route updates. 

Between nodes of an ad hoc network with end-to-end delay constraints, head- 
of-line packets compete for access to the shared medium. Each packet with 
remaining lifetime T and remaining Internet IP metric H to its destination, 
is associated with a ranking function y(H,7) = r. denoting its transmission 
priority. The number a > 0 is called lifetime-distance factor; it should be 
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optimized in order to minimize the probability of packet loss due to excessive 
delay. 
¢ Internet IP metric 

The Internet IP metric (or hop count, R/P metric, IP path length) is the path 
metric in the Internet IP graph, i.e., the minimal number of hops (or, equivalently, 
routers, represented by their IP addresses) needed to forward a packet of data. 

RIP (a distance-vector routing protocol first defined in 1988) imposes a 
maximum distance of 15 and advertises by 16 nonreachable routes. 

¢ Internet AS metric 

The Internet AS metric (or BGP-metric) is the path metric in the Internet 
AS graph, i.e., the minimal number of ISPs (Independent Service Providers), 
represented by their ASs, needed to forward a packet of data. 

¢ Geographic distance 

The geographic distance is the great circle distance (Chap. 25) on the Earth 
from the client x (destination) to the server y (source). 

However, for economical reasons, the data often do not follow such geodesics; 
for example, most data from Japan to Europe transits via US. 

¢ RTT-distance 

The RTT-distance (or ping time) is the round-trip time (to send a packet and 
receive an acknowledgment back) of transmission between x and y, measured in 
milliseconds (usually, by the ping command). 

See [HFPMC02] for variations of this distance and connections with the 
above three metrics. Fraigniaud—Lebbar-Viennot, 2008, found that RTT is a 
C-inframetric (Chap. 1) with C ~ 7. 

¢ Synchcronization distance 

In the Network Time Protocol (NTP), the synchcronization distance is the 
root dispersion (maximum error relative to the primary reference source at the 
root of the synchronization subnet) plus one half the root delay (total round-trip 
delay to the primary reference source at the root of the synchronization subnet). 

¢ Administrative cost distance 

The administrative cost distance is the nominal number (rating the trustwor- 
thiness of a routing information), assigned by the network to the route between 
x and y. For example, Cisco Systems assigns values 0, 1,..., 200,255 for the 
Connected Interface, Static Route, ..., Internal BGP, Unknown, respectively. 

¢ DRP-metrics 

The DD (Distributed Director) system of Cisco uses (with priorities and 
weights) the administrative cost distance, the random metric (selecting a 
random number for each IP address) and the DRP (Direct Response Protocol) 
metrics. DRP-metrics ask from all DRP-associated routers one of the following 
distances: 


1. The DRP-external metric: the number of BGP (Border Gateway Protocol) 
hops between the client requesting service and the DRP server agent; 

2. The DRP-internal metric: the number of IGP hops between the DRP server 
agent and the closest border router at the edge of the autonomous system; 
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3. The DRP-server metric: the number of IGP hops between the DRP server 
agent and the associated server. 


¢ Reported distance 

In a Cisco Systems routing protocol EIGRP, reported distance (or RD, 
advertised distance) is the total metric along a path to a destination network 
as advertised by an upstream neighbor. RD is equal to the current lowest total 
distance through a successor for a neighboring router. 

A feasible distance is the lowest known distance from a router to a particular 
destination. This is RD plus the cost to reach the neighboring router from which 
the RD was sent; so, it is a historically lowest known distance to a particular 
destination. 

¢ Network tomography metrics 

Consider a network with fixed routing protocol, i.e., a strongly connected 
digraph D = (V,£) with a unique directed path T(u, v) selected for any pair 
(u, v) of vertices. The routing protocol is described by a binary routing matrix 
A = ((aj)), where aj = 1 if the arc e € E, indexed i, belongs to the directed 
path T(u, v), indexed j. The Hamming distance between two rows (columns) 
of A is called the distance between corresponding arcs (directed paths) of the 
network. 

Consider two networks with the same digraph, but different routing protocols 
with routing matrices A and A’, respectively. Then a routing protocol semi- 
metric ([Vard04]) is the smallest Hamming distance between A and a matrix B, 
obtained from A’ by permutations of rows and columns (both matrices are seen 
as strings). 

© Web hyperlink quasi-metric 

The Web hyperlink quasi-metric (or click count) is the length of the shortest 
directed path (if it exists) between two web pages (vertices in the Web digraph), 
i.e., the minimal number of necessary mouse-clicks in this digraph. 

e Average-clicks Web quasi-distance 
The average-clicks Web quasi-distance between two web pages x and y in 


the Web digraph ({YOI03]) is the minimum yy In pe over all directed paths 
X = 2, Z1,---,2m = y connecting x and y, where ae is the out-degree of the page 
zj. The parameter a is | or 0.85, while p (the average out-degree) is 7 or 6. 
¢« Dodge-Shiode WebX quasi-distance 
The Dodge-Shiode WebX quasi-distance between two web pages x and y 
of the Web digraph is the number Tene where h(x, y) is the number of shortest 
directed paths connecting x and y. 
¢ Web similarity metrics 
Web similarity metrics form a family of indicators used to quantify the extent 
of relatedness (in content, links or/and usage) between two web pages x and y. 
Some examples are: topical resemblance in overlap terms, co-citation (the 
number of pages, where both are given as hyperlinks), bibliographical cou- 
pling (the number of hyperlinks in common) and co-occurrence frequency 


22.3 Distances in Internet and Web 433 


min{P(x|y), P(y|x)}, where P(x|y) is the probability that a visitor of the page 
y will visit the page x. 

In particular, search-centric change metrics are metrics used by search 
engines on the Web, in order to measure the degree of change between two 
versions x and y of a web page. If X and Y are the set of all words (excluding 
HTML markup) in x and y, respectively, then the word page distance is the 
Czekanowsky-Dice distance (cf. Chap. 17) 


IXAY| 2IXUY| 
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If v, and v, are weighted vector representations of x and y, then their cosine page 
distance is given (cf. TF-IDF similarity in Chap. 17) by 


[Joxll2 = Heylla 
¢ Web quality control distance function 
Let P be a query quality parameter and X its domain. For example, P can be 
query response time, or accuracy, relevancy, size of result. 
The Web quality control distance function (Chen—Zhu—Wang, 1998) for 
evaluating the relative goodness of two values, x and y, of parameter P is a 
function p : X x X — R (not a distance) such that, for all x, y,z € X: 


1. p(x, y) = O if and only if x = y, 
2. p(x, y) > Oif and only if p(y, x) < 0, 
3. if p(x, y) > O and p(y, z) > 0, then p(x, z) > 0. 


The inequality p(x, y) > 0 means that x is better than y; so, it defines a partial 
order (reflexive, antisymmetric and transitive binary relation) on X. 
¢ Lostness metric 
Users navigating within hypertext systems often experience disorientation 
(the tendency to lose sense of location and direction in a nonlinear document) and 
cognitive overhead (the additional effort and concentration needed to maintain 
several tasks/trails at the same time). Smith’s lostness metric measures it by 


d 2 a 2 
Cs) + - 


where f¢ is the total number of nodes visited, d is the number of different nodes 
among them, and r is the number of remaining nodes needed to complete a task. 
¢ Trust metrics 
A trust metric is, in Computer Security, a measure to evaluate a set of peer 
certificates resulting in a set of accounts accepted and, in Sociology, a measure 
of how a member of the group is trusted by the others in the group. 
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For example, the UNIX access metric is a combination of only read, write 
and execute kinds of access to a resource. The much finer Advogato trust metric 
(used in the community of open source developers to rank them) is based on 
bonds of trust formed when a person issues a certificate about someone else. 
Other examples are: Technorati, TrustFlow, Richardson et al., Mui et al., eBay 
trust metrics. 

¢ Software metrics 

A software metric is a measure of software quality which indicates the 
complexity, understandability, description, testability and intricacy of code. 
Managers use mainly process metrics which help in monitoring the processes 
that produce the software (say, the number of times the program failed to rebuild 
overnight). 

An architectural metric is a measure of software architecture (development 
of large software systems) quality which indicates the coupling (interconnectivity 
of composites), cohesion (intraconnectivity), abstractness, instability, etc. 

¢ Locality metric 

The locality metric is a physical metric measuring globally the locations of 

the program components, their calls, and the depth of nested calls by 


Vi Sidi 
Vij Sii 


where dj is a distance between calling components i and j, while jj is the 
frequency of calls from i to j. If the program components are of about same 
size, dj = |i —j| is taken. In the general case, Zhang—Gorla, 2000, proposed 
to distinguish forward calls which are placed before the called component, and 
backward (other) calls. Define dj = dj + di, where d is the number of lines 
of code between the calling statement and the end of i if call is forward, and 
between the beginning of i and the call, otherwise, while di; = ya 41 if the 
call is forward, and di, = a 414 otherwise. Here Ly, is the number of lines 
in component k. 
¢« Memory distances 

In a computer, the microprocessor (or processor) is the chip doing all the 
computations, and the memory usually refers to RAM (random access memory). 
A (processor) cache stores small amounts of recently used information right 
next to the processor, where it can be accessed much faster than memory. The 
following distances estimate the cache behavior of programs. 

The reuse distance (Mattson et al., 1970, and Ding—Zhong, 2003) of a 
memory location x is the number of distinct memory references between two 
accesses of x. Each memory reference is counted only once, because after access 
it is moved in the cache. The reuse distance from the current access to the 
previous one or to the next one is called the backward or forward reuse distance, 
respectively. 
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In general, a memory distance is (Fang et al., 2006) any dynamic quantifiable 
distance in terms of memory references between two accesses to the same 
memory location. In particular, the access distance of a memory reference is 
the number of memory instructions between a store to and a load from the 
same address. The instruction distance is the number of instructions between 
two references to the same address; it typically correlates well to access distance. 

The value distance of a reference is the access distance of a load to the first 
store in a sequence of stores of the same value. 

¢ Tethering distance 

Tethering is connecting one device to another. For mobile phones and tablet 
computers, it allows sharing their Internet connection with, say, laptops. Such 
connection can be done over wireless LAN (Wi-Fi), over Bluetooth, or by a cable, 
say USB. 

If tethering is done over WLAN, the feature becomes a mobile hotspot (Wi-Fi 
network access point), and the smartphone serves as a portable router. Tethering 
distance is the maximum phone—computer distance for Wi-Fi tethering. 

¢ Action at a distance (in Computing) 

In Computing, the action at a distance is a class of programming problems 
in which the state in one part of a program’s data structure varies wildly because 
of difficult-to-identify operations in another part of the program. 

In Software Engineering, Holland’s Law of Demeter is a style guideline: an 
unit should “talk only to immediate friends” (closely related units) and have 
limited knowledge about other units; cf. principle of locality in Chap. 24. 





Part VI 
Distances in Natural Sciences 


Chapter 23 
Distances in Biology 


Distances are mainly used in Biology to pursue basic classification tasks, for 
instance, for reconstructing the evolutionary history of organisms in the form of phy- 
logenetic trees. In the classical approach those distances were based on comparative 
morphology, physiology, mating studies, paleaontology and immunodiffusion. The 
progress of modern Molecular Biology also allowed the use of nuclear- and amino- 
acid sequences to estimate distances between genes, proteins, genomes, organisms, 
species, etc. 

DNA is a sequence of nucleotides (or nuclei acids) A, T, G, C, and it can be 
seen as a word over this alphabet of four letters. The (single ring) nucleotides A, G 
(short for adenine and guanine) are called purines, while (double ring) T, C (short 
for thymine and cytosine) are called pyrimidines (in RNA, uracil U replaces T). 
Over 25 base modifications are known, say, variants 5mC of cytosine and 6mA of 
adenine. 

Two strands of DNA are held together and in the opposite orientation (forming 
a double helix) by weak hydrogen bonds between corresponding base pair of 
nucleotides (necessarily, a purine and a pyrimidine) in the strands alignment. 

A transition mutation is a substitution of a base pair, so that a purine/pyrimidine 
is replaced by another purine/pyrimidine; say, GC is replaced by AT. A transversion 
mutation is a substitution of a base pair, so that a purine/pyrimidine is replaced by a 
pyrimidine/purine base pair, or vice versa; say, GC is replaced by TA. 

DNA molecules occur (in the nuclei of eukaryote cells) in the form of long chains 
called chromosomes. DNA from one human cell has length/width ~ 1.8 m/2.4 nm. 

Most human cells contain 46 chromosomes (23 pairs, one set of 23 from each 
parent); the human gamete (sperm or egg) is a haploid, i.e., contains only one set of 
23 chromosomes. The (normal) males and females differ only in the 23-rd pair: 
XY for males, and XX for females. But a male ant Mirmecia pilosula has only 
1 chromosome, while a plant Ophioglossum has 1260. A protozoan Tetrahymena 
thermophila occurs in seven different variants (sexes) that can reproduce in (’) = 21 
combinations. A fungus Cryptococcus neoformans has two sexes but their ratio 
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is 99.9%. More than 99 % of multicellular eukaryotes reproduce sexually, while 
bacteria only reproduce asexually. 

A gene is a segment of DNA encoding (via transcription, information flow to 
RNA, and then translation, information flow from RNA to enzymes) for a protein 
or an RNA chain. The location of a gene on its chromosome is called the gene locus. 
Different versions (states) of a gene are called its alleles. 

A protein is a large molecule which is a chain of amino acids; among them are 
hormones, catalysts (enzymes), antibodies, etc. The protein length is the number 
of amino acids in the chain; average protein length is around 300. 

The genetic code is a map, universal to all organisms, of 47 = 64 codons (ordered 
triples of nucleotides) onto 21 messages: 20 standard amino acids and stop-signal. It 
express the genotype (information contained in genes, i.e., in DNA) as the phenotype 
(proteins). Some codons have two meanings, one related to protein sequence, and 
one related to gene control. Slight variations of the code were found for some 
mitochondria, ciliates, yeasts, etc. The code also was expanded by encoding new 
amino acids. 

Besides genetic and epigenetic (not modifying the sequence) changes of DNA, 
evolution (heritable changes) can happen by “protein mutations” (prions) or cultur- 
ally (via behavior and symbolic communication). Holliger et al., 2012, synthesized 
(replacing the natural sugar in DNA) a new polymer (HNA) capable of replication 
and evolution. 

A genome is the entire genetic constitution of a species or of an organism. The 
human genome is the set of 23 chromosomes consisting of ~ 3.2 billion bp (base 
pairs) of DNA. It organized into ~21,000 genes, coding for 250,000—1,000,000 
proteins. An apple have ~57,000 genes and a lungfish genome contains ~ 133 
billion bp. 

A hologenome is the collection of genomes in a holobiont (host plus all its 
symbionts), a possible unit of selection in evolution. The human microbiota consists 
of ~ 10!* (mainly, bacterial and fungal) cells of ~ 500 species with 3 million 
distinct genes. 

First known evidence of life, photosynthesis, multicellular organisms and of ani- 
mals (bilaterians) are dated about 4100, 3850, 2100 and 560 Ma (million years ago), 
respectively. During the Cambrian Explosion 540-520 Ma, the rate of evolution was 
4—5 times faster than in any other era. But there is no evolution without changes in 
environment: some deep sea bacteria remained virtually unchanged for 2.3 billion 
years. 

1.9 million extant nonvirus species are known: 1,200,000 invertebrates, 400,000 
beetles, 290,000 plants, 250,000 bacteria/protists, 70,000 fungi and 60,000 verte- 
brates, including 5416 mammals. About 10 million species are living today. The 
numbers of living nonhuman mammals, birds, trees, fishes, ants, insects, nematodes, 
viruses are about 5 x 10!!, 2x 10!!, 3x 10", 4x 1017, 5 x 10!7, 5x 10'8, 107, 1071, 
respectively. At least 100 billion of microbial species are expected, but genomes 
of only 100,000 have been sequenced and about 10,000 have been grown in a 
laboratory. 
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About 80 % of the species are parasites of others, parasites included; over 100 
are human-specific ones. About 75 % of the links in food webs involve a parasitic 
species. 

About 30 % of the vertebrates and 60 % of invertebrates are nocturnal. 

The global nonbacterial biomass is 560 GtC (billion tonnes of organically 
bound carbon); only 5-10 GtC found in the oceans. Humans and their main 
symbionts, domesticated animals and cultivated plants, contribute 0.1, 0.7, 2 GtC. 
The animal species with largest biomass (~ 0.5 GtC) is Antarctic krill, the largest 
species (~ 107’ individuals) is the smallest photosynthetic organism, cyanobacteria 
Prochlorococcus. 

99 % of over 5 billion species that have ever existed on Earth became extinct. 
But sponges originated at least 760 Ma (million years ago) and are still living. 
Mammalian species’ longevity is ~ 1 Ma; our ancestor, Homo erectus, survived 
from 1.8 to 0.55 Ma. Our subspecies is relatively young (0.25-0.6 Ma), 6-7 % of 
all humans that have ever been born are living today, and their median age is 29.7 
years. 

The world population was about | million 0.05 Ma and 5 million 0.01 Ma ago, 
after the last glaciation. It grew continuously since the end of the Black Death in 
1350, when it was + 370 million, and reached 3 billion in 1960, 7.4 billion in 2015. 

Gott, 2007: with a 95 % chance, the human race will last anywhere from another 
5000 to 7,800,000 years; the same doomsday argument by Carter, 1983, gave only 
10,000 years for us. Earth’s life was only unicellular 3.8—1.3 Ga (billion years) ago 
and will be so again in + 0.8 Ga. But Earth will support some prokaryotes in refuges 
until mean surface temperature reach 146 °C in 1.6—2.8 Ga. Another Ga life can stay 
on Mars. 

IAM (infinite-alleles model of evolution) assumes that an allele can change from 
any given state into any other given state. It corresponds to a primary role for genetic 
drift (i.e., random variation in gene frequencies from one generation to another), 
especially in small populations, over natural selection (stepwise mutations). IAM 
corresponds to low-rate and short-term evolution, while SMM corresponds to high- 
rate evolution. 

SMM (stepwise mutation model of evolution) is more convenient for (recently, 
most popular) microsatellite data. A repeat is a stretch of base pairs that is repeated 
with a high degree of similarity in the same sequence. Microsatellites are highly 
variable repeating short sequences of DNA; their mutation rate is 1 per 1000- 
10,000 replication events, while it is 1 per 1,000,000 for allozymes used by IAM. 
Microsatellite data (for example, for DNA fingerprinting) consist of numbers of 
repeats of microsatellites for each allele. 

Evolution, without design and purpose, has increased the life’s size, diversity 
and maximal complexity. But organisms can evolve to become simpler and thus 
multiply faster; for the Black Queen model, such evolution pushes microorganisms 
to lose functions which are performed by another species around. Evolution has, 
perhaps, a direction: convergent gene evolution (say, bats/dolphins echolocation, 
primates/crows cognition), increase of energy flow per gram per second (Chaisson, 
2003), etc. 
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Evolution and learning share many common underlying principles. Natural 
selection can favor increased evolvability under environmental pressure. Besides 
natural selection, some species alter their environment through niche construction. 
In general, selection can act at genic, cellular, individual, holobiont and group level. 
Selection of species and even phyla could happen during rare abrupt extreme events. 

Locally and over short time spans, macroevolution, is dominated by biotic factors 
(competition, predation, etc.) as in the Red Queen model. But larger-scale (geo- 
graphic and temporal) patterns and species diversity are driven largely by extrinsic 
abiotic factors (climate, landscape, food supply, tectonic events, etc.), as in the Court 
Jester model. The organisms evolve rapidly (sometimes, by macromutations), but 
most changes cancel each other out. So, in the longer term, the evolution appears 
slow. It is not simple accumulation of microevolutionary adaptations, but rather 
nonlinear (or chaotic). 

Besides vertical gene transfer (reproduction within species), the evolution is 
affected by HGT (horizontal gene transfer), when an organism incorporates genetic 
material from another one without being its offspring, and hybridization (extra- 
species sexual reproduction). HGT is common among unicellular life and viruses, 
even across large taxonomic distance. It accounts for ~ 85 % of the prokaryotic 
protein evolution. HGT happens also in plants and animals, usually, by viruses. 
40-50 % of the human genome consists of DNA imported horizontally by viruses. 
The most taxonomically distant fertile hybrids are (very rare) interfamilial ones, for 
instance, blue-winged parrot x cocktatiel, chicken x guineafowl in birds and (under 
UV irradiation) carrot with tobacco, rice or barley. In 2012, an RNA-DNA virus 
hybrid and a virophage of a (giant) virus were found. 

The /ife is not well defined (say, for viroids), DNA could be only its recent 
attribute. Neither life can be “anything undergoing evolution’, since the unit is this 
evolution (gene, cell, organism, group, species?) is not clear. Lineweaver, 2012, 
defined life as a far-from-equilibrium dissipative system. For Eigen, life is a type 
of behavior of matter. An essential feature of life is autopoiesis (self-making); for 
example, the human body replaces 98 % of its atoms every year while maintaining 
its unique pattern. 

Neither complexity is well defined. Chaisson, 2014, measures complexity of any 
Nature’s system by the amount of energy passing through it per second and per 
gram. Earth’s biosphere use energy at ~ 107! erg/s (~ 0.1% of obtained solar 
power). 

Examples of distances, representing general schemes of measurement in Biology, 
follow. 

The term taxonomic distance is used for every distance between two taxa, 1.e., 
entities or groups which are arranged into a hierarchy (in the form of a tree designed 
to indicate degrees of relationship). 

The Linnaean taxonomic hierarchy is arranged in ascending series of ranks: 
Zoology (Kingdom, Phylum, Class, Order, Family Genus, Species) and Botany 
(12 ranks). A phenogram is a hierarchy expressing phenetic relationship, i.e., 
unweighted overall similarity. A cladogram is a strictly genealogical (by ancestry) 


23.1 Genetic Distances 443 


hierarchy in which no attempt is made to estimate/depict rates or amount of genetic 
divergence between taxa. 

A phylogenetic tree is a hierarchy representing a hypothesis of phylogeny, 1.e., 
evolutionary relationships within and between taxonomic levels, especially the 
patterns of lines of descent. The phenetic distance is a measure of the difference 
in phenotype between any two nodes on a phylogenetic tree; see, for example the 
biodistances in Chap. 29. 

The phylogenetic distance (or cladistic distance, genealogical distance) 
between two taxa is the branch length, i.e., the minimum number of edges, 
separating them in a phylogenetic tree. In such edge-weighted tree, the additive 
distance between two taxa is the minimal sum of edge-weights in a path connecting 
them. The phylogenetic diversity is (Faith, 1992) the minimum total length of all 
the phylogenetic branches required to span a given set of taxa on the phylogenetic 
tree. 

The evolutionary distance (or patristic distance) between two taxa is a measure 
of genetic divergence estimating the temporal remoteness of their most recent co- 
ancestor. Their general immunological distance is a measure of the strength of 
antigen-antibody reactions, indicating their evolutionary distance. 
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The general genetic distance between two taxa is a distance between the sets of 
DNA-related data chosen to represent them. Among the three most popular genetic 
distances below, the Nei standard genetic distance assumes that differences 
arise due to mutation and genetic drift, while the Cavalli-Sforza-—Edwards chord 
distance and the Reynolds—Weir—Cockerham distance assume genetic drift only. 
A population is represented by a vector x = (xj) with ei m; components, 
where x; is the frequency of the i-th allele (the label for a state of a gene) at the j-th 
gene locus (the position of a gene on a chromosome), m; is the number of alleles at 
the j-th locus, and n is the number of considered loci. Since xj is the frequency, we 
have x; > 0 and 7”, xj = 1. Denote by > summation over all i and j. 
¢ Shared allele distance 
The shared allele distance Ds, (Stephens et al., 1992, corrected by 
Chakraborty—Jin, 1993) between individuals a, b is 1 — SA(a, b); for populations 
x, yitis 


SA(x, y) 


1- ——., 
SA(x) + SAQ) 


where SA(a, b) denotes the number of shared alleles summed over all n loci and 
divided by 2n, while SA(x), SA(y), and SA(x, y) are SA(a, b) averaged over all 
pairs (a, b) with individuals a, b being in populations x, y, respectively. 
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¢ MHC genetic dissimilarity 

The MHC genetic dissimilarity of two individuals is defined as the number 
of shared alleles in their MHC (major histocompatibility complex). 

MHC is the most gene-dense and fast-evolving region of the mammalian 
genome. In humans, it is a 3.6 Mb region containing 140 genes on chromosome 
6 and called HLA (human leukocyte antigen system). HLA has the largest 
polymorphism (allelic diversity) found in the population. Three most diverse 
loci (HLA-A, HLA-B,HLA-DRB1) have roughly 1000, 1600, 870 known alleles. 
This diversity is essential for immune function since it broadens the range of 
antigens (proteins bound by MHC and presented to T-cells for destruction); cf. 
immunological distance. 

MHC (and related gut microbiota) diversity allows the marking of each 
individual of a species with a unique body odor permitting kin recognition and 
mate selection. MHC-negative assortative mating (the tendency to select MHC- 
dissimilar mates) increases MHC variation and so provides progeny with an 
enhanced immunological surveillance and reduced disease levels. 

While about 6 % of the non-African modern human genome is common with 
other hominins (Neanderthals and Denisovans), the share of such HLA-A alleles 
is 50 %, 72 %, 90 % for people in Europe, China, Papua New Guinea. 

e Dps distance 

The Thorpe similarity (proportion of shared alleles) between populations x 
and y is defined by }* min{x;, y;}. The Dps distance between x and y is defined 
by 


- i bz min{x;, yi} 
i m 


¢ Prevosti-Ocana—Alonso distance 
The Prevosti-Ocana—Alonso distance (1975) between populations x and y is 
defined (cf. Manhattan metric in Chap. 19) by 


ley — yal 


2n . 


¢ Roger distance 
The Roger distance Dr (1972) between populations x and y is defined by 
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¢ Cavalli-Sforza—Edwards chord distance 
The Cavalli-Sforza—Edwards chord distance Dcy (1967) between popula- 
tions x and y (cf. Hellinger distance in Chap. 17) is defined by 


94/5 n 
ge 


j=l 





The Cavalli-Sforza arc distance between populations x and y is defined by 
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Cf. Bhattacharya distance 1 in Chap. 14. 
¢ Nei—Tajima—Tateno distance 
The Nei-Tajima—Tateno distance D, (1983) between populations x and y is 


1 
[| > Va. 


The Tomiuk—Loeschcke distance (1998) is — In + /)° xj > yi. 
The Nei standard genetic distance D, (1972) between x and y is defined by 


tn — 9? 
[IxIl2 + Ilyll2 


Cf. Bhattacharya distances in Chap. 14 and angular semimetric in Chap. 17. 

Under IAM, D, increases linearly with time; cf. temporal remoteness. 

The kinship distance is defined by — In (x,y). Caballero and Toro, 2002, 
defined the molecular kinship coefficient between x and y as the probability 
that two randomly sampled alleles from the same locus in them are identical 
by state. Computing it as (x,y) and using the analogy with the coefficient of 
kinship defined via identity by descent, they proposed several distances adapted 
to molecular markers (polymorphisms). Cf. co-ancestry coefficient. 

The Nei minimum genetic distance D,,, (1973) between x and y is defined by 


1 
a YQ - yi)’. 


* Sangvi y7 distance 
The Sangvi 77 (1953) distance between populations x and y is defined by 


59 (xij — yy)" 
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¢ Fuzzy set distance 
The fuzzy set distance D,, between populations x and y (Dubois—Prade, 1983; 
cf. Tanimoto distance in Chap. 1) is defined by 


xy 2a bait 


¢ Goldstein et al. distance 
The Goldstein et al. distance (1995) between populations x and y is 


1 
(5p)? = — DU (xy — ivi)”. 


It is the loci-averaged value (5)? = ((x); — w(y);)”, where w(z)j = Yo; izi 
is the mean number of repeats of allele at the j-th (microsatellite) locus in 
population z. 
The Feldman et al. distance (1997) is log(1 — Ey, where the summation 
is over loci and M is the average value of the distance at maximal divergence. 
The above two and the next two distances assume high-rate SMM. 
e Average square distance 
The average square distance between populations x and y is defined by 


ly 5 
- 5 > (i—j) XikV jk 
k=1 1Si<j<mj 


¢ Shriver et al. stepwise distance 
The Shriver et al. stepwise distance (1995) between populations x and y is 


1 n : 
Dsw = 7 2 os |i — J (2XiK Vix — XieXjk — VeVi). 
k=1 1Sij<m, 


¢ Latter F-statistics distance 
The Latter F-statistics distance (1972) between populations x and y is 
defined by the following Fsr-estimator: 


@* = Diy — Yi)” yi) 
2(n— (x,y) 


The Latter distance D; (1973) is — In (1 — 6*). 


RADIO RECEIVERS 


GINCE a crystal set is the simplest form of 

radio receiver, it is the logical starting 
point for the student or junior experimenter, 
Unlike other types of receivers a crystal set 
uses no batteries or power-line supply, there- 
fore the sound that emerges from the head- 
phones is derived entirely from radio energy 
picked up by the antenna. Use a long, high 
antenna and a ground connection to a cold- 
water pipe. 

The selective tapped-coil crystal receiver 
illustrated in photos A and B employs adjust- 
able loading in a simple tuning arrangement 
that is very effective when used with a good 
sensitive pair of headphones. A schematic cir- 
cuit diagram and the coil-winding details ap- 
pear in Fig. 1; pictorial wiring diagram in Fig. 
2 shows all connections clearly. 

The 2-gang variable-condenser stator plates 
(S), are connected in parallel; the rotor plates 
(R) are common with the frame. This lead 
goes to the. lever of switch No. 1; the lever of 
switch No. 2 is connected to one side of the 
1N34 germanium erystal, and the headphones 
are in series, 

When winding the coil, place a toothpick or 
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¢ Reynolds—Weir—Cockerham distance 
The Reynolds—Weir—Cockerham distance (1983) between populations x 
and y is defined by 


Dw = —Ind = 8), 
where @ is their co-ancestry coefficient estimated as -f,. 

Here a is the variance between populations x and y, and b is the variance within 
them. If the sample size is large, then Dy is close to the Latter F-statistics 
distance. For short-term evolution (i.e., ¢ small), Dy ~ 4, where N is the 
population size, and ¢ is the number of generations; cf. temporal remoteness. 

¢ Co-ancestry coefficient 

The co-ancestry coefficient (or coefficient of kinship) of two populations 
(or individuals) x and y is defined (Wright, 1922, and Malécot, 1948) as the 
probability 0(x, y) that two alleles, sampled at random from x and y, are IBD 
(or identical by descent), i.e., descending from the same ancestral allele. 

Two genes can be JBS (or identical by state), i.e., similar due to random 
chance. Cf. Nei standard genetic distance and coefficient of relationship. 

An DNA segment, found consistently to be identical in two related people (or 
populations) is IBD if it is so due to their common ancestry. The total and mean 
IBD segment length of two people g generations since the founding event (i.e., 
with g meioses on the path of descent) are ~ xth of total genome length and 
~~ = centiMorgans, respectively; cf. the map distance. For example, two people 
are cryptic relatives if those lengths are at least 1500 cM and 25 cM. 

¢ Fsr-based distances 

Given a population T of size |7| partitioned into subpopulations S,..., Sx, 

the F-statistics (or fixation indices) are the measures 


of the correlation between genes drawn within subpopulations $;, among them 
and within the entire 7, respectively. 

Here H;,Hs and Hr are the heterozygosity indices over (i)ndividuals, 
(s)ubpopulations and (t)otal T used to compare observed variation in gene 
frequencies (partitioned into within and between group components) with 
the expected one in HWE (Hardy-Weinberg equilibrium, i.e., an ideal state 
when allele and genotype frequencies in population remain constant from 
generation to generation). H; = Dsist Wi iess (where H,);; is the observed 
heterozygosity, 1.e., proportion of heterozygotes, in subpopulation S;) is the mean 
actual heterozygosity in individuals within subpopulations. Hs = Paste Wie! 
(where H.x); = 1 — 5°; p? is the expected, assuming HWE, heterozygosity in 


S; and p; is the frequency of the i-th allele of the locus) is the mean expected 
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heterozygosity within subpopulations. Hy = 1—)°; P; (where p; is the frequency 
of the i-th allele averaged over all subpopulations) is the expected, assuming 
HWE, heterozygosity in T. 

The above Nei’s (1973) Fsr generalizes Wright’s (1951) Fs7, when there 
are only two alleles at a locus. This measure is equivalent to the co-ancestry 
coefficient if all the alleles in the population are different. Nei, 1987, generalized 
Fry to multi-loci as Gsr = 1— a where Hs and Hr are averaged across all loci. 

The above relative measures underestimate the between-population difference 
if the within-population diversity is high, such as, say, for microsatellites. 
Slatkin’s Rsr is an analog of Wright’s F's7, adapted for microsatellite loci by 
assuming SMM. It is defined by Rsr = Soy. where Sw is the sum over all 
loci of twice the weighted mean of the within-population variances var(A) and 
var(B), and S is the sum over all loci of twice the variance var(A U B) of the 
combined population. 

In fact, Sw and S are the average square distance within a subpopulation and 
the entire population. Slatkin (1995) developed Rsv using his (1991) SMM-based 
F-statistics Fsr = =, where f and fo are the average temporal remoteness 
to the closest co-ancestor of any two randomly chosen alleles from the entire 
population and from the same subpopulation, respectively. 

Jost’s Des; (2008) is an estimator 4 “eS of the actual differentiation based 
on H’s estimated from allele identities rather than ratios of heterozygosity. 

The Weir—Cockerham @s7 (1984) is an estimation of F’s7, seen as the corre- 
lation of pairs of alleles between individuals within a subpopulation and based 
on partition of variance rather than heterozygosity. The total variance of allele 
frequency within a population is the sum a+b-+c of variances between subpopu- 
lations, between individuals within a subpopulation, and between gametes within 
individuals. Then @s7 is defined, generalizing the Reynolds—Weir—Cockerham 
distance, as see where the sum is taken over all alleles and loci. 

The genetic Fsr-distance is the pairwise F'sr taking account only of the data 
for the two subpopulations concerned, not all the data simultaneously. Such a 
measure is valid only if the breeding system is similar for both populations. 

Cavalli-Sforza—Menozzi—Piazza, 1994, evaluated, using 120 blood polymor- 
phisms, the doubled genetic F'sr-distance between 42 native human populations 
and between 9 resulting clusters. The largest such distances between two 
continents were Africa—Oceania (0.247) and Africa—Americas (0.226), while the 
shortest distances were Americas—Asia (0.089) and Americas—Europe (0.095). 

The largest distance in Europe, F'sr = 0.02—0.023, was between Finland and 
Southern Italy; cf. 0.11 (Europeans—Chinese) and 0.153 (Europeans—Africans 
(Yoruba)). Mbuti Pygmies (the least “Neanderthal”) and Papuans (the most 
“Denisovan’’) are the two most divergent living humans with F’sr = 0.377. 

A similar analysis by Atzmon et al., 2010, of seven Jewish groups indicated 
a common origin and, 100-150 generations ago, the split into Middle Eastern 
and European clusters. The most distant and differentiated are among Mizrahim: 
Fsr of Iranian Jews to other Jews is 0.016. Ashkenazi Jews have the highest 
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admixture with non-Jews but they are not descendants of converted Khazars or 
Slavs. The closest by F's7 to them are Northern Italians, French, Palestinians, and 
Druze. 

Genetic variation in alleles of genes occurs both within (due to mutations and 
gene exchange during meiosis) and among (due to natural selection and genetic 
drift, i.e., random gene changes) populations. Human total genetic variation is 
0.5 % consisting of 0.1 % in SNPs (single nucleotide polymorphisms), ~ 0.4 % 
in CNVs (copy number variants—deletion, duplication or more—in a DNA 
segment, instead of exactly two copies of DNA per cell) and a small variation in 
repetitive DNA. Sudmant et al., 2015, found that CNVs (especially, duplications) 
are a source of seven times greater diversity compared to SNPs. 

Each human is born with about 50 new mutations, rarely noticeable. The main 
other mechanisms of our genetic diversity are migrations and hybridization. 

The genetic similarity of humans is 99.9% among them, while it is 99.85 % 
with Neanderthals and 96-98 % with (having SNP diversity 0.2 %) chimpanzees. 
After initial division, there was interbreeding with chimpanzees and, later, with 
Neanderthals, Denisovans and archaic Africans. There are 2 % of archaic genes 
in sub-Saharan Africans, 2 % of Neanderthal genes in Central Asians and 4 % of 
them in Europeans and Americans. There are 2.5 % of Neanderthal and 6-8 % 
Denisovan genes in South Asians and Australo-Melanesians. 

75-85 % of human SNP variation 0.1% is among individuals within any 
population, 5—10 % between local populations of the same continent, and 6-10 % 
between large groups from different continents. So, differentiation between 
continental groups is Fsr < 0.1, less than the threshold 0.25 used to define a 
subspecies (race). 

¢ Temporal remoteness 

The temporal remoteness of most recent common ancestor (or TMRCA, 
divergence time, time to coalescence) of two taxa is the time (or the number 
of generations) that has passed since those populations existed as a single one. 
The molecular clock hypothesis estimates that one unit of Nei standard genetic 
distance between two taxa corresponds to 18-20 Ma of their TMRCA. 

A human phylogenetic tree is derived from matrilineal mitochondrial DNA, or 
patrilineal nonrecombinant part of the Y-chromosome of (usually blood) protein 
sequences by measuring accumulated mutations. TMRCA is 0.2-0.19 Ma ago 
along all-female ancestry lines for the Mitochondrial Eve and 0.24—0.58 Ma ago 
along all-male lines for the Y-chromosomal Adam. 

The resulting phylogenetic tree is rooted in the common ancestor of chim- 
panzees and humans, which originated in Africa 8-6 Ma ago. The corresponding 
genetic F'y7-distance between humans and chimpanzee is about 0.02, i.e., at least 
30 million point mutations affecting 80 % of genes. 

Our primate ancestors evolved, probably, 40 Ma ago in Asia and sailed 
across a narrow sea to Africa. Our genus Homo had diverged, as a carnivorous 
scavenger, from the Australopithecines (bipedal ape-like using rudimentary stone 
tools) + 2.5 Ma ago in East (Homo habilis) or South Africa. Then Homo erectus, 
the first global and using fire human species, moved to Eurasia 1.8 Ma ago, 
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followed by Denisovans and, later, Neanderthals, the common ancestor of which 
split from our line 0.8 Ma ago. 

At least ten extinct Homo species are known. Archaic Homo sapiens orig- 
inated 0.7-0.6 Ma ago. They evolved to anatomically modern humans Homo 
sapiens sapiens = 0.2 Ma ago, as shown by the temporal remoteness of their 
mitochondrial most recent common ancestor. Then their mitochondrial lineage 
L3 (among LO, L1, L2, L3) migrated out of (east or southern) Africa 0.125 and 
0.065 Ma ago. 

Humans passed via population bottleneck ~ 0.074 Ma ago (when Toba 
supervolcano erupted), followed by a rapid expansion. They arrived about 0.075, 
0.046, 0.044, 0.016 Ma ago in West Africa, Australia, Europe and the Americas, 
respectively. The last place on Earth (besides the Antarctica, occupied only in 
1899, and tiny atolls) humans colonised was New Zealand where they arrived 
~1300 years ago. 

Savanna living, use of fire, speech and sophisticated hand axes appeared about 
1.7, 1.6, 0.6, 0.5 Ma ago. Modern human behavior (language, symbolic thought, 
cultural universals) emerged 0.07—0.05 Ma, i.e., +3000 generations, ago. 

The main known gene mutations leading to us: improving blood supply to the 
primate brain, weakening jaw muscle (so skull/brains could expand), speeding 
up the neuron migration (crucial to intelligence), increasing the production of 
the salivary enzyme (helping to the emergence of agriculture). Also, noncoding 
sequence HACNS|1 had 16 variations during last 6 Ma; it led to more fine muscle 
control allowing bipedality and tool use. The gene miR-941, unique to humans, 
emerged 6-1 Ma ago; it could initiate our advanced brain functions. 

¢ Pedigree-based distances 

A cousin (or blood relative) is a relative with whom one shares a common 
ancestor. A cousin chart (or table of consanguinity, family tree, pedigree digraph) 
is a directed tree, where vertices represent relatives (usually humans, show dogs, 
race horses or cultivars), and the arc uv means that v is a child of u. So, the 
in-degree of each vertex is at most two (known parents). Moreover, unoriented 
edges are added with edge uv meaning reproductive affinity, i.e., that u and v are 
mated. 

The genealogical quasi-distance (or, in Anthropology, genealogical distance, 
degree of relative consanguinity) from the individual x to its relative y is defined 
(Schneider, 1968) as the number of generations one must go before a common 
ancestor is found, 1.e., it is the length g(x,y) of the shortest directed path to 
x from a common ancestor of x and y in the family tree. Recently, the value 
min{gq(x, y), g(y, x)} is preferred in English pedigree documents. 

An ancestral path between the vertices x and y in a family tree (or any acyclic 
digraph) is a concatenation of two directed paths from a common ancestor to 
them. The ancestral path distance is the length of a shortest ancestral path, i.e., 
itis g(x, y) +q(y, x). Cf. genealogical distance between the vertices x and y (of a 
phylogenetic tree representing taxa) which is the length of a shortest (x — y)-path 
in the undirected family tree, i.e., also g(x, y) +q(y, x). Cf. ancestral path distance 
in Chap. 22 and join semilattice distances in Chap. 10. 
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The ancestral distance of an extant taxon (Hearn and Huber, 2006) is the time 
(or the number of speciation events) separating it from its most recent ancestor 
with at least one extant descendant having an independent trait. 

Mycielski and Ulam, 1969, called genealogical distances between x and y the 
value |S(x) AS(y)|, where S(z) is the set of ancestors of z in a given family tree, 
and the Manhattan metric between some vector representations of x and y. 

Two cousins are a-removed of degree b if they are separated by a gen- 
erations and the minimum number of generations between either cousin and 
their common ancestor is b. The direct relatives are spouses and cousins with 
(a,b) = (1,0), (2,0), 1,1), (0,2) and (0, 1), ie., parents/children, grandpar- 
ents/grandchildren, uncles (aunts)/nieces (nephews), first degree cousins and 
siblings. Clearly, a = |q(x, y)—q(y, x)| and b = min{q(x, y), g(y, x)}. Worldwide, 
x 10% of marriages are between closer than third degree cousins; the case of 
third degree cousins results in progeny only slightly more homozygous than the 
general population. 

The above pedigree notions are important also in some family, inheritance and 
nationality rules. For example, the Roman Catholic Church prohibits marriage of 
x with a relative y if q(x, y) + q(y, x) < 4. The closest legally permissible unions 
are between double-first cousins, i.e., those sharing four grandparents (in Muslim 
populations), or uncle-niece (in South India). 

Another example: a Jew in Halakha’s (Jewish Law) sense is a child born to a 
Jewish mother or an converted adult. Israel’s Law of Return permits independent 
repatriation to anyone with a nonapostate Jewish grandparent and/or his spouse. 
In Nazi Germany, a full Jew was anyone with three Jewish grandparents, while 
part-Jews of first/second degree were those (not practicing Judaism and not 
having a Jewish spouse) who had two/one Jewish grandparents. 

The inbreeding coefficient F(z) of an individual z is the probability of 
autozygosity, 1.e., that z received the same ancestral gene from both its parents; 
so, F(z) is the co-ancestry coefficient 6(z),2z2) of its parents z,,z .. When 
pedigree data are available, (x, y) is estimated as }7 <7, y) 0.5”Ol( + F(z)), 
where Z(x, y) is the set of least common ancestors of x and y in the pedigree 
digraph, and |P(z)| is the number of vertices in the shortest ancestral path 
between x and y through z. In practice, ancestors z are counted only up to a given 
number of generations and not all of them are known. 

The coefficient of relationship between two relatives x and y is the fraction of 
genome inherited from common ancestors. It is almost | for identical twins (they 
differ due to mutations during development and gene copy number variation) 
and = ; for semi-identical twins inheriting the same genes from only one parent. 
Otherwise, it is 20(x, y), since any progeny have a risk 5 of inheriting identical 
alleles from both parents. It is f for siblings and for parent-offspring. 

The coefficient of relatedness (or genetic similarity) between social partners 
x, y relative to the population is defined (Hamilton, 1970) by 


cov(g,g’) _ El(g — Elgl)(s’ — Elg’))] 
cov(g,g) — El(g — Elg])(g — Elg])] 





r(x,y) = 
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where g,g’ are genetic (i.e., heritable) components of the phenotype (for the 
character of interest) of x, y, respectively, and cov denotes a statistical covariance 
taken over all individuals in the population. This coefficient quantifies the indirect 
fitness, i.e., the component of fitness gained from aiding related individuals. 

Fitness is an individual’s ability to propagate its genes, i.e., to both survive 
and reproduce. A measure of it is the average contribution to the gene pool of the 
next generation that is made by an average individual of the specified genotype or 
phenotype. The relative reproductive value of an individual is the probability that 
it is the ancestor of a randomly chosen individual in a distant future generation. 

Fowler—Christakis, 2013: pairs of nonkin friends are, on average, as geneti- 
cally similar to one another as fourth cousins, 

¢ Mating distances 

Individual migration distances are the distances between birthplaces of paired 
individuals. If the pairs are spouses (gametes) or siblings, we have marital 
distance or sib distance, respectively. Also, the parent-offspring distance is 
used to describe gene migration per generation. 

For humans, those distances are measured either in km, or, say, as the number 
of municipalities crossed by a straight line between municipality midpoints of 
each pair’s birthplaces. The term marital migration distance is also used for 
the distance between premarital town of a person and town of marriage. Cf. 
migration distances (in Economics) in Chap. 28. 

Until the twentieth century, men usually went courting no more than about 
8 km from home (the distance they could walk out and back on their day off 
from work). 80 % of all marriages in history could be between second cousins or 
closer. Also, young birds, leaving the nest, usually move 4-5 home ranges away; 
so, they stay within breeding distance of their cousins. 

For a population, critical mating distances, are maximum spatial (physical) 
and genetic (number of genes bearing different alleles) distances allowed for 
mating; cf. isolation by distance. For honey bees, the mating distance is the 
range of queen’s nuptial flight from her hive to the drone congregation areas over 
their hives; it is typically within 7.5 km but can reach 17 km. 

¢ Lasker distance 

The Lasker distance between two human populations x and y, characterized 
by surname frequency vectors (x;) and (yj), is the number — In 2R,y, where 
Ryy = 5 >>; xii is Lasker’s (1977) coefficient of relationship by isonymy. 

Surname structure is related to inbreeding and (in patrilineal societies) to 
random genetic drift, mutation and migration. Surnames can be considered as 
alleles of one locus, and their distribution can be analyzed by Kimura’s theory of 
neutral mutations; an isonymy points to a common ancestry. 

¢ Isolation by distance 
Isolation by distance (or ibd, Wright, 1943) is the tendency for most 
individuals to migrate and find mates between neighbors; so, populations that 
are a geographically closer are more similar than those that are further apart. It 
results in a smooth increase in a cline, i.e., the gradual change in a character 
(say, allele frequency, within- or between-population genetic differentiation) or 
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feature (phenotype) with increasing geographic distance. The above distance can 
be Euclidean or along a great circle, river, or topographic isocline. 

Ibd for humans was studied, for example, via migration patterns and the 
distribution of surnames (cf. Lasker distance). At both continental and global 
scales, the genetic Fs7-distance and differentiation in cranial morphology 
between populations increases with great circle distance (Chap. 25). 

The geographic distance explains > 75% of the variation between human 
populations, and this distance from East Africa explains 85 % of the smooth 
decrease in genetic diversity. Atkinson, 2011, claims that phoneme diversity also 
declines with distance from Africa. The occurrence of alleles 7R and 2R, linked 
to risk-taking, of the dopamine-related gene DRD4 increases with distance from 
Africa. 

A strong Europe-wide (except Basques, Finns and Sardinians isolates) cor- 
relation, based on >300,000 single nucleotide polymorphisms, between geo- 
graphic and genetic distance was found. South-to-North was the main smooth 
gradient. 

The ibd model explains the emergence of regional differences (races) and new 
species by restricted gene flow and adaptive variations. Speciation (branching of 
new species from an ancestral population) occurs when subpopulations become 
reproductively isolated. The dominating mode of speciation is allopatry when 
habitat splits into discontinuous parts by the formation of a physical barrier to 
gene flow or dispersal. Examples of natural barriers are the Himalayas, Wallace 
Line, Grand Canyon. All modes, in a continuum from complete (allopatric) to 
zero (sympatric) spatial segregation of diverging groups, occur, mainly, in marine 
ecosystems. 

In spatially extended population, another mode—topopatric (or distance- 
forced) speciation can occur via ibd only, without geographic isolation and 
selection. de Aguiar and Bat-Yam, 2011, gave the conditions for speciation in 
such population as a function of its density, mutation rate, genome size and 
critical mating distances. They see such speciation as a case of breakdown of 
unstable uniform distribution, leading to the self-organization of its members into 
clusters. 

Absolute distances between diverged groups can be, say, tens of meters for 
pathogen resistance to hundreds of kilometers in marine invertebrates. 

¢ Wright 

Dispersal neighborhood (DN) is the geographic area within which individuals 
and genes regularly move and interact. It is estimated as the area within a radius 
extending 2 standard deviations from the mean of species’s dispersal distribution. 

Richardson et al., 2014, proposed to measure microgeographic adaptive evo- 
lution by the wright indicating the phenotypic difference between populations 
relative to the number of species-specific DN’s separating them. It is 
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where x}, x2 are the means of the genetically determined traits of populations, s, 
is the pooled standard deviation of those trait values across populations, and d is 
the distance in number of DN’s separating the two populations. 

The wright is a spatial analog of the haldane, a metric for rate of microevolu- 
tion defined (Gingerich, 1993, and Lynch, 1990) as ae where g the number 
of generations separating the populations (or samples of the same populations). 
Haldan, 1949, defined the darwin as | nx, — In x9| (or, respectively, [in21—tn72 ), 
where f¢ is the time in Ma separating samples of the same populations). 

¢ Malécot’s distance model 

Genealogy, migration and surname isonymy are used to predict kinship (usu- 
ally estimated from blood samples). But because of incomplete knowledge on 
ancestors, pedigree-independent methods for kinship assays utilize the distance- 
dependent correlations of any parameter influenced by identity in descent: 
phenotype, gene frequency, or, say, isonymy. 

Malécot’s distance model (1948, 1959) is expressed by the following 
kinship-distance formula for the mean coefficient of kinship between two 
populations isolated by distance d: 

6, = aed’, 
where c = 0,4 correspond to one-, two-dimensional migration, b is a function 
of the systematic pressure (joint effect of co-ancestry, selection, mutations and 
long range migration), and a is the local kinship (the correlation between random 
gametes from the same locality). In fact, the results in 2D for small and moderate 
distances agree closely with c = 0. The model is most successful when the 

systematic pressure is dominated by migration. 
Malécot’s model was adapted for the dependency py of alleles at two loci at 
distance d (allelic association, linkage disequilibrium, polymorphism distance): 


pa = (1—-L)Me~“@ +L, 


where d is the distance (say, from a disease gene) between loci along the 
chromosome (either genome distance on the physical scale in kilobases, or map 
distance on the genetic scale in centiMorgans), € is a constant for a specified 
region, M < | is a parameter expressing mutation rate and L is the parameter 
predicting association between unlinked loci. 

Selection generates long blocks of linkage disequilibrium (places in the 
genome where genetic variations are occurring more often than by chance, as 
in the genetic drift) across hundreds of kilobases. Using it, Hawks et al., 2007, 
found that selection in humans much accelerated during the last 40,000 years, 
driven by exponential population growth and cultural adaptations. 

Examples of accelerated (perhaps, under diet and diseases pressures) human 
evolution and variation include disease resistance, lactose tolerance, skin 
color, skeletal gracility. A mutation in microcephalin (gene MCPH1) appeared 
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14,000-62,000 years ago and is now carried by 70 % of people but not in sub- 
Saharan Africa. Distinctive traits of East Asians (about 93 % of Han Chinese 
and 70 % of Japanese and Tai)—thicker hair shafts, more sweat glands, smaller 
breasts and specific teeth—are the result of a mutation in gene EDAR that 
occurred ~35,000 years ago. 

The fastest genetic change ever observed in humans is that the ethnic Tibetans 
split off from the Han Chinese less than 3000 years ago and since then evolved 
a unique ability to thrive at high (4000 m above sea level) altitudes and low 
oxygen levels. It also come from their gene EPAS/ found only in Denisovans. An 
example of quick nongenetic evolution: the average height of a European male 
at age 21 rose from 167 cm in early 1870s to 178 cm in 1980. Crabtree, 2012, 
argues that our intellectual and emotional abilities diminish gradually (after a 
peak 2000-6000 years ago) because of weakened control of genetic mutations 
by natural selection. 

Over the past 20,000 years, the average volume of the human brain has 
decreased by 10%. Possible reason: our dwindling intelligence (Geary, 2011), 
or improved brain efficiency (Hawks, 2011), or social self-domestication (Hood, 
2014). 


23.2. Distances for DNA/RNA and Protein Data 


The main way to estimate the genetic distance between DNA, RNA or proteins 
is to compare their nucleotide or amino acid, sequences, respectively. Besides 
sequencing, the main techniques used are immunological ones, annealing (cf. 
hybridization metric) and gel electrophoresis (cf. read length). 

Distances between nucleotide (DNA/RNA) or protein sequences are usually 
measured in terms of substitutions, i.e., mutations, between them. 

A DNA sequence is a sequence x = (x1,...,X,) over the four-letter alphabet of 
four nucleotides A, T, C, G (or two-letter alphabet purine/pyrimidine, or 16-letter 
dinucleotide alphabet of ordered nucleotide pairs, etc.). Let )* denote )7"_,. 

A protein sequence is a sequence x = (X1,..., Xn) over a 20-letter alphabet of 20 
standard amino acids; )> again denotes )77_,. 

A short sequence is called nullomer if it do not occur in a given species and prime 
if it has not been found in nature. Hampikian—Andersen, 2007, lists 80 human DNA 
nullomers of length 11 and many primes: DNA of length 15 and protein of length 5. 

For a macromolecule, a primary structure is its atomic composition and the 
chemical bonds connecting atoms. For DNA, RNA or protein, it is specified by 
its sequence. The secondary structure is the 3D form of local segments defined 
by the hydrogen bonds. The tertiary structure is the 3D structure, as defined by 
atomic positions. The quaternary structure describes the arrangement of multiple 
molecules into larger complexes. 
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¢ Number of DNA differences 
The number of DNA differences between DNA sequences x = (x1,...,Xn) 
and y = (y1,..., Yn) is the number of mutations, i.e., their Hamming metric: 


ye LiiZy;- 


¢ p-distance 
The p-distance d, between DNA sequences x = (X,...,%,) and y = 
(1,---+¥n) is defined by 


D lity: 
ees 
¢ Jukes—Cantor nucleotide distance 


The Jukes—Cantor nucleotide distance between DNA sequences x and y is 


defined, using the p-distance d, with d, < 3, by 


3 4 
at In (1 - p(s.) : 


If the rate of substitution varies with the gamma distribution, and a is the 
parameter describing the shape of this distribution, then the gamma distance for 
the Jukes—Cantor model is defined by 


3a 4 eae 
¢ Tajima—Nei distance 
The Tajima—Nei distance between DNA sequences x and y is defined by 


dy (x, 
—bln (1 - a) , where 





1 Ly=yj=j 1 lity; : 
b=5 c= ss : fe = . and 


j=AT.C.G 





ae 3 (S lem=u0)- 
LKEIA,T.G,C} jk ( Ii=y=y)OU Lj=yi=n) 
Let P = +|{1 <i<n: {x,y} = {A,Ghor{T,C}I, and Q = {|{1 <i < 
n: {x;, yi} = {A, T} or {G, C}}|, ie., P and Q are the frequencies of, respectively, 
transition and transversion mutations between DNA sequences x and y. 

The following four distances are given in terms of P and Q. 
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Jin-Nei gamma distance 
The Jin—Nei gamma distance between DNA sequences is defined by 


Oldie choppy keg paeg baas “ue 3) 
s(a 2P— oy" + (1-20) ale 


where the rate of substitution varies with the gamma distribution, and a is the 
parameter describing the shape of this distribution. 
Kimura 2-parameter distance 

The Kimura 2-parameter distance K2P (Kimura, 1980) between DNA 
sequences is defined by 


—F in —2P—Q)- jin vi 290. 


Tamura 3-parameter distance 
The Tamura 3-parameter distance between DNA sequences is defined by 


P 1 
—bin (: ae 0) — 5(1 — 5) In(1 — 20), 


where f, = rate <i<n:x=GorQ|,f, = rate <i<n:y, = GorC}|, 
and b = f, + fy — 2ff. Ifb = S, it is the Kimura 2-parameter distance. 
Tamura-Nei distance 

The Tamura-Nei distance between DNA sequences is defined by 


_ fate <.Gik es _ ftfc te — _ 
SR in(1 age st) ty in(1 Bf Pe) 
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where f; = x dy =; + 1,,=)) for] = A, G, T, C, and fr = fa +fa. fy =fr +fe, 
while Pry = 71 < isn: |oay} MAG = lanvd OIT,C}] = UY 
(the proportion of transversion differences), Pag = ate <i<n: {x,y} = 
{A, G}}| (the proportion of transitions within purines), and Prc = 111 <i<n: 
{xi, vi} = {T, C}}| (the proportion of transitions within pyrimidines). 
Lake paralinear distance 

Given two DNA sequences x = (%1,...,%,) and y = ()1,..., Yn), denote by 
det(J) the determinant of the 4 x 4 matrix J = ((Jj)), where Jj = are < 
t<n: x = i,y, = j}| Goint probability) and indices i,j = 1,2,3,4 
represent nucleotides A, T, C, G, respectively. Let f;(x) denote the frequency 
of the i-th nucleotide in the sequence x (marginal probability), and let f(x) = 


AMAMAOFa0). 
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The Lake paralinear distance (1994) between sequences x and y is defined 
by 


Ly _det(s) 


4° Jf@FO) 


It is a four-point inequality metric, and it generalizes trivially for sequences 
over any alphabet. Related are the LogDet distance (Lockhart et al., 1994) 


—4 In det(/) and the symmetrization 5 (a : y) + d(y, x)) of the Barry—Hartigan 
et(J 
; ; ; VE)” 
Eigen—McCaskill-Schuster distance 
The Eigen—McCaskill-Schuster distance between DNA sequences x = 


(X1,...,%) and y = (y1,...,¥,) is defined by 





quasi-metric (1987) d(x, y) = —{1n 


1 sisn:txyit F(A, GAT. CH]. 


It is the number of transversions, i.e., positions i with one of x;, y; denoting a 
purine and another one denoting a pyrimidine. 
Watson-Crick distance 

The Watson-Crick distance between DNA sequences x = (x1,...,%,) and 
y = (\1,..-,¥n) is defined, for x # y, by 


tl sisn: tx, yi} 4 tA, T}, {G, CH} 


It is the Hamming metric (number of DNA differences) >° 1,,4;, between x 
and the Watson—Crick complement y = (y,,...,¥,) of y, where y; = A,T,G,C 
if y; = T,A, C, G, respectively. Let y* be the reversal (y,,...,¥,) of ¥. 

Hybridization is the process of combining complementary single-stranded 
nucleic acids into a single molecule. Annealing is the binding of two strands 
by the Watson—Crick complementation. Denaturation is the reverse process. 

A DNA cube is any maximal set of DNA n-sequences, such that, for any 
two x,y of them, it holds that H(x,y) = min_y<pen > LAY camod = 0. The 
hybridization metric (Garzon et al., 1997) between DNA cubes A and B is 


in H : 
ae) 


RNA structural distances 

An RNA sequence is a string over the alphabet {A, C, G, U} of nucleotides 
(bases). Inside a cell, such a string folds in 3D space, because of pairing of 
nucleotide bases (usually, by bonds A — U, G — C and G — U). The secondary 
structure of an RNA is, roughly, the set of helices (or the list of paired bases) 
making up the RNA. Such structure can be represented as a planar graph and 
further, as a rooted tree. The tertiary structure is the geometric form the RNA 
takes in space; the secondary structure is its simplified/localized model. 
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An RNA structural distance between two RNA sequences is a distance 
between their secondary structures. These distances are given in terms of their 
selected representation. For example, the tree edit distance (and other distances 
on rooted trees given in Chap. 15) are based on the rooted tree representation. 

Let an RNA secondary structure be represented by a simple graph (V, £) with 
vertex-set V = {1,...,} such that, for every 1 < i < n, (i,i+ 1) ¢ E and 
(i,j), @,k) € Eimplyj =k. Let E = {(i),J1),..., (ie. je)}, and let (ij) denote the 
transposition of i and j. Then 2(G) = [],_, (i,j) is an involution. 

Let G = (V,E) and G’ = (V,E’) be such planar graph representations of 
two RNA secondary structures. The base pair distance between G and G’ is 
the number |EAE’|, i.e., the symmetric difference metric between secondary 
structures seen as sets of paired bases. 

The Zuker distance between G and G’ is the smallest number k such that, for 
every edge (i,j) € E, there is an edge (i, ;’) € E’ with max{|i—i’|, |j—j’|} < k 
and, for every (k’, /') € E’, there is an (k, 1) € E with max{|k — k’|, |J—I'|} <k. 

The Reidys—Stadler—Rosell6é metric between G and G’ is defined by 


|EAE’| — 27, 


where T is the number of cyclic orbits of length greater than 2 induced by the 
action on V of the subgroup ((G), x(G’)) of the group Sym, of permutations on 
V. It is the number of transpositions needed to represent 7(G)2(G’). 

Let Ig = (xix; : (4, x;) € E) be the monomial ideal (in the ring of polynomials 
in the variables x,,...,x, with coefficients 0,1), and let MUG) denote the set 
of all monomials of total degree < m that belong to Jg. For every m > 3,a 
Liabrés-Rosell6 monomial metric between G = (V, £) and G’ = (V’, E’) is 


\M(UIg)m—1 AM (a) m—1 |. 


Chen-Li-—Chen, 2010, proposed the following variation of the directed Haus- 
dorff distance (Chap. 1) between two intervals x = [x,,x2] and y = [y, yo], 
representing two RNA secondary structures: 


max min |a — b| (1 - 


aeéx bey 


O(x, y) ) 


xy —- xy +1 


where O(x, y) = min{x2, y2} — max{x,, y;}, represents the overlap of intervals x 
and y; it is seen as a negative gap between x and y, if they are disjoint. 
¢ Fuzzy polynucleotide metric 

The fuzzy polynucleotide metric (or NT V-metric) is the metric introduced 
by Nieto, Torres and Valques-Trasande, 2003, on the 12-dimensional unit cube 
I'?, Four nucleotides U,C,A and G of the RNA alphabet being coded as 
(1,0, 0, 0), (0, 1,0, 0), (0, 0, 1, 0) and (0, 0, 0, 1), respectively, 64 possible triplet 
codons of the genetic code can be seen as vertices of /'*. 
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So, any point (x,,...,X}2) € I'? can be seen as a fuzzy polynucleotide codon 
with each x; expressing the grade of membership of element i, | < i < 12, in the 
fuzzy set x. The vertices of the cube are called the crisp sets. 

The NTV-metric between different points x, y € I'* is defined by 


Vici<r Ixi — yil 
Misi<i2 max{Xxj, Vif 





Disi<n max{|xi|,lyil} 


On R%, this metric is equal to 1 — s(x, y), where s(x, y) = 


Dress and Lokot showed that is a metric on the whole of R”. 


Disi<n min{xi,yi} is the 
ii<i<n max{x;,yi} 


Ruzicka similarity (Chap. 17). 
¢ Genome rearrangement distances 

The genomes of related unichromosomal species or single chromosome 
organelles (such as small viruses and mitochondria) are represented by the order 
of genes along chromosomes, i.e., as permutations (or rankings) of a given 
set of n homologous genes. If one takes into account the directionality of the 
genes, a chromosome is described by a signed permutation, i.e., by a vector 
xX = (,...,X,), where |x;| are different numbers 1,...,”, and any x; can be 
positive or negative. 

The circular genomes are represented by circular (signed) permutations 
(x1,...,X,), where x,+1 = x, and so on. 

Given a set of considered mutation moves, the corresponding genomic 
distance between two such genomes is the editing metric (Chap. 11) with the 
editing operations being these moves, i.e., the minimal number of moves needed 
to transform one (signed) permutation into another. 

In addition to (and, usually, instead of) local mutation events, such as character 
indels or replacements in the DNA sequence, the /arge (i.e., happening on a large 
portion of the chromosome) mutations are considered, and the corresponding 
genomic editing metrics are called genome rearrangement distances. In fact, 
such rearrangement mutations being rarer, these distances estimate better the true 
genomic evolutionary distance. 

The genome (chromosomal) rearrangements are inversions (block rever- 
sals), transpositions (exchanges of two adjacent blocks), inverted transpositions 
(inversions combined with transpositions) in a permutation, and, for signed 
permutations, signed reversals (sign reversal combined with inversion). The main 
genome rearrangement distances between two unichromosomal genomes are: 

Cayley, reversal and signed reversal metrics (cf. Chap. 11); 

ITT-distance: the minimal number of inversions, transpositions and inverted 
transpositions needed to transform one of them into another. 

Given two circular signed permutations x = (x,,...,X,) and y = (y1,..., Yn) 
(SO, X,41 = X1, etc.), a breakpoint is a number i, 1 < i < n, such that y;+; 4 
Xj(j+1, Where the number j(Z), 1 < j(@) < n, is defined by the equality y; = xj. 
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The breakpoint distance (Watterson et al., 1982) between genomes, represented 
by x and y, is the number of breakpoints. 

This distance and the permutation editing metric (the Ulam metric from 
Chap. 11: the minimal needed number of one-character transpositions) are used 
for the approximation of genome rearrangement distances. 

¢ Syntenic distance 

This is a genomic distance between multi-chromosomal genomes, seen as 
unordered collections of synteny sets of genes, where two genes are syntenic if 
they appear in the same chromosome. The syntenic distance (Ferretti-Nadeau— 
Sankoff, 1996) between two such genomes is the minimal number of mutation 
moves—translocations (exchanges of genes between two chromosomes), fusions 
(merging of two chromosomes into one) and fissions (splitting of one chromo- 
some into two)—needed to transfer one genome into another. All (input and 
output) chromosomes of these mutations should be nonempty and not duplicated. 

The above three mutation moves correspond to interchromosomal genome 
rearrangements which are rarer than intrachromosomal ones; so, they give 
information about deeper evolutionary history. 

¢ Genome distance 

The genome distance between two loci on a chromosome is a physical 
distance: the number of base pairs (bp) separating them on the chromosome. 

In particular, the intragenic distance of two neighboring genes is the smallest 
distance in bp separating them on the chromosome. Sometimes, it is defined as 
the genome distance between the transcription start sites of those genes. 

Nelson, Hersh and Carrol, 2004, defined the intergenic distance of a gene as 
the amount of noncoding DNA between the gene and its nearest neighbors, i.e., 
the sum of upstream and downstream distances, where upstream distance is the 
genome distance between the start of a gene’s first exon and the boundary of 
the closest upstream neighboring exon and downstream distance is the distance 
between the end of a gene’s last exon and the boundary of the closest downstream 
neighboring exon. If exons overlap, the intergenic distance is 0. 

¢ Strand length 

A single strand of nucleic acid (DNA or RNA sequence) is oriented down- 
stream, i.e., from the 5’ end toward the 3’ end (sites terminating at the 5-th and 
3-rd carbon in the sugar-ring; 5’-phosphate binds covalently to the 3’-hydroxyl 
of another nucleotide). So, the structures along it (genes, transcription factors, 
polymerases) are either downstream or upstream. The strand length is the 
distance from its 5’ to 3’ end. Cf. end-to-end distance (in Chap. 24) for a general 
polymer. 

For a molecule of messenger RNA (mRNA), the gene length is the dis- 
tance from the cap site 5’, where post-translational stability is ensured, to the 
polyadenylation site 3’, where a poly(A) tail of 50-250 adenines is attached after 
translation. 

¢ Map distance 

The map distance between two loci on a genetic map is the recombination 

frequency expressed as a percentage; it is measured in centiMorgans cM (or map 
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units), where | cM corresponds to a 1 % (a0) chance that a segment of DNA will 
crossover or recombine within one generation. Genes at map distance 50 cM are 
unlinked. 

For humans, 1.3 cM corresponds to a genome distance of 1 Mb (million bp). 
In the female this recombination rate (and so map distances) are twice that of the 
male. In males, the total length of intervals between linked genes is 2500 cM. 

During meiosis in humans, there is an average of 2 to 3 crossovers for 
each pair of homologous chromosomes. The intermarker meiotic recombination 
distance (Dib et al., 1992) counts only meiotic crossovers. Mitotic crossover is 
rare. 

¢ tRNA interspecies distance 

Transfer RNA (tRNA) molecules are necessary to translate codons (nucleotide 
triplets) into amino acids; eukaryotes have up to 80 different tRNAs. Two tRNA 
molecules are called isoacceptor tRNAs if they bind the same amino acid. 

The tRNA interspecies distance between species m and n is (Xue et al., 
2003), averaged for all 20 amino acids, the tRNA distance for a given amino acid 
aa; which is, averaged for all pairs, the Jukes—Cantor protein distance between 
each isoacceptor tRNAs of aa; from species m and each isoacceptor tRNAs of 
the same amino acid from species n. 

¢ PAM distance 

There are many notions of similarity/distance (20 x 20 scoring matrices) on 
the set of 20 standard amino acids, based on genetic codes, physico-chemical 
properties, secondary structural matching, structural properties (hydrophilicity, 
polarity, charge, shape, etc.) and observed frequency of mutations. The most 
frequently used one is the Dayhoff distance, based on the 20 x 20 Dayhoff 
PAM250 matrix which expresses the relative mutability of amino acids. 

The PAM distance (or Dayhoff—Eck distance, PAM value) between protein 
sequences is defined as the minimal number of accepted (i.e., fixed) point 
mutations per 100 amino acids needed to transform one protein into another. 

1 PAM is a unit of evolution: it corresponds to | point mutation per 100 amino 
acids. PAM values 80, 100, 200, 250 correspond to the distance (in %) 50, 60, 
75, 92 between proteins. 

* Genetic code distance 

The genetic code distance (Fitch and Margoliash, 1967) between amino acids 
x and y is the minimum number of nucleotides that must be changed to obtain x 
from y. In fact, it is 1,2 or 3, since each amino acid corresponds to three bases. 

¢ Miyata—Miyazawa-Yasanaga distance 

The Miyata—Masada-Yasanaga distance (or Miyata’s biochemical distance, 
1979) between amino acids x, y with polarities p,, py and volumes v,, vy is defined 
by 
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where o, and o, are the standard deviations of |p, — py| and |v, — vy|- 
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This distance is derived from the similar Grantam’s chemical distance 
(Grantam, 1974) based on polarity, volume and carbon-composition of amino 
acids. 

¢ Polar distance (in Biology) 

The following three physico-chemical distances between amino acids x and y 
were defined in Hughes—Ota—Nei, 1990. 

Dividing amino acids into two groups—polar (C, D, E, H, K, N, Q, R, S, T, 
W, Y) and nonpolar (the rest)—the polar distance is 1, if x, y belong to different 
groups, and 0, otherwise. The second polarity distance is the absolute difference 
between the polarity indices of x and y. Dividing amino acids into three groups— 
positive (H, K, R), negative (D, E) and neutral (the rest)—the charge distance 
is 1, if x, y belong to different groups, and 0, otherwise. 

¢ Feng—Wang distance 

20 amino acids can be ordered linearly by their rank-scaled functions 
CI, NI of pK, values for the terminal amino acid groups COOH and NH?, 
respectively. 17C7 is 1,2,3,4,5,6,7,7,8,9,10,11,12,13,14,14,15,15,16,17 for 
C,H,EP,N,D,R,Q,K,E, Y,S,M,V,G,A,L,LW,T, while 18 NI is 1,2,3,4,5,5,6,7,8,9, 
10,10,11,12,13,14,15,16,17,18 for N,K,R, Y,R.Q,S,H,M,W,G,L,V,E,LA,D,T.P.C. 

Given a protein sequence x = (x1,...,Xm), define x; < x; if i < j, CI(xj) < 
Cl(x;) and NI(x;) < NI(x;) hold. Represent the sequence x by the augmented 
m xm Hasse matrix ((ay(x))), where aj(x) = Sey GD and, for i ¥ j, a(x) = 
—1 or 1 if x; < x; or x; = x;, respectively. 

The Feng—Wang distance ([FeWa08]) between protein sequences x = 
(x1,...,Xm) and y = (y1,...,¥n) 1s defined by 
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where A(z) denotes the largest eigenvalue of the matrix ((aj(z))). 
¢« Number of protein differences 
The number of protein differences between protein sequences x = 
(x1,...,%m) and y = (y1,...,¥n) is just the Hamming metric between protein 
sequences: 


» lijAy;- 


¢ Amino p-distance 
The amino p-distance (or uncorrected distance) d, between protein 
sequences x = (x1,...,X%m) and y = (y1,...,Y,) is defined by 


> lity; 
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Amino Poisson correction distance 
The amino Poisson correction distance between protein sequences x and y 
is defined, via the amino p-distance d,, by 


—In( — d,(x, y)). 


Amino gamma distance 

The amino gamma distance (or Poisson correction gamma distance) 
between protein sequences x and y is defined, via the amino p-distance d,, 
by 


a((1 — d,(x,y))~'/4 = 1), 


where the substitution rate varies with i = 1,...,n according to the gamma 
distribution with the shape described by the parameter a. For a = 2.25 and 
a = 0.65, it estimates the Dayhoff distance and Grishin distances, respectively. 
In some applications, this distance with a = 2.25 is called simply the Dayhoff 
distance. 
Jukes—Cantor protein distance 

The Jukes—Cantor protein distance between protein sequences x and y is 
defined, via the amino p-distance d,, by 


19 ea cae Gi) 
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Kimura protein distance 


The Kimura protein distance between protein sequences x and y is defined, 
via the amino p-distance d,, by 
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Grishin distance 
The Grishin distance d between protein sequences x and y can be obtained, 
via the amino p-distance d,, from the formula 


In(1 + 2d(x, y)) 


= 1-d,(x,y). 
2d(x, y) py) 
k-mer distance 
The k-mer distance (Edgar, 2004) between sequences x = (x1,...,Xm) and 
y = (,..-,¥n) over a compressed amino acid alphabet is defined by 
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where a is any k-mer (a word of length k over the alphabet), while x(a) and y(a) 
are the number of times a occurs in x and y, respectively, as a block (contiguous 
subsequence). Cf. g-gram similarity in Chap. 11. 
¢ Santoni-Felici-Vergni proximity 

Given a protein sequence v = (v),..., Uy) and two amino acids a and b in 
it, let (x],...,X,) and (y1,...¥) be arrays of occurrence positions in v of a and 
b, respectively. The proximity in v between a and b is (Santoni—Felici—Vergni, 
2016) 


n 


1 
Using the above function and machine learning, the authors found a way to 
discriminate between natural and random protein sequences. It shows how 
natural selection dominates the randomising effect of casual mutations in protein 
evolution. 

¢ Whole genome composition distance 

Let A, be the set of all 4 4‘ nonempty words of length at most k over the 
alphabet of four RNA nucleotides. For an RNA sequence x = (x1,...,X,) and 
any a € Ax, let g(x) be the number of occurrences of a as a block (contiguous 
subsequence) in x and f(x) be g,(x) divided by the number of blocks of the same 
length in x. 

The whole genome composition distance (Wu et al., 2006) between RNA 
sequences x and y (of two strains of HIV-1 virus) is the Euclidean distance 
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The D” distance (Torney et al., 1990) is Daa, (ga(x) — ga(y))? for some / < k. 
The D> statistic (Lippert et al., 2002) is the number of k-word matches of x, y. 
¢ Huang ensemble distance 


Consider a genome, represented by a nucleotide sequence s = (sj,..., 57), 
of length /, where s; € {AC,G,T}. For t = A,C,G,T, define w,(s;) = 1 if 
Ss; = t and w,(s;) = 0, otherwise. The natural vector of s is defined to be the 
concatenation 


(na, Nc, NG. NT, LA, Lec, kG, er, Da, Dc, Dg, Dr) 


of three following vectors: the counting vector (n4,nNc,nNG,Nr), Where n; = 
l Be 

i=) Wr(s;), the first moment of positions (ja, kc, hc. Lr), Where by, = 
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The k-mer vector is (m(1),...,m(4*)) where m(j) is the number of times the 
j-th of 4* possible strings of k nucleotides occurs as k consecutive elements in s. 

A multipartite, i.e., consisting of several nucleic acid molecules, virus can be 
represented by a set of natural and k-mer counting vectors of its multiple genome 
segments. The Huang ensemble distance between such viruses X and Y is 


N2 K2 
tae 
by bx 


(Huang, 2016), where Nyy, Kxy are the Hausdorff distances between the sets of 
their natural vectors and between the sets of their k-mer counting vectors, and 
on 6% are the variances of the upper triangular matrix with elements Nj and Ky 
(for all pairs JJ of considered viruses), respectively. 

Nxy, Nxy are max{max;yex minyey d(x, y), Maxyey Minyex d(x, y)}, where 
d(x, y) is the Euclidean distance of two natural or k-mer counting vectors x € X, 
yey. 

Additive stem w-distance 

Given an alphabet A, let w = w(a,b) > 0 for a,b € A, be a weight function 
on it. The additive stem w-distance between two n-sequences x,y € A” is 
defined (D’ yachkov and Voronina, 2008) by 


n—1 
Dy (x.y) = J (s(x) — 5.9), 


i=1 





where s/’(x,y) = w(a,b) if x1 = yi = a,xi41 = yiti = D and s(x, y) = 0, 
otherwise. If all w(a,b) = 1, then Ys, s,(x, y) is the number of common 2- 
blocks containing adjacent symbols in the longest common subsequence of x and 
y; then D,,(x, y) is called a stem Hamming distance. 
ACS-distance 
Given an alphabet A, the average common substring length between 
sequences x = (X,...,X%m) and y = (j1,...,y¥n) over A is (Ulitsky et al., 
2006) L(x,y) = Dia l;, where 1; is the length of the longest substring 
(x;,...,Xj-1+4/,) which matches a substring of y. So, L(x, x) = me 
The ACS-distance is defined by 
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A similar distance was considered (Haubold et al., 2009) replacing the longest 
common substring by the shortest absent one. 
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23.3. Distances in Ecology, Biogeography, Ethology 


Main distance-related notions in Ecology, Biogeography and Animal Behavior 
follow. 


¢ Niche overlap similarities 

A niche is environmental space, while a biotope is a geographic space. 

Let p(x) = (pi(%),...,Pn(x)) be a frequency vector (i.e., all p;(x) > 0 and 
>-; pi(x) = 1) representing an ecological niche of species x, for instance, the 
proportion of resource i, i € {1,...,m}, used by species x. 

Four main niche overlap similarities of species x and y are: 

Schoener’s D, introduced by Renkonen in 1938: 
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cosine similarity (Chap. 17), called in Ecology (from 1973) Pianka’s O: 


(p(x), PY)) 


O(x, y) = ——————__; 
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Hellinger I (i.e., fidelity similarity, cf. Chap. 14) and Bray—Curtis (or, since 
P(x), p(y) are frequency vectors, Renkonen percentage) similarity (Chap. 17). 
¢ Ecological distance 
Let a given species be distributed in subpopulations over a given landscape, 
i.e., a textured mosaic of patches (homogeneous areas of land use, such as 
fields, lakes, forest) and linear frontiers (river shores, hedges and road sides). 
The individuals move across the landscape, preferentially by frontiers, until they 
reach a different subpopulation or they exceed a maximum dispersal distance. 
The ecological distance between two subpopulations (patches) x and y is 
defined (Vuilleumier—Fontanillas, 2007) by 


D(x, y) + Diy. x) 
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where D(x, y) is the distance an individual covers to reach patch y from patch x, 
averaged over all successful dispersers from x to y. If no such dispersers exist, 
D(x, y) is defined as min, (D(x, z) + D(z, x)). 

Ecotopes are the smallest ecologically distinct features in a landscape map- 
ping. 

Effective ecological distance (or cost-distance) is the Euclidean distance 
modified for the effect of landscape and behavior on the dispersal of an organism 
between locations in the landscape. Such functional distance can be computed 
as least-cost path using either cost surface (matrix between patches assigning 
degree of permeability depending on hostile habitat or physical barriers), or 
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resistance surface accounting for costs (resistance per unit distance) of passing 
through different landscape elements. Cf. resistance metric in Chap.15. Pinto— 
Kein, 2009, proposed least-cost corridors formed by multiple paths with similar 
costs, since animals, even birds, rarely move along straight-line paths in a 


landscape. 
¢ Biotope distance 
The biotopes here are represented as binary sequences x = (x1,...,Xn), where 
x; = 1 means the presence of the species i. The biotope (or Tanimoto, cf. 


Chap. 17) distance between biotopes x and y is defined by 


{l<i<nix,Ayj| _ |XAY| 
{1<i<n:xjt+y,>0}| |XUY|’ 





where X = {1 <i<n:x;=1l}andY={l<i<n:y,=l}. 
¢ Prototype distance 

Given a finite metric space (X, d) (usually, a Euclidean space) and a selected, 
as typical by some criterion, vertex x9 € X, called the prototype, the prototype 
distance of every x € X is the number d(x, x0). 

Usually, the elements of X represent phenotypes or morphological traits. The 
average of d(x, xo) over x € X estimates the corresponding variability. 

¢ Critical domain size 

In Spatial Ecology, the critical domain size is (Kierstead and Slobodkin, 
1953) the minimal amount of habitat, surrounded by a hostile matrix, required 
for a population to persist. For example, in the invasion and persistence of algal 
and insect populations in rivers, such a size is the minimal length of a river (with 
a given, less than the threshold, flow speed) that supports a population. 

¢ Island distance effect 

An island, in Biogeography, is any area of habitat surrounded by areas 
unsuitable for the species on the island: true islands surrounded by ocean, 
mountains isolated by surrounding lowlands, lakes surrounded by dry land, 
isolated springs in the desert, grassland or forest fragments surrounded by 
human-altered landscapes. 

The island distance effect is that the number of species found on an island is 
smaller when the degree of isolation (distance to nearest neighbor and mainland) 
is larger. Also, organisms with high dispersal, such as plants and birds, are much 
more common on islands than are poorly dispersing taxa like mammals. 

¢ Dispersal distance 

In Biology, the dispersal distance is a range distance to which a species 
maintains or expands the distribution of a population. It refers, say, to seed dis- 
persal by pollination and to natal, breeding and migration dispersal. For animals, 
natal dispersal is permanent emigration from the natal range to a disjoint adult 
range, and dispersal distance is the distance between their barycenters. 

The dispersal distance is usually described by a dispersal kernel which gives 
the probability distribution of the distance traveled by any individual. 
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When outcrossing (gene flow) is used to increase genetic diversity of a plant 
species, the optimal outcrossing distance is the dispersal distance at which seed 
production is maximized. It is less than the mean pollen dispersal distance. 

Plant height matters more than seed mass for its dispersal distance. Unusual 
way of wind dispersal include tumbleweeds. 

Pollen from Pinus sylvestris can fly 100 km, but oceanic larvae dispersal is 
at least one order of magnitude greater than that of pollen-dispersing terrestrial 
biotas. 

¢ Long-distance dispersal 

Long-distance dispersal (or LDD) refers to the rare events of biological 
dispersal on distances an order of magnitude greater than the median dispersal 
distance. For the regional survival of some plants, LDD is more important than 
local (median-distance) dispersal. The longest recorded distance traveled by a 
drift seed is 28,000 km by a Mary’s bean from the Marshall Islands to Norway. 

LDD emerged in Biogeography as greater factor of biodiversity and species 
migration patterns than original vicarience theory (dispersal via land bridges) 
based on continental drift. Such relatively recent chance dispersal explain the 
fast spread of organisms in new habitats, for example, plant pathogens, invasive 
species and in paleocolonization events, such as the joining of North and South 
America 3 Ma ago, or Africa and India with Eurasia 30 and 50 Ma ago. 

Human colonization of Madagascar (isolated for 88 Ma) ~2000 years ago 
may have resulted from an accidental transoceanic crossing; other animals 
arrived by rafting from Africa 60-70 Ma ago. LDD followed traders and 
explorers, especially, in Columbian Exchange after 1492. 

Transoceanic LDD by wind/water currents can explain strong floristic sim- 
ilarities among landmasses in the southern hemisphere. Monkey, rodents, and 
crocodiles dispersed 50-30 Ma ago to the Americas from Africa via the Atlantic. 

Free-living microbes occupy every niche but their biodiversity is low, because 
they are carried by wind thousands of km on dust particles protecting them from 
UV. Extreme example of such (or via underground rivers, before the continents 
split) LDD: sunlight-independent bacterium Desulforudis audaxviator, living 1— 
3.3 km deep in South Africa (the only species known to be alone in its ecosystem 
and radiation-relying), reached deep boreholes in eastern California. 

Some other LDD vehicles are: rafting by water (corals can traverse 40,000 
km during their lifetime), migrating birds, human transport, ship ballast water, 
and extreme climatic events. Snails can travel hundreds of km inside bird guts: 
1-10 % of eaten snails survive up to 5h until being ejected in bird feces. 

Also, cancer invasion (spread from primary tumors invading new tissues) 
can be thought as an invasive species spread via LDD, followed by localized 
dispersal. 

The most invasive mammal species (besides humans) are: rabbits, black rats, 
gray squirrels, goats, pigs, deers, mice, cats, red foxes, mongooses. Invasive 
Argentine ants form the largest global insect mega-colony: they do not attack 
each other. 
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¢ Migration distance (in Biogeography) 

Migration distance is the distance between regular breeding and foraging 
areas within seasonal large-scale return movement of birds, fish, insects, turtles, 
seals, etc. 

The longest such recorded round-trip is 71,000 km pole-to-pole traveled each 
year by the Arctic tern. The highest migration altitude is 9 km by bar-headed 
goose. Longest each way migration for a mammal is ~9800 km, traveled by 
a humpback whale from the Brazilian coast to Madagascar, and, for an insect, 
~4500 km by desert locust and Monarch butterfly. 

One of unsolved problems in Biology is: how do the descendants of Monarch 
butterfly, migrating from Canada to central Mexico for several generations, 
manage to return to a few small overwintering spots? Also, why the ancient 
murrelets fly almost 8000 km across entire North Pacific and back—for no 
obvious benefit? 

Migration differs from ranging, i.e., the movement of an animal beyond its 
home range which ceases when a suitable new home range (a resource: food, 
mates, shelter) is found. It differs also from foraging/commuting as occurs, say, 
for albatrosses or plankton. Wandering albatrosses, having the largest (3.63 m) 
wingspan, make several-days foraging round trips of up to 3000 km. Krill, 1-2 
cm long, move up to 500 m vertically each night, to feed in the sunlit waters, 
where plants are abundant, while avoiding being seen by predators. Mesopelagic 
(living 0.2—1 km deep) fish also travel to upper layers at night. 

At the population level, migration involves displacement, while rang- 
ing/foraging result only in mixing. Entire species migrate slowly by shifting, 
because of rapid climate change, their geographical or elevation ranges. Chen et 
al., 2011, found that the mean travel poleward of over 1300 species, considered 
by them, was 17 km a decade; vertically, the mean had a species moving 11 m 
uphill. 

During ice ages species move to hotspots, say, volcanoes. In early Holocene, 
forests migrated northward, up to 5 km per decade, using LDD (by birds) and 
low-density founder populations. Root et al., 2003, claim that butterflies, birds 
and plants move towards the poles by 6.1 km per decade over the past 100 years. 

Lyons et al., 2015: during last 300 Mya, more pairs of land species with 
correlated co-occurrence were positively correlated than negatively correlated 
ones, and 6000 years ago this pattern was reversed. They explains it by barriers 
to dispersal introduced by increasing human population and the spread of 
agriculture. 

¢ Daily distance traveled 

Daily distance traveled D (m/day) is an important parameter of the energy 
budget of ranging/foraging mammals. 

The foraging efficiency is the ratio 5, where C, B (J/m) are the energy costs of 
travel and of acquiring energy. Over a day, the expected total net energy return 
is D(B — C). The locomotor cost is the distance traveled per unit energy spent 
on locomotion. The limb length determines this cost in terrestrial animals but no 
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link with D has been observed. Pontzer, 2011, explains this paradox by high B in 
most taxa: only for B < 10, would selection for limb length be needed. 

Within species, over a lifetime, increased D is associated with decreased B — 
C, reproductive effort and maintenance. But among species, over evolutionary 
time, it is associated with a greater number of offspring and their total mass per 
lifetime. 

The mean D traveled by carnivores is four times such distance by herbivores. 
Also, D and feeding/grooming time are much greater in larger groups of primates. 
Foraging radius, D and annual travel distance of Neanderthal was ~ 75 % of that 
of humans. 

¢ Collective motion of organisms 

Organisms aggregate to procure resources (pack-hunting), to find mates 
(plankton, plants) and to lower predation risk (meerkats, schools of sardines, 
flocks of starlings). Animals moving in large groups at the same speed and in 
the same direction, tend to have similar size and to be regularly spaced. 

The near-constant distance which an animal maintains from its immedi- 
ate neighbors is called the nearest-neighbor distance (NDD). When NDD 
decreases, the mode of movement can change: marching locusts align, ants build 
bridges, etc. 

Moving in file when perception is limited to one individual (ants, caterpillars 
in processions up to 300, spiny lobsters in parallel chains of 3-30), animals use 
tactile cues or just perceive and follow the choice of the preceding individual, 
such as sheep in mountain path or cows in cattle-handling facilities. Penguins in 
the huddle move (“traveling wave”, like the stop-and-go of cars in a traffic jam) 
trigger movements in their neighbors as soon as the threshold distance (+ 2 cm, 
i.e., twice the thickness of their compressive feather layer) is formed between 
two penguins. 

The greatest recorded group of moving animals was a swarm in US, 1875, by 
12.5 trillion insects (Rocky Mountain locust, extinct by now) covering 510,000 
km’. A swarm by extant desert locusts in Kenya, 1954, covered 200 km”. 

Flights of migratory pest insects occur usually at altitudes up to 1 km, and are 
downwind; they last for a few hours with displacement up tp 400 km. Flocks of 
red-billed Quelea (the most abundant wild bird species) take up to 5h to fly past. 
Herring schools occupy up to 4.8 km? with density 0.51.0 fish per m’. Jellyfish 
Rhopilema nomadica form swarms 100 km long. 

Schools of sardines, anchovy and krill, despite being variable in size, share 
a ratio 3 = 3.3 m'! of surface area to volume; it has been interpreted as the 
optimal trade-off between predator avoidance and resource acquisition. 

The spatiotemporal movement patterns, emerging from such groups, result 
from interactions between individuals. This local mechanism can be allelomime- 
sis (“do what your neighbor does’), social attraction (say, to the center of mass of 
neighbors), or the threat of cannibalism from behind (in running Mormon crickets 
and desert locusts), mass mate-searching (in burrow-dwelling crabs). Vicsek, 
1995, modelled a swarm as a collection of particles moving with a constant 
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speed but adopting, if perturbation, at each time increment the average motion’s 
direction of the neighbors. 

Migrating birds tend to fly in a V, J, or W shaped formation. In energy-saving 
V-formation (or skein), they sync their flapping to hook the former bird’s updraft. 
The birds flying at the front and the tips are rotated. The changes in distance 
between members and in direction propagate like sound waves: for distance 
better in bigger flocks, while for direction better in smaller flocks. 

Most spectacular are aerial displays of flocks of starlings highly variable in 
shape. Scale-free behavioral correlation was observed: regardless of flock size, 
the correlations of a bird’s orientation and velocity with the other birds did not 
vary and was near-instantaneous. Cf. SOC in scale invariance (Chap. 18). 

Silverberg et al., 2013, discovered self-organized emergent behavior in mosh- 
ing (when 100-100,000 fans at heavy metal concert form circles and then run 
together with abandon, bouncing off one another). In fact, the speed distribution 
of people closely matches that of molecules in a 2D gas at equilibrium and 
moshing corresponds to domination of the model’s parameters by noise. 

Such emerging, when their number increases, collective behavior can be seen 
as a critical phase transition; it was observed also for simple automatons. 

Besides animals, collective directed motion occurs also in cellular popula- 
tions. Some aggregated bacterial populations (say, foraging swarms of billions of 
Paenibacillus vortex) can migrate rapidly and coordinately over a surface. A grex 
is an slug-like aggregate 2-4 mm long of up to 100,000 amoebas formed when 
they are under stress. It moves as a unit, only forward, 1 mm/h. Other example 
of small-scale moving super-organism: oceanic pyrosomes (clonal colonies of 
zooids-tunicates). 

In a multicellular organism, collective cell migration occurs (usually by 
chemotaxis: response to chemical concentration) throughout embryonic devel- 
opment, wound healing (fibroplasts and epithelial cells), immune response 
(leukocytes), and cancerous tumor invasion. Similarly to migration of songbirds, 
cancerous cells prepare for metastatic travel by gathering proteins near their 
leading edges. 

During development, some cells migrate to very long distances. For example, 
newborn neurons in the adult brain can traverse 5 of its length. 

¢ Distances in Animal Behavior 

The first such distance was derived by Hediger for zoos; his interanimal dis- 
tance is the maximum species-specific distance at which conspecifics approach 
each other. In 1955, he defined flight distance (run boundary), critical distance 
(attack boundary), personal distance (at which members of noncontact species 
feel comfortable) and social distance (at which within-species groups tolerate 
each other). 

The exact such distances are highly context dependent. An example: a tamer 
manipulate a semi-tamed lion moving in and out of its critical zone. 

For humans, flight and critical distances have been, with few exceptions, 
eliminated. So, Hall adapted above space boundaries; cf. his distances between 
people in Chap. 28. The main distances in Animal Behavior follow. 
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The individual distance: the distance which an animal attempts to maintain 
between itself and other animals. It ranges between “proximity” and “far apart” 
(for example, < 8 m and > 61 m in elephant social calls). Bell et al., 2012, found 
that gaining and maintaining a preferred interanimal distance, accounts for much 
of the variability in dodging by rats and field crickets. 

The group distance: the distance which a group of animals attempts to 
maintain between it and other groups. Cf. the nearest-neighbor distance. 

The alert distance: the distance from the disturbance source (say, a predator 
or a dominating conspecific) when the animal changes its behavior (say, turns 
towards as perception advertisement) in response to an approaching threat. 

The flight initiation distance (or FID, escape distance): the distance from 
the disturbing stimulus when escape begins. FID, corrected for the distance to 
refuge, is a measure of animal’s boldness. 

The reaction distance: the distance at which the animal reacts to the 
appearance of prey; catching distance: the distance at which the predator can 
strike a prey. 

The detection distance: the maximal distance from the observer at which the 
individual or cluster of them is seen, heard, or detected by some other remote 
way. For example, it is 2000 m for an eagle searching for displaying sage-grouse 
and 1450 m for a sage-grouse scanning for a flying eagle. 

The social recognition distance: the distance over which a contact call can 
be identified as belonging to a family. 

In the main nonresource-based mating system, lek mating, females in estrous 
visit a congregation of displaying males, the Jek and mate preferentially with 
males of higher lekking distance rank, i.e., relative distance from male territory 
(the median of his positions) to the center of the lek. High-ranking individuals 
have smaller, centrally located (so, less far to travel and more secure) home 
ranges. 

The distance-to-shore: the distance to the coastline used to study clustering of 
whale strandings (by distorted echo-location, anomalies of magnetic field, etc.). 

The sleeping distance of a mating pair: for example, it is no further than 0.5 
m in Arctic blue fox, but more than 2—2.5 m one month after copulation. 

¢ Snout-vent length 

The snout-vent length (SVL) or nose—cloaca distance (NCD) is an animal’s 
length taken from the tip of the nose (snout) to the cloaca’s opening (vent) at the 
tail base. 

The gape distance is the width of the widely opened mouth of a vertebrate. 

¢ Animal proximity network 

An animal proximity network is a digraph of individuals with a pair of them 
forming an edge or arc in the case of spatiotemporal co-occurrence using some 
range criteria: a mutual distance threshold or some distance rule (say, nearest 
neighbor) within a given distance around a focal individual. 

In general, the amount of time spent in proximity to another individual 
does not correlate with the proportion of social interactions between pairs of 
individuals. But proximity is a good proxy for interaction rates in mixed-species 
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bird flocks, for social information or disease transmission, and for some social 
behaviors, such as foraging, grooming, sleeping, mate guarding, and parent— 
offspring relationships. 

¢ Animal depth/distance perception 

Many animals, including humans, have two eyes with overlapping visual fields 
that use parallax (cf. parallax distance in Chap. 26) for depth perception and 
distance estimation. Some animals (for example, pigeons) use motion parallax in 
which they move head to gain different viewpoints. Anoter example: the velocity 
of the mantis’s head movement is kept constant during peering. So, the distance 
to the target (prey) is inversely proportional to the velocity of the retinal image. 

All animals have a binocular region (growing as eyes become more forward- 
facing) which allows for vision through the clutter, as long as the width of the 
objects causing clutter is less than the interpupillary distance (cf. Chap. 29) d. 

Changizi—Shimojo, 2008, suggested that the degree of binocular convergence 
is selected to maximize how much the animal can see. Most animals exist 
in noncluttered environments or surroundings where the cluttering objects are 
bigger in size than d. They tend to have sideways-facing eyes allowing panoramic 
vision. But humans and other large mammals evolved in leafy environments like 
forests and their forward-facing eyes (and smaller distance d) maximize ability 
to see. 

Still, the human eye sockets are much wider relative to their height and the 
outer margin is recessed much further back in the human skull, than those of 
the apes. So, unlike “forest view” of other apes, our “savannah eyes” can have a 
lateral view that is unimpeded by the bones of the skull. 

Larvae of the sunburst diving beetle (Thermonectus marmoratus) have 6 pairs 
of eyes. Four eyes of two frontal pairs (used to scan potential prey) have bifocal 
lenses and at least two 1D-retinas: distant and close-up. The two focused images 
produced by the lens sit at different distances and vertically separated. 

¢ Distance-related animal settings 

Spatial fidelity zones specific to individuals (say, at a given distance from a 
colony center, or within a particular zone of the total foraging area) have been 
observed for some social insect species, molluscan communities, birds, etc. 

Home range is the area where an animal (or a group) lives and travels within. 
Within it, the area of intensive and exclusive use by resident animals is the core 
area. The distance between range centroids of two individuals (or groups) is a 
parameter used in studies of spatially based animal social systems. Cf. dispersal 
distance. 

An animal is territorial if it consistently occupies, marks and defends a 
territory, i.e., an area with a focused resource (say, a nest, den, mating site or 
sufficient food resources). Territories are held by an individual, a mated pair, or 
a group. An extraterritorial foray is the movement of a territorial animal into 
a conspecific’s territory.Dear enemy recognition is the stronger response of a 
territorial animal to strangers than to its neighbors from adjacent territories. 

Lizards Varanus panoptes dig, in a spiral, the deepest known, < 3.6 m, nests. 
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A linear relationship between the logarithm of faecal egg (of internal para- 
sites) counts and the mean distance moved by a sheep per time step was found. 

The defense region is the region that a male must defend in a mating 
competition to monopolize a female. It can be 1D (burrow, tunnel), 2D (dry land), 
bounded 3D (tree, coral reef), or open 3D (air, water). Puts, 2010, claims that 1D 
and 2D (as for humans) mating environments favor the evolution of contests. 

The reliability of a threat display in animal contests is maintained by the 
proximity risk, i.e., the display is credible only within a certain distance of the 
opponent. This threshold distance is related to weaponry and the species-specific 
fighting technique. Here, greater formidability and dominance can be reached 
solely behaviorally; for example, an elephant’s musth status overrides its body 
size and tusks. 

The landscape of fear of a foraging animal is defined by the spatial variation 
of presumed predation risk. Its horizontal and vertical components correspond 
to terrestrial and aerial predators. It include clearness of sightlines (to spot 
predators), shrubs/trees/edge cover and the interplay of the distances to food 
and shelter. For example, small fish stay close to the coral reef when grazing 
seaweed; this creates “grazing halos” of bare sand, visible from space, around all 
reefs. Similar natural features are “fairy rings” of green eelgrass (up to 1500 m 
in width, off Denmark’s coast), of mushrooms (10-600 m) and of barren sand 
(2-15 m, in Africa). 

The domain of danger (DOD, or Voronoi polygon, cf. Chap.20) of an 
animal, risking predation, in aggregation is the area closer to it than to any 
other group member. Selfish herd theory (Hamilton, 1971) posits that a cover- 
seeking dominant animal tends to minimize its DOD by occupying the center, 
thus diluting its risk by placing another individual between itself and a predator or 
parasite. Moreover, some fish bite a group member, when exposed to a searching 
predator. 

During traveling, dominant animals are closer to the front of the herd. During 
foraging, their trajectories are shorter, more direct and more aligned both with 
their nearest neighbors and with the whole herd. 

Romey et al., 2015: for beetles, flash expansion of repulsive herd, 1.e., a rapid 
disassembly of a prey group detecting a predator, is away from the centroid 
rather than from density maximum or starter. The starter tend to be a female at 
the group’s edge; she moved more quickly than others and favoured the group’s 
centroid. 

Distance senses include sight, hearing, and smell (they can be in stereo), 
while contact senses include taste, the senses of pressure, thermoception, and 
internal senses include the sense of balance and muscle stretch. The buzzard 
can see small rodents from a height of 4.6 km. The spotted hyaena hears noises 
from predators feeding on carcasses over distances of up to 10 km. The silkmoth 
detects pheromones up to 11 km distant. The grizzly bear smells food from up to 
29 km away. 

An example of unexplained distance prediction by animals is given (Vannini 
et al., 2008) by snails Cerithidea decollata migrating up and down mangrove 
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shores in synchrony with tidal phases. In the absence of visual cues and chemical 
marks, snails cluster just above the high water line, and the distance from the 
ground correlates better with the incoming tide level than with previous ones. 

Ants initially wander randomly and upon finding food return to their colony 
while laying down pheromone trails. So, when one ant finds a shortest path to a 
food source, other (and eventually all) ants are likely to follow it. Inspired by this 
idea, the ant colony optimization algorithm (ACO) is a probabilistic technique 
for finding shortest paths through graphs; cf. arc routing problems in Chap. 15. 
Also, ants routinely find the maximal distance from all entrances to dispose of 
dead bodies. 

The distance effect avoidance is the observed selection of some good distant 
source of interest over a poor but nearer one in the same direction. For example, 
females at a chorusing lek of anurians or arthropods may use the lower pitch of 
a bigger or better distant male’s call to select it over a weaker but louder call 
nearby. High-quality males help them by timing their calls to precede or follow 
those of inferior males. Ant colonies can select a good distant nest over a poorer 
one in the way, even when it is 9 times closer. Ants compensate for the distance 
effect by increasing recruitment latencies and quorum thresholds at nearby poor 
nests. Another example: foraging vervet monkeys optimize travel distance when 
alone but prioritize high-reward food sites when in competition. 

In land locomotion, animals crawl, walk, run, hop, climb or crawl, slither, 
undulate. In fluids (water, air) animals swim and fly by beating flagella, tails, 
wings, undulating their bodies, or actuating pumps. Some animals can switch the 
medium. Fish Exocoetidae can spend 45 s in flight gliding up to 200 m at altitudes 
of up to 6 m; using waves, it can span distances up to 400 m. Some squids fly 
in shoals covering up to 50 m at 6 m above the water. Squirrels Petauristinae, 
snakes Chrysopelea and lemurs Dermoptera can glide with small loss of height 
up to 200, 100 and 70 m, respectively. The deepest dive for a flying bird is 210 m 
by a thick-billed murre. The deepest (3 km) and longest (2.3 h) mammal’s dive 
was recorded for a Cuvier’s beaked whale in 2014. The human free-diving record 
is 253.2 m by Nitsch in 2012. 

Flying and swimming animals can move through volumes with six degrees 
of freedom: 3 translational (left/right, forwards/backwards, up/down) and 3 
rotational (pitch, roll, yaw). Surface-constrained animals have only three degrees: 
left/right, forwards/backwards and yaw; moving in 3D, they have higher place 
field resolution in the horizontal plane and showed a preference for movement in 
the horizontal. 

Maximal relative speed (in body lengths per second) is 6.2, 16 and 322 for 
human (Usain Bolt, 2009), cheetah and a mite Paratarsotomus macropalpis. But 
Meyer-Vernet and Rospars, 2015, showed that it is (except flying and very large 
organisms) ~ b,po~! ~ 10 across 20 orders of magnitude in body mass. Here 
p = 10° kg m’? is the density of liquid water, while 0 ~ 2 x 10° N m~ and 
bn © 2x 10? Wkg™!, roughly constant across life forms, are the applied force 
per unit cross-sectional area of tissue and maximum metabolic rate per unit of 
working tissue. 
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Navigating animals use an egocentric orientation mechanism and simple 
panoramic views, within which proximal objects dominate because their image 
on the retina change significantly with displacement. Animals rely on the spatial 
arrangement of the objects/landmarks across the scene rather than on their 
individual identification and geometric cues. Humans and, perhaps, chimpanzees 
and capuchin monkeys, possess, in addition, an allocentric reference system, 
centered on objects/features of the environment, and a more flexible geometric 
representation of space, with true distance and direction, i.e., closer to an abstract 
mental map. 

Gaze monitoring and pointing: four great apes, canids and ravens follow 
another’s head and eye orientation into distant space, even behind an obstacle. 
Moreover, bonobos and chimpanzees take barrier opacity into consideration. 
African elephants can use communicative intent of human pointing as a cue to 
find food. Horses use their facial expressions (direction of eyes and ears) to “talk” 
to other horses. 

Great apes, dolphins, elephants, magpies recognise themselves in mirrors. 
Metacognition (cognitive self-awareness) was found in great apes, dolphins and 
rhesus monkeys. A basic Theory of Mind (ability to attribute mental states), 
mental time travel, meta-tool use and empathy are expected in primates and 
corvides. Ravens are as clever as chimpanzees, despite having much smaller 
brains. 

Mammals, birds and octopuses possess neurological substrates generating 
consciousness. Chimpanzees have a system of intentional communication. But 
shared intentionality and cumulative culture seems to be uniquely human. 

¢ Animal communication 

Only humans, songbirds, hummingbirds, parrots, cetaceans and bats have 
complex, learned vocalisation. Conceptual generalizations (bottlenose dolphins 
can transmit up to 9 km identity information independent of the caller’s 
voice/location), syntax (calls of some monkeys, Bengal finches, Japanese great 
tits are built as “word sequences”) and meta-communication (“play face” and 
tail-to-the-right signals in dogs that the subsequent aggressive signal is a play) 
have been observed. 

Matters of relevance at a distance (a distant food source or shelter) can be 
communicated by body language. For example, honeybees dancing convey (by 
duration of the waggle phase and orientation of the dance relative to the vertical) 
the polar coordinates (distance D to the goal and angle between the direction 
towards it and to that of the Sun’s azimuth) of locations of interest. The mean 
number of waggings of bee’s waggle phases increases with D. Also, wolves, 
before a hunt, howl to rally the pack, become tense and have their tails pointing 
straight. Dogs express their spatial needs by body language and vocalizations. 
Stiffness, pilorection, aggressive barking/lunging are distance-increasing, while 
play bow, tail wagging to the right, “positive” barking/lunging are distance- 
decreasing signals. 

A distance pheromone is a soluble (for example, in the urine) and/or 
evaporable substance emitted by an animal, as a chemosensory cue, in order to 
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send a message (on alarm, sex, food trail, recognition, etc.) to other members 
of the same species. In contrast, a contact pheromone is such an insoluble 
nonevaporable substance; it coats the animal’s body and is a contact cue. The 
action radius of a distance pheromone is its attraction (or repulsion) range, the 
maximum distance over which animals can be shown to direct their movement to 
(or from) a source. 

In species, such as carnivores occurring at low densities or having large 
home ranges, individuals are widely spaced and communicate via chemical 
broadcast signaling at latrines, i.e., collections of scent marks (feces, urine or 
glandular secretions), or via visually conspicuous landmarks of the boundary 
such as scratches and middens. Herrings communicate by farting. Shelter- 
dwelling caterpillars ballistically eject faecal pellets great distances (7-39 times 
their body length) at great speeds, in order to remove olfactory chemical cues for 
natural enemies. 

The communication distance is the maximal distance at which the receiver 
can still get the signal. For example, a typical bird can detect a sound, coming 
from 300 m away amidst a background racket of human speech (roughly, 60 dB). 

Animals can vary the signal amplitude and visual display with receiver 
distance in order to ensure signal transmission. For example, baleen whales have 
been observed calling more loudly, in order to compensate for human-generated 
noise. 

Another example of distance-dependent communication is the protective 
coloration of some aposematic animals: it switches from conspicuousness (sig- 
naling nonedibility) to crypsis (camouflage) with increasing distance from a 
predator. Examples of interspecies communication of nonhuman animals, other 
than predator-prey signaling, are: eavesdropping, heterospecific alarm calls and 
cooperative hunting. 

The main modes of animal communication are infrasound (< 20 Hz), sound, 
ultrasound (> 20 kHz), vision (light), chemical (odor), tactile, seismic and 
electrical. Infrasound, low-pitched sound (as territorial calls) and light in air can 
be long-distance. Some frogs, spiders, insects, small mammals have vibrotactile 
sense. 

In a diverse ecosystem’s soundscape, mammals tend to monopolize the low 
frequencies; birds call at higher pitches; and sound of insects is higher still. 

A blue whale infrasound could (prior to noise pollution caused by ships) travel 
over 6000 km through the ocean water using the SOFAR channel (Chap. 25). 

Most elephant communication is in the form of infrasonic rumbles which 
may be heard by conspecifics 5-10 km away. Also, they drum their soles on 
the ground, and resulting seismic waves can be detected as far as 16-32 km. 

Many animals hear infrasound generated by earthquakes, tsunami and hurri- 
canes before they strike. Elephants can hear storms 160—240 km away. 

High-frequency sounds attenuate more rapidly with distance, more directional 
and vulnerable to scattering. But ultrasounds are used by bats (echo-location) 
and arthropods. Rodents use them to communicate to nearby receivers without 
alerting predators and competitors. Some anurans shift to ultrasound signals in 
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the presence of continuous background noise (such as waterfall, human traffic). 
Animals, including frogs, insects, birds and whales, increase the minimum 
frequency, amplitude or signal-to-noise ratio (Chap.21) in the presence of 
antropogenic noise. 

¢ Plant long-distance communication 

Long-distance signaling was observed from roots and mature leaves, exposed 
to an environmental stress, to newly developing leaves of a higher plant. 

This communication is done cell-to-cell through the plant vascular tran- 
spiration system. In this system, macromolecules (except for water, ions and 
hormones) carry nutrients and signals, via phloem and xylem tissues, only 
in one direction: from lower mature regions to shoots. The identity of long- 
distance signals in plants is still unknown but the existence of information 
macromolecules is expected. 

Besides the above vascular signaling, plants communicate chemically with 
each other or with mutualistic animals (pollinators, bodyguards, etc.). For 
example, plants respond to attack by herbivores or pathogens with the release 
of volatile compounds, informing neighboring plants and attracting predators of 
attackers. 

Some 80 % of plants are colonized by ectosymbiotic fungi that form a network 
of fine white threads, mycorrhizae, which take in water and minerals from the 
soil, and hand some over to the plant in exchange for nutrients. A mycorrhizal 
network can take over an entire forest and tie together plants of different species. 
Plants use this network as a signaling and kin (or host) detection system too. 
They assist neighbors or kin in deterring pests, attracting pollinators and nutrient 
uptake. 

¢ Internodal distance 

A node on a plant stem is a joint where a leaf is attached. The internodal 
distance (or internode length) is the distance between two consecutive nodes. 

A ramet is an independent member of a clone. The interramet distance (or 
propagule dispersal distance) is the internodal distance in plant clonal species. 

° Leaf size 

According to Boland et al., 2006, the leaf is mesophyll, notophyll, microphyll, 
nanophyll, if its length is > 12.7, 7.6-12.7, 2.5-7.6, < 2.5 cm, respectively. 

¢ Body size rules 

Body size, measured as mass or length, is one of the most important traits of 
an organism. Food webs, describing “who eat whom” (cf. trophic distance ), are 
nearly interval, i.e., the species can be ordered so that almost all the resources of 
each consumer are adjacent in the order. Zook et al., 2011, found that ordering 
by body size is the best proxy to produce this near-interval ordering. 

The lower limits (10 kg and 2 g) to body size is set by the size of offspring 
for marine and by energetic limitations for terrestrial mammals. The largest 
known sizes for them are 190 t and 16 t, but the upper limit is still unclear. The 
length ranges for mammals, fish, insects, vascular plants, algae, bacteria, virions 
are [10~!, 107], [10~?, 10!], [10~4, 107], [10~7, 107], [10~>, 10°], [10~7, 1074], 
[10-®, 10~°] m. 
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According to Payne et al., 2008, the maximum size of the Earth’s organisms 
increased by 16 orders of magnitude over the last 3.5 billion years. 75 % of the 
increase happened in two great leaps (about 1900 and 600-400 Ma ago: the 
appearance of eukaryotic cells and multi-cellularity) due to leaps in the oxygen 
level, and each time it increased about million times. The average animal in the 
oceans today is 150 times larger in mass than the average one half a billion years 
ago. 

Smith et al., 2010: the maximum size of mammals increased (from 2 g to 
190 t) near-exponentially after the C-T (Cretaceous-Paleogene) extinction of the 
nonavian dinosaurs 65.5 Ma ago; with little food, only small, no larger than a cat, 
species survived on land. After this C-T event, homeothermic animals (mammals 
and birds) radiated globally from northern Asia and became dominant. 

The maximum size of insects also followed O, level 350-150 Ma ago, 
reaching 71 cm. Then it dropped (while Oz went up) with evolution of birds and 
65 Ma ago with their specialization and evolution of bats. Larsson—Dececchi, 
2013, explain the origin of birds by a change of body-to-limb length ratio in 
Maniraptoran dinosaurs: the hind legs shrank, while forelimbs got long enough 
to work as an airfoil. From 230-220 to 163 Ma ago, theropods shrinked (* 0.5 % 
of mass) to first birds. 

Evans et al., 2012, claim that an increase in size (100, 1000, 5000 times) of 
land and marine mammals took 1.6, 5.1, 10 and 1, 1.3, 5 million generations, 
respectively. Mouse-sized mammals evolved into elephant-sized ones during 
24 million generations, but decreasing in size occurred about 30 times faster. 

Clauset and Erwin, 2008: 60 Ma of mammalian body size evolution can 
be explained by simple diffusion model of a trade-off between the short-term 
selective advantages (Cope’s rule, common among mammals: a slight within- 
lineage drift toward larger masses) and long-term selective risks of increased 
size. 

The size has costs as well as benefits; for example, reversals to unicellularity 
occurred at least 5 times in cyanobacteria. It favors the individual but renders the 
clade more susceptible to extinction via, for example, dietary specialization. 

Large size enhances reproductive success, the ability to avoid predators and 
capture prey, and improves thermal efficiency. In large carnivores, bigger species 
dominate better over smaller competitors. Predator-prey mass ratio is typically 
around 10. But, for example, cookiecutter shark, only 0.5—1 m in length, preys on 
all larger animals in ocean, and the larvae of beetle Epomis preys on amphibians. 

By mean body size (67 kg now and 50 kg in the Stone Age) humans are a small 
megafauna (= 44 kg) species. A rapid average decline of ~ 20 % in size-related 
traits was observed in human-harvested species. 

Benthic (living on/in the bottom of a water body) animals are generally 
classified according to size: microbenthos < 0.063 mm, meiobenthos 0.063-1 
(or 0.5) mm, macrobenthos > | (or 0.5) mm and, sometimes, megabenthos > 10 
mm. 

Given below are the other main rules of large-scale Ecology involving body 
size. 
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Foster’s (or island) rule is a principle that size of members of a species 
changes depending on the resources available in the environment. Damuth, 1993: 
there is an optimum mammal body size ~ 1 kg for energy acquisition, and so 
island species should, in the absence of the usual competitors and predators, 
evolve to it. 

Insular dwarfism is an evolutionary trend of the reduction in size of large 
mammals when their gene pool is limited to a very small environment (say, 
islands). One explanation is that smaller animals need fewer resources and 
reproduce faster. 

Island gigantism is a form of natural selection where the size of animals 
isolated on an island increases dramatically over generations due the removal of 
constraints. Also, island bird species evolve smaller flight muscles and longer 
legs. 

Abyssal gigantism is a tendency of deep-sea species to be larger than their 
shallow-water counterparts. For example, the colossal squid and the king-of- 
herrings (giant oarfish) can reach 14 and 17 m in length. It can be adaptation 
for scarcer food resources, greater pressure and lower temperature. 

The lilliput effect is a reduction in the biota’s size after mass extinctions. 

1°C of warming reduces the adult body mass of cold-blooded organisms 
by 2.5% on average. For warm-blooded animals, Allen’s rule holds: those 
from colder climates have shorter limbs than the equivalent ones from warmer 
climates. 

Rensch’s rule is that males are the larger sex in big-bodied species (such as 
humans) and the smaller sex in small-bodied species (such as spiders). It holds for 
plants also. Often, natural selection on females to maximize fecundity results in 
female-biased sexual size dimorphism, whereas sexual selection for large males 
promotes male-biased dimorphism. The males in some cichlid fish are up to 60 
times larger than that of the females, while tremoctopus females may reach 2 m 
versus the males, at most a few cm long. 

Size-assortative mating (positive correlation between male and female size 
among couples) has been found in crustaceans, insects, birds, reptiles, fishes and 
humans, for which it is a part of homophily (tendency to associate and bond with 
similar others). Humans have the largest, among apes, penises and breasts. 

Cognitive and behavioral capacities do not correlate either with body or brain 
size, nor with their ratio, which is, say, ‘, a sin for small (0.06 mg) ant, human 
and shark. The encephalization quotient is the ratio of actual to predicted brain 
mass for a given size animal; it is the record 7.4—7.8 for humans. The number 
of neurons is 302,85 x 10°,2 x 10!! in a nematode, human and elephant. Fish 
with smaller brain have more offspring. Echinoderms (say, starfish) lack a brain 
entirely. 

Bromage et al., 2012, found a correlation between body mass and RI (repeat 
interval), i.e., the number of days between adjacent striae of Retzius (incremental 
growth lines seen in tooth) in primate’s enamel. RI is also represented by the 
increments in bone. RI is an integer within [1, 11]; the mean RI is 8—9 in humans. 
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The surface-to-volume ratio ¢ is the main compactness measure for 3D 
shapes in Biology. Higher 4 means increased exposure to the environment. It 
permits smaller cells to gather nutrients and reproduce very rapidly. Also, smaller 
animals in hot and dry climates lose heat better through the skin and cool the 
body. But lower oT (and so, larger size) improves temperature control: slower 
heat loss or gain. Bergmann’s rule is a principle that, within a species, the body 
size increases with colder climate. For example, Northern Europeans on average 
are taller than Southern ones. 

The Hutchinson’s ratio is the ratio of the size differences between competing 
species when they were living together as compared to when they were isolated. 

¢ Allometry 

Allometry concerns relative change in structure or function of organisms 
(within individuals, among individuals, and across groups/species) with change 
in body size (length /, or mass M). The dependence of a biological variable Y on 
body size is usually given by an empirical allometric scaling law, i.e., a power 
function Y = YoM° or Y = Yol’, where b is the scaling exponent and Yo a 
constant. 

Geometrically similar (i.e., of the same basic shape) objects have proportional 
relationships between surface area A, volume V, and length J, i.e., A’ = A( oy 


and V’ = vey, in terms of the square—cube law. Also, M’ = uly holds for 
the mass M if a scaled-up object maintains the same density. 

Isometric scaling occurs when the above proportions are preserved as size 
changes. Frogs grow isometrically, as well as Ediacaran biota. 

An isometrically scaling organism will have all V- (or M-), A-, and /-based 
properties change to the power 1, i, i of M, respectively. 

Allometric scaling is any change that deviates from isometry. Such scaling is 
positive or negative if the value is larger or smaller than predicted by isometry. 
Positive scaling occurs for some fishes, whose weight grows as about /°**9. 

An example of negative allometric scaling is Kleiber’s law: metabolic rate 
(V-based property) is proportional to M°” over 27 orders of magnitude, from 
the molecular level up to the largest organisms. According to Garland, 1983, the 
speed of mammals tend to increase as M°-!’, and 119 kg is the optimal weight 
for the fastest runner. 

A unicellular organism of size / has metabolic activity roughly proportional 
to cell volume (so, to /*) and flux of nutrient and energy dissipation proportional 
to cell envelope area (so, to 7). Hence, / is close to their ratio. The size of viral 
particles is roughly proportional to the third root of the genome size. 

Let d, D denote mean size and distance between organisms. A proxy a of 
animal abundance is very similar over a size span of 7 orders of magnitude. In 
fact, 4 = SH, WH, Shum, mm, Lan, Wen, 190r, respectively, for bacteria, 

amoeba, nematodes, antropodes, shrews, birds and large mammals. 
¢ Size spectrum 

The term size spectrum is used generally when comparing objects of a 
given class, say, shoes or phones. But mainly, it is (Sheldon—Parsons, 1967) the 
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relationship between body size of individuals and their abundance or biomass, 
regardless of their species, in a given (aquatic or soil) size-based food web. 

For a population, the main considered sizes (lengths or masses) are: maximal, 
asymptotic (which individuals would reach if they were to grow indefnitely), 
of maximal yield (with highest biomass) and average in maturity. Example 
of corresponding size-spectrum models: Andersen and Beyer, 2006, derived 
proportionality of the number of individuals of given species and size to their 
asymptotic size raised to the power —2.05. 

Trophic distance 

Given an ecosystem, its ecological network is a digraph in which species are 
(biomass- or abundance-weighted) vertices with two of them being connected 
by arc or edge if there is a trophic or, respectively, symbiotic interaction. A 
community food web (or ecological pyramid) is a such digraph with only trophic 
arcs. 

The trophic distance from resource u to consumer v is the length of a shortest 
food chain (directed (u — v) path) if it exists, 

The trophic level of a vertex v is | if it is a primary resource (usually, producer 
as plants, algae, phytoplankton) and 1 plus the trophic level of its principal diet, 
otherwise. The fractional tropic level of v is (Pauly—Palomares, 2005) 1 plus the 
weighted average (using stomach contents) trophic level of all its food items. 

The mean trophic level for fishery overall catch should be preserved to avoid 
fishing down the food web, when fisheries in a given ecosystem deplete the large 
predatory fish and end up with small fish and invertebrates. 

In a size-based food web, the layers are defined by body-size class rather than 
by trophic level. Community-based predator-prey body mass ratios (PPMR) and 
energy transfer efficiency (TE) are key parameters in such webs. In marine food 
webs, typically, PPMR € [100, 3000] and TE ¢€ [0.1, 0.13], i.e., 10-13 % of prey 
biomass is converted into predator production. 

An energy and functional food webs are weighted digraphs where arcs 
correspond to energy flow and interaction strength. Consumers at each level 
convert to tissue about 10 % of their food’s chemical energy. 

Insecticide distance effect 

The main means of pest (termites, ants, etc.) control are chemical liquid 
insecticides and repellents. The efficiency of an insecticide can be measured 
by its all dead distance, i.e., the maximum distance from the standard toxicant 
source within which no targeted insects are found alive after a fixed period. 

The insecticide distance effect is that the toxicant is spread through the 
colony because insects groom and feed each other. The toxicant should act slowly 
in order to maximize this effect and minimize secondary repellency created by 
the presence of dying, dead and decaying insects. Nearly all animals, when they 
die, emit the same stench of fatty acids which acts as repellent and it is universal. 
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Here we collect the main examples of other notions of distance and distance-related 
models used in Biology. 


¢ Immunologic distance 

An antigen (or immunogen, pathogen) is any molecule eliciting an immune 
response. Once it gets into the body, the immune system either neutralizes its 
pathogenic effect or destroys the infected cells. The most important cells in this 
response are white blood cells: T-cells and B-cells responsible for the production 
and secretion of antibodies (specific proteins that bind to the antigen). 

When an antibody strongly matches an antigen, the corresponding B-cell is 
stimulated to divide, produce clones of itself that then produce more antibodies, 
and then differentiate into a plasma or memory cell. A secreted antibody binds to 
an antigen, and antigen-antibody complexes are removed. 

A mammal (usually a rabbit) when injected with an antigen will produce 
immunoglobulins (antibodies) specific for this antigen. Then antiserum (blood 
serum containing antibodies) is purified from the mammal’s serum. The produced 
antiserum is used to pass on passive immunity to many diseases. 

Immunological distance procedures (immunodiffusion and, the mainly used 
now, micro-complement fixation) measure the relative strengths of the immuno- 
logical responses to antigens from different taxa. This strength is dependent upon 
the similarity of the proteins, and the dissimilarity of the proteins is related to the 
evolutionary distance between the taxa concerned. 

The index of dissimilarity id(x,y) between two taxa x and y is the factor 
ae by which the heterologous (reacting with an antibody not induced by it) 
antigen concentration must be raised to produce a reaction as strong as that to the 
homologous (reacting with its specific antibody) antigen. 

The immunological distance between two taxa is given by 





100(log id(x, y) + log id(y, x)). 


It can be 0 for two closely related species. It is not symmetric in general. 

Earlier immunodiffusion procedures compared the amount of precipitate 
when heterologous bloods were added in similar amounts as homologous ones, 
or compared with the highest dilution giving a positive reaction. 

The name of the applied antigen (target protein) can be used to specify 
immunological distance, say, albumin, transferring lysozyme distances. Propo- 
nents of the molecular clock hypothesis estimate that one unit of albumin distance 
between two taxa corresponds to ~ 0.54 Ma of their divergence time, and that 
one unit of Nei standard genetic distance corresponds to 18—20 Ma. 

Adams and Boots, 2006, call the immunological distance between two 
immunologically similar pathogen strains (actually, serotypes of dengue virus) 
their cross-immunity, 1.e., | minus the probability that primary infection with one 
strain prevents secondary infection with the other. Lee and Chen, 2004, define 
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the antigenic distance between two influenza viruses to be the reciprocal of their 
antigenic relatedness which is (presented as a percentage) the geometric mean 
r(x.y) r(y.x) 
V r(x,x) r(y.y) 
titers. 
An antiserum fiter is a measurement of concentration of antibodies found in a 
serum. Titers are expressed in their highest positive dilution. 
¢ Metabolic distance 
Enzymes are proteins that catalyze (increase the rates of) chemical reactions. 
The metabolic distance (or pathway distance) between enzymes is the 
minimum number of metabolic steps separating two enzymes in the metabolic 
pathways. 
¢ Pharmacological distance 
The protein kinases are enzymes which transmit signals and control cells 
using transfer of phosphate groups from high-energy donor molecules to specific 
target proteins. So, many drug molecules (against cancer, inflammation, etc.) are 
kinase inhibitors (blockers). Designed drugs should be specific (say, not to bind 
to > 95 % of other proteins), in order to avoid toxic side-effects. 








of two ratios between the heterologous and homologous antibody 


Given a set {a),...,d,} of drugs in use, the affinity vector of kinase x is 
defined as (— In B;(x),...,—In By(x)), where B;(x) is the binding constant for 
the reaction of x with drug a;, and B;(x) = | if no interaction was observed. 


The binding constants are the average of several experiments where the con- 
centration of binding kinase is measured at equilibrium. The pharmacological 
distance (Fabian et al., 2005) between kinases x and y is the Euclidean distance 
(do, (In Bi(x) — In B,(y))?)2 between their affinity vectors. 

The secondary structure of a protein is given by the hydrogen bonds 
between its residues. A dehydron in a solvable protein is a hydrogen bond 
which is solvent-accessible. The dehydron matrix of kinase x with residue-set 
{Ri,...,Rm} is the m x m matrix ((Dj(x))), where Dj(x) is 1 if residues Rj 
and Rj are paired by a dehydron, and is 0, otherwise. The packing distance 
(Maddipati—Fernandes, 2006) between kinases x and y is the Hamming distance 
Nee j<m |Di(x) — Dy(y)| between their dehydron matrices; cf. base pair 
distance among RNA structural distances. The environmental distance (Chen, 
Zhang and Fernandes, 2007) between kinases is a normalized variation of their 
packing distance. 

Besides hydrogen bonding, residues in protein helices adopt backbone dihe- 
dral angles. So, the secondary structure of a protein much depends on its 
sequence of dihedral angles defining the backbone. Wang and Zheng, 2007, 
presented a variation of Lempel—Ziv distance between two such sequences. 

¢ Global distance test 

The secondary structures of proteins are mainly composed of the a-helices, 
B-sheets and loops. Protein tertiary structure refers to the 3D structure of a single 
protein molecule. The @ and £ structures are folded into a compact globule. 

The global distance test (GDT) is a measure of similarity between two 
(model and experimental) proteins x and y with identical primary structures 
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(amino acid sequences) but different tertiary structures. GDT is calculated as the 
largest set of amino acid residues’ @ carbon atoms in x falling within a defined 
cutoff distance (Chap. 29) do of their position y. 

For proteins, in order for this set to define all intermolecular stabilizing 
(relevant short range) interactions, d) = 0.5 nm is usually sufficient. Sometimes, 
do = 0.6 nm, in order to include contacts acting through another atom. 

¢ Migration distance (in Biomotility) 

The migration (or penetration) distance, in cattle reproduction and human 
infertility diagnosis, is the distance in mm traveled by the vanguard sperma- 
tozoon during sperm displacement in vitro through a capillary tube filled with 
homologous cervical mucus or a gel mimicking it. Sperm swim 1-4 mm/min. 
90 % of human sperm swim forward with small side-to-side movements, while 
~ 5 % swim in a faster-paced helical pattern and the remaining + 5 % swim ina 
hyper-helical manner, where the sperm are more active but less directional. 

Such measurements, under different specifications (duration, temperature, 
etc.) of incubation, estimate the ability of spermatozoa to colonize the oviduct 
in vivo. 

In general, the term migration distance is used in biological measurements 
of directional motility using controlled migration; for example, determining the 
molecular weight of an unknown protein via its migration distance through a gel. 

¢ Penetration distance 

The penetration distance is a general term used in (especially, biological) 
measurements for the distance from the given surface to the point where the 
concentration of the penetrating substance (say, a drug) in the medium (say, a 
tissue) had dropped to the given level. Several examples follow. 

During penetration of a macromolecular drug into the tumor interstitium, 
tumor interstitial penetration is the distance that the drug carrier moved away 
from the source at a vascular surface; it is measured in 3D to the nearest vascular 
surface. 

During the intraperitoneal delivery of cisplatin and heat to tumor metastases 
in tissues adjacent to the peritoneal cavity, the penetration distance is the depth 
to which the drug diffuses directly from the cavity into tissues. Specifically, it is 
the distance beyond which such delivery is not preferable to intravenous delivery. 

It can be the distance from the cavity surface into the tissues within which 
drug concentration is, for example, (a) greater, at a given time point, than that 
in control cells distant from the cavity, or (b) is much higher than in equivalent 
intravenous delivery, or (c) has a first peak approaching its plateau value within 
1 % deviation. 

The penetration distance of a drug in the brain is the distance from the probe 
surface to the point where the concentration is roughly half its far field value. 

The penetration distance of chemicals into wood is the distance between 
the point of application and the 5 mm cut section in which the contaminant 
concentration is at least 3 % of the total. 

The forest edge-effect penetration distance is the distance to the point where 
invertebrate abundance ceased to differ from forest interior abundance. 
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Cf. penetration depth distance in Chap.9, penetration depth in Chap. 24 
and distance sampling in Chap. 17. 

¢ Capillary diffusion distance 

One of the diffusion processes is osmosis, i.e., the net movement of water 
through a permeable membrane to a region of lower solvent potential. In the 
respiratory system (the alveoli of mammalian lungs), oxygen O2 diffuses into the 
blood and carbon dioxide CO) diffuses out. 

The capillary diffusion distance is, similarly to penetration distance, 
a general term used in biological measurements for the distance, from the 
capillary blood through the tissues to the mitochondria, to the point where the 
concentration of oxygen has dropped to the given low level. 

This distance is measured as the average distance from the capillary wall to 
the mitochondria, or the distance between the closest capillary endothelial cell to 
the epidermis, or in percentage terms, say, the distance where a given percentage 
(95 % for maximal, 50 % for average) of the fiber area is served by a capillary. 

Another practical example: the effective diffusion distance of nitric oxide NO 
in microcirculation in vivo is the distance within which N concentration is greater 
than the equilibrium dissociation constant of the target enzyme for oxide action. 

Cf. the immunological distance for immunodiffusion and, in Chap. 29, the 
diffusion tensor distance among distances in Medicine. 

* Forster distance 

FRET (fluorescence resonance energy transfer; Forster, 1948) is a distance- 
dependent quantum mechanical property of a fluorophore (molecule component 
causing its fluorescence) resulting in direct nonradiative energy transfer between 
the electronic excited states of two dye molecules, the donor fluorophore and 
a suitable acceptor fluorophore, via a dipole. In FRET microscopy, fluorescent 
proteins are used as noninvasive probes in living cells since they fuse genetically 
to proteins of interest. 

The efficiency of FRET transfer depends on the square of the donor electric 
field magnitude, and this field decays as the inverse sixth power of the intermolec- 
ular separation (the physical donor-acceptor distance). The distance at which this 
energy transfer is 50 % efficient, i.e., 50 % of excited donors are deactivated by 
FRET, is called the Forster distance of these two fluorophores. 

Measurable FRET occurs only if the donor-acceptor distance is less than ~ 10 
nm, the mutual orientation of the molecules is favorable, and the spectral overlap 
of the donor emission with acceptor absorption is sufficient. 

¢ Gendron—Lemieux—Major distance 

The Gendron—Lemieux—Major distance (2001) between two base-base 

interactions, represented by 4 x 4 homogeneous transformation matrices X, Y, is 


S(XY!) + S(X7'Y) 
2 





’ 


where S(M) = /2 + (0/a)?, lis the translation length, 6 is the rotation angle, 
and a is a scaling factor between the translation and rotation contributions. 
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¢ Spike train distances 
A human brain has 85 x 10° neurons (nerve cells) each communicating 
with an average 1000 other neurons dozens of times per second. Most neurons 
are capable of making 10*—10° individual microconnections. One human brain, 
using ~ 10! synapses, produces ~ 6.4 x 10!8 nerve impulses per second. 
The neuronal response to a stimulus is a continuous time series. It can be 
reduced, by a threshold criterion, to a simpler discrete series of spikes (short 


electrical pulses). A spike train is a sequence x = (t,...,¢;) of s events 
(neuronal spikes, or heart beats, etc.) listing absolute spike times or interspike 
time intervals. The main distances between spike trains x = x,,...,x,, and 


y=y1,..-, Yn follow. 
1. The spike count distance is defined by 


|n — m| 


max{m, n} 


2. The firing rate distance is defined by 


> &-y), 


l<i<s 
where x’ = x\,...,x, is the sequence of local firing rates of train x = 
X1,...,Xm partitioned in s time intervals of length Tyare. 


3. Let ty = $min{xi41 — Xi,X; — Xi-1, Vit. — Vis Vi — Vi-1} and c(aly) = 
yy yvi=1 Jj, where Jj = 1if0 < x,-y;, < Ty, = 5 if x; = y,; and 
= 0, otherwise. The event synchronization distance (Quiroga et al., 2002) 
is defined by 


e(xly) + els) 
Jn 


4. Let xjs(t) = min{x; : x; > t} — max{x; : x; < t} for xy < t < Xm, let 
I(t) = aa — 1 if xji(t) < xisi(t) and 1(f) = 1 — wi otherwise. The time- 


weighted on spike-weighted ISI distances (Kreuz et al., 2007) are 


T m 
) \M|dt and S* |I(x)}. 
i=1 


5. Various information distances were applied to spike trains: the Kullback- 
Leibler distance, and the Chernoff distance (Chap. 14). Also, if x and y are 
mapped into binary sequences, the Lempel—Ziv distance and a version of the 
normalized information distance (Chap. | 1) are used. 

6. The Victor—Purpura distance (1996) is a cost-based editing metric (i.e., the 
minimal cost of transforming x into y) defined by the following operations 


J— 
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with their associated costs: insert a spike (cost 1), delete a spike (cost 1), 
shift a spike by time ft (cost qt); here g > 0 is a parameter. The fuzzy 
Hamming distance (Chap. 11), introduced in 2001, identifies cost functions 
of shift preserving the triangle inequality. 

7. The van Rossum distance, 2001, is defined by 


/ i (f(x) —fi0))Pat, 


where x is convoluted with h(t) = tet and t = 12 ms (best); f,(x) = 

i h(t — x;). This and above distances are the most commonly used metrics. 

8. Given two sets of spike trains labeled by neurons firing them, the Aronov 

et al. distance (2003) between them is a cost-based editing metric (i.e., the 

minimal cost of transforming one into the other) defined by the following 

operations: insert or delete a spike (cost 1), shift a spike by time f (cost qf), 
relabel a spike (cost k), where g, k > 0 are parameters. 





¢ Bursting distances 

Bursts refers to the periods in a spike train when the spike frequency is 
relatively high, separated by periods when it is relatively low or spikes are absent. 

Given neurons x),..., x, and SBEs (synchronized bursting events) Y,,..., Yin 
with similar patterns of neuronal activity, let C’ denote the cross-correlation 
between the activity of a neuron in Y; and Y; maximized over neurons, and let 
C; denote the correlation between neurons x; and x; averaged over SBEs. 

Baruchi and Ben-Jacob, 2004, defined the interSBE distance between Y; and 
Y; and the interneuron distance between x; and x; by 4()7¥_(C® — C’)?)2 and 
1 (ya (Cis — Cis)?)?, respectively. 

¢ Long-distance neural connection 

Unlike Computing, neural systems are not exclusively optimized for minimal 
global wiring, but for a variety of factors including the minimization of pro- 
cessing steps. Kaiser and Hilgetag, 2006, showed that, due to the existence of 
long-distance projections, the total wiring among 95 primate (Macaque) cortical 
areas could be decreased by 32 %, and the wiring of neuronal networks in the 
nematode C. elegans could be reduced by 48 % on the global level. For example, 
> 10% of the primate cortical projections connect components separated by 
> 40 mm, while 69 mm is the maximal possible distance. For the global C. 
elegans network, some connections are almost as long as the entire organism. 

Long-distance and long-lasting neural connections may be the architecture 
linking the separate regions/processes together during a single global conscious 
state. 

In autism there are more local connections and more local processing, 
while the psychosis/schizophrenia spectrum is marked by more long-distance 
connections. 
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About 5%, 10%, 6.7 % of variation in individual intelligence is predicted 
by activity level in LPFC (lateral prefrontal cortex), by the strength of neural 
pathways connecting left LPFC to the rest of the brain and by overall brain size. 
Long-distance cell communication 

Human cell size is within [4-135] jm; typically, 10 rm. In gap junctions, the 
intercellular spacing is reduced from 25—450 nm to a gap of 1-3 nm, bridged by 
hollow tubes. Animal cells may communicate locally, either directly through gap 
junctions, or by cell-cell recognition (in immune cells), or (paracrine signaling) 
using messenger molecules that travel, by diffusion, only short distances. Mam- 
mal’s, astrocytes form, via gap junctions, a network of neurons and vasculature. 
Neurons may use interferon signals transmitted over great distances to fend off 
viral infection. 

In synaptic signaling, the electrical signal along a neuron’s axon triggers the 
release of a neurotransmitter to diffuse across the synapse through a gap junction. 
Signal transmission through the nervous system is a long-distance signaling. 
Slower long-distance signaling is done by hormones transported in the blood. 
A hormone reaches all parts of the body, but only target cells have receptors for 
it. 

Another means of long-distance cell communication, via TNTs (tunneling 
nanotubes), was found in 1999. TNTs are membrane tubes, 50—200 nm thick with 
length up to several cell diameters. Cells can send out several TNTs, creating a 
network lasting hours. TNTs can carry cellular components and pathogens (HIV 
and prions). Also, electrical signals can spread bidirectionally between TNT- 
connected cells (over distances 10-70 |1m) through interposed gap junctions. 

Some bacteria gain energy by oxidizing H2S via electron transfer, hundreds of 
cell-lengths away. Thousands of Desulfobulbus form cm-long conductive chains, 
transporting electrons from HS-rich marine sediment to the upper O2-rich one. 
Length constant 

In an excitable cell (nerve or muscle), the length constant is the distance 
over which a nonpropagating, passively conducted electrical signal decays to i 
(36.8 %) of its maximum. 

During a measurement, the conduction distance between two positions on a 
cell is the distance between the first recording electrode for each position. 
Ontogenetic depth 

The ontogenetic depth (or egg-adult distance) is (Nelson, 2003) the number 
of cell divisions, from the unicellular state (fertilized egg) to the adult metazoan 
capable of reproduction (production of viable gametes). 

The mitotic length is the number of intervening mitoses, from the normal 
(neither immortal nor malignant) cells in the immature precursor stage to their 
progeny in a state of mitotic death (terminal differentiation) and phenotypic 
maturity. 

Adult humans produce daily ~ 200 billion red cells, 100 billion neutrophils 
and 50 billion other cells. About 7 x 10!° mature cells are produced in a human 
lifetime and these could be produced in 53 cell generations (2° ~ 9 x 10!5). 


23.4 Other Biological Distances 491 


¢ Interspot distance. 

A DNA microarray is a technology consisting of an arrayed series of thou- 
sands of features (microscopic spots of DNA oligonucleotides, each containing 
picomoles of a specific DNA sequence) that are used as probes to hybridize a 
target (CRNA sample) under high-stringency conditions. Probe-target hybridiza- 
tion is quantified by fluorescence-based detection of fluorophore-labeled targets 
to determine the relative abundance of nucleic acid sequences in the target. 

The interspot distance is the spacing distance (Chap. 29) between features. 
Typical values are 375, 750, 1500 micrometers (1 um = 107° m). 

¢ Read length 

In gene sequencing, automated sequencers transform electropherograms 
(obtained by electrophoresis using fluorescent dyes) into a four-color 
chromatogram where peaks represent each of the DNA bases A, T, C, G. 
Chromosomes stained by some dyes show a 2D pattern of traverse bands of 
light and heavy staining. 

The read length is the length, in the number of bases, of the sequence 
obtained from an individual clone chosen. Computers then assemble those short 
blocks into long continuous stretches which are analyzed for errors, gene-coding 
regions, etc. 

¢ Action at a distance along DNA/RNA 

An action at a distance along DNA/RNA happens when an event at one 
location on a molecule affects an event at a distant (say, more than 2500 base 
pairs) location on the same molecule. 

Many genes are regulated by distant (up to a million bp away and, possi- 
bly, located on another chromosome) or short (30-200 bp) regions of DNA, 
enhancers. Enhancers increase the probability of such a gene to be transcribed 
in a manner independent of distance and position (the same or opposite strand of 
DNA) relative to the transcription initiation site (the promoter). 

DNA supercoiling is the twisting of a DNA double helix around its axis, once 
every 10.4 bp of sequence (forming circles and figures of eight) because it has 
been bent, overwound or underwound. Such folding puts a long range enhancer, 
which is far from a regulated gene in genome distance, geometrically closer to 
the promoter. 

The genomic radius of regulatory activity of a genome is the genome distance 
of the most distant known enhancer from the corresponding promoter; in the 
human genome it is ~ 10° bp (for the enhancer of SSH, Sonic Hedgehog gene). 

There is evidence that genomes are organized into enhancer-promoter loops. 
But the long range enhancer function is not fully understood yet. 

Similarly, some viral RNA elements interact across thousands of intervening 
nucleotides to control translation, genomic RNA synthesis and mRNA transcrip- 
tion. 

Genes are controlled either locally (from the same molecule) by specialized 
cis regulators, or at a distance by trans regulators. Comparing genes in key brain 
regions of human and primates, the most drastic changes were found in trans- 
controlled genes. 
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¢ Length variation in 5-HTTLPR 

5-HTTLPR is a repeat polymorphic region in SLC6A4, the gene (on chromo- 
some 17) coding for SERT (serotonin transporter) protein. This polymorphism 
has short (14 repeats) and long (16 repeats) variations. So, an individual can 
have short/short, short/long, or long/long genotypes at this location in the DNA. 

A short/short allele leads to less transcription for SLC6A4, and its carriers 
are more attuned and responsive to their environment; so, social support is more 
important for their well-being. They have less gray matter, more neurons and a 
larger thalamus. Whereas 5 of East Asians have the short/short variant, only i of 
Americans and Western Europeans have it. 

Other gene variants of central neurotransmitter systems—dopamine receptor 
(DRD4 7R), dopamine/serotonin breaking enzyme (MAOA VNTR) and \t-opioid 
receptor (OPRMI A118G)—are also associated with novelty-seeking, plasticity 
and social sensitivity. They appeared < 0.08 Ma ago and spread into 20-50 % of 
the population. They generate anxiety and aggression, but could be selected for 
extending behavioral range and boosting resilience at the group level. 

¢ ER-mitochondria distance 

The endoplasmic reticulum (ER) is a large membrane-bound compartment 
spread throughout the cytoplasm of eukaryotic cells. The interface between 
mitochondria and ER is a crucial hub for bidirectional communication regulating 
mitochondrial energy, lipid biosynthesis, calcium Ca2+ signalling, and cell death. 

Mitochondria are surrounded by tubules of the ER that lie preferentially within 
200 nm apart, whereas 20 % of the mitochondrial surface is in direct contact with 
the ER. Mitochondria and ER are physically coupled by protein tethers. The size 
of these bridges between the two organelles are 10—25 nm in length. Altering this 
physical ER-mitochondria distance leads inevitably to cell dysfunction. 

When this distance is decreased, Ca(2+) overload occurs both in the cytosol 
and mitochondria. Qi-Shuai, 2016, proposed that the resultant death of neurons, 
which are responsible for memory and cognition, contributes to Alzheimer’s 
disease. 

¢ Telomere length 

The telomeres are the caps of repetitive DNA sequences ((7TTAGGG),, in 
vertebrates cells) at both ends of each linear chromosome in the cell nucleus. 
They are long stretches of noncoding DNA protecting coding DNA. The number 
n of TTAGGG repeats is called the telomere length (TL); it is ~2000 in humans. 
TL is a robust indicator of biological age and a prognostic marker of disease risk. 
A limit of life—about 120 years—can be defined by TL in blood stem cells. 

Every time a normal cell divides, its telomeres shorten (due to incomplete 
lagging strand DNA synthesis) and eventually they are so short that cell stops 
dividing, self-destructs, or tries to self-replicate and creates cancer. The Hayflick 
limit is the maximal number of divisions beneath which a normal cell will stop 
dividing, because of shortened telomeres or DNA damage, and die; for humans 
it is about 52. 

Human telomeres are 15-20 kb in length at birth and shorten gradually 
throughout life in dividing cells: they lose ~ 100 bp, i.e., 16 repeats, at each 
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mitosis (i.e., every 20-180 min). But telomere length can increase: by transfer of 
repeats between telomers or by synthesizing new telomeric DNA from either an 
RNA template using the enzyme telomerase, or a DNA template using alternative 
lengthening of telomeres (ALT). In humans, telomerase acts only in germ, stem 
or actively dividing tumor cells; ALT occurs only in cancer cells. 

Hydras, lobsters, planarian flatworms, trees maintain telomere lengths. Also, 
bacterial colonies and Turritopsis dohrnii, whose medusa form can revert to the 
polyp stage, are biologically immortal, i.e., there is no aging (sustained increase 
of mortality rate with age) since the Hayflick limit does not apply. Animals with 
negligible aging die mainly because of growth: they lose agility to get food. The 
oldest living animals are some sponges and black corals: 2000—10,000 years. The 
oldest known cell line is 11,000 years-old canine transmissible venereal tumor. 

Phenoptsis is genetically programmed death of organism. It acts quickly in 
semelparous (capable of only single reproduction) species, say, Pacific salmon, 
cicada, mayflies, annual plants and some bamboo, arachnids, squids. Extreme 
examples: the male praying mantis ejaculates only after being decapitated by the 
female, and the Adactyllidium tick larvae kill their mother eating her from the 
inside out. 

Aging is slow phenoptsis in other species. The telomere shortening is one 
of its main mechanisms. Vascular disease, osteoarthritis, cancer and menopause 
are other means of human phenoptsis. Human mortality doubles every 8 years. 
Mortality rate of people with cancer behave as if the cancer had aged them by 
15 years. 

¢ Gerontologic distance 

The gerontologic distance between individuals of ages x and y from a 
population with survival fraction distributions $,(¢) and S2(¢), respectively, is 
defined by 


So(y) 


10 5 @) 





A function S(t) can be either an empirical distribution, or a parametric one 


based on modeling. The main survival functions S(f) are: may (where N(f) is the 


number of survivors, from an initial population N(0), at time 1), e (exponential 
b+1 





at’ 


model), en (l-e") (Gompertz model), and e” 5+! (Weibull model); here a and b 
are, respectively, age independent and age dependent mortality rate coefficients. 

But late-life mortality deceleration was observed for humans and fruit flies: 
the probability that organism’s somatic cells become senescent tends to be 
independent of its age in the long-time limit. The one-year probability of death 
at advanced age asymptotically approaches 44 % for women and 54 % for men. 
Such a plateau is typical for many Markov processes. Human species-specific 
life span (age at which death rates of different populations converge) is close to 
95 years. 
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Since 1840, life expectancy has risen linearly: almost three months per year 
for women and more slowly for men. But the age of super-long livers is linked to 
their genes rather than their lifestyle; at least 100 genes are linked to longevity. 

Distances are used in Human Gerontology also to model the link between 
geographical distance and contact between adult children and their elderly 
parents. 

Aging/death are adaptive species-specific trade-offs with reproduction. But 
the Akela effect (long post-reproductory period with intergenerational transfers) 
was observed, besides humans, in two species of toothed whales, Asian ele- 
phants, social aphids and, in zoo, Japanese macaques and chimpanzees. 
Distance to death 

80 % of the persons, who die in any one year, are age 65 or older. Elderly 
persons think and talk readily about death, but perceived temporal nearness of it 
is not quantified by ~ 50 % of them. Still this proximity determines one’s attitude 
on it. 

Gerstorf et al., 2008: relative to age-related decline, mortality-related one (i.e., 
distance to death) in reported life satisfaction account for more variance in the 
change of subjective well-being. At a point about 4 years before death of an 
old, i.e., 70+ years, person, this decline showed a 2-fold increase (3-fold for the 
oldest old, 1.e., 85+ years) in steepness relative to the preterminal phase. 

Bosworth et al., 1999: distance to death explains much of the variance 
in intellectual performance (verbal meaning, psychomotor speed, spatial and 
reasoning abilities) associated with age. Higher baseline intelligence test scores 
are associated with reduced risk of mortality and reduced effects of impending 
death on cognition. 

The terminal drop hypothesis (Riegel—Riegel, 1972) states that death is 
preceded by a decrease in cognitive (especially, verbal) functioning over an + 5 
years period. 

The cascade model (Birren—Cunningham, 1985) posits primary (normal), sec- 
ondary (disease-related) and tertiary (distance to death) aging, which influence 3- 
rd, 2—3-rd and 1-—3-rd, respectively, classes of intellectual function: cristallilized 
abilities (to think logically and solve problems knowledge-independently), fluid 
abilities (to use skills, knowledge and experience) and perceptual speed. 

Borjigin et al., 2013, observed neural correlates of heightened conscious 
processing at near-death: a surge 30 s of coherence and connectivity in the dying 
rat’s brain. 

Micromort and microlife are the units of risk: 10~° probability of death and 
half an hour (~ 10~°-th of 57 years) change of life expectancy, respectively. 

The farthest from Earth that any human has died is about 167 km, when three 
cosmonauts on Soyuz 11 suffered a depressurization accident while returning 
to Earth. They were moving at about 7755 m/sec at the time, which is also the 
highest forward speed at which any human has ever died. 
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¢ Distance running model 

Bipedality is a key behavior of hominins which appeared 6-4.2 Ma ago. It 
allowed australopithecines to see approaching danger further off, to walk long 
distances and to use hands for gathering food. Our genus Homo emerged ® 2.5 
Ma ago. 

The distance running model anthropogenesis, proposed in [BrLi04], claims 
that our capacity to run long distances in the savanna arised, prior to the invention 
of the spear, as adaptation for persistence hunting (by running prey to exhaustion) 
and scavenging (allowing to compete for widely dispersed carcasses). 

This model specifies how endurance running defined the human body form, 
producing balanced head, low/wide shoulders, narrow chest, short forearms and 
heels, large hip, etc. Even now, a good athlete can run at 20 km/h for several 
hours which is comparable to endurance specialists as, say, zebras and antelopes. 
By sweating we can dissipate body heat faster than any other large mammal 
and reach large sustainable distance. The capacity of humans to travel vast 
distances using little energy contributed also to the evolution of their complex 
social networks. 

¢ Distance coercion model 

The distance coercion model ({OKBi08]) of the origin of uniquely human 
kinship-independent cooperation see all complex symbolic speech, cognitive 
virtuosity, transmission of fitness-relevant information, etc. as elements and 
effects of this cooperation catalyzed by advances in lethal projectile weapons. 

The model argues that such cooperation can arise only as a result of the pursuit 
of individual self-interest by animals who can project “death from a distance”. 

Among rare organisms able to project coercive threat remotely, humans are 
the most efficient on long distances, say, to kill adult conspecifics up to 18-27 m 
by throwing a spear and up to 91 m by a bow. The chimpanzee and Neanderthal 
also could throw objects but not with human’s precision. 

The model posits that this capacity, permitting to repel predators and scavenge 
their kills in the African savanna, briefly preceded the emergence of brain 
expansion and social support. Comparing with Neanderthals, evidence of a huge 
number of injuries suggests that their hunting involved dangerously close contact 
with large prey animals; they used conventional spears rather than true projectile 
weapons. 

Throwing and language capacities enabled humans to survive rapid climatic 
and environmental changes, to spread and to become the dominant large- 
scale species on the planet. Historical increases in social cooperation could be 
associated with prior acquisition of a new coercive technology; for instance, the 
bow and agricultural civilizations, gunpowder weaponry and the modern state. 
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Humans are most efficient enforcers of cooperation (even relying mainly on 
indirect cues): our cognitive abilities expanded the range of situations in which 
cooperation can be favored. Also, while the strong reciprocity (generous third- 
party enforcement) is prevalent in large societies, Marlowe et al., 2012, claim that 
motivated by the basic emotion of anger, humans-special tendency to retaliate 
on their own behalf, even at a cost, is sufficient to explain the origin of human 
cooperation. 

¢ Distance model of altruism 

In Evolutionary Ecology, altruism is explained by kin selection, reciprocity, 
sexual selection, etc. The cooperation between nonrelatives was a driving force in 
some major transitions (say, from symbiotic bacteria to mitochondria, eukaryotes 
or multicellular organisms). Individual selection, including social selection in 
which fitness is influenced by the behaviors of others, interacts with group 
selection. 

The distance model of altruism ([Koel00]) claims that altruists spread 
locally, i.e., with small interaction distance and offspring dispersal distance, 
while the egoists invest in increasing of those distances. The intermediate 
behaviors are not maintained, and evolution will lead to a stable bimodal spatial 
pattern. 

¢ Distance grooming model of language 

In primates, being groomed produces mildly narcotic effects, because it 
stimulates the production of the body’s natural opiates, the endogenous opioid 
peptides. Kulahci et al., 2015, observed in lemurs vocal grooming-at-a-distance. 

Language, according to Dunbar, 1993, evolved in archaic Homo sapiens 
as more distance/time efficient replacement of social grooming. Their brain 
size expanded 0.5 Ma ago from 900 cm? in Homo erectus to 1300 cm?, and 
they lived in large groups (over 120 individuals) requiring cohesion. Language 
allowed them to produce the reinforcing, social-bonding effects of grooming-at- 
a-distance and to use more efficiently the time available for social interaction. 

Language achieves this through information transfer, gossip and emotional 
means (say, laughter, facial expression, Duchenne smile). Many primate species 
extensively use contact calls such as the long-distance pant-hoot call of chim- 
panzees. Dunbar interprets such calls as a grooming-at-a-distance from which 
language evolved. But gestures are far more likely precursor of language than 
vocalizations. 

He deduced (from the link between group and brain sizes in primates) that 
human social networks tend to be structured in layers: 5 intimates (support 
clique), 15 best friends (sympathy group), active network of “persons” (50 good 
friends and 150 friends), 500 acquaintances, 1500 “people I recognize”. One 
need to be in contact every week, month, half-year, year with groups 1-4, 
respectively. A natural group size (Dunbar’s number) is 150 for humans and 
50 for chimpanzees. 
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Dunbar explain above sizes by cognitive and time constraints on the number 
of relationships ego can maintain at a given level of intensity. The clique size 
correlates with the highest achievable order of intentionality recursion, in which 
mind states are reflexively attributed to others. 0-order means responses to stimuli 
(as bacteria and computers); 1-st order: belief about the real or imagined world 
(as most organisms with brains); 2-nd order: belief about the mental state of 
others; i-th order: as, for i = 5, in the sentence “I think that you believe that I 
suppose that we understand that Jane wants...”. We operate usually at 3-rd and 
sometimes at 4-th, 5-th, 6-th or 7-th order. Language is essential for 4-th order 
recursion. 





Chapter 24 
Distances in Physics and Chemistry 


24.1 Distances in Physics 


Physics studies the behavior and properties of matter in a wide variety of contexts, 
ranging from the submicroscopic particles from which all ordinary matter is made 
(Particle Physics) to the behavior of the material Universe as a whole (Cosmology). 

Physical forces which act at a distance (i.e., a push or pull which acts without 
“physical contact”) are nuclear and molecular attraction and, beyond the atomic 
level, gravity (completed, perhaps, by anti-gravity), static electricity, and mag- 
netism. Last two forces can be both push and pull, depending on the charges 
of involved bodies. The nucleon-nucleon interaction (or residual strong force) is 
attractive but becomes repulsive at very small distances keeping the nucleons apart. 
Dark matter is attractive while dark energy is repulsive (if they exist). 

Distances on a relatively small scale are treated in this chapter, while large 
distances (as in Astronomy and Cosmology) are the subject of Chaps. 25 and 26. 

The distances having physical meaning range from 1.6x 10~*° m (Planck length) 
to 8.8 x 107° m (estimated size of the observable Universe). We can see things 
of about 10~* — 10?! m and measure them within [10~!8, 1076] m. The smallest 
measurable distance, time and weight are 10~!* m (by LHC), 107!” sec and 10~*4 g. 

The Theory of Relativity, Quantum Theory and Newtonian laws permit us to 
describe and predict the behavior of physical systems in the range 10~!° — 10!” 
m, i.e., from proton to Solar System. Weakened description is still possible up to 
107° m. 

The world appears Euclidean at distances less than about 10° m (if gravitational 
fields are not too strong). Relativity and Quantum Theory effects, governing Physics 
on very large and small scales, are already accounted for in technology, say, of GPS 
satellites and nanocrystals of solar cells. 
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¢ Moment 
In Physics and Engineering, moment is the product of a quantity (usually, 
force) and a distance (or a power of it) to some point associated with that quantity. 
¢ Momentum 
In classical mechanics, momentum p = (Px, Py, Pz) is the product mv of the 
mass m and velocity vector V = (vx, Vy, Vz) of an object. 
In relativistic 4D mechanics, momentum-energy (2, Px, Py, Pz), where c is the 
speed of light and E = mc? is energy, is compared with space-time (ct, x, y, Z). 
¢ Displacement 
In Mechanics, a displacement (or relative position) vector of a moving particle 
—>-—Ss > 
from its initial position P; to the final position Pr, is the vector P;Pp = O(Py — Pi), 
where O is a reference point (usually the origin of a coordinate system). 
A displacement is the length ||P — P;||2 of this vector, i.e., the Euclidean 
distance from P; to Pr. It is never greater than the distance traveled by a particle. 
¢ Acceleration distance 
The acceleration distance is the minimum distance at which an object (or, 
say, flow, flame), accelerating in given conditions, reaches a given speed. 
¢ Mechanic distance 
The mechanic distance is the position of a particle as a function of time ¢. 
For a particle, moving linearly with initial position xo and initial speed vo, 
which is acted upon by a constant acceleration a, it and the speed are given by 


1 
x(t) = Xo + vot + at and v(t) = vo + at. 


So, the acceleration distance fallen under uniform acceleration a, in order 
to reach a speed v, is 5. A body is free falling if it is falling subject only 


to acceleration g by gravity; the free fall distance (distance fallen by it) is 
y(t) = dr. 
¢ Terminal distance 

The terminal distance is the distance of an object, moving linearly in a 
resistive medium, from an initial position to a stop. 

If object’s initial position and speed are xo, vo, and the drag per unit mass in 
the medium is proportional to speed with constant of proportionality 6, then the 
position and speed of a body are given by 


x(t) = x9 + ras —ePty and v() =x () = ve". 
The speed decreases to 0, and the body reaches a maximum terminal distance 


: vo 
Xterminal = lim x(t) = x) + —. 
too 


B 
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For a body, moving from initial position (xo, yo) and speed (v,,, Vy) ), the position 
(x), 9) is x0) = 0+ EF), () = 0 + fo) + Me™. The 


horizontal motion ceases at a maximum terminal distance Xtenminal = Xo + va 
¢ Ballistics distances 
Ballistics is the study of the motion of projectiles, i.e., bodies which are 
propelled (or thrown) with some initial velocity, and then allowed to be acted 
upon by the forces of gravity and possible drag. 
The trajectory, range and height of a projectile are its parabolic path, total 
horizontal distance traveled and maximum upward distance reached. If projectile 
is launched on flat ground at velocity v and angle 0 to the horizontal, then at the 


time ¢ of motion, its horizontal and vertical positions are 


1 
x(t) = vtcos@ and y(t) = vtcosé — 58 


2v sin 0 





So, the range, realized by the time of flight tor = ges and height are 
v* sin 20 1 v sin’ 0 
max — tof) = ——— and max — xto) = ; 
x (tof) - y YG ter) 2g 


which are maximized when 6 = 2/4 and 6 = 7/2, respectively. 

The bullet drop is the height it loses, because of gravity, between leaving the 
rifle and reaching the target. In order to ensure that the “zero” (point at which 
the bullet’s path intersects with the LOS, line of sight, to the target) will be at 
a specific range, the shooter should set (using a sight, device mounted on the 
rifle) the bore angle between the rifle bore and the LOS. A properly adjusted rifle 
barrel and sight are said to be zeroed (or sighted-in). The shooter zeroes rifle at a 
standard zero range and then adjustments are made for other ranges. 

The point-blank range is the distance at which the bullet is expected to strike 
a target of a given size without adjusting the elevation of the firearm. 

¢ Interaction distance 

The impact parameter is the perpendicular distance between the velocity 
vector of a projectile and the center of the object it is approaching. 

The interaction distance between two particles is the farthest distance of 
their approach at which it is discernible that they will not pass at the impact 
parameter, i.e., their distance of closest approach if they had continued to move 
in their original direction at their original speed. 

The coefficient of restitution (COR) of colliding objects A, B is the ratio of 
speeds after and before an impact, taken along its line. The collision is inelastic 
if COR< 1. COR? is the ratio of rebound and drop distances if A bounces off 
stationary B. 

¢ Mean free path (length) 

The mean free path (length) of a particle (photon, atom or molecule) in a 

medium measures its probability to undergo a situation of a given kind K; it 
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is the average of an exponential distribution of distances until the situation K 
occurs. In particular, this average distance d is called: 


nuclear collusion length if K is a nuclear reaction; 

interaction length if K is an interaction which is neither elastic, nor quasi- 
elastic; 

scattering length if K is a scattering event; 

attenuation length (or absorption length) if K means that the probability 
P(d), that a particle has not been absorbed, drops to i = 0.368, cf. Beer- 
Lambert law; 

radiation length (or cascade unit) if K means that the energy of (high 
energy electromagnetic-interacting) relativistic charged particles drops by the 
factor i 

free streaming length if K means that particles become nonrelativistic. 

In Gamma-ray Radiography, the mean free path of a beam of photons is the 
average distance a photon travels between collisions with atoms of the target 
material. It is +, where « is the material opacity and p is its density. 

¢ Neutron scattering length 

In Physics, scattering is the random deviation or reflection of a beam of 
radiation or a stream of particles by the particles in the medium. 

In Neutron Interferometry, the scattering length a is the zero-energy limit of 

the scattering amplitude f = — sine Since the total scattering cross-section (the 
likelihood of particle interactions) is 4zr| f|?, it can be seen as the radius of a hard 
sphere from which a point neutron is scattered. 

The spin-independent part of the scattering length is the coherent scattering 
length. In order to expand the scattering formalism to absorption, the scattering 
length is made complex a = a’ — ia”. 

Thomson scattering length is the classical electron radius ~ 2.818 x 
107 m. 

¢ Inelastic mean free path 

In Electron Microscopy, the inelastic mean free path (or IMFP) is the average 
total distance that an electron traverses between events of inelastic scattering, 
while the effective attenuation length (or EAL) is an experimental parameter 
reflecting the average net distance traveled. 

The EAL is the thickness in the material through which electron can pass with 
probability i that it survives without inelastic scattering. It is about 20 % less than 
the IMFP due to the elastic scatterings which deflect the electron trajectories. 

Both are smaller than the total electron range which may be 10-100 times 
greater. 

¢ Sampling distance 

In Electron Spectroscopy for chemical analysis, the sampling distance is the 
lateral distance between areas to be measured for characterizing a surface, i.e., 
the volume from which the photo-electrons can escape. 
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¢ Debye screening distance 

The Debye screening distance (or Debye length, Debye—Hiickel length) is 
the distance over which a local electric field affects the distribution of mobile 
charge carriers (for example, electrons) present in the material (plasmas and other 
conductors). 

Its order increases with decreasing concentration of free charge carriers, from 
10~* m in gas discharge to 10° m in intergalactic medium. 

¢ Range of a charged particle 

The range of a charged particle, passing through a medium and ionizing, is 
the distance to the point where its energy drops to almost zero. 

¢ Gyroradius 

The gyroradius (or cyclotron radius, Larmor radius) is the radius of the 
circular orbit of a charged particle in the presence of a uniform magnetic field. 

¢ Radius of gyration 

The radius of gyration of a body about a given axis is the distance from 
this axis to the centre of gyration. It is the RMS (square root of the mean of the 
squares) of the distances from the axis of rotation to all the points in the body. 

¢ Inverse-square laws 

An inverse-square law is any law stating that a quantity or intensity is 
inversely proportional to the square of the distance d from its source. 

Such law applies when some conserved quantity is evenly radiated outward 
from a point source in 3D space. The intensity of radiation passing through any 
unit area (directly facing the point source) is inversely proportional to d’, since 
radiation is spread out over the surface area 47d? of a sphere. 

Newton’s law of universal gravitation (checked above 6 x 107° m): the 
gravitational attraction between two point-like masses ™m, mp at distance d is 


m\my 


d2 





’ 


where G = 6.67384(80) x 107!! mkg—!s~? is the Newton gravitational 
constant. 

The existence of extra dimensions, postulated by M-theory, will be checked 
by LHC (Large Hadron Collider at CERN, near Geneva) based on the inverse 
proportionality of the gravitational attraction in nD space to the (n — 1)-th degree 
of the distance between objects; if the Universe has a 4-th dimension, LHC will 
find out the inverse proportionality to the cube of the small interparticle distance. 

The effects of electric, magnetic, light, sound, and radiation phenomena also 
follows, an inverse-square law for large d. Coulomb law: the force of attraction 
or repulsion between two point-like objects with charges e,, e2 at distance d is 
given by 


e1e2 
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where k, is the Coulomb constant depending upon the medium that the charged 
objects are immersed in. The gravitational and electrostatic forces of two bodies 
with Planck mass mp and e; = e2 = 1 have equal strength. 

The irradiance (power per unit area in the direction of propagation) of a 
spherical wavefront (light, sound, etc.) radiating from a point source decreases 
(assuming that there are no losses caused by absorption or scattering) inversely 
proportional to the square d? of the distance from the source (cf. distance decay 
in Chap. 29). However, for a radio wave, it decrease like i. 

The far field is the region, where the emitter can be considered as a point 
source (so, inverse-square law holds), usually at a distance of more than 5-10 
times the source diameter; the near field is the region closer to source. 

For light, the distance, from which far field starts, is called photometric 
distance. Cf. Fraunhofer distance and, in Chap. 21, acoustics distances. 

¢ Fraunhofer distance 

The Maxwell equations, governing the field strength decay, can be approxi- 
mated as d~?, d~? and d7! for three regions surrounding an radiating antenna: 
the reactive near field, the radiating near field (or Fresnel region) and the far 
field (or Fraunhofer region). Cf. inverse-square law. The Fresnel region begins 
about at 0.62(2) 2 , where D is the largest dimension of the antenna and J is the 
wavelength. The propagating waves start to dominate here, but only in the far 
field the distribution of the diffracted energy no longer change with distance. 

The Fraunhofer (or far field, Rayleigh) distance is a the distance where 
the far field begin. Cf. acoustic distances in Chap. 21. 

In Optics, beam divergence is defined by its radius, i.e., for a Gaussian 
beam, the distance from the beam propagation axis where intensity drops to 
5 ~ 13.5 % of the maximum. The beam’s waist (or focus) is the position on its 
axis where the radius is at its minimum. The imaginary-distance BPM (Jevick— 
Hermansson, 1989) refers to beam propagating the (complex electric) field along 
the imaginary axis. 

The beam’s Rayleigh length (or Rayleigh range) RI is the distance from 
the waist (in the propagation direction) where the radius increases from wo to 


/2wo, ie., the beam propagates without diverging much. For Gaussian beams, 
2, 


RI = a , where A is the vacuum wavelength divided by the refractive index of 
the material. The Rayleigh length divides the near-field and mid-field; it is the 
distance from the waist at which the wavefront curvature is at a maximum. The 
divergence really starts in the far field where the beam radius is at least 1OR/. The 
confocal parameter (or depth of focus) of the beam is 2RI. Cf. lens distances in 
Chap. 28. 
¢ Half-value layer 

Ionizing radiation consists of highly-energetic particles or waves (especially, 
X-rays, gamma rays and far ultraviolet light) which are progressively absorbed 
during propagation through the surrounding medium, via ionization, i.e., remov- 
ing an electron from some of its atoms or molecules. The half-value layer is the 
depth within a material where half of the incident radiation is absorbed. 
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A basic rule of protection against ionizing radiation exposure: multiplying the 
distance from its source by a distance factor r decreases this exposure to 5 of it. 

In Maxwell Render light simulation software, the attenuation distance (or 
transparency) is the thickness of object that absorbs 50 % of light energy. 

¢ Range of fundamental forces 

The fundamental forces (or interactions) are gravity and electromagnetic, 
weak nuclear and strong nuclear forces. The range of a force is considered short 
if it decays (approaches 0) exponentially as the distance d increases. 

Both electromagnetic force and gravity are forces of infinite range which obey 
inverse-square laws. The shorter the range, the higher the energy. Both weak 
and strong forces are very short range (about 107!” m and 10~!° m, respectively) 
which is limited by the uncertainty principle. 

At subatomic distances, Quantum Field Theory describes electromagnetic, 
weak and strong interactions with the same formalism but different constants. 
Quantum Electrodynamics describes electromagnetism via photon exchanges 
between charged particles and Quantum Chromodynamics describe strong inter- 
actions via gluon exchanges between quarks. Strong interaction force grows 
stronger with the distance. Three forces almost coincide at very large energy, 
but at large distances they are irrelevant compared with gravity. The number of 
fundamental particles increases on smaller distance scales. But at macroscopic 
scales, those particles can collectively create emerging phenomena, say, super- 
conductivity. 

General Relativity has been probed from submillimeter up to Solar System 
scales but at cosmological scale it require the presence of dark matter and dark 
energy. Maxwell’s electromagnetism has been probed from atomic distances up 
to 1.3 AU (order of the coherence lengths of the magnetic fields dragged by the 
solar wind) but it does not explain magnetic fields found in galaxies, clusters and 
voids. 

At cosmological scale, the repulsive force of putative dark energy, due 
to vacuum energy (or cosmological constant) overtakes gravity; cf. metric 
expansion of space in Chap. 26. Dark energy is the only substance known to 
act both on subatomic and cosmological scale. Its effect is measured only on a 
scale larger than superclusters. Khoury—Weltman, 2004, in order to explain dark 
energy, conjectured fifth force with range depending on density of matter in its 
environment, say, 1 mm in Earth’s vicinity and 10’ ly in cosmos. An alternative 
to dark energy: possible, in String Theory, modifications of gravity at ultra large 
distances (i.e., small curvatures) due to some specific compactification of extra 
dimensions. 

Alexander-Katz et al., 2016, found a new kind of long-range interaction 
between particles, in a liquid medium, that is based entirely on their motions. 
A small number of magnetic metal microparticles a few jm across, were 
interspersed with a much larger quantity of inert particles of comparable size, 
all suspended in water. When a rotating magnetic field was applied, the metal 
particles would begin to spin and, even when separated by distances tens of times 


506 24 Distances in Physics and Chemistry 


their size, would migrate toward each other, through a slow series of motions. The 
attraction depends on the speed of spinning and amount of inert matter. 
¢« EM radiation wavelength range 

The wavelength is the distance 1 = £ the wave travels to complete one cycle. 

Electromagnetic (EM) radiation wavelength range is infinite and continu- 
ous in principle. The limits of short and long waves are the vicinity of the Planck 
length and the size of Universe, respectively. 

The wavelengths are: < 0.01 nm for gamma rays, 0.01-10 nm for X-rays, 
100-400 nm for ultraviolet, 400-780 nm for visible light, 0.78—1000 «tm for 
infrared (in lasers), 1-330 mm for microwave, 0.33—3000 m for radio frequency 
radiation, > 3 km for low frequency, and oo for static field. 

Besides gamma rays, X-rays and far ultraviolet, the EM radiation is nonioniz- 
ing, i.e., passing through matter, it only excites electrons: moves them to a higher 
energy state, instead of removing them completely from an atom or molecule. 

¢« Compton wavelength 

Compton scattering is the scattering of (X-ray or gamma ray) photons by 
electrons. It results in a decrease in energy (so, increase in wavelength) of the 
photon. 

Compton wavelength A¢(m) and reduced Compton wavelength A¢(m) of 
a particle with rest mass m (where c is the speed of light, # is the reduced Planck 
constant # and Jp, mp are Planck length and mass) are defined by 





1 = h m 
az helm) = Ac(m) = —_ = Fy 
a mc m 


¢ Radiation attenuation with distance 

Radiation is the process by which energy is emitted from a source and 
propagated through the surrounding medium. Radiant energy described in wave 
terms includes sound and electromagnetic radiation, such as light, X-rays 
and gamma rays. The incident radiation partially changes its direction, gets 
absorbed, and the remainder transmitted. The change of direction is reflection, 
diffraction, or scattering if the direction of the outgoing radiation is reversed, 
split into separate rays, or randomized (diffused), respectively. Scattering occurs 
in nonhomogeneous media. 

In Physics, attenuation is any process in which the flux density, power 
amplitude or intensity of a wave, beam or signal decreases with increasing 
distance from the energy source, as a result of absorption of energy and scattering 
out of the beam by the transmitting medium. It comes in addition to the 
divergence of flux caused by distance alone as described by the inverse-square 
laws. 

Attenuation of light is caused mainly by scattering and absorption of photons. 
The primary causes of attenuation in matter are the photoelectric effect (emission 
of electrons), Compton scattering (cf. Compton wavelength) and pair produc- 
tion (creation of an elementary particle and its antiparticle from a high-energy 
photon). 
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In Physics, absorption is a process in which atoms, molecules, or ions enter 
some bulk phase—gas, liquid or solid material; in adsorption, the molecules 
are taken up by the surface, not by the volume. Absorption of EM radiation is 
the process by which the energy of a photon is taken up (and destroyed) by, 
for example, an atom whose valence electrons make the transition between two 
electronic energy levels. The absorbed energy may be re-emitted or transformed 
into heat. 

Attenuation is measured in units of decibels (dB) or nepers (~ 8.7 dB) 
per length unit of the medium and is represented by the medium attenuation 
coefficient a. When possible, specific absorption or scattering coefficient is used 
instead. 

Attenuation (or loss) of signal is the reduction of its strength during trans- 
mission. In Signal Propagation, attenuation of a propagating EM wave is called 
the path loss. Path loss may be due to free-space loss, refraction, diffraction, 
reflection, absorption, aperture-medium coupling loss, etc. of antennas. Path loss 
in decibels is L = 10nlgd + C, where n is the path loss exponent, d is the 
transmitter-receiver distance in m, and C is a constant accounting for system 
losses. 

The free-space path loss (FSPL) is the loss in signal strength of an EM wave 
that would result from a line-of-sight path through free space, with no obstacles 
to cause reflection or diffraction. FSPL is ( andy? where d is the distance from 
the transmitter and A is the signal wavelength (both in m), ie., in dB it is 
101g (FSPL) = 20lgd + 201g f — 147.56, where f is the frequency in Hz. 

¢ Beer—Lambert law 

The Beer—Lambert law is an empirical relationship for the absorbance Ab of 

a substance when a radiation beam of given frequency goes through it: 


Ab = ad = — log, T 


where a = e or (for hangs): 10, d is the path length (distance the beam travels 
through thie medium), T = it is the transmittance (Ig and Ip are the intensity of 
the transmitted and incident radiation), and @ is the medium opacity (or linear 
attenuation coefficient, absorption coefficient); a is the fraction of radiation lost 
to absorption and/or scattering per unit length of the medium. 

The extinction coefficient is Aw oy, where A, is the same frequency wavelength 
in a vacuum. In Chemistry, a is given as €C, where C is the absorber concentra- 
tion, and € is the molar extinction CON: 

The optical depth is t = — In %4 , measured along the true (slant) optical path. 

The penetration depth (or attenuation length, mean free path, optical 
extinction length) is the thickness d in the medium where the intensity J, has 
decreased to i of Ip; so, it is 4. Cf. half-value layer. 

Also, in Helioseismology, the (meridional flow) penetration depth is the 
distance from the base of the solar convection zone to the location of the first 
reversal of the meridional velocity. In an information network, the message 
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penetration distance is the maximum distance from the event message traverses 
in the valid routing region. 

The skin depth is the thickness d where the amplitude A, of a propagating 
wave (say, alternating current in a conductor) has decreased to 1 of its initial 
value Ao; it is twice the penetration depth. The propagation constant is y = 
—In 4¢, 

The Beer—Lambert law can describe also the attenuation of solar or stellar 
radiation. The main components of the atmospheric light attenuation are: absorp- 
tion and scattering by aerosols, Rayleigh scattering (from molecular oxygen O2 
and nitrogen Ni) and (only absorption) by carbon dioxide CO 2, Oo, nitrogen 
dioxide NiOz, water vapor, ozone O3. Cf. atmospheric visibility distances in 
Chap. 25. 

The sea is nearly opaque to light: less than 1 % penetrates 100 m deep. Cf. 
distances in Oceanography in Chap. 25. In Oceanography, attenuation of light 
is the decrease in its intensity with depth due to absorption (by water molecules) 
and scattering (by suspended fine particles). The transparency of the water in 
oceans and lakes is measured by the Secchi depth ds at which the reflectance 
equals the intensity of light backscattered from the water. Then a = ies is used 
as the light attenuation coefficient in the Beer—Lambert law ad = —In i in 
order to estimate Jy, the intensity of light at depth d, from Jp, its intensity at the 
surface. 

In Astronomy, attenuation of EM radiation is called extinction (or reddening). 
It arises from the absorption and scattering by the interstellar medium, the Earth’s 
atmosphere and dust around an observed object. 

The photosphere of a star is the surface where its optical depth is z. energy 
emitted. The optical depth of a planetary ring is the proportion of light blocked 
by the ring when it lies between the source and the observer. 

¢ Atmospheric depth 

The total absorption along a slanted path through matter of density p at 
the angle @ from the vertical is measured by the interaction depth, i.e., 
wos J p(x)d(x). 

In particular, the atmospheric depth (or effective thickness of the atmosphere) 
at altitude h is defined as 





1 [oe 
A(h) = —— / pOod(a). 


It is = 11 times larger when the Sun is just above the horizon than at the shortest 
path (solar zenith). Vertical A(h) is approximatively equal to the pressure divided 
by g = 9.8 m/s’. 
e Arago distance 
The Arago point is a neutral point (where the degree of polarization of 
skylight goes to zero) located ~ 20° directly above the antisolar point (the point 
on the celestial sphere that lies directly opposite the sun from the observer) in 
relatively clear air and at higher elevations in turbid air. 
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So, the Arago distance, i.c., the angular distance from the antisolar point 
to the Arago point, is a measure of atmospheric turbidity (effect of aerosols in 
reducing the transmission of direct solar radiation). 

Another useful measure of turbidity is aerosol optical depth, i.e., the optical 
depth due to extinction by the aerosol component of the atmosphere. 

¢ Sound attenuation with distance 

Vibrations propagate through elastic solids and liquids, including the Earth, 
and consist of elastic (or seismic, body) waves and surface (occurring since 
it acts as an solid-gas interface) waves. Elastic waves are: primary (P) wave 
moving in the propagation direction of the wave and secondary (S) wave moving 
in this direction and perpendicular to it. Surface waves are: the Love wave 
moving perpendicular to the direction of the wave and the Rayleigh (R) wave 
moving in the direction of the wave and circularly within the vertical surface 
perpendicular to it. The attenuation of P- and S-waves is proportional to a or 
i, when propagated by the surface or inside of an infinite elastic body. For the 
R-wave, it is proportional to Wa 

Sound propagates through gas (say, air) as a P-wave and attenuates over a 
distance, at a rate of +. The far field (cf. Fraunhofer distance) is the part of a 
sound field in which sound pressure (if it is the same in all directions) decreases 
according to the inverse distance law rr but sound intensity decreases as a 

In natural media, further weakening occurs from attenuation, i.e., scattering 
(reflection of the sound in other directions) and absorption (conversion of the 
sound energy to heat). Cf. critical distance among acoustics distances in 
Chap. 21. 

The sound extinction distance is the distance over which its intensity falls 
to i of its original value. For sonic boom intensities (say, supersonic flights), 
the lateral extinction distance is the distance where in 99 % of cases the sound 
intensity is lower than 0.1—0.2 mbar (10-20 pascals) of atmospheric pressure. Cf. 
earthquake extinction length in distances in Seismology (Chap. 25). 

Water is transparent to sound. Sound energy is absorbed (due to viscosity) 
and = 6% of it is scattered (due to water inhomogeneities). Absorbed less, low 
frequency sounds can propagate over large distances along lines of minimum 
sound speed. High frequency waves attenuate more rapidly. So, low frequency 
waves are dominant further from the source (say, a musical band or earthquake). 

Attenuation of ultrasound waves with frequency f MHz at a given distance 
rcm is afr decibels, where a is the attenuation coefficient of the medium. It 
is used in Ultrasound Biomicroscopy; in a homogeneous medium (so, without 
scattering) a is 0.0022, 0.18, 0.85, 20, 41 for water, blood, brain, bone, lung, 
respectively. 

¢ Lighting distance 

Sound travels through air at 330-350 m/s (depending on altitude, relative 
humidity, pressure, etc.), while the speed of light is c ~ 300 x 10° m/s. In fact, 
structure of light pulses reduces their speed, even in a vacuum. 
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So, the lighting distance (of a lightning bolt from an observer) in km is ~ 
of the delay, in seconds, between observer’s seeing it and hearing thunder. 

¢ Optical distance 

The optical distance (or optical path length) is a distance dn traveled by 
light, where d is the physical distance in a medium and n = ¢ is the medium’s 
refractive index (c,v are the speeds of an EM wave in a vacuum and in the 
medium). By Fermat’s principle light follows the shortest optical path. Cf. 
optical depth. 

The light extinction distance is the distance where light propagating through 
a given medium reaches its steady-state speed, i.e., a characteristic speed that it 
can maintain indefinitely. It is proportional to ne where p is the density of the 
medium and A is the wavelength, and it is very small for most common media. 

¢ Edge perimeter distance 

In semiconductor technology, the edge perimeter distance is the distance 
from the edge of a wafer (thin slice with parallel faces cut from a semiconductor 
crystal) in a wafer carrier to the top face of the wafer carrier. 

¢ Proximity effects 

In Electronic Engineering, an alternating current flowing through an electric 
conductor induces (via the associated magnetic field) eddy currents within the 
conductor. The electromagnetic proximity effect is the “current crowding” which 
occurs when such currents are flowing through several nearby conductors such as 
within a wire. It increases the alternating current resistance (so, electrical losses) 
and generates undesirable heating. 

In Nanotechnology, the quantum : proximity effect is that the 4 fundamental 
noise in a semiconductor sample is increased by the presence of another similar 
current-carrying sample placed in the close vicinity. 

The superconducting proximity effect is the propagation of superconductivity 
through a NS (normal-superconductor) interface, i.e., a very thin layer of 
“normal” metal behaves like a superconductor (that is, with no resistance) when 
placed between two thicker superconductor slices. 

In Lithography, if a material is exposed to an electronic beam, some molecular 
chains break and many electron scattering events occur. Any pattern written by 
the beam on the material can be distorted by this E-beam proximity effect. 

In LECD (localized electrochemical deposition) technique for fabrication 
of miniature devices, the electrode (anode) is placed close to the tip of a 
fabricated structure (cathode). Voltage is applied and the structure is grown 
by deposition. The LECD proximity effect: at small cathode-anode distances, 
migration overcomes diffusion, the deposition rate increases greatly and the 
products are porous. 

In Atomic Physics, the proximity effect refers to the intramolecular inter- 
action between two (or more) functional groups (in terms of group contributions 
models of a molecule) that affects their properties and those of the groups located 
nearby. 

Cf. also proximity effect (audio) among acoustics distances in Chap. 21. 
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The term proximity effect is also used more abstractly, to describe some 
undesirable proximity phenomena. For example, the proximity effect in the 
production of chromosome aberrations (when ionizing radiation breaks double- 
stranded DNA) is that DNA strands can misrejoin if separated by less than i of 
the diameter of a cell nucleus. The proximity effect in innovation process is the 
tendency to the geographic agglomeration of innovation activity. 

¢ Hopping distance 

Hopping is atomic-scale long range dynamics that controls diffusivity and 
conductivity. For example, oxidation of DNA (loss of an electron) generates a 
radical cation which can migrate a long (more that 20 nm) distance, called the 
hopping distance, from site to site before it is trapped by reaction with water. 

¢ Atomic jump distance 

In the solid state, the atoms are about closely packed on a rigid lattice. The 
atoms of some elements (carbon, hydrogen, nitrogen), being too small to replace 
the atoms of metallic elements on the lattice, are located in the interstices between 
metal atoms and they diffuse by squeezing between the host atoms. 

Interstitial diffusion is the only mechanism by which atoms can be transported 
through a solid substance while, in a gas or liquid, mass transport is possible by 
both diffusion and the flow of fluid (for example, convection currents). 

The jump distance is the distance an atom is moved through the lattice in a 
given direction by one exchange of its position with an adjacent lattice site. 

Some crystals can jump 1000 times their own length under light, since light 
energy rearranges atoms and builds strain, which is then explosively released. 

The mean square diffusion distance d, from the starting point which a 
molecule will have diffused in time ¢, satisfies d? = r°>N = r’?vt = 2nDt, where 
r is the jump distance, N is the number of jumps (equal to vt assuming a fixed 
jump rate v),2 = 1,2,3 for 1,2, 3-dimensional diffusion, and D = ve is the 
diffusivity in cm?/s. 

In diffusion alloy bonding, a characteristic diffusion distance is the distance 
between the joint interface and the site wherein the concentration of the diffusing 
substance (say, aluminum in high carbon-steel) falls to zero up to a given error. 

¢ Diffusion length 

Diffusion is a process of spontaneous spreading of matter, heat, momentum, or 
light: particles move to lower chemical potential implying concentration change. 

In Microfluidics, the diffusion length is the distance from the point of initial 
mixing to the complete mixing point where the equilibrium composition is 
reached. 

In semiconductors, electron-hole pairs are generated and recombine. The 
(minority carrier) diffusion length of a material is the average distance a 
minority carrier can move from the point of generation until it recombines with 
majority carriers. Also, in electron transport by diffusion, the diffusion length 
is the distance over which concentration of free charge carriers injected into 
semiconductor falls to i of its original value. 

Cf. jump distance and, in Chap. 23, capillary diffusion distance. 
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¢ Thermal diffusion length 

The heat propagation into material is represented by the thermal diffusion 
length, i.e., the propagation distance of the thermal wave producing an attenua- 
tion of the peak temperature to about 0.1 of the maximum surface value. 

The propagation of the laser-generated shock wave is approximated as blast 
wave (instantaneous, massless point explosion). The expansion distance is the 
distance between the surface of the target and the position of a blast wave; it 
depends on the energy converted into the plasma state. 

¢ Thermal entrance length 

In heat transfer at a boundary (surface) within a fluid, the thermal entrance 
length is the distance required for the Nusselt number (ratio of convective to 
conductive heat transfer across normal to the boundary) associated with the pipe 
flow to decrease to within 5 % of its value for a fully developed heat flow. 

¢ Distance-to-spot ratio 

The distance-to-spot ratio of an infrared temperature sensing device is the 

ratio of the distance to the object and the diameter of the #° measurement area. 
e Bjerrum length 

The Bjerrum length is the separation at which the electrostatic interaction 
between two elementary charges is comparable in magnitude to the thermal 
energy scale, kg, T, where kg is the Boltzmann constant and T is the temperature 
in kelvin. 

e Lagrangian radius 

The Lagrangian radius of the particle is the distance from the explosion 
center to a particle at the moment the shock front passes through it. 

Cf. unrelated Lagrangian radii among the radii of a star system (Chap. 25). 

¢ Reynolds number 

For an object of a characteristic length (Chap. 29) /, flowing with mean relative 
velocity v in a fluid (liquid or gas) of the density p and dynamic viscosity jz, the 
Reynolds number is the ratio Re = el of inertial forces to viscous forces. The 
flow is smooth (or laminar) if Re is low (viscous forces dominate), rough (or 
turbulent) if Re is high (usually Re > 10°) and transitional in between. In a 
Stokes flow (laminar flow with very low Re), the inertial forces are negligible. 

The law of the wall (von Karman, 1930) states that the average velocity of a 
turbulent flow close to the wall (boundary of the fluid region) is proportional to 
Iny*, where the wall distance yt = wy is the distance y to the wall, made 
dimensionless with the friction velocity wu’ at the wall and fluid’s kinematic 
viscosity v. 

In swimming, Re is 10°, 4x 1073, 107!—10, 5x 104 and 3x 108 for bacterium, 
spermatozoa, small zooplankton, large fish and whale, respectively. In flying, Re 
is 30-4 x 104 for insects, 107-10° for birds, 1.6 x 10° for a glider and 2 x 10° for 
Boeing 747. Blood flow has Re = 1077, 140, 500 and 3.4 x 103 in capillary, vein, 
artery and aorta, respectively. Re is a dimensionless parameter, i.e., the units of 
measurement in it cancel out. Examples of other such flow parameters follow. 

The Mach number Ma is a ratio of the speed of flow to the speed of sound in 
a fluid. Ma is ratio of inertia to compressibility (volume change as a response to 
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a pressure). The flow is subsonic, supersonic, transonic or hypersonic if Ma < 
1,0.8 < Ma < 1.5 or Ma = 5, respectively. Ma governs compressible (i.e., those 
with Ma > 0.3) flows. 

The Froude number Fr = Ta where v, d, g are characteristic flow velocity, 
depth and external field (usually, gravity), is the ratio of the flow inertia to the 
external field; it governs open-channel flows. Alexander, 1984: legged animals 
moving with the same Froude number have similar gait patterns and duty factors 
(percentages of a stride when a foot touch the ground); cf. gait distances in 
Chap. 29. 

The lift L and drag D are perpendicular and, respectively, parallel (to the 
oncoming flow direction) components of the force fluid flowing past the surface 


of a body exerts on it. In a flight without wind, the lift-to-drag ratio £ is 
the horizontal distance traveled divided by the altitude lost. 4 is 4,17, 20,37 


for cruising house sparrow, Boeing 747, albatross, Lockheed U-2, respectively. 
Kiichemann, 1978, found that range-maximizing L for high Ma is ~ 4 + = 
¢ Turbulence length scales 

Turbulence is the time dependent chaotic behavior of fluid flows. The turbu- 
lent field consists of the superposition of interacting eddies (coherent patterns 
of velocity, vorticity and pressure) of different length scales. The kinetic energy 
cascades from the eddies of largest scales down to the smallest ones generated 
from the larger ones through the nonlinear process of vortex stretching. 

The turbulence length scales are measures of the eddy scale sizes in 
turbulent flow. Such standard length scales for largest, smallest and intermediate 
eddy sizes are called integral length scale, Kolmogorov microscale and 
Taylor microscale, respectively. The corresponding ranges are called energy- 
containing, dissipation and inertial range. 

Integral length scale measures the largest separation distance over which 
components of the eddy velocities at two distinct points are correlated; it depends 
usually of the flow geometry. For example, the largest integral scale of pipe flow 
is the pipe diameter. For atmospheric turbulence, this length can reach several 
hundreds km. On intermediate Taylor microscale, turbulence kinetic energy is 
neither generated nor destroyed but is transferred from larger to smaller scales. 

At the smallest scale, the dynamics of the small eddies become independent of 
the large-scale eddies, and the rate at which energy is supplied is equal to the rate 
at which it is dissipated into heat by viscosity. The Kolmogorov length microscale 
is given by t = () 4 , where € is the average rate of energy dissipation per unit 
mass and v is the kinematic viscosity of the fluid. This microscale describe the 
smallest scales of turbulence before viscosity dominates. 

Similarly, the Batchelor scale (usually, smaller) describes the smallest length 
of fluctuations in scalar concentration before molecular diffusion dominates. 

Quantum turbulence is the chaotic motion of quantum fluids (say, superfluids) 
at high flow rates and close to absolute zero. 
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Turbulence is well described by the Navier—Sokes equations. Clay Mathemat- 
ics Institute list the investigation, whether those equations in 3D always have a 
nonsingular solution, among the six US 1,000,000-valued open problems. 

¢ Meter of water equivalent 

The meter of water equivalent (mwe) of a material is the thickness of that 
material that provides the equivalent shielding of 1 m of water. 

Also, the mass balance of a glacier is reported in mwe as the ratio of the 
volume (of water that would be obtained from melting the snow/ice) and area; it 
gives the change of thickness in water depth. 

Unrelated centimeter of water (cmH 20) is the pressure ~ 98.1 Pa (pascals) 
exerted by a column of water of | cm in height at 4° at acceleration g. A similar 
manometric unit of pressure is the millimeter of mercury (mmHg) ~ 1 Torr ~ 
133.3 Pa. 

¢ Hydraulic diameter 

For flow in a (in general, noncircular) pipe or tube, the hydraulic diameter 
is 4 where A is the cross-sectional area and P is the wetted perimeter, i.e., the 
perimeter of all channel walls that are in direct contact with the flow. 

So, in open liquid flow, the length exposed to air is not included in P. The 
hydraulic diameter of a circular tube is equal to its inside diameter. The hydraulic 
radius is (nonstandardly) defined as ‘ of the hydraulic diameter. 

¢ Hydrodynamic radius 

The hydrodynamic radius (or Stokes radius, Stokes—Einstein radius) of a 
molecule, undergoing diffusion in a solution (homogeneous mixture of two or 
more substances), is the hypothetical radius of a hard sphere which diffuses with 
the same rate as the molecule. Cf. the characteristic diameters in Chap. 29. 

¢ Wigner-Seitz radius 

The Wigner-Seitz radius is the radius of a sphere whose volume is equal to 
the mean volume v = 1 per particle in a solid; n is the particle density. 

So, it is (x4)3 an estimation of the mean interparticle distance. 

¢ Chromatographic migration distances 

In thin layer Chromatography, the solvent migration distance is the distance 
ds; traveled by the front line of the liquid or gas entering a chromatographic bed 
for elution (the process of using a solvent to extract an absorbed substance from 
a solid medium). The migration distance of substance is distance d,, traveled 
by the center of a spot. The retardation and retention factors are a and Gu. -—1. 

The retention distance is a measure of equal-spreading of the spots on the 
chromatographic plate, defined via retention factors of sorted compounds. 

¢ Droplet radii 

Let A be a small liquid droplet in equilibrium with a supersaturated vapor, 
i.e., a vapor which will begin to condense in the presence of nucleation centers. 

Let p;, Py be the liquid and vapor density, respectively, and let p;,p, be the 
liquid and vapor pressure. Let y and yo be the actual value at the surface of 
tension and planar limit value of surface tension. The capillarity radius R, of A 

1 


is defined by the Young—Laplace equation a = 5(Pi— Pv). 
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The surface of tension radius (or Kelvin—Laplace radius, equilibrium 
radius of curvature) R, is defined by = = (pI — Py). The reciprocal of R, is the 


mean curvature H = + (ki +k2) (cf. Chap. 8) of the Gibbs surface of tension, for 
which the Young—Laplace equation holds exactly for all droplet radii. 

The equimolar radius (or Gibbs adsorption radius) R, of A is the radius of 
a ball of equimolar (i.e., with the same molar concentration) volume. Roughly, 
this ball has uniform density ; in the cubic cell of density p,. 

The Tolman length and the excess equimolar radius of the droplet A are 
6 = R,—R, andt = R, — R¢, respectively. 

On the other hand, the cloud drop effective radius is a weighted mean of the 
size distribution of cloud droplets. 

¢ Dephasing length 

Intense laser pulses traveling through plasma can generate, for example, a 
wake (the region of turbulence around a solid body moving relative to a liquid, 
caused by its flow around the body) or X-rays. The dephasing length is the 
distance after which the electrons outrun the wake, or (for a given mismatch in 
speed of pulses and X-rays) laser and X-rays slip out of phase. 

¢ Healing length 

A Bose-Einstein condensate (BEC) is a state of dilute gas of weakly inter- 
acting bosons confined in an external potential, and cooled to temperatures near 
absolute zero (0 K, i.e., —273.15 °C), so that a large fraction of them occupy the 
lowest quantum state of the potential, and quantum effects become apparent on a 
macroscopic scale. Examples of BEC are superconductors (materials loosing all 
electrical resistance if cooled below critical temperature), superfluids liquid states 
with no viscosity) and supersolids (spatially ordered materials with superfluid 
properties). 

The healing length of BEC is the width of the bounding region over which 
the probability density of the condensate drops to zero. For a superfluid, say, it is 
a length over which the wave function can vary while still minimizing energy. 

¢ Coupling length 

In optical fiber devices mode coupling occurs during transmission by mul- 
timode fibers (mainly because of random bending of the fiber axis). Between 
two modes, a and b, the coupling length /, is the length for which the complete 
power transfer cycle (from a to b and back) take place, and the beating length 
z is the length along which the modes accumulate a 27 phase difference. The 
resonant coupling effect is adiabatic (no heat is transferred) if and only if /, > z. 
Furuya—Suematsu—Tokiwa, 1978, define the coupling length of modes a and b as 
the length of transmission at which the ratio is of mode intensities reach e”. 

¢ Localization length 

Generally, the localization length is the average distance between two 
obstacles in a given scale. 

The localization scaling theory of metal-insulator transitions predicts that, in 
zero magnetic field, electronic wave functions are always localized in disordered 
2D systems over a length scale called the localization length. 
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¢ Thermodynamic length 

Thermodynamic length (Weinhold, 1975) is a Riemannian metric defined on 
a manifold of equilibrium states of a thermodynamic system. 

It is a path function that measures the distance along a path in the state space. 
Cf. the thermodynamic metrics in Chap. 7. 

¢ Magnetic length 

The magnetic length (or effective magnetic length) is the distance between 
the effective magnetic poles of a magnet. 

The magnetic correlation length is a magnetic-field dependent correlation 
length. 

¢ Correlation length 

The correlation length (or correlation radius) is the distance from a point 
beyond which there is no further correlation of a physical property associated 
with that point. It is used mainly in statistical mechanics as a measure of the 
order in a system for phase transitions (fluid, ferromagnetic, nematic). 

For example, in a spin system at high temperature, the correlation length 
is — nee) where d is the distance between spins and C(d) is the correlation 
function. 

In particular, the percolation correlation length is an average distance between 
two sites belonging to the same cluster, while the thermal correlation length is an 
average diameter of spin clusters in thermal equilibrium at a given temperature. 
In second-order phase transitions, the correlation length diverges at the critical 
point. 

In wireless communication systems with multiple antennas, spatial correla- 
tion is a correlation between a signal’s direction and the average received signal 
gain. 

¢ Long range order 

A physical system has long range order if remote portions of the same 
sample exhibit correlated behavior. For example, in crystals and some liquids, 
the positions of an atom and its neighbors define the positions of all other atoms. 

Examples of long range ordered states are: superfluidity and, in solids, 
magnetism, charge density wave, superconductivity. Most strongly correlated 
systems develop long range order in their ground state. 

Short range refers to the finite correlation length, say, to the first- or second- 
nearest neighbors of an atom. 

The system has long range order, quasi-long range order or is disordered if 
the corresponding correlation function decays at large distances to a constant, to 
0 polynomially, or to 0 exponentially. Cf. long range dependency in Chap. 18. 

¢ Spatial coherence length 

The spatial coherence length is the propagation distance from a coherent 
source to the farthest point where an electromagnetic wave still maintains 
a specific degree of coherence. This notion is used in Telecommunication 
Engineering (usually, for the optical regime) and in synchrotron X-ray Optics 
(the advanced characteristics of synchrotron sources provide highly coherent X- 


rays). 
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The spatial coherence length is about 20 cm, 100 m and 100 km for helium- 
neon, semiconductor and fiber lasers, respectively. Cf. temporal coherence length 
which describes the correlation between signals observed at different moments 
of time. 

For vortex-loop phase transitions (superconductors, superfluid, etc.), coher- 
ence length is the diameter of the largest thermally excited loop. Besides 
coherence length, the second characteristic length (Chap. 29) in a superconduc- 
tor is its penetration depth. If the ratio of these values (the Ginzburg—Landau 
parameter) is < »/2, then the phase transition to superconductivity is of second- 
order. 

¢ Decoherence length 

In disordered media, the decoherence length is the propagation distance of a 
wave from a coherent source to the point beyond which the phase is irreversibly 
destroyed (for example, by a coupling with noisy environment). 

¢ Critical radius 

Critical radius is the minimum size that must be formed by atoms or 
molecules clustering together (in a gas, liquid or solid) before a new-phase 
inclusion (a bubble, a droplet, or a solid particle) is stable and begins to grow. Say, 
when atoms, under changes in temperature, pressure or composition (doping), 
get closer together in a solid, their electronic state levels broaden, overlap and 
hybridize. At a certain critical distance, a Mott insulator-metal transition occurs. 

¢ Binding energy 

The binding energy of a system is the mechanical energy required to separate 
its parts so that their relative distances become infinite. For example, the binding 
energy of an electron or proton is the energy needed to remove it from the atom 
or the nucleus, respectively, to an infinite distance. 

In Astrophysics, gravitational binding energy of a celestial body is the energy 
required to disassemble it into dust and gas, while the lower gravitational 
potential energy is needed to separate two bodies to infinite distance, keeping 
each intact. 

¢ Metric theory of gravity 

A metric theory of gravity assumes the existence of a symmetric metric 
(seen as a property of space-time itself) to which matter and nongravitational 
fields respond. Such theories differ by the types of additional gravitational fields, 
say, by dependency or not on the location and/or velocity of the local systems. 
General Relativity is one such theory; it contains only one gravitational field, 
the space-time metric itself, and it is governed by Einstein’s partial differen- 
tial equations. It has been found empirically that, besides Nordstrém’s 1913 
conformally-flat scalar theory, every other metric theory of gravity introduces 
auxiliary gravitational fields. 

A bimetric theory of gravity is (Rosen, 1973) a metric theory of gravity in 
which two, instead of one, metric tensors are used for, say, effective Riemannian 
and background Minkowski space-times. But usually, rather two frames (not two 
metric tensors) are considered. Cf. multimetric in Chap. 3. 
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The Brans—Dicke theory is a metric theory of gravity, in which é where G is 
the gravitational constant, is replaced by a scalar field. Another direct competitor 
of General Relativity is affine Einstein—Cartan—Sciama—Kibble theory relaxing 
the assumption that the metric be torsion-free and interpreting spin as affine tor- 
sion. It supposes (Sakharov, 1967) Induced Gravity with space-time background 
emerging as a mean field approximation of underlying microscopic degrees of 
freedom. Such quantum gravity is implied by a World Crystal model of quantum 
space-time. 

Ostvang, 2001, proposed a quasi-metric framework for relativistic gravity. 

Classical physics adequately describes gravity only for masses of 10773 — 
10*° kg. 

Schwarzschild radius 

The Schwarzschild radius of a mass m is the radius r,(m) = oon = a Ip of 
a sphere S such that, if m is compressed within S, it will become a Schwarzschild 
(i.e., uncharged and with angular momentum zero) black hole, and so, the escape 
speed from the surface of S would be the speed c of light. 

For such hole, the radii of photon sphere (where photons are forced by gravity 
to travel in circular orbits), of marginally bound orbit (where a test particle starts 
to be gravitationally bound) and of marginally stable orbit (smallest circular orbit 
for material, usually the inner edge of the accretion cloud) are 31g, 2r, and 3rz. 

A typical (stellar) black hole has mass + 6 Mo (where Me & 1.98 x 10°° kg 
denotes the solar mass), diameter ~ 18 km, temperature ~ 10-8 K and lifetime 
~ 2x 10° years. The mass of Sgr A*, the black hole in the center of Milky 
Way is 4 x 10°Mo; its radius is at most 12.5 light-hours (45 AU). The masses of 
known stellar and supermassive black holes are within [3.8—-15.7] and [5 x 10*- 
3 x 10!°] suns, respectively. Most black holes do not exceed 0.1 % of the mass of 
their host galaxies, but the one in NGC 1277 reached 17 x 10°Mo (14 % of this 
galaxy’s mass). 

The Schwarzschild radius of H1821+643 (black hole with largest precisely 
measured mass, 3 x 10!°Mq) is about 575 AU, 28 times the radius of Pluto’s 
orbit. 

The transition point separating neutron stars and black holes is expected 
within 1.7—2.7 Mo. Neutron stars are composed of the densest known form of 
matter. The radius of J0348-0432, the largest known (2.04 Mj) neutron star is 
x 10 km, i.e., only about twice its Schwarzschild radius. 

The “mini” black hole would be a hypothetical Planck particle with mass 
amp, for which r,(m) = Ac(m) (cf. Compton wavelength), and radius 
r,(./mmp) = 2,/zlp. Cf. planckeon in quantum space-time; it should have 
radius lp = Ac(mp) and mass mp, for which Ac(m) = 51s(m). 

A quasar (quasi-stellar radio source) is a compact region in the center of 
a massive galaxy surrounding its central supermassive black hole; its size is 
10—10,000 times the Schwarzschild radius of the black hole. 
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The Schwarzschild radius of observable Universe is ~ 10 Gly. So, Pathria— 
Good, 1972, then Poplawski, from 2010, proposed that the observable Universe 
is the interior of a black hole existing inside a larger universe, or multiverse. 

¢ Jeans length 

The Jeans length (or acoustic instability scale) is (Jeans, 1902) the length 
scale Lj = Ustg = Tee of a cloud (usually, of interstellar dust) where thermal 
energy causing the cloud to expand, is counteracted by self-gravity causing it to 
collapse. Here v;,t,, 9 are the speed of sound, gravitational free fall time and 
enclosed mass density. So, L; is also the distance a sound wave would travel in 
the collapse time. 

The Jeans mass is the mass contained in a sphere of Jeans length diameter. 

¢ Acoustic metric 

In Acoustics and Fluid Dynamics, the acoustic metric (or sonic metric) is a 
characteristic of sound-carrying properties of a given medium: air, water, etc. 

In General Relativity and Quantum Gravity, it is a characteristic of signal- 
carrying in a given analog model (with respect to Condensed Matter Physics) 
where, for example, the propagation of scalar fields in curved space-time is 
modeled (see, for example, [BLVO5]) as the propagation of sound in a moving 
fluid, or slow light in a moving fluid dielectric, or superfluid (quasi-particles in 
quantum fluid). 

The passage of a signal through an acoustic metric modifies the metric; 
for example, the motion of sound in air moves air and modifies the local 
speed of the sound. Such “effective” (i.e., recognized by its “effects”) Lorentz 
metric (Chap. 26) governs, instead of the background metric, the propagation of 
fluctuations: the particles associated to the perturbations follow geodesics of that 
metric. 

In fact, if a fluid is barotropic and inviscid, and the flow is irrotational, then 
the propagation of sound is described by an acoustic metric which depends on 
the density p of flow, velocity v of flow and local speed s of sound in the fluid. It 
can be given by the acoustic tensor 


p =@=77) =" 
ie! ake eee eee ; 


—v 1; 
where 13 is the 3 x 3 identity matrix, and v = ||v||. The acoustic line element is 
ds? = c (—(s? — v)d? — 2vdxdt + (dx)) = c (sd? + (dx — vdt)?). 
The signature of this metric is (3, 1), i.e., it is a Lorentz metric. If the speed of 


the fluid becomes supersonic, then the sound waves will be unable to come back, 
i.e., there exists a mute hole, the acoustic analog of a black hole. 
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The optical metrics are also used in analog gravity and effective metric 
techniques; they correspond to the representation of a gravitational field by an 
equivalent optical medium with magnetic permittivity equal to electric one. 

¢ Aichelburg—Sexl metric 

In Quantum Gravity, the Aichelburg—Sexl metric (Aichelburg and Sexl, 
1971) is a 4D metric created by a relativistic particle (having an energy of the 
order of the Planck mass) of momentum p along the x axis, described by its line 
element 


ds? = dudv — dp? — p°dg? + 8p n 2. 8(u)du2, 
Po 


where u = t—x,v = t+ x are null coordinates, p and ¢ are standard polar 
coordinates, 9 = ./y* + z, and pp is an arbitrary scale constant. 

This metric admits an nD generalization (de Vega and Sanchez, 1989), given 
by 


ds” = dudv — (dX')” + fy(p)6(u)du’, 


8720-52 





where X’ are the traverse coordinates, p = \/ >) <j<n—(X')*, fn(p) = Ce 
k= — T(0.5n—1)GP,n > 4, fy = 8GP In = P is the particle’s momentum. 
¢ Quantum space-time 

Quantum space-time is a generalization of the usual space-time in which 
some variables that ordinarily commute are assumed not to commute, form a 
different Lie algebra, and, as a result, some variables may become discrete. 
For example, noncommutative field theory supposes that, on sufficiently small 
(quantum) distances, the spatial coordinates do not commute, i.e., it is impossible 
to measure exactly the position of a particle with respect to more than one axis. 
Any noncommutative algebra with > 4 generators could be interpreted as a 
quantum space-time. 

At Planck scale Jp = 1.6 x 107% m, “quantum foam” (Wheeler,1950) is 
expected: violent warping and turbulence of space-time, which loses the smooth 
continuous structure (apparent macroscopically) of a Riemannian manifold, to 
become discrete, fractal, nondifferentiable. 

Many models of granular space were proposed. Planckeon is (Markov, 1965) 
a hypothetical “grain of space” of size Jp and Planck rest mass mp. In the World 
Crystal model, quantum space-time is a lattice with spacing of the order Jp, and 
matter creates defects generating curvature and all effects of General Relativity. 

A quantum metric is a general term used for a metric expected to describe the 
space-time at quantum scales. Cf. Rieffel metric space, Fubini-Study distance 
(Chaps. 7, 12), quantum graph (Chap. 15), statistical geometry of fuzzy lumps 
({ReRo01]), quantization of the semimetric cone (Chap. 1) in [IKP90]. 

Loop Quantum Gravity (LQG), String Theory, Causal Sets and Black Hole 
Thermodynamics, predict a quantum space-time at Planck scale. LQG predict, 
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moreover, that its geometry (area, volume) is quantized via spin networks 
(Chap. 15). Analyses of gamma ray bursts rule out quantum graininess at > 
10-*8 m. 

¢ Distances between quantum states 

A distance between quantum states is a metric which is preferably preserved 
by unitary operations, monotone under quantum operations, stable under addition 
of systems and having clear operational interpretation. 

The pure states correspond to the rays in the Hilbert space of wave functions. 
Every mixed state can be purified in a larger Hilbert space. The mixed quantum 
states are represented by density operators (i.e., positive operators of unit trace) 
in the complex projective space over the infinite-dimensional Hilbert space. Let 
X denote the set of all density operators in this Hilbert space. For two given 
quantum states, represented by x, y € X, we mention the following main distances 
on X. 

The trace distance is a metric on density matrices defined by 


1 1 1 =—-. 1 
T(x, 9) = 5lle—yllee = 5 TeV —y)*@—y) = STV? = 5 DA, 


where A; are eigenvalues of the Hermitian matrix x — y. It is the maximum 
probability that a quantum measurement will distinguish x from y. Cf. the trace 
norm metric ||x — y||,- in Chap. 12. When matrices x and y commute, i.e., 
are diagonal in the same basis, T(x, y) coincides with variational distance in 
Chap. 14. 

The quantum fidelity similarity is defined (Jorza, 1994) by 


F(x,y) = (Tr Vayvx))? = (xVM lin)- 





When the states x and y are classical, i.e., they commute, af. F(x, y) is the classical 
fidelity similarity o(P,,P2) = >>. \/pi(z)p2(z) from Chap. 14. 

When x and y are pure states, F(x, y) is called transition probability and 
JV F(x, y) = |(x’,y’)| (where x’, y’ are the unit vectors representing x, y) is called 
overlap. In general, F(x, y) is the maximum overlap between purifications of x 
and y. Useful lower and upper bounds for F(x, y) are 





Tr(xy) + V/2((Tr@y))? — Tr(xyxy)) (subfidelity) and 





Tr(xy) + V (Tr)? — Tr2))((TrQ))? — TrO2)) (super-fidelity). 


The Bures distance is ,/2(1 — ./ F(x, y)). The Bures length (or Bures angle) is 


arccos / F(x, y); it is the minimal such distance between purifications of x and y. 
Cf. the Bures metric and Fubini-Study metric in Chap.7. In general, the 
Riemannian monotone metrics in Chap.7 generalize the Fisher information 
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metric on the class of probability densities (classical or commutative case) to the 
class of density matrices (quantum or noncommutative case). Fujiwara—Nagaoka, 
1995, derived the guantum Fisher metric, coinciding, up to a scalar, on pure states 
with Fubini-Study metric on the associated projective Hilbert space. 

The distances based on the Shannon entropy H(p) = — >~; pi log p; are gen- 
eralized on quantum setting via the von Neumann entropy S(x) = —Tr(xlogx). 
Balian—Alhassid—Reinhardt, 1986 (see [Balil4]) defined a such metric by the 
Hessian of von Neumann entropy; cf. Hessian metric in Sect. 7.3. 

The sine distance (Rastegin, 2006) is a metric defined by 


sin min(arccos(|(x’, y’)|)) = /1—F(x, y), 
x/y’ 


where x’, y’ are purifications of x,y. It holds 1 — V. F(x,y) < T(x,y) < 
V1—F(x,y). 

Examples of other known metrics generalized to the class of density matrices 
are the Hilbert-Schmidt norm metric, Sobolev metric (Chap. 13) and Monge- 
Kantorovich metric (Chap. 21). 

¢ Action at a distance (in Physics) 

An action at a distance is the interaction, without known mediator, of two 
objects separated in space. Einstein used the term spooky action at a distance 
for quantum mechanical interaction (like entanglement and quantum nonlocality) 
which is instantaneous, regardless of distance. His principle of locality is: distant 
objects cannot have direct influence on one another, an object is influenced 
directly only by its immediate surroundings. 

Alice—Bob distance is the distance between two entangled particles, “Alice” 
and “Bob”. Quantum Theory predicts that the correlations based on quantum 
entanglement should be maintained over arbitrary Alice—Bob distances. But a 
strong nonlocality, i.e., a measurable action at a distance (a superluminal prop- 
agation of real, physical information) never was observed and is not expected. 
Salart et al., 2008, estimated that such signal should be 10,000 times faster than 
light. 

At 2012, some quantum information—the polarization property of a photon— 
to its mate in an entangled pair of photons, was teleported over 143 km. But 
such photon systems transport only half of the information. Used with continuous 
variable systems, they are 100 % effective but limited to short distances. 

Two-particle entanglement occurs in any temperature. 

“Mental action at a distance” (say, telepathy, clairvoyance, distant anticipa- 
tion, psychokinesis) is controversial because it challenge classical concepts of 
time/causality as well as space/distance. 

The term short range interaction is used for the transmission of action at 
a distance by a material medium from point to point with a certain velocity 
dependent on properties of this medium. In Information Storage, the term near- 
field interaction is used for very short distance interaction using scanning probe 
techniques. Near-field communication is a set of standards-based technologies 
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enabling short range (< 4 cm) wireless communication between electronic 
devices. 
¢ Macroscale entanglement/superposition 

Quantum superposition is the addition of the amplitudes of wave-functions, 
occurring when an object simultaneously “possesses” two or more values for 
an observable quantity, say, the position or energy of a particle. If the system 
interacts with its environment in a thermodynamically irreversible way (say, the 
quantity is measured), then quantum decoherence occurs: the state randomly 
collapses onto one of those values. But it can happen also without any influence 
from the outside world. 

Superposition and entanglement (nonlocal correlation which cannot be 
described by classical communication or common causes) were observed at 
atomic scale. Entangling in time (a pair of photons that never existed at the same 
time) was observed as well. With increasing duration and size/complexity of 
objects, these quantum effects are lost: decoherence, due to many interactions at 
the molecular level, occurs. To find out this threshold, if any, is a hot research 
topic. Kasevich et al., 2015, got superposition on human scales: 54 cm apart for 
about | sec. Kaiser et al., 2016, got it, for the oscillations of neutrinos, at 735 km. 

Nimmrichter and Hornberger, 2013 assign the macroscopicity jz to a quantum 
state, if the equivalent (in terms of ruling out even a minimal modification of 
Quantum Mechanics, which would predict a failure of the superposition principle 
on the macroscale) superposition state of a single electron last for 10° seconds. 
The record score so far is 4 ~ 12 and 24 looks reachable. But the Schrédinger’s 
cat (seen as a 4-kg sphere of water) in a superposition, where it sits in two 
positions spaced 10 cm apart for 1s, would score unconceivable 57. 

Szarek—Aubrun-Ye, 2013, found a threshold kp ~ x such that two subsystems 
of k particles each of a system of N identical particles in a random pure state, 
typically share entanglement if k > ko, and typically do not share it if k < ko. 

“Warm” quantum coherence was observed in plant photosynthesis, animal 
magnetoreception, our sense of smell and microtubules inside brain neurons. 
Hameroff and Penrose, 2014: EEG rhythms (brain waves) and consciousness 
derive from quantum vibrations in microtubules, i.e., on the quantum-realm scale 
(~ 100 nm) rather than, or in addition to, the larger scale of neurons (4—100 jum). 

Schmied et al., 2016, got a special case of entanglement—Bell correlation 
(correlations between the spins)—of about 480 atoms in a Bose-Einstein con- 
densate. 

¢ Entanglement distance 

The entanglement distance is the maximal distance between two entangled 
electrons in a degenerate electron gas beyond which all entanglement is observed 
to vanish. Degenerate matter (say, a white dwarf star) is matter having so 
high density that the main contribution to its pressure arises from the Pauli 
exclusion principle: no two identical fermions may occupy the same quantum 
state together. 


524 24 Distances in Physics and Chemistry 


¢ Tunneling distance 

Quantum Tunneling is the quantum mechanical phenomenon where a particle 
tunnels through a barrier that it classically could not surmount. 

For example, in STM (Scanning Tunneling Microscope), electron tunneling 
current and a net electric current from a metal tip of STM to a conducting surface 
result from overlap of electron wavefunctions of tip and sample, if they are 
brought close enough together and an electric voltage is applied between them. 

The tip-sample current depends exponentially (about exp(—d°°)) on their 
distance d, called tunneling distance. Formally, d is the sum of the radii of the 
electron delocalization regions in the donor and the acceptor atoms. 

By keeping the current constant while scanning the tip over the surface 
and measuring its height, the contours of the surface can be mapped out. The 
tunneling distance is longer (< 1 nm) in aqueous solution than in vacuum 
(< 0.3 nm). 


24.2 Distances in Chemistry and Crystallography 


Main chemical substances are ionic (held together by ionic bonds), metallic (giant 
close packed structures held together by metallic bonds), giant covalent (as diamond 
and graphite), or molecular (small covalent). Molecules are made of a fixed number 
of atoms joined together by covalent bonds; they range from small (single-atom 
molecules in the noble gases) to very large ones (as in polymers, proteins or DNA). 

The largest known (55 tons and 12, 4 m in diameter) crystal is a selenite found in 
Naica Mine, Mexico. The largest stable synthetic molecule is PG; with a diameter 
of 10 nm and a mass equal to 2 x 10° hydrogen atoms. 

The interatomic distance of two atoms is the distance (in angstroms or 
picometers, where 1A = 107)? m = 10 pm) between their nuclei. The bond 
between helium atoms in molecules He, is the longest (54.6 A) and weakest known; 
it is 0.75A in Hy. The C — C distance (distance between two carbon atoms) in 
graphene is 1.42 A. The C-length (number of carbon atoms) is carbyne (chain of 
carbon atoms) can reach 6400. 


¢ Atomic radius 

Quantum Mechanics implies that an atom is not a ball having an exactly 
defined boundary. Hence, atomic radius is defined as the distance from the 
atomic nucleus to the outermost stable electron orbital in a atom that is at 
equilibrium. Atomic radii represent the sizes of isolated, electrically neutral 
atoms, unaffected by bonding. 

Atomic radii are estimated from bond distances if the atoms of the element 
form bonds; otherwise (like the noble gases), only van der Waals radii are used. 

The atomic radii of elements increase as one moves down the column (or 
to the left) in the Periodic Table of Elements. internuclear distance, Re is the 
equilibrium internuclear distance (bond length) 
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Bond distance 

The bond distance (or bond length) is the equilibrium internuclear distance 
of two bonded atoms. For example, typical bond distances for carbon-carbon 
bonds in an organic molecule are 0.15, 0.13 and 0.12 pm (picometers 10~? m) for 
single, double and triple bonds, respectively. The atomic nuclei repel each other; 
the equilibrium distance between two atoms in a molecule is the internuclear 
distance at the minimum of the electronic (or potential) energy surface. 

Depending on the type of bonding of the element, its atomic radius is called 
covalent or metallic. The metallic radius is one half of the metallic distance, i.c., 
the closest internuclear distance in a metallic crystal (lattice of metallic element). 

Covalent radii of atoms of elements that form covalent bonds are inferred 
from bond distances between pairs of covalently-bonded atoms. If the two atoms 
are of the same kind, then their covalent radius is one half of their bond distance. 
Covalent radii for other elements is inferred by combining the radii of those that 
bond with bond distances between pairs of atoms of different kind. 
van der Waals contact distance 

Intermolecular distance data are interpreted by viewing atoms as hard spheres. 
The spheres of two neighboring nonbonded atoms (in touching molecules or 
atoms) are supposed to just touch. So, their interatomic distance, called the van 
der Waals contact distance, is the sum of radii, called van der Waals radii (of 
effective sizes), of their hard spheres. 

The van der Waals contact distance corresponds to a “weak bond”, when 
repulsion forces of electronic shells exceed London (attractive electrostatic) 
forces. 

Molecular RMS radius 

The molecular RMS radius (cf. radius of gyration in Sect. 24.1) is the 
root-mean-square distance of a molecule’s atoms from their common center of 
gravity: 





Wisin Mi = papa dj 
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where n is the number of atoms in the molecule, do; is the Euclidean distance 
of the i-th atom from the center of gravity of the molecule (in a specified 


conformation), and dj is the Euclidean distance between the i-th and j-th atoms. 
dati 


n 


The mean molecular radius is the number , Where n is the number of 


atoms, and r; is the Euclidean distance of the i-th atom from the centroid ain of 
the molecule (here xj is the i-th Cartesian coordinate of the j-th atom). 
Molecular sizes 

There are various descriptions of the molecular sizes; examples as follows. 

The kinetic diameter of a molecule (most applicable to transport phenomena) 
is its smallest effective dimension. 

The effective diameter of a molecule is the general extent of the electron 
cloud surrounding it as calculated in any of several ways. 
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Sometimes, it is defined as diameter of the sphere containing 98 % of the total 
electron density; then its half is close to the experimental van der Waals radius. 

The effective molecular radius is the size a molecule displays in solution. 
For liquids and solids it is usually defined via packing density. 

For a gas, molecular sizes can be estimated from the intermolecular separa- 
tion, speed, mean free path and collision rate of gas molecules. 

For example, in the model of kinetic theory of gases, assuming that molecules 


interact like hard spheres, the molecular diameter d is m7) , where m is the 
a 2p 





mass of molecule, / is mean free path and p is density. 
¢ Range of molecular forces 

Molecular forces (or interactions) are the following electromagnetic forces: 
ionic bonds (charges), hydrogen bonds (dipolar), dipole-dipole interactions, 
London forces (the attraction part of van der Waals forces) and steric repulsion 
(the repulsion part of van der Waals forces). If the distance (between two 
molecules or atoms) is d, then (experimental observation) the potential energy 
function P relates inversely to d” with n = 1,3, 3,6, 12 for the above five forces, 
respectively. 

The range (or the radius) of an interaction is considered short if P approaches 
0 rapidly as d increases. It is also called short if it is at most 3 A; so, only the 
range of steric repulsion is short (cf. range of fundamental forces). 

An example: for polyelectrolyte solutions, the long range ionic solvent-water 
force competes with the shorter range water-water (hydrogen bonding) force. 

In protein molecule, the range of London van der Waals force is + 5 A, and 
the range of hydrophobic effect is up to 12 A, while the length of hydrogen bond 
is ~ 3A, and the length of peptide bond is = 1.5 A. 

¢ Chemical distance 

Various chemical systems (single molecules, their fragments, crystals, poly- 
mers, clusters) are well represented by graphs where vertices (say, atoms, 
molecules acting as monomers, molecular fragments) are linked by, say, chemical 
bonding, van der Waals interactions, hydrogen bonding, reactions path. 

In Organic Chemistry, a molecular graph G = (V, E) is a graph representing 
a given molecule, so that the vertices v € V are atoms and the edges e € E 
correspond to electron pair bonds. The Wiener number of a molecule is one half 
of the sum of all pairwise distances between vertices of its molecular graph.The 
Wiener polarity index is the number of unordered vertex pairs at distance 3 in this 
graph. Cf. Wiener-like distance indices in Chap. 1. 

The (bonds and electrons) BE-matrix of a molecule is the |V| x |V| matrix 
((e,)), where e, is the number of free unshared valence electrons of the atom A; 
and, fori # j, €j; = ej = 1 if there is a bond between atoms A; and Aj, and = 0, 
otherwise. 

Given two stoichiometric (i.e., with the same number of atoms) molecules x 
and y, their Dugundji—-Ugi chemical distance is the Hamming metric 


> lex) — eg) I. 
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and their Pospichal—Kvasni¢ka chemical distance is 


min Ye lei) — exam O)I. 


1<ij<|V| 


where z is any permutation of the atoms. The above distance is equal to 
|E(x)| + |E(y)| — 2|E(@, y)|, where E(x, y) is the edge-set of the maximum 
common subgraph of the molecular graphs G(x) and G(y). Cf. Zelinka distance 
in Chap. 15. 

The Pospichal—Kvasni¢ka reaction distance, assigned to a molecular trans- 
formation x — y, is the minimum number of elementary transformations needed 
to transform G(x) onto G(y). 

¢ Molecular similarities 

Given two 3D molecules x and y characterized by some structural (shape or 
electronic) property P, their similarities are called molecular similarities. 

The main electronic similarities correspond to some correlation similarities 
from Chap. 17. For example, the Carbé similarity (Carbé6—Leyda—Arnau, 1980) 
is the cosine similarity (Chap. 17) defined by 


(f0).f0)) 
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where the electron density function f(z) of a molecule z is the volumic integral 
A P(z)dv over the whole space. 

The Hodgkin—Richards similarity (1991) is defined (cf. the Morisita-Horn 
similarity in Chap. 17) by 


2(f@).fO)) 
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where f(z) is the electrostatic potential or electrostatic field of a molecule z. 

Petitjean, 1995, proposed to use the distance V(x U y) — V(x y), where the 
volume V(z) of a molecule z is the union of van der Waals spheres of its atoms. 
Cf. van der Waals contact distance and, in Chap. 9, Nikodym metric V(xAy). 

¢ End-to-end distance 

A polymer is a large macromolecule composed of repeating structural units 
connected by covalent chemical bonds. 

For a coiled polymer, the end-to-end distance (or displacement length) is 
the distance between the ends of the polymer chain. The maximal possible such 
distance (i.e., when the polymer is stretched out) is called contour length. 

The root-mean-square end-to-end distance of ideal linear or randomly 
branched polymer scales as n®> or, respectively, n°?° if n is the number of 
monomers. For a polymer chain following a random walk in 3D, it is also 6 
times molecular RMS radius. The strand length in Chap. 23 is the end-to-end 
distance for a special linear polymer, single-stranded RNA or DNA. 
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¢ Persistence length 

The persistence length of a polymer chain is the length over which correla- 
tions in the direction of the tangent are lost. 

The molecule behaves as a flexible elastic rod for shorter segments, while for 
much longer ones it can only be described statistically, like a 3D random walk. 
Cf. correlation length. 

Twice the persistence length is the Kuhn length, i.e., the length of hypothetical 
segments which can be thought of as if they are freely jointed with each other in 
order to form given polymer chain. 

¢ Bend radius 

In Polymer Tubing, the bend radius of a tube is the distance from the center 
of an imaginary circle on which the arc of the bent tube falls to a point on that 
arc. 

¢ Intermicellar distance 

Micelle is an electrically charged particle built up from polymeric molecules 
or ions and occurring in certain colloidal electrolytic solutions like soaps and 
detergents. This term is also used for a submicroscopic aggregation of molecules, 
such as a droplet in a colloidal system, and for a coherent strand or structure in a 
fiber. 

The intermicellar distance is the average distance between micelles. 

¢ Interionic distance 

An ion is an atom that has a positive or negative electrical charge. The 
interionic distance is the distance between the centers of two adjacent (bonded) 
ions. Ionic radii are inferred from ionic bond distances in real molecules and 
crystals. 

The ion radii of cations (positive ions, for example, sodium Na*) are smaller 
than the atomic radii of the atoms they come from, while anions (negative ions, 
for example, chlorine Cl”) are larger than their atoms. 

¢ Repeat distance 

Given a periodic layered structure, its repeat distance is the period, i.e., the 
spacing between layers (say, lattice planes, bilayers in a liquid-crystal system, or 
graphite sheets along the unit cell’s hexagonal axis). 

A crystal lattice, the unit cell in it and cell spacing are called also a repeat 
pattern, basic repeat unit and cell repeat distance (or lattice spacing, interplaner 
distance). 

The repeat distance in a polymer is the ratio of the unit cell length along its 
axis of propagation to the number of monomeric units this length covers. 

¢ Metric symmetry 

The full crystal symmetry is given by its space group. 

The metric symmetry of the crystal lattice is its symmetry without taking 
into account the arrangement of the atoms in the unit cell. 

In between lies the Laue group giving equivalence of different reflections, i.e., 
the symmetry of the crystal diffraction pattern. In other words, it is the symmetry 
in the reciprocal space (taking into account the reflex intensities). 
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The Laue symmetry can be lower than the metric symmetry (for example, an 
orthorhombic unit cell with a = b is metrically tetragonal) but never higher. 

There are seven crystal systems—triclinic, monoclinic, orthorhombic, tetrag- 
onal, trigonal, hexagonal, and cubic (or isometric). Taken together with possible 
lattice centerings, there are 14 Bravais lattices. 

¢ Homometric structures 

Two structures of identical atoms are homometric if they are characterized 
by the same multiset of interatomic distances; cf. distance list in Chap. 1. 

Homometric crystal structures produce identical X-ray diffraction patterns. 

In Music, two rhythms with the same multiset of intervals are called homo- 
metric. 

¢ Dislocation distances 

In Crystallography, a dislocation is a defect extending through a crystal for 
some distance (dislocation path length) along a dislocation line. It either forms 
a complete loop within the crystal or ends at a surface or other dislocation. 

The mean free path of a dislocation is (Gao et al., 2007), in 2D, the average 
distance between its origin and the nearest particle or, in 3D, the maximum radius 
of a dislocation loop before it reaches a particle in the slip plane. 

The pinning distance is the distance between two endpoints of a mobile 
dislocation, where one of the endpoints has to be within the volume. It is a 
characteristic length for the dislocation microstructure. 

The Burgers vector of a dislocation is a crystal vector denoting the direction 
and magnitude of the atomic displacement that occurs within a crystal when 
a dislocation moves through the lattice. A dislocation is called edge, screw or 
mixed if the angle between its line vector and the Burgers vector is 90°, 0° or 
otherwise, respectively. The edge dislocation width is the distance over which 
the magnitude of the displacement of the atoms from their perfect crystal position 

is greater than ‘ of the magnitude of the Burgers vector. 

The dislocation density p is the total length of dislocation lines per unit 
volume; typically, it is 10 km per cm? but can reach 10° km per cm? in a heavily 
deformed metal. The average distance between dislocations depends on their 
arrangement; it is p-2 for a quadratic array of parallel dislocations. If the average 
distance decreases, dislocations start to cancel each other’s motion. 

The spacing dislocation distance is the minimum distance between two 
dislocations which can coexist on separate planes without recombining spon- 
taneously. 

¢« Dynamical diffraction distances 

Diffraction is the apparent bending of propagating waves around obstacles of 
about the wavelength size. Diffraction from a 3D periodic structure such as an 
atomic crystal is called Bragg diffraction. It is a convolution of the simultaneous 
scattering of the probe beam (light as X-rays, or matter waves such as electrons 
or neutrons) by the sample and interference (superposition of reflections from 
crystal planes). Some materials, lacking 3D translational periodicity, still have 
aspects of long range order, that give rise to sharp Bragg reflections in their 
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X-ray diffraction patterns. Such distance doubling between layers of a material 
is called c-axis periodicity. 

The Bragg Law, modeling diffraction as reflection from crystal planes of 
atoms, states that waves (with wavelength 1 scattered under angle 6 from planes 
at spacing d) interfere only if they remain in phase, i.e., 2dsin is an integer. 

The decay of intensity with depth traversed in the crystal occurs by dynamical 
extinction, redistributing energy within the wave field, and by photoelectric 
absorption (a loss of energy from the wave field to the atoms of the crystal). 

The former kinematic theory works for imperfect crystals and estimates 
absorption. The dynamical (multiple diffraction) theory is used to model the 
perfect (no disruptions in the periodicity) crystals. It considers the incident 
and diffracted wave fronts as coupled/interacting parts of a wave field and the 
periodically varying electrical susceptibility of the medium so as to satisfy the 
Maxwell equations. 

Dynamical theory distinguishes two cases: Laue (or transmission) and Bragg 
(or reflection) case, when the reflected wave is directed toward the inside and 
outside of the crystal. The wave field is represented by its dispersion surface. The 
inverse of the diameter of this surface is called (Autier, 2001) the Pendellésung 
distance A, in the Laue case and the extinction distance A, in the Bragg case. 

At the exit face of the crystal, the wave splits into two single waves with 
different directions: incident O0-beam and diffracted H-beam. With increasing 
thickness of the crystal, the wave leaving it will first appear mainly in the 0- 
beam, then entirely in the H-beam at thickness AL, and then it will oscillate 
between these beams with a period Az, called the Pendellésung length; cf. 
similar coupling length. 

The wave amplitude (and the intensity of the diffracted beam) is transferred 
back-and-forth once, i.e., the physical distance acquires a phase change of 27. 
Pendellésung oscillations happen also in Bragg case, but with very rapidly 
decaying amplitudes, and Pendellésung fringes are visible only for 6 close to 
0° or 45°, 

Diffraction that involves multiple scattering events is called extinction since it 
reduces the observed integrated diffracted intensity. Extinction is very significant 
for perfect crystals and is then called primary extinction. In the Bragg case, the 
primary extinction length (James, 1964) is the inverse of the extinction factor 
(maximum extinction coefficient for the middle of the range of total reflection): 


mV cos@ 
Ar|F|C ’ 


where F’, C (valued | or cos 26) are the structure and polarization factors, V is 
the volume of unit cell, r. + 2.81794 x 107!>m is the classical electron radius 
and A is the X-ray beam wavelength. The diffracted intensity with sufficiently 
large thickness no longer increases significantly with increased thickness. 

The extinction length of an electron or neutron diffraction is are Half of 
it gives the number of atom planes needed to reduce the beam to 0 intensity. 
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The X-ray penetration depth (or attenuation length, mean free path, extinc- 
tion distance) is (Wolfstieg, 1976) the depth into the material where the intensity 
of the diffracted beam has decreased e-fold. Cf. penetration depth. 

In Gullity, 1956, X-ray penetration depth is the depth z such that x =1- i 
where Igo, J, are the total diffraction intensities given from the whole specimen 
and, respectively, the range between the surface and the depth, z, from it. 

¢ X-ray absorption length 

The absorption edge is a sharp discontinuity in the absorption spectrum of 
X-rays by an element that occurs when the energy of the photon is just above the 
binding energy of an electron in a specific shell of the atom. 

The X-ray absorption length of a crystal is the thickness s of the sample 
such that the intensity of the X-rays incident upon it at an energy 50 eV above 
the absorption edge is attenuated e-fold. 

For an X-ray laser, the extinction length is the thickness needed to fully reflect 
the beam; usually, it is a few microns while the absorption length is much larger. 

In Segmiiller, 1968, the absorption length is ame , where pw is the linear 
absorption coefficient, and the beam enters the crystal at an angle 0. 

¢« Diamond-cutting distances 

Diamond is the hardest natural gem and the only gemstone composed of a 
single element—carbon. Diamond takes a fine polish, which makes its surfaces 
highly reflective. Color in diamond (the rarest being red) is caused by structural 
irregularities, or trace elements. Diamonds are graded according to carat weight, 
clarity, color and cut. Diamonds are cut to maximize the play of light within the 
stone. Their beauty comes from a combination of fire (rainbow flash from within) 
and brilliance (burst of sparkling light). Both are a direct result of the cut. 

A faceted stone can be divided into an upper (crown) and lower (pavilion) 
section. The perimeter, where both parts meet, is referred to as the girdle. The 
depth of a gemstone is measured from the table (highest crown facet) to the 
culet (tip of the pavilion). On a round brilliant diamond, the depth percentage 
represents the ratio of the table-culet distance to the average girdle diameter. 

Normally, the table is the largest surface on a gemstone. On a round brilliant- 
cut diamond it forms an octagon, but some cutting styles do not have a table. The 
table percentage of a diamond represents the ratio of table width to overall stone 
width. A beautiful, well-cut stone will normally have a table percentage 53 — 
—64 %. A stone’s luster (appearance of the surface dependent upon its reflecting 
qualities) is directly affected by its depth and table percentages. 





Chapter 25 
Distances in Earth Science and Astronomy 


25.1 Distances in Geography 


¢ Spatial scale 

In Geography, spatial scales are shorthand terms for distances, sizes and 
areas. For example, micro, meso, macro, mega may refer to local (0.001-1), 
regional (1-100), continental (100—10,000), global (> 10,000) km, respectively. 

¢ Earth radii 

The Earth’s maximal and minimal radii (the center-surface distances) are 
6384 km (the Chimborazo’s summit) and 6353 km (the Arctic Ocean’s floor). 
An object, moved from the 2-nd spot to the 1-st, will loose ~ 1 % of its weight. 

In the ellipsoidal model, the Earth’s equatorial radius (semimajor axis) a, is 
6378 km and the polar radius (semiminor axis) b, is 6357 km. The equatorial and 
polar radii of curvature are oe and aa The mean radius is 2atb = 6371 km. 

The Earth’s authalic and volumetric radius (the radii of the spheres with the 
same surface area and volume, respectively, as the Earth’s ellipsoid) are 6371 and 
6371 km; cf. the characteristic diameters in Chap. 29. 

In Telecommunications, the effective Earth radius is the radius of a sphere 
for which the distance to the radio horizon, assuming rectilinear propagation, 
is the same as that for the Earth with an assumed uniform vertical gradient of 
atmospheric refractive index. For the standard atmosphere, this radius is : that 
of the Earth. 

¢ Great circle distance 

The great circle distance (or orthodromic distance, air line) is the shortest 
distance between points x and y on the Earth’s surface measured along a path on 
this surface. It is the length of the great circle arc, passing through x and y, in the 
spherical model of the planet. Cf. spherical metric in Chap. 6. 

Let 5;, d; be the latitude and the longitude of x, and 52, d2 be those of y; let r 
be the Earth’s radius. Here 2r* = a? + b*, where a and b are the equatorial and 
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polar radii of the Earth. Then the great circle distance is equal to 
r arccos(sin 6; sin 6 + cos 6; cos 62 cos(¢; — ¢2)). 


In the spherical coordinates (8, #), where ¢ is the azimuthal angle and @ is the 
colatitude, the great circle distance between x = (6), $1) and y = (62, ¢2) is 


rarccos (cos 6; cos 62 + sin 6; sin 62 cos(¢; — ¢2)). 


For ¢; = ¢o, the formula above reduces to r|@; — 03|. 

The tunnel distance between points x and y is the length of the line segment 
through 3D space connecting them. For a spherical Earth, this line is the chord 
of the great circle between the points. 

The Earth resembles a flattened spheroid with extreme values for the radius of 
curvature of 6335.4 km at the equator and 6399.6 km at the poles. The spheroidal 
distance between points x and y is their distance in this spheroidal model. 

The geoid (the shape the Earth would have if it was entirely covered by water 
and influenced by gravity alone) looks like a lumpy potato; cf. potato radius. 

¢ Loxodromic distance 

A loxodrome (or, rhumb line) is a curve on the Earth’s surface that crosses each 
meridian at the same angle. It is the path taken by a ship or plane maintaining a 
constant compass direction; it is a straight line on the Mercator projection. 

The loxodromic distance is a distance between two points on the Earth’s 
surface on the rhumb line joining them. It is never shorter than the great circle 
distance. 

The nautical distance is the length in nautical miles of the rhumb line joining 
any two places on the Earth’s surface. One nautical mile is equal to 1852 m. 

¢ Continental shelf distance 

Article 76 of the United Nations Convention on the Law of the Sea (1999) 
defined the continental shelf of a coastal state (its sovereignty domain) as the 
seabed and subsoil of the submarine areas that extend beyond its territorial sea 
as the natural prolongation of its land territory to the outer edge of the continental 
margin. It postulated that the continental shelf distance, i.c., the range distance 
from the baselines from which the breadth of the territorial sea is measured to 
above the other edge, should be within 200-350 nautical miles (370-648 km), 
and gave rules of its (almost) exact determination. 

Territorial sea is a belt of coastal waters extending at most 22 km. Next 370 
km form the exclusive economic zone; first 22 km of it form the contiguous zone. 

Example of arising problems: Canada, Denmark and Russia, all claim a large 
portion of the Arctic, including North Pole, arguing that underwater Lomonosov 
Ridge belongs to their extended continental shelf. 

Article 47 of the same convention postulated that, for an archipelagic state, 
the ratio of the area of its waters (sovereignty domain) to the area of its land, 
including atolls, should be between 1 to 1 and 9 to 1, and elaborated case-by- 
case rules. 
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There is no defined bottom underground and upper airspace limit for 
sovereignty. The international waters/seabed and celestial bodies are the common 
heritage of mankind for the signatories of the Law of the Sea and Outer Space 
(1967) treaties. 

Among divided islands, the largest one (785,753 km?) is New Guinea and the 
smallest one is Koiluoto (200 m x 110 m), shared by Finland and Russia. 

* Port-to-port distance 

The port-to-port distance is the shortest great circle distance between two 
ports that does not intersect any land contours. 

Officially published distance between ports represent the shortest navigable 
route or longer routes using favorable currents and/or avoiding some dangers to 
navigation. Reciprocal distances between two ports may differ. 

¢ Airway distance 

An airway is a designated route in the air. Low altitude (or victor) airways 
are those below 5500 m AMSL (above mean sea level). High altitudes (or jer) 
airways are those above 5500 m AMSL. Airway distance is the actual (as 
opposed to straight line) distance flown by the aircraft between two points, after 
deviations required by air traffic control and navigation along published routes. 

The stage length is the distance of a nonstop leg of an itinerary. Radar altitude 
is the height with respect to the terrain below. 

¢ Point-to-point transit 

Point-to-point transit is a route structure (common among low-fare airlines) 
where a plane, bus or train travels directly to a destination, rather than going 
through a central hub as in a spoke-hub network. 

A point-to-point telecommunication is a connection restricted to two end- 
points as opposed to a point-to-multipoint link used in hub and switch circuits; 
cf. flower-shop metric in Chap. 19. 

¢ Lighthouse distance 

The lighthouse distance is the distance from which the light from the 
lighthouse is first seen from of a sailboat. This distance (in feet) is ~ 1.17(./he+ 
»/h)), where h; is the lighthouse’s height above tide level and h, is the observer’s 
eye level above sea. For h; = 0, it estimates the distance to horizon. 

¢ Optical horizon 

Optical (or, say, neutrino, gravitational wave) horizon is the farthest distance 
that any photon (respectively, neitrino and gravitational wave) can freely streem. 

¢ Distance to horizon 

The horizon is the locus of points at which line of sight is tangent to the 
surface of the planet. At a height h above the surface of a spherical planet 
of radius R without atmosphere, the line-of-sight distance to the horizon is 
d= /(R+h) — R’, and the arc length distance to it along the curved planet’s 
surface is R cos”! GA : 

Taking the equatorial radius 6378 km of the Earth as a typical value, gives 
d = 357V/hm for small x Allowing for refraction, gives roughly d + 386/hm. 
The middle distance is halfway between the observer and the horizon. 
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Radio distances 

Marconi’s law, 1897, claims that the maximum signalling distance of an 
antenna in meters is cH”, where H is antenna’s height and c is a constant. 

The electrical length is the length of a transmission medium or antenna 
element expressed as the number of wavelengths of the signal propagating in 
the medium. In coaxial cables and optical fibers, it is ~ 1.5 times the physical 
length. 

The electrical distance is the distance between two points, expressed in terms 
of the duration of travel of an electromagnetic wave in free space between the 
two points. The light microsecond, ~ 300 m, is a convenient unit of electrical 
distance. 

The main modes of electromagnetic wave (radio, light, X-rays, etc.) propa- 
gation are direct wave (line-of-sight), surface wave (interacting with the Earth’s 
surface and following its curvature) and skywave (relying on refraction in the 
ionosphere). 

The line-of-sight distance is the distance which radio signals travel, from one 
antenna to another, by a line-of-sight path, where both antennas are visible to one 
another, and there are no metallic obstructions. 

The radio horizon is the locus of points in telecommunications at which direct 
rays from an antenna are tangential to the surface of the Earth. The horizon 
distance is the distance on the Earth’s surface reached by a direct wave; due to 
ionospheric refraction or tropospheric events, it is sometimes greater than the 
distance to the visible horizon. In television, the horizon distance is the distance 
of the farthest point on the Earth’s surface visible from a transmitting antenna. 

The skip distance is the shortest distance that permits a radio signal (of given 
frequency) to travel as a skywave from the transmitter to the receiver by reflection 
(hop) in the ionosphere. 

If two radio frequencies are used (for instance, 12.5 kHz and 25 kHz in 
maritime communication), the interoperability distance and adjacent channel 
separation distance are the range within which all receivers work with all 
transmitters and, respectively, the minimal distance which should separate 
adjacent tunes for narrow-band transmitters and wide-band receivers, in order 
to avoid interference. 

DX is amateur radio slang (and Morse code) for distance; DXing is a 
distant radio exchange (amplifiers required). Specifically, DX can mean distance 
unknown, short for DXing and a far-away station that is hard to hear. 

Radio waves need 138 ms to go round the world and ~ 2.57 s to be reflected 
from the Moon. Long delayed echoes (LDEs) are radio echoes which return 
to the sender later than 2.7 s after transmission; it is a rare and not explained 
phenomenon. 

Ground sample distance 

In Remote Sensing of the surfaces of terrestrial objects of the Solar System, 
including the Earth, the ground sample distance (or GSD, ground sampling 
distance, ground-projected sample interval) is the spacing of areas represented 
by each pixel in a digital photo of the ground from air or space. 
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For example, in an image with GSD 22 m, provided by UK-DMC2 (a British 
Earth imaging satellite), each pixel represents a ground area of 227 m?. 

¢ Map’s distance 

The map’s distance is the distance between two points on the map (not to be 
confused with map distance from Chap. 23). The length of a curved line feature 
on a map is usually measured by an opisometer (or curvimeter). 

The horizontal distance is determined by multiplying the map’s distance by 
the numerical scale of the map. 

Map resolution is the size of the smallest feature that can be represented on a 
surface; more generally, it is the accuracy at which the location and shape of map 
features can be depicted for a given map scale. 

¢ Equidistant map 

An equidistant map is a map projection of Earth having a well-defined 
nontrivial set of standard lines, i.e., lines (straight or not) with constant scale 
and length proportional to corresponding lines on the Earth. Some examples are: 

Sanson—Flamsteed equatorial map: all parallels are straight lines; 

cylindric equidistant map: the vertical lines and equator are straight lines; 

an azimuthal equidistant map preserves distances along any line through the 
central point; a Werner cordiform map preserves, moreover, distances along any 
arc centered at that point. 

Maurer—Close (or doubly equidistant) map preserves distances from two 
central points. If those points are identical, the map is azimuthal equidistant. 

A gnomonic map displays all great circles as straight lines; so, it preserves the 
shortest route between two locations. 

¢ Distance cartogram 

A distance (or linear) cartogram is a diagram or abstract map in which 
distances are distorted proportionally to the value of some thematic variable. 
Typically, it shows the relative travel times and directions from vertices in a 
network. 

¢ Tolerance distance 

In GIS (computer-based Geographic Information System), the tolerance 
distance is the maximal distance between points which must be established so 
that gaps and overshoots can be corrected (lines snapped together) as long as they 
fall within it. 

¢ Space syntax 

Space syntax is a set of theories and techniques (cf. Hiller-Hanson, 1984) for 
the analysis of spatial configurations complementing Transport Engineering and 
geographic accessibility analysis in a GIS (Geographical Information System). 

It breaks down space into components, analyzed as networks of choices, and 
then represents it by maps and graphs describing the relative connectivity and 
integration of parts. The basic notions of space syntax are, for a given space: 

isovist (or visibility polygon), i.e., the field of view from any fixed point; 

axial line, i.e., the longest line of sight and access through open space; 
convex space, 1.e., the maximal inscribed convex polygon (all points within it 
are visible to all other points within it). 
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These components are used to quantify how easily a space is navigable, for 
the design of settings where way-finding is important such as museums, airports, 
hospitals. Space syntax has also been applied to predict the correlation between 
spatial layouts and social effects such as crime, traffic flow, sales per unit area, 
etc. 

¢ Defensible space 

In landscape use, defensible space refers to the 30 m zone surrounding a 
structure that has been maintained/designed to reduce fire danger. The first 9 m 
(~ 30 feet) is where vegetation is kept to a minimum combustible mass. The 
remaining area 9-30 m is the reduced fuel zone, where fuels and vegetation 
should be separated (by thinning, pruning, etc.) vertically and/or horizontally. 

¢ Sanitation distances 

The drinking distance of a dwelling is its distance from the closest source of 
water. 

A latrine is a communal facility containing (usually many) toilets. It should 
be at most 50 m away from dwellings to be served and at least 50 m away 
from communal food-storage and preparation. A latrine should be > 30 m from 
water-storage and treatment facilities, as well as from surface water and shallow 
groundwater sources. A septic tank should be > 15 m from a water supply well. 

The vertical separation distance is the distance between the bottom of 
the drain field of a sewage septic system and the underlying water table. 
This separation distance allows pathogens (disease-causing bacteria, viruses, or 
protozoa) in the effluent to be removed by the soil before it comes in contact with 
the groundwater. 

¢ Setback distance 

In land use, a setback (or buffer) distance is the minimum horizontal distance 
at which a building or other structure must legally be from property lines, or the 
street, or a watercourse, or any other place which needs protection. Setbacks 
may also allow for public utilities to access the buildings, and for access to utility 
meters. Cf. also buffer distance and clearance distance in Chap. 29. 

¢ Shy distance 

Shy distance is the space left between vehicles (or pedestrians and vehicles) 

as they pass each other. 
¢ Distance-based numbering 

The distance-based exit number is a number assigned to a road junction, 
usually an exit from a freeway, expressing in miles (or km) the distance from the 
beginning of the highway to the exit. A milestone (or kilometer sign) is one of a 
series of numbered markers placed along a road at regular intervals. 

The Kilometer Zero (or km 0) is a particular location (usually in the nation’s 
capital city), from which distances are traditionally measured. For France, it is 
on the square facing the entrance of Notre Dame cathedral in Paris. For Russia, 
it is in a short passage connecting Red Square with Manege Square in Moscow. 

Distance-based house addressing is the system when buildings and blocks 
are numbered according to the distance, i.e., the number of increments (feet or 
division of miles), from a given baseline. For example, the number 67W430 
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in Naperville, US, can express that the house is 67 miles west of downtown 
Chicago. One of the GIS-inspired guidelines: to use the address n = 4 + 100, 
where d is the distance in feet of the house from the reference point; roughly, 
d= xp miles. 

Metes and bounds is a traditional system of land description (in Real Estate 
and town boundary determination) by courses and distances. Metes is a boundary 
defined by the measurement of each straight run specified as displacement, i.c., 
by the distance and direction. Bounds refers to a general boundary description in 
terms of local geography (along some watercourse, public road, wall, etc.). The 
boundaries are described in a running prose style, all the way around the parcel 
of land in sequence. 

Surveying is the technique of determining the terrestrial and spatial position 
of points and the distances and angles between them; cf., for example, Surveyor’s 
Chain measures among imperial length measures in Chap. 27. 

¢ Driveway distances 

A driveway is a private road giving access from a public way. The main 
driveway distances follow. 

The throat length is the distance between the street and the end of the driveway 
inside the land development. It should be 200—250 feet (about 61—76 m or 15 car 
lengths) for shopping centers and 25—28, 9-15 m for small developments with or 
without signalized access. 

The optimal one-way driveway width is 4.5-5 m. Driveways entering a 
roadway at traffic signals should have two outbound lanes (for right and left 
turns) at least 7 m and an inbound lane at least 4.5 m wide. The normal width of 
residential driveways is 4.5—7.5 m. 

The turn radius is the extent that the edge of a commercial driveway is 
“rounded” to permit easier entry/exit by turning vehicles. In urban settings, it 
is 8-15 m. 

¢ Road sight distances 

In Transportation Engineering, the normal visual acuity is the ability of a 
person to recognize a letter (or an object) of size 25 mm from a distance of 12 m. 

The visibility distance of a traffic control device is the maximum distance 
at which one can see it, while its legibility distance is the distance from which 
the driver can discern the intended message in order to have time to take the 
necessary action. For a safety sign, the distance factor is the ratio of the 
observation distance to the size of the symbol or text. 

The clear sight distance is the length of highway visible to a driver. The 
safe sight distance is the necessary sight distance needed to a driver in order to 
accomplish a fixed task. The main safe distances, used in Road Design, are: 


— the stopping sight distance—to stop the vehicle before reaching an unex- 
pected obstacle; 

— the maneuver sight distance—to drive around an unexpected small obstacle; 

— the road view sight distance—to anticipate the alignment (eventually curved 
and horizontal/vertical) of the road (for instance, choosing a speed); 
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— the passing sight distance—to overtake safely (the distance the opposing 
vehicle travels during the overtaking maneuver). 


The safe overtaking distance is the sum of four distances: the passing sight 
distance, the perception-reaction distance (between decision and action; cf. 
Chap. 25), the distance physically needed for overtaking and the buffer safety 
distance. 

Also, adequate sight distances are required locally: at intersections and in 
order to process information on traffic signs. A warning “objects in mirror are 
closer than they appear” can be required on vehicle’s passenger side mirrors. 

In a traffic flow, the spacing (or distance headway) is the distance between 
corresponding points (front to front) of consecutive vehicles moving in the same 
lane, while the clearance is the spacing minus the length of the leading vehicle. 
The corresponding time measures are headway and gap. 

* Road travel distance 

The road travel (or road, driving, wheel, actual) distance between two 
locations (say, cities) of a region is the length of the shortest road connecting 
them. 

Some GISs (Geographic Information Systems) approximate road distances as 
the /,-metric with p ~ 1.7 or as a linear function of great circle distances; in 
the US the distance factor (multiplier) is ~ 1.15 in an east—west direction and 
~ 1.21 in the north-south direction. Several relevant notions of distance follow. 

The GPS navigation distance: the distance directed by GPS (Global Position- 
ing System, cf. radio distance measurement in Chap. 29) navigation devices. 
But this shortest route, from the GPS system point of view, is not always the 
best, for instance, when it directs a large truck to drive through a tiny village; cf. 
the Talmudic little boy’s paradox among distance-related quotes in Chap. 28. 

The official distance: the officially recognized (by, say, an employer or an 
insurance company) driving distance between two locations that will be used 
for travel or mileage reimbursement. Distance data (shortest paths between 
locations) are taken from a large web map service (say, MapQuest, Google, 
Yahoo or Bing) which uses a variation of the Dijkstra algorithm; cf. Steiner 
ratio in Chap. 1. 

The distance between zip codes (in general, postal or telephone area codes) 
is the estimated driving distance (or driving time) between two corresponding 
locations. 

Time-distance and cost-distance are time and cost measures of how far apart 
places are. The journey length is a general notion of distance used as a reference 
in transport studies. It can refer to, say, the average distance traveled per person 
by some mode of transport (walk, cycle, car, bus, rail, taxi) or a statutory vehicle 
distance as in the evaluation of aircraft fuel consumption. 

An odometer is an instrument that indicates distance traveled by a vehicle. A 
hubometer is such device mounted on the axle of a vehicle, while a trip meter is 
an electronic device recording such distance in any particular journey. 
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Distance-based (or mileage-based, per-mile) pricing means that vehicle 
charges are based on the amount a vehicle is driven during a time period. 

Dead mileage is when a public transit vehicle operates without carrying or 
accepting passengers, such as when coming from a garage to begin its first trip 
of the day. 

¢ Death/kilometer 

In countries collecting data on distance travelled, the traffic volume is mea- 
sured in vehicle-kilometrs (calculated by odometer readings, traffic counts, driver 
survey or fuel consumption) or in person-kilometers, accounting for vehicle 
occupancy. 

The most objective indicator to describe risk on the road network is fatalities 
per billion vehicle-kilometrs, or fatalities per billion person-kilometrs. 

In the UK, the lifetime risk of dying according to various forms of transport 
is measured as relative traffic and crude death rate per 100 million vehicle- 
kilometrs. 

In French-speaking journalism, loi du mort-kilometre, i.e., the law of death- 
kilometer, is the principle that information (especially on victims) is more or 
less important according to its proximity—geographic, temporal, emotional, or 
social—to the news medium’s user. Cf. distance to death in Chap.23 and 
distant suffering in Chap. 28. 

¢ Horizontal distance 

The horizontal distance (or ground distance) is the distance on a true 
level plane between two points, such as scaled off the map (it does not take 
into account the relief between two points). There are two types of horizontal 
distance: straight line distance (the length of the straight line segment between 
two points as scaled off the map), and distance of travel (the length of the 
shortest path between two points as scaled off the map, in the presence of roads, 
rivers, etc.). 

The thalweg (valley way) of a river or valley is the deepest inline within it. 

The stream gradient is the slope measured (say, in m/km) by the ratio of drop 
in a stream per unit distance; the relief ratio is such average drop. The gradient 
of a road is the ratio of the vertical to the horizontal distance, measured in m/km 
or as slop tangent of the angle of the elevation. The pitch (or slope, incline) of a 
roof is the ratio of the rise to the roof span, expressed in cm/m. 

¢ Slope distance 

The slope distance (or slant distance) is the inclined distance (as opposed to 
the true horizontal or vertical distance) between two points. 

In Engineering, the rollout distance is the distance that a boulder or rock took 
to finally reach its resting point after rolling down a slope. The release height is 
the height at which a boulder or rock was released in relation to a slope. 

Naismith’s rule in mountaineering: eight units of walking flat distance are 
time-equivalent to one unit of climb on a typical decline 12°. 

Craeme et al, 2014, claim that the cost for an organism of mass M kg to walk 
uphill, gaining 100 m in altitude, is 2.94M kilojoules. 
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Walking uphill, humans and animals minimize metabolic energy expenditure; 
so, at critical slopes, they shift to zigzag walking. Langmuir’s hiking handbook 
advises one to do it at 25°. Llobera and Sluckin, 2007, explain switchbacks in 
hill trails by the need to zigzag in order to maintain the critical slope, ~ 16° 
uphill and ~ 12.4° downhill. Skiing and sailing against the wind also require 
zigzagging. 

The west face of Mount Thor, in the Canadian Arctic, is the Earth’s greatest 
vertical drop: a uninterrupted wall 1250 m, with an average angle of 105°. 
The world record for the longest rappel (slope descent using ropes), 33 days, 
was set here in 2006. The world’s highest unclimbed mountain is Gangkhar 
Puensum (7570 m) on the Bhutan-Tibet border. The most dangerous by fatality 
rate mountains are: Annapurna and K2, 10-th and 2-nd highest ones: 8091 and 
8611. 

Vertical distance 

The vertical distance of a location is its height above or depth below a fixed 
vertical datum, i.e., reference surface, say, the Earth’s surface, mean sea level 
(MSL) or its model. On other planets, the elevations of solid surface are measured 
relative to the mean radius. 

The terms elevation (or geometric height), altitude (or geopotential height) 
and depth are used for points/planes on the ground, in the air and below the 
surface, respectively. AMSL, AGL, AAE and (in Broadcasting) HAAT mean height 
above MSL, ground level, nearest aerodrome and average (surrounding) terrain, 
respectively. The height of an aircraft is its AGL, i.e., AMSL plus elevation of 
the ground. 

For measuring the height of land objects, the usual datum used is MSL, 
defined as the mean hourly water elevation taken over a specific 19 years cycle. 
Countries tend to choose MSL at one specific point to be used as the standard 
“zero elevation’. 

Depths and tides on a nautical chart are measured relative to chart datum, 
defined as a level below which tide rarely falls: the lowest tide predictable from 
the effects of gravity, average lowest tide of each day, or (in waters with very low 
tidal ranges) MSL. Bridge clearances are given relative to a datum based on high 
tide. 

The geoid is a surface of a constant potential which is the best approximation, 
in a least-square sense, of the global MSL. The orthometric height of an object 
is its vertical distance above the geoid. Main nontidal datums are gravimetric, 
based on integral-mean gravity M between the geoid and the Earth’s surface 
along some levelling line, and ellipsoidal one, used in satellite techniques. 

A gravimetric height of Earth’s surface is ““—", where W, Wo are the 
potentials of the Earth’s gravity field on Earth’s and geoid’s levels. In particular, 
the rigorous orthometric height is the curved distance between the geoid and the 
Earth’s surface along the plumbline (line orthogonal to the geoid). At present, 
there is no vertical datum, that is based on this height, due to difficulty in 
obtaining such M. 
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The minimal, maximal and average land heights are —418 m at the Dead Sea, 
8848 m at the top of Mount Everest and 840 m, while the average and maximal 
depths of the ocean are 3680 m and 10,911 m (Challenger Deep in Mariana 
Trench). The surface’s points closest (6353 km) and farthest (6384 km) from the 
Earth’s center are the bottom of the Arctic Ocean and the summit of the Andean 
volcano Chimborazo (6268 m). 

¢ Prominence 

In Topography, prominence (or autonomous height, relative height, shoulder 
drop) is a measure of the stature of a summit of a hill or mountain. The 
prominence of a peak is the minimum height of climb to the summit on any 
route from a higher peak (called the parent peak), or from sea level if there is no 
higher peak. The lowest point on that route is the col. So, the prominence of any 
island or continental highpoint is equal to its elevation above sea level. 

The highest mountains of the two largest isolated landmasses, Afro-Eurasia 
(Mount Everest) and the Americas (Aconcagua), have the most prominent peaks, 
8848 m and 6962 m. But from its ocean base, the elevation of the Hawaiian 
volcano Mauna Kea (4205 m) is 10,203 m, and the mountain with the highest 
(5486 m) elevation from its land base is Mount McKinley (6193 m) in Alaska. 

The topographic isolation of a summit is the great circle distance to the nearest 
point of equal elevation; for Everest, it is 40,008 km (Earth’s circumference 
between the poles). Spire measure (or ORS, short for omnidirectional relief 
and steepness) is a rough measure of the visual “impressiveness” of a peak. It 
averages out how high and steep a peak is in all directions above local terrain. 

¢ Special parallels and meridians 

A network of parallels and meridians (lines of latitude and longitude, cf. 
Chap. 25) provides a locational system on Earth, using North Pole, South Pole 
(parallels 90°N and 90°S), rotation axis, and equatorial plane (an imaginary 
plane passing through Earth halfway between the poles and perpendicular to 
rotation axis). 

The equator is the imaginary midline, where the equatorial plane intersects 
Earth’s surface. It is the parallel of 0° latitude separating North and South 
hemispheres. 

The Prime meridian and the Date line are internationally agreed at 0° and 
(with some bends, so as not to cross any land) ~ 180° longitude; they form a 
great circle separating the Eastern and Western hemispheres. The point 0°, 0° is 
located in the Atlantic Ocean ~ 614 km south of Accra, Ghana. 

A degree of latitude varies from 110.567 km apart at the equator to 111.699 
km at the poles; each minute (4-th of a degree) is ~ 1 mile. A degree of 
longitude shrinks from 111.321 km at the equator to 0 at the poles. 

The (solar) terminator (or, circle of illumination, grey line) is the great circle 
that divides Earth between a light half and a dark half. The land hemisphere is 
the hemisphere containing the largest possible area, ~ i, of land. It is centered 
on 47°13’N 1°32’W (in the city of Nantes, France). The other half is the water 
hemisphere. 
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The tropic of Cancer and the tropic of Capricorn are parallels at which 
the Sun is directly overhead at the northern and the southern summer solstice, 
respectively. Their positions depend on the Earth’s axial tilt. The region between 
them, centered on the equator, is the tropics. The regions around 25—30°N and S 
are subtropics, and the regions 30-35°N and S are horse latitudes (or subtropical 
highs). 

Equatorial and polar regions are within a few degrees of the equator or a pole. 
The Arctic circle and the Antarctic circle are parallels at which the Sun does not 
appear above the horizon at the northern and the southern winter solstice. 

The longest land, continuous land, continuous sea latitudes are 48°24’53N 
(10,726 km France—Ukraine—Kazakhstan—China), 78°35’S (7958 km Antarc- 
tica), 55°59’S (22,471 km). The longest land, continuous land, continuous sea 
longitudes are 22°E (13,035 km Russia—China—Thailand), 99° 1’30"E (7590 km), 
34°45’45"W (15,986 km). The longest continuous land and sea distances along 
a great circle are 13,573 km (Liberia—Suez Canal—China) and ~32,000 km. 

Many parallels and meridians, often named and/or approximated, represent 
political boundaries. For example, 49°N latitude is (much of, from British 
Columbia to Manitoba) the border between Canada and US, 38°N is the 
boundary between North and South Korea, and 60°S is the northern boundary of 
Antarctica in the Antarctic Treaty. 2°20’14.025”E longitude is the Paris meridian 
(historic rival of the Prime meridian through Greenwich), 52.5°E is the official 
meridian of Iran, and ~ 70°E was agreed in 1941 by Nazi Germany and the 
Empire of Japan as division of their spheres of interest in Asia. The Brandt Line 
(Brandt, 1980), represents socio-economic and political divide between the “rich 
North” and the “poor South”. It encircles the world at ~ 30°N latitude, passing 
between North and Central America, north of Africa and the Middle East, then 
going north so as to exclude China, Mongolia, Korea and going south so as to 
include Australia. 

Remotest places on Earth 

In medieval geographies, ultima Thule was any distant place located beyond 
the borders of the known world. Eratosthenes (c. 276-195 BC), measuring the 
oikoumene (inhabited world), put its northern limit in a mythical island Thule. 

The remotest island is uninhabited Bouvet island in the South Atlantic Ocean. 
Its nearest (1600 km) land is Antarctica and nearest inhabited land is Tristan da 
Cunha, the remotest inhabited archipelago. 

Among other remotest (i.e., lacking normal transportation links) places on the 
Earth are: Kergelen (France), Pitcairn (UK), Svalbard (Norway) archipelagos, 
Easter (Chili), Foula (UK), Macquarie (Australia) islands, Motuo (China) county, 
McMurdo Station (Antarctica-US), La Rinconada (Peru, at an altitude of 5100 
km) towns, Alert (Canada, 800 km below the North Pole) village. 

The continental pole of inaccessibility (Point Nocean), the point on land 
farthest (2514 km) from any ocean, lies in the Xinjiang, China, around 45°22’N 
88°11’/E. The oceanic pole of inaccessibility (Point Nemo), the point far- 
thest (2690 km) from any land, lies in the South Pacific Ocean at 48°52.6’S 
123°23.6’W. 
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The northern pole of inaccessibility (84°03'N 174°51'W) is the point on the 
Arctic Ocean pack ice, 661 km from the North Pole, farthest (1094 km) from any 
land mass. The southern pole of inaccessibility (82°06'S 54°58’E) is the point on 
the Antarctic, 878 km from the South Pole, farthest (1300 km) from the ocean. 

For a country, accessibility to its coast from its interior is measured by the 
ratio of coastline length in meters to land area in km?. This ratio is the highest 
(10,100) for Tokelau and the lowest nonzero (0.016) for the Democratic Republic 
of the Congo. Canada has the longest (202,080 km) coastline. 

The largest antipodal (diametrically opposite) land masses are the 
Malay Archipelago—Amazon Basin, and east China + Mongolia, antipodal to 
Chile + Argentina. Capitals close to being antipodes are: Buenos Aires—Beijing, 
Madrid—Wellington, Lima—Bangkok, Quito—Singapore, Montevideo-Seoul. 

Politically unaccessed areas include isolated people (as Sentinelese and ~ 
100 tribes in dense forests) and unclaimed areas (antarctic Marie Byrd Land, Bir 
Tawil). 

The geographical centre of Earth is the superficial barycenter produced by 
treating the geoid as a sphere and each continent or island as a region of a thin 
shell of uniform density. It is at 40°52’N 34°34’E (180 km northeast of Ankara). 

Counting as different only population centers at >1000 km, the point of 
minimum aggregate travel (or geometric median, cf. Fréchet mean in Chap. 25) 
of the world’s population lies around Afghanistan-Kashmir. This point is closest, 
5200 km of the mean great circle distance, to all humans, and its antipodal point 
is the farthest from mankind. But the closest, 5600 km, point to the world’s entire 
wealth (measured in GNP) lies in southern Scandinavia. 

In terms of altitude, the number of people decreases faster than exponentially 
with increasing elevation (Cohen—Small, 1998). Within 100 m of sea level, 
lies 15.6 % of all inhabited land but 33.5 % of the world population live there. 
Altitude of residence is, via hypoxia, a risk factor for psychological distress in 
bipolar disorder. 

¢ Latitudinal distance effect 

Diamond, 1997, explained the larger spread of crops and domestic animals 
along an east-west, rather than north-south, axis by the greater longitudinal 
similarity of climates and soil types. 

Ramachandran and Rosenberg, 2006, confirmed that genetic differentiation 
increases (and so, cultural interaction decreases) more with latitudinal distance 
in the Americas than with longitudinal distance in Eurasia. Randler, 2008: within 
the same time zone, people in the east get up and go to bed earlier than people in 
the west. 

Turchin—Adams—Hall, 2006, observed that ~ 80 % of land-based, contiguous 
historical empires are wider in the east-west compared to the north-south 
directions. Three main exceptions—Egypt (New Kingdom), Inca, Khmer—obey 
a more general rule of expansion within an ecological zone. 

Taylor et al., 2014: polyandry in species is more common in northern latitudes. 

The latitudinal biodiversity gradient (LBG) refers to the decrease in in both 
terrestrial and marine biodiversity, that occurs, the past 30 Ma, from the equator 
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to the poles for most fauna and flora. Its causes remain unresolved. Deep-time 
studies indicate that it might characterise cold icehouse climatic regimes, 

Mace and Pagel, 1995 and 2004, found the same gradient for the density 
(number per range) of language groups and cultural variability. Around 60 % 
of the world’s languages are found in the great belts of equatorial forest. Papua 
New Guinea (14 % of languages), sub-Saharan Africa and India have the largest 
linguistic diversity. The number of phonemes in a language decrease, but the 
number of color terms increase, from the equator to the poles. 
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¢ Atmospheric visibility distances 

Atmospheric extinction (or attenuation) is a decrease in the amount of 
light going in the initial direction due to absorption (stopping) and scattering 
(direction change) by particles with diameter 0.002—100|1m or gas molecules. 
The dominant processes responsible for it are Rayleigh scattering (by particles 
smaller than the wavelength of the incident light) and absorption by dust, ozone 
O; and water. For example, mountains in the distance look blue due to the 
Rayleigh scattering effect. 

In extremely clean air in the Arctic or mountainous areas, the visibility can 
reach 70-100 km. But it is often reduced by air pollution and high humidity: 
haze (in dry air) or mist (moist air). Haze is an atmospheric condition where 
dust, smoke and other dry particles (from farming, traffic, industry, fires, etc.) 
obscure the sky. 

The World Meteorological Organization classifies the horizontal obscuration 
into the categories of fog (a cloud in contact with the ground), ice fog, steam fog, 
mist, haze, smoke, volcanic ash, dust, sand and snow. Fog and mist are composed 
mainly of water droplets, haze and smoke can be of smaller particle size. 

Visibility of less than 100 m is usually reported as zero. The international 
definition of fog, mist and haze is a visibility of < 1 km, 1-2 km and 2-5 km. 

In the air pollution literature, visibility is the distance at which the contrast of 
a visual target against the background (usually, the sky) is equal to the threshold 
contrast value for the human eye, necessary for object identification, while visual 
range is the distance at which the target is just visible. Visibility can be smaller 
than the visual range since it requires recognition of the object. 

Visibility is usually characterized by either visual range or by the extinction 
coefficient (attenuation of light per unit distance due to four components: 
scattering and absorption by gases and particles in the atmosphere). It has units 
of inverse length and, under certain conditions, is inversely related to the visual 
range. 

Meteorological range (or standard visibility, standard visual range) is an 
instrumental daytime measurement of the (daytime sensory) visual range of a 
target. It is the furthest distance at which a black object silhouetted against 
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a sky would be visible assuming a 2% threshold value for an object to be 
distinguished from the background. Numerically, it is In50 divided by the 
extinction coefficient. 

In Meteorology, visibility is the distance at which an object or light can be 
clearly discerned with the unaided eye under any particular circumstances. It is 
the same in darkness as in daylight for the same air. Visual range is defined as 
the greatest distance in a given direction at which it is just possible to see and 
identify with the unaided eye in the daytime, a prominent dark object against the 
sky at the horizon, and at night, a known, unfocused, moderately intense light 
source. 

The International Civil Aviation Organization defines the nighttime visual 
range as the greatest distance at which lights of 1000 candelas can be seen and 
identified against an unlit background. Daytime and nighttime ranges measure 
the atmospheric attenuation of contrast and flux density, respectively. 

In Aviation Meteorology, the runway visual range is the maximum distance 
along a runway at which the runway markings are visible to a pilot after 
touchdown. It is measured assuming constant contrast and luminance thresholds. 

Oblique visual range (or slant visibility) is the greatest distance at which 
a target can be perceived when viewed along a line of sight inclined to the 
horizontal. 

e Atmosphere distances 

The atmosphere distances are the altitudes above Earth’s surface (mean 
sea level) which indicate approximately the following specific (in terms of 
temperature, gravity, electromagnetism, etc.) layers of its atmosphere. 

Below 1-2 km: planetary boundary layer, where winds are directly retarded 
by surface friction. The reminder of the atmosphere: the free atmosphere. 

From 8 km: the death zone for human climbers (lack of oxygen). 

From the Armstrong line (18.900-19.350 km) water boils at 37°C (low 
pressure) and a pressure suit is needed. 

Below 7-20 km (over the poles and equator, respectively): unstable tropo- 
sphere in which temperature decreases with height (the weather and clouds occur 
here). 

Above the troposphere to ~ 51 km: stable stratosphere, where the temperature 
increases with height (the ozone layer is at 19-48 km). The tropopause (its 
boundary with the troposphere) occurs at a pressure ~ 0.1 bar. 

Above the stratosphere to 80-85 km: the mesosphere, in which temperature 
again decreases with height. Above the mesosphere to 500-1000 km: the 
thermosphere, where the temperature again increases with height. 

20-100 km: near space (or upper atmosphere), above airliners but below 
satellites. 

100 km: the Karman line prescribed by Fédération Aéronautique International 
as the boundary separating Aeronautics and Astronautics, near and outer space. 

Above the thermosphere to ~190,000 km : the exosphere, where molecules 
are still gravitationally bound but they can escape into space. Below the exo- 
sphere: the homosphere, where atmosphere has relatively uniform composition 
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since turbulence causes a continuous mixing. The reminder of the atmosphere: 
the heterosphere. 

From 50-80 to 2000 km: the ionosphere, an electrically conducting region. 
From ~ 160 km upwards: the anacoustic zone, where distances between air 
particles are so great that sound can no longer propagate; high-frequency sounds 
disappear first. 

Up to 6—10 Earth radii on the sunward side: the magnetosphere, where Earth’s 
magnetic field still dominates that of the solar wind. Geospace is the region from 
the beginning of ionosphere to the end of magnetosphere. 

The altitude of the International Space Station is 278-460 km. 35,786 km: the 
altitude of geostationary (communication and weather) satellites. For observation 
and science satellites, it is 480-770 km and 4800-9700 km, respectively. 
Geocentric orbits with altitudes up to 2000 km, 2000—35,786 km and more than 
35,786 km are called low, medium and high Earth orbits, respectively. 

From 320,000 km: Moon’s (at 356,000—406,700 km) gravity exceeds Earth’s. 

1,496,000 km = 0.011 AU: Earth’s Hill radius, where Sun’s gravity Earth’s. 

¢ Wind distances 

Examples of wind-related distances follow. 

Monin—Obukhov length: a rough measure of the height over the ground, 
where mechanically produced (by vertical wind shear) turbulence becomes 
smaller than the buoyant production of turbulent energy (dissipative effect of 
negative buoyancy). In the daytime over land, it is usually 1-50 m. 

The aerodynamic roughness length (or roughness length) zo is the height at 
which a wind profile assumes zero velocity. 

The wind daily run is the distance that results by integrating the wind speed, 
measured at a point, over 24h. The fastest recorded wind speed near Earth’s 
surface was 318 mph (i.e., 511.76 km/h) in Oklahoma, US, in 1999. 

Rossby radius of deformation is the distance that cold pools of air can spread 
under the influence of the Coriolis force, i.e., the apparent deflection of moving 
objects when they are viewed from a rotating reference frame. It is the length 
scale at which effects, caused by Earth’s rotation and the inertia of the mass 
experiencing the effect, become as important as buoyancy or gravity wave effects 
in the evolution of the flow about some disturbance. 

The aerial plankton carried aloft by winds or convection, consists of bacteria, 
fungi, spores, pollen and small invertebrates. Even in the upper troposphere (8— 
15 km altitude), viable bacteria cells represent ~ 20 % of 0.25 — —1 \um-sized 
particles. 

The jet streams are fast flowing, narrow air currents found in the atmosphere. 
The strongest jet streams are, both west-to-east and in each hemisphere, the Polar 
jet, at 7-12 km above sea level, and the weaker Subtropical jet at 10-16 km. 

The atmospheric rivers are narrow (a few hundred km across but several 
thousand km long) corridors of atmospheric water vapor transport over mid- 
latitude ocean regions. They account for over 90 % of such global meridional 
daily transport. 
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A teleconnection refers to climate anomalies being related to each other at 
large, say, thousands of km distances. For example, teleconnection between sea 
level pressure at Tahiti and Darwin, Australia, defines ENSO (El Nifio Southern 
Oscillation). 

¢ Distances in Oceanography 

Sea-surface height (SSH) is the height of the ocean’s surface. Decay dis- 
tance: the distance through which ocean waves travel after leaving the generating 
area. 

Wavelength is the distance between the troughs at the bottom of consecutive 
waves. A wave’s height and amplitude are its trough-crest and rest-crest dis- 
tances. 

The significant wave height (SWH) is the mean height 1/3 of the highest 
third of waves. More modern and very close value is four times the root-mean- 
square of the surface elevation. Unusual rogue waves are defined as those with 
height > 2H};3; the tallest recorded one (by ship USS Ramapo in 1933) was 34 
m. A wave up to 1141/3 is possible. Large internal waves occur at thermoline and 
saltwater-freshwater interface. A hundred-year wave is a statistically projected 
water wave, the height of which, on average, is met or exceeded once in a 100 
years for a given location. 

The maximum horizontal distance inland and height reached there by tsunami 
waters are called the run-up (or inundation) distance and run-up height. It 
was 1100 and 525 m for the 1958 Lituya Bay, Alaska, megatsunami, the largest 
recorded. 

Deep water (or short, Stokesian) wave: a surface ocean wave that is traveling 
in water depth greater than one-quarter of its wavelength; the velocity of deep 
water waves is independent of the depth. Shallow water (or long, Lagrangian) 
wave: a surface ocean wave of length 25 or more times larger than the water 
depth. 

Littoral (or intertidal): the zone between high and low water marks. Some- 
times, littoral refers to the zone between the shore and water depths of ~ 200 m. 

Oceanographic (or thermal) equator: the zone of maximum sea surface 
temperature located near (generally, north) the geographic equator. Sometimes, it 
is defined more specifically as the zone within which the sea surface temperature 
exceeds 28 °C. Below about 500 m, all of the world’s oceans are at about 1.1 °C. 

Standard depth: a depth below the sea surface at which water proper- 
ties should be measured and reported (in m): 0, 10, 20, 30, 50, 75, 100, 
150, 200, 250, 300, 400, 500, 600, 800, 1000, 1200, 1500, 2000, 2500, 
3000, 4000, . .. , 9000, 10,000. 

Charted depth: the recorded vertical distance from the lowest astronomical 
tide (LAT, the lowest low water that can be expected in normal circumstances) to 
the seabed. Drying height: the vertical distance of the seabed that is exposed by 
the tide, above sea level at LAT. Actual depth of water is height of tide + charted 
depth or height of tide—drying height. Tidal range: the difference between the 
heights of high water and low water at any particular place. The empirical rule 
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of twelfths assigns 6h for it and subdivides the range into 1,2, 3, 3,2, 1 twelfths 
per hour. 

The thermocline, halocline and pycnocline: the layers where the water 
temperature, salinity and density, respectively, change rapidly with depth. 

Depth of no motion: a reference depth in a body of water at which it is 
assumed that the horizontal velocities are practically zero. On a horizontal scale, 
ocean fronts are the boundaries between water masses with different properties. 

Plankton (viruses, bacteria, phytoplankton, zooplankton and small pelagic 
larvae) aggregate at the clines, depth of no motion and persistent ocean fronts. 
x 75% of the water column’s biomass consist of plankton organized in thin 
(<3—4 m) layers 1-12 km in horizontal extent. Standard proxies for phyto- and 
zooplankton abundance are chlorofill-a imagery and sound attenuation. Giant (up 
to 130,000 km?) bacterial mats float in the oxygen minimum zone off Chili and 
Peru. 

Depth of the effective sunlight penetration: the depth at which ~ | % of 
solar energy penetrates; in general, it does not exceed 100 m. The ocean is opaque 
to electromagnetic radiation with a small window in the visible spectrum. But it 
is transparent to acoustic transmission. 

Depth of compensation: the depth at which illuminance has diminished to the 
extent that oxygen production through photosynthesis and oxygen consumption 
through respiration by plants are equal. The maximum depth for photosynthesis 
depends on plants and weather. Within the epipelagic zone there is enough light 
for photosynthesis, and thus plants and animals are largely concentrated here. 

Below the mesopelagic zone lies the aphotic zone which is not exposed to 
sunlight. Organisms there depend on “marine snow” (a continuous shower of 
mostly organic detritus, decaying creatures and feces, falling from above) and 
chemosynthesis. The deep sea is the layer in the ocean below thermocline, at the 
depth 1800 m or more. 

The pelagic zone consists of all the sea other than that near the coast or the 
sea floor, while the benthic zone is the ecological region at the very bottom of the 
sea. 

The ocean is divided into the following horizontal layers from the top down: 


— From the surface down 200 m: epipelagic (sunlit zone); 
— 200-1000 m: mesopelagic (twilight zone); 

— 1000-4000 m: bathypelagic (dark zone); 

— 4000-6000 m: abyssopelagic (abyss); 

— below 6000 m: hadalpelagic (trenches). 


The deep sound (or SOFAR, 1.e., SOund Fixing And Ranging) channel is a 
layer of ocean water where the speed of sound is at a minimum (+1480 m/s), 
because water pressure, temperature and salinity cause a minimum of water 
density. Sound waves of low frequency, caught and bent here, can travel hundreds 
of km. In low and middle latitudes, the SOFAR channel axis lies 600-1200 m 
below the sea surface; it is deepest in the subtropics and comes to the surface in 
high latitudes. 
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The SLD (sonic layer depth) is the depth of maximum sound speed above this 
axis. The best depth for a submarine to avoid detection is SLD plus 100 m. 

Mixing length: the distance at which an eddy (a circular movement of water) 
maintains its identity until it mixes. An eddy can reach 500 km across and persist 
for months. Cf. the mean free path and diffusion length in Chap. 24. 

Mixed layer depth: the depth of the bottom of the mixed layer, i.e., a nearly 
isothermal surface layer of 40-150 m depth where water is mixed through wave 
action or thermohaline convection. 

Depth of exponential mixing or depth of homogeneous mixing refers to a 
surface turbulent mixing layer in which the distribution of a constituent decreases 
exponentially, or is constant, respectively, with height. 

Depth of frictional resistance: the depth at which the wind-induced current 
direction is 180° from that of the true wind. 

The fetch (or fetch length): the horizontal distance along open water over 
which wave-generating wind or waves have traveled uninterrupted. In an 
enclosed body of water, the fetch is the distance between the points of minimum 
and maximum water-surface elevation. In Meteorology, the fetch is the distance 
upstream of a measurement site, receptor site, or region of interest that is 
relatively uniform. 

The total volume of Earth’s water is + 1.39 billion km? (0.2 % Earth’s 
mass) of which ~ 96% is liquid. For each sustained 1 °C increase in global 
temperature, the sea level could rise by 2.3 m. Global sea level will rise by at 
least 1 m by 2100. At 2016, it is higher than anytime during last 115,000 years. 

The ocean on Ganymede (Jupiter’s satellite and the largest Solar System’s 
moon) has total volume 40 billion km? and depth 800 km (30 % of Ganymede’s 
radius). 

¢ River length 

Meaning of river length, i.e., the distance between source and mouth, depend 
on their definitions, anabranches (multiple channels), map scale, etc. 

The maximal river length is the length of the longest continuous river 
channel in a given river system, regardless of name. Here, a river’s “true source” 
is considered to be the source of whichever tributary is farthest from the mouth. 

The world’s longest rivers are Nile-Kagera (+6650-6853 km), Amazon- 
Ucayali-Apurmac (6400-6992 km) and Yangtze (+~6300-6418 km). 

¢ Soil distances 

Soil is composed of particles of broken rock that have been altered by 
chemical and environmental processes that include weathering and erosion. It 
is a mixture of mineral and organic constituents that are in solid, gaseous and 
aqueous states. A soil horizon is a specific layer in the land area that is parallel 
to the soil surface and possesses physical characteristics which differ from the 
layers above and beneath. Each soil type usually has 3-4 horizons. 


— A Horizon (or topsoil): the upper layer (usually 5—20 cm) with most organic 
matter accumulation and soil life. 





552 25 Distances in Earth Science and Astronomy 


— B Horizon (or subsoil): the deeper layer accumulating by illuviation (action of 
rainwater), iron, clay, aluminum and organic compounds. 

— C Horizon: the layer which is little affected by soil forming processes. 

— R Horizon: the layer of partially weathered bedrock at the base of the soil 
profile. 


The current average rate of erosion over the Earth’s land is 30 B, where B is 
the Bubnoff unit of speed (for lowering of earth surfaces due to erosion) equal 
to 1 m in a million year, i.e., removing 1 m? of earth from an area of 1 km? in 
1 year. 

The pedosphere is the outermost layer of the Earth that is composed of soil 
and subject to soil formation processes. It lies below the vegetative cover of the 
biosphere and above the groundwater and lithosphere (outermost shell of the 
Earth). 

Larger Critical Zone includes vegetation, the pedosphere, groundwater aquifer 
systems and ends in the bedrock where the biosphere and hydrosphere (combined 
mass of Earth’s water) cease to make significant changes to the chemistry. 

The water table (or phreatic surface) is the level at which the groundwater 
pressure is equal to atmospheric pressure. 

The cryosphere is the part of the hydrosphere describing the Earth’s ice: 
sea/lake/river ice, snow cover, glaciers, ice caps, ice sheets and frozen ground 
including permafrost. The Bentley Subglacial Trench in Antarctica is the world’s 
deepest, 2555 m, ice. 

The Earth is now in a warm phase of the 5-th (Quaternary) major Ice Age, 
which started 2.58 Ma ago, The last glacial expansion ended 11,700 years ago 
with the start of the Holocene. Next one is expected within coming 1500—10,000 
years unless anthropogenic global warming will delay it. The planet has warmed 
by only 0.74 °C since the early 1900s. 

¢ Frost line (in Earth Science) 

The frost line (or freezing depth) is the depth to which the groundwater in soil 
is expected to freeze. In polar locations with year-round permafrost, the thaw 
depth is the depth to which the permafrost is expected to thaw each summer. 

In tropical regions, frost line may refer to the vertical geographic elevation 
below which frost does not occur. The climatic snow line is the point above which 
snow and ice cover the ground throughout the year; seasonally, snow occurs much 
lower. Cf. frost line (in Astrophysics). 

* Moho distance 

The Earth’s oceanic crust (or sima for Si and Mg in basaltic rocks) is the 
surface, 5-10 km thick, of the ocean basins. The continental crust (or sial for Si 
and Al) is the layer of granitic rocks, 20-90 km thick, forming continents and 
continental shelves. The Moho interface (or Mohorovicié seismic discontinuity) 
is the boundary between the crust and the mantle, where the velocity of seismic 
P-waves increases. The Moho distance is the crustal thickness, i.e., the distance 
from a surface’s point to the Moho interface beneath it. 
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The world’s lowest sea-drilled point was 10,680 m-deep (in the Gulf of 
Mexico) under 1259 m of water. The Japanese research vessel Chikyu, aiming 
to the Moho interface, drilled 7740 m below the sea level and 2466 m below the 
seafloor. Cf. the lowest point on dry land (the shore of Dead Sea: 418 m), deepest 
cave (Krubera, Caucasus: 2191 m and, Chavé Cave, Mexico, possibly, ~ 2500 
m), deepest mine (Mponeng gold mine, South Africa: about 4 km) and deepest 
drill (Kola Superdeep Borehole: 12,262 m). The temperature rises usually by 1° 
every 33 m. 

The Curie depth is the depth (usually 10-50 km) where the temperature 
reaches the Curie point at which rocks lose their ferromagneticic properties. 

The Earth’s mantle extends from the Moho interface to the mantle-core 
boundary at ~ 2890 km. The liquid outer core of radius 3480 km (i.e., Mars- 
sized) contains a solid iron inner core (expanding ~ 0.5 mm per year) of radius 
1220 km. The mantle is divided into the upper and lower one at ~ 660 km. Main 
other seismic boundaries are at about 60-90 km, 50-150 km, 220 km (Hales, 
Gutenberg and Lehmann discontinuities) and 410 km, 520 km, 710 km. 

The lithosphere comprises the crust and the rigid portion of the upper mantle 
that behaves elastically on large time scales. Its thickness is the depth of the 
isotherm ~1000° of the transition between brittle and viscous behavior. The 
lithosphere is broken into tectonic plates which float on the more plastic part 
of the mantle, the asthenosphere, 100-200 km deep. 

The Eurasian and African plates are moving at the rates of 2 and 2.15 cm per 
year. The maximum earthquakes occur on the boundaries of the major moving 
plates. The eastern part of Indo-Australian plate is moving north 5.6 cm per year 
while the western part (India) is moving (north-east) only 3.7 cm per year due to 
impediment by Himalayas. The sequence of earthquakes in 2012 off the coast of 
Sumatra indicates that this plate has broken up into 2 or 3 separate plates. 

¢ Distances in Seismology 

The Earth’s crust is broken into tectonic plates that move around (at some cm 
per year) driven by the thermal convection of the deeper mantle and by gravity. 
At their boundaries, plates stick most of the time and then slip suddenly. 

An earthquake, i.e., a sudden (several seconds) motion or trembling in the 
Earth, caused by the abrupt release of slowly accumulated strain, was, from 1906, 
seen mainly as a rupture (the sudden appearance, nucleation and propagation of 
a new crack or fault) due to elastic rebound. However, from 1966, it is seen 
within the framework of slippage along a pre-existing fault or plate interface, as 
the result of stick-slip frictional instability. One of most important parameters 
controlling fault instability is the slip-weakening distance D, over which a 
fault weakens during its seismogenic motion. The coefficient of friction degrades 
linearly with slip until D, is reached; then it stays constant. 

So, an earthquake happens when dynamic friction becomes less than static 
friction. The advancing boundary of the slip region is called the rupture front. 
The standard approach assumes that the fault is a definite surface of tangential 
displacement discontinuity, embedded in a liner elastic crust. 
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Most earthquakes occur at near-vertical faults but a magnitude 6.0 earthquake 
at Kohat, Pakistan, in 1992, moved a 80 km? swath of land 30 cm horizontally. 
Almost all (81% and 17%) world’s largest earthquakes occur along the Ring 
of Fire (circum-Pacific seismic belt) and the Alpide belt (from Java to Sumatra 
through the Himalayas, the Mediterranean, and out into the Atlantic). 

90 % of earthquakes are of tectonic origin, but they can also be caused by 
volcanic eruption, nuclear explosion and work in a large dam, well or mine. 
Earthquakes can be measured by focal depth, speed of slip, intensity (modified 
Mercali scale of earthquake effects), magnitude, acceleration (main destruction 
factor), etc. 

The Richter scale of magnitude is computed from the amplitude and frequency 
of shock waves received by a seismograph, adjusted to account for the epicentral 
distance. An increase of 1.0 of this magnitude corresponds to an increase of 10 
times in amplitude of the waves and ~ 31 times in energy; the largest recorded 
value is 9.5 (Chile, 1960). Asteroid’s impact in Yucatan 66 Ma ago was 12.55. 

An earthquake first releases energy in the form of shock pressure waves that 
move quickly through the ground with an up-and-down motion. Next come shear 
S-waves which move along the surface, causing much damage: Love waves in a 
side-to-side fashion, followed by Rayleigh waves which have a rolling motion. 
The earthquake extinction length is the distance over which the S-wave energy is 
decreased by 7 

Distance attenuation models (cf. distance decay in Chap. 29), used in 
Earthquake Engineering for buildings and bridges, postulate acceleration decay 
with an increase of some site-source distance, i.c., the distance between 
seismological stations and the crucial (for the given model) “central” point of 
the earthquake. 

The simplest model is the hypocenter (or focus), i.e., the point inside the Earth 
from which an earthquake originates (the waves first emanate, the seismic rupture 
or slip begins). The epicenter is the point of the Earth’s surface directly above 
the hypocenter. This terminology is also used for other catastrophes, such as an 
impact or explosion of a nuclear weapon, meteorite or comet but, for an explosion 
in the air, the term hypocenter refers to the point on the Earth’s surface directly 
below the burst. A list of the main Seismology distances follows. 

The focal depth: the distance between the hypocenter and epicenter. Earth- 
quake is shallow-, mid- or deep-focus if it is < 70 km, 70-300 km or 300-700 
km. 

The hypocentral distance: the distance from the station to the hypocenter. 

The epicentral distance (or earthquake distance): the great circle distance 
from the station to the epicenter. 

The Joyner-Boore distance (1981): the distance from the station to the 
closest point, located over the rupture surface (rupturing portion of the fault 
plane). 

The rupture distance: the distance from the station to the closest point on the 
rupture surface. The seismogenic depth distance: the distance from the station 
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to the closest point of the rupture surface within the seismogenic zone, i.e., the 
depth range where the earthquake may occur; usually at depth 8-12 km. 

The crossover distance: the distance on a seismic refraction survey time- 
distance chart at which the travel times of the direct and refracted waves are the 
same. 

Also used are the distances from the station to: 


— the center of static energy release and the center of static deformation of the 
fault plane; 

— the surface point of maximal macroseismic intensity, i.e., of maximal ground 
acceleration (it can be different from the epicenter); 

— the epicenter such that the reflection of body waves from the Moho interface 
(the crust-mantle boundary) contribute more to ground motion than directly 
arriving shear waves (it is called the critical Moho distance); 

— the line extending the fault trace (top edge of the rupture) in both directions; 

— the sources of noise and disturbances: oceans, lakes, rivers, railroads, build- 
ings. 


The space-time link distance between two earthquakes x and y is defined by 





Je, y)+ C\t we ye 


where d(x, y) is the distance between their epicenters or hypocenters, |t, — f,| is 
the time lag, and C is a scaling constant needed to connect distance and time. 

The earthquake distance effect: at greater distances from its center, the 
perception of an earthquake weaken and lower frequency shaking dominates 
it. Many animals hear infrasound of imminent earthquakes and feel primary 
P-waves. 

Another space-time measure for catastrophic events is distance between 
landfalls for hurricanes hitting a US state. It is (Landreneau, 2003) the length 
of state’s coastline divided by the number of hurricanes which have affected it 
from 1899. 

Also, Shennan et al., 2015, compare archeological cultures by both, great 
circle distance between sites and Euclidean distance between median culture 
dates. 

¢ Plume height 

In a volcanic eruption, plume height refers to the highest point the eruptive 
cloud reaches before it flattens out and begins to drift downwind. 

The Volcanic Explosivity Index (VED) is a scale measuring known eruptions 
by their volume of ejecta and plume height from VEI 0 (1000 m?, < 100 m) to 
mega-colossal (or super-volcano) VEI 8 (1000 km?, > 50 km). 

¢ Weather distance records 

For a tornado, maximum width of damage, highest elevation, longest path: 
4000 m, 3650 m, 472 km. The longest transport of a surviving human and of an 
object: 398 m and 359 km (personal check). 
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Longest path of a tropical cyclone: 13,500 km; highest storm surge: 13 m. 

Largest snowflake and hail diameter: 38 and 20 cm. Longest lighting bolt: 
190 km. 

Greatest minute, hour, day, month, year rainfall: 31.2 mm, 0.3 m, 1.82 m, 
9.3 m, 26.47 m. Lowest and highest mean annual precipitation: 0.762 mm and 
11.872 m. 

Extent of Earth’s biosphere 

Life has adapted to every (except, perhaps, ocean vent locales > 130°C) 
ecological niche possessing liquid water and a source of free energy (say, 
sunlight, plate tectonics, water-rock chemistry). The main physical factors are 
temperature and pressure; their range for known active life as [—20°, 122°]C and 
[5 x 10~?, 1.3 x 10°] bar. But the range, say, [-30°, 135°]C looks possible. The 
acidity/alkalinity range of known life is [0, 11] on the pH scale, from acidic hot 
springs to soda lakes. 

In Jones—Lineweaver, 2010, the depth 5—10 km of the 122 °C isotherm and the 
altitude 10—15 km (a tropopause boundary of the vertical movement of particles) 
are the boundaries of active life. In Nussinov—Lysenko, 1991, the boundaries of 
biosphere are Moho interface (say, —30 km) and Karman line (100 km). 

For humans, the typical bounds for main physiologic factors are: core tem- 
perature 35-38 °C, serum pH 7.35-7.45, plasma osmolality 270-290 mOsm/kg, 
fasting plasma glucose 3.3—5.6 mmol/l and serum calcium 2.2—2.6mmol/l. But 
there are permanent human habitations at mean annual temperatures of 34.4 °C, 
—19.7°C and at an altitude of 5.1 km. Birds usually fly at altitudes 0.65-1.8 km 
but a vulture collided, at 11.3 km, with an aircraft. 

A fish has been spotted at 8372 m down in the Puerto Rico Trench. Deepest 
multicellular life are worms found at depths up to 3.6 km in gold mines and up 
to 10.8 km in the Challenger Deep. Stoddard, 2015, expects microbial life up to 
19 km deep since high pressure can offset the heat’s destructive effects. 

Microbes, supported by chemosynthesis, have been found in cores drilled 5.3 
km, in hydrothermal vents at 11 km depth and 2.5 km beneath ocean’s floor. 
Such deep biosphere (1-10 % of the world’s biomass and the Earth vastest) is 
expected below the surface of continents and bottom of the ocean up to isotherm 
122°C. Some of such microbes have doubling times in millennia, while Vibrio 
natriegens divide in 9.8 min. The same 19 deep-rock bacteria found to be similar 
worldwide. 

The ranges for latent life (cryptobiosis: reversible state of low or undetectable 
metabolism) are much larger. Fungi and bacterial spores were found at an altitude 
18-41 km. Examples of survival limits follow. 

Some frogs, turtles and snakes survive the winter by freezing solid. A brine 
shrimp Artemia tolerates salt amounts of 25 %. Tardigrades, in cryptobiosis, 
survive —272 °C, 151°C (a few minutes), —20 °C (30 years), pressure 6000 bar, 
radiation 6200 gray of gamma rays and 120 years without water. Fly’s larva 
Polypedilium vanderplanki dehydrates, in dry period, to 3 % water content, and 
it can survive —270 °C, 102°C, radiation 7000 g and 18 months in outer space 
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vacuum. Some Antarctic fungi and Alpine lichens survive 18 months in Mars- 
like conditions or space travel. 

A parasitic leach Ozobranchus jantseanus survives —196°C (24h) and 
—90 °C during 32 months. Archea Thermococcus gammatolerans survive 30,000 
gray. Bacteria growing under hypergravity 403,627 g were cultivated. A bac- 
terium survived 2.5 years on the Moon. Deinococcus radiodurans, listed as 
the world’s toughest bacterium, survive extreme cold, dehydration, vacuum, 
radiation and acid. A bacteria Tersicoccus phoenicis has only been found in two 
spacecraft assembly clean rooms and is resistant to the methods used to clean 
such facilities. 

Millions of years old (nondormant, just slow metabolizing) microbs, repro- 
ducing only every 10,000 years, were found in ocean floor. Bacterial spores were 
revived after 34,000 years of stasis; it was claimed also for 40 Ma old spores. A 
1300 years old lotus seed and 2000 year old seed from extinct Judean date palm 
were germinated. Silene stenophylla was grown from 31,800 years old fruit. 

Among the proponents of panspermia (the hypothesis that life, via 
extremophile bacteria and crystallized viruses surviving in space, propagates 
throughout the Universe), Yang et al., 2009, expect microbe density to be 
10-3 — 10~ cells/m? at altitude 100 km and 10~* — 1074 at 500 km. A 
large amount is expected at the altitude of the ISS (278-460 km). Napier- 
Wickramasinghe, 2010, claim that 10'* — 10!° microorganisms (~ 10 tonnes) 
per year are ejected from Earth at survivable temperatures. Organics preserved 
in cometary amorphous ice and meteorite-formed glass can be transported from 
one planet to another. Also, microbes, if somehow protected from UV, survive in 
meteorites with transit time of a few years. 

A total of 7.5 x 10! terrestrial microbes could reach the Moon per year, and 
the Solar System could be surrounded by an expanding biosphere of radius > 
5 parsecs containing 10!? — 107! microbes. No ubiquitous ultrasmall bacteria 
were found but large Bacillus and eukaryotes (5—100 jt fungal spores) have been 
isolated from the stratosphere 27 km up, too high to have been lifted from Earth’s 
surface. So, some viable but nonculturable microbes could be incoming from 
space. Hoover, 2011, found microfossils similar to filamentous prokaryotes in 
CH (Alais, Ivuna and Orgueil) and CM2 (Murchison and Murray) meteorites. 

Life on Mars, if any, is expected to be of the same origin (and, perhaps, 
earlier) as that on Earth, but it would have to be under at least 1 m of soil/rock 
to survive. Impact of icy comets crashing into Earth billions of years ago could 
have produced a variety of prebiotic or life-building compounds, including amino 
acids. 

Interstellar panspermia, when the Sun passes a star-forming cloud, and even 
intergalactic panspermia, when galaxies collide, are debated. But on a cosmic 
scale, even enthusiasts of panspermia see it as a local, “a few megaparsecs”, 
phenomenon. 
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A celestial object (or celestial body) is a term describing astronomical objects such 
as stars and planets. The celestial sphere is the projection of celestial objects into 
their apparent positions in the sky as viewed from the Earth. The celestial equator 
is the projection of the Earth’s equator onto the celestial sphere. The celestial poles 
are the projections of Earth’s North and South Poles onto the celestial sphere. The 
hour circle of a celestial object is the great circle of the celestial sphere, passing 
through the object and the celestial poles. 

The ecliptic is the intersection of the plane, containing the Earth’s orbit, with 
the celestial sphere: seen from the Earth, it is the path that the Sun appears to follow 
over the course of a year. The vernal equinox point (or the First point in Aries) is one 
of the two points on the celestial sphere, where the equator intersects the ecliptic: it 
is the position of the Sun at the time of the vernal equinox. 

In Astronomy, the horizon is the horizontal plane through the eyes of the 
observer. The horizontal coordinate system is a celestial coordinate system using 
the observer’s local horizon as the fundamental plane, the locus of points having an 
altitude of 0°. The horizon is the line separating Earth from sky; it divides the sky 
into the upper hemisphere that the observer can see, and the lower hemisphere that 
he cannot. The pole of the upper hemisphere (the point of the sky directly overhead) 
is called the zenith; the pole of the lower hemisphere is called the nadir. 

Positions and distances are calculated with respect to the center of mass of a body, 
not with respect to the geometric center, or surface. In general, an astronomical 
distance is a distance from one celestial body to another measured in astronomical 
units or gygameters for planets, light-years (ly) or parsecs for stars, kiloparsecs at 
the galactic scale, in megaparsecs (Mpc) for nearby galaxies and in terms of redshift 
for distant galaxies. 

The average distance between stars (in a galaxy) is several ly; it is about 4 ly in 
Milky Way and 6.57 ly in the solar neighborhood. The average distance between 
galaxies (in a cluster) is several Mpc, while between clusters of galaxies (in a 
supercluster) it is of order 10 Mpc. The large structures are groups of galaxies, 
clusters, galaxy clouds (or groups of clusters), superclusters, and supercluster 
complexes (or galaxy filaments, great walls). A range of structures: galaxies (~ 10 
kpc), groups (0.3—1 Mpc), clusters (few Mpc), superclusters (10-100 Mpc). 

The Universe appears as a collection of giant bubble-like voids separated by 
great walls, with the superclusters appearing as relatively dense nodes. The average 
density of stars is about 1.4 per 100 billion cubic light-years, i.e., the average 
distance between them is about 4150 light-years. The mean density of visible matter 
(i.e., galaxies) in the Universe is ~ 10-3! g/cm?, while 1 g/cm? is the mass density 
of water. 

ESA’s Herschel space observatory found that our galaxy is threaded with 
filamentary structures on every length scale, from a few to a hundreds light-years, 
revealing the “skeleton” of Milky Way. These filaments appear to have a universal 
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width of about one third of a light-year, and they seem to be the preferred sites for 
stellar birth. 


¢ Latitude 

In spherical coordinates (r,6,@), the latitude is the angular distance 5 
from the xy plane (fundamental plane) to a point, measured from the origin; 
5 = 90° — 0, where 0 is the colatitude. 

In a geographic coordinate system (or earth-mapping coordinate system), the 
latitude is the angular distance from the Earth’s equator to an object, measured 
from the center of the Earth. Latitude is measured in degrees, from —90° (South 
Pole) to +90° (North Pole). Parallels are the lines of constant latitude. The 
colatitude is the angular distance from the Earth’s North Pole to an object. 

The celestial latitude is an object’s latitude (measured in degrees) on the 
celestial sphere from the intersection of the fundamental plane with the celestial 
sphere in a given celestial coordinate system. In the equatorial coordinate 
system the fundamental plane is the plane of the Earth’s equator; in the ecliptic 
coordinate system the fundamental plane is the plane of the ecliptic; in the 
galactic coordinate system the fundamental plane is the plane of the Milky 
Way; in the horizontal coordinate system the fundamental plane is the observer’s 
horizon. 

Geomagnetic latitude is a parameter analogous to geographic latitude, except 
that bearing is with respect to the magnetic poles. The intersection between the 
magnetic and rotation axes of the Earth is located ~ 500 km North from its 
centre. 

¢ Longitude 

In spherical coordinates (r, 0,@), the longitude is the angular distance ¢ 
in the xy plane from the x axis to the intersection of a great circle, that passes 
through the point, with the xy plane. 

In a geographic coordinate system (or Earth-mapping coordinate system), the 
longitude is the angular distance measured eastward along the Earth’s equator 
from the Greenwich meridian (or Prime meridian) to the intersection of the 
meridian that passes through the object. Longitude is measured in degrees, from 
0° to 360°. A meridian is a great circle, passing through Earth’s North and South 
Poles; the meridians are the lines of constant longitude. 

The apparent longitude shift, 102 m east, at Greenwich is a local effect due to 
the direction of gravity there, and not a global shift in the longitude system. 

The celestial longitude is the longitude of a celestial object (measured in units 
of time) on the celestial sphere measured eastward, along the intersection of the 
fundamental plane with the celestial sphere in a given celestial coordinate system, 
from the chosen point. In the equatorial coordinate system the fundamental plane 
is the plane of the Earth’s equator; in the ecliptic coordinate system it is the plane 
of the ecliptic; in the galactic coordinate system it is the plane of the Milky Way; 
and in the horizontal coordinate system it is the observer’s horizon. 
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¢ Declination 

In the equatorial (or geocentric) coordinate system, the declination 6 is the 
celestial latitude of a celestial object on the celestial sphere, measured from the 
celestial equator. Declination is measured in degrees, from —90° to +90°. 

¢ Right ascension 

In the equatorial (or geocentric) coordinate system, fixed to the stars, the 
right ascension RA is the celestial longitude of a celestial object on the celestial 
sphere, measured eastward along the celestial equator from the First point in 
Aries to the intersection of the hour circle of the celestial object. RA is measured 
in units of time with 1 h approximately equal to 15°. 

The time needed for one complete cycle of the precession of the equinoxes is 
called a Platonic (or Great) year); it is 257-258 centuries and slightly decreases. 
This cycle is important in Astrology. Also, it is close to the Maya calendar’s 
longest cycle—5 Great Periods of 5125 years; cf. distance numbers in Chap. 29. 

The time (225-250 million Earth years) it takes the Solar System to revolve 
once around the center of the Milky Way (Solar circle) is called the Galactic year. 

¢ Hour angle 

In the equatorial (or geocentric) coordinate system, fixed to the Earth, the 
hour angle HA is the celestial longitude of a celestial object on the celestial 
sphere, measured along the celestial equator from the observer’s meridian to the 
intersection of the hour circle of the celestial object. 

HA gives the time elapsed since the celestial object’s last transit at the 
observer’s meridian (for HA > 0), or the time until the next transit (for HA < 0). 

¢ Polar distance (in Geography) 

In the equatorial (or geocentric) coordinate system, the polar distance (or 
codeclination) PD is the colatitude of a celestial object, i.e., the angular 
distance from the celestial pole to a celestial object on the celestial sphere. 
Similarly as the declination 6, it is measured from the celestial equator: PD = 
90° + 6. An object on the celestial equator has PD = 90°. 

¢ Kcliptic latitude 

In the ecliptic coordinate system, the ecliptic latitude is the celestial latitude 
(in degrees) of a celestial object on the celestial sphere from the ecliptic. 

The object’s ecliptic longitude is its celestial longitude on the celestial 
sphere measured eastward along the ecliptic from the First point in Aries. 

¢ Zenith distance 

In the horizontal (or Alt/Az) coordinate system, the zenith distance (or North 
polar distance, zenith angle) ZA is the object’s colatitude, measured from the 
zenith. 

¢ Altitude 

In the horizontal (or Alt/Az) coordinate system, the altitude ALT is the 
celestial latitude of an object from the horizon. It is the complement of the 
zenith distance ZA: ALT = 90° — ZA. Altitude is measured in degrees. 
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Azimuth 

In the horizontal (or Alt/Az) coordinate system, the azimuth is the celestial 
longitude of an object, measured eastward along the horizon from the North 
point. Azimuth is measured in degrees, from 0° to 360°. 
Morning width 

Morning (or rise) width is the horizontal angular distance between the rise 
azimuth of a celestial body and the easterly direction. 
Elliptic orbit distance 

The elliptic orbit distance is the distance from a body in an elliptical orbit 
around a central body at a focus to that body. This distance is given by 


a(1 — e?) 


6) = ———_— 
ne) 1+ ecosé 


= a(1 —ecosB), 


where a, b are the semimajor and semiminor axes (halves of the major and minor 


diameters), e is the eccentricity ,/1— (2)2, and 0, EF are the true anomaly (angle 


between the direction of periapsis and the current position of the body, as seen 
from the central body) and the eccentric anomaly E = arccos (test . The mean 
anomaly is F = 1 — esin E. The orbital distance is mean r(@) over E. 

The periapsis distance and apoapsis distance are the closest and farthest 
distances rin = 7(0) = a(1 — e) and rpg, = r(7) = a(1 +). 

For Earth’s orbit, e = 0.01671; it wire the points at periapsis and apoapsis 
distances of an elliptical orbit around the Earth, while the perihelion and aphelion 
are such points around the Sun. The periastron and apastron of a double star 
are the closest and farthest points of the smaller star to its primary. Il reach a 
minimum, 0.00236, in 0.027 Ma. 

The near-Earth objects are asteroids, comets, spacecraft, and large meteoroids 
whose perigee is closer than 1.3 AU; the largest such asteroids are 1036 
Ganymede and 433 Eros, about 34 km across. The perigee and apogee are the 
points at periapsis and apoapsis distances of an elliptical orbit around the Earth, 
while the perihelion and aphelion are such points around the Sun. The periastron 
and apastron of a double star are the closest and farthest points of the smaller star 
to its primary. 

In addition to a, e and F, the other three main parameters required to uniquely 
identify a Kepler orbit (ellipse, parabola, hyperbola, or straight line) are the 
orbital inclination (angle between reference and orbital planes), the longitude 
of the ascending node (angle Q from a reference direction to the direction 
of the ascending node, measured in a reference plane), and the argument of 
periapsis (angle w from the body’s ascending node to its periapsis, measured 
in the direction of motion). 

Sedna, 2012VP113, and other distant detached Kuiper Belt objects exhibit 
unusual alignment in orbital planes and clustering around m = 0 if a > 150 
AU and Q = 113° + 13° if a > 250 AU. Batygin—Brown, 2016, explain it by 
resonant coupling with a hypothetical super-Earth, whose orbit lies in about the 








562 25 Distances in Earth Science and Astronomy 


same plane, but perihelion is 180° away from the perihelia of the minor bodies. 
This Planet Nine should have perihelion 200 AU and aphelion 1200 AU; so, 
a = 700 AU. 

¢ Minimum orbit intersection distance 

The minimum orbit intersection distance (MOID) between two bodies is 
the distance between the closest points of their gravitational Kepler orbits. 

An asteroid or comet is a potentially hazardous object (PHO) if its Earth 
MOID is less than 0.05 AU and its diameter is at least 150 m. Impact with a 
PHO occurs on average around once per 10,000 years. The only known asteroid 
whose hazard could be above the background is 1950 DA (of mean diameter 1.2 
km) which can, with probability = hit Earth on March 16, 2880. Object up to 
about 25 m in size burn up in the atmosphere, and even the 50 to 80 m objects 
disintegrate before reaching Earth, although they can create a damaging airburst. 
The closest known geocentric distance for a comet was 0.0151 AU (Lexell’s 
comet on July 1, 1770). 

¢ Impact distances 

After an impact event, the falling debris forms an ejecta blanket, i.e., a 
generally symmetrical apron of ejecta that surrounds crater. About half the 
volume of ejecta falls within 2 radii from the center of the crater, and over 90 % 
falls within ~ 5 radii. Beyond it, the debris are discontinuous and are called 
distal ejecta. 

Main parameter of an impact crater is the ratio of rim-to-floor depth d to the 


rim-to-rim diameter D. The simple craters are small with , < us < i and a 


smooth bowl shape. If D > Do, where the transitional diameter Dr scales as 
the inverse power of the planet’s surface gravity, the initially steep crater walls 
collapse gravitationally downward and inward, forming a complex structure. On 
Earth, 2 < Do < 4 km depending on target rock properties; on the Moon, 15 < 
Do < 20 km. 

The largest known (diameter of 300 km) and old (2023 Ma ago) astrobleme 
(meteorite impact crater) is Vredefort Dome, 120 km south-west of Johannes- 
burg. It was the world’s greatest known single energy release event and largest 
asteroid known to have impacted the Earth (~ 10 km). The diameter of MAPCIS 
crater in Australia is 600 km, but it is not confirmed impact crater. 

Sometimes, the term impact distance is used more generally as a setback 
distance from some possible hazard (say, explosion, toxic chemical release, odor 
from swine facilities) or from the action of some equipment (say, laser, homoge- 
nizer); Cf. standoff distance and protective action distance in Chap. 29. 

¢ Elongation 

Elongation (or digression) is the angular distance in longitude of a celestial 
body from another around which it revolves (usually a planet from the Sun). 

¢ Lunar distance 

The lunar distance is the angular distance between the Moon and another 
celestial object. 

In Astronomy, new moon (or dark moon) is a lunar phase that occurs at the 
moment of conjunction in ecliptic longitude with the Sun. If, moreover, the Sun, 
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Moon, and Earth are aligned exactly, a solar eclipse occurs. Full moon occurs 
when the Moon is on the opposite side of the Earth from the Sun. If, moreover, 
the Sun, Earth, and Moon are aligned exactly, a lunar eclipse occurs. 

A supermoon (or perigee-syzygy of the Earth-Moon-Sun system) is the near- 
coincidence of a full moon or a new moon with the closest approach the Moon 
makes to the Earth on its orbit, resulting in its largest apparent size. 

¢ Sun-Earth-Moon distances 

The Sun, Earth and Moon have masses 1.99 x 1079, 5.97 x 104, 7.36 x 1072 
kg and equatorial radii 695,500, 6378, 1738 km, respectively. 

Earth’s axial tilt varies 22.1-24.5° about every 41,000 years, its rotation 
occurs about every 19,000 years and eccentricity cycles 0.003—0.058 about every 
0.1 Ma. 

The Earth and the Moon are at a mean distance of 1 AU ~ 1.496 x 108 km 
from the Sun. This distance increases at the present rate ~ 15 cm per year. 

The Moon, at distance 0.0026 AU (~ 60 Earth radii Re), is within the Hill 
radius (1,496,000 km) of the Earth, but well outside of the Roche radius (9496 
km). 

Asimov argued that the Earth-Moon system is a double planet because their 
diameter and mass ratios (4:1 and 81:1) are smallest for a planet in the Solar 
System. Also, the Sun’s gravitational effect on the Moon is more than twice that 
of Earth’s. But the barycenter (common center of mass) of the Earth and Moon 
lies well inside the Earth, ~ ; of its radius. 

The Moon has a greater tidal influence on the Earth than the Sun. Because 
of tidal forces, the Moon is receding from the Earth at ~ 3.8 cm per year. So, 
Earth’s rotation is slowing, and Earth’s day increases by + 23s every million 
years (excluding glacial rebounds). At present rate, the Moon’s orbital distance 
will reach, ~ 1 Ga from now, 67R@, and Earth’s axial tilt will become chaotic. 

¢ Opposition distance 

A syzygy is a straight line configuration of three celestial bodies A, B, C. Then, 
as seen from A, B and C are in conjunction, and the passage of B in front of C 
is called occultation if the apparent size of B is larger, and transit, otherwise. 
Appulse is the closest approach of B and C as seen from A. 

If B and C are planets orbiting the star A, then C said to be in opposition to A, 
and the distance between B and C (roughly, their closest approach) is called their 
opposition distance. It can vary at different oppositions. 

A greatest conjunction is a conjunction of Jupiter and Saturn at or near 
their opposition to the Sun. The “Star of Bethlehem’”—thought by Kepler to 
have appeared c. 7 BC—was theorized to be such triple conjunction and almost 
occultation of Saturn by Jupiter. The next such occultation will happen in 7541. 

The closest possible distance between Earth and a planet is 38 million km: the 
minimal opposition distance with Venus. The closest known approach between 
exoplanets is 0.0016 AU ~ 240,000 km (by Kepler-70b and Kepler-70c). 

The closest known distance between two stars is 80,000 km in the binary HM 
Cancri; their orbital period is 5.4 min. The orbital period of exoplanet 2MASS 
J2126-8140 around a red dwarf star TYC 9486-927-1 takes nearly a million Earth 
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years. The largest and smallest known orbits of a planet around a single star are 
6900 AU (by 2MASS J2126-8140) and 0.006 AU (by Kepler-70b). 
e Planetary aspects 
In Astrology, an aspect is an angle (measured by the angular distance of 
ecliptic longitude, as viewed from Earth) the planets make to each other and other 
selected points in the horoscope, i.e., a chart representing the apparent positions 
and selected angles of the celestial bodies at the time of an event, say, a person’s 
birth. Astrology claims a link between aspects and events in the human world. 
Major aspects are 1-10° (conjunction) and 90° (square), 180° (opposition) for 
which an orb (error) of 5—10° is usually allowed. Then follow 120 + 4° (trine), 
60 + 4° (sextile) and (with orb 2°) 150° (quincunx), 45°, 135°, 72°, 144°. Other 
aspects are based on the division of the zodiac circle by 7, 9, 10, 11, 14, 16 or 24. 
¢ Primary-satellite distances 
Consider two celestial bodies: a primary M and a smaller one m (a satellite, 
orbiting around M, or a secondary star, or a comet passing by). 
Let py, Pm and Ry, R» be the densities and radii of M and m. The Roche 
radius (or Roche limit, tidal radius) of the pair (M, m) is the maximal distance 
between them within which m will disintegrate due to the tidal forces of M 


exceeding the gravitational self-attraction of m. This distance is ~ 1.26Ry 3 = 


Pm 
of space around the star within which orbiting material is gravitationally bound 
to it. 

The tidal locking radius of M is the distance at which the axial and orbital 
rotations of m become synchronized, i.e., the same side of m always faces M. 
The Moon is tidally locked by the Earth. Pluto and Charon are mutually tidally 
locked. 

Let d(m, M) denote the mean distance between m and M, i.e., the arithmetic 
mean of their maximum and minimum distances; let S,, and Sj denote the masses 
of m and M. The barycenter of (M, m) is the point (in a focus of their elliptical 
orbits) where M and m balance and orbit each other. The distance from M to the 
barycenter is d(m, M) are For the (Earth, Moon) system, it is 4670 km (1710 
km below the Earth’s surface). Pluto and Charon, the largest of its five moons, 
form rather a binary planet, since their barycenter lies outside of either body. 

The Hill sphere of a body is the region in which it dominates the attraction of 


satellites. The Hill radius of m in the presence of M is ~ d(m, M) { CPE within 


it m can have its own satellites. The Earth’s Hill radius is 0.01 AU; in the Solar 
System, Neptune has the largest Hill radius, 0.775 AU. 

The pair (M, m) can be characterized by five Lagrange points L;, 1 < i < 5, 
where a third, much smaller body (say, a spacecraft) will be relatively stable 
because its centrifugal force is equal to the combined gravitational attraction of 
M and m, 1.e., gravitational force of M and m balance out. These points are: 

Ly, Lo, L3 lying on the line through the centers of M and m, so that d(L3, m) = 
2d(M, m), d(M, Tn) = d(M, L1) + d(Ly ; m) + d(m, I), d(L; F m) = d(m, In) (the 


or © 2.423Ry 3/™ if m is rigid or fluid. The Roche lobe of a star is the region 
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satellite SOHO is at the point Z; of the Sun-Earth system, where the view of the 
Sun is uninterrupted; the satellites WMAP and Planck are at L»); 

L,4 and Ls are the points forming equilateral triangles with the centers of M 
and m. These points are more stable; each of them forms with M and m a partial 
solution of the unsolved gravitational 3-body problem. Objects orbiting at L4 or 
Ls are called Trojans of Greek and Trojan camp, respectively. The Moon was 
created 4.5 Ga ago by head-on impact of a Mars-sized Trojan planetoid Theia on 
the Earth. The only known Sun-Earth Trojan is asteroid 2010 TK7, about 300 m 
across. 

Other instances of the circular restricted 3-body problem are provided by 
planet—co-orbital moons and star—planet—quasi-satellite systems. Co-orbital 
moons are natural satellites that orbit at a very similar distance from their parent 
planet. Only Saturn’s system is known to have them; it has three sets. 

Orbital resonance occurs when the bodies orbital periods are in a close- 
to-integer ratio. For example, Pluto-Neptune are in a 2:3 ratio and Jupiter’s 
moons Ganymede-Europa-Io are in a 1:2:4 ratio. Earth and Venus are in a quasi- 
resonance only 0.032 % away from 8:13. A quasi-satellite is an object in a 1:1 
orbital resonance with its planet that stays close to the planet over many orbital 
periods. The largest of four known Earth’s quasi-satellites is 3753 Cruithne, ~ 5 
km across. 

The most tenuously linked long-distance binary in the Solar System is 2001 
QW322: two icy bodies (~ 130 km in diameter) in the Kuiper Belt, at mean 
distance > 10° km, orbiting each other at 3 km/h. One of widest binaries is the 
Alpha Centauri system with Proxima separated from the A/B stars by 15,000 AU. 

The elliptic restricted 3-body problem treats the circumbinary (orbiting two 
stars) planets such as Kepler-16b. A planet PH! was found in a quadruple (binary 
pair) star system Kepler-64. Systems with up to 5 stars are known; most are 
triples. 

¢ Low-energy trajectory 

The Hohmann transfer orbit is an elliptical orbit used to transfer between two 
circular orbits of different radii in the same plane. Currently, it is the favored 
method for getting a spacecraft into orbit around its destination. Leaving Earth’s 
atmosphere, the craft makes, at high speed, a beeline for the destination; at 
approach, it slams on the brakes and starts to orbit the destination. Such a transfer 
is a highly effective, but it is time-specific and expensive, since it requires much 
energy. 

A low-energy (or ballistic capture) trajectory is a route in space that allows 
a spacecraft to change orbits using very little fuel. In such transfer to a planet, the 
craft is launched out ahead of the planet’s orbital path. It would gradually slow 
and hold in place, waiting for the planet to swing by—the gravity of the planet 
pulls it into its orbit. Such transfers are very slow, and useful only for automated 
probes. 

Low-energy transfers follow the Interplanetary Transport Network (ITN), i.e., 
a collection of gravitationally determined pathways through the Solar System that 





566 25 Distances in Earth Science and Astronomy 


require very little energy (fuel) for an object to follow. The ITN uses Lagrange 
points as locations where trajectories are redirected using little or no energy. 
¢ Dynamical spacing 
Let M, mj, mz be the masses of a star and two adjacent planets orbiting it with 
semimajor axes a; and a2. The mutual Hill radius of two planets is 


a, + a2 3/m, + Mm 
Ry = 
2, 3M 


and their dynamical spacing is (Gladman, 1993; Chambers et al., 1996) 





_ l|a—ail 
Ry 


A 


Fang—Margot, 2013, claim that on average A = 21.7, and A < 10 leads to 
instability in giga-year time span. In the Solar System, A > 26 for terrestrial 
planets. 

¢ Titius—Bode law 

The Titius-Bode law, 1766, is an empirical rule approximating the mean 
distance d; of i-th planet from the Sun (its orbital semimajor axis) by aot AU. 

Here 1 AU = 1.5 x 108 km and kj = 0 = 2~™ (for Mercury), k; = 2'~? for 
i > 2,i.e., Venus, Earth, Mars, Ceres (the largest one in the Asteroid Belt, ~ i 
of its mass), Jupiter, Saturn, Uranus, Pluto. (But Neptune does not fit in the law 
while Pluto fits Neptune’s spot k = 27.) The best fit for the form (Wurm, 1787) 
d; = AC’ * + Bis given by C © 1.925,A © 0.334, B = 0.382. Cf. elliptic orbit 
distance. 

In the Solar System, the period ratios between adjacent orbits scatter around 
the dominant 5 : 2 ratio; it is 3 : 2 for Earth-Venus and 2 : 1 for Mars-Earth. 

A generalized Titius—Bode relation dj = AC! for some A,C fits even 
better for many other exoplanet systems showing such preference towards near 
mean motion resonance; cf. dynamical spacing. It helps to locate undetected 
exoplanets. 

Hamano et al., 2013, claim that between 108 (as Venus) and 150 (as Earth) 
million km from the Sun, there is a critical distance explaining their difference. 
Venus has a similar size and bulk composition to those of Earth, but it lacks 
water. Earth solidified from its molten magma state within several million years, 
trapping water in rock and under its hard surface, while Venus got more of the 
Sun’s heat and remained in molten state for ~ 100 Ma giving time for any water 
to escape. 

e Planetary distance ladder 

The scale of interstellar-medium dust, chondrules (round grains found in stony 
meteorites, the oldest solid material in the Solar System), boulders (rock with 
grain size of diameter > 256 mm), planetesimals (kilometer-sized solid objects 
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in protoplanetary disks) and protoplanets (internally melted Moon-to-Mars-sized 
planetary embryos) is 10~°, 1077, 10°, 10° and 10° m. 

In the Solar System’s protoplanetary gas/dust disk, the binary electrostatic 
coagulation of dust/ice grains resulted in the creation, of planetesimals. Then 
gravity took over the accretion process. The growth was runaway (when T; < T>, 
for growth time scales of the first and second most-massive bodies) at first and 
then (with 7; > 7> at some transition radius) it became oligarchic. A few tens 
of protoplanets were formed and then, by giant impacts, they were transformed 
into Earth and the other rocky planets. The process took ~ 90 Ma from ~ 4.57 
to + 4.48 Ga ago. 

Brilliantov et al., 2015: if a system is comprised of particles that, colliding, 
can merge at low velocities and break at large velocities, the size distribution of 
particles abundance follow the inverse cubes law. Rare collisions of fast particles 
lead to a balance between aggregation and fragmentation. It explained Saturn’s 
rings. 

¢ Potato radius 

The basic shape-types of objects in the Universe are: an irregular dust, rounded 
“potatoes” (asteroids, icy moons), spheres (planets, stars, black holes), disks 
(Saturn’s rings, galactic disks) and halos (elliptic galaxies, globular star clusters). 

At mean radius R < few km, objects (dust, crystals, life forms) have irregular 
shape dominated by nonmass-dependent electronic forces. Solid objects with 
R > 200-300 km are gravity-dominated spheres. If both energy E and angular 
momentum L are exported (by some dissipative processes), the object, if large 
enough, collapses into a sphere. If only E is exported, the shape is a disk. If 
neither E, nor L is exported, the shape is a halo, i.e., the body is spheroidal. 

If R (R > few km) increases, there is a smooth size-dependent transition to 
more and more rounded potatoes until ~200-—300 km, where gravity begins to 
dominate. Ignoring surface tension, erosion and impact fragmentation, the potato 
shape comes mainly from a compromise between electronic forces and gravity. 
It also depends on the density and the structural yield strength of the (rocky or 
icy) material. 

Lineweaver and Norman, 2010, define the potato radius R,.; as this potato- 
to-sphere transition radius. They derived R,,.; = 300 km for asteroids (Vesta, 
Pallas, Ceres have mean radius R = 265, 275, 475 km, respectively) and Ryo = 
200 km for icy moons (Hyperion, Mimas, Miranda have R = 135, 198,235 km, 
respectively). Mimas is the smallest body in the Solar System to be rounded, 
while Hyperion is the largest nonspherical one; their masses are 3.75 x 10!° and 
5.62 x 10!8 kg. 

In 2006, the IAU (International Astronomical Union) defined a planet as a 
orbiting body which has sufficient mass for its self-gravity to overcome rigid 
body forces so that it assumes a hydrostatic equilibrium (nearly round) shape 
and cleared the neighborhood around its orbit. If the body has not cleared its 
neighborhood, it is called a dwarf planet. The potato radius, at which self-gravity 
makes internal overburden pressures equal to the yield strengths of the material, 
marks the boundary of hydrostatic equilibrium used in above IAU definition. 
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Buchhave et al., 2014: planets smaller than 1.7 Earths are likely to be 
completely rocky, while those larger than 3.9 Earths are probably gas giants. 
Frost line (in Astrophysics) 

In Astrophysics, by analogy with frost line (in Earth Science), the frost 
(or snow, ice) line is the distance from a star (or a nebula’s protostar) where 
hydrogen compounds such as water, ammonia, methane condense into ice grains. 
It separates an inner region of rocky objects from an outer region of icy objects. 

Water and methane condensate at 180 K and 40 K, respectively. Sun’s water- 
frost and methane-frost lines are roughly at 2.7 AU and 48 AU, i-e., in the 
Asteroid Belt (between the orbits of Mars and Jupiter) and the Kuiper Belt (at 
30-55 AU). On the other hand, inside of ~ 0.1 AU, rocky grains cannot exist: 
dust evaporates. 

Martin and Livio, 2012, claim that a giant planet like Jupiter should be in 
the right location outside of the frost line to produce an asteroid belt of the 
appropriate size, offering the potential for life on a nearby rocky planet like Earth. 
Solar distances 

Following a supernova explosion 4570 Ma ago in our galactic neighborhood, 
the Sun was formed 4567 Ma ago by rapid gravitational collapse of a fragment 
(about | parsec across) of a giant (about 20 parsecs) hydrogen molecular cloud. 

The mean distance of the Sun from Earth is 1 AU ~ 1.496 x 108 km. The 
mean distance of the Sun from the Milky Way core is 27,200 light-years. 

The Sun is more massive than 95 % of nearby stars and its orbit around the 
Galaxy is less eccentric than ~ 93 % of similar (i.e., of spectral types F, G, 
K) stars within 40 parsecs. The Sun’s mass (99.86 % of the Solar System) is 
x 1.988 x 10° kg. 

The Sun’s radius is 6.955 x 10° km; it is measured from its center to the edge 
of the photosphere (~ 500 km thick layer below which the Sun is opaque to 
visible light). The Sun will expand + 256 times in 7-8 Ga and then become a 
white dwarf. 

The Sun does not have a definite boundary, but it has a well-defined interior 
structure: the core extending from the center to ~ 0.2 solar radii, the radiative 
zone at ~0.2—0.8 solar radii, where thermal radiation is sufficient to transfer 
the intense heat of the core outward, the tachocline (transition layer) and 
the convection zone, where thermal columns carry hot material to the surface 
(photosphere) of the Sun. 

The principal zones of the solar atmosphere (the parts above the photosphere) 
are: temperature minimum, chromosphere, transition region, corona, and helio- 
sphere. 

The chromosphere, a © 3000 km deep layer, is more visually transparent. The 
corona is a highly rarefied region continually varying in size/shape; it is visible 
only during a total solar eclipse. The chromosphere-corona region is much hotter 
than the Sun’s surface. Extending further, the corona becomes the solar wind, a 
very thin gas of charged particles that travels through the Solar System. 

The heliosphere is the teardrop-shaped region around the Sun created by 
the solar wind and filled with solar magnetic fields and outward-moving gas. 
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It extends from ~ 20 solar radii (0.1 AU) outward 86-100 AU past the orbit 
of Pluto to the heliopause, its outermost edge, where the interstellar medium 
and solar wind pressures balance. The interstellar medium and solar wind are 
moving supersonically in opposite directions, towards and away from the Sun. 
The points, ~ 80 AU and ~ 230 AU from the Sun, where the solar wind and 
interstellar medium become subsonic, are the termination shock and bow shock, 
respectively. 

The tidal truncation radius (100,000—200,000 AU, say, ~ 2 ly from the Sun) 
is the outer limit of the Oort Cloud. It is the boundary of the Solar System, i.e., 
Sun’s Hill/Roche sphere, where its gravity is overtaken by the galactic tidal force. 

¢ Dyson radius 

The Dyson radius of a star is the radius of a hypothetical Dyson sphere around 
it, i.e., a megastructure (say, a system of orbiting star-powered satellites) meant 
to completely encompass a star and capture a large part of its energy output. 
The solar energy, available at distance d (measured in AU) from the Sun, is us 
watts/m*. The inner surface of the sphere is intended to be used as a habitat. 

For example, at Dyson radius 300 x 10° km from the Sun a continuous 
structure with ambient temperature 20°C (on the inner surface) and efficiency 
3% of power generation (by a heat flux to —3°C on the outer surface) is 
conceivable. 

¢ Star’s radii 

The corotation radius of a star is the distance from it where the centrifugal 
force on a particle corotating with it balances the gravitational attraction, i.e., the 
accretion disk rotates at the same angular velocity as the star. 

The Bondi-Hoyle accretion radius is the radius where star’s gravitational 
energy is larger than the kinetic energy and, so, at which material is bound to 
star. 

The Hayashi radius (or Hayashi limit) of a star is its maximum radius for 
a given mass. A star within hydrostatic equilibrium (where the inward force of 
gravity is matched by the outward pressure of the gas) cannot exceed this radius. 

The Eddington radius (or Eddington limit) of a star is the radius where 
the gravitational force inwards equals the continuum radiation force outwards, 
assuming hydrostatic equilibrium and spherical symmetry. A star exceeding it 
would initiate a very intense continuum driven stellar wind from its outer layers. 

The largest and smallest known stars, the red hypergiant UY Scuti and red 
dwarf OGLE-TR-122b, have respective radii 1708 + 192 and 0.12 solar radii. 

¢ Galactocentric distance 

A star’s galactocentric distance (or galactocentric radius) is its range 
distance from the galactic center; it may also refer to a distance between two 
galaxies. The galactic anticenter is the point lying opposite, for an observer on 
Earth, this center. 

The Sun’s present galactocentric distance is nearly fixed + 8.4 kiloparsec, 
i.e., 27,400 light-years, but it may have been 2.5-5 kpc in the past. Einasto’s 
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law, 1963, claims that the density p(r) of a spherical stellar system (say, a galaxy 
or its halo) varies as exp(—Ar®), where r is the distance from the center. 
¢ M31-M33 bridge 

Braun and Thilker, 2004, discovered that the distance 782,000 light-years 
between Andromeda (M31) and Triangulum (M33) galaxies is spanned by a link 
consisting of about 500 million Sun’s masses of ionized hydrogen. 

A third of all baryonic matter is in stars and galaxies; another i is diffuse 
and thought to be in filamentary networks spread through space. Remaining i, 
called warm-hot intergalactic medium (WHIM), is expected to be of intermediate 
density. The M31—M33 bridge consists of WHIM, the first evidence of this 
medium. Such WHIM bridges are likely remnants of collisions between galaxies. 

¢ Radii of a star system 

Given a star system, say, a galaxy or a globular cluster (a spherical collection 
of stars that orbits a galactic core as a satellite), its half-light radius (or effective 
radius) hr is the distance from the core within which half the total luminosity 
from the system, assumed to be circularly symmetric, is received. The core 
radius cr is the distance at which the apparent surface luminosity has dropped 
by half; so, cr < hr. If the luminosity profile rises steeply to a break, and then 
more slowly, we have the break radius. In general, isophotal radius is the size 
attributed to the system corresponding to a particular level of surface brightness. 

The half-mass radius 70.5 is the radius from the core that contains half the 
total mass of the system. In general, the Lagrangian radii are the distances from 
the center at which various percentages of the total mass are enclosed. 

The tidal radius of a globular cluster is the distance from its center at which 
the external gravitation of the galaxy has more influence over the stars in the 
cluster than does the cluster itself. 

Unlike a star cluster, all galaxies are filled with and surrounded by a halo of 
dark matter acting (via gravity) as a sort of glue within and between galaxies. 
Thin tendrils of dark matter connect nodes of galaxy clusters, creating a cosmic 
web. 

The virial radius R,;, of a galaxy is the radius centered on it containing matter 
at 200 (sometimes, 182? ~ 178 or 130) times the critical (or, mean) density of 
the Universe. The mass within R,j;, is a measure of the total mass inside a dark 
matter halo. Kravtsov, 2011, claim that 795 ~ 0.015R,;-. Also, Harris, 2013, 
explains speed anomalies of Earth’s satellites by 0.005—008 % increase of its 
mass due to a dark matter’s disk, 191 km thick and 70,000 km across, around the 
equator. 

The Abell radius of a cluster is 2 arcminutes, where z is the cluster’s 
redshift. At least 50 cluster’s members should lie within this radius of its centre. 

¢ Habitable zone radii 

A maximally Earth-like mean temperature is expected at the distance | Be 
AU from a star, where L is the total radiant energy. 

The habitable zone radii of a star are the minimal and maximal orbital radii 
r, R such that liquid water may exist on a terrestrial (i.e., primarily composed of 
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silicate rocks or metals) planet orbiting within this range, so that life, constructed 
from carbon and reliant on liquid water, could develop there in a similar way as 
on the early Earth. For Sun, [r, R] is [0.99, 1.70]; AU; it includes Earth and Mars. 
It moves outwards, according to Rushby et al., 2012, 0.1 Au every billion years. 
For best candidates—orange dwarf stars—HZ is within [0.5, 1] AU. 

The Kasting distance (or habitable zone distance) of an exoplanet, at distance 
d from its star, is an index defined by 


2d—(R+1r) 


HZD(d) = —, 
—r 


So, —1 < HZD(d) < 1 correspond to r < d < R. 

The above notion of surface habitability is modeled from tempera- 
ture/humidity; the edges r,R of HZ are determined by loss of water and, 
respectively, by the maximum greenhouse provided by a CO, atmosphere. 
Among known exoplanets of 2—10 Earth’s mass of our galaxy, good candidates 
for Earth-like habitability are GJ 667Cc, HD-85512b, Kepler-438b (24, 36, 470 
ly away) orbiting, respectively, stars Gliese 667C, Gliese 370, Kepler-438 in the 
constellations Scorpius, Vela, Lyra. 

Habitable zones are 10-14 times wider for subsurface life. Protected inside a 
warm mineral-rich rocks, it can be much more typical than Earth’s surface life. 

Instead of zones, habitability can be defined in terms of, say, geothermal vents 
on ocean floor, as on Saturn’s moon Enceladus. 

Petigra et al., 2013: eta-Earth of our galaxy, i.e., fraction of Sun-like stars with 
an Earth-size (1-2 Earth’s radii) planet orbiting in habitable zones, is 22 + 8 %, 
depending on the definition of HZ. There could be 4 x 10!° habitable Earth-size 
planets in the Milky Way with the nearest one being within 12 ly. 

Our galactic habitable zone is (Lineweaver et al., 2004) a slowly expanding 
region between 7 and 9 kpc of galactocentric distance; so, the minimal and 
maximal radii are 22,000 and 28,000 ly. They used four prerequisites for complex 
life: the presence of a host star, enough heavy elements to form terrestrial 
planets, sufficient time (4+ 1 Ga) for biological evolution and an supernovae-free 
environment. 

Di Stefano et al., 2015, claim that the globular clusters (there are about 160 in 
Milky Way) could be best places to look for space-faring civilizations. 

Most life-friendly are giant elliptical galaxies: their low rate of star formation 
means less supernovae and gamma bursts. Dwarf irregular galaxies are the least 
hospitable. 

Behroozi—Peeples, 2015, claim that the Hubble volume, ~ 10 Mpc’, contains 
~ 10?° Earth-like planets, ~ 107! will be formed in 100 Gyr to 1 Tyr from now 
and the likehood of us being the only civilisation the Universe will ever have is 
< 8%. 





572 25 Distances in Earth Science and Astronomy 


¢ Earth similarity index 
The Earth similarity index of a planet P is (Schulze-Makuch et al., 2011): 


(P) =x 
ESI(P) = Ie = a ae De, 


where x;(P) is a planetary parameter (including surface temperature, escape 
velocity, mean radius, bulk density), x;(E) is the reference value for Earth (i.e., 
14.85° C, 1,1,1), w; is a weight (5.58, 0.70, 0.57, 1.07) and n is the number of 
parameters. ESI(P)= 1, 0.88, 0.85, 0.84, 0.70 for Earth, Kepler-438b, Kepler- 
296e, GJ 667Cc and Mars. Many exomoons and unconfirmed NASA Kepler 
candidates rank within [0.76, 0.96]. Terrestrial, but only simple extremophilic, 
life might be possible if ESI(P)> 0.6, while plants/animals may require > 0.8. 

The same authors proposed a planetary habitability index based on the 
presence of a stable substrate, atmosphere, magnetic field, available energy, 
appropriate chemistry and the potential for holding a liquid solvent, such as 100- 
km deep ocean beneath the surface of Jupiter’s moon Europa and hydrocarbon 
lakes on Saturn’s moon Titan. Unicellular life has been found in the most adverse 
conditions on Earth. So, the presence of extremophiles on Mars and, with very 
different biochemistry, on Europa and Titan is plausible. For primary producers 
(say, plants and cyanobacteria), Earth was more habitable 500 Ma ago, with less 
seasonal ice and deserts. 

Barnes et al., 2015, habitability index for star-transiting planet, observed 
by Kepler telescope, is based on orbital period, transit depth (planet-star ratio 
of areas), transit duration and host star’s surface gravity, radius and effective 
temperature. 

Observing oxygen in a planet’s atmosphere will indicate photosynthetic life 
since the photosynthesis is the only known process able to release O» in any real 
quantity. But the importance of oxygen and carbon can be a peculiarity of Earth 
life. For Oze et al., 2012, low (< 40) hydrogen/methane ratio indicate that life is 
likely present. Also, infrared, or heat, radiation can indicate an alien civilization. 

¢ SETI detection ranges 

SETI (Search for Extra Terrestrial Intelligence) involves using radio tele- 
scopes to search for a possible alien radio transmission. The recorded signals are 
mostly random noise but in 1977 a strong signal (called WOW!) was received 
at < 10 kHz of the frequency ~1420.406 MHz (21 cm) of the hydrogen line. 
Also, a puzzling radio source SHGb02+14a was observed three times in 2003 at 
~1420 MHz. 

SETI detection ranges are the maximal distances over which detection is still 
possible using given frequency, antenna dish size, receiver bandwidth, etc. They 
are low for broadband signals from Earth (from 0.007 AU for AM radio up to 5.4 
AU for EM radio) but reach 720 light-years for the S-Band of the world’s largest 
(with dish’s diameter 305 m) single-aperture radio telescope at Arecibo. 
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SETI searches in the microwave window 1-10 GHz (the part of the radio spec- 
trum that can pass through the atmosphere), especially around the “waterhole” 
1420-1666 MHz (21-18 cm) between hydrogen, H, and hydroxyl, OH. 

All known signals with spectral width < 5 Hz arise from artificial sources; so, 
such extraterrestrial signal will indicate an intelligent civilization. SETI searched 
those narrow band signals in L-band (1.1—1.9 GHz) from 86 stars in the Kepler 
field of view hosting most life-promising exoplanets, but not found none. Tarter 
et al., 2013, deduce from it that the number of Kardasheyv type IT (using all energy 
from their star; our total power consumption today is ~ 0.01 % of the sunlight 
falling on Earth) civilizations in the Milky Way loud in L-band, is less than | ina 
million per sun-like star. The volume V of our galaxy is about (50,0007) 1000 ~ 
7.9 x 10!” (ly)>. If N civilizations are distributed there uniformly with spacing d, 
then d? = £. 

Active SETI (or METI) consists of sending radio or optical signals into space 
hoping that they will be picked up by an alien intelligence. The first radio signals 
from Earth to reach space were produced around 1940 but TV and radio signals 
decompose into static within 1—2 ly. In 1974 Arecibo telescope sent an elaborate 
radio signal aimed at the star cluster M13 located 25,000 ly away. 

About the perceived risk of revealing the location of the Earth to an alien 
civilization, METI enthusiasts reply that an advanced civilization within a radius 
of 100 ly already knows of our existence due to electromagnetic signals leaking 
from TV, radio and radar. But now, with digital transmissions replacing analogue 
ones and virtually no radiation escaping into outer space, the Earth become 
electronically invisible to aliens. Still, a civilization even slightly more advanced 
than ours could detect the lights of our big cities from up to 500 light years 
away, using its sun as a gravitational lens. Also, some life (plants, lichens, algae, 
bacterial mats) can be recognized by its light signature from space. 

Besides radio signals and light, nonmicrobial alien life can be discovered by 
analyzing the output of methane or oxygen in the atmosphere of exoplanets. 

¢ Voyager 1 distance 

The Voyager | is a 722-kg robotic space probe launched by NASA in 1977; it 
has power to operate its radio transmitters until 2025 but only 69 kB of memory. 

It is currently the farthest man-made object from Earth, the first probe to leave 
the Solar System (in 2012) and the fastest probe (moving at ~ 17 km/s or 3.6 
AU/year). As of January 2016, Voyager 1 distance from Earth was 2.1 x 10!° 
km ~ 134.4 AU, while for Voyager 2, it was ~ 110.9 AU. 

Voyager | is moving now, until at least 2025, through a special region of 
interstellar space where magnetic fields are rotated away from true magnetic 
north. 

The NASA Juno spacecraft to Jupiter holds from 2016 solar power distance 
record. Its maximum distance from the Sun will be about 832 million km. 

Even though the NASA New Horizons was launched (in 2006, to see Pluto and 
Kuiper Belt) far faster, it will never be more distant from Earth than Voyager 1. 
Close flybys of Saturn and Titan gave Voyager | an advantage with their gravity 
assist. In 2038, New Horizons will reach, at 13 km/s, the distance of 100 AU. 
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The Earth-Moon distance (~ 1.28 light-seconds) can be covered, with current 
technologies, in ~ 8h. The distance from Earth to other planets ranges from 3 
light-minutes to ~ 4 light-hours. At Voyager |’s current rate, a journey to Prox- 
ima Centauri (the nearest known star, 4.24 ly away) would take 72,000 years. 

Interstellar travel will be possible only with new technology, say, beamed-light 
sails, hydrogen-fuelled ramjet, nuclear pulse propulsion, warp drive, wormholes. 

Human spaceflight beyond the close neighborhood in the Solar System looks, 
as now, unlikely, because of duration, cost and health threat due to microgravity, 
radiation and isolation. Also, long (more than a month) sojourns in space produce 
potentially serious brain anomalies and severe eyesight problems. 

Earth in space 

The Earth, spinning 0.5 km/s, orbits the Sun at 30 km/s. The Sun orbits the 
galactic center at 219 km/s and it moves at 16.5 km/s, with respect to the motion 
of its galactic neighborhood, towards Vega, a star in the constellation Lyra. There 
are 45 stars within 15 ly of the Solar System, the nearest one at 4.24 ly. 

The Local Bubble is a cavity, 300-800 ly across (with hydrogen density 0.05 
atoms per cm?, one tenth of the galactic density) in the Local (or Orion-Cygnus) 
Arm of the Milky Way. The Solar System has been traveling through this Bubble 
for the last 5—10 Ma and is located now close to its inner rim, about half-way 
along the Arm’s length. From 0.044 to 0.15 Ma ago and for another 0.01—0.02 
Ma, the Sun is traversing the Local Interstellar Cloud 30 ly across at 23 km/s. 

The Milky Way (0.1 Mly across and | kly thick) and Andromeda galaxies 
are 2.5 Mly apart and are approaching at 100-140 km/s. In 4 + 1.3 + 0.1 Ga 
(3 consecutive collisions) they will merge to form the Milkomeda, new elliptical 
galaxy in which our Solar System would remain intact but Sun’s galactocentric 
distance will be 0.16 Mly. Their stars will not collide but central black holes will 
merge. 

Our Local Group (LG) is a poor (small and not centered) cluster, 10 Mly 
across, consisting of Andromeda (M31), Milky Way (MW), Triangulum and 
about 50 small galaxies. It lies in the outskirts (on a small filament connecting 
the Fornax and Virgo clusters) of our small Local Supercluster (LSC), 110 Mly 
across and with a mass 10!° suns. The number of galaxies per unit volume, in 
the LSC, falls off with the square of the distance from its center, near the Virgo 
cluster. 

Tully and Courtois, 2014, defined superclusters (by analogy with drainage 
basins in Hydrology) via the relative velocities of galaxies: within a given 
supercluster, all galaxy motions will be directed inward, toward the center of 
mass. By new definition, LSC, Pavo-Indus Supercluster and Hydra-Centaurus 
Supercluster, containing Great Attractor (GrAt), formtogether “truly local” 
Supercluster, called Laniakea. Laniakea, about of diameter 520 Mly and mass 
10!” suns, is centered in GrAt, toward which all its galaxies are moving at 
630 km/s. 

The Extended Local Group is the LG plus the “nearby” (3.9 Mpc) Maffei and 
Sculptor groups. It belongs to our Local Filament (LF, or Coma-Sculptor Cloud), 
a branch of the Fornax- Virgo filament of the LSC. 
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The LF bounds the Local Void (LV), extending 60 Mpc from the edge of the 
LG. The Local Sheet (LS) is all LF’s matter within 7 Mpc. The Milky Way and 
Andromeda are encircled by 12 large galaxies arranged in a ring about 24-Mly 
across. 

With respect to the CMBR (cosmic microwave background radiation) filling 
the Universe almost uniformly, the Solar System, Milky Way, and LG velocities 
are 369, 600, 627 km/s. Peculiar velocities Vpec are the deviations from the 
Hubble expansion, 1.e., Viec = Vops — Hod, where V,,; is the observed velocity, 
d is the distance and Ho is the Hubble constant, ~ 72 km/s for every Mpc. 
The Hubble flow, dominating at large distances, is negated by gravity at smaller 
distances; for example, its recession velocity is < 1 mm/s at the edge of the Solar 
System. 

According to Tully et al., 2007, the Local Sheet is moving as a unit with 
low internal dispersion; the LG moves at only 66 km/s with respect to the 
LS. The bulk flow of the LS is sharply discontinuous from the flows of other 
nearby structures. The vector of this flow has, with respect to the CMBR, 
amplitude 631 km/s. It can be decomposed into a vector sum of three quasi- 
orthogonal components: local (259 km/s away from the center of the Local Void), 
intermediate (185 km/s to the Virgo cluster) and large (455 km/s towards the 
Great Attractor (GrAt)). 

All matter within 4.6 Mpc moves away from the Local Void at 268 km/s. 
It will collide, in ~ 10 Ga, with the nearest adjacent filament, the Leo Spur. 
The Local Sheet moves toward the Virgo cluster, at the distance 17 Mpc. All 
matter within 50 Mpc moves at 600 km/s towards overdensities at 200 Mly (GrAt 
dominated by the Norma cluster) and 600 Mly (Shapley supercluster, roughly 
behind GrAt). Lebeskind et al., 2015, claim that a dark matter bridge of some 
2000 galaxies, bound by voids, stretches from our Local Group to Virgo cluster. 





Chapter 26 
Distances in Cosmology and Theory of Relativity 


26.1 Distances in Cosmology 


The Universe is defined as the whole space-time continuum in which we exist, 
together with all the energy and matter within it. 

Cosmology is the study of the large-scale structure of the Universe. Specific 
cosmological questions of interest include the isotropy of the Universe (on the 
largest scales, the Universe looks the same in all directions, i.e., is invariant to 
rotations), the homogeneousness of the Universe (any measurable property of the 
Universe is the same everywhere, i.e., it is invariant to translations), the density 
of the Universe, the equality of matter and antimatter, and the origin of density 
fluctuations in galaxies. 

Hubble, 1929, discovered that all galaxies have a positive redshift, i.e., all 
galaxies, except for a few nearby galaxies like Andromeda, are receding from the 
Milky Way. By the Copernican principle (that we are not at a special place in the 
Universe), we deduce that all galaxies are receding from each other, i.e., we live 
in an expanding Universe, and the further a galaxy is away from us, the faster 
it is moving away (this is now called the Hubble law). The Hubble flow is the 
general outward movement of galaxies and clusters of galaxies resulting from the 
expansion of the Universe. It occurs radially away from the observer, and obeys 
the Hubble law. The gravitation in galaxies can overcome this expansion, but the 
clusters and superclusters (largest gravitationally bound objects) only slow the rate 
of their expansion. 

In Cosmology, the prevailing scientific theory about the early development and 
shape of the Universe is the Big Bang Theory. The observation that galaxies appear 
to be receding from each other, combined with the General Theory of Relativity, 
leads to the construction that, as one goes back in time, the Universe becomes 
increasingly hot and dense, then leads to a gravitational singularity, at which all 
distances become zero, and temperatures and pressures become infinite. 
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The term Big Bang is used to refer to a hypothesized point in time when the 
observed expansion of the Universe began. Based on measurements of this 
expansion, it is currently believed that the Universe has an age of ~ 13.82 Ga 
(billion years). 

In Cosmology (or, more exactly, astrometry, the study of the positions, distances 
between, and motions of astronomical objects) there are many ways to specify 
the distance between two points, because in the expanding Universe, the distances 
between comoving objects are constantly changing, and Earth-bound observers look 
back in time as they look out in distance. But all distance measures somehow 
measure the separation between events on radial null trajectories, i.e., trajectories 
of photons which terminate at the observer. In general, the cosmological distance 
is a distance far beyond the boundaries of our Galaxy. 

The geometry of the Universe is determined by several cosmological parameters: 
the cosmic scale factor a, the Hubble constant H, the density p and the critical 
density (cri: (the density required for the Universe to stop expansion and, eventually, 
collapse back onto itself), the cosmological constant A, the curvature k of the 
Universe. Many of these quantities are related under the assumptions of a given 
cosmological model. The most common cosmological models are the closed 
and open Friedmann—Lemaitre cosmological models and the Einstein—de Sitter 
cosmological model. 

This model assumes a homogeneous, isotropic, constant curvature Universe with 
zero cosmological constant A and pressure p. For constant mass M of the Universe, 
H? = $xGp,t= 3H',a= rong 343, where G = 6.67 x 107!! m3 kg"! s~? is 


the gravitational constant, Rc = |k\-2 is the radius of curvature, and t is the age of 
the Universe. 

The scale factor a = a(t) is an expansion parameter, relating the size of the 
Universe R = R(t) at time f to its size Ro = R(t) at time fo by R = aRo. 

The Hubble constant H is the constant of proportionality between the speed 
of expansion v and the size of the Universe R, i.e., v = HR. This equality 


is just the Hubble law with the Hubble constant H = 0. This is a linear 
redshift-distance relationship, where redshift is interpreted as recessional velocity 
v, typically expressed in km/s. 

The current value of the Hubble constant is Hy) = 71 + 4kms7! Mpc7!, where 
the subscript 0 refers to the present epoch because H changes with time. The 
Hubble time and the Hubble distance are defined by ty = in x 13.82 Ga and 
Dy = Th x 4.24 Gpc. The Hubble volume (or Hubble sphere) is the region, about 
103 Mpc?, of the Universe surrounding an observer beyond which the recessional 
velocity exceeds the speed c of light, i.e., any object beyond particle horizon 
(4.4 x 10° m = 47 light-Ga), is receding (due to the expansion of the Universe 
itself) at a rate greater than c. 

The volume of observable Universe is the volume ~ 4.1 x 10*4 cubic light-years, 
or = 3.4x 10° m3, of Universe with a comoving size of ih? i.e., a sphere with radius 
= 14 Gpc (about 3 times larger than that of Hubble volume). It has mass ~ 1.6 x 


10°3 kg and contains ~ 10” stars (in at least 8 x 10!° galaxies) and ~ 10°° atoms. 
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The mass density p (fo in the present epoch) and the value of the cosmological 
constant A are dynamical properties of the Universe; today p ~ 9.47 x 10-7’ kg 
m* and A ~ 10-7 m-?. They can be made into dimensionless parameters Qy and 
Qa, by Qy = =e, Qa, = a A third parameter Qe = 1 — Qy — Qa measures 
the “curvature of space”. These parameters determine the geometry of the Universe 
if it is homogeneous, isotropic, and matter-dominated. 

The velocity of a galaxy is measured by the Doppler effect, i.e., the fact that light 
emitted from a source is shifted in wavelength by the motion of the source. (The 
Doppler shift is reversed in some metamaterials: a light source moving toward an 
observer appears to reduce its frequency.) A relativistic form of the Doppler shift 


exists for objects traveling very quickly, and is given by Salou =, ctv where 


Aemit is the emitted wavelength, and A gpse, is the shifted (observed) wavelength. The 
change in wavelength with respect to the source at rest is called the redshift (if 
moving away), and is denoted by the letter z. The relativistic redshift z for a particle 


7 a — Arobser _— obser =, —_ ctu oes 
is given by z= aa l= /a-l. 


The cosmological redshift is directly related to the scale factor a = a(t):z+1 = 


ae Here a(t,) is the value of the scale factor at the time the light from the object 


is observed, and a(t.) is its value at the time it was emitted. It is usually chosen 
a(t.) = 1, where f, is the present age of the Universe. 





¢ Metric expansion of space 

The metric expansion of space is the averaged increase of measured dis- 
tances between objects in the Universe with time. 

It is not a motion of space and not a motion into pre-existing space. Only 
distances expand (and contract). The expansion has no center: all distances 
increase by the same factor, and every observer sees the same expanding cosmos. 
The observed Hubble law quantifies expansion from an observer. Expansion rate 
between two points in free space 1 m apart is 2.2 x 107!* m/s. 

The mean distances between widely separated galaxies increase by ~ 1 % 
every 140 million years. FLRW metric models, at large (superclusters of 
galaxies) scale, this expansion. On the scales of galaxies, there is no expansion 
since the metric of the local Universe has been altered by the presence of the mass 
of the galaxy. Full expansion, at the Hubble rate ~7000 km/s, commences only 
at distances ~ 100 Mpc. Superclusters are expanding but remain gravitationally 
bound, i.e., their expansion rate is decelerated. 

Expansion is thought to start due to cosmic inflation and then, due mainly to 
inertia. Its rate decelerated about 12 Ga ago due to gravity by dark and normal 
matter and then, from about 6 Ga ago when dark energy took over, accelerated. 
Now, for every megaparsec of distance from the observer, the rate of expansion 
increases by about 74 km/s. When the Universe doubles in volume, the dark 
energy doubles too. In 10!! years our galaxy will be the only one left in the 
observable Universe. 

The Universe was radiation-dominated with the scale factor a(t) ~ 1? first 
= 70,000 years, then matter-dominated with a(t) ~ 3 until ~ 4.5 Ma ago, 
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then dark-energy-dominated with a(t) ~ exp(Ht) and the Hubble constant 


H= sate = /- In fact, its expansion caused the matter surpass the 
radiation in energy density and further, when matter and radiation dropped to 
low concentrations, the repulsive dark energy (or vacuum energy) overtook the 
gravity of matter. 

The most commonly accepted scenario for the future is the Big Freeze: 
continued expansion results in a universe that asymptotically approaches 0° K 
and the Heat Death, a state of maximum entropy in which everything is evenly 
distributed. Caldwell, 2003, claimed that the scale factor a will become infinite 
in the finite future, resulting in Big Rip, final singularity in which all distances 
diverge to oo. 

¢ Zero-gravity radius 

For a cluster of mass M, its zero-gravity (or zero-velocity, turnover) radius 

Ry is (Sandage, 1986, and Chernin—Teerikorpi—Baryshev, 2006) the distance r 


from the cluster’s barycenter, where the radial force oo of the point mass M 


gravity become equal to the radial force (G2py =r divided by r*) of vacuum 
antigravity. So, 





3 3M 
Ry = : 
87py 


Here G is the gravitational constant and py ~ 7 x 10~*° g/cm? is the constant 
density of dark energy inferred from global observations of supernovae la. 

The Einstein-Straus radius Ry is the radius besides which expansion rate 
reach the global level. It is estimated that Re is 1.5-1.7 if the ratio of local and 
global density of dark energy is 0.1—1. If above ration is 1, then Ry = Ry(1+zy), 
where zy ~ 0.7 is the global zero-acceleration redshift. 

For the Local Group (LG), containing Milky Way and of mass 2-3.5 x 1012 
suns, above model corresponds to observed Ry = 1.3-1.55 Mpc and Ry = 2.2— 
2.6 Mpc. The Virgo cluster, dominating Local supercluster, contains over 1000 
galaxies in a volume slightly larger than LG; its mass is = 10!° suns and Ry = 
10.3 Mpc. 

¢ Hubble distance 

The Hubble distance (or cosmic light horizon, Hubble radius) is an 
increasing maximum distance Dy = cty that a light signal could have traveled 
since the Big Bang, the beginning of the Universe. Here c is the speed of light 
and ty is the Hubble time (or age of the Universe). It holds ty = a where Ho 

is the Hubble constant which is estimated as 71 + 4kms~'!Mpc7! at present. So, 


at present, ty ~ 4.32 x 10!7s ~ 13.82 Ga, and Dy = 7H © 13.82 billion 


light-years ~ 1.31 x 10° m ~ 4.24 Gpc, i.e., 4.6 x 10°! Planck lengths. 

But we are observing now, due to the space expansion, objects much farther 
away than a static distance 13.82 Gly. 

For small ? or small distance d in the expanding Universe, the velocity is 
proportional to the distance, and all distance measures, for example, angular 
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diameter distance, luminosity distance, etc., converge. In the linear approx- 


imation, this reduces to d ~ zDy. But for large a» the relativistic Lorentz 


length contraction L = Lo,/1 — ( avs where Lo is a proper length, of an object 
traveling at velocity v relative to an observer, become noticeable to that observer. 

Above Hubble radius was measured (by the Wilkinson Microwave Anisotropy 
Probe) as a light travel distance to the source of cosmic background radiation. 
Other estimations: 13.1 Gly (calibrating the distances to supernovae of a standard 
brightness), 14.3 Gly (measuring radio galaxies of a standard size) and 14.5 
Gly (basing on the abundance ratio of uranium/thorium chondritic meteorites, 
[Dau05]). 

¢ Cosmic sound horizon 

Cosmic background radiation (CMB) is thermal radiation (strongest in the 
microwave region of the radio spectrum) filling the observable Universe almost 
uniformly. It originated ¢ ~ 380,000 years after the Big Bang (or at a redshift of 
z = 1100), at recombination, when the Universe (ionized plasma of electrons 
and baryons, i.e., protons and neutrons) cooled to below 3000 K. (Now, the 
Universe’s temperature is ~ 1100 times cooler and its size is ~ 1100 times 
larger.) 

The electrons and protons start to form neutral hydrogen atoms, allowing 
photons (trapped before by Thomson scattering) to travel freely. During next 
~ 100,000 years radiation decoupled from the matter and the Universe became 
transparent. 

The plasma of photons and baryons can be seen as a single fluid. The 
gravitational collapse around “seeds” (point-like overdensities produced during 
inflation) into dark matter hierarchical halos was opposed by outward radiation 
pressure from the heat of photon-matter interactions. This competition created 
longitudinal (acoustic) oscillations in the photon-baryon fluid, analogic to sound 
waves, created in air by pressure differences, or to ripples in a pond. 

At recombination, the only remaining force on baryons is gravitation, and 
the pattern of oscillations (configuration of baryons and, at the centers of 
perturbations, dark matter) became frozen into the CMB. Baryon radiative 
cooling into gas and stars let this pattern of seeds to grow into structure of the 
Universe. 

More matter existed at the centers and edges of these waves, leading eventu- 
ally to more galaxies there. Today, we detect the sound waves (regular, periodic 
fluctuations in the density of the visible baryonic matter) via the primary CMB 
anisotropies. 

These baryon acoustic oscillations (BAO) started at t = 0 (post-inflation) and 
stopped at ¢ = t, (recombination). The cosmic sound horizon is the distance 
sound waves could have traveled. At recombination, it was + cst, ~ 100 kpc, 
approximating the speed c, of sound as ~R: 

Expanding by factor 1 + z = 1100, it is 120-150 Mpc today. It is a standard 
ruler; an excess of galaxy pairs separated by this horizon was confirmed. Cf. 
cosmological distance ladder and, in Chap. 24, acoustic metric. 
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GZK-horizon 

Greisen and Kuzmin—Zatsepin, 1966, computed that a cosmic ray with kinetic 
energy over GZK-limit (5 x 10!° eV) traveling from its distant, over GZK- 
horizon (50 Mpc ~ 163 Mly) source, will be absorbed (due to slowing 
interaction with photons of the CMB and associated mean path) and so never 
observed on Earth. 

Several cosmic rays apparently exceeding GZK-limit were observed; this 
GZK-paradox is still unexplained. 
Comoving distance 

The standard Big Bang model uses comoving coordinates, where the spatial 
reference frame is attached to the average positions of galaxies. With this set of 
coordinates, both the time and expansion of the Universe can be ignored and the 
shape of space is seen as a spatial hypersurface at constant cosmological time. 

The comoving (or cosmological) distance is a distance (denoted x or deomov) 
in comoving coordinates between two points in space at a single cosmological 
time, i.e., the distance between two nearby (close in redshift z) objects, which 
remains constant with epoch if these objects are moving with the Hubble flow. 

The (cosmological) proper distance dp,oye, iS a distance between two nearby 
events in the frame in which they occur at the same time. It is the distance 
measured by a ruler at the time t, of observation. It holds 


a(t) 


a(t.) = proper (Xs y) : ad + Zz), 


deomov (x, y) = Aproper(X, y) : 


where a(t) is the scale factor. In the time f,, i.e., at the present, a = a(f,) = 1, 
and deomov = Aproper, In general, dproper(t) = a(t)deomov, for a cosmological time t. 

The total line-of-sight comoving distance Dc from us to a distant object 
is computed by integrating the infinitesimal deomoy(x, y) contributions between 
nearby events along the time ray from the time ¢,, when the light from the object 
was emitted, to the time ¢,, when the object is observed: 


’ cdt 
De = i aa 
i a(t) 
In terms of redshift, Dc from us to a distant object is computed by integrating the 


infinitesimal degmoy (x, y) contributions between nearby events along the radial ray 
from z = 0 to the object: Dc = Dy ie nai where D;, is the Hubble distance, 


and E(z) = (Qu(1 +2)° + Qe(l +2)? + Qq)?. 

In a sense, the comoving distance is the fundamental distance measure in 
Cosmology, since all other distances can simply be derived in terms of it. 
Proper motion distance 

The proper motion distance (or transverse comoving distance, contempo- 
rary angular diameter distance) Dy is a distance from us to a distant object 
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defined as the ratio of the actual transverse velocity (in distance over time) of the 
object to its proper motion (in radians per unit time). It is given by 


Diz sinh(./QrDc/Dy), for Qr > 0, 
Du = De, for Qr = 0, 
Darea sin(/|2e|Dc/Du). for Qr < 0, 


where Dy is the Hubble distance, and Dc is the line-of-sight comoving 
distance. For (2, = 0, there is an analytic solution (z is the redshift): 





2(2— Qu(l — 2) — (2 — Qu) VT + 22) 
Du = Dy 2 . 
25,1 + z) 
The proper motion distance Dy coincides with the line-of-sight comoving 
distance Dc if and only if the curvature of the Universe is equal to zero. The 
comoving distance between two events at the same redshift or distance, but 
separated in the sky by some angle 60, is equal to Dyd0. 
The distance Dy is related to the luminosity distance D; and the angular 
diameter distance D4 by Dy = (1 +. z)"'!D, = (1 +z)Da. 
¢ Luminosity distance 
The luminosity distance D , is a distance from us to a distant object defined 
by the relationship between the observed flux S and emitted luminosity L: 


Dr = \{ —. 
: 4S 
This distance is related to the proper motion distance Dy and t the angular 
diameter distance by D; = (1 + z)Du = (1 + z)*Da, where z is the redshift. 
The luminosity distance does take into account the fact that the observed lumi- 
nosity is attenuated by two factors, the relativistic redshift and the Doppler shift 


of emission, each of which contributes an (1 + z) attenuation: Lopse, = ae 


The corrected luminosity distance D, is defined by D, = 
¢ Distance modulus 

The distance modulus is DM = 5 In( 2), where D, is the luminosity 
distance. The distance modulus is the difference between the absolute magnitude 
(the brightness that star would appear to have if it was at a distance of 10 parsec) 
and apparent magnitude (the actual brightness) of an astronomical object. 

Distance moduli are most commonly used when expressing the distances to 
other galaxies. For example, the Andromeda Galaxy’s DM is 24.5, and the Virgo 
cluster has DM equal to 31.7. For a much smaller object (planet, comet or aster- 
oid), the absolute magnitude is its apparent visual magnitude at zero phase angle 
and at unit (1 AU) heliocentric and geocentric distances. The brightest (with peak 
apparent magnitude —7.5) recorded stellar event was the supernova in 1006. 


Di 
1+2° 
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¢ Angular diameter distance 

The angular diameter distance (or angular size distance) Da is a distance 
from us to a distant object defined as the ratio of an object’s physical transverse 
size to its angular size (in radians). It is used to convert angular separations 
in telescope images into proper separations at the source. It is special for not 
increasing indefinitely as z —> oo; it turns over at z ~ 1, and so more distant 
objects actually appear larger in angular size. Dag is related to the proper motion 
distance Dy and the luminosity distance D; by D4 = fe = =F PL ap» Where z is 
the redshift. 

The distance duality 5 Pu ae = = (1+z) links Dz, based on the apparent luminos- 
ity of standard candles (for example, supernovae) and D4, based on the apparent 
size (’visual diameter” measured as an angle) of standard rulers (for example, 
cosmic sound horizon). It holds for any general metric theory of gravity 
(Chap. 24) in any background in which photons travel on unique null geodesics. 

If the angular diameter distance is based on the representation of object 
diameter as angle x distance, the area distance is defined similarly according 
the representation of object area as solid angle x distance”. 

¢ Einstein radius 

General Relativity predicts gravitational lensing, i.e., deformation of the light 
from a source (a galaxy or star) in the presence of a gravitational lens, i.e., a 
body of large mass M (another galaxy, or a black hole) bending it. 

If the source S, lens LZ and observer O are all aligned, the gravitational 
deflection is symmetric around the lens. The Einstein radius is the radius of the 
resulting Einstein (or Chwolson) ring. In radians it is 








wie D(L, S) 
c2 D(O,L)D(O, 8)’ 
where D(O, L) and D(O, S) are the angular diameter distances of the lens and 
source, while D(L, S) is the angular diameter distance between them. 
¢ Light travel distance 

The light travel (or look-back) distance is a distance from us to a distant 
object, defined by Dj, = cD,, where D, is the difference t, — t, between the time, 
when the object was observed, and the time, when the light from it was emitted. 
The look-back time D, is a proper time, but D, is not a proper distance. 

Dy, is not a very useful distance, because it is hard to determine f,, the age 
of the Universe at the time of emission of the light which we see. Cf. Hubble 
radius. 

¢ Parallax distance 

Given an object O viewed along two different lines of sight, its parallax is the 
angle p = AOB between its directions of view from the two ends of a baseline 
AB. If AO = BO and p, AB are small, the distance AO can be easily estimated. 
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Animals use their two eyes (stereoopsis) or two positions of moving head 
(motion parallax) as points A,B. Cf. animal depth/distance perception in 
Chap. 23. 

In Astronomy, the parallax distance is a distance Dp from us to a distant 
object (say, a star) defined from measuring of stellar parallaxes, i.e., its apparent 
changes of position in the sky caused by the motion of the observer on the Earth. 

Usually, it is the annual (or heliocentric) paralllax, i.e., p is the angle Earth- 
star-Sun (in arcseconds) subtended at a star by the longest baseline—mean 
radius R = 1 AU of the Earth’s orbit around the Sun. So, this distance (in 
parsecs, corresponding to p = | arcsec) is given by Dp = since p is 
usually very small. 

¢ Kinematic distance 

The kinematic distance is the distance to a galactic source, which is 
determined from differential rotation of the galaxy: the radial velocity of a 
source directly corresponds to its galactocentric distance. But the kinematic 
distance ambiguity arises since, in our inner galaxy, any given galactocentric 
distance corresponds to two distances along the line of sight, near and far 
kinematic distances. 

This problem is solved, for some galactic regions, by measurement of their 
absorption spectra, if there is an interstellar cloud between the region and 
observer. 

¢ Radar distance 

The radar (or target) distance Dr is a distance from us to a distant object, 
measured by a radar, i.e., a high frequency radio pulse sent out for a short interval 
of time. When it encounters a conducting object, sufficient energy is reflected 
back to allow radar to detect it. Since radio waves travel in air at close to their 
speed c (of light) in vacuum, one can calculate the distance Dr of the detected 
object from the round-trip time t between the transmitted and received pulses as 


—!oal 
tan(p) “~ p’ 


1 
Dr = ah 


In general, Einstein protocol is to measure the distance between two objects 
A and B as Se(t —t,). Here a light pulse is sent from A to B at time t; (measured 
in A), received at time ft) (measured in B) and immediately sent back to A with a 
return time f3 (measured with A). 

¢ Pulsar dispersion measure 

A pulsar is an extraterrestrial source of radiation having a regular periodicity, 
detected as short bursts in, usually, the radio region of the spectrum. 

The pulsar dispersion measure (DM) is the integrated column density of 
free electrons (their number per unit area) between an observer and a pulsar. DM 
is shown by a pulse’s broadening when it is observed over a finite bandwidth. 

The distance to the pulsar is 2“, where n, is the mean electron density. 


Ne 
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¢ Cosmological distance ladder 

For measuring distances to astronomical objects, one uses a kind of “ladder” 
of different methods; each method applies only for a limited distance, and each 
method which applies for a larger distance builds on the data of the preceding 
methods. 

The starting point is knowing the distance from the Earth to the Sun; this 
distance is called one astronomical unit (AU), and is roughly 150 million km. 
Distances in the inner Solar System are measured by bouncing radar signals off 
planets or asteroids, and measuring the time until the echo is received. 

The next step in the ladder consists of simple geometrical methods; with them, 
one can go to a few hundred ly. The distance to nearby stars can be determined 
by their parallaxes: using Earth’s orbit as a baseline, the distances to stars are 
measured by triangulation. This is accurate to about 1 % at 50 ly, 10 % at 500 ly. 

Using data acquired by the geometrical methods, and adding photometry 
(measurements of the brightness) and spectroscopy, one gets the next step in 
the ladder for stars so far away that their parallaxes are not measurable yet. The 
distance-luminosity relation is that the light intensity from a star is inversely 
proportional to the square of its distance; cf. distance modulus. 

For even larger distances, are used standard candles, i.e., several types of 
cosmological objects, for which one can determine their absolute brightness 
without knowing their distances. Primary standard candles are the Cepheid 
variable stars. They periodically change their size and temperature. There is a 
relationship between the brightness of these pulsating stars and the period of 
their oscillations, and this relationship can be used to determine their absolute 
brightness. Cepheids can be identified as far as in the Virgo cluster (60 Mly). 

Secondary standard candles are supernovae la (having equal peak 
brightness), red giant branch stars, active galactic nuclei and entire galaxies. 
Main other techniques to estimate the angular diameter distance to galaxies are 
gravitational lensing (cf. Einstein radius) and using baryon acoustic oscillations 
matter clustering (cf. cosmic sound horizon) as a standard ruler. 

For very large distances (hundreds of Mly or several Gly), the cosmological 
redshift and the Hubble law are used. A complication is that it is not clear what 
is meant by “distance” here, and there are several types of distances used here: 
luminosity distance, proper motion distance, angular diameter distance, etc. 

Depending on the situation, there is a large variety of special techniques to 
measure distances in Cosmology, such as light echo, Bondi radar, RR Lyrae, 
maser distances and secular, statistical, expansion, spectroscopic parallax 
distances. 

NASA’s Chandra X-ray Observatory measures large distances via the delay of 
the halo of scattering material (interstellar dust grains) between the source and 
Earth. Also, frequency-dependent dispersion of fast radio bursts indicate the dis- 
tance via amount of ionized plasma that lies between the burst’s origin and Earth. 

¢ VLBI distance measurements 

Very-long-baseline interferometry (VLBI) is a technique of radio 
astronomy. 
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In VLBI a signal from a compact bright astronomical radio source (say, 
pulsar or maser) is collected by an array of radio telescopes on Earth and in 
near space. The distance between the telescopes is then calculated using the time 
difference between the arrivals of the signals at different telescopes. Observations 
of an object made simultaneously by many telescopes are combined, emulating 
a telescope with a size equal to the maximum distance between the telescopes. 
VLBI arrays can be combined, increasing the resolution to, say, microarcseconds. 

VLBI directly measure distance, via annual parallax, and proper motions. 


26.2 Distances in Theory of Relativity 


The Minkowski space-time (or Minkowski space, Lorentz space-time, flat space- 
time) is the usual geometric setting for the Einstein Special Theory of Relativity. 
In this setting the three ordinary dimensions of space are combined with a single 
dimension of time to form a 4D space-time R'* in the absence of gravity. See, for 
example, [Wein72] for details. 

Vectors in R!* are called 4-vectors (or events). They can be written as (ct, x, y, Z), 
where the first component is the unidirectional time-like dimension (c is the speed of 
light in vacuum, and f is the time), while the other three components are bidirectional 
spatial dimensions. Formally, c is a conversion factor from time to space. 

In fact, c is the speed of gravitational waves and any massless particle: the photon 
(carrier of electromagnetism), the g/uon (carrier of the strong force) and the graviton 
(theoretical carrier of gravity). It is the highest possible speed for any physical 
interaction in nature and the only speed independent of its source and the motion 
of an observer. 

In the spherical coordinates, the events can be written as (ct, r,0,@), where r 
(0 < r < o) is the radius from a point to the origin, ¢ (0 < @ < 2m) is the 
azimuthal angle in the xy plane from the x axis (longitude), and 0 (0 < 6 < m) is 
the polar angle from the z axis (colatitude). 4-vectors are classified according to the 
sign of their squared norm: 


[lv||? = (v,v) = PP — x -—y —2. 


They are said to be time-like, space-like, and light-like (isotropic) if their squared 
norms are positive, negative, or equal to zero, respectively. The set of all light-like 4- 
vectors forms the light cone. If the coordinate origin is singled out, the space can be 
broken up into three domains: domains of absolute future and absolute past, falling 
within the light cone, whose points are joined to the origin by time-like vectors 
with positive or negative value of time coordinate, respectively, and the domain of 
absolute elsewhere, falling outside of the light cone, whose points are joined to the 
origin by space-like vectors. 

A world line of an object is the sequence of events that marks its time history. A 
world line is a time-like curve tracing out the path of a single point in the Minkowski 
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space-time, i.e., at any point its tangent vector is a time-like 4-vector. All world 
lines fall within the light cone, i.e., the curves whose tangent vectors are light-like 
4-vectors correspond to the motion of light and other particles of zero rest mass. 

World lines of particles at constant speed (equivalently, of free falling particles) 
are called geodesics. In Minkowski space they are straight lines. A geodesic in 
Minkowski space which joins two given events x and y, is the longest curve 
among all world lines which join these two events. This follows from the Einstein 
time triangle inequality (cf. inverse triangle inequality and, in Chap. 5, reverse 
triangle inequality): 


lx + yl] = Ileal + IDI 


according to which a time-like broken line joining two events is shorter than the 
single time-like geodesic joining them, i.e., the proper time of the particle moving 
freely from x to y is greater than the proper time of any other particle whose world 
line joins these events. It holds also in Minkowski space extended to any number of 
spatial dimensions, assuming null or time-like vectors in the same time direction. It 
is called twin paradox. 

The space-time is a 4D manifold which is the usual mathematical setting for 
the Einstein General Theory of Relativity, which is the generalization of Special 
Relativity to include gravitation. Here the three spatial components with a single 
time-like component form a 4D space-time in the presence of gravity. Gravity 
is equivalent to the geometric properties of space-time, and in the presence of 
gravity the geometry of space-time is curved. (Bean, 2009, found evidence that over 
extragalactic distances gravity exerts a greater pull on time than on space.) So, the 
space-time is a 4D curved manifold for which the tangent space to any point is the 
Minkowski space, i.e., it is a pseudo-Riemannian manifold—a manifold, equipped 
with a nondegenerate indefinite metric (called pseudo-Riemannian metric in 
Chap. 7) of signature (1,3). 

In the General Theory of Relativity, gravity is described by the properties of the 
local geometry of space-time. In particular, the gravitational field can be built out 
of a metric tensor, a quantity describing geometrical properties space-time such as 
distance, area, and angle. Matter is described by its stress-energy tensor, a quantity 
which contains the density and pressure of matter. The strength of coupling between 
matter and gravity is determined by the gravitational constant G. 

The Einstein field equation is an equation in the General Theory of Relativity, that 
describes how matter creates gravity and, conversely, how gravity affects matter. A 
solution of the Einstein field equation is a certain Einstein metric appropriated for 
the given mass and pressure distribution of the matter. 

A black hole is an astrophysical object that is theorized to be created from the 
collapse of a neutron or “quark” star. The gravitational forces are so strong in a 
black hole that they overcome neutron degeneracy pressure and, roughly, collapse to 
a singularity (point of infinite density and space-time curvature). Even light cannot 
escape the gravitational pull of a black hole within the black hole’s its event horizon. 
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Uncharged black holes are called Schwarzschild or Kerr black holes if their 
angular momentum is zero or not, respectively. Charged black holes are called Kerr— 
Newman or Reissner—Nordstrom black holes if they are spinning or not, respectively. 

Universe and black hole both have singularities—in time and space, respectively. 
Naked (not surrounded by a black hole) singularities were not observed but they 
might exist also. Kerr metric and Reissner—-Nordstrém metric below admit such 
case. Also, a kugelblitz is a putative black hole formed from energy as opposed to 
mass. 

Experimentally, General Relativity is still untested for strong fields (such as near 
neutron-star surfaces or black-hole horizons) or over distances on a galactic scale 
and larger. Neither Newton law of gravitation was tested below 6 x 107° m. 

Putative gravitational waves (fluctuations in the curvature of space-time propa- 
gating as a wave, predicted by Einstein), have been detected in 2014. Also predicted 
frame-dragging effect (the spinning Earth pulls space-time around with it) is under 
probe. The geodetic effect, confirming that space-time acts on matter, was found. 


¢ Minkowski metric 
The Minkowski metric is a pseudo-Riemannian metric, defined on the 
Minkowski space R'”, i.e., a 4D real vector space which is considered as the 
pseudo-Euclidean space of signature (1, 3). It is defined by its metric tensor 


0 0 
(i) =| 5 <1 0 


oo 


The line element ds? of this metric are given by 
ds? = edt’ — dx’ — dy’ — dz’. 


In spherical coordinates (ct,r,0,@), one has ds* = c*dt® — dr? — r°dé? — 
r? sin? 6d¢?. 
The pseudo-Euclidean space R!* of signature (1, 3) with the line element 


ds* = —cC'd? + dv? + dy’ +d? 


can also be used as a space-time model of the Special Theory of Relativity. 

Above notion of space-time (Minkowski, 1908) was the first application 
of geometry to a nonlength-like quantity. But there were some precursors of 
such union of space and time. Lagrange, 1797, observed that with time as 
a 4-th coordinate, “one can regard mechanics as 4-dimensional geometry”. 
Schopenhauer wrote in On the Fourfold Root of the Principle of Sufficient 
Reason (1813): “...it is only by the combination of Time and Space that the 
representation of coexistence arises.” Poe wrote “Space and Duration are one” in 
Eureka: A Prose Poem (1848). 
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Wells wrote on the first page of The Time Machine (1895): ‘Clearly,’ the Time 
Traveler proceeded, ‘any real body must have extension in four directions: it 
must have Length, Breadth, Thickness, and Duration... There is no difference 
between Time and any of the tree dimensions of Space except that our conscious- 
ness moves along it”. Quechua, the language of Inca and 8—10 million modern 
speakers, have a single concept, pacha, for the location in time and space. 

¢ Proper distance and time 

In Relativistic Physics, proper distance and proper time between any two 
events are true physical distance and time difference: the spatial distance between 
them when the events are simultaneous and the temporal distance between them 
when the events occur at the same spatial location. They are the invariant (with 
respect to Lorentz transformations, describing a transition to a coordinate system 
associated with a moving body) intervals of a space-like path or pair of space- 
like separated events, and, respectively, of a time-like path or pair of time-like 
separated events. 

In General Relativity, proper time is the pseudo-Riemannian arc length of 
world lines in 4D-spacetime. In particular, in SR (Special Relativity), it is 





oS / dt? — c~2 (dx? + dy? + dz), 
P 


where ¢f and x, y, z are time and spatial coordinates, while P is the path of the 
clock in space-time. In the subcase of inertial motion, it become 





At = y(At)? — c~?((Ax)? + (Ay)? + (Az)’)), 





where A means “the change in” between two events. Cf. the kinematic metric. 
In SR, the proper distance between two space-like separated events is 





Ao = (Ax)? + (Ay)? + (Az)? = c2(Ad)?. 





¢ Proper length 

In Special Theory of Relativity, the proper (or rest) length between two 
space-like separated events is the distance between them, such as measured in 
an inertial frame of reference in which the events are simultaneous. In contrast to 
invariant proper distance, such simultaneity depends on the observer. 

In a flat space-time, the proper length between two events is the proper length 
of a straight path between them. General Relativity consider the curved space- 
times in which may be more than one straight path (geodesic) between two 
events. 

So, the general proper length is defined as the path integral [,, /—gijdx'dw, 
where gj is the metric tensor for the space-time with signature (1,3), along the 
shortest curve joining the endpoints of the space-like path P at the same time. 
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¢ Affine space-time distance 
Given a space-time (M’*, g), there is a unique affine parametrization s > y(s) 
for each light ray (i.e., light-like geodesic) through the observation event p,, such 
that y(0) = p, and a(%, U.) = 1, where U, is the 4-velocity of the observer 
at Po (1.e., a vector with g(U,, U,) = —1). In this case, the affine space-time 
distance is the affine parameter s, viewed as a distance measure. 
This distance is monotone increasing along each ray, and it coincides, in a 
small neighborhood of p,, with the Euclidean distance in the rest system of Up. 
¢ Lorentz metric 
A Lorentz metric is a pseudo-Riemannian metric (i.c., nondegenerate 
indefinite metric, cf. Chap. 7) of signature (1, p). 
The curved space-time of the General Theory of Relativity can be modeled as 
a Lorentzian manifold (a manifold equipped with a Lorentz metric) of signature 
(1, p). The Minkowski space R!” with the flat Minkowski metric is a model of 
it, in the same way as Riemannian manifolds can be modeled on Euclidean space. 
Given a rectifiable non-space-like curve y : [0,1] — M in the space-time M, 


the /ength of the curve is defined as [(y) = i, /-(2, Y\adt. For a space-like 
curve, we set [(y) = 0 and define the Lorentz distance between two points 


pD.qd€ Mas 


sup l(y), 
ye. 


if p ~ q,ie., if the set [’ of future directed non-space-like curves from p to q is 
nonempty; otherwise, this distance is 0. 

The Lorentz—Minkowski distance is a _ pseudo-Euclidean distance 
(Chap.7) \/D(x, y), where D(x, y) = |x1 — yil? — oo<i<, [xi — yil?. The points 
are called time-, space-, null-separated if D(x,y) is more, less or equal to 0, 
respectively, i.e., if they can be joined by a time-like, space-like or null path. 

¢ Distances on causal sets 

Causal Set Theory is a fundamentally discrete approach to quantum gravity. 
A causal set (or causet) is a partially ordered set (X, <), which is locally finite, 
i.e., the interval (x, y) = {z € X : x ~ z ~ y} is finite for any x,y € X. A link is 
a pair x,y € X such that x < y and (x,y) = 9. A chain is a subcauset such that 
x < yory < x for any two its elements x, y. 

Given x,y € X with x < y, their time-like distance d,(x, y) is (Brightwell— 
Gregory, 1991) the length (number of links) in any geodesic between them, i.e., 
longest chain between and including x and y. Given two unrelated elements x, y € 
X, their naive space-like distance is defined (Brightwell—Gregory, 1991) as 


dns (x,y) = min d,(u, v). 


u,vEXiu<(x,y)<v 


Rideout—Wallden, 2013, modified d,,;(x, y), replacing the minimum above with 
an average over suitably selected minimizing pairs. 
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The elements of X can be seen as events in a discrete space-time, where the 
partial order represent causal relationship. In a causet embedded in Minkowski 
space-time, the distance d,(x, y) is proportional to the proper time. A related 
discrete space-time is a random poset obtained by sampling from a compact 
domain in a space-time manifold. Cf. also D-separation in Bayesian network 
in Chap. 22. 

¢ Kinematic metric 

Given a set X, a kinematic metric (or abstract Lorentzian distance) is 

(Pimenov, 1970) a function t : XxX — RsoU{oo} such that, for all x, y,z € X: 


1. t(x,x) = 0; 

2. t(x, y) > O implies t(y, x) = 0 (antisymmetry); 

3. t(x, y),T(y,z) > O implies t(x,z) > t(x,y) + T(y,z) (inverse triangle 
inequality or anti-triangle inequality). 


The space-time set X consists of events x = (xo,x1) where, usually, x) € R 
is the time and x; € R? is the spatial location of the event x. The inequality 
T(x, y) > O means causality, i.e., x can influence y; usually, it is equivalent to 
yo > Xo and the value t(x, y) > O can be seen as the largest (since it depends on 
the speed) proper time of moving from x to y. 

If the gravity is negligible, then t(x, y) > 0 implies yo — xo > ||y1 —x1||2, and 
T(x, y) = (vo — X0)? — |ly1 — x1 | I2))e (as defined by Busemann, 1967) is a real 
number. For p ~ 2 it is consistent with Special Relativity observations. 

A kinematic metric is not our usual distance metric; also it is not related to the 
kinematic distance in Astronomy. 

But Zapata, 2013, proved that sup, max(|t(x, z) — t(y, 2)|, |7(z.x) — T(z, y)]) 
is a continuous metric on a compact part of space-time and it generates 
the same topology as a nonphysical coordinate-dependent Euclidean distance 


4 
Vy Via? i — yil?. 
¢ Galilean distance 
The Galilean distance is a distance on R” defined by 


x1 —yil if x Ay, 


and by 





V (x2 — y2)? + -+++ Gn —yn)? if 1 = 1. 


The space R”, equipped with the Galilean distance, is called Galilean space. 
For n = 4, it is a setting for the space-time of classical mechanics according 
to Galilei-Newton in which the distance between two events taking place at the 
points p and gq at the moments of time f, and fy is defined as the time interval 
|t; — t2|, while if t; = fo, it is defined as the distance between the points p and q. 
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Einstein metric 
In the General Theory of Relativity, describing how space-time is curved by 
matter, the Einstein metric is a solution to the Einstein field equation 


aca RR ST eee oa 


i.e., a metric tensor ((g;)) of signature (1,3), appropriated for the given mass 


and pressure distribution of the matter. Here Ej, = Ry — ah + Agi; is the Einstein 
curvature tensor, Rj; is the Ricci curvature tensor, R is the Ricci scalar, and T; is 
a stress-energy tensor. Empty space (vacuum) is the case of Rj = 0. 

Einstein introduced in 1917 the cosmological constant A to counteract the 
effects of gravity on ordinary matter and keep the Universe static, i.e., with 
scale factor always being 1. He put A = ae . The static Einstein metric for 


a homogeneous and isotropic Universe is given by the line element 





dr’ 


je 
ae arg) 


+ 7°(d0? + sin? 6d¢’), 


inte 
and numerically it is of the order 10 Gly. Einstein from 1922 call this model his 


“biggest blunder” but A was reintroduced in modern dynamic models as dark 
energy. 
de Sitter metric 

The de Sitter metric is a maximally symmetric vacuum solution to the 
Einstein field equation with a positive cosmological constant A, given by the 
line element 


where k is the curvature of the space-time. The radius of this curvature is 





ds? = dP + eV (dr? + Pb? + sin? 6d9?). 


Expansion of Universe is accelerating at the rate consistent with A ~ 10~!”°, but 
Hartie-—Hawking—Hertog, 2012, gave a quantum model of it with A < 0. 

The most symmetric solutions to the Einstein field equation in a vacuum for 
A = Oand A < Oare the flat Minkowski metric and the anti de Sitter metric. 

The n-dimensional de Sitter space dS, and anti de Sitter space AdS, are 
Lorentzian manifold analogs of elliptic and hyperbolic space, respectively. 

In order to explain the hierarchy problem (why the weak nuclear force is 
10° times stronger than gravity?), Randall and Sundram, 1999, proposed that 
Universe is 5D anti de Sitter space AdS; with elementary particles, except for the 
graviton, being on a (3 + 1)-D brane or branes. This Randall-Sundrum metric 
is ds* = e~*'g,,dx“dy’ + dy”, where k is of order the Planck scale (~ 10~*° m) 
and x“, y are coordinates in 4D and extra-dimension. 
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BTZ metric 

The BTZ metric (Banados, Teitelboim and Zanelli, 2001) is a black hole 
solution for (2+ 1)-dimensional gravity with a negative cosmological constant A. 

There are no such solutions with A = 0. BTZ black holes without any electric 
charge are locally isometric to anti de Sitter space. 

This metric is given by the line element 


1 
2 ke 2 R2 2 I 2 2 792 
° m Me eae avs 


where R is the black hole radius, in the absence of charge and angular momentum. 
Schwarzschild metric 

The Schwarzschild metric is a vacuum solution to the Einstein field equation 
around a spherically symmetric mass distribution; this metric represents the 
Universe around a black hole of a given mass, from which no energy can be 
extracted. 

It was found by Schwarzschild, 1915, only a few months after the publication 
of the Einstein field equation, and was the first exact solution of this equation. 

The line element of this metric is given by 


ds? = ( -£)c 2ar- — ——__ dr. — (6? + sin? 6d¢?), 


iF 7) 


where rz = is the Schwarzschild radius and m is the mass of the black hole. 

This soliton: is only valid for radii larger than r,, as at r = rg there is a 
coordinate singularity. This problem can be removed by a transformation to a 
different choice of space-time coordinates, called Kruskal—Szekeres coordinates. 
As r — +00, the Schwarzschild metric approaches the Minkowski metric. 
Kottler metric 

The Kottler metric is the unique spherically symmetric vacuum solution to 
the Einstein field equation with a cosmological constant A. It is given by 





Im AP 2m AP)! 
ds? =~ (1 oe allt ~~) ae+(1 === ~~) dr +r (d6?+sin? dd”). 
r r 


It is called also the Schwarzschild-de Sitter metric for A > 0 and 
Schwarzschild—anti de Sitter metric for A < 0. Cf. Delaunay metric in 
Chap. 7. 
Reissner—Nordstrém metric 

The Reissner—Nordstrém metric is a vacuum solution to the Einstein field 
equation around a spherically symmetric mass distribution in the presence of a 
charge; it represents the Universe around a charged black hole. This metric is 
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given by 


2 2\ 71 
ds? = (: aon, s) dt — (: so 5) dr? — °(d6? + sin? 6d¢?), 
r r r 


r2 


where m is the mass of the hole, e is the charge (e < m), and we have used units 
with the speed c of light and the gravitational constant G equal to one. 
¢ Kerr metric 
The Kerr metric (or Kerr—Schild metric) is an exact solution to the Einstein 
field equation for empty space (vacuum) around an axially symmetric, rotating 
mass distribution, This metric represents the Universe around a rotating black 
hole. Its line element is given (in Boyer—Lindquist form) by 


dr’ 2 
ds? = p (= ae av”) + (P +a’) sin? 6d¢? — d? + mG sin? Odo — dt)’, 


where p* = r* + a’ cos” @ and A = r* — 2mr + a’. Here m is the mass of the 
black hole and a is the angular velocity as measured by a distant observer. 

The Schwarzschild metric is the Kerr metric with a = 0. A black hole is 
rotating if radiation processes are observed outside its Schwarzschild radius (the 
event horizon radius as dependent on the mass only) but inside its Kerr radius 
(where the rotational kinetic energy is comparable with the rest energy). For the 
Earth, those radii are about | cm and 3 m, respectively. 

In 2013, the spin of a black hole was directly measured for the first time: the 
central black hole of the galaxy NGC 1365 rotates at 84 % of the speed c of light. 

¢ Kerr—Newman metric 

The Kerr-Newman metric is an exact, unique and complete solution to the 
Einstein field equation for empty space (vacuum) around an axially symmetric, 
rotating mass distribution in the presence of a charge, This metric represents the 
Universe around a rotating charged black hole. Its line element is given by 


A +2 a) 2 
ds? = —— (dt — asin? 6dp)? + (P+ @)dp — at? + dr + pdé?, 
p p 


where p* = r* + a? cos” 6 and A = r? — 2mr + a” + e*. Here m is the mass of 
the black hole, e is the charge, and a is the angular velocity. 
The Kerr-Newman metric becomes the Kerr metric if the charge is 0 and the 
Reissner—-Nordstrém metric if the angular momentum is 0. 
¢ Ozsvath-Schiicking metric 
The Ozsvath-Schiicking metric (1962) is a rotating vacuum solution to the 
field equations having in Cartesian coordinates the form 


ds? = —2[(x? — y*) cos(2t) — 2xy sin(2n) dt? + dx? + dy* — 2dtdz. 
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¢ Static isotropic metric 
The static isotropic metric is the most general solution to the Einstein field 
equation for empty space (vacuum); this metric can represent a static isotropic 
gravitational field. The line element of this metric is given by 


ds* = B(r)dt?’ — A(r)dr? — r° (dé? + sin? Odd’), 


where B(r) and A(r) are arbitrary functions. 
¢ Eddington—Robertson metric 
The Eddington—Robertson metric is a generalization of the Schwarzschild 
metric which allows that the mass m, the gravitational constant G, and the 
density p are altered by unknown dimensionless parameters a, 8, and y (all equal 
to 1 in the Einstein field equation). The line element of this metric is given by 


2 
ae = (i 20 + og ay) (“) ton )aP = (142782 4. d2- 
r r r 





—r’(d6? + sin? Odd’). 


¢ Janis-Newman-Wincour metric 
The Janis-Newman-Wincour metric is the most general spherically sym- 
metric static and asymptotically flat solution to the Einstein field equation 
coupled to a massless scalar field. It is given by the line element 


2m\" 2m\~” 2m\!~” 
foe (1 *) de4 (1 *) a+(1 = =") (d02-+sin2 Odg?), 
yr yr yr 





where m and y are constants. For y = 1 one obtains the Schwarzschild metric. 
In this case the scalar field vanishes. 
¢ FLRW metric 

The FLRW (Friedmann—Lemaitre—Robertson—Walker) metric is a exact 
solution to the Einstein field equation for a simply connected, homogeneous, 
isotropic expanding (or contracting) Universe filled with a constant density and 
negligible pressure. This metric represents a matter-dominated Universe filled 
with a dust (pressure-free matter); it models the metric expansion of space. 

Its line element is usually written in the spherical coordinates (ct, r, 0, ¢): 


dr’ 
1 — kr 





ds? = edt’ — a(t)’ ( +r (d0? + sin’ oap?)) : 


where a(t) is the scale factor and k is the curvature of the space-time. 
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¢ Vaidya metric 

The Vaidya metric is a inhomogeneous solution to Einstein field equation 
describing a spherically symmetric space-time composed purely of radially 
propagating radiation. It has been used to describe the radiation emitted by a 
shining star, by a collapsing star and by evaporating black hole. 

The Vaidya metric is a nonstatic generalization of the Schwarzschild metric 
and the radiation limit of the LTB metric. Let M(u) be the mass parameter; the 
line element of this metric (Vaidya, 1953) is given by 


ds? = —-[1 - OO ae + 2dudr + r?(d0? + sin? Odd’). 
¢ LTB metric 

The LTB Lemaitre-Tolman—Bondi) metric is a solution to the Einstein field 
equation describing a spherical (finite or infinite) cloud of dust (pressure-free 
matter) that is expanding or collapsing under gravity. 

The LTB metric describes an inhomogeneous space-time expected on very 
large (Gpc) scale. It generalizes the FLRW metric and the Schwarzschild 
metric. 

The line element of this metric in the spherical coordinates is: 





i ge 0 ap R?(d6? + sin? 0dg”) 
a _ r— sin ; 

1+ 2E 
where R = R(t,r), R’ = aR E = E(r). The shell r = ro at a time t = f has 
an area AnR* (ro, to), and the areal radius R evolves with time as aR = 2E+ 
mn where M = M(r) is the gravitational mass within the comoving sphere at 


radius r. 
¢ Kantowski-Sachs metric 
The Kantowski-Sachs metric is a solution to the Einstein field equation, 
given by the line element 


ds? = —dt + a(t)*dz + b(t)? (d6? + sin 0d’), 
where the functions a(t) and b(t) are determined by the Einstein equation. It is 


the only homogeneous model without a 3D transitive subgroup. 
In particular, the Kantowski—-Sachs metric with the line element 


1 
ds? = —d? + eV Ma? + x (a9? + sin” dg) 


describes an anisotropic Universe with two spherical dimensions having a fixed 
size during the cosmic evolution and exponentially expanding 3-rd dimension. 
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Bianchi metrics 

The Bianchi metrics are solutions to the Einstein field equation for cosmolog- 
ical models that have spatially homogeneous sections, invariant under the action 
of a 3D Lie group, i.e., they are real 4D metrics with a 3D isometry group, 
transitive on 3-surfaces. Using the Bianchi classification of 3D Lie algebras over 
Killing vector fields, we obtain the nine types of Bianchi metrics. 

Each Bianchi model B defines a transitive group Gg on some 3D simply 
connected manifold M; so, the pair (M,G) (where G is the maximal group 
acting on X and containing Gg) is one of eight Thurston model geometries if 
M/G’ is compact for a discrete subgroup G’ of G. In particular, Bianchi type IX 
corresponds to the geometry S°. Only the model geometry S? x R is not realized 
in this way. 

The Bianchi type I metric is a solution to the Einstein field equation for an 
anisotropic homogeneous Universe, given by the line element 


ds’ = —dt’ + a(t)’dx’ + b(t) dy’ + c(t)*dz’, 


where the functions a(t), b(t), and c(t) are determined by the Einstein equation. It 
corresponds to flat spatial sections, i.e., is a generalization of the FLRW metric. 
The Bianchi type IX metric, or Mixmaster metric (Misner, 1969), exhibits 
chaotic dynamic behavior near its curvature singularities. 
Kasner metric 
The Kasner metric is a Bianchi type I metric, which is a vacuum solution to 
the Einstein field equation for an anisotropic homogeneous Universe, given by 


ds? = —dt + PPidx? + PP2dy* + £73 dz’, 


where pj + po + p3 = pi + pi +p; = 1. 

The equal-time slices of Kasner space-time are spatially flat, but space 
contracts in one dimension (i with p; < 0), while expanding in the other two. 
The volume of the spatial slices is proportional to t; so, tf > 0 can describe either 
a Big Bang or a Big Crunch, depending on the sense of f. 

GCSS metric 

A GCSS (i.e., general cylindrically symmetric stationary) metric is a 

solution to the Einstein field equation, given by the line element 


ds? = —fdt? + 2kdtd + e! (dr? + dz’) + Idd’, 


where the space-time is divided into two regions: the interior, with 0 < r < R, to 
a cylindrical surface of radius R centered along z, and the exterior, with R < r < 
oo. Here f, k, 4 and / are functions only of r, and —co < t,z< w,0< ¢@ < 27; 
the hypersurfaces @ = 0 and @ = 27 are identical. 
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Lewis metric 

The Lewis metric is a cylindrically symmetric stationary metric which is 
a solution to the Einstein field equation for empty space (vacuum) in the exterior 
of a cylindrical surface. The line element of this metric has the form 


ds* = —fdt? + 2kdtd — e" (dr? + d2) + ld¢’, 


where f = ar-"*! — cat, k = -Af, l= o — Af, ef = 2 -) with 


A= crt 





+ b. The constants n, a,b, and c can be either real or complex, the 
corresponding solutions belong to the Weyl class or Lewis class, respectively. In 
the last case, such metrics form a subclass of the Kasner type metrics. 
van Stockum dust metric 

The van Stockum dust metric is a stationary cylindrically symmetric 
solution to the Einstein field equation for empty space (vacuum) with a rigidly 
rotating infinitely long dust cylinder. The line element of this metric for the 
interior of the cylinder is given (in comoving, i.e., corotating, coordinates) by 


ds? = —d? + 2ardtdp + e~*" (dr + d2) + PF. — a? )d¢?, 


where 0 < r < R, Ris the radius of the cylinder, and a is the angular velocity of 
the dust particles. There are three vacuum exterior solutions (i.e., Lewis metrics) 
that can be matched to the interior solution, depending on the mass per unit length 
of the interior (the low mass case, the null case, and the ultrarelativistic case). 
Under some conditions (for example, if ar > 1), the existence of closed time- 
like curves (and, hence, time-travel) is allowed. 
Levi-Civita metric 
The Levi-Civita metric is a static cylindrically symmetric vacuum solution 
to the Einstein field equation, with the line element, given (in the Weyl form) by 


ds? = rd? + 6 OCO-D dr? 4d?) + Cr do, 


where the constant C refers to the deficit angle, and o is a parameter. 

In the caseo = —5, C = | this metric can be transformed either into the 
Taub’s plane symmetric metric, or into the Robinson—Trautman metric. 
Weyl-Papapetrou metric 

The Weyl-Papapetrou metric is a stationary axially symmetric solution to 
the Einstein field equation, given by the line element 


ds? = Fdt’ — e(d¢ + dr’) — Ld” — 2Kdgdt, 


where F, K, L and pu are functions only of r and z, LF + K? = r?,00 <t,z< ©, 
0 <r<o,and0 < ¢ < 2m; the hypersurfaces 6 = 0 and ¢ — 2m are identical. 
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¢ Bonnor dust metric 
The Bonnor dust metric is a solution to the Einstein field equation which 
is an axially symmetric metric describing a cloud of rigidly rotating dust 
particles moving along circular geodesics about the z axis in hypersurfaces 
of z = constant. The line element of this metric is given by 


ds? = dt’ + (r° —n’)d¢* + 2ndtdd + e"(dr’ + dz’), 


where, in Bonnor comoving (i.e., corotating) coordinates,n = Fr, Ww = 
h 2 29,2 a : 
are), R? =r? + 2, and his a rotation parameter. 


As R — on, the metric coefficients tend to Minkowski values. 
¢ Weyl metric 
The Weyl metric is a general static axially symmetric vacuum solution to the 
Einstein field equation given, in Weyl canonical coordinates, by the line element 


ds? = e* dt? —e™ (ce (dr’ + dz’) + r'dd’), 


1. oA a7 
e =, 


where A and y are functions only of r and z such that a + ot ae 


de _ aa2 aa? an _ yaa aa 
ar drag ), and az 2r dr dz* 
¢ Zipoy—Voorhees metric 


The Zipoy—Voorhees metric (or y-metric) is a Weyl metric, obtained for 
Pe (Semen), _ ( Sebeetemert ea)" where R? = 12+(z—m)?, 
R5 = r° + (< +m)’. Here A corresponds to the Newtonian potential of a line 
segment of mass density y/2 and length 2m, symmetrically distributed along the 
Z axis. 
The case y = | corresponds to the Schwartzschild metric, the cases y > 1 
(y < 1) correspond to an oblate (prolate) spheroid, and for y = O one obtains 
the flat Minkowski space-time. 
¢ Straight spinning string metric 
The straight spinning string metric is given by the line element 














ds* = —(dt— ado) +d? + dr +k rd¢’, 


where a and k > 0 are constants. It describes the space-time around a straight 
spinning string. The constant k is related to the string’s mass-per-length jz by 
k = 1-4y, and the constant a is a measure of the string’s spin. For a = O and 
k = 1, one obtains the Minkowski metric in cylindrical coordinates. 
¢ Tomimatsu-Sato metric 

A Tomimatsu-Sato metric ({[ToSa73]) is one of the metrics from an infinite 
family of spinning mass solutions to the Einstein field equation, each of which 
has the form € = U/W, where U and W are some polynomials. 

The simplest solution has U = p?(x* — 1) + q?(* — 1) — 2ipgxy(x? — y’), 
W = 2px(x? — 1) — 2igy(1 — y”), where p? + q? = 1. The line element for it is 
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ds’ = x"! ((adt + Bdd)’ — r°(ydt + Sd¢)”) (dz + dr’), 


>» 
pi(x2 — y?)4 


where w = p*(x?—1)?+q?(1—y’)”, B = —=1W(p? (2-1) (?—-y?) +2(px+ DW), 
y = —2pq(? —y’), 6 =a + 4(0? -1)4+ (7 4+ 1)(pxt+ 1)), 2 = a6 - By = 
|U + W/?. 
¢ Gédel metric 
The Gédel metric is an exact solution to the Einstein field equation with 
cosmological constant for a rotating Universe, given by the line element 


ds’ = —(d? + C(n)doy’ + D’(r)dg? + dr’ + dz’, 


where (t, r, @, z) are the usual cylindrical coordinates. 
The Gédel Universe is homogeneous if C(r) = o sinh’ (%*), D(r) = 

1 sinh(mr), where m and Q are constants. The Gédel Universe is singularity-free. 
But there are closed time-like curves through every event, and hence time-travel 
is possible here. The condition required to avoid such curves is m? > 4Q7. 

¢ Conformally stationary metric 

The conformally stationary metrics are models for gravitational fields that 

are time-independent up to an overall conformal factor. If some global regularity 
conditions are satisfied, the space-time must be a product R x M? with a 
(Hausdorff and paracompact) 3-manifold M?, and the line element of the metric 
is given by 


ds? = ef) (-(dt + > Pu (x)dx,)? + > Sv (x)dx,dxy), 
be 


bv 


where 4,v = 1,2,3. The conformal factor e¥ does not affect the light- 
like geodesics apart from their parametrization, i.e., the paths of light rays are 
completely determined by the Riemannian metric g = )~ wv Suv (x)dx,dx, and 
the one-form ¢ = >> un Pu(x)ax, which both live on M - 

In this case, the function f is called the redshift potential, the metric g is called 
the Fermat metric. For a static space-time, the geodesics in the Fermat metric 
are the projections of the null geodesics of space-time. 

In particular, the spherically symmetric and static metrics, including 
models for nonrotating stars and black holes, wormholes, monopoles, naked 
singularities, and (boson or fermion) stars, are given by the line element 


ds? = ef (—d? + S(r)’dr? + R(r)*(d0? + sin? 6dg’)). 
Here, the one-form ¢ vanishes, and the Fermat metric g has the special form 


g = S(r)dr’ + R(r)*(d0? + sin? Odd’). 


602 26 Distances in Cosmology and Theory of Relativity 


For example, the conformal factor e?) of the Schwartzschild metric is equal 


tol — an and the corresponding Fermat metric has the form 


2 D 
g= (0-270 - ™)' a6? + sin 6d¢?). 
r r 


* pp-wave metric 
The pp-wave metric is an exact solution to the Einstein field equation, in 
which radiation moves at the speed c of light. The line element of this metric is 
given (in Brinkmann coordinates) by 


ds? = H(u, x, y)du? + 2dudv + dx* + dy’, 


where H is any smooth function. The term “pp” stands for plane-fronted waves 
with parallel propagation introduced by Ehlers—Kundt, 1962. 

The most important class of particularly symmetric pp-waves are the plane 
wave metrics, in which H is quadratic. The wave of death, for example, is a 
gravitational (i.e., the space-time curvature fluctuates) plane wave exhibiting a 
strong nonscalar null curvature singularity which propagates through an initially 
flat space-time, progressively destroying the Universe. 

Examples of axisymmetric pp-waves include the Aichelburg—Sexl ultraboost 
modeling the motion past a spherically symmetric gravitating object at nearly c, 
and the Bonnor beam modeling the gravitational field of an infinitely long beam 
of incoherent electromagnetic radiation. The Aichelburg—Sexl wave is obtained 
by boosting the Schwarzschild solution to the speed c at fixed energy, i.e., it 
describes a Schwarzschild black hole moving at c. Cf. Aichelburg—Sexl metric 
(Chap. 24). 

¢ Bonnor beam metric 

The Bonnor beam metric is an exact solution to the Einstein field equation 
which models an infinitely long, straight beam of light. It is an pp-wave metric. 

The interior part of the solution (in the uniform plane wave interior region 
which is shaped like the world tube of a solid cylinder) is defined by the line 
element 


ds’ = —8nmr’du — 2dudv + dr + r°dé’, 
where —oo < u,v < 00,0 <r <7, and —z < 6 < a. This is a null dust 
solution and can be interpreted as incoherent electromagnetic radiation. 
The exterior part of the solution is defined by 


ds? = —8xmr,(1 + 2log(r/ro))du* — 2dudv + dr? + r°dé?, 


where —oo < u,v < 00,1 <r<o,and—z <0 <zZ. 
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¢ Plane wave metric 
The plane wave metric is a vacuum solution to the Einstein field equation, 
given by the line element 


ds? = 2dwdu + 2f(u)(x° + y*)du? — dx? — dy’. 


It is conformally flat, and describes a pure radiation field. The space-time with 
this metric is called the plane gravitational wave. It is an pp-wave metric. 
¢ Wils metric 
The Wils metric is a solution to the Einstein field equation, given by 


ds’ = 2xdwdu — 2wdudx + (2f(w)x(x° + y?) — w’) du? — dx? — dy’. 


It is conformally flat, and describes a pure radiation field which is not a plane 
wave. 
¢ Koutras—McIntosh metric 
The Koutras—McIntosh metric is a solution to the Einstein field equation, 
given by the line element 


ds? = 2(ax+b)dwdu—2awdudx+ (2f (uw) (ax +b)? +y’)— aw’) du?—dx’—dy’. 


It is conformally flat and describes a pure radiation field which, in general, is not 
a plane wave. It gives the plane wave metric for a = 0, b = 1, and the Wils 
metric fora = 1,b = 0. 
¢ Edgar—Ludwig metric 
The Edgar—Ludwig metric is a solution to the Einstein field equation, 
given by 


ds? = 2(ax + b)dwdu — 2awdudx+ 
+ (2f(u)(ax + b)(g(u)y + h(u) +? + y?) — a?w*) du? — dx? — dy”. 


This metric is a generalization of the Koutras—McIntosh metric. It is the most 
general metric which describes a conformally flat pure radiation (or null fluid) 
field which, in general, is not a plane wave. If plane waves are excluded, it has 
the form 


ds” = 2xdwdu—2wdudx-+ (2f (u)x(g(u)y + h(u) + .x° + y*) — w’) du?—dx°—dy’. 
¢ Bondi radiating metric 


The Bondi radiating metric describes the asymptotic form of a radiating 
solution to the Einstein field equation, given by the line element 


V 
ds? = — (Te a vere”) du? —2e?8 dudr—2Ur?e”” dud6 +r? (e” dO? +e~” sin? 6dg”), 
r 
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where u is the retarded time, r is the luminosity distance,0 < 0 <2,0<@< 
2x, and U,V, 6, y are functions of u, r, and 6. 
¢ Taub-NUT de Sitter metric 
The Taub-NUT de Sitter metric (cf. de Sitter metric) is a positive-definite 
(i.e., Riemannian) solution to the Einstein field equation with a cosmological 
constant A, given by the line element 


r—L? L-A 


Dra L? 
ds? = ———dr? + (dw + cos dp)? + —7—(d0? + sin? Gd”), 





where A = r?—2Mr+L? + 4(L4 +27 — ir’), Land M are parameters, and 
0, , w are the Euler angles. 
If A = 0, one obtains the Taub—NUT metric (Chap. 7). 
¢ Eguchi-Hanson de Sitter metric 
The Eguchi-Hanson de Sitter metric (cf. de Sitter metric) is a positive- 
definite (i.e., Riemannian) solution to the Einstein field equation with a cosmo- 
logical constant A, given by the line element 


4 Hl 2 4 2 
2 a Ar 2,7 a Ar 2 
ds (1-$- -) a+ 7 (1-5 - =) (ay + costa)? 








r 
+7 (46° + sin’ 6d@’), 


where a is a parameter, and 0, ¢, w are the Euler angles. 
If A = 0, one obtains the Eguchi-Hanson metric. 
¢ Barriola—Vilenkin monopole metric 
The Barriola—Vilenkin monopole metric is given by the line element 


ds’ = —d? + dr’? + kr’ (d0? + sin? Odd’), 


with a constant k < 1. There is a deficit solid angle and a singularity at r = 0; 
the plane t = constant, 0 = 5 has the geometry of a cone. 

This metric is an example of a conical singularity; it can be used as a model 
for monopole, i.e., a hypothetical isolated magnetic poles. It has been theorized 
that such things might exist in the form of tiny particles similar to electrons or 
protons, formed from topological defects in a similar manner to cosmic strings. 

Cf. Gibbons—Manton metric in Chap. 7. 

¢ Bertotti-Robinson metric 

The Bertotti-Robinson metric is a solution to the Einstein field equation in 

a universe with a uniform magnetic field. The line element of this metric is 


ds’ = Q’(—d?’ + sin? tdw? + d0? + sin? 6d¢’), 


where Q is a constant, t € [0, 2], w € (—oo, +00), 6 € [0, z], and ¢ € [0, 27]. 
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Wormhole metric 

A wormhole is a hypothetical region of space-time containing a world tube 
(the time evolution of a closed surface) that cannot be continuously deformed to 
a world line (the time evolution of a point). 

Wormhole metric is a theoretical distortion of space-time in a region of the 
Universe that would link one location or time with another, through a “shortcut”, 
i.e., a path that is shorter in distance or duration than would otherwise be 
expected. A wormhole geometry can only appear as a solution to the Einstein 
equations if the stress-energy tensor of matter violates the null energy condition 
at least in a neighborhood of the wormhole throat. 

Einstein—Rosen bridge (1935) is a nontraversable (unstable) wormhole 
formed from either black hole or spherically symmetric vacuum regions; it 
possesses a singularity and impenetrable event horizon. Traversable wormholes, 
as well as warp drive (faster-than-light propulsion system) and time machines, 
permitting journeys into the past, require bending of space-time by exotic matter 
(negative mass or energy). 

Whereas the curvature of space produced by the attractive gravitational field of 
ordinary matter acts like a converging lens, negative energy acts like a diverging 
lens. The negative mass required for engineering, say, a wormhole of throat 
diameter 4.5 m, as in Stargate’s inner ring (from TV franchise Stargate), is 
=~ —3x10°’ kg. But oscillating warp and tweaking wormhole’s geometry (White, 
2012) can greatly reduce it. Also, negative energy can be created (Butcher, 2014) 
at the centre of a wormhole if its throat is orders of magnitude longer than its 
mouth. 

Lorentzian wormholes, not requiring exotic matter to exist, were proposed, 
using higher-dimensional extensions of Einstein’s theory of gravity, by 
Bronnikov—Kim, 2002, and Kanti—Kleihaus—Kunz, 2011. Still, only atomic- 
scale wormholes would be practical to build, using them solely for superluminal 
information transmission. 

Lorentzian wormholes can be seen as maximally entangled states of two 
black holes in a Einstein—Podolsky—Rosen correlation, i.e., nonclassical one (it 
cannot be approximated by convex combinations of product states). Maldacena— 
Susskind, 2013: any two entangled quantum subsystems (cf. Chap.24) are 
connected by a such wormhole. For Sonner, 2013, gravity might emerge from 
quantum entanglement. 

Morris—Thorne metric 

The Morris—Thorne metric (Morris—Thorne, 1988) is a traversable worm- 
hole metric which is a solution to the Einstein field equation with the line 
element 


20(w) 


ds* =e 2 dt’ — dw’ — r(w)’(dé” + sin’ 6dd’), 





where w € [—oo, +00], r is a function of w that reaches some minimal value 
above zero at some finite value of w, and ®(w) is a gravitational potential 
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allowed by the space-time geometry. It is the most general static and spherically 
symmetric metric able to describe a stable and traversable wormhole. 

Morris—Thorne—Yurtsever, 1988, stated that two closely spaced (10~? — 107!” 
m) concentric thin charged hollow spheres the size of 1 AU can create negative 
energy, required for engineering this wormhole, using the quantum Casimir 
effect. 

¢ Alcubierre metric 

The Alcubierre metric (Alcubierre, 1994) is a wormhole metric which is a 
solution to the Einstein field equation, representing warp drive space-time where 
the existence of closed time-like curves is allowed. The Alcubierre construction 
corresponds to a warp (i.e., faster than light) drive in that it causes space-time 
to contract in front of a spaceship bubble and expand behind, thus providing the 
spaceship with a velocity that can be much greater than the speed of light relative 
to distant objects, while the spaceship never locally travels faster than light. 

In this case, only the relativistic principle that a space-traveler may move with 
any velocity up to, but not including or exceeding, the speed of light, is violated. 

Also, light has another speed, phase velocity, measured by how fast a 
wavelength’s crests move. This speed depends on the material it’s moving 
through. 

The line element of this metric has the form 


ds’ = —dt’ + (dx — uf (r)dt)? + dy’ + d?, 


where v = ae is the apparent velocity of the warp drive spaceship, x,(f) is 


spaceship trajectory along the coordinate x, the radial coordinate is r = ((x — 





x,())? + y? + 2)2, and f(r) an arbitrary function subject to the conditions that 
f = 1atr = 0 (the location of the spaceship) and f(oo) = 0. 

Another warp drive space-time was proposed by Krasnikov, 1995. Krasnikov 
metric in the 2D subspace f, x is given by the line element 


ds? = —d? + (1 — k(x, t))dxdt + k(x, dx’, 


where k(x, t) = 1 — (2—48)6.(t — x) (6@<(x) — @.(x + € — D)), D is the distance to 
travel, 6. is a smooth monotonic function satisfying 6.(z) = 1 atz > €, 0.(z) =0 
at z < 0 and 6, € are arbitrary small positive parameters. 
¢ Misner metric 
The Misner metric (Misner, 1960) is a metric, representing two black holes, 
instantaneously at rest, whose throats are connected by a wormhole. The line 
element of this metric has the form 


ds’ = —d? + wi(de + dy’ +d’), 
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where the conformal factor w is given by 


= > am 1 


~, sinh(jon) \/x? + y? + (z + coth(juon))? 








The parameter {1p is a measure of the ratio of mass to separation of the throats 
(equivalently, a measure of the distance of a loop in the surface, passing through 
one throat and out of the other). The summation limit N tends to infinity. 

The topology of the Misner space-time is that of a pair of asymptotically flat 
sheets connected by a number of wormholes. In the simplest case, it can be seen 
as a 2D space R x S!, in which light progressively tilts as one moves forward in 
time, and has closed time-like curves (so, time-travel is possible) after a certain 
point. 

Rotating C-metric 

The rotating C-metric is a solution to the Einstein—Maxwell equations, 
describing two oppositely charged black holes, uniformly accelerating in oppo- 
site directions. The line element of this metric has the form 


ds? =A7(x+y)~ (= + x + k?G(X)d¢’? — - RA? Fd?) : 


where F(y) = —1 + y? — 2mAy? + e?A*y*, G(x) = 1 — x? — 2mAx? — e?A*x*, m, 
e, and A are parameters related to the mass, charge and acceleration of the black 
holes, and k is a constant fixed by regularity conditions. 

This metric should not be confused with the C-metric from Chap. 11. 
Myers-Perry metric 

The Myers—Perry metric describes a 5D rotating black hole. Its line ele- 
ment is 


2 
de = de & ait ~ asin? Odd — bcos? 6dy)?+ 


2 
+5dP + pdb? + (2 + a2) sin? Odd? + (7? + b?) cos? OdW?, 


where p* = r* +a” cos? 6 +b’ sin’ 6, and R? = ae tae aa Above black 
hole is asymptotically flat and has an event horizon with S? topology. 

Emparan and Reall, 2001, using the possibility of rotation in several indepen- 
dent rotation planes, found a 5D black ring, i.e., asymptotically flat black hole 
solution with the event horizon’s topology of S! x S?. 

Ponce de Leén metric 
The Ponce de Le6n metric (1988) is a 5D metric, given by the line element 


dP, 





2. p42 2 2 2 QW 
ds* = I'dt’ — (t/to)“pl’— (dx + dy” + dz) a 1p 
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where / is the 5-th (space-like) coordinate. This metric represents a 5D apparent 
vacuum. It is not flat but embed the flat 4D FLRW metric. 
¢ Kaluza—Klein metric 

The Kaluza—Klein metric is a metric in the Kaluza—Klein model of 5D space- 
time which seeks to unify classical gravity and electromagnetism. 

Kaluza, 1921 (but sent to Einstein in 1919), found that, if the Einstein theory 
of pure gravitation is extended to a 5D space-time, the Einstein field equation 
can be split into an ordinary 4D gravitation tensor field, plus an extra vector field 
which is equivalent to the Maxwell equation for the electromagnetic field, plus 
an extra scalar field known as the dilation (or radion). 

Klein, 1926, assumed that the 5-th dimension (i.e., 4-th spatial dimension) is 
curled up in a circle of an unobservable size, below 10~7° m. Almost all modern 
higher-dimensional unified theories are based on Kaluza—Klein approach. 

An alternative proposal is that the extra dimension(s) is extended, and the 
matter is trapped in a 4D submanifold. In a model of a such large extra dimension, 
the 5D metric of a universe can be written in Gaussian normal coordinates as 


ds? = —(dxs)’ + ?(xs) )~ nopdradxp, 
a,B 


where 7og is the 4D metric tensor and A*(x5) is any function of the 5-th 
coordinate. 

In particular, the STM (space-time-matter) theory (Wesson and Ponce de 
Leon, 1992) relate the 5-th coordinate to mass via either x5 = om or x5 = 
where G is the Newton gravitational constant and h is the Planck constant. 

The Ponce de Leon metric is a STM solution. In STM (or induced matter) 
theory, the 4D curvature arises not due to the distribution of matter in the 
Universe (as claims Relativity Theory) but because the Universe is embedded 
in some higher-dimensional vacuum manifold M, and all the matter in our world 
can be thought of as being manifestations of the geometrical properties of M. 

Wesson and Seahra, 2005, claim that the Universe may be a 5D black hole. 
Life is not excluded since in 5D there is no physical plughole and the “tidal” 
forces are negligible. Suitable manifolds for such STM theory are given by two 
isometric solutions of the 5D vacuum field equations: Liu—Mashhoon—Wesson 
metric and Fukui—Seahra—Wesson metric; both embed 4D FLRW metric. 

¢ Carmeli metric 
The Carmeli metric (Carmeli, 1996) is given by the line element 


mc? 


ds’ = dx? + dy’ + de — 1*dv’, 


where tT = i is the inverse of Hubble constant and v is the cosmological 
recession velocity. So, comparing with the Minkowski metric, it has t and 
velocity v, instead of c and time f. This metric was used in Carmeli’s Relativity 
Theory which is intended to be better than General Relativity on cosmological 


scale. 
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The Carmeli metric produces the Tulli-Fisher type relation in spiral galaxies: 
4-th power of the rotation speed is proportional to the mass of galaxy; it obviate 
the need for dark matter. This metric predicts also cosmic acceleration. 

Including icdt component of the Minkowski metric, gives the Kaluza— 
Klein—Carmeli metric (Harnett, 2004) defined by 


ds? = dx’ + dy’ +d? — dt” — 17 dv". 


¢ Prasad metric 
A de Sitter Universe can be seen as the sum of the external and internal space. 
The internal space has a negative constant curvature os and can be charac- 
terized by the symmetry group SO3. The Prasad metric of this space is given, 
in hyperspherical coordinates, by the line element 


ds* = r’ cos’ t(dy” + sinh” y(d6? + sin’ @dg’)) — r’dr’. 


The value sin y is called adimensional normalized radius of the de Sitter 
Universe. 

The external space has constant curvature a and can be characterized by the 
symmetry group SO, 1. Its metric has the line element of the form 


ds? = R’ cosh’ t(dy’ + sin” y(d6? + sin? 6dp”)) — R’dt’. 
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Part VII 
Real-World Distances 





Chapter 27 
Length Measures and Scales 


The term length has many meanings: distance, extent, linear measure, span, reach, 
end, limit, etc.; for example, the length of a train, a meeting, a book, a trip, a shirt, 
a vowel, a proof. The length of an object is its linear extent, while the height is 
the vertical extent, and width (or breadth) is the side-to-side distance at 90° to the 
length, wideness. The depth is the distance downward, distance inward, deepness, 
profundity, drop. 

The ancient Greek mathematicians saw all numbers as lengths (of segments), 
areas or volumes. In Mathematics, a length function is a function / : G > Rso on 
a group (G, +, 0) such that /(0) = 0 and /(g) = I(—g), I(g + g’) < Ug) + U(g') for 
gg €G. 

In Engineering and Physics, “length” usually means “distance”. Unit distance is 
a distance taken as a convenient unit of length in a given context. 

In this chapter we consider length only as a measure of physical distance. We 
give selected information on the most important length units and present, in length 
terms, a list of interesting physical objects. 


27.1 Length Scales 


The main length measure systems are: Metric, Imperial (British and American), 
Japanese, Thai, Chinese Imperial, Old Russian, Ancient Roman, Ancient Greek, 
Biblical, Astronomical, Nautical, and Typographical. 

There are many other specialized length scales; for example, to measure cloth, 
shoe size, gauges (such as interior diameters of shotguns, wires, jewelry rings), sizes 
for abrasive grit, sheet metal thickness, etc. 

Many units express relative or inverse distances. Quantities measured in recipro- 
cal length include: radius of curvature, density of a linear feature in an area, surface- 
area-to-volume ratio, vector’s magnitude (in Crystallography and Spectroscopy), 
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optical power (cf. lens distances in Chap. 29), absorption (or attenuation) coefficient 
(cf. Chap. 24), gain (in Laser Physics). Common units used for such measures are 
inverse meter m7! (called diopter in Optics), cm™! and cycles per unit length (for 
spatial frequency). 

Some units express nonlength quantities in length terms. For example, the 
denudation rate (wearing down of the Earth’s surface) is measured in cm per 1000 
years. Cf. also meter of water equivalent in Chap. 24. 


¢ International Metric System 

The International Metric System (or SI, short for Systéme International), 
also known as MKSA (meter—kilogram—second—ampere), is a modernized ver- 
sion of the system of units, established by the Treaty of the Meter from 20 
May 1875, which provides a logical and interconnected framework for all 
measurements in science, industry and commerce. The system is built on a 
foundation consisting of the following seven SI base units, assumed to be 
mutually independent: 

(1) length: meter (m); it is equal to the distance traveled by light in a vacuum 
in 1/299,792,458 of a second; (2) time: second (s); (3) mass: kilogram (kg); (4) 
temperature: kelvin (K); (5) electric current: ampere (A); (6) luminous intensity: 
candela (cd); (7) amount of substance: mole (mol). 

Meter, second, candela are already defined in terms of fundamentals of nature. 
Kilogram, kelvin, mole and ampere are expected to be redefined in terms of the 
Planck, Boltzmann, Avogadro constants and the charge of proton, respectively. 

Meter is defined as a proper length (the length of the object in its rest frame, 
cf. Sect. 26.2). So, it is well defined only over short distances where relativistic 
effects are negligible (cf. Lorentz length contraction in Sect. 26.1), and all 
cosmic distances, given in meters, are approximations. 

Originally, on March 26, 1791, the métre (French for meter) was defined as 
TOUS oOS of the distance from the North Pole to the equator along the Dunkirk- 
Barcelona meridian. The name métre was derived from the Greek metron 
(measure). In 1799 the standard of métre became a meter-long platinum-iridium 
bar kept in Sévres, a town outside Paris, for people to come and compare their 
rulers with. (The metric system, introduced in 1793, was so unpopular that 
Napoleon was forced to abandon it and France returned to the métre only in 
1837.) In 1960-1983, the meter was defined in terms of wavelengths. 

The initial metric unit of mass, the gram, was defined as the mass of one 
cubic centimeter of water at its temperature of maximum density. A metric ton 
(or metric tonne, tonne) is a unit of mass equal to 1000 kg; this non-SI unit is 
used instead of the SI term megagram (10° grams). For capacity, the litre (liter) 
was defined as the volume of a cubic decimeter. 

¢ Metrication 

The metrication is an ongoing (especially, in the US, the UK and Caribbean 
countries) process of conversion to the International Metric System, SI. Only 
the US, Liberia and Myanmar have not fully switched to SI. 
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For example, the US uses only miles for road distance signs (milestones). 
Altitudes in aviation are usually described in feet, and resolutions of output 
devices are specified in dpi (dots per inch). In shipping, nautical miles and knots 
are used; both are accepted for use with SI. 

Hard metric means designing in the metric measures from the start and 
conformation, where appropriate, to internationally recognized sizes and designs. 

Soft metric means multiplying an inch-pound number by a metric conversion 
factor and rounding it to an appropriate level of precision; so, the soft converted 
products do not change size. The American Metric System consists of converting 
traditional units to embrace the uniform base 10 used by the Metric System. 

Such S]-Imperial hybrid units, used in soft metrication, are, for example, 
kiloyard (914.4 m), kilofoot (304.8 m), mil or milli-inch (25.4 micron), and min 
or microinch (25.4 nm). The metric inch (2.5 cm * | inch) and metric foot 
(30 cm) were used in some Soviet computers when building from American 
blueprints. 

In athletics and skating, races of 1500 m or 1600 m are often called metric 
miles. Examples of traditional units adapted to the meter are Chinese Ji = 500 m 
= 1500 chi (Chinese feet), Thai wa = 2 m = 4 sok, Vietnamese xich = 1 m 
= 1000 ly. 

¢ Meter, in Poetry and Music 

In Poetry, meter (or cadence) is a measure of rhythmic quality, the regular 
linguistic sound patterns of a verse or line in it. The meter of a verse is the 
number of lines, the number of syllables in each line and their arrangement 
as sequences of feet. Each foot is a specific sequence of syllable types—such 
as unstressed/stressed or long/short. Fussell, 1965, define four types of meter: 
syllabic, accentual, accentual-syllabic and quantitative, where patterns are based 
on syllable weight (number and/or duration of segments in the rhyme) rather than 
stress. 

Hypermeter is part of a verse with an extra syllable; metromania is a mania 
for writing verses and metrophobia is a fear/hatred of poetry. 

In Music, meter (or metre) is the regular rhythmic patterns of a musical line, 
the division of a composition into parts of equal time, and the subdivision of 
them. It is derived from the poetic meter of song. Different tonal preferences in 
voiced speech are reflected in music; it explains why Eastern and Western music 
differ. 

Metrical rhythm is where each time value is a multiple or fraction of a fixed 
unit (beat) and normal accents re-occur regularly providing systematic grouping 
(measures). Isometre is the use of a pulse (unbroken series of periodically 
occurring short stimuli) without a regular meter, and polymetre is the use of two 
or more different meters simultaneously, whereas multimetre is using them in 
succession. 

A rhythmic pattern/unit is either intrametric (confirming the pulses on 
the metric level), or contrametric (syncopated, not following the beat/meter), 
or extrametric (irregular with respect to the metric structure of the piece). 
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Rhythms/chords with the same multiset of intervals/distances are called homo- 
metric. 

A temporal pattern is metrically represented if it can be subdivided into equal 
time intervals. A metronome is any device that produces regular, metrical ticks 
(beats); metronomy: measurement of time by a metronome or, in general, an 
instrument. 

¢ Meter-related terms 

We present this large family of terms by the following examples (besides the 
unit of length and use in Poetry and Music). 

Metrograph: a device attached to a locomotive to record its speed and 
the number and duration of its stops. Cf. unrelated metrography in Medicine 
(Chap. 29). 

Metrogon: a high resolution, low-distortion, extra-wide field photographic 
lens design used extensively in aerial photography. 

The names of various measuring instruments contain meter at the end, say, 
ammeter, gas meter, multimeter (or volt-ohm meter). 

Metrosophy: a cosmology based on strict number correspondences. 

Metrology: the science of, or a system of, weights and measures. 

A metric meterstick is a rough rule of thumb for comprehending a metric 
unit; for example, 5 cm is the side of a matchbox, and | km is = 10 minutes’ 
walk. 

Metering: an equivalent term for a measurement (assignment of numbers to 
objects or events); micrometry: measurement under the microscope; hypsometry: 
measurement of heights; telemetry: technology that allows remote measurement; 
archeometry: the science of exact measuring referring to the remote past. 

Hedonimetry: the study of happiness as a measurable economic asset; psy- 
chometry: alleged psychic power enabling one to divine facts by handling objects. 

Psychometrics: the theory and technique of psychological measurement; 
psychrometrics: the determination of physical and thermodynamic properties of 
gas-vapor mixtures; biometrics: the identification of humans by their character- 
istics or traits; cliometrics: the systematic application of econometric techniques 
and other formal or mathematical methods to the study of history. 

Metric, as anonmathematical term, is a standard unit of measure (for example, 
font metrics refer to numeric values relating to size and space in the font) or, more 
generally, part of a system of parameters; cf. quality metrics in Chap. 29. 

Antimetric matrix: a square matrix A with A = —A!: an antimetric electrical 
network is one that exhibits antisymmetrical electrical properties. 

Tsometropia: equality of refraction in both eyes; hypermetropia is farsighted- 
ness. 

Isometric particle: a virus which (at the stage of virion capsid) has icosahedral 
symmetry. [sometric process: a thermodynamic process at constant volume. 

Metrohedry: overlap in 3D of the lattices of twin domains in a crystal. 

Multimetric crystallography: to consider (Janner, 1991), in addition to 
the Euclidean metric tensor, pseudo-Euclidean tensors (hyperbolic rotations) 
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attached to the same basis; cf. pseudo-Euclidean distance in Chap.7 and 
multimetric in Chap. 3. 

Metria: a genus of moths of the Noctuidae family. 

Metrio: Greek coffee with one teaspoon of sugar (medium sweet). In Anthro- 
pology, metriocranic means having a skull that is moderately high compared with 
its width, with a breadth-height index 92-98. 

Metroid: the name of a series of video games produced by Nintendo and 
metroids are a fictional species of parasitic alien creatures from those games. 

Examples of companies with a meter-related name are: Metron, Metric Inc., 
MetaMetrics Inc., Metric Engineering, Panametric, Prometric, Unmetric, World 
Wide Metric. Metric is also a Canadian New Wave rock band. 

¢ Metric length measures 


kilometer (km) = 1000 meters = 10? m; 

meter (m) = 10 decimeters = 10° m; 

decimeter (dm) = 10 centimeters = 107! m; 

centimeter (cm) = 10 millimeters = 10~? m; 

millimeter (mm) = 1000 micrometers = 10~* m; 

micrometer (or non-SI micron; 1m) = 1000 nanometers = 107° m; 
nanometer (or non-SI 10 angstroms A; nm) = 1000 picometers = 107°; 
picometer (pm) = 1000 femtometers = 10~!? m; 

femtometer (or non-SI fermi; fm) = 1000 attometers = 10~} m. 


The numbers 10* (¢ = —8,...,—1,1,...,8) are given by metric prefixes: 
yocto-(y), zepto-(z), atto-(a), femto-(f), pico-(p), nano-(n), micro-(jz), milli-(m), 
kilo-(k), mega-(M), giga-(G), tera-(T), peta-(P), exa-(E), zetta-(Z), yotta-(Y), 
respectively, while 10’ (tf = —2,—1, 1,2) are given by centi-(c), deci-(d), deca- 
(da), hecto-(h). 

But for plankton’s size femto-, pico-, nano-, micro-, meso-, macro-, mega- 
mean < 0.2j2, 0.2-2j1, 2-20, 20-200, 0.2-20 mm, 20-200 mm, > 200 mm. 

In computers, a bit (binary digit) is the basic unit of information, a byte (or 
octet) is 8 bits, and 10* bytes for t = 1,..., 8 are kilo-(KB), mega-(MB), giga- 
(GB), ..., yottabyte (YB), respectively. Sometimes (because of 2!9 = 1024 =» 
103) the binary terms kibi-(KiB), mebi-(MiB), gibibyte (GiB), etc., are used for 
29 bytes. 

¢ Imperial length measures 

The Imperial length measures (as slightly adjusted by a treaty in 1959) are: 

(land) league = 3 international miles; 

(international) mile = 5280 feet = 1609.344 m; 

(US survey) mile = 5280 US feet ~ 1609.347 m; 

data (or tactical) mile = 6000 feet = 1828.8 m and radar mile = 12.204 us 
(time it takes a radar pulse to travel one data mile forth and back); 

(international) yard = 0.9144 m = 3 feet = 5 fathom; 

(international) foot = 0.3048 m = 12 inches; 

(international) inch = 2.54 cm = 12 lines; 
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(a unit of measure of height of equipment) rack unit = 5 inch; 


(a unit of measure in advertising space) agate line = ee 


id 
(a unit of computer mouse movement) mickey = ww inch; 
mil (British thou) = inch; mil is also an angular measure =~ ~ 0.001 
radian. 


3200 
In addition, Surveyor’s Chain measures are: furlong = 10 chains = ; mile; 
chain = 100 links = 66 feet; rope = 20 feet; rod (or pole) = 16.5 feet; link 
= 7.92 inches. Mile, furlong and fathom come from the slightly shorter Greco- 
Roman milos (milliare), stadion and orguia, mentioned in the New Testament. 


For measuring cloth, old measures are used: bolt = 40 yards; goad = 3 yard; 


1000 


ell = 3 yard = 45 inches; quarter = i yard; finger = ; yard; nail = x yard. 

Other old English units of length: barleycorn = : inch; digit = 3 inches and 
palm, hand, shaftment, span, cubit = 3, 4, 6, 9, 18 inches, respectively. 
Cubit 

The cubit, originally the length of the forearm from the elbow to the tip of 
the middle finger, was the ordinary unit of length in the ancient Near East which 
varied among cultures and with time. It is the oldest recorded measure of length. 

The cubit was used, in the temples of Ancient Egypt from at least 2700 BC, as 
follows: 1 ordinary Egyptian cubit = 6 palms = 24 digits = 45 cm (18 inches), 
and | royal Egyptian cubit = 7 palms = 28 digits ~ 52.6 cm. Relevant Sumerian 
measures were: | ku = 30 shusi = 25 uban = 50 cm, and | kus = 38 sts, 

Biblical measures of length are the cubit and its multiples by 4, 1 x 7 ; x 7 called 
fathom, span, palm, digit, respectively. But the length of this cubit is unknown; 
it is estimated now as + 44.5 cm (as Roman cubitus) for the common cubit, used 
in commerce, and 51-56 cm for the sacred one, used for building. 

The Talmudic cubit is 48-57.6 cm. The pyramid cubit (25.025 inches ~ 
63.567 cm), derived in Newton’s Biblical studies, is supposed to be the basic 
one in the dimensions of the Great Pyramid and far-reaching numeric relations 
on them. 

Thom, 1955, claim that the megalithic yard, 82.966 cm, was the basic unit 
used for stone circles in Britain and Brittany c. 3500 Bc. Butler—Knight, 2006, 
derived this unit as 1/(360 x 3667)-th of 40,075 km (the Earth’s equatorial 
circumference), linking it to the putative Megalithic 366-degree circle and 
Minoan 366-day year. Such a “366 geometry” is a part of the pseudoscientific 
metrology 
Nautical length units 

The main nautical length units (also used in aerial navigation) are: 

sea league = 3 sea (nautical) miles; 

nautical mile = 1852 m (originally defined as 1 min of arc of latitude); 

geographical mile ~ 1855.32 m (the average distance on the Earth’s surface, 
represented by 1| min of arc along the Earth’s equator); 

(international) short cable length = a nautical mile = 185.2 m x 101 
fathoms; 
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(US customary) cable length = 120 fathoms = 720 feet = 219.456 m; 
fathom = 6 feet = 1.8288 m. 
¢ Preferred design sizes 

Objects are often manufactured in a series of sizes of increasing magnitude. In 
Industrial Design, preferred numbers are standard guidelines for choosing such 
product sizes within given constraints of functionality, usability, compatibility, 
safety or cost. Preferred design sizes are such lengths, diameters and distances. 

Four basic Renard’s series of preferred numbers divide the interval from 10 
to 100 into 5, 10, 20, or 40 steps, with the factor between two consecutive 
numbers being constant (before rounding): the 5-th, 10-th, 20-th, or 40-th root 
of 10. Since the International Metric System (SI) is decimally-oriented, the 
International Organization for Standardization (ISO) adopted Renard’s series as 
the main preferred numbers for use in setting metric sizes. But, for example, the 
ratio between adjacent terms (i.e., notes) in the Western musical scale is 12-th 
root of 2. 

In the widely used ISO paper size system, the height-to-width ratio of all 
pages is the Lichtenberg ratio, i.e., 2. The system consists of formats An, Bn 
and (used for envelopes) Cn with 0 < n < 10, having widths 9-4-3. 2-2 and 
me ee respectively. The above measures are in m; so, the area of An is 2” 
m?. They are rounded and expressed usually in mm; for example, format A4 is 
210 x 297 and format B7 (used also for EU and US passports) is 88 x 125. 

¢ Typographical length units 


PostScript point = z, inch = = 100 euleubelEs > = 0.3527777778 mm; 

TeX point (or shite pone = aa 4 eas 0.3514598035 mm; 

ATA point (or Anglo-Saxon point) = >, ay inch = 0.3514598 mm; 

point (Didot, European) = 0.37593985 mm, cicero = 12 points Didot; 

pica (Postscript, TeX or ATA) = 12 points in the corresponding system; 

twip = + of a point in the corresponding system. 

In display systems, wip is iw inch, and himetric is 0.01 mm. 

e Astronomical system of units 

The astronomical system of units (or, formally, JAU (1976) System of 
Astronomical Constants) is a system of measurement developed for use in 
astronomy by the IAU (International Astronomical Union). 

It is based on units of length (AU), mass (Mo), and time (day). The speed of 
light in IAU is defined as cp = 299,792,458 m/s. 

The astronomical unit of time is the day D = 24 x 60* = 86,400s. 365.25 
days make up one Julian year. 

The astronomical unit of mass is the mass of the Sun: Mo = 1.98892 x 
10°° kg. 

The astronomical unit of length (AU or ua) is cot, = 149,597,870,691 + 3m 
~ mean Earth—Sun distance; here tf, is the transit time of light across 1 AU. 

Among derived units are light-year coD x 365.25 = 0.94607304725808 x 
10'° m and parsec 8° AU ~ 206,264.81 AU © 3.085677581 x 10! m 
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¢ Length units in Astronomy 


The Hubble distance (Chap. 26) or Hubble length is Dy = on ~ 1.31107 


m * 4.237 Gpe = 13.82 Gly (used to measure distances d > 5 Mpc in terms of 


redshift z: d = zDy if z < 1, andd = th Da. otherwise). 





gigaparsec (Gpc) = 10° megaparsec (Mpc) = 10° kiloparsec (kpc) = 10° 
parsecs; 

hubble (or light-gigayear, light-Ga, Gly) = 10° million light-years (Mly); 
siriometer = 10° AU = 15.813 ly (about twice the Earth-Sirius distance); 
parsec (pc) = “8:0 ~ 206,265 AU ~ 3.262 light-years = 3.086 x 10!° m; 
light-year (ly) + 9.461 x 10'5 m = w x 10’ light-seconds ~ 0.307 parsec; 
spat (used formerly) = 10! m = 10? gigameters ~ 6.685 AU; 

astronomical unit (AU) © 1.496 x 10'! m ~ 499 light-seconds; 
light-second ~ 2.998 x 10° m (the Earth-Moon distance is + 1.28 light- 
seconds); 

radii of Moon, Earth, Jupiter and Sun: 1737, 6371, 69,911 and 695,510 km; 
picoparsec ~ 30.86 km; cf. other funny units such as sheppey 1.4 km (closest 
distance at which sheep remain picturesque), beard-second 5 nm (distance 
that a beard grows in a second), microcentury ~ 52.5 min (lecture’s length), 
nanocentury ~ Jv Sec. 


¢ Natural length units 
Natural units are units of measurement based only on physical constants, for 
example, the speed c of light, gravitational constant G, reduced Planck constant 
h, Boltzmann constant kg, Coulomb’s constant k., proton’s elementary charge e, 
eke 


fine-structure constant a = =! © mw and masses m,, m, of electron and proton. 


Planck length (smallest measurable length) is /p = ,/ AG x 1.6162 x 
10-* m. (The Stoney length, used formerly, is ./alp.) Ip is the reduced 
Compton wavelength Ac(m) = “*lp, and also half of the Schwarzschild 
radius r,(m) = 2Gmc~? (Chap. 24) for m = mp (Planck mass) = ,/ he rs 
2.18 x 10-8 kg = 22 mg. 

The remaining base Planck units are Planck time t, = 2 ~ 5.39 x 10-4 s, 


C 





Planck temperature Tp = mpc ~ 1.42 x 10% K, and Planck charge qp = 
he — © ~ 1.88 x 107!8 C. The Planck area Ap is 2, Planck energy Ep is 


ke Ja 
mpc? & 1.22x1078 eV = 500 kWh, and Planck density pp is mplp* ~ 5.16x 10" 
kg/m. Only black holes exceed pp; some theories (for example, Landau poles) 
allow to exceed Tp. 


The Planck units come by a normalization of the geometrized units for the 


expressing SI units second, kilogram, kelvin and coulomb as c, S, ae and 
JG 


=~ m, respectively. 
_ The length unit of Quantum Chromodynamics (or strong interactions) is 
Ac(mp) * 2.103 x 10~!° m. The majority of lengths, used in experiments on 
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nuclear fundamental forces, are integer multiples of Ac(mp,) = 2nAc(mp) ~ 
1.32 fm. 

X unit ~ 1.002 x 1078 m = 0.1 pm measures wavelengths of X- and gamma 
rays. 

The atomic unit of length is the Bohr radius (or bohr) ap ~ 5.292 x 107! m 
~ 53 pm = 0.53 A, the most probable distance between the proton and electron 
in a hydrogen atom. It is a~!Ac(me) = are, where re © 2.818 x 107! m is 
the Thomson scattering length (Chap. 24), i.e., the classical electron radius. 

In the units of Particle Physics, 1/rmeV = 10~°/GeV is he = EL Ip ~ 1.97 x 
1077 m. 

¢ Length scales in Physics 

In Physics, a length scale (or distance scale) is a distance range determined 
with the precision of a few orders of magnitude, within which given phenomena 
are consistently described by a theory. Roughly, the scales < 107'°, 10-'—10~°, 
10~° — 10° and > 10° mare called subatomic, atomic to cellular (microscopic), 
human (macroscopic) and astronomical, respectively. 

Bacteria (and human ovums) are roughly on the geometrical mean (10~* m) 
of Nature’s hierarchy of sizes. Dawkins, 2006, used term middle world for our 
realm between two counterintuitive extreme levels of existence: the microscopic 
world of quarks/atoms and the Universe at the galactic/universal level. The limit 
scales correspond to the Planck length /p and Hubble distance ~ 4.6 x 10°! Jp. 

In terms of their constituents, Chemistry (molecules, atoms), Nuclear (say, 
proton, electron, photon), Hadronic (exited states) and Standard Model (quarks 
and leptons) are applicable at scales > 10~!°, > 107!4, > 107! and > 107!8 m. 

At the meso- (or nanoscopic) scale, 10~° — 10~” m, materials and phenomena 
can be described continuously and statistically, and average macroscopic proper- 
ties (say, temperature and entropy) are relevant. At the atomic scale, ~ 10~'° m 
= 1 A, the atoms should be seen as separated. The electroweak scale, ~ 1078 m 
(100-1000 GeV, in terms of energy) will be probed by the LHC (Large Hadron 
Collider). The Planck scale (Quantum Gravity), ~ 10~*° m (~ 10!° GeV) is not 
yet accessible. 

Belenchia et al., 2015, gave upper bound 10-2? — 10~”? m of nonlocality 
scale for Quantum Gravity induced nonlocality via opto-mechanical quantum 
oscillators. 

Both, uncertainty principle from Quantum Mechanics and gravitational col- 
lapse (black hole formation) from classical General Relativity, indicate some 
minimum length of order the Planck length /p where the notion of distance loses 
operational meaning. Also, doubly special relativity adds minimum length and 
maximum energy scales to observer-independent maximum velocity c. 

At short distances, classical geometry is replaced by “quantum geometry” 
described by 2D conformal field theory (CFD). As two points are getting closer 
together, the vacuum fluctuations of the gravitational field make the distance 
between them fluctuate randomly, and its mean value tends to a limit, of the 
order of /p. So, no two events in space-time can ever occur closer together. 
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In String Theory, space-time geometry is not fundamental and, perhaps, it 
only emerges at larger distance scales. The Maldacena duality is the conjectured 
equivalence between an M-theory defined on a (“‘large, relativistic”) space, and 
a (quantum, without gravity) CFD defined on its (ower dimensional) conformal 
boundary. 

The Big Bang paradigm supposes a minimal length scale and a smooth 
distribution (homogeneous and isotropic) at a large scale. For Vilenkin et al., 
2011, the main theories admitting “before the Big Bang” (cyclical universe, 
eternal inflation, multiverse, cosmic egg) still require a beginning. For Hartle— 
Hawkings, 1983, time emerged continuously from space after the Universe was 
at the age fp. 

¢ Glashow’s snake 

Uroboros, the snake that bites in its own tail, is an ancient symbol representing 
the fundamental in different cultures: Universe, eternal life, integration of the 
opposite, self-creation, etc. Glashow’s snake is a sketch of the cosmic uroboros 
by Glashow, 1982, arraying four fundamental forces and the distance scales over 
which they dominate (62 orders of magnitude from the Planck scale ~ 107° m 
to the cosmological scale ~ 10°° m) in clock-like form around the serpent. The 
dominating forces are: 


1. gravity: in the macrocosmos from cosmic to planetary distances; 
2. electromagnetism: from mountains to atoms (say, within [10~!°, 2 x 10°] m); 
3. weak and strong forces: in the microcosmos inside the atom (say, < 10~!* m). 


No objects are known within [107'4,107!°] m (the largest nucleus and 
smallest atom). As distances decrease and energies increase, the last three forces 
become equivalent around the length 10-78 m. Then gravity is included (super- 
unification happens) linking the largest and smallest: the snake swallows its tail. 

Also, a symmetry between small and large distances, called T-duality, claims: 
two superstring theories are T-dual if one compactified on a space of large volume 
is equivalent to the other compactified on a space of small volume. 

Cosmic inflation (expansion by a factor of at least 1078 in volume, to the size 
of a grain of sand, from 10~*° to ~ 1077? second after the Big Bang) may have 
created the large scale of the Universe out of quantum-scale fluctuations. Strong 
and weak forces describe both atomic nuclei and energy generation in stars. Cf. 
range of fundamental forces in Chap. 24. 

In Conformal Cyclic Cosmology (Penrose, 2010), the Universe is a sequence 
of aeons (space-times with FLRW metrics g;), where the future time-like 
singularity of each aeon is the Big Bang singularity of the next. In an eaon’s 
beginning and end, distance and time do not exist; only conformal (preserving 
angles) geometry holds. Any eaon is attached to the next one by a conformal 
rescaling 9:4; = Q7g;. 
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27.2 Orders of Magnitude for Length 


In this section we present a selection of such orders of length, expressed in meters. 


1.616252(81) x 1075: Planck length; 

10~**: length of a putative string in M-theory which supposes that all forces 
and elementary particles arise by vibration of such strings (but there is no even 
agreement that there are smallest fundamental objects); 

1.01x10~*°: Schwarzschild radius (2: the value below which mass m collapses 
into a black hole) of an average (68 kg) human; 

10-*4 = 1 yoctometer: effective cross-section radius of 1 MeV neutrinos is 
2x 10-3; 

10~**: a certain quantum roughness starts to show up, while the space appears 
completely smooth at the scale of 10~"4; 

10-7! = 1 zeptometer: preons, hypothetical components of quarks/leptons; 
10~!8 = 1 attometer: size of up quark and down quarks; sizes of strange, charm 
and bottom quarks are 4 x 107!°, 107!° and 3 x 107°; 

10~!> = 1 femtometer (or fermi); 

1.75 x 107! and 1.5 10~!: diameter of the smallest (H, hydrogene) and largest 
(U, uranium-234) nucleus; 

1.68 x 107!°: diameter of proton, range of the weak nuclear force; 

10~!? = 1 picometer: distance between atomic nuclei in a white dwarf star; 
10—!!: wavelength of the hardest (shortest) X-rays and longest gamma rays; 
0.62 A and 5.2 A: diameter of the smallest (helium) and largest (caesium) atom; 
10—!° = 1 A (angstrom): diameter of a typical atom; 

0.74 A and 1000 A: diameter of the smallest (H) and largest (a SiOz) molecule; 
1.54 A: length of a typical covalent bond (C-C); 

3.4 A: distance between base pairs in a DNA molecule; 

10~° = 1 nanometer: diameter of typical molecule; 

10-8: wavelength of softest X-rays and most extreme ultraviolet; 

1.1 x 10~®: diameter of prion (smallest self-replicating biological entity); 

in 2012; 

9x 10~8: human immunodeficiency virus, HIV; in general, capsid sizes of known 
viruses range from 1.7 x 107° (Porsine circovirus) to 1.5 x 10~° (pithovirus 
sibericum); 

1077: size of chromosomes and largest particle fitting through a surgical mask; 
2 x 1077: limit of resolution of the light microscope; 

3.8-7.6 x 1077: wavelength of visible (to humans) light; 

10-° = 1 micrometer (or micron); 

10-° — 10-°: diameter of a typical bacterium; known (nondormant) bacteria 
range from 2-3 x 107’ (Mycoplasma genitalium) to 7.5 x 10~* (Thiomargarita 
Namibiensis); 

8.5 x 10~°: size of Ostreococcus, the smallest free-living eukaryotic unicellular 
organism, while the length of a nerve cell of the Colossal Squid can reach 12 m; 
10°: typical size of (a fog, mist, or cloud) water droplet; 
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10~°, 1.5 x 1075, and 2 x 1075: widths of cotton, silk, and wool fibers; 

2 x 10~*: approximately, the lower limit for the human eye to discern an object; 
5 x 107+: diameter of a human ovum, grain of salt; 

10-3 = 1 millimeter; 

5 x 1073: length of average red ant; in general, insects range from 1.39 x 10~* 
(Dicopomorpha echmepterygis, the smallest animal) to 5.67 x 10~! (Phobaeticus 
chani); the smallest flying insects are on the order of 10~? in length; 

7.7 x 10°3,5 x 10-7 and 9.2 x 1077: length of the smallest ones: vertebrate 
(frog Paedophryne amauensis), warm-blooded vertebrate (bee hummingbird 
Mellisuga helenae) and primate (lemur Microcebus berthae); 

8.9 x 10-7: Schwarzschild radius of the Earth; 

10~* = 1 centimeter; 

5.8 x 107: length of uncoiled sperm of the fruit fly Drosophila bifurca (it is 20 
fly’s bodylengths and the longest sperm cell of any known organism); 

107! = 1 decimeter: wavelength of the lowest microwave and highest UHF 
radio frequency, 3 GHz; 

1 meter: wavelength of the lowest UHF and highest VHF radio frequency, 300 
MHz; 

1.5: average ground level of the Maldives above sea level; 

2.77-3.44: wavelength of the broadcast radio FM band, 108-87 MHz; 

5.5 and ~ 3: height of the tallest animal (giraffe) and extinct primate Gigantop- 
ithecus; 

10 = 1 decameter: wavelength of the lowest VHF and highest shortwave radio 
frequency, 30 MHz; 

20, 33,37 and 55: lengths of the longest animals (tapeworm Diphyllobothrium 
Klebanovski, blue whale, lion’s mane jellyfish and bootlace worm Lineus 
longissimus); 

99.6: height of the world’s tallest flowering plant, a tasmanian Eucalyptus 
Centurion (after 100 m, the distribution of the products of photosynthesis become 
impossible); 

100 = | hectometer: wavelength of the lowest HF (high radio frequency) and 
highest MF (medium radio frequency), 3 MHz; 

115.5: height of the world’s tallest living tree, a californian sequoia Hyperion; 
139, 324, 541, 830, 1007 and 8.5: heights of the Great Pyramid of Giza, Eiffel 
Tower in Paris, One World Trade Center in New York, Burj Khalifa skyscraper 
in Dubai, Kingdom Tower, planned in Jeddah for 2019, and 11,000 years-old 
Tower of Jericho; 

187-555: wavelength of the broadcast radio AM band, 1600-540 kHz; 

340: distance which sound travels in air in | s; 


10? = 1km; 
2.954 x 103: Schwarzschild radius of the Sun; 
10* = 1 miriameter (used formerly): scandinavian mile (Norwegian/Swedish 


mil); 
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8848 and 10,911: the highest (Mount Everest) and deepest (Mariana Trench) 
points on the Earth’s surface; 

5 x 104 = 50 km: the maximal distance at which the light of a match can be seen 
(at least 10 photons arrive on the retina during 0.1 s); 

1.11 x 10° = 111 km: one degree of latitude on the Earth; 

1.5 x 104 — 1.5 x 107: wavelengths of sound audible to humans (20 Hz to 20 
kHz); 

1.37x 10° and 1.9x10°: length of the world’s longest tunnel, Delaware Aqueduct, 
New York, and of longest street, Jounge Street, Ontario; 

2 x 10°: wavelength of a typical tsunami; 

10° = 1 megameter, thickness of Earth’s atmosphere; 

2.22 x 10°: diameter of Typhoon Tip (northwest Pacific Ocean, 1979), the most 
intense tropical cyclone on record; 

2.37x 10°: diameter of Pluto at 39.54 AU from the Sun; the smallest dwarf planet 
is Ceres (the largest asteroid in the Asteroid Belt) of diameter 9.42 x 10° and at 
2.77 AU; 

3.47 x 10°: diameter of the Moon; 

9.3 x 10° and 2.1 x 107: length of Trans-Siberian Railway and China’s Great 
Wall; 

1.28 x 10’ and 4.01 x 10’: Earth’s equatorial diameter and length of the equator; 
4.5 x 107: distance from which Earth’s good-looking photograph, The Blue 
Marbre, was taken in 1972 by the Apollo 17 mission. Other famous Earth’s 
images are Earthrise (1968, by the Apollo 8), Pale Blue Dot (0.12 pixel against 
the space’s vastness; 1990, by Voyager 1) and one from Saturn’s neighborhood 
(2013, by NASA’s Cassini). 

1.4 x 10°: mean diameter of Jupiter; 

1.67 x 108: diameter of OGLE-TR-122b, the smallest known star; 

= 3 x 108 (299,792.458 km): distance traveled by light in 1 s; 

3.84 x 108: Moon’s orbital distance from the Earth; 

4.002 x 10°: the farthest distance a human has ever been from Earth (Appolo 13 
mission, 1970, passed over the far side of the Moon); 

10° = 1 gigameter; 

1.39 x 10: Sun’s diameter and orbital distance of a planet with 3.3-h “year”; 
6.37 x 10°: distance at which Earth’s gravity becomes 00,000 of that on its 
surface; 

5.83 x 10!°: orbital distance of Mercury from the Sun; 

1.496 x 10!! (1 astronomical unit, AU): mean Earth-Sun distance; 

x 2.8 AU (near the middle of the Asteroid Belt): Sun’s water frost line (the 
distance where it is cold enough, ~ —123°C, for water to condense into ice), 
separating terrestrial and jovian planets; it is the radius of the inner Solar System; 
5.7x 10!!: length of the longest observed comet tail (Hyakutake, 1996); the Great 
Comet of 1997 (Hale—Bopp) has biggest known nucleus (> 60 km); 

10!? = 1 terameter (formerly, spat); 

15.8 AU: diameter of the largest known star, red supergiant UY Scuti; 

30.1 AU: radius of the outer Solar System (orbital distance of Neptune); 
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50 AU: distance from the Sun to the Kuiper cliff, the abrupt outer boundary of 
the Kuiper Belt (the region of trans-Neptunian objects around Sun). 

936 AU: aphelion of Sedna, the farthest known Solar System object (its orbital 
period is + 11,400 years); it and 2012 VPj,3 (having the farthest known—80, 5 
AU—perihelion in the Solar System) are only known objects within the Oort 
Cloud; 

10'> = 1 petameter; 

50,000—200,000 AU: distance from the Sun to the boundaries of the Oort Cloud; 
52,000 AU = 0.82 ly: the only known close flyby of Solar System by a star 
(Scholz’s binary of dwarfs passed the Oort Cloud about 70,000 years ago); 

1.3 parsec ~ 4 x 10!° ~ 4.24 ly: distance to Proxima Centauri, the nearest star; 
x 6.15 x 10!7: radius of humanity’s radio bubble, caused by high-power TV 
broadcasts leaking through the atmosphere into outer space; 

10'8 = | exameter; 

1.57 x 10!8 = 50.9 pe, = 250 pc, 46 pe: distances to supernova 1987A, to 
rapidly rotating neutron star Geminga (remains of a supernova 0.3 Ma ago which 
created the Local Bubble), to IK Pegasi B (nearest known supernova candidate). 
A supernova within 10-20 pce would be a catastrophic event for the Earth’s life; 
2.59x 10° ~ 8.4 kpc © 27,400 ly: distance from the Sun to the geometric center 
of our Milky Way galaxy (in Sagittarius A*, “our” supermassive black hole); 
12.9 kpc and 52.8 kpc: distances to the closest (Canis Major Dwarf) and the 
largest (Large Magellanic Cloud) of 26 satellite galaxies of the Milky Way; 
9.46x 10° ~ 30.66 kpc = 10° ly: diameter of the Milky Way. The largest known 
galaxy, C 1101, at the center of the cluster Abell 2029, is = 6 Mly across; 

102! = | zettameter; 

2.23 x 107 = 725 kpc = 2.54 Mly: distance to Andromeda (M31), the 
closest (and approaching at 100-140 km/s) large galaxy; also, it is the farthest 
permanently visible to the naked eye object; 

5.7 x 103 = 59 Mly: distance to Virgo, the nearest (and approaching) major 
cluster; 

10°4 = 1 yottameter; 

2 x 1074 = 60 Mpc = 110 Mly: diameter of the Local (or Virgo) supercluster; 
1.2 Gly: maximal size of structure compatible with the cosmological principle 
(that distribution of matter is homogeneous and isotropic on a large enough 
scale); 

1.3 Gly, 5.6 Gly and 10 Gly: diameters of the Canes Venatici Supervoid (largest 
known), Giant GRB Ring (largest known regular formation) and Hercules- 
Corona Borealis Great Wall of GRB (largest known superstructure); 

7.5 Gly: the gamma ray burst GRB 080319B, farthest visible, ~ 30s in 2008, to 
the naked eye object (GRB 980425, at ~ 40 Mpc, is closest known); 

13.14 Gly: the gamma ray burst GRB 090429B (farthest event, ever observed); 
13.4 Gly (z = 11.1): distance to the farthest known object, galaxy GN-z11; 

1.3 x 1076 = 13.82 Gly = 4.24 Gpc: Hubble radius of the Universe measured 
as the light travel distance to the source of CMB radiation; 
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4.4x 10° = 47 Gly = 14.4 Gpe: particle horizon (present radius of the Universe 
measured as a comoving distance); it is larger than the Hubble radius, since the 
Universe is expanding). It is + 2 % larger than the radius of the visible universe 
including only signals emitted later than ~ 380,000 years after the Big Bang; 


The size of whole Universe can be now much larger than the size of the 
observable one, even infinite, if its curvature is 0. If the Universe is finite but 
unbounded or if it is nonsimply connected, then it can be smaller than the observable 
one. 

Projecting into the future: the scale of the Universe will be 10°! in 10! years 
(last red dwarf stars die) and 10°” in 107° years (stars have left galaxies). If protons 
decay, their half-life is > 10° years; their estimated number in the Universe is 10”; 

The Universe, in the current Heat Death scenario, achieves beyond 191000 years 
such a low-energy state that quantum events become major macroscopic phenom- 
ena, and space-time loses its meaning again, as below the Planck time/length; 

The hypothesis of parallel universes estimates that one can find another identical 
copy of our Universe within the distance 1010" m 


Chapter 28 
Distances in Applied Social Sciences 


In this chapter we present selected distances used in real-world applications of 
Human Sciences. In this and the next chapter, the expression of distances ranges 
from numeric (say, in m) to ordinal (as a degree assigned according to some rule) 
and nominal. 

Depending on the context, the distances are either practical ones, used in daily 
life and work outside of science, or uncountable ones, used figuratively, say, as 
metaphors for remoteness (being apart, being unknown, coldness of manner, etc.). 


28.1 Distances in Perception and Psychology 


¢ Distance ceptor 
A distance ceptor is a nerve mechanism of one of the organs of special sense 
whereby the subject is brought into relation with his distant environment. 
¢ Oliva et al. perception distance 
Let {5|,...,5,} be the set of stimuli, and let gj be the conditional probability 
that a subject will perceive a stimulus s;, when the stimulus s; was shown; so, 
qi = 9, and ri qi = 1. Let q; be the probability of presenting the stimulus 5;. 
The Oliva et al. perception distance ([OSLM04]) between stimuli s; and _s; is 


1 n 
a 


qik ik 
qi qj 











¢ Representational dissimilarity matrix 
Representational dissimilarity matrix (or RDM) is a square matrix indexed 
horizontally and vertically by the stimuli (or experimental conditions) and 
containing a dissimilarity index in each cell, which compares the two brain- 
activity patterns associated with stimuli labeling the row and column. 
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If the same activity pattern estimates are used for the vertical and horizontal 
dimensions, the RDM is symmetric about a diagonal of zeros. If independent 
pattern estimates are used for the vertical and horizontal dimensions, the RDM 
contains entries comparing independent pattern estimates for identical stimuli 
(reflecting measurement noise) along its diagonal, and two alternative dissimilar- 
ity estimates for each stimulus pair in symmetric off-diagonal positions. 

¢ Visual space 

Visual space refers to a stable perception of the environment provided 
by vision, while haptic space (or tactile space) and auditory space refer to 
such internal representation provided by the senses of pressure perception and 
audition. The geometry of these spaces and the eventual mappings between them 
are unknown. But Lewin et al., 2012, found that sensitivity to touch is heritable, 
and linked to hearing. The main observed kinds of distortion of vision and haptic 
spaces versus physical space follow; the first three were observed for auditory 
space also. 


— Distance-alleys: lines with corresponding points perceived as equidistant, are, 
actually, some hyperbolic curves. Usually, the parallel-alleys are lying within 
the distance-alleys and, for visual space, their difference is small at > 1.5 m. 

— Oblique effects: performance of certain tasks is worse when the orientation of 
stimuli is oblique rather than horizontal or vertical. 

— Equidistant circles: the egocentric distance is direction-dependent; the points 
perceived as equidistant from the subject lie on egg-like curves, not on circles. 


These effects and size-distance invariance hypothesis should be incorpo- 
rated in a good model of visual space. In a visual space the distance d and 
direction are defined from the self, i.e., as the egocentric distance. There is 
evidence that visual space is almost affine and, if it admits a metric d, then d is a 
projective metric, i.e., d(x, y) + d(y, z) = d(x, z) for any perceptually collinear 
points x, y, z. 

The main models for visual space are a Riemannian space of constant 
negative curvature (cf. Riemannian color space in Chap.21), a general Rie- 
mannian/Finsler space, or an affinely connected (so, not metric, in general) space 
([CKK03]). 

An affine connection is a linear map sending two vector fields into a third one. 
The expansion of perceived depth on near and its contraction at far distances 
hints that the mapping between visual and physical space is not affine. 

Amedi et al., 2002, observed the convergence of visual and tactile shape 
processing in the human lateral occipital complex. The vO/Ce technology (OIC 
for “Oh I see!”) explores cross-modal binding for inducing visual sensations 
through sound (mental imagery and artificial synesthesia). Some blind people 
“see” by echolocation. The cane extends peri-hand space of blind users and, in 
general, extrapersonal or far space can remap as peripersonal or near space when 
using tools. 

Weber’s illusion: two tactile points are perceived as further apart on body parts 
with higher tactile sensitivity, 
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¢ Length-related illusions 

The most common optical illusions distort size or length. For example, in the 
Miiller—Lyer illusion, one of two lines of equal length appear shorter because 
of the way the arrows on their ends are oriented. Pigeons and parrots also are 
susceptible to it. Segall et al., 1963, found that the mean fractional misperception 
varies cross-culturally from 1.4 % to 20.3 % with maximum for Europeans. Also, 
urban residents and younger subjects are much more susceptible to this illusion. 

In the Luckiech—Sander illusion (1922), the diagonal bisecting the larger, left- 
hand parallelogram appears to be longer than the diagonal bisecting the smaller, 
right-hand parallelogram, but is in fact of the same length. 

The perspective created in Ponzo illusion (1911) increases the perceived 
distance and so, compliant with Emmert’s size-distance law, perceived size 
increases. 

The Moon illusion (mentioned in clay tablets at Nineveh in the seventh century 
BC) is that the Moon, despite the constancy of its visual angle (+ 0.52°), at the 
horizon may appear to be about twice the zenith Moon. This illusion (and similar 
Sun illusion) could be cognitive: the zenith moon is perceived as approaching. 
(Plug, 1989, claim that the distance to the sky, assumed unconsciously, is about 
10—40 m cross-culturally and independent of the consciously perceived distance.) 
The Ebbenhouse illusion: the diameter of the circle, surrounded by smaller 
circles, appears to be larger than one of the same circle nearby, surrounded by 
larger circles. 

In vista paradox (Walker—Rupich—Powell, 1989), a large distant object viewed 
through a window appears to both shrink in size and recede in distance as the 
observer approaches; a similar framing effect works in the coffee cup illusion 
(Senders, 1966). In the Pulfrich depth illusion (1922), lateral motion of an object 
is interpreted as having a depth component. 

An isometric illusion (or ambiguous figure) is a shape that can be built of 
same-length (i.e., isometric) lines, while relative direction between its compo- 
nents are not clearly indicated. The Necker Cube is an example. 

The Charpentier size-weight illusion (1891): the larger of two  gras- 
pable/liftable objects of equal mass is misperceived to be less heavy than the 
smaller. 

¢ Size-distance invariance hypothesis 

The SDIH (size-distance invariance hypothesis) by Gilinsky, 1951, is that 
= =C = holds, where S,D are the physical and S’, D’ are perceived size and 
distance of visual stimulus, while C is an observer constant. A simplified formula 
is x = 2 tan 5, where a is the angular size of the stimulus. 

A version of SDIH is the Emmert’s size-distance law: S’ = CD’. This 
law accounts for size constancy: object’s size is perceived to remain constant 
despite changes in the retinal image (more distant objects appear smaller because 
of perspective). The Miiller-Lyer and Ponzo illusions are examples of size 
constancy. 

The Moon and Ebbenhouse illusions are called size-distance paradoxes since 
they unbalance SDIH. They are misperceptions of visual angle and examples of 
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distance constancy: distance is perceived constant despite changes in the retinal 
image. 
If an observer’s head translates smoothly through a distance K as he views 
a stationary target point at pivot distance D,, then the point will appear to 
move through a displacement W’ when it is perceived to be at a distance 
D’. The apparent distance/pivot distance hypothesis (Gogel, 1982): it holds 
Dey We], 
The size-distance centration is the overestimation of the size of objects 
located near the focus of attention and underestimation of it at the periphery. 

Hubbard and Baiard, 1988, gave to subjects name and size S of a familiar 
object and asked imaged distances dy, do, dy. Here the object mentally looks to 
be of the indicated size at the first-sight distance dr. The object become, while 
mentally walking (zooming), too big to be seen fully with zoom-in at the overflow 
distance do, and too small to be identified with zoom-out at the vanishing point 
distance dy. Consistently with SDIH, dr was linearly related to S$. For dg and 
dy, the relation were the power functions with exponents about 0.9 and 0.7. The 
time needed to imagine dg increased slower than linearly with the scan distance 
do = dr. 

Konkle and Oliva, 2011, found that the real-world objects have a consistent 
visual size at which they are drawn, imagined, and preferentially viewed. 
This size is proportional to the logarithm of the object’s assumed size, and is 
characterized by the ratio of the object and the frame of space around it. This 
size is also related to the first-sight distance dy and to the typical distance of 
viewing and interaction. A car at a typical viewing distance of 9.15 m subtends 
a visual angle of 30°, whereas a raisin held at an arm’s length subtends 1°. Cf. 
the optimal eye-to-eye distance and, in Chap. 29, the TV viewing distance in the 
vision distances. 

Similarly, Palmer et al., 1981, found that in goodness judgments of pho- 
tographs of objects, the ; perspective (or 2.5 view, pseudo-3D), in which the 
front, side, and top surfaces are visually present, were usually ranked highest. 
Cf. the axonometric projection in the representation of distance in Painting. 

¢ Egocentric distance 

The egocentric distance is the perceived absolute distance from the self 
(observer or listener) to an object or a stimulus; cf. subjective distance. Usually, 
such visual distance underestimates the actual physical distance to far objects, 
and overestimates it for near objects. Such distortion decreases in a lateral 
direction. 

In Visual Perception, the action space of a subject is 1-30 m; the smaller and 
larger spaces are called the personal space and vista space, respectively. 

The exocentric distance is the perceived relative distance between objects. 

¢ Distance cues 

The distance cues are cues used to estimate the egocentric distance. 

For a listener at a fixed location, the main auditory distance cues include: 
intensity, direct-to-reverberant energy ratio (in the presence of sound reflecting 
surfaces), spectrum and binaural differences; cf. acoustics distances in Chap. 21. 
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For an observer, the main visual distance cues include: 


— relative size, relative brightness, light and shade; 

— height in the visual field (in the case of flat surfaces lying below the level of 
the eye, the more distant parts appear higher); 

— interposition (when one object partially occludes another from view); 

— binocular disparities, convergence (depending on the angle of the optical axes 
of the eyes), accommodation (the state of focus of the eyes); 

— aerial perspective (distant objects become bluer and paler), distance hazing 
(distant objects become decreased in contrast, more fuzzy); 

— motion perspective (stationary objects appear to a moving observer to glide 


past). 


Examples of the techniques which use the above distance cues to create an optical 
illusion for the viewer, are: 


— distance fog: a 3D computer graphics technique such that objects farther from 
the camera are progressively more blurred (obscured by haze). It is used, for 
example, to disguise the too-short draw distance, i.e., the maximal distance 
in a 3D scene that is still drawn by the rendering engine; 

— forced perspective: a technique to make objects appear either far away, or 
nearer depending on their positions relative to the camera and to each other. 

— lead room: space left in the direction the subject is facing or moving. 


Subjective distance 

The subjective distance (or cognitive distance) is a mental representation 
of actual distance molded by an individual’s social, cultural and general life 
experiences; cf. egocentric distance. Cognitive distance errors occur either 
because information about two points is not coded/stored in the same branch 
of memory, or because of errors in retrieval of this information. 

For example, the length of a route with many turns and landmarks is usually 
overestimated. In general, the filled or divided space (distance or area) appears 
greater than the empty or undivided one. Also, affective signals of threat and 
disgust increase and decrease, respectively, perceived proximity. 

Human mental maps, used to find out distance and direction, rely mainly, 
instead of geometric realities, on real landscape understanding, via webs of 
landmarks. 

Ellard, 2009, suggests that this loss of natural navigation skills, coupled with 
the unique ability to imagine themselves in another location, may have given 
modern humans the freedom to create a reality of their own. 

Geographic distance biases 

Sources of distance knowledge are either symbolic (maps, road signs, verbal 
directions) or directly perceived ones during locomotion: environmental features 
(visually-perceived turns, landmarks, intersections, etc.), travel time/effort. 

They relate mainly to the perception and cognition of environmental dis- 
tances, i.e., those that cannot be perceived in entirety from a single point of view 
but can still be apprehended through direct travel experience. 
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Examples of geographic distance biases (subjective distance judgments) 
are: 


— observers are quicker to respond to locations preceded by locations that were 
either close in distance or were in the same region; 

— distances are overestimated when they are near to a reference point; for 
example, intercity distances from coastal cities are exaggerated; 

— subjective distances are often asymmetrical as the perspective varies with the 
reference object: a small village is considered to be close to a big city while 
the big city is likely to be seen as far away from it; 

— traveled routes segmented by features are subjectively longer than unseg- 
mented routes; moreover, longer segments are relatively underestimated; 

— increasing the number of pathway features encountered and recalled by 
subjects leads to increased distance estimates; 

— structural features (such as turns and opaque barriers) breaking a pathway into 
separate vistas strongly increase subjective distance (suggesting that distance 
knowledge may result from a process of summing vista distances) (turns are 
often memorized as straight lines or right angles); 

— Chicago-Rome illusion: belief that some European cities are located far to 
the south of their actual location; in fact, Chicago and Rome are at the same 
latitude (42°), as are Philadelphia and Madrid (40°), etc.; 

— Miami-Lima illusion: belief that US east coast cities are located to the east of 
the west coast cities of South America; in fact, Miami is 3° west of Lima. 


Such illusions could be perceptually based mental representations that have 
been distorted through normalization and/or conceptual nonspatial plausible 
reasoning. 

Thorndyke and Hayes-Roth, 1982, compared distance judgments of people 
with navigation- and map-derived spatial knowledge. Navigation-derived route 
distance estimates were more accurate than Euclidean judgments, and this 
difference diminished with increased exploration. The reverse was true for map 
subjects, and no improvement was observed in the map learning. 

Turner—Turner, 1997, made a similar experiment in a plane virtual building. 
Route distances were much underestimated but exploration-derived Euclidean 
judgments were good; repeated exposure did not help. The authors suggest that 
exploration of virtual environments is similar to navigation in the real world 
but with a restricted field of view, as in tunnels, caves or wearing a helmet, 
watching TV. 

Krishna et al., 2008, compared spatial judgments of self-focused (““Western’’) 
and relationship-focused (“Eastern”) people. The former ones were more likely 
to misjudge distance (when multiple features should be considered), to pay 
attention to only focal aspects of stimuli and ignore the context and background 
information. 

¢ Psychogeography 

Psychogeography is (Debord, 1955) the study of the precise laws and specific 

effects of the geographical environment, consciously organized or not, on the 
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emotions and behavior of individuals. An example of related notions is a desire 
path (or social trail), i.e., a path developed by erosion caused by animal or human 
footfall, usually the shortest or easiest route between an origin and destination. 

Also, the psychoanalytic study of spatial representation within the uncon- 
scious construction of the social and physical world is called Psychogeography. 
In general, Depth Psychology refer to unconscious-accounting approaches to 
therapy and research. 

¢ Psychological Size and Distance Scale 

The CID (Comfortable Interpersonal Distance) scale by Duke and Nowicky, 
1972, consists of a center point 0 and eight equal lines emanating from it. 
Subjects are asked to imagine themselves on the point 0 and to respond to 
descriptions of imaginary persons by placing a mark at the point on a line at 
which they would like the imagined person to stop, that is, the point at which 
they would no longer feel comfortable. CID is then measured in mm from 0. 

The GIPSDS (Psychological Size and Distance Scale) by Grashma and 
Ichiyama, 1986, is a 22-item rating scale assessing interpersonal status and 
affect. Subjects draw circles, representing the drawer and other significant 
persons, so that the radii of the circles and the distances between them indicate 
the thoughts and feelings about their relationship. These distances and radii, 
measured in mm, represent the psychological distance and status, respectively. 
Cf. related questionnaire on http://www.surveymonkey.com/s.aspx?sm=Nd8c_ 
2fazsxMZfK9ryhvzPlw_3d_3d 

¢ Visual Analogue Scales 

In Psychophysics and Medicine, a Visual Analogue Scale (or VAS) is a self- 
report device used to measure the magnitude of internal states such as pain and 
mood (depression, anxiety, sadness, anger, fatigue, etc.) which range across a 
continuum and cannot be measured directly. Usually, VAS is a horizontal (or 
vertical, for Chinese subjects) 10 cm line anchored by word descriptors at each 
end. 

The VAS score is the distance, measured in mm, from the left hand (or lower) 
end of the line to the point marked by the subject. The VAS tries to produce ratio 
data, i.e., ordered data with a constant scale and a natural zero. 

Amongst scales used for pain-rating, the VAS is more sensitive than the 
simpler verbal scale (six descriptive or activity tolerance levels), the Wong—Baker 
facial scale (six grimaces) and the numerical scale (levels 0,1,2,..., 10). Also, 
it is simpler and less intrusive than questionnaires for measuring internal states. 

¢ Psychological distance 

CLT (construal level theory) (Liberman-Trope, 2003, defines psychological 
distance from an event or object as a common meaning of spatial (“where’’), 
temporal (“when”), social (“who”) and hypotheticality (“whether”) distance 
from it. 

Expanding spatial, temporal, social and hypotheticality horizons in human 
evolution, history and child development is enabled by our capacity for mental 
construals, i.e., abstract mental representations. Any event or object can be 
represented at lower-level (concrete, contextualized, secondary) or higher-level 
(abstract, more schematic, primary) construal. 
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More abstract construals lead to think of more distant (spatially, temporally, 
socially, hypothetically) objects and vice versa; cf., say, temporal distance. 

CLT implied that the four dimensions are functionally similar. For example, 
increase of distance in only one dimension leads to greater moral concern. Zhang 
and Wang, 2008, observed that stimulating people to consider spatial distance 
influences their judgments along three other dimensions, but the reverse is not 
true. 

It is consistent with a claim by Boroditsky, 2000, that the human cognitive 
system is structured around only concepts emerging directly out of experience, 
and that other concepts are then built in a metaphorical way. Williams and Bargh, 
2008, also claim that psychological distance is a derivative of spatial distance. 
Spatial concepts such as “near/far” are present at 3 to 4 months of age since the 
relevant information is readily available to the senses, whereas abstract concepts 
related to internal states are more difficult to understand. Also, spatial relations 
between oneself, one’s caretakers and potential predators have primary adaptive 
significance. 

¢ Temporal distance 

Temporal distance is a type of psychological distance altering individuals’ 
construals of future or past events (Trope—Liberman, 2003). Immediate events 
trigger concrete construals, which are characterized by an emphasis on details. 

People construe events at greater temporal distance in terms of their abstract, 
central, goal-related features and pro-arguments, while nearer events are treated 
situation-specifically at a lower level of counter-arguments. Examples are: 
greater moral concern over a distant future event, more likely forgiveness by 
a victim of an earlier transgression, more intense affective consumer’s reaction 
when a positive outcome is just missed. Also, temporal distance relates to our 
conceptions of the self. Actor perspective dominates the simulation of a near- 
future event; it switches to a third-person depiction when the event is located in 
the distant future. 

Spronken et al., 2016, found that in mind-wandering, future-oriented thoughts 
are more positive compared to past-oriented thoughts. Also, thoughts about the 
distant past and future are more positive than thoughts about the near past and 
future, and the frequency of positive thoughts increases with temporal distance. 

¢ Time-distance relation (in Psychology) 

People often talk about time using spatial linguistic metaphors (a long 
vacation, a short concert) but much less talk about space in terms of time. This 
bidirectional but asymmetric relation suggests that spatial representations are 
primary, and are later co-opted for other uses such as time. 

Casasanto and Boroditsky, 2008, showed that people, in tasks not involving 
any linguistic stimuli or responses, are unable to ignore irrelevant spatial 
information when making judgments about duration, but not the converse. So, 
the metaphorical space-time relationship observed in language also exists in 
our more basic representations of distance and duration. Mentally representing 
time as a linear spatial path may enable us to conceptualize abstract (as moving 
a meeting forward, pushing a deadline back) and impossible (as time-travel) 
temporal events. 
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In Psychology, the Kappa effect is that among two journeys of the same 
duration, one covering more distance appears to take longer, and the Tau effect is 
that among two equidistant journeys, one taking more time to complete appears 
to have covered more distance. Jones—Huang, 1982, see them as effects of 
imputed velocity (subjects impute uniform motion to discontinuous displays) on 
judgments of both time and space, rather than direct effect of time (distance) on 
distance (time) judgment. 

Fleet—Hallet—Jepson, 1985, found spatiotemporal inseparability in early visual 
processing by retinal cells. Maruya—Sato, 2002, reported a new illusion (the 
time difference of two motion stimuli is converted in the illusory spatial offset) 
indicating interchangeability of space and time in early visual processing. 
Simner—Mayo-Spiller, 2009, tested ten individuals with time-space synaesthesia. 

The differences appear at the level of higher processing because of dif- 
ferent representations: space is represented in retinotopic maps within the 
visual system, while time is processed in the cerebellum, basal ganglia and 
cortical structures. Evidence from lesion and human functional brain imag- 
ing/interference studies point towards the posterior parietal cortex as the main site 
where spatial and temporal information converge and interact with each other. Cf. 
also spatial-temporal reasoning. 

In human-computer interaction, Fitts’ law claims that the average time taken 
to position a mouse cursor over an on-screen target is a+ blog,(1 + 2), where 
D is the distance to the center of the target, W is the width (along the axis of 
motion) of the target and a, b represent the start/stop time and device’s speed. 

People in the West construct diagonal mental timelines (running from bottom 
left to the top right); those with damaged right side of their brain have trouble 
imagining past, i.e., timeline’s left side. 

Nijfiez, 2012, found that our spatial representation of time is not innate but 
learned. The Aymara of the Andes place the past in front and the future behind. 
The Pormpuraaw of Australia place the past in the east and the future in the west. 
Some Mandarin speaker have the past above and future below. 

For the Yupno of Papua New Guinea, past and future are arranged as a 
nonlinear 3D bent shape: the past downhill and the future uphill of the local 
river. Inside of their homes, Yupno point towards the door when talking about 
the past, and away from the door to indicate future. Yupno also have a native 
counting system and number concepts but they ignore the number-line concept. 
They place numbers on the line but only in a categorical manner, ignoring line’s 
extension. 

¢ Symbolic distance effect 

In Psychology, (symbolic) distance effect is the phenomenon that the brain 
compares two abstract concepts, represented as a continuous space, with higher 
accuracy and faster reaction time if they differ more on the relevant dimension. 
For example, the performance of subjects when comparing a pair of positive 
numbers (x,y) decreases for smaller |x — y| (behavioral numerical distance 
effect). 

The related magnitude effect is that performance decreases for larger 
min{x, y}. For example, it is more difficult to measure a longer distance (say, 
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100 m) to the nearest mm than a short distance (say, | cm). Those effects 
correspond to Weber law. They are valid also for congenitally blind people; they 
learn spatial relations via tactile input (interpreting, say, numerical distance by 
placing pegs in a peg board). 

A current explanation is that there exists a mental line of numbers (MNL) 
which is oriented from left to right (as 2, 3, 4) and nonlinear (more mental space 
for smaller numbers). So, close numbers are easier to confuse since they are 
represented on the MNL at adjacent and not always precise locations. Possible 
MNL’s, explaining such confusion, are linear-scalar (the psychological distance 
d(a,a+ 1) between adjacent values is constant but the amount of noise increases 
as ka) or logarithmic (amount of noise is constant but d(a,a + 1) decreases 
logarithmically). 

Related SNARC (spatial-numerical association of response codes) effect is that 
smaller (or larger) numbers are responded to more easily with responses toward 
a left (or, respectively, right) location. Also, smaller numbers promote a left- 
oriented gaze-direction whereas the opposite is true for higher numbers. Similar 
spatial-musical association SMARC and a mental line of pitches were observed. 
The same (from left to right) mental number line ability was found in three-day- 
old chicks. 

In general, human cognition is often body-based, i.e., conceptual thinking 
relies on simulations of perceptual symbols. There is now increasing evi- 
dence that abstract concepts are also grounded in sensory-motor representations 
through metaphors. For example, power/status mapped to verticality, physical 
force to size, social proximity to temperature, and social distance to spatial 
distance. 

¢ Law of proximity 

Gestalt Psychology is a theory of mind and brain of the Berlin School, in 
which the brain is holistic, parallel and self-organizing. Perceptual organization 
is composed of grouping and segregation. The visual grouping of discrete 
elements is determined by proximity, similarity, common fate, good continuation, 
closure (Wertheimer, 1923), and, more recently, common region, connectedness 
or synchrony. 

In particular, the law of proximity is that spatial or temporal proximity of 
elements may induce the mind to perceive a collective or totality. 

¢ Emotional distance 

The emotional distance is the degree of emotional detachment (toward a 
person, group or events), aloofness, indifference by personal withdrawal, reserve. 

The Bogardus Social Distance Scale (cf. social distance) measures the 
distance between two groups by averaged emotional distance of their members. 

Spatial empathy is the awareness that an individual has to the proximity, 
activities, and comfort of people surrounding him. 

The propinquity effect is the tendency for people to get emotionally involved 
with those who have higher propinquity (physical/psychological proximity) with 
them, i.e., whom they encounter often. Walmsley, 1978, proposed that emotional 
involvement decreases as d~? with increasing subjective distance d. 
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¢ Psychical distance 

Psychical (or psychic) distance is a term having no commonly accepted 
definition. In several dictionaries, it is a synonym for the emotional distance. 
This term was introduced in [Bull12] to define what was called later the aesthetic 
distance (cf. the antinomy of distance) as a degree of the emotional involvement 
that a person, interacting with an aesthetic artifact or event, feels towards it. 

In Marketing, the psychic distance mean the level of attraction or detachment 
to a particular country resulting from the degree of uncertainty felt about it. 

¢ Distancing 

Distancing (from the verb to distance, i.e., to move away from or to leave 
behind) is any behavior or attitude causing to be or appearing to be at a distance. 

Uncountable noon distantness (or farness) is the state or quality of being 
distant, remote, far-off, way in the distance. Archaic meaning: distant parts or 
regions. 

Distancy, farawayness, distaunce are rare/obsolete synonyms for distance, 
while indistancy is either nearness, or lack (or want) of distance (or separation). 

Self-distance is the ability to critically reflect on yourself and your relations 
from an external perspective; not to confound with mathematical notions of self- 
distance in Chaps. | and 17. 

Outdistancing means to outrun, especially in a long-distance race, or, in 
general, to surpass by a wide margin, especially through superior skill or 
endurance. 

In Martial Arts, distancing is the selection of an appropriate combat range, 
i.e., distance from the adversary. For other examples of spatial distancing; cf. 
distances between people and, in Chap. 29, safe distancing from a risk factor. 

Social distancing during pandemic refers to focused measures to increase the 
physical distance between individuals, or activity restrictions, such as increasing 
distance between student desks, canceling sports activities, and closing schools. 

In Mediation (a form of alternative dispute resolution), distancing is the 
impartial and nonemotive attitude of the mediator versus the disputants and 
outcome. 

In Psychoanalysis, distancing is the tendency to put persons and events at a 
distance. It concerns both the patient and the psychoanalyst. 

In Developmental Psychology, distancing (Werner—Kaplan, 1964, for deaf- 
blind patients) is the process of establishing the individuality of a subject as 
an essential phase (prior to symbolic cognition and linguistic communication) 
in learning to treat symbols and referential language. For Sigel (1970, for 
preschool children), distancing is the process of the development of cognitive 
representation: cognitive demands by the teacher or the parent help to generate a 
child’s representational competence. Distancing from role identities is the first 
step of 7-th (individualistic) of nine stages of ego development in Loevinger, 
1976. 

In the books by Kantor, distancing refers to APD (Avoidant Personality 
Disorder): fear of intimacy and commitment in confirmed bachelors, “femmes 
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fatales”, etc. Associational distancing refers to individual’s dissociation with 
those in the group inconsistent with his desired social identity. 

The distancing language is phrasing used by a person to avoid thinking about 
the subject or content of his own statement (for example, referring to death). 

Distancing by scare quotes is placing quotation marks around an item (single 
word or phrase) to indicate that the item does not signify its literal or conventional 
meaning. The purpose could be to distance the writer from the quoted content, to 
alert the reader that the item is used in an unusual way, or to represent the writer’s 
concise paraphrasing. Neutral distancing convey a neutral writer’s attitude, 
while distancing him from an item’s terminology, in order to call attention to 
a neologism, jargon, a slang usage, etc; sometimes italics are used for it. 

Cf. technology-related distancing, antinomy of distance, distanciation. 
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¢ Technology distances 

The technological distance between two firms is a distance (usually, y7- or 
cosine distance) between their patent portfolios, i.e., vectors of the number of 
patents granted in (usually, 36) technological subcategories. Other measures are 
based on the number of patent citations, co-authorship networks, etc. 

Granstrand’s cognitive distance between two firms is the Steinhaus distance 
ii on =1- mA between their technological profiles (sets of ideas) A and B 
seen as subsets of a measure space (Q, A, jt). 

Olsson, 2000, defined the metric space (/,d) of all ideas (as in human 
thinking), J C R‘., with some intellectual distance d. The closed, bounded, 
connected knowledge set A; C I extends with time t. New elements are, normally, 
convex combinations of previous ones: innovations within gradual technological 
progress. Exceptionally, breakthroughs (Kuhn’s paradigm shifts) occur. 

The similar notion of thought space (of ideas/knowledge and relationships 
among them in thinking) was used by Sumi et al., 1997, for computer-aided 
thinking with text; they proposed a system of mapping text-objects into metric 
spaces. 

Introduced by Patel, 1965, the economic distance between two countries is 
the time (in years) for a lagging country to catch up to the same per capita income 
level as the present one of an advanced country. Nazarczuk, 2015, adapted 
this notion as the regional economic distance and defined the relative regional 
distance as the mean number of years necessary to achieve the reference area 
GDP per capita, taking into consideration the growth rate of the reference area. 

Introduced by Fukuchi—Satoh, 1999, the technology distance between coun- 
tries is the time (in years) when a lagging country realizes a similar technological 
structure as the advanced one has now. The basic assumption of the Convergence 
Hypothesis is that this distance between two countries is smaller than the 
economic one. 
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Production Economics distances 

In quantitative Economics, a technology is modeled as a set of pairs (x, y), 
where x € IR‘? is an input vector, y € R% is an output vector, and x can produce 
y. Such a set T should satisfy standard economical regularity conditions. 

The directional distance function of input/output x, y toward a (projected 
and evaluated) direction (—d,, dy) € R™ xR“? is (Chambers—Chung-Fare, 1996) 


sup{k > 0: ((x— kd), (y + kdy)) € T}. 


For d, = x,dy = y, it is a scaled version of the Shephard input distance 
function (Shephard, 1953 and 1970) sup{k > 0: (x, 7) € T}. 

The frontier f,(x) is the maximum feasible output of a given input x in a given 
system (or year) s. The distance to frontier tS eeropt Loved: 1994) of a 





The Malmquist des measuring the change TFP (total factor productivity) 
between periods s, s’ (or comparing to another unit in the same period) is a) ‘ 
The distance to frontier is the inverse of TFP in a given industry (or of GDP 
per worker in a given country) relative to the existing maximum (the frontier, 
usually, US). In general, the term distance-to-target is used for the deviation in 
percentage of the actual value from the planned one. 

Consider a production set T C R" x R” (input, output). The measure of 
the technical efficiency, given by Briec—Lemaire, 1999, is the point-set distance 
infyewecr) ||x — y|| Gin a given norm ||.|| on R"*”2) from x € T to the weakly 
efficient set we(T). It is the set of minimal elements of the poset (7, <) where 
= partial order X (t) X t, if and only if t — t; € K) is induced by the cone 

= int(RY) x RY) + {0}. 
srr to default 

A call option is a financial contract in which the buyer gets, for a fee, the right 
to buy an agreed quantity of some commodity or financial instrument from the 
seller at a certain time (the expiration date) for a certain price (the strike price). 

Let us see a firm’s equity E as a call option on the firm’s assets A, with the 
total liabilities (debt) L being the strike price, i.e., E = max(0,A—L) withA < L 
meaning the firm’s default. Applying Black—Sholes, 1973, and Merton, 1974, 
option pricing formulas, the distance to default ¢ periods ahead is defined by 





In & + t(ua — 504) 
ont 


where jt, is the rate of growth of A and oy is its volatility (standard deviation of 
yearly logarithmic returns). A Morningstar’s credit score is cs = 4(D2D +SS) + 
8BR+ CC x max(D2D, SS, BR), where SS, BR and CC are the solvency, business 
risk and cash flow cushion scores. The resulting credit rating AAA, AA, A, BBB 
etc., corresponds to cs within [16, 23), [23, 61), [61, 96), etc. 
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Action distance 

The action distance is the distance between the set of information generated 
by the Active Business Intelligence system and the set of actions appropriate to a 
specific business situation. Action distance is the measure of the effort required 
to understand information and to effect action based on that information. It could 
be the physical distance between information displayed and action controlled. 
Effective trade distance 

There is large border effect of political boundaries on the volume of trade 
and on relative prices. The border introduces costs related to tariffs, market 
regulations, differences in product packages and languages. 

Engel—Rogers, 1996, showed that the dispersion of prices within a country is 
orders of magnitude smaller than across countries, and estimated that the US- 
Canadian border was equivalent to a distance of 120,000 km. McCallum, 1995, 
found that inter-provincial trade within Canada was, on average, 22 times larger 
that the trade of any province with any State from US. Cf. impact of distance on 
trade. 

Borraz et al., 2012, showed that the “online border” in E-commerce is 
equivalent to the average distance from the online warehouse to the offline stores. 

[HeMa02] defined the effective trade distance between countries x and y with 


populations x),...,X and y;,...,y, of their main agglomerations as 
os ~~ 4: 
ip"> 
1<i<m ae Mt l<j<n So yt 


where dj is the bilateral distance (in km) of the corresponding agglomerations 
X;, y;, and r measures the sensitivity of trade flows to dj. 

As an internal distance of a country, measuring the average distance 
between producers and consumers, [HeMa02] proposed 0.67 je ‘ 
Impact of distance on trade 

Bilateral trade decreases with distance; this effect slightly increased over the 
last century. Webb, 2007, claims that an average distance of trade in 1962 of 4790 
km changed only to 4938 km in 2000. 

The relationship between shipments and distance, found in Hillberry— 
Hummels, 2008, is highly nonlinear: at the beginning, there is a sharp reduction 
in value with distance; but, once a distance-threshold is achieved the negative 
effect vanishes. 

An example of used measures is the average distance traveled by heavy trucks 
between actual origins and destinations in their deliveries of commodities. 

Frankel—Rose, 2000, estimated impact of certain distance variables on trade, 
for example, +340 %, +200 %, +80 %, +0.8 %,-0.2 %,-1.1 % for common cur- 
rency, common language, common border, economic size (1 % GDP increase), 
physical size (1 % increase), physical distance (1 % increase), respectively. 

Using the gravity models with 16 CAGE (cultural, administrative, geo- 
graphic, economic) distances between countries, Ghemawat, 2004, developed 
CAGE Distance Framework for managers considering international strategies. 
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His distances are cultural (different languages, ethnicities, religions, social 
norms), administrative (absence of shared monetary or political association, 
institutional weakness), geographic (physical remoteness, different climates, 
lack of common border or waterway access, weak transportation or communi- 
cation links) and economic (difference in consumer incomes, cost and quality of 
natural, financial, human resources). 

Most affected industries are: meat, cereals, tobacco (by linguistic ties), gold, 
electricity, textile (by preferential trading agreements), electricity, gas, live 
animals (by physical remoteness). The wealth difference decreases trade in 
metals, fertilisers, meat, but increases trade in coffee, tea, animal oils, office 
machines. 

¢ Long-distance trade routes 

Examples of such early historic routes are the Amber Road (from northern 
Africa to the Baltic Sea), Via Maris (from Egypt to modern day Iran, Iraq, Turkey, 
Syria), the route from the Varangians to the Greeks (from Scandinavia across 
Kievan Rus’ to the Byzantine Empire), the Incense Road (from Mediterranean 
ports across the Levant and Egypt through Arabia to India), Roman-Indian routes, 
Trans-Saharan trade, Grand Trunk Road (from Calcutta to Peshawar) and the 
Ancient Tea Route (from Yunnan to India via Burma, to Tibet and to central 
China). 

The Silk Road was, from the second century BC, a network of trade routes 
connecting East, South, and Western Asia with the Mediterranean world, 
North/Northeast Africa and Europe. Extending 6500 km, it enabled traders 
to transport goods, slaves and luxuries such as silk, other fine fabrics, perfumes, 
spices, medicines, jewels, as well as the spreading of knowledge, ideas, cultures, 
plants, animals and diseases. But the Silk Road became unsafe and collapsed in 
the tenth century after the fall of the Tang Dynasty of China, the destruction of 
the Khazar Khaganate and, later, the Turkic invasions of Persia and the Middle 
East. 

During fifth to tenth centuries, the Radhanites (medieval Jewish merchants) 
dominated trade between the Christian and Islamic worlds, covering much of 
Europe, North Africa, Middle East, Central Asia and parts of India and China. 
They carried commodities combining small bulk and high demand (spices, 
perfumes, jewelry, silk). The Maritime Republics (mercantile Italian city-states, 
especially Genoa, Venice, Pisa, Amalfi) dominated long-distance trade during 
tenth to thirteenth centuries. The spice trade from Asia to Europe became, 
via new sea routes, a Portuguese monopoly (fifteenth to seventeenth centuries) 
replaced by the Dutch, and soon after the English and the French. During 
thirteenth to seventeenth centuries, the Hanseatic League v(an alliance of trading 
cities and their guilds) dominated trade along the coast of Northern Europe. 

¢ Relational proximity 

Economic Geography considers to nongeographical types of proximity (orga- 
nizational, institutional, cognitive, etc.). In particular, relational proximity (or 
trust-based interaction between actors) is an inclusive concept of the benefits 
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derived from spatially localized sets of economic activities. It generates relational 
capital through the dynamic exchange of locally produced knowledge. 

The five dimensions of relational proximity are proximity: of contact (direct- 
ness), through time (continuity, stability), in diversity (multiplicity, scope), in 
mutual respect and involvement (parity), of purpose (commonality). 

Individuals are close to each other in a relational sense when they share the 
same interaction structure, make transactions or realize exchanges. They are 
cognitively close if they share the same conventions and have common values 
and representations (including knowledge and technological capabilities). 

Bouba-Olga and Grossetti, 2007, divide socio-economic proximity into rela- 
tional one (role of social networks) and mediation proximity (role of newspapers, 
directories, Internet, agencies, etc.). Tranos and Nijkamp, 2013: physical distance 
and relational proximities have a significant impact on Internet’s infrastructure. 

¢ Migration distance (in Economics) 

The migration distance, in Economic Geography, is the distance between the 
geographical centers of the municipalities of origin and destination. 

Ravenstein’s 2-nd and 3-rd laws of migration (1880) are that the majority of 
migrants move a short distance, while those move longer distances tend to choose 
big-city destinations. About 80 % of migrants move within their own country. 

Migration tends to be an act of aspiration; it generally improves migrant’s 
wealth and lifestyle. Existential migrants refer to voluntary noneconomic expa- 
triates with “existential wanderlust’. Madison, 2006, defines them as seeking 
greater possibilities for self-actualising, exploring foreign cultures in order to 
assess own identity, and ultimately grappling with issues of home/belonging in 
the world generally. 

¢ Commuting distance 

The commuting distance is the distance (or travel time) separating work and 
residence when they are located in separated places (say, municipalities). 

The acceptable commute distance, in Real Estate, is the distance that can be 
covered in an acceptable travel time and increases with better connectivity. 

¢ Consumer access distance 

Consumer access distance is a distance measure between the consumer’s 
residence and the nearest provider where he can get specific goods or services 
(say, a store, market or a health service). For example, food miles refers to 
the distance food is transported from the time of its production until it reaches 
consumers. 

Measures of geographic access and spatial behavior include distance measures 
(map’s distance, road travel distance, perceived travel time, etc.), distance 
decay (decreased access with increasing distance) effects, transportation avail- 
ability and activity space (the area of ~ 5 of the consumer’s routine activities). 

For example, by US Medicare standards, consumers in urban, suburban, rural 
areas should have a pharmacy within 2,5, 15 miles, respectively. The patients 
residing outside of a 15-miles radius of their hospital are called distant patients. 
Food grown within 100 miles of its point of purchase or consumption is local 
food. 
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Similar studies for retailers revealed that the negative effect of distance on 
store choice behavior was (for all categories of retailers) much larger when this 
behavior was measured as “frequency” than when it was measured as “budget 
share”. 

¢ Distance decay (in Spatial Interaction) 

In general, distance decay or the distance effect (Chap. 29) is the attenuation 
of a pattern or process with distance. In Spatial Interaction, distance decay is the 
mathematical representation of the inverse ratio between the quantity of obtained 
substance and the distance from its source. 

This decay measures the effect of distance on accessibility and number of 
interactions between locations. For example, it can reflect a reduction in demand 
due to the increasing travel cost. The quality of streets and shops, height of 
buildings and price of land decrease as distance from the center of a city 
increases. 

The bid-rent distance decay induces, via the cost of overcoming distance, a 
class-based spatial arrangement around a city: with increasing distance (and so 
decreasing rent) commercial, industrial, residential and agricultural areas follow. 

In location planning for a service facility (fire station, retail store, transporta- 
tion terminal, etc.), the main concerns are coverage standard (the maximum 
distance, or travel time, a user is willing to overcome to utilize it) and distance 
decay (demand for service decays with distance). 

An example of related size effect: doubling the size of a city leads usually to a 
15 % decrease of resource use (energy, roadway amount, etc.) per capita, a rise of 
x 15 % in socio-economic well-being (income, wealth, the number of colleges, 
etc.), but also in crime, disease and average walking speed. Bettencourt et al., 
2007, observed that “social currencies” (information, innovation, wealth) typi- 
cally scale superlinearly with city size, while basic needs (water and household 
energy consumption) scale linearly and transportation/distribution infrastructures 
scale sublinearly. 

Distance decay is related to friction of distance which posits that in Geogra- 
phy, the absolute distance (say, in km) requires some amount of effort, money, 
time and/or energy to overcome. The corresponding cost is called relative 
distance; it describes the amount of social, cultural, or economic connectivity 
between two places. 

¢ Gravity models 

The general gravity model for social interaction is given by the gravity 

equation 





where Fj is the “flow” (or “gravitational attraction”, interaction, mass-distance 
function) from location i to location j (alternatively, between those locations), Dj 
is the “distance” between i and j, Mj and Mj are the relevant economic “masses” 
of i and j, and a, b are parameters. Cf. Newton’s law of universal gravitation 





646 28 Distances in Applied Social Sciences 


in Chap. 24, where b = 2. The first instances were formulated by Reilly (1929), 
Stewart (1948), Isard (1956) and Tinbergen (1962). 

If Fj is a monetary flow (say, export values), then M is GDP (gross domestic 
product), and Dj is the distance (usually the great circle distance between the 
centers of countries i and /). For trade, the true distances are different and selected 
by economic considerations. But the distance is a proxy for transportation 
cost, the time elapsed during shipment, cultural distance, and the costs of 
synchronization, communication, transaction. The distance effect on trade is 
measured by the parameter b; it is 0.94 in Head, 2003, and 0.6 in Leamer— 
Levinsohn, 1994. 

If Fj; is a people (travel or migration) or message flow, then M is the population 
size, and Dj is the travel or communication cost (distance, time, money). 

If Fj; is the force of attraction from location i to location j (say, for a consumer, 
or for a criminal), then, usually b = 2. Reilly’s law of retail gravitation is 
that, given a choice between two cities of sizes Mj, Mj and at distances Dj, Dj, 
a consumer tends to travel further to reach the larger city with the equilibrium 
point defined by 


¢ Nearness principle 

The nearness principle (or Zipf’s least effort principle, in Psychology) is the 
following basic geographical heuristic: given a choice, a person will select the 
route requiring the least expenditure of effort, i.e., path of least resistance. 

This principle is used, for example, in transportation planning and locating of 
serial criminals: they tend to commit their crimes fairly close to where they live. 

The first law of geography (Tobler, 1970) is: “Everything is related to 
everything else, but near things are more related than distant things”. 

¢ Distances in Criminology 

Geographic profiling (or geoforensic analysis) aims to identify the spatial 
behavior (target selection and likely offender’s heaven, i.e., the residence or 
workplace) of a serial criminal as it relates to the spatial distribution of linked 
crime sites. 

The offender’s buffer zone is an area surrounding the offender’s heaven, from 
which little or no criminal activity will be observed; usually, such a zone occurs 
for premeditated personal offenses. The primary streets and network arterials that 
lead into the buffer zone tend to intersect near the estimated offender’s heaven. 
A | km buffer zone was found for the UK serial rapists. Most personal offenses 
occur within about 2 km from the offender’s heaven, while property thefts occur 
further away. 

Given n crime sites (x;, yj), 1 < i < n (where x; and y; are the latitude and 
longitude of the i-th site), the Newton—Swoope Model predicts the offender’s 
heaven to be within the circle around the point (2%, List) with the search 
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radius being 








max [xi, = Xin| * max Yay 7 Yin 
a(n — 1)? , 


where the maxima are over (i), i2), 1 < ij < iz <n. The Ganter—Gregory Circle 
Model predicts the offender’s heaven to be within a circle around the first offense 
crime site with diameter the maximum distance between crime sites. 

The centrographic models estimate the offender’s heaven as a center, i.e., 
a point from which a given function of travel distances to all crime sites is 
minimized; the distances are the Euclidean distance, the Manhattan distance, the 
wheel distance (i.e., the actual travel path), perceived travel time, etc. Many of 
these models are the reverse of Location Theory models aiming to maximize 
the placement of distribution facilities in order to minimize travel costs. These 
models (Voronoi polygons, etc.) are based on the nearness principle (/east effort 
principle). 

The journey-to-crime decay function is a graphical distance curve used to 
represent how the number of offenses committed by an offender decreases as the 
distance from his/her residence increases. Such functions are variations of the 
center of gravity functions; cf. gravity models. 

For detection of criminal, terrorist and other hidden networks, there are 
many data-mining techniques which extract latent associations (distances and 
near-metrics between people) from graphs of their co-occurrence in relevant 
documents, events, etc. In, say, drug cartel networks, better to remove betweeners 
(not well-connected bridges between groups, as paid police) instead of hubs 
(kingpins). 

Electronic tagging consist of a device attached to a criminal or vehicle, 
allowing their whereabouts to be monitored using GPS. An ankle monitor (or 
tether) is a such tracking device that individuals under house arrest or parole 
are often required to wear. The range of a tether (or inclusion zone, 10-50m) 
depends usually on the gravity of the crime; it is set by the offender’s probation 
officer. 

¢ Drop distance 

In judicial hanging, the drop distance is the distance the executed is allowed 
to fall. In order to reduce the prisoner’s physical suffering (to about a third 
of a second), this distance is pre-determined, depending on his/her weight, by 
special drop tables. For example, the (US state) Delaware protocol prescribes, in 
pounds/feet, about 252, 183 and 152 cm for at most 55,77 and at least 100 kg. 
Unrelated hanging distance is the minimum (horizontal) distance needed for 
hanging a hammock. 

In Biosystems Engineering, a ventilation jet drop distance is defined as the 
horizontal distance from an air inlet to the point where the jet reaches the 
occupational zone. In Aviation, an airlift drop distance (or drop height) is the 
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vertical distance between the aircraft and the drop zone over which the airdrop is 
executed. 
¢ Distance telecommunication 

Distance telecommunication is the transmission of signals over a distance 
for the purpose of communication. In modern times, this process almost always 
involves the use of electromagnetic waves by transmitters and receivers. 

Nonelectronic visual signals were sent by fires, beacons, smoke signals, then 
by mail, pigeon post, hydraulic semaphores, heliographs and, from the fifteenth 
century, by maritime flags, semaphore lines and signal lamps. 

Audio signals were sent by drums, horns (cf. long-distance drumming in 
Chap. 21) and, from nineteenth century, by telegraph, telephone, and radio. 

Advanced electrical/electronic signals are sent by television, videophone, 
fiber optical telecommunications, computer networking, analog cellular mobile 
phones, SMTP email, Internet and satellite phones. 

¢ Distance supervision 

Distance supervision refers to the use of interactive distance technology 
(landline and cell phones, Email, chat, text messages to cell phone and instant 
messages, video teleconferencing, Web pages) for live (say, work, training, 
psychological umbrella, mental health worker, administrative) supervision. 

Such supervision requires tolerance for ambiguity when interacting in an 
environment that is devoid of nonverbal information. 

¢ Distance education 

Distance education is the process of providing instruction when students 
and instructors are separated by physical distance, and technology is used to 
bridge the gap. Distance learning and distance (or online) degrees are the desired 
outcomes. A semi-distance program is one combining online and residential 
courses. 

The transactional distance (Moore, 1993) is a perceived degree of separation 
during interaction between students and teachers, and within each group. This 
distance decreases with dialog (a purposeful positive interaction meant to 
improve the understanding of the student), with larger autonomy of the learner, 
and with lesser predetermined structure of the instructional program. 

Vygotsky’s zone of proximal development is the distance between the actual 
developmental level as determined by independent problem solving and the level 
of potential development as determined through problem solving under adult 
guidance, or in collaboration with more capable peers. 

¢ Distance selling 

Distance selling, as opposed to face-to-face selling in shops, covers goods 
or services sold without face-to-face contact between supplier and consumer but 
through distance communication means: press adverts with order forms, catalog 
sales, telephone, tele-shopping, e-commerce (via Internet), m-commerce (via 
mobile phone). Examples of the relevant legislation are Consumer Protection 
(Distance Selling) Directive 97/7/EC and Regulations 2000 in EU. 

The main provisions are: clear prior information before the purchase, its 
confirmation in a durable medium, delivery within 30 days, “cooling-off” period 
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of seven working days during which the consumer can cancel the contract without 
any reason and penalty. Exemptions are: Distance marketing (financial services 
sold at distance), business-to-business contracts and some purchases (say, of land, 
or at an auction, or from vending machines). 

¢ Approximative human-scale distances 

An arm’s length is a distance (about 0.7 m, i.e., within personal distance) 
sufficient to exclude intimacy, i.e., discouraging familiarity or conflict; its analogs 
are: Italian braccio, Turkish pik, and Old Russian sazhen. 

The reach distance is the difference between the maximum reach and arm’s 
length. The striking (or handshaking) distance is a short, easily reachable 
distance. 

The whiffing (or spitting, poking) distance is a very close distance. 

A stone’s throw is a distance of about 25 fathoms (46 m). 

The hailing (or shouting, calling) distance is the distance within which the 
human voice can be heard. Far cry: distance estimated in audibility’s terms. 

The Goldilocks distance is the “just right” one; cf. the Kasting distance in 
Sect. 25.3. 

The walking distance is the context-depending distance normally reachable 
by walking. In Japan, its standard unit is 80 m, i.e., one minute walking time. 
Some the UK high schools define 2 and 3 miles as the statutory walking distance 
for children younger and older than 11 years. 

Pace out means to measure distance by pacing (walking with even steps). 

¢ Walkability distances 

Walkability is (Abley, 2005) the extent to which the environment is friendly to 
the presence of people living, shopping, visiting, or spending time in an area. 

Walk Score is a walkability index based on the Euclidean distance to amenities 
such as businesses, schools, parks, and other common destinations within 20 min- 
utes’ walk (1 mile = 5280 feet ~ 1.609 km) of a given starting point. The algo- 
rithm awards points based on the distance to the closest amenity in each category. 

The number of points declines from maximum to 0 as the distance runs from 
0.4 km (5 minutes’ walk) to 1.6 km. Each category is weighted equally and the 
points are summed and normalized to yield a score from 0 to 100. 

Walk Score also measures pedestrian friendliness by analyzing population 
density, block length and intersection density. Scores 0 to 49 mean that almost 
all or most daily errands require a car, and scores 90 to 100 signify a “walker’s 
paradis”. 

Walkability is a central principle of New Urbanism. In particular, the (urban- 
to-rural) transect is (Duany, 2000) a series of zones that transition from the 
natural landscape to the dense urban core: 7; (natural), T) (rural), T; (suburban), 
T4 (general urban), 7; (urban center), 7, (downtown). 

Block length and building height for 73 — T¢ are, respectively: 700-800, 600, 
500, < 400 feet and 1-2, 2-3, 2-4, > 4 floors. Each zone is self-similar in that it 
contains a similar transition from the edge to the center of the neighborhood. 

A walking radius is a typical urban walking distance from a given starting 
point to transit or before driving. It was estimated as 400 m for the US, and 
larger for Europe. For the US the blog Walk Appeal defines the following urban 
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walking radii: We (2 miles on a highway), Ws (0.75 mile on a main street, in 
Ts), W4 (0.25 mile on a neighborhood street, in T;), W3 (0.1 mile on a suburban 
street, in 73), W2 (250 feet on a subdivision street), W; (100 feet in parking lot), 
Wo (unwalkable). 

¢ Optimal eye-to-eye distance 

The optimal eye-to-eye distance between two persons was measured for 
some types of interaction. For example, such an optimal viewing distance 
between a baby and its mother’s face, with respect to the immature motor 
and visual systems of the newborn, is 20-30cm. During the first weeks of life 
the accommodation system does not yet function and the lens of the newborn 
is locked at the focal distance of about 19 cm. At ages 8-14 months, babies 
are judging distances well; they fear a distance with mother (separation anxiety 
stage) and strangers. Also, left-sided cradling/holding preference have been 
found in humans and great apes. 

¢ Language style matching 

During conversation, texting, emailing, and other forms of interactive com- 
munication, people unconsciously mimic their partners’ language use patterns. 

The LSM (language style matching) score of a dyad (1, 2) of persons, with 
respect to a function word type k,1 < k < 9, is LSM; = 2 Ot) where liz 
(i = 1,2) is the percentage of person i’s words of type k. Each dyad’s total LSM 
is the mean of its LSM; across the nine types of function words: auxiliary verbs 
(say, am, will, have), articles, common adverbs (say, hardly, often), personal 
pronouns, indefinite pronouns, prepositions, negations, conjunctions (say, and, 
but) and quantifiers. 

LSM is high within the first 15-30s of any interaction and is generally 
unconscious. Women use conjunctions at much higher rates. 

LSM predicts successful hostage negotiations (Taylor-Thomas, 2008), task 
group cohesiveness (Gonzales—Hancock—Pennebaker, 2010), and the formation 
and persistence of romantic relationships (Ireland et al., 2011). 

However (Manson et al., 2013), the probability of diad’s cooperation in a 
post-conversation one-shot prisoner’s dilemma, is positively related, instead of 
LSM, to the convergence of their speech rates (mean syllable duration). 

¢ Distances between people 

In [Hall69], four interpersonal bodily distances were introduced: the intimate 
distance for lovers, childrens, pets (from touching to 46 cm), the personal-casual 
distance for conversations among friends (46-120cm), the social-consultative 
distance for conversations among acquaintances (1.2—3.7m), and the public- 
audience distance for public speaking (over 3.7 m). To each of those proxemics 
distances, there corresponds an intimacy/confidence degree and appropriated 
sound level. 

The distance which is appropriate for a given social situation depends on 
culture, gender and personal preference. For example, under Islamic law, 
proximity (being in the same room or secluded place) between a man and a 
woman is permitted only in the presence of their mahram (a spouse or anybody 
from the same sex or a pre-puberty person from the opposite sex). For an average 
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westerner, personal space is about 70 cm in front, 40 cm behind and 60 cm on 
either side. 

In interaction between strangers, the interpersonal distance between women 
is smaller than between a woman and a man. The bonding hormone oxytocin 
discourages partnered (but not a single) men from getting close to a female 
stranger; they, if were given oxytocin, stayed 10-15 cm farther from the attractive 
woman. 

An example of other cues of nonverbal communication is given by angles of 
vision which individuals maintain while talking. The people angular distance 
in a posture is the spatial orientation, measured in degrees, of an individual’s 
shoulders relative to those of another; the position of a speaker’s upper body in 
relation to a listener’s (for example, facing or angled away). Speaker uses 45° 
open position in order to make listener feel comfortable and direct body point 
in order to exert pressure. In general, to approach men directly from the front 
or women from behind is rude. Also, this distance reveals how one feels about 
people nearby: the upper body unwittingly angles away from disliked persons 
and during disagreement. 

Eye-contact decreases with spatial proximity. Persons stand closer to those 
whose eyes are shut. The Steinzor effect is the finding that members of leaderless 
discussion groups seated in circles, are most apt to address remarks to or to get 
responses from persons seated opposite or nearly opposite them, while in the 
presence of a strong leader, it happens with persons seated alongside or nearly 
alongside. 

Distancing behavior of people can be measured, for example, by the stop 
distance (when the subject stops an approach since she/he begins to feel 
uncomfortable), or by the quotient of approach, i.e., the percentage of moves 
made that reduce the interpersonal distance to all moves made. 

Humans and monkeys with amygdala lesions have much smaller than average 
preferred interpersonal distance. Peripersonal, i.e., within reach of any limb of 
an individual, space is located dorsally in the parietal lobe whereas extrapersonal 
(outside his reach) space is located ventrally in the temporal lobe. 

¢ Death of Distance 

Death of Distance is the title of the influential book [Cair01] arguing that 
the telecommunication revolution (the Internet, mobile telephones, digital TV, 
etc.) initiated the “death of distance” implying fundamental changes: three- 
shift work, lower taxes, prominence of English, outsourcing, new ways of 
government control and citizens communication, but also management-at-a- 
distance and concentration of elites within the “latte belt”. Physical distance 
(and so, Economic Geography) do not matter; we all live in a “global village”. 
Friedman, 2005, announced: “The world is flat”. Gates, 2006, claimed: “With 
the Internet having connected the world together, someone’s opportunity is not 
determined by geography”. The proportion of long-distance relationships in 
foreign relations increased. 

Similarly (see [Ferg03]), steam-powered ships and the telegraph (as railroads 
previously and cars later) led, via falling transportation/communication costs, to 
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the “annihilation of distance” in the nineteenth and twentieth centuries. Heine 
wrote in 1843: “Space is killed by the railways, and we are left with time alone”. 

Further in the past, archaeological evidence points out the appearance, ~ 0.14 
Ma ago, long-distance (up to 300 km) trade, and, ~ 0.04 Ma ago, the innovation 
of projectile weapons and traps which allowed humans to kill large game (and 
other humans) from a safe distance. 

But already Orwell, 1944, dismissed as “shallowly optimistic” the the phrases 
“airplane and radio have abolished distance” and “all parts of the world are 
now interdependent”. Heidegger wrote in 1950: “All distances in time and space 
are shrinking... The peak of this abolition of every possibility of remoteness 
is reached by television...” but “The frank abolition of all distances brings no 
nearness”. Edgerton, 2006, claims that new technologies foster self-sufficiency 
and isolation instead. 

Modern technology eclipsed distance only in that the time to reach a desti- 
nation has (usually) shrunk. Distances still matter for, say, a company’s strategy 
on the emerging markets (cf. impact of distance on trade) and for political 
legitimacy. “Tyranny of distance” still affects small island states in the Pacific. 

Partridge et al., 2007, report that proximity to higher-tiered urban centers 
(with their higher-order services, urban amenities, higher-paying jobs, lower-cost 
products) increasingly favors local job growth. Increased access to services and 
knowledge exchange requires more face-to-face interaction and so, an increase 
in the role of distance. Economic and innovation activity are highly localized 
spatially and tend to agglomerate more. Also, the social influence of individuals, 
measured by the frequency of memorable interactions, is heavily determined by 
distance. Goldenberg—Levy, 2009, show that the IT (Information Technology) 
revolution which occurred in the 1990s, increased local social interactions (as 
email, Facebook communication, baby name diffusion) to a greater degree than 
long-distance ones. 

In military affairs, Boulding, 1965, and Bandow, 2004, argued that twentieth 
century technology reduced the value of proximity for the projection of military 
power because of “a very substantial diminution in the cost of transportation of 
armed forces” and “an enormous increase in the range of the deadly projectile”. 
It was used as partial justification for the withdrawal of US forces from overseas 
bases in 2004. But Webb, 2007, counter-argues that any easing of transport 
is countered by increased strain put upon its modes since both sides will take 
advantage of the falling costs to send more supplies. Also, the greatest movement 
of logistics continues to be conducted by sea, with little improvement in speed 
since 1900. 

¢ Technology-related distancing 

The Moral Distancing Hypothesis postulates that technology increases the 
propensity for unethical conduct by creating a moral distance between an act 
and the moral responsibility for it. 

Print technologies divided people into separate communication systems 
and distanced them from face-to-face response, sound and touch. TV involved 
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audile-tactile senses and made distance less inhibiting, but it exacerbated cogni- 
tive distancing: story and image are biased against space/place and time/memory. 

This distancing has not diminished with computers but interactivity has 
increased. In terms of Hunter: technology only re-articulates communication 
distance, because it also must be regarded as the space between understanding 
and not. The collapsing of spatial barriers diminishes economic but not social 
and cognitive distance. 

The Psychological Distancing Model in [Well86] relates the immediacy 
of communication to the number of information channels: sensory modalities 
decrease progressively as one moves from face-to-face to telephone, videophone, 
and e-mail. Skype communication is rated higher than phone since it creates a 
sense of co-presence. People phone with bad news but text with good news. 

Online settings tend to filter out social and relational cues. The lack of instant 
feedback (since e-mail communication is asynchronous) and low bandwidth limit 
visual/aural cues. For example, moral and cognitive effects of distancing in online 
education are not known at present. Also, the shift from face-to-face to online 
communication can diminish social skills, lead to smaller and more fragmented 
networks and so, increase feeling of isolation and alienation. But it can be only a 
bias, based on traditional spatiotemporal assumptions that farness translates into 
an increase in mediation and results in blurring of the communication. 

Virtual distance is the perceived distance between individuals when their 
primary way of communication is not face-to-face. The main markers of virtual 
distance are physical, operational and affinity distances. 

Mejias, 2005, define epistemological distance and ontological distance 
between things as the difference, respectively, in degree of knowledge 
justification and in ability of subjects to act upon things. He argue that we 
should strive towards ontological nearness, using modern information and 
communication technologies to manipulate temporal/spatial and epistemological 
distances to attain this goal. 

Mejias, 2007, see some new advantages in “uniform distancelessness”’, 
deplored by Heidegger. Networked proximity (nearness mediated through new 
technology) provides shift from physical proximity to informational availability 
as the main measure of social relevance. It facilitates new kinds of spatially 
unbound community, and these emerging forms of sociality could be no less 
meaningful than the older ones. Networked sociality reconfigures distance rather 
than eliminates it. 


28.3 Distances in Sociology and Language 


Sociometric distance 

The sociometric distance refers to some measurable degree of mutual or 
social perception, acceptance, and understanding. Hypothetically, greater socio- 
metric distance is associated with more inaccuracy in evaluating a relationship. 
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Social distance 

In Sociology, the social distance is the extent to which individuals or groups 
are removed or excluded from participating in one another’s lives; a degree 
of understanding and intimacy which characterize personal and social relations 
generally. This notion was originated by Simmel in 1903; in his view, the social 
forms are the stable outcomes of distances interposed between subject and object. 

For example (Mulgan, 1991), the centers of global cities are socially closer to 
each other than to their own peripheries. In general, the notion of social distance 
is conceptualized in affective, normative or interactive way, i.e., in terms of 
sympathy the members of a group feel for another group, norms to define in- 
and outsider, or the frequency/intensity of interactions between two groups. 

The Social Distance Scale by Bogardus, 1947, offers the following response 
items: would marry, would have as a guest in my household, would have as 
next door neighbor, would have in neighborhood, would keep in the same town, 
would keep out of my town, would exile, would kill; cf. emotional distance. The 
responses for each (say, ethnic/racial) group are averaged across all respondents 
which yields (say, racial) distance quotient ranging from 1.00 to 8.00. 

Dodd and Nehnevasja, 1954, attached distances of 10‘ m, 0 < t < 7, to 
eight levels of the Bogardus scale. Many studies on conflicts in ex- Yugoslavia 
consider ethnic distance defined via some modified Bogardus scale, i.e., in terms 
of acceptance of a particular relation with an abstract person from the other 
group. Caselli and Coleman, 2012, defined ethnic distance as the cost to be born 
by a member of one group to successfully pass himself as a member of the other 
group. 

An example of relevant models: Akerlof ([Aker97]) defines an agent x as a 
pair (x1,x2) of numbers, where x; represents the initial, i.e., inherited, social 
position, and the position expected to be acquired, x». The agent x chooses the 
value x2 so as to maximize 


e 
—yil)(g + |x2-—yil)’ 





fat > ayn 
vRX 


where e, h, g are parameters, f(x, ) represents the intrinsic value of x, and |x; —y;|, 
|x.—y,| are the inherited and acquired social distances of x from any agent y (with 
the social position y,) of the given society. 

Hoffman, Cabe and Smith, 1996, define social distance as the degree of 
reciprocity that subjects believe exists within a social interaction. 
Rummel sociocultural distances 

[Rumm/76] defined the main sociocultural distances between two persons as 
follows. 


— Personal distance: one at which people begin to encroach on each other’s 
territory of personal space. 

— Psychological distance: perceived difference in motivation, temperaments, 
abilities, moods, and states (subsuming intellectual distance). 
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— Interests-distance: perceived difference in wants, means, and goals (includ- 
ing ideological distance on socio-political programs). 

— Affine distance: degree of sympathy, liking or affection between the two. 

— Social attributes distance: differences in income, education, race, sex, etc. 

— Status-distance: differences in wealth, power, and prestige (including power 
distance). 

— Class-distance: degree to which one person is in general authoritatively 
superordinate to the other. 

— Cultural distance: differences in meanings, values and norms reflected in 
differences in philosophy-religion, science, ethics, law, language, and fine arts. 


Cultural distance 

The cultural distance between countries x = (x,...,%5) and y = 
(1,---,¥s) (usually, US) is derived (in [KoSi88]) as the following composite 
index 


5: 


(xi — yi)? 
Lay, 


where V; is the variance of the index i, and the five indices represent 
({Hofs80]): 


. Power distance (preferences for equality); 

. Uncertainty avoidance (risk aversion); 

. Individualism versus collectivism; 

. Masculinity versus femininity (gender specialization); 

. Confucian dynamism (long-term versus short-term orientation). 


nABWN Fe 


The above power distance measures the extent to which the less powerful 
members of institutions and organizations within a country expect and accept that 
power is distributed unequally, i.e., how much a culture has respect for authority. 
For example, Latin Europe and Japan fall in the middle range. 

But for Shenkar—Luo—Yeheskel, 2008, above distance is merely a measure of 
how much a country strayed from the core culture of the multinational enterprise. 
They propose instead (especially, as a regional construct) the cultural friction 
linking goal incongruity and the nature of cultural interaction. 

In order to explain multinational enterprise behavior, Kostova, 1999, intro- 
duced the institutional distance between its home and host countries as the 
difference in their regulative, cognitive, and normative institutions. Habib— 
Zurawicki, 2002, consider effects of the corruption distance, i.e., such difference 
in corruption levels. 

Wirsing, 1973, defined social distance as a “symbolic gap” between rulers 
and ruled designed to set apart the political elite from the public. It consists of 
reinforced and validated ideologies (a formal constitution, a historical myth, etc.). 
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Davis, 1999, theorized social movements (in Latin America) in terms of their 
shared distance from the state: geographically, institutionally, socially (class 
position and income level) and culturally. 

The Inglehart—Welzel cultural map of the world represent countries as 
points on R?, in which the two dimensions (traditional/secular-rational and 
survival/self-expression) explain > 70% of cross-national variance in 10 indi- 
cators. 

¢ Trust radius 

People’s trust radius is the width of the cooperation circle (people among 
whom a certain trust level exists), while trust level is the intensity with which 
people trust other people. The relation between them is weak. Individual- 
ism/collectivism is associated with a broader/narrower trust radius. A given level 
of trust can be broad/narrow if trust is mostly out-group/in-group connoted. 

Delhey—Newton—Welzel, 2011, distinguish in-group trust (trust in your fam- 
ily, your neighborhood, people you know personally) from out-group trust 
(people you meet for the first time, people of another religion, of another 
nationality). Respondents were asked whether “most people can be trusted” or 
“you need to be very careful in dealing with people.” Then this generalized trust 
was regressed on out-group and in-group trust via the degree of in-group/out- 
group connotation of the term most people. If this term is more in-group 
connoted, trust radius is narrow, and it is broad otherwise. Quantification of trust 
radius occurs by estimating linear regression models, separately for all countries 
in the sample, employing level of trust in most people as the dependent variable 
and scaled measures of in-group and out-group trust levels as the independent 
variables. 

The trust radius is calculated as (rescaled to fit a [0, 1] scale) the difference of 
the estimated coefficients for out-group and in-group trust. Swiss residents got 
the widest trust radius (followed by Italy, Slovenia, Sweden, Australia), while 
Thai residents rank lowest (with Morocco, Burkina Faso, and China). 

An unrelated term, the margin of error, is usually defined as the radius (or 
half the width) of a confidence interval for a particular statistic or observational 
error. Confidence level is usually 90 %, 99 % or, typically, 95 %. 

¢ Political distance 

A finite metric space (X = {x,,...,%n},d) can be seen as a political 
space with the points and distance seen as positions (policy proposals) and 
some ideological distance, respectively. Usually, (X,d) is a subspace of 
({0, 1)”, [lx — yllo). 

Let {v),..., U,} be the vote shares of all candidates {c,,..., c,} of an election 
or, say, allocated seat shares of all competing parties; so, )~_, vj = 1. The index 
of political diversity (Ortufio-Ortin and Weber, 2008) is Dieieee vjujd (xj, Xj). 

The mean minimum political distance, cf. http://wiki.electorama.com/wiki, 
is (the case m = 1 of) a vj Minjeg d(x, y), Where E = {1 < isn: 
c; is elected}. Cf. distance-rationalizable voting rule in Chap. 11. 
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Surname distance model 

A surname distance model was used in [COROS5] in order to estimate the 
preference transmission from parents to children by comparing, for 47 provinces 
of mainland Spain, the 47 x 47 distance matrices for surname distance with 
those of consumption distance and cultural distance. 

The distances were /)-distances }°; |x; — y;| between the frequency vectors 
(xi), (i) of provinces x, y, where z; is, for the province z, either the frequency 
of the i-th surname (surname distance), or the budget share of the i-th product 
(consumption distance), or the population rate for the i-th cultural issue, say, 
rate of weddings, newspaper readership, etc. (cultural distance), respectively. 

Other (matrices of) distances considered there are: 


— geographical distance (in km, between the capitals of two provinces); 

— income distance |m(x) — m(y)|, where m(z) is mean income in the province z; 

— climatic distance >) <;<,7 |xi — yi|, where z; is the average temperature in the 
province z during the i-th month; 

— migration distance >) <;<47 |Xi — yil, where z; is the percentage of people 
(living in the province z) born in the province i. 


Strong vertical preference transmission, i.e., correlation between surname and 
consumption distances, was detected only for food items. 
Distance as a metaphor 

Lakoff and Ntjfiez, 2000, claim that mathematics emerged via conceptual 
metaphors grounded in the human body, its motion through space and time, and 
in human sense perceptions: change is motion, arithmetic is motion along a path, 
etc. 

For them, the mathematical idea of distance comes from the activity of 
measuring, and the corresponding technique consists of rational numbers and 
metric spaces. The idea of proximity/connection comes from connecting and 
corresponds to topological space. The idea of subtraction mathematizes the 
ordinary idea of distance. 

Metaphoric distance 

A metaphoric distance is any notion in which a degree of similarity between 
two difficult-to-compare things is expressed using spatial notion of distance as 
an implicit bidirectional and understandable metaphor. Some examples are: 

Internet and Web bring people closer: proximity in subjective space is at- 
handiness; 

professional distance: teacher-student, therapist-patient, manager-employee; 

financial distance: degree of separation in couple’s money/property arrange- 
ments; 

competitive distance (incomparability) between two airline product offerings; 

metaphoric distance that a creative thinker takes from the problem, i.e., degree 
of intuitivity, required to evolve/reshape concepts into new ideas. 

The distance-similarity metaphor (Montello et al., 2003) is a design 
principle, where relatedness in nonspatial data is projected onto distance, so 
that semantically similar documents are placed closer to one another in an 
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information space. It is the inverse of the Tobler’s first law of geography; cf. 
nearness principle. This metaphor is used in Data Mining, Pattern Recognition 
and Spatialization. 

Comparing the linguistic metaphor proximity—similarity with its mental 
counterpart, Casasanto (2008), found that stimuli (pairs of words or pictures) 
presented closer together on the computer screen were rated more similar in 
conceptual judgments of abstract entities or unseen object properties but, less 
similar in perceptual judgments of visual appearance of faces and objects. 

¢ Spatial cognition 

Spatial cognition concerns the knowledge about spatial properties of objects 
and events: location, size, distance, direction, separation/connection, shape, 
pattern, and movement. For instance, it consider navigation (locomotion and 
way-finding) and orientation during it: recognition of landmarks and path 
integration (an internal measuring/computing process of integrating information 
about movement). 

Spatial cognition addresses also our (spatial) understanding of the World Wide 
Web and computer-simulated virtual reality. 

Men surpass women on tests of spatial relations, mental rotation and targeting, 
while women have better fine motor skills and spatial memory for immobile 
objects and their location. Such selection should come from a division of labor in 
Pleistocene groups: hunting of mobile prey for men and gathering of immobile 
plant foods for women. Women’s brains are 10-15 % smaller than men’s, but 
their frontal lobe (decision-making, problem-solving), limbic cortex (emotion 
regulation) and hippocampus (spatial memory) are proportionally larger, while 
the parietal cortex (spatial perception) and amygdala (emotional memory) are 
smaller. Men’s brains contain stronger front-to-rear connections (suggesting 
greater synergy between perception and action) while those of women are better 
connected from left to right (facilitating emotional processing and the ability to 
infer others’ intentions). 

One of the cultural universals (traits common to all human cultures) is that 
men on average travel greater distances over their lifetime. They are less likely 
than women to migrate within the country of their birth but more likely to 
emigrate. 

¢ Size representation 

Konkle and Oliva, 2012, found that object representations is differentiated 
along the ventral temporal cortex by their real-world size. Both big and small 
objects activated most of temporal cortex but fMRI (cf. brain distances) voxels 
with a big- or small-object preference were consistently found along its medial 
or, respectively, lateral parts. These parts overlapped with the regions known to 
be active when identifying spaces to interact with (say, streets, elevators, cars, 
chairs) or, respectively, processing information on tools, ones we usually pick up. 

Different-sized objects have different action demands and typical interaction 
distances. Big/small preferences are object-based rather than retinotopic or 
conceptual. They may derive from systematic biases, say, eccentricity biases 
and size-dependent biases in the perceptual input and in functional requirements 
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for action. For example, over the viewing experience, in the lifetime or over 
evolutionary time, the smaller objects tend to be rounder, while larger objects 
tend to extend more peripherally on the retina. Cf. the size-distance invariance 
hypothesis and, in Chap. 29, neurons with spatial firing properties. 

¢ Spatialization 

Spatialization (Lefebvre, 1991) refer to the spatial forms that social activities 
and material things, phenomena or processes take on. It includes cognitive maps, 
cartography, everyday practice and imagination of possible spatial worlds. 

One of the debated definitions of consciousness: it is a notion of self in space 
and an ability to make decisions based on previous experience and the current 
situation. Self-awareness permits to evaluate the distance that separates one from 
his objectives and to adjust his behavior in order to approach those aims. 

We usually give the upper face or upper torso as egocenter (spatial seat of 
self). 

The term spatialization is also used for information display of nonspatial data. 

¢ Spatial reasoning 

Spatial reasoning is the domain of spatial knowledge representation: spatial 
relations between spatial entities and reasoning based on these entities and 
relations. 

As a modality of human thought, spatial reasoning is a process of forming 
ideas through the spatial relationships between objects (as in Geometry), while 
verbal reasoning is the process of forming ideas by assembling symbols into 
meaningful sequences (as in Language, Algebra, Programming). Spatial intelli- 
gence is the ability to comprehend 2D and 3D images and shapes. 

Luria, 1973, called the ability to derive the abstract concepts from spatially 
organized heteromodal information, the quasi-spatial synthesis. 

Spatial-temporal reasoning (or spatial ability) is the capacity to visualize 
spatial patterns, to manipulate them mentally over a time-ordered sequence 
of spatial transformations and to draw conclusions about them from limited 
information. 

Specifically, spatial visualization ability is the ability to manipulate mentally 
2D and 3D figures. Spatial skills is the ability to locate objects in a 3D-world 
using sight or touch. Spatial acuity is the ability to discriminate two closely- 
separated points or shapes (say, two similar polygons with different numbers of 
sides). 

Visual thinking (or visual/spatial learning, picture thinking) is the common 
(about 60 % of the general population) phenomenon of thinking through visual 
processing. Spatial-temporal reasoning is prominent among visual thinkers, as 
well as among kinesthetic learners (who learn through body mapping and 
physical patterning) and logical thinkers (mathematical/systems thinking) who 
think in patterns and relationships and may work without this being pictorially. 

In Computer Science, spatial-temporal reasoning aims at describing, using 
abstract relation algebras, the common-sense background knowledge on which 
human perspective of physical reality is based. It provides rather inexpensive 
reasoning about entities located in space and time. 
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¢ Spatial language 

Spatial language consists of natural-language spatial relations used to indi- 
cate where things are, and so to identify or refer to them. It usually expresses 
imprecise and context-dependent information about space. 

Among spatial relations there are topological (such as on, to, in, inside, at), 
path-related (such as across, through, along, around), distance-related and more 
complex ones (such as right/left, between, opposite, back of, south of, surround). 

A distance relation is a spatial relation which specifies how far the object is 
away from the reference object: near, far, close, etc. 

The distance concept of proximity (Pribbenow, 1992) is the area around 
the RO (reference object) in which it can be used for localization of the LO 
(local object), so that there is visual access from RO and noninterruption of the 
spatial region between objects, while LO is less directly related to a different 
object. Such proximity can differ with physical distance as, for example, in 
“The Morning Star is to the left of the church”. The area around RO, in which 
a particular relation is accepted as a valid description of the distance between 
objects, is called the acceptance area. 

Pribbenow, 1991, proposed five distance distinctions: inclusion (acceptance 
area restricted to projection of RO), contact/adjacency (immediate neighborhood 
of RO), proximity, geodistance (surroundings of RO) and remoteness (the 
complement of the proximal region around RO). 

For Jackendorff—Landau, 1992, there are 3 degrees of distance distinctions 
in English: interior of RO (in, inside), exterior but in contact (on, against), 
proximate (near), plus corresponding negatives, such as outside, off of, far from. 

A spatial reference system is mainly egocentric, or relative (such as right, 
back) for the languages spoken in industrialized societies, while the languages 
spoken in small scale societies rely rather on an allocentric, or absolute set of 
coordinates. 

Language affects our sense of space and time. Guugu Yimithirr in Australia 
do not have words for relative space, like left and right, but they unusually well 
keep track where they are, using their terms for north, south, east and west. 

Semantics of spatial language is considered, say, in Linguistics, Cognitive 
Psychology, Anatomy, Robotics, Artificial Intelligence, Computer Vision and 
Geographic Information Systems. An example of far-reaching applications is 
Grove’s clean space, a neuro-linguistic psychotherapy based on the spatial 
metaphors produced by (or extracted from) the client on his present and desired 
“space” (state). 

¢ Language distance from English 

Such measures are based either on a typology (comparing formal similarities 
between languages), or language trees, or performance (mutual intelligibility and 
learnability of languages). For example, Rutheford, 1983, defined distance from 
English as the number of differences from English in the following three-way 
typological classification: subject/verb/object order, topic-prominence/subject- 
prominence and pragmatic word-order/grammatical word-order. It gives dis- 
tances 1,2, 3 for Spanish, Arabic/Mandarin, Japanese/Korean. 
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Borland, 1983, compared several languages of immigrants by their acquisition 
of four areas of English syntax: copula, predicate complementation, negation 
and articles. The resulting ranking was English, Spanish, Russian, Arabic, 
Vietnamese. 

Elder—Davies, 1998, used ranking based on the following three main types 
of languages: isolating, analytic or root (as Chinese, Vietnamese), inflect- 
ing, synthetic or fusional (as Arabic, Latin, Greek), agglutinating (as Turkish, 
Japanese). It gave ranks 1,2,4,5 for Romance, Slavic, Vietnamese/Khmer, 
Japanese/Korean, respectively, and 3 for Chinese, Arabic, Indonesian, Malay. 

The language distance index (Chiswick—Miller, 1998) is the inverse 
of the language score of the average speaking proficiency, after 24 weeks 
of instruction, of English speakers learning this language. This score was 
measured at regular intervals by increments of 0.25; it ranges from 1 
(hardest to learn) to 3 (easiest to learn). The score was, for example, 
1.00, 1.25, 1.50, 1.75, 2.00, 2.25, 2.50, 2.75,3.00 for Japanese, Cantonese, 
Mandarin, Hindi, Hebrew, Russian, French, Dutch, Afrikaans. 

In addition to the above distances, based on syntax, and linguistic distance, 
based on pronunciation, see the lexical semantic distances in Chap. 22. 

Cf. clarity similarity in Chap. 14, distances between rhythms in Chap. 21, 
Lasker distance in Chap. 23 and surname distance model in Chap. 28. 

Translations of the English noun distance, for example, into French, Italian, 
German, Swedish, Spanish, Interlingua, Esperanto are: distance, distanza, dis- 
tanz, distans, distancia, distantia, distanco. 

The word distance has Nr. 625 in the list (Wiktionary:Frequency 
lists/PG/2006/04) of the common English words in the books found on 
Project Gutenberg. It has Nrs. 835, 1035, 2404 in contemporary poetry, fiction, 
TV/movie and overall Nrs. 1513 (written), 1546 (spoken). It comes from Latin 
distantia (distance, farness, difference) and distans, present participle of distare: 
di (apart) + stare (to stand). 

The longest English word (noncoined and nontechnical) is antidisestablish- 
mentarianism (28 letters). Examples of funny distance-related words in Urban 
Dictionary (Web-based dictionary of slang in English) are: distading (start and 
give up on many goals in quick succession), distarnated (having no friends 
and being hated by everyone), distanitus (illness one suffer from spotting a 
person which looks really good from across the room but is a butterface at 5 
feet distance), disstance (space provided when someone is dissing, i.e., show 
disrespect for, someone else). 

¢ Editex distance 

The main phonetic encoding algorithms are (based on English language 
pronunciation) Soundex, Phonix and Phonex, converting words into one-letter 
three-digit codes. The letter is the first one in the word and the three digits 
are derived using an assignment of numbers to other word letters. Soundex and 
Phonex assign: 

Otoa4ehiiouwy; Iltobpfv 2to,ggjk4gs5x%% 3todt 
4 tol; Stomn; 6tor. 
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Phonix assigns the same numbers, except for 7 (instead of 1) to f and v, and 8 
(instead of 2) to's, x, z. 

The Editex distance (Zobel—Dart, 1996) between two words x and y is a 
cost-based editing metric (i.e., the minimal cost of transforming x into y by 
substitution, deletion and insertion of letters). For substitutions, the costs are 0 if 
two letters are the same, 1 if they are in the same letter group, and 2, otherwise. 

The syllabic alignment distance (Gong—Chan, 2006) between two words x and 
y is another cost-based editing metric. It is based on Phonix, the identification 
of syllable starting characters and seven edit operations. 

Phone distances 

A phone is a sound segment having distinct acoustic properties, and is the 
basic sound unit. A phoneme is a minimal distinctive feature/unit in the language 
(a set of phones which are perceived as equivalent to each other in a given 
language). 

The number of phonemes (consonants) range, among about 7102 languages 
spoken now, from 11 (6) in Rotokas to 112 (77) in Taa (languages spoken by 
about 4000 people in Papua New Guinea and Botswana, respectively). 

The main classes of the phone distances (between two phones x and y) are: 


— Spectrogram-based distances which are physical-acoustic distortion measures 
between the sound spectrograms of x and y; 

— Feature-based phone distances which are usually the Manhattan distance 
>>; |x: — yi| between vectors (x;) and (y;) representing phones x and y with 
respect to a given inventory of phonetic features (for example, nasality, 
stricture, palatalization, rounding, syllabicity). 


The Laver consonant distance refers to the improbability of confusing 22 
consonants among ~ 50 phonemes of English, developed by Laver, 1994, 
from subjective auditory impressions. (Chen—Wang—Jia—Dang, 2013, considered 
similar perception distance between two types of Chinese initials.) The smallest 
distance, 15 %, is between phonemes [p] and [A], the largest one, 95 %, is, for 
example, between [p] and [z]. Laver also proposed a quasi-distance based on 
the likelihood that one consonant will be misheard as another by an automatic 
speech-recognition system. 

Each vowel can be represented by a pair (fF), F2) of resonant frequencies 
of the vocal tract (first and second formants). For example, [u], [a], [i] are 
represented by (350, 800), (850, 1150), (350, 1700) in mels (Chap.21). The 
International Phonetic Alphabet identifies seven levels of height (F,) and five 
levels of backness (F2). 

Chang et al., 2013, produced English language map of the brain; they found 
the set of neurons in the sensorimotor cortex which controls muscles (in the 
tongue, lips, jaw, larynx) and fires in unique combination for each sound. 
Phonetic word distance 

The phonetic word (or pronunciation, Levenstein phonological) distance 
between two words x and y seen as strings of phones is the Levenstein 
metric with costs (Chap. 11): the minimal cost of transforming x into y by 
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substitution, deletion and insertion of phones. Given a phone distance r(u, v) 
on the International Phonetic Alphabet with the additional phone 0 (silence), the 
cost of substitution of phone u by v is r(u, v), while r(u, 0) is the cost of insertion 
or deletion of u. 

Levenstein orthographic distance (or LPD) is the same measure, but 
operating on letters instead of phonemes. Words with larger mean LPD to (but 
smaller mean frequency of) its 20 closest neighbors are easier to recognize. 

The average adult has a vocabulary of about 40,000—50,000 words. 

¢ Linguistic distance 

The linguistic distance between two languages is a term loosely used 
to describe their difference. The mutual intelligibility of the two languages 
depends on the degree of their lexical, phonetical, morphological, and syntactical 
similarity. 

The lexical similarity is the percentage of common (similar in form and 
meaning) words in their standardized wordlists. English was evaluated to have 
a lexical similarity of 60%, 27%, 24% with German, French and Russian, 
respectively. Cf. language distance index, language distance effect, Swadesh 
similarity. 

Specifically, the linguistic (dialectal) distance between language varieties X 
and Y is the mean, for a fixed sample S of notions, phonetic word distance 
between cognate (i.e., having the same meaning) words sy and sy, representing 
the same notion s € S in X and Y, respectively. 

One example of a dialect continuum (as ring species in Biology) is Dutch- 
German: their mutual intelligibility is small but a chain of dialects connects them. 

¢ Swadesh similarity 

The Swadesh word list of a language (Swadesh, 1940-1950) is a list of 
vocabulary with (usually, 100) basic words which are acquired by the native 
speakers in early childhood and supposed to change very slowly over time. The 
Swadesh similarity between two languages is the percentage of cognate (having 
similar meaning and sound) words in their Swadesh lists. Glottochronology is 
a method of assessing the temporal divergence of two languages based on this 
similarity. 

The first 12 items of the original final Swadesh list: J, you, we, this, that, who?, 
what?, all, many, one, two. Cf. the first 12 most frequently used English words: 
the, of, and, a, to, in, is, you, that, it, he, was in all printed material and J, the, 
and, to, a, of, that, in, it, my, is, you across both spoken and written texts. 

Acerbi et al., 2013: the frequency of emotional words declined in English- 
language books over twentieth century, but the use of fear-related words 
increased from 1980. The half-life of a word is the number of years after which 
it has a 50 % probability of having been replaced by a new noncognate word; 
rougly, it is within 750—20,000 years, say, 9000, 3200, 1900. stab, bird, we. 

Pagel et al., 2013, suggest existence of a proto-Eurasian mother tongue. 
For example, they list 15,000 years old words cognate in at least 4 Eurasiatic 
language families: thou, I, not, that, we, to give, who, this, what, man/male, ye, 
old, mother, to hear, hand, fire, to pull, black, to flow, bark, ashes, to spit, worm. 
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¢ Language distance effect 

In Foreign Language Learning, Corder, 1981, conjectured the existence of the 
following language distance effect: where the mother tongue (L1) is structurally 
similar to the target language, the learner will pass more rapidly along the 
developmental continuum (or some parts of it) than where it differs; moreover, 
all previous learned languages have a facilitating effect. 

Ringbom, 1987, added: the influence of the L1 is stronger at early stages of 
learning, at lower levels of proficiency and in more communicative tasks. But 
such correlation could be indirect. For example, the written form of modern 
Chinese does not vary among the regions of China, but the spoken languages 
differ sharply, while spoken German and Yiddish are close but have different 
alphabets. 

¢ Long-distance dependence (in Language) 

In Language, long-distance dependence (or syntactic binding) is a con- 
struction, including wh-questions (such as “Who do you think he likes”), 
topicalizations (such as “Mary, he likes’”’), easy-adjectives (such as “Mary is easy 
to talk to”), relative clauses (such as “I saw the woman who I think he likes”)— 
which permits an element in one position (filler) to fulfill the grammatical role 
associated with another nonadjacent position (gap). The filler-gap distance, in 
terms of the number of intervening clauses or words between them in a sentence, 
can be arbitrary large. Cf. long range dependence in Chap. 18. 

An anaphora is a subsequent reference to an entity already introduced in 
discourse. In order to be interpreted, anaphora must get its content from an 
antecedent in the sentence which in English is usually syntactically local as 
in “Mary excused herself”. A long-distance anaphora is an anaphora with 
antecedent outside of its local domain, as in “The players told us stories about 
each other’. Its resolution (finding what it refers to) is a hard problem of machine 
translation. 

The anaphoric distance is (Ariel, 1990) the number of words between an 
anaphora and its antecedent. The referential distance (or textual distance) is 
(Givon, 1983) the amount of clauses between them. In general, each text can be 
represented as a tree in which discourse units (normally, clauses) are vertices and 
rhetorical relations (sequence, joint, cause, elaboration, etc.) are edges. 

The rhetorical distance between two discourse units is (Fox, 1987) the 
minimal number of “sequence”-edges on a path between them. 
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¢ Zeno’s distance dichotomy paradox 
This paradox by the pre-Socratic Greek philosopher Zeno of Elea claims that 
it is impossible to cover any distance, because half the distance must be traversed 
first, then half the remaining distance, then again half of what remains, and so 
on. 
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The paradoxical conclusion is that travel over any finite distance can neither 
be completed nor begun, and so all motion must be an illusion. 

But, in fact, dividing a finite distance into an infinite series of small distances 
and then adding the all together gives back the finite distance one started with. 

e Space (in Philosophy) 

The present Newton—Einstein notion of space was preceded by Democritus’ 
(c. 460-370 BC) Void (the infinite container of objects), Plato’s (c. 424-348 BC) 
Khora (an interval between being and nonbeing in which Forms materialize) and 
Aristotle’s (380-322 BC) Cosmos (a finite system of relations between objects). 
Cf. Minkowski metric (Chap. 26) for the origin of the space-time concept. 

Like the Hindu doctrines of Vedanta, Spinoza (1632-77) saw our Universe as a 
mode under two (among an infinity of) attributes, Thought and Extension, of God 
(unique absolutely infinite, eternal, self-caused substance, without personality 
and consciousness). These parallel (but without causal interaction) attributes 
define how substance can be understood: to be composed of thoughts and 
physically extended in space, i.e., to have breadth and depth. So, the Universe 
is deterministic. 

For Newton (1642-1727) space was absolute: it existed permanently and 
independently of whether there is any matter in it. It is a framework of creation, 
stage setting within which physical phenomena occur. For Leibniz’s (1646-1716) 
space was a collection of relations between objects, given by their distance and 
direction from one to another, i.e., an idealized abstraction from the relations 
between individual entities or their possible locations which must therefore be 
discrete. 

For Kant (1724-1804) space is not substance or relation, but a part of 
an unavoidable systematic framework used by the humans to organize their 
experiences. Disagreement continues between philosophers over whether space 
is an entity, a relationship between entities, or part of a conceptual framework. 

In biocentric cosmology (Lanza, 2007), build on quantum physics, space is 
a form of our animal understanding and does not have an observer-independent 
reality, while time is the process by which we perceive changes in the Universe. 
Also, space-time could be not fundamental, but emerging from a deeper quantum 
reality. 

Free space refers to a perfect vacuum, devoid of all particles; it is excluded by 
the uncertainty principle. The quantum vacuum is devoid of atoms but contains 
subatomic short-lived particles—photons, gravitons, etc. 

A parameter space is the set of values of parameters in a mathematical model. 

In Mathematics and Physics, the phase space (Gibbs, 1901) is a space in which 
all possible states of the system are represented as unique points; cf. Chap. 18. 

¢ Kristeva nonmetric space 

Kristeva, 1980, considered the basic psychoanalytic distinction (by Freud) 
between pre-Oedipal and Oedipal aspects of personality development. Nar- 
cissistic identification and maternal dependency, anarchic component drives, 
polymorphic erotogenicism, and primary processes characterize the pre-Oedipal. 
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Paternal competition and identification, specific drives, phallic erotogenicism, 
and secondary processes characterize Oedipal aspects. 

Kristeva describes the pre-Oedipal feminine phase by an enveloping, amor- 
phous, “nonmetric” space (Plato’s khora) that both nourishes and threatens; it 
also defines and limits self-identity. She characterizes the Oedipal male phase 
by a metric space (Aristotle’s topos); the self and the self-to-space are more 
precise and well defined in topos. Kristeva insists also on the fact that the 
semiotic process is rooted in feminine libidinal, pre-Oedipal energy which needs 
channeling for social cohesion. 

Deleuze—Guattari, 1980, divide multiplicities (networks, manifolds, spaces) 
into striated (metric, hierarchical, centered, numerical) and smooth (“nonmetric, 
rhizomic, those that occupy space without counting it and can be explored only 
by legwork”). 

The above French post-structuralists use the metaphor of nonmetric in line 
with a systematic (but generating controversy) use of topological terms by the 
psychoanalyst Lacan. In particular, he sought the space J (of Jouissance, i.e., 
sexual relations) as a metric space and used metaphorically the Heine—Borel 
theorem (that closed and bounded subspaces of Euclidean spaces are their only 
compact subspaces). 

Back to Mathematics, when a notion, theorem or algorithm is extended from 
metric to general distance space, the latter is called nonmetric space. 

¢« Emerson distance between persons 

We call the Emerson distance between persons the separation between 
“gods”, which was required by an American poet and philosopher Ralph Waldo 
Emerson (1803-82) in his Essay 16 Manners: “Let the incommunicable objects 
of nature and the metaphysical isolation of man teach us independence... We 
should meet each morning, as from foreign countries, and spending the day 
together, should depart at night, as into foreign countries. In all things I would 
have the island of a man inviolate. Let us sit apart as the gods, talking from peak 
to peak all round Olympus... Lovers should guard their strangeness... Every 
natural function can be dignified by deliberation and privacy.” At the end of his 
1836 book Nature, Emerson also wrote: “Every spirit builds itself a house; and 
beyond its house, a world; and beyond its world, a heaven... Build, therefore, 
your own world.” 

Similar dignified separation is mentioned in quotes from the Russian philoso- 
pher Mikhail Bakhtin (1895-1975): “The feeling of respect creates a distance, 
both in relation to the other person, and in relation to one’s own self”, and the 
Bohemian-Austrian poet Rainer Maria Rilke (1875-1926): “Once the realization 
is accepted that even between the closest human beings infinite distances 
continue, a wonderful living side by side can grow, if they succeed in loving the 
distance between them which makes it possible for each to see the other whole 
against the sky.” 
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Nietzsche’s Ariadne distance 

The German philosopher Friedrich Wilhelm Nietzsche (1844-1900), treated 
distance in a sensual/erotic way. In “On the Genealogy of Morals” (1887) he 
wrote: 

“The pathos of nobility and distance... the fundamental total feeling on the 
part of a higher ruling nature in relation to a lower nature, to a ‘beneath’ — that is 
the origin of the opposition between ‘good’ and ‘bad.””’ 

His Zarathustra favors fernstenliebe (love of the farthest) over Christian love 
of the neighbor. Moreover, fernstenliebe is to love neither objects, nor ends—but 
rather, distance/endlessness itself, which makes all distances recur and perpetuate 
themselves. 

The courtly troubadours of the twelfth century valued eroticization of the 
unattainable object, while for German romanticism (for example, Novalis, 
Schopenhauer, Wagner) there can be no satisfaction in erotic relations, or in life 
itself, as long as distance remains. In Wagner’s opera, Tristan laments: “Blessed 
nearness, tedious distance.” 

Kuzma, 2013, claims that Nietzsche, by the early 1880s, “rehabilitated erotic 
distance”, in response to its denigration and the consummatory idealism and 
passive nihilism of the German romantic tradition. This rehabilitation of courtly 
love culminated in the concept of an absolute separation and eternal recurrence. 

According to Kuzma, Ariadne in ‘Thus Spoke Zarathustra (1883-1885) is not 
only the symbol of the human soul and life, but Nietzsche’s privileged name for 
absolute, infinite spatially and eternal distance itself, for an eternity conceived in 
the absence of every end, any possible object to attain and every Other to love. To 
desire Ariadne, is to desire the incessant prolongation of longing in the absence 
of all fulfilment. Zarathustra does not seek rest, consummation, and release, 
but affirms a sort of metaphysical coitus reservatus, the eternal prolongation of 
boundless and unresolved desire, implying “voluptuousness of the future” and 
“love of fate”. 

The eternal recurrence requires spatial or temporal infinity. Nietzsche, in his 
posthumous notes, posits finite matter and infinite cyclical time. 

Heidegger’s de-severance distance 

The German philosopher Martin Heidegger (1889-1976), sought space in 
terms of limit and event of placing, not merely a location. He wrote: “space is 
something that has been spaced, or made room for, and that which is let into its 
bounds”. 

His main notion, Dasein (Being there), means Being-in-the-world, as opposed 
to the Cartesian abstract agent, a subject, or the objective world alone. Dasein is 
revealed by projection into, and engagement with, a personal world, one’s envi- 
ronment. It is ontically (in factual existence) closest to itself, yet ontologically 
farthest. 

For Heidegger, Dasein dwells spatially in the world, but in the equipmental 
space (functional places, defined by Dasein-centered totalities of involvements) 
rather than in physical, Cartesian space, and this spatiality is characterized by 
de-severance, where “de-severing amounts to making the farness vanish—that 
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is, making the remoteness of something disappear, bringing it close”. Not only 
reducing physical distance, de-severance is the reach of Dasein’s skilled practical 
activity. 

An entity is nearby if it is readily available for some such activity, and far 
away if it is not. Nearness comes into being when the thing is examined. We reach 
it through things; it is nearness that makes the thingness of the thing appear. Cf. 
Heidegger’s Topology (MIT Press, 2007) by Malpas. The following quotes (of 
1924, 1954, 1966, 1971) illustrate Heidegger’s de-severance distance: 

“Man, as existing transcendence abounding in and surpassing toward pos- 
sibilities, is a creature of distance. Only through the primordial distances he 
establishes toward all being in his transcendence does a true nearness to things 
flourish in him.” 

“Longing is the agony of the nearness of the distant.” 

“Then thinking would be coming-into-the-nearness-of distance.” 

“What is this uniformity in which everything is neither far nor near — is, 
as it were, without distance? Everything gets lumped together into uniform 
distancelessness.” 

Cf. the technology-related distancing and death of distance in Sect. 28.2. 

French philosopher/writer Maurice Blanchot (1907-2003) considered Niet- 
zsche, Heidegger and Lévinas via their metaphorics of distance. For example, he 
wrote: 

“A distance is synonymous with extreme non-coincidence.” 

“Far and near are dimensions of what escapes presence as well as absence 
under attraction of [impersonal] ‘it’. It draws away, draws close, the same ghostly 
affirmation, the same premises of non-presence.” 

“To the proximity of the most distant, to the pressure of what is lightest, ... 
to the contact of that which is never arrives, it is by friendship that I can respond, 
... the response of passivity to the non-presence of unknown [stranger]”. 

¢ Lévinas distance to Other 

We call the Lévinas distance to Other a primary distance between the 
individuals in their face-to-face encounter, which the French philosopher and 
Talmudic scholar Emmanuel Lévinas (1906-95) discusses in his book Totality 
and Infinity, 1961. 

Lévinas considers the precognitive relation with the Other: the Other, appear- 
ing as the Face, gives itself priority, its first demand even before I react to, love or 
kill it, is: “thou shalt not kill me”. This Face is not an object but pure expression 
affecting me before I start meditating on it and passively resisting the desire that 
is my freedom. In this asymmetrical relationship—being silently summoned by 
the exposed Face of the Other (“widow, orphan, or stranger’) and responding by 
responsibility for the Other without knowing that he will reciprocate—Lévinas 
(in line of Misnagdim Judaism ethics) finds the meaning of being human and 
concerned about justice. For him, this ethical duty is prior to pursuit of knowledge 
and ontology of nature. 

According to him, before covering the distance separating the existent (the 
lone subject) from the Other, one must first go from anonymous existence to 
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the existent, from “there is” (swarming of points) to the Being (lucidity of 
consciousness localized here-below). Lévinas’ ethics spans the distance between 
the foundational chaos of “there is” and the objective or intersubjective world. 
Ethics marks the primary situation of the face-to-face, whereas morality comes 
later as a set of rules emerging in the social situation if there are more than two 
people face-to-face. And, for Lévinas, the scriptural/traditional God is the Infinite 
Other. 
¢ Distant suffering 

Normally, physical distance is inversely related to charitable inclinations. But 
the traditional morality of “universal” proximity (geographic, age, familial, etc.) 
and pity not works in contemporary life. Most important actions happen on 
distance and the mediation (capacity of the media to involve us emotionally and 
culturally) address our concern for the “other”. Cf. death/kilometer in Chap. 25. 

The nonuniversal quality of humanity should be constructed. So, mass media, 
NGO’s, aid agencies, live blogs, and celebrity advocacy use imagery in order to 
encourage audiences to acknowledge, care and act for far away vulnerable others. 

For Chouliaraki, 2006, the current mediation replaced earlier claims to our 
“common humanity” by artful stories that promise to make us better people. 
As suffering becomes a spectacle of sublime artistic expression, the inactive 
spectator can merely gaze in disbelief. Arising voyeuristic altruism is motivated 
by self-empowerment: to realize our own humanity while keeping the humanity 
of the sufferer outside the remit of our judgement and imagination, i.e., keep- 
ing moral distance. Chouliaraki calls it narcissistic self-distance or improper 
distance. 

Silverstone’s (2002) proper distance in mediation refers to the degree of 
proximity required in our mediated interrelationships if we are to create a sense 
of the other sufficient not just for reciprocity but for a duty of care, obligation 
and understanding. It should be neither too close to the particularities or the 
emotionalities of specific instances of suffering, nor too far to get a sense of 
common humanity as well as intrinsic difference. Cf. Lévinas distance and 
antinomy of distance. 

Silverstone and Chouliaraki call to represent sufferers as active, autonomous 
and empowered individuals. They advocate agonistic solidarity, treating the 
vulnerable other as other with her/his own humanity. It requires “an intellec- 
tual and aesthetic openness towards divergent cultural experiences, a search 
for contrasts rather than uniformity” (Hannerz, 1990). For Arendt, 1978, the 
imagination enables us to create the distance which is necessary for an impartial 
judgment, 

But for Dayan, 2007, a climactic Lévinasian encounter with Other is not 
dualistic: there are many others awaiting my response at any given moment. So, 
proper distance should define the point from which one is capable of equitably 
hearing their respective claims, and it involves the reintroduction of actual 
distance. 
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Moral distance 

The moral distance is a measure of moral indifference or empathy toward a 
person, group of people, or events. Abelson, 2005, refers to moral distance as the 
emotional closeness between agent and beneficiary. 

But Aguiar, Brafias-Garza and Miller, 2008, define it as the degree of moral 
obligation that the agent has towards the recipient. So, for them the social 
distance is only a case of moral distance in which anonymity plays a crucial, 
negative role. 

The ethical distance is a distance between an act and its ethical consequences, 
or between the moral agent and the state of affairs which has occurred. 

The (moral) distancing is a separation in time or space that reduces the 
empathy that a person may have for the suffering of others, i.e., that increases 
moral distance. In particular, distantiation is a tendency to distance oneself 
(physically or socially, by segregation or congregation) from those that one does 
not esteem. Cf. distanciation. On the other hand, the good distancing (Sartre, 
1943, and Ricoeur, 1995) means the process of deciding how long a given ethical 
link should be. 

Simone Weil distance 

We call Simone Weil distance a kind of moral God-cross radius of the 
Universe which the French philosopher, Christian mystic, social activist and self- 
hatred Jewess, Simone Weil (1909-43) introduced in “The Distance’, one of the 
philosophico-theological essays comprising her Waiting for God (Putnam, New 
York, 1951). 

She connects God’s love to the distance; so, his absence can be interpreted 
as a presence: “every separation is a link” (Plato’s metaxu). She wrote: “God 
did not create anything except love itself, and the means to love... Because 
no other could do it, he himself went the greatest possible distance, the infinite 
distance. This distance between God and God, this supreme tearing apart, this 
agony beyond all others, this marvel of love, is the crucifixion.” 

In her peculiar Christian theodicy, “evil is the form which God’s mercy takes 
in this world’, and the crucifixion of Christ (the greatest love/distance) was 
necessary “in order that we should realize the distance between ourselves and 
God ... for we do not realize distance except in the downward direction”. Weil’s 
God-cross (or creator-creature) distance recalls the old question: can we equate 
distance from God with proximity to Evil? Her main drive, purity, consisted of 
maximizing moral distance to Evil, embodied for her by “the social, Rome and 
Israel”. 

Cf. Irenaeus (second century) God-humans epistemic distance, which must 
be far enough that belief in God remains a free choice. In Irenaean teodicy, 
God created both, evil/suffering and free will, allowing us moral choices and 
development. 

Cf. Pascal’s (1669) God-man-nothing distances in Pensées, note 72: “... what 
is man in Nature? A nothing in relation to infinity, all in relation to nothing, 
a central point between nothing and all and infinitely far from understanding 
either’. 
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Cf. Montaigne’s (1580) nothing-smallest and smallest-largest distances in 
Essais, III:11 On the lame: “Yet the distance is greater from nothing to the 
minutest thing in the world than it is from the minutest thing to the biggest.” 

Cf. Tipler’s (2007) Big Bang—Omega Point time/distance with Initial and 
Final singularities seen as God-Father and God-Son. Tipler’s Omega point 
(technological singularity) is a variation of prior use of the term (Teilhard de 
Chardin, 1950) as the supreme point of complexity and consciousness: the Logos, 
or Christ. 

Calvin’s (1537) Eucharistic theology (doctrine on the meaning of bread and 
vine that Christ offered to his disciples during the last supper before his arrest) 
also relies on spatial distance as a metaphor that best conveys the separation of 
the world from Christ and of the earthly, human from the heavenly, divine. 

Weil’s approach reminds that of the Lurian (about 1570) kabbalistic notions: 
tzimtzum (God’s concealment, withdrawal of a part, creation by self-delimitation) 
and shattering of the vessels (evil as impure vitality of husks, produced when- 
ever the force of separation loses its distancing function and giving man the 
opportunity to choose between good and evil). The purpose is to bridge the 
distance between Infiniteness of God (or Good) and the diversity of existence, 
without falling into the facility of dualism (as manicheanism and gnosticism). 
It is done by postulating intermediate levels of being (and purity) during 
emanation (unfolding) within the divine and allowing humans to participate in 
the redemption of the Creation. 

So, a possible individual response to the Creator is purification and ascent, 1.e., 
the spiritual movement through the levels of emanation in which the coverings 
of impurity, that create distance from God, are removed progressively. 

Besides, the song “From a Distance’, written by Julie Gold in 1985 , is about 
how God is watching us and how, despite the distance (physical and emotional) 
distorting perceptions, there is still a little peace and love in this world. 

¢ Golgotha distance 

The exact locations of the Praetorium, where Pilate judged Jesus, and 
Golgotha, where he was crucified, as well as of the path that Jesus walked, are 
not known. At present, the Via Dolorosa (600m from the Antonia Fortress west 
to the Church of the Holy Sepulchre) in the Old City of Jerusalem, held to be this 
path. 

The first century Jerusalem was about 500 m east to west and 1200 m north to 
south. Herod’s palace (including Praetorium) was about 600 m from Golgotha 
and 400 m from the Temple. The Golgotha distance (total distance from 
Gethsemane, where Jesus was arrested, to the Crucifixion) was about 1500 m. 

Another New Testament’s distance is mentioned in Apocalypse: “And the 
angel thrust in his sickle into the earth, and gathered the vine of the earth, and cast 
it into the great winepress of the wrath of God. And the winepress was trodden 
without the city [Jerusalem], and blood came out of the winepress, even unto the 
horse bridles, by the space of 1600 furlongs [200 miles]” (Revelation 14:19-20). 
It can hint to the whole length of the land of Israel, computable as 1600 studia. 
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Distance to Heaven 

Below are given examples of distances and lengths which old traditions related 
(sometimes as a metaphor) to such notions as God and Heaven. 

In the Hebrew text Shi’ur Qomah (The Measure of the Body), the height of 
the Holy Blessed One is 236 x 10’ parasangs, i.e., 14 x 10'° (divine) spans. In 
the Biblical verse “Who has measured the waters in the hollow of his hand and 
marked off the heaven with a span” (Isaiah 40:12), the size of the Universe is one 
such span. 

The age/radius of the Universe is 13.82 billion ly. Sefer HaTemunah (by 
Nehunia ben Hakane, first century) and Otzar HaChaim (by Yitzchok deMin 
Acco, thirteenth century) deduced that the world was created in thought 42,000 
divine years, i.e., 42,000 x 365,250 ~ 15.3 billion human years, ago. It counts, 
using the 42-letter name of the God at the start of Genesis, that now we are in 
the 6-th of the 7 cosmic sh’mitah cycles, each one being 7000 divine years long. 
Tohu va-bohu (formless and empty) followed and 6000 years ago the creation of 
the world in deed is posited. 

In the Talmud (Pesahim, 94), the Holy Spirit points out to “impious Neb- 
uchadnezzar” (planning “to ascend above the heights of the clouds like the Most 
High”): “The distance from earth to heaven is 500 year’s journey alone, the 
thickness of the heaven again 500 years. ..”. This heaven is the firmament plate, 
and the journey is by walking. Seven other heavens, each 500 years thick, follow 
and the feet of the holy Creatures are equal to the whole... Their ankles, wings, 
necks, heads and horns are each consecutively equal to the whole.” Finally, “upon 
them is the Throne of Glory which is equal to the whole”. The resulting journey 
of 4,096,000 years amounts, at the rate of 80 miles (~ 129 km) per day, to 
~2600 AU, Le., TT of the actual distance to Proxima Centauri, the nearest 
other star. Also, in Talmud, the width of Jacob’s Ladder (bridge to Heaven that 
Jacob dreams about, described in the Book of Genesis) is computed as 8000 
parasangs. 

On the other hand, Baraita de Massechet Gehinom affirms in Section VII.2 
that Hell consists of 7 cubic regions of side 300 year’s journey each; so, 6300 
years altogether. According to the Christian Bible (Chap.21 of the Book of 
Revelation), New Heavenly Jerusalem (a city that is or will be the dwelling place 
of the Saints) is a cube of side 12,000 furlongs ( 2225 km), or a similar pyramid 
or spheroid. 

Islamic tradition (Dawood, Book 40, Nr. 470) also attributes a journey of 
71-500 years (by horse, camel or foot) between each samaa’a (the ceiling 
containing one of the seven luminaries: Moon, Mercury, Venus, Sun, Mars, 
Jupiter, Saturn). Besides 7 heavens (as in Judaism and Hinduism), Shia Islam and 
Sufism have 7 depths of esoteric meanings of Quran, with only God knowing the 
4-th meaning. 

The Vedic text (Pancavimsab Brahmana, c. 2000 BC) states that the distance 
to Heaven is 1000 Earth diameters and the Sun (the middle one among seven 
luminaries) is halfway at 500 diameters. A similar ratio 500-600 was expected 
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till the first scientific measurement of 1 AU (mean Earth-Sun distance) by Cassini 
and Richter, 1672. The actual ratio is ~ 11,728. 

The sacred Hindu number 108 (=6? + 6” + 6? = [],<;—; i’), connected to the 
Golden Ratio as the interior angle 108° of a regular pentagon, is traced to the 
following Vedic values: 108 Sun’s diameters for the Earth-Sun distance and 108 
Moon’s diameters for the Earth-Moon distance. The actual values are (slightly 
increasing) ~ 107.6 and = 110.6; they could be computed during an eclipse, 
since the angular size of the Moon and Sun, viewed from the Earth, is almost 
identical. 

Also, the ratio between the Sun and Earth diameters is ~ 108.6, but it is 
unlikely that Vedic sages knew this. In Ayurveda, the devotee’s distance to his 
“inner sun” (God within) consists of 108 steps; it corresponds to 108 beads of 
mala (rosary): by saying beads, the devotee does a symbolic journey from his 
body to Heaven. 

In Bhagavata, the total diameter of the Universe is about 6.4 billion km. 

¢ Swedenborg heaven distances 

The Swedish scientist and visionary Emanuel Swedenborg (1688-1772), in 
Section 22 (Nos. 191-199, Space in Heaven) of his main work Heaven and Hell 
(1952, first edition in Latin, London, 1758), posits: “distances and so, space, 
depend completely on interior state of angels”. A move in heaven is just a 
change of such a state, the length of a way corresponds to the will of a walker, 
approaching reflects similarity of states. In the spiritual realm and afterlife, for 
him, “instead of distances and space, there exist only states and their changes”. 

¢ Safir distance 

According to Islamic law, a traveler may shorten the prayers, combine them, 
and be permitted to break the fast of Ramadan if the travel (safir) exceeds some 
minimum distance. Hanafi, the largest Sunni school of jurisprudence, define such 
safir distance as 3 days of continuous journey (in the great part of the day and at 
a moderate speed) or 15 farsakh (ancient unit of length, called also parasang). 

Three other main schools define it as 2 days of such journey or as 16 farsakh, 
computed differently. This distance is usually approximated as 80 or 83 km and 
applied for travel by camel, car, plane or ship. Another strong opinion, by Ibn 
Taymiyya, claims that safir is not merely a distance but also a state of mind, an 
exposure to the wilderness; so, any distance customarily considered traveling is 
safir. 

¢ Sabbath distance 

The Sabbath distance (or rabbinical mile) is a range distance: 2000 
Talmudic cubits (960-11,152m, cf. cubit in Chap. 27) which an observant Jew 
should not exceed in a public thoroughfare from any given private place on the 
Sabbath day. It is about the distance covered by an average man in 18 min. 

Other Israelite/Talmudic length units are: a day’s march, parsa, stadium 


(40, 4, 2 of the rabbinical mile, respectively), and span, hasit, palm, thumb, 
Piliaiad 


middle finger, little finger (5, 3> G 3a? 307 36 Of the Talmudic cubit, respectively). 
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Bible code distance 

Witztum, Rips and Rosenberg, 1994, claimed to have discovered a meaningful 
subtext of the Book of Genesis, formed by uniformly spaced letters. The text 
was seen as written on a cylinder on which it spirals down in one long line. 
Many reactions followed, including criticism by McKay, Bar-Natan, Bar-Hillel 
and Kalai, 1999, in the same journal Statistical Science. 

The following Bible code distance d, between two letters, that are ¢ positions 
apart in the text, was used. Let h be the circumference of the cylinder, and 
let g and r be the quotient and reminder, respectively, when f¢ is divided by h, 
ie, tf = gh+rwithO < r < h—1. Thend, = Ve+r if 2g < h, 
and d, = (q+ 1)? + (r—h)?, otherwise. It is, approximatively, the shortest 
distance between those letters along the cylinder surface; cf. cylindrical distance 
(Chap. 20). 

Distance numbers 

On Maya monuments usually only one anchor event is dated absolutely, in 
the linear Mesoamerican Long Count calendar by the number of days passed 
since the mythical creation on August 11, 3114 Bc of the fourth world, which 
completed a Great Period of 13 b’ak’tuns (+ 5125 years) on December 21, 2012. 

The other events were dated by adding to or subtracting from the anchor date 
some distance numbers, i.e., periods from the cyclical 52-year Calendar Round. 
Antinomy of distance 

The antinomy of distance, as introduced in [Bull12] for aesthetic experiences 
by the beholder and artist, is that both should find the right amount of emotional 
distance (neither too involved, nor too detached), in order to create or appreciate 
art. The fine line between objectivity and subjectivity can be crossed easily, and 
the amount of distance can fluctuate in time. 

The aesthetic distance is a degree of emotional involvement of the individual, 
who undergoes experiences and objective reality of the art, in a work of art. 
It refers to the gap between the individual’s conscious reality and the fictional 
reality presented in a work of art. It means also the frame of reference that an 
artist creates, by the use of technical devices in and around the work of art, to 
differentiate it psychologically from reality; cf. distanciation. 

Some examples are: the perspective of a member of the audience in relation to 
the performance, the psychological/emotional distance between the text and the 
reader, the actor-character distance in the Stanislavsky system of acting. 

Antinomy between inspiration and technique (embracement and estrange- 
ment) in performance theory is called the Jon hook since Ion of Ephesus (a reciter 
of rhapsodic poetry, in a Platon’s dialog) employed a double-consciousness, 
being ecstatic and rational. The acting models of Stanislavsky and Brecht are, 
respectively, incarnating the role truthfully and standing artfully distanced from 
it. Cf. role distance. 

[Morg76] defines pastoral ecstasy as the experience of role-distancing, or the 
authentic self’s supra-role suspension, i.e., the capacity of an individual to stand 
outside or above himself for purposes of critical reflection. Morgan concludes: 
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“The authentic self is an ontological possibility, the social self is an operational 
inevitability, and awareness of both selves and the creative coordination of both 
is the gift of ecstasy”. Cf. Lévinas distance to Other. 

The historical distance, in terms of [Tail04], is the position the historian 
adopts vis-d-vis his objects—whether far-removed, up-close, or somewhere in 
between; it is the fantasy through which the living mind of the historian, 
encountering the inert and unrecoverable, positions itself to make the material 
look alive. The antinomy of distance appears because historians engage the past 
not just intellectually but morally/emotionally. The formal properties of historical 
accounts are influenced by the affective, ideological and cognitive commitments 
of their authors. 

A variation of the antinomy of distance appears in critical thinking: the need 
to put some emotional and epistemic (intellectual) distance between oneself and 
ideas, in order to better evaluate their validity and avoid illusion of explanatory 
depth (to fail see the trees for the forest). A related problem is how much 
distance people must put between themselves and their pasts in order to remain 
psychologically viable; Freud showed that often there is no such distance with 
childhoods. 

* Role distance 

In Sociology, Goffman, 1961, using a dramaturgical metaphor, defined role 
distance (or role distancing) as actions which effectively convey some disdainful 
detachment of the (real life) performer from a role he is performing. An 
example of social role distancing is when a teacher explains to students that his 
disciplinary actions are due only to his role as a teacher. 

Goffman observed that children are able to merge doing and being, ie., 
embracement of the performer’s role, only from 3-4 years. Starting from about 
5, their role distance (distinguishing being from doing) appears and expands, 
especially, at age 8, 11 and adult years. 

Besides role embracement and role distance, one can play a role cynically in 
order to manage the outcomes of the situation (impression management). The 
most likely cause of role distancing is role conflict, i.e., the pressure exerted from 
another role to act inconsistently from the expectations of the first role. 

A frame is a type of role (participant, observer, authority, critic, artist, etc.) 
given to a person in relation to a given event. The frame distance, introduced 
by Heathcote, 1980, in teaching drama, refer to a specific (implied by the 
frame) responsibility, interest, attitude and behavior of a person/student in this 
event/drama. 

¢ Distanciation 

In scenic art and literature, distanciation (Althusser, 1968, on Brecht’s 
alienation effect) consists of methods to disturb purposely (in order to challenge 
basic codes and conventions of spectator/reader) the narrative contract with 
him, i.e., implicit clauses defining logic behavior in a story. The purpose is 
to differentiate art psychologically from reality, i.e., to create some aesthetic 
distance. 
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For Bakhtin, the mandate to “be outside” that which you create is a matter 
of subject-subject (as opposed to subject-object) relations. For Shklovsky the 
distancing of an object sharpens our perception and stimulates senses, thereby 
arousing us to artistic (as opposed to dull everyday) experience. 

One of the distanciation devices is breaking of the fourth wall, when the 
actor/author addresses the spectators/readers directly through an imaginary 
screen separating them. The fourth wall is the conventional boundary between the 
fiction and the audience. It is a part of the suspension of disbelief between them: 
the audience tacitly agrees to provisionally suspend their judgment in exchange 
for the promise of entertainment. Cf. distancing and distantiation. 

¢ Narrative distance 

The author creates a persona of narrator, who tell the story, usually, from 
the point of view of first- or third-person. Narrative distance is (Genette, 1980) 
the distance between the narrator and the story’s characters, setting, events and 
objects. 

The closest possible distance—the narrator reports on the thoughts and feeling 
(even unconscious ones) of the characters, while the farthest distance—treporting 
only actions and situations. The author can vary this distance; say, the third- 
person omniscient narrator can zoom in and out of character’s perspectives. 

¢ Ironic distance 

Rhetorical writer or speaker does not allow audience to maintain an objective 
or fixed distance from the story. He intrude to distance himself from characters 
in a story or from his own remarks. Ironic distance refers to the narrative irony: 
distance of knowledge between author/narrator/character/reader. 

As a literary device, irony implies a distance between what is said and what 
is meant. Irony is also the art of juxtaposing incongruous parts; so, an ironic 
distance also mean the closeness between two things that never meet. 

¢ Epistemic distance 

Epistemic (or intellectual) distance from something refers to the degree of 
difficulty involved in knowing it. For example, conditional rhetorical construc- 
tions are used in discourse, in order to indicate this distance. Mejias (2005) 
epistemological distance between things is the difference in degree of knowledge 
justification. 

¢ Representation of distance in Painting 

In Western Visual Arts, the distance is the part of a picture representing objects 
which are the farthest away, such as a landscape; it is the illusion of 3D depth on 
a flat picture plane. The middle distance is the central part of a scene between the 
foreground and the background (implied horizon). 

Perspective projection draws distant objects as smaller to provide additional 
realism by matching the decrease of their visual angle; cf. Chap, 6. A vanishing 
point (or point of distance) is a point at which parallel lines receding from 
an observer seem to converge. (For a meteor shower, the radiant is the point 
in the sky, from which meteors appear to originate.) Linear perspective is a 
drawing with 1-3 vanishing points; usually, they are placed on the horizon and 
equipartition it. 
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In a curvilinear perspective, there are > 4 vanishing points; usually, they are 
mapped into and equipartition a distance circle. 0-point perspective occurs if the 
vanishing points are placed outside the painting, or if the scene (say, a mountain 
range) does not contain any parallel lines. Such perspective can still create a sense 
of depth (3D distance) as in a photograph of a mountain range. 

In a parallel projection, all sets of parallel lines in 3D object are mapped to 
parallel lines in 2D drawing. This corresponds to a perspective projection with an 
infinite focal length (the distance from the image plane to the projection point). 

Axonometric projection is parallel projection which is orthographic (i.e., the 
projection rays are perpendicular to the projection plane) and such that the object 
is rotated along one or more of its axes relative to this plane. The main case of 
it, used in Engineering Drawing, is isometric projection in which the angles 
between three projection axes are the same, or an 

In Chinese Painting, the high-distance, deep-distance or level-distance views 
correspond to picture planes dominated, respectively, by vertical, horizontal ele- 
ments or their combination. Instead of the perspective projection of a “subject”, 
assuming a fixed position by a viewer, Chinese classic hand scrolls (up to 10 
m in length) used axonometric projection. It permitted them to move along a 
continuous/seamless visual scenario and to view elements from different angles. 
It was less faithful to appearance and allowed them to present only three (instead 
of five) of six surfaces of a normal interior. But in Chinese Painting, the focus is 
rather on symbolic and expressionist representation. 

¢ Scale in art 

In drawing, the scale refers to the proportion or ratio that defines the size 
relationships. It is used to create the illusion of correct size relationships between 
objects and figures. The relative scale is a method used to create and determine 
the spatial position of a figure or object in the 3D picture plane: objects that are 
more distant to the viewer are drawn smaller in size. In this way, the relative size 
of an object/figure creates the illusion of space on a flat 2D picture. 

In an architectural composition, the scale is the two-term relationship of the 
parts to the whole which is harmonized with a third term—the observer. For 
example, besides the proportions of a door and their relation to those of a wall, 
an observer measures them against his own dimensions. 

The scale of an outdoor sculpture, when it is one element in a larger complex 
such as the facade of a building, must be considered in relation to the scale of 
its surroundings. In flower arrangement (floral decoration), the scale indicates 
relationships: the sizes of plant materials must be suitably related to the size of 
the container and to each other. 

The hierarchical scale in art is the manipulation of size and space in a picture 
to emphasize the importance of a specific object. Manipulating the scales was 
the theme of Measure for Measure, an art/science exhibition at the Los Angeles 
Art Association in 2010. Examples of the interplay of the small and the large in 
literature are Swift’s Gulliver’s Travels and Carrol’s Through the Looking Glass. 
In the cinema, the spectator can easily be deceived about the size of objects, since 
scale constantly changes from shot to shot. 
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In Advertising and Packaging, the size changes the meaning or value of an 
object. The idea that “bigger is better” is validated by the sales of sport utility 
vehicles, super-sized soft drinks and bulk food at Wal-Mart. 

In reverse, the principle “small is beautiful” is often used to champion small, 
appropriate objects and technologies that are believed to empower people more. 
For example, small-sized models sell the benefits of diet programs and fitness 
regimes designed to scale back people’s proportions. Examples of Japanese 
miniaturization culture are bonsai and many small/thin portable devices. 

¢ Distances in Interior Design 

In Interior Design, the scale refer to how an item relates to the size of the room 
or the owner, and the proportion refer to the shape of an item and how it relates to 
other objects in the room. The vertical, horizontal, diagonal and curved lines give 
aroom a feeling of formalness, casualness, transition and sensuality, respectively. 
Other required space relationships are balance (equal weight between objects on 
either side of a room) and rhythm (repetition of patterns, color, or line). 

Workplane is the height at which an activity takes place; it is about 90, 
75-90 and 75 cm for a kitchen, bath and a dining room or desk. In a kitchen, the 
perimeter of the work triangle formed by sink, cooking surface and refrigerator 
ideally should be 3.5—7.5 m. In a living room, the triangle of focal points to 
emphasize is formed usually at the door or fireplace, TV, big window, sofa. 
Other examples of recommended distances are: 35-45 cm between the sofa (or 
chairs) and coffee table, 60 cm between dining chairs and at least 90 cm for traffic 
lanes. 

Used in lighting calculations, the room cavity ratio (or RCR) is i where 
h, P,A are the ceiling height, perimeter and area of the room. So, RCR = ate) 
for a rectangular room of length / and width w. 

¢ Spatialism 

Spatialism (or Spazialismo) is an art movement founded by Lucio Fontana 
in Milan in 1947, intended to synthesize space, color, sound, movement and 
time into a new “art for the Space Age’”’. Instead of the illusory virtual space of 
traditional easel (i.e., of a size and on a material suitable for framing) painting, 
he proposed to unite art and science to project color and form into real space 
by the use of up-to-date techniques, say, TV and neon lighting. His Spatial 
Concept series consisted of holes or slashes, by a razor blade, on the surface 
of monochrome paintings. 

¢ Spatial music 

Spatial music refers to music and sound art (especially, electroacoustic), in 
which the location and movement of sound sources, in physical or virtual space, 
is a primary compositional parameter and a central feature for the listener. 

Space music is gentle, harmonious sound that facilitates the experience of 
contemplative spaciousness. Engaging the imagination and generating serenity, 
it is particularly associated with ambient, New Age, and electronic music. 
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¢ Distance-named cultural products 

Far Near Distance is the name of the program of the House of World Cultures 
in Berlin which presents contemporary positions of Iranian artists. Examples of 
similar use of distance terms in modern popular culture follow. 

“Some near distance” and “Zero/Distance” are the titles of art exhibitions 
of Mark Lewis (Bilbao, 2003) and Jim Shrosbree (Des Moines, Iowa, 2007). 
“A Near Distance” is a paper collage by Perle Fine (New York, 1961); “Quiet 
Distance” is a fine art print by Ed Mell. “Distance” is a Windows/Mac/Linux 
survival racing game; “Dream Drop Distance” is a video game for Nintendo. 

“Distance” is a Japanese film directed by Hirokazu Koreeda (2001) and an 
album of Utada Hikaru (her famous ballad is called “Final Distance’’). It is also 
a song by Christina Perry, the stage name of a musician Greg Sanders and the 
name of the rock/funk band led by Bernard Edwards. “The Distance” is a US 
film directed by Benjamin Busch (2000), an album by the band “Silver Bullet” 
and a song by the band “Cake”. “Near Distance” is a musical composition by 
Chen Yi (New York, 1988) and lyrics by the quartet “Puressence”’. 

“Distance to Fault”, “Distance from Shelter’, “Long Distance Calling” are 
the rock bands. Among popular albums are “The Tyranny of Distance’, “The 
Great Cold Distance’, “Close the Distance”, “The Distance to Here’, “Love 
and Distance’, “Long Distance Voyager” and “The Crawling Distance”, “This 
Magnificent Distance” by the bands “Washington, D.C.’, “Katatonia”, “Go 
Radio”, “Live”, “The Helio Sequence”, “The Moody Blues” and Robert Pollard, 
Chris Robinson. 

The terms near distance and far distance are also used in Ophthalmology and 
for settings in some sensor devices. 

¢ Distance-related quotes 


— “Respect the gods and the devils but keep them at a distance.” (Confucius) 

— “Sight not what’s near through aiming at what’s far.” (Euripides) 

— “Ttis when suffering seems near to them that men have pity.” (Aristotle) 

— “Distance in space or time weakened all feelings and all sorts of guilty 
conscience.” “Distance is a great promoter of admiration.” (Denis Diderot) 

— “Our main business is not to see what lies dimly at a distance, but to do what 
lies clearly at hand.” (Thomas Carlyle) 

— “We can only see a short distance ahead, but we can see plenty there that needs 
to be done.” (Alan Turing) 

— “The foolish man seeks happiness in the distance; the wise grows it under his 
feet.’(Julius Robert Oppenheimer) 

— “The very least you can do in your life is to figure out what you hope for. And 
the most you can do is live inside that hope. Not admire it from a distance but 
live right in it, under its roof.” (Barbara Kingsolver) 

— “Better is a nearby neighbor, than a far off brother.” (Proverbs 27:10, Bible) 

— “These [patriarchs] all died in faith without receiving the things promised 
[Canaan, Messiah, Gospel], but they saw them and welcomed them from 
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a distance, admitting that they were strangers and pilgrims on the earth.” 
(Hebrews 11:13, Bible) 
“By what road”, I asked a little boy, sitting at a cross-road, “do we go to the 
town?”—“This one”, he replied, “is short but long and that one is long but 
short”. I proceeded along the “short but long road”. When I approached the 
town, I discovered that it was hedged in by gardens and orchards. Turning back 
I said to him, “My son, did you not tell me that this road was short?”—“And”, 
he replied, “Did I not also tell you: “But long”?” (Erubin 53b, Talmud) 
“The Prophet Muhammad was heard saying: “The smallest reward for the 
people of paradise is an abode where there are 80,000 servants and 72 wives, 
over which stands a dome decorated with pearls, aquamarine, and ruby, 
as wide as the distance from Al-Jabiyyah [a Damascus suburb] to Sana’a 
[Yemen].” (Hadith 2687, Islamic Tradition) 
“The closer the look one takes at the world, the greater distance from which it 
looks back.” (Karl Kraus) 
“Telescopes and microscopes are designed to get us closer to the object of our 
studies. That’s all well and good. But it’s as well to remember that insight can 
also come from taking a step back.” (New Scientist, March 31, 2012) 
“Where the telescope ends, the microscope begins. Which of the two has the 
grander view?” (Victor Hugo) 
“Nature uses only the longest threads to weave her patterns.” (Richard 
Feynman) 
“We're about eight Einsteins away from getting any kind of handle on the 
universe.” (Martin Amis) 
“Tt is true that when we travel we are in search of distance. But distance is not 
to be found. It melts away. And escape has never led anywhere ... What are 
we worth when motionless, is the question.” (Antoine de Saint-Exupéry) 
“If you want to build a ship, don’t drum up people to collect wood and don’t 
assign them tasks and work, but rather teach them to long for the endless 
immensity of the sea.” (Antoine de Saint-Exupéry) 
“Ships at a distance have every man’s wish on board.” (Zora Neale Hurston) 
“If you’ve never stared off in the distance, then your life is a shame.” (Adam 
Duritz) 
“Every once in a while, people need to be in the presence of things that are 
really far away.” (Ian Frazier) 
“Only those who will risk going too far can possibly find out how far one can 
go.” (Thomas Stearns Eliot) 
“Distance is to love like wind is to fire .. . it extinguishes the small and kindles 
the great.” (source unknown) 
“T could never take a chance of losing love to find romance 

In the mysterious distance between a man and a woman.” (Performed by 
U2) 
“In true love the smallest distance is too great, and the greatest distance can 
be bridged.” (Hans Nouwens) 
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“Love is like a landscape which doth stand 

Smooth at a distance, rough at hand.” (Robert Hegge) 
“Life is like a landscape. You live in the midst of it but can describe it only 
from the vantage point of distance.” (Charles Lindbergh) 
“Distance between two people is only as one allows it to be.” (source 
unknown) 
“Tt is only the mountains which never meet.” (french proverb) 
“Nothing makes Earth seem so spacious as to have friends at a distance; they 
make the latitudes and longitudes.” (Henri David Thoreau) 
“Distance can endear friendship, and absence sweeteneth it.” (James Howell) 
“The word is distance within non-distance, that is, the width of a gap that every 
letter stresses while bridging it. What is said is always said in relation to what 
will never be expressed. At these limits we recognize ourselves.” (Edmond 
Jabés) 
“The poet’s other readers are the ancient poets, who look upon the freshly writ- 
ten pages from an incorruptible distance. Their poetic forms are permanent, 
and it is difficult to create new forms which can approach them.” (Salvatore 
Quasimodo) 
“Sad things are beautiful only from a distance ... From a distance of 130 years 
i’m going to distance myself until the world is beautiful...” (Tao Lin) 
“Dying away into the distance, prose turns into poetry, speech into vocalise, 
language into music.” (Berthold Hoeckner) 
“Everything becomes romantic and poetic, if one removes it to a distance 
...Distant philosophy sounds like poetry — for each call into the distance 
becomes a vowel ... Everything becomes poetry — poem from afar.” (Novalis) 
“The appropriated way to determine whether a painting is melodious is to look 
at it from a distance so as to be unable to comprehend its subject or its lines.” 
(Charles Baudelaire) 
“There is no object so large ...that at great distance from the eye it does not 
appear smaller than a smaller object near.” (Leonardo da Vinci) 
“Distance lends enchantment to the view, 

And robes the mountain in its azure hue.” (Thomas Campbell) 
“There are charms made only for distant admiration.” 

“Distance has the same effect on the mind as on the eye.” (Samuel Johnson) 
“Age, like distance, lends a double charm.” (Oliver Wendell Holmes) 
“Distance not only gives nostalgia, but perspective, and maybe objectivity.” 
(Robert Morgan) 

“Tt is the just distance between partners who confront one another, too closely 
in cases of conflict and too distantly in those of ignorance, hate and scorn, that 
sums up rather well, I believe, the two aspects of the act of judging. On the 
one hand, to decide, to put an end to uncertainty, to separate the parties; on 
the other, to make each party recognize the share the other has in the same 
society.” (Paul Ricoeur) 

“Authority doesn’t work without prestige, or prestige without distance.” 
(Charles de Gaulle) 
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“The human voice can never reach the distance that is covered by the still 
small voice of conscience.” (Mohandas Gandhi) 

“A smile is the shortest distance between two people.” (Victor Borge) 

“The shortest distance between two points is under construction.’ (Leo 
Aikman) 

“A straight line may be the shortest distance between two points, but it is by 
no means the most interesting.” (Third Doctor from BBC TV series Doctor 
Who) 

“Tn politics a straight line is the shortest distance to disaster.’ (John P. Roche) 
“Fret not where the road will take you. Instead concentrate on the first step. 
That is the hardest part and that is what you are responsible for. Once you take 
that step let everything do what it naturally does and the rest will follow. Do 
not go with the flow. Be the flow.” (Shams Tabrisi) 

“The distance is nothing; only the first step that is difficult”? (Marie du 
Deffand) 

“A perfect run has nothing to do with distance. It’s when your stride feels 
comfortable.” (Sean Astin) 

“Fill the unforgiving minute with sixty seconds worth of distance run.” 


(Rudyard Kipling) 

“The distance between dreams and reality is called Discipline.’ (Albert 
Wright) 

“The distance between who you are and who you might be is closing.” (Jan 
Chipchase) 


“Everywhere is within walking distance if you have the time.” (Steven Wright) 
“Time is the longest distance between two places.” (Tennessee Williams) 
“There is an immeasurable distance between late and too late.” (Og Mandino) 
“They couldn’t hit an elephant at this distance.” (last words of John Sedgwick, 
seconds before he was mortally wounded) 
“The distance that the dead have gone does not at first appear; 

Their coming back seems possible for many an ardent year.’ (Emily 
Dickinson) 
“A vast similitude interlocks all ... All distances of place however wide, 

All distances of time, all inanimate forms, all souls ...”” (Walt Whitman) 
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Chapter 29 
Other Distances 


In this chapter we group together distances and distance paradigms which do not fit 
in the previous chapters, being either too practical (as in equipment), or too general, 
or simply hard to classify. 


29.1 Distances in Medicine, Anthropometry and Sport 


Distances in Medicine 

Some examples from this vast family of physical distances follow. 

In Dentistry, the interocclusal distance: the distance between the occluding 
surfaces of the maxillary and mandibular teeth when the mandible is in a 
physiologic rest position. The interarch and interridge distances: the vertical 
distances between the maxillary and mandibular arches, or, respectively, ridges. 

The intercanine distance: the distance between the distal surfaces of the 
maxillary canines on the curve (the circumference of six maxillary anterior teeth). 

The interincisor distance: the distance between the upper and lower incisors. 

The interproximal distance: the spacing distance between adjacent teeth; 
mesial drift is the movement of the teeth slowly toward the front of the mouth 
with the decrease of the interproximal distance by wear. 

The biologic width: the distance between the deepest point of the gingival 
sulcus and the alveolar bone crest. The crown-to-root-ratio: the ratio of the length 
of the part of a tooth that appears above the alveolar bone versus what lies 
below it. 

The interbrow distance: the distance between the eyebrows. 

The interaural (or biauricular) distance: the distance between the ears. 

Lumbar spinal canal (LSC) is the tunnel that the spinal cord and nerves pass 
through. The LSC diameter is the longest horizontal distance between any two 
points on the lumbar edge; normally, it is 15-27 mm. 
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The rectosacral distance: the shortest distance from the rectum to the sacrum 
(triangular bone at the base of the spine, inserted between the two hip bones) 
between the 3-rd and 5-th sacral vertebra. It is at most 10 mm in adults. 

The anogenital distance (or AGD): the length of the perineum, i.e., the region 
between the anus and genital area (the anterior base of the penis for a male). For 
a male it is 5 cm in average (twice what it is for a female). ARD is a measure of 
physical masculinity and, for a male, lower ARD correlates with lower fertility. 

The internipple distance: the distance between nipples. “Ideally”, the nipples 
and sternal notch form an equilateral triangle with a side of 21 cm, and the nipples 
are at the middle of the humeral shoulder-elbow distance. The average areolar 
diameter is 38 mm for a mature woman and 25 mm for a male. 

The intercornual distance: the distance between uterine horns (2-4 cm). 
The C-V distance: clitoris-vagina distance (2.3-3 cm); < 2.5 cm tend to yield 
reliable orgasms from intercourse alone, while > 3 cm almost exclude it. The 
clitoral index (CI): product of the crosswise (3-4 mm) and lengthwise (4-5 mm) 
widths of the external portion of the clitoris; CI is a measure of virilization in 
women. Mean vaginal depth (cervix-introitus) is 7-8 cm, increasing to 11-13 cm 
during sexual arousal. For a human penis, mean flaccid and erect lengths are 9.16 
and 13.2 cm. 

A pelvic diameter is any measurement that expresses the diameter of the 
birth canal in the female. For example, the diagonal conjugate (13 cm) joins the 
posterior surface of the pubis to the tip of the sacral promontory, and the true 
(or obstetric, internal) conjugate (11.5 cm) is the anteroposterior diameter of the 
pelvic inlet. 

In Obstetrics, the fundal height is the size the mother’s uterus (the distance 
between the tops of uterus and pubic bone) used to assess fetal growth and 
development during pregnancy. The crown-rump length is the length of human 
embryos/fetuses (the distance, determined from ultrasound imagery, from the top 
of the head to the bottom of the buttocks) used to estimate gestational age. 

Metra and uterus are (Greek and Latin) medical terms for the womb. 
Metropathy is any disease of the uterus, say, metritis (inflammation), metratonia 
(atony), metrofibroma. Metrometer is an instrument measuring the womb’s size. 
Metrography (or hysterography) is a radiographic examination of the uterine 
cavity filled with a contrasting medium. Cf. meter-related terms in Chap. 27. 

In Radiography, the teardrop distance: the distance from the lateral margin 
of the pelvic teardrop to the most medial aspect of the femoral head; a 
widening of > 1 mm indicates excess hip joint fluid and so inflammation. The 
intertrochanteric distance: the distance between femurs. The interpediculate 
distance: the distance between the vertebral pedicles. The source-skin distance: 
the distance from the focal spot on the target of the X-ray tube to the subject’s 
skin. 

In Intubation (insertion of a tube into a body canal or hollow organ, to 
maintain an opening or passageway), the insertion distance: the distance from 
the body aperture at which the tubing is advanced. The French size of a catheter 
with external diameter D is 7D ~ 3D; so, 20 F means D = 6.4 mm. 
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In Anesthesia, the thyromental distance (or TMD): the distance from the 
upper edge of the thyroid cartilage (laryngeal notch) to the menton (tip of the 
chin). The sternomental distance: the distance from the upper border of the 
manubrium sterni to the menton. The mandibulo-hyoid distance: mandibular 
length from menton to hyoid. When the above distances are less than 6—-6.5 cm, 
12-12.5 cm and 4 cm, respectively, a difficult intubation is indicated. 

The depth of anesthesia is a number expressing the likehood of awareness by 
the degree of slowing and irregularity in electroencephalogram (EEG) signals. 
Also, at loss of consciousness, high frequency (12-35 Hz) brain waves are 
replaced by two (low, < | Hz, and alpha, 8-12 Hz) superimposed waves. Even 
beyond a flat line EEG, some neuronal spikes come to the cortex from the 
hippocampus. 

The sedimentation distance (or ESR, erythrocyte sedimentation rate): the 
distance red blood cells travel in 1 h in a sample of blood as they settle to the test 
tube’s bottom. ESR indicates inflammation and increases in many diseases. 

The stroke distance: the distance a column of blood moves during each heart 
beat, from the aortic valve to a point on the arch of the aorta. 

The distance between the lesion and aortic valve being < 6 mm, is an 
important predictor, available before surgical resection of DSS (discrete subaortic 
stenosis), or reoperation for recurrent DSS. The aortomesenteric distance 
(between aorta and superior mesenteric artery) correlates with the body mass 
index. 

The aortic diameter: the maximum diameter of the outer contour of the aorta. 
It, as well as the cross-sectional diameter of the left ventricle, varies between the 
ends of the systole (the time of ventricular contraction) and diastole (the time 
between contractions). The smallest and largest cardiac dimensions are LVE (left 
ventricle end-) systolic and diastolic diameters; the strain is the ratio between 
them. 

The dorsoventral interlead distance of an implanted pacemaker or defibril- 
lator: the horizontal separation of the right and left ventricular lead tips on the 
lateral chest radiograph, divided by the cardiothoracic ratio (ratio of the cardiac 
width to the thoracic width on the posteroanterior film). 

The distance factor is a crude measure f — | of arterial tortuosity, where / is 
the vessel length and d is the Euclidean distance between its endpoints. 

In Nerve Regeneration by transplantation of cultured stem cells, the regen- 
eration distance is the distance between the point of insertion of the proximal 
stump and the tip of the most distal regenerating axon. 

The small-for-size syndrome (SFSS) is acute liver failure resulting from the 
transplantation of a too small (usually < 0.8 % of recipient weight) graft (donor 
liver). 

A distant flap is a procedure moving tissue (skin, muscle, bone, or some 
combination) from one part of the body, where it is dispensable, to another part. 

The length of the alimentary (mouth-to-anus) tract is ~ 9 m in a dead and, 
due to muscle tone, 5—6 m in a leaving human. Transit takes 30-50 h. 
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In Laser Treatments, the extinction length and absorption length of the 
vaporizing beam are the distances into the tissue along the ray path over which 
90 % (or 99 %) and 63 %, respectively, of its radiant energy is absorbed. 

In Ophthalmic Plastic Surgery, the marginal reflex distances MRD, and 
MRD, are the distances from the center of the pupil (identified by the corneal 
reflex created by shining a light on the pupil) to the margin of the upper or lower 
eyelid, while the vertical palperbal fissure is the distance between these eyelids. 

The main distances used in Ultrasound Biomicroscopy (for glaucoma treat- 
ment) are the angle-opening distance (from the corneal endothelium to the 
anterior iris) and the trabecular ciliary process distance (from a particular point 
on the trabecular mesh-work to the ciliary process). 

In Medical Statistics, length bias is a selection bias that can occur when 
the lengths of intervals are analyzed by selecting random intervals in space or 
time. This process favors longer intervals, thus skewing the data. For example, 
screening over-represents less aggressive disease, say, slower-growing tumors. 

¢ Distances in Oncology 

In Oncology, the tumor radius is the mean radial distance R from the tumor 
origin (or its center of mass) to the tumor-host interface (the tumor/cell colony 
border). The cell proliferation along [0, R] is ~ 0 up to some ro, then increases 
only linearly up to some r;, and it happens mainly within [r,, R]. 

The tumor diameter is the greatest vertical diameter of any section; the tumor 
growth is the geometric mean of its three perpendicular diameters. The average 
diameter is eee where L, W, H are the longest length, width and height. 

Tubiana, 1986, claims that for each tumor type a critical tumor diameter and 
mass for metastatic spread exists and this threshold may be reached before the 
primary tumor is detectable. For breast cancer, metastases were found in 50 % of 
the women whose primary tumor had a diameter of 3.5 cm, i.e., a mass * 22 g. 

In the tumor, node, metastasis (TNM) classification, describing the stage of 
cancer in a patient’s body, the parameter T is the tumor size (direct extent of the 
primary tumor) by the categories T-1, T-2, T-3, T-4. In breast cancer, T-1, T-2, 
T-3 are < 2,2—5, > 5 cm and T-4 is a tumor of any size that has broken through 
the skin, or is attached to the chest wall. A clinical size is 10°-10!' cells. 

In Oncological Surgery, the margin distance (or margins of resection) is the 
distance between a tumor and the ink-marked edge of tumor bed, i.e., normal- 
appearing tissue surrounding tumor that is removed along with it in order to 
prevent local recurrence. If the margins, as checked by a pathologist under 
microscope, are positive (cancer cells are found in the ink), then more surgery 
is needed. The margins are negative (or clear, clean) if no cancer cells are found 
“close” to the ink. 

The perfusion distance is the shortest distance between the infusion outlet 
and the surface of the electrodes during radio-frequency tumor ablation. 

In Radiation Oncology, the maximum heart distance MHD is the maximum 
distance of the heart contour (as seen in the beam’s eye view of the medial 
tangential field) to the medial field edge, and the central lung distance CLD 
is the distance from the dorsal field edge to the thoracic wall. An “L-bar’” 
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armrest, used to position the arm during breast cancer irradiation, decreases these 
distances. 

A distant cancer (or relapse, metastasis) is a cancer that has spread from 
the original (primary) tumor to distant organs or distant lymph nodes. It can 
happen by long-distance dispersal (Chap. 23) and by dividing of cancer stem 
cell. DDFS (Distant Disease-free Survival) is the time until such an event. 

According to Hanahan—Weinberg, 2000, tumor progress via evolution-like 
process of genetic changes which can be grouped into six hallmarks. Tumori- 
genesis requires a mutation pathway of 4-6 events among them to occur in the 
lineage of one cell. Spencer et al., 2006, define tumor heterogeneity as 


2 
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1<i<j<p 


where n = ) <i<p Mi» P» Ni are the numbers of cells in a tumor, of distinct 
pathways, of cells with i-th pathway, and dj is the ancestral path distance (cf. 
pedigree-based distances in Chap. 23) between i-th and j-th pathways. 

Similarly, the distance to flu pandemic is, say, the length of mutation pathway 
for a virus strain to become airborne transmissible among humans. 

¢ Distances in Rheumatology 

The main such distances (measured in cm to the nearest 0.1 cm) follow. 

Occiput wall distance: the distance from the patient’s occiput to the wall 
during maximal effort to touch the head to the wall, without raising the chin 
above its usually carrying level (when heels and, if possible, the back are against 
the wall). 

Modified Schober test: the distance between two marked points (a point 
over the spinous process of L5 and the point 10 cm above) measured when the 
patient is extending his lumbar spine in a neutral position and then when he flexes 
forward as far as possible. Normally, the 10 cm distance increases to > 16 cm. 

Lateral spinal flexion: the distance from the middle fingertip to the floor in 
full lateral flexion without flexing forward or bending the knees or lifting the 
heels and attempting to keep the shoulders in the same place. 

Chest expansion: the difference between full expiration and full inspiration, 
measured at the nipples. 

Intermalleolar distance: the distance between the medial malleoli when the 
patient (supine, the knees straight and the feet pointing straight up) is asked to 
separate the legs as far as possible. 

¢ Distance healing 

Distance (or distant, remote) healing is defined (Sicher—Targ, 1998) as a 
conscious, dedicated act of mentation attempting to benefit another person’s 
physical or emotional well-being at a distance. Cf. action at a distance in 
Chap. 24. 
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It includes prayer (intercessory, supplicative and nondirected), spiritual/ 
mental healing and strategies purporting to channel some supra-physical energy 
(noncontact therapeutic touch, Reiki healing, external qigong). 

Distant healing is part of popular alternative/complementary medicine but it 
is highly controversial: some positive results are attributed to a placebo effect. 
However, such rejection (as well as for homeopathy) is also a matter of belief. 

In Chinese Medicine, the life-energy, gi, flow through 20 meridians connect- 
ing about 400 acupuncture points. Many trigger points (hyperirritable muscle 
spots) and pressure points in martial arts are related to above points. Many 
meridians are located along connective-tissue planes between muscles or muscle 
and bone. 

In Ayurveda, the life force, prana, flow through > 72,000 nadis connecting 
chakras (intensity points); it also lists 13 internal srotas (physical body channels) 
and, by the number of orifices, 9 external ones for males and 12 for females. The 
main 13 chakras are evenly spaced, using the interpupillary distance as the unit. 
The root chakra is at the base of the spine, followed by chakras at the sex, navel, 
solarplexis, heart (two), Adam’s apple, chin’s tip, nose’s tip, third eye, just above 
the forehead, the crown, one hand length above the head. 

Distance medicine technologies are used to transmit/treat patient information, 
to submit prescriptions, to create distributive patient care and distributive learn- 
ing. Examples of telephonic communication with patients are in: follow-up care, 
reminders, interactive systems, screening and access in hospital use. 

¢ Brain distances 

JMRI (functional Magnetic Resonance Imaging) measures, using MRI tech- 
nology, brain activity by detecting changes associated with blood flow. 

dMRI (diffusion MRI) noninvasively produces in vivo images of brain tissues 
weighted by their water diffusivity. The image intensities at each position are 
attenuated proportionally to the strength of diffusion in the direction of its 
gradient. Diffusion in tissues is described by a diffusivity tensor. Tensor data 
are displayed, for each voxel, by ellipsoids; their length in any direction is the 
diffusion distance molecules cover in a given time in this direction. The diffusion 
tensor distance is the length from the center to the surface of the diffusion tensor. 

In brain MRI, the distances considered for cortical maps (i.e., outer layer 
regions of cerebral hemispheres representing sensory inputs or motor outputs) 
are: MRI distance map from the GW (gray/white matter) interface, cortical 
distance (say, between activation locations of spatially adjacent stimuli), cortical 
thickness (the shortest distance between the GW the boundary and the innermost 
surface of pia mater enveloping the brain) and Jateralization metrics. In fact, 
language, for example, tends to be on the left, attention more on the right side of 
the brain. 

The cortical thickness of Einstein’s brain is 2.1 mm, while the average one is 
2.6 mm; the resulting closer packing of neurons may speed up communication 
between them. This brain had a relatively larger (and more intricately folded) 
prefrontal cortex and an unusually high glia-to-neuron ratio. Also, the corpus 
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callosum is thicker in many areas, indicating greater connectivity between the 
two hemispheres. 

Stereotaxic coordinates of a point p in the human brain are given by a triple 
(Xp, Yp, Zp) in mm (Talairach-Tournoux, 1988), where the anterior commissure is 
the origin (0, 0,0). The dimensions x, y, z refer to the left-right (LR), posterior- 
anterior (PA) and ventro-dorsal (VD or inferior-superior) orthogonal axes with 
positive values for the right hemisphere, anterior part and dorsal part. The 


a from 


Talairach distance of a point p is its Euclidean distance ,/x7 + y; 
the origin. 

Among proto-humans, only Neanderthals had a larger (11.6 %) brain than 
Homo sapiens; we got the brain-size increasing gene 0.037 Ma ago. But over 
the last 0.03 Ma our brains have been shrinking, while craniums have been 
increasing. Our brain reaches its full size by age 20 and then shrinks (faster for 
men) by about | % per year. Brain accounts for i of the total (~ 100 W) body 
energy consumption. 

Network models (of human brain in a living person) derived from resting 
state fMRI and dMRI are similar and strongly correlate. Siegelmann et al., 
2015, defined the connectivity-distance (or network depth) of a brain area, as 
increase in its average connectivity from sensory cortex inputs, derived from 
those MRI data. This depth is expected to be a proxy for an increase in number of 
sequential synapses, processing time and to correlate with degree of abstractness 
of cognitive behaviors. 

¢ Dysmetria 

Dysmetria is a symptom of a cerebellar disorder or syndrome, expressed in 
a lack of coordination of movement typified by the undershoot (hypometria) or 
overshoot (hypermetria) of the intended position with the hand, arm, leg, or eye. 

More generally, dysmetria can refer to an inability to judge distance or 
scale, which is also one of symptoms of dyscalculia. The distance constancy 
(Chap. 28) is poor in schizophrenics; so, their visual perception is lacking in 
depth. 

Alice in Wonderland syndrome, affecting mainly children, is that objects 
appear either much smaller (micropsia) or larger (macropsia) than they are. 
Micropsia appear also in Charles Bonnet syndrome, affecting mainly vision- 
impaired elderly. 

¢ Space-related phobias 

Several space-related phobias have been identified: agoraphobia, astropho- 
bia, claustrophobia, cenophobia, and acrophobia, bathophobia, gephyrophobia, 
megalophobia which are, respectively, fear of open, celestial, enclosed, empty 
spaces, and heights, depths, bridges, large/oversized objects. Autoscopy (or out- 
of-body experience) is the hallucination of seeing one’s own body at a distance. 

Among neuropsychological spatial disorders are: Balint’s syndrome (inability 
to localize objects in space), hemispatial neglect (bias of attention to and 
awareness of the side of the hemispheric lesion) and allochiria (left-right 
disorientation). 
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Topographical disorientation is the inability to orient in the surrounding as 
a result of focal brain damage. Such agnosia with respect to self, to landmarks, 
to external environment, to new environments is called egocentric, landmark, 
heading, anterograde, respectively. Dromosagnosia is the loss of direction while 
driving. 

In Chap. 28, among applications of spatial language is mentioned Grove’s 
clean space: a neuro-linguistic psychotherapy based on the spatial metaphors 
produced by the client on his present and desired “space” (state). 

¢ Neurons with spatial firing properties 

Known types of neurons with spatial firing properties are listed below; cf. 
also spike train distances in Chap. 23. 

Many mammals have in several brain areas head direction cells: neurons 
which fire only when the animal’s head points in a specific direction. 

Place cells are principal neurons in the hippocampus that fire strongly 
whenever an animal is in a specific location (the cell’s place field) in an 
environment. 

Grid cells are neurons in the entorhinal cortex that fire periodically and at 
very regular distances as an animal walks. Grid cells measure distance while 
place cells indicate location. But only place cells are sensitive (albeit weakly) to 
height. 

Spatial view cells are neurons in the hippocampus which fire when the animal 
views a specific part of an environment. They differ from head direction cells 
since they represent not a global orientation, but the direction towards a specific 
object. They also differ from place cells, since they are not localized in space. 

Border cells are neurons in the entorhinal cortex that fire when a border is 
present in the proximal environment. 

Mirror cells are neurons that fire both when an animal acts and when it 
observes the same action performed by another. 

Head direction cells of rats are fully developed before pups open their eyes 
and become mobile. Next to mature are place cells followed by grid cells. All 
navigational cell types mature before rat adolescence (about 30 days of age). 

The smallest processing module of cortical neurons is a minicolumn—a 
vertical column (of diameter 28-40 microns) through the cortical layers of the 
brain, comprising 80-120 neurons that seem to work as a team. There are about 
2 x 108 minicolumns in humans. Smaller minicolumns (as observed in scientists 
and in people with autism) mean that there are more processing units within any 
given cortical area; it may allow for better signal detection and more focused 
attention. 

* Vision distances 

The interocular distance is the distance between the centers of rotation of the 
eyeballs of an individual or between the oculars of optical instruments. 

The interpupillary distance (or binocular pupillary distance) is the distance 
(50-75 mm) between the centers of the pupils of the two eyes. The monocular 
pupillary distance is the distance from the center of the nose to the pupil. 
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Stereoacuity is the smallest detectable depth difference that can be seen in 
binocular vision. 

Involuntary pupil’s diameter dilation of 0.5 mm can indicate interest, attention 
or sexual stimulation. Straight (homosexual) observers’ pupils increase linearly 
as the amount of clothing on opposite (same, respectively) sex models decreases. 

The near acuity is the eye’s ability to distinguish an object’s shape and details 
at a near distance such as 40 cm; the distance acuity is the ability to do it at a far 
distance such as 6 m. The distance vision is a vision for objects that are at least 
6 m from the viewer. Optical near devices are designed for magnifying close 
objects and print; distance devices are for magnifying things in the distance. 

The near distance is the distance between the object and spectacle (eye- 
glasses) planes. The vertex distance: the distance between a person’s glasses 
(spectacles planes) and their eyes (the corneal). The infinite distance: a distance 
of at least 6 m; so called because rays entering the eye from an object at that 
distance are practically as parallel as if they came from an infinitely far point. 

The default accommodation distance (or resting point of accommodation, RPA 
distance) is the distance at which the eyes focus if there is nothing to focus on. 

The RPV distance (or resting point of vergence) is the distance at which the 
eyes are set to converge (turn inward toward the nose) when there is no close 
object to converge on. It averages about 1.15 m when looking straight ahead and 
in to about 0.9 m with a 30° downward gaze angle. Ergonomists recommend 
the RPV distance as the eye-screen distance in sustained viewing, in order to 
minimize eyestrain. 

The least distance of distinct vision (or reference seeing distance) is the 
minimum comfortable distance (usually, 25 cm) between the eye and a visible 
object. Ideal focus distances for reading and writing are within 37-62 cm from 
the eyes. 

The Harmon distance (or elbow distance) is the optimal visual distance for 
reading and other near work. It is the distance from the elbow on the desk to the 
first knuckle (prominence of a joint connecting the finger to the hand). 

The ideal TV viewing distance is 1.9 times the screen width, since then this 
width occupies a 30° angle from the viewing position. For multiple-row seating 
in the home theater, a viewing angle 26—36° is recommended. 

The Lechner distance is the optimal viewing distance at which the human eye 
can best process the details given by High Definition TV resolution. For example, 
it is about 1.7 or 2.7 m for a 1080 HD TV with a screen size of 42 or 69 inches. 

Lateral masking (or crowding) is impairment of peripheral object identifica- 
tion by flankers (nearby objects). Critical spacing (or crowding distance) is the 
minimum target-flanker distance that does not produce crowding of a target of 
fixed size. 

The throw distance is the distance that the projector needs to be from the 
screen to project the optimum image. The viewing-distance factor is a ratio of 
the width of a projected image to the maximum acceptable viewer’s distance 
from it. 
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The laser hazard distance is the safe viewing distance for direct exposure to 
visible laser beams. 
Gait distances 

Gait stride is the distance traveled between successive footfalls of the same 
foot. It is the double of the step length (distance traveled while a foot is on the 
ground). 

Stride width (or walking base) is the side-to-side distance between the line of 
the two feet. Normally, it is 3-8 cm for adult but it increases with gait instability. 

The Gait Deviation (from normality) Index GDI is (Schwartz—Rosumalski, 
2008) the standardized Euclidean distance (Chap. 17) in the 15D gait feature 
space between the abnormal state vector of a patient and the closest matching 
normal (mean of controls) state vector. 

The length of cane, when it is needed, should extend the distance from the 
distal wrist crease to the ground, when the person is placing arms at the sides. 

The average walking speed is 1—-1.5 m/s; above 2 m/s, it is more efficient to 
run. Cadence for normal adults is 100-117 steps/min at preferred speed. As the 
body moves forward, its center of gravity moves vertically and laterally, with 
average displacement 5 cm and 6 cm, in a smooth sinusoidal pattern. 

Wearing high heels by women exaggerate some sex specific elements of 
female gait: greater pelvic rotation, increased lateral pelvic tilt, shorter strides 
and higher cadence. Millipedes have smooth wave-like polypedal gait. Some 
millipeds [/lacme have 750 legs. No species with larger or odd number of legs 
are known. 

Most insects have a tripod gait, with front and back legs on one side moving 
in sync with the middle leg on the other side. But some dung beetles can gallop. 

Humans, birds and (occasionally) apes walk bipedally. Humans, birds, many 
lizards and (at their highest speeds) cockroaches run bipedally. But (Alexander, 
2004) no animal walks or runs as we do: the trunk erect, almost straight knees 
at mid-stance, striking the ground with the heel alone and two-peaked force 
pattern in fast walking. Our walking, but not running, is relatively economical 
metabolically. 

A pedometer is a device, usually portable and electronic or electromechanical, 
that counts each step a person takes by detecting the motion of the person’s hands 
or hips. Modern activity trackers, such as the Fitbit Tracker, Misfit Wearables and 
Razer Nabu, count the number of steps and, using it, distance walked or run. 
Biodistances for nonmetric traits 

In Physical Anthropology and Human Osteology (including Forensic Anthro- 
pology and Paleoanthropology), the biodistances (or biological distances) are the 
measures of relatedness between and within human groups, living or past, based 
on human cranial, skeletal or dental variation. 

Nonmetric traits are skeletal nonmetric data (binary, nominal or ordinal, 
cf. Chap. 17). The main distance statistics used to compare them between 
populations x and y are Mahalanobis D? statistics, i.e., square Mahalanobis 
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distance (Chap. 17) and, when the data are incomplete, the mean measure of 
divergence: 


Nyi + Ny; + 1 
(2Nxi + 1)(2Nyi + 1) 





i ‘ 
MMD = - 2x gsi) —4 ). 
Here, n is the number of traits used in the comparison, ¢,; and ¢,; are the 
transformed frequencies in radians of the i-th trait in the groups x, y, and M,; 
and Ny; are the numbers of individuals scored for the i-th trait in the two groups. 
The frequencies ¢@ are obtained (in radians) from observed trait frequencies 
k by the Freeman—Tukey arcsine transformation. The MMD can be negative. 
The standardized MMD (SMMD) is obtained by dividing MMD by its standard 
deviation. 
¢ Body distances in Anthropometry 
Besides weight and circumference, the main metric (i.e., linear continuous, 
cf. Chap. 17) measurements in Anthropometry are between some body landmark 
points or planes. The main vertical distances from a standing surface are: 


— stature (to the top of the head); 

— C7 level height (to the first palpable vertebra from the hairline down, C7); 
— acromial height (to the acromion, i.e., the lateral tip of the shoulder); 

— L5 level height (to the first palpable vertebra from the tailbone up, L5); 

— knee height (to the patella, i.e., kneecap plane). 


The genotype gives 60 % of the phenotypic variation of human height (stature). 

It was about 1.63 and 1.83 m for Neanderthal 0.07 Ma ago and Homo erectus 1.8 

Ma ago. The height of the average modern man ranges from 1.37 (Mbuti people 

of the Democratic Republic of the Congo) to 1.84 m (the Dutch). There is small 

(0.15—0.20) correlation between IQ and height within national populations. 
Examples of other body distances are: 


— sitting height: the distance from the top of the head to the sitting surface; 

— popliteal (or stool) height (seated): the distance between the underside of the 
foot to the underside of the thigh at the knee; 

— hip breadth (seated): the lateral distance at the widest part of the hips; 

— biacromial breadth: the distance between the acromions; 

— buttock-knee length : the distance from the buttocks to the patella; 

— total foot length: the maximum length of the right foot; 


In the thigh, there are the longest ones in the human body: bone (femur), muscle 
(sartorius) and nerve (sciatic). 
¢ Head and face measurement distances 

The main linear dimensions of the cranium in Archeology are: lengths (of 
temporal bone, of tympanic plate, glabella-opistocranion), breadths (maximum 
cranial, minimum frontal, biauricular, mastoid), heights (of temporal bone, 
basion-bregma), thickness of the tympanic plate, and bifrontomolar-temporal 
distance. 
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Main viscerocranium measurements in Craniofacial Anthropometry are the 
head width, i.e., the (horizontal) maximum breadth of the head above the ears, 
and the head length (or head depth): the horizontal distance from the nasion (the 
top of the nose between the eyes) to the opistocranion (the most prominent point 
on the back of the head). The cephalic index of a skull is the percentage of width 
to length. 

The face length FL: the distance between the trichion (midpoint on the 
forehead) and the gnathion (the lowest point of the midline of the lower jaw). 
It is divided by nasion and subnasale lines into three (“ideally”, equal) parts. The 
upper face height UFH is the distance between brow and upper lip; LF'H is the 
lower face height. 

The intercanthal distance /C and outercanthal distance OC: the distances 
between inner or outer canthi (corners of eyes). The face width FW (or 
bizygomatic width) is the maximum distance between lateral surfaces of the 
cheeks. Let EW be the eye width and NW be the nose width (or interalar 
distance). 

According to Schmid—Marx—Samal, 2007, among neoclassical canons of face, 
proposed by artists, the most related to attractiveness are: IC = NW = EW, 
FW = 4x NW and nose length = ear length = forehead height = LFH. Among 


aesthetically pleasing facial golden ratios is ~ 1.618 are: mouth width (or 
lips-chin distance) to IC (or NW), ear length to NW and the superior facial 


index ne 
According to Lefevre et al., 2013, the ratios FWHR= in and im correlate 


with “maleness” (testosterone in mating context, aggression, status-striving etc.). 
On average, men have much larger faces (below the pupils), lips and chins; wider 
cheekbones, jaws and nostrils; and longer lower faces, but much lower eyebrows. 

In Face Recognition, the sets of (vertical and horizontal) cephalofacial dimen- 
sions, i.e., distances between fiducial (standard of reference for measurement) 
facial points, are used. For example, the following five independent facial 
dimensions are derived in [Fell97] for facial gender recognition: IC, NW, FW 
and (vertical ones) eye-to-eyebrow distance EB and distance EM between eye 
midpoint and horizontal line of mouth. “Femaleness” relies on large /C, EB and 
small NW, FW, EM. In general, a face with larger EB is perceived as baby-like 
and less dominant. 

Humans have the innate ability to recognize and distinguish (friend from foe) 
between faces from a distance. Facial attractiveness is a cultural construct found 
in all extant societies, and males strongly prefer neotenous facial features in 
females. 

Pallett-Link—Lee, 2009, claim that Caucasian females with EM ~ 36 % of FL 
and the interpupillary distance ~ 46 % of FW, have the both, most attractive 
and average, faces. On the other hand, Japanese standards of beautiful eyes 
changed with Westernization (comparing Meiji and modern portraits): the mean 
ratios to corneal diameter (horizontal white-to-white distance) of eye height and 
upper lid-to-eyebrow distance are moved from 0.62 and 2.21 to 0.82 and 1.36. 
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Among the symmetry pairs, main contributors to attractiveness are the nose, 
mouth and upper tips of the lips. Comparing 3D facial scans with their mirror 
images, Djordjevic et al., 2011, found that on average, males and females have 
53.5 % and 58.5 % symmetry of the whole face. Cf. distances from symmetry 
in Chap. 21. Alare and pogonio were the most and the least symmetric landmark. 

Modifying traditional canons of Facial Plastic Surgery (based on horizontal 
and vertical planes in 2D), Young, 2008, asserts that the iris, nasal tip and 
lower lip are the most prominent structures within the eye, nose and mouth. All 
distances which he proposed as elements of facial beauty are multiples of the 
diameter of the iris. 

¢ Gender-related body distance measures 

The main gender-specific body configuration features are: 

for females, WHR (waist-to-hip ratio), LBR (leg-to-body ratio) and BMI 
(body mass index), i.e., the ratio of the weight in kg and squared height in m7; 

for males, height, SHR (shoulder-to-hip ratio) and WCR (waist-to-chest 
ratio); 

androgen equation (three times the shoulder width minus one times the pelvic 
width) and HGS (hand grip strength), which are higher for males; 

right second-to-fourth digit (index to ring finger) ratio 2D-4D, which is lower 
(as well as prenatal testosterone is higher) for males in the same population; 

anogenital distance (cf. distances in Medicine), which is larger for males; 

person’s center of mass (slightly below the belly button), higher for males. 

The angle of lumbar curvature @ is the angle between the thoracic back and 
buttocks. Its mean value is 43.25° for men, 47.19° for women and 45.5° for 
reproductively viable women. This wedging in third-to-last lumbar vertebra shifts 
the center of mass of pregnant woman back over hips, reducing hip torque by over 
90 %. But excessive @ (hyperlordosis) also lead to muscular fatigue and lower 
back pain; the optimal @ is 45.5°. Men prefer the women for whom the buttocks 
protrusion @ is close to optimal and attributable to vertebral wedging, not buttock 
mass. 

The main predictor for developmental instability, increasing with age, is FA 
(fluctuating asymmetry), i.e., the degree to which the size of bilateral body parts 
deviates from the population mean, aggregated across several traits. Women 
(men) prefer the odors, faces and voices of men (women) with lower FA. Old men 
(but not women) with lower facial FA have better cognitive ability and reaction 
time. 

BMI and WHR indicate the percentage of body fat and fat distribution, 
respectively; they are used in medicine to assess risk factors. A WHR of 0.7 
for women and 0.9 for men correlates with general health and fertility. As a 
cue to female body attractiveness for men, the ideal WHR varies from 0.6 in 
China to 0.85 in Africa. In general, men tend to prefer BMI 17-20 in women; it 
correspond, usually, to women of 18—20 yers old. 

In Fan et al., 2005, the main visual cue to male body attractiveness is VHI 
(volume-to-height index), i.e., the ratio of the volume in liters and squared height 
in m?. Mautz et al., 2013, claim that women prefer taller men with higher SHR 
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and FPL (flaccid penis length), but attractiveness increased quickly until FPL 
reached 7.6 cm and then began to slow down. Stulp et al., 2013, found that on 
average among speed-daters, women choose 25 cm taller men, while men choose 
only 7 cm shorter women, resulting in suboptimal (19 cm) pair formation. 

In terms of somatotype, women prefer mesomorphs (muscular men) followed 
by ectomorphs (lean men) and endomorphs (heavily-set men). 

In terms of BWH (bust-waist-hips), the average Playboy centrifold 1955-1968 
has (90.8, 58.6, 89.3) cm, close to the ideal hourglass figures (90, 60, 90) cm and 
(36, 24, 36) inch. But dietitians advocate waistline 80-85 cm and at most half- 
height. 

In conversation, women are better at detecting mismatch between meaning 
and prosody (intonation and rhythm of speech), but worse at vocabulary’s variety. 
Men’s vocal cords are larger and their vocal tracts are longer than women’s; so, 
they speak about an octave lower. In English, women use less nonstandard forms 
and often use different color terms and descriptive phrases from men. Piraha 
(Amazon’s tribe) men use larger articulatory space and, say, only men use “s”. 

Used as obesity indices, WC, ICO=WC/height and (proposed by Krakauer- 
Krakauer, 2012) ABSI=WC/(BMI? height?) are better predictors of mortality 
than BMI. 

¢ Sagittal abdominal diameter 

Sagittal abdominal diameter (SAD) is the distance between the back and the 
highest point of the abdomen, measured while standing. It is a measure of visceral 
obesity. Normally, SAD should be under 25 cm. SAD> 30 cm correlates to 
insulin resistance and increased risk of cardiovascular and Alzheimer’s diseases. 

A related measurement is SAH, the abdominal height as measured in the 
supine position. Inter-recti distance (IRD) is the width of the linea alba (a fibrous 
structure that runs down the midline of the abdomen). 

¢ Body distances for clothes 

Humans lost body hair around 1 Ma ago and began wearing clothes ~ 
0.17 Ma ago. 

The European standard EN 13402 “Size designation of clothes” defined, 
in part EN 13402-1, a standard list of 13 body dimensions (measured in cm) 
together with a method for measuring each one on a person. These are: body 
mass, height, foot length, arm length, inside leg length, and girth for head, neck, 
chest, bust, under-bust, waist, hip, hand. Examples of these definitions follow. 

Foot length: horizontal distance between perpendiculars in contact with the 
end of the most prominent ones, toe and part of the heel, measured with the sub- 
ject standing barefoot and the weight of the body equally distributed on both legs. 

Arm length: distance from the armscye/shoulder line intersection (acromion), 
over the elbow, to the far end of the prominent wrist bone (ulna), with the 
subject’s right fist clenched and placed on the hip, and with the arm bent at 90°. 

Inside leg length: distance between the crotch and the soles of the feet, 
measured in a straight vertical line with the subject erect, feet slightly apart, and 
the weight of the body equally distributed on both feet. 
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For clothes where a larger step size is sufficient to select the right product, the 
standard also defines a letter code: XXS, XS, S, M, L, XL, XXL, 3XL, 4XL or 
SXL. This code represents the bust girth for women and the chest girth for men. 

Vanity sizing (or size deflation) is the marketing phenomenon of ready-to-wear 
clothing of the same nominal size becoming bigger in physical size over time. 

¢ Distance handling 

Distance handling refers to the training of gun dogs (to assist hunters in 
finding and retrieving game) or sport dogs (for canine agility courses) where a 
dog should be able to work away from the handler. 

In agility training, the lateral distance is the distance that the dog maintains 
parallel to the handler, and the send distance is the distance that the dog can be 
sent straight away from the handler. 

¢ Racing distances 

In Racing, length is an informal unit of distance to measure the distance 
between competitors; for example, in boat-racing it is the average length of a 
boat. 

The horse-racing distances and winning margins are measured in terms of 
the horses (or lengths, i.e., lengths of a horse, ~ 8 feet (2.44 m), ranging from 
half the length to the distance, i.e., more than 20 lengths. The length is often 

interpreted as a unit of time equal to i second. Smaller margins are: short-head, 
head, or neck. A distance flag is a flag held at a distance pole in a racecourse. 

The distances a horse travels without stops (15-25 km) and it travels in a day 
(40-50 km) or hour (6 km) were used as Tatar and Persian units of length. 

¢ Triathlon race distances 

The Ironman distance (or Ultra distance) started in Hawaii, 1978, is a 
3.86 km swim followed by a 180 km bike and a 42.195 km (marathon distance) 
run. 

The international Olympic distance started in Sydney, 2000, is 1.5 km (metric 
mile), 40 km and 10 km of swim, cycle and run, respectively. 

Next to it are the Sprint distance 0.75, 20, 5 km, the Long Course (or Half 
Ironman) 1.9, 90, 21.1 km and the ITU long distance 3, 80, 20 km. 

¢ Running distances 

In Running, usually, sprinting is divided into 100, 200, 400 m, middle distance 
into 800, 1500, 3000 m and long distance into 5, 10 km. 

LSD (long slow distance) is a is a form of aerobic endurance training in 
running and cycling, in which distances longer, than those of races, are covered, 
but at a slower pace. 

Fartlek (or speed play) is an approach to distance-running training involving 
variations of pace and aimed at enhancing the psychological aspects of 
conditioning. 

Race-walking is divided into 10, 20, 50 km, and relay races into 
4 x 100,4 x 200, 4 x 300, 4 x 400 m. Distance medley relay is made up of 
1200, 400, 800, 1600 m legs. 
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Besides track running, runners can compete on a measured course, over an 
established road (road running), or over open or rough terrain (cross-country 
running). 

Roughly, 4 units of running distance are time-equivalent to | unit of swimming 
distance. Also, one have to walk about twice the distance to burn the same amount 
of calories as running it. Running workout times should be multiplied by 3.5 
when aiming for a similar training effect from cycling. A multiple of 0.75-1 
should be used for an indoor rowing-to-running ratio. 

Distance swimming 

Distance swimming is any swimming race > 1.5 km; usually, within 
24-59 km. 

DPS (distance per swim stroke) is a metric of swimming efficiency used in 
training. In Rowing, run is the distance the boat moves after a stroke. 

Distance jumping 

The four Olympic jumping events are: Jong jump (to leap horizontally as far 
as possible), triple jump (the same but in a series of three jumps), high jump 
(to reach the highest vertical distance over a horizontal bar), and pole vault (the 
same but using a long, flexible pole). 

The world’s records, as in 2013: 8.95, 18.29, 2.45, and 6.14 m, respectively. 
Distance throwing 

The four Olympic throwing events are: shot put, discus, hammer, and javelin. 

The world’s records, as in 2013: 23.12, 74.08, 86.74 m, and 98.48 m, 
respectively. 

As in 2013, the longest throws of an object without any velocity-aiding feature 
are 427.2 m with a boomerang and 406.3 m with a flying ring Aerobie. 

Distance casting is the sport of throwing a fishing line with an attached sinker 
(usually, on land) as far as possible. 

Darts is a sport and a pub game in which darts are thrown at a dartboard 
(circular target) fixed to a wall so that the bullseye is 172.72 cm from the floor. 
The oche (line behind which the throwing player must stand) is 236.86 cm from 
the dartboard. 

Archery target distances 

FITA (Federation of International Target Archery, organizing world champi- 
onships) target distances are 90, 70,50, 30 m for men and 70, 60, 50, 30 m for 
women, with 36 arrows shot at each distance. Farthest accurate shot is 200 m. 

In Archery, brace height (or fistmele) is the distance from the string, when the 
bow is strung, to the pivot point of the bow’s grip, i.e., the handle of a bow. 
Bat-and-ball game distances 

The best known bat-and-ball games are bowling (cricket) and baseball. In 
cricket, the field position of a player is named roughly according to its polar 
coordinates: one word (leg, cover, mid-wicket) specifies the angle from the 
batsman, and this word is preceded by an adjective describing the distance from 
the batsman. The length of a delivery is how far down the pitch (central strip of 
the cricket field) towards the batsman the ball bounces. 
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This distance is called deep (or long), short and silly distance if it is, 
respectively, farther away, closer and very close to the batsman. The distance 
further or closer to an extension of an imaginary line along the middle of the 
pitch bisecting the stumps, is called wide or fine distance, respectively. 

In baseball, a pitch is the act of throwing a baseball toward home plate to start 
a play. The standard professional pitching distance, i.e., the distance between the 
front (near) side of the pitching rubber, where a pitcher start his delivery, and 
home plate is 60 feet 6 inches (+ 18.4 m). The distance between bases is 90 feet. 

¢ Three-point shot distance 

In basketball, the three-point line is an arc at a set radius, called three-point 
shot distance, from the basket. A field goal made from beyond this line is worth 
three points. In international basketball, this distance is 6.25 m. 

Goals in indoor soccer are worth 1, 2 or 3 points depending upon distance. 

¢ Football distances 

In association football (or soccer), the average distance covered by a player 
in a men’s professional game is 9-10 km. It consists of about 36 % jogging, 24 % 
walking, 20 % cruising submaximally, 11% sprinting, 7% moving backwards 
and 2 % moving in possession of the ball. The ratio of low- to high-intensity 
exercise is about 2.2:1 in terms of distance, and 7:1 in terms of time. 

In American football, one yard means usual yard (0.9144 m) of the distance 
in the direction of one of the two goals. A field is 120 yards long by 53.3 yards 
wide. A team possessing the ball should advance at least the distance (10 yards) 
in order to get a new set of (4 or 3) downs, i.e., periods from the time the ball is 
put into play to the time the play is whistled over by the officials. Yardage is the 
amount of yards gained or lost during a play, game, season, or career. 

¢ Golf distances 

In golf, carry and run are the distances the ball travels in the air and once it 
lands. 

The golfer chooses a golf club, grip, and stroke appropriate to the distance. 
The drive is the first shot of each hole made from the area of tees (peg markers) 
to long distances. The approach is used in long- to mid-distance shots. 

The chip and putt are used for short-distance shots around and, respectively, 
on or near the green. The maximum distance a typical golfer can hit a ball with 
a particular club is the club’s hitting distance. 

A typical par (standard score) 3, 4,5 holes measure 229, 230-430, >431 m. 
The greatest recorded drive distance, carry, shot with one hand are 471, 419, 
257 m. 

Some manufacturers stress the large range of a device in the product name, 
say, Ultimate Distance golf balls (or softball bates, spinning reels, etc.). 

¢ Fencing distances 

In combative sports and arts, distancing is the appropriate selection of the 
distance between oneself and a combatant throughout an encounter. 

For example, in fencing, the distance is the space separating two fencers, 
while the distance between them is the fencing measure. 
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A lunge is a long step forward with the front foot. A backward spring is a 
leap backwards, out of distance, from the lunge position. 

The following five distances are distinguished: open distance (farther than 
advance-lunge distance), advance-lunge distance, lunging distance, thrusting 
distance and close quarters (closer than thrusting distance). 

In Japanese martial arts, maai is the engagement distance, i.e., the exact 
position from which one opponent can strike the other, after factoring in the time 
it will take to cross their distance, angle and rhythm of attack. In kendo, there 
are three maai distances: to-ma (long distance), chika-ma (short distance) and, in 
between, itto-ma ~ 2 m, from which only one step is needed in order to strike. 
Distance in boxing 

The distance is boxing slang for a match that lasts the maximum number 
(10 or 12) of scheduled rounds. The longest boxing match (with gloves) was 
on April 6-7, 1893, in New Orleans, US: Bowen and Burke fought 110 rounds 
for 7.3 h. 

Soaring distances 

Soaring is an air sport in which pilots fly unpowered aircraft called gliders 
(or sailplanes) using currents of rising air in the atmosphere to remain airborne. 

The Silver Distance is a 50 km unassisted straight line flight. The Gold 
and Diamond Distance are cross-country flights of 300 km and over 500 km, 
respectively. 

Possible courses—Straight, Out-and-Return, Triangle and 3 Turnpoints 
Distance—correspond to 0, 1, 2 and 3 turnpoints, respectively. 

Using open class gliders, the world records in free distance, in absolute 
altitude and in gain of height are: 3008.8 km (by Olhmann and Rabeder, 2003), 
15,460 m (by Fossett and Enevoldson, 2006) and 12,894 m (by Bikle, 1961). 
The distance record with a paraglider is 501.1 km (by Hulliet, 2008). 

Eustace jumped in 2014 from a balloon at 41,419 m, setting world records 
in exit altitude and total free fall distance. But, since Eustace used a stabilizing 
drogue parachute while Baumgartner, 2012, did not, their free fall distance and 
vertical speed records are in different categories. A stewardess Vesna Vulovié 
survived in 1972 a fall of 10 km, when JAT Flight 367 was brought down by 
explosives. 

Aviation distance records 

Absolute general aviation world records in flight distance without refueling 
and in altitude are: 41,467.5 km by Fossett, 2006, and 37,650 m by Fedotov, 
1977. 

Distance and altitude records for free manned balloons are, respectively: 
40,814 km (by Piccard and Jones, 1999) and 41,425 m (by Eustace, 2014). 

The general flight altitude record is 112,010 m by Binnie, 2004, on a rocket 
plane. 

The longest (13,804 km during 16 h 55 min) nonstop scheduled passenger 
route in 2015 was Qantas Flight 8 from Dallas to Sydney. 

The Sikorsky prize (US $250,000) will be awarded for the first flight of a 
human-powered helicopter which will reach an altitude of 3 m, stay airborne for 
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at least | min remaining within 10mx10m square. In 2012, a craft (32.2 kg) by 
a team at the University of Maryland flew 50s at 61 cm up. 
Amazing greatest distances 

Examples of such distances among Guinness world records are the greatest 
distances: 


— being fired from a cannon (59 m), 

— walked unsupported on tightrope (130 m), 

— runona static cycle in 1 min (2.04 km), 

— moon-walked (as Michael Jackson) in 1h (5.125 km), 

— covered three-legged (the left leg of one runner strapped to the right leg of 
another runner) in 24h (33 km), 

— jumped with a pogo stick (37.18 km), 

— walked with a milk bottle balanced on the head (130.3 km), 

— covered by a car driven on its side on two wheels (371.06 km), 

— hitchhiked with a fridge (1650 km). 


Amazing race The 2904 is to drive the 2904 miles from New York City to San 
Francisco for $2904 including the vehicle, fuel, food, tolls, repairs and tickets. 
Isometric muscle action 

An isometric muscle action refers to exerting muscle strength and tension 
without producing an actual movement or a change in muscle length. 

Isometric action training is used mainly by weightlifters and bodybuilders. 
Examples of such isometric exercises: holding a weight at a certain position in the 
range of motion and pushing or pulling against an immovable external resistance. 
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Motor vehicle distances 

The safe following distance: the reglementary distance from the vehicle 
ahead of the driver. For reglementary perception-reaction time of at least 2s (the 
two-second rule), this distance (in m) should be 0.56 x v, where v is the speed 
(in km/h). Sometimes the three-second rule is applied. The stricter rules are used 
for heavy vehicles (say, at least 50 m) and in tunnels (say, at least 150 m). 

The perception-reaction distance (or thinking distance): the distance a 
vehicle travels from the moment the driver sees a hazard until he applies the 
brakes (corresponding to human perception time plus reaction time). Physiolog- 
ically, it takes 1.3—1.5 s, and the brake action begins 0.5 s after application. 

The braking distance: the distance a motor vehicle travels from the moment 
the brakes are applied until the vehicle completely stops. 

The (total) stopping distance: the distance a motor vehicle travels from where 
the driver perceives the need to stop to the actual stopping point (corresponding 
to the vehicle reaction time plus the vehicle braking capability). 
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The crash distance: (or crushable length): the distance between the driver 
and the front end of a vehicle in a frontal impact (or, say, between the pilot and 
the first part of an airplane to impact the ground). 

The skidding distance (or length of the skid mark): the distance a motor 
vehicle skidded, i.e., slid on the surface of the road (from the moment of the 
accident, when a wheel stops rolling) leaving a rubber mark on the road. 

The cab-to-frame (or cab-to-end, CF, CE): the distance from back of a 
truck’s cab to the end of its frame. 

The distance to empty (or DTE) displays the estimated distance the vehicle 
can travel before it runs out of fuel. The warning lamp start blinking at 80 km. 

The acceleration-deceleration distance of a vehicle, say, a car or aircraft, is 
(Drezner—Drezner—Vesolowsky, 2009) the cruising speed v times the travel time. 
For a large origin-destination distances d, it is d + ae: + t), where a is the 
acceleration at the beginning and —b is the deceleration at the end. 

Aircraft distances 

The maximum distance the aircraft can fly without refueling is called the 
maximum range if it fly with its maximum cargo weight and the ferry range if 
it fly with minimum equipment. 

For a warplane, the combat range is the maximum distance it can fly when 
carrying ordnance, and the combat radius is a the maximum distance it can travel 
from its base, accomplish some objective, and return with minimal reserves. 

The FAA lowest safe altitude: 1000 feet (305 m) above the highest obstacle 
within a horizontal distance of 2000 feet. 

A ceiling is the maximum density altitude (height measured in terms of air 
density) an aircraft can reach under a set of conditions. 

A flight level (FL) is specific barometric pressure, expressed as a nominal 
altitude in hundreds of feet, assuming standard sea-level pressure datum of 
1013.25 hPa. 

The transition altitude is the altitude above sea level at which aircraft change 
from the use of altitude to the use of FL’s; in the US and Canada, it is 5500 m). 

The gust-gradient distance: the horizontal distance along an aircraft flight 
path from the edge of the gust (sudden, brief increase in the speed of the wind) 
to the point at which the gust reaches its maximum speed. 

The distance-of-turn anticipation: the distance, measured parallel to the 
anticipated course and from the earliest position at which the turn will begin, 
to the point of route change. 

The landing distance available (LDA): the length of runway which is 
declared available and suitable for the ground run of an airplane landing. The 
landing roll: the distance from the point of touchdown to the point where the 
aircraft can be brought to a stop or exit the runway. The actual landing distance 
(ALD): the distance used in landing and braking to a complete stop (on a dry 
runway) after crossing the runway threshold at 50 feet (15.24 m); it can be 
affected by various operational factors. The FAA required landing distance 
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(used for dispatch purposes): a factor of 1.67 of ALD for a dry runway and 1.92 
for a wet runway. 

The takeoff run available (TORA): the runway distance (length of runway) 
declared suitable for the ground run of an airplane takeoff. The takeoff distance 
available (TODA): TORA plus the length of the clearway, if provided. The 
emergency distance (ED or accelerate-stop distance): the runway plus stopway 
length (able to support the airplane during an aborted takeoff) declared suitable 
for the acceleration and deceleration of an airplane aborting a takeoff. 

The arm/’s distance: the horizontal distance that an item of equipment is 
located from the datum (imaginary vertical plane, from which all horizontal 
measurements are taken for balance purposes, with the aircraft in level flight 
attitude). 

In the parachute deployment process, the parachute opening distance is 
the distance the parachute system dropped from pulling to full inflation of the 
canopy, while the inflation distance is measured from line stretch (when the 
suspension lines are fully extended) to full inflation. 

Wing’s aspect ratio (of an aircraft or bird) is the ratio AR = ye of the square of 

its span to the area of its planform. If the length of the chord (straight line joining 

the leading and trailing edges of an airfoil) is constant, then AR is length-to- 
breadth aspect ratio; cf. Chap. 1. A better measure of the aerodinamic efficiency 
is the wetted aspect ratio e, where S,, is the entire surface area exposed to 
airflow. 

¢ Ship distances 

Endurance distance: the total distance that a ship or ground vehicle can be 
self-propelled at any specified endurance speed. 

Distance made good: the distance traveled by the boat after correction for 
current, leeway (the sideways movement of the boat away from the wind) and 
other errors that may be missed in the original distance measurement. 

Log: a device to measure the distance traveled which is further corrected to 
a distance made good. Hitherto, sea distances were measured in units of a day’s 
sail. 

Leg (nautical): the distance traveled by a sailing vessel on a single tack. 

Berth: a safety margin to be kept from another vessel or from an obstruction. 

Length overall (LOA): the maximum length of a vessels’s hull along the 
waterline. 

Length between perpendiculars (LPP): the length of a vessel along the water- 
line from the main bow perpendicular member to the main stern perpendicular 
member. 

Freeboard: the height of a ship’s hull above the waterline. Draft (or draught): 
the vertical distance between the waterline and the keel (bottom of the hull). 

GM.-distance (or metacyclic height) of a ship: the distance between its center 
of gravity G and the metacenter, 1.e., the projection of the center of buoyancy 
(the center of gravity of the volume of water which the hull displaces) on the 
centerline of the ship as it heels. This distance, 1-2 m, determines ship’s stability. 
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Distance line (in Diving): a marker (say, 50 m of thin polypropylene line) of 
the shortest route between two points. It is used, as Ariadne’s thread, to navigate 
back to the start in conditions of low visibility, water currents or penetration 
diving into a space (cave, wreck, ice) without vertical ascent back. 

¢ Distance-to-fault 

In Cabling, DTF (distance-to-fault) is a test using time or frequency domain 
reflectometers to locate a fault, i.e., discontinuity caused by, say, a damaged 
cable, water ingress or improperly installed/mated connectors. 

The amount of time a pulse (output by the tester into the cable) takes for the 
signal (reflected by a discontinuity) to return can be converted to distance along 
the line and provides an approximate location of the reflection point. 

Protective distance relays respond to the voltage and current. The impedance 
(their ratio) per km being constant, these relays respond to the relay-fault 
distance. 

¢ Distances in Forestry 

In Forestry, the diameter at breast height (d.b.h.) is a standard measurement 
of a standing tree’s diameter taken at 4.5 feet (~ 1.37 m) above the ground. The 
diameter at ground line (d.g.1.) is the diameter at the estimated cutting height. 
The diameter outside bark (d.o.b.) is a measurement in which the thickness of 
the bark is included, and d.i.b. is a measurement in which it is excluded. 

The crown height is the vertical distance of a tree from ground level to the 
lowest live branch of the crown. The merchantable height is the point on a tree 
to which it is salable. A log is a length of tree suitable for processing into a wood 
product. 

Optimum road spacing is the distance between parallel roads that gives the 
lowest combined cost of skidding (log dragging) and road construction costs per 
unit of log volume. The skid distance is the distance logs are dragged. 

A yarder is a piece of equipment used to lift and pull logs by cable from the 
felling site to a landing area or to the road’s side. The yarding distance is the 
distance from which the yarder takes logs. The average yarding distance is the 
total yarding distance for all turns divided by the total number of turns. 

A spar tree is a tree used as the highest anchor point in a cable logging setup. 
A Skyline is a cableway stretched between two spar trees and used as a track for 
a log carriage. The distance spanned by a skyline is called its reach. 

Understory is the area of a forest which grows at the lowest height level 
between the forest floor and the canopy (layer formed by mature tree crowns and 
including other organisms). Perhaps, a half of all life on Earth could be found in 
canopy. The emergent layer contains a small number of trees which grow above 
the canopy. 

¢ Distance in Military 

In the Military, the term distance usually has one the following meanings: 

the space between adjacent individual ships or boats measured in any direction 
between foremasts; 

the space between adjacent men, animals, vehicles, or units in a formation 
measured from front to rear; 
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the space between known reference points or a ground observer and a target, 
measured in m (artillery), or in units specified by the observer. This distance 
along an imaginary straight line from the spotter is called observer-target 
distance. 

In amphibious operations, the distant retirement area is the sea area located 
to seaward of the landing area, and the distant support area is the area located in 
the vicinity of the landing area but at considerable distance seaward of it. 

Strategic depth refers to the distances between the front lines and the 
combatants’ industrial and population core areas. 

In military service, a bad distance of the troop means a temporary intention 
to extract itself from war service. This passing was usually heavily punished and 
equated with that of desertion (an intention to extract itself durably). 

In US military slang, BFE (Big Fucking Empty) is an extremely distant or 
isolated deployment or location; used mostly about the disgust at the distance or 
remoteness. Also, a klick means a distance of 1 km. 

¢ Interline distance 

In Engineering, the interline distance is the minimum distance permitted 
between any two buildings within an explosives operating line, in order to protect 
buildings from propagation of explosions due to the blast effect. 

¢ Scaled distance 

The scaled distance (SD) is the parameter used to measure the level of vibra- 
tion from a blast, when effects of the frequency characteristics are discounted. 

The minimum safe distance from a blast to a monitoring location is SD x /W, 
where W denotes the maximum per delay (instantaneous) charge weight. 

¢ Standoff distance 

The standoff distance is the distance of an object from the source of an 
explosion (in Warfare), or from the delivery point of a laser beam (in laser 
material processing). Also, in Mechanics and Electronics, it is the distance 
separating one part from another; for example, for insulating (cf. clearance 
distance), or the distance from a noncontact length gauge to a measured material 
surface. 

¢ Buffer distance 

In Nuclear Warfare, the horizontal buffer distance is the distance which 
should be added to the radius of safety in order to be sure that the specified 
degree of risk will not be exceeded. The vertical buffer distance is the distance 
which should be added to the fallout safe-height of a burst, in order to determine 
a desired height of burst so that militari significant fallout will not occur. 

The term buffer distance is also used more generally as, for example, the 
buffer distance required between sister stores or from a high-voltage line. 

Cf. clearance distance and, in Chap. 25, setback distance. 

¢ Offset distance 

In Nuclear Warfare, the offset distance is the distance the desired (or actual) 

ground zero is offset from the center of the area (or point) target. 
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In Computation, the offset is the distance from the beginning of a string to 
the end of the segment on that string. For a vehicle, the offset of a wheel is the 
distance from its hub mounting surface to the centerline of the wheel. 

The term offset is also used for the displacement vector (Chap. 24) specifying 
the position of a point or particle in reference to an origin or to a previous 
position. 

¢ Range of ballistic missile 

Main ranges of ballistic missiles are short (at most 1000 km), medium 
(1000-3500 km), Jong (3500-5500 km) and intercontinental (at least 5500 km). 

Tactical and theatre ballistic missiles have ranges 150-300 and 300-3500 km. 

¢ Proximity fuse 

The proximity fuse is a fuse that is designed to detonate an explosive 
automatically when close enough to the target. 

¢ Sensor network distances 

The stealth distance (or first contact distance): the distance traveled by a 
moving object (or intruder) until detection by an active sensor of the network (cf. 
contact quasi-distances in Chap. 19); the stealth time is the corresponding time. 

The first sink contact distance: the distance traveled by a moving object (or 
intruder) until the monitoring entity can be notified via a sensor network. 

The miss distance: the distance between the lines of sight representing 
estimates from two sensor sites to the target (cf. the line-line distance in 
Chap. 4). 

The sensor tolerance distance: a range distance within which a localization 
error is acceptable to the application (cf. the tolerance distance in Chap. 25). 

The actual distances between some pairs of sensors can be estimated by the 
time needed for a two-way communication. The positions of sensors in space can 
be deduced (cf. Distance Geometry Problem in Chap. 15) from those distances. 

¢ Proximity sensors 

Proximity (or distance) sensors are varieties of ultrasonic, laser, photoelectric 
and fiber optic sensors designed to measure the distance from itself to a target. For 
such laser range-finders, a special distance filter removes measurements which 
are shorter than expected, and which are therefore caused by an unmodeled 
object. The blanking distance is the minimum range of an ultrasonic proximity 
sensor. 

The detection distance is the distance from the detecting surface of a sensor 
head to the point where a target approaching it is first detected. The maximum 
operating distance is its maximum detection distance from a standard modeled 
target, disregarding accuracy. The stable detection range is the detectable 
distance range in which a standard detected object can be stably detected with 
respect to variations in the operating ambient temperature and power supply. 

The resolution is the smallest change in distance that a sensor can detect. The 
span is the working distance between measurement range endpoints over which 
the sensor will reliably measure displacement. The target standoff is the distance 
from the face of the sensor to the middle of the span. 
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Distance constant of a metereological sensor is the length of fluid flow past 
required to cause it to respond to 63.2 % (i.e., 1 — 1) of a step change in speed. 

¢ Precise distance measurement 

The resolution of a TEM (transmission electronic microscope) is about 0.2 nm 
(2 x 107! m). This resolution is 1000 times greater than a light microscope 
and about 500,000 times greater than that of a human eye which is 576 mega 
pixel. However, only nanoparticles can fit in the vision field of an electronic 
microscope. 

The methods, based on measuring the wavelength of laser light, are used to 
measure macroscopic distances nontreatable by an electronic microscope. But 
the uncertainty of such methods is at least the wavelength of light, say, 633 nm. 

The recent adaptation of Fabry—Perot metrology (measuring the frequency 
of light stored between two highly reflective mirrors) to laser light permits the 
measuring of relatively long (up to 5 cm) distances with an uncertainty of only 
0.01 nm. 

The main devices used for low accuracy distance measurement are the rulers, 
engineer’s scales, calipers and surveyor’s wheels. 

¢ Laser distance measurement 

Lasers measure distances without physical contact. They allow for the most 
sensitive and precise length measurements, for extremely fast recording and for 
the largest measurement ranges. The main techniques used are as follows. 

Triangulation (cf. laterations) is useful for distances from 1 mm to many 
km. Pulse measurements, used for large distances, measure the time of flight 
of a laser pulse from the device to some target and back. The phase shift 
method uses an intensity-modulated laser beam. Frequency modulation methods 
involve frequency-modulated laser beams. Interferometers allow for distance 
measurements with an accuracy which is far better than the wavelength of the 
light used. 

The main advantage of laser distance measurement is that laser light has a 
very small wavelength, allowing one to send out a much more concentrated probe 
beam and thus to achieve a higher transverse spatial resolution. 

* Radio distance measurement 

DME distance measuring equipment) is an air navigation technology that 
measures distances by timing the propagation delay of UHF signals to a 
transponder (a receiver-transmitter that will generate a reply signal upon proper 
interrogation) and back. DME will be phased out by global satellite-based 
systems: GPS (US), GLONASS (Russia), BeiDou (China) and Galileo (EU). 

The GPS (Global Positioning System) is a radio navigation system which 
permits one to get her/his position on the globe with accuracy of 10 m. It consists 
of 32 satellites and a monitoring system operated by the US Department of 
Defense. The nonmilitary part of GPS can be used by the purchase of an adequate 
receiver. 

The GPS pseudo-distance (or pseudo-range) is an approximation (since the 
receiver clock is not so perfect as the clock of a satellite) of the distance between 
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a satellite and a GPS receiver by the travel time of a satellite time signal to a 
receiver multiplied by the propagation time of the radio signal. 

The receiver uses trilatelation in order to calculate its position (latitude, 
longitude, altitude) and speed by solving a system of equations using its pseudo- 
distances from 4 to 7 satellites and their positions. Cf. radio distances in 
Chap. 25. 

¢ Laterations 

Lateration (or ranging) is the determination of the distance from one location 
or position to another one. Usually, the term ranging is used for moving objects, 
while surveying is used for static terrestrial objects. Active ranging systems 
operate with unilateral transmission and passive reflections, such as SONAR 
(SOund Navigation And Ranging), RADAR (RAdio Detection) and LIDAR 
(Light Detection). 

A rangefinder is a device for measuring distance from the observer to a target. 
Among applications are surveying, navigation, ballistics and photography. 

Triangulation is the process of locating a point P as the third point of a triangle 
with one known side (say, [A, B] of length /) and two known angles (say, ZPAB = 
a and ZPBA = f). In R?, the perpendicular distance between P (say, a ship) and 
[A, B] (say, a shore) is ey . Cf. point-line distance in Chap. 4. 

Technically more complicated, trilateration is locating a (possibly, moving) 
object P, using only its distances to known locations A;, Az and A; (for example, 
to stations, beacons or satellites), as the overlap of 2D or 3D spheres, centered on 
them and having radii d(P, A,), d(P, Az), d(P, A3), respectively. Using additional 
stations, as in GPS, permits double-checking of the measurements. Cf. the metric 
basis in Chap. 1. 

More accurate generally, multilateration is locating a moving object P, using 
only two pairs (A;,A2), (B;, Bz) of known locations, as the intersection of two 
curves defined by the relative distances d(P,A,) — d(P,A2) and d(P,B,) — 
d(P, Bz), respectively. 

* Transmission distance 

The transmission distance is a range distance: for a given signal trans- 
mission system (fiber optic cable, wireless, etc.), it is the maximal distance the 
system can support within an acceptable path loss level. 

For a given network of contact that can transmit an infection (or, say, an 
idea with the belief system considered as the immune system), the transmission 
distance is the path metric of the graph, in which edges correspond to events 
of infection and vertices are infected individuals. Cf. forward quasi-distance in 
Chap. 22. 

¢ Delay distance 

The delay distance is a general term for the distance resulting from a given 
delay. For example, in a meteorological sensor, the delay distance is the length 
of a column of air passing a wind vane, such that the vane will respond to 50 % 
of a sudden angular change in wind direction. When the energy of a neutron 
is measured by the delay (say, t) between its creation and detection, the delay 
distance is vt — D, where v is its velocity and D is the source-detector distance. 
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In evaluations of visuospatial working memory (when the subjects saw a dot, 
following a 10-, 20-, or 30-s delay, and then drew it on a blank sheet of paper), 
the delay distance is the distance between the stimulus and the drawn dot. 

¢ Master-slave distance 

Given a design (say, remote manipulation, surveillance, or data transmission 
system) in which one device (the master) fully controls one or more other devices 
(the slaves), the master-slave distance is a measure of distance between the 
master and slave devices. Cf. also Sect. 18.2. 

¢ Flow distance 

In a manufacturing system, a group of machines for processing a set of jobs is 
often located in a serial line along a path of a transporter system. 

The flow distance from machine i to machine j is the total flow of jobs from i 
to j times the physical distance between machines i and j. 

¢ Single row facility layout 

The SRFLP (or single row facility layout problem) is the problem of 
arranging (finding a permutation of) m departments (disjoint intervals) with 
given lengths /; on a straight line so as to minimize the total weighted distance 

ia we j+1 Wid between all department pairs. Here w; is the average daily 
traffic between two departments i and j, and dj is their centroid distance. 

Among applications of SRFLP, there are arranging machines in a manufactur- 
ing system, rooms on a corridor and books on a shelf. 

¢ Distance hart 

In Technical Drawing, the distance hart means the distance from the center 
(the heart) of an object, as, for example, the distance hart of the toilet seat to the 
wall. 

The center-to-center distance (or on-center, O.C.) is the distance between 
the centers of two adjacent members (say, columns or pillars). Cf. centroid 
linkage, centroid distance in Chaps. 17, 19 and center gear distance. 

¢ Push distance 

Precise machining of bearing rings should be preceded by part centering. In 
such a centering system, the push distance is the distance the slide must move 
towards the part in order to push it from its off-center position to the center of 
rotation. 

¢ Engine compression distance 

Piston motors convert the compressed air energy to mechanical work through 
motion. Engine compression distance (or compression height) is the distance 
from the centerline of the wrist pin to the top deck of the piston. 

¢ Shift distance 

A penetrometer is a device to test the strength of a material, say, soil. The 
penetrometer (usually cone-shaped) is pressed against material and the depth of 
the resulting hole is measured. The shift distance (or friction-bearing offset) is 
the distance between the cone’s base and the mid-height of the friction sleeve 
above it. 
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¢ Throat distance 

The swing (size) of a drill/boring press is twice the throat distance, the 
distance from the center of the spindle to the column’s edge. 

¢ Collar distance 

In Mining, the collar distance is the distance from the top of the powder 
column to the collar of the blasthole, usually filled with stemming. 

¢ Quenching distance 

Quenching is the rapid cooling of a workpiece; the quenching distance is the 
diameter of smallest hole a flame can travel through. 

The run-up length is the distance between initiation of a flame and onset of 
detonation (supersonic combustion wave). Markstein number is the Markstein 
length, measuring the effect of curvature on a flame, divided by the flame 
thickness. 

¢ Feeding distance 

Carbon steel shrinks during solidification and cooling. In order to avoid 
resulting porosity, a riser (a cylindric liquid metal reservoir) provides liquid feed 
metal until the end of the solidification process. 

A riser is evaluated by its feeding distance which is the maximum distance 
over which a riser can supply feed metal to produce a radiographically sound (i.e., 
relatively free of internal porosity) casting. The feeding length is the distance 
between the riser and the furthest point in the casting fed by it. 

¢ Etch depth 

Laser etching into a metal substrate produces craters. The etch depth is the 

central crater depth averaged over the apparent roughness of the metal surface. 
e Approach distance 

In metal cutting, the approach distance is the linear distance in the direction 
of feed between the point of initial cutter contact and the point of full cutter 
contact. 

¢ Input and output distances 

The input distance d;, of a machine M is a distance machine is moved by 
the input (applied on it) force F;,. The output distance d,,,; is a distance the 
output (exerted by it) force F,,, results in. The mechanical advantage of M is 


Fout — in 


Por oeamipley the effort (or resistance) distance and load distance on a lever 
are the distances from the fulcrum to the resistance and load, respectively. 
¢ Instrument distances 

Examples of such distances follow. 

The K-distance: the distance from the outside fiber of a rolled steel beam to 
the web toe of the fillet of a rolled shape. 

The end distance and edge distance are the distances from a fastener (say, 
bolt, screw, rivet, nail) to the end and, respectively, edge of treated material. 

The calibration distance: the standard distance used in the process of adjusting 
the output or indication on a measuring instrument. 
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Gear distances 

Given two meshed gears, the distance between their centers is called the center 
distance. Examples of other distances used in basic gear formulas follow. 

Pitch diameter: the diameter of the pitch circle (the circle whose radius is 
equal to the distance from the center of the gear to the pitch point). 

Addendum: the radial distance between the pitch circle and the top of the teeth. 

Dedendum: the depth of the tooth space below the pitch line. It should be 
greater than the addendum of the mating gear to provide clearance. 

Whole depth: the total depth of a tooth space, equal to addendum plus 
dedendum. 

Working depth: the depth of engagement (i.e., the sum of addendums) of two 
gears. 

Backlash: the play between mating teeth. 

Threaded fastener distances 

Examples of distances applied to nuts, screws and other threaded fasteners, 
follow. 

Pitch: the nominal distance between two adjacent thread roots or crests. 

Ply: a single thickness of steel forming part of a structural joint. 

Grip length: the total distance between the underside of the nut to the bearing 
face of the bolt head. 

Effective nut radius: the radius from the center of the nut to the point where 
the contact forces, generated when the nut is turned, can be considered to act. 

Effective diameter (or pitch diameter): the diameter of an imaginary cylinder 
coaxial with the thread which has equal metal and space widths. 

Virtual effective diameter: the effective diameter of a thread, allowing for 
errors in pitch and flank angles. Nominal diameter: the external diameter of the 
threads. 

Major and minor diameters are the diameters of imaginary cylinders parallel 
with the crests of the thread (1.e., the distance, crest-to-crest for an external or 
root-to-root for an internal thread), or, respectively, just touching the roots of an 
external (or the crests of an internal) thread. 

Thread height: the distance between thread’s minor and major diameters 
measured radially. Thread length: the length of the portion of the fastener with 
threads. 

Distance spacer 

A distance spacer is a device for holding two objects at a given distance 
from each other. Examples of such components are: male-female distance bolt, 
distance bush, distance ring, distance plate, distance sleeve, distance finger, 
distance gauge. 

Sagging distance 

The brazeability of brazing sheet materials is evaluated by their sagging 
distance, i.e., the deflection of the free end of the specimen sheet after brazing. 
Haul distance 

In Engineering, the haul distance is the average distance material is trans- 
ported from where it originates to where it is deposited. 
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Deflection 

In Engineering, deflection is the degree, in distance or angle, to which a 
structural part is displaced under a load/stress. 

In general, it can be a specified amount of deviation, say, the distance an 
elastic body or spring moves when subjected to a force, the amount by which 
a propagating wave or a projectile’s trajectory is bent, and so on. 

Distances in Structural Engineering 

Examples of such distances related to superstructures (mainly, bridges and 
buildings) follow; cf. also bar-and-joint framework in Chap. 15. 

For a building, its length is the distance between out ends of wall steel lines, 
width is the distance from outside of eave strut (piece spanning columns at roof’s 
edge) of one sidewall to outside of eave strut of the opposite sidewall, height is 
the distance from finished floor level to the top outer point of the eave strut. 

A bay refers the space between architectural elements. Bay depth is the 
distance from the building’s corridor wall to the outside window. End bay length 
is the distance from outside of the outer flange (longitudinal part of a beam) 
of endwall columns to centerline of the first interior frame column. Interior bay 
length is the distance between the centerlines of two adjacent interior main frame 
columns. 

Clear height (or head room) is the vertical distance from the floor to the 
bottom of the lowest hanging overhead obstruction, allowable for passage. 

A beam is a structural element that is capable of withstanding load primarily 
by resisting bending; girder is a support beam used in construction. A truss is a 
framed or jointed structure designed to act as a beam while each of its members 
is primarily subjected to longitudinal stress only. Given a truss or girder, its 
effective length is the distance between the points of support, effective depth 
is the perpendicular distance between the gravity lines, and economic depth is 
the depth, which will give satisfactory results from all standpoints and involving 
the least expenditure of money for properly combined first cost, operation, 
maintenance and repairs. 

Effective span is the distance between supports (centres of bearings) in any 
structure. The bearing distance is the length of a beam between its bearing 
supports. 

For a bridge, its effective span is the center-to-center distance of end pins, 
structural height is the maximum vertical distance from the uppermost point 
down to the lowest visible point, while the deck height is the maximum vertical 
distance from the deck (road bed) down to the ground or water surface. 

Clear headway: the vertical distance from the lowest part of the superstructure 
to the ground or water surface; it is the measure of height of the tallest vehicle 
that could pass through the bridge. Clear waterway: the horizontal distance over 
the water, measured perpendicularly to the centrelines of adjacent piers. 
Clearance distance 

In Civil Engineering and Safety, a clearance distance (or separation distance, 
clearance) is a physical distance or unobstructed space tolerance between the 
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loading and structural gauges as, for example, the distance between the lowest 
point on the vehicle and the road (ground clearance). 

For vehicles going in a tunnel or under a bridge, the clearance is the difference 
between the structure gauge (minimum size of tunnel or bridge) and the vehicles’ 
loading gauge (maximum size). A clearance distance can be prescribed by a code 
or a standard between a piece of equipment containing potentially hazardous 
material (say, fuel) and other objects (buildings, equipment, etc.) and the public. 
Or, say, no vehicle should parked nearer than 15 feet (4.6 m) from a fire hydrant. 

In general, clearance refers to the distance to the nearest “obstacle” as defined 
in a context. It can be either a tolerance (the limit of an acceptable unplanned 
deviation from the nominal or theoretical dimension), or an allowance (planned 
deviation). Cf. buffer distance and setback distance in Chap. 25. 

¢ Creepage distance 

The creepage distance is the shortest path distance along the surface of an 
insulation material between two conductive parts, while the shortest (straight 
line) distance between them is clearance distance; cf. the general term above. 

¢ Spark distance 

The simplest way of measuring high voltages is by their spark distance (or 
maximum spark length). It is the length d of the gap between two electrodes 
in a gas, at which given voltage V becomes the breakdown voltage, i.e., starts 
a discharge or electric arc (a spark jumps over). Spark distance depends on the 
pressure p of gas and many other factors. The Paschen’s law estimate V as a 
function of pd. 

¢ Humidifier absorption distance 

The absorption distance of a (water centrifugal atomizing) humidifier is the 
list of minimum clearance dimensions needed to avoid condensation. 

¢ Spray distance 

The spray distance is the distance maintained between the nozzle tip of a 
thermal spraying gun and the surface of the workpiece during spraying. 

¢ Protective action distance 

The protective action distance is the distance downwind from an incident 
(say, a spill involving dangerous goods which are considered toxic by inhalation) 
in which persons may become incapacitated. 

The screening distance in a forest fire is the downwind distance which should 
be examined for possible smoke-sensitive human sites. The spot fire distance is 
the maximum distance between a source of firebrands (a group of burning trees) 
and a potential spot fire (a fire started by flying sparks or embers from the main 
fire). The response distance is the distance to fire traveled by fire companies. 

The notion of mean distance between people and any hazardous event 
operates also at a large scale: expanding the living area of human species 
(say, space colonization) will increase this distance and prevent many human 
extinction scenarios. 

¢ Fringe distance 

Usually, the fringe distance is the spacing between fringes, for example, 

components into which a spectral line splits in the presence of an electric 
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or magnetic field (Stark and Zeeman effects, respectively, in Physics) or dark 
and light regions in the interference pattern of light beams (cf., in Chap. 24, 
Pendellésung fringes in dynamical diffraction distances). 

For an interferometer, the fringe distance is the value x4, where A is the 
laser wavelength and a is the beam angle, while the shear distance is the spacing 
between two, due to the thickness of the plate, reflections. 

In Image Analysis, there is also the fringe distance (Brown, 1994) between 
binary images (cf. pixel distance in Chap. 21). 

¢ Ranged weapon 

A ranged (or distance) weapon is any weapon that can harm targets at 
distances greater than hand-to-hand distance; it can be thrown or used to fire 
projectiles at targets. A weapon intended to be used in hand-to-hand combat is 
called a melee weapon. But spears, knives, daggers can be used for both throwing 
and stabbing. 

The maximum effective range of a weapon is the greatest distance fired 
and able to produce casualties or damage consistently. The effective weapon 
distance is the actual distance (as opposed to maximal range) over which it is 
usually deployed. For given game and rifle type, the effective hunting distance 
(or killing distance) is the maximal range of a “clean kill.” 

¢ Shooting distance 

The shooting distance (or shot distance) is the distance achieved by, say, a 
bullet or a golf ball after a shot. 

The range of a Taser projectile delivering an incapacitating shock is called the 
shocking distance. Longest confirmed sniper kill at 2016 was 2475 m. 

For a shooting range, firing distance is the distance between the firing line and 
the target line. In shooting incident reconstruction, firing distance (or muzzle-to- 
target distance) is the distance from the muzzle of the firearm to the victim’s 
clothing. 

In photography, the shooting distance is the camera-subject distance. 

¢ Lens distances 

A convex lens is converging/magnifying; a concave one is diverging/reducing. 

The focal distance (effective focal length): the distance from the optical center 
of a lens (or a curved mirror) to the focus (to the image). Its reciprocal measured 
in m is called the diopter and is used as a unit of measurement of the (refractive) 
power of a lens; roughly, the magnification power of a lens is ‘ of its diopter. 

The lens effective diameter is twice the longest lens radius measured from its 
center to the apex of its edge. The back focal length is the distance between the 
rear surface of a lens and its image plane; the front focal length is the distance 
from the vertex of the first lens to the front focal point. 

Depth of field (DoF): the distance in the object plane (in front of and behind 
the object) over which the system delivers an acceptably sharp image, i.e., the 
region where blurring is tolerated at a particular resolution. 

The depth of focus: the range of distance in the image plane (the eyepiece, 
camera, or photographic plate) over which the system delivers an acceptably 
sharp image. 
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The vertex depth (or sagitta) is the depth of the surface curve on a lens mea- 
sured over a specific diameter. Given a circle, the apothem is the perpendicular 
distance from the midpoint of a chord to the circle’s center; it is the radius minus 
the sagitta. 

The working distance: the distance from the front end of a lens system to the 
object when the instrument is correctly focused; it is used to modify the DoF. For 
a flashlight, it is the distance at which the illuminance (maximum light falling on 
a surface) would fall to 0.25 lux as, say, a full moon on a clear night. 

The register distance (or flange distance): the distance between the flange 
(protruding rim) of the lens mount and the plane of the film image. 

The conjugate image distance and conjugate object distance: the distances 
along the optical axis of a lens from its principal plane to the image and object 
plane, respectively. When a converging lens is placed between the object and the 
screen, the sum of the inverses of those distances is the inverse focal distance. 

A circle of confusion (CoC) is an optical spot caused by a cone of light rays 
from a lens not coming to a perfect focus; in photography, it is the largest blur 
circle that will still be perceived as a point when viewed at a distance of 25 cm. 

The close (or minimum, near) focus distance: the closest distance to which a 
lens can approach the subject and still achieve focus. 

The hyper-focal distance: the distance from the lens to the nearest point 
(hyper-focal point) that is in focus when the lens is focused at infinity; beyond 
this point all objects are well defined and clear. It is the nearest distance at which 
the far end of the depth of field stretches to infinity (cf. infinite distance). 

Eye relief: the distance an optical instrument can be held away from the eye 
and still present the full field-of-view. The exit pupil width: the width of the cone 
of light that is available to the viewer at the exact eye relief distance. 

¢ Distances in Stereoscopy 

A method of 3D imaging is to create a pair of 2D images by a two-camera 
system. 

The convergence distance is the distance between the baseine of the camera 
center to the convergence point where the two lenses should converge for good 
stereoscopy. This distance should be 15-30 times the intercamera distance. 

The intercamera distance (or baseline length, interocular lens spacing) is the 
distance between the two cameras from which the left and right eye images are 
rendered. 

The picture plane distance is the distance at which the object will appear on 
the picture plane (the apparent surface of the image). The window is a masking 
border of the screen frame such that objects, which appear at (but not behind 
or outside) it, appear to be at the same distance from the viewer as this frame. 
In human viewing, the picture plane distance is about 30 times the intercamera 
distance. 

¢ Distance-related shots 

A film shot is what is recorded between the time the camera starts (the 

director’s call for “action’’) and the time it stops (the call to “cut’”). 
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The main distance-related shots (camera setups) are: 


— establishing shot: a shot, at the beginning of a sequence which establishes the 
location of the action and/or the time of day; 

— long shot: a shot taken from at least 50 yards (45.7 m) from the action; 

— medium shot: a shot from 5 to 15 yards (4.6—13.7 m), including a small entire 
group, which shows group/objects in relation to the surroundings; 

— close-up: a shot from a close position, say, the actor from the neck upwards; 

— two-shot: a shot that features two persons in the foreground; 

— insert: an inserted shot (usually a close up) used to reveal greater detail. 


29.3. Miscellany 


¢ Range distances 

In Mathematics, range is the set of values of a function or variable; specif- 
ically, it means the difference (or interval, area) between a maximum and 
minimum. 

The range distances are practical distances emphasizing a maximum distance 
for effective operation such as vehicle travel without refueling, a bullet range, 
visibility, movement limit, home range of an animal, etc. For example, the range 
of a risk factor (toxicity, blast, etc.) indicates the minimal safe distancing. 

The operating distance (or nominal sensing distance) is the range of a device 
(for example, a remote control) which is specified by the manufacturer and used 
as a reference. The activation distance is the maximal distance allowed for 
activation of a sensor-operated switch. 

¢ Spacing distances 

The following examples illustrate this large family of practical distances 
emphasizing a minimum distance; cf. minimum distance, nearest-neighbor 
distance in Animal Behavior, first-neighbor distance in Chaps. 16, 23, 24, 
respectively. 

The miles in trail: a specified minimum distance, in nautical miles, required to 
be maintained between airplanes. Seat pitch and seat width are airliner distances 
between, respectively, two rows of seats and the armrests of a single seat. 

The isolation distance: a specified minimum distance required (because of 
pollination) to be maintained between variations of the same species of a crop in 
order to keep the seed pure (for example, ~ 3 m for rice). 

The legal distance: a minimum distance required by a judicial rule or 
decision, say, a distance a sex offender is required to live away from school. 

In a restraining order, stay away means to stay a certain distance (often 300 
yards, i.e., 275 m) from the protected person. A general distance restriction: 
say, a minimum distance required for passengers traveling on some long distance 
trains in India, or a distance from a voting facility where campaigning is 
permitted. 
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The stop-spacing distance: the interval between bus stops; such mean 
distance in US light rail systems ranges from 500 (Philadelphia) to 1742 m (Los 
Angeles). 

The character spacing: the interval between characters in a given computer 
font. 

The just noticeable difference (JND): the smallest perceived percent change 
in a dimension (for distance/position, etc.). Weber’s law states that JND between 
two stimuli is proportional to their magnitude (and the subject’s sensitivity). 

¢ Cutoff distances 

Given a range of values (usually, a length, energy, or momentum scale in 
Physics), cutoff (or cut-off) is the maximal or minimal value, as, for example, 
Planck units. 

A cutoff distance is a cutoff in a length scale. For example, infrared and 
ultraviolet cutoff (the maximal and minimal wavelength that the human eye 
takes into account) are long-distance and short-distance cutoff, respectively, in 
the visible spectrum. Cutoff distances are often used in Molecular Dynamics. 

A similar notion of a threshold distance refers to a limit, margin, starting 
point distance (usually, minimal) at which some effect happens or stops. Some 
examples are the threshold distance of sensory perception, neuronal reaction or, 
say, upon which a city or road alters the abundance patterns of the native bird 
species. 

* Quality metrics 

A quality metric (or, simply, metric) is a standard unit of measure or, more 
generally, part of a system of parameters, or systems of measurement. This vast 
family of measures (or standards of measure) concerns different attributes of 
objects. In such a setting, our distances and similarities are rather “similarity 
metrics’, i.e., metrics (measures) quantifying the extent of relatedness between 
two objects. 

Examples include academic metrics, crime statistics, corporate investment 
metrics, economic metrics (indicators), education metrics, environmental metrics 
(indices), health metrics, market metrics, political metrics, properties of a route 
in computer networking, software metrics and vehicle metrics. 

For example, the site http://metripedia.wikidot.com/start aims to build an 
Encyclopedia of IT (Information Technology) performance metrics. Some exam- 
ples of nonequipment quality metrics are detailed below. 

Landscape metrics evaluate, for example, greenway patches in a given 
landscape by patch density (the number of patches per km”), edge density (the 
total length of patch boundaries per hectare), shape index La (where A is the 
total area, and E is the total length of edges), connectivity, diversity, etc. 

Morphometrics evaluate the forms (size and shape) related to organisms 
(brain, fossils, etc.). For example, the roughness of a fish school is mea- 
sured by its fractal dimension 2"°—"4 where P,A are its perimeter (m) and 
surface (m2). 
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Management metrics include: surveys (say, of market share, sales increase, 
customer satisfactions), forecasts (say, of revenue, contingent sales, investment), 
R&D effectiveness, absenteeism, etc. 

Risk metrics are used in Insurance and, in order to evaluate a portfolio, in 
Finance. 

Importance metrics rank the relative influence such as, for example: 


— PageRank of Google ranking web pages; 

— ISI (now Thomson Scientific) Impact Factor of a journal measuring, for a 
given two-year period, the number of times the average article in this journal 
is cited by some article published in the subsequent year; 

— Hirsch’s h-index of a scholar: the largest number h such that h of his/her 
publications have at least h citations; 

— and his/her i10-index: the number of publications with at least 10 citations. 


¢ Heterometric and homeometric 

The adjective heterometric means involving or dependent on a change in size, 
while homeometric means independent of such change. 

Those terms are used mainly in Medicine; for example, heterometric and 
homeometric autoregulation refer to intrinsic mechanisms controlling the 
strength of ventricular contractions that depend or not, respectively, on the 
length of myocardial fibers at the end of diastole; cf. distances in Medicine. 

¢ Distal and proximal 

The antipodal notions near (close, nigh) and far (distant, remote) are also 
termed proximity and distality. 

The adjective distal (or peripheral) is an anatomical term of location (on the 
body, the limbs, the jaw, etc.); corresponding adverbs are: distally, distad. 

For an appendage (any structure that extends from the main body), proximal 
means situated towards the point of attachment, while distal means situated 
around the furthest point from this point of attachment. More generally, as 
opposed to proximal (or central), distal means: situated away from, farther from 
a point of reference (origin, center, point of attachment, trunk). As opposed to 
mesial it means: situated or directed away from the midline or mesial plane of 
the body. 

Proximal and distal demonstratives are words indicating place deixis, i.e., a 
spatial location relative to the point of reference. Usually, they are two-way as 
this/that, these/those or here/there, i.e., in terms of the dichotomy near/far from 
the speaker. But, say, Korean, Japanese, Spanish, and Thai make a three-way 
distinction: proximal (near to the speaker), medial (near to the addressee) and 
distal (far from both). English had the third form, yonder (at an indicated distance 
within sight), still spoken in Southern US. Cf. spatial language in Chap. 28. 

A distal stimulus is an real-word object or event, which, by some physical 
process, stimulates the body’s sensory organs. Resulting raw pattern of neural 
activity is called the proximal stimulus. Perception is the constructing mental 
representations of distal stimuli using the information available in proximal 
stimuli. 
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A proximate cause is an event which is closest to, or immediately responsible 
for causing, some observed result. This exists in contrast to a higher-level 
ultimate (or distal) cause which is usually thought of as the “real” reason 
something occurred. 

Tinbergen’s (1960) proximate and ultimate questions about behavior are 
“how” an organism structures function? and “why” a species evolved the 
structures it has? 

¢ Distance effect 

The distance effect is a general term for the change of a pattern or process 
with distance. Usually, it is the result of distance decay. For example, a static 
field attenuates proportionally to the inverse square of the distance from the 
source. 

Another example of the distance effect is a periodic variation (instead of 
uniform decrease) in a certain direction, when a standing wave occurs in a time- 
varying field. It is a wave that remains in a constant position because either the 
medium is moving in the opposite direction, or two waves, traveling in opposite 
directions, interfere; cf. Pendellésung length in Chap. 24. 

The distance effect, together with the size (source magnitude) effect determine 
many processes; cf. island distance effect, insecticide distance effect in 
Chap. 23 and symbolic distance effect, distance effect on trade in Chap. 28. 

¢ Distance decay 

The distance decay is the attenuation of a pattern or process with distance. 
Cf. distance decay (in Spatial Interaction) in Chap. 28. 

Examples of distance-decay curves: Pareto model In Jj; = a — bIndj, and the 
model InJ;; = a — bd; with p = s, 1, or 2 (here J;; and dj are the interaction and 
distance between points i, 7, while a and b are parameters). The Allen curve gives 
the exponential drop of frequency of all communication between engineers as the 
distance between their offices increases, i.e., face-to-face probability decays. 

A mass-distance decay curve is a plot of “mass” decay when the distance 
to the center of “gravity” increases. Such curves are used, say, to determine 
an offender’s heaven (the point of origin; cf. distances in Criminology) or 
the galactic mass within a given radius from its center (using rotation-distance 
curves). 

¢ Distance factor 

A distance factor is a multiplier of some straight-line distance needed to 
account for additional data. For example, 10 % increase of aircraft weight implies 
20 % increase, i.e., a distance factor of 1.2, in needed take-off distance. 

¢ Propagation length 

For a pattern or process attenuating with distance, the propagation length is 
the distance to decay by a factor of 7 

Cf. radiation length and the Beer-Lambert law in Chap. 24. 

A scale height is a distance over which a quantity decreases by a factor of e. 

¢ Incremental distance 

An incremental distance is a gradually increasing (by a fixed amount) one. 
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Distance curve 

A distance curve is a plot (or a graph) of a given parameter against a 
corresponding distance. Examples of distance curves, in terms of a process under 
consideration, are: time-distance curve (for the travel time of a wave-train, 
seismic signals, etc.), height-run distance curve (for the height of tsunami wave 
versus wave propagation distance from the impact point), drawdown-distance 
curve, melting-distance curve and wear volume-distance curve. 

A force-distance curve is, in SPM (scanning probe microscopy), a plot of 
the vertical force that the tip of the probe applies to the sample surface, while a 
contact-AFM (Atomic Force Microscopy) image is being taken. Also, frequency- 
distance and amplitude-distance curves are used in SPM. 

The term distance curve is also used for charting growth, for instance, a child’s 
height or weight at each birthday. A plot of the rate of growth against age is 
called the velocity-distance curve; this term is also used for the speed of aircraft. 
Example of a constant rate of growth: in a month, human (hear or body) hair grow 
15 and 8.1 mm, while nails (finger and toe) grow 3.5 and 1.6 mm. 

Distance sensitivity 

Distance sensitivity is a general term used to indicate the dependence of 
something on the associated distance. It could be, say, commuting distance 
sensitivity of households, traveling distance sensitivity of tourists, distance 
sensitive technology, distance sensitive products/services and so on. 
Characteristic diameters 

Let X be an irregularly-shaped 3D object, say, Earth’s spheroid or a particle. 
A characteristic diameter (or equivalent diameter) of X is the diameter of a 
sphere with the same geometric or physical property of interest. Examples follow. 

The authalic diameter and volumetric diameter (equivalent spherical diam- 
eter) of X are the diameters of the spheres with the same surface area and volume. 
The Heywood diameter is the diameter of a circle with the same projection area. 
Cf. the Earth radii in Chap. 25 and the shape parameters in Chap. 21. 

The Stokes diameter is the diameter of the sphere with the same gravitational 
velocity as X, while the aerodynamic diameter is the diameter of such sphere 
of unit density. Cf. the hydrodynamic radius in Chap. 24. 

Equivalent electric mobility, diffusion and light scattering diameters of a 
particle X are the diameters of the spheres with the same electric mobility, 
penetration and intensity of light scattering, respectively, as X. 

Characteristic length 

A characteristic length (or scale) is a convenient reference length of a given 
configuration, such as the overall length of an aircraft, the maximum diameter or 
radius of a body of revolution, or a chord or span of a lifting surface. 

In general, it is a length that is representative of the system (or region) of 
interest, or the parameter which characterizes a given physical quantity in, say, 
Heat Transfer or Fluid Mechanics. For complex shapes, it is defined as the 
volume of the body divided by the surface area. For example, for a rocket engine, 
it is the ratio of the volume of its combustion chamber to the area of the nozzle’s 


29.3 Miscellany 721 


throat, representing the average distance that the products of burned fuel must 
travel to escape. 
¢ True length 

In Engineering Drawing, true length is any distance between points that is 
not foreshortened by the view type. In 3D, lines with true length are parallel to 
the projection plane, as, for example, the base edges in a top view of a pyramid. 

¢ Path length 

In general, a path is a line representing the course of actual, potential or 
abstract movement. In Topology, a path is a certain continuous function; cf. 
parametrized metric curve in Chap. 1. 

In Physics, path length is the total distance an object travels, while dis- 
placement is the net distance it travels from a starting point. Cf. displacement, 
inelastic mean free path, optical distance and dislocation path length in 
Chap. 24. In Chemistry, (cell) path length is the distance that light travels 
through a sample in an analytical cell. 

In Graph Theory, path length is a discrete notion: the number of vertices in 
a sequence of vertices of a graph; cf. path metric in Chap. 1. Cf. Internet IP 
metric in Chap. 22 for path length in a computer network. Also, it means the 
total number of machine code instructions executed on a section of a program. 

¢ Middle distance 

The middle distance is a general term. It can be a precise distance (cf. 
running distances), the halfway between the observer and the horizon (cf. 
distance to horizon in Chap. 25), implied horizon of a scene (cf. representation 
of distance in Painting in Chap. 28), or the place that you can see when you are 
not quite focusing on the world around you (Urban Dictionary of slang). Another 
example: goals in the middle distance (1 block to 2 miles) are places one might 
walk to. 

¢ Long-distance 

The term long-distance usually refers to telephone communication (long- 
distance call, operator) or to covering large distances by moving (long-distance 
trail, running, swimming, riding of motorcycles or horses, etc.) or, more 
abstractly: long-distance migration, commuting, supervision, relationship, 
etc. For example, a long-distance relationship (LDR) is typically an intimate 
relationship that takes place when the partners are separated by a considerable 
distance. 

For example, a long-distance (or distance) thug has two meanings: 1. a person 
that is a coward in real life, but gathers courage from behind the safety of a 
computer, phone, or through e-mail; and 2. a hacker, spammer, or scam artist that 
takes advantage of the Internet to cause harm to others from a distance. 

Cf. long-distance dispersal, animal and plant long-distance communica- 
tion, long range order, long range dependence, action at a distance (in 
Computing, Physics, along DNA). 

DDD (or direct distance dialing) is any switched telecommunication service 
(like 1+, 0 + +, etc.) that allows a call originator to place long-distance calls 
directly to telephones outside the local service area without an operator. 
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The term short-distance is rarely used. Instead, the adjective short range 
means limited to (or designed for) short distances, or relating to the near future. 
Finally, touching, for two objects, is having (or getting) a zero distance between 
them. 

¢ Long-distance intercourse 

Long-distance intercourse (coupling at a distance) is found often in Native 
American folklore: Coyote, the Trickster, is said to have lengthened his penis to 
enable him to have intercourse with a woman on the opposite bank of a lake. 

A company Distance Labs has announced the “intimate communication over 
a distance”, an interactive installation Mutsugoto which draws, using a custom 
computer vision and projection system, lines of light on a body of a person. 
Besides light, haptic technology provides a degree of touch communication 
between remote users. A company Lovotics created Kissinger, a messaging 
device wirelessly sending kisses. Other devices can send hugs, strokes and 
squeezes over the internet by making companion devices respond with vibrations 
and temperature changes. 

In Nature, the acorn barnacle (small sessile crustacean) have the largest penis- 
body size ratio (up to 10 when extended) of any animal. The squid Onykia ingens 
have largest ratio among mobile animals. The male octopus Argonauta use a 
modified arm, the hectocotylus, to transfer sperm to the female at a distance; this 
tentacle detaches itself from the body and swims—under its own power—to the 
female. 

Also, many aquatic animals (say, coral, hydra, sea urchin, bony fish) and 
amphibians reproduce by external fertilization: eggs and sperm are released 
into the water. Similar transfer of sperm at a distance is pollination (by wind 
or organisms) in flowering plants. Another example is in vitro fertilization in 
humans. 

The shortest range intercourse happens in anglerfish. The male, much smaller, 
latches onto a female with his sharp teeth, fuses inside her to the blood-vessel 
level and degenerates into a pair of testicles. It releases sperm when the female 
(with about 6 males inside) releases eggs. But female-male pairings of a parasitic 
worm Schistosoma mansoni is monogamous: the male’s body forms a channel, 
in which it holds the longer and thinner female for their entire adult lives, up 
to 30 years. Two worms Diplozoon paradoxum fuse completely for lifetime of 
cross-fertilization. 

* Go the distance 

Go the (full) distance is a general distance idiom meaning to continue to do 
something until it is successfully completed. 

An unbridgeable distance is a distance (seen as a spatial or metaphoric extent), 
impossible to span: a wide unbridgeable river, chasm or, in general, differences. 
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1 Propagation of radio waves 


1.1 Frequency and wavelength 


There is a fixed relationship between the frequency and the wave- 
length, which is the distance between identical points on two adjacent 
waves (Figure 1.1), of any type of wave: sound (pressure), electro- 
magnetic (radio) and light. The type of wave and the speed at which 
the wavefront travels through the medium determines the relationship. 
The speed of propagation is slower in higher density media. 
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Figure 1.1. Frequency and wavelength 
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Sound waves travel more slowly than radio and light waves which, 
in free space, travel at the same speed, approximately 3 x 10° metres 
per second, and the relationship between the frequency and wavelength 
of a radio wave is given by: 


3 x 108 





A= metres 


where A is the wavelength and f is the frequency in hertz (Hz). 


1.2 The radio frequency spectrum 


The electromagnetic wave spectrum is shown in Figure 1.2: the part 
usable for radio communication ranges from below 10 kHz to over 
100 GHz. 
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Figure 1.2 The electromagnetic wave spectrum 


The radio spectrum is divided into bands and the designation of 
the bands, their principal use and method of propagation is shown 
in Table 1.1. Waves of different frequencies behave differently and 
this, along with the amount of spectrum available in terms of radio 
communication channels in each band, governs their use. 


Table 1.1 Use of radio frequencies 


Frequency band Designation, use and propagation 


3-30 kHz Very low frequency (VLF). Worldwide and long distance 
communications. Navigation. Submarine communications. 
Surface wave. 

30-300 kHz Low frequency (LF). Long distance communications, time and 
frequency standard stations, long-wave broadcasting. Ground 
wave. 

300-3000kHz Medium frequency (MF) or medium wave (MW). Medium-wave 
local and regional broadcasting. Marine communications. 
Ground wave. 

3-30 MHz High frequency (HF). ‘Short-wave’ bands. Long distance 
communications and short-wave broadcasting. lonospheric 
sky wave. 

30-300 MHz Very high frequency (VHF). Short range and mobile 
communications, television and FM broadcasting. Sound 
broadcasting. Space wave. 

300-3000 MHz Ultra high frequency (UHF). Short range and mobile 
communications. Television broadcasting. Point-to-point 
links. Space wave. Note: The usual practice in the USA is to 
designate 300-1000 MHz as ‘UHF’ and above 1000 MHz as 
‘microwaves’. 

3-30 GHz Microwave or super high frequency (SHF). Point-to-point links, 
radar, satellite communications. Space wave. 

Above 30GHz Extra high frequency (EHF). Inter-satellite and micro-cellular 
radio-telephone. Space wave. 


1.3 The isotropic radiator 


A starting point for considering the propagation of radio- or lightwaves 
is the isotropic radiator, an imaginary point source radiating equally 
in all directions in free space. Such a radiator placed at the centre of 
a sphere illuminates equally the complete surface of the sphere. As 
the surface area of a sphere is given by 4zr* where r is the radius of 
the sphere, the brilliance of illumination at any point on the surface 
varies inversely with the distance from the radiator. In radio terms, 
the power density at distance from the source is given by: 


pe 
0 An? 


where P, = transmitted power. 


1.4 Formation of radio waves 


Radio waves are electromagnetic. They contain both electric and mag- 
netic fields at right angles to each other and also at right angles to 
the direction of propagation. An alternating current flowing in a con- 
ductor produces an alternating magnetic field surrounding it and an 
alternating voltage gradient — an electric field — along the length of 
the conductor. The fields combine to radiate from the conductor as in 
Figure 1.3. 





H field 


Figure 1.3 Formation of electromagnetic wave 


The plane of the electric field is referred to as the E plane and that 
of the magnetic field as the H plane. The two fields are equivalent to 
the voltage and current in a wired circuit. They are measured in similar 
terms, volts per metre and amperes per metre, and the medium through 
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which they propagate possesses an impedance. Where E = Z/ ina 
wired circuit, for an electromagnetic wave: 


E=ZH 


where 

E = the RMS value of the electric field strength, V/metre 
H = the RMS value of the magnetic field strength, A/metre 
Z = characteristic impedance of the medium, ohms 


The voltage is that which the wave, passing at the speed of light, 
would induce in a conductor one metre long. 

The characteristic impedance of the medium depends on its per- 
meability (equivalent of inductance) and permittivity (equivalent of 
capacitance). Taking the accepted figures for free space as: 


ju = 4 x 107’ henrys (H) per metre (permeability) and 


é = 1/362 x 10° farads (F) per metre (permittivity) 


then the impedance of free space, Z, is given by: 


{ff = 120” = 377 ohms 
€ 


The relationship between power, voltage and impedance is also the 
same for electromagnetic waves as for electrical circuits, W = E a /Z. 

The simplest practical radiator is the elementary doublet formed by 
opening out the ends of a pair of wires. For theoretical considerations 
the length of the radiating portions of the wires is made very short 
in relation to the wavelength of the applied current to ensure uniform 
current distribution throughout their length. For practical applications 
the length of the radiating elements is one half-wavelength (A/2) and 
the doublet then becomes a dipole antenna (Figure 1.4). 

When radiation occurs from a doublet the wave is polarized. The 
electric field lies along the length of the radiator (the E plane) and 
the magnetic field (the H plane) at right angles to it. If the E plane is 
vertical, the radiated field is said to vertically polarized. Reference to 
the E and H planes avoids confusion when discussing the polarization 
of an antenna. 

Unlike the isotropic radiator, the dipole possesses directivity, con- 
centrating the energy in the H plane at the expense of the E plane. 
It effectively provides a power gain in the direction of the H plane 
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Figure 1.4 Doublet (dipole) antenna 
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Figure 1.5 Free space loss vs. distance and frequency 
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Figure 1.6 Major loss of microwave communications and radar systems due to 
atmospheric attenuation 


compared with an isotropic radiator. This gain is 1.6 times or 2.15 dBi 
(dBi means dB relative to an isotropic radiator). 

For a direct ray the power transfer between transmitting and receiv- 
ing isotropic radiators is inversely proportional to the distance between 
them in wavelengths. The free space power loss is given by: 


(4a d)* 


Free space loss, dB = 10 log), 2 


where d and dX are in metres, or: 
Free space loss (dB) = 32.4 + 20 x logjyd + 20 x logig f 


where d = distance in km and f = frequency in MHz. 
The free space power loss, therefore, increases as the square of 
the distance and the frequency. Examples are shown in Figure 1.5. 
With practical antennas, the power gains of the transmitting and 
receiving antennas, in dBi, must be subtracted from the free space loss 
calculated as above. Alternatively, the loss may be calculated by: 


4nd)? 1 
Free space loss (dB) = 10 log) F ui) 


1 Gee 
t r 


where G; and G, are the respective actual gains, not in dB, of the 
transmitting and receiving antennas. 

A major loss in microwave communications and radar systems is 
atmospheric attenuation (see Figure 1.6). The attenuation (in deci- 
bels per kilometre (dB/km)) is a function of frequency, with especial 
problems showing up at 22 GHz and 64 GHz. These spikes are caused 
by water vapour and atmospheric oxygen absorption of microwave 
energy, respectively. Operation of any microwave frequency requires 
consideration of atmospheric losses, but operation near the two princi- 
pal spike frequencies poses special problems. At 22 GHz, for example, 
an additional 1 dB/km of loss must be calculated for the system. 


1.5 Behaviour of radio waves 
1.5.1 Physical effects 


The physical properties of the medium through which a wave travels, 
and objects in or close to its path, affect the wave in various ways. 


Absorption 


In the atmosphere absorption occurs and energy is lost in heating the 
air molecules. Absorption caused by this is minimal at frequencies 
below about 10 GHz but absorption by foliage, particularly when wet, 
is severe at VHF and above. 

Waves travelling along the earth’s surface create currents in the 
earth causing ground absorption which increases with frequency. A 
horizontally polarized surface wave suffers more ground absorption 
than a vertically polarized wave because of the ‘short-circuiting’ by 
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the ground of the electric field. Attenuation at a given frequency is 
least for propagation over water and greatest over dry ground for a 
vertically polarized wave. 


Refraction and its effect on the radio horizon 


As radio waves travel more slowly in dense media and the densest part 
of the atmosphere is normally the lowest, the upper parts of a wave 
usually travel faster than the lower. This refraction (Figure 1.7) has 
the effect of bending the wave to follow the curvature of the earth and 
progressively tilting the wavefront until eventually the wave becomes 
horizontally polarized and short-circuited by the earth’s conductivity. 


Progressively tilting 
wavefront 


Path of 
refracted wave 
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Figure 1.7 Effects of refraction 


Waves travelling above the earth’s surface (space waves) are usu- 
ally refracted downwards, effectively increasing the radio horizon to 
greater than the visual. 

The refractive index of the atmosphere is referred to as the K 
factor; a K factor of 1 indicates zero refraction. Most of the time K is 
positive at 1.33 and the wave is bent to follow the earth’s curvature. 
The radio horizon is then 4/3 times the visual. However, the density of 
the atmosphere varies from time to time and in different parts of the 
world. Density inversions where higher density air is above a region 
of low density may also occur. Under these conditions the K factor 
is negative and radio waves are bent away from the earth’s surface 
and are either lost or ducting occurs. A K factor of 0.7 is the worst 
expected case. 

Ducting occurs when a wave becomes trapped between layers of 
differing density only to be returned at a great distance from its source, 
possibly creating interference. 


Radio horizon distance at VHF/UHF 


The radio horizon at VHF/UHF and up is approximately 15% further 
than the optical horizon. Several equations are used in calculating the 
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distance. If D~ is the distance to the radio horizon, and H is the 
antenna height, then: 
D=kVH 


e When D is in statute miles (5280 feet) and H in feet, then k = 1.42. 

e When D is in nautical miles (6000 feet) and H in feet, then k = 
1.23. 

e When D is in kilometres and H is in metres, then k = 4.12. 


Repeating the calculation for the receiving station and adding the 
results gives the total path length. 


Diffraction 


When a wave passes over on the edge of an obstacle some of its 
energy is bent in the direction of the obstacle to provide a signal in 
what would otherwise be a shadow. The bending is most severe when 
the wave passes over a sharp edge (Figure 1.8). 
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Figure 1.8 Effects of diffraction 


As with light waves, the subsequent wavefront consists of wavelets 
produced from an infinite number of points on the wavefront, rays a 
and b in Figure 1.8 (Huygens’ principle). This produces a pattern of 
interfering waves of alternate addition and subtraction. 


Reflection 


Radio waves are reflected from surfaces lying in and along their path 
and also, effectively, from ionized layers in the ionosphere — although 
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most of the reflections from the ionized layers are actually the prod- 
ucts of refraction. The strength of truly reflected signals increases 
with frequency, and the conductivity and smoothness of the reflecting 
surface. 


Multi-path propagation 


Reflection, refraction and diffraction may provide signals in what 
would otherwise be areas of no signal, but they also produce 
interference. 

Reflected — or diffracted — signals may arrive at the receiver in 
any phase relationship with the direct ray and with each other. The 
relative phasing of the signals depends on the differing lengths of their 
paths and the nature of the reflection. 

When the direct and reflected rays have followed paths differing by 
an odd number of half-wavelengths they could be expected to arrive 
at the receiver in anti-phase with a cancelling effect. However, in the 
reflection process a further phase change normally takes place. If the 
reflecting surface had infinite conductivity, no losses would occur in 
the reflection, and the reflected wave would have exactly the same or 
opposite phase as the incident wave depending on the polarization in 
relation to the reflecting surface. In practice, the reflected wave is of 
smaller amplitude than the incident, and the phase relationships are 
also changed. The factors affecting the phasing are complex but most 
frequently, in practical situations, approximately 180° phase change 
occurs on reflection, so that reflected waves travelling an odd number 
of half-wavelengths arrive in phase with the direct wave while those 
travelling an even number arrive anti-phase. 

As conditions in the path between transmitter and receiver change 
so does the strength and path length of reflected signals. This means 
that a receiver may be subjected to signal variations of almost twice the 
mean level and practically zero, giving rise to severe fading. This type 
of fading is frequency selective and occurs on troposcatter systems 
and in the mobile environment where it is more severe at higher 
frequencies. A mobile receiver travelling through an urban area can 
receive rapid signal fluctuations caused by additions and cancellations 
of the direct and reflected signals at half-wavelength intervals. Fading 
due to the multi-path environment is often referred to as Rayleigh 
fading and its effect is shown in Figure 1.9. Rayleigh fading, which 
can cause short signal dropouts, imposes severe restraints on mobile 
data transmission. 
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Figure 1.9 Multi-path fading 
Noise 


The quality of radio signals is not only degraded by the propagation 
losses: natural or manmade electrical noise is added to them, reducing 
their intelligibility. 

Atmospheric noise includes static from thunderstorms which, 
unless very close, affects frequencies below about 30 MHz and noise 
from space is apparent at frequencies between about 8 MHz to 
1.5 GHz. 

A type of noise with which radio engineers are continually con- 
cerned is thermal. Every resistor produces noise spread across the 
whole frequency spectrum. Its magnitude depends upon the ohmic 
value of the resistor, its temperature and the bandwidth of the follow- 
ing circuits. The noise voltage produced by a resistor is given by: 


E, = V4kTBR 


where 
E, = noise voltage, V(RMS) 
k = Boltzmann’s constant 
= 1.38 x 10773 joules/kelvin 
T = temperature in degrees K 
B = bandwidth of measurement, Hz 
R = resistance in ohms 


An antenna possesses resistance and its thermal noise, plus that of a 
receiver input circuit, is a limiting factor to receiver performance. 
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Noise is produced in every electronic component. Shot noise — it 
sounds like falling lead shot — caused by the random arrival of elec- 
trons at, say, the collector of a transistor, and the random division of 
electrons at junctions in devices, add to this noise. 


Doppler effect 


Doppler effect is an apparent shift of the transmitted frequency which 
occurs when either the receiver or transmitter is moving. It becomes 
significant in mobile radio applications towards the higher end of the 
UHF band and on digitally modulated systems. 

When a mobile receiver travels directly towards the transmitter 
each successive cycle of the wave has less distance to travel before 
reaching the receiving antenna and, effectively, the received frequency 
is raised. If the mobile travels away from the transmitter, each succes- 
sive cycle has a greater distance to travel and the frequency is lowered. 
The variation in frequency depends on the frequency of the wave, its 
propagation velocity and the velocity of the vehicle containing the 
receiver. In the situation where the velocity of the vehicle is small 
compared with the velocity of light, the frequency shift when moving 
directly towards, or away from, the transmitter is given to sufficient 
accuracy for most purposes by: 


f=oh 


where 

fa = frequency shift, Hz 

Ff; = transmitted frequency, Hz 
V = velocity of vehicle, m/s 
C = velocity of light, m/s 


Examples are: 


e 100km/hr at 450 MHz, frequency shift = 41.6 Hz 

e 100km/hr at 1.8GHz — personal communication network (PCN) 
frequencies — frequency shift = 166.5 Hz 

e Train at 250 km/hr at 900 MHz — a requirement for the GSM pan- 
European radio-telephone — frequency shift = 208 Hz 


When the vehicle is travelling at an angle to the transmitter the 
frequency shift is reduced. It is calculated as above and the result mul- 
tiplied by the cosine of the angle of travel from the direct approach 
(Figure 1.10). 
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Transmitter 
Figure 1.10 Doppler frequency shift and angle to transmitter 


In a radar situation Doppler effect occurs on the path to the target 
and also to the reflected signal so that the above formula is modified to: 


pecakt 
a= oh 


where f4 is now the total frequency shift. 


1.6 Methods of propagation 


The effects of all of the above phenomena vary with frequency and 
are used in the selection of frequencies for specific purposes. The 
behaviour of waves of different frequencies gives rise to the principal 
types of wave propagation. 


Ground wave propagation 


Waves in the bands from very low frequencies (VLF, 3—30kHz), 
low frequencies (LF, 30—300kHz) and medium frequencies (MF, 
300-3000 kHz) travel close to the earth’s surface: the ground wave 
(Figure 1.11). Transmissions using the ground wave must be verti- 
cally polarized to avoid the conductivity of the earth short-circuiting 
the electric field. 


Reflected ray 


Direct ray Space wave 
, 






Receiver 
Transmitter 


Surface wave 
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Figure 1.11 Components of the ground wave 


The ground wave consists of a surface wave and a space wave. The 
surface wave travels along the earth’s surface, and is attenuated by 
ground absorption and the tilting of the wavefront due to diffraction. 
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The losses increase with frequency and thus VLF radio stations have 
a greater range than MF stations. The attenuation is partially offset by 
the replacement of energy from the upper part of the wave refracted 
by the atmosphere. 

The calculation of the field strength of the surface wave at a dis- 
tance from a transmitter is complex and affected by several variables. 
Under plane earth conditions and when the distance is sufficiently 
short that the earth’s curvature can be neglected the field intensity is 
given by: 

2Eo 


Egy = oF a 


where 
E, = field intensity in same units as Eo 
d = distance in same units of distance as used in Eg 
A = a factor calculated from the earth losses, taking frequency, 
dielectric constant and conductivity into account 
Ey = the free space field produced at unit distance from the 
transmitter. (With a short (compared with 4/4) vertical aerial, 
2Eo = 300./P mV/m at 1km where P is the radiated power 
in kW.) (Terman, 1943) 


For a radiated power of 1 kW and ground of average dampness, the 
distance at which a field of 1 mV/m will exist is given in Table 1.2. 


Table 1.2 Distance at which a field of 1 mV/m will 
exist for a radiated power of 1kW and ground of 
average dampness 


Frequency Range (km) 
100 kHz 200 
1 MHz 60 
10 MHz 6 
100 MHz 1.5 


The direct and reflected components of the ground wave produce 
multi-path propagation and variations in received single strength will 
arise depending on the different path lengths taken by the two com- 
ponents. When the transmitting and receiving antennas are at ground 
level the components of the space wave cancel each other and the 
surface wave is dominant. When the antennas are elevated, the space 
wave becomes increasingly strong and a height is eventually reached 
where the surface wave has a negligible effect on the received signal 
strength. 
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Sky wave propagation 


High frequency (HF) waves between 3 MHz and 30 MHz are effec- 
tively reflected by ionized layers in the ionosphere producing the 
sky wave. Medium frequency waves may also be reflected, but less 
reliably. 

The ionosphere contains several layers of ionized air at varying 
altitudes (Figure 1.12). The heights and density of the layers vary 
diurnally, seasonally and with the incidence of sunspot activity. The 
E and F, layers are semi-permanent while the F, layer is normally 
only present during daytime. 

Radio waves radiated at a high angle and reflected by these layers 
return to earth at a distance from the transmitter. The HF reflection 
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Figure 1.12 The ionosphere 
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process is in reality one of refraction in layers possessing a greater 
free electron density than at heights above or below them. The speed 
of propagation is slowed on entering a layer and the wave is bent and, 
if of a suitable frequency and angle of incidence, returned to earth 
(Figure 1.13). The terms used are defined as follows: 


e Virtual height. The height at which a true reflection of the incident 
wave would have occurred (Figure 1.13). 

e Critical frequency (fc). The highest frequency that would be 
returned to earth in a wave directed vertically at the layer. 

e Maximum usable frequency (muf). The highest frequency that will 
be returned to earth for a given angle of incidence. If the angle of 
incidence to the normal is 0, the muf = f./cos@. 

e Skip distance. The minimum distance from the transmitter, along the 
surface of the earth, at which a wave above the critical frequency 
will be returned to earth (Figure 1.12). Depending on the frequency, 
the ground wave will exist at a short distance from the transmitter. 

e Sporadic E-layer reflections. Reflections from the E layer at fre- 
quencies higher than those which would normally be returned to 
earth. They appear to be reflections from electron clouds having 
sharp boundaries and drifting through the layer. As the name implies 
the reflections are irregular but occur mostly in summer and at night. 
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Figure 1.13 Sky wave propagation 






Space wave propagation 


The space wave travels through the troposphere (the atmosphere below 
the ionosphere) between the transmitter and the receiver. It contains 
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Figure 1.14 Pictorial representation of radio coverage from a base station 
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both direct and reflected components (see Figure 1.11), and is affected 
by refraction and diffraction. The importance of these effects varies 
with frequency, the nature of the terrain and of objects close to the 
direct path, and the type of communication, e.g. data. Apart from 
medium-wave broadcasting, space waves are used mainly for com- 
munications using frequencies of VHF and upwards. 

The range of space waves is the radio horizon. However, places of 
little or no signal can arise in the lee of radio obstacles. Fortunately, 
they may be filled with either reflected or diffracted signals as depicted 
in Figure 1.14. 


Tropospheric scatter 


The tropospheric, or forward, scatter effect provides reliable, over 
the horizon, communication between fixed points at bands of ultra 
and super high frequencies. Usable bands are around 900, 2000 and 
5000 MHz and path lengths of 300 to 500km are typical. 

The mechanism is not known with certainty but reflections from 
discontinuities in the dielectric constant of the atmosphere and scat- 
tering of the wave by clouds of particles are possibilities. It is an 
inefficient process, the scattered power being —60 to —90dB rela- 
tive to the incident power, so high transmitter powers are necessary. 
The phenomenon is regularly present but is subject to two types of 
fading. One occurs slowly and is due to variations of atmospheric 
conditions. The other is a form of Rayleigh fading and is rapid, deep 
and frequency selective. It is due to the scattering occurring at dif- 
ferent points over a volume in the atmosphere producing multipath 
propagation conditions. 

Troposcatter technique uses directional transmitting and receiving 
antennas aimed so that their beams intercept in the troposphere at the 
mid-distance point. To overcome the fading, diversity reception using 
multiple antennas spaced over 30 wavelengths apart is common. 


1.7 Other propagation topics 


Communications in the VHF through microwave regions normally 
takes place on a ‘line-of-sight’ basis where the radio horizon defines 
the limit of sight. In practice, however, the situation is not so neat and 
simple. There is a transition region between the HF and VHF where 
long distance ionospheric ‘skip’ occurs only occasionally. This effect 
is seen above 25 MHz, and is quite pronounced in the 50 MHz region. 
Sometimes the region behaves like line-of-sight VHF, and at others 
like HF shortwave. 
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1.7.1 Scatter 


There are a number of scatter modes of propagation. These modes 
can extend the radio horizon a considerable amount. Where the radio 
horizon might be a few tens of kilometres, underscatter modes permit 
very much longer propagation. For example, a local FM broadcaster 
at 100 MHz might have a service area of about 40 miles, and might 
be heard 180 miles away during the summer months when Sporadic- 
E propagation occurs. One summer, a television station in Halifax, 
Nova Scotia, Canada, was routinely viewable in Washington, DC in 
the United States during the early morning hours for nearly a week. 

Sporadic-E is believed to occur when a small region of the atmo- 
sphere becomes differentially ionized, and thereby becomes a species 
of ‘radio mirror’. Ionospheric scatter propagation occurs when clouds 
of ions exist in the atmosphere. These clouds can exist in both the 
ionosphere and the troposphere, although the tropospheric model is 
more reliable for communications. A signal impinging this region may 
be scattered towards other terrestrial sites which may be a great dis- 
tance away. The specific distance depends on the geometry of the 
scenario. 

There are at least three different modes of scatter from ionized 
clouds: back scatter, side scatter, and forward scatter. The back scatter 
mode is a bit like radar, in that signal is returned back to the transmitter 
site, or in regions close to the transmitter. Forward scatter occurs 
when the reflected signal continues in the same azimuthal direction 
(with respect to the transmitter), but is redirected toward the Earth’s 
surface. Side scatter is similar to forward scatter, but the azimuthal 
direction might change. 

Unfortunately, there are often multiple reflections from the ionized 
cloud, and these are shown as ‘multiple scatter’ in Figure 1.15. When 
these reflections are able to reach the receiving site, the result is a 
rapid, fluttery fading that can be of quite profound depths. 

Meteor scatter is used for communication in high latitude regions. 
When a meteor enters the Earth’s atmosphere it leaves an ionized 
trail of air behind it. This trail might be thousands of kilometres long, 
but is very short lived. Radio signals impinging the tubular metre ion 
trail are reflected back towards Earth. If the density of meteors in the 
critical region is high, then more or less continuous communications 
can be achieved. This phenomenon is noted in the low VHF between 
50 and about 150 MHz. It can easily be observed on the FM broadcast 
band if the receiver is tuned to distant stations that are barely audible. 
If the geometry of the scenario is right, abrupt but short-lived peaks 
in the signal strength will be noted. 
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Figure 1.15 Multiple scatter 


1.7.2 Refraction modes 


Refraction is the mechanism for most tropospheric propagation phe- 
nomena. The dielectric properties of the air, which are set mostly by 
the moisture content, are a primary factor in tropospheric refraction. 
Refraction occurs in both light or radio wave systems when the wave 
passes between mediums of differing density. Under that situation, 
the wave path will bend an amount proportional to the difference in 
density of the two regions. 

The general situation is typically found at UHF and microwave 
frequencies. Because air density normally decreases with altitude, the 
top of a beam of radio waves typically travels slightly faster than the 
lower portion of the beam. As a result, those signals refract a small 
amount. Such propagation provides slightly longer surface distances 
than are normally expected from calculating the distance to the radio 
horizon. This phenomenon is called simple refraction, and is described 
by the K factor. 


Super refraction 


A special case of refraction called super refraction occurs in areas 
of the world where warmed land air flows out over a cooler sea 
(Figure 1.16). Examples of such areas are deserts that are adjacent to 
a large body of water: the Gulf of Aden, the southern Mediterranean, 
and the Pacific Ocean off the coast of Baja, California. Frequent 
VHF/UHF/microwave communications up to 200 miles are reported 
in such areas, and up to 600 miles have reportedly been observed. 


Ducting 


Another form of refraction phenomenon is weather related. Called 
ducting, this form of propagation is actually a special case of super 
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mass 


Figure 1.16 An example of super refraction 








refraction. Evaporation of sea water causes temperature inversion 
regions to form in the atmosphere. That is, layered air masses in 
which the air temperature is greater than in the layers below it (note: 
air temperature normally decreases with altitude, but at the boundary 
with an inversion region, it begins to increase). The inversion layer 
forms a ‘duct’ that acts similarly to a waveguide. Ducting allows 
long distance communications from lower VHF through microwave 
frequencies; with 50 MHz being a lower practical limit, and 10 GHz 
being an ill-defined upper limit. Airborne operators of radio, radar, 
and other electronic equipment can sometimes note ducting at even 
higher microwave frequencies. 

Antenna placement is critical for ducting propagation. Both the 
receiving and transmitting antennas must be either: (a) physically 
inside the duct (as in airborne cases), or (b) able to propagate at 
an angle such that the signal gets trapped inside the duct. The latter 
is a function of antenna radiation angle. Distances up to 2500 miles 
or so are possible through ducting. 

Certain paths, where frequent ducting occurs, have been identi- 
fied: in the United States, the Great Lakes region to the southeastern 
Atlantic seaboard; Newfoundland to the Canary Islands; across the 
Gulf of Mexico from Florida to Texas; Newfoundland to the Caroli- 
nas; California to Hawaii; and Ascension Island to Brazil. 


Subrefraction 


Another refractive condition is noted in the polar regions, where colder 
air from the land mass flows out over warmer seas (Figure 1.17). 
Called subrefraction, this phenomena bends EM waves away from 
the Earth’s surface — thereby reducing the radio horizon by about 30 
to 40%. 
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Figure 1.17 An example of subrefraction 


All tropospheric propagation that depends upon air-mass temper- 
atures and humidity shows diurnal (i.e. over the course of the day) 
variation caused by the local rising and setting of the sun. Distant 
signals may vary 20dB in strength over a 24-hour period. These tro- 
pospheric phenomena explain how TV, FM broadcast, and other VHF 
signals can propagate great distances, especially along seacoast paths, 
sometimes weak and sometimes nonexistent. 


1.7.3 Great circle paths 


A great circle is the shortest line between two points on the surface 
of a sphere, such that it lays on a plane through the Earth’s centre 
and includes the two points. When translated to ‘radiospeak’, a great 
circle is the shortest path on the surface of the Earth between two 
points. Navigators and radio operators use the great circle for similar, 
but different, reasons. Navigators use it in order to get from here to 
there, and radio operators use it to get a transmission path from here 
to there. 

The heading of a directional antenna is normally aimed at the 
receiving station along its great circle path. Unfortunately, many peo- 
ple do not understand the concept well enough, for they typically aim 
the antenna in the wrong direction. For example, Washington, DC in 
the USA is on approximately the same latitude as Lisbon, Portugal. 
If you fly due east, you will have dinner in Lisbon, right? Wrong. 
If you head due east from Washington, DC, across the Atlantic, the 
first landfall would be West Africa, somewhere between Ghana and 
Angola. Why? Because the great circle bearing 90 degrees takes us 
far south. The geometry of spheres, not flat planes, governs the case. 


Long path versus short path 


The Earth is a sphere (or, more precisely, an ‘oblique spheroid’), so 
from any given point to any other point there are two great circle 
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paths: the long path (major arc) and the short path (minor arc). In 
general, the best reception occurs along the short path. In addition, 
short path propagation is more nearly ‘textbook’, compared with long 
path reception. However, there are times when long path is better, or 
is the only path that will deliver a signal to a specific location from 
the geographic location in question. 


Grey line propagation 


The Grey line is the twilight zone between the night and daytime 
halves of the earth. This zone is also called the planetary terminator. 
It varies up to +23 degrees either side of the north-south longitudinal 
lines, depending on the season of the year (it runs directly north-south 
only at the vernal and autumnal equinoxes). The D-layer of the iono- 
sphere absorbs signals in the HF region. This layer disappears almost 
completely at night, but it builds up during the day. Along the grey 
line, the D-layer is rapidly decaying west of the line, and has not quite 
built up east of the line. 

Brief periods of abnormal propagation occur along the grey line. 
Stations on either side of the line can be heard from regions, and at 
distances, that would otherwise be impossible on any given frequency. 
For this reason, radio operators often prefer to listen at dawn and dusk 
for this effect. 


1.7.4 Scatter propagation modes 
Auroral propagation 


The auroral effect produces a luminescence in the upper atmosphere 
resulting from bursts of particles released from the sun 18 to 48 hours 
earlier. The light emitted is called the northern lights and the southern 
lights. The ionized regions of the atmosphere that create the lights form 
a radio reflection shield, especially at VHF and above, although 15 to 
20 MHz effects are known. Auroral propagation effects are normally 
seen in the higher latitudes, although listeners in the southern tier of 
states in the USA and Europe are often treated to the reception of 
signals from the north being reflected from auroral clouds. Similar 
effects exist in the southern hemisphere. 


Non-reciprocal direction 


If you listen to the 40 metre (7—7.3 MHz) amateur radio band receiver 
on the East Coast of the United States, you will sometimes hear 
European stations — especially in the late afternoon. But when the 
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US amateur tries to work those European stations there is no reply 
whatsoever. The Europeans are unable to hear the US stations. This 
propagation anomaly causes the radio wave to travel different paths 
dependent on which direction it travels, i.e. an east-west signal is not 
necessarily the reciprocal of a west—east signal. This anomaly can 
occur when a radio signal travels through a heavily ionized medium 
in the presence of a magnetic field, which is exactly the situation when 
the signal travels through the ionosphere in the presence of the Earth’s 
magnetic field. 
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2 The decibel scale 


2.1 Decibels and the logarithmic scale 


The range of powers, voltages and currents encountered in radio en- 
gineering is too wide to be expressed on linear scale. Consequently, 
a logarithmic scale based on the decibel (dB, one tenth of a bel) is 
used. The decibel does not specify a magnitude of a power, voltage 
or current but a ratio between two values of them. Gains and losses 
in circuits or radio paths are expressed in decibels. 

The ratio between two powers is given by: 


P. 
Gain or loss, dB = 10 logj9 = 
Py 


where P; and P, are the two powers. 

As the power in a circuit varies with the square of the voltage or 
current, the logarithm of the ratio of these quantities must be multiplied 
by twenty instead of ten. To be accurate the two quantities under 
comparison must operate in identical impedances: 


V, 
Gain or loss, dB = 20log,) z 
2 


To avoid misunderstandings, it must be realized that a ratio of 6dB 
is 6dB regardless of whether it is power, voltage or current that is 
referred to: if it is power, the ratio for 6dB is four times; if it is 
voltage or current, the ratio is two times (Table 2.1). 


2.2 Decibels referred to absolute values 


While the decibel scale expresses ratios only, if a reference value is 
added to the statement as a suffix it can be used to refer to absolute 
values. For example, a loss of 10dB means a reduction in power 
to a level equal to one tenth of the original and if the statement is 
—10dBm the level referred to is 1/10 of a milliwatt. Commonly used 
suffixes and, where applicable, their absolute reference levels are as 
follows. Table 2.2 shows the relative levels in decibels at 50 ohms 
impedance. 
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Table 2.1 The decibel figures are in the centre column: figures to the left represent 
decibel loss, and those to the right decibel gain. The voltage and current figures 
are given on the assumption that there is no change in impedance 


Voltage or Power aB Voltage or Power 


current ratio <- current ratio 
ratio +> ratio 

1.000 1.000 0 1.000 1.000 
0.989 0.977 0.1 1.012 1.023 
0.977 0.955 0.2 1.023 1.047 
0.966 0.933 0.3 1.035 1.072 
0.955 0.912 0.4 1.047 1.096 
0.944 0.891 0.5 1.059 1.122 
0.933 0.871 0.6 1.072 1.148 
0.912 0.832 0.8 1.096 1.202 
0.891 0.794 1.0 1.122 1.259 
0.841 0.708 1.5 1.189 1.413 
0.794 0.631 2.0 1.259 1.585 
0.750 0.562 2.5 1.334 1.778 
0.708 0.501 3.0 1.413 1.995 
0.668 0.447 3.5 1.496 2.239 
0.631 0.398 4.0 1.585 2.512 
0.596 0.355 4.5 1.679 2.818 
0.562 0.316 5.0 1.778 3.162 
0.501 0.251 6.0 1.995 3.981 
0.447 0.200 7.0 2.239 5.012 
0.398 0.159 8.0 2.512 6.310 
0.355 0.126 9.0 2.818 7.943 
0.316 0.100 10 3.162 10.00 
0.282 0.0794 11 3.55 12.6 
0.251 0.0631 12 3.98 15.9 
0.224 0.0501 13 4.47 20.0 
0.200 0.0398 14 5.01 25.1 
0.178 0.0316 15 5.62 31.6 
0.159 0.0251 16 6.31 39.8 
0.126 0.0159 18 7.94 63.1 
0.100 0.0100 20 10.00 100.0 
3.16 x 10-2 10-3 30 3.16 x 10 103 
10-2 10-4 40 102 104 
3.16 x 10-3 10-5 50 3.16 x 102 10° 
10-3 10-6 60 10° 10° 
3.16 x 10-4 10-7 70 3.16 x 10° 10” 
10-4 10-8 80 104 108 
3.16 x 10-5 10-9 90 3.16 x 104 10° 
10-5 10-10 100 10° 1010 
3.16 x 10-6 10-11 110 3.16 x 10° 10" 


10-6 1o-” 120 108 10" 
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Table 2.2 Relative levels in decibels at 50 ohms impedance 


dB uV Voltage dBV dBm dBW Power 
—20 100 nV —140 —127 —157 200 aw 
—19 115 —139 —126 —156 250 
—18 125 —138 —125 —155 315 
—17 140 —137 —124 —154 400 
—16 160 —136 —123 —153 500 
—15 180 —135 —122 —152 630 
—14 200 —134 —121 —151 800 
—13 225 —133 —120 —150 1 fw 
—12 250 —132 —119 —149 1.25 
-11 280 —131 —118 —148 1.6 
—10 315 —130 —117 —147 2.0 
-9 355 —129 —116 —146 2.5 
—8 400 —128 —115 —145 3.15 
Th 450 —127 —114 —144 4.0 
—6 500 —126 —113 —143 5.0 
—5 565 —125 —112 —142 6.3 
—4 630 —124 —111 —141 8.0 
—3 710 —123 —110 —140 10 
—2 800 —122 —109 —139 12.5 
-1 900 —121 —108 —138 16 
0 1uVv —120 —107 —137 20 
1 1.15 —119 —106 —136 25 
2 1.25 —118 —105 —135 31.5 
3 1.4 —117 —104 —134 40 
4 1.6 —116 —103 —133 50 
5 1.8 —115 —102 —132 63 
6 2.0 —114 —101 —131 80 
7 2.25 —113 —100 —130 100 
8 2.5 —112 —99 —129 125 
9 2.8 —111 —98 —128 160 
10 3.15 —110 —97 —127 200 
11 3.55 —109 —96 —126 250 
12 4.0 —108 —95 —125 315 
13 4.5 —107 —94 —124 400 
14 5.0 —106 —93 —123 500 
15 5.65 —105 —92 —122 630 
16 6.3 —104 —91 —121 800 
17 7.1 —103 —90 —120 1 pW 
18 8.0 —102 —89 —119 1.25 
19 9.0 —101 —88 —118 1.6 
20 10.0 —100 —87 —117 2.0 
21 11.5 —99 —86 —116 2.5 
22 12.5 —98 —85 —115 3.15 
23 14 —97 —84 —114 4.0 
24 16 —96 —83 —113 5.0 
25 18 —95 —82 —112 6.3 


(continued overleaf) 
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Table 2.2 
dB pV 


(continued) 


Voltage 


—91 


—71 


Table 2.2 (continued) 


dB uV Voltage dBV dBm dBW Power 

73 45 —47 —34 —64 400 

74 5.0 —46 —33 —63 500 

75 5.65 —45 —32 —62 630 

76 6.3 —44 —31 —61 800 

77 7.1 —43 —30 —60 1pW 

78 8.0 —42 —29 —59 1.25 

79 9.0 —41 —28 —58 1.6 

80 10mvV —40 —27 —57 2.0 

81 11.5 —39 —26 —56 2.5 

82 12.5 —38 —25 —55 3.15 

83 14 —37 —24 —54 4.0 

84 16 —36 —23 —53 5.0 

85 18 —35 —22 —52 6.3 

86 20 —34 —21 —51 8.0 

87 22.5 —33 —20 —50 10 

88 25 —32 —19 —49 12.5 

89 28 —31 —18 —48 16 

90 31.5 —30 —17 —47 20 

91 35.5 —29 —16 —46 25 

92 40 —28 —15 —45 31.5 

93 45 —27 —14 —44 40 

94 50 —26 —13 —43 50 

95 56.5 —25 —12 —42 63 

96 63 —24 -11 —41 80 

97 71 —23 —10 —40 100 

98 80 —22 -9 —39 125 

99 90 —21 —8 —38 160 
100 100 —20 Le —37 200 
101 115 —19 —6 —36 250 
102 125 —18 —5 —35 315 
103 140 -17 —4 —34 400 
104 160 —16 —3 —33 500 
105 180 —15 —2 —32 630 
106 200 —14 -1 —31 800 
107 225 —13 0 —30 1mW 
108 250 —12 1 —29 1.25 
109 280 -11 2 —28 1.6 
110 315 —10 3 —27 2.0 
111 355 -9 4 —26 2.5 
112 400 —8 5 —25 3.15 
113 450 —7 6 —24 4.0 
114 500 —6 7 —23 5.0 
115 565 —5 8 —22 6.3 
116 630 —4 9 —21 8.0 
117 710 —3 10 —20 10 
118 800 —2 11 —19 12.5 


(continued overleaf) 
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Table 2.2 
dB pV 


119 
120 
121 
122 
123 
124 
125 
126 
127 
128 
129 
130 
131 
132 
133 
134 
135 
136 
137 
138 
139 
140 
141 
142 
143 
144 
145 
146 
147 
148 
149 
150 
151 
152 
153 
154 
155 
156 
157 
158 
159 
160 
161 
162 
163 
164 
165 


(continued) 


Voltage 
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100 
125 
160 
200 
250 
315 
400 
500 
630 


Table 2.2 (continued) 


dB uV Voltage dBV dBm dBW Power 
166 200 46 59 29 800 
167 225 47 60 30 1kW 
168 250 48 61 31 1.25 
169 280 49 62 32 1.6 
170 315 50 63 33 2.0 
171 355 51 64 34 2.5 
172 400 52 65 35 3.15 
173 450 53 66 36 4.0 
174 500 54 67 37 5.0 
175 565 55 68 38 6.3 
176 630 56 69 39 8.0 
177 710 57 70 40 10 
178 800 58 71 41 12.5 
179 900 59 72 42 16 
180 1kV 60 73 43 20 


Decibel glossary 


dBa stands for dB ‘adjusted’. This is a weighted circuit noise 
power referred to —85dBm, which is OdBa. (Historically 
measured with a noise meter at the receiving end of a line. 
The meter is calibrated on a 1000 Hz tone such that 1 mW 
(OdBm) gives a reading of +85 dBm. If the 1 mW is spread 
over the band 300—3400 Hz as random white noise, the meter 
will read +82 dBa.) 

dBa0 circuit noise power in dBa referred to, or measured at, a point 
of zero relative transmission level (OdBr). (A point of zero 
relative transmission level is a point arbitrarily established in a 
transmission circuit. All other levels are stated relative to this 
point.) It is preferable to convert circuit noise measurement 
values from dBa to dBaO as this makes it unnecessary to 
know or to state the relative transmission level at the point 
of measurement. 

dBd _ used for expressing the gain of an antenna referred to a dipole. 

dBi used for expressing the gain of an antenna referred to an 
isotropic radiator. 

dB\V decibels relative to 1 microvolt. 

dbm decibels relative to | milliwatt. The term dBm was originally 
used for telephone and audio work and, when used in that con- 
text, implies an impedance of 600 Q, the nominal impedance 
of a telephone line. When it is desired to define a relative 
transmission level in a circuit, dBr is preferred. 
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dBm0 dBm referred to, or measured at, a point of zero transmission 


dBmp 


dBm0p 


dBr 


Table 2.3 Binary decibel values 


Bits 


a 
COOANOAKRWN = 


a4 
a4 


12 


level. 


a unit of noise power in dBm, measured with psopho- 
metric weighting. (Bmp = 101log,;y pWp — 90 = dBa — 84 = 


Max. value 


64 

128 

256 

512 

1024 

2048 

4096 

8192 

16384 

32 768 

65 536 
131072 

262 144 

524 288 
1048576 
2097 152 
4194304 

8 388 608 
16777216 
33 554 432 
67 108 864 
134217 728 
268 435 456 
536 870 912 
1073 741 824 
2 147 483 648 
4294 967 296 


Decibels (dB) 


6.02 
12.04 
18.06 
24.08 
30.10 
36.12 
42.14 
48.16 
54.19 
60.21 
66.23 
72.25 
78.27 
84.29 
90.31 
96.33 

102.35 
108.37 
114.39 
120.41 
126.43 
132.45 
138.47 
144.49 
150.51 
156.54 
162.56 
168.58 
174.60 
180.62 
186.64 
192.66 


dBm — 2.5 (for flat noise 300—3400 Hz). 
pWp = picowatts psophometrically weighted. 


the abbreviation for absolute noise power in dBm referred 
to or measured at a point of zero relative transmission level, 


psophometrically weighted. 


means dB ‘relative level’. Used to define transmission level 
at various points in a circuit or system referenced to the zero 


transmission level point. 
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dBm a weighted circuit noise power unit in dB referenced to 1 pW 
(—90 dBm) which is 0 dBrn. 

dBrnc_ weighted noise power in dBrn, measured by a noise measuring 
set with ‘C-message’ weighting. 

dBrncO noise measured in dBrnc referred to zero transmission level 
point. 

dBu decibels relative to 0.775 V, the voltage developed by 1 mW 
when applied to 600 Q. dBu is used in audio work when the 
impedance is not 600 Q and no specific impedance is implied. 

dbV decibels relative to 1 volt. 

dbW decibels relative to 1 watt. 


Note: To convert dBm to dBwV add 107 (e.g. —20dBm = —20 + 
107 = 87dBLV. 

The beauty of decibel notation is that system gains and losses can 
be computed using addition and subtraction rather than multiplication 
and division. For example, suppose a system consists of an antenna 
that delivers a —4.7dBm signal at its terminals (we conveniently 
neglect the antenna gain by this ploy). The antenna is connected to 
a 40dB low-noise amplifier (Al) at the head end, and then through 
a 370 metre long coaxial cable to a 20dB gain amplifier (A2), with 
a loss (L1) of —48dB. The amplifier is followed by a bandpass fil- 
ter with a —2.8 dB insertion loss (L2), and a —10dB attenuator (L3). 
How does the signal exist at the end of this cascade chain? 


Sl —4.7dBm 
Al 40.0 dB 
A2 20.0 dB 
Ll —48.0dB 
L2 —2.8dB 
L3 —10.0dB 
Total: —5.5dBm 


Converting dBm to watts 


1 Q¢Bm/10 
1000 


Converting any dB to ratio 


Pil 
Power levels: — = 1098/10 
P2 
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1 

Voltage levels: —- = 10°8/?? 
v2 
1 

Current levels: a ig 


Binary decibel values 


Binary numbers are used in computer systems. With the digitization of 
RF systems it is necessary to understand the decibel values of binary 
numbers. These binary numbers might be from an analogue-to-digital 
converter (ADC or A/D) that digitizes the IF amplifier output, or 
a digital-to-analogue converter (DAC or D/A) used to generate the 
analogue signal in a direct digital synthesis (DDS) signal generator. 


3 Transmission lines 


3.1 General considerations 


The purpose of any transmission line is to transfer power between a 
source and a load with the minimum of loss and distortion in either 
amplitude, frequency or phase angle. 

Electrons travel more slowly in conductors than they do in free 
space and all transmission lines contain distributed components: re- 
sistance, inductance and capacitance. Consequently, lines possess an 
impedance which varies with frequency, and loss and distortion occur. 
Because the impedance is not constant over a wide frequency band the 
insertion loss will not be the same for all frequencies and frequency 
distortion will arise. A wavefront entering a line from a source takes 
a finite time to travel its length. This transit time, because of the 
distributed components, also varies with frequency and creates phase 
distortion. 


3.2 Impedance matching 


To transfer the maximum power from a generator into a load the 
impedance of the load and the internal impedance of the gener- 
ator — and any intervening transmission line — must be equal. 
Figure 3.1 illustrates the simplest case of a generator of internal 
impedance Z, equal to 5 ohms and producing an e.m-f. of 20 volts. 
When loads of varying impedance, Z), are connected the output 
voltage, V (p.d.) and the power in the load, P;, varies as follows: 


Z,=5Q 1=20/10=2A V=10V 
Z,=3Q [=2.5A V=7.5V 
Z, =8.33Q 1=1.5A V=12.5V 
P, = V?/Z, = 100/5 = 20W 

P, = V7/Z, = 56.25/3 = 18.75 W 

P, = V?/Z, = 156.25/8.33 = 18.75 W 


When dealing with alternating current and when transmission lines, 
particularly at radio frequencies, are interposed between the source 
and the load, other factors than the power transfer efficiency must 
also be considered. 
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E=20V (e.mf.) 








Figure 3.1. Impedance matching 


3.3 Base band lines 


These are the lines which generally operate at comparatively low fre- 
quencies carrying information at base band, e.g. speech, music, video 
or data. Generally provided by the telecommunications or telephone 
companies, usually on a rental basis, they are no longer likely to be 
hard wired, solid copper lines, although these may still be obtain- 
able for lengths below about 10 km within one exchange area. Longer 
lines will probably be multiplexed, and comprised of radio and optical 
circuits over part of their length. 

Baseband line impedance may vary between 450Q and 750Q. 
Nominal impedance is 600 . Most line parameters are specified when 
measured between 600 Q non-reactive impedance. 


3.4 Balanced line hybrids 


Radio transmitters and receivers are often controlled over a two-wire 
line. To facilitate this a balanced line hybrid circuit, consisting of 
two transformers connected back to back as in Figure 3.2, is inserted 
between the transmitter and receiver, and the line. 

A signal from the receiver audio output is fed to winding L, of 
transformer 7; which induces voltages across Ly and L3. The resul- 
tant line current also flows through ZL, and produces a voltage across 
Lo which would appear as modulation on the transmitter but for the 
anti-phase voltage appearing across Ls. To ensure that the voltages 
cancel exactly a variable resistor, and often a capacitor to equalize the 
frequency response, is connected between Ly and Ls. 

A signal arriving via the line is applied to the transmitter as mod- 
ulation; that it is also applied to the receiver poses no problem. 
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Balance control 


Receiver Transmitter 
L, Le 


L 





wo 





2 wire line 
Figure 3.2 Balanced line hybrid 


3.5 Radio frequency lines 


Radio frequency transmission lines possess similar electrical charac- 
teristics to base band lines. However, they may be carrying large 
powers and the effects of a mismatched load are much more serious 
than a loss of transferred power. Three types of wire RF line are com- 
monly used: a single wire with ground return for MF and LF broadcast 
transmission, an open pair of wires at HF and co-axial cable at higher 
frequencies. Waveguides are used at the higher microwave frequen- 
cies. RF lines exhibit an impedance characterized by their type and 
construction. 


3.5.1 Characteristic impedance, Zo 


The physical dimensions of an RF transmission line, the spacing 

between the conductors, their diameters and the dielectric material 

between them, determine the characteristic impedance of the line, Zo, 

which is calculated for the most commonly used types as follows. 
Single wire with ground return (Figure 3.3(a)): 


4h 
Zo = 138 logy 7 ohms 


2-wire balanced, in air (Figure 3.3(b)): 
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Figure 3.3 








(a) Single wire, ground return line 





d 


wal 1 





‘ 


(b} 2-wire balanced air dielectric line 


{ec} Co-axial cable 


Co-axial (Figure 3.3(c)): 


where dimensions are in mm and ¢, = relative permittivity of contin- 
uous dielectric. 


138 R 
Zo = —= log,) — ohms 
r 


3.5.2 Insertion loss 


The loss in RF cables is quoted in specifications as attenuation in 
dB per unit length at specific frequencies, the attenuation increas- 
ing with frequency. The electrical specifications for cables having a 
braided outer conductor are given in Tables 3.1 and 3.2. Those for 
the now commonly used foam dielectric, solid outer conductor cables 


are provided in Table 3.3. 


Table 3.1 RF cables USA RG and URM series 


® Attenuation (dB per 100 ft) oy 
g & 
§ $ s 
g o $ S 3% 
é &> § e g s&s 
s < § ¥ > & \ x RY s & 9 
tS Ss SG rw Ny RY aS Ss eS eS 
& se es S RY x SS S S g £¥¢ 
© §ye go 8 $ = § § § g& gs 
xe = [°) XN N iS x S F oO y 
RG-6A/U 75.0 0.332 0.659 0.21 0.78 2.9 11.2 21.0 20.0 2700 
RG-11A/U 75.0 0.405 0.66 0.18 0.7 2.3 7.8 16.5 20.5 5000 
RG-12A/U 75.0 0.475 0.659 0.18 0.66 2.3 8.0 16.5 20.5 4000 
RG-16/U 52.0 0.630 0.670 0.1 0.4 1.2 6.7 16.0 29.5 6000 
RG-34A/U 75.0 0.630 0.659 0.065 0.29 1.3 6.0 12.5 20.5 5200 
RG-34B/U 75.0 0.630 0.66 - 0.3 1.4 5.8 - 21.5 6500 
RG-35A/U 75.0 0.945 0.659 0.07 0.235 0.85 3.5 8.60 20.5 10000 
RG-54A/U 58.0 0.250 0.659 0.18 0.74 3.1 11.5 21.5 26.5 3000 
RG-55/U 53.5 0.206 0.659 0.36 1.3 4.8 17.0 32.0 28.5 1900 
RG-55A/U 50.0 0.216 0.659 0.36 1.3 4.8 17.0 32.0 29.5 1900 
RG-58/U 53.5 0.195 0.659 0.33 1.25 4.65 17.5 37.5 28.5 1900 


(continued overleaf) 





Table 3.1 (continued) 


® 
g 
cd 
, g 
g se 
§ &s 
g & > 
& ov 
RG-58C/U 50.0 
RG-59A/U 75.0 
RG-59B/U 75 
RG-62A/U 93.0 
RG-83/U 35.0 
RG-174A/U 50 
RG-188A/U 50 
*RG-213/U 50 
TRG-218/U 50 
#RG-220/U 50 
URM43 50 
URM70 75 
URM76 50 
*Formerly RG8A/U. 


TFormerly RG17A/U. 
*Formerly RG19A/U. 


Attenuation (dB per 100 ft) 


”™ op, 
NS 


LY 
98 py 


Variy 
Yo Vi 


1900 
2300 
2300 
750 
2000 
1400 
1200 
5000 
11000 
14000 
2600 
1800 
2600 


Table 3.2 British UR series 


77 
79* 
83* 
85* 
90 


0.175 
7/0.029 
0.188 

19/0.0066 
0.104 
0.265 
0.168 
0.109 
0.022 


125000 
6000 
2600 
2600 
2500 


Attenuation (dB per 100 ft) 


1.3 
6.3 


12.3 


59B/U 


All the above cables have solid dielectric with a velocity factor of 0.66 with the exception of those marked with an asterisk, which are helical 
membrane and have a velocity factor of 0.96. 
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Table 3.3. Foam dielectric, solid outer conductor co-axial RF cables 50 ohms 
characteristic impedance 


Superflexible FS-J LDF series 
series 
Cable type FSJ1-50A FSJ4-50B LDF2-50 LDF4-50A 
1/4” 1/2” 3/8” 1/2” 
Min. bending 1.0 1.25 3.75 5.0 
radius, in. (mm) (25) (32) (95) (125) 
Propagation 84 81 88 88 
velocity, % 
Max. operating 20.4 10.2 13.5 8.8 
frequency, GHz 
Att. dB/100 ft 
(dB/100 m) 
50 MHz 1.27 0.732 0.75 0.479 
(4.17) (2.40) (2.46) (1.57) 
100 MHz 1.81 1.05 1.05 0.684 
(5.94) (3.44) (3.44) (2.24) 
400 MHz 3.70 2.18 2.16 1.42 
(12.1) (7.14) (7.09) (4.66) 
1000 MHz 6.00 3.58 3.50 2.34 
(19.7) (11.7) (11.5) (7.68) 
5000 MHz 14.6 9.13 8.80 5.93 
(47.9) (30.0) (28.9) (19.5) 
10000 MHz 21.8 15.0 13.5 N/A 
(71.5) (49.3) (44.3) N/A 
Power rating, kW 
at 25°C (77°F) 
50 MHz 1.33 3.92 2.16 3.63 
100 MHz 0.93 2.74 1.48 2.53 
400 MHz 0.452 1.32 0.731 1.22 
1000 MHz 0.276 0.796 0.445 0.744 
5000 MHz 0.11 0.30 0.17 0.29 
10000 MHz 0.072 0.19 0.12 N/A 


The claimed advantages of foam dielectric, solid outer conductor 
cables are: 


1. Lower attenuation 

2. Improved RF shielding, approximately 30 dB improvement 

3. High average power ratings because of the improved thermal con- 
ductivity of the outer conductor and the lower attenuation. 


A disadvantage is that they are not so easy to handle as braided cables. 


3.5.3 Voltage standing wave ratio (VSWR) 


When an RF cable is mismatched, i.e. connected to a load of a different 
impedance to that of the cable, not all the power supplied to the 
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cable is absorbed by the load. That which does not enter the load 
is reflected back down the cable. This reflected power adds to the 
incident voltage when they are in phase with each other and subtracts 
from the incident voltage when the two are out of phase. The result 
is a series of voltage — and current — maxima and minima at half- 
wavelength intervals along the length of the line (Figure 3.4). The 
maxima are referred to as antinodes and the minima as nodes. 


Incident current phase 








Resultant current and voltage distribution 
Figure 3.4 Formation of standing waves 


The voltage standing wave ratio is the numerical ratio of the 
maximum voltage on the line to the minimum voltage: VSWR = 
Vinax/ Vmin- It is also given by: VSWR = R,/Zpo or Zo/ Ry (depending 
on which is the larger so that the ratio is always greater than unity) 
where Ry, = the load resistance. 

The return loss is the power ratio, in dB, between the incident 
(forward) power and the reflected (reverse) power. 

The reflection coefficient is the numerical ratio of the reflected 
voltage to the incident voltage. 

The VSWR is 1, and there is no reflected power, whenever the load 
is purely resistive and its value equals the characteristic impedance of 
the line. When the load resistance does not equal the line impedance, 
or the load is reactive, the VSWR rises above unity. 

A low VSWR is vital to avoid loss of radiated power, heating 
of the line due to high power loss, breakdown of the line caused by 
high voltage stress, and excessive radiation from the line. In practice, 
a VSWR of 1.5:1 is considered acceptable for an antenna system, 
higher ratios indicating a possible defect. 


44 
3.5.4 Transmission line filters, baluns and matching circuits 


Use can be made of standing waves on sections of line to provide 
filters and RF transformers. When a line one-quarter wavelength long 
(aA/4 stub) is open circuit at the load end, i.e. high impedance, an 
effective short-circuit is presented to the source at the resonant fre- 
quency of the section of line, producing an effective band stop filter. 
The same effect would be produced by a short-circuited 4/2 section. 
Unbalanced co-axial cables with an impedance of 50 Q are commonly 
used to connect VHF and UHF base stations to their antennas although 
the antennas are often of a different impedance and balanced about 
ground. To match the antenna to the feeder and to provide a balance 
to unbalance transformation (known as a balun), sections of co-axial 
cable are built into the antenna support boom to act as both a balun 
and an RF transformer. 


Balun 


The sleeve balun consists of an outer conducting sleeve, one quarter- 
wavelength long at the operating frequency of the antenna, and con- 
nected to the outer conductor of the co-axial cable as in Figure 3.5. 
When viewed from point Y, the outer conductor of the feeder cable 
and the sleeve form a short-circuited quarter-wavelength stub at the 
operating frequency and the impedance between the two is very high. 
This effectively removes the connection to ground for RF, but not 
for DC, of the outer conductor of the feeder cable permitting the 
connection of the balanced antenna to the unbalanced cable without 
short-circuiting one element of the antenna to ground. 


Balanced 
Concentric sleeve dipole 








Figure 3.5 Sleeve balun 
RF transformer 


If a transmission line is mismatched to the load variations of voltage 
and current, and therefore impedance, occur along its length (standing 
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waves). If the line is of the correct length an inversion of the load 
impedance appears at the input end. When a A/4 line is terminated in 
other than its characteristic impedance an impedance transformation 
takes place. The impedance at the source is given by: 


Zo- 
Fa 
ZL 


where 

Zs = impedance at input to line 

Zo = characteristic impedance of line 
Z,_ = impedance of load 


By inserting a quarter-wavelength section of cable having the cor- 
rect characteristic impedance in a transmission line an antenna of any 
impedance can be matched to a standard feeder cable for a particular 
design frequency. A common example is the matching of a folded 
dipole of 300 Q impedance to a 50 Q feeder cable. 

Let Z, = Zo of feeder cable and Zo = characteristic impedance of 
transformer section. Then: 


Zo 


Zy = VZoZ. 
= 4300 x 50 = 1222 


3.6 Waveguides 


At the higher microwave frequencies waveguides which conduct elec- 
tromagnetic waves, not electric currents, are often used. Waveguides 
are conductive tubes, either of rectangular, circular or elliptical section 
which guide the wave along their length by reflections from the tube 
walls. The walls are not used as conducting elements but merely for 
containment of the wave. Waveguides are not normally used below 
about 3 GHz because their cross-sectional dimensions must be com- 
parable to a wavelength at the operating frequency. The advantages of 
a waveguide over a co-axial cable are lower power loss, low VSWR 
and a higher operating frequency, but they are more expensive and 
difficult to install. 

In a rectangular waveguide an electromagnetic wave is radiated 
from the source at an angle to the direction of propagation and is 
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Propagation (pre-reflection) 
Figure 3.6 Propagation in rectangular waveguide 


bounced off the walls (Figure 3.6). If the wave were transmitted 
directly along the length of the guide the electric field would be par- 
allel to one of the walls and be short-circuited by it. Radiating the 
wave at an angle to the walls creates the maximum field at the centre 
of the guide and zero at the walls, if the dimensions of the guide are 
correct for the frequency. However, because the wave does not travel 
directly along the length of the guide, the speed of propagation is less 
than in space. 

In an electro-magnetic wave the electric and magnetic fields, 
and the direction of propagation, are mutually perpendicular (see 
Figure 1.3) and such a wave may therefore be thought of as transverse 
electro-magnetic (TEM). In a waveguide though, because of the short- 
circuiting effect of the walls, a TEM wave cannot exist. A method of 
making the wave either transverse electric or transverse magnetic is 
needed. 

When a wave is propagated by a reflection either the magnetic 
or the electric field is changed. The changed field will now contain 
the normal component perpendicular to the direction of propagation 
and a component in its direction, i.e. the wave is no longer wholly 
transverse. It must be either transverse electric or transverse magnetic. 
The terminology used to distinguish the type of wave differs: the 
American system uses the field which behaves as it would in free 
space to describe the type of wave, e.g. when there is no electric 
field in the direction of propagation the wave is called TE and the 
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mode with no magnetic field in the direction of propagation, TM; the 
European system uses the field that is modified and an American TE 
wave is a European TM wave. In the European system H and E may 
also be used in lieu of (American) TE and TM. 

The behaviour of waves in circular waveguides is similar to that in 
rectangular guides. Circular waveguides minimize feeder attenuation 
and are particularly suitable for long vertical runs. A single circular 
waveguide can carry two polarizations with a minimum isolation of 
30dB. Circular waveguides are recommended where attenuation is 
critical or where multi-band capability is needed. 

Elliptical waveguides have the advantages of flexibility, the avail- 
ability of long continuous runs and reduced cost. 


3.7 Other transmission line considerations 
3.7.1 Noise factor of coaxial cable transmission line 


Any lossy electrical device, including coaxial cable, produces a noise 
level of its own. The noise factor of coaxial line is: 


G=VT 


Fy(coaxy = 1+ 700 


where 
Fyicoax) is the noise factor of the coax 
L is the loss expressed as a linear quantity 
T is the physical temperature of the cable in Kelvins 


The linear noise factor due to loss can be converted to the noise figure 
by 10 log(Fnccoaxy), which can be added to the system noise decibel 
for decibel. 

The attenuation loss figure published in manufacturers’ tables is 
called the matched line loss (Ly) because it refers to the situation 
where the load and characteristic impedance of the line are equal. But 
we also have to consider the Total Line Loss (TLL), which is: 

2 2 
TLL = 10log gas | 
B(1— C7’) 


where 
B = antilog Ly 
C = (SWRioap — 1L)/(SWRioap + 1) 
SWRyoap is the VSWR at the load end of the line 
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3.7.2 Types of coaxial cable 


Coaxial cable consists of two cylindrical conductors sharing the same 
axis (hence ‘co-axial’) and separated by a dielectric. For low fre- 
quencies (in flexible cables) the dielectric may be polyethylene or 
polyethylene foam, but at higher frequencies Teflon® and other ma- 
terials are used. Also used in some applications, notably high powered 
broadcasting transmitters, are dry air and dry nitrogen. 

Several forms of coaxial line are available. Flexible coaxial cable 
discussed earlier in this chapter is perhaps the most common form. 
The outer conductor in such cable is made of either braided wire or 
foil. Again, television broadcast receiver antennas provide an example 
of such cable from common experience. Another form of flexible or 
semi-flexible coaxial line is helical line (Figure 3.7) in which the 
outer conductor is spiral wound. This type of coaxial cable is usually 
2.5 or more centimetres in diameter. 


_ Outer Outer 
insulator conductor — Inner 


insulator 
Inner 
conductor 









Figure 3.7 The helical line 


Hardline is coaxial cable that uses a thin-walled pipe as the outer 
conductor. Some hardline coax used at microwave frequencies has a 
rigid outer conductor and a solid dielectric. Gas-filled line is a spe- 
cial case of hardline that is hollow (Figure 3.8), the centre conductor 





Outer conductor i 
Holes for gas | 


N 


Perforated ceramic 
insulators 






\_ Centre conductor 


Figure 3.8 Gas-filled line 
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being supported by a series of thin ceramic or Teflon insulators. The 
dielectric is either anhydrous (i.e. dry) nitrogen or some other inert gas. 

Some flexible microwave coaxial cable uses a solid ‘air-articulated’ 
dielectric (Figure 3.9), in which the inner insulator is not continuous 
around the centre conductor, but rather is ridged. Reduced dielectric 
losses increase the usefulness of the cable at higher frequencies. Dou- 
ble shielded coaxial cable (Figure 3.10) provides an extra measure 
of protection against radiation from the line, and EMI from outside 
sources from getting into the system. 


Figure 3.9 Solid ‘air-articulated’ dielectric 


Figure 3.10 Double shielded coaxial cable 


3.7.3 Transmission line noise 


Transmission lines are capable of generating noise and spurious volt- 
ages that are seen by the system as valid signals. Several such sources 
exist. One source is coupling between noise currents flowing in the 
outer and inner conductors. Such currents are induced by nearby elec- 
tromagnetic interference and other sources (e.g. connection to a noisy 
ground plane). Although coaxial design reduces noise pick-up com- 
pared with parallel line, the potential for EMI exists. Selection of 
high-grade line, with a high degree of shielding, reduces the problem. 

Another source of noise is thermal noise in the resistances and con- 
ductances of the line. This type of noise is proportional to resistance 
and temperature. 

There is also noise created by mechanical movement of the cable. 
One species results from movement of the dielectric against the two 
conductors. This form of noise is caused by electrostatic discharges 
in much the same manner as the spark created by rubbing a piece of 
plastic against woollen cloth. 

A second species of mechanically generated noise is piezoelec- 
tricity in the dielectric. Although more common in cheap cables, one 
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should be aware of it. Mechanical deformation of the dielectric causes 
electrical potentials to be generated. 

Both species of mechanically generated noise can be reduced or 
eliminated by proper mounting of the cable. Although rarely a prob- 
lem at lower frequencies, such noise can be significant at microwave 
frequencies when signals are low. 


3.7.4 Coaxial cable capacitance 


A coaxial transmission line possesses a certain capacitance per unit 
of length. This capacitance is defined by: 


CH 24¢ pF 
~ log(D/d) Metre 


where 

Cis the capacitance 

Dis the outside conductor diameter 

d is the inside conductor diameter 

€ is the dielectric constant of the insulator. 


A long run of coaxial cable can build up a large capacitance. For 
example, a common type of coax is rated at 65 pF/metre. A 150 metre 
roll thus has a capacitance of (65 pF/m) (150m), or 9750 pF. When 
charged with a high voltage, as is done in performing breakdown 
voltage tests at the factory, the cable acts like a charged high voltage 
capacitor. Although rarely if ever lethal to humans, the stored voltage 
in new cable can deliver a nasty electrical shock and can irreparably 
damage electronic components. 


3.7.5 Coaxial cable cut-off frequency (F.) 


The normal mode in which a coaxial cable propagates a signal is as a 
transverse electromagnetic (TEM) wave, but others are possible — and 
usually undesirable. There is a maximum frequency above which TEM 
propagation becomes a problem, and higher modes dominate. Coaxial 
cable should not be used above a frequency of: 


1 


ee 
eh = SIG D A aie 


where 
F is the TEM mode cut-off frequency 
D_ is the diameter of the outer conductor in mm 
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d_ is the diameter of the inner conductor in mm 
é is the dielectric constant 


When maximum operating frequencies for cable are listed it is the 
TEM mode that is cited. Beware of attenuation, however, when mak- 
ing selections for microwave frequencies. A particular cable may have 
a sufficiently high TEM mode frequency, but still exhibit a high atten- 
uation per unit length at X or Ku-bands. 
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4 Antennas 


4.1 Antenna characteristics 
4.1.1 Bandwidth 


Stated as a percentage of the nominal design frequency, the bandwidth 
of an antenna is the band of frequencies over which it is considered to 
perform acceptably. The limits of the bandwidth are characterized by 
unacceptable variations in the impedance which changes from resis- 
tive at resonance to reactive, the radiation pattern, and an increasing 
VSWR. 


4.1.2 Beamwidth 


In directional antennas the beamwidth, sometimes called half-power 
beamwidth (HPBW), is normally specified as the total width, in 
degrees, of the main radiation lobe at the angle where the radiated 
power has fallen by 3dB below that on the centre line of the lobe 
(Figure 4.1A). 


Half-power (3 dB) 
points 






Antenna 


Figure 4.1A Half-power beamwidth 


4.1.3 Directivity and forward gain 


All practical antennas concentrate the radiated energy in some 
directions at the expense of others. They possess directivity but are 
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completely passive; they cannot increase the power applied to them. 
Nevertheless, it is convenient to express the enhanced radiation in 
some directions as a power gain. 

Antenna gain may be quoted with reference to either an isotropic 
radiator or the simplest of practical antennas, the dipole. There is a 
difference of 2.15 dB between the two figures. A gain quoted in dBi 
is with reference to an isotropic radiator and a gain quoted in dBd is 
with reference to a dipole. When gain is quoted in dBi, 2.15 dB must 
be subtracted to relate the gain to that of a dipole. 


4.1.4 Effective height or length 


The current flowing in an antenna varies along its length (see 
Figure 1.4). If the current were uniform along the length of an antenna 
it would produce a field appropriate to its physical length, and the 
effective height or length of the antenna would be its physical length. 
In practice, because the current is not uniform, the effective length is 
less than the physical length and is given by: 


Iohys x Tmnean 


letr = 7 


where 
lerp = effective length 
Ipnys = Physical length 
I = current at feed point 


With an antenna which is short in comparison with a wavelength 
the current can be considered to vary linearly over its length and 
Imean = 1/2. Because the apparent length of a vertical radiator is twice 
that of its physical dimension due to the mirror image formed below 
the ground, the effective length of an electrically short vertical antenna 
may be approximated to be its physical length. 


4.1.5 Effective radiated power (erp) 


This is the power effectively radiated along the centre line of the main 
lobe. It is the power supplied to the antenna multiplied by the antenna 
gain with reference to a dipole. 


4.1.6 Radiation resistance and efficiency 


The power radiated by an antenna can conveniently be expressed in 
terms of the value of a resistor which would dissipate the same power 
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that the antenna radiates. This value is referred to as the radiation 
resistance and is defined as the ratio of the power radiated to the 
square of the current at the feed point. The efficiency is the ratio of 
the power radiated to that lost in the antenna. It is given by: 


Ry 
eff = ——— x 100% 
r+ Ry 


where R, is the radiation resistance and Ry represents the total loss 
resistance of the antenna. The sum of the two resistances is the total 
resistance of the antenna and, for a resonant antenna, is also the 
impedance. 


4.1.7 Front-to-back ratio 


The ratio, in dB, of the strength of the radiation (or received signal) 
in the forward (desired) direction to that in the reverse (unwanted) 
direction. The front-to-back ratio of the antenna shown in Figure 4.1A 
is 13 dB. 


4.1.8 Impedance 


The impedance of an antenna is that presented to the feeder cable 
connecting it to the transmitter or receiver. It is the result of the vec- 
torial addition of the inductive, capacitive and resistive elements of the 
antenna. Each resonant antenna possesses an impedance characteristic 
of the type, and when an antenna operates at its resonant frequency 
the reactive elements cancel out and the impedance becomes resis- 
tive. The radiation resistance plus the losses in the antenna, i.e. the 
series resistance of the conductors, the shunt resistance of the base 
material and losses in nearby objects, form the resistive portion of the 
impedance. 


4.1.9 Polarization 


The radiated field from an antenna is considered to be polarized in 
the plane of the length of the conductors which is the plane of the 
electric field, the E plane. Confusion arises when reference is made to 
vertical or horizontal polarization and it is preferable when referring 
to polar diagrams to use the E and H plane references. 

Circular polarization, produced by crossed dipoles or helical 
wound antennas, is occasionally used for point-to-point work at VHF 
and above to reduce multi-path propagation losses. 
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Cross polarization discrimination defines how effectively an 
antenna discriminates between a signal with the correct polarization, 
i.e. mounted with the elements in the same plane, and one operating 
at the same frequency with the opposite polarization. 20 dB is typical. 


4.1.10 Radiation pattern 


A plot of the directivity of an antenna showing a comparison of the 
power radiated over 360°. Two polar diagrams are required to show the 
radiation in the E and H planes. The polar diagrams may be calibrated 
in either linear (voltage) or logarithmic (decibel) forms. 


4.1.11 Voltage standing wave ratio (VSWR) 


Most VHF and UHF antennas contain an impedance matching device 
made up of lengths of co-axial cable. Thus the VSWR (see Chapter 3) 
of these types of antenna varies with the operating frequency, more 
so than the bandwidth of the antenna alone would produce. At the 
centre design frequency, the VSWR should, theoretically, be 1:1 but 
in practice a VSWR less than 1.5:1 is considered acceptable. 


4.1.12 Receive aperture 


Receiving antennas also possess a property called aperture, or capture 
area. This concept relates the amount of power that is delivered to a 
matched receiver to the power density (watts per square metre). The 
aperture is often larger than the physical area of the antenna, as in the 
case of the half-wavelength dipole (where the wire fronts a very small 
physical area), or less as in the case of a parabolic reflector used in 
microwave reception. Figure 4.1B shows the capture area of a half- 
wavelength (0.52) dipole. It consists of an ellipse with major axes of 
0.514 and 0.344. The relationship between gain and aperture is: 


2 
4 =o 
4irn 
where 
A. is the effective aperture 
G is the gain 
A is the wavelength of the signal 
n is the aperture effectiveness (n = 1 for a perfect no-loss 
antenna, real values are typically 0.3 to 0.55 
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0.5. Dipole 








Figure 4.1B Capture area of half-wavelength (0.5A) dipole 


4.2 Antenna types 


4.2.1 The dipole 


The half-wavelength (A/2) dipole as described in Section 1.4 is the 
antenna on which many others are based. Figure 4.2 shows the relative 
radiation in the E and H planes of a dipole in free space. 


lsometric view 


(OD 
CO 


E plane 


Figure 4.2 Radiation patterns of a half-wave dipole 
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The impedance of a half-wavelength dipole is 72 Q; that of a full 
wavelength or folded dipole is 300 Q. 


4.2.2 The quarter-wavelength vertical radiator 


The quarter-wavelength (A/4) vertical radiator is a commonly used 
antenna for MF broadcasting and for VHF and UHF mobile radio 
applications. It is derived from the 4/2 dipole and it is assumed that a 
mirror image of the radiator is formed below the ground to complete 
the 4/2 structure of the dipole as in Figure 4.3. The radiation pattern 
of a 4/4 vertical radiator mounted close to a perfect earth shows a 
strong similarity to that of a dipole. The effect of reducing the size 
and conductivity of the ground plane raises the angle of radiation. 


Radiation with 
reduced ground plane 


Radiation with 
perfect ground 
plane 





Figure 4.3 Quarter-wavelength vertical radiator 


The impedance of a perfect 4/4 vertical radiator is 36 Q but reduc- 
ing the effectiveness of the ground plane raises the impedance. 


4.2.3 LF, MF and HF antennas 


Because of the physical lengths involved, LF and MF antennas are usu- 
ally non-resonant and their impedances do not conform to the resistive 
70 Q or 36 Q of the basic resonant types. The impedance of a non- 
resonant antenna is usually higher and reactive so an antenna tuning 
or matching unit is used to couple the antenna efficiently to the trans- 
mission line and also act as filter to reduce out-of-band radiations. 
The matching unit comprises a tuned circuit with either a tap on the 
coil at the correct impedance point or a separate coupling coil to feed 
the antenna. 

Obtaining an adequate length is always the problem with low fre- 
quency antennas and various methods have been used based mainly on 
the A/4 radiator. The horizontal section of the inverted L (Figure 4.4) 
extends the effective length but, as the ground wave is much used at 
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Effective 
radiating section 


Matching To receiver/transmitter 


Figure 4.4 Inverted L antenna 


the lower frequencies, these antennas are intended for vertical polariza- 
tion and it is therefore only the down-lead which radiates, or receives, 
effectively. An alternative method of increasing the effective height 
of a vertical radiator is to provide a capacitance top where the system 
of horizontal conductors provides a high capacitance to ground. This 
prevents the current falling to zero at the top of the antenna, maintain- 
ing a higher mean current and so increasing the antenna’s effective 
length. 

Dipoles used at HF are mounted horizontally because of their 
length and have directivity in the horizontal (E) plane. Propagation 
is mainly by the sky wave and the omni-directional properties in the 
vertical (H) plane, modified by ground reflections, produce wide angle 
upwards radiation. 


4.2.4 Directional arrays 
Broadside array 


A broadside array consists of several radiators spaced uniformly along 
a line, each carrying currents of the same phase. When each radiator 
has an omni-directional pattern, and the spacing between radiators is 
less than 34/4, maximum radiation occurs at right angles to the line 
of the array. The power gain is proportional to the length of the array, 
provided that the length is greater than two wavelengths; this means, 
effectively, the number of radiators. Figure 4.5 shows a typical H 
plane polar diagram for an array with vertically mounted radiators 
and a spacing of 4/2. 


End-fire array 


Physically an end-fire array is identical to a broadside except for the 
feeding arrangements and the spacing of the elements. In an end-fire 
array the radiators are fed with a phase difference between adjacent 
radiators equal in radians to the spacing between them in wavelengths. 
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Figure 4.5 Broadside array 


A spacing of A/4 requires a phase shift of 90° between adjacent radi- 
ators. Figure 4.6 shows a typical radiation pattern. An end-fire array 
concentrates the power in both the E and H planes and the maximum 
radiation is in the direction of the end of the array with the lagging 
phase. 
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Figure 4.6 End-fire array 
Rhombic antenna 


A rhombic is a wide band, directional antenna comprised of four non- 
resonant wire antennas, each several wavelengths long, arranged as 
shown in Figure 4.7(a) which also shows the radiation pattern for each 
leg of the rhombus. The lobe angle 6 can be varied by adjusting the 
length, in wavelengths, of each radiator. The antenna has greater direc- 
tivity than a single wire and can be terminated by an appropriate value 
resistor to ensure non-resonance and a wide bandwidth. However, 
because it must be terminated in a resistance equal to the characteris- 
tic impedance of the conductors, it cannot be more than 50% efficient. 
It also exhibits considerable side lobes of radiated power. Rhombics 
are used for sky wave working at HF and more than one frequency is 
allocated to allow for varying propagation conditions. The conductors 
of a rhombic are normally horizontal and the horizontal directivity is 
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determined by the tilt angle, 6 in Figure 4.7(a). If the lobe angle 0 
is equal to (90 — B)° the radiation in the A lobes cancels, while that 
from the B lobes, which point in the same direction, is added. The 
resultant pattern in the horizontal plane is shown in Figure 4.7(b). The 
vertical directivity is controlled by the height of the conductors above 
the ground. 






Terminating 


peed Pol resistor Z) 


(a) Rhombic antenna 


(b) Radiation pattern of rhombic 
Figure 4.7 


Log-periodic antenna 


An alternative, usable from HF through UHF, to the rhombic for wide 
band operation is the log-periodic antenna. It is comprised of several 
dipoles of progressive lengths and spacings as in Figure 4.8, and is 
resonant over a wide frequency range and may be mounted with either 
polarization. The dipoles are fed via the support booms and this con- 
struction ensures that the resultant phasing of the dipoles is additive in 
the forward direction producing an end-fire effect. However, because 
at any one frequency only a few of the dipoles are close to resonance, 
the forward gain of the antenna is low considering the number of 
elements it contains. 
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Figure 4.8 Log-periodic antenna at VHF frequency 
4.3 VHF and UHF antennas 


4.3.1 Base station antennas 


Apart from entertainment broadcasting and mobile telephony, most 
VHF and UHF systems use vertical polarization and a dipole — or to 
prevent noise from rain static, the folded dipole — with the conductors 
mounted vertically is a frequently used antenna for VHF and UHF 
base station installations. Unfortunately it is often mounted on the 
side of the support structure in a manner which seriously affects its 
omnidirectional radiation pattern. Where practical, there should be a 
minimum spacing of one wavelength between the structure and the 
rearmost element of the antenna. 

To obtain a good omni-directional pattern either an end-fed dipole 
(Figure 4.9) or a unipole antenna (Figure 4.10) protruding from the 
top of the mast or tower is the best option. A unipole is a varia- 
tion of the vertical quarter-wave radiator and provides a low angle of 
radiation. 

To reduce the likelihood of co-channel interference directional 
antennas are often necessary. The simplest of these is the combina- 
tion of a 4/2 dipole and reflector shown in Figure 4.11. The reflector 
is slightly longer than the dipole and spaced one quarter-wavelength 
from it. The portion of the signal radiated by the dipole in the direction 
of the reflector is received and re-transmitted by the reflector, with a 
180° phase change occurring in the process. The signal re-transmitted 
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Dipole 
element 


v2 


Coax feed 


Figure 4.9 Type EDV end-fed antenna (by kind permission of C and S Anten- 
nas Ltd) 


to the rear of the antenna — the direction of the reflector — cancels the 
signal from the dipole, that towards the front of the antenna adds 
to the signal from the dipole giving the radiation pattern shown. 
The power gain of a dipole and reflector, a two-element array, is 
3 dBd. 

Directivity can be increased by adding directors forward of the 
dipole, the result is a Yagi-Uda array. The limit to the number of 
radiators is set by physical constraints and the reduction of bandwidth 
produced by their addition. At low VHF, a 3-element array is about 
the practical maximum, while at 1500 MHz, 12-element arrays are 
commonplace. As a rule of thumb, doubling the number of elements 
in an array increases the forward gain by 3dB. Where the maximum 
front-to-back ratio is essential the single rod reflector can be replaced 
by a corner reflector screen. 

Co-linear antennas provide omni-directional characteristics and 
power gain in the H plane. A co-linear consists of a number of dipoles 
stacked vertically and, in the normal configuration, fed so that they 
radiate in phase and the maximum power is radiated horizontally. 
Figure 4.12 shows alternative feeding arrangements. One advantage 
of the co-linear is that the horizontal angle of radiation can be tilted to 
about 15° downwards by changing the phasing of the elements. The 
gain of a co-linear is limited, because of the physical lengths involved 
and losses in the feeding arrangements to 3dBd at VHF and 6dBd 
at UHF. 
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Figure 4.10 Folded unipole antenna 
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Figure 4.11 Dipole and reflector 
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‘b 
Figure 4.12 General construction of co-linears 


Figure 4.13 shows a slot antenna cut into a flat metal sheet. Cur- 
rent (I) injected at the centre of the slot flows around the edge and 
creates a vertical electric field. The radiated field pattern is like a 
dipole. 

The type of slot antenna typically used for mobile telephony 
base stations is a cylindrical waveguide with slots cut width-wise. 
Current flowing along the waveguide creates an electric field along 
the length of the cylinder. The radiation pattern produced by a slot 
antenna cut into a cylinder is directional, with the main beam per- 
pendicular to the slot. Using two slot antennas side by side provides 
radio coverage over a 120° sector. Three pairs of slot antennas 
placed around a mast gives three sectors that can operate at different 
frequencies. 
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Figure 4.13 Slot antenna 


A wide-band alternative to the log-periodic is the conical (discone) 
antenna (Figure 4.14). It provides unity gain, is omni-directional and 
has a bandwidth of approximately 3:1, depending on the designed fre- 
quency range. In practice there has been a tendency to expect these 
antennas to perform outside their specified bandwidths with unsatis- 
factory results. 


Stacking and baying 


A method of increasing an antenna’s directivity is to mount two or 
more antennas vertically above one another (stacking) or side-by-side 
(baying), and to feed them so that they radiate in phase. Stacking two 
dipoles vertically increases the directivity in the E plane and baying 
them increases the directivity in the H plane, approximately halving 
the beamwidth in each case. 

An array of two stacked plus two bayed antennas approximately 
halves the beamwidth in both planes. 


4.3.2 Mobile antennas 


The aerial is the least expensive, and most abused, component of a 
mobile radio installation. Frequently installed in a manner which does 
not produce optimum performance it can have a profound effect on 
the performance of the whole installation. 

Most mobile antennas consist of a metal rod forming a quarter- 
wavelength radiator. The ideal mounting position is the centre of a 
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metallic roof, and as the area of the ground plane is reduced the 
radiation pattern changes and more of the energy is radiated upwards 
(not always a bad thing in inner city areas); also, the impedance rises. 

The effect of the mounting position on the H plane radiation can be 
dramatic, resulting in ragged radiation patterns and, in some directions, 
negligible radiation. Advice on the installation of mobile antennas and 
the polar diagrams produced by typical installations are illustrated in 
MPT 1362, Code of Practice for Installation of Mobile Radio Equip- 
ment in Land Based Vehicles. 

As the installation moves away from the ideal and the antenna 
impedance rises a mismatch is introduced between the antenna and 
the feeder with the consequent production of standing waves on the 
feeder. Under high VSWR conditions the cable is subject to higher 
voltage stresses and it also behaves as an aerial radiating some of the 
reflected power. This spurious radiation adds to the radiation from the 
antenna in some directions but subtracts from it in others giving rise 
to jagged radiation patterns or deep nulls in radiated signal. 

Mobile antennas providing a small amount of gain, typically 3 dB 
and obtained by narrowing the radiation lobes, are on the market. 
These have a length of 5/8 wavelength and, because the extra length 
makes the impedance capacitive at the operational frequency, a loading 
coil is inserted at the lower end of the element to cancel the capacitive 
reactance. An adjustable metallic disk towards the base of the whip is 
often provided for tuning purposes. Note that gain figures quoted for 
mobile antennas are usually with reference to a quarter-wave whip. 


Low profile antennas 


Low profile antennas are available for use at UHF. They have a built- 
in ground plane approximately 150mm in diameter and a height of 
some 30mm and have obvious applications for use on high vehicles 
and, although not strictly covert, where a less obtrusive antenna is 
required. They are fitted with a tuning screw and when adjusted to 
resonance a VSWR of better than 1.2:1 is quoted by one maker and 
a bandwidth of 10 MHz at a VSWR of 2:1. Figure 4.15 shows the 
radiation pattern for one type. 


Motor-cycle antennas 
The installations of antennas on motor cycles poses problems because 


of the absence of a satisfactory ground plane. One frequently used 
method is to employ a 5/8 wavelength whip and loading coil. Another 
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2:1 VSWR ..... 10 MHz 


VSWR at resonance ............ 1.251 
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Vertical 
Antenna mounted on a 40 cm x 40 cm aluminium plate 


Figure 4.15 Low profile UHF antenna (by kind permission of Panorama Anten- 
nas Ltd) 


method uses a pair of grounded downwards-pointing rods to form the 
lower half of a dipole. 


Hand-portable antennas 


Again, because of the lack of a ground plane high performance anten- 
nas are difficult to provide for hand-portables, particularly at VHF. 
Body-worn sets may have an antenna incorporated in the microphone 
lead but the high current portion of the antenna must then be at a 
low height and in some directions the radiation must pass through 
the body, which is highly absorbent, to reach the base station. Helical 
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antennas are frequently used on hand-held sets to reduce the physical 
length. Useful operating tips are to face the base station when using 
the radio in low signal areas, while placing the set on a nearby car 
roof effectively increases the performance of the antenna. 


Safety 


There are two safety aspects to consider when installing mobile anten- 
nas: physical and electrical. The physical considerations are that the 
antenna must be incapable of inflicting injury when it is in its cor- 
rect position, and also when it has been bent or damaged. Rear wing 
mounted antennas need particular care in their positioning; a Band 111 
aerial tip is just about eye height when bending over an open boot 
lid. The same considerations apply to hand-portables, helical antennas 
being perhaps safer than whips because they are thicker and thus more 
easily seen. They also have rounded tips. 

The electrical dangers are from radiation affecting the body either 
directly — radiation from a hand-portable helical into the eye is a pos- 
sible example — or indirectly by affecting electronic equipment. The 
danger of radiation affecting equipment in the vehicle is increased 
when the VSWR is high because of increased radiation from the 
feeder. Advice should be sought from the Radiological Protection 
Board. 


4.4 Microwave antennas 


The small antenna elements at microwaves facilitate the construction 
of highly directive, high gain antennas with high front-to-back ratios. 

At frequencies below about 2 GHz, 12- to 24-element Yagi arrays, 
enclosed in plastic shrouds for weather protection, may be used. At 
higher frequencies, antennas with dish reflectors are the norm. 

The aperture ratio (diameter/wavelength) of a dish governs both 
its power gain and beamwidth. The power gain of a parabolic dish is 
given to a close approximation by: 


Gain = 10 log,) 6(D/A)* x N, dBi 


where D=dish diameter and N = efficiency. Dimensions are 
in metres. The half-power beam width (HPBW) in degrees is 
approximately equal to 70A/D. 

A microwave antenna with its dish reflector, or parasitic elements 
in the case of a Yagi type, is a large structure. Because of the very 
narrow beamwidths — typically 5° for a 1.8m dish at 2GHz — both 
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the antenna mounting and its supporting structure must be rigid and 
able to withstand high twisting forces to avoid deflection of the beam 
in high winds. Smooth covers, radomes, fitted to dishes and the fibre- 
glass shrouds which are normally integral with Yagis designed for 
these applications considerably reduce the wind loading and, for some 
antenna types, increase the survival wind speed. 

The electrical performance of a selection of microwave antennas is 
given in Table 4.1 and the wind survival and deflection characteristics 
in Table 4.2 (Andrew Antennas, 1991). 


Table 4.1. 2.1-2.2 GHz antennas - electrical characteristics 


Type Dia. Gain (dBi) Beam Cross F/B VSWR 


number (m) | —@@£_ ——__ width pol. ratio —- max. 
Bottom Mid- Top (deg.) disc (AB) 
band (aB) 


Ultra High Performance Antenna, F-Series Unpressurized — Radome Inc. 

Single polarized 

UHP8F-21 2.4 31.9 32.1 32.3 4.2 32 61 1.10 
UHP10F-21 3.0 33.7 33.9 34.0 3.6 33 64 1.10 
UHP12F-21 3.7 35.4 35.6 35.8 2.9 32 65 1.10 
Dual polarized 


UHX8F-21 2.4 31.9 32.1 32.3 4.2 30 58 1.20 
UHX10F-21A = 3.0 33.8 34.0 34.2 3.6 32 62 1.20 
UHX12F-21A 3.7 35.4 35.6 35.8 2.8 32 67 1.20 


High Performance Antenna, F-Series Unpressurized — Radome Inc. 
Single polarized 


HP6F-21B 1.8 29.4 29.6 29.8 5.5 30 46 1.12 
HP8F-21A 2.4 31.9 32.1 32.3 41 30 53 1.12 
HP10F-21A 3.0 33.8 34.0 34.2 3.4 32 55 1.12 
HP12F-21A 3.7 35.4 35.6 35.8 2.9 32 56 1.12 
Standard Antenna, F-Series Unpressurized 

Single polarized 

P4F-21C 1.2 26.4 26.6 26.8 7.6 30 36 1.15 
P6F-21C 1.8 29.8 30.0 30.2 4.9 30 39 1.12 
P8F-21C 2.4 32.3 32.5 32.7 3.8 30 40 1.12 
P10F-21C 3.0 34.0 34.2 34.4 3.4 30 44 1.12 
Grid Antenna, F-Series Unpressurized 

Single polarized 

GP6F-21A 1.8 29.6 29.8 30.0 5.4 31 36 1.15 
GP8F-21A 2.4 32.0 32.2 32.4 4.0 35 39 1.15 
GP10F-21A 3.0 34.0 34.2 34.4 3.3 40 42 1.15 
GP12F-21 3.7 35.5 35.7 35.9 2.8 40 44 1.15 


With shrouded Yagis and some dishes low loss foam-filled cables 
are generally used up to about 2 GHz although special connectors may 
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Table 4.2 Wind survival and deflection characteristics 


Antenna types Survival ratings Max. deflection in 
Wind Radial 110km wind (degrees) 
velocity (km/h) ice (mm) 
P4F Series 
Without Radome 160 12 0.1 
With Radome 185 12 0.1 


Standard Antennas 
(except P4F Series) 


Without Radome 200 25 0.1 
With Standard Radome 200 25 0.1 
UHX, UMX, UGX 

Antennas 200 25 0.1 


be required. At higher frequencies, air-spaced or pressurized nitrogen- 
filled cables are frequently used with waveguides as an alternative. 


4.4.1 Omnidirectional normal mode helix 


The normal mode helix antenna shown in Figure 4.16 produces an 
omnidirectional pattern when the antenna is mounted vertically. The 
diameter (D) of the helical coil should be one-tenth wavelength (4/10), 
while the pitch (i.e. S, the distance between helix loops) is one- 
twentieth wavelength (A/20). An example of the normal mode helix 
is the ‘rubber ducky’ antenna used on VHF/UHF two-way radios and 
scanners. 


4.4.2 Axial mode helical antenna 


An axial mode helical antenna is shown in Figure 4.17. This antenna 
fires ‘off-the-end’ in the direction shown by the arrow. The helix is 
mounted in the centre of a ground plane that is at least 0.8A across. 
For some UHF frequencies some manufacturers have used aluminum 
pie pans for this purpose. The helix itself is made from either heavy 
copper wire (solid, not stranded) or copper or brass tubing. The copper 
tubing is a bit easier to work. The dimensions are: 


D® 2/3 
Sx 1/4 
Length © 1.442 
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Figure 4.16 Normal mode helix antenna 


A ‘rule of thumb’ for the circumference is that maximum gain is 
obtained when circumference C is: 


C = 1.066 + [(N — 5) x 0.003] 


4.4.3 Small loop antennas 


Small loop antennas are used mostly for receiving, although some 
designs are also used for transmitting. One application for the small 
loop antenna is radio direction finding (RDF). Another use is for 
providing a small footprint antenna for people who cannot erect a 
full sized receiving antenna. Perhaps the greatest use of the small 
loop antenna is for receiving stations on crowded radio bands. The 
small loop antenna has very deep nulls that make it easy to null out 
interfering co-channel and adjacent channel signals. 
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Figure 4.17 Axial mode helical antenna 
4.5 Loop antennas 
4.5.1 Small loop antennas defined 


Large loop antennas are those with overall wire lengths of 0.54 to more 
than 24. Small loop antennas, on the other hand, have an overall wire 
length that is much less than one wavelength (1A). According to a 
Second World War US Navy training manual such antennas are those 
with an overall length of <0.22). Jasik’s classic 1961 text on radio 
antennas uses the figure <0.17A, while John Kraus (1950) used the 
figure <0.104. An amateur radio source, The ARRL Antenna Book, 
recommends <0.085A for small loop antennas. For the purposes of 
our discussion we will use Kraus’s figure of <0.10A. 

A defining characteristic of small loops versus large loops is seen in 
the current distribution. In the small loop antenna the current flowing 
in the loop is uniform in all portions of the loop. In the large loop, 
however, the current varies along the length of the conductor, i.e. there 
are current nodes and antinodes. 

The small loop antenna also differs from the large loop in the man- 
ner of its response to the radio signal. A radio signal is a transverse 
electromagnetic (TEM) wave, in which magnetic and electrical fields 
alternate with each other along the direction of travel. The large loop, 
like most large wire antennas, respond primarily to the electrical field 
component of the TEM, while small loops respond mostly to the mag- 
netic field component. The importance of this fact is that it means the 
small loop antenna is less sensitive to local electromagnetic interfer- 
ence sources such as power lines and appliances. Local EMI consists 
largely of electrical fields, while radio signals have both magnetic and 
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electrical fields. With proper shielding, the electrical response can be 
reduced even further. 


4.5.2 Small loop geometry 


Small loop antennas can be built in any of several different shapes 
(Figure 4.18). Popular shapes include hexagonal (Figure 4.18A), 
octagonal (Figure 4.18B), triangular (Figure 4.18C), circular 
(Figure 4.18SD) and square (Figure 4.18E). 
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Figure 4.18 Small loop antennas: (A) hexagonal, (B) octagonal, (C) triangular, 
(D) circular and (E) square 











The far-field performance of small loop antennas is approximately 
equal provided that A? < 4/100, where A is the loop area and A is 
the wavelength of the desired frequency. 

The ‘standard’ loop used in this discussion is the square loop 
depicted in Figure 4.19. There are two forms of winding used: depth 
wound and spiral wound. The difference is that the depth wound 
has its turns in different parallel planes, while in the spiral wound 
version all of the turns are in the same plane. The spiral wound loop 
theoretically has a deeper null than depth wound, but in practical terms 
there is usually little difference. 

The length of each side of the loop is designated A, while the 
depth or width is designated B. These dimensions will be used in 
equations shortly. The constraint on the dimensions is that A should 
be <0.101/4 and B < A/S. 

The loop may be either tuned or untuned. The differences between 
tuned and untuned will be discussed shortly. 
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Figure 4.19 Square loop 
4.5.3 Small loop antenna patterns 


Small loop antennas have patterns opposite those of large loops. The 
minima, or ‘nulls’, are perpendicular to the plane of the loop, while 
the maxima are off the ends. Figure 4.20 shows the directions of 
maximum and minimum response. The loop antenna is viewed from 
above. The nulls are orthogonal to the loop axis, while the maxima 
are along the loop axis. 

The fact that the small loop pattern has nulls perpendicular to the 
loop axis, i.e. perpendicular to the plane of the loop, is counterintuitive 
to many people. The advancing radio wave produces alternating 
regions of high and low amplitude. A potential difference exists 
between any two points. When the loop is aligned such that its axis 
is parallel to the isopotential lines low signal levels are induced into 
the loop. If the turns of the loop cut several isopotential lines, a larger 
signal is induced from this direction. 


4.5.4 Signal voltage (V,) developed by the loop 


The actual signal voltage (V,) at the output of the terminals of an 
untuned loop is a function of the direction of arrival of the signal (q), 
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Figure 4.20 Small loop azimuth 


as well as the strength of the arriving signal and the design of the 
loop. The angle a is formed between the loop axis and the advancing 
isopotential lines of the radio signal. 

The output voltage of an untuned loop is: 


27ANE; cosa 
Y= — a 


While the output voltage of a tuned loop is: 


22 ANQE; cos a 
o> X 


where 

V, is the output voltage of an untuned loop in volts (V) 

A is the length of one side of the loop 

Nis the number of turns in the loop 

E, is the strength of the incoming signal in volts per metre (V/m) 

a is the angle between the advancing wavefront and the loop axis 

2 is the wavelength of the radio signal in metres (m), i.e. the 
reciprocal of the frequency (A = 1/F) 

Q is the loaded Q (figure of merit) of the tuned circuit formed by 
C1 and the loop inductance (typically 10 to 100) 
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4.5.5 Effective height 


Loop antennas are sometimes described in terms of the effective height 
(He) of the antenna. This number is a theoretical construct that com- 
pares the output voltage of a small loop with a vertical piece of the 
same kind of wire that has a height of: 


2mNA 
Xr 





Alerg = 


where Hg is the effective height in metres, and all other terms are as 
defined above. 


Loop inductance 


A loop antenna essentially forms a coil of wire (or other conductor), 
so will have inductance. There are several methods for calculating 
loop inductance, but the most common are the Grover equation and 
the Patterson equation. 


Grover equation: 


Ly =| KiN?ALn| melee l| K; a] 


(N+1)B AN 


where all terms are as previously defined, except K,;—K4, which are 
defined in Table 4.3. 


Table 4.3 K factors for calculating loop inductance 


Shape ky Kp K3 K4 


Triangle 0.006 1.1547 0.65533 0.1348 
Square 0.008 1.4142 0.37942 0.3333 
Hexagon 0.012 2.00 0.65533 0.1348 


Octagon 0.016 2.613 0.75143 0.07153 


Patterson equation: 


4A 
LH = (0.005084) x [2.303 log (=) = 6| 


where 
d_ is the conductor diameter 
@ is a factor found in Table 4.4 
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Table 4.4 @¢ Factor for calculating 
loop inductance 


Shape Factor () 
Circle 2.451 
Octagon 2.561 
Hexagon 2.66 
Pentagon 2.712 
Square 2.853 


Triangle 3.197 


Of these equations, most people will find that the Grover equation 
most accurately calculates the actual inductance realized when a prac- 
tical loop is built. 
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5 Resonant circuits 


5.1 Series and parallel tuned circuits 


Tuned resonant circuits composed of inductance and capacitance are 
used to generate alternating voltages of a specific frequency and to 
select a wanted frequency or band of frequencies from the spectrum. 
Figure 5.1 contains the diagrams of series and parallel resonant cir- 
cuits including the resistances which account for the losses present 
in all circuits. In practice the greatest loss is in the resistance of the 
inductor, R,, with a smaller loss, r,, occurring in the dielectric of the 
capacitor. 


Series Parallel 


Line current and 


| Line current 
oscillatory current 






R, (losses) 






Oscillatory 
current 





Figure 5.1 Series and parallel resonant circuits 


5.1.1 Series resonance 


Off resonance, the series circuit exhibits a high impedance to a voltage 
applied across A and B. This impedance is formed by the vectorial 
addition of the reactances of the inductance and capacitance at the 
applied frequency plus the resistances. Ignoring the dielectric losses 
and the very small stray shunt capacitance C,, the resonant impedance 


is given by: 
Z=,/R?+ (o@L— a 
7 aC 
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where 

R = resistance of components in ohms 
@ = 27 x frequency in hertz 

L = inductance in henries 

C = capacitance in farads 


At resonance the reactances cancel out and the impedance falls to 
approximately the value of the resistance, R, and a maximum line 
current will flow. Figure 5.2 shows the response curves of series and 
parallel circuits near resonance. The resonant frequency is given by: 


where 

f = resonant frequency in hertz 
L = inductance in henries 

C = capacitance in farads 





Impedance————+ 


Parallel circuit 


f,= resonant frequency 


Figure 5.2 Variation of impedance around resonance with series and parallel 
tuned circuits 


5.1.2 Parallel resonance 


At resonance, calculated by using the same formula as for a series 
circuit, the impedance of a parallel tuned circuit is also resistive, and 
the circulatory current in the circuit is high producing the maximum 
voltage across the inductance and capacitance. Consequently, at res- 
onance the minimum line current flows. The impedance at resonance 
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or dynamic resistance of a parallel tuned circuit of moderate to high 
Q is given by: 
L 


Rie 
aan at 


where 

Rqa = dynamic resistance of circuit 

R = resistance of components in ohms 
L = inductance in henries 

C = capacitance in farads 


5.2 Q factor 


The voltages across the inductor and capacitor in a circuit at resonance 
are substantially opposite in phase (the loss resistances affect the phas- 
ing slightly) and cancel each other. The voltage developed across the 
inductor, usually the lossiest component, compared with the voltage 
applied in series to the circuit, is a measure of the ‘goodness’ of the 
circuit. This ratio is often referred to as the magnification factor, Q, 
of the circuit. The QO factor is calculated from: 





where L and C are in henries and farads respectively. 


5.3 Coupled (band-pass) resonant circuits 
5.3.1 Methods of coupling 


Radio signals carrying intelligence occupy a band of frequencies and 
circuits must be able to accept the whole of that band whilst rejecting 
all others. When tuned circuits are coupled together in the correct 
manner they form such a band-pass circuit. The coupling may be either 
by mutual inductance between the two inductances of the circuits as in 
Figure 5.3 or through discrete electrical components as in Figure 5.4. 

Mutual inductance can be defined in terms of the number of flux 
linkages in the second coil produced by unit current in the first coil. 
The relationship is: 


flux linkages in 2nd coil 
__ produced by current in Ist coil 


- - x 1078 
current in Ist coil 


M 
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Figure 5.3 Mutual inductance (low impedance) coupling 





(a) Capacitive (b) Inductive 
High impedance, ‘top’ coupling 





(c) Capacitive (d) Inductive 


Low impedance, ‘bottom’ coupling 


Figure 5.4 Electrical coupling 


where M = mutual inductance in henries. The e.m.f. induced in the 
secondary is e7 = —jwMI, where J; is the primary current. 

The maximum value of mutual inductance that can exist is 2, L 
and the ratio of the actual mutual inductance to the maximum is the 
coefficient of coupling, k: 


M 


== 


VL,L2 


The maximum value of k is 1 and circuits with a k of 0.5 or greater are 
said to be close coupled. Loose coupling refers to a k of less than 0.5. 

An advantage of coupling using discrete components is that the 
coupling coefficient is more easily determined. Approximations for k 
for the coupling methods shown in Figure 5.4 are: 
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Cn 


VC Cz 
LL. 
Lm 


VCC 


(c) k= ae where C,, is much larger than (C)C2) 
L 


(a) k= 





where Cy, is much smaller than (C,C2) 


(b) k = 





where L,, is much larger than (L;L2) 


(d) k = — where Ly, is much smaller than (L)L>) 


VILL 
5.3.2 Response of coupled circuits 
When two circuits tuned to the same frequency are coupled their 
mutual response curve takes the forms shown in Figure 5.5, the actual 


shape depending on the degree of coupling. 


Secondary current 










k> critical 
k=critical 


k < critical 


Figure 5.5 Effect of degree of coupling 


When coupling is very loose the frequency response and the cur- 
rent in the primary circuit are very similar to that of the primary 
circuit alone. Under these conditions the secondary current is small 
and the secondary response curve approximates to the product of the 
responses of both circuits considered separately. 

As coupling is increased the frequency response curves for both 
circuits widen and the secondary current increases. The degree of 
coupling where the secondary current attains its maximum possible 
value is called the critical coupling. At this point the curve of the 
primary circuit shows two peaks, and at higher coupling factors the 
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secondary response also shows two peaks. The peaks become more 
prominent and further apart as coupling is increased, and the current 
at the centre frequency decreases. 
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6 Oscillators 


6.1 Oscillator requirements 


Oscillators generate the frequencies used in radio and electronic 
equipment. The performance of those which determine the operating 
frequencies of radio systems is tremendously important. Most 
oscillators must: 


e Generate a precise frequency of high purity. 

e Be highly stable, i.e. produce an output constant in frequency and 
level despite changes in temperature, supply voltage and load. 

e Be tunable in frequency. 

e Produce minimum noise and microphony (fluctuations in frequency 
with vibration). 


These requirements conflict. A readily tunable oscillator cannot be 
precise and highly stable, and compromises must be made; either a 
less stringent specification must be accepted where permissible or the 
facility for tuning restricted. 

Not all oscillators need to produce a pure output, devoid of spuri- 
ous frequencies. The clock generators in digital circuitry, for instance, 
produce square waves, but a radio transmitter carrier generator and 
receiver local oscillator must produce a pure sine wave output if spu- 
rious radiations and receiver responses are to be avoided. 


6.2 Tunable oscillators 


An oscillator is an amplifier with a portion of the output fed back to 
the input. The feedback must be positive, i.e. in phase with the input, 
and the loop gain, input back to input via the feedback loop, must be 
sufficient to overcome the losses in the circuit. 

Most radio frequency oscillators — and some audio ones — use 
inductance and capacitance (LC) tuned circuits as the frequency deter- 
mining elements. Figure 6.1 shows two commonly used basic circuits, 
the Hartley and the Colpitts. 

The frequency is determined by the values of L and C, (the com- 
bined values of C, in the Colpitts circuit) and the amount of feedback 
by the collector choke and C2. Such circuits produce a very pure out- 
put but, principally because the physical dimensions of the frequency 
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C, (feedback) 


(a) Hartley circuit 


+E 


cc 
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Cz (feedback) 





(b) Colpitts circuit 
Figure 6.1 Hartley and Colpitts oscillators 


determining components change with temperature, the accuracy of 
the set frequency is doubtful and is not very stable. Temperature 
compensation can be applied by selecting a capacitor for Cy with 
the correct negative temperature coefficient (assuming that the induc- 
tance increases with temperature), inserting temperature compensation 
for the rise in collector current with temperature and stabilizing the 
supply voltage. In the design of equipment an oscillator should be 
built into an area of low temperature change. 
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6.3 Quartz crystal oscillators 


The problems of frequency accuracy and stability are largely overcome 
by using a quartz crystal as the frequency determining element (see 
Chapter 7). 

Figure 6.2(a) shows a circuit for an oscillator using the crystal’s 
parallel resonant mode. In this circuit, the rising voltage developed 
across R, on switch-on is applied via C; to the base accelerating the 
rise of current through the transistor. When saturation is reached the 
voltage across R, becomes static and the voltage on the base falls, 
reducing the transistor current. The oscillations are only sustained 





(a) Parallel resonant 





(b) Series resonant 


Figure 6.2 Quartz crystal oscillators 
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at the parallel resonant frequency of the crystal where it presents a 
high impedance between base and collector. C, enables the parallel 
resonance of the crystal to be adjusted to a precise frequency. 

Figure 6.2(b) shows a series resonant crystal oscillator and here L; 
is the tuning inductor of a Colpitts oscillator. The loop gain is adjusted 
so that the circuit will oscillate only at the series resonant frequency of 
the crystal where it presents a very low resistance. At other frequencies 
the crystal presents an increasing impedance in series with L;, shunted 
by R which can be of a low value. When first setting the oscillator, 
L, is adjusted, with the crystal short-circuited, for oscillation at a 
frequency close to that desired. The short-circuit is then removed and 
L, used as a fine trimmer. 

The same circuit will operate at the parallel resonant frequency of 
the crystal by making C, equal to the crystal load capacitance. 

The maximum frequency error permitted by the British 
Radiocommunications Agency specification MPT 1326 for mobile 
radio equipment designed for 12.5 kHz channel separation in the band 
100-300 MHz is plus or minus 1.5 MHz. This is an overall accuracy of 
0.0005% over the temperature range —10°C to +55 °C. Well-designed 
standard crystal oscillators meet this specification, but higher stability 
can be obtained by operating the crystal in an oven at a constant higher 
temperature. 

Until recently equipment which was required to change operating 
frequency quickly was fitted with several crystals, one for each oper- 
ating frequency, and a change of frequency was made by selecting the 
appropriate crystal. Frequency synthesizer circuits are now normally 
used for such applications. 


6.3.1 Overtone oscillators 


Piezoelectric crystals can oscillate at more than one frequency. 
The oscillations of a crystal slab are in the form of bulk acoustic 
waves (BAWs), and can occur at any frequency that produces 
an odd half-wavelength of the crystal’s physical dimensions (e.g. 
10/2, 32/2, 5/2, 72/2, 92/2, where the fundamental mode is 1A/2). 
Note that these frequencies are not exact harmonics of the fundamental 
mode, but are actually valid oscillation modes for the crystal slab. The 
frequencies fall close to, but not directly on, some of the harmonics 
of the fundamental (which probably accounts for the confusion). 
The overtone frequency will be marked on the crystal, rather than 
the fundamental (it is rare to find fundamental mode crystals above 
20 MHz or so, because their thinness makes them more likely to 
fracture at low values of power dissipation). 
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The problem to solve in an overtone oscillator is encouraging oscil- 
lation on the correct overtone, while squelching oscillations at the 
fundamental and undesired overtones. Crystal manufacturers can help 
with correct methods, but there is still a responsibility on the part of 
the oscillator designer. It is generally the case that overtone oscillators 
will contain at least one L—C tuned circuit in the crystal network to 
force oscillations at the right frequency. 


6.4 Frequency synthesizers 


Frequency synthesizers offer the stability of a quartz crystal oscilla- 
tor combined with the facility to change operating frequency rapidly. 
They are essential for equipment operating on trunked or cellular net- 
works where the frequency of the mobiles is changed very rapidly on 
instructions from the network. 


6.4.1 Voltage controlled oscillators 


The advent of the variable capacitance diode (varicap), where the 
capacitance across the diode varies according to the applied DC volt- 
age, made the frequency synthesizer a practicality. 

When a varicap diode replaces the tuning capacitor in an oscillator 
the circuit becomes a DC-voltage-controlled oscillator (VCO). The 
two varicaps in Figure 6.3 are used to minimize harmonic production 
and to obtain a greater capacitance change per volt. 





Figure 6.3 Voltage variable capacitance diode 


The VCO is the circuit that directly generates the output frequency 
of a frequency synthesizer but, by itself, inherits the problem of fre- 
quency stability. To overcome this, the frequency and phase of the 
VCO are compared with those of a crystal-controlled high stability 
oscillator. Any frequency or phase difference between the two oscil- 
lators creates a DC voltage of the correct sense to change the frequency 
of the VCO to agree with that of the crystal oscillator. 
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While the stability of the crystal oscillator is transferred to the syn- 
thesizer output, additional noise is produced close to the operational 
frequency and the elimination of microphony requires careful physical 
design. 


6.4.2 Phase-locked loops 


Figure 6.4(a) and (b) are diagrams of a simple phase-locked loop 
(PLL). The outputs of both the crystal oscillator and the voltage- 
controlled oscillator are fed to the phase comparator which produces 
pulses whenever there is a frequency or phase difference between the 
two inputs. The pulses will be either positive or negative depending 
on the sense of the difference, and their width is dependent upon the 
magnitude of the differences. The pulses are then fed to a low pass 
loop filter which smooths them. If the time constant of the filter is 
sufficiently long it will completely remove the pulses and produce a 
DC output proportionate to the input pulse width which is applied to 
the VCO in the right sense to correct the frequency error. To enable 
the pulses to swing the VCO frequency in either direction, a small 
bias voltage of about 4 volts is applied to the varicap. 

Identical frequencies have been selected for both oscillators in 
Figure 6.4 but in practice this is seldom the case. More frequently, the 
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Figure 6.4 Simple phase-locked loop 
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VCO runs at a higher frequency than the crystal oscillator and a divider 
is used to equate the frequencies applied to the phase comparator 
(Figure 6.5). Changing the division ratio provides a convenient means 
of tuning the oscillator. 


100 MHz 
O/P 










$3100 kHz| Comp 





Figure 6.5 Frequency variable phase-locked loop 


While the division ratio is 1000, the VCO will run at 100 MHz 
but if the division ratio is changed to 999 the comparator will produce 
pulses which, when converted to a DC voltage by the loop filter, will 
change the frequency of the VCO to 99.9 MHz, and the loop will lock 
at this new frequency. 

The design of the loop filter is critical. Too long a time constant 
lengthens the settling time when changing frequency, yet if it is too 
short any deliberate frequency modulation will be removed. In prac- 
tice, a relatively long time constant is chosen which is shortened by a 
‘speed up’ circuit introduced whenever a channel change is called for. 

The above values would enable a radio operating on a system 
with a channel separation of 100kHz to change channel, but mobile 
radio channel separations are 25 kHz, 12.5kHz or even 6.25 kHz at 
frequencies from 50 MHz to at least 900 MHz. To change channel at 
these frequencies a synthesizer must use a high division ratio. With 
a reference frequency applied to the comparator of 6.25kHz and an 
operating frequency of, say, 450 MHz, the frequency select divider 
must have a ratio of 72000, and be programmable in steps of 1 with 
a minimum operating speed of at least 900 MHz. A problem is then 
that the technology capable of meeting these requirements, emitter 
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coupled logic (ECL), is power hungry, and the preferred LSI low 
power technology, CMOS, has a maximum operating speed of about 
30MHz. A simple ECL pre-scaler to bring the VCO frequency to 
about 30 MHz needs a ratio of 20 (500 MHz to 25 MHz). However, 
every change of | in the CMOS divider ratio then changes the total 
division ratio by 20. The solution is to use a dual modulus pre-scaler. 


6.4.3 Dual modulus pre-scaler 


The division ratio of the dual modulus pre-scaler (Figure 6.6) is pro- 
grammable between two consecutive numbers, e.g. 50 and 51 (P and 
P +1) and, in conjunction with two CMOS dividers, +A and +N, 
provides a fully programmable divider. 


Ref. 
divider 





Figure 6.6 Programmable frequency synthesizer 


The A and N dividers are pre-loaded counters. These count down 
and when the count value reaches zero they produce an output which 
changes the division ratio of the pre-scaler. The total division ratio, 
N,, is decided by the initial programmed contents of the A and N 
counters and the setting of the pre-scaler. The initial content of the A 
counter must be less than that of the N counter. 

Consider the pre-scaler set to divide by P + 1. For every count of 
P +1, the contents of the A and N counters are reduced by | until 
the contents of the A counter are zero. The difference between the 
original contents of the A and N counters, N — A, remains in the N 
counter, and the total count, N;, up to now, is A(P + 1). At this point 
the division ratio of the pre-scaler is changed to P. Now, for every 
P count, the contents of the N counter are reduced by | until zero is 
reached. Under these conditions the total division ratio is given by: 


N= A(P+1)+(N-A)P 
=AP+A+NP—AP 
=NP+A 
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For example, let P = 50 so P + 1 = 51, let N = 10 and A = 7. Then: 


N, = 10 x 50+7 = 507 
Now, change A to 6: 

N, = 10 x 50+ 6 = 506 
a change of \; by 1. 
Programming a divider 
Example: 


VCO frequency = 455.6 MHz 
Reference frequency = 12.5 kHz 


Calculate N;, and the numbers which must be programmed into the A 
and N counters, assuming P = 50: 


Calculate N, = 455.6 MHz/12.5 kHz = 36 448. 

Divide N; by P:36488/50 = 728.96. Make N = 728. 

For A, multiply fraction by P:0.96 x 50 = 48. 

Check NV, = NP + A = 728 x 50+ 48 = 36448. 

Change A to 47: NP + A = 728 x 504+. 47 = 36447. 

36447 x 12.5 kHz = 455.5875 MHz, the adjacent 12.5 kHz channel. 
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6.4.4 Direct digital synthesis 


A method of direct digital frequency synthesis replaces the voltage- 
controlled oscillator by a numerically controlled oscillator (NCO) 
where the function of the VCO is digitally synthesized. 

The direct digital synthesizer generates an analogue sine wave 
from digital sine wave samples applied to a digital to analogue (D/A) 
converter. There are limitations to the method in terms of bandwidth 
and spectral purity. 


6.5 Caesium and rubidium frequency standards 


Where extra high stability is required for, say, laboratory standards or 
in quasi-synchronous wide area coverage systems, oscillators utiliz- 
ing the atomic resonances of substances like caesium and rubidium, 
although expensive, may be employed. 
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Caesium oscillators are used to provide standard frequencies such 
as 1, 5 and 10 MHz with accuracies of +7 x 107!” over a temperature 
range of 0 to 50°C with a long-term stability of 2 x 107!°. 

Rubidium oscillators are used to provide secondary standards and 
in some quasi-synchronous radio systems. Their accuracy is less than 
that of caesium, the long-term drift being of the order of 1 x 107!! 
per month. 
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7 Piezo-electric devices 


7.1 Piezo-electric effect 


When electrical stress is applied to one axis of a quartz crystal it 
exhibits the piezo-electric effect: a mechanical deflection occurs per- 
pendicular to the electric field. Equally, a crystal will produce an e.m.f. 
across the electrical axis if mechanical stress is applied to the mechan- 
ical axis. If the stress is alternating — the movement of the diaphragm 
of a crystal microphone is an example — the e.m.f. produced will be 
alternating at the frequency of the movement. If the stress alternates 
at a frequency close to the mechanical resonance of the crystal as 
determined by its dimensions, then large amplitude vibrations result. 
Polycrystalline ceramics possess similar qualities. 

Quartz crystals used for radio applications are slices cut from a 
large, artificially grown crystal. The slices are then ground to the 
appropriate size to vibrate at a desired frequency. The performance of 
an individual slice — the crystal as the end user knows it — depends 
upon the angle at which it was cut from the parent crystal. 

Each crystal slice will resonate at several frequencies and if the 
frequency of the stimulus coincides with one of them the output, 
electrical or mechanical, will be very large. 

The vibrations occur in both the longitudinal and shear modes, and 
at fundamental and harmonic frequencies determined by the crystal 
dimensions. 

Figure 7.1A shows a typical natural quartz crystal. Actual crystals 
rarely have all of the planes and facets shown. There are three optical 
axes (X, Y and Z) in the crystal used to establish the geometry and 
locations of various cuts. The actual crystal segments used in RF 
circuits are sliced out of the main crystal. Some slices are taken along 
the optical axes, so are called Y-cut, X-cut and Z-cut slabs. Others are 
taken from various sections, and are given letter designations such as 
BT, BC, FT, AT and so forth. 


7.1.1 Equivalent circuit of a quartz crystal 


A quartz crystal behaves similarly to a very high Q tuned circuit and 
the equivalent circuit of a crystal is shown in Figure 7.1B. 

C, and L, are equivalent to the inductance and capacitance of a 
conventional tuned circuit and R, represents the losses in the quartz 
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Figure 7.1B Equivalent circuit of a crystal 
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and the mounting arrangements. Co, typically 3-15 pfd, represents 
the shunt capacitance of the electrodes in parallel with the can capac- 
itance. If the oscillatory current is considered, the resonant frequency 
is decided by the values of Cp in series with C;, L; and Rj, and 
all crystals basically resonate in a series mode. Figure 7.2 illustrates 
the changes in impedance close to resonance. However when a high 
impedance, low capacitance, load is connected across the crystal ter- 
minals it behaves as a parallel tuned circuit exhibiting a high resistance 
at the resonant frequency. A crystal operating in the parallel mode 
oscillates at a higher frequency than that of series resonance. 


+ jx 


Frequency 


— jx 
J f 


Figure 7.2 Crystal reactance close to resonance 


A crystal will resonate at its fundamental frequency or at one 
or more of its harmonics. As the desired resonant frequency is 
increased, a crystal slice operating at its fundamental frequency 
becomes extremely thin and fragile. Consequently, overtone crystals 
are composed of larger slices of quartz operating close to, but not 
necessarily at, an exact harmonic of the fundamental frequency. 
Crystals operating at the 3rd, 5th and 7th harmonics are often 
employed at frequencies above approximately 25 MHz. 


7.2 Quartz crystal characteristics 


7.2.1 Resonant frequency 


The resonant frequency is determined by the mass of the finished 
crystal which can be adjusted by grinding and the deposition of gold or 
other metal onto the crystal faces during manufacture. The adjustment 
is made to suit the intended method of operation, series or parallel, 
and at a specific temperature, usually 25°C. When parallel mode is 
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specified, allowance is made for the load or circuit capacitance, usually 
20-30 pfd, in parallel with Co. 


7.2.2 Frequency stability 
Temperature coefficient 


A crystal’s resonant frequency varies with temperature and this tem- 
perature coefficient is determined by the angle at which the slice was 
cut from the parent crystal. Commonly used cuts are AT and BT. 
Because of its better performance AT is the most common. 

Typical examples of the temperature coefficients for these are 
shown in Figure 7.3. 

The temperature coefficient is specified, usually in parts per million 
(ppm) per degree C, or as a percentage, over a defined temperature 
range. The standard European temperature range is — 10°C to +60°C. 
A crystal designed for a restricted temperature range has a better 
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Figure 7.3 Frequency vs. temperature curves AT and BT cut crystals 
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stability over that range than one designed for operation over a wide 
temperature range will have when used over a restricted range. 

For higher frequency stability crystals may be operated in 
a temperature-controlled oven operating at a more constant high 
temperature. 

Common frequency tolerance specifications are +0.005% or 
0.0025% from —55°C to +105°C. These include the frequency 
errors from all sources, including the calibration tolerance; thus, the 
temperature coefficient is slightly better than these figures. 


Ageing 


The resonant frequency shifts with age from that set at production, 
following a curve similar to that in Figure 7.4. Initially the frequency 
shift for a given period of time is rapid but slows with age. The 
frequency may shift in either direction, and although it is possible to 
specify crystals ageing in one direction — high stability oscillators for 
quasi-synchronous transmission systems is an application — they are 
selected from a batch, not specifically manufactured. Once a crystal 
has been operated, a subsequent long period of inactivity can produce 
a glitch in the ageing curve followed by a higher rate of change for a 
short time. 
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Figure 7.4 Effect of ageing 


7.2.3 Load capacitance and pullability 


When a crystal is operated in the parallel mode across a low capaci- 
tance load the results are a higher frequency and larger output voltage 
to the load. Increasing the load capacitance causes a reduction in 
frequency approaching that of series resonance. 

The change in frequency that can be achieved by varying the load 
capacitance — a small trimmer capacitor is often connected across 
the crystal for this purpose — is the crystal’s pullability. A typical 
pullability is from —1 ppm/pfd to —20 ppm/pfd for a total shunt capac- 
itance of 40 pfd (Co + Cioaa)- 
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7.2.4 Activity, effective series resistance (ESR) and Q 


All these characteristics are interrelated. A crystal’s activity, its vibra- 
tional response, can be quoted in terms of the effective series resis- 
tance. A higher effective series resistance implies lower activity, lower 
output and lower Q. The usual range of ESRs is from 20 Q to 100 Q 
although higher values occur in some low frequency crystals. Some 
manufacturers may quote activity levels for crystals for use in a paral- 
lel mode as effective parallel resistance (EPR). The EPR is the value 
of the resistor which, if connected in lieu of the crystal in an oscillator, 
would give the same output level as the crystal. The higher the EPR, 
the greater the crystal activity and Q. 


7.2.5 Spurious responses 


Crystals will resonate at frequencies other than those of the funda- 
mental and harmonic modes for which they were designed; Figure 7.5 
shows the overtone (harmonic) and some typical spurious responses. 
The spurious responses of overtone crystals can occur with very little 
separation from the desired overtone frequency requiring very careful 
oscillator design if they are to be avoided. 
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Figure 7.5 Overtone response of a quartz crystal 


7.2.6 Case styles 


A wide range of mounting styles is available. The American military 
nomenclature is widely used to describe them and Figure 7.6 shows 
the outlines of some of the more popular styles. 
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Figure 7.6 Crystal case styles 


7.3 Specifying quartz crystals 


The details which must be specified when ordering crystals are: 


1. 
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Frequency. Normally specified in kHz up to 9999.999 kHz and in 


MHz from 10.0 MHz upwards except for integer values which are 
all specified in MHz. The frequency must be described to seven 
significant figures, otherwise any figure that might follow those 
given will be taken as zero. 


. Mounting or holder style. 


. Frequency tolerance. This is the cutting or calibration tolerance 


acceptable at 25°C. It should be borne in mind that cost rises 
with increased manufacturing accuracy and a slight adjustment 


(pullability) is possible in the circuit. 
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4. 


6. 


7: 


Frequency stability. Normally specified as a plus or minus value 
measured over a defined temperature range. A crystal designed for 
a restricted range has a better performance over that range than one 
designed for a wider range so it is important not to overspecify. 


. Temperature range. The range over which the crystal is required 


to operate and meet the performance specified in 4. Standard tem- 
perature ranges are: 


0 to S°C 
—10 to 60°C 
—20 to 70°C 
—30 to 80°C 
—40 to 90°C 
—55 to 105°C 
—55 to 125°C 


It is sufficient when ordering from some manufacturers to quote 
only the lower temperature limit. 

For ovened operation the quoted figure, say 80°C, would denote 
the oven temperature. 
Circuit condition. This specifies the shunt capacitance that the cir- 
cuit will place across the crystal in parallel mode operation. 
Drive level. The maximum power that the crystal can safely dissi- 
pate. 1 mW is a typical value for crystals used in radio transmitters 
and receivers. 


A typical specification therefore reads: 


16.66667 MHz HC49 20 30 10 30 
1 2 3 4 > 6 


referring to the items listed above 


When the crystal is for operation in series mode, it is usually 


sufficient to replace the last figure with ‘S’. The drive level is not 
normally specified in the ordering details. 


7.4 Filters 


Both quartz and ceramic materials are used in the production of radio 
frequency filters. Ceramic filters do not have the same performance 
as quartz but have the advantages of a lower cost. They are used at 
lower frequencies and where the higher stability and lower spurious 
responses of quartz are not essential. 
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Crystal filters are obtainable at frequencies up to about 45 MHz. 
Most of these use either a number of discrete crystals arranged in the 
form of a lattice or a monolithic structure. A single crystal will behave 
as an extremely narrow band filter and it is possible to use a crystal 
bar in this way down to a very few kilohertz. 

The characteristics of filters can be divided into groups affecting 
the performance (Figure 7.7). 
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Figure 7.7 Filter characteristics 


7.4.1 


Passband performance 


Insertion loss. The loss at centre frequency, in dB, resulting 
from the insertion of the filter in a transmission system. 

Flat loss. The insertion loss at the frequency of minimum loss 
within the passband. 

Attenuation. The loss of a filter at a given frequency measured 
in dB. 

Passband (bandwidth, BW,). The range of frequencies attenu- 
ated less than a specified value, typically 3 or 6 dB. 

Centre frequency (fo). The arithmetic mean of the passband 
limits. 

Fractional bandwidth. A specified frequency, typically the min- 
imum loss point or Fo, from which all attenuation measure- 
ments are made. 

Ripple. The amplitude difference, in dB, between the maximum 
peak and minimum passband valley. Both the peak and the 
valley are defined by a surrounding change in slope, i.e. sign 
of the amplitude response. This is very important as a high 
ripple, particularly between a peak and the adjacent trough, 
produces rapid phase changes as the signal moves across the 
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7.4.3 


7.4.4 


passband resulting in audio distortion and corruption in digital 
signals. 


Stopband performance 


Attenuation. The output of a filter at a given frequency relative 
to the defined insertion loss reference. 

Stopband. The range of frequencies attenuated by a greater 
amount than some specified minimum level of attenuation. 
Transition band (bandwidth, BW). The range of frequencies 
differently attenuated between the passband and stopband limits. 
Shape factor. The ratio of the bandwidth at some point within 
the transition region, typically 60 dB, to the specified passband 
bandwidth. It is given by: 





BW. 
Shape factor 2 
BW, 


Spurious attenuation. The specified minimum level of attenu- 
ation received by all non-harmonic related resonances of each 
crystal resonator within the filter network. 


Time domain performance 


Insertion phase. The phase shift at the output load (measured 
at the reference frequency) resulting from the insertion of the 
filter. 

Differential phase. The measurement of phase at a given fre- 
quency relative to the phase at the reference frequency. 

Phase linearity. The phase error in degrees between the phase 
points and a straight line drawn through the phase points. 
Group delay. The time by which a signal will be delayed before 
it appears at the filter output, ie. the derivative of phase with 
respect to frequency. 

Differential delay. The measurement of delay at a given fre- 
quency relative to the reference frequency. 


Source and load impedance 


Source impedance. The impedance of the circuit driving the 
filter, measured at the reference frequency. 

Load impedance. The impedance of the circuit terminating the 
filter at its output, measured at the reference frequency. 


7.4.5 
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Non-linear effects 


Maximum input level. The driving point power, voltage or cur- 
rent level above which intolerable signal distortion or damage 
to the device will result. 

Drive level stability. The ability of the filter to return within a 
specified tolerance of its original insertion loss, at a specified 
drive level, after experiencing changing environmental and/or 
drive level conditions. 

Drive level linearity. The maximum permissible variation in 
insertion loss, per dB change in drive level, measured over a 
specific dynamic range. 

Inband intermodulation distortion. The attenuation, in dB, of 
third and higher order signal products, inband, relative to the 
power level of two signals placed within the passband. 
Out-of-band intermodulation distortion. The attenuation, in dB, 
of third and higher order signal products, inband, relative to the 
power level of two signals placed in the stopband, or one signal 
in the transition region and the other in the stopband. 


A manufacturer’s specifications for two stock 10.7 MHz filters are 
given in Table 7.1. 


Table 7.1 Manufacturers’ specifications for two stock 10.7 MHz filters 


Centre Passband Attenuation Ripple Ins. Term. 
freq. width bandwidth (max) loss impedance 

(plus/minus) (max) QS/pfd 
10.7MHz = 3.75 kHz 8.75kHz(45dB) 2.0dB 3.0dB_ 1.5k/1 

(6 dB) 

12.5 kHz (60 dB) 

10.7MHz = 7.5kHz 15.0kHz(60dB) 2.0dB 4.0dB-— 3k/1 

(6 dB) 


20.0 kHz (80 dB) 


7.5 SAW filters and resonators 


The piezo-electric effect that some ceramic materials such as lithium 
niobate exhibit enables useful applications, such as pressure sensors 
and audible alarms. When piezo-electric material has an electric 
field applied across it, usually through metal electrodes, the material 
changes shape. This often takes the form of local material expansion 
or contraction (depending on the polarity of the applied voltage). In 
the case of the audible alarm, the material expansion and contraction 


106 


modulates the air pressure to give an audible tone if the electric field 
is alternating at audio frequencies. 

One form of the piezo-electric effect is the SAW (surface-acoustic- 
wave) phenomenon, in which signals travel due to an acoustic wave in 
the ceramic material. To see this effect the piezo-electric material has 
one side bonded to a metal plate. The upper surface has metal elec- 
trodes applied to it, to provide an electric energizing force. The surface 
wave is created when a material is forced to expand (by the piezo- 
electric effect) beneath the metal electrodes. Physical bonds between 
molecules then force adjacent material to expand and this expansion 
propagates through the material. 

The piezo-electric effect is bi-directional, so that if the mater- 
ial between electrodes changes shape, an electric field is generated 
between the electrodes. This is the effect seen when a piezo-electric 
gas lighter is used: a sudden force across a piezo-electric element 
generates high voltages that force a spark to be produced. In the SAW 
device, the acoustic wave travels along the material and deforms the 
piezo-electric material between a second set of electrodes, which are 
located at the other end of the piezo-electric material. A voltage is then 
formed between these electrodes. By having two sets of electrodes, 
known as transducers, at opposite ends of a piece of piezo-electric 
material, a signal can be transmitted through the material by applying 
a voltage at one end and detecting it at the other. 

The range of frequencies that propagate through the piezo-electric 
material can be controlled by suitable transmit and receive trans- 
ducer spacing. The propagation frequencies can be further controlled 
by applying additional metallized areas (described later) between the 
transmit and receive transducers. Thus SAW devices could be used to 
make compact and low-cost filters. 

SAW resonators use piezo-electric material that is free to vibrate 
in one direction. The speed of wave propagation and the dimensions 
of the material are such that the wave reflects back and forth, resonat- 
ing at a certain frequency. This can replace quartz crystals in many 
oscillator circuits, where the frequency accuracy is not critical. 


7.5.1 Fundamentals of SAW transversal filters 


In its simplest form, a transversal SAW filter consists of two trans- 
ducers with inter-digital arrays of thin metal electrodes deposited 
on a piezoelectric substrate, such as quartz or lithium niobate (see 
Figure 7.8). The electrodes that comprise these arrays are arranged 
to have alternate polarities, so that an RF signal voltage of the proper 
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Acoustic absorber 
Figure 7.8 Simple transversal SAW filter configuration 


frequency applied across them causes the surface of the crystal to 
alternately expand and contract along its length. This generates the 
Rayleigh wave, or surface wave, as it is more commonly called. 

These inter-digital electrodes are generally spaced at half or quar- 
ter wavelength of the operating centre frequency. Since the surface 
wave or acoustic velocity is 10° slower than the speed of light, an 
acoustic wavelength is much smaller than its free space electromag- 
netic counterpart. For example, a CW signal at 1000 MHz with a 
free space wavelength of 300 mm would have a corresponding acous- 
tic wavelength of about 3j:m. This wavelength compressing effect 
results in the SAW filter’s unique ability to provide considerable signal 
processing or delay in a very small volume. 

The wavelength compressing effect of the piezo-electric material 
has the effect of producing physical limitations at very high and low 
frequencies. At very high frequencies the electrodes become too nar- 
row to fabricate with standard photo-lithographic techniques. At low 
frequencies the devices become impracticably large. Consequently, 
SAW devices are most typically used over the frequency range 10 MHz 
to about 3 GHz. 

The basic SAW transducer is a bi-directional radiator. That is, half 
of the power (or —3dB) is directed towards the output transducer 
while the other half is radiated towards the end of the crystal and is 
lost. By reciprocity, only half of the intercepted acoustic energy at 
the output is reconverted to electrical energy; hence, the inherent 6 dB 
loss associated with this structure (refer to Figure 7.8). Numerous 
second-order effects, such as coupling efficiency, resistive losses, and 
impedance mismatch, raise the insertion loss of practical filters to 
about 15 to 30dB. 
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A new low-loss structure is the single-phase unidirectional 
transducer (SPUDT). Unlike the traditional three-phase unidirectional 
filters, the SPUDT devices are generally as straightforward to 
fabricate as ordinary bi-directional transducers. In addition, the 
required impedance matching network is greatly simplified, usually 
consisting of an L-C network on each port. Most SPUDT structures 
contain acoustic reflectors within the inter-digital pattern, illustrated 
schematically in Figure 7.9 as wider electrodes. These internal 
reflectors serve to redirect most of the acoustic energy that is normally 
lost in a conventional bi-directional device. Second-order effects tend 
to limit the practical insertion loss to about 5 to 12 dB. 


0 dB —1 to-3 dB 





Acoustic absorber 
Figure 7.9 Single-phase unidirectional filter configuration 


7.5.2 SAW device design 


A better understanding of SAW device operation can be obtained by 
understanding how they are designed. SAW filters use finite impulse 
response design techniques, which are very similar to those used for 
digital filters. Hence, the Fourier transform is used to relate the time 
and frequency responses of the transducers and resultant filter. The 
desired total frequency response characteristics are used to find the 
impulse responses for the two transducers. These two impulse response 
shapes are then etched onto the surface of a metallized piezo-electric 
substrate to form transducers. When an impulse is applied to the trans- 
ducer, the output wave shape is the same as the shape of the metallized 
transducer pattern. 

To illustrate this relationship, the following examples may be valu- 
able. First, consider the case of the uniform-overlap (or unweighted) 
transducer as shown in Figure 7.10. Since all fingers have the same 
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MAN oly 


Time —» Frequency ——* 
Unweighted Impulse Frequency 
transducer response response 


Figure 7.10 Uniform-overlap transducer 


length, the impulse response envelope of this transducer is a rectan- 
gle. The Fourier transform of a rectangle is a sin(x)/x function with 
a 4dB bandwidth roughly equal to the reciprocal of its time length. 
This illustrates the important trade-off between bandwidth and size, 
the narrower the bandwidth: the longer the transducer. 

The sin(x)/x response has 13 dB first side-lobe attenuation, which 
results in 26 dB of rejection when two of these unweighted transducers 
are cascaded on the substrate. The 26 dB frequency rejection and poor 
skirt selectivity make the unweighted transducer suitable for delay 
lines, but unsuitable for most filter applications where more rejection 
is needed close to the passband edge. 

According to Fourier transform theory, to obtain the rectangu- 
lar frequency response, a transducer must be built that is infinitely 
long with electrode lengths that have sin(x)/x weighting. This is 
impossible, but the principle behind this example will always hold 
true: the steeper the skirts (the more rectangular the response) for a 
given bandwidth, the longer the device must be. The longest possi- 
ble SAW device would exhibit a narrow bandwidth with a very steep 
roll-off. The transducer pattern must be limited in length but a grad- 
ual tailing off to zero length of the outer electrodes provides close 
to ideal performance (akin to the windowing function in digital FIR 
filters). 
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8 Bandwidth requirements 
and modulation 


8.1 Bandwidth of signals at base band 


8.1.1 Analogue signals 


The amount of information and the speed at which it is transmitted 
determines the base bandwidth occupied by a signal. For analogue 
signals, the base bandwidth is the range of frequencies contained in 
the signal; it is not the same as that occupied by a radio frequency 
carrier modulated by the signal. Examples of base bandwidths are 
given in Table 8.1. 


Table 8.1 Base bandwidths 


Application Frequency range 
(Hz) 

Speech 

High fidelity reproduction 15-15 000 

Good fidelity 150-7000 

Public address 200-5000 

Restricted bass and treble 500-4000 

Toll quality (good quality 300-3400 
telephone line) 

Communications quality (radio 300-3000 
communication) 

Mobile radio 300-2700 
(12.5 kHz channel separation) 

Music (for FM broadcasting) 30-15 000 


Video 60 Hz-—4.2 MHz 


8.1.2 Digital signals 


Bit rate (b/s) and baud rate are terms used to specify the speed of 
transmitting digital information. Where the duration of all the sig- 
nalling elements is identical the terms are synonymous, but not where 
the duration of the information bits differs. 

As the term implies, the bit rate is the number of bits transmitted 
per second but the baud rate (after J.M.E. Baudot, the code’s inventor) 
is the reciprocal of the length, in seconds, of the shortest duration 
signalling element. Figure 8.1(a) shows a binary code pattern where 
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ims ims 1ms ims ims 


Symbol periods 
Bit rate = 1000 b/s = 1000 baud 


(a) 


Time -——==—te 


22 44 22 22 22 31ms 


Letter ‘U’ CCITT-2 code 


Average bit rate = 1/0.23 = 43.5 b/s 
Baud rate = 1/0.0 22 = 45.5 


(b) 
Figure 8.1 Bit rate and baud rate 


all the bits are of equal duration, in this case 1 millisecond; the bit 
rate is 1000 per second and the baud rate is 1/0.001 = 1000 also. 

On telegraphy systems all the bits may not be of the same duration 
and Figure 8.1(b) shows the pattern for the letter ‘J’ in the CCITT- 
2 code as used for teletype. In this code a letter is composed of 
Selements, each of 22 ms duration, but each letter is preceded by a 
space of 22 ms and followed by a mark of 31 ms. The duration of each 
character is 163 ms — the time for 7.5 elements — but is comprised of 
only 7 bits. 


The baud rate is 1/0.022 = 45.5 baud. 
The average bit duration is 163/7 = 23.29 ms. 
The average bit rate is 1/0.023 = 43.5 bits per second. 


If the bandwidth were under consideration the baud rate, being faster, 
would be the figure to use. 

A stream of binary coded information is composed of pulses where, 
say, a pulse (mark) represents digit 1 and the absence of a pulse (space) 
represents digit 0. The highest frequency contained in the information 
is determined by the bit — or baud — rate. Because a series of Is 
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or Os may be consecutive in the data stream, the pulse repetition 
rate will vary throughout the message although the bit rate will be 
constant, and over a long period of time as many spaces will be sent as 
pulses. Transmitting either a stream of spaces or of marks requires no 
bandwidth; it is only when a change of state occurs that frequencies 
are produced. In the duration of one cycle (Figure 8.1(a)) two bits 
may be carried and the maximum fundamental frequency contained 
in the wave is one-half the number of bits per second, i.e. the channel 
capacity, bits/second, equals twice the bandwidth in hertz. 


8.1.3 Channel capacity — Hartley — Shannon theorem 


Channel capacity as stated by Hartley’s law is, in the absence of noise: 
C = 26f log, N 


where 

C = channel capacity, bits per second 

6f = channel bandwidth, Hz 

N = number of coding levels (2 in binary system) 


When noise is present, the channel capacity calculated according to 
the Hartley—Shannon theorem is: 


C = é6f log, 1+ S/N) 


where S/N = the ratio of total signal power to total noise power at 
the receiver input within the bandwidth, df. 


8.2 Modulation 


For radio transmission, the low frequency information signal is carried 
on a radio frequency wave and it must change (modulate) that carrier. 
The modulation may change the amplitude, frequency or phase of the 
carrier. Modulation aims to achieve: 


1. the transfer of information with the minimum distortion or 
corruption 

2. the modulation of the carrier with the minimum loss of power 

3. efficient use of the frequency spectrum. 
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8.3 Analogue modulation 
8.3.1 Amplitude modulation (AM) 


There are a number of methods of modulation where the amplitude of 
the carrier is varied by the information signal but the most commonly 
used is double sideband AM (DSB). Figure 8.2 shows a radio 
frequency carrier modulated by a low frequency signal. 

The amount or depth of modulation is expressed as percentage 
ratio, m%, of the maximum to minimum amplitude: 


Mod. depth = m% 


max. amplitude — min. amplitude 
= —___$___\_\_——— _ x 100% 
max. amplitude + min. amplitude 


When the modulation is increased to the point where the minimum 
amplitude falls to zero, 100% modulation occurs. Any further increase 
in modulation produces spurious, out-of-band frequencies (AM splash), 
a source of interference for other radio users. For this reason, the depth 
of amplitude modulation is usually limited to 70%. 


Input or audio ONS ES 


Unmodulated 
carrier 








Modulated carrier 


Figure 8.2 Amplitude modulation 


An alternative expression for modulation depth is in terms of a 
modulation index from 0 to 1. The peak carrier voltage in Figure 8.2 
is E, and the peak modulation voltage, E,,. The modulation index, 
mM, is: 


Amplitude modulation produces a band of frequencies above and 
below the carrier frequency — the upper and lower sidebands. The 
width of each sideband is equal to the highest modulating frequency 
so the bandwidth of an AM wave is 2 x the highest modulating 
frequency. To conserve spectrum, the range of modulating frequencies 
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Output options 
Double sideband 


Singal sideband 


Single sideband ____ 
suppressed carrier 


Figure 8.3 Amplitude modulation — sidebands 


is restricted. For example, radio communication quality speech is 
limited to 300 Hz to 3000 Hz. The bandwidth occupied by a double 
sideband, amplitude modulated carrier for this service is 6KHz 
(Figure 8.3). 


Power relationships in an AM wave 


The total power in an AM wave is the sum of powers of the carrier, 
the upper sideband and lower sideband: 


Bae Egy” Bias 
R R R 











where all values are RMS and R is the resistance in which the power 
is dissipated. From the peak voltages shown in Figure 8.2 the power 
in the unmodulated carrier is: 
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As m cannot exceed 1, the maximum RMS power in the wave is 
P,=1.5P.; but if m reaches 1, the peak sum of FE, and Ey, is 2E, 
and so the instantaneous peak power is 2 P,. Circuitry must be capable 
of handling this power level without distortion. 

Double sideband amplitude modulation wastes power and 
spectrum. Two-thirds of the power is in the carrier which conveys no 
information and one sideband is discarded in the receiver. Also, the 
modulation must be accomplished either in the final power amplifier of 
the transmitter necessitating a high power modulator, or in an earlier, 
low power stage when all subsequent amplifiers must operate in a 
linear, but inefficient, mode. 


8.3.2 Double sideband suppressed carrier (DSBSC) 


In an amplitude modulated wave the carrier conveys no information 
yet contains 2/3 of the transmitted power. It is possible to remove the 
carrier by using a balanced modulator (Figure 8.4), and improve the 
power efficiency by this amount. 





DSBSC 
output 





a 
Modulating 
signal iE + 


input 





RF carrier 
input 





C, and C, are RF bypass capacitors 


Figure 8.4 Balanced modulator 


In a balanced modulator, the modulating voltage is fed in push—pull 
to a pair of matched diodes or amplifiers while the carrier is fed to them 
in parallel. The carrier components in the output cancel leaving the two 
sidebands. The result is a double sideband suppressed-carrier (DSBSC) 
wave, which is not sinusoidal, formed by the sum of the two sidebands. 
The carrier must be re-introduced in the receiver and its accuracy in 
both frequency and phase is critical. 


8.3.3 Single sideband suppressed carrier (SSB or SSBSC) 


The advantages of single sideband suppressed carrier transmission 
over double sideband AM are: 
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e removal of the carrier saves 2/3 of the total power 

e removal of one sideband saves 50% of the remaining power 

e an SSBSC transmitter only produces power when modulation is 
present 

e the occupied bandwidth is halved; a spectrum saving 

e the received signal-to-noise ratio is improved by 9dB for a 100% 
modulated carrier. Halving the bandwidth accounts for 3 dB, the 
remainder from the improved sideband power to total power ratio. 
The S/N ratio improves further with lower modulation levels 

e reduced susceptibility to selective fading and consequent distortion. 


Two methods of generating a single sideband wave are in 
general use. One filters out the unwanted sideband after removal 
of the carrier by a balanced modulator. The other is a phase shift 
method (Figure 8.5). Here, the modulating signal is fed to two 
balanced modulators with a 90° phase difference. The output from 
both modulators contains only the sidebands but, while both upper 
sidebands lead the input carrier voltage by 90°, one of the lower 
sidebands leads it by 90° and the other lags it by 90°. When applied 
to the adder, the lower sidebands cancel each other while the upper 
sidebands add. 


Balanced 
modulator] 


Modulating SSB 
signal input 









Carrier 
90°C shift 









Carrier 


Figure 8.5 Phase shift production of single sideband 


A single sideband AM wave modulated by a sinusoid consists 
of a constant amplitude signal whose frequency varies with the 
frequency of the modulating wave. Note that this is not the same 
as FM: the frequency in SSB does not swing to either side of the 
carrier. It is higher than the carrier frequency if the upper sideband 
is transmitted, and lower if the lower sideband is selected. The single 
sideband waveform is sinusoidal and, although the frequency of the 
reintroduced carrier must be highly accurate (+2Hz), the phase is 
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unimportant making a single sideband receiver less complex than one 
for DSBSC. 

On some systems a pilot carrier is transmitted and the transmitter 
output power is then specified in terms of peak envelope power (pep), 
the power contained in a wave of amplitude equal to the pilot carrier 
and transmitted sideband power. Where no pilot carrier is transmitted, 
the power is specified as peak sideband power (psp). 


8.3.4 Frequency modulation (FM) 


Both frequency and phase modulation (both may be referred to 
as angle modulation) effectively vary the frequency of the carrier 
rather than its amplitude. Frequency modulation varies the carrier 
frequency directly but its amplitude remains constant regardless of 
the modulating voltage. Angle modulation is employed at VHF and 
above for both communications and broadcasting services. 

When frequency modulated, a carrier frequency either increases or 
decreases when the modulation voltage is positive and varies in the 
opposite sense when the modulating voltage is negative (Figure 8.6). 
The amount of modulation, i.e. the ‘deviation’ of the carrier from 
its nominal frequency, is proportional to the amplitude, and not the 
frequency, of the modulating voltage. The modulation index, M, is 
defined as the deviation divided by the modulating frequency: 


ta a 
a THe 8. 


M= 
tin On 


where 
fa = deviation in hertz 
fm = modulating frequency in hertz 





Input Varied 
waveform . amplitude 
[Increase Decrease 
lfrequency frequency 
I 
Modulated Fixed 
carrier amplitude 





Unmodulated —*« 
carrier carrier 


Figure 8.6 Frequency modulation 
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@q = 21 fy = deviation in radians 
Om = 27 fm = modulating frequency in radians 


The ‘deviation ratio’, D, is given by: 


= St d(max) 
Si m(max) 


D 


The peak deviation is the maximum amount of modulation occurring 
(equivalent to 100% amplitude modulation). With FM, this is limited 
only by the need to conserve spectrum; there is no technical limit 
where distortion occurs, as with 100% AM. The maximum permitted 
deviation for a service is determined by regulation. 

The bandwidth of a frequency modulated signal is made up of the 
carrier and a series of sidebands, sometimes referred to as sidecurrents, 
spaced apart from each other at the modulating frequency. The 
number of sidebands is proportional to the modulation index and 
their amplitudes decrease with spacing from the carrier. It is generally 
considered satisfactory to transmit those sidebands M + | in number, 
with amplitudes greater than 10% of that of the carrier for that 
modulation index (Figure 8.7). The sidebands occur on both sides 
of the carrier and: 


lst order sidebands = f. + fin 
2nd order sidebands = fe +2 fm, etc. 


When the modulation index approaches 6 a good approximation of the 
bandwidth (6f) required for an FM transmission is 2( fa + fm) Hz. For 
example, speech 300-3000 Hz, max deviation 15 kHz (relevant to a 
VHF, 50kHz channel spacing system): 


8f = 2(fat fm) = 2(15 + 3) kHz = 36kHz 
M = 15/3=5 


The bandwidth is also given by 6f = fm x highest needed sideband x 
2. From Bessel functions (Figure 8.7), a modulation index of 5 requires 
the 6th order sideband to be transmitted (M + 1). Therefore: 


of = fn X6x2=3x 6x 2 = 36kHz 
For specific values of M the carrier of an FM wave disappears. 


The successive disappearances and the modulation index are given 
in Table 8.2. 
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Table 8.2 Successive disappearances and 
modulation index 


Order of disappearance Modulation index M 


2.40 

5.52 

8.65 
11.79 
14.93 
18.07 
n(n > 6) 18.07 + z(n —6) 


OonaRhWwWND — 


Systems where the modulation index exceeds 2/2 are considered 
to be wide band FM (WBFM), those with a modulation index lower 
than 2/2, narrow band FM (NBFM). The bandwidth of an NBFM 
signal is 2 fmncmax)- 

Pressure on spectrum necessitates narrower channel spacings for 
communications and, at VHF, 12.5 kHz is normal with +2.5 kHz as the 
maximum permitted deviation. Lower standards of performance with 
a restricted modulation index and a highest modulating frequency of 
3 kHz have had to be accepted. 

For transmitters used on 12.5kHz channel spaced systems the 
highest modulating frequency is, in practical terms, 2700 Hz because 
the specification requires the frequency response to fall above 2.55 kHz. 

The modulation index on such systems, assuming a highest 
modulating frequency of 3kHz, is 2.5/3 = 0.8333 (<m/2 and so 
system is NBFM) and the amplitude of the 2nd order sideband 
is <10% of carrier amplitude (Figure 8.7), so the bandwidth = 
2 fmcmax) = 6kHz. 


8.3.5 Phase modulation 


The end result of phase modulation is frequency modulation, but the 
method of achieving it and the definition of the modulation index 
is different. Phase modulation is used in VHF and UHF transmitters 
where the carrier frequency is generated directly by a crystal oscillator. 
The frequency of a crystal oscillator can be varied by only a few 
radians but if the oscillator frequency is multiplied to produce the final 
carrier frequency the phase variation is also multiplied to produce a 
frequency deviation. 

In frequency modulation deviation is proportional to the 
modulating voltage, but in phase modulation the frequency deviation 
is proportional to both the modulating voltage and frequency. 
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The phase modulation, ¢g radians, equals the modulation index so, 
for phase modulation, the modulation index is ¢g = @a/@m. 

Phase modulation has, therefore, a frequency response for the 
deviation that rises at 6dB per octave of the modulating frequency. 
The flat frequency response of FM can be produced on a phase 
modulated transmitter by installing a filter with a response falling 
at 6dB per octave in the audio amplifier, and the rising response of 
PM can be produced in an FM transmitter with a rising response filter. 


8.3.6 Pre- and de-emphasis 


Phase modulation, and FM modified to give a rising frequency re- 
sponse (pre-emphasis), offer an improved signal-to-noise ratio in the 
receiver. The +6 dB per octave response produced in the transmitter is 
restored to a flat response in the receiver by a —6dB per octave filter 
in the audio circuitry which reduces both the enhanced levels of the 
higher speech frequencies and the high frequency noise (de-emphasis). 


8.3.7 Merits of amplitude and frequency modulation 


The advantages and disadvantages of AM and FM are given in 
Table 8.3. 


Table 8.3 Advantages and disadvantages of AM and FM 


Advantages Disadvantages 
AM Simple modulators and Susceptible to man-made noise 
de-modulators 
Narrower bandwidth than Audio strength falls with 
wide-band FM decreasing RF signal strength 


Inefficient power usage 

Limited dynamic range 

Transmitter output power not 
easily adjusted 


FM Less susceptible to noise Wider bandwidth 
Constant audio level to almost the 
end of radio range 
Capture effect in receiver Capture effect may be 
undesirable, e.g. aviation 
communications 


More power-efficient 
Transmitter output power easily 
adjustable 


8.3.8 Stereo FM radio 


An important advantage of FM over AM radio broadcasting is 
the availability of stereo sound. This requires the transmission and 


Pl mf) = 11:39/19:17 
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reception of the left and right audio signals, to produce a stereo 
image. However, the introduction of stereo had to be achieved while 
still catering for large numbers of listeners who wanted to continue 
receiving in mono. The introduction of stereo FM radio had to go 
unnoticed by anyone using old mono radios. Without this condition, 
a simpler method could have been chosen. 

The standard FM stereo system used by broadcasters around the 
world is illustrated in the block diagram of Figure 8.8. It uses fre- 
quency division multiplexing (FDM) to combine the two signals of 
the left and right channels. The signals are filtered to limit the band- 
width to 15kHz. The left (L) and right (R) signals are then added to 
produce a sum signal and subtracted one from the other to produce a 
difference signal. 


Stereo FM system diagram 


To FM 
modulator 











19 kHz 













pilot tone 
Lowpass 
filter 
Stereo FM spectrum 
19 kHz 38 kHz 
Frequency 





0 15 kHz 23 kHz 53 kHz 
Figure 8.8 FM stereo transmitter 


The sum signal provides a monophonic signal, which provides a 
baseband signal for the frequency modulator. This was the technique 
used in mono FM and thus was the obvious choice for stereo FM, 
to allow backward compatibility. An mono FM radio can receive this 
signal and recover the combined L and R channels, thereby satisfying 
the requirement for providing unchanged service to mono radios. 

The difference signal is used to amplitude modulate a 38kHz 
sinewave. By utilizing a balanced mixer, double sideband suppressed 
carrier (DSBSC) is generated. However, the modulation method must 
take into account the ease of demodulation. In particular, demodulat- 
ing a DSBSC signal can be difficult. Both frequency and phase of the 
carrier are needed to perform faithful demodulation. 
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In the stereo system the DSBSC demodulation problem is dealt 
with by including a 19kHz pilot tone in the broadcast. This tone is 
generated by a divide-by-two frequency converter circuit, which takes 
the 38 kHz carrier and produces the 19 kHz pilot tone. The 19 kHz pilot 
tone falls midway in the spectral region between the mono sum signal 
(up to 15 kHz) and below the DSBSC difference signal information. 
The DSBSC signal extends from 23 kHz to 53 kHz, since the input 
modulating signals are band limited to 15 kHz. The DSBSC output is 
added to the baseband (L and R sum) signal and the 19 kHz pilot tone 
before being sent to the FM modulator. 

A mono FM receiver ignores the stereo information by using a 
filter after its FM demodulator to block everything above 15 kHz. It 
passes the combined L and R channel signal, which is monophonic. 

A stereo receiver has an additional circuit after the FM demodu- 
lator to detect and demodulate the DSBSC signal. The stereo receiver 
detects a 19kHz pilot tone and uses this to generate a 38 kHz signal. 
This is then used to demodulate the DSBSC signal that carries the 
L and R channel difference information. The stereo receiver then has 
both the sum and difference signals, which is all that is needed to 
recreate the separate left and right signals. Separation is achieved by 
adding and subtracting sum and difference signals. 

The noise power spectral density of a demodulated FM signal 
tends to increase with the square of the modulation frequency. This 
is why pre-emphasis is used to boost the high frequency baseband 
signals for maintaining the signal-to-noise ratio of the transmitted sig- 
nal. However, this means that there will be more noise in the 23 kHz 
to 53 kHz band used for the difference signal than for the 0-15 kHz 
band used for the sum signal. Consequently a significantly higher 
input signal level is required to receive a stereo transmission com- 
pared with a mono signal for the same output signal-to-noise ratio. 
Thus stereo reception requires far higher radio signal levels than for 
mono reception and is more susceptible to interference from other 
radio sources. 


8.4 Digital modulation 
8.4.1 Data processing 
Filtering 


A data pulse with a sharp rise- and fall-time produces harmonic 
frequencies and requires a wide bandwidth if it is to maintain its 
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shape during transmission. Consequently, to transmit the data over a 
limited bandwidth the pulses must be shaped to reduce the harmonic 
content as much as possible without impairing the intelligibility of the 
signal. This is accomplished by the use of low-pass (Gaussian) filters 
of which the result is a string of smoother pulses, often referred to 
as ‘tamed’ (Figure 8.9(b)). Tamed FM permits high data rates within 
a limited channel bandwidth whilst maintaining acceptable adjacent 
channel interference levels. 


1 0 oO 1 Oo 1 1 0 


pees eee 


(a) Unprocessed ‘raw’ data 


ees ms 


(b) Filtered ‘tamed’ data 


ETS AUT. 


(c) Manchester encoded, ‘tamed’ data 
Figure 8.9 Data processing 


Manchester encoding 


A serious problem with the transmission of binary data is that unless 
the clocks in the transmitter and receiver are synchronous the digits 
become confused, particularly where a continuous string of 1s or Os 
occurs. Manchester encoding makes 1s change state from | to 0, and 
Os from 0 to 1 during each digit period (Figure 8.9(c)), facilitating 
the synchronization of the clocks and rendering the digits more easily 
recognizable. 


Gray coding 


For binary data the number of signalling levels is not restricted to two 
(mark and space). Multi-level signalling has the advantage that one 
signalling element carries the information for more than one informa- 
tion bit, thus reducing the bandwidth requirement. 

If the number of levels is increased to m, where m = 2” (i.e.n = 
log, m), the m-level data symbol is represented by n binary digits of 0 
or | (see quaternary phase shift keying, Section 8.4.5). For example, 
in a quaternary data signal, m = 4 = 2? giving the binary sequences 
00, 01, 10, 11 for each signalling level. This process is Gray coding 
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where there is only one digit difference for each transition between 
adjacent levels. The number of levels is not restricted to four and 16 
level quadrature amplitude modulation (QAM), where n = 4, is an 
efficient system. 

In a Gray coded signal where each element contains n bits (n = 
log, m) and the signalling element rate is B bauds (elements per sec- 
ond), the transmission rate is B log, m bits per second. 


8.4.2 On/off and amplitude shift keying 
On/off keying 


The earliest modulation method. A continuous radio frequency wave 
(CW) is interrupted in a recognizable pattern (Morse code). To provide 
audibility the carrier is heterodyned with a beat frequency oscilla- 
tor (BFO) in the receiver. The use of a modulated continuous wave 
(MCW) eliminates the need for a BFO but the bandwidth of the signal 
is increased. The problem with on/off keying is the lack of a refer- 
ence level. If the signal strength temporarily falls below the sensitivity 
threshold of the receiver it appears to the operator as a series of spaces. 


Binary amplitude shift keying (ASK or BASK) 


This shifts the level of an audio frequency subcarrier which then mod- 
ulates a radio frequency carrier. 

Because the level of a subcarrier is changed, AM sidebands are 
produced. Also, because the keyed waveform is non-sinusoidal har- 
monics occur. The occupied sub-carrier bandwidth for ASK is: 


Bandwidth = 2B 


where B = bit repetition rate (bits/second). 
When the RF carrier is modulated its bandwidth is 2(f. + B) 
where f, = subcarrier frequency. 


8.4.3 Frequency shift keying (FSK) 


Although used for conveying digital information, frequency shift key- 
ing in reality employs frequency modulation. In its original form, 
developed for HF transmission, FSK changes the carrier frequency to 
indicate a | or a O but retains the nominal carrier frequency as a refer- 
ence and to represent a mark. A downwards shift of carrier frequency 
by 170 Hz represents a space in the HF radio system. 
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Table 8.4 Standard ITU-T frequencies for various 


bit rates 

Bit rate Frequencies Subcarrier 
(bps) 0 1 frequency 
600 1700 1300 1500 
1200 2100 1300 1700 
up to 300 1180 980 1080 


1850 1650 1750 


Modern FSK uses two different modulation frequencies to repre- 
sent 1s and Os. If intersymbol interference (ISI) is to be avoided the 
separation of the tones must be more than half the bit rate, and a factor 
of 0.7 is often used. Standard ITU-T frequencies for various bit rates 
are given in Table 8.4. 

The base bandwidth requirement is: 


Bandwidth = fp — f, + 2B 
The bandwidth of a modulated carrier is: 
RF bandwidth = 2(f2 + B)(narrow band FM) 


Minimum shift keying (MSK) is a form of FSK where the frequency 
deviation is equal to half the bit rate. 


Gaussian minimum phase shift keying (GMSK) 


Similar to MSK, the Gaussian filters improve the adjacent channel 
performance against a small cost (approximately 1%) in ISI while 
achieving high data transmission rates. 


8.4.4 Fast frequency shift keying (FFSK) 


Fast frequency shift keying may either amplitude or frequency mod- 
ulate the carrier. In binary FFSK, the data is changed in a modem to 
tones of 1800 Hz to represent binary 0 and 1200 Hz to represent binary 
1. During transmission a binary | consists of 1 cycle of 1200 Hz, fi, 
and a 0, 1} cycles of 1800Hz, fo, i.e. a bit rate of 1200 bps. For 
acceptable intersymbol interference the distance between the tones 
cannot be less than half the bit rate and the 600 Hz separation in FFSK 
represents the fastest signalling speed — hence the description — and 
minimum bandwidth. For this reason it is sometimes called minimum 
frequency shift keying (MFSK). The base bandwidth is the same as 
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for FSK, but the RF bandwidth depends upon the system deviation. 
For example, on a 12.5kHz channel spaced system carrying FFSK 
and complying with Radiocommunications Agency Code of Practice 
MPT 1317, deviation = 60% of system deviation = 1.5 kHz: 


fi = 1200 Hz 
fo = 1800 Hz 
B = 1200bps 


timax = fo + B = 3kHz and the mod. index m = max. dev./fimax < 
z/2 so the system is NBFM and the bandwidth = 2(f2 + B) = 6kHz. 

Where more data states than binary are to be transmitted, multistate 
FSK (M-ary FSK) is also possible where M may be up to 32 states. 

Both FFSK and M-ary FSK are well suited to radio transmission 
as the change of state occurs while the signals are passing through 
zero, avoiding sudden phase changes (Figure 8.10(a)). 

The minimum distance between the tones used in FFSK of 0.5 times 
the bit rate is not ideal for immunity to intersymbol interference (ISI). 


Logic 0 three half cycles 1800 Hz 
Logic 1 two half cycles 1200 Hz 


1200 Hz 1800 Hz 1200 Hz 


1/1200 s { 1/1200s | 1/1200s 


(a) FFSK modulation 


Message 
baseband 
signal 





PSK 





(b) PSK modulation 
Figure 8.10 FFSK and PSK 
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A separation of 0.7 times the bit rate would improve the ISI but increase 
the bandwidth. 


8.4.5 Phase shift keying 


There are several variants of phase shift keying. Binary phase shift 
keying (BPSK or PSK) changes the phase of the carrier by 180° at the 
zero crossing point (Figure 8.10(b)). No carrier frequency is present 
with PSK as half the time the carrier is multiplied by +1 and the other 
half by —1 and cancels out, but the reference phase of the carrier must 
be re-inserted at the receiver. The bandwidths occupied are the same 
as for ASK, i.e.: 


Baseband = 2B 
RF bandwidth (AM or NBFM) = 2(f. + B) 


Differential phase shift keying (DPSK) advances the phase 90° or 270° 
at each change of logic state (Figure 8.11). Changing phase only at a 


| Data | Phase change 
0 +90° 
1 +270° 





(a) DPSK modulation 


+45° +135° +225° +315° 
I $ ‘ 
1 y 


Dibit | Phase change 





00 +45° 

01 +135° 
11 +225° 
10 +315° 


(b) QPSK modulation 
Figure 8.11 DPSK and QPSK 
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change of logic state saves bandwidth which, for DPSK, is equal to 
the bit rate. 

An important advantage of both FFSK and PSK over FSK is that 
because the moment of change is predefined it is possible to recover 
data more accurately. However, the transition between signalling states 
is not smooth requiring large and rapid phase shifts. Multilevel systems 
with less phase shift between elements are preferable. 

Quaternary, or quadrature, phase shift keying (QPSK) is a four- 
level Gray-coded signalling method with 90° phase shift between 
adjacent signalling elements (Figure 8.11(b)). If the signal is con- 
sidered as a vector the points at 7/4 (45°), 37/4 (135°), 57/4 (225°) 
and 77/4 (315°) represent the transition points between states and the 
binary data. 


8.5 Spread spectrum transmission 


The spread spectrum technique spreads the carrier containing the 
information over a very wide bandwidth, typically 1.25 MHz, using 
pseudo-noise generation techniques as described in Chapter 12. The 
transmitter uses what is in effect a digital key to spread the bandwidth 
and the receiver is equipped with an identical key for despreading. A 
number of users with different keys can occupy the same band at the 
same time. The system operates well in poor signal-to-noise or high 
interference environments. 

A continuous wave (CW) transmission concentrates all the radiated 
energy on a single frequency (Figure 8.12). Amplitude modulation and 
narrow band FM widen the radiated bandwidth, reducing the energy at 
the carrier frequency and per kHz. Wide band FM carries the process 
a stage further until with spread spectrum the band width is increased 
to the extent that the signal almost disappears into the noise floor. 

Spreading of the bandwidth is achieved by multiplying the digi- 
tally modulated signal by a spreading code at a much higher bit rate 
(100-1000 times the signal bit rate). This is done by combining the 
signal with the output of a random code generator running at 2 or 3 
orders of magnitude faster than the binary signal rate. Figure 8.13 is 
a block diagram of a spread spectrum system. A clock running at the 
spreading rate R, is used to drive both the spreading generator and, 
after frequency division, the data encoder. The carrier is first BPSK 
modulated by the encoded data and then in a balanced modulator (the 
spreading correlator) by the high rate code from the spreading genera- 
tor. The resultant transmitted bits are referred to as chips to distinguish 
them from data bits. In the receiver, the clock pulses R, are recovered 
and used to drive both the despreading generator and decoder. 
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Figure 8.12 Comparative energy dispersal 
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Figure 8.13 CDMA (spread spectrum) system 
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Many users can be accommodated by allocating each a unique 
spreading code. It is common to use a pseudo-noise (PN) generator to 
multiply the bit rate and then to modulate the carrier with either FSK 
or PSK. 

Although spread spectrum is a digital system, in quality of signal 
there are similarities with analogue: 


Analogue Digital 
Signal/noise ratio Energy per bit, E,/No 
Intelligibility, signal/ Bit error rate 


noise + distortion 
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9 Frequency planning 


9.1 International and regional planning 


The International Telecommunications Union (ITU) administers the 
planning and regulation of the radio frequency spectrum on a world- 
wide basis through the World Administrative Radio Conferences. 

For planning purposes the world is divided into three regions as 
shown in Figure 9.1. The boundaries are formed by geographical fea- 
tures suited to the purpose such as seas, high mountain ranges or 
uninhabited remote areas. 
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Figure 9.1 ITU defined regions. For purposes of international allocations of fre- 
quencies the world has been divided into three regions 


The World Administrative Radio Conferences decide the use of 
blocks of the spectrum, e.g. sound broadcasting, television, marine 
communications, and the countries permitted to use the blocks for 
those allotted purposes. 


9.2 National planning 


Having been allocated blocks of frequencies for a particular type of 
use, the administration of each country determines the method of allo- 
cating frequency bands from each block to the user categories within 
their country. Every country has a radio regulatory department within 
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its administration. In the UK this is the Radiocommunications Agency 
of the Department of Trade and Industry. 


9.2.1 The role of the Radiocommunications Agency 


The aims of the Radiocommunications Agency in the UK, and, in 
general, the radio regulatory bodies of other countries are: 


1. To ensure that the radio frequency spectrum is used in ways which 
maximize its contribution to national social and economic welfare, 
having regard to safety of life factors. 

2. To make the maximum amount of spectrum available for commer- 
cial use. 

3. To provide an expert service to government as a whole in the field 
of radio regulation. 


The first stage of national planning is the assignment of the radio 
frequencies (channels) within a geographic area. Both the allocation of 
the blocks to users and the geographic assignment of channels if not 
wisely carried out can result in spectrum pollution — intermodulation 
products are one source (see Chapter 19) — and unacceptable interfer- 
ence between services and users. The incorrect allocation of blocks 
may not only cause interference in the home country but, even at VHF 
and UHF, between adjacent countries. Incorrect assignment of chan- 
nels causes a more local problem but, depending on the frequencies 
involved, the undesirable effects can spread over a wide area. 

The second stage of national planning is the assignment of discrete 
channels for use on multi-user sites where the selection of incom- 
patible frequencies causes interference, receiver de-sensitization and, 
possibly, blocking, and intermodulation products. 

Not all channels are allocated directly by the regulatory body. 
Blocks of channels, usually comprised of two frequencies, may be 
issued to responsible user organizations: the Home Office for the police 
and fire services is an example. These organizations then become 
responsible for the frequency planning and allocation within their user 
group. 

Additional to the allocation of frequencies, the Radiocommunica- 
tions Agency through the licensing procedure regulates the use of base 
station sites, the maximum transmitter power, and antenna directivity 
for each service. It also prepares and publishes technical specifications 
with which all equipment must comply. A list of the current speci- 
fications, of which single copies can be obtained, is available from 
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The Information and Library Service, Radiocommunications Agency, 
Wyndham House, 189 Marsh Wall, London E14 9SX. 

The Radio Investigation Service (RIS) is the branch of the Agency 
which, in addition to investigating interference, inspects all radio 
installations prior to commissioning and, if in order, issues an inspec- 
tion certificate. No station is permitted to operate without a certificate 
and may not be modified subsequent to the issue of the certificate. 

Current policy throughout Europe is leading towards the de-regula- 
tion of radio communications while safeguarding the protection from 
interference. Allocation of frequencies by pricing is also under con- 
sideration on the basis that a scarce resource, the spectrum, will be 
allocated to the users having the greatest need. 


9.3 Designations of radio emissions 


Radio emissions should be expressed in a three-symbol code form, 
which defines the exact nature of carrier, signal and transmitted infor- 
mation. The first symbol defines the carrier, the second symbol defines 
the signal, and the third symbol defines the information. 


First symbol 


Double-sideband amplitude-modulated 

Independent sideband amplitude-modulated 

Vestigial sideband amplitude-modulated 

Amplitude- and angle-modulated simultaneously, or in a 
predefined sequence 

Frequency modulated 

Phase modulated 

Single-sideband, full carrier 

Single-sideband, suppressed carrier 

Amplitude-modulated pulse sequence 

Width-modulated pulse sequence 

Position phase modulated pulse sequence 

Unmodulated carrier 

Unmodulated pulse sequence 

Pulse sequence in which carrier is angle-modulated during 
the pulse period 

Single-sideband, reduced or variable level carrier 

Pulse sequence with a combination of carrier modulations, 
or produced by other means 

Carrier is modulated by two or more of angle, amplitude, 
and pulse modes, simultaneously or in a defined sequence 

Other cases 


<7 ODHVAZMATTAT GAP 


= 


* 
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Second symbol 


No modulating signal 

Digital signal without modulating sub-carrier 

Digital signal with modulating sub-carrier 

Analogue signal 

Two or more channels with digital signals 

Two or more channels with analogue signals 

Composite system with one or more channels of digital 
signals and one or more channels of analogue signals 

Other cases 


Third symbol 


Oo MAAIWNF OO 


x 


No information transmitted 
Combination of any of the above 
Other cases 


A Aural telegraph 

B Automatic telegraph 

C Facsimile 

D Data 

E Telephony (and sound broadcasting) 
F Television 

N 

Ww 

x 


9.4 Bandwidth and frequency designations 


A four symbol code should be used to express bandwidth and fre- 
quency to three significant figures. A letter to denote the unit of 
frequency is placed in the position of the decimal point, where the 
letters and bandwidths are: 


Letter Bandwidth 

H Below 1000 Hz 

K Between 1| and 999 kHz 
M Between | and 999 MHz 
G Between | and 999 GHz 


So, a frequency of 120 Hz is 120H, while a frequency of 12 Hz is 
12H etc. 


9.5 General frequency allocations 


VLF, LF, MF (frequency in kHz) 


10.0 140.5 Fixed; maritime; navigation 
140.5 283.5 Broadcast 
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255.0 526.5 
526.0 1606.5 
1606.5 1800.0 
1810.0 1850.0 
1850 2000 
1850 2045 
2045 2173.5 
2160 2170 
2173.5 2190.5 
2190.5 2194 
2194 2625 
2300 2498 
2625 2650 
2650 2850 
2850 3155 
HF (frequency in kHz) 
3155 3400 
3200 3400 
3400 3500 
3500 3800 
3800 4000 
3800 3900 
3800 3950 
3950 4000 
4000 4063 
4063 4438 
4438 4650 
4650 4750 
4750 5060 
5060 5480 
5450 5730 
5730 5950 
5950 6200 
6200 6525 
6525 6765 
6765 7000 
7000 7100 
7100 7300 
7100 7300 
7300 8195 
8100 8815 
8815 9040 


Radio navigation; fixed 
Broadcast 

Maritime and land mobile; fixed 
Amateur (shared in UK) 
Amateur 

Fixed; mobile 

Maritime mobile; fixed 
Radiolocation 

Mobile 

Maritime 

Fixed; mobile 
Broadcast 

Maritime mobile 

Fixed; mobile 

Aero mobile 





Fixed; mobile 
Broadcast 

Aero mobile 

Amateur, fixed; mobile 
Amateur (region 2 only) 
Fixed; mobile 

Aero mobile 

Fixed; broadcast 

Fixed; maritime mobile 
Maritime mobile 

Fixed; mobile 

Aero mobile 

Fixed; mobile; broadcast 
Fixed; mobile 

Aero mobile 

Fixed; mobile 
Broadcast 

Maritime mobile 

Aero mobile 

Fixed; mobile 

Amateur 

Amateur (region 2 only) 
Broadcast (regions | and 3) 
Fixed 

Maritime mobile 

Aero mobile 


9040 

9500 
10 000 
10 100 
10 100 
11175 
11400 
11650 
12050 
12230 
13 200 
13 360 
13 600 
13 800 
14.000 
14350 
15 000 
15 100 
15 600 
16 360 
17410 
17550 
17900 
18 030 
18 068 
18 168 
18 780 
18 900 
19 680 
19 800 
21 000 
21450 
21850 
21870 
22 000 
22 855 
23 200 
23 350 
24 890 
25010 
25 070 
21210 


9500 
10 000 
10 100 
11175 
10 150 
11 400 
11650 
12050 
12230 
13 200 
13 360 
13 600 
13 800 
14.000 
14350 
15 000 
15 100 
15 600 
16 360 
17410 
17550 
17900 
18 030 
18 068 
18 168 
18 780 
18 900 
19 680 
19 800 
21 000 
21450 
21850 
21870 
22 000 
22 855 
23 200 
23 350 
24 890 
24 990 
25 070 
25210 
25 550 
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Fixed 

Broadcast 

Aero mobile 
Fixed 

Amateur 

Aero mobile 
Fixed 

Broadcast 

Fixed 

Maritime mobile 
Aero mobile 
Fixed 

Broadcast 

Fixed 

Amateur 

Fixed 

Aero mobile 
Broadcast 

Fixed 

Maritime mobile 
Fixed 

Broadcast 

Aero mobile 
Fixed 

Amateur 

Fixed 

Maritime mobile 
Fixed 

Maritime mobile 
Fixed 

Amateur 
Broadcast 
Fixed 

Aero mobile 
Maritime mobile 
Fixed; mobile 
Aero mobile 
Fixed; mobile 
Amateur 

Fixed; mobile 
Maritime mobile 
Fixed; mobile 
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25 550 
25 670 
26 100 
26 175 
28 000 
29 700 


25 670 
26 100 
26 175 
28 000 
29 700 
30 000 


Radio astronomy 
Broadcast 
Maritime mobile 
Fixed; mobile 
Amateur 

Fixed; mobile 


VHF, UHF (frequencies in MHz) 


30.0 
47.0 
50.0 
50.0 
68.0 
70.0 
74.8 
75.2 
87.5 
108 
118 
137 
138 
144 
146 
146 
156 
174 
220 
230 
328.6 
335.4 
400 
410 
430 
440 
470 
855 
902 
934 
1240 
1300 
1350 
1400 
1429 


50.0 
68.0 
52.0 
54.0 
74.8 
70.5, 
75.2 
87.5 
108 
118 
137 
138 
144 
146 
148 
174 
174 
230 
225 
328.6 
335.4 
400 
410 
430 
440 
470 
855 
1300 
928 
935 
1325 
1350 
1400 
1429 
1525 


Fixed; mobile 

Broadcast (TV) 

Amateur (UK) 

Amateur (regions 2 and 3) 
Fixed; mobile 

Amateur (UK) 

Aero navigation 

Fixed; mobile 

Broadcast (FM) 

Aero navigation 

Aero mobile 

Spacecraft; satellites 

Aero mobile; space research 
Amateur 

Amateur (regions 2 and 3 only) 
Fixed; mobile 

Maritime mobile 
Broadcast (TV) 

Amateur (USA) 

Fixed; mobile 

Aero navigation 

Fixed; mobile 

Space research; meteorology 
Fixed; mobile 

Amateur; radiolocation 
Fixed; mobile 

Broadcast (TV) 

Fixed; mobile 

Amateur (USA) 

Citizens band (UK) 
Amateur 

Aero navigation 

Fixed; mobile 

Space (uplink); fixed 
Fixed; mobile 


1525 
1600 
1670 
1710 
2290 
2300 
2310 
2300 
2500 
2700 
3300 
3400 
3600 
4200 
4400 
4500 
4800 
5000 
5650 
5850 
7250 
7900 
8500 
10 000 
107700 
12700 
17700 
24 000 
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1600 Space (downlink) 

1670 Space (uplink) 

1710 Space (downlink) 

2290 Fixed; mobile 

2300 Space (downlink); fixed 
2450 Amateur; fixed 

2450 Amateur (UK) 


2500 Fixed; mobile 

2700 Fixed; space (downlink) 
3300 Radar 

3400 Radiolocation; amateur 


3600 Fixed; space (uplink) 

4200 Fixed; space (downlink) 

4400 Aero navigation 

4500 Fixed; mobile 

4800 Fixed; space (downlink) 

5000 Fixed; mobile 

5850 Radio navigation; radar 

5850 Amateur 

7250 Fixed; space (uplink) 

7900 Fixed; space (downlink) 

8500 Fixed; mobile; space 
10500 Radar; navigation 
10500 Amateur 
12 700 Space (downlink); fixed 
15 400 Space (uplink); fixed 
20 000 Space (up/down); fixed 
24 250 Amateur 


9.6 Classes of radio stations 


Aeronautical radionavigation land station 

Aeronautical radionavigation mobile station 

Amateur station 

Aeronautical fixed station 

Broadcasting station, sound 

Broadcasting station, television 

Cargo ship 

Station open to official correspondence exclusively 

Station open to public correspondence 

Station open to limited public correspondence 

Station open exclusively to correspondence of a private 
agency 
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DR __ Directive antenna provided with a reflector 

EA _ Space station in the amateur-satellite service 

EB Space station in the broadcasting-satellite service (sound 
broadcasting) 

EC Space station in the fixed-satellite service 

ED _ Space telecommand space station 

EE _ Space station in the standard frequency-satellite service 

EF Space station in the radiodetermination-satellite service 

EG _ Space station in the maritime mobile-satellite service 

EH Space research space station 

EJ Space station in the aeronautical mobile-satellite service 

EK _ Space tracking space station 

EM _Meteorological-satellite space station 

EN _ Radionavigation-satellite space station 

EO _ Space station in the aeronautical radionavigational-satellite 
service 

EQ __ Space station in the maritime radionavigation-satellite 
service 

ER Space telemetering space station 

ES Station in the intersatellite service 

EU _ Space station in the land mobile-satellite service 

EV _ Space station in the broadcasting-satellite service 
(television) 

EW _ Space station in the earth exploration-satellite service 

EX Experimental station 

EY _ Space station in the time signal-satellite service 

FA Aeronautical station 

FB Base station 

FC Coast station 

FL Land station 

FP Port station 

FR Receiving station only, connected with the general network 
of telecommunication channels 

FS Land station established solely for the safety of life 

FX Fixed station 

GS Station on board a warship or a military or naval aircraft 

LR _ Radiolocation land station 

MA Aircraft station 

ME _ Space station 

ML Land mobile station 

MO Mobile station 

MR __ Radiolocation mobile station 


MS 
ND 
NL 
OD 
OE 
OT 


PA 
RA 
RC 
RD 
RG 
RM 
RT 
SM 
SS 
TA 
TB 


TC 
TD 
TE 
TF 
TG 
TH 
TI 


TJ 


TK 
TL 


™ 
TN 
TO 


TP 
TQ 


TR 
TS 
TT 


141 


Ship station 

Non-directional antenna 

Maritime radionavigation land station 

Oceanographic data station 

Oceanographic data interrogating station 

Station open exclusively to operational traffic of the service 
concerned 

Passenger ship 

Radio astronomy station 

Non-directional radio beacon 

Directional radio beacon 

Radio direction-finding station 

Maritime radionavigation mobile station 

Revolving radio beacon 

Meteorological aids station 

Standard frequency and time signal station 

Space operation earth station in the amateur-satellite service 

Fixed earth station in the aeronautical mobile-satellite 
service 

Earth station in the fixed-satellite service 

Space telecommand earth station 

Transmitting earth station 

Fixed earth station in the radiodetermination-satellite service 

Mobile earth station in the maritime mobile-satellite service 

Earth station in the space research service 

Earth station in the maritime mobile-satellite service at a 
specified fixed point 

Mobile earth station in the aeronautical mobile-satellite 
service 

Space tracking earth station 

Mobile earth station in the radiodetermination-satellite 
service 

Earth station in the meteorological-satellite service 

Earth station in the radionavigation-satellite service 

Mobile earth station in the aeronautical 
radionavigation-satellite service 

Receiving earth station 

Mobile earth station in the maritime 
radionavigation-satellite service 

Space telemetering earth station 

Television, sound channel 

Earth station in the space operation service 
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TU Mobile earth station in the land mobile-satellite service 

TV — Television, vision channel 

TW Earth station in the earth exploration-satellite service 

TX Fixed earth station in the maritime radionavigation-satellite 
service 

TY Fixed earth station in the land mobile-satellite service 

TZ Fixed earth station in the aeronautical 
radionavigation-satellite service 


9.7 Radio wavebands 
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VLF 3 to 30 kHz 100000 to 10000m = myriametric 
LF 30 to 300 kHz 10000 to 1000m kilometric 
MF 300 to 3000 kHz 1000 to 100m hectometric 
HF 3 to 30 MHz 100 to 10m decametric 
VHF = 30 to 300 MHz 10 to lm metric 
UHF 300 to 3000 MHz 1to0.1m decimetric 
SHF 3 to 30 GHz 10 to lcm centimetric 
EHF = 30 to 300 GHz 1 to 0.lcm millimetric 
EHF = 300 to 3000 GHz 0.1 to 0.01 cm decimillimetric 
Reference 


Pannell, W.M. (1979). Frequency Engineering in Mobile Radio Bands. Granta 
Technical Editions, Cambridge. 


10 Radio equipment 


10.1 Transmitters 
10.1.1 Transmitter functions 


The functions of all transmitters and the terminology used to describe 
them, irrespective of the modulation method, are: 


1. To generate the radio frequency carrier and amplify it to an appro- 
priate power level; the RF power output. 

2. To modulate the carrier with the intelligence to the pre-determined 
level; the modulation depth for AM, the deviation for FM or PM. 
The process must introduce the minimum noise and distortion, and 
prevent the modulation from exceeding the permitted level. 

3. Radiate the minimum signals at frequencies outside the permitted 
bandwidth. Out-of-band or spurious radiation is strictly controlled 
by the Radiocommunications Agency MPT specifications. 


10.1.2 Amplitude-modulated transmitters 


Figure 10.1 is a block diagram of an amplitude modulated transmitter; 
in this case a quartz crystal oscillator generates the carrier frequency, 
although a frequency synthesizer could equally well be used. The 
carrier frequency in an AM transmitter is usually generated either at 
the transmitted frequency or one of its subharmonics; 2nd, 3rd or 6th 
subharmonic frequencies are typical choices depending on the final 
frequency. 

The output of the oscillator is amplified to the level of the specified 
power output and if the oscillator runs at a subharmonic a frequency 
multiplier stage will be included, as in Figure 10.1, in the amplifier 
chain before the final stage, the power amplifier (PA). A tuned filter 
in the aerial circuit removes from the output unwanted frequencies 
which might cause interference with other users. A matching circuit 
correctly matches the impedance of the filter circuit to that of the 
aerial to ensure maximum power transfer. 

In the audio circuits, the speech input from the microphone is 
processed by controlling the range of frequencies it contains and lim- 
iting its amplitude. This eliminates the risk of over-modulation and 
the production of out-of-band frequencies. Over-modulation produces 
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out-of-band frequencies in any transmitter, but with AM once 100% 
modulation is exceeded frequencies are produced across a wide range 
of the spectrum: a disastrous situation for other users. After processing, 
the audio is amplified in an AM transmitter to a high level and applied 
to the RF power amplifier to vary its output in the form illustrated in 
Figure 8.2. 

AM transmitters are power inefficient. The RF PA cannot operate 
in class C. It must be linear so as not to distort the speech, and 
the audio, when it is the power amplifier which is modulated, must 
be amplified to a high power. If the modulation is applied at a lower 
power level (in an early stage of the amplifier chain) all the subsequent 
amplifiers must operate in a linear, but inefficient, manner. 

The power output of an AM transmitter is normally specified in 
terms of the RMS value of the carrier power but the average and 
peak powers will depend on the depth of modulation, 100% modu- 
lation producing a peak power of twice the carrier peak power (see 
Chapter 8). 


10.1.3 Angle modulated transmitters 


Figure 10.2 is a block diagram of a frequency modulated transmitter 
using a frequency synthesizer for carrier generation. The frequency is 
generated at the final frequency and RF amplifiers raise the power level 
to that specified for the transmitter output. When a crystal oscillator 
is used for carrier generation, it must operate at a very low frequency 
because a quartz crystal oscillator can be frequency modulated by a 
few radians only. Several stages of the RF amplifier chain then operate 
as frequency multipliers. Similar filter and aerial matching circuits to 
those of an AM transmitter are necessary in the output arrangements 
of the transmitter. 

The audio processing circuitry is similar to that for AM transmit- 
ters but the modulation (deviation) is applied to a stage operating at 
a very low RF power level (directly to the VCO in a synthesizer- 
equipped transmitter and immediately following the crystal oscillator 
in a direct crystal controlled one); high power audio is not necessary. 
An additional simple circuit in an FM transmitter may be included to 
enhance the higher audio frequencies at a rate of 6 dB/octave. This is 
pre-emphasis and has the merit of improving the level of speech to 
noise at the receiver (signal-to-noise ratio). The audio level must still 
be limited because, while the effect of over-deviation is not as disas- 
trous as over-modulation in an AM transmitter, increasing deviation 
produces a steadily increasing range of frequencies, known as side- 
currents, outside the permitted bandwidth. 
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Angle modulated transmitters are more power efficient than ampli- 
tude modulated because the modulation is applied at a low power 
level and also, as no audio frequencies are directly present in the RF 
amplifier and PA stages, these can operate efficiently in class C. 

Phase modulated (PM) transmitters, because the phase shift with 
modulation is very small, generate the carrier at a very low frequency 
and use direct crystal control. The frequency is then multiplied many 
times, thirty-two to thirty-six is common, up to the final frequency. 
After multiplication, the phase modulation which was originally a few 
radians has effectively become frequency modulation. The phase mod- 
ulation process produces pre-emphasis inherently. As far as the user is 
concerned there is no practical difference between phase modulation 
and frequency modulation with added pre-emphasis. 


10.1.4 Transmitter specifications 


In the UK, the Radiocommunications Agency issues specifications 
with which all equipment must comply. Other countries have their 
own regulatory bodies, such as the FCC in the USA. These specifi- 
cations are concerned principally with the prevention of interference 
and obtaining the maximum use of the frequency spectrum. The char- 
acteristics defined in the MPT specifications and other features which 
affect the user, apart from the physical dimensions, are: 


Supply voltage. 

Operational frequency band. 

Modulation method. 

Channel separation. 

RF power output and impedance. Output ranges from about 0.5 W to 

5 W for hand-portables and 5 W to 25 W for mobiles. The maximum 

power permitted on a system will be specified in the Licence. Output 

impedance is commonly 50 Q. 

e Spurious emissions. The level of these is critical for the prevention 
of interference with other users on different frequencies. The limit 
for VHF and UHF is a maximum of 0.25 wW. 

e Residual noise. Not always quoted by manufacturers, it is the noise 
level existing on an unmodulated carrier. A typical figure is better 
than —40dB referred to full deviation. 

e Audio frequency distortion. Typically <3% and usually measured 
with a modulating frequency of 1 kHz at 60% modulation. 

e Audio frequency response. This is the variation of modulation level 

over the audio frequency spectrum. Typically within +1 dB to —3 dB 

over a frequency range of 300 to 3000 Hz (2.55 kHz for 12.5 kHz 
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channel spacing equipment). It may be quoted with reference to a 
pre-emphasis curve. 

e Switching bandwidth. This is the frequency range over which the 
transmitter will operate without retuning and without degradation of 
performance. Much equipment is now specified to cover a complete 
frequency band, e.g. 146—174 MHz, without retuning. 


10.2 Receivers 
10.2.1 Receiver functions 


A receiver’s functions are: 


e Detect a weak signal; the minimum level, which may be as low as 
0.25 microvolts, defines the receiver sensitivity. 

e Amplify a received signal and maintain the information contained 
in a minimum strength signal at a minimum of 12dB above the 
electrical noise level (signal-to-noise ratio). If the audio distortion 
produced in the receiver is also taken into account the above figure 
becomes the signal-to-noise + distortion (Sinad) ratio. As the signal 
is increased, the ultimate Sinad should attain 50 to 55 dB. 

e Separate the wanted signal from any unwanted ones which may 
be very close in frequency (the adjacent channel may be 12.5 kHz 
away at UHF); the selectivity. 

e Recover the information from the carrier; demodulation. 

e Amplify the audio information to a level suitable for operating a 
loudspeaker; the audio power output. The audio amplification must 
introduce the minimum distortion. 

e Disenable the audio amplifiers in the absence of signal to cut out 
the electrical noise. This is done by the mute or squelch circuit. 


10.2.2 Types of receiver 


It is possible to amplify directly the incoming RF signal to a level suit- 
able for demodulation. This is done in a tuned radio frequency (TRF) 
receiver, but these are seldom used today because of the problems 
of obtaining sufficient selectivity and gain at one radio frequency, 
and the difficulty of retuning a number of RF stages to change fre- 
quency. Almost all receivers designed for analogue communications 
now operate on the superheterodyne principle where the incoming 
radio frequency is converted to a lower, more manageable, interme- 
diate frequency (IF). The fixed IF means that only the oscillator and, 
possibly, one RF amplifier stage need retuning for a change of channel. 
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The lower frequency of the IF facilitates the acquisition of adequate 
gain with stability and selectivity. 

There is little difference in the layout of receivers for AM and FM 
except that the circuits perform their functions differently. Figure 10.3 
is a block diagram of a typical FM receiver with a crystal controlled 
local oscillator. 

When two frequencies are applied to a non-linear circuit such as 
the mixer, they combine to produce other frequencies, their sum and 
difference being the strongest. The superheterodyne mixes a locally 
generated frequency with the received signal to produce a, usually 
lower, frequency retaining the modulation of the received signal. Com- 
monly used values for this intermediate frequency (IF) are 465 kHz 
for MF and HF receivers and 10.7 MHz for VHF and UHF. At these 
fixed frequencies the necessary high amplification with low noise and 
stability and the required selectivity are easier to obtain. The local 
oscillator (injection) frequency = signal frequency + IF frequency. 

Superheterodyne receivers are susceptible to a particular form of 
interference. Assume a local oscillator frequency of 149.3 MHz is 
mixed with a wanted signal of 160 MHz to produce the IF frequency 
of 10.7 MHz. A signal of 138.6 MHz would also combine with the 
local oscillator to produce 10.7 MHz. The frequency of this spurious 
response is the image, or second channel frequency. The IF ampli- 
fier cannot discriminate against it so some degree of selectivity must 
also be provided in the RF amplifier and input circuitry. Intermedi- 
ate frequencies are chosen which are a compromise between ease 
of obtaining adjacent channel discrimination and image frequency 
rejection. 

The IF amplifier contains a block filter, either crystal or ceramic 
(see Figure 7.7), necessary to discriminate between channels adjacent 
in frequency. The design of the filter is crucial. It must be wide enough 
to accommodate the band of frequencies present in the modulation plus 
an allowance for frequency drift and its response over this band must 
be uniform with minimal ripple, particularly if data is to be received, 
yet its response must be of the order of —100 dB at the frequency of 
the adjacent channel. 

Apart from the demodulator the main difference between AM and 
FM receivers lies in the operation of the IF amplifier. The IF stages 
in an AM receiver are linear, although their gain is variable. Part of 
the IF amplifier output is rectified and used to control the gain to 
provide automatic gain control (AGC). An increase of signal above a 
predetermined level, with delayed AGC, causes a reduction in IF gain 
maintaining a sensibly constant audio output level. 


151 


The IF amplifier in a FM receiver possesses a very high gain, 
some 100dB, and is non-linear. On receipt of a signal, or even with 
only the receiver noise, it runs into limitation, cutting off both positive 
and negative peaks of the signal or noise. This gives FM its constant 
level audio output over a wide range of signal levels. It also produces 
the capture effect where a strong signal, fully limiting, completely 
removes a weaker signal. A signal difference of some 6 dB is required 
to provide effective capture. 

Most receivers employ only one change of frequency, single super- 
heterodynes, but double superheterodynes are occasionally used at 
VHF and above. A double superheterodyne changes the frequency 
twice, perhaps to 10.7 MHz for the first IF and then, using a fixed 
frequency crystal second local oscillator, to a lower, often 1.2 MHz 
or thereabouts, second IF. The result is greater gain and selectivity 
but the incorporation of a second oscillator and mixer increases the 
number of possible spurious responses. 

A variation of a very old receiver circuit, the Autodyne, forgotten 
in about 1914, is now finding favour in receivers for digitally modu- 
lated signals. Under its new names of Homodyne or zero-IF receiver it 
lends itself to the purpose. In this type of receiver the local oscillator 
runs at the same frequency as the incoming signal, hence the zero-IF. 
Frequency or phase shifts of the incoming signal representing the data 
emerge from the mixer at base band and are applied directly to the 
processing circuits. 

In a communications receiver the noise generated in the aerial and 
RF stages in the absence of a signal is amplified to what may be, 
when demodulated, an unacceptable level. To eliminate the annoy- 
ance the loudspeaker is switched off during no-signal periods by a 
squelch or mute circuit. The mute circuit rectifies the high frequency 
noise at the demodulator and uses it to switch off the audio ampli- 
fier. When a signal is received the limiting action of the IF amplifier 
of an FM receiver depresses the noise in favour of the signal. Some 
AM mobile receivers use additional FM circuitry to provide improved 
mute action. 


10.2.3 Noise figure 


An ideal receiver would generate no noise and the signal-to-noise ratio, 
in a receiver of given bandwidth, would be determined by the level of 
the signal at the base of the antenna compared with the noise produced 
in the antenna. The noise factor of the ideal receiver is the number 
of times the signal power must exceed the antenna noise power to 
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produce a 1:1 ratio at the receiver. It is given by (see Section 1.5.1): 
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When the receiver input impedance is matched to the antenna 
impedance, half the power is dissipated in the antenna and the noise 
factor is 2 (3dB). In a practical receiver, the noise generated in the 
RF amplifier is the most significant, and the noise figure is the sum of 
the RF amplifier noise plus all the preceding losses. Figures between 
4 and 6dB are common and the higher the noise figure, the worse the 
receiver sensitivity. 


Signal-to-noise ratio (SNR, S/N or Sy) 


Receivers are evaluated for quality on the basis of signal-to-noise ratio 
(S/N or ‘SNR’), sometimes denoted Sy. The goal of the designer is 
to enhance the SNR as much as possible. Ultimately, the minimum 
signal level detectable at the output of an amplifier or radio receiver 
is that level which appears just above the noise floor level. Therefore, 
the lower the system noise floor, the smaller the minimum allowable 
signal. 


Noise factor, noise figure and noise temperature 


The noise performance of a receiver or amplifier can be defined in 
three different, but related, ways: noise factor (Fn), noise figure (NF) 
and equivalent noise temperature (Tg); these properties are definable 
as a simple ratio, decibel ratio or Kelvin temperature, respectively. 


Noise factor (Fx). For components such as resistors, the noise factor 
is the ratio of the noise produced by a real resistor to the simple 
thermal noise of an ideal resistor. 

The noise factor of a radio receiver (or any system) is the ratio of 
output noise power (Pyo) to input noise power (Pyr): 


nol 
Pxi }7=290/K 


In order to make comparisons easier the noise factor is usually mea- 
sured at the standard temperature (7,) of 290K (standardized room 
temperature); although in some countries 299 K or 300 K are commonly 
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used (the differences are negligible). It is also possible to define noise 
factor Fy in terms of the output and input signal-to-noise ratios: 


S 
Rae 
SNo 


where 
Sy is the input signal-to-noise ratio 
Sno is the output signal-to-noise ratio 


Noise figure (NF). The noise figure is the frequency used to measure 
the receiver’s ‘goodness’, i.e. its departure from ‘idealness’. Thus, it 
is a figure of merit. The noise figure is the noise factor converted to 
decibel notation: 

NF = 10 log(Fy) 


where 

NF is the noise figure in decibels (dB) 

Fy is the noise factor 

log refers to the system of base-10 logarithms 


Noise temperature (7.). The noise ‘temperature’ is a means for 
specifying noise in terms of an equivalent temperature. That is, the 
noise level that would be produced by a resistor at that temperature 
(expressed in degrees Kelvin). Evaluating the noise equations shows 
that the noise power is directly proportional to temperature in degrees 
Kelvin, and also that noise power collapses to zero at the temperature 
of Absolute Zero (0 K). 

Note that the equivalent noise temperature T, is not the physical 
temperature of the amplifier, but rather a theoretical construct that is 
an equivalent temperature that produces that amount of noise power 
in a resistor. The noise temperature is related to the noise factor by: 


T. = (Fn — 1)T, 


and to noise figure by 


_, [NF 
T, = KT, log a0. —1 


Noise temperature is often specified for receivers and amplifiers in 
combination with, or in lieu of, the noise figure. 
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Noise in cascade amplifiers 


A noise signal is seen by any amplifier following the noise source 
as a valid input signal. Each stage in the cascade chain amplifies 
both signals and noise from previous stages, and also contributes 
some additional noise of its own. Thus, in a cascade amplifier the 
final stage sees an input signal that consists of the original signal and 
noise amplified by each successive stage plus the noise contributed by 
earlier stages. The overall noise factor for a cascade amplifier can be 
calculated from Friis’ noise equation: 
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where 
Fy _ is the overall noise factor of N stages in cascade 
F, is the noise factor of stage-1 
F, is the noise factor of stage-2 
Fy is the noise factor of the nth stage 
G1 is the gain of stage-1 
G2 is the gain of stage-2 
Gy; is the gain of stage (n — 1). 


As you can see from Friis’ equation, the noise factor of the entire 
cascade chain is dominated by the noise contribution of the first stage 
or two. High gain, low noise radio astronomy RF amplifiers typically 
use low noise amplifier (LNA) circuits for the first stage or two in 
the cascade chain. Thus, you will find an LNA at the feedpoint of a 
satellite receiver’s dish antenna, and possibly another one at the input 
of the receiver module itself, but other amplifiers in the chain might 
be more modest (although their noise contribution cannot be ignored 
at radio astronomy signal levels). 

The matter of signal-to-noise ratio (S/N) is sometimes treated in 
different ways that each attempts to crank some reality into the pro- 
cess. The signal-plus-noise-to-noise ratio (S + N/N) is found quite 
often. As the ratios get higher, the S/N and S + N/N converge (only 
about 0.5 dB difference at ratios as little as 10 dB). Still another variant 
is the SINAD (signal-plus-noise-plus-distortion-to-noise) ratio. The 
SINAD measurement takes into account most of the factors that can 
deteriorate reception. 
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10.2.4 Signal-to-noise ratio and bandwidth 


To obtain the maximum signal-to-noise ratio the bandwidth of every 
circuit must be designed to admit its operational band of frequen- 
cies only. The wider its bandwidth the more noise a circuit admits, 
and the more the bandwidth exceeds that needed, the worse becomes 
the signal-to-noise ratio. There is a linear ratio between bandwidth 
and noise power admitted: doubling the bandwidth doubles the noise 
power. 

Improvements in local oscillator crystal frequency stability has 
resulted in improved signal-to-noise ratios by reducing the necessary 
width of the IF filter. 

Demodulation, the recovery of the audio from the IF bandwidth 
affects the signal-to-noise ratio. The relationship is complex, but con- 
sider two examples. First, for 12.5 kHz channel spacing FM: 


The audio frequency range is 300 Hz to 3000 Hz 
Bandwidth, b = 2700 Hz 
The modulation index M = famaxy /,fm(max) 
Signal/noise out = 3M?/2bx signal/noise in 
For a 12.5 kHz PMR channel: 

M = 2500/3000 = 0.83 

b = 2.7kHz 

3M? /2b = 0.38 
A 0.38 times reduction in power is —4.8dB. Demodulation in 
this case worsens the signal-to-noise ratio by some 5 dB, and if a 
signal-to-noise ratio of 12 dB is required at the loudspeaker, 17 dB 
is needed at the input to the demodulator. 


When channel separations were 25 kHz, and deviation 5 kHz, the sit- 
uation was: 


Audio frequency range, 300 Hz to 3000 Hz 
Bandwidth, b = 2700 Hz 
For a 50 kHz channel: 

M = 5000/3000 = 1.66 

b = 2.7kHz 

3M? /2b = 1.54 
A 1.54 times gain in power is +1.8dB. In this case the demod- 
ulation improved the signal-to-noise ratio slightly. Reducing the 
bandwidth would have the same effect. 


For AM, the signal-to-noise ratio is dependent on the modulation 
depth. The demodulation process reduces the signal-to-noise ratio by 
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6 dB but the recovered audio is less than the IF bandwidth by a factor 
of 3:1 which compensates for the demodulation loss. Reducing the 
modulation depth degrades the signal-to-noise ratio by 6dB for every 
halving of the modulation depth. 


10.2.5 Receiver specifications 


The important features of receiver specifications are: 


Sensitivity. The minimum signal to which a receiver will respond. 
For an AM receiver, the generally accepted standard is the sig- 
nal (30% modulated with sinusoidal tone, either 400 Hz or 1 kHz) 
required to provide an audio output of 50 mW. For an FM receiver, 
the standard is the unmodulated signal required to produce a 20 dB 
reduction in noise. A typical figure is 0.25V (p.d.) for 20dB 
quieting. However, sensitivity is often quoted in terms of either 
the signal-to-noise ratio or Sinad so, in modern parlance, sensi- 
tivity and signal-to-noise ratio are sometimes considered to be 
synonymous. 

Signal-to-noise ratio (may be quoted as Sinad, signal-to-noise and 
distortion). Typically 0.3 wV (p.d.) for 12 dB Sinad. 


e Spurious response attenuation. Typically better than 80 dB. 
e Adjacent channel selectivity. Better than 65 dB at 12.5 kHz channel 


spacing. 

Cross modulation. The modulation, in the receiver, of a wanted 
signal by a stronger, unwanted signal. It is usually caused by non- 
linearity in the receiver RF stages. 

Blocking and de-sensitization. The reduction in sensitivity of a 
receiver due to overloading of the RF stages when a strong sig- 
nal is applied. A blocked receiver may take an appreciable time to 
recover. 

Audio frequency response. Typically within +1dB to —3dB of a 
6 dB/octave de-emphasis curve from 300 Hz to 3000 Hz (2.55 kHz 
for 12.5 kHz channel spacing, above which the response falls more 
rapidly). 

Audio output. Typically 3—4 W. For hand-portables, 100-500 mW. 
(Distortion may also be quoted, typically better than 5%.) 


e Switching bandwidth. As for transmitter. 
e Duplex separation. For a receiver/transmitter combination, the min- 


imum separation between the receiving and transmitting frequencies 
which will permit duplex operation with minimal degradation of the 
receiver performance. 
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10.3 Programmable equipment 


The current trend is for many of the functions of radio 
equipment — even down to the control buttons on the front panel — to 
be software controlled. In one manufacturer’s equipment the only 
screwdriver-adjustable control is that for setting maximum deviation; 
this is insisted upon by the Radiocommunications Agency for use in 
the UK. 

Software control enables radio sets to be cloned so that once a 
single piece of equipment is programmed with its frequencies, power 
output, selective calling, etc., the whole of a fleet of mobiles can be 
identically programmed in a short time. Some of the functions can 
be programmed by the user, but not all, and different manufacturers 
permit different degrees of programming. 

The functions are allocated degrees of priority which determine 
which functions can be changed by each class of person. Again, some 
of the priorities may be altered by the user but the highest priority 
functions are installed in a programmable read only memory (PROM) 
by the manufacturer and can only be altered by replacing the PROM, 
in most instances a job for the manufacturer. 

The essential equipment for major reprogramming is an IBM 
or equivalent computer and the equipment manufacturer’s software 
which is supplied as a package complete with hardware interface and 
instructions. 

Cloning may be carried out using an inter-connecting cable between 
the equipment, or restricted reprogramming via a unit supplied by the 
equipment manufacturer for the purpose. 

The functions which may be programmed from a computer are: 


e Channel frequencies. 

e Transmitter power and deviation. 

e Receiver squelch setting (referred to Sinad ratio). Selective call- 
ing details including encode or decode only, type of signalling, 
extension of first tone and call sign. 

Transmission time out timer. 

Channel busy light. Transmitter inhibit on busy channel. 

Alert tones. Tone decoder indicator. 

Low battery indicator. Battery saver. 


Restricted reprogramming may include: 


e Channel frequencies, including any offsets. 
e Lock out of any channels. 
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Channel spacing. 

Channel search priority. 
Frequency stability. 
Signalling type. 

Control functions. 
Synthesizer reference crystal (the frequency can be trimmed to com- 
pensate for ageing). 
Transmitter power. 

CTCSS (encode and decode). 
Timers. 

Alerts. 


Pagers are also programmable. The functions which can be changed 
include: 


Code number. 

Alert tone/vibrator/repeat. 
Urgency. 

Out of range warning. 
Printer on/off. 

Language of display. 
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11 Microwave communication 


11.1 Microwave usage 


Microwaves are loosely considered to be those at frequencies between 
1 GHz (30cm) and 100 GHz (0.3 cm). Principal ground communica- 
tions usage is for point-to-point links carrying information and control 
signals on systems such as multiplexed communication — including 
data networks, telemetry and mobile radio. The propagation of the 
higher frequencies, 30—100 GHz, is being studied for possible future 
use in micro-cellular radio-telephone systems. These higher frequen- 
cies are also used for satellite communications and radar applications. 
Microwave frequencies up to 3GHz have now been reserved for 
mobile use. 


11.2 Propagation 


The path loss is higher at microwave frequencies than at VHF and 
UHF: Figure 1.5 charts the free space loss between isotropic radiators 
for microwaves at frequencies of 1, 2, 3.5 and 7 GHz over distances 
of 10 to 1000km. The free-space loss between isotropic radiators is 
given by 


Free space loss, dB = 32.4 + 20 log) d + 20 logiy f 


where d is in km and f in MHz. 
The free-space loss between practical antennas is given by: 





4nd)? 1 
Loss, dB = 10 logy, (- x) ) 


7 GG; 


where 

d = path length, metres 

A = wavelength, metres 
G; = power gain of transmitting antenna 
G, = power gain of receiving antenna 


The antenna gains are expressed relative to an isotropic radiator (not 
in dB). 

Absorption varies with atmospheric humidity, and as energy is 
also absorbed by the ground the path height therefore has an effect 
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on the losses. Absorption by rain is a factor at the higher frequencies 
but, although considered to be insignificant below about 3 GHz, it has 
an indirect effect. Wet foliage, for example, produces considerable 
absorption at frequencies as low as 450 MHz. 

Waves of millimetric lengths are special cases and narrow bands of 
very high absorption due to resonance effects exist at 22 and 183 GHz 
for water vapour, and 60 and 119 GHz for oxygen. Non-resonant atten- 
uation occurs due to scatter from rain, hail and snow. The attenuation 
increases with frequency as the wavelength approaches the dimensions 
of a raindrop. Bands of very low absorption, ‘atmospheric windows’, 
where the water vapour and oxygen attenuations are very low occur 
at 37, 97, 137 and 210 GHz. 

Objects close to a path may severely affect the received signal 
and a proposed path must be examined for the likely effects of these 
at the planning stage. The effects may be due either to diffraction 
bending the wave away from the line of sight between the antennas, 
or reflection causing multi-path signals. 

The additional losses in a microwave path caused by objects 
either intruding into the first Fresnel zone or close to it, and which 
exhibit “knife-edge’ or ‘smooth-sphere’ characteristics, are shown in 
Figure 11.1. A negative F/F, indicates an intrusion. When the path 
clearance exceeds 0.6 times the first Fresnel zone radius, the free space 
loss is achieved. 
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Figure 11.1 Knife-edge and smooth-sphere diffraction 


Refraction also affects microwave propagation and temperature 
inversions may cause ducting resulting in a loss of signal and, possibly, 
interference. When ducting occurs, a layer of air of low refractive 
index is formed between two highly refractive layers and a wave may 


161 


be trapped between them. Under these conditions a signal can be 
carried an abnormal distance before it can return to Earth resulting in 
loss of signal at the intended receiver and possibly interference at a 
distant one on the same frequency. 


11.3 K factor 


The degree and sense of refraction of wave is related to a factor known 
as K. Refraction normally bends the wave downwards, extending the 
range, but the refractive index of the atmosphere varies from place 
to place and with time and height. At times, during an atmospheric 
inversion for instance, and in some places on the earth the effect is 
reversed: 


When no bending occurs, K = 1. 

When K > 1, the bending is downwards, effectively increasing 
the Earth’s radius. 

When K < 1, the bending is upwards, effectively reducing the 
Earth’s radius. 


For most of the time K > 1, 1.33 being accepted as the normal factor, 
but for small periods K may be less than one. 

For a point-to-point link, the path between the transmitting and 
receiving sites should be a clear line of sight, although by making 
allowances for refraction, the Earth’s radius has, up to now, generally 
been considered to be effectively increased by the factor of 1.33. 
However, in the interests of reliability a decrease to 0.7 times the 
radius (the minimum K factor considered likely to occur) is now often 
used in link planning. When a link has been planned using a higher K 
factor, a temporary reduction of K not only reduces the radio horizon 
but effectively raises objects close to the path, possibly to the point 
where they become significantly close to the first Fresnel zone. 

It is usual when planning a link to plot the profile of a path on 
paper with curved horizontal graduations to represent the amended 
Earth’s radius. The radio beam can then be drawn as a straight line 
between the antenna locations. Figure 11.2 is an example. 


11.4 Fresnel zones, reflections and multi-path 
fading 


Signals which arrive at the receiver by more than one path as the 
results of reflection or diffraction may arrive in any phase relationship 
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to the direct wave. When they arrive anti-phase to the direct wave, 
cancellations result. The intensity and phase of the spurious signal 
may not be constant, thus providing random multi-path fading. 

Where a carefully drawn profile of a link path shows there to be 
a clear line of sight, the effect of waves reflected or diffracted from 
objects close to the line of the direct wave must then be considered. 
The effect of these indirect waves can be predicted by calculating 
where the reflection occurs in relation to a series of ellipsoids which 
can be drawn around the line-of-sight path between the transmitting 
and receiving antennas. These ellipsoids, known as the Fresnel zones, 
contain the points where reflected waves will follow a path of constant 
length, as shown in Figure 11.3. 


0, ti 
d; + A> = 3+ ay 


Figure 11.3 Fresnel zone: reflected path lengths 


Waves reflected at the odd-numbered Fresnel zones will travel 
an odd number of half-wavelengths further than the direct wave but, 
because a 180° phase change usually occurs in the reflection pro- 
cess, will arrive at the receiver in phase with the direct wave. Waves 
reflected at even-numbered zones will arrive anti-phase to the direct 
wave with a cancelling effect. The effect of reflected waves dimin- 
ishes with reflections from the higher order zones. The radius of a 
Fresnel zone in metres at the point of intrusion is given by: 


hdd 
F, =31.6,/ ; Z 
did 
Pease 
fd 
where 


F, = radius in metres at point of intrusion 
d, + dy = d (path length in km) 
A = wavelength in metres 
f = frequency in MHz 


First zone, F;: 





or 
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Second zone: 
Fy = J2 x F 


Third zone: 
FP; = V3 x F 


and so on. 

The degree of reflection from an object depends on its nature, the 
greatest reflection occurring from smooth flat ground or water. Where 
a path lies over the sea, variations in the path length of a reflected 
wave due to tides may render a path unusable. When the height of 
the antenna closest to the sea is varied, the effect of the reflected 
wave passes through a series of minima and maxima and adjustment 
of the height of that antenna can reduce or, occasionally, overcome 
the effect. 

Atmospheric conditions change giving rise to fading and variations 
of the multi-path effects. The reliability of a link may be crucial to 
the success of a complete system and, where a critical path in terms 
of performance exists, long-term tests are advisable to ensure that 
variations of propagation do not reduce the reliability to an unaccept- 
able level. Paths which contain obstacles in the line of sight which 
will cause additional losses are obviously suspect. So are those where 
objects or large stretches of water or flat ground which might produce 
diffraction or reflections of the wave lie close to the line of sight. 


11.5 Performance criteria for analogue 
and digital links 


The transmission quality for analogue modulated systems is based 
on the signal-to-noise ratio. The noise is specified relative to a stand- 
ard test tone level and is commonly expressed as either picowatts 
psophometrically weighted (pWp) or decibels (dB) of C-message 
weighted noise above a reference noise level of —90dBm (defined 
as OdBrncO). Typical objectives range from 28 dBrncO for long-haul 
routes to 34dBrncO for short-haul routes. When the signal fades the 
noise increases until the threshold noise level is reached. When the 
threshold (typically 55 to 58dBrncO) is exceeded, the transmission 
quality is considered unacceptable. 

With digitally modulated systems the bit error rate (BER) is the 
measure of transmission quality. The bit error rate is the number of bit 
errors per total received averaged over a period of time. If the trans- 
mission rate is 10 Mbits per second and 100 bit errors occur over a 100 
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second period, the BER is 10~’, an average of 1 error in 10° bits. The 
acceptable level of transmission is determined by the type of traffic. 

For PCM voice traffic, bit errors manifest themselves as clicks and 
a threshold of 10~° (1 click approximately every 15 seconds) is usually 
considered acceptable. At this threshold the speech is intelligible, but 
beyond it the clicks become annoying and intelligibility falls rapidly. 

For data with error correction a higher BER of 10~® is normally 
acceptable (Communications International, 1989). 


11.6 Terminology 


A number of different units are used worldwide to define the 
performance and transmission levels of a radio relay system (for 
decibel definitions see Chapter 2). Important international definitions 
and units are: 


e Zero transmission reference point. This is a point arbitrarily estab- 
lished in a transmission circuit, with all other levels in the circuit 
being stated with reference to this point. Its relative level is OdBr. 

e Standard test tone. The standard test tone for use at audio circuit 
points is defined as a power of 1 milliwatt (0dBm) at a frequency 
of 1000 Hz applied at the zero transmission reference level point. 


11.7 Link planning 


Planning a link involves producing a profile of the path and calcu- 
lating the net loss in the system to arrive at a transmitter output 
power which will produce the designed signal-to-noise ratio at the 
receiver. A simple example using the profile of Figure 11.2 is shown 
in Section 11.8. 

Transmission lines and waveguides are discussed in Chapter 3 and 
microwave antennas in Chapter 4. 


11.8 Example of microwave link plan 


Frequency: 2000 MHz 


Antenna type, station A: P6F-17C height agl. 20m 
Antenna type, station B: P6F-17C height agl. 20m 
Feeder type, station A: LDF5P50A loss, dB/100m 6.46 
Total length, antenna to equipment 30m 
Feeder type, station B: LDF5P50A loss, dB/100m 6.46 


Total length, antenna to equipment 30m 


styropyro 
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Performance 

Path length: 20km, therefore clear path loss 
Obstruction loss 

Feeder loss, station A: 

Feeder loss, station B: 

Feeder tail loss, total for link 

Connector loss, total for link 


Total loss 


Gain, antenna A 
Gain, antenna B 
Total gain 


Nett loss (total loss — total gain) 
Receiver threshold for max. signal/noise 
Design fade margin 

Design receiver input level 

(threshold — fade margin) 
Transmitter output power 

(receiver input — nett loss) 


Reference 


124.0 dBi 
0.0 dB 
1.9dB 
1.9dB 
1.5 dB 
1.5 dB 


130.8 dB 


28.6 dB 
28.6 dB 
57.2 dB 


73.6 dB 
—125.0dBW 


+30.0 dB 


—95.0 dB 


—21.4dBW 


Krzyczkowski, M. (1989). Communications International, August. 


12 Information privacy and encryption 


12.1 Encryption principles 


Radio communication was never secret, but since the advent of fast 
frequency scanning receivers the ability to overhear, even on cellular 
radio telephones, is within easy reach of anyone. Privacy systems are, 
however, available which will deter the casual listener and gain time 
against the determined eavesdropper. 

Messages, which may be either speech or data, are encrypted to 
prevent both eavesdropping and the injection of spurious information. 
The aim is to make the encryption and decryption as easy and inex- 
pensive as possible for authorized users and time-consuming, difficult 
and costly for the eavesdropper (cryptanalyst). Figure 12.1 shows a 
standard cryptographic channel. 





Estimated 
message M 


Plain text 
message M 


Cryptanalyst 










Secure channel 





Key K 
Figure 12.1 Cryptographic channel 


A plain text message M (speech, written or digital) is encrypted 
by mixing with a key K to produce a cipher text. The cipher text 
may be transmitted over a channel which is accessible to the public 
and hence to the cryptanalyst. The key is issued via a secure channel 
to the authorized recipient who uses it to decipher the message. The 
cryptanalyst without access to the key attempts to derive the maximum 
information from the cipher text to enable him or her to estimate the 
content of the message. 

One key may be used continuously or for long periods or, to 
increase the cryptanalyst’s confusion, the key may be changed fre- 
quently, perhaps even for each character of the message. A sequence of 


167 


168 


key changes which repeats after a fixed number of characters produces 
what is known as periodic encryption. 

Encryption may be either symmetrical or asymmetrical. Symmet- 
rical encryption uses the same key for both encryption and decryption. 
Asymmetrical encryption uses a different key for each process, thus 
providing for different levels of authorization. Encryption keys may 
be supplied to many persons who are authorized to transmit encrypted 
messages but decryption keys may be issued to only a few authorized 
recipients. 


12.2 Speech encryption 


The encryption of speech offers fewer possibilities than does the 
encryption of written or digital data messages. The simplest method of 
encrypting speech is scrambling by inverting the speech frequencies; 
Figure 12.2 shows this process. 










Low-pass Low-pass 
Mixer filter Scrambled Mixer filter 
Speech speech Speech 
300-3400 Hz 300-3400 Hz 
erect inverted erect 


Oscillator Oscillator 
3700 Hz 3700 Hz 


Figure 12.2 Speech inversion 


The speech, contained in the band 300-3400 Hz, is mixed with a 
key frequency of 3700 Hz producing an erect, upper side band from 
4000—7100 Hz, and an inverted, lower side band where the 300 Hz 
components of speech have become 3400 Hz and the 3400 Hz have 
been inverted to 300 Hz. The upper side band is rejected by a lowpass 
filter and the inverted lower side band is transmitted. In the receiver 
the scrambled speech is mixed again with 3700 Hz to produce an erect 
side band — the original non-inverted speech message. 

Simple inverted speech is easily unscrambled. There is little choice 
of key frequency and if the eavesdropper uses a slightly different 
frequency the pitch is changed but the speech is readable. Also, if the 
centre frequencies only of the inverted band are selected by means of 
a band-pass filter, inverted speech becomes intelligible. 
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A sophistication which renders the speech more secure divides 
the speech band into sections and transmits them separately using 
a different key frequency for each band (audio frequency hopping). 
The divisions of the speech band may also be treated as blocks and 
transposed in time according to a user-programmable pattern to create 
further confusion in the mind of the eavesdropper. 

The most up-to-date methods of speech scrambling convert the 
speech into digital form by either pulse code modulation (PCM) or 
some other method. The digits corresponding to the speech may then 
be either transmitted as frequency modulation, e.g. FFSK, on an ana- 
logue radio system or, possibly after further encryption, transmitted 
directly on a digital system. Digitized speech creates improved security 
not only by the digitization itself but by offering the higher encryption 
capabilities of data. 

The price to be paid for security with analogue encryption is a 
degradation of the received signal-to-noise ratio by 9 dB, effectively 
reducing the range of a transmitter by approximately 40%. 


12.3 Data encryption 


Digital data may be encrypted by changing the digits, perhaps adding 
superfluous digits, and transmitting the resultant cipher message either 
in blocks of a fixed size or as a stream. 

Block encryption treats the blocks in the same way as in the 
encryption of speech, with different keys being used for each block — or 
each character — and the blocks re-distributed in time. 

Stream encryption has no fixed block size and each plain text 
bit, M;, is encrypted with the ith element, K;, of a pseudo-random, 
sometimes called pseudo-noise (PN), key. 

Figure 12.3 shows two methods of generating pseudo-random keys 
or pseudo-noise. The first, Figure 12.3(a), operates as follows. At each 
clock pulse the contents of the pre-loaded four-stage shift register are 
stepped forward from left to right. Immediately after the shift, the 
output bit is fed back into the Ist and 2nd stages. It introduces a new 
bit into stage 1, and is added by modulo 2 addition to the new content 
of stage 2, producing a new set of contents. The initial loading of 1100 
emerges as a pseudo-random 15 bit sequence which then repeats. The 
periodicity of the sequence is given by: 


Sequence length, characters = 2" — 1 


where N = the number of stages in the shift register. 
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PN code 


100001111010100 
(Read from right to left) 












= 


Stages _ 







Modulo 2 
(excl. OR) 
adders 


(b) Plain text bits 
Code length = 2" - 1 
e.g. N=5, length = 31 characters 

Figure 12.3 Pseudo-noise (PN) generation 


For a four-stage register, therefore, the sequence repeats after 
15 bits and is shown in Figure 12.3(a). 

A more commonly used method combines the outputs of two or 
more of the earlier stages in a modulo 2 adder and feeds the result 
back to the input of the register as in Figure 12.3(b). 

To form the cipher text the resultant pseudo-random key is mixed 
with the original data message in a second modulo 2 adder. If the 
clock rate for the shift register is the same as the bit rate of the 
plain text message, the plain text bits are exchanged for those of the 
modulo 2 sum, but if the shift register runs faster than the plain text 
bit rate, additional bits are added into the cipher text. This is more 
common and extends the time taken by a cryptanalyst to estimate the 
message. The price to be paid for the improved security is either a 
slower effective bit rate for the message or a higher overall bit rate 
and hence an increased bandwidth requirement. 

Mixing the cipher text with the output from an identical PN gen- 
erator in the receiver recovers the original text. 


Modulo 2 addition 


A modulo 2 adder is an exclusive-OR gate which produces a logic 
1 output whenever either of the inputs is at logic 1 and the other 
is at logic 0. When both inputs are identical, the exclusive-OR gate 
produces a logic 0 output. 
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The truth table for an exclusive-OR gate is: 


Input = Output 
B Y 


BeRrOoOO| Ss. 
rr Or © 


0 
1 
1 
0 


Modulo addition is not limited to two inputs. Any quantity of binary 
numbers may be added: if there is an odd number of logic 1s in a 
column, the adder produces a logic | output, if an even number, i.e. 
no remainder in the binary addition, the output is logic 0. 


Synchronous encryption 


The key is generated independently of the message from a previ- 
ously loaded register. If a character is lost during transmission of a 
synchronous text, resynchronization of transmitter and receiver key 
generators is necessary before transmission can continue. 


Self-synchronous encryption 


The key for each character is derived from a fixed number of previous 
characters of the plain text message. For example, the shift register 
is pre-loaded with the plain text characters so that in a four-stage 
register the key used for encrypting the 4th character will be the 4th 
previous message character. If a self-synchronized transmission loses 
a character, the system automatically re-synchronizes the same number 
of characters (in this case four) later. 

Written messages may be encrypted using one of the classical 
mechanical methods of rearrangement of the letters before digital 
encryption. 

When sufficient RF channels exist frequency hopping is a further 
possibility, and the spread spectrum technique, where the signal energy 
is spread over a very wide band of frequencies, not only offers very 
high security but also makes detection of the signal difficult. The shift 
register techniques described above are also used for generation of 
the frequency hopping sequence and the spreading of the base band 
frequencies. 
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12.4 Code division multiple access (CDMA) 
or spread spectrum 


The extension of pseudo-random key or noise generation is code divi- 
sion multiple access or spread spectrum transmission, described in 
Chapter 8. The spread spectrum technique provides an extremely high 
level of security by reducing the radiated energy at any one frequency 
to very little above the ambient noise level by spreading the trans- 
mission over a very wide band. The transmitter uses what is in effect 
an extended digital key to spread the bandwidth and the receiver is 
equipped with an identical key for de-spreading. The transmission 
almost disappears into the noise and, without the appropriate key, the 
existence of a spread spectrum signal is very difficult to detect. 


12.5 Classification of security 
Unconditionally secure 


Those systems where the cryptanalyst has insufficient information to 
estimate the content of the cipher regardless of the amount of time 
and computation facilities available. This is only realistic when using 
what is known as a one-time pad where the key is used once and once 
only. 


Computationally secure 


Encryption systems are specified in terms of the amount of time taken 
by a cryptanalyst to estimate the cipher’s contents using the state of 
the art techniques. Unless an extremely long periodicity is used for a 
progressive key — months and even years in some instances — requiring 
many stages in the shift register, it is possible for a cryptanalyst who 
knows, or can estimate, a small part of the message to calculate all 
the parameters necessary to decipher the message. However, stream 
encryption with a pseudo-random key approaches perfect secrecy for 
a finite number of messages. 
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13 Multiplexing 


Multiplexing enables several information (speech or data) channels 
to be carried simultaneously over one bearer, a wide band, single 
frequency microwave radio link for example. Both frequency and 
time division multiplex are common methods. On trunked radio sys- 
tems where channels are allocated to users on demand the multi- 
plexing is referred to as frequency- or time-division multiple access 
(FDMA, TDMA). 

Frequency division multiplexing (FDM) used to be a common 
technique for sharing analogue trunk circuits between 12 (or mul- 
tiples of 12) separate channels. This is an analogue technique that 
been superseded by the use of digital trunk circuits, where digital 
multiplexing is employed. FDM is still used on some satellite and 
microwave links, although most links are now using digital techniques. 
Some systems such as cellular telephones use separate transmit and 
receive frequencies, which is known as frequency division duplex- 
ing (FDD). 


13.1 Frequency division multiplex 


Frequency division multiplex divides a broad band of frequencies into 
slots, each wide enough to accommodate an information channel. This 
is achieved by amplitude modulating a higher frequency subcarrier 
with each speech signal to form groups of channels. 

Each speech channel contains frequencies between 300 and 
3400Hz plus, in some systems, an out-of-band signalling tone 
of 3825Hz and a guard band. Each channel modulates a base 
band subcarrier spaced at 4kHz intervals upwards from 64kHz. 
This produces an upper and lower side band from each channel 
(Figure 13.1). The carrier and upper side band are removed by 
filters and the lower (inverted) side band is transmitted. At the 
receiver, the base band frequencies are again mixed with the same 
subcarrier frequency to restore the original speech. The subcarrier 
frequencies are maintained to an accuracy of +1 Hz which creates 
the +2Hz frequency translation error quoted in some telephone line 
specifications. 

Twelve such channels form a ITU-T basic group B occupying 
the band between 60 and 108kHz. This basic group B may now be 
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(c) Production of groups A and B 
Figure 13.1. Frequency division multiplex 


mixed with 120kHz to produce a lower side band of 12 to 60kHz, 
now basic group A. Filters leave 60 to 108kHz free for a new basic 
group B. 

The process may be repeated by using five basic groups to mod- 
ulate still higher-frequency carriers, to produce super- and hyper- 
groups. 

For FDM data communications, the bearer circuit bandwidth of 
3000 Hz is divided into 12 channels each of 240 Hz bandwidth. Data is 
transmitted at 110 bits per second allowing a send-and-receive channel 
in each block of 240 Hz. 


13.2 Time division multiplex (TDM) 


A time division multiplex system conveys digital data, and speech 
must first be converted to data. TDM allocates short-duration time slots 
within a wider time frame to each information channel. For example, 
a continuous stream of data sent over a link at a rate of 2400 bit/s 
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could convey the information contained in four 600 bit/s channels in 
short sequential bursts. 

If the duration of one input bit is 1/600s or 1.666 ms, a seven- 
bit character occupies 11.66ms and 85 such characters can be sent 
per second. If the transmitted rate can be speeded up each bit sent at 
2400 bit/s has a duration of 416s and 343 seven-bit characters can 
be sent per second. Such a system is shown in Figure 13.2. The data is 
stored in the buffers at the transmitter and the clock pulses are applied 
to each store/gate sequentially allowing one character from each data 
channel to be transmitted at a rate of 2400 bit/s. Perfect synchroniza- 
tion must be maintained between all channels and the transmitter and 
receiver to avoid data errors. 


Store and 
ate 
Link1 2 Gate 





600 bit/s ne 
600 bit/s 
Clock 1 
bit 
600 bit/s Link 2 
600 bit/s 
Clock 2 Common line} Clock 2 
2 tiie 2400 bit/s 
600 bit/s Link 3 
600 bit/s 
Clock 3 
600 bit/s Link 4 


Link 4 
600 bit/s 





Clock 4 Clock 4 
Figure 13.2 Time division multiplex 


The principle is illustrated in Figure 13.3 where a 1s time frame 
at 2400 bit/s contains 343 time slots, each of 2.92 ms and containing a 
character from a specific information channel. Every second, therefore: 
channel A would occupy slots 1, 5, 9, ..., 337 
channel B would occupy slots 2, 6, 10, ..., 338 
channel C would occupy slots 3, 7, 11, ..., 339 
channel D would occupy slots 4, 8, 12, ..., 340 


This leaves three blank slots; in practice slots are also allocated for 
preamble, address and synchronization purposes. 
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Figure 13.3 TDM time frame 
13.2.1 European E1 multiplexing 


The digital base band signal adopted in Europe operates at 64 kbit/s 
and the multiplexed signal at 2048 kbit/s. An eight-bit word or sample 
of a PCM voice channel (see Chapter 14) occupies 3.9 1s, and the 
interval between successive samples of a channel is 125 «1s, the time 
frame duration. Therefore, the number of channels (time slots) that 
can be accommodated in one frame is 125/3.9 = 32. Thirty of the 
slots are used for information channels and two for control purposes 
(Figure 13.4). 


125 us 
TSO TS1 TS2 etc. TS30 TS31 
—| —_ 
3.9 ws Each voice channel time slot 


contains 8 bits 0.488 ys wide 


Figure 13.4 TSO, TS16 are used for signalling; TS1-TS15 and TS17-TS31 are 
used for voice channels 


In the European E1 system, timeslots are numbered 0 to 32. Time- 
slot zero (TSO) is used for synchronization and TS16 is used for 
signalling. The signalling channel is therefore operating at 64 kbit/s. 
Digitized voice is carried in the remaining 30 timeslots. Voice channels 
1 to 15 are carried over TS1—15. Voice channels 16—30 are carried 
over TS17-31. 


13.2.2 American T1 (D1) multiplexing 


The American T1 system is a 1.544 Mbit/s transmission system. The 
data format should be referred to as DS-1, but T1 is sometimes used 
instead. Timeslots (TS), or channels, in this system are numbered 1 
to 24; there are 23 available to carry traffic and TS24 is used for 
synchronization. Each timeslot carries 8 bits, sampled at 8kHz. An 
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additional bit is sent at the end of each frame (known as the frame- 
bit or F-bit) so there are 24, 8-bit timeslots, plus | bit = 193 bits per 
frame. 

The synchronization word sent in TS24 is coded as 10111 YRO. 
The Y and R are dependent upon the data multiplexer and are for the 
manufacturer’s use. 

Signalling information is transmitted using ‘stolen’ bits from each 
channel, rather than using a separate timeslot as in the European El 
system. Bits are not stolen from timeslots in every frame, because 
this would degrade the quality of a voice channel. Instead, the least 
significant bit of every sixth frame is used for signalling. Thus the 
effective word length of the encoded voice is 7.833 bits, rather than 
8 bits of the El system. 

There are two virtual signalling channels (A and B) created by 
the use of stolen bits. Signalling Channel A is derived from bits 
stolen from timeslots during the sixth frame. Signalling Channel B 
is derived from bits stolen from timeslots during the twelfth frame. 
This is repeated for every superframe. Each channel has a data rate of 
24 bits per 12 frames (1.5 ms), or 16 kbit/s, giving 32 kbit/s signalling 
in total. Although this data rate is half that of the El system, there 
are only 23 voice channels instead of the 30 used in the El system. 

The F-bit is used to identify the frame, which is important when 
extracting the signalling information. Because only one in six frames 
are used for signalling, it is vital to know which ones carry the 
information and which ones carry voice traffic. Also there are two 
signalling channels and these must be separated at the receiver end 
of the system. A six bit data pattern of 1 0 0 0 1 1 is transmitted, 
followed by the inverse: 0 1 1 1 0 0. The complete 12-frame sequence 
is known as a superframe. 


13.3 Code division multiple access (CDMA) 


Spread spectrum transmission (described in Chapter 8) is a form of 
multiplexing. In addition to high security it permits multiple occupa- 
tion of the wide — typically 1.25 MHz — frequency band. A number of 
users possessing keys of low correlation can occupy the same band 
at the same time. The system operates well in poor signal-to-noise or 
high interference environments. 

Digital signals can be multiplexed by coding each source indi- 
vidually. Instead of transmitting logical 1’s and 0’s, a data pattern 
is assigned to each bit. The pattern for a logical 1 could be a ten- 
bit word (e.g. 1011010011); a separate pattern would represent a 
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logical 0. Correlation (i.e. pattern matching) between a known sig- 
nal and a signal received with a certain code gives an indication of 
whether the bit received is a 1 or a 0. This technique allows the occa- 
sional error in the data path without affecting the received bit. More 
often, it allows several users to transmit at the same frequency. Each 
user is allocated a different data pattern so that only the correct person 
will be able to decode the signal; all other signals will be ignored. 
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14 Speech digitization and synthesis 


14.1 Pulse amplitude modulation 


The digitization of analogue waveforms by pulse code modulation is 
accomplished in two stages. First the waveform is sampled to produce 
pulse amplitude modulation (PAM). Short-duration samples are taken 
at regular intervals which are long compared with the sampling time 
but short in relation to the highest signal frequency. The result is a 
train of pulses whose amplitude envelope is the same as the analogue 
waveform. The envelope (Figure 14.1) will contain: 


e clock frequency fc, the sampling rate 

e all the signal frequencies contained in the waveform from the low- 
est, fi, to the highest, f, 

e upper and lower side bands, (fc — f2) to (fe — fi) and (f- + fi) 
to (fe + fr) 

e harmonics of f, and the upper and lower side band frequencies 

a DC component equal to the mean value of the PAM waveform. 


a [es Sampling time 







Sampling rate, f, 


Figure 14.1. Pulse amplitude modulation 


The envelope contains the original signal frequencies and can be 
demodulated by a low-pass filter which will pass f but not the clock 
frequency. The clock frequency must therefore be higher than 2 fo. 
For line communications in the UK a clock frequency of 8kHz is 
used with a maximum modulating frequency of 3400 Hz. 


14.2 Pulse code modulation 


To overcome the susceptibility of PAM signals to corruption of the 
amplitude waveform by noise and interference, the waveform is pro- 
cessed further to produce pulse code modulation (PCM) before 
transmission. 
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In this process the magnitude of the PAM samples with respect to 
a fixed reference is quantized and converted to a digital (data) signal. 
Quantizing rounds off the instantaneous sample pulse amplitude to the 
nearest one of a number of adjacent voltage levels. Figure 14.2 illus- 
trates the process for an eight-level system. In the figure the amplitude 
at fo is 2, between 4 and 5 at t;, between 5 and 6 at fy, etc. After quan- 
tization the values would be 2 at fo, 5 at t;, 5 at tf and so on. The 
difference between the amplitude levels and the rounded-off values is 
the quantization noise or distortion. 
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Figure 14.2 Eight-level pulse code modulation 


The binary pulse train — leaving a one-bit synchronizing space 
between each number — for this example would be as in Figure 14.3. 
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s = Synchronization space 


Figure 14.3 Binary pulse train (from Figure 14.2) 


The number of quantizing levels is 2” and the highest denary 
number represented is (2” — 1) where n is the number of bits used 
to represent each sample. If each train of pulses is accompanied by 
one synchronizing bit, the number of bits per sample is (n + 1). If the 
sampling rate is f., the transmitted bit rate is (n + 1) f,. For example, 
an eight-bit word — including the synch. bit — is commonly used to 
represent a sample, so, with a clock frequency of 8 kHz: 


number of quantizing levels = 2’ = 128 
sampling rate, f, = 8 kHz 
therefore transmitted bit rate = (n + 1) f. 


= 64kb/s 
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The maximum frequency of the pulses will be when transmitting alter- 
nate Is and Os, and the occupied bandwidth, 5 x bit rate, 32 kb/s. 

Quantization as described above is linear, i.e. the spacing of the 
quantization levels is the same over the range of pulse amplitudes. 
This produces a poor signal-to-noise ratio for low-level signals which 
is improved by the use of more closely-spaced levels at small signal 
amplitudes than at large amplitudes. Where non-linear quantization 
is used the most significant bit of the sample character identifies the 
polarity of the signal. 

If linear quantization is used then about 12 bits per sample are 
needed to give a good voice quality, which requires a bit rate of about 
96 kbits/s. For coding speech using non-linear quantization 8 bits per 
sample is sufficient, which requires a bit rate of 64 kbits/s. Two slightly 
different non-linear PCM codecs were standardized in the 1960s. In 
America u-law coding is the standard, but in Europe A-law coding 
is used. 


14.3 ADPCM codecs 


Adaptive differential pulse code modulation (ADPCM) codecs are 
waveform codecs which quantize the difference between the speech 
signal and a prediction of the speech signal. If the prediction is accu- 
rate, then the difference between the real and predicted speech samples 
will be small. The signal will be accurately quantized with fewer bits 
than would be needed using standard PCM. At the decoder the quan- 
tized difference signal is added to the predicted signal to give the 
reconstructed speech signal. 

The performance of the codec is aided by using adaptive predic- 
tion and quantization. The predictor and difference quantizer adapt 
themselves to the changing characteristics of the speech being coded. 

The CCITT (now ITU-T) standardized a 32 kbits/s ADPCM, known 
as G721, in the 1980s. The quality of the reconstructed speech was 
almost as good as that from standard 64 kbits/s PCM codecs. Since 
then G726 and G727 codecs operating at 40, 32, 24 and 16kbits/s 
were standardized. 


14.4 The G728 low delay CELP codec 


At bit rates of around 16kbits/s and lower the quality of waveform 
codecs falls rapidly. Thus, at these rates, CELP codecs and their 
derivatives, tend to be used. CELP stands for Code Excited Linear 
Prediction. A code representing a voice pattern is transmitted, rather 


182 


than coding short samples of voice signal. The code is calculated by 
looking at the long-term changes in the voice and then predicting how 
the voice pattern will change. Since the pattern takes some time to 
establish, CELP codecs produce a delay. 

A backward adaptive CELP codec was standardized in 1992 as 
G728. This codec uses backward adaptation in its calculations. This 
means that, rather than buffer 20 ms or so of the input speech for its 
calculations, the pattern of previous speech is used. This means that 
the G728 codec has to analyse fewer samples than traditional CELP 
codecs. The G728 codec uses only 5 samples giving it a total delay 
of less than 2 ms. 


14.5 The GSM codec 


The ‘Global System for Mobile communications’ (GSM) is a digital 
mobile radio system which is extensively used throughout Europe, 
and also in many other parts of the world. The GSM codec provides 
good quality speech, although not as good as the slightly higher rate 
G728 codec. 

The GSM full rate speech codec operates at 13 kbits/s and uses 
a regular pulse excited (RPE) codec. This codec has short-term and 
long-term predictors to estimate how the voice pattern will change 
over time. 

The input speech is split up into 20 ms long sections, called frames, 
and for each frame a set of eight filter coefficients are calculated for 
the short-term predictor. Each frame is then divided into four 5 ms 
sub-frames, and for each sub-frame the encoder calculates the delay 
and gain needed for the codec’s long term predictor. Finally, after both 
short and long term prediction has been applied, the residual signal is 
quantized for each sub-frame. The filter coefficients for the short term 
predictor, the delay and gain of the long-term predictor and the coded 
residual signal are all transmitted. The receiver uses all these values 
to reconstruct the signal. 
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15 VHF and UHF mobile communication 


Mobile communication operating throughout the VHF and UHF bands 
is expanding rapidly and, although the fastest growth has been in the 
radio-telephone field, interest in private mobile radio (PMR) is undi- 
minished. Most of the procedures described for PMR are applicable 
to many other branches of radio communication, so traditional PMR 
is considered here. Other systems are discussed in later chapters. 

A private mobile radio system, comprising a base station and 
mobiles, is one that is effectively owned by the user and, under the 
conditions of the licence, may only be operated by the user’s own staff 
for his or her own business. Airtime cannot be leased to other persons. 


15.1 Operating procedures 


Frequencies are normally allocated in pairs, one for the up-link to 
the base station and one for the down-link to the mobile (not to 
be confused with a radio link used for control purposes). Such a 
pair of frequencies, spaced sufficiently apart to permit simultaneous 
transmission and reception by a station, comprises the radio channel. 
Occasionally, for special purposes and for small, low-power, and pos- 
sibly temporary, operations a single frequency only may be allocated. 
The mountain rescue teams are an example. 

The methods of operating are as follows. 


Single-frequency simplex 


This method uses a common frequency for transmission and reception 
by all stations operating on the system (Figure 15.1). Transmission 


Rx 
f, 


Mobile 2 
transmitting 






Base station 
4 receiving 
Mobile 1 
receiving 


Figure 15.1 Single-frequency simplex 
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and reception cannot take place simultaneously at a station, and a 
receiver is switched off whenever the transmit switch is operated. 
This prevents blocking of the receiver by the transmitter and acoustic 
feedback occurring. The method allows all stations within range to 
hear both sides of a conversation and to relay messages to more distant 
stations; an obvious advantage for mountain rescue. 

At the end of a transmission an operator must say ‘over’ and 
switch off the transmitter to hear the reply. A conversation must end 
with the word ‘out’ so that other stations are aware that the system is 
unoccupied. 


Two-frequency simplex 


Separate frequencies are used for transmission and reception but whilst 
a station is transmitting its receiver is still switched off (Figure 15.2). 
Mobiles hear only the base station and, therefore, the relaying of mes- 
sages is not possible. A further disadvantage is that because mobiles 
hear only the base station, they may be unaware of the system occu- 
pancy and transmit, interfering with an existing conversation. The 
advantage of two-frequency simplex is the avoidance of receiver block- 
ing or de-sensitization, not only from the associated transmitter but 
also, at base stations where several channels within the same band are 
located, from nearby transmitters. 
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Figure 15.2 Two-frequency simplex 


Duplex and semi-duplex 


Separate frequencies are used for transmission and reception and, in 
full duplex, all stations can transmit and receive simultaneously as in 
a two-way telephone conversation (Figure 15.3). While a station is 
transmitting, its receiver audio output is switched from the loudspeaker 
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Figure 15.3 Duplex 


to an earpiece to prevent acoustic feedback. A mobile cannot receive 
other mobiles directly but full duplex enables all stations to break in 
on a conversation in an emergency or to query part of a message; 
it also facilitates the use of talk-through where mobiles can speak 
to each other via the base station. To maintain awareness of system 
occupancy the base station may transmit a series of pips as an engaged 
signal during pauses in the despatcher’s speech. 

Many systems operate semi-duplex where only the base station 
operates a duplex procedure and the mobiles use a simplex procedure. 
This avoids the higher cost of duplex mobiles and offers most of the 
facilities of duplex, except that a despatcher cannot break in on a 
transmitting mobile. 


Open channel/‘All informed’ 


All mobiles hear all the calls from control, i.e. no selective calling is 
in operation. 


Selective calling 


Mobile receivers remain quiescent until specifically addressed; the 
opposite of open channel working. Individual mobiles, groups and a 
whole fleet may be addressed. 


Auto-acknowledgement 


When selectively called a mobile automatically transponds, sending 
the code for its address and, possibly, its status information. 
Mobiles can only acknowledge when individually addressed; auto- 
acknowledgement on group and fleet calls is prevented to avoid 
mobiles transponding simultaneously. 
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Status updating 


The transmission, automatically or manually, of the data denoting the 
mobile’s current status. 


Call stacking 


The storage of calls from mobiles and their presentation in call order 
to the despatcher. Arrangements are usually made to raise urgent calls 
to the top of the stack with an enhanced display. 


15.2 Control of base stations 


Where adequate radio signals over the desired service area of the 
system can be provided by one base station sited at the control point, 
it can be easily controlled, either directly from the front panel or over 
a multi-way cable. 

In many instances, to obtain adequate coverage, the base station 
must be sited on high ground remote from the control point. Then, 
either a land line or a radio link, both of which will today probably be 
digital and the link microwave, must be used for control. A land line 
will most likely be rented but radio links are favoured by those users 
who insist on the complete system being under their direct control. 


15.3 Common base station (CBS) operation 


An economic method of providing mobile communication for users 
with a small quantity of mobiles and light traffic is a common base 
station or community repeater system. Although still referred to as 
private mobile radio, the base station is shared by several users who 
pay a fixed subscription for the service irrespective of airtime used. 
The station is controlled by radio using tone-controlled talk-through 
or what is sometimes called reverse frequency trigger (not normally 
permitted on a true PMR system). Figure 15.4 shows the layout of a 
single-station CBS system. Each participant’s office contains a fixed 
transmitter/receiver operating on the same frequencies as a mobile 
and equipped with CTCSS. Different CTCSS tones are assigned to 
each user to ensure privacy. All office stations must use a direc- 
tional antenna so that they access only the base station to which they 
subscribe. 

When a user transmits, from either the office station or a mobile, 
the base station, on receipt of a signal containing a valid CTCSS tone, 
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Figure 15.4 Common base station system 


enters a talk-through mode. The caller’s CTCSS tone is retransmitted 
and, in turn, opens the mute on all that user’s mobiles allowing com- 
munication via talk-through. Mobiles are equipped with ‘busy’ lamps 
to indicate whenever the system is engaged, and transmission time-out 
timers to prevent excessively long calls excluding other users. 


15.4 Wide area coverage 


Where the desired service area for one radio channel is larger than can 
be covered by a single base station the way in which the base stations 
are to be controlled requires special consideration. Crucial aspects are 
the presentation of the best received signal from a mobile to the control 
operator or despatcher and the selection of the transmitter most likely 
to provide the best signal at the location of the mobile. 


Receiver voting 


Well-proven receiver voting circuits which present the best received 
signal to the despatcher have been used for many years. These circuits 
sample the signals received from a mobile at each base station and, 
by means of coded information—which may be either digital or in the 
form of continuous tones—enable equipment at the control centre to 
automatically select the best. The selection may be made by comparing 
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either the signal-to-noise ratio or the signal strength of the received 
signal. If the information is to be used solely to select the best signal 
in terms of readability, the signal-to-noise ratio is probably the bet- 
ter characteristic to use, but if the information is also to be used to 
select a base transmitter, the signal strength could be considered more 
satisfactory. Some systems utilize both types of information. 

A typical 3-station voting system is shown in Figure 15.5 where 
signal sampling and vote encoding occur at the receiving sites and 
the coded information is passed over the base station control system 
to the control centre. This method is necessary when the selection is 
made on a signal strength basis, but where the signal-to-noise ratio is 
used for the selection the sampling and encoding can be done at the 
control centre taking into account the noise occurring in the control 
network. Receiver voting systems operate very quickly, and changes 
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Figure 15.5 Radio scheme with one transmit/receive plus two receiver-only 
stations with voting 
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of the selected receiving site may occur several times during a message 
without the despatcher’s awareness. 

The broadcast transmit and receive paths are not always recipro- 
cal, for instance when low power hand-portables are integrated with 
higher power vehicular mobiles. In these circumstances the use of 
additional receiver-only fill-in stations is an economic and satisfactory 
proposition. 

Base transmitter control poses a problem much more difficult to 
resolve. The selection of a base transmitter to communicate with a 
mobile whose precise whereabouts may be unknown, the broadcast- 
ing of messages to all, or groups of, mobiles whose locations may 
be widespread, and the provision of talk-through between mobiles 
are all facilities required on major systems, and difficult to provide 
satisfactorily. Apart from trunking, which can be economic only on 
very large networks, there are three traditional methods of operating 
the base transmitters on wide area schemes: manual selection, auto- 
matic selection and simultaneous transmission from more than one 
transmitter. 


Manual transmitter selection 


On many systems the despatchers select the transmitters manually. It is 
the simplest and least expensive method but has serious disadvantages: 


1. Making the selection may entail trying a number of transmitters 
before sending the message, increasing the operator’s work load 
and wasting air time. 

2. Mobiles outside the service area of the selected transmitter may 
call, interrupting an existing conversation, either because they are 
unaware that the system is engaged or have received a poor signal 
that they believe may have been intended for them. Transmitting 
bursts of ‘engaged’ pips sequentially over the unselected transmit- 
ters during pauses in the despatcher’s speech alleviates the first 
situation; the use of selective calling overcomes the second. 

3. Broadcast messages must be transmitted on each transmitter in turn 
and talk-through between mobiles which are not in the service area 
of the same transmitter is not practicable. 


Automatic transmitter selection 


Selecting the transmitters automatically, or semi-automatically, is an 
improvement over manual selection. On a system where the mobiles 
are not equipped with selective calling and automatic acknowledge- 
ment of a call, automatic selection of transmitters can only occur on 
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receipt of a call from a mobile. The transmitter through which to reply 
is then selected by the receiver voting system at the same time as it 
selects the signal to present to the despatcher. The selection is made at 
the start of the call and, because of the switching times involved, the 
transmitter selected is retained for the duration of the call. On these 
open channel systems, a calling despatcher must initially manually 
select a transmitter. 

On systems where selective calling and auto-acknowledgement 
of a call are provided, the system can be made fully automatic by 
transmitting the data corresponding to a mobile’s call sign from each 
transmitter in turn until a satisfactory acknowledgement is received. 
The successful transmitter is then retained for the duration of the con- 
versation and, at its conclusion, is usually the one used to commence 
another call. 

Such a system overcomes the disadvantage of the need to manually 
select the transmitter but the problems with mobiles outside the service 
area of the selected transmitter, and of broadcasting and talk-through, 
remain. 


Simultaneous transmission 


Operationally, simultaneous transmission from all sites is ideal and, 
under various names such as Spaced Carrier, Simulcast and Quasi- 
synch., has been around since the mid-1940s. Its operational value is 
proven but systems require special care in their planning, adjustment 
and subsequent maintenance. 

An early form of simultaneous transmission was the amplitude 
modulated spaced carrier system. Used very successfully at VHF on 
systems using 25 kHz channel separation, the transmitter carrier fre- 
quencies were separated by 7 kHz — above the mobile receivers’ audio 
pass-band. With the reduction of channel spacings to 12.5 kHz, spaced 
carrier operation on this basis was no longer possible and alternatives 
are to either synchronize, or very nearly synchronize, the carrier fre- 
quencies. There are, however, undesirable effects of synchronous and 
quasi-synchronous transmission but, with care, these can be reduced 
to an acceptable level. They are: 


1. The beat note between transmitters being audible in the mobile 
receiver. 

2. Variations in signal level due to interference patterns between sig- 
nals from more than one transmitter. 

3. Distortion due to audio phase differences and differing modulation 
levels when signals of comparable strength are received from more 
than one transmitter. 
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The beat note is easily dealt with. It is rendered unobjectionable either 
by placing it outside the mobile receiver audio pass-band — which is 
the usual method — or by synchronizing the transmitter carrier fre- 
quencies so that no beat note is produced. Synchronization, however, 
raises other problems, which are particularly severe at VHF but less 
so at UHF. 

The spaced carrier system placed the beat note above the receiver 
pass-band, but modern systems place it below. This means that the 
beat note between the lowest and highest carrier frequencies must be 
below about 150 Hz if it is to be unobtrusive. Tests have shown the 
optimum carrier separation to be from 0.5 Hz to 4Hz between any 
two transmitters using amplitude modulation, and from 5 Hz to 40 Hz 
between adjacent frequency transmitters using angle modulation. 

Two transmitters on the same or closely-spaced frequencies pro- 
duce deep nulls in the received signal in the areas where they pro- 
vide almost equal strength signals. This is a natural phenomenon and 
the effect can only be reduced by the correct siting of stations and 
antenna configurations. Because of the longer wavelength the effect is 
more detrimental at VHF than UHF. Where the frequencies are quasi- 
synchronous the interference pattern is continually moving, but with 
synchronized carriers the pattern is virtually stationary and at low band 
VHF wavelengths it is possible to stop a vehicle in a place of semi- 
permanent zero signal. While moving slowly in an area of equal signal 
strengths from two transmitters, the cancellations become very objec- 
tionable. At 450 MHz the distance between the nulls is so short that 
it is almost impossible to remain in one, and while moving they are 
unnoticed. Strong signals in the overlap areas minimize the time that 
the signals fall below the receiver noise threshold at each cancellation. 
They are the key to reducing the annoyance from the cancellations. 
Amplitude modulated systems have an advantage in that the receivers 
produce less severe bursts of noise during the signal nulls. 

The audio distortion, provided the equipment does not introduce 
significant additional harmonic distortion, is attributable to audio phase 
differences in the signals received from more than one transmitter. 
For the distortion to be severe, the received signals must differ by 
less than 6dB on an angle modulated system; capture effect in the 
receiver removes the audible effects at greater differences. 

The phase differences arise from differing audio characteristics in 
all the circuits in the path including land lines, radio links and control 
equipment. Common to all systems are the phase differences due to 
the different path lengths from the control centre to a receiving mobile, 
but where land lines or multiplexed circuits are used for the control 
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of the base stations, variable bulk and group delays and frequency 
translation errors can present serious difficulties. Tests have shown 
AM to be slightly more tolerant than angle modulation in respect of 
this type of distortion, phase delays of 1001s being acceptable with 
AM compared with 70 ws with FM. 

Differing path lengths between the control centre to the transmit- 
ting sites can be equalized by installing audio delay circuits at the 
transmitters. The path lengths from each transmitting site to all the 
places where equal signals occur must then be less than about 21 km 
(equivalent to 70 js) for acceptable quality. Modern techniques enable 
delays to be dynamically equalized to compensate for variations in 
the path. 

Figure 15.6 shows the layout of a multi-station scheme including 
the audio delays. However, signals do not confine themselves to neat 
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Figure 15.6 Quasi-synchronous transmitter system 
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circles and the worst situation is where the signals from two trans- 
mitters arrive at a mobile more or less equal in strength and phase. 
In this situation, apart from the ripple caused by the carrier frequency 
offset of the transmitters, a satisfactory signal would still be received 
but, occasionally, the presence of a weaker signal from a third, dis- 
tant station (C in Figure 15.6) intrudes during the cancellation periods 
and, because of its long path length, introduces severe distortion. The 
area where this situation occurs is often small and the areas of overlap 
can usually be moved slightly by adjustment of either the transmitter 
power or antenna directivity. 


16 Signalling 


Many radio receivers are required to respond to instructions sent to 
them over the radio channel to which they are tuned. Several methods 
of signalling these instructions are in use, from the continuous tones 
used for controlling the receiver mute operation to the rapid data 
to initiate channel changes and transmitter power control on cellular 
radio-telephones. 


16.1 Sub-audio signalling 


The slowest signalling system uses continuous sub-audio frequency 
tones. Known as continuous tone controlled signalling (previously 
squelch) system (CTCSS) its performance, in the UK, is specified 
in Radiocommunications Agency specification MPT 1306. The most 
common use for the system is to control receiver mute opening. Per- 
mitting a mute to open only on receipt of an authorized signal, its use 
enables privacy between users to be maintained on shared systems, 
common base station systems for example, and reduces the annoy- 
ance factor from interference in the absence of a signal. Thirty-two 
tones are permitted and assigned by the Radiocommunications Agency 
(Table 16.1). 


Table 16.1 CTCSS tones and modulation levels 


67.0 110.9 146.2 192.8 
71.9 114.8 151.4 203.5 
77.0 118.8 156.7 210.7 
82.5 123.0 162.2 218.1 
88.5 127.3 167.9 225.7 
94.8 131.8 173.8 233.6 
103.5 136.5 179.9 241.8 


107.2 141.3 186.2 250.3 


The tones are transmitted at very low modulation levels 
(Table 16.2). 


Table 16.2 Modulation levels 


System channel Amplitude modulation Angle modulation 





spacing Modulation depth (%) Peak deviation + Hz 
25 kHz 10 to 20 400 to 800 
12.5 10 to 20 200 to 400 
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16.2 In-band tone and digital signalling 


16.2.1 Dual tone multi-frequency (DTMF) 


Developed for telephone work, dual tone multi-frequency signalling 
has crept into some radio systems but is slow to operate compared 
with other in-band systems. Two tones are transmitted simultaneously 
to represent each digit. In the UK they conform to the MF4 code 
(Table 16.3). 


Table 16.3 MF4 code of DTMF tones 


Digit Frequencies (Hz) 

1 697 1209 
2 697 1336 
3 697 1477 
4 770 1209 
5 770 1336 
6 770 1477 
7 852 1209 
8 852 1336 
9 852 1477 
0 941 1336 
+ 941 1209 
# 941 1477 


Some push button telephones signal to the local exchange by gen- 
erating a combination of two frequencies. Each row and each column 
of the push button keypad is connected to an oscillator of set fre- 
quency. When any push button is pressed, tones corresponding to its 
row and column frequencies are therefore generated. The row and 
column oscillator frequencies are as shown below: 
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16.2.2 5-tone signalling 


So-called 5-tone signalling uses a series of tones — usually five but 
other quantities are used in some systems. The system is popular 
for selective calling and addressing purposes (Table 16.4). There are 
a range of tones established by various organizations but, although 
the tones in each series may be assigned to each digit, equipment 
manufacturers sometimes amend the code and the usage. The rel- 
evant Radiocommunications Agency document is MPT 1316, Code 
of Practice, Selective Signalling for use in the Private Mobile Radio 
Services. 


Table 16.4 5-tone codes 


Standard ZVEI 
Tone duration 70 
(ms) 

Pause duration 0 
(ms) 

Code/digit 

0 2400 
1 1060 
2 1160 
3 1270 
4 1400 
5 1530 
6 1670 
7 1830 
8 2000 
9 2200 
Repeat 2600 
Alarm 2800 
Free-tone 

Group tone 970 


DZVEI 


70 


0 


Tone frequency (Hz) 


970 
1060 
1160 
1270 
1400 
1530 
1670 
1830 
2000 
2200 
2400 
2600 


825 


EIA 


33 


2151 


CCIR/ 
EEA 


1055 


CCITT 


100 


EURO 


100 


0 


980 
903 
833 
767 
707 
652 
601 
554 
511 
471 
1063 


1153 


ZVEI Zuverein der Electronisches Industrie. Designed to operate on 20 kHz chan- 
nel spaced systems. On 12.5kHz channel spaced systems transmission of 
2800 Hz creates difficulty and depressed ZVEI (DZVEl) was adopted and 
recommended in MPT 1316. 


EIA Electrical Industries Association. 


CCIR Committee Consultatif International Radio Communication. The longer tone 
duration offers robustness against corruption but is slow to operate. Orig- 
inally designed for marine use, each digit was transmitted twice to ensure 


reliability. 


EEA Electronic Engineering Association. Recommended in MPT 1316. 
CCITT International Telegraph and Telephone Consultative Committee. 
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16.3 Digital signalling 
FFSK 


Many analogue modulated systems use digital signalling in the form 
of 1200 bit/s fast frequency shift keying which is faster than 5-tone 
but less robust. 


DCS 


Digitally coded squelch (DCS) is a digital, but slower, alternative 
to CTCSS. It is not in current use in the UK. DCS continuously 
repeats the constant binary bit pattern of a 23 bit word. Golay error 
coding reduces the number of data bits to 12 of which 3 initiate the 
Golay sequence leaving 9 information bits, i.e. a 9 bit word. With 
a 9bit word, 2° = 512 codes are possible but, because of problems 
with the frequencies produced, the codes with 7 or more Is or Os in 
succession are discarded leaving 104 ‘clean codes’. The transmitted 
rate is 134bit/s and the highest fundamental frequency is therefore 
67 Hz. The lowest fundamental frequency is produced when 6 zeros 
follow 6 ones = 1/6th of the fundamental frequency = 11.7 Hz. The 
important harmonics are: 


third = 201 Hz 
fifth = 335 Hz 
seventh = 469 Hz 


The seventh harmonic is well within the audio pass band of most 
receivers but at 3 octaves from the fundamental is relatively weak. 


16.4 Standard PSTN tones 


v 
x 


& 


Number unobtainable 


Number busy 
System busy 


Dial tone 


Ringing tone 


Pay tone 
Time tones 


Recorder warning 


& 
N 
¥ 
S 
g 
& 


400 Hz 
400 Hz 
400 Hz 


50 Hz 

33.3 Hz 

400 Hz, or 
400 + 450 Hz, 
modulated by 
17, 25, or 50 Hz 

400 Hz 

900 Hz 


Signal 


UK 


gy 
< 
< 
a 
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Continuous 

0.75 s on, 0.75 s off 
0.48 on, 0.35 s off, 
0.225 s on, 0.525 s off 


0.4s on, 0.258 off, 
0.4s on, 2s off 


0.125 on, 0.125 off 
0.15s on, 0.85 off. Three 
times every three minutes 





xy 
§ 
& 
& 

500 + 600 Hz 
480 + 620 Hz 
480 + 620 Hz 
350 + 440 Hz 
440 + 480 Hz 
1400 Hz 


USA 


y 
< 
< 
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Interrupted every second 
Interrupted once per second 
Interrupted twice per second 


Interrupted once per second 


One burst, every 15s 
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17 Channel occupancy, availability 
and trunking 


17.1 Channel occupancy and availability 


The usefulness of any communications network depends on successful 
calls. Assuming that no calls fail for technical reasons, the success rate 
depends on the amount of traffic on the channel and how well it is 
managed. Channel occupancy is a measure of the amount of traffic 
carried and is affected by: 


1. the number of subscribers (mobiles on a radio network) 
2. the number of calls per subscriber in a given time 
3. the average duration of each message. 


The occupancy of any system varies hourly, daily and possibly sea- 
sonally. To be successful the network must be able to cope with the 
traffic during the periods of highest occupancy and, when consider- 
ing occupancy it is usual to examine the conditions over one hour, 
the ‘busy hour’. The occupancy of a channel can be expressed as a 
percentage: 


net 
Channel occupancy = ae 


where 
n = number of subscribers (on a mobile radio system, mobiles on 
watch) 


c = call rate (number of calls per subscriber in 1 hour) 
t = average message duration in seconds 


Occupancy may also be expressed in erlangs where continuous traf- 
fic, i.e. 100% occupancy over a specified period, is 1 erlang. Less 
than 100% occupancy is expressed as a decimal fraction, e.g. 30% 
occupancy is 0.3 erlang. Demand may also be expressed in traffic 
units, A: 


Ct 
A = — erlangs 


where C is the number of calls in time T and ¢ is the mean call 
duration. 

The amount of congestion occurring on a system can be defined 
by the grade of service it offers. Grade of service is expressed as a 
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percentage in terms of the probability of meeting either congestion or 
waiting more than a specified delay before a call can be established. 
Erlang’s formula is: 


AY /N! 


Grade of service = ——@ ————_—___<__$_$______—_ 
1+ A+ A?/2! + A3/3!4+---+A/N! 





where A is the number of traffic units (erlangs) and N is the number 
of outlets (trunked channels). 
The probability that delayed calls will have to wait more than a 
specified time (W > f) is: 
(C — A)t 
P(W > t) =exp (o) 


where 

A = traffic units (erlangs) 

C = number of trunked channels 

H = mean call duration in busy hour 


The above assumes that: 


the number of users is infinite 

the intervals between calls are random 

call durations are random 

call set-up times are negligible 

delayed calls are queued so that they are dealt with on a first come, 
first served basis. 


WRwWN 


The number of potential radio users is continuously growing and any 
technique that makes more effective use of the finite radio spectrum is 
welcome. Whenever technology has permitted, higher frequencies and 
reduced channel spacings have been employed in the attempt to meet 
the demand. A method of making more effective use of the available 
spectrum is trunking. 


17.2 Trunking 


The generally accepted term for the automatic allocation of communi- 
cation channels to subscribers on demand is trunking, and a ‘trunked 
radio system’ is one in which many users share the use of a common 
pool of radio channels. Channels from the pool are allocated to users 
on demand and as they become unoccupied; no channels are allocated 
to specific users or groups of users. 
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When making a telephone call, provided the speech quality is good 
it is immaterial which route the call takes. The same applies to radio; 
providing the message reaches the right person quickly, the radio fre- 
quency which carries it does not matter. 

Most trunked radio systems use a calling channel on which calls 
are requested. When a call is established and accepted a working 
channel from the pool is allocated for the duration of the call and at 
its termination the channel is returned to the pool for re-allocation to 
another user. The important principle is that any user has access to any 
free channel. This has the advantage that more mobiles per channel 
can be accommodated, or a better grade of service, i.e. less waiting 
time for access, can be provided. Basic trunked systems are unsuitable 
where everyone using the system needs to be a party to every call but 
the latest trunked mobile radio system arrange, on receipt of a call, to 
assign a working channel to a particular group of mobiles where they 
operate within the service area of one base station. They then operate 
on an ‘all informed’ basis. 

Trunking provides the most benefit when the number of channels 
required is greater than the number assigned to the system. The effec- 
tive gain in the number of mobiles that can be accommodated on a 
trunked system is illustrated by the following example: 


A single radio channel with an efficient signalling system offering a 30% 
grade of service can accommodate 90 mobiles with a mean waiting time 
of 20 seconds if each mobile makes I call. Twenty non-trunked channels 
cater for 1800 mobiles. A 20 channel trunked system under the same 
conditions can accommodate 3430 mobiles with a mean waiting time of 
16.4 seconds, a trunking gain of over 170 mobiles per channel. 


The mobile transmitter/receivers used on trunked systems are more 
complex than those used on systems where channels are permanently 
allocated because the mobiles must either scan the channels searching 
for an available one or one containing a call directed to them, or 
listen continuously on a channel designated for calling. In the latter 
case when a call is initiated, a complex ‘handshake’ procedure occurs 
and the mobile is automatically switched to the channel allocated for 
that conversation. The band III public access mobile radio (PAMR) 
networks use a calling channel and many common base station (CBS) 
systems use channel scanning methods with no calling channel. 
Working channels may be assigned for the duration of conversa- 
tion, which is message trunking, or for the duration of a transmission, 
which is transmission trunking. With either type of trunking the chan- 
nel is not returned to the pool immediately the signal from the mobile 
is lost; some waiting time is essential to cater for short-term signal 
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dropouts but with message trunking the channel is retained for a longer 
period of time to allow the complete conversation to take place. On 
a very busy system this is wasteful and, on a system with very rapid 
signalling, transmission trunking may be used. Then the use of the 
working channel is lost very soon after the cessation of transmission 
and a new working channel assigned on its resumption. Some net- 
works automatically migrate from message trunking to transmission 
as traffic increases. 


17.3 In-band interrupted scan (IBIS) trunking 


IBIS trunking is a method which is finding favour for common base 
station applications. All channels are used for communication with no 
dedicated calling channel, thus making the most effective use of the 
channels available. 

On a CBS system all users access the base station, which operates 
talk-through, by radio. Each user is allocated his own continuously 
coded squelch system (CTCSS) tone to access the base station and to 
prevent overhearing by other users. A trunked common base station 
contains the transmitters and receivers for a number of radio chan- 
nels and when the system is quiescent transmits bursts of an in-band 
(speech band) free-tone — 1953 Hz is one that is used — on one channel 
only. The mobiles, which are fitted with decoders to recognize both 
the free-tone and their CTCSS tone, scan all channels looking for one 
containing free-tone onto which they lock. Should the mobile operator 
press the transmit button the transmitter will only be enabled when 
the mobile receiver is on a channel containing either the free-tone 
or its CTCSS code. As soon as the channel becomes occupied the 
base station commences to radiate free-tone on another channel and 
mobiles of other user groups re-lock onto the new free channel. When 
either a mobile or the control station, which is a fixed mobile, makes 
a call it is on the channel radiating free-tone and the transmission 
contains the CTCSS code allocated to that user group. The repeater 
re-transmits the CTCSS code which activates the calling mobile and 
all other mobiles within that group. Mobiles of other user groups sens- 
ing the alien CTCSS tone leave the channel and continue scanning for 
a free channel. If all channels are engaged, the caller hears a ‘busy’ 
tone and must try again later. 


17.4 Trunking to MPT 1327 specification 


Specification MPT 1327 produced by the Radiocommunications 
Agency lays down a signalling standard for trunked private land 
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mobile radio systems. The system uses fast frequency shift keying 
(FFSK) at 1200 bit/s with time division random access. The mobiles 
operate two-frequency semi-duplex and the base stations or trunking 
system controller (TSC) operate full duplex. A calling channel is used 
for call establishment but may be either dedicated or nondedicated. 
After a call is established messages are transmitted over a traffic 
(working) channel. The basic components of the signalling format, 
in sequence, are: 


1. The link establishment time (LET), a period of transmission of 
undefined modulation. 

2. A preamble comprising a sequence of bit reversals 1010. . .10, min- 
imum 16 bits and ending with a binary zero for the receiver data 
demodulator to achieve synchronization. 

3. A message. A contiguous transmission of a synchronization se- 
quence, address codeword and, where appropriate, data codewords. 

4. A hangover bit, H, of either binary zero or binary one, added 
to the last transmitted message identifying the end of signalling 
transmission. 


The message synchronization sequence for both control and message 
channels consists of 16 bits, the first bit being a binary one on a control 
channel and binary zero on a traffic channel. 

Messages, whether address or data, are transmitted in 64 bit code- 
words. The first bit, bit 1, indicates the status of the codeword. Binary 
one denotes an address word, binary zero, a message word. Bits 2—48 
are the information field and bits 49-64 are check bits. 
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18 Mobile radio systems 


18.1 Paging 


Where an immediate reply to a message is not essential, paging sys- 
tems, which are basically a one-way path from controller to mobile, 
are an economic option. Paging is also spectrally economic, only one 
frequency being required and messages being of very short duration. 
The recipient of a call may be merely alerted by means of a tone emit- 
ted by the paging receiver or, if silent alert is required, a vibration. 
Alternatively, pagers displaying, and storing, alpha-numeric messages 
are readily available. Message handling services are also offered on 
some paging systems. 

On-site paging systems are usually owned or rented by the user 
and consist of either a radio base station or, in the case of a non-radio 
system, an inductive loop around the perimeter of the service area. 
The details of on-site paging systems and the Radiocommunications 
Agency specifications governing them are: 


RF frequencies: 


on-site, 26 MHz and 31 MHz bands, MPT 1365 
49.0—49.5 MHz, MPT 1335 

160—161 MHz 

458-459 MHz, MPT 1305 


Channel spacings: 


12.5 kHz in the VHF bands and 25 kHz in UHF band 
Modulation: 
FM, FFSK data 


Wide area, national or international systems are generally owned by a 
network provider to whom the user subscribes for the service. There 
are frequencies allocated in the high VHF and UHF bands. The appro- 
priate specifications are MPT 1308 for receivers and MPT 1325 for 
transmitters. 

The Post Office Code Standardization Group (POCSAG) standard 
which has been adopted by the CCITT allows the transmission of mes- 
sages at a rate of 10 calls per second and a capacity of | million pagers 
with up to four alternative addresses per pager. The recommended bit 
speed is 512 bit/s with direct FSK deviating the transmitter frequency 
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by +£4.5 kHz. Positive deviation indicates a binary zero and negative 
deviation a binary one. 

In America the Golay sequential code is widely used for paging 
addressing. The format for tone-only paging consists of 12 address 
bits followed by 11 parity bits for each 23 bit word. Two bit rates 
are used, 300 bit/s for address codewords and 600 bit/s for message 
codewords. 

There are European paging and message systems in operation 
including Euromessage and the frequency agile European Radio Mes- 
sage Service (ERMES). 


18.2 Cordless telephones 
CT1 


The first generation of cordless telephone, still very popular in the 
UK, is designed to serve the domestic environment with a range of 
100 m. The base station transmits on one of eight frequencies between 
1.6 MHz and 1.8 MHz, and the handset on one of eight frequencies 
in the 47 MHz band. Frequency modulation is used with a deviation 
of +4kHz at the base station and 2.5 kHz at the handset. MPT 1322 
applies and permits an erp of 10 mW at both the base station and the 
handset. 


CT2 


The second generation of cordless telephone. The services, under 
various names, telepoint, phonezone, etc. were planned to provide 
for the general public a lower cost alternative to the cellular radio- 
telephone networks which were seen at the time as a businessman’s 
preserve. However, the low market uptake caused their demise in the 
UK although services are thriving in some European and Far Eastern 
countries. 

One hand-portable transmitter/receiver can operate to a local base 
station installed in the home or office, or through one of a number 
of multi-channel base stations with a range of approximately 200m 
installed in public places. While away from the local base station the 
subscriber must initiate a call: calls cannot be made from the PSTN 
to a CT2 subscriber’s handset. 

The operational frequencies are in the band 864.1 to 868.1 MHz 
and employ time division multiple access. Speech is digitized at 
32 kbit/s, stored, and then transmitted at 64 kbit/s in 1 ms slots. This 
leaves the alternate | ms slots available for the digitized and stored 
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speech of a reply. Duplex operation is achieved in this way on a single 
radio frequency. 

Inter-operability between networks was to be ensured by specifi- 
cation MPT 1375 Common Air Interface. 


Digital European cordless telephone (DECT) 


A pan-European system complying with an ETSI standard, DECT 
operates in the 1880 to 1900 MHz band. It offers data handling facili- 
ties and the ability for a subscriber to receive calls while away from the 
local base station. The techniques are similar to those used for GSM 
although, because the mobile is virtually stationary, the constraints 
on data transmission are less severe and no hand-off is required. The 
20 MHz RF bandwidth is divided into 13 carriers spaced at 1.7 MHz 
intervals, each carrier containing 12 TDMA channels with GMSK 
modulation. 

CT3 is developed from DECT and operates in the band 800 to 
900 MHz. Each 8 MHz section of that band is divided into 1 MHz 
blocks, each containing sixteen | ms time slots. 


18.3 Trunked radio 
Bank III trunked radio 


So-called because it occupies part of the now redundant television 
band III, 174 to 225 MHz, and often referred to as private mobile radio, 
this is a subscriber access system. The network has almost nationwide 
coverage in the UK, arranged on both local and regional bases. The 
network permits radio communication between a fixed office station 
and mobiles, mobile to mobile, and limited access from mobiles to 


the PSTN. 
The relevant Radiocommunications Agency specifications are: 


MPT 1323 Angle-modulated Radio Equipment for Use at Base 
and Mobile Stations Private Mobile Radio Service 
Operating in the Frequency Band 174-225 MHz. 
MPT 1327 A Signalling Standard for Trunked Private Land 
Mobile Radio Systems. 

MPT 1343 System Interface Specification for Radio Units to be 
Used with Commercial Trunked Networks 
Operating in Band III sub-band 2. 

MPT 1347 Radio Interference Specification for Commercial 
Trunked Networks Operating in Band III 
sub-band 2. 
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MPT 1352 Test Schedule. For Approval of Radio Units to be 
Used with Commercial Trunked Networks 
Operating in Band III sub-band 2. 


Frequency modulation is used with FFSK signalling, a channel spacing 
of 12.5kHz and TDMA techniques (Section 17.4). 


Trans-European trunked radio (TETRA) 


A new European standard for digital trunking. The system is aimed 
at PMR users and will employ TDMA with four users sharing a 
25 kHz radio channel with the option of two users on a 12.5 kHz 
channel. Speech will be digitally encoded at 4.8 kbit/s and transmitted 
at 36 kbit/s (gross bit rate including error correction overhead) using 
m/4 differential quaternary phase shift keying (DQPSK). 


Digital short range radio (DSRR) 


This utilizes trunking techniques but with no infra-structure of control 
or switching centres; mobiles work to mobiles via a locally installed 
repeater. It offers great potential for short-term hire for local events. 
The band 933 to 935 MHz has been allocated to the service and accom- 
modates 76 traffic and 2 control channels separated by 25 kHz. The 
operating procedure may be either single-frequency simplex or two- 
frequency semi-duplex. Mobiles remain on standby waiting to receive 
their selective signalling code (SSC) on one of the two control chan- 
nels; mobiles with even serial numbers normally listen on control 
channel 26 and those with odd serial numbers on control channel 27. 
A mobile wishing to initiate a call first scans for a free traffic channel 
and, having obtained one, selectively addresses the intended recipients 
of the call over the relevant control channel. The recipient mobiles are 
then instructed automatically by the system to go to the appropriate 
traffic channel. 

The modulation is GMSK at 4kbit/s for addresses and 16 kbit/s 
for speech and data messages. The maximum transmitter erp is 4 W. 


18.4 Analogue cellular radio-telephone networks 


Analogue networks are becoming obsolete and are being replaced by 
digital cellular networks. There are no analogue networks operating 
in the UK and the frequency bands that they used to occupy are now 
reassigned to GSM operators. 
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However some countries still have an analogue service based on 
AMPS or TACS. These provide national coverage with roaming facil- 
ity and hand-off from cell to cell as a mobile travels across the 
network, calling for more complex signalling than local trunking. 

The control system must know at all times the location of all 
operational mobiles. It does this by continuously monitoring signal 
strength and instructing the mobile to change channel as it crosses 
cell boundaries. 

To permit the maximum re-use of frequencies mobiles are 
instructed by the system controller to reduce transmitted power to the 
minimum necessary for acceptable communications in either eight or 
five steps, depending on the mobile classification, to 0.01 W. Mobiles 
are classified by their maximum effective radiated power output: 


Class 1 10 W erp, vehicle mounted 
Class 2 4W erp, transportable 
Class 3 1.6 W erp, transportable 
Class 4 0.6 W erp, hand-portable 


The channel separation is 25kHz with a peak speech deviation of 
+9.5 kHz. Signalling is by Manchester encoded PSK at 8 kbit/s with 
6.4kHz deviation. 

To discriminate between stations transmitting on the same RF 
channel an FM supervisory audio tone (SAT) is transmitted concur- 
rently with speech at +1.7 kHz deviation. There are three such tones: 
5970, 6000 and 6030 Hz. 

An FM signalling tone (ST) of 8 kHz transmitted for 1.8 seconds 
(deviation = +6.4kHz) indicates the clear-down of a conventional 
telephone call. 

The advanced mobile phone service (AMPS) is the American cel- 
lular system designed for 30kHz channel spacing with a 10kbit/s 
signalling rate. TACS is based on the AMPS system but modified for 
reduced channel spacing. Narrower channel spacing systems (NAMPS 
and NTACS) are also found in some countries. 


18.5 Global system mobile 


Global system mobile (GSM), formerly known as Groupe Speciale 
Mobile, is the pan-European digital cellular radio-telephone service. 
The operational requirements for GSM are severe, e.g. it must operate 
satisfactorily to a person walking, or in a slowly moving vehicle, in a 
street where much of the furnishings will introduce multi-path fading, 
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and operate to a train travelling at 250 km/hr where Doppler frequency 
shift becomes significant. To reduce the corruption, a high degree 
of error detection and correction must be applied which increases 
the occupied bandwidth. To compensate, to some extent, for this, the 
system takes full advantage of the redundancy in speech to reduce the 
bandwidth during synthesis. 

GSM operates full duplex in the band 890-915 MHz, up-link and 
935-960 MHz, down-link. 

A combination of FODMA and TDMA is employed. Each allocated 
band of 25 MHz is divided into 125 carriers spaced 200 kHz apart. 
The subdivision of each transmitted bit stream into 8 TDM time slots 
of 540s gives 8 channels per carrier and 1000 channels overall. 
Modulation is Gaussian minimum shift keying (GMSK). 

Speech synthesis is by speech codec using linear predictive coding. 
It produces toll quality speech at 13 kbit/s. 


18.5.1 Emergency locator service 


The FCC in the US has placed a requirement on mobile phone oper- 
ators to provide an emergency location service, referred to as E911. 
The aim is to locate people who need emergency services, but are not 
able to indicate their location either through injury or through lack 
of local knowledge. The locator service may also deter hoax calls (or 
help to catch people making hoax calls) and could have commercial 
applications in providing directions to businesses such as garages and 
restaurants. 

There are two options: handset based solutions or network-based 
solutions. The handset-based solutions generally rely on signals picked 
up from the global positioning system (GPS). Network-based solutions 
rely on the timing difference in the arrival of signals from neighbour- 
ing cell sites. In network based solutions, the E911 requirement is 
for the mobile phone to be located within 100 metres at least 67% 
of the time and to within 300 metres in 95% of cases. In handset- 
based solutions, the location distances are 50 metres and 100 metres, 
respectively. 


18.5.2 Data over GSM 


Standard GSM data service allows a maximum of 9600 baud data rate 
transmission. An enhanced data rate of 14.4 kbps is also possible with 
some terminals. 
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The data link can be either synchronous or asynchronous and the 
data is conveyed through the network using an ISDN-based data proto- 
col, the ITU-T standard V.110 rate adaptation scheme. Asynchronous 
transmission requires start and stop bits to be added, so the net data rate 
is reduced to 7680 bits per second (bps). Synchronous transmission 
potentially allows a faster data rate, but error checking is employed 
that requests re-transmission of data when errors are identified and 
this can produce a lower overall data throughput. 


18.5.3 High-speed circuit switched data (HSCSD) 


HSCSD allows higher data rates by combining up to four 14.4 kbps 
data channels together. A maximum data rate of 57.6 kbps is possible. 


18.5.4 General packet radio service (GPRS) 


GPRS combines up to eight 14.4kbps channels to give data rates of 
up to 115.2 kbps. At these rates, Internet browsing is possible. GPRS 
supports X.25 and IP based transmission, which includes wireless 
application protocol (WAP) data. 


18.6 Other digital mobile systems 


Second generation mobile systems are digital systems. The GSM sys- 
tem has been described in Section 18.5. This section describes the 
GSM1800 system, the personal communications system (PCS1900, 
sometimes known as personal communications network or PCN) and 
third generation systems. 


18.6.1 GSM1800 (DCS1800) 


The GSM1800 system operates in the 1840—1880 MHz band, with a 
carrier spacing of 200 kHz. Each carrier gives multiple access through 
time division multiple access (TDMA). It is a lower power version of 
GSM900, which operates in the 900 MHz band. A GSM1800 handset 
has a maximum power output level of | watt, rather than the 2 watts 
of a GSM900 handset. 

Voice coding can be either: half-rate using VSELP at 5.6 kbps, 
full-rate using RPE-LTP at 13 kbps, or enhanced full rate (EFR) using 
ACELP at 12.2 kbps. Convolutional coding is used at a rate of ; to 
reduce the effects of noise and errors on the radio channel. The radio 
carrier modulation is Gaussian minimum shift keying (GMSK). 
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18.6.2 PCS1900 (IS-136, or PCN) 


The personal communications system (PCS) is based on GSM and 
used time division multiplexing to provide separate channels over 
each radio frequency. Convolutional coding is used at a rate of 5 
to reduce the effects of noise and errors on the radio channel. Each 
carrier is spaced 30 kHz apart and offset quadrature phase-shift keying 
(OQPSK) is used to modulate the carrier. 

The voice-coder (vocoder) used by PCS1900 is either full-rate 
using VSELP at 7.95kbps or enhanced full rate (EFR) that uses 
ACELP at 7.4kbps. The EFR scheme was developed for use in 
PCS1900 and has since been adopted by both GSM900 and GSM1800 
networks because it improves the audio quality. Previously, GSM used 
either a half-rate (HR) or full-rate (FR) vocoder. 


18.6.3 Third generation systems 


The so-called 3G systems have been described using a number of 
terms: UMTS, IMT-2000, cdma-2000, w-cdma, etc. There are varia- 
tions between the proposed standards, but in general they all use code 
division multiple access (CDMA), convolutional coding, quadrature 
phase shift keying and time or frequency division duplexing. 

Third generation systems will operate in the 1885—2025 MHz band 
and in the 2110-2200 MHz band. Initially the lower band between 
1980 and 2010 MHz will not be allocated, nor will the upper band 
between 2170 and 2200 MHz. However, the full bands will be avail- 
able when existing services in these bands can be moved (such as 
PCS1900, PHS and DECT). 

The code division multiple access (CDMA) modulation scheme 
allows several channels to occupy the same frequency band. CDMA 
is a form of spread spectrum encoding. The digitized speech signals are 
coded using a unique code, known as a spreading code, so that one bit 
of speech code produces many encoded bits. When demodulated and 
mixed with the same spreading code, the original data is recovered. 
Receivers that use a different spreading code are unable to recover 
this data, but they are able to recover data intended for them. 


18.7 Private mobile radio (PMR) 


These systems are privately owned or rented and may be used only 
by the owner’s own staff for the purpose of the owner’s business. The 
leasing of air-time is forbidden. Common base station or community 
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repeater systems where several users subscribe to, and use, the station 
is often also referred to as PMR. 


18.8 UK CB radio 


27 MHz band: 27.60125 to 27.99125 MHz 


40 channels at 10 kHz spacing. 

Max. erp, 2 W; max. transmitter output power, 4 W. 

Antenna: single rod or wire, 1.5m overall length, base loaded. 

If mounted higher than 7m transmitter output to be reduced at 
least 10 dB. 

Modulation: FM only, deviation +2.5 kHz max. 


934 MHz band: 934.025 to 934.975 MHz 


20 channels at 50 kHz spacing (may be reduced later to 25 kHz). 
If synthesizer used spacing may be 25kHz on precise channel 
frequencies specified. 

Max. erp, 25 W; max. transmitter output power 8 W. If antenna 
integral, max. erp, 3 W. 

Antenna: may have up to four elements, none exceeding 17cm. 
If mounted higher than 10m, transmitter output to be reduced at 
least 10 dB. 

Modulation: FM only, deviation +5.0 kHz max. 


Spurious emissions: for both bands, not exceeding 0.25 14W except 
for specified frequency bands where the limit is 50n W. 

For latest full specifications see publications MPT 1320 (27 MHz 
band) and MPT 1321 (934 MHz band) obtainable from the Information 
and Library Service of the Radiocommunications Agency. 
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19 Base station site management 


The information in this chapter applies mainly to sites for stations 
operating at VHF and above. Some conditions will be different for 
stations working at lower frequencies due to the generally physically 
larger transmitters and antennas. 


19.1 Base station objectives 
The objectives of a radio base station are: 


1. To provide an adequate service over the whole of the desired ser- 
vice area in a well-defined manner. Special consideration must be 
given to those areas where, because of their location, weak signals 
or a high ambient electrical noise level might be expected. 

2. To create the minimum interference with other radio users and be 
designed to receive the minimum from other users. 

3. To be electromagnetically compatible with neighbouring installa- 
tions, possibly on the same site. 

4. To create the minimum impact on the environment. 


19.2 Site ownership or accommodation rental? 


The question of whether to privately develop a base station site or 
rent space on someone else’s site may be resolved by the planning 
authorities rather than the developer. Before planning consent will be 
given the developer must normally prove that no existing site will 
meet the requirements. However, assuming that land is available and 
planning consent might be forthcoming, other factors to consider are 
costs, both initial and recurring, and access for services, materials 
during building and tower erection and for maintenance during bad 
weather (Table 19.1). 


19.3 Choice of site 


The first stage in selecting a site is to look for an existing site which 
might appear to cover the service area. Information may be avail- 
able from the operators of such sites regarding their coverage, and 
coverage tests may be made or computer predictions obtained. For a 
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Table 19.1 


Initial costs 


Recurring costs 


Other considerations 


Ownership 


Legal charges 
Land clearance 
Provision of services 
Erection of buildings 

and mast or tower 
Installation of equipment 
Provision of standby power 


Maintenance of site 

Power 

Insurance (other than 
radio equipment) 


Very long 
commissioning time 
Site under user’s control 
Space may be leased 

to other users 
creating revenue 


215 


Factors affecting the decision to own or rent 


Rental 


Legal charges 
Connection fee 


Installation of equipment 
Provision of standby power 


Rental 
Normally included in rental 
Normally included in rental 


Very short 
commissioning time 

Site under landlord’s control 

Accommodation will be 
shared with other users 
(install equipment in 
locked cabinet to 
preserve security) 


receiving site the ambient noise level at the base station must also 
be considered. It should be realized that a site, or an antenna, can be 
too high, particularly when coverage is required at very short range 
or if interference from other users is likely to occur. Antennas radiate 
the minimum signal along the line of their elements so that vertically 
polarized antennas, i.e. with the E plane vertical, provide very little, 
if any, signal immediately below them. This creates a hole in the 
coverage, ‘the Polo mint effect’, close to the antenna. 
Where there is capacity on an existing site the possibilities are: 


1. Sharing an existing lightly used radio channel, e.g. common base 
station. 

2. Sharing equipment space in an existing building or providing own 
building or extension on a communal site. 

3. Sharing an antenna by means of multi-coupling or erecting own 
antenna on existing structure. 


19.4 Masts and towers 


Apart from short, unguyed poles mounted on the side of buildings, 
antenna supports fall into two types: guyed masts and self-supporting 
towers. 


- 


styropyro 





216 


A guyed mast may be a single pole, or a square or triangular section 
lattice structure. The range of single-pole masts includes those of about 
4m maximum height mounted on chimney stacks and secured by wire 
lashings, and poles supported on the ground or the roof of a building. 
The latter types may be up to 30m high. They are usually constructed 
from steel or aluminium hollow tubular sections — the bottom section is 
invariably steel — with a set of guys at about every 5 m. Mast erection 
is specialist work but to estimate the approximate height that a site 
can accommodate, a four-guy, single-pole mast requires a minimum 
spacing for the anchorage points in the form of a square with sides 
equal to half the height of the mast. The guys may be of steel, possibly 
plastic-coated, or more likely of synthetic fibre. Steel guys may affect 
the directivity of antennas in close proximity, and if the guys corrode 
at their fixing points, intermodulation interference may result. 

Self-supporting towers come in all heights up to many hundreds 
of feet and may be made of a variety of materials from steel sections 
to concrete. 

The factors determining the type of structure to be erected are the 
number and types of antenna, and the site conditions. 

Antenna considerations: 


Physical dimensions and space requirements. 

Weight. 

Wind loading. 

Directivity. For example, the beam width of a 6.5 GHz, 3.0m dia. 
microwave dish is 0.9 degrees. A tower supporting such an antenna 
must twist, therefore, less than about 0.3 degrees in the highest wind 
likely to be experienced at the site. 

e Access for riggers to antenna mounting positions. 


Site conditions: 


e Availability of space for tower footings, and guys and anchorages 
if a mast is contemplated. 

e Stability and type of ground. 

e Weather conditions. High winds. Accumulation of ice and snow. 
Build-up of ice increases wind loading of antenna — and of mast 
or tower — considerably. There is no point in using grid microwave 
antennas where icing is likely to occur. 

e Aesthetic and planning consent considerations. 


19.5 Installation of electronic equipment 


For radio equipment, safety is one of the first priorities and in addi- 
tion to the electrical considerations, physical hazards must be avoided. 
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Adequate working space must be provided around the equipment 
racks. Much equipment is now wall-mounted but tall, floor-standing 
cabinets must be firmly bolted down to prevent toppling when units 
are partially withdrawn for servicing and cables need to be routed 
safely. Overhead cable trays are generally considered the most satis- 
factory method but, to avoid interaction, it is recommended that cables 
for the various functions be segregated to reduce cross-talk and inter- 
ference. Where cabling enters a cabinet at floor level, mounting the 
cabinet on a hollow plinth and running the cables through the plinth 
avoids damage to the cables and persons tripping over them. 

For low voltage installations (see classifications below) the IEE 
wiring regulations apply. For high voltage installations, recommenda- 
tions are given in BS 6701: part 1: 1990 which also covers accom- 
modation, lighting levels and access arrangements. 

Classification of installations: 


e Extra low voltage. Normally not exceeding 50 V AC or 120 V DC. 

e Low voltage. Exceeding 50 V AC or 120 V DC but not exceeding 
1000 V AC or 1500 V DC between conductors, or 600 V AC or 
900 V DC between conductors and earth. 

e High voltage. Exceeding 1000 V AC or 1500 V DC between con- 
ductors, or 600 V AC or 900 V DC between conductors and earth. 


19.6 Earthing and protection against lightning 


Recommendations for earthing are given in BS 7430: 1991. This doc- 
ument covers the earthing of equipment and the principles of earthing 
for protection against lightning. All equipment metalwork must be 
bonded together and connected to the electricity supply earth point, 
the main earth terminal. In addition a connection must be made to the 
earthing system provided for protection against the effects of lightning. 

Antenna systems by their nature are vulnerable to lightning strikes. 
Nearby taller structures may reduce the risk but precautions must still 
be taken. The zone of protection — a cone with its apex at the tip of the 
protecting structure and its base on the ground forming an angle of 45° 
to the perpendicular — does not necessarily protect structures above 
20m high. BS 6651: 1985 is the Code of Practice for the Protection 
of Structures against Lightning. Lightning protection begins at the top 
of the mast or tower where, ideally, the highest item should be a finial 
bonded to the tower. However, a finial mounted alongside an omni- 
directional antenna will affect is radiation pattern. Grounded antennas 
are preferred and the outer conductor of each feeder cable must be 
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bonded to the tower at the top and bottom of its vertical run. Ground- 
ing kits for the purpose are obtainable. The feeder cables must also be 
bonded to an earthing bar at their point of entry to the equipment build- 
ing. The codes of practice should be consulted regarding the routes to 
be taken by earthing tape and the methods of jointing. An important 
point is that neither very sharp bends nor ‘U’ bends are created. 

The legs of the tower must be bonded together with earthing tape 
and each leg connected to an earthing system which may consist of a 
buried plate or rods. Several rods may be necessary for each subsystem 
to attain the specified earth resistance of not more than 10 ohms. The 
rods should, except in rock, be driven into ground which is not made 
up or backfilled or likely to dry out. Where several rods are necessary 
to achieve the specified earth resistance these should be spaced well 
apart, the reduction in earth resistance being small with parallel rods 
closely spaced. Joints to facilitate testing of each subsystem separately 
must be provided either above ground or in a purpose-built pit or 
chamber. Figure 19.1 shows a typical earthing system. 













‘, Lightning finial 
‘ bonded to tower 

- Feeder cable outer conductor 
ig--—--- bonded to tower at lop and 
‘ bottom of vertical run via 

si feeder grounding kit 


+ Zone of protection 
‘ provided by tower 
x 


A Feeder a 


+ 
Feeder cable outer conductor 
bonded to earth bar via feeder 


grounding kit , 
\ Earth bar below 


feeder entry 


Independent earthing 
functions, e.g. DC power, 
24AC power, etc. 


Each tower leg bonded _ Tower and building 
via sacrificial earth lug earth rings interconnected 
to tower earth ring (driven electrode system shown) 


Figure 19.1 Typical example of good earthing practice (© Crown Copyright 1991, 
Radiocommunications Agency) 


The system should be tested regularly, at least annually, and the 
results recorded in a lightning protection system log book. The test 
comprises: 
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1. Measurement of the resistance to earth of each termination network 
and each earth electrode. 

2. Visual inspection of all conductors, bonds and joints or their mea- 
sured electrical continuity. 


BS 7430 recommends the method of testing. 
Other vulnerable systems are overhead cables for either the elec- 
tricity supply or telephone and control purposes. 


19.7 Erection of antennas 


The installation of the antenna probably influences the performance of 
a radio system more than any other part. The heights involved render 
supervision of the installation difficult and, although antennas are rel- 
atively inexpensive, labour charges raise the cost of their replacement, 
and bad weather may delay rigging work. It is therefore important that 
good quality antennas are specified and that the initial installation is 
correct. In addition to the physical mounting arrangements, the dispo- 
sitions of antennas on the structure are important. Some aspects are 
detailed below and MPT 1331 contains more information. 


19.7.1 Directivity 


The radiation pattern diagrams provided in the antenna manufacturers’ 
catalogues are produced by an isolated antenna. They can be greatly 
affected by the proximity of the support structure, e.g. if a dipole is 
mounted close to the leg of a tower, the leg behaves as a reflector and 
the radiation pattern of the antenna approaches that of two-element 
Yagi. The less directional the antenna, the worse the effect. Omni- 
directional antennas should not be mounted on the side of a mast or 
tower if it can be avoided. If an omni-directional antenna must be so 
mounted it should be spaced two wavelengths from it. This is difficult 
to achieve at the lower frequencies considering the antenna dimen- 
sions, weight and windloading. The rear element of a Yagi antenna 
must be one wavelength clear of the structure. To obtain a nominally 
omni-directional pattern a better, albeit expensive, solution is to mount 
a number of antennas, phased correctly, around the tower. 

All antennas should point directly away from the structure, i.e. at 
right angles to the side of the tower. 

The proximity of metalwork also adversely affects the VSWR of an 
antenna, causing standing waves with their additional voltage stresses 
on the feeder and possibly producing interference. 
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19.7.2 Practical aspects of antenna installation 


All installation components must be made from compatible materials, 
electrically dissimilar metals, e.g. steel and brass, brass and aluminium, 
being avoided at all costs; they will corrode and cause intermodula- 
tion. Preferred materials are aluminium, and galvanized or stainless 
steel. Mounting brackets must be secure — remembering that antennas 
and feeders vibrate — but not overtightened so as to distort and weaken 
antenna support booms. 

Connectors of the correct impedance, and preferably with a captive 
centre pin, are vital. Type N connectors are available at either 50 or 
70 ohms impedance, are robust and can be used at frequencies up 
to 10GHz. UHF 83 series connectors, although very robust, are of 
imprecise impedance and, from first-hand experience of interference 
aggravated by a UHF 83 used to connect an antenna feeder to a 
receiver tail, should not be used on base station installations. Assembly 
instructions for a range of connectors are shown in Chapter 23. All 
joints must be waterproofed, preferably by first wrapping with a self- 
amalgamating tape for two inches either side of the joint, then a layer 
of PVC tape covered by a further layer of Sylglass or Denso tape. 
When installing feeder cables the required length should be loosely 
coiled and taken up the tower and paid out as it is secured, working 
from top to bottom. It must not be dragged from a drum on the ground. 
Feeders must be cleated at the intervals specified by the manufacturer. 
Route cables where they are easily accessible but least likely to suffer 
physical damage. 


Health and safety 


Apart from the physical risks to riggers, there are radiation hazards. 
Large amounts of RF power may be radiated from antenna systems 
and research is continuing into its effects on health. The most recent 
recommendations of the National Radiological Protection Board and 
the Department of Trade and Industry should be sought and followed. 
Riggers should be aware of the power levels present on a structure 
before climbing, and equipment switched off where levels are consid- 
ered unsafe. 


19.7.3 Antenna checking and fault finding 


The majority of VHF and UHF antennas present a short-circuit across 
the antenna and to ground as a means of reducing their vulnerability to 
static charges. An ohmmeter applied to the lower end of the feeder will 
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indicate a circuit through the feeder and antenna but may also indicate 
a short-circuit or low resistance fault, water in the feeder for instance. 
Most antenna system faults increase the VSWR present on the feeder 
cable. A good antenna, operating within its design bandwidth, exhibits 
a VSWR of 1:1. When connected to a length of co-axial cable this may 
be raised and a VSWR of 1.5:1 for the system is generally considered 
acceptable. However, faults can be masked by conditions occurring 
on the feeder, and a measurement taken with a standing wave, or 
forward and reflected power meter at the bottom of the feeder, may not 
indicate the true condition of the antenna. A measurement taken with 
an accurate dummy resistive load connected to the top of the feeder 
will prove the cable, and a measurement of the VSWR should also be 
taken directly at the antenna. A record of the VSWR at installation 
and any subsequent measurements is helpful. 


19.8 Interference 


There are two sources of radio interference induced by antenna sys- 
tems. One occurs from strong signals radiated by either the system’s 
own transmitter antenna or from a co-sited system operating on a 
close neighbouring frequency. The other source is intermodulation, 
‘rusty bolt effect’, the mixing of two or more signals to produce the 
interfering frequency. 


19.8.1 Antenna isolation 


One solution to the problem of direct radiation is to space the antennas 
so that there is sufficient isolation between them. Because minimum 
radiation is present immediately below and above the ends of the 
elements of vertically polarized antennas, maximum isolation occurs 
when such antennas are mounted in a vertical line. Maximum radia- 
tion, and hence minimum isolation, occurs when antennas are mounted 
side-by-side. The degree of isolation depends on the spacing but a 
figure of 40—45 dB between a transmitter and a receiver antenna, and 
20-25 dB between transmitting antennas, should be the target. To 
achieve 25 dB isolation requires a vertical separation of 0.9 wave- 
lengths between the centres of vertically polarized dipoles; 45 dB 
requires a vertical separation of 3 wavelengths. The spacing for hor- 
izontal separation of vertically polarized antennas is 2.5 wavelengths 
for 25 dB isolation and 25 wavelengths for 45dB. To preserve this 
isolation the feeder cables should also be separated over their routes. 
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Antenna multi-coupling 


A precise method of controlling the RF isolation between mutually 
sited systems where the frequencies are moderately spaced is for sev- 
eral systems to share one antenna by using multi-coupling techniques 
(see Section 19.9). 


19.8.2 Intermodulation 


Any two or more RF signals applied to a non-linear device intermod- 
ulate, that is, they combine to form additional frequencies. Table 19.2 
lists the combinations for two input frequencies. It must be remem- 
bered that the side frequencies produced by modulation of the original 
carriers will also be present. 


Table 19.2 Low order intermodulation products 


2nd A+B Sth 3A + 2B 7th 4A+ 3B 











A-B 3B + 2A 4B+ 3A 
3A — 2B* 4A — 3B* 
3rd 2A+B 3B — 2A* 4B — 3A* 
2A — B* 4B+A 5A + 2B 
2B+A 4A+B 5B + 2A 
2B — A* 4A-—B 5A — 2B 
4B-A 5B — 2A 
4th 2A + 2B 6A+B 
2A — 2B 6th 5A+B 6B+A 
2B+ 2A 5B+A 6A-B 
2B— 2A 5SA-—B 6B-A 
3A+B 5B-A 
3A-—B 4B+2A 
3B+A 4B + 2B 
3B-—A 4B—2A 
4B — 2B 
3A + 3B 
3A — 3B 
3B —3A 


*indicates in-band products. No eighth-order products fall in-band but 
ninth-order in-band products are produced by: 

5A — 4B 

5B—4A 


19.8.3 Control of intermodulation 


A clue to the source of interference will be obtained from examination 
of the relationship of all frequencies produced on site, and also those 
produced nearby. That the side frequencies produced by modulation 
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must be considered was proved in an intermodulation situation where 
the interference was only received when a nearby band III television 
transmitter radiated a peak white signal. 

Corroded joints in metalwork close to the site, receiver RF stages 
subjected to very large signals and transmitter output stages are all 
non-linear devices and can create intermodulation. 

Regular maintenance of the metalwork around the site reduces 
the chances of intermodulation from this source, but it is difficult to 
see and eliminate all corrosion on an inspection. Should interference 
from this cause be suspected after elimination of the other sources, a 
successful method of locating the offending joint requires a receiver 
tuned to the interfering signal and fitted with a whip antenna. While 
receiving the interference, a very sharp null in signal strength occurs 
when the tip of the whip points directly at the source of the signal. 

Receiver RF amplifiers are usually designed to cope with small 
signals. When a strong signal radiated from a nearby transmitter is 
received the stage may well be overloaded and driven into non- 
linearity, or even into a blocked state where the receiver is effectively 
dead and may take some seconds to recover after the signal is removed. 
In the non-linear state the receiver is in an ideal condition to create 
intermodulation. If this situation is suspected a method of identifying 
it is to install a variable RF attenuator in the antenna feed to the sus- 
pect receiver. With zero attenuation the interference will be received 
but, if the receiver is the cause, increasing attenuation will produce 
little reduction of the interference until a point is reached where the 
interference suddenly disappears — the receiver at this point has re- 
entered a linear state. If the interference reduces gradually to zero with 
increased attenuation, the source is elsewhere. 

Most amplifiers are designed to be linear, that is, the output signal 
level will follow that of the input signal. However, with a suffi- 
ciently high input signal overloading occurs, the amplifier becomes 
non-linear and compression of the signal results (Figure 19.2). The 
point where 1dB of compression occurs is a commonly referred to 
amplifier parameter. If the input level is increased further the gain of 
the amplifier is reduced until saturation is reached when the output 
level can no longer increase. 

At the onset of non-linearity harmonics and intermodulation, if any 
other frequencies are present, are produced. The strength of these rises 
rapidly with an increase of input, and the point where an extension 
of the almost linear portion of their curve crosses an extension of the 
linear gain line of the amplifier is the third-order intercept — usually it 
is only the third-order products which are considered for this purpose. 
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Figure 19.2 Production of intermodulation 


The class C operated output stages of transmitters are by design 
non-linear. Strong signals from a neighbouring transmitter or antenna 
applied via the antenna feed will mix with the transmitted frequency 
to create intermodulation products. Increased isolation between anten- 
nas and feeders may be the simplest remedy. Alternatively, a cir- 
culator or filters may be connected to the output of the transmitter, 


Port 2 
Port 1 Port 3 
Port 4 
(a) RF circulator 
Antenna 
2 


= 


Transmitter 3 


Terminating load 
(b) RF isolator 


Figure 19.3 RF circulator and isolator 
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and the possibility of direct radiation from transmitters must not be 
ignored. 

A circulator is a uni-directional device with either three or four 
ports as shown in Figure 19.3(a). A signal entering at port | will leave 
at port 2 but not at ports 3 or 4. Similarly, a signal entering at port 2 
will leave at port 3 but not ports | or 4. Circulators are used for com- 
bining the outputs of transmitters for application to a single antenna 
but if a three-port circulator is connected as in Figure 19.3(b) it forms 
an isolator. Typical isolation over a 1.5% bandwidth is 20—30 dB with 
an insertion loss of 0.7 dB. 


19.9 Antenna multi-coupling 


The sharing of antennas and feeders between a number of co-sited 
services is not only a precise method of controlling frequency iso- 
lation, it is an economic solution to the problems of antenna and 
tower management. An antenna may be shared between a number of 
receivers or transmitters, or shared simultaneously by both receivers 
and transmitters. Receiver sharing requires a splitter, i.e. a filter, to 
separate the frequencies for each receiver and an amplifier to make 
up the filter losses. Transmitters can share an antenna through circu- 
lator/isolators and filters. To obtain the required selectivity, stability 
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Figure 19.4 Typical sub-band transmitter/receiver sharing (© Crown Copyright 
1991, Radiocommunications Agency) 
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and power handling capability the filters are often solidly constructed 
cavity resonators with an insertion loss of 1 dB and a bandwidth of 
0.1% to the —20dB points. Figure 19.4 shows the layout of a trans- 
mitter/receiver sharing system. 


19.10 Emergency power supplies 


The installation of equipment to provide power for all the equip- 
ment on a site during a failure of the public supplies has declined 
in recent years. But although lengthy power failures seem to be a 
thing of the past, they could recur, and electricity supplies do still 
fail for short periods. To provide a complete supply for large station 
necessitates a standby generator. On smaller stations batteries may be 
capable of supplying the demands of the electronic equipment and 
emergency lighting for one or two hours. The trend on multi-user 
shared sites appears to be for the individual user to provide the emer- 
gency power, derived from batteries, for his own equipment. Factors 
to consider are: 


1. Standby motor generators are expensive. They need housing, ven- 
tilation and fuel storage. They take time to start up, 45 seconds 
being typical. 

2. Uninterruptible power supplies (UPS). Where no interruptions can 
be tolerated the most efficient supply is provided by batteries alone 
but the equipment must be designed to operate directly from a DC, 
low voltage supply. 

To supply power at 220/240 V AC an inverter is the accepted 
method. Double inverters permanently charge a battery from the 
AC supply and the battery drives an oscillator to reproduce the AC 
supply voltage, a very inefficient process. Also, should any item 
of the inverter break down the supply is lost. This is overcome in 
some inverters by a switch which transfers the load to the public 
supply when a failure of the inverter occurs. Single inverters charge 
a battery and supply the equipment directly from the public supply 
until a failure occurs. When this happens the supply changes over 
to the battery and oscillator. Single inverters are more efficient 
but there is a short break in supply while the change-over occurs. 
Adequate stabilization and filtering to avoid disturbances on the 
supply must be provided. One possible hazard with all inverter 
supplies is that where more than one inverter is used, the outputs 
of the inverters are unlikely to be in phase and a 480 V difference 
could exist between the supplies for two items of equipment. 
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For all battery-operated supplies correct charging of the battery is 
crucial. Nickel—cadmium batteries require constant-current charging 
with a fall to the trickle rate when fully charged and sophisticated 
circuitry is needed to identify the precise point of full charge (see 
Section 21.3.2). 

Lead acid batteries produce hydrogen if over-charged so their stor- 
age must be designed so that no danger, either to personnel or of 
explosion, exists. For reliability, natural ventilation is preferred to 
forced. Recommendations for the accommodation of lead acid bat- 
teries other than sealed are given in BS 6133: 1985. Batteries which 
gas also need more frequent maintenance. Because of the reduction in 
performance of batteries at low temperatures the ambient temperature 
of the battery storage room should not fall below 4°C, and to reduce 
water evaporation lead acid batteries should not be run continuously 
above 40°C. 

The period of time over which a lead acid battery must be fully 
recharged determines the capacity of the battery more than the period 
of time over which it must supply power. Because of the need to 
reduce the charge rate — to avoid gassing — to a very low level as the 
battery approaches full charge, the last 15% of capacity takes a very 
long time to acquire (see Section 21.3). 


19.11 Approval and certification 


No base radio station may be operated in the UK prior to inspection of 
the installation by the Radio Investigation Service of the Radiocom- 
munications Agency and the issue of their certificate of approval. The 
installation may not subsequently be modified without re-approval and 
certification. 
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20 Instrumentation 


20.1 Accuracy, resolution and stability 


All measurements are subject to error and two instruments applied to 
the same piece of equipment under test may give a different answer. 
Tolerances must therefore be accepted. The errors arise from the fol- 
lowing sources: 


1. Human error, e.g. precision in reading a scale, use of incorrect 
instrument or range setting for the purpose. 

2. The accuracy to which the instrument is able to display the result 
of a measurement or, in the case of a generator, the frequency or 
output level. 

3. Accuracy of calibration. 

4. Tolerances in the components used in the construction of the instru- 
ment. Variations in the load applied to the instrument. 

5. Variations caused by long-term drift in the values of components. 

6. Variations due to temperature and supply voltage fluctuations, and 
the warm-up time required by some instruments. 

7. An effect on the circuit under test by the connection of the 
instrument. 


There is an important difference between the accuracy and the reso- 
lution of an instrument. The accuracy is a statement of the maximum 
errors which may occur from the causes in statements 3 to 6 above. 
In instrument specifications, stability defined by statements 5 and 6 is 
usually quoted separately. 

The accuracy of analogue measuring instruments is normally 
quoted as a percentage of full scale deflection (FSD). This is the 
accuracy of the instrument movement and components plus the scale 
calibration. The scale graduations, though, may not permit the user 
to determine the reading to the accuracy of the instrument perhaps 
because the graduations are cramped or parallax reading error occurs. 
These factors decide the resolution or precision of reading. 

The accuracy of instruments with digital displays is usually quoted 
as a percentage of the reading plus or minus one count or one digit. 
While digital instruments are generally more accurate than their ana- 
logue counterparts, the fact that the least significant figure may be 
in error affects the resolution. Figure 20.1 shows how this can arise. 
Most digital instruments use a gating process to switch the input to 
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Gating pulse 
Figure 20.1 Gating error introduced by signal phasing 


the measuring circuitry for the appropriate period of time. The gating 
time itself may vary and affect the accuracy, but even with a perfectly 
accurate and stable gating time, the phase of the input signal at the 
time of switching affects the number of pulses passing through the 
gate and thus the resolution. 

Performance figures taken from a number of manufacturer’s cata- 
logues are listed below. They show only the more important features of 
the specifications and are typical of those for high quality instruments 
used in radio work. 


20.2 Audio instruments 


20.2.1 Output power meters 


Those for radio applications measure RMS audio power and are usu- 
ally calibrated in watts and dBW or dBm. They usually contain a 
dummy load resistor of adjustable impedance as a substitute for the 
receiver loudspeaker when in use. 


20.2.2 Distortion factor and Sinad meters 


These may be separate instruments or combined, and may also be 
incorporated within an audio output power meter. Both operate on the 
same principle. An audio input amplifier, with automatic gain control 
to give a fixed reference level at its output, applies the output from 
the unit under test, first to a notch filter to remove the test frequency 
of 1000 Hz, then to an AC voltmeter. The voltmeter is calibrated in 
percentage distortion or dB Sinad. 

In testing a receiver Sinad ratio, the instrument is connected across 
the loudspeaker or equivalent dummy load. An RF signal generator 
connected to the antenna socket is adjusted to apply a moderately high 
level signal modulated with a 1 kHz tone — which must be pure and 
match the notch filter in the Sinad meter — at 60% of the system peak 
modulation. To be correct, the receiver volume control is adjusted 
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to give the rated audio output but if only Sinad sensitivity is being 
measured a lower level is acceptable. The Sinad meter will now dis- 
play the combined level of all the frequencies except 1000 Hz present 
in the receiver’s output. These are the noise and distortion products. 
With the high level input applied these will be low and the meter 
deflection will be small indicating a high Sinad ratio. The RF input 
level is now reduced until the meter reads 12 dB (the standard refer- 
ence) and the RF level, .V or dBm, is the Sinad sensitivity for the 
receiver. 

The oscillator to produce the test tone may be included in the 
meter and filters may be provided to comply with various weightings. 


20.2.3 Audio signal generators 


The instrument provides an output for synchronizing to an external 
standard and a TTL compatible output. A high power version capable 
of delivering 3 watts into a 3 Q load in the audio band is available. 


20.3 Radio frequency instruments 
20.3.1 RF power meters 


Direct reading RF power meters either contain a non-reactive load 
or use an external load and may be calibrated in watts or dBm. RF 
calorimeters convert the RF energy into heat and measure the tem- 
perature of the heated element. At low powers, “dry’ calorimeters are 
used but their long thermal time constant inhibits their use at high 
power levels. To measure high powers ‘flow’ calorimeters, where a 
fluid flows around a closed system and the output temperature of the 
fluid is measured, are used. Power can be determined from: 


P= F (Tout ad Tin)c(T) 


where 
P = power 
F = mass flow rate of the fluid 
c(T) = the fluid’s specific heat 
Tin = temperature of the fluid entering the load 
Tout = temperature of the fluid after being heated by the load 
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Thruline type instruments require an external load which may be either 
an antenna system or a load resistor. This type of meter reads forward 
and reflected power and, in some instruments, VSWR directly. 


20.3.2 RF signal generators 


The range of instruments designed for use on specific systems, e.g. 
cellular and digitally modulated, is so wide that manufacturers’ cat- 
alogues must be consulted for each application. In addition to the 
accuracy of the carrier frequency and output level, RF leakage, spec- 
tral purity and modulation noise levels are important. The output level 
may be calibrated in ~V, dBV or dBm, and may refer to either an 
unterminated instrument (p.d.) or terminated in a load equal to the 
output impedance of the generator (e.m-f.). If the instrument is cali- 
brated in p.d., the output voltage must be halved when the instrument 
is terminated in an equal impedance. 

The 50 ohm output impedance of many signal generators matches 
the input impedance of most VHF and UHF receivers directly. To 
simulate the impedance of antennas at HF and below a dummy antenna 
is usually inserted between the generator and the receiver under test. 
Figure 20.2 shows the circuit of a standard dummy antenna. 


200 pfd 20 wH 
Input 
from signal Output 
to receiver 
generator 


400 pfd 400 2 





Figure 20.2 Standard dummy antenna 


20.3.3 Frequency counters 


Instruments are necessary to measure not only the precise frequencies 
of transmitters and receiver local oscillators but also those of low 
frequency signalling tones. Consequently they have a wide operating 
range. 

The output of a transmitter must never be connected directly into 
a counter. The signal should either be obtained off-air or through a 
‘sniffer’, appropriate for the frequency range, which siphons off a 
fragment of the transmitter output. It is also essential to ensure that 
the frequency displayed is the fundamental and not a harmonic or 
some other spurious frequency. 
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20.3.4 Modulation meters 


The remarks in the above section relating to the connection of a trans- 
mitter and the selection of the fundamental frequency apply equally 
to modulation meters. 


20.3.5 Spectrum analysers 


Today’s tight regulation of spectrum usage makes a spectrum analyser 
an essential tool for the precise alignment of radio equipment and for 
the measurement of modulation products and the noise content of 
signals. 

A spectrum analyser is essentially a superheterodyne receiver with 
an adjustable IF bandwidth which sweeps across a portion of the 
frequency spectrum in synchronism with the horizontal trace of a 
cathode ray tube display. A signal at any frequency within the swept 
band will, while it remains within the IF passband, appear as a vertical 
displacement of the display trace. The design of the filter is crucial but 
must be a compromise. An analyser using multiple filters permits fast 
measurement but low resolution; a single filter offers high resolution 
but slower response time. Also, the shape factor of a wide filter inhibits 
the display of low level signals close to the centre frequency of the 
filter and a narrow filter, while permitting the display of these signals, 
may fail to display transients. The bandwidth determines the sweep 
speed, narrower bandwidths requiring slower speeds. 

The possibility exists of spurious signals, e.g. intermodulation, 
being produced within the analyser with large input signals. A method 
of reducing the possibility is to insert a circulator and a notch filter 


Figure 20.3 Amplitude-vs-frequency spectrum analyser display 
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between the unit under test and the analyser input to reduce the funda- 
mental frequency amplitude. The circulator must be installed between 
the filter and the unit under test to absorb the reverse power produced 
by the impedance variations of the filter. 

Many instruments are programmable and suitable for incorporation 
in automatic testing (ATE) systems, and instruments with similar fea- 
tures to those described are also offered in a combination test set form. 


20.3.6 Network analysers 


A network analysers examines incident, reflected and transmitted sig- 
nals through a circuit or device, and displays the magnitude and phase 
of these signals. A spectrum analyser, on the other hand, measures 
only one channel, and displays magnitude and frequency. 

Figure 20.4 shows an optical analogy to the network analyser. A 
‘device’ of different optical density than ambient is in the path of an 
incident ray of light (R). When the light hits the surface, part of it 
is reflected (A) and part is transmitted through the ‘devices’ (even 
though refracted a bit). 


Reflected (A) Device 


Incident (A) 





Transmitted (B) 








Figure 20.4 Optical analogy to network analyser 


A network analyser consists of a three-channel RF receiver and a 
display. The incident signal is considered the reference signal, so is 
designated the R-channel. The other two channels receive the reflected 
signal on the A-channel, and the transmitted signal on the B-channel. 

The uses of scalar and vector network analysers differ from the 
uses of spectrum analysers. The spectrum analyser measures exter- 
nal signals of unknown frequency and modulation type. Even when a 
tracking generator is added, to allow the spectrum analyser to per- 
form stimulus-response tests, the spectrum analyser cannot do the 
job of the network analyser. The network analyser, by contrast, con- 
tains a known signal source, and is capable of sweeping a range 
of frequencies and power output levels. It can also perform ratio 
measurements. 
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21 Batteries 


21.1 Cell characteristics 


Batteries are composed of cells which exhibit characteristics pecu- 
liar to their chemical constituents and construction. Common features, 
important to users, are their ability to store energy within a small space 
and with the least weight, and to release it at an adequate rate for the 
purpose under consideration. 


21.1.1 Capacity 


The amount of energy a battery can store is measured in ampere hours 
(Ah) at a specified discharge rate. For large cells this is usually the 
10hour rate but American practice, which is now almost universal, 
at least for smaller cells, is to use the | hour rate. It is important, 
therefore, to be certain which rate is referred to. The capacity reduces 
as the rate of discharge increases. Thus a battery of 60 ampere hours 
capacity at the 10hour rate will provide 6amps for ten hours before 
reaching the point at which it is considered to be discharged. If a 
current of 12 amps is taken, the battery will become discharged in 
less than 5 hours, and if the current is 3 amps, it will last longer than 
20 hours. The rate of discharge is often referred to in terms of the 
C-rate which may be expressed in several ways. 1C, C or Cy are 
numerically the same as the rated capacity, e.g. a 500 mA Nicad cell 
supplying 500 mA, which may be expressed as C, 1C or C; continu- 
ously will be discharged in approximately 1 hour. If the cell supplies 
current at a reduced rate, 0.5C, 0.5C,, or C/2, i.e. 250mA, it will 
last approximately 125 minutes. The subscript, e.g. Cs, indicates the 
hourly discharge rate. 

The terminal voltage at which a cell is considered discharged also 
varies with the discharge rate; a lead acid cell discharged at 1C is 
considered to be discharged when the terminal voltage falls to 1.75 V. 
At Cjo the cell is considered to be discharged at 1.85 V. 

The capacity of a battery or cell may also be specified at a given 
ambient temperature, usually 20°C. Lower temperatures reduce the 
effective capacity and maximum current off-take, higher temperatures 
increase them slightly. 

For radio use battery duration may be quoted in terms of standby, 
receive and talk time. The duty cycle obviously varies from user to 
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user but a useful standard for a radio-telephone is 90% standby, 
5% receive and 5% transmit. On an open channel PMR system, 
80%/15%/5% is more typical. Measuring the current drains during 
these activities enables the battery requirements to be calculated. 


21.1.2 Internal resistance 


The maximum instantaneous current which a battery can deliver is 
determined by its internal resistance. In this respect a battery behaves 
like any other generator (see Section 21.3.2), where increasing load 
currents produce an increasing voltage drop across the internal resis- 
tance. The internal resistance of a battery is seldom specified, but for 
a battery in good condition it is extremely low (one quoted figure 
is 15mQ for a fully charged 500mAh Nicad cell) and the voltage 
drop in the connecting leads will govern the maximum withdraw- 
able current. Equally, the resistance of the meter used will affect the 
measurement of charge or discharge currents. If using an analogue 
meter, the older low resistance types are preferable (I keep a model 
40 Avometer, 0.03 int. res. on 12 amp range, for the purpose). Low 
current-rating fuses also present a resistance higher than that of a bat- 
tery (4Q measured for a 250 mA fuse, 0.5 Q for a 1 A) and, probably, 
the connecting leads. 


21.1.3 Power:weight and volume ratios 


It is the battery that now limits the size to which radio equipment 
can be reduced. Recent developments have increased the power to 
weight and power to volume ratios which are possible. Typical ratios 
are referred to in the sections dealing with individual battery types. 


21.1.4 Recharging conditions 


The initial charge rate is the current flowing through a discharged 
battery to replace the charge in a specified time. Unless supplied from 
a constant current charger the current will fall as the battery voltage 
rises, but as full charge is approached the charge rate is usually reduced 
to a trickle or finishing charge rate. 

Trickle charging maintains the cells in a fully charged condition by 
passing a very small current through them sufficient merely to replace 
any self-discharge losses through leakage. 

Finishing charge is a rate to which the charging current is reduced 
when a battery reaches about 85% of its full capacity. It is a rate at 
which gassing is unlikely to occur. 
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Float charging maintains the cell voltage at its nominal while it is 
supplying continuous and variable loads. 


21.2 Non-rechargeable, primary batteries 


While rechargeable batteries are the obvious choice for use in equip- 
ment which is in use continuously, disposable types have economic 
and logistic advantages for some applications — the batteries are more 
expensive long term but no charger is needed. Also primary batter- 
ies have up to 4 times the available capacity of their nickel cad- 
mium equivalents with less weight. Details of disposable batteries with 
some standard nickel-cadmium rechargeable equivalents are given in 
Table 21.1. 

Lithium primary batteries are now available and have the following 
qualities: 


1. A high cell voltage of 3.6 V on load. The voltage is constant — after 
an initial fall when load is first applied — until discharged when a 
rapid fall occurs. 

2. An operating temperature range of —55°C to +75°C is possible. 

3. Energy densities up to 630 mWh/g. A standard AA size cell has a 
power/weight ratio of 340 mWh/g. 

4. Long shelf life. Ten years at room temperature for a 10% fall in 
capacity is envisaged. 


They have a disadvantage in that fire, explosion or severe burns may 
result if the batteries are mistreated. They must not be recharged, 
disassembled, heated above 100°C, incinerated or the contents exposed 
to water. 

One use of lithium batteries is as a power source for memories 
but protection against charging is needed. Figure 21.1 shows a typical 
circuit. 





f. D, Anti-charging protection 
Lithium 


| battery 


Figure 21.1 Typical lithium battery application 
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21.3 Rechargeable batteries 


21.3.1 Lead acid batteries 


Lead acid batteries, whether of free electrolyte or low-maintenance 
sealed construction, have a nominal terminal voltage on load of 2.0 V 
per cell. This voltage falls on load in a gradual curve, shown in 
Figure 21.2, until the discharged voltage of between 1.75 and 1.85 volts 
per cell is reached. 


2.0 
1.9 


Cell 
voltage 


1.8 


1.7 
0 1 2 3 4 5 6 7 8 9 10 


Discharge time (hours) 
Figure 21.2 Typical lead acid cell discharge characteristics 


A discharged battery will, because of its inefficiencies, require 
a recharge equal to the amperes x hours discharged +11%, e.g. a 
cell discharged at Samps for 1O0hours will require a recharge of 
55.5 ampere hours with a constant current at the 10 hour rate. Because 
of the reducing current as full charge is approached a recharge time of 
1.4 to 1.5 times the capacity to be restored is more practical. The final 
on-charge cell voltage can increase to approximately 2.7 volts. Gassing 
occurs and hydrogen is liberated when the cell voltage reaches 23 V 
but provided the charging current is sufficiently low above this point 
gassing will be avoided. This lower charge rate, the ‘finishing rate’ 
can be applied by maintaining the charging voltage at about 2.4 volts 
when the battery will automatically limit the charging current. The 
specific gravity of the electrolyte in a fully charged cell is between 
1.205 and 1.215. 

The trickle charge current must be low enough to avoid gassing. 
A current of 7% of the 10 hour capacity is typical. 

Float charging should maintain a cell voltage of approximately 
2.2 volts. 

The power:weight ratio of lead acid batteries is poor, a small 
(4Ah), 6.0V, sealed lead acid battery having a power:weight ratio 
of 26mWh/g. 
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21.3.2 Nickel-cadmium (Nicad) batteries 


At present the Nicad is probably the most commonly used recharge- 
able battery for portable applications. A standard size AA cell has a 
power:weight ratio of 27 mWh/g. The on-load Nicad cell voltage, after 
an initial fall from the on-charge voltage of between 1.3 and 1.4V, 
remains substantially constant at about 1.2 V until the discharged volt- 
age of 0.9 to 1.1 V is reached. Thereafter the voltage falls rapidly. This 
is illustrated in Figure 21.3. While the constant voltage is ideal during 
discharge it poses a problem in that it is difficult to reliably measure 
the intermediate state of charge which created difficulties with recharg- 
ing. A Nicad battery which is repeatedly partially discharged and then 
recharged may, after many cycles, behave as though it were fully dis- 
charged when the repeated recharge condition is reached (the memory 
effect) and, with a fixed time charger, the possibility of over-charging 
is present. One solution fully discharged all batteries after use to a 
predetermined level, typically 1.1 V per cell, and then recharged them 
at a constant current for a fixed period of time. Unfortunately, this 
procedure shortened the life of the batteries; Figure 21.4 shows the 
life expectancy of a cell with repeated discharges. The present solu- 
tion is to charge the batteries automatically to the fully charged state 
and then reduce the current to the trickle charge level. Batteries which 
are subjected to repeated partial discharge may then be occasionally 
fully discharged to obviate the memory effect. 


1.4 
1.35 
1.2 
11 
1.0 
0.9 


Cell voltage 


20 40 60 80 100 120 140 
Discharge time (minutes) 
Figure 21.3 Typical Nicad cell discharge characteristics 


Constant current, automatic charging is recommended. Chargers 
vary in complexity, some detecting the end-of-charge point by sensing 
a variation of voltage. At end of charge the cell voltage first rises and 
then falls slightly as in Figure 21.5. More sophisticated chargers also 
sense the cell case temperature which rises during charge. Batteries 
are available for standard charging at the ten hour rate where 14 to 
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Figure 21.4 
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Nicad cell: effect of repeated discharge vs. cell life 
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(a) Standard charge, C/10 x 15 hrs 











Charge time (minutes) 
(b) Rapid charge, 1 C x 90 mins 


Figure 21.5 Nicad cell: discharging characteristics 
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15 hours will be required to recharge a fully discharged battery, fast 
charging at 5C and rapid charging at C rate. 

Cells may be fitted with a re-sealing one-way vent which opens at 
about 200 psi and closes at about 175 psi to relieve any excess internal 
pressure caused by a fault or abuse. 


22 Satellite communications 


22.1 Earth orbits 


Communications satellites are required to illuminate the earth with 
radio signals and their orbits are chosen according to the size and 
location of the part of the earth’s surface they must light up. 

A satellite orbiting the earth is continuously pulled by a centripetal 
force, in this case gravity, towards the centre of the earth. It is also 
pulled by centrifugal force to leave its orbit at a tangent. When these 
opposing forces are equal in magnitude the satellite is in a stable orbit. 
There is, then, for a given height (the radius of the path minus the 
radius of the earth, 6378km), a velocity at which the conditions for 
stable orbit apply, and which determines the orbiting time. 


22.1.1 Geostationary orbits 


Satellites relay information from ground stations, either fixed or mobile, 
or between satellites. It is an advantage for some purposes, therefore, 
to use satellites with an orbit time identical to that of the earth so that 
no tracking from the ground stations is needed. Geostationary satellites 
have the same angular velocity as the earth making them appear to be 
stationary. Their height is 35 788 km and four such satellites cover the 
earth from latitude 81.3°N to 81.3°S as in Figure 22.1. 

The disadvantages of geostationary satellites are that they are in 
a high earth orbit (HEO) resulting in a signal delay of 240 ms for 
the complete go and return path. Also they are in an equatorial orbit 
so that signals to the higher latitudes travel at a shallow angle to 
the earth’s surface rendering them unsuitable for mobile use where 
communications must be achieved at street level in cities. 

As each satellite covers a large portion of the earth, the design of 
their antennas to permit repeated frequency re-use is important and 
antennas with small, steerable footprints have been developed for this 
purpose. An advantage, in addition to the lack of tracking, is that the 
shadowing by the earth is minimal so that solar power cells receive 
almost continuous illumination. 


22.1.2 Elliptical orbits 


A polar orbit, where the satellite follows a North/South track, provides 
the opportunity to survey the earth in a series of strips. The satellites 
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used for this purpose are in low each orbit (LEO) and consequently 
have a high velocity. Their orbit time is approximately 1.5 hours and 
between successive orbits the earth has rotated 22.5°. Sixteen orbits 
are therefore needed to scan the earth’s surface. Until recently polar 
orbits were used only for optical surveillance but now several projects 
for radio communication are either in the early stages of installation 
or under development. These use a number of satellites so that for 
mobile communications, for instance, there is a satellite continuously 
in view. Tracking of these extremely fast satellites by the ground 
stations, which may themselves be moving, along with Doppler effect 
has been a major obstacle which is now being overcome. 


22.2 Communications by satellite link 


Satellites are radio links and receive signals from the ground and other 
satellites which they must re-transmit. The signals from ground sta- 
tions are comparatively weak and require high power amplification 
for onward transmission. As the satellite’s receive and transmit anten- 
nas must be close together, the possibility of RF instability prohibits 
on-frequency repetition. The up-link, from ground station to satel- 
lite, must therefore be converted to another before re-transmission. 
The up-link frequency is normally higher than the down-link and the 
frequency converter is referred to as a ‘down-converter’. 

The frequency bands used for communications purposes are listed 
in Table 22.1. 


Satellite television 


The broadcasting of television may be via either communications 
satellites or Direct Broadcasting by Satellite (DBS) satellites. The posi- 
tions of non-DBS satellites relative to the UK are shown in Figure 22.2 
and Table 22.2 lists the European channels. Figure 22.3 shows the 
world allocations of DBS satellites and Tables 22.3 and 22.4 list the 
channel frequencies and national allocations. The frequency plan for 
the Astra satellite is in Table 22.5. 


22.3 Proposed satellite television formats 


Most current European satellite television programmes (non-DBS) are 
broadcast as fairly standard PAL signals, FM modulated into the satel- 
lite channel. DBS transmissions, and those from Astra satellite, will 
probably be of a multiplexed analogue component (MAC) format. 
In MAC, data corresponding to sound tracks and subtitles, etc., an 
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Table 22.1 Communications satellite frequencies 


Frequency Link European International 





band (GHz) telecom links telecom links 
1.5-1.6 Down Mobile 
1.6-1.7 Up Mobile 
3.4-4.2 Down Fixed Fixed 
4.5-4.8 Down Fixed Fixed 
5.9-7.0 Up Fixed Fixed 
10.7-11.7 Down Fixed (+ Non-DBS television) 
11.7-12.5 Down Fixed (+ television) 
12.5-12.75 Down Fixed (private links) 
12.75-13.75 Up Fixed (private links) 
14.0-14.8 Up Fixed 
17.3-18.3 Up Fixed 
17.7-20.2 Down Fixed 
20.2-21.2 Down Mobile 
27.0-30.0 Up Fixed 
30.0-31.0 Up Mobile 
22.5-23.55 Allocated for intersatellite links 
32.0-33.0 Allocated for intersatellite links 
54.25-58.2 Allocated for intersatellite links 
59.0-64.0 Allocated for intersatellite links 
North 






Geo-stationary 
orbit 


West East 









Degrees 
west 


Degrees 
east 











27.5 5417 1319 


Astra 
Eutelsat 1 F1 
Eutelsat 1 F2 


Intelsat VA F11 
Telecom 1 F2 
Intelsat V F2 
South 
Figure 22.2 Non-DBS satellite television: positions of the main non-DBS satellites 
relevant to the UK 
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Table 22.2 
satellites 


~ 
g 
SI 
& 
1S) 


3Sat 
Anglovision 
Arts Channel 
BBC1/2 
CanalJ 
Children’s 
Channel 
CNN 
Filmnet 
Moscow 1 
Moscow 2 
Infofilm & 
Video 
La Cing 
Lifestyle 
M6 
MTV 
Norsk 
Rikskringkasti 
Premiere 
RAI-Uno 
RTL-Plus 
SAT1 
Satellite 
Information 
Screensport 
Skychannel 
Superchannel 
SVT-2 
SVT-2 
Teleclub 
TV5 
Worldnet 
Worldnet 
Worldnet 


11.644 
11.015 
11.007 
11.091 
11.507 


11.575 
11.135 
11.650 
10.674 
11.178 
11.133 
11.987 
11.472 
11.512 
11.591 
12.732 
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5.8 
6.65 


Digital 
6.6 
6.6 
6.65 
6.65 


Digital 
6.6 
6.65 
6.65 
Digital 
Digital 
6.5 
6.65 
6.65 
6.6 
5.8 


European satellite television channels broadcast via communications 


Eutelsat 1 F1 
Intelsat VA-F11 
Intelsat VA-F11 
Intelsat VA-F11 
Telecom 1 F2 


Intelsat VA-F11 
Intelsat VA-F11 
Eutelsat 1 F1 
Gorizont-12 
Gorizont-7 


Intelsat F2 
Telecom 1 F2 
Intelsat VA-F11 
Telecom 1 F2 
Intelsat VA-F11 


Eutelsat 1 F2 
Intelsat VA-F11 
Eutelsat 1 F1 
Eutelsat 1 F1 
Eutelsat 1 F1 


Intelsat VA-F11 
Intelsat VA-F11 
Eutelsat 1 F1 
Eutelsat 1 F1 
Intelsat F2 
Intelsat F2 
Eutelsat 1 F1 
Eutelsat 1 F1 
Eutelsat 1 F1 
Eutelsat 1 F1 
Telecom 1 F2 


analogue signal corresponding to chrominance and an analogue signal 
corresponding to luminance are transmitted separately in each broad- 
cast line of the picture. 

In order to achieve multiplexing of the three parts of the format, 
time compression of chrominance and luminance signals occurs before 
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Table 22.3 DBS television channels 


\ 
AN G 

S$ FR 
gs sé 

SNES oY 

S « 
‘l 11.72748 21 12.11108 
2 11.74666 22 12.13026 
3 11.76584 23 12.14944 
4 11.78502 24 12.16862 
5 11.80420 25 12.18780 
6 11.82338 26 12.20698 
£ 11.84256 27 12.22616 
8 11.86174 28 12.24534 
9 11.88092 29 12.26452 


10 11.90010 30 12.28370 
11 11.91928 31 12.30288 
12 11.93846 32 12.32206 
13 11.95764 33 12.34124 
14 11.97682 34 12.36042 
15 11.99600 35 12.37960 
16 12.01518 36 12.39878 
17 12.03436 37 12.41796 
18 12.05354 38 12.43714 
19 12.07272 39 12.45632 
20 12.09190 40 12.47550 











Luminance 
(= 35 ys) 


Chrominance 
(= 18 ts) 





-. 64 us So 





transmission, and they must be reconstituted at the receiver. Two main 
variations of the MAC format have been selected for European broad- 
casters, D-MAC and D2-MAC. They differ basically in the number of 
data channels, and hence the overall bandwidth required. Both modu- 
late video signals in FM, and data signals in duobinary FM. 


22.4 Global positioning system (GPS) 


This system uses an American government satellite network comprised 
of 24 satellites in three circular orbits at a height of 20 000km and 
with twelve-hour periods. At least six satellites should be visible from 
any point around the earth at any one time. 
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Each satellite transmits continuously updated information about its 
orbit on two frequencies, 1227 MHz and 1575 MHz. One radio channel 
carries two pseudo-random codes, one very long and the other very 
short. The second channel is modulated only with the short code. The 
codes enable the satellite to be positively identified, and the distance 
from a receiver on, or close to, the earth to be calculated. 

A receiver’s position, in three-dimensional space, is identified by 
measuring and calculating the distance from three satellites. The short 
codes provide the initial fix but increased precision is obtained from 
the long codes. There is an error due to time variations arising from 
various sources of which satellite speed is one, but taking a measure- 
ment from a fourth satellite enables a correction factor to be applied. 

Receivers which utilize only the short PN codes provide a resolu- 
tion accurate to about 100m. Those which can process the long codes 
provide a fix accurate to about 45 m. 


References 


Lewis, G.E. (1988). Communication Services via Satellite. BSP Professional 
Books, Oxford. 

Long, M. The 1993/1994 World Satellite Annual. Mark Long Enterprises Inc., 
Ft Lauderdale, USA. 


23 Connectors and interfaces 


23.1 Audio and video connectors 


Audio connectors 


The DIN standards devised by the German Industrial Standards Board 
are widely used for the connection of audio equipment. The connectors 
are shown below. The 3-way and 5-way 45 are the most common and 


connections for those are listed. 


DIN 41524 





3 Way 


Sp 


DIN 41524 DIN 54322 DIN 45327 





<Z 6 ) 


90° 


5 Way 45° 5 Way 60° 5 Way domino 


DIN 45322 DIN 45329 DIN 45326 





8 Way 45° 


DIN 41524 


8 Way 41° 


x 5 
Microphone Input 1 Input LH 1 
OV2 Input RH 4 
OVvV2 
Pin 3 available Pins 3 and 5 


for polarizing 


available for 


voltage polarizing voltage 
Tape recorder Input 1 Input LH 1 
inputs and OvV2 Input R4 4 
monitor outputs Output 3 OVvV2 
Output LH 3 
Output RH 5 
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x 5 
Tape recorder Output, low Z1 Output LH, low Z1 
replay output OVvV2 Output RH, low Z4 
Output, high Z3 Ov2 
Output LH, high Z3 
Output RH, high Z5 
Amplifiers Output to tape 1 Output LH 1 
Ov2 Output RH 1 
Input from tape 3 OvV2 
Input LH 3 
Input RH 5 


Variations on the above exist between different manufacturers. 


Videorecorder/televisions/camera connectors 


Standard pin configurations for videorecorders, televisions and 
videocameras are shown below. Many follow standard DIN connector 
pinouts, but videocamera and SCART connectors differ significantly. 





Q1 30 
ot 259 
o 
{a) 5-pin DIN (b) 6-pin DIN (c} 7-pin DIN 
1,4 Audio in 1 AV select, 1 L audio in 
2 Chassis For VCR 2 Chassis 
3,5 Audio out high = all 3 L audio out 
or stereo outputs, 4 R audio in 
1 Laudioin low = all 5 R audio out 
2 Chassis inputs, 6 Remote 
3 L audio out Opposite control 
4 R audio in for TV set data 
5 R audio out 2 Video in/out 7 Chassis 
3 Chassis 
4 L audio in/ 
out 
5 12V 
6 R audio in/ 


out 
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SCART (BS 6552) 


SCART connectors, also known as Peritelevision or Euroconnector 
connectors, feature two control systems which allow remote control 
over the television’s or videorecorder’s functions. 





(d) 8-pin DIN (e} SCART 

1 L audio in 1 A audio out 9 Chassis (G video) 16 Fast video 

2 Remote 2 R audio in 10 Datla bus blanking 
control 3 L audio out 11 G video in 17 Chassis 
data 4 Chassis 12 Data bus {composite 

3 R audio in (audio) 13 Chassis video) 

4 Chassis 5 Chassis (B (data bus} 18 Chassis (fast 
(audio) video} 14 Chassis video 

5 Chassis 6 L video in (data bus} blanking} 
(remote 7 B video in 15 R video in 19 Composite 
control) 8 Source video out 

6 Chassis switching 20 Composite 
(video) video in 

7 Chassis 
(audio) 

8 Video in 


The simplest is a source switching input (pin 8) in which an exter- 
nal source (videorecorder, computer, etc.) can, by issuing a 12 volt 
signal, cause the television to switch to baseband inputs. 

A more complex control system, called domestic data bus (D’B), 
is given through pins 10 and 12, in which serial data can be passed 
between controlling microprocessors in the television and external 
equipment. No standard yet exists for D*B. 


23.2 Co-axial connector 


The most commonly used connectors for RF cables are: 


Type Impedance, Max. Maximum Notes 
Zo (ohms) VSWR to proof RF 
(frequency _ voltage 
GHz) 


N 50 or 75 1.30 (4) 1.5kV Screw together 
(5 MHz at 
sea level) 


Maximum 
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Notes 


Impedance, 


proof RF 
voltage 


1kV 


Miniature. 


Type Max. 
Zo (ohms) VSWR to 
(frequency 
GHz) 
BNC 50 or 75 1.01 (1) 
1.30 (4) 
TNC 50 or 75 As BNC 
SMB 50 1.46 (4) 
SMC 50 1.41 (4) 
1.69 (10) 
SMD 50 As SMB 
BT 43 75 
7-16 50 1.3 
(5 GHz) 
PL259/ 50 - 
S0239/ 
UHF 83 
Cc 715 - 


(5 MHz at 


sea level) 
As BNC 


1.5kV 
(At sea 
level. Cable 
dependent) 
As SMB 


As SMB 


2.7 
(connector) 


500 (pk) 


Bayonet 
fitting 


Miniature. 
Robust screw 
together 

Sub-miniature. 
Snap 
together 


Sub-miniature. 
Screw 
together 

Sub-miniature. 
Push together 

Developed from 
SMB range 
for use in 
telecomms 
and data 
transmission 

Suitable for 
medium to 
high power 
applications 
in the cellular 
and broadcast 
industries. 
Screw 
together 

Non-constant 
imp. High 
VSWR makes 
it unsuitable 
for use above 
144 MHz and 
for extending 
RF cables. 
Very robust. 
Screw 
together 

Bayonet fitting 


“18'4 50) 9)/Age 


> 





Type Impedance, Max. Maximum Notes 
Zo (ohms) VSWR to proof RF 
(frequency voltage 
GHz) 


F 50 - = American 
CCTV 
connector 
used on some 
144 MHz 
hand-portable 
transceivers. 
Plugs use 
inner 
conductor of 
cable as 
centre pin 

Belling 50 - - British TV 

Lee antenna 
connector. 
Aluminium 
versions may 
corrode when 
used outdoors 

GR 50 1 MHz max. - Constant imp. 

frequency sexless 
connector 

Phono - - - American 
connector for 
audio use 


Examples of assembly instructions for co-axial RF 
connectors (by kind permission of M/ACOM 
Greenpar Ltd.) 


(ArT es) Measuring instrument — a rule is shown, but better 
results are obtained by using a Vernier gauge 


ya = Stout trimming blade, suitable for cutting copper 
wire braid 


— Crimping tool 
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Soldering iron 


Side cutters, also for trimming braid 


Spanner, of the relevant size for the connector 


Small screwdriver 


Hacksaw, sometimes appropriate for semi-rigid 
cable, although for repetitive operations a power 
trimmer should be considered 


Pel Ag 


Assembly instructions Type N 


Cable types: 
50 ohm: PSF1/4M (BBC), RG 8A/U, RG 213/U, URM 67 
75 ohm: RG 11A/U, RG 63B/U, RG 114A/U, URM 64 


1 Side clamp nut and plain gasket over cable and trim 
outer sheath from cable as shown. 


i et 700 
i 
= 










Clamp nut Plain gasket 

2 Fold back braid and push ferrule over dielectric to 
trap braid between outer sheath and ferrule. Trim 
off surplus braid. 






Ferrule 
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3 Trim back dielectric and check the length of the 
protruding centre conductor. 








4 Tin centre conductor, then slide rear insulator over 
dietectric, to butt against ferrule. 





Real insulator 


5 Fit contact (male for plugs, female for jacks) anto 
centre conductor. Hold cable and contact tightly 
together and solder. 











Male contact 





Slide plain gasket and clamp nut up to ferrule 

6 trapping braid. Fit front insutator over contact 
to butt against rear insulator and press sub-assembly 
into body as far as possible. 


GT b= 0 


Front insulator 





7 Engage and tighten clamp nut. 





263 


} Slide crimp sleeve over cable 





Crimp sleeve 


Trim back outer sheath and braid to dimensions 
2 shown, Any foils adjacent to the dielectric should 
be left in piace but trimmed 1.5 mm from the face 


of the dielectric aa 18.2 





3 Fit contact (male for plugs, female for jacks) 
over centre conductor to butt against dielectric 


and crimp. = 










Male contact 


Push fit sub-assembly into body until contact clicks 
4 into insulator. In all cases, braids (and any 
intermediate foils) slide over ferrule while any 
foil adjacent to the dielectric should enter 
the ferrule bore, 





Slide crimp sleeve forward over braid and ferrule to 
butt against rear of the connector and crimp. 
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Assembly instructions Type BNC 


Cable types: 
RG 58C/U, RG 141A/U, URM 43, URM 76 


4 Slide clamp nut and plain gasket over cable and 
trim outer sheath from cable, as shown. 


Los me! 















Clamp out Plain gasket 





Fold back braid and push ferrule over dielectric to 
2 trap braid between outer sheath and ferrule. Trim off 


surplus braid, ak 







3 Trim back dielectric and check the length of the 


protruding centre canductor. 









4 Tin centre conductor, then slide rear insulator over 


dielectric, to butt against ferrule. 


ad | 


Rear insulator 









Fit contact (male for plugs, female for jacks) 

5 onto centre conductor, with collar pressed into 
recess in rear insulator. Hold cable and contact 
tightly together, and solder. 


— 


LTT 
Te = 
de 


Male contact 






Slide plain gasket and clamp nut up to ferrule, 
trapping braid. Fit front insulator over contact 
to butt against rear insulator and press sub-assembly 
into body as far as possible, 


ee (5) - 


Front insulator 








7 Engage and tighten clamp nut 





A Slide metal crimp sleave over cable, trim outer 
sheath from cable as shown. 


a 
1 


Sleeve 





Trim back braid and dielectric to the 
2 dimensions shown. 


8.0 


4.0 
3 Fit contact over centre conductor to butt against the 


dielectric, then crimp. 
Feed 





Cazares 


Male contact 
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4 Press sub-assembly into body, until contact clicks 
into place and ensuring that the knurled ferrule is 
inserted between the dielectric and braid. 





5 Slide the sleeve along the cable, until it butts 
against the body sub-assembly. Crimp, using the 
tool listed below. 





Note: A plug is shown, but these instructions are 
relevant to both plugs and jacks, The shape of 
contacts and insulators may also vary from the 
drawings shown. 


Assembly instructions Types SMB/SMC/SMD 


Cable types: 
TM 3306, RG174A/U, RG188A/U, RG316/U 
TM 3263, RG1I78B/U, RG196A/U, URM 110 


Slide clamp nut, a washer, a gasket and the other 
4 washer over the cable trim outer sheath to 
dimension shown. 


Washer 3,9) 


Washer |” 


$a cm 
BB 8 rer 


Clamp Gasket 
nut 










2 Fold back braid. Push ferrule over dielectric to trap 
braid between outer sheath and ferrule. 


Sree ie 


Ferrule 
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Trim off surplus braid. Trim dielecteic flush with 
3 ferrule and check length of centre conductor. Tin 
centre conductor. 
1.5< = 


insulator 





4 Side rear insulator over centre conductor until 
i! butts against ferrule. 


Doerr 
" net i < 
: Contact 





5 Fit contact onte centre conductor until it butts 
against rear insulator. Hold cable and contact 
tightly together and solder. 





re) Fit front insulator over contact until it butts against 
internal shoulder. 





7 Press sub-assembly into body as far as possible. 
Engage and tighten clamp nut. 
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4 Place crimp sleeve over sheat and trim cable to the 
dimensions shown. Ensure that the centre 
conductor is not damaged. 


Crimp sleeve 





2 Place contact on centre conductor and crimp. 


aon 


| ss om 


Contact 





3 Push contact into body sub-assembly. Ensure the 
contact ‘clicks’ into rear insutator with the ferrule 
between the braid and the dielectric, 










4 Slide crimp sleeve over the braid and crimp. 


rr) 


23.3 Interfaces 





23.3.1 Connectors and connections 
Data interchange by modems 


When transmitting and receiving data across telephone or other cir- 
cuits, the equipment which actually generates and uses the data (e.g. 
a computer or VDU terminal) is known as data terminating equip- 
ment (DTE). The equipment which terminates the telephone line and 
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converts the basic data signals into signals which can be transmitted is 
known as data circuit-terminating equipment (DCE). As far as the user 
is concerned the interface between DTE and DCE is the most impor- 
tant. ITU-T recommendation V24 defines the signal interchanges and 
functions between DTE and DCE; these are commonly known as the 
100 series interchanges circuits: 


Interchange circuit Data Control Timing 
&y &y &y 
é : «eo ea 8 
§ § Oe ee ae 
a a eye 8 F&F BR 
101 Protective ground 
or earth 
102 Signal ground or 
common return 
103 Transmitted data ° 
104 Received data ° 
105 Request to send e 
106 Ready for e 
sending 
107 Data set ready ° 
108/1 Connect data set e 
to line 
108/2 Data terminal e 
ready 
109 Data channel e 
received line 
signal detector 
110 Signal quality e 
detector 
111 Data signalling e 
rate selector 
(DTE) 
112 Data signalling e 
rate selector 
(DCE) 
113 Transmitter signal e 


element timing 
(DTE) 
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Interchange circuit 


119 


120 


121 


122 


123 


124 


125 
126 


127 


Transmitter signal 
element timing 
(DCE) 

Receiver signal 
element timing 
(DCE) 

Select stand by 

Standby indicator 

Transmitted 
backward 
channel data 

Received 
backward 
channel data 

Transmit 
backward 
channel line 
signal 

Backward 
channel ready 

Backward 
channel 
received line 
signal detector 

Backward 
channel single 
quality detector 

Select frequency 
groups 

Calling indicator 

Select transmit 
frequency 

Select receive 
frequency 


Control 


Timing 


Interchange circuit 


= 


128 


191 


192 


& 
$ 


Receiver signal 
element timing 
(DTE) 

Request to 
receive 

Transmit 
backward tone 

Received 
character 
timing 

Return to 
non-data mode 

Ready for 
receiving 

Received data 
present 

Transmitted voice 
answer 

Received voice 
answer 


Modem connector pin numbers 


Control 
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Timing 
& 
© 
Se 
S46 
aS 


The connectors used with 100 series interchange circuits and its pin 
assignments are defined by international standard ISO 2110 and are 
(for modems following the ITU-T recommendations V21, V23, V26, 
V26bis, V27 and V27bis) as follows: 
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Interchange circuit numbers 


X\ 
N ~ % S y 
es g Xs es 
1 mal *] *] Ground 
2 103 103 103 TXD 
3 104 104 104 RXD 
4 105 105 105 RTS 
2] 106 106 106 RFS 
6 107 107 107 DSR 
7 102 102 102 Signal return 
8 109 109 109 Signal DET 
9 *N *N *N 
10 "N "N "N 
11 126 "N "N STF 
12 *F 122 122 
13 *F 121 121 
14 *F 118 118 
15 *F 22 114 
16 *F 119 119 
17 *F +2 115 
18 141 141 141 
19 *F 120 120 
20 108/1-2 108/1-2 108/1-2 DTR 
21 140 140 140 
22 125 125 125 Call ind. 
23 "N 111 111 
24 *N *N 113 
25 142 142 142 
Notes: 


*] Pin | is assigned for connecting the shields between tandem 
sections of shielded cables. It may be connected to protective 
ground or signal ground. 

*F Reserved for future use. 

*N Reserved for national use. 
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9-Pin connector 


S 
$ § 
g g 

1 DCD Data carrier detect 
2 RXD Receive data 
3 TXD Transmit data 
4 DTR Data terminal ready 
5 GND Ground 
6 DSR Data set ready 
7 RTS Ready to send 
8 CTS Clear to send 
9 RI Ring indicator 


Automatic calling 


A similar series of interchange circuits is defined in ITU-T recommen- 
dation V25 for automatic calling answering between modems over the 
telephone network. This is the 200 series interchange circuits: 


Interchange circuit 


& 
é Ss 8 
§ § § . 
> = & & 
201 Signal ground e 
202 Call request 
203 Data line occupied e 
204 Distant station connected e 
205 Abandon call 
206 Digit signal (2°) e 
207 Digit signal (2!) e 
208 Digit signal (27) e 
209 Digit signal (27) e 
210 Present next digit e 
211 Digit present e 


213 Power indication e 
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RS 232C 


The EIA equivalent of CCITT V24 interface is the RS 232C specifi- 
cation, which similarly defines the electrical interface between DTE 
and DCE. Although the two have different designations, they are to all 
practical purposes equivalent. The RS 232C interchange circuits are: 


Interchange circuit 


“© 
§ 
€ 
< 
x 


DA 
DB 


DD 


§ 
= 
Protective ground 
Signal 
ground/common 
return 
Transmitted data 
Received data 
Request to send 
Clear to send 
Data set ready 


Data terminal ready 


Ring indicator 


Received line signal 


detector 

Signal quality 
detector 

Data signal rate 
selector (DTE) 

Data signal rate 
selector (DCE) 

Transmitter signal 
element timing 
(DTE) 

Transmitter signal 
element timing 
(DCE) 

Receiver signal 
element timing 
(DCE) 


Data Control Timing 
& Ry 
ese 5 8 
g &-- 6° & os 
& €§ & &€ 8&8 


Interchange circuit 


“& 
§ 
€ 
< 
x 


Data Control Timing 

& & Ry 
se sg 8 g 
§ §& SN § 8S §&§ 8 
~ e © € © EB 


SBA _ Secondary 
transmitted data 


SBB Secondary received e 
data 

SCA — Secondary request to 
send 

SCB Secondary clear to 
send 


SCF Secondary received 
line signal 
detector 


RS 449 


The EIA RS 232C standard, although the most common, is by no 
means perfect. One of its main limitations is the maximum data rate 
—18.2K baud. Various improved interchange circuits (RS 422, RS 
423) have been developed. The RS 449 standard is capable of very 
fast data rates (up to 2 Mbaud): 


Interchange circuit 


& 
S 
S 
y = 
SG_ Single ground 
SC Send common 
RC Receive common 
IS Terminal in service 
IC Incoming call 
TR Terminal ready 


Data Control Timing 
Ry Ry Ry 
& 
© 
S 
& 


& 
© 
S 
& 


© © © 
S S Jv & 
Si 
q q ee 


276 


Interchange circuit 


s 
S 
x = 
DM_ Data mode 
SD_ Send data 
RD Receive data 
TT Terminal timing 
Zz ST Send timing 
& RT Receive timing 
4 RS _ Request to send 
Db CS Clear to send 
5 RR_ Receiver ready 
& SQ_ Signal quality 
NS_ News signal 
SF Select frequency 
SR _ Signalling rate selector 
SI Signalling rate indicator 
e SSD Secondary send data 
"3 | SRD Secondary receive data 
S $1 SRS Secondary request to send 
” S| SCS Secondary clear to send 
SRR Secondary receiver ready 
LL Local loopback 
RL Remote loopback 
TM Test mode 
SS Select standby 
SB Standby indicator 


Centronics interface 


Control Timing 


Most personal computers use the Centronics parallel data transfer to a 
printer. The pin connections of the connector, abbreviations and signal 
descriptions are shown. 

All signals are standard TTL, although not all signals necessarily 
exist in any given interface. 


2; 
72 ny Wb 
" 


i el ol’ 
BWNrFTOMANANANHRWNH 


i till es 
ANN 


18 
19 
31 
32 
33 
34 
35 
36 


to 30 


SLCT 
AUTO FEED XT 


NC 
OV 
CHASSIS GND 


NC 

GND 
INIT 
ERROR 
GND 

NC 
Logic 1 
SLCT IN 
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ny 
& 
Ss) 
C 
RY 
Ss 
x 
8 


Ss 


Strobe 

Data line 1 

Data line 2 

Data line 3 

Data line 4 

Data line 5 

Data line 6 

Data line 7 

Data line 8 

Acknowledge data 

Busy 

Paper end 

Select printer 

Automatic line feed at end 
of line 

No connection 

Logic ground 

Printer chassis (not 
necessarily the same as 
logic ground) 

No connection 

Single ground 

Initialize 

Error 

Signal ground 

No connection 

Logic 1 

Select input to printer 


10}00}0p 
[eUSIS OUI] PoAroooI JouURYS eIeG 
Sulpuss Joy Apeoy 
puas 0} ysonboy 
(20INos FDC) 
SUIUIT] JUDUIDTO [CUBIS IOATIDOY 
(201nos F@Dq) suruu1ry, 
JUSWIII[9 [eUSIS JoyTWWISURIL, 
(901n0s FL) suru4ty, 
JUSUZ[9 [CUBIS JOWTUISUeLL 
BIeP PIAIgdayy 
eyep poyrusuely 
Apeal jos veyed 
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Reference 


M/ACOM Greenpar Ltd, catalogue 1993. 


24 Broadcasting 


24.1 Standard frequency and time transmissions 


6 E 
g o 
Pe Gs oe 

Roe & se 0 
60kHz 5000 MSF 

- = WWVB 
75kHz 4000 HBG 
77.5kHz 3871 DCF77 
1.5 200 HD210A 
2.5 120 MSF 

- = WWV 

- = WWVH 

- - ZLF 

- - RCH 

- - JY 

- -— ZUO 
3.33 90.09 CHU 
3.81 78.7 HD201A 
4.5 66.67 VNG 
4.996 60.05 RWM 
5 60 MSF 

- - WWVB 

- = WWVH 

- = ATA 

- - LOL 

- - IBF 

- - RCH 

- - JY 

- - ZUO 
5.004 59.95 RID 
6.10 49.22 YVTO 
7.335 40.9 CHU 
75 40 VNG 


Rugby 
Colorado 
Mainflingen 
Guayaquil 
Rugby 

Fort Collins 
Kekaha 
Wellington 
Tashkent 
Olifantsfontein 
Ottawa 
Guayaquil 
Victoria 
Moscow 
Rugby 

Fort Collins 
Kekaha 
New Delhi 
Buenos Aires 
Turin 
Tashkent 


Olifantsfontein 
Irkutsk 
Caracas 
Ottawa 
Lyndhurst 
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England 
USA 
Switzerland 
DDR 
Ecuador 
England 
USA 
Hawaii 

New Zealand 
USSR 

Japan 

South Africa 
Canada 
Ecuador 
Australia 
USSR 
England 
USA 

Hawaii 
India 
Argentina 
Italy 

USSR 

Japan 

South Africa 
USSR 
Venezuela 
Canada 
Australia 


y 


Sa 
EN 
Bee 


& 
RY 


HD210A 
JTY 
LQB9 
RWM 
MSF 
WWVB 
WWVH 
BPM 
ATA 
JTY 
LOL 
RTA 
RCH 
RID 
VNG 
CHU 
RWM 
WWVB 
WWVH 
LOL 
RTA 
BPM 


s§ 
NON 
§ § 
28 
Guayaquil 


Buenos Aires 
Moscow 
Rugby 

Fort Collins 
Kekaha 

Xian 

New Delhi 
Buenos Aires 
Novosibirsk 
Tashkent 
Irkutsk 
Lyndhurst 
Ottawa 
Moscow 

Fort Collins 
Kekaha 
Buenos Aires 
Novosibirsk 
Xian 

New Delhi 
Irkutsk 
Allouis 
Buenos Aires 
Fort Collins 
Olifantsfontein 


Ecuador - 
Japan - 
Argentina 5 
USSR — 
England 0.5 
USA 10 
Hawaii 10 
China - 
India - 
Japan - 
Argentina 
USSR 
USSR 
USSR 
Australia 
Canada 
USSR 
USA 
Hawaii 
Argentina 
USSR 
China - 
India - 
Japan - 
USSR 1 
France 2000 
Argentina 5 
USA 2.5 
South Africa - 


— 


ee 
ANOCDOAWNWNOKF KNW 
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24.2 Standard frequency formats 


Stalon iO 
440 Hz 1 Hour mark 


NBS reserved 






WY brosdoatd format 
via lalaphone (303) 499 7111 








40-49 °d90°N 
Standard braadcast trequences. 
and radiated power 
25 MHz 25h i0btH2 1) RW 
Baz 10kKW  ISMHz - 1G Ye 
SOMHZ 25 kW 
UT I corrections 
For addfionalintcemenon cortact 
NBS Raxcie Stehon Wwiy 
2000 East Country Road $8 
FT Caine CO 80629 













Beginning of aach hour ts anidled by 

0.6 s@crind lang 1500 Haltz Kae 

Bering ol each mraicuke is Iderdilied bey 

0.8 second long 100 Harlz tone 

The 20lh and 51h sacond pulse of each minula is nmited 


Minynes 


MSF Rugby 


Time is inserted in the 60 kHz transmission in two ways, illustrated 
below. 


Fast-code 
transmission 









657 58590 1 5 3 
Seconds past 4 
each minute 6 


DUT1 
transmission 





Minute 

2 

4 

2 

™*- Leap 
Hour 8 second 

we insertion 
Day of 


4 8 4 8 
10201 2 > 
Day of month | | Mont 
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Slow code time and date information is transmitted between the 
17th and 59th seconds of the minute-long cycle, in normal BCD 
coding. Fast code time and date BCD coded information is inserted 
into a 500 ms window in the first second of each minute-long cycle, 
as illustrated below. 


Time of day Day of month 


Marker bit Parity bit -BSTon10month 
Control pulse : hr hr 10min min} [10 day dayj Month Parity bit 





2184214218421 218421 








60 kHz 60 kHz 
carrier a carrier 
-_— 
0 254550 200 330 500 ms 
Minute edge 
24.3 UK broadcasting bands 
A A 
< x 
v v 
S N 
& y & & 
& & 
Long wave 150-285 kHz (2000-1053 m) AM radio 
Medium wave 525-1605 kHz (571-187 m) AM radio 
Band IT (VHF) 88—108MHz FM radio 


Band IV (UHF) 470-582 MHz (channels 21 to 34) TV 
Band V (UHF) 614-854 MHz (channels 39 to 68) TV 
Band VI (SHF) = 11.7—12.5 GHz (channels 1 to 40) Satellite TV 


24.4 BBC VHF test tone transmissions 


Transmission starts about 4 minutes after the end of Radio 3 pro- 
grammes on Mondays and Saturdays. 
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y 
§ s s $ 
é s & § 
< J é & 
- 250 Hz at zero 440Hz at zero Identification of left and 
level level right channels and 
setting of reference level 
2 900 Hz at 900 Hz at Adjustment of phase of 
+7 dB +7 dB, regenerated subcarrier 
antiphase to (see Note 4) and check 
left channel of distortion with L-R 
signal only 
6 900 Hz at 900 Hz +7dB, Check of distortion with 
+7 dB in phase L + R signal only 
with left 
channel 
7 900 Hz at No modulation Check of L to R cross-talk 
+7 dB 
8 No modulation 900 Hz at Check of R to L cross-talk 
+7 dB 
9 Tone sequence No modulation Check of L-channel 
at —4 dB: frequency response and 
40 Hz L to R cross-talk at high 
6-3 kHz and low frequencies 
100 Hz 
10 kHz 
500 Hz 
12.5 kHz 
1000 Hz 
14kHz 
This 
sequence is 
repeated 
1140” No modulation Tone sequence Check of R-channel 
as for left frequency response and 
channel R to L cross-talk at high 


and low frequencies 
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SN 


s 
2 § 
8 ¢ 
v 
§ Ss 


& 
S 
& 


& 
§ 
C 
\ 
& $ 
S € q 


14’20” No modulation No modulation Check of noise level in the 


presence of pilot 


15'20” End of test transmissions 


Notes: 


1. 


2. 


This schedule is subject to variation or cancellation to accord with 
programme requirements and essential transmission tests. 

The zero level reference corresponds to 40% of the maximum level 
of modulation applied to either stereophonic channel before pre- 
emphasis. All tests are transmitted with pre-emphasis. 


. Periods of tone lasting several minutes are interrupted momentarily 


at one-minute intervals. 


. With receivers having separate controls of subcarrier phase and 


crosstalk, the correct order of alignment is to adjust first the sub- 
carrier phase to produce maximum output from either the L or the 
R channel and then to adjust the crosstalk (or ‘separation’) control 
for minimum crosstalk between channels. 


. With receivers in which the only control of crosstalk is by adjust- 


ment of subcarrier phase, this adjustment of subcarrier phase, this 
adjustment should be made on the crosstalk checks. 

Adjustment of the balance control to produce equal loudness from 
the L and R loudspeakers is best carried out when listening to 
the announcements during a stereophonic transmission, which are 
made from a centre-stage position. If this adjustment is attempted 
during the tone transmissions, the results may be confused because 
of the occurrence of standing-wave patterns in the listening room. 


. The outputs of most receivers include significant levels of the 


19-kHz tone and its harmonics, which may affect signal-level 
meters. It is important, therefore, to provide filters with adequate 
loss at these frequencies if instruments are to be used for the 
above tests. 
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24.5 Engineering information about broadcast 
services 


Information about all BBC services as well as advice on how best to 
receive transmissions (including television) can be obtained from: 


British Broadcasting Corporation 
Engineering Liaison 

White City 

201 Wood Lane 

London W12 7TS 


Telephone: 020 8752 5040 


Transmitter service maps for most main transmitters can also be 
supplied, but requests for maps should be accompanied by a stamped 
addressed A4 sized envelope. 

Similarly, information about all IBA broadcast services can be 
obtained from: 


Radio: 

Radiocommunications Agency 
Wyndham House 

189 Marsh Wall 

London E14 9SX 


Telephone: 020 7211 0211 


Television: 

The Independent Television Commission 
Kings Worthy Court 

Kings Worthy 

Winchester 

Hants SO23 7QA 


Telephone: 01962 848647 


288 


24.6 Characteristics of UHF terrestrial television 


systems 


24.6.1 World systems 


TMWOOAWS> Shisr. 
7 


e « 2 
£& FF & 
N ‘'N Y 
or i: 28 
N Ry S 
& &§p $9 
y N 
S RRRORRY 
= (OSs 
625 8 5.5 
625 8 5.0 
625 8 5.0 
625 8 60 
625 8 60 
525 6 42 


A — UK and Eire 

B — Eastern Europe 
C — Most of Western Europe, Australia, New Zealand 
D — France 
E — Russia and Eastern Europe 
F — USA, most of Central and South America, Japan 


24.6.2 European systems 


Co, “nip, 


Austria 
Belgium 
Bulgaria 
Cyprus 
Czechoslovakia 
Denmark 
Finland 

France 
Germany 


y 
ES ¥ 
ses Sx 

x & x y 

+6 = 1.25 

45.5 1.25 

45.5 0.75 

46.5 1.25 

+65 0.75 

+45 1.25 





No UHF system 
C 
E 
No UHF system 
C 
D 
C 


N NS 
AS S 
§ § @ 
s wWé 
S S S 
g S & 
S AS ~ 
“8 Ss NS 
S y AY) 
s § & 
Neg. FM 50 
Neg. FM 50 
Neg. FM 50 
Pos. AM 50 
Neg. FM 50 
Neg. FM 60 
xQ 
O 
PAL 
PAL 
PAL 
SECAM 
PAL 
PAL 
SECAM 
PAL 
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S s $ 
s S N 

S 5 S 
German DR C SECAM 
Greece B PAL 
Holland Cc PAL 
Hungary E SECAM 
Iceland No UHF system 

Treland A PAL 
Italy Cc PAL 
Luxembourg D SECAM 
Malta B PAL 
Monaco D SECAM 
Norway C PAL 
Poland E SECAM 
Portugal C PAL 
Romania E PAL 
Spain C PAL 
Sweden Cc PAL 
Switzerland Cc PAL 
Turkey No UHF system 

UK A PAL 
USSR E SECAM 
Yugoslavia B PAL 


Channel bandwidth 

Upper sideband (vision signal) 

Lower sideband (vision signal) 

Vision modulation 

Sound modulation 

Sound deviation (max.) 

Sound pre-emphasis 

Sound carrier relative to vision 
carrier 

Aspect ratio 

Blanking and black level 

White level 

Sync. level 

Video bandwidth 


24.6.3 UK 625-line television system specification 


8 MHz 

5.5 MHz 

1.25 MHz 
AM negative 
FM 

+50 kHz 

50 ws 

+ 


4:3 

716% 

20% peak 
100% peak 
5.5 MHz 


Styropyro 
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Field frequency 
Line frequency 
Field sync. signal 


Field sync. and flyback intervals 
Line period (approx.) 

Line syn. pulses (approx.) 

Line blanking (approx.) 

Field sync. pules (broad) 

Field sync. pulses (equalizing) 
Colour subcarrier frequency 
Burst duration 

Burst amplitude 

Burst phase 


50 Hz 

15 625 Hz 

5 equalizing then 5 
broad pulses, 
followed by 5 
equalizing pulses 
in 7.5 line periods 

2 x 25 line periods 

64 ws 

4.7 Ls 

12s 

27.3 Ls 

2.3 Ws 

4.43361875 MHz 

2.25 Ls 

equal to sync 

180° + 45° 


24.6.4 UK 625-line television system field blanking details 


Carrier amplitude % 


Field sync 
datum 


1 


=e--—- Field blanking — (25 Lines and line blanking) ————s- 
==+2.5 Lines—aerae 2.5 Lines —meme2.5 alka 


5 Equalising * Field sync 
pulses; 5 broad 
t pulses 


5 Equalising 
pulses i 


End of odd fields ~——*=“¥" Beginning of even fields 
Line number ‘6239"624625-mm-1 tee 2 ete 3 m4 ee Sef 6 ej at 23 fe 


100- --- 












75--* ‘ 
1. Equalising pulses 
| t Broad pulses eng t04 HS 
— 27.3 40.2 us 7 
20 === aeseeee L : o-hee 
4 
0 i 1 
End of even fields —--s.me.<— Beginning of odd fields 
+a | Line number 081 tate 31 Drees 1 3m 1 dome 1 5am 1 Game 1 7S 1 Sem — 336 
r- eee dated | hie =. 
d 
75 
t Blanking and black level * Sync level 
I w Peak white level 





Rise times 





Field blanking 0.3 + 0.1 us 


9 ‘9 Field sync 0.25 + 0.05 us 
10% — 90% 
(10% — 20%) Equalising pulses 0.25 + 0.05 us 


24.7 Terrestrial television channels 


UK 


Frequency (MHz) 


x ¥ 
615.25 621.25 
623.25 629.25 
631.25 637.25 
639.25 645.25 
647.25. 653.25 
655.25. 661.25 
663.25 669.25 
671.25 677.25 
679.25. 685.25 
687.25 693.25 
695.25. 701.25 
703.25. 709.25 
711.25 717.25 
719.25 = 725.25 
727.25 733.25 


Republic of Ireland 


Frequency (MHz) 


a ¥ 
45.75 51.75 
53.75 59.75 
61.75 67.75 
175.25 81.25 
183.25 189.25 


Frequency (MHz) 


~ ¥ 
735.25 741.25 
743.25 749.25 
751.25 757.25 
759.25 765.25 
767.25 773.25 
775.25 781.25 
783.25 789.25 
791.25 797.25 
799.25 805.25 
807.25 813.25 
815.25 821.25 
823.25 829.25 
831.25 837.25 
839.25 845.25 
847.25 853.25 


sg S 
Re) + 
< § 
191.25 197.25 
199.25 205.25 
207.25 213.25 
215.25 221.25 
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292 


South Africa 


woIANAnAK! CH 
"Ney 


Australia 


= 
§ 
o 
0 
1 
2 
3 
4 
5 
5A 


New Zealand 


Frequency (MHz) 


& y 

3 S 

£ 3g 
175.25. 181.25 
183.25 189.25 
191.25 197.25 
199.25 205.25 
207.25 = 213.25 


Frequency (MHz) 


~ ¥ 
46.25 51.75 
57.25 62.75 
64.25 69.75 
86.25 91.75 
95.25 100.75 
102.25 107.75 
138.25 143.75 


Frequency (MHz) 


& y 
& s 
£  § 
45.25 50.75 
55.25 60.75 
62.25 67.75 
175.25. 180.75 
182.25 187.75 


. henne, 


10 
11 
13 


he ine) 


rFPOowoOowmAnNdaA 


= 


Cana anne, 


Frequency (MHz) 


+ ¥ 
215.25 221.25 
223.25 229.25 
231.25 237.25 
247.43 253.43 


aN ¥ 
175.25. 180.75 
182.25 = 187.75 
189.25 194.75 
196.25 201.75 
209.25 214.75 
216.25 221.75 


x ¥ 
189.25 194.75 
196.25 201.75 
203.25 208.75 
210.25 = 215.75 
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USA 
Frequency (MHz) Frequency (MHz) 
v v 
S < § o s § 
2 55.25 59.75 43 645.25 649.75 
3 61.25 65.75 44 651.25 655.75 
4 67.25 71.75 45 657.25 661.75 
5 77.25 81.75 46 663.25 667.75 
6 83.25 87.75 47 669.25 673.75 
7 175.25 179.75 48 675.25 679.75 
8 181.25 185.75 49 681.25 685.75 
9 187.25 191.75 50 687.25 691.75 
10 193.25 197.75 51 693.25 697.75 
11 199.25 203.75 52 699.25 703.75 
12 205.25 209.75 53 705.25 709.75 
13 211.25 215.75 54 711.25 715.75 
14 471.25 475.75 55 717.25 721.75 
15 477.25 481.75 56 723.25 727.75 
16 483.25 487.75 57 729.25 733.75 
17 489.25 493.75 58 735.25 739.75 
18 495.25 499.75 59 741.25 745.75 
19 501.25 505.75 60 747.25 751.75 
20 507.25 511.75 61 753.25 757.75 
21 513.25 517.75 62 759.25 763.75 
22 519.25 523.75 63 765.25 769.75 
23 525.25 529.75 64 771.25 775.75 
24 531.25 535.75 65 777.25 781.75 
25 537.25 541.75 66 783.25 787.75 
26 543.25 547.75 67 789.25 793.75 
27 549.25 553.75 68 795.25 799.75 
28 555.25 559.75 69 801.25 805.75 
29 561.25 565.75 70 807.25 811.75 
30 567.25 571.75 71 813.25 817.75 
31 573.25 577.75 72 819.25 823.75 
32 579.25 583.75 73 825.25 829.75 
33 585.25 589.75 74 831.25 835.75 
34 591.25 595.75 75 837.25 841.75 
35 597.25 601.75 76 843.25 847.75 
36 603.25 607.75 77 849.25 853.75 
37 609.25 613.75 78 855.25 859.75 
38 615.25 619.75 79 861.25 865.75 
39 621.25 625.75 80 867.25 871.75 
40 627.25 631.75 81 873.25 877.75 
41 633.25 637.75 82 879.25 883.75 


295 


UHF Groups 











Cross 
j ¥ boom 
| GH 
A y CO DDEEFFGSS 
A 
a Pattern of general-purpose 
A Yagi array to be used in 
a =X conjunction with the 
A dimensions given below. 
a 
A 


Reflector cross member 


24.9 AM broadcast station classes (USA) 


The US AM broadcast band is 540kHz to 1700kHz, with 10kHz 
channel spacings with centre frequencies divisible by ten (e.g. 780 kHz 
or 1540kHz). Other countries in the western hemisphere operate on 
either 10kHz channel spacings with frequencies ending in ‘5S’, or 
9kHz spacing. The Domestic Class is generally the class of station 
defined in 47CFR Section 73.21. The Region 2 Class is generally 
the class of station as defined in the Region 2 [Western Hemisphere] 
AM Agreement. This class also corresponds to the class in the 1984 
US-—Canadian AM Agreement and the 1986 US—Mexican Agreement. 


24.9.1 Class A station 


A Class A station is an unlimited time station (that is, it can broadcast 
24hours per day) that operates on a clear channel. The operating 
power shall not be less than 10 kilowatts (kW) or more than 50 kW. 


24.9.2 Class B station 


A Class B station is an unlimited time station. Class B stations are 
authorized to operate with a minimum power of 250 watts and a max- 
imum power of 50kW. (If a Class B station operates with less than 
250 W, the RMS must be equal to or greater than 141 mV/m at 1 km 
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for the actual power.) If the station is authorized to operate in the 
expanded band (1610 to 1700 kHz), the maximum power is 10kW. 


24.9.3 Class C station 


A Class C station is an unlimited time station that operates on a local 
channel. The power shall not be less than 250 W nor more than 1 kW. 
Class C stations that are licensed to operate with 100 W may continue 
to operate as licensed. 


24.9.4 Class D station 


A Class D station operates either daytime, limited time, or unlimited 
time with a night-time power less than 250 W and an equivalent RMS 
antenna field less than 141 mV/m at 1 km for the actual power. Class 
D stations shall operate with daytime powers not less than 0.250 kW 
nor more than SOkW. Note: If a station is an existing daytime-only 
station, its class will be Class D. 


24.10 FM broadcast frequencies and channel 
numbers (USA) 


From US Code USC 47 CFR 73. The FM broadcast band consists 
of that portion of the radio frequency spectrum between 88 MHz and 
108 MHz. It is divided into 100 channels of 200kHz each. For con- 
venience, the frequencies available for FM broadcasting (including 
those assigned to non-commercial educational broadcasting) are given 
numerical designations which are shown in the table below: 


Frequency (MHz) Channel No. 


88.1 201 
88.3 202 
88.5 203 
88.7 204 
88.9 205 
89.1 206 
89.3 207 
89.5 208 
89.7 209 
89.9 210 
90.1 211 
90.3 212 


90.5 213 
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Frequency (MHz) Channel No. 


90.7 214 
90.9 215 
91.1 216 
91.3 217 
91.5 218 
91.7 219 
91.9 220 
92.1 221 
92.3 222 
92.5 223 
92.7 224 
92.9 225 
93.1 226 
93.3 227 
93.5 228 
93.7 229 
93.9 230 
94.1 231 
94.3 232 
94.5 233 
94.7 234 
94.9 235 
95.1 236 
95.3 237 
95.5 238 
95.7 239 
95.9 240 
96.1 241 
96.3 242 
96.5 243 
96.7 244 
96.9 245 
97.1 246 
97.3 247 
97.5 248 
97.7 249 
97.9 250 
98.1 251 
98.3 252 


98.5 253 
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Frequency (MHz) Channel No. 


98.7 254 

98.9 255 

99.1 256 

99.3 257 

99.5 258 

99.7 259 

99.9 260 
100.1 261 
100.3 262 
100.5 263 
100.7 264 
100.9 265 
101.1 266 
101.3 267 
101.5 268 
101.7 269 
101.9 270 
102.1 271 
102.3 212 
102.5 273 
102.7 274 
102.9 275 
103.1 276 
103.3 277 
103.5 278 
103.7 279 
103.9 280 
104.1 281 
104.3 282 
104.5 283 
104.7 284 
104.9 285 
105.1 286 
105.3 287 
105.5 288 
105.7 289 
105.9 290 
106.1 291 
106.3 292 


106.5 293 


Frequency (MHz) Channel No. 
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106.7 
106.9 
107.1 
107.3 
107.5 
107.7 
107.9 


Channel No. 


OANDNNBWN KF 


294 
295 
296 
297 
298 
299 
300 


Frequency (MHz) 


(No Ch. | assigned) 
54-60 
60-66 
66-72 
76-82 
82-88 
174-180 
180-186 
186-192 
192-198 
198-204 

204-210 
210-216 
470-476 
476-482 
482-488 
488-494 
494—500 
500-506 
506-512 
512-518 
518-524 
524-530 
530-536 
536-542 
542-548 
548-554 
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300 


Channel No. Frequency (MHz) 
28 554-560 
29 560-566 
30 566-572 
31 572-578 
32 578-584 
33 584-590 
34 590-596 
35 596-602 
36 602-608 
37 608-614 
38 614-620 
39 620-626 
40 626-632 
41 632-638 
42 638-644 
43 644-650 
44 650-656 
45 656-662 
46 662-668 
47 668-674 
48 674-680 
49 680—686 
50 686-692 
51 692-698 
52 698-704 
53 704-710 
54 710-716 
55 716-722 
56 722-728 
57 728-734 
58 734-740 
59 740-746 
60 746-752 
61 752-758 
62 758-764 
63 764-770 
64 770-776 
65 776-782 
66 782-788 


67 788-794 


S1GV/ 0) OVA ge) 





301 


Channel No. Frequency (MHz) 
68 794-800 
69 800-806 


Notes: 


1. In Alaska, television broadcast stations operating on Channel 5 
(76-82 MHz) and on Channel 6 (82—88 MHz) shall not cause 
harmful interference to and must accept interference from non- 
Government fixed operations authorized prior to 1 January 1982. 

2. Channel 37, 608-614 MHz is reserved exclusively for the radio 
astronomy service. 

3. In Hawaii, the frequency band 488-494 MHz is allocated for 
non-broadcast use. This frequency band (Channel 17) will not be 
assigned in Hawaii for use by television broadcast stations. 


24.12 License-free bands 


In Europe there are a number of license-free bands that can be used by 
anyone. However, there are restrictions on the use of these bands, both 
in terms of the application and the transmitted power. In particular, 
the manufacturer of transmitters operating in these bands must certify 
the equipment as meeting the required emission limits. 


49.82 to 49.98 MHz — general purpose 

173.2 to 173.35 MHz — telemetry. Note: 173.225 MHz is for short 
range alarms only 

433.05 to 434.79 MHz — telemetry and vehicle security 

458.5 to 458.95 MHz — industrial or commercial telemetry 

868 to 870 MHz — general purpose. 


Worldwide agreement has resulted in two bands, at 2.4GHz and 
5 GHz, being allocated to wireless LANs. Both of these bands are for 
industrial, scientific and medical (ISM) use. 

The 2.4 GHz allocation covers 2.4 to 2.4835 GHz. Restrictions on 
the use of this ISM band include the use of carrier frequency hopping 
in step multiples of 1 MHz. This band is used by wireless LANs 
operating under IEEE802.11B and Bluetooth. 

The IEEE802.11B standard uses 5 MHz carrier frequency steps, 
with some international variations. Europe allows the use of 13 channels 
(channel | to 13, with centre frequencies 2412 MHz to 2472 MHz), but 
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the USA only allows the use of 11 channels (channel 1 to 11, with 
centre frequencies 2412 MHz to 2462 MHz). In Japan only channel 14 
is allowed (no hopping), using a carrier centre frequency of 2477 MHz. 

Bluetooth uses 79 hop frequencies, with multiples of a 1 MHz step 
size. The lowest carrier frequency is at 2402 MHz (channel 0) and the 
highest is 2480 MHz (channel 78). The frequency hopping pattern is 
psuedo-random, with 1600 hops per second. 

The 5 GHz allocation is actually two sub-bands, one covering 5.15 
to 5.35 GHz and the other covering 5.47 GHz to 5.725 GHz. The higher 
frequency ISM band allows 1 watt radiated power, rather than the 
200 mW limit of the lower frequency band. As with the 2.4GHz ISM 
band, sources in the 5 GHz band must use carrier frequency hopping 
with 5 MHz steps. 


24.13 Calculating radio antenna great 
circle bearings 


Aiming radio antennas to target a particular area of the world requires 
calculation of the great circle bearing between your location and the 
other stations’ location. That bearing is calculated from some simple 
spherical trigonometry using a hand-held calculator or a computer pro- 
gram. Before talking about the maths, however, we need to establish 
a frame of reference that makes the system work. 


24.13.1 Latitude and longitude 


The need for navigation on the surface of the Earth caused the creation 
of a grid system uniquely to locate points on the surface of our globe. 
Longitude lines run from the north pole to the south pole, i.e. from 
north to south. 

The reference point (longitude zero), called the prime meridian, 
runs through Greenwich, England. The longitude of the prime merid- 
ian is 0 degrees. Longitudes west of the prime meridian are given a 
plus sign (+), while longitudes east of the prime are given a minus 
(—) sign. If you continue the prime meridian through the poles to 
the other side of the Earth it has a longitude of 180 degrees. Thus, 
the longitude values run from —180 degrees to +180 degrees, with 
+180 degrees being the same line. 

The observatory at Greenwich is also the point against which 
relative time is measured. Every 15 degree change of longitude is 
equivalent to a one hour difference with the Greenwich time. To the 
west, subtract one hour for each 15 degrees and to the east add one 
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South 
latitude 





Figure 24.1 Lines of longitude and latitude 


hour for each 15 degrees. Thus, the time on the East Coast of the 
United States is —5 hours relative to Greenwich time. At one time, we 
called time along the prime meridian Greenwich mean time (GMT), 
also called Zulu time to simplify matters for CW operators. 

Latitude lines are measured against the equator, with distances 
north of the equator being taken as positive, and distances south of 
the equator being negative. The equator is 0 degrees latitude, while the 
north pole is +90 degrees latitude and the south pole is —90 degrees 
latitude. 

Long ago navigators learned that the latitude can be measured 
by ‘shooting’ the stars and consulting a special atlas to compare the 
angle of certain stars with tables that translate to latitude numbers. 
The longitude measurement, however, is a bit different. For centuries 
sailors could measure latitude, but had to guess longitude (often with 
tragic results). In the early eighteenth century, the British government 
offered a large cash prize to anyone who could design a chronometer 
that could be taken to sea. By keeping the chronometer set accurately 
to Greenwich mean time, and comparing GMT against local time (i.e. 
at a time like high noon when the position of the sun is easy to judge), 
the longitude could be calculated. If you are interested in this subject, 
then most decent libraries have books on celestial navigation. 
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24.13.2 The great circle 


On the surface of a globe, a curved line called a great circle path is 
the shortest distance between two points. 

Consider two points on a globe: ‘A’ is your location, while ‘B’ is 
the other station’s location. The distance ‘D’ is the great circle path 
between ‘A’ and ‘B’. 


North 








Lon 


Z| _/ 


South 


Figure 24.2 Great circle path 


The great circle path length can be expressed in either degrees 
or distance (e.g. miles, nautical miles or kilometres). To calculate 
the distance, it is necessary to find the difference in longitude 
(L) between your longitude (LA) and the other station’s longitude 
(LB): L=LA—LB. Keep the signs straight. For example, if 
your longitude (LA) is 40 degrees, and the other station’s longitude 
(LB) is —120degrees, then L = 40 — (—120) = 404 120 = 160. 
The equation for distance (D) is: 


cos D = (sinA x sin B) + (cos A x cos B x cos L) 


where: 

D sis the angular great circle distance 
A is your latitude 

B is the other station’s latitude. 
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To find the actual angle, take the arccos of the above equation, i.e. 
D = arccos(cos D) 


In the next equation you will want to use D in angular measure, but 

later on will want to convert D to miles. To do this, multiply D in 

degrees by 69.4. Or, if you prefer metric measures, then D x 111.2 

yields kilometres. This is the approximate distance in statute miles 
between ‘A’ and ‘B’. 

To find the bearing from true north, work the equation below: 
kr — (sin A x ae] 
C = arccos |} —————___—_ 
(cos A x sin D) 


However, this equation won’t always give you the right answer unless 
you make some corrections. 

The first problem is the ‘same longitude error’, i.e. when both sta- 
tions are on the same longitude line. In this case, L = LA — LB = 0. 
If LAT A > LAT B, then C = 180degrees, but if LAT A < LAT B, 
then C = Odegrees. If LAT A = LAT B, then what’s the point of all 
these calculations? 

The next problem is found when the condition —180° < L < +180° 
is not met, i.e. when the absolute value of L is greater than 180°, 
ABS(L) > 180°. In this case, either add or subtract 360 in order to 
make the value between +180°: 


If L > +180, then L = L — 360 
If L < —180, then L = L + 360 


One problem seen while calculating these values on a computer or 
hand calculator is the fact that the sin(X) and cos(X) cover different 
ranges. The sin(X) function returns values from 0° to 360°, while the 
cos(X) function returns values only over 0° to 180°. If L is positive, 
then the result bearing C is accurate, but if L is negative then the 
actual value of C = 360 — C. The following test is necessary: 


If L <0 then 
L=360-—L 
Else L = L 
End if 
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Another problem is seen whenever either station is in a high lati- 
tude near either pole (90°), or where both locations are very close 
together, or where the two locations are antipodal (i.e. on opposite 
points on the Earth’s surface). The best way to handle these problems 
is to use a different equation that multiplies by the cosecant of D (i.e. 
cosec(D)), rather than dividing by sine of D (i.e. sin(D)). 


25 Abbreviations and symbols 


25.1 Abbreviations 


Many abbreviations are found as either capital or lower case letters, 
depending on publishers’ styles. Symbols should generally be stan- 
dard, as shown. 


A Ampere or anode 

ABR Auxiliary bass radiator 

a.c. Alternating current 

Ack Acknowledgement 

A/D Analogue to digital 

ADC Analogue to digital converter 

Ae Aerial 

a.f. Audio frequency 

a.f.c. Automatic frequency control 

a.g.c. Automatic gain control 

a.m. Amplitude modulation 

AMPS Advanced mobile phone system 

ANSI American National Standards Institute 

ASA Acoustical Society of America 

ASCII American Standard Code for Information 
Interchange 

a.tu. Aerial tuning unit 

AUX Auxiliary 

a.v.c. Automatic volume control 

AWG American Wine Gauge 

b Base of transistor 

BAF Bonded acetate fibre 

B&S Brown & Sharpe (U.S.) wire gauge 

b.p.s. Bits per second 

BR Bass reflex 

BSI British Standards Institution 

BW Bandwidth 

C Capacitor, cathode, centigrade, coulomb 

c Collector of transistor, speed of light 

CB Citizen’s band 

CCD Charge coupled device 

CCIR International Radio Consultative Committee 


307 


International Telegraph and Telephone 
Consultative Committee 

Closed circuit television 

Code division multiple access 

Characters per second 

Comité International Special Des Peturbations 
(radio interference standards body) 

Clock signal 

Complementary metal oxide semiconductor 

Chromium dioxide 

Central processor unit 

Continuous tone controlled signalled system 

Charge transfer device 

Continuous wave 

Diode 

Drain of an f.e.t. 

Digital to analogue 

Digital to analogue converter 

Decibel 

Direct current 

Double cotton covered 

Data circuit-terminating equipment 

Digital Communications Service 

Direction finding 

Dual-in-line 

German standards institute 

Direct memory access 

Double pole, double throw 

Differential phase shift keying 

Double pole, single throw 

or dsbam. Double sideband amplitude 

modulation 

Digital short range radio 

Data terminal equipment 

Diode-transistor logic 

Dual tone multi-frequency 

Long distance reception 

Emitter of transistor 

Electrically alterable read only memory 

Emitter coupled logic 

Enhanced Data for GSM Evolution 

Extremely high tension (voltage) 
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EIRP Effective Isotropic Radiated Power 

e.m.f. Electromotive force 

en Enamelled 

EPROM Erasable programmable read only memory 

EQ Equalization 

EROM Erasable read only memory 

ERP Effective radiated power 

ETACS Extended total access communications system 

F Farad, fahrenheit or force 

f Frequency 

FDD Frequency Division Duplex 

FDM Frequency division multiplex 

FDMA Frequency division multiple access 

Fe Ferrous 

FeCr Ferri-chrome 

f.e.t. Field effect transistor 

FFSK Fast frequency shift keying 

f.m. Frequency modulation 

fir. Frequency response or range 

f.s.d. Full-scale deflection 

FSK Frequency shift keying 

G Giga (10°) 

g Grid, gravitational constant 

GMSK Gaussian minimum shift keying 

GSM Global system mobile 

H Henry 

hf. High frequency 

Hz Hertz (cycles per second) 

I Current 

IB Infinite baffle 

Lc. Integrated circuit 

IF Intermediate frequency 

THF Institute of High Fidelity (U.S.) 

PLAL) Integrated injection logic 

i.m.d. Intermodulation distortion 

i/p Input 

Lp.s. Inches per second 

K Kilo, in computing terms (= 2'° = 1024), or 
degrees Kelvin 

k Kilo (10%) or cathode 

L Inductance or lumens 


Le.d. Light emitting diode 





Low frequency 

Linear 

Logarithmic 

Loudspeaker 

Large scale integration 

Long wave (approx. 1100—2000 m) 
Mega (10°) 

Milli (10-7) or metres 

Moving coil 

Megahertz 

Microphone 

Metal oxide semiconductor 
Microprocessor unit 

Multiplex 

Mobile Switching Centre 

Minimum shift keying 

Medium wave (approx. 185-560 m) 
Nano (10°) 

National Association of Broadcasters 
Nickel-cadmium 

Not connected; normally closed 
Normally open 

Negative channel metal oxide semiconductor 
Non-return to zero 

Open channel; open circuit 

Output 

Operational amplifier 

Pico (10717) 

Public address 

Private automatic branch exchange 
Phase alternation, line 

Pulse amplitude modulation 

Printed circuit board 

Pulse code modulation 

Personal communications network 
Personal communication system 
Programmable logic array 

Phase locked loop 

Phase modulation 

Positive channel metal oxide semiconductor 
Peak programme meter 

Pulse repetition frequency 





styropyro 
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Programmable read only memory 

Phase shift keying 

Packet SwitchStream 

Public Switched Telephone Network 

Power supply unit 

Polytetrafluoroethylene 

Pickup 

Programmable unijunction transistor 

Quality factor; efficiency of tuned circuit, charge 

Quadrature (or quaternary) amplitude 
modulation 

Quadrature (or quaternary) phase shift keying 

Resistance 

Random access memory 

Recommended crossover frequency 

Radio frequency 

Radio frequency choke (coil) 

Radio frequency interference 

Record Industry Association of America 

Root mean square 

Read only memory 

Resistor transistor logic 

Read/write 

Receiver 

Siemens 

Source of an f.e.t. 

Short circuit 

Silicon-controlled rectifier 

Super high frequency 

International system of units 

Signal-to-noise. 

Sound pressure level 

Single pole, double throw 

Single pole, single throw 

Single sideband amplitude modulation 

Single sideband diminished carrier 

Single sideband suppressed carrier 

Small scale integration 

Short wave (approx. 10-60 m) 

Standard wire gauge 

Standing wave ratio 

Tesla 


Total access communications system 

Time division duplex 

Time division multiplex 

Time division multiple access 

Total harmonic distortion 

Transient intermodulation distortion 
Transformer 

Tuned radio frequency 

Transmitter repeater station 

Transistor transistor logic 

Teletype unit 

Television interface; television interference 
Transmitter 

Universal asynchronous receiver transmitter 
Ultra high frequency (approx. 470—854 MHz) 
Unijunction transistor 

Uncommitted logic array 

Volts 

Volt-amps 

Voltage controlled amplifier 

Voltage controlled oscillator 

Voltage to current transactor 

Very high frequency (approx. 88—216 MHz) 
Very low frequency 

Vestigial side band 

Voltage standing wave ratio 

Volume unit 

Watts 

Wireless application protocol 

Weber 

Wow and flutter 

Wireless mark-up language 

Words per minute 

Reactance 

Crystal 

Impedance 

Zener diode 
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25.2 Letter symbols by unit name 


Unit 


ampere 
ampere (turn) 


ampere-hour 
ampere per metre 


angstrom 
apostilb 


atmosphere: 
standard 
atmosphere 
technical 
atmosphere 

atomic mass unit 
(unified) 


bam 
bar 
baud 


becquerel 
bel 


bit 
British thermal unit 


Symbol 


A 
At 


Am! 


atm 


Btu 


Notes 


SI unit of electric current. 
SI unit of magnetomotive 
force. 


SI unit of magnetic field 
strength. 

1A= 107m. 

Lasb(1/z)cd m~ A unit of 
luminance. The SI unit, 
candela per square metre, 
is preferred. 


latm = 101325N m”. 
1 at = lkef cm". 


The (unified) atomic mass 
unit is defined as 
one-twelfth of the mass of 
an atom of the !7C nuclide. 
Use of the old atomic mass 
unit (amu), defined by 
reference to oxygen, is 
deprecated. 

1b10-78 m?. 

1 bar = 100000N m~?. 

Unit of signalling speed equal 
to one element per second. 

1 Bq = 1s7!. ST unit of 
radioactivity. 
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Unit 


calorie (International 
Table calorie) 


calorie (thermochemical 
calorie) 


candela 
candela per square inch 


candela per square metre 


candle 


centimetre 

circular mil 

coulomb 

cubic centimetre 
cubic foot 

cubic foot per minute 
cubic foot per second 
cubic inch 

cubic metre 

cubic metre per second 
cubic yard 

curie 


cycle 

cycle per second 
decibel 

degree (plane angle) 


Symbol — Notes 

calir lcal°— = 4.1868 J. The 9th 
Conférence Générale des 
Poids et Mesures adopted 
the joule as the unit of 
heat, avoiding the use of 
the calorie as far as 
possible. 

cal lcal = 4.1840 J. (See note 
for International Table 
calorie.) 

cd SI unit of luminous intensity. 

cdin-* Use of the SI unit, candela 
per square metre, is 
preferred. 

cd m7? __ SI unit of luminance. The 
name nit has been used. 

The unit of luminous 

intensity has been given 
the name candela; use of 
the word candle for this 
purpose is deprecated. 

cm 

emil Lcmil = (7 /4)10~° in’. 

C SI unit of electrical charge. 

cm? 

fe 

ft? min”! 

fi*s=! 

in? 

m3 

m? s~! 

yd? 

Ci Unit of activity in the field of 
radiation dosimetry. 

c 

cs! Deprecated. Use hertz. 

dB 


Unit 


degree (temperature): 


degree Celsius 
degree Fahrenheit 


degree Kelvin 
degree Rankine 
dyne 
electronvolt 

erg 

erlang 

farad 

foot 

footcandle 


footlambert 


foot per minute 
foot per second 


foot per second squared 


foot pound-force 
gal 
gallon 


gauss 


gigaelectronvolt 


GeV 
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Notes 


Note that there is no space 
between the symbol ° and 
the letter. The use of the 
word centigrade of the 
Celsius temperature scale 
was abandoned by the 
Conférence Générale des 
Poids et Mesures in 1948. 

See Kelvin. 


Unit of telephone traffic. 
SI unit of capacitance. 


Use of the SI unit of 
illuminance, the lux (umen 
per square metre), is 
preferred. 

Use of the SI unit, the 
candela per square metre, 
is preferred. 


1Gal = 1cm s~?. 

The gallon, quart, and pint 
differ in the US and the 
UK, and their use is 
deprecated. 

The gauss is the 
electromagnetic CGS 
(Centimetre Gram Second) 
unit of magnetic flux 
density. The SI unit, tesla, 
is preferred. 
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Unit 


gigahertz 
gilbert 


grain 
gram 
gray 


henry 
hertz 
horsepower 


hour 


inch 
inch per second 
joule 
joule per Kelvin 


Kelvin 


kiloelectronvolt 
kilogauss 
kilogram 
kilogram-force 


kilohertz 
kilohm 
kilojoule 
kilometre 


Symbol 


GHz 
Gb 


KeV 


Notes 


The gilbert is the 
electromagnetic CGS 
(Centimetre Gram Second) 
unit of magnetomotive 
force. Use of the SI unit, 
the ampere (or 
ampere-turn), is preferred. 


1 Gy = 1J kg"!. SI unit of 
absorbed dose. 


SI unit of frequency. 

Use of the SI unit, the watt, 
is preferred. 

Time may be designated as in 
the following example; 
9546™30°. 


SI unit of energy. 

SI unit of heat capacity and 
entropy. 

SI unit of temperature 
(formerly called degree 
Kelvin). The symbol K is 
now used without the 
symbol’. 


SI unit of mass. 

In some countries the name 
kilopond (kp) has been 
adopted for this unit. 


Unit 


kilometre per hour 
kilopond 

kilovar 

kilovolt 
kilovoltampere 
kilowatt 
kilowatthour 

knot 

lambert 


litre 
litre per second 
lumen 


lumen per square foot 


lumen per square metre 


lumen per watt 
lumen second 
lux 


maxwell 


megaelectronvolt 
megahertz 
megavolt 
megawatt 
megohm 

metre 

mho 
microampere 
microbar 
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Notes 


See kilogram-force. 


tkn = Inmih”!. 

The lambert is the CGS 
(Centimetre Gram Second) 
unit of luminance. The SI 
unit, candela per square 
metre, is preferred. 


SI unit of luminous flux. 

Use of the SI unit, the lumen 
per square metre, is 
preferred. 

SI unit of luminous excitance. 

SI unit of luminous efficacy. 

SI unit of quantity of light. 

1ix=1lmm”. 

SI unit of illuminance. 

The maxwell is the 
electromagnetic CGS 
(Centimetre Gram Second) 
unit of magnetic flux. Use 
of the SI unit, the weber, is 
preferred. 


SI unit of length. 
Imho=1Q7!=1S. 
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Unit Symbol — Notes 
microfarad [LF 
microgram wg 
microhenry yH 
micrometre ym 
micron The name micrometre (1m) 
is preferred. 
microsecond LS 
microwatt LW 
mil mil 1 mil = —0.001 in. 
mile 
nautical nmi 
statute mi 
mile per hour mi h! 
milliampere mA 
millibar mbar mb may be used. 
milligal mGal 
milligram mg 
millihenry mH 
millilitre ml 
millimetre mm 
conventional millimetre mmHg 1mm Hg = 133.322N m”. 
of mercury 
millimicron The name nanometre (nm) is 
preferred. 
millisecond ms 
millivolt mV 
milliwatt mW 
minute (plane angle) nak 
minute (time) min Time may be designated as in 
the following example: 
9546™30°. 
mole mol SI unit of amount of 
substance. 
nanoampere nA 
nanofarad nF 
nanometre nm 
nanosecond ns 
nanowatt nW 


nautical mile nmi 


Unit 


neper 

newton 

newton metre 

newton per square 
metre 

nit 


oersted 


ohm 


ounce (avoirdupois) 
pascal 


picoampere 
picofarad 
picosecond 
picowatt 
pint 


pound 
poundal 
pound-force 
pound-force feet 
pound-force 

per square inch 
pound per square inch 


Ibr ft 
Tbr in7? 
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Notes 


SI unit of force. 
See pascal. 


Int = lcd m’”. See candela 
per square metre. 

The oersted is the 
electromagnetic CGS 
(Centimetre Gram Second) 
unit of magnetic field 
strength. Use of the SI 
unit, the ampere per metre, 
is preferred. 

SI unit of electrical 
resistance. 


SI unit of pressure or stress. 
1Pa=1Nm”. 


The gallon, quart, and pint 
differ in the US and the 
UK, and their use is 
deprecated. 


Although use of the 
abbreviation psi is 
common, it is not 
recommended. See 
pound-force per square 
inch. 
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Unit 


Quart 


rad 


revolution per minute 


revolution per second 
roentgen 


second (plane angle) 
second (time) 


siemens 


square foot 
square inch 
square metre 
square yard 
steradian 
stilb 


tesla 


tonne 

(unified) atomic mass 
unit 

var 

volt 

voltampere 

watt 

watthour 


Symbol 


Notes 


The gallon, quart, and pint 
differ in the US and the 
UK, and their use is 
deprecated. 

Unit of absorbed dose in the 
field of radiation dosimetry. 

Although use of the 
abbreviation rpm is 
common, it is not 
recommended. 


Unit of exposure in the field 
of radiation dosimetry. 


SI unit of time. Time may be 
designated as in the 
following example: 
9546™30°. 

SI unit of conductance. 
PSO, 


SI unit of solid angle. 

1sb = lcd cm™*. A CGS 
unit of luminance. Use of 
the SI unit, the candela per 
square metre, is preferred. 

SI unit of magnetic flux 
density. 1T = 1 Wb m”?. 

1t = 1000kg. 

See atomic mass unit 

(unified). 

Unit of reactive power. 

SI unit of electromotive force. 

SI unit of apparent power. 

SI unit of power. 
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DIY Overclocked Plasma Globe. 2500V to a MILLION volts 





Unit 


watt per steradian 
watt per steradian 

square metre 
weber 


yard 


yd 


25.3 Electric quantities 


Quantity 


Admittance 
Angular frequency 
Apparent power 
Capacitance 
Charge 

Charge density 


Conductance 
Conductivity 
Current 
Current density 


Displacement 


Electromotive force 

Energy 

Faraday constant 

Field strength 

Flux 

Frequency 

Impedance 

Light, velocity of 
in a vacuum 

Period 

Permeability 

Permeability of space 

Permeance 


ou 
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ae 


Mo 


Notes 
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SI unit of radiant intensity. 


SI unit of radiance. 


SI unit of magnetic flux. 


1Wb=1Vs. 


Unit 


siemens 

hertz 

watt 

farad 

coulomb 

coulomb per square 
metre 

siemens 

siemens per metre 

ampere 

ampere per square 
metre 

coulomb per square 
metre 

volt 

joule 

coloumb per mole 

volt per metre 

coulomb 

hertz 

ohm 

metre per second 


second 

henry per metre 
henry per metre 
henry 


Symbol 
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Quantity 


Permittivity 

Permittivity of space 

Phase 

Potential 

Power 

Quality factor 

Reactance 

Reactive power 

Relative permeability 

Relative permittivity 

Relaxation time 

Reluctance 

Resistance 

Resistivity 

Susceptance 

Thermodynamic 
temperature 

Time constant 

Wavelength 


S 
eI 


HWoAAISEOKMOV<KS 


a 


Unit 


farad per metre 
farad per metre 
volt 
watt 


second 
reciprocal henry 
ohm 

ohm metre 
siemens 

kelvin 


second 
metre 


26 Miscellaneous data 


26.1 Fundamental constants 


Constant Symbol Value 
Boltzmann constant k 1.38062 x 10-73 JK7! 
Electron charge, proton e +1.60219 x 10-!°C 
charge 
Electron charge-to-mass e/m 1.7588 x 10!! Ckg"! 
ratio 
Electron mass Me 9.10956 x 1077! kg 
Electron radius Te 2.81794 x 1075 m 
Faraday constant F 9.64867 x 10* Cmol7! 
Neutron mass Mn 1.67492 x 10-7” kg 
Permeability of space Lo 4x x 10-7 Hm“! 
Permittivity of space &o 8.85419 x 10° Fm"! 
Planck constant h 6.6262 x 10-4 Js 
Proton mass Mp 1.67251 x 10-7” kg 
Velocity of light c 2.99793 x 108 ms! 


26.2 Electrical relationships 


Amperes x ohms = volts 

Volts + amperes = ohms 

Volts + ohms = amperes 
Amperes Xx volts = watts 
(Amperes)* x ohms = watts 
(Volts)” + ohms = watts 

Joules per second = watts 
Coulombs per second = amperes 
Amperes x seconds = coulombs 
Farads x volts = coulombs 
Coulombs ~ volts = farads 
Coulombs ~ farads = volts 
Volts x coulombs = joules 
Farads x (volts)” = joules 
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26.3 Dimensions of physical properties 


Length: metre [L]. Mass: kilogram [M]. Time: second [T]. Quantity 
of electricity: coulomb [Q]. Area: square metre [L?]. Volume: cubic 


metre [L?]. 


Velocity: metre per second 

Acceleration: metre per 
second” 

Force: newton 

Work: joule 

Power: watt 

Electric current: ampere 

Voltage: volt 

Electric resistance: ohm 

Electric conductance: siemens 

Inductance: henry 

Capacitance: farad 

Current density: ampere per 
metre” 

Electric field strength: volt per 
metre 

Magnetic flux: weber 

Magnetic flux density: tesla 

Energy: joule 

Frequency: hertz 

Pressure: pascal 


26.4 Fundamental units 


Quantity 


Amount of a substance 
Charge 

Length 

Luminous intensity 

Mass 

Plane angle 

Solid angle 

Thermodynamic temperature 
Time 





Unit 


mole 
coulomb 
metre 
candela 
kilogram 
radian 
steradian 
kelvin 
second 
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26.5 Greek alphabet 


§ & § & y 

yx ss sy» VS x» SN 
& 3 8 eS Sy ¥ sé 
& & & os & & & © § 
CO Fo Wer OC Fs S AY Ss 
A a_ Alpha a N v Nu n 
B Bp Beta b ae &€ Xi x 
Tl y Gamma g O o Omicron 06 
A 6 Delta d Tl az Pi p 
E e¢ Epsilon e P pep Rho r 
Z ¢ Zeta Z xo Sigma s 
H 7» Eta é T ct Tau t 
© @ Theta th Y vu_ Upsilon u 
Ie Iota i od @ Phi ph 
K « Kappa  k xX xX Chi ch 
A 2X Lambda | WwW wv Psi ps 
M uw Mu m Q @w Omega 6 


26.6 Standard units 


Ampere Unit of electric current, the constant current which, if 
maintained in two straight parallel conductors of infinite length of 
negligible circular cross-section and placed one metre apart in a 
vacuum, will produce between them a force equal to 2 x 10~7 newton 
per metre length. 


Ampere-hour Unit of quantity of electricity equal to 3 600 coulombs. 
One unit is represented by one ampere flowing for one hour. 


Candela Unit of luminous intensity. It is the luminous intensity, in 
the perpendicular direction, of a surface of 1/600000m~? of a full 
radiator at the temperature of freezing platinum under a pressure of 
101325 newtons m7’. 


Coulomb Unit of electric charge, the quantity of electricity transported 
in one second by one ampere. 


Decibel (dB) Unit of acoustical or electrical power ratio. Although the 
bel is officially the unit, this is usually regarded as being too large, so 
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the decibel is preferred. The difference between two power levels is 
P, and Py», is given as 


P. 
10 log) z decibels 


Farad Unit of electric capacitance. The capacitance of a capacitor 
between the plates of which there appears a difference of potential of 
one volt when it is charged by one coulomb of electricity. Practical 
units are the microfarad (10~° farad), the nanofarad (10? farad) and 
the picofarad (10—!? farad). 


Henry Unit of electrical inductance. The inductance of a closed circuit 
in which an electromotive force of one volt is produced when the 
electric current in the circuit varies uniformly at the rate of one ampere 
per second. Practical units are the microhenry (10~° henry) and the 
millihenry (10~? henry). 


Hertz Unit of frequency. The number of repetitions of a regular occur- 
rence in one second. 


Joule Unit of energy, including work and quantity of heat. The work 
done when the point of application of a force of one newton is dis- 
placed through a distance of one metre in the direction of the force. 


Kilovolt-ampere 1000 volt-amperes. 


Kilowatt 1000 watts. 


Light, velocity of Light waves travel at 300 000 kilometres per second 
(approximately). Also the velocity of radio waves. 


Lumen m~”, lux Unit of illuminance of a surface. 
Mho Unit of conductance, see Siemens. 


Newton Unit of force. That force which, applied to a mass of one 
kilogram, gives it an acceleration of one metre per second per second. 


Ohm Unit of electric resistance. The resistance between two points 
of a conductor when a constant difference of potential of one volt, 
applied between these two points, produces in the conductor a current 
of one ampere. 


Pascal Unit of sound pressure. Pressure is usually quoted as the root 
mean square pressure for a pure sinusoidal wave. 
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Siemens Unit of conductance, the reciprocal of the ohm. A body hav- 
ing a resistance of 4ohms would have a conductance of 0.25 siemens. 


Sound, velocity of Sound waves travel at 332 metres per second in 
air (approximately) at sea level. 


Tesla Unit of magnetic flux density, equal to one weber per square 
metre of circuit area. 


Volt Unit of electric potential. The difference of electric potential 
between two points of a conducting wire carrying a constant current 
of one ampere, when the power dissipated between these points is 
equal to one watt. 


Volt-ampere The product of the root-mean-square volts and root- 
mean-square amperes. 


Watt Unit of power, equal to one joule per second. Volts times 
amperes equals watts. 


Weber Unit of magnetic flux. The magnetic flux which, linking a 
circuit of one turn, produces in it an electromotive force of one volt 
as it is reduced to zero at a uniform rate in one second. 


26.7 Decimal multipliers 


Oy o 
~ S ~ Y 
S x Ss x 
& ES S & ES S 
ny 5 y x 5 y 
tera T 10” centi c 107? 
giga G 10° milli m 10-3 
mega M 10° micro LL 10-° 
kilo k 103 nano n 10-° 
hecto h 10° pico Pp 10-7 
deka da 10 femto f 107} 
deci d 107! atto a 107!8 
26.8 Useful formulae 
Boolean Algebra (laws of) 
Absorption: A+(A.B) =A 


A(A+B) = A 
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Annulment: A+1l=1 
AO = 0 
Association: (A+B)+C = A+(B4+C) 
(A.B).C = A.(B.C) 
Commutation: A+B = B+A 
AB = BA 
Complements: A+A = 1 
AA = 0 
De Morgan’s: (A+B) = AB 
(A.B) = A+B 
Distributive: A.(B+C) = (A.B) + (A.C) 
A+ (B.C) = (A+B).(A+C) 
Double negation: A=A 
Identity: A+O=A 
Al=A 
Tautology: AA=A 
A+A=A 
Capacitance 


The capacitance of a parallel plate capacitor can be found from 


__ 0.885 KA 

~ d 
C is in picofarads, K is the dielectric constant (air = 1). A is the area 
of the plate in square cm and d the thickness of the dielectric. 


Calculation of overall capacitance with: 


Parallel capacitors —C = C; +C2+4+--- 
1 


1 1 
Series capacitors -~ = — +—4+--- 
E Cc GQ G 


Characteristic impedance 
' 2D 
(open wire) Z = 276 log oe 


where 
D= wire spacing 


: : | in same units. 
d= wire diameter 


‘ 38 dy 
(coaxial) Z = ——= log = ohms 


V(K) 
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where K = dielectric constant, d, = outside diameter of inner con- 
ductor, d; = inside diameter of outer conductor. 


Dynamic resistance 
In a parallel-tuned circuit at resonance the dynamic resistance is 


R a QoL g h: 

= — = oOL = — onms 

° Cr aC 

where L =inductance (henries), C = capacitance (farads), r= 
effective series resistance (ohms). OQ = Q-value of coil, and w = 
2m x frequency (hertz). 


Frequency — wavelength — velocity 


(See also Resonance) 
The velocity of propagation of a wave is 


v = fA metres per second 


where f = frequency (hertz) and 7 = wavelength (metres). 

For electromagnetic waves in free space the velocity of propa- 
gation v is approximately 3 x 10° m/sec, and if f is expressed in 
kilohertz and A in metres 








300 000 300 
f= kilohertz f= cs megahertz 
or 
300 000 300 
A= metres A = — metres 
i 
f in kilohertz f in megahertz 
Impedance 


The impedance of a circuit comprising inductance, capacitance and 
resistance in series is 


where R=resistance (ohms), w= 2z x frequency (hertz). L = 
inductance (henries), and C = capacitance (farads). 
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Inductance 


Single layer coils 


a? N? 
L(in microhenries) = ————— imatel 
(in microhenries) 9a 4 101 approximately 


If the desired inductance is known, the number of turns required 
may be determined by the formula 


SL 0.36n2a3 
N=—]{1+ 1 + ——— 


na? L 


where N = number of turns, a = radius of coil in inches, n = number 
of turns per inch. L = inductance in microhenries (1H) and / = length 
of coil in inches. 


Calculation of overall inductance with: 
Series inductors —L = L} +L) +--- 
1 1 1 
Parallel inductors -— = —+—+4++-::- 
L Lh kb 
Meter conversions 


Increasing range of ammeters or milliammeters 

Current range of meter can be increased by connecting a shunt resist- 
ance across meter terminals. If Ry, is the resistance of the meter; Ry 
the value of the shunt resistance and n the number of times it is wished 
to multiply the scale reading, then 


Rn 
(n— 1) 


Ss 





Increasing range of voltmeters 

Voltage range of meter can be increased by connecting resistance in 
series with it. If this series resistance is R, and R» and n as before, 
then Ry = Rm Xx (n — 1). 


Negative feedback 


Voltage feedback 


Gain with feedback = 





1+ Ab 
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where A is the original gain of the amplifier section over which feed- 
back is applied (including the output transformer if included) and b is 
the fraction of the output voltage fed back. 





d 
Distortion with feedback = = approximately 


Ab 
where d is the original distortion of the amplifier. 
Ohm’s Law 


fae VeI he 
R I 


where J = current (amperes), V = voltage (volts), and R = resistance 
(ohms). 


Power 


In a d.c. circuit the power developed is given by 


V2 
W=VI= as IR watts 


where V = voltage (volts), 7 = current (amperes), and R = resistance 
(ohms). 


Power ratio 
Pe ide 
= og — 
g P 


where P = ratio in decibels, P; and P» are the two power levels. 


Q 


The Q value of an inductance is given by 


ee 
~ R 


Radio horizon distance 


The radio horizon at VHF/UHF and up is approximately 15% further 
than the optical horizon. Several equations are used in calculating the 
distance. If D is the distance to the radio horizon, and H is the antenna 


height, then: 
D=kVH 
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1. When D is in statute miles (5280 feet) and H in feet, then K = 
1.42. 

2. When D is in nautical miles (6000 feet) and H in feet, then K = 
1.23. 

3. When D is in kilometres and H is in metres, then K = 4.12. 


Reactance 


The reactance of an inductor and a capacitor respectively is given by 


1 
X, = wL ohms Xc = — ohms 
aC 


where w = 27 x frequency (hertz), L = inductance (henries), and 
C = capacitance (farads). 

The total resistance of an inductance and a capacitance in series 
is X io XxX Cc: 


Resistance 


Calculation of overall resistance with: 
Series resistors -R=R,;+R.+-:: 


1 1 1 
Parallel resistors — — = — + 

R R, R 
Resonance 


The resonant frequency of a tuned circuit is given by 


1 
= —— hertz 
f 2a/ LC 


where L = inductance (henries), and C = capacitance (farads). If L 
is in microhenries (wH) and C is picofarads, this becomes 


f 1 kilohert: 
= —— kilohertz 
2n/LC 


The basic formula can be rearranged 





1 
L=———— henries C= farads 
4n? f2C 4n? fL 
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Since 27 f is commonly represented by w, these expressions can 


be written 


1 : 1 
L = — henries C = — farads 
w2C wL 
Time constant 
For a combination of inductance and resistance in series the time 


constant (i.e. the time required for the current to reach 63% of its 
final value) is given by 


L 
T = — seconds 


where L = inductance (henries), and R = resistance (ohms). 

For a combination of capacitance and resistance in series the time 
constant (i.e. the time required for the voltage across the capacitance 
to reach 63% of its final value) is given by 


t = CR seconds 


where C = capacitance (farads), and R = resistance (ohms). 
Transformer ratios 


The ratio of a transformer refers to the ratio of the number of turns 
in one winding to the number of turns in the other winding. To avoid 
confusion it is always desirable to state in which sense the ratio is 
being expressed: e.g. the ‘primary-to-secondary’ ratio n)/n,. The turns 
ratio is related to the impedance ratio thus 


Mp | Zp 
nV Zs 


where np) = number of primary turns, n, = number of secondary turns, 
Zp» = impedance of primary (ohms), and Z, = impedance of secondary 
(ohms). 


Wattage rating 


If resistance and current values are known, 


W =1°R when J is in amperes 
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or ‘ 
milliamps 


= ne 
1 000 000 


If wattage rating and value of resistance are known, the safe current 
for the resistor can be calculated from 


watts 





milliampers = 1.000 x 
ohms 


Wavelength of tuned circuit 


Formula for the wavelength in metres of a tuned oscillatory cir- 
cuit is: 1885./ LC, where L = inductance in microhenries and C = 
capacitance in microfarads. 


26.9 Colour codes 


26.9.1 Resistor and capacitor colour coding 


mooOwW> 





Tubular ‘Candy stripe’ 
capacitors capacitors 
Resistors Resistors 
(old type) 
Tantalum capacitors 1 
1 2 8 4 3 
Black - 0O x1 10V 4 + 
Brown 1 1 x10 
Red 2 2  x100 
Orange 3 3 - 
Yellow 4 4 - 6.3V 
Green 5 5 - 16V 
Blue 6 6 - 20V 
Violet 7 7 - 
Grey 8 8 x0.01 25V 
White 9 9 x 0.1 3V 


(Pink 35 V) 
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26.9.2 Resistor and capacitor letter and digit code table 
(BS 1852) 


Resistor values are indicated as follows: 


0.47 Q marked R47 


1Q 1RO 
4.7Q 4R7 
47 Q 47R 
100 & 100R 
1kQ 1KO 
10kQ 10K 
10M 10M 


A letter following the value shows the tolerance. 

F=+1%, G=+2%, J=+5%; K=+10%, M=+20%; 
R33M = 0.33Q + 20%; 6K8F = 6.8 kQ + 1%. 

Capacitor values are indicated as: 


0.68 pF marked p68 


6.8 pf 6p8 
1000 pF 1nd 
6.8 nf 6n8 
1000 nF 1.0 
6.8 LF 68 


Tolerance is indicated by letters as for resistors. Values up to 999 pF 
are marked in pF, from 1000pf to 999000 pF (= 999nF) as nF 
(1000 pF = InF) and from 1000 nF (= | WF) upwards as WF. 

Some capacitors are marked with a code denoting the value in pF 
(first two figures) followed by a multiplier as a power of ten (3 = 
10°). Letters denote tolerance as for resistors but C = +0.25 pf. E.g. 
123 J = 12 pF x 10° 45% = 12000 pF (or 0.12 uF). 
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Preface 


The Illustrated Dictionary of Electronics—8th Edition has been revised, clarified, and up- 
dated, reflecting technological advances of recent years. New definitions have been added in 
the fields of wireless technology, robotics, and artificial intelligence. Every effort has been 
made to be concise and accurate, without “talking down” to the reader. 

Many definitions contain cross references (indicated in ALL CAPITALS); these provide 
recommended additional information or allow comparison with related terms. Expressions of 
special significance are printed in italics. Electronics abbreviations are included in the text; 
the full terms are stated as definitions. 

While an effort has been made to avoid superfluous mathematics, equations are some- 
times necessary to completely and effectively define a term. Mathematics beyond the high- 
school level has not been used. 

Appendix A contains the standard symbols used in electrical and electronic diagrams. 
These symbols are used in illustrations throughout this dictionary. Appendix B contains the 
following data tables: 


. Conversion between electrical systems 
. Greek alphabet 

. Mathematical functions and operations 
. Prefix multipliers 

. Resistor color code 


abWON rR 


Suggestions for future editions are welcome. 
Stan Gibilisco 
Editor-in-Chief 
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A 1. Symbol for GAIN. 2. Symbol for AREA. 3. Sym- 
bol for AMPERE (SI unit for current). 

A-— Symbol for negative terminal of filament-voltage 
source in a vacuum-tube circuit. 

A+ Symbol for positive terminal of filament-voltage 
source in a vacuum-tube circuit. 

a 1. Abbreviation of ATTO- (prefix). 2. Abbreviation 
of AREA. 3. Abbreviation of ACCELERATION. 
4. Abbreviation of ANODE. 5. Obsolete abbrevia- 
tion of cgs prefix AB-. 

aA 1. Abbreviation of attoampere. 2. Obsolete for 
ABAMPERE. 

AAAS Abbreviation for American Association for the 
Advancement of Science. 

AAC Abbreviation of automatic aperture control 
(NASA). 

AAS Abbreviation of advanced antenna system 
(NASA). 

AASR Abbreviation of airport and airways surveil- 
lance radar. 

AB Abbreviation of acquisition beacon (NASA). 

A-B In sound and acoustics, the direct comparison 

of two sources of sound by alternately turning on 

one and the other. 
1. Prefix that transforms the name of a practi- 
cal electrical unit to that of the equivalent electro- 
magnetic cgs unit (e.g., ABAMPERE, ABOHM, 
ABVOLT). See individual entries of such cgs 
units. 2. Abbreviation for ABSOLUTE. 

abac A graphic device for the solution of electronics 
problems. Also see ALIGNMENT CHART. 

abampere The unit of current in the cgs electro- 
magnetic system. One abampere equals 10 
amperes and corresponds to 1 abcoulomb per 
second. 


ab- 


Abbe condenser 1. In microscopy, a special two- 
piece lens that has enhanced light-gathering 
power. 2. A similar focusing device in an electro- 
magnetic antenna. 

abbreviated dialing In telephone systems, special 
circuits requiring fewer-than-normal dialing op- 
erations to connect subscribers. 

abe 1. Abbreviation of AUTOMATIC BASS COM- 
PENSATION, a system for boosting the volume of 
bass sounds at low amplifier gain. 2. Abbrevi- 
ation of AUTOMATIC BIAS CONTROL. 3. Abbrevi- 
ation of AUTOMATIC BRIGHTNESS CONTROL. 
4. Abbreviation of AUTOMATIC BRIGHTNESS 
COMPENSATION. 

abcoulomb The unit of electrical quantity in the 
cgs electromagnetic system. One abcoulomb 
equals 10 coulombs and is the quantity of elec- 
tricity that flows past any point in a circuit in one 
second when the current is one abampere. 

aberration 1. Distortion from perfect shape in a 
lens or reflecting mirror or antenna dish. 2. A 
small error in the determination of the direction 
of a source of electromagnetic energy, on account 
of the motion of the source and/or the detecting 
apparatus. 3. A small displacement in the appar- 
ent positions of the stars from month to month on 
account of the earth’s orbital motion. 

ABETS Acronym for airborne beacon electronic test 
set (NASA). 

abfarad The unit of capacitance in the cgs electro- 
magnetic system. One abfarad equals 10° farads 
and is the capacitance across which a charge of 
1 abcoulomb produces a potential of 1 abvolt. 

abhenry The unit of inductance in the cgs electro- 
magnetic system. One abhenry equals 10-° henry 
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2 abhenry « absolute error 


and is the inductance across which a current 
that changes at the rate of 1 abampere per sec- 
ond induces a potential of 1 abvolt. 

ABL Abbreviation of Automated Biology Laboratory 
(NASA). 

abmho The obsolete unit of conductance and of 
conductivity in the cgs electromagnetic system. 
Replaced with ABSIEMENS. 

abnormal dissipation Power dissipation higher or 
lower than the customary level, usually an over- 
load. 

abnormal oscillation 1. Oscillation where none is 
desired or expected, as in an amplifier. 2. Oscilla- 
tion at two or more frequencies simultaneously 
when single-frequency operation is expected. 
3. Oscillation at an incorrect frequency. 4. Parasitic 
oscillation. 

abnormal propagation 1. The chance shifting of 
the normal path of a radio wave, as by displace- 
ments in the ionosphere, so that reception is de- 
graded. 2. Unintentional radiation of energy from 
some point other than the transmitting antenna. 
3. Propagation over a path or in a direction not 
expected. 

abnormal reflections Sharp, intense reflections at 
frequencies higher than the critical frequency of 
the ionosphere’s ionized layer. 

abnormal termination The shutdown ofa running 
computer program or other process. Caused by 
the detection of an error by the associated hard- 
ware that indicates that some ongoing series of 
actions cannot be executed correctly. 

abnormal triggering The false triggering or switch- 
ing of a circuit or device, such as a flip-flop, by 
some undesirable source instead of the true trigger 
signal. Electrical noise pulses often cause abnor- 
mal triggering. 

abohm The unit of resistance and of resistivity in 
the cgs electromagnetic system. One abohm 
equals 10°° ohms and is the resistance across 
which a steady current of 1 abampere produces a 
potential difference of 1 abvolt. 

abort To deliberately terminate an operation, ex- 
periment, process, or project before it has run its 
normal course. 

AB power pack 1. A portable dry-cell or wet-cell 
array containing both A and B batteries in one 
package. 2. An ac-operated unit in one package 
for supplying A and B voltages to equipment nor- 
mally operated from batteries. 

abrasion machine An instrument for determining 
the abrasive resistance of a wire or cable. 

abrasion resistance A measure of the ability of a 
wire or wire covering to resist mechanical dam- 
age. 

ABS A basic programming abbreviation for the ab- 
solute value (of a number, variable, or expres- 
sion). 

abscissa 1. The independent variable in a function. 
2. The axis (usually horizontal) on the graph of a 
function that indicates the independent variable. 


—e— 





Abscissa 


abscissa 


absence-of-ground searching selector A rotary 
switch that searches for an ungrounded contact 
in a dial telephone system. 

absiemens The unit of conductance or conductiv- 
ity in the cgs electromagnetic system. One 
absiemens equals 10° siemens and is the 
conductance through which a potential of 1 ab- 
volt forces a current of 1 abampere. 

absolute 1.A temperature scale in which zero repre- 
sents the complete absence of heat. Units of mea- 
sure are same as units on Celsius and Fahrenheit 
scales. See ABSOLUTE SCALE. 2. Independent of 
any arbitrarily assigned units of measure or value. 

absolute accuracy The full-scale accuracy of a me- 
ter with respect to a primary (absolute) standard. 

absolute address In a digital computer program, 
the location of a word in memory, as opposed to 
location of the word in the program. 

absolute code A computer code in which the exact 
address is given for storing or locating the refer- 
ence operand. 

absolute coding In computer practice, coding that 
uses absolute addresses. 

absolute constant A mathematical constant that 
has the same value wherever it is used. 

absolute delay The time elapsing between the 
transmission of two synchronized signals from 
the same station or from different stations, as in 
radio, radar, or loran. By extension, the time in- 
terval between two such signals from any source, 
as from a generator. 

absolute digital position transducer A digital po- 
sition transducer whose output signal indicates 
absolute position. (See ENCODER.) 

absolute efficiency The ratio X,/X,, where X, is 
the output of a given device, and X, is the output 
of an ideal device of the same kind under the 
same operating conditions. 

absolute encoder system A system that permits 
the encoding of any function (linear, nonlinear, 
continuous, step, and so on) and supplies a non- 
ambiguous output. 

absolute error The difference indicated by the ap- 
proximate value of a quantity minus the actual 
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value. This difference is positive when the ap- 
proximate value is higher than the exact value, 
and it is negative when the approximate value is 
lower than the exact value. Compare RELATIVE 
ERROR. 

absolute gain Antenna gain for a given orientation 
when the reference antenna is isolated in space 
and has no main axis of propagation. 

absolute humidity The mass of water vapor per 
unit volume of air. Compare RELATIVE HUMID- 
ITY. 

absolute instruction A computer instruction that 
states explicitly and causes the execution of a 
specific operation. 

absolute magnitude For a complex number quan- 
tity, the vector sum of the real and imaginary 
components (i.e., the square root of the sum of 
the squares of those components). Also see AB- 
SOLUTE VALUE and IMPEDANCE. 

absolute maximum rating The highest value a 
quantity can have before malfunction or damage 
occurs. 

absolute maximum supply voltage The highest 
supply voltage that can be applied to a circuit 
without permanently altering its characteristics. 

absolute measurement of current Measurement 
of a current directly in terms of defining quan- 
tities. 1. TANGENT GALVANOMETER method: 
Current is proportional to the tangent of the an- 
gle of deflection of the needle of this instrument. 
Deflection depends on torque, resulting from the 
magnetic field produced by current in the gal- 
vanometer coil acting against the horizontal 
component of the earth’s magnetic field. 
2. ELECTRODYNAMOMETER method: With this 
2-coil instrument, current is determined from 
the observed deflection, the torque of the sus- 
pension fiber of the movable coil, and the coil di- 
mensions. 

absolute measurement of voltage Measurement 
of a voltage directly in terms of defining quan- 
tities. 1. CALORIMETRIC method: A current- 
carrying coil immersed in water raises the 
temperature of the water. The difference of 
potential that forces the current through the coil 
then is determined in terms of the equivalent heat 
energy. 2. Disk-electrometer method: In this 
setup, a metal disk attached to one end of a 
balance beam is attracted by a stationary disk 
mounted below it, the voltage being applied to the 
two disks. The other end of the beam carries a 
pan into which accurate weights are placed. At 
balance, the voltage is determined in terms of the 
weight required to restore balance, the upper-disk 
area, and the disk separation. 

absolute minimum resistance The resistance be- 
tween the wiper and the nearer terminal of a po- 
tentiometer, when the wiper is as close to that 
terminal as physically possible. All potentiome- 
ters have two such specifications, one for each 
end terminal. 
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absolute Peltier coefficient The product of the 
absolute Seebeck coefficient and absolute tem- 
perature of a material. 

absolute pitch A tone in a standard scale, deter- 
mined according to the rate of vibration, indepen- 
dent of other tones in the range of pitch. 

absolute pressure Pressure (force per unit area) of 
a gas or liquid determined with respect to that of 
a vacuum (taken as zero). 

absolute-pressure transducer A transducer actu- 
ated by pressure from the outputs of two different 
pressure sources, and whose own output is pro- 
portional to the difference between the two ap- 
plied pressures. 

absolute scale 1. A scale in which the zero value 
indicates the lowest physically possible value that 
a parameter can attain. 2. A standard scale 
for measurement of a quantity. 3. A universally 
agreed-upon scale for the determination of a vari- 
able quantity. 4. The Kelvin temperature scale. 
5. The Rankine temperature scale. 

absolute Seebeck coefficient The quotient, as an 
integral from absolute zero to the given tempera- 
ture, of the Thomson coefficient of a material di- 
vided by its absolute temperature. 

absolute spectral response The frequency output 
or response of a device in absolute power units 
(such as milliwatts) as opposed to relative units 
(such as decibels). 

absolute system of units A system of units in 
which the fundamental (ABSOLUTE) units are 
those expressing length (1), mass (m), charge (q), 
and time (t). All other physical units, including 
practical ones, are then derived from these abso- 
lute units. 

absolute temperature Temperature measured on 
either the Kelvin or Rankine scales, where zero 
represents the total absence of heat energy. 

absolute temperature scale 1. The Kelvin temper- 
ature scale, in which the divisions are equal in 
size to 1° Celsius, and the zero point is absolute 
zero, the coldest possible temperature, approxi- 
mately -273.16° Celsius. 2. The Rankine temper- 
ature scale, in which the divisions are equal in 
size to 1° Fahrenheit, and the zero point is abso- 
lute zero or approximately —-459.7° Fahrenheit. 

absolute tolerance The value of a component as it 
deviates from the specified or nominal value. It is 
usually expressed as a percentage of the specified 
value. 
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4 absolute units « A-B test 


absolute units Fundamental physical units (see 
ABSOLUTE SYSTEM OF UNITS) from which all 
others are derived. See, for example, AMPERE, 
OHM, VOLT, and WATT. 

absolute value The magnitude of a quantity with- 
out regard to sign or direction. The absolute value 
of ais written |al. The absolute value of a posi- 
tive number is the number itself; thus, 110] 
equals 10. The absolute value of a negative num- 
ber is the number with its sign changed: |-10] 
equals 10. 

absolute-value circuit A circuit that produces a 
unipolar signal in response to a bipolar input and 
in proportion to the absolute value of the magni- 
tude of the input. 

absolute-value computer A computer in which 
data is processed in its absolute form; i.e., every 
variable maintains its full value. (Compare to 
INCREMENTAL COMPUTER.) 

absolute-value device In computer practice, a de- 
vice that delivers a constant-polarity output 
signal equal in amplitude to that of the input 
signal. Thus, the output signal always has the 
same sign. 

absolute zero The temperature -273.16°C 
(—459.7°F and O Kelvin). The coldest possible 
temperature, representing the complete absence 
of heat energy. 

absorbed wave A radio wave that dissipates in the 
ionosphere as a result of molecular agitation. 
This effect is most pronounced at low and 
medium frequencies. 

absorptance The amount of radiant energy ab- 
sorbed in a material; equal to 1 minus the trans- 
mittance. 

absorption The taking up of one material or me- 
dium by another into itself, as by sucking or 
soaking up. Also, the retention of one medium (or 
a part of it) by another medium, through which 
the first one attempts to pass. See, for example, 
ABSORBED WAVE, ABSORPTION COEFFI- 
CIENT, DIELECTRIC ABSORPTION. Compare 
ADSORPTION. 

absorption band See ABSORPTION SPECTRUM. 

absorption circuit A circuit that absorbs energy 
from another circuit or from a signal source—es- 
pecially a resonant circuit, such as a wavemeter 
or wavetrap. 

absorption current In a capacitor, the current re- 
sulting from absorption of energy by the dielectric 
material. 

absorption dynamometer A power-measuring in- 
strument in which a brake absorbs energy from a 
revolving shaft or wheel. 

absorption fading Fading of a radio wave, result- 
ing from (usually) slow changes in the absorption 
of the wave in the line of propagation. 

absorption frequency meter See WAVEMETER. 

absorption line See ABSORPTION SPECTRUM. 

absorption loss 1. Transmission loss caused by 
dissipation of electrical energy, or conversion of it 
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into heat or other forms of energy. 2. Loss of all or 
part of a skywave because of absorption by the 
ionosphere. Also called ionospheric absorption or 
atmospheric absorption. 

absorption marker A small blip introduced onto 
an oscilloscope trace to indicate a frequency 
point. It is so called because it is produced by the 
action of a frequency-calibrated tuned trap, simi- 
lar to an absorption wavemeter. 

absorption modulation Amplitude modulation ofa 
transmitter or oscillator by means of an audio- 
frequency-actuated absorber circuit. In its simplest 
form, the modulator consists of a few turns of wire 
coupled to the transmitter tank coil and con- 
nected to a carbon microphone. The arrangement 
absorbs energy from the transmitter at a varying 
rate as the microphone changes its resistance in 
accordance with the sound waves it receives. 


EF cae 


niicrophone 






Final tank of 
transmitter 


absorption modulation 


absorption spectrum For electromagnetic waves, a 
plot of absorption coefficient (of the medium of 
propagation) versus frequency. Also called EMIS- 
SION SPECTRUM. 

absorption trap See WAVETRAP. 

absorption wavemeter A resonant-frequency indi- 
cating instrument that is inductively coupled to 
the device under test. 
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absorptivity In audio and microwave technologies, 
a measure of the energy absorbed by a given vol- 
ume of material. 

A-B test Comparison of two sounds by reproduc- 
ing them in alternating succession. 
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abvolt The unit of potential difference in the cgs 
electromagnetic system. One abvolt equals 10-8 V 
and is the difference of potential between any two 
points when 1 erg of work is required to move 1 
abcoulomb of electricity between them. 

abwatt The unit of power in the cgs electromagnetic 
system. One abwatt equals 10-7 W and is the 
power corresponding to 1 erg of work per second. 

ac 1. Abbreviation of ALTERNATING CURRENT. 
2. Abbreviation of ATTITUDE CONTROL. 3. Ab- 
breviation of AERODYNAMIC CENTER. 4. A suf- 
fix meaning AUTOMATIC CALCULATOR or 
AUTOMATIC COMPUTER. 

a/e_ 1. Abbreviation of AIRCRAFT. 2. Abbreviation 
of AIR CONDITIONING. 

Ac Symbol for ACTINIUM. 

ACA Abbreviation of automatic circuit analyzer. 

ac base current Symbol, Ipjac. The ac component of 
base current in a bipolar transistor. 

ac base resistance Symbol, Rg. The dynamic 
base resistance in a bipolar transistor. 

ac base voltage Symbol, Via. The ac component 
of base voltage in a bipolar transistor. It is the ac 
input signal voltage in a common-emitter ampli- 
fier or emitter-follower amplifier. 

ac bias In a tape recorder, the high-frequency cur- 
rent that passes through the recording head to 
linearize operation. 

ace 1. Abbreviation of AUTOMATIC CHROMI- 
NANCE CONTROL. 2. Abbreviation of AUTO- 
MATIC COLOR COMPENSATION. 3. Abbreviation 
of ACCELERATION. 

ac cathode current Symbol, Ikja.. The ac compo- 
nent of cathode current in an electron tube. 

ac cathode resistance Symbol, Rxja). The dynamic 
cathode resistance in an electron tube. Rxac) 
equals dVx/dIx for a constant value of Vg. 

ac cathode voltage Symbol, Vjacj. The ac compo- 
nent of cathode voltage in an electron tube. It is 
the ac output signal voltage in cathode-follower 
and grounded-grid amplifiers. 

accelerated life test A test program that simu- 
lates the effects of time on devices or apparatus, 
by artificially speeding up the aging process. 

accelerated service test A service or bench test in 
which equipment or a circuit is subjected to an 
extreme condition in an attempt to simulate the 
effects of average use over a long time. 

accelerating conductor or relay A conductor or 
relay that prompts the operation of a succeeding 
device in a starting mode according to established 
conditions. 

accelerating electrode In a cathode-ray tube or 
klystron, the electrode to which the accelerating 
voltage is applied. 

accelerating time The elapsed time that starts 
when voltage is applied to a motor, and ends 
when the motor shaft reaches maximum speed. 

accelerating voltage A positive high voltage applied 
to the accelerating electrode of a cathode-ray tube 
to increase the velocity of electrons in the beam. 
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acceleration at stall The angular acceleration of a 
servomotor at stall, determined from the stall 
torque and the moment of inertia of the motor’s 
rotor. 

acceleration derivative Acceleration (a) expressed 
as the second derivative of distance (s) with re- 
spect to time (i): a equals d*s/dt?. 

acceleration potential See ACCELERATING 
VOLTAGE. 

acceleration switch A switch that operates auto- 
matically when the acceleration of a body to 
which it is attached exceeds a predetermined rate 
in a given direction. 

acceleration time The time required by a com- 
puter to take in or deliver information after inter- 
preting instructions. Compare ACCESS TIME. 

acceleration torque During the accelerating pe- 
riod of a motor, the difference between the torque 
demanded and the torque actually produced by 
the motor. 

acceleration voltage The potential between accel- 
erating elements in a vacuum tube, the value of 
which determines average electron velocity. 

accelerometer A transducer whose output voltage 
is proportional to the acceleration of the moving 
body to which it is attached. 

accentuation The emphasis of a desired band of 
frequencies, usually in the audio-frequency spec- 
trum. 


Max 





Low-frequency 
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6 accentuator ¢ accuracy rating 


accentuator A circuit or device, such as a filter, 
tone control, or equalizer, used to emphasize a 
band of frequencies, usually in the audio- 
frequency spectrum. Also see ACCENTUATION. 

acceptable-environmental-range test A test to 
disclose the environmental conditions that equip- 
ment can endure while maintaining at least the 
minimum desired reliability. 

acceptable quality level Abbreviation, AQL. A per- 
centage that represents an acceptable average of 
defective components allowable for a process, or 
the lowest quality that a supplier is permitted to 
regularly present for acceptance. 

acceptance sampling plan A probabilistic method 
of sampling a quantity of units from a lot, and de- 
termining from the sample whether to accept the 
lot, reject the lot, or perform another sampling. 

acceptance test A test performed on incoming 
equipment or on submitted samples to determine 
if they meet tester’s or supplier’s specifications. 

acceptor 1. Any device or circuit, such as a series- 
resonant circuit, that provides relatively easy 
transmission of a signal, in effect accepting the 
signal. 2. A hole-rich impurity added to a semi- 
conductor to make the latter p-type. It is so called 
because its holes can accept electrons. Compare 
DONOR. 

acceptor circuit See ACCEPTOR, 1. 

acceptor impurity See ACCEPTOR, 2. 

access 1. To gain entrance to something, such as 
the interior of the cabinet of a high-fidelity ampli- 
fier. 2. In a computer, the action of going to a spe- 
cific memory location for the purpose of data 
retrieval. 3. A port or opening into a piece of 
equipment, placed there to make the equipment 
easy to maintain and repair. 

access arm A mechanical device that positions the 
read/write mechanism in a computer storage unit. 

access control register A register that is part ofa 
computer protection system that prevents inter- 
ference between different software modules. 

access method A method of transferring informa- 
tion or data from main storage to an input/out- 
put unit. 

access right The access status given to computer 
system users that indicates the method of access 
permitted (e.g., read a file only or write to a file). 

access time The time required by a computer to 
begin delivering information after the memory or 
storage has been interrogated. 

accidental error An unintentional error commit- 
ted by a person making measurements and 
recording data. 

accidental triggering The undesired chance- 
operation of a flip-flop or other switching circuit 
caused by a noise pulse or other extraneous sig- 
nal. 

ac collector current Symbol, Icjacj. The ac compo- 
nent of collector current in a bipolar transistor. 

ac collector resistance Symbol, Roa . The dy- 
namic collector resistance of a bipolar transistor. 
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Reac) equals dV¢/dIc for a constant value of base 
current Iz (in a common-emitter circuit) or emit- 
ter current I; (in a common-base circuit). 

ac collector voltage Symbol, Vojac. The ac compo- 
nent of collector voltage in a bipolar transistor. 
The ac output signal voltage in a common-emitter 
or common-base amplifier. 

accompanying audio channel The RF signal that 
supplies television sound. Also called Cochannnel 
sound frequency. 

ac component In a complex wave (i.e., one con- 
taining both ac and dec), the alternating, fluctu- 
ating, or pulsating part of the combination. 
Compare DC COMPONENT. 

accordion A printed-circuit connector contact with 
a Z-shaped spring that allows high deflection 
with low fatigue. 

ac-coupled flip-flop A flip-flop that is operated by 
the rise or fall of a clock pulse. 

ac coupling Transformer coupling or capacitive 
coupling, which transmit ac, but not dc. Compare 
DIRECT COUPLING. 


Capacitive 


Inductive 





ac coupling 


accumulator 1. In a digital computer, a circuit or 
register device that receives numbers, totals 
them, and stores them. 2. Storage battery. 

accuracy 1. Precision in the measurement of 
quantities and in the statement of physical char- 
acteristics. 2. Degree of precision. Usually ex- 
pressed, in terms of error, as a percentage of the 
specified value (e.g., 10 V plus or minus 1%), asa 
percentage of a range (e.g., 2% of full scale), or as 
parts (e.g., 100 parts per million). 

accuracy rating The maximum error in an instru- 
ment, given as a percentage of the full-scale 
value. 
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acew Abbreviation of ALTERNATING-CURRENT 
CONTINUOUS WAVE. 

ac/de Abbreviation of ALTERNATING CURRENT/ 
DIRECT CURRENT. Pertains to equipment that 
will operate from either ac utility power or a dc 
power source. A notebook computer is a good ex- 
ample. 

ac directional overcurrent relay A relay that 
works on a specific value of alternating overcur- 
rent that is rectified for a desired polarity. 

ac drain current Symbol, Ipc. The ac component 
of drain current in a field-effect transistor. 

ac drain resistance Symbol, Rpjac. The dynamic 
drain resistance in a field-effect transistor; Rpjac) 
equals dVp/dIp for a constant value of gate volt- 
age Vg. 

ac drain voltage Symbol, Vpjac. The ac component 
of drain voltage in a field-effect transistor. The ac 
output signal voltage in a common-source FET 
amplifier. 

acdump ‘The removal of all ac power from a system 
or component. 

ac emitter current Symbol, Iga,. The ac compo- 
nent of emitter current in a bipolar transistor. 

ac emitter resistance Symbol, Raa . The dynamic 
emitter resistance of a bipolar transistor; Rejac) 
equals dV;/dIg for a constant value of base cur- 
rent Ip (in an emitter-follower circuit) or collector 
voltage Vcc (in a common-base circuit). 

ac emitter voltage Symbol, Via. The ac compo- 
nent of emitter voltage in a bipolar transistor. The 
ac input signal voltage in a common-base ampli- 
fier; the ac output signal voltage in an emitter- 
follower amplifier. 

ac equipment An apparatus designed for opera- 
tion from an ac power source only. Compare DC 
EQUIPMENT and AC/DC. 

ac erasing In tape recording, the technique of us- 
ing an alternating magnetic field to erase material 
already recorded on the tape. 

ac erasing head Also called ac erase head. In tape 
and wire recording, a head that carries alternat- 
ing current to erase material already recorded on 
the tape or wire. Also see AC ERASING. 

acetate Cellulose acetate, a tough thermoplastic 
material that is an acetic acid ester of cellulose. It 
is used as a dielectric and in the manufacture of 
photographic films. 

acetate base 1. The cellulose acetate film that 
served as the base for the magnetic oxide coating 
in early recording tape. Most such tapes today 
are of polyester base. 2. The cellulose acetate 
substrate onto which certain photosensitive ma- 
terials are deposited for lithographic reproduc- 
tion. Also see ACETATE and ANCHORAGE. 

acetate tape Recording tape consisting of a mag- 
netic oxide coating on a cellulose acetate film. 
Also see ACETATE BASE. 

ac gate voltage Symbol, Vga.. The ac component 
of gate voltage in a field-effect transistor. The ac 
input signal voltage. 
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ac generator 1. A rotating electromagnetic ma- 
chine that produces alternating current (e.g., a 
dynamo or alternator). 2. An oscillator or com- 
bination of an oscillator and an output ampli- 
fier. 

ac grid voltage Symbol, Veja. The ac component 
of control grid voltage in an electron tube. The ac 
input signal voltage in a common-cathode ampli- 
fier or cathode follower. 

Achannel The left channel of a two-channel stereo 
system. 

achieved reliability A statement of reliability based 
on the performance of mass-produced parts or 
systems under similar environmental conditions. 
Also called OPERATIONAL RELIABILITY. 

achromatic 1. Without color. In a TV image, the 
tones from black through gray to white. The term 
occasionally refers to black-and-white television, 
although MONOCHROMATIC is more often used 
in this sense. 

achromatic locus Also called achromatic region. 
An area on a chromaticity diagram that contains 
all points, representing acceptable reference 
white standards. 

achromatic scale A musical scale without acci- 
dentals. 

ACIA Abbreviation of asynchronous communica- 
tions interface adapter. 

acicular Pertaining to the shape of magnetic parti- 
cles on recording tape. Under magnification, 
these particles look like thin rods. 

acid A substance that dissociates in water solution 
and forms hydrogen (H) ions (e.g., sulfuric acid). 
Compare BASE, 2. 

acid depolarizer Also called acidic depolarizer. 
An acid, in addition to the electrolyte, used in 
some primary cells to slow the process of polar- 
ization. 

ac line A power line that delivers alternating cur- 
rent only. 

ac line filter A filter designed to remove extrane- 
ous signals or electrical noise from an ac power 
line, while causing virtually no reduction of the 
power-line voltage or power. 

ac line voltage The voltage commonly delivered 
by the commercial power line to consumers. In 
the United States, the two standards are 117 V 
and 234 V (~ about 5 percent). The lower voltage 
is used by most appliances; the higher voltage is 
intended for appliances and equipment that 
draws high power, such as electric ovens, cook- 
ing ranges, clothes dryers, and amateur-radio 
amplifiers. In Europe, 220 V is the common 
standard. 

aclinic line Also called magnetic equator. An imag- 
inary line drawn on a map of the world or of an 
area that connects points of zero inclination (dip) 
of the needle of a magnetic compass. 

ACM Abbreviation for Association for Computing 
Machinery. 

ac magnetic bias See AC BIAS. 
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ac meter A meter that is intended to work only on 
alternating current or voltage. Such meters in- 
clude iron-vane and rectifier types. 


ac input de meter 


ac meter 


ac noise 1. Electromagnetic interference originat- 
ing in the ac power lines. 2. Electrical noise of a 
rapidly alternating or pulsating nature. 

ac noise immunity In computer practice, the abil- 
ity of a logic circuit to maintain its state, despite 
excitation by ac noise. 

acous Abbreviation for ACOUSTIC. 

acoustic Pertaining to audible sound distur- 
bances, usually in air (versus audio-frequency 
currents or voltages). 

acoustic absorption The assimilation of energy 
from sound waves passing through or reflected by 
a given medium. 

acoustic absorption loss That portion of sound 
energy lost (as by dissipation in the form of heat) 
because of ACOUSTIC ABSORPTION. 

acoustic absorptivity The ratio of sound energy 
absorbed by a material to sound energy striking 
the surface of the material. 

acoustic attenuation constant The real-number 
component of the complex acoustical propagation 
constant, expressed in nepers per unit distance. 

acoustic burglar alarm An alarm that receives the 
noise made by an intruder. The alarm device re- 
sponds to the impulses from concealed micro- 
phones. 

acoustic capacitance The acoustic equivalent of 
electrical capacitance. 

acoustic clarifier In a loudspeaker system, a set of 
cones attached to the baffle that vibrate to absorb 
and suppress sound energy during loud bursts. 

acoustic communication Communications by 
means of sound waves. This can be through the 
atmosphere, or it can be through solids or liq- 
uids, such as a taut wire, a body of water, or the 
earth. 

acoustic compliance COMPLIANCE in acoustic 
transducers, especially loudspeakers. It is equiv- 
alent to electrical capacitive reactance. 

acoustic consonance An effect that occurs when 
two objects are near each other but not in physical 
contact, and both have identical or harmonically 
related resonant frequencies. An example is shown 
by two tuning forks with identical fundamental fre- 
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quencies. If one fork is struck and then brought 
near the other, the second fork will begin vibrating. 
If the second fork has a fundamental frequency 
that is a harmonic of the frequency of the first fork, 
the second fork will vibrate at its own resonant 
frequency. See HARMONIC, RESONANCE. 

acoustic coupling Data transfer via a sound link 
between a telephone and a pickup/reproducer. 
Was once common in computer terminals and 
facsimile machines. This scheme has been largely 
replaced by hard wiring and optical coupling. 

acoustic damping The deadening or reduction of 
the vibration of a body to eliminate (or cause to 
die out quickly) sound waves arising from it. 

acoustic delay line Any equivalent of a special 
transmission line that introduces a useful time 
delay between input and output signals. In one 
form, it consists of a crystal block or bar with an 
input transducer at one end and an output trans- 
ducer at the other. An electrical input signal in 
the first transducer sets up sound waves that 
travel through the interior of the crystal; the 
piezoelectric reaction of the crystal to sound vi- 
brations sets up an output voltage in the second 
transducer. The delay is caused by the time re- 
quired for the acoustic energy to travel the length 
of the crystal bar. 


Input transducer 
Crystal bar 





Signal 


Signal 
i output 


input 
Sound wave 


QOuipul 
transducer 


acoustic delay line 


acoustic depth finder A direct-reading device for 
determining the depth of a body of water, or for 
locating underwater objects via sonic or ultra- 
sonic waves transmitted downward and reflected 
back to the instrument. 

acoustic dispersion Variation of the velocity of 
sound waves, depending on their frequency. 

acoustic elasticity 1. In a loudspeaker enclosure, 
the compressibility of air behind the vibrating 
cone of the speaker. 2. In general, the compress- 
ibility of any medium through which sound 
passes. 

acoustic electric transducer A transducer, such 
as a microphone or hydrophone, that converts 
sound energy into electrical energy. Compare 
ELECTRICAL/ACOUSTIC TRANSDUCER. Also 
see ACOUSTIC TRANSDUCER. 

acoustic feedback A usually undesirable effect 
that occurs when sound waves from a loud- 
speaker (or other reproducer) reach a microphone 
(or other input transducer) in the same system. 
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This can cause an amplifier to oscillate, with a re- 
sultant rumbling, howling, or whistling. 

acoustic filter Any sound-absorbing or transmit- 
ting arrangement, or combination of the two, that 
transmits sound waves of desired frequency while 
attenuating or eliminating others. 

acoustic frequency response The — sound- 
frequency range as a function of sound intensity. 
A means of describing the performance of an 
acoustic device. 

acoustic generator A device that produces sound 
waves of a desired frequency and/or intensity. 
Examples are electrical devices (headphones or 
loudspeakers operated from a suitable oscillator, 
buzzer, bell, or flame) and mechanical devices 
(tuning forks, bells, string, or whistles). 

acoustic grating A set of bars or slits that are par- 
allel to one another and arranged a fixed distance 
apart so that an interference pattern forms as 
sound passes through. Used to determine the 
wavelength of acoustic waves. 

acoustic homing system 1. A system that uses a 
sound signal for guidance purposes. 2. A guid- 
ance method in which a missile homes in on 
noise generated by a target. 

acoustic horn A tapered tube (round or rectangu- 
lar, but generally funnel-shaped) that directs 
sound and, to some extent, amplifies it. So called 
to distinguish it from a microwave horn. 

acoustic howl See ACOUSTIC FEEDBACK. 

acoustician 1. A person skilled in acoustics (an 
acoustics technician). 2. An AUDIOLOGIST. 

acoustic impedance Unit, ACOUSTIC OHM. The 
acoustic equivalent of electrical impedance. Like 
the latter, acoustic impedance is the total opposi- 
tion encountered by acoustic force. Also like elec- 
trical impedance, acoustic impedance has 
resistive and reactive components: ACOUSTIC 
RESISTANCE and ACOUSTIC REACTANCE. 

acoustic inductance Also called inertance. The 
acoustic equivalent of electrical inductance. 

acoustic inertance See ACOUSTIC INDUCTANCE. 

acoustic inhibition See AUDITORY INHIBITION. 

acoustic intensity See SOUND INTENSITY. 

acoustic interferometer An instrument that eval- 
uates the frequency and velocity of sound waves 
in a liquid or gas, in terms of a standing wave set 
up by a transducer and reflector as the frequency 
or transducer-to-reflector distance varies. 

acoustic labyrinth A loudspeaker’ enclosure 
whose internal partitions form a maze-like path 
or “tube” lined with sound-absorbing material. 
The tube effectively runs from the back of the 
speaker down to where it terminates ina MOUTH 
or PORT that opens at the front of the enclosure. 
The labyrinth provides an extremely efficient re- 
production system because of its excellent acous- 
tic impedance-matching capability. 

acoustic lens A system of barriers that refracts 
sound waves the way that an optical lens does 
with light waves. 
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acoustic line Baffles or other such structures 
within a speaker that act as the mechanical equiv- 
alent of an electrical transmission line to enhance 
the reproduction of very low bass frequencies. 

acoustic load A device that serves simultaneously 
as the output load of an amplifier and as a trans- 
ducer of electrical energy into acoustic energy 
(e.g., headphones or a loudspeaker). 

acoustic memory In a computer, a volatile mem- 
ory element employing an acoustic delay line, of- 
ten incorporating quartz or mercury as the 
transmission and delay element. 

acoustic mirage A type of sound distortion in 
which the listener experiences the illusion of two 
sound sources when there is only one. The phe- 
nomenon is caused by the effect of a large tem- 
perature gradient in the air or water through 
which the sound passes. 

acoustic mode Crystal-lattice vibration without 
producing an oscillating dipole. 

acoustic noise I[nterferential (usually disagreeable) 
sounds carried by the air (or other propagation 
medium) to the ear or to an acoustic transducer. 
This is in contrast to electrical noise, which con- 
sists of extraneous current or voltage impulses 
and is inaudible until converted into sound. 

acoustic ohm The unit of acoustic resistance, re- 
actance, or impedance. One acoustic ohm equals 
the volume velocity of 1 cm/s produced by a 
sound pressure of 1 microbar (0.1 Pa). Also called 
acoustical ohm. 

acoustic phase constant The imaginary-number 
component of the complex acoustic propagation 
constant expressed in radians per second or radi- 
ans per unit distance. 

acoustic phase inverter A bass reflex loudspeaker 
enclosure. 

acoustic pressure 1. The acoustic equivalent of 
electromotive force, expressed in dynes per 
square centimeter; also called acoustical pres- 
sure. 2. Sound pressure level. 

acoustic propagation The transmission of sound 
waves, or subaudible or ultrasonic waves, as a 
disturbance in a medium, rather than as an elec- 
tric current or electromagnetic field. 

acoustic radiator A device that emits sound 
waves. Examples are the cone of a loudspeaker, 
the diaphragm of a headphone, and the vibrating 
reed of a buzzer. 
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acoustic radiometer An instrument for measuring 
the intensity of a sound wave (see SOUND IN- 
TENSITY) in terms of the unidirectional steady- 
state pressure exerted at a boundary as a result 
of absorption or reflection of the wave. 

acoustic reactance Unit, ACOUSTIC OHM. The 
imaginary-number component of ACOUSTIC 
IMPEDANCE. It can take the form of ACOUSTIC 
CAPACITANCE or ACOUSTIC INDUCTANCE. 

acoustic reflectivity The ratio F./F,, where F, is 
the rate of flow of sound energy reflected from a 
surface and F; is the rate of flow of sound energy 
incident to the surface. 

acoustic refraction The deflection of sound waves 
being transferred obliquely between media that 
transmit sound at different speeds. 

acoustic regeneration See ACOUSTIC FEEDBACK. 

acoustic resistance Unit, ACOUSTIC OHM. The 
real-number component of ACOUSTIC IMPE- 
DANCE. The opposing force that causes acoustic 
energy to be dissipated in the form of heat. It is 
attributed to molecular friction in the medium 
through which sound passes. See ACOUSTIC 
OHM. 

acoustic resonance In an enclosed chamber with 
walls that reflect sound waves, resonance that oc- 
curs at certain wavelengths because the echoes 
combine in and out of phase. Speaker enclosures 
almost always have resonance at certain frequen- 
cies. This effect can be used to an advantage when 
it is necessary to get good bass (low-frequency) 
response from a relatively small speaker. 

acoustic resonator 1. A chamber, such as a box, 
cylinder, or pipe, in which an air column resonates 
at a particular frequency. 2. A piezoelectric, mag- 
netostrictive, or electrostrictive body that vibrates 
at a resonant audio frequency that is governed by 
the mechanical dimensions of the body when an 
audio voltage at that frequency is applied. 
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acoustics 1. The physics of sound. The study and 
applications of acoustic phenomena. 2. The qual- 
ities of an enclosure or sound chamber (room, 
auditorium, or box) that describe how sound 
waves behave in it. 
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acoustic scattering The spreading of a sound 
wave in many directions as a result of diffraction, 
reflection, or refraction. 

acoustic suspension A loudspeaker design that 
allows exceptional low-frequency reproduction 
for a fairly small physical size. An airtight enclo- 
sure is used to increase the tension on the 
speaker cone. 

acoustic system 1. A coordinated array of acous- 
tic components (e.g., acoustic filters, resonators, 
etc.) that responds to sound energy in a predeter- 
mined manner. 2. An audio-frequency system in 
which sound energy is converted into electrical 
energy, processed, and then reconverted into 
sound energy for a clearly defined purpose. 

acoustic telegraph A telegraph that gives audible 
signals, as opposed to visual signals or printed 
messages. 

acoustic transducer 1. Any device, such as head- 
phones or a loudspeaker, for converting audio- 
frequency electrical signals into sound waves. 2. 
Any device, such as a microphone, for converting 
sound waves into alternating, pulsating, or fluc- 
tuating currents. 

acoustic transmission The direct transmission of 
sound energy without the intermediary of electric 
currents. 

acoustic transmission system A set of compo- 
nents designed to generate acoustic waves. 

acoustic transmissivity Also called acoustic 
transmitivity. The ratio e,/e, where e is the 
sound energy transmitted by a medium, and e; is 
the incident sound energy reaching the surface of 
the medium. Acoustic transmissivity is propor- 
tional to the angle of incidence. 

acoustic treatment Application of sound-absorb- 
ing materials to the interior of an enclosure or 
room to control reverberation. 

acoustic wave The traveling vibration, consisting 
of molecular motion, via which sound is trans- 
mitted through a gas, liquid or solid. Usually 
refers to sound waves in air. 

acoustic wave filter See ACOUSTIC FILTER. 

acoustoelectric effect The generation of a voltage 
across the faces of a crystal by sound waves trav- 
eling longitudinally through the crystal. 

acoustoelectronics A branch of electronics con- 
cerned with the interaction of sound energy and 
electrical energy in devices, such as surface-wave 
filters and amplifiers. In such devices, electrically 
induced acoustic waves travel along the surface 
of a piezoelectric chip and generate electrical en- 
ergy. Also called praetersonics and microwave 
acoustics. 

ac plate current Symbol, Ipja,. The ac component 
of plate current in a vacuum tube. 

ac plate resistance Symbol, Rpa . The dynamic 
plate resistance of an electron tube. Rp. equals 
dE,/dIp, where Ep is the plate voltage and Ip is the 
plate current, for a constant value for grid volt- 
age Eg. 
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ac plate voltage Symbol, Epi). The ac component 
of plate voltage in an electron tube. The ac out- 
put-signal voltage in a common-cathode ampli- 
fier. 

ac power Symbol, P,.. Unit, watt (W). The power 
acting in an ac circuit, P,, equals EI cos q, where 
E is in volts, [in amperes, and q is the phase an- 
gle. Compare DC POWER. Also see POWER. 

ac power supply A power unit that supplies ac 
only (e.g., ac generator, vibrator-transformer, os- 
cillator, or inverter), Compare DC POWER 
SUPPLY. 

acquisition 1. The gathering of data from trans- 
ducers or a computer. 2. Locating the path of an 
orbiting body for purposes of collecting teleme- 
tered data. 3. Orienting an antenna for optimum 
pickup of telemetered data. 

acquisition and tracking radar An airborne or 
ground radar, which locks in on a strong signal 
and tracks the body that reflects (or transmits) 
the signal. 

acquisition radar A radar that spots an oncoming 
target and supplies position data regarding the 
target to a fire-control or missile-guidance radar, 
which then tracks the target. 

acr 1. Abbreviation of AUDIO CASSETTE RE- 
CORDER. 2. Abbreviation of AUDIO CASSETTE 
RECORDING SYSTEM. 

ac reclosing relay The controlling component in 
an alternating-current circuit breaker. It causes 
the breaker to reset after a specified period of 
time. 

ac relay A relay designed to operate on alternating 
current without chattering or vibrating. 

ac resistance Pure resistance in an ac circuit. Un- 
like reactance and impedance, which are also 
forms of opposition to the flow of current, ac re- 
sistance introduces no phase shift. 

acronym A word formed from letters or syllables 
taken from other applicable words of a multiword 
term. Acronyms are convenient for naming new 
devices and processes in electronics. Usually, a 
term is considered an acronym only when it is 
spelled in all-capital letters; once the term is ac- 
cepted and popularized, it is written as a conven- 
tional word and is no longer thought of as an 
acronym. For example, LASER was once an 
acronym for light amplification by the stimulated 
emission of radiation. By the popularization pro- 
cess, the acronym became a conventional word 
from which other terms (such as the verb “lase”) 
were derived. 

acrylic resin A synthetic resin used as a dielectric 
and in electronic encapsulations. It is made from 
acrylic acid or one of its derivatives. 

ACS Abbreviation of automatic control system. 

ac source current Symbol, Isjacj. The ac component 
of source current in a field-effect transistor. 

ac source resistance Symbol, Rsa . The dynamic 
source resistance in a field-effect transistor; Rgyac) 
equals dVs/dIgs for a constant value of Vg. 
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ac source voltage Symbol, Vsja.. The ac compo- 
nent of source voltage in a field-effect transistor. 
The ac output-signal voltage in a source-follower 
(grounded-drain) FET amplifier. 

acss Abbreviation of analog computer subsystem. 

ac time overcurrent relay A device with a certain 
time characteristic, which breaks a circuit when 
the current exceeds a certain level. 

actinic rays Short-wavelength light rays in the vi- 
olet and ultraviolet portion of the spectrum that 
give conspicuous photochemical action. 

actinism The property whereby radiant energy 
(such as visible and ultraviolet light, X-rays, etc.) 
causes chemical reactions. 

actinium Symbol, Ac. A radioactive metallic ele- 
ment. Atomic number, 89. Atomic weight, 227. 

actinodielectric Exhibiting a temporary rise in 
electrical conductivity during exposure to light. 

actinoelectric effect The property whereby cer- 
tain materials (such as selenium, cadmium sul- 
fide, germanium, and _ silicon) change their 
electrical resistance or generate a voltage on ex- 
posure to light. Also see ACTINODIELECTRIC. 

actinometer An instrument for measuring the di- 
rect heating power of the sun’s rays or the actinic 
power of a light source. 

action current A small transient current that 
flows in a nerve in the human body as a result of 
stimulation. 

activate To start an operation, usually by applying 
an appropriate enabling signal. 

activation 1. Supplying electrolyte to a battery cell 
to prepare the cell for operation. 2. Causing the 
acceleration of a chemical reaction. 

activation time In the activation of a battery cell 
(see ACTIVATION, 1), the interval between addi- 
tion of the electrolyte and attainment of full cell 
voltage. 

activator A substance added to an accelerator (see 
ACCELERATOR, 3) to speed the action of the ac- 
celerator. 

active Pertaining to a circuit or device that re- 
quires a power supply for its operation. This dif- 
fers from a passive circuit or device, which 
operates with no external source of power. 

active antenna An antenna that uses a small 
whip, loop, or ferrite loopstick with a high-gain 
amplifier for receiving at very-low, low, medium, 
and high radio frequencies (approximately 9 kHz 
to 30 MHz). 

active area The forward-current-carrying portion 
of the rectifying junction of a metallic rectifier. 

active arm See ACTIVE LEG. 

active balance In telephone repeater operation, the 
sum of return currents at a terminal network bal- 
anced against the local circuit or drop resistance. 

active chord mechanism Abbreviation, ACM. In 
robots, an electromechanical gripper capable of 
conforming to irregular objects. It has a structure 
similar to the human spine, with numerous 
small, rigid links connected by hinges. 
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active communications satellite A satellite con- 
taining receivers (which pick up beamed electro- 
magnetic signals from a ground point and amplify 
them) and transmitters (which send signals back 
to the surface of the earth). Also called active 
comsat. Compare PASSIVE COMMUNICATIONS 
SATELLITE. 

active component 1. A device capable of some dy- 
namic function (such as amplification, oscilla- 
tion, or signal control) that usually requires a 
power supply for its operation. Examples include 
bipolar transistors, field-effect transistors, and 
integrated circuits. Compare PASSIVE COMPO- 
NENT. 2. In an ac circuit, a quantity that con- 
tains no reactance so that the current is in phase 
with the voltage. 

active component of current See ACTIVE CUR- 
RENT. 

active computer A computer in an installation or 
network that is processing data. 

active comsat See ACTIVE COMMUNICATIONS 
SATELLITE. 

active control system A device or circuit that 
compensates for irregularities in the operating 
environment. 

active current In an ac circuit, the current compo- 
nent that is in phase with the voltage. This is in 
contrast to reactive current, which is not in phase 
with the voltage, and is “inactive,” with respect to 
power in the circuit. The active current is equal to 
the average power divided by the effective voltage. 

active decoder An automatic ground-station de- 
vice that gives the number or letter designation of 
a received radio beacon reply code. 

active device 1. An electronic component, such asa 
transistor that needs a power supply, and/or that 
is capable of amplifying. 2. Broadly, any device (in- 
cluding electromechanical relays) that can switch 
(or amplify) by application of low-level signals. 

active electric network A network containing one 
or more active devices or components, usually 
amplifiers or generators, in addition to passive 
devices or components. 

active element The driven or RF-excited element 
in a multielement antenna or antenna array. 
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active file A computer file in use (i.e., one that is 
being updated or referred to). 

active filter A bandpass, bandstop, highpass or 
lowpass filter, consisting of resistors, capacitors, 
and operational amplifiers, arranged to pass a de- 
sired frequency response. Commonly used at au- 
dio frequencies. 

active infrared detection Detection of infrared 
rays reflected from a target to which they were 
beamed. 

active jamming Transmission or retransmission 
of signals for the purpose of disrupting communi- 
cations. 

active junction A pn junction in a semiconductor 
device that has been created by a diffusion pro- 
cess. 

active leg An element within a transducer that 
changes one or more of its electrical characteris- 
tics in response to the input signal of the trans- 
ducer. Also called active arm. 

active lines In a U.S. television picture, the lines 
(approximately 488) that make up the picture. 
The remaining 37 of the 525 available lines are 
blanked and are called INACTIVE LINES. 

active material 1. In a storage cell, the chemical 
material in the plates that provides the electrical 
action of the cell, as distinguished from the sup- 
porting material of the plates themselves. 2. A ra- 
dioactive substance. 3. The phosphor coating of a 
cathode-ray tube screen. 4. The material used to 
coat an electron-tube cathode. 

active mixer A signal mixer using one or more ac- 
tive components, such as transistors or in- 
tegrated circuits. An active circuit provides 
amplification, input-output isolation, and high 
input impedance, in addition to the mixing ac- 
tion. Compare PASSIVE MIXER. 

active modulator A modulator using one or more 
active components, such as transistors or inte- 
grated circuits. An active circuit provides gain, 
input-output isolation, and high input impe- 
dance, in addition to modulation. Compare PAS- 
SIVE MODULATOR. 

active network See ACTIVE ELECTRIC NET- 
WORK. 

active pressure The electromotive pressure that 
produces a current in an ac circuit. 

active pull-up An arrangement using a transistor 
as a pull-up resistor replacement in an integrated 
circuit, providing low output impedance and low 
power consumption. 

active RC network 1. A resistance-capacitance 
(RC) circuit that contains active components 
(transistors or integrated circuits), as well as pas- 
sive components (capacitors and resistors). 2. An 
RC network in which some or all of the resistors 
and capacitors are simulated by the action of ac- 
tive components. 

active repair time The time during which mainte- 
nance is done on a system and the system is out 
of operation. 
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active satellite See ACTIVE COMMUNICATIONS 
SATELLITE. 

active sensor In an electronic security system, a 
transducer that generates an electromagnetic 
field or acoustic-wave field, and detects changes 
in the field resulting from the presence or move- 
ment of objects in the vicinity. 

active substrate In an integrated circuit, a sub- 
strate consisting of single-crystal semiconductor 
material into which the components are formed; 
it acts as some or all of the components. This is in 
contrast to a substrate consisting of a dielectric, 
where the components are deposited on the sur- 
face. 

active system A radio and/or radar system that 
requires transmitting equipment to be carried in 
a vehicle. 

active tracking system A system in which a 
transponder or responder on board a vehicle re- 
transmits information to tracking equipment 
(e.g., azusa, secor). 

active transducer 1. A transducer that contains 
an active device, such as a transistor or inte- 
grated circuit, for immediate amplification of the 
sensed quantity. 2. A transducer that is itself an 
active device. 

active wire In the armature of a generator, a wire 
experiencing induction and, therefore, is deliver- 
ing voltage. 

activity 1. Intensity of, as well as readiness for, os- 
cillation in a piezoelectric crystal. 2. Radioactive 
intensity. 3. Intensity of thermal agitation. 4. 
Thermionic emission of electrons. 

activity ratio The ratio of active to inactive records 
in a computer file. 

ac transducer A transducer that either requires an 
ac supply voltage or delivers an ac output sig- 
nal—even when operated from a de supply. 

ac transmission The use of an alternating voltage 
to transfer power from one point to another, usu- 
ally from generators to a distribution center, and 
generally over a considerable distance. 

actual ground The ground as “seen” by an an- 
tenna. The actual ground surface is not necessar- 
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ily in the same physical location as the true 
ground surface (i.e., the earth itself). An actual 
ground can be an artificial ground plane, such as 
that provided in some antenna structures. Actual 
ground can also be modified by nearby rooftops, 
buildings, guy wiring, and utility wiring. 

actual height The highest altitude where radio 
wave refraction actually occurs. 

actual power Also called active or AVERAGE 
POWER. Symbol, Pig. In a resistive circuit under 
sine-wave conditions, average power is the prod- 
uct of the rms voltage and the rms current. It is 
also equal to half the product of the maximum 
current and maximum voltage. 

actuating device A device or component that oper- 
ates electrical contacts to affect signal transmis- 
sion. 

actuating system 1. An automatic or manually 
operated system that starts, modifies, or stops an 
operation. 2. A system that supplies energy for 
ACTUATION. 

actuating time Also called actuation time. The 
time interval between generation of a control sig- 
nal, or the mechanical operation of a control de- 
vice, and the resulting ACTUATION. 

actuation 1. The starting, modification, or termi- 
nation of an operation or process. 2. Activation of 
a mechanical or electromechanical switching de- 
vice. 

actuator An electromechanical device that uses 
electromagnetism to produce a longitudinal or ro- 
tary thrust for mechanical work. It is often the 
end (load) device of a servosystem. 

ACU Abbreviation of automatic calling unit. 

ac voltage A voltage, the average value of which is 
zero, that periodically changes its polarity. In one 
cycle, an ac voltage starts at zero, rises to a max- 
imum positive value, returns to zero, rises to a 
maximum negative value, and finally returns to 
zero. The number of such cycles per second is 
termed the ac frequency. 

ac voltmeter See AC METER. 

acyclic machine Also called ACYCLIC GENERA- 
TOR. A de generator in which voltage induced in 
the active wires of the armature is always of the 
same polarity. 

A/D Abbreviation for ANALOG-TO-DIGITAL. See 
ANALOG-TO-DIGITAL CONVERSION. 

Ada A microcomputer language designed primarily 
for use in multi-computer systems, where each 
small computer communicates with the others, 
providing some of the advantages of a larger com- 
puter. 

Adam A communications code word sometimes 
used for phonetic verbalizing of the letter A. More 
commonly, ALPHA is used. 

adapter 1. A fitting used to change either the ter- 
minal scheme or the size of a jack, plug, or socket 
to that of another. 2. A fitting used to provide a 
transition from one type or style of conductor to 
another (e.g., waveguide to coaxial line). 3. An 
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auxiliary system or unit used to extend the oper- 
ation of another system (e.g., a citizens-band 
adapter for a broadcast receiver). 

adaptive communication A method of communi- 
cation that adjusts itself according to the particu- 
lar requirements of a given time. 

adaptive suspension vehicle Abbreviation, ASV. 
A specialized robot that moves on mechanical 
legs, rather than on wheels. It generally has six 
legs and resembles an insect. It is designed to 
move over extremely irregular or rocky terrain, 
and to carry a human passenger. 

adaptivity The ability of a system to respond to its 
environment by changing its performance char- 
acteristics. 

ade Abbreviation of ANALOG-TO-DIGITAL CON- 
VERTER. 

Adcock antenna A directional antenna system 
consisting of two vertical antennas, spaced in 
such a way that the whole array behaves like a 
loop antenna. Its members are connected and po- 
sitioned so that it discriminates against horizon- 
tally polarized waves, and delivers output that is 
proportional to the vector difference of signal volt- 
ages induced in the two vertical arms. 





Adcock antenna 


Adcock direction finder A radio direction-finding 
system based on the directivity of the ADCOCK 
ANTENNA. 

Adcock radio range A radio range system with 
four ADCOCK ANTENNAS situated at the corners 
of a square, and a fifth antenna at the center of 
the square. 

add-and-subtract relay A stepping relay that can 
be switched either uprange (add) or downrange 
(subtract). 
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addend In a calculation, any number to be added 
to another. Compare AUGEND. 

addend register In a digital computer, the register 
that stores the addend. 

adder 1. Ina digital computer, the device or circuit 
that performs binary addition. A HALF ADDER is 
a two-input circuit that can produce a sum out- 
put and a carry output, but it cannot accommo- 
date a carry signal from another adder. A FULL 
ADDER can accommodate a carry input, as well 
as two binary signals to be added. Also see ANA- 
LOG ADDER. 2. A circuit in a color TV receiver 
that amplifies the receiver primary matrix signal. 

additive 1. The character or characters added to a 
code to encipher it. 2. In a calculation, an item 
that is to be added. 3. An ingredient, usually in a 
small quantity, added to another material to im- 
prove the latter in quality or performance. 

additive color A color formed by combining the 
rays from two or three primary-colored lights 
onto a single neutral surface. For example, by 
projecting a red and a green beam onto a neutral 
screen, a yellow additive color results. 

additive primaries Primary colors that form other 
colors in a mixing of light (see ADDITIVE COLOR), 
but are not themselves formed by mixing other 
additive primaries. For example, red, green, and 
blue are the additive primaries used in color tele- 
vision. Through appropriate mixing, these colors 
can be used to generate an unlimited variety of 
other colors. Compare SUBTRACTIVE  PRI- 
MARIES, which form the color spectrum by mix- 
ing pigments rather than lights. In additive 
systems, each superimposed primary color in- 
creases the total light output from the reflecting 
(viewing) surface; in subtractive systems, each su- 
perimposed primary decreases the total reflectiv- 
ity. Thus, equal combination of additive primaries 
produces gray or white, and equal combination of 
subtractive primaries produces gray or black. 

addition record An extra data store created in a 
computer during processing. 

address 1. In computer operations, a usually nu- 
merical expression designating the location of 
material within the memory or the destination of 
such material. 2. The accurately stated location 
of information within a computer; a data point 
within a grid, matrix, or table; a station within a 
network. 3. In computer operations, to select the 
location of stored information. 

address comparator A device that ensures that 
the address being read is correct. 

address computation In digital computer opera- 
tions, the technique of producing or modifying 
only the address part of an instruction. 

address field In a computer, the part of the in- 
struction that gives the address of a bit of data (or 
a word) in the memory. 

address generation The programmed generation 
of numbers or symbols used to retrieve records 
from a randomly stored direct-access file. 
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address indirect An address that specifies a stor- 
age location that contains another address. 

address memory The memory sections in a digital 
computer that contain each individual register. 

address modification In computer operations, 
altering only the address portion of an instruc- 
tion; if the command or instruction routine is 
then repeated, the computer will go to the new 
address. 

address part In a digital computer instruction, the 
part of an expression that specifies the location. 
Also called ADDRESS FIELD. 

address register Ina computer, a register in which 
an address is stored. 

add/subtract time In a computer, the time re- 
quired to perform addition or subtraction, ex- 
cluding the time required to get the quantities 
from storage and to enter the sum or difference 
into storage. 

add time In computer operations, the time re- 
quired to perform addition, excluding the time re- 
quired to get the quantities from storage and to 
enter the sum into storage. 

a/d converter A device that changes an analog 
quantity into a digital signal. See ANALOG-TO- 
DIGITAL CONVERSION. 

ADF Abbreviation of AUTOMATIC DIRECTION 
FINDER. 

ADI Abbreviation of ALTERNATE DIGIT INVER- 
SION. 

adiabatic damping In an accelerator (see ACCEL- 
ERATOR, 1), reduction of beam size as beam en- 
ergy is increased. 

adiabatic demagnetization A technique using a 
magnetic field to keep a substance at a low tem- 
perature, sometimes within a fraction of a degree 
of absolute zero. 

adjacency A character-recognition condition in 
which the spacing reference lines of two charac- 
ters printed consecutively in line are closer than 
specified. 

adjacent- and alternate-channel selectivity The 
selectivity of a receiver or radio-frequency (RF) 
amplifier, with respect to adjacent-channel and 
alternate-channel signals. That is, the extent to 
which a desired signal is passed, and nearby un- 
wanted signals are rejected. 

adjacent audio channel See ADJACENT SOUND 
CHANNEL. 

adjacent channel The channel (frequency band) 
immediately above or below the channel of in- 
terest. 

adjacent-channel attenuation The reciprocal of 
the selectivity ratio of a radio receiver. The selec- 
tivity ratio is the ratio of the sensitivity of a re- 
ceiver (tuned to a given channel) to its sensitivity 
in an adjacent channel or on a specified number 
of channels removed from the original. 

adjacent-channel interference In television or 
radio reception, the interference from stations 
on adjacent channels. A common form arises 
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adjacent-channel attenuation 


from the picture signal in the next higher chan- 
nel and the sound signal in the next lower 
channel. 

adjacent-channel selectivity The extent to which 
a receiver or tuned circuit can receive on one 
channel and reject signals from the nearest outly- 
ing channels. 

adjacent sound channel In television, the radio- 
frequency (RF) channel containing the sound 
modulation of the next lower channel. 

adjacent video carrier In television, the radio- 
frequency (RF) carrier containing the picture 
modulation of the next higher channel. 

adjustable component Any circuit component 
whose main electrical value can be varied at will 
(e.g., a variable capacitor, inductor, resistor, or 
load). 

adjustable instrument 1. An instrument whose 
sensitivity, range, or response can be varied at 
will (e.g., multirange meter or wideband genera- 
tor). 2. An instrument that requires adjustment 
or manipulation to measure a quantity (e.g., 
bridge, potentiometer, or attenuator). 

adjustable motor tuning An arrangement that al- 
lows the motor tuning of a receiver to be confined 
to a portion of the frequency spectrum. 

adjustable resistor A wirewound resistor in which 
the resistance wire is partially exposed to allow 
varying the component’s value. 

adjustable voltage divider A wirewound resistor 
with terminals that slide on exposed resistance 
wire to produce various voltage values. 

adjusted circuit A circuit in which leads that are 
normally connected to a circuit breaker are 
shunted so that current can be measured under 
short-circuit conditions without breaker trip- 
ping. 

adjusted decibels Noise level (in decibels) above a 
reference noise level (designated arbitrarily as 
zero decibels) measured at any point in a system 
with a noise meter that has previously been ad- 
justed for zero (at reference), according to specifi- 
cations. 
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admittance Symbol, Y. Unit, siemens (formerly 
mho). The property denoting the comparative 
ease with which an alternating current flows 
through a circuit or device. Admittance is the re- 
ciprocal of impedance (Z): Y= 1/Z. 

adp 1. Abbreviation of AMMONIUM DIHYDROGEN 
PHOSPHATE, a piezoelectric compound used for 
sonar crystals. 2. Abbreviation of AUTOMATIC 
DATA PROCESSING. 

adsorption Adhesion ofa thin layer of molecules of 
one substance to the surface of another without 
absorption. An example is adsorption of water to 
the surface of a dielectric. This term is often con- 
fused with ABSORPTION because the spellings of 
the two words are almost identical. Compare AB- 
SORPTION. 

adu Abbreviation of automatic dialing unit. 

advanced-class license An amateur-radio license 
conveying all operating privileges, except for a few 
small bands that are allocated to extra-class li- 
censees. The second-highest class of amateur li- 
cense. 

advance information Data published prior to the 
actual production or availability of a manufac- 
tured component, circuit, or system. Advance in- 
formation is often only an approximate reflection 
of the expected characteristics of a device. 

advance wire A resistance wire used in thermo- 
couples and precision applications. It is an alloy of 
copper and nickel, which has high resistivity and 
a negligible temperature coefficient of resistance. 

aeolight A glow lamp using a cold cathode and a 
mixture of inert gases. Because its illumination 
can be regulated with an applied signal voltage, it 
is sometimes used as a modulation indicator for 
motion-picture sound recording. 

aerial See ANTENNA. 

aerial cable A wire or cable run through the air, us- 
ing support structures, such as towers or poles. 

aerodiscone antenna A miniature discone an- 
tenna designed for use on aircraft. 

aerodynamics The science dealing with forces ex- 
erted by air and other gases in motion—especially 
upon bodies (such as aircraft) moving through 
these gases. 

aerogram See RADIOGRAM. 

aeromagnetic Pertaining to terrestrial magnetism, 
as surveyed from a flying aircraft. 

aeronautical advisory station A civil defense and 
advisory communications station in service for 
the use of private aircraft stations. 

aeronautical broadcasting service The special 
service that broadcasts information regarding air 
navigation and meteorological data pertinent to 
aircraft operation. 

aeronautical broadcast station A station of the 
aeronautical broadcasting service. 

aeronautical fixed service A fixed radio service 
that transmits information regarding air naviga- 
tion and flight safety. 
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aeronautical fixed service station A station that 
operates in the aeronautical fixed service. 

aeronautical ground station A land station that 
provides communication between aircraft and 
ground stations. 

aeronautical marker-beacon signal A distinctive 
signal that designates a small area above a beacon 
transmitting station for aircraft navigation. 

aeronautical marker-beacon station A land sta- 
tion that transmits an aeronautical marker- 
beacon signal. 

aeronautical mobile service A radio service con- 
sisting of communications between aircraft, and 
between aircraft and ground stations. 

aeronautical radio-beacon station An aeronauti- 
cal radio-navigation land station that transmits 
signals used by aircraft and other vehicles to de- 
termine their position. 

aeronautical radionavigation services Services 
provided by stations transmitting signals used in 
the navigation of aircraft. 

aeronautical radio service A service that encom- 
passes  aircraft-to-aircraft, aircraft-to-ground, 
and ground-to-aircraft communications impor- 
tant to the operation of aircraft. 

aeronautical station A station on land, and occa- 
sionally aboard ship, operating in the aeronauti- 
cal mobile service. 

Aeronautical Telecommunication Agency The 
agency that administers the operation of stations 
in the aeronautical radio service. 

aeronautical telecommunications Collectively, 
all of the electronic and nonelectronic communi- 
cations used in the aeronautical service. 

aeronautical utility land station A ground sta- 
tion in an airport control tower that provides 
communications having to do with the control of 
aircraft and other vehicles on the ground. 

aeronautical utility mobile station At an airport, 
a mobile station that communicates with aero- 
nautical utility land stations and with aircraft 
and other vehicles on the ground. 

aerophare See RADIO BEACON. 

aerospace 1. The region encompassing the earth’s 
atmosphere and extraterrestrial space. 2. Per- 
taining to transport and travel in the earth’s at- 
mosphere and in outer space. This includes 
aircraft, orbiting space vessels, and interplane- 
tary spacecraft. 

AES Abbreviation for Audio Engineering Society. 

AEW Abbreviation of airborne (or aircraft) early 
warning. 

aF Abbreviation of ATTOFARAD. 

AF Abbreviation of AUDIO FREQUENCY. 

AFC 1. Abbreviation of AUTOMATIC FREQUENCY 
CONTROL. 2. Abbreviation of AUDIO-FRE- 
QUENCY CHOKE. 

affirmative In voice communications, a word often 
used for “yes’—especially when interference is 
present or signals are weak. 
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AFIPS Acronym for American Federation of Infor- 
mation Processing Societies. 

afpe Abbreviation of automatic frequency/phase 
control. 

AFSK Abbreviation of AUDIO-FREQUENCY-SHIFT 
KEYING. 

afterglow The tendency of the phosphor of a cath- 
ode-ray-tube screen to glow for a certain time af- 
ter the cathode-ray beam has passed. Also see 
PERSISTENCE. 

afterpulse An extraneous pulse in a multiplier 
phototube (photomultiplier), induced by a pre- 
ceding pulse. 

AF transformer 
FORMER. 

a/g Abbreviation of AIR-TO-GROUND. 

AGC Abbreviation of AUTOMATIC GAIN CONTROL. 

AGE Abbreviation of AEROSPACE GROUND 
EQUIPMENT. 

agent An active force, condition, mechanism, or 
substance that produces or sustains an effect. 
Thus, a sudden voltage rise is a triggering agent 
in certain bistable circuits; arsenic is a doping 
agent in semiconductor processing; the slow cool- 
ing of a heated metal to improve ductility is an 
ANNEALING AGENT. 

aging 1. An initial run of a component or circuit 
over a certain period of time shortly after manu- 
facture to stabilize its characteristics and per- 
formance. 2. The changing of electrical 
characteristics or of chemical properties over a 
protracted period of time. 

agonic line An imaginary line connecting points on 
the earth’s surface at which a magnetic needle 
shows zero declination (i.e., points to true geo- 
graphic north). 

AGREE Acronym for Advisory Group on Reliability 
of Electronics Equipment. 

Ah Abbreviation of AMPERE-HOUR. Depending on 
the standard used, the abbreviation can be amp- 
hr, a-h, a-hr, or A-h. 

aH Abbreviation of ATTOHENRY. 

aided tracking In radar and fire control, a system 
in which manual correction of target tracking er- 
ror automatically corrects the rate of movement 
of the tracking mechanism. 

AIEE Abbreviation for American Institute of Electri- 
cal Engineers, now consolidated with the IRE, 
forming the IEEE. 

AIP Abbreviation for American Institute of Physics. 

air The mixture of gases that constitutes the 
earth’s atmosphere and figures prominently in 
the manufacture and operation of numerous 
electronic devices. By volume, air contains about 
21 percent oxygen, 78 percent nitrogen, and 
lesser amounts of argon, carbon dioxide, helium, 
hydrogen, krypton, neon, and xenon. It also con- 
tains varying amounts of water vapor, and in 
smoggy areas, carbon monoxide and the oxides of 
sulfur and nitrogen. 


See AUDIO-FREQUENCY TRANS- 
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airborne intercept radar A type of short-range 
radar used aboard fighter and interceptor aircraft 
for tracking their targets. 

airborne long-range input Equipment aboard air- 
craft, for the purpose of facilitating the use of 
long-range missiles. 

airborne noise See ACOUSTIC NOISE. 

airborne radar platform Surveillance and _alti- 
tude-finding radar used aboard aircraft. 

air capacitor A capacitor in which air is the dielec- 
tric between two sets of conductive plates. Also 
called air-dielectric capacitor. 

aircarrier aircraft station On an aircraft, a radio 
station that is involved in carrying people for hire 
or in transporting cargo. 

air cell A primary electrochemical cell in which the 
positive electrode is depolarized by reduced oxy- 
gen in the air. 

air cleaner See DUST PRECIPITATOR. 

air column The open space inside an acoustic 
chamber, pipe, or horn. 

air-cooled component A component, such as a 
power transistor, that is cooled by circulating air, 
compared with one cooled by a circulating liquid, 
such as water or oil. 

air-cooled transistor A transistor (particularly a 
power transistor) from which the heat of opera- 
tion is drawn away, through radiation and con- 
vection, into the surrounding air. The transistor 
is usually mounted on a heatsink or fitted with 
fins. 

air-cooled tube An electron tube from which heat 
is drawn away, mainly via convection, into the 
surrounding air. A device called a chimney can be 
placed around the tube, through which air is 
blown by a fan. Cool air enters through the bot- 
tom of the assembly, and hot air escapes from the 
top. 

air-core inductor A coil of wire wound around a 
hollow cylindrical form or in a loop, designed to 
introduce inductive reactance into a circuit or 
system. In practice, the maximum attainable in- 
ductance is approximately 1 mH. This type of in- 
ductor is used in some wireless transmitters, 
receivers, and antenna networks. The component 
can be designed for high current-carrying capac- 
ity by using heavy-gauge wire and a large winding 
radius. The magnetic lines of flux extend consid- 
erably beyond the interior of the coil, especially 
along the winding axis. This increases the likeli- 
hood of mutual inductance between the coil and 
surrounding electrical components, devices, or 
circuits. 

air-core transformer A transformer without a fer- 
romagnetic core, so called because air is the only 
material at the center of (and immediately sur- 
rounding) the transformer coils. 

aircraft bonding The practice of solidly connect- 
ing, for electrical purposes, the metal parts of an 
aircraft, including the engine. 
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aircraft flutter Rapid, repetitive fading and inten- 
sifying of a received radio or television signal, re- 
sulting from reflections of the signal by passing 
aircraft. 

aircraft station A nonautomatic radio communi- 
cations station installed on an aircraft. 

air-dielectric coax A special type of COAXIAL CA- 
BLE designed to have minimum loss. The space 
between inner and outer conductors is mostly 
empty (i.e., air-filled). Some such cables are 
sealed and filled with an inert gas. The inner con- 
ductor is held away from the inner wall of the 
outer conductor by beads, washers, or a spiral- 
wound filament of high-grade dielectric material, 
such as polyethylene. 






Outer conductor 


Inner conductor 


air-dielectric coax 


air environment Pertaining to communications 
equipment aboard aircraft. 

airflow The path or movement of air in, through, or 
around an electronic device or piece of equip- 
ment—especially pertaining to an AIR-COOLED 
COMPONENT. 

air gap 1. A narrow space between two parts of a 
magnetic circuit (e.g., the gap in the core of a fil- 
ter choke). Often, this gap is filled with a non- 
magnetic material, such as_ plastic, for 
mechanical support. 2. The space between two or 
more magnetically coupled or electrostatically 
coupled components. 3. A device that gets its 
name from the narrow gap between two small 
metal balls, needle points, or blunt rod tips 
therein. When an applied voltage is sufficiently 
high, a spark discharges across the gap. 

air/ground control radio station A station for 
aeronautical telecommunications related to the 
operation and control of local aircraft. 

air-insulated line 1. An open-wire feeder or trans- 
mission line. Typically, the line consists of two 
parallel wires held apart by separators (bars or 
rods of high-grade dielectric material) situated at 
wide intervals. 2. AIR-DIELECTRIC COAX. 

air-moving device A mechanical device, such as a 
specially designed fan or blower, used to facilitate 
air cooling of electronic components. 
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airport beacon A radio or light beacon that marks 
the location of an airport. 

airport control station A station that provides 
communications between an airport control 
tower and aircraft in the vicinity. 

airport surveillance radar An _ air-traffic-control 
radar that scans the airspace within about 60 
miles (approximately 100 kilometers) of an air- 
port, and displays in the control tower the loca- 
tion of all aircraft below a certain altitude and all 
obstructions in the vicinity. 

air-position indicator An airborne computer sys- 
tem that, using airspeed, aircraft heading, and 
elapsed time, furnishes a continuous indication 
of the position of the aircraft. The indication is 


affected by high-altitude winds. Compare 
GROUND-POSITION INDICATOR. 
air-to-air communication Radio transmission 


from one aircraft to another in flight. Com- 
pare AIR-TO-GROUND COMMUNICATION and 
GROUND-TO-AIR COMMUNICATION. 

air-to-ground communication Radio transmis- 
sion from an aircraft in flight to a station located 
on the ground. Compare AIR-TO-AIR COMMUNI- 
CATION and GROUND-TO-AIR COMMUNICA- 
TION. 

air-to-ground radio frequency The carrier fre- 
quency, or band of such frequencies, allocated for 
transmissions from an aircraft to a ground sta- 
tion. 

airwaves 1. Radio waves. The term is slang, but is 
widely used. It probably came from the public’s 
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mistaken notion that radio signals are propa- 
gated by the air. 2. Skywaves. 

Al Symbol for ALUMINUM. 

alabamine See ASTATINE. 

alacratized switch A mercury switch in which the 
tendency of the mercury to stick to the parts has 
been reduced. 

alarm 1. An electronic security system. 2. A silent 
and/or audible alert signal transmitted by an 
electronic security system when an intrusion oc- 
curs. 3. A silent and/or audible signal that in- 
forms personnel of the occurrence of an 
equipment malfunction. 

alarm circuit A circuit that alerts personnel to a 
system malfunction, a detected condition, or an 
intruder. 

alarm condition 1. An intrusion or equipment 
malfunction that triggers an alarm circuit. 2. The 
operation of an alarm circuit that occurs in re- 
sponse to an intrusion or equipment malfunc- 
tion. 

alarm hold A device that keeps an alarm sounding 
once it has been actuated. 

alarm output The signal sent from an alarm cir- 
cuit to a siren, buzzer, computer, or other exter- 
nal device to alert personnel to an ALARM 
CONDITION. 

alarm relay A relay that is actuated by an alarm 
device. 

A-law A form of companding law frequently used in 
European electronics (the mu-law is more often 
used in North America). A nonlinear transfer 
characteristic in companding circuits. It can be 
continuous, or can be a piecewise linear approxi- 
mation of a continuous function. 

A-law companded Companding by means of an 8- 
bit binary code following the A-LAW, a specific 
companding function. 

albedo For an unpolished surface, the ratio of re- 
flected light to incident light. It can vary from 0.0 
to 1.0, or from O to 100 percent. 

albedograph An instrument for measuring the 
albedo of planets. 

ALC Abbreviation of AUTOMATIC LEVEL CON- 
TROL. 

alerting device An audible alarm that includes a 
self-contained solid-state audio oscillator. Pow- 
ered from the ac line or a battery, the device pro- 
duces a raucous noise when actuated. 

Alexanderson antenna A _very-low-frequency 
(VLF) and low-frequency (LF) vertically polarized 
antenna, designed to minimize ground losses in 
structures of manageable height. It usually con- 
sists of several wires, each quarter-wave reso- 
nant with a loading coil, and all connected 
together at the apex of a tower. The antenna is 
fed between the ground and the base of one of 
the wires. 

Alford antenna A loop antenna, in a square config- 
uration, with the corners bent toward the center 
to lower the impedance at the current nodes. 
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algebraic adder In computer operations, an adder 
that provides the algebraic sum, rather than the 
arithmetic sum, of the entered quantities. 

algebraic operation A form of electronic calculator 
operation, in which the keystrokes proceed in an 
intuitive sequence, following the way in which the 
calculation is written down. Compare REVERSE 
POLISH NOTATION. 

algebraic sum The sum of two or more quantities 
with consideration of their signs. Compare 
ARITHMETIC SUM. 

algorithm A step-by-step procedure for solving a 
problem, (e.g., the procedure for finding the 
square root of a number). It can be expressed in a 
line-by-line instruction set or as a flowchart. 

algorithmic language A computer language used 
to describe a numeral or algebraic process. 

alias A label that is an alternate term for items of 
the same type; a label and several aliases can 
identify the same data element in a computer 
program. 

aliasing 1. In analog-to-digital (A/D) conversion, a 
false output signal that results from a sampling 
rate that is too slow. Ideally, the sampling rate is at 
least twice the highest input signal frequency. 2. 
Sawtooth-like irregularities, also called jaggies, 
which are sometimes introduced into a bit-mapped 
computer image when it is changed in size. 

aliasing noise A form of signal distortion caused 
by a signal with an excessive bandwidth. 
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align 1. To adjust (i.e., to preset) the circuits of an 
electronic system, such as a receiver, transmit- 
ter, or test instrument, for predetermined re- 
sponse. 2. To arrange elements in a certain 
precise orientation and spacing, relative to each 
other, as in a Yagi antenna. 3. To orient antennas 
so that they are in line of sight, with respect to 
each other. 

alignment The process of ensuring that equip- 
ment, components, or systems are adjusted, both 
physically and electronically, for the most effi- 
cient possible performance. 

alignment chart A line chart for the simple solu- 
tion of electronic problems. It is so called because 
its use involves aligning numerical values on var- 
ious scales, the lines intersecting at the solution 
on another scale. Also called nomograph. 

alignment pin A pin or protruding key, usually in 
the base of a removable or plug-in component, to 
ensure that the latter will be inserted correctly 
into a circuit. Often, the pin mates with a keyway, 
notch, or slot. 

alignment tool A_ specialized screwdriver or 
wrench (usually nonmagnetic) used to adjust 
padder or trimmer capacitors or inductor cores. 

alive See LIVE. 

alkali See BASE, 2. 

alkali metals Metals whose hydroxides are bases 
(alkalis). The group includes cesium, francium, 
lithium, potassium, rubidium, and sodium. 

alkaline battery 1. A battery composed of alkaline 
cells and characterized by a relatively flat dis- 
charge curve under load. 

alkaline cell A common non-rechargeable electro- 
chemical cell that employs granular zinc for 
the negative electrode, potassium hydroxide as 
the electrolyte, and a device called a polarizer as 
the positive electrode. Produces approximately 
1.5 volts under no-load conditions. The geometry 
of construction is similar to that of the zinc- 
carbon cell, but it can deliver current effectively 
at lower temperatures. Cells of this type have 
shelf lives longer than zinc—carbon cells; they also 
have greater energy-storage capacity per unit 
volume, but they are more expensive than zinc— 
carbon cells. They are used in calculators, tran- 
sistor radios, and cassette tape and compact-disc 
players. Compare ZINC-CARBON CELL. 

alkaline-earth metals The elemental metals bar- 
ium, calcium, strontium, and sometimes beryl- 
lium, magnesium, and radium, some of which are 
used in vacuum tubes. 

alkaline earths Substances that are oxides of the 
alkaline-earth metals. Some of these materials 
are used in vacuum tubes. 

all-diffused A type of INTEGRATED CIRCUIT in 
which both active and passive elements have 
been fabricated by diffusion and related pro- 
cesses. 

Allen screw A screw fitted with a six-sided (hexag- 
onal) hole. 
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Allen wrench A tool used to tighten or loosen an 
Allen screw. It is a hexagonal rod and is available 
in various sizes. 
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alligator clip A spring-loaded clip with jagged 
teeth, designed to be used for temporary electri- 
cal connections. 

allocate 1. To assign (especially through legisla- 
tion) operating frequencies or other facilities or 
conditions needed for scientific or technical activ- 
ity; see, for example, ALLOCATION OF FRE- 
QUENCIES. 2. In computer practice, to assign 
locations in the memory or registers for routines 
and subroutines. 

allocated channel A frequency channel assigned 
to an individual or group. 

allocated-use circuit 1. A circuit in which one or 
more channels have been authorized for the ex- 
clusive use of one or more services. 2. A commu- 
nications link assigned to users needing it. 

allocation of frequencies See RADIO SPECTRUM. 

allocator A telephone system distributor associ- 
ated with the finder control group relay assembly. 
It reserves an inactive line-finder for another call. 

allophone A variation in the sound of a phoneme, 
depending on what comes before and/or after the 
phoneme in the course of speech. Important in 
speech recognition and synthesis. There are 128 
different phoneme variations in the English lan- 
guage. See PHONEME. 

alloter relay A telephone system line-finder relay 
that reserves an inactive line-finder for the next 
incoming call from the line. 

allotropic Pertaining to a substance existing in 
two forms. 

alloy A metal that is a mixture of several other met- 
als (e.g., brass from copper and zinc), or of a 
metal and a nonmetal. 

alloy deposition In semiconductor manufacture, 
depositing an alloy on a substrate. 

alloy-diffused transistor A transistor in which the 
base is diffused and the emitter is alloyed. The 
collector is provided by the semiconductor sub- 
strate into which alloying and diffusion are 
affected. Compare ALLOY TRANSISTOR and 
DIFFUSE TRANSISTOR. 

alloy diode A junction-type semiconductor diode 
in which a suitable substance (such as p-type) is 
alloyed into a chip of the opposite type (such as 
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n-type) to form the junction. Also called alloy- 
junction diode. 

alloy junction In a semiconductor device, a posi- 
tive/negative (pn) junction formed by alloying a 
suitable material (such as indium) with the semi- 
conductor (silicon or germanium). 

alloy transistor A transistor whose junctions are 
created by alloying. Also see ALLOY JUNCTION. 


Collector 


Base contact 


Emitter 
alloy transistor 


all-pass filter Also called all-pass network. A filter 
that (ideally) introduces a desired phase shift or 
time delay, but has zero attenuation at all fre- 
quencies. 

all-relay central office In telephone service, an 
automatic central-office switchboard that uses 
relay circuits to make line interconnections. 

all-wave Pertaining to a wide operating-frequency 
range. Few systems are literally all-wave. For ex- 
ample, a so-called “all-wave radio receiver” might 
cover 500 kHz to 30 MHz only. 

all-wave antenna An antenna that can be operated 
over a wide frequency range with reasonable effi- 
ciency and preferably without needing readjust- 
ment. Examples are the DISCONE ANTENNA and 
the LOG-PERIODIC ANTENNA. 

all-wave generator A signal generator that will 
supply output over a wide range of frequencies. 

all-wave receiver A radio receiver that can be 
tuned over a very wide range of frequencies, such 
as 10 kHz to 70 MHz. 

allyl plastics Plastics, sometimes used as dielectrics 
or for other purposes in electronics, based on 
resins made by polymerization of monomers (such 
as diallyl phthalate) that contain allyl groups. 

alnico Coined from the words aluminum, nickel, 
and cobalt. An alloy used in strong permanent 
magnets, it contains the constituents noted plus 
(sometimes) copper or titanium. 

alpha 1. Symbol, «. The current gain of a common- 
base-connected bipolar transistor. It is the ratio of 
the differential of collector current to the differen- 
tial of emitter current; o = dI-/dIg. For a junction 
transistor, alpha is always less than unity, but 
very close to it. 2. In voice communications, the 
phonetic representation of the letter A. 

alphabet The set of all characters in a natural lan- 
guage. 

alphabetic coding In computer practice, an abbre- 
viation system for coding information to be fed 
into the computer. The coding contains letters, 
words, and numbers. 


alphabetic-numeric Also called alphabetical- 
numerical and alphanumeric. In computer opera- 
tions, pertaining to letters of the alphabet and 
special characters, and to numerical digits. 

alpha cutoff frequency Also called alpha cutoff. In 
a bipolar transistor circuit, the frequency at 
which the alpha (current gain) becomes 0.707 
(70.7 percent) of its value at 1 kHz. A bipolar 
transistor can have considerable gain at its alpha 
cutoff. This specification denotes how rapidly a 
transistor loses gain as the frequency increases, 
an important consideration in the design of radio- 
frequency (RF) amplifiers. See ALPHA. Compare 
GAIN BANDWIDTH PRODUCT. 

alpha decay The decay of a substance in which the 
nuclei of the atoms emit alpha particles, resulting 
in a change of the atomic number and atomic 
weight of the substance over a period of time. 

alphanumeric See ALPHABETIC-NUMERIC. 

alphanumeric code In computer operations or in 
communications, a code composed of, or using, 
both letters and numbers. 

alphanumeric readout A type of digital readout 
that displays both letters and numerals. 

alpha particle A nuclear particle bearing a positive 
charge. Consisting of two protons and two neu- 
trons, it is given off by certain radioactive sub- 
stances. Compare BETA RAYS and GAMMA RAYS. 

alpha system An alphabetic code-signaling sys- 
tem. 

alphatron An ionizing device in which the radia- 
tion source is an emitter of alpha particles. 

alteration An inclusive-OR operation. 

alternate channel In communications, a channel 
situated two channels higher or lower than a 
given channel. Compare ADJACENT CHANNEL. 

alternate-channel interference Interference 
caused by a transmitter operating in the chan- 
nel beyond an adjacent channel. Compare 
ADJACENT-CHANNEL INTERFERENCE. 

alternate digit inversion In multiplex equipment, 
a method of switching the binary signals to the 
opposite state, in accordance with A-law com- 
panding. 

alternate frequency A frequency allocated as an 
alternative to a main assigned frequency and 
used under certain specified conditions. 

alternate-mark inversion signal A signal that 
conveys bits in which the successive signals are 
of opposite polarity (positive, then negative, then 
positive, etc.). They are equal in absolute value 
amplitude. 

alternate mode The technique of displaying sev- 
eral signals on an oscilloscope screen by rapidly 
switching the signals in sequence at the end of 
each sweep. 

alternate routing A secondary, or backup, com- 
munications path, used when primary (normal) 
routing is impossible. 

alternating-charge characteristic In a nonlinear 
capacitor, the relationship between the instanta- 
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neous charge and the instantaneous value of an 
alternating voltage. 

alternating current Abbreviation, ac. A current that 
periodically reverses its direction of flow. In one cy- 
cle, an alternation starts at zero, rises to a maxi- 
mum positive level, returns to zero, rises to a 
maximum negative level, and again returns to zero. 
The number of such cycles completed per second is 
termed the ac frequency. Also see CURRENT. 

alternating-current continuous wave An ampli- 
tude-modulated signal resulting from the opera- 
tion of an oscillator or RF amplifier with raw ac 
voltage. 

alternating current/direct current See AC/DC. 

alternating-current erasing head See AC ERAS- 
ING HEAD. 

alternating-current pulse A_ short-duration ac 
wave. 

alternating-current transmission 1. The propa- 
gation of alternating currents along a length of 
conductor—especially for power-transfer pur- 
poses. 2. A means of picture transmission in 
which a given signal strength produces a con- 
stant value of brightness for a very short time. 

alternating voltage Also called alternating-current 
voltage. See AC VOLTAGE. 

alternation In ac practice, a half cycle. In a complete 
cycle, there are two alternations, one in the positive 
direction and one in the negative direction. 


Positive alternation 


Time 





; ? 
- Negative Swe 
alle mation 
alternation 


alternative denial A NOT-AND operation. 

alternator Any mechanically driven machine for 
generating ac power. Sometimes specifically one 
having a permanent-magnet rotor, such as a 
magneto. 

altimeter station An airborne transmitter whose 
signals are used to determine the altitude of air- 
craft. 

altitude 1. The vertical distance of an object above 
sea level. 2. The vertical distance of an object 


above the earth’s surface. 3. The angle, measured 
in degrees, with respect to the horizon, at which a 
highly directional antenna is pointed. 

altitude delay Ina plan-position-indicating type of 
radar, the sync delay introduced between trans- 
mission of the pulse and start of the trace on the 
indicator screen to eliminate the altitude circle in 
the display. 

ALU Abbreviation of ARITHMETIC AND LOGIC 
UNIT. 

alumel An alloy used in the construction of one 
type of THERMOCOUPLE. It is composed of 
nickel (three parts) and aluminum (one part). 

alumina An aluminum-oxide ceramic used in elec- 
tron tube insulators and as a substrate in the 
fabrication of thin-film circuits. 

aluminum Symbol, Al. An elemental metal. Atomic 
number, 13. Atomic weight, 26.98. Aluminum is 
widely used in electronics, familiar instances be- 
ing chassis, wire, shields, semiconductor doping, 
and electrolytic-capacitor plates. 

aluminum antimonide Formula, AISb. A crystalline 
compound useful as a semiconductor dopant. 

aluminized screen A_ television picture-tube 
screen with a thin layer of aluminum deposited 
on its back to brighten the image and reduce ion- 
spot formation. 

Am Symbol for AMERICIUM. 

A/m_ Abbreviation of ampere per meter: the SI unit 
of magnetic field strength. 

AM_ 1. Abbreviation of amplitude modulator. 2. Ab- 
breviation of AMPLITUDE MODULATION. 

amalgam An alloy of a metal and mercury. Loosely, 
any combination of metals. 

amateur 1. A nonprofessional, usually noncom- 
mercial devotee of any technology (i.e., a hobby- 
ist). 2. A licensed radio operator legally 
authorized to operate a station in the AMATEUR 
SERVICE. 

amateur band Any band of radio frequencies as- 
signed for noncommercial use by licensed radio 
amateurs (see AMATEUR, 2). In the United 
States, numerous such bands are above 1.8 MHz 
(160 meters). Also see AMATEUR SERVICE and 
AMATEUR STATION. 

amateur callletters Call letters assigned by a gov- 
ernment licensing authority—especially to ama- 
teur stations. Call-letter combinations consist of 
a letter prefix denoting the country in which the 
station is situated, plus a number designating 
the location within the country, and two or more 
letters identifying the particular station. For ex- 
ample: W6ABC: W (or K) = United States, 6 = Cal- 
ifornia, and ABC = identification of individual 
licensee (issued alphabetically, except under spe- 
cial circumstances). 

amateur callsign See AMATEUR CALL LETTERS. 

amateur extra-class license The highest class of 
amateur-radio operator license in the United 
States. It conveys all operating privileges. 
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amateur radio 1. A general term, referring to the 
practice of operation, experimentation, and other 
work in and related to the amateur service. 2. The 
hardware that comprises an amateur radio sta- 
tion. 3. A radio receiver, transmitter, or transceiver 
that is specifically designed for operation in the 
amateur bands. 

amateur radio operator Also called radio ham or 
ham radio operator. An individual licensed to 
transmit radio signals in the amateur service. 

amateur service A two-way radio service, existing 
purely for hobby purposes (i.e., without pecu- 
niary interest). 

amateur station A radio station licensed in the 
AMATEUR SERVICE. 

amauroscope An electronic aid to the blind, in 
which photocells in a pair of goggles receive light 
images. Electric pulses proportional to the light 
are impressed upon the visual receptors of the 
brain through electrodes in contact with nerves 
above each eye. 

amber A yellow or brown fossil resin that is histor- 
ically important in electronics. It is the first mate- 
rial reported to be capable of electrification by 
rubbing (Thales, 600 BC). Also, the words elec- 
tricity, electron, and electronics are derived from 
the Greek name for amber, elektron. 

ambience The acoustic characteristic of a room, in 
terms of the total amount of sound reaching a lis- 
tener from all directions. 

ambient An adjective meaning “surrounding.” Often 
used as a noun in place of the adjective-noun com- 
bination (thus, “10 degrees above ambient,” in- 
stead of “10 degrees above ambient temperature”). 

ambient humidity The amount of moisture in the 
air at the time of measurement or operations in 
which dampness must be accounted for. 

ambient level The amplitude of all interference 
(acoustic noise, electrical noise, illumination, 
etc.) emitted from sources other than that of a 
signal of interest. 

ambient light Also called ambient illumination. 
Room light or outdoor light incident to a location 
at the time of measurement or operations. 

ambient-light filter In a television receiver, a filter 
mounted in front of a picture-tube screen to min- 
imize the amount of ambient light reaching the 
screen. 

ambient noise 1. In electrical measurements and 
operation, background electrical noise. 2. In 
acoustical measurements and operations, audi- 
ble background noise. 

ambient pressure Surrounding atmospheric pres- 
sure. 

ambient temperature The temperature surround- 
ing apparatus and equipment (e.g., room temper- 
ature). 

ambient-temperature range 1. The range over 
which ambient temperature varies at a given lo- 
cation. 2. The range of ambient temperature that 
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will cause no malfunction of, or damage to, a cir- 
cuit or device. 

ambiguity 1. Any unclear, illogical, or incorrect in- 
dication or result. 2. The seeking of a false null by 
a servo. 3. In digital computer operations, an er- 
ror resulting from improper design of logic. 

ambiguous count In digital counters, a clearly in- 
correct count. See ACCIDENTAL TRIGGERING. 

ambisonic reproduction A close approximation of 
the actual directional characteristics of a sound in 
a given environment. The reproduced sound al- 
most exactly duplicates the sound in the actual 
environment in which it was recorded. 

American Morse code (Samuel F. B. Morse, 1791- 
1872). Also called Railroad Morse. A telegraph 
code, at one time used on wire telegraph lines in 
the United States. It differs from the Continental 
code, also called the International Morse Code, 
which is used in radiotelegraphy. Compare CON- 
TINENTAL CODE. 

American National Standards Institute Ac- 
ronym, ANSI. An industrial group in the United 
States that encourages companies to manufac- 
ture devices and equipment in accordance with 
certain standards. The objective is to minimize 
hardware incompatibility problems. 

American Radio Relay League A worldwide orga- 
nization of amateur radio operators, headquar- 
tered in Newington, Connecticut. The official 
publications are the monthly magazines, QST 
and QEX. They also publish numerous books and 
other educational materials. 

American Standards Association Abbreviation, 
ASA. At one time, the name of the national associ- 
ation in the U.S. devoted to the formation and dis- 
semination of voluntary standards of dimensions, 
performance, terminology, etc. See ANSI. 

American wire gauge Abbreviation, AWG. Also 
called Brown and Sharpe gauge or B & S gauge. 
The standard American method of designating 
wire sizes. Wire is listed according to gauge num- 
ber from 0000 (460 mils diameter) to 40 (3.145 
mils diameter). 

americium Symbol, Am. A radioactive elemental 
metal first produced artificially in the 1940s. 
Atomic number, 95. Atomic weight, 243. 

AM/FM receiver A radio set that can receive either 
amplitude-modulated or frequency-modulated 
signals. Usually, a band switch incorporates the 
demodulation-selection circuitry so that as the 
frequency range is changed, the appropriate de- 
tector is accessed. 

AM/FM transmitter A radio transmitter whose 
output signal can be frequency- or amplitude- 
modulated by a panel selector switch. 

AM/FM tuner A compact radio receiver unit that 
can handle either amplitude- or frequency- 
modulated signals, and delivers low-amplitude 
output to a high-fidelity audio power amplifier. 
Compare AM TUNER and FM TUNER. 
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American Morse Code 





American Wire Gauge (AWG) Diameters 


AWG = Millimeters Inches AWG Millimeters Inches 
1 7.35 0.289 21 0.723 0.0285 
2 6.54 0.257 22 0.644 0.0254 
3 5.83 0.230 23 0.573 0.0226 
4 5.19 0.204 24 0.511 0.0201 
5 4.62 0.182 25 0.455 0.0179 
6 4.12 0.163 26 0.405 0.0159 
7 3.67 0.144 27 0.361 0.0142 
8 3.26 0.128 28 0.321 0.0126 
9 2.91 0.115 29 0.286 0.0113 
10 2.59 0.102 30 0.255 0.0100 
11 2.31 0.0909 31 0.227 0.00894 
12 2.05 0.0807 32 0.202 0.00795 
13 1.83 0.0720 33 0.180 0.00709 
14 1.63 0.0642 34 0.160 0.00630 
15 1.45 0.0571 35 0.143 0.00563 
16 1.29 0.0508 36 0.127 0.00500 
17 1.15 0.0453 37 0.113 0.00445 
18 1.02 0.0402 38 0.101 0.00398 
19 0.912 0.0359 39 0.090 0.00354 
20 0.812 0.0320 40 0.080 0.00315 


AMI See ALTERNATE-MARK INVERSION SIGNAL. 

A-minus Also, A-. The negative terminal of an A 
battery, or pertaining to the part of a circuit con- 
nected to that terminal. 

ammeter An instrument used to measure the 
amount of current (in amperes) flowing in a circuit. 

ammeter shunt A resistor connected in parallel with 
an ammeter to increase its current range. Also see 
AYRTON-MATHER GALVANOMETER SHUNT. 


ammeter-voltmeter method The determination of 
resistance or power values from the measure- 
ment of voltage (E) and current (I). For resistance, 
R= E/T, for power, P = EI. 

ammonium chloride Formula, NH,Cl. The elec- 
trolyte in the carbon-zinc type of primary cell. 
Also called SAL AMMONIAC. 

AMNL Abbreviation of AMPLITUDE-MODULATION 
NOISE LEVEL. 

amortisseur winding 1. A winding that acts 
against pulsation of the magnetic field in an elec- 
tric motor. 2. A winding that acts to prevent os- 
cillation in a synchronous motor. 

amorphous substance A noncrystalline material. 

amp 1. Slang for AMPERE. 2. Slang for AMPLIFIER— 
especially in audio high-fidelity applications. 

ampacity Current-carrying capacity expressed in 
amperes. 

amperage The strength of an electric current (i.e., 
the number of amperes). 

ampere (Andre Marie Ampere, 1775-1836). Abbrevi- 
ations, A (preferred), a, amp. The SI base unit of 
current intensity (I). The ampere is the constant 
current that, if maintained in two straight parallel 
conductors of infinite length and of negligible cir- 
cular cross section and placed 1 meter apart in a 
vacuum, would produce between the conductors a 
force of 2 x 10-’ newton per meter. One ampere 
flows through a 1-ohm resistance when a potential 
of 1 volt is applied; thus I = E/R. Also see MI- 
CROAMPERE, MILLIAMPERE, NANOAMPERE, 
and PICOAMPERE. 

ampere balance A device consisting of two con- 
ductors in which the force between them (caused 
by current) is balanced against the gravitational 
force exerted on an object in the gravitational 
field of the earth. Used for the precise determina- 
tion of current of large dimension, or of the size of 
the ampere. 

ampere-hour Abbreviations: Ah, amp-hr. The 
quantity of electricity that passes through a cir- 
cuit in one hour when the rate of flow is one am- 
pere. Also see BATTERY CAPACITY. 

ampere-hour meter An instrument for measuring 
ampere-hours. It contains a small motor driven by 
the current being measured and which moves a 
point on an ampere-hour scale. The motor speed is 
proportional to the current. The position of the 
pointer is proportional to current and elapsed time. 

Ampere’s law Current flowing in a wire generates 
a magnetic flux that encircles the wire in the 
clockwise direction when the current is moving 
away from the observer. 

ampere-turn Symbol, NI. A unit of magnetomotive 
force equal to 1 ampere flowing in a single-turn 
coil. The ampere-turns value for any coil is ob- 
tained by multiplying the current (in amperes) by 
the number of turns in the coil. 

Amperian whirl The stream of electrons in a 
single-turn, current-conducting wire loop acting 
as an elementary electromagnet. 
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amp-hr One style of abbreviating AMPERE-HOUR. 
Also, Ah. 

amplidyne A dynamo-like rotating dc machine 
that can act as a power amplifier because the re- 
sponse of the output voltage to changes in field 
excitation is quite rapid. Used in servo systems. 


Compensating 


winding 


Load 
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amplification 1. The process of increasing the 
magnitude of a signal. This entails an input sig- 
nal controlling a local power supply to produce a 
larger output signal. Depending on the kind of in- 
put and output signals, amplification can be cat- 
egorized as CURRENT, VOLTAGE, POWER, or 
some combination of these. 2. The qualitative sig- 
nal increase resulting from the process in 1. 3. 
The quantitative signal increase (resulting from 
the process in 1), expressed as a factor (such as 
100) or in terms of decibels (dB). See AMPLIFICA- 
TION FACTOR and DECIBEL. 

amplification factor 1. The ratio of the output 
voltage, current, or power to the input voltage, 
current, or power of an AMPLIFIER circuit. For 
voltage or current, this ratio has meaning only 
when the input and output impedances are iden- 
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tical. 2. The number of decibels by which an AM- 
PLIFIER circuit increases the amplitude of a sig- 
nal. For voltage or current, this figure has 
meaning only when the input and output 
impedances are identical. See DECIBEL. 3. The 
ALPHA or BETA of a bipolar transistor. 4. In 
the operation of an electron tube, the ratio of 
the derivative (instantaneous rate of change) of 
the plate voltage to the derivative of the grid volt- 
age, for zero change in plate current. 

amplified ALC Abbreviation, AALC. An automatic- 
level-control (ALC) system that uses the amplifi- 
cation of the fed-back control signal. It is used in 
RF power amplifiers, particularly single-sideband 
(SSB) linear amplifiers, to prevent overmodula- 
tion and nonlinearity. 

amplified back bias A declining voltage developed 
across a fast-time-constant circuit in an amplifier 
stage and fed back into a preceding stage. 

amplifier Any device that increases the magni- 
tude of an applied signal. It receives an input 
signal and delivers a larger output signal that, in 
addition to its increased amplitude, is a replica 
of the input signal. Also see CURRENT AMPLI- 
FIER, POWER AMPLIFIER, and VOLTAGE AM- 
PLIFIER. 

amplifier diode Any semiconductor that can pro- 
vide amplification in a suitable circuit or mi- 
crowave system. See DIODE AMPLIFIER. 

amplifier distortion A change in the waveform of a 
signal, arising within an amplifier that is oper- 
ated in compliance with specified conditions. 

amplifier input 1. The terminals and section of an 
amplifier that receive the signal to be amplified. 
2. The signal to be amplified. 

amplifier noise Collectively, all extraneous signals 
present in the output of an amplifier when no 
working signal is applied to the amplifier input 
terminals. 

amplifier nonlinearity A condition in which the 
amplifier output signal does not exhibit a linear 
relationship to the corresponding input signal. 
Some amplifiers are designed to operate in a lin- 
ear manner at all times, but many amplifier types 
need not function in this manner to be effective. 
Also see AMPLIFIER DISTORTION and LINEAR 
AMPLIFIER. 

amplifier output 1. The terminals and section of 
an amplifier that deliver the amplified signal for 
external use. 2. The amplified signal. 

amplifier power The power level of the output sig- 
nal delivered by an amplifier (also called OUTPUT 
POWER), or the extent to which the amplifier in- 
creases the power of the input signal (also called 
POWER AMPLIFICATION). 

amplifier response The performance of an ampli- 
fier throughout a specified frequency band. Fac- 
tors usually included are gain, distortion, 
amplitude versus frequency, and power output. 

amplify To perform the functions of amplification 
(see AMPLIFICATION, 1). 
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amplifying delay line A delay line that causes am- 
plification of signals in a circuit intended for 
pulse compression. 

amplistat A self-saturating magnetic amplifier. 

amplitron A backward-wave amplifier used in mi- 
crowave circuits. 

amplitude The extent to which an alternating or 
pulsating current or voltage swings, positively 
and negatively, from zero or from a mean value. 

amplitude-controlled rectifier A thyratron- or 
thyristor-based rectifier circuit. 

amplitude density distribution A mathematical 
function giving the probability that, at a given in- 
stant in time, a fluctuating voltage has a certain 
value. 

amplitude distortion In an amplifier or network, 
the condition in which the output-signal ampli- 
tude exhibits a nonlinear relationship to the in- 
put-signal amplitude. 

amplitude error 1. The error in measuring the am- 
plitude of a signal, normally expressed as a per- 
centage of signal amplitude or as a percentage of 
full scale. 2. The frequency at which the output 
amplitude of a signal is in error by 1% with am- 
plitude at 10% of full scale. 

amplitude factor For an ac wave, the ratio of the 
peak value to the rms value. The amplitude factor 
of a sine wave is equal to the square root of 2 = 
1.4142136. 

amplitude fading In the propagation of electro- 
magnetic waves, a condition in which the ampli- 
tudes of all components of the signal (i.e., carrier 
and sidebands) increase and decrease uniformly. 
Compare SELECTIVE FADING. 

amplitude/frequency response Performance of 
an amplifier throughout a specified range, as ex- 
hibited by a plot of output-signal amplitude ver- 
sus frequency for a constant-amplitude input 
signal. 

amplitude gate A transducer that transmits only 
those portions of an input wave that lie within 
two close-spaced amplitude boundaries; also 
called slicer. 

amplitude limiter A circuit, usually with auto- 
matic gain control (AGC), that keeps an amplifier 
output signal from exceeding a certain level, de- 
spite large variations in input-signal amplitude. A 
dc-biased diode performs passive limiting action 
via clipping. 

amplitude-modulated generator A signal genera- 
tor whose output is amplitude modulated. Usu- 
ally, this instrument is an RF generator that is 
modulated at an audio frequency. 

amplitude-modulated transmitter A radio- 
frequency transmitter whose carrier is varied in 
amplitude, according to the rate of change of 
some data-containing signal (such as voice, mu- 
sic, facsimile, television pictures, control signals, 
or instrument readings). 

amplitude modulation Abbreviation, AM. A 
method of conveying intelligence in wireless com- 
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munications and broadcasting. The modulating- 
signal energy appears at sideband frequencies 
above and below, and very close to, the carrier 
frequency. These sideband signals carry all the 
information. The extent of modulation is ex- 
pressed as a percentage, from 0, which represents 
an unmodulated carrier, to 100, which repre- 
sents full modulation. In a signal modulated 100 
percent, one-third of the power is used to convey 
the data; the other two-thirds is consumed by the 
carrier. This form of modulation is essentially 
outmoded, although it is still used in the stan- 
dard broadcast band from 535 to 1605 kHz. See 
FREQUENCY MODULATION, PHASE MODU- 
LATION, SINGLE SIDEBAND. 
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amplitude-modulation noise Spurious amplitude 
modulation of a carrier wave by extraneous sig- 
nals and random impulses, rather than by the in- 
tended data-containing signal. 

amplitude noise In radar, amplitude fluctuations 
of an echo returned by a target. This noise limits 
the precision of the system. 

amplitude of noise The level of random noise in a 
system. The amplitude of noise is measured in 
the same way that signal amplitude is measured. 

amplitude range The maximum-to-minimum am- 
plitude variation of a signal. It can be expressed 
as a direct numerical ratio or in decibels. 

amplitude response The maximum output obtain- 
able at various frequencies over the range of an 
instrument operating under rated conditions. 

amplitude selection The selection of a signal, ac- 
cording to its correspondence to a predetermined 
amplitude or amplitude range. 
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amplitude separator In a television receiver, a cir- 
cuit that separates the control pulses from the 
composite video signal. 

amplitude suppression ratio The ratio of an un- 
desired output of a frequency-modulated (FM) re- 
ceiver to the desired output, when the test signal 
is amplitude modulated and frequency modu- 
lated simultaneously. 

amplitude-versus-frequency distortion Distortion 
resulting from varying gain or attenuation of an 
amplifier or network, with respect to signal fre- 
quency. 

AMTOR A form of amateur-radio data communica- 
tions, in which the accuracy of a group of charac- 
ters in a message is checked periodically by the 
receiving station. If an error appears likely, then 
the receiving station sends an instruction to the 
transmitting station to retransmit that particular 
group of characters. Characters are sent in 
bunches with pauses for possible inquiries from 
the receiving station. 

AM tuner A compact radio receiver unit that han- 
dles amplitude-modulated signals and delivers 
low-amplitude audio output to a high-fidelity am- 
plifier. Compare AM/FM TUNER and FM TUNER. 

amu _ Abbreviation of atomic mass unit. 

amusement robot An electromechanical robot, of- 
ten computer-controlled, that is intended for use 
as a toy. 

AN- A prefix designator used by American military 
services to indicate commonality. 

anacoustic Pertaining to the lack of sound or ab- 
sence of reverberation or transmission of sonic 
waves. 

analog 1. A quantity that corresponds, point for 
point or value for value, to an otherwise unrelated 
quantity. Thus, voltage is the analog of water 
pressure, and current is the analog of water flow. 
2. Varying over a continuous range and, there- 
fore, capable of attaining an infinite number of 
values or levels. Compare DIGITAL. 

analog adder An analog circuit or device that re- 
ceives two or more inputs and delivers an output 
equal to their sum. 

analog adder/subtracter An analog circuit or de- 
vice that receives two or more inputs and delivers 
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an output equal to their sum or difference (in any 
combination), as desired. 

analog channel In an ANALOG COMPUTER, an in- 
formation channel in which the extreme limits of 
data magnitude are fixed, and the data can have 
any value between the limits. 

analog communications Any form of communica- 
tions in which a carrier, generally an electromag- 
netic wave or high-frequency current, is varied in 
a continuous and controlled way by a data- 
containing signal. See ANALOG, 2. 

analog computer A computer in which input and 
output quantities are represented as points on 
continuous (or small-increment) scales. To repre- 
sent these quantities, the computer uses voltages 
or resistances that are proportional to the num- 
bers to be worked on. When the quantities are 
nonelectrical (such as pressure or velocity), they 
are made analogous by proportional voltages or 
resistances. 

analog data 1. Data represented in a quantita- 
tively analogous way. Examples are the deflection 
of a movable-coil meter, the positioning of a slider 
on a slide rule, and the setting of a variable resis- 
tor to represent the value of a nonelectrical quan- 
tity. Also see ANALOG. 2. Data displayed along a 
smooth scale of continuous values (as by a 
movable-coil meter), rather than in discrete steps 
(as by a digital meter). 

analog differentiator An analog circuit or device 
whose output waveform is the derivative of the 
input-signal waveform, with respect to time. 
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analog divider An analog circuit or device that re- 
ceives two inputs and delivers an output equal to 
their quotient. 

analog electronics Electronic techniques and 
equipment that is based on uniformly changing 
signals, such as sine waves, and often having 
continuous-scale indicators, such as D’Arsonval 
meters. Compare DIGITAL ELECTRONICS. 

analog information Approximate numerical infor- 
mation, as opposed to digital information, which 
is assumed to be exact. 

analog integrator An analog circuit or device 
whose output waveform is the integral of the in- 
put signal waveform, with respect to time. 
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analog integrator 


analog inverting adder An analog adder that de- 
livers a sum with the opposite sign to that of the 
input quantities. 

analog meter An indicating instrument that uses 
a movable-coil arrangement or the equivalent, 
causing a rotating pointer to indicate a particular 
value on a graduated printed scale. Compare 
DIGITAL METER. 
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analog multiplexer 1. A multiplexer used with 
analog signals (see MULTIPLEXER). 2. An analog 
time-sharing circuit. 

analog multiplier An analog circuit or device that 
receives two or more inputs and delivers an out- 
put equal to their product. 

analog network A circuit that permits mathemati- 
cal relationships to be shown directly by electric 
or electronic means. 

analogous pole In a PYROELECTRIC MATERIAL, 
the end or face having the positive electric charge. 

analog output An output quantity that varies 
smoothly over a continuous range of values, 
rather than in discrete steps. 

analog record Also called analog recording. A 
record or recording method in which some prop- 
erty of the recorded material, such as displace- 
ment or magnetization, varies over a continuous 
range that is relative to time and/or physical po- 
sition. 

analog recorder Any recorder, such as a recording 
oscillograph, potentiometric recorder, electroen- 
cephalograph, electrocardiograph, or lie detector, 
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that produces an analog record. The counterpart 
is a digital recorder, which produces a readout in 
discrete numbers (printed or visually displayed). 

analog representation Representation of informa- 
tion within a smooth, continuous range, rather 
than as separate (discrete) steps or points. 

analog signal A signal that attains an infinite 
number of different amplitude levels, as opposed 
to one that can attain only a finite number of lev- 
els as a function of time. 

analog subtracter An analog circuit or device that 
receives two inputs and delivers an output equal 
to their difference. 

analog summer See ANALOG ADDER. 

analog switch A switching device that will only 
pass signals that are faithful analogs of trans- 
ducer parameters. 

analog-to-digital conversion 1. A process in 
which an analog signal (such as a voice wave- 
form) is changed into a digital or binary signal 
that conveys the same information. This process 
is commonly used in digital computers to encode 
sounds and images. It is also used in communi- 
cations systems to improve efficiency, minimize 
the necessary bandwidth, and optimize the sig- 
nal-to-noise ratio. 2. A process in which continu- 
ous mechanical motion is encoded into a digital 
or binary electronic signal. 

analog-to-digital converter Any circuit or device 
that performs ANALOG-TO-DIGITAL CONVER- 
SION. 

analysis 1. The rigorous determination of the con- 
stants and modes of operation for electronic 
equipment. Compare SYNTHESIS. 2. A branch of 
mathematics dealing with point sets, relations, 
and functions. 

analytical engine A primitive mechanical calculat- 
ing machine, invented in 1833 by Charles Bab- 
bage. 

analyzer 1. Any instrument that permits analysis 
through close measurements and tests (e.g., dis- 
tortion analyzer, WAVE ANALYZER, or gas ana- 
lyzer). 2. Acomputer program used for debugging 
purposes; it analyzes other programs and sum- 
marizes references to storage locations. 3. An 
analysis interface to an oscilloscope. 

anastigmatic yoke Also called full-focus yoke. Ina 
television (TV) receiver, a deflection yoke with a 
cosine winding for better focus at the edges of the 
picture. 

anchorage In plastic recording tape, the adhesion 
of the magnetic oxide coating to the surface of the 
tape. 

ancillary equipment Equipment that does not di- 
rectly enter into the operation of a central system. 
Examples are input/output components of a com- 
puter and test instruments attached to a system. 

AND circuit In digital systems and other switching 
circuits, a logic gate whose output is high (logic 1) 
only when all input signals are high. Otherwise 
the output is low (logic 0). Compare OR CIRCUIT. 
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Anderson bridge An ac bridge circuit with six 
impedances, permitting the value of an unknown 
inductance to be determined in terms of a stan- 
dard capacitance. 
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Anderson bridge 


AND gate 1. AND circuit. 2. In a TV receiver, an 
AND circuit that holds the keyed-AGC signal off 
until a positive horizontal flyback pulse and a 
horizontal syne pulse appear simultaneously at 
the input. 

android A sophisticated robot built in humanoid 
form. Usually, it propels itself by rolling on 
wheels or on a track drive. A rotatable head con- 
tains position sensors, a machine vision system, 
and/or a machine hearing system. Mechanical 
arms are equipped with end effectors to perform 
various tasks. The most advanced androids have 
self-contained computer control systems. 

anechoic Pertaining to the absence of echoes. Ex- 
amples: ANECHOIC CHAMBER, anechoic enclo- 
sure, or anechoic room. 
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anechoic chamber An enclosure that does not re- 
flect sound waves that approach its walls. Such a 
chamber is used to test certain audio devices. 

anemograph An electromechanical device that 
produces a recording of wind speed versus time. 
Generally, it consists of an ANEMOMETER con- 
nected to a PEN-AND-INK RECORDER via a suit- 
able electronic interface. 

anemometer An instrument that measures or 
indicates wind speed, or speed and direction (ve- 
locity). 

angel 1. An extraneous image, usually of short du- 
ration, on a cathode-ray-tube (CRT) display. The 
term applies particularly to anomalies in a radar 
image caused by low-atmospheric reflection, 
birds, or other mobile objects. 2. Air-deployed 
metallic debris, also known as chaff, designed to 
create radar echoes as a decoy or diversion tactic. 

angle jamming A radar jamming technique in 
which the return echo is jammed with a signal 
containing improper azimuth or elevation angle 
components. 

angle modulation Variation of the angle of a sine- 
wave carrier in response to the modulating 
source, aS in FREQUENCY MODULATION and 
PHASE MODULATION. 

angle noise In radar reception, the interference re- 
sulting from variations in the angle at which an 
echo arrives from the target. 

angle of arrival The angle which the line of propa- 
gation of an incoming radio wave makes with the 
surface of the earth. Compare ANGLE OF DE- 
PARTURE. 

angle of azimuth The horizontal angle between 
the viewer and object or target, usually measured 
clockwise from north. 

angle of beam The angle enclosing most of the 
transmitted energy in the radiation from a direc- 
tional antenna. It is usually measured between 
the half-power points in the main lobe of the di- 
rectional pattern. This angle can be measured in 
the horizontal (azimuth) plane or in the vertical 
(elevation) plane. 
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angle of conduction 1. Also called angle of flow. 
The number of degrees of an excitation-signal cy- 
cle during which output (drain, collector or plate) 
current flows in an amplifier circuit. 2. The num- 
ber of degrees of any sine wave at which conduc- 
tion of a device (e.g., a diode) begins. 

angle of convergence 1. In any graphical repre- 
sentation, the angle formed by any two lines or 
plots that come together at a point. 2. The angle 
formed by the light paths of two photocells fo- 
cused on the same object. 

angle of declination The angle between the hori- 
zon and a descending line. Compare ANGLE OF 
ELEVATION. 

angle of deflection In a cathode-ray tube, the an- 
gle between the electron beam at rest and a new 
position resulting from deflection. 

angle of departure The angle, relative to the 
horizon, made by the line of propagation of a 
transmitted radio wave. Compare ANGLE OF 
ARRIVAL. 
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angle of depression See ANGLE OF DECLINA- 
TION. 

angle of divergence Ina cathode-ray tube, the an- 
gle formed by the spreading of an undeflected 
electron beam as it extends from the gun to the 
screen. 

angle of elevation The angle that an ascending 
line subtends, with respect to the horizon. Com- 
pare ANGLE OF DECLINATION. 

angle of flow See ANGLE OF CONDUCTION. 

angle of incidence The angle, measured relative to 
the perpendicular (orthogonal) to a surface or 
boundary, subtended by an approaching ray. 
Compare ANGLE OF REFLECTION and ANGLE 
OF REFRACTION. 

angle of lag The phase difference (in degrees or ra- 
dians) whereby one component follows another in 
time, both components being of the same fre- 
quency. Compare ANGLE OF LEAD. Also see 
PHASE ANGLE. 

angle of lead The phase difference (in degrees or 
radians) whereby one component precedes an- 
other in time, both components being of the same 
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frequency. Compare ANGLE OF LAG. Also see 
PHASE ANGLE. 

angle of radiation 1. The angle, measured with re- 
spect to the horizon, at which the principal lobe of 
an electromagnetic wave leaves a transmitting 
antenna. 2. The angle, measured relative to the 
horizon, of a receiving or transmitting antenna’s 
optimum sensitivity. 

angle of reflection The angle, measured relative to 
the perpendicular (orthogonal) to a surface, sub- 
tended by a ray leaving the surface after having 
been reflected from it. Compare ANGLE OF INCI- 
DENCE. 

angle of refraction The angle, measured relative 
to the perpendicular (orthogonal) to a boundary 
between two different media, subtended by a ray 
leaving the boundary after having been refracted 
thereat. Compare ANGLE OF INCIDENCE. 

angle tracking noise Noise in a servo system that 
results in a tracking error. 

angstrom (Anders J. Angstrom, 1814-1874). A 
unit of length used to describe certain extremely 
short waves and microscopic dimensions; 1 
angstrom equals 10 microns (10-!° meters). 

angular deviation loss The ratio of microphone or 
loudspeaker response on the principal axis of re- 
sponse to the response at a designated angle from 
that axis. Expressed in decibels. 

angular difference See PHASE ANGLE. 

angular displacement In an ac circuit, the separa- 
tion, in degrees, between two waves. See PHASE 
ANGLE. 

angular frequency The frequency of an ac signal, 
expressed in radians per second (rad/sec) and ap- 
proximately equal to 6.28f, where f is the fre- 
quency in Hertz. 

angular length Length, as along the horizontal 
axis of an ac wave or along the standing-wave 
pattern on an antenna, expressed as the product 
of radians and wavelength. 

angular-mode keys On a calculator or computer, 
the DEG, RAD, and GRAD keys for expressing or 
converting angles in DEGREES, RADIANS, and 
GRADS, respectively. 

angular phase difference For two sinusoidal 
waves, the phase difference, expressed in degrees 
or radians. 

angular rate In navigation, the rate of bearing 
change, expressed in degrees or radians. 

angular resolution The ability of a radar to distin- 
guish between two targets by angular measure- 
ment. 

angus pen recorder An instrument that makes a 
permanent record of the time whenever a channel 
is used. 

anharmonic oscillator An oscillating device in 
which the force toward the balance point is not 
linear, with respect to displacement. 

anhysteresis The magnetization of a material by a 
unidirectional field containing an alternating field 
component of gradually decreasing amplitude. 
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anhysteretic state The condition of a substance 
after it has been subjected to a strong magnetic 
field, the intensity of which alternates in direction 
and diminishes gradually to zero. 

animism A belief or philosophy, held especially in 
Eastern civilizations, such as Japan, that all 
things contain an essence of life. This theory ren- 
ders irrelevant the question of whether or not ma- 
chines, such as computers and robots can be 
“alive.” 

anion A negative ion. Also see ION. 

anisotropic Pertaining to the tendency of some 
materials to display different magnetic and other 
physical properties along different axes. 

ANL Abbreviation of AUTOMATIC NOISE LIMITER. 

anneal To heat a metal to a predetermined temper- 
ature and let it cool slowly. The operation pre- 
vents brittleness and often stabilizes electrical 
characteristics. 

annealed laminations Core laminations for trans- 
formers or choke coils that have been annealed. 

annealed shield A magnetic shield for cathode-ray 
tubes, that has been processed by annealing. 

annealed wire Soft-drawn wire that has been sub- 
jected to annealing. 

annotations 1. Marking on copies of original engi- 
neering-installation documents to show changes 
made during the installation. 2. Any set of com- 
ments or notes accompanying a program, an 
equipment or system, or a process. 

annular 1. Pertaining to the region between two 
concentric circles that lie in the same plane; ring- 
shaped. 2. Pertaining to two or more concentric 
circles that lie in a common plane. 

annular conductor A number of wires stranded in 
three concentric layers of alternating twists 
around a hemp core. 

annular transistor A mesa transistor in which the 
base and collector take the form of concentric 
rings around a central emitter. 

annulling network A subcircuit that shunts a fil- 
ter to cancel reactive impedance at the extreme 
ends of the pass band of the filter. 

annunciation relay A relay that indicates whether 
or not a circuit is carrying current. 

annunciator A device that produces loud sound 
and/or conspicuous light to attract attention 
(e.g., the electronic siren in an automotive secu- 
rity system). 

anode 1. The positive electrode of a vacuum tube 
or solid-state device (i.e., the electrode toward 
which electrons move during current flow). 2. In 
an electrochemical cell, the electrode that loses 
electrons by oxidation. This is usually the nega- 
tive electrode. 

anode balancing coil Mutually coupled windings 
used to maintain equal currents in parallel an- 
odes operating from a common transformer ter- 
minal. 

anode current Current flowing in the anode circuit 
of a device. 
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anode efficiency Also called plate efficiency. In a 
power amplifier using an electron tube, the ratio 
P,/P; where P, is the output power in watts and P; 
is the dc anode power input in volt-amperes. 

anode power input Symbol, Pajinpy. The product of 
anode current and anode voltage. 

anode power supply The ac or positive dc power 
supply unit that delivers current and voltage to 
the anode of a device. 

anode saturation The point beyond which a fur- 
ther increase in anode voltage does not produce 
an increase in anode current. 
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anode strap In a multicavity magnetron, a metal 
strap connecting the anodes. 

anode terminal 1. In a diode, the terminal to 
which a positive de voltage must be applied for 
forward bias. Compare CATHODE TERMINAL. 2. 
In a diode, the terminal at which a negative dc 
voltage appears when the device is used as an ac 
rectifier. Compare CATHODE TERMINAL. 3. The 
terminal that is connected internally to the an- 
odic element of any device. 

anode voltage Symbol, E, or V,. The difference in po- 
tential between the anode and cathode of a device. 

anodic Pertaining to the anode of a device, or to 
anode-like effects. 

anodizing An electrolytic process in which a pro- 
tective oxide film is deposited on the surface of a 
metallic body acting temporarily as the anode of 
the electrolytic cell. 

anomalous dispersion Dispersion of electromag- 
netic radiation that is characterized by a decrease 
in refractive index with increase in frequency. 

anomalous propagation 1. The low-attenuation 
propagation of UHF or microwave signals through 
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atmospheric layers. 2. Unusual, bizarre, or unex- 
plainable electromagnetic-wave propagation (e.g., 
apparent F-layer ionospheric effects in the FM 
broadcast band). 3. Rapid fluctuation of a sonar 
echo because of variations in propagation. 

anoxemia toximeter An electronic instrument for 
measuring or alerting against the onset of anox- 
emia (deficiency of oxygen in the blood)—espe- 
cially in airplane pilots. 

AN radio range A navigational facility entailing four 
zones of equal signal strength. When the aircraft 
deviates from course, an aural Morse-code signal, 
A (DIT DAH) or N (DAH DIT) is heard; but when the 
aircraft is on course, a continuous tone is heard. 

ANSI Acronym for American National Standards In- 
stitute. 

AN signal The signal provided by an AN radio range 
to apprise aircraft pilots of course deviation. 

answerback The automatic response of a terminal 
station to a remote-control signal. 

answer cord Ina telephone system, the cord used 
for answering subscribers’ calls and incoming 
trunk calls. 

answering machine A device that automatically 
answers a telephone and records an audio mes- 
sage from the caller. 

answer lamp A telephone switchboard lamp that 
lights when an answer cord is plugged into a line 
jack; it switches off when the telephone answers 
and lights when the call is completed. 

ant Abbreviation of ANTENNA. 

antenna In a communications system, a special- 
ized transducer that converts incoming electro- 
magnetic fields into alternating electric currents 
having the same frequencies (receiving antenna), 
or converts an alternating current at a specific 
frequency into an outgoing electromagnetic field 
at the same frequency (transmitting antenna). An 
antenna can be a simple wire or rod, or a compli- 
cated structure. Thousands of geometries and 
specifications are possible. The optimum antenna 
type for a given situation depends on the commu- 
nications frequency, the distance to be covered, 
and various other factors. 

antenna ammeter An RF ammeter, usually of the 
thermocouple type, employed to measure current 
flowing to a transmitting antenna. 
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antenna amplifier 1. A radio-frequency amplifier, 
often installed at the antenna, used to boost sig- 
nals before they reach a receiver (also called an 
RF preamplifier). 2. Occasionally, the first RF am- 
plifier stage of a receiver, also known as the front 
end. 

antenna array See ARRAY. 

antenna bandwidth The frequency range through- 
out which an antenna will operate at a specified 
efficiency without needing alteration or adjust- 
ment. 

antenna beamwidth A measure of the extent to 
which a directional antenna focuses a transmit- 
ted electromagnetic field, or focuses its response 
to incoming electromagnetic fields. Expressed as 
the angle in degrees between opposite half-power 
points in the main lobe of the directional pattern. 
Usually determined in the horizontal plane, but 
occasionally in the vertical plane. 

antenna coil The primary coil of the input RF 
transformer of a receiver, or the secondary coil of 
the output RF transformer of a transmitter. 
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antenna coincidence The condition in which two 
directional antennas are pointed directly toward 
each other. 

antenna-conducted interference Extraneous sig- 
nals generated in a transmitter or receiver and 
presented to the antenna, from which they are ra- 
diated. 

antenna core A ferrite rod or slab around which a 
coil of wire is wound to act as a self-contained an- 
tenna, usually in a miniature receiver. 

antenna coupler A device consisting of an induc- 
tor, RF transformer, or a combination of induc- 
tor(s) and capacitor(s), used to match the 
impedance of an antenna to that of a transmitter 
or receiver. Also known as a transmatch or an- 
tenna tuner. 

antenna coupling Inductive and/or capacitive 
coupling used to optimize the transfer of energy 
from an antenna to a receiver, or from a trans- 
mitter to an antenna. 

antenna current 1. Radio-frequency current flow- 
ing from a transmitter into an antenna. 2. Radio- 
frequency current flowing from a_ receiving 
antenna into a receiver. 
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antenna detector A circuit that warns aircraft 
personnel that they are being observed by radar. 
It picks up the radar pulses and actuates a warn- 
ing light or other device. 

antenna diplexer A coupling device that permits 
several transmitters to share one antenna with- 
out troublesome interaction. Compare ANTENNA 
DUPLEXER. 

antenna directivity The directional characteris- 
tics of a transmitting or receiving antenna, usu- 
ally expressed qualitatively (e.g., omnidirectional, 
bidirectional, or unidirectional). A more precise 
expression is ANTENNA BEAMWIDTH. 

antenna director In a directional antenna, a PAR- 
ASITIC ELEMENT situated in front of the radiator 
and separated from it by an appropriate fraction 
of a wavelength. Its function is to intensify radia- 
tion in the direction of transmission. Compare 
ANTENNA RADIATOR and ANTENNA REFLEC- 
TOR. 

antenna duplexer A circuit or device permitting 
one antenna to be shared by two transmitters 
without undesirable interaction. 

antenna effect The tendency of wires or metallic 
bodies to act as antennas (i.e., to radiate or re- 
ceive radio waves). 

antenna efficiency The ratio of radio-frequency 
energy supplied to a wireless transmitting an- 
tenna, to the energy radiated into space. Electri- 
cally, the radiation resistance of the antenna (Rp) 
appears in series with loss resistance (R,). The ef- 
ficiency Eff of the antenna can be determined by 
the following formula: 

Eff = Rr/(Rr + Ri) 
AS a percentage, 
Eff = 100 (Rr/(Rr + Ri) 

The efficiency is always less than 1 (100 percent) 
because, in practice, the loss resistance can 
never be reduced to zero. 

antenna factor A factor (in decibels) added to an 
RF voltmeter reading to find the true open-circuit 
voltage induced in an antenna. 

antenna field The electromagnetic field immedi- 
ately surrounding an antenna. 

antennafier Low-profile antenna/amplifier device, 
sometimes used with portable communications 
systems. Also called an active antenna. 

antenna front-to-back ratio For a directional an- 
tenna, the ratio of field strength in front of the an- 
tenna (i.e., directly forward in the line of 
maximum directivity) to field strength in back of 
the antenna (i.e., 180 degrees from the front), as 
measured at a fixed distance from the radiator. It 
is usually specified in decibels. 

antenna gain For a given antenna, the ratio of sig- 
nal strength (received or transmitted) to that ob- 
tained with a comparison antenna, such as a 
simple dipole. Generally specified in decibels. 

antenna ground system The earth, counterpoise, 
guy wires, radials, and/or various conducting ob- 
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jects in the vicinity of an antenna which, taken 
together, form the radio-frequency (RF) ground 
system against which the antenna operates. 
Some antennas require an extensive ground sys- 
tem to function efficiently; others need no ground 
system. 

antenna/ground system An arrangement em- 
bodying both an antenna and a low-resistance 
connection to the earth, as opposed to an an- 
tenna system that involves no connection to 
earth. 

antenna height 1. The height of an antenna above 
the surface of the earth immediately beneath the 
driven element(s). 2. The height of an antenna 
above the effective radio-frequency (RF) ground 
immediately beneath the driven element(s). 3. 
The height of an antenna above average terrain, 
determined against the mean altitude of a num- 
ber of points on the earth’s surface that lie within 
a certain radius of the antenna structure. Also 
called height above average terrain (HAAT). 

antenna impedance The complex-number im- 
pedance that an antenna presents to a transmis- 
sion line. It can vary over a tremendous range, 
and depends on the antenna type, antenna size, 
antenna height, operating frequency, and various 
other factors. 

antenna-induced potential Also called antenna- 
induced microvolts. The voltage across the open- 
circuited terminals of an antenna. 

antenna lens Also called lens antenna. A radiator 
designed to focus microwave energy in much the 
same manner that an optical lens focuses light 
rays. Lens antennas are made from dielectric ma- 
terials and/or metals. 

antenna loading 1. The insertion of inductance in 
antenna elements to lower the resonant fre- 
quency of the system without necessarily making 
the system physically larger or the elements 
longer. 2. The insertion of capacitance in antenna 
elements to raise the resonant frequency of the 
system without necessarily making the system 
physically smaller or the elements shorter. 

antenna lobe A well-defined region in the radiation 
pattern of an antenna in which radiation is most 
intense, or in which reception is strongest. Also 
see ANTENNA PATTERN. 

antenna matching The technique of establishing a 
satisfactory relationship between the antenna 
impedance and the transmission-line or trans- 
mitter-output impedance, for maximum transfer 
of power into the antenna. Also, the matching 
of antenna impedance to receiver-input im- 
pedance, for delivery of maximum energy to the 
receiver. 

antennamitter An antenna/oscillator combina- 
tion that serves as a low-power transmitter. 

antenna pattern A polar plot of antenna perfor- 
mance that shows field strength versus angle of 
azimuth, with the antenna at the center. It is 
usually specified in the horizontal plane. 
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antenna polarization The orientation of electric 
lines of flux, with respect to the surface of the 
earth, for which an antenna is most efficient. A 
vertical antenna radiates and receives vertically 
polarized waves. A horizontal antenna radiates 
and receives horizontally polarized waves broad- 
side to itself, and vertically polarized waves at 
high elevation angles off its ends. In other direc- 
tions, the polarization is slanted at various an- 
gles. 

antenna power Symbol, Pan. The RF power devel- 
oped in an antenna by a transmitter; Pan: equals 
I?R, where I is the antenna current and R is the 
antenna resistance at point I is measured. 

antenna power gain The ratio of the maximum ef- 
fective radiated power (ERP) from a wireless 
transmitting antenna to the ERP from a reference 
antenna, expressed in decibels (dB). If the ERP 
from an antenna under test is Pp watts and the 
ERP from the reference antenna is Pp watts, then 
the gain Gap is: 


Gap = 10 1ogjo (Pr/Pp) 


Power gain is always measured in the direction in 
which the test antenna performs the best. The 
reference antenna, usually a dipole, is chosen 
with a gain assumed to be unity, or 0 dB. Gain 
relative to a dipole is expressed in dBd (decibels 
relative to a dipole). Alternatively, the reference 
antenna can be an isotropic radiator, in which 
case the gain is expressed in dBi (decibels relative 
to an isotropic radiator). Gain figures in dBd and 
dBi differ by a constant amount as follows: 


Gapi =2.15+ Gapsa 


antenna preamplifier A highly sensitive amplifier 
used to enhance the gain of a receiver. It is usu- 
ally used at the very high frequencies and above. 

antenna radiation The propagation of radio waves 
by a transmitting antenna. 

antenna radiator The element of an antenna that 
receives RF energy from the transmitter and radi- 
ates waves into space. Also known as the driven 
element. Compare ANTENNA DIRECTOR and AN- 
TENNA REFLECTOR. 
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antenna range 1. The frequency band, communi- 
cation distance characteristically covered, or 
other continuum of values that specify the oper- 
ating limits of an antenna. 2. The region immedi- 
ately surrounding an antenna in which tests and 
measurements usually are made. Sometimes 
called ANTENNA FIELD. 

antenna reflector Ina directional antenna, a PAR- 
ASITIC ELEMENT situated behind the radiator 
and separated from the latter by an appropriate 
fraction of a wavelength. Its function is to inten- 
sify radiation in the direction of transmission. 
Compare ANTENNA DIRECTOR and ANTENNA 
RADIATOR. 

antenna relay Ina radio station, a low-loss, heavy- 
duty relay that enables the antenna to be 
switched between transmitter and receiver. 

antenna resistance The resistive component of 
ANTENNA IMPEDANCE. 

antenna resonant frequency The frequency, or 
narrow band of frequencies, at which an an- 
tenna’s impedance appears resistive. 

antenna stage 1. The first RF amplifier stage of a 
receiver. 2. Occasionally, the final RF amplifier of 
a transmitter. 

antenna switch In a radio station, a low-loss, 
heavy-duty switch that enables the antenna to be 


connected to transmitter, receiver, or safety 
ground. 

To To 
transmilter receiver 
antenna switch 
(single-pole, double-throw) 


antenna system Collectively, an antenna and all of 
the auxiliary electrical and mechanical devices 
needed for its efficient operation, including cou- 
plers, tuners, transmission lines, supports, insu- 
lators, and rotator. 

antenna terminals 1. The points at which a trans- 
mission line is attached to an antenna. 2. The sig- 
nal input terminals of a receiver. 3. The signal 
output terminals of a transmitter. 

antennaverter An antenna and converter com- 
bined into a single circuit, intended for connec- 
tion to the antenna terminals of a receiver to 
allow operation on frequencies outside the band 
for which the receiver has been designed. 

antenna wire 1. The radiator element of a wire- 
type antenna. 2. A strong solid or stranded wire 
(e.g., hard-drawn copper, copper-clad steel, or 
phosphor-bronze) used for antennas. 

anthropomorphism The perception, by people, of 
machines as having human qualities. This can 
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lead to emotional attachment to hardware, such 
as computers and robots. The more sophisticated 
the apparatus, in general, the more powerful this 
perception can become. 

antialiasing filter A low-pass or bandpass filter 
that limits the bandwidth of an input signal to 
prevent aliasing and its effects. See ALIASING, 1. 

anticapacitance switch A switch whose members 
are thin blades and stiff wires widely separated to 
minimize capacitance between them. 

anticathode The target electrode of an X-ray tube. 

Anticipatory Sciences A group of futurists, people 
who attempt to predict the course of technology. 
Some futurists believe that progress will continue 
until, for example, homes become fully automated 
and artificial intelligence reaches a level compara- 
ble to human intelligence. Other futurists believe 
that such things are highly improbable. 

anticlutter circuit A supplementary circuit in a 
radar receiver that minimizes the effect of extra- 
neous reflections that would obscure the image of 
the target. 

anticlutter gain control In a radar receiver, a cir- 
cuit that automatically raises the gain of the re- 
ceiver slowly to maximum after each transmitter 
pulse to reduce the effect of clutter-producing 
echoes. 

anticoincidence Noncoincidental occurrence of 
two or more signals. Compare COINCIDENCE. 

anticoincidence circuit In computers and control 
systems, a circuit that delivers an output signal 
only when two or more input signals are not re- 
ceived simultaneously. Compare COINCIDENCE 
CIRCUIT. Also see NAND CIRCUIT. 

anticoincidence operation An exclusive-OR oper- 
ation. 

anticollision radar A vehicular radar system that 
is used to minimize the probability of a collision 
with another vehicle, whether or not that other 
vehicle has a similar system. 

antiferroelectric 1. Pertaining to the property 
wherein the polarization curve of certain crys- 
talline materials shows two regions of symmetry. 
2. A material that exhibits the aforementioned 
property. 

antiferromagnetic Pertaining to the behavior of 
materials in which, at low temperatures, the 
magnetic moments of adjacent atoms point in op- 
posite directions. 

antihunt The condition in which hunting is coun- 
teracted, usually by removing overcorrection in 
automatic control or compensation systems. 

antihunt circuit 1. A circuit that minimizes or 
eliminates hunting. Also see ANTIHUNT. 2. Ina 
television (TV) receiver, a circuit that stabilizes an 
automatic frequency control (afc) system. 

antijamming Pertaining to communications sys- 
tems that are resistant to, or that counteract, the 
effects of jamming. 

antilogarithm Abbreviated, antilog or log!. The 
number corresponding to a given logarithm. For 
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example, log 10,000 = log 10% = 4, and thus an- 
tilog 4 = 10* = 10,000. 

antilogous pole In a PYROELECTRIC MATERIAL, 
the end that becomes negatively charged as the 
temperature rises. 

antimagnetic Pertaining to materials having ex- 
tremely low RETENTIVITY. 

antimatter Pertaining to particles that are the 
counterparts of conventional particles (i.e., 
positrons instead of electrons, antineutrons in- 
stead of neutrons, and antiprotons instead of 
protons). When a particle meets its antiparticle, 
the two annihilate, releasing energy. Also see AN- 
TIPARTICLE. 

antimicrophonic See NONMICROPHONIC. 

antimony Symbol, Sb. A metalloidal element. 
Atomic number, 51. Atomic weight, 121.76. Often 
used as n-type dopant in semiconductor manu- 
facture. 

antineutrino The antiparticle of the NEUTRINO, 
emitted as a result of radioactive decay. 

antineutron An uncharged particle with a mass 
equal to that of the neutron, but with a magnetic 
moment in the direction opposite that of the neu- 
tron. 

antinode A point of maximum amplitude in a 
standing wave. 


Antinode 
RF 
transmission 
line 
Node 
antinode 


antinoise carrier-operated circuit A circuit that 
cuts off the audio output of a receiver while the 
station transmitter is in use. This can be accom- 
plished in the automatic-gain-control (AGC) cir- 
cuit of the receiver, or in the speaker or audio 
line. The circuit is actuated by energy from the 
transmitted signal. 

antinoise microphone Any microphone that dis- 
criminates against acoustic noise (e.g., a lip mi- 
crophone or throat microphone). 

antinucleon A particle with the mass of a nucleon, 
but with the opposite electrical charge and direc- 
tion of magnetic moment. Compare NUCLEON. 

antioxidant A material, such as a lacquer coat or 
an inactive oxide layer, that prevents or slows ox- 
idation of a material exposed to air. 

antiparticle A subatomic particle opposite in char- 
acter to conventional particles, such as electrons, 
neutrons, protons. Antiparticles constitute 
antimatter. Also see ANTINEUTRINO, ANTI- 
NEUTRON, ANTINUCLEON, ANTIPROTON, and 
POSITRON. 
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antiphase The property of being in phase opposi- 
tion (180 degrees out of phase). 

antipincushioning magnets In some television 
(TV) receivers, a pair of corrective magnets in the 
deflection assembly on the picture tube that elim- 
inate pincushion distortion (disfigurement of the 
raster so that it resembles a pincushion—a rect- 
angle with its sides bowed in). 

antiproton A subatomic particle with a mass equal 
to that of the proton, but with opposite electrical 
charge. 

antiquark An ANTIPARTICLE of a QUARK. 

antirad substance A material that protects against 
damage caused by atomic radiation. 

antiresonance 1. Parallel resonance. 2. The con- 
dition of being detuned from a resonant fre- 
quency. 

antiresonant circuit See PARALLEL-RESONANT 
CIRCUIT. 

antiresonant frequency 1. The resonant fre- 
quency of a parallel-resonant circuit. 2. In a 
piezoelectric crystal, the frequency at which 
impedance is maximum (as in a parallel-resonant 
circuit). 

antisidetone Pertaining to the elimination in tele- 
phone circuits of interference between the micro- 
phone and earphone of the same telephone. 

antistickoff voltage The low voltage applied to the 
coarse synchro control transformer rotor winding 
in a dual-speed servo system to eliminate am- 
biguous behavior in the system. 

antitransmit/receive switch Abbreviated ATR. In 
a radar installation, an automatic device to pre- 
vent interaction between transmitter and _ re- 
ceiver. 

antivirus program A computer program or utility 
designed to detect and eliminate viruses and Tro- 
jan horses in a computer system. 

antivoice-operated transmission Radio commu- 
nications that use a voice-activated circuit as a 
transmitter interlock during reception on the 
companion receiver. 

ape 1. Abbreviation of automatic picture control. 2. 
Abbreviation of AUTOMATIC PHASE CONTROL. 

aperiodic Characterized by a lack of predictable 
repetitive behavior. For example, the sferics or 
“static” electromagnetic interference caused by 
lightning. 

aperiodic current The unidirectional current that 
follows an electromagnetic disturbance in an LCR 
circuit, in which R is equal to or higher than the 
critical circuit resistance. 

aperiodic damping Damping of such a high degree 
that the damped system, after disturbance, 
comes to rest without oscillation or hunting. 

aperiodic discharge A discharge in which current 
flowing in an LCR circuit is unidirectional, rather 
than oscillatory. For this condition, 1/LC is less 
than or equal to R?/4L?. 

aperiodic function A nonrepetitive function (e.g., 
a hyperbolic trigonometric function). 
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aperture 1. The larger, normally open end of a 
horn antenna or horn loudspeaker. 2. An opening 
in an opaque disk or mask that passes a prede- 
termined amount of light or other radiant energy. 
3. The portion of a directional antenna through 
which most of the radiated energy passes. 

aperture angle For an antenna or telescope or mi- 
croscope, the half angle formed by the radius of 
the detecting instrument, as viewed from the 


source. 
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aperture angle 


aperture antenna An antenna whose beamwidth 
depends on the size of a horn, reflector, or lens. 

aperture compensation In a television (TV) cam- 
era, the minimizing of APERTURE DISTORTION 
by widening the video-amplifier passband. 

aperture distortion In a television ( camera 
tube, a form of distortion that occurs when the 
scanning beam covers several mosaic elements 
simultaneously. This condition, caused by exces- 
sive beam thickness, results in poor image reso- 
lution. 

aperture mask Ina three-gun color picture tube, a 
thin, perforated sheet mounted behind the view- 
ing screen to ensure that a particular color phos- 
phor will be excited only by the beam for that 
color. Also called shadow mask. 

aperture synthesis In telescopes, a method of ob- 
taining high resolution using several small anten- 
nas separated by great distances. The small 
antennas are moved around to simulate the re- 
solving power of a much larger antenna that 
would, in practice, be impossible or impractical to 
construct. 

aphelion 1. The point at which a solar-orbiting 
satellite attains its highest altitude. It occurs 
once for every complete orbit. At this point, the 
satellite travels slower than at any other point in 
the orbit. 2. The altitude, measured from the 
sun’s surface or the sun’s center, of a solar- 
orbiting satellite at its most distant point. 

APL Abbreviation for A Programming Language. A 
high-level computer language designed for ease of 
use, and characterized by the requirement for a 
special character set. 

apl 1. Abbreviation of average picture level. 2. Ab- 
breviation of automatic phase lock. 

Aplus Also, A+. The positive terminal of an A bat- 
tery. Also, pertaining to the part of a circuit con- 
nected to that terminal. 
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apogee 1. The point at which an earth-orbiting 
satellite attains its highest altitude. It occurs 
once for every complete orbit. At this point, the 
satellite travels slower than at any other point in 
the orbit. 2. The altitude, measured from the 
earth’s surface or the earth’s center, of an earth- 
orbiting satellite at its most distant point. 

A power supply A term sometimes used to denote 
the unit that supplies energy to a vacuum-tube 
filament. Compare B POWER SUPPLY. 

apparent bearing In radio-direction finding, the 
uncorrected direction from which a signal ap- 
pears to arrive. 

apparent power In an ac circuit, the power value 
obtained by multiplying the current by voltage (P 
equals IE), with no consideration of the effects of 
phase angle. Compare TRUE POWER. 

apparent power loss The loss in an ammeter or 
voltmeter, caused by the imperfection of the in- 
strument. At full scale, the ammeter has a certain 
voltage across its terminals; the apparent power 
loss is the current multiplied by this voltage. A 
voltmeter carries a small current; the apparent 
power loss is the product of the current and the 
indicated voltage. 

appearance potential The potential through 
which an electron must move to produce a cer- 
tain ion from the atom with which it is associated. 

applause meter An instrument consisting essen- 
tially of a microphone, audio amplifier, and indi- 
cating meter (reading directly in sound level). It is 
so called because of its familiar use in measuring 
audience response, as indicated by loudness of 
applause. 
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Applegate diagram For a velocity-modulated tube, 
a plot of the positions of electron bunches in the 
drift space versus time. 

Appleton layer Collectively, the Fl and F2 layers 
of the ionosphere, at a height between 150 and 
400 kilometers above the surface of the earth. 

apple tube A color picture tube, used in television, 
with the red, blue, and green phosphor in vertical 
strips. 
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appliance Electrical equipment in general. This 
might include any home-operated device. 

application A task or job for which an electronic 
device or system is used. It especially pertains to 
personal-computer software that has practical 
usefulness. 

application factor A factor involved in determin- 
ing the failure rate of a circuit or system affected 
by unusual operating conditions. 

application schematic diagram A diagram of pic- 
torial symbols and lines that illustrate the inter- 
relationship of functional circuit blocks in a 
specific program mode. 

applicators 1. In dielectric heating, the electrodes 
between which the dielectric body is placed and 
the electrostatic field developed. 2. In medical 
electronics, the electrodes applied to a patient 
undergoing diathermy or ultrasonic therapy. 

applied voltage The voltage presented to a circuit 
point or system input, as opposed to the voltage 
drop resulting from current flow through an ele- 
ment. 

applique circuit A circuit for adapting equipment 
to a specialized job. 

approach-control radar A radar installation serv- 
ing a ground-controlled approach (GCA) system. 

approximate data_ 1. Data obtained through phys- 
ical measurements. Such data can never be ex- 
act; all measurements are subject to error. 2. 
Loosely estimated data or imprecise calculations. 

AQL Abbreviation of ACCEPTABLE QUALITY 
LEVEL. A statistically defined quality level, de- 
fined in terms of percent defective, accepted on 
an average of 95 percent of the time. 

Aquadag A tradename for a material that consists 
of a slurry of fine particles of graphite. Aquadag 
forms a conductive coating on the inside and out- 
side walls of some cathode-ray tubes. 

aqua pura Pure water; in most instances, distilled 
water. Formula, H2O. Pure water is a nonconduc- 
tor with a dielectric constant of about 81. 

Ar Symbol for ARGON. 

arbitrary function fitter A circuit or device, such 
as a potentiometer, curve changer, or analog 
computer element, providing an output current 
or voltage that is some preselected function of the 
input current or voltage. 

are 1. A luminous sustained discharge between 
two electrodes. Because it is sustained, rather 
than intermittent, an arc is distinguished from a 
spark discharge, the latter being a series of dis- 
charges (sparks)—even when it appears continu- 
ous. 2. In graphical presentations, a section of 
curved line, as of a circle. 

arc angle The angle in degrees traced out by a cir- 
cular arc if the center point of the circle is con- 
sidered to be the vertex of an angle formed by 
two rays intersecting the arc at designated 
points. 

are cosecant Abbreviated arc csc or csc!. 1. The 
inverse of the cosecant function. 2. The angle, in 
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radians or degrees, corresponding to a given 
cosecant. 

are cosine Abbreviated arc cos or cos"!. 1. The in- 
verse of the cosine function. 2. The angle, in radi- 
ans or degrees, corresponding to a given cosine. 

arc cotangent Abbreviated arc cot or cot!. 1. The 
inverse of the cotangent function. 2. The angle, in 
radians or degrees, corresponding to a given 
cotangent. 

arc failure 1. Damage to, and/or failure of, insula- 
tion or a dielectric as a result of ARCOVER. 2. 
Failure of make-and-break contacts through 
damage caused by arcover. 

are function An inverse trigonometric function. See 
ARC COSECANT, ARC COSINE, ARC COTAN- 
GENT, ARC SECANT, ARC SINE, and ARC TAN- 
GENT. 

arc furnace A high-temperature electric furnace in 
which heat is produced by one or more electrical 
arcs. 

architecture The functional design elements of a 
computer—especially the components of the cen- 
tral processing unit (CPU) and the manner in 
which these elements interact. 

archived file A computer file stored on some 
backup medium, such as magnetic tape, disk- 
ette, or CD-ROM (compact disk, read-only mem- 
ory), rather than being held on the hard disk. 
Such a file will be apart from the operating sys- 
tem’s catalog of current files, but can be reconsti- 
tuted as needed. 

archives A complete, periodically updated set of 
ARCHIVED FILES. 

arcing See ARCOVER. 

arcing contacts Make-and-break contacts be- 
tween which an arc occurs when they are sepa- 
rated. 

arcing ring A metal ring placed around an insula- 
tor in a high-voltage electrical system. This keeps 
an arc from charring or breaking the insulator. 

arcing time The elapsed time between the break- 
ing of contacts and the end of the arc between the 
contacts. 

arc lamp An electric lamp in which a brilliant arc 
jumps between the tips of two rods (originally car- 
bon). 
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are length The length along a given arc, usually a 
part of the circumference of a circle. If the circle 
has circumference C and the arc measures x de- 
grees, then the arc length is Cx/360 units. 

arc minute See MINUTE. 

are oscillation Oscillations that can occur when 
opening relay contacts arc. 

arcover The occurrence of an electrical ARC be- 
tween electrodes, contacts, or capacitive plates. 

arcover voltage The voltage at which disruptive 
discharge occurs, typically accompanied by an 
arc. 

are resistance The ability of a material, usually a 
dielectric, to resist damage from arcing. This 
property is commonly expressed as the length of 
time between the start of the arc and the estab- 
lishment of a conductive path through the mate- 
rial. 

are secant Abbreviated arc sec or sec"!. 1. The in- 
verse of the secant function. 2. The angle, in ra- 
dians or degrees, that corresponds to a given 
secant. 

arc second See SECOND. 

are sensor A device for detecting visible arcs and 
excessive reflected power in microwave systems. 

arc sine Abbreviated arc sin or sin". 1. The inverse 
of the sine function. 2. The angle, in radians or 
degrees, that corresponds to a given sine. 

arc suppression Extinguishing an arc discharge. 
Disruptive arcs in electronic circuits are sup- 
pressed by means of auxiliary diodes or resistor- 
capacitor networks. 

arc-suppressor diode A semiconductor diode used 
to prevent arcing between make-and-break con- 
tacts. 

arc tangent Abbreviated arc tan or tan!. 1. The 
inverse of the tangent function. 2. The angle, in 
radians or degrees, corresponding to a given tan- 
gent. 

arcthrough The puncturing of a material by an 
arc. 

area code In the United States, a three-digit 
number that indicates the location, according to 
specified assigned districts, of a telephone sub- 
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scriber. When making a long-distance call, the 
area code of the desired station must be given in 
addition to the seven-digit telephone number. 

area protection Coverage of a defined region, in 
terms of area or volume, by an alarm system. 

area redistribution A scheme to determine the ef- 
fective duration of an irregularly shaped pulse. A 
rectangle is constructed whose height is equal to 
the peak height of the pulse, as displayed on an 
oscilloscope. The rectangle width is adjusted un- 
til the area of the rectangle is the same as the 
area under the curve representing the pulse. The 
width of the rectangle then represents the effec- 
tive duration of the pulse. 

area search The scanning of a large group of com- 
puter records for those of a major category or 
class. 

areasensor A transducer, used with an alarm sys- 
tem, that protects a defined region or volume, 
such as an office or bedroom. 

Argand diagram Named after Jean Robert Argand, 
(1768-1822) of Geneva, for his work on the 
graphical representation of complex numbers. A 
graphical illustration of a complex number in the 
form A + jB, where the real-number (A) axis is 
perpendicular to the imaginary-number (jB) axis. 
The value j is the square root of -1, the unit imag- 
inary number. The axes are perpendicular, usu- 
ally with the A axis horizontal. The length of the 
line from the point (0,0) to the point (A,jB) is the 
amplitude of the vector X = A + jB. The direction 
is specified as the angle, in degrees or radians, of 
the vector measured counterclockwise from the A 
axis. 
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argon Symbol, Ar. An inert gaseous element. 
Atomic number, 18. Atomic weight, 39.94. Argon, 
present in small amounts in the earth’s atmo- 
sphere, is used in various specialized devices, 
such as lasers. 

argon laser A laser whose tube is filled with argon 
gas. It generates coherent light at specific wave- 
lengths that are characteristic of elemental ar- 
gon. 

argument 1. The direction angle ofa polar vector. 
2. An independent variable whose value deter- 
mines the value of a function. 

arithmetic address An address obtained by per- 
forming an arithmetic operation on another ad- 
dress. 

arithmetic and logic unit Abbreviation, ALU. The 
part of a digital computer containing the circuits 
that perform calculations and logic operations; 
distinguished from mass storage, input/output, 
and peripheral units. 

arithmetic circuit Also called arithmetic element. 
In a digital computer, a circuit that is involved in 
the execution of calculations. Included are 
adders, storage registers, accumulators, sub- 
tracters, and multipliers. 

arithmetic mean The average of a group of quan- 
tities, obtained by dividing their sum by the num- 
ber of quantities. 

arithmetic operation In digital computer prac- 
tice, a numerical process performed: addition, 
subtraction, multiplication, division, compari- 
son. 

arithmetic progression A mathematical series in 
which each term following the first is obtained by 
adding a constant quantity to the preceding one. 
For example, S= 1, 2, 3, 4,... n. Compare GEO- 
METRIC PROGRESSION. 

arithmetic shift In a digital computer, the multi- 
plication or division of a quantity by a power of 
the base used in the notation. 

arithmetic sum The sum of two or more quantities 
disregarding their signs. Compare ALGEBRAIC 
SUM. 

arithmetic symmetry A filter response that is ex- 
actly symmetrical about the center frequency 
when the frequency scale is linear. 
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arm 1. Any of the distinct branches of a circuit or 
network. Also called leg. 2. A movable element in a 
device, usually containing a contact for switching. 

armature 1. The rotating member of a motor. 2. 
The rotating member of some types of electro-me- 
chanical generator. 3. The movable member of a 
relay, bell, buzzer, or gong. 4. The movable mem- 
ber of an actuator. 5. The soft-iron keeper placed 
across the poles of a permanent magnet to con- 
serve power. 

armature coil A coil of insulated wire wound on a 
ferromagnetic core to provide the electromagnetic 
properties of an armature. In a motor or genera- 
tor, the armature coil is distinguished from the 
FIELD COIL. 

armature core The ferromagnetic core upon which 
the armature coil of a motor or generator is 
wound. 

armature gap 1. In a motor or generator, the space 
between an armature core and the pole of a field 
magnet. 2. In a relay, the space between the ar- 
mature and the relay-coil core. 

armature hesitation A momentary delay in the 
movement of a relay. 

armature-hesitation contact chatter Undesired 
(usually rapid, repetitive) making and breaking of 
relay contacts. Generally caused by armature 
hesitation. 

armature-impact contact chatter Undesired 
(usually rapid, repetitive) making and breaking of 
relay contacts, caused by contact bounce when 
the armature strikes the relay core (closure) or 
backstop (opening). 

armature relay A relay that uses an electromagnet 
to pull a lever toward or away from a set of fixed 
contacts. 

armature travel The distance traveled by an arma- 
ture during relay operation. 

armor A protective metal cable covering. 

Armstrong FM system (Edwin H. Armstrong, 
1890-1954). A phase-shift method of frequency 
modulation. See PHASE MODULATION. 

armature voltage control A means of controlling 
motor speed by changing the applied armature 
winding voltage. 

armchair copy An amateur radio term for recep- 
tion of exceptionally clear signals. 

arming the oscilloscope sweep Enabling an oscil- 
loscope to trigger on the next pulse by closing a 
switch. 

Armstrong oscillator (Edwin H. Armstrong, 
1890-1954). An oscillator circuit that uses in- 
ductive feedback between the output and input. 
Either the output coil or the input coil can be 
tuned to set the oscillator frequency. The amount 
of positive feedback is controlled by varying the 
coupling between the coils. 

Armstrong superheterodyne circuit 
HETERODYNE CIRCUIT. 

Armstrong superregenerative circuit See SU- 
PERREGENERATIVE CIRCUIT. 


See SUPER- 
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ARPA Acronym for Advanced Research Projects 
Agency, a subsidiary of the U.S. Department of 
Defense. 

array 1. A directive antenna that consists of an as- 
sembly of properly dimensioned and spaced ele- 
ments, such as_ radiators, directors, and 
reflectors. 2. A coordinated group or matrix of 
components, such as diodes, resistors, memory 
cells, etc., often enclosed in one capsule. 3. Sub- 
scripted variables representing data arranged so 
that a program can examine the array and extract 
data relevant to a particular subscript. 

array device A group of similar or identical compo- 
nents that are connected together in a certain 
fashion, to perform a specific task. 

arrester 1. A device used to protect an installation 
from lightning. It consists of a varistor or an air 
gap connected between an antenna or power line 
and an earth ground. The device passes little or 
no current under ordinary conditions, but passes 
heavy current to ground during a lightning 
stroke. Also called LIGHTNING ARRESTER. 2. A 
self-restoring protective device used to reduce 
voltage surges on power lines. 

ARRL Abbreviation for American Radio Relay 
League. 

arrowhead A wideband, log-periodic antenna with 
linear polarization. 

ARS Abbreviation of Amateur Radio Service. 

arsenic Symbol, As. A metalloidal element. Atomic 
number, 33. Atomic weight, 74.91. Arsenic is fa- 
miliar as an n-type dopant in semiconductor pro- 
cessing. 
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ARSR_ Abbreviation of air route surveillance radar. 

articulation A measure of the effectiveness of voice 
communications, expressed as the percentage of 
speech units understood by the listener when the 
effect of context is negligible. 

artificial antenna See DUMMY ANTENNA. 

artificial ear A microphone-type sensor, equiva- 
lent to the human ear, used to measure sound 
pressures. 

artificial echo 1. In radar practice, the reflections 
of a transmitted pulse returned by an artificial 
target. 2. A signal from a pulsed radio-frequency 
(RF) generator, delayed to simulate an echo. 

artificial ground The effective ground provided by 
the radials or disk of a ground-plane antenna, as 
opposed to actual ground (the earth itself). Com- 
pare TRUE GROUND. 

artificial horizon In aircraft instrumentation, a 
device that displays lines showing the position of 
the aircraft in flight, with reference to the hori- 
zon. 

artificial intelligence Abbreviation, AI. 1. A spe- 
cialized field of computer science overlapping 
with electronics, biology, physiology, and other 
sciences, concerning attempts to develop ad- 
vanced computer systems that can emulate the 
processes of the human mind. 2. The ability of a 
computer to learn from its mistakes, refine its 
own processes, and perhaps ultimately reason in 
a humanlike manner. 

artificial ionization An artificial reflecting layer 
that is created in the atmosphere to provide a 
skip condition. 

artificial language A language that is not com- 
monly used, but has been devised for efficiency in 
a particular situation—especially in a computer 
system. 

artificial life 1. The ultimate endpoint of ARTIFI- 
CIAL INTELLIGENCE, wherein machines acquire 
qualities, such as wisdom and the capability to 
feel emotions. The state of the art is currently 
nowhere near this point. 2. A hypothetical ma- 
chine or set of machines with lifelike qualities, in- 
cluding human-level intelligence, wisdom, and 
emotion. 

artificial stimulus An electronic method of robot 
guidance and navigation using radar, sonar, vi- 
sion systems, edge detection, and/or beacons. 

artificial transmission line A network of capaci- 
tors and inductors with characteristics similar to 


Inductor 
Input i T T i Output 
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those of the more bulky transmission line it re- 
places in tests and measurements. It also serves 
as a time-delay or phase-shift device and as a 
pulse-forming network. 

artificial voice A device used to test and calibrate 
noise-canceling microphones, consisting essen- 
tially of a small loudspeaker that has a baffle 
whose acoustical properties simulate those of the 
human head. 

artos stripper A machine that cuts and strips wire 
for the fabrication of multiconductor cables. 

artwork 1. In the manufacture of printed circuits, 
the scaled drawings from which the mask or etch 
pattern is obtained photographically. 2. Collec- 
tively, the illustrations depicting an electronic cir- 
cuit, device, or system. 

As Symbol for ARSENIC. 

ASA Abbreviation of AMERICAN STANDARDS AS- 
SOCIATION. 

asbestos A nonflammable fibrous material consist- 
ing of calcium and magnesium silicates that is 
used for high-temperature insulation. 

A-scan A radar-screen presentation in which the 
horizontal time axis displays distance or range, 
and the vertical axis displays the amplitude of 
signal pulse and echo pulses. 

ascending node Fora satellite orbiting the earth or 
another planet, any point at which the ground- 
track crosses the equator as it moves from the 
southern hemisphere into the northern hemi- 
sphere. This node generally changes for each 
succeeding orbit, because the earth or planet ro- 
tates underneath the orbit of the satellite. Com- 
pare DESCENDING NODE. 

ascending pass For a specific point on the earth’s 
surface, the time during which an artificial com- 
munications satellite is accessible when its lati- 
tude is moving northward. The duration of 
accessibility depends on the altitude of the satel- 
lite, and on how close its groundtrack comes to 
the earth-based point. Compare DESCENDING 
PASS. 

ASCII Acronym (pronounced “ask-ee”) for Ameri- 
can Standard Code for Information Interchange. 

ASI Abbreviation for American Standards Institute. 

A-scope A radar system that displays an A-SCAN. 

Askarel A synthetic, nonflammable liquid dielec- 
tric. 

aspect ratio The width-to-height ratio of a video 
image, generally three units high by four units 
wide. 

asperities On the surface of an electrode, tiny 
points at which the electric field is intensified and 
from which discharge is highly probable. 

ASR 1. Abbreviation of AIRBORNE (or AIRPORT) 
surveillance radar. 2. Abbreviation of AUTO- 
MATIC SEND/ RECEIVE. 

ASRA Acronym for automatic stereophonic record- 
ing amplifier. 

assemble 1. To gather subprograms into a com- 
plete digital computer program. 2. To translate a 
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Symbols for ASCII teleprinter code 


First Last three signals 
four 
signals 000 001 010 O11 100 101 110 111 
0000 NUL DLE SPC 0O P / Pp 
0001 SOH ODCl ! 1 A Qa q 
0010 STX DC2 " 2 B Rb r 
0011 ETX DC3 # 3 Cc Soc s 
0100 EOT DC4 $ 4 D T d t 
0101 ENQ NAK % 5 E Ue u 
0110 ACK SYN & 6 F Vv of v 
0111 BEL ETB ' 7 G W g w 
1000 ~=BS CAN ( 8 H xX h x 
1001 HT EM ) 9 I Y i y 
1010 LF SUB * : J Ze ¥j Z 
1011. =VT ESC + : K [ k { 
1100 ~FF FS 5 < L / 1 / 
1101. CR GS = M ] m } 
1110 SO RS > N n ~ 
1111 SI US ? O - o DEL 
ACK: acknowledge FF: form feed 
BEL: bell FS: file separator 
BS: back space GS: group separator 
CAN: cancel HT: horizontal tab 
CR: carriage return LF: line feed 
DC1: device control no. 1 NAK: do not acknowledge 
DC2: device control no. 2 NUL: null 
DC3: device control no. 3 RS: record separator 
DC4: device control no. 4 SI: shift in 
DEL: delete SO: shift out 
DLE: data link escape SOH: start of heading 
ENQ: enquiry SPC: space 
EM: end of medium STX: start of text 
EOT: end of transmission SUB: substitute 
ESC: escape SYN: synchronous idle 
ETB: end of transmission US: unit separator 
block VT: vertical tab 
ETX: end of text 


symbolic program language into a machine (bi- 
nary) language program by substituting opera- 
tion codes and addresses. 

assembly 1. A finished unit that can be either a 
practical working model or a dummy, a proto- 
type, or a final model; an integrated aggregation 
of subunits. 2. A low-level computer source-code 
language that uses crude mnemonics that are 
easier to remember than the machine-language 
equivalents. 

assembly language A source code that uses 
mnemonic instructions. (See ASSEMBLY, 2.) 
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assembly program The program that operates on 
a symbolic-language program to produce a ma- 
chine language program in the process of assem- 
bly. Also called assembler. 

assembly robot A form of industrial robot that puts 
hardware together. Such a robot is generally a 
component of an automated integrated manufac- 
turing system (AIMS). The robot can do repetitive 
work at high speed and precision for long periods 
of time. 

assign To reserve part of a computing system for a 
specific purpose, normally for the duration of a 
program run. 

assigned frequency The radio carrier frequency or 
band of frequencies designated for a transmitting 
station by a licensing authority. Also see RADIO 
SPECTRUM. 

associative memory Computer memory in which 
locations are identified by content, rather than by 
specific address. 

assumed decimal point A decimal point that does 
not occupy an actual computer storage space, 
but is used by the computer to align values for 
calculation; the decimal point is assumed to be at 
the right unless otherwise specified. 

astable Having two temporary states; BISTABLE. 

astable circuit A circuit that has two unstable 
states, and whose operation is characterized by 
alternation between those states at a frequency 
determined by the circuit constants. 

astable multivibrator A free-running multivibra- 
tor. The common circuit uses two bipolar or field- 
effect transistors, their inputs and outputs being 
cross coupled. Conduction switches alternately 
between the two. 

astatic 1. Without fixed position or direction. 2. In 
a state of neutral equilibrium. 

astatic galvanometer A galvanometer with a mov- 
able element consisting of two identical magne- 
tized needles mounted nonparallel on the same 
suspension. Each needle is surrounded by a coil. 
The coils are wound in opposite directions, and 
are connected in series to the current source. A 
large permanent magnet provides the field 
against which the needle assembly rotates. The 
instrument functions independently of the geo- 
magnetic field. 

astatine Symbol, At. A radioactive elemental halo- 
gen produced from radioactive decay. Atomic 
number, 85. Atomic weight, 210. Formerly called 
alabamine. 
Astation One of the two stations in the transmit- 
ting system of LORAN (long-range navigation). 
astigmatism A focusing fault in a cathode-ray 
tube (CRT), in which electrons in different axial 
planes focus at different points. 

ASTM Abbreviation for American Society for Testing 
and Materials. 

astrionics The design, production, and application 
of electronic devices and systems for use in space 
vehicles and space navigation. 
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astronomical unit Abbreviation, AU. A unit of dis- 
tance equal to 1.496 x 108 kilometers (9.296 x 107 
miles). Approximately equal to the mean distance 
between the earth and the sun. 

Asupply See A POWER SUPPLY. 

asymmetrical cell A photocell exhibiting ASYM- 
METRICAL CONDUCTIVITY. 

asymmetrical communications 1. Two-way com- 
munications in which the volume of transmitted 
data is much greater in one direction than in the 
other. 2. Two-way communications in which the 
speed of transmitted data is much greater in one 
direction than in the other. Compare SYMMET- 
RICAL COMMUNICATIONS. 

asymmetrical conductivity A condition in which 
a device conducts well in one direction, but poorly 
in the other direction. A rectifier diode is a com- 
mon example of a component that exhibits this 
effect. 

asymmetrical distortion In a binary system, 
lengthening or shortening of one of the states, by 
comparison to the theoretical or ideal duration. 

asymmetrical FET A FIELD-EFFECT TRANSIS- 
TOR in which the source and drain cannot be in- 
terchanged without degrading performance. 

asymmetrical multivibrator An unbalanced mul- 
tivibrator (i.e., one in which the circuit halves are 
not identical). If the time constants of the halves 
are different, the output pulses will be short and 
widely separated. 

asymmetrical sideband See VESTIGIAL SIDE- 
BAND. 

asymmetrical sideband transmission See VESTI- 
GIAL SIDEBAND TRANSMISSION. 

asymmetrical wave A wave whose upper (positive 
half-cycle) and lower (negative half-cycle) por- 
tions have different amplitudes or shapes. Also 
called asymmetric wave. 

asymmetry control An adjustment in a device in- 
tended for measuring the pH (acidity/alkalinity). 
This corrects the inaccuracies that results from 
the differences between the electrodes. 

asymptote In analytical geometry, a fixed straight 
line or ray L with a special relationship to a 
curve or part of a curve K that recedes to infin- 
ity. As the distance from the origin (0,0) in- 
creases without limit, the separation between K 
and L approaches zero, but K and L never actu- 
ally meet. 

asymptotic breakdown voltage A voltage that will 
cause dielectric breakdown if applied continu- 
ously for a sufficiently long time. 

asymptotic expression An expression having a 
very small error in terms of percentage. 

asynchronous 1. Not synchronous, i.e., nonrecur- 
rent (as in out-of-phase waves). 2. A mode of 
computer operation in which the completion of 
one operation starts another. 

asynchronous device A device not regulated by 
the system in which it is used, as far as its oper- 
ating frequency or rate is concerned. 


Asymptoie 


Curve 


asymptote 


asynchronous input In digital circuitry, any flip- 
flop input at which a pulse can affect the output 
independently of the clock. 

asychronous motor An ac motor whose speed is 
not proportional to the supply frequency. 

asynchronous transmission Data transmission 
in which each character or symbol begins with a 
start signal and ends with a stop signal. This 
eliminates the need for the data to be sent at a 
uniform speed. 

asynchronous vibrator Ina vibrator-type portable 
power supply, a vibrator that only makes and 
breaks the primary circuit of the step-up trans- 
former. This is in contrast to the synchronous vi- 
brator, which also makes and breaks the 
secondary circuit in synchronism with the pri- 
mary. Also called NONSYNCHRONOUS VIBRA- 
TOR. 

AT A quartz crystal cut wherein the angle between 
the x-axis and the crystal face is 35 degrees. 

At Symbol for astatine. 

AT-cut crystal A piezoelectric crystal cut at a 35- 
degree angle, with respect to the optical axis of 
the quartz. The frequency of such a crystal does 
not appreciably change with variations in tem- 
perature. 

atmosphere 1. The gas surrounding a planet, par- 
ticularly the air sheathing the earth. 2. Abbrevia- 
tion, atm. A unit of pressure equal to 1.013 x 10° 
dynes per square centimeter (about 14.7 pounds 
per square inch). 

atmospheric absorption 1. The conversion of 
electromagnetic energy into heat, with resulting 
loss, as the energy passes through the earth’s at- 
mosphere. The extent of this effect depends on 
the wavelength. 2. See ABSORPTION LOSS, 2. 

atmospheric absorption noise Noise, principally 
above 1 GHz, resulting from atmospheric absorp- 
tion (see ABSORPTION LOSS, 2). 
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atmospheric bending The refraction or reflection 
of electromagnetic waves by the troposphere or 
ionosphere. See ATMOSPHERIC REFLECTION. 

atmospheric duct A tropospheric stratum, often 
associated with temperature inversions, lake ef- 
fects, or weather fronts, through which electro- 
magnetic energy at ultra-high and microwave 
frequencies is efficiently propagated for long dis- 
tances. 


Warm air 
ee 


Cad) air 
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Warm air 


Earth 


atmospheric duct 


atmospheric electricity Static electricity present 
in the atmosphere, which evidences itself in dis- 
turbance of radio communications and in dis- 
plays of lightning. 

atmospheric noise Receiver noise resulting from 
ATMOSPHERIC ELECTRICITY. Also called sferics 
or static. 

atmospheric pressure Abbreviation, atm press. 1. 
The pressure exerted by the earth’s atmosphere, 
as indicated by a barometer at sea level; normally 
between 29 and 31 inches of mercury. 2. A pres- 
sure of 1.013 x 10° dynes per square centimeter. 
See ATMOSPHERE, 2. 

atmospheric radio wave See SKYWAVE. 

atmospheric radio window The band of frequen- 
cies (approximately 10 MHz to 10 GHz), including 
radio waves that can penetrate the earth’s tropo- 
sphere and ionosphere. 

atmospheric reflection The return of a radio wave 
to earth, resulting from reflection by an ionized 
portion of the atmosphere. 


Tonized layers__ 
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wave Reflected wave 
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atmospheric reflection 


atmospheric refraction 1. Downward bending of 
radio waves as a result of variations in the dielec- 
tric constant of the troposphere. 2. Downward 
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bending of radio waves in the ionosphere, result- 
ing in long-range propagation at high frequencies. 

atmospheric scatter 1. The scattering of very-high 
frequency (VHF) and ultra-high frequency (UHF) 
radio waves by the lower atmosphere. 2. Commu- 
nication via scattering of VHF and UHF radio 
waves in the lower atmosphere. 

atmospherics See ATMOSPHERIC NOISE. 

atom 1. The smallest material particle that dis- 
plays the unique characteristics and properties of 
an element. Atoms consist of a dense, positively 
charged central nucleus, around which less-mas- 
sive, negatively charged electrons “swarm” at def- 
inite levels called shells. Also see BOHR ATOM 
and RUTHERFORD ATOM. 2. In a computer- 
compiling operation, an operator or operand. 

atomechanics The physics of electron movement. 

atomic battery A battery in which atomic energy is 
converted into electrical energy. 

atomic charge The electrification (i.e., the electron 
charge) exhibited by an ion. 

atomic clock Also called atomic time standard. A 
highly accurate electronic clock, driven by the 
characteristic oscillations of certain atoms. 

atomic energy Energy released by the FUSION or 
FISSION of atomic nuclei. Also see ATOMIC 
POWER. 

atomic fission See FISSION. 

atomic frequency The natural vibration frequency 
of an atom. 

atomic fusion See FUSION. 

atomic pile See REACTOR, 2. 

atomic mass unit Abbreviated amu. A unit that 
expresses the relative mass of an elemental iso- 
tope. One amu is equal to 12 of the atomic mass 
of carbon 12 (C12). A neutron has a mass of 
roughly one amu. 

atomic migration The transfer or “wandering” of a 
valence electron between or among atoms in a 
single molecule. 

atomic number The number of protons in the nu- 
cleus of an atom. Also, the number of electrons if 
the atom is electrically neutral. For example, the 
atomic number for copper is 29, indicating 29 
protons in the nucleus. An electrically neutral 
atom of copper has 29 electrons. The atomic 
number uniquely identifies an element. 

atomic radiation The emission of radiant energy 
by radioactive substances. 
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atomic reactor See REACTOR, 2. 

atomic theory The scientific theory that all matter is 
composed ultimately of atoms, which are the small- 
est particles retaining the identity of an element. 
Atoms combine to form molecules, the smallest 
particles that retain the identity of a compound. 
Atoms themselves contain minute subatomic parti- 
cles, some of which carry electric charges. See 
BOHR ATOM and RUTHERFORD ATOM. 

atomic time 1. A means of time determination 
that makes use of the resonant vibrations of cer- 
tain substances, such as cesium. 2. Synchro- 
nized astronomical time, as determined by an 
ATOMIC CLOCK. 

atomic unit of energy Ina hydrogen atom, the po- 
tential energy of the electron in the lowest-energy 
shell, as averaged over a certain length of time. 
The shell represents the mean energy of the elec- 
tron. 

atomic weight 1. The mass ofa particular atom in 
ATOMIC MASS UNITS (amu). 2. A number char- 
acterizing the average mass of individual atoms 
for a specific isotope of an element. Thus, carbon 
12 (C12) has an atomic weight of 12, oxygen 16 
(O16) has an atomic weight of approximately 16, 
and uranium 238 (U238) has an atomic weight of 
about 238. 

atomistics The science of the atom and atomic en- 
ergy. Also called atomics. 

attack 1. The rise of a pulse from zero to maximum 
amplitude. 2. The time required for a pulse to rise 
from zero to maximum amplitude. 3. The initial- 
ization of a circuit voltage or current for a certain 
purpose, such as an automatic gain control. 4. 
The rise of a musical note from zero to full volume. 


Amplitude 


Time 


attack 


attack time The time required for an applied sig- 
nal that suddenly increases in amplitude to reach 
63.2 percent of its final, stable value. 

attemperator An automatic temperature-control- 
ling device; a thermostat. 

attention display A computer-generated chart or 
graph, displayed as an alert signal concerning a 
particular situation. 
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attenuate To reduce in amplitude. 

attenuation A reduction of signal amplitude. 

attenuation characteristic Also called attenua- 
tion constant. 1. In an amplifier, network, or com- 
ponent, the decrease in signal amplitude as a 
function of frequency, usually expressed in deci- 
bels per octave. 2. In a transmission line, the de- 
crease in signal amplitude per unit length. 
Usually expressed in decibels per 100 feet, deci- 
bels per mile, or decibels per kilometer. 

attenuation constant See ATTENUATION 
CHARACTERISTIC. 

attenuation distortion A type of distortion char- 
acterized by variation of attenuation with fre- 
quency within a given frequency range. 

attenuation equalizer An equalizer that stabilizes 
the transfer impedance between two ports at all 
frequencies within a specified frequency band. 

attenuation-frequency distortion Distortion 
characterized by the attenuation of the frequency 
components in a complex waveform. Frequency- 
sensitive RC networks (such as a Wien bridge) ex- 
hibit this type of distortion when they attenuate a 
fundamental and each harmonic unequally. 

attenuation network A combination of compo- 
nents (R, C, or L singly or in any necessary 
combination) that provide constant signal 
attenuation with negligible phase shift through- 
out a frequency band. 

attenuation ratio The ratio indicating a relative 
current, voltage, power or energy decrease. For 
example, for voltage, Einput/Eoutpu = 6/2 = 3:1 = 3. 

attenuator A device for reducing signal amplitude 
in precise, predetermined steps, or smoothly over 
a continuous range. A network of resistors, ca- 
pacitors, or both. The simplest attenuator con- 
sists of one or more noninductive resistors. 


Input Output 


attenuator 


attitude The position of an aircraft or space vehicle 
relative to a (usually terrestrial) reference point, 
often determined with electronic instruments. 

atto- Abbreviated, a. A prefix meaning 107!® or 
multiplication by 10718. 

attofarad Abbreviation, aF. An extremely small 
unit of low capacitance; 1 aF equals 107!° F. 

attracted-disk electrometer A device to measure 
potential difference consisting of two parallel 
metal disks—one of which is connected to a ten- 
sion spring. The force between the disks indicates 
the magnitude of the electric field. 
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attraction The drawing together or pulling toward, 
as in the attraction between electric charges or 
magnetic poles. Dissimilar charges and poles at- 
tract each other (electric plus to minus, magnetic 
north to south). Compare REPULSION. 

ATV Abbreviation of amateur television, used in the 
Amateur Radio Service. 

AU_ Abbreviation of ASTRONOMICAL UNIT. 

Au Symbol for GOLD. 

audibility The quality of being detectable by the 
human ear. In a healthy listener, the threshold of 
audibility is extremely low; at the threshold, the 
pressure of a sound wave varies from normal by 
approximately 10% pascal. The frequency range 
of human audibility extends roughly from 20 Hz 
to 20 kHz. 


Sound Audibility (dB) 
Threshold of hearing 0 
Whisper 10-20 
Electric fan at 10 feet 30-40 
Running water at 10 feet 40-60 
Speech at 5 feet 60-70 
Vacuum cleaner at 10 feet 70-80 
Passing train at 50 feet 80-90 
Jet at 1000 feet altitude 90-100 
Rock band on stage 110-120 
Air hammer at 5 feet 130-140 


audibility table 


audibility curve A graph (such as the Fletcher- 
Munson curve) that depicts the range of human 
hearing in terms of frequency versus the sound 
pressure at the threshold of AUDIBILITY. 

audible Detectable by the human ear. 

audible alarm device An ANNUNCIATOR that 
produces an easily identifiable sound in re- 
sponse to an ALARM CONDITION in a security 
system. 

audible frequency See AUDIO FREQUENCY. 

audible tone A vibration of air molecules that can 
be detected by the human ear, and with periodic 
properties, such as a sine-wave vibration. 

audio 1. Pertaining to the spectrum of frequencies 
corresponding to the human hearing range 
(about 20 Hz to 20 kHz), or to equipment or per- 
formance associated with that spectrum. 2. Any 
disturbance, such as a current or compression 
wave, falling within the range of about 20 Hz to 
20 kHz. 3. AUDIO FREQUENCY. 

audio amplifier See AUDIO-FREQUENCY AMPLI- 
FIER. 

audio band The range (band) of audio frequencies. 

audio channel 1. The portion of a complex signal 
or waveform used to convey audio information ex- 
clusively. 2. The audio-frequency section of a 
transmitter or receiver (as opposed to the radio- 
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frequency section). 3. A radio channel of fixed fre- 
quency that is reserved for voice communica- 
tions. 

audio clipping Brute-force limiting of the ampli- 
tude of an audio signal, usually accomplished us- 
ing semiconductor diodes to prevent the positive 
and negative peak amplitudes from exceeding a 
certain level. 


Clipping level control 
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audio component The audio-frequency portion of 
any wave or signal. 

audio converter A circuit in which a received ra- 
dio-frequency (RF) signal is heterodyned with a 
local RF oscillator signal to produce an audio- 
frequency (AF) beat-note output. The beat note is 
then amplified by an AF amplifier. It is used es- 
pecially by amateur radio operators in the recep- 
tion of continuous-wave (CW) radiotelegraphy, 
radioteletype, and packet radio at high frequen- 
cies. 

audio frequency A frequency lying within the au- 
dible spectrum. Abbreviated AF. See AUDIO- 
FREQUENCY SPECTRUM. 

audio-frequency amplifier An amplifier that oper- 
ates in part or all of the frequency range 20 Hz to 
20 kHz. High-fidelity amplifiers function over a 
somewhat wider range (e.g., 10 Hz to 50 kHz). 

audio-frequency choke An inductor (usually hav- 
ing a ferromagnetic core) that blocks audio-fre- 
quency current, but passes direct current. 

audio-frequency feedback 1. Electrical FEED- 
BACK (positive and/or negative) that affects audio- 
frequency circuits. 2. ACOUSTIC FEEDBACK. 

audio-frequency filter A filter of any type that op- 
erates on any part of the frequency range 20 Hz to 
20 kHz. 
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audio-frequency meter An instrument to measure 
frequencies in the audio-frequency spectrum (ap- 
proximately 20 Hz to 20 kHz). Three types are 
commonly used: 

e Analog Gives direct indications of frequency on 
the scale of a D’Arsonval meter; the usual range 
is 20 Hz to 100 kHz. 

¢ Digital Gives direct indications of frequency by 
means of readout lamps; the usual range is 1 Hz 
to 15 MHz. This instrument is useful also as a 
radio-frequency meter. 

¢ Bridge Consists of a frequency-sensitive bridge, 
such as a Wien bridge, with a null-indicating 
meter. The operator balances the bridge and 
reads the unknown frequency from the dial of 
the balance control. 


AF input 


— 


ac detector 


‘Tuning 


c2 





Cl = C2, R3=R4 
At null, f= L/(2R2C1) 


audio-frequency meter 


audio-frequency noise Any electrical noise signal 
causing interference within the audio-frequency 
spectrum. 

audio-frequency oscillator See AUDIO OSCILLA- 
TOR. 

audio-frequency peak limiter Any circuit or de- 
vice, such as a biased diode, that performs the 
function of audio limiting. 

audio-frequency-shift keying Abbreviation, AFSK. 
Frequency-shift keying that is done at audio 
frequencies (below approximately 20 kHz) rather 
than at radio frequencies. There are two audio 
sine-wave signals, one for logic 1 (high or mark) 
pulses and the other for the logic O (low or space) 
pulses. This scheme is commonly used with 
telephone modems where the signal bandwidth is 
severely limited by circuit characteristics. At 
typical data speeds in twisted-pair telephone 
lines (usually 28.8 or 57.6 kbps), signals of this 
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type sound like a hiss or roar. 
FREQUENCY-SHIFT KEYING. 

audio-frequency-shift modulator A modulator for 
audio-frequency-shift keying of a signal. 

audio-frequency spectrum The band of frequen- 
cies extending from roughly 20 Hz to 20 kHz. 
High-fidelity component specifications extend 
this range somewhat in both directions (e.g., from 
10 Hz to 50 kHz). 

audio-frequency transformer Abbreviation, AF 
transformer. A device used for the purpose of 
matching impedances at frequencies within the 
range of human hearing (up to approximately 20 
kHz). This ensures the most efficient possible 
transfer of power between stages of audio ampli- 
fication, between an amplifier and a speaker or 
headset, or between a microphone and an audio 
preamplifier. These transformers are available 
with various power ratings and impedance- 
matching ratios. Some devices are tailored to 
have a certain attenuation-versus-frequency re- 
sponse. At audio frequencies, transformers are 
physically similar to the alternating-current 
transformers used in power supplies. They are 
wound on laminated or powdered-iron cores. 
Compare RADIO-FREQUENCY TRANSFORMER. 

audio-frequency transistor A transistor that is 
usually used only at audio frequencies. 

audiogram A graph used to rate hearing, used by 
audiologists and audiometrists. 

audio image In a direct-conversion receiver, a re- 
sponse to a signal on one side of (above or below) 
the local-oscillator (LO) frequency, when the op- 
erator is listening to a signal on the other side of 
the LO frequency. These responses are reduced 
or eliminated in single-signal receivers. 

audio-level meter An ac meter for monitoring sig- 
nal amplitude in an audio-frequency system. It 
can indicate in volts, decibels, volume units (VU), 
or arbitrary units, and is often permanently con- 
nected in the circuit. 

audio limiter A limiter or clipper operated in the 
audio-frequency (AF) channel of a receiver or 
transmitter to hold the output-signal amplitude 
constant, or to minimize the effect of noise peaks. 

audiologist A person skilled in testing hearing (i.e., 
in using audiometers and other electronic instru- 
ments) and evaluating their indications for the 
fitting of hearing aids. 

audiometer An instrument used for hearing tests, 
which consists of a specialized audio-frequency 
(AF) amplifier with calibrated attenuators, output 
meter, and signal source. 

audiometrist A person skilled in the use of au- 
diometers and other electronic instruments that 
measure sound and human hearing, and who 
deals with attendant health and behavior prob- 
lems. Compare ACOUSTICIAN and AUDIOLOGIST. 

audio mixer An amplifier circuit for blending two 
or more audio-frequency (AF) signals, such as 
those delivered by microphones or receivers. 


Compare 
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audio oscillator 1. An oscillator that delivers an 
output signal in the frequency range 20 Hz to 20 
kHz. 2. An audio-frequency (AF) signal generator. 
Some instruments of this type operate above and 
below the limits of the common audio-frequency 
spectrum (e.g., 1 Hz to 1 MHz). 

audio output The output of an audio-frequency 
oscillator or amplifier. It can be measured in 
terms of peak or rms volts, amperes, or watts. 

audiophile A sound-reproduction hobbyist. 

audio power Alternating-current power at frequen- 
cies roughly between 20 Hz and 20 kHz. When 
used in connection with transmitters and other 
modulated radio-frequency (RF) equipment, the 
term refers to modulator power output. 

audio response unit A device that links digitized 
responses, held in computer storage, to a tele- 
phone set or line to answer incoming calls and in- 
quiries. 

audio signal generator See AUDIO OSCILLA- 
TOR, 2. 

audio spectrum The range of sine-wave frequen- 
cies detectable by the human ear when they oc- 
cur as acoustic vibrations. This range is about 20 
Hz to 20 kHz. 

audio squelch A squelch circuit that operates only 
on the audio channel of a receiver. 

audio system 1. The portion of any electronic as- 
sembly that is used to process sound. 2. Special 
computer equipment capable of storing and pro- 
cessing digitized audio-frequency (AF) data. 

audiotape Magnetic tape for the recording and re- 
production of data in the audio-frequency (AF) 
range. 

audio taper In potentiometers, a semilogarithmic 
variation of resistance versus rotation. Used in 
volume and tone controls for audio circuits. At 
midposition (the halfway point), the counter- 
clockwise portion of the device has about V10 the 
resistance of the clockwise portion. A listener will 
hear sound at half-volume because of the loga- 
rithmic nature of the human audibility curve. 

audio-visual Pertaining to a combination of sound 
and sight (e.g., television and sound motion pic- 
tures). 

auditory backward inhibition A subjective phe- 
nomenon, in which a sound is erased from the 
memory of a listener by a second sound arriving 
about 60 milliseconds later. 

auditory inhibition The tendency of sound waves 
to be partially or totally canceled by the 
ears/mind of a listener, depending on the waves’ 
intensity, relative phase, and/or direction of im- 
pact. 

auditory mirage See ACOUSTIC MIRAGE. 

audit trail A history of the processes relating to a 
record, transaction, or file in a computer system. 
Created during the routine processing of data, 
the trail is stored as a file. The audit trail allows 
auditing of the system or the subsequent recre- 
ation of files. 
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augend In a calculation, the number to which an- 
other is to be added. Compare ADDEND. 

augend register In a digital computer, the register 
that stores the augend. Compare ADDEND REG- 
ISTER. 

aural Pertaining to sound actually heard, as op- 
posed to sound that exists only as audio- 
frequency currents or waves. 

aurora A phenomenon sometimes called the north- 
ern lights or southern lights, as seen in the night 
sky. In the Northern Hemisphere, it is known as 
Aurora Borealis; in the Southern Hemisphere, it 
is called Aurora Australis. It generally occurs a 
few hours after a solar flare, when charged parti- 
cles, emitted from the sun, arrive at the earth, 
and are accelerated in the vicinity of the the geo- 
magnetic poles. 

auroral absorption Radio wave absorption by an 
aurora. 

auroral flutter Rapid fading of a signal at high or 
very high frequencies, so-called because it often 
imparts a fluttering quality to the signal that is 
caused by phase distortion and Doppler shift 
when the waves are reflected from the aurora. 

auroral interference 1. Interference to high- 
frequency radio propagation and also occasion- 
ally to medium-frequency and low-frequency 
propagation, caused by the activity of the aurora. 
2. Auroral flutter on a signal. 

auroral opening A condition in which radio com- 
munication becomes possible via AURORAL 
PROPAGATION. It can occur when communica- 
tion between two points is normally impossible at 
a certain frequency. Auroral openings allow long- 
distance communication well into the very-high- 
frequency (VHF) spectrum. 

auroral propagation Reflection of radio signals 
from aurora that occur during geomagnetic 
storms. Theoretically, auroral propagation is pos- 
sible when the aurora are active, between any two 
points on the earth’s surface from which the same 
part of the aurora lie on a line of sight. This type 
of propagation seldom occurs when one end of the 
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circuit is at a latitude less than 35 degrees north 
or south of the equator. Auroral propagation can 
take place at frequencies well above 30 MHz. It is 
characterized by deep, rapid fading and random 
phase modulation of reflected signals. 

auroral reflection The return of electromagnetic 
waves that have been beamed toward an aurora. 
Most often observed between 15 MHz and 150 
MHz. 

authorized access switch A device that disables a 
security system in a defined region or volume so 
that authorized personnel can enter without trig- 
gering an alarm condition. 

authorized channel The carrier frequency or band 
assigned to a transmitting station by a licensing 
authority. Also see RADIO SPECTRUM. 

autoalarm A device that is actuated from a re- 
ceived signal to alert a radio or computer network 
operator to the existence of a message. 

autobaud 1. In digital communications, a function 
that allows the equipment to adjust itself to the 
speed of the terminal. 2. Any digital communica- 
tions equipment capable of automatically adjust- 
ing to the speed of the terminal. 

autocondensation The application of radio- 
frequency (RF) energy to the human body for 
medical purposes. The living organs serve as an 
impedance or load, across which the RF is ap- 
plied. 

autoconduction The application of  radio- 
frequency (RF) currents into the body, by placing 
the living organ inside a coil and supplying the 
coil with RF. Used for medical purposes. 

autocorrelation function A measure of the simi- 
larity between delayed and undelayed versions of 
a signal, expressed as a delay function. 

autodyne reception Radio reception of cw signals 
by means of an oscillating detector. This is in 
contrast to heterodyne reception, in which a local 
oscillator (LO) generates an audio beat note with 
the cw signal in a separate detector. 

autoionization A two-phase process of atomic ion- 
ization. The atom is excited beyond its ionization 
potential, and then it is allowed to deionize, caus- 
ing the emission of an electron. The result is a 
positively charged atom (positive ion). 

automated communications ‘The transfer of data 
without the use of operating personnel; generally 
done with computers connected to communica- 
tions equipment. 

automated guided vehicle Abbreviation, AGV. A 
robot cart that runs without a driver. It uses an 
electric engine and is guided by the magnetic field 
produced by a current-carrying wire embedded in 
the floor or pavement. Alternatively, the robot can 
run on a track. 

automated home A residence in which many, or 
most, of the routine chores are done by comput- 
ers and/or robots. Examples of such tasks are 
dishwashing, doing the laundry, mowing the 
lawn, blowing snow, and vacuuming the floors. 


automated integrated manufacturing system 
Acronym, AIMS. An assembly line or factory that 
uses robots, often controlled by one or more com- 
puters, to perform specific tasks that result in the 
production of various hardware items. 

automatic Self-regulating, independent of human 
intervention. Some periodic adjustment might be 
needed. 

automatic base bias A method of obtaining base 
bias in a bipolar transistor, where a resistor 
develops a voltage drop because of the current 
flowing through it. The resistor is usually placed 
in the emitter circuit, raising the emitter above 
ground potential. 

automatic bass compensation Also called bass 
boost. In audio high-fidelity systems, a resistor- 
capacitor (RC) network that increases the relative 
amplitude of the bass at low volume levels. This 
compensates for the ear’s inefficiency at low fre- 
quencies. The function can be automatically ac- 
tuated by the setting of the volume control, or it 
can be switched manually on and off. 

automatic bias In an amplifier, dc base/gate/ 
grid bias obtained from the voltage drop produced 
by collector/drain/plate current flowing through 
a resistor common to the input and output. This 
resistor is usually shunted by a capacitor and 
placed in the emitter/source/cathode circuit. 
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automatic brightness control A circuit that uses 
the same principles used in AUTOMATIC GAIN 
CONTROL (AGC) to hold steady the average 
brightness of a television (TV) picture. 

automatic carriage Typewriters, automatic key 
punches, and other devices that can control au- 
tomatically the spacing and feeding of paper, 
cards, and forms. 

automatic check 1. In a digital computer, the au- 
tomatic inspection of operation and performance 
by a self-contained subsystem. 2. The circuit or 
device for performing this inspection. 

automatic chrominance control In a color televi- 
sion (TV) receiver, a subcircuit that controls the 
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gain of the chrominance bandpass amplifier by 
automatically adjusting its bias. 

automatic circuit breaker Any device that opens 
a circuit automatically when the flow of current 
becomes excessive. The breaker generally resets 
automatically after a specified length of time, or 
after power has been temporarily removed from 
the circuit. 

automatic coding The use of a computer to deter- 
mine the steps for solving a problem, before the 
actual program for the problem is written. This 
can help software engineers develop long and/or 
complex computer programs. 

automatic contrast control A circuit that auto- 
matically adjusts the gain of the video IF and RF 
stages of a television (TV) receiver to preserve 
good picture contrast. 

automatic controller In servo systems, any of sev- 
eral circuits or devices that samples a variable 
signal, compares it with a standard (reference) 
signal, and delivers a control or correction signal 
to an actuator. 

automatic crossover 1. Current limiting in a 
power supply. 2. A device that switches a circuit 
from one operating mode to another automati- 
cally when conditions change in a predetermined 
manner. 

automatic current limiter A circuit or device for 
holding the output current of a power supply to a 
safe value during overload. 

automatic current regulator A circuit or device 
that holds the output current of a generator or 
power supply to a predetermined value, in spite of 
wide variations in load resistance. 

automatic cutout A device that shuts down a cir- 
cuit or system when the safe limits of operation 
are exceeded. A circuit breaker is an example of 
such a device, as is a thermostat in a power am- 
plifier. 

automatic data processing Abbreviation, ADP. 
The use of computers and accessories for calcula- 
tions and tabulations using data gathered auto- 
matically by the system. 

automatic degausser A system for automatically 
demagnetizing the picture tube in a color televi- 
sion (TV) receiver. 

automatic dialing unit Abbreviated, ADU. A de- 
vice that automatically generates dialing digits. 
Many telephone sets have these devices, some of 
which can be programmed for several different 
telephone numbers, including country codes and 
area codes. 

automatic dictionary A computer system compo- 
nent that substitutes codes for words and 
phrases in information retrieval systems. In lan- 
guage-translating systems, it provides word- 
for-word substitutions. 

automatic direction finder Abbreviated ADF. A 
specialized receiver/antenna combination for au- 
tomatically showing the direction from which a 
signal arrives. 


automatic error correction A technique of cor- 
recting transmission errors using error-detecting 
and error-correcting codes and, usually, auto- 
matic retransmission. 

automatic exchange A transmission exchange in 
which interterminal communications are accom- 
plished without operators. 

automatic focusing A method of focusing a pic- 
ture tube automatically, in which a resistor con- 
nects the focusing anode to the cathode; thus, no 
external focusing voltage is necessary. 

automatic frequency control Abbreviation, AFC. 
A system that keeps a circuit automatically tuned 
to a desired signal frequency. A detector (such as 
a discriminator) operated from the tuned circuit 
delivers a dc output voltage only when the circuit 
is operating above or below the signal frequency; 
otherwise, it has zero dc output. The dc output, 
when present, alters the capacitance of a varactor 
in the tuned circuit to retune the stage to the de- 
sired frequency. 
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automatic gain control Abbreviated AGC. A sys- 
tem that holds the output of a receiver or ampli- 
fier substantially constant despite input-signal 
amplitude fluctuations. A rectifier samples the ac 
signal output and delivers a dc signal propor- 
tional to that output. The dc signal is filtered, and 
the smoothed-out voltage is applied in correct po- 
larity as bias to one or more preceding stages to 
reduce their gain. The stronger the signal enter- 
ing the system, the greater the reduction in gain. 
As a result, weak signals are amplified much 
more than strong ones. Various forms of this 
scheme are used in many types of amplifiers and 
communications systems. 

automatic gate bias A method of obtaining gate 
bias in a FET, where a resistor develops a volt- 
age drop because of the current flowing through 
it. The resistor is usually placed in the source 
circuit, raising the source above ground poten- 
tial. 

automatic height control In a television ( re- 
ceiver, a system that automatically maintains the 
height of the picture, despite signal-amplitude 
fluctuations, power-line voltage changes, and 
gain variations. 

automatic intercept A telephone answering ma- 
chine. It allows messages to be recorded when the 
subscriber is not able to answer the telephone. 
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automatic interrupt A program interruption 
caused by hardware or software acting in re- 
sponse to some event independent of the pro- 
gram. 

automatic level compensation See AUTOMATIC 
GAIN CONTROL. 

automatic level control Abbreviation, ALC. 1. A 
circuit that adjusts the input gain of a magnetic- 
tape recording device to compensate for changes 
in the loudness of the sound reaching the micro- 
phone. 2. A form of AUTOMATIC GAIN CONTROL 
used in single-sideband (SSB) radio transmitters 
to maintain linearity while increasing the level of 
the average power relative to the peak power. 

automatic line feed In the digital transmission of 
printed matter, the automatic insertion of a line 
feed (LF) character immediately following every 
carriage return (CR) character. 

automatic modulation control Abbreviation, 
AMC. In a frequency-modulated (FM) radio trans- 
mitter, a form of AUTOMATIC GAIN CONTROL 
that regulates the gain of the audio amplifiers to 
compensate for fluctuating audio input ampli- 
tude. This prevents overdeviation while optimiz- 
ing signal intelligibility. 

automatic noise limiter Abbreviation, ANL. Any 
of several circuits for clipping noise peaks ex- 
ceeding a predetermined maximum received- 
signal amplitude. 


automatic phase control In a color television (TV) 
receiver, a circuit that synchronizes the burst sig- 
nal with the 3.58-MHz color oscillator. 

automatic pilot An electronic device, often com- 
puter-controlled, that automatically keeps a ship, 
airplane, or space vehicle on course. 

automatic polarity In an electronic metering de- 
vice, a means of automatically switching the in- 
put polarity of the instrument when the input 
signal polarity is shifted. Also called bipolar oper- 
ation. 

automatic programming See AUTOMATIC COD- 
ING. 

automatic protective device A circuit or device 
(such as a fuse, circuit breaker, limiter, or regu- 
lator) that protects another circuit or device by 
automatically removing, reducing, or increasing 
the current or voltage during overload or under- 
load. 

automatic radio compass See 
DIRECTION FINDER. 

automatic ranging In a metering device, the auto- 
matic adjustment or optimization of the full-scale 
range to compensate for large changes in the in- 
put parameter. 

automatic regulation 1. Voltage regulation. In a 
power supply, the automatic holding of the output 
voltage to a constant value, despite variations in 
the input voltage or load resistance. 2. Current reg- 
ulation. In a power supply, the automatic holding 
of the output current to a constant value, despite 
variations in the input voltage or load resistance. 

automatic relay The relaying of messages auto- 
matically from one station to another via interme- 
diate points, without the need for human 
operators. 

automatic repeater station A station that re- 
ceives signals and simultaneously retransmits 
them, usually on a different frequency. 

automatic reset 1. The self-actuated restoration 
of a circuit or device to a given state (e.g., the 
state of rest). 2. A circuit or device that restores 
another circuit or device to a given state. 

automatic scanning 1. The automatic (usually 
repetitive) tuning or adjustment of a circuit or 
system throughout a given frequency range. In a 
radio receiver, the system can be programmed to 
pause or stop at occupied channels, passing over 
vacant ones; or it can be programmed to pause or 
stop at vacant channels, passing over occupied 
ones. 2. The repetitive sweep of a cathode-ray- 
tube (CRT) electron beam. 

automatic scanning’ receiver Also _ called 
PANORAMIC RECEIVER. A radio receiver that is 
automatically tuned (usually repetitively) over a 
frequency band. Such a receiver either homes in 
on a signal when one is found, or displays on a 
cathode-ray-tube (CRT) screen the distribution of 
signals in the band. 

automatic secure voice communications A wide- 
band and narrowband voice-digitizing application 


AUTOMATIC 
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to a security network that provides encoded voice 
communications. 

automatic send/receive set A teletypewriter or 
terminal that is capable of receiving and trans- 
mitting. 

automatic sensitivity control 1. A self-actuating 
circuit using principles similar to those used in 
AUTOMATIC GAIN CONTROL. It varies the sensi- 
tivity of the radio-frequency (RF) and intermedi- 
ate-frequency (IF) sections of a receiver in inverse 
proportion to the strength of a received signal. 2. 
In a bridge null detector, a circuit similar to the 
one described in 1, which operates ahead of the 
detector, varying the sensitivity of the latter auto- 
matically. 

automatic sequencing The ability of a digital com- 
puter to perform successive operations without 
additional instructions from the operator. 

automatic short-circuiter A device that automat- 
ically short-circuits the commutator bias in some 
single-phase commutator motors. 

automatic short-circuit protection A circuit that 
allows the output of a power supply to be short- 
circuited without damage to the components 
in the supply. It usually consists of a current- 
limiting device. 

automatic shutoff A switching arrangement that 
automatically shuts off a device or circuit under 
certain specified conditions. 

automatic switch center A telephone-switching 
network that routes calls to their destinations 
without the need for a human operator. 

automatic target control For a vidicon television 
camera tube, a circuit that automatically adjusts 
the target voltage in proportion to brightness of 
the scene. 

automatic telegraph reception Telegraph recep- 
tion providing a direct printout of the received in- 
formation, without intervention by an operator. 

automatic telegraph transmission Telegraph 
transmission originating from tapes, disks, or other 
records, rather than from a hand-operated key. 

automatic telegraphy Communications that uti- 
lize automatic telegraph transmission and recep- 
tion. 

automatic time switch A time-dependent circuit 
or device that opens or closes another circuit at 
the end of a predetermined time interval. 

automatic tracking A method of keeping a radar 
beam automatically fixed on a target. 

automatic trip A circuit breaker that automati- 
cally opens a circuit. 

automatic tuning A process whereby a circuit 
tunes itself to a predetermined frequency upon 
receiving a command signal. 

automatic voltage regulator A circuit that keeps 
the output of a power supply constant, despite 
the load resistance or input voltage to the supply. 

automatic volume control Abbreviated AVC. The 
use of AUTOMATIC GAIN CONTROL in an audio 
amplifier system. 


automatic zero In an electronic meter, a means of 
automatically setting the indicator to zero in the 
absence of an input signal. 

automation 1. The control of machines or pro- 
cesses by self-correcting electronic systems. See 
ROBOT. 2. The use of robots and/or computers, 
rather than human beings, to perform repetitive 
tasks. 3. The use of robots and/or computers to 
assist human beings in industrial, office, govern- 
mental, and educational work. 

automaton A simple robot that performs a task or 
set of tasks without artificial intelligence (AI). 
These machines have existed for decades. Com- 
pare ANDROID. 

automonitor In digital computer operations, to re- 
quire the machine to supply a record of its infor- 
mation-handling operations. Also, the program 
for such instructions. 

automotive battery A set of four or eight 
rechargeable lead-acid cells connected in series 
and housed in a common enclosure. The elec- 
trolyte is a free-flowing liquid acid. Provides ap- 
proximately 6 volts (four cells) or 12 volts (eight 
cells) under no-load conditions when fully 
charged. The high mass results in large energy- 
storage capacity. These batteries must be han- 
dled with care and always kept in an upright 
position to prevent spillage of the acid. See 
LEAD-ACID BATTERY, LEAD-ACID CELL. 

autonomous robot A self-contained robot with an 
independent computerized control system. It 
moves under its own power, usually by rolling on 
wheels or a track drive. Compare INSECT ROBOT. 

autopatch A remotely controllable device that in- 
terconnects a radio-communications system into 
a telephone network. 

autopilot A self-correcting control and guidance 
device for the automatic management of an air- 
craft or missile. 

autoranging See AUTOMATIC RANGING. 

autosyn A device or system that operates on the 
principle of the synchronous ac motor, in which 
the position of the rotor in one motor (the trans- 
mitter) is assumed by the rotor in a distant motor 
(the receiver) to which the first is connected. 

auto tracking A method of controlling the output 
voltages of many different power supplies simul- 
taneously. 

autotransducter A type of magnetic amplifier 
whose power windings serve also as control wind- 
ings. 

autotransformer A single-winding transformer in 
which the primary coil is a fraction of the entire 
winding for voltage step-up, or the secondary coil 
is a fraction of the entire winding for voltage step- 
down. 

auxiliary circuit A circuit that is supplementary to 
the main system. 

auxiliary contacts In switches and relays, con- 
tacts that are supplementary to the main con- 
tacts and are usually actuated with them. 
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auxiliary equipment 1. Also known as peripher- 
als. An apparatus not directly governed by the 
central processing unit of a digital computer, 
such as a printer or personal robot. 2. Peripheral 
equipment in any system. 3. Backup equipment. 

auxiliary memory In a digital computer, a unit 
that is supplementary to the main memory, 
which it augments. 

auxiliary receiver Also called standby receiver. In 
a radio communications system, a receiver that is 
available for use if the main receiver fails. 

auxiliary relay 1. A standby relay. 2. A relay 
whose operation supports that of another relay. 
3. Arelay that is actuated by the operation of an- 
other relay. 

auxiliary switch 1. A standby switch. 2. A switch 
wired in series or parallel with another switch. 3. 
A switch that is operated by another switch. 


Maio Aux. 
o— 
AUX, 
anxiliary switch, 2 


auxiliary transmitter Also called standby trans- 
mitter. In a radio communications system, a 
transmitter that is available for use if the main 
transmitter fails. 

a/v Abbreviation of AUDIO-VISUAL. 

aV_ Abbreviation of attovolt. 

availability The proportion of time during which 
an apparatus is operating correctly. It is usually 
given as a percentage. 

available conversion gain The ratio of the input 
power to the output power of a transducer or con- 
verter. It is generally given in decibels. 
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available gain The ratio P,/P;, where P; is the avail- 
able power at the input of a circuit and P, is the 
available power at the output. 

available line The percentage of the length of a fac- 
simile scanning line that is usable for picture sig- 
nals. 

available power The mean square of the open- 
circuit terminal voltage of a linear source divided 
by four, times the resistive component of the 
source impedance. The available power is the 
maximum power delivered to a load impedance, 
equal to the conjugate of the internal impedance 
of the power source. 

available power gain In a power transistor, the ra- 
tio of available transistor output power to the 
power available from the generator. It depends on 
the generator resistance, but not on the transis- 
tor load resistance. 

available signal-to-noise ratio The ratio P,/P,, 
where P, is the available signal power at a given 
point in a system and P, is the available random- 
noise power at that point. 

available time 1. The time during which a com- 
puter is available and ready for immediate use. 2. 
The amount of time a computer is available to an 
individual. 

avalanche The phenomenon in semiconductors 
operated at high reverse bias voltage, whereby 
carriers acquire sufficient energy to produce new 
electron-hole pairs as they collide with atoms. 
The action causes the reverse current to increase 
sharply. 

avalanche breakdown In a semiconductor P-N 
junction, a condition that occurs when the re- 
verse bias voltage exceeds a certain value. If the 
electric field in the vicinity of the junction be- 
comes strong enough, charge carriers are dis- 
lodged from the atoms and the carriers (electrons 
and holes) flow freely across the P-N junction in 
the opposite direction from normal. The mini- 
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mum reverse-bias voltage required to cause this 
phenomenon varies among different kinds of 
diodes. Some diodes are manufactured to have 
precise avalanche voltages. See ZENER DIODE. 

avalanche conduction In a semiconductor junc- 
tion, the enhanced reverse-bias conduction 
caused by a condition of AVALANCHE. 

avalanche current The high current that flows 
through a_ semiconductor junction when 
AVALANCHE occurs. 

avalanche diode See ZENER DIODE. 

avalanche impedance The reduced impedance of 
a diode during avalanche. 

avalanche noise Electrical noise generated in a 
junction diode operated at the point at which 
avalanche just begins. 

avalanche transistor A transistor that operates at 
a high value of reverse-bias voltage, causing the 
pn junction between the emitter and base to con- 
duct because of avalanche breakdown. 

avalanche voltage In a semiconductor P-N junc- 
tion, the minimum applied reverse-bias voltage 
that produces AVALANCHE BREAKDOWN. 

AVC Abbreviation of automatic volume control. 

avdp Abbreviation for Avoirdupois, a_ weight- 
measurement scheme that is used in English- 
speaking countries and is based on the pound. 

average absolute pulse amplitude The average 
(disregarding algebraic sign) of the absolute am- 
plitudes of a pulse, taken over the duration of the 
pulse. 

average brightness The average brilliance of a 
television (TV) picture, cathode-ray-tube (CRT) 
computer display, or oscilloscope image. 

average calculating operation The operating time 
considered typical for a computer calculation 
(i.e., one that is longer than an addition and 
shorter than a multiplication); it is frequently 
taken as the average of nine additions and one 
multiplication. 

average current Abbreviation, I,,,. The average 
value of alternating current flowing in a circuit. 
Taking polarity into account, this value is zero for 
a pure sine wave. For other waveforms, it can 
vary. When polarity is not considered, the sine- 
wave value of I, is equal to 0.637 times I, the 
peak value of current; Igy, = 0.637 Ipx. 

average life See MEAN LIFE. 

average noise figure The ratio of the total noise 
output from a circuit to the thermal noise output 
at 290 degrees Kelvin. It is usually expressed in 
decibels, with the noise taken at all frequencies. 

average power The average value of power in an ac 
circuit. In a resistive circuit, it is the square of the 
effective (rms) current times the resistance; Pgy, = 
(Ims)2R (for sine waves). 

average pulse amplitude Also called effective 
pulse amplitude. The value obtained by integrat- 
ing the pulse amplitude, with respect to time, 
from the start of the pulse to its end, then divid- 
ing this integral by the pulse duration. 
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average rectified current Abbreviation, Ig. The 
average value of rectifier output current before fil- 
tering. For a full-wave rectifier with a sine wave 
input and a resistive load, Iqug is equal to the max- 
imum current J, multiplied by 0.637. 

average rectified voltage Abbreviation, E,,,. The 
average value of rectifier output voltage before fil- 
tering. For a full-wave rectifier with a sine-wave 
input and a resistive load, E,,, is maximum volt- 
age E,, multiplied by 0.637. 

average value 1. The arithmetic mean of two or more 
quantities. 2. The geometric mean of two or 
more quantities. 3. The harmonic mean of two 
or more quantities. 4. In ac operation, the aver- 
age current, voltage, or power. 

average voltage Abbreviation, E,,,. The average 
value of ac voltage in a circuit. Taking polarity into 
account, this value is zero for a pure sine wave. 
For other waveforms, it can vary. When polarity is 
not considered, the sine-wave value of Ezy, is equal 
to 0.637 times E,,, the peak value of voltage. 

avg Abbreviation of average. 

aviation channels Frequency channels assigned 
to the AVIATION SERVICES. 

Aviation services The radio-communication ser- 
vices used by aeronautical-mobile and radio nav- 
igation personnel. 

avigation Acronym for aviation navigation. Aircraft 
navigation by means of electronic equipment. 

avionics Acronym for aviation electronics. The de- 
sign, production, and application of electronic de- 
vices and systems for use in aviation, navigation, 
and astronautics. 

Avogadro’s constant (Amedeo Avogadro, 1776- 
1856.) Symbol, NA. The number of molecules in a 
kilogram-molecular weight of any substance; NA 
equals 6.025 x 1076 (kg-mole)"!. 

A voltage The filament voltage in a vacuum-tube 
circuit. 

aW Abbreviation of attowatt. 

AWG Abbreviation of AMERICAN WIRE GAUGE. 

AX.25 A signal format used in some digital com- 
munications systems, notably amateur packet ra- 
dio. 
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axial leads The centrally located leads emanating 
from the ends of cylindrical components, such as 
resistors and diodes. 

axialratio The ratio of the minor to major axes of a 
waveguide’s polarization ellipse. 

axis 1. A coordinate in a graphical presentation or 
display (e.g., horizontal and vertical axes in a 
rectangular coordinate system). 2. The real or 
imaginary straight line around which a body ro- 
tates, or the line that passes through the center 
of a symmetrical arrangement (line of symmetry). 

axis of abscissas The horizontal axis (x-axis) of a 
rectangular-coordinate graph or screen. Compare 
AXIS OF ORDINATES. 

axis of imaginaries The vertical axis of the com- 
plex plane in which rectangular vectors lie. Com- 
pare AXIS OF REALS. 

axis of ordinates The vertical (y-axis) of a rectan- 
gular-coordinate graph or screen. Compare AXIS 
OF ABSCISSAS. 

axis of reals The horizontal axis of the complex 
plane in which rectangular vectors lie. Compare 
AXIS OF IMAGINARIES. 

Ayrton-Mather galvanometer shunt A_step- 
adjustable universal shunt resistor for varying 
the sensitivity of a galvanometer. It has the virtue 
of keeping the galvanometer critically damped. 
The shunt is also useful in multirange 
milliammeters, microammeters, and ammeters. 
The sensitive meter movement is never without a 
shunting resistor during range switching. 
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Ayrton-Mather galvanometer shunt 


Ayrton-Perry winding A noninductive winding 
comprising two inductors conducting current in 
opposite directions; the opposing flow cancels the 
magnetic field. 
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azel display A plan-position display that incor- 
porates two different radar traces on a single 
cathode-ray tube (CRT), one giving bearing, the 
other elevation. 

azimuth Also called compass direction. Angular 
measurement in the horizontal plane, clockwise 
from north. It is important in radio and television 
communications, navigation, direction finding, 
land surveying, and radar. 
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120° 





180° 
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azimuth alignment In a tape recorder, the align- 
ment of record and playback head gaps so that 
their centerlines are parallel. 

azimuth blanking Ina radar system, blacking-out 
of the image as the antenna sweeps across a 
specified range of azimuth angles. Effectively 
eliminates nuisance echoes from stationary, per- 
manent objects (such as tall buildings or commu- 
nications towers). 

azimuth resolution In a radar system, the mini- 
mum azimuth separation of two targets whose 
range (distance from the station) are equal that is 
required for the system to show two echoes, rather 
than one. It is generally measured in degrees. 

azusa An electronic tracking system, in which a 
single station provides slant range and two direc- 
tion cosines for a distant airborne object. This ac- 
curately defines the coordinates of the distant 
object in three-dimensional space. 
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B_ 1. Symbol for SUSCEPTANCE. 2. Symbol for 
FLUX DENSITY. 3. Abbreviation of BATTERY. 4. 
Symbol for BORON. 5. Symbol for base of tran- 
sistor (see BASE, 1). 6. Abbreviation of BASS. 7. 
Abbreviation of BEL. 8. Anode voltage or main op- 
erating voltage in any circuit (when used with 
sign). Also see B VOLTAGE. 

b_ 1. Symbol for SUSCEPTANCE. 2. Symbol for 
base of transistor (see BASE, 1). 3. Abbreviation 
of BASS. 4. Symbol for BARN. 

B&S See AMERICAN WIRE GAUGE. 

B5-cut crystal A piezoelectric plate cut from a 
quartz crystal in such a way that the face of the 
plate is at an angle, with respect to the z-axis of 
the crystal. This type of crystal has good fre- 
quency stability under conditions of changing 
temperature. 

BA Abbreviation of BATTERY. Also see B and BAT. 

Ba Symbol for BARIUM. 

babbit A relatively soft, tin-base alloy of various 
compositions. One composition contains 7.4% 
antimony, 3.7% copper, and 88.9% tin. 

babble Interference caused by crosstalk from a 
number of channels. 

babble signal A jamming signal containing babble 
components. See BABBLE and JAMMING. 

BABS Abbreviation of BLIND-APPROACH BEACON 
SYSTEM. 

baby monitor A short-range radio transmitter and 
receiver that can be used to listen at a distance to 
the sounds in an infant’s room. The transmitter 
contains a sensitive microphone, a whip antenna, 
and a power supply. The unit can be placed on a 
table or desk, or even on the floor near the baby’s 
crib. The receiver is similar to a handheld 


“walkie-talkie.” It is battery-powered and can be 
carried around. It has an inductively loaded, short 
“rubber duckie” antenna similar to the antennas 
on cordless telephone sets. The receiver can pick 
up signals from the transmitter at distances of up 
to about 200 feet. The radio-frequency signals 
pass easily through walls, ceilings, and floors. 
back bias 1. A feedback signal (negative or posi- 
tive). 2. Reverse bias (also see BIAS). 3. A reverse 
bias voltage, obtained from a voltage divider con- 
nected between a voltage source and ground. 
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backbone A form of transmission line with capaci- 
tive connections between the generator and the 
load. 

back conduction Conduction of current in the re- 
verse direction, as across a semiconductor junc- 
tion that is reverse-biased. 

back contact A contact that closes a circuit when a 
relay, switch, or jack is in its normal rest position. 

back current Symbol, J,. The normally small cur- 
rent flowing through a reverse-biased pn semicon- 
ductor junction. Also called reverse current and 
inverse current. Compare FORWARD CURRENT. 

back diode A semiconductor diode that is normally 
back-biased (reverse-biased). 

back echo An echo resulting from the rear lobe of 
an antenna radiation pattern. 

back emf See BACK VOLTAGE. 

Back-Goudsmit effect See ZEEMAN EFFECT. 

background 1. The context or supporting area of a 
picture (e.g., the background of a television pic- 
ture). 2. Background noise. 

background control In a color television receiver, 
a potentiometer used to set the dc level of the 
color signal at one input of the three-gun picture 
tube. 

background count Residual response of a ra- 
dioactivity counter in an environment as free as 
practicable of radioactivity. This background is 
caused largely by cosmic rays and inherent ra- 
dioactivity of surrounding buildings and other 
bodies. 

background job A _ low-priority, relatively long- 
running computer program that can be inter- 
rupted so that a higher-priority program can be 
run. 

background noise Electrical noise inherent to a 
particular circuit, system, or device that remains 
when no other signal is present. 

background processing In a computer, the run- 
ning of programs having low priority. 

background radiation Nuclear radiation from ma- 
terials in the environment. Also see BACK- 
GROUND COUNT. 

background response The response of a radiation 
detector to background radiation. 

backing store In a computer, a device that stores 
large amounts of information. In most small com- 
puters, this is done via MAGNETIC DISK and/or 
MAGNETIC TAPE. A backing store can also be an 
optical storage medium, such as CD-ROM (com- 
pact disk, read-only memory). 

backlash 1. Slack or lag in action of moving parts. 
Example: delay between initial application of a 
force (such as that required to turn a knob) and 
movement of a part or device (e.g., a potentiome- 
ter or variable capacitor). 2. On a mechanical 
analog tuning dial, an arc within which slack or 
lag is discernible. 

backloaded horn A _ loudspeaker enclosure in 
which the front of the speaker cone feeds sound 
directly into the listening area, and the rear of the 
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backbone « back resistance 


cone feeds sound into the same area through a 
folded horn. 

backloading In a cascaded series of amplifiers, the 
tendency of loading effects to be passed to earlier 
stages. A change in the output impedance of a fi- 
nal amplifier circuit, for example, could also re- 
sult in a change in the output impedance of the 
driver circuit, and perhaps even in a change in 
the output impedance of the predriver. 

back lobe In the pattern of a directional antenna, 
the lobe directly opposite the major lobe, repre- 
senting the radiation or response in or from a di- 
rection 180 degrees from that in which the gain is 
greatest. 





back lobe 


backplate A flat electrode in a television (TV) cam- 
era tube that receives the stored-charge image via 
capacitive coupling. 

back porch In a television (TV) horizontal sync 
pulse, the time interval between the end of the 
rise of the blanking pedestal and the beginning of 
the rise of the sync pulse. That portion of the flat 
top of the blanking pedestal behind the sync 
pulse. Compare FRONT PORCH. 

back-porch effect In transistor operation, the con- 
tinuation of collector-current flow for a short time 
after the input signal has fallen to zero. 

back-porch tilt The departure of the top edge of a 
back porch from true horizontal. 

back pressure sensor A device that detects and 
measures the torque that a motor is applying, 
and produces a signal whose amplitude is pro- 
portional to the torque. This signal can be used 
for various purposes. In a robotic device, for ex- 
ample, the sensor output can be fed back to the 
motor control to limit the applied force. 

back resistance Symbol, R,. The resistance of a re- 
verse-biased pn semiconductor junction. Also 
called REVERSE RESISTANCE. 
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back scatter Scattering of a wave back toward a 
radio transmitter from points beyond the skip 
zone. This phenomenon is caused by ionospheric 
reflection. Compare FORWARD SCATTER. 

backstop A contact or barrier (such as a screw or 
post) that serves to limit the BACKSWING of the 
armature of a relay. 

backswing 1. The tendency ofa pulse to overshoot, 
or reverse direction after completion. Backswing 
is measured in terms of the overshoot amplitude 
as a percentage of the maximum amplitude of the 
pulse. 2. The extent to which a relay armature 
moves back from a contact when the relay con- 
tacts are open. 

back-to-back connection The connection of 
diodes or rectifiers in reverse parallel (i.e., the an- 
ode of one to the cathode of the other) across a 
signal line to pass both half cycles of ac in certain 
control circuits. 

back-to-back sawtooth A symmetrical sawtooth 
wave in which the rise slope is equal to the fall 
slope. Also called triangular wave and pyramidal 
wave. 

backup 1. An element, such as a circuit compo- 
nent, that is used to replace a main component, 
in case of main-component failure. 2. Any pro- 
cess or scheme that serves to maintain opera- 
tion of a system in case of main-component 
failure. 3. A battery that maintains volatile 
memory data stored in one or more integrated 
circuits. 4. A computer file, or set of files, stored 
in a nonvolatile medium, such as diskettes or 
magnetic tape, to prevent catastrophic data loss 
in the event of hard-disk failure. 5. A battery or 
alternative power source that keeps an alarm 
system operational in the event of a utility power 
failure. 

backup battery 1. In a computer or microcom- 
puter-controlled electronic device, a source of 
voltage to preserve volatile memory data if the 
power is removed. 2. A battery used for powering 
a system in the event that the main power source 
should fail. 
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backup facility In an electrical or communications 
system, a facility that is intended for use when 
the primary, or main, facility is not operational. 

back voltage 1. Voltage induced in an inductor by 
the flow of current through the inductor, so called 
because its polarity is opposite to that of the ap- 
plied voltage. Also called counter emf. 2. A voltage 
used to obtain bucking action (e.g., the voltage 
used to zero the meter in an electronic voltmeter 
circuit). 3. Reverse voltage applied to a semicon- 
ductor junction. 

backwall In a pot core, the plate or disk that con- 
nects the sleeve and center post to close the mag- 
netic circuit. 

backward diode A semiconductor diode manufac- 
tured in such a way that its high-current flow oc- 
curs when the junction is reverse biased. Such a 
diode is also a negative-resistance device. 

backward-wave oscillator Abbreviation, BWO. A 
microwave oscillator tube similar to the traveling- 
wave tube. Like the traveling-wave tube, the BWO 
contains a helical transmission line. In the elec- 
tron beam, electron bunching results from inter- 
action between the beam and the electromagnetic 
field, and reflection occurs at the collector. The 
wave moves backward from collector to cathode, 
and oscillation is sustained because the back- 
ward wave is in phase with the input. Output is 
taken from the cathode end of the helix. 
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backward-wave oscillator 


back wave The oscillator signal present in an am- 
plifier-keyed, continuous-wave (CW), Morse-code 
transmitter. Normally, this signal is at the same 
frequency as the transmitter output, but is not 
sufficiently strong to be radiated over the air. 

back-wave radiation The condition wherein a back 
wave is strong enough to be heard on a continu- 
ous-wave (CW) keyed signal at the receiving sta- 
tion. This results from ineffective amplifier keying. 

baffle A board on which a loudspeaker is mounted 
to separate acoustic radiation from the back of 
the cone from radiation emanating from the front. 
The baffle improves bass response by increasing 
the wavelength (lowering the frequency) at which 
phase cancellation occurs. 

baffle plate 1. See BAFFLE. 2. A metal plate 
mounted in a waveguide to reduce the cross- 
sectional area. 

bail A wire loop or chain that holds one member of 
a two-member assembly to prevent loss (e.g., the 
short chain holding the dust cap of a jack). 
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Bakelite The trade name for a specialized plastic 
dielectric material. Its chemical composition is 
phenol-formaldehyde resin. 

baker An obsolete phonetic alphabet code word for 
letter B. BRAVO is commonly used instead. 

baking-out In the process of evacuating a system, 
the procedure of heating the system to a high 
temperature to drive out gases occluded in the 
glass and metal parts. 

balance 1. See BRIDGE. 2. To null a bridge or sim- 
ilar circuit. 3. To equalize loads, voltages, or sig- 
nals between two circuits or components. 4. Ina 
high-fidelity stereo sound system, a control or set 
of controls that adjusts the relative loudness of 
the left and right channels. 5. Alignment of a bal- 
anced modulator for minimum carrier output am- 
plitude. 6. A condition in which two branches of a 
circuit have identical impedances, relative to 
ground. 

balance coil 1. A type of autotransformer that en- 
ables a three-wire ac circuit to be supplied from a 
two-wire line. A series of taps around the center of 
the winding enables the circuit to be compensated 
for unequal loads. 2. See BALANCING COIL. 

balance control A variable component, such as a 
potentiometer or variable capacitor, that is used 
to balance bridges, null circuits, or loudspeakers. 

balanced Having identical impedances, with re- 
spect to ground. 

balanced amplifier Any amplifier with two 
branches that have identical impedances, with 
respect to ground. Usually, the two branches are 
in phase opposition (180 degrees out of phase). 

balanced antenna An antenna system where two 
halves are exact replicas of each other, geometri- 
cally and electrically. Such an antenna normally 
must either be fed with a balanced transmission 
line or with a coaxial cable and balun. 

balanced antenna system A balanced antenna, fed 
with a balanced transmission line, that has cur- 
rents of equal magnitude in each side. An example 
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is a half-wave dipole at uniform height above elec- 
trical ground, fed at the center with parallel-wire 
line. It is important that the transmission line 
runs away from the antenna at a right angle for at 
least 4 wavelength, preferably 4 wavelength or 
more, to prevent line imbalance caused by cur- 
rents induced from the radiated field. 

balanced bridge Any four-leg bridge circuit in 
which all legs are identical in all electrical re- 
spects. 

balanced circuit 1. A circuit that has its electrical 
midpoint grounded, as opposed to the single- 
ended circuit, which has one side grounded. 2. A 
bridge circuit in the condition of null. 

balanced converter See BALUN. 

balanced currents Currents with the same value. 
In the two conductors of a balanced transmis- 
sion line, these currents are equal in amplitude 
and opposite in phase at every point along the 
line. 

balanced delta A set of coils or generators in a 
three-phase system, connected so that the cur- 
rents in any two coils differ in phase by 120 de- 
grees. 

balanced detector A symmetrical demodulator, 
such as a full-wave diode detector or a discrimi- 
nator. 

balanced electronic voltmeter An electronic volt- 
meter circuit in which two matched transistors 
are connected in a four-arm bridge arrangement. 
The drift in one half of the circuit opposes that in 
the other half; the resulting drift of the zero point 
is virtually eliminated. 

balanced filter A filter consisting of two identical 
sections, one in each branch of a balanced sys- 
tem, such as a parallel-wire transmission line. 

balanced input An input circuit whose electrical 
midpoint is grounded. Compare SINGLE-ENDED 
INPUT. 

balanced input transformer An input transformer 
in which the center tap of the primary winding is 
grounded. 

balanced line A pair of parallel wires that pos- 
sesses a uniform characteristic impedance. The 
two conductors are of the same material and have 
identical diameters. The distance between them 
is constant. In a balanced two-wire line, the cur- 
rents in the two conductors are of equal ampli- 
tude and opposite phase. 

balanced lines In high-fidelity audio systems, a 
cable that consists of two parallel conductors 
surrounded by a single braid. The parallel wires 
carry the audio-frequency (AF) signals, and the 
braid is grounded for shielding. 

balanced loop antenna A loop antenna with a 
grounded electrical midpoint, determined by the 
junction of two identical series-connected capaci- 
tors shunting the loop. 

balanced low-pass filter A low-pass filter used in 
a balanced system or balanced transmission 
line. 
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balanced method A system of instrumentation in 
which a zero-center scale is used. The reading 
can be either side of the zero reading. 

balanced modulator A symmetrical modulator cir- 
cuit using bipolar transistors, field-effect transis- 
tors, an integrated circuit, or diodes as principal 
components, that delivers an output signal con- 
taining the sidebands, but not the carrier. It is 
commonly used to generate a double-sideband 
(DSB) signal that can be filtered to obtain a 
single-sideband (SSB) signal. 

balanced multivibrator A switching oscillator cir- 
cuit in which the two halves are identical in con- 
figuration, and as nearly identical as practicable 
in performance. 

balanced network Any network intended to be 
used with a balanced system or balanced trans- 
mission line. It is characterized by a pair of ter- 
minals, each of which shows the same impedance 
with respect to ground. 

balanced oscillator A PUSH-PULL OSCILLATOR. 

balanced output Output balanced against ground 
(e.g., where the electrical midpoint of the output 
circuit is grounded). 

balanced output transformer 1. A push-pull out- 
put transformer with a center-tapped primary 
winding. 2. An output transformer with a 
grounded center tap on its secondary winding. 
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balanced output transformer, 2. 


balanced probe A probe, such as one for an elect- 
ronic voltmeter or oscilloscope, that has a bal- 
anced input and (usually) a single-ended output. 

balanced-tee trap A wavetrap constructed in a T 
configuration, with a resonant section in each 
conductor of a balanced transmission line. 

balanced telephone line A telephone transmis- 
sion line that has two sides, similar to a balanced 
radio-frequency transmission line. Either side 
has the same impedance, with respect to ground. 

balanced termination A load device (or the prac- 
tice of using such a device) in which the sections 
provide identical termination for each of the sec- 
tions or conductors of a balanced system, such 
as a balanced line. 
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balanced-to-unbalanced transformer See BALUN. 

balanced transmission line See BALANCED LINE. 

balanced varactor tuning A two-varactor, back- 
to-back circuit for adjusting the value of a ca- 
pacitor using an applied dc voltage. This 
arrangement has an advantage over a single- 
varactor (unbalanced) circuit, because high- 
tuned-circuit Q is maintained and harmonic 
generation is reduced. 

balanced voltages In any symmetrical system, 
such as a balanced line or push-pull circuit, two 
or more input or output voltages that are ad- 
justed to have the same amplitude and (usually) 
opposite phase. 

balanced-wire circuit A circuit or conductor sys- 
tem with identical halves that are symmetrical, 
with respect to ground and to other conductors. 

balancing circuit See BUCKING CIRCUIT. 

balancing coil In a receiver, a center-tapped an- 
tenna coil that is balanced to ground to eliminate 
MARCONI EFFECT. 

ballast 1.A component that is used to stabilize the 
current flow through, or operation of, a circuit, 
stage, or device. 2. An iron-core choke connected 
in series with one of the electrodes in a fluores- 
cent or other gas-discharge lamp. 

ballast resistor 1. A nonlinear inductive power re- 
sistor whose voltage-current (EJ) characteristic is 
such that current through the resistor is inde- 
pendent of voltage over a useful range. This fea- 
ture enables the ballast resistor to act as an 
automatic voltage regulator when it is simply 
connected in series with a power supply and load. 
2. A small (usually high-resistance) resistor oper- 
ated in series with a glow lamp, such as a neon 
lamp, to prevent overload. 

ballast transformer A misnomer often used in 
place of BALLAST, 2. 

ballistic galvanometer An undamped §galva- 
nometer that is used particularly to observe elec- 
tric charges by noting the single throw resulting 
from the momentary flow of current through the 
galvanometer coil. 

ballistics The electronics-supported science con- 
cerned with the motion of projectiles and similar 
bodies in air or space. 

balloon antenna A vertical antenna consisting of a 
wire or wires held aloft by a captive balloon. Occa- 
sionally, used by radio amateurs and shortwave 
listeners at low and medium frequencies. A poten- 
tially dangerous antenna because of large static- 
electric buildup, a tendency to attract lightning, 
the possibility of its breaking loose, and the risk of 
accidental contact with high-voltage power lines. 

balop Contraction of BALOPTICON. 

balopticon An opaque-picture projecting system in 
which the picture is viewed by a television (TV) 
camera, such as a vidicon, and displayed by a 
picture tube. Also called balop. 

balun A _ specialized impedance-matching radio- 
frequency (RF) transformer. It is a wideband device, 
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usually providing a 1:1 or 1:4 impedance ratio 
and available in several different forms. It is so 
called because it has an unbalanced input suit- 
able for coaxial transmission lines, and a bal- 
anced output suitable for dipole, Yagi, and quad 
antennas. 

banana jack The female half of a two-part quick- 
connector combination. Splicing of a circuit is 
completed by inserting a BANANA PLUG into this 
jack. 

banana plug The male half of a two-part quick- 
connector combination, with sides usually com- 
posed of flat springs that ensure contact with the 
female BANANA JACK into which it is inserted. 
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band 1. A continuous range of radio or television 
communications frequencies or wavelengths, 
usually designated by the lowest and highest fre- 
quencies, or the approximate wavelength (e.g., 
the 20-meter amateur radio band). 2. A set of dis- 
crete radio or television frequency channels 
within a specified range (e.g., the standard AM 
broadcast band). 3. A range of wavelengths for in- 
frared, visible, ultraviolet, X-ray, or gamma-ray 
energy. 4. A range of energy levels. 5. A colored 
stripe on a resistor or capacitor that forms part of 
the code that indicates component value and tol- 
erance. 

band center 1. In a given radio or television com- 
munications band, the arithmetic mean of the 
lowest and highest frequencies. 2. In a given 
band, the geometric mean of the longest and 
shortest wavelengths. 

band-elimination filter 
FILTER. 

band gap _ In any atom, the difference in electron en- 
ergy between the conduction and valence bands. 

bandpass _1. The frequency limits between which a 
BANDPASS FILTER or BANDPASS AMPLIFIER 
transmits ac energy with negligible loss. 2. The 
ability to allow passage of signals at a given fre- 
quency or band of frequencies while blocking 
other signals. Compare BANDSTOP. 

bandpass amplifier An amplifier that is tuned to 
pass only those frequencies between preset limits. 

bandpass coupling A coupling circuit with a flat- 
topped frequency response so that a band of fre- 
quencies, rather than a single frequency, is 
coupled into a succeeding circuit. Also see BAND- 
PASS, 1. 

bandpass filter Any resonant circuit, or combina- 
tion of resonant circuits, designed to discriminate 


See BAND-REJECTION 
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against all frequencies except a specific frequency 
fo, or a band of frequencies between two limiting 
frequencies fo and fj. In a parallel inductance- 
capacitance (LC) circuit, the device exhibits high 
impedance at the desired frequency or frequen- 
cies and a low impedance at unwanted frequen- 
cies. In a series configuration, the filter has a low 
impedance at the desired frequency or frequen- 
cies and a high impedance at unwanted freque- 
ncies. Compare BAND-REJECTION FILTER, 
HIGH-PASS FILTER, LOW-PASS FILTER. 

bandpass flatness The degree to which a bandpass 
device’s attenuation-versus-frequency curve is a 
straight line with zero slope within the passband. 

band pressure level The net acoustic pressure of a 
sound source within a specified frequency range 
(band). 

band-rejection filter Also called a band-stop filter. 
Any resonant circuit, or combination of resonant 
circuits designed to discriminate against a spe- 
cific frequency fo, or a band of frequencies be- 
tween two limiting frequencies fo and fi. In a 
parallel inductance-capacitance (LC) circuit, the 
device exhibits high impedance at the desired fre- 
quencies, and a low impedance at the unwanted 
frequency or range of frequencies. In a series con- 
figuration, the filter has a low impedance at the 
desired frequencies and a high impedance at the 
unwanted frequency or range of frequencies. 
Compare BANDPASS FILTER, HIGH-PASS FIL- 
TER, LOW-PASS FILTER, NOTCH FILTER. 

band selector Any switch or relay that facilitates 
switching the frequency of a radio transmitter, re- 
ceiver, or transceiver among various bands. 

bandset capacitor In some older communications 
receivers, a variable capacitor is used to preset 
the tuning range in each band to correspond to 
graduations on the tuning dial. This capacitor is 
a trimmer or padder operated in conjunction with 
the main tuning capacitor. 

bandspreading In some older communications re- 
ceivers, the process of widening the tuning range 
within a given frequency band to cover the entire 
dial. Otherwise, the band would occupy only a 
portion of the dial, and tuning would be difficult. 
It is usually accomplished with a BANDSPREAD 
TUNING CONTROL whose range is preset via the 
main tuning control and/or a BANDSET CAPAC- 
ITOR. 

bandspread tuning control An analog adjustment 
in some older communications receivers that al- 
lows continuous tuning over a desired band of 
frequencies. This control is separate from the 
main tuning control. 

bandstop 1. The frequency limits between which a 
BAND-REJECTION FILTER blocks, or greatly 
attenuates, ac energy. 2. The ability to suppress 
or block signals of a given frequency or band 
of frequencies, while allowing signals of other 
frequencies to pass with little or no attenuation. 
Compare BANDPASS. 
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bandstop filter See BAND-REJECTION FILTER. 

band suppression 1. The property of blocking, or 
greatly attenuating, signals within a specific fre- 
quency band. 2. The frequency limits between 
which a device or circuit rejects or blocks ac en- 
ergy, while passing energy at other frequencies 
with negligible loss. 

band-suppression filter 
FILTER. 

bandswitch A low-reactance selector switch (usually 
rotary) that facilitates changing the tuning range of 
a radio receiver, transmitter or transceiver from 
one band of frequencies to another. 

bandswitching In a receiver, transmitter, or test 
instrument, the process of switching self- 
contained tuned circuits to change from one fre- 
quency spectrum to another within the range of 
the device’s intended operation. 

bandwidth 1. For a communications or data sig- 
nal, a measure of the amount of spectrum space 
the signal occupies. Usually, it is given as the dif- 
ference between the frequencies at which the sig- 
nal amplitude is nominally 3 dB down with 
respect to the amplitude at the center frequency. 
These frequencies represent the half-power 
points of the amplitude-versus-frequency func- 
tion. In general, the bandwidth increases as the 
data rate (in bits per second, baud, or words per 
minute) increases. 2. Also called NECESSARY 
BANDWIDTH. The minimum amount of spectrum 
space normally required for effective transmis- 
sion and reception of a communications or data 
signal. 3. See BANDPASS, 1. 

bank A collection of usually similar components 
used in conjunction with each other, usually ina 
parallel configuration. Some examples are resis- 
tor bank, lamp bank, and transformer bank. 

banked transformers Parallel-operated trans- 
formers. 

bankwound coil A coil wound in such a way that 
most of its turns are not side by side, thus reduc- 
ing the inherent distributed capacitance. 

bar 1. Abbreviation, b. The cgs unit of pressure, in 
which 1 b = 10° pascals per square centimeter. 2. 
A horizontal or vertical line produced on a televi- 
sion (TV) screen by a bar generator and used to 
check linearity. 3. A thick plate of piezoelectric 
crystal. 4. A solid metal conductor, usually unin- 
sulated, of any cross section. 5. A silicon ingot 
from which semiconductor devices can be fabri- 
cated. 

BAR Abbreviation of BUFFER ADDRESS REGIS- 
TER. 

bar code _ A printed pattern that contains data that 
can be recovered by laser scanning. It is com- 
monly used for the pricing and identification of 
store merchandise. It can also be used by an as- 
sembly or maintenance robot as an aid to identi- 
fying tools. 

bar-code reader A laser scanning device that re- 
covers the data from a tag that contains a BAR 
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CODE. The laser beam moves across the tag. The 
beam is reflected from the white regions between 
the lines, but is absorbed by the dark lines them- 
selves. This produces modulation of the reflected 
beam by the data contained in the tag. 

bare conductor A conductor with no insulating cov- 
ering, a common example being bare copper wire. 

bar generator A special type of radio-frequency 
signal generator that produces horizontal or ver- 
tical bars on the screen of a television receiver. It 
is used in adjustment of horizontal and vertical 
linearity. 

bar graph A graphical presentation of data, in 
which numerical values are represented by hori- 
zontal bars of width that correspond to the val- 
ues. This type of graph is nonstandard in the 
sense that the ordinate is horizontal, whereas it is 
usually vertical. Compare COLUMNAR GRAPH. 

bar-graph meter See BAR METER. 

barium Symbol, Ba. An elemental metal of the al- 
kaline-earth group. Atomic number, 56. Atomic 
weight, 137.36. It is present in some compounds 
used as dielectrics (e.g., barium titanate). 

barium-strontium oxides The combined oxides of 
barium and strontium used as coatings of 
vacuum-tube cathodes to increase electron emis- 
sion at relatively low temperatures. 

barium strontium titanate A compound of bar- 
ium, strontium, oxygen, and titanium that is 
used as a ceramic dielectric material. It exhibits 
ferroelectric properties and is characterized by a 
high dielectric constant. 

barium titanate Formula, BaTiOo. A ceramic used 
as the dielectric in ceramic capacitors. It exhibits 
high dielectric constant and some degree of ferro- 
electricity. 

Barkhausen effect The occurrence of minute 
jumps in the magnetization of a ferromagnetic 
substance as the magnetic force is increased or 
decreased over a continuous range. 

Barkhausen interference Interference that results 
from oscillation because of the BARK-HAUSEN 
EFFECT. 

bar magnet A relatively long permanent magnet in 
the shape of a bar with a rectangular or square 
cross section. 

bar meter A digital meter that displays a quan- 
tity, such as signal strength, incrementally, us- 
ing a set of LEDs or LCDs arranged in a straight 
line. Its main advantage is that it has no moving 
parts, yet (unlike direct-readout digital meters) 
gives the viewer some impression of the way a 
rapidly fluctuating quantity changes. Its chief 
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disadvantage is that it does not provide a precise 
indication. 

barn Symbol, b. A non-SI unit of nuclear cross sec- 
tion equal to 100 square femtometers or 10-74 
square centimeters. This unit is approved as 
compatible with SI (International System of 
Units). 

Barnett effect The development of a small amount 
of magnetization in a long iron cylinder that is ro- 
tated rapidly about its longitudinal axis. 

barograph A recording barometer, using either a 
drum recorder (pen recorder) or a computer to 
store the data as a function of atmospheric pres- 
sure versus time. 

barometer An instrument for measuring atmo- 
spheric pressure. 

barometer effect A relation that appears to exist 
between the intensity of cosmic rays and the at- 
mospheric pressure. It is an inverse relation; that 
is, increasing pressure seems to correlate with re- 
duced intensity of cosmic rays. It is said to be ap- 
proximately to 1 or 2% per centimeter of mercury. 

barometric pressure The atmospheric pressure, 
usually given in inches of mercury. The average 
barometric pressure at the surface of the earth is 
just under 30 inches of mercury. 

bar pattern A series of spaced lines or bars (hori- 
zontal, vertical, or both) produced on a television 
picture screen by means of a BAR GENERATOR. 
It is useful in adjusting horizontal and vertical 
linearity of the picture. 

barrage array An antenna array in which a string 
of collinear elements are vertically stacked. The 
end quarter wavelength of each string is bent in 
to meet the end quarter wavelength of the oppo- 
site radiator to improve balance. 

barrage jamming The jamming of many frequen- 
cies, or an entire band, at the same time. 

barrell distortion Television picture distortion 
consisting of horizontal and vertical bulging. 

barrier 1. The carrier-free space-charge region in a 
semiconductor pn junction. 2. An insulating par- 
tition placed between two conductors or termi- 
nals to lengthen the dielectric path. 

barrier balance The state of near equilibrium in a 
semiconductor pn junction (after initial junction 
forming), entailing a balance of majority and mi- 
nority charge carrier currents. 

barrier capacitance 1. The capacitance in a bipolar 
transistor between the emitter and collector. It 
varies with changes in applied voltage, and also 
with the junction temperature. 2. The capacitance 
across any pn junction that is reverse-biased. 

barrier height The difference in voltage between 
opposite sides of a barrier in a semiconductor 
material. 

barrier layer See BARRIER, 1. 

barrier-layer cell A photovoltaic cell, such as the 
copper oxide or selenium type, in which photons 
striking the barrier layer produce the potential 
difference. 
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barrier potential The apparent internal dc poten- 
tial across the barrier (see BARRIER, 1) in a pn 
junction. 

barrier strip A terminal strip having a barrier (see 
BARRIER, 2) between each pair of terminals. 


barrier strip 


barrier voltage The voltage required for the initia- 
tion of current flow through a pn junction. 

Bartlett force See EXCHANGE FORCE. 

baryon A subatomic particle made up of three 
quarks. 

base 1. In a bipolar transistor, the intermediate re- 
gion between the emitter and collector, which 
usually serves as the input or controlling element 
of transistor operation. 2. A substance that dis- 
sociates in water solution and forms hydroxyl 
(OH) ions. For example, sodium hydroxide. 3. The 
constant figure upon which logarithms are com- 
puted (10 for common logs, 2.71828 for natural 
logs). 4. The radix of a number system (e.g., base 
10 for the decimal system, base 8 for the octal 
system, base 16 for the hexadecimal system, and 
base 2 for the binary system). 5. A fixed non- 
portable radio communications installation. 

base address The number in a computer address 
that serves as the reference for subsequent ad- 
dress numbers. 

baseband The frequency band of the modulating 
signal in a communications, broadcast, or data 
transmitter. For voice communications, this is 
generally the range of voice frequencies necessary 
for intelligible transmission. For high-fidelity mu- 
sic broadcasting, it is approximately the range of 
human hearing. For fast-scan television, it 
ranges up to several megahertz. It can be re- 
stricted or expanded, depending on the nature of 
the transmitted signal. See BASEBAND FRE- 
QUENCY RESPONSE. 

baseband frequency response 1. The amplitude- 
versus-frequency characteristic of the audio- 
frequency (AF) or composite video section of a 
transmitter that defines the BASEBAND, or range 
of modulating frequencies. 2. The range of fre- 
quencies over which a radio transmitter can be 
modulated to convey information. For single side- 
band (SSB), it is approximately 300 Hz to 3 kHz; 
for high-fidelity, frequency-modulated (FM) music 
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transmission, it is about 10 Hz to 20 kHz or 30 
kHz; for fast-scan television, it consists of fre- 
quencies up to several megahertz. This range is 
determined by bandpass and/or lowpass filters 
in the AF or composite video section of the trans- 
mitter. 

base bias The steady dc voltage applied to the base 
electrode of a transistor to determine the operat- 
ing point along the transistor characteristic 
curve. 

base-bulk resistance The resistance of the semi- 
conductor material in the base layer of a bipolar 
transistor. 

base-charging capacitance In the common- 
emitter connection of a bipolar transistor, the in- 
ternal capacitance of the base-emitter junction. 

base current Symbol, J. Current flowing through 
the base electrode of a bipolar transistor. Also see 
AC BASE CURRENT and DC BASE CURRENT. 

base electrode See BASE, 1. Also called base ele- 
ment. 

base element 1. Base electrode. 2. One of the ba- 
sic metals, such as iron or tin, that are not gen- 
erally considered precious (as opposed to 
NOBLE). 

base-e logarithm See NAPIERIAN LOGARITHM. 

base film The plastic substrate of a magnetic 
recording tape. 

base frequency 1. The frequency of the principal, 
or strongest, component in a complex signal or 
waveform; also called basic frequency. 2. The fre- 
quency of operation of a base-station transmitter 
when the receiver is tuned to a second channel. 

base-input circuit A common-collector circuit, 
common-emitter circuit, or emitter follower. 

base insulator A stout dielectric insulator, used to 
support a heavy conducting element and keep the 
conductor isolated from other possible conduc- 
tors or conductive paths. 

base line In visual alignment procedures involving 
an oscilloscope and radio-frequency (RF) sweep 
generator, a zero-voltage reference line developed 
by the generator as a horizontal trace on the os- 
cilloscope screen. 

baseline stabilizer A clamping circuit that holds 
the reference voltage of a waveform to a predeter- 
mined value. Also called DC RESTORER. 

base-loaded antenna A usually vertical antenna or 
radiating element, the electrical length of which is 
adjusted by means of a loading coil or tuned cir- 
cuit in series with, and positioned at the bottom 
of, the antenna or radiator. 

base material In printed circuits, the dielectric 
material used as a substrate for the metal pat- 
tern. Also called base medium. 

base notation The numbering or radix system 
used in any application (as octal, decimal, binary, 
or hexadecimal). 

base number See BASE, 4. 

base pin One of the straight prong-like terminals 
on an electrical or electronic component; it is 
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used to provide support for the device and to al- 
low a physical connection between the socket ter- 
minal, into which it fits, and one of the internal 
electrodes of the device. 

base plate The chassis plate upon which compo- 
nents are mounted before wiring. 

base potential See BASE VOLTAGE. 

base region See BASE, 1. 

base resistance Symbol, Rs. Resistance associated 
with the base electrode of a bipolar transistor. 
Also see AC BASE RESISTANCE and DC BASE 
RESISTANCE. 

base resistor The external resistor connected to 
the base of a bipolar transistor. In the common- 
emitter circuit, the base resistor is analogous to 
the gate resistor of a field-effect transistor (FET) 
circuit. 

base spreading resistance Symbol, rgp. In a bi- 
polar transistor, the bulk-material resistance of 
the base region between the collector junction 
and emitter junction. 

base station The head station or fixed home sta- 
tion in a communication network. 

base-10 logarithm Abbreviation, logio. A logarithm 
based on the decimal number 10. If logio () = y, 
then 10Y = x. Base-10 logarithms are commonly 
used in engineering. Compare NAPIERIAN LOGA- 
RITHM. 

base voltage Symbol, Vz. The voltage at the base 
electrode of a bipolar transistor. Also see AC 
BASE VOLTAGE and DC BASE VOLTAGE. 

BASIC Acronym for BEGINNER’S ALL-PURPOSE 
SYMBOLIC INSTRUCTION CODE, a relatively 
primitive, but versatile and easy-to-learn com- 
puter language developed at Dartmouth College. 
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basic frequency 1. The FUNDAMENTAL FRE- 
QUENCY of a signal, as opposed to one of its har- 
monics. 2. See BASE FREQUENCY, 1. 

basic protection Devices and procedures essential 
to minimize the risk of damage to electronic 
equipment, and/or injury or death to its opera- 
tors, as a result of lightning. Hardware provisions 
include a substantial earth ground, heavy-gauge 
grounding wire, lightning arrestors for antennas, 
and transient suppressors for power connections. 
The safest procedure is to disconnect and ground 
all antennas, and unplug all equipment from util- 
ity outlets, during electrical storms and/or when 
the apparatus is not in use. Radio communi- 
cations equipment with outdoor antennas, in 


particular, should not be operated during 
thunderstorms. 
basket The structure that supports the cone in an 


acoustic loudspeaker. 

basket-weave coil A type of single-layer inductor 
in which adjacent turns do not parallel each 
other around the circumference, but zigzag oppo- 
sitely as a strand does in the woven pattern of a 
basket. This reduces distributed capacitance. 

bass Low audio frequencies (AF) corresponding to 
low-frequency musical notes or sounds. 

bass boost 1. The special emphasis given to low 
audio frequencies (the bass notes) by selective 
circuits in audio systems. 2. The technique of in- 
creasing the loudness of the bass, relative to the 
higher audio frequencies, to render a more faith- 
ful reproduction of sound at low volume levels. 

bass compensation See BASS BOOST, 2. 

bass control 1. A manually variable potentiometer 
for adjusting bass boost of an amplifier or sound 
system. 2. The arrangement of components that 
are required to achieve amplitude variation of 
bass in an audio signal. 

bass port In a loudspeaker, a hole in the cabinet 
that enhances the low-frequency (bass) sound 
output. Used in high-fidelity audio systems. 

bass-reflex enclosure A loudspeaker cabinet with 
a critically dimensioned duct or port that allows 
back waves to be radiated in phase with front 
waves, thus averting unwanted acoustic phase 
cancellation. 

bass-reflex loudspeaker A loudspeaker mounted 
in a bass reflex enclosure. Also see ACOUSTICAL 
PHASE INVERTER. 

bass-resonant frequency The low frequency at 
which a loudspeaker or its enclosure displays 
resonant vibration. 

bass roll-off 1. The attenuation of the low-fre- 
quency (bass) component in a high-fidelity audio 
signal. 2. A control that allows adjustable attenu- 
ation of the low-frequency component in a high- 
fidelity audio signal. 

bass suppression In speech transmission, the re- 
moval of all frequencies below about 300 Hz, on 
the assumption that those frequencies contribute 
little to intelligibility. This suppression permits 
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the speech level to be increased without overmod- 
ulating a transmitter. It also allows smaller audio 
transformers to be used because transformer 
core size must increase as the frequency it passes 
decreases. 

bassy In audio and high-fidelity applications, a 
sound in which the low-frequency components, 
below about 500 Hz, are overly predominant. 

BAT Abbreviation of BATTERY. 

batch fabrication process The manufacture of de- 
vices in a single batch from materials of uniform 
grade. Particularly, the manufacture of a large 
number of semiconductor devices from one batch 
of semiconductor material by means of carefully 
controlled, identical processes. 

batch processing In digital-computer operations, 
the processing of quantities of similar informa- 
tion during a single run. 

bat-handle switch A toggle switch, the lever of 
which is relatively long and thick, and is shaped 
like a baseball bat. 


bat-handle switch 


bathtub capacitor A (usually oil-filled) capacitor 
housed in a metal can that looks like a miniature 
bathtub. 

bathyconductorgraph An instrument that is used 
to measure the electrical conductivity of seawa- 
ter. 

bathythermograph An instrument that plots a 
graph of temperature versus depth in a body of 
water, such as a lake or an ocean. 

batten Supporting bars or braces that hold a loud- 
speaker in place within its cabinet, and/or that 
hold the cabinet panels in place. 

battery Abbreviations, B, BA. BAT. A device con- 
sisting of two or more interconnected electro- 
chemical or photovoltaic cells that generate dc 
electricity. The cells can be connected in series to 
supply a desired voltage, in parallel to supply a 
desired current-delivering capability, or in series- 
parallel to obtain a desired voltage and current- 
delivering capability. Also see CELL, EDISON 
BATTERY, LEAD-ACID BATTERY, PHOTO- 
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VOLTAIC CELL, PRIMARY BATTERY, and STOR- 
AGE BATTERY. 

battery acid 1. A chemical acid, such as sulfuric 
acid, used as the electrolyte of a battery. 2. Collo- 
quially, any cell or battery electrolyte, whether 
acid, base, or salt. 

battery capacity The current-supplying capability 
of a battery, usually expressed in ampere-hours 
(Ah). 

battery cell See CELL, 1. 

battery charger 1. A specialized dc power supply, 
usually embodying a stepdown transformer, rec- 
tifier, and filter. It is used to charge a storage bat- 
tery from an ac power line. 2. A motor-generator 
combination used to charge a storage battery 
from an ac power line. 3. A combination of solar 
cells, generators, or other voltaic transducers, 
that are used to charge a storage battery with dc 
obtained from a nonelectrical energy source. 

battery clip 1. A heavy-duty metallic clamp that is 
used for quick, temporary connection to a large 
cell terminal, such as that of a lead-acid storage 
battery. 2. A small connector of the snap-fastener 
type, used for quick connection to a small power 
source, such as a transistor-radio battery. 

battery eliminator A specialized dc power supply, 
usually embodying a transformer, rectifier, and 
filter, that permits battery-powered equipment to 
be operated from an ac power line. 

battery holder 1. A case or container of any kind 
for holding a cell or battery. 2. A shelf for holding 
a cell or battery. 3. A small, metal bracket-type 
device for holding a cell or battery between two 
contacts. 

battery life 1. The ampere-hour or watt-hour ca- 
pacity of a battery. 2. The number of times that a 
rechargeable electrochemical battery can be cy- 
cled before it becomes unusable. 3. The nominal 
length of time (e.g., hours, days, or weeks) that an 
electrochemical battery will function effectively in 
a given application before it must be discarded or 
recharged. 

battery memory See MEMORY DRAIN. 

battery receiver A usually portable radio or televi- 
sion receiver operated from self-contained batter- 
ies. 

battery substitute See BATTERY ELIMINATOR. 

bat wing On a television (TV) or frequency-modula- 
tion (FM) broadcast receiving antenna, a metallic 
element with a shape that resembles that of a 
bat’s wing. 

baud A unit of communications processing speed 
in telegraphy and digital data communications 
systems. Often confused with bits per second 
(bps). Baud refers to the number of times per sec- 
ond that a signal changes state. The speed in bps 
is generally higher than the speed in baud, some- 
times by a factor of several times. Compare BITS 
PER SECOND. 

Baudot code A machine communications code 
that uses five parallel binary digits of equal 
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length, the interpretation of which depends on 
the history of the previous transmission or an ad- 
ditional case bit. 

baud rate 1. A colloquial expression for data speed 
in BAUD. 2. Colloquial, and technically inaccu- 
rate, expression for data speed in BITS PER SEC- 
OND. 

Baume (Antione Baume, 1728-1804). Abbreviation, 
Be. Pertaining to the Baume scales for hydrome- 
ters. The two such scales are for liquids heavier 
than water and for liquids lighter than water. 

bay One of several sections of a directional an- 
tenna array. 

bayonet base The insertable portion of a plug-in 
component (e.g., a lamp) that has a projecting pin 
that fits into a slot or keyway in the shell of the 
socket into which the component is inserted. 

bayonet socket A socket with a suitably slotted 
shell for receiving the bayonet base of a plug-in 
component. 

bazooka A linear BALUN, in which a quarter wave- 
length of metal sleeving surrounds a coaxial 
feeder, and is shorted to the outer conductor of 
the feeder to form a shorted quarter-wave section. 

bb Abbreviation of BLACKBODY. 

BBC Abbreviation of British Broadcasting Corpora- 
tion. 

BBM Abbreviation of BREAK BEFORE MAKE. 

b-box The index register of a computer. 

BC Abbreviation of BROADCAST. 

BCD Abbreviation of BINARY-CODED DECIMAL. 

BCFSK Abbreviation of BINARY CODE  FRE- 
QUENCY-SHIFT KEYING. 

B channel One of the channels of a two-channel 
stereophonic system. Compare A CHANNEL. 

BCI Abbreviation of BROADCAST INTERFERENCE. 

BCL Amateur radio abbreviation of BROADCAST 
LISTENER. 

BCN Abbreviation of BEACON. 

BCO Abbreviation of BINARY-CODED OCTAL. 

BCST Abbreviation of BROADCAST. 

BDC Abbreviation of BINARY DECIMAL COUNTER. 

B display A radar display in which the target is 
represented by a bright spot on a rectangular- 
coordinate screen. Compare A DISPLAY and J 
DISPLAY. 

Be Symbol for BERYLLIUM. 

Be Abbreviation of BAUME. 

beacon 1. A beam of radio waves, or a radio signal, 
that is used for navigation and/or direction find- 
ing. 2. A transmitter that radiates a beam of radio 
waves, or a radio signal, as an aid in navigation 
and/or direction finding. 3. A signal transmitted 
continuously on a specific frequency, to help ra- 
dio operators ascertain propagation conditions. 
4. A station or transmitter that generates and ra- 
diates a signal to help radio operators determine 
propagation conditions. 5. In robotics, a device or 
system that aids in navigation. For example, tri- 
corner reflectors can be positioned in strategic 
locations, and a mobile robot equipped with a 


—P— 


5059F-pB. 56-92 


4/9/01 4:45 PM Page 67 


scanning infrared laser. The robot controller de- 
termines the distance to any given reflector by 
measuring the time required for the laser beam to 
return. In this way, two mirrors can allow the 
robot to locate its position in two dimensions; 
three mirrors can facilitate position determina- 
tion in three-dimensional space. 

beacon direction finder A direction finder using a 
signal received from a beacon station. 

beacon receiver A receiver that is specially 
adapted for the reception of beacon signals (see 
BEACON, 1 and 3). 

beacon station 1. A station broadcasting beacon 
signals (see BEACON, 1 and 3) for direction find- 
ing, navigation, and/or determination of radio- 
wave propagation conditions. 2. Sometimes, a 
radar transmitting station. 

beacon transmitter A transmitter specially 
adapted for the transmission of beacon signals 
(see BEACON, 1 and 3). 

bead 1. A small ferromagnetic ring that is used as 
a passive decoupling choke by slipping it over the 
input power leads of a circuit or stage, or around 
a coaxial transmission line. 2. A magnetic mem- 
ory element in a ferrite-core matrix. 

beaded coax A low-loss, coaxial transmission line, 
in which the inner conductor is separated from 
the outer conductor by means of spaced dielectric 
beads. 

beaded support A plastic or dielectric bead that is 
used to support the inner conductor of an air- 
insulated transmission line of coaxial construction. 

bead thermistor A thermistor consisting essentially 
of a small bead of temperature-sensitive resistance 
material into which two leads are inserted. 

beam 1. The more-or-less narrow pattern of radia- 
tion from a directional antenna. 2. A directional 
antenna—especially a YAGI ANTENNA. 3. The 
stream or cloud of electrons emitted by the cath- 
ode in an electron tube—especially a BEAM 
POWER TUBE. 

beam alignment 1. The lining-up of a directional 
transmitting antenna with a directional receiving 
antenna for maximum signal transfer. 2. In a 
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television (TV) camera tube, the lining-up of the 
electron beam so that it is perpendicular to the 
target. 3. In a cathode-ray tube, the positioning of 
the electron rays so that they converge properly 
on the screen, regardless of the deflection path. 

beam angle In the radiation from an antenna, the 
direction of most intense radiation, the side limits 
of which are determined by the points at which 
the field strength drops to half the value in the 
principal direction. 

beam antenna __1. A multielement directional an- 
tenna, consisting of a half-wave driven dipole and 
one or more parasitic elements. See YAGI AN- 
TENNA. 2. Any directional antenna used for 
transmitting and receiving radio-frequency (RF) 
signals. 

beam bender 1. In a television (TV) picture tube, 
the ion-trap magnet. 2. Deflection-plate correc- 
tion device or circuit. 

beam bending Deflection of an electron beam by 
electric or magnetic fields. 

beam blanking See BLANK, 2. 

beam convergence The meeting, at a shadow- 
mask opening, of the three electron beams in a 
three-color television picture tube. See BEAM 
ALIGNMENT, 3. 

beam coupling A method of producing an alternat- 
ing current between two electrodes by passing a 
density-modulated beam of electrons between the 
electrodes. This, in effect, demodulates the elec- 
tron beam, recovering the information. 

beam crossover Either of the half-power points 
in the beam of a directional antenna, usually in 
the horizontal plane. The reference point is con- 
sidered to be the direction of maximum radia- 
tion. 

beam current The current represented by the flow 
of electrons in the beam of a cathode-ray tube. 

beam cutoff In an oscilloscope or television picture 
tube, the complete interruption of the electron 
beam, usually as a result of highly negative con- 
trol-grid bias. 

beam deflector A deflection plate in an oscillo- 
scope tube. 

beam efficiency In a cathode-ray tube, the ratio of 
the number of electrons generated by the gun to 
the number reaching the screen. The efficiency is 
high in electromagnetic-deflection tubes and 
lower in electrostatic-deflection tubes. 

beam lead In an integrated circuit, a relatively 
thick and strong lead that is deposited in contact 
with portions of the thin-film circuit. It provides 
stouter connections than continuations of the 
thin film would provide. 

beam-lead isolation In an integrated circuit, re- 
duction of distributed capacitance and other in- 
teraction through use of beam leads. 

beam modulation See INTENSITY MODULATION. 

beam parametric amplifier A PARAMETRIC AM- 
PLIFIER in which the variable-reactance compo- 
nent is supplied by a modulated electron beam. 
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beam-positioning magnet In a three-gun color 
television picture tube, a permanent magnet that 
is used to position one of the electron beams cor- 
rectly, with respect to the other two. 

beam power tube A tetrode or pentode vacuum 
tube, in which special deflector plates concentrate 
the electrons into beams in their passage from 
cathode to plate. The beam action greatly increases 
plate current at a given plate voltage. It is used in 
some radio-frequency (RF) power amplifiers. 

beam-rider control system A _ missile-guidance 
system in which a control station sends a radio 
beam to a missile. The beam is moved in such a 
way that as the missile stays within the beam, it 
hits the target. 

beam-rider guidance 1. An aircraft landing guid- 
ance system, in which the aircraft follows a radio 
beam in its glide path. 2. The circuitry in a guided 
missile using a beam-rider control system. 

beam splitter A device used to divide a light beam 
(as by a transparent mirror) into two compo- 
nents, one transmitted and the other reflected; 
hence, a BEAM-SPLITTING MIRROR. 

beam splitting In radar, a method of calculating 
the mean azimuth of a target from the azimuth at 
which the target is first revealed by one scan, and 
the azimuth at which the target information 
ceases. 

beam-splitting mirror In an oscilloscope-camera 
system, a tilted, transparent mirror that allows 
rays to pass horizontally from the oscilloscope 
screen to the camera and to be reflected vertically 
to the viewer’s eye. 

beamwidth of antenna The angular width of the 
main lobe of the pattern of radiation from a di- 
rectional antenna. Generally, it is measured be- 
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tween the half-power points in the horizontal 
plane. Occasionally, it is measured in the verti- 
cal plane. 

bearing The direction of an object or point ex- 
pressed in degrees within a 360° horizontal clock- 
wise boundary, with the center of the circle 
serving as the observation point. 

bearing resolution In radar operations, the mini- 
mum horizontal separation of two targets, in de- 
grees, that permits the individual targets to be 
displayed as two echoes, rather than one. 

beat Any one of the series of pulsations constitut- 
ing a beat note, which results from heterodyning 
one signal against another. 

beat frequency Either of two frequencies fc, and 
Jcg resulting from the mixing of two signals of dif- 
ferent frequencies f, and fg. Frequency fc; is the 
sum of the two input frequencies; fo. = fa + fp. 
Frequency fco is the difference; fc2 = fa — fg when 
Ja is the higher of the two input frequencies. 

beat-frequency oscillator Abbreviation, BFO. An 
oscillator used to set up audible beat frequen- 
cies with an incoming received signal and in- 
stalled in the intermediate-frequency (IF) stages 
of a superheterodyne communications receiver. 
For single-sideband (SSB) reception, the BFO is 
set at the frequency of the received suppressed 
carrier. In continuous-wave (CW) Morse code re- 
ception, the BFO is set at a frequency that dif- 
fers from that of the incoming signal by about 
400 to 1000 Hz. The resulting tone has an audio 
frequency equal to the difference between the 
BFO frequency and the received signal carrier 
frequency. For reception of frequency-shift- 
keyed (FSK) signals, the BFO is set to such a fre- 
quency that the resulting audio beat notes are 
appropriate for the mark and space inputs of a 
terminal unit or modem. 
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beating 1. Also called heterodyning. The combina- 
tion of signals of different frequencies resulting in 
sum and difference frequencies. 2. The fluttering 
noise heard when two audio tones, very close in 
frequency and very similar in amplitude, are 
emitted at the same time. 

beat marker In the visual (oscilloscopic) alignment 
of a tuned circuit, a marker pip that results from 
the beat note between the sweep-generator signal 
and the signal from a marker oscillator. 
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beat note The sum or difference frequency that re- 
sults from the heterodyning of two signals or, un- 
der some conditions, of more than two signals. 

beat-note reception 1. Reception in which a ra- 
dio-frequency carrier is made audible by hetero- 
dyning it with a beat-frequency oscillator (BFO) to 
produce an audible beat note. 2. Superhetero- 
dyne reception (see SUPERHETERODYNE CIR- 
CUIT). 

beat tone A beat note in which the frequency is 
within the range of hearing. 

beaver tail A flat or elongated radar beam, wide in 
the azimuth plane. Primarily used to determine 
the altitude of a target. The beam is moved up 
and down to find the target elevation. 

Becquerel effect A phenomenon in which a volt- 
age is produced when radiant energy, such as in- 
frared, visible light, ultraviolet, or X-rays, falls on 
one electrode in an electrolytic cell. 

bedspring A directional antenna consisting of a 
broadside array with a flat reflector and one or 
more helical driven elements. 

beep A test or control signal, usually of single tone 
and short duration. 

beeper 1. A pocket- or hand-carried transceiver— 
especially one for maintaining two-way contact 
with personnel who are away from their base. 2. 
An acoustic transducer that produces a beep in 
response to an input signal. 

beetle A urea formaldehyde plastic used as a di- 

electric material and as a container material. 

Abbreviation, B. The basic logarithmic unit 

(named for Alexander Graham Bell) for express- 

ing gain or loss ratios. One bel is equivalent to a 

power gain of 10. Also see DECIBEL. 

bell An electric alarm device consisting of a metal- 
lic gong that emits a ringing sound when it is 
struck by an electrically vibrated clapper. 

Bellini-Tosi direction finder A direction finder in 
which the sensing element consists of two trian- 
gular vertical antennas crossed at right angles, 
the antennas being open at the top and accord- 
ingly not acting as conventional coil antennas. 

bell-shaped curve A statistical curve (so called 
from its characteristic shape) that exhibits a nor- 
mal distribution of data. Typically, the curve de- 
scribes the distribution of errors of measurement 
around the real value. 

bell transformer A (usually inexpensive) stepdown 
transformer that operates an electric bell or simi- 
lar alarm or signaling device from the ac power 
line. 

bell wire Insulated 18-gauge (AWG) solid copper 
wire, so called because of its principal early use 
in the wiring of electric-bell circuits. 

belt generator Also known as a Van de Graaff gen- 
erator. A very-high-voltage electrostatic genera- 
tor, a principal part of which is a fast-traveling 
endless belt of dielectric material. At the lower 
end, charges of one sign are sprayed on the belt 
at 10 to 100 kV dc and are carried to the inside of 
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a hollow metal sphere at the upper end, where 
they are removed and spread to the surface of the 
sphere, which they raise to a potential up to sev- 
eral million volts. 

benchmark A test standard to measure product 
performance. 

benchmark routine A routine designed to evaluate 
computer software and/or hardware, producing a 
good indication of how well the software or hard- 
ware will perform in real-life situations. In par- 
ticular, tests instructions per second and 
throughput, thereby producing an indication of 
the overall computer power in applications, such 
as word processing, database, spreadsheet, 
graphics, animation, and mathematical calcula- 
tions. 

bench test An extensive checkout of a piece of 
equipment in the test laboratory—either to find 
an intermittent problem, or to check for reliabil- 
ity. 

bend An angular shift in the lengthwise direction of 
a waveguide. 

bending effect 1. The downward refraction of a 
radio wave by the ionosphere. 2. The low- 
atmosphere turning of a radio wave downward by 
temperature discontinuity and atmospheric in- 
versions. 

Benito A continuous-wave method of measuring 
the distance of an aircraft from the ground, in- 
volving the transmission of an audio-modulated 
signal from ground and the retransmission back 
to ground by the aircraft. The phase shift between 
the two signals is proportional to the distance to 
the aircraft. 

bent antenna An antenna that has its driven ele- 
ment bent, usually near the ends and at right an- 
gles, to conserve space. 

bent gun A television picture tube neck arrange- 
ment having an electron gun that is slanted to di- 
rect the undesired ion beam toward a positive 
electrode, but which allows the electron beam to 
pass to the screen. This prevents the ion beam 
from “burning” a permanent spot on the phoso- 
por of the screen. 

BeO Formula for beryllium oxide. Also see BERYL- 
LIA. 
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berkelium Symbol, Bk. A radioactive elemental 
metal produced artificially. Atomic number, 97. 
Atomic weight, 247. 

beryllia Formula, BeO. Beryllium oxide, used in 
various forms as an insulator and structural ele- 
ment (as in resistor cores). 

beryllium Symbol, Be. An elemental metal. Atomic 
number, 4. Atomic weight, 9.01218. Beryllium is 
present in various dielectrics and alloys used in 
electronic components. 

Bessel functions Sophisticated mathematical 
functions for dealing with periodic electronic phe- 
nomena in which the waveform often displays 
decrement. Also called cylindrical functions. 

beta Symbol, 8. The current gain of a common- 
emitter bipolar transistor stage. It is the ratio of 
the induced change of collector current to the ap- 
plied change of base current: 8 = dIC/dIB. 

beta circuit The output-input feedback circuit in 
an amplifier. 

beta cutoff frequency The frequency at which the 
current amplification of a bipolar transistor falls 
to 70.7% of its low-frequency value. 

beta particles Minute radioactive subatomic bits 
identical to the electron or positron, and emitted 
by some radioactive materials. Also see BETA 
RAYS. 

beta rays Rays emitted by the nuclei of radioactive 
substances, consisting of a stream of beta parti- 
cles (i.e., electrons or positrons) that move at ve- 
locities up to 299.8 million meters per second. 
Compare ALPHA PARTICLE and GAMMA RAYS. 

beta-to-alpha conversion For a bipolar transistor, 
the conversion of current amplification expressed 
as beta (B) to current amplification expressed as 
alpha (a): a = B/(B + 1). 

betatron A particle accelerator in which injected 
electrons are given extreme velocity by being pro- 
pelled in circular paths in a doughnut-shaped 
glass container. The term comes from the fact 
that high-speed electrons constitute BETA PAR- 
TICLES. 

beta videocassette recorder The earliest scheme 
for videocassette recording, developed by Sony 
corporation in the 1970s. Compare VHS video- 
cassette recorder. 

beta zinc silicate phosphor Formula, (ZnO + 
Si0.):Mn. A phosphorescent substance used to 
coat the screen of a cathode-ray tube. The fluo- 
rescence is green-yellow. 

BeV Abbreviation of billion electronvolts. Also see 
ELECTRONVOLT, GEV, MEV, and MILLION 
ELECTRONVOLTS. This abbreviation has been 
supplanted by the SI (International System of 
Units) abbreviation GeV, for GIGAELECTRON- 
VOLTS. 

bevatron An accelerator (see ACCELERATOR, 1) 
similar to the synchrotron, which accelerates 
particles to levels greater than 10 GeV. 

Beverage antenna (Harold H. Beverage.) A nonres- 
onant, directional long-wire antenna, erected a 
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few feet above ground and run in a straight line 
for one to several wavelengths. It is generally 
used for reception at low and medium frequen- 
cies, the best response is to vertically polarized 
signals arriving from one or both directions in 
line with the wire. It can be left unterminated for 
bidirectional response, or it can be terminated at 
its far end by a noninductive resistor of about 600 
ohms for a unidirectional response. 

beyond-the-horizon propagation See FORWARD 
SCATTER. 

bezel A faceplate for an electronic instrument, 
usually having a fitted rim and cutouts for knobs, 
switches, jacks, etc. 

BFO Abbreviation of BEAT-FREQUENCY OSCIL- 
LATOR. 

BG Abbreviation of BIRMINGHAM WIRE GAUGE. 
Also abbreviated BWG. 

B-Hcurve A plot showing the Band H properties of 
a magnetic material. Magnetizing force H is plot- 
ted along the horizontal axis, and flux density B 
is plotted along the vertical axis. 

B-H loop See BOX-SHAPED LOOP. 

B-H meter Any instrument for displaying or evalu- 
ating the hysteresis loop of a magnetic material. 

bhp Abbreviation of brake horsepower. 

Bi Symbol for BISMUTH. 

bias 1. Any parameter of which the value is set toa 
predetermined level to establish a threshold or 
operating point. Although it is common to think 
of bias currents and bias voltages, other parame- 
ters (e.g., capacitance, resistance, illumination, 
magnetic intensity, etc.) can serve as biases. 2. In 
a high-fidelity audio system, a circuit in a tape 
recorder/player that optimizes performance for a 
particular type of recording tape. 

bias current A steady, constant current that pre- 
sets the operating threshold or operating point 
of a circuit or device, such as a transistor, 
diode, or magnetic amplifier. Compare BIAS 
VOLTAGE. 

bias current drift The ratio of a change in input 
bias current to a change in ambient temperature, 
generally expressed in nanoamperes per degree 
Celsius. 

bias distortion Distortion caused by operation of a 
tube or transistor with incorrect bias so that the 
response of the device is nonlinear. 

biased diode A diode having a dc voltage applied in 
either forward or reverse polarity. Current flows 
readily through the forward-biased diode; the re- 
verse-biased diode appears as an open circuit. 
The biased diode is the basis of clippers, limiters, 
slicers, and similar circuits. 

biased off In a circuit or device, the state of cutoff 
caused by application of a control-electrode bias. 
Examples include collector-current cutoff (when 
the dc base bias of a bipolar transistor reaches a 
critical value), and drain-current cutoff (when the 
dc gate bias reaches a critical value in a field- 
effect transistor). 
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biased search A scheme that a mobile robot can 
use to find its way to a destination or target, by 
deliberately searching off to the side and then 
homing in as the approach progresses. It is so 
called because the general nature of the initial er- 
ror (bias) is known, although its exact extent need 
not be known. 

bias oscillator In a magnetic recorder, an oscilla- 
tor operated at a frequency in the 40-kHz to 100- 
kHz range to erase prerecorded material and bias 
the system magnetically for linear recording. 

bias resistor A usually fixed resistor, such as the 
source resistor in a field-effect-transistor (FET) cir- 
cuit or the emitter resistor in a bipolar-transistor 
circuit, across which a desired bias voltage is de- 
veloped by current flowing through the resistor. 

bias set A control, such as a potentiometer or vari- 
able autotransformer, that facilitates manual ad- 
justment of the dc bias of a circuit. 

bias stabilization 1. The maintenance of a con- 
stant bias voltage, despite variations in load 
impedance or line voltage. It is usually accom- 
plished by means of automatic voltage regulation. 
2. The stabilization of transistor dc bias voltage 
by means of resistance networks or through the 
use of barretters, diodes, or thermistors. 

bias supply 1. Batteries that provide bias voltage 
or current for bipolar or field-effect transistors. 2. 
A line-operated unit for supplying dc bias and 
consisting of a transformer, rectifier, and high- 
grade filter. 

bias voltage A steady voltage that presets the op- 
erating threshold or operating point of a circuit or 
device, such as a transistor. Compare BIAS CUR- 
RENT. 

bias windings The dc control windings of a sat- 
urable reactor or magnetic amplifier. 

biconical antenna A form of broadband antenna, 
consisting of two conical sections joined at the 
apexes. The cones are at least 4 wavelength in di- 
agonal height. The vertex angles of the cones can 
vary, although the apex angle is usually the same 
in each cone. The vertex angle affects the feed- 
point impedance. Such an antenna radiates, and 
responds optimally to, signals with polarization 
parallel to the axis of the cones. 

biconical horn antenna A double-horn micro- 
wave antenna that radiates along relatively sharp 
front and back beams. 
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bidecal base The 20-pin base of a cathode-ray 
tube. Also see DIHEPTAL, DUODECAL, and 
MAGNAL. 

bidirectional Radiating or receiving (usually 
equally) from opposite directions (e.g., front-and- 
back radiation from an antenna or loudspeaker, 
or front-and-back pickup with an antenna or mi- 
crophone). 

bidirectional antenna An antenna with a direc- 
tional pattern that consists of maximum lobes 
180 degrees apart. 

bidirectional bus In computers, a data path over 
which both input and output signals are routed. 

bidirectional bus driver In a microcomputer, a 
signal-driving device that permits direct connec- 
tion of a buffer-to-buffer arrangement on one end 
(the interface to I/O, memories, etc.) and data in- 
puts and outputs on the other. This device per- 
mits bidirectional signals to pass and provides 
drive capability in both directions. 

bidirectional counter A counter that can count 
consecutively up from a given number or down 
from that number. Also called UP-DOWN 
COUNTER. 

bidirectional current A current that flows in both 
directions. Utility alternating current (ac) is a 
common example. 

bidirectional loudspeaker A loudspeaker that de- 
livers sound waves to the front and rear. 

bidirectional microphone A _ microphone that 
picks up sound waves equally well from the front 
and rear. 

bidirectional transistor A symmetrical transistor 
(i.e., one in which the two main current-carrying 
electrodes can be interchanged without influenc- 
ing device performance). Some field-effect tran- 
sistors (FETs) are of this type; the drain and the 
source can be interchanged. 

bifilar electrometer An electrometer in which the 
sensitive element consists of two long platinized- 
quartz fibers. When an electric potential is ap- 
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plied, the fibers separate by a distance propor- 
tional to the voltage. 

bifilar resistor A wirewound resistor with two op- 
positely wound filaments. The nature of the wind- 
ing tends to cancel the inductance, making the 
device useful at a much higher frequency than an 
ordinary wirewound resistor. 

bifilar transformer A transformer in which unity 
coupling is approached by interwinding the pri- 
mary and secondary coils (i.e., the primary and 
secondary turns are wound side by side and in 
the same direction). 

bifilar winding 1. A method of winding a coil (such 
as a resistor coil) in the shape of a coiled hairpin 
so that the magnetic field is self-canceling and 
the inductance is minimized. 2. A method of 
winding transformers to minimize leakage reac- 
tance. 
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bifurcated contact A forked contact whose parts 
act as two contacts in parallel for increased relia- 
bility. 

bilateral amplifier An amplifier that transmits or 
receives in either direction equally well (i.e., the 
input and output can be exchanged at will). 

bilateral antenna A bidirectional antenna, such as 
a loop antenna or a half-wave dipole. 

bilateral element A circuit element or component 
(as a capacitor, resistor, or inductor) that trans- 
mits energy equally well in either direction. Com- 
pare UNILATERAL ELEMENTS. 

bilateral network A network, usually passive and 
either balanced or unbalanced, that has BILAT- 
ERAL SYMMETRY. Thus, the input and output 
terminals can be exchanged without affecting the 
performance of the network in any way. 

bilateral symmetry 1. Exhibiting symmetry, with 
respect to a vertical line or plane. 2. For a net- 
work, having the property that if the input and 
output are reversed, the circuit behavior remains 
precisely the same. See BILATERAL NETWORK. 
3. For an amplitude-versus-frequency response 
curve, having the property that the right-hand 
and left-hand halves are mirror images of each 
other. 

billboard antenna A phased group of dipole anten- 
nas that lie in one plane. A reflector might be 
used behind the entire array. 

bilobe pattern An antenna radiation pattern con- 
sisting of two major lobes in a given plane, usu- 
ally the horizontal plane. Often the lobes exist in 
opposite directions relative to each other, as ina 
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half-wave dipole. But they can be at varying an- 
gles, as in a long-wire antenna. 

bimetal A union of two dissimilar metals—espe- 
cially those having a different temperature coeffi- 
cient of expansion. The two are usually welded 
together over their entire surface. 

bimetallic element A strip or disk of bimetal. 
When the element is heated, it bends in the di- 
rection of the metal that has the lower tempera- 
ture coefficient of expansion; when cooled, it 
unbends. Usually, an electrical contact is made 
at one extreme or the other so that the element 
can serve as a thermostat. 

bimetallic switch A temperature-sensitive switch 
based on a bimetallic element. 

bimetallic thermometer A thermometer based on 
a bimetallic element that is mechanically coupled 
(as through a lever and gear system) to a pointer 
that moves over a temperature scale. 

bimetallic thermostat A thermostat in which a 
bimetallic element closes or opens a pair of 
switch contacts. 

bimorphous cell A piezoelectric transducer that 
consists of two crystal plates, such as Rochelle 
salt, bound intimately face to face. In a crystal 
microphone, vibration of the transducer results 
in a voltage output; in a crystal headphone, an ac 
signal voltage impressed on the transducer 
causes vibratory mechanical motion. 
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BiMOS A combination of bipolar and MOSFET 
transistors in an integrated circuit. Thus, a typi- 
cal BiMOS device can have MOSFET input for 
high impedance and bipolar output for low 
impedance. 

binant electrometer An electrometer in which a 
thin platinum vane (“the needle”) is suspended 
within two halves of a metal pillbox-shaped con- 
tainer. The halves or binants are biased with a dc 
voltage of 1 to 12 V, and the unknown voltage is 
applied to the vane. It is also called DUANT 
ELECTROMETER and HOFFMAN ELECTROME- 
TER. 

binary 1. Pertaining to the base-2 number system. 
Thus, binary arithmetic uses two digits: 0 and 1. 
2. Pertaining to two-element chemical com- 
pounds. 

binary arithmetic Mathematical operations per- 
formed using only the digits 0 and 1. 

binary cell In a computer memory, an element 
that can display either of two stable states. 

binary chain A cascade of binary elements, such 
as flip-flops, each unit of which affects the stable 
state of the succeeding unit in sequence. 

binary channel Any channel whose use is limited 
to two symbols. 

binary code A system of numbers representing 
quantities by combinations of 1 and 0; a binary- 
number system. 

binary-coded decimal notation In digital com- 
puter operations, a system of notation in which 
each digit of a decimal number is represented by 
its binary equivalent. Thus, the decimal number 
327 in BCD notation becomes 0011 0010 0111. 
(By contrast, in pure binary notation, 327 is 
101000111.) 

binary-coded octal notation A method of num- 
bering in which each base-8 digit is represented 
by a binary number from 000 to 111. 

binary-controlled gate circuit A gate circuit con- 
trolled by a binary stage. An example is a gating 
transistor that receives its on/off pulses from a 
flip-flop. 

binary counter A counter circuit consisting of a 
cascade of bistable stages. Each stage is a scale- 
of-two counter because its output is on for every 
second input pulse. At any instant, the total bi- 
nary count in a multistage counter thus is shown 
by the on and off states of the various stages in 
sequence. 

binary decoder A device or stage that accepts bi- 
nary signals on its input lines, and provides a 
usually exclusive output (representing a decimal 
digit, for example). 

binary digit See BIT. 

binary number system The base-two system of 
notation. This system uses only two symbols, 0 
and 1, and accordingly is easily applied to two- 
position switches, relays, and flip-flops. 

binary preset switch Ina binary counter or binary 
control circuit, a selector switch that allows the 
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circuit to be preset to deliver an output pulse only 
after a predetermined number of input pulses. 

binary relay See BISTABLE RELAY. 

binary scaler In its simplest form, a single two- 
stage device, such as a flip-flop, which functions 
as a divide-by-two counter, because one output 
pulse results from every two input pulses. 
Higher-order scaling is obtained by cascading 
stages. 

binary search A system of search entailing the 
successive division of a set of items into two parts 
and the rejection of one of the two until all items 
of the sought-for kind are isolated. 


e e e e @ e e@ 
oS 


e e 
e e 
e 
binary search 

binary signal Any signal that can attain either of 
two states. Such a signal is always a digital sig- 
nal. 

binary-to-decimal conversion 1. The automatic 
conversion of a number represented by a series of 
binary pulses into the corresponding decimal 
number, which then is displayed by a readout de- 
vice. 2. The arithmetic operation of converting a 
binary number into a decimal number; this can 
be done by noting the powers of 2 represented by 
the various binary digits in a number, and then 
adding the decimal values of these powers. 

binary word A binary numeral that has a particu- 
lar meaning, agreed upon by convention. For ex- 
ample, the letters A through Z can be represented 
by binary numbers 00001 through 11010; a word 
can be represented by several blocks of five digits. 

binaural Literally, two-eared. In sound recording 
and reproduction, the transcription of a broad 
sound source using two microphones spaced at 


approximately the distance between the ears ona 
human head, and played back using headphones 
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to re-create the stereo effect. The technique 
evolved into multichannel stereophonic repro- 
duction. 

binaural machine hearing Also called stereo ma- 
chine hearing. The ability of a machine, such as a 
robot, to sense the direction and distance to a 
source of sound, using two acoustic transducers 
and a computer to process their output signals. 
The machine determines the location of the 
sound source by comparing the relative ampli- 
tude and phase of the signals from the two trans- 
ducers. It functions according to the same 
principle as human hearing, in which a person 
can determine the general direction and distance 
to a sound source by subconsciously comparing 
the relative amplitude and phase of the sounds 
arriving at the left and right ears. 

binaural sound The equivalent of a listener hear- 
ing a concert through a pair of earholes; it takes 
earphones to reproduce the signal. If speakers 
are substituted for the earphones, the listener 
hears monophonically, as if standing back sev- 
eral feet from the earholes. 

binder A material (such as lacquer) that acts asa 
holder and cohesive medium for the particles of 
another material. It is used in carbon resistors, 
ceramic dielectric bodies, powder cores, and re- 
sistive and metallic paints. 

binding energy A property of the nucleus of an 
atom. The binding energy of a nucleus is equal to 
the difference between the nuclear weight and the 
sum of the weights of the lighter particles making 
up the nucleus. The nucleus is stable when the 
binding energy is high. 

binding force Any one of the electrostatic forces 
that bind crystals together. 

binding post A screw-type terminal of various 
styles, often having a hole into which a wire or tip 
can be inserted and gripped. It is used for tempo- 
rary indoor connections only. 
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binding post 








binistor A semiconductor switching device that ex- 
hibits two stable states and also negative resis- 
tance. 

binocular machine vision Also called stereoscopic 
machine vision. The ability of a machine vision 
system to provide depth and perspective data. 
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Uses two optical sensors spaced a fixed distance 
apart. The left sensor sees a slightly different im- 
age than the right sensor. These two images are 
combined and processed by a computer, allowing 
the machine (such as a mobile robot) to deter- 
mine the distances to various objects in its envi- 
ronment. Functions on the same principle as 
stereoscopic human vision. 

bin picking In robotics, the selection of a particu- 
lar object from a container (bin) in which there 
are many objects. Can be done using object 
recognition, bar coding, or passive transponders. 
It requires a sensor, operating in conjunction 
with a computer that processes the sensed data 
and controls the movements of the robot. 

binomial An algebraic expression containing two 
terms joined by a plus or minus sign. Examples: 
a? + b*, 3x? - 6x. 

binomial theorem The theorem, proven by Isaac 
Newton, permits a binomial to be raised to any 
desired power without performing the multiplica- 
tions. In electronics, power series are convenient 
for expressing such expressions. 

biochemical cell A fuel-cell energy source in 
which electricity is generated chemically through 
the oxidation of biological substances. Also called 
biochemical fuel cell. 

biochip 1. A natural, living organism with a physi- 
cal structure that in some way resembles that of 
an electronic integrated circuit (IC). 2. A theoreti- 
cal possibility, according to some scientists, but 
not yet a practical reality: An IC manufactured by 
a laboratory process that mimics the way in 
which nature builds living organisms. A form of 
artificial life, harnessed for electronic and/or 
computing applications. 

bioelectricity 1. Electric currents in living tissues, 
generated by the organism and not applied by ex- 
ternal means. 2. The science or study of such 
currents. 

bioelectrogenesis The study and application of 
electricity generated by living animals, including 
humans, in the powering and control of electronic 
devices. 

bioelectronics Electronics in relation to the life 
sciences—especially the electronic instrumenta- 
tion of biological experiments. 

bioengineering 1. The engineering of equipment, 
such as electron microscopes, electroencephalo- 
graphs, centrifuges, irradiators, etc., for study 
and experimentation in the life sciences. 2. The 
engineering of equipment, such as pacemakers, 
hearing aids, X-ray apparatus, shock-therapy 
units, etc., for aid or support-of-life processes. 

biofeedback A technique in which changes in skin 
temperature and resistance are detected and dis- 
played by an electronic device. 

biofeedback monitor A system that provides an 
indication of skin temperature and resistance to 
a user. Because skin temperature and resistance 
are affected by emotions, such as fear, nervous- 
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ness, anger, etc., these monitors might be of 
value to people who wish to gain improved control 
of their emotions, and thus perhaps minimize the 
physiological effects of stress. 

biological robot Believed by some researchers to 
be possible, but not yet a practical reality: A living 
organism created by biological cloning, whose 
brain has been programmed exactly as a com- 
puter is programmed. 

biological shield An absorbent shield that blocks 
or attenuates ionizing radiation to protect per- 
sonnel working near radioactive materials. 

bioluminescence 1. The emission of light by a liv- 
ing organism. 2. The light itself so produced by 
living organisms. 

biomechanism An electromechanical device that 
simulates the workings of some part of a living 
being’s body. Examples are electromechanical 
hands, arms, and legs. Such a device is often dif- 
ficult to distinguish from its biological counter- 
part when obscured by clothing. 

biomechatronics A contraction of the words biol- 
ogy, mechanics and electronics. Research, devel- 
opment and manufacturing that encompasses 
aspects of all three fields. This is especially im- 
portant in robotics. 

biometrics Mathematics, and in particular, statis- 
tics and probability, applied to biology. 

biometric security system An advanced intru- 
sion-prevention system that measures biological 
characteristics of the people who are authorized 
to enter a property. Such a machine can employ 
vision systems, object recognition, and/or pat- 
tern recognition to check a person’s face. The ma- 
chine might use speech recognition to identify 
people by the waveforms of their voices. It might 
record a hand print, a fingerprint, or an iris print, 
or a combination of all these things. A powerful 
computer analyzes the data obtained by the sen- 
sors and determines whether the person is au- 
thorized to enter the premises. 

bionics The study, design, and application of mi- 
croelectronic systems that simulate the functions 
of living organisms. 

biotelemetry The use of telemetry to collect data 
from living organisms or to direct their move- 
ment. 

biotelescanner An instrument that monitors body 
functions via radio, from a great distance. 

Biot/Savart law A principle of electromagnetism 
that expresses the intensity of magnetic field H in 
the vicinity of a long, straight wire carrying a 
steady current I. The basic formula is H = 2I/r, 
where H is in oersteds, I is in amperes, and r is 
the distance in centimeters from the wire. 

bip Abbreviation of binary image processor. 

biphase half-wave rectifier An alternative term 
for FULL-WAVE RECTIFIER; also, each leg of a 
two-diode full-wave rectifier. 

BIPM Abbreviation of International Bureau of 
Weights and Measures. 


bipolar The condition of possessing two pole sets. In 
a conventional (non-FET) transistor, one pole set 
exists between the base and collector, and another 
pole set exists between the base and emitter. 

bipolar driving unit A magnetic headphone or 
loudspeaker in which both poles (north and 
south) of a magnet actuate a diaphragm or lever. 

bipolar operation See AUTOMATIC POLARITY. 

bipolar transistor A two-junction transistor whose 
construction takes the form of a pnp or an npn 
“sandwich.” Such devices are current-operated, 
compared with field-effect transistors, which are 
voltage-operated. The bipolar transistor (of which 
the familiar npn and pnp types are examples) 
uses both electron and hole conduction. 

biquinary code A variety of binary-coded-decimal 
notation in which seven bits are used to repre- 
sent each decimal digit. A number is written in 
two groups of bits: a two-bit group followed by a 
five-bit group. The positional values are 5 and 0 
for the two-bit group, and 4, 3, 2, 1, and O for the 
five-bit group. 

biquinary decade A decade counter that consists 
of a binary stage, followed by a quinary stage. 

bird 1. Slang for orbiting SATELLITE. 2. Slang for 
guided missile. 

birdie 1. A spurious beat note in a superhetero- 
dyne receiver. So called because of the character- 
istic chirping sound it makes as the operator 
tunes by the frequency on which it occurs. 2. A 
parasitic oscillation in a radio transmitter, also 
called a spurious emission or spur. 

Birmingham wire gauge Abbreviation, BWG. Also 
called Stubs gauge. A method of designating the 
various sizes of solid wire. BWG diameters are 
somewhat larger than corresponding AMERICAN 
WIRE GAUGE diameters for a given wire-size 
designator. 


Birmingham Wire Gauge (BWG) Diameters 


BWG Millimeters Inches 
1 7.62 0.300 
2 7.21 0.284 
3 6.58 0.259 
4 6.05 0.238 
5 5.59 0.220 
6 5.16 0.203 
ih 4.57 0.180 
8 4.19 0.165 
9 3.76 0.148 

10 3.40 0.134 

11 3.05 0.120 
12 2.11 0.109 
13 2.41 0.095 
14 2.11 0.083 
15 1.83 0.072 
16 1.65 0.064 
17 1.47 0.058 
18 1.25 0.049 
19 1.07 0.042 
20 0.889 0.035 
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bismuth Symbol, Bi. A metallic element. Atomic 
number, 83. Atomic weight, 209. 

bismuth flux meter A flux meter in which the sen- 
sor contains a length of bismuth wire, which acts 
as a magnetoresistor. 

bismuth thermocouple A thermocouple that uses 
the junction between bismuth and antimony 
wires. Used in thermocouple-type meters. 

bistable Having two stable states. 

bistable device Any device, such as a flip-flop, the 
operation of which exhibits two stable states and 
which can be switched at will from one state to 
the other. 

bistable multivibrator A multivibrator, the opera- 
tion of which exhibits two stable states. More 
commonly known as a FLIP-FLOP. These circuits 
are abundant in digital electronic equipment. 





Compare ASTABLE MULTIVIBRATOR § and 
MONOSTABLE MULTIVIBRATOR. 
Reset 

Q 
Set Q 


bistable multivibrator 


bistable relay A relay that has two stable states: 
open and closed. Successive actuating pulses 
open and close the relay, two consecutive pulses 
being required to return the relay to a given state. 
Also called binary relay, relay flip-flop, and elec- 
tromechanical flip-flop. 

bistatic radar A radar set in which the transmit- 
ting and receiving antennas are separate. 

bistate Having two states. Example: the perfor- 
mance of a FLIP-FLOP. 

bit An acronym formed from the words binary digit. 
The smallest or elementary unit of data in digital 
electronics. Represented either by logic O (low) or 
logic 1 (high). These states can be represented by 
any dichotomy, such as off/on, false/true, mi- 
nus/plus, dark/bright, red/green, etc. 

BIT Abbreviation of built-in test. 

bit density The number of digital bits per unit area 
or volume, as the number of bits per square cen- 
timeter of magnetic tape. 

BITE Abbreviation of built-in test equipment. 

bit rate The speed in BITS PER SECOND (bps) at 
which digital data bits are transmitted or handled. 

bit-slice processor A microprocessor whose word 
or byte capacity is achieved through the use of in- 
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terrelated smaller capacity processors (e.g., a 16- 
bit unit derived from eight 2-bit “slices”). 

bits per second Abbreviation, bps. An expression 
of digital data speed. Commonly used in com- 
puter communications. This unit is often con- 
fused with, and improperly called, the baud. 
There is generally a difference between the speed 
of a signal in baud, and the speed of the same sig- 
nal in bps. Compare BAUD. 

bitter pattern A pattern produced in a suspension 
of ferromagnetic powder in the presence of an im- 
perfection in a magnet. The pattern appears as an 
irregularity that is easy to see. 

Bjerknes’ equation An expression for the total 
(primary plus secondary) decrement of a tuned 
circuit, based on measurements of the tank cur- 
rent at the resonant frequency and at a frequency 
near resonance. 

BK 1. Radiotelegraph signal for BREAK. 2. Abbre- 
viation of BREAK-IN. 

Bk Symbol for BERKELIUM. 

black-and-white Also called monochrome and 
gray-scale. Any system of image reproduction, 
transmission, or reception in which the image is 
composed of opaque elements (black) and white 
or bright areas, as in noncolor television recep- 
tion. 

black area An area in which there is only an en- 
crypted signal. 

blackboard system A method via which comput- 
ers can recognize, and to some extent determine 
the meaning of, spoken words and visual images. 
Incorporates machine vision and/or machine 
hearing in conjunction with artificial intelligence 
(Al). Incoming voices and/or images are digitized 
and entered into a large-capacity random-access 
memory (RAM). The data is evaluated by sophisti- 
cated software to determine the most logical or 
probable interpretations of the sounds and im- 
ages. 

blackbody An ideal surface or object, that com- 
pletely absorbs energy of any wavelength that 
strikes it. Such an object is a theoretically perfect 
radiator of energy at all wavelengths. 

blackbody radiation Electromagnetic radiation 
from a heated ideal BLACKBODY. This radiation 
is conceived as covering the entire ELECTRO- 
MAGNETIC FREQUENCY SPECTRUM. It can be 
expressed graphically as a characteristic curve 
with a peak at a wavelength that depends on the 
absolute temperature of the object. As the abso- 
lute temperature increases, the peak occurs at 
progressively shorter wavelengths (higher fre- 
quencies). This enables radio astronomers to get 
a reasonably good idea of the temperatures of dis- 
tant celestial objects, such as planets. 

black box 1. Any “box” or “block” that can be in- 
cluded in an analysis or synthesis based upon 
the BLACK-BOX CONCEPT. 2. Any functional 
unit (such as a module) whose operating charac- 
teristics are known, and that can be inserted into 
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a system in development or maintenance opera- 
tions. 3. Any subcircuit or stage that can be spec- 
ified in total as required in a system, in terms of 
its known or prescribed performance, but whose 
internal structure need not be known. 

black-box concept A technique for development of 
equivalent circuits and of considering their oper- 
ation. The “box” has a pair of input terminals and 
a pair of output terminals; one input terminal is 
often common to one output terminal. The con- 
tents of the box need not be known, but from the 
input and output current and voltage relation- 
ships, its nature can be determined. Moreover, 
from the available input signal and desired out- 
put signal, the internal circuit of the box can be 
specified. Integrated circuits (ICs) are often 
treated as black boxes by engineers designing 
complex electronic equipment. 

black compression Attenuation of the level of dark 
areas in a television picture. 

blacker than black The video-signal amplitude re- 
gion above the level that just darkens the screen. 
Signal information (such as control pulses) in 
this region are therefore not seen. 

black light 1. Ultraviolet radiation—especially 
when used to cause visible fluorescence in cer- 
tain materials. 2. A lamp that produces a princi- 
pal portion of its radiation in the ultraviolet 
region, causing visible fluorescence of certain 
substances. Such lamps are used in some scien- 
tific experiments, and also for creating special ef- 
fects at presentations or parties. It is hazardous 
to look directly at the output of such a lamp with 
unprotected eyes. 

blackout 1. A complete interruption of ac utility 
power to numerous customers at the same time. 
2. A complete cessation of ionospheric radio-wave 
propagation, such as might be caused by a solar 
flare. 3. Complete blanking of the screen of an os- 
cilloscope or picture tube. 

black reference Ina television signal, the blanking 
level of pulses, beyond which the sync pulse is in 
the blacker-than-black region. 

black reference level In a television signal, the 
voltage threshold of the BLACK REFERENCE 
(i.e., its level above zero volts). 

black transmission A system of picture or facsim- 
ile transmission in which the maximum copy 
darkness corresponds to the greatest amplitude 
(in an amplitude-modulated transmitter) or the 
lowest instantaneous frequency (in a frequency- 
modulated transmitter), Compare WHITE 
TRANSMISSION. 

blank 1. A piezoelectric plate cut from a quartz 
crystal, but not yet finished to operate at a de- 
sired frequency. 2. To obscure or interrupt a sig- 
nal or electron beam (usually momentarily), as in 
z-axis blanking in an oscilloscope. 3. A silicon 
wafer cut from a large slab, containing dopants 
only. 4. A magnetic diskette or tape on which 
nothing is recorded. 5. An optical diskette on 
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which nothing is recorded. 6. A location (Such as 
a symbol or space) that is used to verify proper 
data character grouping and values. 

blanketing A form of radio interference accompa- 
nied by severe degradation of reception, virtually 
unaffected by tuning, over a wide range of fre- 
quencies. An example is ac line noise caused by 
an arcing power transformer or electrical appli- 
ance in the vicinity of a receiving antenna. It 
tends to occur most often at low, medium, and 
high frequencies. 

blanking Obscuring or momentary elimination of a 
signal (see BLANK, 2). 

blanking interval The short period during which 
the electron beam of a cathode-ray tube is cut off 
so that the beam can return to its start position 
without creating a trace on the screen. 

blanking level The discrete, predetermined level 
(usually a threshold voltage) at which BLANKING 
occurs. 

blanking pedestal In the horizontal pulse of a tele- 
vision signal, the lower portion between zero volts 
and the blanking level. 

blanking pulse A pulse that produces momentary 
blanking (see BLANK, 2). 

blanking time The time interval during which the 
electron beam of a cathode-ray tube is inter- 
rupted by a blanking signal. 

blank tape 1. Magnetic tape that has never been 
subjected to the recording process and that is 
substantially free from noise. 2. Magnetic tape 
from which all preexisting information has been 
erased. 

blasting 1. Severe overloading of a sound system, 
usually caused by setting the volume control at 
or near maximum and then applying a significant 
input signal to the amplifier. Accompanied by dis- 
tortion, in its worst form, it can cause damage to 
speakers and/or headsets. 2. In a communica- 
tions receiver, the result of a strong signal coming 
in unexpectedly when the automatic gain control 
(AGC) has been switched off, and the audio- 
frequency (AF) and radio-frequency (RF) gain con- 
trols are set high for reception of weak signals. 

bleeder A resistor or group of resistors, used per- 
manently to drain current from charged capaci- 
tors. It establishes the predetermined initial load 
level for a power supply or signal source, and it 
serves as a safety device in high-voltage power 
supplies. 

bleeder current The current normally flowing 
through a bleeder. 

bleeder divider A network of resistors, series- 
strung across the output of a power supply or its 
regulator. As a load resistor, the bleeder improves 
regulation and protects against no-load voltage 
surges. The resistor junctions allow various volt- 
ages to be drawn from the supply. 

bleeder power Power dissipated as heat in a 
bleeder. 

bleeder resistor See BLEEDER. 
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bleeder temperature The operating temperature 
in a bleeder. It is generally high because of power 
dissipation in the form of heat. 

bleeding whites A flowing of the white areas of a 
television picture into the black areas; an over- 
load condition. 

blemish See BURN. 

blind flight The flying of aircraft entirely by means 
of instruments and electronic communications. 

blind landing Landing of an aircraft entirely by 
means of instruments and electronic commnica- 
tions. 

blind zone 1. In radar operations, an area that gives 
no echoes. 2. Skip zone (see ZONE OF SILENCE). 

blip 1. The pulse-like figure on a radar scan, indi- 
cating the transmission or reflection (see A-SCAN 
and J-SCAN). Also called PIP. 2. In visual align- 
ment of a tuned circuit using a sweep generator 
and marker generator, the pulse or dot produced 
on the response curve by the marker signal. 3. A 
short, momentary signal pulse, such as a single 
Morse dot. 

BLIP Abbreviation for background-limited infrared 
photoconductor. 

blip-scan ratio The number of radar scans neces- 
sary to show a visible blip, or echo, on a radar 
screen. 


aos 


Bloch functions Solutions of the Schrodinger 
wave equation for a single electron surrounded 
by an electric field. The field varies periodically 
with distance from the source. 

Bloch wall The transition layer between adjacent 
ferromagnetic domains (see DOMAIN). 

block 1. A group of data words or digits. 2. A group 
of memory storage spaces. 3. A circuit that oper- 
ates as an identifiable unit. 4. The symbol for a 
circuit, stage, unit, or device in a BLOCK DIA- 
GRAM. 

block diagram A simplified diagram of an elec- 
tronic system, in which circuits, stages, units, or 
devices are shown as two-dimensional boxes with 
the internal wiring and detail circuitry omitted. 
This makes it possible to clearly show the inter- 
connection among circuits, stages, units or de- 
vices. It also provides a concise rendition of the 
overall functional concept of the system. 
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blocked impedance The input impedance of a 
transducer, whose output load is a theoretically 
infinite impedance. 

blockette In acomputer, the subdivision of a char- 
acter block that is handled as a unit during data 
transfer. 

blocking action Obstruction of circuit action, usu- 
ally abrupt, through internal action or by the 
application of an external signal. Thus, the 
operation of an amplifier can be blocked (output 
reduced to zero) by an input signal or by exces- 
sive feedback, either of which overloads the 
input. 

blocking capacitor A capacitor inserted into a cir- 
cuit to prevent the passage of direct current while 
easily passing alternating current. 

blocking choke Any inductor, such as a choke 
coil, that is used to prevent the flow of an alter- 
nating current while allowing direct current to 
pass with little resistance. 

blocking interference Radio interference from sig- 
nals strong enough to reduce the receiver output 
through blocking action. 
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blocking oscillator An oscillator that turns itself 
off after one or more cycles. It does this as a re- 
sult of an accumulation of negative charge on its 
input electrode (base of a bipolar transistor or 
gate of a field-effect transistor). The action is 
repetitive. In the self-pulsing type of blocking os- 
cillator, a series of pulses consisting of trains of 
sine waves with intervening spaces is generated. 
In the single-swing type of blocking oscillator, the 
output consists of a series of single cycles with 
long intervals between them. 

blocking oscillator synchronization 1. In the 
BLOCKING OSCILLATOR used in the vertical de- 
flection circuit of a television receiver, the oscilla- 
tor is synchronized with vertical sync pulses 
arriving in the video signal. 2. Synchronization of 
the repetition rate of any blocking oscillator with 
a suitable external control signal. 

blocking system Ina telephone system, a method 
of dealing with the condition of having more sub- 
scribers than connection paths. Allocation is 
made on a demand basis. If all channels are in 
use, it is impossible to make new calls. This pre- 
vents excessive degradation of the quality of ex- 
isting connections. 

block length The number of characters, bits, or 
words that compose a defined unit word or char- 
acter group. 

block transfer The conveyance of a word or char- 
acter grouping in a computer register to another 
register or a peripheral device. 

blooming On a cathode-ray-tube (CRT) screen, an 
enlargement of the electron-beam spot, caused by 
poor focusing. This results in poor image 
resolution. 

blooper 1. A radio receiver that is in oscillation, 
and is transmitting a signal that causes interfer- 
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ence. 2. A parasitic oscillation in a radio trans- 
mitter. 3. In broadcasting, a statement in which a 
radio or television announcer makes an embar- 
rassing error or breach of etiquette. 

blow The opening of a fuse or circuit breaker as a 
result of excessive current. 

blower A fan used to remove heat from electronic 
circuits. These are often used in tube-type radio- 
frequency (RF) power amplifiers, where much 
heat is generated, and in computers to cool the 
microprocessor and surrounding components. 

blowout 1. An alternate term for BURNOUT. 2. The 
forceful opening of a circuit breaker. 3. The extin- 
guishing of an arc. 

blowout coil An electromagnet that provides a field 
to extinguish an arc. 

blowout magnet A permanent magnet that pro- 
vides a field to extinguish an arc. 

blst Abbreviation of ballast. 

blue-beam magnet In a color television picture- 
tube assembly using three electron guns, a small 
permanent magnet to adjust the static conver- 
gence of the beam for blue phosphor dots. 

blue box An accessory device (sometimes unlaw- 
fully used) that generates tones that switch a tele- 
phone circuit in the placing of calls. 

blue glow 1. In a neon lamp, a bluish light that 
results from high-voltage arcing. 2. The normal 
color of the gas discharge in an argon glow 
lamp. 3. The bluish glow between anode and 
cathode of a gassy vacuum tube. 4. The normal 
color of the discharge that fills a mercury-vapor 
tube. 

blue gun The electron in a three-gun color picture 
tube, the beam from which strikes the blue phos- 
phor dots. 

blueprint 1. A type of contact-print reproduction 
in which a sheet of sensitized paper is exposed to 
an image on a translucent or transparent film, 
under strong light, and is then developed and 
fixed. Although this process is still used to repro- 
duce electronic illustrations and typescripts, it 
has been superseded largely by other (dry) pro- 
cesses. 2. Loosely, any plan or design for the de- 
velopment of a system. 

blue restorer In a three-gun color television cir- 
cuit, the de restorer in the blue channel. 

blue ribbon program A computer program that 
has been hand-prepared and debugged com- 
pletely before its first computer run. 

blue video voltage The signal voltage presented to 
the grid of the blue gun of a three-gun color pic- 
ture tube. 

blurring 1. BLOOMING. 2. A defocusing of a televi- 
sion picture or oscilloscope trace. 3. An obscur- 
ing of a signal by echoes or trailing (e.g., the slow 
decrement of a Morse code signal element). 

B-minus Also called B-negative. The negative ter- 
minal of a B-power supply. 

BNC Abbreviation of bayonet Neill-Concelman. A 
type of coaxial connector that can be quickly con- 
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BNC 


nected and disconnected. It is commonly used 
with test equipment. 

B-negative Alternative expression for B-MINUS. 

BNL Abbreviation of | Brookhaven National 
Laboratory. 

BO Abbreviation of beat oscillator. Also abbreviated 
BFO. 

board 1. A panel containing patch jacks. 2. A 
printed circuit. 

boat A type of crucible in which a semiconductor 
material is melted and sometimes processed. The 
material of which the boat is made (e.g., graphite) 
does not react with or contaminate the semicon- 
ductor material. 

bobbin 1. A usually nonmetallic spool on which a 
coil is wound. 2. The form onto which the voice 
coil of a loudspeaker is wound. 

Bode plot A pair of curves plotted to the same fre- 
quency axis, one showing the gain of a network or 
amplifier and the other showing its phase shift. 
Phase and amplitude of active and passive net- 
works can be exhibited. Also called Bode curve 
and Bode diagram. 

body-antenna effect The tendency of the human 
body to act as a receiving antenna when a finger 
is touched to the antenna input terminal of a re- 
ceiver or when a hand (or the whole body) is 
brought close enough to the circuit to provide ca- 
pacitive coupling. 

body capacitance Capacitance between the body 
of the operator (as one plate of an equivalent ca- 
pacitor) and a piece of electronic equipment (as 
the other plate). This phantom capacitance is of- 
ten the cause of detuning and of the injection of 
interfering signals and noise because the body 
acts as a pickup antenna. 

body electrode 1. An electrode attached to the 
human body (or to the body of a laboratory ani- 
mal) to conduct body-generated currents to an 
instrument, as in cardiography, electroenceph- 
alography, and myography. 2. An electrode at- 
tached to the human body (or to the body of a 
laboratory animal) to conduct currents into the 
body, as in shock therapy and skin-resistance 
measurement. 

body leakage Leakage of current through the bulk 
or body of a dielectric material, as opposed to 
SURFACE LEAKAGE. 

body temperature In a thermistor, a rating that 
represents the temperature measured on the 
surface of the device. It is any combination of 
ambient temperature, power dissipation, and 
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operation of the internal heater element (if the 
thermistor has one). 

bof Abbreviation of barium oxide ferrite. 

boffle A loudspeaker enclosure consisting of 
stretched screens that are sound absorbing and 
elastic. 

bogie Also called bogey. 1. The exact value of a 
specified characteristic. Thus, if resistance is 
given as 1 kQ +0.5%, the bogie value is 1 kQ. 2. 
The average value (i.e., the ARITHMETIC MEAN). 
3. A false or unidentified echo on a radar screen. 

Bohr atom The concept of the nature of the atom, 
proposed by Niels Bohr in 1913 partly to explain 
why the electrons in the Rutherford atom do not 
fly off into space or fall into the nucleus. The Bohr 
theory places the electrons in permissible orbits 
where they cannot radiate energy (see BOHR RA- 
DIUS). They can radiate or absorb energy, how- 
ever, if they go to a lower orbit or to a higher orbit, 
respectively. Compare RUTHERFORD ATOM. 

bohrium Symbol, Bh. Also called unnilseptium 
(Uns). Atomic number, 107. The most common 
isotope has atomic weight 262. Classified as a 
transition metal. It is human-made and is not 
known to occur in nature. 

Bohr radius Symbol, ad. A physical constant 
whose value is approximately 5.291772 x 1071! 
meter. 

boiling point Abbreviation, bp. The temperature at 
which a liquid vaporizes. The boiling point of wa- 
ter in air at a pressure of one atmosphere is 
100°C or 212°F. 

bolometer Any device that is essentially a small, 
nonrectifying, temperature-sensitive resistor that 
can be used for heat sensing, radio-frequency 
power measurement, curve changing, demodula- 
tion, circuit protection, etc. Included in this cate- 
gory are the BARRETTER, the THERMISTOR, and 
the wire-type FUSE. 

bolometer bridge A dc bridge in which a bolometer 
is one of the four arms. The bridge is balanced 
first with the bolometer cold. The bolometer then 
is excited with a radio-frequency (RF) current, 
whereupon the resultant heating changes the 
bolometer resistance. The bridge is rebalanced for 
the new resistance. The RF power driving the 
bolometer is determined according to a predeter- 
mined function of bridge settings versus RF input 
power. 

Boltzmann constant Symbol, k. A figure that en- 
ters into the calculation of thermionic emission 
and of thermal noise factor. It represents the tem- 
perature equivalent of work function, in electron 
volts per Kelvin (eV/K) or joules per Kelvin (J/K). 
The values are approximately: 

k = 8.617 x 105 eV/K = 1.38 x 10°95 J/K 

Boltzmann’s principle A description of the statis- 
tical distribution of large numbers of tiny parti- 


cles under the influence of a force, such as an 
electric or magnetic field. When the system is in 
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statistical equilibrium, the number of particles in 
any portion of the field is given by: 


Ng = Noe ®/'T 


where E is the potential energy of a particle in the 
observed area, No is the number of particles per 
unit volume in a part of the field where E is zero, 
k is the BOLTZMANN CONSTANT, T is the abso- 
lute temperature of the system of particles, and e 
is approximately equal to 2.718. 

bombardment The usually forceful striking of a 
target with rays or a stream of particles. 

bond 1. An area in which two or more items are se- 
curely and intimately joined. 2. The attractive 
force that holds an atomic or subatomic particle 
or particle group together. 

bonded-barrier transistor A bipolar transistor in 
which the connection at the base region is al- 
loyed. 

bonded negative-resistance diode A diode that 
displays a negative-resistance characteristic over 
part of its current curve. This results from 
avalanche breakdown. 

bond energy In a molecule, the energy necessary 
to break an atomic bond. 

bonding 1. The formation of bonds between adja- 
cent atoms in a crystalline material, such as a 
semiconductor. See _ specifically COVALENT 
BINDING FORCES, IONIC BINDING FORCES, 
and METALLIC BINDING FORCES. 2. The secure 
fastening together of conducting surfaces, as by 
soldering or brazing, to produce a high-conduc- 
tance, leak-free continuum. 

bond strength The minimum stress required to 
separate a material from another to which it is 
bonded. 

bone-conduction transducer A device used in 
place of the earphone in a hearing aid to convey 
sound energy to the bone structure of the head. 

Bongard problem A method of evaluating how well 
a machine vision system can differentiate among 
patterns. Similarities and differences are noted 
between objects in two sets of boxes. It was devel- 
oped for object-recognition systems, mainly for 
use in intelligent robots. 

book capacitor A variable capacitor in which the 
metal plates are bonded along one edge and sep- 
arated from each other by means of mica sheets. 
The capacitance is varied by opening and closing 
the assembly book fashion. It is used as a padder 
or trimmer. 

Boolean algebra A system of symbolic logic. State- 
ments are represented as symbols, usually vari- 
ables such as x, y, and z. The logical AND opera- 
tion is represented by multiplication; the logical 
inclusive OR operation is represented by addi- 
tion; the logical NOT operation is represented by 
a minus sign or a line over the element symbol. 
The system has rules, definitions and axioms via 
which theorems can be derived. Used by engi- 
neers in the design of digital electronic circuits. 
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Boolean truth table 





AND NOT OR 
x | y | xy | x | x+y 
0 0 0 1 0 
0 1 0 1 1 
1 0 0 0 1 
1 1 1 0 1 


Boolean function In mathematical logic, a func- 
tion that makes use of BOOLEAN ALGEBRA. 


Boolean theoreams 


x + 0 =x (additive identity) 

x1 =x (multiplicative idenity) 

x+1l=1 

x0=0 

X+X=X 

XX =X 

(x’)’ = x (double negation) 

xtxv=1 

xx=0 

x+y=y+4+x (commutativity of addition) 

xy = yx (commutativity of multiplication) 
X+xy=x 

xy +y=xt+y 

x+y+Z=at+y)+z=x4+ (+2) 

(associativity of addition) 

xyz = (xy)z = x(yz) (associativity of multiplication) 
x(y + z) = xy + xz (distributivity) 

(x + Ww) (y +z) =xy +.xz + wy + wz (distributivity) 
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boom 1. A horizontal support for a microphone, 
enabling the microphone to be suspended over a 
sound source, but out of the sight of a camera. 
2. A horizontal support for a small antenna that is 
undergoing tests or sampling the field of another 
antenna. 3. The supporting element in a Yagi, 
quad, or log-periodic antenna. It establishes the 
center of gravity and directional axis of the radi- 
ation pattern. The driven element(s) and para- 
sitic element(s) are attached, usually at right 
angles. 

boost capacitor In the damper circuit of a televi- 
sion receiver, the capacitor that is used to boost 
the B-plus voltage. Also called booster capacitor. 

boost charge A high-current, short-interval charge 
used to revitalize a storage battery quickly. Also 
called booster charge. 

booster 1. Any device used to increase the ampli- 
tude of a signal (e.g., as an amplifier or preampli- 
fier) or of an energy source (e.g., to boost the 
output of a power supply). 2. A radio-frequency 
preamplifier used ahead of a television receiver. 


—P— 


5059F-pB. 56-92 


4/9/01 4:45 PM Page 82 


82 booster battery ¢ bow-tie test 


booster battery 1. A battery used to forward bias a 
diode detector into a favorable region of its con- 
duction curve, or to bias a bolometer into the 
square-law region of its response. 2. A battery 
supplying power to a booster. 

booster gain The amplification (usually in terms of 
voltage gain) provided by a booster (see especially 
BOOSTER, 2). 

boot 1. The powering-up routine in a digital com- 
puter, in which the machine executes a series of 
programs to get itself ready for use. 2. The 
resetting of a computer, by pressing certain key- 
board keys (e.g., CTRL-ALT-DEL), pressing a re- 
set button, or by powering-down, waiting about 
two minutes, and then powering-up again. 3. To 
install a computer diskette and instruct the com- 
puter to execute one or more programs on the 
diskette. 4. A usually flexible protective nipple or 
jacket pulled over a cable or connector, so called 
from its resemblance to a foot boot. 

boot loader A form of computer program that op- 
erates on the BOOTSTRAP ROUTINE. 

bootstrap A technique for making a device or pro- 
cess achieve a condition through its own actions; 
see BOOTSTRAP CIRCUIT, for example. 

bootstrap circuit A specialized form of follower 
circuit that presents very high input impedance. 
Its chief feature is the return of the control-ele- 
ment resistor to a tap on the source or emitter re- 
sistor. The technique takes its name from the 
figurative notion that such a circuit “lifts its input 
impedance by its own bootstraps.” 


Cl 


C2 






Signal input Signal_output 


bootstrap circuit 
(with junction-type field-effect transistor) 


bootstrap routine 1. Also called bootstrap pro- 
gram. In a digital computer, and especially in a 
personal computer, the routine that the machine 
follows when first powered-up. See BOOT, 1. 
2. In a digital computer, a routine in which the first 
few instructions put in storage are later used to 
complete the routine, as supplemented by some 
operator instruction. 3. A portion of a computer 
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program that is used to establish an alternate 
version of the program. 

borax-aluminum cell An electrolytic cell that con- 
sists essentially of an aluminum electrode and a 
lead electrode in a saturated solution of sodium 
tetraborate (borax). After electroforming, such a 
cell can be used either as a rectifier or as an elec- 
trolytic capacitor. 

boric acid Formula, H3BO3. A compound used var- 
iously in electronics—especially as the electrolyte 
in electrolytic capacitors. 

bornite Formula, CusFeS,. A natural mineral that 
is a sulfide of copper and iron. Its crystalline 
structure made it important in early semiconduc- 
tor diodes (crystal detectors). 

boron Symbol, B. A metalloidal element. Atomic 
number, 5. Atomic weight, 10.82. It is used as a 
dopant in semiconductor processing. 

bot 1. Abbreviation for beginning of tape. 2. Abbre- 
viation of bottom. 

bottoming Excessive movement of the cone of a 
loudspeaker or the diaphragm of a headphone so 
that the magnet or supporting structure is struck 
by the moving-coil piston assembly. It produces a 
clapping sound, particularly on bass (low- 
frequency) audio peaks. 

bounce 1. The springback or vibration of the ar- 
mature of a relay on closure. 2. An abnormal, 
abrupt change in the brightness of the image in a 
television receiver or cathode-ray-tube (CRT) 
computer monitor. 

boundary 1. In a polycrystalline substance, the 
area of contact between adjacent crystals. 2. The 
area of meeting of two regions (such as n and p) 
in a semiconductor. 

boundary defect A condition in which a piezoelec- 
tric crystal has two regions, intersecting in a 
plane, with different polarizations. 

boundary effect In audio systems, a pheno-menon 
in which the proximity of an acoustic transducer 
to a flat surface enhances the pickup and/or 
transmission of sound. Occurs because of reflec- 
tion of acoustic waves from the surface. 

bound charge The portion of the electric charge on 
a conductor that does not escape to ground when 
the conductor is grounded. This occurs because 
of induction from neighboring charge carriers. 
Compare FREE CHARGE. 

bound electron An electron held tightly in its orbit 
within an atom so that it is not ordinarily free to 
drift between atoms and contribute to electric 
current flow. 

bow-tie antenna A center-fed antenna in which 
the two horizontal halves of the radiator are tri- 
angular plates that resemble a bow tie. A flat re- 
flector consisting of closely spaced horizontal 
wires is mounted behind the triangles. 

bow-tie test An oscilloscope-display checkout of a 
single-sideband (SSB) signal, in which the ap- 
pearance of the display indicates the signal qual- 
ity. The transmitter output signal is fed to the 
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vertical deflection plates of the oscilloscope. The 
exciter audio output is fed to the horizontal sweep 
input of the scope. 

boxcars Long pulses with short separating spaces 
between them. 

box-shaped loop The characteristic square-loop 
hysteresis curve (B-H loop) that result when a 
sine wave of current is used to magnetize a sam- 
ple of magnetic material. In this plot, which cov- 
ers all four quadrants, the horizontal axis (H) 
displays magnetizing force, and the vertical axis 
(B) displays magnetization. Also see HYSTERE- 
SIS. 

Boys radiomicrometer A detector for radiant en- 
ergy. The device consists of a thermocouple and a 
galvanometer. When energy falls on the thermo- 
couple, a voltage is produced, and this is mea- 
sured by the galvanometer. 

bp 1. Abbreviation of BOILING POINT. 2. Abbrevia- 
tion of BANDPASS. 

bpi Abbreviation of bits per inch. 

B-plus Also called b-positive. 1. Symbol, B+. The 
positive dc voltage required for certain electrodes 
of vacuum tubes, transistors, etc. 2. The positive 
terminal of a B power supply. 

B positive See B-PLUS. 

B power supply A name used sometimes for the 
unit that supplies high-voltage dc energy to a 
vacuum tube plate or screen circuit. 

bps Abbreviation of BITS PER SECOND. 

Br Symbol for BROMINE. 

bracketing A troubleshooting routine character- 
ized by isolating progressively smaller areas in a 
circuit or chain of stages until the defective sub- 
circuit or stage is located. 

Bradley detector A locked-oscillator circuit that 
was once used as an FM detector. 

braid 1. A woven network of fine metal wires used 
for grounding purposes. It is usually made of fine 
copper conductors. The increased surface-area- 
to-volume ratio improves the conductivity, at ra- 
dio frequencies, over a single conductor that has 
the same cross-sectional area. Braid can be 
tinned (saturated with solder) to retard corrosion. 
2. It is also called a shield. The outer conductor in 
prefabricated coaxial cable. 

braided wire A length of braid. Used for grounding 
or shielding purposes. 

brain waves Alternating or pulsating voltages that 
are caused by electrical activity in the brain of an 
animal or human being. The voltages can be 
picked up by electrodes attached to the scalp, 
and amplified to be viewed on a cathode-ray-tube 
(CRT) screen, heard by headphones or speakers, 
or traced by an electroencephalograph. 

branch 1. Any one of the separate paths of a 
circuit. With respect to the layout of its compo- 
nents, a branch can be series, parallel, series- 
parallel, parallel-series, or any combination of 
these. It is also called a LEG. 2. See BRANCH 
CIRCUIT. 
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branch circuit In electrical wiring, a group of out- 
lets served through a single cutout from a source 
of power-line ac voltage. The source can be a dis- 
tribution center, subdistribution center, main, or 
submain. Interior lighting circuits are usually 
branch circuits because many lights are con- 
nected to one circuit controlled by a single fuse or 
circuit breaker. 


Subdistribution center 









Main 
distribution 
center 


Subfeeder 


Service 





Subdistribution 
center 
Submain 





Branch 


Load 


branch circuit 
(enclosed in broken lines) 


branch current Current flowing through a branch 
of a circuit, whose magnitude, with respect to the 
total current of the circuit depends on the nature 
of the branch. 

branched In molecular polymers, the condition of 
side chains being attached to the main chain. 

branched windings Forked windings of a poly- 
phase transformer. 

branching In robotics and artificial intelligence 
(AJ), a set of routines or programs containing 
points at which a computer must select from 
among two or more alternatives. Such routines 
are used in critical processes, such as the manu- 
facture of precision equipment. 

branch point See JUNCTION POINT. 

branch voltage The voltage, or voltage drop, 
across a branch of a circuit. 

brass 1. An alloy of copper and zinc that is widely 
used in electronics. Compared to annealed cop- 
per, this metal has four times the resistivity (or 4 
the conductivity), half the temperature coeffi- 
cient, more than twice the tensile strength, and a 
lower melting point (900°C). 2. A colloquialism for 
an old-fashioned, straight telegraph key. 

brass pounder 1. Colloquialism for telegraph oper- 
ator or radiotelegraph operator. 2. A radio ama- 
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teur who handles large amounts of message traf- 
fic, particularly via Morse code. 3. A radio ama- 
teur proficient in Morse code operation. 

Braun electroscope An electroscope consisting es- 
sentially of a fixed metal vane to which a movable 
needle is fastened at a pivot. The repulsion be- 
tween the two, when an electric charge is applied, 
causes the needle to move over a calibrated scale. 

bravo Phonetic representation of the letter B. 

brazing The joining of two metal (usually iron or 
steel) parts together with a suitable melted cop- 
per-alloy metal. Compare SOLDERING. 

breadboard 1. A perforated board, a chassis, or 
any basic framework on which electronic compo- 
nents can be mounted and quickly wired for the 
preliminary test of a circuit. It is so called be- 
cause the first such foundation units of this sort 
actually were wooden breadboards. 2. Any pre- 
production electronic prototype circuit. 3. To set 
up a circuit on a breadboard. 

breadboard model 1. The preliminary model of an 
electronic device, often built on a breadboard (see 
BREADBOARD, 1). 2. Loosely, any prototype. 

break 1. An open circuit. 2. To open a circuit. 3. In 
communications, a word indicating a desire to 
transmit on a wavelength already occupied by ra- 
dio traffic. 4. See BREAK-IN, 1. 

break-before-make contacts Contacts, especially 
in a rotary selector switch, that open one circuit 
before closing the next one. 

breakdown 1. Failure of a circuit or device, caused 
mainly by excessive voltage, current, or power. A 
sudden high current, however, does not always 
indicate failure. 2. AVALANCHE BREAKDOWN. 
3. The separation of an electronics problem or 
project into its constituent parts for an easier 
solution. 

breakdown diode See ZENER DIODE. 

breakdown region ‘The region, in a pn junction, in 
which avalanche breakdown occurs. 

breakdown strength See DIELECTRIC STRENGTH. 

breakdown voltage 1. The voltage at which cur- 
rent suddenly passes in destructive amounts 
through a dielectric. 2. The voltage at which a gas 
suddenly ionizes, as in a gas tube. 3. The voltage 
at which the reverse current of a semiconductor 
junction suddenly rises to a high value (non- 
destructive if the current is limited). See 
AVALANCHE BREAKDOWN. 

break-in 1. A technique of radio communication in 
which one station interrupts a transmission from 
another station, rather than waiting until the end 
of the latter’s transmission. 2. Also called full 
break-in. In a radio communications transceiver 
or transmitter/receiver combination, extremely 
rapid transmit/receive switching, approaching 
full duplex communications. Every pause in 
transmission, even of only a few milliseconds, 
creates a “receive window” allowing reception 
between spoken words or Morse code elements. 
3. BURN-IN. 
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breaking current The momentary current that 
flows when the contacts of a switch or relay are 
broken. 

break-in keying A system of radiotelegraph keying 
in which the receiver is in operation whenever the 
key is open. See BREAK-IN, 2. 

break-in operation In radiotelegraph or single- 
sideband (SSB) communications, the practice of 
interrupting at any time to “talk back” to the 
other transmitting station. This operation is 
made possible by high-speed transmit/receive 
switching. See BREAK-IN, 2. 

break-in relay An electromechanical or solid-state 
relay that enables break-in operation. Largely 
supplanted by solid-state switching devices. 

breakover point In a silicon-controlled rectifier, 
the source-voltage value at which the load cur- 
rent is suddenly triggered to its steep climb. Also 
called TRIGGERING POINT. 

breakover voltage In a silicon-controlled rectifier 
with open gate circuit, the anode voltage at which 
anode current is initiated. 

breakpoint A point in a computer program when, 
for the purpose of obtaining information for the 
program’s analysis, the sequence of operations is 
interrupted by an operator or a monitor program. 

breakpoint frequencies The upper- and lower- 
frequency points at which the gain-versus- 
frequency response of an amplifier or network 
departs from flatness. 

breakpoint instruction An instruction that stops 
a computer. 

breakthrough 1. A new discovery, insight, or solu- 
tion to a problem that results in an advancement 
in the state of the art. 2. See PUNCHTHROUGH. 
3. See BREAKDOWN, 1. 4. See AVALANCHE 
BREAKDOWN. 

break time The time taken for a relay to drop out 
completely or a switch to open. Compare MAKE 
TIME. 

breathing Slow, rhythmic pulsations of a quantity, 
such as current, voltage, brightness, beat note, 
etc. 

breezeway In a sync pulse in NTSC color televi- 
sion, the part of the back porch between the trail- 
ing edge of the pulse and the color burst. 

B-register An index register in a computer for stor- 
ing words that are used to change an instruction 
before it is executed by the program. 

Bremsstrahlung radiation The radiation emitted 
by a charged particle whose speed is altered when 
it passes through the electric field in the vicinity 
of an atomic nucleus. 

brevity code A code not intended to conceal infor- 
mation, but to shorten the number of characters 
in a message or data file. The Q@ SIGNALS are an 
example of a brevity code used in communica- 
tions. In computer data transfer and communica- 
tions, brevity codes allow compression, speeding 
up the transfer rate and reducing the storage 
space for a given amount of data. 
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Brewster angle From BREWSTER’S LAW, the po- 
larizing angle at which the reflected and refracted 
rays of incident light are perpendicular to each 
other. 

Brewster’s law (Sir David Brewster, 1781-1868). 
For any dielectric reflector, the relationship in 
which the refractive index is equal to the tangent 
of the polarizing angle. 

bridge 1. A network, usually consisting of four 
branches, connected so that an input signal can 
be applied between two opposite points and the 
output taken between the other two opposite 
points. When the component values are in a cer- 
tain ratio, the voltage between the output points 
is zero, and the bridge is said to be balanced or 
set to null. 2. A circuit such as that described in 
(1) used for electrical measurements. 3. An audio 
or servo amplification system in which the load is 
driven from two outputs having opposite polarity, 
neither of which are at ground potential. 4. A 
communications path between or among two or 
more networks. This allows the subscribers in 
any network to obtain data from, or send data to, 
any other network, in effect creating a network of 
networks. 

bridge balance control A potentiometer, variable 
capacitor, or variable inductor that is used to ad- 
just a bridge circuit to balance. 

bridge-connected amplifier 1. A dc amplifier 
stage in which the transistors and resistors are 
connected in a four-arm bridge circuit, with re- 
spect to dc. When the bridge is initially balanced, 
all de is eliminated in the output load. The input 
signal unbalances the bridge, which results in an 
amplified output signal in the load. 2. An ampli- 
fier pair having opposing outputs across which a 
load can be bridged to obtain twice the power out- 
put of either amplifier alone. 

bridged differentiator See HALL NETWORK. 

bridge detector The output-indicating device 
(e.g., meter, oscilloscope, or headphones) that 
indicates whether a bridge is balanced or un- 
balanced. Also called null detector or null indi- 
cator. 

bridged integrator A null network that consists of 
a two-stage resistance-capacitance (RC) integra- 
tor circuit bridged by a capacitor. This network 
produces a shallow null at a single frequency de- 
termined by the R and C values in the integrator. 
Compare HALL NETWORK. 

bridged-tee attenuator An attenuator consisting 
of a tee section, between the input and output of 
which is bridged a single-series arm. 

bridged-tee circuit Any circuit (of resistors, ca- 
pacitors, inductors, or a combination of these) 
that consists of a tee section, bridged by a single- 
series section, from input to output. 

bridged-tee null network A bridged-tee circuit of 
resistance (R) and capacitance (C), proportioned 
so that at some setting of the R and C values, the 
output of the circuit is zero. 
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bridged-tee oscillator A low-distortion oscillator 
circuit whose frequency is determined by a 
bridged-tee null network inserted into the nega- 
tive-feedback path of the circuit. 

bridge feedback A combination of current feed- 
back and voltage feedback around an amplifier 
circuit. It is so called because, in the feedback cir- 
cuit, the resistors and the output resistance of 
the amplifier form a four-arm bridge. 

bridge generator The power source (e.g., a battery 
or oscillator) that supplies the signal to a BRIDGE 
used for electrical measurements. 

bridge indicator See BRIDGE DETECTOR. 

bridge oscillator See BRIDGE GENERATOR. 

bridge rectifier A full-wave rectifier circuit in 
which four rectifying diodes are connected in a 
bridge configuration. Each half-cycle of ac input 
is rectified by a pair of diodes in opposite quarters 
of the bridge and in series with each other. The 
bridge does not require a transformer with a 
center-tapped secondary, as does the FULL- 
WAVE, CENTER-TAP RECTIFIER circuit. 

bridge source See BRIDGE GENERATOR. 

bridge-type meter A _ frequency-sensitive bridge 
(such as the Wien bridge) that can be used to 
measure audio frequency. Because the bridge 
can be balanced at only one frequency at a time, 
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its adjustable arm can be calibrated to read the 
frequency directly. 

bridge-type impedance meter An impedance- 
measuring circuit in which unknown impedance 
Zis connected in series with a calibrated variable 
resistor R. An ac voltage is applied to the series 
circuit. The separate voltage drops across the re- 
sistor and impedance are measured successively 
as the value of R is varied. When the two voltage 
drops are identical, Z equals R, and the 
impedance can be read from a calibrated dial on 
the variable-resistor control. 

bridge-type oscillator A_ resistance-capacitance 
(RC) tuned oscillator in which a Wien bridge is 
used as the frequency-determining circuit in the 
feedback loop. 

bridge-type power meter 1. See BOLOMETER 
BRIDGE. 2. A four-arm bridge specially designed 
to operate at radio frequencies. At null, the 
impedance of the unknown is read directly from 
the balancing dial or calculated from bridge con- 
stants. This instrument is used to measure the 
impedance of circuit components, antennas, and 
transmission lines. 

bridge-type SWR meter A four-arm bridge that is 
specially designed to operate at radio frequencies. 
At null, the standing-wave ratio (SWR) is calcu- 
lated from the bridge resistance values or read 
from a direct-reading scale on the null-indicating 
meter. 

bridging amplifier An amplifier whose input im- 
pedance is so high that it can be considered infi- 
nite for practical purposes. Thus, the amplifier 
can be connected across a load or line without 
significantly affecting the operation of the system. 

bridging coupler A voltage-dependent resistor that 
permits an occasionally used device (such as a bell) 
to be connected permanently across a regularly 
used device (such as a telephone) without continu- 
ously short-circuiting the latter. Thus, the bridging 
coupler ordinarily has very high resistance; but 
when the line voltage is momentarily raised, the re- 
sistance lowers and the occasionally used device is 
actuated (e.g., the bell rings). 

bridging gain The gain of a bridging amplifier ex- 
pressed as the ratio (in decibels) of the power de- 
veloped in the amplifier load to the power in the 
load to which the input terminals of the amplifier 
are connected. 

bridging loss The loss that results from the shunt- 
ing of a speaker, microphone, earphone, or other 
transducer by a resistor, capacitor, or inductor. 
Generally, the loss is expressed as a power ratio 
in decibels. 

Briggsian logarithm (Henry Briggs, 1556-1631). A 
base-10 logarithm, generally known as a 
COMMON LOGARITHM. Compare NAPIERIAN 
LOGARITHM. 

brightness SI unit, candela per square meter 
(cd/m?); cgs unit, lambert (L). The quantity of 


light, per unit area, emitted or reflected perpen- 
dicular to a light-emitting surface. 

brightness control 1. In a computer monitor, tele- 
vision receiver, or oscilloscope, a potentiometer 
that varies the negative bias voltage on the con- 
trol grid of the cathode-ray tube (CRT). The 
brightness of the image is inversely proportional 
to this negative bias voltage. 2. The control of the 
brightness of an illuminated area. 

brilliance See BRIGHTNESS. 

brilliance control 1. The BRIGHTNESS CONTROL 
in a television receiver or computer monitor. 2. 
The brightness control in a cathode-ray oscillo- 
scope. 3. A control for adjusting the level of the 
tweeter output in a speaker system. 

British Standard wire gauge Abbreviation, NBS 
SWG. A classification of wire sizes sometimes 
used in England, Australia, and New Zealand. 
The higher the number, the thinner the wire. The 
designator does not take into account any coat- 
ings on the wire, such as enamel, rubber, or plas- 
tic insulation. In the United States, the American 
wire gauge is more often used. See AMERICAN 
WIRE GAUGE. 


British Standard Wire Gauge (NBS SWG) Diameters 


NBS SWG Millimeters Inches 
1 7.62 0.300 
2 7.01 0.276 
3 6.40 0.252 
4 5.89 0.232 
5 5.38 0.212 
6 4.88 0.192 
7 4.47 0.176 
8 4.06 0.160 
9 3.66 0.144 

10 3.25 0.128 

11 2.95 0.116 

12 2.64 0.104 

13 2.34 0.092 

14 2.03 0.080 

15 1.83 0.072 

16 1.63 0.064 

17 1.42 0.056 

18 1.22 0.048 

19 1.02 0.040 

20 0.91 0.036 

21 0.81 0.032 

22 0.71 0.028 

23 0.61 0.024 

24 0.56 0.022 

25 0.51 0.020 

26 0.46 0.018 

27 0.42 0.0164 

28 0.38 0.0148 

29 0.345 0.0136 

30 0.315 0.0124 

31 0.295 0.0116 

32 0.274 0.0108 
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NBS SWG Millimeters Inches 
33 0.254 0.0100 
34 0.234 0.0092 
35 0.213 0.0084 
36 0.193 0.0076 
37 0.173 0.0068 
38 0.152 0.0060 
39 0.132 0.0052 
40 0.122 0.0048 
British thermal unit Abbreviation, Btu. The 


amount of heat required to raise the temperature of 
a pound of water by one degree Fahrenheit, in an 
ambient environment of slightly greater than 39°F. 

broadband Also called wideband. Possessing a 
characteristic wide bandwidth or range of operat- 
ing frequencies. This term can be applied at audio 
frequencies (AF) or radio frequencies (RF), and is 
frequently used to describe the performance of 
oscillators, amplifiers, antennas, and various 
types of networks. The term can also be applied to 
describe the nature of electromagnetic emissions 
or noise. Examples are given in the following sev- 
eral definitions. Compare NARROWBAND. 

broadband amplifier An amplifier that has very 
wide frequency response, such as 10 Hz to 10 
MHz. Examples are an instrument amplifier and 
a video amplifier. 

broadband antenna An antenna that operates sat- 
isfactorily over a comparatively wide band of fre- 
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quencies without requiring retuning at individual 
frequencies. Examples are the log-periodic and 
discone antennas. 

broadband electrical noise Electrical noise that is 
present over a wide frequency spectrum (e.g., 3 
kHz to 30 MHz). 

broadband I-F An intermediate-frequency (IF) am- 
plifier or amplifier chain. The wide frequency re- 
sponse is important when an increased bandpass 
is preferred to high selectivity, as in high-fidelity 
radio tuners. 

broadband interference Interference, other than 
noise, that is present over a wide band of fre- 
quencies. An example is over-the-horizon short- 
wave radar, recognizable by its characteristic 
“woodpecker” sound in communications receivers 
at high frequencies. 

broadband Klystron A Klystron oscillator with a 
broadbanded tuned circuit. 

broadband tuning Receiver tuning characterized 
by a selectivity curve having a pronounced flat 
top or broad nose that passes a wide band of fre- 
quencies. Also called broadband response. 

broadcast 1. A radio-frequency transmission of an 
intelligence-bearing signal that is directed to nu- 
merous unspecified receiving stations. 2. The 
transmission or dissemination of signals to a 
large, unspecified number of receiving stations. 

broadcast band Any band of frequencies allocated 
for broadcasting (see BROADCAST SERVICE, 1), 
but particularly the U.S. standard amplitude- 
modulation (AM) and frequency-modulation (FM) 
radio broadcast bands at 535 to 1605 kHz (AM) 
and 88 to 108 MHz (FM). 

broadcasting The dissemination of signals for re- 
ception by the general public, not for communi- 
cations purposes. 

broadcast interference Abbreviation, BCI. Inter- 
ference to normal reception by broadcast re- 
ceivers, usually arising from signals emitted by 
other stations. 

broadcast receiver A receiver intended primarily 
to pick up standard broadcast stations. Also see 
BROADCAST BAND. 

broadcast service 1. Any radio transmitting ser- 
vice (including television) that exists for the pur- 
pose of sending out electromagnetic signals for 
general reception, rather than addressing them to 
specific receiving stations. 2. The service provided 
by a station operating in the broadcast band. 

broadcast station Any station in the broadcast 
service, but especially one assigned to operate in 
the standard U.S. broadcast bands. Also called 
broadcasting station. 

broadcast transmitter A radio transmitter de- 
signed specifically for, and operated in, the 
broadcast service. 

broad response Slow deflection of an indicator, 
such as a meter, over a relatively wide range of 
values of the input quantity. 
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broadside In a perpendicular direction; for exam- 
ple, broadside radiation from an antenna. 

broadside antenna See BROADSIDE ARRAY. 

broadside array Also called broadside antenna. A 
phased group of antennas arranged so maximum 
radiation occurs in directions perpendicular to 
the plane containing the driven elements. This re- 
quires that all of the antennas be fed in phase. 
The elements can be half-wave dipoles or full- 
wave, center-fed conductors. Full-wave elements 
have a slight gain over half-wave elements. At 
high frequencies, this type of array is usually 
constructed from two driven antennas. At very- 
high and ultra-high frequencies there can be sev- 
eral driven antennas. The antennas can each 
consist of a single element, or they can be Yagis, 
loops, or other systems with individual directive 
properties. In general, the larger the number of 
elements in the entire array, the greater the gain 
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broad tuning Tuning that is characterized by 
pronounced signal width, often resulting in 
adjacent-channel interference. A common cause 
of such impaired selectivity is low Q in the tuned 
circuit(s). 

Broca galvanometer A device consisting of an 
astatic magnetic arrangement, with a coil enclos- 
ing central consequent poles. The device is char- 
acterized by fast response and high sensitivity. 

bromine Symbol, Br. A nonmetallic element of the 
halogen family. Atomic number, 35. Atomic 
weight, 79.90. 

bronze An alloy of copper and tin that has various 
uses in electronics. Also see PHOSPHOR BRONZE. 

Brown and Sharpe gauge See AMERICAN WIRE 
GAUGE. 

Brownian movement (Robert Brown, 1773-1858). 
Random movement of microscopic particles— 
especially in solutions. It occurs because of colli- 
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sions of molecules with the particles. Einstein 
showed, in his early work, a connection between 
this movement and the Boltzmann constant. 

brownout A deliberate lowering of line voltage by a 
power company to reduce load demands. Minor 
events of this type often pass unnoticed by the 
average consumer. More pronounced events pro- 
duce observable effects, such as shrinkage of 
television and cathode-ray-tube (CRT) computer- 
display images. 

Bruce antenna _ A vertical collinear array that con- 
sists of several resonant sections connected by 
short, rigid, parallel-conductor stubs. The cur- 
rents in the radiating sections are in phase. Max- 
imum radiation and response occur broadside to 
the antenna (omnidirectional in the horizontal 
plane). Polarization is vertical. The antenna 
produces gain at low radiation and response 
angles, and is commonly used in repeater instal- 
lations and fixed communications stations at 
very-high frequencies (VHF) and ultra-high fre- 
quencies (UHF). 

brush A usually metal or carbon strip, blade, or 
block, that slides in contact with another part, as 
in a motor commutator. 

brush discharge Also called Saint Elmo’s fire. A 
cloud of repelled ions around the tip of a pointed 
conductor charged to a high voltage. It often pro- 
duces a visible glow in the air. 

brush holder The housing for a brush in a motor, 
generator, rheostat, slip-ring junction in a rotat- 
ing data-transmission system, etc. 

brute force 1. The transmission of a signal of ex- 
cessive or unnecessary power. 2. An inefficient 
approach to a problem, which might solve the 
problem, but requires far more energy, effort, or 
computer memory/storage space than the mini- 
mum needed to accomplish the same result. 

brute-force filter A pi-type lowpass dc power 
supply filter, so called because of the extremely 
large inductances and capacitances that are 
generally used. 

brute supply An unregulated power supply. 

B-scope A cathode-ray tube (CRT), used in radar, 
that presents a B DISPLAY. 

B service A teletype communication system oper- 
ated by the Federal Aviation Administration 
(FAA). 

B-supply The dc power supply that provides anode 
operating voltages, such as plate and screen volt- 
ages in a vacuum-tube radio-frequency (RF) 
power amplifier. 

BT-cut crystal A piezoelectric plate cut from a 
quartz crystal at an angle of rotation (relative to 
the x-axis) of -49°. It has a zero temperature coef- 
ficient of frequency at approximately 25°C. Also 
see CRYSTAL AXES and CRYSTAL CUTS. 

Btu Abbreviation of BRITISH THERMAL UNIT. 

BuAer Abbreviation of Bureau of Aeronautics. 

bubble memory In digital-computer practice, a 
special type of static magnetic memory. The mag- 


—P— 


5059F-pB. 56-92 


4/9/01 4:45 PM Page 89 


netic material is divided into regions that are 
magnetized in different directions. So called be- 
cause the flux lines of the tiny magnetized regions 
are shaped somewhat like, and move around af- 
ter the fashion of, bubbles on the surface of a 
glass of soda. 

bubble shift register A shift register that uses a 
magnetic bubble (see BUBBLE MEMORY) that 
can be moved sequentially from electrode to elec- 
trode on a wafer. 

bubbling See MOTORBOATING. 

bucket A computer memory or a designated loca- 
tion in such a memory. 

bucking The process of counteracting one quan- 
tity, such as a current or voltage, via series or 
parallel application of a similar quantity that has 
opposite polarity (180 degrees out of phase). 

bucking circuit 1. A circuit used to obtain buck- 
ing action. The simplest form is a battery and po- 
tentiometer that supply a variable voltage of 
polarity opposite to that of the voltage to be 
bucked. A more sophisticated form is an ac trans- 
former, the secondary of which is connected in 
series and out of phase with the ac utility line. 2. 
The zero-set circuit in an electronic voltmeter. 

bucking coil A coil placed and positioned so that 
its magnetic field partially or completely cancels 
the field of another coil. Troublesome hum fields 
sometimes are neutralized with such a coil. 

bucking voltage See BACK VOLTAGE, 2. 

buckling The warping of storage-battery plates, usu- 
ally resulting from excessive charge or discharge. 

buckshot In an amplitude-modulated (AM) or sin- 
gle-sideband (SSB) radio transmission, broad- 
band signal splatter caused by excessive modula- 
tion, or detuned multiplier circuits. 

buffer 1. An amplifier used principally to match 
two dissimilar impedance points and isolate one 
stage from a succeeding one in a cascaded sys- 
tem, and thus to prevent undesirable interaction 
between the two. 2. In a digital computer, a stor- 
age site used temporarily during data transfers to 
compensate for differences in data flow rates. 3. 
In digital-computer operations, a follower stage 
that is used to drive a number of gates without 
overloading the preceding stage. 
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buffer amplifier See BUFFER, 1. 

buffer capacitor A high-voltage fixed capacitor 
that is placed across a transformer secondary to 
suppress voltage spikes and sharp waveforms— 
especially when the input is a square wave. 

buffer circuit 1. In a data system that uses a key- 
board, an electronic circuit that allows the opera- 
tor to type ahead of the data output. 2. See 
BUFFER, 1, 2 and 3. 

buffered output An output (power, signal, etc.) 
that is delivered from the generating device 
through an isolating stage, such as a buffer am- 
plifier. This arrangement protects the device from 
variations in the external load. Compare UN- 
BUFFERED OUTPUT. 

buffer storage 1. A buffer that is used to interface 
between data systems with different rates of 
transmission. 2. See BUFFER, 2. 

bug 1. Slang for WIRETAP, 1. 2. Slang for circuit 
fault, 1. 3. A semiautomatic key that some ra- 
diotelegraph operators use to send Morse code. 

bug key See BUG, 3. 

building-block technique The process of assem- 
bling electronic equipment by quickly connecting 
together already completed stages (in the form of 
boxes or blocks) and supplying power and signals 
to the setup. Also called modular technique and 
modular construction. 

building-out circuit A short section of transmis- 
sion line shunting another line; it is used for 
impedance matching. Also called building-out 
section. 

buildup 1. The process whereby the voltage of a ro- 
tating generator starts at a point that is deter- 
mined by the residual magnetism of the machine, 
and gradually increases to a voltage representing 
the point at which the resistance line crosses the 
magnetization curve. 2. The (usually gradual) ac- 
cumulation of a quantity (e.g., the buildup of 
charge in a capacitor). 

bulb A globe-like container having any of a number 
of characteristic shapes from spherical to tubular 
and usually evacuated, for enclosing the ele- 
ments of an electron device, such as a vacuum 
tube, gas tube, photocell, or lamp. 

bulge 1. A nonlinear attenuation-versus-frequency 
curve in a transmission line. 2. A localized non- 
linearity in a function. 

bulk The body or mass of a semiconductor speci- 
men, as opposed to junctions within the speci- 
men. Current flows through a junction, but it can 
also flow, more or less, through the mass of semi- 
conductor wafer into which the junction has been 
formed. 

bulk effect An effect, such as current, resistance, 
or resistivity, observed in the overall body of a 
sample of material, as opposed to a region within 
the material or on its surface. Thus, a silicon 
diode can display junction resistance (i.e., resis- 
tance offered by a junction processed in a wafer of 
silicon), as well as bulk resistance (i.e., the effec- 
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tive resistance of all paths around the junction, 
through the mass of the wafer). Compare SUR- 
FACE EFFECT. 

bulk-erased tape Recording tape whose signal 
content has been removed via a bulk eraser. 

bulk-erase noise 1. The residual magnetic im- 
pulses that remain on a magnetic tape after it has 
been bulk-erased. 2. Noise generated by bulk- 
erased tape when the latter passes through deen- 
ergized record or erase heads in a tape machine. 

bulk eraser A type of power-line-frequency de- 
gausser that erases an entire reel of magnetic 
tape without requiring that the tape be unreeled 
and passed continuously under an erase head. 
This saves considerable time, but often leaves 
some BULK-ERASE NOISE on the tape. Also 
called BULK DEGAUSSER. 

bulletin board In personal computing or amateur 
packet communications, a system that allows 
subscribers to leave messages for each other for 
access via a modem or terminal node controller. 

bulletin station A station intended for the trans- 
mission of bulletins of interest to certain parties, 
such as military personnel or amateur radio op- 
erators. An example is W1AW in Newington, Con- 
necticut, an amateur radio station that transmits 
bulletins and code practice. 

buncher Ina Klystron, a cavity resonator that con- 
tains two grids mounted parallel to the electron 
stream. The electrostatic field of the grids alter- 
nately accelerates and retards the electrons, ve- 
locity-modulating the stream into bunches. 

buncher grids In a Klystron, the closely spaced 
grids that velocity-modulate the electron beam 
into successive bunches. 

buncher resonator In a velocity-modulated tube, 
such as a Klystron, the input cavity resonator. 

buncher voltage The radio-frequency (RF) grid-to- 
grid voltage in the buncher resonator of a 
Klystron. 

bunching The production of electron bunches in a 
velocity-modulated tube, such as a Klystron. Also 
see BUNCHER. 

bunch stranding A technique for combining sev- 
eral thin wires into a single thick wire. Often used 
in guy wires and electrical conductors to improve 
tensile strength and flexibility. At radio frequen- 
cies, bunch stranding also improves electrical 
conductivity by increasing the ratio of surface 
area to cross-sectional area. This minimizes 
losses caused by skin effect. 

Bunet’s formula A formula for calculating the in- 
ductance of a multilayer air-core coil that has a 
diameter less than three times the length: 


L= a@?N?/(9Qa+ 101+ 8.4c + 3.2cl/a) 


where N is the number of turns, a is the average 
coil radius, cis the winding thickness, and lis the 
length of the coil. 

Bunsen cell A cell consisting of a zinc rod in a sul- 
furic acid solution contained in a porous pot, 
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which is in a nitric acid solution. The zinc rod 
serves as the negative pole; the positive pole is a 
piece of hard carbon. The cell produces about 1.9 
volts and delivers relatively high current. 

burden See VOLTAGE BURDEN. 

burn 1. A blemish on the screen of a cathode-ray 
tube (CRT), caused by destruction of the phos- 
phor there. This results from prolonged focusing 
of an intense electron beam in one spot. 2. A 
blemish on the screen of a television picture tube, 
usually resulting from ions that reach the screen 
when the ion trap is not working correctly. 

burn-in A long, thorough, carefully controlled pre- 
liminary test of a component, device, or system, 
to stabilize its electrical characteristics after 
manufacture and to ensure that it will function 
according to rated specifications. An important 
test for equipment whose reliability must be 
guaranteed, such as an emergency commun- 
ications transceiver. 

burnout 1. Failure of a conductor or component 
caused by overheating from excess current or 
voltage. 2. The open-circuiting of a fuse. 3. Elec- 
trical failure of any type. 

burst 1. The abrupt ionization of the gas in an ion- 
ization chamber by cosmic rays. 2. An abrupt in- 
crease in the amplitude of a signal. Also, the type 
of signal that results from burst action. 3. See 
COLOR BURST. 

burst amplifier In a color-television receiver, the 
amplifier that separates the burst pulse from the 
video signals and amplifies the former. See 
COLOR BURST. 

burst gate timing In a color-television receiver, 
the timing of the gating pulse with the input sig- 
nal of the burst amplifier. 

burst generator A signal generator delivering a 
burst output (see BURST, 2) for testing various 
types of equipment. Its output is intermediate 
between sine waves and square waves, and is 
convenient for rapidly appraising the perfor- 


—P— 





= 


oa FS 


5059F-pB. 56-92 


4/9/01 4:45 PM Page 91 


mance of such devices as amplifiers, filters, elec- 
tronic switches, transducers, and loudspeakers. 

burst transmission A short transmission at high 
speed. This method of transmission saves time, 
but increases the necessary bandwidth of a sig- 
nal by the same factor as the ratio of the high 
speed to the original speed. 

bus 1. A main conductor in a circuit. A bus can be 
high in the sense that its potential is above or 
below ground, or it can be low or at ground refer- 
ence. 2. In computer operations, a common 
group of paths over which input and output sig- 
nals are routed. 

bus driver A buffering device designed to increase 
the driving capability of a microprocessor, which 
itself might be capable of driving no more than a 
single load. 

business machine Any piece of electronic or elec- 
tromechanical equipment used mainly, or entirely, 
for business purposes. Examples are photocopiers, 
facsimile (fax) machines, printers, and computers. 

busing The parallel interconnection of circuits. 

busy test A check conducted to find out whether or 
not a certain telephone subscriber line is in use. 

busy tone Also called busy signal. An intermittent 
tone that indicates that the subscriber line being 
called is in use. 

Butler oscillator An oscillator that consists of a 
two-stage amplifier with a quartz crystal in the 
positive-feedback path from output to input. 

butterfly capacitor A plate-type variable capacitor 
that has two stator sections and a single rotor 
section common to the two stators. External con- 
nections are made to the stators only. Thus, no 
wiping contact is required to the rotor, and the 
troubles associated with such a contact are 
avoided. The butterfly capacitor is actually two 
variable capacitors in series. The unit is so called 
from the shape of its rotor. 
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butterfly circuit A combination of a butterfly ca- 
pacitor and a ring, of which the stator plates of 
the capacitor are an integral part. The resulting 
structure is a compact variable-frequency tuned 
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circuit. The ring supplies the inductance, and the 
butterfly supplies the capacitance. It is also 
called butterfly tank and butterfly resonator. 

Butterworth filter A high-pass, low-pass, band- 
pass or band-rejection filter, characterized by a 
flat passband (absence of passband ripple) and 
high attenuation at frequencies far removed from 
the passband. 

Butterworth function A mathematical function 
that is used in the design of a BUTTERWORTH 
FILTER. 

button 1. Usually, a small switch that is actuated 
by finger pressure. It is also called pushbutton 
and pushbutton switch. Sometimes, the term is 
applied only to the insulated knob or pin which is 
pushed to operate the switch. 2. A tiny lump of 
impurity material, placed on the surface of a 
semiconductor wafer for alloying with the wafer 
to form a junction. See ALLOY JUNCTION. 3. The 
carbon element(s) in a BUTTON MICROPHONE. 

button capacitor A button-shaped ceramic or sil- 
vered-mica fixed capacitor. Because of its disk 
shape and mode of terminal connection, it offers 
very low internal inductance. 

button microphone A microphone in which a but- 
ton-shaped carbon element is attached to a di- 
aphragm, which is set into vibration by sound 
waves. This motion causes the button resistance 
to vary, modulating a direct current that passes 
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through the button. A single-button microphone 
has only one button, whereas a double-button 
microphone has two—one mounted on each side 
of the center of the diaphragm. 

buzz 1. A low-pitched rough sound with high- 
frequency components, usually the result of electri- 
cal interference from nonsinusoidal voltages 
generated by neighboring equipment or devices. 
2. The waveform associated with such a sound. 
3. Fastening two conducting surfaces by a KEL- 
LIE BOND. 

buzzer A nonringing device used principally to 
generate sound other than that achievable with 
sine waves. In an electromechanical vibrating- 
reed buzzer, the reed acts as an armature, which 
is mounted close to the core of an electromagnet. 
At quiescence, the reed rests against a station- 
ary contact. When voltage is applied to the elec- 
tromagnet, the reed is attracted to the core, 
moving away from the contact; but this breaks 
the circuit, the magnetism ceases, and the reed 
springs back to the contact. The action is re- 
peated continuously at a frequency that depends 
on the reed dimensions and its distance from the 
core. 
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BV Abbreviation of BREAKDOWN VOLTAGE. 

B voltage The dc voltage required by certain elec- 
trodes of vacuum tubes and transistors. It espe- 
cially pertains to voltages required by the plate 
and screen of a vacuum tube, as opposed to the 
filament voltage and control-grid voltage. 

bw 1. Abbreviation of bandwidth. 2. Abbreviation 
of black-and-white. 

BWA Abbreviation of backward-wave amplifier. 

BWG Abbreviation of BIRMINGHAM WIRE GAUGE. 
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BWO Abbreviation of BACKWARD-WAVE OSCIL- 
LATOR. 

BX Symbol and abbreviation for armored and insu- 
lated flexible electrical cable. 

bypass A route (either intended or accidental) 
through which current easily flows around a 
component or circuit instead of through it. 

bypass capacitor A capacitor that is used to con- 
duct an alternating current around a component 
or group of components. Often the ac is removed 
from an ac/dc signal, the dc being free to pass 
through the bypassed component. 
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B-Y signal In a color television receiver, the color- 
difference signal which, when combined with a 
luminance (Y) signal, forms a blue primary signal 
for the three-gun picture tube. 

byte In digital-computer and data-communica- 
tions operations, a unit of data consisting of eight 
contiguous bits. In packet communications, the 
term octet is often used. 
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C1. Abbreviation of CAPACITANCE. 2. Symbol for 
COLLECTOR of a transistor. 3. Symbol for CAR- 
BON. 4. Abbreviation of CELSIUS. 5. Symbol for 
COULOMB. 6. Abbreviation of CALORIE. 

ce 1. Abbreviation of CENTI. 2. Abbreviation of 
CENTS. 3. Symbol for CAPACITANCE. 4. Symbol 
for SPEED OF LIGHT in a vacuum. 

Ca Symbol for CALCIUM. 

cabinet An enclosure for a piece of apparatus. It 
might or might not incorporate electromagnetic 
shielding. 

cable 1. A usually flexible (but sometimes rigid) 
medium, via which electrical power or signals are 
transferred. Although the term is occasionally ap- 
plied to a single conductor, especially when it is a 
braid or weave of a number of wires, cable usually 
means a bundle of separate, insulated wires or 
strands of fiberoptic material. 2. CABLEGRAM. 

cable address A code word that specifies the recip- 
ient of a CABLEGRAM. 

cable assembly A special-purpose cable with con- 
nectors. 

cable attenuation Reduction of signal intensity 
along a cable, usually expressed in decibels per 
foot, hundred feet, mile, etc. 

cable capacitance Capacitance between conduc- 
tors in a cable or between conductors and the 
outer sheath of a cable. 2. Sometimes, capaci- 
tance between a cable and earth. 

cable clamp A support device for cable runs in 
equipment and systems. 

cable communications Telegraphy or telegraphy 
via a (usually undersea) cable. 

cable connector A connector, such as a coaxial fit- 
ting, that joins cable circuits or connects a cable 
to a device. 
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cabled wiring Insulated leads connecting circuit 
points; they are tied together with lacing cord or 
with spaced fasteners. 

cablegram A (usually printed) message transmit- 
ted or received via undersea cable. Compare 
RADIOGRAM and TELEGRAM. 

cable loss See CABLE ATTENUATION. 

cable run The path taken by a cable. 

cable splice 1. An electrical attachment between 
two sections of cable that has identical or simi- 
lar construction, with or without the use of con- 
nectors. 2. To electrically attach two sections of 
cable that have identical or similar construction, 
with or without the use of connectors. 

cable tie A short piece of wire or plastic that holds 
wires or cables in a bundle. 

cable TV See COMMUNITY-ANTENNA TELEVI- 
SION. 

cache memory A short-term, high-speed, high- 
capacity computer memory. Similar to a scratch- 
pad or read-write memory. 

CAD Acronym for computer-aided design. 

CAD/CAM Acronym for computer-aided design and 
manufacturing. 

cadmium Symbol, Cd. A metallic element. Atomic 
number, 48. Atomic weight, 112.41. Many elec- 
tronic structures are cadmium plated for protec- 
tion. 

cadmium borate phosphor Formula, (CdO + 
B2O3): Mn. A substance used as a phosphor coat- 
ing on the screen of cathode-ray tubes. The char- 
acteristic fluorescence is green-orange. 

cadmium cell Also called Weston standard cell. 
An electrochemical standard cell used as a refer- 
ence voltage source. Produces 1.0186 volt at 
20°C. 
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cadmium plating The process of coating a conduc- 
tor or component with cadmium to increase its 
resistance to corrosion. 

cadmium selenide photocell A photoconduc- 
tive cell in which cadmium selenide is the light- 
sensitive material. 

cadmium silicate phosphor Formula, (CdO + 
SiO2). A substance used as a phosphor coating on 
the screen of cathode-ray tubes; the characteris- 
tic fluorescence is orange-yellow. 

cadmium standard cell See STANDARD CELL. 

cadmium sulfide photocell A  photoconduc- 
tive cell in which cadmium sulfide is the light- 
sensitive material. 

cadmium tungstate phosphor Formula, CdO + 
WOs. A substance used as a phosphor coating on 
the screen of cathode-ray tubes; the characteris- 
tic fluorescence is light blue. 

cage A completely shielded enclosure, such as a 
screen room, which is covered with a grounded 
fine-mesh conductive screen on all sides. 

cage antenna An antenna, usually center-fed and 
balanced, that consists of multiple parallel con- 
ductors arranged in a cylindrical cage config- 
uration. The cage results in a much broader 
bandwidth than is the case with an antenna 
made up of a single conductor. Cage antennas 
are typically used at frequencies between about 
10 and 200 MHz. 
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CAI Abbreviation for computer-assisted instruction. 

CAL An acronym for conversional algebraic lan- 
guage, a general-purpose problem-oriented com- 
puter programming language used in time-sharing 
systems. 

calcium Symbol, Ca. A metallic element of the 
alkaline-earth group. Atomic number, 20. Atomic 
weight, 40.08. 

calcium phosphate phosphor Formula, Ca3(PO,)o. 
A substance used as a phosphor coating on the 
screen of long-persistence cathode-ray tubes; the 
characteristic fluorescence is white, as is the 
phosphorescence. 

calcium silicate phosphor Formula, (CaO + 
SiO2): Mn. A substance used as a phosphor coat- 


aos 


ing on the screen of cathode-ray tubes; the char- 
acteristic fluorescence ranges from green to 
orange. 

calcium tungstate phosphor Formula, CaWO,. A 
substance used as a phosphor coating on the 
screen of short-persistence cathode-ray tubes; 
the characteristic fluorescence is blue, as is the 
phosphorescence. 

calculate To perform the steps of an intricate 
mathematical operation. Compare COMPUTE. 

calculating punch A data-processing peripheral 
that reads punched cards, makes calculations, 
and punches new data into those cards or new 
cards. 

calculator A machine that performs mathematical 
operations, especially arithmetic. Typically, the 
device is a small box with buttons and a minia- 
ture numeric display. Used only in mathematical 
applications. In contrast, a COMPUTER can be 
used for a much wider variety of jobs, such as 
word processing, graphics, and data-base. Many 
personal computers have calculator programs; 
the “buttons” are actuated by pointing and click- 
ing with a mouse. 

calculus 1. The symbology and rules comprising a 
system of logic, such as BOOLEAN ALGEBRA. 2. 
A branch of mathematical analysis concerned 
with rates of change and accumulation. See DIF- 
FERENTIAL CALCULUS and INTEGRAL CALCU- 
LUS. 

calendar age The age of a piece of equipment, mea- 
sured since the date of manufacture. Specified in 
years, months, and days. The actual manufac- 
ture date might alternatively be given. 

calendar time The time available in a working pe- 
riod [i.e., a 40-hour work week represents a cal- 
endar time of 120 hours (five days times 24 hours 
per day)]. 

calibrate To compare and bring into agreement 
with a standard. 

calibrated measurement 1. A measurement made 
with an instrument that has been calibrated with 
a standard reference source. 2. A measurement 
that is corrected for instrument error. 

calibrated meter An analog or digital meter that 
has been adjusted to agree as closely as possible 
with a reference source. 

calibrated scale 1. A scale whose graduations 
have been carefully checked for accuracy (i.e., 
they correspond to the true values of the quantity 
that they represent). The scale is graduated to 
read directly in units of the quantity, such as mil- 
liamperes, kilohertz, volts, etc. 2. A scale with 
fixed, plain numeric graduations (e.g., O to 100) 
that do not directly indicate the magnitude of a 
quantity, but that can be converted to various 
quantities via graphs, nomographs, tables, or 
charts. See CALIBRATION CURVE. 

calibrated sweep In an oscilloscope, a sweep cir- 
cuit calibrated to indicate sweep frequency or 
time at all control settings. 
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calibrated triggered sweep In an oscilloscope, a 
triggered sweep circuit calibrated in terms of 
sweep time or frequency. 

calibration 1. Determining the accuracy with 
which an instrument indicates a quantity. 2. De- 
termining the degree to which the response of a 
circuit or device corresponds to desired perfor- 
mance. 3. Marking a scale to show actual values 
of a quantity in the form of a direct readout. For 
example, the scale of an analog meter might be 
calibrated in milliamperes (mA) from 0 to 50 in in- 
crements of 1 mA. 

calibration accuracy 1. A quantitative expression 
of the agreement between the value of a quantity, 
as indicated by an instrument, and the true 
value. Usually expressed as the maximum per- 
centage of the true value by which the indicated 
value can be expected to deviate in either direc- 
tion (e.g., +0.5 percent). 2. The precision of a di- 
rect-reading meter in terms of its full-scale 
deflection (e.g., +2.0 percent of full scale). 

calibration curve A graph showing the relation be- 
tween the actual values of a quantity and the set- 
ting or indication of an instrument or component. 
Usually plotted in rectangular coordinates. 
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calibration marker A pip or blip, superimposed on 
a pattern displayed on a cathode-ray-tube (CRT) 
screen, to identify a point closely as to frequency, 
voltage, distance, or some similar term. 

calibrator A device used to perform a calibration 
(e.g., a signal generator). 

calibrator crystal A highly accurate and stable 
quartz crystal, used in an oscillator as a fre- 
quency standard. An example is the 100-kHz 
crystal oscillator and harmonic generator used in 
some communications receivers. 

ealifornium Symbol, Cf. A radioactive element pro- 
duced artificially. Atomic number, 98. Atomic 
weight, 251. 

call 1. In communications, a transmission by a 
station for the purpose of either alerting a partic- 
ular receiving station for which there is a mes- 
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sage, or alerting all receiving stations to prepare 
them for a general broadcast message. 2. In a 
computer program, a branch to a closed subrou- 
tine; also, to branch to such a subroutine. 

call direction code Abbreviation, CDC. In tele- 
graph networks, a special code that, when trans- 
mitted to a terminal, causes the teleprinter to be 
automatically switched on. 

calling sequence 1. Computer program instruc- 
tions needed to establish the conditions for a call 
(see CALL, 2). 2. Subroutine instructions provid- 
ing a link to the main program. 

call instruction A computer program instruction 
that makes a program controller branch to a sub- 
routine; it also locates and identifies the parame- 
ters needed for the subroutine’s execution. Also 
known as subroutine call. 

call letters Letters and/or numbers assigned to, 
and used to identify, licensed radio stations. 

calorie Abbreviation, cal or C. The amount of heat 
energy, at a pressure of 1 atmosphere, that will 
raise the temperature of 1 gram of water by 1 de- 
gree Celsius. 

calorimeter An instrument for measuring heat en- 
ergy. By adaptation, a calorimeter can be used to 
measure radio-frequency (RF) power—especially 
at microwave frequencies (see CALORIMETRIC 
POWER METER). 

calorimeter system See CALORIMETRIC POWER 
METER. 

calorimetric power meter A specialized form of 
wattmeter, in which the power to be measured is 
dissipated in an oil or water bath that has a 
known and fixed mass. The wattage is deter- 
mined indirectly, by measuring the extent to 
which the temperature of the liquid increases ina 
certain amount of time. 

CAM 1. Abbreviation of computer-aided manufac- 
turing. 2. Abbreviation of content-addressed 
memory. 

cambric Finely woven cotton or linen used for in- 
sulation. One type of spaghetti (conductor insula- 
tion), for example, is varnished cambric tubing. 

camera cable A multiwire cable that conducts the 
video signal from a television camera to control 
equipment. 

camera chain In television, the camera and the 
equipment immediately associated with it, ex- 
cluding the transmitter and its peripherals. 

camera signal The output signal delivered by a 
television camera. 

camera tube Any video pickup tube, such as an 
iconoscope or orthicon, that converts light re- 
flected by a scene into a corresponding television 
signal. 

Campbell bridge A circuit that is used for compar- 
ing mutual inductance with capacitance. 

camp-on In a telephone system, a method of en- 
gaging a line that is busy until it becomes avail- 
able for use. 

CAN Abbreviation of CANCEL CHARACTER. 
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can 1. A metal enclosure or container roughly re- 
sembling a tin can (though not necessarily cylin- 
drical), used for shielding or potting components. 
2. Colloquial expression for HEADPHONE. 

Canada balsam A transparent cement derived 
from the turpentine distilled from balsam fir 
resin. It is useful in optical technology and in cer- 
tain areas of electro-optics. 

Canadian Standards Association The Canadian 
equivalent of the National Bureau of Standards in 
the United States. An agency that publishes 
agreed-on standards for industries. 

cancel character 1. IGNORE CHARACTER. 2. A 
control character indicating that the associated 
data is erroneous. 

cancellation The elimination of one quantity by 
another, as when a voltage is reduced to zero by 
another voltage of equal magnitude and opposite 
sign. 

candela Symbol, cd. The SI unit of luminous inten- 
sity; 1 cd represents 160 of the radiating power of 
one square centimeter of a perfect radiator at the 
temperature of freezing platinum. 

eandle Abbreviation, c. Also called international 
candle. A unit of light intensity that is the value of 
emission by the flame of a sperm-whale-oil candle 
burning at the rate of 7.776 grams per hour. 

candle power Abbreviation, cp. Luminous inten- 
sity in international candles: the luminous in- 
tensity resulting from the burning of a 
sperm-whale-oil candle at 7.776 grams per hour. 

candoluminescence White light produced without 
extreme heat. 

cannibalization The deliberate use of parts from 
operational equipment to temporarily repair or 
maintain other equipment. It is a last-resort, 
emergency measure. 

cap 1. Abbreviation of CAPACITANCE. 2. Abbrevia- 
tion of CAPACITOR. 

capacimeter See CAPACITANCE METER. 

capacitance Symbol, C. Unit, farad. The property 
exhibited by two conductors separated by a di- 
electric, whereby an electric charge becomes 
stored between the conductors. Capacitance is 
thought of as analogous to mechanical elasticity. 
Also see FARAD. 

capacitance bridge A four-arm ac bridge for gaug- 
ing capacitance against a standard capacitor. In 
its simplest form, it has a standard capacitor in 
one arm and resistors in the other three. 

capacitance coupling The transfer of ac energy 
between two circuits or devices by a capacitor or 
capacitance effect. Also see COUPLING. 

capacitance diode See VARACTOR. 

capacitance divider An alternating-current volt- 
age divider that uses capacitors, rather than re- 
sistors. It is used in certain oscillators, such as 
the Colpitts type. 

capacitance filter A filter consisting of only a 
high-capacitance capacitor. Because the capaci- 
tor cannot discharge instantaneously, it tends to 
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maintain its voltage and smooth out the ripples in 
the voltage applied to it. 

capacitance-inductance bridge A combination ac 
bridge that can be used for either capacitance or 
inductance measurement. Both capacitance and 
inductance can be measured in terms of a stan- 
dard capacitance; however, some of these bridges 
use standard inductors in the inductance- 
measuring mode. 

capacitance meter A _ direct-reading meter for 
measuring capacitance. In most available types, a 
stable ac voltage is applied to the meter circuit, to 
which an unknown capacitor is connected in se- 
ries; meter deflection is roughly proportional to 
the reactance of the capacitor. Also called MI- 
CROFARAD METER. 

capacitance ratio Ina variable capacitor, the ratio 
of maximum to minimum capacitance. 

capacitance relay A relay circuit that operates 
from a small change in its own capacitance. It 
consists of an RF oscillator whose tank capaci- 
tance is very low. When a finger is brought near 
the circuit’s short pickup antenna, the attendant 
increase in capacitance detunes the oscillator, 
activating the relay. Also called PROXIMITY RE- 
LAY and PROXIMITY SWITCH. 

capacitance-resistance bridge A combination ac 
bridge that can be used for either capacitance or 
resistance measurement. The unknown resis- 
tance is measured against a standard resistor; 
the unknown capacitance against a standard ca- 
pacitor. 

capacitance sensor See CAPACITANCE TRANS- 
DUCER. 

capacitive amplifier See DIELECTRIC AMPLI- 
FIER. 

capacitive attenuator An ac attenuator whose el- 
ements are capacitors in any desired combination 
of fixed and/or variable units. The desired atten- 
uation is afforded by the capacitance ratio. 

capacitive coupling A means of coupling between 
circuits that uses a series capacitor for direct- 
current blocking. The signal passes through the 
capacitor, but the blocking effect allows different 
bias voltages to be applied to the two stages. 
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capacitive diaphragm A metal plate deliberately 
placed in a waveguide to introduce capacitive reac- 
tance and, thereby, cancel an inductive reactance. 

capacitive-discharge ignition An electronic igni- 
tion system for automotive engines. Provides 
nearly constant high voltage, regardless of engine 
speed. A dc-to-de step-up converter charges a 
large capacitor (typically to 300 volts) when the 
distributor breaker points are closed; when they 
are open, the capacitor discharges through the 
ignition coil, thereby generating an ignition pulse 
of several thousand volts. 

capacitive division Reduction of an ac voltage by 
a capacitive voltage divider. 

capacitive feedback Feeding energy back from the 
output to the input of an amplifier or oscillator 
through a capacitor. 

capacitive-input filter A smoothing filter for ac 
power supplies, in which the element closest to 
the rectifier is a capacitor, regardless of the com- 
ponents or circuits placed subsequently. 

capacitive load A load consisting of a capacitor or 
a predominantly capacitive circuit. 

capacitive loading In an antenna, the addition of 
capacitance in series with the element(s). This 
raises the resonant frequency for a radiator hav- 
ing a given physical length. It can also serve to in- 
crease the physical length required for a radiator 
having a specified resonant frequency. Compare 
INDUCTIVE LOADING. 

capacitive post A protrusion inside a waveguide 
for the purpose of introducing capacitive reac- 
tance to cancel an inductive reactance. 

capacitive potentiometer See CAPACITIVE VOL- 
TAGE DIVIDER. 

capacitive pressure sensor A pressure sensor 
that uses a radio-frequency oscillator and a pair 
of metal plates separated by dielectric foam. The 
circuit is designed so a change in the capacitance 
between the plates causes the oscillator fre- 
quency to change. This change is sensed. A signal 
is sent to an analog-to-digital converter (ADC) 
and then to a microcomputer that calculates the 
extent of the pressure. 
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capacitive proximity sensor A transducer used in 
mobile robots that detects the presence of certain 
kinds of objects. It consists of an oscillator whose 
frequency is determined by an _ inductance- 
capacitance (LC) circuit to which a metal plate 
is connected. When a conducting or partially con- 
ducting object comes near the plate, the mutual 
capacitance changes the oscillator frequency. 
This change is detected and sent to the robot 
controller. 
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capacitive reactance Symbol, Xc. Unit, ohm. The 
reactance exhibited by an ideal capacitor, con- 
sidered as a negative pure-imaginary quantity; 
Xo = -j/(6.28fC), where f is the frequency in 
hertz, C is the capacitance in farads, and jis the 
unit imaginary number (the square root of -1). 
Alternatively, f can be specified in megahertz 
and C in microfarads. In a pure capacitive reac- 
tance, current leads voltage by 90 degrees. Also 
see CAPACITANCE, CAPACITOR, and REAC- 
TANCE. 

capacitive speaker See ELECTROSTATIC SPEAKER. 

capacitive transducer A transducer consisting es- 
sentially of a refined variable capacitor whose 
value is varied by a quantity under test, such as 
pressure, temperature, liquid level, etc. 

capacitive tuning Variable-capacitor tuning of a 
circuit. 

capacitive voltage divider A capacitive attenuator 
usually consisting of two series-connected capac- 
itors whose values are such that an applied ac 
voltage is divided across them in the desired ra- 
tio. 

capacitive welding An electronic welding system 
in which energy stored in a capacitor is dis- 
charged through the joint to be welded. This de- 
velops the heat necessary for the operation. 

capacitive window A pair of capacitive dia- 
phragms used in a waveguide to introduce capac- 
itive reactance. 
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capacitor A passive electronic-circuit component 
consisting of, in basic form, two metal electrodes 
or plates separated by a dielectric (insulator). 

capacitor amplifier See DIELECTRIC AMPLIFIER. 

capacitor antenna See CONDENSER ANTENNA. 

capacitor bank A network of capacitors connected 
in combination, yielding a desired characteristic. 

capacitor braking The connection of a capacitor to 
the winding of a motor after the removal of power, 
to speed up the process of braking. 

capacitor color code See COLOR CODE. 

capacitor decade See DECADE CAPACITOR. 

capacitor-discharge ignition CAPACITIVE- 
DISCHARGE IGNITION. 

capacitor filter Ina direct-current power supply, a 
filter consisting simply of a capacitor connected 
in parallel with the rectifier output. 
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capacitor-input filter A filter whose input compo- 
nent is a capacitor. The capacitor-input power- 
supply filter is distinguished by its relatively high 
dc output voltage, but somewhat poorer voltage 
regulation, compared with the CHOKE-INPUT 
FILTER. 

capacitor leakage Direct current flowing through 
the dielectric of a capacitor. In a good nonelec- 
trolytic capacitor, this current is normally less 
than 1 microampere. In an electrolytic capacitor, 
it can be up to several milliamperes, depending 
on the capacitance and the applied voltage. 

capacitor loudspeaker See ELECTROSTATIC 
SPEAKER. 

capacitor microphone See CONDENSER MICRO- 
PHONE. 

capacitor motor An ac motor that uses a capaci- 
tor in series with an auxiliary field winding for 
starting purposes. Initially out-of-phase current 
in the auxiliary field (starting winding) causes a 
rotating field that turns the rotor. When the rotor 
reaches a safe speed, a centrifugal switch dis- 
connects the capacitor and auxiliary field, and 
the motor continues running as an induction 
motor. 

capacitor series resistance The ohmic loss in 
a capacitor. It results partly from conductor 
losses, and partly from losses in the dielectric 
material. 

capacitor substitution box An enclosed assort- 
ment of selected-value capacitors arranged to be 
switched one at a time to a pair of terminals. In 
troubleshooting and circuit development, any of 
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several useful fixed capacitance values can be 
thus obtained. 

capacitor voltage 1. The voltage at the terminals 
of a capacitor. 2. The maximum voltage rating of 
a capacitor. 

capacitor voltmeter See ELECTROSTATIC VOLT- 
METER. 

capacity 1.A measure of acell’s or battery’s ability 
to supply current during a given period. 2. CA- 
PACITANCE. 3. The number of bits or bytes a 
computer storage device can hold. 4. The limits of 
numbers that a register can process. 

capacity lag In an automatic control system, a de- 
lay caused by the storing of energy by the compo- 
nents. For example, in a heating system, capacity 
lag results from the time taken to heat the air or 
fluid after the thermostat turns on the heat. 

capillary electrometer A sensitive voltage indica- 
tor, consisting of a column of mercury in a 
transparent capillary tube, in which is sus- 
pended a small drop of acid. When a voltage is 
applied to both ends of the mercury column, the 
acid drop moves toward the low-potential end of 
the column over a distance proportional to the 
voltage. 

capstan The driven spindle or shaft of a magnetic 
tape recorder or transport. 

capture area The effective ability of a radio antenna 
to pick up electromagnetic signals. The larger the 
capture area, the greater the antenna gain. 

capture effect 1. In frequency-modulation (FM) 
radio receivers, the effect of domination by the 
stronger of two signals, or by the strongest of sev- 
eral signals, on the same frequency. 2. In an 
automatic-frequency-control system, the tendency 
of the receiver to move toward the strongest of 
several signals near a given frequency. 3. In gen- 
eral, the tendency of one effect to totally predom- 
inate over other effects of lesser amplitude. 

capture ratio A measure of frequency-modulation 
(FM) tuner selectivity: The amplitude difference, 
in decibels, between unwanted signals and the 
one being tuned in. 

carbon Symbol, C. A nonmetallic element. Atomic 
number, 6. Atomic weight, 12.011. Carbon, be- 
sides being an invaluable material in electronics, 
is an important constituent of organic com- 
pounds. 

carbon are The arc between two electrified pencils 
of carbon or, as in an arc converter, between a 
carbon pencil and a metal electrode. 

carbon brush A contact made of carbon or some 
mixture of carbon and another material, used in 
motors, generators, variable auto-transformers, 
rheostats, and potentiometers. 

carbon-button amplifier An  audio-frequency 
amplifier having as the active component an 
earphone whose diaphragm is attached to a car- 
bon microphone button. The input signal ap- 
plied to the earphone makes its diaphragm 
vibrate. The vibrating button modulates a local 
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direct current. Amplification results from the 
large ratio of modulated local current to input- 
signal current. 

carbon-composition resistor A non-inductive re- 
sistor made from a mixture of finely powdered 
carbon with a non-conductive substance, usually 
phenolic. The resulting clay-like material is 
pressed into a cylindrical shape, and wire leads 
are inserted in the ends. The resistance depends 
on the ratio of carbon to the non-conducting ma- 
terial, and on the physical distance between the 
wire leads. This type of resistor is useful from di- 
rect current to ultra-high radio frequencies. Com- 
pare FILM RESISTOR, WIREWOUND RESISTOR. 

carbon/disk rheostat A rheostat consisting of a 
stack of carbon disks or washers, arranged so 
that a controllable pressure can be exerted on the 
stack. As a knob is turned, a screw increases or 
decreases the pressure, varying the total resis- 
tance of the stack. 

carbon-film resistor A stable resistor whose resis- 
tance element is a film of carbon, vacuum- 
deposited on a substrate, such as a ceramic. 

carbonization The application of a coat of carbon 
onto an electrode, either by electroplating or by 
any other means. 

carbon microphone A microphone that includes 
one or two carbon buttons. See BUTTON MICRO- 
PHONE. 

carbon-paper recorder A recorder in which a 
signal-actuated stylus writes, by impression only, 
through a sheet of carbon paper onto a plain 
sheet underneath. This eliminates the need for an 
ink-carrying stylus. 

carbon-pile regulator A voltage regulator in 
which a stack of carbon disks or washers is in 
series with the shunt field. The pile resistance 
and field current depend on pressure applied to 
the pile by a wafer spring acting through a mov- 
able iron armature. Voltage drops increase the 
pressure and voltage rises decrease the pres- 
sure, thus regulating the generator with which 
it is associated. 


To dc load 








Rheostat 


WMHS 


Shunt 
field 





Potential 
coil 





Spring 
Tron 
armature 


carbon-pile regulator 


aos 


carbon-button amplifier ¢ cardistimulator 99 


carbon-pile rheostat See CARBON-DISK RHEO- 
STAT. 

carbon recording 1. A record made with a 
CARBON-PAPER RECORDER. 2. The use of a car- 
bon-paper recorder in data acquisition, facsimile, 
communications, and similar applications. 

carbon resistor A resistor made from carbon, 
graphite, or some composition that contains car- 
bon. 

carbon/silicon-carbide thermocouple A thermo- 
couple that is a junction between carbon and sil- 
icon carbide. 

carbon transfer recording A method of facsimile 
reception in which the image is reproduced by 
carbon particles sprayed on the paper, a process 
controlled by the received signal. 

carbon-zinc cell See ZINC-CARBON CELL. 

Carborundum Formula, SiC. Trade name for a 
synthetic silicon carbide used as a semiconduc- 
tor, refractory, or abrasive. Also see SILICON 
CARBIDE. 

Carborundum crystal Trade name for a character- 
istically superhard crystal of silicon carbide. 

Carborundum varistor A voltage-dependent resis- 
tor made from Carborundum. 

carcinotron A special kind of oscillator tube used 
at ultra-high and microwave frequencies. 

card 1. A usually thin, rectangular board contain- 
ing a PRINTED CIRCUIT, often equipped with an 
edge connector that makes it easy to install, re- 
move, or replace. Common in electronic and com- 
puter equipment having modular construction. 2. 
The usually flat, thin insulating strip on which a 
resistor element is wound. 

cardiac monitor An electronic device that displays 
or records electrical impulses from the heart for 
medical observation or diagnosis. 

cardiac pacemaker An electrical cardiac stimula- 
tor that causes the heart to beat at certain inter- 
vals. Used when the patient has heart disease 
that prevents the heart from regulating itself. 

cardiac stimulator An electronic device (some- 
times implanted in the subject) that supplies 
electric pulses to stimulate heart action. Also 
called DEFIBRILLATOR and PACEMAKER. 

card image In memory storage, the data contained 
on a single card. 

cardiogram ELECTROCARDIOGRAM. 

cardiograph ELECTROCARDIOGRAPH. 

cardioid diagram A polar response curve in the 
shape of a cardioid pattern. 

cardioid microphone A microphone with a (roughly) 
heart-shaped sound-field pickup pattern. 

cardioid pattern A _ radiation/response pattern 
with one sharp null in the direction opposite the 
single main lobe. The lobe is extremely broad. In 
two dimensions, the curve is shaped somewhat 
like a “Valentine” heart. 


cardiotachometer A device that indicates the 
pulse rate. 
cardistimulator See CARDIAC STIMULATOR. 
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Carey-Foster bridge A special version of the slide- 
wire bridge that is useful for measuring an un- 
known resistance, whose value is close to that of 
a standard resistance. 


R1 R2 





Carey-Foster bridge 


Carey-Foster mutual inductance bridge An ac 
bridge that permits the measurement of mutual 
inductance in terms of a standard capacitor. 


R3 R4 


Gen 


Carey-Foster mutual inductance bridge 


carnauba wax A wax obtained from the Brazilian 
wax palm. Used as an electrical insulator, and as 
the dielectric in some electrets. 

Carnot theorem In thermodynamics, the proposi- 
tion that in a reversible cycle, all available energy 
is converted into mechanical work. Also called 
Carnot’s principle. 

carrier 1. See CARRIER WAVE. 2. See CHARGE 
CARRIER. 

carrier amplifier See DIELECTRIC AMPLIFIER. 

carrier beating 1. The mixing of two radio- 
frequency carriers that are separated by a small 
amount of frequency, resulting in an audible tone 
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in a receiver. 2. A heterodyne in a facsimile or 
television signal, resulting in a pattern of cross 
hatches in the received image. 

carrier choke A radio-frequency (RF) choke, in- 
serted in a line to block a carrier component. 

carrier chrominance signal For conveying color 
television information, sidebands of a modulated 
chrominance subcarrier. 

carrier color signal For conveying color informa- 
tion in color television transmission, the side- 
bands of a modulated chrominance subcarrier 
(plus the unsuppressed chrominance subcarrier) 
added to the monochrome signal. 

carrier concentration In a semiconductor material, 
the number of charge carriers per unit volume. 

carrier control 1. The modification, adjustment, 
or switching of a carrier wave. 2. Adjustment of a 
circuit or device by means of a carrier wave. 

carrier current The current component of a carrier 
wave, or the amplitude of that current. Compare 
CARRIER POWER and CARRIER VOLTAGE. 

carrier-current communication See WIRED 
WIRELESS. 

carrier-current control 1. Control of the current 
component in a carrier wave. 2. Remote control 
by means of wired wireless. 

carrier-current receiver See WIRED-RADIO RE- 
CEIVER. 

carrier-current relay A radio-frequency (RF) relay 
circuit, operated over a wire line by means of a 
transmitter. 

carrier-current transmitter See WIRED-RADIO 
TRANSMITTER. 

carrier deviation See CARRIER SWING. 

carrier dispersion In a semiconductor, the spread- 
ing out of electrons and holes that leave the emit- 
ter simultaneously, but arrive at the collector at 
various times after following different paths. 

carrier frequency The center frequency of a CAR- 
RIER WAVE. 

carrier-frequency pulse A pulse that contains 
radio-frequency oscillation. 

carrier-frequency range The band of carrier fre- 
quencies over which a transmitter or signal gen- 
erator can operate. 

carrier injection The apparent emission (injection) 
of electrons or holes into a semiconductor when a 
voltage is applied to the junction. 

carrier leak 1. A point at which carrier-wave en- 
ergy escapes a circuit or enclosure. 2. The resid- 
ual carrier voltage present in the output of a 
carrier-suppressing circuit. 

carrier level The amplitude of an unmodulated 
carrier wave. 

carrier lifetime In a semiconductor, the interval 
before an injected current carrier (see CARRIER 
INJECTION) recombines with an opposite carrier 
and ceases to be mobile. 

carrier line In carrier-current systems (see WIRED 
WIRELESS), the line or cable conducting the 
carrier-wave energy. 
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carrier mobility Symbol, wu. In a semiconductor 
material, the average drift velocity of electrons 
and holes per unit electrostatic field. 

carrier noise Modulation of a carrier when there is 
no input from the modulator itself; unwanted 
modulation. 

carrier noise level The noise signal amplitude that 
results from unintentional fluctuations of an un- 
modulated carrier. 

carrier-on-light transmission A form of transmis- 
sion in which many different signals are sent si- 
multaneously by modulating a beam of light at 
multiple frequencies. 

carrier-on-microwave transmission A form of 
transmission in which many different signals are 
sent simultaneously by modulating a microwave 
signal at multiple lower frequencies. 

carrier-on-wire transmission A form of transmis- 
sion in which many different signals are sent at 
the same time over a wire, by using radio- 
frequency carriers. Also called CARRIER-CURRENT 
COMMUNICATIONS or WIRED RADIO. 

carrier oscillator In a single-sideband receiver, 
the radio-frequency (RF) oscillator that supplies 
the missing CARRIER WAVE. 

carrier power The actual power represented by a 
radio-frequency (RF) carrier applied to an an- 
tenna, measured by either the direct or indirect 
method. The direct method involves determina- 
tion of power according to the formula P = [?R, 
where I is antenna current and R is antenna re- 
sistance at the point of current measurement. 
The indirect method involves determination of 
power according to the formula P = EIF, where E 
and I are antenna voltage and current, and Fis a 
factor less than 1.0, whose value depends on the 
type of modulation used. 

carrier power-output rating The power delivered 
by an unmodulated transmitter or generator to 
the normal load or its equivalent. 

carrier shift In an amplitude-modulated transmit- 
ter or generator, the undesired change of average 
carrier voltage during modulation. 

carrier-shift indicator An instrument for detect- 
ing carrier shift. It usually contains only a 
pickup coil, semiconductor diode, and dc mil- 
liammeter in series. Meter deflection is steady 
until carrier shift is detected; then, the needle 
fluctuates. 

carrier signaling In wire telephony, the use of 
carrier-wave signals to operate such functions as 
dialing, ringing, busy signal, etc. 

carrier storage In a semiconductor device, the ten- 
dency of mobile carriers to stay near a junction 
for a short time after the junction voltage has 
been removed or reversed in polarity. 

carrier suppression The elimination of the carrier 
in an amplitude-modulated signal so that only 
the sideband energy remains. 

carrier swing In frequency-modulated or phase- 
modulated transmission, the total deviation (low- 
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est to highest instantaneous frequency) of the 
carrier wave. 

carrier system The transmission of many signals 
over one circuit, accomplished by modulating 
various different carriers at different frequencies. 
Different signals can use different modulation 
methods. 

carrier telegraphy 1. Continuous-wave telegraphy 
by WIRED WIRELESS. 2. Wired-wireless telegra- 
phy in which a radio-frequency carrier is modu- 
lated by an audio-frequency keying wave. 

carrier telephony Telephone communication by 
WIRED WIRELESS. 

carrier terminal 1. At each end ofa carrier-current 
line or cable, the equipment for generating, modi- 
fying, or utilizing the carrier energy. 2. In a bal- 
anced modulator, the point of carrier insertion. 

carrier-to-noise ratio The ratio of carrier ampli- 
tude to noise-voltage amplitude. 

carrier transmission Transport of information by 
a carrier, as by an amplitude-modulated radio 
wave that carries the low-frequency information 
as the AF modulation envelope and delivers it to 
the demodulator at the receiving station. 

carrier-type dc amplifier A high-frequency ac am- 
plifier, ahead of which is operated a generator 
and transducer. A de voltage applied to the trans- 
ducer modulates the carrier supplied by the gen- 
erator; the amplifier boosts the modulated wave, 
and the resultant output is rectified at a level 
higher than that of the dc input signal. 

carrier voltage The voltage component of a carrier 
wave; also, the amplitude of this component. Com- 
pare CARRIER CURRENT and CARRIER POWER. 

carrier wave A sine wave that is modulated to 
convey information in wireless and cable com- 
munications systems. The lowest frequency nor- 
mally used for wireless signal transmission is 9 
kHz, corresponding to a wavelength of approxi- 
mately 33 km. The highest frequency is less well 
defined; some systems make use of visible light 
waves, whose wavelengths are as short as ap- 
proximately 4 x 10-7 m. For modulation to work 
effectively, the carrier must have a frequency at 
least 10 times the highest frequency of the mod- 
ulating signal. 

earry 1. In adding a column of figures, the digit 
added to the column at the left when the sum ex- 
ceeds one less than the radix value. 2. In digital 
computers and counters, a pulse that corre- 
sponds to the arithmetic operation in which a fig- 
ure is carried to the next column in addition. 

carrying capacity The ability of a conductor, such 
as copper wire, to carry current safely (expressed 
in maximum amperes). 

carry-complete signal In an arithmetic computa- 
tion by a computer, an adder-produced signal in- 
dicating that the pertinent carries have been 
generated. 

carry system A communications system in which 
several carries occupy one circuit. 
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carry time The time taken for a digital computer or 
counter to perform a carry operation (See CARRY, 
2). 

Cartesian coordinate geometry Also called rect- 
angular coordinate geometry. In robotic systems, a 
movement scheme in two or three dimensions. 
The position of the robot arm is determined by lin- 
ear coordinates, relative to an origin point. These 
coordinates are specified along linear axes—each 
of which is perpendicular to the others at the ori- 
gin. See CARTESIAN COORDINATES, CARTE- 
SIAN PLANE, and CARTESIAN THREE-SPACE. 

Cartesian coordinates Also called rectangular co- 
ordinates. A mathematical system that uniquely 
defines the position of a point on a plane, in space, 
or in general, in an n-dimensional hyperspace 
when nis a whole number greater than 3. There 
are n axes for n dimensions, each axis intersects 
all the others at a single point, called the origin. 
The axes are mutually perpendicular at this origin. 
The axes are scaled in units with the origin having 
coordinate values that are all equal to zero (usu- 
ally). Positive values go along the axes in one di- 
rection; negative numbers go in the opposite 
direction for each axis. Usually, the axes are grad- 
uated in equal-sized units. The system gets its 
name from the mathematician Rene Descartes. 

Cartesian plane A linear, two-dimensional coordi- 
nate plane commonly used for graphing equa- 
tions in one variable. 

Cartesian three-space A linear, three-dimensional 
graph-coordinate system used for rendering 
equations in one or two variables. 


aos 





Cartesian three-space 


Cartesian three-space graph A three-dimensional 
graph that shows an equation in one or two vari- 
ables. Three-space graphs are often displayed 
more clearly by means of computer graphics, in 
which the entire display can be rotated to show 
the characteristics of the surface resulting from a 
given equation or function. 

Cartesian n-space The coordinate space defined 
by a Cartesian system of n coordinates, where n 
is a whole number of 2 or greater. 

cartridge 1. The replaceable transducer assembly 
of a microphone. 2. A magnetic-tape magazine. 
Also see TAPE CARTRIDGE. 3. A removable com- 
puter mass-storage medium, containing a tape, 
magnetic diskette, or optical diskette. 4. An insu- 
lating tube housing a fuse, semiconductor com- 
ponent, resistor, capacitor, or other part. 

cartridge fuse A fuse consisting of a fusible wire 
enclosed in a cartridge, having a ferrule at each 
end for plug-in connection. 

cascadable Capable of, or designed for, being con- 
nected in cascade with other similar or identical 
components. 

cascade 1. Components or stages connected and 
operated in sequence, as in a three-stage ampli- 
fier. The components or stages are often but not 
necessarily identical. 2. To form a cascade. 

cascade control 1. In an automatic control sys- 
tem, a controller whose setting is varied by the 
output of another controller. 2. An automatic 
control system in which the control units are con- 
nected in stages, so that one unit must operate 
before the next one can function. 

cascaded amplifier A multistage amplifier in which 
the stages are forward-coupled in succession. 
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cascaded carry In digital computer practice, a sys- 
tem of performing the carry operation (see 
CARRY) in which the n+ 1 place receives a carry 
pulse only when the nth place has received carry 
information to generate the pulse. 

cascade thermoelectric device A thermoelectric 
component or circuit that consists of several cas- 
caded sensors (See CASCADE, 1). 

cascade voltage doubler A voltage-doubler circuit 
(see VOLTAGE DOUBLER) consisting of two 
diode-capacitor combinations in cascade. Unlike 
the conventional voltage-doubler circuit with two 
capacitors in the output, the cascade voltage dou- 
bler has one in the input and one in the output. 

cascode A_ high-gain, low-noise, high-input- 
impedance amplifier circuit, consisting of a 
grounded-emitter or grounded-source input stage 
coupled directly to a grounded-base or grounded- 
gate output stage. 


cascode 
(field-effect transistor 
arrangement) 


case temperature The temperature at a desig- 
nated point on the outside surface of a compo- 
nent’s case or housing. 

Cassegrain antenna A dish antenna that uses 
CASSEGRAIN FEED. 





Main dish Semisphere 


focus reflector 


Feed 


Cassegrain antenna 


Cassegrain feed A dish-antenna feed system in 
which the feed point is located at the center of the 
dish itself. For transmission, the radio-frequency 
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energy emerges from a waveguide and is directed to 
a small convex reflector at the focal point of the 
dish. The small reflector directs the signal back to 
the dish, spreading the energy out to cover the en- 
tire surface of the dish. The dish reflects the energy 
again and collimates it in the desired direction of 
propagation. For reception, the process is reversed; 
the dish focuses the energy on the small reflector, 
which propagates it back to the feed point. 

cassette 1. A holder (magazine) of reels of mag- 
netic tape that is itself a mechanical subas- 
sembly, which can be easily inserted into and 
removed from a tape deck. 2. A lightweight holder 
of photographic film or X-ray plates (before, dur- 
ing, and after exposure). 

castor oil A viscous insulating oil extracted from 
castor beans. Highly refined castor oil is used as 
an impregnant in some oil-filled capacitors. Di- 
electric constant, 4.3 to 4.7. Dielectric strength, 
380 V/mil. 

CAT Abbreviation of COMPUTERIZED AXIAL TO- 
MOGRAPHY. 

catalysis The process whereby an agent, called a 
catalyst, enhances a chemical reaction without 
entering into the reaction. Catalysts are used in 
electronics, for example, to promote the setting of 
resins in potting and encapsulating operations. 

catalytic agent A substance that accomplishes 
catalysis. 

cataphoresis As caused by the influence of an 
electrostatic field, the migration toward the cath- 
ode of particles suspended in a liquid. 

catastrophic failure 1. Sudden, unexpected fail- 
ure of a component or circuit. 2. Failure that can 
result in the breakdown of an entire system. Also 
called catastrophic breakdown. 

catcher Ina Klystron, the second reentrant cavity. 
(See KLYSTRON.) 

catcher diode A diode that is connected to regulate 
the voltage at the output of a power supply. The 
cathode is connected to a source of reference volt- 
age. If the anode, connected to the source to be 
regulated, becomes more positive than the cath- 
ode, the diode conducts and prevents the regu- 
lated voltage from rising more than 0.3 volt above 
the reference voltage (for germanium diodes) or 0.6 
volt above the reference voltage (for silicon diodes). 

catcher grids In a Klystron, the grids through 
which the bunched electrons pass on their way 
from the buncher to the collector. Catcher grids 
absorb energy from the bunched electrons and 
present it to the collector circuit. 

category In a computer system, a group of mag- 
netic disk volumes containing information related 
by a common application. 

category storage A computer-file storage section 
that contains a number of categories and used by 
an operating system. 

catenation See CONCATENATION. 

cathode 1. The negative electrode of a device (i.e., 
the electrode from which electrons move when a 
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current passes through the device). 2. In an elec- 
trochemical cell, the electrode that gains elec- 
trons. This is generally the positive electrode. 3. 
In a vacuum tube, the electron-emitting electrode 
(filament or indirectly heated cathode sleeve). 

cathode current Symbol i. The current flowing in 
the cathode circuit of a tube. Cathode current is 
the total of grid, plate, screen, and suppressor cur- 
rents, and can have an ac and a de component. 

cathode dark current The electron emission from 
the photocathode of a camera tube when there is 
no illumination. 

cathode element In a vacuum tube, an indirectly 
heated emitter of electrons. Also see CATHODE, 2. 

cathode emission 1. The giving up of electrons by 
the cathode element of a device, such as a vac- 
uum tube. Electrons can be emitted by either hot 
or cold cathodes, depending on the tube. 2. Col- 
lectively, electrons released by a cathode. 

cathode heating time The time required for the 
temperature of a tube cathode to increase from 
cold to its maximum specified operating tempera- 
ture after the cathode current has been initiated. 
Also called cathode warmup time. 

cathode luminous sensitivity For a photomulti- 
plier tube, the cathode’s sensitivity to light. This 
sensitivity figure is the ratio of photocathode cur- 
rent to incident light flux. 

cathode-ray oscillograph An instrument that pro- 
vides a permanent record, by photographic or 
other means, of the image on the screen of a 
cathode-ray tube. 

cathode-ray oscilloscope See OSCILLOSCOPE. 

cathode rays Invisible rays emanating from the 
cathode element of an evacuated tube operated 
with a high voltage between the anode and cath- 
ode. Cathode rays (electrons) cause certain sub- 
stances, PHOSPHORS, to glow upon striking them. 

cathode-ray scanning tube Any tube in which an 
electron beam is deflected horizontally and verti- 
cally to scan an area. These include oscilloscope 
tubes, some computer monitors, radar displays, 
and television camera tubes. 

cathode-ray tube 1. An evacuated tube containing 
an anode and cathode that generates cathode 
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rays when operated at high voltage. 2. An oscillo- 
scope tube. 3. A picture tube. 

cathode terminal 1. In a diode (semiconductor or 
tube), the terminal to which a negative dc voltage 
must be applied for forward-biasing the diode. 
Compare ANODE TERMINAL. 2. In a diode, the 
terminal at which a positive dc voltage appears 
when the diode acts as an ac rectifier. Compare 
ANODE TERMINAL. 3. The terminal connected 
internally to the cathode element of device. 4. In 
a vacuum tube, an indirectly heated electron 
emitter. 

cathode voltage Symbol, Ex. The voltage between 
ground (or B-minus) and the cathode of a tube; it 
can have both ac and de components. 

cathodic protection A method of preventing cor- 
rosive galvanic action in underground metal 
pipes or the submerged hulls of ships. The part to 
be protected is used as the cathode of a circuit 
through which a direct current is passed in the 
direction opposite to that which caused the corro- 
sion, thus counteracting it. 

cathodofluorescence Fluorescence resulting from 
a material’s exposure to cathode rays. 

cathodoluminescence In a vacuum chamber in 
which a metal target is bombarded with high- 
velocity electrons (cathode rays), the emission of 
radiation of a wavelength characteristic of the 
metal. 

cation A positive ion. Also see ION. 

CAT scanner The X-ray apparatus for COMPUT- 
ERIZED AXIAL TOMOGRAPHY. 

CATV Abbreviation of COMMUNITY-ANTENNA 
TELEVISION (usually cable television). 

caustic soda electrolyte Symbol, NaOH. Sodium 
hydroxide solution, as used in some secondary 
cells and experimental devices. 

cavitation The local formation of cavities in a fluid 
used in ultrasonic cleaning because of the reduc- 
tion in pressure at those points. 

cavitation noise In an ultrasonic cleaner, the 
noise resulting from the collapse of bubbles pro- 
duced by cavitation. 

cavity A metallic chamber (can) in which energy is 
allowed to reflect, sometimes resulting in reso- 
nance. 

cavity filter A microwave (usually band rejection) 
filter consisting of a resonant cavity and associ- 
ated coupling devices. 

cavity frequency meter 
TER. 

cavity impedance The impedance across a cavity 
at a particular frequency. At resonance, the cav- 
ity impedance is purely resistive. 

cavity laser A laser that employs a resonant cavity 
filled with gas, such as helium/neon or argon, 
and a pair of reflectors. Resonance occurs be- 
tween the reflectors, one of which is totally reflec- 
tive and the other of which is approximately 95 
percent reflective. Output is from the partially re- 
flective end of the device. 


See CAVITY WAVEME- 
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cavity magnetron A magnetron whose anode is a 
series of resonant cavities. 

cavity oscillator An oscillator with a cavity-tuned 
circuit. 

cavity radiation Energy radiated from a tiny hole 
in an otherwise sealed chamber. The radiation 
occurs at all electromagnetic wavelengths; the 
greater the temperature within the chamber, the 
greater the frequency at which the radiation has 
its maximum amplitude. 

cavity resonance The phenomenon whereby a 
hollow cavity resonates; specifically, resonance in 
small metal cavities at microwave frequencies. 

cavity resonator See RESONANT CAVITY. 

cavity wavemeter An absorption wavemeter whose 
adjustable element is a tunable resonant cavity 
into which radio-frequency (RF) energy is injected 
through a waveguide or coaxial cable. Such an in- 
strument is useful at microwave frequencies. 

CB Abbreviation of CITIZENS BAND. 

Cb Symbol for COLUMBIUM. 

Cg Symbol for BASE CAPACITANCE of a transistor. 

C band The band of radio frequencies between 3.9 
and 6.2 GHz. 

Cc. Symbol for collector capacitance of a transistor. 

ce 1. Alternative abbreviation of cubic centimeter. 
The International Organization for Standardi- 
zation recommends cm°. 2. Abbreviation of 
COTTON-COVERED. 

CCA Abbreviation of CURRENT-CONTROLLED 
AMPLIFIER. 

CCD Abbreviation of CHARGE-COUPLED DEVICE. 

CCIS Abbreviation of COMMON-CHANNEL INTER- 
FACE SIGNALING. 

CCIR Abbreviation of Comite Consultatif Interna- 
tional des Radiocommunications (International Ra- 
dio Consultative Committee). 
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CCIT Abbreviation of Comite Consultatif Interna- 
tional Telegrafique (International Telegraph Con- 
sultative Committee). 

CCITT Abbreviation of Comite Consultatif Interna- 
tional Telegrafique et Telephonique (International 
Telegraph and Telephone Consultative Committee). 

CCS 1. Abbreviation of CONTINUOUS COMMER- 
CIAL SERVICE. 2. Abbreviation of common- 
channel signaling. 

CCTV Abbreviation of CLOSED-CIRCUIT TELEVI- 
SION. 

CCTV monitor A video monitor that receives a sig- 
nal from a CCTV transmitter. 

CCTV signal The picture signal in a CCTV system. 
It can be either a modulated radio-frequency sig- 
nal or a composite video signal. 

ecew Abbreviation of COUNTERCLOCKWISE. 

CD Abbreviation of COMPACT DISK. 

Cd Symbol for CADMIUM. 

ed Abbreviation of CANDELA. 

CD-4 A method of obtaining quadraphonic repro- 
duction on a phonograph disk using modulated 
carriers with frequencies above the human hear- 
ing range. 

CDI Abbreviation of CAPACITOR-DISCHARGE IG- 
NITION. 

C display A radar display showing the target as a 
dot whose coordinates represent the bearing (hor- 
izontal) and angle of elevation (vertical). Compare 
A DISPLAY, J DISPLAY, and K DISPLAY. 

cd/m? Candelas per square meter, the SI unit of 
luminance. 

CD-ROM Abbreviation of COMPACT-DISK READ- 
ONLY MEMORY. 

Ce Symbol for CERIUM. 

C. Symbol for EMITTER CAPACITANCE of a tran- 
sistor. 

ceiling 1. The maximum possible power output 
from a transmitter. 2. The maximum possible 
current or voltage that a circuit can deliver. 3. In 
aviation, the level of the cloud base. 

ceilometer An instrument for measuring ceiling 
(cloud height). 

cel In animated graphics, an individual image or 
frame. 

cell 1. A single (basic) unit for producing dc elec- 
tricity by electrochemical or photovoltaic action, 
as in a battery or a solar panel. Also see PRIMARY 
CELL, STANDARD CELL, STORAGE CELL. 2. An 
addressable, one-word-capacity storage element 
in a computer memory. 3. The geographic region 
covered by a specified repeater in a cellular com- 
munications network. See CELLULAR COMMU- 
NICATIONS. 4. An electrostatic charge dipole in 
the atmosphere, usually occurring in or near 
thunderstorms. 5. A thunderstorm. 

cell constant The surface area of the electrodes in 
a cell divided by the distance between them. The 
basic linear units must be the same: for example, 
square centimeters for surface area and centime- 
ters for distance. 
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cell counter A bioelectronic instrument used to 
count blood cells and other minute particles. 

cell reversal A condition that can occur in some 
rechargeable electrochemical cells and batteries, 
such as nickel-cadmium batteries. It most often 
results from neglecting to recharge the cell or bat- 
tery when it has become fully discharged. 

cell-type enclosure A room designed to prevent 
the entrance or escape of radio-frequency (RF) 
electromagnetic fields, characterized by double- 
walled copper-mesh shielding. 

cellular coil A coil having a crisscross (usually 
multilayer) winding. Examples: lattice-wound 
coil, honeycomb coil, basket-weave coil. 

cellular communications A radio, telephone, or 
television communications network that makes 
use of numerous fixed repeaters. Subscribers use 
mobile or portable transceivers that are always 
within range of at least one repeater. The most 
common form is known as cellular telephone or 
cellular mobile radio telephone. 

celluloid A thermoplastic dielectric material that is 
a blend of cellulose nitrate and camphor. Dielec- 
tric constant, 4 to 7. Dielectric strength, 250 to 
780 V/mil. 

cellulose acetate A plastic dielectric material used 
as a substrate for magnetic tapes, photographic 
film, and similar applications. Dielectric con- 
stant, 6 to 8. Dielectric strength, 300 V to 1 
kV/mil. Also see ACETATE. 

cellulose acetate base See ACETATE BASE. 

cellulose acetate butyrate A thermoplastic dielec- 
tric material that is an acetic and butyric acid es- 
ter of cellulose. 

cellulose acetate tape See ACETATE TAPE. 

cellulose nitrate The nitric acid ester of cellulose, 
a plastic insulating material. 

cellulose propionate A thermoplastic molding ma- 
terial that is a propionic acid ester of cellulose. 

Celsius scale A temperature scale in which O de- 
grees is the freezing point of water, and 100 de- 
grees the boiling point of water. Also called 
CENTIGRADE SCALE. Compare ABSOLUTE 
SCALE, and FAHRENHEIT SCALE. 

cent An audio-frequency interval of 0.01 (1100) of 
a half step. A half step is the frequency differ- 
ence between two immediately adjacent keys on 
a piano. 

center channel In high-fidelity stereo, a phantom 
sound source that appears to exist midway be- 
tween the left and right speakers or earpieces. 
The effect is caused by identical, or nearly identi- 
cal, signals in the left and right channels. 

center-fed antenna An antenna in which the feed- 
ers are connected to the center of the radiator. 

center feed 1. Attaching a feeder or transmission 
line to the center of the radiator of an antenna. 2. 
Connection of signal-input terminals to the cen- 
ter of a coil. 3. Descriptive of paper tape whose 
feed holes are aligned with character hole cen- 
ters. Compare ADVANCE FEED TAPE. 
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center frequency 1. The frequency, in a communi- 
cations receiver, that is midway between the 
lower and upper 3-dB-down amplitude points. 
2. The average frequency of a modulated carrier. 
3. The carrier frequency of a modulated signal, 
whether or not the carrier is suppressed. 
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centering control In an oscilloscope circuit, a po- 
tentiometer used to position the image on the 
screen (particularly in the center). Separate con- 
trols are provided for horizontal and vertical cen- 
tering. 

center loading In an inductively loaded antenna, 
placement of the loading coil(s) at or near a point 
or points midway between the feed point and the 
end(s) of the radiating element. 

center of beam 1. Ina directional antenna system, 
the direction, denoted by a straight ray, where 
the signal strength or response is the greatest. 2. 
In a beam of visible light, the geometric center of 
the spot produced when the beam strikes a sur- 
face perpendicular to the beam. 3. In a beam of 
visible light, the axis within the beam where the 
intensity is greatest. 

center of channel The frequency that is midway 
between the lowest and highest frequency compo- 
nents of a communications channel. 

center of radiation The point from which the en- 
ergy radiated by an object appears to arrive. 

center tap A connection made to the centermost 
turn of a coil or to the center-value point of a re- 
sistor, filament, or capacitor pair. 

center-tapped coil See CENTER-TAPPED WIND- 
ING. 

center-tapped filament A tube or lamp filament 
that has a tap at its center. 
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center-tapped inductor An inductor that has a 
tap at half the total number of turns (the physical 
center of the winding). 

center-tapped potentiometer A potentiometer 
that has a tap at half the total resistance of the 
resistance element. 

center-tapped resistor A fixed resistor that has a 
tap at half the total resistance. 

center-tapped transformer A transformer that 
has one or more center-tapped windings. 

center-tapped winding A winding that has a tap 
at half the total number of turns (the physical 
center of the winding). 


center-tapped winding 


center tracking frequency In_ three-frequency 
alignment (tracking) of a circuit, the frequency 
between the upper and lower frequency limits 
(alignment or tracking points of the circuit). 

center-zero meter A meter that has its zero point 
at the center of the scale (e.g., a dc galvanometer). 

centi- Abbreviation, c. Prefix meaning hun- 
dredth(s) (107). 

centigrade scale See CELSIUS SCALE. 

centimeter Abbreviation, cm. A unit of length 
equal to 10°? meter, or 0.3937 inch. 

centimeter-gram-second system Abbreviation, 
cgs. A system of units, now seldom used, in 
which the centimeter is the fundamental unit of 
length, the gram is the fundamental unit of 
mass, and the mean solar second is the funda- 
mental unit of time. Electrical units in the cgs 
system fall into two categories: electrostatic and 
electromagnetic. The names of cgs electrostatic 
units have the prefix stat- (e.g., STATAMPERE, 
STATVOLT, etc.). Cgs electromagnetic units 
have the prefix ab- (e.g., ABAMPERE, ABVOLT, 
etc.). 

centimetric waves See MICROWAVES. 

centipoise A cgs measure of the dynamic viscosity 
of liquids. Equal to 107 poise. 

central office In telephone systems, a switching 
network at which numerous circuits or sub- 
scriber lines converge. 

central processing unit Abbreviation, CPU. In a dig- 
ital computer, the section containing the arithmetic 
and logic unit (ALU), control circuits, and internal 
memory circuits. Also called central processor. 

Central Radio Propagation Laboratory A gov- 
ernment laboratory that studies radio propaga- 
tion and collects, correlates, and analyzes data 
for predicting propagation conditions. The orga- 
nization also studies methods of measuring 
propagation. 


centrifugation potential An electric potential that 
occurs in a colloidal solution when the solution is 
centrifuged. 

centrifugal switch A switch actuated by rotational 
motion (e.g., the automatic disconnection switch 
in a capacitor motor). 

centripetal force The force that draws the mass of 
a rotating body toward the axis of rotation. 

ceramal See CERMET. 

ceramet seal See CERAMIC-TO-METAL SEAL. 

ceramic-based microcircuit A tiny circuit printed 
or deposited on a ceramic substrate. 

ceramic capacitor A component made with sheets 
of metal stacked alternately with wafers of ce- 
ramic. This material, like mica, has low loss, and 
therefore allows for high efficiency. For low val- 
ues of capacitance, only one layer of ceramic is 
needed, and two metal plates can be glued to a 
disk of porcelain, one on each side. Alternatively, 
a tube or cylinder of ceramic can be employed, 
and metal ink applied to the inside and outside of 
the tube. These capacitors have values ranging 
from a few picofarads to about 0.5 uF. Their volt- 
age ratings are comparable to those of paper ca- 
pacitors. Compare ELECTROLYTIC CAPACITOR, 
MICA CAPACITOR, PAPER CAPACITOR, PLAS- 
TIC-FILM CAPACITOR, TANTALUM CAPACITOR. 

ceramic dielectric 1. A ceramic used as a dielec- 
tric in capacitors. Examples: barium titanate, 
barium strontium titanate, and titanium dioxide. 
Ceramic dielectrics provide high dielectric con- 
stant. 2. A ceramic used as an insulator. Exam- 
ples: isolantite, porcelain, and steatite. 

ceramic filter A resonant filter similar to a crystal 
filter, but using a piezoelectric ceramic material. 

ceramic magnet A permanent magnet made of a 
magnetic ceramic material, such as mixtures of 
barium oxide and iron oxide. 

ceramic microphone A microphone that uses a 
CERAMIC PIEZOELEMENT to convert sound 
waves into electrical impulses. 

ceramic piezoelement A component that uses a 
piezoelectric ceramic material. Examples: ceramic 
filter, ceramic microphone, ceramic phono pickup, 
ceramic transducer, and electrostrictive trans- 
ducer. Also called PIEZOELECTRIC CERAMIC. 

ceramic resistor A carborundum resistor whose 
value is voltage-dependent. It usually displays a 
negative temperature coefficient of resistance 
(but a positive coefficient is available) and a neg- 
ative voltage coefficient of resistance. 

ceramics 1. Clay-based materials used as di- 
electrics and insulators in electronics. Examples: 
barium titanate, titanium dioxide, porcelain, 
isolantite, and steatite. 2. The science and art of 
using and developing ceramics. 

ceramic-to-metal seal A bond in which ceramic 
and metal bodies are joined, for example, the 
bonding of a metal lead to a ceramic disk, 
through which it passes to provide a leak-proof 
seal. Also called ceramet seal. 
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ceramic transducer A transducer that uses a CE- 
RAMIC PIEZOELEMENT to translate such pa- 
rameters as pressure and vibration into electrical 
pulses. 

ceramic tube A high-temperature vacuum tube 
that uses a ceramic material, instead of glass, as 
the envelope; the tube offers low losses at high 
frequencies. 

Cerenkov radiation Light emanating from a trans- 
parent material that is traversed by charged par- 
ticles, whose speed is higher than the speed of 
light through the material. 
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Cerenkov rebatron device An apparatus for gen- 
erating radio-frequency energy by passing an 
electron beam through a piece of dielectric having 
a small aperture. 

ceresin wax A yellow or white wax obtained by re- 
fining ozocerite. Used as an insulant and sealant 
against moisture. Dielectric constant, 2.5 to 2.6. 

cerium Symbol, Ce. A metallic element of the rare- 
earth group. Atomic number, 58. Atomic weight, 
140.13. 

cerium metals A group of metals belonging to 
the rare-earth group: cerium, lanthanum, 
neodymium, praseodymium, promethium, and 
samarium. 

cermet An alloy of a ceramic, such as titanium 
carbide, and nickel, a metal. A thin film of cermet 
is used as a resistive element in some microcir- 
cuits. Cermet is an acronym for ceramic metal. 

certified tape A magnetic recording tape that has 
been thoroughly checked and found to have no 
flaws. 

cesium Symbol, Cs. A metallic element of the al- 
kali-metal group. Atomic number, 55. Atomic 
weight, 132.91. The oscillations of this element’s 
atoms have been used as atomic time standards. 
The element is used in some phototubes as the 
light-sensitive material, and in some arc lamps. 

cesium-vapor lamp A low-voltage arc lamp used 
as an infrared source. 
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Cf Symbol for CALIFORNIUM. 

egs Abbreviation of CENTIMETER-GRAM-SECOND. 

chad The punched-out particle(s) constituting re- 
fuse from paper-tape punching. 

chadded tape Punched paper tape in which the 
chad is left partially attached to the tape’s 
punched holes. 

chadless tape Punched paper tape without CHAD. 

chafe 1. An area that has been abraded by rubbing 
or scraping. 2. To produce a chafe. 

chaff Strips of metal foil used to create radar inter- 
ference or ambiguity in locating a target by multi- 
ple reflections of the beam. Also called MIRROR. 

chain broadcasting Simultaneous transmissions 
from a number of broadcast transmitters con- 
nected together in a network by wire line, coaxial 
cable, or microwave link. 

chain calculation As performed by a calculator, a 
calculation that can be entered as it would nor- 
mally be written (i.e., without the need for re- 
grouping operands). 

chain printer In the readout channel of a digital 
computer, a high-speed printer carrying printer’s 
type on a revolving chain. 

chain radar system A number of radar stations 
along a missile-flight path that are connected ina 
communications or control network. 

chain reaction A reaction (as in nuclear fission) 
that is self-sustaining or self-repeating. Unless 
controlled from outside, such a reaction runs to 
destruction. 

chain switch A switch that is actuated by pulling a 
light metal chain. Successive pulls turn the 
switch alternatively on and off. 


Chain 


Cord 


chain switch 


change dump In computer operation (especially in 
debugging), the display of the names of locations 
that have changed following a specific event. 

change file See TRANSACTION FILE. 

change of control In a sequence of computer 
records being processed, a logical break that ini- 
tiates a predetermined action, after which pro- 
cessing continues. 

changer Ina high-fidelity disk player, a device that 
allows several disks to be played, one after the 
other, without the need for manually exchanging 
the disks. 

change record A computer record that changes in- 
formation in a related master record. Also called 
transaction record. 
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change tape See TRANSACTION TAPE. 

channel 1. A frequency (or band of frequencies) as- 
signed to a radio or television station. 2. See KEY- 
WAY. 3. A subcircuit in a large system [e.g., the 
radio-frequency (RF) channel of a receiver, the 
vertical-amplifier channel of an oscilloscope, or the 
modulator channel of a radio transmitter]. 4. The 
end-to-end electrical path through the semicon- 
ductor body in a field-effect transistor. 5. One of 
the independent audio circuits in a stereo sound 
system (e.g., the left channel or the right channel). 

channel analyzer A (usually multiband) continu- 
ously tunable instrument, similar to a tuned ra- 
dio receiver, used in troubleshooting radio 
communications circuits by substituting a per- 
fect channel for one that is out of order. 

channel balance The state in which the apparent 
amplitude of two or more channels is identical. 

channel bank Ina transmission system, the termi- 
nal equipment used for the purpose of multiplex- 
ing the individual channels. 

channel capacity The fullest extent to which a 
channel can accommodate the information (fre- 
quencies, bits, words, etc.) to be passed through it. 

channel designator A name, number, or abbrevia- 
tion given to a channel in a communications sys- 
tem. 

channel effect The possible current flow through a 
high impedance between the collector and emitter 
in a bipolar transistor. 

channel frequency The CENTER FREQUENCY of 
a communications channel. 

channeling Multiplex transmission in which sepa- 
rate carriers within a sufficiently wide frequency 
band are used for simultaneous transmission. 

channelizing The subdivision of a relatively wide 
frequency band into a number of separate sub- 
bands. 

channel reliability 1. The proportion of time, usu- 
ally expressed as a percentage, that a communica- 
tions channel is useful for its intended purpose. 
2. The relative ease with which communications 
can be carried out over a particular channel. 

channel reversal In stereo reproduction, inter- 
changing the left and right channels. 

channel-reversing switch In a stereo system, a 
switch that allows channel reversal without the 
need for reorienting speaker cables or connectors. 

channel sampling rate The rate at which individ- 
ual channels are sampled. For example, in the 
electronic switching of an oscilloscope, the num- 
ber of times per second each input-signal chan- 
nel is switched to the instrument. 

channel selector A switch or relay used to put any 
of a series of channels into functional status in a 
system. 

channel separation 1. The spacing between com- 
munications channels, expressed in kilohertz. 2. 
In stereo reproduction, the degree to which the 
information on one channel is separate from the 
other; usually expressed in decibels. 
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channel slot On a carrier modulated by numerous 
signals, the position or frequency of a specific 
modulating signal. 

channel shift The interchange of communications 
channels (e.g., the shift from a calling frequency 
to a working frequency). 

channel strip A fixed-channel amplifier for a tele- 
vision receiver. 

channel time slot In a frame of transmitted infor- 
mation, such as a television picture, a time inter- 
val designated to a channel for the transmission 
of a character signal or other information. 

channel-to-channel connection A device, such as 
a channel adapter, used to transfer data rapidly 
between any two channels of two digital comput- 
ers, at the data speed of the slower channel. 

channel-utilization index An indication of the ex- 
tent to which channel capacity is used. For a 
given channel, the index is the ratio of informa- 
tion rate to channel capacity, each expressed in 
units per second. 

channel wave An acoustic wave that travels 
within a region or layer of a substance because of 
a physical difference between that layer and the 
surrounding material. An example of a channel 
wave is the propagation of sound over a still lake. 

channel width In a frequency channel, the differ- 
ence f — fi, where f; is the lower-frequency limit 
and f2 is the upper-frequency limit of the channel. 

chapter A self-contained computer program section. 

character 1. One of the symbols in a code. 2. In 
computer operations, a digit, letter, or symbol 
used alone or in some combination to express in- 
formation, data, or instructions. 

character code In a communications or computer 
system, the combination of elements (e.g., bits) 
representing characters. 

character crowding A reduction of the time inter- 
val between successive characters—especially 
those read from tape. 

character density The number of characters that 
can be stored in a given length or surface area of 
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a medium. On a magnetic tape, it might be spec- 
ified in characters per millimeter; on a magnetic 
disk, it might be specified in characters per 
square millimeter. 

character emitter A coded-pulse generator in a 
digital computer. 

character generator A device that converts coded 
information into readable alphanumeric charac- 
ters. 

characteristic 1. A quantity that characterizes 
(typifies) the operation of a device or circuit. Ex- 
amples are emitter current, output power, and 
frequency deviation. 2. In floating point notation, 
the exponent. 

characteristic curve A curve showing the relation- 
ship between an independent variable and a de- 
pendent variable, with respect to the parameter(s) 
for a device or circuit. Example: the collector volt- 
age-collector current characteristic curve of a 
transistor. 

characteristic distortion 1. In a digital signal, 
pulse distortion caused by the effects of the pre- 
vious pulse or pulses. 2. Distortion in the charac- 
teristic curve of a component or device. 

characteristic frequency The frequency peculiar 
to a given channel, service, or response. 

characteristic impedance Symbol, Z. 1. Theo- 
retically, the impedance that would be simulated 
by a given two-conductor or coaxial line of uni- 
form construction, if that line were of infinite 
length. This value is determined by the materials 
used for the two conductors, the dielectric used 
to insulate the two conductors, the diameters of 
the conductors, and the spacing between them. 
2. In practice, for a transmission line or wave- 
guide terminated with a load that produces no 
standing waves on the line, the ratio of radio-fre- 
quency (RF) voltage to RF current. This ratio is 
the same at all points along the length of a per- 
fectly matched line, and depends on the physical 
construction of the line. Coaxial lines typically 
have Z between 50 and 100 ohms. Twinlead is 
available with 75-ohm and 300-ohm Z values. 
Open-wire line has 4 between 300 and 600 
ohms, depending on the spacing between the 
conductors, and also on the type of dielectric (in- 
sulating material) employed to keep the spacing 
constant between the conductors. 3. Experimen- 
tally, the value of impedance that, if it terminates 
a transmission line or waveguide, results in no 
reflected power from the load end of line. This is 
always a pure resistance; that is, it contains no 
reactance. 

characteristic overflow In floating-point arith- 
metic, the condition that occurs when a charac- 
teristic exceeds the upper limit specified by a 
program or computer. 

characteristic spread The range of values over 
which a characteristic extends. For example, if an 
amplifier’s output ranges from 15 W to 25 W, its 
characteristic spread is 10 W. 
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characteristic underflow In floating-point arith- 
metic, the condition that occurs when a charac- 
teristic exceeds the lower limit specified by a 
program or computer. 

character modifier In address modification, a 
constant (compare VARIABLE) that refers to a 
specific character’s location in memory. 

character-oriented A computer in which charac- 
ter locations, rather than words, can be ad- 
dressed. 

character printer A computer output device that 
prints matter in the manner of a conventional 
typewriter. 

character reader Also called an optical scanner. In 
a digital computer, an input device that can read 
printing and script directly. 

character recognition The reading of a written or 
printed character by a computer, including its 
identification and encoding. 

character sensing The detection of characters by 
a computer input device. This can be done gal- 
vanically, electrostatically, magnetically, or opti- 
cally. 

character set The set of characters in a complete 
language, or in a communications system. 

character signal The set of elements or bits repre- 
senting a character in a digital transmission sys- 
tem. The signal can also represent the quantizing 
value of a sample. 

characters per minute An expression of the speed 
of transmission of a digital signal. The number of 
characters (on average) transmitted in a period of 
one minute. In Morse code (CW) transmission, 
this is generally taken as the number of times the 
word paris plus the subsequent space, multiplied 
by six (five letters and one space following), can 
be sent in one minute. 

characters per second An expression of the speed 
of transmission of a digital signal. The number of 
characters (on average) transmitted in a period of 
one second. 

character string A one-dimensional character ar- 
ray [i.e., a list of characters that, when printed or 
displayed, would appear in a row or column, but 
not both (as in a matrix)]. 

character subset A classification of characters 
within a set. 

Charactron A cathode-ray readout tube that dis- 
plays letters, numbers, and symbols on its 
screen. More commonly called a monitor. 

charcoal tube In a system for producing a high 
vacuum, a trap containing activated charcoal, 
which is heated to dull red, then cooled by liquid 
air to absorb gases. 

charge 1. A quantity of electricity associated with a 
space, particle, or body. 2. To electrify a space, 
particle, or body (i.e., to give an electric charge). 
3. To store electricity, as in a storage battery or 
capacitor. Compare DISCHARGE. 

charge carrier 1. An ELECTRON whose movement 
constitutes a flow of electric current. 2. An elec- 
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tron deficiency (HOLE) whose movement consti- 
tutes a flow of electric current. 3. Any particle, 
such as a charged atom (ION), PROTON, ALPHA 
PARTICLE, or BETA PARTICLE, whose movement 
constitutes a flow of electric current. 

charge-coupled device Abbreviation, CCD. A 
form of analog-to-digital converter that generates 
a digital signal output representing an analog 
image input. The transfer of stored charges pro- 
vides the method of operation. Used in machine 
vision systems and in numerous scientific appli- 
cations. 

charge density The degree of charge or current- 
carrier concentration in a region. 

charged particle 1.See CHARGE CARRIER. 2. See 
ION. 

charged voltage 1. The voltage across a fully 
charged capacitor. 2. The terminal voltage of a 
fully charged storage cell. 

charge holding See CHARGE RETENTION. 

charge of electron The negative electric charge 
carried by a single electron. Approximately equal 
to 1.602 x 107! coulombs. 

charger 1.See BATTERY CHARGER. 2. Any device 
or circuit that charges a capacitor. 

charge retention 1. The holding of an electric 
charge by a cell or battery when no current is be- 
ing drawn from it. 2. A measure of the ability of a 
cell or battery to maintain an electric charge 
when no current is drawn from it. Often specified 
in terms of shelf life. 3. The holding of a charge by 
a capacitor. 

charge-storage tube A cathode-ray tube that holds 
a display of information on its screen until the op- 
erator removes it by pressing an erase button. 

charge-to-mass_ The ratio of the electric charge to 
the mass of a subatomic particle. 

charge-to-mass ratio of electron The ratio of the 
charge (e) of the electron to the mass (m,) of the 
electron, in coulombs per kilogram (C/kg). For an 
electron at rest, e/m, is approximately equal to 
1.602 x 107! C divided by 9.11 x 10°! kg = 1.76 
x 101! C/kg. 

charge transfer 1. The switching of an electric 
charge from one capacitor to another. 2. The cap- 
ture of an electron by a positive ion from a neutral 
atom of the same kind, resulting in the ion be- 
coming a neutral atom, and the previously neu- 
tral atom becoming a positive ion. 

charge transfer device A semiconductor in which 
an electric charge is moved from location to loca- 
tion. Applications include delay lines, video signal 
processing, and signal storage. 

charging 1. The process of storing electrical energy 
in a capacitor. 2. The process of storing electro- 
chemical energy in a storage cell or battery. 

charging current 1. The current flowing into a ca- 
pacitor. 2. The current flowing into a previously 
discharged storage cell. 

charging rate 1. The rate at which charging cur- 
rent flows into a storage cell or battery, expressed 
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in amperes or milliamperes. For most cells and 
batteries, the rate is greatest initially, when the 
cell or battery is depleted or nearly depleted; the 
rate decreases as the cell or battery becomes 
charged. 2. The instantaneous rate at which 
charging current flows into a capacitor or capaci- 
tance-resistance circuit, expressed in amperes, 
milliamperes, or microamperes. 

charged voltage 1. The voltage across a fully 
charged capacitor. 2. The terminal voltage of a 
fully charged storage cell. 

Charlie Phonetic alphabet code word for the letter C. 

chassis A (usually metal) foundation on which 
components are mounted and wired. 

chassis ground A ground connection made to the 
metal chassis on which the components of a cir- 
cuit are mounted. When several ground connec- 
tions are made to a single point on the chassis, a 
COMMON GROUND results. 

chatter 1. A rapidly repetitive signal, caused by in- 
terruption or variation of a current (usually inter- 
ference). 2. Extraneous vibration, as of the 
armature in a relay. 

chatter time The interval between the instant that 
contacts close (for example, in a relay) and the in- 
stant at which chatter ends. 

cheater cord An extension cord used to conduct 
power to a piece of equipment (especially a televi- 
sion receiver) by temporarily bypassing the safety 
switch or interlock. Use of such a cord presents a 
potentially fatal shock hazard to personnel using, 
or working on, the equipment. 

Chebyshev filter Also spelled Tschebyscheff or 
Tschebysheff. A form of inductance-capacitance 
(LC) lowpass, highpass, bandpass, or band- 
rejection filter, characterized by an attenuation- 
versus-frequency curve with ripple in the 
passband. 

check 1. A test generally made to verify condition, 
performance, state, or calculations; specifically, in 
computer operations, it applies to operands or re- 
sults. 2. The usually abrupt halting of an action. 

check bit A binary CHECK DIGIT. 

check character In a group of characters, one 
whose value depends on the other characters, 
which it checks when the group is stored or 
transferred. 

check digit Also called check number. In computer 
operations, a number added to a group of digits, 
forming a code that identifies entities in the sys- 
tem (including personnel) and can be used for 
verification. The check digit is the remainder 
when the number code (for example, 459) is di- 
vided by a fixed number (for example, 5); in this 
case, the check digit (the remainder of 459/5) is 
4, and the amended code number is 4594. 

check indicator An indication, made via a video 
display, that something has been shown to be in- 
valid according to a check. 

checking program Also called checking routine. 
For debugging purposes, a diagnostic computer 
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program capable of detecting errors in another 
program. 

checkout A test routine that ascertains whether or 
not a circuit or system is functioning according to 
specifications. 

checkout routine A routine used by programmers 
to debug programs. 

checkpoint A point in a digital-computer program 
at which sufficient information has been stored to 
allow restarting the computation from that point. 

checkpoint dump The process of recording details 
of a computer program run. This process might 
be necessary in the event of a system failure that 
requires reconstruction of a program or pro- 
grams. 

checkpointing The writing of a computer program 
in such a manner that, during a program run, in- 
formation is frequently dumped as insurance 
against possible loss in the event of a system fail- 
ure. 

check problem A presolved problem used to check 
the operation of a digital computer or program. 

check register In some digital computers, a regis- 
ter in which transferred information is stored so 
that it can be checked against the same informa- 
tion as it is received a second time. 

check routine A special program designed to as- 
certain if a program or computer is operating cor- 
rectly. Also see CHECK PROBLEM. 

checksum Used as part of a summation check, a 
sum derived from the digits of a number. For ex- 
ample, the checksum of 23,335 is 16. Also called 
HASH TOTAL. 

check symbol For a specific data item, a digit or 
digits obtained by performing an arithmetic 
check on the item, which it then accompanies 
through processing stages for the purpose of 
checking it. 

check total See CONTROL TOTAL. 

check word A check symbol in the form of a word 
added to, and containing data from, a block of 
records. 

chelate Pertaining to cyclic molecular structure in 
which several atoms in a ring hold a central 
metallic ion in a COORDINATION COMPLEX. 

chemical deposition The coating of a surface with 
a substance resulting from chemical reduction of 
a solution. In mirror making, for example, 
formaldehyde reduces a solution of silver nitrate, 
and deposits metallic silver on the surface of pol- 
ished glass. Also see CHEMICALLY DEPOSITED 
PRINTED CIRCUIT and CHEMICAL REDUCTION. 

chemical detector See ELECTROLYTIC DETEC- 
TOR. 

chemical effect An alteration in the chemical 
makeup of a substance or solution, resulting 
from the passage of an electric current through it. 
Examples include electrolysis, electroplating, and 
the reduction of ores. 

chemical energy Energy that is stored in the 
chemical bonds of a material or solution. An ex- 
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ample is the stored energy in terms of watt hours 
in an electrolytic cell. 

chemical load An arrangement of a chemical ma- 
terial or device for the passage of electricity 
through it. Examples: electroplater, electrolytic 
cell for the production of hydrogen gas, and stor- 
age battery. 

chemically deposited printed circuit A printed 
circuit in which the pattern of metal lines and ar- 
eas are chemically deposited on a substrate. 

chemically pure Abbreviation, CP. Free from im- 
purities. 

chemical rectifier See ELECTROLYTIC CELL. 

chemical reduction The process of making a 
chemical compound (usually in solution) into a 
metal, by removing the nonmetallic component 
from the compound. For example, when copper 
oxide is heated in the presence of hydrogen (a re- 
ducting agent), the oxygen (the nonmetallic com- 
ponent) is driven out, and copper (along with 
some water) remains. 

chemical resistor See ELECTROLYTIC RESIS- 
TOR. 

chemical 
SWITCH. 

CHIL Abbreviation for current-hogging injection 
logic. A form of bipolar digital logic technology. 

chip. 1. An INTEGRATED CIRCUIT. 2. A small slab, 
wafer, or die of dielectric or semiconductor mate- 
rial, on which a subminiature component or cir- 
cuit is formed or deposited. 

chip capacitor A subminiature capacitor formed 
on a chip. 

chip resistor A subminiature resistor formed on a 
chip. 

chip tray A chad receptacle located at a card or pa- 
per tape punching site. 

Chireix-Mesny antenna A _ high-frequency (HF) 
beam antenna, in which each dipole section con- 
stitutes one side of a diamond. Cophased hori- 
zontal and vertical components of current flow in 
each of the diagonals, and radiation is broadside 
to the plane of the driven element. 


switch See ELECTROCHEMICAL 


Maximum 


an? 


Chireix-Mesny antenna 


Feed 
line 


chirp A rapid change in the frequency of a contin- 
uous-wave Morse-code signal. The chirp usually 
occurs at the beginning of each dot or dash, and 
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can go up or down in frequency. Chirp occurs be- 
cause of a change in the output impedance of an 
oscillator as it is keyed. Modern code transmitters 
do not exhibit significant chirp. 

chirp modulation A form of modulation in which 
the frequency of a signal is deliberately changed 
in a systematic way. Used in some radar systems. 

chirp radar A radar system that uses CHIRP MOD- 
ULATION. 

Chladni’s plates Conducting plates that are used 
to evaluate the nature of a vibration in a solid ma- 
terial. The plates are clamped to the material, and 
sand is sprinkled on the surface. This produces 
patterns that indicate the nature of the vibra- 
tions. 

chlorinated diphenyl A synthetic organic sub- 
stance used as an impregnant in some oil-filled 
capacitors. 

chlorinated naphthalene See HALOWAX. 

chlorine Symbol, Cl. A gaseous element of the 
halogen family. Atomic number, 17. Atomic 
weight, 35.453. 

choke 1. To restrict or curtail passage of a particu- 
lar current or frequency by means of a discrete 
component, such as a choke coil. 2. See CHOKE 
COIL. 

choke air gap_ A fractional-inch opening in the iron 
core of a filter choke, usually filled with wood or 
plastic. The gap prevents saturation of the core 
when the choke coil carries maximum rated di- 
rect current. 

choke coil 1. A large-value inductor that provides 
a high impedance to alternating current (ac), 
while offering virtually no opposition to direct 
current (dc). 2. In radio-frequency (RF) applica- 
tions, an inductor that provides a_ high 
impedance to RF signals while showing low 
impedance for audio-frequency (AF) signals and 
direct currents (dc). 

choke-coupled modulation An amplitude- 
modulation (AM) scheme, in which the modulator 
is coupled to the radio-frequency (RF) amplifier 
through a shared iron-core choke coil. 

choke flange At the end of a waveguide, a flange in 
which a groove forms a CHOKE JOINT. 

choke-input filter A filter whose input component 
is an inductor (choke). The choke-input power- 
supply filter is distinguished by its superior 
voltage regulation, compared with the 
CAPACITOR-INPUT FILTER. 

choke joint A joint connecting two waveguide sec- 
tions and permitting efficient energy transfer 
without requiring electrical contact with the in- 
side wall of the waveguide. 

chopped de See INTERRUPTED DC. 

chopped mode In a single-gun cathode-ray-tube 
(CRT) oscilloscope, a technique for sequentially 
displaying several signals that are not referenced 
to the oscilloscope sweep. 

chopped signal An ac or dc signal that is periodi- 
cally interrupted, as by means of a CHOPPER. 
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chopper A device or circuit that interrupts a direct 
current (dc) at some predetermined rate. Ideally, 
such a device is characterized by distinct on and 
off operation. 

chopper amplifier A circuit that amplifies the out- 
put of a CHOPPER. Used in conjunction with a 
CHOPPER CONVERTER in dc amplification. 

chopper converter A device that interrupts a di- 
rect current (dc), and changes it to a pulsating, 
rectangular-wave current or voltage that can be 
handled by a stable ac amplifier and rectified to 
supply amplified dc. 

chopper power supply Also called power inverter. 
A circuit that delivers high-voltage ac from a dc 
source. The input is typically 12 volts dc, and the 
output is usually 117 volts rms ac. These devices 
facilitate the use of small appliances such as 
computers, television sets, and communications 
radios in portable and mobile environments. The 
output of a low-cost power inverter is generally 
not a good sine wave. More sophisticated invert- 
ers produce good sine waves and have a fre- 
quency close to 60 Hz. 


117 V ac 
12V de 








Same, Step-up 
TIRED; transformer 


chopper power supply 
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chopper stabilization 1. Stabilization of direct- 
current (dc) amplification by using a CHOPPER 
CONVERTER ahead of a stable ac amplifier, and 
rectifying the amplifier output. 2. In a regulated 
power supply, use of a CHOPPER AMPLIFIER at 
the control-circuit input to improve regulation. 

chopper-stabilized amplifier See CHOPPER AMP- 
LIFIER and CHOPPER STABILIZATION, 1. 

chopper transistor A transistor that provides 
rapid and repeated on/off switching of direct cur- 
rent (dc), in the manner of an electromechanical 
interrupter. See CHOPPER. 

chopping frequency The frequency at which a 
chopper interrupts a signal. 

chord 1. A harmonious mixture of musical tones of 
various frequencies. 2. A straight line that joins 
two points on a curve (such as an arc of a circle). 
3. The width of an airfoil. 

chord organ An electronic organ that will sound a 
musical chord when a key is pressed (see 
CHORD, 1). 

choreographer program A computer program 
similar to one originally written by Charles Lecht 
of Lecht Sciences, Inc. The computer operator 
gives commands that cause a human form, por- 
trayed on the display screen, to make various 
movements. Used in animated computer graph- 
ics. 

chorus Signals at very low radio frequencies 
(VLF), natural in origin, that sweep upward in 
frequency. Believed to result from lightning- 
generated electromagnetic fields that circulate in 
the magnetosphere (earth’s magnetic field). The 
term is derived from the sound the signals make 
in high-gain audio-frequency (AF) amplifiers con- 
nected directly to VLF receiving antennas. 

Christiansen antenna A radio-telescope antenna 
for obtaining high resolution. Two straight arrays 
are placed at an angle, intersecting approxi- 
mately at their centers. The resulting interference 
pattern has extremely narrow lobes. 

Christmas tree A tree-like pattern on the screen of 
a television receiver, caused by loss of horizontal 
synchronization. 

chroma The quality of a color: hue and saturation. 

chroma circuit In color television, one of several 
circuits whose ultimate purpose is to produce a 
color component on the screen. 

chroma-clear raster In color television reception, 
the clear raster resulting from a white video sig- 
nal, or from operation of the chroma circuits of 
the receiver (as if they were receiving a white 
transmission). Also called white raster. 

chroma control In a color television receiver, a 
rheostat or potentiometer that permits adjust- 
ment of color saturation through variation of the 
chrominance-signal amplitude before demodula- 
tion. 

chromatic fidelity See COLOR FIDELITY. 

chromaticity 1. The state of being chromatic (see 
CHROMA). 2. A quantitative assessment of a 


color in terms of dominant or complementary 
wavelength and purity. 

chromaticity coordinate For a color sample, the 
ratio of any one of the three tristimulus values 
(primary colors) to the sum of the three. 

chromaticity diagram A _rectangular-coordinate 
graph in which one of the three CHROMATICITY 
COORDINATES of a three-color system is plotted 
against another coordinate. 

chromaticity flicker Flicker caused entirely by 
chromaticity fluctuation (see CHROMATICITY, 2). 

chromel A nickel-chromium alloy with some iron 
content, used in thermocouples. 

chromel-alumel junction A thermocouple that 
uses wires of the alloys chromel and alumel. 

chromel-constantan thermocouple A_ thermo- 
couple consisting of a junction between wires or 
strips of chromel and constantan. Typical output 
is 6.3 mV at 100°C. 

chrome plating The process of coating a metal 
with chromium. Generally protects against corro- 
sion. 

chrome recording tape Also called chrome tape or 
chromium tape. Tape that is manufactured from 
the compound chromium dioxide. Noted for its 
ability to faithfully record and reproduce music. 

chrominance In color television, the difference be- 
tween a reproduced color and a standard refer- 
ence color of the same luminous intensity. 

chrominance amplifier In a color television cir- 
cuit, the amplifier separating the chrominance 
signal from the total video signal. 

chrominance cancellation On a black-and-white 
picture tube screen, cancellation of the fluctua- 
tions in brightness caused by a chrominance sig- 
nal. 

chrominance-carrier reference In color televi- 
sion, a continuous signal at the frequency of the 
chrominance subcarrier; it is in fixed phase 
with the color burst and provides modulation 
or demodulation phase reference for carrier- 
chrominance signals. 

chrominance channel In color television, a circuit 
devoted exclusively to the color function, as op- 
posed to audio and general control channels. 

chrominance component In the NTSC color tele- 
vision systems, either of the components (I-signal 
or Q-signal) of the complete chrominance signal. 

chrominance demodulator In a color television 
receiver, a demodulator that extracts video- 
frequency chrominance components from the 
chrominance signal, and a sine wave from the 
chrominance subcarrier oscillator. 

chrominance gain control A rheostat or poten- 
tiometer in the red, green, and blue matrix chan- 
nels of a color television receiver, used to adjust 
the primary-signal amplitudes. 

chrominance modulator In a color television 
transmitter, a device that generates the chromi- 
nance signal from the I and Q components and 
the chrominance subcarrier. 
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chrominance primary One of the transmission 
primaries (red, green, and blue) upon which the 
chrominance of a color depends. 

chrominance signal The signal component in 
color television that represents the hues and sat- 
uration levels of the colors in the picture. 

chrominance subcarrier In color television, the 
3579.545-kHz signal that serves as a carrier for 
the I- and Q-signals. 

chrominance-subcarrier oscillator In a color tele- 
vision receiver, a crystal-controlled oscillator that 
generates the subcarrier signal (see CHROMI- 
NANCE SUBCARRIER). 

chrominance video signals Output signals from 
the red, green, and blue channels of a color tele- 
vision camera or receiver matrix. 

chromium Symbol, Cr. A metallic element. Atomic 
number, 24. Atomic weight, 51.996. Commonly 
used as a plating for metals to improve resistance 
to corrosion. 

chronistor An elapsed-time indicator in which 
current, flowing during a given time interval, 
electroplates an electrode. The duration of the 
interval is determined from the amount of de- 
posit. 

chronograph 1. An instrument that provides an 
accurate time base along the horizontal axis of its 
permanent record. 2. Stopwatch. 

chronometer A precision clock. Electronic chron- 
ometers often use a highly accurate and stable 
crystal oscillator, followed by a string of multivi- 
brators to reduce the crystal frequency to an au- 
dio frequency (such as 1 kHz) that drives the 
clock motor. 

chronoscope An instrument for precisely measur- 
ing small time intervals. 

CHU Call letters of the Canadian time-signal sta- 
tion whose primary frequency is 7.335 MHz. 

Ci Symbol for INPUT CAPACITANCE. 

CIE Abbreviation for International Commission on 
Illumination. 

cinching Ina reel of magnetic tape, the slipping of 
tape as force is applied. 

cinematograph See KINEMATOGRAPH. 

cipher A code used for the purpose of preventing 
interception of a message by third parties. 

cire 1. Abbreviation of circuit. 2. Abbreviation of 
circular. 

circle graph Also called a pie graph. A represen- 
tational device consisting of a disk subdivided 
into various triangular areas (radiating from the 
center of the circle), which are proportional to 
represented quantities. 

circle of confusion A circular image of a point 
source of light, resulting from an aberration in an 
optical system. 

circle of declination The graduated circular scale 
of a declinometer. 

circlotron amplifier A high-powered microwave 
amplifier of the one-port, cross-field, nonlinear 
type using a magnetron. 
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circuit 1. A closed path through which current 
flows from a generator, through various compo- 
nents, and back to the generator. (An electronic 
circuit is often a combination of interconnected 
subcircuits.) 2. The wiring diagram of an elec- 
tronic device or system. 

circuit analysis The careful determination of the 
nature and behavior of a circuit and its various 
parts. It can be theoretical, practical, or both. 
Compare CIRCUIT SYNTHESIS. 

circuit analyzer See CIRCUIT TESTER. 

circuit board A panel, plate, or card on which elec- 
tronic components are mounted and intercon- 
nected to provide a functional unit. 

circuit breaker A resettable fuse-like device that is 


designed to protect a circuit against overloading. 
In a typical circuit breaker, the winding of an 
electromagnet is connected in series with the load 
circuit and with the switch contact points. Exces- 
sive current through the magnet winding causes 
the switch to be opened. 





Load circuit 


Springs in series with coil 
|1|{ +4 
Power supply 
circuit breaker 
circuit capacitance The total capacitance 


(lumped, distributed, and stray) present in a cir- 
cuit. 

circuit capacity 1. The ability of a circuit to han- 
dle a quantity (such as current, voltage, fre- 
quency, power, etc.) safely and efficiently. 2. The 
maximum value of some parameter at which a 
circuit can function safely and efficiently (e.g., a 
circuit capacity of 50 A). 3. The number of chan- 
nels that can be accommodated simultaneously 
by a circuit. 

circuit component 1. Any of the electronic devices 
or parts (capacitors, resistors, transistors, etc.) 
that are connected through wiring to form a cir- 
cuit. 2. An electrical quantity required for, or 
arising from, circuit operation. Examples: input 
voltage, feedback current, stray capacitance, and 
circuit noise. 

circuit diagram A drawing in which symbols and 
lines represent the components and wiring of 
an electronic circuit. Also called CIRCUIT 
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SCHEMATIC, SCHEMATIC DIAGRAM, and 
WIRING DIAGRAM. 

circuit dropout A momentary interruption of cir- 
cuit operation, often caused by a break in the cir- 
cuit. 

circuit efficiency A quantitative measure of the 
effectiveness of circuit operation, customarily ex- 
pressed as the ratio of the useful output power to 
the total input power. 

circuit element See CIRCUIT COMPONENT, 1. 

circuit engineer An electronics engineer who spe- 
cializes in circuit analysis, circuit synthesis, or 
both. 

circuit fault 1. Malfunction ofa circuit. 2. An error 
in circuit wiring. 

circuit hole A perforation within the conductive 
area of a printed-circuit board, for the insertion 
and connection of a pigtail, terminal, etc., or for 
connecting the conductors on one side of the 
board with those on the other. 

circuit loading Intentionally or unintentionally 
drawing power from a circuit. 

circuit noise 1. Electrical noise generated by a cir- 
cuit in the absence of an applied signal. 2. In wire 
telephony, electrical noise as opposed to acoustic 
noise. 

circuit noise level The ratio of circuit-noise ampli- 
tude to reference-noise amplitude, expressed in 
decibels above the reference amplitude. 

circuit-noise meter A meter that measures the in- 
tensity of the noise generated within a circuit. 

circuit parameter See CIRCUIT COMPONENT, 2. 

circuit protection Automatic safeguarding of a 
circuit from damage from overload, excessive 
drive, heat, vibration, etc. Protection is afforded 
by various devices and subcircuits, ranging from 
the common fuse to sophisticated limiters and 
breakers. 

circuit reliability A quantitative indication of the 
ability of a circuit to provide dependable opera- 
tion as specified. See MEAN TIME BEFORE FAIL- 
URE and MEAN TIME BETWEEN FAILURES. 

circuitry 1. Collectively, electronic and electrical 
circuits. 2. A detailed plan of a circuit and its 
subcircuits. 3. Collectively, the components of a 
circuit. 

circuit schematic See CIRCUIT DIAGRAM. 

circuit simplification 1. In circuit analysis, the 
reduction of a complex circuit to its simplest rep- 
resentation to minimize labor and to promote 
clarity. Thus, through application of Kirchhoffs 
laws, a complicated circuit could theoretically be 
reduced to a single generator in series with a sin- 
gle impedance. 2. In circuit synthesis, the ar- 
rangement of a circuit so as to provide desired 
performance with the fewest components and 
least-complex wiring. 

circuit switching In telephony, a method of con- 
nection in which a single circuit is maintained be- 
tween two subscribers for the entire duration of 
the call. The signal path does not change. The 
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connection is maintained even during periods of 
silence (no data transmitted by either sub- 
scriber). Compare PACKET SWITCHING. 

circuit synthesis The development of a circuit un- 
der the guidance of theoretical or practical knowl- 


edge of basic electronics principles and 
component parameters. Compare CIRCUIT 
ANALYSIS. 


circuit tester An instrument for checking the per- 
formance of electronic circuits. Often consists of 
a specialized continuity tester, but occasionally it 
includes a dynamic performance tester. 

circuit tracking The alignment and/or pretuning 
of circuits for identical or optimum response. It 
applies especially to cascaded circuits, whose 
variable elements, such as tuned inductance- 
capacitance (LC) networks, must follow each 
other in step when ganged together. 

circular angle The angle described by a radius vec- 
tor as it rotates counterclockwise around a circle. 

circular antenna A half-wave horizontally polar- 
ized antenna, whose driven element is a rigid 
conductor bent into a circle with a break opposite 
the feed point. Also called halo antenna. Used pri- 
marily at very-high frequencies (VHF). 

circular electric wave An electromagnetic wave 
with circular electric lines of flux. An example is 
the field in the immediate vicinity of a CIRCULAR 
ANTENNA. 





Electric lines 
of flux 


Loop 
carrying ac 


circular electric wave 


circular functions Trigonometric functions of the 
angle described by a vector rotating counter- 
clockwise around a circle. Also see COSINE, 
COSECANT, COTANGENT, SECANT, SINE, and 
TANGENT. 

circular magnet See RING MAGNET. 

circular magnetic wave An electromagnetic wave 
in which the magnetic lines of flux are circular. 
An example is the field in the immediate vicinity 
of a straight-conductor antenna. 
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circular mil A unit of cross-sectional area equiva- 
lent to 0.785 millionths of a square inch, or the 
area of a circle having a diameter of 0.001 inch. 
Generally, the circular mil is used to specify the 
cross-sectional area of a conductor, such as wire. 

circular mil foot A unit of volume in which the 
length is 1 foot and the cross-sectional area is 1 
circular mil. 

circular polarization A form of electromagnetic- 
wave polarization in which the orientation of the 
electric flux rotates continuously and uniformly 
as the wave propagates through space. Circular 
polarization can occur in either a clockwise or 
counterclockwise sense. 

circular radian The angle enclosed by two radii of 
a unit circle and subtended by a unit arc. Equal 
to about 57.296 angular degrees. 

circular scan A radar scan in which the electron- 
beam spot describes a circle centered around the 
transmitting antenna. 

circular sweep In an oscilloscope, a sweep ob- 
tained when the horizontal and vertical sinu- 
soidal deflecting voltages have the same 
amplitude and frequency, but are out of phase by 
90 degrees (14 cycle). 

circular trace An oscilloscope pattern consisting 
of a circle obtained with a circular sweep of the 
electron beam. 

circular waveguide A waveguide with a circular 
cross section. 

circulating register In a digital computer, a regis- 
ter in which digits are taken from locations at one 
end and returned to those at the other end. 
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circulating tank current The alternating current 
that oscillates between the capacitor and induc- 
tor within a tank circuit. 

circulator A multi-terminal coupler in which mi- 
crowave energy is transmitted in a particular di- 
rection from one terminal to the next. 

circumvention In a security or alarm system, the 
evasion of detection. Can be done by physically 
avoiding regions of coverage, or by defeating the 
system electronically. 

cis A prefix meaning “on this side of.” For example, 
the cislunar field is the field on this side of the 
moon. 

Citizen Band Abbreviation, CB. A band of radio 
frequencies allocated for two-way communication 
between private citizens (apart from amateur and 
commercial services). 

Citizens Radio Service Two-way radio communi- 
cation in a CITIZEN BAND. In the United States, 
the FCC licenses users of this service without re- 
quiring them to take an examination. 

C/kg Abbreviation of coulombs per kilogram, the 
unit for electron charge-to-mass ratio. 

C/kmol Abbreviation of coulombs per kilomole, the 
unit for the Faraday constant. 

ekt Abbreviation of CIRCUIT. 

Cl Symbol for CHLORINE. 

el Abbreviation of CENTILITER. 

cladding The bonding of one metal to another to 
minimize or prevent corrosion. A common exam- 
ple is copper-clad steel wire, ideal for use in 
radio-frequency antenna systems. The copper 
provides excellent conduction, and the steel pro- 
vides high tensile strength with a minimum of 
wire stretching. 

clamper A device that restricts a wave to a prede- 
termined dc level. Also called DC RESTORER. 

clamping 1. Fixing the operation of a device at a 
definite dc level. Also see CLAMPER. 2. In televi- 
sion, establishing a fixed level for the picture sig- 
nal at the start of each scanning line. 

clamping circuit See CLAMPER. 

clamping diode A diode used to fix the voltage 
level of a signal at a particular reference point. 

clapper In a bell, the ball or hammer that strikes 
the bell; in an electric bell, it is affixed to the vi- 
brating armature. 

Clapp-Gouriet oscillator A Colpitts oscillator in 
which a capacitor is connected in series with the 
inductor. The circuit offers high frequency stabil- 
ity in the presence of input and output capaci- 
tance variations. 

Clapp oscillator A series-tuned hybrid Colpitts os- 
cillator, having a tuning capacitor in series with 
the inductor, rather than in parallel with the in- 
ductor. The circuit allows the use of a smaller 
tuning capacitor, resulting in improved stability. 

Clark cell See ZINC STANDARD CELL. 

class-A amplifier An amplifier whose bias is set at 
approximately the midpoint of the characteristic 
curve. Output electrode current flows during the 
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complete ac driving-voltage cycle. The input sig- 
nal never drives the device into the nonlinear por- 
tion of the characteristic curve. 

class-AB amplifier Either a CLASS-AB,; AMPLI- 
FIER or a CLASS-ABz AMPLIFIER. 

class-AB, amplifier An amplifier whose bias is ad- 
justed to a level between that of a class-A ampli- 
fier and that of a class-AB, amplifier. Output 
electrode current flows during the entire ac driv- 
ing-voltage cycle. The input signal drives the 
device into the nonlinear portion of the 
characteristic curve during part of the cycle. 

class-AB, amplifier An amplifier whose bias is ad- 
justed to a level between that of a class-AB; am- 
plifier and that of a class-B amplifier. Output 
electrode current flows during more than 50 per- 
cent, but less than 100 percent, of the input sig- 
nal cycle. 

class-AB modulator A modulator whose output 
stage is a class-AB, or class-AB» amplifier. 

class-A modulator A circuit for obtaining ampli- 
tude-modulated signals; essentially a class-A am- 
plifier with two inputs, one for the carrier and the 
other for the modulating signal. 

class-A operation The operation of a transistor, 
field-effect transistor, or vacuum tube, in which 
the collector, drain, or plate current flows during 
the entire signal cycle. 

class-B amplifier An amplifier whose bias is ad- 
justed to operate at the cutoff point in the charac- 
teristic curve. Output current flows during 
approximately 50 percent of the input signal cycle. 
Efficiency is higher than that of a class-A amplifier. 

class-B modulator A push-pull modulator whose 
output stage is a class-B amplifier. 

class-B operation The operation of a transistor, 
field-effect transistor, or vacuum tube, in which 
the collector, drain, or plate current flows for ap- 
proximately half the signal cycle. 


Clapp oscillator 
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class-C amplifier An amplifier whose input-elec- 
trode bias is adjusted for operation at a point 
considerably beyond cutoff. Output current flows 
during less than half of the input signal cycle. 
Such an amplifier requires comparatively high 
driving power, but is capable of excellent effi- 
ciency. Commonly used in continuous-wave 
(CW), amplitude-modulated (AM), and frequency- 
modulated (FM) radio transmitters. 

class-C operation The operation of a transistor, 
field-effect transistor, or vacuum tube, in which 
the collector, drain, or plate current flows for sig- 
nificantly less than half the signal cycle. 

class-D telephone A telephone restricted to use by 
emergency services, such as fire departments 
and guard alarm installations. 

classical electron radius Abbreviated rm. The 
quantity expressed as e?/(m.c?), where e is the 
electron’s charge in electrostatic units, m, is its 
rest mass, and c is the speed of light. The value 
Te is equal to approximately 2.82 x 107! cm or 
2.82 x 10°75 m. 

clean room A room for the assembly or testing of 
critical electronic equipment. The term is derived 
from the extraordinary steps taken to remove 
dust and other contaminating agents. The per- 
sonnel wear carefully cleaned garments (or dis- 
posable clothing), gloves, caps, and masks; in 
some situations, they are required to walk be- 
tween ceiling and floor ducts of a vacuum system 
upon entering the room. 

cleanup process In the process of electron tube 
evacuation, a technique used to remove residual 
and occluded gases from the vacuum apparatus 
and from the device being evacuated. 

clear 1. In computer operations, to restore a 
switching element (e.g., a flip-flop) or a memory 
element to its standard (e.g., zero) state. 2. In 
computer practice, an asynchronous input. 

clearance The distance between two live terminals, 
or between one live terminal and ground. 

clear band In optical character recognition, the 
part of a document that must remain unprinted. 

clear channel 1. A channel in the standard ampli- 
tude-modulation (AM) broadcast band that is des- 
ignated to only one station within the area covered 
by the signal from that station. 2. In television 
broadcasting, a channel for which there are no re- 
strictions on the nature of the programming. 

clear memory A function in a calculator or small 
computer that erases the contents of the mem- 
ory. 

clear raster The raster on the screen of a television 
picture tube in the absence of a signal, noise, or 
faulty beam deflection. 

cleavage In a crystalline substance, the quality of 
splitting along definite planes. Also, a fragment 
resulting from such a cleft. 

click filter See KEY-CLICK FILTER. 

click method An emergency technique for render- 
ing an electric current audibly detectable, by 
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making and breaking the circuit carrying the cur- 
rent to a headset or earphone. A single click re- 
sults from each make and each break. Also see 
TIKKER. 

click suppressor See KEY-CLICK FILTER. 

climate chamber A test chamber that provides ac- 
curately controlled temperature, humidity, and/or 
barometric pressure, for evaluating the perfor- 
mance of electronic components and circuits. Also 
called ENVIRONMENTAL TEST CHAMBER. 

climatometer An instrument incorporating a hy- 
grometer and bimetallic thermometer, whose dial 
pointers intersect to indicate comfort zones (best 
temperature-to-humidity ratio). 

clinometer An electromechanical device that mea- 
sures the steepness of a slope. When the device is 
level (horizontal), the output voltage is zero. If the 
device is tipped in one direction, a negative volt- 
age is produced; if it is tipped in the other direc- 
tion, a positive voltage is produced. The output 
voltage is proportional to the angle at which the 
device is tipped. Used in mobile robots. 

clip A pinch-type connector whose jaws are nor- 
mally held closed by a spring. 
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clipped-noise modulation Modulation of a jam- 
ming signal through clipping action to increase 
the sideband energy and resulting interference. 

clipper A circuit whose output voltage is fixed at a 
value for all input voltages higher than a prede- 
termined value. Clippers can flat-top the positive, 
negative, or both positive and negative peaks of 
an input voltage. 

clipper amplifier An amplifier operated so that the 
positive, negative, or both positive and negative 
peaks are clipped in the output signal. The clip- 
ping action results from feeding a regular sym- 
metric waveform into an amplifier so that on 
negative excursion extremes, the stage is cut off; 
on positive excursion extremes, the amplifier is 
driven into saturation. 

clipper limiter A device that delivers an output sig- 
nal whose amplitude range corresponds to input- 
signal voltages between two predetermined limits. 
It can be used as a noise limiter with an element or 
elements that clip all pulses whose amplitudes are 
greater than the signal being processed. 

clipping 1. Leveling off (flat-topping) a signal peak 
at a predetermined level. Also see CLIPPER. 2. In 
audio practice, the loss of syllables or words be- 
cause of cutoff periods in the operation of the cir- 
cuit (usually caused by overdriving a stage). 

clock Ina digital computer or controller, the device 
or circuit that supplies timing pulses to pace the 
operation of the system. 


clocked flip-flops A master-slave arrangement of 
direct-coupled flip-flops. Information entered into 
the master unit when the input-trigger pulse am- 
plitude is high is transferred to the slave unit 
when the amplitude is low. 

clock frequency In a digital computer or control, 
the reciprocal of the period of a single cycle, ex- 
pressed in terms of the number of cycles occur- 
ring in one second of time (hertz, kilohertz, or 
megahertz). 

clock generator A test-signal generator that sup- 
plies a chain of pulses identical to those supplied 
by the clock of a digital computer. 

clock module A complete plug-in or wire-in digital 
unit whose readout indicates time of day or 
elapsed time. Connected to a suitable power sup- 
ply, it serves as either a clock or timer. 

clock pulse A time-base pulse supplied by the 
clock of a digital computer, expressed as a period 
whose reciprocal is frequency. 

clock rate See CLOCK FREQUENCY. 

clock track On a magnetic tape or disk for data 
storage, a track containing read or write control 
(clock) pulses. 

clockwise Abbreviation, cw. Rotation in a right- 
hand direction around a circle, starting at the 
top. Compare COUNTERCLOCKWISE. 

clockwise-polarized wave An elliptically polarized 
electromagnetic wave whose electric-intensity 
vector rotates clockwise, as observed from the 
point of propagation. Compare COUNTER- 
CLOCKWISE-POLARIZED WAVE. 

clone A machine manufactured by a relatively un- 
known company that performs all the same func- 
tions, in basically the same way, as another 
machine manufactured by a well-known, major 
corporation. The term is used especially in refer- 
ence to computers and computer peripherals. Ifa 
device is compatible with a certain computer, 
then clones of that device are generally compati- 
ble with that computer. Also, the device is likely 
to be compatible with all clones of the computer. 

close coupling Also called tight coupling. In a 
transformer, the placement of the primary and 
secondary coils as close together as possible for 
maximum energy transfer. Compare LOOSE 
COUPLING. 

closed capacitance The value of a variable capaci- 
tor whose rotor plates are completely meshed with 
the stator plates. Compare OPEN CAPACITANCE. 

closed circuit A continuous unbroken circuit (i.e., 
one in which current can flow without interrup- 
tion). Compare OPEN CIRCUIT. 

closed-circuit cell A primary cell, such as the 
early gravity cell, designed for heavy and polar- 
ization-free service. 

closed-circuit communication Communication 
between units only within a defined, hard-wired 
system, not extending to other units or systems. 

closed-circuit security system An electronic se- 
curity or alarm system, consisting of subsystems 
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interconnected so that a disturbance anywhere in 
the circuit will result in an alarm signal pinpoint- 
ing the location of the disturbance. 

closed-circuit signaling Signaling accomplished 
by raising or lowering the level of a signaling cur- 
rent flowing continuously in a circuit. 

closed-circuit television Abbreviation, CCTV. A 
usually in-plant television system, in which a 
transmitter feeds one or more receivers through a 
cable. 

closed core A magnetic core generally constructed 
in an “O” or “D” configuration to confine the mag- 
netic path to the core material. Compare OPEN 
CORE. 

closed-core choke A choke coil wound on a 
CLOSED CORE. Also called CLOSED-CORE IN- 
DUCTOR. 





closed-core choke 


closed-core transformer A transformer wound on 


a CLOSED CORE. 


Laminated core 


Primary Secondary 


closed-core transformer 


closed loop 1. The feedback path in a self-regulat- 
ing control system. An oscillator, for example, is a 
closed-loop amplifier. 2. A loop within a program 
that would continue indefinitely, except for an ex- 
ternal exit command. 

closed-loop bandwidth The frequency at which 
the gain of a closed-loop circuit (see CLOSED 
LOOP, 1) drops 3 decibels from the direct-current 
or midband value. 

closed-loop control system A control system in 
which self regulation is obtained by means of a 
feedback path (see CLOSED LOOP). An example 
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is a voltage regulator, in which a rise in output 
voltage is fed back to the input. This changes the 
input voltage and reduces the output voltage to 
its correct value. Compare OPEN-LOOP CON- 
TROL SYSTEM. 

closed-loop input impedance The input imped- 
ance of an amplifier that has feedback. 

closed-loop output impedance The output im- 
pedance of an amplifier that has feedback. 

closed-loop voltage gain The voltage gain of an 
amplifier that has feedback. 

closed magnetic circuit A magnetic circuit in 
which the flux is uninterrupted, as in a ferromag- 
netic core, which has no air gap. Also see 
CLOSED CORE. 

closed subroutine In a digital computer program, 
a subroutine that can be accessed and left by 
branch instructions, such as GOSUB and RE- 
TURN in the high-level language BASIC. 

close-spaced array A beam antenna in which the 
elements (radiator, director, and reflector) are 
spaced less than a quarter-wavelength apart. 

close-talk microphone A microphone that must 
be placed close to the mouth. Such a microphone 
is less susceptible to background noises than an 
ordinary microphone, and is useful in environ- 
ments where the ambient noise level is high. 

closing rating A specification for closure condi- 
tions in a relay, including duty cycle and contact 
life (total guaranteed closures before contact 
failure). 

closure 1. The act of closing or being closed (e.g., 
switch closure or relay closure). 2. Circuit com- 
pletion (i.e., the elimination of all discontinuities). 

cloud The mass of electrons constituting the space 
charge in a vacuum tube. 

cloverleaf antenna An omnidirectional transmit- 
ting antenna in which numerous horizontal, 
four-element radiators (stacked vertically, a quar- 
ter-wavelength apart) are arranged in the shape 
of a four-leaf clover. 

C/L ratio See LC RATIO. 

clutter Extraneous echoes that interfere with the 
image on a radar display. 

clutter gating In radar operations, a switching 
process that causes the normal video to be dis- 
played in regions free of clutter, and the video in- 
dicating target movement to be displayed only in 
cluttered areas. 

Cm Symbol for CURIUM. 

em Abbreviation of CENTIMETER. 

e.m. Abbreviation of CIRCULAR MIL. 

em? Abbreviation of square centimeter. 

em® Abbreviation of cubic centimeter. 

Cnax Abbreviation of maximum capacitance. 

C meter See CAPACITANCE METER. 

Chin Abbreviation of minimum capacitance. 

CML Abbreviation of CURRENT-MODE LOGIC. 

CMOS Abbreviation of COMPLEMENTARY METAL- 
OXIDE SEMICONDUCTOR. 

CMR See COMMON-MODE REJECTION. 
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CMRR See COMMON-MODE REJECTION RATIO. 

CMV See COMMON-MODE VOLTAGE. 

C network A circuit with three impedances con- 
nected in series, the free leads being connected to 
a pair of terminals and the two internal junctions, 
to another pair of terminals. 

Co Symbol for COBALT. 

C, Symbol for OUTPUT CAPACITANCE. 

coalesce In computer operations, to create one file 
from several. 

coarse adjustment Adjustment of a quantity in 
large increments. Compare FINE ADJUSTMENT. 

coarse-chrominance primary See Q@ SIGNAL. 

coastal bending A change in the horizontal direc- 
tion of a line-of-sight radio wave when it crosses a 
coastline. 

coast station In the Maritime Mobile Radio Ser- 
vice, a land station that communicates with ship- 
board stations. 

coating 1. The application of a substance to an- 
other substance by means of electroplating, elec- 
trophoresis, or similar process, for the purpose of 
protecting the material, isolating it from the envi- 
ronment, or improving the conductivity of an 
electrical connection to some other object. 2. The 
magnetic material on a recording tape. 3. In a 
computer system, the magnetic material on a 
magnetic diskette or hard disk. 

coating thickness On magnetic tape or magnetic 
disks, the depth of the magnetic coating applied 
to the base. 

coax Abbreviation of COAXIAL CABLE or COAXIAL 
LINE. 

coaxial antenna A half-wave vertical antenna that 
is center-fed by coaxial cable. The cable runs up- 
ward through a J4-wave section of tubing that 
composes the lower half of the antenna. The 
outer conductor of the cable is connected to this 
tubing through a shorting disk at the top. The in- 
ner conductor of the cable is connected to a 14- 


1/4-wave radiator 





connected to center conductor 


1 /4-wave sleeve 
vonnected to braid 


Coaxial line 
to radio 


coaxial antenna 
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wave vertical radiator that is insulated from, and 
that extends upward from the top of, the lower 
section. 

coaxial cable An unbalanced cable consisting of 
two concentric conductors: an inner wire and an 
outer, braided sleeve. The inner and outer con- 
ductors are separated by a dielectric, usually 
solid or foamed polyethylene. The outer conduc- 
tor is generally grounded while the inner conduc- 
tor carries the signals. This cable is used in 
community-antenna television (CATV) networks, 
and as a transmission line connecting antennas 
to radio transmitters, receivers, and transceivers 
at low, medium, high, and very-high frequencies. 
It is also used in some high-fidelity sound sys- 
tems—especially to connect microphones, com- 
pact-disc players, tape players, tuners, and 
speakers to audio amplifiers. 


i =—— 


coaxial cable 
(From left to right: insulating jacket, 
woven outer conductor, low-loss insulating 
sleeve, inner conductor.) 


Characteristics of 
prefabricated coaxial transmission lines. 


Characteristic 
impedance, Velocity Outside Picofarads 
Type (ohms) factor — dia. (in.) per foot 
RG-8/U 52 0.66 0.41 29.5 
RG-9/U 51 0.66 0.42 30.0 
RG-11/U 75 0.66 0.41 20.6 
RG-17/U 52 0.66 0.87 29.5 
RG-58/U 54 0.66 0.20 28.5 
RG-59/U 73 0.66 0.24 21.0 
RG-174/U 50 0.66 0.10 30.8 
hard line 50 0.81 0.50 25.0 
(*h-inch) 715 0.81 0.50 16.7 
hard line 50 0.81 0.75 25.0 
(/a-inch) 715 0.81 0.75 16.7 


coaxial capacitor 1. A somewhat uncommon, but 
highly effective, capacitor that uses two telescop- 
ing sections of tubing. It works because there is a 
certain effective surface area between the inner 
and the outer tubing sections. A sleeve of plastic 
dielectric is placed between the sections of tub- 
ing. This allows the capacitance to be adjusted by 
sliding the inner section in or out of the outer sec- 
tion. Coaxial capacitors are especially useful in 
antenna systems for tuning and/or impedance 
matching. Their values are generally from a few 
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picofarads up to about 100 pF. 2. A short length 
of coaxial cable that is used as a capacitor rather 
than a transmission line because of the inherent 
capacitance between its center conductor and 
braid. See COAXIAL CABLE. 

coaxial cavity A cavity consisting of a cylindrical 
metal chamber housing a central rod. The cavity 
can be tuned to resonance by means of a piston. 

coaxial connector A device used to splice coaxial 
line or to connect a coaxial line to a transmitter, 
receiver, or other piece of apparatus. 





Male 


Female 


coaxial connector 


coaxial diode A semiconductor diode housed in a 
cylindrical metal shell acting as one contact, and 
provided with a recessed, concentrically mounted 
end pin, which serves as the other contact. 

coaxial driver See COAXIAL SPEAKER. 

coaxial filter 1. A filter that uses a coaxial cable as 
a tuned circuit. 2. A filter designed to be used in 
a coaxial transmission line. 

coaxial jack A female receptacle or connector, 
whose concentric terminals have the same spac- 
ing as a male coaxial-cable connector designed to 
fit it. 

coaxial line A signal transmission line consisting 
of COAXIAL CABLE. 

coaxial-line frequency meter A microwave ab- 
sorption wavemeter (see WAVEMETER) with in- 
put and output receptacles for insertion into a 
coaxial line. 

coaxial-line oscillator See CONCENTRIC-LINE 
OSCILLATOR. 

coaxial loudspeaker See COAXIAL SPEAKER. 

coaxial plug A male connector whose concentric 
terminals have the same spacing as a female 
coaxial cable connector designed to fit it. 

coaxial receptacle A coaxial connector, such as a 
coaxial jack or plug. Receptacles are installed in 
equipment, whereas plugs are usually attached 
to the end of coaxial cables. 

coaxial relay A relay designed to connect and dis- 
connect, or to interchange, coaxial cables in a 
transmission line without disturbing the charac- 
teristic impedance of the line. 

coaxial speaker Also called coaxial driver and coax- 
ial loudspeaker. A large low-frequency speaker 
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and a small high-frequency speaker mounted 
concentrically, the smaller within the larger. 
When used with a crossover network, this ar- 
rangement provides fairly good wide-range audio- 
frequency response, and saves physical space, 
compared with the use of separate speakers. 

coaxial stub 1. A length of coaxial cable acting as 
a branch to another coaxial cable. Commonly 
used for impedance matching. 2. A length of 
coaxial cable, usually cut to 1/4 or 1/2 wave- 
length, and connected across a coaxial transmis- 
sion line to act as a WAVETRAP. Commonly used 
to reject strong interfering signals. 

coaxial switch A switch designed to connect and 
disconnect, or to interchange, coaxial cables in a 
transmission line without disturbing the charac- 
teristic impedance of the line. 

coaxial tank A tank circuit consisting of a rod 
within a cylinder. The tank is usually tuned by a 
small variable capacitor connected between the 
rod and cylinder at one end of the combination. 
Generally used at ultra-high frequencies (UHF). 

coaxial-tank oscillator A stable, self-excited oscil- 
lator that uses a COAXIAL TANK. Also see 
CONCENTRIC-LINE OSCILLATOR. 

coaxial transistor A transistor in which a semi- 
conductor wafer is mounted centrally in a metal 
cylinder (the base connection) and is contacted 
on opposite faces by the emitter and collector 
whiskers, which are axially mounted. 

coaxial transmission line A transmission line 
that is a COAXIAL CABLE. 

coaxial wavemeter A type of absorption waveme- 
ter in which the tunable element is a section of 
coaxial line (i.e., a metal cylinder surrounding a 
metal rod). An internal short-circuiting disk is 
moved along the cylinder to connect its inner wall 
to selected points along the rod’s length, thereby 
varying the resonant frequency. The instrument 
is useful at microwave frequencies. 

cobalt Symbol, Co. A metallic element. Atomic 
number, 27. Atomic weight, 58.94. 

cochannel interference Interference between sim- 
ilar signals transmitted on the same channel. 

Cockcroft-Walton accelerator A proton accelera- 
tor in which nuclei of hydrogen atoms are given 
high velocity through a straight tube by a high dc 
voltage. 

codan Any of several muting (SQUELCH) systems. 
In particular, a squelch circuit that suppresses 
noise in a sensitive receiver equipped with auto- 
matic gain control (AGC). The receiver is quiet 
until a carrier of predetermined strength is re- 
ceived. The name is an acronym for carrier- 
operated device antinoise. 

codan lamp A lamp that alerts a radio operator 
that a signal of satisfactory strength is being re- 
ceived. Also see CODAN. 

code 1. A set of symbols for communications (e.g., 
the Morse code of radiotelegraphy and wire teleg- 
raphy in which dots and dashes correspond to 
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letters, numbers, and marks of punctuation). 2. 
In a computer program, symbolically represented 
instructions. 3. ENCODE. 

codec In encoding and decoding equipment, a 
coder/decoder, usually in a single package and 
operating at 8 kHz for an input signal with a 
passband of 3100 Hz (300 to 3400 Hz). 

code character 1. The representation of character 
in a particular code form. 2. A sequence of dots 
and dashes in the Morse code. 

code conversion The translation of a coded signal 
from one form of code to another. 

coded decimal digit A number expressed in bi- 
nary form (computer code), that is, in terms of ze- 
ros and ones only. 

code-directing characters Characters added to a 
message to indicate how and where it is going. 

coded program See PROGRAM. 

coded signal 1. A wire- or radiotelegraph signal in 
which secrecy is achieved by using letters in ci- 
pher groups, instead of straight language. 2. 
SCRAMBLED SIGNAL. 

coded stop See PROGRAMMED HALT. 

code elements The smallest identifiable parts that 
compose a digital code. For example, in computer 
code, the elements are ones and zeroes (high and 
low logic states); in Morse code, they are dots and 
dashes. 

code holes Ina punched card or tape, holes repre- 
senting data. 

code line A written computer program instruction. 

code machine Any one of several devices for 
recording or reproducing code signals. 

code position The part of a data medium (e.g., 
card row) reserved for data. 

code-practice oscillator A simple keyed audio os- 
cillator intended for practicing Morse code. 

coder 1. In computer operations, a person who 
prepares instructions from flow charts and proce- 
dures devised by a programmer. 2. A device that 
delivers coded signals. 

code receiver A radiotelegraph receiver. 

code ringing A method of ringing a telephone sub- 
scriber in a predetermined manner to convey a 
certain message. 

code segment The instruction part of computer 
storage associated with a process. Compare 
DATA SEGMENT and DUMP SEGMENT. 

code set The collection of codes representing all of 
the characters in a language. 

code speed See KEYING SPEED. 

code transmitter 1. A radiotelegraph transmitter. 
2. A tape-operated keyer for wire telegraphy or ra- 
diotelegraphy. 

code word See PHONETIC ALPHABET CODE 
WORD. 

coding 1. Performing the service of a CODER. 2. 
Writing instructions for a digital computer; a part 
of programming. 

coding check A pencil-and-paper verification of a 
routine’s validity. 
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coding sheet A form on which program instruc- 
tions are written prior to input. 

codiphase radar A radar system that uses beam 
forming, signal processing, and a phased-array 
antenna. 

codistor A voltage-regulating semiconductor de- 
vice. 

coefficient 1. A factor in an indicated product. 
Thus, in 4y, 4 is the coefficient of y. 2. A param- 
eter that indicates a specific characteristic of 
some component or device (e.g., COEFFICIENT 
OF COUPLING or COEFFICIENT OF REFLEC- 
TION). 

coefficient of coupling Symbol k. The ratio of MU- 
TUAL INDUCTANCE between two inductors to 
the maximum possible (theoretical) value of mu- 
tual inductance. This ratio is always greater than 
or equal to O (no coupling between inductors), 
and less than or equal to 1 (perfect coupling be- 
tween inductors). 

coefficient of current detection See CURRENT- 
DETECTION COEFFICIENT. 

coefficient of reflection A measure of the amount 
of electromagnetic field reflected in a transmis- 
sion line from the load feed point. The coefficient 
of reflection is equal to the square root of the re- 
flected power divided by the forward power. 

coercive force The demagnetizing force required 
to remove residual magnetism from a material. 

coercivity See COERCIVE FORCE. 

cogging Nonuniform rotation of a motor armature. 
The velocity increases as an armature coil enters 
the magnetic field and decreases as it leaves the 
field. 

coherence In electromagnetic radiation, a condi- 
tion in which all the wavefronts are in phase. This 
results in high energy concentration, and makes 
possible the long-distance transmission of in- 
frared, visible light, and ultraviolet, because the 
rays are almost perfectly parallel. It also makes 
possible the extreme radiation intensity charac- 
teristic of some LASER devices. 
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coherent bundle A bundle of optical fibers, such 
that the individual fibers are in the same relative 
positions at either end of the bundle. 

coherent carrier A carrier that agrees in frequency 
and phase with a reference signal. 

coherent electroluminescent device See LASER 
DIODE. 

coherent light Visible light in which the phase re- 
lationship between successive waves is such that 
the beam consists of parallel rays that provide a 
high concentration of energy. Also see LASER. 

coherent-light radar See COLIDAR. 

coherent oscillator In a radar system, an oscilla- 
tor that provides a COHERENT REFERENCE. 

coherent-pulse operation Pulse operation charac- 
terized by a fixed phase relationship between 
pulses. 

coherent radiation Radiation characterized by 
COHERENCE. 

coherent reference A stable reference frequency 
with which other signals are phase locked for co- 
herence. 

coherent transponder A transponder in which the 
frequency and phase of the input and output sig- 
nals have a fixed relationship. 

coil A long conductor or group of conductors wound 
into a tight helical package, often in several layers 
on a cylindrical form. This takes advantage of the 
resulting concentration of magnetic flux, maximiz- 
ing the inductance that can be obtained in a com- 
ponent of limited physical size. Further increases 
in inductance can be realized by the use of ferro- 
magnetic core materials. See also INDUCTOR. 

coil antenna See LOOP ANTENNA. 

coil checker An alternating-current (ac) meter or 
simple bridge for checking inductors. Such in- 
struments usually only indicate inductance val- 
ues, but some list readings of resistance or 
approximate inductor Q factor. 

coil dissipation The power wasted in a coil as 
heat. Generally, this dissipation or loss is propor- 
tional to the resistance of the coil, and to the 
square of the current passing through the coil. 

coil form The insulating support around which an 
air-core coil is wound. 

coil loading The insertion of one or more inductors 
into a transmission line or antenna element, for 
the purpose of impedance matching, alteration of 
the resonant frequency, or both. 

coil magnification factor The Q factor of an in- 
ductor. Generally given by the ratio X,/R,, where 
X, is the inductive reactance of the coil in ohms, 
and R, is the resistance of the coil in ohms. 

coil neutralization See INDUCTIVE NEUTRALIZA- 
TION. 

coil resistance The resistance of a coil (inductor), 
as distinct from its reactance. It is almost entirely 
the result of ohmic loss in the wire from which 
the coil is manufactured. 

coilshield A metal can designed to provide efficient 
electrostatic and electromagnetic shielding of a 
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coil, preventing unwanted inductive coupling to 
other components. 

coincidence The simultaneous occurrence of two 
or more signals. Compare ANTICOINCIDENCE. 

coincidence amplifier An amplifier that delivers 
an output signal only when two or more input sig- 
nals occur simultaneously. 

coincidence circuit See AND CIRCUIT. 

coincidence counter A circuit or device, such as a 
gate, that delivers an output pulse only when two 
or more input pulses occur simultaneously; the 
output pulses go to a device that counts them. 

coincidence detector See AND CIRCUIT. 

coincidence gate See AND GATE. 

coincident-current selection Selection of a mag- 
netic core (in a core memory or similar device) by 
applying two or more currents simultaneously. 

coin shooting Searching for coins and similar 
small, buried metallic objects using a METAL LO- 
CATOR. 

coke A porous material obtained from the de- 
structive distillation of coal. It is valued for the 
production of carbon components for electron- 
ics, such as dry-cell electrodes and motor 
brushes. 

cold 1. Pertaining to an electrical circuit, compo- 
nent, or terminal that is at ground potential. 2. A 
term denoting a bad solder joint. 3. Pertaining to 
an unheated electrode or element. See COLD 
CATHODE. 

cold alignment The alignment of a tracking sys- 
tem (especially of its tuned circuits) when the sys- 
tem is not in operation, as when transistor power 
is off. Also called QUIET ALIGNMENT. 

cold cathode 1. In an electron tube, a cathode that 
emits electrons without being heated. 2. A cath- 
ode electrode operated at a temperature below 
ambient temperature. 

cold chamber An enclosure in which electronic 
equipment can be tested at selected, precise low 
temperatures. Compare OVEN. 

cold flow The (usually gradual) change in the di- 
mensions of a material, such as plastic in a 
molded part. 

cold junction Ina thermocouple system, an auxil- 
iary thermocouple connected in series with the 
hot thermocouple, and immersed in ice or oper- 
ated at ambient temperature. 

cold light Light produced without significant heat, 
as from the ionization of a gas by a high voltage 
(as in neon bulbs and fluorescent lamps), or by 
electroluminescence, bioluminescence, cathodo- 
luminescence, or a similar phenomenon. 

cold pressure welding Welding sometimes used in 
the fabrication of electronic equipment, in which 
the metal parts to be joined are pressed together 
tightly to the point of deformation, whereupon 
they become welded. 

cold resistance The resistance of an unheated 
electronic component. Compare HOT RESIS- 
TANCE. 
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cold rolling A method of manufacturing an induc- 
tor core so that the magnetic grains are all ar- 
ranged lengthwise. 

cold solder joint A solder joint in which insuffi- 
cient heat has been applied, resulting in a bad 
connection. 

cold spot 1. An area of a circuit or component 
whose temperature is ordinarily lower than that 
of the surrounding area. 2. A node of current or 
voltage. Compare HOT SPOT. 

cold weld A welded joint produced by means of 
COLD PRESSURE WELDING. 

colidar An optical radar system using unmodu- 
lated, coherent (laser-produced) light. The term is 
an acronym for coherent light detection and 
ranging. 

collate In data processing, to produce an ordered 
set from two or more similarly ordered sets (as 
punched cards). 

collator In a punched-card system, a device that 
collates (see COLLATE) punched cards. 

collector 1. In a bipolar transistor, the electrode 
toward which emitted current carriers travel. 2. 
In a Klystron, the final electrode toward which 
electrons migrate after passing through the 
buncher and catcher. 3. In an iconoscope, a 
cylindrical electrode around the circumference of 
the tube, which gathers and conducts away the 
electrons released by the mosaic. 4. The final (tar- 
get) electrode in a backward-wave or traveling- 
wave tube. 5. A computer program segment that 
collates compiled segments so that they can be 
loaded into the computer. 

collector capacitance 1. Symbol, Cc. The capaci- 
tance of the collector junction in a bipolar tran- 
sistor. 2. The capacitance of the collector 
electrode in a Klystron, iconoscope, backward- 
wave tube, or traveling-wave tube. 

collector current 1. Symbol, Ic. The current flow- 
ing in the collector circuit of a bipolar transistor. 
Also see AC COLLECTOR CURRENT and DC 
COLLECTOR CURRENT. 2. Current flowing in 
the collector circuit of a Klystron, iconoscope, 
backward-wave tube, or traveling-wave tube. 

collector-current cutoff See COLLECTOR CUT- 
OFF. 

collector cutoff In a bipolar transistor, the condi- 
tion in which the collector current is cut off (i.e., 
reduced to the residual value). Also see CUTOFF 
CURRENT. 

collector cutoff current See CUTOFF CURRENT. 

collector-diffusion isolation A method of mak- 
ing integrated circuits that contain bipolar 
transistors. Provides electrical separation of 
the transistors in a semiconductor integrated 
circuit. 

collector dissipation Symbol, Po. In a bipolar 
transistor, the power dissipation of the collector 
electrode. The collector dc power dissipation is 
the product of collector current and collector volt- 
age: Po = Vole. 
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collector efficiency In a bipolar transistor circuit, 
the ratio of ac power output to dc collector-power 
input. 

collector family For a bipolar transistor, a group 
of collector current versus collector voltage 
curves. Each is plotted for a particular value of 
base current (common-emitter circuit) or emitter 
current (common-base circuit). 


Various 
values 
of 
base 
voltage 
or 
current 
(Ep or 
Tp) 


Collector current 








Ec 
Collector voltage 


collector family 


collector junction In a bipolar transistor, the 
junction between collector and base layers. 

collector mesh In a cathode-ray storage tube, a 
flat, fine wire screen that attracts and conducts 
away the secondary electrons knocked out of the 
storage mesh by the electron beam. 

collector multiplication In a bipolar transistor, 
an increase in the number of electrons at the col- 
lector electrode, caused by a momentary alter- 
ation of the charge density of the collector 
junction by injected carriers reaching the junc- 
tion. 

collector resistance In a bipolar transistor, the in- 
ternal resistance of the collector junction. See AC 
COLLECTOR RESISTANCE and DC COLLECTOR 
RESISTANCE. 

collector ring 1. A rotating, brush-contacted ring 
electrode connected to one end of a coil in an ac 
generator. 2. A similar ring which, with a brush, 
serves as a connection to a rotating element, as in 
a signal-gathering system. 3. The collector elec- 
trode in an iconoscope. 

collector transition capacitance The capacitance 
between the collector and base of a bipolar tran- 
sistor under normal operating conditions. This 
capacitance has a limiting effect on the operating 
frequency of a bipolar device. 

collector voltage Symbol, Vc. In a bipolar transis- 
tor, the voltage on the collector electrode. See AC 
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COLLECTOR VOLTAGE and DC COLLECTOR 
VOLTAGE. 

collimated rays Electromagnetic waves made par- 
allel or nearly parallel. This can be done by 
means of a reflector, a lens, or a laser. 

collimation 1. The process of rendering electro- 
magnetic rays parallel. 2. Adjustment of the line 
of sight of an instrument, such as a level or tran- 
sit. 

collimation equipment 
ment. 

collimator A device for producing parallel rays of 
light or other radiation. In electronics, the most 
common example is a dish antenna. 

collinear antenna A broadside directional antenna 
consisting of two or more half-wave radiators; 
the current is kept in phase in each section by 
quarter-wave stubs between each radiating sec- 
tion. The radiators are stacked end to end horizon- 
tally or vertically. Also called FRANKLIN ANTENNA. 

Collins coupler A single-section, pi-filter circuit, 
used to match a radio transmitter to a wide range 
of antenna impedances. Also called pi coupler and 
Collins network. 

collodion A viscous solution of pyroxylin and a 
solvent (such as acetone, alcohol, or ether) some- 
times used as a binding agent for coils and other 
components. 

cologarithm Abbreviation, colog. The logarithm of 
the reciprocal of a number; colog x = log (1/x) = 
log x1 = -log x. 

color A perceived characteristic, and a direct func- 
tion, of visible-light wavelength. Seen by the hu- 
man eye as a spectrum of hues, ranging from red 
at the longest visible wavelengths, through or- 
ange, yellow, green, blue, indigo, and finally violet 
at the shortest visible wavelengths. See HUE. 

coloration In audio applications, a blending of 
sounds as a result of mixing among components 
at different frequencies. Sometimes this is done 
deliberately; in other instances, it is undesirable. 

color balance Ina color television receiver, adjust- 
ment of the beam intensities of the individual 
guns of a three-gun picture tube. Compensates 
for the difference in light emissivity of the red, 
green, and blue phosphors on the tube screen. 

color bar-dot generator A radio-frequency (RF) 
signal generator that produces a bar or dot pat- 
tern on the screen of a color television picture 
tube. Used for testing and alignment. 

color-bar pattern A color television test pattern of 
vertical bars—each of a different color. 

color breakup A transient separation of a color 
television picture into its red, green, and blue 
components, as a result of a sudden disturbance 
of viewing conditions (blinking of eyes, moving of 
head, intermittent blocking of screen, etc.). 

color burst As a phase reference for the 3.579545- 
MHz oscillator in a color television receiver, ap- 
proximately nine cycles of the chrominance 
subcarrier added to the back porch of the hori- 


Optical-alignment equip- 
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zontal blanking pedestal in the composite color 
signal. 

color carrier See CHROMINANCE SUBCARRIER. 

colorcast A color television broadcast. 

color code 1. A system that uses colored stripes or 
dots to mark the nominal values and other char- 
acteristics on capacitors, resistors, and other 
components. 2. A code that represents the vari- 
ous frequencies being used by radio-control mod- 
elers in competition, and used on flags attached 
to transmitters, for example, as a safeguard 
against jamming. 

color coder See COLOR ENCODER. 

color contamination In a color television system, 
faulty color reproduction resulting from incom- 
plete separation of the red, green, and blue chan- 
nels. 

color-coordinate transformation In a color televi- 
sion system, the computation (performed electri- 
cally in the system) of the tristimulus (primary) 
values with reference to one set of primaries, from 
the same colors derived from another set of pri- 
maries. 

color depth An expression for the extent to which 
an image can accurately render color. Generally 
expressed in bits or in number of colors. Some 
systems can reproduce millions of different colors. 

color-difference signal Designated B-Y, G-Y, and 
R-Y. The signal resulting from reducing the am- 
plitude of a color signal by an amount equal to 
the luminance-signal amplitude. Also see B-Y 
SIGNAL, G-Y SIGNAL, and R-Y SIGNAL. 

color dot 1. A phosphor spot on the screen of a 
color television picture tube. 2. One of the spots 
stamped on a capacitor, indicating the capaci- 
tance, voltage, and tolerance (see COLOR CODE, 
1). 3. Aspot stamped on a resistor, indicating the 
number of zeros to be added to the value indi- 
cated by the color bands. 

color edging Ina color television picture, an aber- 
ration consisting of false color at the boundaries 
between areas of different color. 

color encoder Ina color television transmitter, the 
circuit or channel in which the camera signals 
and the chrominance subcarrier are combined 
into the color-picture signal. 

color equation A mathematical means of deter- 
mining the resultant color obtained by adding 
primary colors in various proportions. 

color fidelity The faithfulness with which a color 
television system, lens, or film reproduces the 
colors of a scene. 

color filter A transparent plate or film that trans- 
mits light of a desired color, and eliminates or at- 
tenuates all other colors. 

color flicker Ina color television system, image in- 
stability that occurs when the luminance and 
chromaticity both fluctuate. 

color fringing In a color television picture, false 
color around objects, sometimes causing them to 
appear separated into different colors. 
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color generator A special radio-frequency (RF) sig- 
nal generator to adjust or troubleshoot a color 
television receiver. The color signals it delivers 
are identical to those produced by a broadcast 
station. 

color graphics Computer graphics displayed in 
color on a cathode-ray tube (CRT) or liquid- 
crystal display (LCD). 

colorimeter A device used to quantitatively mea- 
sure the color intensity of a sample relative to a 
standard. 

colorimetric A characteristic of visible light, repre- 
senting the wavelength concentration. Refers to 
the perceived color of a light beam. 

colorimetry The science and art of color measure- 
ment. 

color killer In a color television receiver, a circuit 
that, in the absence of a color signal, delivers a 
negative bias to cut off the bandpass amplifier. 

color match In photometry, the condition in which 
color agreement exists between the halves of an 
area. Also see COLOR MATCHING. 

color matching The art of selecting colors that are 
identical in hue, saturation, and brilliance. This 
can be done with the unaided eye or with the help 
of an instrument. 

color media Substances that transmit essentially 
one color of visible light while blocking other col- 
ors. 

color meter A photoelectric instrument for mea- 
suring color values, and comparing and matching 
colors. 

color mixture An additive combination of two or 
more colors. Thus, red + yellow = orange, blue + 
red = violet, red + blue + green = white, etc. 

color oscillator The oscillator in a color television 
receiver that coordinates the color response. This 
oscillator is operated at 3.579545 MHz, to within 
plus or minus 10 Hz. 

color palette Ina color video image, the total num- 
ber of possible colors that can be displayed. 

color phase In color television, the phase differ- 
ence between an I or Q chrominance primary sig- 
nal and the chrominance carrier reference. 

color-phase diagram In color television, a quad- 
rant diagram showing (for each of the three pri- 
mary and complementary colors) the difference in 
phase between the color-burst signal and the 
chrominance signal, as well as the peak ampli- 
tude of the chrominance signal. Also shown are 
the peak amplitude and polarity of both in-phase 
and quadrature components required for the 
chrominance signals. For color TV receiver ad- 
justment, the color-phase diagram is displayed, 
in effect, by a VECTORSCOPE when a suitable 
signal from a color generator is applied to the re- 
ceiver. 

color picture signal 1. In color television and/or 
computer graphics, an electrical signal contain- 
ing components corresponding to the hue, satu- 
ration, and brilliance of a fixed or changing visual 
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image. 2. In color television, the combination of 
chrominance and luminance signals minus 
blanking and sync signals. 

color picture tube A specialized type of cathode- 
ray tube (CRT), used in color television receivers 
and computer displays. Three different images 
are produced: one in red, one in blue, and one in 
green. The three monochrome images are com- 
bined to form a complete color image. 

color primaries 1. Also called additive primaries or 
primary colors. In color television, the hues red 
(R), green (G), and blue (B). When these colors are 
mixed in various ratios, any visual color can re- 
sult. 2. Also called subtractive primaries or pri- 
mary pigments. In color printing, the hues 
magenta (M), cyan (C), and yellow (Y). These 
roughly correspond to red (R), blue (B) and yellow 
(Y). Sometimes black (K) is also included. When 
these pigments are mixed in various ratios, any 
visual pigment can result. 

color purity The ratio of wanted to unwanted com- 
ponents in a color. In a pure color, there are no 
components other than those required to produce 
the color. Color, in this context, includes white, 
black, and all shades of gray. 

color-purity magnet A permanent magnet on the 
neck of a color television picture tube, used to 
help ensure color purity by maintaining proper 
displacement of the electron beam. 

color registration In color television reception, the 
precise superimposition of red, green, and blue so 
that the composite is free from COLOR EDGING. 

color rendering index A mathematical expression 
defining the effect of the color of a light source on 
an object. For example, in red light, a blue object 
appears nearly black. 

color sampling rate The number of times per sec- 
ond that each primary color is sampled in a color 
television receiver. 

color saturation A measure of the purity of a hue. 
The extent to which a hue is without a white com- 
ponent; 100% saturation indicates a complete 
absence of white. 

color sensing In machine vision systems, the abil- 
ity to distinguish between light of different wave- 
lengths. Usually done with red, green and blue 
color filters and three separate cameras. 

color sensitivity 1. The degree of which a photo- 
sensitive device, such as a photocell or camera 
tube, responds to various colors of light. 2. The 
degree to which photographic film responds to 
various colors of light. 

color signal See COLOR PICTURE SIGNAL. 

color spectrum The band of electromagnetic en- 
ergy containing visible light; it extends from red 
(at the longest wavelengths) to violet (at the short- 
est). Commonly measured in nanometers (nm), 
where 1 nm = 10° m. Also expressed in 
Angstroms, where 1 Angstrom = 107!° m = 0.1 
nm. In order of decreasing wavelength, the colors 
are red at 750 to 700 nm (7500 to 7000 
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Angstroms), orange, yellow, green, blue, indigo, 
and violet at 410 to 390 nm (4100 to 3900 
Angstroms). 

color subcarrier A modulated monochrome signal 
whose sidebands convey color information. 

color-sync signal See COLOR BURST. 

color system Also called RGB color model. A means 
of representing a color in terms of mathematical 
coordinates. This can be done in three dimen- 
sions because there are three COLOR PRI- 
MARIES. Each color primary is represented by an 
axis. Any COMPOSITE COLOR can be repre- 
sented by a unique vector. The relative amount of 
each color primary is given by the length of the 
composite-color vector components along each 
axis. 

color television Television in which the picture 
approximates natural color. It operates on the ba- 
sis of mixing three primary colors (red, blue, and 
green) of phosphors on the picture tube screen. 

color television receiver A television receiver de- 
signed to reproduce color pictures. 

color television signal The signal transmitted by 
a color television transmitter, containing all of the 
information needed to reproduce a complete, full- 
color, moving image. 

color transmission The television transmission of 
a picture in color. 

color triad On the screen of a color picture tube, 
one of the color cells, each of which contains one 
of the three phosphor dots: red, green, and blue. 

color triangle A triangle that can be inscribed ona 
chromaticity diagram to reveal the chromaticity 
range resulting from adding the three color pri- 
maries. 

color TV signal The complete signal (video, color, 
and sync components) required for transmitting a 
picture in color. 

color weather radar A computer-enhanced radar 
rendition of weather patterns, usually showing 
various intensities of precipitation as different 
colors. Commonly, areas of precipitation show up 
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as violet, blue, green, yellow, orange, and red, in 
order of increasing intensity. 

Colpitts oscillator A radio-frequency (RF) oscilla- 
tor that uses a single, untapped inductor. A com- 
bination of two fixed capacitors in series is 
connected in parallel with the inductor. The feed- 
back is controlled by the ratio of capacitances. A 
permeability-tuned coil or a roller inductor can be 
used to obtain variable-frequency operation. Sta- 
bility is enhanced when the output of the oscilla- 
tor is taken from the emitter or source portion of 
the circuit. To prevent the output signal from be- 
ing short-circuited to ground, an RF choke is con- 
nected in series with the emitter or source. 
Compare HARTLEY OSCILLATOR. 


Colpitts oscillator 


columbium Symbol, Cb. The former name of the 
metallic element niobium. Atomic number, 41. 
Atomic weight, 92.9064. 

column See CARD COLUMN. 

columnar graph A graphical presentation of data, 
in which the ordinates are represented by vertical 
columns whose height depends on the value. 
Commonly used in presentation graphics, but less 
common in analytical graphics. 

column binary Binary number representation on 
punched cards, wherein consecutive digits corre- 
spond to consecutive column punching positions. 

column speaker An acoustic speaker with a long 
cabinet, so that a large column of air is used for 
resonating or reinforcing purposes. This type of 
speaker radiates over a wide azimuth angle, while 
providing a narrow beam in the elevation plane. 

column split On a punched card machine, the de- 
vice for reading, as two separate characters or 
codes, two parts of a single column. 

COM 1. Abbreviation for communications port. 
2. Abbreviation for computer output on microfilm. 

coma An aberration that causes the beam spot on 
the screen of a cathode-ray tube to resemble a 
comet. 

coma lobes An aberration in the radiation or re- 
sponse pattern of a dish antenna that occurs 
when the radiating element is not exactly at the 
focal point of the reflector. When the directional 
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pattern is altered by moving the driven element, 
rather than turning the entire antenna, these 
lobes appear. 

comb amplifier An arrangement of several sharply 
tuned bandpass amplifiers whose inputs are con- 
nected in parallel and whose outputs are sepa- 
rate; the amplifiers separate various frequencies 
from a multifrequency input signal. The name is 
derived from the comb-like appearance of the re- 
sponse pattern of various output peaks displayed 
along a frequency-base axis. 

comb filter A selective device that passes several 
narrow bands of frequencies within a larger band, 
while rejecting frequencies in between the narrow 
bands. So called because its frequency-response 
curve resembles the teeth of a comb when ob- 
served on a spectrum analyzer. Also see COMB 
AMPLIFIER. 


Amplitude 


Frequency 
comb filter response 


comb generator 1. A signal generator that pro- 
vides outputs at evenly spaced frequencies. So 
called because, on a spectrum analyzer, its out- 
put looks like the teeth of a comb. 2. A transmit- 
ter with many spurious signals at its output. 

combination 1. A functional, usually stationary, 
installation consisting of two or more pieces of 
equipment. Examples: transmitter/receiver com- 
bination, motor/generator combination, and 
tuner/amplifier combination. 2. In mathematics, 
a selection of several factors from a group, with- 
out regard to order. Thus, from the group ABC, 
the three possible combinations are AB, AC, and 
BC. Compare PERMUTATION. 

combinational circuit Two or more basic logic cir- 
cuits, combined in such a way that the output 
state depends entirely on the input states. 

combination bridge A bridge that affords two or 
more classes of measurement, usually select- 
able by means of a function switch. Examples: 
capacitance-inductance bridge, and capacitance- 
resistance bridge. 

combination cable A cable that has conductors 
grouped in pairs, threes, quads, or similar ar- 
rangements. 

combination feedback See CURRENT-VOLTAGE 
FEEDBACK. 

combination microphone Two or more micro- 
phones combined into one unit. 
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combination speaker Two or more loudspeakers 
combined into one (e.g., a COAXIAL SPEAKER). 

combination tone An acoustic tone resulting from 
the combination of two other acoustic tones. If 
the original tones have frequencies f, and /f2 
(where fi is higher than /2), then the first-order 
combination frequencies are fi + f2 and fi - fa. 
Higher-order combination tones can result from 
mixing among the original tones and the first- 
order combination tones. 

combinatorial logic A form of digital logic, in 
which the output states depend on the input 
states, but on no other factor. 

combined head See READ-WRITE HEAD. 

combined reactance The net reactance (X) in a 
circuit, obtained by vectorially adding the induc- 
tive reactance (X,) and the capacitive reactance 
(XQ). 

combiner A circuit or device for mixing various sig- 
nals to form a new signal. Also see MIXER. 

combiner circuit In a color television camera, the 
circuit that combines the chroma and luminance 
with the sync. 

comeback A spurious response in a bandpass or 
band-rejection filter, at a frequency well above or 
below the passband or stopband. 

command _ 1. In computer operations, the group of 
selected pulses or other signals that cause the 
computer to execute a step in its program. 2. In- 
struction. 

command chain Part of a computer operation car- 
ried out independently as a series of input/ 
output instructions. 

command control In automation, electronic con- 
trol, and computer operations, the performance 
of functions in response to a transmitted signal. 

command destruct signal A signal for instigating 
the destruction of a missile in flight. 

command guidance system A system in which a 
guided missile and its target are both tracked by 
radar. 

command language A computer language made 
up of command operators. 

command link In a command guidance system, 
the section that transmits missile-steering com- 
mands. 

command network A radio communications net- 
work in which the chain of command is rigor- 
ously defined and followed. 

command reference The current or voltage to 
which a feedback signal is referenced in a control 
system or servomechanism. 

comment A statement written into a computer 
program for a documentation, rather than imple- 
mentation (e.g., to describe the purpose of a step 
or subroutine). 

comment field A record or file in which instruc- 
tions or explanations are given. 

commercial data processing A commercial 
(rather than industrial, scientific, or personal) ap- 
plication of data processing. 
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commercial-level security See LEVEL-2 SECU- 
RITY. 

commercial killer A usually remote-controlled, 
electronic relay for disabling a radio or television 
receiver during advertisements. 

commercial language A computer programming 
language for commercial applications (payroll, for 
example). 

common 1. Grounded. 2. Pertaining to a connec- 
tion shared by several different points in a circuit 
or system. 3. See COMMON GROUND. 

common area A computer storage area usable by 
several programs or segments within a program. 

common-base circuit A bipolar transistor circuit 
in which the transistor base is the common (or 
grounded) electrode. Also called grounded-base 
circuit. 

common battery 1. A battery shared by two or 
more different circuits or pieces of equipment. 2. 
In wire telephony, a central office battery that 
supplies the entire system. 

common-battery office In wire telephony, a cen- 
tral office that provides a common battery. 

common business-oriented language See COBOL. 

common-capacitor coupling The process of cou- 
pling one tuned circuit to another by means of a 
capacitor that is common to both circuits. 
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common-carrier fixed station A fixed radio sta- 
tion that provides public service. 

common-cathode circuit A tube circuit in which 
the cathode is the common (or grounded) elec- 
trode. Also called grounded-cathode circuit. 

common-channel interference Radio interference 
resulting from two stations transmitting on the 
same channel. It is characterized principally by 
beat-note (heterodyne whistle) generation, and 
suppression or capture of the weaker signal by 
the stronger one. 

common-collector circuit A  bipolar-transistor 
circuit in which the collector is the common (or 
grounded) electrode. Also called grounded-collec- 
tor circuit and EMITTER FOLLOWER. 

common communications carrier A communica- 
tions company authorized by the licensing agency 
to furnish public communications. 

common-component coupling See COMMON- 
CAPACITOR COUPLING, COMMON-INDUCTOR 
COUPLING, and COMMON-RESISTOR COU- 
PLING. 


common-drain circuit A field-effect transistor cir- 
cuit in which the drain terminal is the common 
(or grounded) electrode. Also called grounded- 
drain circuit and SOURCE FOLLOWER. 

common-emitter circuit A bipolar transistor cir- 
cuit in which the emitter is the common (or 
grounded) electrode. Also called grounded-emitter 
circuit. 

common-gate circuit A field-effect transistor cir- 
cuit in which the gate is the common (or grounded) 
electrode. Also called grounded-gate circuit. 

common-grid circuit A tube circuit in which the 
control grid is the common (or grounded) elec- 
trode. Also called grounded-grid circuit. 

common ground A single ground-point connection 
shared by several portions of a circuit. 

common impedance A single impedance shared 
by parts of a circuit. Because currents from the 
various parts flow through this impedance simul- 
taneously, coupling (desired or undesired) can 
occur between them. 

common-impedance coupling See COMMON- 
CAPACITOR COUPLING, COMMON-INDUCTOR 
COUPLING, and COMMON-RESISTOR COU- 
PLING. 

common-inductor coupling The process of cou- 
pling one tuned circuit to another by means of an 
inductor that is common to both circuits. 
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common language A language recognized by all 
the equipment in a data processing system. 

common logarithm Abbreviation, logjo. Also 
called base-10 logarithm. A logarithm in which 
the base number is 10. Also see LOGARITHM. 

common mode Pertaining to signals or signal 
components that are identical in amplitude and 
duration. 

common-mode characteristics In an operational 
amplifier, characteristics denoting amplifier per- 
formance when a common signal is applied to in- 
verting and noninverting inputs. 

common-mode gain The voltage gain of a differen- 
tial amplifier with a common-mode input. 

common-mode impedance input The impedance 
between ground and one of the inputs of a differ- 
ential amplifier. Compare COMMON-MODE IN- 
PUT IMPEDANCE. 

common-mode input capacitance In a differen- 
tial amplifier, the internal capacitance of the 
common-mode input circuit. 
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common-mode input circuit In a differential am- 
plifier, the input circuit between ground and the 
inputs connected together. 

common-mode input impedance In a differential 
amplifier, the open-loop impedance between 
ground and the inputs connected together. Com- 
pare COMMON-MODE IMPEDANCE INPUT. 

common-mode input signal A signal applied to 
the common-mode input circuit of a differential 
amplifier (i.e., to both inputs connected together). 
Compare COMMON-MODE SIGNAL. 

common-mode input voltage In a differential am- 
plifier, the maximum voltage that can be applied 
safely between ground and the inputs connected 
together. 

common-mode interference A form of interfer- 
ence that occurs across the terminals of a 
grounded system. 

common-mode rejection The extent to which a 
differential amplifier will reject a signal pre- 
sented simultaneously to both inputs in phase, 
or of two signals identical in amplitude, fre- 
quency, and phase applied separately to the two 
inputs. Also see COMMON-MODE REJECTION 
RATIO. 

common-mode rejection ratio In a differential 
amplifier, the extent to which the amplifier can- 
cels undesired signals. It is the ratio of the differ- 
ential gain to the common-mode gain. Also see 
COMMON-MODE REJECTION. 

common-mode signal The algebraic average of 
two signals applied simultaneously to the two 
ends of a balanced circuit, such as a differential 
amplifier. Compare COMMON-MODE INPUT SIG- 
NAL. 

common-mode voltage The part of the input that 
is common to both inputs of a differential ampli- 
fier circuit. It is quantitatively defined as the 
arithmetic mean of the voltages at the inputs. 

common-mode voltage gain See COMMON- 
MODE GAIN. 

common-mode voltage range The range limited 
by the maximum nonsaturating input voltage 
that can be applied to both inputs of an opera- 
tional amplifier. 

common pool An assigned memory store, utilized 
by two or more circuits or systems. 

common-resistor coupling The process of cou- 
pling one circuit to another by means of a resistor 
that is common to both circuits. 
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common-source circuit A field-effect transistor 
circuit in which the source terminal is the 
common (or grounded) electrode. Also called 
grounded-source circuit. 

common-user channels Communication channels 
open to all licensees in a particular service. 

communication band A band of frequencies 
whose use is authorized expressly for communi- 
cations, rather than for other services (Such as 
broadcasting, education, remote control, etc.). 

communication channel 1. In radio or wire ser- 
vice, a (usually auxiliary) channel for direct ex- 
change of information between units of the 
service (e.g., a “talking circuit” between a broad- 
cast studio and the transmitter house). 2. A data 
transmission channel between two points (e.g., a 
remote terminal and a central computer system). 

communication link 1. Collectively, the equip- 
ment providing a communication channel be- 
tween two transmitters. 2. Data terminal 
equipment. 

communication protocol The specifications of a 
digital signal, including the speed in bits per sec- 
ond (bps) or bauds, the code type, the bit dura- 
tion, the mark-to-space ratio, etc. 

communications The science and art of using and 
developing electronic equipment and processes 
for the transmission and reception of informa- 
tion. 

communications common carrier An organiza- 
tion licensed to provide public communication 
services. 

communications network An organization of 
transmitting and receiving stations for the reli- 
able exchange of intelligence. Also called net. 

communications receiver A general-coverage or 
multiband radio receiver, designed primarily for 
listening to amateur, weather, or other non- 
broadcast stations. Compare BROADCAST RE- 
CEIVER. 

communications satellites Satellites in earth or- 
bit that provide propagation paths (e.g., by reflec- 
tion or retransmission) for radio waves between 
terrestrial transmitters and receivers. Also see 
ACTIVE COMMUNICATIONS SATELLITE and 
PASSIVE COMMUNICATIONS SATELLITE. 

community-antenna television Abbreviation, 
CATV. A system in which an advantageously lo- 
cated receiving station receives television signals, 
amplifies them if necessary, and distributes them 
in the community served by the system. Com- 
monly called cable TV. 

commutating capacitor 1. In a flip-flop circuit, a 
capacitor connected in parallel with the cross- 
coupling resistor to accelerate the transition from 
one stable state to the other. Also called speedup 
capacitor. 2. A capacitor connected in parallel be- 
tween silicon-controlled rectifier (SCR) stages to 
momentarily reverse the current going through 
the SCR, thereby causing the SCR to go into the 
cutoff condition. 
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commutation 1. In a direct-current (dc) generator, 
periodic reversal of the current in the armature 
coils as the coils alternately pass the north and 
south poles of the magnetic field. When the ends 
of each coil are connected to opposite bars of the 
commutator, the electrical polarity at the com- 
mutator brushes remains constant. 2. In a thyra- 
tron or silicon-controlled rectifier (SCR) circuit, 
momentarily reversing the polarity to cut the de- 
vice off. 

commutator 1. In a direct-current (dc) motor, 
generator, or rotating selector, an arrangement 
of parallel metal bars or strips on a rotating 
drum. As the drum turns, the bars contact one 
or more brushes that are in sliding contact with 
the commutator. 2. An electronic circuit that 
switches a single input sequentially to a series of 
output terminals, or switches a number of in- 
puts sequentially to a single pair of output ter- 
minals. 

commutator ripple The pulsating voltage super- 
imposed on the direct-current (dc) voltage deliv- 
ered by an unfiltered dc generator. 

compact disc Abbreviation, CD. A digital, high- 
density optical disc, used in high-fidelity stereo 
sound systems. Also used to store computer data. 
The information is encoded as tiny pits on the 
surface of the disc, and is recovered by a laser, a 
sensor and a digital-to-analog (D/A) converter. 
These disks have largely superseded magnetic 
tapes, and have rendered long-playing vinyl disks 
and turntables obsolete. See also COMPACT- 
DISK READ-ONLY MEMORY. 

compact-disk read-only memory Abbreviation, 
CD-ROM. A digital COMPACT DISC used for the 
long-term storage of computer data and/or soft- 
ware programs. Usually the same size as a high- 
fidelity stereo disk, it can hold over 600 
megabytes of data. Although data can be read 
from the disk, it cannot be overwritten. 

compander Term for compressor/expander. In the 
transmission and reception of audio-frequency 
(AF) intelligence, a system that uses an amplitude 
compressor at the transmitter and an amplitude 
expander at the receiver. The compressor reduces 
the dynamic range before transmission, and the 
expander restores it after reception. Provides im- 
proved signal-to-noise ratio under marginal com- 
munications conditions. Also increases the ratio 
of average power to peak power. See COMPAND- 
ING. 

companding A process in which a signal is com- 
pressed at the transmitting end of a circuit and 
expanded at the receiving end, yielding a signal 
like the original at the receiver output. Signals 
are more efficiently transmitted when they are 
compressed because the average power in- 
creases, relative to the peak power. This improves 
the average signal-to-noise ratio for weak signals. 
See COMPANDER. 
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companding law The mathematical function used 
for companding. It is an output-amplitude versus 
input-amplitude function for the compression at 
the transmitter, and the inverse of this function 
for the expansion at the receiver. 

companion keyboard An auxiliary keyboard con- 
nected to a regular keyboard and operated re- 
motely. 

companionship machine A computer or robot 
with sufficient machine intelligence to provide en- 
tertainment and mental stimulation for humans. 

comparator 1. An integrated circuit (IC) with two 
inputs, called A and B. The device compares the 
voltages that appear at these inputs. If the input 
voltage at A is significantly greater than the input 
voltage at B, the output is about +5 V. If the in- 
put voltage at A is not greater than the input 
voltage at B, the output voltage is about +2 V. 
These ICs are used to actuate, or trigger, other 
devices such as relays and electronic switching 
circuits. 2. In general, any circuit that compares 
some characteristic of two input signals and pro- 
duces an output that depends on the relation- 
ship between the inputs. 3. An instrument for 
checking the condition of a component by com- 
paring it directly with an identical component of 
known quality has a scale reading in percentage 
deviation, or simply “GO/NO-GO.” Examples: ca- 
pacitor comparator, resistor comparator, coil 
comparator. 

compare In computer operations, a relational test 
performed on two quantities to determine their 
relative magnitude, including an indication of the 
test result and, sometimes, the taking of action. 
Example: the process and acton resulting from 
execution of the statement “IF A > B THEN GO TO 
LINE 250.” 

comparison 1. An expression of the relationship be- 
tween two voltages, currents, phase angles, com- 
ponent values, or other quantities in an electrical 
or electronic circuit or system. 2. An examination 
of different data bits or items, which results in a 
conclusion about some aspect of their relationship. 

comparison bridge A bridge designed especially 
for the quick comparison of components (e.g., the 
comparison of resistors with a standard resistor, 
inductors with a standard inductor, and capaci- 
tors with a standard capacitor). 

comparison measurement A measurement in 
which a quantity or component is compared with 
a known, similar quantity or component value, 
rather than having the measurement displayed 
directly by a meter. Examples: bridge measure- 
ments, potentiometric measurements, and fre- 
quency matching. 

compass 1. Any of several instruments for deter- 
mining direction on the earth’s surface [e.g., mag- 
netic (mariner’s) compass and gyrocompass]. 2. A 
radio direction finder. 3. An instrument for draw- 
ing circles. 
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compatibility 1. A desirable condition in which 
devices or systems can function efficiently to- 
gether, without any modification of equipment. 2. 
In computer operations, a desirable condition in 
which different computers can run the same soft- 
ware, without any modification of hardware or 
software. 

compatible color television A_ color-television 
system whose transmissions can be received in 
black and white by any ordinary monochromatic 
receiver. 

compatible integrated circuit A hybrid integrated 
circuit (IC) that has an active element inside the 
integrated structure and a passive element de- 
posited on its insulated outer surface. 

compensated amplifier A wideband amplifier 
whose frequency range is extended by special 
components and circuit modifications. Also see 
COMPENSATING CAPACITOR and COMPENSAT- 
ING COIL. 

compensated diode detector A diode detector in 
which a positive dc voltage from the automatic- 
gain-control (AGC) rectifier is applied to the diode 
anode. The voltage is always proportional to the 
signal carrier. The arrangement allows the diode 
to handle a heavily modulated AM signal without 
producing excessive distortion. 

compensated-impurity resistor A resistor con- 
sisting of a diffused semiconductor material to 
which are added controlled amounts of n- or p- 
type dopants (impurities). 

compensated-loop direction finder A direction 
finder whose loop antenna is complemented by 
another antenna for polarization-error compen- 
sation. 

compensated semiconductor A doped semicon- 
ductor material in which the acceptor impurity 
cancels the effects of the donor impurity. 

compensated volume control A combination vol- 
ume-tone control that provides bass boost at low 
volume levels to compensate for the ear’s defi- 
ciency at low frequencies. 

compensating capacitor 1. A capacitor that has a 
temperature coefficient of capacitance numerically 
equal to, but having the opposite sign from, that of 
another capacitor in a tank or other circuit. When 
the capacitors are connected in parallel, a temper- 
ature-induced value change in the main capacitor 
is balanced by an equal and opposite change in 
the compensating capacitor; the net capacitance of 
the circuit does not change. This greatly reduces 
frequency drift. 2. In a video amplifier, a large ca- 
pacitance connected between ground and a tap on 
the collector or drain resistor to boost low- 
frequency response. Compare COMPENSATION 
COIL. 3. A usually low-capacitance capacitor of 
known temperature coefficient, operated in combi- 
nation with a main capacitor to reduce capaci- 
tance/temperature drift of the latter to zero or to 
some desired positive or negative value. 
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compensating diode A junction diode used to 
temperature-stabilize a transistor circuit. It is 
usually forward-biased in the base-bias network 
of the transistor. 

compensating filter 1. A selective filter used for 
the purpose of eliminating some irregularity in 
the frequency distribution of received energy. 2. A 
filter used to change the wavelength distribution 
of electromagnetic energy. 

compensating resistor 1. A low-value resistor 
of known temperature coefficient, connected in 
series with a main resistor to reduce the 
resistance/temperature drift to zero, or to some 
desired positive or negative value. 2. See TRIM- 
MER RESISTOR. 
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compensating capacitor, 1. 
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compensation Adjusting a quantity, manually or 
automatically, to obtain precise values, or to 
counteract undesired variations. Example: tem- 
perature compensation of electronic components. 
For illustration, see COMPENSATING CAPACI- 
TOR, 1. 

compensation coil In a video amplifier, an induc- 
tor connected in series with the collector or drain 
resistor, or in the coupling path between stages, 
or both, to boost high-frequency response. 

compensation filter See COMPENSATING CA- 
PACITOR, 2. 

compensation signal A signal recorded on a tape 
track containing computer data, to ensure that 
the tape plays back at exactly the correct speed at 
all times. 

compensation theorem An impedance (Z) in a 
network can be replaced by a generator having 
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zero internal impedance, and whose generated 
voltage equals the instantaneous potential differ- 
ence produced across Z by the current flow- 
ing through it. Compare MAXIMUM POWER 
TRANSFER THEOREM, NORTON’S THEOREM, 
RECIPROCITY THEOREM, SUPERPOSITION 
THEOREM, and THEVENIN’S THEOREM. 

compensator A device or circuit that facilitates the 
adjustment of a quantity, manually or automati- 
cally, to obtain precise values, or to counteract 
undesired variations. 

compilation time The period during which a pro- 
gram is compiled, as distinct from RUN TIME. 

compile 1.To unify computer subroutines into an 
all-encompassing program. 2. To gather infor- 
mation or data together into a single file or file 
set. 

compiler In computer operations, a program that 
changes a HIGH-LEVEL LANGUAGE, such as 
BASIC, C, C++, COBOL, or FORTRAN, into MA- 
CHINE LANGUAGE. A compiler must be written 
especially for the high-level language being used. 

compiler language Any computer language that 
serves as an interface between the operator and 
the computer. 

compiler program A program that converts com- 
piler language into machine language. 

compiling routine In digital computer operation, a 
routine permitting the computer itself to con- 
struct a program to solve a problem. 

complement 1. The difference between a number 
and the radix (modulus or base) of the number 
system. For example, the complement of 7 is 
equal to 3 (because 10 - 7 = 3) in the decimal 
(radix-10) number system. 2. Also called ones 
complement. In computer operations, a repre- 
sentation of the negative value of a binary num- 
ber. All the available digits are set to 1, and then 
the number in question is subtracted. For ex- 
ample, the complement of 101 is equal to 010 
(because 111 - 101 - 010); the complement of 
1001 is equal to 0110 (because 1111 - 1001 = 
0110). 

complementary A Boolean operation whose result 
is the same as that of another operation, but with 
the opposite sign; thus, OR and NOR operations 
are complementary. 

complementary colors 1. In the additive color 
system, two colors that produce light gray or 
white when combined. 2. In the subtractive 
color system, two pigments that produce dark 
gray or black when combined. 3. Colors or pig- 
ments that are opposite each other on the color 
wheel. 

complementary constant-current logic A form of 
bipolar logic with high operating speed and high 
component density. 

complementary metal-oxide semiconductor 
Also sometimes called complementary metal-oxide 
silicon. Acronym, CMOS (pronounced “seamoss”). 
A digital integrated-circuit (IC) technology, in 


which logic gates are formed by n-channel/ 
p-channel pairs of metal-oxide-semiconductor 
field-effect transistors (MOSFETs) fabricated on a 
substrate. Noted for high speed and low current 
drain. 

complementary operator The logical negation 
(NOT) operation. 

complementary pushpull circuit See COMPLE- 
MENTARY-SYMMETRY CIRCUIT. 

complementary rectifier In the output circuit of a 
magnetic amplifier, nonsaturating half-wave rec- 
tifier elements. 

complementary silicon-controlled rectifier A 
silicon-controlled rectifier that has polarity 
opposite from the usual silicon-controlled recti- 
fier. 

complementary-symmetry circuit A __bipolar- 
transistor circuit that uses an npn and pnp tran- 
sistor. The transistors conduct during opposite 
half-cycles of the input signal, the result being 
that push-pull output is provided with a single- 
ended input; no phase-splitting input circuit is 
required. The complementary-symmetry circuit 
offers very low output impedance, permitting a 
loudspeaker voice coil (or other low-impedance 
load) to be operated directly without a coupling 
transformer. 
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complementary tracking A control system in 
which several secondary (slave) devices are con- 
trolled by a primary (master) device. 

complementary transistors A transistor pair of 
opposite polarity operated in a complementary- 
symmetry circuit or its equivalent. 

complementary wave An electromagnetic wave in 
a transmission line that occurs as a result of re- 
flection. Any impedance discontinuity will result 
in complementary waves. 
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complementer A logic circuit that provides an out- 
put pulse when there is no input pulse, and vice 
versa. Also called INVERTER and NOT CIRCUIT. 

complement number In a base-n number system, 
for a given positive integer p less than n, the posi- 
tive integer m such that m+ p =n. For example, in 
the decimal (base-10) system, the complement of 4 
is 6, the complement of 7 is 3, and the complement 
of 9 is 1. In the hexadecimal (base-16) number 
system, the complement of 4 is 12, the comple- 
ment of 7 is 9, and the complement of 9 is 7. 

complement-number handling A computer sys- 
tem in which the operations are carried out via 
the complements of the input numbers. 

complement-setting technique A process of de- 
termining the number of pulses required to com- 
plete the switching of a counter circuit when it is 
started at some state higher than full zero. The 
number of pulses required for completion is equal 
to the number that represents the starting state’s 
complement. 

complete carry In digital computer operation, a 
system permitting all carries to generate carries. 

complete circuit See CONTINUOUS CIRCUIT. 

complete modulation Modulation to the maxi- 
mum extent possible while maintaining accept- 
able circuit or system operation. 

complete operation In computer operations, the 
condition in which the machine rigorously follows 
program instructions. 

complete routine A vendor-supplied computer 
program that is usable without modification. 

complex function 1. A mathematical function of a 
complex-number variable. 2. An integrated cir- 
cuit (IC) containing two or more subcircuits that 
perform an operation more complicated that of 
any one of the circuits alone. 

complex notation Notation taking into considera- 
tion both the real-number and imaginary-num- 
ber components of a quantity. Thus, impedance 
(Z) is a complex quantity that includes a resistive 
(real) component (R) and a reactive (imaginary) 
component (jX). See COMPLEX NUMBER and 
COMPLEX OPERATOR. 

complex number A number expressed in complex 
notation (e.g., a+ jb, where aand bare real num- 
bers and j is the COMPLEX OPERATOR). Can 
also be expressed as a point or a vector in an AR- 
GAND DIAGRAM. 

complex operator The unit imaginary number, 
represented as j by engineers and as i by mathe- 
maticians. This number is defined mathemati- 
cally as the positive square root of -1. 

complex parallel permeability An expression of 
the permeability of an inductor core under actual 
operating conditions, assuming zero loss in the 
conductors of the coil winding. A parallel combi- 
nation of reactance and resistance. 

complex periodic wave A periodic wave composed 
of a sine-wave fundamental and certain harmon- 
ics in specific proportions. 
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complex permeability An expression of inductor- 
core permeability, obtained from the mathemati- 
cal ratio of the magnitudes of the vectors 
representing the induction and electromagnetic 
field strength within the core. 

complex plane A Cartesian coordinate system 
with real numbers on the horizontal axis and 
imaginary numbers on the vertical axis. Used for 
vectorial representation of complex numbers. See 
ARGAND DIAGRAM. 

complex quantity A quantity containing both real 
and imaginary components. Example: Im- 
pedance (Z) is a complex combination of resis- 
tance R (a real component) and reactance jxX (an 
imaginary component): Z = R + jx. 

complex radar target A radar target that is large 
enough in theory to be detected by radar, but, be- 
cause of its geometry, cannot be detected. This ef- 
fect is the result of phase combinations of signal 
components reflected from various surfaces on 
the target. 

complex series permeability An expression of 
complex permeability of an inductor core under 
actual operating conditions, assuming zero loss 
in the conductors of the coil winding. A series 
combination of reactance and resistance. 

complex steady-state vibration Periodic vibration 
with more than one sine-wave component. 

complex tone An audio tone made up of more 
than one sine-wave component. 

complex variable A variable having real and imag- 
inary parts. 

complex waveform The shape of a COMPLEX 
PERIODIC WAVE. It is the resultant of the indi- 
vidual sine-wave components (i.e., of the funda- 
mental and the harmonics). 

complex-wave generator A_ signal generator 
whose output signal is any of several selectable 
waveforms and frequencies (or repetition rates). 
Also see FUNCTION GENERATOR. 

compliance 1. The ease with which a material can 
be flexed or bent, an important characteristic of 
transducers (such as loudspeakers). Expressed 
in cm/dyne, compliance is the reciprocal of stiff- 
ness, and is the acoustical or mechanical equiva- 
lent of capacitance. 2. A measure of the output 
impedance of a switched-current signal source. 
Generally given as maximum current for a certain 
change in the voltage. 

compliance range The voltage range required to 
maintain a constant current throughout a load- 
resistance range. 

compliance voltage The range over which the out- 
put voltage of a constant-current power supply 
must swing in order to maintain a steady current 
in a varying load. 

compliance-voltage range The output voltage 
range of a constant-current power supply. 

component 1. A device or part used in a circuit to 
obtain some desired electrical action [e.g., a resis- 
tor (passive component) or an integrated circuit 
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(active component)]. Also see ACTIVE COMPO- 
NENT and PASSIVE COMPONENT. 2. An at- 
tribute inherent in a _ device, circuit, or 
performance (e.g., the REACTIVE COMPONENT 
of an inductor). 3. A specified quantity or term 
(e.g., the WATTLESS COMPONENT of ac power). 
4. A piece of equipment in a high-fidelity sound 
system. 

component density The number of components 
(see COMPONENT, 1) in an electronic assembly of 
a given physical volume. 

component failure rate 1. The percentage of 
components, out of a specified group, that can 
be expected to fail within a specified length of 
time. 2. The frequency with which a given com- 
ponent, in a certain application, can be expected 
to fail. 

component layout The mechanical arrangement 
of components (see COMPONENT, 1) in an elec- 
tronic assembly. 

component stress The electrical or mechanical 
strain to which a component is subjected. In gen- 
eral, the greater the stress, the higher the compo- 
nent failure rate. 

composite cable A cable containing other cables of 
different types. 

composite circuit A circuit handling telegraphy 
and telephony simultaneously without causing 
mutual interference. 

composite color A color that is not one of the 
COLOR PRIMARIES, but instead, consists of a 
combination of the three color primaries. 

composite color signal The complete color televi- 
sion signal, including all picture, color, and con- 
trol components. 

composite conductor A set of wires connected in 
parallel. The wires are often, but not necessarily, 
of identical size and constitution. 

composite current A current having both alter- 
nating-current (ac) and direct-current (dc) com- 
ponents; an alternating current superimposed on 
a direct current. Also called fluctuating current. 

composite curve A curve or pair of curves showing 
two modes of operation, as of biased and unbi- 
ased conditions. 

composite filter A filter consisting of more than 
one section. The sections might be, but often are 
not, identical. 

composite video signal The television picture sig- 
nal containing picture information and sync 
pulses. 

composite-video-signal distortion Distortion of 
the composite video signal as evidenced by over- 
shooting, ringing, and sync-pulse shortening. 

composite voltage A voltage having both alternat- 
ing-current (ac) and direct-current (dc) compo- 
nents; an ac voltage superimposed on a dc 
voltage. Also called fluctuating voltage. 

composite wave filter Two or more wave filters 
(not necessarily of the same type) operated in cas- 
cade. 
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composition resistor A resistor made from a mix- 
ture of materials, usually finely powdered carbon 
and a binder. 

compound A substance in which the atoms of two 
or more elements have united chemically to form 
a molecule. For example, an atom of cadmium 
(Cd) and one of sulfur (S) combine to form a 
molecule of cadmium sulfide (CdS). 

compound connection A direct connection of two 
transistors, the amplified output of the first being 
further amplified by the second. The connection 
provides extremely high current gain. Also called 
DARLINGTON PAIR. 

compound generator A generator that has both 
series and shunt fields. Also called compound- 
wound generator. 

compound horn A horn reflector used for trans- 
mission of microwave energy. The faces of the 
horn approach four geometric plane surfaces as 
the distance from the center increases. 

compound modulation A system of successive 
modulation, the modulated wave from one step 
becoming the modulating wave in the next. Also 
called multiple modulation. 
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compound motor An electric motor having both 
series and shunt fields. Also called compound- 
wound motor. 

compound transistor Two or more transistors di- 
rectly coupled in the same envelope for increased 
amplification. Also see COMPOUND CONNEC- 
TION. 

compound-wound generator See 
GENERATOR. 

compound-wound motor See COMPOUND MO- 
TOR. 

compress. 1. In communications, to reduce or min- 
imize the bandwidth of a signal. 2. In communi- 
cations, the processing of a signal to increase 
low-level components and thereby raise the aver- 
age power level relative to the peak power level. 3. 
In computer operations, to reduce or minimize 
the number of bits in a digital signal or file, while 
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still retaining all the essential information. Com- 
pare EXPAND. 

compressed-air capacitor A high voltage air- 
dielectric capacitor enclosed in a case in which 
the air pressure is held at several atmospheres. 
The device exploits the dielectric strength of com- 
pressed air, which is higher than that of air at 
normal pressure. 

compressed-air speaker A speaker that uses an 
airtight chamber to enhance the acoustic repro- 
duction at certain frequencies. 

compression 1. Jn communications, the reduction 
or minimization of signal bandwidth. 2. In com- 
munications, the processing of a signal to in- 
crease low-level components and thereby raise 
the average power level relative to the peak power 
level. Usually, a logarithmic function. 3. In com- 
puter operations, the reduction or minimization 
of the number of bits in a digital signal or file, 
while still retaining all the essential information. 
Compare EXPANSION. 

compression ratio In a system using COMPRES- 
SION, the ratio A;/Ag, where A; is the gain (or 
transmission) at a reference-signal level and Ag is 
the gain (or transmission) at a specified higher 
signal level. 

compression wave A wave disturbance that trav- 
els via longitudinal motion of particles in a 
medium. Sound waves through air are the most 
common example. 


Instantaneous signal amplitude 


Max, 


Min 


Max, 





Relative air pressure 
(black §s greatest) 


compression wave 


compressor A circuit or device that limits the am- 
plitude of its output signal to a predetermined 
value, despite wide variations in input signal am- 
plitude. 

compressor driver unit A loudspeaker that works 
into an air space connected by a throat to a horn, 
rather than by driving a diaphragm. 
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Compton diffusion An effect that occurs when a 
photon and electron collide. Some of the energy 
from the photon is transferred to the electron. On 
a large scale, such collisions result in diffusion of 
electromagnetic waves. 

Compton effect The increase in wavelength (de- 
crease in frequency) of X-rays scattered by the 
electrons of lighter atoms bombarded with the 
X-rays. 

Compton shift See COMPTON EFFECT. 

compute To perform a mathematical operation by 
means of a relatively simple process. Thus, a dig- 
ital computer solves intricate problems using 
simple arithmetic steps. Compare CALCULATE. 

computer A device or machine for performing 
mathematical operations on data, and producing 
the results as information or control signals. 
There are numerous types, the most common be- 
ing the digital computer. 

computer-aided design Abbreviation, CAD. The 
use of computers in conceiving, developing, and 
perfecting new products. 

computer-aided manufacturing Abbreviation, 
CAM. The use of automated manufacturing sys- 
tems, such as assembly lines, that are partially or 
totally controlled by computers. 

computer antibody Also called vaccine. A small 
subprogram designed to eliminate viruses from 
computer systems. 

computer-assisted instruction Abbreviation, CAI. 
The use of computers as teaching and training 
aids. 

computer code See MACHINE LANGUAGE. 

computer consciousness The degree to which a 
machine can be considered aware of its own exis- 
tence. Until recently, this idea was considered 
ridiculous. But as microprocessor power contin- 
ues to grow, some researchers now consider it 
worth thinking about. 

computer-controlled catalytic converter A mi- 
croprocessor-controlled system for automatically 
supervising gaseous emissions exhausted by a 
motor vehicle. An oxygen sensor monitors the ex- 
haust stream, and the associated electronic sys- 
tem adjusts the air-to-fuel ratio of the carburetor 
to reduce smog-producing pollutants in the ex- 
haust. 

computer diode A semiconductor diode having 
low capacitance and fast RECOVERY TIME, thus 
suiting it to rapid switching in computer circuits 
and to very-high-frequency applications. 

computer engineer A person skilled in the theory 
and application of computers, related equipment, 
and associated mathematics. 

computer file See FILE. 

computer game See VIDEO GAME. 

computer graphics 1. The use of computers to 
assist in drawing and drafting, and in the pro- 
cessing of video images such as photographs. 
2. Broadly, any computer-generated or computer- 
processed image. 


—P— 


5059F-pC-93-162 


4/9/01 4:51 PM Page 138 


aos 


138 computer instruction *« condenser microphone 


computer instruction See INSTRUCTION. 

computer interfacing apparatus The equipment 
used to connect a computer to other systems, 
and to peripherals. 

computerized axial tomography Abbreviation, 
CAT. A multiple X-ray system that enables the 
observer to obtain cross-sectional images of the 
internal organs of the body. 

computer map A blueprint, used in conjunction 
with machine vision, sonar, radar or beacons, 
that a mobile robot can use as a navigational aid. 
One or more such blueprints are stored in the 
robot controller’s main memory. 

computer music 1. Music that is composed by a 
computer. 2. See MUSICAL INSTRUMENT DIGI- 
TAL INTERFACE. 

computer program See PROGRAM. 

computer programmer A person skilled in devis- 
ing and/or writing the routines that a digital 
computer uses to solve problems or process data. 

computer storage tube A cathode-ray tube in 
which the electron beam scans and stores infor- 
mation in thousands of memory cells on a target. 
A cell “remembers” by acquiring and holding an 
electrostatic charge when it is struck by the beam 
from the writing gun. Information taken is read 
out of a cell by a second beam from the reading 
gun. 

computer system A central processor and its as- 
sociated online and offline peripherals, such as a 
monitor, modem, printer, optical scanner, mag- 
netic disk drives, CD-ROM drive, and tape 
backup. 

computer technician A professional skilled in 
building, repairing, and maintaining computers, 
and who, occasionally, designs them. Usually 
works under the supervision of a computer engi- 
neer. 

computer terminal 1. A teleprinter or video dis- 
play unit and keyboard, used by human opera- 
tor(s) of a computer. 2. An interface between a 
computer and its human operator(s). 

computer/TV interface A device or circuit for de- 
livering the output of a digital computer to a stan- 
dard television receiver so that the latter can 
serve as a GRAPHIC TERMINAL. 

computer virus A deliberately created and dissem- 
inated subprogram or piece of programming code, 
that electronically spreads through computer 
systems and hinders operation. Usually diverts 
the computer(s) from intended functions; some- 
times causes a catastrophic malfunction. Often 
exists undetected, being transferred from one 
computer to another by means of diskettes or 
software. 

computer word See WORD. 

computing amplifier See OPERATIONAL AMPLI- 
FIER. 

computing machine See COMPUTER. 

concatenation 1. A method of speed control for a 
3-phase motor in which two induction motors are 


operated with their shafts coupled together. The 
stator of the first motor is connected to the 3- 
phase supply, and the slip rings of this motor are 
connected to the field of the second motor. The 
slip rings of the second motor are connected to 
the three ganged sections of a Y-rheostat used for 
adjusting the speed. 2. Arrangement of a set into 
a series. 

concentrated-arc lamp A _ brilliant low-voltage 
lamp, containing nonvaporizing electrodes in an 
inert-gas atmosphere. An arc across the elec- 
trodes creates the light source. 

concentrated winding A coil winding that has a 
large number of turns in a small space. 

concentration cell An electrolytic cell in which 
two electrodes are immersed in solutions of the 
same compound but having different combina- 
tions. The voltage is usually very small, 0.1 volt or 
less. 

concentration gradient Between points in a semi- 
conductor, the difference in electron or hole con- 
centration. 

concentric cable See COAXIAL CABLE. 

concentric capacitor A fixed or variable capacitor 
whose plates are concentric cylinders. Also called 
concentric-plate capacitor. 

concentric jack See COAXIAL JACK. 

concentric line See COAXIAL LINE. 

concentric-line oscillator A stable, self-excited 
oscillator whose frequency-determining tank con- 
sists principally of a section of concentric (coax- 
ial) line. Used primarily at ultra-high frequencies 
(UHF). 

concentric plug See COAXIAL PLUG. 

concentric receptacle See COAXIAL RECEPTA- 
CLE. 

concentric tank See COAXIAL TANK. 

concentric-wound coil A combination of two or 
more coils wound on top of, and insulated from, 
each other. 

conceptual modeling A technique for solving 
problems by devising a mathematical model 
based on the results of an experiment; experi- 
ments performed on the model are used to verify 
its validity. 

concurrent conversion In computer operations, 
running conversion and conventional programs 
together. Also see CONVERSION PROGRAM. 

concurrent processing See MULTIPROGRAM- 
MING. 

condenser 1. An obsolete term for CAPACITOR. 2. 
A mirror or lens for concentrating light (on an ob- 
ject, for example). 3. Something that condenses a 
gas or vapor. 4. See CONDENSER MICRO- 
PHONE. 

condenser antenna A two-wire horizontal antenna 
system in which the radiator is a wire situated 
above a counterpoise. 

condenser microphone Also called capacitor mi- 
crophone. A microphone in which a tightly 
stretched metal diaphragm forms one plate of an 
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air capacitor, and a closely situated metal plug 
forms the other plate. A dc bias voltage is applied 
to the arrangement. Impinging sound waves 
cause the diaphragm to vibrate, varying the ca- 
pacitance and causing the output current to fluc- 
tuate accordingly. 

condensing routine In computer operations, a 
program that compresses data. See COMPRES- 
SION, 3. 

condensite A plastic insulating material whose 
base is phenol formaldehyde resin. 

conditional Pertaining to a quantity or phe- 
nomenon that depends on some external factor, 
and is therefore subject to change. 

conditional branch A point in a computer pro- 
gram where a relational test is performed, and 
the statement line in which the test is made is left 
so that an out-of-sequence instruction can be im- 
plemented. Such a branch might be made, for ex- 
ample, following a statement, such as “IF Z = Y 
THEN GO TO LINE 380.” 

conditional branch instruction The instruction 
in a computer program that causes a CONDI- 
TIONAL BRANCH. 

conditional implication operation A Boolean op- 
eration in which the result of operand values X 
and Y are such that the output is high only if in- 
put X is high and input Y is low. Also called inclu- 
sion or if-then operation. 

conditional jump See CONDITIONAL BRANCH. 

conditional stop instruction In a computer pro- 
gram, an instruction that can cause a halt in the 
run, as dictated by some specified condition. 

conditional transfer See CONDITIONAL BRANCH. 

condition code A set of constraints for a computer 
program; sets limits on what can be done with the 
computer under certain circumstances. 

conditioning 1. The process of making equipment 
compatible for use with other equipment. Gener- 
ally involves some design or installation changes. 
2. Interfacing. 

Condor A continuous-wave navigational system 
that produces a cathode-ray-tube display for au- 
tomatically determining the bearing and distance 
from a ground station. 

conductance Symbol, G. Unit, siemens. The ability 
of a circuit, conductor, or device to conduct elec- 
tricity. Conductance in siemens is the reciprocal 
of resistance: G = 1/R, where R is the resistance 
in ohms. 
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conducted heat Heat transferred by conduction 
through a material substance, as opposed to con- 
vection and radiation. A heatsink conducts dissi- 
pated energy away from a transistor, whereupon 
convection and radiation allow heat to escape 
from the sink. 
conduction 1. The propagation of energy through 
a medium, depending on the medium for its 
travel. 2. The transfer of electrons through a wire. 
3. The transfer of holes through a P-type semi- 
conductor material. 4. Heat transfer through a 
material object (see CONDUCTED HEAT). 
conduction angle See ANGLE OF CONDUCTION. 
conduction band In the arrangement of energy 
levels within an atom, the band in which a free 
electron can exist; it is above the valence band in 
which electrons are bound to the atom. In a 
metallic atom, conduction and valence bands 
overlap; but in semiconductors and insulators, 
they are separated by an energy gap. 
conduction current 1. The electromagnetic-field 
flow that occurs in the direction of propagation. A 
measure of the ease with which the field is prop- 
agated. 2. Current in a wire or other conductor. 
conduction-current modulation In a microwave 
tube, cyclic variations in the conduction current; 
also, the method of producing such modulation. 
conduction electron See FREE ELECTRON. 
conduction error In a_ temperature-acutated 
transducer, error caused by conduction of heat 
between the sensor and the mounting. 
conduction field An energy field that exists in the 
vicinity of an electric current. 
conductive coating A conducting layer applied to 
the glass envelope of a cathode-ray tube, such as 
an oscilloscope tube or picture tube. 
conductive coupling See DIRECT COUPLING. 
conductive material See CONDUCTOR. 
conductive pattern The pattern of conductive 
lines and areas in a printed circuit. 
conductivity Unit, S/m (siemens per meter). An 
expression of conductance per unit length of a 
material; the reciprocal of resistivity. 
conductivity meter A device for measuring elec- 
trical conductivity. Generally, such a device is 
calibrated in siemens. 
conductivity modulation In a semiconductor, the 
variation in conductivity that results from a vari- 
ation of charge-carrier density. 
conductivity-modulation transistor A transistor 
in which the bulk resistivity of the semiconductor 
material is modulated by minority carriers. 
conductor 1. A material that allows charge carri- 
ers (usually electrons) to move with ease among 
atoms. Examples are metals, electrolytes, and 
ionized gases. Substances vary widely in their 
suitability as conductors; the conductivity of 
commercial copper, for example, is almost twice 
that of aluminum. Compare INSULATOR. 2. An 
individual conducting wire in a cable, insulated 
or uninsulated. 


—P— 


5059F-pC-93-162 


4/9/01 4:51 PM Page 140 


140 conduit « conic sections 


conduit A hollow tube, made of plastic or metal, 
through which wires, cables, and other transmis- 
sion media are fed. 

cone The conical diaphragm of a (usually dynamic) 
loudspeaker. 

cone antenna An antenna in which the radiator is 
a sheet-metal cone or a conical arrangement of 
rods or wires. 

Conelrad An early amplitude-modulation (AM) 
broadcast protocol, intended for use in the event 
of a nuclear war. Now replaced by the EMER- 
GENCY BROADCAST SYSTEM. 

cone marker A UHF marker beacon whose conical 
energy lobe radiates vertically from a radio-range 
beacon station. Aircraft in flight use such mark- 
ers to accurately locate the beacon station. 

cone of protection The zone surrounding a light- 
ning rod, in which the chances of a lightning 
strike are greatly reduced. The cone has an apex 
angle of 45°, relative to the rod. Objects entirely 
within this cone are unlikely to be struck (al- 
though it is still possible). 


Lightning 
rod 


45° 45° 


Approximate 
protected 
region 


cone of protection 


cone of silence A small zero-signal zone directly 
over a low-frequency radio-range beacon. The 
zone is the product of the combined directive 
properties of the beacon transmitting antenna 
and the antenna on an aircraft. 

cone speaker A loudspeaker having a sound- 
producing cone (diaphragm) made of specially 
treated paper or other material, as opposed to a 
loudspeaker having a flat diaphragm. 

confetti On a color TV screen, color spots caused 
by chrominance-amplifier noise. 

confidence The probability that a predicted result 
will occur. 

confidence factor Confidence, expressed either as 
a fraction (between O and 1) or as a percentage. 

confidence interval The range over which a pa- 
rameter can vary so that a given confidence factor 
is maintained. 
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confidence level See CONFIDENCE FACTOR. 

confidence limitations The maximum and mini- 
mum points of a confidence interval. Outside the 
confidence-limitation points, the confidence fac- 
tor drops below the required minimum. 

configuration 1. The characteristic arrangement 
of components in an electronic assembly, or of 
the equipment symbols in the corresponding cir- 
cuit diagram. 2. Computer system. 

configuration state In a computer system, an ex- 
pression of the availability status of a device for a 
given application. A configured-in device is avail- 
able; a configured-out device is available, but is 
restricted to certain users; a configured-off device 
is unavailable. 

configuration table Within a computer's operating 
system, a table that provides the configuration 
state for various system units. 

configured-in See CONFIGURATION STATE. 

configured-off See CONFIGURATION STATE. 

configured-out See CONFIGURATION STATE. 

conformance The degree to which a quantity or 
variable corresponds to a standard or to expecta- 
tions. 

conformance error The extent (usually expressed 
as a percentage) to which conformance is lacking. 

conical antenna See CONE ANTENNA. 

conical horn A horn (antenna, loudspeaker, or 
sound pickup) having the general shape of a 
cone: the cross-sectional area varies directly as 
the square of the horn’s axial length. 

conical monopole antenna An unbalanced broad- 
band antenna that derives its name from its 
shape. It is usually constructed from wire and 
must be operated against a good radio-frequency 
(RF) ground. 
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conical scanning In radar transmission, a method 
of scanning in which the beam describes a cone, 
at the apex of which is the antenna. 

conic sections The geometric plane figures that 
result from the intersection of a cone with a 
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plane. These figures are the circle, the ellipse, the 
parabola, and the hyperbola. 

conjugate For a given complex number A + jB, the 
quantity A —- jB. When complex conjugates are 
multiplied together, the result is A? + B?. 

conjugate branches Ina network, two branches of 
such a nature that a signal in one has no effect on 
the other. 

conjugate bridge A bridge in which the detector 
and generator occupy positions opposite to those 
in a conventional bridge of the same general type. 

conjugate impedance For a given complex im- 
pedance, R + jX, where R is the resistive compo- 
nent and jxX is the reactive component, the 
impedance: R-jX. The resistance is identical; the 
reactance is of equal magnitude, but opposite 
sign (capacitive as opposed to inductive, or vice 
versa). 

conjunction The logical AND operation. 

connect To provide an electrical path between two 
points. 

connection The point at which two conductors are 
physically joined. 

connective An operation symbol written between 
operands. 

connector 1. A device that provides electrical con- 
nection. 2. A fixture (either male or female) at- 
tached to a cable or chassis for quickly making 
and breaking one or more circuits. 3. A symbol 
that connects points on a flowchart. 

conoscope A device that uses focused polarized 
light to examine crystals (as in checking the opti- 
cal axis of a quartz crystal). 

consequent poles The poles of an equivalent sin- 
gle magnet that is formed when two magnets are 
aligned with their two identical poles together. 
Thus, when the two north poles are placed to- 
gether, the consequent poles are a south pole at 
each end and a north pole at the center. 

conservation of energy 1. The preservation of 
the potential for work by a given quantity of en- 
ergy—even when it undergoes a change in form 
within a system. 2. The law of conservation of 
energy, which states that energy can be neither 
created nor destroyed, but only changed in 
form. 

console 1. The main station or position for the 
control of electronic and/or computer equipment. 
2. The equipment at a fixed location. 3. An equip- 
ment-containing cabinet that stands on the floor. 
4. Equipment permitting communication with a 
computer. Also called dumb terminal. 

consonance 1. Harmony between audio tones. 2. 
Acoustical or electrical resonance between bodies 
or circuits that are not physically connected. 

constant 1. A quantity whose value remains 
fixed, such as the speed of light in a vacuum. 
Compare VARIABLE. 2. The value of a compo- 
nent specified for use in a particular electronic 
circuit. 3. An electronic component, particularly 
a capacitance or inductance. 4. In a computer 
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program, data items that remain unchanged for 
each run. 

constant-amplitude recording In sound record- 
ing, the technique of holding the maximum am- 
plitude of the signal steady as the frequency 
changes. 

constantan An alloy of copper and nickel used in 
some thermocouples and standard resistors. 

constantan-platinum thermocouple A_ thermo- 
couple that uses the junction between constan- 
tan and platinum wires, which is contained in 
thermocouple-type meters. 

constant area As allocated by a computer pro- 
gram, an area of memory that holds constants. 

constant bandwidth In a broadband tuned cir- 
cuit, bandwidth that does not change with fre- 
quency. 

constant current A current that undergoes no 
change in value as it flows through a changing re- 
sistance. Compare CONSTANT VOLTAGE. 

constant-current characteristic A condition in 
which the current through a circuit remains con- 
stant—even if the voltage across the circuit in- 
creases or decreases. 

constant-current curve A graph in which the de- 
pendent variable is an electric current that levels 
off at, or approaches, a specific maximum. An ex- 
ample is the collector-current versus collector- 
voltage curve for a bipolar transistor. 


Constant- 
current region 


Collector current 





0 Collector voltage +10 V 


constant-current curve 


constant-current drive Driving power obtained 
from a constant-current source. 

constant-current modulation See 
COUPLED MODULATION. 

constant-current power supply See CONSTANT- 
CURRENT SOURCE. 

constant-current sink See CURRENT SINK. 

constant-current source A power supply whose 
current remains steady during variations in 
load resistance. Also called constant-current 
supply and current-regulated supply. Compare 
CONSTANT-VOLTAGE SOURCE. 
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constant-current supply See CONSTANT- 
CURRENT SOURCE. 

constant-current transformer A transformer sup- 
plied from a constant-voltage source that auto- 
matically delivers a constant current to a varying 
secondary load. 

constant-k filter Also called a Zobel filter. A filter 
section in which Z|Z equals I? at all frequencies, 
where Z, is the impedance of the series element 
and Z is the impedance of the shunt element. 

constant-power dissipation line A line connect- 
ing points on a family of current-voltage charac- 
teristic curves, the points corresponding to the 
maximum power that can safely be dissipated by 
the device to which the curves apply. 

constant-resistance network A circuit of resistors 
that, when terminated in a resistance load, pre- 
sents a constant resistance to a driving source 
under various conditions of operation. 

constant-speed motor 1. Also called a shunt mo- 
tor. Amotor whose speed varies little, or not at all, 
with variations in the armature current. 2. A mo- 
tor that runs at an unvarying speed through the 
action of associated automatic electronic control 
circuitry. 

constant voltage A voltage that does not change 
as the load resistance varies. Compare CON- 
STANT CURRENT. 

constant-voltage, constant-current supply A 
combination current-regulated and_ voltage- 
regulated power supply; delivers constant cur- 
rent to low load resistances and constant voltage 
to high load resistances. 

constant-voltage drive Driving power obtained 
from a CONSTANT-VOLTAGE SOURCE. 

constant-voltage source A power supply whose 
output voltage remains steady during variations 
in load current. Also called constant-voltage sup- 
ply and voltage-regulated supply. 

constant-voltage transformer A_ special trans- 
former used to reduce variations in power-line 
voltage. A capacitor in the device causes a winding 
to resonate at the line frequency (e.g., 60 Hz). This 
tends to maintain a more constant current than 
would be the case in an ordinary transformer. 

construct A source (user’s) computer program 
statement that, when implemented, produces a 
predetermined effect. 

consumer reliability risk 1. The chance a con- 
sumer takes when buying a component or piece 
of equipment that has not been subjected to 
quality-assurance/quality-control (QA/QC) test- 
ing. 2. An expression of the failure rate for a con- 
sumer item. 

contact 1. A conducting body (such as a button, 
disk, or blade) that serves to close an electric cir- 
cuit when pressed against another conductor. 
Example: switch contact and spring contact. 2. 
The state of being touched together, as when two 
conductors are brought into contact to close a 
circuit. 
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contact are The arc that initially occurs when 
current-carrying contacts are separated. 

contact area 1. The face of an electrical contact. 
2. The common area shared by two conductors in 
mutual contact. 

contact bounce The springing apart or vibration of 
contacts upon making or breaking. 

contact chatter The abnormal vibration of mating 
contacts, caused by contact bounce or by an ex- 
traneous alternating current. 

contact-closure input The input circuit of a de- 
vice, such as a control-system amplifier, that is 
actuated by the closing of switching contacts. 
Compare CONTACT-OPEN INPUT. 

contact combination The set of contacts on a 
switch or electronic relay. 

contact detector A rectifier or demodulator, com- 
posed of two dissimilar materials in contact with 
each other. Semiconductor diodes are of this gen- 
eral type. Some contact-detector action can be 
obtained with two dissimilar fine wires (such as 
copper and iron) by touching their tips lightly to- 
gether. 

contact EMF Short for contact electromotive force; 
also called contact potential. A low direct-current 
(dc) voltage that is sometimes generated by the 
contact of two dissimilar materials. 

contact follow The tendency of relay contacts to 
follow the actuating signals. 

contact force 1. The force with which relay con- 
tacts close with a given amount of coil current. 2. 
The force with which a pair of relay contacts are 
held together when current flows through the 
coil. 3. In a mercury-wetted relay, the force ex- 
erted by the mercury on the contacts as the relay 
closes. 

contact gap The distance between contacts when 
they are open. 

contact load 1. The power dissipated by a load 
that is connected to a power supply through a 
closed set of contacts. 2. The current passing 
through a set of closed contacts. 

contact microphone A microphone placed in di- 
rect contact with a vibrating surface for pickup. 
Actuated by the vibration of a solid, rather than 
by the movement of air molecules. 

contact miss 1. The improper alignment of con- 
tacts in a switch or relay. 2. The condition of re- 
lay contacts not lining up properly. 

contact modulator An electromechanical CHOP- 
PER. 

contact-open input The input circuit of a device, 
such as a control-system amplifier, that is actu- 
ated by the opening of switching contacts. Com- 
pare CONTACT-CLOSURE INPUT. 

contactor A switch used for frequent opening or 
closing of a circuit. An example is a relay contac- 
tor used for keying a transmitter. 

contactor noise 1. Electrical noise that is the 
product of make-and-break contact action or 
fluctuations in conduction when the contacts are 
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closed. 2. Sounds coming directly from contacts 
that are opening and closing. 

contact potential The small direct-current (dc) 
voltage that results from the bombardment of an 
electrode by electrons, when the electrode has no 
external voltage applied to it. 

contact pressure The pressure that holds con- 
tacts together. 

contact protector A component (such as a diode, 
capacitor, resistor, or combination of these) that 
serves to suppress contact arcing. 

contact rating The maximum current, voltage, 
and/or power specified for a given set of contacts. 

contact rectifier A rectifier consisting of two dis- 
similar materials in direct contact. Examples: 
copper and copper oxide, magnesium and copper 
sulfide, selenium and aluminum, and germa- 
nium and indium. 

contact resistance The resistance of the closed 
contacts of switches, relays, and other similar de- 
vices. Normally, this is a very small resistance. 

contact separation See CONTACT GAP. 

contact strip See TERMINAL STRIP. 

contact switch An electromechanical switch that 
uses contacts to make and break a circuit, as 
compared with an electronic switch that uses 
semiconductor devices. 

contact travel The distance over which a relay or 
switch contact must move to close a circuit. 
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contact wetting The use of mercury (a conducting 
liquid) to improve the action of a relay contact or 
contacts. 

contact wipe A sliding motion between closed con- 
tacts. Helps to establish a good connection and to 
keep the contact surfaces clean. 

container file See CONTROLLING FILE. 

contaminated material 1. A semiconductor mate- 
rial containing some undesired substance. 2. A 
material unintentionally made radioactive. 

contamination 1. The presence of an impurity ina 
substance. 2. The addition of a radioactive mate- 
rial to a substance. 3. In a coaxial cable, the ten- 
dency for the jacket material to bleed through the 
outer braid into the dielectric, resulting in in- 
creased loss. 

content-addressed storage In a computer, mem- 
ory- or data-storage locations identified by con- 
tent (see CONTENTS), instead of by address. Also 
called associative storage. 

contention The result of interference among more 
than one transmitting station on the same com- 
munications channel. 

contents 1. The data in a computer random- 
access memory (RAM). 2. The data in a specific 
storage location, such as on a hard disk, diskette, 
or CD-ROM. 

context 1. The environment in which a word is 
used in a natural language (such as English, 
Spanish, or Russian). Important in speech 
recognition and speech synthesis. 2. The envi- 
ronment in which a string of characters, com- 
posing a data unit or word, is used in a 
computer program. 

Continental code A version of the Morse code 
used internationally in radiotelegraphy. Also 
called International Morse code and general ser- 
vice code. Compare AMERICAN MORSE CODE. 

continuity A condition of being uninterrupted— 
especially pertaining to current flowing in an 
electrical or electronic circuit. 

continuity test A test of the completeness of an 
electrical path. Ideally, the only concern is 
whether the circuit is open or closed, but some- 
times circuit resistance is also of interest. 

continuity tester A device (such as an ohmmeter, 
battery and buzzer, and battery and lamp) with 
which a continuity test can be made. 

continuity writer The person who prepares copy 
for a radio or television broadcaster. 

continuous carrier A medium (such as a radio- 
frequency wave) that will convey information (as 
when the carrier is modulated) with no disruption 
of the medium itself. 

continuous circuit An uninterrupted circuit. 

Continuous Commercial Service Abbreviation, 
CCS. A category in which safe operating parame- 
ters are listed for electronic components and 
communications equipment operated over long, 
uninterrupted periods. Compare INTERMITTENT 
COMMERCIAL AND AMATEUR SERVICE. 
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continuous duty The requirement of a device to 
sustain a 100-percent duty cycle for a prolonged 
period of time. 

continuous-duty rating A maximum current, volt- 
age, or power rating for equipment operated for 
extended periods at a 100-percent duty cycle. 

continuous load _ A load that requires a continuous 
feed for a prolonged period of time. 

continuous memory See NONVOLATILE MEM- 
ORY. 

continuous-path motion In robotics, machine 
movement that occurs in a smooth fashion, 
rather than in discrete steps. Allows precise posi- 
tioning of a mechanical arm or gripper. 

continuous power The maximum sine-wave power 
that an amplifier can deliver for 30 seconds. 

continuous recorder An instrument that provides 
an uninterrupted recording. 

continuous recording A record made on a contin- 
uous sheet or tape, instead of on separate sheets 
or tapes. An example is a continuous-playing 
tape used for repeated public announcements. 

continuous spectrum 1. The range of all electro- 
magnetic frequencies between a specified lower 
limit fi and a specified upper limit f2. 2. A range 
of electromagnetic frequencies that exhibits simi- 
lar behavior between its lower and upper limits. 

continuous stationery Also called fanfold paper. 
The pack of paper a line printer uses. It consists 
of sheets connected by perforated or tear-off 
edges, folded in accordion fashion. It usually has 
tear-off perforated strips along either side to facil- 
itate feed through the printer mechanism. 
continuous variable A variable that can attain any 
value within a specific range of values. An exam- 
ple is a frequency within the 75- to 80-meter am- 
ateur radio band, from 3.5 to 4.0 MHz. 
continuous wave Abbreviation, CW. 1. A periodic 
wave, such as a radio-frequency (RF) carrier, that 
is not interrupted at any point between its normal 
start and termination, and that is unmodulated. 
2. An RF carrier that is interrupted digitally with 
a keying device according to some code (such as 
Morse), for the purpose of conveying information. 
continuous-wave laser See CW LASER. 
continuous-wave radar See CW RADAR. 

contour A control on an audio reproduction sys- 
tem that increases the base and treble ampli- 
tudes at low levels to compensate for the ear’s 
natural losses in these ranges. Alternatively, this 
control can attenuate signals in the 3-kHz region, 
where the human ear is most sensitive. 

contours of equal loudness See AUDIBILITY 
CURVES. 

CONTRAN A computer language that requires no 
compiler, or translating, interface between the 
operator and the machine. The programming is 
done in a language similar to machine language. 

contrast 1. In a video image, the degree to which 
adjacent areas of a picture are differentiated. In- 
sufficient contrast makes for a “flat” picture; ex- 
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cessive contrast, a “hard” picture. 2. In optical 
character recognition, the degree to which a char- 
acter is distinguishable from its background. 

contrast control A potentiometer for adjusting the 
gain of the video in a television receiver or cath- 
ode-ray-tube (CRT) computer display and, ac- 
cordingly, the image contrast. 

contrast range In an image or pattern, the bright- 
ness range from the lightest to the darkest parts. 

contrast ratio In a video image, the ratio of maxi- 
mum to minimum luminance. 

control 1. An adjustable component, such as a 
rheostat, potentiometer, variable capacitor, or 
variable inductor, that allows some quantity to be 
varied at will. 2. A test or experiment conducted 
simultaneously with another similar test con- 
ducted under conditions lacking the factor under 
consideration. Thus, if 100 resistors coated with 
a special varnish are tested at 120°F, 100 identi- 
cal unvarnished resistors could be tested (as a 
control) under the same conditions; in this way, 
the effect of the varnish would be ascertainable. 
3. As a computer function, understanding and 
implementing instructions or carrying out tasks, 
according to specific conditions. 

control ampere-turns The ampere-turns of the 
control winding in a magnetic amplifier. 

control block A storage block for control informa- 
tion in a computer. 

control bus In a digital computer, the electrical 
conductors linking the central-processing-unit 
(CPU) control register to the memory circuits. 

control card A card that provides control informa- 
tion for a computer. 

control character A character (bit group) used to 
start the control of a peripheral. 

control characteristic A representation (such asa 
collector-current versus collector-voltage curve) 
depicting the extent to which the value of one 
quantity affects or controls the value of another. 

control circuit 1. A circuit in which one signal or 
process is made to control another signal or pro- 
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cess. 2. In a digital computer, a circuit that han- 
dles and interprets instructions and commands, 
particularly in the arithmetic and logic unit 
(ALU). 

control computer A computer that receives sig- 
nals concerning the parameters in some process, 
and responds with signals that control those pa- 
rameters. 

control counter See CONTROL REGISTER. 

control data_ 1. In a computer record having a key, 
information used to put the records in some se- 
quence. 2. Information affecting a routine’s selec- 
tion or modification. 

control electrode An electrode to which an input 
signal can be applied to control an output signal. 
Common examples are the base of a bipolar tran- 
sistor, the gate of a field-effect transistor, and the 
inputs of a logic gate. 

control field 1. In direct-current generators of the 
amplifying type, an auxiliary field winding used 
for feedback and regulation, in contrast to the 
self-excited field winding (which is the conven- 
tional field winding of the generator). 2. A com- 
puter record field containing control data. 

control flux In an amplidyne, magnetic flux gener- 
ated by current flowing through the control wind- 
ing. 

control grid See GRID, 1. 

control-grid bias The negative dc voltage applied 
between ground and the control grid of a vacuum 
tube to establish the operating point. 

control language Within the operating system ofa 
computer, the command set that the operator or 
programmer uses to control the running of a pro- 
gram or the operation of peripherals. Also called 
job control language or system control language. 

control language interpreter See CONTROL LAN- 
GUAGE and INTERPRETER. 

controlled avalanche diode Also called avalanche 
diode or Zener diode. A diode that has a well- 
defined avalanche voltage. Used primarily for 
voltage regulation in power supplies. 

controlled-carrier modulation See QUIESCENT 
CARRIER OPERATION. 

controlled-carrier transmission See QUIESCENT 
CARRIER OPERATION. 

controlled rectifier A rectifier whose dc output 
can be varied by adjusting the voltage or phase of 
a signal applied to the control element. See 
SILICON-CONTROLLED RECTIFIER. 

controller 1. The control signal of an electronic 
control (or servo), system. 2. A device, such as a 
specialized variable resistor, used to adjust cur- 
rent or voltage. 3. A computer that oversees and 
controls the operation of a robot or fleet of robots. 

controller function The control of the movements 
of a servo system. 

controlling file A computer storage area encom- 
passing several complete magnetic disk cylin- 
ders; its size can be changed to accommodate a 
number of files. 
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control loop See CONTROL TAPE. 

control mark See TAPE MARK. 

control panel 1. An accessible surface on which are 
mounted switches, buttons, potentiometers, me- 
ters, digital indicators, monitoring devices, and 
other apparatus essential to regulating and super- 
vising an electronic system. 2. The console that a 
computer operator or programmer uses to com- 
municate with the central processing unit (CPU). 

control plate The metallic plate or disk that serves 
as the antenna of a CAPACITANCE RELAY or 
TOUCHPLATE RELAY. 

control program A program that arranges com- 
puter-operation programs in a certain order. Puts 
information in the computer memory for later 
use. 

control rectifier A semiconductor diode device, 
used for the purpose of switching large currents. 
A small control signal can provide switching of 
high-power devices. 

control register In a computer, the register that 
stores the address of the next instruction in the 
program being run. 

control sequence The order in which instructions 
are executed in a digital computer. 

control stack In a computer system, a unit of 
hardware having storage locations and used to 
perform arithmetic, assist in allocating memory 
to programs, and to control internal processes. 

control statement Ina programming language, an 
instruction that causes some action to be taken, 
as specified by a condition; it is also applicable to 
source program statements that affect the com- 
piler’s operation without modifying the machine 
code. 

control tape Punched paper or plastic tape in the 
form of a closed loop and used to control printing 
devices. Also called control loop. 

control total For a file or record group, a total de- 
rived during an operation; it is used to verify that 
all the records have been processed similarly. 

control transfer The situation in which the control 
unit of a digital computer leaves the main se- 
quence of instructions and takes its next instruc- 
tion from an out-of-sequence address. 

control transfer instruction See BRANCH IN- 
STRUCTION. 

control-voltage winding In a servomotor, the 
winding that receives a varying voltage of a phase 
different from that applied to the fixed-voltage 
windings. 

control winding In a magnetic amplifier, the wind- 
ing that conducts the control-signal current. 

control word A word (a bit group) stored in a com- 
puter memory and used for a control function. 

convection The flow ofa gas or liquid that results in 
the transfer of heat from one location to another. 

convection cooling The removal of excess heat 
from a component, such as a power vacuum tube 
or transistor, via upward movement of surround- 
ing air that has been heated by the component. 
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convection current 1. The motion of current car- 
riers or a charge across the surface of a conduc- 
tor or dielectric. 2. Air currents rising above a 
heat source or heated body. 

convective discharge The continuous §high- 
voltage current discharge across a spark gap. 

convectron A device that indicates the angle, with 
respect to the vertical, based on convection cool- 
ing of a straight wire. The temperature difference 
is greatest when the angle is 0 degrees (the wire is 
vertical); the temperature difference decreases as 
the angle increases, reaching a minimum at 90 
degrees (when the wire is horizontal). 

convenience outlet 1. In North America, a wall 
outlet providing a nominal 117 volts alternating 
current (ac) at 60 Hz for common household ap- 
pliances. 2. An outlet in a laboratory that pro- 
vides power for a certain application. 

conventional current The notion that current 
flows from the positive pole to the negative pole in 
an electric circuit. This representation is used 
most often by physicists. Electron flow is opposite 
to conventional current flow; positively charged 
particles, such as holes, move in the same direc- 
tion as the conventional current. 

convergence 1. The eventual meeting of values or 
bodies at some point (sometimes at infinity, as in 
certain mathematical series). 2. The intersection 
point of the beams from separate electron guns in 
a cathode-ray tube (CRT). 

convergence coil One of a pair of coils used in a 
color television receiver to produce dynamic beam 
convergence (see CONVERGENCE, 2). 

convergence control In a color television receiver, 
a potentiometer in the high-voltage circuit for con- 
vergence adjustment (see CONVERGENCE, 2). 

convergence electrode An electrode that provides 
an electrostatic field for converging electron 
beams. Compare CONVERGENCE MAGNET. 

convergence frequency The frequency of the last 
member of a spectrum series. 

convergence magnet An assembly that provides a 
magnetic field to converge electron beams. Com- 
pare CONVERGENCE ELECTRODE. 
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convergence phase control In a three-gun color 
picture tube, a variable resistor or variable induc- 
tor used to adjust the phase of the dynamic con- 
vergence voltage. 

convergence plane 1. In a color picture tube, the 
plane in which the red, green, and blue beams all 
focus. 2. In a cathode-ray tube, the plane in 
which the electron beam reaches its sharpest fo- 
cus. 

convergent series A mathematical series that ap- 
proaches a specific, finite numerical value as the 
number of terms increases. Thus, the series 0.3 + 
0.03 + 0.003 +... approaches a limiting value of 
183. Compare DIVERGENT SERIES and INFINITE 
SERIES. 

converging lens _ A lens having a real focus for par- 
allel rays; generally a convex lens. 

conversational compiler In computer operations, 
a compiler that, using the CONVERSATIONAL 
MODE of operation, shows the programmer 
whether or not each statement entered into the 
computer is valid, and whether or not to proceed 
with the next instruction. 

conversational mode High-level computer opera- 
tion or programming, in which the computer 
gives responses to the operator’s input. 

conversion 1. The deliberate mixing of radio- 
frequency (RF) signals to produce signals at the 
sum and/or difference frequencies. 2. The pro- 
cess of changing direct current (dc) to alternating 
current (ac). 3. The process of changing low-volt- 
age dc to high-voltage dc. 4. The changing of a 
computer file to another format and, possibly, 
transferring it to a different storage medium (e.g., 
from tape to internal memory). 5. The processing 
of a program or file written for one computer or 
application into a form suitable for another com- 
puter or application. 

conversion efficiency In a converter (see CON- 
VERTER, 1), the ratio of output-signal ampli- 
tude to input-signal amplitude. For example, in 
a superheterodyne converter, a large intermedi- 
ate-frequency (IF) output for a low radio- 
frequency (RF) input indicates high conversion 
efficiency. 

conversion equipment In a computer system, an 
offline device for transferring data from one 
medium to another [e.g., a disk-to-tape converter 
(tape drive)]. Also called CONVERTER. 

conversion exciter An exciter for transmitters, in 
which an output signal of a desired frequency is 
obtained by beating the output of a variable- 
frequency self-excited oscillator with the output 
of a fixed-frequency oscillator (such as a crystal 
oscillator). 

conversion gain Amplification as a byproduct of 
conversion. See CONVERSION EFFICIENCY. 

conversion loss Conversion gain of less than 1. 

conversion program In computer operations, a 
program for data conversion (see CONVERSION, 
4 and 5). 
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conversion rate Also called sampling rate. The 
number of samples per second taken by an 
ANALOG-TO-DIGITAL CONVERTER. 

conversion time In digital computer operation, 
the time required for the machine to read out all 
the digits in a coded word. 

conversion transconductance See CONVERSION 
EFFICIENCY. 

convert 1. To perform frequency conversion (see 
CONVERSION, 1). 2. To perform voltage conver- 
sion (see CONVERSION, 2 and 3). 3. In computer 
operations, to change information from one num- 
ber base to another. 4. To perform data conver- 
sion (see CONVERSION, 4 and 5). 

converter 1. A heterodyne mixer in which two in- 
put signals of different frequency are mixed to 
yield a third (output) signal of yet a different fre- 
quency. 2. A machine for converting direct cur- 
rent (dc) to alternating current (ac) (e.g., a 
chopper converter). 3. A transistor circuit for con- 
verting a low-voltage dc to higher-voltage dc. 4. 
Conversion equipment. 5. A circuit or device that 
changes analog data to digital data or vice versa. 

converter amplifier See CHOPPER AMPLIFIER. 

converter stage A circuit used principally to mix 
two signals (such as a received signal and local- 
oscillator signal in a superheterodyne receiver), 
and deliver the resultant signal. 

convexo-concave Pertaining to a lens having a 
convex face of greater curvature than its concave 
face. 

coolant A liquid (often water or oil) used to remove 
heat from an electronic component. 

Coolidge X-ray tube An X-ray tube containing a 
heated filament (with focusing shield) and a 
slanting tungsten target embedded in a heavy 
copper anode. 

cooling Maintenance of the operating temperature 
of an electronic component or system at a safe 
level. Common devices for cooling are heatsinks, 
circulating or forced air, and circulating liquid. 

coordinate bond A covalent bond that consists of 
a pair of electrons supplied by only one of the 
atoms joined by the bond. 

Coordinated Universal Time Abbreviation, UTC. 
Astronomical time at the Greenwich meridian 
(zero degrees longitude). The UTC day begins at 
0000 hours and ends at 2400 hours. Based on 
the mean, or average, synodic (sun-based) rota- 
tional period of the earth. The earth is slightly be- 
hind UTC near June 1, and is slightly ahead near 
October 1. 

coordinate digitizer A device or circuit that en- 
codes a coordinate graph into digital signals for 
storage or transmission. 

coordinate of chromaticity See CHROMATICITY 
COORDINATE. 

coordinates A set of axes with points that can be 
uniquely defined or located on a line, in a plane, 
or in space. See CARTESIAN COORDINATES and 
POLAR COORDINATES. 
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coordinate system A mathematical means of 
uniquely defining or locating a point on a line, in 
a plane, or in space. The most common coordi- 
nates are CARTESIAN COORDINATES (also 
called rectangular coordinates), consisting of 
numbered lines intersecting at right angles. 





coordinate system 
(Cartesian) 


coordination complex An ion or compound hav- 
ing a central (usually metallic) ion combined by 
coordinate bonds with a definite number of sur- 
rounding groups, ions, or molecules. 

coplanar array A set of antennas that lie in the 
same plane, and are fed by a common transmis- 
sion line. 

copper Symbol, Cu. A metallic element. Atomic 
number, 29. Atomic weight, 63.546. An excellent 
conductor of electricity and heat, commonly used 
in the manufacture of wires and cables. 

copper-clad wire Iron or steel wire plated with 
copper. 

copper-constantan thermocouple A thermocou- 
ple consisting of a junction between wires or 
strips of copper and constantan. Typical output 
is 4.24 mV at 100°C. 

copper loss Power (I?R) loss in copper wires, ca- 
bles, and/or coils. 

copper-oxide diode A small diode in which the 
semiconductor material is copper oxide. Such 
diodes, widely used before the ready availability 
of selenium and silicon, are still occasionally 
found in meter-rectifier service. 

copper-oxide modulator An amplitude modulator 
whose action is derived from the nonlinear con- 
duction characteristic of copper-oxide diodes. 

copper-oxide photocell A photoelectric cell in 
which the light-sensitive material is copper oxide. 

copper-oxide rectifier A rectifier in which the 
semiconductor material is copper oxide. Recti- 
fiers of this type are suitable for low-voltage ser- 
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vice; they were widely used before the advent of 
germanium, silicon, and selenium rectifiers. 

copper pyrites See CHALCOPYRITE. 

copper-sulfide rectifier A rectifier in which the 
unilateral junction is between copper-sulfide and 
magnesium elements. Like the copper-oxide rec- 
tifier, the copper-sulfide unit was once widely 
used in low-voltage applications. 

copy 1. Also called hard copy. Printed or written 
text. 2. In communications, a qualitative expres- 
sion of the extent to which received data is intel- 
ligible (e.g., a radio operator’s signal report, “You 
are solid (perfect) copy.”). 3. To duplicate data in 
a storage system, the original being in another 
system, or in a different location in the same 
system. 4. An exact duplicate of data in any 
form. 

copying telegraph A descriptive term for a facsim- 
ile system. 

Corbino disk A variable resistor consisting of a 
semiconductor disk capable of exhibiting the 
CORBINO EFFECT. The disk is inserted into an 
adjustable magnetic field, which serves as the 
control medium. 

Corbino effect A phenomenon similar to the HALL 
EFFECT, in which a current flows around a disk 
carrying a radial current when the disk is in- 
serted into a magnetic field whose lines of flux are 
perpendicular to the disk. Compare HALL EF- 
FECT. 
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cord 1.A length of flexible, insulated cable, usually 
having two or three conductors. 2. Tough, insu- 
lating string (e.g., dial cord or lacing cord). 

cordless 1. Descriptive of a plug without a flexible 
cord. 2. Pertaining to radio-frequency (RF) or in- 
frared short-range links for communications and 
control (e.g., a cordless telephone set). 

cordless keyboard A computer keyboard that em- 
ploys an infrared (IR), very-high frequency (VHF), 
or ultra-high-frequency (UHF) transmitter and re- 
ceiver. Commonly used with so-called Web TV 
systems and in presentations using a display pro- 
jection system. Operates according to the same 
electronic scheme as a CORDLESS MOUSE. 

cordless modem See WIRELESS MODEM, 3. 
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cordless mouse A_hand-controlled computer 
mouse that employs an infrared (IR), a very-high 
frequency (VHF), or an_ ultra-high-frequency 
(UHF) transmitter and receiver. The transmitter 
is inside the device, and the receiver is contained 
either inside the computer main unit, or in a 
small box attached to the computer main unit by 
a cord. The box can be placed somewhere out of 
the way; for example, at the back of the desk. 
Then the mouse can be moved around freely. This 
link is effective at distances of up to 20 or 30 feet. 

cordwood A type of construction in which elec- 
tronic components are sandwiched perpendicu- 
larly between layers of components. So called 
because it looks somewhat like stacked cord- 
wood. 

cordwood module A module containing discrete 
components mounted perpendicularly between 
two parallel printed circuits. 

core 1. The body or form on which a coil or trans- 
former is wound. Can be made of ferromagnetic 
or dielectric material. The properties depend on 
the application. 2. CORE MEMORY. 

core dump Dumping core memory content to an 
output peripheral. Also see DUMP. 

coreless induction heater An induction heater in 
which the body to be heated receives energy di- 
rectly from the field of the energizing coil (there is 
no intervening core). Compare CORE-TYPE IN- 
DUCTION HEATER. 

core loss Loss of energy in a magnetic core, caused 
by eddy currents and hysteresis in the core mate- 
rial. 

core memory An older memory technology, con- 
sisting of a series of small ringshaped magnetic 
cores, into or out of which data can be written or 
read by changing the magnetization of the cores. 

core plane A usually flat assembly of special mag- 
netic cores, through which pass associated 
current-conducting wires to provide a CORE 
MEMORY. 

core saturation The condition in which a core of 
magnetic material accommodates the maximum 
number of magnetic lines characteristic of that 
material. Increasing the magnetizing force pro- 
duces no additional magnetization. 

core shift register A shift register that uses spe- 
cial magnetic cores as bistable components. See 
CORE MEMORY. 

core storage A high-speed magnetic core storage 
unit. Also see CORE MEMORY and CORE PLANE. 

core transformer A transformer whose coils are 
wound around a ferromagnetic core. 

core wrapping The placing of an insulating layer 
over an inductor or transformer core. This mini- 
mizes the chances of short-circuiting between the 
windings and the core material. 

core-type induction heater An induction heater 
in which the body to be heated is magnetically 
linked, by a core, to the energizing coil. Compare 
CORELESS INDUCTION HEATER. 
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corner 1. An abrupt turn in the axis of a wave- 
guide. 2. The line, and the region in the vicinity 
thereof, at which two intersecting plane surfaces 
meet (e.g., the reflector screen of a CORNER- 
REFLECTION ANTENNA). The plane surfaces are 
usually perpendicular to each other. 3. The point, 
and the region in the vicinity thereof, at which 
three intersecting plane surfaces meet. Generally, 
the plane surfaces are mutually perpendicular. 4. 
The passband frequency limit(s) of a bandpass, 
band-rejection, high-pass, or low-pass filter. 5. A 
sharp bend in the attenuation-versus-frequency 
curve of a bandpass, band-rejection, high-pass, 
or low-pass filter, depicting the limit(s) of the 
passband. 

corner diffraction 1. The bending of sound waves 
around a corner. 2. The bending of radio- 
frequency (RF) energy around an object, when the 
wavelength is great, compared with the size of the 
object. 

corner effect A rounding off of the frequency re- 
sponse of a filter at the corner(s) [i.e., at the 
limit(s) of the passband]. 

corner frequency See CORNER, 4. 

corner reflection The reflection of a beam of light 
(or of microwave energy or other short-wave- 
length energy) from a corner reflector, so the 
beam leaves the reflector in exactly the opposite 
direction from which it approaches. See CORNER 
REFLECTOR, 2. 

corner-reflection antenna A directional antenna 
consisting of a dipole radiator situated at the 
apex formed by two nonparallel, flat reflecting 
sheets or a single folded sheet. See CORNER RE- 
FLECTOR, 1. 
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corner reflector 1. An antenna with a half-wave 
driven element and a reflector made of wire mesh, 
screen, or sheet metal that resembles an open 
folder. The flare angle of the reflecting element is 
about 90 degrees. The antenna is used at ultra- 
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high and microwave frequencies for television re- 
ception and satellite communications. Some- 
times several half-wave dipoles are fed in phase 
and arranged along a common line with a single, 
elongated reflector. 2. Also called tricorner reflec- 
tor. A set of three flat metal surfaces or screens, 
attached together in a manner identical to the 
way two walls meet the floor or ceiling in a room. 
Such a device, if it is at least several wavelengths 
across, returns electromagnetic energy in exactly 
the same direction from which it arrives. Devices 
of this type are used as radar dummy targets and 
in optical and infrared (IR) wireless ranging 
systems. 

corona A luminous discharge in the space sur- 
rounding a high-voltage conductor; caused by 
ionization of the air. The discharge constitutes a 
loss of energy. 

corona effect The production of a luminous dis- 
charge, especially at the end of a pointed termi- 
nal, when the voltage gradient reaches a critical 
value. 

corona failure A form of high-voltage failure, re- 
sulting from the erosion of an object (such as an 
electrical insulator) by corona. 

corona loss Loss caused by energy dissipation 
through a corona. It occurs as a result of the 
emission of electrons from the surface of electri- 
cal conductors at high potentials, and depends 
on the curvature of the conductor surface, with 
most emission occurring from sharp points and 
the least from surfaces with a large radius of cur- 
vature. It is often accompanied by a blue glow 
and a crackling or hissing sound. 

corona resistance The length of time that an insu- 
lating material can withstand a specified level of 
field-intensified ionization before completely 
breaking down. 

corona shield A shield surrounding a high-voltage 
point to prevent corona by redistributing the elec- 
tric flux. 

corona starting voltage The minimum voltage be- 
tween two electrodes, or on a single electrode in 
free space, at which corona occurs. 

corona voltmeter A voltmeter used to measure the 
peak value of a voltage in terms of corona dis- 
charge. It consists of a metal tube in which a cen- 
tral wire is mounted, the parts being connected to 
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the voltage source. The air density in the tube is 
varied until corona occurs. 

corpuscle A tiny particle. It was the name given to 
the ELECTRON by some early experimenters and 
theorists. 

correction 1. The addition of a factor that provides 
greater accuracy in a measurement. 2. A change 
in the calibration of an instrument to increase the 
accuracy. 

correction factor A percentage, or numerical fac- 
tor, added to or subtracted from a reading to pro- 
vide a greater degree of accuracy. Often used with 
instruments known to be inaccurate by a certain 
amount. 

corrective feedback Feedback that is used to cor- 
rect (bring to a prescribed level) a quantity consti- 
tuting the input to a system. 

corrective maintenance The repair of a circuit or 
system after it has malfunctioned or broken 
down. 

corrective network A network that improves the 
performance of the circuit into which it is in- 
serted. 

corrective stub A combination tuning-matching 
stub used in some antenna systems. It matches 
the resistive component of the antenna imped- 
ance to the characteristic impedance of a feed 
line, and also eliminates any reactance that 
might be present at the antenna feed point. 

correed relay A sealed reed relay used as a high- 
speed switching device in communications equip- 
ment. 

correlation A statistical expression or measure of 
the degree to which two sets of data are related. 
Can be given qualitatively (high-positive, low- 
positive, zero, low-negative, or high-negative) or 
quantitatively (as a number between -1 and 1). 
Does not necessarily imply causation. 

correlation detector A detector that compares a 
signal of interest with a standard signal at every 
point, delivering an output that is proportional to 
the correspondence between the two signals. 

correlation distance The smallest distance between 
two antennas that results in fading of signals un- 
der conditions of tropospheric propagation. It is 
used at very-high frequencies (VHF) and above, to 
determine the maximum range over which com- 
munications can be carried out reliably. 

correlation tracking A method of target tracking 
in which phase relationships are used to deter- 
mine positions. 

correspondence The ability of a binocular ma- 
chine vision system to tell when both of its optical 
sensors are processing an image from the same 
object; also, the ability of the system to keep both 
sensors tracking the same object. 

corrosion-resistant Pertaining to materials that 
are treated to be immune to corrosion by the ele- 
ments. Such substances are preferable for use in 
marine or tropical environments, where corrosion 
is especially severe. 
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corruption The altering of data or a code as a re- 
sult of a program error or machine fault. 

COS Abbreviation of COMPLEMENTARY-SYMME- 
TRY CIRCUIT. 

cosecant Abbreviation, csc. A trigonometric func- 
tion; csc q = c/a, where cis the hypotenuse of a 
right triangle and a is the side opposite q. The 
cosecant is the reciprocal of sine: csc q = 1/sin q. 

cosecant-squared antenna A radar antenna that 
radiates a COSECANT-SQUARED BEAM. 

cosecant-squared beam A radar beam whose in- 
tensity varies directly with the square of the cose- 
cant of the angle of elevation. 

cosech Abbreviation of HYPERBOLIC COSECANT. 
Also abbreviated as csch. 

cosh Abbreviation of HYPERBOLIC COSINE. 

cosine Abbreviation, cos. A trigonometric function; 
cos q = b/c, where b is the side adjacent to q and 
cis the hypotenuse of the right triangle. 

cosine law The brightness in any direction from a 
perfectly diffusing surface is proportional to the 
cosine of the angle between the direction vector 
and a vector perpendicular to the surface. 

cosine wave A periodic wave that follows the co- 
sine of the phase angle. It has a shape identical 
with a SINE WAVE, but differs by 90 degrees of 
phase. 

cosine yoke A magnetic-deflection yoke that has 
nonuniform windings for improved focus at the 
edges of a television picture. Also called anastig- 
matic yoke and full-focus yoke. 

cosmic noise Radio noise produced by signals 
from extraterrestrial space. 

cosmic rays Extremely penetrating rays consisting 
of streams of atomic nuclei entering the earth’s 
atmosphere from outer space. 

COS/MOSIC An integrated circuit (IC), such as an 
operational amplifier, utilizing metal-oxide-semi- 
conductor (MOS) field-effect transistors in a com- 
plementary-symmetry (COS) arrangement. 

cost analysis In a commercial or industrial organi- 
zation, ascertaining the expense associated with 
a service, process, or job. 

cot Abbreviation of COTANGENT. 

cotangent Abbreviation, cot. A trigonometric func- 
tion; cot q = b/a, where ais the side adjacent to q 
and b is the side opposite q (in a right triangle). 
Cotangent is the reciprocal of tangent: cot q = 
1/tan q. 

coth Abbreviation of HYPERBOLIC COTANGENT. 

Cotton-Mouton effect See KERR MAGNETO- 
OPTICAL EFFECT. 

Cottrell process Dust precipitated by high voltage. 
Dust in the air is made to flow through a 
grounded metal chamber that contains a wire 
maintained at high voltage. The dust particles be- 
come charged and adhere to the chamber walls, 
from which they are later collected. 

coul-cell A coulometer of the electrolytic-cell type. 

coulomb (Charles Augustin Coulomb, 1736- 
1806). Abbreviation, C. The unit of electrical 
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charge quantity, equal to the charge contained in 
6.24 x 10!® electrons. A current of one ampere 
(1 A) represents 1 coulomb per second (C/s). 

Coulomb’s law The force between two electrically 
charged objects is directly proportional to the 
product of the charge quantities in coulombs, 
and inversely proportional to the square of the 
distance between the charge centers. This force is 
an attraction for opposite charges, and a repul- 
sion for similar charges. 

coulometer An instrument that measures electri- 
cal charge quantity in coulombs. A typical version 
keeps a cumulative count of coulombs (ampere- 
seconds) by integrating current, with respect to 
time. Also called coulombmeter. 

Coulter counter See CELL COUNTER. 

count 1. The number of pulses tallied by a count- 
ing system in a given period of time. 2. A single 
response by a radioactivity counter. 3. A record of 
the number of times an instruction or subroutine 
in a computer program is executed (by increasing 
the value of a variable by one, as stated in a FOR- 
NEXT loop, for example). 

countdown A decreasing count of time units re- 
maining before an event or operation occurs 
showing time elapsed and time remaining. 

counter 1. A circuit, such as a cascade of flip- 
flops, that tracks the number of pulses applied to 
it and usually displays the total number of 
pulses. 2. A mechanism, such as an electrome- 
chanical indicator, that tracks the number of im- 
pulses applied to it and displays the total. 3. An 
electronic switching circuit, such as a flip-flop or 
stepping circuit, that responds to sequential in- 
put pulses applied to it, giving one output pulse 
after receiving a certain number of input pulses. 

counter- Prefix meaning “opposite to” or “contrary 
to.” Examples: counter EMF, counterclockwise. 

counterclockwise Abbreviation, ccw. Pertaining to 
rotational motion in a sense opposite that of a 
typical analog clock. Movement is to the left at the 
top of the rotational circle, and to the right at the 
bottom of the circle. Compare CLOCKWISE. 

counterclockwise-polarized wave An elliptically 
polarized electromagnetic wave whose electric- 
intensity vector rotates counterclockwise as ob- 
served from the point of propagation. Compare 
CLOCKWISE-POLARIZED WAVE. 

counter efficiency The sensitivity of a radiation 
counter or scintillation counter to incident X-rays 
or gamma rays. 

counterelectromotive cell A cell used to counter- 
act a direct-current voltage. 

counter EMF See BACK VOLTAGE and KICK- 
BACK. 

counter-meter A radioactivity instrument, such as 
a Geiger counter, that indicates the number of ra- 
dioactive particles per unit time. 

counterpoise A means of obtaining a_ radio- 
frequency (RF) ground by using a grid of wires or 
tubing in a plane parallel to the earth’s surface or 
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to average terrain. The radius of the grid is usu- 
ally at least 0.25 wavelength, but might be 
smaller if the feed-point impedance of the an- 
tenna is very high. 

counterpoise ground system A counterpoise with 
a radius such that resonance is obtained with a 
quarter-wavelength antenna operated at a height 
of more than 0.25 wavelength above actual 
ground. Usually such a system consists of three 
or four radials measuring 0.25 wavelength each, 
and extending outward from the base of the an- 
tenna nearly parallel to the average terrain. 





Antenna 
element Radials 
Radials 
Feed 
line 
counterpoise 


ground system 


counter tube A tube, such as the Geiger-Meuller 
tube, in which a penetrating radioactive particle 
ionizes a gas and produces an output pulse. 

counter voltage See BACK VOLTAGE and KICK- 
BACK. 

counting-type frequency meter A direct-reading 
analog or digital frequency meter that indicates 
the number of pulses (or cycles) per second ap- 
plied to it. 

count-remaining technique See COMPLEMENT- 
SETTING TECHNIQUE. 

couple Two dissimilar metals in contact with each 
other or immersed in an electrolyte. 

coupled circuits Circuits between which energy is 
transferred electrostatically, electromagnetically, 
by some combination of the two, or by direct con- 
nection. 

coupled impedance The impedance that a circuit 
“sees” when it is coupled to another circuit. Thus, 
when the secondary of a transformer is termi- 
nated with an impedance, the primary “sees” a 
combination of that impedance and its own. 

coupler A device for transferring energy between 
two circuits and using capacitive coupling, direct 
coupling, inductive coupling, or some combina- 
tion of these. 

coupling 1. Also called electrostatic coupling or ca- 
pacitive coupling. The linking of two circuits or de- 
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vices by electric flux. 2. Also called magnetic cou- 
pling or inductive coupling. The linking of two cir- 
cuits or devices by magnetic flux. 3. Also called 
direct coupling. The linking of two circuits or de- 
vices by direct connection. 4. Also called resistive 
coupling. The linking of two circuits or devices 
through a resistance. 5. Also called optical cou- 
pling. The linking of two circuits or devices 
through an optoisolator. 

coupling aperture A hole in a waveguide that is 
used to transmit energy to the waveguide, or re- 
ceiving energy from outside the waveguide. 

coupling capacitor A capacitor used to conduct ac 
energy from one circuit to another. Also see CA- 
PACITIVE COUPLING. 

coupling coefficient See COEFFICIENT OF COU- 
PLING. 

coupling diode A semiconductor diode connected 
between the stages of a direct-coupled amplifier. 
When the diode is connected in the correct polar- 
ity, it acts as a high resistance between stages 
when there is no signal, and does not pass the 
high de operating voltage from one stage to the 
next. When a signal is present, the diode resis- 
tance decreases, and the signal gets through. 

coupling efficiency A measure of the effectiveness 
of a coupling system (i.e., the degree to which it 
delivers an undistorted signal of correct ampli- 
tude and phase). 

coupling loop 1. A single turn of a coupling trans- 
former. 2. A small loop inserted into a waveguide 
to introduce microwave energy. 

coupling probe A usually short, straight wire or 
pin protruding into a waveguide to electrostati- 
cally introduce microwave energy into the waveg- 
uide. It acts like a miniature whip antenna. 

coupling transformer A transformer used primar- 
ily to transfer alternating-current (ac) energy 
electromagnetically into or out of a circuit. 

covalent binding forces In a crystal, the binding 
forces resulting from the sharing of valence elec- 
trons by neighboring atoms. 

covalent bonding The binding together of the 
atoms of a material as a result of shared electrons 
or holes. 

coverage 1. The area within which a broadcast or 
communication station can be reliably heard. 2. 
The shielding effectiveness of a coaxial cable. 

coversed sine Abbreviation, covers. The trigono- 
metric functional equivalent of the versed sine of 
the complement of an angle [i.e., the difference 
between the sine of an angle and unity (1)]. Thus, 
covers q= 1- sin q. 

CP Abbreviation of chemically pure. 

ep 1. Abbreviation of CANDLE POWER. 2. Abbrevi- 
ation of central processor. 

eps 1. Abbreviation of CYCLES PER SECOND. Cy- 
cles per second, to denote ac frequency, has been 
supplanted by HERTZ. 2. Abbreviation of charac- 
ters per second. 

CPU Abbreviation of CENTRAL PROCESSING UNIT. 
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CQ A general call signal used in radio communica- 
tion, especially by amateur stations, to invite a 
response from any station that hears it. 

Cr Symbol for CHROMIUM. 

cracked-carbon resistor A high-stability resistor 
in which the resistance material is particulate 
carbon. 

cracker A hacker with malicious intent (also see 
HACKER). Such a person attempts to gain access 
to computer systems or databases in order to 
steal something or inflict damage. Examples in- 
clude theft, erasure, or mutilation of data; fraud- 
ulent debiting of bank accounts; alteration of 
credit information; and identity theft. 

cradle guard See GUARD WIRE. 

cradlephone A telephone set in which the micro- 
phone and earphone are mounted on opposite 
ends of a handle. This handle, called the receiver, 
rests on the crossmember of a stand connected to 
a base containing the dial and ringing circuits. 
Also called French phone, French telephone, and 
handset. 

crash 1. A condition in which a computer or net- 
work server becomes inoperative because of a 
software or memory-management problem. 2. In 
a computer hard disk or diskette drive, contact of 
the read/write head with the surface of a disk or 
platter. Usually, it is the result of excessive phys- 
ical vibration or shock. 

crate A foundation unit into which modules are 
plugged to establish a circuit. 

crawl 1. See CREEPING COMPONENT. 2. The 
credits (names of staff and their contribution to 
content) superimposed and moving on a televi- 
sion picture at the end of a program. 

crazing The formation of tiny cracks in materials, 
particularly in such dielectrics as plastic and ce- 
ramic. 

creep See COLD FLOW. 

creepage Current leakage across the surface of a 
dielectric. 

creeping component A quantity, such as current, 
voltage, or frequency, that slowly changes in 
value with time. 

crest factor See AMPLITUDE FACTOR. 

crest value The maximum amplitude of a compos- 
ite current or voltage. 

crest voltmeter A peak-reading (or sometimes 
peak-responsive) voltmeter. 

crippled mode The mode of operation for a com- 
puter or other hardware in which some of the 
components are inoperable. Compare GRACE- 
FUL DEGRADATION. 

crisscross neutralization See 
NECTED NEUTRALIZATION. 

crisscross rectifier circuit A conventional bridge 
rectifier circuit configured in such a way that two 
of the diodes are connected in crisscross fashion 
between the input and output terminals. 

critical angle 1. In radio communications, an an- 
gle of departure that a transmitted electromag- 
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netic field subtends, with respect to the horizon 
at the transmitting (TX) point, below which the 
ionosphere will reliably return the signal to the 
earth, and above which the ionosphere will not 
reliably return the signal. This angle (shown by 
the double arc marked X in the drawing) depends 
on the frequency of the transmitted electromag- 
netic wave, and also on ionospheric conditions. 2. 
For an electromagnetic wave or ray approaching 
a boundary at which the index of refraction 
abruptly decreases, the minimum angle of inci- 
dence (relative to a line perpendicular to a plane 
tangent to the boundary) at which the energy is 
totally reflected. 





Ionized layer 


critical angle, 1 


critical characteristic A parameter that has a dis- 
proportionate effect on other variables. A small 
change in this characteristic can result in a large 
change in the operating conditions of a circuit or 
system. 

critical component A component or part that is 
especially important in the operation of a circuit 
or system. 

critical coupling The value of coupling at which 
maximum power transfer occurs. Increasing the 
extent of coupling beyond the critical value de- 
creases power transfer. 

critical damping The value of damping that yields 
the fastest transient response without overshoot. 

critical dimension The cross-sectional size of a 
waveguide that determines its minimum usable 
frequency. 

critical failure A component or circuit failure that 
results in shutdown of a system, or a malfunction 
that results in improper operation. 

critical field The smallest magnetic-field intensity 
in a magnetron that keeps an electron, emitted 
from the cathode, from reaching the anode. 
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critical frequency For a particular layer of the 
ionosphere, the high frequency at which a verti- 
cally propagated wave is no longer reflected back 
to the earth. 

critical inductance In a _ choke-input power- 
supply filter, the minimum inductance that will 
maintain a steady value of average load current. 

critical potential The potential difference required 
for an electron to excite or ionize an atom with 
which it collides. 

critical voltage The voltage at which a gas ionizes. 

critical wavelength The wavelength that corre- 
sponds to CRITICAL FREQUENCY. 

CRO Abbreviation of cathode-ray oscilloscope. 

Crookes dark space In a glow-discharge tube, the 
narrow dark space next to the cathode. Also see 
CROOKES TUBE. 

Crookes tube A glow-discharge tube containing an 
anode, cathode, and a small amount of gas under 
low pressure. 

cross antenna An antenna in which two (usually 
equal-length) horizontal radiators cross each 
other at right angles and are connected together 
to a feeder at their point of intersection. It takes 
its name from its horizontal-cross shape. 

cross assembler A program used with one com- 
puter to translate instructions for another com- 
puter. 

crossband operation 1. Communications in which 
two frequency bands are used. Station X, for ex- 
ample, might transmit on frequency f, in band A 
and receive on frequency fg in band B; station Y 
would then transmit on fg and receive on f,. 2. In 
satellite communications, the use of two fre- 
quency bands to facilitate full-duplex operation 
and to allow the satellite transponder to effec- 
tively function. The transponder receives signals 
from the earth within a specific frequency band, 
and converts this entire band of signals to a set of 
signals that occupies an equal amount of spec- 
trum space on another frequency band. The con- 
verted signals are then retransmitted back to 
earth. 

crossbar switch A _ three-dimensional array of 
switch contacts in which a magnetic selector 
chooses individual contacts, according to their 
coordinates in the matrix. 

cross bearings A method of radionavigation, in 
which directional readings are taken from a re- 
ceiving station (such as a ship or aircraft) for two 
fixed transmitting stations whose locations are 
known. Lines are drawn on a map from the trans- 
mitting stations, in directions 180 degrees oppo- 
site the bearings obtained from the receiving 
station. The intersection point of these lines is the 
location of the receiving station. 

cross beat A spurious frequency arising from 
CROSS MODULATION. 

cross-check To compare the result of a calculation 
or computer routine with the result obtained by a 
different method. 
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cross color In the chrominance channel of a color 
television receiver, crosstalk interference caused 
by monochrome signals. 

cross-connected neutralization Neutralization of 
a push-pull amplifier by feedback through two 
capacitors—each connected from the output cir- 
cuit of one transistor to the input circuit of the 
other. 

cross-coupled multivibrator A multivibrator cir- 
cuit in which feedback is provided by a coupling 
capacitor between the output of the second stage 
and the input of the first stage; the stages are 
forward-coupled by a capacitor of the same value. 

cross coupling 1. The state of being cross-coupled 
(see, for example, CROSS-COUPLED MULTIVI- 
BRATOR). 2. Undesired coupling between two cir- 
cuits. 

cross current A current that flows in the opposite 
direction from some other current. 

crossed-pointer indicator 1. Also called crossed- 
needle meter. A combination of two analog meter- 
ing instruments in one case. Each needle has its 
own independently calibrated scale. A third scale 
corresponds to the intersection point of the nee- 
dles. Commonly used in directional wattmeters 
that simultaneously show forward power, re- 
flected power, and standing-wave ratio (SWR). 2. 
A two-pointer meter used in aircraft to show the 
position of the aircraft, relative to the glide path. 

crossed-wire thermoelement Two wires or strips 
of dissimilar metals joined or twisted at a point 
that constitutes a thermoelectric junction. In 
usual operation, a high-frequency current is 
passed through one wire, and a proportional 
direct-current (dc) voltage, generated by thermo- 
electric action, appears at the other wire. 

cross flux The magnetic flux component that is 
perpendicular to the flux produced by field mag- 
nets. 

cross-hair pattern A television test pattern con- 
sisting of a single vertical line and a single hori- 
zontal line, which form a simple cross. The 
pattern resembles the cross hairs of an optical in- 
strument. 

crosshatch generator A modulated  radio- 
frequency (RF) signal generator that produces a 
crosshatch pattern on a picture-tube screen. 

crosshatch pattern A grid of horizontal and verti- 
cal lines produced on a picture-tube screen by a 
cross-hatch generator. It is used in checking hor- 
izontal and vertical linearity. 

cross modulation 1. A type of radio-frequency in- 
terference (RFI) between two strong stations that 
are close in frequency. The desired carrier is mod- 
ulated by the interfering signal. 2. The produc- 
tion of signals by rectifier junctions in pipes and 
wiring near a radio receiver. These objects pick 
up waves and deliver energy at a different fre- 
quency, which finds its way into the receiver. Also 
called external cross modulation. 3. The interac- 
tion between signals of different frequency when 
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they magnetize a core of nonlinear magnetic ma- 
terial. Also see CROSSTALK. 

cross-modulation factor An expression of the 
amount of cross modulation (or crosstalk) pre- 
sent in a particular instance. It is equal to M,/Mb, 
where M, is the modulation percentage that a 
modulated wave produces in a superimposed un- 
modulated wave, and Mp is the modulation per- 
centage of the modulated wave. 

cross-neutralized circuit See 
NECTED NEUTRALIZATION. 

crossover 1. Ina circuit diagram, a point at which 
lines representing wires intersect, but are not 
connected. 2. In a characteristic curve, point at 
which the plot crosses an axis or operating point. 
3. See CROSSOVER NETWORK. 

crossover distortion Distortion of a characteristic 
at a crossover point (see CROSSOVER, 2); for ex- 
ample, a bend in the curve where the plot of a 
waveform passes through zero. 

crossover frequency The frequency at which a 
crossover network delivers equal power to the two 
circuits it supplies. 

crossover network Following final amplification in 
a sound-reproduction system, an outboard filter 
circuit that facilitates delivery of the low and high 
audio frequency (AF) components to the correct 
speakers. 

crossover point See CROSSOVER, 2. 

crossover S-curve The S-shaped image obtained 
on an oscilloscope screen during sweep-generator 
alignment of a frequency-modulation (FM) detec- 
tor. In correct alignment, the exact center of the 
S-curve (the crossover point) coincides with the 
zero point on the screen. 

cross product Also called vector product. For vec- 
tors A and B having lengths A and B, respectively, 
and subtending an angle 0 relative to each other, 
the cross product A x B points in a direction per- 
pendicular to the plane containing both A and B. 
The length of A x B is equal to AB sin 0. 
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cross-sectional area 1. The surface area of a face 
of a conductor after cutting through it at a right 
angle. Specified in square inches, square millime- 
ters, or circular mils. 2. The total of the cross- 
sectional areas of all the wires in a stranded 
conductor. 

cross-sectional testing In quality assurance and 
quality control (QA/QC), a method of checking a 
large lot of units or components. Instead of test- 
ing every device, a fraction of the devices is 
tested. The sampling is taken uniformly from the 
group (e.g., every fifth unit). 

crosstalk Undesired transfer of signals between or 
among telephone lines, data lines, or system 
components. In computer operations, this effect 
places a practical limit on the lengths of parallel 
data cables. 

crosstalk coupling Undesired coupling between 
circuits, caused by crosstalk. 

crosstalk factor See CROSS-MODULATION FAC- 
TOR. 

crosstalk level The amplitude of crosstalk, usually 
expressed in decibels above a reference level. 

crosstalk loss Loss of energy caused by crosstalk. 

crowbar An action producing a high overload on a 
circuit protection device. 

crowfoot 1. A pattern formed by the cracking or 
crazing of solid plastics of solidified encapsulat- 
ing compounds, so called from its resemblance to 
a bird’s footprint. 2. In a gravity battery cell, the 
zinc electrode, so called from its resemblance to a 
bird’s foot. 

CRT Abbreviation of CATHODE-RAY TUBE. 

crud 1. Broadband electrical noise, originating in- 
side and/or outside a system. 2. Undesired sig- 
nals that interfere with a desired signal. 

cryogenic device A device that exhibits unique 
electrical characteristics (such as superconduc- 
tivity) at extremely low temperatures. 

cryogenic motor A motor designed for operation 
at extremely low temperatures. 

cryoelectronics The study of the behavior of elec- 
tronic devices, circuits, and systems at extremely 
low temperatures. 

cryogenics The branch of physics dealing with the 
behavior of matter at temperatures approaching 
absolute zero. Also concerned with methods of 
obtaining such temperatures in controlled envi- 
ronments. 

cryosar A semiconductor switch utilizing low- 
temperature avalanche breakdown. 

cryoscope An instrument used to determine freez- 
ing point. 

cryostat A chamber for maintaining a very low 
temperature for cryogenic operations. Also see 
CRYOGENICS. 

cryotron A switching device consisting essentially 
of a straight tantalum wire, around which a 
single-layer control coil is wound. The magnetic 
field generated by control current flowing through 
the coil causes the tantalum wire to become 
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superconductive at a temperature of approxi- 
mately 4.4 degrees K. 

cryotronics Low-temperature electronics, con- 
cerned with such phenomena as superconductiv- 
ity. The term is an acronym from cryogenics and 
electronics. Also see CRYOGENICS. 

cryptanalysis The breaking of ciphers. 

crypto- A prefix added to words, that implies en- 
coding for the purpose of changing or hiding the 
meaning of a message or signal. 

cryptography The creating and writing of ciphers. 

cryptology The art and science of creating, writ- 
ing, unscrambling, and breaking ciphers. 

crystal 1. A material distinguished by the arrange- 
ment of its atoms into a redundant pattern called 
a lattice that presents, in fragments of various 
sizes, a characteristic polyhedral shape. Common 
shapes include cubes, parallelepipeds, and 
hexagonal prisms. 2. A fragment of material as 
defined in (1). 3. A plate or bar cut from a piece of 
piezoelectric material. 

crystal amplifier 1. A semiconductor diode circuit 
using carrier storage. Transistor action and, ac- 
cordingly, pulse amplification is obtained by al- 
ternately making one electrode of the diode an 
emitter or collector. 2. Archaic term for TRANSIS- 
TOR. 

crystal audio receiver An audio radar receiver, 
consisting of a crystal detector and audio-ampli- 
fier stages. 

crystal axes The imaginary lines traversing a pie- 
zoelectric crystal, along which (or perpendicular 
to which) plates are cut for oscillators, resona- 
tors, or transducers. 

crystal calibrator A crystal oscillator used to 
generate harmonic checkpoints for frequency 
calibration. Common fundamental calibrator 
frequencies are 100 kHz and 1 MHz. 

crystal capacitor See VARACTOR. 

crystal control The control of the operating fre- 
quency of a circuit by means of a piezoelectric 
crystal. 

crystal-controlled receiver A  superheterodyne 
radio receiver whose local oscillator is crystal 
controlled. 

crystal-controlled transmitter A radio transmit- 
ter whose master oscillator is crystal controlled. 

crystal counter A device for counting the fre- 
quency of subatomic particles, based on their 
ability to change the conductivity of a crystal. The 
particles can be photons, electrons, protons, neu- 
trons, or the nuclei of atoms. 

crystal current Current flowing through a crystal; 
specifically, the radio-frequency (RF) current 
flowing through a quartz plate in a crystal- 
controlled oscillator. 

crystal cuts The classification of piezoelectric 
plates according to the angle at which they were 
cut from a quartz crystal. Common cut designa- 
tions are AT, BT, CT, DT, X, Y, and Z. Various 
cuts afford such complementary factors as fre- 
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quency, temperature, and thickness. Also see 
CRYSTAL AXES. 

crystal detector A rudimentary form of semicon- 
ductor diode consisting of a mounted lump of 
mineral (the crystal) in contact with a springy 
wire (“cat’s whisker”). The point of the wire is 
moved to various points of contact on the crystal 
surface until the most-sensitive rectifying spot is 
found. 

crystal diffraction The tendency of electromag- 
netic waves to be scattered when passing through 
a crystal material. 

crystal diode Archaic term for SEMICONDUCTOR 
DIODE. Also see GALLIUM-ARSENIDE DIODE; 
GERMANIUM DIODE; JUNCTION DIODE; LASER 
DIODE; POINT-CONTACT DIODE; SELENIUM 
DIODE; SIGNAL DIODE; SILICON DIODE. 

crystal earphone An earphone in which the trans- 
ducer is a piezoelectric crystal. Electrical im- 
pulses applied to the crystal vary its shape and 
cause a vibration that is transmitted to a di- 
aphragm; this in turn produces corresponding 
sound waves. 

crystal filter See CRYSTAL RESONATOR. 

crystal headphone See CRYSTAL EARPHONE. 

crystal holder A fixture specially designed to hold 
a piezoelectric crystal; it ensures minimum dis- 
tortion of crystal dimensions and minimum resid- 
ual capacitance, inductance, and resistance. 

crystal imperfection A flaw in the lattice struc- 
ture of a crystal. 

crystal lattice The orderly, redundant pattern of 
atoms and molecules within a crystalline mate- 
rial; it is a characteristic of a given material. 

crystal-lattice filter A crystal resonator in which 
piezoelectric crystals are used to give a desired 
shape to the filter response curve. 

crystalline material A material exhibiting the 
characteristic properties of a crystal (see CRYS- 
TAL, 1). 

crystallogram An X-ray photograph or other 
record of crystal structure. 

crystallography The science dealing with crystals 
and their properties (see CRYSTAL, 1). 

crystal loudspeaker A loudspeaker whose trans- 
ducer is a piezoelectric crystal. Electrical im- 
pulses applied to the crystal vary its shape and 
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cause vibrations that are transmitted to a di- 
aphragm or cone, which produces corresponding 
sound waves. 

crystal meter A rectifier-type ac meter using a 
semiconductor diode in series with a dc mil- 
liammeter or microammeter. 

crystal microphone A microphone whose trans- 
ducer is a natural or synthetic piezoelectric 
crystal. Sound waves striking the crystal (di- 
rectly or via a diaphragm) vary its shape, mak- 
ing it produce an audio-frequency (AF) output 
voltage. 
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crystal microphones 


crystal mixer A mixer (converter) circuit utilizing 
the nonlinearity of a semiconductor diode to mix 
signals. 

crystal operation 1. The characteristics of a piezo- 
electric crystal in a particular circuit. 2. Crystal 
frequency control. 

crystal oscillator An oscillator whose operating 
frequency is determined by the dimensions of an 
oscillating piezoelectric quartz-crystal plate. 
Compare SELF-EXCITED OSCILLATOR. 

crystal oven A constant-temperature chamber for 
stabilizing the frequency of a quartz crystal by 
maintaining its operating temperature at a fixed 
point. 

crystal photocell A photoelectric cell in which the 
light-sensitive material is a crystalline substance, 
such as germanium, selenium, silicon, etc. 

crystal pickup A phonograph pickup whose trans- 
ducer is a natural or synthetic piezoelectric crys- 
tal. The crystal is attached (either directly or 
through a mechanical linkage) to a stylus, whose 
movement in the disk groove varies the shape of 
the crystal. The resultant vibration generates a 
corresponding audio-frequency (AF) output volt- 
age across the crystal. 

crystal probe A radio-frequency (RF) probe, whose 
rectifying element is a semiconductor diode. 
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crystal pulling 1. The extraction of a single crystal 
from a molten mass of crystalline material. Single 
crystals are used for high-quality semiconductor 
devices. Also see CZOCHRALSKI METHOD, SIN- 
GLE CRYSTAL, and SINGLE-CRYSTAL MATE- 
RIAL. 2. The use of an inductor or capacitor in a 
crystal-controlled radio-frequency (RF) oscillator 
circuit to allow adjustment of the frequency over 
a small range. 

crystal receiver See CRYSTAL SET. 

crystal rectifier 1. A semiconductor diode used 
for the purpose of rectifying alternating current 
(dc), usually in a power supply. 

crystal resistor A temperature-sensitive resistor 
made from silicon, and exhibiting a positive tem- 
perature coefficient of resistance. 

crystal resonator A highly selective resonant cir- 
cuit in which the center frequency is the resonant 
frequency of a piezoelectric quartz-crystal plate. 

crystal sensor See CRYSTAL TRANSDUCER. 

crystal set A simple radio receiver that uses a 
tuned circuit, semiconductor-diode detector, and 
earphones. 


crystal set 


crystal slab See QUARTZ BAR. 

crystal socket 1. A low-capacitance, low-loss 
socket for a piezoelectric crystal. 2. A socket for a 
semiconductor diode. 

crystal tester 1. An oscillator used to check quartz 
crystals. Most such units check only the crystal’s 
ability to oscillate; more elaborate ones also check 
crystal current, frequency, temperature coeffi- 
cient, activity, filter action, etc. 2. An instrument 
for checking the electrical characteristics of semi- 
conductor diodes. 3. An instrument for checking 
the performance of piezoelectric ceramics. 


—P— 


5059F-pC-93-162 


4/9/01 4:51 PM Page 158 


158 crystal tetrode ¢ current antinode 


crystal tetrode A transistor having four elements: 
emitter, collector, and two bases. 

crystal transducer A transducer using a piezo- 
electric crystal as the sensitive element. Exam- 
ples: crystal earphone, crystal loudspeaker, 
crystal microphone, and crystal pickup. 

crystal triode See TRANSISTOR. 

Cs Symbol for CESIUM. 

CS Abbreviation of COMPLEMENTARY SYMME- 
TRY. Also COS. 

Cs 1. Symbol for standard capacitance. 2. Symbol 
for source capacitance. 

ese Abbreviation of COSECANT. 

Cscan See C DISPLAY. 

esch Abbreviation of HYPERBOLIC COSECANT. 

C scope A cathode-ray tube used in radar to pro- 
vide a C DISPLAY. 

CT-cut crystal A piezoelectric plate cut from a 
quartz crystal at an angle of rotation around the 
X-axis of +38°. Such a plate has a zero tempera- 
ture coefficient of frequency at 25°C. Also see 
CRYSTAL AXES and CRYSTAL CUTS. 

CTL Abbreviation of complementary-transistor 
logic. 

Cu Symbol for COPPER. 

cube 1. A regular polyhedron with six identical 
square faces and eight vertices. At each vertex, 
three edges converge at mutual right angles. 2. 
The third power of a number; thus the cube of n 
is written n°. 

cube tap An electrical adapter, in which a set of 
male prongs and three sets of female contacts are 
on the sides of a molded cube. Allows three appli- 
ances to be used with a single electrical socket. 
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cubical antenna An antenna in which the ele- 
ments form the outline of a geometric cube or 
rectangular prism. The most common example is 
the QUAD ANTENNA. 

cubical quad antenna See QUAD ANTENNA. 

cubic equation A polynomial equation of the third 
degree. Its general form is ax? + bx* + cx+ d=0. 
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cue A condition or signal that alerts an operator, 
circuit or system to act in a specific manner. 

cue circuit A device for transmitting cues used in 
program control. 

cueing receiver 1. A (usually miniature) radio re- 
ceiver used to pick up cues. Example: a receiver 
carried by a technician, actor, or lecturer. 2. A re- 
ceiver or other pickup circuit that receives a cu- 
ing pulse, which it uses to set another circuit. 

cu ft Abbreviation of cubic foot or cubic feet. 

cuin Abbreviation of cubic inch or cubic inches. 

cumulative error In asum or other final value, the 
total error that has accumulated from the indi- 
vidual errors in the terms. Also called systematic 
error. 

cup core A coil core that also forms a magnetic 
shield around the coil. 

cuprous-oxide _ rectifier See 
RECTIFIER. 

cur Abbreviation of CURRENT. 

curie Abbreviation Ci. A unit of radioactivity; 1 
curie is the amount of radiation from (or in equi- 
librium with) 1 gram of radium. Also equivalent to 
3.7 x 10!° atomic breakdowns per second. 

Curie point 1. The temperature above which a fer- 
romagnetic material loses its magnetism or be- 
comes paramagnetic. 2. The temperature at 
which the ferroelectric properties of a substance 
disappear. 

curie temperature As a magnetized substance is 
heated, the lowest temperature at which magne- 
tization is lost. It is generally measured in degrees 
Celsius or degrees Kelvin. For iron, this tempera- 
ture is 760 degrees Celsius; for nickel, it is 356 
degrees Celsius. 

Curie’s law For a paramagnetic substance, the ra- 
tio of the magnetization to the magnetizing force 
is inversely proportional to the absolute tempera- 
ture. 

Curie-Weiss law Above the Curie point, the sus- 
ceptibility of a paramagnetic material varies in- 
versely as the excess of temperature above the 
Curie point increases. This law is invalid for ap- 
plications at or below the Curie point. 

curium Symbol, Cm. A radioactive metallic ele- 
ment produced artificially. Atomic number, 96. 
Atomic weight, 247. 

current Symbol, I or i The movement of charge 
carriers, such as electrons, holes, or ions. Also 
see AMPERE. 

current amplification 1. An electronic process 
in which the instantaneous, average, or peak 
magnitude of a current is increased. 2. The ex- 
tent to which a current increases in a circuit; 
the ratio (always greater than one) of output 
current to input current, Iout/Iin. Also called cur- 
rent gain. 

current amplifier An amplifier operated primarily 
to increase a signal current. Compare POWER 
AMPLIFIER and VOLTAGE AMPLIFIER. 

current antinode See CURRENT LOOP. 
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current attenuation 1. The reduction of current 
amplitude along a line. 2. The extent to which a 
current decreases in a line or circuit; the ratio (al- 
ways less than one) of output current to input 
current, Iout/ Tin. 

current balance An instrument for determining 
the size of the ampere. This is done by measuring 
the force between two current-carrying conduc- 
tors. 

current-balance switch A switch or relay, oper- 
ated by the existence of a difference between two 
currents. 

current-carrying capacity The maximum current 
(usually expressed in amperes) that a conductor 
or device can safely conduct. 

current coil The series coil in a nonelectronic 
wattmeter. Compare POTENTIAL COIL. 

current-controlled amplifier Abbreviation, CCA. 
An amplifier in which gain is controlled by means 
of a current applied to a control-input terminal. 

current density The current (usually expressed in 
amperes per square centimeter) passing through 
a cross-sectional area of a conductor. 

current drain 1. The current supplied to a load by 
a generator or generator-equivalent. 2. The cur- 
rent required by a device for its operation; also, 
the current taken by the device during standby 
periods. 

current echo Reflected current in a transmission 
line that is not terminated in an impedance ex- 
actly matching its characteristic impedance. 

current-fed antenna An antenna in which the 
transmission line is attached to the radiator at a 
current loop (voltage node). Compare VOLTAGE- 
FED ANTENNA. 

current feed 1. The delivery of power to a device or 
circuit at a point where current dominates. Com- 
pare VOLTAGE FEED. 2. In an antenna, feeding 
it at a current maximum. 
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current feedback 1. A feedback signal consisting 
of current fed from the output to the input circuit 
of an amplifier. 2. A system or circuit for obtain- 
ing current feedback. 

current-feedback pair A two-stage, direct-coupled 
transistor amplifier having direct-current shunt- 
series feedback. 

current flow Charge carriers passing through a 
solid, liquid, gas, or vacuum. Also see CURRENT 
and CURRENT DENSITY. 
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current gain See CURRENT AMPLIFICATION. 

current hogging 1. An undesirable condition that 
sometimes takes place when two or more transis- 
tors are operated in parallel. One device tends to 
do all the work, taking all the current. The result 
can be destruction of that device. 2. The tendency 
of one component in a group of identical parallel- 
connected components to dissipate most of the 
power. 

current-hogging injection logic Acronym, CHIL. 
A form of bipolar digital logic, similar to current- 
hogging logic but having the greater density char- 
acteristic of injection logic. 

current instruction register A register in which 
are held instructions ready for execution by a 
program controller. 

current lag A circuit condition in which current 
variations are delayed by up to 180 degrees of 
phase relative to voltage variations. Compare 
CURRENT LEAD. 

current lead A circuit condition in which current 
variations occur earlier than voltage variations by 
up to 180 degrees of phase. Compare CURRENT 
LAG. 

current limiting The controlling of current so that 
it does not exceed a desired value. 

current-limiting resistor A series resistor in- 
serted into a circuit to limit the current to a pre- 
scribed value. 

current loop A point on a transmission line or an- 
tenna radiator at which the current reaches a lo- 
cal maximum. Compare CURRENT NODE. 

current meter A usually direct-reading instru- 
ment, such as an ammeter, milliammeter, or mi- 
croammeter, used to measure current strength. 
Also see ELECTRONIC CURRENT METER. 

current-meter operation The operation of a volt- 
meter as a current meter by connecting it to re- 
spond to the voltage drop across a resistor that 
carries the current of interest. 

current-mode logic In computer operations, tran- 
sistor logic in which the transistors operate in the 
unsaturated mode. 

current node A point on a transmission line or an- 
tenna radiator at which the current reaches a lo- 
cal minimum. Compare CURRENT LOOP. 

current noise Electrical noise produced by current 
flowing through a resistor. 

current probe A transformer usually having a 
snap-around, one-turn coil that picks up energy 
from a conductor and couples it into an alternat- 
ing-current ammeter. 

current rating 1. A specified value of operating 
current. 2. See CURRENT-CARRYING CAPACITY. 

current-regulated supply See CONSTANT- 
CURRENT SOURCE. 

current regulation The stabilization of current at 
a predetermined level or value. 

current regulator See BARRETTER. 

current relay A relay actuated by specific values of 
pickup and dropout current. 


—P— 


5059F-pC-93-162 


4/9/01 4:51 PM Page 160 


160 current saturation ¢ cutoff frequency 


current saturation In the operation of a device 
(such as a transistor, saturable reactor, or mag- 
netic amplifier), the leveling off of current at a 
value beyond which no further increase occurs— 
even though an input parameter is further in- 
creased. 

current sense amplifier An amplifier used to in- 
crease the sensitivity of, or to decrease the load- 
ing of, a current-sensing component. 

current sensing Sampling a current (e.g., when 
the voltage drop across a series resistor is used as 
a proportional indication of the current flowing 
through the resistor). 

current-sensing resistor A low-value resistor in- 
serted into a circuit primarily for current sensing. 

current sensitivity In a current meter or gal- 
vanometer, current (in amperes or fractions 
thereof) per scale division. 

current-sheet inductance Symbol, Ls. The low- 
frequency inductance of a single-layer coil, calcu- 
lated with the formula Ls = (0.10028 a?N7?)/s, 
where Lg is in microhenrys, ais the coil radius in 
inches, N is the total number of turns, and s is 
the coil length in inches. 

current shunt 1. A resistor connected in parallel 
with a voltmeter to convert it into an ammeter. 2. 
A resistor connected in parallel with the input of 
a voltage amplifier to make the response of the 
amplifier proportional to input-signal current. 

current sink A circuit or device through which a 
constant current can be maintained. 

current-sinking logic A form of bipolar digital 
logic. Current flows from one stage to the input of 
the stage immediately before. 

current-squared meter An ammeter or milli- 
ammeter whose deflection is proportional to the 
square of the current. 

current-stability factor In a common-base con- 
nected bipolar transistor, the ratio dig/dIc, where 
Iz is the emitter current and Ic is the collector 
current. 

current strength The magnitude of electric cur- 
rent (see CURRENT) (i.e., the number of carriers 
flowing past a given point per unit time, ex- 
pressed in coulombs per second or in amperes). 

current transformer 1. A transformer used to in- 
crease or decrease current flow. A primary-to- 
secondary step-up turns ratio reduces the 
current; a primary-to-secondary step-down turns 
ratio increases the current. 2. A particular trans- 
former (as in 1) used to change the range of an al- 
ternating-current milliammeter or ammeter. 

current vector Ina vector diagram, a line with an 
arrowhead (vector) showing the magnitude and 
phase of a current. Compare VOLTAGE VEC- 
TOR. 

current-voltage feedback In an amplifier or oscil- 
lator, the process of applying some of the output 
current and voltage to the input. This feedback 
might be in phase (positive) or out of phase (neg- 
ative), with respect to the input. 
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cursor 1. A marker that indicates the position 
where a character can be entered in a video al- 
phanumeric display. Commonly used in comput- 
ers and word processors. 2. The sweeping line on 
a radar display. 3. The movable marker on a slide 
rule. 

curve trace 1. A device that supplies a special 
variable test voltage to a component or circuit un- 
der test, at the same time supplying a sweep volt- 
age to an oscilloscope. The component’s output 
voltage is also presented to the oscilloscope. As a 
result, the response curve of the component ap- 
pears on the oscilloscope screen. 2. A device that 
produces a permanent record (photographic or 
graphic) of an electrical phenomenon. Also called 
OSCILLOGRAPH or RECORDER. 

curvilinear trace A trace made on paper with 
curved vertical lines. The lines are curved to 
match the arc through which the recording pen 
swings. 

cut-in angle In a semiconductor rectifier circuit, a 
phase angle slightly greater than zero degrees, at 
which current conduction begins. Compare CUT- 
OUT ANGLE. 

Cutler antenna A _ parabolic-dish antenna, in 
which the driven element consists of a wave- 
guide that has two apertures on opposite sides of 
a resonant cavity. 

Cutler feed An aircraft antenna feed system in 
which radio-frequency (RF) energy is fed to the re- 
flector by a resonant cavity at the end of a wave- 
guide. 

Cutler tone control A dual resistance-capacitance 
(RC) filter circuit of the general bridged-tee vari- 
ety. Variation of the series leg provides adjustable 
treble boost; variation of the shunt leg provides 
adjustable bass boost. 

cutoff 1. The process of reducing some operating 
parameter, such as collector current, to zero by 
adjusting the bias at the input electrode. 2. The 
point on the characteristic curve of an amplifying 
device, at which the output current drops to zero 
under no-signal conditions. 3. The lowest 
frequency at which a waveguide will efficiently 
function. 4. The frequency or frequencies corre- 
sponding to the point or points in a filter 
response, at which the attenuation is three 
decibels greater than the lowest attenuation within 
the passband. See also CUTOFF FREQUENCY. 

cutoff attenuator A variable, nondissipating at- 
tenuator consisting of a variable length of wave- 
guide used at a frequency below cutoff. 

cutoff bias In a transistor or vacuum-tube circuit, 
the value of control-electrode bias that produces 
output current cutoff. 

cutoff current Symbol, [... In a transistor, the 
small collector current that flows when the emit- 
ter current is zero (common-base circuit) or when 
the base current is zero (common-emitter circuit). 

cutoff frequency 1. Symbol, f... The high fre- 
quency at which the current-amplification factor 
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of a transistor drops to 70.7% of its 1-kHz value. 
2. In a filter, amplifier, or transmission line, the 
frequency point(s) at which transmission loss or 
filter rejection begins. It is generally specified as 
the half-power point(s), or the point(s) at which 
the attenuation is three decibels, relative to 
the lowest attenuation. Examples: the high- 
frequency cutoff of an amplifier and the upper 
and lower cutoff points of a bandpass filter. 

cutoff limiting Output-peak clipping that results 
from overdrive in an amplifying device. Compare 
SATURATION LIMITING. 

cutoff potential See CUTOFF BIAS. 

cutoff voltage See CUTOFF BIAS. 

cutoff wavelength 1. The wavelength correspond- 
ing to cutoff frequency. 2. For a waveguide, the 
ratio of the velocity of electromagnetic waves in 
free space (3 x 10° meters per second) to the cut- 
off frequency of the waveguide in Hz. The result is 
thus expressed in meters. 

cutout 1. A device, such as a circuit breaker, that 
automatically disconnects a circuit, usually to 
prevent overload, but occasionally to prevent un- 
derload. 2. Emergency switch. 3. Fuse. 

cut-out angle In a semiconductor rectifier circuit, 
a phase angle slightly less than 180 degrees at 
which current conduction ceases. Compare CUT- 
IN ANGLE. 

cutout base A fuse block. 

cut rate 1. The speed at which a cutter moves 
across the surface of a blank vinyl disk during the 
recording process. 2. The number of cut lines per 
inch in a vinyl disk recording. 

CW 1. Abbreviation of CONTINUOUS WAVE. 2. Ab- 
breviation of CLOCKWISE. 

CW filter In a communications receiver, a highly 
selective filter in the intermediate-frequency (IF) 
or audio-frequency (AF) stage. The bandwidth is 
typically 200 Hz to 500 Hz; some audio filters 
can be set for bandwidths as low as about 50 
Hz. 

CW laser A laser that emits energy in an uninter- 
rupted stream, rather than in pulses. 

CW monitor See KEYING MONITOR. 

CW oscillator 1. In a radio receiver, a variable- 
frequency oscillator that heterodynes a radiotele- 
graph signal in the intermediate-frequency (IF) 
amplifier chain, to make audible the continuous- 
wave dits and dahs. 2. Sometimes, an external 
variable-frequency radio-frequency (RF) oscilla- 
tor, whose output beats against the actual carrier 
of a continuous-wave radiotelegraph signal, mak- 
ing it audible as dits and dahs. 3. An unmodu- 
lated, unkeyed oscillator. 

CWradar A radar system in which radio-frequency 
(RF) energy is transmitted continuously. 

Cw reference’ signal A_ sinusoidal radio- 
frequency (RF) signal, used to control the con- 
duction time of a synchronous demodulator in 
color television. 

C, Symbol for UNKNOWN CAPACITANCE. 
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cyan Blue-green, one of the three primary pigments. 

cyber- A prefix that indicates relevance to, or in- 
volvement with, computers, computer systems, 
and electronic control systems. 

cybernetics The study of control system theory in 
terms of the relationship between animal and 
machine behavior. 

Cyber Sapiens An expression for a computer or 
robot with artificial intelligence (AI) on the fore- 
front of current technology. 

cyberspace 1. Alternative expression for INFOR- 
MATION SUPERHIGHWAY. 2. Alternative expres- 
sion for VIRTUAL REALITY. 

cyborg Acronym of the words cybernetic and or- 
ganism. 1. A human being with at least one arti- 
ficial body part, such as a prosthesis (artificial 
limb). 2. A human being who is largely composed 
of robotic body parts. 

cycle 1. Abbreviation, c. One complete, 360-degree 
revolution of the current or voltage vector in an 
alternating-current (ac) wave. An ac frequency of 
1 cycle per second is 1 Hz (see HERTZ). 2. A com- 
plete sequence of operations. 

cycle counter A device that totals the number of 
cycles of a phenomenon repeated during a given 
period. 

cycle index The number of times that a particular 
cycle has been, or must be, iterated in a com- 
puter program. 

cycle index counter A variable that indicates how 
often a cycle of computer program instructions 
has been executed. In a program, for example, 
this can be accomplished by increasing, through 
instruction, the value of a location’s content every 
time a loop operation is performed. 

cycle life The total number of charge-discharge cy- 
cles a rechargeable cell or battery can tolerate be- 
fore becoming useless. 

cycle reset To change the value of a cycle count 
(making it zero or some other value). 

cycle shift See CYCLIC SHIFT. 

cycles per second Abbreviation, cps. Archaic term 
for HERTZ. 

cycle time Pertaining to an operation, the dura- 
tion of a complete cycle. 

cycle timer A timer that switches a circuit or de- 
vice on and off, according to a predetermined cy- 
cle. Also called programmed timer. 

cyclic code See GRAY CODE. 

cyclic memory In computer operations, a memory 
whose locations can only be accessed points in a 
cycle, as of a magnetic diskette. 

cyclic shift The moving of data out of one end of a 
storage register and reentering it character-by- 
character or bit-by-bit at the other end in a closed 
loop (e.g., 87654 cyclically shifted one place to 
the right becomes 48765). 

cyclic variations Periodic changes in the features 
of the ionosphere, occurring on a daily, seasonal, 
or sunspot-related basis. These changes are fairly 
predictable. 
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cycling The tendency of a parameter to oscillate 
back and forth between two different values. 

cyclogram A method of showing the relationship 
between two signals on an oscilloscope. The two 
signals must have a fixed phase relationship. 

cyclotron A type of particle accelerator. An applied 
electromagnetic field, acting together with an in- 
tense applied magnetic field, cause charged sub- 
atomic particles to travel with increasing velocity 
in a spiral path between two semicircular metal 
boxes called dees. When the particles go fast 
enough in the correct path, they are expelled and 
strike a target in their path. 


Path of 
accelerated 
particles 
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cyclotron frequency The angular frequency of a 
charged particle in a cyclotron. The cyclotron fre- 
quency depends on the number of times per sec- 
ond the magnetic field of the device is reversed. 

cyclotron radiation An electromagnetic field pro- 
duced by the circular movement of charged parti- 
cles in a fluctuating magnetic field. 

cylinder In computer operations, the combination 
of equal-radius tracks on the platters of a hard 
disk. 

cylinder magnet A permanent magnet in the 
shape of a cylinder. 

cylindrical capacitor See CONCENTRIC CAPACI- 
TOR. 
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cylindrical contour The most common curvature 
of the face of a magnetic tape recording head; it is 
a section of a cylinder having a constant radius of 
0.5 inch to 1 inch. 

cylindrical coordinate geometry A scheme for 
robot-arm movement. There are three coordi- 
nates, called reach, angle, and elevation. It allows 
precise positioning of a robot end effector within a 
region consisting of two concentric cylinders and 
all the volume in between. 

cylindrical coordinates A method of locating a 
point in three-space in which height, distance, 
and angle are used to uniquely define points. 


h axis 
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cylindrical magnet See CYLINDER MAGNET. 

cylindrical wave An electromagnetic wave whose 
field surfaces are nearly perfect cylinders. 

cylindrical waveguide A waveguide resembling a 
round pipe. 

cylindrical winding A method of coil winding in 
which the wire is formed into a helix. There might 
be only one layer, or there might be several lay- 
ers. The length of the coil is greater than the di- 
ameter. Also called a linear winding. 

Czochralski method A technique for obtaining a 
relatively large single crystal from a substance, 
such as the semiconductors germanium and sili- 
con. The method consists essentially of dipping a 
seed crystal into a molten mass of the same sub- 
stance, then slowly withdrawing it while rotating it. 
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D_ 1. Symbol for DEUTERIUM. 2. Symbol for ELEC- 
TRIC DISPLACEMENT. 3. Symbol for ELECTRIC 
FLUX DENSITY. 4. Symbol for DISSIPATION 
FACTOR. 5. Symbol for drain (see DRAIN, 3). 6. 
Abbreviation of DISSIPATION. 7. Symbol for de- 
terminant. 8. Symbol for DIFFUSION CONSTANT. 

d_ 1. Abbreviation of DECI. 2. Symbol for DIFFER- 
ENTIAL. 3. Symbol for distance. 4. Symbol for 
DENSITY. 5. Symbol for drain (see DRAIN, 3). 6. 
Abbreviation of DISSIPATION. 7. Abbreviation of 
day. 8. Abbreviation of DEGREE. 9. Abbreviation 
of diameter. 10. Abbreviation of DRIVE. 

D/A Abbreviation of DIGITAL-TO-ANALOG. See 
DIGITAL-TO-ANALOG CONVERSION. 

dA 1. Symbol for DIFFERENTIAL OF AREA. 2. 
Symbol for differential of amplification. 3. Seldom- 
used abbreviation of deciampere. 

da Abbreviation of DEKA. 

DAC Abbreviation of DIGITAL-TO-ANALOG CON- 
VERTER. 

DACI Abbreviation of direct adjacent-channel inter- 
ference. 

DAGC Abbreviation of DELAYED AUTOMATIC 
GAIN CONTROL. 

daisy chain A method of transferring a signal in a 
computer from one stage to the next. 

daisy wheel A form of printing device consisting 
of a disk having several dozen radial spokes, 
each of which has a character molded on its 
face. The disk rotates to the proper position in 
the printing process, and a hammer strikes the 
spoke to press the molding against the ribbon 
and paper. 

DAM Abbreviation of data-addressed memory. 


Damon effect The change that the susceptibility of 
ferrite undergoes under the influence of high RF 
power. 

damped galvanometer A galvanometer with a pro- 
vision for overswing limiting or oscillation preven- 
tion. 

damped loudspeaker A loudspeaker in which un- 
desirable excursions are prevented by damping in 
the associated amplifier or speaker circuit. 

damped meter 1. A meter with a provision for 
overswing limiting or oscillation prevention. 2. A 
meter that is protected during transport by a 
shorting bus between the two meter terminals. 

damped natural frequency 1. The frequency at 
which a damped system having one degree of 
freedom will oscillate after momentary applica- 
tion of a transient force. 2. In the presence of 
damping, the rate at which a sensing element os- 
cillates freely. 

damped oscillations Oscillations in which the am- 
plitude of each peak is lower than that of the pre- 
ceding one; the oscillation eventually dies out (the 
amplitude becomes zero). Compare CONTINU- 
OUS WAVE. 

damped speaker See DAMPED LOUDSPEAKER. 

damped wave A wave whose successive peaks de- 
crease in amplitude (i.e., it decays), eventually 
reaching an amplitude of zero. Compare CONTIN- 
UOUS WAVE and UNDAMPED WAVE. 

damped-wave decay See DECREMENT, 1. 

dampen To cause the amplitude of a signal to 
decay. 

damper See DAMPING DIODE. 

damper diode See DAMPING DIODE. 
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damper winding A special short-circuited motor 
winding that opposes pulsation or rotation of the 
magnetic field. 

damping 1. See DAMPING ACTION. 2. In a loud- 
speaker, sound-absorbent material used to mini- 
mize resonant effects within the enclosure. 

damping action 1. Quenching action. 2. The pre- 
vention of overswing, dither, or flutter in a meter 
or loudspeaker (see DAMPED GALVANOMETER, 
DAMPED LOUDSPEAKER, DAMPED METER). 3. 
The prevention of oscillation or ringing in a cir- 
cuit. 4. Inhibition of the vibration of an acoustic 
transducer to prevent ringing and other un- 
wanted effects. 

damping coefficient A figure expressing the ratio 
of the damping in a system to critical damping. 

damping diode A diode used to prevent oscillation 
in an electric circuit (e.g., the diode that prevents 
ringing in the power supply of a television re- 
ceiver). Also called damper. 

damping factor 1. Symbol, a. For a coil of induc- 
tance L and RF resistance R in a damped-wave 
circuit, the value R/2L, where L is in henrys and 
Rin ohms. 2. Abbreviation, Fj. For a torque mo- 
tor, the ratio of the stall torque to the no-load ro- 
tational speed. 

damping magnet A permanent magnet so situ- 
ated, with respect to a moving conductor, disk, or 
plate, that the resulting field opposes the move- 
ment. 

damping ratio See DAMPING COEFFICIENT. 

damping resistance 1. The value of shunt resis- 
tance required to prevent ringing in a coil. 2. The 
value of resistance required for critical damping 
of a galvanometer. 

damping resistor 1. A shunt across a coil to pre- 
vent ringing. 2. A resistor used to provide critical 
damping of a galvanometer. 

Daniell cell A nonpolarizing primary wet cell with 
zine (negative) and copper (positive) electrodes. 
The zinc plate is in a porous cup containing a 
weak zinc-sulfate solution with a little sulfuric 
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acid; the cup is in a jar filled with a saturated cop- 
per-sulfate solution in which the copper electrode 
is immersed. Typical voltage for the cell is 1.1 V. 

daraf The unit of ELASTANCE. Elastance in darafs 
is the reciprocal of capacitance in farads. 

dark conduction The flow of dark current in a 
photoconductive or glow-discharge device. 

dark current The usually tiny current flowing 
through a darkened photoconductive cell, photo- 
transistor, or glow-discharge device. 

dark discharge The occurrence of a discharge in a 
gas, without the production of visible light. 

dark-spot signal A spurious signal generated by 
some camera tubes, arising from secondary- 
emission effects. 

dark-trace tube An oscilloscope tube on whose 
white screen a long-persistence magenta image is 
traced by the electron beam. Illuminating the 
screen with bright light intensifies the image. 

Darlington amplifier A high-gain amplifier that 
uses a COMPOUND CONNECTION of two bipolar 
transistors. 

Darlington pair See COMPOUND CONNECTION. 

D’Arsonval current A large, low-voltage, high- 
frequency current at one time thought to be 
therapeutic. 

D’Arsonval meter A electromechanical analog me- 
ter, in which a coil turns on jeweled pivots be- 
tween the poles of a strong magnet and against 
the force of spiral springs. A pointer is attached to 
the coil. The pointer moves over a calibrated scale. 

D’Arsonval movement The mechanism of a 
D’Arsonval meter. 

DART Abbreviation of data analysis recording tape. 

dart leader A flow of electrons along a path trav- 
eled by a lightning stroke, preceding a second 
stroke. The dart leader, if any, occurs a few mil- 
liseconds after the first stroke. Several strokes 
could occur, each preceded by a dart leader, 
within less than 1 second. 

dash The longer of the two characters (DOT and 
DASH) of the telegraph code. The duration of the 
dash is three times longer than that of a dot. 

dashpot A delayed-action device in which the 
movement of a piston is slowed by air or a liquid 
in a closed cylinder. 

dashpot relay A time-delay relay assembly in 
which the delay is obtained with a DASHPOT. 

DAT 1. Abbreviation of DIGITAL AUDIO TAPE. 2. 
Abbreviation of diffused-alloy transistor. 

data 1. A collection of digital bits (binary digits) 
with informational content (e.g., a computer file, 
a digital image, or a digital sound recording). 2. 
General expression for information, especially in 
encoded or written form. 

data acquisition The reception and gathering of 
data (see DATA COLLECTION and DATA SYS- 
TEM, 1). 

data-acquisition system A computer or dumb ter- 
minal used to gather data from one or more ex- 
ternal points. 
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data analysis display unit A video display periph- 
eral for online data analysis. 

data area Acomputer memory area that holds data 
only (i.e., one that does not contain program in- 
structions). 

databank A data file stored in a direct-access stor- 
age device, which can be drawn from by many 
system users through remote terminals. 

database 1. A computer file containing often-used 
information (e.g., names and addresses, or elec- 
tronic part numbers). 2. A popular form of com- 
puter software that allows users to create, 
maintain, and modify information. 

data block A set of data bits, comprising an identi- 
fiable item. 

data bus A conductor or medium over which digital 
data is transmitted from one place to another 
within a computer. 

data carrier storage A medium of data storage 
outside of a computer (e.g., a magnetic disk). 

data code A set of abbreviations or codes for data 
characters or words. 

data collection The pickup of signals representing 
test data and their transmission to a computer, 
data processor, or recorder. Also see DATA SYS- 
TEM, 1. 

datacom Acronym for DATA COMMUNICATION. 

data communication The transmission and re- 
ception of data signals between or among points 
in a system. 

data communication terminal A computer pe- 
ripheral providing an input and output link to a 
central computer system, and that can be used 
offline for other functions. 

data compression 1. The process of reducing the 
size of a data file by eliminating redundancies. 2. 
The process of minimizing the length of a data 
transmission by eliminating redundancies. 3. 
The process of reducing the bandwidth of a data 
transmission. 4. The process of reducing the dy- 
namic amplitude range of a data transmission. 

data control The automatic control of incoming 
and outgoing data in a data processing system. 

data conversion The process of changing data 
from one form to another, e.g., from analog to dig- 
ital (A/D), digital to analog (D/A), parallel to se- 
rial, or serial to parallel. 

data converter 1. A circuit or device for perform- 
ing DATA CONVERSION. 2. An analog-to-digital 
(A/D) converter. 3. A digital-to-analog (D/A) con- 
verter. 4. A parallel-to-serial converter. 5. A 
serial-to-parallel converter. 

data description The description of a unit of data, 
as included in a computer source program. 

data display A device, such as a cathode-ray tube 
(CRT) or liquid-crystal display (LCD), that pre- 
sents data for visual examination. Compare 
DATA PRINTOUT. 

dataelement 1. A component ofa data signal (e.g., 
a number, letter, symbol, or the equivalent elec- 
trical pulses). 2. A device or circuit for acquiring 
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or processing data. 3. A unit of data (e.g., a field 
in a file). 

data-flow diagram A block diagram showing the 
movement of data through a data-processing sys- 
tem. 

data format The form of data in a record or file 
(e.g., character format or numerical format). 

data gathering See DATA COLLECTION. 

data-handling capacity 1. The amount of data 
that can be stored in a memory circuit. 2. The 
amount of data that can be transmitted over a 
certain medium. 3. The rate at which data can be 
transferred under certain conditions. 

data-handling system A system that gathers, 
routes, transmits, or receives data, but does not 
necessarily process it. 

dataitem A logical element (character, byte, or bit) 
describing a characteristic of a record used by a 
system for which there is a specific application. 

data level Descriptive, through a programming 
language, of the relative weight of logical ele- 
ments (data items) in a computer record. Also 
called data hierarchy. 

data link The portion of a computer system that 
gathers data and, if necessary, converts it to a 
form acceptable by a computer. 

data matrix Variables and their possible values 
stored as a series of columns and rows of values 
in a computer memory. 

data name An operand specified in a computer 
source program. 

data pickup 1. A transducer that collects data sig- 
nals from a source; it converts nonelectrical data 
into corresponding electrical signals and delivers 
its output to a data processing system. 2. Data 
acquisition. 

data playback The reproduction of data signals 
stored by some method of data recording. 

data plotter See X-Y PLOTTER. 

data printout 1. A device that prints a record of 
data or the results of a computation. 2. A perma- 
nent printed record, usually of a calculation or 
computation—especially the printed output of a 
computer peripheral device. 

data processing Work performed on acquired 
data, as in solving problems, making compar- 
isons, classifying material, organizing files. Usu- 
ally done by a computer. 

data-processing equipment A digital computer 
and the peripheral equipment needed to collate, 
store, analyze, and reduce data. 

data-processing machine A computer or system 
used to collate, store, analyze, and reduce data, 
as opposed to a computer or system used primar- 
ily to solve problems or perform routine tasks. 
Also called data processor. 

data-processing system An electronic system for 
automatic data processing. It can be based on 
analog and/or digital techniques. 

data processor See DATA-PROCESSING MA- 
CHINE. 
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data-processing system 


data receiver At a particular point in a data- 
processing system, a circuit or device for 
receiving data from a data transmitter. 

data reception Receiving data signals from some 
point within or outside a data-processing system. 

data-reception system A data receiver and its as- 
sociated equipment. 

data record A computer-processed record contain- 
ing a data unit. 

data recorder A machine for storing data acquired 
in the form of electrical signals (see DATA 
RECORDING). 

data recording 1. The preservation of data signals 
by some process, such as magnetic-disk encod- 
ing, optical-disk encoding, or tape recording, for 
future use or as a backup. 2. A record of data sig- 
nals, as on magnetic tape. 

data reduction The summarization of a mass of 
electronically gathered data. 

data-reduction system A system used to minimize 
the amount of data necessary to convey given in- 
formation. 

data representation Values and data as described 
by numerals, symbols, and letters (e.g., computer 
program instructions). 

data segment As related to a particular computer 
process, a subunit of allocated storage containing 
data only. 

data selector/multiplexer A digital circuit that 
has several or many input signals, and feeds one 
of them onto a common line. 

data set A device that connects a data processor to 
a telegraph or telephone line. 

data signal 1. A signal (such as one of binary bit 
combinations) that can represent data as num- 
bers, letters, or symbols. 2. A signal current or 
voltage proportional to some sampled quantity, 
and that can be used to actuate indicating in- 
struments during tests or measurements. 

data statement A computer source program state- 
ment identifying a data item and specifying its 
format. 
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data storage The preservation of data, particularly 
computer files, for long periods of time in non- 
volatile form (no source of power is required to 
ensure that the data remains intact). 

data storage media Hardware that preserves data, 
particularly computer files, for long periods of 
time in nonvolatile form (no source of power is re- 
quired to ensure that the data remains intact). 
Common media include magnetic disks, mag- 
netic tape, and optical disks. 

data synchronizer A device used to synchronize 
data transmission within a computing or pro- 
cessing system. 

data system 1. An arrangement for collecting, 
recording, and routing data in the form of electri- 
cal signals. 2. An arrangement for processing 
data (i.e., for correlating, computing, routing, 
storing, etc.). 

data terminal A remote input/output device con- 
nected to a central computer. 

data throughput In a computer system, the 
amount of data per unit time (bytes, kilobytes, 
megabytes, gigabytes, or terabytes per second or 
minute) that can be transferred from one place to 
another. 

data transducer In tests and measurements, a 
transducer that converts a monitored phe- 
nomenon into electrical quantities that can be 
used for computer analysis or calculations. 

data transmission Sending data signals from a 
pickup point or processing stage to another point 
within a data-processing system; also, sending 
such signals to points outside the system. 

data-transmission system A data transmitter and 
its associated equipment. 

data transmission utilization measure The ratio 
of the useful data output of a data-transmission 
system to the total data input. 

data transmitter A circuit or device for sending 
data from point to point within or outside of a 
data-processing system. 

data unit Characters in a group that are related in 
a way that makes them a meaningful whole (e.g., 
a text word, or an object such as a circle in vector 
graphics). 

data value A measure of the amount of informa- 
tion contained in a certain number of data bits. 
The greater the ratio of the actual information to 
the number of bits, the higher the data value. 

data words In digital computer operations, words 
(bit groups) representing data, rather than pro- 
gram instructions. 

DAVC Abbreviation of DELAYED AUTOMATIC 
VOLUME CONTROL. 

David Phonetic alphabet code word for letter D. 

daylight effect The modification of transmission 
paths during the day because of ionization of the 
upper atmosphere by solar radiation. 

daylight lamp An incandescent lamp whose fila- 
ment is housed in a blue glass bulb, which ab- 
sorbs some red radiation and transmits most of 
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the green, blue, and violet. So called because the 
spectral output resembles that of typical daylight. 

daylight range The distance over which signals 
from a given transmitter are consistently received 
during the day. 

DB 1. Abbreviation of DIFFUSED BASE of a tran- 
sistor. 2. Abbreviation of DOUBLE BREAK (relay). 

dB 1. Abbreviation of DECIBEL or decibels. 2. 
Symbol for differential of susceptance. 

dBa Abbreviation of ADJUSTED DECIBELS. 

dBe Abbreviation of decibels referred to the carrier. 

DBD Abbreviation of double-base diode. 

dBd The power gain of an antenna in the direction 
of maximum radiation, compared to the radiation 
in the favored direction of a half-wave dipole in 
free space receiving the same amount of power. 
Expressed in decibels. 

dBi The power gain of an antenna in the direction 
of maximum radiation, compared to the radiation 
from a theoretical isotropic antenna in free space 
receiving the same amount of power. Expressed 
in decibels. 

dBj The level of an RF signal, in decibels, relative to 
1 millivolt. 

dBk Abbreviation of DECIBELS REFERRED TO 1 
KILOWATT. 

DBM Abbreviation of database management. 

dBm Abbreviation of DECIBELS REFERRED TO 1 
MILLIWATT. 

dBm0O Signal level in dBm, referred to a zero-trans- 
mission level. 

dBmOp Noise in dBm0O, measured with set phos- 
phometric weighting. 

dB meter A usually high-impedance ac voltmeter 
with a scale reading directly in decibels. 

dBmp The level in dBm, measured with phospho- 
metric weighting. Generally equal to dBm -2.5, 
for a noise level that is flat within the communi- 
cations audio range. 

dBmr Decibels measured with respect to zero 
transmission level. 

dBmvV Abbreviation of DECIBELS REFERRED TO 
1 MILLIVOLT. 

dBrap Abbreviation of DECIBELS ABOVE REFER- 
ENCE ACOUSTIC POWER (10° W). 

dBrn Abbreviation for decibels above reference 
noise. A level of 0 dBrn is defined as noise power 
of 10°° W (1 nanowatt). 

dBrnce_ Noise power in dBrn for a circuit with mes- 
sage weighting c. 

dBrncO Noise in dBrnc measured with respect to 
zero transmission level. 

dBV Abbreviation of DECIBELS REFERRED TO 1 
VOLT. 

dBW Abbreviation of DECIBELS REFERRED TO 1 
WATT. 

dBx Abbreviation of DECIBELS ABOVE REFER- 
ENCE COUPLING. 

dC Symbol for differential of capacitance. 

dc 1. Abbreviation of DIRECT CURRENT. 2. Abbre- 
viation of direct-coupled. 
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dc-ac converter A circuit that converts a de input 
voltage into an ac output voltage, with or without 
step-up or step-down. Also called INVERTER. 

dc alpha The current amplification factor (ALPHA) 
of a common-base transistor stage for a de input 
(emitter) signal. Compare DC BETA. 

dc amplifier 1. A direct-coupled amplifier. 2. An 
amplifier for boosting direct-current signals. 

dc balance 1. Adjustment of a circuit or device for 
dc stability or de null. 2. Adjustment of a circuit 
for de stability during gain changes. 3. A poten- 
tiometer or other variable component used to sta- 
bilize or null a de circuit. 

de bar See DC BUS. 

de base current Symbol, [pja. The static direct 
current in the base element of a bipolar transis- 
tor. 

dc base resistance Symbol, Rac. The static dc re- 
sistance of a bipolar transistor’s base element; 
Rac) = Va/ Ip. 

dc base voltage Symbol, Vga. The static de volt- 
age at the base element of a bipolar transistor. 

dc beta The current amplification factor (BETA) of 
a common-emitter-connected transistor for a dc 
input (base) signal. Compare DC ALPHA. 

dc block A coaxial section that has a capacitance 
in series with the inner or outer conductor, or 
both, to block de while passing RF. Compare DC 
SHORT. 

dc bus A supply conductor carrying direct current 
only. 

dce Abbreviation of double cotton covered (wire). 

de cathode current Symbol, Ixia). The static direct 
current in the cathode element of an electron 
tube. 

dc cathode resistance Symbol, Rxja.. The static de 
resistance of the cathode path of an electron 
tube. 

dc cathode voltage Symbol, Vxja.. The static dc 
voltage at the cathode of an electron tube. 

dc circuit breaker A circuit breaker operated by 
direct-current overload or underload, depending 
on its design and application. 

de collector current Symbol, Iqja,. The static di- 
rect current in the collector element of a bipolar 
transistor. 

de collector resistance Symbol, Roja. The static 
dc resistance of a bipolar transistor’s collector el- 
ement; Rejaq = Vc/Ic. 

de collector voltage Symbol, Vo . The static de 
voltage at the collector element of a bipolar tran- 
sistor. 

dc component In a complex wave (i.e., one con- 
taining both ac and dc), the current component 
having an unchanging polarity. The dc compo- 
nent constitutes the mean (average) value around 
which the ac component alternates, pulsates, or 
fluctuates. 

dc converter A dynamoelectric machine for con- 
verting low-voltage dc into higher-voltage dc. It is 
essentially a low-voltage dc motor coupled me- 
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chanically to a higher-voltage dc generator. Com- 
pare DC INVERTER. 

dc coupling See DIRECT COUPLING. 

dec drain current Symbol, Ip . The static direct 
current in the drain element of a field-effect tran- 
sistor. 

dc drain resistance Symbol, Rp. The static dc 
resistance of an FET’s drain element; Rpg = 
Vp/Ip. 

dc drain voltage Symbol, Vp... The static de volt- 
age at the drain element of a field-effect transis- 
tor. 

dc dump In digital computer operation, removing 
dc power from a computer, which would eradicate 
material stored in a volatile memory. 

dc emitter current Symbol, Iqac. The static direct 
current in the emitter element of a bipolar tran- 
sistor. 

dc emitter resistance Symbol, Rec. The static dc 
resistance of a bipolar transistor’s emitter ele- 
ment; Reac) = Ve/ Ip. 

dc emitter voltage Symbol, Via). The static dc 
voltage at the emitter element of a bipolar tran- 
sistor. 

dc equipment Apparatus designed expressly for 
operation from a dc power supply. Compare AC 
EQUIPMENT and AC/DC. 

dc erase head Ina magnetic recorder, a head sup- 
plied with a de current for the purpose of remov- 
ing data. 

dc error voltage In a television receiver, the dc 
output of the phase detector, which is used to 
control the frequency of the horizontal oscillator. 

dc gate current Symbol, Iga.. The very small static 
direct current in the gate element of a field-effect 
transistor. 

dc gate resistance Symbol, Rqa . The very high, 
static de resistance of an FET’s gate element; 
Reiac = Ve/Ia- 

dc gate voltage Symbol, Vga . The static de volt- 
age at the gate element of a field-effect transistor. 

dc generator 1. A rotating machine (dynamo) for 
producing direct current. Also see DYNAMO- 
ELECTRIC MACHINERY. 2. Generically, a device 
that produces direct current: batteries, photo- 
cells, thermocouples, etc. 

dc generator amplifier A special type of generator 
that provides power amplification. The input sig- 
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nal energizes the field winding of a constant- 
speed machine; because the output voltage is 
proportional to field flux and armature speed, a 
high output voltage is obtained. Also see AMPLI- 
DYNE. 

dc grid bias Steady dc control-grid voltage used to 
set the operating point of an electron tube. 

de grid current Symbol, Iga. The static direct cur- 
rent in the control-grid element of an electron tube. 

dc grid resistance Symbol, Rac. The static de re- 
sistance in the control-grid element of an electron 
tube; Reid = Ve/Ic. 

dc grid voltage Symbol, Vga.. The static dc voltage 
at the control grid of an electron tube. 

dc inserter In a television transmitter, a stage that 
adds the dc pedestal (blanking) level to the video 
signal. 

dc inverter An electrical, electronic, or mechanical 
device that converts de to ac. Also called IN- 
VERTER. 

del Abbreviation of dynamic load characteristic. 

dc leakage The unintended flow of direct current. 

dc leakage current 1. The direct current that nor- 
mally passes through a correctly polarized elec- 
trolytic capacitor operated at its rated dc working 
voltage. 2. The zero-signal reverse current in a 
semiconductor pn junction. 

DCM Abbreviation of DIGITAL CAPACITANCE ME- 
TER. 

D/CMOS Combination of DMOS and CMOS on a 
monolithic chip. 

dc motor A motor that operates from direct cur- 
rent only. 

dc noise Noise heard during the playback of mag- 
netic tape that was recorded while direct current 
was in the record head. 

dc noise margin In a digital or switching circuit, 
the difference V, - Vi, where V, is the output- 
voltage level of a driver gate and V; is the input 
threshold voltage of a driven gate. 

dc operating point For a bipolar transistor, field- 
effect transistor, or vacuum tube, the static, zero- 
signal dc voltage and current levels. 

dc overcurrent relay A relay or relay circuit actu- 
ated by dc coil current rising above a specified 
level. Compare DC UNDERCURRENT RELAY. 

dc overvoltage relay A relay or relay circuit actu- 
ated as a result of the dc coil voltage rising above 
a specified level. Compare DC UNDERVOLTAGE 
RELAY. 

dc patch bay A patch bay in which the de circuits 
of a system are terminated. 

dc picture transmission In television, transmis- 
sion of the dc component of the video signal; this 
component corresponds to the average illumina- 
tion of the scene. 

dc plate current Symbol, Ipa,. The static direct 
current in the plate element of an electron tube. 

dc plate resistance Symbol, Rpg). The static dc re- 
sistance of the internal plate-cathode path of an 
electron tube; Rpg = Vp/Ip. 
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dc plate voltage Symbol, Via). The static de volt- 
age at the plate electrode of an electron tube. 

dc positioning Alignment of the spot on the screen 
of an oscilloscope tube, by means of adjustable dc 
voltages applied to the horizontal and vertical de- 
flecting plates. 

dc power Symbol, Pa. Unit, watt. The power in a 
de circuit; Py. = EI, where E is in volts and J is in 
amperes. Compare AC POWER. Also see POWER. 

dc power supply A power unit that supplies direct 
current only. Examples: battery, transformer/ 
rectifier /filter circuit, dc generator, and photovoltaic 
cell. Compare AC POWER SUPPLY. 

dc relay A relay having a simple coil and core sys- 
tem for closure by direct current, which can be 
rectified ac. 

dc resistance Resistance offered to direct current, 
as opposed to in-phase ac resistance. 

dc resistivity The resistivity of a sample of mate- 
rial measured using a pure dc voltage under 
specified conditions (physical dimensions, tem- 
perature, etc.). 

dc restoration The reinsertion of the dc compo- 
nent into a signal from which the component has 
been extracted through a capacitor or trans- 
former. 

dc restorer A circuit that reinserts the average dc 
component of a signal after the component has 
been lost because the signal passed through a ca- 
pacitor or transformer. 

DCS Abbreviation of DORSAL COLUMN STIMULA- 
TOR. 

de shift A shift in the DC OPERATING POINT. 

de short A coaxial fitting providing a de path be- 
tween the center and outer conductors, while 
permitting radio-frequency (RF) current to flow 
easily through the coaxial section. Compare DC 
BLOCK. 

dec signaling A signaling procedure that uses direct 
current as the medium (e.g., simple wire telegra- 
phy or telephony). 

dc source 1. DC GENERATOR. 2. A live circuit 
point from which one or more direct currents can 
be taken. 

dc source current Symbol, Iga.. The static direct 
current in the source element of a field-effect 
transistor. 

dc source resistance Symbol, Rsa.. The static dc 
resistance of an FET’s source element. 

dc source voltage Symbol, Vs. The static dc 
voltage at the source element of a field-effect 
transistor. 

DCTL Abbreviation of DIRECT-COUPLED TRAN- 
SISTOR LOGIC. 

dc-to-de inverter See DC INVERTER. 

dc transducer 1. A transducer that depends on di- 
rect current for its operation (i.e., it has a dc 
power supply whose output is modulated by the 
sensed phenomenon). 2. A transducer that con- 
verts a direct current into some other form of en- 
ergy, such as heat, pressure, or sound. 
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dc transformer A dc-to-dce converter providing 
voltage step-up. The applied dc is usually first 
converted to ac, which is then stepped up by a 
transformer. The higher-voltage ac is then recti- 
fied to produce a high dc output voltage. 
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dc transmission 1. Sending dc power from a gen- 
erating point to a point of use. 2. In television 
transmission, the retention of the dc component 
in the video signal. 

dc tuning voltage The capacitance-varying dc 
voltage applied to a varactor in an inductance- 
capacitance (LC) tuned circuit. 

dcu Abbreviation of decimal counting unit. 

dc undercurrent relay A relay or relay circuit that 
is actuated as a result of the dc coil current drop- 
ping below a specified level. Compare DC OVER- 
CURRENT RELAY. 

dc undervoltage relay A relay or relay circuit that 
is actuated as a result of the dc voltage dropping 
below a specified level. Compare DC OVERVOLT- 
AGE RELAY. 

dev Abbreviation of DC VOLTS or DC VOLTAGE. 

dc voltage Abbreviation, dev. A voltage that does 
not change in polarity, an example being the volt- 
age delivered by a battery or dc generator. Also 
see VOLTAGE. 

dc working voltage Abbreviation, dcwv. The rated 
dc voltage at which a component can be operated 
continuously with safety and reliability. 

de working volts Abbreviation, dcwv. The actual 
value, expressed in volts, of a DC WORKING 
VOLTAGE. 

dewv Abbreviation of DC WORKING VOLTAGE. 

dD Symbol for differential of electric displacement. 

DDA Abbreviation of digital differential analyzer. 

DDD Abbreviation of DIRECT DISTANCE DIALING 
(telephone). 

D display See D SCOPE. 

DE Abbreviation of decision element. 

dE Symbol for differential of voltage. 

deac In frequency-modulation (FM) receivers, a de- 
vice used for deemphasis. The name is short for 
deaccentuator. 

deactuating pressure For an electrical contact, 
the pressure at which contact is made or broken 
as the pressure reaches the level of activation. 

dead 1. Unelectrified. 2. Lacking electromagnetic 
signals or fields. 3. Electrically or mechanically 
inoperative. 

dead band_1. A radio-frequency band on which no 
signals are heard. 2. A range of values for which 
an applied control quantity (e.g., current or volt- 
age) has no effect on the response of a circuit. 
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deadbeat The state wherein a moving body (such 
as the pointer of a meter or the voice coil of a 
loudspeaker) comes to rest without overswing or 
oscillation. 

deadbeat galvanometer 
MENT. 

deadbeat instrument A meter or recorder that is 
highly damped to ensure that overswing or oscil- 
lation does not occur. 

deadbeat meter See DEADBEAT INSTRUMENT. 

dead break An unreliable contact of a relay, 
caused by insufficient pressure. 

dead circuit A circuit that is electrically disabled. 

dead end The unused end of a tapped coil (i.e., the 
turns between the end of the coil and the last 
turn used). 

dead-end tower A supporting tower for an antenna 
or transmission line that can withstand stresses 
caused by loading or pulling. 

dead file A computer file that is not in use, but is 
being kept in a record. 

dead front panel A metal panel that, for safety and 
desensitization, is completely insulated from volt- 
age-bearing components mounted on it; it is often 
grounded. 

dead interval See DEAD TIME. 

dead line A deenergized line or conductor. 

dead period See DEAD TIME. 

dead room An anechoic room in which acoustic 
tests and studies are made. 

dead short A short circuit with extremely low (vir- 
tually no) resistance from dc into the radio- 
frequency spectrum. 

dead space See DEAD BAND. 

dead spot 1. An area in which radio waves from a 
particular station are not received. 2. On a 
vacuum-tube cathode (directly or indirectly 
heated), a spot from which no electrons are 
emitted. 

dead stretch The tendency of insulating materials 
to permanently retain their approximate dimen- 
sions after having been stretched. 

dead time 1. DOWN TIME. 2. An interval during 
which there is no response to an actuating signal. 
3. In a computer system, an interval between re- 
lated events that is allocated to prevent interfer- 
ence between the events. 

dead volume In a pressure transducer, the zero- 
stimulus volume of the pressure port cavity. 

dead zone See ZONE OF SILENCE. 

debatable time Computer time that cannot be 
placed in any other category. 

debounced switch A switch in sensitive computer 
or control systems that has circuitry for eliminat- 
ing the electrical effects of bounce (see BOUNCE, 
1). 

de Broglie waves Electromagnetic waves that are 
believed to be associated with moving particles 
(such as electrons, protons, and neutrons). 

debug 1. To eliminate errors in, and maximize the 
efficiency of, a computer program or group of pro- 


See DEADBEAT INSTRU- 
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grams. 2. To optimize the design and construc- 
tion of electronic equipment. 

debugging A process by which engineers eliminate 
the flaws in a circuit, machine, or computer pro- 
gram. 

debugging aid routine A computer program used 
to test other programs. 

debugging period The time interval following com- 
pletion of a software design, a hardware inter- 
connection, or the manufacture of a piece of 
electronic equipment, during which errors and 
imperfections are sought and corrected. 

debunching In a velocity-modulated tube, such as 
a Klystron, a beamspreading space-charge effect 
that destroys electron bunching. 

Debye length The maximum distance between an 
electron and a positive ion over which the elec- 
tron is influenced by the field of the ion. 

Debye shielding distance See DEBYE LENGTH. 

deca- A prefix that indicates multiplication by 10. 

decade _ 1. A frequency band whose upper limit is 10 
times the lower limit. Example: 20 Hz to 200 Hz. 2. 
A set of 10 switched or selectable components in 
which the total value is 10 times that of individual 
values. Example: a decade capacitor. Also called 
DECADE BOx. 3. A group, sometimes a unit of ac- 
cess, of 10 computer storage locations. 

decade amplifier An amplifier or preamplifier 
whose gain can be adjusted in increments of 10 
(xl, x10, x100, etc.). 

decade box A group of components that provides 
values in 10 equal steps selected by a switch or 
jacks. For compactness, the components and the 
associated hardware are enclosed in a box or can. 
See, for example, DECADE CAPACITOR. 

decade capacitor A composite capacitor whose 
value is variable in 10 equal steps. For example, 
the values might be set at 100 picofarads (pF), 
200 pF, 300 pF, etc., up to 1000 pF. Compare 
DECADE INDUCTOR and DECADE RESISTOR. 
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decade counter A counter (see COUNTER, 1, 2) in 
which the numeric display is divided into 
sections, each having a value 10 times that of the 
next and displaying a digit from zero to nine. 

decade inductor An inductor whose value is vari- 
able in 10 equal steps. Compare DECADE CA- 
PACITOR and DECADE RESISTOR. 

decade resistor A resistor whose value is variable 
in 10 equal increments. Compare DECADE CA- 
PACITOR and DECADE INDUCTOR. 

decade scaler A _ scale-of-10 electronic counter 
(i.e., a circuit delivering one output pulse for each 
group of 10 input pulses). 

decametric waves Waves in the 10- to 100-meter 
band (30 to 3 MHz). 

decay 1. The decrease in the value of a quantity, 
e.g., current decay in a resistance-capacitance 
circuit. 2. The gradual, natural loss of radioactiv- 
ity by a substance. 

decay characteristics 1. The decay of a parame- 
ter; usually an exponential function. 2. The per- 
sistence time in a storage oscilloscope. 

decay curve A curve, usually logarithmic, repre- 
senting the function of quantity versus time for a 
signal decrement, the decrement of radioactivity, 
or other natural process. 

decay rate A quantitative expression for the rapid- 
ity with which a quantity decreases. Generally 
listed in decibels per second (dB/s) or decibels 
per millisecond (dB/ms). 

decay time The time required for pulse amplitude 
to fall from 90% to 10% of the peak value. Also 
called FALL TIME. 

Decca A 70- to 130-kHz CW radio navigation sys- 
tem (British). 

decelerated electron A high-speed electron that is 
abruptly decelerated upon striking a target, caus- 
ing X-rays to be emitted. 

decelerating electrode A charged electrode that 
slows the electrons in an electron beam. 

deceleration Acceleration that results in a de- 
crease in speed. 

deceleration time 1. The time taken by magnetic 
tape to stop moving after the last recording or 
playback has finished. 2. The time taken by a 
mechanical data storage medium, such as 
a hard disk, to come to rest after completion 
of a read or write operation, or on powering- 
down. 

decentralized data processing Data processing in 
which the computing equipment is distributed 
among managerial subgroups. 

deception A method of producing misleading 
echoes in enemy radar. 

deception device A radar device, or radar-associ- 
ated device, for deception. 

deci- Abbreviation, d. A prefix meaning one-tenth 
(10-1). Examples: DECIBEL, DECIMETER. 

decibel Abbreviation, dB. A practical unit of rela- 
tive gain. In terms of power, the relative gain in 
decibels is equal to: 
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Gain (dB) = 10 logio(Pout/Pin), 


where P,,; is the output power and Pi, is the input 
power. For voltage, if the input and output 
impedances are the same, the gain in decibels is 
given by: 


Gain (dB) = 20 logio(Vou/ Vin), 


where V,. is the output voltage and V;, is the in- 
put voltage. For current, if the input and output 
impedances are the same, the gain in decibels is 
given by: 


Gain (dB) = 20 logjo(out/Tin), 


where [,,; is the output current and J, is the input 
current. Losses are indicated by negative dB gain 
values. 

decibels above reference acoustic power Abbre- 
viation, dBrap. The ratio of a given acoustic 
power level to a lower reference acoustic power 
level, specified in decibels. 

decibels above reference noise Abbreviation, 
dBrn. The ratio of the noise level at a selected 
point in a circuit to a lower reference noise level, 
in decibels. 

decibels referred to 1 millivolt Abbreviation, 
dBmV. The relative voltage level of a signal when 
compared with a 1-mV signal measured at the 
same terminals. 

decibels referred to 1 milliwatt Abbreviation, 
dBm. The ratio, in decibels, of an applied power 
level to the power level of 1 mW. 

decibels referred to 1 volt Abbreviation, dBV. The 
ratio, in decibels, of a given voltage to 1 V, ex- 
pressed in decibels. 

decibels referred to 1 watt Abbreviation, dBW. 
The ratio of a given power level to the power level 
of 1 W, expressed in decibels. 

decider See DECISION ELEMENT. 

decigram A unit of mass equal to 0.1 gram. 

deciliter A unit of volume equal to 0.1 liter, or 10+ 
cubic meter. 

decilog A unit equal to 0.1 times the common log- 
arithm of a ratio. 

decimal 1. Pertaining to the base-10 number sys- 
tem (see DECIMAL NUMBER SYSTEM). 2. A 
base-10 numerical fraction, represented by fig- 
ures to the right of the radix point (decimal point), 
and arranged serially according to negative 
powers of 10. Examples: 0.12 = 1.2 x 107}, 
0.00135 = 1.35 x 10°°. 

decimal attenuator An attenuator circuit whose 
resistances are chosen for attenuation in deci- 
mal steps. Thus, one section provides attenua- 
tion in steps of 0.1 times the applied voltage, 
another in steps of 0.01 times the applied volt- 
age, another in steps of 0.001 times the applied 
voltage, etc. 

decimal code A method of defining numbers, in 
which each place has a value of ten times that im- 
mediately to the right. 
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decimal-coded digit 1. A numeral from 0 to 9. 2. 
A numeral in the DECIMAL NUMBER SYSTEM. 
3. A binary representation of a decimal value 
from 0 to 9. 

decimal digit A numeral from 0 to 9. 

decimal equivalent The decimal number equal to 
a given fraction (e.g., the decimal equivalent of 
24a is 0.3281). 

decimal fraction See DECIMAL, 2. 

decimal notation See DECIMAL NUMBER SYS- 
TEM. 

decimal number system The familiar base-10 or 
radix-10 number system, in which the digits 0 
through 9 represent values according to their po- 
sition, relative to the decimal point (also called 
the radix point). Positions to the left of the point 
represent successive positive powers of 10, and 
those to the right represent successive negative 
powers of 10. 

decimal point The radix point in a decimal num- 
ber. It serves to separate the integral part from 
the fractional part of the number. 

decimeter waves See MICROWAVES. 

decimetric waves Electromagnetic waves having 
lengths ranging from 0.1 meter to 1 meter (8000 
MHz to 300 MHz). Also known as ultrahigh fre- 
quency (UHF). 

decineper A natural-logarithmic unit equal to 0.1 
neper. 

decipher See DECODING, 3. 

decision 1. A choice based on the evaluation and 
comparison of data, and the identification of a 
specified objective. 2. In digital computer opera- 
tions, the automatic selection of the next step in 
a sequence, on the basis of data being compared 
by a relational test. 

decision box A block on a computer flowchart in- 
dicating the point at which a decision (see DECI- 
SION, 2) must be made as to which of several 
branches the program will take. 

decision elements See LOGIC CIRCUITS. 

decision instruction A computer program 
instruction to compare the values of operands 
and take an appropriate action, as per the BASIC 
instruction “IF A = B THEN GO TO (line num- 
ber).” 

decision procedure In decision theory, a series of 
calculations made to optimize the speed or effi- 
ciency of a process, or to minimize risk, failure, 
cost, etc. 

decision theory A statistical discipline concerned 
with identifying and evaluating choices and alter- 
natives, and determining the best sequence of 
steps to take in reaching an objective. 

decision tree In decision theory, a diagram show- 
ing alternative choices, so called from its resem- 
blance to a tree with branches. 

decision value A value that defines the boundary 
between two intervals in the encoding process. 

deck 1. See TAPE DECK. 2. A pack of punched 
cards in a computer file. 
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declarative macroinstruction As part of an as- 
sembly language, instructions to the compiler to 
do something or record a condition without af- 
fecting the object program. 

declarative statement A computer source pro- 
gram instruction specifying the size, format, and 
kind of data elements and variables in a program 
for a compiler. 

declination 1. The angle representing the devia- 
tion of magnetic north from true north; it is the 
angle subtended by a freely turning magnetic 
needle and the meridian. Compare INCLINATION. 
2. Celestial latitude. 
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declinometer An instrument for measuring decli- 
nation. 

decode 1. To unscramble a coded message. 2. In 
digital computer operations, to deliver a specific 
output from character-coded inputs. 3. In a mul- 
tiplex system, the separation of the subcarrier 
from the main carrier. 

decoder A circuit or device for performing DECOD- 
ING. 

decoder/demultiplexer A circuit that places an 
input signal on a selected output line. 

decoder/driver An integrated circuit containing a 
decoder and driver. 

decoding 1. In computer and data-processing op- 
erations, DIGITAL-TO-ANALOG CONVERSION. 
2. The conversion to English of a message re- 
ceived in a code. 3. Translating a message from a 
secret code (i.e., deciphering a message). 4. The 
automatic conversion of a signal into the appro- 
priate switching action (as the enabling of a 
transmitter or receiver by a tone in a selective 
calling system). 

decoding circuit A circuit intended for the pur- 
pose of translating a code into ordinary language. 

decollator An offline computer device for separat- 
ing the parts of output continuous stationery 
sets. Also see CONTINUOUS STATIONERY. 

decommutation The extraction of a signal compo- 
nent from the composite signal, resulting from 
commutation. 
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decommutator A circuit or device for performing 
decommutation, including demodulators, demul- 
tiplexers, and signal separators. 

decoupler A device that isolates two circuits so 
that a minimal amount of coupling exists be- 
tween them. 

decoupling The elimination or effective minimiza- 
tion of coupling effects, as in decoupling amplifier 
stages to prevent interaction through a common 
power-supply lead. 

decoupling capacitor 1. A capacitor that provides 
a low-impedance path to ground to prevent 
undesired stray coupling among the circuits in a 
system. 2. The capacitive member of a resistance- 
capacitance (RC) decoupling filter. 

decoupling filter A resistance-capacitance (RC) fil- 
ter, usually inserted into a common dc line in a 
multistage amplifier to prevent interstage feed- 
back coupling through the common impedance of 
the line. 

decoupling network One or more decoupling fil- 
ters. 

decoupling resistor The resistive member of a re- 
sistance-capacitance (RC) decoupling filter. 

decoy In radar, an object that provides misleading 
reflections. Also see CHAFF. 

decreasing function A function whose curve has a 
negative slope at all points in the domain. 

decrement 1. Also called logarithmic decrement. 
The rate at which a damped wave dies down. The 
decrement value is the natural (base-e) logarithm 
of the ratio of two successive peaks of the same 
polarity. 2. A quantity used to lessen the value of 
a variable. 3. To lower the value (of a register, for 
example) by a single increment. 

decremeter An instrument for measuring the de- 
crement of a radio wave. 

decremeter capacitor A variable capacitor for use 
in a decremeter. The rotor plates are shaped so 
that equal angular rotations correspond to the 
same decrement at all settings. Thus, the percent- 
age of capacitance change for a given angle of rota- 
tion is constant throughout the capacitance range. 

decryption The conversion of an encrypted signal 
from a cipher into plain text, graphics, or other 
commonly recognizable form. Also see CIPHER. 
Compare ENCRYPTION. 

decryption key An algorithm, or a set of algorithms, 
that converts an encrypted signal from a cipher 
into plain text, graphics, or other commonly rec- 
ognizable form. Each cipher has its own unique 
algorithm or set of algorithms for this purpose. 
The signal cannot be decrypted unless all the 
components of the key are present. 

dedicated Assigned exclusively to a certain pur- 
pose [e.g., a dedicated facsimile (fax) line]. 

deductive logic A form of symbolic logic used to 
demonstrate that a certain conclusion will always 
follow, given a certain set of circumstances. The 
logic of digital circuits is deductive. Compare IN- 
DUCTIVE LOGIC. 


ao 


decommutator ¢ definite-purpose component 


173 


dee Ina cyclotron, one of the D-shaped chambers 
in and between which particles accelerate in a 
spiral path to high velocity. 

dee line [Ina cyclotron, a support for the dee, with 
which it forms a resonant circuit. 

deemphasis In frequency modulation, the intro- 
duction of a low-pass characteristic (response 
falls as modulating frequency increases) to com- 
plement the rising response of preemphasis. Also 
called postemphasis or postequalization. Com- 
pare PREEMPHASIS. 

deemphasis amplifier An amplifier used to re- 
move the high-frequency preemphasis applied to 
signals prior to broadcasting, multiplexing, tape 
recording, or telemetering. Also see DEEMPHA- 
SIS and PREEMPHASIS. 

deemphasis circuit A low-pass filter that provides 
deemphasis in an FM receiver. 

deemphasis network See DEEMPHASIS CIRCUIT. 

deenergize To take a circuit or device out of opera- 
tion (i.e., to remove its power or signal excitation). 

deep cycle Pertaining to a rechargeable cell or bat- 
tery that can operate until it is almost completely 
discharged. It generally has a high ampere-hour 
capacity. 

deep-diffused junction A pn junction made by dif- 
fusing the impurity material deep in the semicon- 
ductor wafer. Compare SHALLOW-DIFFUSED 
JUNCTION. 

deep discharge The nearly complete discharge of a 
cell or battery; usually done prior to recharging. 

deep-space net A radar system intended for con- 
stant monitoring of spacecraft. 

defeating 1. The disabling or circumvention of an 
alarm or security system, leaving the protected 
property vulnerable to intrusion. 2. The danger- 
ous, and potentially lethal, disabling of a safety 
device in an electrical or electronic system. 

defect 1. Absence of an electron (hence, presence 
of a hole) in the lattice of a semiconductor crystal. 
2. An abnormality of design, construction, or per- 
formance of an electronic circuit or device. 3. Ina 
computer system, a hardware or software fault 
that could be the eventual cause of a failure. 4. A 
flaw in a crystalline substance. 

defect conduction In a semiconductor material, 
conduction via holes. 

deferred addressing Indirect addressing in which 
a preset counter makes several references to find 
a desired address. 

deferred entry An entry into a computer subrou- 
tine, delayed because of a delay in the exit from a 
control program. 

deferred exit An exit from a computer subroutine, 
delayed because of a particular command. 

defibrillation Use of a CARDIAC STIMULATOR to 
halt fibrillation of the heart, as caused by electric 
shock. 

defibrillator See CARDIAC STIMULATOR. 

definite-purpose component A component de- 
signed for a specific use, rather than for a wide 
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range of possible applications (e.g., a video detec- 
tor diode, as opposed to a general-purpose diode). 
Compare GENERAL-PURPOSE COMPONENT. 

definition 1. Clarity of a video image (i.e., one hav- 
ing good contrast and faithful tones). 2. Good in- 
telligibility of reproduced sounds. 

deflecting coil One of a set of external coils carry- 
ing sawtooth currents, which provide electromag- 
netic deflection of the cathode-ray beam in 
picture tubes, camera tubes, radar display tubes, 
sonar display tubes, and some oscilloscopes. Also 
called deflection coil. 

deflecting electrode An electrode, such as a de- 
flecting plate, used to alter the direction an elec- 
tron beam. Also called deflection electrode. 

deflecting plate In acathode-ray tube, a plate that 
attracts or repels the electron beam, causing the 
spot to move horizontally or vertically on the 
screen. Also called deflection plate. 


Deflecting 
+ 
plates Screen 
Electron 
gun 
Path of 
electron 


deflecting plate 


deflecting torque The torque required to move the 
pointer of a meter, or the pen or mirror of a 
recorder. 

deflection 1. In a cathode-ray tube, movement of 
the electron beam by electric or magnetic fields. 
2. Movement of the pointer of a meter or the pen 
or mirror of a recorder by an applied current or 
voltage. 

deflection factor Symbol, G. The reciprocal of DE- 
FLECTION SENSITIVITY. 

deflection plane In a cathode-ray tube, the plane 
perpendicular to the axis of the tube. This plane 
contains the electromagnetic and/or electrostatic 
lines of flux that result in deflection of the elec- 
tron beam. 

deflection coil See DEFLECTING COIL. 

deflection electrode See DEFLECTING ELEC- 
TRODE. 

deflection plate See DEFLECTING PLATE. 

deflection polarity In a cathode-ray tube, the po- 
larity of the voltage applied to a particular de- 
flecting plate to move the electron beam in a 
particular direction. 

deflection sensitivity Symbol, S. A quantitative 
measure of the extent to which the input voltage 
will displace the electron beam on the screen of 


an electrostatic cathode-ray tube. Expressed in 
volts per centimeter (V/cm) or volts per inch 
(V/in). 

deflection voltage The potential difference be- 
tween the deflection plates of an electrostatic 
cathode-ray tube. It is used to control the direc- 
tion of the electron beam striking the phosphor 
screen. 

deflection yoke An assembly of deflection coils in 
picture and camera tubes, and in some magneti- 
cally deflected oscilloscope tubes. The usual com- 
bination is two series-connected horizontal 
deflection coils and two series-connected vertical 
deflection coils. 

deflector 1. A beam-forming plate in a beam- 
power tube. 2. A deflection plate in a cathode-ray 
tube. 3. A deflection coil or yoke in a picture tube, 
camera tube, or magnetic-deflection oscilloscope 
tube. 4. A mechanical attachment for improving 
the angle of radiation of a loudspeaker by spread- 
ing the higher-frequency waves. 

defocusing Blurring of the image on the screen of 
a cathode-ray tube, caused by spreading of the 
electron beam. 

deformation potential The voltage generated 
when a crystal lattice is subjected to pressure. An 
example is the voltage produced by a crystal mi- 
crophone when acoustic waves strike the crystal. 

defruiting The elimination of non-synchronized 
echoes in a radar system. 

deg Abbreviation of DEGREE. 

degassing During the evacuation of a vacuum tube 
or similar device, the removal of gas, including 
that which has bonded to the glass and metal 
parts. 

degauss See DEMAGNETIZE. 

degausser 1. A circuit that performs DEGAUSS- 
ING. 2. A device for bulk erasing magnetic tape; 
also called a bulk tape eraser. 

degaussing 1. The demagnetization of an object; in 
particular, the removal of all residual magnetism. 
2. The erasure of data from a magnetic or 
magneto-optical data-storage medium. 

degaussing circuit In a color television receiver, a 
circuit including a thermistor, voltage-dependent 
resistor, and coil for automatically demagnetizing 
the picture tube when the receiver is switched on. 

degaussing coil A coil carrying an alternating cur- 
rent; the resulting magnetic field demagnetizes 
objects that have become accidentally magne- 
tized. 

degeneracy In microwave practice, the appearance 
of a single resonant frequency for two or more 
modes in a resonator. 

degenerate modes In microwave operations, a set 
of modes with the same resonant frequency or 
propagation constant. 

degenerate parametric amplifier An inverting 
parametric amplifier, in which the two signals are 
of the same frequency, which is half the pump 
frequency. 
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degenerate semiconductor A semiconductor that 
behaves like a metal over a wide range of temper- 
atures. 

degeneration In an amplifier, the technique of 
feeding a portion of the output back to the input 
out of phase with the input signal, to improve fi- 
delity at the expense of gain. Also called negative 
feedback or inverse feedback. Compare REGEN- 
ERATION. 

degenerative resistor An unbypassed emitter re- 
sistor in a common-emitter bipolar-transistor 
circuit, or an unbypassed source resistor in a 
common-source field-effect transistor circuit. 
Signal current flowing through the resistor 
produces negative feedback current (degenera- 
tion), which reduces the gain of the stage, but 
increases the linearity of the transfer character- 
istic. 
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degradation 1. Gradual deterioration in the condi- 
tion or performance of a circuit or device. 2. Ina 
computer system, compromised performance 
caused by component failure. 

degradation failure Failure occurring at the termi- 
nal point of degradation. 

degraded operation See DEGRADATION. 

degreaser See ULTRASONIC CLEANING TANK. 

degree 1. A unit of circular angular measurement 
equal to %e0 of the circumference of a circle. Also 
called GEOMETRIC DEGREE. 2. A unit of 
temperature measurement. See DEGREE 
ABSOLUTE, DEGREE CELSIUS, DEGREE CENTI- 
GRADE, DEGREE FAHRENHEIT, and DEGREE 
REAUMUR. 
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degree absolute Symbol, K. The unit of tempera- 
ture on the absolute scale. Also see ABSOLUTE 
SCALE. 

degree Celsius Symbol, °C. The unit of tempera- 
ture on the CELSIUS SCALE. 

degree centigrade Symbol, °C. The unit of temper- 
ature on the centigrade scale (now called CEL- 
SIUS SCALE). 

degree Fahrenheit Symbol, °F. The unit of tem- 
perature on the FAHRENHEIT SCALE. 

degree of current rectification For a rectifier, the 
ratio of the average direct output current to the 
root-mean-square (rms) alternating input cur- 
rent. 

degree of voltage rectification For a rectifier, the 
ratio of the average direct-current (dc) output 
voltage to the root-mean-square (rms) alternat- 
ing-current (ac) input voltage. 

degree Reaumur Symbol, °R. The unit of tempera- 
ture on the REAUMUR SCALE. 

degrees of freedom 1. The ways in which a point 
can move or a system can change. In three- 
dimensional space, a rigid body has six degrees of 
freedom: motion in three linear directions, and 
rotation around three linear axes extending 
through its center. 2. The ways in which a robot 
arm can move, including linear motion and rota- 
tional motion. 

degrees of rotation A measure of the extent to 
which a robot joint, or a set of robot joints, can be 
turned. Some reference axis is always used; an- 
gles are specified in degrees, relative to that axis. 

degrees-to-radians conversion The conversion of 
angles in degrees to angles in radians. To change 
degrees to radians, multiply degrees by 0.01745. 
Compare RADIANS-TO-DEGREES CONVER- 
SION. 

deion circuit breaker A circuit breaker in which 
the arc occurring when the contacts open is 
quickly extinguished by an external magnetic de- 
vice. 

deionization The conversion of an ionized sub- 
stance, such as a gas, to a neutral (non-ionized) 
state. The process changes the ions into un- 
charged atoms. 

deionization potential The voltage at which an 
ionized substance becomes deionized; for exam- 
ple, the voltage at which a glow discharge is ex- 
tinguished when the gas ions become neutral 
atoms at that voltage. Also called extinction poten- 
tial. 

deionization time The time required for an ionized 
gas to become neutral after the removal of the 
ionizing voltage. 

deionization voltage See DEIONIZATION POTEN- 
TIAL. 

deionize To restore to an electrically neutral condi- 
tion (i.e., to convert ions to neutral atoms, as in 
the deionization of the gas when the discharge in 
a glow tube is extinguished). 

deka- A prefix meaning ten(s) (e.g., DEKAMETER). 
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dekahexadecimal number system See HEXA- 
DECIMAL NUMBER SYSTEM. 

delamination The splitting apart, in layers, of an 
insulating material, such as mica or bonded plas- 
tic film. 

delay 1. The interval between the instant at which 
a signal or force is applied or removed and the in- 
stant at which a circuit or device subsequently 
responds in a specified manner. 2. The time re- 
quired for a signal to traverse a given medium, 
such as air, mercury, or quartz. 

delay action Response occurring some time after a 
stimulus has been applied or removed (e.g., the 
retarded opening of a delayed-dropout relay). 

delay circuit 1. A circuit, such as a resistance-ca- 
pacitance (RC) or resistance-inductance (RL) 
combination, that introduces a time delay. 2. See 
DELAY LINE. 

delay coincidence circuit A coincidence circuit 
(see AND CIRCUIT) triggered by two pulses, one of 
which lags behind the other. 

delay counter In a digital computer, a device that 
halts a program run long enough for an operation 
to be completed. 

delay distortion 1. Distortion resulting from vari- 
ations in the phase delay of a circuit or device at 
different points in its frequency range. 2. In a fac- 
simile (fax) signal, variations in the delay of dif- 
ferent frequency components of the signal. 

delayed AGC See DELAYED AUTOMATIC GAIN 
CONTROL. 

delayed automatic gain control An automatic 
gain control circuit that operates only when 
the signal amplitude exceeds a predetermined 
threshold level, thus providing maximum amplifi- 
cation of weaker signals. 

delayed automatic volume control See DE- 
LAYED AUTOMATIC GAIN CONTROL. 

delayed break In relay or switch operation, con- 
tacts separating some time after the switch has 
been thrown or the relay deenergized. Compare 
DELAYED MAKE. 

delayed close See DELAYED MAKE. 

delayed closure See DELAYED MAKE. 

delayed contacts Contacts that open or close at a 
predetermined instant after their activating sig- 
nal is applied or removed. 

delayed drop-in See DELAYED MAKE. 

delayed dropout See DELAYED BREAK. 

delayed loop In security applications, a circuit or 
system that registers an alarm some time after 
intrusion is first detected. The delay can usually 
be selected or preadjusted. 

delayed make In relay or switch operation, con- 
tacts closing some time after the switch has been 
thrown or the relay has been energized. Compare 
DELAYED BREAK. 

delayed open See DELAYED BREAK. 

delayed PPI Plan-position indicating radar having 
a delayed time base. 

delayed pull-in See DELAYED MAKE. 


delayed repeater A repeater that receives and 
stores information, and retransmits the informa- 
tion later, in response to a switching or interroga- 
tion signal. 

delayed repeater satellite An active communica- 
tions satellite that acts as a delayed repeater (i.e., 
it receives and records information at one time 
and retransmits it at a later time). 

delayed sweep 1. In an oscilloscope or radar, a 
sweep that starts at a selected instant after the 
signal under observation has started. 2. The 
(usually calibrated) circuit for producing a sweep, 
as defined in (1). 

delayed updating Updating a computer record or 
record set so that the record fields are left un- 
changed until all other changes attendant to the 
pertinent event are processed. 

delay equalizer A network that corrects DELAY 
DISTORTION. 

delay-frequency distortion Distortion caused by 
variation of envelope delay within a frequency 
band. 

delay line A device (not always a line) that intro- 
duces a time lag in a signal. The lag is the time re- 
quired for the signal to pass through the device, 
minus the time necessary for the signal to tra- 
verse the same distance through a wire, cable, 
optical fiber, or free space. 

delay-line memory In a digital computer, a mem- 
ory that uses a delay line, associated input- and 
output-coupling devices, and an external regen- 
erative-feedback path. Information is kept stored 
by causing it to recirculate in the line by regener- 
ation. 

delay-line register Ina digital computer, a register 
that operates in the manner of a DELAY-LINE 
MEMORY and has a register length (capacity) of 
an integral number of words. 

delay-line storage See DELAY-LINE MEMORY and 
DELAY-LINE REGISTER. 

delay multivibrator See MONOSTABLE MULTIVI- 
BRATOR. 

delay-power product Unit, watt-second. The fig- 
ure of merit for an integrated circuit (IC) gate. In- 
creasing gate power reduces propagation delay. 
Also called PROPAGATION DELAY-POWER 
PRODUCT. 

delay relay A relay that opens or closes at the end 
of a predetermined time interval. 

delay switch A switch having delayed make, de- 
layed break, or both. 

delay time 1. The interval between the instant a 
voltage or current is applied and the instant a 
circuit or device operates. 2. In an output pulse, 
the interval between the instant an ideal pulse 
is applied to the input of a system and the in- 
stant the output pulse reaches 10% of its maxi- 
mum amplitude. 3. The time elapsed between 
the presentation of a pulse to the input of a de- 
lay line and the appearance of the pulse at the 
output. 
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delay timer 1. A timer that starts or stops an op- 
eration after a prescribed length of time. 2. A de- 
lay relay or switch. 

delay unit Ina radar system, a circuit for delaying 
pulses. 

delete 1. To erase or blank out a signal. 2. The 
elimination from a computer file of a record or 
record group. 3. To remove a computer program 
from memory or storage. 

deletion record In the master file of a digital com- 
puter, a new record that causes existing ones to 
be deleted. 

delimiter In digital computer operations, a charac- 
ter limiting a sequence of characters of which it is 
not itself a member. 

Dellinger effect The sudden disappearance of a 
radio signal as a result of an abrupt increase in 
atmospheric ionization caused by a solar erup- 
tion. 

deliquescent material A material that absorbs 
enough moisture from the air to get wet. For ex- 
ample; calcium chloride, a deliquescent material, 
is often used to keep electronic equipment dry. 
Compare HYGROSCOPIC MATERIAL. 

delta circuit A three-phase electrical circuit with 
no common ground. 

delta connection A triangular connection of coils 
or load devices in a three-phase system, so called 
from its resemblance to the Greek letter delta. 
Compare WYE-CONNECTION. 

delta-matched antenna See WYE-MATCHED IM- 
PEDANCE ANTENNA. 

delta-matched impedance antenna See WYE- 
MATCHED IMPEDANCE ANTENNA. 

delta matching transformer In a WYE-MATCHED 
IMPEDANCE ANTENNA, the fanned-out (roughly 
delta-shaped) portion of the two-wire feeder at its 
point of connection to the radiator. It matches the 
impedance of the feeder to that of the radiator. 
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delta modulation The conversion of an analog sig- 
nal into a digital pulse train that can be decoded 
to yield the original analog signal. 

delta network See DELTA CONNECTION. 

delta pulse-code modulation In wire or radio 
communications, the conversion of an audio sig- 
nal into a digital pulse train. 
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delta quantity An increment (i.e., the difference 
between two values of a variable). 

delta rays The emission of secondary electrons as 
a result of radioactivity. 

delta-sigma modulation A method of analog-to- 
digital conversion. The output is a pulse density 
function of the input. The input can be obtained 
by low-pass filtering of the output. 

delta tune Also called receiver incremental tuning 
(RIT). In high-frequency (HF) communications 
transceivers, a control that allows the receiver 
frequency to be adjusted up to several kilohertz 
higher or lower than the transmitter frequency. 

delta waves Brain waves having a frequency less 
than 9 Hz. Also see ELECTROENCEPHALO- 
GRAPH and ELECTROENCEPHALOGRAM. 

Deluc’s pile See DRY PILE. 

dem Abbreviation of DEMODULATOR. 

demagnetization curve The portion of a magnetic 
hysteresis curve, showing reduction of demagne- 
tization. 

demagnetization effect The phenomenon in 
which uncompensated magnetic poles at the sur- 
face cause a reduction of the magnetic field inside 
a sample of a material. 

demagnetize To remove magnetism from an ob- 
ject, either temporarily or permanently. 

demagnetizer See DEGAUSSER. 

demagnetizing current The half-cycle of an alter- 
nating current (or polarity of a direct current) 
flowing through a coil wound on a permanent 
magnet (as in a headphone, permanent-magnet 
loudspeaker, or polarized relay), that reduces the 
magnetic field. 

demagnetizing force 1. A magnetic force whose 
direction reduces the residual induction of a 
magnetized material. 2. An effect that reduces the 
magnetism of a permanent magnet, such as high 
temperature or a physical blow. 

demand factor In the use of electric power, the ra- 
tio of the consumer’s maximum demand to the 
actual power consumed. 

demand processing Descriptive of a system that 
processes data as it is available, without storing 
it. 

demarcation strip An interface between a termi- 
nal unit and a carrier line. 

Dember effect The appearance of a voltage be- 
tween regions in a semiconductor when one of 
the regions is illuminated. 

demodulation The process of retrieving the infor- 
mation (modulation) from a modulated carrier. In 
receivers and certain test instruments, this pro- 
cess is called DETECTION. 

demodulator 1. A circuit that recovers the infor- 
mation from a modulated analog or digital signal. 
In radio communications, such a device is 
usually called a DETECTOR. 2. In computer 
communications, a device that performs 
ANALOG-TO-DIGITAL CONVERSION of incoming 
online signals. 
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demand read (write) Inputting or outputting data 
blocks to or from a central processor, as needed 
for processing. 

demodulator probe A diode probe that removes 
the modulation envelope from an applied ampli- 
tude-modulated signal, and presents the enve- 
lope to a voltmeter or oscilloscope. 

demonstrator A device used to show and teach the 
way in which a component, circuit, or system op- 
erates. 

DeMorgan’s theorem A rule of sequential or digi- 
tal logic. It states that the negation of (A AND B), 
for any two statements A AND B, is equivalent to 
NOT A OR NOT B. Also, the negation of (A OR B) 
is equivalent, logically, to NOT A AND NOT B. 

demultiplexer A circuit or device that separates 
the components of a multiplexed signal transmit- 
ted over a channel. 

demultiplexing circuit See DEMULTIPLEXER. 

denary band A band in which the highest fre- 
quency is 10 times the lowest frequency. 

dendrite 1. The branching (tree-like) structure 
formed by some materials, such as semiconduc- 
tors, as they crystallize. 2. The branching portion 
of a nerve cell; hence, the corresponding circuit 
element in the electronic model of such a cell. 

dendritic growth 1. Dendrite (see DENDRITE, 1). 
2. The process of growing long, flat semiconduc- 
tor crystals. 

dendron See DENDRITE, 2. 

dens Abbreviation of DENSITY. 

dense binary code A binary representation sys- 
tem, in which any possible combination of char- 
acters is assigned some correspondent. 

densitometer An instrument for measuring the 
density of a body. 

density 1. Mass per unit volume of a material. 2. 
Concentration of charge carriers or of lines of 
flux. 3. The number of items per unit volume, 
area, distance, or time. 

density modulation Modulation of the density, 
with respect to time, of electrons in an electron 
beam. 
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density of electrons The concentration of elec- 
trons (i.e., the number per unit volume, area, dis- 
tance, or time). 

density packing A figure indicating the quantity of 
bits per inch or per centimeter, stored on a mag- 
netic tape. 
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dependent equations Equations that are alike 
and have an infinite number of solutions. Com- 
pare INDEPENDENT EQUATIONS and INCON- 
SISTENT EQUATIONS. 

dependent linearity Linearity (especially in its de- 
viation from an ideal slope) as a dependent vari- 
able. 

dependent variable A changing quantity whose 
value at any instant is governed by the value at 
that instant of another changing quantity (the in- 
dependent variable). Compare INDEPENDENT 
VARIABLE. 

depletion-enhancement-mode MOSFET A metal- 
oxide-semiconductor field-effect transistor (MOS- 
FET) designed for zero gate-bias voltage. An ac 
gate signal voltage drives the MOSFET alternately 
into the depletion mode (negative signal half- 
cycle) and enhancement mode (positive signal 
half-cycle). Compare DEPLETION-TYPE MOSFET 
and ENHANCEMENT-TYPE MOSFET. 

depletion field-effect transistor A _ field-effect 
transistor whose operation is based on the con- 
trol of depletion layer width. 

depletion layer See BARRIER, 1. 

depletion-layer capacitance See JUNCTION CA- 
PACITANCE. 

depletion-layer rectification Rectification pro- 
vided by a semiconductor junction. 

depletion-layer transistor A transistor whose ac- 
tion depends on modulation of current carriers in 
a space-charge region (depletion layer). 

depletion mode Operation characteristic of the 
DEPLETION-TYPE MOSFET. 

depletion region See BARRIER, 1. 

depletion-type MOSFET A metal-oxide-semicon- 
ductor field-effect transistor (MOSFET) in which 
the channel directly under the gate electrode is 
narrowed by a negative gate voltage (in an n- 
channel device) or by a positive gate voltage (in a 
p-channel device). 

depolarization 1. Ina primary cell, the removal of 
the agents that have caused polarization. 2. The 
addition of a polarization-inhibiting substance to 
the electrolyte of a primary cell. 

depolarizer A substance that retards polarization 
in an electrochemical cell. An example is the 
manganese dioxide used in dry cells. 

depolarizing agent See DEPOLARIZER. 

deposition The application of a layer of one sub- 
stance (usually a metal) to the surface of another 
(the substrate), as in evaporation, sputtering, 
electroplating, silk-screening, etc. 

depth finder See ACOUSTIC DEPTH FINDER. 

depth indicator 1. A sounding instrument for de- 
termining the depth of a body of water. 2. On an 
ACOUSTIC DEPTH FINDER, the meter that indi- 
cates the depth of water. 

depth of cut On a phonograph disk, the depth of 
the recorded groove. 

depth of discharge Abbreviation, DOD. In a re- 
chargeable cell or battery, a measure of the extent 
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to which discharging has occurred. It is generally 
specified as a percentage. For example, if the 
DOD of a 10-ampere-hour (10-AH) battery is 80 
percent, then 8 AH have been used up, and 2 AH 
remain before recharging will be necessary. 

depth of heating In dielectric heating, the depth of 
heat penetration in the sample when both elec- 
trodes are applied to one of its faces. 

depth of modulation The degree to which a carrier 
wave is modulated. 

depth of penetration The extent to which a skin- 
effect current penetrates the surface of a conduc- 
tor. 

depth sounder See ACOUSTIC DEPTH FINDER. 

de-Q 1. To reduce the Q of a component or tuned 
circuit. 2. To inhibit laser action during an 
interval when an ion population excess is 
pumped up. 

derating To reduce an operating parameter (e.g., 
current, voltage, power) as another factor (such 
as temperature) increases, to ensure efficient, re- 
liable, and safe operation. 

derating curve A graph that shows the extent to 
which a quantity (such as allowable power dissi- 
pation) must be reduced as another quantity 
(such as temperature) increases. 

derating factor The amount by which a current, 
power, or voltage must be decreased to ensure 
safe and efficient operation of a circuit or device 
in a given environment (temperature, altitude, 
humidity, etc.). Also see DERATING and DERAT- 
ING CURVE. 

derivative 1. A mathematical expression indicat- 
ing the rate at which a function changes, with 
respect to the independent variable. See 
DERIVATIVE FUNCTION. 2. The slope of a line 
tangent to a curve at a given point. 3. The output 
signal of a DIFFERENTIATOR, relative to the 
input signal. 

derivative action In a control system, an action 
producing a corrective signal proportional to the 
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rate of change (derivative) of the controlled 
variable. 

derivative control A method of automatic control, 
actuated according to the number of errors per 
second. 

derivative function For a mathematical function 
JS (x), the function f'(x) = df(x)/dx, over the domain 
of f. For any specific point xo in the domain of f, 
the value of f'(xo) is equal to the slope of a line 
tangent to fat the point (xo, f(%)). 

derived center channel The sum or difference of 
the left and right channels in a stereophonic sys- 
tem. 

Dershem electrometer A variation of the quadrant 
electrometer. In the Dershem instrument, the 
needle (to which a small mirror is attached) ro- 
tates within slots cut in the quadrant plates and, 
therefore, can never accidentally touch the 
plates. 

descending node For a satellite orbiting the earth 
or another planet, any point at which the ground- 
track crosses the equator as it moves from the 
northern hemisphere into the southern hemi- 
sphere. This node generally changes for each suc- 
ceeding orbit, because the earth or planet rotates 
underneath the orbit of the satellite. Compare 
ASCENDING NODE. 

descending pass For a specific point on the earth’s 
surface, the time during which an artificial com- 
munications satellite is accessible when its lati- 
tude is moving southward. The duration of 
accessibility depends on the altitude of the satel- 
lite and on how close its groundtrack comes to 
the earth-based point. Compare ASCENDING 
PASS. 

description A data element that is part of a record 
and is used to identify it. 

desensitization 1. The process of making a circuit 
or device less responsive to small values of a 
quantity. 2. Also called desensing. In a communi- 
cations receiver, an unwanted, often intermittent 
reduction in front-end gain, caused by an ex- 
tremely strong local signal. 

desensitize 1. To reduce the sensitivity of a re- 
ceiver. 2. To reduce the gain of an amplifier. 3. To 
reduce the small-quantity response of an instru- 
ment. 

desiccant A compound, such as cobalt chloride, 
used for the purpose of keeping enclosed items 
dry. 

design 1. A unique, planned arrangement of elec- 
tronic components in a circuit, in accordance 
with good engineering practice, to achieve a de- 
sired end result. 2. A unique layout of compo- 
nents or controls, in accordance with good 
engineering practice, esthetics, and (often) er- 
gonomics. 3. Invention. 4. Plan. 5. To produce a 
design, as defined in 1, 2, 3, or 4. 

designation Within a computer record, coded in- 
formation identifying the record so that it can be 
handled accordingly. 
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design-center rating A specified parameter that, if 
not exceeded, should provide acceptable average 
performance for the greatest number of the com- 
ponents so rated. 

design compatibility The degree to which a trans- 
mitter and receiver are designed for the rejection 
of unwanted electromagnetic noise. 

design engineer An engineer who is skilled in the 
creation of new designs and in the comparative 
analysis of designs. 

design-maximum rating See MAXIMUM RATING. 

design-proof test A performance test made on a 
newly completed circuit or device to determine 
the suitability of the design. 

Desk-Fax A facsimile transceiver that can be 
placed on a desktop, used for wire or radio trans- 
mission and reception of still images. 

desk microphone A microphone equipped with a 
stand that sits on a table or desktop. It allows the 
operator to use both hands for equipment adjust- 
ment, taking notes, etc. 

desktop computer A personal computer designed 
for nonportable use, usually equipped with a 
built-in hard disk, one or more diskette drives, a 
CD-ROM drive, and a fax/modem. It generally 
uses an external cathode-ray-tube display, 
printer, and keyboard. The power supply is in- 
tended for use with 117-volt utility circuits. 

desolder To unsolder joints, usually with a special 
tool that protects delicate parts and removes 
melted solder by suction. 

destaticization A chemical process used to mini- 
mize the retention of electrostatic charges by cer- 
tain substances. 
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destination 1. The point in a system to which a 
signal of any sort is directed. 2. In communica- 
tions, a receiving station. 

destination file A computer file that receives data 
output during a specific program run. 

destination register In a digital computer, a regis- 
ter into which data is entered. 

Destriau effect Light emission resulting from the 
action of an alternating electric field on phos- 
phors embedded in a dielectric. 

destructive addition A computer logic operation 
in which the sum of two operands appears in 
the memory location occupied by one of the 
operands. 

destructive breakdown A breakdown in which the 
effects are irreversible (e.g., permanent damage to 
a dielectric by excessive applied voltage). 

destructive interference Interference resulting 
from the addition of two waves that have the 
same frequency, but opposite phase. 

destructive read In a computer or calculator, the 
condition in which reading the answer erases the 
data (as from a location) used in the calculation. 

destructive test A test that unavoidably destroys 
the test sample. Compare NONDESTRUCTIVE 
TEST. 

DETAB A COBOL-based computer programming 
language permitting the programmer to present 
problems as decision tables. 

detail constant Pertaining to a video signal, the 
ratio Vi/Vi, where Vy is the amplitude of high- 
frequency components, and V_ is the amplitude of 
the low-frequency reference component. 

detected error In a computer system, an error 
that is identified, but remains uncorrected until 
final output is available. 

detection 1.See DEMODULATION. 2. The sensing 
of a change in the operating parameters of a cir- 
cuit or system. 

detection range In security applications, the ra- 
dius within which transducers or sensors can be 
expected to reliably operate. This radius varies, 
depending on the environment, the sensitivity of 
the receiving circuits and transducers, and the 
strength of the transmitted signal (if any). 

detectophone A device for eavesdropping on a 
conversation. The device can use a tape recorder 
or a tiny radio transmitter. 

detector 1. In radio communications, a device or 
circuit that extracts the information from a mod- 
ulated carrier. Also sometimes called a demodula- 
tor. 2. A device that senses a signal or condition 
and indicates its presence. 

detector balanced bias [Ina radar system, bias ob- 
tained from a controlling circuit and used to re- 
duce or eliminate clutter. 

detector bias Steady dc voltage applied to a detec- 
tor to set its operating point. 

detector blocking In a regenerative receiver, a 
phenomenon in which a strong signal tends to 
pull the detector oscillator into phase with itself, 
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thereby causing the detector to oscillate at the 
signal frequency. 

detector circuit A demodulator circuit (i.e., one 
used to recover the intelligence from a modulated 
carrier). 

detector probe See DEMODULATOR PROBE. 

detector pull-in See DETECTOR BLOCKING. 

detector stage In a receiver or instrument, the 
separate stage that contains the detector circuit. 
Some systems, such as a superheterodyne re- 
ceiver, have more than one detector. Also see 
FIRST DETECTOR and SECOND DETECTOR. 

detent A mechanical stop used on a rotary switch 
to hold the switch pole securely in each selected 
position. 

detune 1. To adjust a circuit to some frequency 
other than its resonant frequency. 2. To set the 
frequency of a receiver or transmitter to some 
point other than the frequency normally used. 3. 
To stagger-tune a receiver intermediate-fre- 
quency system. 

detuning Tuning to a point above or below the fre- 
quency to which a device or system is normally 
(or initially) adjusted (usually the resonant fre- 
quency of the device). 

detuning stub A device used for the purpose of 
coupling a feed line to an antenna, while choking 
off currents induced on the feed line as a result of 
the near-field radiation of the antenna. 

deupdating Producing an earlier form of a com- 
puter file by substituting older records for cur- 
rent ones. 

deuterium Symbol, D, d, H?, or 7H. Also called 
heavy hydrogen. The hydrogen isotope having a 
nucleus consisting of one proton and one neu- 
tron. 

deuterium oxide Symbol, D2O. Also called heavy 
water. This compound has wide use in nuclear 
reactors. 

deuteron The nucleus of a deuterium atom. 

deuton See DEUTERON. 

deutron See DEUTERON. 

deviation 1. In a frequency-modulated (FM) radio 
signal, the instantaneous amount of carrier fre- 
quency shift away from the unmodulated fre- 
quency. It is usually expressed in kilohertz; 
directly proportional to the amplitude of the mod- 
ulating signal, up to a certain maximum that de- 
pends on the bandwidth allowed. 2. The 
maximum instantaneous carrier frequency shift 
in a FM signal. 3. The extent or amount by which 
a quantity drifts from its proper value. 

deviation distortion In a frequency-modulation 
(FM) receiver, distortion resulting chiefly from 
discriminator nonlinearity and restricted band- 
width. 

deviation ratio In a frequency-modulated (FM) 
signal, the ratio between the highest modulating 
frequency and the maximum carrier deviation. 

deviation sensitivity For a frequency-modulation 
(FM) receiver, the smallest deviation that will pro- 
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duce a specified audio output power. Expressed 
in kilohertz, or as a percentage of rated deviation 
of the receiver, measured with the receiver set for 
maximum gain. 

device 1. A simple or complex discrete electronic 
component. 2. A subsystem used as a unit, and 
regarded as a single component. 

device complexity The number of components in 
an integrated circuit. 

device independence A characteristic of a com- 
puter, that allows operation independent of the 
types of input/output devices used. 

dew point For a gas containing water vapor 
(typically air), the highest temperature at which 
the vapor condenses as the gas is cooled. The dew 
point depends on the amount of vapor in the gas. 

dew-point recorder An instrument for determin- 
ing and recording the temperature at which water 
vapor in the air condenses to a liquid. 

DF Abbreviation of DIRECTION FINDER. 

DF antenna An antenna that is mechanically ro- 
tatable or has an electrically rotatable response 
pattern for use with a direction finder. 

DF antenna system Two or more DF antennas ar- 
ranged for maximum directivity and maneuver- 
ability, together with associated feeders and 
couplers. 

D flip-flop A delayed flip-flop. The state of the in- 
put determines the state of the output during the 
following pulse, rather than during the current 
pulse. 

dg Abbreviation of decigram. 

dia Abbreviation of diameter. 

diac A two-terminal, bilateral, three-layer semicon- 
ductor device that exhibits negative resistance. 
When the applied voltage exceeds a critical value, 
the device conducts. 

diagnosis 1. Determination of the cause and loca- 
tion of a hardware malfunction. 2. In computer 
operations, determination of the cause of a sys- 
tem operation error. 
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diagnostic routine 1. An efficient sequence of di- 
agnostic tests for rapid, foolproof trouble-shoot- 
ing of electronic hardware. 2. A computer 
software package intended for debugging 
programs, or for finding the cause of a hardware 
or operating-system malfunction. Also called 
diagnostic, diagnostic program, or diagnostic 
utility. 

diagnostic test 1. A test made primarily to 
ascertain the cause of dysfunction in electronic 
equipment. Compare PERFORMANCE TEST. 2. 
To apply a diagnostic routine to hardware faults, 
or to implement one to prevent such a fault. 

diagnotor In digital computer operations, a trou- 
bleshooting routine combining both diagnosis 
and editing. 

diagram A (usually line) drawing depicting a cir- 
cuit, assembly, or organization. See, for example, 
BLOCK DIAGRAM and CIRCUIT DIAGRAM. 

dial 1. A graduated scale, arranged horizontally, 
vertically, in a circle, or over an arc. Used to show 
the distance through which a variable component 
(such as a potentiometer, variable capacitor, or 
switch) has been adjusted. A pointer can move 
over the scale, or the scale can be moved past a 
stationary pointer. 2. The graduated face of a me- 
ter. 3. In a telephone system, to press the keys or 
actuate the tones that establish contact with an- 
other subscriber. 

dial cable A flexible cable or belt conveying motion 
on the shaft of an adjustable component (such as 
a potentiometer or variable capacitor) to a dial. 

dial-calibrated attenuator A variable attenuator 
with a dial reading directly in decibels. 

dial-calibrated capacitor A variable capacitor 
with a dial reading directly in picofarads. 

dial-calibrated inductor A variable inductor with 
a dial reading directly in microhenrys. 

dial-calibrated potentiometer A potentiometer 
with a dial reading directly in output volts, 
percentage of input voltage, number of turns 
(when resistance is a linear function), or other 
quantity. 

dial-calibrated resistor A variable resistor with a 
dial reading directly in ohms, kilohms, or 
megohms. 

dial-calibrated rheostat 
RESISTOR. 

dial cord A form of dial cable. Cord usually desig- 
nates a fabric string, whereas a cable is a flexible, 
braided wire. 

dial knob The knob used to turn a dial under a 
pointer, or to turn a pointer over a dial scale. 

diallamp See DIAL LIGHT. 

dial light A small lamp sometimes used to illumi- 
nate a dial. Can also serve as a pilot light. 

dial lock A small mechanism used to lock a dial at 
a particular setting to prevent further turning. 

dialer See AUTOMATIC DIALING UNIT. 

dialing key Ina telephone system, a dial that uses 
keys, rather than a rotary dial. 


See DIAL-CALIBRATED 
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dial jack Ina telephone system, a set of jacks that 
facilitates interconnections between dial cords 
and external lines. 

dial light A lamp or light-emitting diode placed in 
the dial mechanism of a radio receiver, transmit- 
ter, or transceiver. Allows the dial to be read in 
dim light or in darkness. 

dialog equalizer In sound transmission and re- 
cording, a high-pass filter that reduces low- 
frequency response during dialog and extreme 
closeups. 

dial pulse An interruption of the direct current ina 
telephone system when the dial contacts of the 
calling telephone open. The number of such in- 
terruptions corresponds to the digit dialed. 

dial scale The graduated portion of a dial. 

dial system 1. See DIAL TELEPHONE SYSTEM. 
2. The arrangement of dials and knobs that facil- 
itates adjustment of electronic equipment. 

dial telephone A telephone set in which a num- 
bered rotatable disk is used to produce the switch 
interruptions that cause generation of the trans- 
mitted multidigit telephone numbers. 

dial telephone system The complete automatic 
circuit, including central-office facilities, for dial 
telephone operation. 

dialtone Ina telephone system, a constant hum or 
whine heard before dialing, indicating that the 
system is operational. 

dial-up In a telephone system, the calling of one 
subscriber by another, using a dial system. 

diam Abbreviation of diameter. 

diamagnetic Pertaining to a material having mag- 
netic permeability less than unity. 

diamagnetism The state of having magnetic perme- 
ability less than unity. A material with this prop- 
erty reduces the flux density of a magnetic field, 
relative to the flux density in air or in free space. 

diamond antenna Also called rhombic antenna. 
A nonresonant wideband directional antenna 
whose horizontal wire elements are arranged in 
the shape of a diamond (rhombus). The arrange- 
ment is fed at one corner, the opposite corner be- 
ing terminated with a noninductive resistor. 

diamond lattice The orderly internal arrangement 
of atoms in a redundant pattern in crystalline 
materials, such as germanium or silicon. 
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diamond stylus A phonograph “needle” having as 
its point a small, ground diamond. 

diapason 1. Either of the two principal stops (open 
and closed) of an electronic organ that cover the 
entire range of the instrument. When one is used, 
a note played is automatically sounded in several 
octaves. 2. Tuning fork. 

diaphony See DISSONANCE. 

diaphragm A usually thin metal or dielectric disk 
used as the vibrating member in headphones, 
loudspeakers, and microphones, and as the pres- 
sure-sensitive element in some sensors and 
barometers. 

diaphragm gauge A sensitive gas pressure gauge 
using a thin metal diaphragm stretched flat. In- 
crements of pressure move the diaphragm, 
relative to a nearby electrode, varying the 
capacitance between the two. 

diathermic Pertaining to a substance that effi- 
ciently transfers heat or infrared energy. 

diathermotherapy The use of diathermy in the 
treatment of various physiological disorders. 

diathermy 1. In medicine and physical therapy, 
the production of heat in subcutaneous (below 
the skin) tissues by means of high-frequency ra- 
dio waves. 2. A radio-frequency (RF) power oscil- 
lator and associated equipment used to produce 
heat in subcutaneous tissues. 

diathermy interference Radio-frequency inter- 
ference (RFI) resulting from the operation of 
unshielded and/or unfiltered diathermy equip- 
ment. 

diathermy machine See DIATHERMY, 2. 

diatomic Having two atoms (e.g., a DIATOMIC 
MOLECULE). 

diatomic molecule A molecule (such as that of 
oxygen) composed of two atoms. Compare MON- 
ATOMIC MOLECULE. 

dibble A mathematical function in which a number 
(usually an integer) is doubled, and then one is 
added to the result. Thus, dibble n= 2n+ 1. 

dibit A combination of two binary digits (bits). The 
four possible dibits are 00, 01, 10, and 11. 

dice Plural of DIE, 1, 3. 

dichotomizing search Also called binary search. 
In digital computer operations, locating an item 
in a table of items that are arranged by key values 
in serial order. The required key is compared with 
a key halfway through the table; according to this 
relational test, half of the table is accepted and 
again divided for comparison, etc. until the keys 
match and the item is found. 

dichotomy Characterized by the usually repetitive 
branching into two sets, groups, or factions. 

dichroism Also called dichromatism. 1. The pro- 
perty of a crystal showing different colors, 
depending on which axis corresponds to the line 
of sight. 2. The property of a solid taking on dif- 
ferent colors as the thickness of the transmitting 
layer changes. 3. The property of a liquid chang- 
ing color, according to solution concentration. 
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dichromate cell An electrolytic cell consisting of 
electrodes of carbon and zinc. The zinc electrode 
is immersed in a diluted solution of sulfuric acid, 
and the carbon electrode in a solution of potas- 
sium dichromate. 

dicing The cutting of a semiconductor melt, crystal 
wafer, or other material into dice (See DIE). 

dictionary A table of specifications for the size and 
format of computer file operands, and data 
names for field and file types. 

die 1. A small wafer of useful electrical material, 
such as a semiconductor or a precision resistor 
chip. 2. A casting designed to mold molten metal 
into a specific configuration until the metal hard- 
ens. 3. Any small object of roughly cubical pro- 
portions. 4. To lose power or energy completely, 
usually unintentionally. 5. In a computer pro- 
gram, to produce unpredicted and useless results 
following an initial run. 

die bonding The bonding of dice or chips to a sub- 
strate. 

die casting Making a casting by forcing molten 
metal (such as an aluminum alloy, lead, tin, or 
zinc) under high pressure into a die or mold. 

dielectric A material that is a nonconductor of 
electricity; especially, a substance that facilitates 
the storage of energy in the form of an electric 
field. Such materials are commonly used in ca- 
pacitors and transmission lines. 

dielectric absorption The ability of certain dielec- 
tric materials to retain some of their electric 
charge—even after being momentarily short- 
circuited. Capacitors with this property must be 
shorted out continuously for a certain length of 
time before the dielectric has completely dis- 
charged. 

dielectric amplifier A voltage amplifier circuit in 
which the active component is a capacitor having 
a nonlinear dielectric. A signal voltage applied to 
the capacitor varies the capacitance, thus vary- 
ing the current. The modulated current flows 
through a load resistor, developing an output- 
signal voltage higher than the input-signal voltage. 

dielectric antenna An antenna in which some or 
all of the radiating element is made of a dielectric 
material, such as polystyrene. Primarily used at 
microwave frequencies. 

dielectric breakdown Sudden, destructive con- 
duction through a dielectric when the applied 
voltage exceeds a critical value. 

dielectric breakdown voltage The voltage at 
which DIELECTRIC BREAKDOWN occurs in an 
insulating material. Varies, depending on the 
particular dielectric substance. 

dielectric capacity See DIELECTRIC CONSTANT. 

dielectric constant Symbol, k. For a dielectric ma- 
terial, the ratio of the capacitance of a two-plate 
capacitor using the dielectric material, to the ca- 
pacitance of the equivalent capacitor with dry air 
as a dielectric. Also called inductivity and specific 
inductive capacity. 
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dielectric current 1. Current flowing over the sur- 
face of a dielectric material in response to a vary- 
ing electric field. 2. Current flowing through a 
dielectric as a result of its finite insulation resis- 
tance. 

dielectric dissipation For a dielectric material in 
which an electric field exists, the ratio of the lost 
(dissipated) electrical energy to the recoverable 
electrical energy. 

dielectric dissipation factor The cotangent of the 
dielectric phase angle, also equal to the reciprocal 
of the Q factor. 

dielectric fatigue In some dielectric materials 
subjected to a constant voltage, the deterioration 
of dielectric properties with time. 

dielectric guide A waveguide made from a solid di- 
electric, such as polystyrene. 

dielectric heater A high-frequency power genera- 
tor used for DIELECTRIC HEATING. 

dielectric heating The heating and forming of a 
dielectric material, such as a plastic, by tem- 
porarily making the material the dielectric of a 
two-plate capacitor. This capacitor is connected 
to the output of a high-power radio-frequency 
(RF) generator. Losses in the dielectric cause its 
heating. Compare INDUCTION HEATING. 

dielectric hysteresis See DIELECTRIC ABSORP- 
TION. 

dielectric isolation In a monolithic integrated cir- 
cuit (IC), the isolation of circuit elements from 
each other by a dielectric film, as opposed to iso- 
lation by reverse-biased pn junctions. 

dielectric lens A molded piece of dielectric mate- 
rial used to focus microwaves. Its operation is 
analogous to that of an optical lens. 
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dielectric loss For a dielectric material subjected 
to a changing electric field, the rate of transfor- 
mation of electric energy into heat. 

dielectric loss angle Ninety degrees minus the DI- 
ELECTRIC PHASE ANGLE. 

dielectric loss factor For a dielectric material, the 
product of the dielectric constant and the tangent 
of the dielectric loss angle. 

dielectric loss index See DIELECTRIC LOSS FAC- 
TOR. 
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dielectric matching plate A dielectric plate used 
in some waveguides for impedance matching. 

dielectric mirror A reflector containing a number 
of layers of dielectric material. Its action depends 
on electromagnetic energy being partially re- 
flected from the interfaces between materials 
having unequal indexes of refraction. 

dielectric phase angle For a dielectric material, 
the angular phase difference between a sinu- 
soidal voltage applied to the material and the 
component of the resultant current having the 
same period as that of the voltage. 

dielectric phase difference See DIELECTRIC 
LOSS ANGLE. 

dielectric polarization The effect characterized by 
the slight displacement of the positive charge in 
each atom of a dielectric material, with respect to 
the negative charge, under the influence of an 
electric field. 

dielectric power factor The cosine of the dielectric 
phase angle, or the sine of the dielectric loss an- 
gle. 

dielectric puncture voltage See DIELECTRIC 
BREAKDOWN VOLTAGE. 

dielectric rating The breakdown voltage, and 
sometimes the power factor, of the dielectric ma- 
terial used in a device, such as a relay, motor, or 
switch. 

dielectric ratings Electrical characteristics of a di- 
electric material: breakdown voltage, power fac- 
tor, dielectric constant, etc. 

dielectric resistance See INSULATION RESIS- 
TANCE. 

dielectric rigidity See DIELECTRIC STRENGTH. 

dielectric-rod antenna A unidirectional antenna 
that uses a dielectric substance to obtain power 
gain. 

dielectric soak See DIELECTRIC ABSORPTION. 

dielectric strain The distorted internal state of a 
dielectric, caused by the influence of an electric 
field. Also called DIELECTRIC STRESS. 

dielectric strength The highest voltage a dielectric 
can withstand before DIELECTRIC BREAKDOWN 
occurs. Usually expressed in volts or kilovolts per 
mil of material thickness. 

dielectric stress The distortion of electron orbits 
in the atoms of a dielectric material subjected to 
an electric field. 

dielectric susceptibility For a polarized dielectric, 
the ratio of polarization to electric intensity. 

dielectric tests Laboratory experiments perform- 
ed to determine the dielectric characteristics of a 
substance—especially the dielectric constant and 
the dielectric breakdown voltage. 

dielectric waveguide See DIELECTRIC GUIDE. 

dielectric wedge A wedge-shaped dielectric slug 
placed inside a waveguide for impedance match- 
ing. 

dielectric wire A small dielectric waveguide that 
acts as a wire to carry signals between points ina 
circuit. 
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Dietzhold network A four-terminal, shunt m-de- 
rived circuit used in some wideband amplifiers. 

Dietzhold peaking In some wideband amplifiers, 
frequency compensation obtained with a shunt 
m_-derived network (see DIETZHOLD NETWORK). 

difference amplifier See DIFFERENTIAL AMPLI- 
FIER. 

difference channel In a stereophonic amplifier, an 
audio channel that handles the difference be- 
tween signals in the right channel and those in 
the left channel. 

difference detector A detector whose output is the 
difference between two simultaneous input sig- 
nals. 

difference frequency A signal frequency produced 
by mixing or heterodyning of signals at two other 
frequencies. If the lower input signal frequency is 
fi and the higher input signal frequency is fo, 
then the difference frequency fg is equal to fo — fi. 

difference of potential The absolute value of the 
algebraic difference of voltages at two points of 
different electrical potential. Thus, the difference 
of potential between a +5-V point and a -5-V 
point is +5 — (-5) V = 10 V. Also see POTENTIAL 
DIFFERENCE. 

difference quantity See INCREMENT. 

difference signal 1. The resultant signal obtained 
by subtracting, at every instant for at least one 
full cycle, the amplitudes of two signals. 2. The 
difference of the left- and right-channel outputs 
in a stereo system. 

differential 1. A device, consisting of a gear sys- 
tem, that adds or subtracts angular motions and 
delivers the result. 2. A gear system in which the 
motion of a shaft is transferred to two other 
shafts aligned with each other and perpendicular 
to the first shaft. 3. One of two coils arranged to 
produce opposite polarities at a point in a circuit. 
4. Pertaining to a difference between two signals 
or quantities. 

differential amplifier A circuit, usually an opera- 
tional amplifier, that amplifies the voltage dif- 
ference between two input signals. The 
instantaneous output voltage is equal to some 
constant multiple of the difference between the 
instantaneous input voltages. 

differential analyzer An analog computer that 
solves differential equations using integrators. 

differential angle For a mercury switch, the angle 
between operation and release positions. 

differential capacitor A dual variable capacitor 
with two identical stator sections, and a single ro- 
tor section that turns into one stator section and 
out of the other. The capacitance of one section 
decreases while that of the other increases. 

differential coil See DIFFERENTIAL, 3. 

differential comparator A linear integrated circuit 
(IC) that delivers an output proportional to the 
difference between two input signals. 

differential compound dc generator A com- 
pound-wound de generator in which the magne- 
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tomotive force of the series field opposes that of 
the shunt (main) field. 

differential compound dc motor A compound- 
wound dc motor in which the magnetomotive 
force of the series field coil opposes that of the 
shunt (main) field coil. 

differential cooling Reducing temperature at dif- 
ferent points on a surface at different rates. 

differential delay The difference dyax — dnin across 
a frequency band, where dpax is the maximum 
frequency delay and dnin is the minimum fre- 
quency delay. 

differential discriminator A device that passes 
pulses, whose amplitudes are between two prede- 
termined values above or below zero. 

differential distortion In an automatic-gain- 
control circuit, distortion from effects that cause 
shunting of the diode load resistor. 

differential flutter Fluctuations in the speed of a 
magnetic tape that are nonuniform in different 
parts of the tape. 

differential gain In a differential amplifier, the av- 
erage gain of the two sections of the amplifier. 
Compare DIFFERENTIAL UNBALANCE. 

differential gain control A circuit or device for 
setting the gain of a radio receiver in terms of an 
anticipated change in signal strength, to reduce 
the receiver output signal differential. 

differential galvanometer A _ galvanometer in 
which currents in two similar coils neutralize 
each other; thus, there is zero deflection when the 
currents are equal. 

differential gap The smallest range of values that 
a controlled variable must take to change a three- 
position controller’s output from on to off, or vice 
versa. 

differential heating Increase of temperature at 
different points on a surface at different rates. 

differential impedance See DIFFERENTIAL- 
INPUT IMPEDANCE. 

differential induction coil An induction coil hav- 
ing two differentially wound primary coils. 

differential input In a differential amplifier, the 
circuit between input terminals 1 and 2, as op- 
posed to the circuit between input 1 or input 2 
and ground. 
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differential-input amplifier A differential ampli- 
fier whose output is proportional to the difference 
between two input signals—each applied between 
an input terminal and common ground. 

differential-input capacitance In a _ differential 
amplifier, the capacitance between the input ter- 
minals. 

differential-input impedance In a differential am- 
plifier, the impedance between the input terminals. 

differential-input measurement For a differential 
amplifier, a floating measurement made between 
the input terminals. 

differential-input rating In an operational ampli- 
fier, the greatest difference signal that can be 
placed between the inputs while allowing proper 
operation. 

differential-input resistance In a differential am- 
plifier, the resistance between the input termi- 
nals. 

differential-input voltage In a differential ampli- 
fier, the signal voltage presented to the floating 
input terminals. 

differential-input voltage range In a differential 
amplifier, the range of signal voltages that can be 
applied between the differential input terminals 
without overdriving the amplifier. 

differential input-voltage rating The maximum 
differential-input voltage that can be applied 
safely to a differential amplifier. 

differential instrument A galvanometer or other 
meter in which deflection results from the differ- 
ential effect of currents flowing in opposite direc- 
tions through two identical coils. Also see 
DIFFERENTIAL GALVANOMETER. 

differential keying A system of break-in keying, in 
which the oscillator stage of a transmitter con- 
taining a keyed amplifier is disabled when the key 
is open to prevent interference with the receiver 
at the keying station, and is enabled when the 
key is closed. 

differential-mode gain In an operational ampli- 
fier, the ratio, in decibels, between the output 
voltage and the differential input voltage. 

differential-mode input In an operational ampli- 
fier in differential mode, the difference between 
the two input signal voltages. 

differential-mode signal In a balanced three- 
terminal circuit, such as the input of a differen- 
tial amplifier, a signal applied between the 
floating (ungrounded) input terminals. 

differential multiplexer An analog multiplexer 
that selects both the high and low portion of the 
input signal. 

differential nonlinearity Incremental error from 
an ideal analog output difference when the input 
is changed by a certain value. Generally ex- 
pressed as a fraction of full-scale output. 

differential permeability The derivative of normal 
induction, with respect to magnetizing force. 

differential phase In a television system tested 
with a low-level, high-frequency sine-wave signal 


(fi) superimposed on a low-frequency, sine-wave 
signal (f2), the difference in phase shift of fj 
throughout the system for two specified levels of 


2+ 

differential phase-shift keying Keying ofa carrier 
by varying the carrier phase. 

differential pressure The difference in pressure 
between two points. 

differential-pressure transducer A_ transducer 
that delivers an output proportional to the differ- 
ence between two sensed actuating pressures. 

differential protective relay A differential relay 
that operates to protect equipment or personnel 
when the difference between the two actuating 
quantities reaches a prescribed level. 

differential receiver A synchro differential that re- 
ceives the electrical output of two synchro trans- 
mitters. The receiver can subtract one input 
voltage from the other. 

differential relay A relay actuated by the differ- 
ence between two currents or voltages. 

differential selsyn A selsyn in which the position 
assumed by the rotor is proportional to the sum 
of rotor and stator field values. 

differential stage See DIFFERENTIAL AMPLIFIER. 

differential synchro See DIFFERENTIAL RE- 
CEIVER and DIFFERENTIAL TRANSMITTER. 

differential transducer A dual-input, single-out- 
put sensor, such as a pressure transducer, that 
is actuated by two sensed quantities and delivers 
an output proportional to their difference. 

differential transformer A variable inductance 
transformer having a (usually cylindrical) core 
that is moved in and out to provide adjustable 
coupling between the interwound primary and 
secondary windings. This permits adjustment of 
the amplitude and phase of the transformer out- 
put voltage, with respect to the input voltage. 

differential transmitter A synchro differential 
connected to a synchro transmitter. In a synchro 
receiver supplied by this combination, the change 
in rotor position is the algebraic difference be- 
tween the transmitter-rotor position and the dif- 
ferential-rotor position. 

differential unbalance For a differential amplifier, 
the average difference in gain between the two 
amplifier sections. Compare DIFFERENTIAL 
GAIN. 

differential voltage 1. The voltage difference be- 
tween the input signals to a differential device. 2. 
The breakdown voltage minus the operating volt- 
age for a lamp. 

differential voltage gain 1. The ratio, in decibels, 
between the differential output and differential in- 
put voltages of an amplifier. 2. The instantaneous 
ratio, in decibels, between the rate of change of 
the output signal voltage and the rate of change of 
the input signal voltage in an amplifier. 

differential-wound field Ina motor or generator, a 
field winding having series and shunt coils whose 
fields are opposing. 
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differentiate 1. To produce an output signal, the 
instantaneous amplitude of which is proportional 
to the instantaneous rate of change of the input 
amplitude. 2. To determine the derivative of a 
mathematical function. 

differentiating circuit See 
NETWORK. 

differentiating network A _ four-terminal resis- 
tance-capacitance (RC) network whose output 
voltage is the derivative of the input voltage, with 
respect to time. Compare INTEGRATING NET- 
WORK. 

differentiation 1. The processing of an input sig- 
nal to create an output signal whose voltage 
waveform represents the derivative, with respect 
to time, of the input voltage waveform. 2. The pro- 
cess of computing a mathematical derivative. 

differentiator 1. See DIFFERENTIATING NET- 
WORK. 2. An operational amplifier whose output 
waveform is the mathematical derivative of the 
input waveform. 


DIFFERENTIATING 
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diffracted wave A wave or ray of energy undergo- 
ing DIFFRACTION. 

diffraction 1. Interference of one part of an energy 
beam with another part when the beam is de- 
flected along two or more paths having different 
lengths. When this happens with visible light, 
dark and light bands or colored bands appear. 
This effect is responsible for the rainbow-like ap- 
pearance of light reflected from the surface of a 
compact disc. 2. The bending of electromagnetic 
waves around an object. This effect explains why 
radio signals can propagate around large ob- 
structions, such as buildings and hills. The effect 
becomes more pronounced as the wavelength in- 
creases (the frequency decreases). 3. The bending 
of acoustic waves around an object. This effect 
explains why sound propagates around large ob- 
structions, such as buildings. The effect becomes 
more pronounced as the wavelength increases 
(the frequency decreases). 

diffraction grating A transparent plate containing 
thousands of parallel lines or grooves spaced ex- 
tremely close together. Light passing through the 
slits between the lines produces a rainbow spec- 
trum as a result of DIFFRACTION. 

diffraction spectrum 1. The spectrum produced 
in visible light by a diffraction grating. 2. The dis- 
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tribution of energy at various frequencies, pro- 
duced by diffraction of electromagnetic waves. 3. 
The distribution of energy at various frequencies, 
produced by diffraction of acoustic waves. 

diffractometer An instrument for measuring the 
diffraction of radiation, such as light or X-rays. 

diffuse 1. To produce or cause DIFFUSION. 2. En- 
ergy that is diffused. 

diffused-alloy transistor See DRIFT-FIELD TRAN- 
SISTOR. 

diffused-base transistor A bipolar transistor in 
which the base region has been diffused into the 
semiconductor wafer. Also see DIFFUSED JUNC- 
TION. 

diffused device A semiconductor device in which 
the junction is produced by diffusion (see DIFFU- 
SION, 1). Examples: DIFFUSED-BASE TRANSIS- 
TOR, DIFFUSED DIODE, DIFFUSED-JUNCTION 
RECTIFIER, and DIFFUSED-MESA TRANSIS- 
TOR. 

diffused diode A semiconductor diode having a 
diffused junction. 

diffused-emitter-and-base transistor A transistor 
in which n and p materials both have been dif- 
fused into the semiconductor wafer to provide 
emitter and base junctions. Also see DIFFUSION, 
1 and DIFFUSED TRANSISTOR. 

diffused junction In a semiconductor device, a pn 
junction formed by diffusing a gas into a semi- 
conductor at a high temperature that is below the 
melting point of the semiconductor. Typically, a 
gas containing an n-type impurity is diffused into 
p-type semiconductor material. Compare ALLOY 
JUNCTION. 

diffused-junction rectifier A semiconductor recti- 
fier using a diffused junction. 

diffused-junction transistor See DIFFUSED- 
BASE TRANSISTOR, DIFFUSED-MESA TRAN- 
SISTOR, and DIFFUSED TRANSISTOR. 

diffused-layer resistor In an integrated circuit, a 
resistor produced by diffusing a suitable material 
into the substrate. 

diffused-mesa transistor A transistor whose base 
is a n-type layer diffused into a p-type wafer (the 
remaining p-type material serving as the collec- 
tor); its emitter is a small p-type area diffused 
into or alloyed with the n-layer. Unwanted dif- 
fused portions are etched away, leaving the tran- 
sistor in a mesa shape. 

diffused planar transistor A diffused transistor in 
which emitter, base, and collector electrodes are 
exposed at the face of the wafer, which has an ox- 
ide layer to forestall leakage between surface elec- 
trodes. 

diffused resistor 
TOR. 

diffused sound 1. Sound distributed so that its 
energy flux is the same at all points. 2. Sound 
whose source is difficult to locate or seems to 
shift, as that heard from out-of-phase stereo 
channels. 


See DIFFUSED-LAYER RESIS- 
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diffused transistor A transistor in which one or 
both electrodes are created by diffusion. See DIF- 
FUSED JUNCTION. 

diffused-junction transistor See DIFFUSED- 
BASE TRANSISTOR, DIFFUSED-MESA TRAN- 
SISTOR, and DIFFUSED TRANSISTOR. 

diffusion 1. In the fabrication of semiconductor 
devices, the slow, controlled introduction of a ma- 
terial into the semiconductor, for example, the 
high-temperature diffusion of a n-type impurity 
(from a gas containing it) into a p-type wafer to 
form a diode. 2. The random velocity and move- 
ment of current carriers in a semiconductor, re- 
sulting from a high-density gradient. 3. The 
characteristic spreading of light reflected from a 
rough surface or transmitted through a translu- 
cent material. 4. The spreading-out of sound 
waves, for example when reflected from acoustic 
baffles. 5. The migration of atoms from one sub- 
stance to another, as in the spreading of one gas 
throughout another. 
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diffusion bonding A method of joining different 
substances by diffusing atoms of one into the 
other. This technique is employed in the manu- 
facture of certain semiconductor diodes, transis- 
tors, and other devices. 

diffusion capacitance The current-dependent ca- 
pacitance of a forward-biased semiconductor 
junction. 

diffusion current Current resulting from the diffu- 
sion of carriers within a substance (see DIFFU- 
SION, 2). 

diffusion length In a semiconductor junction, the 
distance a current carrier travels to the junction 
during carrier life. 

diffusion process 1. The technique of processing 
semiconductor devices by diffusion (see DIFFU- 
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SION, 1). 2. Producing a high vacuum by means 
of diffusion (see DIFFUSION PUMP). 

diffusion pump A pump for fast, efficient creation 
of a high vacuum in electron tubes and similar 
devices. In one form, the pump, in conjunction 
with a force pump, uses mercury vapor as the 
pumped medium. Gas molecules evacuated from 
the device diffuse into a chamber, where con- 
densing mercury vapor traps and carries them 
off. 

diffusion theory The notion that, in a homoge- 
neous medium, current density is directly 
proportional to the gradient of particle flux 
density. 

diffusion transistor A transistor whose operation 
is based principally on the diffusion of current 
carriers (see DIFFUSION, 2). 

diffusor In acoustics, a device or structure deliber- 
ately installed to spread sound waves throughout 
a region. 

dig-in angle A stylus angle of 90 degrees, relative 
to the surface of a phonograph disc. Compare 
DRAG ANGLE. 

DIGIRALT Acronym for digital radar altimetry. A 
system that utilizes digital techniques to enhance 
the accuracy of an altimeter using radar. 

digit A single symbol in a numbering system (e.g., 
O through 9 in the decimal system, or O or 1 in 
the binary system), whose value depends on its 
position in a group and on the radix of the partic- 
ular system used. 

digital 1. Pertaining to components, circuits, or 
systems that use signals having an integral num- 
ber of discrete levels or values, rather than sig- 
nals, whose levels or values vary over a 
continuous range. 2. Pertaining to a numeric 
readout or display. 3. See BINARY, 1. 

digital annunciator An annunciator that gives an 
alphanumeric digital display of information, as 
well as sounding an alarm. 

digital audio tape Abbreviation, DAT. A magnetic 
tape intended for recording digitally encoded au- 
dio data. Used in some high-fidelity applications, 
and also for computer data storage. 

digital barometer An electronic barometer provid- 
ing a digital readout. 

digital capacitance meter Abbreviation DCM. A 
meter with a digital readout for measuring capac- 
itance values. 

digital cellular See PERSONAL COMMUNICA- 
TIONS SERVICE. 

digital circuit A circuit affording a dual-state 
switching operation (i.e., on or off, high or low, 
etc.). Also called binary circuit. 

digital communications Radio or wire communi- 
cations using a dual-state mechanism (on/off, 
positive/negative, or modulated/unmodulated) 
to represent information. 

digital comparator A comparator that presents 
two digital values, one for each of the quantities 
being compared. 
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digital computer A high-speed, electronic ma- 
chine for performing mathematical operations, 
file management, machine control, or other “in- 
telligent” functions, and whose basic internal 
operations (data storage, comparing, and compu- 
tation) are based on semiconductor devices as- 
suming one of two states (on or off, high or low). 
Compare ANALOG COMPUTER. 

digital data Information represented and _ pro- 
cessed in the form of combinations of digits (0 
and 1, in the binary system). 

digital-data cable A cable designed to conduct 
high-speed digital pulses with minimal distortion 
and loss. 

digital data-handling system A system that ac- 
cepts, sorts, modifies, classifies, or records digital 
data, displaying the final result or passing the 
data to a computer. 

digital delay circuit A device that stores digitized 
audio data, and releases it after a specified delay. 

digital device 1. A digital integrated circuit (IC). 2. 
Any circuit or system that operates by digital 
means. 

digital differential analyzer Abbreviation, DDA. A 
digital computer that can perform integration us- 
ing specialized circuitry. 

digital display A presentation of information (such 
as the answer to a problem) in the form of actual 
digits, as opposed to one in the form of, for exam- 
ple, a meter deflection. See, for example, DIGI- 
TAL-TYPE METER. 

digital divider In a computer, a device that can di- 
vide (i.e., provide a quotient and remainder using 
dividend and divisor signals). 

digital electrometer An electrometer that has a 
digital current or voltage indicator. 

digital electronics The branch of electronics con- 
cerned with components, circuits, and systems 
that use signals having an integral number of dis- 
crete levels or values, as opposed to signals 
whose levels or values vary over a continuous 
range. Compare ANALOG ELECTRONICS. 

digital frequency meter A _ direct-reading fre- 
quency meter using high-speed electronic switch- 
ing circuits and a digital readout. Such 
instruments read frequency from less than 1 Hz 
to many gigahertz. 

digital HIC A hybrid integrated circuit (HIC) de- 
signed for digital applications. Also see DIGITAL 
INTEGRATED CIRCUIT. 

digital IC See DIGITAL INTEGRATED CIRCUIT. 

digital incremental plotter A device that can 
draw, according to signals received from a com- 
puter, graphs depicting solutions to problems. 

digital information See DIGITAL DATA. 

digital information display See DIGITAL DIS- 
PLAY. 

digital integrated circuit An integrated circuit 
(IC) intended for binary operations, such as 
switching, gating, etc. Compare LINEAR INTE- 
GRATED CIRCUIT. 
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digital integrator A device that can perform inte- 
gration, in which increments in input variables, 
and an output variable, are represented by digital 
signals. 

digital logic A form of Boolean algebra, consisting 
of negation, conjunction, and disjunction, in 
which the binary digit 1 has the value “true” and 
O the value “false” (in positive logic) or vice versa 
(in negative logic). Digital logic is the basis by 
which all digital devices function. 

digital-logic module 1. A circuit that performs 
digital operations. 2. A logic gate. 

digital meter A meter that produces a readout in 
discrete blocks or directly as numerals. The first, 
more primitive and less precise type, is known as a 
BAR METER. The second, more sophisticated type 
can resolve to several significant digits and often 
includes a fixed or floating radix point. This 
scheme eliminates the need for personnel to inter- 
polate the reading on a scale. There is little chance 
for error on the part of the technician or engineer, 
because the readout is straightforward. Another 
advantage is the fact that there are no moving 
parts to wear out or be damaged by physical shock. 
Compare ANALOG METER. 

digital multimeter Abbreviation, DMM. A 
voltohm-milliammeter producing a digital read- 
out of measured values. 

digital multiplex 1. The combination of several or 
many digital signals into a single digital signal. 2. 
Also called digital demultiplex. The reverse pro- 
cess from that defined in 1, in which the original 
signals are obtained from the combination signal. 
3. Communication using the techniques defined 
in 1 and 2. 

digital multiplex equipment Equipment that ac- 
complishes digital multiplexing or the reverse 
process, digital demultiplexing. 

digital multiplier In a digital computer, a device 
that produces a product signal from multiplier 
and multiplicand signals. 

digital output An output signal of digital pulses 
representing a number equal or proportional to 
the value of a corresponding input signal. 

digital panel meter A numeric-readout meter whose 
relatively small size allows mounting on a panel. 

digital phase shifter A phase shifter actuated by a 
digital control signal. 

digital photometer An electronic photometer pro- 
viding a digital readout of illumination values. 

digital power meter An electronic wattmeter pro- 
viding a digital readout of measured power. 

digital readout An indicating device that displays 
a sequence of numerals that represent a mea- 
sured value. 

digital recording A system for tape-recording 
high-fidelity sound. The audio is converted from 
analog to binary digital form, and the binary dig- 
its (bits) are recorded on magnetic tape. 

digital representation The use of digital signals to 
represent information as characters or numbers. 
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digital rotary transducer A device that delivers a 
digital output signal proportional to the rotation 
of a shaft. 

Digital Satellite System Abbreviation, DSS. Trade 
name for a satellite television (TV) system devel- 
oped by RCA. The analog signal is changed into 
digital pulses at the transmitting station via 
analog-to-digital (A/D) conversion. The digital 
signal is amplified and uplinked to a geostation- 
ary satellite. The satellite has a transponder that 
receives the signal, converts it to a different fre- 
quency, and downlinks it back to the earth. The 
downlink is picked up by a portable dish that can 
be placed on a balcony or patio, on a rooftop, or 
in a window. A tuner selects the channel that the 
subscriber wants to watch. The digital signal is 
amplified. If necessary, digital signal processing 
(DSP) can be used to improve the quality of re- 
ception under marginal conditions. The digital 
signal is changed back into analog form, suitable 
for viewing on a conventional TV set, via digital- 
to-analog (D/A) conversion. 

digital signal A signal having an integral number 
of discrete levels or values, as opposed to a signal 
whose levels or values vary over a continuous 
range. 
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digital signal processing Abbreviation, DSP. A 
method of signal enhancement that operates by 
eliminating confusion between digital states. This 
improves dynamic range and frequency response, 
reduces the number of errors, and virtually elim- 
inates noise. It is used extensively in digital com- 
munication and recording, often in conjunction 
with analog-to-digital (A/D) and digital-to-analog 
(D/A) conversion to enhance the quality of analog 
signals and recordings. 

digital sound Sound recording and reproduction 
accomplished with digital, rather than analog, 
signals. Advantages include wideband frequency 
response, superior dynamic range, and relative 
immunity to noise. 

digital speech communications A system of voice 
communications, in which the analog voice signal 
is encoded into digital pulses at the transmitter, 
and decoded at the receiver. 

digital subtractor In a computer, a device that pro- 
duces an output signal whose value is equal to the 
difference of the values of two input signals. 

digital switching Routing operations carried out 
on digital signals to establish communications 
links between specified system users. 
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digital television 1. A television system in which 
the picture information is encoded into digital 
form at the transmitter, and decoded at the re- 
ceiver. 2. A form of television picture transmis- 
sion that functions according to picture motion, 
rather than absolute brightness. 

digital temperature indicator See 
THERMOMETER. 

digital thermometer An electronic thermometer 
that provides a digital readout of temperature. 

digital-to-analog conversion The conversion of a 
digital quantity into an analog representation, 
such as shown by a performance curve. Compare 
ANALOG-TO-DIGITAL CONVERSION. 

digital-to-analog converter A circuit or device 
that performs DIGITAL-TO-ANALOG CONVER- 
SION. 

digital transmission 1. A method of signal 
transmission in which the modulation occurs 
in defined increments, rather than over a con- 
tinuous range. 2. A message that is sent in dig- 
ital form. 

digital-type meter An indicating instrument in 
which a row of numeral indicators displays a 
value. Compare ANALOG-TYPE METER. 

digital voltmeter Abbreviation, DVM. An elec- 
tronic voltmeter having a direct numerical read- 
out, rather than an analog display. 

digital wattmeter See DIGITAL POWER METER. 

digital compression In digital computer opera- 
tion, the process of representing data with an 
economy of characters to reduce file size. 

digit current In digital computer operations, the 
current associated with writing or reading a digit 
into or out of a memory cell. 

digit delay element A logic element (gate) whose 
output signal lags the input signal by one digit 
period. 


DIGITAL 
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digit filter A device for detecting designations. See 
DESIGNATION. 

digitize 1. To express the results of an analog 
measurement in digital units. 2. To convert an 
analog signal into corresponding digital pulses. 

digitizer See ANALOG-TO-DIGITAL CONVERTER. 

digit period In a digital circuit or system, the time 
interval between the start of one digital pulse and 
the start of the next pulse. 

digit place See DIGIT POSITION. 

digit plane [Ina matrix-type computer memory, the 
plane within a three-dimensional array of mem- 
ory storage elements representing a DIGIT POSI- 
TION. 

digit position The ordinal position of a digit in a 
numeral, the first position being occupied by the 
least-significant digit (e.g., 7 is in the third posi- 
tion in the numeral 756). 

digit pulse A pulse that energizes magnetic core 
memory elements representing a digit position in 
several words. 

digitron A display in which all of the characters lie 
in a single, flat plane. 

digit time The duration of a digit signal in a series 
of signals. 

digit time slot In digital communications, the in- 
terval of time assigned to one bit or one digit. 

digit-transfer bus In a digital computer, a main 
line (of conductors) that transfers information 
among various registers; it does not handle con- 
trol signals. 

diheptal CRT base The 14-pin base of a cathode- 
ray tube. Also see BIDECAL, DUODECAL, and 
MAGNAL. 

DIIC Abbreviation for dielectric-isolated integrated 
circuit. Several separate integrated-circuit wafers 
are contained in a single package, and kept elec- 
trically insulated by layers of dielectric. 

dilatometer An instrument used to measure ex- 
pansion. 

dimension 1. Any measurable quantity, such as 
distance, time, temperature, humidity, etc. 2. An 
axis in the three-dimensional Cartesian coordi- 
nate system. 3. An independent variable in a 
function of one or more variables. 

dimensional analysis A mathematical procedure 
whereby an equation involving quantities with 
different units is verified as being dimensionally 
correct. The original variables are replaced with 
fundamental quantities, such as resistance (R), 
current (I), length or displacement (d), and time 
(t), applicable to electrical systems. The equation 
is dimensionally correct if it can be shown that 
the left and right sides of the equation are identi- 
cal. 

dimensional ratio In magnetism, the ratio of the 
longest diameter of an elongated ellipsoid of revo- 
lution to the shortest. 

dimensional stability Nonvariance or little vari- 
ance in the shape and size of a medium (such as 
film) during the processing of that material. 
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dimensionless quantity A quantity that is merely 
a real number. Example: logarithm, exponent, 
numerical ratio, etc. In contrast are physical 
quantities: 3 volts, 5000 hertz, 10 amperes, etc. 

diminished radix complement See COMPLE- 
MENT. 

dimmer An electronic device used for controlling 
the brightness of incandescent lamps. Using am- 
plified control, the device enables high-wattage 
lamp loads to be smoothly adjusted via a small 
rheostat or potentiometer. A photoelectric-type 
dimmer automatically controls lamps in accor- 
dance with the amount of daylight. 

dimmer curve The function of a light-dimmer volt- 
age output as a function of setting on a linear 
scale. 

DIN Abbreviation for Deutsche Industrie Norme- 
nausschuss. A German association that sets 
standards for the manufacture and performance 
of electrical and electronic equipment, as well as 
other devices. 

D indicator In radar operations, an indicator com- 
bining type B and C indicators (see B DISPLAY 
and C DISPLAY). 

Dingley induction-type landing system An air- 
craft landing system that provides lateral and 
vertical guidance; instead of radio, it uses the 
magnetic field surrounding two horizontal cables 
laid on or under either side of the runway. 

diode A two-element device containing an anode 
and a cathode, and providing unidirectional con- 
duction. The many types are used in such devices 
as rectifiers, detectors, peak clippers, mixers, 
modulators, amplifiers, oscillators, and test in- 
struments. 

diode action 1. The characteristic behavior of a 
diode (i.e., rectification and unidirectional con- 
duction). 2. Two-electrode rectification or unidi- 
rectional conductivity in any device other than a 
diode (e.g., asymmetrical conductivity between 
the collector and base of a transistor). 

diode amplifier 1. A parametric amplifier employ- 
ing a varactor. 2. An amplifier utilizing hole- 
storage effects in a semiconductor diode. 3. A 
negative-resistance amplifier using a tunnel diode. 

diode array A combination of several diodes in a 
single housing. 

diode assembly See DIODE ARRAY. 

diode bias A steady direct-current (dc) voltage ap- 
plied to a diode to establish its operating point. 

diode capacitance The capacitance existing at the 
p-n junction of a semiconductor diode when the 
junction is reverse-biased. The capacitance gen- 
erally varies, depending on the reverse-bias volt- 
age. 

diode capacitor 1. A capacitor normally operated 
with a diode. 2. A voltage-variable capacitor uti- 
lizing the junction capacitance of a semiconduc- 
tor diode (e.g., a varactor). 

diode-capacitor memory cell A high-value capac- 
itor in series with a high-back-resistance semi- 
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conductor diode. A data pulse forward-biases the 
diode and charges the capacitor, which remains 
charged, thus holding the data bit, because of the 
long time constant of the high capacitance and 
the high back resistance of the diode. 

diode characteristic The current-versus-voltage 
curve for a diode. 

diode checker An instrument for testing semicon- 
ductor diodes. There are two forms: A static 
checker, which measures forward and reverse 
current; and a dynamic checker (see DYNAMIC 
DIODE TESTER), which displays the entire diode 
response curve on an oscilloscope screen. 

diode chopper A chopper using an alternately bi- 
ased diode as the switching element. 

diode clipper A clipper using one or more diodes. 
A single biased diode will limit the positive or neg- 
ative peak of an applied alternating-current (ac) 
voltage, depending on diode polarity and bias. 
Two biased diodes with opposing polarity will clip 
both peaks. Also see LIMITER. 
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diode converter See DIODE MIXER. 

diode current The forward or reverse current flow- 
ing through a diode. 

diode current meter A direct-current (dc) mil- 
liammeter or microammeter with a semiconduc- 
tor-diode rectifier that allows the measurement of 
alternating current (ac). 

diode curve changer A diode or network of diodes 
used to make a linear current-voltage curve ac- 
quire some nonlinear shape. 

diode demodulator See DEMODULATOR PROBE 
and DIODE DETECTOR. 

diode detector A detector circuit in which a diode 
demodulates a signal. The diode, a simple device, 
provides linear response at high signal ampli- 
tudes, but affords no amplification. 

diode feedback rectifier 1. In a rectified-carrier, 
negative-feedback system for an amplitude- 
modulated (AM) transmitter, the diode that 
rectifies the modulated carrier and provides the 
audio envelope for use as negative-feedback 
voltage. This voltage is applied to the speech 
amplifier/modulator channel to reduce distortion, 
noise, and hum, at the same time providing 
automatic modulation control. 2. The diode that 
rectifies a part of the signal at the output of an 
audio amplifier and provides a _ proportional 
direct-current (dc) voltage for use as bias in an 
automatic-gain-control (AGC) circuit. 

diode field-strength meter A simple meter for 
measuring the intensity of a radio-frequency 
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(RF) electromagnetic field. It consists of a short 
whip antenna, an inductance-capacitance (LC) 
tuned circuit, a diode detector, and a direct- 
current (dc) microammeter. The deflection of the 
meter is roughly proportional to the RF signal 
voltage. 

diode gate A passive switching circuit of biased 
diodes. Also see AND CIRCUIT and OR CIRCUIT. 

diode impedance The vector sum (resultant) of the 
resistive and reactive components of a diode. Ina 
semiconductor diode, the inductive component of 
reactance is almost entirely the inductance of 
leads and electrodes, whereas the capacitive com- 
ponent of reactance is the shunting capacitance 
between leads and electrodes, plus the voltage- 
variable capacitance of the pn junction. The 
resistive component is almost entirely the volt- 
age-variable resistance of the pn junction. 

diode isolation A means of insulating an inte- 
grated-circuit chip from its substrate. The chip is 
surrounded by a pn junction that is reverse- 
biased. This prevents conduction between the 
chip and the substrate. 

diode lamp See LASER DIODE. 

diode laser See LASER DIODE. 

diode light source See LASER DIODE. 

diode limiter See DIODE CLIPPER. 

diode load 1. The current drawn from a diode act- 
ing as a rectifier or demodulator. 2. The output 
(load) resistor into which a diode operates. 

diode load resistance The required value for a 
diode load resistor. 

diode load resistor A resistor usually connected to 
the output of a diode rectifier or diode detector. 

diode logic Digital circuitry, such as AND and OR 
circuits, using diodes as the principal compo- 
nents. 

diode matrix In some digital devices, a grid of 
wires, the intersections of some being intercon- 
nected through diodes, whose polarities deter- 
mine circuit operation. A series of AND circuits is 
provided by this arrangement, which acts as a 
high-speed rotary switch when it is supplied with 
input pulses. 

diode mixer A frequency converter that operates 
via the nonlinearity of semiconductor diodes. 

diode noise limiter A noise limiter circuit having 
one or more biased diodes. 

diode oscillator An oscillator based on the nega- 
tive resistance or breakdown characteristics of 
certain diodes, such as high-reverse-biased ger- 
manium diodes, tunnel diodes, Gunn diodes, and 
four-layer diodes. It is generally used at mi- 
crowave frequencies. 

diode pack A device containing more than one 
diode. An example is the full-wave bridge-rectifier 
integrated circuit. 

diode peak detector A diode detector whose load 
resistance is high at modulation frequencies; the 
voltage across the resistance is proportional to 
the peak amplitude of the modulated signal. 
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diode peak voltmeter A diode-type alternating- 
current (ac) voltmeter, in which the deflection of 
the direct-current (dc) milliammeter or microam- 
meter is proportional to the peak value of the ap- 
plied ac voltage. 

diode probe A test probe containing a diode used 
as either a rectifier or demodulator. 

diode recovery time The interval during which rel- 
atively high current continues to flow after the 
voltage across a semiconductor junction has been 
abruptly switched from forward to reverse. Recov- 
ery time is attributable to DIODE STORAGE. 

diode rectification Conversion of alternating cur- 
rent (ac) to pulsating direct current (dc) by diode 
action. 

diode rectifier 1. A diode device that converts al- 
ternating current (ac) to pulsating direct current 
(dc) in a power supply. 2. A small-signal diode de- 
vice that converts ac to dc in the automatic-gain- 
control (AGC) circuit of a superheterodyne 
receiver. Also called AGC rectifier. 

diode resistor 1. A resistor usually operated with 
a diode. 2. A voltage-variable resistor utilizing the 
(usually forward) resistance of a semiconductor 
diode. 

diode storage The charge carriers (electrons and 
holes) remaining within a pn junction for a short 
time after forward bias has been either removed 
or switched to reverse polarity. 

diode storage time See DIODE RECOVERY TIME. 

diode switch See DIODE GATE. 

diode sync separator A diode used in a television 
receiver circuit to separate and deliver the sync 
pulses from the composite video signal. 

diode temperature stabilization 1. Keeping the 
temperature of a diode at a constant level. 2. Us- 
ing the temperature-resistance characteristic of a 
forward-biased semiconductor diode to stabilize a 
circuit (such as a transistor amplifier stage) (i.e., 
to prevent variations caused by temperature 
changes). 
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diode tester See DIODE CHECKER. 

diode transistor 1. See UNIJUNCTION TRANSIS- 
TOR. 2. A semiconductor diode whose operation 
simulates that of a transistor by means of pulsed 
operation that alternately makes the single junc- 
tion an emitter or collector. 3. A transistor con- 
nected to operate solely as a diode. 

diode-transistor logic Abbreviation, DTL. Logic 
circuitry in which a diode is the logic element and 
a transistor acts as an inverting amplifier. 

diode-type meter A _ rectifier-type alternating- 
current (ac) meter consisting of a semiconductor 
diode(s) and a direct-current (dc) milliammeter or 
microammeter. The diode rectifies the ac input, 
the resulting dc deflecting the meter. 

diode varactor A conventional semiconductor 
diode or rectifier used as a makeshift varactor 
(voltage-variable capacitor). 

diode variable resistor See DIODE VARISTOR. 

diode varistor A conventional diode used as a 
makeshift varistor (voltage-variable resistor). 

diode voltage reference See ZENER VOLTAGE 
REFERENCE. 

diode voltage regulator See ZENER VOLTAGE 
REGULATOR. 

DIP Abbreviation of DUAL IN-LINE PACKAGE. 

dip 1. A distinct decrease in the value of a varying 
quantity, followed by an increase [e.g., the sud- 
den drop, followed by a rise, in collector current 
when a bipolar-transistor radio-frequency (RF) 
power amplifier is tuned through resonance]. 2. 
Also called magnetic inclination. The slanting of a 
compass needle, resulting from the orientation of 
the geomagnetic lines of flux, with respect to the 
earth’s surface. It varies, depending on magnetic 
latitude. 

dip adapter An external accessory that allows a ra- 
dio-frequency (RF) signal generator to be used as 
a DIP METER. 

dip coating 1. Applying a protective coat of insu- 
lating material to a conductor or component by 
dipping it into the liquid material, then draining 
and drying it. Compare SPRAY COATING. 2. The 
coat applied in this way. 

dip encapsulation Embedding a component or cir- 
cuit in a protective block of insulating material 
(such as a plastic) while the material is in a liquid 
state, and then allowing the material to harden in 
ambient air or in an oven. 

dip impregnation Saturating a component or ma- 
terial (such as absorbent film) with a substance 
(such as oil or wax) by dipping or vacuum forcing. 

diplexer A coupler that permits two or more trans- 
mitters to operate simultaneously into a single 
antenna. 

diplex operation 1. Simultaneous transmission or 
reception of two signals using a single antenna. 
2. Simultaneous transmission or reception of two 
signals on a single carrier. 

diplex reception The reception of signals while 
transmitting with the same antenna. 
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diplex transmission The transmission of signals 
while receiving with the same antenna. 

dip meter A tunable radio-frequency (RF) instru- 
ment that, by means of a sharp dip of an indicat- 
ing meter, indicates resonance with an external 
circuit under test. Specific names are derived 
from the active component used: grid-dip meter, 
gate-dip meter, etc. 

dip needle See INCLINOMETER. 

dipolar Also, bipolar. Possessing two poles (us- 
ually electric or magnetic). 

dipolarization See DEPOLARIZATION. 

dipole 1. A pair of electrically opposite charge 
poles separated by a specific distance. 2. A pair of 
magnetically opposite poles separated by a spe- 
cific distance. 3. See DIPOLE ANTENNA. 4. See 
FOLDED DIPOLE. 

dipole antenna Also called dipole and doublet. A 
half-wavelength radiator fed at the center with a 
two-wire or coaxial transmission line. Each “leg” 
of the antenna is one-quarter wavelength long. 
Such an antenna can be oriented horizontally or 
vertically, or at a slant. The radiating element is 
usually straight. For a straight wire radiator, 
properly insulated at the ends and placed well 
away from obstructions, the length Lx (in feet) at 
a design frequency f (in megahertz) is approxi- 
mately 


Ly = 467/f 
The length L,, (in meters) is close to 
Lm = 143/f 


Because of its simplicity, this antenna is popular 
among shortwave listeners and radio amateurs, 
especially at frequencies below 10 MHz. A full- 
size antenna of this type has a feed-point 
impedance of approximately 73 ohms, purely re- 
sistive. Compare FOLDED DIPOLE. 
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dipole disk feed A method of coupling radio-fre- 
quency energy to a disk-shaped antenna. The en- 
ergy is applied to a dipole located adjacent to the 
disk. 

dipole feed A method of coupling radio-frequency 
energy to an antenna by means of a half-wave 


dipole. The dipole is directly fed by the transmis- 
sion line, and the dipole radiates energy to the 
rest of the system. 

dip oscillator The oscillator that provides the sig- 
nal for a DIP METER. 

dipotassium tartrate Abbreviation, DKT. An or- 
ganic piezoelectric material. 

dipped component A discrete electronic compo- 
nent that has been given a protective coating by 
dipping into a suitable material (such as oil, var- 
nish, or wax) and draining off the surplus. 

dipper Collective term for resonance-type instru- 
ments, such as a DIP METER or DIP ADAPTER. 

dipper interrupter A cyclic switching device in 
which a contact pin is part of a revolving wheel 
partially immersed in mercury. 

dipping 1. The application of a protective coating 
or impregnant to a component by immersing it in 
a suitable material. Also see DIP COATING, DIP 
ENCAPSULATION, and DIP IMPREGNATION. 2. 
In a resonant (tuned) amplifier circuit, the ad- 
justment of the resonant circuit for minimum 
current through the amplifying device. 

dipping needle See INCLINOMETER. 

dip soldering 1. Soldering leads or terminals by 
dipping them into molten solder and then remov- 
ing excess solder. 2. Tinning printed-circuit pat- 
terns by dipping the boards into molten solder or 
placing them in contact with the surface of a sol- 
der bath. 3. Soldering leads in printed circuits by 
the methods defined in (2). 

DIP switch A switch (or group of miniature 
switches) mounted in a dual-inline package (DIP) 
for easy insertion into an _ integrated-circuit 
socket or printed-circuit board. 

direct-access storage device A computer memory 
in which data access time is unaffected by the 
data location. Also called random-access memory 
device. 

direct-acting recorder See GRAPHIC RECORDER. 

direct-acting recording instrument See 
GRAPHIC RECORDER. 

direct address The actual address of a computer 
storage location (i.e., the one designated by ma- 
chine code 0. Also called absolute address or real 
address. 

direct capacitance The capacitance between two 
points in a circuit, as opposed to the capacitance 
between either point and other objects (including 
ground). 

direct allocation In digital computer operations, 
to specify the necessary memory locations and 
peripherals for a particular program when it is 
written. 

direct coding 
language. 

direct control Control of one machine by another, 
for example, the control of a computerized mobile 
robot by a central computer system. 

direct-conversion receiver A heterodyne receiver 
in which the incoming radio-frequency (RF) signal 


Computer programming in machine 
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is amplified, then mixed with the RF output of a 
tunable local oscillator, producing an audio- 
frequency (AF) beat note. The AF is amplified; 
audio filtering can be added. Although the direct- 
conversion receiver somewhat resembles _ the 
superheterodyne type, it has no intermediate- 
frequency (IF) chain, and does not normally 
provide single-signal reception. Also see ZERO- 
BEAT RECEPTION. 

direct-coupled amplifier An amplifier in which 
the output circuit of one stage is wired directly to 
the input circuit of the following stage (i.e., there 
is no intervening capacitor or transformer). Such 
an amplifier can handle alternating-current (ac) 
or direct-current (dc) signals, and has wide fre- 
quency response. 

direct-coupled transistor logic Abbreviation, 
DCTL. In digital computer and switching circuits, 
a logic system using only direct-coupled transis- 
tor stages. 

direct coupling Direct connection of one circuit 
point to another for signal transmission (i.e., 
without intermediate capacitors or transformers). 
Because coupling devices aren’t used, direct cou- 
pling provides transmission of direct current (dc), 
as well as alternating current (ac). 

direct current 1. Abbreviation, dc. A current that 
always flows in the same direction (i.e., the po- 
larity never reverses). The current might be con- 
stant, as from a battery or a regulated power 
supply; it might be pulsating, as from an unfil- 
tered rectifier. 2. Pertaining to current that al- 
ways flows in the same direction. 3. Descriptive 
of a voltage, resistance, or other parameter un- 
der conditions in which there is a usually con- 
stant current that always flows in the same 
direction. 

direct-current amplifier An amplifier for boosting 
direct-current (dc) signals, as opposed to dc volt- 
age signals. 
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direct-current bar See DC BAR. 

direct-current beta See DC BETA. 

direct-current block See DC BLOCK. 

direct-current bus See DC BUS. 

direct-current circuit breaker See DC CIRCUIT 
BREAKER. 

direct-current component See DC COMPONENT. 

direct-current converter See DC CONVERTER. 

direct-current coupling See DC COUPLING. 

direct-current dump See DC DUMP. 

direct-current equipment See DC EQUIPMENT. 

direct-current erase head See DC ERASE HEAD. 

direct-current generator See DC GENERATOR. 

direct-current inverter See DC INVERTER. 

direct-current leakage See DC LEAKAGE. 

direct-current motor See DC MOTOR. 

direct-current noise See DC NOISE. 

direct-current power See DC POWER. 

direct-current relay See DC RELAY. 

direct-current resistance See DC RESISTANCE. 

direct-current shift See DC SHIFT. 

direct-current short See DC SHORT. 

direct-current signaling See DC SIGNALING. 

direct-current source See DC SOURCE. 

direct-current transducer See DC TRANSDUCER. 

direct-current transformer See DC TRANS- 
FORMER. 

direct-current transmission See DC TRANSMIS- 
SION. 

direct digital control Ina digital computer, multi- 
plexing or time sharing among a number of con- 
trolled loops. 

direct display unit A cathode-ray-tube (CRT) pe- 
ripheral that displays data recalled from memory. 

direct-distance dialing A form of telephone ser- 
vice that allows dialing of long-distance numbers 
without involving a human operator. 

direct drive 1. Pertaining to electromechanical ac- 
cessories for electronic equipment. 2. The trans- 
mission of power directly from a source (such as 
a motor) to a driven device without intermediate 
gears, belts, or clutches. 

direct-drive robot A robot that uses the minimum 
possible number of gears and other drive sys- 
tems. 

direct-drive torque motor In a positioning or 
speed-control system, a servoactuator connected 
directly to the driven load. 

direct-drive tuning A tuning or adjusting mecha- 
nism in which the shaft of the variable compo- 
nent (such as a potentiometer or variable 
capacitor) is turned directly by a knob (i.e., with- 
out gearing, dial cable, or similar linkage). 

directed number A number having direction as 
well as magnitude; a vector quantity. 

direct electromotive force A direct-current (dc) 
voltage that does not fluctuate or pulsate. 

direct emf See DIRECT ELECTROMOTIVE FORCE. 

direct ground 1. A ground connection made by the 
shortest practicable route. Compare INDIRECT 
GROUND. 2. An earth ground. 
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direct induced current A transient current in- 
duced in the same direction as the induction cur- 
rent when it is interrupted. 

directing antenna See DIRECTIONAL ANTENNA. 

direct-input circuit A circuit, especially an ampli- 
fier, whose input is wired directly to the input 
electrode of the active device (i.e., without a cou- 
pling capacitor or transformer). 

direct-insert subroutine In digital computer oper- 
ations, a subroutine directly inserted into a larger 
instruction sequence. It must be rewritten at ev- 
ery point it is needed. 

direct instruction A computer program instruc- 
tion that indicates the location of an operand in 
memory. 

directional 1. Depending on direction or orienta- 
tion. 2. Having a concentration in an identifiable 
direction. 3. Pertaining to a transducer in which 
radiation, or sensitivity, is concentrated in cer- 
tain directions at the expense of radiation or sen- 
sitivity in other directions. 

directional antenna An antenna that transmits 
and receives signals more effectively in some di- 
rections than in others. Also called beam, beam 
antenna, and directive antenna. 

directional array 1. A directional antenna having 
a set of elements assembled in such a way that 
their combined action shapes the radiation into a 
unidirectional pattern. 2. A group of antennas 
spaced and phased to produce unidirectional ra- 
diation and reception patterns. 

directional beam 1. An antenna whose radiation 
or reception pattern strongly favors a specific di- 
rection. 2. The radiation or reception pattern of 
such an antenna. 

directional characteristic The precise directional 
properties of an antenna or transducer. 

directional CQ In amateur radio, a transmission 
that invites replies only from stations in a cer- 
tain direction or in a particular city, state, or 
country. 


directional coupler A microwave device that cou- 
ples an external system to waves traveling 
through the coupler in one direction. 

directional diode A _ high-back-resistance semi- 
conductor diode inserted into a direct-current 
(dc) signal circuit or control circuit. Permits uni- 
directional current flow. 

directional filter In carrier-current transmission, 
a filter that halves the frequency band, one half 
being for transmission in one direction, and the 
other half being for transmission in the opposite 
direction. 

directional gain Symbol, ks. The ratio of the power 
that would be radiated by a loudspeaker if the 
free-space axial sound pressure were constant 
over a sphere, to the actual radiated power. Usu- 
ally expressed in decibels. 

directional homing A scheme for locating the 
source of a radio signal. An effort is made to keep 
the bearing of the target or guiding station con- 
stant. Therefore, the search path is as direct (as 
nearly a straight line) as practicable. 

directional horn See DIRECTIVE HORN. 

directional hydrophone A hydrophone whose re- 
sponse pattern strongly favors one direction. 

directional lobe In the spatial response pattern of 
a device, such as an antenna or loudspeaker, a 
portion showing emphasized response in a given 
direction. 

directional microphone A_ microphone that 
strongly favors sound emanating from in front of 
it. 

directional pattern See DIRECTIVITY PATTERN. 

directional phase shifter A phase-shifting circuit 
in which the characteristics are different in one 
direction, as compared with the other direction. 

directional power relay A relay that is actuated 
when the monitored power reaches a prescribed 
level in a given direction. 

directional relay See POLARIZED RELAY. 

directional response For any form of transducer, 
a radiation or sensitivity pattern that is concen- 
trated in certain directions. 

directional separation filter See DIRECTIONAL 
FILTER. 

directional transducer A device that senses or 
emits some effect to an extent that depends on 
the direction from which the effect comes. Direc- 
tional effects are often, but not always, accom- 
panied by gain in the favored direction(s). 
Examples: directional microphone, directional 
speaker, and directional antenna. 

directional variation of radio waves Changes in 
the field strength of radio waves, depending on 
the direction. There are various causes, including 
antenna directivity, ground characteristics, iono- 
spheric factors, weather conditions, and the pres- 
ence of obstructing objects. 

directional wattmeter A device that can measure 
radio transmitter output power and can also give 
an indication of how well an antenna is matched 
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to a transmission line. Such meters fall into two 
categories. One type has a single scale, calibrated 
in watts, and sometimes also in milliwatts or kilo- 
watts (switch selectable). The meter reads either 
forward power or reflected power, depending on 
the position of a switch or rotatable internal ele- 
ment. Another type has two needles in a single 
enclosure, with a different calibrated scale for 
each needle. Both of these scales are graduated 
in watts, and sometimes also in milliwatts or kilo- 
watts. One needle/scale indicates forward power 
and the other needle/scale indicates reflected 
power. There is a third scale, calibrated for the 
point where the two needles cross. This scale in- 
dicates the standing-wave ratio (SWR). See also 
CROSSED-POINTER INDICATOR. 

direction angle In radar operations, the angle be- 
tween the center of the antenna baseline and a 
line going to the target. 

direction finder A receiver specially adapted to 
show the direction from which a signal is re- 
ceived, thus revealing the direction of the receiver 
with respect to the transmitting station, and vice 
versa. In its simplest form, it is a receiver with a 
loop antenna that is rotatable over a map or com- 
pass card. For increased accuracy, checks are 
made with signals from two transmitting sta- 
tions; the exact location of the receiver is pin- 
pointed by triangulation. 

direction finding The taking of bearings by means 
of a direction finder. 

direction of lay Ina multiconductor cable, the lat- 
eral direction of winding of the topmost conduc- 
tors as they recede from the observer; called 
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left-hand lay or right-hand lay. If the cable is 
viewed from either end, left-hand lay is equivalent 
to conductors that rotate clockwise as they re- 
cede from the viewer; right-hand lay is equivalent 
to conductors that rotate counterclockwise as 
they recede from the viewer. 

direction of polarization The direction of the elec- 
trostatic field in a linearly polarized wave. 

direction of propagation The direction in which 
energy moves from a transmitter, or between 
equivalent points in a sector of space under con- 
sideration. 

direction rectifier In a control system, a rectifier 
whose direct-current (dc) output voltage has a 
magnitude and polarity dependent on the magni- 
tude and phase of an alternating-current (ac) sel- 
syn error voltage. 

direction resolution 1. The smallest difference in 
azimuth that a direction-finding device can de- 
tect. 2. The smallest angular separation between 
two targets that allows a radar set to show two 
separate echoes rather than a single echo. 

directive In a computer source program, a state- 
ment directing the compiler in translating the 
program into machine language without being 
translated itself. Also called control statement. 

directive antenna An antenna designed for best 
propagation or reception in one (often steerable) 
horizontal direction. Also called beam antenna 
and directional antenna. 

directive gain For a directional antenna, a rating 
equal to 12.566(Pr/Pi), where Pr is the radiated 
power per steradian in a given direction and Pt is 
the total radiated power. 

directive horn A microwave antenna having the 
shape of a (usually rectangular) horn. 

directivity 1. In an antenna, a directional re- 
sponse. 2. The degree to which the radiation or 
sensitivity of a transducer is concentrated in cer- 
tain directions. 3. The angle between the half- 
power points of a directive antenna in the 
azimuth plane. 4. In an antenna system, the ra- 
tio, in decibels, between the power in the favored 
direction and the power in the exact opposite di- 
rection; also called front-to-back ratio. 5. The for- 
ward power gain of an antenna, with respect toa 
dipole in free space. 6. The forward power gain of 
an antenna, with respect to an isotropic radiator 
in free space. 

directivity diagram A graph of the radiation/ 
response pattern of a beam antenna or other 
directional device, usually in a horizontal or 
vertical plane. Also see DIRECTIVITY PATTERN. 

directivity factor 1.A measure of the directivity of 
an antenna or transducer. 2. In acoustics, the ra- 
tio, in decibels, between the gain in the maximum 
direction and the gain in the minimum direction, 
for a transducer, such as a speaker or micro- 
phone. 

directivity index 1. For an acoustic-emitting 
transducer, the ratio, in decibels, of E, to Eo, 
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where E, is the average intensity over an entire 
sphere surrounding the transducer, and E> is the 
intensity on the acoustic axis. 2. For an acoustic 
pickup transducer, the ratio, in decibels, of E, to 
E2, where E) is the average response over an en- 
tire sphere surrounding the transducer, and E, is 
the response on the acoustic axis. 

directivity of antenna For a beam antenna, the 
ratio Emax/Eavg, where Ema, is the maximum field 
intensity at a selected distance from the antenna 
and Egy, is the average field intensity at the same 
distance. 

directivity of directional coupler The ratio, in 
decibels, of P; to P2, where P; is the power at the 
forward wave-sampling terminals (measured with 
a forward wave in the transmission line) and Pp» is 
the power at the terminals when the wave is re- 
versed in direction. 

directivity pattern The calculated or measured ra- 
diation or response pattern (transmission or re- 
ception) of an antenna, microphone, loudspeaker, 
or similar device, with particular attention to the 
directional features of the pattern. 

directivity signal A spurious output signal result- 
ing from finite directivity in a coupler. 

direct light Light rays traveling directly from a 
source to a receptor or target without reflection. 

directly grounded Connected to earth or to the 
lowest-potential point in a circuit, without any in- 
tervening resistance or reactance. 

directly heated cathode A vacuum-tube filament. 
It is so called because, when heated, it becomes 
the cathode of the tube (i.e., the emitter of elec- 
trons). 

directly heated thermistor A thermistor whose 
temperature changes with the surrounding tem- 
perature, and also as a result of power dissipa- 
tion in the device itself. Compare INDIRECTLY 
HEATED THERMISTOR. 

directly heated thermocouple A meter thermo- 
couple heated directly by signal currents passing 
through it. Compare INDIRECTLY HEATED 
THERMOCOUPLE. 

direct measurement Immediate measurement of 
a quantity, rather than determining the value of 
the quantity through adjustments of a measuring 
device (e.g., measuring capacitance with a capac- 
itance meter, rather than with a bridge). Compare 
INDIRECT MEASUREMENT. 

direct memory access Abbreviation, DMA. The 
transfer of data from a computer memory to some 
other location, without the intervention of the 
central processing unit (CPU). 

direct numerical control In a computer or data 
system, the capability for distributing informa- 
tion among numerically controlled machines 
whenever desired. 

director Ina multielement directional antenna, an 
element that is usually mounted in front of the 
radiator element, and that is phased and spaced 
to direct the radiation forward. The director func- 
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tions in conjunction with the reflector element, 
which is usually mounted behind the radiator. 

directory See DICTIONARY. 

direct pickup The broadcasting, especially in tele- 
vision, of events at the same time as they occur 
(e.g., without recording/reproduction). 

direct piezoelectricity The production of a piezo- 
electric voltage by mechanically stressing a suit- 
able crystal. 

direct playback In audio or video recording, the 
reproduction of a recording without additional 
processing (e.g., the playing of an original 
recorded tape, rather than a tape that has been 
mass produced). 

direct-point repeater A relay-operated telegraph 
repeater. The received signals actuate the relay, 
which switches the second line. 

direct-radiator loudspeaker A loudspeaker whose 
cone or diaphragm is directly coupled to the air. 

direct ray An electromagnetic ray (wave) that 
reaches a receiver without reflection or refraction, 
and without encountering obstructions. 

direct recording 1. A record produced by a 
graphic recorder. 2. The technique of producing 
such a record. 

direct-recording instrument A device, such as a 
graphic recorder, that directly produces a perma- 
nent record (such as an inked trace) of the varia- 
tions of a quantity. 

direct resistance coupling A form of coupling in 
which the output of the first amplifying device is 
connected through a resistor directly to the input 
of the second device. The resistance value can 
vary; sometimes the connection is a short circuit. 

directrix A fixed line to which a curve is referred 
(e.g., the axis of a parabola). 


+ 
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direct scanning In television, the sequential view- 
ing of parts of a scene by the camera—even 
though the entire scene is continuously illumi- 
nated. 

direct serial file organization A technique of or- 
ganizing files stored in a direct access device, in 
which a record can be chosen by number and 
amended where it is without altering other mem- 
bers of the file. 

direct sound wave A sound wave arriving directly 
from its source—especially a wave within an en- 
closure that is not affected by reflection. 

direct substitution 1. An exact component re- 
placement. 2. Installing an exact component re- 
placement. 

direct synthesizer A device for producing random, 
rapidly changing frequencies for security pur- 
poses. A reference oscillator provides a compari- 
son frequency; the output frequency is a 
rational-number multiple of this reference fre- 
quency. 

direct voltage See DC VOLTAGE. 

direct wave A wave that travels from a transmitter 
to a receiver without being reflected by the iono- 
sphere or the ground. Compare SKYWAVE. 

direct Wiedemann effect Twisting force (torque) 
in a wire carrying current in a longitudinal mag- 
netic field. Occurs because of interaction between 
the longitudinal field and the circular magnetic 
field around the wire. 

direct-wire circuit A communications or control 
line of wires connecting a transmitter (or control 
point) and a receiver (or controlled point) without 
an intermediary, such as a switchboard. 

direct-writing recorder See GRAPHIC  RE- 
CORDER. 

direct-writing telegraph 1. See PRINTING TELE- 
GRAPH. 2. See TELAUTOGRAPH. 

dis- A prefix meaning “deprived of.” For the forma- 
tion of electronic terms, the prefix must be distin- 
guished from un-, meaning “not.” For example, a 
discharged body is one that was charged, but has 
been emptied of its charge. An uncharged body is 
one that ordinarily or presently is not charged. 

disable 1. To deliberately render a circuit, device, 
or system inoperative. 2. In digital computer 
operations, to defeat a software or hardware 
function. 

disc See DISK. 

disc engraving 1. Recording sound by cutting a 
groove in a record disc. 2. The groove resulting 
from such a process. 

discharge The emptying or draining of electricity 
from a source, such as a battery or capacitor. The 
term also denotes a sudden, heavy flow of cur- 
rent, as in DISRUPTIVE DISCHARGE. Compare 
CHARGE. 

discharge current 1. Current flowing out of a ca- 
pacitor. 2. Current flowing out of a cell—espe- 
cially a storage cell. Compare CHARGING 
CURRENT. 


aos 


direct scanning ¢ discrete capacitor 199 


discharge key See DISCHARGE SWITCH. 

discharge lamp A gas-filled tube or globe in which 
light is produced by ionization of the gas between 
electrodes. Familiar examples are the neon bulb 
and fluorescent tube. 

discharge phenomena The effects associated with 
electrical discharges in gases, such as luminous 
glow. 

discharge potential See IONIZATION POTENTIAL. 

discharger 1. A short-circuiting tool for discharg- 
ing capacitors. 2. A spark gap or other device for 
automatically discharging an overcharged capac- 
itor. 

discharge rate 1. The current that can be supplied 
by an electrochemical cell or battery reliably dur- 
ing its discharging cycle. Usually expressed in 
milliamperes or amperes. 2. An expression of the 
speed with which a battery is being discharged at 
a specific point in time. It is usually specified in 
amperes or milliamperes. 

discharge switch A switch for connecting a 
charged capacitor to a resistor or other load, 
through which the capacitor discharges. In some 
circuits, when the switch is in its resting position, 
it connects the capacitor to the charging source. 

discharge voltage See IONIZATION POTENTIAL. 

discharging 1. The conversion of chemical energy 
to electrical energy by an electrochemical cell or 
battery. 2. The release of stored electrical energy 
from a capacitor, or from a network containing 
capacitors. 

discharging tongs See DISCHARGER, 1. 

discone antenna An antenna consisting of a hori- 
zontal metal or wire-mesh disk above a metal or 
wire-mesh cone. The antenna has an omnidirec- 
tional radiation pattern in the horizontal plane, 
and provides a good match to a coaxial transmis- 
sion line over a frequency range of several oc- 
taves. Commonly used at very-high frequencies 
(VHF) and ultra-high frequencies (UHF). 

disconnect 1. To separate leads or connections, 
thereby interrupting a circuit. 2. A type of con- 
nector whose halves can be pulled apart to open 
a cable or other circuit quickly. 3. To open a 
switch or relay. 

disconnector See DISCONNECT, 2 and DISCON- 
NECT SWITCH. 

disconnect signal A signal sent over a telephone 
line, ending the connection. 

disconnect switch A switch whose main function 
is to open a circuit quickly (either manually or 
automatically) in the event of an overload. 

discontinuity 1. A break in a conductor. 2. A 
point at which the impedance in a transmission 
line abruptly changes. 

discontinuous wave trains See DAMPED WAVES. 

discrete 1. Complete and self-contained, as op- 
posed to a part of something else. 2. Composed of 
individual, separate members. 

discrete capacitor Capacitance that is entirely 
self-contained, rather than being electrically dis- 
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tributed. Also called LUMPED CAPACITOR. Com- 
pare DISTRIBUTED CAPACITANCE. 

discrete circuit A circuit comprised of discrete 
components, such as_ resistors, capacitors, 
diodes, and transistors, not fabricated into an in- 
tegrated circuit. 

discrete component A self-contained device that 
offers one particular electrical property in lumped 
form (i.e., concentrated at one place in a circuit, 
rather than being distributed). A discrete compo- 
nent is built especially to have a specific electrical 
property, and exists independently, not in combi- 
nation with other components. Examples: disk 
capacitor, toroidal inductor, and carbon-compo- 
sition resistor. Compare DISTRIBUTED COMPO- 
NENT. 

discrete device Any component or device that op- 
erates as a self-contained unit. 

discrete element A discrete device that forms part 
of a larger system. 

discrete inductor An inductive component that is 
entirely self-contained, rather than being electri- 
cally spread out. Also called lumped inductor. 
Compare DISTRIBUTED INDUCTANCE. 

discrete information source A source of data con- 
taining a finite number of individual elements, 
rather than a continuously variable parameter. 

discrete part See DISCRETE COMPONENT. 

discrete resistor A resistive component that is en- 
tirely self-contained, rather than being electri- 
cally spread out. Also called lumped resistor. 
Compare DISTRIBUTED RESISTANCE. 

discrete sampling Sampling of individual bits or 
characters, one or more at a time. 

discrete thin-film component A discrete compo- 
nent produced by the thin-film process (e.g., thin- 
film capacitor, thin-film potentiometer, etc.). 

discretionary wiring A method of interconnecting 
the components and circuits on a semiconductor 
wafer for optimum performance. This requires a 
separate analysis and wiring pattern for every 
chip. 

discrimination 1. Sharp distinction between elec- 
trical quantities of different value. 2. The detection 
of a frequency-modulated (FM) signal (i.e., the de- 
livery of an audio signal corresponding to the fre- 
quency or phase variations in the FM carrier). 

discriminator A second detector for frequency- 
modulated (FM) signals, in which two diodes are 
operated from the center-tapped secondary of a 
special intermediate-frequency (IF) transformer. 
The circuit is balanced for zero output when the 
instantaneous received signal frequency is at the 
unmodulated carrier frequency; the circuit deliv- 
ers output when the instantaneous received 
signal frequency swings above or below the 
unmodulated carrier frequency. Also see FOS- 
TER-SEELEY DISCRIMINATOR and TRAVIS DIS- 
CRIMINATOR. 

discriminator transformer The special 
transformer in a DISCRIMINATOR. 
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discriminator tuner A device that tunes a dis- 
criminator to a selected subcarrier. 

discriminator tuning device See DISCRIMINA- 
TOR TUNER. 

dish See DISH ANTENNA. 

dish antenna A transmitting and/or receiving an- 
tenna consisting of a driven element and a large 
reflector. The reflector has the shape of a shallow, 
circular section of a paraboloid or sphere. The 
feed point is at the focus of the reflector. This an- 
tenna, noted for its high directivity and gain, is 
used mainly at ultra-high and microwave fre- 
quencies for communications and satellite televi- 
sion. Large antennas of this type are used in 
some radio telescopes. 

dish-type construction A type of panel-and-chas- 
sis construction in which the chassis is fastened 
vertically to the back of the panel. 

disintegration 1. The destructive breakdown of a 
material. 2. The stripping of a vacuum-tube cath- 
ode of its emissive coating (see DISINTEGRATION 
VOLTAGE). 3. The decay of a radioactive mate- 
rial. 

disintegration voltage The anode voltage at which 
the cathode of a gas tube begins to be stripped of 
its electron-emitting material. For safety and rea- 
sonable tube life, the anode working voltage must 
be between the ionization and disintegration val- 
ues. 

disintegrator An ultrasonic device for reducing 
crystals or particles to fine suspensions. 

disjunction The logical inclusive-OR operation. 

disk 1. A flat, circular plate (e.g., rectifier disk). 2. 
See DISKETTE. 3. See HARD DISK. 4. See COM- 
PACT DISC. 5. See CD-ROM. 6. A phonograph 
record or the equivalent unrecorded blank. 

disk capacitor A fixed (usually two-plate) capaci- 
tor consisting of a disk of dielectric material on 
whose faces are deposited metal-film plates. 
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back to Rome in the evening 

Day 5: 1/2 day tour of Rome and remainder 
of day at leisure 

Day 6 : Flight back home 
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accommodation, local guide and transport 
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An opportunity to visit the Warka pilot site 
in Ethiopia. See the Warka in action and 
spend time with the villagers. 8-day 
itinerary includes: 

Day 1: Arrive in Addis Ababa and transfer to 
your hotel. 

Day 2: An optional full-day tour of Addis 
Ababa, the diplomatic capital of Ethiopia. 
Traditional Welcome Dinner. 

Dav 3: Drive to Warka Water pilot site and 
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disk coil See DISK WINDING. 

disk dynamo A rudimentary direct-current (dc) 
generator, in which a copper disk rotates between 
the poles of a permanent magnet. The outer edge 
of the disk becomes positively charged; the center 
of the disk becomes negatively charged. 

diskette A magnetic recording disk used for micro- 
computer data storage. Housed in a square, flat 
case. In personal computing, there are two sizes: 
5.25 inches square and 3.5 inches square. The 
5.25-inch version is flexible and is sometimes 
called a floppy disk. 

disk files An information-storage system in which 
data are recorded on rotating magnetic disks. 

disk generator 1. See DISK DYNAMO. 2. A disk- 
type electrostatic generator. 

disk memory A common misnomer for DISK 
STORAGE. 

Disk Operating System Abbreviation, DOS. Any of 
several command-driven operating systems com- 
monly used in IBM-compatible personal comput- 
ers. 

disk pack In disk files, a set of disks that can be 
handled as a single unit. 

disk recorder A device for recording (and usually 
also playing back) sound or other signals on 
record disks. 

disk recording 1. Recording sound or other sig- 
nals on disks. 2. A disk resulting from such a 
recording. See DISK. 

disk rectifier A semiconductor rectifier (such as 
copper-oxide, selenium, magnesium-copper- 
sulfide, or germanium type) in which the active 
material is deposited on a metal disk. 

disk resistor A resistor consisting of a resistive 
material deposited on a metal disk; or a disk of 
resistive material. In the latter, electrodes are 
plated on the faces of the disk, one or more of 
which are held between clips or screws for con- 
nections. 

disk storage In digital computer systems, an on- 
line or offline data storage scheme, in which in- 
formation is recorded on the magnetic coating of 
a rotating disk or set of disks. See DISKETTE, 
and HARD DISK. 

disk system A sound-motion-picture system using 
audio disks synchronized with the film. 

disk thermistor A thermistor having the general 
shape of a disk. 

disk-type storage See DISK STORAGE. 

disk varistor A varistor having the general shape 
of a disk. 

disk winding An armature or coil winding that is 
flat, rather than cylindrical. Also called disk coil, 
pancake coil, and spiral coil. 

dislocation A crystal region in which the arrange- 
ment of atoms does not have the perfect lattice 
structure of the crystal. 

dispersion 1. The property of a material that 
causes energy at different wavelengths to pass 
through it at different speeds. 2. The separation 
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of a wave into its various component frequencies 
(as when white light is broken up into the color 
spectrum by a prism). 3. The scattering of a mi- 
crowave beam when it strikes an obstruction. 4. 
The scattering of sound or ultrasound as it em- 
anates from an acoustic transducer. 5. A suspen- 
sion of finely divided particles within another 
substance. 

dispersive medium A medium that disperses a 
wave passing through it. 

displacement 1. A change in the position of a 
point, particle, figure, or body. 2. The vector rep- 
resenting a change in the position of a point, par- 
ticle, figure, or body. 3. Movement of a member 
through a specified distance. 

displacement current 1. An alternating current 
proportional to the rate of change of an electric 
field, and existing in addition to usual conduction 
current. 2. The current flowing into a capacitor 
immediately after application of a voltage. This 
current continues to flow, although continually 
diminishing in value, until the capacitor becomes 
fully charged. 

displacement of porches In a television signal, 
the amplitude difference between the front porch 
and back porch of a horizontal sync pulse. 

displacement of vectors Vector rotation through 
a specified number of angular degrees or radians. 

displacement transducer A transducer in which 
movement (displacement) of a rod, armature, 
core, reed, or other object converts mechanical 
energy into proportionate electrical energy. 

display 1. Visually observable presentation of in- 
formation, such as data entered into a computer, 
an answer to a problem solved by a computer, the 
value of a measured quantity, or a graph of a 
function. 2. The screen in a computer system or 
terminal that visually portrays text and graphical 
data. In laptop, notebook, and portable comput- 
ers, this is usually a liquid-crystal display (LCD); 
in desktop computers and terminals, it is usually 
a cathode-ray tube (CRT). 3. To portray informa- 
tion in a visual manner (e.g., as text, numerals, 
symbols, or graphic images). 

display blanking See DISPLAY INHIBIT. 

display console In a computer system, a periph- 
eral that is used to access and display data being 
processed or stored; often, it is a unit with a 
cathode-ray tube (CRT), keyboard, and light pen. 

display control An interface device between a cen- 
tral processor and several visual display units 
(terminals). 

display dimming See DISPLAY INHIBIT. 

display inhibit In a digital meter, the blanking or 
dimming of the display when the instrument is 
not being used. It is used to conserve battery en- 
ergy. 

display loss The ratio P,/P:, where P, is the mini- 
mum input-signal power that can be detected by 
an ideal output device at the output of a receiver, 
and P, is the minimum input-signal power value 
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seen by an operator using an output device with 
the same receiver. Also called visibility factor. 

display mode 1. A particular method of presenting 
a display. For example, a character display on a 
video unit might consist of bright characters on a 
dark background, or dark characters on a light 
background. 2. An operating mode for a particu- 
lar device, in which a display is used. 

display module A self-contained unit with cir- 
cuitry and readouts for indicating a numerical 
count. 

display primaries Also called primary colors. In a 
color television receiver, the colors red, green, 
and blue. When mixed correctly, these three col- 
ors can produce any visible hue. 

display-storage tube A special cathode-ray tube in 
which patterns and other information can be 
stored for later viewing. The tube has two electron 
guns: a writing gun and a reading (viewing) gun. 

display unit A device that presents information for 
visual reading. Included are analog and digital 
meters, cathode-ray tubes, data printers, graphic 
recorders, etc. Also see DISPLAY CONSOLE. 

display visibility The ease with which a display 
can be read by an operator. 

display window 1. In a panoramic display, the 
width of the presented frequency band in hertz. 
2. The panel opening through which the indica- 
tion of a display unit appears. 

displayed part That portion of a number displayed 
in the readout of a calculator or computer. There 
might be digits that are not displayed, but which 
the machine might take into consideration 
when making calculations. For example, in a 
10-digit calculator display, the number 
245.789378214895 would be displayed as 
245.7893782. Depending on the calculator de- 
sign, the machine might truncate (disregard) the 
undisplayed digits (14895), or take the undis- 
played digits into account when making calcula- 
tions. 

disposable component A circuit component or 
machine part that is so inexpensive that it is 
more cost-effective to discard it than to repair it 
when it fails. 

disruptive discharge Sudden, heavy current flow 
through a dielectric material when it fails com- 
pletely under electric stress. 

dissector A transducer that samples an illumi- 
nated image point by point. 

dissector tube A camera tube using a flat photo- 
cathode, upon which the image is focused by the 
lens system. Electromagnetic deflection from 
external coils provides scanning. Electrons pass 
sequentially from the image cathode to a scan- 
ning tube at the opposite end of the camera tube. 
Also called Farnsworth dissector tube and or- 
thiconoscope. 

dissipation 1. The consumption of power, often 
without contributing to a useful end, and usually 
accompanied by the generation of heat. 2. In an 
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amplifier, the difference between the collector, 
drain, or plate input power and the usable output 
power. 

dissipation constant For a thermistor, the ratio of 
the change in power dissipation to a correspond- 
ing change in body temperature. 

dissipation factor 1. For a dielectric material, the 
tangent of the dielectric loss angle. Also called 
loss tangent. 2. Symbol, D. For an impedance 
(such as a capacitor), the ratio of resistance to re- 
actance; D = R/X. It is the reciprocal of the figure 
of merit (Q). 

dissipation line A resistive section of transmission 
line, used for dissipating power at a certain 
impedance. Two parallel lengths of resistance 
wire are terminated by a large, noninductive re- 
sistor that has a value equal to the characteristic 
impedance of the line. 

dissipator 1. A device used primarily to consume 
power (i.e., a power sink). 2. A device for remov- 
ing heat generated by a device’s operation (e.g., a 
heatsink attached to a power transistor). 

dissociation The condition that characterizes elec- 
trolytes (certain acids, bases, or salts in water so- 
lution) in which the molecules of the material 
break up into positive and negative ions. 

dissonance The unpleasant effect (especially in 
music) produced by nonharmonious combina- 
tions of sounds. 

dissymmetrical network A network having un- 
equal input and output image impedances. 

dissymmetrical transducer A transducer having 
unequal input and output image impedances. 

distance-double law A theoretical rule for deter- 
mining the rate at which sound intensity de- 
creases as distance increases. Under ideal 
conditions, when the distance from a sound 
source is doubled, the sound pressure is re- 
duced to one-fourth of its original level, a reduc- 
tion of 6 decibels. This is analogous to the 
inverse-square law for visible light and other ra- 
diant energy. 
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distance mark On a radar screen, a mark indicat- 
ing the distance from the radar set to the target. 

distance measurement Also called ranging. A 
method or system that allows a robot to navigate 
in its environment. It also allows a central com- 
puter to track the locations of robots under its 
control. Can use radar, sonar, visible light, or in- 
frared. 

distance-measuring equipment In radionaviga- 
tion, a system that measures the distance of the 
interrogator to a transponder beacon in terms of 
the transmission time to and from the beacon. 

distance protection The use of a protective device 
within a specified electrical distance along a cir- 
cuit. 

distance relay In circuit protection, a relay that 
operates to remove power when a fault occurs 
within a predetermined distance along the cir- 
cuit. 

distance resolution 1. Qualitatively, the ability of 
a ranging system to differentiate between two ob- 
jects or beacons that are almost, but not quite, 
the same distance away. See RANGING. 2. 
Quantitatively, the minimum radial separation of 
objects or beacons necessary for a ranging 
system to tell them apart. 3. For two targets 
having the same azimuth bearing, the minimum 
difference in range for which a radar display 
renders them as distinct blips. 

distant control See REMOTE CONTROL. 

distorted-drive multiplier A frequency multiplier 
whose excitation signal is a peaked wave that has 
been predistorted to decrease the angle of flow in 
the device, thus increasing its efficiency. 

distorted nonsinusoidal wave A _ nonsinusoidal 
wave whose ideal shape (square, rectangular, 
sawtooth, etc.) has been altered. 

distorted sine wave A wave that is approximately 
of sinusoidal shape (i.e., it is not an exact plot of a 
sine wave because of the presence of harmonics). 

distortion 1. Deformation of a signal waveform. 2. 
The additional deformation of a signal exhibiting 
a less-than-ideal waveshape when it passes 
through a circuit. Some distortion originates 
within the signal generator itself; other forms re- 
sult from circuits and devices transmitting the 
signal. 3. Any degradation in the quality of a 
high-fidelity audio signal. 4. See TOTAL HAR- 
MONIC DISTORTION. 

distortionless 1. Having no distortion. 2. Having a 
propagation velocity that does not depend on fre- 
quency. 

distortion meter An instrument for measuring 
harmonic distortion. It consists of a highly selec- 
tive band-rejection filter (notch filter) that re- 
moves the fundamental frequency of the signal 
under test, and a sensitive voltmeter that can be 
switched between the filter input and the filter 
output. The distortion percentage is determined 
from the ratio between filter-output and filter- 
input voltages. 
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distortion tolerance The maximum amount of 
distortion that can be present in a signal without 
making it useless. This varies over wide limits. 
The maximum harmonic distortion that might be 
acceptable in a high-fidelity sound system could 
be less than 0.1% total, whereas in some applica- 
tions of ac power, 10% would be acceptable. 

distress frequency A radio frequency on which an 
emergency signal is transmitted. Ships at sea and 
aircraft over the sea use 500 kHz (by interna- 
tional agreement). In Citizen Band communica- 
tions, channel 9 has been set aside for emergency 
use. 

distress signal A signal indicating that trouble ex- 
ists at the transmitting station and imploring aid 
from the recipient. The international radiotele- 
graph distress signal is the three-letter combina- 
tion SOS; the international radiotelephone 
distress signal is the word mayday, the phonetic 
equivalent of the French m’aidez (help me). 

distributed Existing over a measurable interval, 
area, or volume; not concentrated in a single 
place or places. 

distributed amplifier A wideband, untuned am- 
plifier whose active devices are spaced (dis- 
tributed) along parallel, artificial delay lines 
consisting of coils that act in combination with 
the input and output capacitances of the active 
devices. Adding active devices to the lineup in- 
creases the gain. Commonly used as preampli- 
fiers for television receivers. 

distributed capacitance Symbol, Cy. Capacitance 
that is dispersed throughout a component or sys- 
tem, rather than being lumped in one place. An 
example is the distributed capacitance of a coil. 

distributed component An electrical property that 
is spread throughout a circuit or device, rather 
than being concentrated at one point, as in a dis- 
crete component. For example, DISTRIBUTED 
CAPACITANCE and DISTRUBUTED INDUC- 
TANCE are spread along the length of a transmis- 
sion line. Another example is the DISTRIBUTED 
RESISTANCE of a wire coil. Distributed compo- 
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nents are often unintended, but they can be use- 
ful. Compare DISCRETE COMPONENT and 
LUMPED COMPONENT. 

distributed constant See DISTRIBUTED COMPO- 
NENT. 

distributed-constant delay line A delay line 
whose capacitance and inductance are dis- 
tributed throughout the line. Compare LUMPED- 
CONSTANT DELAY LINE. 

distributed inductance Symbol, Ly. Inductance 
that is dispersed throughout a system or compo- 
nent, rather than being lumped in one place, 
such as in a coil (e.g., the inductance of an an- 
tenna or capacitor). 

distributed network 1. A network in which electri- 
cal properties (such as resistance, inductance, 
and capacitance) are distributed over a measur- 
able interval, area, or volume. 2. A network 
whose characteristics do not depend on fre- 
quency within a given range. 

distributed-parameter network A network com- 
posed of distributed components, rather than 
lumped components. 

distributed pole In a motor or generator, a pole 
having a DISTRIBUTED WINDING. 

distributed resistance Symbol, Rg. Resistance 
that is dispersed throughout a component or cir- 
cuit, rather than being lumped in one place, such 
as in a resistor. An example is the high-frequency 
resistance of an antenna system. 

distributed-shell transformer A transformer hav- 
ing two complete closed cores that are perpendic- 
ular to each other. 

distributed winding In a motor or generator, a 
winding that is placed in several slots (rather 
than in one slot) under a pole piece. 

distributing amplifier An amplifier having a single 
input and two or more outputs that are isolated 
from each other; it distributes signals to various 
points. 

distributing cable 1. In cable television, the cable 
connecting the receiver to the transmission cable. 
2. In power service, the cable running between a 
feeder and a consumer's house. 

distribution 1. The selective delivery of a quantity 
(e.g., power distribution). 2. In statistical analy- 
sis, the number of times particular values of a 
variable appear. Also called frequency distribu- 
tion. 

distribution amplifier A low-output-impedance 
power amplifier that distributes a radio, televi- 
sion, or audio signal to a number of receivers or 
speakers. 

distribution cable See DISTRIBUTING CABLE. 

distribution center 1. The central point from 
which a signal is routed to various points of use. 
2. In electric power operations, the point at which 
generation, conversion, and control equipment is 
operated to route power to points of use. 

distribution factor For a polyphase alternator, the 
factor by which the total voltage Vr; can be deter- 
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mined in terms of the coil voltage Vc and the 
number of coils n: Vr = nVc. Distribution factor 
kg = (sin(sd/2))/(s x sin(d/2)), where s is the 
number of slots per phase per pole, and d is the 
angle between adjacent slots. 

distribution function In statistical analysis, the 
function F(x) expressing the probability that F 
takes on a value equal to or less than x. 

distribution switchboard 1. A _— switchboard 
through which signals can be routed to or among 
various points. 2. A switchboard for routing elec- 
tric power to points of use. 

distribution transformer A_ step-down trans- 
former used to supply low-voltage alternating- 
current (ac) utility power to one or more 
consumers from a high-voltage line. 

distributor 1. See COMMUTATOR. 2. A switching 
device consisting of a rotating blade and a num- 
ber of contacts arranged in a circle. Accomplishes 
sequential switching of a voltage to a number of 
points in a circuit. A common example is the dis- 
tributor in the ignition system of an automotive 
engine. 

disturbance An undesired variation in, or interfer- 
ence with, an electrical or physical quantity. 

disturbed-one output In digital computers, the 
one output of a magnetic cell that has received 
only a partial write pulse train because it was last 
written into. Compare UNDISTURBED-ONE 
OUTPUT. 

disturbed-zero output In digital computers, the 
zero output of a magnetic cell that has received 
only a partial write pulse train since it was last 
read from. Compare UNDISTURBED-ZERO OUT- 
PUT. 

dither 1. Vibrate; quiver. 2. The condition of vibra- 
tion or quivering (e.g., the dither of a meter 
pointer). 3. To blend pixels in a digitized image to 
obtain various shades and colors. 

divergence 1. The tendency of a collimated beam 
of energy to spread out. 2. The extent to which a 
collimated beam of energy spreads out, generally 
measured in seconds of arc, minutes of arc, an- 
gular degrees, or angular radians. 

divergence loss Loss of transmitted sound energy, 
resulting from spreading. 

diverging lens A lens having a virtual focus for 
parallel rays; generally a concave lens. 

diversity 1. The property of consisting of two or 
more independent components or media. 2. See 
DIVERSITY RECEPTION. 3. See DIVERSITY 
TRANSMISSION. 

diversity factor 1. A measure of the degree to 
which a system exhibits unity among its con- 
stituents. 2. The sum of the requirements of each 
constituent of a system, divided by the total re- 
quirement of the system. 

diversity gain 1. Signal gain achieved by using 
two or more receiving antennas. 2. Signal gain 
achieved by using two or more transmitting an- 
tennas. 
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diversity reception Also called dual-diversity re- 
ception. A method of minimizing the effects of fad- 
ing in ionospheric communication at high 
frequencies (HF). Accomplished using two re- 
ceivers whose antennas are 5 to 10 wavelengths 
apart. Each receiver, tuned to the same signal, 
feeds a common audio amplifier. The timing of 
the fading is different at the two antennas be- 
cause of phasing effects. The composite signal, 
therefore, fades less than either of the component 
signals. Some diversity systems use three or more 
antennas and receivers to reduce the effects of 
fading even further; this is sometimes called 
multiple-diversity reception. 
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diversity transmission Also called dual-diversity 
transmission or multiple-diversity transmission. A 
scheme similar to DIVERSITY RECEPTION, ex- 
cept applied at the transmitting end of a commu- 
nication circuit. The signals from two or more 
transmitters, at identical frequencies, are fed to 
antennas spaced several wavelengths apart. 

diverter-pole generator A well-regulated direct- 
current (dc) generator, whose shunt winding is on 
the main field pole, the series winding being on a 
diverter pole whose flux opposes that of the main 
pole. 

divide-by-seven circuit A three-stage binary cir- 
cuit having feedback from stage three to stage 
one. Stage three is switched on by the fourth in- 
put pulse; at that time, the feedback pulse 
switches on stage one, simulating one input 
pulse and reducing the usual counting capacity 
from eight to seven. 

divide-by-two circuit A circuit that delivers one 
output pulse for each two successive input pulses 
(i.e., a flip-flop). 
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divided-carrier modulation Modulation obtained 
by adding two identical frequency carriers that 
are 90 degrees out of phase. 

divided circuit A parallel circuit. 

divided equipment A system of modular elec- 
tronic components interconnected with cables. A 
simple example is a radio receiver having an ex- 
ternal power supply and external loudspeaker. 

divider 1. See VOLTAGE DIVIDER. 2. See FRE- 
QUENCY DIVIDER. 3. See PULSE-COUNT DI- 
VIDER. 4. A computing circuit or device for 
performing mathematical division. 

divider probe A test probe that divides an applied 
signal voltage by some factor (such as 2, 5, or 10) 
to place it within the range of the instrument with 
which the probe is used. 

dividing network See CROSSOVER NETWORK. 

division 1. Separating a quantity into a number of 
equal parts, as indicated by the divisor. 2. Volt- 
age division (see VOLTAGE DIVIDER). 3. Fre- 
quency division (see FREQUENCY DIVIDER). 4. 
Pulse-count division (see PULSE-COUNT DI- 
VIDER). 

division of vectors 1. The quotient of two rectan- 
gular vectors determined by the principle of ratio- 
nalization in algebra (i.e., by multiplying the 
numerator and denominator of the indicated divi- 
sion by the conjugate of the denominator, simpli- 
fying, and performing the division). 2. To find the 
quotient of two polar vectors: the quotient of their 
moduli and the difference of their arguments. 

dj Abbreviation of diffused junction. 

DKT Abbreviation of dipotassium tartrate. 

D layer A layer of the ionosphere that is below the 
E layer; its altitude is approximately 60 kilome- 
ters. 

dm Abbreviation of decimeter. 

DMA Abbreviation of DIRECT MEMORY ACCESS 
and direct memory addressing. 

DME Abbreviation of DISTANCE-MEASURING 
EQUIPMENT. 

DMM Abbreviation of DIGITAL MULTIMETER. 

DMOS Abbreviation for double-diffused metal-oxide 
semiconductor, a type of field-effect transistor 
that exhibits extremely low capacitance and low 
source-drain resistance when conducting. 

DNL See DIFFERENTIAL NONLINEARITY. 
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DNS Abbreviation of Doppler navigation system. 

doctor To use unconventional (sometimes sub- 
standard) methods in fixing a circuit or device or 
in correcting a bad design. 

document 1. In digital computer operations, espe- 
cially in file maintenance, a form that provides in- 
formation pertinent to a transaction. Also see 
TRANSACTION. 2. To perform documentation (see 
DOCUMENTATION, 2). 3. A computer text file. 

documentation 1. Paperwork explaining the scope 
of programs and how they can be optimized. 2. An- 
notating a computer program at critical points dur- 
ing its writing (e.g., so that the purpose of various 
segments are understood). A measure of good pro- 
gramming, documentation becomes _ especially 
valuable for program modification or debugging. 

document reader An electronic device that reads 
printed cards, usually for data entry into a com- 
puter. 

dog 1. A malfunctioning circuit or device. 2. The 
cause of a circuit or device malfunction. 

doghouse An enclosure for antenna loading induc- 
tors and other resonating components, placed at 
the base of a vertical broadcasting tower. 

dog whistle See ULTRASONIC WHISTLE. 

Doherty amplifier A highly efficient linear radio- 
frequency (RF) amplifier in which a carrier tube and 
a peak tube operate jointly, both receiving ampli- 
tude-modulated RF excitation. During unmodu- 
lated intervals, the carrier tube supplies carrier 
power to the load, while the peak tube, biased to 
cutoff, idles. On positive modulation peaks, the 
peak tube supplies output power that combines 
with that of the carrier tube, the increase in power 
corresponding to the condition of full modulation of 
the carrier. On negative modulation peaks, the 
peak tube does not supply power, and the output 
of the carrier tube is reduced to zero. 

Dolby An electronic method of improving the audio 
reproduction quality of magnetic-tape systems. 
The gain is increased for low-level sounds during 
the recording process. During playback, the gain 
of the low-level sounds is reduced back to its orig- 
inal level. 

Dolby A A Dolby system with four frequency 
ranges, operated independently. It is used mostly 
by recording professionals. 

Dolby B_ A modified form of Dolby A, with only one 
band of noise-reducing circuitry. It is used pri- 
marily by hobbyists. 

Dolezalek electrometer 
TROMETER. 

dolly 1. A low, wheeled frame or platform for trans- 
porting electronic equipment. 2. A tool with 
which one end of a rivet is held while the head is 
hammered out of the other end. 

DOM Abbreviation of DIGITAL OHMMETER. 

domain 1. A region of unidirectional magnetization 
in a magnetic material. 2. A region of unidirec- 
tional polarization in a ferroelectric material. 3. A 
region in which a variable is confined. 


See QUADRANT ELEC- 
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domestic electronics Also called consumer elec- 
tronics. The branch of electronics concerned with 
appliances, automatic controls, protective de- 
vices, entertainment systems, communications 
devices, and other equipment for the home. 

domestic induction heater A household cooking 
utensil heated by currents induced in it. A pri- 
mary coil (connected to the power line) is imbed- 
ded in the utensil, which acts as a short-circuited 
secondary coil. 

dome tweeter A speaker designed for high- 
frequency (treble), high-fidelity audio, and often 
functional at frequencies considerably above the 
limit of the human hearing. Characterized by a 
convex diaphragm. Usually part of an assembly 
including a woofer and midrange speaker. 

dominant In statistical analysis, the nature of any 
quantity that imposes its effects even in the pres- 
ence of other quantities. 

dominant mode In a waveguide, the propagation 
mode exhibiting the lowest cutoff frequency. 

dominant wave In a waveguide, the wave having 
the lowest cutoff frequency. 

dominant wavelength For visible light of a given 
hue, the wavelength at which the emitted energy 
is the greatest. 

donor An electron-rich impurity added to a semi- 
conductor to make it into an n-type material. So 
called because it donates its excess electrons. 
Compare ACCEPTOR. 

donor atom An atom having an excess electron. 
When a substance having such atoms is added to 
an intrinsic semiconductor, the extra electron is 
donated, making the semiconductor into an n- 
type material. 

donor impurity A substance whose atoms have 
excess electrons, and that donates electrons to 
the atomic structure of the semiconductor crystal 
to which it is added. Donor elements make semi- 
conductors into n-type materials. Also see 
DONOR ATOM. Compare ACCEPTOR IMPURITY. 

do-nothing instruction A computer program in- 
struction that causes no action to be taken. Can be 
used to provide space for future program updating, 
or to fill out a block of instructions, as needed by a 
compiler. Also called dummy instruction. 

don’t-care state In a logic function or gate, an in- 
put digit whose state (high or low) does not affect 
the output. 

donut capacitor A flat, ring-shaped capacitor. 

donut coil See TOROIDAL COIL. 

donut crystal A relatively large, zero-temperature- 
coefficient piezoelectric quartz crystal cut in the 
form of a torus with the y-axis passing through 
the center of rotation. 

donut magnet See RING MAGNET. 

donut pattern The three-dimensional radio- 
frequency (RF) radiation/response pattern of a 
free-space straight antenna element measuring 
% wavelength, neglecting the effects of ground 
and nearby objects. 
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doohickey A usually unnamed device—especially 
one used to achieve some significant modification 
of circuit performance. 

doorknob capacitor A high-voltage fixed capaci- 
tor, so called from its round package, which 
somewhat resembles a doorknob. 

doorknob tube A special UHF vacuum tube, so 
called from its characteristic shape. The unique 
design provides short electron-transit time and 
low interelectrode capacitance. Largely replaced 
in recent years by semiconductor devices. 

dopant An impurity added in controlled amounts 
to a semiconductor to make it an n-type or p-type 
material. Also see ACCEPTOR and DONOR. 

dope To add impurities to a semiconductor mate- 
rial. Doping allows the manufacture of n-type or 
p-type semiconductors with varying degrees of 
conductivity. In general, the greater the extent of 
doping, the higher the conductivity. 

doped junction Ina semiconductor device, a junc- 
tion produced by adding a dopant to the semi- 
conductor melt. 

doping Adding a dopant to a semiconductor to al- 
ter the way it conducts current. 

doping agent See DOPANT. 

doping compensation Opposite doping (i.e., add- 
ing a donor impurity to p-type semiconductor 
material or adding an acceptor impurity to n-type 
semiconductor material). 

doping gas A gas diffused into a semiconductor 
material to dope it. For example, phosphorus 
pentoxide gas can be used to create an n-type re- 
gion in a p-type silicon chip. 

doping level The relative concentration of impurity 
added to a semiconductor material to obtain a 
certain resistivity and polarity. The greater the 
doping level, the lower the resistivity. 

Doppler broadening In a spectrum, the spreading 
out or blurring of a spectral line caused by 
DOPPLER EFFECT, in turn resulting from motion 
of molecules, atoms, or other particles in the 
medium. 

Doppler cabinet A loudspeaker enclosure with 
which a vibrato effect is achieved by rotating or 
reciprocating either the loudspeaker or a baffle 
board; the length of the sound path is altered 
cyclically. 

Doppler effect A change in the frequency of a wave 
that occurs when the source and observer are in 
relative motion. The frequency of the wave in- 
creases (the wavelength shortens) as the source 
and observer approach each other; the frequency 
decreases (the wavelength becomes greater) as 
the source and observer recede from each other. 
This effect is often observed with sound waves, as 
when the pitch of an automobile horn seems to 
rise as the car approaches and to fall as the car 
passes. The effect is also observable in electro- 
magnetic radiation at all wavelengths. It affects 
satellite communication and space communica- 
tion. 
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Doppler enclosure See DOPPLER CABINET. 

Doppler radar A radar that uses the change in car- 
rier frequency of the signal returned by a moving 
target (approaching or receding) to measure its 
velocity. Used by law enforcement officers to de- 
termine the speed of moving vehicles. Also used 
by meteorologists to evaluate air circulation pat- 
terns in thunderstorms, and to determine wind 
speeds in hurricanes and tornadoes. 

Doppler ranging See DORAN. 

Doppler shift The extent to which the frequency or 
wavelength of a signal changes because of 
DOPPLER EFFECT. Can be measured in Hertz 
(for frequency) or in meters (for wavelength). In 
astronomy, the shift is also measured as dis- 
placement of absorption or emission lines in an 
infrared, visible, or ultraviolet spectrum. 

Doppler’s principle See DOPPLER EFFECT. 

doran A_ continuous-wave  trajectory-measuring 
system utilizing Doppler shift (see DOPPLER EF- 
FECT). The name is a contraction of doppler rang- 
ing. 

dorsal column stimulator Abbreviation, DCS. A 
machine that generates radio-frequency energy 
that is applied to human tissues for the tempo- 
rary relief of pain. 

dosage meter See DOSIMETER. 

dose The total quantity of radiation received upon 
exposure to nuclear radiation or X-rays. 

dosimeter An instrument for measuring the 
amount of exposure to nuclear radiation or 
X-rays. 

dot 1. The shorter of the two characters (dot and 
dash) of the telegraph code. The dot, a short 
sound, mark, or perforation, is one-third the 
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length (duration) of a dash. Compare DASH. 2. 
One of the small spots of red, green, or blue phos- 
phor on the screen of a color-television picture 
tube or cathode-ray-tube (CRT) computer dis- 
play. 3. A small spot of material alloyed with a 
semiconductor to form an alloy junction. 4. The 
junction of two lines on a schematic diagram, 
representing a wired connection; also called 
solder dot. 

dot AND Externally connected circuits or functions 
whose combined outputs result in an AND func- 
tion. Compare DOT OR. 

dot-and-dash telegraphy Telegraphy (wire or ra- 
dio) by means of dot and dash characters. 

dot cycle One period of an alternation between two 
signaling conditions, each of which is of unit du- 
ration (e.g., a unit mark followed by a unit space). 

dot encapsulation A method of packaging cylin- 
drical components by pressing them into the 
holes of perforated disks; interconnections are 
made, to complete a circuit, on each face of the 
disks. 

dot generator A special radio-frequency (RF) sig- 
nal generator used to produce a pattern of red, 
green, and blue dots on the screen of a color tele- 
vision receiver. 

dot matrix A rectangular array of spaces, some of 
which are filled in to form alphanumeric and 
punctuation characters. 
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dot-matrix display A display that shows charac- 
ters in dot-matrix form. 

dot-matrix printer A computer output peripheral 
that prints characters and images on paper as a 
fine grid of dots. A print head, containing several 
pins, presses the ribbon against the paper as it 
moves laterally across each line. Can be used to 
print text and/or graphics. 

dot movement pattern The movement of the red, 
green, and blue dots on the screen of a color tele- 
vision picture tube as the red, green, and blue 
magnets and the lateral magnet are adjusted for 
convergence of the dots at the center. The blue 
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dots move horizontally or vertically; the red and 
green dots, diagonally. 

dot OR Externally connected circuits or functions 
whose combined outputs result in an OR func- 
tion. Compare DOT AND. 

dot pattern In color television testing with a dot 
generator, dots of color (a red group, green group, 
and blue group) produced on the screen. With 
overall beam convergence, the three groups blend 
to produce white. 

dot-sequential system The color television system 
in which the image is reproduced by means of pri- 
mary-color dots (red, green, blue) sequentially ac- 
tivated on the screen of the picture tube. 
Compare FIELD-SEQUENTIAL SYSTEM and 
LINE-SEQUENTIAL SYSTEM. 

double-amplitude-modulation multiplier A mod- 
ulating system in which a carrier is amplitude- 
modulated first by one signal and then by a sec- 
ond signal. The resulting signal is fed to a 
detector, the output of which contains the prod- 
uct of the two modulating signals. 

double-anode diode A semiconductor diode hav- 
ing two anodes and a common cathode. 

double armature An armature (such as that of a 
dynamotor or a two-voltage generator) that has 
two separate windings on a single core, and has 
two separate commutators. 

double-balanced mixer See BALANCED MIXER. 

double-balanced modulator See BALANCED 
MODULATOR. 

double-base diode See UNIJUNCTION TRANSIS- 
TOR. 

double-base junction transistor A junction tran- 
sistor having the usual emitter, base, and collec- 
tor electrodes, plus two base connections, one on 
either side of the base region. The additional base 
connection acts as a fourth electrode to which a 
control voltage is applied. Also called tetrode tran- 
sistor. 

double-beam CRT See DUAL-BEAM OSCILLO- 
SCOPE. 

double-beam oscilloscope See DUAL-BEAM OS- 
CILLOSCOPE. 

double-bounce calibration In radar operations, a 
calibration technique for determining zero-beat 
error. Round-trip echoes are observed, the cor- 
rect range being the difference between the two 
echoes. 

double-bounce signal A signal that is received af- 
ter having been reflected twice. 

double-break contacts The member of a set of 
contacts that is normally closed on two others. 
Compare DOUBLE-MAKE CONTACTS. 

double-break switch A switch that opens a previ- 
ously closed circuit at two points simultaneously 
on closing. Compare DOUBLE-MAKE SWITCH. 

double bridge See KELVIN DOUBLE BRIDGE. 

double buffering In the input/output operation of 
a computer peripheral, the use of two memory ar- 
eas for temporary storage. 
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double-button microphone A carbon microphone 
having two buttons mounted on each side of the 
center of a stretched diaphragm, and connected 
in push-pull. Also see BUTTON MICROPHONE. 

double-channel duplex Two-way communication 
over two independent channels. One station 
transmits on one channel, and the other station 
transmits on the other channel. The result is con- 
versation-mode communications, in which one 
operator can interrupt the other at any time; both 
receivers are always operational. 

double-channel simplex A system of communica- 
tion in which two channels are used. One station 
transmits on one channel, and the other station 
transmits on the other channel. Interruption is 
not possible because whenever either operator 
transmits, the station receiver is muted. 

double-checkerboard pattern In a magnetic core 
memory, the maximum noise that appears when 
half of the half-selected cores are in the one state 
and the others are in the zero state. Also called 
worst-case noise pattern. 

double circuit tuning A circuit whose output and 
input are tuned separately. Such tuning provides 
increased selectivity when the input and output 
are resonant at the same frequency, and decreased 
selectivity when they are tuned to different fre- 
quencies. Also see DOUBLE-TUNED AMPLIFIER. 

double clocking A phenomenon that occurs in 
some digital circuits when the input pulse is 
nonuniform, and appears as two pulses to the de- 
vice. The device is thus actuated at twice the de- 
sired frequency. 

double-coil direction finder A radio direction 
finder (RDF) using an antenna that consists of 
two identical, perpendicular coils. The directivity 
of the antenna is the resultant of the directivity of 
the individual coils. 

double conversion 1. Two complete frequency 
conversions in a superheterodyne system. For ex- 
ample, the incoming signal might be converted to 
a 9-MHz first intermediate frequency (first IF); at 
a later stage, this signal might be converted to a 
455-kHz second IF. The high first IF widely sepa- 
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rates the signal from the image; the low second IF 
allows superior selectivity to be achieved at a rea- 
sonable cost. Also called dual conversion. 2. Per- 
taining to a superheterodyne receiver with two 
intermediate frequencies. 

double-conversion receiver Also called double- 
conversion superheterodyne. A superheterodyne 
receiver using DOUBLE CONVERSION to achieve 
optimum selectivity and image rejection. 

double-current generator 1. A dynamo-type gener- 
ator supplying both alternating current (ac) and di- 
rect current (dc) from one armature winding. 2. A 
rotary converter operating on dc and delivering ac. 

double-diamond antenna A broadband antenna 
consisting of two rhomboid plates, one attached 
to each side of the feeder. 

double-diffused epitaxial mesa transistor A tran- 
sistor in which a thin mesa crystal is overlaid on 
another mesa crystal. Also called epitaxial-growth 
mesa transistor. 

double-diffused transistor See 
EMITTER-AND-BASE TRANSISTOR. 

double diode See DUODIODE. 

double-diode limiter A limiter in which two diodes 
are connected back to back in parallel, to limit 
both peaks of an alternating-current (ac) signal. 

double-doped transistor See GROWN-JUNCTION 
TRANSISTOR. 

double edit In audio tape recording, to make two 
changes in a given span of the tape. For example, 
a producer might dislike the wording of a certain 
sentence, and re-record the sentence. Then, 
changing his or her mind, the producer might 
record the original sentence back over the re- 
recorded sentence. These changes increase the 
risk of audible irregularities appearing in the final 
recording. 

double emitter follower 
NECTION. 

double-ended amplifier See PUSH-PULL AMPLI- 
FIER and DOUBLE-ENDED CIRCUIT. 

double-ended circuit A symmetrical circuit (i.e., 
one having identical halves, each operating on a 
half-cycle of the input signal). Example: a push- 
pull amplifier. 

double-extended Zepp antenna A _ horizontal, 
collinear, center-fed antenna, in which each sec- 
tion measures 0.65 wavelength. This antenna 
gives increased gain over that of the Zepp and 
double Zepp (see DOUBLE ZEPP ANTENNA). 
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double-hump resonance curve A resonant re- 
sponse that is flattened by double tuning; it 
exhibits two resonance peaks. Also see DOUBLE- 
TUNED AMPLIFIER. 

double-hump wave See DOUBLE-PULSE WAVE. 

double image Two overlapping television pictures, 
one usually fainter than the other. Caused by the 
signal arriving over two different paths (one pos- 
sibly attributable to reflection of the wave) and, 
hence, at different instants in time. The fainter 
image is called a GHOST. 

double insulation The use of two layers of insula- 
tion on a conductor, made of different materials. 

double ionization Jlonization resulting from an 
electron colliding with an ion. In a gas, for exam- 
ple, a neutral atom might collide with an electron, 
which can knock an electron out of the atom. The 
atom then becomes a positive ion; it might in turn 
be bombarded by an electron, releasing still an- 
other electron. 

double-junction photosensitive semiconductor 
See PHOTOTRANSISTOR. 

double layer See HELMHOLTZ DOUBLE LAYER. 

double local oscillator A mixer system in which a 
local oscillator generates two accurate radio- 
frequency (RF) signals separated by a few hun- 
dred hertz. The difference frequency is used as a 
reference in some applications. 

double-make contacts A set of normally open con- 
tacts of which one closes against two others 
simultaneously. Compare DOUBLE-BREAK 
CONTACTS. 

double-make switch A switch that closes a previ- 
ously open circuit at two points simultaneously. 
Compare DOUBLE-BREAK SWITCH. 

double moding In microwave operations, the 
abrupt changing of frequency at irregular inter- 
vals. 

double modulation Using a modulated carrier to 
modulate another carrier of a different frequency. 

double-play tape A thin magnetic recording tape 
that has approximately twice the playing time of 
the usual tape. Although the playing time is 
longer, double-play tape is more subject to jam- 
ming and stretching than standard-thickness 
recording tape. 

double-pole Having two poles or switchable cir- 
cuits (e.g., a double-pole switch). 

double-pole, double-throw switch or relay Ab- 
breviation, DPDT. A switch or relay having two 
contacts that can be closed simultaneously in 
one of two directions, to close or open two cir- 
cuits. 

double precision The use of two computer words 
to represent a single number to gain precision. 

double-pole, single-throw switch or relay Abbre- 
viation, DPST. A switch or relay having two con- 
tacts that can be closed in only one direction, to 
simultaneously close or open two circuits. 

double precision hardware Within a computer, 
arithmetic units permitting the use of double- 


precision operands, sometimes also accommo- 
dating floating-point arithmetic. 

double-precision number In digital computer op- 
erations, a number represented by two words for 
greater precision. 

double pulse reading Pertaining to a magnetic 
core in a computer memory, recording bits as two 
states held simultaneously by one core having 
two areas that can be magnetized with alternate 
polarities. For example, positive-negative could 
represent zero, and negative-positive could repre- 
sent one. 

double-pulse wave An alternating-current (ac) 
wave having two successive positive peaks fol- 
lowed by two successive negative peaks within 
each cycle. The output voltage of a varistor bridge 
has such a waveshape for an ac input. 

double-pulsing station A loran station that trans- 
mits at two pulse rates upon receiving two pairs 
of pulses. 

double pumping A method of obtaining increased 
peak output power from a laser by pumping it for 
a comparatively long interval and then immedi- 
ately pumping it for a short interval. 

doubler 1. A circuit or device for multiplying a fre- 
quency by two (see FREQUENCY DOUBLER). 2. 
A circuit or device for multiplying a voltage by two 
(see VOLTAGE DOUBLER). 

double probe A test probe that multiplies an ap- 
plied signal voltage by two, so it can be handled 
more effectively by the instrument with which the 
probe is used. 

double punching In perforating a punched card, 
putting two holes in one column; it is an error if it 
occurs in a field of a card that is part of a record. 

double rail A form of logic system in which two 
lines are used, with three possible states. The 
output can be high, low, or undecided. 

double response 1. Two-point response, as that 
associated with tuning a receiver to a signal and 
then to its image. 2. See DOUBLE-HUMP RESO- 
NANCE CURVE. 

double screen A cathode-ray tube having a two- 
layer screen on which there is an additional, 
long-persistence coating of a different color. 

double shield Two independent electromagnetic 
shields for a circuit enclosure or cable. The 
shielding structures are concentric, and can be 
connected together at a single point (the common 
point). 

double sideband Abbreviation, DSB. In a modu- 
lated signal, the presence of both sidebands. 

double-sideband suppressed carrier Abbreviation, 
DSSC. A transmission technique in which both 
sideband products of modulation are transmitted 
and the carrier is suppressed. Compare LOWER 
SIDEBAND, SUPPRESSED CARRIER, UPPER 
SIDEBAND, and SUPPRESSED CARRIER. 

double-sideband system A modulation or demod- 
ulation system utilizing both sidebands, with or 
without the carrier. 
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double-sideband transmitter A modulated trans- 
mitter using a double-sideband system. 

double signal In reception, the property of having 
a signal on either side of the carrier frequency, as 
in a direct-conversion receiver. The two signals 
represent the sum and difference of the local os- 
cillator signal and the actual received signal. 
Because the two signals convey identical 
information, the phenomenon is wasteful of re- 
ceived spectrum, and degrading to receiver selec- 
tivity and sensitivity. 

double-signal receiver A receiver, such as a di- 
rect-conversion type, in which the signals occur 
in replicated form on either side of the local oscil- 
lator signal. Compare SINGLE SIGNAL. 

double-spot tuning Ina superheterodyne receiver, 
tuning in the same signal at two different places 
on the dial, a condition caused by image re- 
sponse. 

double squirrel-cage induction motor A _ poly- 
phase induction motor having a double squirrel- 
cage rotor. The rotor slots contain two bars, an 
upper bar having low reactance (being near the 
air gap) and high resistance, and a lower bar hav- 
ing high reactance and low resistance. This motor 
has low starting current, high starting torque, 
and a full-load slip of less than 5%. 

double-stream amplifier A traveling-wave tube in 
which microwave amplification results from the 
interaction of two electron beams of different av- 
erage velocity. 

double-stub tuner Two stubs (see STUB) con- 
nected in parallel with a transmission line and 
usually spaced 0.375 wavelength (135 electrical 
degrees) apart; it is used as an impedance 
matcher. 

double superheterodyne See DOUBLE-CONVER- 
SION SUPERHETERODYNE. 

double superheterodyne reception See DOUBLE- 
CONVERSION SUPERHETERODYNE. 

double-surface transistor See COAXIAL TRAN- 
SISTOR. 


doublet See DIPOLE ANTENNA. 

double-throw Operating in opposite directions as 
selected (e.g., a double-throw relay or switch). 

double-throw circuit breaker A circuit breaker that 
closes in both its pull-in and dropout positions. 

double-throw switch or relay A switch or relay 
having two ganged poles. 

double-trace recorder See DOUBLE-TRACK RE- 
CORDER, 2. 

double tracing Displaying two signals simultane- 
ously on the screen of an oscilloscope through 
the use of an electronic switch. 

double-track recorder 1. A tape recorder whose 
head is positioned so that separate recordings 
can be made as two tracks on the tape. 2. A 
graphic recorder that produces two separate par- 
allel tracings. 

doublet trigger A two-pulse, constant-spaced trig- 
ger signal used for coding. 

double-tuned amplifier An amplifier whose input 
and output circuits are both tuned. 

double-tuned circuit A circuit, such as an ampli- 
fier or filter, using separate input and output tun- 
ing. Also see DOUBLE CIRCUIT TUNING and 
DOUBLE-TUNED AMPLIFIER. 


‘@ 


L2 Cl C2 


Input Li L4 Output 


Input tuning: L2 and Cl Output tuning: L3 and C2 


double-tuned circuit 


double-tuned detector A form of frequency- 
modulation (FM) discriminator with two resonant 
circuits. One is tuned slightly higher than the 
channel center frequency, and the other is tuned 
an equal amount below the center. 

double-vee antenna A broadband, modified dipole 
antenna resembling two vees in line. Also see 
VEE ANTENNA. 

double-winding generator A dynamo-type genera- 
tor having separate armature windings for sup- 
plying two voltages, either of which can be direct 
(de voltage) or alternating (ac voltage). 

double-wye rectifier A heavy-load circuit using six 
rectifier diodes, each conducting for 120 degrees 
of the cycle. An interphase winding is used. The 
circuit is equivalent to two three-phase, half-wave 
rectifiers connected in parallel. 

double-Y rectifier See DOUBLE-WYE RECTIFIER. 

double Zepp antenna A_ usually horizontal, 
straight, center-fed, full-wavelength antenna. 
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Also called two half waves in phase. Its name was 
derived because it is, in fact, two Zepp antennas 
forming a collinear array. 

doubling 1. Producing the second harmonic of a 
signal. 2. In communication, unintentional si- 
multaneous transmission by both operators, re- 
sulting in missed information. 3. In a speaker, 
distortion resulting in large amounts of second- 
harmonic output. 


doubly balanced modulator See BALANCED 
MODULATOR. 
doughnut capacitor See DONUT CAPACITOR. 


doughnut coil See TOROIDAL COIL. 

doughnut crystal See DONUT CRYSTAL. 

doughnut magnet See RING MAGNET. 

down convert In superheterodyne conversion, to 
heterodyne a signal to an intermediate frequency 
lower than the signal frequency. Compare UP 
CONVERT. 

down lead See LEAD-IN. 

downlink The signal sent down from an active 
communications satellite to the earth, usually on 
a different frequency than the signal sent up. See 
UPLINK. 

downlink beamwidth The angle subtended be- 
tween the half-power points of the downlink sig- 
nal from an active communications satellite. 

downlink frequency The frequency of the down- 
link signal from an active communications satel- 
lite. Usually, the downlink signals occupy a 
certain band of frequencies, anywhere from sev- 
eral kilohertz to several megahertz wide. 

downlink power 1. The output power of the down- 
link transmitter in an active communications 
satellite. 2. The effective radiated power (ERP) of 
the downlink signal from an active communica- 
tions satellite. 

down time A period of time during which elec- 
tronic equipment is completely inoperative (for 
any reason). 

downturn A usually sudden dip in a performance 
curve. Compare UPTURN. 

downward modulation Modulation in which the 
average carrier component decreases during 
modulation. Example: amplitude modulation of a 
transmitter in which the antenna current de- 
creases during modulation. Compare UPWARD 
MODULATION. 

DP Abbreviation of DATA PROCESSING. 

DPDT Abbreviation of double-pole, double-throw 
(switch or relay). 

DPM 1. Abbreviation of digital power meter. 2. Ab- 
breviation of DIGITAL PANEL METER. 3. Abbrevi- 
ation of disintegrations per minute. 

DPS Abbreviaton of disintegrations per second. 

DPST Abbreviation of double-pole, single-throw 
(switch or relay). 

dr Abbreviation of dram. 

drag 1. A retarding force, caused by friction, acting 
on a moving body in contact with another moving 
or stationary body or medium. 2. A retarding 
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force introduced by an applied magnetic or elec- 
tric field. 

drag angle In disk recording, an angle of less than 
90° between the stylus and the disk. The acute 
angle causes the stylus to drag instead of digging 
in. 

drag cup Acup of nonmagnetic metal (usually cop- 
per or aluminum) that, when rotated in a mag- 
netic field, acquires a voltage proportional to the 
speed of rotation. The device is often used as a 
brake. 

drag-cup motor A servomotor whose shaft has a 
copper or aluminum drag cup that rotates in the 
field of a two-phase stator. Eddy currents set up 
in the cup by the field winding produce torque; 
braking action, direction control, and speed con- 
trol are obtainable by means of associated elec- 
tronics. 

drag magnet In a motor-type meter, a braking 
magnet (i.e., one used to reduce speed through 
eddy-current effects). Also called retarding mag- 
net. 

drain 1. The current or power drawn from a signal 
or power source. 2. A load that absorbs current 
or power. 3. The electrode in a field-effect transis- 
tor (FET) from which the output is usually taken; 
equivalent to the collector of a bipolar transistor. 

drainage equipment Devices and systems for pro- 
tecting circuits against transients generated by 
circuit breakers and similar safety devices. 

drain-coupled multivibrator An oscillator that 
uses two field-effect transistors (FETs) in the cir- 
cuit equivalent of a collector-coupled bipolar- 
transistor multivibrator. The drain of one stage is 
capacitance-coupled to the gate of the other 


stage. 
R4 
RI +de 
Cl C2 C3 
Out 
Ql Q2 


R2 R3 


drain-coupled multivibrator 


D-region A low region of the ionosphere beneath 
the E-region, whose ionization varies with the in- 
clination of the sun. The greatest ionization is at 
midday; the layer disappears at night. 

dress The (usually experimental) arrangement of 
leads for optimum circuit operation (minimum 
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capacitance, best suppression of oscillation, min- 
imum pickup, etc.). 

dressed contact A contact having a permanently 
attached locking spring member. 

drift 1. Within a conductor or semiconductor, the 
controlled, directed movement of charge carriers 
resulting from an applied electric field. 2. A usu- 
ally gradual and undesirable change in a quan- 
tity, such as current, as a result of a disturbing 
factor, such as temperature or age. 

drift current In a semiconductor, the current re- 
sulting from a flow of charge carriers in the pres- 
ence of an electric field. The charge carriers are 
electrons in n-type material and holes in p-type 
material. 

drift field The inherent internal electric field of a 
DRIFT-FIELD TRANSISTOR. 

drift-field transistor An alloy-junction, bipolar, 
radio-frequency (RF) transistor for which the im- 
purity concentration is graded from high on the 
emitter side of the base wafer to low on the col- 
lector side. This creates an internal drift field that 
accelerates current carriers and raises the upper 
frequency limit of the transistor. 

drift-matched components Active or passive 
components that have been closely matched in 
terms of the drift of one or more parameters, with 
respect to time, temperature, etc. 

drift mobility For current carriers in a semicon- 
ductor, the average drift velocity per unit electric 
field. 

drift space 1. In a vacuum tube, a space that is 
nearly free of alternating-current (ac) fields from 
the outside, and in which the repositioning of 
electrons is governed by the space-charge forces 
and the velocity distribution of the electrons. 2. 
In a Klystron, the space between buncher and 
catcher cavities in which there is no field. 

drift speed The average velocity of charge carriers 
moving through a medium. 

drift transistor See DRIFT-FIELD TRANSISTOR. 

drift velocity The net velocity of a charged particle 
(electron, hole, or ion) in the direction of the field 
applied to the conducting medium. 

drift voltage The usually gradual change in volt- 
age resulting from such causes as internal heat- 
ing. Also called voltage drift. 

drip loop In a transmission line for an antenna or 
power service, a loop near the point of entry to the 
building for the purpose of allowing condensation 
or rain water to drip off. 

drip-proof motor A motor with ventilating aper- 
tures arranged so that moisture and particles 
cannot enter the machine. 

drip-tight enclosure A housing designed to pre- 
vent entry of rain, snow, and dust; it also pre- 
vents accidental contact with the enclosed 
apparatus or machinery. 

drive 1. To excite (i.e., to supply with input-signal 
current, power, or voltage) (see DRIVING CUR- 
RENT, DRIVING POWER, and DRIVING VOLT- 
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AGE). 2. Input-signal excitation (see DRIVING 
CURRENT, DRIVING POWER, and DRIVING 
VOLTAGE). 3. A device that moves a recording 
medium (e.g., tape drive and diskette drive). 4. 
The transmission of mechanical energy from one 
place to another (e.g., motor drive). 

drive array A set of two or more hard-disk drives in 
a computer system. They function together to 
minimize the possibility of data loss. Such a sys- 
tem can also increase the amount of fast-access 
data storage. 

drive belt A continuous belt used to transmit me- 
chanical energy from a driving pulley to a driven 
pulley. 

drive circuit 1. A circuit used to provide the exci- 
tation to a motor. 2. An amplifier that supplies 
drive to a more powerful amplifier. 

drive control In a television receiver, the poten- 
tiometer used to adjust the ratio of horizontal 
pulse amplitude to the level of the linear portion 
of the sawtooth scanning-current wave. 

driven element In a multielement antenna, an el- 
ement to which electromagnetic energy is fed di- 
rectly, as opposed to a PARASITIC ELEMENT, 
which is excited by a nearby radiator element. 

driven-element directive antenna A _ multiele- 
ment directional antenna whose elements are 
driven from the feed line (i.e., no element is para- 
sitic), Compare PARASITIC-ELEMENT DIREC- 
TIVE ANTENNA. 

driven multivibrator A multivibrator whose oper- 
ation or frequency is controlled by an external 
synchronizing or triggering voltage. Compare 
FREE-RUNNING MULTIVIBRATOR. 

driven single sweep A single oscilloscope sweep 
that is initiated by the signal under observation. 

drive pattern A pattern of interference in a facsim- 
ile system that is caused by improper synchro- 
nization of the recording spot. 

driven sweep An oscilloscope sweep that is initi- 
ated by the signal under observation. 

drive pin A pin used to prevent a record from slip- 
ping on the rotating turntable of a recorder or re- 
producer. It is similar to, and located near, the 
center pin of the turntable. 

drive pulse In digital computer operations, a pulse 
that magnetizes a cell in a memory bank. 

driver 1. A device that supplies a useful amount of 
signal energy to another device to ensure its 
proper operation (e.g., a current driver for a mag- 
netic-core memory, an oscillator driving a loud- 
speaker). 2. A power amplifier stage that supplies 
signal power to a higher-powered amplifier stage. 
3. In a digital computer, a stage that increases 
the output current or power of another stage 
(e.g., a clock driver). 4. The cone and magnet of a 
dynamic speaker. 

driver element In a multielement directive an- 
tenna, the element excited directly by the feeder, 
the other elements (directors and reflectors) being 
parasitic. 
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driver impedance 1. The output impedance of a 
driver stage. 2. The impedance “seen” from the 
driven stage of an amplifier, through the driver 
transformer, to the driver stage. It is the vector 
sum of driver reactance and resistance. 

driver inductance In an amplifier’s driver trans- 
former, the inductance, as “seen” looking through 
the transformer from the driven stage into the 
driver stage. 

driver resistance In an amplifier’s driver trans- 
former, the resistance “seen” looking through the 
transformer from the driven stage into the driver 
stage. 

driver stage An amplifier stage whose chief pur- 
pose is to supply excitation (input-signal current, 
power, or voltage) to the next stage. Also see 
DRIVER. 

driver transformer The transformer that couples a 
driver stage to a driven stage. Example: the inter- 
stage transformer inserted between the collector 
of a single-ended driver transistor and the two 
bases of a push-pull power-output stage in an 
audio amplifier. 

driving current In a power amplifier, the input 
signal current required to produce a given 
amount of output power. 

driving-point admittance The 
DRIVING-POINT IMPEDANCE. 

driving-point impedance The input impedance of 
a network. 

driving power In a power amplifier, the input sig- 
nal power required to produce a given amount of 
output power. 

drive wire The wire forming the coil around the 
toroidal cell in a magnetic core memory; supplies 
pulses that magnetize the cell. 

driving-range potential In cathodic protection, 
the difference of potential between the anode and 
(protected) cathode. 

driving signal 1. Drive (see DRIVE, 2). 2. In televi- 
sion, time-scanning signals (line-frequency pulses 
and field-frequency pulses) at the pickup location. 

driving spring In a stepping relay, the spring that 
moves the wiper blades. 

driving voltage Ina power amplifier, the input sig- 
nal voltage required to produce a given amount of 
output power. 

DRO Abbreviation of DIGITAL READOUT. 

drone A pilotless radio-controlled aircraft without 
a human pilot. 

drone cone An undriven loudspeaker cone that is 
mounted in a bass-reflex enclosure with other 
speakers. Also called PASSIVE RADIATOR. 

droop 1. A dip in the graph of a function. 2. Ina 
pulse train, the decrease in mean amplitude (in 
percent of maximum amplitude) at a given in- 
stant after attainment of maximum amplitude. 

drooping radials [In a ground-plane antenna, radi- 
als that slope downward to provide a transmis- 
sion-line impedance match. The slope angle 


reciprocal of 
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Radiator 







Radials 


Approx. 135° (grounded) 


drooping radials 


depends on the characteristic impedance of the 
line; typically, the angle is between 45 degrees 
and 70 degrees, relative to horizontal. 

drop 1. In wire communications, the line connect- 
ing a telephone cable to a subscriber’s building. 
2. See VOLTAGE DROP. 

drop bar A device that automatically grounds or 
short-circuits a capacitor when the door of a pro- 
tective enclosure is opened. 

drop cable See DISTRIBUTING CABLE, 1. 

drop channel In a communications system utiliz- 
ing several channels, a channel that is not used. 

drop-in The unintentional creation of bits when a 
magnetic storage device is being read from or 
written into. Compare DROP-OUT, 4. 

drop indicator In a signaling system, such as an 
annunciator, a hinged flap that drops into view 
when the signaling device is actuated. 

drop-out 1. The opening of a relay or circuit 
breaker. 2. In digital computer operations, varia- 
tion in signal level of the reproduced tape- 
recorded data. Such variation can result in errors 
in data reproduction. 3. In the production of 
monolithic circuits, a special image placed at a 
desired point on the photomask. 4. Digit loss 
during a read or write operation involving a mag- 
netic storage device. 

dropout current See DROPOUT VALUE. 

dropout power See DROPOUT VALUE. 

dropout value The level of current, power, or volt- 
age at which a device, such as a circuit breaker or 
relay, is released. 

dropout voltage See DROPOUT VALUE. 

dropping resistor A series resistor providing a 
voltage reduction equal to the voltage drop across 
itself. For example, a 1000-ohm resistor in series 
with a 45-V battery, and carrying a current of 10 
mA, will provide a voltage reduction equal to 10 V 
(IR = 0.01 x 1000 = 10 V), thus dropping the 45 V 
to 35 V. 

drop relay In a telephone system, a relay that is 
activated by the ringing signal. The relay is used 
to switch on a buzzer, light, or other device. 

drop repeater A repeater intended for a termina- 
tion of a communications circuit in a telephone 
system. 

dropsonde A _parachute-supported 
dropped from a high-flying aircraft. 


radiosonde 
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drop-tracks The tracks of radioactive particles made 
visible by moisture in an ionization chamber. 

drop wire A wire that runs from a building to a 
pole (for line extension) or to a cable terminal (for 
cable extension). 

drum 1. A rotating cylinder coated with a magnetic 
material on which digital information can be 
recorded in the form of tiny magnetized spots. 
These spots are read as the drum rotates under 
pickup heads, or erased when the stored infor- 
mation is no longer needed. 2. In some graphic 
recorders, facsimile receivers, etc., a rotating 
cylinder carrying the recording sheet. 

drum capacitor See CONCENTRIC CAPACITOR. 

drum controller The device that regulates the re- 
cording process on a drum memory. 

drum mark Ona track of a magnetic drum, a char- 
acter that signifies the end of a character group. 

drum memory In digital computers, a memory 
based on a magnetic drum (see DRUM, 1). They 
have been largely replaced in recent years by elec- 
tronic random-access memory, in the form of in- 
tegrated circuits (ICs) and/or PCMCIA standard 
adapter cards. 

drum parity The degree of accuracy in a drum 
recording/reproducing system. 

drum programmer A device for sequencing opera- 
tions. Its heart is a rotating drum, around whose 
surface contacts or points can be placed to actu- 
ate or terminate operations at selected times. 

drum receiver A facsimile receiver using recording 
paper or photographic film wound around a re- 
volving drum. 

drum recorder A graphic recorder in which the 
record sheet is wound around a rotating drum. 
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drum resistor A resistor consisting of a hollow 
cylinder of resistive material. Such a resistor can 
be cooled by circulating air or liquid through the 
cylinder. 

drum speed The speed, usually measured in revo- 
lutions per minute (rpm), of the rotating drum in 
a graphic recorder, facsimile transmitter, or fac- 
simile receiver. 

drum storage The storage of data as magnetic 
impulses on a cylindrical, or drum-shaped, 
medium. Largely supplanted in recent years by 
magnetic disks, optical disks, and magnetic 
tapes. 

drum switch A sequential switch whose contacts 
are pins or teeth placed at points around the out- 
side of a revolving drum. 

drum transmitter A facsimile transmitter in which 
the sheet bearing the material to be transmitted 
is wound around a revolving drum. 

drum-type controller A motor-driven drum switch 
arranged to time various operations through se- 
quential switching. 

drum varistor A varistor that is a hollow cylinder 
of nonlinear resistance material. This varistor 
can be cooled by circulating air or liquid through 
it. 

drum winding In a motor or generator, an arma- 
ture whose conductors are on the outer face of 
the core, the two branches of a turn lying under 
adjacent poles of opposite polarity. 

drunkometer An instrument for testing the extent 
of alcoholic intoxication. It electronically mea- 
sures blood alcohol content through analysis of 
the subject’s breath. 

dry In an electric cell, a term used to describe an 
electrolyte that is semiliquid or solid. 

dry battery A battery of dry cells. 

dry cell 1. A Leclanche primary cell in which the 
positive electrode is carbon, the negative elec- 
trode is zinc, and the electrolyte is a gel of ammo- 
nium chloride and additives. Also see CELL and 
PRIMARY CELL. 2. A cell whose electrolyte is a 
gel or paste. 

dry circuit A circuit in which the maximum volt- 
age is 50 mV and the maximum current 200 mA. 

dry-contact rectifier See DRY-DISK RECTIFIER. 

dry contacts Contacts that neither make nor 
break a circuit. 

dry-disk rectifier A solid-state rectifier, such as a 
copper-oxide, magnesium-copper-sulfide, or sele- 
nium type, that consists of a metal disk coated 
with a semiconductor material. The name was 
originally used to distinguish this rectifier from 
the wet electrolytic rectifier. 

dry electrolytic capacitor An electrolytic capaci- 
tor whose electrolyte is a paste or solid. Compare 
WET ELECTROLYTIC CAPACITOR. 

dry flashover voltage The breakdown voltage be- 
tween electrodes in dry air when all insulation is 
clean and dry. 
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dry pile A voltaic pile containing numerous disks 
silvered or tinned on one face and covered with 
manganese dioxide on the other. 

dry reed A metal contact, generally used as a relay 
or switch, that moves toward or away from an- 
other fixed contact under the influence of a mag- 
netic field. 

dry-reed relay See DRY-REED SWITCH. 

dry-reed switch A switch consisting of two thin, 
metallic strips (reeds) hermetically sealed in a 
glass tube. The tube is surrounded by a coil of 
wire. When a current flows in the coil, a magnetic 
field affects the reeds. In the normally open dry- 
reed switch, the magnetic field causes the reeds 
to come together and close the circuit. In the nor- 
mally closed dry-reed switch, the magnetic field 
causes the reeds to separate, opening the circuit. 
Compare MERCURY-WETTED REED RELAY. 

dry run 1. The preliminary operation of equipment 
for testing and appraisal. Such a procedure pre- 
cedes putting the equipment into regular service. 
2. A step-by-step, paper-and-pencil “run” of a 
computer program before it is machine-imple- 
mented. 

dry shelf life The life of a battery cell stored with- 
out its electrolyte. 

dry-transfer process A method of transferring 
printed-circuit patterns and panel labels from 
sheets by rubbing them onto the substrate or 
panel. 

dry-type forced-air-cooled transformer A DRY- 
TYPE TRANSFORMER that is cooled by convec- 
tion of air circulated by a blower or fan. This 
increases the amount of power that the trans- 
former can safely handle. 

dry-type self-cooled transformer A DRY-TYPE 
TRANSFORMER that is cooled by natural air cir- 
culation (convection), without the use of a blower 
or fan. 

dry-type transformer A transformer that, rather 
than being immersed in oil, is cooled entirely by 
the circulation of air. 

DSB Abbreviation of DOUBLE SIDEBAND. 

DSBSC Abbreviation of DOUBLE-SIDEBAND SUP- 
PRESSED CARRIER. Also abbreviated DSSC. 

dsc Abbreviation of double silk covered (wire). 

Dscope A radar whose display resembles that of a 
C scope, the difference being that blip height 
gives an approximation of the distance. 

D service A Federal Aviation Agency service pro- 
viding radio broadcasts of weather data, notices 
to aircraft personnel, and other advisory mes- 
sages. 

D-shell connector A multi-pin connector (either 
male or female) with a characteristic shape that 
ensures proper pin placement. Commonly used 
for computer ports, and for connections of pe- 
ripherals to electronic equipment. 

dsp Abbreviation of double silver plated. 

DSR Abbreviation of DYNAMIC SPATIAL RECON- 
STRUCTOR. 
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DSS Abbreviation of direct station selection (tele- 
phone). 

DSSC Abbreviation of DOUBLE-SIDEBAND SUP- 
PRESSED CARRIER. Also abbreviated DSBSC. 

DT Abbreviation of DATA TRANSMISSION. 

DTA Abbreviation of differential thermoanalysis. 

DT-cut crystal A piezoelectric plate cut from a quartz 
crystal at an angle of rotation about the z-axis of 
—53 degrees. It has a zero temperature coefficient of 
frequency at approximately 30 degrees Celsius. 
Also see CRYSTAL AXES and CRYSTAL CUTS. 

DTL Abbreviation of DIODE-TRANSISTOR LOGIC. 

DTn Abbreviation of DOUBLE TINNED. 

DTS 1. Abbreviation of DATA-TRANSMISSION SYS- 
TEM. 2. Abbreviation of digital telemetry system. 

DU Abbreviation of DUTY CYCLE. 

dual 1. Pertaining to a combination of two compo- 
nents such as diodes, transistors, etc., in a single 
housing. The components are often carefully 
matched. Compare QUAD. 2. Pertaining to a de- 
vice or circuit that behaves in a manner analo- 
gous to that of another operating with component 
and parameter counterparts. Thus, a current am- 
plifier can be the dual of a voltage amplifier; 
a series-resonant circuit, the dual of a parallel- 
resonant circuit; or a field-effect transistor, the 
dual of a bipolar transistor. 

dual-beam CRT A cathode-ray tube having two 
separate electron guns, for use in a dual-beam 
oscilloscope. 

dual-beam oscilloscope Also called dual-trace os- 
cilloscope. An oscilloscope having two electron 
guns and deflection systems; it can display two 
phenomena on the screen simultaneously for 
comparison. 

dual capacitor 1. Two fixed capacitors combined 
in a single housing, sometimes sharing a com- 
mon capacitor plate. 2. A two-section, ganged 
variable capacitor. 

dual-channel amplifier An amplifier having two 
separate, independent channels (e.g., a stereo 
high-fidelity audio amplifier). 

dual-cone speaker A speaker designed for a wide 
range of audio frequencies. One cone responds to 
the bass (low) and midrange audio frequencies, 
and a smaller cone responds to the treble (high) 
audio frequencies. 
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dual diode A discrete component consisting of two 
diodes in one package. 

dual-diversity receiver A receiver or receiver sys- 
tem for DIVERSITY RECEPTION. 

dual-diversity reception See DIVERSITY RECEP- 
TION. 

dual-emitter transistor A low-level silicon pnp 
chopper transistor of the planar passivated epi- 
taxial type; it has two emitter electrodes. 

dual-frequency calibrator A secondary frequency 
standard providing two fundamental test fre- 
quencies (e.g., 100 kHz and 1 MHz). 

dual-frequency induction heater An induction 
heater whose work coils carry energy of two dif- 
ferent frequencies. The coils heat the work either 
simultaneously or successively. 

dual gate 1. A digital integrated circuit (IC) con- 
sisting of two logic gate units. 2. Pertaining to a 
field-effect transistor (FET) with two gates or gate 
electrode connections. 

dual-gate FET A field-effect transistor with two 
gate (input) electrodes. 

dual-gate MOSFET A metal-oxide-semiconductor 
field-effect transistor (MOSFET) with two gate (in- 
put) electrodes. 

dual-inline package Abbreviation, DIP. A flat, 
molded integrated-circuit (IC) package having ter- 
minal pins along both long edges. 
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duality 1. The condition of being dual (see DUAL). 
This can be an aid in the design of certain circuits 
requiring complementary parameters, e.g., cur- 
rent-operated circuit analogs of voltage-operated 
circuits. 2. See DUALITY OF NATURE. 

duality of nature 1. Any of various situations in 
which a phenomenon exhibits two distinct and 
different natures. A commonly cited example is 
the dual model of light. In some instances, visible 
light behaves like a barrage of particles, but in 
other environments it appears to be a wave effect. 
Another example is the dual model of electro- 
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static energy, behaving as point charges in some 
scenarios and as force fields in other situations. 
2. The tendency of a set of principles to be dupli- 
cated in sense by predictable analogies, as be- 
tween inductance and capacitance, electrostatics 
and magnetics, etc. 

dual local oscillator See DOUBLE LOCAL OSCIL- 
LATOR. 

dual meter A meter having two meter movements 
and scales in a single case; the arrangement per- 
mits simultaneous monitoring of two quantities. 

dual modulation The modulation of a single car- 
rier or subcarrier by two different types of modu- 
lation—each carrying different information. 

dual network A network that is the dual of another 
network having complementary parameters. For 
example, a common-emitter, current-sensitive, 
bipolar-transistor circuit is the dual of a com- 
mon-source, voltage-sensitive, field-effect-tran- 
sistor (FET) circuit. Also see DUALITY. 

dual operation In digital logic, the operation re- 
sulting from inverting all of the digits. Every 1 is 
replaced with a 0, and vice versa. 

dual-output power supply A power supply with 
two outputs. Often, one output is positive and the 
other is negative. In some cases, one output con- 
sists of alternating current (ac) and the other con- 
sists of direct current (dc). 

dual pickup In disk reproduction, a pickup having 
two styli, one for large-groove records and one for 
fine-groove records. 

dual potentiometer A ganged assembly of two po- 
tentiometers. The resistance values might or 
might not be the same. 

dual preset counter A preset counter that will set 
alternately to two different numbers. 

dual rail See DOUBLE RAIL. 

dual resistor See DUAL POTENTIOMETER and 
DUAL RHEOSTAT. 

dual rheostat A ganged assembly of two rheo- 
stats. The resistance values might or might not 
be the same. 

dual stereo amplifier 1. A two-channel audio am- 
plifier for stereophonic audio applications. 2. A 
two-channel linear integrated circuit (IC) for 
stereophonic audio applications. 

dual-system loudspeaker See 
SPEAKER. 

dualtrace In acathode-ray oscilloscope, the use of 
two separate electron beams, which can show two 
different signals simultaneously on a single 
screen. 

dual-trace recorder 
CORDER, 2. 

dual-track recorder 
CORDER. 

dual recording In digital computer operations, up- 
dating two sets of master files simultaneously. 

dual use The use of a communications system for 
two modes of data transfer at the same time. 

Duant electrometer See BINANT ELECTROMETER. 


TWO-WAY 


See DOUBLE-TRACK RE- 


See DOUBLE-TRACK RE- 
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duct 1. A narrow propagation path, sometimes 
traveled by microwaves, created by unusual at- 
mospheric conditions. 2. A pipe or channel for ca- 
bles and wires. 

dubbing The adding of sound to a recorded mag- 
netic tape, record disk, or film (e.g., replacing the 
sound track of a film in one language with that of 
another language). 

dubnium Symbol, Db. Also clalled unnilpentium 
(Unp) and hahnium (Ha). Atomic number, 105. 
The most common isotope has atomic weight 
262. Classified as a transition metal. It has a 
half-life on the order of a few seconds to a few 
tenths of a second (depending on the isotope), is 
human-made, and is not known to occur in na- 
ture. 

duct 1. A narrow propagation path, sometimes 
traveled by microwaves, created by unusual at- 
mospheric conditions. 2. A pipe or channel for ca- 
bles and wires. 3. An opening, vent, or other 
airway used for various purposes, such as cooling 
and acoustic wave transmission. 

ducted port An opening in a speaker cabinet that 
has an airway (duct) extending several inches 
into the cabinet. It improves the quality of sound 
from a speaker system by equalizing the air pres- 
sure inside and outside the cabinet. Also provides 
resonant audio effects at frequencies that depend 
on the dimensions of the duct. 

duct effect see TROPOSPHERIC DUCTING. 

ductilimeter An instrument used for measuring 
the ductility of metals. 

ducting The confinement of a radio wave to a duct 
(see DUCT, 1) between two layers of the atmo- 
sphere or between an atmospheric layer and the 
earth. 

Duddell are A carbon copper arc circuit that pro- 
duces audible continuous waves. Consists of a 
series inductance-capacitance (LC) circuit shunt- 
ing an electric arc. 

Duerdoth’s multiple feedback system In an am- 
plifier, feedback through several paths to improve 
response over that afforded by single-path feed- 
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back. In a simple application of multiple feed- 
back, a single external loop is augmented with 
unbypassed emitter resistors in the amplifier 
stages. 

Duerdoth’s stability margin A feedback-amplifier 
stability margin equal to a 6-dB increase in gain 
at low and high frequencies over beta values be- 
tween 0.3 and somewhat less than 2. For higher 
beta values, Duerdoth adopts an angular margin 
(for example, 15°); below B = 0.3, no danger of in- 
stability is present. 

dummy 1. A nonoperative model of a piece of 
equipment, usually assembled with dummy com- 
ponents (see DUMMY COMPONENT, 1) for the 
purpose of developing a layout. 2. DUMMY AN- 
TENNA, DUMMY COMPONENT, or DUMMY 
LOAD. 3. Part of a computer program that, rather 
than being useful for the problem at hand, only 
serves to satisfy some other format or logic re- 
quirement. 

dummy antenna 1. A nonradiating device that 
serves as a load for a transmitter (i.e., it takes the 
place of the regular antenna during tests and ad- 
justments of the transmitter). 2. A device 
containing a network of discrete inductive, 
capacitive, and resistive elements, inserted be- 
tween a radio-frequency signal generator and re- 
ceiver to simulate a standard antenna. 

dummy component 1. A nonoperative compo- 
nent used in developing a layout or package. 2. 
A nonoperative component fraudulently in- 
cluded in a piece of equipment (e.g., an unwired 
transistor in a receiver circuit, a common occur- 
rence during the early days of the transistor, 
when a 10-transistor radio brought more money 
than an 8-transistor radio, without regard to the 
circuit itself). 

dummy instruction In a computer, a command 
that serves no operational purpose, other than to 
fill a format requirement. 

dummy load _ 1. A load device, usually consisting of 
resistance without reactance, used to terminate a 
power generator or power amplifier during ad- 
justments and tests. The load resistance is equal 
to the output impedance of the generator or am- 
plifier. 2. See DUMMY ANTENNA. 

dummy resistor A power-type resistor used as a 
dummy load. 

dump 1. In digital-computer operations, to trans- 
fer, completely or partially, the contents of mem- 
ory into a peripheral. 2. To switch off all power to 
a computer, deliberately or accidentally, thereby 
losing what is in the volatile memory. 

dump and restart During a halt in a computer 
program run, to backtrack to the last dump point 
and use the data there to resume the run. Also 
see DUMP POINT. 

dump check In digital-computer operations, the 
checking of all digits being transferred (see 
DUMP, 1) to prevent errors when they are re- 
transferred. 
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dumping To transfer the output at various stages 
in a computer program run to an external storage 
medium, so it will be available (in case of a fail- 
ure) for the program’s resumption from a point 
other than at the beginning. 

dump point In writing a computer program, a point 
at which instructions are given to transfer data 
processed thus far to a storage medium that would 
be unaffected by a software or hardware failure. 
Also see DUMP AND RESTART and DUMPING. 

dumping resistor 1. See BLEEDER. 2. A resistor 
having the minimum resistance permissible in a 
given situation. Used to discharge a capacitor, it 
acts to provide an alternative path to a potentially 
destructive short circuit. 

duo Any pair of matched components, usually in a 
single package. 

duodecal CRT base The 12-pin base of a cathode- 
ray tube. Also see BIDECAL, DIHEPTAL, and 
MAGNAL. 

duodecal socket A 12-pin tube socket. Also see 
DUODECAL CRT BASE. 

duodecimal 1. Having 12 possibilities, states, 
choices, etc. 2. Pertaining to the DUODECIMAL 
NUMBER SYSTEM. 3. A number or numeral in 
the DUODECIMAL NUMBER SYSTEM. 

duodecimal number system A system of number- 
ing in which the radix, also called the base or 
modulus, is 12. The system uses the digits 0 
through 9, plus two other characters (usually A 
and B) to represent 10 and 11. Thus, counting 
proceeds as 0, 1,2,...,9, A,B, 10,11, 12,...,19, 
1A, 1B, 20, 21, 22, etc. At one time, some people 
seriously proposed that this system replace the 
DECIMAL NUMBER SYSTEM for general use. 

duodiode See DUAL DIODE. 

duolateral coil A multilayer, lattice-wound coil 
(see UNIVERSAL WINDING) in which the turns in 
successive layers are staggered slightly. Also 
called honeycomb coil. 

duopole A two-pole all-pass device. 

duplex 1. A mode of communication in which two 
channels are used so that either operator in a 
conversation can interrupt the other at any time. 
2. The transmission of two messages over a single 
circuit, at the same time. 

duplex artificial line In wire telephony, a balanc- 
ing network that simulates the impedance of the 
actual line and the remote terminal equipment; it 
prevents an outgoing transmission from interfer- 
ing with the local receiver. 

duplex cable A cable consisting of a twisted pair of 
insulated stranded-wire conductors. 

duplex channel A channel used for wire or radio 
DUPLEX OPERATION. 

duplex communication See DUPLEX OPERA- 
TION. 

duplex diode See DUAL DIODE. 

duplexer In radar operations, a device operated by 
the transmitted pulse to automatically switch the 
antenna from the receiver to the transmitter. 
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duplexing assembly In a radar system, a device 
that automatically makes the receiver unrespon- 
sive to the outgoing transmitted signal while al- 
lowing incoming signals to reach the receiver 
easily. Also see TRANSMIT-RECEIVE SWITCH. 

duplex computer system An installation of two 
computer systems, one standing by to take over 
in case the other fails. 

duplex operation The simultaneous operation of a 
transmitter and receiver at a single location. This 
becomes possible (without mutual interference) 
through the use of two sufficiently separated car- 
rier frequencies. 

duplex system A system composed of two identical 
equipment sets—either of which will perform the 
intended function while the other stands by. 

duplication check In digital-computer operations, 
the checking of an operation by doing it twice, us- 
ing different methods in each case, to ensure the 
accuracy of results. 

duplication house A professional person or com- 
pany who makes high-quality copies of tape 
recordings (either audio or video). Charges vary, 
depending on the type and length of the record- 
ing. 

duplicate To transfer data from one storage loca- 
tion to another. Compare DUMP, 1. 

dural See DURALUMIN. 

duralumin An alloy of aluminum, copper, magne- 
sium, manganese, and silicon. It offers strength 
with minimal weight. 

duration control A potentiometer or variable ca- 
pacitor for adjusting the duration of a pulse. 

duration time The period during which a pulse is 
sustained (i.e., the interval between turn-on and 
turn-off time). 


Duration 
time 


Amplitude 


Time 


duration time 


during cycle The interval during which a timer is 
in operation. 

durometer An instrument for measuring the hard- 
ness of a material. 

dust collector See DUST PRECIPITATOR. 

dust core A magnetic core for radio-frequency coils 
consisting of very minute particles of iron or an 
alloy, such as Permalloy. 

dust cover A removable, usually plastic cover for 
electronic and computer equipment, to protect 
hardware during periods of nonuse. 
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dust-ignition-proof motor A motor whose hous- 
ing completely prevents the entry of dust, virtu- 
ally eliminating the danger of fine dust sparking 
inside the machine. 

dust precipitator An electrostatic device for re- 
moving dust, lint, and other particles from the 
air. It consists essentially of a pair of screens or 
wires through which the air passes; a potential of 
several thousand volts is maintained between 
them. The particles acquire a charge, then stick 
to the oppositely charged screen. 

Dutch metal A copper-zinc alloy. 

duty cycle 1. The proportion or percentage of 
time during which a device, circuit, or system is 
operating or handling power. For example, when 
a radiotelegraph transmitter is keyed on and off 
to send Morse code, the duty cycle is approxi- 
mately 50 percent; with frequency-shift keying, 
the duty cycle is 100 percent. 2. The conditions 
under which an electrochemical cell or battery 
is used. In particular, the proportion or percent- 
age of time during which current is drawn from 
the cell or battery for the purpose of operating 
an electrical or electronic circuit, device, or 
system. 

duty cyclometer A direct-reading instrument for 
measuring duty cycle. 

duty factor 1. The ratio Payg/Ppr, where Payg is the 
average power in a system and P,, is the peak 
power. 2. The product of the duration and the 
repetition rate of regularly recurring pulses com- 
prising a carrier. 

duty ratio See DUTY FACTOR, 1. 

DVM Abbreviation of DIGITAL VOLTMETER. 

DVOM Abbreviation of DIGITAL VOLT-OHM- 
MILLIAMMETER. 

dwell meter An instrument that shows the period 
(or angle) during which contacts remain closed. 

dwell switching Switching action in which the 
contacts are held closed (or a circuit kept on) for 
specified periods, as opposed to MOMENTARY 
SWITCHING. 

dwell tachometer A combination dwell meter/ 
tachometer for automobile engine testing and ad- 
justment. The dwell meter allows observation and 
adjustment of the ignition point cam angle; the 
tachometer shows the motor speed in revolutions 
per minute (rpm). 

DX 1. Radiotelegraph abbreviation meaning long 
distance or foreign country. 2. A communication 
or broadcast station located far away and/or ina 
foreign country. 3. Abbreviation of DUPLEX. 

DXer An amateur radio operator who prefers to 
communicate with stations far away and/or in 
foreign countries. 

Dy Symbol for DYSPROSIUM. 

dyadic operation A binary operation (i.e., one us- 
ing two operands). 

dyn Abbreviation of DYNE. 

dyna- A prefix (combined form) meaning power 
(e.g., dynamometer and dynatron). 


dynamic acceleration Acceleration whose magni- 
tude and direction are constantly changing. 

dynamic allocation In multiprogramming, a sys- 
tem in which a monitor program assigns periph- 
erals and areas of memory to a program. 

dynamic analogy A mathematical similarity be- 
tween or among various phenomena involving the 
motion of particles. 

dynamic base current See AC BASE CURRENT. 

dynamic base resistance See AC BASE RESIS- 
TANCE. 

dynamic base voltage See AC BASE VOLTAGE. 

dynamic behavior 1. The behavior of a component, 
device, or system when signals are applied, as 
opposed to static behavior under no-signal condi- 
tions. 2. The behavior of a device or system involv- 
ing the motion of particles over a period of time. 

dynamic braking A technique for stopping a motor 
quickly using a resistor (the dynamic braking re- 
sistance) connected across the spinning arma- 
ture. The resistor dissipates the energy generated 
by the motor, producing a damping action that 
results in braking. 

dynamic characteristic The performance charac- 
teristic of a device or circuit under alternating- 
current (ac) operating conditions, as opposed to 
the static characteristic, when only direct current 
(dc) flows. 

dynamic check 1. A test made under actual oper- 
ating conditions of a device or circuit. 2. A test 
made with an alternating-current (ac) applied sig- 
nal, rather than with direct-current (dc) quanti- 
ties. 

dynamic collector current See AC COLLECTOR 
CURRENT. 

dynamic collector resistance See AC COLLEC- 
TOR RESISTANCE. 

dynamic collector voltage See AC COLLECTOR 
VOLTAGE. 

dynamic contact resistance In relay or switch 
contacts, variation in the electrical resistance of 
the closed contacts because of variations in con- 
tact pressure. 

dynamic convergence In a color picture tube, the 
meeting of the three beams at the aperture mask 
during scanning. 

dynamic current amplification Abbreviation, 
DCA. An expression of gain in a bipolar transistor. 
Specified as the ratio of the difference in collector 
current Ic to the difference in base current Ip 


DCA = dlc /dlg 


Geometrically, the dynamic current amplification 
at a given bias point is the slope of a line tangent 
to the I,-versus-Ip curve at that point. 

dynamic curve A characteristic curve that ac- 
counts for the presence of resistance in series 
with the device to which the curve applies. 

dynamic debugging Any debugging operation per- 
formed on a computer system during a normal- 
speed program run. 
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dynamic decay Decay resulting from such factors 
as ion charging in a storage tube. 

dynamic demonstrator A teaching aid consisting 
of a board displaying an electronic circuit, behind 
which is mounted the actual circuit. Various cir- 
cuit components (especially adjustable ones) are 
mounted on the front of the board, in clear view 
at places where their circuit symbols appear. Pin 
jacks at important test points in the circuit allow 
connection of a meter, signal generator, and os- 
cilloscope leads for testing or demonstrating the 
circuit. 

dynamic deviation The difference between ideal 
output and actual output of a circuit or device op- 
erating with a reference input that changes at a 
constant rate and is free of transients. 

dynamic diode tester An instrument that displays 
the response curve (or family of curves) of a diode 
on a calibrated oscilloscope screen. The horizon- 
tal axis of the screen indicates voltage, the verti- 
cal axis shows current, and zeros for both 
quantities are at center screen. Also see DY- 
NAMIC RECTIFIER TESTER. 

dynamic drain current See AC DRAIN CURRENT. 

dynamic drain resistance See AC DRAIN RESIS- 
TANCE. 

dynamic drain voltage See AC DRAIN VOLTAGE. 

dynamic dump A dump that occurs during a pro- 
gram run. See DUMPING. 

dynamic electric field An electric field whose in- 
tensity is constantly changing, either periodically 
or in a complex way. 

dynamic emitter current See AC EMITTER CUR- 
RENT. 

dynamic emitter resistance See AC EMITTER 
RESISTANCE. 

dynamic emitter voltage See AC EMITTER VOL- 
TAGE. 

dynamic equilibrium 1. The state of balance be- 
tween constantly varying quantities. 2. The ten- 
dency of two current-carrying circuits to maintain 
at a maximum the magnetic flux linking them. 

dynamic error In a periodic signal delivered by a 
transducer, an error resulting from the restricted 
dynamic response of the device. 

dynamic flip-flop A flip-flop (bistable multivibra- 
tor) that is kept on by recirculating an alternat- 
ing-current (ac) signal. The device can be 
switched on or off by a single pulse. Compare 
STATIC FLIP-FLOP. 

dynamic focus Compensation for defocusing, 
caused by the electron beam sweeping in an arc 
across a flat color picture-tube screen; the 
method uses an alternating-current (ac) focus- 
ing-electrode voltage. 

dynamic gate voltage See AC GATE VOLTAGE. 

dynamic impedance The impedance of a device 
(such as a transistor or diode) when it is operat- 
ing with an applied alternating-current (ac) sig- 
nal, as opposed to its static resistance with only 
direct current (dc) applied. 
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dynamic limiter A limiter, such as is used in fre- 
quency-modulation (FM) receivers, that main- 
tains the output-signal level, despite appreciable 
excursions of input-signal amplitude. 

dynamic loudspeaker See DYNAMIC SPEAKER. 

dynamic magnetic field A magnetic field whose 
intensity is constantly changing, either periodi- 
cally or in a complex way. 

dynamic memory A usually random-access data 
storage method in which the memory cells must 
be electrically refreshed periodically to avoid the 
loss of held data. 

dynamic microphone A microphone in which a 
small coil attached to a vibrating diaphragm or 
cone moves in a uniform magnetic field to gener- 
ate the output signal. 
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Sound waves 
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dynamic mutual conductance See DYNAMIC 
TRANSCONDUCTANCE. 

dynamic noise suppressor A noise limiter consist- 
ing of an audio filter whose bandwidth is directly 
proportional to signal strength (i.e., it is varied 
automatically by signal amplitude). 

dynamic operating line A curve displaying the 
control function of a device. For example, the 
collector-current-versus-base-current curve of a 
bipolar transistor is drawn between the limits of 
saturation and cutoff. 

dynamic output impedance The output impe- 
dance of a power supply, as “seen” by the load. 

dynamic pickup A phonograph pickup whose sty- 
lus causes a small coil to vibrate in the field of a 
permanent magnet. Works on the same principle 
as the DYNAMIC MICROPHONE. 

dynamic printout A printout that occurs as a sin- 
gle function, actuated by one command, and 
completing itself in one operation. 

dynamic problem checking A method of checking 
the solution obtained by an analog computer, to 
see that it makes sense (is not absurd). 

dynamic programming A method of problem 
solving in which continual checks are made to 
ensure accuracy or conformance to a certain set 
of rules. 

dynamic range 1. In high-fidelity audio, the ratio 
of the loudest sound to the faintest sound that 
can be reproduced without significant distortion 
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or noise. It is usually expressed in decibels. 2. In 
a communications receiver, a measure of the 
ability to receive both weak and strong signals 
without excessive noise, distortion, desensitiza- 
tion or other undesirable effects. It is expressed 
in various ways, typically in decibels. 3. The ratio 
between the loudest and faintest sounds, or be- 
tween the strongest and weakest signals, encoun- 
tered in a given environment or situation. It is 
usually expressed in decibels. 

dynamic rectifier tester An instrument that dis- 
plays the response curve of a rectifier on a cali- 
brated oscilloscope screen. During the test, the 
rectifier receives an alternating-current (ac) 
voltage with a low positive peak and high nega- 
tive peak, both corresponding to the rated for- 
ward and reverse voltages (respectively) of the 
rectifier. The horizontal axis of the screen indi- 
cates voltage, the vertical axis indicates current, 
and zeros for both quantities are at center 
screen. 

dynamic regulation In an automatically regulated 
system, such as a voltage-regulated power sup- 
ply, the transient response of the system. Dy- 
namic regulation is determined from maximum 
overshoot and recovery time when the load or line 
value is suddenly changed. 

dynamic regulator A circuit or device providing 
dynamic regulation. 

dynamic reproducer 1. See DYNAMIC MICRO- 
PHONE. 2. See DYNAMIC PICKUP. 3. See DY- 
NAMIC SPEAKER. 

dynamic resistance See DYNAMIC IMPEDANCE. 

dynamic run See DYNAMIC CHECK, 1. See also 
DYNAMIC DEBUGGING. 

dynamics The study of bodies, charges, fields, 
forces, or pulses in motion. Compare STATICS. 

dynamic sequential control In digital computer 
operation, the computer’s changing the sequence 
of instructions during a run. 

dynamic source current See AC SOURCE CUR- 
RENT. 

dynamic source resistance See AC SOURCE RE- 
SISTANCE. 

dynamic source voltage See AC SOURCE VOLT- 
AGE. 

dynamic spatial reconstructor Abbreviation, 
DSR. An advanced x-ray machine, developed at 
the Mayo Clinic, that displays organs in three- 
dimensional views in motion, and allows them to 
be electronically dissected without actually 
operating on the patient. 

dynamic speaker A loudspeaker in which a small 
coil (voice coil), attached to a diaphragm or cone 
and carrying an audio-frequency signal current, 
moves back and forth in a permanent magnetic 
field and, accordingly, causes the diaphragm or 
cone to vibrate (emit sound). Compare MAG- 
NETIC SPEAKER. 

dynamic stability A measure of the ability of a 
robot to maintain its balance while in motion. 
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dynamic stop As caused by a computer program 
instruction, a loop indicating the presence of an 
error. 

dynamic storage See DYNAMIC MEMORY. 

dynamic subroutine A form of computer subrou- 
tine that allows the derivation of other subrou- 
tines in various forms. 

dynamic test See DYNAMIC CHECK. 

dynamic transconductance Transconductance 
determined from alternating-current (ac) signal 
parameters, rather than from direct-current (dc) 
parameters. 

dynamic transducer A_ coil-and-magnet device 
that converts mechanical vibration into electric 
currents, or vice versa. Common examples in- 
clude most microphones, headphones, and loud- 
speakers. 

dynamic transfer characteristic An input-output 
characteristic determined, with respect to the 
load of a transfer device. Also see DYNAMIC 
CHARACTERISTIC. 

dynamic transistor tester 1. An instrument for 
checking the alternating-current (ac) gain of a 
transistor, rather than its direct-current (dc) 
beta. 2. An instrument for determining the condi- 
tion of a transistor from its performance in a sim- 
ple oscillator circuit. 3. An instrument that 
displays a transistor response curve, or a family 
of such curves, on a calibrated oscilloscope 
screen. Also see DYNAMIC DIODE TESTER and 
DYNAMIC RECTIFIER TESTER. 

dynamo A mechanical generator of electricity; typ- 
ically a rotating machine. 

dynamoelectric machinery Rotating electric ma- 
chinery. Examples: amplidynes, generators, dy- 
namotors, rotary converters. 

dynamometer 1. See ELECTRODYNAMOMETER. 
2. A device for mechanically measuring the out- 
put power of a motor. 


dynamometer ammeter See ELECTRODYNA- 
MOMETER. 

dynamometer voltmeter See ELECTRODYNA- 
MOMETER. 


dynamophone A dynamometer (see DYNAMO- 
METER, 2) that uses two telephone circuits to 
measure the twist of a shaft. 

dynamostatic machine A machine driven by al- 
ternating-current (ac) or direct-current (dc) power 
for the generation of static electricity. 

dynamotor A _ (usually small) self-contained 
motor-generator. The motor and generator 
portions are enclosed in a common housing, 
giving the machine the appearance of a simple 
motor. 

dynaquad A pnpn four-layer semiconductor device 
with three terminals, similar to the silicon- 
controlled rectifier or thyristor. 

dynatron A form of vacuum tube that displays a 
negative-resistance characteristic, resulting in 
oscillation at ultra-high and microwave frequen- 
cies. 
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dynatron frequency meter A heterodyne-type fre- 
quency meter using a dynatron oscillator. 

dyne Abbreviation, d. A unit of force. One dyne 
(10-5 newton) is the force that will give a mass of 
1 gram an acceleration of 1 centimeter per second 
per second. Compare NEWTON. 

dyne-centimeter See ERG. 

dyne-five In the Giorgi mks system, a unit of force 
equal to 1 newton. 

dyne per square centimeter Abbreviation, d/cm?. 
A unit of pressure equal to 0.1 pascal (9.869 x 
10-7 atmosphere). 

dyne-seven A unit of force equal to 10” dynes. 

dynistor A semiconductor diode that continues to 
conduct after the forward voltage is reduced be- 
low the normal threshold point. To stop the con- 
duction, a reverse voltage must be applied, or 
voltage must be entirely removed from the device. 
It is used in switching applications. 

dynode In a photomultiplier tube, any of several 
slanting electrodes that receives a beam of elec- 
trons generated by the light-sensitive cathode 
and reflects it, along with secondary electrons. 
This amplifies the beam; the process is repeated 
several times. Thus, the emission from the 
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cathode is greatly amplified when it reaches the 
plate. 

dysprosium Symbol, Dy. An element of the rare- 
earth group. Atomic number, 66. Atomic weight, 
162.50. Dysprosium is a highly magnetic sub- 
stance. 
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E_ 1. Symbol for VOLTAGE. 2. Symbol for ELEC- 
TRIC FIELD STRENGTH. 3. Abbreviation of 
EMITTER. 4. Symbol for prefix EXA. 5. Symbol 
for ENERGY. 

e 1. Symbol for VOLTAGE. 2. Abbreviation of 
EMITTER. 3. Symbol for ELECTRON CHARGE. 4. 
Symbol for the natural logarithm base (approxi- 
mately equal to 2.71828). 5. Symbol for ECCEN- 
TRICITY. 6. Abbreviation of ERG. 

EAM Abbreviation of electronic accounting machine. 

E and Mterminals The output and input leads in 
some signaling systems. Also called E and M 
leads. 

early early sound Sound propagated through 
solids and/or liquids that reaches a pickup de- 
vice (such as a microphone) before the sound 
propagated through the air. In general, sound 
waves travel faster as the medium becomes more 
dense. 

early-failure period The period immediately after 
manufacture of a device, during which the failure 
rate (caused by defects in equipment or work- 
manship) is high. 

early-warning radar Abbreviation, EWR. A radar 
system that produces immediate warning when 
enemy aircraft enter the monitored area. 

earphone 1. Headphone (usually a single unit). 
2. Telephone receiver. 3. A miniature acoustic 
transducer that is small enough to be inserted 
into the ear. 

earpiece See EARPHONE, 3. 

earth 1. The ground. 2. An electrical connection to 
the earth (see GROUND CONNECTION, 2). 3. In 
space communications, the planet Earth. 

earth connection See GROUND CONNECTION, 2. 


earth currents 1. Electric currents induced in the 
earth by current flowing through underground or 
underwater cables. 2. Electric currents flowing 
through the earth between ground connections of 
electrical equipment. 

earth ground 1. A common connection to an elec- 
trode buried in the earth so that good conductiv- 
ity is maintained between the common circuit 
point and the earth itself. 2. A rod driven into the 
surface of the earth for use as a common circuit 
connection. 

earth inductor A magnetometer consisting of a 
coil that is rotated in the earth’s magnetic field. It 
delivers an alternating-current (ac) voltage pro- 
portional to the field strength. Also called gener- 
ating magnetometer. 

earth-moon-earth See MOONBOUNCE. 

earth resonance A resonant effect at extremely low 
frequencies, caused by reflection of currents 
within the earth. Resonant currents have been 
tested as a means of communicating with sub- 
marines worldwide. 

earth’s magnetic field Also called geomagnetic 
field. The natural magnetic field whose lines of flux 
extend from north to south. The earth’s magnetic 
poles, also called the geomagnetic poles, do not ex- 
actly coincide with the geographic poles. The field 
somewhat resembles that of a bar magnet. 

Eastern Standard Time Abbreviation, EST. Local 
mean time at the 75th meridian west of Green- 
wich. 

east-west effect The phenomenon in which the 
number of cosmic rays approaching earth near 
the equator from the west is greater than that 
from the east by 10 percent. 
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Eavg Symbol for AVERAGE VOLTAGE. 

E, Symbol for BATTERY VOLTAGE. 

Ebend Ina waveguide, a smooth change in the di- 
rection of the axis, which remains parallel to the 
direction of polarization. 

EBI Abbreviation of EQUIVALENT BACKGROUND 
INPUT. 

ebiconductivity Conductivity resulting from elec- 
tron bombardment. 

ebonite Hard rubber used as an insulant. Dielec- 
tric constant: 2.8. Dielectric strength: 30 to 110 
kV/mm. 

EBR Abbreviation of ELECTRON-BEAM RECORD- 
ING. 

EBS Abbreviation of ELECTRON-BOMBARDED 
SEMICONDUCTOR. 

EBS amplifier An amplifying device using an elec- 
tron-bombarded semiconductor. The electron 
beam is modulated by the input signal, and the 
modulated resistance of the semiconductor target 
modulates a relatively heavy current to provide 
an amplified output. Current gains on the order 
of 2000 are possible. 

ec Abbreviation of ENAMEL-COVERED (in refer- 
ence to wire). 

eccentric circle See ECCENTRIC GROOVE. 

eccentric groove On a phonograph record, an off- 
center groove in which the stylus rides at the end 
of the recording, where it causes the tone arm to 
trip the record-changing mechanism. 

eccentricity 1. The condition of being off center, 
intentionally or not. It is often a consideration in 
the behavior of dials, potentiometers, and ser- 
vomechanisms. 2. On a phonograph record, the 
condition in which the spiral recording groove 
and the center hole of the disk are not concentric. 
3. A quantitative expression for the extent to 
which an ellipse is elongated. 

eccentricity of orbit The extent to which the orbit 
or path of a satellite differs from a circle. A 
circular orbit has eccentricity zero. As the orbit 
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becomes elliptical and deviates more and more 
from a perfect circle, the eccentricity increases. 
When the eccentricity reaches 1, the object takes 
a parabolic path through space. If the eccentricity 
exceeds 1, the path is a hyperbola. 

ECCM Abbreviation of ELECTRONIC COUNTER- 
COUNTERMEASURES. 

ECDC Abbreviation of electrochemical diffused col- 
lector. 

ECG Abbreviation of electrocardiogram. 
EKG.) 

ECG telemetry Use of a radio telemetering system 
to monitor the heart function of a person from a 
distance. 

echelon 1. A level of calibration accuracy, the 
highest echelon being the national standard for 
the particular measurement involved. 2. A level of 
maintenance in which lower ordinal numbers re- 
fer to less-critical tasks, and higher ordinal num- 
bers refer to tasks requiring progressively higher 
skills and technological expertise. 

echelon grating A diffraction grating with ex- 
tremely high resolution. Generally useful only 
over a small range of wavelengths. 

echo 1. A signal that is reflected back to the point 
of origin. 2. A reflected or delayed signal compo- 
nent that arrives at a given point behind the main 
component. 3. A radar blip, indicating an object 
or thundershower. 4. Reflection of the signal on a 
telephone line, caused by improper impedance 
matching, or by overload of the system by too 
many subscribers attempting to use the system 
at the same time. 5. In audio systems, a circuit 
that causes sounds to repeat one or more times, 
at intervals ranging from a fraction of a second to 
several seconds. 6. The effect produced by a cir- 
cuit, as defined in 5. 
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echo area The area of a target that will return a 
radar signal as an echo. 

echo attenuation In a_ bidirectional wire- 
communication circuit equipped with repeaters 
or multiplexers, the attenuation of echo currents 
set up by conventional operation. 

echo box A resonant-cavity device used to test a 
radar set. Part of the transmitted energy enters 
the box, which retransmits it to the receiver. The 
signal reaching the receiver is a slowly decaying 
transient whose intensity eventually falls below 
the level that can be displayed on the screen; the 
time required to reach this level indicates radar 
performance. 

echo chamber A reverberation chamber, electronic 
recording device, or room for acoustic tests or for 
simulating sonic delays. 

echo check In data communication, a means of 
checking the accuracy of received data by send- 
ing it back to the transmitting station for com- 
parison with the original data. 

echo depth sounder See ACOUSTIC DEPTH 
SOUNDER. 

echo eliminator 1. A device that quiets a naviga- 
tional instrument after receipt of a pulse, to pre- 
vent reception of a subsequent, delayed pulse. 2. 
In a two-way telephone circuit, a voice-operated 
device that suppresses echo currents caused by 
conversation currents going in the opposite direc- 
tion. 

echoencephalograph An ultrasonic medical in- 
strument that allows viewing of internal organs. 
Used for diagnostic purposes in certain situa- 
tions, instead of the X-ray machine. 

echogram In acoustics, a graph of the sound 
decrement in an enclosure. Time is plotted on 
the horizontal axis; signal amplitude is plotted 
on the vertical axis. An intense pulse is transmit- 
ted from a speaker; a microphone picks up the 
echoes and sends them to a pen recorder or mi- 
croprocessor. 

echo intensifier A device used at a radar target to 
boost the intensity of reflected energy. 

echo interference Radio interference resulting 
from a reflected signal arriving slightly later than 
the direct signal. 

echo matching In an echo-splitting radar system, 
the trial-and-error orientation of the antenna to 
find the direction from which the pulse indica- 
tions are identical. 

echo ranging An ultrasonic method of determining 
the bearing and distance of an underwater object. 

echo send _ In an audio mixer, an output for deliv- 
ering signals to external systems, such as an 
echo box (see ECHO, 5). It can also provide an 
auxiliary output for a second set of speakers, a 
tape recorder, etc. 

echo sounder See ACOUSTIC DEPTH SOUNDER. 

echo splitting Separating a radar echo into two 
parts so that a double indication appears on the 
radar screen. 
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echo suppression In a telephone circuit, a device 
that chokes off reflected waves, thereby minimiz- 
ing audible echo. 

echo suppressor See ECHO ELIMINATOR. 

echo talk Echo in a telephone system that results 
in distracting interference. 

echo wave A reflected wave, such as a radio wave 
reflected alternately between earth’s surface and 
the ionosphere. 

ECL Abbreviation of EMITTER-COUPLED LOGIC. 

eclipse effect A decrease in the critical frequency 
of the E and F1 layers of the ionosphere during a 
solar eclipse. 

ecliptic orbit Any orbit that lies in the same plane 
as the orbit of the earth around the sun (the eclip- 
tic plane). The ecliptic plane is slanted about 
23.5° from the plane of the earth’s equator. 

ECM Abbreviation of ELECTRONIC COUNTER- 
MEASURES. 

ECO Abbreviation of ELECTRON-COUPLED OS- 
CILLATOR. 

econometer An instrument for continuously mon- 
itoring the amount of carbon dioxide in (factory) 
flue gases. 

Ecore A transformer or transducer core having the 
shape of an E. Coils can be wound on one, two, or 
all three of the crosspieces. 


E core 


ECPD Abbreviation of Engineer’s Council for Profes- 
sional Development. 

ECTL Abbreviation of emitter-coupled transistor logic. 

EDD Abbreviation of ENVELOPE-DELAY DISTOR- 
TION. 

eddy current A circulating current induced in a 
conducting material by a varying magnetic field, 
often parasitic in nature. Such a current can, for 
example, flow in the iron core of a transformer. 

eddy-current device A brake, coupling, clutch, 
drag cup, drive unit, or similar device whose op- 
eration is based on the generation of torque, pull, 
or opposition by the action of eddy currents. 

eddy-current heating Heating caused by eddy- 
current loss in a material. 

eddy-current loss Power loss resulting from eddy 
currents induced in nearby structures by an 
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electromagnetic field. Eddy currents in the core of 
a transformer give rise to such loss. 

edge connector A terminal block with a number of 
contacts, attached to the edge of a printed-circuit 
board for easy plugging into a foundation circuit. 

edge control In the manufacture of paper, a 
robotic system for maintaining the width of a 
sheet by sensing the edges and correcting the 
machine accordingly. Transducers that sense the 
passing edges deliver output signals proportional 
to variations from standard width. 

edge detection The ability of a machine vision sys- 
tem to locate and follow boundaries. Used exten- 
sively in mobile robots. 

edge effect The extension of electric lines of flux 
between the outer edges of capacitor plates. This 
portion of the interplate field contributes a small 
amount of capacitance. Because the lines of flux 
are not confined to the space between plates, they 
can cause capacitive coupling with external 
bodies. 





edge effect 


edge-punched card In digital computer opera- 
tions, a punched card whose edge is perforated in 
a narrow column, the center being used for writ- 
ten annotation. 

edgewise meter A meter having a curved horizon- 
tal scale; this arrangement allows mounting the 
instrument edgewise in a panel. 

edgewise-wound coil A coil made of a flat metal 
strip cut in the shape of a coil spring. The design 
allows the use of clips to vary the inductance, but 
this advantage is often offset by the coil’s high 
distributed capacitance. 

edging In a color television picture, extraneous 
color of a different hue than the objects around 
whose edges it appears. 

Edison base A threaded base on light bulbs, cone- 
type heaters, and some pilot lamps. 

Edison battery A group of Edison cells connected 
in series, parallel, or both, and contained in a sin- 
gle package with two electrodes. 

Edison cell A secondary (storage) cell in which the 
active positive plate material consists of nickel 
hydroxide held in steel tubes assembled into a 
steel grid; the active negative plate material is 
powdered iron oxide mixed with cadmium; the 
electrolyte is potassium hydroxide. The open- 
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circuit voltage of the cell is typically 1.2 V at full 
charge. 

Edison distribution system A three-wire, 110- to 
250-volt direct-current (dc) power-distribution 
system. 

Edison effect Thermionic emission of negatively 
charged particles (electrons) from a hot filament 
sealed in an evacuated bulb; they are attracted by 
a cold, positively charged metal plate in the bulb. 

E display A radar display in which the horizontal 
coordinate indicates distance, and the vertical co- 
ordinate indicates elevation. 

edit 1. In tape recording, the modifying of the 
recorded material by deleting (cutting out or eras- 
ing), adding (splicing or overrecording), or chang- 
ing the sequence of the material by physically or 
magnetically altering the tape. 2. In digital com- 
puter operations, to make data ready for process- 
ing. 

edit decision list In the editing of a digital au- 
dio/video presentation, a record of every change 
(cut and paste). The list is automatically made by 
the computer and stored on disk for later refer- 
ence if needed. 

editing 1. Alteration of a magnetic-tape recording 
by means of splicing. 2. Alteration of data stored 
in memory, either by adding information, remov- 
ing information, changing information, or (usu- 
ally) a combination of these operations. 

EDL Abbreviation of EDIT DECISION LIST. 

EDM Abbreviation of ELECTRICAL-DISCHARGE 
MACHINING. 

EDP Abbreviation of electronic data processing. 

EDPC Abbreviation of ELECTRONIC DATA- 
PROCESSING CENTER. 

EDPM Abbreviation of 
PROCESSING MACHINE. 

EDPS Abbreviation of 
PROCESSING SYSTEM. 

EDT 1. Abbreviation of ethylene diamine tartrate (a 
synthetic piezoelectric material). 2. Abbreviation 
of Eastern Daylight Time. 

EDU Abbreviation of electronic display unit. 

educational robot A robot that can be programmed 
for the purpose of teaching its users something. 
Popular as an educational toy for children. 

EDVAC Acronym for Electronic Discrete Variable 
Automatic Computer, a development of the Uni- 
versity of Pennsylvania. 

EE Abbreviation of ELECTRICAL ENGINEER or 
ELECTRONICS ENGINEER. 

Eese Symbol for EFFECTIVE VOLTAGE. 


ELECTRONIC DATA- 


ELECTRONIC DATA- 


EEG Abbreviation of © ELECTROENCEPHALO- 
GRAM. 

EEPROM Abbreviation of ELECTRICALLY 
ERASABLE PROGRAMMABLE READ-ONLY 


MEMORY. See PROM and ROM. 
EES Abbreviation of EARLY EARLY SOUND. 
effective acoustic center The apparent point of 
propagation of spherically divergent sound waves 
radiated by an acoustic generator. 
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effective actuation time The total actuation time 
of a relay (i.e., the sum of the initial actuation 
time and subsequent intervals of contact 
chatter). 

effective address The address a computer uses in 
implementing an instruction (i.e., one not neces- 
sarily coinciding with the address given in the in- 
struction). 

effective ampere An effective current of 1 ampere. 
Also see EFFECTIVE CURRENT. 

effective antenna length Sce 
LENGTH. 

effective antenna resistance The radiation resis- 
tance of an antenna, as measured at the input 
point. 

effective bandwidth The bandwidth of an ideal 
bandpass filter, which, at a reference frequency, 
has the same transfer ratio as an actual band- 
pass filter under consideration; it also has the 
same current and voltage characteristics. 
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effective capacitance The actual capacitance be- 
tween two points in a circuit resulting from the 
combination of inherent, lumped, and stray ca- 
pacitances. 

effective conductivity Conductivity measured be- 
tween the parallel faces of a unit cube of a mate- 
rial. 

effective confusion area In a radar system, an 
area in which interference makes it impossible to 
see whether a target is present. 

effective current Symbol, [.¢. The root-mean- 
square (rms) value of alternating current (see 
EFFECTIVE VALUE). For a sinusoidal current, 
Tepe = 0.707Imax, Where Imax is the maximum value 
of the current. Also called rms current. 

effective cutoff See EFFECTIVE CUTOFF FRE- 
QUENCY. 
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effective cutoff frequency For a filter or similar 
device operated between specified impedances, 
the frequency at which insertion loss is higher 
than the loss at a specified reference frequency in 
the passband. 

effective field intensity The root-mean-square 
(rms) value of the field-strength voltage, averaged 
for all points at a horizontal distance of one mile 
from a transmitting antenna. 

effective height The height of an antenna in terms 
of its performance as a transmitter or receiver of 
electromagnetic energy. 

effective input capacitance The actual operative 
capacitance present at the input terminals of a 
circuit or device, caused by the shunt capaci- 
tance of the terminals themselves and the net 
capacitance of the circuit connected to the 
terminals. 

effective internal resistance In an electrochemi- 
cal cell or battery, a resistance that originates 
within the electrolyte and electrodes. This resis- 
tance is low when the current drain is low; it rises 
as the current drain increases. It limits the max- 
imum current that the cell or battery can deliver. 

effective isolation The condition of components 
or circuits being so well isolated or shielded that 
no significant direct coupling, capacitive cou- 
pling, or inductive coupling exists between them. 

effective instruction The machine-language ver- 
sion of an instruction given in a computer pro- 
gram, as produced by resident software. 

effectively bonded The condition afforded by an 
extremely low-resistance union between two con- 
ducting surfaces that are solidly fastened to- 
gether. 

effectively grounded The condition of being con- 
nected to earth or to the low-potential end of a 
circuit by means of an extremely low-resistance 
connection. 

effective parallel capacitance Inherent capaci- 
tance that manifests itself in parallel with two cir- 
cuit points in combination with any lumped 
capacitance. 

effective parallel resistance 1. The leakage resis- 
tance that manifests itself in parallel with a 
dielectric (e.g., the leakage resistance of a 
capacitor). 2. Parallel-resistance effects caused 
by stray shunt-resistance components. 

effective percentage of modulation For a com- 
plex waveform, an expression of the equivalent 
percentage of modulation by a pure sine wave. 
Given a certain proportion of power in the side- 
bands with modulation by a complex signal, the 
effective percentage of modulation is that per- 
centage which, when the modulating signal is si- 
nusoidal, results in the same proportion of power 
in the sidebands. 

effective phase angle In alternating-current (ac) 
circuits, the phase angle, with respect to wave- 
forms for current and voltage. When both wave- 
forms are sinusoidal, the effective phase angle is 
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the actual phase angle. But when harmonics are 
present in current or voltage, the angles differ, 
the difference being greater in capacitive circuits 
than in inductive circuits. 

effective radiated power Abbreviation, ERP or 
Prep. 1. Ameasure of the performance of a wireless 
transmitting antenna. Suppose a test antenna, 
Ary, is set up and the field strength in its favored 
direction at a frequency f is measured at a dis- 
tance d in free space. Let the field strength thus 
measured be F watts per square meter. Suppose 
Ary is replaced with an isotropic radiator, Aj, and 
the field strength at the same frequency fis mea- 
sured at the same distance d in free space. Let 
the radio-frequency (RF) power at the feed point 
of the isotropic radiator A; be varied until the field 
strength is F, the same as it was with the test an- 
tenna Ary. Let this RF power be symbolized P. 
Then P is defined as the effective radiated power 
(ERP or Pgr) of the test antenna, Ar. 2. The figure 
defined as in (1), measured in some direction 
other than the favored direction of a test antenna. 

effective resistance 1. In a coupled circuit, the 
sum of the actual resistance of the circuit and the 
reflected resistance of the load. 2. See EFFEC- 
TIVE ANTENNA RESISTANCE. 

effective series inductance Inherent (distribu- 
ted) inductance acting in series with other com- 
ponents in a circuit. The inherent inductance of 
the wire in a wirewound resistor, for example, 
manifests itself in series with the resistance of the 
device. 

effective series resistance Inherent (distributed) 
resistance acting in series with other components 
in a circuit. Thus, the inherent resistance of the 
wire in a coil appears in series with the induc- 
tance of the coil. Likewise, a capacitor has an ef- 
fective series resistance because of the resistance 
of the leads, plates, and connections. 

effective shunt capacitance See EFFECTIVE 
PARALLEL CAPACITANCE. 

effective shunt resistance See EFFECTIVE PAR- 
ALLEL RESISTANCE. 

effective sound pressure The root-mean-square 
(rms) value of instantaneous sound pressure at 
one point in a sound cycle. 

effective speed of transmission In telegraphy 
(wire or radio) and in electronic data transmis- 
sion, the transmission speed (characters per 
minute, bits per second, etc.) that can be reliably 
maintained for a given period. 

effective thermal resistance The effective tem- 
perature rise (in degrees per watt of dissipation) 
of a semiconductor junction above an external 
reference temperature that is at equilibrium. 

effective time For a computer, the time during 
which useful work is performed. 

effective transmission speed See EFFECTIVE 
SPEED OF TRANSMISSION. 

effective value The root-mean-square (rms) value 
of an alternating-current (ac) quantity. The 
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effective value an alternating current produces in 
a pure resistance has the same heating effect as 
the equivalent direct current. See also ROOT 
MEAN SQUARE. 

effective volt An effective potential of one root- 
mean-square (rms) volt. Also see EFFECTIVE 
VOLTAGE. 

effective voltage Symbol, Ezy. The root-mean- 
square value of alternating-current (ac) voltage 
(see EFFECTIVE VALUE). For a sinusoidal volt- 
age, Eeg = 0.707Emax, Where Eng, is the maximum 
value of the voltage. Also called rms voltage. 

effective wavelength Wavelength in terms of mea- 
sured frequency and effective propagation velocity. 

effects processor In audio systems, a circuit that 
produces various sound effects via digital signal 
processing. 

efficiency 1. The ratio of useful power or energy 
output to total power or energy input to a device 
or system. 2. The proportion of applied audio- 
frequency (AF) power that a loudspeaker converts 
into acoustic energy. 3. See ELECTRICAL EFFI- 
CIENCY. 

efficiency modulation A system of amplitude 
modulation in which the efficiency of a radio- 
frequency (RF) power amplifier is varied at an au- 
dio-frequency (AF) rate. 

efficiency of rectification For a rectifier, the ratio 
of the direct-current (dc) output voltage to the 
peak value of alternating-current (ac) input volt- 
age. For percent efficiency, the ratio is multiplied 
by 100. 

efflorescence The giving up of water by a sub- 
stance upon exposure to air. Some materials used 
in electronics exhibit this property. Common efflo- 
rescent compounds are hydrated ferrous carbon- 
ate, ferrous sulfate, and sodium carbonate. 

efflorescent material A material exhibiting efflo- 
rescence. Compare DELIQUESCENT MATERIAL. 

E field 1. An electric field. 2. the electric-field com- 
ponent of an electromagnetic wave. 

EFL Abbreviation of emitter-follower logic. 

Eg Symbol for GENERATOR VOLTAGE. 

EHD Abbreviation of electrohydrodynamic(s). 

EHF Abbreviation of EXTREMELY HIGH FRE- 
QUENCY. 

EHP Abbreviation of effective horsepower. 

E-H tee A waveguide junction in which E- and 
H-plane tee junctions intersect the main wave- 
guide at the same point. Also see WAVEGUIDE 
TEE. 

E-H tuner An impedance-transforming E-H tee 
with two arms that are terminated in tunable 
plungers for critical adjustments. See WAVE- 
GUIDE PLUNGER. 

EHV Abbreviation of extra-high voltage. 

E; Symbol for INPUT VOLTAGE. 

EIA Abbreviation of Electronics Industries Associa- 
tion. 

eight-level code A code, such as the American 
Standard Code for Information Interchange (ASCI)), 
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in which each character is represented by eight 
bits. 

E indicator A radar elevation display, in which the 
horizontal scale shows range and the vertical 
scale shows elevation. 

Einstein equation The equation depicting the 
interconversion of mass and energy; E = mc’, 
where E is energy (ergs), mis mass (grams), and c 
is the speed of light in a vacuum (centimeters per 
second). 

einsteinium Symbol, Es. A radioactive element 
produced artificially. Atomic number, 99. Atomic 
weight, 252. 

Einstein/Dehaas effect The tendency for an iron 
or steel cylinder to become magnetized as it ro- 
tates. 

Einstein shift The decrease in frequency and loss 
of energy experienced by quanta acted upon by 
gravitation. 

Einthoven string galvanometer A simple gal- 
vanometer in which a silvered glass filament car- 
rying current is mounted in a magnetic field set 
up by either a permanent magnet or an electro- 
magnet. The current causes the filament to be de- 
flected through a distance proportional to current 
strength, the deflection being observed through a 
microscope. 

EIT Abbreviation of engineer-in-training. 

either-or operation The logical inclusive-OR oper- 
ation. 

EJC Abbreviation of Engineers’ Joint Council. 

eka-aluminum See GALLIUM. 

eka-silicon See GERMANIUM. 

EKG Abbreviation of ELECTROCARDIOGRAM. 
(Also, ECG.) 

EKG telemetry See ECG TELEMETRY. 

EL Abbreviation of ELKECTROLUMINESCENCE. 

elapsed time 1. In data-processing and computer 
operations, what appears to be the duration of a 
process, compared with actual processing time, 
as measured by internal clocks, for example. 
2. The accumulated time, usually expressed in 
hours, minutes, and seconds, that an operation 
takes or a machine runs. 

elapsed-time meter An instrument that indicates 
the time an electronic device or system has been 
in operation. Most such meters are based on elec- 
tric clockwork that runs only while the system is 
in operation, holding the count during shutdown 
periods. Also see ELECTROLYTIC ELAPSED- 
TIME METER. 

elastance Unit, daraf. The opposition of a capaci- 
tor to being charged. It is the reciprocal of capac- 
itance. 

elastic collision A collision between two charged 
particles in which neither loses energy—even 
though they are deflected from their normal paths. 

elasticity 1. The ability of a body to return to its 
original shape after being deformed. See 
YOUNG’S MODULUS. 2. See ELASTIVITY. 

elastic limit The maximum stress that can be 
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tolerated by a material without being perma- 
nently deformed. 

elastic wave A wave in an elastic medium, such as 
air or water; thus, a wave that is mechanically 
produced. 


HIATT 


Compression 





Travel 


elastic waves 


elastivity 1. Specific elastance (i.e., the elastance 
in darafs per cubic unit of a dielectric). 2. The ra- 
tio of electric stress to displacement. 

elastomer A compressible, conducting substance 
used in pressure sensing. In one arrangement, an 
array of electrodes is connected to each side of a 
pad of the material. When pressure appears at 
some point, the material compresses, lowering 
the resistance in the pressure zone. A micropro- 
cessor determines the location and extent of the 
pressure. 

E layer A layer in the ionosphere that is 50 to 90 
miles above the surface of the earth, and is noted 
for returning radio waves at high and very-high 
frequencies. 

elbow bend A 90-degree bend in a waveguide. 

ELD Abbreviation of edge-lighted display. 

electra A_ radio-navigational system in which 
equal-intensity signal zones (usually 24) are pro- 
vided. 

electralloy A nonmagnetic alloy used in the manu- 
facture of radio hardware, such as chassis. 

electre See ELECTRUM. 

electrepeter A device used to change the direction 
of an electric current. 

electret A device whose heart is a dielectric disk or 
slab that is permanently polarized electrically, 
and so possesses a permanent electric field. The 
electrical equivalent of the permanent magnet. 
Certain waxes, ceramics, and plastics acquire 
permanent polarization after they have been 
heated, then cooled slowly in an intense electric 
field. 

electret microphone Also called electret capacitor 
microphone. A microphone in which sound 
waves cause an electret to vibrate and generate 
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audio-frequency (AF) output current. An inter- 
nal power supply (such as a battery) supplies 
the necessary voltage. 

electric 1. Pertaining to electricity and its various 
manifestations. 2. See ELECTROSTATIC. 

electric absorption See DIELECTRIC ABSORP- 
TION. 

electric accounting machine A _ self-contained 
data-processing machine that is neither a com- 
puter nor a computer peripheral. 

electrical-acoustical transducer A_ transducer, 
such as a headphone, sonic applicator, or buzzer, 
that converts electrical energy into sound energy. 
Compare ACOUSTICAL-ELECTRICAL TRANS- 
DUCER. 

electrical angle The angle assumed at any instant 
by the rotating vector representing an alternating 
current or voltage. A complete cycle is divided 
into 360 electrical degrees. Thus, for an alternat- 
ing-current (ac) sine wave, the angle is 0 degrees 
for zero and positive-going, 90 degrees for positive 
maximum, 180 degrees for zero and negative- 
going, and 270 degrees for negative maximum. 


Amplitude 
y 


Rate of 
x 
change 
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electrical attraction The attraction between two 
oppositely charged bodies or particles. Compare 
ELECTRICAL REPULSION. 

electrical axis [na quartz crystal, the axis through 
opposite corners of the hexagonal cross section. 
The various electrical axes are x, x’, and x” (or x- 
x, x’-x’, and x”-x”). The electrical axis is perpen- 
dicular to the mechanical axis, which runs 
through the crystal’s length. Also see CRYSTAL 
AXES and X-AXIS, 2. 

electrical bail An action in which a special switch 
changes contact position and locks itself in that 
position after a station has been actuated, at the 
same time releasing a previously actuated sta- 
tion. 

electrical bandspread In a tuned circuit, band- 
spread obtained by changing values of induc- 
tance or capacitance, rather than by mechanical 
gearing. 
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electrical bias A current maintained in a relay coil 
(sometimes an auxiliary coil) to keep the relay 
partially closed, thus sensitizing it. Compare ME- 
CHANICAL BIAS. 

electrical boresight In radar operations, the 
tracking axis, as determined by an electrical test, 
such as one involving a sharp null or sharp peak 
response. 

electrical center The point at which an adjustable 
component (variable resistor, variable inductor, 
etc.) has exactly half its total value. This point 
does not always coincide with the physical center. 

electrical conductance See CONDUCTANCE. 

electrical conduction The flow of charge carriers 
through a material. The degree of conduction is 
indicated by the material’s value of conductance. 

electrical conductivity See CONDUCTIVITY. 

electrical coupling The coupling of two or more 
circuits or elements by means of electric-field ef- 
fects. 

electrical degree 1. In a periodic waveform, the 
length of time corresponding to so of the time for 
completion of one cycle. 2. In space, that dis- 
tance representing %co of the wavelength in the 
medium through which electromagnetic energy 
travels. 

electrical discharge The flow of current out of a 
voltage reservoir, such as a battery or capacitor. 

electrical discharge in gases The phenomenon of 
electric conduction (current) by a gas, caused by 
sudden breakdown as a result of gas ionization. 
The discharge is often accompanied by light, as in 
the red glow of a neon bulb. 

electrical-discharge machining A method of ma- 
chining metals in which the metal is vaporized by 
an arc formed between an electrode and the metal 
workpiece (anode). In this way, metal is removed 
in tiny bits from the surface of the workpiece. 

electrical distance Distance in terms of the time 
required for an electromagnetic wave to travel be- 
tween two points in a particular medium. 

electrical drainage The diversion of electric cur- 
rents away from underground pipes to prevent 
corrosion by electrolysis. 

electrical efficiency The ratio of the output of an 
electrical or electronic device to the total input. It 
can be expressed as a decimal or percentage. For 
example, for a bipolar transistor amplifier, the 
percent efficiency is equal to 100(Pout/Pin), where 
Pi, is the collector input in volt-amperes, and Pout 
is the output power in watts. 

electrical elasticity See CAPACITANCE. 

electrical element See ELEMENT, 2. 

electrical energy Energy in the form of electricity 
(see ELECTRICITY, 1). The term is often used in 
place of ELECTRICITY. 

electrical engineer Abbreviation, EE. A trained 
professional skilled in applying physics and math- 
ematics to electricity, and in the theory and appli- 
cation of basic engineering and related subjects. 
Of particular interest to the EE are the generation 
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and distribution of electrical energy and the de- 
sign and application of electromechanical devices. 
Compare ELECTRONICS ENGINEER. 

electrical erosion In electrical contacts, the loss of 
metal as a result of the evaporation or transfer of 
metal during switching. 

electrical filter A bandpass, band-rejection, high- 
pass, or low-pass filter that operates by electrical 
means. Examples: Butterworth filter and Cheby- 
shev filter. 

electrical forming See ELECTROFOR\M, 1. 

electrical gearing In an electromechanical sys- 
tem, such as a servo, the condition in which an 
output shaft is electrically rotated at a speed dif- 
ferent from that of an input shaft. 

electrical glass High-temperature insulating ma- 
terials made from glass fibers. 

electrical inertia See INDUCTANCE. 

electrical initiation 1. Starting an action (electri- 
cal or nonelectrical) by means of an electrical sig- 
nal. 2. Using an enabling pulse. 

electrical instrument A device for measuring an 
electrical quantity (such as voltage, current, or 
power). 

electrical interlock Also called an interlock switch 
or door-interlock switch. A door- or lid-operated 
switch connected in series with the power switch 
of a piece of equipment. The interlock causes 
power to be removed from internal circuits when- 
ever the door is opened, the lid lifted, or the case 
removed. This minimizes the chance for electric 
shock to occur to service personnel. 

electrical length The length, in wavelengths, of an 
antenna or transmission line. The electrical 
length usually differs from the actual length be- 
cause of ground-capacitance effects, end effects, 
and the speed of electromagnetic waves in con- 
ductors and/or dielectrics. 

electrical load A device connected to a source of 
electricity (generator, amplifier, network, etc.) for 
a useful purpose (heat, work, etc.). 

electrically connected Connected via direct path, 
such as through a wire, resistance, inductance, 
or capacitance. 

electrically erasable PROM A _ programmable 
read-only memory (PROM) that can be erased by 
an electrical signal, rather than by exposure to 
ultraviolet light. Also see PROM and ROM. 

electrically variable capacitor See VOLTAGE- 
VARIABLE CAPACITOR. 

electrically variable inductor An inductor whose 
value varies inversely with the amount of direct 
current that is caused to flow through it or 
through an auxiliary winding on the same core. 

electrically variable resistor See VOLTAGE- 
DEPENDENT RESISTOR. 

electrical nature of matter The general behavior 
of matter as a complex interplay of waves and 
particles. Also see ELECTRON THEORY OF MAT- 
TER, WAVE MECHANICS, and WAVE THEORY 
OF MATTER. 
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electrical network A circuit containing two or 
more components (including generators and 
loads), usually arranged in some pattern. 

electrical noise Extraneous currents and/or volt- 
ages that interfere with desired electrical quanti- 
ties. Compare ACOUSTIC NOISE. 

electrical polarity The distinct difference observ- 
able in electrification, designated positive (or 
plus) and negative (or minus). Negative electrifi- 
cation is generally characterized by a surplus of 
electrons; positive electrification is characterized 
by a deficiency of electrons. 

electrical quantity 1. See COULOMB and QUAN- 
TITY, 3. 2. An electrical unit (e.g., AMPERE, 
OHM, VOLT, and WATT). 

electrical repulsion The mutual repulsion of bod- 
ies or particles having similar electric charges. 
Two positively charged objects will repel each 
other, as will two negatively charged objects. 

electrical reset An electromechanical device for 
resetting a relay that ordinarily remains in the 
position resulting from actuation. 

electrical resistance The in-phase _ current- 
retarding effect that all conductors exhibit to 
some extent. Also see RESISTANCE. 

electrical resistivity See RESISTIVITY. 

electrical resolver A synchro whose rotor has two 
perpendicular windings in addition to another 
winding. 

electrical scan A method of changing the orienta- 
tion of the major lobe of an antenna. The antenna 
is kept physically stationary, but the phase/ 
amplitude relationships of the signals applied to 
different driven elements are varied. 

electrical sheet Sheet iron or steel used for motor 
laminations. 

electrical system 1. The overall configuration of 
electrical elements for a set of apparatus. 2. The 
wiring system that supplies power to a set of de- 
vices. 3. One of several methods of quantizing 
electrical properties, such as METER-KILOGRAM- 
SECOND (mks), CENTIMETER-GRAM-SECOND 
(cgs) electromagnetic, cgs electrostatic, and the 
INTERNATIONAL SYSTEM OF UNITS (SID). 

electrical taste See GALVANIC TASTE. 

electrical technology The theory and practical 
application of electricity. Taught as a subengi- 
neering major, usually in two-year colleges that 
award the degree of Associate in Arts (AA) or As- 
sociate in Science (AS). 

electrical time constant For a torque motor, the 
ratio of armature inductance to effective arma- 
ture resistance. Compare MECHANICAL TIME 
CONSTANT. 

electrical transcription 1. A phonograph record 
made electrically, as opposed to one made me- 
chanically. 2. A radio program in which such a 
record is played. 3. Any direct mechanical or elec- 
trical recording of an audio signal. 

electrical transducer 1. A transducer that converts 
a nonelectrical phenomenon into a proportional 
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current, voltage, or frequency. 2. A transducer 
that converts electricity in one form to electricity in 
another [e.g., a transducer actuated by direct- 
current (dc) voltage, delivering an alternating- 
current (ac) output, whose frequency is 
proportional to the dc input voltage]. 

electrical twinning A defect in which two quartz 
crystals intergrow in such a way that the electri- 
cal sense of their axes becomes reversed. Com- 
pare OPTICAL TWINNING. 

electrical unit A standard for measuring an elec- 
trical quantity (e.g., ampere, ohm, volt, watt, 
siemens, etc.). 

electrical wavelength The distance between one 
point in an electromagnetic wave cycle and the 
next identical point. This is usually expressed as 
the separation between points where the instan- 
taneous amplitude of the electric field is zero and 
increasing positively. This quantity depends on 
the velocity factor, v, of the medium through, or 
along, which the field propagates. The electrical 
wavelength also depends on the frequency, f, of 
the energy. In a transmission line with a velocity 
factor v (given as a fraction rather than as a per- 
centage), the electrical wavelength A is given by 


4 = 3.00 x 10° v /f 
where s is in meters, v is in meters per second, 
and fis in hertz. Often, this formula is modified 
for values of f expressed in megahertz (Mhz) 


rather than in hertz. The equation in this case 
becomes 


X= 300 v / f 
The wavelength of a signal in a radio-frequency 


(RF) transmission line is always less than the 
wavelength of the same signal in free space. 
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electrical zero 1. A zero-output or minimum- 
output point resulting from the adjustment of a 
bridge or other zero-set circuit. 2. In a meter 
whose pointer is mechanically set to some point 
above or below the zero on the scale, the zero set- 
ting obtained when the meter is deflected to scale 
zero by a current or voltage. 3. For a synchro, the 
position at which the amplitudes and time phase 
of the outputs are defined. 
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electric and magnetic double refraction See 
KERR ELECTRO-OPTICAL EFFECT and KERR 
MAGNETO-OPTICAL EFFECT. 

electric arc A sustained luminous discharge in the 
space between two electrodes. Compare ELEC- 
TRIC SPARK. 

electric aura See ELECTRIC WIND. 

electric balance See BRIDGE, 1 and 2. 

electric bell See BELL. 

electric brazing A method of brazing in which 
electric current generates the required heat. 

electric breakdown 1. The usually sudden ioniza- 
tion of a gas by an electric field and the accompa- 
nying heavy current flow through the gas. 2. The 
(destructive) puncture of a dielectric by the strain 
produced by high voltage. Also see DIELECTRIC 
STRENGTH. 3. The usually nondestructive, 
abrupt increase in semiconductor junction cur- 
rent at a high reverse voltage. See, for example, 
AVALANCHE BREAKDOWN. 

electric breakdown voltage 1. The voltage at 
which avalanche effect occurs. 2. Dielectric 
strength. 

electric breeze See ELECTRIC WIND. 

electric buzzer See BUZZER. Compare ELEC- 
TRONIC BUZZER. 

electric calculator An electrically driven machine 
for performing mathematical operations. Its elec- 
tromechanical nature distinguishes it from the 
electronic calculator, which features no moving 
parts, other than keys. Also see CALCULATOR. 

electric catfish A fish native to tropical and north- 
ern Africa, capable of delivering a strong electric 
shock. 

electric cell See CELL, 1. 

electric chair An electrode-bearing chair used in 
some states for administering the death penalty 
via high-voltage electricity. See ELECTROCU- 
TION. 

electric charge Potential energy as the electrifica- 
tion of a body or component. For a capacitance of 
C farads charged to a potential of E volts, the 
charge Q, in coulombs, is equal to the product 
CE. Also see ENERGY STORED IN CAPACITOR. 

electric chronograph An instrument for accu- 
rately recording time intervals. 

electric chronometer A precision electric or elec- 
tronic timepiece. Also see ELECTRIC CLOCK and 
ELECTRONIC CLOCK. 

electric circuit A network of interconnected com- 
ponents and devices, often including a source of 
electric power. Current flowing through a circuit 
is acted on by components, which produce spe- 
cific desired effects. 

electric clock A clock driven by electric current. 
Electric clocks fall into two categories: those 
driven by synchronous alternating-current (ac) 
motors, and those driven by stepping mecha- 
nisms that usually operate from direct current 
(de). 

electric column See VOLTAIC PILE. 
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electric conduction The flow of current carriers 
through a conductor. 

electric constant Also called permitivity of vac- 
uum. The fixed electrical permitivity of free space, 
the value of which is 8.8542 x 1071? farad per 
meter. 

electric contact See CONTACT, 1, 2. 

electric controller An adjustable device for modi- 
fying the operating voltage or power of a com- 
ponent or system. Compare ELECTRONIC 
CONTROLLER. 

electric cooling 1. Cooling via PELTIER EFFECT. 
2. See ELECTROSTATIC COOLING. 3. Forced-air 
cooling (of equipment) by electric blowers or fans. 

electric current The phenomenon wherein charge 
carriers move in a directed manner through a 
material or vacuum. In most electrical conduc- 
tors, current results from movement of electrons. 
In a semiconductor material, electric current can 
result from the movement of holes, as well as 
electrons; the proportion of holes to electrons de- 
pends on the nature of the semiconductor. In a 
gas or electrolyte, current consists of a flow of 
ions. In certain situations, electric currents can 
result from the movement of positrons, protons, 
anti-protons, alpha particles, and various atomic 
nuclei. 

electric current density See CURRENT DENSITY. 

electric delay line See DELAY LINE. 

electric density See ELECTRIC SPACE DENSITY 
and ELECTRIC SURFACE DENSITY. 

electric dipole A pair of equal charges having op- 
posite polarity and separated by a fixed distance. 

electric discharge See ELECTRICAL DISCHARGE. 

electric-discharge lamp See DISCHARGE LAMP. 

electric disintegration See ELECTRIC DISPER- 
SION. 

electric dispersion In a colloidal suspension, dis- 
persion accomplished by passing an electric cur- 
rent through the material. 

electric displacement The movement of a body or 
particle in response to an electric current or field. 

electric double refraction See KERR ELECTRO- 
OPTICAL EFFECT. 

electric dust precipitator See DUST PRECIPITA- 
TOR. 

electric eel An eel (fish) capable of delivering a dis- 
abling shock on contact. 

electric elasticity See ELASTIVITY, 1, 2. 

electric endosmosis See ELECTRO-OSMOSIS. 

electric eye A sensing device that uses a radiant 
energy beam to detect objects. It generally uses a 
laser diode as the beam source, and a photoelec- 
tric cell, phototransistor, or photovoltaic cell as 
the beam detector. The output is used to control 
some external machine or system. 

electric fence A wire fence through which an elec- 
tric current is passed. Anyone touching the fence 
will receive a shock. It is used in some prisons, 
and also by cattle ranchers to keep people or an- 
imals contained. 


aos 


Photovoltaic cell 


Laser diode 












Power 


supply 


| eee 


circuit 


Controlled 
device 


electric eye 


electric fidelity The frequency response of a cir- 
cuit or device. 

electric field The space surrounding an electric 
charge or charged body, in which electric energy 
acts (electric lines of flux fill the space). 

electric field intensity See ELECTROSTATIC 
FIELD INTENSITY. 

electric field strength 1. Symbol, E. In an electro- 
magnetic wave, the amplitude of the electric com- 
ponent of the field, expressed in volts per meter. 
2. Dielectric strength. 

electric-field vector 
STRENGTH, 1. 

electric filter See ELECTRIC WAVE FILTER. 

electric fish Fish capable of generating intense elec- 
tric shocks (e.g., electric catfish and electric eel). 

electric flux See ELECTROSTATIC FLUX. 

electric flux density Symbol, D. In an electric 
field, the number of lines of flux per unit area, 
usually expressed in coulombs per square meter. 

electric flux lines The direction of the electric field 
in the vicinity of a charged object. The field is de- 
noted by means of “lines of flux” or “lines of 
force,” with each line representing a designated 
electric field intensity. The closer together the 
lines, the more intense the field in a given region. 

electric focusing See ELECTROSTATIC FOCUS- 
ING. 

electric force The force exerted by an electrically 
charged particle or an electric field. 

electric forces The forces exerted by electric 
charges or electric fields. Also see UNIT ELEC- 
TROSTATIC CHARGE. 

electric furnace An electrically heated chamber 
(sometimes heated by an electric arc) used in ore 
reduction, carbide manufacture, and other high- 
temperature processes. 

electric generator A device for producing elec- 
tricity. Thus, many different devices, such as bat- 


See ELECTRIC-FIELD 
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electric flux lines 


teries, dynamos, oscillators, solar cells, and ther- 
mocouples, are classed as generators. 

electric glow The light (usually pale blue) that oc- 
casionally accompanies an electric discharge in 
air. 

electric guitar A guitar whose acoustic vibrations 
are converted by a transducer to an electrical sig- 
nal for amplification. 

electric hygrometer An instrument for measuring 
humidity in terms of the moisture-sensitive resis- 
tance of a sensor. A relatively simple direct- 
current (dc) circuit is used. Compare 
ELECTRONIC HYGROMETER. 

electric hysteresis See ELECTROSTATIC HYS- 
TERESIS. 

electrician A professional person who installs and 
services electrical equipment and wiring. 

electric image For solving certain problems in- 
volving electricity, an array of electrical points 
forming an image of certain other electrical 
points. 

electricity 1. Phenomena resulting from the exis- 
tence of stationary or moving electric charge car- 
riers, such as electrons, holes, and ions. 2. A 
branch of physics concerned with phenomena re- 
sulting from the existence of stationary or moving 
charge carriers. 3. Electrical energy or power. 4. 
The voltage existing at utility outlets. In the North 
America, this is nominally an alternating-current 
(ac) voltage of 117 or 234 V at 60 Hz. 

electric lamp An electric-powered device used pri- 
marily as a source of light. Common types are 
arc, incandescent, and fluorescent. 

electric light 1. Visible light produced by means of 
electricity. 2. Electric lamp. 

electric lines of flux Lines of flux associated with 
an electric charge and constituting the charge’s 
electric field. 
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electric machine A mechanical device for generat- 
ing static electricity. See, for example, ELEC- 
TROSTATIC GENERATOR, VAN DE GRAAFF GEN- 
ERATOR, and WIMSHURST MACHINE. 

electric meter 1. An instrument such as an am- 
meter, voltmeter, or wattmeter, used to indicate 
an electrical quantity (usually directly). 2. See 
KILOWATT-HOUR METER. 

electric mirror See ELECTRON MIRROR. 

electric moment In an electric field of unit inten- 
sity, the maximum torque exerted on an electric 
dipole. 

electric motor A machine that converts electrical 
energy into mechanical work. The familiar form is 
a machine in which an armature rotates between 
the poles of a field magnet, mechanical energy be- 
ing produced at the armature’s revolving shaft. 

electric needle A needle electrode carrying high- 
frequency current; it is used in surgery to cut tis- 
sue and sear it immediately to prevent bleeding. 

electric network See ELECTRICAL NETWORK. 

electric organ See ELECTRONIC ORGAN. 

electric oscillations The alternate flow of electric 
charges in opposite directions, occurring at a de- 
fined frequency or frequencies. 

electric osmosis See ELECTRO-OSMOSIS. 

electric piano See ELECTRONIC PIANO. 

electric polarization 1. The orientation of flux 
lines in an electric field. 2. The orientation of the 
electric field component in an electromagnetic 
field. 

electric potential 
TIAL. 

electric power Symbol, P. Unit, watt. The rate at 
which electrical energy is used. Power is energy 
per unit time; in the context of electricity, it is ex- 
pressed as the product of current and voltage. In 
terms of heat losses, it is often expressed as I?R 
(current in amperes squared, multiplied by resis- 
tance in ohms). 

electric precipitator See DUST PRECIPITATOR. 

electric probe A pin or rod inserted into an elec- 
trostatic field to sample it, or into an electromag- 
netic field to sample its electric component. See, 
for example, WAVEGUIDE PROBE. Compare 
MAGNETIC PROBE. 

electric radiation 1. The radiation of energy by 
means of electric waves. 2. The energy so radiated. 

electric recording Inkless recording on paper by 
direct use of an electric current. The two principal 
types are: (1) A current-carrying stylus burns 
away (in a fine line) the metallic coating of the 
recording paper, exposing the dark underlying 
layer. (2) A stylus delivers current that produces 
a line by means of electrolysis in a special paper 
(see ELECTROLYTIC RECORDER). Compare 
ELECTROSTATIC PRINTER. 

electric reset See ELECTRICAL RESET. 

electric residue A residual electric charge, such as 
might remain on a capacitor after it has been in- 
completely discharged. 


See ELECTROSTATIC POTEN- 
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electric rings Colored rings formed on a plate by 
the electrolytic deposition of substances, such as 
copper and some peroxides. 

electric screen See ELECTROSTATIC SCREEN. 

electric shield See ELECTROSTATIC SCREEN. 

electric shock A physiological reaction caused by 
the passage of electric current through living tis- 
sue. When slight, it is characterized by tingling 
sensations and involuntary contractions of the 
muscles; a severe shock can cause paralysis, un- 
consciousness, heart fibrillation, and/or burns. If 
heart fibrillation occurs or if burns are severe, 
death can result. 

electric spark A momentary, luminous discharge 
of electricity in the space between two electrodes. 
Compare ARC, 1. 

electric steel Steel that has been processed in an 
electric furnace. 

electric strain See DIELECTRIC STRAIN. 

electric strain gauge A device for detecting the 
strain that a certain stress produces in a body. 
Typically, such a gauge consists of one or more 
fine insulated wires cemented to the surface un- 
der test. As the surface becomes strained, the 
wire stretches, undergoing a change in electrical 
resistance that is proportional to the change in 
strain. 

electric strength See DIELECTRIC STRENGTH. 

electric stress See DIELECTRIC STRESS. 

electric stroboscope See ELECTRONIC STROBO- 
SCOPE. 

electric surface density The ratio of the electric 
charge on a surface to the area of the surface. 
Compare ELECTRIC VOLUME DENSITY. 

electric tachometer See ELECTRONIC TACHO- 
METER. 

electric telemeter A device that sends metered 
data over a wire transmission line to a remote 
point for monitoring. 

electric thermometer See ELECTRONIC THER- 
MOMETER. 

electric transcription See ELECTRICAL TRAN- 
SCRIPTION. 

electric transducer A transducer that responds to 
non-electric energy, then delivers a proportional 
electric current or voltage to another circuit. 

electric tuning A means of adjusting the fre- 
quency of a receiver, transmitter, transceiver, or 
oscillator, without the use of mechanical devices. 
An example is the use of a varactor diode, whose 
capacitance varies with voltage. 

electric utilities The power companies that sup- 
ply electric current for industrial and consumer 
use. 

electric vane A small demonstration device con- 
sisting of a rotor having several spokes terminat- 
ing in points. The rotor is mounted on a pivot 
bearing and, when it is connected to a source of 
high voltage, spins from the force of electricity 
escaping from the points into the surrounding 
air. 
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electric vector In an electromagnetic field, the 
vector representing the electric component. It is 
perpendicular to the magnetic vector. 

electric volume density The ratio of the electric 
charge in a space to the volume of the space. 
Compare ELECTRIC SURFACE DENSITY. 

electric watch A small timepiece driven by a tiny, 
self-contained electrochemical cell that drives an 
electrical escapement or other stepping mecha- 
nism. Compare ELECTRONIC WATCH. 

electric wave See ELECTROMAGNETIC WAVES. 

electric-wave filter A circuit or device for separat- 
ing signals of one frequency from those of other 
frequencies. 

electric whirl See ELECTRIC VANE. 

electric wind 1. Air currents set up by electrons 
escaping from the sharp point of a high-voltage 
electrode. 2. The outward-rushing plasma (solar 
wind) ejected by the sun and traveling through 
space. 

electrification 1. Generating an electric charge in 
a body, as in charging a glass rod by rubbing it 
with a silk cloth. 2. Providing electric service (e.g., 
RURAL ELECTRIFICATION). 3. The conversion of 
a system from purely mechanical to electrical or 
electromechanical. 

electroacoustic Pertaining to devices and systems 
that exhibit both electrical and acoustic effects. 
For example, speakers and microphones are elec- 
troacoustic devices. 

electroacoustic device A device that transfers en- 
ergy by converting it from electrical to acoustic 
form or vice-versa. 

electroacoustic transducer A transducer that 
converts sound vibrations into electrical pulsa- 
tions or, conversely, one that converts electricity 
into sound. 

electroanalysis Chemical analysis performed by 
electrolytic methods. 

electroanesthesia Anesthesia produced by an 
electric current going through some part of the 
body. 

electroballistics A branch of physics concerned 
with the electrical or electronic measurement of 
the velocities and trajectories of projectiles. 
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electrobath A_ solution in which ELECTRO- 
PHORESIS or ELECTROPLATING is done. 

electrobiology Biology concerned with electrical 
phenomena in living organisms. 

electrobioscopy The examination of a body for vi- 
ability by inducing muscular contractions with 
an electrical impulse. 

electrocapillarity The production of capillary ef- 
fects by means of electricity. See, for example, 
CAPILLARY ELECTROMETER. 

electrocardiogram Abbreviation, ECG or EKG. A 
record made by an electrocardiograph of the 
changes in potential caused by the heartbeat; 
used as a diagnostic aid. 

electrocardiograph An instrument that records 
changes in electrical potential caused by the 
heartbeat. 

electrocardiophonograph A medical instrument 
that detects and records the impulses of the 
heart. 

electrocatalysis Catalytic action produced by 
electricity (see CATALYSIS). 

electrocautery 1. In medicine, a cauterizing in- 
strument consisting essentially of a platinum 
wire (at the tip of an insulated probe) that is 
heated by an electric current. Also see ELECTRIC 
NEEDLE. 2. Cauterizing with an electrocautery. 

electrochemical deterioration An _ electrochemi- 
cal reaction that results in the permanent or tem- 
porary failure of a device. 

electrochemical diffused-collector transistor A 
high-current pnp transistor in which metal has 
replaced the etched-away mass of p material, 
providing a built-in heatsink. 

electrochemical equivalent In electrolysis or elec- 
troplating, a constant (Z) for the metal in plates. 
For a given metal, Z is the mass (in grams) of the 
metal deposited by 1 coulomb of electricity. 

electrochemical junction transistor See SUR- 
FACE-BARRIER TRANSISTOR. 

electrochemical measurements 1. Measurements 
made on chemical substances with electrical in- 
struments to determine such factors as conduc- 
tivity, pH, dielectric strength, dielectric constant, 
etc. 2. Measurements of electrical or electronic 
phenomena in terms of electrochemical response 
(e.g., current drain in terms of weight of plated 
metal, or voltage in terms of gas breakdown). 

electrochemical polarization The disabling of a 
primary cell caused by gas products deposited 
around or on one of the electrodes. 

electrochemical recording See ELECTRIC RE- 
CORDING. 

electrochemical reduction Extracting a metal 
from a compound by means of electrolysis. 

electrochemical series See ELECTROMOTIVE 
SERIES. 

electrochemical switch A static, ionic alternat- 
ing-current (ac) switch consisting of an anode, 
cathode, and a control electrode, all immersed in 
an electrolyte. A positive control-electrode voltage 
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switches the device on, initiating ion current from 
anode to cathode through the liquid. 

electrochemical transducer A transducer that 
converts chemical changes into electrical quanti- 
ties, or vice versa. Examples: soil-acidity probe 
and electrolytic elapsed-time meter. 

electrochemistry The branch of chemistry, over- 
lapping with physics, concerned with chemical 
action arising from the effect of electricity on sub- 
stances, and electrical effects produced by chem- 
ical action. 

electrochromic display A display that operates by 
means of electric fields, which control the light- 
transmission and light-reflection characteristics 
in different regions of the material. 

electrochronometer A precision electric or elec- 
tronic clock. Also see ELECTRIC CLOCK and 
ELECTRONIC CLOCK. 

electrocoagulation Use of a high-frequency alter- 
nating current to solidify tissue, as in arresting 
bleeding. 

electrocorticogram See 
GRAM. 

electroculture Acceleration or modification of 
plant growth through the application of electricity 
to plants, seeds, or soil. 

electrocution 1. Death resulting from electric 
shock. 2. An electric shock inflicted for the purpose 
of causing death (e.g., in an ELECTRIC CHAIR). 

electrode A body, point, or terminal in a device or 
circuit that delivers electricity, or to which elec- 
tricity is applied. A positive electrode is usually 
an ANODE; a negative electrode is usually a 
CATHODE. 

electrode admittance The admittance encoun- 
tered by current flowing through an electrode; the 
property is entirely that of the electrode and is the 
reciprocal of ELECTRODE IMPEDANCE. Consists 
of a real-number component (ELECTRODE 
CONDUCTANCE) and an_ imaginary-number 
component that is 90 degrees out of phase 
(ELECTRODE SUSCEPTANCE). 

electrode capacitance The capacitance between 
an electrode and a reference body, such as 
ground or another electrode. 

electrode characteristic The mathematical func- 
tion or graph of electrode current versus elec- 
trode voltage. 

electrode conductance The conductance encoun- 
tered by current flowing through an electrode; the 
property is entirely that of the electrode and is the 
reciprocal of ELECTRODE RESISTANCE. 

electrode current Current entering or leaving an 
electrode. 

electrode dark current See DARK CURRENT. 

electrode dissipation The power lost in the form 
of heat in an electrode. 

electrode drop Voltage drop resulting from ELEC- 
TRODE RESISTANCE. 

electrode efficiency In an electrolytic cell, the ra- 
tio of the yield of metal deposited to the maximum 
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possible theoretical yield. This value ranges be- 
tween 0 and 1 (0 percent and 100 percent). 

electrode impedance The impedance encountered 
by alternating current flowing through an elec- 
trode; the property is entirely that of the electrode 
and is the reciprocal of ELECTRODE ADMIT- 
TANCE. Consists of a real-number component 
(ELECTRODE RESISTANCE) and an imaginary- 
number component that is 90 degrees out of 
phase (ELECTRODE REACTANCE). 

electrodeless discharge Discharge in a gas tube 
that is not directly connected to a power source. 
A familiar example is the glow of a neon lamp held 
in a strong radio-frequency (RF) electromagnetic 
field. 

electrodeposit 1. To deposit a substance by elec- 
trical action. Also see ELECTROPHORESIS and 
ELECTROPLATING. 2. A deposit that is formed 
on an electrode by electrophoresis or electroplat- 
ing. 

electrodeposition The electrical application of a 
layer of one material (such as a metal) on the sur- 
face of another (the substrate) (e.g., electroplat- 
ing, evaporation, and sputtering). 

electrode potential See ELECTRODE VOLTAGE. 

electrode reactance The imaginary-number com- 
ponent of ELECTRODE IMPEDANCE. 

electrode resistance The resistance encountered 
by current flowing through an electrode; the 
property is entirely that of the electrode and is the 
reciprocal of ELECTRODE CONDUCTANCE. 

electrodermography A method of monitoring 
the functions of the human body by measuring 
the resistance between two electrodes placed on 
the surface of the skin. 

electrode susceptance The imaginary-number 
component of ELECTRODE ADMITTANCE. 

electrode voltage The voltage between an elec- 
trode and a reference point, such as ground or 
another electrode. 

electrodiagnosis 1. The diagnosis of a disease or 
disorder through the use of electromedical in- 
struments. 2. Troubleshooting the electrical por- 
tion of electromechanical equipment. 

electrodialysis See ELECTRO-OSMOSIS. 

electrodissolution Dissolving a constituent sub- 
stance of an immersed electrode by means of 
electrolysis. 

electrodynamic Pertaining to electricity in motion 
(i.e., current flow and its accompanying electric 
and magnetic fields). 

electrodynamic braking Stopping a_ tape-deck 
motor quickly by applying a braking voltage. In 
this method, direct braking current flows through 
the shaded-pole alternating-current (ac) reel 
motor. 


electrodynamic instrument See ELECTRODY- 
NAMOMETER. 

electrodynamic loudspeaker See DYNAMIC 
SPEAKER. 


aos 


electrodynamics The branch of physics con- 
cerned with moving electric charge carriers, 
such as electrons, holes, and ions. Also con- 
cerned with the interaction of electrical and me- 
chanical phenomena. Important in the design 
and manufacture of devices, such as motors and 
generators. 

electrodynamic speaker See DYNAMIC SPEAKER. 

electrodynamism See ELECTRODYNAMICS. 

electrodynamometer An indicating meter whose 
movable coil rotates between two stationary coils. 
All three coils are connected in series, and the 
magnetic fields of the two stationary coils are ad- 
ditive. This meter produces a positive indication 
for alternating current (ac), as well as for direct 
current (dc). Can be adapted for use as an amme- 
ter, voltmeter, or wattmeter. 

electroencephalogram Abbreviation, EEG. A 
record made by an ELECTROENCEPHALO- 
GRAPH, showing changes in electric potential re- 
sulting from bioelectric action in the brain. The 
record is used as a diagnostic aid. 

electroencephalograph An instrument that pro- 
duces a record of voltage changes resulting from 
the brain’s bioelectricity. 

electroencephaloscope A type of oscilloscope 
used to pick up, amplify, and display changes in 
potential caused by the brain’s bioelectric action. 

electroextraction Extracting a substance from a 
mixture (e.g., a metal from an ore) by an electrical 
process, such as electrolysis. 

electroform 1. To precondition a material or de- 
vice (e.g., a semiconductor junction) by passing a 
current through it for a specified period. 2. To 
form articles by electrodepositing material on a 
mold or core. 

electrogalvanized Electroplated with zinc. 

electrogastrogram A recording of the electrical im- 
pulses and other functions of the stomach, for 
medical diagnostic purposes. 

electrograph 1. A picture transmitting or receiving 
device (see FACSIMILE RECEIVER and FACSIM- 
ILE TRANSMITTER). 2. A device used for the elec- 
trolytic etching or transfer of designs. 

electrographic recording A method of producing 
a visible pattern or record, using electrodes to 
create discharge through an insulating material. 

electrographite Synthetic graphite prepared by 
heating carbon in an electric furnace. 

electrojet A region of high current concentration 
in the sky near bright auroral displays or along 
the magnetic equator. 

electrokinetic energy The energy of electric 
charge carriers in motion; a form of kinetic en- 
ergy. The current in a wire (a flow of electrons) is 
a common manifestation of this form of energy. 
Compare ELECTROSTATIC ENERGY. 

electrokinetics A branch of electricity concerned 
with (1) the behavior of moving charged parti- 
cles (such as ions and molecules) and bodies in 


—P— 


5059F-pE-224-273 


4/9/01 5:26 PM Page 239 


motion, and (2) the generation of static charges 
by moving liquids or solids in contact with each 
other. 

electroless process Plating a metal from a 
solution of one of its salts without using elec- 
tricity. 

electroluminescence The ability of certain phos- 
phors to emit light continuously when an alter- 
nating-current (ac) voltage is applied to them. 

electroluminescent cell A device for generating 
light by electroluminescence. It consists of a lu- 
minescent-phosphor layer and two transparent 
metal films. An alternating-current (ac) voltage 
applied between the films causes the phosphor to 
glow through the transparent metal. 


Transparent 
metal coat 





Phosphor 


Glass plate 
Phosphor 


Clear 
conductive 
electrodes 


electroluminescent cell 


electroluminescent lamp A lamp using one or 
more electroluminescent panels. 

electroluminescent panel A panel that forms a 
complete electroluminescent cell. It delivers low- 
intensity visible light when an _ alternating- 
current (ac) voltage is applied to it. Available in 
various sizes and shapes. 

electrolysis 1. The action whereby a current pass- 
ing through a conductive solution (electrolyte) 
produces a chemical change in the solution and 
the electrodes. 2. An electrical method of destroy- 
ing hair roots. 

electrolyte A substance that ionizes in solution. 
Electrolytes conduct electricity; in batteries, they 
are instrumental in producing electricity by 
chemical action. 

electrolytic 1. Containing an electrolyte sub- 
stance. 2. See ELECTROLYTIC CAPACITOR. 


ao 


electrokinetics ¢ electrolytic elapsed-time meter 


239 


electrolytic capacitor A component that is man- 
ufactured by rolling up aluminum foil strips 
separated by paper saturated with electrolyte. 
When a polarized voltage is applied, the alu- 
minum oxidizes. The oxide layer forms the di- 
electric for the capacitor. The layer is extremely 
thin, producing high capacitance per unit vol- 
ume. This type of capacitor must be connected 
with the proper polarity in a circuit. The compo- 
nent can have values up to thousands of micro- 
farads, and some units can handle thousands of 
volts. They are used in audio circuits and in 
power supplies. Compare CERAMIC CAPACI- 
TOR, MICA CAPACITOR, PAPER CAPACITOR, 


PLASTIC-FILM CAPACITOR, TANTALUM 
CAPACITOR. 
Aluminum 
can 
Electrolyte 
paste 
+ 


Spiral-wound 
aluminum foil 


electrolytic capacitor 


electrolytic cell An electrochemical device con- 
taining an electrolyte and at least two elec- 
trodes. Included in this category are voltaic 
cells, electrolytic capacitors, and electrolytic re- 
sistors. 

electrolytic conduction Electric current flowing 
through an electrolyte, an action characterized by 
(1) positive electrolyte ions migrating to the 
negative electrode, where they acquire electrons; 
(2) negative ions migrating to the positive elec- 
trode, where they lose electrons; and (3) current 
flow in the external circuit, which consists of con- 
ventional electron flow (current in the electrolyte 
is a movement of ions). 

electrolytic conductivity Conductance of an elec- 
trolyte. It is the conductance of a cube of the elec- 
trolyte, measuring one centimeter along each 
edge, at a specified temperature. 

electrolytic corrosion Corrosion caused by an ap- 
plied voltage, or that is accelerated by the voltage. 
Compare GALVANIC CORROSION. 

electrolytic current meter See VOLTAMMETER. 

electrolytic dissociation See DISSOCIATION. 

electrolytic elapsed-time meter An instrument 
that indicates the time that equipment has been 
in operation in terms of the amount of metal 
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electroplated on the cathode of an electrolytic 
cell by energy consumed during the period. 

electrolytic gas A gas produced by electrolysis. 
Examples are hydrogen (H) and oxygen (O), gen- 
erated in a ratio of two to one, by the electrolysis 
of water (H20). 

electrolytic iron Very pure iron obtained by elec- 
trolytic refining. 

electrolytic polarization In electrolysis, the ten- 
dency for the products to recombine. In an elec- 
trolytic cell, this effect interferes with the 
performance of the cell, reducing the voltage. 

electrolytic potential The difference of potential 
that appears between a metal electrode in an 
electrolyte and the electrolyte immediately 
surrounding it. Also see ELECTROMOTIVE 
SERIES. 

electrolytic recorder A data recorder that uses a 
paper impregnated with a chemical that turns 
dark when an electric current passes through the 
paper from the point of a stylus. 

electrolytic rectifier A rectifier consisting of an 
aluminum electrode and a lead or carbon elec- 
trode in a solution of borax or sodium bicarbon- 
ate, or in a solution of ammonium citrate, 
ammonium phosphate, and potassium citrate. 
Also called chemical rectifier. 

electrolytic refining Extracting or purifying met- 
als by electrolysis. 

electrolytic resistor An emergency resistor made 
by immersing two wire leads in an electrolyte; the 
weaker the solution, the higher the resistance. 

electrolytic switch See ELECTROCHEMICAL 
SWITCH. 

electrolyze To subject something to electrolytic 
action. 

electrolyzer A cell used in the production of vari- 
ous materials by electrolysis. See, for example, 
ELECTROCHEMICAL REDUCTION and ELEC- 
TROLYTIC REFINING. 

electromagnet 1. A coil of insulated wire wound 
around an iron or steel cylinder, intended for use 
as a magnet. When current flows through the 
coil, a magnetic field develops, in effect rendering 
the cylinder a strong bar magnet. 2. Any device 
that exhibits magnetism only while an electric 
current flows through it. 

electromagnetic Exhibiting both electric and 
magnetic properties (e.g., an electromagnetic 
wave). 

electromagnetic attraction 1. The attraction of 
iron or steel to an electromagnet. 2. The attrac- 
tion of an electromagnetic pole to the opposite 
pole of another electromagnet. A unit pole at- 
tracts another unit pole 1 centimeter away with a 
force of 1 dyne or 10° newton. Compare ELEC- 
TROMAGNETIC REPULSION. 

electromagnetic communication 1. Any form of 
communication using a combination of electric 
and magnetic phenomena. Examples include 
wire telegraphy, wire telephony, radiotelegraphy, 


radiotelephony, facsimile, and television. 2. Elec- 
tronic communication via electromagnetic fields 
(i.e., radio communication). 

electromagnetic compatibility 1. The ability ofa 
set of electronic devices to work together without 
being adversely affected by each other’s electro- 
magnetic fields. 2. In radio communication, the 
relative immunity of a device or devices to the ef- 
fects of electromagnetic fields. 

electromagnetic complex A system that produces 
electromagnetic radiation. 

electromagnetic component 1. The magnetic 
component of an electromagnetic wave, which is 
perpendicular to the electrostatic component, 
and can be thought of as the wave’s current 
component. 2. A device operated by electro- 
magnetism, such as a coil-type relay or a current- 
operated field magnet. 

electromagnetic consonance An effect that takes 
place when two antenna elements, both having 
identical or nearly identical resonant frequencies, 
are in close proximity. If one antenna is fed with 
energy at its resonant frequency, currents will be 
induced in the other antenna, and it, too, will ra- 
diate. Parasitic arrays, such as the Yagi antenna 
and the quad antenna, operate on this principle. 
See RESONANCE. 

electromagnetic constant 1. Symbol, c. The prop- 
agation speed of electromagnetic waves in a vac- 
uum, approximately equal to 299,792 kilometers 
per second or 186,282 miles per second. Also 
called SPEED OF LIGHT and VELOCITY OF 
LIGHT. 2. The propagation speed of electromag- 
netic waves in a particular medium. Equal to vc, 
where v is the VELOCITY FACTOR of the 
medium, and c is the speed of electromagnetic 
waves in a vacuum (299,792 kilometers per sec- 
ond or 186,282 miles per second). 

electromagnetic coupling See INDUCTIVE COU- 
PLING. 

electromagnetic crack detector An instrument 
that uses electromagnetic fields to find cracks in 
iron or steel. 

electromagnetic CRT A cathode-ray tube using 
electromagnetic deflection. 

electromagnetic cylinder See SOLENOID. 

electromagnetic deflection In a television picture 
tube and some oscilloscopes, deflection of the 
electron beam by the magnetic fields of external 
horizontal- and vertical-deflection coils. Compare 
ELECTROSTATIC DEFLECTION. 

electromagnetic deflection coil See DEFLEC- 
TION COILS. 

electromagnetic delay line See DELAY LINE. 

electromagnetic energy Energy in the form of 
electric and magnetic fields. A radio wave travel- 
ing through space, for example, has electric and 
magnetic components, between which energy os- 
cillates. 

electromagnetic energy conversion The conver- 
sion of electrical energy into mechanical work 
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and vice versa, through the intermediary of an 
electromagnetic field. 

electromagnetic environment A region in which 
electric and magnetic fields are present. 

electromagnetic field A combination of alternat- 
ing electric and magnetic fields. The electric lines 
of flux are perpendicular to the magnetic lines of 
flux at every point in space. The field propagates 
in a direction perpendicular to both the electric 
and magnetic lines of flux. The frequency of oscil- 
lation can range from a fraction of one Hz to many 
quadrillions of Hz. In order from longest wave- 
length (lowest frequency) to shortest wavelength 
(highest frequency), effects of this type include ra- 
dio waves, infrared, visible light, ultraviolet, 
X rays, and gamma rays. 


Electric field 





Magnetic | | | | 


field a 
| | 








Direction 
of propagation 


electromagnetic field 


electromagnetic flux The magnetic field sur- 
rounding a coil or conductor carrying an electric 
current. 

electromagnetic focusing In a television picture 
tube, electron-beam focusing obtained by varying 
the direct current flowing through an external 
focusing coil. 


electromagnetic force The force that causes a 
conductor to be displaced from its position in a 
magnetic field when it conducts current. 

electromagnetic frequency spectrum The fre- 
quency range of electromagnetic fields including 
radio waves, infrared, visible light, ultraviolet, 
X rays, and gamma rays. Ranges from a fraction 
of one Hz to many quadrillions of Hz. 

electromagnetic horn radiator A horn used to ra- 
diate microwave energy. Also see HORN AN- 
TENNA. 

electromagnetic induction Inducing a voltage in 
a circuit or conductor by causing alternating 
current to flow in another nearby circuit or con- 
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electromagnetic frequency spectrum 


ductor. INDUC- 
TION. 

electromagnetic inertia The tendency for the cur- 
rent in a circuit to lag the voltage at high fre- 
quencies. 

electromagnetic interference Abbreviation, EMI. 
A phenomenon in which electronic devices upset 
each other’s operation. Computers, television re- 
ceivers, telephone sets, high-fidelity sound 
equipment, and certain medical devices can 
malfunction because of strong radio-frequency 
fields such as those from a nearby broadcast 
transmitter. The EMIis usually the result of 
improper or ineffective shielding in the affected 
device or system. 

electromagnetic lens A coil or coil system whose 
magnetic field causes an electron beam passing 
through it to converge or diverge as a light beam 
does in passing through an optical lens. Compare 
ELECTROSTATIC LENS. Also see ELECTROMAG- 
NETIC FOCUSING. 

electromagnetic mass The mass that a moving 
electric charge is thought to possess. 

electromagnetic microphone A microphone in 
which sound energy is converted into proportionate 
electrical energy by electromagnetism. Common 


Compare ELECTROSTATIC 
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examples are the dynamic microphone and veloc- 
ity microphone. 

electromagnetic mirror A reflector of electromag- 
netic waves (e.g., antenna elements, ionospheric 
layers, buildings, and hills). 

electromagnetic momentum The momentum ofa 
moving electric charge, comparable to that of 
matter in motion. Electromagnetic momentum is 
the product of electromagnetic mass and charge 
velocity. 

electromagnetic oscillograph 1. An electrome- 
chanical data recorder for tracing the waveform 
or variations of a signal. 2. See ELECTROME- 
CHANICAL OSCILLOSCOPE. 

electromagnetic oscilloscope 1. An oscilloscope 
using electromagnetic deflection. 2. See ELEC- 
TROMECHANICAL OSCILLOSCOPE. 

electromagnetic pump A device used for moving 
conducting or semiconducting fluids. When a 
current is passed through the fluid, a force is ex- 
erted on the molecules of the fluid because of the 
magnetic field set up by the current. 

electromagnetic pulse Abbreviation, EMP. 1. A 
broadband electromagnetic field emitted in a 
short, intense burst from a lightning stroke or 
nuclear explosion. This field can disrupt the op- 
eration of, and (in some cases) cause damage to, 
electrical and electronic apparatus. 2. In electro- 
magnetic induction, the displacement of an elec- 
tron in a conductor by the magnetic field. 

electromagnetic radiation The propagation of 
electromagnetic fields through space; it normally 
occurs at approximately 299,792 kilometers per 
second or 186,282 miles per second. 

electromagnetic reaction The reaction between 
magnetic fields. Also see ELECTROMAGNETIC 
ATTRACTION and ELECTROMAGNETIC REPUL- 
SION. 

electromagnetic reconnaissance In military ap- 
plications, the use of electromagnetic apparatus 
to detect potential enemy activity in a certain ge- 
ographic region. 

electromagnetic relay See ELECTROMECHANI- 
CAL RELAY. 

electromagnetic repulsion The repulsion ofa pole 
of an electromagnet by the pole of another elec- 
tromagnet (north pole opposing north pole, south 
opposing south). Compare ELECTROMAGNETIC 
ATTRACTION. 

electromagnetics A branch of physics concerned 
with the theory and application of electromag- 
netism. 

electromagnetic 
NETIC SHIELD. 

electromagnetic shield 1. A partition, can, or box 
made of magnetic material (iron, steel, or special 
alloy) enclosing a magnetic component. The 
magnetic flux generated by the component is con- 
fined by the shield, thus preventing interference 
with external components. Likewise, external 
magnetic fields are prevented from reaching the 


screen See ELECTROMAG- 


component. 2. A grounded partition, metal sheet, 
wire braid, or other barrier that prevents electro- 
magnetic fields from passing through. Commonly 
used in electronic equipment to prevent ELEC- 
TROMAGNETIC INTERFERENCE. Also used in 
COAXIAL CABLE to confine electromagnetic 
fields to the transmission line. 

electromagnetic shielding The use of an ELEC- 
TROMAGNETIC SHIELD to prevent undesired in- 
teraction among electrical and electronic devices 
and systems. 

electromagnetic spectrum See ELECTROMAG- 
NETIC FREQUENCY SPECTRUM and ELECTRO- 
MAGNETIC WAVELENGTH SPECTRUM. 

electromagnetic switch 1. A switch actuated by 
magnetism produced by control current flowing 
through a coil wound on an iron core. 2. See 
ELECTROMECHANICAL RELAY. 

electromagnetic theory of light The theory that 
light consists of electromagnetic waves that are 
similar to radio waves, but of shorter wavelength. 

electromagnetic tube A cathode-ray tube using 
electromagnetic deflection (e.g., a television pic- 
ture tube). 

electromagnetic unit Abbreviation, emu. A unit 
of measure in the electromagnetic system of 
CENTIMETER-GRAM-SECOND (cgs) units. 

electromagnetic vibrator See INTERRUPTER. 

electromagnetic wavelength spectrum The 
wavelength range of electromagnetic fields, in- 
cluding radio waves, infrared, visible light, ultra- 
violet, X rays, and gamma rays. It ranges from 
many kilometers to a tiny fraction of one millime- 
ter. 

electromagnetic-wave polarization The orienta- 
tion of the electric flux lines in an electromagnetic 
(EM) field, especially a field propagating through 
space. The polarization is generally parallel with 
the active element of a radio transmitting or re- 
ceiving antenna. Thus, a vertical antenna radi- 
ates and receives fields with vertical polarization, 
and a horizontal antenna radiates and receives 
fields having horizontal polarization. Some anten- 
nas radiate and receive an EM field whose polar- 
ization continually and rapidly rotates. This is 
elliptical polarization. If the rate of rotation is con- 
stant, it is circular polarization. 

electromagnetic waves Waves produced in a con- 
ductor or in space by the acceleration or oscilla- 
tion of electric charge carriers. Such waves have 
an electric and a magnetic component acting at 
right angles to each other. The waves propagate 
at right angles to both the electric and magnetic 
flux lines. 

electromagnetism 1. Magnetism resulting from 
the movement of electric charge carriers (e.g., the 
magnetic field surrounding a coil of wire carrying 
an electric current). 2. See ELECTROMAGNET- 
ICS. 

electromagnetizer A magnetizer using continuous 
direct current (dc) as the magnetic-field source. 
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electromechanical Descriptive of any device that 
converts energy from electrical to mechanical 
form or vice-versa. Examples are the motor and 
the generator. 

electromechanical amplifier An amplifier that 
converts an electrical input signal into mechani- 
cal motion (vibratory or rotary), which it then 
converts back into an electrical output signal of 
higher current, voltage, or power. 

electromechanical chopper A vibrator-type inter- 
rupter used primarily to chop direct current, con- 
verting it into a square-wave signal, whose 
amplitude is proportional to current strength. 
Also see CHOPPER. 

electromechanical counter A device that indi- 
cates the number of pulses that have been ap- 
plied to it. Typically, it has a series of dials—each 
capable of displaying the numerals 0 to 9 in se- 
quence, one for each decade in the count. The di- 
als are geared together, the train being operated 
by the stepping action of an electromagnetic es- 
capement. Compare ELECTRONIC COUNTER. 

electromechanical energy The energy stored by 
an inductor or capacitor in an electromechanical 
device. 

electromechanical filter See ULTRASONIC FIL- 
TER, 1. 

electromechanical flip-flop See BISTABLE RELAY. 

electromechanical frequency meter A usually di- 
rect-reading instrument for measuring frequency 
in the lower and middle portions of the audio 
spectrum. It works via the mechanical motion re- 
sulting from the applied signal. The two varieties 
are the movable-iron type and the reed type. 

electromechanical modulator See CHOPPER. 

electromechanical oscillator An oscillator con- 
sisting of an electromechanical amplifier provided 
with regenerative feedback. 

electromechanical oscilloscope A galvanometer- 
type instrument for displaying a varying or alter- 
nating current or voltage. The signal is applied to 
a meter movement having a movable coil, which 
swings or vibrates in response to the signal. A 
tiny mirror cemented to the coil reflects a beam of 
light to a rotating mirror that sweeps the beam 
across a translucent screen on which the image is 
produced. 

electromechanical recorder An instrument in 
which a pen or stylus is moved on a sheet of pa- 
per by the varying signal current or voltage being 
recorded. 

electromechanical rectifier A rectifier in which a 
moving part, such as a vibrating reed or rotating 
commutator-slip-ring unit, is driven by alternat- 
ing current (ac) to close the circuit during positive 
or negative ac half-cycles, thus rectifying the ac. 
Compare ELECTROLYTIC RECTIFIER and ELEC- 
TRONIC RECTIFIER. 

electromechanical relay An _ electromagnetic 
switch consisting of a multiturn coil wound on an 
iron core near an armature with a movable end 
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contact. When control current flows through the 
coil, it becomes magnetized and attracts the ar- 
mature, closing the movable contact against a 
stationary one. 


Switched 
terminals Movable contact 
Fixed contact 
Actuating Iron-core coil 


current (electromagnetic) 


electromechanical relay 


electromechanical timer A device for automati- 
cally timing a process or an observed event. Most 
such timers are based on an accurate clock (elec- 
tric or spring driven) that opens or closes 
contacts at predetermined instants. Compare 
ELECTRONIC TIMER. 

electromechanical transducer A transducer that 
translates mechanical signals directly into elec- 
trical ones or vice versa, without the intermediary 
of active devices, such as transistors or inte- 
grated circuits. 

electromechanical valve A usually poppet-type 
valve for gases or liquids. The valve is operated by 
electromagnetic action and is often aided by an 
electronic (servo) circuit. 

electromechanics The theory and application of 
electromechanical devices. 

electromedical engineering The branch of elec- 
tronics engineering concerned with the theory, 
design, and application of electronic equipment 
for medical diagnosis or treatment. 

electromedical equipment Electrical or electronic 
equipment used in medical diagnosis or treat- 
ment. 

electromerism lonization in gases. 

electrometallurgy The branch of metallurgy con- 
cerned with the use of electricity (especially in 
electrolysis) to separate or purify metals or to fur- 
nish heat for metallurgical processes. 

electrometer A specially designed, highly sensitive 
electronic voltmeter used to measure extremely 
low voltages and, indirectly, extremely low cur- 
rents. It is sometimes used as a galvanometer. 

electrometer amplifier A stable low-noise amplifier 
for increasing the sensitivity of an electrometer. 

electrometry The science of electrical measure- 
ments. 

electromigration The movement of atoms in a 
substance from one place to another, because of 
interaction between electrons and ions in the 
presence of electric currents. This effect can 
cause the eventual deterioration of certain semi- 
conductor devices. 
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electromotion Motion electric 
charges or electrons. 

electromotive force Abbreviation, emf. Electrical 
pressure, the potential that causes charge carri- 
ers to move through a substance or circuit. See 
VOLTAGE. 

electromotive series A list of metals arranged ac- 
cording to the potential between the surface of 
the metals and an electrolyte into which they are 
immersed. Some metals acquire a positive poten- 
tial (with respect to hydrogen, for which the po- 
tential is zero) and others, a negative potential. 

electromotor A generator or motor, depending 
upon the context in which the term is used. 

electromyogram The record produced by an 
ELECTROMYOGRAPH. 

electromyograph An instrument for detecting, 
measuring, and analyzing the weak electrical 
currents generated by muscular activity. 

electromyography The monitoring and analysis of 
the electrical activity of human muscles. 

electron The subatomic particle that carries the 
unit negative charge of electricity. The electron 
has a mass of 9.109 x 10-3! kilogram and carries 
a charge of 1.602 x 10-19 coulomb. 

electron acceleration See ELECTRON MOTION, 2. 

electronarcosis Loss of consciousness caused by 
passing a weak current through the brain. Useful 
in treating certain mental disorders, the process 
is somewhat similar to ELECTROSHOCK. 

electron attachment The bonding of an electron 
to a neutral atom to form a negative ion. Also see 
ANION and ION. 

electron avalanche See AVALANCHE and ELEC- 
TRON MULTIPLICATION. 

electron band 1. An emission line in the spectrum 
of an element or compound, caused by the move- 
ment of electrons from higher to lower energy lev- 
els within the atoms. 2. An absorption line in the 
spectrum of an element or compound, caused by 
the movement of electrons from lower to higher 
energy levels within the atoms. 

electron beam See ELECTRON STREAM, 1. 

electron-beam bender Any element that causes 
intentional deflection of the electron stream in a 
cathode-ray tube. 

electron-beam focusing Reducing the size of the 
spot produced by the electron beam in a cathode- 
ray tube or television picture tube. This is accom- 
plished by adjusting the direct-current (dc) bias 
voltage on a focusing electrode. 

electron-beam generator 1.See ELECTRON GUN. 
2. A tube, such as a Klystron, in which velocity 
modulation of the electron beam generates ex- 
tremely high radio frequencies. 

electron-beam instrument An instrument, such 
as an oscilloscope, based on a cathode-ray tube. 

electron-beam machining Welding or shaping 
materials by controlled electron beams. 

electron-beam magnetometer A magnetometer in 
which the magnetic field under measurement 


produced by 
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deflects the electron beam in a cathode-ray tube 
over a distance that is proportional to field inten- 
sity. 

electron-beam recording In digital computer op- 
erations, a technique whereby the output of a 
computer is recorded on microfilm by an electron 
beam. 

electron-beam scanning tube A tube in which an 
electron beam strikes a sensitized screen to pro- 
duce a spot of light, which is deflected electrically 
or magnetically across a screen. Examples are os- 
cilloscope tubes, storage tubes, and television 
picture tubes. 

electron-beam tube Electron tubes (such as 
beam-power tubes, klystrons, oscilloscope tubes, 
and television picture tubes), in which an elec- 
tron beam is generated and controlled. 

electron-beam welding A method of welding in 
which an electron beam is focused on the work- 
piece to heat it. 

electron-bombarded semiconductor A semicon- 
ductor wafer, plate, or junction that is acted on 
by an electron beam; it alters the resistance of the 
semiconductor to control the current in an exter- 
nal circuit. 

electron-bombarded semiconductor 
See EBS AMPLIFIER. 

electron bunching See BUNCHING. 

electron charge See ELEMENTARY CHARGE. 

electron cloud A mass of free electrons. 

electron diffraction Diffraction that occurs when 
a beam of electrons passes through a crystal ma- 
terial. Fast-moving electrons have wavelike prop- 
erties; the wavelength depends on the speed of 
the particles. This effect can also occur with 
beams of other particles, such as neutrons, pro- 
tons, or alpha particles. 

electron drift 1. The movement of an electron 
from atom to atom in a conductor, as caused by 
the influence of an applied voltage. 2. In a semi- 
conductor, directed electron movement. Also see 
DRIFT, 1. 

electronegative Having negative electrification or 
polarity (see ELECTRICAL POLARITY). Compare 
ELECTROPOSITIVE. 

electron emission The emission of electrons into 
surrounding space by a material. Depending on 
the material, this effect can be initiated by appli- 
cation of heat, light, torsion, electron impact, a 
high-voltage field, and other actions. 

electron flow See ELECTRON DRIFT. 

electron g-factor A physical constant that ex- 
presses the ratio of electron magnetic moment to 
the Bohr magneton, and equal to approximately 
1.00116. Also called free-electron g-factor. 

electron-gas binding forces See METALLIC BIND- 
ING FORCES. 

electron-gas bonding See BONDING, 
METALLIC BINDING FORCES. 

electron gun A composite electrode for generating 
an electron beam (see ELECTRON STREAM, 1) in 
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a vacuum. In a cathode-ray tube, the gun com- 
prises a heated cathode, control electrode, accel- 
erating electrodes, and a focusing electrode. 

electron-hole pair Ina semiconductor, an electron 
and a related hole. Each electron in the conduc- 
tion band has a counterpart in the valence band, 
a vacancy (hole) left by the electron’s moving to 
the conduction band. 


Nucleus 


Valence band 


Conduction 
band 


Hole 


Electron 


electron-hole pair 


electronic 1. Descriptive of any component, de- 
vice, or system that functions, according to the 
principles of ELECTRONICS. 2. Pertaining to 
electrons. 

electronic adder A circuit (such as an operational 
amplifier) for performing arithmetic addition. In 
such a circuit, the output-signal amplitude is the 
sum of the input-signal amplitudes. Also see 
ADDER and ANALOG ADDER. 

electronic aid An electronic device or circuit that 
contributes to the operation of a nonelectronic 
device or system; a pH meter, for example, is an 
electronic aid to chemistry. 

electronics aide See ELECTRONICS TECHNICIAN. 

electronic attenuator An attenuator in which the 
variable resistor is the output section of an active 
device, such as a transistor. Varying the direct- 
current (dc) bias of the input section varies the 
resistance of the output section. 

electronic autopilot A servo system for detecting 
and automatically correcting an aircraft’s flight 
path. 

electronic balance An electronic scale, which uses 
a sensitive current-measuring device in conjunc- 
tion with a movable tension device. 

electronic brain 1. A high-end computer. 2. A 
robot controller. 3. A system that possesses or 
uses artificial intelligence (AJ). 

electronic breadboard 1. A thin, usually non- 
metallic board or card having prepunched holes 
for the quick assembly of electronic circuits for 
test and evaluation. 2. Any circuit prototype that 
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is manually wired during the experimental phase 
of product development. 

electronic bug 1. A semiautomatic telegraph key 
that produces dots via an oscillating mechanical 
arm. The operator produces dashes manually. 
2. A telegraph keying device that automatically 
generates dots and dashes. Also see ELECTRONIC 
KEY, 1. 3. An undetermined source of problems 
or improper operation in an electronic circuit. 

electronic buzzer 1. A mechanical buzzer driven 
by a direct-current (dc) amplifier. 2. An oscillator 
circuit that produces a sound similar to that of a 
mechanical buzzer. 

electronic calculating punch A machine that 
punches on a card the result of calculations it 
has performed on data it has read from another 
punched card. 

electronic calculator A fully electronic machine 
for performing mathematical calculations. The 
simplest machines perform basic arithmetic; 
more sophisticated ones can do operations with 
trigonometric, logarithmic, hyperbolic, and other 
scientific functions. Basic machines are available 
in department stores for about five dollars. It is 
usually powered via a small cell or battery, or by 
a small photovoltaic panel. 

electronic camouflage The use of electronics by a 
target craft to minimize or prevent the reflection 
of radar echoes. 

electronic carillon An electronic system that pro- 
duces sounds resembling those of a bell carillon. 

electronic chime See ELECTRONIC CARILLON. 

electronic circuit An electric circuit containing 
active electronic components, such as transistors 
and integrated circuits, as opposed to a circuit 
containing only passive electrical components 
(such as resistors, switches, heating elements, 
etc.). 

electronic clock 1. An electric clock whose motor 
is driven by a constant-frequency oscillator (crys- 
tal or tuning fork type), followed by multivibrators 
and amplifiers. 2. Any electronic timing circuit 
that produces pulses at predetermined intervals 
for the purpose of regulating the operation of 
other circuits, subsystems, or assemblies. 

electronic commutator See COMMUTATOR, 2. 

electronic conduction A flow of electric current 
resulting from the movement of electrons among 
atoms in a conductor. 

electronic control 1. The science of automatically 
controlling machines and devices by means of 
electronic circuits. 2. A circuit or device that pro- 
vides automatic electronic control. 

electronic controller A controller (see CON- 
TROLLER, 2) having no moving parts. For auto- 
matic operation, such a device often contains a 
circuit that senses control signals, compares 
them with a signal standard, and automatically 
adjusts the output control power accordingly. 

electronic counter A fully electronic circuit that 
indicates the number of pulses that have been 
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applied to it (see COUNTER, 1). Unlike the elec- 
tromechanical counter, the electronic counter 
has no moving parts and is therefore capable of 
extremely high-speed, noiseless operation. 

electronic counter-countermeasures Abbrevia- 
tion, ECCM. Military procedures for interfering 
with a foe’s electronic countermeasures. 

electronic countermeasures Abbreviation, ECM. 
Interference with enemy radio and radar emis- 
sions by electronic means. Also see JAMMING. 

electronic coupling Coupling via electronic effects 
or devices. 

electronic crowbar A switch that prevents de- 
structive currents from flowing through the com- 
ponents of a circuit. 

electronic current meter A current meter that 
uses an amplifier ahead of an analog or digital in- 
dicator to provide increased sensitivity. 


dc mA 


Input 
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electronic data processing Abbreviation, EDP. 
See DATA PROCESSING and ELECTRONIC IN- 
FORMATION PROCESSING. 

electronic data-processing center Abbreviation, 
EDPC. An installation of electronic equipment 
and accessories for processing and storing data, 
usually in digital form. Also see DATA PROCESS- 
ING and ELECTRONIC INFORMATION PRO- 
CESSING. 

electronic data-processing machine Abbrevia- 
tion, EDPM. A device, such as an electronic com- 
puter, used in the automatic processing of data, 
usually in digital form. 

electronic data-processing system 1. A unique 
arrangement of machines for processing data. 2. 
The sequence of steps in, and the underlying ra- 
tionale for, the processing of data by automated 
equipment. 

electronic deception See DECEPTION and DE- 
CEPTION DEVICE. 
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electronic differential analyzer See ANALOG 
DIFFERENTIATOR, DIGITAL DIFFERENTIAL AN- 
ALYZER, and DIFFERENTIAL ANALYZER. 

electronic differentiator A circuit that performs 
mathematical differentiation. Also see DIFFER- 
ENTIATOR, 2. 

electronic divider 1. An electronic device for per- 
forming arithmetic division. In a digital computer, 
such a divider can be a sequence of flip-flops, 
each of which produces a single output for every 
two input pulses. In an analog computer, the out- 
put signal amplitude is equal to the quotient of 
two input-signal amplitudes. 2. See FREQUENCY 
DIVIDER. 3. A voltage divider using active com- 
ponents, rather than resistors. 

electronic dust precipitator See DUST PRECIPI- 
TATOR. 

electronic efficiency A quantitative expression for 
the effectiveness of an electron beam as a 
medium of power transmission. The electronic ef- 
ficiency, in percent, is equal to 100Pou/Pin, where 
Pout is the (output) power delivered by the beam, 
and P,, is the (input) power supplied to the beam. 

electronic equivalent of gravity In equations for 
the acceleration, velocity, and distance traveled 
for an electron, the factor equal to eF/m, where e 
is the electron charge, F is the potential gradient 
of field, and m is the electron mass. Also see 
ELECTRON MOTION, 2. 

electronic flash 1. A device containing a circuit 
that uses an electronic flash tube as a light 
source for photography or other purposes. Also 
called photoflash. 2. A bright momentary light 
burst produced by the equipment described in 1, 
above. 

electronic flash tube A tube used to produce bril- 
liant bursts of light in photoflash units, strobo- 
scopes, and laser exciters. A flash tube usually 
contains xenon gas, which is fired by a high- 
voltage pulse. 

electronic frequency meter 1. An instrument 
that gives direct readings of frequency in hertz, 
kilohertz, or megahertz on an analog scale or as a 
digital readout. 2. Any device that indicates the 
operating frequency of another device, directly or 
indirectly, when used for such purpose. 

electronic frequency synthesizer An instrument 
that supplies a number of selectable frequencies 
derived from one or more internally generated 
fixed frequencies. 

electronic gas_ A collection of free electrons whose 
behavior resembles that of a gas. 

electronic gate 1. A logic gate that operates by 
electronic means. 2. A security system, consist- 
ing of a mechanical gate controlled electronically. 
Similar to an electronic garage door. 

electronic guitar See ELECTRIC GUITAR. 

electronic heating The production of heat in an 
object via high-frequency energy. The two princi- 
pal methods are dielectric heating and induction 
heating. 
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electronic hygrometer An electrical device for 
measuring relative humidity, whose sensitivity 
and stability have been increased by the addition 
of active amplifying devices. 

electronician See ELECTRONICS TECHNICIAN. 

electronic induction See ELECTROSTATIC IN- 
DUCTION. 

Electronic Industries Association Abbreviation, 
EIA. An American association of electronic manu- 
facturers and engineers. It sets standards, dis- 
seminates information, provides  industry- 
government liaison, and maintains public rela- 
tions for the industry. 

electronic information processing The use of 
electronic equipment (especially digital comput- 
ers and attendant devices) to perform mathemat- 
ical operations on data entered into the system in 
the form of electrical signals. Also see DATA PRO- 
CESSING. 

electronic instrument An instrument whose cir- 
cuit uses active devices for increased sensitivity 
over that of the electrical counterpart, and for 
minimum loading of a device under test. Com- 
pare ELECTRICAL INSTRUMENT. 

electronic integrator A active device (such as an 
operational amplifier) for performing mathemati- 
cal integration. Also see INTEGRATOR, 2. 

electronic intelligence 1. Information exchanged 
by electronic means. Examples: radio messages, 
radar information, and computer data. 2. The 
faculties of reasoning and decision making, as 
apparently simulated by a high-level computer. 

electronic interference The malfunctioning of a 
device because of nearby currents, voltages, or 
electromagnetic fields. 

electronic inverter An electronic device for con- 
verting direct current (dc) to alternating current 
(ac). Typically, an inverter is a transistorized 
square-wave oscillator inductively coupled to ac 
output terminals. The dc to be inverted energizes 
the transistors, which perform the switching 
function at the rate determined by the compo- 
nents of the circuit. Also see INVERTER, 1. 
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electronic jamming The deliberate transmission 
of electromagnetic energy for the purpose of in- 
terfering with the operation of a device or devices. 
electronic key 1. For telegraphy (radio or wire), an 
electronic circuit that generates a continuous 
string of accurately spaced and timed Morse code 


dots or dashes, depending on its lever’s position 
(right or left). 2. For telegraphy (radio or wire), a 
keyboard that produces perfectly timed Morse 
code output that corresponds to the operator's 
typed input. 3. An electronic device for opening 
an electronic lock. 

electronic keyer See ELECTRONIC KEY, 1. 

electronic lock A lock that will open only after ap- 
plication of a special coded sequence of signals. 

electronic mail Also called e-mail. A communica- 
tions system that allows people to leave digital 
text messages for each other. It is popular among 
users of personal computers. Operates through 
the telephone lines using terminal emulation 
software and a modem. It can also be used via 
amateur radio packet communications. 

electronic microammeter See FET CURRENT 
METER and TRANSISTOR CURRENT METER. 

electronic microvoltmeter See MICROVOLT- 
METER. 

electronic milliammeter See FET CURRENT ME- 
TER and TRANSISTOR CURRENT METER. 

electronic millivoltmeter A millivoltmeter that 
uses an amplifier ahead of an analog or digital in- 
dicator to provide high input impedance and in- 
creased sensitivity. 

electronic multimeter A_ voltohm-milliammeter 
that uses active amplifying devices. Also see 
ELECTRONIC INSTRUMENT. 

electronic multiplier A device, such as a Hall gen- 
erator, whose output is equal (or proportional) to 
the product of two inputs (i.e., it can perform 
arithmetic multiplication). 

electronic music 1. Music produced by a combi- 
nation of electronic oscillator, amplifier, and 
loudspeaker. A number of successful instru- 
ments have been developed. See, for example, 
ELECTRONIC CARILLON, ELECTRONIC ORGAN, 
ELECTRONIC PIANO, and THEREMIN. 2. The 
electronically amplified sounds of conventional 
musical instruments. 

electronic organ A musical instrument with a key- 
board similar to that of a conventional organ, in 
which tones produced by oscillators or electri- 
cally driven reeds are processed and amplified for 
delivery to a system of loudspeakers. 

electronic packaging See ENCAPSULATION. 

electronic part A lowest replaceable unit, or com- 
ponent, in an electronic circuit. 

electronic phase meter An electronic instrument 
for measuring phase difference. Direct readings, 
in degrees of lead or lag, are visible on an analog 
scale or as a digital readout. 

electronic photoflash A transistorized light-inten- 
sity meter. Also see ELECTRONIC INSTRUMENT. 

electronic piano A musical instrument having the 
keyboard of a conventional piano and provided 
with electronic amplification. 

electronic power supply A power supply using 
transistors or integrated circuits for stabilization 
and output control. 
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electronic precipitator See DUST PRECIPITATOR. 

electronic product Any commercially manufac- 
tured electronic device, intended for purchase by 
the public, by industry, or by government. 

electronic profilometer An electronic instrument 
for measuring surface roughness. 

electronic ratchet A stair-step circuit or other ar- 
rangement functioning in the manner of an 
equivalent electromechanical stepping switch. 
Also see COMMUTATOR. 

electronic reconnaissance In military applica- 
tions, the use of electronic systems to locate en- 
emy installations (such as_ radio _ stations, 
guided-missile sites, and radar bases). 

electronic rectifier A rectifier that uses active de- 
vices to change alternating current (ac) to direct 
current (dc). 

electronic regulator A voltage regulator that uses 
active electronic circuits, as opposed to a reactor- 
type or electromechanical device. See, for exam- 
ple, VOLTAGE REGULATOR. 

electronic relay 1. A switching circuit that uses 
one or more transistors, and performs the relay 
function without moving parts. 2. An electronic 
component designed to switch when gating sig- 
nals are applied (e.g., triac, diac, or silicon- 
controlled rectifier). 

electronic resistor 1. The effective internal collec- 
tor-emitter resistance of a common-emitter bipo- 
lar-transistor stage. 2. The effective internal 
drain-source resistance of a field-effect transistor 
(FET) stage. 

electronics The branch of physics concerned with 
the behavior and application of electric charge 
carriers in components, devices and systems that 
accomplish amplification, oscillation, signal pro- 
cessing, and/or switching. 

electronics engineer A _ trained professional 
skilled in the physics and mathematics of elec- 
tronics, and in the theory and application of basic 
engineering and related subjects. Compare 
ELECTRICAL ENGINEER. 

electronics service person An electronics techni- 
cian skilled in repairing and maintaining elec- 
tronic equipment. Also called electronics service 
technician. 

electronic shutter See KERR CELL. 

electronics technician A professional skilled in 
building, testing, repairing, or maintaining elec- 
tronic equipment. 

electronics technology The theory and practical 
application of electronics. Taught as a subengi- 
neering major, usually in two-year junior colleges 
or technical institutes, awarding the degree of as- 
sociate in arts (AA) or associate in science (AS). 

electronic stethoscope A stethoscope employing 
a miniature microphone, amplifier, and ear- 
phones. The amplifier gain is continuously con- 
trollable, and its bandwidth often selectable for 
emphasizing particular heart sounds and other 
body noises. 
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electronic stimulator A device for applying con- 
trolled electrical pulses to the body to stimulate 
muscles or nerves during diagnosis or therapy. 

electronic stroboscope A stroboscope that uses a 
rate-calibrated oscillator, rather than a mechanical 
contactor to generate pulses that strobe the lamp. 

electronic subtracter An electronic circuit for per- 
forming arithmetic subtraction. 

electronic surge A sudden, large increase in the 
current in a conductor. Can be caused by an elec- 
tromagnetic pulse; can also occur when utility 
power is restored following a blackout. 

electronic switch 1. A nonmechanical device, 
such as a flip-flop or gate, whose characteristic 
on-off operation can be used to make and break 
an electric circuit. Compare CONTACT SWITCH. 
2. A device using electronic gating and sequenc- 
ing circuits to present several signals alternately 
to the single input of an oscilloscope, allowing si- 
multaneous viewing of the signals. 

electronic tachometer An instrument for measur- 
ing angular velocity, usually in revolutions per 
minute (rpm). Ideally, the response is indepen- 
dent of sensor voltage amplitude, showing only 
the number of pulses per unit time reaching the 
meter circuit. 

electronic thermal conductivity The thermal- 
conductivity component, resulting from the 
transfer of heat by electrons and holes. 

electronic thermometer An instrument for mea- 
suring temperature as a result of variations in a 
temperature-sensitive component, such as a re- 
sistor, thermocouple, or thermistor. 

electronic timer An electronic circuit or device for 
automatically timing a process or observed event. 
Most are based on the time constant of a stable 
resistance-capacitance (RC) circuit. Compare 
ELECTROMECHANICAL TIMER. 

electronic tube See ELECTRON TUBE. 

electronic tuning Variation of the resonant fre- 
quency of a device or circuit by changing the bias 
voltage or current of a controlling electronic com- 
ponent. 

electronic voltmeter A voltmeter that uses elec- 
tronic amplification ahead of the indicating meter 
to provide high input impedance and increased 
sensitivity. Also see FET VOLTMETER and TRAN- 
SISTOR VOLTMETER. 

electronic voltohmmeter A voltohmmeter that 
uses electronic amplification ahead of the indi- 
cating meter to provide high input impedance 
and increased sensitivity. 

electronic typewriter A typewriter with a micro- 
computer that provides features, such as buffer- 
ing, automatic repeat, erase memory, and 
paragraph/page memory. 

electronic warfare The use of electronic systems 
for military purposes, including interfering with 
an enemy’s use of similar systems. 

electronic watch 1. A watch whose movement is 
a tiny, high-frequency, alternating-current (ac) 
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motor driven by a stable oscillator. 2. Any minia- 
ture timepiece incorporating solid-state circuitry, 
but especially one using a digital readout. 

electronic wattmeter A wattmeter in which an 
amplifier is used for increased sensitivity. 

electronic waveform synthesizer A signal gener- 
ator that delivers an alternating or pulsating sig- 
nal whose waveform can be tailored by means of 
adjustable circuit components. 

electron lens A device that focuses an electron 
beam in a manner similar to the focusing of light 
rays by a glass lens. Also see ELECTROSTATIC 
LENS, ELECTROMAGNETIC LENS, and WAVE- 
GUIDE LENS. 

electron magnetic moment The energy per unit 
flux density available in an electron. Approxi- 
mately equal to 9.2848 x 10-24 joule per tesla. 

electron mass See MASS OF ELECTRON AT REST. 

electron microscope A microscope in which the 
source of illumination is an electron beam fo- 
cused by electromagnetic lenses. It allows much 
greater magnification than is possible with opti- 
cal microscopes. 
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electron mirror A reflector of electrons—especially 
a dynode element in a photomultiplier tube or 
electron-multiplier tube. 

electron motion 1. The movement of electrons in 
a conductor, semiconductor, or space, as the 
result of electric or magnetic attraction or 
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repulsion. 2. The movement of an electron as a 
charged mass. In an electric field, this movement 
simulates that of a free-falling body in a gravita- 
tional field. 

electron multiplication 1. Ina gas discharge, the 
production of additional electrons as a result 
of collisions between electrons, atoms, and 
molecules. 2. The increased production of elec- 
trons in a semiconductor when avalanche occurs. 

electron-multiplier tube 1. A vacuum tube utiliz- 
ing a sequence of secondary emissions for in- 
creased current amplification. Electrons from the 
cathode strike a positively biased dynode with a 
force that dislodges secondary electrons, which, 
upon joining those first emitted, are reflected to a 
second positive dynode that contributes more 
secondary electrons, reflecting the total to a third 
positive dynode, etc. The last dynode in the chain 
reflects the enhanced beam to an anode collector 
that passes the high current to an external cir- 
cuit. 2. See PHOTOMULTIPLIER TUBE. 

electronography Printing by means of the electro- 
static transfer of ink from a printing plate across 
a gap to an impression cylinder. 

electron optics See ELECTRO-OPTICS. 

electron orbits See ELECTRON SHELLS. 

electron oscillator A device in which oscillation is 
obtained by causing electrons to move in an os- 
cillatory path, to travel in bunches, etc. Exam- 
ples: klystron, magnetron, and traveling-wave 
tube. 

electron pair Two electrons from adjacent atoms, 
which sometimes share the same orbits, but al- 
ways produce a bond between two adjacent 
atoms. 

electron-pair bond The bond between an electron 
pair. 

electron physics The physics of electronics, usu- 
ally from a highly theoretical viewpoint. 

electron-proton magnetic moment ratio A phys- 
ical constant whose value is approximately equal 
to 658.211, derived from the division of the mag- 
netic moment of the electron by that of the pro- 
ton. 

electron recoil The recoil of an electron from a 
photon it has collided with. 

electron rest mass See MASS OF ELECTRON AT 
REST. 

electron scanning Deflection of an electron beam. 
See, for example, ELECTROSTATIC DEFLEC- 
TION and ELECTROMAGNETIC DEFLECTION. 

electron shells The spheres, concentric with the 
nucleus of an atom, that represent the median 
distances from the nucleus around which elec- 
trons migrate. 

electron spin The rotation of an electron (i.-e., 
around its axis). This motion is independent of 
the electron’s movement around the nucleus of 
an atom. 

electron stream 1. The beam of electrons gener- 
ated by the electron gun in a cathode-ray tube. 
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2. The electrons moving between the cathode and 
plate in an electron tube. 

electron-stream instrument See 
BEAM INSTRUMENT. 

electron-stream meter An oscilloscope (or cath- 
ode-ray tube alone) used as a device for making 
measurements. 

electron-stream transmission efficiency The ra- 
tio of the current through a positive electrode to 
the current impinging on it. In a tube, for exam- 
ple, some electrons are absorbed by the plate, 
and others are reflected. 

electron telescope A telescope using a combina- 
tion of a glass lens, photocathode, and electro- 
static focusing. Light from the object is focused 
on the photocathode by the lens, the electrons 
emitted being focused electrostatically on a phos- 
phorescent viewing screen. 

electron transit time The time required for an elec- 
tron to travel a given distance. For a vacuum tube, 
the upper frequency limit of operation is governed 
by the time required for an electron to reach the 
plate after leaving the cathode. Transit time is 
usually stated in fractions of a microsecond. 

electron tube An evacuated or gas-filled chamber 
in which electrons are emitted (usually by a hot 
cathode) and controlled (usually by a voltage ap- 
plied to a grid electrode). 

electron unit See ELEMENTARY CHARGE. 

electron velocity The velocity acquired by an elec- 
tron that moves between two points having a 
given potential difference. Also see ELECTRON 
MOTION, 2. 

electronvolt Abbreviation, eV. The energy ac- 
quired by a unit charge moving through a poten- 
tial difference of one volt; it is equal to 
approximately 1.6022 x 10-!9 joule. 

electron-wave tube A tube, such as a klystron or 
traveling-wave tube, in which electrons traveling 
at different velocities interact with each other, 
modulating the electron stream. 

electro-oculogram A recording of the voltage that 
is found between the anterior and posterior parts 
of the eyeball. 

electro-optical transistor A phototransistor or 
pair of phototransistors in a single package. Used 
in electronic circuits to sense changes in light 
levels. 

electro-optical valve See KERR CELL. 

electro-optic radar A form of radar that makes 
use of visual apparatus for locating a target. 

electro-optics The branch of electronics dealing 
with related electrical and optical phenomena: 
photoelectricity, light generation, laser technol- 
ogy, light amplification, etc. It is also concerned 
with electronic phenomena that are analogous to 
optical phenomena, such as electronic focusing, 
reflection, refraction, diffraction, etc. Also called 
electron optics and optoelectronics. 

electro-osmosis Causing liquids to flow by apply- 
ing an electric field across the walls of a porous 


ELECTRON- 
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plug. The force exerted by the field on ions in the 
liquid causes it to flow. 

electropad The skin-contacting electrode of an 
electrocardiograph. 

electropathy See ELECTROTHERAPY. 

electrophilic Pertaining to the tendency to seek 
electrons. 

electrophobia An irrational fear of electricity, a 
psychological condition sometimes exhibited by 
victims of serious electric shock. 

electrophonic effect Sound heard by a person 
when an alternating current is passed through 
some part of the body. 

electrophoresis The movement of dielectric parti- 
cles through a liquid in which they are sus- 
pended, produced by the electric field between 
electrodes immersed in the suspension. 

electrophoresis equipment 1. Any device in- 
tended for the purpose of depositing a dielectric 
material onto a metal by means of electrophore- 
sis. 2. Any equipment in which electrophoresis 
occurs. 

electrophoresis scanner A device that senses the 
movement of charged particles caused by elec- 
trophoresis effects. 

electrophoretic deposition A type of deposition in 
which a low-voltage direct current passing 
through a colloidal suspension of dielectric poly- 
mer particles deposits them as a coating on a 
metallic body (the anode in the process). It can 
provide a better coating than one obtained with 
spray painting or dipping. 


Anode part Cathode 


to be coated 





Suspended particles 


electrophoretic deposition 


electrophorus A simple device used to demon- 
strate electrostatic generation and induction. It 
consists of a smooth metal plate at the end of an 
insulating handle and an accompanying cake of 
resin or hard rubber. The cake is rubbed with 
cat’s fur, making it negatively charged. The metal 
plate is touched to the charged cake; by induc- 
tion, it acquires a bound positive charge on the 
face that touched the cake and a free negative 
charge on the opposite face. When the plate is 
lifted and its top face touched momentarily with 
the finger or grounded, the negative charge leaks 
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off, often with a sharp spark, but the positive 
charge remains. 

electrophotographic process See XEROGRAPHY. 

electrophotography The production of photographs 
by means of electricity. See XEROGRAPHY. 

electrophotometer A light-intensity meter using a 
photoelectric sensor and a meter, but usually not 
incorporating an amplifier. Compare ELEC- 
TRONIC PHOTOMETER. 

electrophrenic respiration A system of inducing 
respiration in which one or both of the phrenic 
nerves (i.e., of the diaphragm) are stimulated 
electrically to produce contractions of the di- 
aphragm muscles. 

electrophysiology 1. The study of electrical pro- 
cesses in the human body. 2. The study of how 
electrical impulses affect, and are produced by, 
body organs. 

electroplaques In electric fish, small voltage- 
generating cells that are connected in series- 
parallel networks. 

electroplate 1.To cause one metallic substance to 
adhere to the surface of another through the ef- 
fects of electrolysis. 2. A metal plating deposited 
via electrolysis. 

electroplating Depositing one metal on the sur- 
face of another by electrolytic action. 

electropolar Having electrical polarity (either posi- 
tive or negative). 

electropolishing An_ electrolytic method of 
smoothing a rough metal surface. The workpiece 
to be polished becomes the anode of an elec- 
trolytic cell in which electrolytic action dissolves 
tiny surface irregularities. 

electropositive Having positive electrification or 
polarity. Compare ELECTRONEGATIVE. 


electropotential series See ELECTROMOTIVE 
SERIES. 
electropsychrometer An electronic instrument for 


humidity measurements. 

electroreduction In electrolysis, reduction of the 
cathode electrode. 

electrorefining The refining of metals by means of 
electrolysis. 

electroretinograph An instrument used to mea- 
sure the electrical response of the human retina 
to light. 

electroretinography The process of detecting and 
measuring electrical impulses from the retina. 

electroscope An instrument for detecting electric 
charges and fields. The common type uses a pair 
of gold-leaf strips hung from the end of a metal 
rod in a glass tube or jar. When the exposed end 
of the rod is brought near a charged object, the 
leaves repel each other and spread apart. 

electrosection The use of an arc-generating device 
for making surgical incisions. 

electrosensitive recording See ELECTRIC RE- 
CORDING. 

electroshock 1. The system of creating a con- 
trolled electric shock in the brain as a treatment 
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for certain mental disorders. 2. The electric shock 
used in the therapy described in 1. 

electrospinograph An instrument that senses and 
records electrical impulses from the spinal cord. 

electrostatic Pertaining to stationary electric 
charges and fields, and their application. 

electrostatic actuator A device for measuring the 
sensitivity of a microphone. Electrostatic charges 
produce forces on the diaphragm of the micro- 
phone, and the resulting output is recorded. 

electrostatic amplifier See DIELECTRIC AMPLI- 
FIER. 

electrostatic charge See ELECTRIC CHARGE. 

electrostatic component The electric component 
of an electromagnetic wave. It is perpendicular to 
the magnetic component and can be thought of 
as the wave’s voltage component. 

electrostatic constant See ELECTRIC CON- 
STANT. 

electrostatic convergence See ELECTROSTATIC 
FOCUSING. 

electrostatic cooling Accelerated cooling of a body 
through the application of an intense electro- 
static field. The body must be in a free convection 
state, a corona discharge must be present, and 
the field must not be uniform. 

electrostatic copier A document-copying appara- 
tus that uses electrostatic effects to reproduce 
printed material. 

electrostatic coupling See CAPACITANCE COU- 
PLING. 

electrostatic deflection In a cathode-ray tube, 
deflection of the electron beam by the electro- 
static fields between pairs of internal horizontal 
and vertical deflecting plates. It is primarily used 
in laboratory oscilloscopes. Compare ELECTRO- 
MAGNETIC DEFLECTION. 
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electrostatic electrometer See KELVIN ABSO- 
LUTE ELECTROMETER. 

electrostatic electrophotography See XEROG- 
RAPHY. 

electrostatic energy The potential energy con- 
tained in an electrostatic field (e.g., the energy in 
a charged capacitor), Compare ELECTROKI- 
NETIC ENERGY. 

electrostatic field A stationary electric field. 
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electrostatic field intensity An expression of the 
strength of an electrostatic field. Usually ex- 
pressed in volts per meter, millivolts per meter, or 
microvolts per meter. 

electrostatic flux The flux existing around an 
electric charge or a charged body. 

electrostatic focusing In a cathode-ray tube, elec- 
tron-beam focusing achieved by varying the dc 
bias voltage on a focusing electrode. Compare 
ELECTROMAGNETIC FOCUSING. 

electrostatic galvanometer A galvanometer oper- 
ating on the principle of the electrostatic volt- 
meter. 

electrostatic generator A device for producing 
high-voltage electric charges; e.g., a Van de 
Graaff generator. 

electrostatic headphone A device similar to an 
electrostatic speaker, but held against the head 
for private listening. Incoming audio signals 
cause attraction and repulsion among charged 
plates, resulting in acoustic vibration. 

electrostatic hysteresis The tendency of some di- 
electrics (especially ferroelectric materials) to sat- 
urate and retain a portion of their polarization 
when an alternating electric field to which they 
are exposed reverses polarity. This causes the 
charge to lag behind the charging force. 

electrostatic induction The charge acquired by a 
body inserted into an electric field. Compare 
ELECTROMAGNETIC INDUCTION. 

electrostatic instrument See ELECTROSTATIC 
VOLTMETER. 

electrostatic lens An assembly of deflecting plates 
or cylinders, whose electric field causes an elec- 
tron beam to converge or diverge in much the 
same way as a visible light beam passing through 
an optical lens. Compare ELECTROMAGNETIC 
LENS. 

electrostatic loudspeaker 
SPEAKER. 

electrostatic memory A memory unit in which an 
information bit is stored as an electric charge. 

electrostatic memory tube A cathode-ray tube in 
which information bits are stored in capacitive 
cells swept by the scanning electron beam. 

electrostatic microphone See CAPACITOR MI- 
CROPHONE. 

electrostatic phase shifter 
CAPACITOR. 

electrostatic potential In an electric field, the po- 
tential energy represented by the voltage between 
the two elements creating the field, or between 
any two points within the field. 

electrostatic precipitator See DUST PRECIPITA- 
TOR. 

electrostatic printer A computer output periph- 
eral in which the printing medium, a fine dust, is 
fused by heat onto paper that has been charged 
according to the data being represented. 

electrostatic process 1. Any process that uses 
electrostatic action. 2. A method of photography 


See ELECTROSTATIC 


See PHASE-SHIFTING 


in which visual images are converted to electro- 
static images. 

electrostatic recording A method of recording 
that employs a signal-controlled electric field. 

electrostatic relay A high-input-impedance relay 
consisting of two polarity-controlled contacts; op- 
posite charges on the contacts close the relay, 
and like charges open it. 

electrostatics The branch of electricity concerned 
with electrical charges at rest. Compare ELEC- 
TRODYNAMICS and ELECTROKINETICS. 

electrostatic screen A shield against electric flux 
consisting of a number of straight, narrowly sep- 
arated rods or wires joined at only one end. The 
shield has little effect on magnetic flux. Also 
called Faraday shield. 

electrostatic separator A device for separating 
fine particles from a mixture by exposing the mix- 
ture to an intense electrostatic field. 

electrostatic series A list of materials arranged in 
this sequence: any one of them becomes posi- 
tively electrified when rubbed with another lower 
in the list, or negatively electrified when rubbed 
with another higher in the list. Compare ELEC- 
TROMOTIVE SERIES. 

electrostatic shield Any metallic enclosure de- 
signed to confine an electric field. 

electrostatic speaker A loudspeaker whose vi- 
brating diaphragm is one of two plates in a large 
air-dielectric capacitor, the other being a closely 
situated metal plate (or plug). An audio voltage 
applied to the plates causes them to vibrate. Also 
called capacitive loudspeaker and capacitor loud- 
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electrostatic sprayer An equipment for spray 
painting in which fine droplets of paint are at- 
tracted by an electrostatic field to the surface to 
be coated. 

electrostatic storage See ELECTROSTATIC MEM- 
ORY. 

electrostatic stress 1. Stress in the vicinity of a 
charged body or particle. 2. See DIELECTRIC 
STRESS. 
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electrostatic transducer See CAPACITANCE 
TRANSDUCER. 

electrostatic tube of flux The space between elec- 
tric lines of flux going through adjacent points on 
the boundary of a given area in an electric field. 

electrostatic tweeter A small _ electrostatic 
speaker for reproducing high-frequency sounds. 
Compare WOOFER. 

electrostatic unit Abbreviation, esu. A unit of 
measure in the electrostatic system of cgs units. 
Also see CENTIMETER-GRAM-SECOND. Com- 
pare ELECTROMAGNETIC UNIT. 

electrostatic vector See ELECTRIC VECTOR. 

electrostatic voltmeter An _ indicating meter 
whose movement consists of a stationary metal 
plate near a rotating metal plate. A voltage ap- 
plied to the plates charges them, and the attrac- 
tion between them causes the movable member 
to rotate against the torque of a returning spring 
over an arc proportional to the voltage. 


Calibrated 
scale 





Movable 


Spring 
bearing 


electrostatic voltmeter 


electrostatography See XEROGRAPHY. 

electrosteel See ELECTRIC STEEL. 

electrostenolysis The deposition of certain metals 
from a solution in capillary tubes when an elec- 
tric current passes through the solution. 

electrostimulation Electrical excitation of nerves 
for the relief of pain. 

electrostriction In certain materials, the physical 
contraction that occurs when a voltage is applied. 
Compare MAGNETOSTRICTION. 

electrostrictive ceramic A ceramic exhibiting 
ELECTROSTRICTION when voltage is applied. 

electrostrictive relay A relay in which the mov- 
able contact is carried by a bar of electrostrictive 
material, such as barium titanate. A control volt- 
age deforms the material, causing the contacts to 
close. 

electrosurgery Surgery, sometimes bloodless, 
achieved with diathermy-like equipment. See 
DIATHERMY, 2. 
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electrosynthesis Chemical synthesis produced by 
means of electric currents or fields. 

electrotape Also called electronic tape measure. 
Any device that measures distance by electronic 
means, such as radar or sonar. 

electrotechnology See ELECTRICAL TECHNOL- 
OGY and ELECTRONICS TECHNOLOGY. 

electrotellurograph An instrument for measuring 
ground currents. 

electrotherapeutics See ELECTROTHERAPY. 

electrotherapy The treatment of disorders or dis- 
eases by electrically induced heat—especially by 
DIATHERMY. 

electrothermal 1. Pertaining to electrically gener- 
ated heat. 2. Pertaining to a combination of elec- 
tricity and heat. 

electrothermal device A device whose operation 
depends on the heat generated by an electric cur- 
rent (e.g., a bolometer, hot-wire ammeter, ther- 
mocouple, or varistor). 

electrothermal expansion element A_ thermo- 
static element, such as a bimetallic strip, whose 
expansion is used in heat-sensitive switches. 

electrothermal instrument A hot-wire or thermo- 
couple-type meter. 

electrothermal recorder See ELECTRIC RE- 
CORDING, 1 and THERMAL RECORDER. 

electrothermic See ELECTROTHERMAL. 

electrothermics The study and application of the 
heating effects of electricity in conductors and 
junctions. 

electrotitration In chemistry, the completion of 
titration, as indicated by an electrical measure- 
ment, such as of the resistance of the solution be- 
ing titrated. 

electrotonic Pertaining to ELECTROTONUS. 

electrotonus Modification of a nerve’s sensitivity 
by passing a constant current through it. 

electro-ultrafiltration In physical chemistry, fil- 
tering a colloidal suspension by electro-osmosis. 

electrovalence 1. The number of charges acquired 
by an atom gaining electrons. 2. The number of 
charges forfeited by an atom losing electrons. 3. 
Valence resulting from electron transfer between 
atoms and the resulting creation of ions. 

electrovalency See ELECTROVALENCE. 

electrovalent bond See IONIC BOND. 

electrowin To recover (win) a metal from a solution 
of its salts by means of electrolysis. 

electrum A natural alloy of gold and silver. 

element 1. See ELECTRODE. 2. A circuit compo- 
nent intended for a specific purpose. 3. A spe- 
cific part of an antenna array (e.g., driven 
element or parasitic element). 4. A fundamental, 
unique substance whose atoms are of only one 
kind (examples: aluminum, carbon, silicon, and 
sulfur). There are more than 100 elements, some 
man-made. Elements combine to form com- 
pounds. 5. A circuit, such as an AND gate, that 
can be taken as a unit because it performs 
a special function. 6. In digital computer 
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operations, a subunit of a category that cannot 
be further categorized [e.g., a bit (word element) 
or a record (file element)]. 

elemental area _ In a facsimile or television picture, 
a scanning line segment as long as the line’s 
width. 

elemental charge See ELEMENTARY CHARGE. 

elemental semiconductor A semiconductor con- 
taining one undoped chemical element. 

elementary charge Symbol, e. Also called unit 
electric charge. The electric charge of a single 
electron or proton. This charge is approximately 
equal to 1.6022 x 107!° coulomb. 

elementary particle 1. A minute charged or un- 
charged particle within the atom (i.e., electron, 
proton, neutron, quark, etc.). 2. In theory, a sub- 
atomic particle that cannot be broken down into 
smaller particles. 

element error rate In communications or data 
transfer, the ratio nj/n; where n; is the number of 
elements received incorrectly and m is the num- 
ber of elements transmitted. 

element spacing 1. The spacing between radiator, 
director, and reflector elements in a directional 
antenna. 2. The spacing between the internal 
electrodes of a vacuum tube. 

elevation Angular position (in degrees) of a point 
above the horizontal. 

elevation-position indicator A type of radar dis- 
play simultaneously indicating the elevation of, 
and the line-of-sight distance to, the target. 

elevator control 1. An electronic system for auto- 
matically stopping an elevator and opening the 
doors. Various safety functions are included, an 
example being the reopening of a closing door 
when a passenger steps into the car. 2. In an air- 
craft, the mechanical, electronic, or electrome- 
chanical devices or circuits involved in actuation 
of the elevators. 

ELF Abbreviation for EXTREMELY LOW FRE- 
QUENCY. 

eliminator 1. A device or circuit acting as a surro- 
gate for an inconvenient or undesirable compo- 
nent (e.g., battery eliminator). 2. A device for 
removing or minimizing an undesirable signal or 
quantity (e.g., harmonic eliminator); interference 
eliminator. 

ell A coaxial fitting that is a right-angle line section 
with a coaxial connector at each end. It takes its 
name from its L shape. 

ellipse A geometric figure having the Cartesian- 
plane formula (x — x)?/a? + (y- yo)?/b? = 1, where 
a and b are constants, and x, and yo represent 
the center point. 

elliptical filter See ELLIPTIC FILTER. 

elliptical function See ELLIPTIC FUNCTION. 

elliptical load line For any amplifier with an out- 
put transformer, a load line in the shape of an el- 
lipse, obtained when the load connected to the 
output element is reactive, rather than purely re- 
sistive. 
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elliptically polarized wave An _ electromag- 
netic wave in which the rotation of the electric- 
intensity vector at one point describes an ellipse. 

elliptical orbit A satellite orbit that is not a perfect 
circle. In theory, all satellites deviate slightly from 
perfectly circular orbits. Sometimes a satellite is 
deliberately put into an orbit that is greatly elon- 
gated. The closer the satellite is to the earth, the 
faster it moves. 

elliptical polarization Polarization characterized 
by elliptical rotation of the wave vector at a given 
point. 

elliptical stylus In a phonograph (turntable) sys- 
tem, a stylus with a characteristic ellipsoidal 
shape. 

elliptic filter A band-pass, band-stop, high-pass, 
or low-pass inductance-capacitance (LC) filter, 
designed according to an ELLIPTIC FUNCTION. 
Characterized by a steep attentuation-versus- 
frequency cutoff response with ripple in both the 
passband and the stopband. 

elliptic function A function, similar to the 
Chebyshev and Butterworth functions, used in 
the design of certain selective filters. The elliptic 
function results in a better filter magnitude re- 
sponse than the Chebyshev or Butterworth 
functions in some applications. See ELLIPTIC 
FILTER. 

elongation A form of modulation distortion result- 
ing from multipath propagation. Some of the 
paths result in greater propagation delay than 
other paths; this causes the modulation envelope 
to spread out. The higher the modulating fre- 
quency, the greater the effect. 

ELSE A word used in a BASIC computer program 
that provides an instruction based on a relational 
test and, in this respect, is related to IF-THEN, 
ON-GOTO, etc. It specifies the operation to be 
done if the conditions given in the same program 
line don’t occur. 

ELSIE Abbreviation of electronic letter-sorting and 
indicator equipment. 
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EM 1. Abbreviation of EFFICIENCY MODULATION. 
2. Abbreviation of ELECTROMAGNETIC(S). 3. Ab- 
breviation of electromagnetic iron. 4. Abbreviation 
of ELECTROMAGNETIZER. 5. Abbreviation of 
ELECTRON MICROSCOPE. 6. Abbreviation of EX- 
POSURE METER. 7. Abbreviation of electromotive. 

En 1. Symbol for MAXIMUM VOLTAGE. 2. Symbol 
for MAXIMUM JUNCTION FIELD. 

emanation 1. Emission of electrons. 2. Emission 
of radioactive particles or ionizing radiation. 3. 
Emission of electromagnetic energy. 

Emax Symbol for MAXIMUM VOLTAGE. 

embedded path A means of guiding a mobile robot 
along a specific route. One common scheme uses 
a buried, current-carrying wire that produces a 
magnetic field. The robot can sense and follow 
this field. Colored paints and tapes can also be 
used in conjunction with machine vision sys- 
tems. Compare EDGE DETECTION. 

embedded training The inclusion of training/ 
tutorial programs in computerized equipment 
that assist users in the operation of the equip- 
ment. 

embedding See ENCAPSULATION. 

embossed-foil printed circuit A printed circuit 
made by pressing the pattern from metal foil into 
the insulating substrate and then removing the 
surplus foil. 

embossed-groove recording 1. A phonograph 
record into which grooves are embossed, rather 
than scribed. 2. Recording sound by embossing 
grooves on record disks. 

embossing stylus The rounded-tip stylus used to 
make an embossed-groove recording. 

EMC Abbreviation of ELECTROMAGNETIC COM- 
PATIBILITY. 

EME Abbreviation of earth-moon-earth. See MOON- 
BOUNCE. 

e/m, The ratio of the elementary electron charge to 
its mass: 1.7588 x 10!! coulombs per kilogram. 
Also see CHARGE-MASS RATIO. 

Emergency Broadcast System In the United 
States, a general plan for dissemanating informa- 
tion via broadcast stations in the event of a na- 
tional emergency. 

emergency channel A communication channel al- 
located for emergency service. 

emergency communication Radio or other elec- 
tronic transmission and reception of urgent mes- 
sages (e.g., distress signals, storm warnings, 
etc.). 

emergency equipment 1. Apparatus kept in 
standby status for immediate operation when 
regularly used equipment fails. 2. Equipment, es- 
pecially vehicular, for use in emergency situa- 
tions. Examples are ambulances, fire-fighting 
trucks and equipment, etc. 

emergency power supply An alternating-current 
(ac) or direct-current (dc) power unit kept in 
standby status for immediate use when the regu- 
lar power supply fails. 
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emergency service A communications service de- 
voted exclusively to emergency communication. 

EMF, emf Abbreviation of ELECTROMOTIVE 
FORCE. 

emf standard See STANDARD CELL. 

EMG 1. Abbreviation of ELKECTROMYOGRAM. 2. 
Abbreviation of ELECTROMYOGRAPH. 

EMI Abbreviation of ELECTROMAGNETIC INTER- 
FERENCE. 

E microscope See ELECTRON MICROSCOPE. 

emission 1. The ejection of particles, especially 
electrons, from a material. 2. Waves radiated 
from any source (as from a transmitting antenna 
or from an amplifier stage). 3. The emanation of 
radiant, electromagnetic, acoustical, electrical, or 
magnetic energy. 

emission code A system of abbreviating the various 
types of radio emission. See EMISSION MODE. 

emission frequency 1. In communications, the 
carrier frequency of the transmitted signal as it is 
radiated from the antenna or fed into a transmis- 
sion line. 2. The actual frequency or frequency 
range of a signal as it is transmitted or radiated. 
This might be the carrier frequency. 3. The fre- 
quency of energy in an emission band or bands in 
a spectrum. 

emission lines In a spectrum, radiation intensity 
peaks that appear as bright lines in a visible dis- 
play. In a radio-frequency spectrum, the emission 
lines occur as sharp peaks in radiated energy at 
specific wavelengths. 

emission mode Any of various official classifica- 
tions of radio communication emission types. 
Emissions are designated according to the modu- 
lation method used (e.g., continuous waves, 
amplitude modulation, single-sideband with 
suppressed carrier, frequency modulation, pulse 
modulation, etc.). 

emission power 1. The rate at which energy is ra- 
diated from an object. 2. In radio communication, 
the transmitter output power. 

emission spectrum The radiation spectrum of a 
substance that emits energy (e.g., the light spec- 
trum of an incandescent metal). 

emission types See EMISSION MODE. 

emission velocity The initial velocity of an elec- 
tron as it leaves an emitting surface. 

emission wavelength 1. In communications, the 
carrier wavelength of the transmitted signal as it 
is radiated from the antenna or fed into a trans- 
mission line. 2. The actual wavelength or wave- 
length range of a signal as it is transmitted or 
radiated. This might or might not be the carrier 
wavelength. 3. The wavelength of energy in an 
emission band or bands in a spectrum. 

emissive power The rate at which a surface emits 
energy of all wavelengths in all directions, per 
unit area of radiating surface, regardless of tem- 
perature. 

emissivity For a radiating source, the ratio 
W,/W2, where W, is the energy emitted by the 
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source at a particular temperature, and W, is the 
energy emitted by a blackbody (i.e., a theoreti- 
cally perfect radiator) at the same temperature. 

emittance For an energy-radiating source, the ra- 
diated power per unit area of radiating surface. 

emitted electron An electron that has left an atom 
of a material and has escaped into surrounding 
space or entered a neighboring material. 

emitter 1. A body that discharges particles or 
waves (see EMISSION). 2. In a semiconductor de- 
vice, the area, region, or element from which cur- 
rent carriers are injected into the device. In a 
transistor symbol, the emitter is that electrode 
shown with an arrowhead. 

emitter-base junction In a bipolar transistor, the 
boundary between base and emitter regions. 

emitter bias Emitter current or voltage main- 
tained to set the operating point of a bipolar tran- 
sistor. 

emitter bulk resistance The portion of the resis- 
tance of the semiconductor material in a transis- 
tor that affects emitter resistance. 

emitter-coupled logic A bipolar form of digital 
logic, abbreviated ECL. 

emitter-coupled multivibrator A _ two-transistor 
multivibrator circuit in which the emitters share 
a common resistor. 

emitter-coupled phase inverter A_ transistor 
phase inverter in which the out-of-phase compo- 
nent is taken from the collector and the in-phase 
component from the emitter resistor (of the same 
transistor). Another transistor is often used to 
amplify the in-phase component so that both out- 
puts are equal in magnitude. 
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emitter current Symbol, I. The current in the 
emitter electrode of a bipolar transistor. 
emitter degeneration In a transistor amplifier, 
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current degeneration obtained by use of an unby- 
passed emitter resistor. The arrangement results 
in virtually distortion-free amplification at a sac- 
rifice in voltage gain. 

emitter follower A transistor circuit in which the 
input signal is applied to the base, and the output 
signal is taken from the emitter resistor. Gain is 
always less than unity; output impedance is low. 


+dc 
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emitter-input circuit See COMMON-BASE CIR- 
CUIT. 

emitter junction See EMITTER-BASE JUNCTION. 

emitter resistance Symbol, Re. 1. The resistance 
of the emitter electrode in a bipolar transistor. 2. 
External resistance connected to a transistor’s 
emitter terminal. 

emitter stabilization In a common-emitter tran- 
sistor stage, an emitter resistor that stabilizes the 
circuit against temperature variations. 

emitter-to-base junction See EMITTER-BASE 
JUNCTION. 

emitter voltage Symbol, Vz. The voltage at the 
emitter electrode of a bipolar transistor. 

EMP, emp _ 1. Abbreviation of ELECTROMAGNETIC 
PULSE. 2. Abbreviation of electromagnetic power. 

emphasis Modification of the amplitude-versus- 
frequency output or response of an audio circuit, 
for the purpose of optimizing signal intelligibility. 

emphasizer An audio-frequency device with a spe- 
cially tailored response, intended to maximize in- 
telligibility of a voice. 

Empire cloth Varnished cambric used as an insu- 
lating sheet or tape. 

empirical Observable; derived from experimenta- 
tion. 

empirical curve A curve plotted from data ac- 
quired from observations, tests, and calculations, 
rather than from mathematical laws or other the- 
ory. 

empirical design The design of electronic circuits 
by cut-and-try methods and, to some extent, 
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through intuition arising from experience (i.e., 
practical as opposed to theoretical design). 

empirical probability Probability estimated from 
experience and observations. This method is of- 
ten used in quality-control and reliability proce- 
dures. 

empty medium A computer storage medium, such 
as a magnetic tape or disk, that is ready to accept 
data (i.e., rather than being completely blank, it 
contains the signals necessary for processing the 
to-be-added data). 

EMU, emu Abbreviation of ELECTROMAGNETIC 
UNIT(S). 

emulator In computer engineering, a sophisticated 
device that substitutes for a similar device or 
stage in the computer, and thereby provides a ba- 
sis for experimenting and troubleshooting without 
disturbing the equivalent part of the computer. 

E, Symbol for voltage remaining at null. 

enable To initiate the operation of a circuit or de- 
vice by applying a pulse or trigger signal. 

enable pulse 1. A pulse that initiates the operation 
of a circuit or device. 2. A binary pulse that aug- 
ments a write pulse to make a magnetic core 
change state. 

enabling gate A digital device that regulates the 
length of a pulse for specialized use. 

enameled wire Wire that is insulated by a thin 
coat of baked enamel. Commonly used in coil 
winding because the thin enamel allows for a 
maximum number of turns in a given volume for 
a given wire gauge. 

encapsulant A material, such as potting resin, 
used to embed (encapsulate) a component, cir- 
cuit, or device. 

encapsulated circuit A component, circuit, or de- 
vice embedded in plastic or wax (see ENCAPSU- 
LATION). 

encapsulated component An electronic part that 
is embedded in plastic or wax (see ENCAPSULA- 
TION). 

encapsulating material See ENCAPSULANT. 

encapsulation The embedding of a circuit or com- 
ponent in a solid mass of plastic or wax. The mold 
or container remains as part of the assembly af- 
ter the plastic or wax has solidified. Protects 
against the environment, and/or against the ef- 
fects of physical vibration. Compare POTTING. 


encephalogram See ELECTROENCEPHALO- 
GRAM. 

encephalograph See ELECTROENCEPHALO- 
GRAPH. 


enciphered facsimile Facsimile communications 
that have been rearranged or scrambled at the 
transmitting location so that it cannot be inter- 
cepted by a third party. A deciphering device is 
needed at the receiver end of the circuit. 

enclosure 1. A cabinet, case, or other housing for 
electronic equipment, such as a receiver, trans- 
mitter, or test instrument. 2. A specially designed 
housing for a loudspeaker. 
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encode 1. To convert signals or data into a desired 
(usually digital) form. Also called CODE. 2. To 
equip a transmitter with a tone-producing device 
(encoder). 3. To develop and apply an encoding 
system to a group of transceivers or transmitters 
of a communications network. 

encoder 1. An analog-to-digital or digital-to-analog 
converter. 2. An electromechanical device for 
translating the angular position of a rotating 
shaft into a corresponding series of digital pulses. 
Also see SHAFT-ANGLE ENCODER. 3. A device 
for encoding data (see ENCODE). 4. A machine 
with a keyboard for printing characters that can 
be read by optical character recognition (OCR) 
equipment. 5. A tone generator used as a receiver 
enabler in the transmitters of a communications 
network. 

encoding 1. The translation, either by a machine 
or by a human operator, of a spoken or written 
language into digital code. 2. Any function per- 
formed by an ENCODER. 

encryption The conversion of a signal from plain 
text, graphics, or other commonly recognizable 
form into a cipher. See also CIPHER. Compare 
DECRYPTION. 

end-around carry In acomputer, a carry produced 
in the most significant position, causing a carry 
into the least-significant position. 

end-around shift In digital-computer operations, 
the transfer of characters from one end of a regis- 
ter to the other end. Also called LOGICAL SHIFT. 

end bell 1. The part of a motor housing that sup- 
ports the bearing and protects internal rotating 
parts. 2. A clamping part fastened to the back of 
a plug or receptacle. 3. Either of the two frames of 
a transformer that contains the mounting lugs. 

end bracket See END BELL, 2. 

end cell A cell intended for series operation in con- 
junction with a storage battery. As the voltage of 
the battery drops, the end cell can be added into 
the circuit. 

end effect 1. Ina tapped coil, losses because of in- 
duced currents flowing in the inductance and 
distributed capacitance of the unused end of the 
coil. 2. EDGE EFFECT in a capacitor. 3. An effec- 
tive capacitance at the ends of an antenna, re- 
sulting from air discharge. This lowers the 
resonant frequency slightly below that predicted 
by theory. The effect is exaggerated by the prox- 
imity of objects, such as trees and buildings, or 
when an antenna is placed close to the earth. 

end effector The device or tool connected to the 
end of a robot arm (e.g., a gripper, screwdriver, 
drill, or soldering iron). 

end-fed antenna An antenna whose lead-in or 
feeders are attached to an end of the radiator. 

end feed A method of feeding electromagnetic 
fields to an antenna by connecting the transmis- 
sion line to the end. Ordinarily, the antenna must 
be a multiple of 0.5 wavelength long for end feed 
to be effective. 
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end-fire antenna See END-FIRE ARRAY. 

end-fire array Also called end-fire antenna. A 
phased antenna in which the greatest radia- 
tion/response takes place off one or both ends. 
The array consists of two or more parallel driven 
elements, all of which lie in a single plane. A typ- 
ical system might consist of two half-wave 
dipoles, fed 90 degrees out of phase and spaced 
one-quarter wavelength apart in free space. This 
produces a unidirectional directivity pattern. Two 
elements might be driven in phase and spaced 
1 wavelength apart, producing a bidirectional 
pattern. These systems show some power gain, in 
their favored directions, compared to a single 
half-wave dipole. The larger the number of ele- 
ments, with optimum phasing and spacing, the 
greater the gain. 
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end-fire array 


end-fire directivity In a directive antenna, beam- 
ing a signal along the plane of the antenna (i.e., 
off its ends). 

end instrument A device capable of converting in- 
telligence into electrical signals or vice versa, and 
that needs to be connected to only one terminal of 
a loop. 

end item A final, completed product or component. 

endless loop Also called infinite loop. A computer 
programming bug that causes the machine to go 
in an indefinite, and often useless, logical circle. 
For example, suppose that at line 180, the com- 
puter encounters the command GOTO 250, 
meaning “Go to line 250,” but line 250 gives the 
command GOTO 180. Once the computer gets to 
line 180, it enters a loop in which nothing is ac- 
complished, and from which the only escape is 
intervention by the operator (e.g., terminating the 
program). 

end mark In digital-computer operations, a signal 
or code indicating the close of an information 
unit. 
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endodyne reception See ZERO-BEAT RECEP- 
TION. 

end-of-charge voltage For a rechargeable cell or 
battery, the voltage at full charge (i.e., just after 
disconnection of the charging apparatus and be- 
fore use). 

end-of-data mark A code or character signaling 
that all the data in a computer storage medium 
has been read or used. 

end-of-discharge voltage For a rechargeable cell 
or battery, the voltage at the termination of a dis- 
charging cycle, immediately before the unit is 
taken out of use and the charging apparatus is 
connected. 

end-of-field mark In computer operations, a “flag” 
code that signals when the end of a field has been 
reached. 

end-of-file mark In computer operations, a code 
instruction that signals when the last record ina 
file has been read. 

end-of-line unit The last device or circuit in a 
chain. 

end-of-message character A character or code 
signaling the end of a message. 

end-of-run The end of a computer program or pro- 
gram run, as indicated by the program. 

end-of-tape mark A physical marker at the end of 
a magnetic tape (e.g., something that can be 
sensed by methods other than that used to read 
the tape). 

end-of-tape routine A computer program that 
handles the processing needed after the last 
record on a reel of magnetic tape has been 
reached. 

end-on armature A relay armature that moves in 
the direction of the core’s axis. 

end-on directional antenna See END-FIRE AN- 
TENNA and END-FIRE ARRAY. 

endoradiograph An X-ray picture, derived or en- 
hanced by the introduction of substances into the 
body. 

endoradiosonde A tiny pill-enclosed transducer 
and radio transmitter for sensing physiological 
conditions in the stomach and intestines; it 
transmits corresponding signals to instruments 
outside. 

endothermic reaction A chemical reaction pro- 
ducing cold (i.e., one in which kinetic energy is 
lost). Compare EXOTHERMIC REACTION. 

end-plate magnetron A magnetron whose oscilla- 
tion intensity is increased by a positive and a neg- 
ative end plate, the electric field between them 
causes the electrons to move axially while spin- 
ning. 

end point 1. For a precision potentiometer, the 
shaft position between the last and first posi- 
tions of measurement. 2. The point at which the 
useful life of a device can be considered spent. 
3. The point at which a time interval or opera- 
tional sequence ends. 4. The end-point voltage 
of a primary or Edison storage cell. 5. For a 
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lead-acid storage cell, the specific-gravity value 
of the electrolyte at which the cell is considered 
in need of recharging (nominally 1.150 to 
1.175). 

end-point control A form of quality control in 
which the end item is checked for defects. 

end-point sensitivity A means of expressing the 
sensitivity of a meter or other indicating device: 
the ratio, in decibels, between the input signal 
required to produce a full-scale or maximum 
reading and the smallest detectable input sig- 
nal. 

end-point voltage The voltage of a battery or cell 
terminal when the device is no longer useful. 

end resistance In a rheostat or potentiometer, the 
resistance between the wiper and the end termi- 
nal when the wiper is set to the end point of the 
device. 

end-resistance offset In a potentiometer, the re- 
sistance between the wiper and an end terminal 
when they are in contact. 

end-scale deflection See END-SCALE VALUE. 

end-scale value For an indicating meter, the elec- 
trical quantity indicated at the last graduation on 
the scale. 

end section Either the input or output section of a 
multisection filter. 

end setting 1. The fully clockwise or fully counter- 
clockwise setting of a rotatable control. 2. The 
minimum or maximum setting of a control. 

end shield In a magnetron, a shield that confines 
the space charge to the interaction space. 

end spaces The cavities at either end of the anode 
block in a multicavity magnetron tube; they ter- 
minate all the anode-block cavity resonators. 

end use The intended application of a circuit or de- 
vice. 

energize To apply operating power and input sig- 
nals to a circuit or device. 
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energized The condition of a circuit or device that 
is powered or excited. 

energy Symbol, W. Common units: joule, watt- 
hour, and kilowatt-hour. 1. The capacity for do- 
ing work. Some common forms of energy are 
electrical, mechanical, and chemical. Also see 
CONSERVATION OF ENERGY, KINETIC EN- 
ERGY, and POTENTIAL ENERGY. 2. The work 
performed by electric power. The unit used by 
utility companies is the kilowatt-hour (kWh), 
equal to the product Pt, where P is power in kilo- 
watts and tis the period (hours) during which the 
power is used. 

energy-band diagram A diagram depicting the var- 
ious energy levels within the atom of a conductor, 
semiconductor, or insulator. 

energy barrier The natural potential gradient 
across a semiconductor junction. In the absence 
of an applied voltage, the gradient, not measur- 
able from the outside, prevents total interaction 
between the n- and p-type materials. 

energy cell 1. A usually small primary or sec- 
ondary cell—especially the kind used in hearing 
aids and electronic watches. 2. A capacitive- 
type direct-current (dc) source (see ENERGY- 
STORAGE DEVICE, 2). 

energy consumption 1. The conversion of energy 
from one form to another by a component, circuit, 
system, or machine, in the process of performing 
some useful task. 2. The amount of energy in- 
volved in the process defined in 1. 

energy conversion The transformation of energy 
from one form to another. See also CONSERVA- 
TION OF ENERGY and ENERGY TRANSFORMA- 
TION. 

energy-conversion device A component, circuit, 
system, or machine that changes energy from one 
form to another. See also CONSERVATION OF 
ENERGY. 

energy density 1. For an energy-producing cell, 
such as an electrochemical cell, the ratio of avail- 
able energy to cell mass. It is expressed in joules 
per gram or in watt-hours per kilogram. 2. For 
an energy-producing cell, the ratio of available 
energy to cell volume. Expressed in joules per cu- 
bic centimeter or in watt-hours per cubic cen- 
timeter. 

energy gap In the energy-level diagram for a semi- 
conductor or insulator, the region between va- 
lence and conduction bands representing the 
minimum energy required to make the electron 
pass from the valence to the conduction band 
(i-e., to become a current carrier). Also called for- 
bidden energy band. 

energy level A constant-energy state, such as one 
of the energy levels of an electron in an atom. 

energy-level diagram 1. A diagram showing the 
energy levels (in electronvolts) of electrons in the 
various shells of an atom. 2. A diagram showing 
variations in power that correspond to variations 
in current in a channel. 


—P— 


5059F-pE-224-273 


4/9/01 5:26 PM Page 260 


260 energy loss « entladungsstrahlen 


energy loss In any system, the energy that is un- 
avoidably lost (i.e., it is not converted into useful 
work). Also see ENTROPY and POWER LOSS. 

energy of a charge The energy level of an electro- 
static charge. It is QV/2 ergs, where Q is the 
quantity of electricity in coulombs, and V is the 
potential in volts. 

energy product An expression of the effectiveness 
of a permanent magnet. The magnetic flux den- 
sity is multiplied by the magnetic field strength to 
obtain the energy product, specified in gauss- 
oersteds. 

energy redistribution A mathematical process for 
determining the effective duration of an irregular 
pulse. The instantaneous power output of the ir- 
regular pulse is integrated from the start to the 
end of the pulse. Then, a rectangular pulse is 
constructed having the same peak power and the 
same total energy content (area under the power 
curve). The length of this rectangular pulse is 
considered to be the effective duration of the ir- 
regular pulse. 
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energy state The condition of an electron, as ex- 
pressed by its position and velocity, with respect 
to the position and velocity of other electrons. 

energy-storage capacitor A usually high-value ca- 
pacitor used primarily to store the charge used to 
fire a lamp (as in a photoflash unit), create a 
spark discharge (as in electronic ignition), or per- 
form some similar function. 

energy-storage device 1. See CAPACITOR. 2. A 
small, electrochemical component offering very 
high capacitance (e.g., several farads) and low 
leakage current (less than 1 pA). It has a number 
of applications, including long-interval timing, 
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power-supply filtering, and energy-cell service. Its 
active ingredients are compressed powders. 

energy stored in capacitor The electrical energy 
in the field between the plates of a charged ca- 
pacitor. In this instance, energy W = CE?/2, 
where W is the energy in joules, C is the capaci- 
tance in farads, and E is the voltage in volts. 

energy stored in inductor The magnetic energy in 
the field surrounding an inductor carrying cur- 
rent. In this instance, energy W = LI?/2, where W 
is the energy in joules, Lis the inductance in hen- 
rys, and J is the current in amperes. 

energy transformation The conversion of one 
form of energy into another, as with a transducer. 

engine analyzer An instrument for checking the 
performance of an automobile engine. In addition 
to measuring voltage and resistance throughout a 
car’s electrical system, the instrument measures 
engine speed, cam dwell angle, and other factors. 

engineer 1. A person who designs machines, cir- 
cuits, and other devices. 2. A person who devel- 
ops methods of utilizing machines, circuits, or 
other devices more efficiently, or for new applica- 
tions. 3. To design or implement an apparatus. 

engineering The science of applying scientific laws 
to technical problems and designing practical de- 
vices. Also see ELECTRICAL ENGINEER and 
ELECTRONICS ENGINEER. 

enhanced-carrier demodulation A method of 
reducing distortion in the demodulation of 
amplitude-modulated (AM) signals. A properly 
phased and synchronized local carrier is added to 
the signal in the demodulator. 

enhancement mode Operation characteristic of 
an ENHANCEMENT-TYPE MOSFET. 

enhancement-type MOSFET A metal-oxide semi- 
conductor field-effect transistor (MOSFET) in 
which the channel directly under the gate elec- 
trode is widened (enhanced) by a negative gate 
voltage in the n-channel unit or by a positive 
gate voltage in the p-channel unit. Compare 
DEPLETION-TYPE MOSFET. 

ENIAC An electronic computer developed at the 
University of Pennsylvania. The name is an 
acronym for Electronic Numerical Integrator And 
Calculator. 

ENIC Abbreviation of voltage negative-impedance 
converter. 

enrichment In a mixture of different isotopes of a 
given element, the increase in the relative con- 
centration of one particular isotope. 

ensemble 1. A collection of devices that functions 
together as a complete unit. 2. In music recording, 
the ability of all the musicians to hear each other 
during the session. 3. A set of random mathemat- 
ical functions, all starting at the same point. 

ENSI Abbreviation of EQUIVALENT-NOISE-SIDE- 
BAND INPUT. 

entladungsstrahlen Ultraviolet radiation emitted 
by electric arcs. At atmospheric pressure, the 
wavelength is approximately 40 to 90 nanometers, 
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depending on the arc length. The term is derived 
from the German word for discharge rays. 

entrainment Providing a path for gases to escape 
from an electrochemical cell or battery. 

entrance delay In security applications, a delay 
that allows authorized people time to leave the 
protected area after activating the alarm system, 
or to deactivate the system after entering the pro- 
tected area. The delay is approximately 30 to 45 
seconds. 

entropy 1. In all closed physical systems, the mea- 
sure of energy wasted. According to the second 
law of thermodynamics, for example, supplied 
heat can never be converted entirely into work. 
2. In communications, the amount of information 
in a message, defined as the base-10 logarithm of 
the number of equivalent messages that can ex- 
ist. 3. A natural process in which the energy in 
the universe tends to become more uniformly dis- 
tributed with the passage of time. 

entropy coding A form of digital encoding that 
minimizes redundancy, thereby increasing the 
amount of data in a given amount of memory or 
storage space. 

entry 1. A unit of computer input or output infor- 
mation. 2. A data item in a table or list. 3. A com- 
puter source program statement. 4. In a computer 
program, the address of the first instruction. 

entry condition A condition that must be specified 
before a computer program is run (e.g., establish- 
ing operand values). 

entry-level system 1. The _least-sophisticated 
computer that will perform the things that a user 
requires. 2. A simple electronic or computer sys- 
tem (e.g., an amateur radio transciever or per- 
sonal computer, intended for ease of operation, 
and from which the user expects to upgrade to a 
more powerful system at a later date). 

entry point In a computer program, the first in- 
struction to be implemented, or a point during 
the run when data can be entered. 

envelope 1. Ona graph, the imaginary line joining 
successive signal peaks. In the graph for an am- 
plitude-modulated signal, the line reproduces the 
modulating wave. 2. The enclosure of a transistor 
or integrated circuit. 3. The glass shell of a vac- 
uum tube. 

envelope delay Ina tuned amplifier, time delay in- 
troduced in the envelope of a modulated signal by 
varying the phase of the envelope with the modu- 
lating frequency. This delay varies directly with 
the amount by which the sidebands shift, with re- 
spect to the carrier frequency. 

enveloped file A computer file with labels permit- 
ting it to be handled by a computer of a type dif- 
ferent from that used to make the file. 

environmental conditions See ENVIRONMENTAL 
FACTORS. 

environmental factors Aspects of the space im- 
mediately surrounding and sometimes influenc- 
ing electronic equipment. Examples: altitude, 
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dust, light, moisture, noise, pressure, shock, 
temperature, and vibration. 

environmentally sealed Sealed against the effects 
of adverse environmental factors. 

environmental test chamber 
CHAMBER. 

E, 1. Symbol for OUTPUT VOLTAGE. 2. Symbol for 
zero reference voltage. 

EOF Abbreviation of end of file. 

EOL Abbreviation of end of line. 

EOLM Abbreviation of electro-optical light modula- 
tor. 

EOR Abbreviation of END OF (program) RUN. 

EOS Abbreviation of electro-optical system(s). 

EOT Abbreviation of end of tape. 

EOTS Abbreviation of electro-optical tracking sys- 
tem. 

Ep 1. Symbol for PLATE VOLTAGE. 2. Symbol for 
PEAK VOLTAGE. 

EP Abbreviation for EXTENDED PLAY. 

ephemeris time Time measured with respect to 
the orbit of the earth around the sun. Initiated in 
the year 1900 AD. 

epipolar navigation A scheme for position sensing 
and navigation that uses an artificially intelligent 
vision system. Allows calculation of position and 
velocity, based on changes in the visualized di- 
rection, size, and shape of an object whose actual 
location, size, and shape are precisely known. It 
is used in some mobile robots. 

episcotister A mechanical light beam modulator. 
The device consists of a series of rotating disks 
having transparent and opaque sections that al- 
ternately interrupt and pass the light beam at an 
audio-frequency rate. 


See CLIMATE 


Light 


Stationary disk 


Rotating 
disk 


Modulated 
light 


episcotister 


epitaxial Pertaining to, or having the property of, 
EPITAXY. 

epitaxial deposition The tendency of certain ma- 
terials to grow on a semiconductor substrate un- 
der certain conditions. 
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epitaxial device A semiconductor device built by 
means of EPITAXIAL GROWTH. 

epitaxial film A film of single-crystal semiconduc- 
tor material deposited onto a single-crystal semi- 
conductor substrate. 

epitaxial growth Growing monocrystalline silicon 
on a silicon wafer by precipitating silicon from a 
gas in which the wafer is placed. Epitaxy is se- 
cured between the precipitate and the wafer. 

epitaxial layer A semiconductor layer exhibiting 
epitaxy. Also see EPITAXIAL GROWTH. 

epitaxial mesa transistor See ©DOUBLE- 
DIFFUSED EPITAXIAL MESA TRANSISTOR. 

epitaxial planar transistor A planar transistor 
having an epitaxially grown collector on a low- 
resistivity substrate, and a diffused base and 
emitter. 

epitaxial process See EPITAXIAL GROWTH PRO- 
CESS. 

epitaxial transistor A transistor in which an epi- 
taxial layer (into which a base region later is dif- 
fused and an emitter region alloyed) is grown on 
the face of a semiconductor wafer, which serves 
as the collector. Also see DOUBLE-DIFFUSED 
EPITAXIAL MESA TRANSISTOR. 

epitaxy The condition in which atoms in a thin 
film of single-crystal semiconductor material 
grown on the surface of the same kind of wafer 
continue their characteristic alignment. Also see 
EPITAXIAL GROWTH. 

E plane The plane of an antenna containing the 
electric field. 

E plane bend See E BEND. 

E-plane tee junction A waveguide junction whose 
structure changes in the plane of the electric 
field. 

epoxy resin A synthetic resin used to encapsulate 
electronic equipment, or as a cement. Epoxy 
resins are based on ethylene oxide or its deriva- 
tives. 

EPROM Abbreviation of erasable programmable 
read-only memory. 

EPU 1. Abbreviation of electronic power unit. 2. Ab- 
breviation of emergency power unit. 

Eq _ 1. Abbreviation of equation. 2. Abbreviation of 
EQUALIZER or EQUALIZATION. 

equal alternations Positive and negative half- 
cycles of a wave that have identical shape and 
amplitude. 

equal-energy source A light source that has a con- 
stant emission rate (energy per unit wavelength). 

equal-energy white The color of light emitted by a 
source radiating equally the wavelengths of the 
visible-light spectrum. 

equal heterodyne Ina beat-frequency system, the 
condition in which the outputs of the two hetero- 
dyning oscillators are identical. 

equality circuit A logic circuit that, when two 
numbers are put into it, outputs logic 1 if the 
numbers are equal, and logic 0 if the numbers are 
not equal. 
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equalization 1. The use of an EQUALIZER to make 
the frequency response of a line, amplifier, or other 
device uniform over a given frequency range. 
2. The use of an EQUALIZER to modify the fre- 
quency response of a line, amplifier, or other device. 

equalizer A circuit or device, such as a compen- 
sated attenuator, that allows the user to tailor the 
frequency response of a line, amplifier, or other 
device. Sometimes used in sophisticated high-fi- 
delity stereo amplifier systems, to obtain a de- 
sired bass/midrange/treble frequency output. 

equalizer circuit breaker A form of circuit breaker 
that trips in the event of unbalance in an electri- 
cal system. 

equalizing current A current that flows in the cir- 
cuit of two compound generators connected in 
parallel. 

equalizing network A circuit used to equalize a 
line. 

equalizing pulses In a television signal waveform, 
several pulses (preceding and following the vertical 
sync pulse and having a repetition rate of twice the 
power-line frequency) that start the vertical re- 
trace at the correct instant for good interlace. 

equal-loudness curves See AUDIBILITY CURVES. 

equal vectors Vectors having the same magnitude 
and the same direction. They do not necessarily 
originate at the same point. Compare IDENTICAL 
VECTORS. 
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equal vectors 


equation solver A (usually analog) computer for 
solving linear simultaneous equations or for de- 
termining the roots of polynomials. 
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equatorial orbit A satellite orbit that lies in the 
plane of the earth’s equator. 

equiphase surface Any surface in a wave, over 
which the field vectors at a particular instant 
have either 0° or 180° phase difference. 

equiphase zone The space region in which two ra- 
dionavigation signals show no phase difference. 

equipment 1. Collectively, apparatus or compo- 
nents designated for a specific purpose (e.g., ra- 
dio equipment). 2. A functional electronic unit, 
such as a test instrument, receiver, or memory 
unit. 

equipment chain A system consisting of series- 
connected circuits or devices. 

equipment ground An electrical ground connec- 
tion intended to reduce the chances of electric 
shock. An equipment ground does not necessar- 
ily constitute a good radio-frequency ground; it 
serves only to eliminate potential differences 
among the individual units in a system. 

equipment life The period during which electronic 
equipment functions according to specifications; 
it is terminated at an END POINT. 

equipment test A usually preliminary, qualifying 
test of electronic equipment. 

equipotential Having a potential difference of zero; 
being at the same voltage level. 

equipotential line Between two charged plates, 
the locus (an imaginary line) of points having the 
same potential, with respect to the plates. 

equipotential surface A surface on which all 
points have the same electrical potential. 

equisignal Pertaining to signals having equal in- 
tensity. 

equisignal localizer See TONE LOCALIZER. 

equisignal radio-range beacon For aircraft guid- 
ance, a radio-range beacon that transmits two 
distinct signals that are received by aircraft with 
equal intensity only in certain directions. 

equisignal surface The “surface” around a trans- 
mitting antenna formed by points of equal field 
intensity. 

equisignal zone The region in which two radionav- 
igation signals have identical amplitude. 

equivalence The condition existing when one net- 
work can be substituted for another without dis- 
turbing currents, impedances, and voltages at 
the terminals. 

equivalent absorbing power 
STOPPING POWER. 

equivalent absorption Unit, sabin. The rate at 
which a surface absorbs sound energy. 

equivalent binary digits Fora given decimal num- 
ber or specific character, the corresponding bi- 
nary digits (bits). 

equivalent bit rate The number of binary digits 
(bits) that can be sent in a given unit of time, 
such as one second, in a digital communications 
system. 

equivalent capacitance The value of a single 
lumped capacitance, that would cause the same 


See EQUIVALENT 
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action as the capacitance distributed throughout 
a circuit. 

equivalent circuit A circuit that has the same 
overall current, impedance, phase, and voltage 
relationships as a more-complicated counterpart 
that it usually replaces for analysis. 

equivalent component density For a circuit in 
which discrete components are not used or are 
not evident, the volume of that circuit divided by 
the number of discrete components that would be 
required if the circuit used them. 

equivalent conductivity The conductivity of a so- 
lution that contains 1 gram equivalent of the so- 
lute in the space between electrodes 1 centimeter 
apart. 

equivalent dark-input current For a photoelectric 
device, the illumination required for an output 
current equal to the DARK CURRENT of the de- 
vice. 

equivalent decrement The value of decrement in 
a damped wave that would result in the same 
amount of interference at a receiver as the inter- 
ference caused by the sidebands of an amplitude- 
modulated signal. 

equivalent delay line A comparatively simple net- 
work, such as a resistance-capacitance (RC) cir- 
cuit, that will provide the attenuation and phase 
characteristics of an ideal delay line. 

equivalent delta Ina three-phase system, a delta- 
connected circuit that is equivalent to a given 
wye-connected circuit, from the standpoint of 
impedance and phase. Also see DELTA CONNEC- 
TION and WYE CONNECTION. Compare EQUIV- 
ALENT WYE and WYE-EQUIVALENT CIRCUIT. 

equivalent differential input capacitance For a 
differential amplifier, the equivalent input capac- 
itance (see EQUIVALENT CAPACITANCE) at one 
input (inverting or noninverting) when the oppo- 
site input is grounded. 

equivalent differential input impedance For a 
differential amplifier, the equivalent input 
impedance at one input (inverting or noninvert- 
ing) when the other input is grounded. 

equivalent differential input resistance For a 
differential amplifier, the equivalent input resis- 
tance at one input (inverting or noninverting) 
when the other input is grounded. 

equivalent equations Two equations for an un- 
known that have the same root. 

equivalent four-wire system A two-wire line over 
which full-duplex operation is obtained by use of 
frequency division. 

equivalent height See VIRTUAL HEIGHT. 

equivalent impedance 1. The value of a single 
lumped impedance that would cause the same 
action as the impedance distributed throughout a 
circuit. 2. An impedance that draws current of 
the same strength and phase as that drawn by an 
impedance it replaces. 

equivalent inductance The value of a single 
lumped inductance that would cause the same 
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action as the inductance distributed throughout 
a circuit. 

equivalent input offset current For a differential 
amplifier, the difference between currents flowing 
into the inverting and noninverting inputs when 
the output voltage is zero. 

equivalent input offset voltage For a differential 
amplifier, the input voltage required to reduce the 
output voltage to zero. 

equivalent input wideband noise voltage For a 
differential amplifier, the ratio V,/G,, where V, is 
the root-mean-square (rms) output-noise voltage, 
and G, is the direct-current (dc) voltage gain. 

equivalent length of antenna 1. The electrical 
length of an antenna, as measured in degrees or 
wavelengths. 2. The free-space length of an an- 
tenna. 3. The length d (in feet) of a quarter-wave 
resonant antenna at a specific frequency f (in 
megahertz), given by the formula d = 234/f. 4. 
The length d (in feet) of a half-wave resonant an- 
tenna at a specific frequency f (in megahertz), 
given by the formula d = 468/f. 

equivalent length of electric dipole The distance, 
measured in a straight line, separating the points 
that represent the charge centers of an electric 
dipole. 

equivalent length of feed line The electrical 
length of a feed line as measured in degrees or 
wavelengths. Generally, this is equal to 1/v times 
the line length in free-space wavelengths, where v 
is the VELOCITY FACTOR of the line, expressed 
as a fraction between 0 and 1. 

equivalent length of magnet The distance sepa- 
rating the poles of a magnet. In a bar magnet, 
these poles are not exactly at the ends. The actual 
equivalent length is about 83% of the length of 
the bar magnet. 






Equivalent 


Flux —jength 
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equivalent loudness The actual intensity, in deci- 
bels, of a given sound whose apparent loudness 
changes with frequency. 

equivalent network A network that can replace a 
more-complex network for analysis purposes. 

equivalent noise input The value of modulated lu- 
minous flux that, when applied to a photoelectric 
device, produces a root-mean-square (rms) output 
current equal to the device’s rms noise current. 
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equivalent-noise-sideband input Abbreviation, 
ENSI. A specification for receiver noise character- 
istics. Numerically, ENSI = 0.3E,(P,/P,)”, where 
E, is the voltage of an unmodulated radio- 
frequency (RF) carrier applied to the receiver, P, 
is the resulting noise-output power of the receiver 
(measured with an rms meter), and P, is the 
noise-output power measured with the RF signal 
30% amplitude modulated at 400 Hz with a 400- 
Hz bandpass filter inserted between the receiver 
output terminals and the meter. 

equivalent noise temperature For a component 
having resistance, the temperature (degrees ab- 
solute) at which a theoretically perfect resistor 
having the resistance of the component would 
generate the same noise the component gener- 
ates at room temperature. 

equivalent optics The analogy between certain op- 
tical lenses and prisms and the electrostatic de- 
flection of an electron beam. Thus, when the 
upper deflecting plate in an electrostatic deflec- 
tion system is made negative and the lower plate 
is positive, the beam is deflected downward, like 
horizontal light rays bent by a prism. When both 
plates are made equally negative, the beam con- 
verges to a point, as light rays do when they pass 
through a double convex lens. When both plates 
are made equally positive, the beam spreads out, 
as do light rays passing through a double con- 
cave lens. 

equivalent permeability The permeability of a 
component made of certain materials, compared 
with that of a component having the same reluc- 
tance, shape, and size, but made of different ma- 
terials. 

equivalent reactance The value ofa single lumped 
reactance that would cause the same action as 
the reactance distributed throughout a circuit. 

equivalent resistance The value of a single lumped 
resistance that would cause the same action as 
the resistance distributed throughout a circuit. 

equivalent series and parallel circuits Series and 
parallel circuits in which current, voltage, phase, 
and frequency relationships are identical. Any se- 
ries circuit can be transformed into an equivalent 
parallel circuit. 

equivalent series resistance The equivalent resis- 
tance acting in series with circuit components. 

equivalent sine wave A sine wave of the same fre- 
quency and effective voltage as a given wave. 

equivalent stopping power For a material in the 
path of radioactive particles, the thickness of the 
material that produces the same energy loss as 
that produced by one centimeter of air. 

equivalent time The effective duration of some 
phenomenon, such as a pulse. 

equivalent volt See ELECTRONVOLT. 

equivalent wye In a three-phase system, a wye- 
connected circuit that is equivalent to a given 
delta-connected circuit from a standpoint of 
impedance and phase. Also see DELTA 
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CONNECTION, EQUIVALENT DELTA, WYE CON- 
NECTION, and WYE-EQUIVALENT CIRCUIT. 

equivalent Y See EQUIVALENT WYE. 

equivocation A condition in which the meaning of 
data depends on certain parameters. 

ER Abbreviation of ECHO RANGING. 

Er Symbol for ERBIUM. 

E, Symbol for voltage drop across a resistance. 

erasable storage In computer operations, any 
storage medium holding information that can be 
erased. 

erasable PROM A programmable read-only mem- 
ory (PROM) from which the data can be removed, 
usually by exposure to ultraviolet light. Also see 
PROM. 

erase To obliterate or remove a signal, especially a 
recorded one, as in the erasure of recorded mate- 
rial from a magnetic tape or the data from a com- 
puter disk. 

erase button A pushbutton that actuates the cir- 
cuit supplying a signal that erases stored mate- 
rial (as the display on a storage oscilloscope). 

erase current In an electromagnetic erase head, 
the current flowing through the coil of the head. 
In most instances, it is a high-frequency current 
(usually the regular bias current), but it can be as 
low as 60 Hz, as long as the speaker does not re- 
spond to what remains of it on the tape after era- 
sure. 

erase head _ Ina tape recorder, a head used to erase 
recorded material from tape. It can contain a per- 
manent magnet (see ERASE MAGNET) or an elec- 
tromagnet whose coil carries erase current. 


Magnetic 


Tape movement 
tape 


—— 








Magnetic 
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erase magnet Ina tape recorder, a magnet used to 
erase recorded material from tape. Because the 
strength of the magnet is greater than that of the 
magnetized areas on the tape, erasure is com- 
plete (the tape left demagnetized). 
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erase oscillator In a tape recorder, a high- 
frequency (typically 30 to 80 kHz) oscillator that 
supplies erase current. 

eraser See BULK ERASER. 

erase signal A signal that causes recorded material 
to be erased (see ERASE and ERASE CURRENT). 

erasing speed The rate at which successive stor- 
age elements are erased, as in a charge-storage 
tube. 

erasure 1. In tape-recording and digital-computer 
operations, the process of erasing a recorded sig- 
nal (see ERASE). 2. An erasure accomplished by 
the process described in 1, above. 

erbium Symbol, Er. A metallic element of the rare- 
earth group. Atomic number, 68. Atomic weight, 
167.26. 

E region See E LAYER. 

eregister In acomputer, a register used in double- 
precision calculations. 

E,-Ey signal In color television, the resultant signal 
that is the difference between the original full-red 
and E, signals. 

ERG Abbreviation of ELECTRORETINOGRAPHY. 

erg Abbreviation, e. A unit of work. It is the work 
done by a force of one dyne (10° newton) acting 
through a distance of one centimeter. 

ergograph An instrument used to measure and 
record work done by muscles. 

ergometer An instrument for measuring energy 
consumed or work accomplished. 

ergon See ERG. 

E,yms Symbol for ROOT-MEAN-SQUARE VOLTAGE. 

ERP Abbreviation of EFFECTIVE RADIATED 
POWER. 

error 1. In calculations and measurements, the 
difference between a true value and an observed 
or calculated value. 2. In electronic circuits, es- 
pecially those of automatic control systems, the 
difference between a required (or reference signal) 
level and the actual signal level. 3. In communi- 
cations, a discrepancy between the transmitted 
data and the received data. 

error accumulation The adding-up of maximum 
possible error when measurements are repeat- 
edly made. Generally, the maximum plus-or- 
minus error per measurement is multiplied by 
the number of measurements. 

error amplifier An amplifier for boosting error cur- 
rent or voltage. 

error-checking code An error-correcting or error- 
detecting code. 

error-correcting code An error-detecting code 
that, in addition to the function indicated by its 
name, indicates the correct code. 

error-correcting telegraph A digital communica- 
tions system in which an improbable or incorrect 
character is not accepted. In the event that such 
a character is received, the receiver instructs the 
transmitter to send that character again. 

error correction 1. The restoration of mutilated, 
corrupted, or missing data in a digital system, 
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especially in magnetic data storage media, such as 
tapes and disks. 2. In digital communications, any 
scheme in which the receiver (destination) auto- 
matically eliminates (to the greatest possible ex- 
tent) errors in data from a transmitter (Source). For 
example, the destination can instruct the source 
to repeat questionable characters or words. 

error-correction routine In computer operations, 
a series of programmed instructions to detect and 
correct errors in files. A common example is a 
spell-checking program for word-processed docu- 
ment files. 

error current An error signal that is a feedback 
current for automatically correcting a system. 

error curve A bell-shaped curve that describes the 
distribution of errors in measurement around a 
true value. 

error-detecting code In computer operations, a 
character-coding system that ensures that an im- 
possible combination (forbidden characters) will 
be generated by an error (for error detection). 

error-detecting routine A computer program that 
detects errors by checking the validity of data. 

error detection and feedback In computer opera- 
tions, a system in which an error (sensed by an 
error-detecting code) automatically generates a 
request to repeat the suspect signal. 

error detector A sensor that responds to an error 
signal by delivering a signal proportional to the 
error. 

error diagnostics As performed by a compiler, de- 
tecting and indicating the presence of errors in 
source language statements. 

error interrupt A computer program halt caused 
by a software or hardware error and accompanied 
by a display of what has happened. 

error list As produced by a compiler, a list of 
source language statement faults. 

error message During a computer program run, a 
statement (displayed on a peripheral) of what is 
in error. 

error of measurement The positive or negative dif- 
ference between the value of an actual measure- 
ment and the true (or most probable) value. 

error range For a data item, the range of values 
over which it will cause an error. 

error rate In data transmission, the ratio of errors 
transmitted to the data transmitted. 

error-rate damping Damping that involves adding 
to an error signal another signal that is propor- 
tional in rate of change. 

error ratio 1. Ina received message, the number of 
incorrect characters divided by the total number 
of characters. Can be represented as a fraction 
between O and 1 or as a percentage by multiply- 
ing the fraction by 100. 2. A measure of distortion 
for digital signal communications. The number of 
inaccurately received bits divided by the total 
number of received bits. 

error routine A computer program segment that is 
input when an error is detected so that an 
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appropriate action is taken (correct the error, re- 
peat the process, etc.). 

error-sensing circuit A circuit that samples the 
output current or voltage of a power supply, am- 
plifier, or control system, compares this output 
with a standard value, and delivers a feedback 
(correction) signal whose amplitude is propor- 
tional to the difference (error). 

error signal In a servo system, an output signal 
whose value is proportional to the difference be- 
tween the actual operating quantity of the system 
and a standard reference quantity. The signal is 
fed back to the input of the system for automatic 
correction. 

error tape In data processing, a record tape de- 
signed and used for storing errors for subsequent 
study. 

error voltage An error signal that is a feedback 
voltage for automatically correcting a system. 

Es Symbol for EINSTEINIUM. 

Esaki diode See TUNNEL DIODE. 

Escope See E DISPLAY. 

escape character In computer operations, a char- 
acter indicating that the next character belongs 
in a new group. 

escapement A (usually oscillating) mechanical or 
electromechanical device that stores energy (often 
in a spiral spring) on one swing, and returns that 
energy on the next swing. Such a mechanism ad- 
vances a shaft progressively in a clock or watch, 
and in some control equipment. 

escape velocity 1. The minimum velocity (about 
25,000 miles per hour or seven miles per second) 
required for a space vehicle to completely escape 
the gravitational field of the earth. 2. The mini- 
mum velocity required for a space vehicle to com- 
pletely escape the gravitational field of a planet or 
star. 3. The minimum velocity required for an 
electron to escape the electrical influence of an 
atomic nucleus. 

escutcheon A_ usually decorative plate that 
frames an opening or covers a panel in a piece of 
equipment (e.g., the escutcheon of a radio tun- 
ing dial). 

ESD Abbreviation of ENERGY-STORAGE DEVICE. 

ESG Abbreviation of electronic sweep generator. 

Esnault-Pelterie formula A formula for approxi- 
mately calculating the inductance of a single- 
layer solenoidal coil: 


L=0.1008(a?n2)/(s + 0.92a) 


where L is the coil inductance in microhenrys, a 
is the radius of the coil in inches, s is the length 
of the coil in inches, and nis the number of turns 
in the winding. The formula is accurate to 0.1 
percent for all values of 2a/s between 0.2 and 
1.5. 

ESS Abbreviation of electronic switching system. 

EST Abbreviation of EASTERN STANDARD TIME. 

esu Abbreviation of ELECTROSTATIC UNIT(S). 

ET Abbreviation of EPHEMERIS TIME. 
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ETC Abbreviation of electronic temperature control. 

etchant Any substance such as cupric chloride, 
ferrous chloride, or hydrochloric acid, used in 
etching. 

etched circuit A circuit produced by etching the 
metallic coating of a substrate to provide the re- 
quired pattern of conductors and terminals to 
which discrete components are soldered. 


etched circuit 


etch factor The ratio of the depth to the width of 
an etched track in an etched circuit. 

etching 1. Chemically eating away a metal to form 
a desired pattern, such as an etched circuit. 2. 
Thinning a quartz-crystal plate by slowly eroding 
one or both of its faces with hydrofluoric acid to 
fine-tune the resonant frequency. 

ET-cut crystal A piezoelectric plate cut from a 
quartz crystal at an angle of +66°, with respect to 
the z-axis. Also see CRYSTAL AXES and CRYS- 
TAL CUTS. 

ether 1. Also called luminiferous ether. A nonvis- 
cous fluid once thought to fill space, convey 
waves (radio, light, etc.), and sustain fields. 2. A 
volatile liquid occasionally used in electronics as 
a solvent [e.g., ethyl oxide (C2Hs5)20]. 

ether drift The postulated motion between a mate- 
rial body and the ether (see ETHER, 1). The con- 
cept was checked by Michelson and Morley, who 
failed to find that the earth moves relative to the 
ether. This eventually led to scientific rejection of 
the so-called ether theory of the propagation of 
light. 

ethical slave A machine, especially a smart robot, 
that is treated in the manner of a slave, based on 
the notion that a machine cannot have “feelings.” 
Some researchers fear that the use of ethical 
slaves could lead to technological nightmares. For 
example, robots might be used as soldiers in a ma- 
rauding offensive army; the commanders could ra- 
tionalize that there is nothing immoral about the 
war because there is no loss of life on their side. 

E transformer A differential transformer whose 
primary is wound on the center leg of an E core, 
the secondaries being wound on the outer legs. 
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Ettinghausen effect A phenomenon somewhat 
like the HALL EFFECT. It occurs when a metal 
strip, carrying current longitudinally, is placed 
into a magnetic field perpendicular to the plane of 
the strip: corresponding points on opposite edges 
of the strip exhibit different temperatures. 

Eu Symbol for EUROPIUM. 

eudiometer 1. An instrument for measuring the 
amount of oxygen in the air. 2. An instrument for 
analyzing gases. 

eureka 1. See CONSTANTAN. 2. The ground 
transponder beacon in the British rebecca- 
eureka radar navigational system (see REBECCA- 
EUREKA SYSTEM). 

europium Symbol, Eu. An element of the rare- 
earth group. Atomic number, 63. Atomic weight, 
151.96. 

eutectic 1. A form of reaction in which mixed liq- 
uids solidify when cooled. 2. The solid substance 
resulting from a reaction as defined in 1. 

eutectic alloy A metallic alloy with a specific melt- 
ing point, made via eutectic process. 

eutectic bond A connection between two dissimi- 
lar metals, facilitated by a third metal alloyed, via 
eutectic process, to the adjoining faces. 

eV Symbol for ELECTRONVOLT. 

evacuation The removal of air or other gases from 
a tube or chamber, specifically, the envelope of a 
vacuum tube that houses the internal elements. 

evaporation 1. A technique for electrically deposit- 
ing a film of a selected metal on a metallic or non- 
metallic surface. A filament of the metal to be 
deposited is heated by an electric current in a 
vacuum chamber, which makes filament parti- 
cles travel to the (nearby) object to be coated, 
where they condense as a film. In an alternate 
method, a piece of the metal to be deposited is 
laid on or wrapped around a filament of some 
other metal. 2. Electron emission by a hot cath- 
ode. 

evaporation theory The theory that electrons will 
acquire sufficient escape velocity to leave a mate- 
rial when the energy acquired by (or imparted to) 
the electron exceeds the work function of the ma- 
terial. Also see WORK FUNCTION. 

E vector The vector that represents the electric 
component of an electromagnetic wave. 

even-even nucleus An atomic nucleus containing 
an even number of protons and an even number 
of neutrons. An example is the alpha particle, or 
helium nucleus, which contains two protons and 
two neutrons. 

even harmonic In a complex waveform, an even- 
numbered multiple of the fundamental fre- 
quency. Compare ODD HARMONIC. 

even line In a television picture, an _ even- 
numbered member of the 262.5 horizontal lines 
scanned by the spot in developing the even-line 
field. Compare ODD LINE. 

even-line field On a television screen, the com- 
plete field obtained when the spot has traced all 
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the even-numbered lines. Compare ODD-LINE 
FIELD. 

even parity check A check to verify the presence of 
an even number of ones or zeros in a group of bits. 

event An occurrence that affects the state of a 
computer file. 

event counter Any device that measures the num- 
ber of specified events taking place within a cer- 
tain interval of time. 

evolution Extracting a root of a number (e.g., 
square root, cube root, etc.). 

E wave In microwave operations, the transverse 
magnetic (TM) wave. Also see WAVEGUIDE 
MODES. 

EWR Abbreviation of EARLY-WARNING RADAR. 

EWS Abbreviation of early-warning system. 

Ex 1. Symbol for voltage drop across a reactance. 
2. Symbol for EXCITATION ENERGY. 

exa- Symbol, E. A prefix meaning 10!* (Interna- 
tional System of Units). 

exalted-carrier reception In radio reception, over- 
coming the effects of selective fading by maintain- 
ing the carrier at a high amplitude. This is 
accomplished before demodulation by removing 
the carrier from an amplitude-modulated or phase- 
modulated signal, amplifying it, and reinserting it 
at a higher amplitude with the sidebands. 

exc 1. Abbreviation of EXCITER. 2. Abbreviation of 
EXCITATION. 

except gate A logic gate that delivers an output 
pulse when an input pulse is present at one or 
more of a set of input terminals, and absent from 
one or more of another set of input terminals. 
Also called exclusive-OR element. 

excess charge The amount of overcharge for a 
storage battery. 

excess conduction In a semiconductor, current 
conduction by excess electrons. 

excess electron 1. An electron that, when intro- 
duced into an atom, results in a negative ion. 2. 
An electron resulting from the addition of a donor 
impurity to a semiconductor substance. 

excess meter A meter that integrates the amount 
of power in excess of some predetermined level. 

excess minority carriers The number of minority 
carriers in excess of the normal equilibrium num- 
ber in a semiconductor material. 

excess modified index of refraction Symbol, M. 
For waves transmitted through a refracting 
medium, a modified index of refraction greater 
than unity. 

excess noise Electrical noise caused by current in 
a semiconductor material. 

excess sound pressure Unit, dyne/cm?. In a 
medium conducting sound waves, the quantity 
P,—- Ps, where P; is total instantaneous pressure at 
a given point in the medium, and P, is static pres- 
sure in the absence of the sound waves. 

excess-three code A computer code derived from 
binary notation by adding binary three ({ie., 
0011) to each four-bit group. Thus, decimal seven 
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is 1010 in the code (it is 0111 in binary). Unlike 
the binary representation for zero, the excess- 
three representation (0011) contains two ones, a 
feature that distinguishes actual zero from a ma- 
chine fault. 

exchange 1. To reverse the contents of two mem- 
ory banks. For example, if the memory banks are 
called A and B, an exchange is the placing of the 
contents of memory A into memory B, and the 
placing of the contents of memory B into memory 
A. The original contents are removed. 2. A two- 
way sequence of data transmissions. 3. A desig- 
nated location in a telephone circuit. 

exchange line A telephone line. 

exciplex Ina laser, a method of adjusting the color 
by means of chemical reactions in organic dyes. 

excitant The electrolyte in a voltaic cell. 

excitation 1. Supplying input-signal driving cur- 
rent, driving power, or driving voltage. 2. Input- 
signal driving current, driving power, or driving 
voltage. 

excitation anode In a mercury-pool tube, an aux- 
iliary anode whose operation maintains the cath- 
ode spot when no output current is being drawn 
from the tube. 

excitation current 1. Input-electrode current in 
an excited transistor amplifier. 2. Grid current in 
an excited vacuum-tube amplifier. 3. Current 
flowing in the circuit of the excitation anode of a 
mercury-pool tube. 4. Current flowing in the ex- 
citer circuit of an alternator. 5. Shunt-field cur- 
rent in a motor. 

excitation energy 1. Symbol, Ex. In artificial 
transmutation, the energy of a nucleus when pro- 
tons of less than maximum energy have been 
emitted from the atom. 2. Electrical energy re- 
quired by a transducer. 

excitation purity In color television, complete sat- 
uration of a hue (i.e., there is no contamination 
by other colors, and the saturated hue is dis- 
tributed uniformly). 

excitation voltage 1. The signal voltage that 
achieves, or is required for, excitation (see EXCI- 
TATION, 1). 2. The value of driving voltage. 

excitator An electrical discharger. 

excited atom An atom in which one or more 
electrons have been pushed out of their normal 
orbits into higher ones by energy applied from the 
outside. 

excited-field speaker A dynamic speaker in which 
the magnetic field is provided, not by a perma- 
nent magnet, but by direct current flowing 
through a large coil of wire wound around the 
speaker core. The coil usually acts as a filter 
choke in the power supply of the attendant am- 
plifier or receiver. 

excited state In artificial transmutation, the state 
of the nucleus when protons of less-than-maxi- 
mum energy have been emitted from the atom. 
The energy of the protons, in this instance, is 
greater than the ground state. 
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exciter 1. An amplifier or oscillator (or a system of 
such units) that supplies the input (driving) sig- 
nal to the output amplifier in a radio transmitter 
or similar device. 2. A small direct-current (dc) 
generator that supplies direct current to the field 
winding of an alternating-current (ac) generator. 
3. See INDUCTION COIL. 

exciter lamp 1. A concentrated-filament, high- 
intensity incandescent lamp used in sound- 
on-film recording and reproduction and in some 
types of electromechanical television. 2. In a 
facsimile transmitter, the lamp illuminating what 
is being scanned. 

exciter relay In an electromechanical generator, 
the relay that activates the direct-current (dc) 
field excitation during machine startup. 

exciter response 1. A change in the exciter voltage 
of a motor when the field-circuit resistance 
changes. 2. A change in the operating conditions 
of a radio frequency exciter, as a result of a 
change in the impedance at the input of the final 
amplifier. 

exciter unit See EXCITER. 

exciting current 1. The output current produced 
by the exciter of a generator (see EXCITER, 2). 2. 
The field current of a dynamo-type generator. 3. 
Primary current in an unloaded transformer. 

exciting power 1. The output power produced by 
an exciter. 2. The input-signal power required for 
full output from a power amplifier. Also called 
DRIVING POWER. 

exciting voltage 1. Input-signal voltage. 2. The 
input-signal-voltage amplitude required for full 
rated output from a power amplifier. Also called 
DRIVING VOLTAGE. 3. The output voltage pro- 
duced by an exciter. 

exciton In a semiconductor or dielectric, a bound 
electron-hole pair. 

excitron A mercury-pool rectifier whose arc is 
initiated mechanically (e.g., by means of a 
magnetic plunger in the tube). 

exclusion principle The rule that only one particle 
of a particular kind can occupy a given quantum 
state at one time. 

exclusive-NOR A logic function where the output 
is 1 if both inputs are 1 or both are O (same). The 
output is 0 if one input is O and the other is 1 (dif- 
ferent). Compare EXCLUSIVE OR. 

exclusive-OR A logic function in which the output 
is 1 when the two inputs are different, and is 0 
when the two inputs are the same. 

excursion 1. A change in the value of a quantity in 
a given direction. 2. In an oscillatory system, a 
body’s moving away from the point of equilibrium 
or mean position. 

execution A computer’s performance of the opera- 
tions required by an instruction. 

execution time The length of time required for a 
computer to complete a designated operation. 

executive routine In computer operations, a pro- 
gram that controls and processes other routines. 
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Also called monitor program. Compare MONITOR 
SYSTEM. 

exhaust analyzer An instrument for examining 
the exhaust fumes of an internal combustion en- 
gine, to measure the presence of noxious ma- 
terials and to evaluate air-to-fuel ratio and 
combustion efficiency. 

exhaustion See EVACUATION. 

exit 1. In computer operations, the last instruction 
in a program or program segment, often taking a 
subroutine back to the main program. 2. To leave 
a computer application, routine or subroutine. 

exoskeleton A robot that resembles a suit of ar- 
mor, and that greatly magnifies the force of phys- 
ical movements. A human operator occupies the 
interior. Thus, for example, the operator might 
use the machine to throw a football 2500 yards, 
or to run 50 miles an hour, or to smash through 
walls. Primarily a tool of science fiction writers, 
this machine is within the scope of current 
robotic technology. 

exosphere The extreme outer layer of the earth’s 
atmosphere. 

exothermic Pertaining to a chemical or electro- 
chemical reaction in which heat is given off. Com- 
pare ENDOTHERMIC. 

exothermic reaction In a chemical reaction, the 
production of positive reaction energy (i.e., ki- 
netic energy is gained). Compare ENDOTHERMIC 
REACTION. 

exp 1. Symbol for EXPONENTIAL. 2. Abbreviation 
of EXPERIMENT{AL). 

expand 1. In communications, to increase the 
bandwidth of a signal, restoring it to normal 
bandwidth after it has been compressed. 2. In 
communications, to increase the dynamic range 
of a signal. 3. In computer operations, to restore 
a file to full or normal size after it has been com- 
pressed. 4. To widen the scale of a meter. 5. To 
widen (or magnify a portion of) the trace of an os- 
cilloscope beam. Compare COMPRESS. 

expandable Capable of being built up into larger 
circuits or systems. 


—P— 


5059F-pE-224-273 


4/9/01 5:26 PM Page 270 


270 expandable gate « exponential horn 


expandable gate In digital logic, a gate that can be 
provided with an unlimited number of input lines 
by electrical interconnection with other gates. 

expanded memory In personal computer systems, 
memory beyond the basic 640 kilobytes (640 kb), 
up to one megabyte (1 MB). This memory resides 
in integrated circuits (ICs) in the computer, and is 
normally volatile (i.e., it is not retained when 
power is removed). Compare EXTENDED MEM- 
ORY. 

expanded-scale meter A meter having a scale de- 
signed to display a narrow range of values. Such 
a meter used for monitoring the 117-V power line 
might have a scale reading 100 to 140 V, instead 
of a conventional scale beginning at zero. 

expanded sweep 1. In an oscilloscope, speeding 
up the deflection of the beam during a selected 
portion of the trace. 2. The circuit for the action 
described in 1. 

expander A circuit for increasing the dynamic 
range over which a signal or quantity can vary. A 
typical example is the volume expander, a device 
that greatly increases the amplitude of strong sig- 
nals while weakening, or having no effect on, sig- 
nals of low amplitude. 

expansion 1. In communications, the process of 
increasing the bandwidth of a signal, restoring it 
to normal bandwidth after it has been com- 
pressed. 2. In communications, a process in 
which stronger components are amplified more 
than weak ones, restoring a signal to its normal 
dynamic range after it has been compressed. 
3. In computer operations, the restoration of a file 
to full or normal size after it has been compressed. 
4. The widening of a meter scale. 5. The widening 
or magnification of an oscilloscope trace. Com- 
pare COMPRESS. 

expansion chamber A cloud chamber for viewing 
the paths of radioactive particles. It consists of a 
closed glass cylinder containing humid air and a 
piston. An electrostatic field is applied through 
the cylinder, the piston is pulled quickly, and the 
volume of the chamber expands. The temperature 
inside falls below the dew point, a cloud is 
formed, and droplets of water condense on ions, 
making their paths visible for observation or pho- 
tography through the cylinder walls. 

expansion ratio In communications, the inverse of 
COMPRESSION RATIO. 

expansion time For an expansion chamber, the 
interval during which expansion occurs. The 
interval is kept short to ensure that the temper- 
ature will drop low enough for vapor condensa- 
tion, and to minimize the possibility of 
continuing gas motion distorting the track of a 
particle. 

expectation In probability theory, the middle 
value (average or mean) of a random variable. 

expendable A component or system that, for econ- 
omy, is best discarded instead of repaired when it 
fails. Also called DISPOSABLE COMPONENT. 
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experiment One or a series of carefully planned 
tests carried out under controlled conditions to 
obtain data or to check performance. 

experimental chassis See ELECTRONIC CHASSIS. 

experimental model A prototype of an electronic 
circuit or device, produced solely for operational 
tests or as a model against which theory and de- 
sign can be checked. 

experimental service A special, nonamateur radio 
service intended for on-the-air testing of new 
methods and equipment. 

experimental station A station specially licensed 
to operate on specific frequencies in the experi- 
mental service. 

expert system Also called rule-based system. A 
form of artificial intelligence (AI) that allows a 
computer or smart robot to act as a highly tal- 
ented specialist in a specific field. An example is 
the use of a computer to help a physician diag- 
nose a complex disease. A smart robot might be 
used as a surgical assistant. 

exploring coil A pickup coil for sensing a signal or 
magnetic field. Sometimes called a sniffer. 

exploring electrode 1. A sampling electrode sealed 
in a discharge tube for measuring ionization at 
the point of insertion. 2. Broadly, a test probe. 

explosion-proof device A device that is housed 
and operated so that its sparking, heating, or 
production of radiant energy will not cause mate- 
rials in the environment to explode. 

exponent A number written as a superscript indi- 
cating the power to which another number (called 
the base) is to be raised. For example, 2? is the 
square (second power) of 2; x° is the cube (third 
power) of x. 

exponential 1. A base (such as the natural num- 
ber e) modified by an exponent. 2. Related to a 
change in value as determined by an exponent. 
Thus, using increments for x in the equation y = 
e* produces an exponential curve. 

exponential curve A curve based on powers of a 
number (such as for y = e*). Also see EXPONEN- 
TIAL, EXPONENTIAL DECREASE, and EXPO- 
NENTIAL INCREASE. 

exponential damping Damping action described 
by an exponential curve. 

exponential decay See 
CREASE. 

exponential decrease The continuous reduction 
in the value of a quantity, according to the equa- 
tion y = e*, which depicts the natural decay 
curve. 

exponential function A function, such as f(x = e*, 
that varies exponentially. See, for example, EX- 
PONENTIAL DECAY, EXPONENTIAL GROWTH, 
and EXPONENTIAL SERIES. 

exponential horn A horn of circular or rectangular 
cross section, whose cross-sectional area S at any 
point x feet along its axis is given by the formula 
S = Soe™, where So is the cross-sectional area at 
the throat, e is the natural logarithm base 
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(approximately 2.71828), and mis the horn flar- 
ing constant. 

exponential increase The continuous increase of 
a quantity, according to the equation y = e*, 
which depicts the natural growth curve. 

exponential line A transmission line whose char- 
acteristic impedance varies exponentially with its 
electrical length. 

exponential quantity A quantity involving an ex- 
ponential (e.g., 3e%). 

exponential series A mathematical series based 
on exponential expressions. Example: e*=1+x+ 
(x?/2!) + (02/3) + OA/4N 4+... 

exponential sweep In cathode-ray-tube (CRT) de- 
vices, such as oscilloscopes, a beam sweep that 
starts fast and slows exponentially. 

exponential transmission line See EXPONEN- 
TIAL LINE. 

exponential waveform Any waveform in which the 
rate of change in the amplitude is directly or in- 
versely proportional to the instantaneous ampli- 
tude. The absolute value of the derivative of such 
a waveform is equal to the absolute value of the 
instantaneous amplitude, multiplied by a con- 
stant that depends on the amplitude units. 

exposure 1. The total amount of radiation received 
in a given area, or by a given sample, or by a per- 
son, over a specified length of time. 2. The extent 
to which a photographic film has been darkened 
or otherwise modified by visible light, infrared, ul- 
traviolet, or X rays. 

exposure meter 1. A usually simple instrument 
for measuring light intensity—especially for pho- 
tographic purposes. A common form consists of a 
self-generating photocell connected to a direct- 
current microammeter. 2. A device that indicates 
the amount of ionizing radiation that has been re- 
ceived over a given period of time. 






Sensitivity 


Photovoltaic 
cell 


Meter 


exposure meter 


expression control A volume control in an elec- 
tronic organ. 

extended double Zepp antenna See DOUBLE- 
EXTENDED ZEPP ANTENNA. 
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extended memory In personal computer systems, 
memory beyond the first megabyte (1 MB). There 
is no limit in theory to the extent of this memory, 
although it is limited by current technology. Used 
in high-level programs—especially those involv- 
ing graphical applications, artificial intelligence, 
or intensive calculations. Resides in integrated 
circuits (ICs) in the computer, and is normally 
volatile (i.e., it is not retained when power is re- 
moved). Compare EXPANDED MEMORY. 

extended octaves Audio-frequency tones above or 
below the normal range of an electronic musical 
instrument. Special circuits must be added to 
make the extended octaves available. 

extended play Pertaining to a recorded phono- 
graph disc that provides a longer playing time 
than conventional discs of the same size and 
recording speed. 

extender A substance added to an encapsulant to 
make it go further. 

extensimeter See EXTENSOMETER. 

extension cable A flexible, low-capacitance (usu- 
ally concentric) cable for connecting part of one 
circuit to part of another. Extension cables are 
available with a variety of end connectors. 

extension cord A flexible power cord having a 
male plug on one end and female receptacle on 
the other. 

extension loudspeaker An auxiliary loudspeaker 
serving areas in which the main speakers can’t be 
adequately heard. 

extensometer An instrument used to measure 
small amounts of expansion, contraction, or de- 
formation. 

exterior label On a diskette or tape cartridge used 
for computer data storage, a written identification 
on the housing or cartridge, as opposed to the la- 
bel, which is recorded on the diskette or tape itself. 

external armature In a dynamo-type machine, an 
armature that rotates around the outside of the 
field magnets, as opposed to the usual (inside) ar- 
rangement. 

external capacitor A high-value capacitor con- 
nected externally to an oscillator or sweep gener- 
ator to lower its frequency. 

external circuit A circuit or subcircuit connected 
and external to a main equipment. 

external controls 1. Control devices that are con- 
nected to, but operated away from, a main cir- 
cuit. 2. Manual or screwdriver-adjusted controls 
that are mounted on the panel of an equipment, 
as opposed to those mounted in the case or be- 
hind the panel. 

external critical damping resistance The value of 
external resistance that must be connected to a 
galvanometer or other meter to produce critical 
damping. 

external damping device A resistor or short- 
circuiting bar connected temporarily between the 
terminals of a meter to keep its movement immo- 
bile during transportation. 
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external feedback Negative or positive feedback 
through a separate path outside of and around 
the main circuit. Example: negative feedback 
through a resistance-capacitance (RC) path be- 
tween the output terminals and the input termi- 
nals of an amplifier. 


External 
feedback 


external feedback 


external impedance Load impedance (ie., an 
impedance connected to the output terminals of a 
generator or amplifier). 

external load See EXTERNAL IMPEDANCE. 

external loudspeaker See EXTERNAL SPEAKER. 

externally caused chatter In a relay, contact 
chatter caused by mechanical vibration outside 
of the relay. 

externally caused failure Failure of a circuit or 
component resulting from unfavorable environ- 
mental factors. 

external memory In computer operations, a mem- 
ory unit outside of the computer mainframe. 

external power supply A power supply unit situ- 
ated apart from the powered equipment. Such 
separation is helpful in eliminating the disturbing 
effects of heat, hum, and vibration associated 
with internal power units. 

external Q@ For a microwave tube, the quantity 
1/(1/Q + 1/Q2), where Q, is the loaded Q and Q, 
is the unloaded Q. 

external S-meter A signal-strength meter con- 
nected to a receiver, but not installed in its panel. 

external speaker A loudspeaker that doesn’t share 
an enclosure with an amplifier, receiver, or other 
device that drives it. Such isolation is helpful in 
eliminating the undesirable effects of vibration 
and acoustic feedback. 

external storage In computer operations, storage 
media (such as magnetic diskettes or tapes) that 
are outside of the computer. 

extinction potential See DEIONIZATION POTEN- 
TIAL. 

extinction voltage See DEIONIZATION POTEN- 
TIAL. 
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Extra-class license An amateur-radio license that 
conveys all available amateur operating privileges 
in the United States. The highest class of ama- 
teur license. 

extract 1. To remove a signal or quantity from 
some product containing it, or from its source. 
Examples: extracting a fifth harmonic from a 
complex signal, extracting the direct-current (dc) 
component from a signal containing both alter- 
nating current (ac) and dc. 2. To derive a factor 
(e.g., to extract a root). 3. To separate certain 
classes of information from an aggregate of infor- 
mation. 

extract instruction In computer operations, the 
instruction to generate a new word by the serial 
arrangement of designated segments of specified 
words. 

extractor 1. A circuit or device for removing a sig- 
nal (or a signal component) from another circuit 
or device. A demodulator probe, for example, ex- 
tracts the modulation from a modulated signal. 
2. A device for removing used active devices from 
a circuit board. Such extractors can also employ 
heat to desolder, as well as remove the devices. 

extraneous component A usually undesired in- 
herent effect that results from the physical 
nature of a component or device. Examples: 
distributed capacitance of a coil, internal induc- 
tance of a capacitor. 

extraneous emission Undesired emission from a 
transmitter (e.g., excessive harmonics). 

extraneous response The unintended response of 
a circuit or device (e.g., image response in a su- 
perheterodyne communications receiver). 

extraneous root In the solution of an equation de- 
rived from another equation, one or more roots 
that satisfy the derived equation but not the orig- 
inal one. 

extraneous signal A superfluous and potentially 
interference-causing signal. 

extranuclear Outside the nucleus of an atom. 

extraordinary ray Of the two rays resulting from 
the double refraction of electromagnetic waves, 
the one that does not follow the usual laws of re- 
fraction. Also see X WAVE. 

extraordinary wave See X WAVE. 

extrapolar 1. Outside of electrical or magnetic 
poles. 2. Not between electrical or magnetic poles. 

extrapolation Estimation of values beyond the 
range of available data. An example is the exten- 
sion of a curve beyond its final plotted point to de- 
termine a value for a variable. There is always 
some margin for error, which increases as the 
process is extended further and further beyond 
the range of actual data values. Commonly done 
by computers (e.g., prediction of the probable 
path of a hurricane 12, 24, 36, and 48 hours in 
advance). 

extrared See INFRARED. 

extraviolet See ULTRAVIOLET. 

extreme 1. The lowest or highest value of a 
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quantity. 2. The lowest or highest point of the de- 
pendent variable in the range of a function. 3. An 
unusual value for a parameter (e.g., temperature 
extreme and pressure extreme). 

extremely high frequency Abbreviation, EHF. A 
frequency near the upper limit of the radio-fre- 
quency spectrum—especially one in the 30- to 
300-GHz band. 

extremely low frequency 1. Abbreviation, ELF. 
Pertaining to a signal or current within the audio- 
frequency (AF) range, but not used for audio ap- 
plications. 2. Electromagnetic emissions from a 
cathode-ray tube (CRT), resulting from the cur- 
rents in the deflecting coils and/or electron 
beam. 3. The 60-Hz electromagnetic field gener- 
ated by utility power lines and wiring. 

extrinsic base-resistance/collector-capacitance 
product Units: seconds, milliseconds, and mi- 
croseconds. For a bipolar transistor, the product 
RgCc, where Rg is the base resistance and Ce is 
the collector capacitance. This product is a time 
constant that determines the high-frequency op- 
erating limit of the transistor. 

extrinsic conductance For a material, the con- 
ductance resulting from impurities or such exter- 
nal factors as environmental conditions. 

extrinsic properties For a semiconductor mate- 
rial, properties resulting from doping (e.g., altered 
resistivity or majority/minority carrier differenti- 
ation). Also see EXTRINSIC SEMICONDUCTOR. 

extrinsic semiconductor A semiconductor mate- 
rial, such as germanium or silicon, to which a 
controlled amount of a suitable impurity material 
has been added to give the semiconductor a de- 
sired resistivity and polarity. Compare INTRINSIC 
SEMICONDUCTOR. 

extrinsic transconductance Symbol, gm. For a 
bipolar transistor, the first derivative of collector 
current, with respect to base-emitter voltage. It is 
the ratio of a small change in collector current 
(dI,) to the small change in base-emitter voltage 
(dVpz) that produced it, collector voltage being 
constant; gm = dI¢c/dVspe. 
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extrusion The process of forming a material such 
as metal or plastic, by forcing it through dies. 
Many pieces of electronic hardware are mass pro- 
duced in this manner. Examples are insulating 
rods and tubes, metal cans, and metal tubing. 

eye-in-hand system In robotics, a scheme that 
uses a vision system, servo, and microprocessor 
to precisely manipulate an END EFFECTOR, such 
as a robot gripper (“hand”). A camera (the “eye”) is 
contained in the end effector itself, and is de- 
signed to work at close range (i.e., approximately 
one meter down to a fraction of a millimeter). 










Robot arm 

\ 
Lamp 
Lens 


Lamp 


Camera 


\ 
Grippers 


eye-in-hand system 


eyelet connection A connection made by fasten- 
ing conductors together with an eyelet or by sol- 
dering leads or pigtails to an eyelet. 

eyepiece A small lens system for viewing an oscil- 
loscope screen through a camera setup. 

Ez Symbol for voltage drop across an impedance. 

E zone A portion of the earth including most of the 
eastern hemisphere. When propagation forecasts 
are made, this region is one of three longitude 
zones specifie 
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F 1. Symbol for FORCE. 2. Symbol for FLUORINE. 
3. Abbreviation of FAHRENHEIT. 4. Abbrevia- 
tion of FARAD. 5. Abbreviation of FERMI. 6. Sym- 
bol for FOCAL LENGTH. 7. Symbol for FUSE. 
8. Symbol for FARADAY CONSTANT. 

f 1. Abbreviation of FEMTO. 2. Symbol for FRE- 
QUENCY. 3. Symbol for FUNCTION. 

Fo Symbol for DAMPING FACTOR. 

F1 layer The lower part of the ionosphere’s F RE- 
GION. Also called F1 region. 

F2 layer The upper part of the ionosphere’s F RE- 
GION. Also called F2 region. 

fA Abbreviation of FEMTOAMPERE. 

fabrication tolerance The amount of variation 
that can be tolerated in the manufacture of com- 
ponents. 

Fabry-Perot interferometer A resonant cavity, of- 
ten used with lasers, that has mirrors at each 
end; the interferometer produces the optical 
equivalent of standing waves. 

face 1. A flat crystal surface whose orientation can 
be expressed as its position relative to other 
faces. 2. The viewer’s side of a screen. 3. The 
scale part of a meter. 

face material In a tape recorder, the plastic used 
to coat the face of a head. 

face-parallel cut See Y-CUT CRYSTAL. 

face-perpendicular cut See X-CUT CRYSTAL. 

face side The side of pressure-sensitive insulating 
tape that is coated with adhesive. 

facom A radionavigation system that operates by 
means of phase comparison at low frequencies. 
Effective over long distances and under poor con- 
ditions. 

facsimile Also called fax. The transmission and re- 
ception, through the medium of radio or by wire, 


of permanent pictures, writing, and other graphic 
material. 

facsimile receiver The complete device or system 
that selects, amplifies, and demodulates a picture 
signal received up from the air, wires, or cable, 
and uses the elements of this signal to reproduce 
the picture. Also see FACSIMILE. 

facsimile recorder The machine that puts a trans- 
mitted facsimile image on paper. 

facsimile transmitter The complete device or sys- 
tem that generates signals depicting graphic ma- 
terial (pictures, writing, printing, etc.) and sends 
them to a distant point via cable, wire lines, or ra- 
dio for subsequent reproduction. Also see FAC- 
SIMILE. 

factor 1. A data element that is an operand in an 
arithmetic operation. 2. To find the two or more 
numbers whose product is the number being fac- 
tored. 3. One of two or more numbers whose 
product is the number being factored. 

factorial Symbol, !. For an integer n, the product of 
all positive integers up to and including n. Thus, 
5!=1x2x3x4x5= 120. The term n! is read “n 
factorial.” 

factor of merit See FIGURE OF MERIT. 

factor of safety See SAFETY FACTOR. 

fade in To gradually increase an audio or video sig- 
nal—especially for recording. 

fade out 1. To gradually decrease an audio or video 
signal—especially for recording. 2. The complete 
disappearance of a radio communications signal. 
See FADING. 

fader 1. In sound amplification systems, an atten- 
uator circuit that enables the operator to fade out 
one signal and fade in another. Ordinarily, a 
fader does not provide mixing action. 2. In an au- 
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tomotive high-fidelity sound system, a control 
that adjusts the volume of the front speaker set 
and rear speaker set. Usually, this is a single 
knob; increasing the front volume decreases the 
rear volume, and vice-versa. 

fading 1. Repeated increases and decreases of ra- 
dio communications signal amplitude at the re- 
ception point. Fading of a radio wave results from 
multiple propagation paths from transmitter to 
receiver, causing the received waves to arrive in 
constantly varying phase relationships. 2. In a 
cell or battery power supply, a gradual loss of 
power-delivering capability that occurs during 
the discharge cycle. 
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factory automation The use of robotic devices, to 
the greatest extent possible, as laborers in manu- 
facturing plants. 

Fahnestock clip A flat, sheet-metal spring clip for 
holding a wire (usually in a temporary bread- 
board setup). 

Fahrenheit scale A temperature scale on which 
the freezing point of water is 32 degrees, and the 
boiling point of water is 212 degrees. Compare 
ABSOLUTE SCALE and CELSIUS SCALE. 

failsafe Pertaining to devices or circuits that, upon 
failure, cause no damage or serious malfunction. 

failsoft In acomputer, a system in which operation 
is maintained—even in the event of partial fail- 
ure. Efficiency is reduced but the computer does 
not completely shut down. 

failure The condition wherein a circuit, system, or 
device is not operating correctly. 

failure analysis 1. The process of determining the 
failure rate for a component, system, or device. 
2. The process of determining the cause of a 
failure. 

failure mode The particular way in which a failure 
of equipment or a method occurs. 

failure unit A unit of machine or device failure: 
one failure per billion (10°) hours of operation. 

fall-in The time when synchronous speed is at- 
tained in a synchronous motor. 

falling characteristic A NEGATIVE RESISTANCE 
characteristic. 

fall time 1. Decay time. 2. The time required for 
the amplitude of a pulse to decrease from 90 per- 
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cent to 10 percent of its peak amplitude. Com- 
pare RISE TIME. 

false add A logic add (i.e., addition without car- 
ries). 

false alarm 1. Improper operation of an electronic 
security system, resulting in actuation of the 
device when no breach of security has occurred. 
2. In radar, the presence of a false echo that 
causes the attendant circuits or personnel to act 
as though an enemy target is present. 

false error A condition in which a computer sys- 
tem erroneously signals the existence of an error. 

false precision See MISLEADING PRECISION. 

false retrieval The incorrect specification of crite- 
ria for information to be selected for retrieval so 
that an unwanted item of data is selected. Also 
called false drop. 

family Any group of components, circuits, ratings, 
or characteristics, classed together because of 
some common or analogous feature or applica- 
tion. Examples: IC family, family of curves, and 
family of equations. 

family of curves A group of curves plotted on the 
same axes, that depict the performance of a circuit 
or device at several levels of a third parameter (e.g., 
curves showing transistor collector current vs. col- 
lector voltage for several levels of base current). 





Collector 
current, 
milliamps Base 
8 current, 
microamps 
150 
6 
100 
4 50 
25 
2 
0 
0 i 1 1 
0 5 10 15 


Collector voltage, volts 


family of curves 


fan antenna See DOUBLE-V ANTENNA. 

fan-in 1. A number of inputs entering a common 
input terminal. 2. In digital computer operations, 
the number of inputs that can be accommodated 
by a logic circuit. Compare FAN-OUT. 

fan-in circuit A circuit having a number of input 
lines entering a common input point. Also see 
FAN-IN, 1. 

fan-out 1. One common output terminal feeding a 
number of output lines. 2. In digital computer 
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operations, the number of outputs that can be fed 
by a logic circuit. Compare FAN-IN. 

fan-out circuit A circuit in which a number of out- 
put lines leave a common output terminal. Also 
see FANOUT, 1. 

fantasy robot A robot as portrayed in science fic- 
tion or fantasy. Such robots are usually, but not 
always, androids (that is, they have humanoid 
form). Some fictional robot characteristics are 
later realized. Science fiction can even give roboti- 
cists ideas for future designs. 

farad (Michael Faraday, 1791-1867) Abbreviation, 
F. The basic unit of capacitance. A capacitor has 
a capacitance of 1 F when a charge of 1 volt per 
second across the capacitor produces a current of 
1 ampere through it. 

faraday An electrical quantity approximately equal 
to 9.65 x 10* coulombs; it is the quantity of elec- 
tricity required in electrolysis to free 1 gram 
atomic weight of a univalent element. The equiv- 
alent, and preferred, unit is the COULOMB. Also 
called Faraday constant. 

Faraday cage See ELECTROSTATIC SCREEN. 

Faraday constant See FARADAY. 

Faraday cylinder A cylindrical metal shield placed 
around electrical equipment or circuits to prevent 
electromagnetic fields from affecting the equip- 
ment or circuits. 

Faraday rotation 1. A change in the polarization of 
an electromagnetic wave as it passes through a 
medium. 2. Constant and random fluctuations in 
the polarization of radio signals as they pass 
through the earth’s ionosphere. This phenomenon 
affects signals having linear polarization at fre- 
quencies well below 10 GHz. It has little or no ef- 
fect on circularly polarized signals, or on signals at 
frequencies above 10 GHz. It can be a problem 
with some satellite communications links. 

Faraday effect See MAGNETO-OPTICAL ROTA- 
TION. 

Faraday’s disk dynamo See DISK DYNAMO. 

Faraday shield See ELECTROSTATIC SCREEN. 

Faraday’s law The voltage induced in a conductor 
moving in a magnetic field is proportional to the 
rate at which the conductor cuts the magnetic 
lines of flux. 

Faraday’s laws of electrolysis 1. In electrolysis, 
the mass of a substance liberated from solution is 
proportional to the strength and duration of the 
current. 2. For different substances liberated by 
the same current in a certain time, the masses 
are proportional to the electrochemical equiva- 
lents of the substances. Also see ELECTRO- 
CHEMICAL EQUIVALENT; ELECTROLYSIS, 1; 
and ELECTROLYTE. 

faradic current The lopsided alternating current 
produced by an induction coil. 

faradmeter An alternate term for MICROFARAD 
METER. 

far field 1. The region beyond the near field of an 
antenna (see NEAR FIELD, 1). 2. The region be- 
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yond the near field of a loudspeaker (see NEAR 
FIELD, 2). 

far infrared Also called far IR. The lower-frequency 
portion of the infrared (IR) spectrum. 

farming robot A robot that performs labor in an 
agricultural setting. Examples: fruit-picking 
robot, field-watering robot, cow-milking robot. 
Such machines are usually overseen by a central 
computer, via which the farmer can monitor and 
control the robots’ actions. 

far zone See FAR FIELD, 1, 2. 

fast access storage In a computer memory, the 
section from which information can be most 
quickly accessed, depending on the relative speed 
of other system devices. 

fast-break, fast-make relay A relay that opens 
and closes rapidly. 

fast-break, slow-make relay A relay that opens 
rapidly and closes slowly. 

fast charge The rapid charging of a rechargeable 
cell or battery, particularly of a nickel-cadmium 
(NICAD) or nickel-metal-hydride (NiMH) device. 

fast diode See COMPUTER DIODE. 

fast drift The rapid change of a quantity or setting, 
usually in one direction. Compare SLOW DRIFT. 

fast-food robot A robot that prepares and/or 
serves items in a fast-food establishment. 
Robots have not yet gained wide acceptance in 
this setting, mainly because of technical difficul- 
ties and prohibitive cost. Another problem is 
that some customers are put off or intimidated 
by robots. 

fast-forward Abbreviation, FF or FFWD. In a tape 
recorder, a mechanism for running the tape 
through the machine rapidly. 

fast groove The informationless groove between 
tracks on a disk recording. 

fast-make/fast-break relay A relay that closes 
and opens rapidly. 

fast-make, slow-break relay A relay that closes 
rapidly and opens slowly. 

fast-forward playback In a videotape recorder, the 
playing back of the tape at faster than real-life 
speed. It allows the viewer to move quickly ahead 
in a program, and also to watch the images so as 
to know when to resume normal replay. 

fast-reverse playback In a videotape recorder, the 
playing back of the tape rapidly backwards. It al- 
lows the viewer to move quickly back in a pro- 
gram, and also to watch the images so as to know 
when to resume normal replay. 

fast time constant 1. The property of responding 
quickly to changes in input parameters. 2. In 
radar, a method of defeating attempts at jamming 
by modification of the receiving circuitry. 

fathometer See ACOUSTIC DEPTH FINDER. 

fathom 1.To measure the depth of a body of water, 
as in the use of sonar for this purpose. 2. A unit 
of length (distance) equal to six feet. 

fatigue 1. The degradation of the performance of 
circuits or materials with time. 2. The tendency of 
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bodies and materials to weaken, deform, or frac- 
ture under repeated strain. 

fault 1. A defective point or region in a circuit or 
device. 2. A failure in a circuit or device. 

fault current 1. A momentary current surge. 2. A 
leakage current. 

fault finder A troubleshooting instrument or de- 
vice (e.g., a multimeter). 

fault resilience 1. A design scheme for an elec- 
tronic or computer device or system so that if a 
component or circuit fails, the system will con- 
tinue to operate, although perhaps at reduced ef- 
ficiency. The operator is notified of the problem so 
that it can be repaired with minimal downtime. 2. 
In a computer system, the property of being as 
nearly sabotage-proof as possible. 

fault tolerance Total redundancy in an electronic 
or computer system so that if a component or cir- 
cuit fails, the system will continue to function at 
full efficiency. Every component has a backup 
that automatically takes over in case of failure. 
The operator is notified of the problem, so the de- 
fective part or circuit can be replaced while its 
backup keeps the circuit working continuously at 
100-percent capacity. 

Faure plate A storage battery plate consisting of a 
lead grid containing a chemical electrolytic paste. 

fax Abbreviation of FACSIMILE. 

fe Abbreviation of FOOT-CANDLE. 

f, Abbreviation of CARRIER FREQUENCY. 

FCC See FEDERAL COMMUNICATIONS COMMIS- 
SION. 

f,., Abbreviation of CUTOFF FREQUENCY. 

F connector A type of antenna feedline connection 
especially common on television receivers and 
videocassette recorders. 

F display See F SCAN. 

FDM Abbreviation of frequency-division multiplex. 

FE Abbreviation of FERROELECTRIC. See FERRO- 
ELECTRICITY. 

Fe Symbol for IRON. 

feasibility study The procedures for evaluating 
the potential gains in applying a computer sys- 
tem to a job or to an organization’s process, or in 
modifying or replacing an existing system. 

FEB Abbreviation of FUNCTIONAL ELECTRONIC 
BLOCK. 

Federal Communications Commission Abbrevia- 
tion, FCC. Established in 1934, the U.S. Govern- 
ment agency that regulates electronic com- 
munications. The FCC succeeded the Federal Ra- 
dio Commission (FRC), which was established in 
1927; the FRC succeeded the Radio Division of 
the Bureau of Navigation in the Department of 
Commerce, whose jurisdiction over radio began 
in 1912. 

feed 1. To supply power or a signal to a circuit or 
device. 2. The method of supplying such a signal 
or power. See, for example, PARALLEL FEED and 
SERIES FEED. 3. To cause data to be entered 
into a computer for processing. 


aos 


fatigue * feedback factor 277 


feedback 1. The transmission of current or voltage 
from the output of a circuit or device back to the 
input, where it interacts with the input signal to 
modify operation of the device. Feedback is posi- 
tive when it is in phase with the input, and is neg- 
ative when it is out of phase. 2. To input the 
result at one point in a series of operations to an- 
other point; the method allows a system to moni- 
tor its actions and make necessary corrections. 


+12 V 
Feedback 


(negative) ~S 





Output 


Input 


feedback, 1. 


feedback amplifier 1. An amplifier whose perfor- 
mance (especially frequency response) is modi- 
fied by means of positive, negative or both 
positive and negative feedback. 2. An amplifier 
placed in the feedback path of another circuit to 
increase the amplitude of feedback. 

feedback attenuation 1. In an_ operational- 
amplifier circuit, the attenuation in the voltage 
from output to input. 2. In an audio-frequency or 
radio-frequency amplifier circuit, the reduction of 
feedback by electronic means. 

feedback bridge A bridge circuit in the feedback 
channel of an amplifier or oscillator. 

feedback capacitance 1. A capacitance through 
which feedback current is coupled from the out- 
put to the input of a circuit or system. 2. The in- 
terelectrode capacitance of a vacuum tube. 

feedback control 1. The variable component (po- 
tentiometer or variable capacitor) used to adjust 
the level of feedback current or voltage. 2. The 
control of circuit performance by means of feed- 
back. 

feedback cutter A device used for the purpose of 
cutting grooves in phonograph disks. Feedback is 
used to provide a flat frequency response. 

feedback factor For a feedback amplifier, the 
quantity 1 - bA, where A is the open-loop gain of 
the amplifier and b is the FEEDBACK RATIO. 
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feedback input current In a feedback network, 
the current drawn by the feedback input. This 
current affects the design parameters of a net- 
work. 

feedback loop The part of a circuit that provides 
controlled feedback in an operational-amplifier 
circuit. 

feedback oscillator A circuit in which oscillation 
is obtained by feeding a portion of the output of 
an active amplifying device back to the input cir- 
cuit by inductive coupling. Also called tickler os- 
cillator. 

feedback path A path over which feedback, either 
positive or negative, can occur in a circuit. The 
feedback can be intentionally produced, or it can 
be undesirable. 

feedback percentage Symbol, n. In a feedback cir- 
cuit, the percentage of output voltage that is fed 
back; n= 100V;/V,, where V;is the feedback volt- 
age and V, is the open-loop output voltage. Com- 
pare FEEDBACK RATIO. 

feedback ratio For a feedback system, the ratio 
V;/V., where V; is the voltage that is fed back 
and V, is the open-loop output voltage of the 
system. 

feedback rectifier See DIODE FEEDBACK RECTI- 
FIER. 

feedback regulator In a controlled-feedback cir- 
cuit, the device that determines the amount of 
feedback. 

feedback resistance 1. The internal base resis- 
tance of a point-contact transistor. 2. The resis- 
tance in a feedback loop. 

feedback transfer function The transfer function 
of a feedback loop exclusively. 

feedback winding A special winding on a magnetic 
amplifier or saturable reactor, for the introduc- 
tion of feedback currents. 

feeder 1. A conductor or set of conductors that 
carries electric power from one point to another. 
2. The transmission line connecting a transmitter 
to an antenna. 

feeder cable 1. A communication cable running in 
a primary route from a central station (or in a sec- 
ondary route from a main feeder cable) as a 
means of making connections to distribution ca- 
bles. 2. In a cable television system, the cable 
carrying transmission from the head end to the 
trunk amplifier. Also called TRUNK CABLE. 

feeder loss Loss of energy resulting from resis- 
tance in, or radiation from, feeder lines. 

feeding In character recognition, a system in 
which documents go into the transport of a char- 
acter reader at a steady, specified rate. 

feed pitch The distance between feed holes. 

feed reel The tape supply reel of a tape recorder. 

feedthrough 1. The usually undesirable transmis- 
sion of a signal through a circuit without being 
processed by the circuit, because of unavoidable 
capacitive coupling, for example. 2. Contraction 
of FEEDTHROUGH COMPONENT. 


feedthrough capacitor A capacitor whose design 
is like that of a feedthrough terminal; it is 
mounted in a hole in a chassis. The center screw 
or wire is the “high” terminal of the capacitor, to 
which connections can be made above or below 
the chassis. The body of the device is the “low” 
terminal of the capacitor; it is soldered to the 
chassis or secured with a nut. 


Chassis wall 


Metal flange 


Center 
conductor 


feedthrough capacitor 


feedthrough component A passive device perma- 
nently installed in a panel or plate (e.g., a 


FEEDTHROUGH CAPACITOR or FEED- 
THROUGH INSULATOR). 
feedthrough insulator An insulator mounted 


tightly in a hole in a wall or chassis, and provided 
with a center hole for a lead. 


Panel or 
chassis 







Threaded 
shaft 


Nuts 


Insulating 
material 


feedthrough insulator 


feedthrough terminal A terminal mounted tightly 
in a hole in a chassis or wall; it consists of a 
screw going through a feedthrough insulator. 
Connections can be made to either end of the 
screw. 
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FE-EL Abbreviation of ferroelectric-electrolumines- 
cent. 

feeler 1. A wire or blade contact (e.g., a finger that 
senses holes in a punched card). 2. The wire por- 
tion of a point-contact diode. 

Felici mutual-inductance balance An inductive 
null circuit for determining mutual inductance 
(M,) in terms of a standard mutual inductance 
(M,). The secondary coils of two mutual-induc- 
tance circuits are connected in phase opposition. 
The standard mutual inductor, which is variable, 
is adjusted for null. At null, M, = Ms. 





Secondary 






Generator Secondary 





Felici mutual-inductance balance 


female plug A plug whose contacts are separated 
by a recess into which the prongs of a mating 
male plug are inserted. Compare HERMA- 
PHRODITE PLUG and MALE PLUG. 

femto- Abbreviation, f. A prefix meaning quadril- 
lionth (10-15). 

femtoampere Abbreviation, fA. A unit of extremely 
low current; 1 fA equals 107) A. 

femtofarad Abbreviation, fF. A unit of extremely 
low capacitance; 1 fF equals 10-!5 F. 

femtovolt Abbreviation, fV. A unit of extremely low 
voltage; 1 {V equals 107!5 V. 

fence A system or string of early warning radar 
stations. 

Fermat’s principle The principle that the path ofa 
ray of radiant energy between two points in any 
medium is the shortest distance between those 
points in that medium. This path is also the path 
of least propagation time. This might not neces- 
sarily be a straight line. On a flat plane, the path 
of least time between any two points is always a 
straight line, assuming constant velocity of prop- 
agation. However, on a sphere, the path of least 
time between two points is represented by a great 
circle. 

fermi Abbreviation, F. An extremely small unit of 
length and wavelength, equal to one quadrillionth 
(10-!5) of a meter. 

Fermi-Dirac distribution function The probabil- 
ity that an electron will be in a certain quantum 
state under conditions of thermal equilbrium. 
This is determined as the probability that the 
electron will be in a given energy band at a par- 
ticular instant of time. 


aos 


FE-EL « ferrite limiter 279 


fermium Symbol, Fm. A radioactive metallic ele- 
ment that is artificially produced. Atomic num- 
ber, 100. Atomic weight, 257. 

ferpic Acronym for ferroelectric ceramic picture de- 
vice. An image-storing device containing a photo- 
conductive film, transparent electrodes, and a 
ferroelectric ceramic, in layers. 

ferreed A form of magnetic switching device, simi- 
lar to a reed relay, that maintains its position in- 
definitely without the need for a continuous 
current. 

ferret A vehicle or craft equipped for determining 
the locations of enemy radar transmitters. 

ferri- A prefix used to denote magnetic properties. 

ferric oxide Formula, Fe2O3. A red oxide of iron 
used to coat magnetic recording tape. 

ferristor A high-frequency magnetic amplifier us- 
ing a ferroresonant circuit. 

ferrite A high-resistance magnetic material con- 
sisting principally of ferric oxide and one or more 
other metals. After being powdered and sintered, 
ferrites exhibit low eddy-current loss at high fre- 
quencies and make ideal core material for induc- 
tors and switching elements. Also used in 
television deflection yokes and in miniature an- 
tennas. Also see FERROSPINELS. 

ferrite antenna See FERRITE-ROD ANTENNA. 

ferrite bead 1. A magnetic storage device in the 
form of a bead of ferrite powder fused onto the 
signal conductors of a memory matrix. 2. A tiny 
ring of ferrite that can be slipped over a wire or 
cable to choke off radio-frequency (RF) currents. 





ferrite bead 


ferrite core A coil or switching-element core made 
from a ferrite; specifically, in a core memory, a 
small magnetic toroid that can retain its polarity 
when charged by a pulse. 

ferrite core memory A magnetic memory in which 
ferrite cores are interconnected by a network of 
input and output wires. 

ferrite isolator A microwave device that permits 
energy to pass with negligible loss in one direction 
through a waveguide or coaxial line, while absorb- 
ing energy passing in the opposite direction. 

ferrite limiter A device used in the antenna circuit 
or front end of a receiver, to prevent overload 
while maintaining a linear response. Used mostly 
at ultra-high and microwave frequencies. 
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ferrite loopstick See FERRITE-ROD ANTENNA. 

ferrite memory A static memory using ferrite 
cores. See CORE MEMORY. 

ferrite-rod antenna Also called loopstick antenna. 
A small antenna that can be used for wireless re- 
ception at frequencies below approximately 
20 MHz. This antenna consists of a coil wound 
on a solenoidal, high-permeability, powdered- 
iron core, usually less than 20 centimeters (cm) 
long and 1 cm in diameter. A series or parallel 
capacitor, in conjunction with the coil forms a 
tuned circuit. The operating frequency is deter- 
mined by the resonant frequency of the induc- 
tance-capacitance (LC) combination. Response 
is maximum off the sides of the coil, and a sharp 
null occurs off the ends. This antenna has nar- 
row bandwidth. The null can be oriented to min- 
imize system response to undesired local signals 
or humanmade noise. Compare SMALL LOOP 
ANTENNA. 

ferrite switch A device that regulates the flow of 
power through a waveguide. The electric-field 
vector is rotated, resulting in a high degree of at- 
tenuation when actuated, but little or no attenu- 
ation when not activated. 

ferroelectric 1. Producing ferroelectricity. 2. A fer- 
roelectric material. 

ferroelectric amplifier 
FIER. 

ferroelectric capacitor A capacitor in which a fer- 
roelectric material is the dielectric. 

ferroelectric cell See FERROELECTRIC CAPACI- 
TOR. 

ferroelectric crystal A crystal of ferroelectric ma- 
terial. 

ferroelectric flip-flop A flip-flop based on the hys- 
teresis of a ferroelectric capacitor. Compare FER- 
RORESONANT FLIP-FLOP. 

ferroelectricity Electric polarization in certain 
crystalline materials. The effect is analogous to 
the magnetization of a ferromagnetic material by 
a magnetic field. 

ferroelectric-luminescent Pertaining to a ferro- 
electric cell that emits light. 

ferroelectric material A nonlinear dielectric mate- 
rial capable of producing ferroelectricity. Exam- 
ples: barium titanate, barium strontium titanate, 
potassium dihydrogen phosphate, guanadine 
aluminum sulfate hexahydrate (GASH), Rochelle 
salt, and triglycene sulfate. 

ferromagnetic 1. Pertaining to a substance that 
conducts a magnetic field with relative ease. 2. 
Pertaining to a material in which a magnetic-field 
change causes a voltage, which in turn results in 
a measurable current flow. 

ferromagnetic-core inductor A coil of wire de- 
signed to introduce inductive reactance into a cir- 
cuit or system, wound around a core consisting of 
ferromagnetic material that greatly increases the 
inductance for a given number of turns. With 
proper design and choice of core material, the Q 


See DIELECTRIC AMPLI- 
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factor (selectivity attainable) can be extremely 
high. The core confines much of the magnetic 
flux within itself. When the coil current exceeds 
a certain level, core saturation occurs, and further 
increases in the current will not produce a cor- 
responding increase in magnetic flux. This de- 
creases the effective inductance, and reduces the 
efficiency because power is dissipated as heat in 
the core. 

ferromagnetic material A substance that concen- 
trates magnetic lines of flux relative to their con- 
centration in free space. Iron, powdered iron, and 
ferrite are common examples. 

ferromagnetic resonance The point at which the 
permeability of a magnetic material peaks at a 
microwave frequency. 

ferromagnetic spinels Highly permeable and re- 
sistive ceramic-like materials. The low eddy- 
current losses and high permeability of these 
materials suit them for use as cores in radio- 
frequency (RF) transformers and inductors. Also 
see FERRITE. 

ferromagnetic tape Magnetic tape used for wind- 
ing closed transformer cores. 

ferrometer An instrument for testing hysteresis 
and permeability in steel and iron. 

Ferron detector See IRON-PYRITES DETECTOR. 

ferroresonant circuit An inductance-capacitance 
(LC) circuit in which the coil is a saturable reac- 
tor. Because of coil nonlinearity, the circuit is res- 
onant at only one value of alternating-current (ac) 
voltage, and exhibits both negative resistance 
and bistable operation. 

ferroresonant counter A digital counter using fer- 
roresonant flip-flops, rather than semiconductor 
devices. 

ferroresonant flip-flop A flip-flop using one or two 
ferroresonant circuits instead of semiconductor 
devices. See BISTABLE MULTIVIBRATOR. Com- 
pare FERROELECTRIC FLIP-FLOP. 

ferroresonant shift register A shift register using 
ferroresonant circuits instead of semiconductor 
devices. 

ferrosoferric oxide See MAGNETITE. 

ferrospinels See FERROMAGNETIC SPINELS. 

ferrous Pertaining to a substance that contains 
iron and is magnetizable. 

Ferroxcube A nonmetallic ferromagnetic material 
having high permeability and resistivity, and a 
Curie point near room temperature. These char- 
acteristics make the material suitable for the 
cores of radio-frequency (RF) inductors and 
transformers, and for high-frequency magnetic 
shields. 

Fessenden oscillator In underwater communica- 
tions, a transmitter of acoustic waves. 

FET Abbreviation of FIELD-EFFECT TRANSISTOR. 

fetch An operation in a computer run in which the 
location of the next instruction is taken from 
memory and changed if necessary; it then goes to 
the control register. 
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FET current meter An ammeter, milliammeter, or 
microammeter having a self-contained amplifier 
that uses field-effect transistors. Also see ELEC- 
TRONIC CURRENT METER. 

FET op-amp 1. An operational amplifier composed 
of field-effect transistors and associated compo- 
nents. 2. An operational amplifier having a field- 
effect transistor in its input stage. 

FET voltmeter A voltmeter using a field-effect 
transistor amplifier for high-impedance input. 
Also see ELECTRONIC VOLTMETER. 
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FET VOM A volt-ohm-milliammeter (VOM) using a 
field-effect transistor amplifier for increased sen- 
sitivity and high input impedance. 

FF Abbreviation of FLIP-FLOP. 

fF Abbreviation of FEMTOFARAD. 

FFI Abbreviation of FUEL-FLOW INDICATOR. 

fhp Abbreviation of FRACTIONAL HORSEPOWER. 

fiber 1. A tough, vulcanized insulating material. 
Dielectric constant, 2.5 to 5. Dielectric strength, 
2 kV/mm. 2. A thin thread of a material. 3. Also 
called optical fiber. A light-conductive transpar- 
ent filament; see FIBEROPTICS, 1. 

fiber electrometer An instrument for measuring 
small quantities of electricity. It consists of a 
thin thread, such as one of plasticized quartz, 
hanging freely between two knife-edged metal 
pieces that are charged by the electricity being 
measured. The charge draws the fiber away from 
its position of rest. The movement can be ob- 
served with a microscope. A special form of this 
instrument, using two fibers, is the bifilar elec- 
trometer. 

fiber needle A soft phonograph needle made from 
a fiber. It produces less disk wear than other 
styli, but is short-lived. 

fiber metallurgy A process in which metallic fibers 
or filaments are grown. 

fiberoptic bundle A cable of optical fibers. See 
FIBEROPTICS, 1. 

fiberoptic coupling Also called optical coupling. A 
method of coupling in which a light-conducting 
fiber is placed between a light (signal) source and 
a photoreceptor. Also see FIBEROPTICS, 1, 2. 
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fiberoptics 1. Also called optical fibers. Extruded 
materials, such as certain plastic filaments, that 
provide paths for light. 2. The science of develop- 
ing and using communications systems that use 
optical fibers to transfer data. 


Fiber 
Reflection 
point Reflection 
point 
Light 
beam 
fiberoptics 


fiberoptic scrambler A fiberscope in which a cen- 
ter section of fibers in the core is deliberately dis- 
oriented before the bundle is encapsulated; when 
cut, one half can decode the image encoded by 
the other half. See FIBERSCOPE. 

fiberscope A flexible bundle of optical fibers having 
a lens at each end; it is used to view areas that 
are otherwise inaccessible to view. 

fiber stylus See FIBER NEEDLE. 

fibre Alternate (Brit.) spelling of FIBER. 

fibrillation Dangerous, irregular beating of the 
heart that often follows electric shock. Also see 
CARDIAC STIMULATOR and DEFIBRILLATION. 

fidelity The degree to which a circuit or device 
transmits a signal without distorting it. Pertains 
especially to acoustic devices and stereo audio 
equipment. 

field 1. A volume of space in which a force is oper- 
ative. See, for example, ELECTRIC FIELD and 
MAGNETIC FIELD. 2. Half of a video image, con- 
sisting either of all the even-numbered lines, or 
all the odd-numbered lines. 3. A computer record 
subdivision containing an information unit (e.g., 
a bank account record might have deposits as a 
field). 

field circuit breaker A circuit breaker designed to 
control the field excitation of a motor or other de- 
vice. 

field coil 1. The winding on the field pole of a mo- 
tor or generator. 2. The winding on the pole of an 
electrodynamic speaker. 3. The main coil of a re- 
lay. 4. The fixed coil in an electrodynamometer. 
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Field Day In amateur radio, an annual contest 
sponsored by the American Radio Relay League 
(ARRL) to simulate emergency communication 
conditions. It occurs during the last full weekend 
in June. 

field direction The direction in which an electric 
field or magnetic field exerts its force. 

field effect The phenomenon in which the flow of 
current carriers in a solid substance is controlled 
by an external electric field. A useful application 
is the FIELD-EFFECT TRANSISTOR (FET). 

field-effect tetrode Also called dual-gate FET. A 
field-effect transistor (FET) in which the gate elec- 
trode is split into two parts, each connected to a 
separate external lead. The reverse bias between 
the channel and either gate lead affects the con- 
ductivity through the device. 

field-effect transistor Abbreviation, FET. A mon- 
olithic semiconductor amplifying device in which 
a high-impedance GATE electrode controls the 
flow of current carriers through a thin bar of sili- 
con (rarely, germanium) called the CHANNEL. 
Ohmic connections made to the ends of the chan- 
nel constitute SOURCE and DRAIN electrodes. 
Also see JUNCTION FIELD-EFFECT TRAN- 
SISTOR, METAL-OXIDE SEMICONDUCTOR 
FIELD-EFFECT TRANSISTOR, and CHANNEL 
JUNCTION FIELD-EFFECT TRANSISTOR. 

field-effect varistor A nonlinear dual-terminal 
semiconductor device capable of maintaining a 
value of current for a range of voltages. 

field-emission microscope An instrument for ex- 
amining the atomic structure of high-melting- 
point metals; it magnifies more than 2 million 
times. The metal to be examined is made into a 
needle that is subjected to 5 to 30 kV; electrons 
emitted by the tip of the needle form an image on 
a fluorescent screen. 

field forcing A method of controlling a motor by 
changing the magnetic field in the windings. 

field frequency In television, the product of frame 
frequency and fields per frame (in the United 
States, 60 per second). 

field intensity 1. The strength of an electric or 
magnetic field. 2. The strength of an electromag- 
netic field, usually expressed in microvolts per 
meter or millivolts per meter. 

field-intensity meter See FIELD-STRENGTH ME- 
TER. 

field ionization The tendency for atoms to be ion- 
ized in a gas by a high-intensity electric field. The 
ionization occurs mostly near the poles of the 
electric field. 

field-ion microscope A high-resolution field-emis- 
sion microscope that uses helium ions instead of 
electrons. The ions are repelled by the tip of the 
metal needle under observation, forming an im- 
age on a fluorescent screen. Also see FIELD- 
EMISSION MICROSCOPE. 

field length Record field size in applicable units, 
usually bytes, characters, or words. 
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field magnet 1. The permanent magnet in a dy- 
namic speaker. 2. A similar magnet in an ear- 
phone, generator, microphone, motor, phono 
pickup, transducer, etc. 

field pickup 1. A probe or sensor for insertion into 
an electric or magnetic field. 2. An on-location ra- 
dio or television program (i.e., one coming from 
outside the studio). Also called remote or NEMO. 

field resistor A resistive component consisting of 
an insulated form with a thin layer of conductive 
material. 

field rheostat The rheostat whose setting deter- 
mines the amount of current flow through the 
field coil of a motor or generator. 

field scan A form of television scanning in which 
the lines are scanned alternately. 

field-sequential system A color-television system 
in which the image is reproduced by means of pri- 
mary color fields (red, green, and blue) flashed se- 
quentially on the screen of the picture tube. 
Compare DOT-SEQUENTIAL SYSTEM and LINE- 
SEQUENTIAL SYSTEM. 

field strength See FIELD INTENSITY. 

field-strength meter An instrument for measur- 
ing the radio-frequency (RF) voltage of a signal 
reaching a chosen location. The instrument con- 
sists essentially of a radio detector equipped with 
a portable antenna and an output meter. 
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field telephone A rugged, portable telephone sys- 
tem for outdoor use. 

field test A test of equipment under actual operat- 
ing conditions (i.e., outside the laboratory or fac- 
tory). 

field winding See FIELD COIL, 1, 2. 

fig. Abbreviation of figure (usually in reference to 
an illustration). 

figure-8 pattern 1. A bidirectional antenna pat- 
tern whose cross section, in a specified plane, re- 
sembles the numeral 8. 2. A Lissajous figure 
resembling the numeral 8. 

figure of merit 1. For a capacitor, inductor, or 
tuned circuit, the ratio of reactance to resistance. 
Also called Q factor or Q. 2. For a magnetic am- 
plifier, the ratio of power amplification to control 
time constant. 3. For a transistor, the gain-band- 
width factor. 

fil Abbreviation of FILAMENT. 
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filament In a vacuum tube or incandescent lamp, 
the thin wire heated by electric current; it emits 
electrons, light, and heat. The filament is the 
cathode in a filament-type tube, but serves only 
to heat indirectly the cathode sleeve in an indi- 
rectly heated tube. 

filament battery See A BATTERY. 

filament choke A radio-frequency (RF) choke op- 
erated in the filament lead of an electron tube. 
Such chokes are necessary in filament-type tubes 
in RF power amplifiers. 

filament circuit The circuit carrying filament cur- 
rent. 

filament coil See FILAMENT WINDING. 

filament current Symbol, I>. The current flowing 
through the filament of a vacuum tube. 

filament emission Electrons emitted directly by 
the filament in an electron tube (thermionic emis- 
sion) or the amount of such emission. 

filament hum A hum signal caused by voltage in- 
duced in a circuit by the alternating-current (ac)- 
operated filaments (heaters) of tubes or by the 
filament wiring. 

filament lag The time delay in the heating and 
cooling of an ac tube or lamp filament as fila- 
ment-current changes polarity. 

filament power supply A source of power, usually 
alternating-current, for heating the filament of a 
vacuum tube or tubes. 

filament resistance 1. The resistance of the fil- 
ament in an electron tube or incandescent 
lamp. 2. The resistance of an external dropping 
resistor in the filament circuit of a tube or 
lamp. 

filament transformer A step-down transformer 
that supplies power exclusively to the filament 
(heater) of an electron tube. 

filament-type bolometer A BOLOMETER in 
which the sensitive element is a wire filament. 
Examples: barretter, incandescent lamp, and 
wire fuse. 

filament voltage Symbol, V; The voltage across 
the filament of an electron tube. 

filament winding In a power transformer, the coil 
that supplies heating power to the filament of a 
vacuum tube. Also called FILAMENT COIL. 

file An organized collection of records related by a 
common format, data source, or application. 

file conversion Converting data files from one 
form to another, often for the purpose of making 
them compatible with other computers. 

file gap An area of a data medium that signifies the 
end of a file; it can also mark the start of another 
file. 

file identification A code that identifies a file. 

file label File identification in which the first 
record in the file is a set of characters unique to 
the file; it conveys such information about (for ex- 
ample, a tape file as a description of content, gen- 
eration number, reel number, date of writing, 
etc.). Also called HEADER LABEL. 
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file layout How the contents of a file are organized; 
usually defined by the system or specified by a 
program. 

file maintenance To delete, add, or correct records 
in a file. Unlike updating, which is done to reflect 
changes in events recorded in the file, mainte- 
nance ensures that the contents of the file are ac- 
curate records of the necessary data. 

file management A method of storing and recall- 
ing data from computer storage media, such as 
magnetic disks. 

filename In a computer file label, the alphanu- 
meric character set that identifies and describes 
the file. It generally consists of one to eight char- 
acters, often including an extension of one to 
three characters. In some computer operating 
systems, filenames can be much longer (e.g., up 
to 32 characters). See FILENAME EXTENSION. 

filename extension A group of one, two, or three 
characters following the main body of a FILE- 
NAME, and separated from it by a period (.). It 
generally denotes the application or purpose of 
the file. The extension .BAK, for example, denotes 
a backup file; .TXT denotes a text file; .BMP de- 
notes a bit-mapped graphics file. 

file organization The way words, bits, or records 
are physically arranged in the storage medium for 
a file, possibly including the method of access (se- 
rial, alphabetical, random, etc.). 

file-oriented programming Computer program- 
ming that uses a general file and record-control 
program to simplify I/O coding. 

file-oriented system A system having file storage 
as its basis. 

file print A hard copy (printout) of the contents of 
a file. 

file processing The operations associated with 
making and using files. 

file protection Preventing the possibility of writing 
over data files before they are made available for 
use. It is usually done by having a program check 
file labels. 

file reconstitution Restoring a partially or com- 
pletely damaged file by updating a previous gener- 
ation of the file using a file of interim transactions. 

file recovery Following the interruption of file pro- 
cessing because of system failure, the procedure 
for reestablishing the file’s condition as necessary 
for the resumption of processing without losing 
accuracy. 

file section Part of a file in certain consecutive lo- 
cations on a storage medium. 

file security Protective and security measures 
(e.g., the issuance of clearances, status markers, 
etc.) as they relate to computer files. 

file set A collection of interrelated files stored con- 
secutively in a magnetic disk volume (package). 

fill The percentage of lines in a cable that are actu- 
ally in use at a given time. 

filler A nonessential data part used, for example, 
to bring a record to a standard size. 
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film See THIN-FILM MEMORY. 

film capacitor A capacitor in which the electrodes 
are plated or deposited on the faces of a thin film 
of plastic or other dielectric material. 

film chain A system designed for the transmission 
of movies over a television system. This requires 
synchronization of the movie frame rate with the 
television scanning rate. 

film frame A single picture on a strip of motion 
picture film. 

film-frame blanking interval The interval during 
which a film frame is blanked out as motion- 
picture film moves through a camera, projector, 
or pickup. The blanking action allows a frame to 
move into position without blurring the image as 
seen by viewers. 

film integrated circuit A monolithic circuit whose 
elements are films formed on an insulating sub- 
strate. 

film pickup A photocell, photodiode, or phototran- 
sistor circuit used to pick up recordings from the 
sound track of motion-picture film. 

film reader A device for converting data on film 
into digital form for a computer. 

film recorder An apparatus that records data as a 
sound pattern on film. Compare FILM REPRO- 
DUCER. 

film reproducer An apparatus that plays back 
data recorded on photographic film. Compare 
FILM RECORDER. 

film resistor Also called carbon-film resistor or 
metal-film resistor. An electronic component con- 
sisting of a mixture of ceramic, carbon, and/or 
metal, applied to a cylindrical form in a thin layer 
to obtain a desired value of resistance. The cylin- 
drical form is made of an insulating substance, 
such as porcelain. The film can be deposited on 
this form by various methods, and the value tai- 
lored as desired. Metal-film units can be made to 
have nearly exact values. Film type resistors usu- 
ally have low to medium-high resistance. A major 
advantage of film-type resistors is that they, like 
carbon-composition units, do not have much in- 
ductance or capacitance. A disadvantage, in 
some applications, is that they cannot handle as 
much power as the more massive carbon-compo- 
sition units, or as wirewound types. Compare 
CARBON-COMPOSITION RESISTOR, WIRE- 
WOUND RESISTOR. 

film scanning The conversion of a movie into a 
form suitable for transmission by television. 

film speed 1. The speed at which motion-picture 
film moves intermittently through a camera, pro- 
jector, or pickup, measured in feet or frames per 
second. 2. A measure of film’s light sensitivity, 
given as an ASA (American Standards Associa- 
tion) or DIN (European) number; in either system, 
the higher the number, the greater the light sen- 
sitivity. 

filter 1. A circuit or device that passes alternating 
currents at some frequencies while attenuating or 
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blocking currents at other frequencies. Exam- 
ples: BANDPASS FILTER, BAND-REJECTION 
FILTER, HIGH-PASS FILTER, and LOW-PASS 
FILTER. 2. An inductance-capacitance (LC) or 
resistance-capacitance (RC) circuit for removing 
the ripple from the output of a power-supply rec- 
tifier. 3. A transparent disk with special optical 
properties placed in front of a camera lens for a 
special photographic effect. 4. A character pat- 
terned to control the elimination or selection of 
characters in another pattern. 5. A device or pro- 
gram that separates information, according to 
certain specifications or characteristics. 6. A ma- 
chine word that specifies the elements to be 
treated in another machine word; also called 
MASK. 

filter attenuation In a selective filter, the power, 
current, or voltage loss, in decibels, that occurs 
within the passband. 

filter attenuation band In a selective filter, the 
frequency band(s) outside the passband; that is, 
the frequency range over which signals are signif- 
icantly attenuated. 

filter bank In audio applications, a set of band- 
pass filters, each of which covers a specific por- 
tion of the audio-frequency (AF) spectrum. There 
is some (minimal) overlap between the passbands 
of the filters, so an AF signal of a specific fre- 
quency will always pass through at least one of 
the filters, but will never pass through more than 
two of the filters. 

filter capacitor A capacitor that provides capaci- 
tive reactance in a wave filter or power-supply fil- 
ter while also blocking direct current. 

filter center A place where information is modified 
for transmission to aircraft pilots. Such informa- 
tion can include weather data, course changes, or 
other instructions. 

filter choke An inductor that provides inductive 
reactance in a wave filter or power-supply filter 
while affording relatively easy conduction of di- 
rect current. 

filter crystal A piezoelectric crystal used in a 
CRYSTAL RESONATOR. 

filter cutoff The frequency or frequencies at which 
the transmission figure of a filter is below its 
maximum value by a prescribed amount, usually 
3 dB, representing the half-power point(s). 

filter discrimination The amount of fluctuation in 
the insertion loss of a bandpass, band-rejection, 
high-pass, or low-pass selective filter. The fluctu- 
ation is measured at various points in the filter 
passband. 

filter inductor See FILTER CHOKE. 

filter passband The frequency range over which a 
selective filter passes signals with minimum at- 
tenuation. 

filter reactor See FILTER CHOKE. 

filter slot In a waveguide, a slot that acts as a 
choke to suppress undesirable modes. 

filter stopband See FILTER ATTENUATION BAND. 
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filter transmission band See FILTER PASSBAND. 

fin 1. A metal disk or plate attached to a compo- 
nent for the purpose of radiating heat. 2. A pro- 
jection in an irregular heatsink. 

final amplifier Also called output amplifier or 
power amplifier. In a wireless transmitter, the 
amplifier that boosts the signal power to the level 
to be emitted over the airwaves. The input is 
provided by the driver; the output is connected to 
the system, to a transverter, or to a network cable 
power amplifier. In some transmitters, the 
output amplifier requires no tuning; in others, 
adjustment of the output circuitry is necessary to 
obtain proper coupling to the antenna system. In 
a single-sideband (SSB) or amplitude-modulated 
(AM) transmitter, all amplifiers following the 
modulator must be linear. In transmitters in- 
tended for use only in digital modes or for fre- 
quency modulation (FM), power amplifiers need 
not be linear. 

final result A result displayed at the end of a data 
processing operation. Compare INTERMEDIATE 
RESULT. 

finder The switch or group of relays that selects 
the path for a call going through a telephone 
switching system. Also called LINE FINDER. 

fine adjustment Adjustment of a quantity in small 
increments or as a smooth, continuous variation. 
Compare COARSE ADJUSTMENT. 

fine-chrominance primary See I SIGNAL. 

fine frequency control A variable component, 
such as a potentiometer or variable capacitor, 
that permits a signal or response frequency to be 
varied over a small increment; it is often used in 
conjunction with a coarse frequency control. 
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fine-groove record See MICROGROOVE REC- 
ORD. 

fine index In computer operations, a secondary, 
supplemental index used with a main, or gross, 
index when the latter does not adequately detail 
the differences between the items being indexed. 

fine-motion planning The scheme used by a 
robotic end effector (“hand”) to get in exactly the 
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correct position. It uses machine vision, tactile 
sensors, pressure sensors, or high-precision dis- 
placement transducers. 

finger See FEELER, 1. 

finger plethysmograph A device that senses and 
records the resistance through the human finger 
during various parts of the heart cycle. 

finger rules See FLEMING’S LEFT-HAND RULE, 
FLEMING’S RIGHT-HAND RULE, and RIGHT- 
HAND RULE FOR WIRE. 

finish lead The lead attached to the last turn of a 
coil. Also called outside lead. Compare START 
LEAD. 

finished blank The end product in the crystal man- 
ufacturing process, often including electrodes. 

finishing The careful handwork and testing in- 
volved in bringing a crystal blank to a condition 
that is acceptable as finished, according to speci- 
fications. 

finishing rate The rate of charging a battery, as 
the battery approaches a full charge. Generally, 
the finishing rate is less than the normal charg- 
ing rate. 

finite Pertaining to that which has defined limits. 

finite sample space In statistics, a sample space 
having definite limits. 

finite series A mathematical series having a lim- 
ited number of terms. Example: 1 + 0.1 + 0.01 + 
0.001, a finite series containing four terms and 
whose sum is equal to 1.111. 

finned surface The irregular surface of a heatsink. 
The ratio of surface area to volume is greater than 
with a flat surface; this increases the cooling ef- 
fectiveness of the heatsink. 

fins Metal vanes radiating from components that 
dissipate large amounts of power as heat. 

FIR Abbreviation of FAR INFRARED. 

fire A transition from non-conduction to conduc- 
tion in an ionizing switching device. 

fire control The aiming and firing of guns auto- 
matically via radar and associated electronic sys- 
tems. 

firefighter robot A robotic device or system in- 
tended to protect lives and property from fire. 
Such a robot can be simple, such as an auto- 
matic sprinkler system actuated via heat sensors 
and/or smoke detectors. More sophisticated sys- 
tems might use autonomous or remotely con- 
trolled androids that perform the same functions 
as human firefighters. 

Fire Underwriter’s regulations See NATIONAL 
ELECTRIC CODE. 

firing The pulse that initiates conduction in an 
ionization switching device. 

firing angle 1. For a magnetic amplifier, the angu- 
lar distance through which the input-voltage 
vector rotates before the core is driven into 
saturation. 2. For a silicon-controlled rectifier 
(SCR), the point, as an angle (in degrees or 
radians), along the control voltage half-cycle at 
which the SCR fires. 
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firing circuit Any circuit, such as a phase shifter, 
that permits adjustment of the firing angle of a 
silicon-controlled rectifier (SCR) or similar device, 
or which delivers the required pulse or other sig- 
nal to initiate firing. 

firmware 1. Programs (software) in nonvolatile 
computer memory [e.g., in a read-only memory 
(ROM), that can only be changed by replacement 
with an alternate unit]. 2. Unalterable internal 
interconnections that determine what a comput- 
ing device or system can do. Also called MICRO- 
PROGRAM. 

first detector In a superheterodyne circuit, the 
signal frequency detector. Compare SECOND DE- 
TECTOR. 

first filter capacitor The input capacitor in a ca- 
pacitor-input power-supply filter. 

first Fresnel region A portion of a directional 
transmitted electromagnetic ray, shaped gener- 
ally like a paraboloid with the apex at the trans- 
mitter and the axis in the direction of 
transmission. Any point in the first Fresnel zone 
is in such a position that the sum of the lengths 
of the paths from the point to the receiver, and 
the point to the transmitter, is no greater than 
0.5 wavelength more than the distance from the 
transmitter to receiver. 

first harmonic The fundamental frequency in a 
complex waveform from which multiples are gen- 
erated. 

first-in/first-out Acronym, FIFO. A_ read-write 
memory commonly used as a buffer to smooth 
out the flow of data bits in a digital system. The 
output bits are in the same order (sequence) as 
the input bits. If a data bit x goes into the FIFO 
before data bit y, then x will always emerge from 
the FIFO before y. Compare PUSHDOWN STACK. 

first-in/last-out See PUSHDOWN STACK. 

first law of thermodynamics Quantities of heat 
can be converted into mechanical work, and vice 
versa. Also see MECHANICAL EQUIVALENT OF 
HEAT. 

first level address See ABSOLUTE ADDRESS. 

first selector The selector that responds to the 
first-digit dial pulses when a telephone number is 
called. 

fishbone antenna An untuned, wideband direc- 
tional antenna of the general end-fire type. Con- 
sists of a number of collector antennas, each 
capacitively coupled to the resistor-terminated 
transmission line in collinear pairs. It is so 
called from its resemblance to the skeleton of a 
fish. 

fishpaper A chemically treated, vulcanized-fiber 
paper used for electrical insulation. 

fish pole A microphone boom that can be held in 
the hand. 

fist In radiotelegraphy and wire telegraphy, an op- 
erator’s manual sending style. 

fitting A device intended to mechanically fasten a 
wire or cable in place. 
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five-element code A five-impulse telegraph code 
that describes a character (e.g., Baudot, which 
also includes start and stop elements). 

five-layer device A semiconductor device contain- 
ing four pn junctions. Examples: diac and triac. 

five-level code A teletype code that utilizes five bi- 
nary elements to define a character. 

fix 1. In direction finding, the point at which two 
lines of direction intersect. 2. In electronics main- 
tenance, to repair successfully. 3. To subject an 
in-process circuit board to a solution or other 
medium to stop a photographic action perma- 
nently. Also, the solution in which such photo- 
sensitive materials can be immersed to halt 
development. 

fixed bias Bias voltage or current supplied from a 
fixed external source (such as a battery or power 
supply) independent of the operation of the bi- 
ased device. Compare AUTOMATIC BIAS. 

fixed block length Blocks of data having a fixed 
number of words or characters, as required be- 
cause of hardware limitations or a program in- 
struction. Compare VARIABLE BLOCK LENGTH. 

fixed capacitor A nonadjustable capacitor (i.e., 
one having a single unalterable value). 

fixed component Any component (e.g., a capaci- 
tor, inductor, or resistor that has one unalterable 
value). 

fixed contact The stationary contact in a relay or 
switch. Compare MOVABLE CONTACT. 

fixed-crystal detector A simple crystal detector in 
which the point of the contact wire is perma- 
nently placed in contact with a sensitive spot on 
the surface of the crystal. 

fixed field Fields in records organized so that 
those containing similar information in each 
record are the same length and in the same rela- 
tive position in the record. Compare VARIABLE 
FIELD. 

fixed form coding The coding of source languages 
so that each part of the instruction is in a fixed 
field. 

fixed-frequency amplifier An amplifier that is 
pretuned to operate on one frequency, or in a rel- 
atively narrow band of frequencies. 

fixed-frequency oscillator An oscillator that is 
preset to operate on one frequency. Such an os- 
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cillator can be self-excited or controlled (crystal, 
fork, magnetostriction, etc.). 

fixed-frequency receiver A receiver that is pre- 
tuned to receive signals of one frequency. 

fixed-frequency transmitter A transmitter that is 
pretuned to radiate signals of one frequency. 
Such a transmitter can contain a self-excited or 
crystal-controlled oscillator. 

fixed inductor A nonadjustable inductor (i.e., one 
having an unalterable value of inductance). 

fixed-length record A record in which word or 
character size is constant. Compare VARIABLE 
LENGTH RECORD. 

fixed logic Applicable to computers or peripherals 
whose logic can only be altered internally by 
changing connections. 

fixed memory A nonvolatile readout computer 
memory that can only be altered mechanically. 

fixed placement file A file that has been allocated 
a fixed location in storage. 

fixed-point system A notation system in which a 
single set of digits represents a number, and the 
radix point (in the decimal system, the decimal 
point) can only be placed in one position for the 
value being expressed. Also see FLOATING- 
POINT CALCULATION. 

fixed resistor A nonadjustable resistor (i.e., one 
having an unalterable value of resistance). 

fixed-sequence robot A robot that performs one 
task or set of tasks, making exactly the same 
movements every time. The sequence is pro- 
grammed in the robot controller via firmware. 
Many assembly robots and toy robots are of this 
type. Compare FLEXIBLE AUTOMATION. 

fixed station A radio station operating from a sta- 
tionary point; one that is not mobile. 

fixed-step potentiometer A potentiometer whose 
output is varied in one or more discrete steps by 
fixed-resistor sections. Also see POTENTIOME- 
TER. 

fixed wireless 1. A cellular communications net- 
work in which some, or all, of the end users are at 
fixed locations. This is increasingly popular as an 
alternative to conventional hard-wired telephone 
and Internet access. 2. The use of wireless equip- 
ment, such as cell phones and_ wireless- 
modem-equipped computers, at fixed (rather 
than mobile or portable) locations. 

fixed word length Applicable to the organization of 
information in storage in which each computer 
word stored has a fixed number of characters or 
bits. 

fixture A piece of hardware used in equipment set- 
ups (e.g., microwave couplers, joints, sections, 
etc.). 

fL Abbreviation of FOOT-LAMBERT. 

flag 1. A piece of information added to a data item 
that gives information about the data item. 2. A 
bit added to a character or word to delineate a 
field boundary. 3. An indication that an operation 
is complete and need not be done by the program. 
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4. An indicator identifying the members of mixed 
sets. 5. A character that signals the presence of 
some condition (e.g., an error flag indicates that a 
data item caused an error). 

flag event A program condition that causes a flag 
to be set. 

flag line An input pulse to a microprocessor that 
depends on specific external instructions. Indi- 
cates a certain condition or change of state. 

flagpole antenna _ 1. Any of several vertical UHF or 
VHF antennas consisting of a radiator mounted 
atop a coaxial pipe or cable (see, for example, 
COAXIAL ANTENNA). It takes its name from its 
resemblance to a flagpole. 2. A vertical antenna 
formed by shunt-feeding a pole already in exis- 
tence, such as a flagpole. This can be done to 
conceal the antenna. 


Whip to coax 
center conductor 


Center 
insulator 


Pipe to coax 
outer conductor 


Base 


Coaxial insulator 


feed line 


flagpole antenna, 1 


flag terminal A form of terminal that does not re- 
quire soldering for electrical contact. A protrud- 
ing “flag” is crimped around the conductor. 

flame alarm A (usually photoelectric or thermo- 
electric) device or circuit for detecting a flame and 
actuating an alarm. 

flame control A (usually photoelectric or thermo- 
electric) device or circuit for sensing and auto- 
matically controlling the height of a flame, such 
as a gas pilot. 

flame-failure control A FLAME CONTROL that au- 
tomatically cuts off the fuel if the flame goes out. 

flame microphone A microphone in which two 
electrodes in a flame undergo a change in electri- 
cal resistance when the flame is influenced by 
sound waves, thus modulating current passing 
between the electrodes. 

flange 1. A flat, protruding edge used for fastening 
a connector or plug to the chassis of a piece of 
equipment. 2. In a waveguide, a coupling used for 
connection to another section of waveguide, or to 
a horn or other external device. 
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flange focus The focal length of a lens, based on 
the distance from the mounting flange to the focal 
plane. 

flanging In sound systems, a means of obtaining 
special effects using a COMB FILTER. Creates an 
“extraterrestrial,” digitized sound. Commonly 
used by rock music bands. 

flanking Modification of the response of a selective 
filter, resulting from the parallel connection of 
two or more similar filters. 

flap See DROP INDICATOR. 

flap attenuator A waveguide attenuator consisting 
of a sheet of resistance material inserted trans- 
versely into the waveguide through a slot. 

flare 1. The hyperbolic cross section of a horn an- 
tenna or loudspeaker. 2. A transient or stationary 
bright area with (usually) a central pip on the 
screen of an otherwise blank oscilloscope or tele- 
vision picture tube. 

flare angle The gradual change in a waveguide’s 
diameter over its length. 

flare factor The angle at which the faces of a horn 
speaker are curved or turned outward. 

flaring constant Symbol, m. A number express- 
ing the degree of flare (see FLARE, 1) in a horn 
antenna or loudspeaker. The value of m is equal 
to 0.6931/d, where d is the distance along the 
axis required for the cross-sectional area A of 
the horn to double. If d is given in feet (ft), for ex- 
ample, then A is in units of square feet (ft?) and 
mis in units of reciprocal feet (1/ft). If d is in 
centimeters (cm), then A is in units of square 
centimeters (cm?) and mis in units of reciprocal 
centimeters (1/cm). 

flash 1. A photographic camera flash. 2. To vapor- 
ize a metal (such as magnesium) in an electron 
tube being evacuated, to absorb gases. 3. 
Flashover. 

flash are In a vacuum tube, a sudden high-current 
arc between cathode and plate at high plate volt- 
ages; it can short-circuit the plate power supply. 

flashback voltage The maximum inverse voltage 
that causes the gas in a tube to ionize. 

flash delay A device that automatically postpones 
the operation of a FLASHTUBE until a predeter- 
mined instant, such as the moment when a mov- 
ing object arrives at a particular point before a 
camera. 

flasher An electrical or electronic device or circuit 
that flashes a light or a series of lights sequen- 
tially. 

flasher LED A light-emitting diode (LED) that, 
when connected to a low-voltage direct-current 
(dc) source, emits light that flashes at a basic rate 
of a few pulses per second. 

flashlamp 1. See FLASHTUBE. 2. A small portable 
light operated from self-contained cells; a flash- 
light or lantern. 

flashlight See FLASHLAMP, 2. 

flash memory High-capacity, nonvolatile random- 
access memory, used in some computers in place 
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of an electromechanical hard drive. This type of 
memory allows a computer to store, access, and 
run large data files or programs much faster than 
is possible with a conventional hard drive. See 
also NONVOLATILE MEMORY, RANDOM- 
ACCESS MEMORY. 

flashover The sudden discharge of electrical en- 
ergy between electrodes or conductors, often ac- 
companied by light; it is usually the result of 
excessive voltage. 

flashover voltage 1. The peak voltage at which 
FLASHOVER occurs. 2. The voltage at which dis- 
ruptive discharge occurs between electrodes and 
across the surface of an insulating material. 

flash plating Electroplating in which a thin layer is 
deposited quickly. 

flash test Insulation testing by applying a higher- 
than-normal voltage for a short time. 

flashtube A straight or coiled glass tube filled with 
gas and provided with electrodes. When a high 
voltage is applied to the electrodes, the tube emits 
a brilliant flash of light. 

flat cable Also called ribbon cable. A cable whose 
flexible conductors are molded side by side in a 
flexible, flat ribbon of plastic (such as polyeth- 
ylene). 

flat-compounded generator A compound-wound 
generator whose windings are proportioned so that 
the full-load and no-load voltages are identical. 

flat fading Fading of a radio signal that occurs in- 
dependently of frequency; all frequency compo- 
nents of the signal fade to the same extent at the 
same time. 

flat file A computer file containing unfolded docu- 
ments. 

flat frequency response Relatively equal response 
to all fixed-point frequencies within a given spec- 
trum, exhibited by an amplifier or other circuit 
that must transmit a band of frequencies. 

flat line A transmission line in which there are no 
standing waves, or for which the standing-wave 
ratio is very low. 

flat pack An integrated circuit package consisting 
of a square or rectangular flat housing, with pins 
projecting straight outward from the edges. 

flat response A response characteristic in which 
the dependent variable is substantially constant 
over a specified range of values of the indepen- 
dent variable. For example, in amplifier opera- 
tion, an output signal whose component 
fundamental frequencies and their harmonics are 
in the same proportion as those of the input sig- 
nal being amplified. 

flat-ribbon line A transmission line (feeder) con- 
sisting of two flexible conductors molded in a flex- 
ible, flat ribbon of plastic, such as polyethylene. 
Also called twinlead. 

flattening The leveling-off or blunting of a nor- 
mally peaked or curved response, often caused by 
signal saturation within a circuit. Sine-wave clip- 
ping is an example. 
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flat top 1. The horizontal radiating portion of an 
antenna. 2. See FLAT-TOP ANTENNA. 3. Of an 
amplifier, to distort by clipping of the positive 
half-cycles. 

flat-top antenna An antenna having a horizontal 
wire or wires at the top to lower the resonant fre- 
quency and increase the bandwidth. 

flat-top beam A bidirectional, end-fire antenna 
consisting of two close-spaced dipoles center-fed 
out of phase. Also see KRAUS ANTENNA. 

flat-topping The positive-peak clipping of a modu- 
lation envelope that occurs when an amplifier is 
overdriven or when a signal is overmodulated. 
This is in contrast to deliberate clipping. Flat- 
topping results in “splatter” and is, therefore, an 
undesirable characteristic in an amplitude- 
modulated signal. 

flat-top response The ability to uniformly transmit 
frequencies in a given band. 

flat transmission line 1. A transmission line that is 
free of standing waves. Also see MATCHED 
TRANSMISSION LINE. 2. See FLAT-RIBBON LINE. 

flaw An irregularity in a substance that can result 
in problems, such as mechanical failure or poor 
equipment performance. 

flaw detector An instrument that uses ultrasonic 
waves to detect internal flaws in metal. The waves 
are reflected by flaws. 

F layer See F REGION. 

fLb Abbreviation of FOOT-LAMBERT. 

Fleming/Kennelly law Under conditions at or 
near magnetic saturation in a ferromagnetic sub- 
stance, the reluctivity is directly proportional to 
the intensity of the magnetic field. 

Fleming’s generator rule See FLEMING’S RIGHT- 
HAND RULE. 

Fleming’s left-hand rule A simple way of indicat- 
ing certain relationships in the behavior of elec- 
tric generators and motors. If the thumb, index 
finger, and middle finger of the left hand are posi- 
tioned so that they are at right angles to each 
other, the thumb will point in the direction of 
force or motion when the index finger is pointed 
in the direction of flux; the middle finger points in 
the direction of current flow. Compare FLEM- 
ING’S RIGHT-HAND RULE. 

Fleming’s motor rule See FLEMING’S LEFT- 
HAND RULE. 

Fleming’s right-hand rule A simple way of indi- 
cating certain relationships in the behavior of 
electric generators and motors. If the thumb, in- 
dex finger, and middle finger of the right hand are 
positioned so that they are at right angles to each 
other, the middle finger points in the direction of 
an induced voltage, the thumb in the direction of 
the motion of a conductor, and the index finger in 
the direction of the magnetic field. Compare 
FLEMING’S LEFT-HAND RULE. 

Fletcher-Munson curves A set of curves depicting 
the uneven frequency response of human hear- 
ing. Also called AUDIBILITY CURVES. 
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flexible automation The ability of a robot or sys- 
tem to do various different tasks. Changing from 
one task to another is simply a matter of chang- 
ing software. Compare FIXED-SEQUENCE 
ROBOT. 

flexible collodion A viscous solution of pyroxylin 
(cellulose nitrates) used sometimes as a binder 
for coils. 

flexible contact A contact made from flat, metal 
spring stock; it is usually bent or curved. Also 
called spring contact. 

flexible coupling A device for joining two shafts 
and conveying rotary motion from one to the 
other; it is elastic, so the shafts need not be ex- 
actly aligned with each other. 

flexible flat cable See FLAT CABLE. 

flexible manufacturing system A_ roboticized 
manufacturing plant that can turn out a variety 
of different products. One or more central com- 
puters oversee the operation of the facility. Such 
factories are commonly used in the production of 
electronic devices (such as printed circuits, cal- 
culators, and portable radios). 

flexible resistor An insulated, wirewound resistor 
that can be bent, coiled, or knotted. 

flexible shaft A control shaft that can be bent 
somewhat while still allowing easy adjustment. 

flex life A measure of how much bending a con- 
ductor or other flexible object can take without 
breaking. 

flexode A diode that is flexible in that its junction 
can be changed (i.e., reversed without reversing 
its leads, its resistance being variable from the 
forward- to backward-resistance value). 

flicker 1. A tendency for a video image to appear, 
disappear, and reappear, or to increase and de- 
crease in intensity frequently. 2. The effect cre- 
ated by such action (as in a flickering light). 

flicker frequency The number of times the screen 
illumination flashes on and off in the projection of 
a motion picture. It is 48 per second (twice the 
frame rate) in conventional movie projectors; for 
each frame, the screen is blanked once when the 
frame is pulled into position and once again dur- 
ing projection of the frame. 

flight control Electronic monitoring and control of 
an aircraft in flight. 

flight path The course planned for an aircraft’s 
flight. 

flight-path computer A computer that controls 
the course of an aircraft in flight, from takeoff to 
landing. 

flight-path deviation The departure of an aircraft 
in flight from the course in the flight plan. Also 
see FLIGHT PATH. 

flight-path-deviation meter An instrument that 
provides a visual indication of the departure of an 
aircraft in flight from the course in the flight plan. 

flight telerobotic servicer A remotely controlled 
robot used to maintain and repair space vehicles 
and satellites. The machine can be controlled by 
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a computer program or by a human operator. The 
most-sophisticated machines can use TELEOP- 
ERATION and/or TELEPRESENCE so that a hu- 
man can perform dangerous work without being 
placed at personal risk. 

flight test 1. To test airborne electronic equipment 
in actual flight. 2. Any test made as in 1. 

Flinders bar In a magnetic compass, a metal bar 
that corrects for the vertical component (inclina- 
tion) of the earth’s magnetic field. The bar must 
be designed differently in different geographic lo- 
cations, because the inclination varies from place 
to place. Inclination is greatest near the geomag- 
netic poles, and is zero at the geomagnetic equa- 
tor. 

flint glass A hard, bright, lead glass. Dielectric 
constant, 7 to 9.9. Dielectric strength, 30 to 150 
kV/mm. Also see GLASS. 

flip chip A monolithic semiconductor device (such 
as a diode, transistor, or integrated circuit), in 
which bead-like terminals are provided on one 
face of the chip for bonding. 

flip-chip bonding A scheme for making connec- 
tions between a semiconductor chip and a 
header, in which leads are not run between chip 
and header. Instead, bead-like projections are 
electrodeposited as terminals around one face of 
the chip, which is then registered with the header 
terminals and bonded to them. 

flip-flop 1. See BISTABLE MULTIVIBRATOR. 2. A 
two-position relay that locks in alternate posi- 
tions upon receiving successive actuating pulses. 

flip-flop key In a video display, a key that, when 
pressed, allows viewing of one half of the screen 
and then the other. 

flip-flop memory A bistable computer memory 
that stores bits of data as flip-flop states. 

flip-flop relay See BISTABLE RELAY. 

float charging The constant charging of a storage 
battery, keeping the battery at or near the fully 
charged state at all times. 

floated battery A storage battery connected in 
parallel with a generator, which supplies the 
load; the battery, always completely charged, 
helps during high-current demands. 

floating 1. To float a storage battery; see FLOAT. 2. 
An ungrounded device or circuit that is not con- 
nected to a source of voltage. 3. Not loaded or 
driven. 4. Not fixed in position. 5. A dedicated 
ground connection that remains isolated from the 
common circuit ground. 

floating address See RELATIVE ADDRESS. 

floating charge See TRICKLE CHARGE. 

floating control 1. A potentiometer, such as a 
gain control, installed with its shaft insulated 
from ground and, accordingly, subject to body- 
capacitance effects. 2. A type of automatic control 
in which the rate of final control element move- 
ment depends on the amount that the controlled 
variable deviates from a prescribed value. 

floating ground See FLOATING, 5. 


floating input An ungrounded input circuit. 

floating-input measurement See DIFFERENTIAL- 
INPUT MEASUREMENT. 

floating instrument An instrument whose signal 
terminals are above ground. 

floating I/O port An input/output (I/O) terminal 
that is not loaded or being driven. 

floating junction A junction (in a semiconductor 
device, for example), that has no net current flow- 
ing through it. 

floating neutral A circuit with a variable common 
voltage reference. 

floating paraphase inverter A _ dual-transistor 
adaptation of the paraphase inverter. The second 
stage receives its input signal from a tap on the 
load resistor of the first stage and provides the 
additional phase shift that is required. 


Output 1 
D 
S 
Input 
Common 
S 
D 
Output 2 


floating paraphase inverter 


floating-point calculation An electronic calcula- 
tion using a floating point number [i.e., a number 
whose value is represented by two sets of digits, a 
fixed-point part (see FLXED-POINT SYSTEM) and 
a radix (base number) with an exponent]. Impor- 
tant in the operation of microprocessors, espe- 
cially in computer systems. 

floating-point number A number expressed in the 
floating-point system. 

floating-point package Computer-vendor  soft- 
ware that enables that computer to perform float- 
ing-point calculations. 

floating-point system A system of notation in 
which a number n is represented by two sets of 
numbers: a fixed-point part (see FIXED-POINT 
SYSTEM) a, the radix (base number) r, and an ex- 
ponent bas follows: n= ax r>. For example, in the 
floating-point system, 623 can be written 6.23 x 
10?. Floating-point numbers can be stored eco- 
nomically (in terms of memory) and in magni- 
tudes that might otherwise be beyond the 
capacity of the computer to operate upon with 
relatively consistent accuracy. Compare FIXED- 
POINT SYSTEM. 
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floating probe A test electrode (wire or plate) in- 
serted in a discharge tube at a desired point to 
sample the potential gradient, but which acquires 
a misleading negative charge, with respect to the 
gas cloud, because electrons (traveling faster 
than the positive ions) tend to accumulate on the 
probe. 

floating zero A control system in which the refer- 
ence point is easily moved. 

floating zone Ina semiconductor ingot undergoing 
purification, a molten zone in which impurities 
float. The material in the zone is melted by the 
radio-frequency (RF) field of an external heating 
coil, which is passed along the ingot to move the 
molten zone to one end, picking up impurities 
along the way and concentrating them at the end 
that is later sawed off. 

float switch A switch operated by a float, such as 
in a sump pump. 

flocking 1. Particulate felt used on phonograph 
turntables to protect disks from being scratched. 
2. To coat with flocking. 

flood gun In a storage (image-holding) oscillo- 
scope, the electron gun that sprays the storage 
target with low-velocity electrons and makes the 
image visible on the viewing screen. The gun is 
mounted next to one pair of deflection plates. 
Compare WRITING GUN. 

floor stand A support for a microphone, consisting 
of a heavy base that rests on the floor, and an ad- 
justable, vertical boom that allows the micro- 
phone to be set at various heights. 

floppy disk A flexible magnetic disk used in 
recording, as in computer and data system stor- 
age. It usually refers to a 5.25-inch diskette. 

flow 1. The movement of current carriers under 
the influence of an electric field. 2. See ANGLE 
OF CONDUCTION. 3. A series of interrelated 
events in a time sequence. 

flow angle See ANGLE OF CONDUCTION. 

flowchart 1. A diagram depicting the logic steps in 
a digital-computer program. 2. A diagram show- 
ing the flow of material through a sequence of 
processes. 

flow direction The method of delineating an- 
tecedent and successor events on a flowchart; 
usually arrows and flowlines connecting the 
events in the way a page is read (top to bottom, 
left to right). 

flowed-wax disk A form of recording disk, in which 
wax is melted onto a plastic or metal base. The 
grooves are cut in the wax layer. 

flowline A line showing flow direction on a 
flowchart. 

flowmeter An instrument for measuring liquid 
flow rate. 

flow relay A relay that is actuated by a predeter- 
mined rate of fluid flow. 

fluctuating current See COMPOSITE CURRENT. 

fluctuating voltage See COMPOSITE VOLTAGE. 

fluid absorption See LIQUID ABSORPTION. 
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fluid analogy The comparison of electric current 
flow to the movement of a simple fluid. Also see 
WATER ANALOGY. 

fluid capacitor See WATER CAPACITOR. 

fluid computer A digital computer that uses fluid 
logic elements (i.e., one that contains no elec- 
tronic circuits or moving parts). 

fluid damping Use ofa viscous fluid to damp a me- 
chanical member’s movement. 

fluid-flow alarm An electronic circuit that actuates 
an alarm when fluid flowing through pipes or other 
channels changes from a predetermined rate. 

fluid-flow control A servo system that automati- 
cally maintains or adjusts liquid flow through 
pipes or other channels. 

fluid-flow gauge See FLUID-FLOW METER. 

fluid-flow indicator See FLUID-FLOW METER. 

fluid-flow meter An instrument that indicates 
fluid flow rate through pipes or other channels. 

fluid-flow switch In a fluid-cooled system, a 
switch that actuates an alarm when the fluid 
slows or stops. 

fluidics 1. A form of digital logic in which circuits 
operate by means of fluid flow. 2. A branch of 
physics concerned with the behavior of fluids; 
more commonly called fluid dynamics. 

fluid-level control A servo system that automati- 
cally maintains the level of a fluid in a tank. 

fluid-level gauge An electronic system that provides 
direct readings of the level of a fluid in a tank. 

fluid-level indicator See FLUID-LEVEL GAUGE. 

fluid logic Logic operations carried out by varying 
the flow and pressure of a gas or liquid in a cir- 
cuit of channels. Also see FLUID COMPUTER. 

fluid ounce (U.S.) Abbreviation, fl. oz. A unit of vol- 
ume equal to 2.957 x 10° cubic meters, or 
0.02957 liter. A quart is 32 ounces; a gallon is 
128 ounces. 

fluid-pressure alarm An electronic circuit that ac- 
tuates an alarm when fluid pressure rises or falls 
beyond set limits. 

fluid-pressure control A servo system that auto- 
matically maintains or adjusts fluid pressure in 
pipes or other channels. 

fluid-pressure gauge See FLUID-PRESSURE ME- 
TER. 

fluid-pressure indicator See FLUID-PRESSURE 
METER. 

fluid-pressure meter An instrument that indicates 
the pressure of a fluid in a pipe or other channel. 

fluid valve See ELECTROMECHANICAL VALVE. 

fluorescence The property of some materials to 
glow when excited by a stimulus, such as ultravi- 
olet, X rays, or an electron beam. Compare 
PHOSPHORESCENCE. 

fluorescent lamp See FLUORESCENT TUBE. 

fluorescent materials Materials that glow when 
irradiated, but cease to glow when the source of 
excitation is removed. An example is the phos- 
phor coating on the screen of a cathode-ray tube 
(CRT). 
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fluorescent screen A transparent or translucent 
plate (such as the end of a cathode-ray tube or 
fluoroscope) coated with phosphors that glow 
when struck by an electron beam, or by high- 
energy electromagnetic radiation, such as ultravi- 
olet or X rays. 

fluorescent tube A mercury-vapor glow lamp dis- 
tinguished by having a glass tube whose inner 
wall is coated with a phosphor that emits light 
when excited by the ultraviolet glow discharge in 
the vapor. 

fluorescent X rays X rays reradiated by the atoms 
of a material that has absorbed X radiation. Dur- 
ing initial exposure, energy absorbed from the ra- 
diation raises the energy level of electrons in the 
atoms; when the electrons return to their normal 
energy levels, they reradiate some of the absorbed 
energy. 

fluorine Symbol, F. A gaseous element of the halo- 
gen family. Atomic number, 9. Atomic weight, 
18.998. 

fluoroscope A device used for viewing the internal 
structures of objects. A screen coated with mate- 
rial that fluoresces when exposed to X rays is 
mounted in one end of a light-tight viewing hood. 
When an object is placed between the screen and 
an X-ray tube, an image is produced on the 
screen. In medical applications, this device has 
been supplanted by methods that do not use ion- 
izing radiation; nuclear magnetic resonance imag- 
ing (NMRI) is one example. 

fluoroscopy The art of using a fluoroscope in the 
inspection of materials and parts or in medical 
examinations. 

flush A form of mounting in which there is little or 
no protrusion from the panel surface. 

flutter 1. In a high-frequency superheterodyne re- 
ceiver, a rapid fluctuation in signal strength, 
caused by tuning and detuning of the oscillator 
stage. This usually results from poor direct- 
current (dc) power-supply regulation. 2. Repeti- 
tive, rapid fluctuations in the output of a sound 
reproducer. Also see WOW. 3. An echo effect 
sometimes observed in rooms or auditoriums of 
poor acoustic design. 

flutter bridge A bridge-type instrument for mea- 
suring flutter in constant-speed machines, such 
as sound recording and reproducing devices. 

flutter rate The frequency of flutter, in cycles per 
second (Hertz). 

flux 1. Theoretical lines of force that extend in all 
directions from an electric charge (electric flux) 
or from a magnetic pole (magnetic flux). 2. A 
material that makes metals more amenable to 
being joined by soldering. 3. The number of 
photons that pass through a surface for a given 
time. 

flux density Symbol, B. Unit, tesla. The degree of 
concentration of magnetic lines of force. One tesla 
represents a flux density of one volt-second per 
square meter (Ves/m?). 
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fluxgate A device that controls the azimuth bear- 
ing of a directional system by means of interac- 
tion with the geomagnetic field. 

fluxgate magnetometer A magnetic compass for 
robot guidance. Uses coils to sense changes in ar- 
tificially generated reference fields. Output from 
the sensors is sent to a computer that calculates 
the robot’s position, based on the orientation and 
intensity of the lines of flux in the reference fields. 

flux graph A device that graphically records the in- 
tensity of a magnetic field around a permanent 
magnet or electromagnet, or around an inductor 
carrying a current. 

flux leakage See MAGNETIC LEAKAGE. 

flux lines The theoretical lines of force in an elec- 
tric or magnetic field. 

flux linkage The passage of lines of force set up by 
one component through another component, so 
as to enclose most of the penetrated component’s 
volume. 








flux linkage 


fluxmeter An instrument for measuring magnetic 
flux density. Also called gaussmeter. 

flux refraction The tendency for magnetic lines of 
flux to change direction at the boundary between 
substances having different permeability. Flux 
refraction resembles refraction of electromagnetic 
radiation in or at a boundary between substances 
having different indices of refraction. 

flyback 1. The abrupt drop or reversal of a current 
or voltage that was previously increasing (e.g., the 
rapid fall of a sawtooth wave). Also see KICK- 
BACK. 2. The duration of the drop of a current or 
voltage that was previously increasing, for a saw- 
tooth or similar wave. 3. In an oscilloscope or pic- 
ture tube, the rapid return of the beam to its 
starting position. 

flyback checker An apparatus that senses the 
presence of short or open circuits in motors, 
transformers, and generators, by measuring the 
amount of flyback (kickback). 

flyback power supply See KICKBACK POWER 
SUPPLY. 

flyback time The time taken for the electron beam 
in an oscilloscope tube, picture tube, or camera 
tube to return to its starting point after it has 
reached the point of maximum deflection. 
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flyback transformer In a television receiver circuit, 
the horizontal output transformer. The unit sup- 
plies horizontal scanning voltage and kickback 
voltage, which is rectified to produce the high- 
voltage direct-current (dc) anode potential. Also 
see FLYBACK and KICKBACK POWER SUPPLY. 

flying eyeball An undersea exploration robot con- 
sisting of a television camera, illumination lamps, 
and thrusters (such as jets or propellers). A cable, 
which also serves as a tether, sends data to a hu- 
man operator, and allows the operator to control 
the movements of the robot. In some cases, the 
tether/cable can be replaced by an infrared or 
visible-light laser data link. 

flying-spot tube A tube, such as a camera tube, in 
which a rapidly deflected spot of light scans an 
image on a transparent screen; the spot is pro- 
jected through the picture to a photomultiplier. 

fly’s-eye lens A lens consisting of hundreds of 
much smaller lenses. Used in microelectronic cir- 
cuit fabrication to produce many images of the 
same circuit. 

flywheel effect 1. In an inductance-capacitance 
(LC) tank circuit, the completion of a partial input 
wave cycle at the resonant frequency, resulting 
from the storage and release of energy. This pro- 
vides a nearly perfect sine-wave output for class- 
AB, class-B, and class-C radio-frequency (RF) 
power amplifiers. 2. In an LC tank circuit, the ac- 
tion in which energy continues to oscillate be- 
tween the capacitor and inductor after an input 
signal has been removed. The oscillation stops 
when the tank-circuit finally loses the energy ab- 
sorbed. The lower the inherent resistance of the 
circuit, the longer the decrement (decay time). 


Input waveform 


Time 


Amplitude 
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flywheel effect, 1. 
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flywheel synchronization A form of television 
scanning synchronization used when the re- 
ceived signal is very weak. The synchronization 
signals from the transmitter are sensed by the re- 
ceiver, which then produces its own local pulses 
based on the rate of received pulses. 

flywheel tuning A tuning dial mechanism in 
which the control shaft has a flywheel for the 
smoother tuning action afforded by the added 
momentum. 

Fm_ Symbol for FERMIUM. 

FM Abbreviation of FREQUENCY MODULATION. 

f,, Abbreviation of MODULATION FREQUENCY. 

FM-AM Pertaining to equipment that will operate 
with either amplitude-modulated or frequency- 
modulated signals. 

FM-AM multiplier A method of frequency multipli- 
cation using both amplitude and frequency mod- 
ulation of a carrier wave. 

FM broadcast band The 88- to 108-MHz frequency 
band, within which channels spaced 200 kHz 
apart occupy positions from 88.1 to 107.9 MHz. 

FM detector See DISCRIMINATOR, RATIO DE- 
TECTOR, and SLOPE DETECTOR. 

FM-FM Frequency modulation by one or more FM 
subcarriers. 

FM limiter In a frequency-modulation circuit, a 
stage which holds the amplitude of the FM signal 
to a constant value. The limiter can be active 
(e.g., an amplifier-limiter transistor) or passive 
(e.g., a diode clipper). 

FM multiplex See MULTIPLEX ADAPTER. 

FM noise Unintentional modulation of a_ fre- 
quency-modulated transmitter, resulting from 
noise in the audio-input stages. 

FM-PM A system of modulation in which a carrier 
is phase modulated by frequency-modulated sub- 
carriers. 

FM radar A radar system in which the signal is fre- 
quency modulated; the distance to the target is 
measured in terms of the beat note between 
transmitted and reflected waves. 

FM repeater A two-way radio system composed 
of a simultaneously operating receiver and 
transmitter, the latter of which retransmits 
(usually on a different frequency) all signals 
picked up by the receiver. The system is usually 
tower- or hilltop-mounted, and is used to extend 
the range of two-way units in a communications 
network. 

FM stereo The use of multiplex methods to trans- 
mit and receive stereophonic programs in an FM 
channel. Also see MULTIPLEX ADAPTER. 

FM tuner A compact radio receiver that handles 
frequency-modulated (FM) signals, and delivers 
its low-amplitude audio output to a high-fidelity 
system. Compare AM TUNER and AM-FM 
TUNER. 

focal length Symbol, F. The distance from the cen- 
ter of a lens or dish antenna to the principal fo- 
cus. Also see PRINCIPAL FOCUS. 
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focus 1. The point at which rays converge. Also see 
PRINCIPAL FOCUS. 2. To bring rays to a point of 
convergence. 

focus coil See FOCUSING COIL. 

focus control In an oscilloscope or television cir- 
cuit, the potentiometer that controls the voltage 
on the focusing electrode of the cathode-ray tube 
and, accordingly, the sharpness of the image. 

focus grid 1. The focusing electrode in an electro- 
static cathode-ray tube. 2. The focusing electrode 
in an oscilloscope tube. 

focusing Bringing a ray of particles or energy to a 
common point. This can be done using lenses, 
deflecting coils, deflecting plates, or reflecting de- 
vices. Focusing can be done with acoustic waves, 
electromagnetic waves, and theoretically with any 
kind of disturbance propagated through any 
medium. 

focusing anode See FOCUSING ELECTRODE. 

focusing coil An external coil used to focus an 
electron beam in a cathode-ray tube. Also see 
ELECTROMAGNETIC FOCUSING. 

focusing electrode The internal electrode (grid or 
ring) used to focus the electron beam in a cath- 
ode-ray tube. Also called focus electrode. Also see 
ELECTROSTATIC FOCUSING and FOCUS GRID, 
1, 2. 

focusing magnet A permanent magnet assembly 
for focusing the electron beam in a cathode-ray 
tube. 

foil 1. The thin conductive strips on a printed- 
circuit board. 2. Also known as tape. Thin metal 
supplied in strips, intended for use in certain se- 
curity systems. It can be installed in closed loops 
at potential points of entry. 

foil capacitor A capacitor whose plates are sheets 
or strips of metal foil separated by a dielectric 
film. 

foil coil See FOIL-WOUND COIL. 

foil conductor A conductor that is a strip of metal 
foil, rather than wire. Also see FOIL PATTERN. 

foil electroscope See LEAF ELECTROSCOPE. 

foil pattern The pattern of thin metal circuit paths 
that constitute the “wiring” of a printed circuit. 
Also see ETCHED CIRCUIT and PRINTED CIR- 
CUIT. 

foil-wound coil A coil wound with metal foil (usu- 
ally aluminum or copper) instead of wire. Such 
coils substantially reduce the weight of large 
transformers and filter chokes. 

foldback 1. See FOLDBACK CURRENT LIMITING. 
2. In audio recording, the routing of sound (via an 
audio mixer) to some other destination in addi- 
tion to the recording medium. Example: playing 
an electronic organ while singing, recording the 
arrangement on tape, and also listening to it (or- 
gan and voice) in a headset. 

foldback current limiting In a power supply, a 
method of automatically reducing the output cur- 
rent to a safe level when the load current exceeds 
the maximum recommended value. This action 
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protects both the power supply and the powered 
equipment. 

folded dipole A half-wavelength, center-fed an- 
tenna constructed of two parallel wires with their 
ends connected together. It has the same length 
as a simple dipole antenna, but the feed-point 
impedance is four times that of the ordinary 
dipole. Instead of approximately 73 ohms, the 
folded dipole presents a resistive impedance of 
about 300 ohms. This makes the folded antenna 
desirable for use with high-impedance, parallel- 
wire transmission lines. It also can be used to 
obtain a good match with 75-ohm coaxial cable 
when four antennas are connected in phase, or 
with 50-ohm coaxial cable when six antennas 
are connected in phase. Compare DIPOLE 
ANTENNA. 
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300-Q Feeder 


folded dipole 


folded horn A loudspeaker having a horn whose 
flare is divided into several zigzagging chambers; 
that is, the horn is, in effect, folded to squeeze a 
required length into a small cabinet. 

folded-horn enclosure See LABYRINTH SPEAKER. 

folded pattern An oscilloscope image having an 
elongated time axis obtained by successive hori- 
zontal sweeps—each placed slightly lower on the 
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screen than the preceding one. The folded- 
pattern technique provides a time axis several 
times longer than the screen width. 

folding frequency In a system where sampling is 
made at uniform frequency increments, the fre- 
quency corresponding to half the sampling rate in 
hertz. 

foldover Distortion characterized by the horizontal 
or vertical overlapping of a television picture. 

follower A single-stage, active circuit characterized 
by zero phase reversal, and voltage gain less than 
unity. The emitter follower is also called a com- 
mon-collector circuit; the source follower is also 
known as a common-drain circuit. Characterized 
by moderate to high input impedance, and low 
output impedance over a wide band of frequen- 
cies. 

follower drive In a servo system, the drive that 
mechanically follows the master drive. 

following blacks In a television picture, the effect 
in which a moving white object has a black border 
following it. 

following whites In a TV picture, the effect in 
which a moving dark object has a white border 
following it. 

follow-up motor See SERVOMOTOR. 

font The physical shape and size of the letters and 
numbers in an alphanumeric system. 

font reticle In optical character recognition, an 
overlay reference pattern of lines used to check 
the size and configuration of an input character, 
the size of punctuation marks, and spacing be- 
tween lines and characters. 

food-service robot Any robot that is used for the 
purpose of packaging, preparing, and/or serving 
food. 

foot Abbreviation, ft. A unit of linear measure in 
the English system equal to 0.3048 meter. 

foot-candle Abbreviation, fc. A unit of illuminance; 
1 fc is the amount of direct light emitted by 1 can- 
dela (see CANDLEPOWER) that falls on 1 square 
foot of a surface on which every point is 1 foot 
away from the source. In the International Sys- 
tem of Units, the unit is lux (lumens per square 
meter). Compare METER-CANDLE. 

foot-candle meter A light meter whose scale reads 
directly in foot-candles. 

foot-lambert Abbreviation, fL. A unit of lumi- 
nance; the average brightness of a surface that 
emits or reflects 1 lumen per square foot. The 
Standard International (S.I.) unit is the candela 
per square meter (cd/m7?); 1 fL = 3.426 cd/m?. 

foot-pound Abbreviation, ft-lb. In the English sys- 
tem, a unit of energy equal to 1 pound displaced 
through 1 foot in the direction of the exerting 
force. The Standard International (S.I.) unit is the 
Joule (j); 1 ft-lb = 1.356 j. 

foot-pound-second system See FPS SYSTEM OF 
UNITS. 

foot switch A switch operated by the foot, gener- 
ally used for the purpose of turning a playback or 
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recording system on and off. Often used for tak- 
ing dictation. 

forbidden band See ENERGY GAP. 

forbidden character code An error-finding code 
using forbidden characters: combinations of pro- 
hibited bits. Also called forbidden combination. 

forbidden energy band See ENERGY GAP. 

force 1. Symbol, F. Units: newton, dyne, poundal. 
The agency or influence that accomplishes work. 
2. An operator interjection made during a pro- 
gram run that causes the computer to execute a 
branch instruction; it is usually necessary when 
a condition responsible for halting a program 
must be bypassed. 

forced coding Programming that minimizes the 
time required to retrieve information from stor- 
age. Also called minimum latency programming or 
minimum access programming. 

forced oscillations Oscillations in a circuit, such as 
in an inductance-capacitance (LC) tank, that re- 
sult from continuously applied alternating-current 
(ac) excitation. Compare FREE OSCILLATIONS. 

foreground job A relatively high-priority, short- 
running program that is carried out by inter- 
rupting a low priority, long-running program. 
Compare BACKGROUND JOB. 

force pump In a multistage vacuum system, the 
first pump that reduces the pressure consider- 
ably below atmospheric pressure. Also see DIF- 
FUSION PUMP and VACUUM PUMP. 

force summing device A transducer element that 
is physically moved by a force being transduced. 

foreshortened addressing In control computers, 
the mixing of available storage by using simplified 
addressing instructions. 

fork oscillator An audio-frequency oscillator con- 
trolled by a tuning fork. The dimensions of the 
fork determine its vibration frequency and, ac- 
cordingly, the frequency of the oscillator. 
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form 1. The core or frame upon which an inductor 
is wound. 2. A vessel, such as a mold, used in the 
shaping stage of a manufacturing process. 

formaldehyde Formula, HCHO. A colorless, pun- 
gent gas that is a constituent of many well-known 
plastic insulating materials (see PHENOLFORM- 
ALDEHYDE PLASTICS). 

formant 1. The audio-frequency range in which 
the sound of a spoken syllable is concentrated. 2. 
Any general group of audio frequencies. 

formant filter In an electronic organ, an audio fil- 
ter that changes the waveshape of a tone so that 
the tone will have the desired characteristics. 

format 1. The form in which data is presented 
(e.g., the arrangement of characters, fields, 
words, totals, etc.). 2. To prepare a computer disk 
or tape so that it will accept data. 

form factor 1. The SHAPE FACTOR for a filter or 
tuned circuit. 2. For a half-cycle of an alternat- 
ing-current (ac) quantity, the ratio of the root- 
mean-square (rms) value to the average value. 

form feed 1. A mechanical system that positions 
paper being supplied to a line printer. 2. The FF 
character that initiates advancement of printout 
paper in a printer. 3. The advancement of print- 
out paper in a printer. 

form feed character In a control loop, a character 
(symbol, FF) used on printing devices for control- 
ling form feed. 

forming See ELECTROFOR\M, 1. 

form stop An automatic device that stops a printer 
when the paper runs out. 

FORTH A high-level computer programming lan- 
guage used in certain robots, automated facto- 
ries, medical electronic devices, and electronic 
games. It was originally developed in the 1970s to 
facilitate computer control of equipment in astro- 
nomical observatories. 

FORTRAN A high-level computer programming 
language developed in the 1950s, and still used 
in some scientific and mathematical applications. 
It is not especially useful for the control of elec- 
tronic or mechanical devices. 

fortuitous conductor A medium that creates an 
unwanted electrical path. 

fortuitous distortion Waveform distortion that re- 
sults from causes other than characteristic ef- 
fects or bias effects. 

forward AGC Automatic gain control provided by 
special transistors whose transconductance de- 
creases with increasing emitter current, and vice 
versa. Compare REVERSE AGC. 

forward-backward counter A counter that runs 
forward to perform addition and backward to per- 
form subtraction. 

forward bias Forward voltage or current in a tran- 
sistor or semiconductor diode. 

forward-blocking state For a_ silicon-controlled 
rectifier, the off state, during which the forward 
bias is so much less than the forward breakover 
voltage that only small off-state current flows. 
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forward breakover voltage 1. For a semiconduc- 
tor pn junction, the smallest forward voltage at 
which appreciable conduction occurs. This is 
about 0.3 V for germanium and 0.6 V for silicon. 
2. For a silicon-controlled rectifier, the forward 
voltage value at which the device abruptly 
switches on. 

forward characteristic The current-voltage re- 
sponse of a semiconductor junction that is biased 
in the forward (high-conduction) direction. Com- 
pare REVERSE CHARACTERISTIC. 

forward compatibility standards Standards devel- 
oped to make programs for one computer system 
usable for additional or replacement equipment. 

forward conduction The increased current con- 
duction through a pn junction that is forward bi- 
ased. Compare REVERSE CONDUCTION. 

forward current Symbol, J; The increase in cur- 
rent flow through a pn junction that is forward bi- 
ased. Compare REVERSE CURRENT. 

forward current-transfer ratio The current gain of 
a bipolar transistor (alpha for the common-base 
connection and beta for the common-emitter con- 
nection). 

forward power 1. Ina transmission line, the power 
leaving the generating source, as measured by a 
directional wattmeter at that location. 2. The 
power arriving at the load at the terminating end 
of a transmission line. 

forward propagation by ionospheric scatter 
FORWARD SCATTER. 

forward propagation by tropospheric scatter Ab- 
breviation, FPTS. A method of transmitting part 
of a radio signal beyond the horizon using the 
scattering effect of the troposphere. Also see FOR- 
WARD SCATTER and TROPOSPHERE. 

forward resistance Symbol, R; The resistance of a 
forward-biased pn junction. Also see FORWARD 
BIAS. Compare REVERSE RESISTANCE. 

forward-reverse ratio See FRONT-TO-BACK RA- 
TIO. 

forward scatter Also called forward propagation by 
ionospheric scatter. The scattering of a radio wave 
in the normal direction of propagation to points 
beyond the skip zone. The phenomenon occurs 
because of waves returned from regions in the 
ionosphere. Compare BACK SCATTER. 

forward transconductance Symbol, gg. For a 
common-source-connected FET, the ratio of a 
drain-current differential to the differential of 
gate-to-source voltage that produces it; gg = 
1000(dIp/dV¢s), where gj; is in microsiemens, Ip is 
the drain current in milliamperes, and Vgs is the 
gate-to-source voltage in volts. 

forward voltage Symbol, E; or V; Voltage whose 
polarity causes maximum current to flow through 
a pn junction. Compare REVERSE VOLTAGE. 

forward voltage drop The voltage across a semi- 
conductor junction that is biased in the forward 
(high-conduction) direction. Compare REVERSE 
VOLTAGE DROP. 


See 


—P— 


5059F-pF-274-306 


4/9/01 5:31 PM Page 297 


FOSDIC Acronym for film optical scanning devices 
for input to computer. 

Foster-Seeley discriminator A discriminator cir- 
cuit in which the diodes are operated from a 
single-tuned, center-tapped secondary of the input 
transformer. The center tap is also capacitively 
coupled to the top of the transformer’s primary 
coil. Compare TRAVIS DISCRIMINATOR. 


From 
limiter 
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Foucault currents See EDDY CURRENTS. 

four-address instruction A computer instruction 
in which the address is comprised of four ad- 
dresses: two for operands, one for the result of 
the operation, and one for the upcoming instruc- 
tion. 

four-channel sound system Also called quadra- 
phonic sound system. A high-fidelity, stereo- 
phonic sound reproduction system, in which 
there are four channels, rather than the usual 
two. The channels are generally designated left 
front, left rear, right front, and right rear. The 
four-channel system is an enhancement of two- 
channel stereo. 

four-dimensional continuum 1. In relativistic 
theory, the space-time continuum. There are 
three spatial dimensions and one time dimen- 
sion. A point in the continuum can be uniquely 
defined by three space coordinates and one time 
coordinate. 2. Any continuum that requires four 
and only four coordinates to uniquely determine 
the position of a point. 

Fourier analysis Use of the FOURIER SERIES to 
evaluate the components of a complex wave, or to 
define a complex wave in terms of its components. 

Fourier series An infinite mathematical series that 
shows any periodic function to be a combination 
of sine terms and cosine terms. Any complex 
wave (e.g., a Square wave) consists of fundamen- 
tal and harmonic sine-wave components. In sim- 
plified form, the series is: 


JW) = Ao/2 + A; cos x + B; sin x + Ap cos 2x + Bo 
sin 2x + A3 cos 3x + B3 sin 3x+... 


In general, the more terms to which the series is 
calculated, the better the approximation of a 
complex waveform. 





aos 


FOSDIC « fps system of units 297 


four-layer diode A dual-terminal npnp device that 
is usable as a bistable switch, sawtooth or pulse 
generator, memory device, etc. 

four-layer transistor A transistor in which the 
wafer or block has four processed regions; how- 
ever, the device might have only three terminals. 
Some examples are the silicon-controlled recti- 
fier, silicon-controlled switch, and thyristor. 

four-level laser A laser identical to the three-level 
laser, except for the addition of one excited state. 

four-phase system A two-phase system in which 
the center taps of the coils are interconnected. 
Also called QUARTER-PHASE SYSTEM. 

four-terminal network A network having two in- 
put terminals and two output terminals. One in- 
put terminal can be internally connected to one 
output terminal (as when a common ground is 
present), but this is not mandatory. 

four-space 1. A mathematical space in which four 
coordinates (w,x,y,z) are necessary to uniquely 
define a point. 2. Three-dimensional space with 
the addition of time as a fourth dimension; coor- 
dinates are, for example, (x,y,z) for space and t for 
time. 

four-space coordinates 1. A system of coordinates 
for uniquely determining points in four-space. 
Such a system can be Euclidean or non- 
Euclidean, as with space of any number of 
dimensions. 2. The set of numbers that defines a 
particular point uniquely in four-space; for exam- 
ple, P = (3,-15,0,-7). 

four-sphere The set of all points equidistant from a 
given point P in four-space. Formula is w? + x? + 
y? + 2? =r”, where ris the radius and the coordinates 
are (w,x,y,z) in the Euclidean, Cartesian system. 

four-track recording A tape recording in which 
four channels are recorded in two adjacent tracks 
on the tape. Usually, tracks number 1 and 3 are 
in the forward direction, and tracks number 2 
and 4 are in the reverse direction. 

four-track tape A magnetic tape with four parallel 
sound paths. 

four-wire wye system A three-phase system in 
which three wires supply the respective phases, a 
fourth being the neutral conductor. 

F, Symbol for POWER-LOSS FACTOR. 

fp Abbreviation of FREEZING POINT. 

FPC Abbreviation of Federal Power Commission. 

FPI Abbreviation of FUEL-PRESSURE INDICATOR. 

FPIS Abbreviation of forward propagation by iono- 
spheric scatter. See FORWARD SCATTER. 

fpm Abbreviation of feet per minute. 

fps 1. Abbreviation of feet per second. 2. Abbrevia- 
tion of frames per second. 3. Abbreviation of foot- 
pound-second (fps), a chiefly British system of 
units. 

fps system of units The British system of units of 
measurement that uses the foot for length, the 
pound for mass, and the second for time. Com- 
pare CENTIMETER-GRAM-SECOND and INTER- 
NATIONAL SYSTEM OF UNITS. 
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FPTS Abbreviation of FORWARD PROPAGATION 
BY TROPOSPHERIC SCATTER. 

Fr Symbol for FRANCIUM. 

fr Abbreviation of FRANKLINE. 

fractional exponent An exponent indicating that a 
number is to be raised to a fractional power (e.g., 
104/53). The numerator of the exponent indicates 
the power to which the base number must be 
raised; the denominator of the exponent indicates 
the root that must be taken of the result. Thus, 
na/b is equal to the bth root of na. 

fractional gain Amplification less than unity. A 
notable example is the transfer function of a 
source follower or emitter follower. 

fractional horsepower Any power rating lower 
than one horsepower (1 hp). Also see HORSE- 
POWER. 

fractional uncertainty See RELATIVE UNCER- 
TAINTY. 

frame 1. A single, complete video image, scanned 
in %o second in conventional television receivers. 
2. A single motion-picture (film) image. 3. In 
packet communications, a fundamental unit of 
data. The three types are called information (I) 
frame, supervisory (S) frame, and unnumbered (U) 
frame. 4. One of a recurring cycle of pulses. 5. In 
pulse-code modulation (PCM), a cyclic word 
group including a sync signal. 6. A complete com- 
mutator cycle. 7. A digital representation of a set 
of objects, useful in robotics and artificial intelli- 
gence (Al). 

frame alignment The condition in which the re- 
ceiver, or receiving apparatus, is in correct align- 
ment with the signal to be received. In television, 
for example, this results in true rendition of the 
picture. Incorrect frame alignment (misalign- 
ment) might result in the picture being split with 
the top and bottom interposed. For other types of 
signals, misalignment would result in garbled re- 
ception. 

frame-alignment signal In television, a transmit- 
ted signal that is used to ensure that frame align- 
ment occurs in the receiver. It is a form of 
synchronizing pulse. 

frame-alignment time slot In a transmitted tele- 
vision frame, an interval of time that is used for 
the purpose of transmitting a frame-alignment 
signal. There might or might not be other signal 
information transmitted during this time interval. 

frame frequency The number of frames of a mo- 
tion-picture film that come into position per unit 
of time in a camera, projector, or pickup. 

frame of reference Geometric relationships used 
to describe the location of a body in space. 

frame rate See FRAME FREQUENCY. 

frame-repetition rate See FRAME FREQUENCY. 

frame roll Momentary vertical roll in a television 
picture. 

frame synchronizing signal 1. In pulse amplitude 
modulation (PAM), a coded pulse indicating initi- 
ation of a commutation frame. 2. In pulse-code 
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modulation (PCM), a signal used to identify an in- 
formation frame. 

framing 1. Synchronization of the vertical compo- 
nent of a video signal so that the top and bottom 
of the transmitted and received pictures line up. 
2. The process of lining up the top and bottom of 
a movie picture. 3. Alignment of the characters in 
a digital alphanumeric transmission. 

francium Symbol, Fr. A radioactive metal element 
of the alkali-metal group. Produced artificially 
through radioactive disintegration. Atomic num- 
ber, 87. Atomic weight, 223. 

Frankenstein scenario A theme often depicted in 
science fiction, in which intelligent machines 
seize power from their human creators. With the 
rapid advance of technology, especially in 
robotics and artificial intelligence (AI), some peo- 
ple, including a few educated researchers, believe 
this scenario is within the realm of possibility. 
Most scientists think it is highly improbable. 

Franklin antenna A vertical collinear array that 
produces omnidirectional gain because of phas- 
ing among the individual components. 

frankline (Benjamin Franklin, 1706-1790) Abbre- 
viation, fr. A name that has been suggested for 
the unit of electric charge; 1 fr is the charge that 
exerts a force of 1 dyne on an equal charge at a 
distance of 1 centimeter in a vacuum. 

Franklin oscillator A dual-terminal, audio/radio- 
frequency (AF/RF) oscillator circuit. Consists of a 
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two-stage, resistance-capacitance (RC) coupled 
amplifier, with a tuned inductance-capacitance 
(LC) tank in the input gate circuit, and with ca- 
pacitive feedback from the second drain to the 
tank. 

Fraunhofer region The area surrounding a radiat- 
ing antenna, throughout which the energy ap- 
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pears to come from a single point located near the 
actual antenna. 

free air resonance For a speaker, the resonant fre- 
quency or frequencies exhibited when the device 
is not mounted in a cabinet. 

free carrier A free electron or, in a semiconductor 
material, the equivalent hole. Also see ELEC- 
TRON and HOLE. 

free charge The portion of a charge on a conductor 
that, being unaffected by a neighboring charge, 
will escape to ground when the conductor is 
grounded. Compare BOUND CHARGE. 

free electron 1. An electron situated in one of the 
outer orbits of an atom, held loosely by the nu- 
cleus. Because free electrons can easily escape 
the attraction of atomic nuclei, they will drift 
among atoms if the material is subjected to an 
electric potential. The result is electric current. 
Also see ELECTRON and BOUND ELECTRON. 2. 
An electron that is not associated with any atomic 
nucleus. 

free field Data organized in a storage medium in 
such a way that a data item or field can be any- 
where in the medium. Compare FIXED FIELD. 

free impedance For a transducer, the input 
impedance produced by a perfectly short- 
circuited load. 

free magnetic pole A magnetic pole that is so well 
isolated from its opposing pole that it experiences 
little or no influence from the latter. 

free magnetism A theoretical medium or fluid to 
which magnetic effects are conventionally given. 
The sum of free magnetism in any given object is 
always zero. Within any small part of the field, the 
free magnetism is thought of as flux lines. This 
theoretical medium can be any nonmagnetic ma- 
terial. 

free net In radio communications, a network in 
which stations are free to communicate with 
other stations in the net without constant su- 
pervision by the net control station. Such com- 
munication is carried out on a frequency 
slightly above or below that of the net’s formal 
operation. 

free oscillations Oscillations in a circuit, such as 
an inductance-capacitance (LC) tank, that con- 
tinue after excitation has been removed. Also see 
FLYWHEEL EFFECT. Compare FORCED OSCIL- 
LATIONS. 

free path Ina gas tube, the path taken by an elec- 
tron as it collides with atoms. Also see MEAN 
FREE PATH. 

free-power supply 1. A simple tuned radio-fre- 
quency (RF) detector diode, used to rectify a radio 
signal and supply small amounts of direct cur- 
rent for the operation of low-powered transistor 
circuits. 2. See SOLAR BATTERY. 

free reel The supply reel of a magnetic-tape 
recorder. 

free-running frequency The frequency at which a 
synchronized generator, such as a multivibrator 
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or self-excited oscillator, will operate when the 
synchronizing voltage is removed. 

free-running multivibrator See ASTABLE MULTI- 
VIBRATOR and UNCONTROLLED MULTIVIBRA- 
TOR. 

free space Empty space; a theoretical ideal. 

free-space loss Radio transmission loss disregard- 
ing variable factors (a theoretical condition). 

free-space pattern The ideal directivity pattern of 
an antenna that is situated many wavelengths 
above ground. In use, this pattern is modified by 
reflections from ground. 

free speed The angular velocity of an unloaded 
motor. 

free-standing display In a computer system, a re- 
mote display unit for prompting peripheral oper- 
ators. 

freezing point Abbreviation, fp. The temperature 
at which a liquid starts becoming a solid at nor- 
mal pressure. Compare MELTING POINT. 

F region Also called F layer. A region of the iono- 
sphere with an altitude at night of approximately 
175 miles. In daytime, the region splits into the 
lower F1 region and the higher F2 region. This 
layer is primarily responsible for long-distance 
propagation of radio waves at high frequencies 
(3 MHz to 30 MHz). At times it returns waves at 
frequencies as high as about 70 MHz. 

Fremodyne detector A_ frequency-modulation 
(FM) detector that is essentially a conventional 
amplitude-modulation (AM) circuit detuned to 
one side of resonance (slope-tuned) to demodu- 
late a frequency-modulated signal. Also see 
SLOPE DETECTOR. 

French phone See CRADLEPHONE. 

freqmeter Contraction of FREQUENCY METER. 

frequency Symbol, f. The rate at which a phe- 
nomenon is repeated. The basic unit of fre- 
quency is the Hertz (Hz), which represents one 
complete cycle per second. Common units en- 
countered in electronics are the kilohertz (kHz), 
megahertz (MHz), and gigahertz (GHz), where 
1 kHz = 10° Hz, 1 MHz = 10® Hz, and 1 GHz = 109 
Hz. Occasionally, the terahertz (THz) is used; 
1 THz = 10! Hz. 

frequency-agile radar A radar system in which the 
transmitter frequency is shifted in a predeter- 
mined pattern for the purpose of avoiding detec- 
tion. A frequency-agile radar system, with a 
complex frequency control program, is very diffi- 
cult to jam. 

frequency allocation 1. The assignment of fre- 
quencies to radio and allied services by the li- 
censing authority (in the United States, the 
Federal Communications Commission). 2. A spe- 
cific assignment of a frequency or a band of fre- 
quencies. Also see RADIO SPECTRUM. 

frequency band A given range of frequencies, usu- 
ally specified for some application (e.g., the band 
allocated for standard radio broadcast service). 
Also see BAND. 
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frequency bias An intentional change in the fre- 
quency of a transmitted signal. 

frequency bridge 1. Any alternating-current 
bridge, such as the Wien bridge or resonance 
bridge, that can be nulled at only one frequency 
for a given set of bridge-arm values. 2. Any alter- 
nating-current bridge that is used to measure 
unknown frequencies. 

frequency calibrator A device, such as a crystal os- 
cillator, that provides a signal of precise frequency 
with which other signals can be compared. Also 
see SECONDARY FREQUENCY STANDARD. 

frequency changer 1. A superheterodyne con- 
verter (see CONVERTER). 2. A motor-generator in 
which the output voltage has the same value as 
the input voltage, but is of a different frequency. 
3. See FREQUENCY-MULTIPLYING TRANS- 
FORMER. 4. See FREQUENCY MULTIPLIER. 

frequency-change signaling See FREQUENCY- 
SHIFT KEYING. 

frequency channel A relatively narrow segment of 
a frequency band allocated to a station in a par- 
ticular service. The bandwidth of the channel de- 
pends on the type of modulation used, the type of 
data to be transmitted, and the speed or fidelity of 
the data to be transmitted. 

frequency comparator A device, such as an oscil- 
loscope or zero-beat indicator, used to check one 
frequency against another. Also see FREQUENCY 
COMPARISON. 

frequency comparison The observation of a cur- 
rent or voltage of one frequency for similarities in 
that of another frequency. Comparisons (as in 
frequency matching) can be made by audio 
means, by visual means, or both. Common in- 
struments used are oscilloscopes, beat-note de- 
tectors, and beat-note meters. 

frequency-compensated attenuator An attenua- 
tor, such as one in an electronic voltmeter or 
wideband oscilloscope, that has been modified by 
the addition of capacitors or inductors to achieve 
reasonably flat response over a wide range of fre- 
quencies. 

frequency compensation The modification of a 
circuit, such as an amplifier or attenuator, by the 
addition of capacitors or inductors to tailor its re- 
sponse at specified frequencies. 

frequency control 1. An adjustable component 
(potentiometer, variable capacitor, or variable in- 
ductor) with which the frequency or frequency re- 
sponse of a circuit is adjusted. 2. A device, such 
as a quartz crystal or tuning fork, that automati- 
cally sets the frequency of an oscillator. 

frequency conversion The process of changing a 
signal from one frequency to another, usually 
without altering the signal bandwidth. In some 
cases, a signal is turned “upside down” by this 
process [e.g., an upper-sideband (USB) signal 
might be changed to a lower-sideband (LSB) sig- 
nal]. Generally accomplished by means of a 
MIXER. 
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frequency converter 1. An active or passive device 
for changing the frequency of a signal. 2. The 
mixer in a superheterodyne circuit. 

frequency correction Manual or automatic reset- 
ting of a deviated frequency to its original value. 

frequency counter An instrument that counts sig- 
nal cycles or pulses over a standard time base (a 
frequency measurement). Often used to accu- 
rately measure the frequencies of radio or televi- 
sion signals; in this application, it is a precision 
FREQUENCY METER. 

frequency cutoff See CUTOFF FREQUENCY. 

frequency detector See FREMODYNE DETEC- 
TOR. 

frequency deviation 1. The degree to which a fre- 
quency changes from a prescribed value. Thus, if 
the frequency of a 1000-Hz oscillator drifts be- 
tween 990 and 1010 Hz, the deviation is +10 Hz. 
2. In a frequency-modulated (FM) signal, the 
amount of instantaneous frequency shift above 
and below the unmodulated carrier frequency. 

frequency-deviation meter In frequency-modula- 
tion (FM) communications operations, a meter 
that gives a direct reading of frequency deviation 
resulting from a modulating signal. It uses either 
a tuned circuit or a frequency comparator. 

frequency difference 1. In a superheterodyne cir- 
cuit, the difference between the signal frequency 
and the oscillator frequency. 2. In any beat- 
frequency operation, the quantity 2 — fi, where fo 
is the higher frequency and /f; is the lower 
frequency. Compare FREQUENCY SUM. 

frequency discriminator See DISCRIMINATOR. 

frequency distortion A form of distortion in which 
the amplification of some frequencies is different 
from that of others. 

frequency distribution See DISTRIBUTION, 2. 

frequency diversity The transmission and recep- 
tion of signals at two or more frequencies for the 
purpose of reducing the effects of fading. It is gen- 
erally used in long-distance, high-frequency cir- 
cuits. 

frequency divider A circuit or device whose out- 
put frequency is a fraction of the input frequency. 
Compare FREQUENCY MULTIPLIER. 

frequency-dividing network See CROSSOVER 
NETWORK. 

frequency-division multiplex A form of multiple- 
signal parallel transmission in which a single car- 
rier is modulated by two or more signals 
simultaneously. 

frequency doubler A circuit that multiplies an in- 
put frequency by two. If a doubler’s input circuit 
is tuned to frequency /, then its output circuit is 
generally tuned to 2f: Frequency doubling is per- 
formed by various nonlinear devices, including 
transistors, varactors, and biased diodes. 

frequency drift An undesired, usually gradual, 
change in the frequency of a signal from its in- 
tended frequency or channel; expressed in hertz 
or kilohertz. 
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frequency function See PROBABILITY DENSITY 
FUNCTION. 

frequency indicator 1. A device that indicates 
when a phase or frequency is common to two al- 
ternating currents. 2. The display or dial that 
shows the operating frequency of a radio re- 
ceiver or transmitter. 3. See FREQUENCY ME- 
TER. 

frequency keying See FREQUENCY-SHIFT KEY- 
ING. 


frequency meter An instrument for measuring the 
frequency of an alternating current. The several 
different types are used in different applications. 
Also see AUDIO FREQUENCY METER, FRE- 
QUENCY COUNTER, POWER-FREQUENCY ME- 
TER, and WAVEMETER. 

frequency-modulated radar See FM RADAR. 

frequency modulation Abbreviation, FM. A 
method of conveying intelligence in wireless com- 
munications and broadcasting. The amplitude of 
the carrier remains constant, and the instanta- 
neous frequency varies. One scheme for obtain- 
ing this type of modulation is to apply the 
modulating signal to a varactor in an oscillator. 
Another method is to modulate the phase of the 
oscillator signal. This causes small fluctuations 
in the frequency as well, because any instanta- 
neous phase change shows up as an instanta- 
neous frequency change (and vice versa). Also 
see AMPLITUDE MODULATION, PHASE MODU- 
LATION, SINGLE SIDEBAND. 

frequency modulation deviation 1. In frequency 
modulation (FM), the largest difference between 
the instantaneous signal frequency and the un- 
modulated carrier frequency. 2. The maximum 
bandwidth of an FM signal at its audio modula- 
tion amplitude peak. 

frequency modulator 1. A circuit or device that 
modulates the frequency of an oscillator. 2. The 
modulator section of an FM transmitter. 

frequency monitor A device used (often continu- 
ously) to check the frequency of a signal (e.g., a 
frequency-deviation meter used in radio broad- 
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cast stations or a frequency meter used in elec- 
tric-generating stations). 

frequency multiplier A circuit or device whose out- 
put frequency is a multiple of the input frequency. 
See, for example, FREQUENCY DOUBLER. 

frequency-multiplying amplifier See MULTI- 
PLIER AMPLIFIER. 

frequency-multiplying transformer A magnetic 
amplifier that generates harmonics of the supply 
frequency. The effect results from the nonlinear- 
ity of the transformer core material. 

frequency offset 1. The difference between an ac- 
tual frequency and the desired frequency. 2. Ina 
communications transceiver, the difference be- 
tween the receiver frequency and the transmitter 
frequency. In some modes, such as single-side- 
band (SSB), the offset is normally zero. In other 
modes, notably continuous-wave (CW) Morse 
code, the offset is normally several hundred Hz. 
3. See FREQUENCY SPLIT, 1. 

frequency overlap 1. A common band of frequen- 
cies between two adjacent channels in a commu- 
nications system. 2. A common frequency region 
between two assigned bands. 3. A condition in 
which parts of the sidebands of two signals oc- 
cupy the same range of frequencies. 

frequency pulling A change in the frequency of a 
circuit, especially of a self-excited oscillator, re- 
sulting from the detuning effects of an external 
circuit, device, or condition (such as body capac- 
itance or a change in the temperature). 

frequency pushing An effect in which a current 
change in a source oscillator causes a shift in 
source frequency. 

frequency quadrupler See QUADRUPLER, 2. 

frequency quintupler See QUINTUPLER, 2. 

frequency range 1.A communication system’s fre- 
quency transmission limits, beyond which the 
power output is attenuated below a specified 
amount. 2. The frequency band or bands within 
which a radio transmitter, receiver, or transceiver 
is designed to operate. 

frequency ratio counter 
METER. 

frequency ratio meter A meter that indicates the 
ratio between two frequencies, and is useful in 
the quick identification of harmonics. 

frequency record A phonograph test disk contain- 
ing recordings of various frequencies at specified 
amplitudes. 

frequency rejection The elimination, usually by a 
filter, of a single frequency (or narrow band of fre- 
quencies) from a mixture of frequencies. Compare 
FREQUENCY TRANSMISSION. 

frequency relay A frequency-sensitive relay (see 
SELECTIVE RELAY, 1). 

frequency response A performance characteristic 
that describes the operation of a device or circuit 
over a specified range of signal frequencies (e.g., 
the gain-versus-frequency characteristic of an 
amplifier). 


See FREQUENCY RATIO 
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frequency-response recorder A graphic recorder 
that automatically plots a frequency-response 
curve for a device under test. 

frequency run A test, or test sequence, that deter- 
mines the loss characteristics of a circuit as a 
function of the operating frequency. 

frequency scanning 1. A controlled fluctuation of 
the transmitter frequency in a frequency-agile 
radar or communications system. 2. In a pro- 
grammable, digital communications receiver or 
transceiver, a form of simultaneous digital moni- 
toring of two or more channels. 3. The frequency- 
response change in a spectrum analyzer. 

frequency scaler See SCALER. 

frequency-selection sensor A sensor that passes 
or rejects phenomena at certain frequencies while 
ignoring those at other frequencies. 

frequency-selective relay See SELECTIVE RE- 
LAY, 1. 

frequency-sensitive bridge A bridge, such as the 
Wien bridge or resonance bridge, that can be bal- 
anced at only one frequency for a given set of 
bridge-arm values. 

frequency separator In a television receiver, the 
circuit that separates horizontal- and vertical- 
scanning sync pulses. 

frequency-shift keying Abbreviation, FSK. A 
method of digital signal transmission. The logic 1 
(high or marl) pulses are sent at a specific carrier 
frequency, and the logic O (low or space) pulses 
are transmitted at another frequency slightly 
higher or lower than the logic 1 pulses. This is 
the most primitive form of frequency modulation 
(FM). The difference between the mark and space 
frequencies is called the shift, and is usually 
between 100 and 1000 Hz. Compare 
AUDIOFREQUENCY-SHIFT KEYING. 
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frequency-shift radar See DOPPLER RADAR. 

frequency span The difference /2 — f\, where fi is 
the lowest frequency in a given range of frequen- 
cies and /f2 is the highest frequency. Compare 
FREQUENCY SPREAD. 

frequency spectrum All electromagnetic radia- 
tion, from longest to shortest wavelengths, within 
a set of specified limits. 


frequency split 1. The difference between the re- 
ceiver frequency and the transmitter frequency in 
a communications repeater. 2. See FREQUENCY 
OFFSET, 2. 

frequency spotting The setting-up of signals at 
reference frequencies (usually harmonics of a 
standard-frequency oscillator), and their use in 
identifying unknown frequencies. Also see FRE- 
QUENCY CALIBRATOR. 

frequency spread The ratio fo/fi, where f, is the 
lowest frequency in a given range of frequencies 
and f2 is the highest frequency. Compare FRE- 
QUENCY SPAN. 

frequency stability The degree to which a fre- 
quency remains constant during variations in 
temperature, current, voltage, and similar fac- 
tors. It is specified in Hertz (Hz), kilohertz (kHz), 
or megahertz (MHz), or in parts per million per 
unit of the variable parameter. 

frequency standard A signal source of a precise 
frequency, against which other signal sources 
can be calibrated. See specifically PRIMARY FRE- 
QUENCY STANDARD and SECONDARY FRE- 
QUENCY STANDARD. 

frequency sum In a beat-frequency system, the 
quantity fi + f2, where fj is the lower frequency 
and /f2 is the higher frequency. Compare FRE- 
QUENCY DIFFERENCE, 2. 

frequency swing See FREQUENCY DEVIATION, 1, 
2. 


frequency synthesizer A generator of signals at a 
precise frequency or set of frequencies, generally 
adjustable in discrete frequency steps. It is used 
for test or communications purposes. The signals 
are derived from a single-frequency source, usu- 
ally a crystal oscillator. Also see SIGNAL SYN- 
THESIZER. 

frequency tolerance The acceptable amount by 
which a frequency can vary from its intended 
value. The tolerance can be specified as a per- 
centage of the stated frequency, a certain number 
of parts per million, or a certain number of hertz 
(Hz), kilohertz (kHz), or megahertz (MHz). Exam- 
ple: 3.675000 MHz +10 Hz. 

frequency-to-voltage converter A device or cir- 
cuit that delivers an output voltage that is pro- 
portional to the input frequency. 

frequency translation 1. The conversion of a 
given frequency band from one part of the elec- 
tromagnetic spectrum to another, without chang- 
ing the actual separation of channels or the 
overall width of the band. 2. See FREQUENCY 
CONVERSION. 

frequency transmission The passage of a fre- 
quency or band of frequencies from a mixture of 
frequencies through a filter or other circuit. Com- 
pare FREQUENCY REJECTION. 

frequency tripler See TRIPLER, 2. 

frequency-variation method A method of deter- 
mining the figure of merit (Q) of a tuned circuit by 
varying the frequency of the applied test voltage 


—P— 


5059F-pF-274-306 


4/9/01 5:31 PM Page 303 


from resonance (f,) to a high point (f2) and a low 
point (f\). At the high and low points, the circuit 
voltage is 0.707 times the voltage at resonance. 
The figure of merit then is calculated from the for- 
mula Q = fr/(f - fi). 

frequency-voltage converter 
TO-VOLTAGE CONVERTER. 

frequency-wavelength conversion See WAVE- 
LENGTH-PERIOD-FREQUENCY RELATIONSHIPS. 

fresnel (A.J. Fresnel, 1788-1827) A unit of fre- 
quency equal to 10!? Hz. Also called terahertz and 
abbreviated THz. 

fresnel lens A usually square plastic sheet with 
progressively thicker concentric areas; its effect is 
similar to that of an automotive headlight lens. 

Fresnel number A measure of the relative effects of 
diffraction in an optical lens. The Fresnel number 
is equal to the radius of the lens divided by the 
product of the light wavelength and the lens focal 
length, all measured in the same units. 

Fresnel region For a radio-frequency transmitting 
antenna, the zone between the antenna and the 
FRAUNHOFER REGION. The size of the Fresnel 
region depends on the wavelength of the radiated 
energy. 

friction The resistance to mechanical motion when 
one material is rubbed against another. Friction 
was one of the earliest sources of human-made 
electricity (see FRICTIONAL ELECTRICITY and 
ELECTRIC MACHINE). Electrical resistance, op- 
posing the flow of current, is analogous to fric- 
tion. 

frictional electricity Static electricity generated 
by rubbing one material against another. 

frictional electric machine See ELECTRIC MA- 
CHINE. 

frictional error The change in parameters of a 
phonograph pickup, resulting from friction with 
the disk surface. 

frictional loss A decrease or impairment in the ef- 
ficiency with which energy is converted into use- 
ful work, caused by friction between moving 
parts. 

fringe area The region in which a signal falls to the 
minimum field strength necessary for satisfactory 
communication. 

fringe howl In a regenerative detector, a howling 
sound that occurs when the transistor first be- 
gins to oscillate, obscuring the signal. The term is 
used because the circuit is operated at the fringe 
of oscillation. 

fringing See EDGE EFFECT. 

Fritch Trade name (American Telephone & Tele- 
graph Co.) for frequency-selective switch. 

fritting A condition in which electrical contact cor- 
rosion creates a small hole, through which 
molten contact material passes to form a conduc- 
tive bridge. 

front contact The movable contact of a relay. 

front end 1. The first radio-frequency (RF) amplifier 
stage in a radio or television receiver. 2. The con- 
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verter portion of a superheterodyne communica- 
tions receiver (i.e., the RF amplifier, first detector, 
and local oscillator). Compare REAR END. 

front layer photocell See RECTIFIER PHOTO- 
CELL. 

front porch In a television horizontal sync pulse, 
the interval between the end of the sync pulse 
and the fall of the blanking pedestal. Compare 
BACK PORCH. 

front projection In big-screen video, a scheme in 
which the images from a set of bright cathode-ray 
tubes (CRTs) are projected onto a reflective 
screen, in a manner similar to the way the film is 
projected in a movie theater. 

front-surface mirror Also called first-surface mir- 
ror. A mirror that has its reflective material on the 
front, instead of on the back. 

front-to-back ratio Abbreviation, f/b. An ex- 
pression of the ability of a unidirectional an- 
tenna to concentrate its radiation or response in 
its favored direction. This specification is nearly 
always given in decibels (dB). The field strength 
in the favored direction is compared with the 
field strength exactly opposite the favored direc- 
tion at the same distance from the antenna in 
free space, at the same frequency, and with the 
same power applied to the antenna feed point. 
Measurements can be made with a calibrated 
field-strength meter. Compare FRONT-TO- 
SIDE RATIO. 

front-to-side ratio Abbreviation, f/s. An expres- 
sion of the directivity of a unidirectional or bidi- 
rectional antenna system. This specification is 
nearly always given in decibels (dB). The field 
strength in the favored direction(s) is compared 
with the field strength at right angles to the fa- 
vored direction(s) at the same distance from the 
antenna in free space, at the same frequency, and 
with the same power applied to the antenna feed 
point. Measurements can be made with a cali- 
brated field-strength meter. Compare FRONT- 
TO-BACK RATIO. 

frost alarm A device or circuit that responds to the 
presence of frost and actuates an alarm. Such 
alarms are sensitive to temperature, moisture, or 
both. 

FRUGAL Acronym for FORTRAN rules used as a 
general applications language. 

FRUSA Acronym for flexible rolled-up solar array, 
such as the type used in spacecraft and commu- 
nications satellites. 

F scan In radar operations, a display in which a 
central blip represents the target at which the 
antenna is pointed; horizontal and_ vertical 
displacement of the blip indicate corresponding 
horizontal and vertical aiming errors. 

FSK Abbreviation of FREQUENCY-SHIFT KEYING. 

FSM Abbreviation of FFELD-STRENGTH METER. 

FS meter See FIELD-STRENGTH METER. 

FSR Abbreviation of feedback shift register. 

ft Abbreviation of foot or feet. 


—P— 


5059F-pF-274-306 


4/9/01 5:31 PM Page 304 


304 FT-cut crystal ¢ full-scale sensitivity 


FT-cut crystal A piezoelectric plate cut from a 
quartz crystal at an angle of +57°, with respect to 
the z-axis. Also see CRYSTAL AXES and CRYS- 
TAL CUTS. 

ft-Lb Abbreviation of FOOT-LAMBERT. 

ft-Ib Abbreviation of FOOT-POUND. 

Fuchs antenna A simple antenna consisting of a 
single-wire radiator without feeder or transmis- 
sion line, connected directly to the transmitter. It 
is usually an odd multiple of 0.25 wavelength 
long. When a good radio-frequency (RF) ground is 
used, this antenna can be effective at high fre- 
quencies, although part of its radiated field is of- 
ten inside the transmitter building. 
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fuel alarm A sensing circuit that actuates an 
alarm when the fuel in a tank or reservoir falls to 
a prescribed level. 

fuel cell A generator that produces electricity di- 
rectly from a reaction between fuel substances, 
such as hydrogen and oxygen. 

fuel-flow alarm An electronic circuit that actuates 
an alarm when fuel flow changes from a pre- 
scribed value. 

fuel-flow control A servo system that automati- 
cally maintains or corrects the flow rate of a fuel. 

fuel-flow gauge See FUEL-FLOW METER. 

fuel-flow indicator See FUEL-FLOW METER. 

fuel-flow meter An instrument for measuring fuel 
flow rate. 

fuel-flow switch A switch that is actuated by fuel 
flowing in pipes or other channels. 

fuel gauge An instrument consisting of a trans- 
ducer that senses the level of liquid fuel in a tank 
and delivers a proportional output current or 
voltage, and an electric meter whose needle is de- 
flected in proportion to the current or voltage 
and, therefore, to the fuel level. Alternatively, the 
meter can be a direct-readout digital device, 
showing the number of gallons remaining in the 
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tank, and/or the extent to which the tank is full 
(fraction or percentage). 

fuel meter See FUEL GAUGE. 

fuel-pressure indicator An instrument for mea- 
suring fuel pressure in pipes or other channels. 

fuel-pressure meter See FUEL-PRESSURE INDI- 
CATOR. 

full adder In a digital computer, an adder circuit 
that can handle the carry signal, as well as the bi- 
nary elements that are to be added. Also see 
ADDER and CARRY. Compare HALF ADDER. 

full bridge A bridge-rectifier circuit in which each 
of the four arms contains a diode. By comparison, 
the three-quarter bridge contains a resistor in 
one arm; the half bridge, resistors in two arms; 
and the quarter bridge, resistors in three arms. 

full-duplex system In data communications, a 
system that transmits data in both directions si- 
multaneously and continuously. Compare HALF- 
DUPLEX SYSTEM. 

full-focus yoke See COSINE YOKE. 

fullhouse A multichannel radio-control model 
plane system that allows the use of a realistic 
complement of working control surfaces. 

full-load current The output current from a 
source when the load is maximum (that is, the 
load resistance is minimum). 

full-load power The power drawn from a source 
when the load is maximum (that is, the load re- 
sistance is minimum). 

full-load voltage The output voltage of a source 
when full power is drawn [i.e., when the load is 
maximum (that is, the load resistance is mini- 
mum)]. 

full-load wattage See FULL-LOAD POWER. 

full-power frequency response The highest fre- 
quency at which a signal can fluctuate at full volt- 
age (peak-to-peak) without causing distortion of 
more than a certain specified amount. 

full-range speaker See MONORANGE SPEAKER. 

full scale 1. The operating range of an instrument. 
2. In an analog meter, the quantity indicated by 
maximum deflection of the needle (usually at the 
extreme right-hand end of the calibrated scale). 
3. Transducer output as a function of highest al- 
lowable input stimulus. 

full-scale current Symbol, Irs. In a digital-to- 
analog converter, the maximum current that can 
occur at the output. 

full-scale error For an electrical indicating instru- 
ment, the rated full-scale input signal minus the 
actual input signal that causes a full-scale deflec- 
tion. Thus, the predictable error in an instrument, 
expressed as a percentage of the full-scale reading. 

full-scale frequency Generally expressed in Hertz 
(Hz) or kilohertz (kHz). The maximum frequency 
at which a voltage-to-frequency converter can op- 
erate while remaining within its specifications. 

full-scale sensitivity The current, voltage, or 
power required to deflect a meter mechanism to 
full scale. 
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full-scale symmetry Expressed in microamperes 
(mA). The mathematical difference between the 
full-scale current outputs in a complementary- 
output digital-to-analog converter. 

full track A recording track covering the full width 
of a magnetic tape. 

full-track head A tape-recorder head having a gap 
that covers the full width of the tape. 

full-track recording Usually applicable to quarter- 
inch or narrower magnetic recording tape, a one- 
track recording made by a head that magnetizes 
essentially the entire width of the tape. 

full-wave bridge rectifier See BRIDGE RECTI- 
FIER. 

full-wave, center-tap rectifier A circuit in which 
the center-tapped secondary winding of a trans- 
former operates two rectifier diodes, each on an 
alternate half-cycle of secondary voltage. The fre- 
quency of the ripple in the direct-current (dc) out- 
put is equal to twice the alternating-current (ac) 
input frequency. Compare BRIDGE RECTIFIER. 
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full-wave detector A detector circuit using two 
diodes in a full-wave, center-tap rectifier configu- 
ration. 

full-wave doubler See FULL-WAVE VOLTAGE 
DOUBLER. 

full wavelength Symbol, i. The distance that cor- 
responds to 360 degrees of phase as an electro- 
magnetic (EM) field is propagated. In free space, it 
is related to the frequency by a simple equation: 


Ly = 984/f 


where Ly represents A in feet, and_frepresents the 
frequency in megahertz. If 1 is expressed in me- 
ters, then the formula is: 


Lm = 300/f 
Where L,, represents the displacement in meters. 


In general, if v is the velocity factor (expressed as 
a ratio) in a given medium, then: 


Lg = 984v/f 
and 
Lm = 300v/f 
Compare HALF WAVELENGTH, QUARTER 


WAVELENGTH. 

full-wave loop antenna A loop antenna with a cir- 
cumference of one wavelength, fed at a break. The 
loop can be circular, square, triangular, or occa- 
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sionally some odd shape. The most efficient con- 
figuration is the circular loop. Maximum radia- 
tion occurs perpendicular to the plane of the loop. 

full-wave rectifier A rectifier that delivers a half- 
cycle of pulsating direct-current (dc) output 
voltage for each half-cycle of applied alternating- 
current (ac) voltage. The successive output 
half-cycles have the same polarity. See, specifi- 
cally, BRIDGE RECTIFIER) and_ FULL- 
WAVE, CENTER-TAP RECTIFIER. Compare 
HALF-WAVE RECTIFIER. 

full-wave vibrator 1. Ina vibrator-type power sup- 
ply, an interrupter that closes contacts on both 
ends of its swing, thus causing direct current (dc) 
to flow through the transformer in alternate di- 
rections. 2. A vibrator-type rectifier that closes in 
both directions. 

full-wave voltage doubler A voltage-doubler cir- 
cuit whose direct-current (dc) output has a ripple 
of twice the alternating-current (ac) supply fre- 
quency. Compare HALF-WAVE VOLTAGE DOU- 
BLER. 

function 1.A mapping between two sets of quanti- 
ties or points A and B, such that: (1) For each y in 
B, there exists at least one corresponding x in A; 
and (2) For each x in A, there exists exactly one y 
in B. In this case y is said to be a function of 
this can be written as y = f(x). The set A is called 
the domain of f; the set B is called the range of f. 
2. A mathematical expression, using symbols, re- 
lating variables (e.g., the expression x- y= zisa 
function of variables x, y, and z). 3. The behavior 
and application for which a device or system is 
designed. 4. Part of a computer instruction spec- 
ifying the operation to be done. 

functional blocks Combinations of substances or 
components that perform specific tasks in an 
electronic circuit. An example is a tuned circuit, 
containing inductive reactance, capacitive reac- 
tance, and resistance. 

functional character See CONTROL CHARACTER. 

functional design Design specifications encom- 
passing a description of how system elements will 
interrelate, and what their logic design will be. 

functional diagram FUNCTIONAL DESIGN repre- 
sented in graphic form; that is, as an illustration 
or set of illustrations. 

functional electronic block Abbreviation, FEB. A 
complete integrated circuit. See INTEGRATED 
CIRCUIT. 

functional end (FE) point In a system operating 
from a battery power supply, the lowest voltage at 
which the equipment will properly operate. As a 
battery discharges, the voltage decreases; when 
the voltage drops to the FE point, the battery 
must be replaced or recharged. 

functional test A performance test of a device or 
circuit, to see that it behaves as intended in the 
environment in which it is to be used. 

function generator 1. A signal generator whose 
output is any of several selectable waveforms 
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(e.g., sine, square, triangular, step-pulse) and fre- 
quencies (or repetition rates). 2. An analog com- 
puter circuit that produces a variable based on a 
mathematical function and one or more input 
variables. 

function key 1. In digital communications, a key- 
board key used to control the form in which a 
message will be received. 2. On a computer key- 
board, any of 12 keys (usually designated F1 
through F12) that activates special functions. 
The precise action of a given key depends on the 
program being run. 

function polling A polling technique in which a 
disabled device signals its condition and specifies 
the remedy. 

function switch In a multifunction instrument, 
such as a voltohm-milliammeter, the switch that 
permits selection of the various functions. 

function table 1. A table of mathematical function 
values. 2. Hardware or software that translates 
one representation of information into another. 
3. A routine that allows a computer to use the 
values of independent variables to determine the 
value of a dependent variable. 


fundamental Contraction of FUNDAMENTAL FRE- 
QUENCY. 
fundamental component The FUNDAMENTAL 


FREQUENCY of a complex wave. 

fundamental frequency 1. The lowest frequency 
in a complex wave containing harmonic energy. 
2. In a radio or television transmitter, the in- 
tended frequency of operation. 3. In acoustics 
and audio applications, the predominant pitch of 
a musical tone. 

fundamental group A set of trunk lines in a tele- 
phone system, through which zone centers are 
interconnected. 

fundamental mode See DOMINANT MODE. 

fundamental suppression Removal of the funda- 
mental frequency from a complex wave, leaving 
only the harmonics, as in the operation of a null 
network adjusted to the fundamental frequency. 

fundamental units Base units of an absolute sys- 
tem of units. Example: the meter (m), the kilo- 
gram (kg), and the second (s) in the mks system. 

fundamental wavelength The wavelength that 
corresponds to the FUNDAMENTAL FREQUENCY 
of a wave or signal. 
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fuse A safety device consisting of a wire of low- 
melting-point metal. When current passing 
through the wire exceeds a prescribed (safe) level, 
the resulting heat melts the wire and opens the 
circuit, protecting equipment from damage. See 
PROXIMITY FUSE. 

fuse box A set of electrical fuses, usually enclosed 
in a metal box. 

fused junction Ina semiconductor, a junction pro- 
duced by alloying metals to the semiconductor 
material. 

fused junction See ALLOY JUNCTION. 

fuse resistor See FUSIBLE RESISTOR. 

fuse wire The low-melting-point wire used in 
fuses. See FUSE. 

fusible resistor A low-value resistor that also 
serves as a fuse in certain appliances, such as 
television receivers. 

fusing current The specified current level at which 
a wire of a given diameter and material composi- 
tion will melt. 

fusion 1. In acoustics, pertaining to delayed or 
reflected waves that arrive within approximately 
%s of a second of the direct wave. So called be- 
cause the human ear/brain “fuses” (blends) 
sounds together when they are separated by 
less than about %s second. If the delay is longer, 
the ear/brain usually perceives an echo in- 
stead. 2. In a nuclear reaction, the uniting of 
two atomic nuclei, accompanied by the release 
of energy. 

future labels In a computer system, program in- 
struction labels that refer to locations not desig- 
nated as absolute addresses by a compiler or 
assembler. 

futurist A person who tries to anticipate or predict, 
based on current technology and trends, what 
will be accomplished in a given field in the next 
several years or decades. 

fuzz A form of deliberate distortion in the waveform 
produced by an electric guitar. 

fuzzbox A circuit that distorts the waveform pro- 
duced by an electric guitar, for the purpose of cre- 
ating various musical sound effects. 

fuzz buster Slang for a specialized mobile radio re- 
ceiver, used by drivers of vehicles to signal the 
presence of law-enforcement radar equipment. 

fV Abbreviation of femtovolt. 
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G 1. Symbol for CONDUCTANCE. 2. Abbreviation 
of GIGA-. 3. Symbol for DEFLECTION FACTOR. 
4. Symbol for PERVEANCE. 5. Symbol for GRAV- 
ITATIONAL CONSTANT. 6. Symbol for GENERA- 
TOR. 7. Symbol for GATE. 8. Abbreviation for 
GAUSS. 

g 1. Symbol for CONDUCTANCE. 2. Abbreviation 
of GRAM. 3. Subscript for GATE. 4. Subscript for 
GENERATOR. 5. Symbol for GRAVITY. 

GA _ Radiotelegraph abbreviation of “Go ahead.” 

G/A Abbreviation of ground-to-air. 

Ga Symbol for GALLIUM. 

GaAs _ 1. Formula for gallium arsenide. 2. Pertain- 
ing to semiconductor devices based on gallium 
arsenide. 

GA coil A special form of coil, wound with extra 
space among the turns to reduce the distributed 
capacitance. 

gadget 1. A device or component. 2. A superfluous 
or makeshift device. 

gadolinium Symbol, Gd. A metallic element of the 
rare-earth group. Atomic number, 64. Atomic 
weight, 157.25. 

gage See GAUGE. 

gain The extent to which a component, circuit, de- 
vice, or system increases current, voltage, or 
power. Applicable especially to active devices, 
such as transistors and integrated circuits (ICs), 
and to amplifiers and filters that use them. Also 
used to express the directional properties of some 
antenna systems. Usually specified in decibels 
(dB). See AMPLIFICATION, CURRENT AMPLIFI- 
CATION, DECIBEL, VOLTAGE AMPLIFICATION, 
and POWER AMPLIFICATION. 


gain bandwidth product Symbol, f;. The fre- 
quency at which the gain of a bipolar transistor is 
equal to 1 (no amplification or loss) in the 
common-emitter configuration. The fr represents 
an absolute upper limit for the frequency at 
which a bipolar transistor will works as an 
amplifier. Any attempt to design an amplifier 
using a bipolar transistor at a frequency higher 
than its ff will inevitably fail. Compare ALPHA 
CUTOFF FREQUENCY. 

gain control 1. To adjust the gain of an amplifier. 
2. A potentiometer used to adjust amplifier gain. 
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gain function A function between two currents or 
voltages in a circuit with gain. 

gain-level linearity The quantitative measure of 
the extent to which the gain of a device depends 
on the signal level. The level is found by compar- 
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ing the output to the input level over a range of 
input signal levels. 

gain reduction The drop in gain of an amplifier at 
high- and low-frequency extremes. 

gain sensitivity control See DIFFERENTIAL GAIN 
CONTROL. 

gain stability The degree to which the gain of a 
system remains constant during changes in re- 
lated factors, such as temperature, supply power, 
and loading. 

gain temperature coefficient The extent to which 
the full-scale current varies over a certain tem- 
perature range, expressed in parts per million per 
degree Celsius (ppm/°C). 

galactic noise Radio noise propagated from the 
plane of our galaxy, and especially from the cen- 
ter, located in the direction of the constellation 
Sagittarius. It is of significance in space commu- 
nications and radio astronomy. 

galena Formula, PbS. Natural lead sulfide, which 
in nature takes the form of bluish-gray, cubical 
crystals. 

gallium Symbol, Ga. Atomic number, 31. Atomic 
weight, 69.72. One of the constituents of the 
semiconductor compound GALLIUM ARSENIDE. 

gallium arsenide Formula, GaAs. A compound of 
gallium and arsenic, used as a semiconductor 
material. It is noted for its low-noise characteris- 
tics. 

gallium-arsenide diode A diode in which the semi- 
conductor material is processed gallium ar- 
senide. 

gallium-arsenide varactor A low-noise, micro- 
wave varactor in which the semiconductor mate- 
rial is gallium arsenide. 

gallium-phosphide diode A light-emitting diode in 
which the semiconductor material is processed 
gallium phosphide. 

galloping ghost A form of radio-control system in 
which the elevation and rudder can be moved to 
the desired extent. 

Galton whistle A device for producing high- 
frequency acoustic waves (ultrasound), similar to 
a common dog whistle. 

galvanic cell Generic term for any electrochemical 
primary voltaic cell. 

galvanic corrosion Corrosion that occurs on one 
of two dissimilar metals when they are immersed 
in an electrolyte. Caused by battery action be- 
tween them. Compare ELECTROLYTIC CORRO- 
SION. 

galvanic couple See VOLTAIC COUPLE. 

galvanic current A very small direct current such 
as that produced by dissimilar metals in acid or 
by nervous reaction in living tissue. 

galvanic pile See VOLTAIC PILE. 

galvanic series A list of metals and alloys arranged 
in order of the most to least likely to oxidize in a 
given environment. 

galvanic skin response Abbreviation, GSR. The 
variations in electrical resistance of the (usually 
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human) skin. This phenomenon is a useful indi- 
cator in physiology, psychology, and criminology. 

galvanic taste A sharp, metallic taste experienced 
when a small electric current is passed through 
the tip of the tongue. 

galvanism (After Luigi Galvani, 1737-1798) The 
production of an electric current by chemical ac- 
tion, as in a battery. 

galvanize To coat steel with zinc to forestall corro- 
sion. 

galvanometer A sensitive, bi-directional current 
meter. Used in various electrical tests—especially 
as a null indicator in bridge operation. Also see 
MICROAMMETER. 

galvanometer constant The number by which a 
galvanometer reading must be multiplied in order 
to obtain the current in microamperes, mil- 
liamperes, or amperes. 

galvanometer recorder A _ graphic recorder in 
which a mirror in a movable-coil galvanometer re- 
flects a beam of light to a passing strip of photo- 
graphic film. 

galvanometer shunt A resistor placed in parallel 
with a galvanometer to decrease its sensitivity. 
Also see SHUNT RESISTOR. 

galvanometry The use of galvanometers to deter- 
mine the intensity and direction of electric cur- 
rents. 

galvanoplastics The science of ELECTROPHO- 
RESIS and ELECTROPLATING. 

galvanoscope An instrument for detecting and 
showing the direction of very weak electric cur- 
rents. 

galvanotherapy The use of electric currents to 
produce heat in the body of a human or animal. 

gamma ferric oxide A form of coating used in for- 
mulation of magnetic recording tape. 

gamma match A linear transformer for matching 
an unbalanced (usually coaxial) feed line to a bal- 
anced (usually half-wave) antenna. The outer 
conductor of the cable is connected to the center 
of the radiator, and an extension of the center 
conductor runs for a short distance parallel to the 
radiator, making a right-angle bend before con- 
necting to the radiator. 
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gamma rays High-energy, ionizing radiation emit- 
ted by radioactive substances; similar to X rays, 
but of a shorter wavelength. 
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gamma section See GAMMA MATCH. 

gang To mechanically couple components (pots, 
switches, etc.) for operation by a single knob. 

gang capacitor A variable capacitor consisting of 
sections mounted on the same shaft for simulta- 
neous variation. It is usually specified by the 
number of sections (e.g., four-gang capacitor). 
Compare GANGED CAPACITORS. 

ganged capacitors Separate variable capacitors 
mechanically connected together (e.g., by belt or 
gear drive) for simultaneous variation. Compare 
GANG CAPACITOR. 

ganged potentiometers Separate potentiometers 
mechanically connected together (e.g., by belt or 
gear drive) for simultaneous variation. Compare 
GANG POTENTIOMETER. 

ganged rheostats See GANGED POTENTIOME- 
TERS. 

ganged switches Separate switches mechanically 
connected together for simultaneous operation. 
Compare MULTISWITCH. 

ganged tuning Simultaneous tuning of separate 
circuits by means of ganged capacitors or ganged 
potentiometers. 

gang potentiometer A potentiometer consisting 
of sections mounted on the same shaft for si- 
multaneous variation. Usually specified accord- 
ing to the number of sections (e.g., dual 
potentiometer). 

gang printer In digital computer and data process- 
ing operations, an electromechanical printer ca- 
pable of printing an entire line at one time. 

gang punch 1. To punch identical or nonvarying 
information into the cards of a group. 2. A ma- 
chine for this operation. 

gang rheostat See GANG POTENTIOMETER. 

gang switch See MULTISWITCH. 

Gantt chart A chart of activity versus time used in 
industry as an aid in making decisions regarding 
the allocation of resources for specific activities 
[e.g., as applied to PERT (project evaluation and 
review techniques)]. 

gap 1. A space between electrodes or magnetic 
poles. 2. A device consisting essentially of sepa- 
rated electrodes (e.g., spark gap). 3. A relatively 
narrow space cut in iron cores to provide a break 
in a magnetic circuit. Also see SLOT, 1. 4. The 
opening between the opposite poles of a tape 
recorder or playback head. 

gap arrester A lightning arrester consisting of a 
number of metal cylinders separated by air gaps. 

gap coding Asystem in which silent periods are in- 
serted, according to a specific timing code, into a 
transmission. 

gap depth Ina magnetic recording head, the depth 
of the gap (taken perpendicular to the face). Com- 
pare GAP WIDTH. 

gap digit A digit that contributes no intelligence to 
the word in which it appears (e.g., a parity bit). 

gap energy The energy represented by the forbid- 
den gap in electron energy levels (e.g., between 
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the M-valence band and the N-conduction band 
in a material). 

gap filling Modification of an antenna for the 
purpose of eliminating nulls in the directional 
pattern. 

gap insulation See SLOT INSULATION, 1, 2. 

gap loss In a reproducing head, the loss that oc- 
curs because of the GAP DEPTH. 

gap-type protector A spark gap used to protect 
equipment from high-voltage transients. 

gap voltmeter See NEEDLE GAP and SPHERE 
GAP. 

gap width Ina magnetic recording head, the width 
of the gap (taken parallel with the face). Compare 
GAP DEPTH. 

garbage 1. In digital computer operations, a collo- 
quialism for useless or incorrect data. 2. Collo- 
quialism for unreadable signals or severe 
intermodulation in a radio communications cir- 
cuit. 3. Colloquialism for an unsound theory. 

garble 1. Garbled matter. 2. Also called scramble. 
To purposely render communications or data un- 
intelligible to everyone, except the intended recip- 
ient(s). See SCRAMBLER CIRCUIT. 

garbled matter Confused communications or 
data, usually resulting from distortion in a circuit 
or system. Also called GARBLE. 

garbler See SCRAMBLER CIRCUIT. 

garnet maser A maser that uses natural or syn- 
thetic garnet as the stimulated material. Also see 
YTTRIUM-IRON-GARNET. 

gas One of the states of matter, characterized by 
molecules that are widely separated and are in 
continual, relatively rapid motion. Because it is a 
fluid, a gas will readily conform to a container of 
any shape. Gases can readily be compressed and 
liquefied. Compare LIQUID, PLASMA, and SOLID. 

gas amplification In a radiation-counting device, 
the ratio, in decibels, of the charge collected to 
the charge produced in the gas. 

gas breakdown ‘The ionization of a gas by means of 
high voltage. The intensity of the electric field pre- 
vents recombination of ions. Collisions among 
atoms cause further ionization. Thus, the gas be- 
comes a good conductor of current. 

gas cell A cell whose operation depends on gas ab- 
sorption by the electrodes. 

gas cleanup Loss of pressure in a gas-filled tube, 
eventually leading to failure. Caused by gas ions 
forming compounds with metal parts or with the 
glass envelope. 

gas detector A device for sensing presence of vari- 
ous gases in the air—especially toxic or explosive 
gases (such as chlorine, hydrogen, or methane). 

gaseous conduction The conduction of an electric 
current through an ionized gas. 

gaseous phototube A PHOTOTUBE containing a 
small amount of a gas suitable for ionic conduc- 
tion. 

gaseous voltage regulator A _ gas-filled diode 
across which the voltage drop is substantially 
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constant during the gas discharge and which ac- 
cordingly delivers a constant output voltage. 

gas-filled cable A sealed cable filled with an inert 
gas that serves as a low-loss dielectric and mois- 
ture barrier. 

gas-filled counter tube A radiation counter tube 
containing a gas that ionizes when irradiated. See 
GEIGER-MUELLER TUBE. 

gas-filled lamp 1. An incandescent lamp filled 
with a gas, such as nitrogen, for improved perfor- 
mance. 2. Discharge lamp. 

gas-filled tube An enclosure filled with gas that is 
subjected to an electric potential, intended to 
produce specific effects, such as light emission or 
voltage regulation. 

gas-flow alarm An electronic circuit that actuates 
an alarm when the flow of gas through a pipe 
changes from a predetermined rate. 

gas-flow control A servo system for automatically 
maintaining or adjusting the flow of gas through 
pipes. 

gas-flow gauge See GAS-FLOW METER. 

gas-flow indicator See GAS-FLOW METER. 

gas-flow meter An instrument that indicates the 
rate of gas flow through a pipe, in terms of volume 
per unit time (e.g., cubic feet per minute). 

gas-flow switch In a gas-circulating system, a 
switch that actuates an alarm when the gas flow 
rate changes. 

gas focusing Ina cathode-ray tube, a technique by 
which a gas is used for the purpose of focusing an 
electron beam. The ionization of the gas causes 
the electron beam to be made more narrow. 

GASH Acronym for guanidine aluminum sulfate 
hexahydrate, an organic crystalline material used 
as the dielectric in certain ferroelectric capacitors 
and ferroelectric memory elements. 

gas laser A LASER that uses a gas or mixture of 
gases (instead of a solid rod) as the stimulated 
medium. Some of the gases used are argon, car- 
bon dioxide, helium, krypton, and neon. 

gas maser A MASER in which the stimulated ma- 
terial is a gas, such as ammonia. 

gas multiplication See GAS AMPLIFICATION. 

gas noise Electrical noise resulting from the undi- 
rected motion of gas molecules in a gas-filled tube. 

gas-pressure alarm An electronic circuit that actu- 
ates an alarm when gas pressure rises or falls. 

gas-pressure control A servo system for automati- 
cally maintaining or adjusting gas pressure in 
pipes or other channels. 

gas-pressure gauge See GAS-PRESSURE METER. 

gas-pressure indicator See GAS-PRESSURE ME- 
TER. 

gas-pressure meter An instrument that indicates 
gas pressure in a pipe or container, but provides no 
means for automatically correcting the pressure. 

gasratio Fora gas-filled tube, the ratio I;/E;, where I; 
is the ion current and E; is the ionization potential. 

gas sensor Any element, such as the filament in a 
hot-filament gas detector, that responds to the 


5059F-pG-307-325 4/10/01 8:57 AM Page 310 cp 


presence of a gas in the environment and acti- 
vates the detector or alarm circuit. 

gassing 1. The generation of gas by a storage bat- 
tery, especially while it is being charged. 2. The 
generation of gas during electrolysis. 

gas sniffer See GAS DETECTOR. 

gaston A device intended for the purpose of modu- 
lating an aircraft signal, making the signal diffi- 
cult to jam. The signal is randomly modulated by 
noise from the device. 

gas tube See GAS-FILLED TUBE. 

gas-tube lightning arrester A lightning arrester, 
consisting of a special gas diode. The tube has vir- 
tually infinite resistance at low voltages, but pro- 
vides a low-resistance path to ground when the 
high voltage of a lightning stroke ionizes the gas. 

gas-tube oscillator A relaxation oscillator using a 
two-element gas tube, such as a neon lamp, as 
the breakdown device. 


R 
Bt 


ON~ 
Cc 
Sawtooth 
output 


gas-tube oscillator 


gas valve See ELECTROMECHANICAL VALVE. 

gas X-ray tube An X-ray tube in which the positive 
ions of a gas bombard the cathode, which emits 
electrons. 

gate 1. A device or circuit that has no output until 
it is triggered into operation by one or more en- 
abling signals, or until an input signal exceeds a 
predetermined threshold amplitude. 2. The input 
(control) electrode of a field-effect transistor or 
thyristor device (e.g., silicon-controlled rectifier). 
3. A signal that triggers the passage of other sig- 
nals through a circuit. 

gate array Basic gates arranged in a pattern ona 
chip; the gates can be interconnected during 
manufacture to form a unit that performs what- 
ever function is needed. 

gate circuit 1. An electronic switching circuit (see 
GATE, 1). 2. The circuit associated with the gate 
electrode of a field-effect transistor. 

gate-controlled switch A device similar to a silicon- 
controlled rectifier or thyristor. A negative current, 
applied to the gate, switches the device off. 

gate current Symbol, [<. Current flowing in the 
gate (control) circuit of a semiconductor device. 
The current is finite in thyristors, but is almost 
zero in some types of field-effect transistors. 

gated amplifier An amplifier whose input is effec- 
tively switched on and off by gating signals. 
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gated buffer A low-voltage, high-current driver, 
used for differentiation in a multivibrator circuit. 

gated flip-flop A flip-flop in which it is impossible 
for both outputs to be low simultaneously. 

gate-dip meter A dip meter using a field-effect- 
transistor oscillator with the indicating microam- 
meter in the gate circuit. 

gate-dip oscillator See GATE-DIP METER. 

gated multivibrator A rectangular-wave generator 
that produces a gate voltage when triggered. 

gate-drain voltage Symbol, Vgp. In a field-effect 
transistor, the maximum voltage permitted be- 
tween the gate and drain electrodes. 

gated sweep 1. In radar, a sweep whose initiation 
and duration are closely controlled to eliminate 
echoes in the image. 2. A circuit providing the ac- 
tion described in 1. 

gate electrode See GATE, 2. 

gate impedance 1. The impedance of the gate elec- 
trode of a field-effect transistor with respect to the 
other electrode, which serves as the return. 2. 
The impedance of the gate winding of a magnetic 
amplifier. 

gate leakage current See GATE REVERSE CUR- 
RENT. 

gate nontrigger voltage Symbol, Von. For a thyris- 
tor, the direct-current (dc) voltage applied be- 
tween the gate and the cathode, above which the 
device fails to maintain its rated blocking voltage. 

gate power dissipation Symbol, Pg. In a silicon 
controlled rectifier, the power consumed by the 
gate-cathode path. 

gate-protected MOSFET A metal-oxide-semicon- 
ductor field-effect transistor in which the gate 
electrode is protected from accidental burnout via 
built-in Zener diodes, connected back-to-back. 

gate pulse 1. A pulse applied to the gate electrode 
to actuate a gate-controlled semiconductor de- 
vice. 2. An actuating pulse in a gate circuit. 

gate recovery time Symbol, tc,. For a silicon- 
controlled rectifier, an extension of the reverse 
recovery time: the interval following application of 
the reverse voltage required before the forward 
blocking voltage can be reapplied and then 
blocked by the device. 

gate reverse current Symbol, Icss. In a field-effect 
transistor, reverse current in the gate-source cir- 
cuit. Also called gate leakage current. 

gate signal 1. The input or control signal applied 
to the gate electrode of a semiconductor device. 2. 
An actuating signal in a gate circuit. 

gate-source breakdown voltage Symbol, BVgss. 
The voltage at which the gate junction of a junc- 
tion field-effect transistor (JFET) enters 
avalanche. 

gate-source pinchoff voltage Symbol, Vp. In a 
field-effect transistor, the gate-source voltage at 
which the conduction channel just closes. 

gate-source voltage Symbol, Vgs. In a field-effect 
transistor, the direct-current (dc) voltage between 
the gate and source electrodes. 
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gate terminal 1. The terminal connected to the 
gate semiconductor in a field-effect transistor. 
2. The terminal, or terminals, connected to the 
input or inputs of a digital-logic network. 

gate trigger current In a gate-controlled semicon- 
ductor switch, the current flowing in the gate cir- 
cuit when the device is being switched on by a 
gate trigger voltage. 

gate trigger voltage In a gate-controlled semicon- 
ductor switch, the trigger voltage required to ac- 
tuate the device. 

gate turn-off current In a gate-controlled semicon- 
ductor switch, the low value of gate current that 
flows when the device is being switched off. Turn- 
off current varies with collector (anode) current. 

gate turn-off voltage In a gate-controlled semi- 
conductor switch, the low value of gate voltage 
that causes the device to switch off. 

gate voltage 1. The voltage applied to the gate 
electrode of a field-effect transistor. See GATE- 
SOURCE VOLTAGE. 2. The instantaneous gate- 
cathode voltage in a silicon-controlled rectifier. 3. 
The voltage across the gate winding of a magnetic 
amplifier. 

gate winding In a magnetic amplifier, a winding 
that produces gating action. 

gating 1. The process of using one signal to switch 
another (or part of another) on or off for a desired 
interval. 2. Selecting a part of a wave for observa- 
tion or for control purposes. 

gauge 1. Any device, such as a METER, used for 
the purpose of measuring the magnitude of a 
quantity. 2. Wire data and measurements (see 
WIRE GAUGE, 1, 2, 3). 3. Sheet metal thickness 
(e.g., 10 gauge). 

Gauss (Karl F. Gauss, 1777-1855) Unit of magnetic 
flux density, equivalent to one line of flux per 
square centimeter. The SI (preferred) unit of mag- 
netic flux density is the TESLA (webers per 
square meter); 1 gauss equals 10~ teslas (symbol, 
T). Also see FLUX DENSITY. 

Gaussian curve See BELL-SHAPED CURVE. 

Gaussian distribution In statistics, the symmetri- 
cal distribution described by a bell-shaped curve. 
Also called NORMAL DISTRIBUTION. 

Gaussian function A mathematical function used 
in the design of lowpass filters. The Gaussian re- 
sponse is characterized by low band-edge selec- 
tivity, high transition bandwidth, negligible step 
response overshoot, and low step-response delay 
time. 

Gaussian noise Electrical noise whose amplitude- 
versus-frequency characteristic is described by 
the GAUSSIAN DISTRIBUTION. 

Gaussian waveform A waveform that results in min- 
imal side lobes in a pulse-compression system. 

gaussmeter See FLUXMETER. 

Gauss’ theorem Across any closed surface within 
an electric field, the total flux is approximately 
equal to 12.566 times the enclosed quantity of 
electric charge. 
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gauze resistor See WOVEN RESISTOR. 

GAVRS Abbreviation of gyrocompass attitude verti- 
cal reference system. 

GCA Abbreviation of 
APPROACH. 

GCI Abbreviation of 
INTERCEPTION. 

GCM Abbreviation of gyrocompass module. See 
GYROCOMPASS. 

GCT Abbreviation of GREENWICH CIVIL TIME. 

Gd Symbol for GADOLINIUM. 

Gdisplay See G SCAN. 

GDO 1. Abbreviation of GRID-DIP OSCILLATOR. 
2. Abbreviation of GATE-DIP OSCILLATOR. 

Ge Symbol for GERMANIUM. 

gear 1. Collectively, electronic equipment. 2. A 
toothed wheel commonly used in mechanical de- 
vices. 

gearmotor An electric motor with a gear train for 
speed changing. 

gear-wheel pattern A pattern produced on an os- 
cilloscope by intensity-modulating a circular 
trace. A signal of unknown frequency f, is applied 
to the intensity-modulation (z-axis) input. The 
signal produces corrugations in the trace. If there 
are n corrugations around the trace, and if the 
trace itself completes f; revolutions per second, 
then the unknown frequency f,, in Hz, is equal to 
nf; Compare SPOT-WHEEL PATTERN. 


GROUND-CONTROLLED 


GROUND-CONTROLLED 


f= 1s 


gear-wheel pattern 
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Geiger counter A radioactivity rate-counting in- 
strument based on the GEIGER-MUELLER 
TUBE. Pulses from the tube drive a transistor, 
which, in turn, drives a meter or digital counter to 
indicate the count. 


Trigger 8 range 






Detector 
voltage 
supply 


Geiger counter 


Geiger-Mueller counter See GEIGER COUNTER. 

Geiger-Mueller region For a GEIGER-MUELLER 
TUBE, the range of voltages within which the out- 
put pulse amplitude is constant, regardless of 
ionizing radiation intensity. 

Geiger-Mueller threshold The lowest voltage in 
the Geiger-Mueller region. 

Geiger-Mueller tube A gas-filled radiation detec- 
tor/counter tube consisting of a straight wire as 
an anode, surrounded by a cylindrical cathode. 
The tube is biased by high voltage. Radiation pen- 
etrating the tube ionizes the gas; each ionizing 
event causes an output pulse. 

Geiger point counter See POINT COUNTER. 

Geiger region See GEIGER-MUELLER REGION. 

Geiger threshold See GEIGER-MUELLER THRES- 
HOLD. 

Geissler tube A simple gas-filled glow-discharge 

tube with metal electrodes sealed in each end. 

When a sufficiently high voltage is applied be- 

tween the electrodes, the highly rarefied gas ion- 

izes and glows with the color associated with the 
particular gas used. 

A substance equivalent to colloidal solution in 
the solid phase (e.g., silica gel). 

gel battery A rechargeable electrochemical BAT- 
TERY designed for use with portable electronic 
and computer equipment. Noted for its ability to 
deliver high current for short periods, when nec- 
essary, and also to deliver moderate current con- 
tinuously throughout its discharge cycle. 

gen Abbreviation of GENERATOR. 

genemotor Contraction of generator/motor, a 
(usually battery-driven) dynamotor that has sep- 
arate motor and generator windings on the same 
armature core. 

general class license An amateur-radio license 
that conveys some privileges in the high- 
frequency bands, and all operating privileges in 
the very-high-frequency region and above. An ex- 
amination of moderate difficulty is required. 


gel 
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General Packet Radio Service A form of packet 
radio especially designed for mobile use. Sub- 
scribers pay for the volume of data they send and 
receive, rather than for the time they spend ac- 
cessing the network. This optimizes the efficiency 
of the network, both from an engineering stand- 
point and a financial standpoint. See PACKET 
COMMUNICATIONS. 

general-purpose bridge See UNIVERSAL BRIDGE. 

general-purpose component A component de- 
signed or used for a wide range of applications. 
For example, a general-purpose germanium 
diode is useful as a detector, mixer, limiter, clip- 
per, meter rectifier, automatic-gain-control (AGC) 
rectifier, and curve changer. 

general-purpose computer A computer that can 
be used in a number of applications for which it 
was not specifically designed. 

general-purpose diode A small-signal semicon- 
ductor diode that is useful for a variety of ap- 
plications, such as_ detection, light-duty 
rectification, limiting, logic switching, etc. 

general-purpose function generator A nonspe- 
cialized function generator that is capable of gen- 
erating a variety of different waveforms. 

general-purpose program A program for the solu- 
tion of a class of problems or for a specific prob- 
lem, according to certain parametric values. Also 
called general routine. 

general-purpose relay Any relay that can be used 
in various situations, such as for switching alter- 
nating or direct currents. 

general-purpose tester An instrument, such as a 
voltohm-milliammeter, that offers several test ca- 
pabilities. 

general-purpose transistor A transistor that can 
be used in several applications, such as audio 
amplification, detection, and oscillation. 

general service code See CONTINENTAL CODE. 

generate 1. To produce a signal or carrier wave. 
2. To convert some non-electrical form of energy 
(usually mechanical) into electrical energy. 
3. To develop subroutines from parameters ap- 
plied to skeletal coding. 4. To use a program 
generator to produce a specialized version of a 
general-purpose program. 

generated address An address developed by pro- 
gram instructions for later use by that program. 

generated noise 1. Electrical noise caused by bat- 
tery action (i.e., between dissimilar metals) in a 
component, such as in a potentiometer. 2. Elec- 
trical noise caused by small output variations of 
generating devices (rotating machines, vibrators, 
etc.). Also called generator noise. 

generating magnetometer See EARTH INDUC- 
TOR. 


generating station An electric power station. 

generating voltmeter An instrument based on a 
rapidly spinning variable capacitor. A direct- 
current (dc) voltage applied to the capacitor is 
converted into an alternating current (ac) by the 


varying capacitance; the ac is proportional to the 
voltage. 

generation 1. The production of a signal or carrier 
wave. 2. The conversion of some non-electrical 
form of energy (usually mechanical) into electrical 
energy. 3. The number of recording steps be- 
tween a master recording and a copy. 4. A copy of 
data in any form (e.g., tape recording, disk file, 
and photocopy). 

generation number A number that identifies the 
age of a file; it is included in the file label on the 
disk or tape containing the file. 

generator 1. Symbol, G. Any signal source. 2. A 
rotating machine for producing electricity. 3. An 
electronic device for converting direct current into 
alternating current of a specific frequency and 
waveshape. 4. In computer operation, a routine 
(akin to a compiler) that will produce a program 
to perform a specific version of some general op- 
eration by implementing skeletal coding, accord- 
ing to specific parameters (e.g., sort generator). 

generator efficiency The ratio of consumed power 
to delivered power in a generator. It is usually ex- 
pressed as a percentage. 

generator noise Electrical noise caused by a rotat- 
ing generator. Also see GENERATED NOISE, 2. 

generator-type microphone A microphone that 
produces an output voltage without the need for 
a supply voltage. Examples: ceramic, crystal, dy- 
namic, electret, and velocity types. 

generator-type transducer A transducer that con- 
verts mechanical motion into an electrical signal 
of a proportional voltage. In such a transducer, an 
armature or conductor moves in a magnetic field. 

generic A form of software collection. Several 
specialized software packages can be derived 
from the generic collection, for use in different 
systems. 

geodesic 1. Onasurface, the shortest path between 
two points. 2. The shortest path between two geo- 
graphical locations, measured over the surface of 
the earth. Also called geodetic and great circle. 

geodesy The branch of applied mathematics con- 
cerned with the precise dimensions of the earth. 

geodetic system The application of a computer to 
seismographic studies for the purpose of reduc- 
ing drilling and mining costs. 

geomagnetic field See EARTH'S MAGNETIC 
FIELD. 

geomagnetism The earth’s magnetism. Also see 
EARTH’S MAGNETIC FIELD. 

geometric capacitance The ratio of the free 
charge of a capacitor to the voltage across its 
terminals. 

geometric mean The nth root of the product of n 
quantities. 

geometric progression A mathematical sequence 
in which each term after the first is obtained by 
multiplying the preceding one by a constant 
quantity (e.g., 1, 2, 4, 8, 16, 32, 64, . . .). Also 
called geometric sequence. 


—P— 


314 geometric symmetry * GIGO 


geometric symmetry In a bandpass or band- 
rejection filter, a condition in which the response 
is identical on either side of the center frequency. 
Also called mirror-image symmetry. 
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george box In an intermediate-frequency amplifier, 
a device used to reject jamming signals. Any jam- 
ming signal with an amplitude lower than a cer- 
tain minimum is rejected. 

geostationary orbit An orbit in which a satellite 
revolves around the earth exactly once a day, so it 
remains over the same place on the earth all the 
time. The altitude must be 22,300 miles, and the 
orbit must lie in the plane of the earth’s equator. 

geostationary satellite A satellite in GEOSTA- 
TIONARY ORBIT. It is always in the same spot 
in the sky from any given observing point. A 
geostationary satellite provides coverage over 
about 40 percent of the earth, and is commonly 
used for communications and weather-observa- 
tion purposes. 

germanium Symbol, Ge. A metalloidal element. 
Atomic number, 32. Atomic weight, 72.59. Used 
in semiconductor diodes, photocells, rectifiers, 
and transistors. 

germanium diode A diode in which the semicon- 
ductor material is specially processed germa- 
nium. 
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germanium dioxide Formula, GeO. A gray or 
white powder obtainable from various sources; it 
is reduced in an atmosphere of hydrogen or he- 
lium to yield germanium, a semiconductor mate- 
rial. 

germanium junction diode A germanium diode 
that contains a pn junction. 

germanium photocell A photoconductive cell con- 
sisting of a reverse-biased germanium point- 
contact diode or germanium junction diode. 

germanium point contact The contact between a 
pointed metal wire and a germanium wafer, as in 
a point-contact diode or point-contact transistor. 

germanium rectifier A power rectifier that con- 
tains a germanium pn junction. 

germanium transistor A transistor in which 
germanium is the semiconductor material. Such 
a transistor has lower internal resistance and 
greater temperature drift than a silicon transis- 
tor. 

German silver A copper-nickel-zinc alloy used in 
some resistance wires. Also called NICKEL SIL- 
VER. 

GEV Abbreviation of ground effect vehicle. 

GeV Abbreviation of GIGAELECTRONVOLT. 

gfi Abbreviation of GGROUND-FAULT INTER- 
RUPTER. 

g-force See GRAVITY, 2. 

Zrs Symbol for FORWARD TRANSCONDUCTANCE. 

G/G_ Abbreviation of GROUND-TO-GROUND. 

ghost In television reception, a slightly displaced 
image appearing on the screen simultaneously 
with its twin (the false member of a double im- 
age). 

ghost signal Any signal (such as an undesired re- 
flection) that produces a ghost. 

GHz Abbreviation of GIGAHERTZ. 

G, Symbol for INPUT CONDUCTANCE. 

Gibson girl A portable radio transmitter, powered by 
an integral crank-operated generator, introduced 
during World War II for pilots forced down at sea. 

giga- Abbreviation, G. 1. A prefix meaning billion 
(10°). 2. In digital data applications, a prefix 
meaning 2°°. 

gigabit A unit of digital data, equal to 2°° bits or 
1024 megabits. Also see BIT and MEGABIT. 

gigabyte A unit of digital data, equal to 2°° bytes or 
1024 megabytes. Also see BYTE and MEGABYTE. 

gigacycle See GIGAHERITZ. 

gigaelectronvolt Abbreviation, GeV. A large unit of 
voltage; 1 GeV equals 10° eV. Also see BEV, 
ELECTRONVOLT, MEV, and MILLION ELEC- 
TRON VOLTS. 

gigahertz Abbreviation, GHz. A unit of ultra-high 
frequency; 1 GHz equals 1,000,000,000 Hz = 10° 
Hz. 

gigaohm A unit of extremely high resistance, reac- 
tance, or impedance, equal to 1,000,000,000 
ohms = 10° ohms. 

GIGO Abbreviation of garbage in = garbage out, an 
expression signifying that incorrect or improper 
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input to a computer will produce meaningless 
output. 

gilbert (William Gilbert, 1540-1603) A unit of mag- 
netomotive force, equal to 1.26 times the number 
of ampere-turns. The SI (preferred) unit of mag- 
netomotive force is the ampere (symbol, A); 1 
gilbert = 0.796 A. 

gilbert per centimeter See OERSTED. 

gimbal A suspension device whose orientation can 
be changed without affecting the attitude of the 
body being suspended. 

gimmick 1. Colloquialism for any unnamed de- 
vice. Also see GADGET. 2. Colloquialism for any 
tricky manipulation or design. 3. A low-value ca- 
pacitor made by twisting two short pieces of insu- 
lated wire together. 

gimp Colloquialism for the tinsel and cloth con- 
ductor used in some earphone cords. 

Giorgi system The meter-kilogram-second (mks) 
system of units. 

GJD Abbreviation of GERMANIUM JUNCTION 
DIODE. 

glass A hard, brittle, amorphous, and usually 
transparent substance that is largely silicon diox- 
ide. Glass has a multitude of uses in electronics, 
and there are several kinds, each having different 
electrical properties. The dielectric constant 
ranges from about 4 to 10; the dielectric strength 
ranges from about 20 to 300 kilovolts per mil- 
limeter. 

glass arm A stiffness of the wrist or forearm, some- 
what resembling writer’s cramp, sometimes expe- 
rienced by radiotelegraph operators or wire 
telegraph operators after prolonged use of a hand 
key. 

glass bulb The glass enclosure of electron tubes 
and incandescent lamps. 

glass capacitor A capacitor that uses thin glass as 
the dielectric, and usually has plates consisting 
of metal electroplated or electrodeposited on op- 
posite faces of the glass. Also see MOLDED 
GLASS CAPACITOR. 

glass diode A semiconductor diode molded in glass. 

glass electrode A probe used with a pH meter; it 
consists of a thin-walled glass tube containing 
potassium chloride and mercurous chloride. Also 
see CALOMEL ELECTRODE. 

glass envelope See GLASS BULB. 

glassivation A procedure for encapsulating semi- 
conductor devices in glass or other dielectric ma- 
terial. 

glass-metal seal See GLASS-TO-METAL SEAL. 

glass plate capacitor See GLASS CAPACITOR. 

glass shell See GLASS BULB. 

glass-to-metal seal A bond between glass and 
metal in electronic devices, such as vacuum tubes, 
feedthrough terminals, and glass capacitors. 

glass tube A vacuum tube whose elements are 
housed in an evacuated glass envelope. 

glide path The guidance beam used by aircraft 
making instrument landings. 
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glide-path transmitter A radio-frequency trans- 
mitter that produces a guidance beam for aircraft 
landing purposes. The aircraft follows the beam 
toward the runway. 

glide slope See GLIDE PATH. 

G line A microwave conductor consisting of a 
round wire coated with a dielectric. 

glitch 1. Ina television image, a narrow, horizontal 
interference bar that moves vertically. 2. A very 
short and unwanted high-amplitude transient 
that recurs irregularly in an electronic system. 

glitter 1. In radar, an echo or set of echoes that 
fluctuates rapidly in intensity because of motion 
in the target. 2. A system in which moving devices 
are used to confuse enemy radar systems. 

gloss factor Fora reflecting surface, the ratio of re- 
flected light in a selected direction to reflected 
light in all directions. 

glossmeter An instrument for determining GLOSS 
FACTOR. 

glow discharge The luminous electrical discharge 
resulting from the passage of current through 
ionized gas in a partially evacuated tube. The 
color of the glow is characteristic of the particular 
gas used. 

glow-discharge microphone A device that pro- 
duces audio-frequency currents from the action 
of sound waves in a glow-discharge tube. 

glow-discharge tube A partially evacuated tube 
that contains two or more electrodes. The rarefied 
gas in the tube glows when a sufficient voltage is 
applied to the electrodes. See DISCHARGE LAMP, 
FLUORESCENT TUBE, and NEON BULB. 

glow lamp See DISCHARGE LAMP. 

glow modulator tube A gas tube whose luminous 
output can be modulated by an audio input signal. 

glow potential The voltage at which glow dis- 
charge just begins in a gas-filled tube. 

glow switch In fluorescent light circuits, an elec- 
tron tube containing two bimetal strips that make 
mutual contact when heated by the glow dis- 
charge. 

glow tube See DISCHARGE LAMP, FLUORES- 
CENT TUBE, GLOW MODULATOR TUBE, NEON 
BULB, and STROBOTRON. 

glow voltage See BREAKDOWN VOLTAGE, 2. 

glucinium See BERYLLIUM. 
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gluon A subatomic particle that is believed to bind 
quarks together (coined by Prof. Murray Gell- 
Mann of California Institute of Technology). 

GM Abbreviation of Geiger-Mueller (see, for exam- 
ple, GEIGER-MUELLER TUBE). 

gm Abbreviation of gram. Also abbreviated g. 

gm Symbol for TRANSCONDUCTANCE. 

g-m_ Abbreviation of GRAM-METER. 

gm-cal Abbreviation of GRAM-CALORIE. 

gm-cm Abbreviation of GRAM-CENTIMETER. 

G-M counter See GEIGER COUNTER. 

GMT Abbreviation of GREENWICH MEAN TIME. 

G/M tube See GEIGER-MUELLER TUBE. 

gnd Abbreviation of GROUND. 

go Symbol for OUTPUT CONDUCTANCE. 

gold Symbol, Au. A precious metallic element. 
Atomic number, 79. Atomic weight, 196.967. 
Electrical contacts that must have low radio- 


frequency resistance, and that must be 
relatively immune to corrosion, are often plated 
with gold. 


gold-bonded diode A germanium point-contact 
diode having a fine gold wire whose point is 
bonded to the germanium wafer. Its principal fea- 
tures are high forward current and almost con- 
stant, low reverse current. 

gold doping The diffusion of gold into the base and 
collector regions of a diffused-mesa transistor; it 
shortens carrier storage time. 

golden ratio A set of proportions used in the de- 
sign of some speaker cabinets. The width (W) is % 
of the height (H); the depth (D) is % of the width. 
These correspond to a ratio H: W: D = 1.000: 
0.625 : 0.391. These proportions are thought by 
some acoustics engineers to result in the best 
possible sound quality. 

gold-leaf electroscope See ELECTROSCOPE. 

Goldschmidt alternator An early dynamo for gen- 
erating radio-frequency power. The high- 
frequency energy was not generated directly by 
the machine, but by resonant circuits and 
frequency-multiplying interaction between 
components. 

Golf Standard phonetic alphabet code word for the 
letter G. 

goniometer 1. Generically, any radio direction 
finder. 2. An inductive coupler having a sec- 
ondary coil rotated by a dial calibrated to read az- 
imuth. The coupler, when used with a suitable 
antenna system, comprises a direction finder. 
3. A device for electrically varying the directional 
pattern of an antenna. 

go-no test A test that indicates only acceptance or 
rejection of a device. No diagnosis is made. 

GOTO In computers and programmable calcula- 
tors, an instruction that, followed by a suitable 
label, directs the program to that label. 

goto circuit In a digital-logic circuit, a device that 
senses the direction of electric current. 

goto pair A pair of diodes connected in reverse se- 
ries used in digital-logic circuits. 
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governor 1. A device that prevents a motor or en- 
gine from running faster than a certain speed. 
2. Any device that limits a circuit parameter. 

g parameters Conductance parameters obtained 
for the equivalent-pi model of a transistor: gpr, 
ac: Gce, and gm. 

gpe Abbreviation of GERMANIUM POINT CONTACT. 

GPI Abbreviation of GROUND-POSITION INDICA- 
TOR. 

GPRS Abbreviation for GENERAL PACKET RADIO 
SERVICE. 

gr Abbreviation of grain(s). 

graceful degradation A computer programming 
technique used to prevent debilitating breakdown 
by operating the system—even though several 
subsystems have malfunctioned; also known as 
crippled mode. 

grad A unit of angular measurement equal to 0.9 


degree. 
graded-base transistor See DIFFUSED-BASE 
TRANSISTOR. 


graded filter A power-supply filter that supplies 
direct-current output at various points in the fil- 
ter sequence. Thus, the points in the powered 
equipment that can tolerate the least ripple are 
connected to the filter output, and those that can 
tolerate appreciable ripple are connected to the 
filter input; fairly critical points are connected to 
an intermediate position in the filter, such as at 
the junction of two chokes. 
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graded-junction transistor A  grown-junction 
transistor in which the temperature of the melt 
and the rate at which the crystal is pulled from it 
are closely controlled as the n and p layers are 
formed. 

gradient The rate at which a variable quantity in- 
creases or decreases. See, for example, VOLTAGE 
GRADIENT. 

gradient microphone A microphone whose output 
varies with sound pressure. Also see PRESSURE 
MICROPHONE. 

Graetz bridge A full bridge rectifier (i.e., one hav- 
ing a diode in each arm). 

Graffiti 1. Trade name for a specialized written al- 
phabet used for entering data into a handheld 
computer using a stylus. 2. The entry of data into 
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a handheld computer using a stylus. See HAND- 
HELD COMPUTER. 

grain boundary Ina polycrystalline solid, a bound- 
ary between single crystalline regions. 

gram 1. Abbreviation, g. A unit of mass and 
weight, equal to 0.001 kilogram or 0.0353 ounce. 
2. A suffix meaning something drawn (written), or 
recorded, as in radiogram or electrocardiogram. 

gram atom See GRAM ATOMIC WEIGHT. 

gram atomic weight Also called gram-equivalent. 
The quantity of an element with a mass in grams 
that is equal to the atomic weight of the element. 
For example, copper has an atomic weight of 
63.546; therefore, one gram atomic weight of cop- 
per has a mass of 63.546 grams. 

gram-calorie Abbreviation, gm-cal. The amount of 
heat required to raise the temperature of one 
gram of water by one degree Celsius. 

gram-centimeter Abbreviation, gm-cm. The work 
done by a force of one gram exerted over a dis- 
tance of one centimeter. Also see JOULE. 

gram-equivalent See GRAM ATOMIC WEIGHT. 

grammar 1. The sequence of words and/or abbre- 
viations in a communication or part of a commu- 
nication. 2. The sequence of codes and/or 
commands in a high-level computer program- 
ming language. 

gramme armature See GRAMME RING. 

Gramme ring A type of armature for a motor or 
generator, consisting of an iron ring onto which is 
wound a coil of wire, each turn being connected 
to a commutator bar. 

gram-meter Abbreviation, g-m. A unit of work 
equal to a force of one gram exerted over a dis- 
tance of one meter. Compare JOULE. 

gram-molecular weight See MOL. 

gram molecule See MOL. 

gramophone Archaic term for phonograph. 

grandfather cycle A backup scheme in a magnetic 
reproduction system. The original records are re- 
tained for a period of time so that new copies of 
high precision can be made in case of loss. 

grandfather file An original copy of a file on a mag- 
netic disk or tape, retained as a source for recon- 
struction as needed. Usually, three generations of 
a file (grandfather, father, and son) are kept, each 
identified by a generation number. Sometimes 
the terms grandparent, parent, and child are used 
instead. See GENERATION NUMBER. 

grand synthesizer A hypothetical child with a 
mind perfectly attuned to artificial intelligence 
(Al), who grows up to revolutionize the whole in- 
dustry; a “grand master of AI.” 

granular carbon Carbon in the form of fine gran- 
ules, used in the button of a carbon microphone. 

granularity 1. In a digital device, the smallest in- 
crement that can be differentiated. 2. The limit of 
detail in a reproduction system. 

granule One of many narrow frequency subbands, 
the combination of which composes a complete 
signal. Each subband carries its own specific data. 
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graph 1. A presentation of data, particularly a de- 
piction of the manner in which one variable or set 
of variables changes, with respect to another. 
Can be in the form of discrete points, curves, 
bars, columns, pie-shaped slices, etc. 2. A curve 
or set of curves in a coordinate system. 

graphical analysis The solution of problems 
through the use of graphic devices, such as vec- 
tor diagrams, load lines, Nyquist plots, topologi- 
cal flow diagrams, etc. 

graphical harmonic analysis See SCHEDULE 
METHOD. 

graphical user interface Acronym, GUI (pro- 
nounced “gooey”). An operating system or soft- 
ware that makes it easy for lay people to use a 
computer. Commands are given by making 
choices from among items displayed on the 
screen. Popular versions use symbols, called 
icons, along with a pointing device, such as a 
mouse or trackball. 

graphic documentation Records of data in the 
form of graphs, charts, tables, diagrams, etc. 

graphic equalizer A device for tailoring the ampli- 
tude-versus-frequency response of a high-fidelity 
audio system. Consists of a splitter, several audio 
filters, and a mixer. The gain of each filter is ad- 
justable via a slide potentiometer. The poten- 
tiometers are arranged on the front panel in such 
a way that their relative positions show the ap- 
proximate shape of the response curve. 
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graphic instrument See GRAPHIC RECORDER. 

graphic-level recorder An instrument that makes 
a permanent recording of signal amplitude as a 
function of some independent variable (such as 
time, frequency, or direction). 

graphic panel In process control, a panel of illumi- 
nated lights or dials that display the status of a 
process. 
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graphic recorder An instrument in which a signal- 
driven pen or stylus makes a permanent record of 
a quantity on graph paper. The paper passes at a 
controlled speed beneath the pen. 

graphics 1. Diagrams, charts, photos, tables, or 
similar, often symbolic, artwork used to convey 
information. 2. The video display in a computer 
system. 3. Computer software designed specifi- 
cally to create and edit illustrations. 

graphic solution 1. A method of depicting the so- 
lution(s) to a problem or equation by means of 
graphs. 2. The process of solving problems or 
equations with the aid of graphs. 

graphic terminal A display or plotter that provides 
visual output of a computer run. 

graphite A soft form of carbon used in resistors, 
attenuators, contacts, brushes, vacuum-tube 
plates, cathode-ray tube coatings, etc. 

graphite-line resistor An emergency, makeshift 
resistor consisting of a pencil line drawn on a 
piece of paper. The heavier the line for a given 
width and length, the lower its resistance. 

graphophone Archaic term for phonograph. 

grasping planning A scheme that a robot arm and 
gripper use to get hold of a particular object. It 
can use a vision system, a bar-code reader, tactile 
sensing, and/or proximity sensing. The robot 
controller (computer) must be programmed to 
recognize the input from these devices, and to 
seek out the object. 

grass The background noise (noise floor) on the 
display of a spectrum analyzer; it also appears on 
certain types of radar displays. 

grasshopper fuse A special type of spring-operated 
fuse. When it burns out, it actuates an alarm that 
alerts personnel of a possible circuit or system 
malfunction. 

graticule Calibrated gridwork, as on the face of an 
oscilloscope or spectrum-analyzer screen. 

grating A set of parallel, closely spaced, equidis- 
tant conductors or bars. When an electromag- 
netic field that has a wavelength comparable to 
the conductor spacing passes through the plane 
containing the conductors, diffraction occurs, 
producing an interference pattern. An adaptation 
of this device, called a DIFFRACTION GRATING, 
is used to separate visible light into its con- 
stituent spectral colors. 

grating reflector A metal antenna reflector con- 
sisting of numerous parallel, straight, closely 
spaced conductors. When the conductor spacing 
is much smaller than the wavelength, the set be- 
haves like a solid sheet of metal. 

Gratz rectifier A form of full-wave rectifier circuit 
in a three-phase, alternating-current system. 
gravitational constant Symbol, g. The accelera- 

tion produced by the attraction of a unit mass at 
unit distance; g = 6.673 x 1071! Nem?/kg?. 
gravitational wave See GRAVITY WAVE. 
gravity 1. The universal force of attraction between 
material bodies—especially that force evidenced 
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by the earth’s drawing of bodies toward its center, 
causing them to have weight. 2. Abbreviation, g. 
The rate at which a free-falling mass accelerates 
in a vacuum at the earth’s surface; equal to 9.802 
meters per second per second (m/s?). 3. The rate 
at which a free-falling mass accelerates in a vac- 
uum in the vicinity, or at the surface, of an astro- 
nomical object, such as a planet or star. 

gravity cell An electrochemical cell in which the 
positive electrode is made of copper and the neg- 
ative electrode is made of zinc. The copper elec- 
trode is placed at the bottom of a jar, and the zinc 
electrode is placed at the top. The jar is half filled 
with copper sulfate solution, and then filled with 
zinc sulfate solution. The solutions remain sepa- 
rate because copper sulfate has a higher specific 
gravity than zinc sulfate. 

gravity wave A disturbance in a gravitational field, 
such as might be caused by a collapsing star. 
These waves might emanate from black holes or 
rapidly spinning neutron stars. 

gray body A radiating body exhibiting constant 
spectral emissivity at all wavelengths. That is, the 
emitted energy is the same at all wavelengths and 
all frequencies. 

Gray code A computer code in which the expres- 
sions representing sequential numbers differ in 
only one bit. 

gray scale A reference scale for use in black-and- 
white television and video display images, con- 
sisting of several defined levels of brightness with 
neutral color. 





Gray scale: 
hypothetical 16-shade binary codes. 
Percent 
Code Relative shade brightness 
0000 Black 0.00 
0001 6.67 
0010 Very dark gray 13.33 
0011 20.00 
0100 Dark gray 26.67 
0101 33.33 
0110 Medium-dark gray 40.00 
0111 46.67 
1000 Medium gray 53.33 
1001 60.00 
1010 Medium-light gray 66.67 
1011 73.33 
1100 Light gray 80.00 
1101 86.67 
1110 Off-white 93.33 
1111 White 100.00 


gray tin A form of tin that exhibits some properties 
of a semiconductor at temperatures below 18 de- 
grees Celsius. 
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greatest lower bound The largest value of a pa- 
rameter that can be obtained without changing 
some characteristic of a circuit, program, or sys- 
tem. 

Greek alphabet The 24-letter alphabet of the 
Greek language. Virtually all of letters are used as 
symbols in electronics and related sciences. 

Green Book A specialized format for compact-disk 
read-only memory (CD-ROM) computer data stor- 
age media, developed by Sony and Philips. Re- 
quires the use of a Compact Disk-Interactive (CD-I) 
player for data retrieval. See also CD-ROM, OR- 
ANGE BOOK, RED BOOK, and YELLOW BOOK. 

green gun The electron gun in a color cathode-ray 
tube whose correctly adjusted beam strikes only 
the green phosphors on the screen. 

green video voltage In a three-gun color cathode- 
ray-tube circuit, the green-signal voltage, which 
actuates the green gun. 

Greenwich Civil Time Abbreviation, GCT. Mean 
time counted from mean midnight at Greenwich, 
England, the location of zero meridian. 

Greenwich Mean Time Abbreviation, GMT. Mean 
solar time at zero degrees longitude, also called 
the Greenwich meridian because it passes 
through Greenwich, England. In recent years, 
GMT has been supplanted by COORDINATED 
UNIVERSAL TIME (UTC) as the basis of standard 
time throughout the world. 

grid 1. The prime control electrode in a vacuum 
tube. Usually, it is a coil or mesh, but it can have 
other forms. Also called control grid. 2. Any elec- 
trode in a vacuum tube placed between the cath- 
ode and the anode (plate) (e.g., screen grid and 
suppressor grid). 3. Two sets of straight, uni- 
formly spaced, parallel conducting wires or rods, 
one set perpendicular to the other. The conduc- 
tors are electrically connected at all crossing 
points. Used as an electrostatic or electromag- 
netic shield, or as a reflector of electromagnetic 
waves. 4. Two sets of uniformly spaced parallel 
lines, one set perpendicular to the other, used as 
a system of coordinates or as a basis for physical 
measurements. 

grid capacitor 1. A capacitor in series with the grid 
of a vacuum tube, used for blocking purposes. 
2. A bypass capacitor in a grounded-grid tube 
type amplifier. 3. The capacitor in the grid tank 
circuit of a tube type oscillator or amplifier. 

grid-cathode capacitance Symbol, CGK. The in- 
ternal capacitance between the control grid and 
cathode of an electron tube. Also called INPUT 
CAPACITANCE. 

grid characteristic The grid-current-versus-grid- 
voltage performance curve for a vacuum tube. 

grid circuit The external circuit associated with 
the control grid of a vacuum tube. 

grid current Symbol, Jg. Current flowing between 
the control grid and cathode in a vacuum tube. 

grid cylinder The metal cylinder that acts as a 
control grid in a cathode-ray tube. 
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grid-dip meter 1. A dip meter that contains a vac- 
uum-tube oscillator; the indicating microammeter 
is in the grid circuit. 2. Loosely, any frequency- 
sensitive wavemeter that indicates resonance by a 
marked dip in input (base, grid, and gate) current. 

grid-dip oscillator See GRID-DIP METER. 

grid dissipation 1. The amount of power given up 
as heat in the grid circuit of a vacuum-tube am- 
plifier. 2. The maximum amount of power that a 
tube can safely dissipate as heat in the grid. 

grid drive See GRID EXCITATION. 

grid-driving power The signal power required by 
the control grid of a power tube. 

grid emission Electron or ion emission by the con- 
trol grid of a vacuum tube. 

grid excitation Signal voltage or power applied to 
the control grid in a vacuum-tube amplifier cir- 
cuit. 

grid impedance Symbol, Z. The internal imped- 
ance of the grid-cathode path in a vacuum tube. 

grid input impedance The impedance of the grid 
input section of a vacuum-tube circuit. It is a 
complex combination of grid impedance and the 
impedance of input-circuit components. 

gridistor A special form of field-effect transistor 
with several channels. 

grid-limiter resistor A resistor connected in series 
with the grid of a tube to limit grid current during 
the positive half-cycle of grid-signal voltage. 

grid limiting The cutting off of plate current in a 
vacuum tube, with consequent limiting action, by 
means of a high, negative grid voltage developed 
by overdriving the grid. 

grid loading effect The tendency of the internal 
grid-cathode path of a vacuum tube to load a 
tuned circuit—especially when the grid draws 
current. 

grid locking A vacuum-tube fault in which the grid 
potential has become permanently positive be- 
cause of excessive grid electron emission. 

grid mesh The mechanical structure of a grid (e.g., 
gauze or a metal screen). 

grid neutralization See GRID-NEUTRALIZED AM- 
PLIFIER. 

grid-neutralized amplifier A neutralized radio- 
frequency power amplifier in which the neutraliz- 
ing capacitor is connected from the plate of the 
tube to the free end of a center-tapped grid-tank 
coil. 

grid north In the grid system of navigation, the di- 
rection most nearly corresponding to geographic 
north. 

grid-plate capacitance See PLATE-GRID CAPA- 
CITANCE. 

grid pool tube A gas-discharge tube in which the 
cathode is a pool of mercury. 

grid power loss Driving-power loss in the grid- 
input circuit of a power amplifier. 

grid resistor A high-value resistor connected be- 
tween the control grid and ground in a vacuum- 
tube amplifier circuit. 
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grid return The circuit path through which the 
control grid of a vacuum tube is returned to 
ground or to the negative grid bias supply. 

grid-separation circuit A vacuum-tube circuit 
in which the control grid is grounded. See 
COMMON-GRID CIRCUIT. 

grid swing The peak-to-peak variation of a grid 
excitation signal. 

grid tank A resonant inductance-capacitance cir- 
cuit operating in the control-grid circuit of a vac- 
uum tube. Compare PLATE TANK. 

grid tank capacitance The capacitance required 
to tune a GRID TANK to resonance. 

grid tank inductance The inductance of the coil 
in a GRID TANK. 

grid tank voltage The alternating-current (ac) 
voltage developed across the grid tank of a vac- 
uum-tube circuit. 

grid tuning Tuning of a vacuum-tube circuit by 
varying the capacitance, inductance, or both in 
the GRID TANK. 

grid voltage 1. Symbol, Vc. The direct-current 
(dc) bias voltage applied to the control grid of a 
vacuum tube. 2. Symbol, Veja. The voltage of 
the radio-frequency (RF) or audio-frequency (AF) 
signal in the grid circuit. 

grille A covering for an acoustic speaker, used 
primarily to protect the speaker cone, but also 
for esthetic appeal. 

grille cloth A durable fabric often used for 
speaker grilles in high-fidelity sound systems. It 
transmits sound at all audio frequencies, but 
protects the speaker(s) and provides an attrac- 
tive physical appearance. 

gripper See ROBOT GRIPPER. 

grommet An elastic washer inserted through a 
hole in a chassis to prevent accidental ground- 
ing of a conductor or to reduce wear on a cord or 
cable exiting the chassis. 

groove 1. See KEYWAY. 2. The fine, spiral line 
cut into a phonograph disc when it is manufac- 
tured. 

groove angle On a phonograph disk, the angle 
between the walls of the unmodulated groove. 


Disk 
surface 


Disk 
motion: 
toward observer 


0 =Groove angle 
(usually 90°) 


groove angle 


groove speed Ina phonograph recording or repro- 
ducing system, the speed of the cutter or needle, 
with respect to the disc. The speed is greatest 
near the outer edge of the disk, and least near the 
center. 
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gross content The overall amount of data con- 
tained in a message. It can be expressed in bits, 
bytes, words, or other units. 

gross index One ofa pair of indexes, used to give a 
reference in the fine index, a supplement; both 
indexes are used to locate computer records in 
storage. 

gross-motion planning The method(s) that a robot 
uses to navigate in a general area without run- 
ning into objects, knocking things over, falling 
down stairs, or losing its balance. It is often per- 
formed using a COMPUTER MAP of the work en- 
vironment. 

ground 1. The earth in relation to electricity and 
magnetism. 2. An electrical connection to the 
earth. 3. The return point in a circuit. 4. A short- 
circuit to the earth or to a circuit return point. 
5. A short-circuit to the metal chassis, case, or 
panel of a piece of equipment. 

ground absorption The absorption (and resulting 
loss) of radio-frequency electromagnetic energy 
by the earth. 

ground bus A conductor connected to an earth 
ground, and to which devices in a system are in- 
dividually connected. The common ground points 
(e.g., chassis) of the individual devices are not di- 
rectly connected to each other, so ground loops 
are avoided. This scheme minimizes the probabil- 
ity of ELECTROMAGNETIC INTERFERENCE to 
or from the system. Compare GROUND LOOP. 





ground bus 


ground clamp A device that provides a mechanical 
and electrical bond between a conductor and a 
ground rod or pipe. It is generally capable of pass- 
ing a large amount of current. 

ground clutter 1. In a surface-based radar sys- 
tem, echoes from nearby buildings, hills, and 
other objects, producing blips or blobs near the 
center of the screen. 2. In radar operations, an in- 
terference pattern on the screen, caused by acci- 
dental grounding in the system. 

ground conductivity The ease with which the 
earth will carry electrical current. Saltwater has 
the best conductivity; dark, moist soil and fresh 
water (because of the mineral content) rate from 
fair to good. Sandy soil has the poorest ground 
conductivity. 

ground conduit A pipe housing one or more 
ground leads. 
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ground connection 1. A low-resistance connec- 
tion to the earth. 2. The common point, such as a 
chassis, to which zero-potential terminals of cir- 
cuit components are connected. 

ground constants The conductivity and dielectric 
constant of the earth for a particular kind of ter- 
rain and soil at a given location. Affects the be- 
havior of radio antenna systems and electrical 
utility systems. Usually, high conductivity (low 
resistance) and low dielectric constant are desir- 
able characteristics. 

ground-controlled approach Abbreviation, GCA. 
In air navigation, a ground radar system that pro- 
vides information for radio-directed aircraft ap- 
proaches. 

ground-controlled interception Abbreviation, 
GCI. A ground radar system by which an aircraft 
can be directed to intercept enemy aircraft. 

ground current 1. A direct electric current flowing 
into the earth from an electrical or electronic de- 
vice, or into a device from the earth. 2. An alter- 
nating current flowing between the earth and a 
device. 3. An electric current flowing through the 
earth between two points. 4. A current flowing in 
the normal ground (low-potential) line of a circuit. 

ground detector A device that indicates whether 
or not a given circuit point is at direct-current 
ground. 

grounded antenna See MARCONI ANTENNA. 

grounded-base circuit See COMMON-BASE CIR- 
CUIT. 


grounded-cathode circuit See COMMON- 
CATHODE CIRCUIT. 

grounded-collector circuit See COMMON- 
COLLECTOR CIRCUIT. 

grounded-drain circuit See COMMON-DRAIN 
CIRCUIT. 

grounded-emitter circuit See COMMON- 
EMITTER CIRCUIT. 

grounded-gate circuit See COMMON-GATE CIR- 
CUIT. 

grounded-grid circuit See COMMON-GRID CIR- 
CUIT. 


grounded outlet An outlet with a receptacle hav- 
ing a ground contact that can be connected to 
equipment-grounding conductors. 

grounded-source circuit See COMMON-SOURCE 
CIRCUIT. 

grounded system A set of electrical conductors or 
a transmission line in which one conductor is de- 
liberately grounded. 

ground effect 1. Modification or distortion of the 
ideal free-space directivity pattern of an antenna 
by reflections from, and absorption by, the earth. 
2. Effects of the earth on radio-wave propagation 
(e.g., the production of a reflected wave and a sur- 
face wave, neither of which can exist if the earth 
is not part of the signal path). 3. Effects on an- 
tenna behavior, such as modification of the 
impedance and resonant frequency, caused by 
the proximity of the earth. 


ground efficiency In an antenna system, the qual- 
ity of the ground circuit. For some antenna sys- 
tems, such as a balanced dipole at great height, 
this is not a consideration. Ideal ground efficiency 
(100%) results in zero ground loss. 

ground environment 1. See GROUND CON- 
STANTS. 2. The ground characteristics in the 
vicinity of an unbalanced antenna working 
against ground. 3. In aviation, the set of ground- 
based installations. 

ground fault 1. Loss of a ground connection. 2. A 
short-circuit to ground. 

ground-fault interrupter Abbreviation, GFI. A 
fast-acting electronic circuit breaker that opens 
the power-line circuit breaker to prevent electric 
shock or equipment damage when the path of 
current flow is through the earth. 

grounding electrode A device, such as a ground 
plate or ground rod, that facilitates low- 
resistance connections to the earth. 

grounding plate A metal plate connected to the 
earth, on which a person stands to discharge 
static electricity from the body. 

grounding rod See GROUND ROD. 

ground insulation Electrical insulation used be- 
tween adjacent energized and grounded parts, 
such as transformer windings and metal cores. 

ground level See GROUND STATE. 

ground loop A closed current path resulting from 
improper grounding of the components in a sys- 
tem. A loop is formed when two devices are con- 
nected to each other, and also to separate earth 
grounds or to a single earth ground via conductors 
of appreciable length. The loops can act as anten- 
nas, increasing the likelihood of ELECTROMAG- 
NETIC INTERFERENCE to or from the system. The 
use of a single GROUND BUS is preferred. 


ground loop 


ground mat A grid or network of conductors, con- 
nected to earth ground, for the purpose of im- 
proving the earth conductivity. 

ground-mounted vertical antenna _ A vertical radi- 
ator mounted at the earth’s surface or at the sur- 
face of a body of water, and fed with coaxial cable. 
The radiator can be any physical length, but it is 
tuned to resonance at the operating frequency. 
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The center conductor of the cable is connected to 
the base of the radiator, and the shield is con- 
nected to a ground system. Radial wires, usually 
buried just below the surface, minimize losses. 
The antenna can be made resonant on several 
frequencies by inserting multiple loading coils or 
traps in the radiator. The chief advantages of this 
antenna are unobtrusiveness and ease of instal- 
lation. The main problems are marginal efficiency 
and_ susceptibility to human-made electro- 
magnetic noise. See also RADIAL, 1. Compare 
GROUND-PLANE ANTENNA. 

ground noise 1. Electrical noise that results from 
a faulty ground connection. 2. Background noise. 
3. In wire circuits, such as a telephone system, 
electrical noise that results from fluctuations in 
ground current. 

ground plane 1. A metal plate or a system of hori- 
zontal rods or wires mounted high on a mast, at 
the base of a vertical antenna, to provide a radio- 
frequency ground at a point several wavelengths 
above the surface of the earth. Also see GROUND- 
PLANE ANTENNA. 2. In noise and interference 
tests, a sheet metal structure used to simulate 
the skin of an aircraft or missile. 3. On a circuit 
board, a thin metallic sheet, usually bound to the 
underside, that serves as a common ground and 
RF shield. 

ground-plane antenna A vertical radiator oper- 
ated against a system of quarter-wave radials, 
elevated at least a quarter wavelength above the 
earth’s surface and fed with coaxial cable. 
The center conductor of the cable is connected 
to the base of the radiator, and the shield is con- 
nected to three or four quarter-wave radials that 
run outward from the base of the radiator. At 
shorter wavelengths, a disk or cone can replace 
the radials. The chief advantages of this an- 
tenna are simplicity and high efficiency. The 
main problem is susceptibility to human-made 
electromagnetic noise. See also RADIAL, 
1. Compare GROUND-MOUNTED VERTICAL 
ANTENNA. 
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ground plate A metal plate buried in the earth to 
provide a low-resistance ground connection. 

ground-position indicator Abbreviation, GPI. A 
computer system that gives a continuous indica- 
tion of an aircraft’s position in terms of heading, 
elapsed time, and speed, with respect to the sur- 
face. This provides a more useful indication of the 
aircraft position than an air-speed indicator be- 
cause it is not affected by high-altitude winds. 

ground potential See ZERO POTENTIAL, 3. 

ground protection The use of a GROUND-FAULT 
INTERRUPTER. 

ground-reflected wave A radio wave component 
that results from ground reflection. 

ground reflection The reflection of a radio wave by 
the earth. 

ground resistance The direct-current resistance of 
a connection to the earth, or the resistance be- 
tween two points through the earth. The magni- 
tude of the resistance depends on several factors: 
composition of the soil, amount of moisture, soil 
electrolytic action, and the area of contact with 
the earth. 

ground return 1. The point or path used to return 
a circuit to ground for completion. 2. In radar, 
echoes returned from the earth’s surface (includ- 
ing reflections from objects on it). 

ground-return circuit A circuit, such as a single- 
wire telephone line, in which earth ground forms 
one leg of the circuit. Compare METALLIC CIR- 
CUIT. 

ground rod A strong metal rod driven deep into the 
earth as a point of ground connection. 

ground speed The speed of an aircraft or missile, 
relative to the surface of the earth. 

ground state The least-energy level of all possible 
states in a system. 

ground support equipment Electronic surface- 
based apparatus upon which the functioning of a 
weapons system is dependent. 

ground switch A switch for grounding an outside 
antenna during idle periods. Also called lightning 
switch. Ideally, antennas should be disconnected 
from equipment, as well as grounded, when not 
in use. 

ground-to-air communication Radio or radar 
transmission from a land station to an aircraft in 
flight. 

ground-to-ground 1. Pertaining to communica- 
tions between land-based stations. 2. Pertaining 
to missiles intended for use between points on 
the surface of the earth. 

ground-to-ground communication Communica- 
tions between land-based stations. 

groundtrack For an earth-orbiting satellite, the 
path followed by the point on the earth’s surface 
from which the spacecraft appears directly over- 
head. For most satellites, this path shifts toward 
the west for each succeeding orbit, because the 
earth rotates eastward underneath the satellite. 
For geostationary satellites, the point never 
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changes position on the surface. For satellites in 
equatorial orbits, the track follows the equator. 

ground wave In wireless communications and 
broadcasting, an electromagnetic (EM) wave that 
consists of three distinct components: the direct 
wave (also called the line-of-sight wave), the re- 
flected wave, and the surface wave. The direct 
wave is significant only when the transmitting and 
receiving antennas are connected by a line through 
free space without obstructions. The reflected 
wave, after returning from the earth’s surface or a 
human made structure, combines with the direct 
wave (if any) at the receiving antenna. The surface 
wave travels in electrical contact with the earth. 
This occurs only with vertically polarized EM fields 
at frequencies below about 15 MHz. Below about 
300 kHz, the surface wave propagates for hun- 
dreds or even thousands of miles. Sometimes the 
surface wave is called the ground wave. 

ground wire A conductor between an equipment 
and a ground connection, either for circuit com- 
pletion or for safety. 

group 1. A series of computer storage locations 
containing a specific record or records. 2. The 
data in these locations. 3. A record set having a 
common key value in a sorted file. 

group busy Ina telephone system, an audio signal 
indicating that all of the lines in a group are in 
use. 

group code In digital communications, an error- 
detecting code used to verify a character group 
transferred between terminals. 

group delay In a modulated signal, a delay in the 
transmission of data. 

grouped-frequency operation In a two-wire com- 
munications system, the grouping of directional 
signals into certain frequency bands. 

grouped records A set of data records in which the 
key of one record identifies the entire set. 

grouping 1. The arrangement of data into blocks 
or sets. 2. On a phonograph disc, the insertion of 
gaps in the arrangement of grooves. 3. Any peri- 
odic irregularity in the spacing of a data trans- 
mission. 4. The bunching of grooves on a disc 
recording. 5. In a facsimile system, occasional 
spacing errors between recorded lines. 6. A mass 
of data arranged into groups, according to com- 
mon characteristics. 

group mark 1. In telegraphy, an indicator that sig- 
nals the end of a data unit. 2. A character indi- 
cating the end of a character group; usually, it is 
a logical record that is addressed and processed 
as a unit. 

group velocity The velocity at which a group of 
waves or a pulse is propagated. 

Grove cell A closed-circuit primary cell in which 
the positive electrode, platinum, is immersed in 
nitric acid; the negative electrode, zinc, is im- 
mersed in sulfuric acid. The nitric acid is held in 
a porous cup, surrounded by a larger jar of sulfu- 
ric acid. 
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growler 1. An electromechanical troubleshooting 
device that indicates the location of short circuits 
and grounds (especially in electric motors) by 
emitting a growling or rumbling sound. 2. Any 
tester that provides an audible signal, which indi- 
cates electrical continuity. 

grown-diffused transistor A transistor that is 
made by first growing the emitter and collector 
regions as a crystal, into which the base region is 
later diffused while the crystal is being pulled. 

grown diode A semiconductor diode created by 
growing a layer of p-type material into n-type ma- 
terial (or vice versa) as the single-crystal material 
is being pulled from the melt. 

grown junction A pn junction produced by adding 
impurities in various amounts to a crystal while it 
is being pulled from molten semiconductor mate- 
rial. 

grown-junction diode See GROWN DIODE. 

grown-junction photocell A grown-junction diode 
used as a photoconductive cell. 

grown-junction transistor A transistor made by 
adding n-type and p-type impurities succes- 
sively to a crystal in its molten state, then slicing 
the resulting npn formations from the finished 
crystal. 

G-secan A rectangular radar display consisting of a 
laterally centered blip that “grows wings” as a tar- 
get approaches. Horizontal and vertical displace- 
ment of the blip indicate horizontal and vertical 
aiming errors. 

Gscope See G SCAN. 

GSR _ Abbreviation of GALVANIC SKIN RESPONSE. 

G-string antenna In microwave operations, a com- 
munications path provided by a dielectric-coated 
wire that behaves like an extremely low-loss 
coaxial line with its outer conductor removed to 
infinity. A horn at each end matches the line to 
the transmitter and receiver. The term comes 


Transmitting Receiving 
hom J, Wire « horn 
Coaxial ~ bf Coaxial 
cable cable 
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from the first initial of Dr. George Groubau, in- 
ventor of the device, and the stringy appearance 
of the wire. 

GTO Abbreviation of GOTO. 

guard band A narrow unoccupied band of frequen- 
cies at the upper and lower limits of an assigned 
channel; its purpose is to prevent adjacent- 
channel interference by ensuring adequate 
separation between channels. 

guard circle On a phonograph disk, an inner 
groove that prevents collision of the pickup with 
the spindle at the center of the disc. 

guard circuit An auxiliary circuit added to an 
alternating-current bridge to compensate for the 
effects of stray capacitance in the bridge arms. 
One of its several forms is the WAGNER 
GROUND. 

guarded input An input-terminal arrangement in 
which one terminal, maintained at the proper po- 
tential, shields the entire input-terminal combi- 
nation. 

guarding A method of short-circuiting a leakage 
current to ground. On a printed-circuit board, 
guarding is usually accomplished by the use of a 
large conducting foil surface near critical compo- 
nents. 

guard relay A relay that ensures that only one 
linefinder will be connected to a line circuit when 
other line relays are in operation. 

guard ring A metal ring (or other configuration) 
surrounding, but separate from, a charged body 
or terminal, for the purpose of evenly distributing 
the electric charge over the latter’s surface. 

guard shield A shield that encloses the input cir- 
cuit of an amplifier or instrument. 

guard terminal In a GUARDED INPUT, the termi- 
nal that shields the combination. 

guard wire A grounded wire that is intended to 
catch and ground a broken high-voltage line. 

Gudden-Pohl effect The tendency of an ultraviolet 
irradiated phosphor to glow momentarily when 
subjected to an electric field. 

GUI Acronym for GRAPHICAL USER INTERFACE. 
Can be spelled out or pronounced “gooey.” 

guidance Electronic control of the path or course 
of a robot, missile, or other vehicle. 

guidance system The complete electromechanical 
system for control of a robot, missile, or other ve- 
hicle. It consists of hardware and software. The 
hardware includes beacons, sensors, drive sys- 
tems, rockets, etc. The software interprets data 
from, and transmits commands to, the hardware. 
The nature of the hardware and software depend 
on the application. 

guidance tape Ina guided missile, a magnetic tape 
containing computer instructions for steering the 
missile in a designated course. 

guide See WAVEGUIDE. 

guide connector See WAVEGUIDE CONNECTOR. 

guided missile A missile whose progress to a tar- 
get is controlled electronically by signals from a 
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control station or by sensing equipment aboard 
the missile. 

guided propagation A form of radio-wave propaga- 
tion in which air masses of different temperatures 
or humidity levels cause refraction and/or reflec- 
tion of electromagnetic waves, guiding signals 
over long distances with very little attenuation. 
Commonly observed at very-high and ultra-high 
frequencies. 

guide elbow See WAVEGUIDE ELBOW. 

guide flange See WAVEGUIDE FLANGE. 

guide gasket See WAVEGUIDE GASKET. 

guide junction See WAVEGUIDE JUNCTION. 

guide load See WAVEGUIDE LOAD. 

guide slot See KEYWAY. 

guide wavelength See 
LENGTH. 

Guillemin effect The tendency for a strip of ferro- 
magnetic material to become straight in a strong 
magnetic field. This is a form of MAGNETO- 
STRICTION. 

Guillemin line In radar operations, a_ special 
pulse-forming network for controlling modulation 
pulse duration. 

guillotine capacitor A variable capacitor in which 
a sliding (instead of rotary) plate moves between 
two stator plates. Its name results from its re- 
semblance to the infamous beheading apparatus. 

gulp Several bytes of digital information. 

gun See ELECTRON GUN. 

Gunn diode A semiconductor diode that can oper- 
ate as an oscillator in the ultra-high-frequency 
(UHF) and microwave parts of the radio spec- 
trum. Oscillation takes place as a result of a neg- 
ative-resistance effect in which, within a certain 
range of applied voltages, the current decreases 
as the voltage increases. The device is not partic- 
ularly efficient. Only a small fraction of the input 
power results in useful signal output. The fre- 
quency and oscillation stability are sensitive to 
changes in temperature and bias voltage. See 
GUNN EFFECT, NEGATIVE RESISTANCE. 

Gunn effect A semiconductor phenomenon named 
after J. Gunn of International Business Machines 
(IBM) who first observed and studied it in the 
1960s. In certain types of diodes having a nega- 
tive-resistance characteristic, oscillation occurs 
when the applied voltage is within a certain 
range. See GUNN DIODE, NEGATIVE RESIS- 
TANCE. 

Gunn-effect circuit Any circuit exploiting the 
Gunn effect, especially a GUNN OSCILLATOR. 
Gunn oscillator A discrete semiconductor mi- 

crowave oscillator using a GUNN DIODE. 

Gunnplexer A microwave transmitter consisting of 
a Gunn-diode oscillator connected to a horn an- 
tenna. Usually, the entire device is a compact, 
self-contained unit. The output power is low. 
When the device is placed at the focal point of a 
large dish antenna with the horn pointing toward 
the dish reflector (conventional dish feed), consid- 


WAVEGUIDE WAVE- 
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erable transmission range is possible. Used pri- 
marily by experimenters, and in wireless commu- 
nications links. See GUNN DIODE. 

gutta percha A hard, rubberlike, organic insulat- 
ing material. Dielectric constant, 3.3 to 4.9. Di- 
electric strength, 203 to 508 kV/in. 

guyed tower In radio communications or in mi- 
crowave links, a structure that is supported by 
one or more sets of guy wires to add strength and 
to prevent collapse. 

guying The support of a radio communications or 
microwave-link tower by the use of one or more 
sets of guy wires. 

guy insulator Also called egg insulator. An insula- 
tor designed to electrically break a guy wire while 
maintaining its ability to support a structure. 
Such an insulator has two slots with holes placed 
at right angles, in such a position that the wire 
will not separate even if the insulator breaks. The 
stress exerted on the insulator is compression, 
and the insulating material is stronger under this 
type of stress than under tension (pulling). 


Ll sp 


guy insulator 
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guy wire A bracing wire for antenna masts or tow- 
ers. 

gyrator An active (usually cascaded-transistor) de- 
vice exhibiting nonreciprocal phase shift. It pro- 
vides, among other functions, the simulation of 
inductance using capacitors. 

gyro Contraction of GYROSCOPE. 

gyro- A prefix meaning “pertaining to gyroscopes,” 
“containing a gyroscope,” or “behaving like a gy- 
roscope.” 

gyrocompass A type of compass in which a spin- 
ning gyroscope, acted upon by the earth’s rota- 
tion, causes the device to point to true north. 
Compare MAGNETIC COMPASS. 

gyrofrequency The natural frequency of rotation 
of charged particles around the earth’s magnetic 
lines of flux. 

gyromagnetic Pertaining to the magnetic proper- 
ties of rotating electric charges (e.g., the effect of 
electrons spinning inside an atom). 

gyromagnetic effect The tendency of a rotating 
body to become magnetized because of the mag- 
netic field of the earth. 

gyropilot See AUTOPILOT. 

gyroscope A device that consists of a spinning 
wheel mounted in a gimbal. The shaft of the 
wheel will point in one direction, despite the 
movement of the earth beneath it. 

gyrostat See GYROSCOPE. 

G-Y signal In a color-television circuit, the signal 
representing primary green (G) minus luminance 
(Y). A primary green signal is obtained when the 
G-Y signal is combined with the luminance (Y) 
signal. Compare B-Y SIGNAL and R-Y SIGNAL. 
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H_ 1. Symbol for magnetic field strength. 2. Symbol 
for MAGNETIZING FORCE. 3. Symbol for HYDRO- 
GEN. 4. Symbol for UNIT FUNCTION. 5. Abbrevia- 
tion of HORIZONTAL. (Also, hor and_horiz.) 
6. Symbol for HENRY. 7. Symbol for HARMONIC. 

h_ 1. Abbreviation of prefix HECTO-. 2. Symbol for 
the PLANCK CONSTANT. 3. Abbreviation of HOUR. 

Haas effect See FUSION, 1. 

hack In computer networking, to access, and 
sometimes to change, sensitive data without au- 
thorization. 

hacker A person knowledgeable in computer net- 
working who uses his or her expertise to access, 
and sometimes alter, sensitive data. This is illegal 
and can sometimes be destructive. The intent, is 
rarely malicious, however, the activity is viewed 
as a challenge. Compare CRACKER. 

HACKER program A computer program developed 
by Gerry Sussman as an early experiment with 
artificial intelligence (AI), to see how the machine 
would deal with complex decision-making prob- 
lems. 

hadron A subatomic particle consisting of quarks. 

hafnium Symbol, Hf. A metallic element. Atomic 
number, 72. Atomic weight, 178.49. Readily 
emits electrons. 

hahnium See DUBNIUM. 

hailer 1. A marine microphone-amplifier-speaker 
system for calling to other boats or persons 
ashore. 2. A comparable system for land vehicles, 
such as police cars. Also see MEGAPHONE, 1. 

hair See HAIRLINE. 

hair hygrometer A device for measuring rela- 
tive humidity, in which a stretched hair is the 
moisture-sensitive element. 


hairline A fine line used as an index or a graticule 
marker in a precision instrument. 

hairpin coil A quarter-turn coil, so called from its 
resemblance to a hairpin. 


hairpin coupling coil A hairpin coil used as a low- 
impedance primary or secondary coil for input or 
output coupling. 

hairpin match A form of impedance-matching net- 
work used at the feed point of a half-wave dipole 
antenna. A short length of open-wire transmis- 
sion line, short-circuited at the far end, is con- 
nected in parallel with the antenna at the feed 
point. 

hairpin pickup A short, doubled length of wire 
that acts as a pickup coil at very-high and ultra- 
high frequencies. 

hairspring A fine, usually spiral spring—espe- 
cially the one in a movable-coil meter or the one 
connected to the balance wheel of a watch or 
clock. 

hair-trigger Pertaining to extreme sensitivity of re- 
sponse, such as the tendency of a switching de- 
vice to change state when excited by a weak 
pulse. 

hair wire 1. An extremely thin wire filament in a 
lamp or bolometer. 2. Very small gauge wire (e.g., 
#44), 

hal Abbreviation of HALOGEN. 

half-add The sum of two binary digits, in which the 
carry operation is omitted. Thus 0+0=0,0+1= 
1,1+0=1,and1+1=0. 

half-adder In digital systems, an adder circuit that 
can handle the two binary bits that are to be 
added, but that cannot accommodate a carry sig- 
nal. Compare FULL ADDER. 
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half-bridge A bridge rectifier that has diodes in two 
arms and resistors in the other two. 

half-cell A voltaic cell consisting of a single elec- 
trode immersed in an electrolyte and having a 
definite difference of potential; it is, in effect, half 
of a primary cell. Also see HELMHOLTZ DOUBLE 
LAYER. 

half-cycle Half of a complete alternation (i.e., 180 
degrees of phase). 

half-cycle magnetizer A magnetizer using half- 
cycles of rectified alternating current as the mag- 
netic-field source. 

half-duplex channel A communications channel 
in a HALF-DUPLEX SYSTEM. 

half-duplex system In data communications, a 
system that transmits data in both directions, 
but not simultaneously. Compare FULL-DUPLEX 
SYSTEM. 

half-lattice crystal filter A band-pass crystal- 
filter circuit using two piezoelectric crystals 
in a four-arm bridge. Also see CRYSTAL RES- 
ONATOR. 

half-nut In a facsimile receiver, a device that 
guides the lead screw. 

half-power point In a response curve or direc- 
tional pattern, such as for a selective filter or a 
unidirectional antenna, the points on each side of 
maximum at which the power is 3 dB below the 
peak value. 
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half-power width Ina directional antenna system, 
an expression of beamwidth. It is usually listed as 
the horizontal-plane angle, in degrees, between 
the half-power points in the main lobe of the di- 
rective pattern. 

half-step 1. In audio engineering, the frequency 
interval between two sounds, whose ratio is 
1.06:1. 2. The difference in pitch between the 
notes produced by two adjacent keys on a 
piano. 

half tap A bridging circuit or device that can shunt 
another circuit with the least electrical distur- 
bance. 

half-track recorder A magnetic tape recorder that 
applies signals to both halves of a tape with a 
head that covers only half the tape’s width in 
each of two directions. Also called qdual-track 
recorder. 

half-track tape Magnetic tape recorded by a 
HALF-TRACK RECORDER. 

half-wave Half of a complete wave (i.e., a complete 
rise and fall in one direction). Its graphic repre- 
sentation is similar in appearance to that for a 
half-cycle. 

half-wave antenna An antenna whose radiator 
measures an electrical half wavelength from end 
to end. Such a radiator is about 5 percent less 
than a free-space half-wavelength long, because 
of capacitive effects and the velocity factor of the 
conductor. 

half-wave chopper A chopper that closes a circuit 
during only half the switching signal cycle. 

half-wave dipole A center-fed antenna whose radi- 
ator measures 0.5 electrical wavelength from end 
to end. Also see DIPOLE ANTENNA. 

half-wave doubler See HALF-WAVE VOLTAGE 
DOUBLER. 

half-wave feeder 
SION LINE. 

half-wavelength Symbol 1/2. The distance that 
corresponds to 180 degrees of phase as an elec- 
tromagnetic (EM) field is propagated in free 
space, it is related to the frequency by a simple 
equation: 


See HALF-WAVE TRANSMIS- 


Ly = 492/f 


where Ly represents 1/2 in feet, and f represents 
the frequency in megahertz. If 1/2 is expressed in 
meters, then the formula is: 


Lm = 150/f 
where L,, represents the displacement in meters. 


In general, if v is the velocity factor (expressed as 
a ratio) in a given medium, then: 


Ly = 492v/f 
and 

Lin= 150v/f 
Compare FULL WAVELENGTH, QUARTER 
WAVELENGTH. 
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half-wave loop antenna A loop antenna having a 
circumference of 0.5 wavelength with a break op- 
posite the feed point. It is, in effect, a HALF-WAVE 
DIPOLE bent into a circle or square (although any 
symmetrical configuration can be used). The cir- 
cle is the most efficient configuration. 
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half-wave loop antenna 


half-wave radiator An antenna consisting of a sin- 
gle, usually straight, active element that mea- 
sures an electrical half wavelength from end to 
end. It is therefore a resonant element. A simple 
half-wavelength (4/2) conductor with a high 
length-to-diameter ratio measures approximately 
95 percent of i/2 in free space. The element can be 
much shorter than free-space 4/2 yet remain A/2- 
resonant if inductance is inserted in series with 
the radiator. The element can be much longer 
than free-space 1/2 yet remain i/2-resonant if dis- 
tributed capacitances are inserted in series with 
the radiator. 

half-wave rectification The conversion of alter- 
nating current (ac) to direct current (dc) during 
half of each ac cycle. Also see HALF-WAVE REC- 
TIFIER. 


Input Output 


half-wave rectifier 


half-wave rectifier A rectifier that delivers a half- 
cycle of direct-current (dc) output for every other 
half-cycle of applied alternating-current (ac) volt- 
age. Because the successive dc half-cycles are 
180 degrees apart, they have the same polarity. 
Compare FULL-WAVE RECTIFIER. 

half-wave transmission line A transmission line 
measuring 0.5 electrical wavelength at the trans- 
mission frequency. The physical length is some- 
what less than a free-space half wavelength 
because of the VELOCITY FACTOR of the line. 
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half-wave vibrator A vibrator (see INTERRUPTER) 
whose reed operates against only one stationary 
contact. Compare FULL-WAVE VIBRATOR. 

half-wave voltage doubler A voltage-doubler cir- 
cuit whose direct-current (dc) output has a ripple 
frequency equal to that of the alternating-current 
(ac) supply. Although its output is harder to filter 
than that of a full-wave doubler, this circuit has 
the advantage of a common ground. Compare 
FULL-WAVE VOLTAGE DOUBLER. 
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halide A compound of a HALOGEN. Examples: 
sodium iodide, used as a scintillating crystal; am- 
monium chloride, used as the electrolyte in a dry 
cell. 

halide crystal A halogen-compound crystal, such 
as mercuric iodide and sodium iodide, useful in 
detecting radioactivity. 

Hall coefficient For a current-carrying conductor, 
the constant relationship between the Hall 
(transverse electric) field and the magnetic flux 
density. 

Hall constant For a current-carrying conductor, 
the constant of proportionality k given by the 
equation k = e/(im), where e is the transverse 
electric field (Hall field), i is the current density, 
and mis the magnetic field strength. 

Hall effect A phenomenon observed in thin strips 
of metal and in some semiconductors. When a 
strip carrying current longitudinally is placed ina 
magnetic field that is perpendicular to the strip’s 
plane, a voltage appears between opposite edges 
of the strip that, although feeble, will force a cur- 
rent through an external circuit. The voltage is 
positive in some metals (such as zinc) and nega- 
tive in others (such as gold). Also see ETTING- 
HAUSEN EFFECT, NERNST EFFECT, and 
RIGHT-LEDUC EFFECT. 

Hall-effect modulator A device that uses the HALL 
EFFECT to modulate a signal, or to mix two sig- 
nals. 

Hall-effect multiplier A device based upon the 
Hall generator and used in analog mathematical 
operations, such as multiplication and the ex- 
traction of roots. 

Hall field The transverse electric field of a conduc- 
tor carrying current in a magnetic field. 
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Hall generator A semiconductor device exhibiting 
the HALL EFFECT. It is a thin wafer or film of in- 
dium antimonide or indium arsenide with leads 
on opposite edges. 


Hall current 


Magnetic field 
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Hall mobility For a conductor or semiconductor, 
the product of conductivity and the HALL CON- 
STANT. 

Hall network A resistance-capacitance null circuit 
whose general configuration is two cascaded 
high-pass tee-sections bridged by a high resis- 
tance. The circuit can be tuned with one poten- 
tiometer. 
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Hallwacks effect The phenomenon (observed by 
Hallwacks in 1888) in which ultraviolet light 
falling on a polished zinc plate causes a nega- 
tively charged electroscope to which it is con- 
nected to discharge. 

hallucination In complex computers and _ artifi- 
cially intelligent systems, the generation or ap- 
pearance of data for no apparent reason. 

halo See AFTERGLOW and PERSISTENCE. 

halo antenna A horizontally polarized antenna, 
consisting of a circular half-wave dipole whose 
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ends are capacitance loaded. Commonly used at 
very high frequencies (VHF). 

halogen Abbreviation, hal. A group of five very ac- 
tive nonmetallic elements whose similar chemical 
properties put them in group VIIA of the periodic 
table; they are astatine, bromine, chlorine, fluo- 
rine, and iodine. 

Halowax A chlorinated naphthalene wax used as 
an impregnant for paper capacitors. Dielectric 
constant, 3.4 to 5.5. Resistivity, 10!5 to 10/4 ohm- 
cm. 

halt A stop during the execution of a computer 
program run, often resulting from a HALT IN- 
STRUCTION. 

halt instruction An instruction in a computer pro- 
gram that causes a break in the program’s execu- 
tion, as by BASIC’s STOP command, for example. 

ham _ Colloquialism for AMATEUR RADIO operator. 

ham radio See AMATEUR RADIO. 

Hamilton’s principle Also called the principle of 
least action. Motion tends to occur in such a 
way that the integral of the product of kinetic en- 
ergy and elapsed time is minimal. 

hammer 1. The striking member in a WHEEL 
PRINTER. 2. The clapper in an electric bell or 
gong. 

hammer-and-wheel See WHEEL PRINTER. 

Hamming code An error-correction code used in 
some digital communications circuits. 

hand capacitance Also called body capacitance. 
Capacitive coupling effects between a circuit and 
the human body (e.g., as evidenced between an 
operator’s hand and a device having extremely 
high impedance and poor grounding and/or 
shielding). 

hand generator An electric generator operated by 
turning a hand crank. 

handheld computer Also called personal digital 
assistant (PDA) or palmtop computer. The names 
PalmPilot and Palm are proprietary (Palm Com- 
puting, Inc.) and refer to specific families of hand- 
held computers, although they might someday 
become generic and refer to handheld computers 
in general. A battery-powered portable computer, 
smaller than a notebook computer, and used 
for simple tasks such as note-taking and 
record keeping. Some units incorporate wireless 
modems for connection to the Internet. Others in- 
clude paging, wireless fax, videoconferencing ca- 
pability, remote-control capability, and other 
features. Many units can recognize a specialized 
form of handwriting so users can enter data with 
a penlike device called a stylus. 

Handie-Talkie Abbreviation, HT. Tradename for a 
portable transceiver small enough to be held in 
the hand during operation. 

hand key Also called brass pounder. An old- 
fashioned, hand-operated telegraph key, oper- 
ated by manual downward pressure. 

handoff In cellular communications networks, the 
changeover of reception from, and transmission 
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to, a mobile or portable set from one repeater to 
another as the subscriber moves from one cell 
into another. When the subscriber is moving 
rapidly—for example, driving along a freeway, 
such transfers occur relatively often. When a 
subscriber is moving slowly, for example, walking 
along a trail, such transfers occur rarely. When a 
subscriber is in a fixed location, such transfers 
do not normally occur. 

hand-operated device A device manipulated di- 
rectly and manually by the operator’s hand(s). 
Also called manual device. 

hand receiver 1. A single earphone that must be 
held against the ear. 2. A telephone receiver. 

hand rules See FLEMING’S LEFT-HAND RULE, 
FLEMING’S RIGHT-HAND RULE, and RIGHT- 
HAND RULE FOR WIRE. 

handset See CRADLEPHONE. 

handshaking 1. A controlled, periodic exchange of 
synchronizing pulses between a digital transmit- 
ter and receiver. 2. In a digital communications 
system, a method of error correction. The receiver 
detects nonstandard or improbable character se- 
quences, and instructs the transmitter to repeat 
them for double-checking. 

hand-type pointer In an electric meter, a spear- 
like pointer (resembling the hand of a clock), as 
opposed to a knife-edged pointer. 

hand-wired Pertaining to electronic equipment 
wired by hand, rather than being assembled on 
printed-circuit boards. This form of construction 
is rarely seen nowadays, except in some radio- 
frequency power amplifiers. 

hang AGC An automatic-gain-control (AGC) circuit 
whose action is sustained for a brief interval after 
an actuating signal has passed, an advantage in 
some applications. Also called fast-attack/slow- 
release AGC. 

hangover In sound operations, the blurring or 
smearing of low-frequency (bass) notes by a 
poorly damped or poorly mounted loudspeaker. 

hangup 1. In phonograph operation, the state in 
which the same material is played repetitiously 
(i.e., the stylus does not move toward the spin- 
dle). 2. In digital-computer operations, an unex- 
pected break during a program run as a result of 
software or hardware failure. Sometimes called 
UNEXPECTED HALT. 

Hantenna See LAZY-H ANTENNA. 

hard copy 1. In digital computer operations, a 
readable document (printout) of material being 
translated to a form understood by a computer. 
2. Generally, written or typed documents, as op- 
posed to data on other media, such as diskettes, 
tapes, CD-ROM, etc. 

hard disk An electromechanical data storage me- 
dium commonly used in personal computers. 
Consists of several rigid disks, called platters, 
coated with ferromagnetic material. 

hard-drawn wire High-tensile-strength 
nealed wire. 


unan- 
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hard dump See HARDWARE DUMP. 

hard magnetic material High-retentivity magnetic 
material. Also see RETENTIVITY. 

hardness 1. The property that causes a material to 
resist penetration, deformation, scratches, etc. 2. 
The penetrative ability of ultraviolet rays, X rays, 
or other ionizing radiation. Generally, the radia- 
tion hardness increases as the wavelength de- 
creases, and as the photon or particle energy 
increases. 

hardness tester A device for measuring the hard- 
ness of a solid in terms of the force required to 
penetrate its surface. Also see HARDNESS, 1. 

hard radiation In general, any radiation with high 
penetrating power. Usually, this term is used in 
reference to short-wavelength (high-energy) ultra- 
violet rays or X rays. 

hard solder Solder that melts at a comparatively 
high temperature. Compare SOFT SOLDER. 

hard vacuum A nearly perfect vacuum, that is, a 
medium essentially devoid of atomic or sub- 
atomic particles. 

hardware 1. Collectively, electronic circuit compo- 
nents and associated fittings and attachments. 2. 
In a computer system, the electronic and elec- 
tromechanical components (e.g., integrated cir- 
cuits, keyboards, and disk drives) associated with 
operation. Compare SOFTWARE. 

hardware availability ratio A figure depicting the 
availability of a computer system to do productive 
work; as a percentage, it is given by the formula: 


A= 100(ta — td)/ta, 


where A is the availability ratio, ta is the opera- 
tional time, and td is the downtime over a speci- 
fied time period. 

hardware check A check on data being transferred 
within a computer, as done by hardware (e.g., a 
parity check). 

hardware cloth A finely woven wire screen some- 
times used in place of a metal plate for an an- 
tenna element, an antenna reflector, or a shielded 
enclosure. Especially useful when free-air circu- 
lation is required. 

hardware dump During a computer program run, 
data sent to a storage device for later evaluation; 
it occurs at the time of a failure. Also called AU- 
TOMATIC HARDWARE DUMP. 

hardware engineer A person who designs and per- 
fects the actual electronic circuitry in a system. 
The hardware engineer is not involved with the 
programming of the system. 

hardware recovery A computer system’s ability 
(through software or hardware) to recover from a 
failure (i.e., to proceed from the point of failure). 

hardware serviceability ratio See HARDWARE 
AVAILABILITY RATIO. 

hardwire 1. To construct a circuit for direct-current 
conductivity. 2. A circuit exhibiting direct-current 
conductivity over a complete, closed path. 

hard-wire telemetry See WIRE-LINK TELEMETRY. 
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hard wiring 1. In computer systems, functions or 
programs built directly into the machine hard- 
ware. In order to alter such functions or pro- 
grams, the system wiring and/or components 
must be physically changed. 2. A system inter- 
connected entirely by wires and cables, and using 
no free-space links, such as radio or infrared. 

hard X rays High-frequency (shortwave) X rays. 
Such radiation has high penetrating power. Com- 
pare SOFT X RAYS. 

harmonic 1. Symbol, H. Ina complex sound or sig- 
nal wave, a component whose frequency is a mul- 
tiple of the FUNDAMENTAL FREQUENCY by a 
whole-number factor of 2 or more. 2. Pertaining 
to whole-number multiples of the FUNDAMEN- 
TAL FREQUENCY of a sound or signal, as defined 
in 1. 
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harmonic accentuation Increasing the amplitude 
of harmonic components in a complex wave using 
filters, amplifiers, or special modes of operation. 

harmonic accentuator A circuit or device, such as 
a harmonic amplifier or bandpass filter, for em- 
phasizing signal harmonics. 


harmonically related bands In communications, 
frequency bands arranged so that the frequencies 
in one band are harmonics of the frequencies in 
another band. An example of bands that are pre- 
cisely related in this way are 4.1 to 4.3 MHz and 
8.2 to 8.6 MHz. Various amateur radio bands are 
harmonically related to some extent, such as 40 
meters (7.0 to 7.3 MHz) and 20 meters (14.0 to 
14.35 MHz). 

harmonic amplifier An amplifier, such as one 
used with a frequency standard, used to increase 
the amplitude of weak harmonics. Also see HAR- 
MONIC ACCENTUATION. 

harmonic analysis 1. The evaluation of the har- 
monic content of a complex wave. See, for exam- 
ple, HARMONIC WAVE ANALYZER; SCHEDULE 
METHOD, 2; SPECTRUM ANALYZER; and WAVE 
ANALYZER. 2. See FOURIER ANALYSIS. 

harmonic analyzer See HARMONIC WAVE ANA- 
LYZER, SPECTRUM ANALYZER, and WAVE ANA- 
LYZER. 

harmonic antenna An antenna operated at a har- 
monic of the lowest frequency at which it is reso- 
nant. For example, a half-wave dipole cut for 7.0 
MHz, but used for transmitting and receiving at 
21.0 MHz, is functioning at the third harmonic. 

harmonic attenuation Reduction of the amplitude 
of harmonic components in a complex wave using 
filters, tuned amplifiers, or special modes of oper- 
ation. 

harmonic attenuator A circuit, device, or method 
of operation (such as a filter, tuned amplifier, 
special biasing, or special bypassing) for reducing 
the amplitude of harmonics. 

harmonic component See HARMONIC. 

harmonic composition See HARMONIC DISTRI- 
BUTION. 

harmonic content The amount of harmonic 
energy present in a complex wave. Also see 
HARMONIC-DISTORTION PERCENTAGE and 
HARMONIC RATIO. 

harmonic-cut crystal Also called overtone crystal. 
A quartz crystal that, when operated in the 
proper circuit, oscillates at a harmonic of the 
(fundamental) frequency dictated by its thick- 
ness. 

harmonic detector A detector tuned to respond to 
a harmonic of a signal. 

harmonic distortion 1. The generation of har- 
monics by the circuit or device by which the sig- 
nal is processed. 2. The deformation of the 
original signal that results from the action de- 
scribed in 1. 3. The disproportionate reproduc- 
tion of a signal’s harmonic components. 

harmonic distortion meter See DISTORTION ME- 
TER. 

harmonic-distortion percentage In a signal con- 
taining harmonics, the harmonic energy as a per- 
centage of the total signal energy (fundamental 
plus all harmonics). Also called total harmonic 
distortion (THD). 
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harmonic distribution For a given signal, the vari- 
ous frequencies and amplitudes of its harmonics, 
specified within a certain range of frequencies. 
harmonic elimination The complete removal of 
one or more harmonics from a complex wave us- 
ing a filter or special mode of operation. 
harmonic eliminator A circuit or device, such asa 
band-suppression filter, for removing harmonics. 
harmonic filter 1. A bandpass filter for transmit- 
ting one or more harmonics of a complex input 
wave. 2. A band-suppression filter for removing 
one or more harmonics of a complex input wave. 
harmonic frequency 1. In a complex wave, the 
frequency of a component that is a multiple of 
the FUNDAMENTAL FREQUENCY by a whole- 
number factor of two or more. 2. A frequency that 
is a whole-number (two or more) multiple of an- 
other frequency to which it is referred. Compare 
NONHARMONIC FREQUENCY. 
harmonic generator 1. An oscillator operated so 
that it generates strong harmonics of the funda- 
mental frequency. 2. See FREQUENCY MULTI- 
PLIER. 3. See HARMONIC AMPLIFIER. 
harmonic intensification See HARMONIC AC- 


CENTUATION. 

harmonic intensifier See HARMONIC ACCENTU- 
ATOR. 

harmonic’ interference Interference resulting 


from the harmonics of radio or test signals. 

harmonic motion Periodic motion typified by a 
swinging pendulum and illustrated by the plot of 
a sine wave. 

harmonic oscillator A crystal oscillator whose 
output frequency is a harmonic of the crystal fre- 
quency. 

harmonic percentage See HARMONIC-DISTOR- 
TION PERCENTAGE. 

harmonic producer 1. An oscillator that uses a 
tuning fork to establish the fundamental fre- 
quency. The output can be an odd or even har- 
monic of this frequency. 2. See FREQUENCY 
MULTIPLIER. 3. A nonlinear circuit used in a cal- 
ibrator to generate markers at integral multiples 
of the fundamental frequency. 

harmonic ratio 1. In a complex wave, the ratio of 
harmonic energy to total signal energy (funda- 
mental plus all harmonics). 2. In a complex wave, 
the ratio of harmonic energy to fundamental- 
frequency energy. 

harmonic reducer See HARMONIC ATTENUATOR. 

harmonic reduction See HARMONIC ATTENUA- 
TION. 

harmonic resonance Resonance of an antenna or 
a circuit at a whole multiple of the applied signal 
frequency. 

harmonic ringing In wire telephony, the use of 
alternating-current signal harmonics for selective 
ringing. 

harmonic series of tones A set of audio-frequency 
tones in which the frequencies can be specified by 
S, 2f, 3f, 4f and so on. 
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harmonic suppression See HARMONIC ELIMINA- 
TION. 

harmonic suppressor See HARMONIC ELIMINA- 
TOR. 

harmonic tolerance The harmonic content per- 
missible in a given system. 

harmonic totalizer An instrument for measuring 
total harmonic distortion. See, for example, DIS- 
TORTION METER. 

harmonizer A circuit that changes the frequency 
of an audio signal, or produces an output at sev- 
eral audio frequencies from an input having only 
one audio frequency. Used in sound recording for 
special effects. 

harness _ A tied bundle of wires or cables for wiring 
electronic equipment. 

harp antenna A vertical antenna consisting of a 
number of wires that fan out from point to point 
along a horizontal supporting wire. 

hartley A unit of digital information equivalent to 
3.32 bits. Used in certain computer applications. 

Hartley oscillator A radio-frequency (RF) oscilla- 
tor that uses a single inductor with a tap on the 
windings to provide the feedback. The amount of 
feedback is controlled by the position of the coil 
tap. A variable capacitor in parallel with the in- 
ductor determines the oscillating frequency and 
allows for frequency adjustment. The circuit uses 
about 25 percent of its output power to produce 
feedback. The other 75 percent of the power can 
be delivered to external circuits or devices. Com- 
pare COLPITTS OSCILLATOR. 
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Hartley oscillator 


hash _ 1. Electrical noise, especially wideband noise 
with a characteristic hissing sound in a radio re- 
ceiver. 2. Undesirable or purposefully meaningless 
information, as used in a hash total (checksum). 

hash filter A radio-frequency filter for eliminating 
HASH noise in a radio receiver. 

hassium Symbol, Hs. Also called unniloctium 
(Uno). Atomic number, 108. The most common 
isotope has atomic weight 265. Classified as a 
transition metal. It is human-made and not 
known to occur in nature. 
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hat 1. Also called capacitance hat. A small disk or 
set of wires attached to the end(s) of an antenna 
radiator, lowering the resonant frequency and in- 
creasing the usable bandwidth. 2. A procedure 
for randomizing data. 

hash total See CHECKSUM. 

hatchdot pattern A television test pattern consist- 
ing of a crosshatch pattern with dots around its 
outer edges and one dot at its center. 

hatted code A form of code in which randomiza- 
tion is used to maximize the difficulty of breaking 
the code. 

Hay bridge An alternating-current bridge for mea- 
suring the inductance and Q of an inductor in 
terms of resistance, frequency, and a standard 
capacitance. 


R, 
L, RI 
det 
R2 
R3 Cs 
Inductance 
balance Q Balance 
Hay bridge 


haywire Loose, disorderly, or apparently careless 
wiring. 

haz Abbreviation of HAZARD. 

hazard Abbreviation, haz. A dangerous or poten- 
tially dangerous circuit, device, material, method, 
situation, or system (e.g., electric-shock hazard). 

H beacon A form of homing beacon with an omni- 
directional radiation pattern and a_ radio- 
frequency output of between 50 W and 2 kW. 

Hbend See H-PLANE BEND. 

HCD Abbreviation of hard-copy device. 

HCM Abbreviation of HALF-CYCLE MAGNETIZER. 

HDB-3 code Abbreviation of HIGH-DENSITY 
BIPOLAR-3 CODE. 

HDF Abbreviation of HIGH-FREQUENCY DIREC- 
TION FINDER. 

HDTV Abbreviation of HIGH-DEFINITION TELEVI- 
SION. 

H-display See H-SCAN. 

He Symbol for HELIUM. 

head 1. The top or operating portion of a device 
(e.g., microphone head or dynamic-speaker 
head). 2. In magnetic recording and reproduc- 
tion, the magnetic device (transducer) that deliv- 
ers or picks up recorded impulses. 3. In a hard 
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disk or diskette drive, a transducer that delivers 
and picks up recorded data. 

head alignment 1. Positioning the cone of a dy- 
namic speaker so that the voice coil moves freely 
(i.e., without rubbing against the core). 2. Posi- 
tioning a magnetic-recorder head so that a proper 
relationship to the moving tape is maintained. 

head amplifier A self-contained amplifier or pre- 
amplifier in the head of a microphone or sound- 
on-film pickup. 

head degausser A device used for the purpose of 
demagnetizing the head of a tape recorder. Un- 
wanted magnetization can build up because of 
direct-current components in the driving signal. 

head demagnetizer See HEAD DEGAUSSER. 

head end Ina television network or system, the lo- 
cation from which signals are sent to subscribers. 

header 1. A (usually glass) disk or wafer through 
which one or more leads pass and to which they 
are fully sealed. Can be used as the terminal base 
of an enclosed plug-in unit, such as a miniature 
coil, filter, or similar components. Also see 
GLASS-TO-METAL SEAL. 2. A data set placed be- 
fore other sets as a means of identifying them 
and, possibly, including control data pertinent to 
the sets so identified. 

header capacitance Capacitance between or 
among the leads in a header (see HEADER, 1). 

header label A header recorded on a magnetic tape 
file (see HEADER, 2). 

head gap 1. In computer disk or tape drives, the 
distance between the head and the magnetic 
medium. 2. In audio operations, the spacing be- 
tween tape-unit head electrodes; also called gap 
width. 

heading The direction taken by a vehicle with ref- 
erence to some point (such as a radio beacon, 
true north, or magnetic north). 

headlight In radar operations, a small rotating an- 
tenna. 

headphone A small acoustic transducer worn 
against the ear for listening to music without dis- 
turbing others, or for monitoring live or recorded 
material without being disturbed by noise in the 
environment. Also see RECEIVER, 2. 

headphone amplifier An audio-frequency ampli- 
fier designed and operated primarily to supply a 
signal to headphones. 

headphone receiver A portable radio receiver, 
usually for AM and/or FM broadcast, consisting 
of a pair of headphones or a headset with the ra- 
dio built into it. 

head room 1. In a high-fidelity sound system, the 
extent, measured in decibels, to which an ampli- 
fier can be operated beyond the zero point on its 
volume-unit (VU) meter without causing objec- 
tionable distortion on sound peaks. 2. In tape 
recording, the region between the maximum 
recording level specified by the manufacturer of 
the equipment, and the amplitude at which tape 
overload occurs. It is specified in decibels. 
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headset An assembly consisting of one or two ear- 
phones, a headband, and a flexible cord. Also see 
HEADPHONE and RECEIVER, 2. 

head stack In magnetic recording, an assembly of 
two or more heads for multitrack service. Also see 
HEAD, 2. 

head station See BASE STATION. 

head-to-tape contact In magnetic-tape recording 
or playback, physical contact between the tape 
and the head. 

hearing aid A miniature audio-frequency device 
that amplifies sound for people with impaired 
hearing. It consists of a microphone, a high-gain 
amplifier, and an earphone or bone-conduction 
transducer. 

hearing-aid battery A physically small battery de- 
signed for use with hearing aids. Such a battery 
is usually of the lithium type, or some other type 
that has long life under conditions of low current 
drain. 

hearing loss A measure of hearing impairment. 
Generally expressed as the ratio, in decibels, of 
an individual’s threshold of hearing to the normal 
threshold of hearing. Also see AUDIOLOGIST, 
AUDIOMETER, and AUDIOMETRIST. 

heart fibrillation A condition in which the heart 
muscle twitches at random, rather than pumping 
blood normally. This can be caused by an electric 
shock through the heart of 100 mA to 300 mA. If 
normal heart function is not restored, death will 
follow. 

heart pattern See CARDIOID PATTERN. 

heart telemetry See ECG TELEMETRY. 

heat A form of energy transferred by conduction, 
convection, or radiation between two bodies hav- 
ing different temperatures. The amount of heat is 
expressed in degrees, British thermal units, calo- 
ries, joules, or kelvins. 

heat aging 1. The degeneration of a substance, ag- 
gravated by high temperatures. 2. A test that 
indicates the immunity of a substance to 
degeneration because of high temperatures. 

heat coil A device that disconnects a circuit when 
the temperature reaches a certain minimum 
level. 

heat detector A sensor of heat. See, for example, 
BOLOMETER, INFRARED DETECTOR, MICRO- 
RADIOMETER, RADIOMETER, THERMISTOR, 
THERMOCOUPLE, and THERMOPILE. 

heated-pen recorder See THERMAL RECORDER. 

heated-stylus recorder See THERMAL  RE- 
CORDER. 

heated-wire flowmeter 
TER. 

heated-wire sensor A hot wire used to discrimi- 
nate between substances, according to how they 
affect its heating. See, for example, GAS DETEC- 
TOR (also usable as a vacuum gauge), HOT-WIRE 
ANEMOMETER, and HOT-WIRE MICROPHONE. 

heat engine A machine that converts heat energy 
into mechanical energy. 


See HOT-WIRE FLOWME- 
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heater 1. The filament of an indirectly heated vac- 
uum tube. 2. The filament in an indirectly heated 
thermistor. 

heater-voltage coefficient The amount of fre- 
quency change per volt of fluctuation in the fila- 
ment voltage of a Klystron. 

heat exchanger A device or system that removes 
heat from a hot body and transfers it to another 
body or to the surrounding air. 

heat-eye tube An infrared-sensitive device used 
for the purpose of locating objects in visible dark- 
ness. The tube consists of a cathode-ray device 
that is sensitive to infrared radiation. 

heat gradient The temperature difference between 
two points on a body, divided by the distance be- 
tween the two points. 

heating depth See DEPTH OF HEATING. 

heating effect The production of heat (power loss) 
by electric current flowing in a conductor. 

heating element 1. See HEATER. 2. The resis- 
tance element (such as a strip or coil) that gener- 
ates heat in an electric-heating device. 

heat loss 1. Heat emitted by conduction, convec- 
tion, or radiation from a body at a relatively high 
temperature. 2. Power loss as a result of the heat- 
ing effect of an electric current. 

heat of fusion The amount of heat required to melt 
a unit mass of a solid that has reached its melt- 
ing point. 

heat of radioactivity Heat generated during the 
process of radioactive disintegration. 

heat of reaction In a chemical or electrochemical 
reaction, the heat (in calories) absorbed or re- 
leased. 

heat of vaporization The amount of heat required 
to convert 1 gram of a liquid to a vapor without 
raising its temperature. 

heat radiator See HEATSINK. 

heat rays See INFRARED RAYS. 

heat remover 1. See HEATSINK. 2. A forced-air or 
forced-liquid cooling system. 

heat-resistant glass See PYREX. 

heat-sensitive resistor See THERMISTOR. 

heat-sensitive switch A make-and-break device, 
such as a thermostat, that is actuated by a 
change in temperature. 

heat-shrink tubing An insulated flexible sleeving 
made from a plastic that shrinks permanently for 
a tight fit when heated; it is commonly used at the 
joint between a cable and connector. 

heatsink A heat exchanger in the form of a heavy, 
metallic mounting base or a set of radiating fins. 
It conducts heat away from such devices as 
power transistors, heavy-duty resistors, or power 
tubes, and dissipates the heat into the surround- 
ing environment via convection and radiation. 

heatsink resistance The opposition offered by a 
heatsink to the flow of heat. 

heat therapy 1. The use of radio-frequency heating 
for therapeutic purposes. Also see DIATHERMY. 2. 
The use of infrared rays for therapeutic purposes. 
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heat transfer The movement of heat from one 
point to another by absorption, conduction, con- 
vection, or radiation. 

heatronic Pertaining to the heating of a dielectric 
material subjected to a high voltage. 

heat unit 1. See BRITISH THERMAL UNIT. 2. See 
CALORIE. 3. See KELVIN. 

heat waves See INFRARED RAYS. 

heat writer See THERMAL RECORDER. 

Heaviside-Campbell bridge A form of mutual- 
inductance bridge. Mutual inductance is deter- 
mined without regard to the operating frequency. 

Heaviside layer See KENNELLY-HEAVISIDE 
LAYER. 

heavy hydrogen An isotope of hydrogen. The term 
is applied to deuterium, whose nucleus consists 
of one proton and one neutron, and also to tri- 
tium, whose nucleus consists of one proton and 
two neutrons. 

heavy metal A metal having a specific gravity of 
5.0 or higher. Examples: iron (7.85 to 7.88), lead 
(11.3), nickel (8.6 to 8.9), mercury (13.6), plat- 
inum (21.4). 

heavy water Formula, D2O. Water in which deu- 
terium (HEAVY HYDROGEN), rather than ordi- 
nary hydrogen has combined with oxygen. 

hecto- Abbreviation, h. A prefix meaning hun- 
dred(s), (i.e., 107). 

hectometric wave An electromagnetic field whose 
wavelength is on the order of hundreds of meters 
(i.e., at least 100 meters, but less than 1000 me- 
ters). The frequency ranges from 300 kHz to 3 
MHz. 
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hectowatt Abbreviation, hW. A unit of power equal 
to 100 watts. Seldom used; power in this range is 
usually expressed in terms of the WATT or the 
KILOWATT. 

heelpiece A part of an electronic relay that pro- 
vides mechanical support for the armature. 

Hefner candle A unit of luminous intensity equal 
to 0.9 candela; the standard (German) is the 
HEFNER LAMP. 

Hefner lamp A standard light source whose lumi- 
nous intensity is 0.9 candela. It burns amyl ac- 
etate (banana oil) and its flame has been the 
standard of the HEFNER CANDLE, a unit of lu- 
minous intensity devised in Germany. Also see 
CANDLE POWER and LUMINOUS INTENSITY. 

height control In a television receiver circuit, the 
potentiometer or rheostat that controls the verti- 
cal dimension of the picture by varying the ampli- 
tude of vertical scanning pulses. 

height finder An altitude-measuring radar sys- 
tem. 

height-position indicator Abbreviation, HPI. A 
radar displaying the height of a target, its angular 
elevation, and the slant range. 

Heil oscillator An oscillator based on a special 
tube consisting of a heated cathode, first anode, 
metal cylinder, and second anode. Electrons 
emitted by the cathode pass through a hole in the 
first anode and become a beam, which passes 
through the cylinder and strikes the second an- 
ode (collector). Electron bunching in the cylinder 
causes energy to be transferred to a tank circuit 
between the cylinder and anodes. 
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Heisenberg uncertainty principle See UNCER- 
TAINTY PRINCIPLE. 

hekto- See HECTO-. 

heliacal cycle See SUNSPOT CYCLE. 

helical antenna A spring-shaped antenna mounted 
perpendicular to a flat metal-plate reflector, an ar- 
rangement that produces circularly polarized 
waves in a narrow beam. It is used primarily at 
ultra-high and microwave radio frequencies. 
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helical-beam antenna See HELICAL ANTENNA. 

helical line The helix in a backward-wave oscilla- 
tor or traveling-wave tube. 

helical potentiometer A potentiometer whose re- 
sistance element is a wire wound into a coil of 
several turns. The slider moves over the wire (or 
the larger coil) from one end to the other as the 
slider or coil is turned through several complete 
revolutions. Also called MULTITURN POTEN- 
TIOMETER. 

helical scanning Radar scanning by an antenna 
that moves vertically as it moves horizontally, 
producing a spiral motion to the radiated beam. 

helical sweep See SPIRAL SWEEP, 1, 2. 

helical transmission line See HELICAL LINE. 

helicone An antenna used at ultra-high and mi- 
crowave frequencies, consisting of a helical radia- 
tor within a cone-shaped reflector. 
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helionics The science of converting solar heat into 
electrical energy. The term is an acronym from 
helio- (pertaining to the sun) and electronics. 

heliostat 1. A servo-controlled motor-driven de- 
vice that drives a mirror to keep sunlight 
trained upon a specific target. 2. By extension, 
any similar device to keep a solar cell pointed to 
the sun. 

helitron A form of oscillator used at ultra-high and 
microwave frequencies. The output frequency is 
variable over a wide range. 

helium Symbol, He. A gaseous element. Atomic 
number, 2. Atomic weight, 4.0026. 

helium group The six inert gases in group O of the 
periodic table: argon, helium, krypton, neon, 
xenon, and radon. 

helium-neon laser A laser in which the lasing sub- 
stance is a mixture of helium and neon. Produces 
a characteristic brilliant red visible output. Also 
see HELIUM and NEON. 

helix 1. A single-layer coil. 2. That which is coil- 
shaped (i.e., spiral in configuration). 3. See HELI- 
CAL ANTENNA. 4. See HELICAL LINE. 

helix line See HELICAL LINE. 


helix recorder An information recorder using a 
spiral method of scanning. The recording 
medium is usually drum-shaped. 

Helmholtz coil A device consisting of two crossed- 
field primary windings in which an inductively 
coupled secondary winding rotates. The primary 
windings carry currents that differ in phase by 90 
degrees. Rotating the secondary coil provides 360 
degrees of continuously variable phase shift. 


Output 


wl 
n 
nit 


Input 


Helmholtz coil 


Helmholtz double layer An intermolecular layer 
between a metal and an electrolyte in which it is 
immersed. It is formed when the adhesive force be- 
tween the metal and electrolyte decreases the sur- 
face tension of the metal, causing positive ions to 
migrate from the metal into the liquid. The metal, 
charged negatively, and the electrolyte, charged 
positively, form a capacitor whose dielectric is the 
Helmholtz layer. 

Helmholtz resonator An acoustic (sound) cham- 
ber whose geometry, in combination with the size 
of a small opening, results in resonance at a spe- 
cific frequency. 

HEM Abbreviation of hybrid electromagnetic (see, for 
example, HYBRID ELECTROMAGNETIC WAVE). 

hemimorphic Pertaining to an object with ends 
that have unlike faces. 

He-Ne laser See HELIUM-NEON LASER. 

henry Symbol, H. The standard unit of inductance. 
It is the inductance exhibited by a closed circuit 
in which one volt is produced by a current chang- 
ing uniformly at one ampere per second. This is a 
large unit of inductance; more common units are 
the MILLIHENRY and the MICROHENRY. 

hermaphroditic plug A plug that has the prongs of 
a male plug and the recessed contacts of a female 
plug. Compare FEMALE PLUG and MALE PLUG. 

hermetically sealed Constructed in manufacture 
so as to be permanently closed against the entry 
of air or other gases, dust, and moisture. 

hermetic seal A permanent, air-tight seal that ef- 
fectively prevents corrosion from elements in the 
outside environment. 

herringbone pattern A pattern of interference ina 
television picture, so named because of its resem- 
blance to the skeleton of a fish. 

Herschel-Quincke tube An acoustic device that 
demonstrates sound interference. The device has 
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two hollow cylinders, one of which can be ad- 
justed in length. At the far end of the apparatus, 
the cylinders are joined together. The resultant 
amplitude depends on the difference in length be- 
tween the cylinders. Sound wavelengths can be 
measured using this apparatus. 

hertz Abbreviation, Hz. The standard unit of fre- 
quency (of periodic phenomena, such as alternat- 
ing or pulsating currents); 1 Hz = 1 cycle per 
second. One Hz is an extremely small unit of fre- 
quency; more common units are the KILOHERTZ, 
the MEGAHERTZ, and the GIGAHERTZ. 

Hertz antenna An ungrounded halfwave antenna 
fed by a transmission line attached to one end or 
to the center of the radiator. See, for example, 
CENTER-FED ANTENNA and END-FED AN- 
TENNA. Compare MARCONI ANTENNA. 

Hertz effect [Ionization of a gas, produced by in- 
tense ultraviolet radiation. 

Hertzian antenna See HERTZ ANTENNA. 

Hertzian oscillator See HERTZ OSCILLATOR. 

Hertzian radiation Radiation of electromagnetic 
(radio) waves. 

Hertzian waves Electromagnetic waves in the ra- 
dio spectrum, with wavelengths longer than those 
of infrared, visible light, ultraviolet, X rays, or 
gamma rays. 

Hertz oscillator A damped-wave generator of os- 
cillations, used by Hertz in his demonstration of 
radio waves in 1888 (verifying the earlier predic- 
tion by James Clerk Maxwell). The oscillator con- 
tains a spark gap supplied by an induction coil, 
attendant coils, capacitors (in the prototype, Ley- 
den jars), and two large metal plates. 





ye 


From secondary 
of induction coil 


Hertz oscillator 


Hertz vector A single vector that specifies the elec- 
tromagnetic field (electric and magnetic compo- 
nents) of a radio wave. 

hesitation As distinct from a halt, a brief break in 
a computer program run during which internal 
operations are occurring, such as data transfer to 
a peripheral. 

heterochromatic Consisting of different frequen- 
cies, wavelengths, or colors. Compare MONO- 
CHROMATIC. 
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heterodyne 1. To beat one alternating-current sig- 
nal against another to produce one or more beat- 
frequency signals. Also see BEAT FREQUENCY 
and BEAT NOTE. 2. The whistle produced when 
two signals very close in frequency are mixed in a 
radio receiver. 3. To combine radio signals in a 
mixer, the purpose of which is to produce a sum 
or difference signal for further processing. 

heterodyne detection 1. Signal detection by beat- 
ing the incoming signal against one produced by 
a local oscillator. In this way, an unmodulated 
signal is made audible (the beat note is an audio 
frequency). 2. Signal detection by a superhetero- 
dyne circuit. 

heterodyne detector 1. A detector that makes a 
radio-frequency (RF) signal audible by beating it 
against the RF signal of a local oscillator, the 
product being an audio-frequency (AF) beat note. 
2. The FIRST DETECTOR or SECOND DETEC- 
TOR in a SUPERHETERODYNE CIRCUIT. 3. A 
combination linear detector and local RF oscilla- 
tor used to detect and measure the frequency 
of test signals. Also see HETERODYNE FRE- 
QUENCY METER. 

heterodyne eliminator See WHISTLE FILTER. 

heterodyne filter See WHISTLE FILTER. 

heterodyne frequency The frequency of the signal 
obtained by beating one signal against another. 

heterodyne frequency meter A_ frequency- 
measuring device that contains a_ variable- 
frequency oscillator (VFO), a mixer, and an 
indicator such as an analog meter. The oscillator 
frequency is adjusted until zero beat is reached 
with the signal source. This condition is shown by 
a dip in the meter indication. An audio amplifier 
can be coupled to the output of the device instead 
of a meter; in this case the heterodyne appears as 
an audible tone whose frequency drops to zero 
when the oscillator frequency is equal to the 
signal frequency being measured. 

heterodyne method See HETERODYNE, 1. 

heterodyne oscillator A signal generator whose 
output is the beat product of outputs from two in- 
ternal oscillators. The output frequency can be ei- 
ther the sum or the difference of the oscillator 
frequencies, as selected by output filtering or 
tuning. See BEAT-FREQUENCY OSCILLATOR. 

heterodyne reception Radio reception (especially 
in telegraphy) by means of the beat-note process. 
Also see HETERODYNE DETECTION, 1 and HET- 
ERODYNE DETECTOR, 1. 

heterodyne repeater A REPEATER in which the 
received signals are converted to another fre- 
quency before transmission. 

heterodyne-type frequency meter 
DYNE FREQUENCY METER. 

heterodyne wave analyzer A type of audio- 
frequency (AF) wave analyzer. The input signal is 
heterodyned in a balanced modulator with the 
signal from an internal tunable oscillator. One of 
the resulting sidebands is passed through a 


See HETERO- 
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sharp bandpass filter, whose output actuates an 
alternating-current (ac) voltmeter. The internal 
oscillator is tuned slowly so that different compo- 
nents of the balanced-modulator output side- 
band pass successively through the filter. The 
amplitude-versus-frequency function of the input 
signal is determined by noting the meter readings 
as the internal oscillator is tuned. 

heterodyne wavemeter See HETERODYNE FRE- 
QUENCY METER. 

heterodyne whistle See HETERODYNE, 2. 

heterogeneous Pertaining to a group of objects or 
devices that have differing characteristics. 

heterogeneous radiation Any broadband form of 
radiation. In particular, broadbanded radio 
waves, infrared radiation, visible light, ultraviolet, 
X rays, or gamma rays. 

heterolysis The HYDROLYSIS of a compound into 
two oppositely charged ions. 

heteropolar generator An electric generator in 
which the active conductors move through mag- 
netic fields, first in one direction, then in the 
other direction. This is done by means of rotation 
in a nonuniform magnetic field. Most generators 
in common use are of this kind. 

heuristic knowledge In artificial intelligence (AI), a 
form of machine knowledge in which a computer 
learns from its mistakes. As a complex program is 
repeatedly run over a period of time, the number 
of errors per run approaches zero. 

heuristic program In artificial intelligence (Al), a 
program with which the computer solves a prob- 
lem by trial and error, often learning in the pro- 
cess so that mistakes will not be repeated on 
subsequent runs. 

Heusler’s alloys Ferromagnetic alloys that contain 
one or more non-magnetic metals (such as alu- 
minum, copper, or manganese). 

hexadecimal number system An alphanumeric, 
base-16 system of number notation used in some 
computers. The system uses the usual digits plus 
the letters A through F to represent the numbers 
10 through 15 (each place can only hold one sym- 
bol). 

hex inverter A collection of six digital inverters, or 
NOT gates, contained within one package, usu- 
ally an integrated circuit. 

Hf Symbol for HAFNIUM. 

HF Abbreviation of HIGH FREQUENCY. 

Hg Symbol for MERCURY. 

HH beacon In radionavigation, a nondirectional 
homing beacon. 

hi_ 1. Contraction of HIGH. 2. Radiotelegraph sym- 
bol for a laugh, often verbalized by radio ama- 
teurs. 

HIC Abbreviation of HYBRID INTEGRATED CIR- 


CUIT. 
HIDM Abbreviation of HIGH-INFORMATION 
DELTA MODULATION. 


hierarchical password protection Also called 
multilevel password protection. A security feature 


that prevents unauthorized use of a computer, 
network, or database. The password levels allow 
users various degrees of control over the host ma- 
chine. 

hi-fi 1. Contraction of HIGH-FIDELITY. 2. In video 
recording, the addition of sound having high fi- 
delity. 

high 1. Pertaining to a circuit point or condition at 
some potential above ground. 2. The logical digit 
1. 3. The condition of having relatively large mag- 
nitude (e.g., HIGH FREQUENCY and HIGH VOLT- 
AGE). 4. Pertaining to the upper portion of a 
range, as in HIGH BAND or HIGH FREQUENCY. 
5. Characterized by greater-than-normal re- 
sponse or performance, as in HIGH Q or HIGH FI- 
DELITY. 

high band 1. The higher or highest frequency band 
used in communications, testing, or processing, 
when several bands are available. 2. The very- 
high-frequency (VHF) television channels 7 
through 13. 3. The communications frequency 
range from about 144 MHz to about 170 MHz. 

high boost In sound recording and reproduction, 
the emphasis of high frequencies in an operating 
spectrum. Also called HIGH-FREQUENCY COM- 
PENSATION. 

high-C circuit A tuned circuit having high capaci- 
tance and low inductance at a given frequency. 
Such a circuit is characterized by high selectivity 
and low voltage. Compare HIGH-L CIRCUIT. Also 
see LC RATIO. 

high contrast In an image, a limited range of gray 
values between black and white, or a similar con- 
dition in a color image (overbright whites, little 
shadow detail). Also see CONTRAST. 

high definition In facsimile or television, a condi- 
tion of minute detail so that the original scene is 
faithfully reproduced. 

high-definition television Abbreviation, HDTV. A 
method of getting enhanced detail into a televi- 
sion (TV) picture and for obtaining better audio 
quality, compared with standard analog TV. 
There are several different schemes. The most no- 
ticeable feature is the crispness of the picture. 
This is vividly apparent in big-screen installa- 
tions, which have traditionally suffered from im- 
age blurring. A standard TV picture has 525 lines 
per frame, but HDTV systems can have more 
than twice that number. Another important dif- 
ference is that HDTV is digital; this minimizes 
susceptibility to interference. Interlacing is used 
in some systems. 

high-density bipolar-3 code A communications or 
digital code in which two logic highs (ones) can 
occur in sequence, without the need for an inter- 
vening logic low (zero) to separate them. 

high-efficiency linear amplifier A LINEAR AM- 
PLIFIER with higher operating efficiency than is 
obtainable with conventional class-B linear am- 
plifiers. Efficiencies on the order of 60% at 100% 
modulation are possible. 
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high-energy materials See HARD MAGNETIC MA- 
TERIALS. 

high-energy particle 1. A SUBATOMIC PARTICLE 
that has been given high velocity by a particle ac- 
celerator. 2. High-speed subatomic particles 
emitted by the sun during a solar flare, or arriv- 
ing from outer space. 

high-energy physics The discipline dealing with 
the characteristics, properties, and applications 
of HIGH-ENERGY PARTICLES. 

higher-order language See HIGH-LEVEL LAN- 
GUAGE. 

high fidelity Abbreviation, hi-fi. Pertaining to an 
audio-frequency system that is very faithful to 
the signal it is processing (i.e., one characterized 
by extremely low distortion and wide frequency 
response). 

high frequency Abbreviation, HF. Pertaining to 
frequencies in the 3- to 30-MHz band (wave- 
lengths from 10 to 100 meters). Also see RADIO 
SPECTRUM. 

high-frequency alternator A dynamo for generat- 
ing radio-frequency energy. 

high-frequency bias In a tape recorder, a high- 
frequency sinusoidal signal superimposed on the 
signal being recorded, for improving linearity and 
dynamic range. 

high-frequency compensation See HIGH BOOST. 

high-frequency converter See SHORTWAVE 
CONVERTER. 

high-frequency crystal See HARMONIC CRYS- 
TAL. 


high-frequency direction finder Abbreviation, 
HDF. A direction finder operated at high radio fre- 
quencies (i.e., between about 3 MHz and 30 MHz). 

high-frequency heating Electronic heating of ma- 
terials by high-frequency energy. See, for exam- 
ple, DIELECTRIC HEATING and INDUCTION 
HEATING. 

high-frequency resistance See 
QUENCY RESISTANCE. 

high-frequency speaker See TWEETER. 

high-frequency trimmer 1. In older _high- 
frequency communications receivers, a low-value 
variable capacitor operated in parallel with a usu- 
ally front-panel tuning capacitor to set the high- 
frequency end of the tuning range. See, for 
example, OSCILLATOR TRIMMER. 2. A small 
variable capacitor used in conjunction with a 
larger tuning capacitor, the function of which is 
to permit precision tuning of the larger device. 

high-impedance-state output current Pertaining 
to tests that ensure that an integrated circuit will 
not overload a bus line. 

high-impedance voltmeter A voltmeter having an 
input impedance of at least several megohms. 

high-information delta modulation A  com- 
panded form of delta modulation, operating at 
comparatively low sample rate. 

high-L circuit A tuned circuit having high induc- 
tance and low capacitance at a given frequency. 


RADIO-FRE- 
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Such a circuit is characterized by low selectivity 
and high voltage. Compare HIGH-C CIRCUIT. 
Also see LC RATIO. 

high-level audio signal An audio-frequency signal 
that has been preamplified (e.g., the output of a 
compact-disc player). Compare LOW-LEVEL AU- 
DIO SIGNAL. 

high-level input current 1. Pertaining to the test- 
ing of intertransistor leakage in an integrated cir- 
cuit (IC) having multiple emitter inputs. 2. The 
current into an IC input at minimum high-level 
voltage. 

high-level language Also called higher-order lan- 
guage. A computer programming language in 
which the operator is easily able to communicate 
with the machine. It generally serves as an inter- 
face between a human programmer and the MA- 
CHINE LANGUAGE. Examples are BASIC, C, 
C++, COBOL, and FORTRAN. 

high-level modulation In an amplitude-modula- 
ted transmitter, introduction of the audio at the 
final stage of radio-frequency amplification, per- 
mitting 100% modulation of the full-power signal. 


Osc Amp Final 
amp 

: Audio 

Mixed Audio power 
amp amp 


high-level modulation 


high-level output current 1. Pertaining to the 
testing of drive capability and fanout of an inte- 
grated circuit (IC). 2. The current flowing from an 
IC output when in the high state. 

high-level recovery Hardware recovery using data 
not involved in the failure, such as that on a mag- 
netic storage medium. Also see HARDWARE RE- 
COVERY. 

highlight 1. A bright area in a television picture. 2. 
In computer data processing, the defining or set- 
ting-off of a block of data (such as text), with the 
intention of relocating, editing, or deleting it. 

high-noise-immunity logic Abbreviation, HNIL. A 
form of bipolar digital logic designed for minimal 
sensitivity to noise. Also known as high-threshold 
logic (HTL). 

high order Descriptive of the relationship between 
bits or digits in a word or number. Of two digits, 
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the one holding the higher place value is the high- 
order digit (e.g., 2 is the high-order digit in 25). 

high-pass filter A combination of capacitance, in- 
ductance, and/or resistance, intended to produce 
large amounts of attenuation below a certain fre- 
quency and little or no attenuation above that fre- 
quency. The frequency at which the transition 
occurs is called cutoff. At cutoff, the power atten- 
uation is 3 dB with respect to the minimum at- 
tenuation. At frequencies above cutoff, the power 
attenuation is less than 3 dB. At frequencies be- 
low cutoff, the power attenuation is more than 
3 dB. The simplest circuit consists of a parallel 
inductor or a series capacitor. The inductance- 
capacitance (LC) circuit has a combination of par- 
allel inductors and series capacitors. In the 
resistance-capacitance (RC) circuit, resistors are 
substituted for the inductors. Compare BAND- 
PASS FILTER, BAND-REJECTION FILTER, LOW- 
PASS FILTER. 
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high-pass filter 





high-pass-filter method A method of measuring 
the total harmonic distortion (THD) percentage 
using a high-pass filter to separate the harmonics 
from the fundamental. The output voltage V, of 
the filter is compared with the input voltage Vj; 
then THD = 100V,/V;. 

high-performance Pertaining to apparatus designed 
for continuous operation with maximum reliability. 

high-performance navigation system Acronym 
HIPERNAS. An electromechanical guidance sys- 
tem that is purely inertial and self-compensating. 

high-potential test A high-voltage test of insula- 
tion, in which the applied voltage is continuously 
increased until the breakdown point of the dielec- 
tric is reached. 

high-power rectifier A rectifier designed for high- 
voltage, high-current operation. 

high Q Foracomponent or circuit, a high value for 
the ratio X/R (reactance to resistance). This is a 
relative term because a particular numerical 
value of Q, considered high in one situation, 
might be regarded as low under other circum- 
stances. Also see FIGURE OF MERIT. 

high-resistance joint In the wiring of electronic 
equipment, a joint or connection between con- 
ductors that is poorly made, thereby introducing 
a high resistance between the parts. 
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high-resistance voltmeter A voltmeter having an 
input resistance of at least several megohms. 

high-speed carry In computer operation, a carry 
into a column causing a carry out, circumventing 
the usual intermediate adding circuit. 

high-speed diode See COMPUTER DIODE. 

high-speed flip-flop A _ flip-flop having 
switch-on and switch-off time. 

high-speed oscilloscope An oscilloscope with excel- 
lent high-frequency and unit-function response. It 
can reproduce high-speed pulses faithfully. 

high-speed relay A relay with a short make or 
short break interval. 

high-speed transistor See SWITCHING TRANSIS- 
TOR. 

high tension Pertaining to utility power-transmis- 
sion lines on which there are very high voltages, 
typically 100 kilovolts (100 kV) or more. 

high-tension line A power-transmission line car- 
rying a very high voltage. It is generally used for 
the transfer of electric power over long distances. 

high-threshold logic See HIGH-NOISE-IMMUNITY 
LOGIC. 

high voltage 1. A voltage considerably higher than 
those ordinarily encountered in a particular ap- 
plication. The term is comparative; a few hundred 
volts might be considered high in one situation, 
but low in another. 2. In a cathode-ray tube, the 
voltage that accelerates the beam electrons. 3. In 
a television receiver, the picture-tube anode volt- 
age. 4. In a vacuum-tube power amplifier, the 
plate supply voltage. 

high-voltage probe A very-high-resistance probe 
for measuring high voltages with a low-range 
voltmeter. 

highway A path over which multiple signals are 
propagated using time-division multiplexing. 

HILAC Acronym for heavy-ion linear accelerator. 

hill-and-dale recording See VERTICAL RECORD- 
ING. 

hinged-iron instrument An _alternating-current 
meter whose input transformer core is hinged in 
two parts. By means of a thumb trigger, the core 
can be opened, then closed around the current- 
carrying conductor that induces magnetism in the 
core; a secondary coil delivers current to the me- 
ter. Also called clamp ammeter or clamp voltmeter. 

HIPERNAS Acronym for HIGH-PERFORMANCE 
NAVIGATION SYSTEM. 

hipernick A high-permeability alloy of iron and 
nickel. 

hipot Contraction of high potential. See HIGH- 
POTENTIAL TEST. 

hiss 1. A high-pitched sound rich in sibilants (s, 
sh, and z sounds) produced by random high- 
frequency fluctuations in current. 2. The character- 
istic, high-pitched background noise (as in 1) 
accompanying super-regeneration. 3. Internally 
generated noise in a communications receiver, 
amplified by the audio-frequency stages and ap- 
pearing at the speaker or headphones. 
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List of components 


Vi = valve ECC81 or 12AT7 


Ri = 10Mohm 

R2 = 100Kohm 

R3 = 47Khohm 

R4 = potentiometer 22Kohm linear 
RS = 1Mohm 

R6 = 1Kohm 


C1 = variable capacitor in air 20 + 20pF 

C2 = ceramic 47pF 

C3 = 10nF minimum 100V 

C4 = 2.2nF 

CS = 25uF 16V electrolytic 

C6 = 10nF 250V or more 

L1 = 7 spiers spaced 1.5mm, diameter 1.4mm thread on 1cm support 
L2 = 2 spaced spaced 1.5mm, diameter 1.4mm thread on 1cm support 
JAF1 = 5-10uH Noval 

valve plinth with screen support or take the screen separately. 

Stereo jack to be connected with the two earphones in series (do not connect the central mass terminal). 
2 knobs for tuning and reaction. 

mammoths for connections. 

Directional stylus antenna. 

For resistances to the maximum use from half a watt but also 1 / 4W should not give problems. 


hiss filter See HASH FILTER. 

hit 1. The occurrence of a lightning stroke at a spe- 
cific point on the ground. Also called direct hit. 2. 
The coincidence of two pulses. 

Hlines Magnetic lines of flux. 

HLL Abbreviation of HIGH-LEVEL LANGUAGE. 

H network A network of five impedances: two con- 
nected in series between the upper input and 
output terminals, two between the lower input 
and output terminals, and one shunted between 
the junctions of the series-connected im- 
pedances. Also called H pad, balanced tee net- 
work, and balanced tee pad. 


H network 


Ho Symbol for HOLMIUM. 

hobby robot A robot intended for amusement and, 
sometimes, for education. Such robots often take 
humanoid form. Some are programmable, and 
can give demonstrations, play musical instru- 
ments, and do other complex routines. 

hockey-stick lead On a capacitor, resistor, or 
other component, a pigtail lead that is given a 
single crimp for easy insertion into a printed- 
circuit board. 

hodoscope An instrument consisting essentially of 
closely spaced ion counters, for studying the path 
of an ionizing particle. 

Hoffmann electrometer 
METER. 

hog horn A form of horn antenna used in mi- 
crowave applications. It is generally used in the 
feed system of a dish antenna. The horn opening 
points in the direction of the feed waveguide. 

hold 1. To retain data in a storage device after the 
data has been duplicated in another location or 
device. 2. A momentary halt of an operation or 
process. 3. In a television receiver, a control that 
stabilizes the vertical or horizontal synchroniza- 
tion. 

hold circuit 1. See HOLDING CIRCUIT. 2. In a 
television receiver, the circuit associated with the 
hold control(s). Also see HORIZONTAL-HOLD 
CONTROL and VERTICAL-HOLD CONTROL. 

hold control See HORIZONTAL-HOLD CONTROL 
and VERTICAL-HOLD CONTROL. 


See BINANT ELECTRO- 
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hold current Symbol, I,. The minimum current 
that will keep a normally open relay closed or a 
normally closed relay open. 

hold electrode In a mercury switch, the electrode 
that is in permanent contact with the mercury. 

holding beam In an electrostatic cathode-ray stor- 
age tube, the electron beam that generates re- 
placement charges for those that were stored on 
the dielectric surface and then lost. 

holding circuit In an electromechanical relay, a 
separate circuit that, when energized, keeps the 
relay actuated. 

holding coil In an electromechanical relay, the ex- 
tra coil that is associated with the holding circuit. 

holding current 1. Current in the holding coil of a 
relay. 2. In a gas tube, the minimum current re- 
quired to maintain ionization. 

holding gun In an electrostatic cathode-ray stor- 
age tube, the electron gun that generates the 
holding beam. 

hold mode A condition in which the output state of 
a digital-logic circuit remains unchanged while 
the input signals are removed. 

hold-off voltage The highest voltage that can be 
applied to a flashtube without causing it to fire. 

holdover The flow of current through the ionized 
path created by an electric arc. 

hold time 1. The time permitted for a weld to 
harden in resistance welding. 2. In digital com- 
munications, the time for which a signal is main- 
tained at a certain input after changing state at 
another specified input. 

hole 1. In a semiconductor atom, the vacancy re- 
sulting from the loss of an electron. When an 
electron is lost, so is its negative charge, leaving 
an equivalent net positive charge. This charge, 
like that of an electron, can move as a current 
carrier. 2. The punched-out portion of a chassis 
or panel, through which wires can be passed or 
components mounted. 

hole conduction In a semiconductor material, 
electrical conduction as a result of HOLE CUR- 
RENT. 

hole current In a semiconductor material, the 
electrical current resulting from the movement 
of positive charge carriers (holes). Also see 
HOLE. 

hole density The degree of concentration of holes 
in a semiconductor. Also see HOLE. 

hole-electron pair In a semiconductor, a hole and 
a related electron. Each electron in the conduc- 
tion band has a counterpart in the valence band, 
a vacancy (HOLE) left by the movement of the 
electron to the conduction band. 

hole injection The creation of mobile holes in a 
semiconductor by applying an electric charge. 
Also see HOLE. 

hole injector 1. The emitter electrode of a bipolar 
pnp transistor. 2. The metal whisker of a point- 
contact diode having an n-type wafer. 3. The 
player of a forward-biased junction diode. 
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hole mobility The ease with which a hole moves 
within a semiconductor. Also see CARRIER MO- 
BILITY. 

hole storage See CARRIER STORAGE. 

hole storage factor In a bipolar transistor biased 
to saturation, the amount of storage charge 
caused by excess base current. 

hole trap In asemiconductor, an impurity that can 
cancel holes by releasing electrons to fill them. 

hollow coil A coreless inductor. 

hollow conductor Tubing used as a low-loss con- 
ductor at radio frequencies. 

hollow core A core that is not solid throughout— 
especially one that has a central mounting hole. 

holmium Symbol, Ho. A metallic element of the 
rare-earth group. Atomic number, 67. Atomic 
weight, 164.93. Forms highly magnetic com- 
pounds. 

holocamera A camera for making holograms. Also 
see HOLOGRAM, 1 and HOLOGRAPHY. 

hologram 1. A wavefront recording made on pho- 
tographic film by the process of HOLOGRAPHY. 
By changing the frequency of the light transmit- 
ted, various magnifications of the image can be 
obtained. Produces a true three-dimensional im- 
age. 2. A visible, three-dimensional display pro- 
jected in the air or underwater by means of 
lasers. They are often used at outdoor music con- 
certs and other events. 

holography A method of producing a wavefront 
recording of an object illuminated by laser light. 
The result, an interference pattern, appears 
meaningless when viewed in ordinary diffuse 
light. But when a point source of illumination is 
used, especially a laser, an image appears that is 
convincingly three-dimensional. 

homeostasis The condition of being in static equi- 
librium. 

home station See BASE STATION. 

homing 1. Guidance by means of an electronic 
beacon. The vehicle maintains a course toward 
the beacon. 2. Guidance by means of some form 
of emission from a target object. The emission 
can be acoustic or electromagnetic energy. 

homing antenna A direction-finding antenna— 
especially one on a mobile vehicle. 

homing beacon A station radiating a beam for use 
in direction finding by mobile vehicles. 

homing device A receiving device mounted on a 
mobile vehicle, and that continuously indicates 
the direction of a selected transmitting station 
that is the vehicle’s destination. 

homing relay A stepping relay that returns to its 
starting position after each switching sequence. 
Also see STEPPING SWITCH. 

homing station See HOMING BEACON. 

homodyne reception See ZERO-BEAT RECEP- 
TION. 

homogeneous 1. Uniform in structure; similar at 
all points or locations. 2. Consisting of many 
identical elements. 
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homogous field A field whose lines of flux in one 
plane pass through a single point. 

homolysis The decomposition of a compound into 
a pair of neutral atoms or radicals. 

homomorphism A one-to-one correspondence be- 
tween the elements of two sets. 

homopolar Pertaining to the union of atoms of the 
same polarity; nonionic. 

homopolar generator A direct-current (dc) genera- 
tor whose poles have the same polarity, with re- 
spect to the armature. Thus, no commutator is 
necessary. 

homopolar magnet 
are concentric. 

homunculus In artificial intelligence (AI), a com- 
puter or robot that exhibits characteristics of a 
living being; especially, an ANDROID. 

honeycomb coil A multilayer coil having a UNI- 
VERSAL WINDING. 

honeycomb winding See UNIVERSAL WINDING. 

honker Also called midrange speaker. A loud- 
speaker that favors the middle audio frequencies. 
Compare TWEETER and WOOFER. 

hood A light shield for a cathode-ray tube; it allows 
the screen to be viewed with a minimum of inter- 
ference from room light. 

Hooke’s law Strain is proportional to the stress 
that produces it, as long as the ELASTIC LIMIT is 
not exceeded. 

hook switch A switch that closes a circuit when a 
headset or handset is lifted from the resting posi- 
tion. The common telephone receiver uses such a 
switch. 

hook transistor A four-layer pnpn semiconduc- 
tor device, in which the outer p and n layers 
serve as emitter and collector, the inner n layer 
being the base. This places a p layer between 
the base and collector, resulting in a transistor 
that provides high alpha as a result of carrier 
multiplication by the additional junction in the 
collector layer. 

hookup See SCHEMATIC DIAGRAM. 

hookup wire Flexible, insulated wire used in the 
wiring of some electrical and electronic devices. 

hoop antenna See CAGE ANTENNA. 

hoot stop During a computer program run, a loop 
made evident by a sound signal. 

hop In long-distance radio communications, the 
transmission of a wave and its subsequent return 
to the earth from the ionosphere; it is of impor- 
tance mainly at low, medium, and high frequen- 
cies. 

hor Abbreviation of HORIZONTAL. (Also, H and 
horiz.) 

horiz Occasional abbreviation of HORIZONTAL. 
The usual form is hor; another alternate is H. 

horizon 1. For a specific location, the circle on the 
celestial sphere midway between the zenith (the 
point directly overhead) and the nadir (the point 
directly underfoot). 2. Also called visual horizon. 
The set of points, as viewed from a particular 


A magnet whose pole pieces 
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location, where the sky and the earth appear to 
meet (i.e., the last visible part of the earth’s sur- 
face from a given observation point). 3. Also 
called radio horizon. The set of points, from a par- 
ticular location at a given radio frequency, repre- 
senting the maximum communications range via 
the ground wave under normal conditions. Also 
see ARTIFICIAL HORIZON. 

horizontal 1. Pertaining to objects or effects in a 
plane perpendicular to a line connecting the 
zenith (the point directly overhead) and the nadir 
(the point directly underfoot). 2. Pertaining to 
that which is parallel to an assumed flat surface. 
3. Pertaining to width deflection on a cathode-ray 
tube. 

horizontal AFC In a television receiver circuit, au- 
tomatic frequency control (AFC) of the horizontal 
sweep. It keeps the receiver’s horizontal scanning 
in step with that of the camera at the transmit- 
ting station. 

horizontal amplification Gain provided by the 
horizontal channel of a device, such as an oscil- 


loscope, cathode-ray_ electrocardiograph, or 
television receiver. Compare VERTICAL 
AMPLIFICATION. 


horizontal amplifier A circuit or device that pro- 
vides HORIZONTAL AMPLIFICATION. Compare 
VERTICAL AMPLIFIER. 

horizontal angle of radiation For an antenna, the 
direction of maximum radiation in the horizontal 
plane (see HORIZONTAL, 1), provided as an az- 
imuth angle measured clockwise from geographic 
north. 

horizontal angle of deviation In a communica- 
tions circuit, the angular difference, in degrees, 
between the compass direction from which a re- 
ceived signal arrives, and the great-circle path 
connecting the receiving station with the trans- 
mitting station. 

horizontal axis The axis that is parallel to an as- 
sumed horizontal surface (of the earth, for exam- 
ple) or the one so represented in a diagram. Also 
see X-AXIS. 

horizontal beamwidth In a directional antenna 
system, the angle, measured in the horizontal 
plane, between the half-power points in the major 
lobe. 

horizontal blanking See HORIZONTAL RETRACE 
BLANKING. 

horizontal-blanking pulse In a television signal, 
the rectangular pedestal-shaped pulse that oc- 
curs between the active horizontal lines to 
achieve horizontal retrace blanking. Compare 
VERTICAL-BLANKING PULSE. 

horizontal centering control See CENTERING 
CONTROL. 

horizontal channel The system of amplifiers, con- 
trols, and terminations that constitute the path of 
the horizontal signal in an equipment, such as an 
oscilloscope or graphic recorder. Compare VER- 
TICAL CHANNEL. 
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horizontal-convergence control In a color televi- 
sion receiver, the variable component for adjust- 
ing the horizontal dynamic convergence voltage. 

horizontal coordinates See CARTESIAN COORDI- 
NATES. 

horizontal deflection In a cathode-ray tube, the 
lateral movement of the electron beam on the 
screen. Compare VERTICAL DEFLECTION. 

horizontal deflection coils The pair of coils that 
produces the magnetic field to horizontally deflect 
the electron beam in an electromagnetic cathode- 
ray tube. Also see DEFLECTION COIL. 

horizontal-deflection electrodes See HORIZON- 
TAL DEFLECTION COILS and HORIZONTAL DE- 
FLECTION PLATES. 

horizontal deflection plates In an electrostatic 
cathode-ray tube (typical of laboratory oscillo- 
scopes and some early television picture tubes), a 
pair of plates that produces an electric field to 
horizontally deflect the electron beam. Compare 
VERTICAL DEFLECTION PLATES. 

horizontal directivity The radiation or reception 
pattern of a directional antenna in the horizontal 
plane. 

horizontal-drive control See DRIVE CONTROL. 

horizontal dynamic convergence During the 
scanning of a horizontal line in a color picture 
tube, convergence of the electron beams at the 
aperture mask. Compare VERTICAL DYNAMIC 
CONVERGENCE. 

horizontal field strength The field strength of sig- 
nals passing through an antenna in a horizontal 
plane. Compare VERTICAL FIELD STRENGTH. 

horizontal-field-strength diagram A plot of hori- 
zontal field strength, usually in polar form. Com- 
pare VERTICAL-FIELD-STRENGTH DIAGRAM. 

horizontal flowcharting Flowcharting the move- 
ment of documents or files, rather than the data 
bits themselves, through a digital system. 
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horizontal frequency In television circuits, the 
horizontal scanning frequency [i.e., the frequency 
at which the horizontal lines are traced (generally 
15.750 kHz)]. 

horizontal frequency response The gain-vs- 
frequency characteristic of the horizontal channel 
of an oscilloscope or graphic recorder. Compare 
VERTICAL FREQUENCY RESPONSE. 

horizontal gain At a specified frequency, the over- 
all amplification of the horizontal channel of an 
oscilloscope or graphic recorder. Compare VER- 
TICAL GAIN. 

horizontal-gain control A control, such as a po- 
tentiometer, for adjusting horizontal gain. Com- 
pare VERTICAL-GAIN CONTROL. 

horizontal-hold control In a television receiver, 
the control for adjusting the horizontal oscilla- 
tor frequency to prevent horizontal tearing of 
the picture. Compare VERTICAL-HOLD CON- 
TROL. 

horizontal hum bars Dark, horizontal interferen- 
tial bars in a television picture, caused by HUM 
interference. 

horizontal linearity The precision of gain and de- 
flection in the horizontal channel of an oscillo- 
scope, graphic recorder, or television receiver. A 
linear picture is a faithful (undistorted) reproduc- 
tion of the original image. Compare VERTICAL 
LINEARITY. 

horizontal-linearity control In an oscilloscope or 
television receiver, the control with which hori- 
zontal linearity is adjusted. Compare VERTICAL- 
LINEARITY CONTROL. 

horizontal line frequency See HORIZONTAL FRE- 
QUENCY. 

horizontal lock See HORIZONTAL-HOLD CON- 
TROL. 

horizontally polarized wave An electromagnetic 
wave whose electric lines of flux are parallel to the 
plane of the horizon. Compare VERTICALLY PO- 
LARIZED WAVE. 

horizontal multivibrator In a television receiver, a 
15.750-kHz multivibrator that generates the hor- 
izontal sweep signal. 

horizontal oscillator In a TV receiver, the oscilla- 
tor (usually a multivibrator) that generates the 
horizontal sweep signal. Compare VERTICAL OS- 
CILLATOR. 

horizontal output stage In a television receiver, 
an output amplifier following the horizontal oscil- 
lator. Compare VERTICAL OUTPUT STAGE. 

horizontal output transformer In a television re- 
ceiver, the output transformer in the horizontal- 
oscillator-output amplifier section. Also called 
FLYBACK TRANSFORMER. 

horizontal polarization Pertaining to an electro- 
magnetic wave whose electric lines of flux are 
horizontal. In general, when the radiating ele- 
ment of an antenna is horizontal, the electric 
lines of flux in the transmitted waves are hori- 
zontal, and the antenna is most sensitive to in- 


coming signals whose electric lines of flux are 


horizontal. Compare VERTICAL POLARIZA- 
TION. 

horizontal positioning control See CENTERING 
CONTROL. 


horizontal quantity The quantity measured along 
the X-axis of a graph represented by the horizon- 
tal deflection of an oscilloscope beam. Compare 
VERTICAL QUANTITY. 

horizontal recording See LATERAL RECORDING. 

horizontal repetition rate See HORIZONTAL 
FREQUENCY. 

horizontal resolution In a television picture, the 
number of picture elements (pixels) that can be 
discerned in a horizontal scanning line. Compare 
VERTICAL RESOLUTION. 

horizontal retrace In a cathode-ray device, such 
as an oscilloscope or television receiver, the rapid 
return of the electron beam to its starting point 
after completing a horizontal sweep of the screen. 
Compare VERTICAL RETRACE. 

horizontal retrace blanking In oscilloscopes and 
television receivers, the automatic cutoff of the 
electron beam during a horizontal retrace period, 
preventing an extraneous line on the screen dur- 
ing the period. Compare VERTICAL RETRACE 
BLANKING. 

horizontal scanning 1. The lateral sweeping of the 
electron beam in a cathode-ray tube. 2. The sam- 
pling of x-axis values in a repetitive or nonrepeti- 
tive sweep of that axis. 

horizontal scanning frequency See HORIZONTAL 
FREQUENCY. 

horizontal sensitivity The signal voltage required 
at the input of a horizontal channel for full hori- 
zontal deflection. Also see HORIZONTAL GAIN. 
Compare VERTICAL SENSITIVITY. 

horizontal signal A signal serving as a horizontal 
quantity. Compare VERTICAL SIGNAL. 

horizontal sweep 1. In a cathode-ray tube, the 
horizontal movement of the spot on the screen; in 
particular, the movement from left to right, dur- 
ing which a line of the image is formed on the 
screen. 2. The circuit that produces horizontal 
sweep. 

horizontal sweep frequency The frequency at 
which horizontal sweep occurs; in a television re- 
ceiver, it is generally 15.750 kHz. Also called hor- 
izontal sweep rate. Compare VERTICAL SWEEP 
FREQUENCY. 

horizontal sweep rate See HORIZONTAL SWEEP 
FREQUENCY. 

horizontal-synec discriminator In a television re- 
ceiver, a circuit that compares horizontal sync- 
pulse phase with the phase of the signal from the 
horizontal sweep oscillator. 

horizontal synchronization In a television re- 
ceiver, synchronization of the horizontal compo- 
nent of scanning with that of the transmitting 
camera. Also see HORIZONTAL SYNC PULSE. 
Compare VERTICAL SYNCHRONIZATION. 
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horizontal sync pulse In a video signal, the pulse 
that synchronizes the horizontal scanning com- 
ponent in a television receiver with that of the 
camera; it also triggers horizontal retrace and 
blanking. Also see BACK PORCH. Compare VER- 
TICAL SYNC PULSE. 

horizontal wave See HORIZONTALLY POLARIZED 
WAVE. 

horizontal-width control See WIDTH CONTROL, 
1, 2. 

horn A radiating device that is essentially a cylin- 
drical or rectangular pipe, whose surface flares 
from a narrow entry to a wide exit. See, for exam- 
ple, HORN ANTENNA, HORN SPEAKER, and 
MEGAPHONE. 

horn antenna An antenna used for transmission 
and reception of signals at microwave frequen- 
cies. There are several configurations; most have 
a square or rectangular cross section. The an- 
tenna provides a unidirectional radiation and 
response pattern, with the favored direction 
coincident with the opening of the horn. The feed 
line consists of a waveguide that joins the an- 
tenna at the narrowest point (throat) of the horn. 
This type of device is used alone in microwave 
transmitters known as Gunnplexers. The device 
works well in the feed systems of large dish an- 
tennas; the horn is pointed toward the center of 
the dish, in the opposite direction from the fa- 
vored direction of the dish. See also DISH AN- 
TENNA, GUNNPLEXER. 

horn cutoff frequency The lowest frequency at 
which an exponential horn will function properly. 
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5059F-pH-326-351 4/10/01 9:00 AM Page 345 cb 


horizontal sync pulse * hot line 345 


horn loading In a sound-transmission system, a 
form of propagation that makes use of a horn- 
shaped speaker. 

horn mouth The wider (radiating) end of a horn 
antenna or speaker. Compare HORN THROAT. 

horn radiator See HORN ANTENNA. 

horn speaker A loudspeaker using a horn in con- 
junction with an acoustic transducer. It generally 
produces sound of low fidelity, and is intended for 
use in marginal environments, such as outdoor 
public-address (PA) systems. 

horn throat The narrower (input) end of a horn an- 
tenna or speaker. Compare HORN MOUTH. 

horsepower Abbreviation, hp. A unit of power 
equal to 746 watts. It is generally used to express 
mechanical power delivered by engines and elec- 
tric motors. 

horsepower-hour Abbreviation, hp-hr. A unit of 
energy or work represented by the equivalent of 
one horsepower delivered for a period of one 
hour; equal to 746 watt-hours. 

horseshoe coil See HAIRPIN COIL and HAIRPIN 
COUPLING COIL. 

horseshoe magnet A (usually permanent) magnet 
having the shape of a horseshoe or a U anda 
rectangular cross section. 

host A programmable computer that gathers and 
stores the information from all of the data-entry 
terminals in a system. 

HOT 1. Abbreviation of HORIZONTAL OUTPUT 
TRANSFORMER. 2. Abbreviation of HORIZON- 
TAL OUTPUT TUBE. 

hot 1. Pertaining to an object from which heat en- 
ergy is transferred to the environment by radia- 
tion, convection, and/or conduction. 2. Charged 
to an electrical potential, either positive or nega- 
tive, with respect to common ground. 3. Per- 
taining to a conductor that carries a high 
radio-frequency (RF) current or voltage. 

hot carrier In a semiconductor, a charge carrier 
(electron or hole) whose energy is higher than 
that of majority carriers normally encountered in 
the same material. 

hot-carrier diode A semiconductor diode having a 
metal base that receives HOT CARRIERS from a 
semiconductor layer. The unit has a fast switch- 
ing speed because there are virtually no minority 
carriers—either injected or stored. 

Hotel Phonetic alphabet code word for the letter H. 

hot-filament gas detector A gas detector in which 
the sensor is a heated filament acting as one arm 
of a Wheatstone bridge circuit. The bridge, previ- 
ously balanced, becomes unbalanced when gas 
impinges upon the filament and changes its re- 
sistance. 

hot junction The heated junction in a two-junction 
thermocouple circuit. Compare COLD JUNCTION. 

hot line 1. An energized wire, transmission line, or 
busbar. 2. A private communications channel 
(wire or radio) kept in constant readiness for in- 
stant use between persons of high authority. 
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hot-pen recorder See THERMAL RECORDER. 

hot plate A metal device, usually heated by means 
of electricity, used for the purpose of conducting 
certain experiments. 

hot resistance The resistance of a component dur- 
ing its operation (i.e., after it has been heated by 
ambient temperature or internal power dissipa- 
tion). Compare COLD RESISTANCE. 

hot spark A brilliant flash seen when a capacitor 
discharges through a spark gap in a vacuum. 

hot spot 1. In a circuit or component, an area 
whose temperature is ordinarily higher than 
that of the surrounding area. 2. A local current 
or voltage maximum on an antenna or transmis- 
sion line. 3. In communications operations, a 
geographic location in which reception is 
markedly better than in other nearby places or 
from which the transmitted signal appears to be 
stronger. 

hot-strip ammeter A current meter similar to the 
hot-wire meter, except that it has a heated metal- 
lic strip instead of a heated wire. 

hot-stylus recorder See THERMAL RECORDER. 

hot-tip writing The use of a heated-tip stylus in 
graphic recording. Also see THERMAL RE- 
CORDER. 

hot-wire ammeter See HOT-WIRE METER. 

hot-wire anemometer An electrical anemometer 
whose indication is based on the cooling effect of 
the wind on a heated filament. 

hot-wire flowmeter An instrument for determin- 
ing the rate of flow of a gas in a pipe or other 
channel. The circuit is similar to that of the gas 
detector and hot-wire anemometer. 

hot-wire gasmeter See GAS DETECTOR. 

hot-wire instrument See HOT-WIRE METER. 

hot-wire meter A meter in which current heats a 
wire, stretching it so that it moves a pointer 
across a scale over a distance proportional to the 
magnitude of the current. 

hot-wire microphone A microphone in which 
sound waves vary the temperature of a heated 
wire and, accordingly, its electrical resistance. 
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hot-wire relay A time-delay relay in which actuat- 
ing current heats a wire, causing it to expand, 
eventually opening or closing the contacts. Also 
see DELAY RELAY. 

hot-wire sensor See HEATED-WIRE SENSOR. 

hot-wire transducer See HOT-WIRE MICRO- 
PHONE. 

hour Abbreviation, h; (sometimes, hr). A unit of 
time measure equal to 60 minutes or 3600 sec- 
onds. Compare MINUTE, 1 and SECOND, 1. Also 
see TIME. 

housekeeping In digital-computer operations, the 
part of a program that attends to chores (e.g., set- 
ting variables to zero), rather than being involved 
in making computations for a solution. 

howl A discordant sound produced in headphones 
or a loudspeaker, usually as a result of acoustic 
or electrical feedback. 

howler 1. An audio-frequency alarm device. 2. A 
sound-emitting test device (see GROWLER, 1, 
2). 

howl repeater A form of electric feedback in 
which a hum or howl occurs because of oscilla- 
tion. The term is used to describe an oscillating 
conduction in a wire-communications-system 
repeater. 

hp Abbreviation of HORSEPOWER. 

h-p Abbreviation of HIGH PRESSURE. 

H pad See H NETWORK. 

h parameters Parameters of the four-terminal net- 
work equivalent of a transistor. They are hybrid 
parameters (thus, h) because of their appearance 
in mesh and nodal equations. The basic h param- 
eters are hj), input resistance with output short- 
circuited; hj, reverse voltage ratio with input 
open-circuited; hj, forward current gain with 
output short-circuited; and hy2, output conduc- 
tance with input open-circuited. 

h particle A positive hydrogen ion or proton ob- 
tained by bombarding a hydrogen atom with al- 
pha particles or high-velocity positive ions. 

HPF Abbreviation of highest probable frequency. 

hp-hr Abbreviation of HORSEPOWER-HOUR. 

HPI Abbreviation of HEIGHT-POSITION INDICA- 
TOR. 

H plane The plane of the magnetic field of an an- 
tenna, or the magnetic component of an electro- 
magnetic field. Compare E PLANE. 

H-plane bend In a waveguide, a smooth change in 
the direction of the axis perpendicular to the di- 
rection of polarization. 

H-plane tee junction A waveguide tee junction, 
whose structure changes in the magnetic-field 
plane. Also see WAVEGUIDE JUNCTION and 
WAVEGUIDE TEE. 

hr Abbreviation of HOUR. (Also, h.) 

H scan A radar display in which the target is rep- 
resented by two close blips, approximating a line, 
whose shape is proportional to the sine of the tar- 
get’s angle of elevation. 

H scope See H SCAN. 
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HSM Abbreviation of high-speed memory. 

HTL Abbreviation of HIGH-THRESHOLD LOGIC. 

hub The hole in the center of a magnetic tape reel. 

hue The quality of having a particular visible 
color; an attribute that depends on the wave- 
length(s) of light emitted or reflected. Thus, elec- 
tromagnetic energy at a wavelength of 700 
nanometers (nm) has a red hue; energy at a 
wavelength of 400 nm has a violet hue. Compare 
SATURATION, 2. 

hue control Also called tint control. In a color tele- 
vision receiver, a control that allows adjustment 
of the color wavelength, but does not affect the 
saturation (intensity). 

hum 1. Alternating current having a frequency of 60 
Hz. 2. Residual ripple in the output of a power sup- 
ply, having a frequency of 60 Hz or 120 Hz, de- 
pending on the type of rectifier circuit used. 3. An 
electromagnetic field of long wavelength, usually 
originating from utility lines and having a primary 
frequency of 60 Hz. 4. The effects of low-frequency 
electromagnetic fields or currents, such as moving 
horizontal bars on a television screen. 5. An acous- 
tic disturbance of long wavelength (low pitch). 

human engineering 1. Also called user-friendli- 
ness. The extent to which an electronic or elec- 
tromechanical device or system is easy to 
operate. 2. The branch of engineering devoted to 
interfacing human beings with the machines and 
instruments they operate. Both a science and an 
art, the discipline is concerned with the safest 
and most efficient design, arrangement, and op- 
eration of equipment. 

human interface The interface between a sophisti- 
cated electronic device and a human operator. 

human-made interference Also called artificial in- 
terference. Electromagnetic interference to radio 
and television receiving systems or to data termi- 
nals, originating from artificial sources (such as 
radio transmitters, certain electrical appliances, 
and internal-combustion engines). Of the numer- 
ous different forms, some affect only a narrow 
band of frequencies or set of frequencies, and 
others affect a wide band of frequencies. 

humanoid robot A robot that bears structural re- 
semblance to a human being (e.g., has arms, a 
head, and perhaps legs). In its most advanced 
form, such a robot is an ANDROID. 

hum-balance potentiometer A potentiometer 
connected across an alternating-current power 
supply, with its slider grounded. At a certain set- 
ting, hum interference is nulled. 

hum bars See HORIZONTAL HUM BARS. 

hum bucking The reduction of hum interference 
by introducing an alternating-current voltage of 
the same frequency and amplitude as the hum, 
but opposite in phase. 

hum-bucking coil An auxiliary coil used in con- 
junction with the field and voice coils of an elec- 
trodynamic speaker. Reduces hum interference 
via HUM BUCKING. 
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hum field The magnetic field surrounding a con- 
ductor carrying hum-frequency alternating cur- 
rent. 

humidity The amount of moisture in the air. Also 
see ABSOLUTE HUMIDITY and RELATIVE HU- 
MIDITY. 

humidity meter See ELECTRIC HYGROMETER 
and ELECTRONIC HYGROMETER. 

humidity sensor A pickup whose resistance or ca- 
pacitance varies proportionally with ambient hu- 
midity. 

hum interference Electrical interference resulting 
from HUM in any of its various electrical forms 
(see HUM, 1-4). 

hum loop A ground loop that results in undesired 
hum in the output of an amplifier. 

hummer A nonelectronic audio oscillator similar to 
the fork oscillator, but using a thick, metal reed, 
instead of a tuning fork. A carbon microphone 
button attached to the reed provides the feedback 
path necessary for sustained oscillation. 


Reed 


Carbon 
microphone 


button 
AF output 


hummer 


hum modulation Undesirable modulation of a ra- 
dio signal or audio amplifier output signal by 
HUM interference. 

hump 1. Either the positive or the negative half- 
cycle of a sine wave; that is, either the portion 
from O degrees to 180 degrees, or the portion from 
180 degrees to 360 degrees. 2. A curve whose 
graph is a multiple of the sine function, and 
whose domain is restricted to a half-cycle (0 to 
180 degrees or 180 to 360 degrees). See, for ex- 
ample, DOUBLE-HUMP RESONANCE CURVE 
and DOUBLE-HUMP WAVE. 

hunting An undesirable condition in which an 
electrical or electromechanical system oscillates 
back and forth, relative to some mean mode of 
operation (“hunts” for the mode), sometimes 
eventually settling down at the mode. It can occur 
in a servo system because of overcompensation, 
lack of hysteresis, or both. 

Huygens’ principle The observation that an ad- 
vancing wave is the resultant of secondary waves 
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that arise from points in the medium that have 
already been passed. 

HV Abbreviation of HIGH VOLTAGE. 

H vector A vector representing the magnetic field 
of an electromagnetic wave. Compare E VECTOR. 

hwW Abbreviation of HECTOWATT. 

H-wave mode Ina waveguide, a mode of transmis- 
sion in which the electric lines of flux are at right 
angles to the direction of the waveguide. Also 
called transverse-electric (TE) mode. 

hy Occasional abbreviation of HENRY. The SI ab- 
breviation and symbol, H, is preferred. 

hybrid Descriptive of a device that is an offspring 
of other devices or a product of dissimilar tech- 
nologies (but using elements of each). See, 
for example, HYBRID JUNCTION and HYBRID 
COIL. 

hybrid active circuit An active circuit (such as an 
amplifier, oscillator, or switch) using a combina- 
tion of two dissimilar active devices (e.g., transis- 
tors and vacuum tubes). 

hybrid coil A special type of bridging transformer 
used in wire telephony to prevent self-oscillation 
in a repeater amplifier that operates in both di- 
rections. 

hybrid computer A computer system incorporat- 
ing more than one major computer technology. 
Examples: analog/digital and _ digital/neural- 
network. 

hybrid electromagnetic wave Abbreviation, HEM 
wave. An electromagnetic wave whose electric- 
field and magnetic-field vectors are both in the di- 
rection of propagation. 

hybrid IC See HYBRID INTEGRATED CIRCUIT. 

hybrid integrated circuit Abbreviation, HIC. An 
integrated circuit embodying both integrated and 
microminiature discrete components (i.e., one 
combining both monolithic and thin-film con- 
struction). 

hybrid junction 1. See MAGIC TEE. 2. A four- 
terminal device, such as a resistor circuit, special 
transformer, or waveguide assembly, in which a 
signal applied to one pair of terminals divides and 
appears at only the two adjacent terminals. 

hybrid microcircuit A microcircuit containing dif- 
fused or thin-film elements interconnected with 
separate chip elements. 

hybrid parameters See H PARAMETERS. 

hybrid ring A hybrid waveguide junction (see HY- 
BRID JUNCTION, 2) consisting essentially of a 
reentrant line with four side arms. Used as an 
equal power divider. 

hybrid-tee See HYBRID JUNCTION, 1. 

hybrid thin-film circuit A microcircuit in which 
semiconductor devices and discrete components 
are attached to passive components and conduc- 
tors that have been electrodeposited on a sub- 
strate. 

hybrid transformer See HYBRID COIL. 

hydroacoustic Pertaining to the sound of fluids, 
especially water, under pressure. 
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hydroacoustic transducer A transducer that con- 
verts energy from the high-pressure flow of a fluid 
into acoustic energy. 

hydrodynamic pressure The pressure of a fluid in 
motion. Compare HYDROSTATIC PRESSURE. 

hydroelectric Pertaining to the production of elec- 
tricity by water power, as by a generator turned 
by water turbines. 

hydroelectric machine A device for generating 
electricity from high-pressure steam escaping 
from a series of jets. 

hydroelectric power See WATER POWER. 

hydrogen Symbol, H. A gaseous element. Atomic 
number, 1. Atomic weight, 1.00794. Used in 
making semiconductor materials, it is the lightest 
and most abundant element in the universe. 
Compare DEUTERIUM and TRITIUM. 

hydrogen atmosphere The nonoxidizing atmo- 
sphere in which semiconductor materials are 
melted and processed, and in which semiconduc- 
tor crystals are grown. Occasionally, helium is 
used instead of hydrogen. 

hydrogen atom A single atom of the element hy- 
drogen, consisting of one electron and one pro- 
ton. 

hydrogen-ion concentration See pH. 

hydrogen lamp A glow-discharge lamp that pro- 
duces light by means of the ionization of rarefied 
hydrogen gas. Visible light is emitted at discrete 
wavelengths. 

hydrokinetic Pertaining to fluids in motion or the 
forces behind such motion. 

hydrolysis The process whereby chemical sub- 
stances become ionized in water solution, pro- 
ducing electrolytes. 

hydromagnetics See 
ICS. 

hydromagnetic wave In a fluid, a wave in which 
the energy is propagated via magnetic and dy- 
namic modes. 

hydrometer An instrument for measuring the spe- 
cific gravity of liquids. 

hydrophone An _ underwater sound-to-electricity 
transducer (microphone). 

hydropower See WATER POWER. 

hydrostatic pressure The pressure of a fluid at 
rest. Compare HYDRODYNAMIC PRESSURE. 

hygristor A resistor, the resistance of which de- 
pends on humidity. A common application is in 
the measurement of relative atmospheric humid- 
ity. 

hygrogram A graphic rendition of atmospheric hu- 
midity versus time, made by a HYGROGRAPH. 

hygrograph A device that produces a graphic 
recording of atmospheric humidity as a function 
of time. Consists essentially of a HYGROMETER 
connected to a permanent data-storage device, 
such as a computer or pen recorder. 

hygrometer An instrument for measuring humidity. 
Also see ELECTRIC HYGROMETER, ELECTRONIC 
HYGROMETER, and HAIR HYGROMETER. 


MAGNETOHYDRODYNAM- 
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hygroscopic material A material that absorbs 
moisture from the air, but not enough to get wet 
(e.g., lime and silk). Compare DELIQUESCENT 
MATERIAL. 

hygrostat A humidity-sensitive relay or switching 
circuit. 

hygrothermograph A graphic recorder indicating 
humidity and temperature on the same chart, 
both as functions of time. 

hyperacoustical zone In the upper atmosphere, a 
region in which the distance between air 
molecules is comparable to the wavelengths of 
audible sound. As the altitude increases within 
this zone, the upper-frequency limit of effective 
sound propagation decreases. At altitudes above 
this zone, no audible sound can be propagated. 

hyperbola A conic-section curve satisfying the 
equation: 





(x — X)?/a? - (y — Yo)?/b? = 1 


where x and y are the independent and depen- 
dent variables, x) and yo are the coordinates of 
the center, a is half the length of the major axis, 
and b is half the length of the minor axis. 





hyperbola 


hyperbolic angle An angle subtended by a sector 
of a hyperbola in a manner analogous to that in 
which a circular angle is subtended by an arc ofa 
circle. 

hyperbolic-cosine horn See CATENOIDAL HORN. 

hyperbolic error 1. In an interferometer, a miscal- 
culation in the direction of arrival of a signal. The 
signal from one antenna in the system can be as- 
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sumed to be in phase with the signal from an- 
other antenna, when actually the two compo- 
nents differ by an integral number of whole 
wavelengths. 2. The angular error, in degrees, 
minutes, or seconds of arc, resulting from a mis- 
calculation of phase in an interferometer. 

hyperbolic face contour See HYPERBOLIC GRIND. 

hyperbolic functions The nonperiodic functions of 
a hyperbolic angle. Hyperbolic functions are re- 
lated to the hyperbola in the same manner that 
common trigonometric functions are related to 
the circle. Hyperbolic functions are useful in cal- 
culations involving traveling waves on transmis- 
sion lines, attenuator design, and wave-filter 
design. 

hyperbolic grind The shape (approximately hyper- 
bolic) to which the face of a magnetic recording 
head is ground. It provides optimum contact with 
the tape and ensures good high-frequency re- 
sponse. 

hyperbolic horn A horn antenna whose cross- 
sectional area is a hyperbolic function of the 
distance along the axis. 

hyperbolic logarithm See 
RITHM. 

hyperbolic navigation A radionavigation system 
in which the operator of an aircraft or boat deter- 
mines position by comparison of two received sig- 
nals. The two transmitters radiate signals from 
known positions and with known timing charac- 
teristics. The time delay from each transmitter is 
determined, resulting in two hyperbolic curves on 
a map. The point of intersection of the curves is 
the location of the aircraft or ship. 

hyperbolic radian A unit of measure derived from 
a hyperbolic angle. A hyperbolic radian is the hy- 
perbolic angle that encloses an area of 0.5 when 
the distance along the x-axis to the hyperbola is 
unity. Also see HYPERBOLIC ANGLE. Compare 
CIRCULAR RADIAN. 

hyperbolic trigonometry The branch of mathe- 
matics dealing with the theory and application of 
hyperbolic angles and their functions. 

hypercardioid microphone A _ unidirectional mi- 
crophone with exceptional sensitivity in front, 
and minimal responsiveness from the sides and 
rear. 

hypercardioid pattern A directional CARDIOID 
PATTERN with accentuated responsiveness or 
emission in the favored direction (front), and 
greatly suppressed responsiveness or emission in 
other directions (sides and rear). 

hyperfocal distance The shortest distance to 
which a lens can be focused without degrading 
definition at infinity. 

hyperfrequency waves See MICROWAVES. 

hypernik See HIPERNICK. 

hyperon Any one of various particles having a 
mass greater than that of a neutron or proton. 

hyperpolarization The production of an increased 
voltage across a biological membrane. 
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hypersonic Pertaining to speeds of at least five 
times that of sound. In air at normal atmospheric 
pressure, such speeds are more than approxi- 
mately 1700 meters, or 5600 feet, per second. 

hypersonic speed Any speed greater than five 
times the speed of sound in a given medium. 

hypersyn motor A high-efficiency, high-power- 
factor synchronous motor combining the advan- 
tages of the direct-current-excited synchronous 
motor (stiffness), the hysteresis motor (synchro- 
nizing torque), and the induction motor (high 
starting torque). 

hypervelocity Velocity in excess of 3 kilometers 
per second. 

hypotenuse The side of a right triangle opposite to 
the right angle. 





wee Hypotenuse 





90° 
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hypothesis An idea, concept, or system that seems 
true or workable, but must be subjected to logical 
analysis and/or practical testing to prove its va- 
lidity. 

hypsometer An altimeter in which a thermistor 
(connected to a battery and current meter) is im- 
mersed in a boiling liquid. Because the liquid’s 
boiling point is proportional to altitude, it affects 
the resistance of the thermistor and, hence, the 
deflection of the meter. 

hysteresigram The hysteresis-curve record pro- 
duced by a HYSTERESIGRAPH. 

hysteresigraph A graphic recorder that displays or 
records the hysteresis curve for a material. Also 
see HYSTERESISCOPE. 

hysteresimeter See HYSTERESIS METER. 

hysteresis 1. The tendency of a magnetic mate- 
rial to saturate and retain some of its mag- 
netism after the alternating magnetic field to 
which it is subjected reverses polarity, thus 
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causing magnetization to lag behind the magne- 
tizing force. 2. A similar electrostatic action ina 
ferroelectric dielectric material. 3. In a servo 
system, the condition in which a variable quan- 
tity lags the effect or stimulus that causes it to 
change. The plot for this is a double-line HYS- 
TERESIS CURVE. 

hysteresis brake A brake whose retarding action 
comes from hysteresis in a permanent-magnet 
motor. 

hysteresis clutch A magnetic clutch whose output 
torque (for synchronous drive or continuous slip) 
comes from hysteresis in a permanent-magnet 
motor. 

hysteresis coefficient In a sample of iron whose 
volume is one cubic centimeter, the energy in 
ergs dissipated during one cycle of magnetization. 
Also called coefficient of hysteresis. 

hysteresiscope An oscilloscope that is specially 
designed to display the hysteresis curve of a ma- 
terial. Compare HYSTERESIGRAPH. 

hysteresis curve A response curve depicting hys- 
teresis in a magnetic material, a dielectric, or a 
servo system. A graph of the extent to which a 
variable quantity lags the effect or stimulus that 
causes it to change (e.g., a curve showing the ef- 
fect of response delay in a thermostatically con- 
trolled heating/cooling system). 


On Off 


Heating 
Cooling 


Off On 


I I I 
65 70 75 


Temperature, Fahrenheit 


hysteresis curve 


hysteresis cycle A complete hysteresis curve. 

hysteresis distortion Signal distortion in iron- 
core components, such as coupling transformers, 
resulting from hysteresis in the iron. 

hysteresis error In a meter, a difference in indica- 
tions for increasing and decreasing current, an 
effect caused by hysteresis in iron meter parts. 
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hysteresis heater An induction heater in which 
heating results from hysteresis loss in the load. 

hysteresis loop See HYSTERESIS CURVE. 

hysteresis loss Power loss caused by hysteresis in 
a magnetic material exposed to an alternating 
magnetic field, or in a dielectric material exposed 
to an alternating electric field. It is characterized 
by the generation of heat. 

hysteresis meter An instrument that determines 
the hysteresis loss in a ferromagnetic material in 
terms of the torque produced when the material 
is rotated in a magnetic field, or vice versa. 
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hysteresis motor A synchronous motor that does 
not require direct-current excitation, and does 
not have salient poles. It is started by means of 
hysteresis losses that the rotating magnetic field 
causes in the secondary. 

hysteretic constant For a ferromagnetic material, 
hysteresis loss in ergs per cubic centimeter of 
material per cycle of magnetization. 

hysteretic loss See HYSTERESIS LOSS. 

hystoroscope A device used to determine the mag- 
netic characteristics of a material. 

Hz Abbreviation of HERTZ. 
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I 1. Symbol for CURRENT. 2. Symbol for INTRIN- 
SIC SEMICONDUCTOR. 3. Symbol for LUMI- 
NOUS INTENSITY. 4. Symbol for IODINE. 

i 1. Symbol for the unit imaginary number, the 
square root of -1. (Also, j.) 2. Subscript for IN- 
STANTANEOUS VALUE. 3. Symbol for INTRINSIC 
SEMICONDUCTOR. 4. Symbol for ANGLE OF IN- 
CIDENCE. 5. Symbol for INSTANTANEOUS CUR- 
RENT. (Also, J.) 6. Symbol for a unit vector parallel 
to the x-axis. 7. Symbol for INCIDENT RAY. 

Iuc Symbol for the ac component of a COMPOSITE 
CURRENT. 

Ing Symbol for AUDIO-FREQUENCY CURRENT. 

IAGC Abbreviation of INSTANTANEOUS AUTO- 
MATIC GAIN CONTROL. 

IAVC Abbreviation of INSTANTANEOUS AUTO- 
MATIC VOLUME CONTROL. 

Ig 1. Symbol for plate power-supply current. 2. Oc- 
casional symbol for plate current (usually, Ip). 

IBM Abbreviation for International Business Ma- 
chines Corporation. 

IC 1. Abbreviation of INTEGRATED CIRCUIT. 2. 
Abbreviation of INTERNAL CONNECTION. 

Ic 1. Symbol for transistor COLLECTOR CUR- 
RENT. 2. Occasional symbol for grid current (usu- 
ally, Ic). 

ICAD Abbreviation of integrated control and dis- 
play. 

ICAS Abbreviation of INTERMITTENT COMMER- 
CIAL AND AMATEUR SERVICE. 

Icso Symbol for the static reverse collector (leakage) 
current in a common-base connected transistor 
with an open-circuited emitter. 

ICBS Abbreviation of interconnected business sys- 
tem. 


Iczo Symbol for the static reverse collector (leakage) 
current in a common-emitter-connected transis- 
tor with an open-circuited base. 

ice loading 1. In an antenna, power-line system, 
or other structure, the additional stress caused 
by accumulation of ice. 2. The weight or thick- 
ness of ice a structure can safely withstand. 

ice-removal circuit A high-voltage, low-frequency 
power supply used to heat certain antennas to 
melt ice that accumulates on them. 

ICET Abbreviation of Institute for the Certification of 
Engineering Technicians (National Society of Pro- 
fessional Engineers). 

ICME Abbreviation of International Conference on 
Medical Electronics. 

I. Symbol for the collector cutoff current (static 
leakage current) of a bipolar transistor (see CUT- 
OFF CURRENT). 

icon In a graphical computer interface, a symbol 
that aids the user in recognizing a selection that 
can be made. 

iconoscope A camera tube in which an electron 
beam scans a photomosaic on which the image is 
focused. The light-sensitive droplets of the mo- 
saic form tiny capacitors with the insulated, 
metallic backplate of the mosaic, each capacitor 
becoming charged by the light of the picture. As 
the electron beam scans the mosaic, each capac- 
itor discharges as the beam strikes it, delivering 
an output pulse proportional to the light intensity 
at that spot in the picture. 

IC tester An instrument for checking the operation 
of an integrated circuit. 

ICW Abbreviation of INTERRUPTED CONTINUOUS 
WAVE. 


Copyright 2001 The McGraw-Hill Companies, Inc. Click Here for Terms of Use 


at: 


Optical image photocathode 


Collector plate 





Output 


: ; Electron gun 
Deflecting coils 


iconoscope 


ID Abbreviation of INSIDE DIAMETER. 

IDA Abbreviation of integrodifferential analyzer. 

Ige Symbol for the dc component of a COMPOSITE 
CURRENT. 

ideal Pertaining to a circuit, device, material, or 
manner of operation that is assumed to conform 
to the theoretical best-case example; it is not 
usually realized in real life. Thus, an ideal reac- 
tance has no inherent resistance. 

ideal capacitor A capacitor having zero dielectric 
loss and a constant value of capacitance at all 
alternating-current frequencies. 

ideal component A theoretical component that is 
assumed to be 100-percent efficient and to have 
no extraneous properties. Compare PRACTICAL 
COMPONENT. 

ideal crystal A piezoelectric crystal that acts as a 
theoretically perfect tuned circuit, that is, an 
ideal capacitor and inductor. 

ideal inductor An inductor having zero loss and a 
constant value of inductance at all alternating- 
current frequencies. 

I demodulator In a color-television receiver cir- 
cuit, a demodulator that receives the chromi- 
nance and 3.58-MHz oscillator signals and 
delivers a video output corresponding to color in 
the picture. 

identical vectors Equal vectors that have the 
same initial point or point of application. 

identification 1. In radar operations, the (often 
automatic) determination of the target’s identity. 
See, for example, IDENTIFICATION, FRIEND OR 
FOE. 2. In digital computer operations, a symbol 
or set of symbols within a label identifying a unit 
of data or its location. 

identification beacon 1. A beacon used for the de- 
termination of a particular geographic location. 
2. An automatically transmitted station-identifi- 
cation signal or code, usually superimposed on 
the regular transmission in the form of a subcar- 
rier or subaudible signal. 
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identification division The division (one of four) 
in a COBOL program that describes and identi- 
fies the program being compiled. 

identification, friend or foe Abbreviation, IFF. A 
technique in which a radar station transmits an 
interrogating signal and the station questioned 
replies automatically with a suitable pulse or 
other signal if it is aboard a friendly aircraft or 
vessel. If it is aboard an enemy vehicle, the sta- 
tion gives no reply or sends an unsatisfactory 
one. 

identifier A data file identification label in an in- 
put/output device, or a label that identifies a spe- 
cific storage location. 

identity element A logic element that, upon re- 
ceipt of two input signals, provides an output 
that is logic 1 (high) only if the input signals are 
both logic 1 (high) or logic O (low). 

idiochromatic Possessing the photoelectric pro- 
perties of a true crystal. 

Idisplay See I SCAN. 

idle channel noise A measurement of wideband 
noise. The total energy at an output of an inte- 
grated circuit or other communications stage 
with that output grounded (idle). 

idle character A digital character that conveys no 
information, but helps maintain synchronization 
between the transmitter and receiver. Sometimes 
called a blank. 

idler wheel In a phonograph or magnetic tape 
recorder, an auxiliary, rubber-coated wheel that 
transfers rotary motion from the motor pulley to 
the platter or the rim of the capstan flywheel. 

idle time The period during which data processing 
equipment, although operable, is not in use. 

idling Standby equipment operation, as when vac- 
uum-tube filaments in a radio-frequency power 
amplifier are kept hot—even when the amplifier is 
not actually being used to transmit a signal. 

idling current The current flowing in a device dur- 
ing a standby period, as opposed to operating 
current. Also called STANDBY CURRENT. 

idling frequency Ina parametric amplifier, the dif- 
ference between the signal frequency and pump 
frequency. 

idling power See STANDBY POWER. 

idling voltage The voltage required by or mea- 
sured in a device that is in standby mode. 

Ipeg ~=Symbol for drain cutoff current in a field-effect 
transistor. 

IDOT Abbreviation of instrumentation online tran- 
scriber. 

IDP 1. Abbreviation of INDUSTRIAL DATA PRO- 
CESSING. 2. Abbreviation of INTEGRATED DATA 
PROCESSING. 3. Abbreviation of INTERMODU- 
LATION-DISTORTION PERCENTAGE. 

Ipss Symbol for DRAIN CURRENT AT ZERO GATE 
VOLTAGE in a field-effect transistor. 

Iz Symbol for EMITTER CURRENT. 

IEC Abbreviation of integrated electronic compo- 
nent. 
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IEE Abbreviation of Institution of Electrical Engi- 
neers (British). 

IEEE Abbreviation of Institute of Electrical and Elec- 
tronics Engineers. 

IES Abbreviation of Illuminating Engineering Soci- 
ety. 

IF Abbreviation of INTERMEDIATE FREQUENCY. 

IF amplifier See INTERMEDIATE-FREQUENCY 
AMPLIFIER. 

Iyg In an integrated circuit, current limit feedback 
or feedback current. 

IF channel See INTERMEDIATE-FREQUENCY 
CHANNEL. 

IF converter The converter (first detector-oscilla- 
tor) section of a superheterodyne radio receiver. 

IFF Abbreviation of IDENTIFICATION, FRIEND OR 
FOE. 

IF gain 1. The amplification provided by the inter- 
mediate-frequency (IF) channel of a superhetero- 
dyne receiver, usually specified in decibels. 2. A 
control that allows adjustment of the amplifica- 
tion in the IF channel of a superheterodyne radio 
receiver. 

IF interference See INTERMEDIATE-FREQUEN- 
CY INTERFERENCE. 

IFIPS Abbreviation of International Federation of 
Information Processing Societies. 

IF selectivity See INTERMEDIATE-FREQUENCY 
SELECTIVITY. 

IF strip A (sometimes removable) circuit section 
containing a complete intermediate-frequency 
channel. 

IF/THEN/ELSE In computer systems and artificial 
intelligence, a two-way choice that is made dur- 
ing the execution of a program. For example, in 
finding the absolute value of a number, the logic 
proceeds as follows: “IF x <0, THEN multiply x by 
-1; otherwise (ELSE) leave it alone.” 

IF transformer See INTERMEDIATE-FREQUEN- 
CY TRANSFORMER. 

Ig Symbol for GATE CURRENT. 

Ig Symbol for GRID CURRENT. 

IGFET Abbreviation of INSULATED-GATE FIELD- 
EFFECT TRANSISTOR. 

ignition coil A small open-core transformer having 
a high step-up turns ratio for converting 
6- or 12-volt battery potential to the high voltage 
needed in an automotive ignition system. 

ignition interference Electrical noise generated 
by the ignition system of an internal combustion 
engine. 

ignition potential 1. The minimum voltage 
needed to cause electrical discharge in an inter- 
nal combustion engine. 2. See BREAKDOWN 
VOLTAGE, 1, 2. 

ignition reserve The extra voltage provided by the 
starter, as compared with the voltage actually 
needed for ignition of an internal-combustion en- 
gine. 

ignition system An electrical or electronic system 
that supplies the high voltage in an automotive 
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engine. See, for example, CAPACITOR- 
DISCHARGE IGNITION SYSTEM. 

ignition voltage See IGNITION POTENTIAL. 

ignitron A form of rectifier tube that contains ion- 
ized mercury. It is used with some extremely 


high-voltage power supplies. 


ac supply 
Iron anodes 
: dc load 
Shields 
Steel tank 
Water jacket 
Mercury cathode - 
ignitron 


ignore character 1.A character used as a signal to 
inhibit an action. 2. A digital character that is ig- 
nored by the system. 

Igss Symbol for GATE REVERSE CURRENT in a 
field-effect transistor. 

IGY Abbreviation for INTERNATIONAL GEOPHYSI- 
CAL YEAR. 

Iy_ 1. Symbol for HOLD CURRENT. 2. Symbol for 
HOLDING CURRENT. 

IHF Abbreviation of INHIBIT FLIP-FLOP. 

IHFM Abbreviation for Institute of High Fidelity 
Manufacturers. 

ihp Abbreviation of INDICATED HORSEPOWER. 

ihp-hr Abbreviation of INDICATED HORSE- 
POWER-HOURS. 

I, 1. Symbol for INPUT CURRENT. 2. Symbol for IN- 
STANTANEOUS CURRENT (also, i). 

Ix Symbol for CATHODE CURRENT. 

I, Symbol for current in an inductor. 

FL Abbreviation of INTEGRATED 
LOGIC. (Also IIL.) 

illegal character 1. A character or bit group that is, 
according to some standard, invalid. 2. A bit group 
that represents a symbol in a character set. 

illuminance The amount of luminous flux received 
per unit surface area, measured in lux (lumens 
per square meter). 

illuminant-C In color television, the reference 
white that closely resembles average daylight. 

illuminated pushbutton See LIGHTED PUSH- 
BUTTON. 
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illuminated switch See LIGHTED SWITCH. 

illumination 1. Visible light. 2. The condition of 
being irradiated by visible light. 3. The intensity 
of visible light irradiating an object or region. 

illumination control A photoelectric circuit that 
automatically regulates electric lights, according 
to the amount of daylight. 

illuminometer A device for measuring the inten- 
sity of visible light, or, less often, infrared or 
ultraviolet. In its simplest form, the meter 
consists of a photovoltaic cell, a potentiometer for 
adjusting the sensitivity, and a microammeter. 
More sophisticated devices include direct-current 
amplification. 
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ILS Abbreviation of INSTRUMENT LANDING SYS- 
TEM. 

IM Abbreviation of INTERMODULATION. 

In 1. Abbreviation of maximum current. (Also, Ima). 
2. Abbreviation of meter current. 

image 1. In a superheterodyne circuit, a spurious 
response whose frequency differs from that of the 
desired signal by twice the intermediate fre- 
quency. 2. A picture on the screen of a television 
receiver or computer display. 3. A pattern on the 
screen of an oscilloscope tube. 4. A picture on the 
mosaic of a television camera tube. 5. A duplicate 
of a computer storage area that is in another part 
of storage or on another medium. 

image admittance The reciprocal of IMAGE IM- 
PEDANCE. 

image antenna An imaginary “mirror” antenna 
below the effective radio-frequency (RF) ground 
surface, at a depth equal to the height of the 
true radiating antenna above effective RF 
ground. 

image attenuation constant The real-number 
part of the IMAGE TRANSFER CONSTANT. Also 
see IMAGE PHASE CONSTANT. 

image compression Any of various methods by 
which the number of bytes in a digital image can 
be reduced, without significant degradation of 
image quality. The two most common methods 
are JPEG (Joint Photographic Experts Group) im- 
age compression and fractal image compression. 
Other schemes include MPEG (Moving Picture Ex- 
perts Group) image compression and Indeo, devel- 
oped by Intel Corporation. Fractal image 


compression can provide a compression factor of 
as much as 100:1 without significant degradation 
of image quality. 

image converter 1. A device that changes an in- 
visible image into a visible image. Examples in- 
clude the snooperscope, an infrared-to-visible 
converter, and photographic apparatus for in- 
frared, ultraviolet, and X-ray wavelengths. 2. A 
tube that operates as an image converter. 

image dissector See DISSECTOR TUBE. 

image effect The effect of reflection of electromag- 
netic waves from the ground. An IMAGE AN- 
TENNA appears to radiate from a point beneath 
the effective RF ground plane. The depth of the 
image antenna below the effective RF ground 
plane is equal to the height of the actual antenna 
above the effective RF ground plane. 

image frequency The frequency of the image re- 
sponse in a superheterodyne radio receiver. See 
IMAGE, 1. 

image impedance The property of a network in 
which the load impedance is “seen,” looking into 
the output terminals with the generator con- 
nected to the opposite end, and the generator 
impedance is “seen,” looking into the input ter- 
minals with a load connected to the opposite 
end. 

image intensification An increase of the bright- 
ness of the display on a cathode-ray tube. 

image intensifier A device that increases the 
brightness of the spot produced when a beam of 
electrons or X rays hits a fluorescent screen. 

image interference A type of interference that can 
occur in superheterodyne circuits. It occurs when 
there is a sufficiently strong signal on the IMAGE 
FREQUENCY. 

image orthicon See ORTHICON. 

image phase constant The imaginary-number 
part of the IMAGE TRANSFER CONSTANT. Also 
see IMAGE ATTENUATION CONSTANT. 

image potential The potential energy of a charged 
particle at a given distance from a metal surface. 
The metal surface acts in a way similar to a mir- 
ror; a reflected image of the object, having equal 
charge but opposite polarity, is formed on the 
other side of the surface. 

image ratio See SIGNAL-TO-IMAGE RATIO. 

image rejection In a superheterodyne radio re- 
ceiver, the suppression or elimination of IMAGE 
INTERFERENCE by means of a selective circuit, 
such as a radio-frequency preamplifier. 

image response In a superheterodyne receiver, an 
undesired response to signals removed from the 
desired frequency by twice the intermediate fre- 
quency. 

image transfer constant A number depicting the 
transfer of power by an impedance network. It 
has the same value, regardless of the direction of 
transmission through the network. Also see IM- 
AGE ATTENUATION CONSTANT and IMAGE 
PHASE CONSTANT. 
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imaginary axis In a vector diagram of complex 
impedance, the axis of the imaginary-number 
component (jX). 

imaginary number A real-number multiple of the 
positive square root of -1. Engineers depict the 
positive square root of -1 by the lowercase letter j; 
mathematicians use the lowercase letter i. Engi- 
neers write imaginary numbers in the form jx, 
and mathematicians write Xi, where X is a real 
number. 

imaginary-number component The imaginary- 
number part of a COMPLEX NUMBER. 

Imax Abbreviation of maximum current. 

IM distortion meter INTERMODULATION ME- 
TER. 

IM distortion percentage See INTERMODULA- 
TION-DISTORTION PERCENTAGE. 

Inmin Abbreviation of minimum current. 

imitation The transmission of false signals for 
purposes of deception. For example, during 
wartime, the signals from an enemy station might 
be recorded and retransmitted. 

immediate access 1. The ability of a computer to 
store and retrieve data in a minimal amount of 
time. 2. Computer storage that can be accessed 
in a minimal amount of time. 

immediate address An instruction address that is 
used as data by that instruction. 

IM meter See INTERMODULATION METER. 

immitance Impedance or admittance; a contrac- 
tion of IMPEDANCE and ADMITTANCE. Example: 
a negative-immitance circuit. 

immortal knowledge Knowledge that can be kept 
indefinitely in the form of detailed computer data 
files. Some scientists and sociologists believe that 
this will eventually have a profound effect on the 
way that future generations view history. 

impact excitation See SHOCK EXCITATION. 

impact strength 1. The ability of a component or 
material to withstand mechanical shock loading. 
2. The work required to fracture the material un- 
der shock loading. 

IMPATT diode Acronym for impact avalanche tran- 
sit time diode. A microwave semiconductor (sili- 
con or gallium arsenide) diode exhibiting negative 
resistance resulting from the combined effects of 
charge-carrier transit time and impact avalanche 
breakdown. It is used as an oscillator or ampli- 
fier. 

IMPATT oscillator A microwave oscillator that 
uses an IMPATT DIODE. 

impedance Symbol, Z. Unit, ohm. The total opposi- 
tion offered by a circuit or device to the flow of al- 
ternating current. It is the vector sum of 
RESISTANCE and REACTANCE. This is a COM- 
PLEX NUMBER whose real-number component is 
resistance R, and whose imaginary-number com- 
ponent is reactance jX; mathematically, Z= R + jx. 

impedance angle The angle between the resis- 
tance and impedance vectors in an IMPEDANCE 
TRIANGLE. 
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impedance arm The network branch that contains 
one or more impedances, as opposed to an arm 
that contains only resistance or (predominantly, 
reactance). Also called impedance leg. 

impedance branch See IMPEDANCE ARM. 

impedance bridge 1. An alternating-current (ac) 
bridge (commonly operated at 1 kHz) used to 
measure resistance, inductance, capacitance, 
and resistive components associated with induc- 
tors and capacitors, from which impedance can 
be calculated. 2. Sometimes, an ac half-bridge 
circuit in which an unknown impedance is com- 
pared with a known resistance. 3. A radio- 
frequency bridge circuit whose balancing element 
reads impedance directly in ohms. 

impedance bump A discontinuity in the character- 
istic impedance of a radio-frequency transmis- 
sion line. It is often caused by the use of improper 
splicing techniques. 

impedance coil See CHOKE COIL. 

impedance converter See IMPEDANCE TRANS- 
FORMER. 

impedance-coupled amplifier An amplifier using 
capacitor/coil combinations for interstage and 
output load coupling. 

impedance drop In an alternating-current circuit, 
the complex sum of the resistance drop and reac- 
tance drop. 

impedance ground A ground connection in which 
the impedance at the operating frequency is de- 
termined by a network of resistors, capacitors, 
and/or inductors. 

impedance leg See IMPEDANCE ARM. 

impedance magnetometer A device that is used 
for measuring small local variations in the inten- 
sity of the earth’s magnetic field. A small change 
in the intensity of the magnetic field will cause a 
change in impedance of a nickel-iron wire having 
high permeability. 

impedance match The condition (for maximum 
power transfer) when the transmitting impe- 
dance equals the receiving impedance, or when a 
suitable transformer is inserted between different 
impedances for matching purposes. Also see 
IMPEDANCE MATCHING. 

impedance matching 1. The adjustment or modi- 
fication of two impedances so that they are iden- 
tical, that is, the two resistive components are 
equal, and the two reactive components are 
equal. 2. The insertion of a suitable transformer 
or network between circuits having different 
impedances, for the purpose of optimizing power 
transfer. 

impedance-matching network A network of dis- 
crete components, often adjustable, that is used 
to match a circuit having a certain impedance to 
a circuit having a different impedance. An 
example is the inductive-capacitive (LC) cou- 
pler, also called a transmatch, commonly used 
to match a radio transmitter to an antenna 
system. 
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impedance-matching transformer See IMPED- 
ANCE TRANSFORMER. 

impedance meter See Z METER. 

impedance plethysmograph An electronic device 
used to measure changes in the chemical content 
of body cells. 

impedance poles See POLES OF IMPEDANCE. 

impedance ratio The quotient of two impedances 
that are related in some situation, such as 
impedance match or impedance mismatch. The 
impedance ratio of a transformer is equal to the 
square of the turns ratio. 

impedance transformer 1. A transformer for con- 
verting an impedance to a different value. The 
turns ratio is equal to the square root of the 
impedance ratio. 2. An emitter follower or source 
follower circuit, used primarily to match a high 
impedance to a lower impedance. 3. A short- 
circuited transmission-line section used to match 
or convert impedances at radio frequencies. 
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impedance transformer 


impedance triangle A triangular vector diagram in 
which the impedance vector is the hypotenuse, 
and the reactance and resistance vectors are the 
perpendicular sides. 


-R 


impedance triangle 


impedance vector In a vector diagram, the resul- 
tant (vector) representing the combined reactance 
and resistance vectors. Also see IMPEDANCE 
TRIANGLE. 

impedance zeros See ZEROS OF IMPEDANCE. 

imperative macroinstruction A =MACROIN- 
STRUCTION used to create object (machine lan- 
guage) program instructions. 

imperative statement A source language program 
instruction that is converted into object program 
(machine language) instructions. 


imperfection A fault in the lattice of a crystal. Also 
see CRYSTAL LATTICE. 

implementation 1. Putting a system into opera- 
tion and evaluating its performance. 2. Doing 
all that is necessary to install a device or sys- 
tem. 

implosion The inward collapse of an evacuated 
chamber, such as the envelope of a cathode-ray 
tube. It is the opposite of explosion, an outward 
bursting. 

impregnant A substance for the IMPREGNATION 
of electronic components. Examples: waxes, oils, 
liquid plastics, and varnish. 

impregnation The process of filling the spaces 
within a material or structure with an insulating 
compound. Various electronic components, such 
as capacitors, inductors, transformers, transis- 
tors, and diodes, are impregnated for protection 
and stability. 

impressed voltage The voltage applied or pre- 
sented to a circuit or device. 

impulse 1. A signal of extremely short duration 
(e.g., a noise burst). 2. A brief, unidirectional 
surge in voltage (usually) or current. 

impulse excitation Driving a tank circuit with a 
single pulse, then allowing it to oscillate at its 
own frequency until another driving pulse ar- 
rives. 

impulse frequency In a digital telephone, the 
number of pulse periods per second, correspond- 
ing to a dialed digit, generated by the pulse 
springs. 

impulse generator See MARX GENERATOR. 

impulse noise Electrical noise from short-duration 
pulses, such as those produced by an automotive 
ignition system. 

impulse ratio The ratio V,/V;, where V, is the 
breakdown (or flashover or sparkover) voltage 
caused by an impulse, and V, is the correspond- 
ing voltage at the crest of the power-frequency 
cycle. 


Noise peaks Amplitude 


Time 


Noise floor 


impulse noise 
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impulse relay A relay that is able to close or open 
completely when driven by a short pulse. 

impulse speed The switching rate of a telephone 
dialing device as it transmits pulses. 

impulse timer A = synchronous-motor-driven 
timer whose cams can control many circuits; it 
can advance by a number of specified incre- 
ments, as controlled by an integral stepping 
mechanism. 

impulse transmission A method of transmission 
in which defined impulses are used to denote 
changes in signal content or format. 

impurity A substance added to an intrinsic semi- 
conductor to alter its electrical properties. 

impurity atom In a processed semiconductor ma- 
terial, an atom of an IMPURITY material that pro- 
duces either n- or p-type properties to the 
intrinsic semiconductor. 

impurity density In the manufacturing process of 
a semiconductor material, the amount of impu- 
rity added to the original semiconductor. 

impurity ion In a crystal, an ion in a space be- 
tween atoms, or one taking the place of an atom. 

impurity level 1. The energy existing in a semi- 
conductor material as a result of doping (the ad- 
dition of an impurity). 2. See IMPURITY 
DENSITY. 

impurity material See IMPURITY. 

IN Abbreviation for INTELLIGENT NETWORK. 

In Symbol for INDIUM. 

I, Symbol for the nth value of current in a series of 
values. 

in 1. Abbreviation of INPUT. 2. Abbreviation of 
INCH. 

inaccuracy 1. The state or condition of instru- 
ment error. 2. The difference between the actual 
value of a parameter and the value indicated by 
an instrument. 3. The percentage of instrument 
error. 

inactive leg Within a transducer, an electrical 
component whose characteristic remains un- 
changed when the stimulus (quantity being 
transduced) is applied; specifically, a Wheatstone 
bridge element in a transducer. 

inactive lines In a conventional television picture, 
blanked lines that do not contribute to the visible 
part of the image. Approximately half of these 
lines are at the top of the screen; the other half 
are at the bottom. 

inactive time The period during which a radioac- 
tivity counter is insensitive to ionizing agents. 

incandescence The state of glowing from intense 
heat, as when a metal becomes white hot from an 
electric current flowing through it. 

incandescent lamp A filament-type lamp. The fila- 
ment becomes so hot when an electric current 
passes through it that it glows brilliantly. 

inch Abbreviation, in. A unit of linear measure in 
the English system; 1 in. = 2.54 centimeters = 
0.0254 meter. 

inching See JOGGING. 
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inch-pound Abbreviation, in-lb. A unit of work 
equal to a force of 1 pound exerted over a dis- 
tance of 1 inch. Compare FOOT-POUND. 

incident 1. A failure in a computer system requir- 
ing the intervention of an operator in removing or 
revising the job involved. 2. Pertaining to a ray or 
rays of energy striking a surface or boundary, or 
encountering a device (such as an antenna or 
photovoltaic cell). 

incidental AM _ Undesired amplitude modulation in 
a frequency-modulated signal. Compare INCI- 
DENTAL FM. 

incident field intensity The field strength of an 
electromagnetic field as it arrives at a receiving 
antenna. 

incidental FM _ Undesired frequency modulation in 
an amplitude-modulated signal. Compare INCI- 
DENTAL AM. 

incidental time Computer time devoted to other 
than program runs or program development. 

incident light The light that strikes or enters an 
altering device or medium. See INCIDENT RAY. 

incident power In a transmission line, the power 
that reaches the end of the line. Compare RE- 
FLECTED POWER. 

incident ray The ray that strikes the surface of a 
reflecting, refracting, or absorbing body. Com- 
pare REFLECTED RAY and REFRACTED RAY. 

incident wave 1. A wave propagated to the iono- 
sphere. Compare REFLECTED WAVE and RE- 
FRACTED WAVE. Also see IONOSPHERE and 
IONOSPHERIC PROPAGATION. 2. A wave that 
encounters a change (in density, for example) ina 
propagation medium or the transition point be- 
tween media. 

in-circuit tester An instrument that permits the 
checking of components (especially transistors) 
without removing them from the circuit in which 
they are wired. 

inclination 1. At a given geographic location, the 
angle between the earth’s magnetic lines of flux 
and the horizon. This angle ranges from O degrees 
at the geomagnetic equator to 90 degrees at the 
geomagnetic poles. Compare DECLINATION, 1. 2. 
The angle between the plane of a satellite orbit 
and the plane containing the equator of the earth, 
planet, or star around which the satellite re- 
volves. Generally measured as the angle at which 
the satellite crosses the equator while passing 
from the southern hemisphere to the northern 
hemisphere. This angle is between 0 and 90 de- 
grees for satellites in non-retrograde orbits, and 
between 90 and 180 degrees for satellites in ret- 
rograde orbits. 

inclinometer An instrument for measuring INCLI- 
NATION. One form consists of a magnetic needle 
mounted so that it can swing inside a vertically 
mounted circular scale. 

inclusive-OR Also called OR operation. A logical 
operation between two operands, the result of 
which depends on rules for combining bits in 
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each position within the operands: an output of 1 
results if one or both of the bits have a value of 1; 
zero only if both are zero. Compare EXCLUSIVE- 
OR. 

incoherent light Electromagnetic radiation in the 
visible spectrum in which the waves are not 
aligned (not in phase) and can be of more than 
one wavelength. 

incoherent radiation Electromagnetic radiation in 
which the waves are not aligned (not in phase) 
and can be of more than one frequency or wave- 
length. 

incoming inspection The examination of equip- 
ment and materials as they enter a factory or lab- 
oratory, for the purpose of identifying damaged or 
faulty units. 

incoming line A line that enters a device, facility, 
or stage. Compare OUTGOING LINE. 

Incompleteness Theorem A mathematical theo- 
rem of significance in artificial intelligence. For 
any consistent set of axioms (postulates), there 
are always more true statements than provable 
statements. 

incomplete program Also called incomplete rou- 
tine. A computer program of generalized steps 
that must be augmented with specific require- 
ments to be implemented for a given operation. 

inconsistency Contradictory computer  state- 
ments, as detected by the program. 

inconsistent equations A set of equations that 
have no common solution. 

Increductor A _ specialized radio-frequency mag- 
netic amplifier or saturable reactor. 

increment 1. The difference between two succes- 
sive values of a variable. 2. A small change in a 
quantity, such as mass, distance, or time. 3. A 
quantity to be added to another quantity. 4. The 
difference in value between adjacent hash marks 
on a meter scale. 


dc Volts 





Increment = 0.5 V 


increment, 4 


incremental computer A computer that operates 
on changes in variables. Example: differential an- 
alyzer. 

incremental digital recorder A magnetic tape 
recorder that moves the tape across the record 
head in increments. 
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incremental display A device that converts digital 
data into a form for display (characters; graphs). 

incremental inductance The inductance exhib- 
ited by an inductor, such as an iron-core choke, 
carrying a direct current. 

incremental permeability The permeability ex- 
hibited by a material when an alternating-current 
magnetizing force is superimposed upon a direct 
current. 

incremental plotter A device that, by direction of 
a computer program, provides the results of a 
program run in the form of curves or points on a 
curve, along with annotational characters. 

incremental representation For incremental 
computers, a method of representing variables in 
terms of changes in the variables. 

incremental sensitivity The smallest change ina 
quantity under measurement that can be de- 
tected by the instrument used. 

ind 1. Abbreviation of indicator. 2. Abbreviation of 
INDUCTANCE (more commonly, L). 3. Abbrevia- 
tion of INDUCTOR (More commonly, L). 

indefinite integral See INTEGRAL, 1. 

Indeo Also called Digital Video Interactive (DVI). A 
method of IMAGE COMPRESSION developed by 
Intel Corporation. 

independent equations A set of equations having 
one common solution. 

independent events In probability and statistics, 
the case where the occurrence of one event has 
no effect on the occurrence of another. 

independent failure A circuit failure whose direct 
cause is not related to malfunctions elsewhere in 
the system. 

independent mode In tracking supplies, an op- 
tional method of operation in which the separate 
units are adjustable independently of each other. 
Compare TRACKING MODE. 

independent variable A changing quantity whose 
value at any instant is not governed by the value 
of any other quantity. Compare DEPENDENT 
VARIABLE. 

index 1. A reference line, hair, or point (e.g., a file 
index). 2. In mathematics, an exponent. 3. A ratio 
of one quantity to another, as index of refraction. 
4. In a computer memory, a table of references in 
a key sequence; it can be addressed to find the 
addresses of other data items. 5. A number that 
is used to select a specific item within an array of 
items in memory. 

index counter Also called tape counter. In a mag- 
netic tape recorder, a (usually electromechanical) 
counting device that the operator can refer to in 
order to find material on the tape. 

indexed address During or preceding the execution 
of a computer program instruction, an address 
that is modified by the content of an index register. 

indexing 1. An information retrieval technique 
used with files on a direct-access storage medium 
or on tables in memory. 2. To modify an instruc- 
tion using an index word. 
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index of modulation In frequency modulation, the 
ratio of carrier frequency deviation to modulating 
frequency. 

index of refraction Symbol, n. The ratio v;/v2, 
where v, is the speed of energy propagation in 
the first medium through which the energy 
passes, and v2 is the speed in the second 
medium. 

index register Abbreviation, XR. In digital com- 
puter operations, a register holding a modifier 
that allows data to be directly addressed (each 
program refers to an index register when ad- 
dressing storage locations). Also called MODI- 
FIER REGISTER. 

index word A word (bit group) containing a modi- 
fier that will be added to a basic instruction when 
it is executed during a program run. 

India mica High-grade mica mined in India. Its ex- 
cellent dielectric properties make it useful for ca- 
pacitor stacks, high-Q radio-frequency circuits, 
and other critical applications. 

indicated horsepower Abbreviation, ihp. Horse- 
power calculated from data or ratings, as opposed 
to measured horsepower. 

indicated horsepower-hours Abbreviation, ihp- 
hr. Horsepower-hours based on calculation of in- 
dicated horsepower. 

indicating fuse A fuse that provides some signal 
(such as a protruding pin) to show that it has 
blown. 

indicating instrument An instrument, such as a 
meter, that provides direct readings of a mea- 
sured quantity, as opposed to an instrument, 
such as a bridge, that must be manipulated and 
whose operation must often be followed by calcu- 
lations. 

indicating lamp A lamp that is marked or coded so 
that when it is on or off it conveys information. 

indicator 1. Meter (see METER, 1). 2. See MONI- 
TOR. 3. See ANNUNCIATOR. 4. In a computer, a 
device that can be set by a specific condition (e.g., 
by a negative result or error indicator). 

indicator probe A test probe having a built-in me- 
ter. 

indicial response Symbol, I(T). The sum of the 
transient and steady-state responses to a unit 
function. 

indirect addressing In computer programming, 
a technique in which the address in an instruc- 
tion refers to a different location containing an- 
other address, that can specify yet another 
address or an operand. Also called multilevel ad- 
dressing. 

indirect coupling Collectively, capacitive and in- 
ductive coupling, as opposed to direct coupling. 

indirect ground An unintentional ground connec- 
tion (e.g., accidental grounding of part of a cir- 
cuit) or one obtained through a roundabout path. 
Compare DIRECT GROUND. 

indirect light Light that has been reflected from 
one or more surfaces. Compare DIRECT LIGHT. 
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indirectly controlled Influenced by a directly con- 
trolled parameter, but not itself directly con- 
trolled. 

indirectly grounded Connected to earth or to the 
lowest-potential point in a system inadvertently 
or through a roundabout path (e.g., by means 
of an indirect ground). Compare DIRECTLY 
GROUNDED. 

indirectly heated cathode An electron-tube cath- 
ode consisting of a cylindrical or rectangular 
sleeve coated with a substance that is a rich emit- 
ter of electrons; it is heated by a filament inside 
the cylinder. 

indirectly heated thermistor A thermistor whose 
temperature is changed by a built-in heater (fila- 
ment) operated by the control current. 

indirectly heated thermocouple A meter thermo- 
couple heated by a small heater (filament) 
through which the signal current passes. 

indirect material A semiconductor substance in 
which electrons move from the conduction 
band to the valence band in discrete jumps or 
steps. 

indirect measurement The measurement of a 
quantity by comparing it with a similar quantity, 
using an instrument that requires adjustment or 
manipulation (rather than a simple meter). For 
example, resistance can be measured with a 
bridge, instead of an ohmmeter. Compare DI- 
RECT MEASUREMENT. 

indirect piezoelectricity In a piezoelectric crystal, 
the application of a voltage for the purpose of pro- 
ducing a strain on the crystal. A piezoelectric 
buzzer operates on this principle. 

indirect scanning A method of video scanning, in 
which a fast-moving spot of light scans the film or 
an object and is passed through the film (or re- 
flected by the object) to a photocell. 

indirect wave 1. In communications, a wave that 
arrives at a receiver after having traveled via re- 
fraction, reflection, or both. 2. A radio wave prop- 
agated via the ionosphere. 3. A wave reflected 
from some object, such as the moon or a meteor 
trail. 4. A wave received from a satellite, originat- 
ing from a distant earth station. 

indium Symbol, In. A metallic element. Atomic 
number, 49. Atomic weight, 114.82. Used as a 
dopant in semiconductor processing. 
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indoor antenna An antenna erected and operated 
in a building, but kept away from other objects as 
much as possible. 

indoor radiation Electromagnetic radiation from 
the part of an antenna feeder or lead-in that is in- 
side the transmitter building. 

indoor transformer A power service transformer 
that, for protection against the elements, is in- 
stalled inside the building it serves. 

induced Brought about by the influence of a mag- 
netic or electric field. 

induced charge An electric charge produced in a 
body by the electric field surrounding another 
charge. 

induced current An alternating current estab- 
lished in one circuit by the alternating magnetic 
field of another circuit. Also see INDUCTION. 

induced EMF See INDUCED VOLTAGE. 

induced failure A form of component failure that 
occurs because of operation beyond the normal 
specifications. 

induced voltage An alternating voltage set up 
across one circuit (especially a coil) by the alter- 
nating magnetic field of another circuit. Also see 
INDUCTION. 

inductance Symbol, L. Unit, henry. In a conduc- 
tor, device, or circuit, the inertial property 
(caused by an induced reverse voltage) that op- 
poses the flow of current when a voltage is ap- 
plied; it opposes a change in current that has 
been established. Also see HENRY, INDUCTION, 
and MUTUAL INDUCTANCE. 

inductance bridge An alternating-current bridge 
for measuring inductance in terms of a standard 
inductance or a standard capacitance. See, for 
example, HAY BRIDGE, MAXWELL BRIDGE, and 
OWEN BRIDGE. 

inductance-capacitance Abbreviation, LC. 1. A 
combination of inductance and capacitance in a 
circuit, such as a filter, a parallel-resonant cir- 
cuit, or a series-resonant circuit. 2. Pertaining to 
a device for measuring inductance and capaci- 
tance (e.g., LC bridge and LC meter). 

inductance-capacitance bridge An alternating- 
current bridge for measuring inductance and ca- 
pacitance only. 

inductance-capacitance filter A filter composed 
of inductors and capacitors. Also called LC filter. 

inductance-capacitance meter A _ direct-reading 
meter for measuring inductance and capacitance. 

inductance-capacitance-resistance Abbrevia- 
tion, LCR. 1. A combination of inductance, capac- 
itance, and resistance in a circuit, such as a basic 
tuned circuit. The resistive component represents 
loss in the inductor and capacitor. 2. Pertaining 
to a device for measuring inductance, capaci- 
tance, and resistance (e.g., LCR bridge and LCR 
meter). 

inductance-capacitance-resistance 
IMPEDANCE BRIDGE. 

inductance coil See INDUCTOR. 


bridge See 
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inductance filter A filter using only an inductor, 
usually a coil of wire. 

inductance-resistance time constant The time 
constant t (see ELECTRICAL TIME CONSTANT) of 
a circuit containing, ideally, only inductance and 
resistance. Mathematically, t = LR, where t is in 
seconds, L is the inductance in henrys, and R is 
the resistance in ohms. Also called LR time con- 
stant. 

inductance standard A highly accurate, stable in- 
ductor used in precision measurements. Also see 
PRIMARY STANDARD and SECONDARY STAN- 
DARD. 

induction 1. The ability of an alternating, pulsat- 
ing, or otherwise changing current flowing in one 
circuit to set up a current in a nearby circuit. The 
circuits need not be physically connected, but 
need only be linked by magnetic lines of flux. Also 
see SELF-INDUCTION. 2. The phenomenon 
whereby a body becomes electrically charged by 
the field surrounding a nearby charged body. 
Also see ELECTRIC CHARGE. 

induction coil A special high-voltage step-up 
transformer having an open core and a vibrator- 
interrupter in series with the primary winding, 
which carries direct current from a battery. The 
current is broken up into short pulses by the in- 
terrupter, and a high alternating-current voltage 
is generated in the secondary winding. 

induction compass A compass whose indications 
depend on current induced in a coil revolving in 
the earth’s magnetic field. Compare GYROCOM- 
PASS and MAGNETIC COMPASS. 

induction factor The ratio of total current to non- 
productive current in an alternating-current cir- 
cuit. 

induction field The portion of an electromagnetic 
field that returns to a radiator, such as a coil, as 
opposed to the RADIATION FIELD. 

induction frequency converter A mechanical de- 
vice used for converting a signal at a fixed fre- 
quency to a signal at another fixed frequency. 

induction furnace A furnace in which _ high- 
frequency magnetic fields induce currents in 
metal ores, causing the ore to become hot enough 
to melt. 

induction heater A high-power, radio-frequency 
generator designed especially for induction heat- 
ing. 

induction heating The heating of metallic work 
samples by placing them in (but insulated from) a 
WORK COIL carrying current from a high-power 
radio-frequency generator. The workpiece is heated 
by radio-frequency currents induced in it as a re- 
sult of the intense alternating magnetic field within 
the coil. Compare DIELECTRIC HEATING. 

induction loss Loss of energy from a current- 
carrying conductor because of inductive coupling 
to a nearby conductor. 

induction modulator 
CAL MODULATOR. 


See ELECTROMECHANI- 
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induction motor An electric motor in which the 
stator’s rotating magnetic field makes the rotor 
revolve. 

induction speaker An acoustic loudspeaker in 
which an audio-frequency current is passed 
through a diaphragm or coil located in a constant 
magnetic field. This results in movement of the 
diaphragm or coil. 

induction transducer 
DUCER. 

induction-type landing system See DINGLEY 
INDUCTION-TYPE LANDING SYSTEM. 

induction welding Welding in which the heating 
current flowing in the workpieces is induced by 
an electromagnetic field. 

inductive capacitor A wound capacitor in which 
the inductance of the roll is controlled and speci- 
fied. Such a capacitor is useful in compact filters 
and in single-frequency bypassing, where the re- 
active components are supplied by the capacitor. 
Compare NONINDUCTIVE CAPACITOR. 


See INDUCTIVE TRANS- 







Metal case 


Dielectric 


Spirally wound 
plates 


inductive capacitor 


inductive circuit 1. A circuit in which inductance 
predominates. 2. A (theoretical) circuit containing 
inductance only. 

inductive coupling The transfer of energy between 
two inductors (or inductive devices) by a linking 
electromagnetic field. Also see COEFFICIENT OF 
COUPLING, COUPLING, INDUCTION, and MU- 
TUAL INDUCTANCE. 

inductive feedback See MAGNETIC FEEDBACK. 

inductive heater See INDUCTION HEATER. 

inductive heating See INDUCTION HEATING. 

inductive kick See BACK VOLTAGE and KICK- 
BACK. 

inductive load A load device that approaches a 
pure inductive reactance (e.g., loudspeaker and 
electric motor). 

inductive loading In an antenna, the addition of 
inductance in series with the element(s). This re- 
duces the resonant frequency for a radiator hav- 
ing a given physical length. It can also serve to 
reduce the physical length required for a radiator 
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having a specified resonant frequency. Compare 
CAPACITIVE LOADING. 

inductive logic A form of reasoning that demon- 
strates that a certain conclusion is highly proba- 
ble, given a certain set of circumstances. This is 
of interest to researchers in artificial intelligence 
(AI). Compare DEDUCTIVE LOGIC. 

inductive microphone A microphone in which 
sound waves vibrate a conductor or coil in a 
strong magnetic field, producing a corresponding 
alternating-current output by the resulting in- 
duction. Example: dynamic microphone. 

induction neutralization Neutralization of a vac- 
uum-tube radio-frequency power amplifier, via 
negative feedback from the output to the input 
through coupling coils. 

inductive reactance Symbol, X;, Unit, ohm. The 
reactance exhibited by an ideal inductor, consid- 
ered as a positive imaginary-number quantity; X, 
= j6.28f,, where X; is in ohms, fis the frequency 
in Hertz, L is the inductance in henrys, and j is 
the unit imaginary number (the square root of 
—1). Alternatively, fcan be specified in megahertz, 
and L in microhenries. In a pure inductive reac- 
tance, current lags 90 degrees behind voltage. 
Also see INDUCTANCE, INDUCTION, INDUCTOR, 
and REACTANCE. 

inductive switching Switching operations in a cir- 
cuit containing an inductor. Switching time is 
influenced by the INDUCTANCE-RESISTANCE 
TIME CONSTANT of the inductor; overall opera- 
tion is affected by the back voltage generated by 
the inductor. 

inductive transducer A transducer in which the 
sensed phenomenon causes a change in induc- 
tance (or reluctance), which, in turn, causes a 
proportional change in output current, voltage, 
frequency, or bridge balance. Compare CAPACI- 
TIVE TRANSDUCER, CRYSTAL TRANSDUCER, 
MAGNETIC TRANSDUCER, and_ RESISTIVE 
TRANSDUCER. 
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inductive trimmer See TRIMMER INDUCTOR. 

inductive tuning Also called permeability tuning. 
In a radio receiver, transmitter or transceiver, the 
adjustment of frequency by changing the induc- 
tance of a coil having a movable core. 

inductivity See DIELECTRIC CONSTANT. 

inductometer An instrument for measuring in- 
ductance in terms of the resonant frequency of an 
INDUCTANCE-CAPACITANCE (LC) circuit, in 
which Lis the unknown inductance and C is cal- 
ibration capacitance. 

inductor A coil of wire wound according to various 
designs, with or without a core of ferromagnetic 
material, to concentrate the magnetic flux result- 
ing from current flowing in the wire. The coiling of 
the wire and/or the addition of a ferromagnetic 
core increases the self-inductance compared with 
that of a straight wire having the same length. 
Also see INDUCTANCE; INDUCTION, 1; and 
SELF-INDUCTANCE, 1. 

inductor alternator See ALTERNATOR. 

inductor amplifier See MAGNETIC AMPLIFIER. 

inductor decade See DECADE INDUCTOR. 

inductor microphone See INDUCTIVE MICRO- 
PHONE. 


inductors in parallel See PARALLEL INDUCTORS. 
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inductors in parallel-series See PARALLEL- 
SERIES INDUCTORS. 

inductors in series See SERIES INDUCTORS. 

inductors in series-parallel See SERIES-PARAL- 
LEL INDUCTORS. 

inductor substitution box An enclosed assort- 
ment of common-value inductors that can be 
switched, one at a time, to a pair of terminals. In 
troubleshooting and circuit development, any of 
several useful fixed inductances can be thus ob- 
tained. 

industrial data processing Abbreviation, IDP. The 
application of digital computers and associated 
equipment to industrial problems, through the 
classification, sorting, storing, and manipulation 
of information. 

industrial electronics The branch of electronics 
concerned with manufacturing processes and 
their control, and with the operation and safe- 
guarding of factories. 

industrial instrumentation 1. Supplementing an 
industrial process with electrical and electronic 
measuring instruments. 2. The instruments used 
for the purpose defined in 1. 

industrial television Abbreviation, ITV. A usually 
closed-circuit television (CCTV) system, used as 
an adjunct to a manufacturing process, or as a 
means of communication or surveillance within 
an industrial plant. 

industrial robot A robotic device used in indus- 
trial applications (e.g., mining, construction, 
manufacturing, or laboratory work). 

industrial tube An (often heavy-duty) highly reli- 
able vacuum tube designed expressly for indus- 
trial service, such as high-power radio or 
television broadcasting. 

ineffective time The period during which an oth- 
erwise operational computer is not being used ef- 
fectively because of delays or idle time. 

inelastic collision A collision between charged 
particles in which one gains energy and the other 
loses energy. 

inert gas A gas that does not readily react with 
other elements. Inert gases include argon, helium, 
krypton, neon, and xenon. Such gases are often 
used in hermetically sealed devices to retard cor- 
rosion. 

inertance See ACOUSTIC INDUCTANCE. 

inertia The tendency of a body at rest to remain at 
rest unless acted on by an outside force. Also, the 
tendency for a body in motion to maintain that 
motion unless acted on by an outside force. Com- 
pare MOMENTUM. 

inertia in electric circuit The condition in a cir- 
cuit containing inductance, in which a current 
change lags behind a voltage change (analogous 
to mechanical inertia; see INERTIA). 

inertial guidance A system that automatically 
guides missiles and satellites in a desired trajec- 
tory without the need for continuous control by 
signals from a station. 
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inertia relay A time-delay relay whose operation is 
slowed by the addition of weights or other attach- 
ments. 

inertia switch A switch that can sense a distur- 
bance of its inertia. 

inference engine A circuit that gives instructions 
to a computer or robot, by applying programmed 
rules to commands issued by a human operator. 
Comprises the functional portion of an EXPERT 
SYSTEM. 

infinite Pertaining to a quantity or region that has 
no defined limits. 

infinite baffle A loudspeaker baffle having no 
openings for the passage of sound from the front 
to the back of the speaker cone. 

infinite-impedance detector A detector that of- 
fers the very high input impedance of a gate- 
source circuit and the large-signal capabilities of 
a diode detector. Audio-frequency output is taken 
across the source resistor, which is bypassed for 
radio-frequency signals. There is no drain resis- 
tor. Drain current increases with the input signal 
from a very low value at zero signal level. 
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infinite line See INFINITE TRANSMISSION LINE. 

infinite regress A reasoning pattern (either hu- 
man or machine-based) that is fallacious because 
it defines or explains something in terms of itself. 

infinite sample space In statistics, a sample 
space having no definite limits. 

infinite series A mathematical series in which the 
number of terms is limitless. For example, % = 0.1 
+ 0.06 + 0.006 + 0.0006 +... 

infinitesimal 1. A quantity, such as a differential, 
that approaches zero as the limit. 2. Pertaining to 
a quantity whose magnitude is extremely small or 
negligible. 3. Pertaining to an extremely small 
change in a quantity or measured value. 

infinite transmission line A theoretical transmis- 
sion line with normal characteristics, but extend- 
ing away from the signal generator or receiver for 
a limitless distance. 
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infinity Symbol, ~. A quantity that is unlimited in 
duration or dimension. A quantity that increases 
without limit is sometimes said to “approach in- 
finity.” 

infix notation A system of logical operation nota- 
tion wherein operands are separated by opera- 
tors, thus, A & B, where the ampersand means 
AND. Compare PREFIX NOTATION. 

Infobahn See INFORMATION SUPERHIGHWAY. 

infobond On a printed circuit board, a form of 
wiring on the side opposite the components. The 
wiring is used in place of the foil normally on 
such a circuit board. 

information 1. Collectively, data or communica- 
tions, excluding the symbols or signals used to 
describe, present, or store them. 2. The result of 
data processing (i.e., that which is derived from 
the compilation, analysis, and distillation of 
data). 

information bits In an encoded signal, data char- 
acters or digits that can be treated to give infor- 
mation (excluding control characters). 

information center A storage bank designed for 
use by many different subscribers, via computer. 

information channel A channel through which 
data and associated signals are transmitted and 
received. 

information feedback system In message trans- 
mission, a control system in which intelligence 
received at a terminal is returned to the sending 
unit for automatic verification. 

information gate A device or circuit that opens 
and closes an information channel. 

“information processor” species Anything that 
uses data to derive conclusions, to produce other 
data, or to take specific actions, and whose func- 
tioning can be explained entirely on the basis of 
data-processing operations. This includes com- 
puters and smart robots. Many (but not all) sci- 
entists believe that animals are also included; 
some believe that human beings qualify as well. 

information retrieval In digital computer and 
data-processing operations, the categorizing and 
storage of information and the automatic recall of 
specific file items. Also see ACCESS TIME. 

information separator An indicator that sepa- 
rates items of information or fields in a (usually 
variable-length) record. 

information storage In digital computer and data 
processing operations, holding information in 
memory pending retrieval. 

information superhighway 1. General expression 
for a worldwide network consisting of computers 
(personal, educational, industrial, and govern- 
ment) interconnected by telephone lines. 2. See 
INTERNET. 3. A massive, evolving, somewhat 
controversial data communication network link- 
ing computers, television, and telephone sys- 
tems. It uses high-speed, high-volume data links. 
Communication technologies include fiberoptics, 
radio-frequency repeaters, microwaves, geosta- 
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tionary satellites, and low-earth-orbit (LEO) satel- 
lite systems. 

information word A character group representing 
stored information and managed, as a unit, by 
hardware or software. 

infra- Prefix meaning below or lower than (e.g., IN- 
FRARED). 

infrablack region In a composite video signal, the 
blacker-than-black region (see BLACKER THAN 
BLACK). 

infradyne receiver A superheterodyne receiver in 
which the intermediate frequency is the sum of 
the signal and oscillator frequencies, rather than 
their (usual) difference. 

infrared Pertaining to electromagnetic energy in a 
band whose wavelength is longer than that of vis- 
ible light, but shorter than that of microwave en- 
ergy. 

infrared communication Communication by key- 
ing or modulating infrared rays. 

infrared counter-countermeasure A military tac- 
tic in which action is taken against an enemy in- 
frared countermeasure. 

infrared countermeasure A military tactic using 
countermeasure methods to cripple enemy in- 
frared equipment. 

infrared detector A device that senses the pres- 
ence of infrared energy. Some such detectors are 
bolometers, radiometers, radiomicrometers, and 
photocells. 

infrared-emitting diode Abbreviation, IRED. A 
semiconductor diode, such as the gallium- 
arsenide type, that emits infrared rays when a 
current passes through the p-n junction in the 
forward direction. 

infrared guidance A navigation and reconnais- 
sance system using infrared rays. 

infrared homing The method whereby a guided 
missile uses infrared rays to guide it to its target. 

infrared light See INFRARED RAYS. 

infrared motion detector See MOTION DETEC- 
TOR and INFRARED. 

infrared photography Photography in which the 
scene is illuminated with infrared light or emits 
infrared rays, and the film is infrared sensitive. 

infrared radiation See INFRARED RAYS. 

infrared rays Radiation at frequencies in the IN- 
FRARED region. Also (somewhat mistakenly) 
called heat rays. 

infrared remote control 1. The use of an infrared 
link, usually over short line-of-sight distances, 
for the purpose of controlling the operation of 
electronic equipment. A common example is the 
local remote control of a television receiver or 
high-fidelity system. 2. A small box, containing 
buttons, a transmitter and an infrared-emitting 
diode (IRED), used for local remote control of de- 
vices, such as television receivers and high- 
fidelity sound systems. 

infrared spectrum The region of the electromag- 
netic spectrum in which INFRARED radiation is 


5059F-pI_352-384 4/10/01 9:03 AM Page 365 cp 


information superhighway ¢ inherited error 365 


found. This band lies between the microwave ra- 
dio spectrum and the visible-light spectrum. 

infrared therapy The use of infrared rays by 
physicians and other practitioners to treat cer- 
tain disorders. 

infrared waves Electromagnetic waves whose 
lengths are greater than those of visible light 
waves, but less than those of microwaves. 

infrared window Any portion of the infrared spec- 
trum in which energy is easily transmitted 
through the lower atmosphere of the earth. 

infrasonic Pertaining to acoustic disturbances 
whose frequencies are below the range of human 
hearing (less than about 20 Hz). 

infrasonic intrusion detector A system that de- 
tects the presence of extremely low-frequency 
acoustic disturbances, and sends a signal to an 
alarm. Such INFRASONIC waves can be caused 
by various actions such as walking on a wooden 
floor, opening or closing a door, etc. 

infrasonics The branch of physics dealing with IN- 
FRASONIC phenomena. 

infrasound Acoustic disturbances in the air, 
whose frequencies are lower than about 20 Hz, 
and whose wavelengths are longer than about 55 
feet (17 meters). 

inharmonic distortion Distortion in which the fre- 
quencies of extraneous components are not har- 
monically related to the fundamental frequency. 
It is sometimes experienced when a tone-burst 
signal is applied to a loudspeaker. 
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inherent component A (usually extraneous) prop- 
erty possessed by a device because of its internal 
peculiarities. Thus, an inductor has inherent ca- 
pacitance; a capacitor has inherent inductance. 

inherited error In an extended calculation, an er- 
ror carried through from one of the earlier steps. 
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inhibit 1. In digital computer and logic operations, 
to prevent an action or block the input of data by 
means of a pulse. 2. To delay an action or pro- 
cess. 

inhibit gate A pulse-actuated gate circuit that acts 
as an INHIBITOR. 

inhibitor 1. A device or circuit that produces a 
pulse or signal that prevents an action, or that 
blocks data input. 2. An additive, such as an or- 
ganic liquid, that delays the hardening of a mix- 
ture, such as an encapsulating compound. 

inhibit pulse In a computer, a drive pulse that pre- 
vents other pulses from changing the direction of 
magnetization in the cells of a magnetic core 
memory. 

inhibit signal In digital computer and logic opera- 
tions, the signal that causes an INHIBIT action. 

initial drain 1. The current supplied by a battery or 
cell at its rated voltage. 2. The current delivered 
by a rechargeable battery or cell when it is put to 
use immediately after receiving a full charge. 

initial failure The first failure occurring in the op- 
eration of a circuit or device. 

initial instructions A resident computer routine 
used to aid program loading. Also called initial or- 
der. 

initial ionizing event In the operation of a ra- 
dioactivity counter, the first event that starts the 
chain of similar events constituting the count. 

initialization A computer program instruction 
that sets the value of a variable to zero. 

initial permeability Permeability in the low mag- 
netization region of a material. 

initial time delay Abbreviation, ITD. In acoustics, 
the elapsed time between the instant the direct 
sound wave is first heard, and the instant the 
first echoes (reflected sound waves) arrive. 

initiate See TRIGGER. 

injection 1. Introducing a signal into a circuit or 
device. 2. Introducing charge carriers (electrons 
or holes) into a semiconductor. 

injector 1.An element or electrode for INJECTION. 
2. A device or circuit that injects a signal into an- 
other device or circuit. 

injector electrode See INJECTOR, 1. 

ink bleed In the printing of matter for optical char- 
acter recognition, ink flow around the characters, 
often making them unrecognizable to the reader. 

inkjet galvanometer A galvanometer whose move- 
ment controls the pressure of a jet of ink for mak- 
ing a recording on a paper chart. Also see 
LIQUID-JET OSCILLOGRAPH. 

inkjet printer A printer commonly used with per- 
sonal computers, in which images are created by 
jets of ink sprayed directly onto the paper. Noted 
for low operating noise level, high image resolu- 
tion, and excellent color-reproduction capability. 

ink-mist recorder A graphic recorder in which the 
line is traced by a mist of ink. 

ink recorder A graphic recorder using a pen-and- 
ink stylus. 
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ink squeeze-out In the printing of matter for opti- 
cal character recognition, the squeezing of ink 
from a character’s center. 

ink-vapor recorder See INK-MIST RECORDER. 

in-Ib Abbreviation of INCH-POUND. 

inlead The part of an electrode that passes through 
the external shell or case of a component. 

inline procedure The main portion of a COBOL 
computer program, responsible for the primary 
operations. 

inline processing The action peculiar to a system 
that processes data almost immediately upon re- 
ceipt (i.e., one that need not be capable of storing 
a lot of unprocessed data). 

inline readout In digital computer operations, a 
readout device that displays digits side-by-side 
horizontally. 

inline subroutine A subroutine that must be writ- 
ten each time it is needed, as compared with one 
that can be accessed by a program branch. 

inline tuning Tuning of all the stages of a channel, 
such as an intermediate-frequency amplifier, to 
the same frequency. 

inner conductor The inner wire or rod of a coaxial 
cable or coaxial tank. It generally carries the sig- 
nal, and is isolated from the surrounding envi- 
ronment by the grounded OUTER CONDUCTOR. 

inorganic Consisting of materials other than car- 
bon compounds; therefore, it is not related to liv- 
ing things. 

inorganic electrolyte Any electrolyte that is com- 
pletely inorganic: containing no compounds of 
carbon. 

in phase The condition in which alternating or pul- 
sating waves or wave phenomena are in step with 
each other at all points. Compare OUT-OF-PHASE. 


in phase 


in-phase carrier See I-PHASE CARRIER. 

in-phase current Resistive current in an ac circuit 
(i.e., current in phase with voltage). Compare 
QUADRATURE CURRENT. 

in-phase feedback Feedback in phase with a main 
signal. Also called POSITIVE FEEDBACK and RE- 
GENERATION. 

in-phase voltage A voltage that is in phase with 
another (reference) voltage. 

in-plant system An automatic data communica- 
tions system within a specific building or complex. 
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input 1. Energy or information delivered or trans- 
ferred to a circuit or device. 2. The terminals of a 
device or circuit to which energy or information is 
applied. 3. To deliver or transfer energy or infor- 
mation to a circuit or device (as to input data 
from a computer peripheral to memory). 

input admittance Symbol, Y;. The internal admit- 
tance of a circuit or device, as “seen” from the in- 
put terminals; the reciprocal of input impedance. 
Compare OUTPUT ADMITTANCE. 

input area In a computer memory, an area set 
aside for data input from a source other than a 
program. 

input bias current The input bias required by an 
operational amplifier. 

input capacitance Symbol, C;. 1. The internal ca- 
pacitance of a circuit or device, as “seen” from the 
input terminals. Compare OUTPUT CAPACI- 
TANCE. 2. The grid-cathode capacitance of a vac- 
uum tube. 

input capacitor 1. In a capacitance-coupled cir- 
cuit, the input coupling capacitor. Compare OUT- 
PUT CAPACITOR. 2. The first capacitor in a 
capacitor-input filter (i.e., that capacitor electri- 
cally nearest the rectifier output electrode). 

input choke The first choke in a choke-input filter 
(i.e., that choke electrically nearest the rectifier 
output electrode, when no preceding capacitor is 
used). 

input circuit The circuit or subcircuit constituting 
the input section of a network or device. Compare 
OUTPUT CIRCUIT. 

input clamp current The current from an input 
when the input is in a state below ground poten- 
tial. A test for the input clamp diode. 

input conductance Symbol, G;. The internal con- 
ductance of a circuit or device, as “seen” from the 
input terminals; it is the reciprocal of INPUT RE- 
SISTANCE. Compare OUTPUT CONDUCTANCE. 

input coupling capacitor See INPUT CAPACITOR, 
1 


input coupling transformer See INPUT TRANS- 
FORMER. 

input current Symbol, J;. 1. The current delivered 
to a circuit or device. 2. Current flowing in the in- 
put leg or electrode of a circuit or device. 

input device 1. A device, such as an input trans- 
former, that couples energy or information to a 
circuit or device. Compare OUTPUT DEVICE. 2. A 
device through which another device receives 
data. 

input equipment Collectively, input devices used 
with a computer. 

input error voltage In an operational amplifier, 
the error voltage at the input terminals when a 
feedback loop operates around the amplifier. 

input extender A diode network that provides in- 
creased fan-in for a logic circuit. Also see FAN-IN, 
1. 

input gap In a velocity-modulated tube, the gap in 
which the electron stream is initially modulated. 
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input guarding A method of eliminating stray cou- 
pling among inputs in an integrated circuit. A 
shield is provided at the input; it is driven to fol- 
low along with the input voltage. This ensures low 
loss and minimum errors resulting from un- 
wanted coupling. 

input impedance Symbol, Z;. The internal im- 
pedance of a circuit or device, as “seen” from the 
input terminals. Compare OUTPUT IMPEDANCE. 

input limited The processing time limitation im- 
posed by an input unit on the speed of a program 
run. 

input noise current At the input of an integrated 
circuit, the root-mean-square (rms) or peak-to- 
peak (pk-pk) noise current existing within a spec- 
ified range of frequencies. 

input noise current density The noise current, 
usually expressed as a root-mean-square (rms) 
value, in a band 1 Hz wide around a given fre- 
quency. 

input noise voltage At the input of an integrated 
circuit, the root-mean-square (rms) or peak-to- 
peak (pk-pk) noise voltage existing within a spec- 
ified range of frequencies. 

input noise voltage density The noise voltage, usu- 
ally expressed as a root-mean-square (rms) value, 
in a band 1 Hz wide around a given frequency. 

input offset current In an operational amplifier, 
the difference between the currents going to the 
input terminals when the output is zero. 

input offset voltage In an operational amplifier, 
the potential that has to be applied between the 
input terminals for a zero output voltage. 

input/output Abbreviation, I/O. 1. Data transmit- 
ted to, or received from, a computer. 2. A terminal 
through which data is transmitted to, or received 
from, a device. 

input/output bound A condition affecting a sys- 
tem in which the time consumed by input and 
output operations is greater than that required 
for other processes. 

input/output buffer A computer memory area 
specifically reserved for the receipt of data coming 
from or going to a peripheral. 

input/output control The part of a computer sys- 
tem that coordinates activity between a central 
processor and peripherals. 

input/output equipment 1. In digital computer 
operations, devices for entering information into 
the computer or for reading information from it. 
Examples: keyboard, mouse, display, and optical 
scanner. 2. In robotics and artificial intelligence, 
a data link between a controller and one or more 
robots, and/or between or among two or more 
controllers. 

input/output isolation Arrangement or operation 
of a circuit or device so that there is no direct 
path between input and output terminals around 
the circuit or device. Also see ISOLATION. 

input/output module See INPUT/OUTPUT 
EQUIPMENT. 
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input/output routine A routine for simplifying the 
programming of standard input/output equip- 
ment operations. 

input/output switching The allocation of more 
than one channel to peripherals for communica- 
tions with a central processor. 

input/output voltage differential At a given load 
current, the potential difference that is necessary 
for an integrated circuit to operate according to 
its output voltage specifications. 

input power Symbol, P;. 1. The power presented to 
the input terminals of a circuit or device. Also 
called POWER INPUT. Compare OUTPUT 
POWER. 2. The operating power of a circuit or de- 
vice (i.e., the power-supply requirement). 

input protection In an integrated circuit, a 
means of preventing damage to the device from 
excessive voltage at the input, such as transient 
spikes or the result of malfunctioning of some 
other circuit. 

input record 1. A computer record of immediate 
interest that is ready for processing. 2. During a 
computer program run, a record read into mem- 
ory from an input device. 

input recorder A device that makes a permanent 
record of the signals or data input to a circuit or 
system. 

input register In a computer, a register that re- 
ceives data from a peripheral relatively slowly and 
then passes it on to a central processor at a faster 
speed as a sequence of informational units. Also 
see REGISTER. 

input resistance Symbol, R;. The internal resis- 
tance of a circuit or device, as “seen” from the in- 
put terminals. Compare OUTPUT RESISTANCE. 

input resonator In a velocity/modulated tube, the 
resonator in which electron bunching occurs. 

input routine A computer program section that 
manages data transferal between an external 
storage medium and a memory input area. 

input section 1. See INPUT ROUTINE. 2. See IN- 
PUT AREA. 

input sensitivity 1. The level of input-signal am- 
plitude that will result in a certain signal-to-noise 
ratio at the output of a device. The specified sig- 
nal-to-noise ratio is usually 10 or 20 dB. 2. The 
level of input signal in a frequency-modulated de- 
vice, required to produce a specified amount of 
noise quieting. The specified level of noise quiet- 
ing is usually 20 dB. Alternatively, 12-dB SINAD 
(ratio of signal to the level of noise and distortion) 
can be specified. 3. The minimum level of input 
voltage required to actuate a logic gate. 

input signal The signal (current, voltage, and 
power) presented to the input terminals of a cir- 
cuit or device for processing. 

input tank Ina double-tuned stage of a transmit- 
ter or power generator, the tank circuit in which 
the input signal is resonated. This is generally 
the base or gate circuit. Compare OUTPUT 
TANK. 
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input terminals Terminals (usually a pair) associ- 
ated with the input section of a circuit or device. 
Compare OUTPUT TERMINALS. 

input transformer The transformer that delivers 
signal voltage or power to the input circuit of a 
network or device. Compare OUTPUT TRANS- 
FORMER. 

input uncertainty The combination of all parame- 
ters that result in adverse behavior in an opera- 
tional amplifier. 

input unit In a digital computer, the device or cir- 
cuit that receives information from peripherals. 

input voltage 1. Symbol, E; or V;. The voltage pre- 
sented to a circuit or device. Compare OUTPUT 
VOLTAGE, 1. 2. The voltage across the input leg 
or electrode of a circuit or device. Compare OUT- 
PUT VOLTAGE, 2. 

input-voltage drift For an integrated circuit (IC), 
the time- and temperature-dependent change in 
output voltage divided by the IC’s open-loop volt- 
age gain. 

input-voltage offset For a differential amplifier, 
the input signal voltage at the differential input 
that results in zero output voltage. 

input-voltage range The range, in volts, over 
which the input voltage can fluctuate in an inte- 
grated circuit so that the common-mode rejection 
ratio (CMRR) specifications are not exceeded. 

input winding The signal winding of a magnetic 
amplifier. 

inquiry A programmed request for information 
from storage in a computer. 

inquiry display terminal A video display/key- 
board terminal used to make an inquiry to a com- 
puter system, and display the response. 

inquiry station A terminal from which an inquiry 
can be sent to a central computer. 

inrush The initial surge of current that occurs 
when voltage is first applied to the primary wind- 
ing of a transformer with no load connected. 

inscribe To convert data to a form on a document 
that is readable by a character-recognition device, 
as through the use of magnetic ink, for example. 

insect robot A member of a fleet of robots, all of 
which are under the control of a single computer. 
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The term arises because the system functions 
like an anthill or beehive, in which the individual 
machines are “stupid,” but the system as a whole 
is “smart.” Such robots often have six legs, like 
insects. Compare AUTONOMOUS ROBOT. 

insert A (usually metallic) bushing that can be 
molded into a plastic part (or pressed into it after 
molding is completed) to provide a bearing sleeve 
or threaded hole. 

insert core A ferromagnetic core whose position 
can be adjusted to vary the inductance of the coil 
surrounding it. 

insert edit 1. In magnetic tape recording, a section 
of tape on which new audio is recorded over ex- 
isting audio. 2. The process of recording new au- 
dio over existing audio in a defined interval on a 
magnetic tape. 

insertion gain In a circuit or system, the gain re- 
sulting from the amplifier inserted into the sys- 
tem; it is usually expressed in decibels. Compare 
INSERTION LOSS. 

insertion loss Loss of energy or gain by placing 
certain devices or subcircuits (filters, impedance 
matchers, etc.) in a circuit. It is usually expressed 
in decibels. Also see INSERTION RESISTANCE. 

insertion phase shift The difference in phase pro- 
duced by a circuit installed in an electrical trans- 
mission line. 

insertion resistance The resistance of a com- 
ponent or instrument that is introduced into 
a circuit. Thus, the internal resistance of a 
microammeter becomes an insertion resistance 
in the circuit in which the meter is connected for 
current measurement. 

inside antenna See INDOOR ANTENNA. 

inside diameter Abbreviation, ID. The innermost 
diameter of a body or figure having two concen- 
tric diameters. Compare OUTSIDE DIAMETER. 

inside lead See START LEAD. 

inside radiation See INDOOR RADIATION. 

inside spider A voice-coil centering device within a 
loudspeaker. 

inst 1. Abbreviation of INSTRUMENT or INSTRU- 
MENTATION. 2. Abbreviation of INSTANT. 

instability Inconsistency in the operation of a cir- 
cuit or device, in the parameters of a device, or in 
an electrical quantity. It can be attributed to a 
number of causes, including temperature, load- 
ing, age, humidity, negative resistance, and ra- 
dioactivity. 

installation tape number An identification num- 
ber given to a reel of magnetic tape by the pro- 
cessing facility. 

instant Abbreviation, inst. The point in time at 
which an event occurs, or at which a quantity 
reaches a particular value. 

instantaneous Occurring at a specified moment, 
or instant, of time. 

instantaneous amplitude The amplitude, speci- 
fied in amperes, volts, or watts, of a signal, spec- 
ified at a particular moment in time. 
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instantaneous automatic gain control Abbrevia- 
tion, IAGC. An automatic gain control whose op- 
eration almost immediately follows a change in 
signal amplitude. 

instantaneous automatic volume control Abbre- 
viation, IAVC. An instantaneous automatic gain 
control system for the immediate control of vol- 
ume in receivers and audio-frequency amplifiers. 

instantaneous companding A form of compand- 
ing that operates according to the instantaneous 
amplitude of the input signal. 

instantaneous contacts Timer contacts that open 
or close almost immediately upon application of 
the control signal. 

instantaneous current Symbol, ior J;. The value of 
an alternating or fluctuating current at a particu- 
lar instant in the cycle. 

instantaneous disc A phonograph disc that can be 
played back immediately after being recorded. 

instantaneous frequency The frequency of a sig- 
nal at a particular moment in time. The instan- 
taneous frequency changes in _ frequency- 
modulated or phase-modulated signals. 

instantaneous power 1. Inasingle-sideband, sup- 
pressed-carrier signal, the power at a specified in- 
stant in time. It varies between zero and the peak 
envelope power (PEP). 2. The output power of an 
audio amplifier at a specified instant in time. 

instantaneous power output The rate of power 
delivery to a load at a given instant. 

instantaneous relay A relay, such as a fully elec- 
tronic type (having no moving parts), that shows 
virtually no delay in its operation. 

instantaneous sample A measurement obtained 
by INSTANTANEOUS SAMPLING. 

instantaneous sampling The measurement of 
wave or signal amplitude at a specific moment in 
time. See, for example, INSTANTANEOUS CUR- 
RENT and INSTANTANEOUS VOLTAGE. 

instantaneous speech power In the output of an 
audio amplifier, the instantaneous value of power 
in a speech wave, as opposed to that in a sine 
wave. Also see INSTANTANEOUS VALUE and 
SPEECH POWER, 1. 
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instantaneous value The magnitude of a fluc- 
tuating value at a selected instant in time. See, 
for example, INSTANTANEOUS CURRENT, 
INSTANTANEOUS POWER, INSTANTANEOUS 
SPEECH POWER, and INSTANTANEOUS VOLT- 
AGE. Compare AVERAGE VALUE, and EFFEC- 
TIVE VALUE. 

instantaneous voltage Symbol, e or E;. The value 
of an alternating or fluctuating voltage at a par- 
ticular instant in the cycle. 

instant loop In electronic security applications, a 
circuit that actuates an alarm without delay 
when an intrusion is detected. 

instruction In digital computer operations, a set of 
bits defining an operation. Consists of an opera- 
tion code specifying the operation to be per- 
formed, one or more operands or their addresses, 
and one or more modifiers or their addresses (to 
modify the operand or its address). 

instruction address In a computer memory, the 
address of a location containing an instruction. 

instruction address register Also called program 
counter. A register that holds instruction ad- 
dresses so that the retrieval of the instructions 
from memory can be controlled during a program 
run. 

instruction code Also called INSTRUCTION SET. 
The symbols and characters that compose the 
syntax of a computer programming language. 

instruction format In a computer’s basic machine 
code, the part that specifies how characters or 
digits are used to represent the codes within the 
machine’s instruction set. 

instruction modification In a computer instruc- 
tion, a change in the instruction code that makes 
the computer do a different operation when the 
routine containing the code is encountered again. 

instruction register A register in a computer con- 
taining the address of the current instruction. 
Also called CONTROL REGISTER (abbreviation, 
CR). 

instruction set 1. The range of commands that 
form a programming language. 2. See INSTRUC- 
TION CODE. 

instruction storage A memory circuit that stores 
computer instructions or programs. 

instruction time The time required for a control 
unit to analyze and implement a computer pro- 
gram instruction. 

instruction word In digital computer program- 
ming, a word containing the instruction code 
(type of operation to be performed) and the ad- 
dress part (location of the associated data in stor- 
age). 

instrument A device for measuring electrical 
quantities or the performance of electronic equip- 
ment. A meter provides a direct indication; other 
devices, such as a bridge, must be adjusted, the 
measured quantities being determined from one 
or more adjustments (sometimes augmented with 
calculations). 
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instrumental error See INSTRUMENT ERROR. 

instrument amplifier Also called INSTRUMENTA- 
TION AMPLIFIER. A high-gain, wideband ampli- 
fier that increases the _ sensitivity of an 
instrument (such as an oscilloscope, meter, or 
graphic recorder). 

instrument-approach system See INSTRUMENT 
LANDING SYSTEM. 

instrumentation Planning and providing instru- 
ments and instrument systems for the collection 
and, sometimes, storage and analysis of data. 

instrumentation amplifier 1. A form of inte- 
grated-circuit voltage amplifier designed for high 
linearity, high input impedance, and high 
common-mode rejection. It is intended for use 
with electronic instruments. 2. See INSTRUMENT 
AMPLIFIER. 

instrument chopper A refined chopper for con- 
verting a direct-current (dc) signal to alternating 
current (ac) for an ac instrument, such as a volt- 
meter or recorder. 

instrument error Discrepancy in measured quan- 
tities resulting from inaccuracy of the instrument 
used, insertion resistance, environmental factors, 
operator error, etc. 

instrument flight Also called blind flight. Aircraft 
flight guided by navigational instruments and 
signals alone. Required when visibility is ex- 
tremely poor. 

instrument fuse A fast-acting, low-current fuse 
used to protect a sensitive instrument, such as a 
galvanometer, milliammeter, and/or microam- 
meter. 

instrument lamp A light or lamp that illuminates 
the face of an instrument to facilitate viewing in 
the dark. 

instrument landing Also called blind landing. Air- 
craft landing guided entirely by instruments. Re- 
quired when visibility is poor and when landing is 
imperative at a given location at a given time. 

instrument landing station The radio or radar 
station in a blind-landing system (see INSTRU- 
MENT LANDING SYSTEM). 

instrument landing system Abbreviation, ILS. 
The complete instrument and signal system (on 
the ground or in aircraft) required for an INSTRU- 
MENT LANDING. 

instrument multiplier 
1. 

instrument preamplifier An external, sensitive 
amplifier for an instrument that has an internal 
input amplifier. Also see INSTRUMENT AMPLI- 
FIER. 

instrument relay See METER RELAY. 

instrument resistance See METER RESISTANCE. 

instrument shunt A resistance connected in par- 
allel with a current-measuring instrument, used 
to increase the range of currents that can be mea- 
sured. 

instrument transformer A transformer used to 
change the range of an alternating-current meter. 


See MULTIPLIER PROBE, 
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instrument shunt 


For ammeters, it is called a current transformer; 
for voltmeters, it is called a potential transformer. 

insulant A nonconducting material, used to pre- 
vent the flow of electric current between or among 
points. See INSULATOR, 1. 

insulated Isolated from conductors by an INSU- 
LANT. 

insulated-gate field-effect transistor Abbrevia- 
tion, IGFET. See METAL-OXIDE SILICON FET. 

insulated resistor A resistor around which is 
molded a nonconducting material, such as vitre- 
ous enamel or a plastic. 

insulating tape Electrical insulation in the form of 
a thin, usually adhesive, strip of fabric, paper, or 
plastic. 

insulation 1. A coating of dielectric material that 
prevents a short circuit between a conductor and 
the surrounding environment. 2. The application 
of a dielectric coating to an electrical conductor. 
3. Electrical separation between or among differ- 
ent components, circuits, or systems. 

insulation breakdown Current leakage through, 
and rupture of, an insulating material because of 
high-voltage stress. 

insulation ratings Collectively, the dielectric con- 
stant, dielectric strength, power factor, and resis- 
tivity of an insulating material. Sometimes in- 
cluded are such physical properties as rupture 
strength, melting point, etc. 

insulation resistance The very high resistance ex- 
hibited by a good insulating material. It is ex- 
pressed in megohms (or higher units of resistance) 
for a sample of material of stated volume or area. 

insulation system Collectively, the materials 
needed to insulate a given electronic device. 

insulator 1. A material that, ideally, conducts no 
electricity; it can, therefore, be used for isolation 
and protection of energized circuits and compo- 
nents (also see DIELECTRIC). Actually, no insu- 
lator is perfectly nonconductive (see, for example, 
INSULATION RESISTANCE). 2. A molded piece of 
solid insulating material, used to electrically iso- 
late conductors—especially in antenna systems 
and power transmission lines. 3. Any body made 
from an insulating material. 

insulator arcover A sudden arc, or flow of current, 
over the surface of an insulator, because of ex- 
cessive voltage. 

integer A positive or negative whole number, as 
opposed to a fraction or mixed number. 


integral 1. Also called indefinite integral and an- 
tiderivative. For given mathematical function f, 
function g, whose derivative is equal to f. 2. Also 
called definite integral. The area under a curve of 
a function, between two vertical lines defined by 
two specific points in the domain of the function. 
3. The part of a number to the left of the radix 
point. 4. Pertaining to integers (positive or nega- 
tive whole numbers) or quantities that can be 
represented by integers. 

integral action In automatic control operations, a 
control action delivering a corrective signal pro- 
portional to the time that the controlled quantity 
has differed from a desired value. 

integral contact In a relay or switch, a contact 
that carries current to be switched. 

integral-horsepower motor A motor rated at one 
horsepower. 

integral multiple A whole multiple of a number. 
Thus, a harmonic is an integral multiple of fun- 
damental frequency f: 2f, 3f, 4f, etc. 

integral number See INTEGER. 

integrate 1. To perform the function of mathemat- 
ical or electrical INTEGRATION. 2. To construct a 
circuit on a piece of semiconductor material. 

integrated Constructed on a single piece of mate- 
rial, such as a semiconductor wafer. 

integrated amplifier An audio-frequency (AF) am- 
plifier having a preamplifier, intermediate ampli- 
fier, and output amplifier on a single chassis. 

integrated capacitor In an integrated circuit, a 
fixed capacitor in which one plate is a layer of ma- 
terial diffused into the substrate, the dielectric is 
a thin-oxide film grown on top of the first layer, 
and the other plate is a metal layer deposited on 
top of the oxide film. 

integrated circuit Abbreviation, IC. A _ circuit 
whose components and connecting “wires” are 
made by processing distinct areas of a chip of 
semiconductor material, such as silicon. Classi- 
fied according to construction (e.g., monolithic IC, 
thin-film IC, hybrid IC). 

integrated data processing Abbreviation, IDP. 
The detailed electronic classification, sorting, 
storage, and mathematical processing of data 
within a coordinated system of equipment, usu- 
ally at one location. 

integrated electronics The branch of electronics 
that is concerned with the design and fabrication 
of integrated circuits. 

integrated resistor See DIFFUSED-LAYER RESIS- 
TOR. 

Integrated Services Digital Network Abbrevia- 
tion, ISDN. A communications network or con- 
nection intended primarily for Internet access 
via telephone lines. Allows significantly higher 
data speed than is possible with a conventional 
analog connection. In addition, it is possible to 
use a digital system, such as a computer, online 
simultaneously with an analog voice conversa- 
tion. 
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integrating circuit See INTEGRATING NETWORK. 

integrating galvanometer A device for measuring 
the change in electric flux produced in a coil in an 
electric field. Even very slow changes can be mea- 
sured. 

integrating meter An instrument whose indica- 
tion is a summation (usually) of an electrical 
quantity that is time-dependent (e.g., ampere- 
hour meter and watt-hour meter). 

integrating motor An electric motor that follows 
the integral of the input signal. The angle of rota- 
tion of the motor shaft is equal to the integral of 
the input waveform. 

integrating network A _ four-terminal network 
whose output voltage is proportional to the time 
integral of the input voltage. It can be a passive 
resistance-capacitance (RC) circuit or it can use 
an operational amplifier. Compare DIFFERENTI- 
ATING NETWORK. 


Input Output 


Input Output 


integrating networks 


integrating photometer A photometer whose 
reading is the average candlepower at all angles 
in one plane. 

integration 1. The process of determining a 
mathematical function when its derivative is 
given. 2. The processing of a signal by an INTE- 
GRATOR circuit. 3. Collectively, the processes 
by which an INTEGRATED CIRCUIT is manufac- 
tured. 

integrator 1. See INTEGRATING NETWORK. 2. A 
device having an output variable whose value is 
proportional to the integral of one variable, with 
respect to another, or is proportional to the inte- 
gral of an input variable, with respect to elapsed 
time. 

intelligence 1. Meaningful data that modulates a 
carrier [e.g., the voice or music in a frequency- 
modulated (FM) radio signal, or the image in a 
television signal]. 2. Also called machine intelli- 
gence. The quality of a system or device, espe- 
cially a computer, that allows it to “learn” (i.e., to 
better its capability by repeatedly operating on a 
given problem). 
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intelligence bandwidth 1. The bandwidth neces- 
sary to convey a specified amount of data within 
a certain period of time. 2. The total bandwidth of 
one complete signal channel in a communica- 
tions or broadcast system. 

intelligence signal 1. A signal that conveys data 
or information. 2. The modulating waveform in a 
communications or broadcast transmission. 

intelligent network Abbreviation, IN. 1. In gen- 
eral, any advanced and sophisticated communi- 
cations network, particularly a broadband digital 
network. 2. A network designed to readily accom- 
modate new technologies and services, such as 
videoconferencing, interactive television, or re- 
mote control. 

intelligent terminal A computer terminal (e.g., an 
input/output video display/keyboard unit) that 
through its circuitry (i.e., by use of a micropro- 
cessor) has some data-processing ability. 

intelligibility tests Tests that measure the coher- 
ence of electronically reproduced speech. 

intensification of image See IMAGE INTENSIFI- 
CATION. 

intensifying ring In some electrostatic cathode- 
ray tubes, an internal metal ring serving as an ex- 
tra anode to accelerate the beam and, thus, 
brighten the image. 

intensity The degree or extent of a phenomenon 
(such as amplitude, brightness, loudness, power, 
force, etc.). 

intensity control In an oscilloscope circuit, the 
potentiometer that adjusts the direct-current 
voltage on the control electrode of the cathode- 
ray tube and, accordingly, the brightness of the 
image. Also called BRIGHTNESS CONTROL and 
BRILLIANCE CONTROL. 

intensity level 1. A measure of sound magnitude, 
expressed in decibels, with respect to a value of 
one microwatt per square centimeter (10° 
W/cm?) at sea level in the atmosphere. 2. The set- 
ting of the brightness control in a cathode-ray- 
tube device. 

intensity modulation 1. Modulation of electron- 
beam intensity in a cathode-ray tube. Also called 
z-axis modulation. 2. Sometimes, the video-signal 
modulation in a television image. 

intensity-modulation amplifier The z-axis ampli- 
fier in an oscilloscope. Also see INTENSITY MOD- 
ULATION. 

interaction The (sometimes mutual) influence of 
one circuit or device on the behavior of another, 
as in induction. 

interactive display A computer display device 
with which its operator can supply data to the 
computer in response to what is displayed. Ex- 
ample: touch screen. 

interactive graphics A computer graphics system 
using a cathode-ray tube to draw or modify three- 
dimensional representations. 

interactive photovoltaic system A _ solar-power 
plant that operates in conjunction with the utility 
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companies. Energy is sold to the companies dur- 
ing times of daylight and minimum usage, and is 
bought back from the companies at night or dur- 
ing times of heavy usage. The principal advantage 
of this system is that the user can keep using 
electricity (by buying it all from the utilities) if the 
solar-energy system breaks down. But such a 
system does not provide the independence from 
utility companies that some users desire. Com- 
pare STAND-ALONE PHOTOVOLTAIC SYSTEM. 

interactive program A computer program in 
which the machine and its operator engage in 
two-way communication. Most personal comput- 
ing software is of this type, in contrast to pro- 
grams that carry out all their functions without 
operator intervention (other than initialization). 

interactive television Television provided to con- 
sumers, in which viewers can transmit data, as 
well as receive it. For example, a survey might be 
conducted in which viewers are polled and send 
in their responses. Another example: products 
might be ordered while viewing an advertisement. 

interactive mode See CONVERSATIONAL MODE. 

interbase resistance The internal resistance be- 
tween the bases of a unijunction transistor. 

interblock A part of a computer program or a 
hardware device that will prevent interference be- 
tween parts of a computer system. 

interblock space 1.Ona magnetic tape, the space 
between recordings, caused by starting and stop- 
ping the tape. 2. On magnetic tape used as a 
computer storage medium, the interval between 
recorded blocks. 

intercarrier receiver A television (TV) receiver cir- 
cuit in which video, sound, and syne compo- 
nents of the composite TV signal are amplified 
together in the radio-frequency (RF), intermedi- 
ate-frequency (IF), and video IF stages; then they 
are separated in the video detector and video am- 
plifier stages. Compare SPLIT-"SOUND RE- 
CEIVER. 

intercept receiver In military service, a search re- 
ceiver tuned over a wide band of frequencies to lo- 
cate and evaluate enemy signals. 

interchangeability The ability of one component 
to substitute directly for another component of 
the same kind. Example: capacitor interchange- 
ability, transistor interchangeability. Also see RE- 
PLACEMENT. 

intercharacter space The three-unit interval be- 
tween letter symbols in telegraphy. Compare IN- 
TERWORD SPACE. 

intercom A comparatively simple two-way tele- 
phone or low-power radio system for use on the 
premises of a home or business. 

intercommunicator See INTERCOM. 

interconnection 1. A mutual connection of sepa- 
rate circuits. 2. The interconnection of two or 
more separate power-generating systems. 

interdigital contacts A pair of contacts with “fin- 
gers” that are plated, printed, or deposited on the 


surface of a resistor material or semiconductor 
substrate. The fingers of each contact are inter- 
connected at one end, the fingers of one contact 
being interleaved with those of the other. 

interdigital tube A magnetron having a cathode 
surrounded by anode segments that are alter- 
nately interconnected at opposite ends in the 
manner of INTERDIGITAL CONTACTS. 

interelectrode capacitance Capacitance between 
or among electrodes—especially between the 
plate and control grid of a vacuum tube. 

interelement capacitance Internal pn-junction 
capacitance in a semiconductor device, such as a 
diode or transistor. 

interface 1. The circuitry that interconnects and 
provides compatibility between a central proces- 
sor and peripherals in a computer system. 2. Col- 
lectively, the hardware and software that allows a 
computer to interact with its operator. 3. To pro- 
vide an efficient pathway for data between two de- 
vices or systems. 4. The meeting of surfaces or 
regions in a material. 5. The surface of a body 
that mates with another body similar or identical 
to it. 

interface resistance See CATHODE INTERFACE. 

interface routine A computer program routine 
that links one system to another. 

interfacial connection A connection that runs 
through a printed-circuit board and joins circuit 
joints on opposite faces of the board. 

interference 1. In communications, degradation 
of reception caused by noise or undesired signals. 
2. The interaction of acoustic or electromagnetic 
waves from more than one source, especially 
when they are of the same frequency, producing a 
characteristic INTERFERENCE PATTERN of high- 
amplitude and low-amplitude regions. 

interference attenuator A device or mode of oper- 
ation that reduces the amplitude of interference. 

interference eliminator A filter, wavetrap, or sim- 
ilar device that removes interfering signals or 
noise. Also see INTERFERENCE. 

interference filter See INTERFERENCE ELIMINA- 
TOR. 

interference pattern A regular pattern of high- 
amplitude and low-amplitude regions, lobes, or 
bands, produced when waves of identical fre- 
quency from two or more sources combine in 
varying phase. Such patterns can be observed 
with sound, radio waves, infrared, visible light, 
ultraviolet, X rays, and gamma rays. The phe- 
nomenon is of interest in acoustic engineering, 
the design of radio antenna systems, and in 
physics (particularly optics). 

interference stub A length of twin-lead feeder cut 
to appropriate length, connected to the antenna- 
input terminals of a television receiver, and 
short-circuited at the opposite end. A stub of the 
correct length resonates at the frequency of an in- 
terfering signal and, acting as a wavetrap, keeps 
it out of the receiver. Also see STUB. 
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interference trap A wavetrap that suppresses in- 
terfering signals at the rejection frequency of the 
trap. 

interferometer 1. A radio telescope having two an- 
tennas spaced at a distance of many wave- 
lengths, providing much greater resolution than a 
single antenna. Pioneered by M. Ryle of England 
and J.L. Pawsey of Australia. 2. Any device that 
displays an INTERFERENCE PATTERN for testing 
or experimental purposes. 

interfix A method used in information-retrieval 
systems that eliminates ambiguity in the re- 
sponses to inquiries by describing the relation- 
ship between keywords in a record. 

Interframe A method of digital IMAGE COMPRES- 
SION developed by MPEG (Moving Picture Experts 
Group). It operates by eliminating redundant 
data from between image frames. Compare IN- 
TRAFRAME. 

interharmonic beats Beat notes produced by var- 
ious combinations of the harmonics of a signal. 

interim storage See TEMPORARY STORAGE. 

interior label On a magnetic tape used as a com- 
puter-storage medium, a label recorded at the be- 
ginning of the tape. Compare EXTERIOR LABEL. 

interior protection 1. In electronic security appli- 
cations, a set of sensors contained entirely within 
the region to be protected. 2. The installation and 
operation of a security system whose sensors are 
all within the region to be protected. 

interlace A form of data storage in which portions 
of the data are stored in alternate locations in the 
tape or disk. 

interlaced field A video image field produced by 
INTERLACED SCANNING. 

interlaced scanning In the display of a video im- 
age, the alternate presentation of the even- and 
odd-line fields. This process increases the obtain- 
able image resolution for a given refresh rate, but 
can result in “jerkiness” of the image when rapid 
motion is portrayed. 

interlace factor A number expressing the extent 
to which two fields are interlaced. Also see IN- 
TERLACED SCANNING. 

interleaving In multiprogramming, the inclusion 
in a program of segments of another program so 
that both can be effectively executed simultane- 
ously. 

interlock switch See ELECTRICAL INTERLOCK. 

intermediate amplifier See BUFFER. 

intermediate frequency Abbreviation, IF. In a su- 
perheterodyne circuit, the frequency of the signal 
that results from beating the incoming signal 
with the signal produced by the local oscillator. 

intermediate-frequency amplifier In a_ super- 
heterodyne circuit, the fixed-frequency amplifier 
that boosts the intermediate-frequency signal. 
Also see INTERMEDIATE FREQUENCY. 

intermediate-frequency channel Usually, the in- 
termediate-frequency amplifier in a superhetero- 
dyne circuit, but sometimes including the second 
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detector, automatic gain control (AGC), and oscil- 
lator stages. 

intermediate-frequency converter 
VERTER. 

intermediate-frequency interference Interfer- 
ence from signals at the intermediate frequency 
of a receiver or instrument. 

intermediate-frequency selectivity The selectiv- 
ity of an intermediate-frequency (IF) channel 
alone, usually determined by the characteristics 
of the bandpass filter(s) in the IF channel. 

intermediate-frequency transformer A coupling 
transformer designed for use in an intermediate- 
frequency amplifier. 

intermediate-puck drive In a tape recorder, a 
speed-reducing drive system in which an inter- 
mediate wheel conveys motion from the motor 
shaft to the rim of the flywheel. 

intermediate puck wheel See IDLER WHEEL. 

intermediate repeater In wire telephony, a re- 
peater inserted into a line or trunk at some point 
other than the end. 

intermediate result Obtained during a program 
run or the execution of a subroutine, a result that 
is used again as an operand in deriving the final 
result. 

intermediate section Any of the internal sections 
of a multisection filter. Thus, the middle section 
of a three-section filter. 

intermediate storage In a computer system, a 
storage medium for temporarily holding totals or 
working figures. Also called WORK AREA. 

intermediate subcarrier A modulated or unmodu- 
lated subcarrier that modulates either a carrier or 
another intermediate subcarrier. 

intermittent 1. Pertaining to a circuit fault, such 
as an open or short circuit, that occurs some of 
the time, but not all the time. 2. See INTER- 
MITTENT CONDITION. 3. Pertaining to a phe- 
nomenon that is observed some of the time, but 
not all the time; sporadic. 4. Pertaining toa DUTY 
CYCLE greater than zero, but less than 100 per- 
cent; usually between 25 and 50 percent. 

intermittent commercial and amateur service 
Abbreviation, ICAS. Operation of equipment, 
such as radio transmitters, for short, irregular 


See IF CON- 
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periods, as in amateur (hobbyist) activity or infre- 
quent commercial service. ICAS ratings are 
higher than continuous commercial service (CCS) 
ratings. Compare CONTINUOUS COMMERCIAL 
SERVICE. 

intermittent condition A defect in a circuit or de- 
vice that causes erratic and unreliable operation. 
The cause of such a problem is often difficult to 
determine. 

intermittent dc See 
CURRENT. 

intermittent direct current A regularly pulsed 
unidirectional current. Also called PULSATING 
DIRECT CURRENT. 

intermittent duty A DUTY CYCLE of less than 
100 percent, but greater than zero. Generally, an 
operating duty cycle of 25 to 50 percent. 

intermittent-duty rating The dissipation or 
power rating of a component, circuit, or system, 
under conditions of intermittent use, usually a 
25-percent to 50-percent DUTY CYCLE. 

intermittent operation Operation characterized 
by often long nonoperating intervals. Intermittent 
operation is often random, whereas on-off opera- 
tion tends to be regular. 

intermittent signal An interrupted signal result- 
ing from the intermittent operation of a circuit or 
device. 

intermodulation Abbreviation, IM. 1. The (usually 
undesired) modulation of one signal by another, 
caused by nonlinear processing of the signals. 2. 
The heterodyning of components in the side- 
bands produced by an amplitude-modulated (AM) 
or single-sideband (SSB) transmitter. 

intermodulation distortion Abbreviation, IMD. 1. 
Distortion products in the output of an ampli- 
tude-modulated (AM) or single-sideband (SSB) 
transmitter, caused by heterodyning of compo- 
nents in the sidebands. 2. Distortion products in 
the output of an audio amplifier, caused by het- 
erodyning of the fundamental components. 3. 
The extent to which distortion as defined in 1 
occurs. See INTERMODULATION-DISTORTION 
PERCENTAGE. 

intermodulation-distortion meter See 
MODULATION METER. 

intermodulation-distortion percentage Abbrevi- 
ation, IDP. The degree to which a low-frequency 
test signal modulates a higher-frequency test sig- 
nal when both are applied simultaneously (in a 
prescribed amplitude ratio) to a device under test; 
IDP = 100(b — a)/a, where a is the peak-to-peak 
amplitude of the unmodulated high-frequency 
wave and b is the peak-to-peak amplitude of the 
modulated high-frequency wave. 

intermodulation meter An instrument for mea- 
suring percentage of intermodulation distortion 
(IMD). The instrument combines a dual-frequency 
signal generator, filter circuits, and percent-of- 
modulation meter. Also see INTERMODULATION- 
DISTORTION PERCENTAGE. 
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intermodulation noise Electrical noise produced 
in one channel by signals in another; it is caused 
by INTERMODULATION. 

internal absorptance The ratio of flux absorbed in 
a substance to the flux leaving at the entry sur- 
face of the substance. It does not include energy 
reflected at the entry surface. 

internal amplification In a radioactivity counter 
tube, current enhancement resulting from cumu- 
lative ionization initiated by an ionizing particle. 

internal arithmetic In a digital computer, arith- 
metic operations performed in the computer, as 
opposed to those performed by peripherals. 

internal impedance The impedance in a device, as 
opposed to that added from the outside. Compare 
INTERNAL RESISTANCE. 

internal input impedance The impedance in a cir- 
cuit or device, as “seen” from the input terminals. 
Compare INTERNAL OUTPUT IMPEDANCE. 

internal input resistance The resistance in a cir- 
cuit or device, as “seen” from the input terminals. 
Compare INTERNAL OUTPUT RESISTANCE. 

internal noise Electrical noise generated within a 
circuit, as opposed to that picked up from out- 
side. Such noise comes from transistors, diodes, 
integrated circuits, resistors, and any other com- 
ponent through which current flows. 

internal output impedance The impedance in a 
circuit or device, as “seen” from the output termi- 
nals. Compare INTERNAL INPUT IMPEDANCE. 

internal output resistance The resistance in a cir- 
cuit or device, as “seen” from the output termi- 
nals. Compare INTERNAL INPUT RESISTANCE. 

internal resistance 1. The resistance of a device, 
as opposed to added resistance. See, for example, 
METER RESISTANCE. 2. In a cell or battery, the 
equivalent resistance, resulting from imperfect 
conductivity of the electrolyte and electrodes, 
which limits the maximum deliverable current. 

internal thermal shutdown In an integrated cir- 
cuit, the junction temperature at which thermal 
shutdown occurs. It is generally indicated in de- 
grees Celsius (°C). 

internal transmittance The ratio of flux reaching 
the exit surface of a material to the flux leaving 
the entry surface. Reflection is not taken into ac- 
count. The sum of internal transmittance and IN- 
TERNAL ABSORPTANCE is always equal to 1. 

international broadcast station A_ shortwave 
broadcast station transmitting programs for in- 
ternational reception between 6 and 26.6 MHz. 

international callsign The call letters of a station, 
assigned within a country, according to the 
method of arrangement (identifying letters, or let- 
ters and numerals) prescribed by the Interna- 
tional Telecommunication Union. 

international candle See CANDLE. 

international coulomb A unit of electrical quan- 
tity, equal to 0.99985 absolute coulomb. 

international farad A unit of capacitance, equal to 
0.99952 absolute farad. 
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international henry A unit of inductance, equal to 
1.00018 absolute henry. 

international joule A unit of energy, equal to 
1.00018 absolute joule. 

International Morse Code See CONTINENTAL 
CODE. 

international ohm A unit of electrical resistance, 
equal to 1.000495 absolute ohm. The other inter- 
national units are derived from this value. 

International Radio Consultative Committee 
Abbreviation, CCIR (Comite Consultatif Inter- 
national Radiodiffusion). An international orga- 
nization reporting to the International 
Telecommunication Union, and studying techni- 
cal operations and tariffs of radio and television. 

International Steam Table calorie A unit of heat 
energy equal to 4.1868 joules. 

International System of Units Abbreviation, SI 
(Systeme International d’Unites). The system of 
units of measurement established in 1960 under 
the Treaty of the Meter. The base units are as fol- 
lows. 


-METER (m), length: 1,650,763.73 times the 
wavelength of the light emitted in a vacuum of 


krypton 86 
-KILOGRAM (kg), mass: the mass of the protype 
kilogram kept at Sevres, France 


-SECOND (s), time: the duration of 
9,192,631,770 periods of the radiation that cor- 
responds to the transition between the two hy- 
perfine levels of the ground state of cesium 133 


-KELVIN (K), thermodynamic temperature: 473.16 
the thermodynamic temperature of the triple 
point of water 


-AMPERE (A), electric current: the current that, 
flowing through two infinitely long parallel wires 
in a vacuum and separated by 1 meter, pro- 
duces a force of 2 x 10-7 newton per meter of 
length between the wires 


-CANDELA (cd), luminous intensity: the lumi- 
nous intensity of %0o..00 square meter of perfectly 
radiating surface at the temperature of freezing 
platinum 


International Telecommunication Union Abbre- 
viation, ITU. An international, nongovernmental 
organization devoted to standardizing worldwide 
communications practices and procedures. 

International Telegraph and Telephone Consulta- 
tive Committee See CCITT. 

International Telegraph Consultative Committee 
See CCIT. 

international units A system of electrical units, 
based on the resistance through a specified 
quantity and configuration of the element mer- 
cury. The INTERNATIONAL OHM forms the basis 
for the international system of units. 

international volt A unit of electrical potential, 
equal to 1.00033 absolute volt. 
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international watt A unit of power, equal to 
1.00018 absolute wait. 

Internet A worldwide, interconnected system of 
computer networks. Originated in the late 1960s 
as ARPAnet (Advanced Research Projects Agency 
network). Still used extensively by educators and 
scientists, but gaining popularity among 
personal-computer users. Sometimes called 
the INFORMATION SUPERHIGHWAY. 

interphone An intercom aboard a mobile vehicle. 

interpolation Finding a value that falls between 
two values listed in a table, indicated by a dial, 
plotted on a graph, derived by estimate, or given 
by intermediate calculation. For example, if a lin- 
ear variable capacitor has a value of 100 pF when 
its dial is set to 10, and 140 pF when the dial is 
set to 20, then the capacitance when the dial 
reads 15 (midway between 10 and 20) can be as- 
sumed to be 120 pF (midway between 100 pF and 
140 pF). When functions are not linear, interpola- 
tion is usually not exact. 


Estimated 
point a” 
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a 
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interpolation meter See INTERPOLATION-TYPE 
INSTRUMENT. 

interpolation oscillator A frequency-measuring 
signal generator with a built-in crystal oscillator, 
whose harmonics provide calibration points on 
the tuning dial. The dial provides a continuous 
indication of generator frequencies between crys- 
tal-harmonic points. Also see INTERPOLATION- 
TYPE INSTRUMENT. 

interpolation-type instrument An _ instrument, 
such as a meter or signal generator, that is used 
to transfer an accurate quantity point from a 
standard to another instrument and to provide a 
range of values between such points. A secondary 
standard is sometimes used as an interpolation- 
type instrument (see, for example, INTERPOLA- 
TION OSCILLATOR). 

interpole motor A direct-current motor with small 
auxiliary poles (interpoles) between its main field 
poles. The interpoles reduce sparking at the com- 
mutator. 

interpreter A computer program that can convert 
instructions given in a high-level language (BA- 
SIC, for example) into the machine language that 


—P— 


a computer uses; if it is not resident in the com- 
puter’s nonvolatile memory, it must be loaded 
each time the machine is activated. 

interrecord gap See INTERBLOCK SPACE. 

interrupt A break in a computer program, as when 
a background job is interrupted so that a fore- 
ground job can be run. Also see BACKGROUND 
JOB and FOREGROUND JOB. 

interrupted commercial and amateur service 
See INTERMITTENT COMMERCIAL AND AMA- 
TEUR SERVICE. 

interrupted continuous wave Abbreviation, ICW. 
A continuous wave that is interrupted at regular 
intervals, as in the chopping of a wave at a regu- 
lar rate. Compare CONTINUOUS WAVE (CW) and 
MODULATED CONTINUOUS WAVE (MCW). 

interrupted dc A direct current or voltage that is 
periodically started and stopped by switching or 
chopping. 

interrupter contacts Auxiliary contacts operated 
directly by the armature of a stepping switch. 

interruption frequency See QUENCHING FRE- 
QUENCY. 

interruption-frequency oscillator See QUENCH 
OSCILLATOR. 

interrupt signal The signal that causes a break 
(INTERRUPT) in a computer program. 

intersatellite communication 1. Communica- 
tion between or among satellites. 2. Communi- 
cation between two earth-based stations, using 
two or more satellites. 3. Communication be- 
tween an earth-based station and a satellite- 
based station, using at least one intermediate 
relaying satellite. 


Satellites 





Earth 


intersatellite communication 


intersecting storage ring A device for producing 
great amounts of energy. It is similar to a vacuum 
tube. High-speed subatomic particles are fed to a 
ring-shaped evacuated structure in opposite di- 
rections. The two particle beams collide at vari- 
ous points, yielding high energy. 

intersection The logical AND operation. 

interstage capacitor A coupling capacitor used 
between two circuit stages. 
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interstage coupling The transfer of a signal be- 
tween two circuit stages, such as those of an am- 
plifier. Common forms of interstage coupling 
include direct coupling, capacitive coupling, trans- 
former coupling, diode coupling, and optoisolator 
coupling. 

interstage diode A semiconductor coupling diode 
used between two circuit stages. 

interstage transformer A coupling transformer 
used between two circuit stages. It provides di- 
rect-current isolation, and also can match purely 
resistive impedances. 

intersymbol interference In a digital communica- 
tions signal, a condition in which a given symbol 
overlaps with one or more other symbols (either 
immediately preceding it or immediately following 
it), upsetting the ability of the receiver to decipher 
signals in certain time intervals. The phe- 
nomenon is sometimes a problem in time-division 
multiplexing—especially at data speeds near the 
maximum for the system. 

intersystem A power-generating network of inter- 
connected separate systems. 

intersystem communications Communications 
between computer systems, either through direct 
linking of central processors, or by mutual use of 
peripherals and input/output channels. 

intertie See INTERCONNECTION, 2. 

interval 1. The amount of separation between suc- 
cessive points, events, or quantities. 2. The con- 
tinuous range of values between two defined 
points. 3. A specific period of time, with defined 
beginning and ending points. 

intervalometer A timing device for operating 
equipment over a precisely defined time interval. 

interval timer A device that provides power to an 
equipment for a precise interval upon application 
of a simple initiating signal or action. See also IN- 
TERVALOMETER. 

interword space The seven-unit interval between 
words or code groups in telegraphy. Compare IN- 
TERCHARACTER SPACE. 

intoxication tester See DRUNKOMETER. 

intracoding The coding of data using only data 
that it contains. 

Intrafax Western Union’s private facsimile system. 

Intraframe A method of digital IMAGE COMPRES- 
SION developed by MPEG (Moving Picture Experts 
Group) and JPEG (Joint Photographic Experts 
Group). It operates by eliminating redundant data 
within image frames. Compare INTERFRAME. 

intrinsic-barrier diode See PIN DIODE. 

intrinsic-barrier transistor A bipolar transistor 
with a layer of intrinsic semiconductor between 
one of its pn junctions. 

intrinsic concentration The number of minority 
carriers exceeding the normal equilibrium num- 
ber in a semiconductor. 

intrinsic conduction The flow of electron/hole 
pairs in an intrinsic semiconductor subjected to 
an electric field. 
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intrinsic flux A quantity equal to the product of 
the intrinsic flux density and the cross-sectional 
area in a magnet. 

intrinsic flux density The increased flux density 
of a magnet in its actual environment, as com- 
pared with the flux density resulting from the 
same magnetizing force in a perfect vacuum. 

intrinsic mobility Electron mobility in an intrinsic 
semiconductor. Also see CARRIER MOBILITY and 
MOBILITY. 

intrinsic Q The value of the Q, also known as the 
FIGURE OF MERIT, for an unloaded circuit. This 
value is generally higher than the value when a 
load is connected to the circuit. 

intrinsic semiconductor A semiconductor whose 
characteristics are identical to those of a pure 
crystal of the material. In this condition, the 
semiconductor is nearly an insulator. Example: 
highly purified germanium or silicon before n- or 
p-type impurities have been added. Compare EX- 
TRINSIC SEMICONDUCTOR. 

intrusion alarm A set of electronic sensors and as- 
sociated circuitry composing a system that de- 
tects and warns of the presence of unauthorized 
personnel within a specific region. 

intrusion sensor A sensitive pickup (such as a 
photocell, ultrasonic detector, or capacitive 
transducer) that responds to a nearby body by 
delivering an actuating signal to an intrusion 
alarm. 

INV Abbreviation of INVERTER. 

inv Abbreviation of INVERSE. 

Invar A nickel-steel alloy (836% nickel) having a low 
temperature coefficient of linear expansion (1 
ppm/°C). Invar is used in electronic equipment 
where mechanical distortion resulting from tem- 
perature changes must be negligible, and in mag- 
netostrictive circuits (see MAGNETOSTRICTION). 

inverse 1. Opposite in nature (e.g., an INVERSE 
CHARACTERISTIC). 2. Of opposite sign (e.g., a 
negative current or voltage). 3. An operation of 
opposite kind; thus, subtraction is the inverse of 
addition, and division is the inverse of multiplica- 
tion. 

inverse beta The beta of a transistor operated with 
the emitter and collector interchanged. 

inverse bias See REVERSE BIAS. 

inverse characteristics The characteristics of a 
bipolar transistor when operated with the emitter 
and collector reversed. 

inverse conduction See REVERSE CONDUC- 
TION. 

inverse cube law A principle relating the intensity 
of an effect to the reciprocal of the cube of the dis- 
tance from the source. The magnetic field around 
a solenoidal coil of wire obeys this principle. 

inverse current See REVERSE CURRENT. 

inverse-distance law The inverse-square law ap- 
plied to the propagation of radio waves, assuming 
that the waves do not encounter obstacles. 
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inverse feedback See DEGENERATION. 

inverse fourth-power law A rule of propagation for 
certain complex forms of energy: I = k/d*, where I 
is the intensity of the field, d is the distance from 
the source, and k is a constant. 

inverse impedances Impedances (Z, and Z) that 
are the reciprocal of another impedance (Z), sat- 
isfying the relationship Z|Z. = (Z,)?. Also called 
RECIPROCAL IMPEDANCES. 

inverse leakage ‘The flow of a small static reverse 
current in semiconductor devices. 

inverse-parallel circuit See BACK-TO-BACK CIR- 
CUIT and BACK-TO-BACK CONNECTION. 

inverse peak voltage See PEAK INVERSE VOLT- 
AGE. 

inverse piezoelectric effect Mechanical move- 
ment in a piezoelectric material, caused by appli- 
cation of voltage. 

inverse resistance See REVERSE RESISTANCE. 

inverse resonance See PARALLEL RESONANCE. 

inverse-square law The energy or power intensity 
of a phenomenon is inversely proportional to the 
square of the distance from the source. This is 
often applied to quantitative reasoning about 
radiant energy, electromagnetic energy, and 
acoustic energy. Thus, if the distance doubles, 
the energy or power drops to % its previous 
value. 


Distance = 2d 
otal power = P 
Surface area = 4a 


Distance = d 
lotal power = P 
Surface area = a 
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inverse-square law 


inverse trigonometric function An angle ex- 
pressed in terms of a given trigonometric func- 
tion, followed by the exponent -1 or preceded by 
“arc” (sir’! is the equivalent of arcsin). 

inverse voltage 1. The negative voltage at the an- 
ode of a rectifier during the negative half-cycle of 
alternating-current (ac) input. 2. The voltage 
across a power-supply filter capacitor during the 
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negative half-cycle of ac input. 3. Semiconductor- 
junction reverse voltage. 

inverse Wiedeman effect See DIRECT WIEDE- 
MAN EFFECT. 

inversion 1. A reversal of the normal vertical tem- 
perature gradient of the atmosphere, often result- 
ing in long-distance tropospheric radio-wave 
propagation. 2. Speech scrambling (see SCRAM- 
BLER CIRCUIT). 3. Phase inversion (see PHASE 
INVERTER). 4. Changing direct current into al- 
ternating current, often increasing the voltage 
(see INVERTER, 1). 

inverted amplifier A push-pull, grounded-gate, 
field-effect-transistor (FET) amplifier. 


D 
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inverted-L antenna An antenna having a horizon- 
tal radiator and a vertical feeder or lead-in at- 
tached to one end of the radiator. The entire 
arrangement resembles an upside-down L. The 
overall length is generally 4 to 4 wavelength. 

inverted speech See SCRAMBLED SPEECH. 

inverter 1. Also called power inverter. A device that 
converts direct current (dc) into alternating cur- 
rent (ac), often of a much higher voltage (e.g., 12 
Vdc into 117 Vac). 2. A logic circuit that provides 
an output pulse that is a negation of the input 
pulse. Also called a COMPLEMENTER or a NOT 
CIRCUIT. 3. See PHASE INVERTER. 

inverting adder An analog adder circuit that is 
provided with an amplifier for a 180° phase 
shift. 

inverting amplifier An amplifier providing a 180° 
phase shift between input and output. 

inverting connection Connection to the inverting 
input terminals of a differential amplifier or oper- 
ational amplifier. Also see INVERTING INPUT. 
Compare NONINVERTING INPUT. 

inverting input In a differential amplifier or opera- 
tional amplifier, the input circuit that produces a 
phase reversal between the input and output. 
Compare NONINVERTING INPUT. 
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inverter, 1 


Input Output 
In Out 
0 1 
1 0 
inverter, 2 
inverting transponder In a communications 


satellite, a transponder in which the downlink 
band is “upside-down” in frequency relative to the 
uplink band. That is, the highest downlink fre- 
quency corresponds to the lowest uplink fre- 
quency, and the lowest downlink frequency 
corresponds to the highest uplink frequency. 
Compare NONINVERTING TRANSPONDER. See 
also DOWNLINK, TRANSPONDER, UPLINK. 
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invisible failure In acomputer system, a hardware 
or software failure whose effect on the system is 
unnoticeable in a given application. A failure that 
is invisible in one application might be vividly ap- 
parent in some other application. 

invister A unipolar semiconductor material, capa- 
ble of operation at very high frequencies. 
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involution Raising a number to a power: squaring, 
cubing, etc. Compare EVOLUTION. 

inward-outward dialing Also called direct dialing. 
In a telephone system, a method of dialing in 
which calls can be made to and from branch ex- 
changes, without operator assistance. 

I/O Abbreviation of input/output (see INPUT/ 
OUTPUT EQUIPMENT). 

Io Symbol for OUTPUT CURRENT. 

iodine Symbol, I. A nonmetallic element of the 
halogen family. Atomic number, 53. Atomic 
weight, 126.905. Also see HALOGEN. 

ion A charged atom [i.e., one that has gained one 
or more electrons (a negative ion, or anion) or lost 
one or more electrons (a positive ion, or cation)]. 

ion burn A spot burned on the screen of a cathode- 
ray tube by negative ions from the cathode strik- 
ing a single point on the faceplate with high 
intensity for long periods. 

ion concentration 1. The number of ions, ex- 
pressed as a percentage or as a number per unit 
volume, in a substance. 2. Ionization density in 
the atmosphere. 

ion exchange resins Granular resins that contain 
acid or base groups, and that trade ions with 
salts in solutions. The resins play a part in the 
purification of water for various industrial pro- 
cesses. 

ionic binding forces In a crystal, the binding 
forces that occur when valence electrons of one 
atom are joined to those of a neighboring atom 
whose outer shell they fill. 

ionic bond In a solid, a bond between atoms, 
formed as a result of the attraction between op- 
positely charged atoms (ions). 

ionic conduction Conduction, as in a gas or elec- 
trolyte, by ion migration (positive to the cathode, 
negative to the anode). 

ionic crystal A crystal whose lattice is held to- 
gether by the electric forces between ions. Also 
see IONIC BINDING FORCES and IONIC BOND. 

ionic current Current caused by ion movement in 
a gas or liquid. Also see ION, IONIZATION, and 
IONIC CONDUCTION. 

ionic semiconductor A semiconductor in which 
the carrier is an ion, as opposed to an electron or 
hole. 

ionic switch See ELECTROCHEMICAL SWITCH. 

ionization 1. The loss or gain of one or more elec- 
trons by an atom. Also see ANION, CATION, and 
ION. 2. The formation or existence of significant 
numbers of ions in a gas, liquid, or solid (e.g., ion- 
ization of the upper atmosphere). 

ionization are The electrical discharge resulting 
from the ionization of a material because of high 
voltage. 

ionization chamber An enclosure containing a gas 
and a pair of electrodes between which a high 
voltage is applied. Radiation, such as X rays or 
radioactive particles, passing through the walls of 
the chamber ionize the gas, creating an ionization 
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current that is proportional to the intensity of the 
radiation. 

ionization current 1. Current in an ionized gas 
(such as air). 2. Current flowing in an electrolyte. 
3. Current in an ionization chamber, Geiger- 
Mueller tube, or similar gaseous device. 4. In a 
gas tube, current flowing after the ignition poten- 
tial has been reached. 5. Negative grid current re- 
sulting from gassiness in a vacuum tube. 

ionization density The extent to which ionization 
exists in an ionized layer of the atmosphere. The 
higher the ionization density, the greater the ef- 
fect on radio waves—especially at frequencies be- 
low about 150 MHz. 

ionization gauge A form of vacuum tube that can 
be used to measure the hardness of a vacuum. It 
consists of a cathode, an anode (plate), and a pos- 
itively charged grid. Plate current flows as a re- 
sult of ionization of the atoms within the tube. 
The more nearly perfect the vacuum, the lower 
the plate current. 
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ionization potential The voltage at which a sub- 
stance (especially a gas) ionizes. Also called (for a 
gas) ignition potential (see BREAKDOWN VOLT- 
AGE). 

ionization pressure In an ionized gas, the pres- 
sure increase resulting from the ionization, as 
compared with the same volume and mass of gas 
when not ionized. 

ionization resistance See CORONA RESISTANCE. 

ionization smoke detector A device that senses 
the presence of smoke or other particles as a re- 
sult of changes in the IONIZATION CURRENT 
through the air. When the ionization current sud- 
denly changes, a signal is sent to an alarm cir- 
cuit. 

ionization time The interval, usually measured in 
microseconds or milliseconds, between the in- 
stant that an ionizing potential is applied to a 
gas, and the instant at which the gas begins to 
ionize. Compare DEIONIZATION TIME. 
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ionization trail The ionized path of a meteor as it 
passes through the upper atmosphere. 

ionize To cause the electrons in a substance, 
particularly a gas, to move freely from atom to 
atom. 

ionized gas A gas whose atoms, under the influ- 
ence of a strong electric field or IONIZING RADIA- 
TION, have become positive or negative ions. 

ionized layer See KENNELLY-HEAVISIDE LAYER. 

ionized liquid See ELECTROLYTE. 

ionizing radiation 1. Any high-energy electromag- 
netic radiation that causes ionization in a gas 
through which the field passes. Examples: ultra- 
violet, X rays, and gamma rays. 2. High-speed 
atomic nuclei (e.g., protons or alpha particles). 

ion migration The movement of ions through a 
solid, liquid, or gas because of the influence of an 
electric field. 

ionosphere 1. Any of several ionized regions at 
specific altitudes above the earth’s surface. 
These layers cause absorption and refraction of 
electromagnetic (EM) fields at some radio fre- 
quencies. The D layer exists at an altitude of 
about 30 miles (50 km) and is ordinarily present 
only on the daylight side of the planet. This layer 
does not contribute to, and in fact sometimes 
hinders, wireless communications. The E layer, 
about 50 miles (80 km) above the surface, also 
exists mainly during the day, but nighttime ion- 
ization is sometimes observed. The E layer can 
facilitate medium-range radio communication at 
certain frequencies. The uppermost regions are 
the F1 and F2 layers. The F1 layer, normally pre- 
sent only on the daylight side of the earth, forms 
at about 125 miles (200 km) altitude; the F2 layer 
exists at about 180 miles (300 km) more or less 
around the clock. Sometimes the distinction be- 
tween the Fl and F2 layers is ignored, and they 
are spoken of together as the F layer. 

ionospheric disturbance See [JONOSPHERIC 
STORM. 
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ionospheric forecasting Predicting ionospheric 
conditions. Radio propagation data is derived 
from such predictions. 

ionospheric layers The respective layers of the 
ionosphere: D layer (at an altitude of about 30 mi 
or 50 km), E layer (at an altitude of about 50 mi 
or 80 km), the FI layer (at an altitude of about 
125 mi or 200 km), and the F2 layer (at an alti- 
tude of about 180 mi or 300 km). The F1 layer is 
generally present only in the daytime. 

ionospheric propagation Propagation of radio 
waves by means of reflection or refraction by the 
ionosphere. Also see HOP; INCIDENT WAVE; 
IONOSPHERE; MULTIHOP PROPAGATION; RE- 
FLECTED WAVE, 1; REFRACTED WAVE; and 
SKYWAVE. 

ionospheric storm Turbulence in the ionosphere, 
usually accompanied by a magnetic storm and 
caused by high-speed particles emitted from an 
eruption on the sun. 

ion sensor A device whose operation is based on 
the detection of ions and the delivery of a propor- 
tionate voltage. Examples are the Geiger counter, 
halogen gas leak detector, mass spectrometer, 
and vacuum gauge. 

ion spot See ION BURN. 

ion trap See BENT-GUN CRT. 

ion-trap magnet An external (usually double) 
magnet used with a television picture tube to de- 
flect the ion beam away from the screen. This pre- 
vents ION BURN. 

I/O port That part of a computer providing, via a 
connector, a point through which data can enter 
from, or exit to, peripheral equipment. 

Ip 1. Abbreviation of PLATE CURRENT. 2. Abbrevi- 
ation of PEAK CURRENT. 

I-phase carrier In color television, a carrier sepa- 
rated by 57 degrees from the color subcarrier. 
I-picture A video image that is coded using only 

data that it contains. 

ipm Abbreviation of INCHES PER MINUTE. 

ips Abbreviation of INCHES PER SECOND. 

IR_ 1. The product of current and resistance (see, 
for example, IR DROP). 2. Abbreviation of INSU- 
LATION RESISTANCE. 3. Abbreviation of IN- 
FRARED. 

I, Symbol for IRIDIUM. 

I. Symbol for CURRENT in a resistor. 

IRAC Abbreviation for Interdepartment Radio Advi- 
sory Committee (a federal government group in 
the United States). 

IR diode See INFRARED DIODE. 

IR drop The voltage drop (E) across a resistance (R) 
when there is a current (J) through the resistor; 
according to Ohm’s law, E = IR. 

IRE Abbreviation for Institute of Radio Engineers, 
the predecessor of the IEEE (Institute of Electrical 
and Electronics Engineers). 

IRED Abbreviation for 
DIODE. 

Irnr Symbol for RADIO-FREQUENCY CURRENT. 


INFRARED-EMITTING 
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iridescence A sparkling, colorful appearance in a 
material, resulting from refraction, internal re- 
flection, and interference in light waves passing 
through the substance. It is especially noticeable 
in quartz and certain gems. 

iridium Symbol, Ir. A metallic element of the plat- 
inum group. Atomic number, 77. Atomic weight, 
192.22. 

iron Symbol, Fe. A ferromagnetic, metallic ele- 
ment. Atomic number, 26. Atomic weight, 
55.847. Iron (and its special form, steel) is widely 
used in magnetic circuits. 

iron/constantan thermocouple A _ thermocouple 
consisting of a junction between wires or strips of 
IRON and CONSTANTAN. 

iron core A transformer or choke core made from 
iron or steel. The core is usually laminated to re- 
duce eddy-current loss. 

iron-core coil An inductor having an iron or steel 
core, usually laminated to reduce eddy-current 
loss. 

iron-core IF transformer An _ intermediate-fre- 
quency transformer having a core of powdered 
iron, a form of iron that has the advantage of high 
permeability while greatly minimizing eddy cur- 
rents. 

iron-core transformer A transformer whose coils 
are wound on a core of laminated iron or steel. 

iron loss Power lost in the iron cores of transform- 
ers, inductors, and electrical machinery as a re- 
sult of eddy currents and hysteresis. 

iron magnet A permanent magnet consisting of 
magnetized iron or a mixture of iron and nickel. 

iron oxide A compound of iron and oxygen, whose 
most familiar form is common rust. The several 
variants have characteristics that depend on the 
number of iron and oxygen atoms in the iron- 
oxide molecule. See, for example, MAGNETITE 
and RED OXIDE OF IRON. 

iron pyrites Formula, FeS2. Natural iron sulfide 
that occurs as bright yellow crystals in its natural 
state. 

iron-vane meter An alternating-current meter 
whose movable element, a soft iron vane, carries 
the pointer and pivots near a similar, stationary 
vane. The vanes are mounted in a multiturn coil 
of wire. The current flows through the coil, the re- 
sulting magnetic field magnetizing the vanes. 
Because the magnetic poles of the vanes are 
identical, they repel each other; the movable vane 
is deflected (against the torque of returning 
springs) over an arc proportional to the current, 
carrying the pointer over the scale. 

irradiance The amount of radiant flux impinging 
on a unit surface area; it is generally specified in 
watts per square meter (W/m?). 

irradiation 1. Exposure of a device to radioactivity 
or X rays. 2. The total radiant power density that 
is incident upon a receiving surface. 

irrational number A number that cannot be ex- 
pressed as the quotient of two integers. Its deci- 
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mal expansion is nonterminating and nonrepeat- 
ing. 

irregularity 1. The condition of being nonuniform, 
or rapidly fluctuating, rather than constant. 2. A 
departure from normal operating conditions. 3. 
Nonuniformity in a surface. 4. Nonuniform distri- 
bution of matter. 5. Nonuniform distribution of 
data. 

irregular wave A wave disturbance, or the plot of 
such a disturbance versus time, that has a com- 
plex, periodic, repeating nature. 

IR viewer A device that allows observation of im- 
ages at infrared wavelengths. See SNIPERSCOPE 
and SNOOPERSCOPE. 

I, 1. Symbol for source current in a field-effect 
transistor. 2. Symbol for screen current in a vac- 
uum tube. 


irregular wave 
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ISDN Abbreviation for INTEGRATED SERVICES 
DIGITAL NETWORK. 

ISCAN Abbreviation of inertialess steerable commu- 
nications antenna. 

I-scan A radar display in which the target is shown 
as a complete circle, whose radius is proportional 
to the distance to the target. 

I-signal With the Z-signal, one of the two signals 
that modulates the chrominance subcarrier in 
color television. The I-signal results from mixing 
a B-Y signal (with -0.27 polarity) and an R-Y sig- 
nal (with +0.74 polarity). 

Isinglass Thinly laminated mica. 

ISO Abbreviation for International Standards Orga- 
nization. 

ISO 9660 A standard format for producing CD- 
ROM (COMPACT DISK READ-ONLY MEMORY) 
mass storage media for use with computers. It is 
a part of the YELLOW BOOK scheme. 

isobar 1. An atom whose nucleus has the same 
weight as that of another atom but differs in 
atomic number. 2. On a weather map, a line con- 
necting points of equal pressure. Also see BAR, 1. 

isochromal phenomena 1. Effects occurring at reg- 
ular time intervals. 2. Effects of equal duration. 

isochromatic Also orthochromatic. 1. The quality 
of having or producing natural visible-light hues. 
2. Color sensitivity excluding a response to red. 
isochronal See ISOCHRONE. 

isochrone On a map, a line connecting points of 
constant time difference in radio-signal recep- 
tion. It is useful in radiolocation and radionaviga- 
tion. 

isochronous Having identical resonant frequen- 
cies or wavelengths. 

isoclinic line See ACLINIC LINE. 

isodose Pertaining to points receiving identical 
dosage of radiation. 

isodynamic line Ona map of the geomagnetic field 
(the earth’s magnetic field), a line connecting 
points of equal flux density. 

isoelectric Having a potential difference of zero. 

isoelectronic Having the same number of electrons. 

isogonal 1. See ISOGONIC LINE. 2. Having uni- 
form magnetic declination at all points. 

isogonic line On a map of the geomagnetic field 
(the earth’s magnetic field), a line connecting 
points of equal magnetic declination. 

isolantite An insulating ceramic. Dielectric con- 
stant, 6.1. 

isolated 1. Electrically insulated. 2. Separated in 
such a way that interaction does not take place. 

isolated input 1. An ungrounded input. 2. An in- 
put circuit with a blocking capacitor to prevent 
the passage of direct current. 

isolated location In acomputer, a storage location 
that is hardware-protected from being addressed 
by a user’s program. 

isolating amplifier See BUFFER, 1. 

isolating capacitor A series capacitor inserted ina 
circuit to pass an alternating-current signal while 


5059F-pI_352-384 4/10/01 9:03 AM Page 383 cp 


ISDN ¢ isoplanar 383 


blocking direct current. Also called a BLOCKING 
CAPACITOR. 

isolating diode A diode used (because of its unidi- 
rectional conduction) to pass signals in one direc- 
tion, but block them in the other direction. 

isolating resistor A high-value resistor connected 
in series with the input circuit of a voltmeter or 
oscilloscope to protect the instrument from stray 
pickup. In most voltmeters, this resistor is built 
into the probe. 

isolating transformer A power transformer, usu- 
ally having a 1:1 turns ratio, for isolating equip- 
ment from direct connection to the power line. 


117 Vac 


Neut 


To 
equipment 


isolating transformer 


isolation The arrangement or operation of a circuit 
so that signals in one portion are not transferred 
to (nor affect) another portion. 

isolation amplifier See ISOLATING AMPLIFIER. 

isolation capacitor See ISOLATING CAPACITOR. 

isolation diode 1. In an integrated circuit, a re- 
verse-biased diode that is formed in the substrate 
to prevent cross-coupling and grounds. 2. See 
ISOLATING DIODE. 

isolation resistor See ISOLATING RESISTOR. 

isolation transformer See ISOLATING TRANS- 
FORMER. 

isolator See OPTOELECTRONIC COUPLER. 

isolith A form of monolithic integrated circuit, in 
which the semiconductor is removed in certain 
places for the purpose of isolating different parts 
of the circuit. 

isomagnetic Having equal magnetic intensity. 

isomer A material that has the same atomic num- 
ber or chemical formula as some other substance, 
but, because of a difference in the atomic struc- 
ture, is an entirely different substance. An exam- 
ple is carbon; it can be either graphite (by far the 
more common form) or diamond. 

isophote On a graph of visible-light intensity, a 
curve joining points of equal brightness. 

isoplanar An integrated-circuit configuration in 
which insulating barriers or metal oxides are fab- 
ricated among the bipolar elements. 
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isothermal process A physical or chemical pro- 
cess in which there is no temperature change as 
other factors vary. Compare ENDOTHERMIC RE- 
ACTION and EXOTHERMIC REACTION. 

isotope An atom having the same number of pro- 
tons as another atom, thereby composing the 
same chemical element, but having a different 
number of neutrons. Thus, deuterium is an iso- 
tope of hydrogen. Some isotopes are radioactive 
[e.g., carbon 14 (an isotope of the more-common 
carbon 12)]. The two extra neutrons in carbon 14 
make it less stable than carbon 12. 

isotropic antenna A theoretically ideal antenna 
that transmits and/or receives electromagnetic 
fields equally well, and with 100-percent effi- 
ciency, in all directions in three-dimensional free 
space. 

isotropic radiator A theoretically ideal radiating 
element that transmits electromagnetic fields 
equally well, and with 100-percent efficiency, in 
all directions in three-dimensional free space. 

Ixup Symbol for suppressor current. 

I(t) Symbol for INDICIAL RESPONSE. 

ITD Abbreviation for INITIAL TIME DELAY. 

item 1. Component. 2. Any one of a number of 
similar or identical components, circuits, or sys- 
tems. 

iteration Repeating a series of arithmetic opera- 
tions to arrive at a solution to a problem. Com- 
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puters are commonly programmed to do this 
thousands, millions, or billions of times. Such a 
program must include a statement of acceptable 
accuracy so that it knows when to leave the iter- 
ation loop. 

iterative impedance In a network consisting of 
identical, cascaded sections, the input imped- 
ance of a section to which the output impedance 
of the preceding section is made equal. 

iterative routine A program or subroutine that 
provides a solution to a problem by iteration. 

iterative transfer constant Symbol, P. A property 
of ITERATIVE IMPEDANCE networks. If J; is the 
network input current and I, is the network out- 
put current, then P = log.(I,/I). 

ITU Abbreviation for International Telecommunica- 
tion Union. 

ITV 1. Abbreviation of INDUSTRIAL TELEVISION. 
2. Abbreviation for INTERACTIVE TELEVISION. 

I-type semiconductor See INTRINSIC SEMICON- 
DUCTOR. 

Ix Symbol for current in a reactance. 

Iy Symbol for current in an admittance. 

Iz Symbol for current in an impedance. 

-ize A suffix used, with some liberty, to form 
verbs from nouns. In electronics, this commonly 
refers to procedures or processes (e.g., to AN- 
ODIZE, ELECTROCIZE, PLASTICIZE, or TRAN- 
SISTORIZE). 





J 1. Abbreviation for JOULE. 2. Symbol for JACK 
or CONNECTOR. 3. Symbol for EMISSIVE 
POWER. 

j U operator) The square root of -1; an imaginary 
number (usually denoted i in mathematics). As- 
signed to reactance values depicted on the verti- 
cal axis of the resistance-reactance (RX) plane in 
impedance vector diagrams, and whose currents 
are 90 degrees out of phase with the current in 
the resistive part of an alternating-current cir- 
cuit. 

jack A receptacle for a plug. A plug (a male connec- 
tor) is inserted into a jack (a female connector) to 
complete a circuit or removed from it to break a 
circuit. 


jack 


jack box A (usually metallic) box or can used to 
hold, shield, or protect a jack or group of jacks. 

jacket 1. The outer covering on a cable, as opposed 
to the insulation or dielectric separating the indi- 
vidual conductors within the cable. 2. An insulat- 
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ing outer case or wrapper on a component, such 
as a capacitor. 3. A shield can or shield box. 4. A 
heat-radiating or water-conducting enclosure 
used in cooling a power vacuum tube. 

jack panel A (usually metallic) panel in which a 
number of jacks are mounted, usually in some 
order or sequence as denoted by labels. 





jack panel 


jackscrew In a two-piece connector, a screw for 
mating or separating the halves of the connector. 

Jacob’s law A principle concerning the behavior of 
motors. An electric motor develops maximum 
power when E; = 2E;;, where E; is the applied volt- 
age and E,, is the back voltage. 

JAES Abbreviation for Journal of the Audio Engi- 
neering Society. 

jaff Colloquial term for radar jamming that com- 
bines electronic and chaff techniques. 

jag Distortion caused by temporary loss of syn- 
chronization between the scanner and recorder in 
a facsimile system. 

jam input 1. A means of setting a logic line to the 
desired condition by directly applying the desired 
high or low voltage. 2. A voltage applied to a logic 
line to force it high or low. 

jammer 1. A radio transmitter or station used for 
the purpose of JAMMING communications be- 
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tween or among other stations. 2. A radio opera- 
tor who engages in the practice of deliberately 
JAMMING communications between or among 
other stations. 

jamming The deliberate use of countermeasures, 
such as malicious transmission of interfering sig- 
nals, to obstruct communications. 

jamming effectiveness The extent to which JAM- 
MING is able to disrupt a service. It can be ex- 
pressed quantitatively as the ratio of jamming 
signal voltage to jammed signal voltage. It can 
also be determined according to the percentage of 
data that is effectively obliterated. 

JAN Abbreviation of JOINT ARMY-NAVY. 

janet A system for point-to-point communication 
via meteor-trail forward scatter. It is generally 
used at very high frequencies (VHF). 

Jansky noise Wideband, high-frequency electro- 
magnetic noise generated by objects in interstel- 
lar and intergalactic space. 

J antenna An end-fed half-wave antenna having a 
quarter-wave, parallel-wire matching section. The 
entire antenna, when oriented vertically, resem- 
bles the letter J. 


Radiator 
n2 
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Janus antenna array (from Janus, an ancient Ro- 
man god.) A Doppler-navigation antenna array 
radiating forward and backward beams. 

jar 1. (From Leyden jar) An obsolete unit of capac- 
itance equal to 1/900 microfarad. 2. The con- 
tainer for the elements of a storage cell. 

JASA Abbreviation for Journal of the Acoustical So- 
ciety of America. 

J-carrier system In carrier-current (wired/wire- 
less) telephony, a broadband system that pro- 
vides 12 telephone channels at frequencies up to 
140 kHz. 

JCET Abbreviation of Joint Council on Educational 
Television. 

JCL Abbreviation of job control language. 

J-display A radar display having a circular time 
base. The transmitted pulse and reflected (target) 
pulse are spaced around the circumference; dis- 
tances can be measured circumferentially be- 
tween them. 


5059F-pJ-385-388 4/10/01 9:06 AM Page 386 cp 


JEDEC Acronym for Joint Electron Device Engineer- 
ing Council. 

jerk The rate of change of acceleration; the third 
derivative of displacement. 

JETEC Acronym for Joint Electron Tube Engineer- 
ing Council. 

jewel bearing A low-friction bearing used in elec- 
tric meters and other sensitive devices. It takes 
its name from a jewel pivot (such as a sapphire) in 
the groove of which rides the pointed end of a ro- 
tating shaft. Also called jeweled bearing or jewel. 

jezebel A passive sonobuoy used in military appli- 
cations. It detects enemy submarine noises, and 
transmits them by radio to a monitoring station. 

JFET Abbreviation of junction field-effect transistor. 

JHG Abbreviation of JOULE HEAT GRADIENT. 

jig A device constructed especially for the purpose 
of holding an equipment or circuit board during 
its repair. 

jitter A (usually small and rapid) fluctuation in a 
phenomenon, such as a quantity or wave, be- 
cause of noise, mechanical vibration, interfering 
signals, or similar internal or external distur- 
bances. It is used especially in reference to 
cathode-ray-tube (CRT) displays. 

J/K Abbreviation for joule(s) per Kelvin, the SI unit 
of entropy; also the unit for the Boltzmann con- 
stant. 

J-K flip-flop A transistor-resistor flip-flop stage 
producing an output signal even when both in- 
puts are in the logic 1 state (high). It is so called 
because its input terminals are labeled J and K. 

J/(kg-K) Abbreviation for joule(s) per kilogram 
Kelvin, the SI unit of specific heat capacity. 

job A unit of computer work, usually consisting of 
several program runs. 

job control language An operating system lan- 
guage used to describe the control requirements 
for jobs within the system. 

job control program A program that uses control 
language statements and implements them as in- 
structions controlling a job in an operating sys- 
tem. 

job control, stacked See SEQUENTIAL-STACKED 
JOB CONTROL. 

job flow control To control the order of jobs being 
processed by a computer to make the most effi- 
cient use of peripherals and central processor 
time—either manually or by an operating system. 

job library A series of related sets of data that will 
be loaded for a given job. 

job-oriented terminal A terminal that produces 
data in computer-ready form. 

job statement A control statement identifying the 
beginning of a series of job control statements for 
a job. 

job step The execution of a computer program ac- 
cording to a job control statement; several job 
steps can be specified by a job. 

job stream Ina processing system, a group of con- 
secutively run jobs. 
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jogging Rapid, repetitive switching of power to a 
motor to advance its shaft by small amounts. 
Also called inching. 

Johnson counter See RING COUNTER. 

Johnson curve A spectral curve (important in ap- 
praising solar cell performance) for air mass zero 
(i.e., for conditions beyond the earth’s atmosphere). 

Johnson-Lark-Horowitz effect The resistivity 
gained by a metal or degenerate semiconductor 
(one in which conduction is nearly equal to that 
of a simple metal) because of electron scattering 
by impurity atoms. 

Johnson noise See THERMAL NOISE. 

Johnson-@Q feed system See Q-ANTENNA. 

join Also called disjunction. The logical inclusive- 
OR operation. 

joined actuator A form of multiple circuit breaker 
in which the opening of one circuit results in the 
opening of all circuits. 

joint See JUNCTION, 1. 

joint circuit A communications circuit shared by 
two or more services. 

joint communications Communication facilities 
being used by more than one service of the same 
country. 

joint denial The logical NOR (NOT-OR) operation. 

joint-force sensor A feedback servo device that pre- 
vents a robot joint from exerting excessive force. It 
works by detecting the mechanical resistance the 
robot arm encounters. If the resistance becomes 
too great, the joint force is reduced or removed. 

jolt 1. Colloquialism for KILOVOLT. 2. Colloquial- 
ism for ELECTRIC SHOCK. 3. Colloquialism for 
TRANSIENT. 4. Colloquialism for a lightning dis- 
charge. 

Joly transformer A frequency-tripling transformer 
whose frequency-multiplying action depends on 
the nonlinearity of the magnetic induction curve 
of the core material. 

Jones plug A special form of polarized receptacle 
having numerous contacts. 





Jones plug 


joperator See J. 

Josephson effect The phenomenon, predicted by 
Brian Josephson, wherein a current flows across 
the gap between the tips of two superconductors 
brought close together; a high-frequency wave is 
generated. 

Joshi effect The phenomenon whereby current in 
a gas changes as the result of irradiation by light. 
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joule Abbreviation, J. The SI unit of work. One 
joule is the work performed when the point of ap- 
plication of one newton is moved one meter in the 
direction of the applied force. Also see NEWTON. 

Joule calorimeter A heat-measuring device that 
operates electrically. 

Joule constant See MECHANICAL EQUIVALENT 
OF HEAT. 

Joule effect 1. The heat resulting from current 
flowing through a resistance. 2. See MAGNE- 
TOSTRICTION. 

joule heat See JOULE EFFECT, 1. 

joule heat gradient The rate of change in the tem- 
perature of a resistive object through which a 
current flows. 

joule meter An integrating wattmeter producing 
readings in joules. 

Joule’s law The rate at which heat is produced by 
current flowing in a constant-resistance circuit is 
proportional to the square of the current. 

journal A file of messages within an operating sys- 
tem, providing information for restarts and his- 
torical analysis of system functioning. 

joystick A two- or three-dimensional potentiome- 
ter with a movable lever, allowing control of a pa- 
rameter, according to the position of the lever in 
the up/down and left/right directions. It is often 
used in computer games for the purpose of ma- 
nipulating images on a screen. In some such 
devices, the lever can be rotated clockwise or 
counterclockwise to obtain additional functions. 





joystick 


JPEG Abbreviation of Joint Photographic Experts 
Group. 

JPEG image compression An image-compression 
scheme that eliminates redundancies, greatly re- 
ducing the necessary digital storage space. The 
process is fast enough to allow animated graphics 
at moderate speed. 

JPL Abbreviation of Jet Propulsion Laboratory. 

J-pole antenna See J ANTENNA. 

Jrule During transitions of orbital electrons from 
higher to lower energy states (accompanied by 
the emission of photons), changes in the inner 
quantum number can only be by a factor of O or 
+1, or-l. 
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Jscan SeeJ DISPLAY. 

Jscope A radar device that produces a J DISPLAY. 

JSR Abbreviation of jump to subroutine. 

JTAC Abbreviation of Joint Technical Advisory 
Committee. 

judder In facsimile transmission, distortion caused 
by movements of the transmission or reception 
equipment. 

juice Colloquialism for electric voltage or current. 

jukebox An automatic phonograph (usually found 
in public places) that contains a large assortment 
of records. 

Juliet Phonetic representation for the letter J, 
used in voice communications. 

jump 1. To purposely provide a short circuit 
around some component or circuit. 2. Also called 
branch. In digital computer operations, a pro- 
gramming instruction specifying the memory lo- 
cation of the next instruction and directing the 
computer to it. 

jump, conditional See CONDITIONAL BRANCH. 

jump, unconditional See UNCONDITIONAL 
BRANCH INSTRUCTION. 

jumper A short piece of wire (usually flexible, insu- 
lated, and equipped with clips) for jumping a 
component or circuit. See JUMP, 1. 

jump instruction See BRANCH INSTRUCTION. 

junction 1. A joint (connection) between two con- 
ductors. 2. The region of contact between semicon- 
ductor materials of opposite type (e.g., pn junction). 
3. A waveguide fitting used to attach a branch 
waveguide to a main waveguide at an angle. 

junction barrier See DEPLETION REGION. 

junction battery A nuclear battery in which a sili- 
con pn junction is irradiated by strontium 90. 

junction box A (usually metal) protective box or 
can into which several conductors are brought to- 
gether and connected. 

junction capacitance In a semiconductor pn junc- 
tion, the internal capacitance across the junction; 
it is of special interest when the junction is re- 
verse-biased. Also called barrier capacitance. 

junction capacitor See VOLTAGE-VARIABLE CA- 
PACITOR. 

junction diode A semiconductor diode created by 
joining an n-type region and p-type region as a 
wafer of semiconductor material, such as germa- 
nium or silicon. 

junction field-effect transistor Abbreviation, 
JFET. A field-effect transistor in which the gate 
electrode consists of a pn junction. 

junction filter A combination of separate low- and 
high-pass filters having a common input, but 
separate outputs. The filter is used to separate 
two frequency bands and transmit them to differ- 
ent circuits. 

junction laser 

junction light 
DIODE. 

junction loss 1. The loss that occurs in a tele- 
phone circuit at connecting points. 2. Loss in a 


See LASER DIODE. 
source See LIGHT-EMITTING 
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semiconductor pn junction. 3. Loss occurring at 
an electrical connection because of poor bonding. 

junction photocell A photoconductive or photo- 
voltaic cell that is essentially a light-sensitive 
JUNCTION DIODE. 

junction point 1. A point at which two or more 
conductors, components, or circuits join in an 
electrical connection. 2. The point in a computer 
routine at which one of several choices is made. 

junction rectifier A semiconductor rectifier that 
is, in effect, a heavy-duty junction diode, or the 
equivalent of several heavy-duty junction diodes 
in combination. 

junction station A microwave relay station joining 
one or more microwave radio legs to the main 
route or through route. 

junction transistor A transistor in which the emit- 
ter and collector consists of junctions (see JUNC- 
TION, 2) between p and n semiconductor regions. 
Compare POINT-CONTACT TRANSISTOR. 

junctor In acrossbar system, a circuit that bridges 
frames of a switching unit and terminates in a 
switching device on each frame. 

Jungian-world theory The theory that societies 
keep repeating the same mistakes, generation af- 
ter generation. Of interest to some researchers in 
artificial intelligence. It has been suggested that 
supercomputers might help find solutions to re- 
curring social problems. 

justification 1. The alignment of text along the left 
margin, the right margin, or both margins. 2. A 
method of altering the speed of a digital signal so 
that it can be received by equipment designed for 
a different data speed. The rate of speed is lower 
after this process is applied. Also called pulse 
stuffing. 

justify 1. To adjust the printing of words for 
aligned left and/or right margins. 2. In computer 
operations, to shift an item in a register so that 
the most- or least-significant digit is at the corre- 
sponding end of the register. 

just-operate value The current or voltage level at 
which a relay or similar device just closes. Also 
called just-close value. 

just-release value The current or voltage level at 
which a relay or similar device just opens. Also 
called just-open value. 

just scale A musical scale of three consecutive tri- 
ads, the highest note of each being the lowest 
note of the next. Each triad has the ratio 4:5:6 or 
10:12:15. 

jute Tar-saturated fiber, such as hemp, used as a 
protective covering for cable. 

jute-protected cable A cable whose outer covering 
is a wrapping of JUTE or similar material. 

juxtaposed elements Components placed or 
mounted side by side. 

juxtaposed images Images (e.g., those on the 
screen of a dual-beam cathode-ray tube) that are 
close to each other for simultaneous viewing, but 
do not overlap at any point. 
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K_ 1. General symbol for CONSTANT. 2. Symbol for 
POTASSIUM. 3. Symbol for KELVIN. 4. Radiotele- 
graph symbol for go ahead or over. 5. Symbol for 
CATHODE. 6. Symbol for KILOBYTE. 7. Abbrevi- 
ation of KILOHM (k is preferred). 8. Abbreviation 
of KILO-. 

k 1. Abbreviation of KILO-. 2. Symbol for the 
BOLTZMANN CONSTANT. 3. General symbol for 
a mathematical constant. 4. Symbol for DIELEC- 
TRIC CONSTANT. 5. Abbreviation for KILOHM. 

kA Abbreviation of KILOAMPERE. 

Karnaugh map A logic chart showing switching- 
function relationships and used in computer 
logic analysis to determine quickly the simplest 
form of logic circuit for a given function. The Kar- 
naugh map is sometimes regarded as a tabular 
form of the Venn diagram. 

Kansas City standard A frequency-shift modula- 
tion standard for a computer/tape-recorder inter- 
face. Also called byte standard. 

KB 1. Abbreviation of KEYBOARD. 2. Abbreviation 
of KILOBYTE. 

K band The 18- to 27-GHz band of frequencies, 
pertaining to their use in radar applications. 

keal Abbreviation of KILOCALORIE. 

K carrier system A four-wire carrier-current tele- 
phone system using frequencies up to 60 kHz 
and providing 12 channels. 

kCi Abbreviation of KILOCURIE. 

kes Abbreviation of kilocharacter per second (1000 
characters per second). 

K display See K SCAN. 

KDP Abbreviation of POTASSIUM DIHYDROGEN 
PHOSPHATE, a ferrolelectric material. 

keeper A small iron bar placed across the poles of 
a permanent magnet to forestall demagnetization. 


K electron In certain atoms, one of the electrons 
whose orbit is nearest the nucleus. 

Kel-f Abbreviation of polymonochlorotrifluor- 
ethylene, a high-temperature insulating material. 

Kellie bond 1. The junction of two mated electri- 
cally conductive surfaces that are held together 
by an adhesive that exhibits negligible resistance 
thermally and electrically when set. 2. To make a 
thermally conductive joint, as from a heatsink to 
a chassis or component. 

kelvin (Lord Kelvin, 1824-1907) Symbol, K. The SI 
unit of thermodynamic temperature; 1 K = 
1/273.16, the thermodynamic temperature of the 
triple point of water. 

Kelvin absolute electrometer An _ electrostatic 
voltmeter consisting of a movable metal plate (or 
plates) and a stationary metal plate (or plates) 
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between which voltage is applied. The movable 
plate(s) is displaced over a distance that is pro- 
portional to the potential, against the torque of a 
return spring. 

Kelvin balance An apparatus for measuring cur- 
rent in terms of magnetic pull. A coil is attached 
to each end of the beam of a balance, and coils 
ride directly above two stationary coils. Current 
flows through all coils, making one pair attractive 
and the other repellent, thus unbalancing the 
beam. Balance is restored by sliding a weight 
whose position along a graduated scale indicates 
the current strength. 

Kelvin contacts Electrical contacts designed to 
eliminate the effect of lead resistance on the accu- 
racy of measurement. Two leads run to each test 
point, one lead carrying the test signal and the 
other leading directly to the measuring instrument. 

Kelvin double bridge A special bridge for measur- 
ing very low resistance (0.1 ohm or less). The ar- 
rangement of the bridge reduces the effects of 
contact resistance that causes significant error 
when such low resistances are connected to con- 
ventional resistance bridges. 






When R,/R, = R3/R4, 
Ry, = (R,/Ry)R, 





R 


Ss 


Kelvin double bridge 


Kelvin replenisher A static generator consisting of 
two pairs of concentric, rotating semicircular 
conductors connected to brushes. The machine 
can be regarded as a rotating electric doubler. 

Kelvin scale See ABSOLUTE SCALE. 

Kelvin temperature scale See ABSOLUTE SCALE. 

Kelvin voltmeter An electrostatic voltmeter in 
which an assembly of figure-8-shaped metal 
plates rotates between the plates of a stationary 
assembly when a voltage is applied between the 
assemblies. The length of the arc of rotation is 
proportional to the electrostatic attraction and, 
thus, to the applied voltage. 

Kendall effect Distortion in a facsimile record 
caused by unwanted modulation produced by a 
carrier signal. 


Kennelly-Heaviside layer (A.E. Kennelly, 1861- 
1939; Oliver Heaviside, 1850-1925) An early 
name for ionized regions in the upper atmo- 
sphere. These regions reflect and refract radio 
waves at certain frequencies. There are several 
layers at various altitudes. Also see IONO- 
SPHERE and IONOSPHERIC LAYERS. 

keraunograph A meteorological instrument for de- 
tecting distant electrical storms. In its simplest 
form, it consists of a galvanometer connected in 
series with an antenna and ground. 

keraunophone A __radio-receiving 
GRAPH. 

kernel Inside an electrical conductor, a line along 
which the magnetic field strength is zero. Gener- 
ally, this line is near the center of the conductor. 

Kerr cell A nitrobenzene-filled cell that makes use 
of the KERR ELECTRO-OPTICAL EFFECT. It can 
function as an electric light shutter or control. 

Kerr electro-optical effect The tendency of cer- 
tain dielectric materials to become double- 
refracting in an electric field. 

Kerr magneto-optical effect The tendency of 
glass and some other solids and liquids to be- 
come double-refracting in a magnetic field. 

Kerst induction accelerator See BETATRON. 

keV Abbreviation of KILOELECTRONVOLT. 

Kew magnetometer A special magnetometer used 
to measure the intensity of the earth’s magnetic 
field, and also the magnetic declination at a given 
point on the earth’s surface. The device is de- 
signed for very high accuracy, using magnifying 
lenses. 

key 1. See DECRYPTION KEY. 2. A projection or 
pin that guides the insertion of a plug-in compo- 
nent into a holder or socket. 3. A digit or digits 
used to locate or identify a computer record (but 
not necessarily part of the record). 4. A special- 
ized hand-operated switch, used to make and 
break a circuit repetitively to form the dot and 
dash signals of Morse code telegraphy. Primarily 
of historical interest. Used by some amateur ra- 
dio operators for hobby purposes. 5. Slang for 
principal or main. 

keyboard An array of lettered or numbered, low- 
torque push buttons, used to enter information 
into a computer, telegraph, teletypewriter, or au- 
tomatic control system. 

keyboard computer A digital computer in which 
the input device is an electrical keyboard of the 
typewriter or calculator type. 

keyboard entry The operation of a keyboard to en- 
ter information into a computer for processing. 

keyboard keyer A device for automatically sending 
Morse code using a typewriter-like keyboard, 
rather than a paddle or straight key. Each key on 
the keyboard, when pressed, produces the com- 
plete character and a space following it. Most key- 
board keyers have buffers to allow typing well 
ahead of the code being sent, with insertion of all 
the correct spaces. The speed range is usually 
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from about 5 words per minute (wpm) to 60 or 70 
wpm, although some keyboard keyers are pro- 
grammed for speeds over 100 wpm. 

keyboard lockout A keyboard interlock in a data 
transmission circuit that prevents data from be- 
ing transmitted while the transmitter of another 
station on the same circuit is operating. 

keyboard send-receive unit A teletypewriter lack- 
ing an automatic input device. 

key cabinet In a telephone system, a facility that 
shows a subscriber which lines are busy and 
which lines are open. 

key chirp A chirping sound in a received signal, re- 
sulting from slight frequency shift when a ra- 
diotelegraph transmitter is keyed. It does not 
occur with a well-designed transmitter. 

key-click filter An inductance-capacitance (LC) or 
resistance-capacitance (RC) filter for smoothing a 
keying wave to eliminate KEY CLICKS. It func- 
tions by optimizing the rise and decay times of 
the keyed waveform. 

key clicks Excessive bandwidth of a radiotele- 
graph signal that can result when a keyed signal 
has rise and decay times that are too rapid. Pro- 
duces characteristic clicking or popping sounds, 
with resulting interference, in receivers tuned to 
frequencies near that of the transmitted signal. A 
KEY-CLICK FILTER can eliminate this. 


No click 
produced Click 
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key clicks 


keyed AGC A controlled automatic gain control 
(AGC) system in a television receiver circuit. The 
AGC acts when the horizontal sync pulse ap- 
pears; it is inactive between pulses. This prevents 
unwanted actuation of the AGC by noise tran- 
sients and picture-signal elements. 

keyed clamp A clamping circuit that uses a con- 
trol signal to determine the clamping time. 

keyed interval In a transmission system that is 
keyed periodically, an interval beginning with a 
change in state and having a duration of the 
shortest time between changes in state. 

keyed rainbow generator For testing of color- 
television receivers, a signal generator that 
produces a rainbow color pattern on the screen 
(i.e., a set of 10 vertical color bars representing 
the spectrum, with blank bars in between). The 
pattern results from gating the 3.56-MHz oscillator 
in the receiver at a frequency of 189 kHz. 
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keyer An automatic device for keying a radiotele- 
graph transmitter or wire telegraph circuit. The 
keyer can operate from perforated tape, an em- 
bossed disk, magnetic tape, or other similar 
recording. 

keyer adaptor A modulated-signal detector that 
produces a direct-current signal having an ampli- 
tude sympathetic with the modulation; it pro- 
vides the keying signal for a frequency-shift 
exciter in radio facsimile transmission. 

key escrow A controversial system in which the 
government is provided with certain components 
of decryption keys to all communications ciphers, 
according to laws that would allow the govern- 
ment to eavesdrop on private communications or 
transactions after getting a court order. The key 
components are held in a secure place, that is, in 
“escrow,” unless and until the necessary court or- 
der is obtained. See DECRYPTION KEY. 

keying 1. The modulation of a carrier by switching 
it on and off. It is commonly used in radiotelegra- 
phy. 2. The modulation of a carrier by switching 
its frequency between two defined values. It is 
also called FREQUENCY-SHIFT KEYING (FSK) 
and it is used in data transmission. 3. The mod- 
ulation of a carrier with an audio tone that is 
switched on and off. The carrier can be modu- 
lated via amplitude modulation (AM), frequency 
modulation (FM), pulse modulation, or any other 
form that will convey the audio tone. It is occa- 
sionally used in radiotelegraphy at very-high fre- 
quencies (VHF) and above. Also called audio 
keying. 4. The modulation of a carrier with an au- 
dio tone whose frequency is switched between 
two defined values. The carrier can be modulated 
via amplitude modulation (AM), frequency modu- 
lation (FM), pulse modulation, or any other form 
that will convey the audio tone. It is commonly 
used in data transmission at VHF and above. 
Also called AUDIO FREQUENCY-SHIFT KEYING 
(AFSK). 

keying chirp A rapid change in the frequency of a 
continuous-wave signal, occurring at the begin- 
ning of each code element. In the receiver, the re- 
sulting sound is a chirp. 

keying error rate In data transmission, the ratio 
of incorrectly keyed signals to the total number of 
signals keyed. 

keying filter See KEY-CLICK FILTER. 

keying frequency 1. In audio-keyed radiotelegra- 
phy, the audio frequency (tone) of the dot and 
dash signals (as opposed to the carrier fre- 
quency). 2. In radiotelegraphy, the transmission 
speed (see KEYING SPEED). 3. The number of 
times per second that a black-line signal occurs 
while an object is scanned in a facsimile system. 

keying monitor A simple detector used by an op- 
erator to listen to the keying of a radiotelegraph 
transmitter. 

keying speed The speed (in words per minute) of a 
telegraph or radio-telegraph transmission. 
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keying transients 1. Transients arising from the 
keying of a radiotelegraph transmitter or wire 
telegraph circuit. 2. Transients that arise from 
the repetitive making and breaking of any circuit. 

keyless ringing In a telephone system, ringing 
that begins as soon as the calling plug is put in 
the appropriate jack on the jack panel. 

key pulse In telephone operations, a signaling sys- 
tem in which the desired numbers are entered by 
pressing corresponding pushbuttons or keys. 

key punch A _ keyboard-operated machine for 
recording information by perforating a tape or 
cards. 

keyshelf A shelf that supports manually operated 
telephone switchboard keys. 

key station The master (control) station in a com- 
munications or control network. 

keystoning A form of video image distortion in 
which the top of the picture is wider than the bot- 
tom, or vice versa. Thus, the image area is shaped 
like a trapezoid, rather than a rectangle. 
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key switch 1. A lockable switch that is operated by 
inserting and turning a key in it. 2. A switch hav- 
ing a long handle that transmits motion to the 
mechanism through a cam. 3. See KEY, 1. 4. 
The separate short-circuiting switch sometimes 
mounted on the base of a telegraph key (see KEY, 
1). 5. A switch that actuates the keys of an elec- 
tronic organ. 

key-to-disk unit A  keyboard-to-magnetic-disk 
data-processing unit. 

keyway A groove or slot into which a mating key 
slides to position a plug-in component (see KEY, 
2). 

keyword In information retrieval systems, the sig- 
nificant word in the title describing a document 
(e.g., in the title “A Primer on French Cuisine,” 
the word cuisine would be the keyword, the oth- 
ers having no singular significance). 

kg Abbreviation of KILOGRAM. 

kgC Abbreviation of KILOGRAM-CALORIE. 

kgm Abbreviation of KILLOGRAM-METER. 
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kg/m* Symbol for KILOGRAMS PER CUBIC ME- 
TER, the SI unit of density. 

K-H layer See KENNELLY-HEAVISIDE LAYER. 

kHz Abbreviation of KILOHERTZ. 

kick 1. To place into sudden operation, as by the 
quick, forcible closure of a switch or the rapid ap- 
plication of an enabling pulse. 2. See TRIGGER. 
3. Colloquialism for an abrupt, momentary elec- 
tric shock. 

kickback 1. The counter EMF that appears across 
an inductor when current is interrupted. 2. See 
FLYBACK. 

kickback power supply A high-voltage power sup- 
ply using the flyback principle. See FLYBACK. 

kidney joint A waveguide coupling used in radar. 
The joint is flexible, or can consist of an air gap, 
to allow rotation of the antenna. 

Kikuchi lines A characteristic spectral pattern 
produced by the electrons scattered when an 
electron beam strikes a crystal. 

killer 1. A pulse or other signal used to disable a 
circuit temporarily (e.g., a blanking pulse). 2. In 
personal computing, an application of such im- 
portance that it alone serves as the motivation for 
someone to purchase or upgrade a system. Com- 
mon examples are word processing and online 
communications. 

killer circuit 1. A circuit that disables some 
function of a system, such as the audio in a 
television receiver. 2. The blanking circuit in a 
radar receiver. 3. A circuit that prevents re- 
sponses to side-lobe signals in a repeater or 
transponder. 

Kilo Pronunciation, KEY-low. Phonetic alphabet 
code word for the letter K. 

kilo- Abbreviation, K or k. 1. A prefix meaning 
thousand(s). 2. In digital data applications, a pre- 
fix meaning 2!° (1024). 

kiloampere Abbreviation, kA. A unit of current 
equal to 1000 amperes. 

kilobit A unit of digital data equal to 2!° (1024) 
bits. Also see BIT. 

kilobyte Abbreviation, K or KB. A unit of digital 
data equal to 2!° (1024) bytes. Also see BYTE. 

kilocalorie Abbreviation, kcal. A large unit of heat; 
1 kcal equals 1000 calories. See CALORIE. 

kilocurie Abbreviation, kCi. A large unit of ra- 
dioactivity equal to 3.71 x 10!° disintegrations 
per second; 1 kCi equals 1000 curies. Also see 
CURIE, MEGACURIE, MICROCURIE, and MILLI- 
CURIE. 

kilocycle See KILOHERTZ. 

kiloelectronvolt Abbreviation, keV. A large unit of 
electrical energy equal to 1000 electronvolts. See 
ELECTRONVOLT. 

kilogauss A large unit of magnetic flux density; 
1 kilogauss equals 1000 gauss or 0.1 tesla. 

kilogram Abbreviation, kg. The SI base unit of 
mass; it is equal to 1000 grams. 

kilogram-calorie The heat required to raise 1 kilo- 
gram of water 1°C. 
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kilogram-meter Abbreviation, kgm. A unit of me- 
chanical energy (work); 1 kgm is the energy re- 
quired to raise a mass of 1 kilogram vertically by 
a distance of 1 meter (equal to 7.2334 foot- 
pounds). Also see JOULE. 

kilohertz Abbreviation, kHz. A unit of frequency; 
1 kHz equals 1000 Hz. 

kilohm Symbol, k®. A unit of high resistance, re- 
actance, or impedance; 1 kQ equals 1000 ohms. 

kilojoule Abbreviation, kJ. A unit of energy or 
work; 1 kJ equals 1000 joules. See JOULE. 

kilolumen Abbreviation, klm. A unit of luminous 
flux equal to 1000 lumens. See LUMEN. 

kilomega- See GIGA-. 

kilomegahertz See GIGAHERTZ. 

kilometer Abbreviation, km. A large metric unit of 
linear measure; 1 km equals 1000 meters (3280.8 
feet). 

kilo-oersted Abbreviation, kOe. A unit of magnetic 
field strength; 1 kOe equals 1000 oersteds. See 
OERSTED. 

kiloroentgen Abbreviation, kr. A large unit of ra- 
dioactive radiation; 1 kr equals 1000 roentgens. 
See ROENTGEN. 

kilorutherford Abbreviation, krd. A large unit of ra- 
dioactivity equal to 10° disintegrations per second. 

kilovar A compound term coined from kilo- and 
VAR (the abbreviation of volt-amperes reactive). It 
is equal to a reactive power of 1000 watts. 

kilovar-hour A large unit of reactive electrical en- 
ergy, equivalent to 1000 reactive watts mani- 
fested for a period of one hour. 

kilovolt Abbreviation, kV. A unit of high voltage; 
1 kV equals 1000 V. 

kilovolt-ampere Abbreviation, kVA. A unit of high 
power that gives the TRUE POWER in a direct- 
current circuit and the APPARENT POWER in an 
alternating-current circuit; 1 KVA equals 1000 W. 
Also see DC POWER. 

kilovolt-ampere reactive See KILOVAR. 

kilovoltmeter A voltmeter designed to measure 
thousands of volts (kilovolts). 

kilowatt Abbreviation, kW. A unit of high power; 
1 kW equals 1000 watts. Also see WATT. 

kilowatt-hour Abbreviation, KWh. A common unit 
of electrical energy; 1 kWh equals 1000 watt 
hours, or the equivalent of 1000 watts dissipated 
for a period of one hour. Also see ENERGY, 
KILOWATT-HOUR, POWER, WATT-HOUR, and 
WATT-SECOND. 

kilowatt-hour meter A motorized meter for 
recording (electrical) power consumption in kilo- 
watt-hours. Also see KILOWATT-HOUR. 

kinematograph A motion picture camera. Also 
called CINEMATOGRAPH and KINETOGRAPH. 

kine 1. See KINESCOPE, 1. 2. See KINESCOPE 
RECORDING. 

kinescope 1. The picture tube in a television re- 
ceiver. 2. See KINESCOPE RECORDING. 

kinescope recorder A film or tape apparatus for 
recording television pictures. 
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kinescope recording A motion-picture or video- 
tape made from the screen (or taken from the cir- 
cuit) of a television picture tube. 

kinetic energy The energy associated with parti- 
cles, bodies, or electric charge carriers in motion. 

kinetograph See KINEMATOGRAPH. 

kinetoscope A motion-picture projector. 

kiosk A computer and peripherals set up for the 
purpose of multimedia use by the general public. 
It generally uses a touch screen for inputting data 
and must be ruggedly constructed to tolerate 
rough treatment. 

Kirchhoff’s first law The sum of the currents flow- 
ing out of a point in a direct-current circuit 
equals the sum of the currents flowing into that 
point. 

Kirchhoff's laws (Gustav Robert Kirchhoff, 1824— 
1887) Two laws of electric circuits that account 
for the behavior of certain networks. See KIRCH- 
HOFF’S FIRST LAW and KIRCHHOFF’S SECOND 
LAW. 


First law: J) +1, +1,=1,4+1s5 





Second law: V, + V, + V3 + V4 = Vs 
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Kirchhoff's laws 


Kirchhoff’s second law The algebraic sum of all 
the voltage drops around a direct-current circuit 
(including supply voltages) is always equal to 
zero. 

kit A selection of components, associated equip- 
ment, supplies (such as wire and hardware), and 
instructions for constructing a piece of electronic 
equipment. 

kite-supported antenna A longwire antenna that 
uses a kite as a support for the far (nonstation) 
end. A tether is used to reduce the chance that 
the kite will fly away with wire attached. It was 
used by Marconi in early experiments with radio. 
Radio amateurs and shortwave listeners some- 
times use this scheme at low and medium 


—P— 


394 kite-supported antenna « Kramer system 


frequencies. It is a dangerous antenna because of 
electrostatic buildup, a tendency to attract light- 
ning, the possibility of its breaking loose, and the 
risk that it might contact utility lines. 

kJ Abbreviation of KILOJOULE. 

k-line programming A method by which an artifi- 
cially intelligent robot can learn as it does a job, 
so it will have an easier time doing the same job 
in the future. The robot controller actually learns 
from the robot’s mistakes. 

Klipsch horn A loudspeaker that includes a folded 
low-frequency horn housed in a corner enclosure. 

kIm_ Abbreviation of KILOLUMEN. 

kludge 1. A crude, useless, or grossly inefficient 
machine or process. 2. A hastily contrived proto- 
type of a circuit or device, put together for the 
purpose of testing a concept, but not intended as 
a representative of a production unit. 

klydonograph A_ device that photographically 
records the voltage gradient in the presence of an 
electric field. 

klystron A microwave tube whose operation is 
based on the velocity modulation of an electron 
beam by buncher and cavity reentrant cavities. 
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klystron amplifier A microwave amplifier using a 
klystron. 
klystron harmonic’ generator A_ frequency- 


multiplying power amplifier using a klystron. It is 
used at microwave radio frequencies. 

klystron oscillator A klystron operated as a self- 
excited microwave oscillator. 

klystron repeater A microwave amplifier in which 
a klystron inserted in a waveguide boosts the am- 
plitude of an incoming signal. 

km Abbreviation of KILOMETER. 

knee 1. A sharp bend in a response curve for a de- 
vice, usually indicating the onset of conduction, 
saturation, cutoff, pinchoff, or limiting action. It 
applies especially to semiconductor diodes and 
transistors. 2. The characteristics of a device 
when it is operated at a point in the vicinity of a 
sharp bend in its response curve. 

knee noise Electrical noise generated by rapidly 
repeating current fluctuations at the knee in a 
Zener diode. 
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knife-edge diffraction The lessening of atmo- 
spheric signal attenuation when the signal 
passes over a sharp obstacle and is diffracted. 

knife switch A switch composed of one or more flat 
blades roughly resembling knife blades, which 
are slid firmly between the jaws of pinching con- 
tacts to close a circuit. 

knob 1. A (usually round and insulated) finger dial 
for adjusting a variable electronic component, 
such as a potentiometer, variable capacitor, or 
rotary switch. 2. A solid round insulator usually 
having a low diameter to height ratio. 3. A small 
ball- or rod-shaped electrode or protuberance. 

knocker A fire-control radar subassembly of syn- 
chronizing and triggering circuits. 

knockout An area in a metal box or chassis that is 
easily removed by tapping or knocking to provide 
an opening. 

knot A unit of speed, corresponding to 1 nautical 
mile per hour. A speed of 1 knot is about 1.15 
statute miles per hour; a speed of 1 statute mile 
per hour is about 0.868 knots. It is used by 
mariners for specifying speeds at sea, and also 
occasionally by meteorologists in specifying wind 
speeds. 

knowledge The data in a computer and in mass- 
storage media, accumulated over time and capa- 
ble of being put to practical use. 

kOe Abbreviation of KILO-OERSTED. 

Kolster decremeter An absorption wavemeter 
with a movable scale; it permits measurement of 
the decrement of a radio wave. 

Kooman antenna A unidirectional antenna con- 
sisting of stacked, full-wave, center-fed driven el- 
ements, and a reflecting screen. 

Korner Killer Trade name for an acoustically ab- 
sorbent object that reduces sound echoes that 
can occur in enclosed rooms. The name results 
because the device works best when placed in a 
corner (where two walls meet). 

Kovar An alloy of cobalt, iron, and nickel. It is used 
mostly in glass-to-metal seals because it has 
characteristics of both kinds of material. 

Kozanowski oscillator A_ positive-grid vacuum- 
tube UHF oscillator circuit using two tubes 
having cylindrical elements, and a pair of 
parallel-wire tanks. 

Kr Symbol for KRYPTON. 

kr Abbreviation of KILOROENTGEN. 

K radiation X rays emitted from an atom when an 
electron becomes a K electron. 

kraft paper Strong brown paper used for insula- 
tion and as the dielectric of paper capacitors. 

Kramer system A system of three-phase motor 
control providing constant horsepower, and 
having a direct-current (dc) motor coupled to the 
shaft of a wound-rotor three-phase induction mo- 
tor. The de supply for the motor also supplies a 
rotary converter. The speed-control rheostat is 
connected in series with the field of the motor and 
the dc power supply. 
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Kraus antenna A bidirectional, flat-top beam an- 
tenna consisting of a pair of closely spaced 
dipoles. Several such sections can be connected 
in series by crisscrossing the wires at voltage 
loops. 

krd_ Abbreviation of KILORUTHERFORD. 

Kryptol A mixture of clay, graphite, and silicon 
carbide. It is used in electric heater elements be- 
cause of its low resistance and high melting 
point. 

krypton Symbol, Kr. An inert, gaseous element. 
Atomic number, 36. Atomic weight, 83.80. Kryp- 
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ton is present in trace amounts in the earth’s at- 
mosphere. 

K scan In radar operations, a modified A-scan 
used in aiming antennas in which two pips are 
displayed; their relative amplitudes indicate the 
antenna-aiming error. 

K series A series of spectral lines for the shortest 
wavelengths of radiation from the innermost elec- 
tron shell of a radiating atom. 

KSR_ Abbreviation of keyboard send-receive unit. 

Ku band _ A band of microwave frequencies between 
approximately 12 and 18 GHz. 

Kundt’s law The index of refraction of a medium 
does not change continuously with wavelength in 
the absorption bands. 

Kundt tube A device used to measure the speed of 
sound in gases under various conditions. Sus- 
pended particles in the gas form standing waves 
that can be easily seen. Knowing the frequency of 
the disturbance and the distance between nodes 
of the standing waves, the speed can be deter- 
mined. The pressure and density of the gas, as 
well as temperature and humidity, affect the 
speed. 

kurchatovium See RUTHERFORDIUM. 

kV _ Abbreviation of KILOVOLT. 

KVA Abbreviation of KILOVOLT-AMPERE. 

KVAR Abbreviation of REACTIVE KILOVOLT- 
AMPERE. 

KVARh Abbreviation of KILOVAR-HOUR. 

kW Abbreviation of KILOWATT. 

kWh Abbreviation of KILOWATT-HOUR. 
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L 1. Symbol for INDUCTANCE. 2. Symbol for 
MEAN LIFE. 3. Abbreviation of LOW. 4. Resem- 
bling the capital letter L in physical shape. 
5. Symbol for LAPLACE TRANSFORM. 

1 1. Symbol for LENGTH. 2. Abbreviation of LITER. 
3. Subscript for LOW. 4. Abbreviation of LUMEN; 
also abbreviated lm (preferred) and lum. 

La Symbol for LANTHANUM. 

label 1. A symbolic group of characters that identi- 
fies an area of memory, an item of data, a file, or 
a record. 2. Aname assigned to a source program 
instruction step to identify the step as a coding 
entry point, or to make the step usable as a refer- 
ence point for entry to the routine or subroutine 
in which it appears. 

label group A collection of labels, usually of the 
same type, held in an operating system. 

label identifier Within a label, a character set 
used to name the kind of item labeled. 

label record A record identifying a file recorded 
on a magnetic storage medium (e.g., magnetic 
tape). 

label set A collection of labels having a common la- 
bel identifier. 

labile oscillator A frequency-controlled local oscil- 
lator. 

laboratory conditions The environmental, me- 
chanical, and electrical parameters characteristic 
of controlled conditions. Actual operating condi- 
tions can be much different. 

laboratory-grade instrument An instrument hav- 
ing the high accuracy and stability that suit it to 
precision measurements in a laboratory. Also 
called PRECISION INSTRUMENT. Compare 
SERVICE-TYPE INSTRUMENT. 


laboratory power supply A_ regulated direct- 
current source whose adjustable output is less 
than 10 kV at no more than 500 W. 

laboratory standard See PRIMARY STANDARD 
and SECONDARY STANDARD. 

labyrinth speaker A loudspeaker whose enclosure 
(a wooden cubicle) includes a folded pipe or 
acoustic transmission line (behind the speaker); 
the inner walls are lined with a sound-absorbent 
material. When the pipe, which is open-ended, is 
half as long as the wavelength of the frequency 
being reproduced, the sound emerging from the 
open end is in phase with that radiated by the 
front of the speaker and, therefore, reinforces it. 

laced wiring Circuit wiring in which wires or ca- 
bles run parallel in bundles that are tied together 
with LACING CORD. 

lacing cord Strong, sometimes waxed cord used to 
tie together wires running parallel in a bundle. 
Also see LACED WIRING. 

lacquer disk See CELLULOSE-NITRATE DISK. 

lacquer-film capacitor A fixed capacitor with a 
plastic film dielectric; the film is applied as liquid 
lacquer to the metal foil. 

lacquer master A master recording made on a 
CELLULOSE-NITRATE DISK. 

lacquer original See LACQUER MASTER. 

ladar Abbreviation of LASER DOPPLER RADAR. 
Also abbreviated lopplar. 

ladder attenuator See LADDER-TYPE ATTENUA- 
TOR. 

ladder filter A form of delay line or filter. It gener- 
ally consists of series and parallel impedances, 
either in a balanced or unbalanced form. 

ladder line See AIR-INSULATED LINE. 
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ladder network A network consisting of several L 
sections in cascade. See L SECTION, I, 2, 3. 
ladder-type attenuator An attenuator consisting 
of a ladder network equipped with a switching 
circuit for selecting the output at various sec- 

tions. 


Input Output 


ladder-type attenuator 


LAFOT Coded weather broadcasts aired every six 
hours by the U.S. Weather Bureau through ma- 
rine radiotelephone broadcasting stations for the 
Great Lakes region. 

lag In computations relating the phase of alternat- 
ing-current signals, the extent to which one 
quantity follows another in time (e.g., the current 
lags the voltage by 90 degrees in a pure inductive 
reactance). Compare LEAD. 


Lagging 
ee wave 








lag 


lagged-demand meter A meter with a built-in time 
delay. 

lagging current Current that follows voltage (in 
time). Also see LAG. 

lagging load _ A load in which current lags behind 
voltage (i.e., an inductive load). Compare LEAD- 
ING LOAD. 
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lag network A phase-shifting circuit containing 
series-resistance and shunt-capacitance arms. It 
produces a lagging phase shift. Compare LEAD 
NETWORK. 

lambda wave An electromagnetic disturbance that 
travels along the surface of an object. An example 
is the surface wave characteristic of low- 
frequency propagation. 

lambert Symbol, L. The centimeter-gram-second 
(cgs) unit of luminance, equal to the brightness of 
an ideal diffusing surface that radiates or reflects 
light at 1 lumen per square centimeter. The SI 
(preferred) unit of luminance is the candela per 
square meter (cd/m?); 1 lambert equals 10+ 
cd/m?. Also see CANDELA. 

Lambert’s law of illumination The illumination 
of a surface by a point light source is inversely 
proportional to the square of the distance be- 
tween the surface and the source. If the surface 
is not perpendicular to the rays, the illumination 
is proportional to the cosine of the angle of inci- 
dence. 

laminated armature An armature for a motor or 
generator, made of stacked laminations. 

laminated contact A switch contact consisting of 
a number of laminations—each contacting a con- 
ducting counterpart. 

laminated core A core for a transformer, choke, re- 
lay, or similar device, made of stacked laminations. 

laminated disk A layered recording disk. 

laminated pole A pole within a motor, generator, 
relay, electromagnet, or similar device, made of 
stacked laminations. 

lamination 1. A relatively thin sheet of metal cut 
to a required shape to be stacked with other sim- 
ilar sheets to form a laminated core or pole. 2. A 
relatively thin sheet of plastic that is bonded to- 
gether and heat-formed with other similar sheets 
to produce a sheet or piece of desired thickness 
and strength. 

lamp _ A device for converting electrical energy into 
visible light. The term includes a number of de- 
vices (e.g., arc lamp, fluorescent tube, incandes- 
cent lamp, mercury-vapor lamp, and neon 
bulb). 

lamp-bank resistor A makeshift heavy-duty re- 
sistor consisting of several incandescent lamps 
arranged so that they can be switched in vari- 
ous series, parallel, and series-parallel combi- 
nations to vary the resistance provided by the 
filaments. 

lampblack Carbon obtained from soot deposited 
by a smoky flame. The substance is used as the 
basic material for some resistors. 

lamp cord A two-wire insulated cord, used with 
low-wattage alternating-current appliances at 
117 volts. The wire is usually stranded copper 
equivalent to American Wire Gauge (AWG) #16. 

lamp dimmer See DIMMER. 

lamp driver A usually single-stage circuit for am- 
plifying a small pulse to drive an indicator lamp. 
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lamp extractor A special tool used to insert or ex- 
tract miniature lamps for electronic equipment. 

lamp jack A receptacle with a spring release that 
holds a small incandescent bulb. The bulb is re- 
moved and replaced by pushing and twisting. 
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lamp jack 


lamp-type expander A volume expander in which 
the tungsten filament in an incandescent lamp 
serves as the nonlinear resistor. 

lamp-type readout For counters, calculators, and 
digital meters, a readout device in which each 
digit is indicated by a lamp. 

LAN Abbreviation of LOCAL AREA NETWORK. 

land 1. The flat, reflective surface between pits on 
a compact disc (CD). Compare PIT, 1. 2. The thin 
vinyl wall between grooves on a phonograph 
record. 3. A bonding point in a microcircuit. 4. 
Pertaining to earthbound communications sta- 
tions. 

Land camera See POLAROID CAMERA. 

landing beacon The aircraft landing-beam trans- 
mitter. Also see LANDING BEAM. 

landing beam A highly directional airport radio 
signal beamed upward to guide aircraft landing 
during conditions of poor visibility. 

landline A telephone or telegraph circuit com- 
pleted with wires. 

landmark beacon Any beacon that is not an air- 
way or airport beacon. 

land mobile service Two-way radio service be- 
tween a base station and mobile land vehicles, or 
among mobile land vehicles. 

land mobile station A radio station aboard a mo- 
bile, earthbound vehicle. 

land return Ground reflection of radar signals 
back to the transmitter. 

land station A fixed ground station. 

Langevin ion An electrically charged particle, such 
as a grain of dust or droplet of water, resulting 
from the accumulation of ions. 

Langmuir dark space In a luminous gas dis- 
charge, the dark region around a negatively 
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charged probe inserted into the positive column. 
Compare CROOKES’ DARK SPACE. 

Langmuir’s law See CHILD’S LAW. 

language In digital-computer operations, any one 
of the detailed systems for representing data, in- 
structions, and procedures through the use of 
symbols and symbol sequences. See MACHINE 
LANGUAGE, ASSEMBLY LANGUAGE, COBOL, 
FORTRAN, and BASIC. 

language laboratory An electronic contribution to 
the teaching and learning of languages. It con- 
sists of recordings in a language being studied 
and all the equipment associated with recording, 
playback, and monitoring. Students listen to the 
speech of experts in the language record, listen 
to, and later erase their own utterances in the 
language. 

language translation 1. The conversion of state- 
ments in one computer language to equivalent 
statements in another. 2. The conversion of one 
written natural language into another (e.g., French 
to Russian) by means of a computer program. 

language translator 1. An assembly program, 
compiler, or other routine used for translation be- 
tween computer languages. 2. A high-level pro- 
gram that allows a computer to translate one 
written natural language into another (e.g., Chi- 
nese to Italian). 

Lantenna See INVERTED-L ANTENNA. 

lantern battery A moderate-sized electrochemical 
battery usually rated at 6 volts. Derives its name 
from its original use as a power source for portable 
lamps. One type has spring contacts on the top. 
Another type has thumbscrew terminals. The non- 
rechargeable battery consists of 4 zinc-carbon 
or alkaline cells in series. Some varieties are 
rechargeable, consisting of nickel-cadmium (NiCd) 
or nickel-metal-hydride (NiMH) cells. This type of 
battery can provide enough energy to operate a 
low-power radio transceiver. Two units connected 
in series, or four units in series-parallel, make a 
12-volt battery that can power a small portable 
Citizen Band (CB) or amateur radio station. 

lanthanum Symbol, La. An elemental metal of the 
rare-earth group. Atomic number, 57. Atomic 
weight, 138.906. 

lanyard A wire or cable used to quickly pull apart 
the halves of a quick-disconnect connector. 

lap A device used for grinding piezoelectric crystals 
for resonance at a desired frequency. 

lap dissolve The simultaneous fading out of one 
televised scene while another is fading in so that 
one is apparently dissolving into the next. It is 
also applicable to motion pictures. 

lapel microphone A small microphone that is 
clipped to a lapel of a user’s jacket or coat. 

lap joint An overlapping splice of two conductors. 

Laplace transform Symbol, L. An operator that re- 
duces the work of solving certain differential 
equations by permitting them to be handled by 
simpler algebraic methods. 
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lapping Fine-tuning quartz crystal plates by mov- 
ing them over a flat plate coated with a liquid 
abrasive. 

laptop computer See NOTEBOOK COMPUTER. 

lap winding In a motor or generator armature, a 
winding in which the opposite ends of each coil 
are connected to the adjoining segments of the 
commutator. 

lap wrap 1. A form of asbestos cloth wire insula- 
tion. 2. A method of wrapping with electrical tape, 
in which there is considerable overlap among the 
turns of the tape. 

large calorie See KILOGRAM-CALORIE. 

large loop antenna A single-turn open or closed 
loop, usually having a circumference of 0.5 wave- 
length or 1 wavelength. With a half-wavelength 
open or closed loop, maximum radiation occurs 
in the plane of the loop. A full-wavelength closed 
loop exhibits maximum radiation and response 
along the axis. This type of antenna can be used 
for wireless transmitting and receiving appli- 
cations. Either the open or the closed half- 
wavelength loop exhibits a slight power loss 
relative to a dipole, but the full-wavelength loop 
shows a small gain over a dipole in its favored 
directions. Compare SMALL LOOP ANTENNA. 

large-scale integration Abbreviation, LSI. The in- 
clusion of more than 100 transistors, performing 
various individual, but interrelated circuit func- 
tions, on a single integrated-circuit chip. 

large signal A relatively high-amplitude signal that 
traverses so large a part of the operating charac- 
teristic of a device that nonlinear portions of the 
characteristic are usually encountered. Compare 
SMALL SIGNAL. 

large-signal analysis The rigorous study of cir- 
cuits and devices that process large signals. 

large-signal component 1. A coefficient or param- 
eter such as amplification, transconductance, or 
dynamic resistance, measured under conditions 
of large-signal operation. Also see LARGE SIGNAL 
and LARGE-SIGNAL EQUIVALENT CIRCUIT. 2. A 
device designed for operation at high signal 
levels. 

large-signal equivalent circuit For a given tran- 
sistor circuit, the equivalent circuit at high signal 
levels (i.e., at amplitudes approaching saturation 
and cutoff levels). Also see EQUIVALENT CIR- 
CUIT. 

large-signal operation The use of a circuit or de- 
vice at signal levels sufficiently high so that non- 
linear portions of the characteristic are usually 
encountered. Compare SMALL-SIGNAL OPERA- 
TION. 

large-signal transistor See POWER TRANSISTOR. 

large-signal voltage gain In an integrated-circuit 
amplifier, the voltage gain under open-loop condi- 
tions, determined as the difference in the output 
voltage divided by the difference in the input volt- 
age. It is usually specified in volts per millivolt or 
volts per microvolt. 
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Larmor orbit The path followed by a charged par- 
ticle in a constant magnetic field. Because of in- 
teraction between the external field and the field 
generated by the particle, the charged particle 
travels in a circular path. 

laryngaphone See THROAT MICROPHONE. 

LASCR Abbreviation of LIGHT-ACTIVATED SILI- 
CON-CONTROLLED RECTIFIER. 

LASCS Abbreviation of LIGHT-ACTIVATED SILI- 
CON-CONTROLLED SWITCH. 

lase To emit coherent electromagnetic energy in 
the visible-light spectrum. See LASER. 

laser Acronym for light amplification by stimulated 
emission of radiation. A device that produces co- 
herent radiation in the visible-light range, that is, 
between 750 and 390 nanometers (one nanome- 
ter is 10° meter). Some devices that produce co- 
herent radiation in the infrared, ultraviolet, or 
X-ray parts of the spectrum are also referred to as 
lasers. Lasers can be either continuous or pulsed, 
and are characterized by coherent, monochro- 
matic emissions. The peak intensity ranges from 
a few microwatts to many megawatts. 


Flash 
tube 
Laser Silvered 
beat Ruby rod end 
Power supply 
laser 


laser beam ‘The radiation from a laser—especially 
if the divergence is very low, that is, the rays are 
almost perfectly parallel, resulting in minimal di- 
vergence. 

laser-beam communication A form of coherent 
infrared or optical communication in which a 
laser beam is the link between transmitting and 
receiving stations. Also see LASER, LASER 
DIODE, and LIGHT-BEAM COMMUNICATION. 

laser capacitor An energy-storage capacitor used 
to discharge-fire the exciter lamp of a laser. Also 
see LASER. 

laser cavity An optical-resonant cavity that results 
in the emission of coherent light. 

laser cutting A method of using a laser for sever- 
ing materials. 

laser diode A special form of semiconductor light- 
emitting diode (LED), usually of the gallium- 
arsenide type, that emits coherent light when a 
voltage is applied to its terminals. Also see LASER. 
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laser disk A method of reproducing sound in 
which a laser is used to recover the sound from a 
compact disk. 

laser Doppler radar Acronyms, ladar or lopplar. A 
form of Doppler radar using the light beam of a 
laser instead of radio waves. 

laser eye surgery A method of repairing the retina 
of the eye without cutting the eyeball, using laser 
beams to push loose retina tissue back into 
place. 

laser gun A colloquial term for a weapon that 
makes use of a laser as a device of destruction. 

laser optical videodisc system A system in which 
a low-powered laser reads audio and video infor- 
mation from a videodisc and delivers it to a televi- 
sion receiver. 

laser ranger A radar-like device using intense light 
(instead of microwaves). 

laser show A three-dimensional, midair display 
having motion, made by using lasers in various 
combinations. 

laser surgery The application of a laser in 
medicine for the purpose of assisting in, or actu- 
ally performing, operations on human subjects. 

laser welding Welding (especially of tiny pieces) 
with the heat produced by a laser beam. 

lasing The emission of coherent electromagnetic 
energy in the visible-light spectrum. See LASER. 

lat Abbreviation of LATITUDE. 

latch 1. A feedback loop in a symmetrical digital 
circuit, such as a flip-flop, used to maintain a 
given state. 2. A simple logic-circuit storage ele- 
ment that consists of two gates as a unit. 3. To 
maintain a closed (energized) state in a pair of re- 
lay contacts after initial energization from a sin- 
gle electrical pulse. See LATCHING RELAY. 

latching current In a thyristor, the minimum 
value of anode current (slightly higher than the 
holding current) that will sustain conduction im- 
mediately after switch-on. 

latching relay An electromechanical or fully elec- 
tronic relay that locks into whichever mode it is 
energized for (on or off). 
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latch-on relay See LOCKING RELAY. 

latchup In a transistor switching circuit, the ab- 
normal condition in which the collector voltage 
remains at its switched-on level after the transis- 
tor is switched to cutoff from saturation. 

latch voltage The input voltage at which a flip-flop 
changes states. 

late contacts Relay contacts that are operated fol- 
lowing the movement of other contacts during the 
relay’s operation. 

latency 1. The time taken by a digital computer to 
deliver information from its memory. 2. In a serial 
storage system, the access time less the word 
time. 

latent image 1. In a storage tube, a stored image 
that is not yet visible. 2. An image stored in the mo- 
saic of an iconoscope. 3. The image that will appear 
when photographic film or paper is developed. 

lateral chromatic aberration An aberration af- 
fecting the sharpness of off-axis color television 
images. 

lateral compliance In phonograph reproduction, 
the ease with which the stylus can move laterally 
as it follows the groove. Also see COMPLIANCE 
and LATERAL RECORDING. 

lateral-correction magnet In a color picture tube, 
a magnet operated with a set of pole pieces at- 
tached to the focus element of the blue gun; it 
controls horizontal positioning of the blue beam 
for convergence. 

lateral magnet See 
MAGNET. 

lateral recording A disc recording in which the 
groove undulates from side to side. Compare 
VERTICAL RECORDING. 

latitude Abbreviation, lat. Angular distance mea- 
sured around the earth’s circumference to the 
north and south from the equator. Compare 
LONGITUDE. 

latitude effect The tendency of the earth’s mag- 
netic field to decrease the number of charged 
subatomic particles that reach the surface of the 
earth near the equator, as compared with the 
number reaching the surface at other latitudes. 

Latour alternator See BETHENOD ALTERNATOR. 

lattice 1. The orderly internal pattern (matrix) of 
atoms in a crystal. Also see CRYSTAL LATTICE. 
2. A symmetrical arrangement of components in 
a network (such as an attenuator, a filter, or a 
bridge circuit). 

lattice filter A lattice network having reactance in 
its arms that makes it a selective circuit. 

lattice network See LATTICE, 2. 

lattice section See LATTICE, 2. 

lattice structure See LATTICE, 1. 

lattice winding See UNIVERSAL WINDING. 

laue diagram A pattern of spots on a photographic 
plate produced by the scattering of high energy 
radiation as it falls on a thin crystal. This pattern 
is used to determine the nature of the crystal 
material. 
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launching The energy transference from a cable 
into a waveguide. 

lavalier microphone A small microphone that can 
be hung from the user’s neck on a cord or chain. 

law 1. A general, verifiable statement that describes 
the behavior of entities or the relationships be- 
tween phenomena or concepts. The product of in- 
ductive reasoning that follows many observations 
and controlled experiments (e.g., first law of 
thermodynamics, inverse-square law, Kirchhoffs 
laws, and Ohm’s law. 2. The nature of the change 
of a dependent variable, particularly as depicted 
by a response curve (e.g., square law). 

LAWEB Civilian weather bulletins issued every six 
hours from ship and shore positions along the 
Great Lakes during the sailing season. 

lawn mower 1. A facsimile term for a helix record- 
ing mechanism. 2. A radar receiver preamplifier. 

law of acurve See LAW, 2. 

law of averages In probability and statistics, a 
principle stating that for a large sampling of 
events, the numerical probability value will be 
more closely approached than when the sampling 
is small. Compare LAW OF LARGE NUMBERS. 

law of charges Different electric charges attract 
each other, and similar charges repel each other. 

law of electric charges See LAW OF CHARGES. 
law of electromagnetic induction See LENZ’S 
LAW. 

law of electrostatic attraction See COULOMB'S 
LAWS. 

law of electrostatic repulsion See COULOMB'S 
LAWS. 

law of first wavefront In acoustics, a rule stating 
that the perceived direction from which a sound 
arrives is determined by the first wavefront that 
reaches the listener’s ears. 

law of induction See FARADAY’S LAW. 

law of inverse squares See INVERSE-SQUARE 
LAW. 

law of large numbers _ In probability and statistics, 
a principle stating that with a large sample, the 
sample average will approximate the population 
average. It is often erroneously called LAW OF 
AVERAGES. 

law of magnetism Different magnetic poles attract 
each other, and similar magnetic poles repel each 
other. 
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law of natural decay See EXPONENTIAL DE- 
CREASE. 

law of natural growth See EXPONENTIAL IN- 
CREASE. 

law of normal distribution Gauss’ law of the fre- 
quency distribution of a repetitive function, de- 
scribing the probability of deviations from the 
mean. 

law of octals Chemical activity occurs between two 
atoms lacking eight valence electrons, and con- 
tinues until the requirement of eight electrons is 
satisfied for all but the first orbit, where only two 
electrons are required. Of interest in the study of 
semiconductors. 

law of radiation See QUANTUM THEORY. 

law of reflection For a ray of energy striking a 
smooth reflective surface, the angle of reflection 
is equal to the angle of incidence, with respect to 
a plane tangent to the surface at the point of inci- 
dence. 

Lawrence accelerator See CYCLOTRON. 

lawrencium Symbol, Lr (occasionally Lw). A short- 
lived radioactive element produced artificially 
from californium. Atomic number, 103. Atomic 
weight, about 260. 

lay See DIRECTION OF LAY. 

layer 1.Acomplete coil winding consisting of turns 
laid side by side (not on top of each other). 2. Ina 
semiconductor device, a region having unique 
electrical properties (e.g., n layer). 3. A region 
of the ionosphere. See IONOSPHERIC LAYERS. 
4. The tape on a reel or in a cassette, encompass- 
ing one complete turn (rotation). 5. In general, a 
single stratum of a stratified medium. 

layer-to-layer transfer In a roll of magnetic tape, 
unwanted transfer of data between adjacent 
turns on the reel. If severe, this transfer can 
cause drop-in or drop-out in a computer. In audio 
applications, it can sometimes be heard as a de- 
layed echo or a faint sound occurring just prior to 
the actual recorded sound. 

layer winding A coil winding in which the turns 
are arranged in two or more concentric layers. 

layerwound coil An inductor wound in layers, one 
on top of the other. Also see LAYER, 1. Compare 
SINGLE-LAYER COIL. 

layout The arrangement of components on a chas- 
sis, printed circuit board, or panel. 

lazy-H antenna An antenna consisting of two ver- 
tically stacked collinear elements, producing both 
horizontal and vertical directivity. 

Lb Abbreviation of LAMBERT; also, L (preferred). 

Ib Abbreviation of POUND. 

Lband A radio-frequency band extending from 390 
MHz to 1.55 GHz. For subdivisions of this band, 
see Lc BAND, Lr BAND, Lx BAND, L, BAND, Lp 
BAND, Ls BAND, Lr BAND, Lx BAND, Ly BAND, 
and Lz BAND. 

LC 1. Abbreviation of LIQUID CRYSTAL; also ab- 
breviated lix. 2. Abbreviation of INDUCTANCE- 
CAPACITANCE. 3. Symbol for LC CONSTANT. 
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Learrier In a telephone system, a carrier having a 
frequency between approximately 68 kHz and 10 
MHz. It can be used in wire-transmission or radio 
links. 

Lc band A section of the L BAND extending from 
465 MHz to 510 MHz. 

LC bridge See INDUCTANCE-CAPACITANCE 
BRIDGE. 

LC constant Abbreviation, LC. The product of the 
inductance and capacitance required for reso- 
nance at a given frequency. 

LCD Abbreviation of LIQUID-CRYSTAL DISPLAY. 

LC filter See INDUCTANCE-CAPACITANCE FIL- 
TER. 

L circuit See L NETWORK. 

LC meter See INDUCTANCE-CAPACITANCE ME- 
TER. 


LCR See INDUCTANCE-CAPACITANCE-RESIS- 
TANCE. 
LC ratio Ina tuned circuit, the ratio of inductance 


to capacitance. 

LCR bridge See IMPEDANCE BRIDGE, 1. 

La Symbol for DISTRIBUTED INDUCTANCE. 

LDF See LOW-FREQUENCY DIRECTION FINDER. 

L display Also called L scan. A radar display in 
which the target appears as two _ horizontal 
traces, one extending from a vertical timebase to 
the right, the other to the left. 

lead Pronunciation, leed. 1. A conductor (usually 
a wire) leading to or emerging from a terminal or 
electrode. 2. In computations relating phase, the 
extent to which one quantity precedes another 
(e.g., current leads voltage by 90 degrees in a 
pure capacitance). Compare LAG. 

lead Pronunciation, led. Symbol, Pb. A heavy 
metallic element. Atomic number, 82. Atomic 
weight, 207.2. It can be used as a shield against 
atomic radiation, and has various applications in 
electronics (e.g., as electrodes in batteries and as 
a component of solder). See LEAD-ACID BAT- 
TERY, FUSE, and SOLDER. 





lead, 2. 
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lead-acid battery A set of two or more lead-acid 
cells connected in series, usually housed in a 
common enclosure. Some batteries of this type, 
notably automotive batteries, are made from sets 
of lead-acid cells having a free-flowing liquid acid. 
Other cells have a semisolid “paste” electrolyte. 
These batteries are popular in consumer elec- 
tronic devices that require a moderate amount of 
current. They are also used in uninterruptible 
power supplies (UPSs) for personal computers. 
See LEAD-ACID CELL. 

lead-acid cell A rechargeable electrochemical cell 
having an electrolyte of sulfuric acid. The elec- 
trodes are lead (negative) and lead dioxide (posi- 
tive). Produces about 1.5 volts under no-load 
conditions when fully charged. A large cell of this 
type can store several tens of ampere-hours. 
Smaller units have less capacity but more versa- 
tility. Their main advantage is reasonable cost, 
considering that they can be charged and dis- 
charged many times. 
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lead-acid cell 


lead cell 1. A lead-acid cell. 2. A lead-sulfide pho- 
tocell; see LEAD SULFIDE, 1. 

lead dress See DRESS. 

leader 1. The blank section at the beginning of a 
magnetic tape. It is usually made of plastic. 2. A 
record, preceding a group of records, that identi- 
fies the group and provides other data pertinent 
to the group. 3. In a lightning stroke, the initial 
movement of electrons or positive ions, creating 
the ionized path that allows discharge. 

lead frame The metal frame holding the leads 
of a circuit package (DIP) in place before 
encapsulation. 
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lead-in The wire connecting an antenna to a re- 
ceiver or transmitter. 

leading current Current that precedes voltage in 
time. Also see LEAD. 

leading edge The rising edge of a pulse; compare 
TRAILING EDGE. 

leading ghost A twin television image to the left of 
the original on the screen. 

leading load A load in which current leads voltage 
(i.e., a capacitive load). 

lead-in groove Around the outer edge of a phono- 
graph record, a blank spiral groove that leads the 
stylus into the first groove of the recording. Com- 
pare LEAD-OUT GROOVE. 

leading whites In a television picture, an abnor- 
mal condition in which the leading (left) edge of a 
black object has a white border. 

leading-zero suppression In a digital meter, the 
blanking out of all zeros to the left of the decimal 
point. 

lead-in spiral See LEAD-IN GROOVE. 

lead-in tube A tube of insulating material, such as 
plastic or ceramic, used to conduct an antenna 
lead-in through a wall. 

lead-in wire 1. A single wire, used as a feed line for 
a shortwave receiving antenna. 2. The feed line 
for a television receiving antenna. 3. A feed line 
for a transmitting antenna. 

lead network A phasce-shift circuit containing series 
capacitance and shunt resistance; it produces a 
leading phase shift. Compare LAG NETWORK. 

lead-out groove Around the inner edge of a phono- 
graph record, a blank spiral groove leading into 
the eccentric or locked groove. 

lead-over groove On a phonograph record con- 
taining several recorded tracks, a blank groove 
that conducts the stylus from the end of one 
recording to the beginning of the next. 

lead screw 1. A threaded rod that guides the cutter 
across the surface of a disc during its recording. 
2. In facsimile transmission, a threaded shaft 
that moves the drum or scanning mechanism 
lengthwise. 

lead sulfate Formula, PbSO,. An insulating com- 
pound formed in a LEAD-ACID CELL by the 
chemical action between the lead in the plates 
and the sulfuric-acid electrolyte. If the sulfate is 
not broken down during charging of the cell, it 
will eventually ruin the cell. 

lead sulfide Formula, PbS. A compound of lead 
and sulfur used as the light-sensitive material in 
some photoconductive cells. 

lead zirconate titanate A synthetic piezoelectric 
material. 

leaf electroscope An electroscope using a pair of 
gold leaves or a single gold leaf and a solid strip of 
metal. 

leak 1. The loss of energy through a stray path not 
intended for conduction. 2. A point from which 
energy is lost through a stray path not intended 
for conduction. 
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leakage 1. The small current that flows through an 
electrical insulator. 2. The electromagnetic field 
that is radiated or received by a feed line that 
should theoretically have 100-percent shielding. 

leakage current The zero-signal current flowing 
across a reverse-biased semiconductor junction. 

leakage flux Collectively, magnetic lines of flux 
around a transformer that do not link the pri- 
mary and secondary coils. 

leakage inductance Self-inductance caused by 
LEAKAGE FLUX. Leakage inductance is effec- 
tively in series with the primary or secondary 
winding of a transformer. 

leakage resistance 1. In an imperfect insulator, 
the ohmic resistance, calculated by dividing the 
voltage across the insulator by the current flow- 
ing through the insulator. 2. The quotient of 
voltage and current in a reverse-biased semi- 
conductor junction. 

leakage radiation Radiation from parts of a system, 
as compared with that from the true radiator. 

leakage reactance Inductive reactance caused by 
leakage inductance in the primary or secondary 
circuit of a transformer. 

leakance The conductance of an insulating mate- 
rial, measured in siemens. It is equal to the recip- 
rocal of the leakage resistance in ohms. 

leaky 1. Descriptive of a capacitor in which the di- 
electric material is not a perfect insulator. 2. De- 
scriptive of imperfect shielding in a coaxial 
transmission line. 3. Descriptive of a waveguide 
with imperfect shielding. 

leaky dielectric See LEAKY INSULATOR. 

leaky insulator An insulator that conducts signifi- 
cant current at a specified (test) voltage. 

leaky waveguide A waveguide that has imperfect 
shielding, allowing some electromagnetic field to 
escape. 

leapfrogging In radar, a phasing process that 
eliminates false echoes resulting from the signals 
of other radar sets. 

leapfrog test A test performed on different loca- 
tions by a computer program in memory; it moves 
to another memory area to continue tests on 
other locations. 

learning The ability of an artificially intelligent ma- 
chine to improve or expand its knowledge with 
time. This can occur as a result of accumulation 
of information; it can also occur in systems that 
track their errors to avoid repeating them. 

leased line A communications circuit reserved ex- 
clusively for a specific user. 

least-significant bit Abbreviation, LSB. The digit 
with the lowest place value in a binary number. 

least-significant character Abbreviation, LSC. In 
positional notation, the extreme right-hand char- 
acter in a group of significant characters. See 
POSITIONAL NOTATION. 

least-significant digit Abbreviation, LSD. The 
digit in a number that is at the extreme right (i-e., 
the one having the lowest place value). 
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least upper bound The smallest value of a param- 
eter that can be obtained without changing some 
characteristic of a circuit, program or system. 

Lecher frame A sturdy assemblage of LECHER 
WIRES. 


Diode 
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Lecher lines See LECHER WIRES. 

Lecher oscillator A _ self-excited radio-frequency 
oscillator using Lecher wires in place of an induc- 
tance-capacitance (LC) tank circuit. Also see 
LINE-TYPE OSCILLATOR. 

Lecher wires A circuit segment consisting of two 
parallel wires or rods joined by a coupling loop on 
one end, the other end being open. A short- 
circuiting bar is moved along the wires to vary the 
effective length of the circuit. Radio-frequency en- 
ergy is inductively coupled into the system 
through the loop, and the bar is slid along to var- 
ious response points, as indicated by a meter or 
lamp coupled to the wires. The frequency can be 
determined by measuring the distance between 
adjacent response points. It is used at very-high 
frequencies (VHF), ultra-high frequencies (UHF), 
and microwave frequencies. Also called Lecher 
frame and Lecher lines. 

Leclanche cell See DRY CELL, 1. 

LED See LIGHT-EMITTING DIODE. 

LED phototransistor isolator An optoelectronic 
isolator in which the light source is a light- 
emitting diode and the light-sensitive component 
is a phototransistor. 

LEDE Abbreviation for LIVE END/DEAD END. 

LEF See LIGHT-EMITTING FILM. 

left-hand lay See DIRECTION OF LAY. 

left-hand motor rule See FLEMING’S LEFT-HAND 
RULE. 

left-hand polarized wave See COUNTERCLOCK- 
WISE-POLARIZED WAVE. 

left-hand taper Potentiometer or rheostat taper in 
which most of the resistance is in the counter- 
clockwise half of rotation as viewed from the 
front. Compare RIGHT-HAND TAPER. 

left justified An item of data that occupies consec- 
utive locations in storage, starting at the left- 
hand end of its area; empty locations might 
appear consecutively at the right-hand end if the 
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item needs fewer positions than have been pro- 
vided. 

left shift A shift operation in which the digits of a 
word are displaced to the left; the effect is multi- 
plication in an arithmetic shift. 

leg 1. Any one of the distinct branches of a circuit 
or network; also called ARM or BRANCH. 2. Ina 
computer program, a path in a routine or sub- 
routine. 

Lelectron In certain atoms, an electron whose or- 
bit is outside of, and nearest to, the orbit of the K 
electrons. 

Lenard rays See CATHODE RAYS. 

length 1. The number of bits or characters in a 
record, word, or other data unit. 2. The end- 
to-end dimension of a device, circuit, line, etc. 
3. The start-to-finish duration of a time interval. 

length to fault In cable or line measurements from 
the home station, the distance (i.e., the cable or 
line length) to the point at which a fault, such as 
a short circuit or ground, is located. 

lens_ 1. A usually circular piece of transparent ma- 
terial with one or both surfaces curved in cross 
section, used (through its refractive properties) to 
focus or spread rays that pass through it. Lenses 
for visible light must be transparent, but those 
for other radiation, such as radio waves, need not 
transmit light. Also see ANTENNA LENS. 2. Ina 
cathode-ray tube, one or more high-voltage elec- 
trodes for focusing an electron beam to a fine 
point on the screen. 

lens antenna See ANTENNA LENS. 

lens disk A NIPKOW DISK having a lens in each 
hole. 

lens speed The light-transmitting ability of a lens, 
given as an f-stop number: the lens’ focal length 
divided by its diameter. 

lens turret A multiple-lens mount on a camera 
that can be rotated for quick lens interchange. 

LEO Acronym for LOW EARTH ORBIT. 

LEO satellite system A set of several dozen low 
earth orbit (LEO) satellites in polar orbits spaced 
strategically around the globe such that, for any 
point on the earth, there is always at least one 
satellite in range. The satellites can relay mes- 
sages throughout the fleet. Any two points on the 
surface are always able to make contact through 
the satellites. 

Lepel discharger See QUENCHED SPARK GAP. 

letter-identification word See PHONETIC ALPHA- 
BET CODE WORD. 

letters patent See PATENT. 

letters shift In a text communications terminal, a 
control character that causes all of the following 
characters to occur in the lower case. This can be 
an automatic or a manual control character. 

let-through current The current conducted by a 
circuit breaker during a short-circuit. 

level-O security In communications, the complete 
lack of security measures. Anyone can listen in 
on a conversation at any time, provided they are 
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willing to spend the money and/or time to obtain 
the necessary equipment. Examples are amateur 
(“ham”) radio and Citizens’ Band (CB) voice com- 
munications. 

level-1 security Also called wire-equivalent secu- 
rity. In communications, the implementation of 
security measures such that the circuit is pro- 
tected to the extent of a typical hard-wired link. 
The encryption is anticipated to be unbreakable 
for at least 12 months, and preferably for 
24 months or more. The technology is updated 
at least every 12 months, and preferably every 
6 months. 

level-2 security Also called commercial-level secu- 
rity. In communications, the implementation of 
security measures such that the circuit is 
deemed safe for ordinary commercial transac- 
tions. The encryption is anticipated to be of such 
a nature that engineers believe it would take a 
hacker at least 10 years, and preferably 20 years 
or more, to break the cipher. The technology 
should be updated at least every 10 years, but 
preferably every 3 to 5 years, and more often if 
possible. 

level-3 security Also called mil-spec security. In 
communications, the implementation of security 
involving the most sophisticated forms of encryp- 
tion and personnel restriction that a government 
can muster. 

level 1. The amplitude at which a device is func- 
tioning or at which a phenomenon occurs (e.g., 
collector-current level, or received signal level). 
2. The minimum amplitude at which a pheno- 
menon occurs; also called threshold amplitude. 3. 
A functional plateau or echelon. 

level clipper See CLIPPER. 

level compensator 1. An automatic gain control 
(AGC) that effectively reduces amplitude varia- 
tions in a received signal. 2. An automatic gain 
control in telegraph receiving equipment. 

level control 1. The adjustment of amplitude or 
threshold. 2. A potentiometer or other variable 
component for adjusting the amplitude or thresh- 
old of a quantity. 

level indicator See VOLUME INDICATOR. 

level translator Any circuit or device that alters 
the voltage levels of input signals. An example is 
a converter that changes positive-logic signals to 
negative-logic signals. 

level-triggered flip-flop A flip-flop that responds 
to voltage level, rather than to the frequency of an 
input signal. 

lever switch 1. A switch designed for rapid making 
and breaking of a circuit. 2. A radiotelegraph key. 

Lewis antenna A form of antenna used at ultra- 
high and microwave frequencies. It resembles a 
horn antenna. 

Leyden bottle See LEYDEN JAR. 

Leyden jar [Leyden, Holland (also Leiden), site of 
the invention in 1745 by Peiter van Musschen- 
broek, 1692-1761.] The first practical capacitor. 
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In modern form, it is a glass jar covered inside 
and out with metal foil and has a rod topped by a 
metal ball that touches the inner foil. It is still 
used occasionally in classrooms for demonstrat- 
ing static electricity. The Leyden jar was co- 
invented by van Musschenbroek and invented 
independently by E. G. von Kleist of Pomerania, 
among others. 
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Leyden phial See LEYDEN JAR. 

Leyden vial See LEYDEN JAR. 

LF Abbreviation of LOW FREQUENCY. 

Ly band A section of the L BAND extending from 
1.35 to 1.45 GHz. 

L fitting See ELL. 

LHD Abbreviation of LOAD/HAUL/DUMP. 

Li Symbol for LITHIUM. 

librarian program A computer program controlling 
a LIBRARY. 

library In digital-computer and data-processing 
operations, the permanent storage of data or in- 
structions. Also called permanent mass storage. 

libration fading In earth-moon-earth (EME) com- 
munications, also known as moonbounce, rapid 
and deep fading, accompanied by phase modula- 
tion, that takes place because the moon does not 
always show the earth exactly the same portion of 
its surface. The moon “wobbles” slightly back and 
forth on its axis. This causes changes in the rela- 
tive phases of signals reflected from the topo- 
graphic features (mountains, in particular) on the 
lunar surface. 

licrystal An acronym from liquid and crystal. See 
LIQUID CRYSTAL. 

lidar See LIGHT DETECTION AND RANGING. 

lie detector See POLYGRAPH. 

life 1. The duration of useful service (or of opera- 
tion before failure) of electronic equipment. 2. For 
a non-rechargeable cell or battery, the length of 
time it will last in a given application before it 
must be discarded and replaced. 3. In robotics 
and artificial intelligence (AI), a general term that 
refers to qualitative similarities between ma- 
chines and animate creatures, including human 
beings. 
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life test An assessment of the life of electronic 
equipment—either by means of full-time test 
runs or accelerated time tests. 

lifetime See CARRIER LIFETIME. 

lifter A device in a magnetic tape recorder that 
removes the tape from the recording and play- 
back heads under fast-forward and rewind con- 
ditions. 

light Visible electromagnetic radiation occurring in 
the wavelength band of about 750 nanometers 
(red light) to 390 nanometers (violet light). In- 
cluded sometimes in the category of light are in- 
frared and ultraviolet rays. 

light-activated silicon-controlled rectifier Ab- 
breviation, LASCR. A silicon-controlled rectifier 
that functions both as a photosensor and a heavy- 
duty bistable electronic switch, allowing high cur- 
rents to be switched by means of a light beam. 

light-activated silicon-controlled switch Abbre- 
viation, LASCS. A pnpn device that acts simulta- 
neously as photocell and electronic switch. 

light adaption 1. The process whereby the eye ad- 
justs itself to an increase or decrease in illumina- 
tion. 2. Similar action in photoelectric devices. 
3. The length of time required for the eye to adjust 
itself to an increase or decrease in illumination. 

light amplifier A solid-state amplifier using an in- 
put electroluminescent cell and an output photo- 
cell, or some similar pair of components. The 
device is essentially an optoelectronic coupler 
with gain. 

light-beam communication A system of commu- 
nication in which a beam of light between trans- 
mitting and receiving stations is modulated or 
interrupted to convey intelligence. A laser is com- 
monly used because it has minimal beam diver- 
gence, allowing maximum communication range. 

light-beam meter An electric meter using a 
LIGHT-BEAM POINTER. 

light-beam pointer A slender beam of light that re- 
places the pointer in a moving-coil meter. The 
light comes from a small incandescent lamp and 
is reflected by a mirror attached to the coil; when 
the coil moves, a spot of light moves over the scale 
of the meter. 

light-beam receiver The receiver in a LIGHT- 
BEAM COMMUNICATION system. 

light-beam recorder A graphic recorder using a 
light-beam pointer. In this device, a small spot of 
light traces a pattern on moving photographic 
film, which is subsequently developed to produce 
a permanent record. 

light-beam transmitter The transmitter in a 
LIGHT-BEAM COMMUNICATION system. 

light cable A cable, consisting of numerous thin 
optical fibers, through which light can be trans- 
mitted for communication or control purposes. 
See, for example, LIGHT-WAVE TELEPHONY. 

light chopper A device that modulates a light 
beam by interrupting it repetitively. 
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light detection and ranging Acronym, lidar. A 
navigation and surveillance system in which laser 
light scans in a manner similar to that of RADAR. 

light dimmer See DIMMER. 

lighted pushbutton See LIGHTED SWITCH. 

lighted switch A pushbutton switch containing a 
pilot light that glows to show when the switch is 
on. Also called illuminated switch. 

light-emitting diode Abbreviation, LED. A semi- 
conductor device that emits visible light when for- 
ward biased. Also see LASER DIODE. 

light-emitting film A thin phosphor film that 
becomes luminescent when a_ high-frequency 
voltage is applied across its surface. Also see 
ELECTROLUMINESCENCE and ELECTROLUMI- 
NESCENT CELL. 

light flasher An electronic circuit or simple auto- 
matic flasher switch for flashing a lamp at regular 
intervals. 

light flicker See LOAD FLICKER. 

light flux See LUMINOUS FLUX. 

light hood See HOOD. 

light-induced electricity See PHOTOELECTRIC- 
ITY. 
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light load A load that is a fraction of the usual 
value for a given application. That is, its resis- 
tance or impedance is several times higher than 
normal. 

light meter An electronic instrument for measur- 
ing the intensity of light. It generally consists of 
a photodiode, a battery, and a direct-current mi- 
croammeter connected in series. A_ direct- 
current amplifier can be used to increase the 
sensitivity. 

light microsecond A unit of electrical distance; 
the distance that light, or any electromagnetic 
disturbance, travels in free space in 1 microsec- 
ond. Approximately equal to 300 meters. 

light modulation Variation of the instantaneous 
brightness of a visible light beam in synchroniza- 
tion with the instantaneous amplitude of a mod- 
ulating signal. Also see LIGHT MODULATOR. 

light modulator A device with which a beam of 
light can be modulated by an electrical signal. 

light negative Pertaining to negative photocon- 
ductivity, the decrease in conductivity of a photo- 
sensitive material under illumination. Compare 
LIGHT POSITIVE. 

lightning The discharge that occurs between posi- 
tive and negative poles in the atmosphere. Com- 
mon in and near areas where heavy rainfall is 
occurring. It also can occur in snow storms, in 
sand storms, and over erupting volcanoes. Gen- 
erally, the negative pole is in a cloud and the pos- 
itive pole is at the surface of the earth, resulting 
in a flow of electrons from cloud to ground. Some 
lightning occurs as a flow of electrons from 
ground to cloud, or between two clouds. Such 
discharges sometimes attain current levels of 
more than 1,000,000 amperes. 

lightning arrester A device that bypasses high- 
voltage pulses from most nearby lightning dis- 
charges to the earth, helping to protect electronic 
equipment connected to an outdoor antenna or 
power line. Is not a total guarantee of protection, 
however. 

lightning conductor 1. A system for protecting 
buildings from lightning strikes. A common sys- 
tem includes a lightning rod, heavy conductor, 
and ground rod. The ground rod is placed at least 
six feet from the base of a building and is at least 
eight feet long. 2. The conductor between the 
lightning rod and ground rod in a system, as de- 
fined in 1. 

lightning detector See KERAUNOGRAPH and 
KERAUNOPHONE. 

lightning rod A protective device mounted on the 
outside of structures, consisting of a pointed, 
grounded metal rod that will conduct a lightning 
discharge to earth. 

lightning strike A direct hit of an object by a light- 
ning stroke. It usually causes extensive damage 
to electrical and electronic equipment through 
which the discharge passes. 
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lightning stroke The discharge that occurs with 
lightning. The peak current is typically several 
tens of thousands of amperes, but in some cases 
can exceed 1,000,000 amperes. A stroke can con- 
sist of one discharge or several individual dis- 
charges in rapid succession. 

lightning switch See GROUND SWITCH. 

light-operated relay See PHOTOELECTRIC RE- 
LAY. 

light-operated switch A PHOTOELECTRIC RE- 
LAY, or a switch operated by such a relay. 

light pen A probe containing a tiny photosensor in 
its tip. The tip of the light pen is touched to the 
screen of a cathode-ray tube to sense the beam 
when it passes the spot of contact. It is used as 
an input device in some computers and termi- 
nals. 

light pipe 1. An OPTICAL FIBER. 2. A cable con- 
sisting of numerous optical fibers in a bundle. 
See FIBEROPTICS, 1. 

light positive Pertaining to positive photoconduc- 
tivity, when the conductivity of a photosensitive 
material increases under illumination. Compare 
LIGHT NEGATIVE. 

light quantum See PHOTON. 

light ray A thin beam of light. Theoretically, a ray 
emerges from a point source (i.e., it has no width). 

light receiver See LIGHT-BEAM RECEIVER. 

light relay A photoelectric device that operates a 
relay, according to fluctuations in the intensity of 
a light beam. 

light-sensitive cathode Also called photocathode. 
A cathode that emits electrons when exposed to 
light. 

light-sensitive diode A semiconductor diode us- 
able as a photoconductive cell. Such diodes are 
available as both junction and point-contact 
types. 

light-sensitive material A photoconductive or 
photoemissive substance. 

light-sensitive resistor See PHOTOCONDUCTIVE 
CELL. 

light sensor 1. A light-sensitive device, such as 
a photocell, photodiode, phototransistor, or 
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phototube. 2. A light-sensitive substance, such 
as cesium, selenium, silicon, cadmium selenide, 
or lead sulfide. 

light source Any generator of light. Under some 
conditions, the source is regarded as a point. 

light spectrum See ELECTROMAGNETIC THE- 
ORY OF LIGHT. 

light-spot scanner Also called flying-spot scanner. 
A television camera using (as a source of illumi- 
nation) a spot of light that scans what is to be 
televised. 

light transmitter 
TER. 

light valve 1. An electromechanical device for 
varying the intensity of light passing through its 
adjustable aperture. 2. See KERR CELL. 

light-wave telephony Telephone communication 
by means of modulated-light transmission, usu- 
ally through an OPTICAL FIBER. 

light-year Abbreviation, lt-yr. Pertaining to astron- 
omy, a unit of distance equal to the distance trav- 
eled by light in one year in a vacuum: 9.460 55 x 
10!5 meters (5.878 x 10!2 miles). 

likelihood In probability and statistics, the chance 
that an event will occur or that an outcome will 
be realized. Also see PROBABILITY, 1, 2. 

lim Abbreviation of LIMIT. 

Lima Pronunciation, LEE-ma. Phonetic alphabet 
word for the letter L. 

limen A unit that has been proposed as the mini- 
mum audible change in frequency that can be de- 
tected by at least half of a group of listeners. 

limit 1. The lowest or highest frequency in a band. 
2. In mathematics, a fixed value that a variable 
approaches. 3. The upper and lower extremes in 
any performance range or value range. 

limit bridge A bridge used to check a component 
(e.g., resistance, capacitance, or inductance) in 
terms of the tolerance limits, rather than the 
nominal (named) value, of that component. Also 
see BRIDGE, 2. 

limited integrator A circuit that integrates two in- 
put signals until the corresponding output signal 
exceeds a certain limit. 

limited stability A characteristic of a circuit or 
system, allowing proper operation only if the in- 
put signal and applied voltages are within certain 
maximum and minimum limits. 

limiter A device or circuit whose output-signal am- 
plitude remains at some predetermined level, de- 
spite wide variations in input-signal amplitude. 

limiting The restriction of the maximum peak am- 
plitude of a signal to a designated level. 

limiting amplifier An amplifier that automatically 
holds the output-signal level to a prescribed value. 

limiting current In electrolysis, the highest cur- 
rent that conducts under certain conditions of 
ion concentration. This current depends on the 
electrolyte material, the concentration of the elec- 
trolyte in solution, the electrode substance, and 
the size of the electrolytic cell. 


See LIGHT-BEAM TRANSMIT- 
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limiting error The anticipated maximum value of 
the absolute error in a computation. 

limiting resistor See CURRENT-LIMITING RESIS- 
TOR. 

limiting resolution As a measure of video image 
resolution, the maximum number of lines for pic- 
ture height that can be discriminated on a test 
chart. 

limit switch A switch that is actuated when a 
monitored quantity (e.g., current, voltage, or illu- 
mination) reaches the limit of its range. 

line 1. A wire, cable, or waveguide, along which 
electrical or electromagnetic energy travels from 
one defined place to another. 2. One lengthwise 
path in which a force, such as electricity or mag- 
netism, is evidenced. Such a line of flux has theo- 
retically zero width. 

line advance 1. The physical separation between 
the centers of adjacent scanning lines in a televi- 
sion system. 2. Line feed in a text data transmis- 
sion system. 

line amplifier An amplifier in a telephone line or 
similar channel, or one feeding such a line from 
the input end. 

linear 1. In a straight line. 2. In the manner of a 
straight line. Thus, linear response is indicated 
when one quantity varies directly with another; 
the graph of this response is a straight line (i.e., 
one of constant slope). 3. The characteristic of a 
signal that is a replica of another (e.g., an ampli- 
fier output signal of the same waveform as that of 
the input signal). 

linear absorption coefficient A number express- 
ing the extent to which the intensity of an X-ray 
beam is reduced per centimeter of the material 
through which it passes. 

linear accelerator A device in which subatomic 
particles are accelerated in a straight line 
through a long tube. This action is in contrast 
with that occurring in a circular accelerator, such 
as a CYCLOTRON. 

linear algebra A branch of mathematics that deals 
with the solving of linear equations or sets of lin- 
ear equations. 
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linear amplifier 1. An amplifier for which a linear 
relationship exists between input and output pa- 
rameters (e.g., a high-fidelity audio amplifier). 
2. A class-AB radio-frequency power amplifier that 
does not distort the envelope of an amplitude- 
modulated (AM) or single-sideband (SSB) signal. 
It is commonly used by amateur radio operators. 

linear array A directional antenna having equally 
spaced, in-line elements. 

linear circuit 1. A circuit whose output is a faith- 
ful reproduction of the input. See LINEAR AMPLI- 
FIER, 1 and LINEAR DETECTOR. 2. A circuit 
whose performance is linear. See LINEAR RE- 
SPONSE, 1. 

linear decrement In a damped wave, a constant 
decrease in amplitude with time, as opposed to a 
decrease that is a logarithmic or otherwise non- 
linear function of time. Compare DECREMENT. 

linear detector A detector whose output/input re- 
lationship is linear. Also see LINEAR, 2, 3; LIN- 
EAR CIRCUIT, 1; and LINEAR RESPONSE, 1, 2, 
3. 

linear differential transformer A device that con- 
verts the physical position of an object into an 
output voltage or current. The voltage or current 
is directly proportional to the displacement. 

linear distortion Amplitude distortion in which 
the output and input signal envelopes are dispro- 
portionate (in the absence of spurious frequen- 
cies). 

linear equation See FIRST-DEGREE EQUATION. 

linear function 1. In Cartesian two-space, a func- 
tion of the form y = mx + b, where the coordinates 
are (x,y), the slope is m (any real number) and bis 
the point on the y axis at which the graph crosses 
the axis. 2. Any function in any number of di- 
mensions whose graph appears as a straight line 
in the Cartesian system of coordinates. 


y 


linear function 


linear IC See LINEAR INTEGRATED CIRCUIT. 
linear integrated circuit An integrated circuit de- 
signed for analog operations (such as signal 
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amplification, oscillation, nondigital regulation, 
analog instrumentation, and similar applica- 
tions). Compare DIGITAL INTEGRATED CIRCUIT. 

linearity 1. The degree to which performance or 
response approaches the condition of being lin- 
ear, expressed in percent or parts per million. 
Also see LINEAR AMPLIFIER, 1; LINEAR CIR- 
CUIT, 1, 2; LINEAR OSCILLATOR, 1; LINEAR RE- 
SPONSE, 1, 2, 3; and LINEAR TAPER. 2. In a 
cathode-ray-tube image, absence of compression 
or stretching of any portion of the image; that is, 
an undistorted reproduction. 

linearity control In a cathode-ray-tube display, 
the potentiometer used to correct image linearity. 
See LINEARITY, 2. 

linearity error 1. The difference between a theo- 
retically linear function and the actual function, 
as observed under experimental conditions. 
2. The degree of nonlinearity in an amplifier that 
is supposed to be linear. 

linear modulation 1. Modulation in which the 
instantaneous amplitude of the input signal is 
directly proportional to the instantaneous ampli- 
tude of the output signal. 2. Modulation in which 
the instantaneous amplitude of the input signal 
is inversely proportional to the instantaneous 
amplitude of the output signal. 3. Modulation in 
which the instantaneous amplitude of the input 
signal is directly proportional to the frequency or 
phase deviation of the output signal. 

linear motor A motor in which the stator and rotor 
are parallel and straight. 

linear oscillator 1. An oscillator whose alternat- 
ing-current output amplitude varies linearly with 
its direct-current input. 2. A line-type oscillator. 

linear programming A method of determining the 
optimum value for a certain set of linear equa- 
tions. Generally, this is done by finding the point 
on a plane in space closest to some point not on 
the plane. 

linear quantizing A method of quantizing in which 
all of the intervals are of equal size or duration. 
An example is a linear analog-to-digital converter 
circuit. 

linear reflex detector See INFINITE-IMPEDANCE 
DETECTOR. 

linear response 1. A response in which the value 
of the dependent variable is equal or directly pro- 
portional to the value of the independent variable. 
Thus, the graph of the response function is a 
straight line over the range of normal operating 
values. Compare LOGARITHMIC RESPONSE, 1 
and SQUARE-LAW RESPONSE. 2. A type of re- 
sponse in which a quantity (such as current) 
varies directly with another quantity (such as 
voltage). Compare LOGARITHMIC RESPONSE, 2. 
3. Low-distortion response. Also see HIGH FI- 
DELITY. 

linear scale A scale in which all of the divisions 
represent the same differential and are equally 
spaced. On a linear scale, a given difference 
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always has the same physical length, no matter 
where on the scale it appears. For example, the 
interval between 3 and 4 on a linear scale is the 
same as any interval between x and x + 1, where 
xis any real value on the scale. 

linear sweep In a television or oscilloscope circuit, 
the scanning of the electron beam across the 
screen at a constant speed. Also see LINEAR, 1; 
LINEAR RESPONSE, 1; and LINEARITY, 2. 

linear taper In a potentiometer or rheostat, resis- 
tance variation that is directly proportional to 
shaft rotation. Thus, half the total resistance cor- 
responds to movement of the shaft over half the 
arc of full rotation. Compare LOG TAPER. Also 
see TAPER. 

linear time base For an oscilloscope, the base pro- 
vided by sweeping the electron beam horizontally 
at a uniform rate. Also see LINEAR SWEEP. 

linear track On a video tape, the track that con- 
tains audio information that accompanies the 
video data. It was so named because it is a single, 
straight track, in contrast to the video tracks, 
which are angled. 

linear tracking In a turntable system, a design 
scheme in which the lateral movement of the sty- 
lus, as the disc is played, occurs in a straight line, 
rather than in an arc. 

linear transformer A radio-frequency transformer 
consisting of a section of transmission line. 

linear variable differential transformer Abbrevi- 
ation, LVDT. A differential transformer exhibiting 
linear response. Also see LINEAR RESPONSE, 1, 
2. 
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line balance The degree of electrical similarity be- 
tween transmission line conductors, or between a 
conductor and ground. 

line-balance converter A device used to isolate 
the outer conductor at the end of a coaxial line 
from ground. 

line characteristic distortion Fluctuations in the 
duration of received signal impulses in text data 
communications, caused by changing current 
transitions in the wire circuit. 

line circuit The telephone system relay equipment 
associated with stations connected to a switch- 
board. 

line code A code between the digits in processing 
equipment and the pulses representing the digits 
in a line transmission. 

line conditioning In data communications, the 
modification of private or leased lines by adding 
compensating reactances to reduce amplitude 
variations or phase delays over a band of fre- 
quencies. 

line contact stylus A needle used to reproduce 
stereo high-fidelity sound from vinyl discs. It has 
a characteristic oblate ellipsoidal shape. 

line coordinate A symbol identifying a specific row 
of cells in a matrix; a specific cell can be located 
with an additional column coordinate. 

line cord A flexible two- or three-wire insulated ca- 
ble connecting equipment to the power line by 
means of a plug that mates to a standard electri- 
cal outlet. 

line current 1. Current flowing from a power line 
into equipment. 2. Current flowing in a transmis- 
sion line. 3. Current flowing into a parallel- 
resonant circuit. 

line diffuser A circuit that creates minor vertical 
oscillations of the spot on a television screen, 
making the individual scanning lines less notice- 
able. 

line driver An integrated circuit capable of trans- 
mitting logic signals through long lines. 

line drop The voltage drop along a line supplying 
power to a device. 

line equalizer See EQUALIZER. 

line fault A discontinuity in a transmission line, 
resulting in signal loss at the receiving end of a 
circuit. 

line feed In a text data transmission system, the 
movement of the paper, platen, or cursor to allow 
for printing or displaying an additional line of 
text. 

line filter 1. A circuit that can be inserted in the 
utility power cord of an appliance, device, or sys- 
tem for transient suppression and the minimiza- 
tion of electromagnetic interference (EMI). The 
filter employs series inductors, parallel capaci- 
tors, and in some cases, a clamping device. In- 
stalled between a radio transmitter and the 
utility lines, such a filter can choke off radio- 
frequency (RF) current and help keep utility 
wiring from acting as an antenna. Installed in the 
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power cords of home entertainment equipment, 
such as stereo audio amplifiers, line filters can 
keep RF from entering the apparatus through 
the power supply. 2. A circuit containing paral- 
lel capacitors and/or series inductors, installed 
in a twisted-pair telephone line to reduce or 
eliminate the effects of EMI and transients in a 
telephone set. 

linefinder A switching device that finds one of a 
group of calling telephone lines and connects it to 
a trunk, connector, or selector. 

line frequency 1. The frequency of power-line volt- 
age in the United States, 60 Hz. 2. The rate at 
which the horizontal lines are traced in a video 
image. Also see HORIZONTAL FREQUENCY. 

line group 1. A group of signals sent by wire trans- 
mission. 2. The frequency spectrum occupied by 
a group of signals sent by wireless transmission. 

line leakage Resistance between insulators of two 
wires in a telephone line loop. 

line loss The sum of energy losses in a transmis- 
sion line. 

lineman A technician who works mainly with tele- 
phone or telegraph lines. 

line matching transformer A device that provides 
an impedance match in an audio circuit, and also 
can adapt balanced to unbalanced audio trans- 
mission lines (or vice versa). 

line noise 1. Electrical noise (as received by a ra- 
dio) arising from fluctuations of current or voltage 
in a power line. 2. Noise in a data transmission 
line. 

line of flux 1. A line (usually curved) depicting the 
points of equal-intensity field strength in the 
vicinity of an electric charge or a charged body. 
Also see FLUX. 2. A line depicting the points of 
equal-intensity field strength in the vicinity of a 
magnetic pole or a magnetized body. Also see 
FLUX. 

line-of-sight communication Radio communica- 
tions between points located so that a straight 
line between them does not pass through the 
earth, or through any major obstructions. Also 
see LINE-OF-SIGHT DISTANCE. 
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line-of-sight distance The maximum distance 
over which an ultra-high-frequency (UHF) or mi- 
crowave signal can be directly transmitted along 
the surface of the earth. It is slightly more than 
the maximum optical line-of-sight distance. 

line oscillator See LINE-TYPE OSCILLATOR. 

line plug The plug terminating a line cord. Also see 
MALE PLUG. 

line printer A machine that prints the results of a 
computer run, line by line. 

line radio See WIRED RADIO. 

line regulation Automatic stabilization of power- 
line voltage. 

line-sequential system The color television sys- 
tem in which the image is reproduced by means 
of primary color lines (red, green, and blue) se- 
quentially beamed across the screen of the pic- 
ture tube. Compare DOT-SEQUENTIAL SYSTEM 
and FIELD-SEQUENTIAL SYSTEM. 

lines of cleavage See CLEAVAGE. 

lines oscillator See LINE-TYPE OSCILLATOR. 

line supervision In electronic security systems, a 
method of monitoring circuit characteristics to 
detect possible tampering. 

line switch 1.The main power-line switch to a sys- 
tem. 2. Within a piece of electronic equipment, 
the switch that opens and closes the circuit to the 
incoming power line. 

line-type amplifier A radio-frequency amplifier in 
which the tuned circuits are transmission lines 
consisting of parallel wires, rods, or tubing, or of 
coaxial cable sections. 

line-type oscillator A radio-frequency oscillator in 
which the tuned circuits are transmission lines 
consisting of parallel wires, rods, or tubing, or of 
coaxial cable sections. 

line unit In a wire data transmission system, the 
terminal unit, or device that converts the text sig- 
nals into electrical impulses and vice versa. 

line voltage 1. The voltage between the conductors 
in a power line. 2. The voltage between the con- 
ductors of a transmission line. 

line-voltage drop See LINE DROP. 

line-voltage monitor See POWER-LINE MONI- 
TOR. 

linguistics The study of languages, 
structure, symbology, and phonetics. 

link 1. The small coupling coil used in link cou- 
pling. 2. A communication path between two ra- 
dio facilities for the purpose of extending the 
range of one, as between a remote pickup point 
and a broadcast transmitter. 3. A data connec- 
tion between two different computers. 4. The act 
or process of creating a signal path or data con- 
nection, as defined in 1, 2, or 3. 5. In a digital 
computer, a branch instruction, or an address in 
such an instruction, used to leave a subroutine to 
return to some point in the main program. 

linkage Coupling between separated conductors or 
devices through the medium of electric or mag- 
netic lines of flux. 


including 
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link circuit A closed-loop coupling circuit having 
two coils of a few turns of wire; each coil is placed 
near one of the circuits to be coupled. 

link coupling Low-impedance coupling via a small 
(usually one-turn) input or output coil fed by a 
twisted pair or a coaxial line. 
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linked subroutine A subroutine, entered by a 
branch instruction from a main routine, that ex- 
ecutes a branch instruction returning control to 
the main routine. 

link fuse A fuse consisting of an exposed length of 
fuse wire. 

link neutralization Neutralization achieved by 
out-of-phase current fed back via link coupling 
from the output to the input of an amplifier. Also 
called INDUCTIVE NEUTRALIZATION. 

lin-log receiver A radar receiver whose amplitude 
response is linear for small signals, but logarith- 
mic for large ones. 

lip microphone A small microphone operated 
close to or in contact with the lips. 

liquid A state of matter characterized by a level of 
molecular motion intermediate between that of 
gases and solids; liquids have the ability (like 
gases) to take the shape of a container and are only 
slightly compressible. Compare GAS, PLASMA, 
and SOLID. Also see STATE OF MATTER. 

liquid absorption For a solid material, such as di- 
electric, the ratio of the weight of liquid absorbed 
by the material to the weight of the material. 

liquid capacitor See WATER CAPACITOR. 

liquid cell See ELECTROLYTIC CELL. 

liquid conductor See ELECTROLYTE. 

liquid cooling Use of circulating water, oil, or 
other fluid to remove heat from components or 
equipment, such as microprocessors or power 
amplifiers. 

liquid crystal A liquid exhibiting some of the char- 
acteristics of a crystal. Also see NEMATIC CRYS- 
TAL and SMECTIC CRYSTAL. 

liquid-crystal display Abbreviation, LCD. A flat- 
panel display noted for its thin profile, light 
weight, and low power consumption. The sim- 
plest devices are used in calculators, meters, 
wristwatches, and radios. More sophisticated 
displays are used in computers and portable 
video units. This type of display can operate ata 
much lower voltage than a cathode-ray tube 
(CRT). This makes it ideal for portable electronic 
systems in which batteries are used. Older 
displays of this type can be difficult to read from 
certain viewing angles. This situation has 
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improved in recent years with the advent of 
active-matrix, also known as thin-film-transistor 
(TFT), displays. 

liquid-filled transformer A transformer filled with 
a protective liquid insulator, such as oil. 

liquid-flow alarm An electronic circuit that actuates 
an alarm when the flow of a liquid through pipes or 
other channels changes from a desired rate. 

liquid-flow control A servo system that automati- 
cally maintains or corrects the rate of liquid flow 
through pipes or other channels. 

liquid-flow gauge See LIQUID-FLOW METER. 

liquid-flow indicator See LIQUID-FLOW METER. 

liquid-flow meter An instrument that indicates 
the rate at which a liquid moves through pipes or 
other channels. 

liquid-flow switch In a liquid-cooled system, a 
switch that actuates an alarm when the liquid 
slows or stops. 

liquid-jet oscillograph A graphic recorder using 
an ink-jet galvanometer to trace the pattern on a 
paper chart. 

liquid laser A laser in which the active material is 
a liquid. 

liquid-level alarm An electronic device that actu- 
ates visual or audio signal devices when the sur- 
face of a liquid inside a tank rises or falls to a 
predetermined level. 

liquid-level control A servo system that automati- 
cally maintains the liquid in a tank at a predeter- 
mined level. 

liquid-level gauge An electronic system that pro- 
vides direct readings of the level of a liquid in a 
tank. 

liquid-level indicator See LIQUID-LEVEL GAUGE. 

liquid-level meter See LIQUID-LEVEL GAUGE. 

liquid load See WATER LOAD. 

liquid-pressure alarm An electronic circuit that 
actuates an alarm when the pressure of a liquid 
changes. 


—P— 


liquid-pressure control A servo system that auto- 
matically maintains or corrects liquid pressure in 
pipes or other channels. 

liquid-pressure gauge See 
METER. 

liquid-pressure indicator See LIQUID-PRESSURE 
METER. 

liquid-pressure meter An instrument that pro- 
vides direct readings of liquid pressure in a pipe 
or other channel. 

liquid-pressure switch A switch that actuates an 
external circuit or device when the pressure of a 
liquid changes. 

liquid rheostat See WATER RHEOSTAT. 

liquid valve See ELECTROMECHANICAL VALVE. 

liser An oscillator that produces an extremely pure 
microwave carrier signal. 

LISP A digital-computer language written in the 
form of lists. A program can be directly inter- 
preted as data, and vice versa. The entire lan- 
guage is derived from a few basic functions. 
Programs are easy to debug. It is used in artificial 
intelligence (AI) research. Also see LANGUAGE. 

Lissajous figure Any one of several curves result- 
ing from the combination of two harmonically re- 
lated sine waves. These figures are familiar in 
electronics; they are obtained when signals are 
applied simultaneously to both axes of an oscillo- 
scope. It is also called Lissajous pattern. 

list 1. To print serially the records in a file or in 
memory. 2. To print (instruct a computer to dis- 
play) every item of input data in a program. 3. A 
one-dimensional array of numbers. 

listener fatigue Physiological symptoms, such as 
headaches, caused by prolonged listening to cer- 
tain sounds (e.g., a pure sine wave or poorly re- 
produced music). 

listening angle In stereo sound reproduction, the 
angle between the speakers, with respect to the 
listener. This angle can vary from zero to 180 de- 
grees. Larger angles result in increased apparent 
channel separation. 

listening test The subjective evaluation of audio 
equipment by listeners. 

liter Abbreviation, 1. A metric unit of volume equal 
to 1.0567 U.S. liquid quarts or 0.908 U.S. dry 
quart. A liter is the volume of 1 kilogram of water 
at 4°C and under a pressure of 1 pascal. 

literal operands It is usually applicable to source 
language instructions, operands that specify the 
value of a constant, rather than an address of a 
location in which the constant is stored. 

lithium Symbol, Li. An element of the alkali-metal 
group, and the lightest elemental metal. Atomic 
number, 3. Atomic weight, 6.941. 

lithium battery See LITHIUM CELL. 

lithium cell A type of electrochemical cell with ex- 
ceptional energy-to-mass ratio and long shelf life. 
There are several variations in the chemical 
makeup; they all contain lithium, a light, highly 
reactive metal. These units can be manufactured 
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to supply 1.5 to 3.5 volts, depending on the par- 
ticular chemistry used. These cells can last for 
years in very-low-current applications such as 
memory backup. 

Litzendraht wire See LITZ WIRE. 

Litz wire A woven wire having a number of copper 
strands, each separately enameled to insulate it 
from the others. The wire is woven so that inner 
strands come to the surface at regular intervals. 
It is noted for its low losses at radio frequencies. 

live 1. Electrically activated (i.e., sustaining volt- 
age or current). 2. Being broadcast as it occurs. 
3. Acoustically reflective, as in a LIVE ROOM 
(contrasted with one that is acoustically ab- 
sorbent). 

live end 1. In a recording or broadcasting studio, 
the part of the room in which the acoustic con- 
centration is greatest. 2. In a utility circuit, the 
wire or terminal that carries 117 volts alternating 
current (the ungrounded end). 

live end/dead end Pertaining to a room that is 
acoustically reflective (live) at one end, and 
acoustically absorbent (dead) at the other end. 

live room A room with little or no acoustically ab- 
sorbent material in its ceiling, walls, and floor, 
with the result that echoes and reverberation are 
pronounced. Compare DEAD ROOM. 

lix Abbreviation of LIQUID CRYSTAL. 

Lx band A section of the L BAND that extends from 
1.150 to 1.350 GHz. 

L, band A section of the L BAND that extends from 
510 to 725 MHz. 

LLL Abbreviation of LOW-LEVEL LOGIC. 

Im _ Preferred abbreviation of LUMEN. 

Im/ft? Abbreviation of lumens per square foot. Also 
see LUMEN. 

Im-hr Abbreviation of LUMEN-HOUR. 
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Im/m? Abbreviation of lumens per square meter. 
Also see LUMEN and LUX. 

Im/W Abbreviation of lumens per watt, a unit of lu- 
minosity. Also see LUMEN. 

In Representation of the natural (base-e) logarithm 
function (see NAPIERIAN LOGARITHM). Also 
written loge. 

L network An impedance-matching circuit, filter, 
or attenuator whose schematic representation re- 
sembles an inverted letter L. 

LO Abbreviation of LOCAL OSCILLATOR. 

lo Abbreviation of low, usually as a prefix or sub- 
script. Also abbreviated L. 

load 1. Also called electrical load. A device or circuit 
that is operated by the electrical power output of 
another device or circuit. Examples: speaker, light 
bulb, power amplifier, antenna system. 2. Also 
called mechanical load. The mechanical power 
output demanded of a machine—especially a mo- 
tor. 3. To fill an internal computer storage with in- 
formation from an external storage [e.g., from a 
magnetic disk to a computer’s random access 
memory (RAM)]. 4. To add inductors and/or ca- 
pacitors to an antenna system to alter the charac- 
teristics of the system—especially the resonant 
frequency. 5. To adjust the output circuit of a 
radio-frequency power amplifier for optimum 
energy transfer to the antenna system. 

load-and-go Automatic coding in which a user’s 
(source) program is translated automatically into 
machine language and stored. 

load capacitance 1. The capacitance present in an 
electrical load (see LOAD, 1). 2. A capacitance 
used as an electrical load. 

load capacity 1. In pulse-code modulation, the 
level at which a sine-wave signal has peaks coin- 
ciding with the plus/minus virtual decision val- 
ues of the encoder. 2. The maximum number of 
signals that a medium or line can carry without 
serious degradation of reception. 

load circuit 1. The circuit that forms the load, or 
power-consuming portion, of a system. 2. A cir- 
cuit that facilitates transfer of power to a load. 

load coil See WORK COIL. 

load current The current flowing in a load. See 
LOAD. 

load division A method of connecting two or more 
power sources to a single load, for optimum 
power transfer. 

loaded antenna An antenna incorporating a 
LOADING COIL and/or LOADING DISK to in- 
crease its electrical (effective) length. See LOAD- 
ING COIL and LOADING DISK. 

loaded line A transmission line in which inductors 
or capacitors are inserted at appropriate points to 
alter the characteristics of the line. 

load end The end of a transmission line to which a 
radiator or receiver is connected. 

load flicker Fluctuations in the brightness of 
lamps, caused by intermittent loading of the 
power line by other devices. 
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load/haul/dump Abbreviation, LHD. A remote- 
controlled or computer-controlled robot used in 
mining and construction work. Under the direc- 
tion of a human operator or a computer, it loads, 
hauls, and dumps materials (hence its name). It 
can use various navigation methods, including 
beacons, computer maps, position sensors, and 
vision systems. 

load impedance Symbol, Z,. The impedance pre- 
sented by a load connected to a generator or other 
source. 

loading 1. The matching of source impedance to 
load impedance, usually by means of the intro- 
duction of an inductance or capacitance into the 
load itself. 2. Any form of impedance matching. 
3. The addition of inductance and/or capacitance 
to an antenna system to alter the characteristics 
of the system—especially the resonant frequency. 
4. The modification of the acoustic impedance of 
a loudspeaker. 

loading coil An inductor inserted in a circuit to in- 
crease its total inductance or to provide some 
special effect, such as canceling capacitive reac- 
tance. See LOADED ANTENNA and PUPIN COIL. 

loading disk Also called capacitance hat. A metal 
disk mounted atop a vertical antenna to increase 
its effective length and thereby lower its resonant 
frequency. It also increases the bandwidth of the 
system. 
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loading factor The ratio of source impedance to 
load impedance before the introduction of loading 
circuits. 

loading inductance 1. The inductance present in 
a load. 2. An inductance used as a load. 

loading routine Also called loading program. A 
routine permanently in memory; it allows a pro- 
gram to be loaded into memory from an external 
storage medium. 

load life The longevity of a device in terms of the 
number of hours it can withstand its full power 
rating. 

load line In a group of voltage-current (EJ) curves, 
a line connecting points of equal resistance (E/)) 
that are equal to a particular value of load resis- 
tance (impedance). 

load power The power dissipated in a load. 

load regulation Automatic stabilization of load re- 
sistance (impedance) at a constant value. 

load resistance 1. The resistance present in a 
load. 2. A resistance used as load. 

load stabilizer A device for holding load current or 
load voltage to a constant value. 

loadstone Alternate spelling of LODESTONE. 

load termination The load connected to the out- 
put of a circuit or device as the terminal element 
in a circuit or system. 

load voltage The voltage developed across a load. 

load-voltage stabilization Automatic regulation of 
load voltage. 

load wattage See LOAD POWER. 

lobe In the directivity pattern of a transducer, a fig- 
ure, such as a circle or ellipse enclosing an area 
of intensified response. Applicable especially to 
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lobing 1. In a transmitting or receiving antenna, 
the effect of ground reflection, resulting in phase 
reinforcement (lobes) at some elevation angles 
and phase opposition (nulls) at other angles. 
2. The pattern of secondary maxima in the 
radiation response of a directional antenna. 

local action Electrolysis between separate areas of 
a single electrode immersed in an electrolyte. The 
action is caused by impurities at different spots 
in the electrode metal, causing one spot to act as 
an anode and the other as a cathode, thereby cre- 
ating a small battery cell. 

local alarm In security applications, a visible 
and/or audible alarm that can be seen and/or 
heard easily throughout the protected zone. 

local area network Abbreviation, LAN. A group of 
computers and/or terminals that are linked to- 
gether within a relatively small geographic area, 
such as a college campus. Interconnections are 
usually made via cable. There are several differ- 
ent configurations, called topologies. 

local battery In wire telephony, a battery installed 
on the subscriber’s premises. 

local broadcast station A standard broadcast sta- 
tion licensed in the local service. See LOCAL 
CHANNEL and LOCAL STATION. 

local channel A channel in the standard ampli- 
tude-modulation (AM) broadcast band, intended 
to serve only the area near the station. Transmit- 
ter power and operating time are restricted to 
prevent long-distance propagation. 

local control The control of a radio transmitter 
from the site (in contrast to remote control). 

local feature focus In robotic systems, the use of 
only a small portion of the available image data to 
perform a function. The robot computer recog- 
nizes and acts on the data it needs, disregarding 
the rest. 

local feedback Feedback within a circuit stage. 

localizer A radionavigation transmitter whose sig- 
nal guides aircraft to the centerline of a runway. 

local oscillator Abbreviation, LO. In a wireless 
transmitter, one of the oscillators that contributes 
to the signal that is ultimately modulated and 
transmitted. The LO output is mixed with the out- 
put of a variable-frequency oscillator (VFO). The 
LO frequency can be switchable at increments of 
several hundred kilohertz (500 kHz and 1000 kHz 
are typical), facilitating band changes when mixed 
with the VFO output. In some transmitters, the 
LO can operate at a single, fixed frequency if the 
VFO tunes over an exceptionally wide range. 

local program A program that originates at the 
same single broadcast station from which it is 
transmitted. 

local reception The reception of signals from local 
stations. Compare LONG-DISTANCE COMMUNI- 
CATIONS. 

local side The group of circuits and components 
associated with a communications terminal at a 
given location. 
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local station A station situated within the same 
general area as the receiver, as opposed to a dis- 
tant station. 

local system library A computer program library 
containing standard software associated with a 
specific system. 

local transmission The sending of signals to re- 
ceivers in the same general locality as the trans- 
mitter, as opposed to long-distance transmission. 

local trunk In a telephone system, the intercon- 
necting line between local and long-distance 
lines. 

location In digital computer operation, a memory 
position (often a register) specified by an address 
and usually described in terms of the basic stor- 
age unit a particular system uses (e.g., a charac- 
ter is a location in a character-oriented machine). 

location counter A register in the control section 
of a computer containing the address of the in- 
struction being executed. 

locked groove A continuous blank groove around 
the inside of a phonograph record. When the disc 
is done playing, this groove keeps the stylus from 
running into the label or sliding across the disc. 

locked oscillator 1. A fixed-frequency oscillator, 
such as a crystal-controlled oscillator. 2. See 
BRADLEY DETECTOR. 

lock-in A state of synchronism, as when a self- 
excited oscillator is synchronized (locked-in) with 
a standard-frequency generator. 

lock-in amplifier A detector that makes use of a 
balanced amplifier. The output is the difference 
between the collector or drain currents of the two 
devices. 

locking circuit See HOLDING CIRCUIT. 

locking relay See LATCHING RELAY. 

lock-in relay See LATCHING RELAY. 

lock-out 1. To prevent a hardware unit or routine 
from being activated (e.g., when there would be a 
conflict between operations using the same areas 
of memory). 2. A safeguard against an attempt to 
refer to a routine in use. 

lock-up relay An electromagnetic relay that can be 
locked in the actuated state nonmechanically 
(i.e., by means of an electromagnet or permanent 
magnet). 

locus The set of all points located by stated condi- 
tions (e.g., the locus of secondary points that are 
all equidistant from a primary point is a sphere). 

lodestone A natural magnet; a form of the mineral 
magnetite. Also spelled loadstone. 

log 1. Abbreviation of LOGARITHM. 2. A continu- 
ous record of communications kept by a station, 
or a record of the operation of an equipment. 

logio Abbreviation of common logarithm (base-10 
logarithm). Also called Briggsian logarithm. 

logarithm Abbreviation, log. The power y to which 
a fixed number a, called the base, must be raised 
to equal a given number x. Suppose x = a’, where 
a, x, and y are real numbers. Then, log,x = y. The 
most common logarithmic bases are 10 and the 
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transcendental number e, approximately equal 
to 2.71828. See COMMON LOGARITHM and 
NAPIERIAN LOGARITHM. 

logarithmic amplifier An amplifier whose output- 
signal amplitude is proportional to the logarithm 
of the input-signal amplitude. 

logarithmic curve A graphical representation of a 
logarithmic function, having the form y = k log,x, 
where k is a nonzero real-number constant, and 
ais a positive real number (the logarithmic base). 

logarithmic decrement See DECREMENT. 

logarithmic graph Also called log-log graph. A 
graph in which the x and y axes are both in- 
cremented logarithmically. Compare SEMILOG- 
ARITHMIC GRAPH. 

logarithmic horn A horn whose diameter varies 
directly, according to the logarithm of the dis- 
placement along the axis. See HORN. 

logarithmic mean See GEOMETRIC MEAN. 

logarithmic meter A current meter or voltmeter 
whose deflection is proportional to the logarithm 
of the quantity under measurement. The incre- 
ments on the scale of such an instrument are 
closer together in the upper portion. 

logarithmic rate of decay See EXPONENTIAL DE- 
CREASE. 

logarithmic rate of growth See EXPONENTIAL 
INCREASE. 

logarithmic response 1. Response in which the 
value of a dependent variable is at every point 
proportional to the logarithm of the independent 
variable. 2. A type of response in which a quan- 
tity (such as current) varies directly with the log- 
arithm of another quantity (such as voltage). 

logarithmic scale A graduated scale in which the 
coordinates are positioned, according to the loga- 
rithm of the actual distance from the origin. 


logarithmic voltmeter See LOGARITHMIC 
METER. 
Linear Logarithmic 
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log. Abbreviation of logarithm to the base e (the 
NAPIERIAN LOGARITHM). Also written In. 

logic 1. In digital circuits, the mathematics dealing 
with the truth or falsity of statements (repre- 
sented by variables) and their combinations. Also 
see SYMBOLIC LOGIC. Generally, “truth” is rep- 
resented by the binary digit 1, and “falsity” is rep- 
resented by the binary digit 0. 2. Collectively, the 
switching circuits and associated hardware for 
implementing digital functions (see 1), such as 
AND, NAND, NOR, OR, etc. 

logical decision During a computer program run, 
a choice between alternatives based on specified 
conditions. For example, one alternative path ina 
routine might be selected because an intermedi- 
ate result was negative. 

logical diagram A schematic diagram showing the 
interconnection between gates of a logic circuit. 

logical equivalence The condition in which two 
logical statements have identical truth value for 
all possible combinations of truth value of their 
constituents. 

logical file A data set composing one or several 
logical records. 

logical implication For logical statements x and y, 
the condition that y is true whenever x is true: If 
x, then y. 

logical operation 1. An operation using logical op- 
erators: AND, NOR, OR, and NAND. 2. A process- 
ing operation in which arithmetic is not involved 
(e.g., a shift). 

logical operator A word or symbol representing a 
logic function operating on one or more operands. 
Examples: NOT, OR, AND, NOR, and NAND. 

logical shift A shift operation in which digits in a 
word are moved to the left or right in circular fash- 
ion; digits displaced at one end of the word are re- 
turned at the other. Also called CYCLIC SHIFT. 

logic array In logic circuits, a redundant arrange- 
ment of identical components in a single package. 

logic circuit In digital systems, a gating or switch- 
ing circuit that performs such logical operations 
as AND, NAND, NOR, OR, and XOR. It can use 
diodes, transistors, charge-coupled devices, tun- 
nel diodes, thyristors, ferroelectric elements, mag- 
netic-core elements, or a combination of these. It 
usually consists of diodes and transistors fabri- 
cated onto an integrated-circuit (IC) chip. 


AND NOT OR 
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logic comparison An operation in which two op- 
erands are compared for equal value. 

logic connectives Words connecting operands ina 
logic statement; the truth or falsity of the state- 
ments can be determined from their content and 
the connectives’ meanings. 

logic diagram 1. A graphic representation of a 
logic function (e.g., AND, NAND, NOR, OR, and 
XOR). 2. The design of a device or system repre- 
sented by graphic symbols for logic elements and 
their relationships. 


® Output 





A B C AB+C 
0 0 0 1 
0 0 1 0 
0 1 0 1 
0 1 1 0 
1 0 0 1 
1 0 1 0 
1 1 0 1 
1 1 1 1 


logic diagram and truth table 


logic diode See COMPUTER DIODE. 

logic flowchart The logical steps in a program or 
subroutine represented by a set of symbols. 

logic function An expression for an operation in- 
volving one or a combination of logic operators. 

logic gate See LOGIC CIRCUIT. 

logic input current In an integrated circuit, the 
input current to the logic gate at a certain voltage 
value. 

logic input levels The range of voltages over which 
the logic trip level occurs, from low to high or high 
to low. It is usually expressed in volts for the low 
state and the high state; for example, low is —1 to 
+2 volts, high is +4 to +6 volts. 

logic instruction A command to execute a logical 
function. 

logic level 1. One of the two logic states 0 or 1 (on 
or off, high or low). 2. Of the two logic states, that 
which represents the “true” condition. 3. The volt- 
age amplitude of digital signals in a logic system. 

logic probe A test probe with a built-in amplifier 
and (usually) indicating LEDs; its tip is touched 
to various test nodes in a digital logic circuit to 
trace logic levels and pulses. 
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logic relay See BISTABLE RELAY. 

logic swing In a logic circuit, the difference be- 
tween the voltage corresponding to the high state 
and the voltage corresponding to the low state. 

logic symbol 1. A symbol used to represent a logic 
element in a circuit diagram. 2. A symbol used to 
represent a logic connective. 

log-log graph See LOGARITHMIC GRAPH. 

LOGO A high-level computer programming lan- 
guage used for robot control and as an education 
aid. It is especially useful for teaching children 
how to operate computers and computerized 
robots. Statements are simple enough so that 
elementary-school children can learn to write 
short programs. 

log-periodic antenna Also called log-periodic dipole 
array (LPDA). A broad-spectrum, multiband direc- 
tional antenna in which the lengths and spacing of 
the radiator and elements increase logarithmically 
from one end of the antenna to the other. 

log polar navigation A computerized navigation 
system in which polar-coordinate data is con- 
verted into rectangular-coordinate data. In the 
transformation process, the logarithm of the ra- 
dius (range) is taken. This results in improved 
image resolution at close range, although it sacri- 
fices resolution at greater ranges. 

log taper Ina potentiometer or rheostat, resistance 
variations that correspond to the logarithm of 
shaft rotation, or vice versa. Compare LINEAR 
TAPER. Also see TAPER. 

long Abbreviation of LONGITUDE. 

long-distance communication 1. Radio commu- 
nication between stations separated by distances 
too great for ground-wave propagation to be effec- 
tive. 2. In telephone service, communications 
that require the dialing of an area code in addi- 
tion to the local exchange number. 

long-distance loop A direct telephone line con- 
necting a subscriber’s station to a long distance 
switchboard. 

long-distance reception Reception of radio sig- 
nals from stations beyond the range of ground- 
wave propagation. See also LONG-DISTANCE 
COMMUNICATION, 1. 

long-distance transmission Transmission of ra- 
dio signals to points beyond the range of ground- 
wave propagation. See also LONG-DISTANCE 
COMMUNICATION, 1. 

longitude Abbreviation, long. Angular displace- 
ment, measured in degrees around the earth’s 
circumference, to the east and west of the prime 
meridian that passes through Greenwich, En- 
gland. Compare LATITUDE. Also see MERIDIAN. 

longitude effect The variation (caused by the 
earth’s rotation and magnetic field) of the 
strength of cosmic rays arriving at different longi- 
tudes on the surface of the earth. 

longitudinal current Current flowing in the same 
direction in the parallel wires of a pair (the return 
circuit is via ground). 


longitudinal parity Parity associated with bits 
recorded on one track of a magnetic storage 
medium to indicate whether the number of bits is 
even or odd. 

longitudinal redundancy A computer condition, 
generally affecting magnetic tape records, in 
which the bits in each track of a record do not 
meet the required parity, as determined by a 
LONGITUDINAL REDUNDANCY CHECK. 

longitudinal redundancy check A parity check 
performed on a block of characters or bits (for ex- 
ample, on a track of a magnetic disk). A parity 
character is generated and transmitted as the 
last character of the block; thus, each longitudi- 
nal block has either even or odd parity. 

longitudinal wave A wave in which the movement 
of particles in a medium is parallel with the di- 
rection of propagation. 


Max Max Max Max 


longitudinal wave 


long line 1. A single-wire antenna whose length is 
greater than the length of the wave fed to it for 
propagation. Also see LONG-WIRE ANTENNA. 
2. In wire telegraphy, an electrical line that has 
great physical length. 3. In electronics theory, a 
transmission line of indeterminate length, but 
whose characteristics remain stable and pre- 
dictable to infinity. 

long-persistence screen A_ cathode-ray-tube 
screen on which the image remains for a time af- 
ter the electron beam has passed. 

long-play Abbreviation, LP. Descriptive of phono- 
graph discs designed to play at 33.3 revolutions 
per minute (rpm). Also see MICROGROOVE 
RECORD. 

long-play record See MICROGROOVE RECORD. 

long-range navigation See LORAN. 

long-range radar Radar that can detect targets at 
distances of 200 miles or more. 

long skip lonospheric radio-wave propagation, 
usually via the F layer, between or among sta- 
tions separated by large geographic distances. 
The wave angles of departure (from transmitting 
stations) and arrival (at receiving stations) are 
very small relative to the horizon. Compare 
SHORT SKIP. 

long-term drift Gradual change in the value of a 
quantity, such as voltage or frequency, observed 
over a long period, in contrast to that noted for a 
brief interval. Compare SHORT-TERM DRIFT. 

long-term input offset voltage stability Ex- 
pressed in microvolts per month. The extent to 
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which the input offset voltage in an integrated cir- 
cuit stays stable over long periods of time. 

long-term stability Stability reckoned over a pe- 
riod of weeks, months or years, as contrasted to 
that noted for brief intervals of time (minutes or 
hours). 

long throw A speaker design term that describes a 
woofer moving through long excursions; the ob- 
jective is to provide good low-frequency response 
with low distortion. 

long waves Low-frequency radio waves, particu- 
larly those in the frequency range of 30 kHz to 
300 kHz (10 km to 1 km). 

long-wire antenna A horizontal or sloping wire an- 
tenna measuring a full wavelength or more and 
fed at a high-current point or at one end. As the 
wire is made longer, the main radiation/response 
lobes get more nearly in line with the antenna, 
and their amplitudes increase. As the wire is 
made shorter, the main lobes get farther from the 
axis of the antenna, and their amplitudes de- 
crease. This antenna can produce high gain and 
excellent low-angle radiation, provided it is 
straight, is at least several wavelengths long, and 
is clear of obstructions. However, it cannot be ro- 
tated conveniently to change the direction in 
which maximum gain occurs. Also, a great deal of 
real estate is needed at medium and high fre- 
quencies. 

lookup A computer programming technique in 
which a data item identified by a key is selected 
from an array. 

loop 1. An electrical circuit consisting of elements 
connected in series. 2. In a standing-wave sys- 
tem, a maximum-response point (e.g., current 
loop and voltage loop). Compare NODE, 2. 3. See 
LOOP ANTENNA. 4. A signal path (e.g., feed- 
back loop). 5. A one- or two-turn coil for low- 
impedance coupling. Also see LINK, 1. 6. Ina 
computer program run, the repetitious execution 
of a series of instructions that terminates when 
some specified condition is satisfied by a rela- 
tional test, at which point the next instruction in 
the main program is obeyed. 

loop antenna 1. A small portable receiving an- 
tenna in the form of a wire coil. 2. A half-wave 
conductor bent into a circle or square. The con- 
ductor is broken at the point opposite the feed 
point. It can be used for transmitting and receiv- 
ing. 3. A full-wavelength, continuous conductor 
bent into a circle or square. It can be used for 
transmitting and receiving. 

loop checking A method of checking the accuracy 
of data transmitted over a data link by returning 
signals received at one terminal to the transmit- 
ting terminal for comparison with the original 
data. 

looped amplification See FEEDBACK FACTOR. 

looping plug A double phone-plug unit for simul- 
taneously plugging into two phone jacks. Com- 
pletes (loops) the circuit between the two jacks. 





looping plug 


loop-input signal A signal introduced into a feed- 
back control loop. 

loop pulsing The regular, intermittent breaking of 
the direct-current path at the transmitting end of 
a transmission line; also called DIAL PULSING. 

loop resistance The resistance of the electrical 
path around a complete loop (see LOOP, 1). 

loop response time In a security system, the 
length of time between the first sensing of an ab- 
normal condition (e.g., an intrusion) and the 
recognition of that condition by the controller. 

loopstick antenna See FERRITE-ROD ANTENNA. 

loop test A means of locating a discontinuity in a 
circuit by creating a closed loop, including the 
suspected fault point. 

loose coupling Coupling that transfers only small 
amounts of energy, as when a primary and sec- 
ondary coil are spaced so far apart that the coef- 
ficient of coupling is small. Compare CLOSE 
COUPLING. 

loosely coupled twin In computer operations, a 
system in which two processors, each having its 
own operating system, are used with switches so 
that they can use common peripherals. Also see 
SWITCH. 

lopplar Acronym for laser Doppler radar. Also ab- 
breviated as ladar. 

lorac A radio-navigation system that operates by 
means of phase comparison. Similar to LORAN. 
Trade name of Seismograph Service Corporation. 

loran A long-range radionavigation system in 
which two pairs of ground stations transmit 
pulsed signals that are used by aircraft and ships 
to determine their positions. The name is an 
acronym for long-range navigation. 

loran C A radionavigation system that operates at 
a frequency of 100 kHz. It operates on the hyper- 
bolic principle. 

loran D A radionavigation system similar to loran 
C. It is used by aircraft, operates independent of 
ground stations, and prevents unwanted enemy 
detection of aircraft position. 

Lorentz force For a charge Q moving with velocity 
v in a magnetic field B and an electric field E, the 
force F = Q(E + (v x B)). 
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loss Energy that is dissipated without doing useful 
work in a circuit or system. See POWER LOSS. 

loss angle For an insulating material, 90 degrees 
minus the PHASE ANGLE. 

loss index For an insulating material, the product 
of the POWER FACTOR and the DIELECTRIC 
CONSTANT. 

lossless data compression A process in which 
the number of bits in a data file is reduced by 
eliminating redundancies, without sacrificing 
any of the precision or detail in the file. Com- 
pression of text and programs must usually be 
lossless. Image compression need not generally 
be lossless. Compare LOSSY DATA COMPRES- 
SION. 

lossless line A perfect transmission line (i.e., one 
having no resistance loss, no dielectric loss, and 
no radiation loss). It is not realizable in practice, 
but useful in some theoretical calculations. 

loss tangent See DISSIPATION FACTOR, 1. 

lossy data compression A process in which the 
number of bits in a data file (especially a digital 
image) is reduced by eliminating redundancies, 
with some sacrifice of precision or detail. In image 
compression, some loss can usually be tolerated, 
allowing larger compression ratios than would be 
possible if zero loss were mandatory. Lossy com- 
pression is not generally acceptable for text files 
and programs. Compare LOSSLESS DATA COM- 
PRESSION. 

lossy line A line or cable having comparatively 
high or excessive attenuation per unit length. 

loudness The amplitude of sound, especially in au- 
dio reproduction equipment, such as a high- 
fidelity stereo amplifier. Also called VOLUME. 

loudness control See COMPENSATED VOLUME 
CONTROL. 

loudness curves See AUDIBILITY CURVES. 

loudness switch/button In a high-fidelity audio 
amplifier, a switch or button that can be actuated 
when music is played at low loudness. Increases 
the volume of the bass relative to the midrange 
and treble. 

loudspeaker A transducer that converts electrical 
impulses into sound waves of sufficient volume to 
be heard easily by a number of listeners situated 
at some distance from the device. Also called 
speaker. 

loudspeaker 
SPEAKER. 

loudspeaker dividing network See CROSSOVER 
NETWORK. 

low 1. The logical digit 0. 2. Of relatively small 
magnitude (e.g., LOW VOLTAGE and LOW- 
FREQUENCY). 3. In a rechargeable cell or battery, 
the condition of being near the end of the dis- 
charge cycle. 

low band 1. The low or lowest frequency band 
used in communications, testing, or processing 
in a given situation. 2. Television channels 2 to 
6 (54 to 88 MHz). 3. In two-way radio opera- 


damping See DAMPED LOUD- 
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tions, those radio channels between 30 MHz 
and about 70 MHz. 

low battery 1. The condition of a battery needing 
replacement or recharging. 2. An indicating de- 
vice that shows when a battery needs to be re- 
placed or recharged. 

low-battery bias current The current into a desig- 
nated pin of an integrated circuit required for 
proper operation of the LOW-BATTERY INDICA- 
TOR. 

low-battery indicator A device, such as a light- 
emitting diode (LED) and associated circuitry, 
that gives a visible indication of the condition of 
LOW BATTERY. 

low-capacitance probe A test probe in which ca- 
pacitance has been minimized to reduce loading 
and detuning of the circuit under test. 

low earth orbit Acronym, LEO. An artificial satellite 
orbit that is comparatively low in altitude, resulting 
in a short orbital period (in some cases less than 2 
hours). See also LEO SATELLITE SYSTEM. 

low-energy criterion See VON HIPPEL BREAK- 
DOWN THEORY. 

lower sideband Abbreviation, LSB. In an ampli- 
tude-modulated wave, the lower band of frequen- 
cies equal to the difference between the carrier 
frequency and the modulating frequency. Com- 
pare UPPER SIDEBAND. 

lower sideband suppressed carrier Abbreviation, 
LSSC. A single-sideband transmission technique 
in which the lower sideband is transmitted, 
but the upper sideband and carrier are sup- 
pressed. Compare DOUBLE SIDEBAND SUP- 
PRESSED CARRIER and UPPER SIDEBAND 
SUPPRESSED CARRIER. 
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lowest usable frequency Abbreviation, LUF. The 
lowest frequency that can be used successfully at 
a given time for communication via the iono- 
sphere. Compare MAXIMUM USABLE FRE- 
QUENCY. 

low filter A highpass filter that removes low- 
frequency audio noise from the modulating wave- 
form of a broadcast station. The result is a lower 
level of transmitted hum and rumble. 

low-frequency Abbreviation, LF. 1. Pertaining to 
radio frequencies in the band from 30 kHz to 300 
kHz (wavelengths from 10 kilometers to 1 kilome- 
ter). Also see RADIO SPECTRUM. 2. Pertaining to 
audio frequencies below 500 Hz. 

low-frequency compensation 1. In _ video- 
amplifier design, special measures, such as use 
of high coupling and bypass capacitances, to 
boost low-frequency gain. 2. Use of special circuits 
to increase the low-frequency response of an audio 
amplifier. Also see BASS BOOST, 1, 2. 

low-frequency direction finder Abbreviation, 
LDF. A direction finder operated in or below the 
standard amplitude-modulation (AM) broadcast 
band, that is, below 1.605 MHz. 

low-frequency padder See OSCILLATOR PAD- 
DER. 

low-frequency parasitics Parasitic oscillations of 
a frequency lower than that being processed by 
the amplifier or generated by the oscillator in 
which they occur. 

low-level 1. A logic term for the more negative of 
the two (binary) logic levels. 2. Having an ampli- 
tude that is below that normally available in com- 
parable circuits or systems. 3. In computer 
operations, pertaining to programming languages 
(such as assembly language or machine lan- 
guage) that control the machine, but do not di- 
rectly interface with the operator. 

low-level audio signal In audio operations, a sig- 
nal that has not been amplified by any means 
(e.g., the output of a dynamic microphone). Com- 
pare HIGH-LEVEL AUDIO SIGNAL. 

low-level contact A switch or relay contact intended 
for use with low values of current and voltage. 

low-level input current 1. A test used to check an 
input pull-up resistor in an integrated circuit to 
ensure that the fan-in is as specified. 2. The cur- 
rent flowing from an input when the highest low- 
level output voltage specified is applied to the 
input of the device. 

low-level language A computer programming lan- 
guage in which each instruction has only one 
equivalent machine code. Examples are machine 


language and assembly language. Compare 
HIGH-LEVEL LANGUAGE. 
low-level logic Abbreviation, LLL. In digital- 


computer operations, any logic system that 
operates at low voltage or current levels. 

low-level modulation Modulation of a radio or 
television transmitter at a stage preceding the fi- 
nal radio-frequency (RF) power amplifier. 
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low-level output current 1. A test to ascertain 
that the fan-out and current-sinking capability of 
an integrated circuit are as specified. 2. The cur- 
rent flowing into an output with input conditions 
that cause the output to be at logic low. 

low-level signal 1. A signal with small amplitude. 
2. A signal with peak-to-peak voltage so low that 
it does not drive an amplifier circuit out of the lin- 
ear range of operation. 

low-loss material A material, particularly a dielec- 
tric, having low electrical loss at a given fre- 
quency. Also see LOSS. 

low-noise Pertaining to circuits, especially weak- 
signal communications receiving amplifiers and 
converters, designed to generate the smallest 
possible amount of internal noise. 

low-noise down converter In a satellite television 
receiving system, a circuit that converts the sig- 
nals from the dish antenna to frequencies that 
correspond to the channels on a conventional 
television set. 

low order The lesser-value place(s) of characters or 
digits in the hierarchy of a group (number or 
word). For example, 5 and 6 are low-order digits 
in the number 123,456. 

low-order position The extreme right-hand (least 
significant) position in a number or word. 

low-pass filter A combination of capacitance, in- 
ductance, and/or resistance, intended to produce 
large amounts of attenuation above a certain fre- 
quency and little or no attenuation below that fre- 
quency. The frequency at which the transition 
occurs is called cutoff. At cutoff, the power atten- 
uation is 3 dB with respect to the minimum at- 
tenuation. At frequencies below cutoff, the power 
attenuation is less than 3 dB. At frequencies 
above cutoff, the power attenuation is more than 
3 dB. The simplest circuit consists of a series in- 
ductor or a parallel capacitor. The inductance- 
capacitance (LC) circuit has a combination of 
series inductors and parallel capacitors. In the 
resistance-capacitance (RC) circuit, resistors are 
substituted for the inductors. Compare BAND- 
PASS FILTER, BAND-REJECTION FILTER, 
HIGH-PASS FILTER. 

low power Abbreviation, LP. Power considerably 
lower than that ordinarily encountered in a 
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particular application. The term is arbitrary; sev- 
eral hundred watts might be regarded as low 
power in one situation, whereas a fraction of a 
watt would be implied in another. 

low-print recording tape Magnetic tape that is 
less susceptible to print-through than conven- 
tional tape. 

low @ For acomponent or circuit, a low quotient for 
the ratio of reactance to resistance (X/R). This is a 
relative term because a particular Q value consid- 
ered low in one situation might be high in other 
circumstances. Also see FIGURE OF MERIT, 1. 

low tension See LOW VOLTAGE. 

low voltage 1. A voltage considerably lower than 
that ordinarily encountered in a particular appli- 
cation. The term is arbitrary; several hundred 
volts might be regarded as low in one situation, 
and a fraction of a volt would be implied in an- 
other. 2. In a television receiver, the supply volt- 
age applied to all points other than the 
high-voltage circuit or the picture tube. 

low-voltage rectifier In a television receiver, the 
rectifier that supplies power for the low-voltage 
stages. See LOW VOLTAGE, 2. 

LP 1. Abbreviation of LOW POWER. 2. Abbreviation 
of LONG PLAY. 3. Abbreviation of low pressure. 

L pad An attenuator consisting of one series arm 
and one shunt arm, arranged in such a way that 
the schematic representation of the circuit re- 
sembles an inverted capital letter L. It is noted for 
its constant input resistance or impedance as the 
amount of attenuation is varied. 

LPB Abbreviation of LIGHTED PUSHBUTTON. 

Lp band A section of the L BAND extending from 
390 to 465 MHz. 

Ipm Abbreviation of lines per minute: the output 
speed of a line printer. 

IpW Abbreviation of lumens per watt; lm/W is pre- 
ferred. 

Lr Symbol for LAWRENCIUM. 

L+R,L-R The sum and difference of the left (L) 
and right (R) channel signals in a stereo high- 
fidelity sound system. The L + R signal is the in- 
phase combination of the two channels; the L-R 
signal is the out-of-phase combination. 

Lregulator See L-TYPE VOLTAGE REGULATOR. 

LRR Abbreviation of LONG-RANGE RADAR. 

LR time constant See INDUCTANCE-RESIS- 
TANCE TIME CONSTANT. 

LSA diode Abbreviation for limited-space-charge- 
accumulation diode. A solid-state diode that acts 
as a microwave oscillator. 

LSB 1. Abbreviation of LOWER SIDEBAND. 2. Ab- 
breviation of LEAST-SIGNIFICANT BIT. 

Ls band A section of the L band that extends from 
900 to 950 MHz. 

LSC Abbreviation of LEAST-SIGNIFICANT CHAR- 
ACTER. 

LSD Abbreviation of LEAST-SIGNIFICANT DIGIT. 

L section 1. A filter section whose schematic rep- 
resentation has the general shape of an inverted 
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capital letter L. 2. An attenuator circuit whose 
schematic representation has the general shape 
of an inverted capital letter L. 3. A network sec- 
tion consisting of a series (input) impedance arm 
and a shunt (output) impedance arm. See L PAD. 
4. A right-angle bend in coaxial cable (see ELL). 

LSI See LARGE-SCALE INTEGRATION. 

LSSC Abbreviation of LOWER SIDEBAND SUP- 
PRESSED CARRIER. 

Ly band A section of the L BAND extending from 
780 to 900 MHz. 

LTROM Abbreviation of LINEAR-TRANSFORMER 
READ-ONLY MEMORY. 

L-type antenna See INVERTED-L ANTENNA. 

L-type voltage regulator A simple voltage regula- 
tor containing a series current-limiting resistor 
and shunt regulator (zener diode, VR tube, volt- 
age-dependent resistor, etc.). The schematic 
representation resembles an inverted capital 
letter L. 


Unreg 





L-type voltage regulator 


It-yr Abbreviation of LIGHT-YEAR. 

Lu Symbol for LUTETIUM. 

Lucalox General Electric’s translucent ceramic; its 
chief constituent is polycrystalline alumina. The 
material has many applications in electro-optics. 

Lucite Trade name for METHYL METHACRYLATE 
RESIN. 

Luddites During the Industrial Revolution, people 
who sabotaged automated factory equipment be- 
cause they believed the machines would put 
them out of work. The word comes from the name 
of Ned Ludd, their supposed leader. The term is 
sometimes applied nowadays to people who fear 
computers, robots, and other technological inno- 
vations because of real or imagined threats to 
personal job security. 

LUF Abbreviation of LOWEST USABLE  FRE- 
QUENCY. 

lug 1. A contact attached to the end of a wire lead 
to facilitate connection to a binding post. 2. A 


—P— 


contact attached to a terminal strip, to which 
wire leads are soldered. 

lum Abbreviation of LUMEN. The preferred (SI) 
form is lm. 

lumen Abbreviation, lm, and sometimes | or lum. 
The SI unit of luminous flux; it is equal to the 
light that is emitted in one steradian (the unit 
solid angle) by a uniform point source of one can- 
dela. Also see CANDLE POWER, ILLUMINANCE, 
LUMINOUS INTENSITY, SOLID ANGLE, and 
STERADIAN. 

lumen-hour Abbreviation, Im-hr. The amount of 
light that a source having a luminous flux of one 
LUMEN delivers in a time period of one hour. 

luminaire A complete and self-contained lighting 
system, for television-studio use or photographic 
use. The kit includes all of the needed parts and 
accessories. 

luminance The amount of light emitted or scat- 
tered by a surface. This property is expressed in 
candelas per square meter (cd/m7?). 

luminance channel In a color television circuit, 
the channel that processes the Y SIGNAL. 

luminance signal See Y SIGNAL. 

luminescence The production of visible light, but 
not heat, by a material stimulated by radiation or 
electron bombardment. See ELKECTROLUMINES- 
CENT CELL and LUMINESCENT SCREEN. 

luminescent cell See ELECTROLUMINESCENT 
CELL. 

luminescent screen A cathode-ray tube whose 
screen is coated with a material that glows under 
the influence of ionizing radiation, X rays, or elec- 
tron beams. 

luminiferous ether See ETHER, 1. 

luminosity The luminous efficiency of radiant en- 
ergy, as given by the ratio of luminous flux to ra- 
diant flux (lumens per watt) for a_ specific 
wavelength. 

luminosity factor Abbreviated K, and expressed in 
lumens per watt. The luminous intensity divided 
by the actual radiant intensity at a given wave- 
length of visible light. 

luminous energy The energy in visible electromag- 
netic radiation. 

luminous flux The rate of transfer or flow of lumi- 
nous energy. 

luminous intensity Luminous flux through a unit 
solid angle, expressed in candelas. Also see CAN- 
DELA. 

lumistor An amplifier or coupling device in which 
the input signal varies the brilliance of a lamp, 
electroluminescent cell, or light-emitting diode, 
and a photocell (or other light-sensitive device) 
picks up the fluctuating light and uses it to mod- 
ulate an output current. In a compact lumistor, 
the light-emitting and light-sensing components 
are separate layers in a wafer or block of material. 
Compare LIGHT AMPLIFIER. 

lumped Pertaining to a property that is concen- 
trated at or around a single point, rather than be- 


5059F-pL-396-423 4/10/01 9:15 AM Page 423 cp 


lug © LZT 423 









Photoconductive 
cell 


Signal 
output 


Load 
resistor 


Electroluminescent 
cell 


lumistor 


ing distributed through a circuit (e.g., lumped ca- 
pacitance and lumped inductance). 

lumped capacitor See DISCRETE CAPACITOR. 

lumped component A discrete component (i.e., 
one that is self-contained). Compare DISTRI- 
BUTED COMPONENT. 

lumped constant The total value of any single 
electrical property in an electrical or electronic 
component. 

lumped-constant delay line A delay line having dis- 
crete capacitance and inductance components. 
Compare DISTRIBUTED-CONSTANT DELAY LINE. 

lumped impedance A reactance and/or resistance 
manifested in a definite location. Examples are 
ordinary components, such as capacitors, induc- 
tors, and resistors. 

lumped inductor See DISCRETE INDUCTOR. 

lumped parameter Any circuit parameter that can 
be considered as a discrete parameter—even if it 
is not made up of a single component. 

lumped resistor See DISCRETE RESISTOR. 

lutetium Symbol, Lu. A metallic element of the 
rare-earth group. Atomic number, 71. Atomic 
weight, 174.967. 

lux The unit of illuminance, equivalent to one LU- 
MEN per square meter. 

Luxemberg effect The generation of interference 
by cross-modulation of two or more signals 
whose paths intersect in the same region of the 
ionosphere. 

luxmeter A device for measuring visible illumi- 
nance. 

LV Abbreviation of LOW VOLTAGE. 

LVDT Abbreviation of LINEAR VARIABLE DIFFER- 
ENTIAL TRANSFORMER. 

Lw Symbol for LAWRENCIUM; more commonly Lr. 

Ix Abbreviation of LUX. 

Lx band A section of the L BAND that extends from 
950 MHz to 1.15 GHz. 

Ly band A section of the L BAND that extends from 
725 to 780 MHz. 

L, band A section of the L BAND that extends from 
1.450 to 1.550 GHz. 

LZT Abbreviation of LEAD ZIRCONATE-TITANATE, 
a ceramic used in electronics. 
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M 1. Abbreviation of prefix MEGA-. 2. Symbol for 
MUTUAL INDUCTANCE. 3. Symbol for MODI- 
FIED INDEX OF REFRACTION. 

m_ 1. Abbreviation of prefix MILLI-. 2. Symbol for 
MASS. 3. Abbreviation of METER. 4. Abbrevia- 
tion of MILE. (Also, mi.) 5. Symbol for MODULA- 
TION COEFFICIENT. 

m? Abbreviation of square meter, the SI unit of 
area. 

m*® Abbreviation of cubic meter, the SI unit of vol- 
ume. 

MA 1. Abbreviation of MAGNETIC AMPLIFIER. 
(Also, magamp.) 2. Abbreviation of MEGAMPERE. 

mA Abbreviation of MILLIAMPERE. 

Mache unit A unit of radioactivity equivalent to 
13.47 disintegrations per second (3.64 x 10710 
curie) per liter. It represents the concentration of 
radon gas per liter (when all radiation is ab- 
sorbed) that will result in a saturation current of 
10° esu (not to be confused with MACH NUM- 
BER). 

machine address See ABSOLUTE ADDRESS. 

machine code See MACHINE LANGUAGE. 

machine cycle In a machine whose operation is 
periodic, a complete sequence constituting a pe- 
riod of operation. 

machine error In a computer or data-processing 
system, an error attributable to a hardware fail- 
ure, rather than to a software fault. 

machine instruction A computer program in- 
struction written in MACHINE LANGUAGE. 

machine knowledge General term for data stored 
in an artificially intelligent computer system, and 
the ability of the computer to use that data in 
meaningful ways. 


machine language Computer program instruc- 
tions and data represented in binary form. In the 
hierarchy of programming languages, it is the 
lowest; the computer works directly with it. All 
high-level languages are translated to machine 
language by an assembler, compiler, interpreter, 
or monitor system. 

machine learning In artificial intelligence, a com- 
puter’s ability to learn through repeated calcula- 
tions for particular problems. 

machine logic 1. The way that a computer’s func- 
tional parts are interrelated. 2. The facility 
whereby a computer solves problems. 

machine operation The performance by a com- 
puter of a built-in function (e.g., subtraction). 

machine operator A person participating in imple- 
menting and overseeing the processing of com- 
puter programs. 

machine word In computer operations, the ad- 
dress of a memory location composed of the full 
number of bits normally handled by each register 
of the machine. 

machining In industrial robotics, the mechanical 
modification of parts during assembly. Examples: 
drilling, welding, sanding, polishing, and paint- 
ing. 

Mach number For a medium such as air, the ratio 
of the speed of a body in motion to the speed of 
sound in the medium. (Not to be confused with 
MACHE UNIT.) 

macro 1. A control shortcut, in which a function 
requiring the actuation of several switches is ab- 
breviated, via a microcomputer, so that it can be 
executed by actuating only one or two switches. 
2. Abbreviation of MACROINSTRUCTION. 
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macro- Prefix denoting extremely large. Compare 
MICRO-. 

macro assembly program An assembly program 
whose source statements are translated to sev- 
eral machine-language instructions. 

macroinstruction A source program instruction 
that becomes several machine-language instruc- 
tions when operated on by a compiler. 

macroknowledge In artificial intelligence, knowl- 
edge in the large sense (i.e., knowledge about in- 
formation). Example: a set of definitions in an 
expert system. Compare MICROKNOWLEDGE. 

macroprogram A computer program consisting of 
macroinstructions. 

macrosonics The theory and applications of high- 
amplitude sound waves. 

madistor A component that produces changes in 
current by means of magnetic-field effects. It is 
used as an oscillator or amplifier. 

MADT Abbreviation of MICROALLOY DIFFUSED 
TRANSISTOR. 

MAG Abbreviation of MAXIMUM AVAILABLE GAIN. 

magamp Acronym for MAGNETIC AMPLIFIER. 

magazine A tape or film cartridge. 

magenta One of the primary pigments used in 
color printers. It has a pinkish-red hue. 

magnal CRT base An 11-pin base typical of many 
cathode-ray tubes. 

magnesium Symbol, Mg. A metallic element. 
Atomic number, 12. Atomic weight, 24.305. 

magnesium fluoride phosphor A substance used 
as a phosphor coating on the screen of a very- 
long-persistence cathode-ray tube. The fluores- 
cence and phosphorescence are orange. 

magnesium silicate phosphor A substance used 
as a phosphor coating on the screen of a cathode- 
ray tube. The fluorescence is orange-red. 

magnesium tungstate phosphor A_ substance 
used as a phosphor coating on the screen of a 
cathode-ray tube. The fluorescence is very light 
blue. 

magnet A device or body of material that has the 
ability to attract to itself pieces of iron and other 
magnetic metals, and the ability to attract or re- 
pel other magnets. Also see ELECTROMAGNET, 
PERMANENT MAGNET, and TEMPORARY MAG- 
NET. 

magnet armature See KEEPER. 

magnet battery A group of several magnets placed 
together in parallel (i.e., with similar poles touch- 
ing or resting nearby) to act as a single magnet. 

magnet charger A device that produces an intense 
magnetic field for restoring weakened magnets or 
for making new magnets. 

magnetic 1. Pertaining to MAGNETISM. 2. Pos- 
sessing MAGNETISM. 3. Capable of being magne- 
tized. 2. See MAGNETIC MATERIAL. 

magnetic air-gap A space between two magnetic 
poles, either the same (in which case the force is 
repulsive) or opposite (in which case the force is 
attractive). 
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magnetic amplifier An iron-core device that uses 
the principle of the saturable reactor to obtain 
amplification. In its simplest form, it consists of 
input and output coils wound on a core of 
square-loop magnetic metal. The input coil con- 
sists of two identical windings connected in 
series-opposition so that currents in the output 
winding cannot induce voltage in the input wind- 
ing. The output coil is connected in series with a 
load and an alternating-current (ac) supply. A 
small ac signal applied to the input winding 
causes a large change in the impedance of the 
output winding and, therefore, a large change in 
the voltage across the load. 


Load 
ac 
power 
supply 
de 
control-signal 
input 


magnetic amplifier 


magnetic analysis See MASS SPECTROMETER. 

magnetic attraction 1. The force that causes a 
magnetic pole to draw to itself an opposite mag- 
netic pole. Thus, a north pole attracts a south 
pole, and a south pole attracts a north pole. Com- 
pare MAGNETIC REPULSION. 2. The force that 
causes a magnetic pole to draw to itself a piece of 
magnetic material, such as iron or steel. 

magnetic axis A straight line joining the poles ofa 
magnet. 

magnetic bearing The azimuth, or compass direc- 
tion, measured with respect to magnetic north 
(the direction of the north geomagnetic pole). It is 
usually expressed in degrees and can be read di- 
rectly from a compass. 

magnetic azimuth An azimuth bearing relative to 
magnetic north (the direction of the north geo- 
magnetic pole). 

magnetic balance An instrument for measuring 
the force, either attractive or repulsive, between 
two objects that are magnetized, or between a 
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magnet and a magnetic substance. The device 
can also be used for measuring the intensity of a 
magnetic field, either from a permanent magnet, 
an electromagnet, or from the earth. 

magnetic bias A steady magnetic force applied to 
another magnetic field to set the latter’s quies- 
cent point (e.g., sensitizing a relay by using a per- 
manent magnet to lower the relay draw-in point). 

magnetic blowout 1. The extinction of an electric 
arc by a strong magnetic field. 2. The apparatus 
for accomplishing the action described in 1. 

magnetic bottle A container envisioned for atomic 
fusion reactions, and that would consist of a 
magnetic field. Conventional containers cannot 
withstand the extremely high temperatures in- 
volved in atomic fusion. 

magnetic braking Sce 
BRAKING. 

magnetic bridge An instrument comparable to the 
WHEATSTONE BRIDGE, used to measure mag- 
netic permeability. 

magnetic bubble memory See BUBBLE MEM- 
ORY. 

magnetic capacity The maximum magnetization a 
given material can receive. 

magnetic card A computer storage medium in the 
form of a card that can be selectively magnetized 
or imprinted with magnetic ink to represent data. 

magnetic cartridge A variable-reluctance phono- 
graph pickup. As the stylus moves in the groove, 
the vibrations are translated into electric cur- 
rents by a magnet and coil. 

magnetic centering Centering the beam in a tele- 
vision picture tube by means of an electromag- 
netic focusing coil, a permanent magnet, or both. 

magnetic character A letter, numeral, or other 
symbol written or printed in (visible) magnetic ink 
for its automatic sensing or reading in computing 
and signaling operations. 

magnetic circuit The closed path determined by a 
line of magnetic flux or by a set of lines of flux. 

magnetic clutch A clutch in which the magnetism 
of one rotating member causes a second member 
to lock in and rotate. There need not be physical 
contact between the two. 

magnetic coil The winding in an electromagnet or 
similar device. 

magnetic compass A direction-indicating device 
using a horizontally suspended magnetic needle 
as the indicator. The needle tends to point in the 
direction of the north geomagnetic pole. Com- 
pare GYROCOMPASS. 

magnetic component See ELECTROMAGNETIC 
COMPONENT. 

magnetic conductivity See PERMEABILITY. 

magnetic constant The absolute permeability of 
free space. It is approximately 1.26 x 10° H/m. 

magnetic controller A controller that uses electro- 
magnets for some of its functions. 

magnetic core The iron core of an electromagnet, 
choke, transformer, relay, or similar device. 


ELECTROMAGNETIC 
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magnetic coupling See INDUCTIVE COUPLING. 

magnetic course In navigation, a course refer- 
enced to geomagnetic north, rather than geo- 
graphic north. 

magnetic crack detector 
NETIC CRACK DETECTOR. 

magnetic creeping A gradual increase in the mag- 
netization of a material under the influence of a 
steady magnetizing force. 

magnetic cycle 1. For a material in an alternating 
magnetic field, the change in magnetic flux as a 
function of time. 2. The change in the magnetic- 
field polarity of the earth. This polarity reverses 
every few thousand years. 

magnetic damping The production of a damping 
effect or drag in a machine or meter by means of 
magnetic action on a moving member, in accor- 
dance with LENZ’S LAW. 

magnetic declination See DECLINATION. 

magnetic deflection See ELECTROMAGNETIC 
DEFLECTION. 

magnetic density The concentration of magnetic 
flux in a region, expressed as the number of lines 
per unit area of cross section. 

magnetic dip At a particular location on the 
earth’s surface, the angle between the terrestrial 
magnetic field and a horizontal line. 

magnetic dipole 1. A molecule or particle with a 
north and south magnetic pole. 2. Any pair of ad- 
jacent north and south magnetic poles. 

magnetic direction finder Abbreviation, MDF. A 
type of compass operated by an electric signal de- 
livered by a gyrostabilized magnetic-compass 
movement. 

magnetic disk A rotating disk coated with a layer 
of magnetic material for the recording, storage 
and retrieval of information. They are available in 
various sizes, configurations, and storage capaci- 
ties. Commonly used with personal computers. 
Also see DISKETTE and HARD DISK. 

magnetic doublet See DOUBLET, 2. 

magnetic drive A device in which mechanical 
movement is conveyed from one moving part to 
another by means of a magnetic clutch. 

magnetic drum See DRUM. 

magnetic effect of electric current The presence 
of a magnetic field around a conductor carrying 
electric current. 

magnetic equator Also called geomagnetic equator. 
An imaginary circle around the earth, along which 
a magnetic needle shows no dip. It is near, but 
slightly displaced from, the geographic equator, 
and is midway between the geomagnetic poles. 

magnetic feedback Feedback by means of induc- 
tive coupling between the output and input cir- 
cuits of a system. It can be positive or negative. 

magnetic field The space around a magnetic pole 
or magnetized body in which magnetic energy 
acts. 

magnetic field intensity See MAGNETIC INTEN- 
SITY. 


See ELECTROMAG- 
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magnetic field strength See MAGNETIC INTEN- 
SITY. 

magnetic-field viewer A device for visually exam- 
ining a magnetic field. It consists of a clear plas- 
tic watchcase filled with iron-oxide particles in 
liquid suspension. When it is placed within a 
magnetic field, the particles align themselves in 
the direction of the magnetic lines of flux. 

magnetic-film memory A magnetic memory in 
which memory cells consist of a thin film (thick 
film in some instances) of a magnetic material de- 
posited on a substrate. Information is written into 
and read out of the cell through coils. Also called 
thin-film memory. 

magnetic flip-flop A bistable multivibrator using 
magnetic amplifiers or square-loop cores in place 
of transistors. 

magnetic flux The intensity of a magnetic field 
through a given area. The unit of magnetic flux is 
the weber, and the symbol is F. It can loosely be 
expressed as the number of lines passing through 
a region of a certain area or of a unit area, such 
as one square meter. See FLUX. 

magnetic flux density See FLUX DENSITY. 

magnetic flux linkage The passage of magnetic 
lines of flux through separate materials or cir- 
cuits, thereby coupling them magnetically. 

magnetic focusing See ELECTROMAGNETIC FO- 
CUSING. 

magnetic force The force exerted by a magnet ona 
body of magnetic material, or on another magnet, 
within its field. 

magnetic friction 1. See HYSTERESIS, 1. 2. The 
resistance experienced by a magnetic material 
moving in a magnetic field. 
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magnetic flux 


magnetic gap A space separating the materials in 
a magnetic circuit. This break is either an air 
space or one filled with a comparatively thin piece 
of nonmagnetic material (e.g., the gap in a choke- 
coil core). 

magnetic head See MAGNETIC PICKUP HEAD 
and MAGNETIC RECORDING HEAD. 

magnetic hysteresis See HYSTERESIS, 1. 

magnetic inclination See MAGNETIC DIP. 

magnetic induction 1. The magnetization of a 
magnetic material, such as iron or steel, when it 
is placed in a magnetic field. 2. The induction of 
an alternating voltage in a conductor by a nearby 
alternating magnetic field. Also see ELECTRO- 
MAGNETIC INDUCTION. 

magnetic ink Writing or printing ink that is a sus- 
pension of finely divided particles of magnetic 
material. Also see MAGNETIC CHARACTER. 

magnetic instability 1. The tendency of a mag- 
netic recording medium to deteriorate with time. 
2. Any fluctuation in the intensity of a magnetic 
field. 

magnetic intensity The free-space strength of a 
magnetic field at a particular point. Specifically, 
the force (in dynes) that the magnetic field would 
exert on a unit magnetic pole placed at that point. 

magnetic iron oxide See MAGNETITE. 

magnetic leakage The usually undesired exten- 
sion of magnetic flux beyond the confines of a 
magnetic body, such as the core of a choke. 

magnetic lens See ELECTROMAGNETIC LENS. 

magnetic line of flux See LINE OF FLUX, 2. 

magnetic load An electromagnetic device operat- 
ing on the output of an electrical source. Such de- 
vices include actuators, alarms, electromagnets, 
magnetic tapes and disks, relays, and loudspeak- 
ers. 

magnetic loudspeaker See MAGNETIC SPEAKER, 
1, 2. 

magnetic material 1. A material, such as mag- 
netite, that exhibits natural magnetism. 2. A ma- 
terial, such as iron or steel, that is capable of 
being magnetized. 

magnetic media Any medium that stores data as 
tiny magnetic fields; in particular, MAGNETIC 
DISK or MAGNETIC TAPE. 
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magnetic memory 1. See RETENTIVITY. 2. A dig- 
ital memory circuit using magnetic fields to store 
data bits. Example: BUBBLE MEMORY. 

magnetic meridian The circle of the celestial 
sphere that passes through the zenith and 
earth’s magnetic poles. 

magnetic mine A naval mine detonated by a mag- 
netic switch that is closed by the proximity of the 
steel hull of a ship. 

magnetic modulator A core-type device that is 
somewhat similar to a magnetic amplifier used 
for amplitude modulation. Modulating current 
passes through the control winding, and the car- 
rier current through the output winding. 

magnetic moment Unit, joule per tesla. For a 
magnet, the product of pole strength and the dis- 
tance between poles. 

magnetic needle The pivoted magnetic pointer in 
a magnetic compass. 

magnetic north See NORTH MAGNETIC POLE. 

magnetic oxide Iron oxide used as the sensitive 
coating of magnetic recording tape. 

magnetic pickup 1. A phonograph pickup of the 
variable-reluctance type (see VARIABLE-RELUC- 
TANCE PICKUP). 2. A magnetic transducer (such 
as a phono cartridge, tape recording head, or 
similar input element). 

magnetic-pickup head In a tape recorder, the 
transducer that receives up magnetic impulses 
from the passing tape and converts them into al- 
ternating currents. These currents are amplified 
to obtain the original sound. Compare MAG- 
NETIC RECORDING HEAD. 

magnetic-plate wire Wire in which a magnetic 
metal has been plated on top of a nonmagnetic 
metal. 

magnetic poles 1. The points in a MAGNET at 
which the magnetic lines of flux converge. 2. The 
points on the earth at which the geomagnetic 
lines of flux converge. See NORTH MAGNETIC 
POLE and SOUTH MAGNETIC POLE. 

magnetic pressure See MAGNETOMOTIVE 
FORCE. 

magnetic printing 1. Also called magnetic print- 
through. In a recording material, such as mag- 
netic tape, the transfer of information from one 
part of the material to another part (or from one 
medium to another) by the magnetic field of the 
recorded material. This phenomenon, which is 
also called PRINT-THROUGH, sometimes occurs 
in recording tape on a reel. 2. Conventional 
lithography, letterpress, or other reproduction 
process in which MAGNETIC INK is used. 

magnetic print-through See MAGNETIC PRINT- 
ING, 1. 

magnetic probe A loop or coil inserted in an elec- 
tromagnetic field to sample the magnetic compo- 
nent. See, for example, WAVEGUIDE PROBE. 
Compare ELECTRIC PROBE. 

magnetic recording 1. The recording of sounds or 
data by varying the magnetization of a medium, 
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such as a magnetic disk or tape. 2. A magnetic 
medium on which data has been recorded. 

magnetic recording head In a tape recorder, the 
transducer that receives current impulses 
(analogs of the original sound vibrations) from an 
amplifier and converts them into magnetic im- 
pulses that magnetize spaces on the passing 
tape. Compare MAGNETIC PICKUP HEAD. 

magnetic recording medium 1. A magnetic cylin- 
der, disk, drum, tape, or wire used in the record- 
ing of sound or data. 2. The sensitive material 
with which any of these is coated. 

magnetic relay A relay having a permanent mag- 
net in whose field a coil, bar, or reed moves to 
open or close a pair of contacts. 

magnetic remanence See RESIDUAL MAG- 
NETISM. 

magnetic repulsion The force that causes a mag- 
netic pole to push away a similar magnetic pole, 
although they are not in mutual contact. Thus, 
two north poles repel each other, and so do two 
south poles. Compare MAGNETIC ATTRACTION. 

magnetic-resonance accelerator See CYCLO- 
TRON. 

magnetics 1. Collectively, magnetic components 
and equipment. 2. Collectively, magnetic materi- 
als. 3. A branch of physics dealing with magnets 
and magnetism. 

magnetic saturation The condition in which a 
magnetic material passes all of the magnetic lines 
of flux that its permeability allows. Increasing the 
intensity of the magnetizing force will produce no 
increase in magnetization. 

magnetic scan See ELECTROMAGNETIC DE- 
FLECTION. 


magnetic screen See ELECTROMAGNETIC 
SHIELD. 
magnetic shield See ELECTROMAGNETIC 


SHIELD and MAGNETIC SHIELDING. 
magnetic shielding 1. Enclosing a magnetic field 
to confine its flux, thus preventing interaction 
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with outside bodies. 2. Devices (such as boxes, 
cans, or shells of iron, steel, or a magnetic alloy) 
used for the purpose described in 1. 

magnetic shift register A shift register using mag- 
netic flip-flops. 

magnetic shunt A device that allows the useful 
magnetic flux of an instrument’s magnet to be 
controlled. The device consists of a piece of mag- 
netic material near the magnet in an electrical 
measuring instrument. 

magnetic south See MAGNETIC SOUTH POLE. 

magnetic speaker 1. A loudspeaker that is essen- 
tially an enlarged earphone with a horn that con- 
veys and intensifies the sound from the vibrating 
diaphragm. 2. A loudspeaker in which the vibra- 
tion of a diaphragm or reed in the field of a per- 
manent magnet is conveyed by a pin to a paper or 
composition cone. Compare DYNAMIC SPEAKER. 

magnetic storage 1. A data bank or memory that 
stores information in the form of magnetic fields. 
2. The data on a magnetic tape or disk. 

magnetic storm A disturbance in the earth’s mag- 
netic field that typically follows a solar flare. Of- 
ten causes interference to radio communications 
at low, medium and high frequencies. 

magnetic strip A strip of powdered iron or ferrite 
on the back of an identification card, bank cash 
card, or credit card, that carries a code to identify 
the account number and verify that the secret en- 
try code (if any) is correct, or that the credit is 
good. 

magnetic susceptibility See SUSCEPTIBILITY. 

magnetic switch 1. In security systems, a switch 
kept open by the presence of a magnet attached 
to a door, window, or other movable object. When 
the object is moved, the magnet moves away from 
the switch, closing the switch and actuating an 
alarm. 2. A REED SWITCH operated by a mag- 
netic field. 

magnetic tape Plastic tape coated with a film of 
magnetic material; it can be magnetized along its 
length to record sounds, video signals, and com- 
puter information. 

magnetic-tape core A strip of magnetic metal 
wound spirally to create a toroid (donut) shape. 
Such construction is sometimes used in choke or 
transformer cores. Also see TOROID. 

magnetic tape deck See TAPE DECK. 

magnetic tape drive See TAPE TRANSPORT. 

magnetic tape head See MAGNETIC PICKUP 
HEAD and MAGNETIC RECORDING HEAD. 

magnetic tape library In a computer installation, 
the place where magnetic tape files are kept, or 
magnetic tape files and the records needed to uti- 
lize them. 

magnetic tape parity As a safeguard against los- 
ing information bits during the transfer of infor- 
mation between magnetic tape and a memory 
device, a technique in which an extra bit is gener- 
ated and added to characters under certain con- 
ditions, to make the output uniform temporarily. 
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Lack of uniformity in output then serves as an er- 
ror indicator. The original quantity is recovered 
by dropping the extra bit following a parity check. 

magnetic tape reader A tape deck for playing back 
data on magnetic tape. 

magnetic tape recorder A _recorder-reproducer 
using magnetic tape. 

magnetic test coil See SEARCH COIL. 

magnetic thick film A film of magnetic material at 
least 10°6 meter in thickness, deposited on a sub- 
strate. Compare MAGNETIC THIN FILM. 

magnetic thin film A film of magnetic material, 
less than 10° meter in thickness, deposited on a 
substrate. Compare MAGNETIC THICK FILM. 

magnetic transducer A transducer that uses a 
coil, magnet, or both, to convert displacement 
into variable magnetic fields or electric currents. 
Common varieties are the inductance type, trans- 
former type, and generator type. Compare 
CAPACITIVE TRANSDUCER, CRYSTAL 
TRANSDUCER, and INDUCTIVE TRANSDUCER. 

magnetic tuning In a microwave oscillator, a 
means of tuning in which a ferrite rod in the cav- 
ity resonator is made to have adjustable magneti- 
zation so that the resonant frequency of the 
cavity varies and the frequency of the oscillator is 
thus adjustable. It is also used at ultra-high fre- 
quencies (UHF) and occasionally at very-high fre- 
quencies (VHF). 

magnetic-vane meter See IRON-VANE METER. 

magnetic vector In an electromagnetic field, the 
vector representing the magnetic component. It is 
perpendicular to the electric vector. 

magnetic viscosity A property of certain materi- 
als, described in terms of the time required to 
magnetize a given substance to a specified level. 

magnetic whirl One of the circular magnetic lines 
of flux around a straight conductor that carries 


electric current. 
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magnetic wire The thin wire used in wire record- 
ing and playback. See WIRE RECORDER. 

magnetism The property of having or causing a 
magnetic field. It occurs when magnetic dipoles 
are aligned and when electric charge carriers are 
in motion. 

magnetite A natural magnetic oxide of iron. Also 
called LODESTONE. 

magnetization curve A curve depicting the mag- 
netization of a material versus the applied mag- 
netizing force. See, for example, HYSTERESIS 
CURVE. 

magnetizer A device for magnetizing magnetic ma- 
terials, as in the making of permanent magnets. 
Also see MAGNET CHARGER. Compare DEMAG- 
NETIZER. 

magnetizing current 1. A current that sets up a 
magnetic field of useful intensity. 2. The half- 
cycle of an alternating current or the polarity of a 
direct current flowing through a coil wound on a 
permanent magnet (as in a headphone, perma- 
nent-magnet loudspeaker, or polarized relay) that 
increases magnetic field strength. Compare DE- 
MAGNETIZING CURRENT. 3. The field current of 
a dynamo. 

magnetizing force 1. Magnetomotive force (in 
gilberts) divided by spatial distance (in meters). 2. 
The intensity of a magnetic field that causes a 
material to become magnetized. 

magnet keeper See KEEPER. 

magnet meter See MAGNET TESTER. 

magnet motor See PERMANENT-MAGNET MOTOR. 

magneto See PERMANENT-MAGNET GENERATOR. 

magnetocardiogram Abbreviation, MCG. A record, 
made by a MAGNETOCARDIOGRAPH, of the pul- 
sating magnetic field of the heart. It is used as a 
diagnostic aid. 

magnetocardiograph An instrument that pro- 
duces a record of the pulsating magnetic field 
generated around the torso by natural ion cur- 
rents in the heart. 

magnetoelectric generator See MAGNETOGEN- 
ERATOR. 

magnetofluid mechanics See MAGNETOHYDRO- 
DYNAMICS. 

magnetofluidynamics See MAGNETOHYDRODY- 
NAMICS. 

magnetogasdynamics See MAGNETOHYDRODY- 
NAMICS. 

magnetoionic duct A propagation path for radio 
waves between two points that have the same 
geomagnetic longitude on the surface of the 
earth. The radio waves tend to travel with the ge- 
omagnetic lines of flux at some frequencies under 
certain conditions. 

magnetoionics The study of the effects of the geo- 
magnetic field on the propagation of radio waves. 

magnetogenerator See PERMANENT-MAGNET 
GENERATOR. 

magnetograph An instrument for automatically 
recording a magnetic field. 
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magnetohydrodynamic generator A device using 
magnetohydrodynamic principles to generate 
electric power directly from gases. In the genera- 
tor, a hot gas is passed through an intense mag- 
netic field; a pair of collector plates picks up 
electrons from the ionized gas. 

magnetohydrodynamic gyroscope A _ gyroscope 
whose spin is obtained by a rotating magnetic 
field circulating a conducting fluid, such as mer- 
cury, around a closed loop. Also see MAGNETO- 
HYDRODYNAMICS. 

magnetohydrodynamic power generator See 
MAGNETOHYDRODYNAMIC GENERATOR. 

magnetohydrodynamics Abbreviation, MHD. The 
theory and application of phenomena produced 
by electrically conductive fluids and gases in elec- 
tric and magnetic fields. 

magnetometer An instrument for measuring the 
strength and direction of magnetic fields. 

magnetomotive force Abbreviation, mmf. Unit, 
ampere. The phenomenon that is sometimes de- 
scriptively called magnetic pressure. It is analo- 
gous to electromotive force (and to water 
pressure) and is the agent that produces a mag- 
netic field. 

magneton See BOHR MAGNETON. 

magneto-optical rotation The tendency of a mag- 
netic field to rotate the plane of polarization of 
light passing through a substance. Also see 
KERR MAGNETO-OPTICAL EFFECT. 

magneto-optical technology A computer data- 
storage technology that uses lasers to guide the 
read/write head in a magnetic disk drive. This 
greatly increases the amount of data that can be 
effectively stored on, and retrieved from, a mag- 
netic disk. 

magneto-optical valve See KERR MAGNETO- 
OPTICAL EFFECT. 

magnetopause The high-altitude limit of the MAG- 
NETOSPHERE. 

magnetoplasmadynamics See MAGNETOHYDRO- 
DYNAMICS. 

magnetoresistance The phenomenon whereby the 
resistance of a material, such as a semiconduc- 
tor, changes when it is exposed to a magnetic 
field. Also see MAGNETORESISTOR. 

magnetoresistor A material (such as bismuth 
wire, indium antimonide, or indium arsenide) 
whose resistance varies with the strength of a 
magnetic field in which it is placed. 

magnetosphere In the upper atmosphere, a region 
extending thousands of kilometers from the 
earth, in which charged particles are trapped by 
the earth’s magnetic field. 

magnetostatic field A stationary magnetic field, 
such as that produced by a permanent magnet. 

magnetostriction The expansion or contraction of 
a bar or rod of magnetic material (such as Invar, 
Monel metal, Nichrome, nickel, or Stoic metal) in 
proportion to the strength of an applied magnetic 
field. Magnetostrictive vibration in such a rod is 
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comparable to piezoelectric vibration in a quartz 
crystal. 

magnetostriction filter See ULTRASONIC FIL- 
TER, 1. 

magnetostriction oscillator An oscillator whose 
frequency is controlled by a magnetostrictive rod 
(see MAGNETOSTRICTION). The dimensions of 
the rod and the type of metal it contains deter- 
mine its vibration frequency and, accordingly, the 
operating frequency of the oscillator. 
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magnetostrictive delay line A delay line in which 
the signal is propagated through a magnetostric- 
tive rod. Also see MAGNETOSTRICTION. 

magnetostrictive microphone A microphone in 
which sound vibrations produce changes in a 
magnetostrictive element, which, in turn, are 
converted into output-voltage changes. Also see 
MAGNETOSTRICTION. 

magnetostrictive transducer A transducer in 
which some phenomenon, such as vibration or 
pressure, produces changes in a magnetostriction 
element, which in turn are converted into output- 
voltage changes. Also see MAGNETOSTRICTION. 

magnet protector See KEEPER. 

magnetrode The trademark of a radio-frequency 
device for externally producing hyperthermia (el- 
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evated temperature) inside the body, as in heat- 
ing a cancerous tumor for therapeutic purposes. 

magnetron A microwave vacuum tube consisting 
of a diode (with a cylindrical anode) through 
which the field of a powerful external permanent 
magnet passes. The magnetic field causes elec- 
trons leaving the cathode to travel in spiral paths 
between the electrodes. This action gives the tube 
a negative-resistance characteristic, resulting in 
oscillation when the tube is connected in an ap- 
propriate circuit. Some magnetrons have a built- 
in resonant cavity. 
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magnet steel A high-retentivity alloy of chrom- 
ium, cobalt, manganese, steel, and tungsten, 
used in the manufacture of permanent magnets. 

magnet tester An instrument used to measure the 
flux of a magnet. Also see FLUXMETER. 

magnet wire Insulated wire (usually solid copper) 
of 14 to 40 gauge, so called because of its original 
major use in winding the coils of electromagnets. 

magnitude 1. General expression for degree, size, 
or extent. 2. Signal strength (amplitude). 3. For a 
number or vector quantity, the absolute value or 
length. 4. A measure of the relative or absolute 
brightness of celestial objects. 

mAh Abbreviation of milliampere-hour. 

main British expression for the alternating-current 
(ac) utility power available in a house or building. 

main bang 1. In a radar display, the pip or pulse 
resulting from the actual transmitted signal. This 
pulse is blanked out. 2. In a spectrum analyzer, 
the pip corresponding to a frequency of zero, and 
caused by the local oscillator. 

mainframe 1. The chassis containing the central 
processor and arithmetic and logic circuits for a 
large computer. 2. The general term for a large, 
powerful computer. 

main lobe Also called major lobe. In a directional 
antenna system, the portion of the directivity pat- 
tern representing the greatest transmitted signal 
gain and/or the greatest received signal re- 
sponse. Also see MINOR LOBE, SIDE LOBE. 

main memory The principal (immediate process) 
memory unit in a digital computer or data- 
processing system. 
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main path In acomputer program, the sequence of 
instruction execution disregarding the execution 
of subroutines. 

main program The part of a computer program 
other than a subroutine. 

main routine See MAIN PROGRAM. 

mains 1. In a power-distribution center, the lines 
that supply the entire system. An example is the 
set of lines leading into a house. 2. The utility wires 
and associated outlets in a house or building. 

maintenance The process of keeping a system, cir- 
cuit, or component in operating condition, with 
minimal down time. 

maintenance routine A computer program used 
by computer service personnel for diagnosis dur- 
ing a regular service interval. 

major beats The principal beats produced in a 
beat-note system; they are usually the sum 
and/or difference of two fundamental frequen- 
cies. Compare MINOR BEATS. 

major face In a hexagonal quartz crystal, one of 
the three larger faces. Compare MINOR FACE. 

majority carrier The predominant charge carrier 
in processed semiconductor material. Electrons 
are the majority carriers in n-type material; holes 
are the majority carriers in p-type material. Com- 
pare MINORITY CARRIER. 

majority logic A logic gate in which the output is 
high whenever the majority of its inputs is high, 
regardless of which inputs are high. Thus, in a 
five-input gate of this type, the output is high 
when any three or more of the inputs are high. 

major lobe See MAIN LOBE. 

major loop The principal path for the circulation of 
information or control signals in an electronic 
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system (e.g., major feedback loop). Compare MI- 
NOR LOOP. 

make 1. The closing of a pair or set of contacts. 
2. To close a pair or set of contacts. 

make-before-break contacts A pair of contacts in 
which the movable arm closes with the next con- 
tact before breaking with the previous one. Com- 
pare BREAK-BEFORE-MAKE CONTACTS. 

make time The time required for a relay to latch 
completely, or for a switch (either mechanical or 
electronic) to close completely. Compare BREAK 
TIME. 

male plug A plug having one or more protruding 
contacts in the form of pins, blades, or prongs. 
Compare FEMALE PLUG and HERMAPHRO- 
DITIC PLUG. 


male plug 


Malter effect The tendency for a layer of semicon- 
ductor having a high secondary emission ratio to 
become positively charged when bombarded by 
electrons. This occurs when a thin insulator sep- 
arates the semiconductor from a metal plate. The 
insulator must be very thin (on the order of 10-7 
meters). This results in a potential difference of 
up to about 100 volts. 

manganese Symbol, Mn. A _ metallic element. 
Atomic number, 25. Atomic weight, 54.938. 

manganese-dioxide depolarizer In a dry cell, 
manganese dioxide mixed with powdered carbon, 
the mixture being a depolarizing agent. Also see 
DEPOLARIZER. 

manganin A_ low-temperature-coefficient alloy 
used in making wire for precision resistors. A typ- 
ical composition is: copper (84 percent), man- 
ganese (12 percent), and nickel (4 percent). 

manipulator A robot arm and end effector, as used 
in mechanical processes. 

man-made interference See HUMAN-MADE IN- 
TERFERENCE. 

man-made static See HUMAN-MADE INTERFER- 
ENCE. 

manometer An instrument for measuring gas or 
vapor pressure—especially at low levels. 

manpack A portable radio transceiver that can be 
used while walking. 

mantissa 1. The portion of a logarithm to the right 
of the decimal point. Thus, in 3.952502 (logio 
8964), the mantissa is 0.952502. 2. The fixed 
point part of a number in scientific notation; 
thus, in 4 x 10%, the mantissa is 4. 

manual 1. Actuated or operated directly by me- 
chanical means, rather than automatically. 2. A 
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book, or a set of online information files, detailing 
the operation and maintenance procedures for a 
device or system. 

manualinput Use of a keyboard, mouse, trackball, 
or other electromechanical input device to enter 
data into a computer program or system. 

manual operation In data processing, an opera- 
tion in which automatic machines are not in- 
volved. 

manual telegraphy Telegraphy that consists sig- 
nals transmitted by a hand-operated key and 
recorded by hand (pen, pencil, or typewriter). 

manual tuning Tuning performed entirely by ad- 
justing variable circuit components by hand. 

manual word generator A device by which an op- 
erator can originate information words for input 
into computer memory. 

manufacturing automation protocol In a factory 
using computer-controlled robots, the set of stan- 
dards for data communication between the 
robots and the controller and/or between individ- 
ual robots. It keeps the factory operating 
smoothly. 

MAR Abbreviation of MEMORY-ADDRESS REGIS- 
TER. 

Marconi antenna A quarter-wave radio transmit- 
ting or receiving antenna operated against an 
earth ground. 

Marconi effect The undesired tendency of an en- 
tire receiving antenna system, including lead-in 
or feeders, to act as a MARCONI ANTENNA. 

margin 1. A gap or space between two objects, 
such as adjacent plates of a capacitor. 2. Clear- 
ance. 3. The maximum error that can be tolerated 
without risk of improper or abnormal operation. 
4. In a teletypewriter, the range of adjustments in 
which the error frequency is acceptable. 

marginal relay A relay having a small difference 
between its on and off currents or voltages. 

marginal test As performed on equipment in a 
computer installation, a test to either determine 
the cause of an intermittent malfunction, or ver- 
ify an equipment’s operating tolerances. 

marine broadcast station A coastal station that 
broadcasts information of interest to shipping: 
time, weather, ocean currents, etc. 

marine radio Radio communications between 
seagoing vessels or between vessels and shore 
stations. 

marine radiobeacon station A land-based radio- 
navigation station whose transmitted signals are 
used for taking bearings. 

mariner’s compass See MAGNETIC COMPASS. 

mark 1. In telegraphy, the dot or dash portion of a 
character, as opposed to the dead space between 
such portions. 2. The intelligence part of a simi- 
lar signal (such as sound, light, etc.). 3. The high 
(logic 1) state represented by a binary bit, as op- 
posed to the low (logic 0) state. 4. A character 
identifying the end of a data set. Also called 
MARKER (see MARKER, 2). 
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marker 1. A pip that indicates a particular fre- 
quency on a response curve displayed on an os- 
cilloscope screen. 2. A character that identifies 
the end of a data set. Also called MARK (see 
MARK, 4). 

marker beacons Individual coded-signal transmit- 
ters placed along a radio range and indicating 
features of the course marked by them. 

marker frequency 1. A known frequency that can 
be used to identify a spot-frequency harmonic of 
a frequency-standard signal. 2. A known accu- 
rate signal used to identify the limit of a radio 
band. 3. The frequency at some point on a re- 
sponse curve as identified by a marker pip (see 
MARKER). 

marker generator An oscillator that supplies a 
marker pip (see MARKER). 

mark hold In telegraphy, an unmodulated signal 
meaning information is not being sent. 

mark reading The reading by an optical scanning 
device of marks made in specific areas of a docu- 
ment; the process also includes the marks’ con- 
version to digital signals for input to a computer. 

mark scanning See MARK READING. 

mark sensing A process similar to MARK READ- 
ING, except that the marks are sensed electri- 
cally. 

marker trap A wave trap that supplies a dip-type 
marker pip when used in conjunction with a ra- 
dio-frequency test oscillator (see MARKER). 

market scanner Also called bar-code reader. A de- 
vice that scans a black-bar binary label printed 
on a carton or other package (or magazine), and 
indicates the price of the merchandise on the 
readout of the checkout register. 

mark-to-space ratio In radiotelegraphy, the ratio 
of the duration (mark) of a dot to the interval 
(space) between successive dots. 

Marx generator An impulse-type high-voltage 
direct-current generator circuit in which several 
capacitors are charged in parallel through a high- 
resistance network. When the capacitor voltage 
reaches a critical high value, discharge occurs in 
series through spark gaps, producing a high- 
voltage pulse for each discharge. 

maser A low-noise microwave amplifying device in 
which a microwave input signal causes high- 
energy-state molecules of ammonia or ruby to fall 
to the low-energy state and, as a result, to emit 
large amounts of energy as an output signal. The 
name is an acronym for microwave amplification 
by stimulated emission of radiation. 


ac input 


Marx generator 


—P— 


434 mask ¢ master program file 


mask 1. A kind of stencil through which plating, 
electrodeposition, or diffusion can be done. 
2. The viewing screen, or GRATICULE, of an oscil- 
loscope. 3. To obliterate a signal with a stronger 
one. 4. A bit or character pattern used to change 
or extract bit positions in another pattern. 

masking 1. The use of a MASK of any type. 2. The 
tendency of one effect or phenomenon to obscure 
another. It applies especially in audio systems, 
where certain sounds impair the ability of a lis- 
tener to hear other sounds that occur at the same 
time. 3. The extent to which one effect or phe- 
nomenon obscures another. 

Masonite Masonite Corporation’s tough fiberboard 
used for panels and bases of some electronic 
equipment. 

mass The quantity of matter in a body. Like weight, 
mass is expressed in kilograms in the metric (SI) 
system and in pounds in the English system. For 
a given piece of material, mass can be determined 
by dividing the weight by the acceleration of grav- 
ity. 

mass data Data in excess of the maximum amount 
that can be stored in the main (internal) storage 
unit of a digital computer (i.e., that which can 
only be accommodated by external media such as 
magnetic disks or tapes). 

mass-energy equation Energy (E) is the product of 
a given mass (m) and the square of the speed of 
light (c?): E = mc’. It is also called the Einstein 
equation. 

mass number 1. Symbol, A. A number represent- 
ing the total of neutrons and protons in the nu- 
cleus of an atom. The approximate mass of an 
atom is equal to A x m,, where my, is the total pro- 
ton (rest) mass. 2. The number indicating the 
sum of nuclear protons and neutrons in an atom. 
It is usually written following the symbol for the 
atom: thus, U238 is uranium having 238 nucle- 
ons. An isotope of an element will have a different 
mass number than that of the normal atom. 

mass of electron at rest Symbol, m.. The amount 
of matter in an electron; m = 9.1093897 x 
10°! kg. 

mass of neutron at rest Symbol, m,. The mass of 
a neutron in the nucleus of an atom; m, = 
1.6749286 x 10°? kg. 

mass of proton at rest Symbol, m,. The mass 
of a proton in the nucleus of an atom; m, = 
1.6726231 x 10° kg. 

mass resistivity 1. The resistance of a wire one 
meter long having a mass of one gram. It varies, 
depending on the composition of the wire. 2. The 
resistance of a wire one mile long having a weight 
of one pound. It varies, depending on the compo- 
sition of the wire. 

mass spectograph An instrument used to ana- 
lyze chemical compounds and mixtures in 
terms of their distinctive mass spectra, exhib- 
ited by ionized samples of the materials in a 
magnetic field. 
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mass spectrometer Abbreviation, MS. An instru- 
ment that permits rapid analysis of chemical 
compounds via the MASS SPECTRUM. 

mass spectrum An electron spectrum that can be 
used to identify a chemical element. Different ele- 
ments have nuclei with different charge-to-mass 
ratios. This results in each element having a 
unique mass spectrum. 

mass storage Ina computer system, a magnetic or 
optical storage medium capable of holding large 
amounts of data. Examples: magnetic diskette, 
magneto-optical diskette, external hard disk, 
compact-disk read-only memory (CD-ROM), and 
magnetic tape. 

mass unit See ATOMIC MASS UNIT. 

master 1. The primary or main element or device 
in a system. 2. A primary data medium or record- 
ing from which copies are made. 3. A primary 
reference standard. See the following several 
definitions. 

master clock 1. In a digital computer, the primary 
generator of timing pulses. 2. A standard time 
clock that drives other (slave) clocks, or to which 
clocks of lesser accuracy can be referred. 

master console In a computer system, an equip- 
ment with panel instruments and controls, which 
permits operations to be governed, monitored, 
and controlled by a human operator. 

master control 1. The main control circuit in a 
system. 2. A point from which signals or pro- 
grams are distributed in a communications or 
broadcast system. 

master data Also called archives. In a computer 
record, data elements that remain unaltered for a 
long time, and from which copies are made. 

master file A computer file of data used routinely 
and remaining unchanged for a long time. 

master gain control The principal gain control in 
an audio amplifier or mixer [i.e., the one used to 
adjust the gain (volume) of the entire system]. 

master instruction tape Magnetic tape on which 
various related computer programs are recorded. 

master library tape See MASTER PROGRAM FILE. 

master oscillator Abbreviation, MO. The main os- 
cillator in an electronic system (e.g., the oscillator 
stage in an oscillator-amplifier type of radio 
transmitter). This oscillator can be either self- 
excited or crystal-controlled. 

master oscillator-power amplifier Abbreviation, 
MOPA. A type of transmitter or signal generator 
in which a _ frequency-determining oscillator 
drives a power amplifier, which in turn delivers 
an output signal. Because the oscillator is iso- 
lated from the output load, this arrangement has 
greater stability than one in which the oscillator 
alone supplies power to the load. 

master pattern The etching pattern used for man- 
ufacture of a batch of identical printed-circuit 
boards. 

master program file A reel of magnetic tape on 
which is recorded the programs regularly used in 
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a data-processing installation. It is also called 
master library tape. 

master record In a data-processing system, the 
current record (usually stored on a disk or tape) 
that will be used for the next computer run. 

master relay A relay that operates other (slave) re- 
lays. Compare SLAVE RELAY. 

master station See KEY STATION. 

master switch A switch that can actuate or deac- 
tuate an entire installation or system. 

master tape 1. In sound recording and reproduc- 
tion, a magnetic tape that contains material from 
which other tapes and discs can be made. 2. In 
automation, a magnetic tape on which is 
recorded the basic signal sequence for controlling 
a process and other recorders. 3. In data pro- 
cessing, a magnetic tape that must not be erased. 

master volume control See MASTER GAIN CON- 
TROL. 

masurium See TECHNETIUM. 

MAT Abbreviation of MICROALLOY TRANSISTOR. 

match 1. To mate devices, signals, impedances, 
etc. for optimum compatibility in terms of signal 
transfer, equipment interfacing, and other opti- 
mizing qualities. 2. The condition of being com- 
patibly mated, physically or electrically. 

matched components Circuit components (capac- 
itors, coils, diodes, resistors, transistors, etc.) 
that are carefully selected for similar or particu- 
larly compatible operating characteristics. 

matched filter 1. A filter with input and output 
impedances matched to the input line and output 
load, respectively. 2. A filter designed for separat- 
ing a signal with a particular waveform from 
other signals and noise. 

matched impedance A_ usually non-reactive 
impedance that has the same value as that of an- 
other impedance with which it is operated. Maxi- 
mum power is transferred between impedances 
that are matched. 

matched load A purely resistive load, the im- 
pedance of which is the same as the character- 
istic impedance of the feed line. This results in 
optimum power transfer from the line to the load. 

matched pair A pair of matched components of- 
fered in a single package. 

matched transmission line A transmission line 
terminated in a purely resistive impedance whose 
value is identical to the characteristic impedance 
of the line. Such a line transfers all of its energy 
to its load without reflection; no standing waves 
are on the line. 

matching pad An inductance-capacitance (LC) 
network for matching the impedance of a load to 
the output impedance of a signal generator. 

matching stub See STUB. 

matching transformer An audio-frequency (AF) or 
radio-frequency (RF) transformer used to match 
one purely resistive impedance to another. 

matchtone A transistorized, single-frequency au- 
dio oscillator that can be used to monitor trans- 
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mitted radiotelegraph signals. The carrier wave 
from the transmitter is rectified by a small semi- 
conductor diode, whose direct-current output 
powers the oscillator. 

Mateucci effect The generation of a potential dif- 
ference in a helically wound, ferromagnetic wire 
when its magnetization fluctuates. 

mathematical check A test of the validity of the 
result of an arithmetic process (by using alternate 
methods, for example). 

mathematical logic 1. A branch of mathematics 
that involves the theoretical behavior of various 
systems of reasoning. 2. See BOOLEAN ALGE- 
BRA. 3. See DIGITAL LOGIC. 

mathematical model See MODEL, 2. 

mathematical subroutine Within a computer pro- 
gram, a subroutine serving as an arithmetic func- 
tion (i.e., one for performing an operation not 
integral to the monitor program). 

matrix 1. A high-speed switching or memory array 
used in counters and computers. 2. Generally, 
any two-dimensional array of objects. 3. A device 
for solving linear simultaneous equations, con- 
sisting of a rectangular array of coefficients. 

matrix printer See WIRE PRINTER. 

mat switch A form of PRESSURE SENSOR used in 
some security systems. When weight appears on 
the mat, switches close, actuating an alarm. 

matter The building material of the universe that 
occupies space and has mass that can be mea- 
sured. See, for illustration, ATOMIC THEORY and 
STATES OF MATTER. 

matter waves See DE BROGLIE WAVES. 

max Abbreviation of MAXIMUM. 

maxima Points along a curve at which a function 
reaches a local maximum value. Also see MAX- 
IMA AND MINIMA. 

maxima and minima 1. The loops and nodes of 
current or voltage on an antenna or transmission 
line. 2. The lobes and nulls in a directivity pat- 
tern. 3. The bright and dark bands in a visible- 
light interference pattern. 4. In radar reflections, 
regions of localized maximum and minimum 
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intensity. 5. The study and solution of maximum, 
minimum, and inflection points on the curve of a 
function. 

maximal flatness For an amplifier or network, the 
condition in which peaks are not present in the 
normal passband response. 

maximum Abbreviation, max. The highest value in 
a range or set. Also see MAXIMA AND MINIMA 
and PEAK. 

maximum available gain Abbreviation, MAG. The 
amplification provided by a circuit or device 
whose input and output impedances are correctly 
matched to source and load. 

maximum current 1. Symbol, I, or Ina. The high- 
est value reached by an alternating-current half- 
cycle or by a pulse current. Also called PEAK 
CURRENT. 2. The highest value of current in a 
series of current values. 

maximum power 1. Symbol, P, or Pmax. The high- 
est value of power that an equipment can be 
called upon to supply. 2. The highest value of 
power in a series of measurements or calcula- 
tions. 

maximum-power discharge current For a cell or 
battery, the current at which the greatest amount 
of power is delivered. 

maximum power output See MAXIMUM POWER, 
As 

maximum power transfer The condition in which 
the largest amount of power is delivered by a 
source to a load. 

maximum power transfer theorem Maximum 
power is transferred from a generator to a load 
when the impedance of the load equals the inter- 
nal impedance of the generator. Compare COM- 
PENSATION THEOREM, NORTON’S THEOREM, 
RECIPROCITY THEOREM, SUPERPOSITION 
THEOREM, and THEVENIN’S THEOREM. 

maximum rating 1. The highest value of a quantity 
(e.g., current, voltage, or power) that can safely be 
used with a given device. 2. The highest value of a 
quantity afforded by a given device (e.g., maximum 
capacitance of a variable capacitor). 
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maximum record level 1. In a magnetic tape, 
magnetic disk, or phonograph disc, the highest 
amplitude of input signal that can be recorded 
with an acceptable amount of distortion. 2. The 
recording-head current or power that results in 
third-harmonic distortion of three percent. 

maximum signal level 1. In an amplitude-modu- 
lated signal, the peak power. 2. In an amplitude- 
modulated facsimile or television system, the 
amplitude that results in a black or white picture 
(depending on whether the highest amplitude 
produces black or white). 

maximum undistorted power output Abbrevia- 
tion, MUPO. The highest power that an active am- 
plifying device will deliver before significant 
distortion occurs. 

maximum usable frequency Abbreviation, MUF. 
The highest frequency that can be used success- 
fully at a given time, between two specific geo- 
graphic locations, for communication via the 
ionosphere. 

maximum voltage 1. Abbreviation, En, Ema, Vm 
or Vinax- The peak value reached by an alternat- 
ing-current voltage half-cycle, or by a voltage 
pulse. 2. The highest value of voltage in a series 
of voltage measurements or calculations. 

maximum wattage See MAXIMUM POWER. 

maxterm form In mathematical calculations, the 
factored form of a function, expressed as a prod- 
uct of sums. For example, the maxterm form of 
f0) = x? + 5x + 6 is fl) = (x + 2) (x + 3). 

maxwell Symbol, Mx. The cgs unit of magnetic 
flux, equivalent to one line of flux or 10-8 weber. 

Maxwell bridge A four-arm alternating-current 
bridge for measuring inductance against a stan- 
dard capacitance. 

Maxwell’s equations A set of four equations devel- 
oped by James Clerk Maxwell in 1864 and 1873, 
describing vector quantities pertaining to points in 
space subjected to varying electric and magnetic 
forces. Through his classic presentation, Maxwell 


Det 


Gen 


Maxwell bridge 


—P— 


predicted the existence of electromagnetic waves, 
whose later discovery made radio possible. 

Maxwell’s law Also called Maxwell’s rule. Every 
part of an electric circuit is acted upon by a force 
tending to move it in the direction that results in 
the maximum magnetic flux being enclosed. 

maxwell-turn A unit of magnetic coupling (linkage) 
equal to 1 maxwell per turn of wire in a coil linked 
by magnetic flux. Also see MAXWELL. 

mayday In radiotelephony, a word spoken as an 
international distress signal equivalent to SOS in 
radiotelegraphy. The word is the phonetic equiva- 
lent of the French m’aidez (help me). 

MB Abbreviation of MIDBAND. 

Mb Abbreviation of MEGABAR. 

MBB Abbreviation of MAKE BEFORE BREAK. 

MBM Abbreviation of magnetic bubble memory. 

MBO Abbreviation of MONOSTABLE BLOCKING 
OSCILLATOR. 

MBS Abbreviation of magnetron beam switching. 

me 1. Symbol for MILLICURIE (mCi is preferred). 
2. Symbol for METER-CANDLE. 

Mc 1. Symbol for MEGACURIE (MCi is preferred). 
2. Obsolete abbreviation of megacycle(s), a term 
superseded by MEGAHERTZ. 

MCG Abbreviation of MAGNETOCARDIOGRAM. 

McLeod gauge An instrument for measuring gas 
under low pressure. A measured volume of the 
gas under test is first compressed (to a lower 
known volume) to a pressure more easily mea- 
sured via a mercury manometer and the applica- 
tion of Boyle’s law. 

MCM Abbreviation of MONTE CARLO METHOD. 

McProud test A simple test for checking the track- 
ing efficiency of a phonograph pickup and arm for 
microgroove discs. 

Mc/s Obsolete abbreviation of megacycle(s) per 
second, a term superseded by MEGAHERTZ. 

MCS 1. Abbreviation of Master of Computer Sci- 
ence. 2. Abbreviation of missile control system. 

MCW Abbreviation of MODULATED CONTINUOUS 
WAVE. 

Md Symbol for MENDELEVIUM. 

MDAS Abbreviation of medical data acquisition sys- 
tem. 

m-derived filter <A filter whose inductance (L) and 
capacitance (C) values are derived by multiplying 
those of a constant-k filter by a factor m between 
zero and 1. This factor is a function of the ratio 
Ji/ft. where fj is the frequency of infinite attenua- 
tion, and f, is the cutoff frequency. This type of fil- 
ter exhibits sharper response than the equivalent 
constant-k filter. 

MDI Abbreviation of MAGNETIC DIRECTION INDI- 
CATOR. 

M-display See M-SCAN. 

MDS Abbreviation of MINIMUM DISCERNIBLE 
SIGNAL. 

m,. Symbol for MASS OF ELECTRON AT REST. 

Meacham oscillator A _ highly stable radio- 
frequency oscillator consisting of an amplifier 
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provided with a feedback circuit containing a 
four-arm bridge, one arm of which is a quartz 
crystal, and another, a tungsten-filament lamp 
acting as a nonlinear resistor. Also called bridge- 
stabilized oscillator. 

mean 1. A general term meaning average. 2. See 
ARITHMETIC MEAN. 3. See GEOMETRIC MEAN. 

mean charge 1. In an object that is nonuniformly 
charged, the average charge per unit distance, 
area, or volume. 2. In a capacitor carrying a fluc- 
tuating current, the average amount of charge 
held by the plates. 

mean free path 1. In acoustics, the average dis- 
tance that sound waves travel before striking a 
barrier or reflecting surface. 2. The average dis- 
tance that sound waves travel between reflections 
(echoes) in a chamber. 3. In a gas tube, the aver- 
age of all the free paths of electrons at a specified 
temperature. 

mean life 1. Symbol, L. The average life of a ra- 
dioactive substance [i.e., the time taken for 1/e 
(e = base of natural logarithms) of the substance 
to disintegrate]. 2. The time required for excess car- 
riers injected into a semiconductor to recombine 
with carriers of opposite sign. Also called average 
life. 

mean proportional See GEOMETRIC MEAN. 

mean time before failure Abbreviation, MTBF. 
The average length of time that a component or 
system will perform before the first failure occurs. 
It is generally specified in hours. 

mean time between failures Abbreviation, MTBF. 
The average length of time that a component or 
system will perform before failure occurs—either 
initially or after repair or replacement. It is gener- 
ally specified in hours. 

measured A quantity that is presented to an in- 
strument for measurement. 

measured service Any service in which charges 
are assessed per unit-time usage block. Online 
computer services are a common example. In 
some cases, other factors, such as distance, af- 
fect the cost per unit time; most long-distance 
telephone services fall into this category. 

measurand Any quantity that is measured with an 
instrument. 
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measurement 1. The process by which the magni- 
tude, extent, or duration of a parameter is found. 
2. The value of a parameter, as obtained, accord- 
ing to 1. 

measurement error The difference between the 
measured value of a quantity and its true value. 
Also see NEGATIVE ERROR OF MEASUREMENT 
and POSITIVE ERROR OF MEASUREMENT. 

measurement range In a measuring device, the 
range within which the error is smaller than a 
specified value. 

mechanical analogs Familiar mechanical devices, 
systems, or effects with which certain electrical 
counterparts can be compared for ease in teach- 
ing or understanding (e.g., inductance compared 
with mass, capacitance with elasticity, voltage 
with pressure, and current with velocity). 

mechanical axis In a quartz crystal, the axis per- 
pendicular to the faces of the hexagon. Also see 
Y-AXIS, 2. 

mechanical bandspread Bandspread tuning ob- 
tained by reduction-ratio gearing of the tuning 
mechanism. Compare ELECTRICAL BAND- 
SPREAD. 

mechanical bias 1. A steady pull applied by a 
spring to the armature of a relay to sensitize it by 
decreasing the distance that the armature must 
move to close the contacts. 2. Bending of a relay 
frame to position the armature closer to the mag- 
net for the purpose defined in 1. 

mechanical damping Damping action obtained 
entirely by mechanical devices (such as weights, 
dashpots, etc.). 

mechanical equivalent of heat The amount of 
mechanical work required to produce a unit 
quantity of heat. For example, 4.183 joules can 
be converted into 1 calorie of heat. 

mechanical equivalent of light The expression of 
luminous energy in equivalent power units. In 
practical measurements, this is taken as the total 
power output of a lamp minus the power ab- 
sorbed by a transparent jacket used to remove 
the infrared and ultraviolet rays. 

mechanical filter See ULTRASONIC FILTER, 1. 

mechanical joint A union of electrical conductors 
consisting exclusively of a junction or splice made 
without brazing, soldering, or welding. 

mechanical load An electromechanical device that 
uses the output of an electrical source. Such de- 
vices include actuators, brakes, clutches, meters, 
motors, and relays. 

mechanical rectifier A vibrator or commutator 
used to change an alternating current into a 
direct current by selecting and passing only 
positive or negative half-cycles. Also see 
ELECTROMECHANICAL RECTIFIER. 

mechanical scanner 1. A mechanical device for 
scanning an object or scene and breaking it into 
horizontal lines that are converted to signals. 2. A 
device that scans the reproducer lamp in a me- 
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chanical television receiver. See, for example, 
NIPKOW DISK. 

mechanical switch A switch actuated by moving 
or sliding a lever, pressing a button, or otherwise 
applying mechanical pressure. 

mechanical time constant For a torque motor, 
the ratio of moment of inertia to damping factor. 
Compare ELECTRICAL TIME CONSTANT. 

mechanical wave filter See ULTRASONIC FIL- 
TER, 1. 

mechanics The branch of physics concerned with 
forces and motion and the laws of gases and liq- 
uids. It is subdivided into kinematics and kinet- 
ics. 

mechatronics Combination of the words mechan- 
ics and electronics, referring to the use of elec- 
tromechanical devices (especially robots) in 
manufacturing. The term was originally coined in 
Japan. 

median 1. The middle value in a sequence of num- 
bers. For example, in the series: 1, 2, 3, 4, 5, 6, 7, 
the median is 4. Compare ARITHMETIC MEAN 
and GEOMETRIC MEAN. 2. In a statistical distri- 
bution, the value s in the domain so that the area 
under the curve for all values less than s is equal 
to the area under the curve for all values greater 
than s. 

medical electronics See ELECTROMEDICAL EN- 
GINEERING. 

medical robot 1. A robot used in a doctor's office, 
or in a hospital to assist doctors and nurses. 
There are various applications, some of which 
have provoked controversy (e.g., robotic surgical 
assistant). It generally performs simple, noncriti- 
cal tasks. It has been suggested as a means of en- 
tertaining hospital patients—especially children. 
2. See BIOMECHANISM. 

medium Inacomputer system, that storage device 
onto or into which data is recorded for input into 
memory (e.g., magnetic disk, magnetic tape, opti- 
cal disk, etc.). 

medium-frequency Abbreviation, MF. Pertaining 
to frequencies in the range 300 kHz to 3 MHz, 
representing wavelengths from 1000 meters to 
100 meters. 

medium of propagation The substance (or vac- 
uum) through which electromagnetic energy is 
transmitted (e.g., outer space, the atmosphere, or 
a dielectric material). 

medium-scale integration A method of manufac- 
turing integrated circuits, in which there are at 
least 10, but less than 100, individual gates on 
each chip. Abbreviated MSI. 

medium-scan television A television (TV) com- 
munications medium in which the scanning 
rate is slowed down compared to regular (fast- 
scan) TV, but is faster than the commonly used 
slow-scan TV. It provides some conception of 
motion, although not as realistic as fast-scan 
TV. 
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medium tension Medium voltage. A relative term, 
but generally referring to common alternating- 
current utility voltage (e.g., 117 volts or 234 
volts). 

medium wave Abbreviation, MW. Pertaining to 
wavelengths corresponding to medium frequen- 
cies (see MEDIUM-FREQUENCY) (i.e., those in 
the 100- to 1000-meter range). 

meg 1. Colloquialism for MEGOHM(s). 2. Colloqui- 
alism for MEGABYTE(s). 

mega- Abbreviation, M. 1. A prefix meaning mil- 
lion(s), (i.e., 10° or 1,000,000). 2. In digital data 
applications, a prefix meaning 2?° or 1,048,576. 

megabar Abbreviation, Mb. A cgs unit of high pres- 
sure. 1 Mb = 10° bars = 10!! pascals. Also see 
BAR, 1. 

megabit A unit of digital data equal to 
(1,048,576) bits. Also see BIT. 

megabyte Abbreviation, M or MB. A unit of digital 
data equal to 27° (1,048,576) bytes. Also see BYTE. 

megacurie Abbreviation, MCi. A large unit of ra- 
dioactivity equal to 3.71 x 10® disintegrations per 
second; 1 MCi = 10® curies. Also see CURIE. 

megacycle See MEGAHERTZ. 

megaelectronvolt Abbreviation, MeV. A large unit 
of electrical energy; 1 MeV = 10° eV. Also see 
ELECTRONVOLT. 

megahertz Abbreviation, MHz. A unit of frequency; 
1 MHz = 108 Hz = 1,000,000 Hz. 

megampere Abbreviation, MA. A unit of high cur- 
rent; 1 MA = 108 A = 1,000,000 A. 

megaphone 1. A hand-held microphone/ampli- 
fier/loudspeaker used to amplify the voice of a 
person who must be heard over an appreciable 
area. 2. A simple horn for amplifying the voice. 

megarutherford Abbreviation, Mrd. A large unit of 
radioactivity equal to 1 trillion (10!) disintegra- 
tions per second; 1 Mrd = 10° rd = 1,000,000 rd. 
Also see RUTHERFORD. 

megavolt Abbreviation, MV. A unit of extremely 
high voltage; 1 MV = 10° V = 1,000,000 V. 

megavolt-ampere Abbreviation, MVA. A unit of ex- 
tremely high reactive power; 1 MVA = 10° VA = 
1,000,000 VA. Also see VOLT-AMPERE. 

megawatt Abbreviation, MW. A unit of high power; 
1 MW = 10° W = 1,000,000 W. Also see WATT. 

megawatt-hour Abbreviation, MWh. A large unit of 
electrical energy or of work; 1 MWh = 10° Wh = 
1,000,000 Wh = 3.6 x 10° joules. Also see WATT- 
HOUR. 

megger An instrument containing an internal 
high-voltage direct-current power supply, used 
for measuring high values of resistance. Compare 
MEGOHMMETER. 

meg-mike 1. Colloquialism for MEGOHM-MICRO- 
FARAD{(s). 2. Colloquialism for MEGOHM- 
FARAD(s). 

megohm Symbol, M. A unit of high resistance, re- 
actance, or impedance; 1 M = 10® ohms = 
1,000,000 ohms. 


920 
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megohm-farads For a large capacitor, the product 
of leakage resistance (megohms) and capacitance 
(farads). Also see MEGOHM-MICROFARADS. 

megohmmeter A special ohmmeter for measuring 
resistances in the megohm range. 

megohm-microfarads Fora capacitor, the product 
of leakage resistance (megohms) and capacitance 
(microfarads). The figure is an expression for the 
relative insulation resistance of a capacitor. 

Meissner circuit An oscillator tuned by means of 
LECHER WIRES (parallel-conductor resonant cir- 
cuits). It is used primarily at ultra-high frequen- 
cies (UHF). 


Output 






Drain 
tuning 


Gate 
tuning 


+12 V 


Meissner circuit 


Meissner effect In a superconductive material, the 
abrupt loss of magnetism when the temperature 
of the material is reduced to a value below that 
required for superconductivity. 

Meissner oscillator See MEISSNER CIRCUIT. 

meitnerium Symbol, Mt. Also called unnilenium 
(Une). Atomic number, 109. The most common 
isotope has atomic weight 266. Classified as a 
transition metal. It is human-made and not 
known to occur in nature. 

mel An expression of apparent or perceived sound 
pitch. A tone of 1 kHz, at a level of 40 dB, with re- 
spect to the threshold of hearing, represents 1 
mel. The perceived pitch depends, to some extent, 
on the intensity of the sound, as well as on the 
actual frequency. 

M electron In certain atoms, one of the electrons 
whose orbits are outside of and nearest to those 
of the L electrons. 

meltback process The technique of remelting a 
doped semiconductor material and allowing it to 
refreeze to form a grown junction. 

meltback transistor A grown-junction transistor 
produced by the MELTBACK PROCESS. 
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melting point Abbreviation, mp. The temperature 
at which a solid starts becoming liquid at a pres- 
sure of one atmosphere. Compare FREEZING 
POINT and MIXTURE MELTING POINT. 

memory 1. The section of a digital computer that 
records and holds data until it is necessary. In 
personal computers, the term generally refers to 
RANDOM-ACCESS MEMORY and READ-ONLY 
MEMORY, contained in integrated circuits (ICs). 
Compare STORAGE. 2. See MEMORY DRAIN. 

memory address register In computer storage, a 
register in which is stored the address of 
operands in other locations. 

memory area A portion of computer memory re- 
served for a specific type of data. Also called area. 

memory capacity As a function of the number of 
memory locations available, the number of bytes 
that can be stored. It is usually specified in kilo- 
bytes, megabytes, or gigabytes. Also see GIGA- 
BYTE, KILOBYTE, and MEGABYTE. 

memory cycle 1. The period of execution of a se- 
quence of operations. 2. The complete opera- 
tional cycle for inputting data to memory or 
retrieving it. 

memory dialing In a telephone set, a feature that 
allows rapid dialing of stored digits. The simplest 
version is the “redial” feature, in which the most 
recently dialed number is rapidly dialed at the 
touch of a button. Some sets can store several dif- 
ferent numbers, usually including area codes, 
and sometimes country codes as well. 

memory drain Also called battery memory. A phe- 
nomenon occasionally exhibited by nickel- 
cadmium cells and batteries, in which the useful 
ampere-hour capacity is reduced even though the 
unit is not physically damaged. The depth of the 
charge cycle decreases to a fraction of its rated 
value. The problem can usually be overcome by 
discharging the cell or battery fully, then recharg- 
ing fully, and repeating the process several times. 
See also NICKEL-CADMIUM. 

memory dump In computer operations, to either 
print out what is stored in some of or all of the 
memory locations or transfer the data from a 
bank of memory cells to some external storage 
medium. 

memory effect See MEMORY DRAIN. 

memory guard In a computer, hardware or soft- 
ware that keeps certain memory locations from 
being addressed by a program being run. 

memory location In a computer memory, a place 
where an information unit (word or character) 
can be stored; the stored information can be re- 
trieved by appropriate addressing instructions. 

memory organization packets In artificial intelli- 
gence (AI) and expert systems, a method of ar- 
ranging computer memory into general rules or 
statements. The statements are used by software 
to derive models, forecasts, diagnoses, etc. 

memory power Computer memory efficiency in 
terms of data processing (cycle) speed. 
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memory protection A hardware device in a multi- 
ple programming computer that prevents pro- 
grams from being altered by other operating 
programs in the installation. 

memory register In a digital computer, a register 
used in all instruction and data transfers be- 
tween the memory and other sections of the ma- 
chine. 

memory unit See MEMORY. 

mendelevium Symbol, Md. A radioactive element 
produced artificially. Atomic number, 101. 
Atomic weight, 258 (approx.). 

menu In computer operations, a list of commands 
for using various functions of the system. 

MEP Abbreviation of mean effective pressure. 

mercuric iodide Formula, Hgle A compound 
whose crystals are useful at room temperature as 
detectors in high-resolution gamma-ray spec- 
troscopy. 

mercury Symbol, Hg. A metallic element. Atomic 
number, 80. Atomic weight, 200.59. The only 
metal that is liquid at room temperature. It is 
used extensively in switches, certain high-voltage 
rectifiers, high-vacuum pumps, and thermome- 
ters. 

mercury are The arc discharge occurring in mer- 
cury vapor between solid or liquid (mercury) elec- 
trodes. The discharge emits ultraviolet radiation. 

mercury-arc rectifier A heavy-duty rectifier tube 
utilizing ionized mercury vapor. The two general 
types are MERCURY-VAPOR RECTIFIER and 
MERCURY-POOL RECTIFIER. 

mercury battery Also called mercuric-oxide bat- 
tery. A set of two or more mercury cells stacked 
one atop the other, electrically connected in se- 
ries. The resulting battery has a cylindrical 
shape. A set of four cells provides approximately 
5.4 volts under no-load conditions; a battery of 
seven cells provides 9.5 volts; a battery of nine 
cells provides 12 volts. See MERCURY CELL. 

mercury cadmium telluride Formula HgCdTe. 
An alloy used as a semiconductor in certain tran- 
sistors, integrated circuits, and infrared detec- 
tors. 

mercury cell Also called mercuric-oxide cell. An 
electrochemical cell having a button-like shape, 
small enough to fit inside a wristwatch. The 
unit is housed in a steel container and has a 
mercuric-oxide cathode, amalgamated-zinc anode, 
and potassium hydroxide and zinc-oxide elec- 
trolyte. The potential difference under no-load 
conditions is 1.35 volts, with a high ratio of 
stored energy per unit mass. The cell has a flat 
discharge curve; the voltage remains essentially 
constant until the charge is almost depleted, and 
then the voltage drops rapidly. There has been a 
decrease in the use of mercury cells and batteries 
in recent years, because mercury is toxic. Unless 
these cells are discarded in a special way, the 
mercury from them can cause dangerous con- 
tamination of soil and water. 
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mercury delay line A delay line in which delay is 
obtained by propagating the signal through a 
pipe of mercury. 

mercury diffusion pump A vacuum diffusion 
pump using mercury vapor. 

mercury displacement relay A form of switching 
relay in which the electrical contact is made by 
moving mercury. 

mercury-jet switch A multipoint switch using a jet 
of mercury instead of the conventional wiper arm, 
for high-speed operation and reduced wear. 

mercury memory A recirculating memory using a 
mercury delay line. Also see DELAY LINE and 
DELAY-LINE MEMORY. 

mercury-pool cathode In certain industrial elec- 
tron tubes, such as the ignitron, a cathode elec- 
trode consisting of a pool of mercury. 

mercury-pool rectifier A type of mercury-arc rec- 
tifier whose cathode is a pool of mercury. In one 
type, the arc is initiated by tilting the tube mo- 
mentarily to bring the mercury into contact with 
a third electrode, thus causing a starting current 
to flow through the pool. In another type, the ig- 
nitron, a starter electrode is in continual contact 
with the mercury. 

mercury pump See MERCURY DIFFUSION PUMP. 

mercury rectifier See MERCURY-POOL RECTI- 
FIER and MERCURY-VAPOR RECTIFIER. 

mercury relay A relay in which at least one of the 
contacts is mercury. 

mercury storage See MERCURY MEMORY. 

mercury switch A switch consisting essentially of 
two or more stiff wire electrodes and a drop of 
mercury hermetically sealed in a glass tube. Tilt- 
ing the tube causes the mercury to flow toward 
one end, where it immerses the electrodes, pro- 
viding a conductive path between them. 

mercury-vapor lamp A glow lamp emitting blue- 
green light that causes ionization of mercury va- 
por by an electric current. 

mercury-vapor rectifier A tube-type high-voltage 
diode rectifier containing a small amount of mer- 
cury that vaporizes and ionizes during tube oper- 
ation. 

mercury-vapor tube 1. See MERCURY-VAPOR 
LAMP. 2. See MERCURY-VAPOR RECTIFIER. 

mercury-wetted reed relay A reed relay in which 
the reeds are wetted with mercury in a pool by 
capillary action. The film of mercury forms a tiny 
bridge when the reeds open; when this bridge sep- 
arates, a clean, high-speed break occurs without 
contact bounce. Compare DRY-REED SWITCH. 

merge 1. In computer operations, to make a single 
set or file from two or more record sets. 2. In word 
processing, to create a corrected master record- 
ing from two input media: the original master 
recording and the recording that contains the 
corrections. 

meridian 1. A great circle passing through earth’s 
geographic poles and a given point on the surface 
of the earth. 2. A line of longitude on a map or 
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globe. Also see TIME ZONE, ZERO MERIDIAN, 
and ZONE TIME. 

mesa A flat-topped, protruding region in a semi- 
conductor wafer. The mesa is produced by etch- 
ing the surrounding part of the material. Some 
bipolar transistors are manufactured in this way. 

mesa diffusion A method of manufacturing bipo- 
lar transistors. The different semiconductor ma- 
terials are first diffused together. Then part of the 
resulting wafer is etched away, resulting in a 
mesa shape. 

mesa transistor A diffused planar transistor in 
which the silicon area around the base has been 
etched away to reduce collector-to-base capaci- 
tance; the base-emitter region remains elevated 
like a high plateau (mesa). 
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MESFET A form of field-effect transistor combining 
depletion-mode and enhancement-mode proper- 
ties. A Schottky barrier forms the gate electrode. 

mesh _ 1. A combination of the elements that form a 
closed path in a network. 2. The closed figure 
(such as the delta or star) obtained by connecting 
polyphase windings together. 3. A grid, screen, or 
similar structure in a vacuum tube. 

mesh equations Equations describing fully the 
current and voltage relations in a network of 
meshes (see MESH, 1). 

Mesny circuit A push-pull ultra-high-frequency 
(UHF) oscillator whose gate or base tank is a pair 
of parallel wires short-circuited by a slider; the 
drain or collector tank is a similar pair of wires. 
The frequency is varied by moving the sliders 
along the wires. 

mesochronous A condition for signals in which 
significant instants pass at identical average 
speeds, such as bits per second. 

meson An unstable nuclear particle first observed 
in cosmic rays. A meson can be electrically posi- 
tive, negative, or neutral. Its mass lies between 
that of the electron and proton. 
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mesotron See MESON. 

message 1. In communications, a body of infor- 
mation sent from a source (transmitter) to a des- 
tination (receiver). 2. Data entered into a 
transaction-processing system. 

message exchange In a digital communications 
channel, a hardware unit that carries out certain 
switching functions that would otherwise have to 
be done by a computer. 

message switching system A data communica- 
tions system having a central computer that re- 
ceives messages from remote terminals, stores 
them, and transfers them to other terminals as 
needed. 

metadyne See DC GENERATOR AMPLIFIER. 

metal An elemental material that exhibits several 
familiar properties (such as luster, ductility, mal- 
leability, good electrical and heat conductivity, 
relatively high density, and the ability to emit 
electrons). Common examples are aluminum, 
copper, gold, lead, and silver. Compare METAL- 
LOID and NONMETAL. 

metal-base transistor A bipolar transistor in 
which the base is a metal film, and the emitter 
and collector are films of n-type semiconductor 
material. 

metal-ceramic construction The building of cer- 
tain electronic components by bonding ceramic 
parts to metal parts. Also see CERMET. 

metal-film resistor A fixed or variable resistor in 
which the resistance element is a film of a metal 
alloy deposited on a substrate such as a plastic or 
ceramic. 

metal finder See METAL LOCATOR. 

metallic binding forces In a crystal, the binding 
electrostatic force between cations and electrons. 
Also called electron-gas binding forces. 

metallic bonding See BONDING, 1 and METALLIC 
BINDING FORCES. 

metallic circuit A circuit, such as a two-wire tele- 
phone line, in which earth ground is not a part of 
the circuit. Compare GROUND-RETURN CIR- 
CUIT. 

metallic crystal A crystal substance in which pos- 
itive ions and free electrons exist; it is, therefore, 
a good electrical conductor. 

metallic insulator A short-circuited quarter-wave 
section of transmission line that acts as an insu- 
lator at the quarter-wavelength frequency. 

metallicize To make a circuit fully metallic, as 
when two wires are used instead of one wire and 
a ground connection. (Not to be confused with 
METALLIZE.) 

metallic rectifier A dry rectifier using a metal disk 
or plate coated with a material (such as selenium, 
an oxide, or a sulfide). 

metallic tape Recording tape made from metal, 
rather than from plastic. Noted for its excellent 
audio-reproduction characteristics. 

metallize To treat, coat, or plate with a metal. (Not 
to be confused with METALLICIZE.) 
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metallized capacitor A capacitor in which each 
face of a dielectric film is metallized to form con- 
ductive plates. 

metallized-paper capacitor A paper-dielectric ca- 
pacitor whose plates are metal areas electrode- 
posited on each side of a paper film. 

metallized-polycarbonate capacitor A fixed ca- 
pacitor in which the dielectric is a polycarbonate 
plastic film, and the plates are metal areas elec- 
trodeposited on each face of the film. 

metallized resistor See METAL-FILM RESISTOR. 

metal locator An electronic device for locating 
metal deposits, pipes, or wires underground, in 
walls, or under floors. It operates via the distur- 
bance that these objects cause to a radio- 
frequency or magnetic field. 

metalloid An element that has some of the proper- 
ties of a metal. Examples of metalloidal elements 
widely used in electronics are antimony, arsenic, 
germanium, silicon, and tin. 

metal master See ORIGINAL MASTER. 

metal negative See ORIGINAL MASTER. 

metal-oxide resistor A resistor in which the resis- 
tance material is a film of tin oxide deposited on a 
substrate. 

metal-oxide semiconductor field-effect transis- 
tor Abbreviation, MOSFET. A field-effect tran- 
sistor in which the gate electrode is not a pn 
junction (as in the junction field-effect transis- 
tor), but a thin metal film insulated from the 
semiconductor channel by a thin oxide film. 
Gate-control action is entirely electrostatic. Also 
called insulated-gate field-effect transistor. Also 
see DEPLETION-TYPE MOSFET, DEPLETION- 
ENHANCEMENT-TYPE MOSFET, and_ EN- 
HANCEMENT-TYPE MOSFET. 

metal-oxide varistor A VOLTAGE-DEPENDENT 
RESISTOR in which the resistance material is a 
metallic oxide, such as zinc oxide. 

metal-plate rectifier See METALLIC RECTIFIER. 

metal tube A vacuum tube housed in a metal en- 
velope for self-shielding and mechanical rugged- 
ness. 

metamer A visible-light beam that is identical in 
color (hue), but different in concentration (satu- 
ration), with respect to a reference color. 

meteor-burst signals Momentary signals, or in- 
creases in signal strength, resulting from reflec- 
tion of electromagnetic energy from meteor 
ionization trails. See METEOR SCATTER, 1. 

meteor ionization trail A cloud of ions left in the 
upper atmosphere as a meteor passes. This cloud 
tends to reflect radio signals at certain frequen- 
cies for a short period of time. During a meteor 
shower, there could be a sufficient number of 
such trails to allow continuous over-the-horizon 
communication when other over-the-horizon 
modes are unusable. 

meteorograph An instrument for the simultane- 
ous measurement of various meteorological phe- 
nomena such as temperature, humidity, etc. 
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meteorology ‘The science of the atmosphere, espe- 
cially the study of weather and climate. (Not to be 
confused with METROLOGY.) 

meteor-scatter propagation The reflection of radio 
signals from the ionized trails produced by mete- 
ors as they pass through the upper atmosphere. 
This can result in over-the-horizon radio commu- 
nication or reception. A meteor produces a trail 
that persists for a few tenths of a second up to sev- 
eral seconds, depending on the size of the meteor, 
its speed, and the angle at which it enters the at- 
mosphere. This is not sufficient time for the trans- 
mission of very much information, but during a 
meteor shower, ionization can be almost continu- 
ous. Meteor-scatter propagation has been ob- 
served at frequencies considerably above 30 MHz. 

meteor-trail reflections Momentary reflection of 
signals by the ionized trails of meteors passing 
through a signal path. 
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meter 1. An instrument for measuring and indi- 
cating the value of a particular quantity. See, for 
example, CURRENT METER and VOLTMETER. 
2. Abbreviation, m. A unit of linear mea- 
sure and of electrical wavelength, equivalent to 
1.65076373 x 10° wavelengths (in a vacuum) of the 
radiation corresponding to the transition between 
the two levels of the krypton-86 atom, and 
approximately equal to 39.37 inches. 3. To supply 
in specific increments or by a governed amount. 

meter alignment See VISUAL ALIGNMENT. 

meter-ampere A unit of transmitted radio signal 
intensity. Determined by multiplying the antenna 
current (in amperes) by the height (in meters) of 
the antenna above ground. 

meter-candle Abbreviation, mc. A metric unit of il- 
luminance, equivalent to the illumination on a 
surface 1 meter from a light source of 1 candle 
power. Compare FOOT-CANDLE and LUX. 

meter equivalent The number of meters equal toa 
given English measure of length (e.g., the meter 
equivalent of 3 feet is approximately 0.9144). 
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meter-kilogram-second Abbreviation, mks. The 
system of units in which the meter is the stan- 
dard unit of length, the kilogram is the standard 
unit of mass, and the second is the standard unit 
of time. Compare CENTIMETER-GRAM-SECOND 
and INTERNATIONAL SYSTEM OF UNITS. 

meter multiplier See MULTIPLIER RESISTOR. 

meter protector A nonlinear resistor, such as a 
varistor or semiconductor diode, used to prevent 
overswing in an electric meter by limiting the cur- 
rent flowing through it. 

meter rating The maximum reading on a meter, at 
or below which the accuracy is within a specified 
limit, but above which the error might exceed 
that limit. 

meter rectifier A light-duty semiconductor diode 
or bridge circuit, used to change alternating cur- 
rent (ac) to direct current (dc) for deflection of a 
D’Arsonval-type de milliammeter or microamme- 
ter. 

meter relay A sensitive relay that is essentially a 
moving-coil meter, whose pointer closes against a 
stationary contact mounted at some point along 
the scale. 

meter resistance Symbol, R,,. The internal resis- 
tance of an electric meter. In a simple D’Arsonval 
meter, it is the resistance of the movable coil. In 
more-complicated meter circuits, it is the resis- 
tance of the parallel combination of the coil and 
METER SHUNT. 

meter scale factor See SCALE FACTOR, 1. 

meter sensitivity See VOLTMETER SENSITIVITY. 

meter shunt A resistor connected in parallel with 
an ammeter, milliammeter, or microammeter to 
increase the range of currents that the device can 
measure. 

meter torque See DEFLECTING TORQUE. 

meter-type relay See METER RELAY. 

methyl methacrylate resin Also known by the 
trade name Lucite. A plastic insulating material. 
Dielectric constant, 2.8 to 3.3. Dielectric 
strength, 20 kV/mm. 

metre Abbreviation, m. Alternate spelling of meter 
when used to specify displacement or wave- 
length. See METER, 2. 

metric system The decimal system of weights and 
measures based on the meter, kilogram, and sec- 
ond. Also see CENTIMETER-GRAM-SECOND, 
METER-KILOGRAM-SECOND, and INTERNA- 
TIONAL SYSTEM OF UNITS. 

metric ton Abbreviation, MT. A metric unit of 
weight equal to 1000 kilograms or 1.1023 English 
tons. 

metric waves British designation for electromag- 
netic energy having wavelengths ranging from 10 
meters down to 1 meter, corresponding to fre- 
quencies from 30 MHz up to 300 MHz. 

metrology The science of weights and measures, 
including electrical standards and electronic in- 
struments and measurements. (Not to be con- 
fused with METEOROLOGY.) 
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metronome A mechanical or electronic device that 
produces audible beats (ticks). It is commonly 
used in setting the tempo for music, and for au- 
dibly timing certain processes. 

MeV Abbreviation of MEGAELECTRONVOLT(s). 

MEW Abbreviation of MICROWAVE EARLY WARN- 
ING. 

mF Abbreviation of MILLIFARAD. 

MF 1. Abbreviation of MEDIUM FREQUENCY. 
2. Abbreviation of MIDFREQUENCY. 

MFD Abbreviation of MAGNETOFLUID DYNAMICS 
(see MAGNETOHYDRODYNAMICS). 

MFSK Abbreviation of MULTIPLE FREQUENCY- 
SHIFT KEYING. 

Mg Symbol for MAGNESIUM. 

mg Abbreviation of MILLIGRAM. 

MGD Abbreviation of MAGNETOGASDYNAMICS 
(see MAGNETOHYDRODYNAMICS). 

MHD Abbreviation of MAGNETOHYDRODYNAM- 
ICS. 

MHD generator See MAGNETOHYDRODYNAMIC 
GENERATOR. 

MHD gyroscope See MAGNETOHYDRODYNAMIC 
GYROSCOPE. 

MHD power generation See MAGNETOHYDRO- 
DYNAMIC GENERATOR. 

mho Obsolete term for the standard unit of electri- 
cal conductance. See SIEMENS. 

mhp Abbreviation of MILLIHORSEPOWER. 

MHz Abbreviation of MEGAHERTZ. 

mi Abbreviation of MILE. (Also, m.) 

MIC Abbreviation of MICROWAVE INTEGRATED 
CIRCUIT. 

mic Abbreviation of MICROPHONE. 

mica _ A dielectric mineral of complex silicate compo- 
sition, easily separated into numerous thin, trans- 
parent sheets. It is widely used as a capacitor 
dielectric and high-temperature electrical insula- 
tor. Dielectric constant, 2.5 to 7. Dielectric 
strength, 50 to 220 kV/mm. Also see MUSCOVITE. 

mica capacitor A component that is made by alter- 
nately stacking metal sheets and layers of mica, 
or by applying silver ink to sheets of mica. The 
metal sheets are wired together into two meshed 
sets, forming the two terminals of the capacitor. 
This type of capacitor is noted for low loss. Voltage 
ratings can be up to several thousand volts if 
thick sheets of mica are used. But these capaci- 
tors are physically bulky in proportion to their ca- 
pacitance. The main application is in radio 
receivers and transmitters. Compare CERAMIC 
CAPACITOR, ELECTROLYTIC = CAPACITOR, 
PAPER CAPACITOR, PLASTIC-FILM CAPACITOR, 
TANTALUM CAPACITOR. 

MICR Abbreviation of MAGNETIC INK CHARAC- 
TER RECOGNITION. 

micro- 1. A prefix meaning MILLIONTH(S) (i.e., 
10°§). 2. A prefix meaning extremely small (as in 
microstructure). Compare MACRO-. 

microalloy diffused transistor Abbreviation, 
MADT. A MICROALLOY TRANSISTOR having a 
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uniform base region that is diffused into the 
wafer before the emitter and collector electrodes 
are produced by alloying. 

microalloy transistor Abbreviation, MAT. A tran- 
sistor having tiny emitter and collector electrodes 
that are formed by alloying a thin film of impurity 
material with a collector pit and emitter pit facing 
each other on opposite surfaces of the semi- 
conductor wafer. Also see SURFACE-BARRIER 
TRANSISTOR. 

microammeter A usually direct-reading instru- 
ment used to measure current in the microam- 
pere range. Also see CURRENT METER. 

microampere A small unit of current, equal to 10° 
(0.000001) A. 

microbalance A sensitive electronic weighing de- 
vice. One type uses one or more servo amplifiers 
for the balancing operation. 

microbar A cgs unit of low pressure, equal to 10 
b or 0.1 pascal. Also see BAR, 1 and MILLIBAR. 

microbarograph A barograph that is sensitive to 
small changes in pressure. 

microbeam An energy beam (ray) having extremely 
small cross section. 

microcircuit An extremely small circuit fabricated 
upon and within a substrate, such as a semicon- 
ductor chip. Also see INTEGRATED CIRCUIT. 

microcode 1. See MICROINSTRUCTION. 2. A code 
for MICROPROGRAMMING. 

microcomponent A tiny component in an elec- 
tronic circuit. Examples are the resistors, capaci- 
tors, diodes, and transistors fabricated onto an 
integrated-circuit chip. 
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microcomputer 1. A computer contained within 
a single integrated circuit (IC). The simplest 
such devices perform elementary functions and 
are available for a few dollars. More sophisti- 
cated devices control radio receivers and trans- 
mitters, television sets, automobiles, aircraft, 
and robots. The most advanced devices can be 
programmed to provide electrical impulses to 
control erratically functioning body organs, 
move the muscles of paralyzed persons, and 
transcribe speech to writing or vice versa. Com- 
pare MICROPROCESSOR. 2. In general, any 
small computer. 

microcrystal A crystal that is invisible to the 
naked eye. 

microcurie A small unit of radioactivity equal to 
3.71 x 10+ disintegrations per second or 10% 
curie. Also see CURIE. 

microelectrode 1. An electrode used in MICRO- 
ELECTROLYSIS. 2. A tiny electrode, especially 
one of those used in integrated circuits and in 
certain biological applications. 

microelectrolysis Electrolysis of tiny amounts of 
material. Also see ELECTROLYSIS, 1. 

microelectronic circuit 1. A tiny electronic circuit 
other than an INTEGRATED CIRCUIT (i.e., one 
assembled in a small space with small discrete or 
integrated components). 2. See MICROCIRCUIT. 

microelectronic device See MICROELECTRONIC 
CIRCUIT. 

microelectronics The branch of electronics deal- 
ing with extremely small components and circuits 
fabricated on substrates. Also see INTEGRATED 
CIRCUIT. 

microelectrophoresis Electrophoresis 
particles. 

microelectroscope A very sensitive electroscope 
used to detect minute quantities of electricity. 

microelement A tiny component (capacitor, resis- 
tor, coil, semiconductor device, or transformer) 
mounted on a wafer and used in a MICROCIR- 
CUIT. 

microelement wafer A microwafer on which a mi- 
croelement is mounted or deposited. 

microfarad Abbreviation, uF. A unit of capacitance 
equal to 10°6 (0.000001) F. 

microfarad meter 1. A dynamometer-type meter 
that indicates the value of a capacitor directly in 
microfarads. Such instruments operate from 
an alternating-current power line. 2. A direct- 
reading capacitance meter. 

microfiche A method of storing printed informa- 
tion on small film cards. The pages are reduced 
and arranged in order from left to right and top to 
bottom. The card is inserted into a projecting ma- 
chine to allow retrieval of the information. The 
photographic method is similar to that used in 
MICROFILM. 

microfilm A method of storing printed or photo- 
graphic information. The pages are reduced and 
arranged sequentially on a strip of film, usually 


of single 
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35-mm size. The film is inserted into a projecting 
device for retrieval of the information. 

microgalvanometer A highly sensitive GALVA- 
NOMETER. 

microgauss A magnetic 
(0.000001) gauss. 

microgram A metric unit of weight or mass equal 
to 10-6 (0.000001) gram. 

microgroove record A phonograph disc with a 
very fine groove (200 to 300 per inch), designed 
for playback at 33% revolutions per minute (rpm). 

microhenry Symbol, pH. A unit of inductance, 
equal to 10-6 (0.000001) H. 

microhm Symbol, wQ. A unit of low resistance, re- 
actance, or impedance, equivalent to 10° 
(0.000001) ohm. 

microhm-centimeter A unit of low resistivity, 
equal to 10° (0.000001) ohm-cm. See OHM- 
CENTIMETER and RESISTIVITY. 

microhmmeter An instrument for measuring ul- 
tra-low resistance. Such an instrument must 
have a special provision for canceling the effects 
of contact and lead resistance. 

microinch A unit of linear measure equal to 10% 
(0.000001) inch. 

microinstruction A  machine-code instruction 
that controls the operation of a computer directly 
(i.e., it is a “wired-in” instruction, or one set by 
DIP switches, independent of programs loaded 
into the machine). 

microknowledge In artificial intelligence (AI), de- 
tailed machine knowledge. It includes logic rules, 
computer programs, and data in memory. Com- 
pare MACROKNOWLEDGE. 

microliter A unit of volume, 
(0.000001) liter. 

microlock A special form of phase-locked-loop 
system, used especially with radar to improve the 
signal-to-noise ratio. 

micromanipulator A machine that permits han- 
dling tiny parts in very small areas. An example of 
its use is in placing connections close together in 
microcircuits. 

micrometer 1. An instrument for measuring very 
small thicknesses, diameters, etc. 2. Also called 
micron. The SI unit of length, equal to 10° 
(0.000001) meter, or 10~° (0.001) millimeter. 

micromho See MICROSIEMENS. 

micromicro- See PICO-. 

micromicrofarad See PICOFARAD. 

micromicrohenry See PICOHENRY. 

micromicron A unit of linear measure equal to 
10-!? meter, or 10-6 (0.000001) micrometer. 

micromillimeter See NANOMETER. 

microminiature Pertaining to an extremely small 
body, component, or circuit; the last adjective in 
the sequence of those describing size: standard, 
small, midget, miniature, subminiature, and mi- 
crominiature. 

micromodule A small, encapsulated circuit, con- 
sisting of smaller components. The components 


unit equal to 10° 


equal to 10° 
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can be discrete, can consist of integrated circuits, 
or can be a combination of both. The module is 
easily removed and replaced by means of a plug- 
in socket. 

micron See MICROMETER. 

microphone A transducer that converts sound 
waves, especially speech and music, into electri- 
cal voltage analogs. 

microphone amplifier A sensitive, low-distortion, 
low-noise amplifier used in voice wireless trans- 
mitters and public address systems. Most ampli- 
fiers of this type have a tailored frequency 
response, passing audio between about 300 Hz 
nd 3000 Hz, and attenuating audio outside this a 
range. The range 300 Hz to 3000 Hz is sufficient 
to convey intelligible voice signals, and also allows 


for audio-frequency-shift keying (AFSK) and 
slow-scan television (SSTV) audio input. 

+12 V 
Mu Output 


microphone amplifier 


microphone boom A device used to hang a micro- 
phone, with the base out of the way. It is often 
used in radio broadcasting. 

microphone hummer See HUMMER. 

microphone input In an audio amplifier, a jack or 
other receptacle provided for connection to an ex- 
ternal microphone. It can also be used with other 
low-level audio apparatus. The jack is connected 
to a MICROPHONE AMPLIFIER that provides 
high gain with minimum internal noise. 

microphone oscillator See HUMMER. 

microphonics Ringing (electrical noises) set up by 
the vibration of a component having loose or mov- 
able elements. For example, ringing noises are 
generated in some circuit boards when they re- 
ceive a physical blow. 
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microphonograph A recorder of very low-intensity 
sound. 

microphonoscope An electronic stethoscope, us- 
ing amplification to enhance the response. 

microphotograph An extremely small photograph, 
often of a pattern or mask used in producing 
transistors and integrated circuits. Not to be con- 
fused with photomicrograph, a photograph taken 
through a microscope. 

microphotometer A sensitive instrument for mea- 
suring small-area light intensity. 

microphysics The branch of physics concerned 
with atoms, molecules, and subatomic particles. 

micropower Extremely small amounts of power— 
especially the very low direct-current supply 
power required by some transistors. 

microprocessor The integrated circuit (IC), also 
known as a chip, that coordinates the actions of a 
computer and does the calculations. It is located 
on the motherboard (sometimes called the logic 
board). These devices get more powerful every 
year. Physically, this translates to an increasing 
number of digital switching transistors per chip. 
The number of digital switches that can be fabri- 
cated onto a semiconductor chip of a particular 
size is ultimately limited by the structure of mat- 
ter. Compare MICROCOMPUTER. 

microprogram 1. In computer operations, a rou- 
tine of microinstructions that provides a com- 
puter a specific function, independent of those 
established by programs being run or by the 
monitor program. Also see MICROINSTRUCTION. 
2. In the direction of a computer, use of a routine 
that is stored specifically in the memory, instead 
of elsewhere. 

microprogramming In the direction of a com- 
puter, the use of a routine that is stored specifi- 
cally in the memory, instead of elsewhere. 

micropulsation Also called micropulse. A pulse of 
extremely short duration. 

microradiometer A sensitive detector of heat and 
infrared radiation, consisting essentially of a 
thermopile carried by the moving coil of a gal- 
vanometer. 

microrutherford A unit of radioactivity equal to 
one disintegration per second or 10-6 (0.000001) 
rutherford. Also see RUTHERFORD. 

microsecond A unit of time measure equal to 10% 
(0.000001) second. 

microsiemens A unit of conductance equal to 10° 
(0.000001) siemens. 

microspectrophotometer An extremely sensitive 
spectrophotometer for examining light from tiny 
areas. 

microstrip A microwave component that is, in ef- 
fect, a single-wire transmission line operating 
above ground. 

microsyn A device that translates rotational posi- 
tion into an electrical signal. Similar to a 
SELSYN. It is used for such purposes as rotator- 
direction reading. 
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microsystems electronics The technology of elec- 
tronic systems using tiny electronic components. 
Also see INTEGRATED CIRCUIT, MICROELEC- 
TRONIC CIRCUIT, MICROELEMENT, MICRO- 
ELEMENT WAFER, and MICROWAFER. 

microvolt A unit of low voltage, equal to 10% 
(0.000001) volt. 

microvolter An accurate, external attenuator 
(usually for an audio signal generator) providing 
stepped and continuously variable output in mi- 
crovolts and millivolts. 

microvoltmeter A usually direct-reading instru- 
ment used to measure voltages in the microvolt 
range. An input amplifier boosts the test voltage 
sufficiently to deflect the indicating meter. 

microvolts per meter A unit of radio-frequency 
(RF) field strength. It refers to the RF voltage (in 
microvolts) between an antenna and ground, di- 
vided by the height of the antenna (in meters) 
above ground. Compare MILLIVOLTS PER ME- 
TER. 

microvolts per meter per mile A means of ex- 
pressing absolute radio-frequency (RF) field 
strength. Generally, the numerical value is based 
on the field strength, in MICROVOLTS PER ME- 
TER, at a distance of 1 statute mile (5280 feet) 
from the source. 

microwafer A wafer of insulating material, such as 
a ceramic, on which one or more microelements 
are mounted and terminals deposited or plated. 

microwatt A unit of low power, especially electrical 
power, equal to 10-6 (0.000001) watt. 

microwattage See MICROPOWER. 

microwattmeter An instrument for measuring 
power in the microwatt range. Such an instru- 
ment obtains its sensitivity from a built-in input 
amplifier. 

microwave See MICROWAVES. 

microwave security system A circuit using mi- 
crowave radio-frequency energy to detect intrud- 
ers. When an object moves within the field, the 
intensity of the field changes at one or more 
pickup sensors, triggering an alarm. 

microwave acoustics See ACOUSTOELECTRON- 
ICS and ACOUSTIC DELAY LINE. 

microwave dish A dish antenna for use at mi- 
crowave frequencies. 

microwave early warning Abbreviation, MEW. A 
high-power early warning radar system that af- 
fords large traffic-handling capacity and long 
range. 

microwave filter A bandpass filter built into a 
waveguide for use at microwave frequencies. 

microwave frequencies The general expression 
for radio frequencies above the ultra-high range, 
that is, 3 GHz or more, but below the frequencies 
of infrared energy. This corresponds to radio 
wavelengths of 10 centimeters or less. 

microwave integrated circuit Abbreviation, MIC. 
An integrated circuit designed for use at mi- 
crowave frequencies. 


microwave lens See WAVEGUIDE LENS. 

microwave mirror A reflector of microwaves. 

microwave oven A device consisting essentially of 
a radio-frequency heater using a magnetron 
oscillator. It produces microwave energy that 
causes heating of certain substances via excita- 
tion of the molecules. 

microwave plumbing Collectively, the wave- 
guides, tees, elbows, and similar fixtures and 
connections used in microwave setups. 

microwave radio relay The use of microwaves to 
relay radio, television, and control signals from 
point to point. 

microwave refractometer An instrument using 
microwaves (around 10 GHz) to measure the re- 
fractive index of the atmosphere. 

microwave region See MICROWAVE FREQUEN- 
CIES and MICROWAVES. 

microwave relay See MICROWAVE RADIO RELAY. 

microwave relay system A series of microwave 
transmitter-receiver stations for relaying commu- 
nications in several line-of-sight hops. 

microwaves Radio-frequency electromagnetic en- 
ergy at wavelengths shorter than about 10 cen- 
timeters, but longer than the wavelengths of 
infrared energy. See also MICROWAVE FRE- 
QUENCIES. 

microwave spectrum See MICROWAVE FRE- 
QUENCIES and MICROWAVES. 

microwave transistor A transistor whose semi- 
conductor properties and special fabrication en- 
able it to operate at microwave frequencies. 

microwave tube A KLYSTRON, MAGNETRON, or 
similar tube, used to generate or amplify mi- 
crowave radio-frequency signals. 

midband Abbreviation, MB. The region whose lim- 
its are immediately above and below a MIDFRE- 
QUENCY; the limits are usually specified for a 
particular case. 

midband frequency See MIDFREQUENCY. 

midfrequency The center frequency in a specified 
band of frequencies. 

midget Of reduced size (smaller than small and 
larger than miniature). 

MIDI Acronym for MUSICAL INSTRUMENT DIGI- 
TAL INTERFACE. 

midpoint voltage The voltage at the terminals of a 
cell or battery when it has been discharged 
halfway (i.e., when the amount of energy used up 
is equal to the amount of energy remaining). 

midrange Pertaining to audio frequencies in the 
middle of the human hearing range, where the 
ear is the most sensitive. These frequencies lie be- 
tween the BASS and TREBLE. 

midrange horn A MIDRANGE SPEAKER equipped 
with a flared horn to give the device a unidirec- 
tional sound-emission pattern. It is used primar- 
ily in high-power systems and by popular music 
bands or high-end audio enthusiasts. 

midrange speaker A loudspeaker operating most 
efficiently at frequencies in the middle of the 
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audio spectrum. Such a speaker is intermediate 
in performance between a WOOFER and a 
TWEETER. 

midsection The center section of a multisection fil- 
ter having an odd number of sections; thus, the 
second section of a three-section filter. 

migration See ION MIGRATION. 

mike 1. See MICROPHONE. 2. See MICROFARAD. 
3. See MICROMETER. 

MIL Abbreviation of military. 

mil 1. A small unit of linear measure; 1 mil = 10° 
(0.001) inch = 0.0254 mm. 2. Thousand, as in n 
parts per mil. 

mile Abbreviation, m or mi. A large unit of linear 
measure, 1 mi = 1.609 km = 5280 feet. 

military robot A robot designed and used for the 
purpose of executing some task in warfare. The 
two general types are: human-operated and 
computer-controlled. An example of a human- 
operated military robot is an aircraft that is flown 
by remote control by a ground-based pilot. The 
same robot, or a whole fleet of them, might be 
flown by a computer using sophisticated EXPERT 
SYSTEMS. 

mill A telegraph operator’s typewriter. 

Miller oscillator A crystal oscillator circuit in 
which the crystal is connected between the con- 
trol electrode and ground. The tuned tank is con- 
nected in the output circuit. The internal 
capacitance of the active device provides feedback 
coupling. Sometimes called conventional crystal 
oscillator. 


milli- Abbreviation, m. A prefix meaning thou- 


sandth(s): 10-3 (0.001). 
Output 
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milliammeter A usually direct-reading instrument 
for measuring current in the milliampere range. 
Also see CURRENT METER. 

milliampere Abbreviation, mA. A unit of current 
equal to 10° (0.001) ampere. 

milliampere-hour Abbreviation, mAh. A unit of 
low current drain or charging rate, equal to 10° 
(0.001) ampere-hour. Also see AMPERE-HOUR 
and BATTERY CAPACITY. 

millibar Abbreviation, mb. A unit of low pressure 
equal to 10° (0.001) bar or = 100 pascals. 

millicurie Abbreviation, mCi. A small unit of ra- 
dioactivity equal to 3.71 x 107 disintegrations per 
second, or 10-3 (0.001) curie. Also see CURIE. 

millifarad Abbreviation, mF. A seldom-used unit of 
capacitance, equal to 10-° (0.001) farad or 1000 
microfarads. 

milligram Abbreviation, mg. A metric unit of 
weight equal to 10-3 (0.001) gram. 

millihenry Abbreviation, mH. A unit of induc- 
tance, equal to 10°? (0.001) henry. 

millihorsepower Abbreviation, mhp. A unit of 
power equal to 10-° (0.001) horsepower or 0.746 
watt. Also see HORSEPOWER. 

millilambert Abbreviation, mL. A small unit of 
brightness equal to 10-3 (0.001) lambert. 

milliliter Abbreviation, ml. A metric unit of volume 
equal to 10° (0.001) liter. 

millimaxwell Abbreviation, mMx. A small unit of 
magnetic flux equal to 10° (0.001) maxwell or 
10-!! weber. 

millimeter Abbreviation, mm. A metric unit of lin- 
ear measure equal to 10° (0.001) meter or 
0.03937 inch. 

millimeter equivalent The number of millimeters 
equal to a given English measure fraction (e.g., 
the millimeter equivalent of %« inch is 7.937). 

millimeter waves Wavelengths between 0.6 and 
10 mm (frequencies from 30 to 500 GHz). 

millimicro See NANO-. 

millimicrofarad See NANOFARAD. 

millimicrohenry See NANOHENRY. 

millimicron Abbreviation, mm. A unit of wavelength 
equal to 10° micron or one nanometer (10-° meter). 

millimilliampere See MICROAMPERE. 

millimole Abbreviation, mmol. A unit in chemistry 
equal to 10-8 (0.001) mole. 

milliohm A small unit of resistance, reactance, or 
impedance, equal to 10-3 (0.001) ohm. 

milliohmmeter An ohmmeter for measuring resis- 
tances in the milliohm range. 

million electronvolt(s) See 
VOLT. 

milliphot A unit of illumination equal to 10° 
(0.001) phot. 

millipuffer See PUFFER. 

milliradian Abbreviation, mrad. A unit of angular 
measure equal to 10-3 (0.001) radian. 

milliroentgen Abbreviation, mr. A small unit of ra- 
dioactive dosage; 1 mr = 10° (0.001) roentgen = 
2.57976 x 107 Ci/kg. 


MEGAELECTRON- 
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millirutherford Abbreviation, mrd. A small unit of 
radioactivity equal to 1000 disintegrations per 
second; 1 mrd = 10-3 (0.001) rutherford. 

millisecond Abbreviation, ms or msec. A small 
unit of time equal to 10° (0.001) second. 

millitorr Abbreviation, mT. An obsolete unit of low 
pressure equal to 10° (0.001) torr, or 0.133322 
pascal. Also see TORRICELLI. 

millivolt Abbreviation, mV. A unit of voltage equal 
to 10° (0.001) volt. 

millivoltmeter A usually direct-reading instru- 
ment for measuring low electric potential. Its 
sensitivity is provided by a high-gain amplifier 
operated ahead of the indicating meter. 

millivolt potentiometer Abbreviation, MVP. A po- 
tentiometer-type null instrument for accurately 
measuring small direct-current voltages, such as 
those delivered by a thermocouple. Also see PO- 
TENTIOMETRIC VOLTMETER. 

millivolts per meter Abbreviation, mV/m. A unit 
of radio-frequency (RF) field strength. It refers to 
the RF voltage (in millivolts) developed between 
an antenna and ground, divided by the height (in 
meters) of the antenna above ground. Compare 
MICROVOLTS PER METER. 

milliwatt Abbreviation, mW. A unit of power equal 
to 10-3 (0.001) watt. 

milliwattmeter An instrument for measuring 
power in milliwatts. Such instruments usually 
obtain their sensitivity from a built-in preampli- 
fier. 

Mills cross A radio-telescope antenna, consisting 
of two collinear or phased arrays with a common 
intersecting lobe. The result is high resolution. 

mil-spec security See LEVEL-3 SECURITY. 

min 1. Abbreviation of MINIMUM. 2. Abbreviation 
of MINUTE. 

mineral An element or compound that occurs nat- 
urally in the earth’s crust. Most minerals are 
crystalline and many of these have found use in 
electronics. Some have been produced artificially. 

mineral oil A natural liquid insulant derived from 
petroleum. Dielectric constant, 2.7 to 8.0. Power 
factor, 0.08 to 0.2 percent at 1 kHz. 

mineral-oil capacitor An oil capacitor whose pa- 
per dielectric has been impregnated with mineral 
oil, which is also the filler. 

miniature Very small (smaller than midget and 
larger than subminiature). 

miniature cell An electrochemical cell of very 
small size (e.g., a button cell of the kind used in 
cameras and watches). 

miniaturization The technology of minimizing the 
physical size of a circuit or system, while main- 
taining its ability to accomplish a given task. 

minicalculator A pocket-size electronic calculator. 

minicomputer General term for a computer that is 
more sophisticated than a MICROCOMPUTER, 
but less powerful than a MAINFRAME. 

mini connector A jack or plug having two or three 
conductors, and measuring % (0.125) inch in di- 


5059F-pM-424-465 4/10/01 9:19 AM Page 449 cp 


millirutherford « minor lobe 449 


ameter. It is commonly used with audio equip- 
ment. 

minifloppy A smaller than standard flexible mag- 
netic disk (floppy). 

minima Points along a curve at which a function 
reaches a local minimum value. Also see MAXIMA 
AND MINIMA. 


Local 
minima 


minima 


minimum Abbreviation, min. The smallest value in 
a range or set. Also see MAXIMA AND MINIMA. 

minimum detectable signal A signal whose inten- 
sity is just higher than the threshold of detection. 

minimum discernible signal Abbreviation, MDS. 
The lowest input-signal amplitude that will pro- 
duce a discernible output signal in a radio re- 
ceiver. 

miniscope A very-small-sized, lightweight oscillo- 
scope. 

minitrack A system used to track an earth satel- 
lite, using signals transmitted to the satellite by a 
line of ground radio stations. 

minometer A radioactivity-measuring instrument 
composed of an ionization chamber and a string 
galvanometer. 

minor beats Secondary or extraneous beats pro- 
duced in a beat-note system, caused by various 
sum and difference frequency byproducts of the 
heterodyne process. Compare MAJOR BEATS. 

minor bend A bend in a rectangular waveguide, 
made without twisting. 

minor cycle See WORD TIME. 

minor face In a hexagonal quartz crystal, one of 
the three smaller faces. Compare MAJOR FACE. 

minority carrier The type of charge carrier present 
in relatively small numbers in a processed semi- 
conductor material. Electrons are minority carri- 
ers in p-type material; holes are minority carriers 
in n-type material. Compare MAJORITY CAR- 
RIER. 

minor lobe In a directional antenna system, any 
lobe other than the main lobe(s). Such a lobe rep- 
resents reduced sensitivity and/or power gain 
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relative to the main lobe. Also see MAIN LOBE, 
SIDE LOBE. 

minor loop A subordinate path for the circulation 
of information or control signals in an electronic 
system (e.g., minor feedback loop). Compare MA- 
JOR LOOP. 

minute 1. Abbreviation, min. A unit of measure of 
time equal to 60 seconds or % hour. 2. Also called 
minute of arc. Symbol ('). A unit of arc measure 
equal to %0 angular degree or 60 seconds. 3. Gen- 
eral term meaning “extremely small.” 

MIR Abbreviation of memory-information register. 

mirror 1. A device consisting chiefly of a highly 
polished or silvered surface that reflects a large 
part of the radiation (such as light) striking it. 
2. Radar-interference material (see CHAFF). 3. To 
reflect, as by a mirror. 

mirror galvanometer A galvanometer in which a 
mirror is moved by the coil. The mirror either re- 
flects a spot of light along an external scale, or it 
reflects the scale, which is then read through a 
small telescope. 

mirror-galvanometer oscillograph See 
TROMECHANICAL OSCILLOSCOPE. 

mirror image 1. An image or curve that is exactly 
reversed relative to a straight line or flat plane, 
compared to a reference image or curve. Compare 
BILATERAL SYMMETRY. 2. For a quarter-wave 
Marconi antenna, the extra quarter-wave element 
supplied by the earth. 3. For an antenna at a dis- 
tance d above a ground plane, an effective an- 
tenna at an equal distance d below the ground 
plane. 


ELEC- 
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mirror-reflection echo A false radar echo or set of 
echoes, caused by reflection of the radar beam 
from a plane surface prior to its encountering the 
target or targets. The beam can also be reflected 
from one target to another. 

mirror-type meter A meter whose movable coil 
carries a small mirror (rather than a pointer) that 
reflects a beam of light to produce a spot on a 
translucent scale. 

misaligned head In a tape recorder, a record or a 
pickup head that is incorrectly oriented, with re- 
spect to the passing tape. 

misfire Failure of a gas tube or mercury-arc tube 
to ignite at the correct instant. 
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misleading precision In electronic calculations 
and data recording, greater precision than the in- 
struments or conditions justify. Also see SIGNIF- 
ICANT FIGURES. 

mismatch The condition resulting from joining two 
circuits, or connecting a line to a circuit, in which 
the impedances are substantially different. 

mismatched impedances Impedances that are 
unequal, and thus do not satisfy the conditions 
for maximum power transfer. 

mismatch factor For a load not perfectly matched 
to a driving circuit, the ratio of current flowing in 
the load to the current that would flow in the load 
if its impedance were perfectly matched to the 
output impedance of the driving circuit. 

mismatch loss For a load that is mismatched to a 
source, the ratio P,;/P2, where P; is the power a 
matched load would absorb from the source, and 
Pz is the power actually absorbed by the mis- 
matched load. 

mistor A variable-resistance device, used to detect 
the presence of a magnetic field and to measure 
magnetic-field strength. 

MIT Abbreviation of MASTER INSTRUCTION TAPE. 

mix 1. To produce a beat signal (either the sum or 
the difference frequency) from two input signals. 
2. The proportion of powdered iron and other in- 
ert substances in a ferromagnetic transformer 
core. Different mixes result in different operating 
characteristics. 

mixdown A method of combining recorded sound 
from two or more audio tracks, and recording the 
result onto an audio tape or disc. It is used to cre- 
ate special audio effects. 

mixed-base notation A number system in which 
the base (radix) alternates between two digit posi- 
tions. Also called mixed radix notation. 

mixed calculation A mathematical calculation or 
expression in which more than one operation is 
used. 

mixed modulation Modulation of several kinds co- 
existing in a system. Thus, a small amount of un- 
desired frequency modulation might accompany 
amplitude modulation, or vice versa. 

mixed number A number having integral (whole) 
and fractional parts (e.g., 3.14159). 

mixer 1. A device, such as a transistor or semicon- 
ductor diode, used to mix two input signals and 
deliver an output equal to their difference and/or 
sum (see MIXING). 2. See AUDIO MIXER. 3. Any 
device that combines two or more signals, yield- 
ing one output signal whose nature is determined 
by the characteristics of the circuit. 

mixer noise Electrical noise that occurs in a 
MIXER. 

mixing Combining several signals so that some de- 
sired mixture of the original signals is obtained. 
Compare MODULATION. 

mixture 1. A combination of two or more signals 
that retain their characteristics—even when they 
interact to produce beat-frequency products. 2. A 
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diffusion of one substance throughout another, 
without a solution or a chemical reaction result- 
ing. 

mixture melting point Abbreviation, mmp. The 
temperature at which a mixture of solid sub- 
stances starts turning into a liquid at 1 atmo- 
sphere of pressure. This melting point depends 
upon the melting points of the substances and 
their relative concentration in the mixture. Also 
see MELTING POINT and MIXTURE. 

mks Abbreviation of METER-KILOGRAM-SECOND. 

mL Abbreviation of MILLILAMBERT. 

ml Abbreviation of MILLILITER. 

mm _ Abbreviation of MILLIMETER. 

mmf Abbreviation of MAGNETOMOTIVE FORCE. 

mmol Abbreviation of MILLIMOLE. 

mmp Abbreviation of MLXTURE MELTING POINT. 

mmv Abbreviation of MONOSTABLE MULTIVI- 
BRATOR. 

Mn Symbol for MANGANESE. 

m, Symbol for MASS OF NEUTRON AT REST. 

mnemonic 1. Pertaining to MEMORY or to mem- 
ory systems. 2. A memory code or device. 

mnemonic code In computer operations, a pro- 
gramming code, such as assembly language, 
that, although easily remembered by the pro- 
grammer, requires subsequent conversion to ma- 
chine language. 
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mntr Abbreviation of MONITOR. (Also, mon.) 

MO Abbreviation of MASTER OSCILLATOR. 

Mo Symbol for MOLYBDENUM. 

mobile communications 1. Radio communica- 
tions between or among stations on board mov- 
ing or stationary land, waterborne, or airborne 
vehicles. 2. Radio communications between at 
least one fixed station and one or more moving or 
stationary land, waterborne, or airborne sta- 
tions. 

mobile radio service See MOBILE COMMUNICA- 
TIONS. 

mobile receiver A radio, television, or other re- 
ceiver aboard a moving or stationary land, water- 
borne, or airborne vehicle. 

mobile-relay station A fixed station that receives a 
signal from a MOBILE STATION and retransmits 
it to one or more other mobile stations. 

mobile station A station installed and operated 
aboard a moving or stationary vehicle. The vehi- 
cle might be on land, under water, or in the air. 
Compare PORTABLE STATION. 

mobile transmitter A radio, television, or other 
transmitter aboard a moving or stationary vehi- 
cle. The vehicle might be on land, under water, or 
in the air. 

mobility See CARRIER MOBILITY. 

mockup See DUMMY, 1. 

mod _ 1. Abbreviation of MODULATOR. 2. Abbrevia- 
tion of MODULUS. 3. Abbreviation of MODIFICA- 
TION. 

mode 1. One of the ways a given resonant system 
can oscillate. 2. One of the ways that electromag- 
netic energy can be propagated through a device 
or system. See MODES OF PROPAGATION. 
3. The method via which intelligence is conveyed 
in a communications or broadcast signal. See 
EMISSION MODE. 4. Resonance of sound waves 
within an acoustic chamber. 

mode coupling The exchange or interaction of en- 
ergy between identical modes (see MODE, 1, 2). 

mode filter A waveguide filter that separates 
waves of different propagation mode, but of the 
same frequency (see MODES OF PROPAGATION). 

model 1. A working or mockup version of a circuit, 
system, or device, illustrative of the final version. 
2. A mathematical representation of a process, 
device, circuit, or system. Example: the Ruther- 
ford model of the atom. 

modeling The creation of an object in three-dimen- 
sional computer graphics. 

modem See MODULATOR-DEMODULATOR. 

mode purity In a modulated radio-frequency sig- 
nal, the condition in which no undesirable types 
of modulation exist. For example, a frequency- 
modulated signal in which there is zero ampli- 
tude modulation. 

moderator A substance, such as graphite or 
heavy water, used to slow neutrons in an atomic 
reactor. Also see ACCELERATOR, 1 and REAC- 
TOR, 2. 
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modes of propagation The configurations in 
which microwave energy can be transmitted 
through a WAVEGUIDE. 

modes of resonance In a microwave cavity, the 
configurations in which resonant oscillation can 
exist, depending on the way the cavity is excited. 

modification 1. Changing the configuration of a 
circuit, device, or system, usually to a minor ex- 
tent, to tailor its characteristics for a specific pur- 
pose. 2. Changing some aspect of a signal for a 
specific purpose (e.g., reducing the emission 
bandwidth to allow more signals to fit within a 
given band of frequencies). 3. In computer opera- 
tions, changing program addresses and instruc- 
tions by performing logic and arithmetic on them, 
as if they were data. Also see PROGRAM MODIFI- 
CATION. 

modified alternate mark inversion A signal that 
is similar to alternate mark inversion (AMI), but 
contains certain differences that are specified by 
a rigorous set of standards for the particular sig- 
nal. 

modifier A data item used to change a computer 
program instruction so that it can be used to im- 
plement different successive operations. Also see 
PROGRAM MODIFICATION. 

modifier register See INDEX REGISTER. 

modify To perform a MODIFICATION to a circuit, 
device, system, signal, program address, etc. 

moding A fault characterized by oscillation of a 

MAGNETRON in undesirable modes. 

modular technique See BUILDING-BLOCK TECH- 

NIQUE. 

modulated amplifier A usually high-frequency 

amplifier whose output is varied in some way for 

the purpose of conveying intelligence. Compare 

MODULATED OSCILLATOR. In the amplitude 

modulation of an amplifier, there is little or no 

disturbance of the carrier frequency. Also see 

MODULATION. 

modulated beam 1. An electron beam (as in a 
cathode-ray tube), whose intensity is varied by a 
desired signal. 2. A light beam whose intensity is 
varied for communications or control purposes. 

modulated carrier A carrier wave whose ampli- 
tude, frequency, or phase is varied to convey in- 
telligence. 

modulated continuous wave Abbreviation, mcw. 
A high-frequency carrier wave modulated by a 
continuous, lower-frequency wave, as in MCW 
telegraphy. 

modulated CW See MODULATED CONTINUOUS 
WAVE. 

modulated electron beam See 
BEAM, 1. 

modulated light beam See MODULATED BEAM, 
2. 

modulated oscillator A usually high-frequency 
oscillator whose output is varied in some way to 
convey intelligence. Compare MODULATED AM- 
PLIFIER. Also see MODULATION. 





MODULATED 
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modulated amplifier 


modulated-ring pattern See GEAR-WHEEL PAT- 
TERN and SPOT-WHEEL PATTERN. 

modulated stage A transmitter, amplifier, or oscil- 
lator in which the signal information is impressed 
on the carrier. 

modulated wave See MODULATED CARRIER. 

modulatee A stage or circuit upon which modula- 
tion is impressed (e.g., a MODULATED AMPLI- 
FIER or a MODULATED OSCILLATOR). 

modulating electrode 1. In an oscilloscope, an 
electrode (usually the intensity electrode) to which 
a signal can be applied to intensity-modulate 
the electron beam. 2. In a cathode-ray tube, the 
electrode to which the video signal is applied. 

modulating signal Intelligence that modulates a 
carrier (e.g., binary data in radioteletype, or mu- 
sic in broadcasting). 

modulation Combining two signals with the result 
that some aspect of one signal (the carrier) is var- 
ied by and in sympathy with the other (the mod- 
ulating signal). Usually, the carrier has a 
frequency considerably higher than that of the 
modulating signal. 

modulation bars A form of television interference 
in which an amplitude-modulated signal causes 
horizontal bars, alternating light and dark, to ap- 
pear on the picture screen. The higher the modu- 
lating frequency, the closer together the bars 
appear. In severe cases, the bars completely oblit- 
erate the picture. 

modulation capability The maximum percentage 
of modulation a transmitter will permit before 
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nonlinearity occurs. Also see MODULATION LIN- 
EARITY. 

modulation characteristic For an amplitude- 
modulated wave, the ratio of the instantaneous 
amplitude of the modulated signal to the instan- 
taneous modulating voltage. 

modulation code In a modulated transmitter, a 
system of modulation in which certain signal 
variations or pulses represent particular charac- 
ters. Examples are ASCII, BAUDOT CODE, and 
MORSE CODE. 

modulation coefficient Symbol, m. A figure ex- 
pressing the depth (extent) to which a signal is 
amplitude-modulated. For a signal in which the 
upward modulation is equal to the downward 
modulation, m = (Em - E,J/E,, where E, is the 
peak-to-peak voltage of the unmodulated signal, 
and E,, is the peak-to-peak voltage of the modu- 
lated signal. For full (100%) modulation, m= 1. 

modulation depth See DEPTH OF MODULATION. 

modulation distortion 1. In a modulated signal, 
envelope distortion introduced by the modulation 
process or by the receiver circuit. 2. External 
cross modulation (see CROSS MODULATION, 1). 

modulation envelope See ENVELOPE, 1. 

modulation-envelope distortion Undesirable dis- 
tortion in the ENVELOPE of the modulating intel- 
ligence in an amplitude-modulated or single-side- 
band signal at the output of a radio transmitter. 

modulation factor See MODULATION COEFFI- 
CIENT. 

modulation frequency Abbreviation, f,,. The fre- 
quency of a modulating signal. 

modulation linearity In a modulated signal, the 
degree to which the instantaneous signal ampli- 
tude or frequency follows the instantaneous am- 
plitude of the modulating signal. 

modulation meter See PERCENTAGE-MODULA- 
TION METER. 

modulation monitor 1. A linear detector with a 
pickup coil (or antenna) and headphones for lis- 
tening to an amplitude-modulated signal. 2. See 


PERCENTAGE-MODULATION METER. 3. A de- 
vice that displays the modulation characteristics 
of a signal (e.g., the envelope for amplitude mod- 
ulation and single sideband or the frequency-vs. 
time function for frequency modulation). 

modulation noise See NOISE BEHIND THE SIG- 
NAL. 

modulation percentage A measure of the extent 
to which a signal is amplitude modulated. It is ex- 
pressed as the MODULATION COEFFICIENT 
multiplied by 100. 

modulation ratio For a modulated signal, the quo- 
tient M,/M;, where M, is the percentage of radi- 
ated-signal modulation, and M,; is the percentage 
of current modulation. 

modulator A device or circuit for modulating a car- 
rier. 

modulator cell See KERR CELL. 

modulator crystal A transparent piezoelectric crys- 
tal to which a signal voltage can be applied to mod- 
ulate a beam of polarized light passing through it. 

modulator-demodulator Also called modem. 1. A 
device that converts binary data to audio- 
frequency-shift-keyed (AFSK) analog signals, and 
vice-versa. It is commonly used to interface com- 
puters and terminals with telephone lines and ra- 
dio transceivers. 2. A circuit or device, such as a 
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D/A 
converter 


Data in 
Amplifier 
A/D 
converter 


modulator-demodulator 















Computer 


—P— 


5059F-pM-424-465 4/10/01 9:19 AM Page 454 cp 


454 modulator-demodulator « molecular conductance 


biased diode or diode bridge, that can perform ei- 
ther modulation or demodulation. 

modulator driver An amplifier stage that delivers 
excitation current, voltage, or power to a modula- 
tor stage. 

module An assembly containing a complete self- 
contained circuit (or subcircuit), often miniatur- 
ized and made for plug-in operation. 

modulometer Any instrument, such as a percent- 
age-modulation meter, used to measure the de- 
gree of modulation of a signal. Often, it can also 
measure other signal characteristics (e.g., carrier 
shift, extraneous amplitude modulation, and ex- 
traneous frequency modulation). 

modulo n check In computer operations, a tech- 
nique for verifying the validity of a number used 
as an operand. The number being so checked is 
divided by another number to provide a remain- 
der (check digit) that goes with the number. After 
the number is, for example, transmitted through 
some part of a computer system, it is again di- 
vided by the original divisor, and if the remainder 
is the check digit, the data has retained its in- 
tegrity. 

modulus 1. Absolute magnitude. Also see ABSO- 
LUTE VALUE and IMPEDANCE. 2. Abbreviation, 
mod. In computer operations, a whole number 
that indicates the number of states a counter se- 
quences through in each cycle. 3. Abbreviation, 
mod. A number (constant or coefficient) express- 
ing the degree to which some property is pos- 
sessed by a material or body (e.g., modulus of 
elasticity, shear modulus, and bulk modulus). 4. A 
constant by which a logarithm to one base must 
be multiplied to obtain a logarithm of the same 
number to another base. 

modulus of elasticity The stress-to-strain ratio in 
a material under elastic deformation. 

moire In a television or facsimile picture, an effect 
produced by the convergence of straight lines. 
When the lines are nearly parallel to the scanning 
lines, the converging lines appear irregular. 

moisture meter See ELECTRIC HYGROMETER 
and ELECTRONIC HYGROMETER. 

mol Abbreviation of MOLE. 

molar conductance See MOLECULAR CONDUC- 
TANCE. 

molar polarization Any molecule in an electric 
field undergoes a small displacement of the posi- 
tive and negative electrical centers. This results 
in an electric dipole. 

molar solution A solution, such as an electrolyte, 
containing 1 mol of solute per liter of solvent. 
Compare NORMAL SOLUTION. 

mold _ 1. To form matter into a desired shape, as by 
pouring liquefied material into a container or liq- 
uefying the material in the container, then allow- 
ing the liquid material to solidify. In hot molding, 
the material is melted in the container and then 
cooled to hardness; in cold molding, the material 
is shaped without heat and it solidifies with time. 


2. The hollow container used to shape a material, 
asin 1. 

molded capacitor A capacitor that is molded into 
a protective body of insulating material. Also see 
MOLD, 1, 2 and MOLDED COMPONENT. 

molded ceramic capacitor A _ ceramic-dielectric 
capacitor enclosed in a molded housing. Also 
see MOLD, 1, 2; MOLDED CAPACITOR; and 
MOLDED COMPONENT. 

molded coil See MOLDED INDUCTOR. 

molded component A part (such as a capacitor, 
coil, or resistor) that is completely enclosed in a 
protective material (such as a plastic) that is 
molded around it. Also see MOLD, 1, 2. 

molded electrolytic capacitor A _ solid-dielectric 
electrolytic capacitor enclosed in a molded hous- 
ing. Also see MOLD, 1, 2; MOLDED CAPACI- 
TOR; MOLDED COMPONENT; and _ SOLID- 
ELECTROLYTIC CAPACITOR. 

molded glass capacitor A glassplate-dielectric ca- 
pacitor enclosed in a molded glass housing. Also 
see GLASS CAPACITOR; MOLD, 1, 2; MOLDED 
CAPACITOR; and MOLDED COMPONENT. 

molded inductor An inductor that is molded into a 
protective housing of insulating material. Also see 
MOLD, 1, 2 and MOLDED COMPONENT. 

molded mica capacitor A mica-dielectric capaci- 
tor enclosed in a molded housing. Also see MICA 
CAPACITOR; MOLD, 1, 2; MOLDED CAPACITOR; 
and MOLDED COMPONENT. 

molded mud A molding compound that has infe- 
rior electrical characteristics. Also see MOLD, 1, 
2 and MOLDED COMPONENT. 

molded paper capacitor A paper-dielectric capac- 
itor enclosed in a molded housing. Also see 
MOLD, 1, 2; MOLDED CAPACITOR; MOLDED 
COMPONENT; and PAPER CAPACITOR. 

molded porcelain capacitor A capacitor enclosed 
in a body of molded porcelain. Also see MOLD, 1, 
2; MOLDED CAPACITOR; MOLDED COMPO- 
NENT; and PORCELAIN. 

molded resistor A resistor that is molded in a pro- 
tective housing of insulating material. Also see 
MOLD, 1, 2 and MOLDED COMPONENT. 

molded transistor A transistor that is encapsu- 
lated in a protective molding compound, such as 
epoxy resin. Also see MOLD, 1, 2 and MOLDED 
COMPONENT. 

mole Abbreviation, mol. 1. The amount of sub- 
stance in a system containing as many specified 
entities (atoms, molecules, ions, subatomic parti- 
cles, or groups of such particles) as there are 
atoms in 12 grams of carbon 12. 2. It is also 
called the Avogadro constant. A unit of quantity 
in chemistry, equal to approximately 6.022 x 
1078, 

molectronics See MOLECULAR ELECTRONICS. 

molecular circuit See MONOLITHIC  INTE- 
GRATED CIRCUIT. 

molecular conductance For a solution, such as 
an electrolyte, the product of specific conductivity 
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and the volume (in liters) of a solution that con- 
tains 1 gram molecule of the solute. Also see 
SOLUTE; SOLUTION, 1; and SOLVENT, 1, 2. 

molecular conductivity See MOLECULAR CON- 
DUCTANCE. 

molecular electronics The technique of process- 
ing a single block of material so that separate ar- 
eas perform the functions of different electronic 
components. The entire block constitutes a cir- 
cuit (e.g., a MONOLITHIC INTEGRATED CIR- 
CUIT). 

molecular magnets According to the molecular 
theory of magnetism, the elemental magnets 
formed by individual molecules. 

molecular theory of magnetism Each molecule in 
a piece of magnetic metal is itself a magnet (pos- 
sessing a north and a south pole). These tiny 
magnets are thought to be normally oriented at 
random, but when the material is magnetized by 
an external force, they align themselves with each 
other. 

molecular weight Abbreviation, mol wt. In a 
molecule of a substance, the sum of the atomic 
weights of the constituent atoms. 

molecule The basic particle of a compound; each 
molecule usually contains two or more atoms. 
For example, the formula AgNO; represents silver 
nitrate, each molecule of which contains one 
atom of silver (Ag), one atom of nitrogen (N), and 
three atoms of oxygen (O). 

moletronics See MOLECULAR ELECTRONICS. 

mol wt Abbreviation of MOLECULAR WEIGHT. 

molybdenum Symbol, Mo. A metallic element. 
Atomic number, 42. Atomic weight, 95.94. It is 
used in the grids and plates of certain vacuum 
tubes. 

moment The tendency to produce motion around 
a point, as by torque, or the product of a quantity 
and the distance to a point. The moment of force 
is expressed as the product Fd, where F is force 
and d is distance. 

momentary-contact switch A switch that main- 
tains contact only while it is held down. Such a 
device is usually a pushbutton switch, although it 
might be a toggle switch, a slide switch, or a lever 
switch. 

momentary switching Switching of short dura- 
tion, often characterized by a quick make and 
break immediately following activation of the 
switch. Compare DWELL SWITCHING. 

moment of inertia For a torque motor, the inertia 
of the armature around the axis of rotation. Also 
see MOMENT. 

mon _ 1. Abbreviation of MONITOR. 2. Abbreviation 
of MONAURAL. 

monatomic 1. Pertaining to a molecule with only 
one atom. 2. Pertaining to a molecule with only 
one replaceable atom or radical. 

monatomic molecule A molecule having a single 
atom (e.g., argon, helium, and neon). Compare 
DIATOMIC MOLECULE. 
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monaural 1. Pertaining to an audio system having 
one channel. 2. Pertaining to hearing with one 
ear, as opposed to BINAURAL. 

monaural recorder A single-track recorder, as op- 
posed to a stereophonic recorder. 

Monel metal An alloy of nickel (67%), copper 
(28%), iron, manganese, and other metals (5%). 
Its resistivity is approximately 42 microhm- 
centimeters at 20°C. 

monimatch An amateur version of the reflected- 
power meter and SWR meter. 


mat (2) Ww) out 
input output 


monimatch 


moniscope A special cathode-ray tube that pro- 
duces a stationary picture for testing television 
equipment. Its name is a contraction of monitor 
and scope. 

monitor 1. A device that allows the sampling of a 
signal or quantity. Examples: line-voltage monitor, 
television monitor, and modulation monitor. 2. A 
cathode-ray-tube (CRT) computer display. 

monitor head A separate playback head included 
in some tape recorders for listening to the tape as 
it is being recorded. 

monitoring The act, process, or technique of ob- 
serving an action while it is in progress or check- 
ing a quantity while it is varying. Examples: 
carrier monitoring, modulation monitoring, and 
line-voltage monitoring. 

monitoring amplifier An auxiliary amplifier used 
in monitoring an audio-frequency system. 

monitoring antenna A usually small pickup an- 
tenna used with a signal monitor or monitoring 
receiver. 

monitoring key In a telephone system, a device 
used to listen to a two-way conversation. 

monitoring receiver A radio or television receiver 
used specifically to monitor a transmission di- 
rectly. 

monitoring station Ina security system, a central 
control location from which personnel can ob- 
serve the input from sensors, cameras, and other 
devices at remote locations throughout the se- 
cured area. 

monitor system A computer program usually 
stored in the read-only memory (ROM) supplied 
by the hardware vendor. It controls the imple- 
mentation of programs written by the user, and 
the operation of peripherals associated with 
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program runs and inputting or outputting data to 
or from memory. Also called executive program. 

monkey chatter The characteristic sound of a sin- 
gle-sideband (SSB) signal when the receiver is 
mistuned, or when the receiver is set for the 
wrong sideband. 

monk’s cloth A coarse drapery fabric sometimes 
used to soundproof the walls and ceiling of a ra- 
dio studio or recording booth. 

mono See MONAURAL. 

mono- Prefix meaning single. 

monobrid circuit An integrated circuit in which 
either several monolithic IC chips are intercon- 
nected to form a larger, single-package circuit, or 
monolithic IC chips are interwired with thin-film 
components into a single-package circuit. The 
name is a contraction of monolithic hybrid. 

monochromatic 1. Being of one color (hue) in na- 
ture. 2. Being of a single wavelength in nature 
(pertaining to radiation of any kind). 3. Pertaining 
to black-and-white television. 

monochromaticity Consisting of one color of visi- 
ble light. The brightness can vary from black to 
maximum. 

monochromatic power density At a given tem- 
perature, the energy radiated per square centime- 
ter of blackbody surface per second per unit 
wavelength range. Also see BLACKBODY and 
BLACKBODY RADIATION. 

monochromatic sensitivity Sensitivity to light of 
one color only. 

monochrome television Black-and-white televi- 
sion. 

monoclinic crystal A crystal having three axes of 
unequal length; two of them intersect obliquely 
and are perpendicular to the third [e.g., the type 
of crystal found in one form of sulfur (monoclinic 
sulfur)]. 

monocrystalline material 
MATERIAL. 

monode A one-element device, such as a filament- 
type lamp, thermistor, voltage-dependent resis- 
tor, barretter, etc. 

monogroove stereo A method of making a stereo- 
phonic phonograph disc in which both channels 
are recorded as a single groove. 

monolayer A thin film having a thickness of one 
molecule. 

monolithic integrated circuit An integrated cir- 
cuit (IC) formed in a single block or wafer of semi- 
conductor material. The name is derived from the 
Greek monolithos (“one stone”). Compare HY- 
BRID INTEGRATED CIRCUIT and THIN-FILM IN- 
TEGRATED CIRCUIT. 

monometallic Containing or using only one metal. 

monomolecular film See MONOLAYER. 

monophonic recorder See SINGLETRACK RE- 
CORDER. 

monophonic system A single-channel sound sys- 
tem. Compare STEREO SYSTEM. 


See SINGLE-CRYSTAL 
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monopole antenna See QUARTER-WAVE MONO- 
POLE. 

monopulse In radar and electronic-navigation op- 
erations, using one pulse to determine azimuth 
and elevation simultaneously. 

monorange speaker A loudspeaker that repro- 
duces most of the full audio range. Also called ex- 
tended range speaker. Compare TWEETER and 
WOOFER. 

monostable Having one stable state. 

monostable blocking oscillator Abbreviation, 
MBO. A blocking oscillator that behaves some- 
what like a one-shot multivibrator. The oscillator 
delivers a single output pulse each time it re- 
ceives an input (trigger) pulse. 

monostable multivibrator A multivibrator that 
delivers one output pulse for each input (trigger) 
pulse. Also called one-shot circuit and single-shot 
multivibrator. Compare ASTABLE MULTIVIBRA- 
TOR and BISTABLE MULTIVIBRATOR. 


+5 V 


Input 


Output 


—5V 


monostable multivibrator 


monostatic reflectivity The property whereby, for 
certain reflectors (such as a tricorner reflector), 
all incident rays are reflected in exactly the oppo- 
site direction from which they arrive. 

monotone A sound or series of sounds having a 
single, constant pitch (frequency). 

monotonicity In a digital-to-analog converter, a 
condition where the output either remains the 
same or increases for any single increase in the 
input code. 

monovalent See UNIVALENT. 
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Monte Carlo method 1. The use of statistical sam- 
pling in the approximate solution of an engineer- 
ing problem. 2. In computer operations, the 
construction of mathematical models from ran- 
domly selected components taken from represen- 
tative statistical populations. 

Moog synthesizer An electronic device that can be 
made to simulate virtually any sound, including 
that of musical instruments and the human 
voice, through the use of several audio oscilla- 
tors, whose output can be controlled to produce 
tones of various harmonic content, duration, at- 
tack, and decay periods. 

moonbounce Also called earth-moon-earth (EME). 
Radio communication, usually at very-high fre- 
quencies (VHF) or ultra-high frequencies (UHF), 
in which the moon is used as a passive reflector. 
This is a popular mode among some amateur ra- 
dio operators. 


moon bounce 


MOPA Abbreviation of MASTER OSCILLATOR/ 
POWER AMPLIFIER. 

morphological electronics See 
ELECTRONICS. 

Morse 1.See MORSE CODE. 2. Telegraphy (wire or 
radio). 3. To signal by means of the Morse code. 

Morse code Either of two similar binary codes 
used in radio and wire telegraphy. It uses short 
pulses (dots or dits) and long pulses (dashes or 
dahs) to represent letters of the alphabet, numer- 
als, and punctuation marks. It usually refers to 
the CONTINENTAL CODE, but occasionally it 
refers to the AMERICAN MORSE CODE. 

MOS Abbreviation of metal-oxide-semiconductor. 

mosaic 1. See PHOTOMOSAIC. 2. The pattern of 
tiny photoelectric particles in a television cam- 
era tube that convert the image into electric 
charges. 

mosaic crystal A form of imperfect crystal. The de- 
fects have certain properties, one of which is to 
cause additional energy levels in semiconductor 
materials manufactured from such crystals. 

MOS capacitor A capacitor using metal-oxide- 
semiconductor (MOS) technology. It is used in 
MOS integrated circuits. A silicon substrate 
forms one electrode (generally p-type material). 
An oxide layer forms the dielectric. An electrode 
forms the other plate of the capacitor. The capac- 


MOLECULAR 
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itance might be variable by changing the applied 
voltage at the metal gate electrode. 

MOSFET Abbreviation of METAL-OXIDE- 
SEMICONDUCTOR FIELD-EFFECT TRANSISTOR. 

MOSROM Abbreviation of metal-oxide-semiconduc- 
tor read-only memory (see READ-ONLY MEM- 
ORY). 

MOST Abbreviation of metal-oxide-semiconductor 
transistor. 

most significant character Abbreviation, MSC. In 
positional number representation, the leftmost 
character in a significant group, such as a word. 

most significant digit Abbreviation, MSD. In a 
number, the leftmost digit that is not zero (zero 
being insignificant in this context). 

mother 1. A term or prefix referring to a compo- 
nent that supports (or appears to support) other 
similar components (e.g., MOTHERBOARD). 2. A 
term referring to the source from which samples 
or components are derived (e.g., MOTHER CRYS- 
TAL). 3. A mold that has been electroformed from 
a master phonograph disc. 

motherboard In a computer or data-processing 
device, the circuit board on which most of the 
main circuitry is mounted. 

mother crystal A natural quartz crystal from 
which is produced the piezoelectric plates and 
other components used in electronics. 

motion detector A device for sensing the move- 
ment or stopping of a body, such as a rotating 
shaft. Various sensors are used in different de- 
tectors: magnetic, photoelectric, capacitive, etc. 

motion frequency The natural frequency (espe- 
cially that of oscillation) of a servo. 

Motion Picture Experts Group Abbreviation, 
MPEG. A data-compression standard used for 
animated digital video. It is useful in computer 
videoconferencing and telecommuting, and for 
the development of multimedia presentations. 

motion-picture pickup In television operations, a 
camera (and the technique for using it) for pick- 
ing up scenes directly from motion-picture film. 

motion sensor In security systems, a set of de- 
vices that produces an output signal whenever 
anything moves within a certain area. Such 
equipment might use infrared, ultrasound, 
microwaves, capacitive effects, thermal sensors, 
air-current detectors, sound detectors, video 
cameras, or a combination of these. 

motor 1. A machine for converting electrical en- 
ergy into mechanical energy. 2. The driving 
mechanism of a loudspeaker. 

motorboard The basic mechanism of a _ tape 
recorder, embodying motor, flywheel, capstan, 
rollers, etc., assembled on a board or panel. 

motorboating A repetitive, low-frequency popping 
or puffing noise sometimes observed in malfunc- 
tioning audio circuits. It was so named because 
of its resemblance to the sound of a motorboat. 

motorboating filter In an audio amplifier 
circuit, a simple filter installed to prevent 
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MOTORBOATING caused by unwanted positive 
feedback. Also see DECOUPLING FILTER. 

motor capacitor See MOTOR-RUN CAPACITOR 
and MOTOR-START CAPACITOR. 

motor constant The ability, expressed numeri- 
cally, of a torque motor to convert electric input 
power into torque. 

motor converter An electromechanical device for 
converting alternating current to direct current. 

motor-driven relay An electromechanical relay 
whose contacts are opened and closed by a rotat- 
ing motor. 

motor effect Magnetic force between adjacent cur- 
rent-carrying conductors. 

motor-generator A combination of motor and gen- 
erator in a single machine assembly. A common 
arrangement is a low-voltage motor turning a 
high-voltage generator. The machine shafts can 
be coupled, or the motor can turn the generator 
through a belt, chain, or gear train. 

motor meter A meter in which the movable ele- 
ment is essentially a continuously rotating motor. 
See, for example, KILOWATT-HOUR METER. 

motor-run capacitor A power-factor-boosting ca- 
pacitor connected (together with its auxiliary 
winding) in parallel with the main winding in an 
induction motor. Also see CAPACITOR MOTOR. 

motor-speed control A method of controlling the 
speed of a motor by varying the magnitude 
and/or phase of its current. Electronic devices 
usually use diode, diac, or triac circuits. 

motor-start capacitor A capacitor that, with an 
auxiliary winding, is switched into a motor circuit 
during the starting period, and is automatically 
disconnected (with the winding) after the motor 
reaches normal running speed. Also see CAPACI- 
TOR MOTOR. 

motor starter See STARTING BOX. 

mould See MOLD. 

mount 1. A mechanical device with which a com- 
ponent is attached to a circuit board or chassis. 
2. The attachment of a circuit board to a 
chassis. 3. The hardware with which an an- 
tenna is attached to a mast. 4. The hardware 
with which a microphone is attached to a boom 
or other support. 5. In general, any attaching 
hardware. 

Mountain standard time Abbreviation, MST. Lo- 
cal mean time at the 105th meridian west of 
Greenwich. Also see GREENWICH MEAN TIME, 
STANDARD TIME, TIME ZONE, and COORDI- 
NATED UNIVERSAL TIME. 

mounting flange The portion of a speaker frame, 
usually made of metal, that is equipped with 
holes for attachment to a cabinet or panel. 

mouse A pointing device commonly used with per- 
sonal computers. It is about the size of a candy 
bar. The computer operator moves the display 
pointer or cursor by sliding the mouse on a flat 
surface. Functions and commands are executed 
by pressing a button (clicking) on the device. 
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mouth The radiating end of a horn (antenna, loud- 
speaker, etc.). 

MOV Abbreviation of METAL-OXIDE VARISTOR. 

movable-coil meter See D’ARSONVAL METER. 

movable-coil modulator See ELECTROMECHANI- 
CAL MODULATOR. 

movable contact The traveling contact in a relay 
or switch. Compare FIXED CONTACT. 

movable-iron meter See IRON-VANE METER. 

movies on demand In television, a system that 
makes it possible for subscribers to choose the 
programs they want to see, and also to choose the 
viewing times for the programs. 

moving-coil galvanometer A galvanometer whose 
movable element is a coil of fine wire suspended 
or pivoted between the poles of a magnet. 

moving-coil microphone See DYNAMIC MICRO- 
PHONE. 

moving-coil motor The driving mechanism of a 
moving-coil DYNAMIC SPEAKER. 

moving-coil pickup See DYNAMIC PICKUP. 

moving-coil speaker See DYNAMIC SPEAKER. 

moving-conductor microphone See VELOCITY 
MICROPHONE. 

moving-diaphragm meter A headphone used as a 
sensitive indicator in alternating-current bridge 
measurements. 

moving element In an electromechanical device, 
the portion that moves physically under variable 
operating conditions. 

moving-film camera An oscilloscope camera in 
which the film is drawn past the lens continu- 
ously at a constant speed, rather than being ad- 
vanced frame by frame, as in a motion-picture 
camera. 

moving-iron meter See IRON-VANE METER. 

moving-vane meter See IRON-VANE METER. 

mp Abbreviation of MELTING POINT. 

m, Symbol for MASS OF PROTON AT REST. 

MPEG Abbreviation for MOTION PICTURE EX- 
PERTS GROUP. 

MPG Abbreviation of microwave pulse generator. 

mph Abbreviation of miles per hour. Also, mi/h. 

MPO Abbreviation of maximum power output. 

mps_ 1. Abbreviation of meters per second. Also, 
m/s. 2. Abbreviation of miles per second. Also, 
mi/s. 

MPT Abbreviation of MAXIMUM POWER TRANS- 
FER. 

MPX Abbreviation of MULTIPLEX. 

MR Abbreviation of MEMORY REGISTER. 

mrad Abbreviation of MILLIRADIAN. 

MRIA Abbreviation of Magnetic Recording Industry 
Association. 

mrm_ Abbreviation of milliroentgens per minute. 

MS Abbreviation of MASS SPECTROMETER. 

m?/s_ Abbreviation of meters squared per second. 
The unit of kinematic viscosity. 

M scan In radar operations, a modified A-scan dis- 
play in which a pedestal signal is moved along the 
base line to a point where it coincides with the 
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base line of the reflected signal to determine the 
distance to the target. 
msec Abbreviation of MILLISECOND. Also, ms. 
msg Abbreviation of MESSAGE. 


MSI Abbreviation of MEDIUM SCALE INTEGRA- 
TION. 

MST Abbreviation of MOUNTAIN STANDARD 
TIME. 

MT Abbreviation of METRIC TON. 

MTR Abbreviation of MAGNETIC TAPE’ RE- 
CORDER. 


mtr Alternate abbreviation of METER. 

MTS Abbreviation for MULTICHANNEL TELEVI- 
SION SOUND. 

M-type backward-wave oscillator A broadband, 
voltage-tuned oscillator in which the electrons in- 
teract with a backward traveling radio-frequency 
wave. Compare O-TYPE BACKWARD-WAVE OS- 
CILLATOR. 

mu Symbol, yu. 1. Abbreviation of the prefix MI- 
CRO-. 2. Expression for AMPLIFICATION 
FACTOR. 3. Expression for PERMEABILITY. 
4. Expression for MICRON. 5. Expression for ELEC- 
TRIC MOMENT. 6. Expression for INDUCTIVITY. 
7. Expression for MAGNETIC MOMENT. 8. Ex- 
pression for MOLECULAR CONDUCTIVITY. 

uu 1. Symbol for MU. 

uA Abbreviation of MICROAMPERE. 

Ug Symbol for BOHR MAGNETON. 

ub Abbreviation of MICROBAR. 

uCi Abbreviation of MICROCURIE. 

He Symbol for ELECTRON MAGNETIC MOMENT. 

uF Abbreviation of MICROFARAD. 

ug Abbreviation of MICROGRAM. 

HH Abbreviation of MICROHENRY. 

in Abbreviation of MICROINCH. 

ul Abbreviation of MICROLITER. 

umm Abbreviation of micromillimeter (see NANO- 
METER). 

Un Symbol for NUCLEAR MAGNETON. 

Ho Symbol for FREE-SPACE PERMEABILITY CON- 
STANT. 

Hp Symbol for PROTON MAGNETIC MOMENT. 

uP Abbreviation of MICROPROCESSOR. 

urd Abbreviation of MICRORUTHERFORD. 

uS Abbreviation of MICROSIEMENS. 

us Abbreviation of MICROSECOND. (Also, psec.) 

uv Abbreviation of MICROVOLT. 

uVv/m_ Abbreviation of MICROVOLTS PER METER. 

uW Abbreviation of MICROWATT. 

MUF Abbreviation of MAXIMUM USABLE FRE- 
QUENCY. 

mu factor See MU, 2. 

mu law In communications, a companding stan- 
dard generally used in the United States and 
Canada. 

Muller tube A tube that conducts by means of ion- 
ization of an internal gas. It is used for radiation 
detection. 

multiaddress In a computer, a multiple memory 
location. 
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multiband amplifier A radio-frequency power am- 
plifier capable of operation on more than one fre- 
quency band. The bands are often (but not 
always) harmonically related. Compare WIDE- 
BAND AMPLIFIER. 

multiband antenna A single antenna, such as one 
used in amateur radio and television reception, 
operated in several frequency bands or channels. 
The bands are often (but not always) harmoni- 
cally related. 
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multiband antenna 


multiband device A device (such as a tuner, re- 
ceiver, transmitter, or test instrument) that oper- 
ates in several selectable frequency bands. 

multiband oscilloscope See WIDEBAND OSCIL- 
LOSCOPE. 

multiband receiver A communications receiver 
capable of operation on more than one frequency 
band. Such a receiver might, but does not neces- 
sarily, provide continuous coverage over a wide 
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range of frequencies. Compare WIDEBAND RE- 
CEIVER. 

multicasting The use of two frequency-modulation 
(FM) broadcast stations, or one FM station and 
one television station, to broadcast separately the 
two channels of a stereo program. The program is 
picked up simultaneously with two receivers. 

multicavity magnetron A magnetron whose an- 
ode block has two or more cavities. 

multicellular horn A loudspeaker in front of which 
are placed rectangular cells through which the 
sound passes. 

multichannel Pertaining to a radio-communica- 
tion system that operates on more than one 
channel at the same time. The individual chan- 
nels might contain identical information, or they 
might contain different signals. 

multichannel analyzer A test instrument, such as 
a spectrum analyzer, that splits an input into 
several channels for testing. 

multichannel’ television sound Abbreviation, 
MTS. In television broadcasting, audio transmit- 
ted on more than one channel to provide stereo 
sound to subscribers. 

multichip circuit A MICROCIRCUIT composed of 
interconnected active and passive chip-type com- 
ponents. 

multichip integrated circuit An INTEGRATED 
CIRCUIT composed of circuit elements on sepa- 
rate, interconnected chips. 

multicontact switch A switch having more than 
two contacting positions. 

multicoupler An impedance-matching device used 
to couple several receivers to a single antenna. 

multielement antenna A directive antenna having 
more than one element. Such antennas include 
phased arrays and parasitic arrays. Common ex- 
amples are the LOG-PERIODIC ANTENNA, the 
QUAD ANTENNA, and the YAGI ANTENNA. 

multiemitter transistor 1. A bipolar transistor 
having more than one emitter. 2. A bipolar power 
transistor having several emitters connected in 
parallel in the transistor structure. 

multiframe A set of frames in a signal that are ad- 
jacent to each other in time (consecutive) and po- 
sitioned according to an alignment signal. 

multigun CRT A cathode-ray tube (CRT) having 
more than one electron gun. 

multihop propagation Propagation of a radio wave 
by several successive reflections between the 
ionosphere and the surface of the earth. 

multilayer circuit A circuit consisting of several 
sections printed or deposited on separate layers, 
which are subsequently stacked in a sandwich- 
like manner. 

multilayer coil A coil in which the turns of wire 
are wound in several complete layers, one on top 
of the other. Compare SINGLE-LAYER COIL. 

multilevel password protection See HIERARCHI- 
CAL PASSWORD PROTECTION. 


multimedia 1. In computing, the use of video, 
voice, music, electromechanical control, and/or 
data transfer at the same time. Useful in educa- 
tion, entertainment, business, and gaming appli- 
cations. 2. The use of voice, images, data, and/or 
video in a communications system or network, 
and, in particular, in wireless applications. An ex- 
ample is videoconferencing between a corporate 
office and the user of a handheld computer 
equipped with a wireless modem. 

multimedia computer A personal computer de- 
signed especially for multimedia use. It includes 
a sound board, speakers, a microphone, and a 
CD-ROM (compact-disk read-only memory) drive. 
It often has a large-screen, high-resolution moni- 
tor (17 inches or greater diagonal measure). 

multimeter A meter that allows measurement of 
different quantities (e.g., current, voltage, and re- 
sistance); the functions are usually made avail- 
able through a selector switch. 

multimode operation 1. In radio communication, 
the use of two or more transmitters simultane- 
ously, operating in different modes [e.g., one us- 
ing single-sideband (SSB) and another using 
frequency modulation (FM)]. 2. The transmission 
of visible light or infrared energy through an opti- 
cal fiber in more than one mode at the same time. 
3. The operation of any device in more than one of 
its modes simultaneously. 

multipactor A microwave switching tube capable 
of operating at high power levels. Characterized 
by high operating speed. 

multipath cancellation A phenomenon sometimes 
observed in radio-wave propagation. Separate sig- 
nal components arrive at the receiver in equal am- 
plitude, but opposite phase. Also see MULTIPATH 
FADING and MULTIPATH RECEPTION. 

multipath delay In MULTIPATH RECEPTION, the 
lag between signal components arriving over dif- 
ferent paths. 

multipath effect At a receiver, the difference in ar- 
rival time of multipath signals. Also see MULTI- 
PATH DELAY. 

multipath fading In radio communication, varia- 
tions in the received signal that result from phas- 
ing various components of the transmitted signal 
that are propagated over different paths. At low, 
medium, and high frequencies, this effect is usu- 
ally the result of ionospheric fluctuation. At very- 
high and ultra-high frequencies, it could occur as 
a result of changes in the state of the intervening 
atmosphere or, occasionally, reflection from ob- 
jects, such as aircraft. 

multipath reception Reception of a signal over 
more than one path. This often results in fading 
(see MULTIPATH FADING) and other undesirable 
effects, such as ghosting in television reception. 

multipath transmission 1. Transmission of a sig- 
nal over two or more paths. Also see MULTIPATH 
RECEPTION. 2. See MULTIHOP PROPAGATION. 
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multiphase system See POLYPHASE SYSTEM. 

multiple access system A timesharing data pro- 
cessing system that can be used by a number of 
people at remote locations, usually through pe- 
ripherals other than conventional terminals (e.g., 
cash registers linked to a computer system for in- 
ventory control). 

multiple-address code In computer operations, an 
instruction code that requires the user to specify 
the address of more than one operand per in- 
struction. 

multiple address instruction A computer pro- 
gram instruction specifying the address of more 
than one operand. 

multiple break 1. Interruption of a circuit at sev- 
eral points. 2. Contact bounce. 

multiple-chip circuit See HYBRID INTEGRATED 
CIRCUIT. 

multiple connector In a flowchart, a symbol 
showing the merging of several flowlines. 

multiple ionization Successive ionization, as 
when an ion repeatedly collides with electrons. 
Also see DOUBLE IONIZATION. 

multiple-length number In computer operations, 
a number occupying more than one register. 

multiple-loop feedback system A feedback sys- 
tem using more than one feedback loop. An 
example is a tunable audio amplifier (see 
PARALLEL-TEE AMPLIFIER) in which a negative- 
feedback path provides tuning, while a positive- 
feedback path sharpens selectivity. 

multiple modulation See COMPOUND MODULA- 
TION. 

multiple precision arithmetic An arithmetic pro- 
cess using several words (bit groups) for an 
operand to ensure accuracy. 

multiple programming 1. Computer operation in 
which several programs in memory share periph- 
erals and processor time. 2. Programming a 
computer so that several logic or arithmetic 
operations can be carried out at the same time. 

multiple-purpose meter See MULTIMETER. 

multiple-purpose tester A multimeter sometimes 
combined with some other instrument, such as a 
test oscillator. 

multiple reel file In a data-processing system, a 
magnetic tape data file of more than one reel. 
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multiple speakers A group of more than two loud- 
speakers, usually operated from a single ampli- 
fier system. 

multiple-stacked broadside array A stacked ar- 
ray in which a number of collinear elements are 
stacked above and below each other. Also see 
BROADSIDE ARRAY and COLLINEAR AN- 
TENNA. 

multiple station Descriptive of a communications 
network in which more than one terminal is used. 

multiple-unit steerable antenna A shortwave an- 
tenna system intended to prevent or minimize the 
effects of fading in received signals. It consists 
principally of a number of rhombic antennas 
feeding the receiver. The system utilizes the vari- 
ous waves arriving at different angles. An electric 
steering system causes the antennas to be se- 
lected automatically in the best combination and 
with their outputs in the proper phase. Also see 
DIVERSITY RECEPTION. 

multiple winding See DRUM WINDING. 

multiplex Pertaining to a communications or 
broadcasting system in which multiplexing is 
used. See MULTIPLEXING, 1, 2, 3. 

multiplex adapter A special circuit (or auxiliary 
unit) used in frequency-modulated radio re- 
ceivers for stereophonic reception from a station 
transmitting a multiplex broadcast. Also see 
MULTIPLEXING, 1 and MULTIPLEX STEREO. 

multiplex code The transmission of multiple sig- 
nals over a single medium, using a code (such as 
Morse, Baudot, or ASCII). See MULTIPLEXING, 2, 
3. 

multiplex data terminal A computer terminal act- 
ing as a modem by virtue of its accepting and 
transferring signals between its input/output de- 
vices and a data channel. 

multiplexer A device that allows two or more sig- 
nals to be transmitted simultaneously on a single 
carrier wave, communications channel, or data 
channel. See MULTIPLEXING, 2, 3. 

multiplexing 1. A process in which a compara- 
tively low-frequency carrier is modulated, then 
mixed with a signal that has a higher frequency. 
Also see SUBCARRIER and SUBSIDIARY COM- 
MUNICATION AUTHORIZATION. 2. The simulta- 
neous transmission of numerous relatively 
low-frequency signals on a single carrier having a 
higher frequency. Also called frequency-division 
multiplexing. 3. The transmission of numerous 
signals on a single channel by breaking each sig- 
nal into timed fragments (intervals) and transmit- 
ting the fragments in a rotating sequence. Also 
called time-division multiplexing. 4. In certain dig- 
ital light-emitting-diode (LED) displays, the light- 
ing of various parts of the display in a rapidly 
rotating sequence. 

multiplex stereo The use of multiplexing to broad- 
cast both channels of a stereophonic program on 
a single carrier wave. See MULTIPLEXING, 1, 2. 
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multiplex telegraphy 1. A system of wire telegra- 
phy in which two or more messages are sent si- 
multaneously in one or both directions. 2. A 
system of radiotelegraphy in which two or more 
messages can be sent simultaneously on the 
same carrier wave. 

multiplex telephony 1. A system of wire tele- 
phony in which two or more messages can be 
sent simultaneously in one or both directions 
over the same line. 2. A system of radiotelephony 
in which two or more messages can be sent si- 
multaneously on the same carrier wave. 

multiplication 1. The arithmetic process whereby 
a certain factor is added to itself the number of 
times indicated by another factor (the multiplier). 
2. A method of increasing a quantity, magnitude, 
or rate by some desired factor. See, for example, 
FREQUENCY MULTIPLIER and VOLTAGE MUL- 
TIPLIER. 

multiplier 1. See FREQUENCY MULTIPLIER. 
2. See VOLTAGE MULTIPLIER. 3. A circuit or 
device for performing arithmetic multiplication. 
4. See VOLTMETER MULTIPLIER. 

multiplier amplifier A frequency-multiplying am- 
plifier (such as a doubler, tripler, or quadrupler), 
whose output circuit is tuned to an integral mul- 
tiple of the input frequency. Compare STRAIGHT- 
THROUGH AMPLIFIER. 

multiplier phototube Sce 
TUBE. 

multiplier prefix A prefix that, when affixed to the 
name of a quantity (e.g., Hertz and byte) indicates 
the amount, usually a power of 10 or a power of 
2, by which that quantity is to be multiplied. Also 
called prefix and prefix multiplier. See PREFIXES 
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table in Appendix B. Also see, for example, 
GIGA-, KILO-, MEGA-, MICRO-, MILLI-, NANO-, 
and PICO-. 

multiplier probe 1. A resistor-type test probe for a 
voltmeter, which increases the range of the meter 
and, therefore, acts as a voltmeter multiplier. 2. A 
voltage-multiplier type of test probe for a voltmeter, 
which multiplies the test voltage before it is applied 
to the instrument (e.g., voltage-doubler probe). 

multiplier register In a computer, a register that 
retains a number during a multiplication opera- 
tion. 

multiplier resistor A resistor connected in series 
with a current meter (usually a milliammeter or 
microammeter) to make it a voltmeter. Also called 
VOLTMETER MULTIPLER. 

multiplier tube See PHOTOMULTIPLIER TUBE. 

multipoint circuit A transmission circuit or sys- 
tem, in which information can be entered or re- 
trieved at two or more locations. 

multipoint distribution service In radio broad- 
casting, the transmission of programs via mi- 
crowave links from a central facility to various 
local stations. 

multipolar Pertaining to the presence of more than 
two magnetic poles. 

multipolar machine A motor or generator having 
a number of poles in its armature and field. 

multiposition relay A relay having more than two 
positions of closure. See, for example, SELECTOR 
RELAY. 

multiposition switch A switch having more than 
two contacting positions. See, for example, SE- 
LECTOR SWITCH and STEPPING SWITCH. 

multiprocessing 1. In a computer system, the 
running of more than one program at once. 
2. The use of more than one microprocessor 
simultaneously in a single computer. Also called 
parallel processing. 3. See TIME SHARING. 

multiprogramming Also called multitasking. In a 
computer system, a technique that allows two or 
more programs to be executed at the same time. 
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multipurpose meter An electric meter that per- 
forms several functions, usually available 
through a function selector. Examples: VOLTAM- 
METER, VOLT-OHMMETER, and VOLT-OHM- 
MILLIAMMETER. 

multirange instrument An instrument provided 
with several separate ranges, usually selectable 
by range switching (e.g., five-range voltmeter, 
two-scale ammeter, and four-band oscillator). 

multisection filter A filter having two or more se- 
lective sections connected in cascade. 

multisegment magnetron See MULTICAVITY 
MAGNETRON. 

multiskip propagation See MULTIHOP PROPAGA- 
TION. 

multistage device A device having several stages 
operating in cascade or otherwise coordinated 
with each other (e.g., a five-stage amplifier). 

multistage feedback Feedback (positive or nega- 
tive) between several stages in a system, as op- 
posed to feedback between the output and input 
of a single stage. 

multistage oscillation Oscillation resulting from 
positive feedback between or among two or more 
stages of an amplifier chain, as opposed to oscil- 
lation occurring between the output and input of 
a single amplifier stage. 

multistage X-ray tube An X-ray tube providing 
electron acceleration by means of successive 
ring-shaped anodes—each biased to a higher 
voltage than the preceding one. 

multiswitch A switch having a number of poles 
and contacts. 

multitester An instrument, such as a multimeter 
or a combined signal generator and oscilloscope, 
that performs a number of different test func- 
tions. 

multitrack recording 1. A recording on two or 
more tracks (e.g., multitrack disk and multitrack 
tape). 2. Making a recording on a tape or disc 
with two or more tracks. 

multiturn loop antenna A small loop antenna 
(whose diameter measures less than approxi- 
mately 10 degrees of phase in free space) that has 
two or more turns of wire or tubing. The loop has 
significant inductance. A capacitor, connected in 
parallel or in series with the loop, can produce a 
narrowband frequency response. 

multiturn potentiometer A potentiometer whose 
shaft must be rotated through several complete 
revolutions to cover the full resistance range. 

multivalent Having a valence greater than 2. Com- 
pare UNIVALENT. 

multivibrator A circuit usually containing two tran- 
sistors in a resistance-capacitance (RC) coupled 
amplifier, whose output is capacitance-coupled to 
the input. The two stages switch each other alter- 
nately in and out of conduction at a frequency de- 
termined by the Rand Cvalues. Also see ASTABLE 
MULTIVIBRATOR, BISTABLE MULTIVIBRATOR, 
and MONOSTA-BLE MULTIVIBRATOR. 
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multiwire antenna An antenna having more than 
one wire in the radiating section. In early flat-top 
antennas, such wires were usually connected to- 
gether at one end. 

multiwire doublet antenna A doublet antenna 
having more than one wire in its radiator. A com- 
mon form is the folded dipole, in effect two closely 
spaced dipole radiators connected together at 
both ends, one being center-fed. 

Mumetal A high-permeability alloy of iron and 
nickel, valued especially for use as a magnetic 
shield for cathode-ray tubes. 

Munsell color system A system for specifying col- 
ors in terms of hue, saturation, and brilliance, 
according to charts. Also see COLOR MATCHING. 

Muntz metal See YELLOW METAL. 

MUPO Abbreviation of MAXIMUM UNDISTORTED 
POWER OUTPUT. 

Murray-loop bridge A specialized form of Wheat- 
stone bridge in which two of the resistance arms 
are supplied by a two-wire line (such as a tele- 
phone line). By means of resistance measure- 
ments made with the bridge, the distance from an 
office or station to a ground fault on the line can 
be determined. 

MUSA Abbreviation of multiple-unit steerable an- 
tenna. 

muscovite Formula, KHeAlo(SiO,.)3. A high-grade 
variety of mica having low dielectric loss. 

Musical Instrument Digital Interface Acronym, 
MIDI. A computer language used in electronic 
music. It “tells” the computer when to play a note, 
how long to play it, and how loud to play it. It also 
sets the tempo of the music, based on how long a 
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quarter-note lasts. It controls the operation of a 
music synthesizer, and allows two or more syn- 
thesizers to communicate. 

musical quality See TIMBRE. 

musical scale A series of tones between a given 
tone and its second harmonic, scaled in intervals 
of % octave. The most common example can be 
found on a piano. Variations exist (e.g., 13-note 
scale, six-note scale, and five-note scale). 

music chip An integrated circuit for producing 
various musical effects (such as tones, percus- 
sion, etc.). 

music power For a power amplifier, the short-term 
output power obtained in the reproduction of mu- 
sic waveforms, in contrast to root-mean-square 
(rms) or effective power output. 

music synthesizer A set of oscillators, usually op- 
erated with a computer, used to create or playing 
electronic music. Also see MOOG SYNTHESIZER 
and MUSIC INSTRUMENT DIGITAL INTERFACE. 

music under Pertaining to low-volume, continu- 
ous, background music, often added to presen- 
tations, radio and television advertisements, 
educational programs, etc. 

muting 1. Disabling a receiver or amplifier under 
no-signal or weak-signal conditions. 2. Softening 
or muffling a sound. 


Amplifier 
stage 









Muting 
transistor 


muting 


muting circuit 1. An interference-preventing de- 
vice that automatically shuts off a radio receiver 
during the operation of a transmitter, and vice 
versa. 2. A squelch circuit. 3. In a stereo receiver, 
an electronic element that cuts off all audio when 
no signal is present or when the receiver is being 
tuned between carriers. 

muting switch A switch or relay that cuts off a re- 
ceiver during periods of transmission, or when re- 
ception is not desired. Generally, a cutoff voltage 
is applied to one of the intermediate-frequency 
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stages to accomplish muting. In some cases, the 
audio-frequency circuit is disabled. 

mutual antenna coupling Electromagnetic cou- 
pling between or among antennas when they are 
placed too close together. Usually, it is an unde- 
sirable phenomenon. 

mutual capacitance Inherent capacitance be- 
tween two conductors. 

mutual-capacitance attenuator An attenuator 
that, in its simplest form, is essentially a 
shielded, two-plate variable capacitor. 

mutual conductance See TRANSCONDUCTANCE. 

mutual impedance An impedance shared by two 
or more branches of a circuit. 

mutual inductance Symbol, M. Unit, henry. The 
property shared by neighboring inductors or in- 
ductive devices that enables induction to occur. A 
mutual inductance of 1 henry is present when a 
current change of 1 ampere per second in one in- 
ductor induces 1 volt across another inductor. 
Also see INDUCTANCE. 

mutual-inductance attenuator An _ attenuator 
consisting essentially of two coupled coils (input 
and output), whose spacing can be gradually 
changed. 

mutual-inductance bridge See CAREY-FOSTER 
MUTUAL-INDUCTANCE BRIDGE. 

mutual induction The action whereby the mag- 
netic field produced by alternating current in one 
conductor produces a voltage in another isolated 
conductor. 

mutual interference 1. See © ADJACENT- 
CHANNEL INTERFERENCE. 2. Any kind of 
interference between or among radio-frequency 
communications circuits. 

mutually exclusive events Two or more events (or 
data points) so that the occurrence of one pre- 
vents the occurrence of the other(s). That is, two 
events cannot take place simultaneously. 

MV 1. Abbreviation of MEGAVOLT. 2. Abbreviation 
of MULTIVIBRATOR. 

mV Abbreviation of MILLIVOLT. 

MV Abbreviation of MEDIUM VOLTAGE. 

MVA Abbreviation of MEGAVOLT-AMPERE. 

mV/m_ Abbreviation of millivolts per meter. 

mVP Abbreviation of MILLIVOLT POTENTIOME- 
TER. 

MW Symbol for MEGAWATT. 

mW Symbol for MILLIWATT. 

mw Abbreviation of MEDIUM WAVE. 

MWH Abbreviation of MEGAWATT-HOUR. 

mW RTL Abbreviation of milliwatt resistor-transis- 
tor logic or low-power resistor-transistor logic. 

Mx Abbreviation of MAXWELL. 

Mycalex Trade name for an insulating material 
consisting of mica bonded with glass. Dielectric 
constant, 6 to 8. Resistivity, 10!° ohm-cm. 

Mylar A DuPont registered trademark. A tough, 
plastic insulating material commonly used as a 
magnetic tape base. Dielectric constant, 2.8 to 
3.7. Dielectric strength, 7000 V/mil. 
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Mylar capacitor A capacitor in which the dielectric 
film is Mylar. 

Mylar tape Magnetic recording tape using a Mylar 
film as the substrate. 

mym Abbreviation of MYRIAMETER. 

myoelectricity 1. Bioelectric pulses of 10- to 
1000-mV amplitude produced by muscular activ- 
ity and detectable by electrodes attached to the 
skin. Also see ELECTROMYOGRAM, ELEC- 
TROMYOGRAPH, and ELECTROMYOGRAPHY. 2. 
The study of phenomena, as defined in 1. 
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myogram See ELECTROMYOGRAM. 

myograph See ELECTROMYOGRAPH. 

myography See ELECTROMYOGRAPHY. 

myriameter Abbreviation, mym. A metric unit of 
linear measure equal to 10 kilometers (104 me- 
ters). 

myriametric waves British designation for elec- 
tromagnetic energy having wavelengths from 
100 kilometers down to 10 kilometers, corre- 
sponding to frequencies from 3 kHz up to 
30 kHz. 
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N_ 1. Symbol for NUMBER. 2. Symbol for NITRO- 
GEN. 3. Abbreviation for NEWTON. 4. Abbrevia- 
tion of NUMBER (also, No.). 5. Symbol for the set 
of natural (counting) numbers (0, 1, 2, 3, os 

n_ 1. Abbreviation of prefix NANO-. 2. Symbol for 
NUMBER. 3. Symbol for a term (e.g., a multiplier) 
having an assigned value. 4. Symbol for part of 
an expression or operator (as in 2n, n- 1, n?, etc.). 
5. Symbol for INDEX OF REFRACTION. 6. Sym- 
bol for amount of substance (unit, mole). 

NA_ 1. Abbreviation of not available (as on a specifi- 
cations sheet). 2. Abbreviation of not applicable. 

Na, Symbol for AVOGADRO’S CONSTANT. 

Na Symbol for SODIUM. 

nA Abbreviation of NANNOAMPERE. 

NAB Abbreviation of NATIONAL ASSOCIATION OF 
BROADCASTERS. 

NAB curve In audio-frequency operations, the 
standard magnetic tape playback equalization 
curve developed by the National Association of 
Broadcasters (NAB). 

NAE Abbreviation of National Academy of Engineer- 
ing. 

NAND circuit Also called NOT-AND circuit. A binary 
digital circuit whose output is high (logic 1) if any 
of the input signals are low (logic 0); the output is 
low only when all the inputs are high. The perfor- 
mance of the NAND circuit is the inverse of that of 
the AND circuit. 

NAND gate A gate that performs the function of a 
NAND circuit. 

nano- Abbreviation, n. A _ prefix meaning bil- 
lionth(s) (i.e., 10-9). 

nanoampere Abbreviation, nA. A unit of current; 
1 nA equals 10° ampere. 
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nanofarad Abbreviation, nF. A unit of capacitance; 
1 nF equals 10~° farad. 

nanohenry Abbreviation, nH. A unit of low induc- 
tance; 1 nH equals 10°° henry. 

nanometer Abbreviation, nm. A unit of short wave- 
length or displacement; 1 nm equals 10° meter. 

nanosecond Abbreviation, ns. A time interval of 
10°° second. 

nanotechnology The design and construction of 
superminiature electronic and electromechanical 
devices. For example, microscopic, computer- 
controlled robots might someday be used as pro- 
grammable antibodies to fight infectious diseases, 
or to build integrated circuits, atom by atom. 

nanovolt Abbreviation, nV. A unit of low voltage; 
1 nV equals 10°° volt. 

nanovoltmeter A sensitive voltmeter for measur- 
ing potential in the nanovolt range. 
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nanowatt Abbreviation, nW. A unit of low power; 
1 nW equals 10° watt. 

nanowattmeter A meter for measuring power in 
the nanowatt range. 

NAP Abbreviation of nuclear auxiliary power. 

napier See NEPER. 

Napierian base Symbol, e. An irrational number, 
equal to approximately 2.718282, and used as 
the NAPIERIAN LOGARITHM base. 

Napierian logarithm Abbreviation, In or log.. A 
logarithm to the base e (see NAPIERIAN BASE). 
Also called NATURAL LOGARITHM. Compare 
COMMON LOGARITHM. 

NAPU Abbreviation of nuclear auxiliary power unit. 

narrative A computer program statement that, 
rather then being an instruction, merely de- 
scribes the purpose of what follows (usually the 
steps in a routine or a block of instructions) as a 
debugging or program modification aid. In a pro- 
gram written in BASIC, such a statement is pre- 
ceded by the abbreviation REM, for remark. Also 
called COMMENT. 

narrowband _ 1. A frequency band in which the dif- 
ference between upper and lower limits is small 
compared with bandwidths typical of the service 
specified. 2. Pertaining to a radio-frequency emis- 
sion whose bandwidth is limited or restricted. 3. 
Pertaining to a circuit or device that operates over 
a comparatively small range of frequencies. 4. In 
a digital network, a channel having a bandwidth 
of 64 kbps or less. 

narrowband amplifier An amplifier whose pass- 
band is restricted to a fraction of the frequency 
spread common to the amplifier’s application. 

narrowband FM See NARROWBAND FREQUENCY 
MODULATION. 

narrowband frequency modulation Abbreviation, 
NBFM or NFM. Frequency modulation in which 
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the maximum instantaneous frequency deviation 
is no greater than the highest modulating fre- 
quency. 

narrowband interference Signal interference 
whose bandwidth is narrow, compared with that 
of the circuit affected. 

narrowband voice modulation Abbreviation, 
NBVM. A scheme via which an analog voice signal 
is compressed into a band of frequencies nar- 
rower than that normally required for effective 
communication. 

narrow bandwidth Pertaining to a radio-frequency 
emission whose bandwidth is comparatively nar- 
row (e.g., a small fraction of the available spec- 
trum space in the frequency band being used). 

narrow-sector recorder A directional radio re- 
ceiver for locating sources of atmospheric noise. 

NARTB Abbreviation of National Association of Ra- 
dio and Television Broadcasters. 

NAS Abbreviation of National Academy of Sciences. 

National Association of Broadcasters Abbrevia- 
tion, NAB. A countrywide organization of radio 
and television broadcasters. 

National Bureau of Standards Abbreviation, NBS. 
An agency in the U.S. that maintains values for 
physical constants in the Standard International 
(SJ System of Units. It also maintains radio 
broadcast stations that transmit standard time 
and frequency signals. 

National Electrical Manufacturers Association 
Abbreviation, NEMA. A countrywide organization 
of manufacturers of electrical and electronic 
equipment and supplies. 

National Electric Code Abbreviation, NEC. Safety 
regulations and procedures issued by the Na- 
tional Fire Protection Association for the installa- 
tion of electrical wiring and equipment in the 
United States. Although the code is advisory from 
the Association’s standpoint, it is enforced to var- 
ious degrees by local authorities. 

National Television Standards Committee Ab- 
breviation, NTSC. A U.S. organization of television 
companies and other interested organizations. It 
developed the original black-and-white and color 
television standards that were approved by the 
Federal Communications Commission. 

natural-decay curve See EXPONENTIAL DE- 
CREASE. 

natural antenna frequency The fundamental res- 
onant frequency of an electromagnetic antenna. 

natural disintegration 1. The decay of a radioac- 
tive substance as a result of the continuous emis- 
sion of particles and rays. 2. Also called half life. 
The time required for half of a quantity of a ra- 
dioactive substance to decay into a different iso- 
tope or element. 

natural electricity 1. Atmospheric electricity. 
2. The electricity in living organisms, that is, BIO- 
ELECTRICITY. 

natural frequency See 
FREQUENCY. 


NATURAL RESONANT 
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natural-growth curve See EXPONENTIAL IN- 
CREASE. 

natural interference Interference from atmo- 
spheric and celestial sources, as opposed to hu- 
man-made interference. 

natural language A spoken or written human lan- 
guage (such as French or Japanese), as opposed 
to a computer language (such as machine lan- 
guage, C++, or LISP). Translation between natu- 
ral language and machine language is important 
in optical character recognition, speech recogni- 
tion, and speech synthesis. 

natural logarithm See NAPIERIAN LOGARITHM. 

natural magnet A material, such as magnetite 
(lodestone), found in nature and exhibiting per- 
manent magnetism. 

natural magnetism Magnetism found in some 
natural materials (see NATURAL MAGNET) and in 
the earth itself. 

natural number 1. Any nonnegative whole num- 
ber, that is, a member of the set N= (0, 1, 2, 3, ...). 
2. See NAPIERIAN BASE. 

natural period The time required for one complete 
wave cycle to occur in a device at its NATURAL 
RESONANT FREQUENCY. 

natural radiation Noise in the form of radiation 
emitted by natural radioactive substances, cosmic 
rays, etc. Also called BACKGROUND RADIATION. 

natural resonance Resonance resulting from the 
unique physical constants of a body, circuit, or 
system. Also see NATURAL RESONANT FRE- 
QUENCY. 

natural resonant frequency 1. The frequency at 
which a circuit or device responds with maximum 
amplitude to applied signals. 2. The frequency at 
which a circuit or device generates maximum en- 
ergy. 3. The frequency at which an object vibrates 
at maximum amplitude. 

natural wavelength The wavelength correspond- 
ing to the NATURAL RESONANT FREQUENCY of 
a circuit, device, or object. 

nautical mile A nautical unit of linear measure 
equal to 1.852 kilometers (1.1508 statute miles). 

nav 1. Abbreviation of navigation. 2. Abbreviation 
of navigational. 

Navaglobe A radionavigation system used at very- 
low or low frequencies over long distances. 

NAVAIDS Abbreviation of NAVIGATIONAL AIDS. 

navar A radar system in which a ground radar 
scans the immediate vicinity of an airport, ob- 
serves the flight activity, and transmits such ob- 
servations to aircraft in flight. The name is a 
contraction of the term navigation and ranging. 

navigation aid An electronic device or system, 
such as radar or radio direction finding, that as- 
sists in the navigation of vehicles on land, at sea, 
or in the air. 

navigation beacon A beam that provides aircraft 
and ships with navigational aid. 

NAWAS Abbreviation of National Attack Warning 
System. 
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Nb Symbol for NIOBIUM. 

nb Abbreviation of NARROWBAND. 

NBFM Abbreviation of NARROWBAND  FRE- 
QUENCY MODULATION. Also abbreviated NFM. 

NBS Abbreviation for NATIONAL BUREAU OF 
STANDARDS. 

NBTDR Abbreviation of narrowband time-domain 
reflectometry. 

nbw Abbreviation of NOISE BANDWIDTH. 

NC 1. Abbreviation of NORMALLY CLOSED. 2. On 
drawings, abbreviation of no connection. 3. Ab- 
breviation of NUMERICAL CONTROL. 

N/C_ Abbreviation of NUMERICAL CONTROL. 

ne Abbreviation of no connection. 

n-channel junction field-effect transistor Abbre- 
viation, NFET. A junction field-effect transistor in 
which the gate junction is formed on a bar or die 
of n-type semiconductor material. 


Gate 





n-channel junction field-effect transistor 


n-channel MOSFET A metal-oxide-semiconductor 
(MOS) field-effect transistor in which the channel 
is n-type material. 

NCMT Abbreviation of NUMERICALLY CONTROL- 
LED MACHINE TOOL. 

NCS Abbreviation of net control station(s). 

N curve A _ negative-resistance voltage-current 
curve having a shape roughly resembling an up- 
percase letter N. Compare S CURVE. 

Nd Symbol for NEODYMIUM. 

N display A radar display in which the target is 
represented by a pair of vertical blips, whose am- 
plitude indicates target direction and whose posi- 
tion along the horizontal base line (as determined 
by lining up a pedestal signal with the blips) is 
read from the pedestal-adjustment calibration. 

n-doped zinc-oxide ceramic A _nonlinear- 
resistance material used in the manufacture of 
some voltage-dependent resistors. 

NDR Abbreviation of NONDESTRUCTIVE READ. 

NDT Abbreviation of NONDESTRUCTIVE TEST. 

Ne Symbol for NEON. 

near-end crosstalk Crosstalk originating at, or 
near, the telephone subscriber line in which the 
interference is noticed. 

near field 1. The radiation field within a radius of 
1 wavelength from a transmitting antenna. 2. The 
sound field near a loudspeaker or other repro- 
ducer. 

near infrared Pertaining to electromagnetic radia- 
tion of 3 to 30 micrometers in wavelength. 
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near ultraviolet That part of the ultraviolet spec- 
trum nearest the visible light wavelengths. These 
are the least-penetrating ultraviolet rays. They 
are also called soft ultraviolet. 

near video on demand _ In television, a local service 
in which various programs/videos are broadcast 
at specified times. 

near zone See NEAR FIELD, 1. 

NEB Abbreviation of noise equivalent bandwidth. 

NEC Abbreviation of NATIONAL ELECTRIC CODE. 

necessary bandwidth The minimum bandwidth 
needed (with a given emission) to transmit infor- 
mation at a required rate and of a required qual- 
ity. In general, as data speed increases (as 
measured in bits per second, baud, or words per 
minute), the minimum required bandwidth in- 
creases. For slow-speed Morse code signals, it 
can be as small as a few Hertz; for fast-scan tele- 
vision, it is several megahertz. 

neck The straight portion of a cathode-ray-tube 
(CRT) envelope (i.e., the part between the base 
and the flared portion). 

NEDA Abbreviation of National Electronic Distribu- 
tors’ Association. 

needle 1. The stylus of a phonograph cartridge. 
2. The pointer of an indicating meter. 3. One of 
the electrodes in a voltage-measuring spark gap 
(see NEEDLE GAP). 4. The slender, pointed metal 
tip of a test probe. 

needle chatter See NEEDLE TALK. 

needle drag In disc recording and reproduction, 
friction between the needle (stylus) and disc. Also 
called stylus drag. 

needle electrode See NEEDLE, 38, 4. 

needle gap A spark gap composed of two needles 
having an adjustable air gap between their 
points. An unknown high voltage is measured in 
terms of the gap width necessary for sparking. 

needle memory A computer memory in which 
the dual-state elements are thin magnetic nee- 
dles. 

needle pointer The pointer of a meter or compass. 

needle pressure See VERTICAL STYLUS FORCE. 

needle probe See NEEDLE-TIP PROBE. 

needle scratch In disc recording and reproduc- 
tion, noise resulting from vibration of the needle 
(stylus) because of an irregular groove surface. 
Also called surface noise. 

needle talk Direct radiation of sound by the stylus 
of a phonograph pickup. Also called needle chatter. 

needle telegraph A telegraph in which the Morse 
code characters are converted into magnetic nee- 
dle deflections. 

needle test point See NEEDLE, 4. 

needle-tip probe A test probe that terminates in a 
sharp point. Also see NEEDLE, 4. 

needle voltmeter See NEEDLE GAP. 

neg Abbreviation of NEGATIVE. 

negate 1. To insert the NOT operation in front of a 
digital expression. 2. To change logic 1 to logic 0 
(high to low) or vice versa. 
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negation The logical NOT operation (see NOT) in 
digital systems. Also see NAND CIRCUIT, NOR 
CIRCUIT, NOR GATE, NOT CIRCUIT, and NOT- 
OR CIRCUIT. 

negation element In a computer system, a device 
that can give the reverse of a condition, event, or 
signal. 

negative 1. Possessing NEGATIVE ELECTRIFICA- 
TION. 2. In voice communications, a word often 
used for “no,” especially when interference is pre- 
sent or signals are weak. 3. Pertaining to a real 
number less than zero. 4. An image whose shad- 
ings are opposite to those in the scene. 

negative acceleration A decrease in speed or ve- 
locity; also called deceleration. 

negative acknowledgment character In a hand- 
shaking or forward-error-correction (FEC) sys- 
tem, a response by the receiving station that 
indicates a missed bit or bits. 

negative angle 1. An angle in the third or fourth 
quadrant in a system of rectangular coordinates. 
2. An angle measured clockwise from the positive 
x-axis in a rectangular coordinate system. Com- 
pare POSITIVE ANGLE. 

negative bias A steady, negative direct-current volt- 
age or current applied continuously to an elec- 
trode of a device, such as a transistor to establish 
the operating point. Compare POSITIVE BIAS. 

negative bus See NEGATIVE CONDUCTOR. 

negative charge An electric charge consisting of a 
quantity of NEGATIVE ELECTRIFICATION. Also 
see CHARGE, 1; ELECTRIC CHARGE; and UNIT 
ELECTROSTATIC CHARGE. Compare POSITIVE 
CHARGE. 

negative conductor The conductor or wire con- 
nected to the negative terminal of a current, 
power, or voltage source. Compare POSITIVE 
CONDUCTOR. 

negative electricity See NEGATIVE CHARGE and 
NEGATIVE ELECTRIFICATION. 

negative electrification Electrification character- 
ized by an excess of electrons. For example, when 
a glass rod is rubbed with a silk cloth, the cloth 
becomes negatively charged because electrons 
are transferred from the glass to the cloth. Simi- 
larly, when a neutral atom acquires an extra elec- 
tron, the atom becomes negatively charged 
because it has an excess of electrons. Compare 
POSITIVE ELECTRIFICATION. 

negative electrode 1. An electrode connected to 
the negative terminal of a current, power, or volt- 
age source. 2. The negative output terminal of a 
current, power, or voltage source, such as a bat- 
tery or generator. 

negative error of measurement An error of mea- 
surement in which the difference between a mea- 
sured value and the true or most probable value 
is negative. Compare POSITIVE ERROR OF MEA- 
SUREMENT. 

negative exponent In mathematical notation, an 
exponent indicating that a number is to be raised 
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to a negative power. Raising a number x to a neg- 
ative power —n means taking the reciprocal of the 
number raised to the power n. That is, x" = 1/x"; 
for example, 10-2 = 1/10? = 1/100 = 0.01. 
negative feedback Feedback that is out of phase 
with the input signal. Also called INVERSE FEED- 
BACK, DEGENERATION, and DEGENERATIVE 
FEEDBACK. Compare POSITIVE FEEDBACK. 
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negative-feedback amplifier An amplifier in 
which negative feedback is used to improve per- 
formance or modify response. 

negative function A trigonometric function having 
the negative sign. In a rectangular coordinate 
system, the sine function is negative in the third 
and fourth quadrants, the cosine in the second 
and third, and the tangent in the second and 
fourth. Compare POSITIVE FUNCTION. 

negative gain A misnomer for FRACTIONAL GAIN, 
arising because fractional gain can be expressed 
in negative decibels. 

negative ghost Ina television picture, a ghost with 
negative (see NEGATIVE, 4) shading. 

negative ground Ina direct-current power system, 
the connection of the negative pole to common 
ground. 

negative image 1. A picture in which the blacks, 
whites, and shades in between are the reverse of 
those in the scene (See NEGATIVE, 4). 2. An ab- 
normal image that has the reverse shading de- 
scribed in 1. 

negative impedance An impedance that displays 
the same behavior as that of NEGATIVE RESIS- 
TANCE. 

negative ion An atom with an excess of electrons 
and, consequently, a net negative charge. Also 
called ANION. Compare POSITIVE ION. 

negative-ion generator A device for generating 
negative ions and circulating them into the sur- 
rounding air. This is believed by some people to 
be beneficial to health. 

negative lead See NEGATIVE CONDUCTOR. 

negative-lead filtering Power-supply filtering in 
which the choke coils and capacitors are in the 
negative direct-current lead, rather than in the 
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positive lead (the usual position). One advantage 
of this arrangement is the lower insulation re- 
quirement of the choke. 

negative light modulation In television image 
transmission, the condition in which transmitted 
power is increased by a decrease in the initial in- 
tensity of light. Compare POSITIVE LIGHT MOD- 
ULATION. 

negative line See NEGATIVE CONDUCTOR. 

negative logic 1. Binary logic in which a high neg- 
ative state represents logic 1, and a low negative 
state represents logic 0. 2. Binary logic in which 
a low positive state represents logic 1, and a high 
positive state represents logic 0. Compare POSI- 
TIVE LOGIC. 

negative measurement error See NEGATIVE ER- 
ROR OF MEASUREMENT. 

negative modulation Amplitude-modulated televi- 
sion transmission in which the transmitted 
power decreases as image brightness increases. 
Compare POSITIVE MODULATION. 

negative modulation factor For an amplitude- 
modulated wave having unequal positive and 
negative modulation peaks, a ratio expressing the 
maximum negative deviation from the average for 
the envelope. Compare POSITIVE MODULATION 
FACTOR. 

negative number A real number less than zero 
(i.e., one to which the minus sign is assigned). 

negative peak The maximum negative instanta- 
neous current or voltage in an alternating- 
current waveform. 

negative-peak voltmeter An electronic meter for 
measuring the NEGATIVE PEAK voltage of an al- 
ternating-current waveform. 

negative phase-sequence relay A relay that re- 
sponds to the negative phase sequence in a 
polyphase circuit. Compare POSITIVE PHASE- 
SEQUENCE RELAY. 

negative picture modulation See NEGATIVE 
MODULATION. 

negative picture phase In a television signal, the 
picture-signal voltage swing from zero to nega- 
tive, in response to an increase in brightness. 
Compare POSITIVE PICTURE PHASE. 

negative plate The negative member of a battery 
cell; electron flow is from the plate through the 
external circuit. 

negative pole See NEGATIVE ELECTRODE, 1, 2. 

negative positive zero Abbreviation, NPO. Pertain- 
ing to temperature-compensating capacitors hav- 
ing a temperature coefficient of capacitance that 
changes sign within a specified temperature range. 

negative potential 1. The potential measured at a 
negative electrode, with respect to the positive 
electrode or to ground. 2. Potential less than that 
of the earth as a reference. 

negative resistance 1. A decrease in voltage across 
a device as the current through it increases, and 
an increase in voltage as the current decreases. 
2. A decrease in current through a device as the 
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voltage across it increases, and an increase in 
current as the voltage decreases. This is opposite to 
the behavior of an ohmic (positive) resistance. Also 
see N-CURVE, NEGATIVE-RESISTANCE REGION, 
NEGATIVE RESISTOR, and S CURVE. 
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negative-resistance amplifier A simple circuit in 
which a negative-resistance device, such as a 
TUNNEL DIODE, cancels the positive resistance 
of the circuit, causing amplification or oscillation. 

negative-resistance device See NEGATIVE RE- 
SISTOR. 

negative-resistance diode 1. See TUNNEL DIODE. 
2. A reverse-biased germanium diode (and occa- 
sionally a silicon diode) that exhibits NEGATIVE 
RESISTANCE. 3. A special diode tube that, when 
operated at ultrahigh frequencies, exhibits nega- 
tive resistance because of transit-time effects. 

negative-resistance magnetron A _split-anode 
magnetron operated at a combination of anode 
voltage and magnetic field strength correspond- 
ing to cutoff; it exhibits negative resistance to 
voltage applied symmetrically between the anode 
halves. The frequency of oscillation is determined 
by an external tank circuit. 

negative-resistance oscillator An oscillator that 
consists of a negative-resistance device con- 
nected across a tuned circuit. The arrangement 
oscillates because the negative resistance cancels 
the positive resistance (losses) of the tuned cir- 
cuit. See, for example, NEGATIVE-RESISTANCE 
MAGNETRON and TUNNEL-DIODE OSCILLA- 
TOR. 

negative-resistance region In certain devices, a 
portion of the voltage-versus-current curve hav- 
ing negative slope (i.e., the current decreases as 
the voltage increases, or vice versa). Also see N 
CURVE, NEGATIVE RESISTANCE, and S CURVE. 

negative-resistance repeater A repeater that pro- 
duces gain by means of NEGATIVE RESISTANCE 
effects. 

negative resistor Any device exhibiting NEGATIVE 
RESISTANCE. 
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negative space charge The cloud of electrons 
(negative particles) in the region surrounding an 
emitter, such as the hot cathode of a vacuum 
tube. 

negative temperature coefficient Abbreviation, 
NTC. A number expressing the amount by which 
a quantity (such as the rating of a component) de- 
creases when the temperature is raised. The coef- 
ficient is stated as a percentage, or as a certain 
number of parts per million (ppm) per degree 
temperature rise. Compare POSITIVE TEMPERA- 
TURE COEFFICIENT and ZERO TEMPERATURE 
COEFFICIENT. 

negative terminal See NEGATIVE ELECTRODE, 
2. 

negative torque In an electric motor, a torque that 
acts against the operating torque. 

negative transmission In a television or facsimile 
system, the condition in which brighter light cor- 
responds to lower transmitted power, and dimmer 
light corresponds to higher transmitted power. 

negative valence The valence of a negative ion. 
Also see VALENCE. 

negator A logical NOT element [i.e., one that out- 
puts the complement of an input bit (1 for 0 and 
vice-versa)]. 

negatron The term that specifically differentiates 
the familiar ELECTRON from a POSITRON (posi- 
tive electron). 

NEI Abbreviation of noise equivalent input. 

neighborhood node _ A local site at which a fiberop- 
tic television (video) signal is converted to a cable 
signal. 

NEL Abbreviation of National Electronics Laboratory. 

NELA Abbreviation of National Electric Light Associ- 
ation. 

Nelectron In certain atoms, an electron whose or- 
bit is outside of, and nearest to, those of the M 
electrons. 

NEMA Abbreviation of National Electrical Manufac- 
turers’ Association. 

nematic crystal A normally transparent liquid 
crystal that becomes opaque when an electric 
field is applied to it, and becomes transparent 
again when the field is removed. The crystal ma- 
terial is cut in the form of a letter or numeral and 
provided with a reflecting backplate for display 
readouts in calculators, watches, and various 
electronic devices. 

nematic-crystal display A device in which an elec- 
trically controlled film of nematic-crystal material 
is used to transmit and interrupt light from a 
lamp or from a reflecting mirror, in this way dis- 
playing characters in whose shape the film has 
been formed. 

nematic liquid In a liquid-crystal display (LCD), a 
normally clear liquid that becomes opaque in the 
presence of an electric field. 

nemo A radio or television program that is picked 
up from a location outside the studio. Also called 
field pickup or remote. 
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neodymium Symbol, Nd. A metallic element of the 
rare-earth group. Atomic number, 60. Atomic 
weight, 144.24. 

neodymium-YAG laser A laser that uses neo- 
dymium and yttrium-aluminum-garnet (YAG) 
crystal. It is used in medical applications, such as 
surgery and various other jobs where high preci- 
sion is required. Generally, it is a low-to-medium- 
power laser. 

neomatachograph An instrument used in psy- 
chology to measure complex reaction time. Com- 
pare NEOMATACHOMETER. 

neomatachometer An instrument used in psy- 
chology to measure simple reaction time. Com- 
pare NEOMATACHOGRAPH. 

neon Symbol, Ne. An inert-gas element. Atomic 
number, 10. Atomic weight, 20.179. Neon, pre- 
sent in trace amounts in the earth’s atmosphere, 
is used in some glow tubes, readout devices, and 
indicator lamps. 

neon bulb A (usually small) neon-filled gas diode. 
It has a characteristic pink glow and is ignited by 
a firing voltage for the particular unit. Also called 
neon glow lamp and neon tube. 

neon-bulb flip-flop A flip-flop circuit (bistable mul- 
tivibrator) using two neon bulbs as the bistable 
components. 

neon-bulb gate A gate circuit containing a neon 
bulb biased below the firing point. A trigger voltage 
added to the bias voltage raises the applied voltage 
and fires the bulb, producing an output pulse. 

neon-bulb logic Logic circuits composed of neon- 
bulb gates. 

neon-bulb memory See NEON-BULB STORAGE. 

neon-bulb multivibrator A multivibrator using 
two neon bulbs as the switching components. 

neon-bulb oscillator A simple relaxation oscillator 
consisting essentially of a neon bulb, capacitor, 
resistor, and direct-current supply. The frequency 
of the sawtooth-wave output depends principally 
on the capacitance and resistance values. The 
maximum operating frequency is limited to about 
5 kHz by the deionization time of the gas. 

neon-bulb overmodulation indicator The appli- 
cation of a neon-bulb overvoltage indicator 
as a monitor for amplitude-modulated radio- 
frequency signals. The bulb flashes each time the 
modulation percentage exceeds a predetermined 
value. Also called neon-bulb modulation alarm. 

neon-bulb overvoltage indicator A relatively sim- 
ple circuit in which a neon bulb flashes each time 
a voltage monitored by the circuit exceeds a pre- 
determined value. The flash shows that the por- 
tion of the voltage presented to the bulb has 
exceeded the firing potential. 

neon-bulb peak indicator See 
OVERVOLTAGE INDICATOR. 

neon-bulb ring counter A ring counter composed 
of neon-bulb flip-flops. The maximum counting 
speed is limited by the deionization time of the neon 
bulbs to approximately 300 events per second. 


NEON-BULB 
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neon-bulb sawtooth generator A relatively simple 
relaxation oscillator using a neon bulb, capacitor, 
and resistor. The output is a sawtooth wave, 
whose frequency is determined principally by the 
capacitance and resistance values. 

neon-bulb scale-of-two circuit A scale-of-two cir- 
cuit (frequency halver) using neon bulbs as the 
bistable elements. 

neon-bulb storage A storage (memory) device com- 
posed of neon bulbs. A fired bulb (representing a 
bit of stored information) remains fired until 
turned off by an erase signal. 

neon-bulb stroboscope A stroboscope in which a 
neon bulb supplies the light flashes. The circuit is 
essentially that of the neon-bulb oscillator, the 
flash rate being continuously variable by an ad- 
justable frequency control. 

neon-bulb voltage regulator A simple circuit uti- 
lizing the constant voltage drop across a fired 
neon bulb as a regulated voltage. The usual cir- 
cuit configuration is a neon bulb and current- 
limiting resistor in series with a power supply. 

neon-bulb volume indicator A neon-bulb over- 
voltage indicator used in some tape recorders to 
show when the volume exceeds a predetermined 
level—especially when the volume is high enough 
to cause an unacceptable amount of distortion. 

neon glow lamp See NEON BULB. 

neon lamp See NEON BULB. 

neon pilot lamp A neon bulb used as a pilot lamp 
operated from the power-line circuit of an elec- 
tronic equipment. Also called neon pilot light. 

neon tube See NEON BULB. 

NEP Abbreviation of NOISE EQUIVALENT POWER. 

NEPD Abbreviation of noise equivalent power den- 
sity. 

neper Abbreviation, Np. A Napierian-logarithmic 
unit expressing a ratio of power levels; Np = log, 
(P,/P.)'/?, where P; and Pz are the power values 
being compared and e is the Napierian logarithm 
base, equal to approximately 2.71828. The neper 
is related to the decibel (dB), a similar unit based 
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on common logarithms, in the following manner: 
1 Np = 8.686 dB; 1 dB = 0.1151 Np. 

neptunium Symbol, Np. A radioactive metallic ele- 
ment produced artificially. Atomic number, 93. 
Atomic weight, 237.05. 

Nernst effect The appearance of a voltage between 
the opposite edges of a metal strip that is con- 
ducting heat longitudinally when the strip is 
placed in a magnetic field perpendicular to the 
plane of the strip. 





Nernst effect 


Nernst-Ettinghausen effect In a piezoelectric crys- 
tal, the tendency for a temperature gradient to ex- 
ist as a result of applied electromagnetic fields. 

Nernst lamp An incandescent lamp in which the 
filament material is a mixture of magnesia and 
certain rare oxides (such as yttria). A surround- 
ing current-carrying coil heats the filament, low- 
ering its resistance and causing it to glow, after 
which it continues to operate on a low current. 

nerve center The most essential part of a control 
system or communication network. 

nerve current In an animal organism, the small 
electrical current that flows along nerve fibers. 

nervous breakdown The upset ofa function in a dig- 
ital computer (which becomes disabled as a result). 

NESC Abbreviation of National Electrical Safety 
Code. 
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nested loops See NESTING. 

nesting In digital computers and data processing, 
the inclusion of one or more loops or subroutines 
inside a larger loop or subroutine. Nested loops, 
for example, can be used to assign values to 
double-subscripted variables. 

NET Abbreviation of noise equivalent temperature. 

net 1. An effective, useful, or resultant quantity 
(e.g., NET CAPACITANCE). 2. Colloquialism for 
communications network. See NETWORK, 2. 

net authentification A password or other special 
identification used in a radio network. 

net capacitance The resultant capacitance in a 
circuit in which capacitances act in combination 
with each other. 

net component The total value of two or more pas- 
sive components of the same sort. See, for exam- 
ple, NET CAPACITANCE, NET CURRENT, NET 
IMPEDANCE, NET INDUCTANCE, NET POWER, 
NET REACTANCE, NET RESISTANCE, and NET 
VOLTAGE. 

net current The current flowing in a circuit in 
which currents aid or oppose each other. 

net gain For an amplifier, the amount of gain re- 
maining after all losses in the device have been 
subtracted. 

net impedance The impedance of a circuit in 
which impedances act in combination with each 
other. 

net inductance The inductance of a circuit in which 
inductances act in combination with each other. 

net loss For an amplifier or other system, the alge- 
braic sum of gains and losses between two points 
in the system. 

net power The resultant power observed when 
power signals aid or oppose each other in a single 
circuit or system. 

net radiometer A device for measuring the differ- 
ence in intensity between radiation entering the 
earth’s surface and radiation leaving it. This is 
generally visible light or infrared radiation from 
the sun. 

net reactance Symbol, X;. The combined inductive 
reactance (X;) and capacitive reactance (X,) in a 
circuit or device. 

net resistance The resistance of a circuit in which 
resistances act in combination with each other. 

net voltage The resultant voltage at a point where 
voltages aid or oppose each other. 

network 1. A circuit arrangement of electronic 
components, sometimes redundant in its design 
[e.g., resistance-capacitance (RC) network]. 2. A 
group of interconnected computers, communica- 
tions stations, or other facilities, often organized 
for simultaneous operation and data transfer. 
3. To conduct research or gather information 
using a group of interconnected computers, 
communications stations, or other facilities. 

network analog A circuit or circuits representing 
variables and used to express and solve a mathe- 
matical relationship between the variables. 
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network analysis The rigorous examination of a 
network to determine its properties and perfor- 
mance. Compare NETWORK SYNTHESIS. 

network analyzer An analog or digital circuit for 
simulating and analyzing a network (see NET- 
WORK, 1) by means of measurements and calcu- 
lations from the model so obtained. 

network assurance The construction and opera- 
tion of a network in such a manner that failures 
can be quickly and easily located and corrected. 

network calculator An analog or digital device for 
determining the component values and perfor- 
mance of a given network (see NETWORK, 1). 

network constant The value of a passive compo- 
nent (capacitance, inductance, resistance, etc.) 
used in a network (see NETWORK, 1). 

network filter A transducer that passes or rejects 
signals, depending on their frequency. 

network interface unit Abbreviation, NIU. A de- 
vice, provided to each subscriber, that connects 
telephones, television sets, and personal comput- 
ers to an electrical or fiberoptic cable. Envisioned 
as an integral component of the multimedia IN- 
FORMATION SUPERHIGHWAY. 

network provisioning The control of a network by 
means of computer software, rather than via 
manual rearrangement of system devices. 

network relay 1. A relay that provides protection 
of the circuits in a network (see NETWORK, 1); a 
circuit breaker. 2. In a communications network 
(see NETWORK, 2), the reception and retransmis- 
sion of a message by a human operator. 

network synthesis The design and fabrication of a 
network (see NETWORK, 1) by rigorous engineer- 
ing methods to achieve a prescribed performance. 

network theorems See COMPENSATION THEO- 
REM, MAXIMUM POWER TRANSFER THEOREM, 
NORTON’S THEOREM, RECIPROCITY THEO- 
REM, SUPERPOSITION THEOREM, = and 
THEVENIN’S THEOREM. 

network topology The analysis of networks (see 
NETWORK, 1) with signal-flow diagrams. Compo- 
nents of the diagram represent signal paths, open 
loops, closed loops, and node points. 

network transfer function A function describing 
the overall processing of energy by a network (see 
NETWORK, 1); it is equal to V,/V;, where V; is the 
input voltage and V, is the output voltage of the 
network. 

Neuman’s law A property of mutual inductances. 
For a given orientation and environment for two 
inductors, the value of the mutual inductance 
does not change, regardless of the magnitude, 
frequency, or phase of the currents in the coils. 
That is, mutual inductance is subject only to the 
physical environment surrounding the coils. 

neuristor A two-terminal semiconductor device 
that simulates the behavior of a neuron (nerve 
cell) and allows machines to duplicate some of 
the neurological phenomena observed in the hu- 
man body. 
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neuroelectricity Low-voltage electricity in the ner- 
vous system of a human being or animal. 

neuron A nerve cell in a living organism. 

neurosurgery assistance robot An _ electrome- 
chanical device, controlled by a human operator 
and assisted by computers, that helps to perform 
simple neurosurgical operations requiring ex- 
treme precision and steadiness. One procedure 
for which a robot has been used is the drilling of 
holes in the skull prior to brain surgery. 

neutral 1. Having no electric charge; thus, an 
atom is normally neutral because its internal 
positive charges neutralize its internal negative 
charges. 2. Devoid of voltage (e.g., a neutral line). 
3. Pertaining to a chemical, especially a solution, 
that is neither acidic nor alkaline. 

neutral bus See NEUTRAL WIRE. 

neutral circuit 1. A deenergized circuit (ie., a 
“dead” one). 2. In a teletypewriter system, a cir- 
cuit in which current flows in one direction. 

neutral conductor See NEUTRAL WIRE. 

neutral ground A ground connection to a neutral 
wire or to the neutral point of a circuit. 

neutralization The process of balancing out posi- 
tive feedback in an amplifier to prevent self- 
oscillation. Also see NEUTRALIZING CAPACITOR 
and NEUTRALIZING COIL. 

neutralization indicator A neon bulb or radio- 
frequency meter used during neutralization of an 
amplifier. When the amplifier is properly neutral- 
ized, the bulb or meter will show zero signal with 
no input to the amplifier, indicating that the cir- 
cuit is not oscillating. 

neutralize To eliminate positive feedback in a ra- 
dio-frequency amplifier. 

neutralized amplifier An amplifier in which neu- 
tralization has been performed to prevent self-os- 
cillation. 

neutralizing capacitor In a capacitively neutral- 
ized circuit, a small capacitor that serves as a 
coupler of signal energy from the output back 
to the input in reverse phase, to cancel self- 
oscillation of the circuit. 

neutralizing circuit Any component or set of com- 
ponents that is used to neutralize a _ radio- 
frequency amplifier. 

neutralizing coil In an inductively neutralized cir- 
cuit, a small coupling coil that picks up signal en- 
ergy from the output and applies it in reverse 
phase to the input, to cancel circuit self-oscillation. 

neutralizing tool A nonconducting screwdriver- 
like device for adjusting a neutralizing capacitor 
or coil. It is usually made of fiber or plastic. 

neutralizing voltage The feedback voltage that can- 
cels self-oscillation in the process of neutralization. 

neutralizing wand See NEUTRALIZING TOOL. 

neutral line See NEUTRAL WIRE. 

neutral relay See UNPOLARIZED RELAY. 

neutral wire In a polyphase power-transmission 
system, the line (wire) that does not carry current 
until the system is unbalanced. 
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neutrodon See NEUTRODYNE. 

neutrodyne A radio-frequency amplifier that is 
neutralized by feeding energy through a small ca- 
pacitor from a tap on the secondary coil of the 
collector or drain output transformer back to the 
base or gate. 

neutron An uncharged atomic particle having a 
mass approximately equal to that of the proton. 
The neutron is present in the nucleus of every 
atom, except that of hydrogen. 

neutron age 16.7% of the mean square displace- 
ment of a neutron as it moves through a specified 
energy range. 

neutron rest mass See MASS OF NEUTRON AT 
REST. 

new candle See CANDELA. 

newton (Sir Isaac Newton.) Symbol N. The SI unit 
of force. A force of 1 newton imparts an acceler- 
ation of 1 meter per second per second to a 
mass of 1 kilogram. The newton is equal to 105 
dynes. 

Newton's laws of motion Three natural laws dis- 
covered in 1686 by Sir Isaac Newton. First law: A 
body at rest or in motion tends to remain in that 
state, unless it is acted upon by some force. Sec- 
ond law: A body tends to accelerate or decelerate 
when it is acted upon by a force, the acceleration 
or deceleration being directly proportional to the 
force and inversely proportional to the mass of 
the body. Third law: For every action or acting 
force, there is an equal and opposite reaction or 
reacting force. 

nexus An interconnection point in a system. 

NF Abbreviation of NOISE FIGURE. 

nF Abbreviation of NANOFARAD. 

NFET Abbreviation of N-CHANNEL JUNCTION 
FIELD-EFFECT TRANSISTOR. 

NFM Abbreviation of NARROWBAND FREQUENCY 
MODULATION. Also abbreviated NBFM. 

NFM reception Reception of a signal having NAR- 
ROWBAND FREQUENCY MODULATION. Stan- 
dard discriminators and ratio detectors can be 
used. Slope detection can be achieved with an 
amplitude-modulation (AM) receiver by tuning 
slightly to one side of the center frequency of the 
FM signal. 

NFM transmission Transmission of a signal via 
NARROWBAND FREQUENCY MODULATION. A 
simple method consists of frequency modulating 
the master oscillator of the transmitter at the 
modulation frequency. Phase modulation can 
also be used. 

NFPA Abbreviation of National Fire Protection Asso- 
ciation (see NATIONAL ELECTRIC CODE). 

NFQ Abbreviation of night frequency. 

NG 1. Abbreviation of NEGATIVE GLOW. 2. Abbre- 
viation of no good, used for marking inoperative 
or malfunctioning components. 

nH Abbreviation of NANNOHENRY. 

nhp Abbreviation of NOMINAL HORSEPOWER. 

Ni Symbol for NICKEL. 
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nibble In computer operations, a four-bit word. 

NICAD Acronym for NICKEL-CADMIUM. 

NiCd Chemical symbol for NICKEL-CADMIUM. 

Nichrome A nickel-chromium alloy used in the 
form of a wire or strip for resistors and heater el- 
ements. 

nickel Symbol, Ni. A metallic element. Atomic 
number, 28. Atomic weight, 58.69. Nickel is fa- 
miliar as an alloying metal in some resistance 
wires and as the material used in some electron- 
tube elements. 

nickel-cadmium Acronym, NICAD. Chemical 
symbol, NiCd. A mixture used in certain 
rechargeable electrochemical cells and batteries. 
In recent years, these cells and batteries have 
been largely replaced by nickel—-metal-hydride 
(NiMH) and lithium-based units. These batteries 
must be disposed of in a special way because of 
the toxic cadmium they contain. Compare 
NICKEL-METAL-HYDRIDE. 

nickel-cadmium battery 1. A battery of nickel- 
cadmium cells. 2. Loosely, a nickel-cadmium 
cell. See also NICKEL-CADMIUM. 

nickel-cadmium cell A small, rechargeable, electro- 
chemical cell. The anode is cadmium, the cathode 
is nickel hydroxide, and the electrolyte is potas- 
sium hydroxide. See also NICKEL-CADMIUM. 
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nickel-cadmium cell 


nickel hydroxide Chemical symbol, NiOH. A com- 
pound used in certain rechargeable electrochemi- 
cal power supplies. Examples are nickel-cadmium 
(NiCd or NICAD) and nickel-metal-hydride (NiMH) 
batteries, used in older notebook computers. 

nickel-iron Chemical symbol, NiFe. A mixture used 
for a specialized rechargeable electrochemical cell 
in which the active positive plate material consists 
of nickel hydroxide. The active negative plate mate- 
rial is powdered iron oxide mixed with cadmium, 
and the electrolyte is potassium hydroxide. 
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nickel-iron battery See EDISON BATTERY. 

nickel-metal-hydride Chemical symbol, NiMH. A 
mixture used in certain rechargeable electrochem- 
ical cells and batteries. This type of cell or battery 
is less likely than nickel-cadmium units to develop 
battery memory or memory drain, in which the 
ampere-hour capacity is reduced because of repeated 
partial discharging. In addition, the chemicals in 
NiMH cells and batteries are less toxic than those 
in NICADs. Compare NICKEL-CADMIUM. 

nickel-metal-hydride battery 1. A small, 
rechargeable, nickel-based electrochemical bat- 
tery, similar to the nickel-cadmium (NICAD) type. 
2. Loosely, a nickel-metal-hydride cell. See 
NICKEL-METAL-HYDRIDE. 

nickel-metal-hydride cell A small, rechargeable, 
nickel-based electrochemical cell, similar to the 
nickel-cadmium type. See also NICKEL-METAL- 
HYDRIDE. 

nickel-oxide diode A diode fabricated from nickel- 
oxide semiconductor material. 

nickel silver An alloy of copper, nickel, and zinc, 
sometimes used for making resistance wire. Also 
called GERMAN SILVER. 

Nicol prism An optical component for producing or 
analyzing plane-polarized light. It consists of two 
prisms of Iceland spar cemented together. Light 
entering the device strikes the interface, where 
the ordinary ray is totally reflected and the ex- 
traordinary ray passes through, both rays being 
plane-polarized perpendicular to each other. 

NIDA Abbreviation of numerically integrating differ- 
ential analyzer. 

NIF Abbreviation of NOISE IMPROVEMENT FAC- 
TOR. 

NiFe Chemical symbol for NICKEL-IRON. 

night effect A phenomenon sometimes observed 
at frequencies below approximately 500 kHz. Di- 
rection-finding signals received between sunset 
and the following sunrise appear to come from a 
transmitter that moves slowly back and forth. 

night-effect errors In radio direction-finding, in- 
accurate or uncertain readings resulting from the 
NIGHT EFFECT. 

night range The distance over which signals from 
a given transmitter are consistently received after 
sunset. 

nijunction In a semiconductor device, the junction 
between an n-type layer and an intrinsic layer. 

nil 1. Colloquialism for negligible. 2. British ex- 
pression for zero. Also, nought. 3. Colloquialism 
for nothing. 

NiMH Chemical 
HYDRIDE. 

niobium Symbol, Nb. A metallic element chemi- 
cally resembling tantalum. Atomic number, 41. 
Atomic weight, 92.91. 

NIPO Abbreviation of negative input/positive output. 

NIR Abbreviation of NEAR INFRARED. 

nit In digital-computer operations, a unit of data 
equal to 1.44 bits. 


symbol for NICKEL-METAL- 
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nitrocellulose See CELLULOSE NITRATE. 

nitrogen Symbol, N. A gaseous element. Atomic 
number, 7. Atomic weight, 14.007. Nitrogen is 
the most-abundant component (about 78%) of 
the Earth’s atmosphere. 

NIU Abbreviation of NETWORK INTERFACE UNIT. 

Nixonite A trade name for cellulose acetate, a 


plastic. 

Nixonoid A trade name for cellulose nitrate, a 
plastic. 

NJCC Abbreviation of National Joint Computer Con- 
ference. 


n layer A semiconductor layer doped to provide 
current carriers that are predominantly elec- 
trons. Compare P LAYER. 

n-level logic 1. A multilevel form of logic, with n 
different possible states. 2. In a computer, the 
connection of up to n logic gates. 

NLR _ 1. Abbreviation of nonlinear resistance. 2. Ab- 
breviation of NONLINEAR RESISTOR. 

NLS Abbreviation of NO-LOAD SPEED. 

N/m? Abbreviation of newtons per meter squared 
(pascals). 

Nm?/kg Newton meters squared per kilogram, the 
SI unit of the gravitational constant. 

NMAA Abbreviation of National Machine Accoun- 
tants Association. 

NMOS A metal-oxide semiconductor device made 
on a p-type substrate whose active carriers, elec- 
trons, migrate between n-type source and drain 
contacts. 

NMR 1. Abbreviation of NUCLEAR MAGNETIC 
RESONANCE. 2. Abbreviation of NORMAL- 
MODE REJECTION. 

n-n junction In a semiconductor device, especially 
an integrated circuit, the junction between two 
n-type regions having somewhat different proper- 
ties (sometimes designated n; and ng). 

NO Abbreviation of NORMALLY OPEN. 

No Symbol for NOBELIUM. 

No. Abbreviation of NUMBER. 

no-address instruction In digital computer opera- 
tions, an instruction requiring no reference to 
storage or memory for its execution. 

nobelium Symbol, No. A radioactive element pro- 
duced artificially. Atomic number, 102. Atomic 
weight, approximately 259 (varies with isotope). 

Nobili’s rings See ELECTRIC RINGS. 

noble Chemically inert or inactive. For example, 
noble metals oxidize less rapidly than base met- 
als. 

noble gas_ An inert rare gas (such as argon, helium, 
krypton, neon, or xenon). It is used in electronic 
glow devices. 

noble metal A comparatively nonreactive metal 
(such as gold, silver, or platinum). 

noctovision A television transmission system us- 
ing infrared rays instead of visible light to scan 
the object. This makes it possible to televise im- 
ages in complete visual darkness (hence, the pre- 
fix nocto-, meaning “night”). 
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no-charge machine fault time Unproductive com- 
puter time resulting from errors or a malfunction. 

nodal point See NODE. 

node 1. The terminal point at which two or more 
branches of a circuit meet, or a point that is 
common to two circuits. 2. In a standing-wave 
system, a zero point or minimum point, e.g., 
current node. Compare LOOP, 1. 3. A database 
management system expression defining the 
location of information about a record, user, 
field, etc. 4. A point at which a satellite crosses 
the equator. See also ASCENDING NODE, DE- 
SCENDING NODE. 


Current 
TA -~ 7 - 
N ¢ Bare ca Bare ae 
\ ye \ ‘ \ y 
SY \ ‘ \ / 
\ ; , \ oa 
\ Node / Node Va 
\ 
i ee se l ee v 





<— Displacement ——> 


node, 2 


nodules _ 1. Oxide particles that protrude above the 
surface of magnetic tape. 2. In a planar pattern 
describing radiation or pickup characteristics (as 
for antennas, microphones, loudspeakers), a 
small peak aligned in a direction other than that 
of the main lobe. 

no-field release In the starting box for a shunt mo- 
tor, the electromagnet that normally holds the 
arm in full-running position; it is connected in se- 
ries with the field winding. When the field current 
is lost, the arm is released, disconnecting the ar- 
mature for safety. Compare NO-VOLTAGE RE- 
LEASE. 

noise 1. A random-frequency current or voltage 
signal extending over a considerable frequency 
spectrum and having no useful purpose, unless 
it is intentionally generated for test purposes. 
2. Dissonant, interferential sound; unlike harmo- 
nious sound, it is disagreeable. 3. In audio oper- 
ations, unwanted hiss and/or hum. 4. Extra bits 
or bytes that must be removed from digital data 
before it can be useful. 

noise abatement The elimination or reduction of 
noise intensity—especially a measure in a pro- 
gram concerned with noise pollution in the envi- 
ronment. 

noise analysis The measurement of the amplitude 
and spectral distribution of noise and the deter- 
mination of its character. 

noise analyzer An instrument for evaluating the 
nature of noise in a communications system. See, 
for example, NOISE METER. Noise analyzers are 
sometimes adapted for vibration analysis. 


noise-balancing system A bridge circuit inserted 
between a receiver and antenna for balancing out 
interferential signals resulting from nearby 
power-line leaks or similar causes. 

noise bandwidth Abbreviation, NBW. A figure ob- 
tained by dividing the area under the power- 
output-vs.-frequency curve of a device by the 
power amplitude at the noise frequency of interest. 

noise behind the signal Noise caused by, but ex- 
clusive of, a signal. 

noise blanker A device that cuts off one of the inter- 
mediate-frequency stages of a radio receiver during 
a noise pulse. The noise blanker is effective against 
high-amplitude impulses of short duration. 

noise-canceling antenna A specialized receiving 
antenna system that uses two elements, one in- 
tended for receiving primarily the desired sig- 
nal(s) and the other intended for receiving 
primarily local human-made noise. The outputs 
from the two elements are combined so that the 
noise impulses appear out of phase, but of equal 
amplitude. Because one element is located in a 
favorable position for reception of desired sig- 
nals while the other element is not, the desired 
signals do not cancel at the receiver input. As a 
result, the signal-to-noise ratio is greatly 
improved, compared with the use of the signal 
antenna alone. 
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Noise 
phase 





. Noise balanee 
Noise antenna 


noise-canceling antenna 


noise-canceling microphone A microphone that 
discriminates against background sounds. It is 
usually directional and relatively insensitive, re- 
quiring the user to talk directly into it at close 
range. 

noise clipper A biased-diode circuit used as an 
automatic noise limiter. The device cuts off all 
signals above a predetermined amplitude on the 
theory that noise peaks are high-level transients 
in an otherwise uniform signal. Noise is reduced 
at the sacrifice of system reproduction fidelity. 

noise criteria An expression for the level of ambi- 
ent acoustic noise. 

noise current Noise-generated current. 
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noise-current generator A noise generator that 
supplies a useful current. Compare NOISE- 
VOLTAGE GENERATOR. 

noise digit A digit (usually zero) generated during 
normalization of a floating-point number. See 
NORMALIZE. 

noise diode A reverse-biased semiconductor diode 
that produces a standard noise voltage. 

noise elimination The nearly complete removal of 
noise effects from a system. Noise can never be 
eliminated altogether because the movement of 
electrons and atoms generates some electrical 
and thermal noise. However, in some digital sys- 
tems, the effects of noise can be almost totally 
overcome. Compare NOISE SUPPRESSION. 

noise equivalent power Abbreviation, NEP. The 
power that produces an rms signal-to-noise ratio 
of 1 in a detector. 

noise factor For a circuit, especially a communica- 
tions receiver or weak-signal amplifier, the ratio 
R,/Re2, where R; is the signal-to-noise power ratio of 
an ideal circuit, and R2 is the signal-to-noise ratio of 
the circuit under test. Compare NOISE FIGURE. 

noise figure The NOISE FACTOR of a circuit, ex- 
pressed in decibels. If N is the noise factor ex- 
pressed as a ratio, then noise figure Nag can be 
determined by Nap = 10 logjoN. 

noise filter A filter designed to suppress noise that 
would otherwise enter an electronic circuit (e.g., a 
power-line noise filter). 

noise floor 1. Ina receiver, the level of noise in mi- 
crovolts that determines the weakest signal that 
can be heard or accurately received. 2. In a spec- 
trum analyzer, the level of noise that determines 
the weakest signal that will be visibly displayed. 
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noise floor, 2. 


noise generator A device for generating precise 
amounts of noise voltage for test purposes. 

noise grade 1. The relative level of radio- 
frequency background noise, over all electro- 
magnetic frequencies, in a particular geographic 
location. The noise grade is generally lowest 
near the poles and highest near the equator. 
2. The mathematical function of relative electro- 
magnetic noise intensity versus latitude and 
longitude. 

noise immunity The degree to which a circuit or 
device is insensitive to extraneous energy—espe- 
cially noise signals. 

noise-improvement factor Abbreviation, NIF. For 
a radio receiver, the ratio SN;/SN,, where SN; is 
the input signal-to-noise ratio and SNo is the out- 
put signal-to-noise ratio. 

noise killer 1. See AUTOMATIC NOISE LIMITER. 
2. See NOISE FILTER. 3. See NOISE BLANKER. 

noiseless alignment See VISUAL ALIGNMENT. 

noise level 1. The amplitude of ambient electrical 
noise generated outside an electronic system of 
interest. 2. The amplitude of electrical noise gen- 
erated in an electronic system of interest. 3. The 
intensity of ambient acoustic noise. 

noise limiter See AUTOMATIC NOISE LIMITER. 

noise margin In a binary logic circuit, the differ- 
ence between operating and threshold voltages. 

noise-measuring set See NOISE METER. 

noise meter An instrument for measuring acous- 
tic noise level. It consists essentially of a sensi- 
tive, multirange voltmeter provided with a 
microphone, amplifier, and attenuators. The me- 
ter scale reads noise level directly in decibels. 


noise meter 


noise power The power component of a noise 
signal. 

noise power ratio The ratio of noise power at the 
output of a circuit (such as a receiver) to the noise 
power at the input. 

noise pulse A random short-duration noise burst 
whose amplitude exceeds the average peak noise 
level. 

noise quieting In a radio receiver, the reduction 
(in decibels) of background noise, with respect to 
a signal of interest. 

noise ratio See NOISE POWER RATIO. 

noise-reducing antenna A receiving antenna hav- 
ing a balanced transmission line and usually 
some form of noise-balancing system for reducing 
electrical noise picked up by the antenna. 
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noise reduction See NOISE SUPPRESSION. 

noise residue The residual output (see NULL 
VOLTAGE, 1) of a balanced bridge, caused en- 
tirely by noise. 

noise silencer A_ noise-limiting circuit that re- 
moves noise-pulse transients with little or no ef- 
fect on the signal from which the noise is 
removed. Compare NOISE CLIPPER. 

noise source See NOISE GENERATOR. 

noise spike See NOISE PULSE. 

noise suppression 1. In communications, the re- 
duction of noise amplitude to a level that is non- 
competitive with desired signals. 2. In audio 
recording and reproduction, reduction of un- 
wanted noise (e.g., hiss) to the greatest extent 
possible without degrading the fidelity of the de- 
sired audio. Compare NOISE ELIMINATION. 

noise suppressor A device for eliminating electri- 
cal noise or reducing its amplitude. See, for ex- 
ample, AUTOMATIC NOISE LIMITER and NOISE 
BLANKER. 

noise temperature At a given frequency, the tem- 
perature of a passive system that has the same 
noise power per unit bandwidth as that observed 
at the terminals of a device under test. 

noise voltage The voltage component of an electri- 
cal noise signal. 

noise-voltage generator A signal generator that 
supplies an alternating-current waveform con- 
taining random-frequency pulses of relatively 
uniform distribution over a given frequency spec- 
trum. Compare NOISE-CURRENT GENERATOR. 

noisy mode During normalization of a floating- 
point number, the generation of digits, excluding 
zero, as part of the fixed-point part (see NOR- 
MALIZE). 

NOL 1. Abbreviation of National Ordnance Labora- 
tory. 2. Abbreviation of Naval Ordnance Laboratory. 

no-load current 1. Output-electrode current (e.g., 
drain, plate, or collector current) when a device is 
not delivering output to an external load. 2. Cur- 
rent flowing in the primary winding of an un- 
loaded transformer. 

no-load losses_ Losses in an unloaded transformer 
(see NO-LOAD CURRENT, 2). 

no-load speed The rotational speed of an unloaded 
motor. 

no-load voltage The open-circuit output voltage of 
a power supply, amplifier, generator, or network. 

nominal 1. Named, rated, or specified. The nominal 
value of a speaker, for example, might be 8 ohms, 
even though the actual impedance value depends 
on the frequency of the applied signal. 2. Approx- 
imate, and specified as a typical example only, for 
the purpose of identifying the operating or value 
range. For example, an automotive circuit might 
have a nominal rating of 12 volts—even though it 
can be operated at 10 volts to 14.6 volts. 

nominal band In a facsimile signal, the waveband 
extending between zero and the maximum fre- 
quency of modulation. 
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nominal bandwidth 1. For a filter, the difference 
Sco — fer, where f-; is the nominal lower cutoff fre- 
quency and ft2 is the nominal upper cutoff fre- 
quency. 2. For an allocated communication 
channel, the total bandwidth, including upper 
and lower guard frequencies. 3. The intended and 
specified bandwidth of a given channel, regard- 
less of the bandwidth of the signal on that fre- 
quency at any given time. 


Channel 
x Channel 


Amplitude 





+ Freq. 
Nominal Nominal 


— bandwidth bandwidth =F 


nominal bandwidth, 2 


nominal capacitance The rated (“label”) value of a 
capacitor. Also see NOMINAL VALUE. 

nominal current The rated (“nameplate”) value of 
required current or of current output. Also see 
NOMINAL VALUE. 

nominal horsepower The rated (“nameplate”) 
horsepower of a machine, such as a motor. Also 
see NOMINAL VALUE. 

nominal impedance The rated impedance of a cir- 
cuit or device. Also see NOMINAL VALUE. 

nominal inductance The rated (“label”) value of a 
coil’s inductance. Also see NOMINAL VALUE. 

nominal line pitch In a television raster, the aver- 
age center-to-center separation between adjacent 
lines. 

nominal line width 1. For a television raster, the 
factor 1/n, where n is the number of lines per 
unit width for the direction in which the lines 
progress. 2. In facsimile, the average center-to- 
center separation of scanning or recording lines. 

nominal power factor The rated (“nameplate”) 
value of power factor of a device. Also see NOMI- 
NAL VALUE. 

nominal power rating The rated (“nameplate”) 
value of power output, power drain, or power dis- 
sipation. Also see NOMINAL VALUE. 

nominal Q The rated (“nameplate”) value of Q of a 
capacitor, inductor, transformer winding, or tank 
circuit. Also see NOMINAL VALUE. 

nominal rating See NOMINAL, 1, 2. 

nominal resistance The rated (“label”) value of a re- 
sistor or similar device. Also see NOMINAL VALUE. 

nominal speed The highest speed of a data- 
processing unit or system, disregarding slowdowns 
because of factors other than computational op- 
erations. 

nominal value A named, specified, rated, or la- 
beled value, given without reference to tolerance. 
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This can differ significantly from the actual value. 
For example, the nominal value of a capacitor 
might be 100 pF; but if the tolerance is +10 per- 
cent, the actual capacitance might be any value 
between 90 pF and 110 pF. 

nominal voltage 1. The rated (“nameplate”) value 
of required voltage or of voltage output. Also see 
NOMINAL VALUE. 2. In a cell or battery, the MID- 
POINT VOLTAGE. 

nomogram See ALIGNMENT CHART. 

nomograph See ALIGNMENT CHART. 

nomography The geometric representation of a 
mathematical function or relation by means of 
alignment charts. 

nonaccountable time The period during which a 
computer system is unavailable to the user (be- 
cause of a power outage, for example). 

nonarithmetic shift See LOGICAL SHIFT. 

nonblinking meter A digital meter that does not 
alternate, or oscillate, between two different val- 
ues when the measured parameter is between 
two discrete values. Instead, the display is 
rounded off to the nearest value, and the display 
remains at that value continuously. 

nonblocking system In a telephone communica- 
tions network, a system that ensures a circuit 
will be completed when necessary. That is, at no 
time is it impossible for a connection to be made. 
Under conditions of extremely heavy usage, the 
quality of communications might be degraded, 
but the connection will not be cut off. 

nonbridging contact In a switch or relay, a mov- 
able contact that leaves one stationary contact 
before contacting another. 

nonchargeable battery A primary battery (i.e., one 
that cannot ordinarily be recharged). An example 
is a battery of common zinc-carbon or alkaline 
cells. 

noncoherent Pertaining to electromagnetic radia- 
tion in which the wave disturbances are not all 
precisely aligned in frequency and phase. 

nonconductor See DIELECTRIC. 

noncontact temperature measurement The use 
of infrared or optical electronic equipment to 
measure the temperature of bodies without 
touching them. 

noncorrosive flux A solder flux that does not cor- 
rode the metals to which solder is applied. 

noncrystalline Pertaining to materials that pos- 
sess none of the characteristics of crystals. Com- 
pare CRYSTALLINE MATERIAL. 

nondestructive read In digital computer and 
counter operation, the process of reading data 
without erasing it as a result. The name is also 
applied to the readout device. 

nondestructive test Abbreviation, NDT. A test 
that does little or no irreversible harm to the test 
sample. Compare DESTRUCTIVE TEST. 

nondeviated absorption Absorption that slows 
waves by a negligible amount; also, normal sky- 
wave absorption. 
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nondirectional antenna An antenna that displays 
equally intense radiation or equally sensitive re- 
ception in all directions within a specified plane. 
An example is a vertical dipole antenna, which is 
nondirectional in the horizontal plane. 

nondirectional microphone A microphone that 
responds equally well to sound from any direc- 
tion; an omnidirectional microphone. 

nondissipative load A purely reactive load. In 
such a load, the only power consumed is that 
which is dissipated in the inherent resistance 
(losses) of the load. 

nondissipative stub A stub that exhibits only slight 
losses; it consumes no power, except that dissi- 
pated in small, inherent losses. Also see STUB. 

nonelectrical Not electrical in nature. The term is 
commonly used to designate the mechanical 
parts of electromechanical systems, such as 
robots and servomechanisms. 

nonelectrolyte A substance that does not ionize in 
water solution. Compare ELECTROLYTE. 

nonelectronic meter A meter that uses no elec- 
tronic devices (such as transistors, liquid crys- 
tals, light-emitting diodes, or integrated circuits). 
Also called conventional meter. 

nonequivalence operation See EXCLUSIVE-OR 
OPERATION. 

nonerasable storage In digital-computer and 
data-processing operations, storage media that 
cannot be erased under ordinary circumstances. 
A common example is CD-ROM (compact-disk 
read-only memory). 

nonferrous metal A metal or alloy that does not 
contain iron, and is not related to iron in the 
sense that it is not attracted to magnets. 

nonflammable Pertaining to a material that is re- 
sistant to burning. 

nonharmonic frequency A frequency that has no 
integral numerical relationship to another fre- 
quency of interest. Compare HARMONIC FRE- 
QUENCY. 

nonharmonic oscillations Parasitic oscillations 
that do not occur at the fundamental frequency 
nor at any harmonic frequency of an oscillator or 
amplifier in which they appear. 
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nonillion The number 10°°, so called because 
when written out, the number contains nine 
groups of three zeros (following the first 1000). 

noninductive capacitor A wound capacitor in 
which the edges of one of the spiral windings are 
connected together to minimize the inductance of 
the roll. Compare INDUCTIVE CAPACITOR. 

noninductive resistor A wirewound resistor con- 
structed so that the magnetic field of the coil is 
self-canceling. Therefore, the inductance is prac- 
tically eliminated. 

noninterlaced scanning In the display of a video 
image, the presentation of all the raster lines ina 
single scan. It is commonly used in cathode-ray- 
tube (CRT) computer monitors. This process min- 
imizes “jerkiness” in rapidly moving images. 

noninverting connection Connection to the non- 
inverting input of a differential or operational am- 
plifier. Also see NONINVERTING INPUT. Compare 
INVERTING CONNECTION. 

noninverting input In a differential or operational 
amplifier, the input that provides an output sig- 
nal in phase with the input. Compare INVERTING 
INPUT. 

noninverting transponder In a communications 
satellite, a transponder in which the downlink 
band is “rightside-up” in frequency relative to the 
uplink band. That is, the highest downlink fre- 
quency corresponds to the highest uplink fre- 
quency, and the lowest downlink frequency 
corresponds to the lowest uplink frequency. 
Compare INVERTING TRANSPONDER. Also see 
DOWNLINK, TRANSPONDER, UPLINK. 

nonionic 1. Possessing none of the properties of 
ions. 2. Electrically neutral. 

nonionizing radiation Electromagnetic radiation 
that does not cause ionization of gases under a 
given set of conditions. Examples: radio signals, 
television signals, and visible light. 

nonlinear 1. Pertaining to components, circuits, or 
devices in which the instantaneous output signal 
amplitude is not directly proportional to the in- 
stantaneous input signal amplitude. The graph of 
instantaneous output versus instantaneous in- 
put is a curve, not a straight line. Example: 
CLASS-C AMPLIFIER. 2. Pertaining to compo- 
nents, circuits, or devices in which a specified 
value is not directly proportional to some other 
specified value. Example: NONLINEAR CAPACI- 
TOR. 

nonlinear 
BRIDGE. 

nonlinear capacitor A capacitor whose value 
varies nonlinearly with applied voltage. Also see 
VOLTAGE-VARIABLE CAPACITOR, 1, 2. 

nonlinear coil See SATURABLE REACTOR. 

nonlinear dielectric A material (such as _ pro- 
cessed barium-strontium titanate) whose dielec- 
tric constant varies with applied voltage. 

nonlinear distortion Distortion caused by nonlin- 
ear response of an amplifier or component. This 


bridge See VOLTAGE-SENSITIVE 


5059F-pN-466-487 4/10/01 9:21 AM Page 481 cp 


nonillion ¢ nonoscillating detector 481 


causes different parts of the signal to be amplified 
or transmitted by different amounts; therefore, 
the amplitude variations in the output signal dif- 
fer from those in the input signal. 

nonlinear inductor See SATURABLE REACTOR. 

nonlinearity 1. The condition of being NONLIN- 
EAR. In an amplifier, this means that the output 
signal is not a faithful reproduction of the input 
signal, and distortion occurs. 2. A measure of the 
extent to which a circuit is nonlinear. Expressed 
as a percentage of peak-to-peak full-scale output, 
the maximum extent to which the output differs 
from a perfect reproduction of the input. 

nonlinearity error An error in received signals re- 
sulting from nonlinearity in one or more of the 
stages in the communications circuit. 

nonlinear mixing The mixing of signals as a result 
of the nonlinear response of a device (such as a 
semiconductor diode operated in its square-law 
region) through which they are passed simultane- 
ously. Also see MIXER and MIXING. 

nonlinear network A circuit that produces distor- 
tion in an input waveform; the output and input 
waves are not related by a linear function. 

nonlinear quantizing A method of signal quantiz- 
ing in which the intervals are not all the same size 
or duration. 

nonlinear resistor A_ resistor whose value 
varies with applied voltage. Also see VOLTAGE- 
DEPENDENT RESISTOR. 

nonlinear response Any response for which the 
corresponding plot is not a straight line; doubling 
the independent variable, for example, does not 
double the dependent variable. 

nonloaded Q@ See UNLOADED @Q. 

nonmagnetic 1. Possessing no magnetism. 2. In- 
capable of being magnetized. 

nonmathematical Pertaining to materials and 
methods that rely upon physical description and 
qualitative procedures instead of mathematical 
development, prediction, and quantitative proce- 
dures. 

nonmetal An elemental material devoid of the prop- 
erties exhibited by metals (e.g., luster, good ductil- 
ity, electrical conductivity, heat conductivity, and 
malleability). Examples: carbon, phosphorus, sul- 
fur. Compare METAL and METALLOID. 

nonmetallic conduction Collectively, ionic con- 
duction in liquids and gases, conduction in 
dielectrics by small leakage currents, and 
thermionic conduction in a vacuum. 

nonmicrophonic Without microphonic properties, 
e.g., a nonmicrophonic integrated circuit does not 
produce electrical ringing when physically struck. 

nonnumeric character A character that is not a 
numeral, i.e., a symbol or letter. 

nonohmic response 1. Nonlinear resistance or re- 
actance. Compare OHMIC RESPONSE. 2. See 
NEGATIVE RESISTANCE. 

nonoscillating detector A detector devoid of posi- 
tive feedback action and, therefore, unable to 
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generate a signal on its own. Compare OSCIL- 
LATING DETECTOR. 

nonplanar 1. Existing in three spatial dimensions. 
2. Pertaining to a circuit that cannot be fabri- 
cated on a two-dimensional board without the 
use of jumper wires. 

nonpolar 1. Having no pole(s). 2. Pertaining to 
atoms that share electrons to complete their 
outer shells. 3. Not polarized nor requiring polar- 
ization. Example: a 100-pF disk ceramic capaci- 
tor is nonpolar because it can be used in circuits 
without consideration of voltage polarity. 

nonpolar crystal A crystal in which lattice points 
are identical. 

nonpolarized electrolytic capacitor An _ elec- 
trolytic capacitor that has no definite negative 
and positive terminals and, consequently, can be 
used in alternating-current circuits, as well as in 
direct-current circuits. See also NONPOLAR, 8. 
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nonpolarized electrolytic capacitor 


nonpolarized reactor A saturable reactor in which 
the lines of flux produced in the three-leg core by 
the coils on the two outer legs oppose each other 
in the center leg. When direct current (dc) is 
passed through the coil on the center leg to satu- 
rate the core, operation remains the same for ei- 
ther dc polarity. Compare POLARIZED REACTOR. 

nonpolarized relay See UNPOLARIZED RELAY. 

nonprint code In telegraphy, a code used to start 
teleprinter functions excluding printing. 

nonreactive circuit A circuit containing pure re- 
sistance only. 

nonrechargeable battery See NONCHARGEABLE 
BATTERY. 

nonrecurrent Pertaining to phenomena that do 
not repeat periodically. Thus, a single sweep in an 
oscilloscope is nonrecurrent. 

nonrecurrent sweep See NONREPETITIVE SWEEP. 

nonregenerative detector A detector having no 
regenerative feedback. Such a detector is stable, 
but relatively insensitive. Compare REGENERA- 
TIVE DETECTOR. 

nonregenerative receiver A radio receiver in 
which no local signal whatever is generated. 


nonrepetitive phenomena See NONRECURRENT. 

nonrepetitive sweep In an oscilloscope, a single 
horizontal sweep of the electron beam, initiated 
either by the operator or by the signal under ob- 
servation. Also called SINGLE SWEEP. Compare 
RECURRENT SWEEP. 

nonreset timer A timer that must be reset manu- 
ally. 

nonresident routine A computer routine not per- 
manently stored in memory. Compare RESIDENT 
ROUTINE. 

nonresonant 1. Pertaining to a resonant circuit or 
device operated at some frequency other than one 
of its resonant frequencies. Thus, reactance is 
present at the operating frequency. See RESO- 
NANCE. 2. Pertaining to a circuit or device that 
exhibits pure resistance (without reactance) over 
a wide range of frequencies. 

nonresonant lines Transmission lines so dimen- 
sioned and operated that they do not resonate at 
the operating frequency. 

nonresonant load An alternating-current load 
that is either purely resistive or is detuned from 
the fundamental and harmonic frequencies of the 
source from which it is operated. 

nonreturn to zero In the magnetic recording of 
digital data, the system in which the current flow- 
ing in the write-head coil is sustained (i.e., does 
not return to zero) after the write pulse. 

nonsalient pole A nonprojecting (often flush) pole. 
Compare SALIENT POLE. 

nonsaturated color 1. Visible light that consists of 
energy at more than one wavelength. 2. A color that 
contains some white, in addition to the pure color. 

nonsaturated logic A logic circuit in which tran- 
sistors are prevented from saturating. This re- 
sults in higher operating speed than SATURATED 
LOGIC using the same transistors. 

nonshorting switch A multiple-throw switch that 
disconnects one circuit before completing an- 
other; that is, no two poles are ever connected si- 
multaneously. 

nonsinusoidal waveform A waveform whose curve 
cannot be represented by the equation y = c sin 
a(x + b), where a, b, and c are constants, y is the 
dependent variable (usually instantaneous am- 
plitude or frequency), and x is the independent 
variable (usually time), for any real-number val- 
ues of a, b, and c. Examples: BACK-TO-BACK 
SAWTOOTH, SAWTOOTH, and SQUARE WAVE. 
The COSINE WAVE is sinusoidal, being a SINE 
WAVE shifted in phase by 90 degrees. 

nonsymmetrical wave See ASYMMETRIC WAVE. 

nonsynchronous Unrelated in cyclic quality to 
other such qualities in the system. 

nonsynchronous network A communications net- 
work in which the clocks are not all synchronized. 

nonsynchronous vibrator A power-supply vibra- 
tor that is essentially a single-pole, double-throw 
switch providing no mechanical rectification. 
A separate rectifier must be used. Compare 
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VIBRATOR-TYPE RECTIFIER. Also see VIBRA- 
TOR-TYPE POWER SUPPLY. 

nontechnical Pertaining to circuits, devices, sys- 
tems, or phenomena described in lay terms, using 
concise graphics and little or no mathematics. An 
example is the simplified explanation of the oper- 
ation of a spread-spectrum radio transmitter. 

nontonal components See NOISE, 3. 

nontrigger voltage For a thyristor, the maximum 
gate-to-cathode voltage that can be applied with- 
out triggering the device. The amplitude of inter- 
ferential signals, including noise, must be below 
this level to prevent accidental triggering. 

nonuniform field An electric or magnetic field 
whose intensity is not the same at all points. 

nonvolatile memory Memory whose data is re- 
tained even when power is removed for extended 
periods. This type of memory requires no backup 
power source. The main advantage of this type of 
memory is the fact that the data is not lost in case 
of a power interruption. Memory should not be 
confused with storage. Magnetic, magneto- 
optical, or optical disks (including hard drives) are 
storage media, not memory. Memory data can be 
stored and retrieved much faster than storage 
data, because memory uses no mechanical parts. 
Also see RANDOM-ACCESS MEMORY, READ- 
ONLY MEMORY. Compare VOLATILE MEMORY. 

nonvolatile storage A computer storage medium 
in which the data does not require a source of 
power to be retained. Examples: MAGNETIC 
DISK, MAGNETIC TAPE, and COMPACT-DISK 
READ-ONLY MEMORY. 

no-op instruction An instruction that commands 
a computer to perform no operation, other than 
to proceed to the following instruction. 

NOR circuit Also called NOT-OR CIRCUIT. In com- 
puter and control operations, a circuit that deliv- 
ers a zero output signal, except when two or more 
input signals are zero. The NOR circuit function 
is the inverse of that of the OR circuit. 

NOR gate A gate that performs the functions of a 
NOR circuit. 

norm The average or ambient condition. 





NOR circuit 


normal 1. Pertaining to the most commonly ob- 
served set of conditions or parameters. 2. Stan- 
dard. 3. Perpendicular; oriented at right angles. 
4. Pertaining to a NORMAL DISTRIBUTION. 
5. Pertaining toa NORMAL SOLUTION. 6. Pertain- 
ing to an atom at its lowest energy state. See 
NORMAL STATE OF ATOM. 

normal curve See BELL-SHAPED CURVE. 

normal distribution In a statistical evaluation, a 
probability distribution represented by the so- 
called bell-shaped curve. The maximum probabil- 
ity occurs at the 50-percent value. 

normal-distribution curve See BELL-SHAPED 
CURVE. 

normal electrode A standard electrode used in 
electrode-potential measurements. 

normal fault An unintended path between the hot 
terminal of a load and ground. 

normal fault plus grounded neutral fault A com- 
bination of NORMAL FAULT and GROUNDED 
NEUTRAL FAULT. 

normal glow discharge In a glow-discharge tube, 
the discharge region between the Townsend dis- 
charge and the abnormal glow in which current 
increases sharply, but a constant voltage drop is 
maintained across the tube. 

normal impedance A transducer’s input imped- 
ance when the load impedance is zero. 

normal induction curve A saturation curve for a 
magnetic material. Also see BOX-SHAPED LOOP 
and SATURABLE REACTOR. 

normalize In computer programming, to use float- 
ing-point numbers to modify the fixed-point part 
of a number so that it is within a desired range. 

normalized admittance The quantity 1/Z,, where 
Zn is NORMALIZED IMPEDANCE. 

normalized frequency The unitless number repre- 
sented by the ratio f/f, where f, is a reference fre- 
quency and fis a frequency of interest. Response 
plots are sometimes conveniently drawn on the 
basis of normalized frequency, the reference (or 
resonant) frequency being indicated as 1, twice 
the reference frequency as 2, etc. 

normalized impedance A value of impedance di- 
vided by the characteristic impedance of a wave- 
guide. 

normally closed Abbreviation, NC. Pertaining to a 
switch or relay whose contacts are closed when 
the device is at rest. Compare NORMALLY OPEN. 

normally open Abbreviation, NO. Pertaining to a 
switch or relay whose contacts are open when the 
device is at rest. Compare NORMALLY CLOSED. 

normal mode Pertaining to a device or system op- 
erated in its usual or most common manner. 

normal mode A state of acoustic resonance in an 
enclosure, such as a speaker cabinet or a room. 

normal-mode rejection Abbreviation, NMR. In a 
digital direct-current voltmeter, the level of noise 
on the applied voltage that will be rejected by the 
instrument. Compare COMMON-MODE REJEC- 
TION. 
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normal position In a switch or relay, the state of 
the contacts when the device is at rest. 

normal solution A solution, such as an electrolyte, 
in which the amount of dissolved material is 
chemically equivalent to 1 gram-atomic weight 
of hydrogen per liter of the solution. Compare 
MOLAR SOLUTION. 

normal state of atom The condition in which an 
atom is at its lowest energy level. For the hydro- 
gen atom, for example, the state in which the 
electron is in the lowest-energy orbit. 

normal-through A feature in an audio PATCH BAY 
or PATCH PANEL that connects two sockets by 
default. The top socket and the one immediately 
below it are connected, even when a patch cord is 
not plugged into either of them. 

northern lights See AURORA. 

north magnetic pole The north pole of the equiva- 
lent bar magnet constituted by the EARTH’S 
MAGNETIC FIELD. The north magnetic pole lies 
close to the geographic north pole. Compare 
SOUTH MAGNETIC POLE. 

north pole 1. See NORTH MAGNETIC POLE. 
2. The earth’s geographic north pole. 3. See 
NORTH-SEEKING POLE. 

north-seeking pole Symbol, N. The so-called 
north pole of a magnet. When the magnet is sus- 
pended horizontally, this pole points in the direc- 
tion of the earth’s north magnetic pole. Compare 
SOUTH-SEEKING POLE. 

Norton’s equivalent An equivalent circuit based 
on NORTON’S THEOREM, replacing a Thevenin 
equivalent for a current-actuated device, such as 
a bipolar transistor. Also see THEVENIN’S THEO- 
REM. 

Norton’s theorem With reference to a particular 
set of terminals, any network containing any 
number of generators and any number of con- 
stant impedances can be simplified to one con- 
stant-current generator and one impedance. The 
equivalent circuit will deliver to a given load the 
same current that would flow if the output 
terminals of the original circuit where short- 
circuited. Compare COMPENSATION THEOREM, 
MAXIMUM POWER TRANSFER THEOREM, 
RECIPROCITY THEOREM, SUPERPOSITION 
THEOREM, and THEVENIN’S THEOREM. 

NOT In binary logic, an operation that changes 
high to low and vice versa. Also see NAND CIR- 
CUIT, NOR CIRCUIT, NOR GATE, NOT CIRCUIT, 
and NOT-OR CIRCUIT. 

NOT-AND circuit See NAND CIRCUIT. 

notation The way that numbers, quantities, or for- 
mulas are represented (e.g., binary notation, Pol- 
ish notation, and scientific notation). 

notch A dip in frequency response, typical of a 


band-suppression (band-elimination) filter or 
other frequency-rejection circuit. Compare 
PEAK, 3. 


notch amplifier An amplifier containing a notch 
filter or other arrangement that permits it to re- 


5059F-pN-466-487 4/10/01 9:21 AM Page 484 cp 


0 

m 10 
no) 
= 
io 
S 
=} 
5 

Ss 20 
< 

30 

40 

200 800 1400 


Audio frequency, Hz 


notch 


ject one frequency or a given band of frequencies 
while passing all higher and lower frequencies. 

notch antenna An antenna with a slot in the radi- 
ating surface, for the purpose of obtaining a di- 
rectional response. 

notcher See NOTCH FILTER. 

notcher-peaker A circuit or device that can be set 
to perform either as a NOTCH FILTER or PEAK 
FILTER. 

notch filter A circuit that exhibits high attenua- 
tion at and near a single frequency and little or no 
attenuation at all other frequencies. This type of 
device is used in some radio communications re- 
ceivers, and can reduce interference caused by 
strong, unmodulated carriers within the pass- 
band. The notch frequency is adjustable, so that 
the deep null can be tuned to any frequency 
within the receiver passband. A properly de- 
signed circuit can produce attenuation in excess 
of 40 dB in the center of the notch. Some sophis- 
ticated types, especially audio designs, can pro- 
vide more than 60 dB of attenuation at the notch 
frequency. Audio notch filters employ operational 
amplifiers with resistance-capacitance (RC) cir- 
cuits. In some audio notch filters, the notch 
width (sharpness) and frequency are both ad- 
justable. Compare BAND-REJECTION FILTER. 

notch gate In radar, a gate that determines the 
minimum and maximum range. 

notch sweep An oscilloscope sweep that expands 
only a small portion (notch) of the pattern on the 
screen, leaving the portions on either side of the 
notch untouched. Thus, the first dozen or so 
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cycles might appear at the normal sweep speed, 
the next two cycles expanded, and the remaining 
two or three at normal sweep speed. 

NOT circuit A logic circuit that provides an output 
pulse when there is no input pulse, and vice 
versa. Also called COMPLEMENTER, NEGATOR, 
and INVERTER. 

note See BEAT NOTE. 

notebook computer A portable personal com- 
puter, also called a laptop computer. It is about 
the size of a typical three-ring notebook, and gen- 
erally contains a DISKETTE DRIVE, a HARD 
DISK, a MODEM, and attachments for peripher- 
als, such as printers. It uses rechargeable batter- 
ies and can be operated for approximately two to 
six hours between battery charges. 

NOT gate A digital circuit that inverts a logical con- 
dition—either from high (logic 1) to low (logic 0) or 
vice versa. Also called an inverter. 

NOT-OR circuit A logical OR CIRCUIT combined 
with a NOT CIRCUIT. 

novelty calculator See SPECIAL-PURPOSE CAL- 
CULATOR. 

November Phonetic alphabet code word for the let- 
ter N. 

novice 1. A beginner class of amateur radio li- 
cense. 2. Any beginner or inexperienced practi- 
tioner. 

no-voltage release In the starting box for a shunt 
motor, the electromagnet that normally holds the 
arm in full-running position. It is connected di- 
rectly across the power line to disconnect the mo- 
tor in the event of power failure. When the arm is 
released, it falls to its off position, thereby pre- 
venting burnout that would result if the motor 
were left connected to the line in the full-running 
position when power resumed. Compare NO- 
FIELD RELEASE. 

noys scale A scale of apparent acoustic noise, 
based on a linear function instead of the more 
common logarithmic function. 

Np 1. Symbol for NEPTUNIUM. 2. Abbreviation of 
NEPER. 

N, Symbol for number of primary turns in a trans- 
former. 

n-phase system A polyphase system having n 
phases. 

npin transistor A junction transistor having an in- 
trinsic layer between a p-type base and an n-type 
collector. The emitter is a second n-type layer on 
the other side of the base. 

N plant See NUCLEAR POWER PLANT. 

n-plus-one address instruction A computer pro- 
gram instruction containing two addresses, one 
of which specifies the location of an upcoming in- 
struction to be executed. 

NPM Symbol for counts per minute. 

npnp device A semiconductor switching device 
having three junctions. Examples: FOUR-LAYER 
DIODE, and SILICON-CONTROLLED RECTI- 
FIER. Also called pnpn device. 
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npn transistor A bipolar transistor in which the 
emitter and collector layers are n-type semicon- 
ductor material, and the base layer is p-type 
semiconductor material. Compare PNP TRAN- 
SISTOR. 

NPO Abbreviation of NEGATIVE POSITIVE ZERO. 

NPO capacitor A fixed capacitor exhibiting temper- 
ature-compensating ability over a wide tempera- 
ture range, in which the coefficient has negative, 
positive, and zero values. 

NPS Symbol for counts per second. 

N radiation X rays emitted as a result of an elec- 
tron becoming an N electron. 

NRD Abbreviation of NEGATIVE-RESISTANCE 
DIODE. 

N region See N LAYER. 

NRZ Abbreviation of NONRETURN TO ZERO. 

N, Symbol for number of secondary turns in a 
transformer. 

ns Abbreviation of NANOSECOND. 

Nscan See N DISPLAY. 

N scope Colloquialism for a radar set using an N 
DISPLAY. 

nsec Alternate abbreviation of NANOSECOND. 

Ns/m? Newton-seconds per meter squared, the 
unit of dynamic viscosity. 

n-space A coordinate system in n variables. It is 
generally of mathematical interest. The coordi- 
nates are written (x), xo, x3, ... ,X,) and are called 
ordered n-tuples. 

NSPE Abbreviation of National Society of Profes- 
sional Engineers. 

NTC Abbreviation of NEGATIVE TEMPERATURE 
COEFFICIENT. 

nth harmonic An unspecified harmonic, having a 
frequency of n times the fundamental frequency, 
where n is some positive integer. Also see HAR- 
MONIC and HARMONIC FREQUENCY. 

nth term An unspecified term in a mathematical 
sequence or series. 

NTP Abbreviation of NORMAL TEMPERATURE 
AND PRESSURE. 

NTSC Abbreviation of National Television Stan- 
dards Committee. 

NTSC color signal The color-television signal spec- 
ified by the National Television Systems Commit- 
tee. In the signal, the phase of a 3.58-MHz signal 
varies with the instantaneous hue of the trans- 
mitted color, and the amplitude varies with the 
instantaneous saturation of the color. 

NTSC triangle Ona chromaticity diagram, a trian- 
gle whose sides encompass the range of colors 
obtainable from the additive primaries. 

NTSC-type generator A special radio-frequency 
signal generator for color-television tests. It pro- 
vides separate, individually selected color bars 
that are fully saturated. The signals are strictly in 
accordance with NTSC standards. 

n-type conduction In a semiconductor, current 
flow consisting of electron movement. Compare 
P-TYPE CONDUCTION. 
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n-type material Semiconductor material that has 
been doped with a donor-type impurity and, con- 
sequently, conducts a current via electrons. Ger- 
manium, for example, when doped with arsenic, 
becomes n-type. Compare P-TYPE MATERIAL. 

n-type semiconductor See N-TYPE MATERIAL. 

nuclear battery See ATOMIC BATTERY. 

nuclear bombardment In nucleonics, the bom- 
barding of the nucleus of an atom with subatomic 
particles, usually neutrons. 

nuclear charge The net positive charge of the nu- 
cleus of an atom. 

nuclear clock A chronometer based on the rate of 
disintegration of a radioactive material. 

nuclear energy Energy resulting from the splitting 
of the nucleus of an atom or from the fusion of 
nuclei. Also see ATOMIC ENERGY, ATOMIC 
POWER, NUCLEAR FISSION, NUCLEAR FUSION, 
NUCLEAR REACTOR, and NUCLEUS. 

nuclear fission A nuclear reaction resulting from 
the bombardment of nuclei in the atoms of cer- 
tain radioactive materials. The bombardment 
with neutrons creates two new nuclei (by split- 
ting) and several new neutrons that split several 
other nuclei, producing still more nuclei and neu- 
trons, etc. The result is a chain reaction that can 
lead to a violent explosion if not checked. Com- 
pare NUCLEAR FUSION. 

nuclear force A strong attraction that holds to- 
gether pairs of nucleons in an atomic nucleus. 
This prevents an electric charge of protons from 
driving the nucleus apart. Nuclear force acts only 
over very minute distances. At greater distances, 
electrostatic repulsion is stronger. 

nuclear fusion A nuclear reaction resulting from 
the violent collision of the nuclei of the atoms of a 
hydrogen isotope (such as deuterium) at ex- 
tremely high temperature. The process produces 
more energy than does NUCLEAR FISSION, and 
leaves no hazardous radioactive waste. 

nuclear magnetic resonance An atomic phe- 
nomenon in which a particle, such as a proton, in 
a steady magnetic field “flips over” when an alter- 
nating magnetic field is applied perpendicular to 
the steady field. 

nuclear magnetic resonance imaging Abbrevia- 
tion, NMRI. The use of NUCLEAR MAGNETIC 
RESONANCE effects to produce a picture of inter- 
nal body organs. Using computers, three- 
dimensional renditions can be generated. It is 
useful in medicine as a diagnostic aid. 

nuclear medicine A branch of medicine involving 
the use of radioactive isotopes in diagnosing and 
treating disease. A radioactive isotope is put 
inside the body and it tends to accumulate in 
certain areas. Abnormal concentration of 
radioisotopes might indicate abnormal body ac- 
tivity in a certain area. 

nuclear pile See NUCLEAR REACTOR. 

nuclear power plant A power-generating plant us- 
ing a NUCLEAR REACTOR. 


5059F-pN-466-487 4/10/01 9:21 AM Page 486 cp 


nuclear reaction 1. A reaction in which a heavy 
atomic nucleus is split into two or more lighter nu- 
clei, with an accompanying release of radiant en- 
ergy. Also called NUCLEAR FISSION. 2. A reaction 
in which two or more light nuclei combine to form 
a heavier nucleus, accompanied by the release of 
radiant energy. Also called NUCLEAR FUSION. 

nuclear reactor 1. A device in which nuclear fis- 
sion can be initiated and controlled. At the center 
of the reactor is a core of nuclear fuel, such as a 
fissionable isotope of uranium. The core is sur- 
rounded by a graphite moderator jacket that is, in 
turn, surrounded by a coolant jacket; the whole 
is surrounded by a thick concrete shield. Neu- 
tron-absorbing rods are inserted through various 
walls to different depths in the fuel to control the 
reaction. Also called atomic pile. 2. A controlled 
nuclear fusion device, not yet perfected, but un- 
der development. It would provide all the benefits 
of an atomic pile (fission reactor), but would be 
more efficient and would not produce hazardous 
radioactive waste. 

nuclear recoil An observable vibration of an 
atomic nucleus when it disintegrates. 

nuclear resonance The condition wherein a nu- 
cleus absorbs a gamma ray emitted by an identi- 
cal nucleus. 

nuclear service robot A remotely controlled (tele- 
operated) robot used for general work in environ- 
ments where the level of radioactivity is too high 
for humans (e.g., the maintenance of a nuclear 
reactor). It could also be used, if necessary, for 
such tasks as disarming nuclear warheads and 
cleaning up after a nuclear accident. 

nucleon A proton or neutron in the nucleus of an 
atom. 

nucleonics The branch of physics concerned with 
nucleons and nuclear phenomena. The name is 
an acronym for nuclear electronics. 

nucleon number See MASS NUMBER. 

nucleus The center or core of an atom. Contains 
neutrons, protons, and other particles. The net 
electric charge of the nucleus is positive, and is 
equal to the sum of the negative charges of the or- 
bital electrons of the atom. 

null 1. The condition of zero output current or volt- 
age resulting from adjusting or balancing a cir- 
cuit, such as a bridge. 2. A local minimum in an 
interference pattern or directivity pattern. 

null balance In potentiometric-measuring circuits 
for comparing one voltage to another, the balance 
condition in which no current flows through the 
galvanometer. 

null current In potentiometric-measuring circuits 
for comparing one voltage to another, the gal- 
vanometer current remaining at null when the 
null point is not fully zero. 

null detection Direction finding by means of an 
antenna with a bidirectional or unidirectional 
null response. 

null detector See BRIDGE DETECTOR. 
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null frequency The frequency at which a fre- 
quency-sensitive circuit, such as a Wien bridge or 
twin-tee network, can be balanced. 

null meter See BRIDGE DETECTOR. 

null method See ZERO METHOD. 

null point In a balanced circuit, such as a bridge 
or potentiometer, the point of zero output voltage 
(or current) or minimum output voltage (or cur- 
rent). 

null potentiometer 1. The variable resistor that 
constitutes one arm of a four-arm bridge and is 
used to balance the bridge. 2. A potentiometric 
circuit using the null method to compare one volt- 
age with another. Also see POTENTIOMETER, 2. 

null setting 1. The setting of a bridge circuit or 
other null device that balances the circuit. 2. The 
electrical zero setting of an electronic voltmeter. 

null voltage 1. In a conventional bridge, the out- 
put voltage remaining when the bridge is set for 
its best null. 2. For a voltage-sensitive bridge, the 
input voltage that will produce zero output volt- 
age. 

number The mathematical representation of a 
quantity. It is generally used in electronics to de- 
note coefficients, magnitudes, component values, 
frequencies, etc. 

number cruncher A computer with great compu- 
tational power, but one not necessarily able to 
process large amounts of data (such as payroll in- 
formation). 

number system A systematic sequence of num- 
bers based on a radix and a logical arrangement. 
See, for example, BINARY NUMBER SYSTEM and 
DECIMAL NUMBER SYSTEM. 

numeral A member of a digit set in a number sys- 
tem. 

numerical analysis A mathematical approach to 
solving problems numerically, including finding 
the limits of error in the results. 
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numerical code A code having a character set re- 
stricted to digits. 

numerical control A method of programming 
computer-controlled mechanical devices, used in 
some early robots. An automated system in which 
number sequences fed to a digital computer 
cause it to control machines or processes in a 
manufacturing operation. 

nV Abbreviation of NANOVOLT. 

nW Abbreviation of NANOWATT. 

nybble A piece of digital information that is larger 
than a bit and smaller than a byte. Compare 
GULP. 

Nylon The trade name for a synthetic fiber-forming 
polyamide, useful for electrical insulation. 

Nyquist criterion of stability With reference to a 
NYQUIST DIAGRAM for a feedback amplifier, the 
amplifier is stable if the polar plot of loop amplifi- 
cation for all frequencies from zero to infinity is a 
closed curve that neither passes through nor en- 
closes the point 1 + j0. 

Nyquist diagram A graph of the performance of a 
reactive feedback system (such as a degenerative 
amplifier) that depicts the variation of amplitude 
and phase of the feedback factor with frequency. 
The plot is polar and accounts for the real and 
imaginary components. 
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Nyquist noise rule The power dissipated in a re- 
sistor because of thermal noise at a given fre- 
quency. The derivative of frequency, with respect 
to power, is equal to the absolute temperature 
times the Boltzmann constant. 

N zone See N LAYER. 
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O 1. Symbol for OXYGEN. 2. Abbreviation of OUT- 
PUT. 

o 1. Symbol for OUTPUT. (Also, OUT; both are used 
as subscripts.) 2. Symbol for ORIGIN. 

O2 Symbol for OXYGEN. 

O; Symbol for OZONE. 

OAT Abbreviation of OPERATING AMBIENT TEM- 
PERATURE. 

object code 1. In acomputer system, the machine- 
language output of the compiler, directed 
to the computer. 2. In a computer, the high-level 
output of the compiler, directed to the operator. 
3. The assembly language, directed to the com- 
piler for translation between machine language 
and high-level language and vice versa. 

object language The computer language that a 
compiler derives from a high-level (source) lan- 
guage (such as C++, LISP, etc.); it is usually ma- 
chine language, but it can be an intermediate 
code that requires further conversion. 

object-oriented graphics Also called vector graph- 
ics. In computer graphics, the use of equations to 
represent curves in a coordinate plane to define 
shapes, rather than defining the shapes pixel-by- 
pixel. 

object-oriented language A computer program 
that uses on-screen objects, called icons, to rep- 
resent commands. A movable device, such as a 
mouse or trackball, is used to move an arrow or 
other pointer to the icon; then a button is pressed 
to carry out the function indicated by the icon. 

object-oriented programming Abbreviation, OOP. 
A computer programming language that builds 
sophisticated programs from basic programs 
called modules. 


object program A machine or high-level language 
version of a user’s computer program, as pro- 
duced by a compiler. 


object recognition In robotic systems, any 
method used to identify specific objects, accord- 
ing to characteristics, such as shape, texture, 
weight, etc. Common schemes use bar-code la- 
bels and machine vision. More-complex methods 
make use of pattern-recognition programs. 

oblique-incidence transmission Transmission of 
radio signals via ionospheric reflection. 

oblique mode In acoustics, a resonance within a 
room that involves all four walls, the floor, and 
the ceiling. 

oboe A system of radar navigation in which a pair 
of ground stations measures the distance to an 
airborne transponder beacon and then transmits 
the information to the aircraft. 

obsolescence-free Pertaining to a design or pro- 
cess that is not likely to become obsolete in the 
near future. Compare OBSOLESCENCE-PRONE. 

obsolescence-prone Pertaining to a design or pro- 
cess subject to being soon outdated. Compare 
OBSOLESCENCE-FREE. 

OBWO Abbreviation of O-TYPE BACKWARD-WAVE 
OSCILLATOR. 

o/c Abbreviation of OPEN CIRCUIT. 

occluded gas Gas that has been absorbed or ad- 
sorbed by solid material, such as glass or metals, 
and that must be eliminated during the evacua- 
tion of an electronic device, such as a vacuum 
tube. Also see OUTGASSING. 

occultation 1. The passage of the moon or other 
planetary body in front of a more distant celestial 
object, resulting in the cutting off of electromag- 
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netic radiation from that object. 2. The eclipsing 
of one object by another. 

occupied band A frequency band used by at least 
one transmitting station regularly. 

occupied bandwidth For a given emission, the 
continuous band of frequencies (f2 — 7) for which 
the mean (average) radiated power above /2 and 
below /; is 0.5 percent of the total mean radiated 
power. 

occupied orbit In an atom, an orbit in which an 
electron is present. 

Ocean Phonetic alphabet code word for the letter O. 

OCR Abbreviation of OPTICAL CHARACTER REC- 
OGNITION. 

oct Abbreviation of OCTAL. 

octal Abbreviation, oct. Based on the number eight. 
See, for example, OCTAL NUMBER SYSTEM. 

octal digit One of the figures in the group 0 
through 7 used in the OCTAL NUMBER SYSTEM. 

octal notation See OCTAL NUMBER SYSTEM. 

octal number system The base-eight system of 
number notation. It uses digits O through 7. 
Compare BINARY NUMBER SYSTEM and DECI- 
MAL NUMBER SYSTEM. The octal system is often 
used as shorthand for otherwise-cumbersome bi- 
nary numbers. The binary number is separated 
into groups of three digits from right to left; each 
such group is then converted into its decimal 
equivalent, with the result being the octal form of 
the binary number [e.g., binary 111 001 011 = oc- 
tal 713 (111 = decimal 7; 001 = decimal 1; and 
011 = decimal 3)]. 


Decimal Octal 
0 0 
1 1 
2 2 
3 3 
4 4 
5 5 
6 6 
7 7 
8 10 
9 11 

10 12 
11 13 
12 14 
13 15 
14 16 
15 17 
16 20 


octal number system 


octal-to-decimal conversion Conversion of num- 
bers in the octal number system to numbers in 
the more-familiar decimal number system. 
This is done by expressing the octal number ser- 
ially in powers of eight. Thus, octal 12 = (1 x 81) + 
(2 x 8°) = 8 + 2 = decimal 10. 
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octant One-eighth of a circle; therefore, 45 de- 
grees, or 0.5 quadrant. 

octave 1. The range of frequencies between a given 
frequency (f) and twice that frequency (2/). 
2. The range of frequencies between a given fre- 
quency (f) and half that frequency (f/2). 

octave band A band of frequencies one octave wide 
(see OCTAVE). 

octave-band noise analyzer A noise analyzer hav- 
ing bandpass-filter channels whose center fre- 
quencies are one octave apart. 

octave-band pressure level Sound pressure level 
within an OCTAVE BAND. 

octave pressure level See OCTAVE-BAND PRES- 
SURE LEVEL. 

OCTL Abbreviation of OPEN-CIRCUITED TRANS- 
MISSION LINE. 

octonary signal An eight-level signaling code. 

octonary system See OCTAL NUMBER SYSTEM. 

OD Abbreviation of OUTSIDE DIAMETER. 

odd-even check A method of checking the integrity 
of data transferred in a computer system, in which 
each word carries an extra digit to show whether 
the sum of ones in the word is odd or even. 

odd harmonic Ina complex waveform, a harmonic 
that is an odd-numbered multiple of the funda- 
mental frequency (e.g., third harmonic, fifth har- 
monic, etc.). Compare EVEN HARMONIC. 

odd-harmonic intensification In a complex wave- 
form, emphasis of the amplitude of odd harmon- 
ics, with respect to that of even harmonics, a 
property of some multivibrators and nonsinu- 
soidal waves. 

odd line In a conventional television picture, one 
of the 262.5 odd-numbered horizontal lines 
scanned by the electron beam in developing the 
odd-line field. Compare EVEN LINE. 

odd-line field On a conventional television screen, 
the complete field obtained when the electron 
beam has traced all the odd-numbered lines. 
Compare EVEN-LINE FIELD. 

odd-line interlace See ODD-LINE FIELD. 

odd parity check A computer check for an odd 
number of ones or zeros in digital data. 

Odex Trade name for a series of autonomous 
robots developed by Odetics, Inc. They use legs 
for locomotion. Noted for their ability to maneu- 
ver in places that most robots cannot reach. 

odograph An electromechanical or electronic plot- 
ter that traces the path of a vehicle on a map, or 
on the image of a map as portrayed on a display 
screen. 

odometer An electromechanical device that indi- 
cates the speed of, and distance covered by, a 
moving vehicle or robot. Some such devices give a 
constant position indication, via mathematical 
integration of the measured velocity (speed and 
direction), relative to time. It can function in one, 
two, or three dimensions. 

odometry A method of speed, velocity, and/or po- 
sition sensing. It is commonly used in mobile 
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vehicles and mobile robots. The most- 
sophisticated systems give a constant indication 
of position on the basis of a starting point (origin) 
and mathematical integration of the velocity 
(speed and direction), with respect to time. It can 
function in one, two, or three dimensions. 

Oe Symbol for OERSTED. 

oersted Symbol, Oe. The cgs unit of magnetic field 
intensity; 1 Oe = 79.58 A/m. Formerly the unit of 
reluctance. 

off-air alarm A device that gives a visible or audi- 
ble indication when the carrier of a transmitter is 
lost. In its most rudimentary form, the device 
consists of a radio-frequency relay that actuates 
a bell, buzzer, horn, or lamp. 

off-center display A radar display whose center 
point does not correspond to the location of the 
antenna. 

off-center-fed antenna An antenna in which a 
feeder is attached to one side of the center point 
of the radiator. See, for example, WINDOM AN- 
TENNA. 

off-center feed The connection of a feed line to an 
antenna radiator at some point other than the 
physical center of the radiator. 
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off delay The interval during which a circuit re- 
mains on after the control signal has been 
switched off. Compare ON DELAY. 

off-ground 1. An above- or below-ground operating 
voltage. 2. The ground return for a voltage, as de- 
fined in 1, not common with the system ground. 

offhook In a telephone system, the condition in 
which the receiver is removed from its receptacle, 
or in which the line is otherwise engaged (e.g., a 
fax machine or modem is in use). 

off isolation A measure of the extent to which an 
open switch isolates the output from the input, 
specified as the output voltage divided by the in- 
put voltage. For percentage, multiply this quan- 
tity by 100. The ideal value is zero (or zero 
percent). 

off-limit In a stepping relay, a condition in which 
the armature has gone past the limit of its travel. 

offline 1. In a computer installation, equipment 
that is not controlled by the central processor. 
2. In computers and data processing, operations 
that are not under the direct real-time control of 
a central processor. 3. A computer memory facil- 
ity or device not connected to a central processor. 
4. In personal computing, the use of a computer 
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by itself (i.e., not connected in a network). Com- 
pare ONLINE. 

offline editing In video production, a process in 
which copies are made of the original recording; 
these copies are edited in a trial-and-error 
scheme to develop the final presentation. Com- 
pare ONLINE EDITING. 

offloading The use of computers and/or robots to 
perform repetitive, mundane tasks, leaving peo- 
ple free to do more interesting things. Example: a 
personal robot that mows the lawn. 

off-on operation See ON-OFF OPERATION. 

off period 1. The interval during which an on-off 
circuit or device is off. 2. The time during which 
an equipment is shut down. 

offset An imbalance between the halves of a nor- 
mally symmetrical circuit, such as that of a dif- 
ferential amplifier. Also see OFFSET CURRENT 
and OFFSET VOLTAGE. 

offset adjustment range The change in offset volt- 
age, in millivolts or in microvolts, that can be af- 
fected by means of the external offset adjustment 
circuit(s). 

offset current For an operational amplifier, the in- 
put current when the offset voltage is zero. 

offset voltage For an operational amplifier, the 
particular value of direct-current bias voltage re- 
quired at the input to produce zero output volt- 
age. 

off state 1. The condition of an on-off circuit or de- 
vice, such as a flip-flop, that is off. Compare ON 
STATE, 1. 2. The condition in which a circuit or 
device is shut down. Compare ON STATE, 2. 

off-state voltage The voltage drop across a semi- 
conductor device, such as a diode, rectifier, or 
thyristor, when the device is in its normal off 
(nonconducting) state. Compare ON-STATE 
VOLTAGE. 

off-target jamming In radio or radar jamming, the 
use of a remote jamming transmitter that will not 
betray the location of the base station. 

off time The period during which no useful work is 
being performed, as of equipment when it is not 
functioning because of a circuit breakdown. 

OGL Abbreviation of OUTGOING LINE. 

OGO Abbreviation of orbiting geophysical observa- 
tory. 

ohm Symbol, ©. The basic unit of resistance, reac- 
tance, or impedance. A resistance of 1 ohm 
passes a current of 1 ampere in response to an 
applied emf of 1 volt. 

ohmage Electrical resistance or resistivity ex- 
pressed in ohms. 

ohm-centimeter A unit of volume resistivity (see 
RESISTIVITY): the resistance of a centimeter 
cube of the material under measurement. Also 
see MICROHM-CENTIMETER. 

ohmic component A resistive or reactive circuit or 
device exhibiting an OHMIC RESPONSE. 

ohmic contact A usually very-low-resistance con- 
nection between two materials that provides 
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bilateral linear conduction. It exhibits none of the 
properties of a rectifying junction or a nonlinear 
resistance. 

ohmic heating 1. Heating caused by current pass- 
ing through a resistive material (i.e., P® losses in 
the material). 2. In an electric field, heat gener- 
ated by charged particles when they collide with 
other particles. 

ohmic loss Loss resulting from the direct-current 
resistance in a circuit or transmission line. 

ohmic region The portion of the response curve of 
a negative-resistance device that exhibits positive 
(ohmic) resistance. The E-I curve of a tun- 
nel diode, for example, has two such positive- 
slope regions with a negative-slope (negative- 
resistance) region between them. 
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ohmic resistance A resistance exhibiting OHMIC 
RESPONSE. 

ohmic response Response that follows OHM’S 
LAW: I = E/R. In strictly ohmic devices, neither 
resistance nor reactance changes with current or 
voltage. Compare NONOHMIC RESPONSE. 

ohmic value Electrical resistance expressed in 
ohms, or in multiples or fractions of ohms (kilo- 
hms, megohms, milliohms, etc.) 

ohmmeter An instrument for the direct measure- 
ment of electrical resistance. It usually consists 
of a milliammeter or microammeter, a battery, 
and several switchable resistors having very close 
tolerances. The scale is calibrated in ohms; the 
switch selects multiplier factors (e.g., 100, 
x10,000, x1,000,000). The scale is usually re- 
versed (i.e., 0 is at the extreme right and “infinity” 
is at the extreme left). 

ohmmeter zero 1. The condition of proper adjust- 
ment of an ohmmeter, indicating zero resistance 
for a direct short circuit. 2. The potentiometer, or 
other control, used for adjusting an ohmmeter to 
obtain a reading of zero with a short circuit. 

ohm-mile A rating meaning 1 mile of wire having a 
resistance of 1 ohm. 

ohms adjust The rheostat or potentiometer used to 
set the pointer of an ohmmeter before it is used to 
take resistance readings. 
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Ohm’s law The statement of the relationship 
among current, voltage, and resistance. In a 
direct-current circuit, current varies directly 
with voltage and inversely with resistance: I= E/R, 
where I is the current in amperes, E is the volt- 
age in volts, and Ris the resistance in ohms. For 
alternating current, Ohm’s law states that I = 
E/X = E/Z, where X is reactance and Z is 
impedance. 

ohms per square The resistance (in ohms) between 
two parallel edges of a square of thin-film resis- 
tance material. 

ohms-per-volt A specification that indicates the 
sensitivity and impedance of a voltmeter. In gen- 
eral, the higher the rating, the better. When mea- 
suring voltage in high-impedance circuits, the 
rating should be as high as possible. Field-effect- 
transistor (FET) voltmeters and vacuum-tube 
voltmeters have the highest ratings. 

oil-burner control An electronic system for start- 
ing and stopping the operation of an oil burner to 
prevent puffback and to interrupt the supply 
when the flame becomes erratic. 

oil calorimeter A calorimeter used to measure 
power in terms of the rise in temperature of oil 
heated by the electrical energy of interest. 

oil capacitor A capacitor impregnated or filled 
with oil, such as high-grade castor or mineral oil. 
Also see OIL DIELECTRIC. 

oil circuit breaker A circuit breaker filled with a 
high-grade insulating oil for cooling and arc elim- 
ination. 

oil-cooled transformer A heavy-duty transformer, 
through which oil is circulated for heat removal 
and arc prevention. 

oil dielectric A highly refined oil used as an elec- 
trical insulating material (e.g., between the plates 
of a capacitor). Familiar examples are castor oil, 
mineral oil, and the synthetic oil chlorinated 
diphenyl. 

oil diffusion pump See OIL PUMP. 
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oiled paper Insulating paper impregnated with oil 
for waterproofing and to increase its dielectric 
strength. 

oil-filled cable A cable whose insulation is impreg- 
nated with oil that can be maintained at a con- 
stant pressure. 

oil-filled capacitor See OIL CAPACITOR. 

oil-filled circuit breaker See OJL CIRCUIT 
BREAKER. 

oil-filled transformer A transformer whose case is 
filled with an insulating oil. 

oil fuse cutout A fuse cutout that is filled with an 
insulating oil. Compare OPEN-FUSE CUTOUT. 

oil-immersed transformer See OJL-FILLED TRANS- 
FORMER. 

oil-impregnated capacitor See OIL CAPACITOR. 

oil pump A vacuum diffusion pump using oil in- 
stead of mercury. Also see DIFFUSION PUMP. 

oil switch A switch enveloped by insulating oil. 

OLRT Abbreviation of online real time (operation). 

OM Amateur radio jargon for OLD MAN: chief 
(male) operator, or husband of female operator. 

omega A phase-dependent radionavigation system 
using single-frequency, time-shared, ICW trans- 
missions from two or more locations. 

omnibearing A navigational bearing obtained by 
means of OMNIRANGE. 

omnibearing converter An electromechanical de- 
vice in which an OMNIRANGE signal and vehicle 
heading information are combined, the output 
being a signal that is fed to a meter. 

omnibearing indicator Abbreviation, OBI. An om- 
nibearing converter with a dial and pointer. 

omnibearing line In an OMNIRANGE system, one 
of the imaginary lines extending from the geo- 
graphic center of the omnirange. 

omnibearing selector A device that can be set 
manually to a selected omnibearing. 

omniconstant calculator A calculator that adds 
or multiplies numbers in succession in such a 
manner as to arithmetically or geometrically in- 
crease the exponent as a single button is repeat- 
edly pressed. 

omnidirectional 1. Pertaining to a device that 
responds equally well to acoustic or electro- 
magnetic energy from any direction in three 
dimensions. 2. Pertaining to a device that radi- 
ates acoustic or electromagnetic energy equally 
well in any direction in three dimensions. 3. Also, 
NONDIRECTIONAL. Pertaining to an antenna 
that intercepts or radiates equally well in any az- 
imuth (horizontal) direction. 

omnidirectional antenna See NONDIRECTIONAL 
ANTENNA. 

omnidirectional hydrophone A hydrophone that 
picks up underwater sounds coming from any di- 
rection. 

omnidirectional microphone A microphone that 
picks up sounds coming from any direction. 

omnidirectional radio range See OMNIRANGE. 

omnidirectional range See OMNIRANGE. 
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omnidirectional range station Abbreviation, 
ORS. A radionavigation station for OMNIRANGE 
service. 

omnigraph A Morse-code generator that operates 
via marked or perforated paper tape. 

omnirange A _ radionavigation system in which 
each station in a chain broadcasts a beam in all 
directions. It usually operates at very-high fre- 
quencies (VHF) or ultra-high frequencies (UHF). 
Pilots of aircraft home on a particular station by 
tuning it in and noting its bearings. 

OMR Abbreviation for OPTICAL MARK RECOGNI- 
TION. 

on air See ON THE AIR. 

on-call channel An assigned radio channel of 
which exclusive, full time use is not demanded. 

on-course curvature In navigation, the rate at 
which the course of a vehicle deviates with refer- 
ence to the distance along the true course. 

on-course signal A single-tone-modulated signal 
indicating to an aircraft pilot following a radio 
beam that the flight is substantially on course. 

on current See ON-STATE CURRENT. 

on delay An interval during which a circuit re- 
mains off after an actuating signal has been sup- 
plied. Compare OFF DELAY. 

on-demand system A system, especially in com- 
puter and data-processing operations, that deliv- 
ers information or service immediately upon 
request. 

ondograph An _ electromechanical device that 
graphically draws alternating-current waveforms 
on paper. 

ondoscope A radio-frequency (RF) energy detector 
that consists of a neon bulb attached to the end 
of an insulating rod. When a bulb is held in an in- 
tense RF field, the field energy ionizes the gas in 
the bulb, causing it to glow without direct con- 
nection to the RF circuit. 

one-address code In computer programming, a 
code in which the address in an instruction refers 
to only one memory location. 

one condition See ONE STATE. 

one-digit adder See HALF ADDER. 

one-element rotary antenna A directional an- 
tenna consisting of a radiator only (no directors 
or reflectors) that can be rotated. A straight, rigid, 
half-wave rotatable dipole is the most common 
configuration. 

one-for-one compiler A compiler that generates 
one machine language instruction from one 
source language instruction. 

one-input terminal In a flip-flop, the input termi- 
nal that must be energized to switch the circuit to 
its logic 1 output. 

one-level address See ABSOLUTE ADDRESS. 

one-level subroutine In a computer program, a 
subroutine in which no reference is made to other 
subroutines. 

one-lunger Colloquialism for a radio transmitter 
consisting entirely of a one-transistor oscillator. 
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one output See ONE STATE. 

one-output signal The signal that results from 
reading a computer memory unit that is in the 
logic 1 state. 

one-output terminal In a flip-flop, the output ter- 
minal that is energized when the circuit is in its 
logic 1 state. 

one-plus-one address A method of computer pro- 
gramming in which instructions contain two ad- 
dresses and an operation, the addresses referring 
to the location of the next instruction and the lo- 
cation of the data to be used. 

ones complement Binary notation in the radix 
minus-one-complement form. 

one shot See MONOSTABLE MULTIVIBRATOR. 

one-shot circuit See MONOSTABLE MULTIVI- 
BRATOR. 

one-shot multivibrator 
TIVIBRATOR. 

one-sided wave A waveform consisting of only neg- 
ative or positive half-cycles. Example: a rectified 
alternating-current signal. 

one state Also, logic 1 state. The high, on, or true 
logic state of a bistable device, such as a flip-flop. 
Compare ZERO STATE. In binary notation, the 
one state is represented by the digit 1. 

one-third-octave band A frequency band that is 4 
octave wide; that is, the difference between 
the upper-frequency limit (f2) and the lower- 
frequency limit (f;) is one-third of an octave. Also 
see OCTAVE BAND. 

one-to-one assembler An assembler computer 
program that produces a machine language in- 
struction as a result of translating a source- 
language statement. 

one-to-one correspondence A mapping between 
two sets A and B so that every element in set A 
has exactly one correspondent in B, and every el- 
ement in B has exactly one correspondent in A. 

O network A four-impedance network containing 
two series (upper and lower) arms and two shunt 
(input and output) arms. 


See MONOSTABLE MUL- 





Output 


O network 


one-way communication 1. The transmission ofa 
message to one or more stations that receive only. 
Compare TWO-WAY COMMUNICATION. 2. See 
BROADCASTING. 

one-way conduction See UNILATERAL CONDUC- 
TIVITY. 
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one-way radio See ONE-WAY COMMUNICATION. 

one-way repeater In wire telephony, a device that 
amplifies and retransmits a signal in the direc- 
tion the signal was traveling when it arrived at 
the repeater. Compare TWO-WAY REPEATER. 

one-way valve A diode or rectifier (British varia- 
tion). 

on interval See ON TIME. 

online 1. Descriptive of equipment under the con- 
trol of a central processor. 2. Pertaining to opera- 
tions being controlled by a central processor. 
3. Relating to a computer storage device indepen- 
dent of a central processor. 4. In personal com- 
puting, the use of a computer in a network (e.g., 
with a modem for operation on the Internet). 
Compare OFFLINE. 

online data reduction Processing data as it enters 
a computer system. 

online editing In video production, the final phase 
of editing. The original recording (not copies) is 
used to prepare the presentation, based on the 
trials that were performed using the copies. Com- 
pare OFFLINE EDITING. 

online service A computer network accessible via 
telephone lines, television cable systems, and/or 
radio. It is generally available to owners of per- 
sonal computers. It provides such services as 
electronic mail, special-interest forums, news, 
weather, sports, shopping, and general informa- 
tion. 

on-off keying Keying, as in radiotelegraphy and 
wire telegraphy, by switching a signal source on 
and off to form dots and dashes or a binary code, 
rather than alternately changing the amplitude or 
frequency of the signal. 

on-off operation A switching operation, especially 
that performed by nonmechanical (fully elec- 
tronic) circuits. 

on-off ratio 1. For a circuit or device, the ratio of 
off time to on time. 2. For a pulse, the ratio of 
pulse duration to the dead space between pulses. 

on-off switch 1. In electronic equipment, the 
switch by which the equipment can be started or 
stopped. It can be, but is not necessarily, the 
power-line or B-plus switch. 2. An electronic cir- 
cuit or stage that is designed to operate as a con- 
ventional switching element when triggered by an 
appropriate signal. 

on period See ON TIME. 

ONR Abbreviation of Office of Naval Research. 

on resistance See ON-STATE RESISTANCE. 

on state 1. For a switch or switching device (such 
as a flip-flop), the condition of the device when it 
conducts current or delivers an output voltage. 
Compare OFF STATE, 1. 2. The condition of a cir- 
cuit or device that is activated for operation. 
Compare OFF STATE, 2. 

on-state current The current flowing through a 
semiconductor device (such as a diode, rectifier, 
or thyristor) when it is conducting. Also see ON- 
STATE VOLTAGE. 
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on-state resistance The resistance of a voltage- 
dependent resistor that is conducting current. 

on-state voltage The voltage drop across a semi- 
conductor device (such as a diode, rectifier, or 
thyristor) when the device is conducting current. 
Also see ON-STATE CURRENT. 

on the air 1. The state of a radio station that is 
transmitting. 2. In broadcasting, the condition in 
which the transmitter is operational and the 
sound and/or video from the studio is being dis- 
seminated. 

on time The length of time a switch or switching 
device (such as a flip-flop) remains on. 

on voltage See ON-STATE VOLTAGE. 

OOP Abbreviation of OBJECT-ORIENTED PRO- 
GRAMMING. 

op 1. Abbreviation of OPERATE. 2. Abbreviation of 
operator (see OPERATOR, 1). 3. Abbreviation of 
OPERATION. 4. Abbreviation of operational. 

opacimeter 1. An instrument for measuring the 
extent to which a material blocks light. 2. An in- 
strument, such as a field-strength meter, used to 
measure the effectiveness of an electrical shield- 
ing material in blocking radio waves, X rays, or 
other radiation. 

opacity The condition of being opaque. This ap- 
plies to all forms of radiation. For example, a 
material can be opaque to light rays, but be 
transparent to radio waves, or it can be transpar- 
ent to gamma rays while being opaque to alpha 
particles. 

opamp See OPERATIONAL AMPLIFIER. 

opcode Abbreviation of OPERATION CODE. 

open-air line See OPEN-WIRE LINE. 

open-back cabinet A loudspeaker enclosure in 
which the space behind the speaker is open to the 
room. 

open capacitance The value ofa variable capacitor 
whose rotor plates have been rotated completely 
out of mesh with the stator plates. Compare 
CLOSED CAPACITANCE. 

open-center display A radar display in which a 
ring around the center indicates zero range. 

open-chassis construction A method of assem- 
bling electronic equipment by mounting compo- 
nents and wiring them on an unenclosed chassis, 
often without a front panel. Similar to breadboard 
construction. 

open circuit 1. A discontinuous circuit (i.e., one 
that is broken at one or more points and, conse- 
quently, cannot conduct current nor present a 
voltage at its extremities). Compare CLOSED 
CIRCUIT. 2. Pertaining to no-load conditions, for 
example, the open-circuit voltage of a battery. 
3. For a bipolar transistor, the operating character- 
istics under independent input and output condi- 
tions. 

open circuit breaker 
tacts are open. 

open-circuit current Current flowing in the pri- 
mary winding of an unloaded transformer. 


A circuit breaker whose con- 
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open-circuited line See OPEN-CIRCUITED 
TRANSMISSION LINE. 

open-circuited transmission line Abbreviation, 
OCTL. An unterminated transmission line in 
which the conductors at the far end are not con- 
nected together. 

open-circuit impedance For a transmission line 
or a four-terminal network, the input or driving- 
point impedance when the output end of the line 
or network is open-circuited. 

open-circuit jack A telephone jack that introduces 
a break in a circuit until a plug connected to a 
closed external circuit is inserted. 

open-circuit plug See OPEN PLUG. 

open-circuit resistance For a four-terminal net- 
work, the input or driving-point resistance when 
the output end of the network is unterminated. 

open-circuit signaling A system of signaling in 
which no current flows until the signal circuit is 
in active operation. In a simple telegraph circuit, 
for example, current flows only when the key is 
pressed (to form a dot or dash). 

open-circuit alarm system A security system in 
which all the actuating sensors are normally 
open and connected in parallel. When one of the 
sensors is actuated, it closes, causing a short cir- 
cuit that triggers the alarm. 

open-circuit voltage See NO-LOAD VOLTAGE. 

open-collector configuration In an integrated cir- 
cuit, an output scheme utilizing no internal pull- 
up resistor. Wired-OR outputs can thus have 
opposite states without risk of damage to the de- 
vice. 

open component An open-circuit component (e.g., 
an open diode, coil, resistor, etc.). 

open core A magnetic core having a cylindrical 
shape. A disadvantage of this core configuration, 
in some applications, is that much of the mag- 
netic flux extends outside the core. Compare 
CLOSED CORE. 

open-core choke A choke coil wound on an open 
core. Also called OPEN-CORE INDUCTOR. Com- 
pare CLOSED-CORE CHOKE. 

open-core transformer A transformer wound on 
an open core. Compare CLOSED-CORE TRANS- 
FORMER. 

open-delta connection See VEE-CONNECTION 
OF TRANSFORMERS. 

open-ended Pertaining to a circuit or device that 
can be built upon without modifying its original 
configuration. 

open-end stub A stub that is neither short- 
circuited nor terminated at its far end. 

open-end stub tuning Adjustment of an OPEN- 
END STUB, by pruning its length, for optimum 
operation at a given frequency. 

open-entry contact In a connector, an unpro- 
tected, opening contact of the female type. 

open feeder See OPEN-WIRE LINE. 

open-frame machine See OPEN GENERATOR and 
OPEN MOTOR. 
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open-fuse cutout A type of enclosed-fuse cutout 
having an exposed fuse holder and support. Com- 
pare OIL FUSE CUTOUT. 

open generator An unsealed generator (i.e., one 
that has openings in its housing for air circula- 
tion). 

open line 1. See OPEN-WIRE LINE. 2. See OPEN- 
CIRCUITED TRANSMISSION LINE. 

open loop 1. In a control system, a feedthrough 
path having no feedback and that is not self- 
regulating. 2. In an operational amplifier, the 
configuration in which there is no feedback, and 
in which the device operates at maximum gain. 
3. A loop within a program from which the com- 
puter automatically exits after a specific number 
of iterations. 


tVoo 
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open loop, 2. 


open-loop bandwidth The bandwidth of an open- 
loop device, such as an amplifier, without feed- 
back. Also see OPEN LOOP. 

open-loop control system A control system hav- 
ing no feedback and that is not self-regulating. 
An example is a fluid-level gauge that indicates 
the height of fluid in a tank, but that cannot cor- 
rect the level automatically. Compare CLOSED- 
LOOP CONTROL SYSTEM. 

open-loop differential voltage gain For a differ- 
ential amplifier, the overall voltage gain (when ei- 
ther input is used) when the amplifier has no 
feedback. 

open-loop gain The overall gain (ratio of output to 
input) of an open-loop device, such as an ampli- 
fier without feedback. Also see OPEN LOOP. 

open-loop input impedance The input impedance 
of an open-loop device, such as an amplifier with- 
out feedback. Also see OPEN LOOP. 

open-loop output impedance The output impe- 
dance of an open-loop device, such as an ampli- 
fier without feedback. Also see OPEN LOOP. 

open-loop output resistance The output resis- 
tance of an open-loop device, such as an amplifier 
without feedback. Also see OPEN LOOP and 
OPEN-LOOP IMPEDANCE. 

open-loop system 1. A circuit in which the input 
and output currents are independent. 2. A robot 
that does not use a servo system. It depends en- 
tirely on alignment and precision for positioning 
accuracy. 3. An electromechanical device that 
does not use corrective feedback. 


open-loop voltage gain The overall voltage gain of 
an open-loop amplifier (i.e., one having no feed- 
back). Also see OPEN LOOP. 

open magnetic circuit A magnetic circuit in 
which a complete path is not provided for mag- 
netic flux. See, for example, OPEN CORE. Com- 
pare CLOSED MAGNETIC CIRCUIT. 

open motor An unsealed motor (i.e., one that has 
openings in its housing for air circulation). 

open-phase protection Use of an automatic de- 
vice, such as an open-phase relay, to interrupt 
the power to a polyphase system when one or 
more phases are open-circulated. 

open-phase relay Ina polyphase system, a protec- 
tive relay that opens when one or more phases 
are open-circuited. Also see OPEN-PHASE PRO- 
TECTION. 

open plug A phone plug to which no external con- 
nections are made; it is used to hold the blades of 
a jack as if they were plugged in. 

open-reel A tape-recording system in which the 
tape, during record or playback condition, is 
wound into a take-up reel that is physically sepa- 
rate from the tape reel. Also called reel-to-reel 
arrangement. 

openrelay 1. Arelay in its open-contact state. 2.A 
relay having an open-circuited coil. 3. An unen- 
closed relay. 

open routine In computer operations, a routine 
that can be inserted directly into a larger routine 
and requires no link to the main program. 

open subroutine In computer operations, a sub- 
routine that can be inserted into a larger in- 
structional sequence and must be _ recopied 
whenever it is required. Also called direct-insert 
subroutine. 

Open Systems Interconnection Reference Model 
Abbreviation, OSI-RM. A standard set of proto- 
cols for computer network communication. It 
consists of seven levels, also called layers: physi- 
cal layer, link layer, network layer, transport 
layer, session layer, presentation layer, and appli- 
cation layer. 

open temperature pickup A temperature trans- 
ducer that must be placed directly in contact with 
the monitored medium. 

open volume Pertaining to the maximum-gain op- 
eration of a sound-reproducing system (i.e., oper- 
ation at full volume). 

open wire 1. An unterminated wire. 2. A wire sup- 
ported above the surface of the earth and often 
ungrounded. 3. See OPEN-WIRE LINE. 

open-wire feeder See OPEN-WIRE LINE. 

open-wire line A transmission line or feeder usu- 
ally consisting of two straight, parallel wires held 
apart by bars of low-loss insulating material at 
regular intervals along the line. 

open-wire loop A branch line connected to a main 
open-wire line. 

open-wire transmission line See OPEN-WIRE 
LINE. 
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open-wire wavemeter See LECHER WIRES. 

operand In computer operations, a quantity that 
enters into or results from an operation. 

operate 1. To manipulate according to an estab- 
lished procedure (e.g., to operate an instrument). 
2. To perform according to specifications, in the 
sense that an electronic circuit functions. 

operate current A signal current or trigger current 
required to actuate a device. Compare OPERATE 
VOLTAGE. 

operate delay See OPERATE TIME, 1. 

operate interval See OPERATE TIME, 2. 

operate time 1. The interval starting after the ap- 
plication of an operate current or voltage to a de- 
vice, and ending when the device operates. 2. The 
period during which an electronic equipment is in 
operation. Also see OPERATING TIME, 1. 

operate voltage The signal voltage or trigger volt- 
age required to actuate a device. Compare OPER- 
ATE CURRENT. 

operating ambient temperature Abbreviation, 
OAT. The maximum or recommended tempera- 
ture in the space immediately surrounding an 
equipment in operation. 

operating angle In an amplifier circuit, the excita- 
tion-signal cycle, in degrees, during which drain, 
collector, or plate current flows. Class-A ampli- 
fiers operate for 360 degrees of the input signal 
cycle; class-AB amplifiers operate for more than 
180 degrees, but less than 360 degrees of the in- 
put signal cycle; class-B amplifiers operate for 
180 degrees of the input signal cycle; class-C am- 
plifiers operate for less than 180 degrees of the 
input signal cycle. 

operating bias In a circuit containing transistors, 
diodes, or vacuum tubes, the value(s) of direct- 
current bias required for normal operation. 

operating code The code used by the operator in a 
computer or data-processing system. 

operating conditions The environment in which a 
circuit or system functions in normal use. 

operating current The current required by a de- 
vice during its operation. Compare IDLING CUR- 
RENT. 

operating cycle The sequence of events in the op- 
eration of a device. For example, the repetitive op- 
eration of a neon-bulb relaxation oscillator is a 
sequence of three events: (1) slow charge of ca- 
pacitor, (2) firing of bulb, and (3) abrupt dis- 
charge of capacitor. 

operating frequency 1. The fundamental fre- 
quency at which a circuit or device is operated. 2. 
The frequency of the current, voltage, or power 
delivered by a generator. 

operating frequency range 1. The range of operat- 
ing frequencies, expressed as a minimum and 
maximum, for a communications receiver, trans- 
mitter, or transceiver. 2. For an integrated-circuit 
oscillator, the minimum and maximum fre- 
quency, and all frequencies in between, at which 
the device is guaranteed to operate. 
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operating life The maximum period (from seconds 
to years) over which a device will operate before 
failure (from which it usually cannot recover). 
Compare SHELF LIFE. 

operating line A line drawn across a family of 
curves depicting the performance of a device. It 
intersects each curve at a single point and graph- 
ically displays the performance of the device for a 
given condition. Thus, an operating line on a fam- 
ily of output curves for a transistor might depict 
operation with a given load resistor. 


Operating line: 
E.=10V 


Cc 


Collector current (/,.) 

















Collector voltage (E,) 
operating line 


operating overload The extent and/or duration of 
overload to which an equipment can be exposed 
during customary operation, and still continue to 
properly function. 

operating point On the response curve for a de- 
vice, the point indicating the quiescent level of 
operation (such as determined by a fixed bias 
voltage or current). An alternating-current signal 
applied at this point oscillates above and below 
the point as a mean. 

operating-point shift A movement of an operating 
point due to faulty operation of a circuit or device, 
or to a value change in some critical component. 

operating position 1. The control point in a sys- 
tem, [i.e., the place where an operator (see OPER- 
ATOR, 1) normally functions]. 2. The actual or 
recommended physical orientation of a device 
during its operation (e.g., a vertical operating po- 
sition for a power vacuum tube). 

operating power 1. The power actually used by a 
device during its operation. 2. The antenna power 
of a radio station. 

operating ratio For a given period, the ratio t,/t, 
where t, is the time during which an equipment is 
operating correctly, and t is the duration of the 
period. 
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operating station In a computer installation, one 
or more consoles for the control of a data- 
processing system by an operator. 

operating system Abbreviation, OS. In a computer, 
a set of programs that oversee the functioning of 
the hardware and application software. It works 
with the basic input/output system (BIOS). 

operating temperature The actual or recom- 
mended temperature of a device during its opera- 
tion. 

operating-temperature range For a given device, 
the spread between maximum and minimum val- 
ues of operating temperature. 

operating time 1. The interval during which an 
equipment is in operation. 2. The period corre- 
sponding to OPERATING ANGLE. 

operating-time characteristic For a coil-type re- 
lay, the relationship between operating time and 
operating power. 

operating voltage The voltage required by a de- 
vice, or measured at the device, during its opera- 
tion. Compare IDLING VOLTAGE. 

operation 1. The working of a circuit or device (i.e., 
its performance). 2. A process usually involving a 
sequence of steps (e.g., a mathematical operation). 

operational amplifier Also called an op amp. A 
specialized linear integrated circuit (IC) that con- 
sists of several transistors, resistors, diodes, and 
capacitors, interconnected to produce gain over a 
wide range of frequencies. A single amplifier can 
comprise an entire IC, or an IC can contain sev- 
eral amplifiers. The dual op amp and the quad op 
amp are common variants. Some ICs contain one 
or more amplifiers in addition to other circuits. 
The devices can be used with resistance-capaci- 
tance (RC) network combinations to build active 
filters for use at audio frequencies. 

operational differential amplifier An OPERA- 
TIONAL AMPLIFIER preceded by a DIFFEREN- 
TIAL AMPLIFIER. 

operational readiness In statistical analysis, the 
probability that a system will, at a certain time, 
be correctly operating or ready to operate. 

operational reliability Reliability determined em- 
pirically from a study of the actual operation of a 
device or system under controlled conditions. 
Also called ACHIEVED RELIABILITY. 

operational transconductance amplifier Abbre- 
viation, OTA. An integrated-circuit amplifier that 
differs from the conventional operational ampli- 
fier in that its output current is proportional to its 
input-signal voltage. 

operation code In computer operations, the part 
of an instruction that specifies an operation. 

operation decoder In a digital computer, the cir- 
cuit that reads an OPERATION CODE and directs 
other circuitry in the execution of the code. 

operation envelope See WORK ENVELOPE. 

operation number In computer programming, a 
number that indicates the position in the pro- 
gram of a particular operation or subroutine. 
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operation part In a computer program, the part 
of an instruction containing the OPERATION 
CODE. 

operation register Ina digital computer, the regis- 
ter that stores the operation code of an instruc- 
tion. 

operations research A branch of computer engi- 
neering, devoted to the solution and/or optimiza- 
tion of functions of many variables. 

operation time The interval between the instant of 
application of all voltages to a circuit, and the in- 
stant when the current reaches a specified per- 
centage of its final steady value. 

operator 1. A person who performs an operation 
(see OPERATE, 1). 2. In mathematics, a symbol 
indicating an operation (e.g., j, +, -, x, etc.). 

operator j See J OPERATOR. 

opposition 1. The state of two quantities that are 
180 degrees out of phase with each other. 2. A 
state in which two effects or quantities operate 
against each other in some manner (e.g., physi- 
cally, mathematically, electrically, etc.). 

opt Abbreviation of OPTICAL. 

Optacon An electronic aid for the blind. It has a 
camera that scans printed matter and a device 
that forms corresponding raised letters that can 
be read, as would Braille, with the fingertips. The 
name is a contraction of optical to tactile con- 
verter. 

optical 1. Generating or sensing visible light. 
2. Visible electromagnetic radiation in the range 
of approximately 390 to 750 nanometers wave- 
length. 

optical ammeter A type of OPTICAL PYROMETER 
that measures the current flowing through the fil- 
ament of an incandescent lamp. 

optical antenna A photosensitive device intended 
for the reception of modulated-light or modu- 
lated-infrared signals. Usually consists of a 
convex lens or a concave reflector and a 
semiconductor photodetector. 
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optical axis The z-axis of a quartz crystal (see 
Z-AXIS, 4). 

optical character reader A device that uses OPTI- 
CAL CHARACTER RECOGNITION to discern 
printed characters. 
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optical character recognition Abbreviation, OCR. 
In computer and data-processing operations, the 
reading of alphabetical, numerical, and other 
characters from hard copy (usually printed mat- 
ter) by photoelectric methods. It converts the 
characters into digital data that can be stored in 
computer memory, on disks and tapes, and 
transmitted via digital communications net- 
works. It can also allow a computer or robot to 
read signs, maps, etc. 

optical communications One-way or two-way 
communications via modulated visible light. It 
can be conducted through optical fibers, the 
atmosphere, water, or any other transparent 
medium. 

optical coupler A coupling device consisting es- 
sentially of a light source (actuated by an input 
signal) mounted in an opaque housing with a 
light-sensitive device (that delivers the output 
signal). In its simplest form, the arrangement 
consists of a light-emitting diode (LED) and a 
photodiode. 


Input | Mod. | a ‘a 
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optical coupler 


optical detector An integrated-circuit (IC) that 
provides light-to-voltage conversion. Its direct- 
current output voltage is proportional to the in- 
tensity of light impinging on its sensor. 

optical encoder An electronic device that mea- 
sures the extent to which a mechanical shaft has 
rotated. It can also measure the rate of rotation 
(angular speed). It consists of a light-emitting 
diode (LED), a photodetector, and a disk with al- 
ternate light and dark bands (chopping wheel). It 
is commonly used in digital controls and jointed 
robot arms. 

optical fiber A glass or plastic medium through 
which light is propagated for optical-communica- 
tions purposes. The refractive characteristics of 
the fiber keep the visible light inside. 

optical lever A device for amplifying the effect of a 
small rotation. The rotating member carries a 
small mirror that reflects a light beam over a 
curved scale, the distance through which the 
light spot travels on the scale being proportional 
to the distance between the scale and the rotating 
mirror. In this way, the deflection on the scale is 
several times the length of the arc described by 
the mirror, the rotation being thus amplified. 

optical link See OPTICAL COUPLER. 

optical mark recognition A method of data trans- 
fer that involves the use of optical techniques. 

optical maser See LASER. 
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optical mode The vibration mode that produces an 
oscillating dipole in a crystal lattice. 

optical pattern A Christmas-tree-like pattern pro- 
duced by parallel rays of light striking a phono 
disk. Also see DIFFRACTION. 

optical playback See OPTICAL SOUND REPRO- 
DUCER. 

optical pyrometer A pyrometer for measuring the 
temperature of a hot body in terms of the inten- 
sity and color of light it emits. 

optical scanner An electronic device that converts 
hard-copy text and graphics into digital form 
suitable for processing and storage in a com- 
puter. There are several types; the most common 
resembles a small photocopy machine and is 
known as a flatbed scanner. See OPTICAL SCAN- 
NING. 

optical scanning An electronic process that con- 
verts hard-copy text and graphics into digital 
form suitable for processing and storage in a 
computer. Text scanners work in conjunction 
with specialized software. The optical scanner 
and software together form the equivalent of au- 
dio speech recognition and sound interpretation. 
Usually, scanners are employed to convert 
printed matter to digital data. However, scanning 
technology can also be used at a distance, for ex- 
ample, by a robot for the purpose of reading road 
signs. 

optical sound recorder A photoelectric machine 
for recording sound on photographic film. Also 
see OPTICAL SOUND RECORDING. 

optical sound recording A system for recording 
sound on photographic film, as in sound motion 
pictures. The sound is picked up by a microphone 
and amplified to vary the intensity of a light 
source. The film passing this modulated beam be- 
comes exposed to a variable-width or variable- 
density track corresponding to the modulation 
(see VARIABLE-DENSITY SOUND RECORD and 
VARIABLE-WIDTH SOUND RECORD). When de- 
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veloped film is played back, its sound track mod- 
ulates a light beam in the reproducer by actuating 
a photocell or phototube to produce the audio sig- 
nal, which is then amplified. 

optical sound reproducer A photoelectric ma- 
chine for reproducing sound on film. A light beam 
in the device is modulated by the passing sound 
track, and it, in turn, modulates photocell or pho- 
totube current, which is amplified to drive a loud- 
speaker. Also see OPTICAL SOUND RECORDING. 

optical system Collectively, the functional ar- 
rangement of lenses, mirrors, prisms, and related 
devices in optoelectronic apparatus. 

optical tachometer An optoelectronic instrument 
for measuring (by means of reflected-light varia- 
tions) the speed of a body, such as a rotating 
shaft, without electrical or mechanical attach- 
ments to the latter. 

optical thermometer See OPTICAL PYROMETER. 

optical twinning A kind of defect in which two 
types of quartz occur in the same crystal. Com- 
pare ELECTRICAL TWINNING. 

optical type font A special type (printing) style 
designed for use with OPTICAL CHARACTER 
RECOGNITION equipment. 

optical wand A pencil-like optical probe, used to 
read bar codes from a printed page and translate 
the codes into information that is then loaded 
into a computer or calculator. 

optic axis See OPTICAL AXIS. 

optic flow See EPIPOLAR NAVIGATION. 

optics 1. The science of light, its measurement, 
application, and control. 2. A system of lenses, 
prisms, filters, or mirrors used in electronics to 
direct, control, or otherwise modify light rays. 

optimization The adjustment or manipulation of 
the elements of a process or system for the best 
operation or end result. 

optimize 1.To manipulate a set of variables or pa- 
rameters for the best possible performance of a 
circuit or system. 2. To maximize the value of a 
multivariable function. 

optimum angle of radiation For a given altitude of 
the ionosphere, the angle, with respect to the 
horizon, at which a radio signal should be trans- 
mitted from a specific geographic location to pro- 
vide optimum reception at some other specific 
location. This angle varies, depending on the alti- 
tude of the ionospheric layer from which signals 
are returned, the distance between the transmit- 
ting and receiving stations, and the number of 
hops taken by the signal between the earth and 
the ionosphere. 

optimum bunching In a velocity-modulated tube, 
such as a klystron, the bunching associated with 
maximum output. 

optimum collector load The ideal load impe- 
dance (see OPTIMUM LOAD) for a particular tran- 
sistor operated in a specified manner. 

optimum coupling The degree of coupling be- 
tween two circuits tuned to the same frequency 
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that results in maximum energy transfer. Also 
called CRITICAL COUPLING. 

optimum current The value of current that pro- 
duces the most-effective performance of a circuit 
or device. 

optimum frequency See OPTIMUM WORKING 
FREQUENCY. 

optimum load The value of load impedance that 
produces maximum transfer of power from a gen- 
erator or amplifier. 

optimum plate load The ideal load impedance (see 
OPTIMUM LOAD) for a particular electron tube 
operated in a specified manner. 

optimum @ The most effective figure of merit for a 
capacitor, inductor, or tuned circuit at a specified 
frequency. 

optimum reliability The value of reliability that 
ensures minimum project cost. 

optimum voltage The value of voltage that results 
in the most effective performance of a circuit or 
device. 

optimum working frequency In radio transmis- 
sion involving reflection from the ionosphere, the 
frequency of use that results in the most reliable 
communication between two points. 

optoelectronic coupler An assembly consisting of 
an LED and a phototransistor. An input signal 
causes the diode to glow, and the light activates 
the transistor, which in turn delivers an output 
signal of higher amplitude than that of the input 
signal. 

optoisolator A light-emitting diode (LED) or in- 
frared-emitting diode (IRED) and a photodiode 
combined in a single package with a transparent 
gap between them. The LED or IRED converts an 
electrical signal to visible light or IR; the photodi- 
ode changes the visible light or IR back into an 
electrical signal. This device eliminates interstage 
impedance reflections that can plague systems 
that employ electronic coupling. Even the most 
drastic changes in load impedance have no effect 
on the impedance “seen” by the signal source. 
The devices can also protect expensive equipment 
against electrical transients; for example, in 
telephone-line modems used with personal 
computers. 

optoelectronics A branch of electronics that in- 
volves the use of visible light for communications 
or data-transfer purposes. 

optoelectronic transistor A transistor having an 
electroluminescent emitter, transparent base, 
and photoelectric collector. 

optophone A photoelectric device for converting 
light into sounds of proportionate pitch to enable 
blind persons to “see” by ear. 

Orange Book ‘Trade name (Sony and Philips) for a 
specialized format for compact-disc recordable 
(CD-R) computer data storage media. It allows 
recording of data onto, as well as retrieval of data 
from, an optical compact disc. See also GREEN 
BOOK, RED BOOK, and YELLOW BOOK. 
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orange peel On a phonograph disc, a mottled sur- 
face that produces high background noise; so 
called from its resemblance to an orange peel. 

orbit 1. Also called shell. The median path of an 
electron around the nucleus of an atom. 2. The 
circular or elliptical path of an artificial satellite 
(e.g., a communications satellite) around the 
earth. 3. The elliptical path of the moon around 
the earth. 4. The elliptical path of the earth or an- 
other planet around the sun. 5. Any closed, usu- 
ally circular or elliptical path, that an object 
follows around another object. 

orbital-beam multiplier tube An _ electron- 
multiplying UHF oscillator or amplifier tube in 
which a positively charged electrode focuses 
electrons in a circular path. 

orbital electron An electron in orbit around the 
nucleus of an atom. 

orbital period The length of time required by a 
satellite to go around a celestial body, usually the 
earth. It can vary from about 90 minutes for very 
low orbits to months or even years for orbits be- 
yond that of the moon. The moon’s period is 
about a month. 

OR circuit Also called inclusive-OR circuit. In dig- 
ital systems and other switching circuits, a logic 
gate whose output is high (logic 1) when any of 
the input signals is high. The output is low (logic 
0) only when all of the inputs are low. Compare 
AND CIRCUIT. 


A 
Inputs 
B 


C Output 





2-input OR circuit 


order 1. An instruction to a digital computer. 
2. Sequence. 

OR element See OR CIRCUIT. 

ordered pair A set of two variables or numbers 
that can be mapped one-to-one onto a set of 
points in a plane. The most familiar example is 
(x,y), used to depict the Cartesian (rectangular) 
coordinate system on which characteristic curves 
and other functions are plotted. 

order of interference The position of an interfer- 
ence fringe that depends on whether the interfer- 
ence arises from one, two, three, or more 
wavelength differences. Generally, the first fringe 
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results from a difference of one wavelength, the 
second fringe from a difference of two wave- 
lengths, etc. The center fringe indicates that the 
two signals are exactly in phase; that is, the dif- 
ference is zero wavelengths. 

order of logic 1. A mathematical expression for 
the complexity of a system of logic. 2. The relative 
speed with which logical information is processed 
in a system. 

order tone A warning signal to receiving operators 
in the form of a tone transmitted over a trunk 
preceding the transmission of an order. 

ordinary ray As a result of the double refraction of 
electromagnetic waves, the member of a pair of 
rays that follows the usual laws of refraction. Also 
see O WAVE. Compare EXTRAORDINARY RAY. 

ordinary wave See O WAVE. 

ordinate In the rectangular coordinate system, a 
point located on the vertical axis. 

organ 1. A computer subsystem. 2. An electronic 
device used for the purpose of generating music. 

organic decay See EXPONENTIAL DECREASE. 

organic electricity Electricity in the living tissues 
of animals and plants. 

organic growth See EXPONENTIAL INCREASE. 

organic semiconductor A semiconductor material 
consisting of, or combined with, some compound 
of carbon. 

OR gate See OR CIRCUIT. 

orientation 1. The direction or position of an ob- 
ject in space, expressed in terms of coordinate 
values. 2. In a teleprinter, the calibration or 
alignment that determines the speed of response 
to a received character. 

orientation of quartz plates See CRYSTAL AXES 
and CRYSTAL CUTS. 

orifice An opening or window, such as that in a 
loudspeaker enclosure or waveguide, through 
which energy is transmitted. 

origin 1. The starting point in a coordinate system. 
2. Relative to address modification in computer 
operations, an address to which a modifier is 
added to derive a variable operand address. 

original lacquer In disc-recording operations, an 
original recording made on a lacquer-surfaced 
disc that is subsequently used to make a master. 

original master In disk recording, the master disc 
produced from a wax or lacquer disc (see ORIGI- 
NAL LACQUER) by means of electroforming. 

origin distortion The change in the shape of a 
wave as it swings through zero (polarity). 

OR operation See OR CIRCUIT. 

ORS Abbreviation of OMNIDIRECTIONAL RANGE 
STATION. 

orthicon A television camera tube somewhat simi- 
lar to the iconoscope, but which provides internal 
amplification of light and, accordingly, can be 
used in dimmer places than the iconoscope. Light 
amplification is provided by an arrangement sim- 
ilar to that of a photomultiplier tube. 

orthiconoscope See ORTHICON. 
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orthoacoustic recording 1. A system of disc 
recording in which the inherent differences 
between high-frequency recording and _ low- 
frequency recording are compensated to provide 
reproduction that more closely resembles the 
actual sound. 2. A disc made by the method 
defined in 1. 

orthogonal axes Perpendicular axes [e.g., those in 
a Cartesian (rectangular) coordinate system]. 

Os Symbol for OSMIUM. 

OS Abbreviation of OPERATING SYSTEM. 

ose Abbreviation of OSCILLATOR. 

OSCAR Abbreviation for Orbiting Satellite Carrying 
Amateur Radio. A satellite with a transponder 
that has an uplink in one amateur band and a 
downlink in another amateur band. 

osciducer See OSCILLATING TRANSDUCER. 

oscillate 1. To fluctuate in amplitude in a uniform 
manner. 2. To vary above and below a specified 
value at a constant rate. 

oscillating arc A small arc, especially one pro- 
duced by slow-opening relay contacts, that gener- 
ates high-frequency oscillations. 

oscillating circuit A closed circuit containing in- 
ductance, capacitance, and inherent resistance, 
in which energy passes back and forth between 
inductor and capacitor at a frequency determined 
by the inductance (L) and capacitance (C) values. 

oscillating crystal 1. A piezoelectric plate main- 
tained in a state of oscillation in a circuit. See, for 
example, CRYSTAL OSCILLATOR and QUARTZ 
CRYSTAL. 2. An oscillating semiconductor diode 
(see NEGATIVE-RESISTANCE DIODE, 1, 2). 

oscillating current See OSCILLATORY CURRENT. 

oscillating detector A detector provided with pos- 
itive feedback; therefore, it is capable of gener- 
ating a signal of its own. Compare 
NON-OSCILLATING DETECTOR. 

oscillating diode 1. A semiconductor diode biased 
into its negative-resistance region so that it oscil- 
lates in a suitable circuit. 2. An oscillating tunnel 
diode. 3. Any of several microwave diodes, such 
as the IMPATT diode, which will oscillate in a 
suitable system. 4. See MAGNETRON. Also see 
DIODE OSCILLATOR. 

oscillating field An alternating electric or mag- 
netic field. 

oscillating rod A rod of magnetostrictive metal 
maintained in a state of oscillation in a circuit. 
See, for example, MAGNETOSTRICTION and 
MAGNETOSTRICTION OSCILLATOR. 

oscillating transducer A transducer in which an 
input quantity varies a frequency proportionately 
from its center value. 

oscillating wire A wire of magnetostrictive metal 
maintained in a state of oscillation in a circuit. 
See, for example, MAGNETOSTRICTION and 
MAGNETOSTRICTION OSCILLATOR. 

oscillation The periodic change of a body or quan- 
tity in amplitude or position (e.g., oscillation of a 
pendulum, voltage, or crystal plate). 
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oscillation constant For an oscillating induc- 
tance-capacitance (LC) circuit, the expression 
(LC), where Lis the inductance in henrys and C 
is the capacitance in farads. The reciprocal of the 
OSCILLATION NUMBER. 

oscillation control A manual or automatic device 
for adjusting the frequency or amplitude of the 
signal generated by an oscillator. 

oscillation efficiency The ratio, as a percentage, 
of the alternating-current (signal) power output of 
an oscillator (P..~) to the corresponding direct- 
current power input (P;,). Efficiency = 100Pou/Pin- 

oscillation number For an oscillating circuit, the 
number of complete oscillation cycles that occur 
in 6.28 (2 pi) seconds. 

oscillation test 1. A test of an oscillator to deter- 
mine if a signal is being generated. 2. A test for 
transistors wherein the transistor is used as an 
oscillator to give a rough indication of its condi- 
tion in terms of oscillation amplitude. 

oscillation transformer A tank coil of a radio 
transformer—especially one that includes an out- 
put coupling coil. 

oscillator A device that produces an alternating 
or pulsating current or voltage electronically. 
The term is sometimes used to describe any 
alternating-current-producing device other than 
an electromechanical generator. 

oscillator circuit The specific manner in which 
the components of an OSCILLATOR are intercon- 
nected. The three general types are: positive- 
feedback, negative-resistance, and relaxation. 

oscillator coil A tapped coil that provides the input 
and output windings required for an oscillator cir- 
cuit. Such coils are used in signal generators, os- 
cillators, and superheterodyne receivers. 

oscillator-doubler A circuit consisting of an oscil- 
lator and a frequency doubler (e.g., a crystal os- 
cillator whose output frequency is twice the 
crystal frequency). 

oscillator drift A usually gradual change in fre- 
quency of an oscillator caused by such factors as 
warmup time, voltage variations, capacitance 
change, inductance change, or change in transis- 
tor characteristics. 

oscillator frequency The fundamental frequency 
at which an oscillator operates. It can be deter- 
mined by a tuned circuit, crystal, cavity, section 
of waveguide or transmission line, or by a resis- 
tance-capacitance circuit. 

oscillator harmonic interference In a _ super- 
heterodyne receiver, interference that is the beat 
product of local oscillator harmonics and received 
signals. 

oscillator interference Radio-frequency interfer- 
ence caused by signals from the high-frequency 
oscillator of a receiver. 

oscillator keying Keying by making and breaking 
the signal output, direct-current (dc) power, or dc 
bias of the oscillator stage of a radiotelegraph 
transmitter. 
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oscillator-mixer 1. A combination stage in which 
a transistor functions as a local oscillator and 
mixer in a receiver or test instrument. 2. A device 
designed specifically to function as a local oscilla- 
tor and mixer. 

oscillator-mixer-detector 1. In a_superhetero- 
dyne receiver, a stage in which the functions of 
high-frequency oscillator, mixer, and first detec- 
tor are performed by a single transistor. 2. A de- 
vice designed specifically to function as a local 
oscillator, mixer, and detector. 

oscillator-multiplier A single circuit that serves si- 
multaneously as an oscillator and frequency mul- 
tiplier. See, for example, OSCILLATOR-DOUBLER. 

oscillator padder In a superheterodyne receiver, a 
small, limited-range variable capacitor connected 
in series with the oscillator coil for tracking oscil- 
lator tuning at the low end of a band. Compare 
OSCILLATOR TRIMMER. 

oscillator power supply 1. The direct-current or 
alternating-current power supply for an oscilla- 
tor. 2. See OSCILLATOR-TYPE POWER SUPPLY. 

oscillator radiation The emission of radio- 
frequency energy by the oscillator stage of a 
superheterodyne receiver. Also see OSCILLATOR 
INTERFERENCE. 

oscillator-radiation voltage The radio-frequency 
voltage at the antenna terminals of a super- 
heterodyne receiver that results from signal emis- 
sion by the oscillator stage. 

oscillator stabilization 1. The automatic compen- 
sation of an oscillator circuit for the frequency 
drift resulting from changes in temperature, cur- 
rent, voltage, or component parameters. 2. The 
automatic stabilization of the operating point of 
an oscillator circuit against variations resulting 
from changes in temperature, supply current or 
voltage, or component parameters. 
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oscillator synchronization The locking of an os- 
cillator in step with another signal source, such 
as a frequency-standard generator. 

oscillator tracking In a superheterodyne receiver, 
the constant separation of the oscillator fre- 
quency from the signal frequency by an amount 
equal to the intermediate frequency at all settings 
of the tuning control. 

oscillator transmitter A radio transmitter con- 
sisting only of a radio-frequency oscillator and its 
power supply. The oscillator can be modulated in 
various ways [e.g., on-off keying, frequency-shift 
keying, voice amplitude modulation (AM), voice 
frequency modulation (FM)]. 

oscillator trimmer In a superheterodyne receiver, 
a small, limited-range capacitor connected in 
parallel with the oscillator coil for tracking oscil- 
lator tuning at the high end of a band. Compare 
OSCILLATOR PADDER. 

oscillator tuning The separate, often ganged, tun- 
ing of the oscillator stage in a circuit. 






Variable 
tuned 
circuit 


to Output 


oscillator tuning 


oscillator-type power supply A_ high-voltage, 
direct-current (dc) power supply in which a radio- 
frequency (RF) oscillator generates a low-voltage 
alternating current (ac). This ac voltage is 
stepped up by an RF transformer, and is finally 
rectified to obtain high-voltage dc. 

oscillator-type transmitter See 
TRANSMITTER. 

oscillator wavelength The fundamental wave- 
length at which an oscillator operates. It is 
usually expressed in meters, centimeters, or 
millimeters. It can be determined by a tuned cir- 
cuit, crystal, cavity, section of waveguide or 
transmission line, or by a resistance-capacitance 
circuit. 

oscillatory current A current that alternates peri- 
odically, particularly the current in an induc- 
tance-capacitance (LC) tank circuit that results 


OSCILLATOR 
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from the oscillation of energy back and forth be- 
tween the inductor and capacitor. 

oscillatory discharge An electrical discharge, 
such as that of a capacitor, that sets up an OS- 
CILLATORY CURRENT. 

oscillatory surge A current or voltage surge that 
includes both positive and negative excursions. 

oscillatory transient See OSCILLATORY SURGE. 

oscillistor A device consisting essentially of a bar 
of semiconductor material positioned in a mag- 
netic field; it will produce oscillations under cer- 
tain conditions. 

oscillogram 1. The image produced on the screen 
of an oscilloscope. 2. A permanent, usually pho- 
tographic, record made from the screen of an os- 
cilloscope. 

oscillograph 1. An instrument that makes a per- 
manent record (photograph or pen recording) of a 
rapidly varying electrical quantity. Also called 
recorder (see RECORDER, 2). Compare OSCILLO- 
SCOPE. 2. An obsolete term for OSCILLOSCOPE. 

oscillograph recorder A _ direct-writing recorder 
(see RECORDER, 2). 

oscillography The use of a graphic oscillation 
recorder (OSCILLOGRAPH). 

oscillometer A device used for determining the 
peak amplitude of an oscillation. 

oscilloscope An instrument that presents for 
visual inspection the pattern representing 
variations in an electrical quantity. Also see 
CATHODE-RAY OSCILLOSCOPE. Compare OS- 
CILLOGRAPH. 

oscilloscope camera A special high-speed, short- 
focus camera with fixtures for attachment to an 
oscilloscope to record images from the screen. 
Standard and instant-film types are available. 

oscilloscope differential amplifier An amplifier 
that processes the difference between two sig- 
nals, for the purpose of displaying on an oscillo- 
scope or oscillograph. 

oscilloscope tube A cathode-ray tube for use in an 
oscilloscope. It contains an electron gun, acceler- 
ating electrode, horizontal and vertical deflecting 
plates, and a fluorescent screen. 

Os-Ir Symbol for OSMIRIDIUM. 

OSI-RM Abbreviation of OPEN SYSTEMS INTER- 
CONNECTION REFERENCE MODEL. 

OSL Abbreviation of orbiting space laboratory. 

osmiridium Symbol, Os-Ir. A natural alloy of os- 
mium and iridium. 

osmium Symbol, Os. A metallic element of the 
platinum group. Atomic number, 76. Atomic 
weight, 190.2. 

osmotic pressure The force that causes the posi- 
tive ions to pass out of a solution toward a metal 
body immersed in an electrolyte. Also see 
HELMHOLTZ DOUBLE LAYER. 

OSO Abbreviation of orbiting solar observatory. 

osteophone A bone-conduction hearing aid. 

OTA Abbreviation of OPERATIONAL TRANSCON- 
DUCTANCE AMPLIFIER. 
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OTL Abbreviation 
LESS. 

O-type backward-wave oscillator Abbreviation, 
OBWO. A backward-wave oscillator using har- 
monics having opposing phases. 

ounce Abbreviation, oz. A unit of weight equal to %s 
pound or 28.35 grams. 

ounce-inch Abbreviation, oz-in. A unit of torque 
equal to the product of a force of 1 ounce and a 
moment arm of 1 inch. Compare POUND-FOOT. 

outage 1. Loss of power to a system. 2. Loss of a 
received signal. 

outboard components 1. Discrete components 
(capacitors, coils, resistors, or transformers) con- 
nected externally to an integrated circuit. 2. Dis- 
crete components connected externally to any 
existing electronic device. 

outcome In statistical analysis, the result of an ex- 
periment or test. An outcome can be numerical or 
nonnumerical. 

outdoor antenna An antenna erected outside, 
usually high above the surface of the earth clear 
of obstacles. It generally provides superior perfor- 
mance compared with an INDOOR ANTENNA. 
Also reduces the probability of radio-frequency 
interference (RFI) when used for transmitting. 

outdoor booster A signal preamplifier mounted on 
an outdoor television receiving antenna for im- 
proved reception. 

outdoor transformer A weatherproof distribution 
transformer installed outside the building it ser- 
vices. 

outer conductor The outer metal cylinder or 
jacket of a coaxial cable or coaxial tank. Compare 
INNER CONDUCTOR. 

outgassing 1. In the evacuation of electronic de- 
vices, such as vacuum tubes, the removal of oc- 
cluded gases from glass, ceramic, and metal by 
means of slow baking and by flashing an internal 
metal getter (such as one of magnesium). 2. The 
production of gases in certain electrochemical 
cells and batteries during the final stage of charg- 
ing. 

outgoing line A power or signal line that leaves a 
device, facility, or stage. Compare INCOMING 
LINE. 

outlet A female receptacle that delivers a signal or 
operating power to equipment plugged into it. 

outline flowchart In computer operations, a pre- 
liminary flowchart showing how a program will be 
divided into routines and segments, input and 
output functions, program entry points, etc. 

out-of-line coding Instructions for a computer 
program routine stored in an area of memory 
other than that in which the routine’s program is 
stored. 

out of phase Pertaining to the condition in which 
the alternations or pulsations of two or more sep- 
arate waves or wave phenomena, having identical 
frequencies, are out of step with each other. Com- 
pare IN PHASE. 


of OUTPUT-TRANSFORMER- 
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out of phase 


out-of-phase current Reactive current in an alter- 
nating-current circuit (i.e., current that is out of 
phase with voltage. Also see QUADRATURE CUR- 
RENT). 

out-of-phase voltage Voltage across a reactance; so 
called because it is out of phase with the current. 

outphaser A device that converts a sawtooth wave 
to a square wave. It is used in electronic organs 
and synthesizers. 

outphasing modulation A system of modulation 
in which the sideband frequencies are shifted 
90 degrees from the phase position in an ampli- 
tude-modulated wave. The resulting constant- 
envelope wave is then amplified with high 
efficiency and low distortion by a class-C stage; 
then the signal is reconverted to an amplitude- 
modulated one by phase shifting the carrier, with 
respect to the sidebands. 

out-plant system A data-processing system in 
which a central computer receives data from re- 
mote terminals. 

output 1. Energy or information delivered by a 
circuit, device, or system. Compare INPUT, 1. 2. 
The terminals at which energy or information is 
taken from a circuit, device, or system. Compare 
INPUT, 2. 

output admittance Symbol, Y,. The internal ad- 
mittance of a circuit or device, as “seen” at the 
output terminals; the reciprocal of OUTPUT 
IMPEDANCE. Compare INPUT ADMITTANCE. 

output amplifier See FINAL AMPLIFIER. 

output area In a computer system, the portion of 
storage holding information for delivery to an out- 
put device. Also called output block. 

output axis For a gyroscope that has received an 
input signal, the axis around which the spinning 
wheel precesses. 

output block See OUTPUT AREA. 

output buffer 1. A circuit that follows an oscillator 
and reduces the effects of variable load impedance 


on the oscillator frequency or signal amplitude. 
2. An amplifier, usually with a voltage gain of 6 dB, 
that follows a video multiplexer. The amplifier 
drives a coaxial transmission line. 

output bus driver In a computer, a device that 
amplifies output signals sufficiently to provide 
signals to other devices without undue loading of 
the supply line (bus). 

output capability The maximum power or voltage 
output that a circuit can deliver without distor- 
tion or other improper operating conditions. 

output capacitance Symbol, C,. The internal ca- 
pacitance of a circuit or device, as seen at the 
output terminals. Compare INPUT CAPACI- 
TANCE. 

output capacitive loading For an operational am- 
plifier at unity gain, the maximum capacitance 
that can be connected to the output of the ampli- 
fier before phase shift increases to the point of os- 
cillation. 

output capacitor 1. In a capacitance-coupled cir- 
cuit, the output coupling capacitor. Compare IN- 
PUT CAPACITOR. 2. The last capacitor in a 
power-supply filter circuit. 

output capacity The maximum output capability 
of a device or system expressed in appropriate 
units, such as current, voltage, power, torque, 
horsepower, etc. 

output choke The last choke (inductor) in a 
power-supply filter circuit. 








— Output choke 
| Ll L2 | 


output choke 


output circuit The circuit or subcircuit that con- 
stitutes the output portion of a network or device. 
Also see OUTPUT and OUTPUT TERMINALS. 
Compare INPUT CIRCUIT. 

output-circuit distortion Distortion in the output 
portion of a circuit or device (such as a transistor 
or transformer), usually caused by an overload or 
nonlinear response. 

output conductance Symbol, G,. The internal 
conductance of a circuit or device, as “seen” at 
the output terminals. It is the reciprocal of OUT- 
PUT RESISTANCE. Compare INPUT CONDUC- 
TANCE. 

output control 1. The gain control of an amplifier. 
2. The level control of a variable power supply. 

output coupling capacitor See OUTPUT CAPACI- 


TOR. 
output coupling transformer See OUTPUT 
TRANSFORMER. 
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output current 1. Symbol, [,. The current deliv- 
ered by a source, such as a battery, generator, or 
amplifier. Compare INPUT CURRENT, 1. 2. Sym- 
bol, I,. Current flowing in the output leg or elec- 
trode of a circuit or device. Compare INPUT 
CURRENT, 2. 

output device 1. A load device, such as a resistor, 
loudspeaker, lamp, relay, motor, etc., that uti- 
lizes the output energy delivered by a generator, 
amplifier, or network. 2. A device, such as an out- 
put transformer, that serves to transfer energy or 
information from a circuit or device. Compare IN- 
PUT DEVICE. 3. In computer operations, a device 
that presents the results of computer operation 
in a comprehensible form. Examples: printer, 
monitor, disk drive, tape drive, modem, etc. 

output efficiency The efficiency of a device, such 
as a generator or amplifier, in delivering an out- 
put signal. For an amplifier, the efficiency (Eff) is 
given as a percentage by the formula Eff, = 
100P./P;, where P; is the direct-current power in- 
put, and P, is the alternating-current (signal) 
power output. 

output equipment See OUTPUT DEVICE, 3. 

output filter The direct-current filter of a power 
supply operating from alternating current. Also 
see CAPACITOR-INPUT FILTER and CHOKE- 
INPUT FILTER. 

output gap A device via which current or power is 
intercepted from an electron beam in a beam- 
power tube. 

output impedance Symbol, Z,. The impedance 
“looking” into the output terminals of an ampli- 
fier, generator, or network. Compare INPUT 
IMPEDANCE. 

output indicator A device, such as an analog me- 
ter, digital meter, or bar-graph meter, that pro- 
vides a visual indication of the output-signal 
amplitude of an equipment. 

output leakage current In an open-collector inte- 
grated circuit, the current from collector to emit- 
ter with the output in the “off condition and a 
certain specified voltage applied to the device. It 
can be expressed in milliamperes or microam- 
peres. 

output limiting A process for automatically main- 
taining the amplitude of the signal delivered by a 
generator or amplifier. See, for example, AUTO- 
MATIC GAIN CONTROL, AUTOMATIC MODULA- 
TION CONTROL, VOLUME COMPRESSION, and 
VOLUME LIMITER. 

output load See OUTPUT DEVICE, 1. 

output load current 1. The current through the 
output load of an amplifier. Generally, this cur- 
rent is expressed in root-mean-square (rms) form. 
2. The highest rms current that an amplifier can 
deliver to a load of a specified impedance. 

output meter A meter that gives a quantitative or 
qualitative indication of the output of an amplifier 
or generator. See, for example, OUTPUT-POWER 
METER. 
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output offset In an integrated circuit, the voltage 
at the output when the inputs are grounded. 

output port The output terminal of a logic device. 

output power Symbol, P,. The power deliverable by 
an amplifier, generator, or circuit. Also called 
power output. Compare INPUT POWER. 

output-power meter A type of direct-reading 
wattmeter for measuring the power output of an 
amplifier or generator. 

output regulator A circuit or device that automat- 
ically maintains the output of a power supply or 
signal source at a constant amplitude. 

output resistance Symbol, R,. The internal resis- 
tance of a circuit or device, as “seen” at the out- 
put terminals. Compare INPUT RESISTANCE. 

output routine In computer operations, a routine 
(program segment) that performs the work in- 
volved in moving data to an output device, often 
including intermediate transferals and modifying 
the data as necessary. 

output section See OUTPUT AREA. 

output sink current In an integrated circuit, for a 
specified set of conditions at the input and out- 
put, current into the output as measured in mil- 
liamperes or microamperes. 

output source current In an integrated circuit, for 
a specified set of conditions at the input and out- 
put, the current out of the output, as measured 
in milliamperes or microamperes. 

output stage The last stage of an amplifier. Deliv- 
ers the signal to the load. 

output terminals Terminals (usually a pair) asso- 
ciated with the output of a circuit or device (see 
OUTPUT, 1, 2). Compare INPUT TERMINALS. 

output tank Ina transmitter or power generator, a 
parallel-tuned combination of inductance and ca- 
pacitance in the collector, drain, or plate circuit, 
that is generally tuned to resonance at the oper- 
ating frequency. IT optimizes efficiency and cou- 
ples the signal to the load. Compare INPUT TANK. 

output transformer The output-coupling trans- 
former that delivers signal voltage or power from 
an amplifier, generator, or network to a load or to 
another circuit. Compare INPUT TRANSFORMER. 


Output 
tank 


Output 


Input 


output tank 
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output-transformerless Abbreviation, OTL. Per- 
taining to an oscillator, amplifier, or generator 
that requires no output coupling transformer. 

output transistor A transistor in the final stage of 
an amplifier or generator; usually, it is a power 
transistor. 

output tube A vacuum tube in the final stage of an 
amplifier or generator; usually, it is a power tube. 

output unit See OUTPUT DEVICE. 

output voltage 1. Symbol, E, or V,. The voltage de- 
livered by a source, such as a battery, generator, 
or amplifier. Compare INPUT VOLTAGE, 2. 2. 
Symbol, E, or V,. The voltage across the output 
leg or electrode of a circuit or device. Compare IN- 
PUT VOLTAGE, 2. 

output voltage compliance In an integrated cir- 
cuit, the voltage range over which the output can 
be made to swing, while keeping the operation of 
the circuit within a certain maximum allowable 
nonlinearity limit. It is measured in volts or milli- 
volts. 

output voltage noise In an integrated circuit, the 
output noise over a given range of frequencies, as 
measured in peak-to-peak millivolts or micro- 
volts. It can also be measured as the root- 
mean-square (rms) value. 

output voltage swing In an integrated circuit with 
a specified load, the output-voltage change mea- 
sured as a difference between maximum and 
minimum in volts or millivolts. 

output voltage tracking For an integrated-circuit 
dual regulator, the difference between the abso- 
lute values of the output voltages of a dual regu- 
lator. It can be expressed as a specific voltage or 
as a percentage of the specified output voltage of 
the device. 

output winding The secondary coil of an output 
transformer. 

outside antenna See OUTDOOR ANTENNA. 

outside booster See OUTDOOR BOOSTER. 

outside diameter Abbreviation, OD. The outer- 
most diameter of a body or figure having two con- 
centric diameters (e.g., tubing or conduit). 
Compare INSIDE DIAMETER. 

outside lead See FINISH LEAD. 

outside transformer 1. See OUTDOOR TRANS- 
FORMER. 2. A transformer mounted outside of 
an equipment in whose circuit it is included. 
External mounting can eliminate hum in the 
equipment circuit, and can help to prevent 
overheating. 

oven 1. Also called crystal oven. A chamber provid- 
ing a closely controlled operating temperature for 
an electronic component, such as a quartz crys- 
tal. 2. An enclosure in which electronic equip- 
ment can be tested at selected, precise high 
temperatures. Compare COLD CHAMBER. 

overall feedback Positive or negative feedback 
around an entire system (such as a_ public- 
address system), as opposed to feedback confined 
to one stage or a few stages within the system. 
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overall gain The total gain of an entire system 
(such as a multistage amplifier), as opposed to 
that of one or several stages. 

overall loudness The apparent intensity of an 
acoustic disturbance, generally measured with 
respect to the threshold of hearing, and ex- 
pressed in decibels, relative to the threshold level. 

overbiased unit A component, such as a transis- 
tor or vacuum tube, whose bias current or voltage 
is higher than the correct value for a given mode 
of operation. Compare UNDERBIASED UNIT. 

overbunching In a velocity-modulated tube, such 
as a Klystron, the condition in which the buncher 
voltage exceeds the value required for optimum 
bunching. 

overcharging In a secondary cell or battery, the 
application of charging current longer than nec- 
essary to obtain full charge. This can sometimes 
cause problems, such as cell heating. 

overcompounded generator A dynamo-type gen- 
erator having a compound field winding in which 
the series-field winding increases the field inten- 
sity beyond the point needed to maintain the out- 
put voltage. Compare UNDERCOMPOUNDED 
GENERATOR. 

overcompounding A characteristic of electrome- 
chanical motors, resulting in increased running 
speed with decreasing load resistance. 

overcoupled transformer A transformer having 
greater than critical coupling between its primary 
and secondary windings. In tuned circuits, such 
as intermediate-frequency (IF) transformers, this 
produces a double-peak response. 

overcoupling Extremely close coupling 
CLOSE COUPLING). 

overcurrent A current greater than the specified, 
nominal, or desired level. Compare UNDERCUR- 
RENT. 

overcurrent circuit breaker A circuit breaker that 
opens when current exceeds a predetermined 
value. 

overcurrent protection The use of a circuit 
breaker, relay, or other device to protect a circuit 
or system from damage resulting from an exces- 
sive flow of current. 

overcurrent relay A protective relay that opens a 
circuit when current exceeds a predetermined 
value. Compare UNDERCURRENT RELAY. 

overcutting In disc recording, the condition in 
which an excessively high amplitude signal 
causes the stylus to cut through the wall between 
adjacent grooves. Compare UNDERCUTTING. 

overdamping Damping greater than the critical 
value (see DAMPING ACTION, 2). Compare UN- 
DERDAMPING. 

overdesign Also called overengineering. 1. To use 
an unnecessarily high safety factor in the design 
of equipment. 2. To design equipment for perfor- 
mance superior to that which is required in the 
intended application. 3. A design that results 
from operations defined in 1 and 2. 


(see 
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overdrive In an analog amplifier, an undesirable 
operating condition that occurs with the applica- 
tion of excessive input signal voltage or power. 
This results in increased distortion, nonlinearity, 
excessive harmonic generation, and excessive 
output signal bandwidth. In a high-fidelity audio 
system, such a condition grossly degrades the 
quality of the sound. The amplifying device (tran- 
sistor or vacuum tube) is in or near saturation 
during part of the signal cycle. This reduces the 
efficiency of the circuit, can cause excessive col- 
lector, drain, or plate current, and can overheat 
the base-collector (B-C) junction of a bipolar 
transistor. In the worst case, it can destroy the 
component. 

overdriven amplifier See OVERDRIVEN UNIT. 

overdriven unit An amplifier, oscillator, or trans- 
ducer whose driving signal (current, voltage, 
power, or other quantity) is higher than that 
which the device can properly or efficiently han- 
dle for correct or intended operational perfor- 
mance. 

overdub In audio recording, a method of combin- 
ing two or more signals onto a single tape track. 
For example, a live voice can be recorded on a 
tape containing pre-recorded music. 

overexcited Receiving higher than normal excita- 
tion, as in radio-frequency amplifiers or alternat- 
ing-current generators. 

overflow 1. In computer or calculator operation, 
the condition in which an arithmetic operation 
yields a result exceeding the capacity of the loca- 
tion or display for a result. 2. The carry digit that 
results from the condition described in (1). 

overflow indicator 1. Ina digital calculator, a dis- 
play that indicates that a numerical value is too 
large or too small to be shown with the available 
number of decimal places. 2. In data processing, 
a display that indicates the presence of too many 
bits or characters for the available storage 
capacity. 

overflow position In a digital computer, an auxil- 
iary register position for developing the overflow 
digit (see OVERFLOW, 1, 2). 

overflow record In data processing, a record that 
will not fit the storage area allotted for it, and that 
must be kept where it can be retrieved, according 
to some reference stored in its place. 

overflow storage In a calculator or computer, ex- 
tra storage space, allowing a small amount of 
overflow without loss of accuracy. 

overhanging turns The turns in the unused por- 
tion(s) of a tapped coil. 

overhead line A power or transmission line sus- 
pended above the ground between poles or tow- 
ers. 

over-horizon radar A form of radar used at high 
frequencies, in which pulses are transmitted and 
received. The signals are returned to earth via the 
ionosphere, both in the forward and reflected di- 
rections, making it possible to detect such things 
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as missile launchings from thousands of miles 
away. 

over-horizon transmission See FORWARD SCAT- 
TER. 

overinsulation Use of excessive insulation for a 
particular application. Compare UNDERINSULA- 
TION. 

over insulation The insulation (usually a strip of 
tape) laid over a wire brought up from the center 
of a coil. Compare UNDER INSULATION. 

overlap 1. The time during which two successive 
operations are performed simultaneously. 2. In a 
facsimile or television system, a condition in which 
the scanning line is wider than the center-to- 
center separation between adjacent scanning lines. 

overlap radar A long-range radar situated in one 
sector and covering part of another sector. 

overlay 1. A sheet of transparent or translucent 
material laid over a schematic diagram for the 
purpose of tracing connections that have been 
made in wiring an equipment from the diagram. 
2. In computer operations, a method whereby the 
same internal storage locations are used for dif- 
ferent parts of a program during a program run. 
It is used when the total storage requirements for 
instructions exceed the available main storage 
capacity. 

overlay transistor A _ double-diffused epitaxial 
transistor having separate emitters connected to- 
gether by means of diffusion and metallizing to 
increase the edge-to-area ratio of the emitters. 
This design raises the current-handling ability of 
the transistor. Also see DIFFUSED TRANSISTOR 
and EPITAXIAL TRANSISTOR. 

overload 1. Current or power drain in excess of the 
rated output of a circuit or device. 2. An excessive 
driving signal. 

overload circuit breaker See CIRCUIT BREAKER. 

overloaded amplifier A power amplifier deliver- 
ing excessive output power. Compare UNDER- 
LOADED AMPLIFIER, 2. 

overloaded oscillator An oscillator from which 
excessive power is drawn, causing instability, 
frequency shift, lowered output voltage, and 
overheating. 

overload indication Any  attention-catching 
method, such as an audible or visual alarm, for 
warning that a prescribed signal or power level 
has been exceeded. 

overload level The amount of overload that can 
safely be applied to an equipment (see OVER- 
LOAD, 1). 

overload protection The use of circuit breakers, 
relays, automatic limiters, and similar devices to 
protect equipment from overload damage by re- 
ducing current or voltage, disconnecting the 
power supply, or both. 

overload recovery time Following an overdrive at 
the input of an integrated-circuit device, the time 
required for the output to resume its normal 
characteristics. 
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overload relay A relay actuated when circuit cur- 
rent exceeds a predetermined value. Compare 
UNDERLOAD RELAY. 

overload time The maximum length of time that 
an equipment can safely be subjected to an over- 
load level of current. 

overmodulation Modulation in excess of a pre- 
scribed level—especially amplitude modulation 
greater than 100%. Compare COMPLETE MODU- 
LATION and UNDERMODULATION. 
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overmodulation alarm See OVERMODULATION 
INDICATOR. 

overmodulation indicator A device, such as a 
neon bulb, incandescent lamp, light-emitting 
diode, analog meter, or digital meter, adapted to 
give an alarm when the modulation percentage of 
a signal exceeds a predetermined value. 

overpotential See OVERVOLTAGE. 

overpower relay A relay actuated by a rise in 
power above a predetermined level. Compare UN- 
DERPOWER RELAY. 

overpressure For a pressure transducer, pressure 
in excess of the maximum rating of the device. 

override 1. To intentionally circumvent an auto- 
matic control system. 2. To bridge a functional 
stage of a system. 

overscanning The deflection of the beam of a cath- 
ode-ray tube beyond the edges of the screen. 

overshoot 1. The momentary increase of a quan- 
tity beyond its normal maximum value (e.g., the 
spike sometimes seen on a square wave because 
of the overswing of a rising voltage). 2. Momen- 
tary overtravel of the pointer of an analog meter. 

overswing See OVERSHOOT, 2. 

overtemperature protection The use of an auto- 
matic device, such as a thermal relay or thermo- 
stat, to disconnect a device from the power 
supply when the device’s temperature becomes 
excessive. 

overthrow See OVERSHOOT, 2. 

overtone See HARMONIC. 
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overtone crystal A piezoelectric quartz crystal 
that oscillates at odd multiples of the frequency 
for which it was cut. This allows crystal operation 
at frequencies otherwise obtainable only from a 
fundamental-frequency crystal ground so thin as 
to be prohibitively fragile. 

overtone oscillator A crystal oscillator using an 
OVERTONE CRYSTAL. 

overtravel See OVERSHOOT, 2. 

overvoltage A voltage higher than a specified or 
rated value. Compare UNDERVOLTAGE. 

overvoltage circuit breaker A circuit breaker that 
opens when voltage exceeds a predetermined 
value. 

overvoltage protection The use of a special cir- 
cuit or device to protect equipment from excessive 
voltage. When voltage increases beyond the over- 
voltage limit, the protective circuit causes shut- 
down. 

overvoltage relay A relay actuated when voltage 
rises above a predetermined value. Compare UN- 
DERVOLTAGE RELAY. 

overwrite In computer operations, to record new 
data over existing data (e.g., to update the files on 
a magnetic disk or tape). 

Ovshinsky effect In thin-film solid-state devices, 
the tendency for switches to have the same char- 
acteristics for currents in either direction. 

Owave One (the ordinary) of the pair of components 
into which an ionospheric radio wave is divided by 
Earth’s magnetic field. Compare X WAVE. 

Owen bridge A wide-range four-arm bridge that 
measures inductance in terms of a standard ca- 
pacitance and bridge-arm resistances. 

own coding Additional program steps added to 
vendor-supplied software so that it can be modi- 
fied to fit special needs. 

ox Abbreviation of OXYGEN. 

oxidation 1. The combination of a substance with 
oxygen. Generally a slow process, such as the 
corrosion of iron or aluminum in the atmosphere. 
The process is accelerated by the presence of 
moisture and/or high temperatures. 2. The loss 
of electrons from a cell or battery during dis- 
charge. 

oxidation-reduction potential The potential at 
which oxidation occurs at the anode of an elec- 
trolytic cell, and at which reduction occurs at the 
cathode. 
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oxide-coated cathode See OXIDE-COATED EMIT- 
TER. 

oxide-coated emitter An electron-tube cathode or 
filament coated with a material, such as thorium 
oxide, for increased electron emission at low 
emitter temperatures. 

oxide-coated filament Sce 
EMITTER. 

oxide film 1. The thin film of iron oxide that con- 
stitutes the recording surface of a magnetic disk 
or tape. 2. The layer of copper oxide formed on 
the copper plate of a copper-oxide rectifier. 

oxide-film capacitor An electrolytic capacitor, so 
called because the dielectric is a thin oxide film. 

oxide rectifier A solid-state rectifier using a junc- 
tion between copper and copper oxide. Also called 
COPPER-OXIDE RECTIFIER. 

oximeter A photoelectric instrument for measur- 
ing the oxygen content of the blood. It operates by 
passing visible light through the earlobe, and an- 
alyzing the color and intensity of the emerging 
beam. Also called ANOXEMIA TOXIMETER. 

oxygen Symbol, O. Abbreviation, O2. A gaseous el- 
ement. Atomic number, 8. Atomic weight, 15.999. 
Constitutes 21% of Earth’s atmosphere. It readily 
combines with various elements to form com- 
pounds (see OXIDATION). 

oxygen analyzer An electronic gas analyzer de- 
signed especially to measure oxygen content. The 
operation of this instrument is based on the para- 
magnetic properties of oxygen. 


OXIDE-COATED 
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oxygen recombination In nickel-cadmium (NICAD) 
cells and batteries, a process in which oxygen is 
generated in the vicinity of the positive electrode, 
and is reduced with water in the vicinity of the 
negative electrode. This produces battery heating. 

oz 1. Abbreviation of OUNCE. 2. Abbreviation of 
OZONE. 

oz-in Abbreviation of OUNCE-INCH. 

ozocerite An insulating mineral wax. Dielectric 
constant, 2.2. Dielectric strength, 4 to 6 kV/mm. 
Also spelled OZOKERITE. 

ozone Symbol, O3. An allotropic form of oxygen. Its 
formula indicates that each molecule has three 
atoms. Produced by the action of ultraviolet rays 
(or electrical discharge) on oxygen, its character- 
istic odor (somewhat like weak chlorine) can often 
be detected around sparking contacts or in the 
air after a thunderstorm. 

ozone layer In the earth’s atmosphere, a layer of 
ozone gas in the upper troposphere and lower 
stratosphere. It is produced by _ ultraviolet 
radiation from space, mainly from the sun. The 
ozone layer tends to block ultraviolet radiation, 
reducing the amount that reaches the surface of 
the earth. 

ozone monitor An instrument for measuring the 
concentration of ozone in the atmosphere. One 
version measures the extent to which ultraviolet 
radiation is absorbed by a sample of air; the 
greater the absorption, the higher the ozone con- 
centration in the sample. 





P_ 1. Symbol for POWER. 2. Symbol for PLATE (of a 
vacuum tube). 3. Symbol for PHOSPHORUS. 4. 
Abbreviation of PRESSURE. 5. Symbol for PRI- 
MARY. 6. Abbreviation for prefix PETA-. 7. Sym- 
bol for PERMEANCE. 8. Abbreviation of POINT. 

p 1. Abbreviation of prefix PICO-. 2. Subscript for 
PEAK. 3. Abbreviation of POUND. 4. Abbreviation 
of POINT (often capitalized). 5. Subscript for PRI- 
MARY. 6. Subscript for PLATE (of a vacuum 
tube). 7. Abbreviation of PITCH. 8. Abbreviation 
of PER. 

PA 1. Abbreviation of POWER AMPLIFIER. 2. Ab- 
breviation of PULSE AMPLIFIER. 3. Abbreviation 
of particular average. 4. Abbreviation of pilotless 
aircraft. (Also, P/A.) 5. Abbreviation of PUBLIC 
ADDRESS (as in PA system). 

Pa 1. Symbol for PROTACTINIUM. 2. Symbol for 
PASCAL. 

pA Abbreviation of PICOAMPERE. 

pacemaker See CARDIAC STIMULATOR. 

pacer See CARDIAC STIMULATOR. 

Pacific Standard Time Abbreviation, PST. Local 
mean time at the 120th meridian west of Green- 
wich. Also see GREENWICH MEAN TIME, STAN- 
DARD TIME, TIME ZONE, and COORDINATED 
UNIVERSAL TIME. 

pack A technique for maximizing a computer mem- 
ory device’s storage capacity, wherein more than 
one information item is stored in a single storage 
unit. Also called crowd. 

package 1. The enclosure for an electronic device 
or system. This includes a wide range of hous- 
ings, from the simple encapsulation of miniature 
transistors to forced-air-cooled enclosures for 
heavy power units. 2. To assemble and house an 
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electronic equipment, or to design a housing for 
it, in accordance with good engineering tech- 
niques. 3. A computer program of general use for 
an application (e.g., payroll package). 

package count The number of discrete packaged 
circuits in a system. 

packaging density 1. See VOLUMETRIC EFFI- 
CIENCY. 2. Computer storage capacity in terms 
of the number of information units that can be 
contained on a given segment of a magnetic 
medium. Also called PACKING DENSITY. 38. 
Within a given integrated circuit, the capacity in 
terms of the number of active devices that can be 
contained on a single silicon chip. 

packet 1. A unit of digital information in PACKET 
COMMUNICATIONS. It consists of a header fol- 
lowed by a certain number of data bits or bytes. 
2. See WAVE PACKET. 3. See PACKET COMMU- 
NICATIONS. 4. See PACKET RADIO. 

packet communications A method via which data 
is exchanged through a network between or 
among people or computers. Information is sent 
and received in blocks of information called 
packets. Each packet is routed individually 
through the network according to the most effi- 
cient possible path at the time of its transit. At 
the destination, the packets are reassembled into 
the original signal. This scheme makes more effi- 
cient use of network resources than continuous- 
connection or single-path methods. However, 
when network usage is heavy, there can be a de- 
lay in the arrival of a sufficient number of packets 
to produce an intelligible received signal. 

packet radio The transmission and reception of 
PACKET COMMUNICATIONS data via radio. 
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packet switching In telephony, a method of con- 
nection in which data is exchanged between sub- 
scribers by splitting the data into units (packets). 
Each packet is sent over the optimum path at the 
time of transmission. The signal path can, and 
usually does, vary from packet to packet. At the 
destination, the packets are reassembled into the 
original singal. The connection is in effect nonex- 
istent during periods of silence (no data transmit- 
ted by either subscriber). Compare CIRCUIT 
SWITCHING. 

packing In the button of a carbon microphone, 
bunching and cohesion between the carbon gran- 
ules. 

packing density The number of discrete package 
circuits within a given surface area or volume. 

packing factor 1.See VOLUMETRIC EFFICIENCY. 
2. In computer operations, the number of bits 
that can be recorded in a given length of magnetic 
memory surface. Also called PACKING DENSITY. 

pack transmitter A portable transmitter that can 
be strapped to the operator’s back. 

pack unit A portable transceiver that can be 
strapped to the operator’s back or carried on an 
animal’s back. 

PACM Abbreviation of pulse-amplitude code modu- 
lation. 

pad 1. An attenuator network (usually a combina- 
tion of resistors) that reduces the amplitude of a 
signal by a desired amount while maintaining 
constant input and output impedance. 2. In com- 
puter operations, to make a record a fixed size by 
adding blanks or dummy characters to it. 3. To 
lower the frequency of an inductance-capacitance 
(LC) circuit by adding capacitance to an already 
capacitively tuned network. 

padder See OSCILLATOR PADDER. 

padding capacitor See OSCILLATOR PADDER. 

padding character Ina digital communications sys- 
tem, a character that is inserted solely for the pur- 
pose of consuming time while no meaningful 
characters are sent. The insertion of such charac- 
ters maintains the synchronization of the system. 

paddle-handle switch A toggle switch the lever of 
which is a flattened rod. Compare BAT-HANDLE 
SWITCH, ROCKER SWITCH, and SLIDE SWITCH. 

PADT Abbreviation of POST-ALLOY-DIFFUSED 
TRANSISTOR. 


paddle-handle switch 
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page A display of text data on a computer display 
that completely fills the screen. 

page printer A computer peripheral that prints a 
message in lines on a page, according to an es- 
tablished format, rather than in a single line. 

pager 1. A public-address system used for sum- 
moning purposes. 2. See BEEPER, 2. 

page turning The successive display of pages (see 
PAGE). 

pair 1. Two wires, especially two insulated conduc- 
tors in a cable. 2. A set of two particles or charge 
carriers (e.g., electron-hole pair). 3. A set of two 
transistors or vacuum tubes, operating together 
in push-pull or parallel in a power amplifier. 

paired cable A cable consisting of separate twisted 
pairs of conducting wires. 

paleomagnetism The study of certain rocks and 
minerals to determine the nature of the earth’s 
magnetic field at the time the rocks were formed. 
When the age of the rock is determined by means 
of radioactive dating, and numerous rock sam- 
ples are found covering many different eras, the 
nature of the earth’s magnetic field can be 
graphed over time. 

palladium Symbol, Pd. A metallic element of the 
platinum group. Atomic number, 46. Atomic 
weight, 106.42. 

palletizing In industrial robots, the automatic 
placing of objects in a tray according to a com- 
puter program. 

Palm See HANDHELD COMPUTER. 

Palmer scan In radar, a method of simultaneously 
scanning the azimuth and the elevation. 

PalmPilot See HANDHELD COMPUTER. 

palmtop computer See HANDHELD COMPUTER. 

PAM Abbreviation of PULSE-AMPLITUDE MODU- 
LATION. 

Pan In radiotelephony, a spoken word indicating 
that an urgent message is to follow. It is equiva- 
lent to the XXX of radiotelegraphy. 

pan 1. To make a panoramic sweep [e.g., to sweep 
a wide area with a beam (as from an antenna), or 
to sweep a wide band of frequencies with a suit- 
able tuning circuit]. 2. A panoramic sweep made 
as defined in 1. 3. In audio engineering, to grad- 
ually shift from one audio channel to another or 
from one reproducer to another. 

pan and tilt 1. An azimuth-elevation mounting for 
a television camera. 2. The simultaneous move- 
ment of a television camera in the vertical and 
horizontal directions. 

pancake coil See DISK WINDING. 

panel A flat surface on which are mounted the con- 
trols and indicators of an equipment, for easy ac- 
cess to the operator. 

panel lamp 1. See ELECTROLUMINESCENT 
PANEL. 2. See PANEL LIGHT. 

panel light A pilot light for illuminating the front 
panel of a piece of equipment. 

panel meter A usually small meter for mounting 
on, or through an opening in, a panel. 
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panic button In a security system, a button or 
switch that immediately triggers an alarm when it 
is closed. 

panoramic adapter An external device that can be 
connected to a receiver to sweep a frequency 
band and indicate carriers on the air as pips ona 
screen at the corresponding frequency points. 
Also called pan adapter. 

panoramic display 1. A wide-angle display. 2. A 
spectrum-analyzer display that shows a wide 
range of frequencies, from zero to well above the 
maximum frequency in the monitored system. 

panoramic radar An omnidirectional radar (i.e., 
one that transmits wide-beam signals in all direc- 
tions without scanning). 

panoramic receiver A receiver that displays pips 
on a screen to show carriers on the air in a given 
frequency band. All frequencies in the band are 
presented along the horizontal axis of the screen. 

panpot A potentiometer with which panning can 
be achieved (see PAN, 3). 

pan-range A form of radar display in which target 
motion can be ascertained. 

pantography The transmission of radar information 
to a distant location for observation or recording. 

Papa Phonetic alphabet code word for the letter P. 

paper advance mechanism In a data-processing 
system, the part of a printer that moves (some- 
times by computer control) the paper through the 
printer. 

paper capacitor A component that is made by 
placing paper, soaked with mineral oil, between 
two strips of foil. The assembly is rolled up, and 
wire leads are attached to the two pieces of foil. 
Finally, the rolled-up foil and paper are enclosed 
in a cylindrical case. These components are 
sometimes found in radio-frequency (RF) elec- 
tronic equipment. They have values ranging from 
about 0.001 microfarads (uF) to 0.1 uF, and can 
handle low to moderate voltages, usually up to 
about 1000 volts. Compare CERAMIC CAPACI- 
TOR, ELECTROLYTIC CAPACITOR, MICA 
CAPACITOR, PLASTIC-FILM CAPACITOR, 
TANTALUM CAPACITOR. 

PAR Abbreviation of PRECISION APPROACH 
RADAR. 

par Abbreviation of PARALLEL. 

parabola A plane curve that is the locus of points 
that are equidistant from a fixed point (the focus) 
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and a fixed straight line (the directrix). In the 
Cartesian xy-plane, the general equation is y = 
ax2 + b, where a and b are constants. 

parabola control See VERTICAL-AMPLITUDE 
CONTROL, 2. 

parabola generator A circuit for generating a 
parabolic-waveform signal. 

parabolic microphone A directional microphone 
mounted at the principal focus of a parabolic 
sound reflector; the front of the microphone faces 
the inside of the parabola. It is useful for detect- 
ing sounds from great distances. 

parabolic reflector Also called paraboloidal reflec- 
tor. A reflector having the shape of a paraboloid. 
It is particularly useful for focusing or directing 
radiation. For example, if a radiator, such as an 
antenna rod, is placed at the focus of the 
paraboloid, a beam of parallel rays will be emitted 
by the reflector. 

paraboloid The surface generated by a PARABOLA 
rotated about its axis of symmetry. 

paraffin A relatively inexpensive, easily available, 
solid, white petroleum wax. At one time, it was 
used to impregnate capacitors and coils and to 
waterproof paper used for insulating purposes. 

parallax The apparent shift in the position of a rel- 
atively nearby object when the observer moves or 
alternately blinks either eye. Thus, a pointer-type 
meter will seem to give different readings when 
viewed from different angles. Some meters have 
mirrored scales to eliminate this effect. 

parallel 1. Pertaining to the type of operation in a 
computer when all elements in an information 
item (e.g., bits in a word) are acted upon simulta- 
neously, rather than serially (one at a time). 
2. The condition in which two comparably sized 
objects or figures are equidistant at all facing 
points. 3. Pertaining to the shunt connection of 
components or circuits. 

parallel access In computer operations, inputting 
or outputting data to or from storage in whole el- 
ements of information items (a word, rather than 
a bit at a time, for example). 

parallel adder In a computer or calculator, an 
adder in which corresponding digits in multibit 
numbers are added simultaneously. Also see 
PARALLEL, 1. 

parallel antenna tuning Antenna-feeder tuning in 
which the tuning capacitor is connected in paral- 
lel with the two feeder wires. Compare SERIES 
ANTENNA TUNING. 

parallel arithmetic unit See PARALLEL ADDER. 

parallel capacitance 1. A capacitance connected 
in parallel (shunt) with some other component. 
2. The capacitance between the turns of a coil. 
Also see DISTRIBUTED CAPACITANCE. 

parallel capacitors Two or more capacitors con- 
nected in parallel (shunt) with each other. The 
total capacitance is equal to the sum of the 
individual capacitances. Also see PARALLEL 
CIRCUIT. 
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parallel circuit A circuit in which the components 
are connected across each other (i.e., so that the 
circuit segment could be drawn showing compo- 
nent leads bridging common conductors as rungs 
would across a ladder). Compare SERIES CIR- 
CUIT. 

parallel-component amplifier An amplifier stage 
in which the active devices (transistors or vac- 
uum tubes) are connected in parallel with each 
other for increased power output. Also see PAR- 
ALLEL CIRCUIT. 

parallel-component oscillator An oscillator stage 
in which transistors are connected in parallel 
with each other for increased power output. Also 
see PARALLEL CIRCUIT. 

parallel computer A computer equipped to handle 
more than one program at a time, but not 
through the use of multiple programming or 
time-sharing. 

parallel-cut crystal 

parallel-diode half-wave rectifier 
LIMITER. 

parallel-fed amplifier An amplifier circuit in which 
the direct-current operating voltage is applied in 
parallel with the alternating-current output volt- 
age. Also see PARALLEL FEED. 

parallel-fed oscillator An oscillator circuit in 
which the direct-current operating voltage is ap- 
plied in parallel with the alternating-current out- 
put voltage. Also see PARALLEL FEED. 

parallel feed 1. The presentation of parallel alter- 
nating-current (ac) and direct-current (dc) volt- 
ages to a device. 2. The presentation of a dc 
operating voltage in parallel with the ac output 
voltage of a device (as in a parallel-fed amplifier or 
oscillator). Also see SHUNT FEED. 

parallel gap welding A welding technique using 
two electrodes separated by a gap. 

parallel gate circuit 1. A gate circuit using two 
bipolar transistors with parallel-connected collec- 
tors and emitters, and a common collector resis- 
tor. The input signal is applied to one base, and 
the control signal to the other. 2. A gate circuit 
using two field-effect transistors with parallel- 
connected drains and sources, and a common 
drain resistor. The input signal is applied to one 
gate, and the control signal to the other. 

parallel inductance An inductance connected in 
parallel (shunt) with some other component. 

parallel inductors Inductors connected in parallel 
and separated or oriented to minimize the effects 
of mutual inductance. Also see PARALLEL CIR- 
CUIT. 

parallel inverse feedback In a single-ended audio 
amplifier circuit, a simple system for obtaining 
negative feedback: A high resistance is connected 
from the output-transistor collector or drain to 
the driver-transistor collector or drain. 

parallel limiter A limiter (clipper) circuit in which 
the diode is in parallel with the signal. Compare 
SERIES LIMITER. 


See Y-CUT CRYSTAL. 
See PARALLEL 
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parallel-line tuning At ultra-high frequencies 
(UHF) and microwave frequencies, the use of two 
parallel wires or rods for tuning. A straight short- 
circuiting bar is slid along the wires to accom- 
plish tuning. 

parallelogram A two-dimensional geometric figure 
that has four sides. Opposite pairs of sides are par- 
allel. Opposite interior angles have equal measure. 





parallelogram 


parallelogram of vectors A graphic device for find- 
ing the sum of two vectors. A parallelogram is 
constructed for which the two vectors are adja- 
cent sides. The sum of the vectors is represented 
by the diagonal of the parallelogram. 

parallel operation In computer operations, the si- 
multaneous transmission of all bits in a multibit 
word over individual lines, as compared with the 
serial transmission of a word bit by bit. 
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parallel output A digital output consisting of two 
or more lines, all of which carry data at the same 
time. 

parallel processing In computer operations, the 
simultaneous processing of several different pro- 
grams through separate channels. Compare 
SERIAL PROCESSING. 

parallel Q Symbol, Q,. The figure of merit of a par- 
allel circuit of inductance, capacitance, and resis- 
tance. 

parallel resistance 1. A resistance connected in 
parallel (shunt) with some other component. 
2. The resistance between the plates of a capacitor. 
3. The resistance across a coil. 

parallel resistors Resistors connected in parallel. 
If the individual resistances are represented by 
R;, Ro, R3, ..., Rn, then total resistance R; is 
equal to 1/(1/R; + 1/R2+1/R3+...+1/R,). Also 
see PARALLEL CIRCUIT. 

parallel resonance Resonance in a circuit consist- 
ing of a capacitor, inductor, and alternating- 
current source connected in parallel. At the 
resonant frequency, the inductive reactance is 
equal in magnitude, but opposite in effect, to the 
capacitive reactance. The capacitor current and 
inductor current are maximum, the line current 
is minimum, and the circuit impedance is maxi- 
mum. Compare SERIES RESONANCE. 

parallel-resonant circuit A resonant circuit in 
which the capacitor, inductor, and alternating- 
current source are connected in parallel. Com- 
pare SERIES-RESONANT CIRCUIT. 

parallel-resonant trap A wavetrap consisting of a 
parallel-resonant inductance-capacitance (LC) 
circuit. Compare SERIES-RESONANT TRAP. 


parallel-resonant trap 


parallel-resonant PARALLEL- 
RESONANT TRAP. 

parallel-rod_ oscillator An _ ultra-high-frequency 
(UHF) oscillator tuned by means of two straight, 
parallel quarter- or half-wave rods, one rod con- 
nected to the base or gate of a transistor, and the 
other rod connected to the collector or drain. 

parallel-rod tuning Adjustment of the resonant fre- 
quency of a section of open-wire transmission line. 
A movable shorting bar allows quarter-wave reso- 
nance. The impedance at resonance is very high. 


wavetrap See 
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parallel-series Also called series-parallel. Pertain- 
ing to an arrangement of components, usually 
similar (e.g., resistances), consisting of parallel 
circuits connected in series with each other, or of 
series circuits connected in parallel with each 
other. Usually, the component values or ratings 
are all identical, so currents and/or voltages are 
equally shared among them. Also see PARALLEL 
CIRCUIT and SERIES CIRCUIT. 

parallel-series capacitors Capacitors connected 
in PARALLEL-SERIES, usually to obtain higher 
voltage and/or current ratings than an individual 
capacitor can provide. 

parallel-series inductors Inductors connected in 
PARALLEL-SERIES and separated or oriented to 
minimize the effects of mutual inductance. 

parallel-series resistors Resistors connected in 
PARALLEL-SERIES, usually to obtain a higher 
power rating than an individual resistor can pro- 
vide. 

parallel storage In a computer, storage in which 
all information items can be made available in the 
same amount of time. 

parallel-tee amplifier A bandpass amplifier hav- 
ing a parallel-tee network in its negative-feedback 
path. The null frequency of the network deter- 
mines the pass frequency of the amplifier. 

parallel-tee measuring circuit A parallel-tee net- 
work used for measuring circuit constants. Also 
called TWIN-TEE MEASURING CIRCUIT. 

parallel-tee network A_ resistance-capacitance 
(RC) network containing two tee sections (with R 
and C elements opposite in the tees) connected in 
parallel. The network produces a null at one fre- 
quency. Also called TWIN-T NETWORK. 

parallel-tee oscillator A resistance-capacitance 
tuned oscillator having a parallel-tee network in 
its negative-feedback path. The null frequency of 
the network determines the oscillator frequency. 

parallel transfer A form of digital information 
transfer, consisting of two or more lines that 
carry data at the same time. 

parallel-wire line A transmission line consisting of 
two parallel wires whose separation is kept 
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constant by dielectric rods (open-wire line) or a 
solid dielectric web (ribbon line). 

parallel-wire tank In an_ ultra-high-frequency 
(UHF) amplifier or oscillator, a resonant circuit 
consisting of two separate parallel wires con- 
nected to the transistor(s) or tube(s) at one end, 
and short-circuited or tuned at the other end. 

paramagnet A paramagnetic substance (see PARA- 
MAGNETISM). Compare DIAMAGNET. 

paramagnetic Possessing PARAMAGNETISM. 
Compare DIAMAGNETISM. 

paramagnetism The state of having a magnetic 
permeability slightly greater than 1. Compare 
DIAMAGNETISM. 

parameter 1. An operating value, constant, or co- 
efficient that can be either a dependent or an in- 
dependent variable (e.g., a transistor-electrode 
current or voltage). 2. The ratio of one coefficient 
to another, where both are either fixed or variable 
(e.g., transconductance of a vacuum tube). 

parameter word In a computer memory, a place 
having a capacity of a word (bit group) in which is 
stored a parameter for a program. 

parametric amplifier A radio-frequency power 
amplifier based on the action of a voltage-variable 
capacitor in a tuned circuit. 

parametric amplifier diode See VARACTOR. 

parametric converter A frequency converter in 
which a parametric device, such as a varactor, is 
used to change a signal of one frequency to a sig- 
nal of another frequency. Also see PARAMETRIC 
DOWN-CONVERTER and PARAMETRIC  UP- 
CONVERTER. 

parametric diode A _ variable-capacitance diode 
(see VOLTAGE-VARIABLE CAPACITOR, 1). 

parametric down-converter A parametric con- 
verter in which the output signal is of a lower 
frequency than the input signal. Compare 
PARAMETRIC UP-CONVERTER. 

parametric equalizer A set of audio filters similar 
to a GRAPHIC EQUALIZER, except that the cen- 
ter frequencies are adjustable, rather than fixed. 
The center frequencies are selected by the opera- 
tor; then the attenuation level (in decibels) is set 
for each frequency. It is used in audio recording 
studios. 

parametric modulation Modulation in which ei- 
ther the inductance or capacitance of a tank cir- 
cuit or coupling device is varied at the 
modulation frequency. 

parametric oscillator An oscillator that generates 
visible light energy by means of a parametric am- 
plifier and a tunable cavity. 

parametric up-converter A parametric converter 
in which the output signal is of a higher fre- 
quency than the input signal. Compare PARA- 
METRIC DOWN-CONVERTER. 

parametron See PHASE-LOCKED OSCILLATOR. 

paramistor A device consisting of several digital 
circuit elements that use parametric oscillators. 

paramp Abbreviation of PARAMETRIC AMPLIFIER. 
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paraphase inverter A single-transistor phase in- 
verter in which the two out-of-phase output sig- 
nals are obtained by taking one output from the 
collector or drain, and the other output from 
the emitter or source. Thus, the 180-degree 
phase difference between collector/drain and 
emitter/source is exploited. 
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paraphase inverter 


parasitic See PARASITIC OSCILLATION. 

parasitic antenna See PARASITIC ARRAY, PARA- 
SITIC ELEMENT. 

parasitic array Any of several types of directional 
antenna employing parasitic elements, some- 
times in combination with phasing, to obtain di- 
rectivity and gain. Common examples include the 
Yagi and quad. Arrays with numerous parasitic 
elements (usually directors) can produce up- 
wards of 15 dBd forward gain. When several 
high-gain arrays are phased, the realizable 
gain becomes greater still. Two-element, three- 
element, and four-element arrays are common 
below 30 MHz. At very-high and ultra-high fre- 
quencies, especially above 100 MHz, bays of an- 
tennas of this type are used in _ satellite 
communications and radio astronomy. See PAR- 
ASITIC ELEMENT, QUAD ANTENNA, YAGI AN- 
TENNA. 

parasitic capacitance Stray capacitance. It can be 
internal or external to a circuit and can introduce 
undesirable coupling or bypassing. 
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parasitic choke A small radio-frequency choke 
coil (with or without a shunting resistor) that 
suppresses or eliminates parasitic oscillation in a 
power amplifier. 

parasitic director In a multielement directional 
antenna, a parasitic element acting as a director; 
usually, it is a few percent shorter than the driven 
element. 

parasitic element An electrical conductor that 
comprises an important part of an antenna sys- 
tem, but that is not directly connected to the feed 
line. Such elements are used for the purpose of 
obtaining directivity and power gain. They oper- 
ate via electromagnetic coupling to the driven el- 
ement(s). The principle of operation was first 
discovered by the Japanese engineers Yagi and 
Uda, who observed that antenna elements paral- 
lel to a driven element but not connected to any- 
thing, at a specific distance from the driven 
element, and having a certain length, cause the 
radiation pattern to show gain in one direction 
and loss in the opposite direction. See DRIVEN 
ELEMENT, PARASITIC ARRAY, PARASITIC DI- 
RECTOR, PARASITIC REFLECTOR. 

parasitic-element directive antenna See PARA- 
SITIC ARRAY. 

parasitic eliminator See PARASITIC SUPPRES- 
SOR. 

parasitic excitation Excitation of a beam-antenna 
element without a direct connection to the trans- 
mitter. Thus, a director or reflector element can 
be excited by the field of the radiator element. 

parasitic inductance Stray inductance (e.g., the 
internal inductance of a wirewound resistor). 

parasitic oscillation Extraneous, useless oscilla- 
tion present as a fault in an electronic circuit, 
particularly a radio-frequency power amplifier. 

parasitic reflector In a multielement beam an- 
tenna, a parasitic element acting as a reflector; 
usually, it is a few percent longer than the driven 
element. 

parasitic resistance Stray resistance (e.g., the in- 
herent, internal resistance of a multilayer coil). 

parasitic suppressor A small resistor, coil, or par- 
allel combination of the two, connected in series 
with the plate or collector of a vacuum tube or 
transistor to eliminate parasitic oscillations in a 
radio-frequency power amplifier. 

PARD Abbreviation of PERIODIC AND RANDOM 
DEVIATION. 

parity 1. At par (with respect to the even-or-odd 
state of the characters in a group). 2. Having the 
quality that the number of bits (or the number of 
similar bits) are even or odd, as intended. 

parity bit 1. In computer operations, a logic 1 
added to a group of bits so that the number of 1s 
in the group is, according to specification, even or 
odd. 2. In computer operations, a check bit that 
can be a logic 1 or 0, depending on the parity (see 
PARITY, 1) of the total of 1s in the bit group being 
checked. 
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parity check A check of the integrity of data being 
transferred by adding the bits in, for example, a 
word, and then determining the parity bit needed 
and comparing that with the transmitted parity 
bit. 

parity error An error disclosed by a parity check. 

parity tree A digital device used to check parity. 

parsec Abbreviation, pc. The distance at which the 
mean radius of the earth’s orbit around the sun 
subtends an angle of 1 second of arc; 1 pe = 
3.0857 x 10!° kilometers or 3.2616 light years. 

part See CIRCUIT COMPONENT, 1. 

part failure The usually destructive breakdown of 
a circuit component. 

partial One of the frequencies in a complex musi- 
cal tone. It might be a harmonic of the funda- 
mental frequency, although this is not always the 
case. 

partial carry The temporary storage of some or all 
of the carry information in a digital calculation. 

particle 1. A tiny, discrete bit of matter. 2. A unit 
of matter smaller and lighter than an atom. See, 
for example, ANTIPARTICLE, ELECTRON, ME- 
SON, NEUTRETTO, NEUTRINO, NEUTRON, NU- 
CLEON, POSITRON, and PROTON. 

particle accelerator See ACCELERATOR, 1. 

particle theory of radiation In physics, a model 
that explains the nature of electromagnetic radia- 
tion (radio waves, infrared, visible light, ultravio- 
let, X rays, and gamma rays) in terms of discrete 
particles. Each particle, called a PHOTON, carries 
a certain amount of energy that depends on the 
wavelength of the radiation. 

particle velocity 1. The speed and direction of 
the particles from a source of atomic radiation. 
2. The speed and direction of the molecules in the 
medium of an acoustic disturbance. 

partitioning In computer operations, breaking 
down a large block of data into smaller blocks 
that can be better handled by the machine. 

parton model A model for atomic nuclei, in which 
protons and neutrons are made up of smaller 
particles called partons. Subparticles have been 
found, commonly called quarks. 

Pascal A high-level computer programming lan- 
guage, similar to BASIC or FORTRAN in struc- 
ture. It is used in some schools to teach computer 
programming. 

pascal Symbol, Pa. The SI (derived) unit of pres- 
sure; 1 Pa= 1 N/m? = 1.4503 x 10% Ib/in?. 

Paschen-Back effect See ZEEMAN EFFECT. 

Paschen’s law For a two-element, parallel-plate, 
gas-discharge tube, the plate-to-plate sparking 
potential is proportional to Pd, where P is the gas 
pressure, and d is the distance between plates. 

pass amplifier A tuned amplifier having the re- 
sponse of a bandpass filter. Like the filter, the 
amplifier passes one frequency (or a narrow 
band of frequencies) readily while rejecting or 
attenuating others. Compare REJECT AMPLI- 
FIER. 
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passband The continuous spectrum of frequencies 
transmitted by a filter, amplifier, or similar de- 
vice. Compare STOPBAND. 

passband ripple Multiple low-amplitude attenua- 
tion variations within the passband of a filter or 
tuner, resulting in a ripple pattern on the nose of 
the response curve. 
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passivation The process of growing a thin oxide 
film on the surface of a planar semiconductor de- 
vice to protect the exposed junction(s) from con- 
tamination and short circuits. See, for example, 
PLANAR EPITAXIAL PASSIVATED TRANSISTOR 
and PLANAR TRANSISTOR. 

passive absorber A substance that reflects mini- 
mal sound energy. Examples include acoustical 
ceiling tile and thick carpeting. 

passive circuit A circuit consisting entirely of non- 
amplifying components, such as capacitors, re- 
sistors, inductors, and diodes. 

passive communications satellite A communica- 
tions satellite that reflects electromagnetic waves, 
but does not contain a transponder; that is, it 
does not receive and retransmit the signals. Also 
called passive comsat. Compare ACTIVE COM- 
MUNICATIONS SATELLITE. 

passive component A device that is basically 
static in operation (i.e., it is ordinarily incapable 
of amplification or oscillation and usually 
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requires no power for its characteristic opera- 
tion). Examples: conventional resistor, capacitor, 
inductor, diode, rectifier, and fuse. Compare AC- 
TIVE COMPONENT, 1. 

passive comsat See PASSIVE COMMUNICATIONS 
SATELLITE. 

passive decoder A decoder that responds to only 
one signal code, rejecting all others. 

passive detection In reconnaissance, detecting a 
target without betraying the location of the detec- 
tor. 

passive electric network See PASSIVE NET- 
WORK. 

passive frequency multiplier A frequency multi- 
plier that does not require a power supply, but 
operates only from the input signal energy. Usually 
consists of one or more semiconductor diodes, 
sometimes in conjunction with inductors and/or 
capacitors. The output signals appear at integral 
multiples of the input frequency. 


Tuned to harmonic 


Input Output 


passive frequency multiplier 


passive infrared sensor A device that detects in- 
frared directly, such as that given off by humans 
because of their body heat. It does not generate 
energy of any kind. It is used in some intrusion 
detection systems. 

passive mixer A signal mixer using only passive 
components (diodes, nonlinear resistors, and 
nonlinear reactances) (i.e., one without active 
components, such as transistors). Passive mix- 
ers introduce some loss. Compare ACTIVE 
MIXER. 

passive modulator A modulator using only pas- 
sive components (diodes, nonlinear resistors, and 
nonlinear reactances) (i.e., one without active 
components, such as transistors). Passive modu- 
lators introduce some loss. Compare ACTIVE 
MODULATOR. 

passive network A network composed entirely of 
passive components (i.e., one containing no gen- 
erators and providing no amplification). 

passive radiator See DRONE CONE. 

passive reflector A metal surface used to reflect 
electromagnetic energy at ultra-high and mi- 
crowave frequencies. 
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passive transponder A device that allows a ma- 
chine, such as a computer or robot, to identify an 
object. A bar-code reader is a common example. 
Magnetic labels, such as those on credit cards 
and bank cash cards, are another example. It is 
so named because it does not transmit data; it re- 
quires a sensor for data detection. 

password As a security device in computer opera- 
tions, a group of characters upon whose presen- 
tation to the system via a terminal the user is 
allowed access to memory or control of informa- 
tion. 

password retry limitation A security feature that 
prevents hackers from making repeated guesses 
at passwords in an attempt to break into a com- 
puter, network, or database. If more than three 
unsuccessful entries are made in succession, for 
example, the system will not accept further ac- 
cess attempts for a certain preprogrammed 
length of time, say 1 hour. 

paste In “dry” batteries and electrolytic capacitors, 
a gelatinous electrolyte. 

patch 1.A temporary signal path, as between a ra- 
dio receiver and a telephone or, conversely, be- 
tween a telephone line and a radio transmitter. 
2. To make quick, usually temporary connections, 
as with a patch cord. 3. Instructions entered by 
an unconditional branch to a computer program 
for the purpose of correction. 

patch bay 1. See PATCH PANEL. 2. A set of patch 
panels. 

patch cord A flexible line of one or more conduc- 
tors with a jack or connector at each end, used to 
interconnect (patch) circuit points exposed for the 
purpose on a panel or breadboard. 

Patchett tone control A dual tone-control circuit 
using a variable series resistance-capacitance 


passive mixer 
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(RC) filter for treble boost, and a variable shunt 
RC filter for bass boost. The input signal is ap- 
plied in parallel to both filters. The outputs are 
combined in an audio mixer. 

patching The interconnection of two or more signal 
media or lines. 

patch panel A panel on which the terminals of a 
system are accessible for interconnection, tests, 
etc. It is used especially in high-fidelity audio 
recording systems. It was once commonly used in 
manual telephone-switching applications. 

patch up 1. To replace faulty or damaged parts in 
an electronic system with roughly appropriate 
surrogates to restore operation quickly (usually 
under emergency conditions). Also see DOCTOR. 
2. To wire a circuit quickly using patch cords for 
preliminary test and evaluation. 

patent 1. A document awarded by a government 
body, giving to an inventor the exclusive right to 
exploit an invention for a specified number of 
years. Formally called letters patent. 2. The 
monopoly granted by a document, as defined 
in 1. 

path 1. The route over which current flows. 2. In 
radio and navigation, the imaginary line extend- 
ing directly between transmitter and receiver (or 
target). 3. In a computer program, the logical or- 
der of instructions. 

pathometer A form of lie detector that indicates 
changes in the electrical resistance of the human 
body. 

pattern 1. An established sequence of steps in a 
process. 2. An arrangement of terms in a matrix. 
3. The graphical representation of a varying 
quantity (e.g., an alternating-current wave pat- 
tern). 4. The image on the screen of an oscillo- 
scope, or the record traced by an oscillograph. 
5. The graphic polar representation of the radiation 
field of an antenna. 6. The arrangement of bits in 
a word or field. 

pattern recognition In machine-vision systems, a 
method of identifying an object or decoding data 
according to geometric shape. Optical character 
recognition (OCR) is an example. The machine 
recognizes combinations of shapes, and deduces 
their meanings via a computer program. 

pause editing In the editing of audio tape record- 
ings, the use of a “pause” switch to temporarily 
stop the tape when necessary. 

PAV Abbreviation of PHASE-ANGLE VOLTMETER. 

pawl Ina mechanical stepping device, as in a non- 
electric clock, a device made to engage the sloping 
sprockets on a wheel to ensure shaft rotation in 
one direction only. 

PAX Abbreviation of PRIVATE AUTOMATIC EX- 
CHANGE. 

pay-per-view Abbreviation, PPV. Television service 
in which each subscriber pays only for individu- 
ally selected programs. 

pay TV See SUBSCRIPTION TV. 

Pb Symbol for LEAD. 
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Pband A radio-frequency band extending from 225 
to 390 MHz. 

PBX Abbreviation of PRIVATE BRANCH EX- 
CHANGE. 

PC 1. Abbreviation of PERSONAL COMPUTER. 
2. Abbreviation of PRINTED CIRCUIT. 3. Abbrevia- 
tion of PHOTOCELL. 4. Abbreviation of POSITIVE 
COLUMN. 5. Abbreviation of POINT-CONTACT. 
6. Abbreviation of PERCENT (also, pct.). 7. Ab- 
breviation of PROGRAM COUNTER. 

pe 1. Abbreviation of PICOCOULOMB. Also, pC 
(preferred). 2. Abbreviation of PICOCURIE. Also, 
pCi (preferred). 3. Abbreviation of PARSEC. 

pC Abbreviation for PICOCOULOMB. 

PCB Abbreviation of PRINTED-CIRCUIT BOARD. 

PC board See PRINTED-CIRCUIT BOARD. 

PC diode See POINT-CONTACT DIODE. 

p-channel JFET See P-CHANNEL JUNCTION 
FIELD-EFFECT TRANSISTOR. 

p-channel junction field-effect transistor Abbre- 
viation, PFET. A junction-type FET in which 
the gate junction has been formed on a bar or 
die of p-type semiconductor material. Compare 
N-CHANNEL JUNCTION FIELD-EFFECT TRAN- 
SISTOR. 

p-channel MOSFET A metal-oxide semiconductor 
field-effect transistor in which the channel is 
composed of p-type silicon. Also see DEPLETION- 
TYPE MOSFET, DEPLETION-ENHANCEMENT- 
TYPE MOSFET, and ENHANCEMENT-TYPE 
MOSFET. 

pCi Symbol for PICOCURIE. 

PCL Abbreviation of PRINTED-CIRCUIT LAMP. 

PCM Abbreviation of PULSE-CODE MODULATION. 

PCM-FM Pertaining to a carrier that is frequency 
modulated by information that is pulse-code 
modulated. Also see FREQUENCY MODULATION 
and PULSE-CODE MODULATION. 

PCM-FM-FM Pertaining to a carrier that is fre- 
quency modulated by one or more subcarriers 
that are frequency modulated by information that 
is pulse-code modulated. Also see FREQUENCY 
MODULATION and PULSE-CODE MODULATION. 

PCM level In a pulse-code-modulated signal, one 
of several different possible signal conditions. 

PCM-PM Pulse-code modulation that is accom- 
plished by varying the phase of the carrier wave. 

PC relay See PRINTED-CIRCUIT RELAY. 

PCS Abbreviation for PERSONAL COMMUNICA- 
TION SERVICE. 

PC transistor See POINT-CONTACT TRANSISTOR. 

PD 1. Abbreviation of PLATE DISSIPATION. 2. Ab- 
breviation of PULSE DURATION. 3. Abbreviation 
of PROXIMITY DETECTOR. 4. Abbreviation of 
POTENTIAL DIFFERENCE. 

Pd Symbol for PALLADIUM. 

PDA Abbreviation for personal digital assistant. See 
HANDHELD COMPUTER. 

PDAS Abbreviation of programmable data acquisi- 
tion system. 

P display See PLAN POSITION INDICATOR. 
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PDM Abbreviation of PULSE-DURATION MODULA- 
TION. 

PDM-FM Pertaining to a carrier that is frequency 
modulated by one or more subcarriers that are 
frequency modulated by pulses that are pulse- 
duration modulated. Also see FREQUENCY 
MODULATION and PULSE-DURATION MODULA- 
TION. 

PDM-FM-FM Pertaining to a carrier that is fre- 
quency modulated by one or more subcarriers 
that are frequency modulated by pulses that are 
pulse-duration modulated. Also see FREQUENCY 
MODULATION and PULSE-DURATION MODULA- 
TION. 

PDM-PM Pertaining to a carrier that is phase mod- 
ulated by pulse-duration-modulated information. 
Also see PHASE MODULATION and PULSE- 
DURATION MODULATION. 

PDT Abbreviation of PACIFIC DAYLIGHT TIME. 

PDVM Abbreviation of PRINTING DIGITAL VOLT- 
METER. 

PE 1. Abbreviation of POTENTIAL ENERGY. 2. Ab- 
breviation of PROFESSIONAL ENGINEER. 3. Ab- 
breviation of PROBABLE ERROR. 

peak 1. The maximum value of a quantity. 2. In an 
alternating-current cycle, the maximum positive 
or negative current or voltage point. 3. The fre- 
quency at which the transmission by a bandpass 
circuit or device is maximum (attenuation is 
minimum), evidenced by a maximum in the 
frequency-response curve. 

peak amplitude 1. The maximum positive or neg- 
ative current or voltage of a wave. 2. The maxi- 
mum instantaneous power of a signal. 

peak anode (plate) current The maximum instan- 
taneous current flowing in the anode (plate) cir- 
cuit of a vacuum tube. 

peak anode (plate) voltage The maximum instan- 
taneous voltage applied to the anode (plate) of a 
vacuum tube. 

peak chopper See PEAK CLIPPER. 

peak current Abbreviation, I,. The highest value 
reached by an alternating-current half-cycle or a 
current pulse. Also called MAXIMUM CURRENT. 

peak detector See PEAK PROBE. 

peak distortion 1. The maximum instantaneous 
distortion in a signal, generally expressed as a 
percentage. 2. Distortion of a modulated signal at 
envelope peaks. 

peaked sawtooth A wave composed of a sawtooth 
and peaking-pulse components. The deflection 
voltage of a magnetic-deflection cathode-ray tube 
requires this waveform to produce a current saw- 
tooth in the deflecting coils. 

peaked waveform An alternating-current wave- 
form having nearly pointed positive and negative 
half-cycles. Such a wave contains appreciable 
third-harmonic energy. 

peak envelope power Abbreviation, PEP. For a lin- 
ear radio-frequency (RF) power amplifier han- 
dling a modulated signal, the average RF output 
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power during a single RF cycle at the highest 
peak of the modulation envelope. 

peaker 1. See PEAK FILTER. 2. See PEAKING 
TRANSFORMER. 

peaker-notcher See NOTCHER-PEAKER. 

peak factor For an alternating-current wave, the 
ratio Em/E;ms OF Im/Ipms, Where Eis the maximum 
voltage, E,ms is the effective (root-mean-square) 
voltage, I, is the maximum current, and I,m; is the 
effective current. 

peak filter A frequency-selective circuit, such as a 
bandpass filter, for producing a peak response 
(see PEAK, 3). 

peak inductor current In a switching regulator, 
the maximum instantaneous current through the 
inductor when the device is switching at its fully 
rated duty cycle. 

peaking The adjustment of a control or device for 
maximum indication on a meter or other display. 

peaking coil A small inductor used to compensate 
the frequency response of a circuit, such as a 
video amplifier or video detector. Both series and 
shunt peaking coils are used. 

peaking transformer A transformer whose output 
waveform is sharply peaked (of short duration, 
with respect to a cycle). The effect is obtained by 
means of a special core that, because it contains 
little iron, saturates easily. 

peak inverse voltage Abbreviation, PIV. Often 
used interchangeably with the term PEAK RE- 
VERSE VOLTAGE. 1. The peak value of the volt- 
age applied to a rectifier diode in the reverse 
direction. 2. The maximum value of reverse volt- 
age that a rectifier diode will tolerate according to 
its specifications. 

peak level lamp In audio recording and reproduc- 
tion, a bulb or light-emitting diode (LED) that 
illuminates when sound peaks exceed a 
predetermined amplitude. 

peak limiting 1. A method of limiting the maxi- 
mum amplitude of a signal. When the instanta- 
neous peak amplitude, either positive or negative, 
exceeds a certain value, the output is clipped at 
that value. 2. In pulse-code modulation, the ef- 
fect resulting from the application of an input sig- 
nal in excess of the virtual decision value. 

peak modulated power In an _  amplitude- 
modulated wave, the maximum instantaneous 
signal power (including the carrier and 
sidebands). In 100-percent sinusoidal modulation, 
the peak modulated power is four times the un- 
modulated carrier power. 
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peak point The highest current point in the cur- 
rent-voltage response curve of a tunnel diode. 
Immediately beyond this point, the current 
decreases as the applied voltage is increased, 
indicating a negative-resistance region. Compare 
VALLEY POINT. 

peak power 1. Symbol, P,. Unit, watt. Alternating- 
current power that is the product of the peak volt- 
age (E,) and the peak current (I,). For E, in volts 
and I, in amperes, the peak power in watts is 
given by P, = E,I,. 2. The highest output power 
that an amplifier or device can produce without 
excessive distortion. 3. The maximum instanta- 
neous power that a speaker can handle without 
risk of damage. 

peak probe A voltmeter test probe containing a 
diode circuit whose direct-current output voltage 
is close to the peak value of the applied alternat- 
ing-current test voltage. 

peak recurrent forward current For a semicon- 
ductor diode, the maximum repetitive instanta- 
neous forward current as measured under 
specified conditions of operation. 

peak reverse voltage Abbreviation, PRV. In semi- 
conductor operations, the peak value of the volt- 
age applied in reverse polarity across the 
junction. It is often used interchangeably with the 
term PEAK INVERSE VOLTAGE. 

peak signal level The maximum instantaneous 
signal power or voltage specified for particular op- 
erating conditions. 

peak-to-peak Abbreviations, p-p or pk-pk. For an 
alternating-current waveform, pertaining to the 
arithmetic difference between the positive peak 
and negative peak values of current or voltage. 

peak-to-peak probe A voltmeter test probe con- 
taining a diode circuit whose direct-current out- 
put voltage is close to the peak-to-peak value of 
the applied alternating-current test voltage. 

peak-to-peak voltage The arithmetic sum of posi- 
tive and negative peak voltages in an alternating- 
current (ac) wave. Thus, a symmetrical sine-wave 
ac voltage of 115.0 V rms has a peak value of 
162.63 V and a peak-to-peak value of 325.3 V. 
Also see PEAK VOLTAGE. 
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peak torque Symbol, T,. For a torque motor, the 
maximum useful torque at maximum recom- 
mended input current. 

peak voltage Abbreviation, E,. The highest value 
reached by an alternating-current voltage half cy- 
cle, or by a voltage pulse. Also called MAXIMUM 
VOLTAGE. 

peak voltmeter 1. An alternating-current (ac) volt- 
meter that responds to the peak value of the ap- 
plied voltage. 2. An ac voltmeter that responds to 
the average value of the applied voltage—even 
though its scale reads in peak volts. 

pea lamp A miniature incandescent bulb, some- 
times used as a control-panel or meter light. 

PEC Abbreviation of PHOTOELECTRIC CELL. 

pedestal See BLANKING PEDESTAL. 

pedestal level See BLANKING LEVEL. 

pel See PIXEL. 

Peltier effect A drop below ambient temperature 
at the junction between two dissimilar metals 
when an electric current is passed through the 
junction. 

PEM Abbreviation of photoelectromagnetic. 

pen-and-ink recorder A graphic recorder in which 
a fountain-pen-type stylus inscribes an ink line 
on a paper chart. Also called pen recorder. 
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pencil 1. A beam of electrons or other particles or 
rays that either converges to, or diverges from, a 
specific point. 2. A pair of geometric entities shar- 
ing a property (e.g., lines intersecting at a single 
point). 

pendulum switch A device that closes a circuit 
when subjected to physical shock. One type con- 
sists of a dangling element resembling a pendu- 
lum, with one or more nearby contacts. 

penetrating frequency For a particular layer of 
the ionosphere, the lowest high frequency at 
which a vertically propagated wave penetrates the 
layer (i.e., it is not reflected back to earth). Also 
called CRITICAL FREQUENCY. 

penetrating radiation Jonizing radiation that 
passes through otherwise opaque materials. A 
relative term; low-energy X rays are less penetrat- 
ing than high-energy X rays, which, in turn, are 
less penetrating than gamma rays. 

penetrating rays See COSMIC RAYS. 

penetration depth See DEPTH OF PENETRATION. 

pent Abbreviation of PENTODE. 

pentavalent element An element whose atoms 
have five valence electrons (e.g., antimony or ar- 
senic). 

pentode A five-electrode vacuum tube in which the 
electrodes are an anode, cathode, control grid, 
screen grid, and suppressor grid. 

pentode field-effect transistor A field-effect tran- 
sistor with three separate gates. 

pentode transistor A bipolar transistor with three 
emitters. 


E E; 


E, 


pentode transistor 


penumbra 1. That part of a shadow in which the 
light source is not fully obscured by the eclipsing 
object. 2. In a sunspot, the outer part of the spot; 
it is less dark than the inner portion. 

PEP 1. Abbreviation of PLANAR EPITAXIAL PASSI- 
VATED. 2. Abbreviation of PEAK ENVELOPE 
POWER. 

PEP diode See PLANAR EPITAXIAL PASSIVATED 
DIODE. 

PEP reading wattmeter A wattmeter that shows 
the peak envelope power output of a transmitter. 

PEP transistor See PLANAR EXPITAXIAL PASSI- 
VATED TRANSISTOR. 
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perceived level The level of a disturbance, partic- 
ularly sound, as sensed by a person. It is gener- 
ally expressed in decibels, with respect to a 
certain threshold value. The threshold is as- 
signed an intensity of 0 dB. 

percent An expression of a fraction, in terms of 
hundredths. A quantity of x percent indicates a 
fraction of x/100. Percent is usually abbreviated 
by the symbol %. 

percentage error The amount by which a mea- 
sured value differs from the true value, expressed 
as a percentage (the number of parts per 100 that 
the measurement is in error). 

percentage-modulation meter An _ instrument 
that provides direct readings of the modulation 
percentage of an amplitude-modulated signal. 
The meter scale or dial is graduated in incre- 
ments from 0 to somewhat more than 100 per- 
cent. 

percentage uncertainty The maximum possible 
error in a measurement, expressed as a percent- 
age of the measured value. Also see UNCER- 
TAINTY IN MEASUREMENT. 

percent distortion Symbol, %D. In the determina- 
tion of harmonic distortion, the total harmonic 
voltage expressed as a percentage of the funda- 
mental voltage, plus total harmonic voltage; %D = 
100E;,/E;, where Ej} is the total voltage of the har- 
monic components, and E; is the total signal volt- 
age (fundamental plus harmonics). 

percent modulation See MODULATION PER- 
CENTAGE. 

percent modulation meter 
MODULATION METER. 

percent ripple The amount of ripple voltage in the 
direct-current (dc) output of a rectifier or genera- 
tor, expressed as a percentage of the nominal dc 
output voltage. 

perfect crystal A crystal without defects or impu- 
rities. The atoms are arranged in a regular pat- 
tern with no faults. 

perforated board A plastic panel provided with a 
number of small holes in orderly columns and 
rows for the insertion of the pigtails of compo- 
nents, or of push-in terminals to facilitate quick 
assembly of prototype circuits. Also called perf- 
board. 

performance curve A curve depicting the behavior 
of a component or circuit under specified condi- 
tions of operation. Such a curve, for example, 
might display the variation of output power with 
input power, the variation of frequency with volt- 
age, etc. Compare CHARACTERISTIC CURVE. 

performance test A test made primarily to ascer- 
tain how a system behaves. The test is concerned 
with normal operation, whereas a diagnostic test 
is a troubleshooting procedure. Compare TROU- 
BLESHOOTING TEST. 

perigee 1. The point at which an earth-orbiting 
satellite attains its lowest altitude. It occurs once 
for every complete orbit. At this point, the satellite 


See PERCENTAGE- 
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travels faster than at any other point in the orbit. 
2. The altitude, measured from the earth’s sur- 
face or the earth’s center, of an earth-orbiting 
satellite at its closest approach. 

perihelion 1. The point at which a solar-orbiting 
satellite attains its lowest altitude. It occurs once 
for every complete orbit. At this point, the satel- 
lite travels faster than at any other point in the 
orbit. 2. The altitude, measured from the sun’s 
surface or the sun’s center, of a solar-orbiting 
satellite at its closest approach. 

perimeter protection The use ofa security system 
to restrict or prevent access to a designated area, 
using sensors and/or barriers around the bound- 
aries of the area. 

period Symbol, T. Unit, second. The duration of a 
complete alternating-current cycle or of any 
cyclic event; T = 1/f, where f is the frequency 
in Hertz. Also see CYCLE, FREQUENCY, and 
HERTZ. 

periodic and random deviation Abbreviation, 
PARD. In the direct-current output of a rectifier, 
the combined PERIODIC DEVIATION, including 
ripple, noise, hum, and transient spikes. 

periodic curve A curve that repeats its shape in 
each period (e.g., a sine curve). 

periodic deviation Repetitive deviation of a quan- 
tity from its normal value (e.g., ripple in the 
direct-current output of a rectifier). 

periodic function A mathematical function that is 
represented by a periodic curve (e.g., the sine 
function y = sin »). 

periodicity In a transmission line, the tendency 
for power to be reflected at a point or points 
where the diameter of the line changes. 

periodic law The observation that when the chem- 
ical elements (see ELEMENT, 3) are arranged in 
increasing order of atomic number, their physical 
and chemical properties recur periodically. Also 
see PERIODIC TABLE. 

periodic table A table in which the chemical ele- 
ments (see ELEMENT, 3) are arranged according 
to the periodic law. The vertical columns in the 
table, labeled groups, contain elements possess- 
ing related properties (e.g., silicon and germa- 
nium in group IV). The rows, labeled periods, 
depict the periodic shift in the properties of the el- 
ements. 

peripheral 1. Pertaining to equipment accessory to 
a central system (e.g., peripheral input/output 
devices online or offline to computers, data 
recorders, and indicators). Also see ANCILLARY 
EQUIPMENT. 2. Peripheral equipment in a com- 
puter system (e.g., printers, modems, external 
disk drives, tape drives, etc.). 

peripheral buffer As part of a peripheral in a com- 
puter system, a storage unit in which data 
temporarily resides on its way to or from the 
central processing unit. Also called INPUT/ 
OUTPUT BUFFER. 

peripheral electron See VALENCE ELECTRON. 
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peripheral equipment See PERIPHERAL, 1, 2. 

peripheral interface adapter Abbreviation, PIA. 
An integrated circuit that acts as an input/out- 
put port to interface a microprocessor with pe- 
ripheral devices. 

peripheral transfer In a computer system, the 
transfer of a unit of data between peripherals, or 
between a peripheral and the central processing 
unit. 

Permalloy A high-permeability alloy of iron and 
nickel. 

permamagnetic speaker 
MAGNET SPEAKER. 

permanent magnet A body that is always magne- 
tized (i.e., without the application of electricity 
and without requiring the presence of another 
magnet). Compare TEMPORARY MAGNET. 

permanent-magnet erase Erasure of magnetic 
tape by the field of a permanent magnet. Typi- 
cally, it is a two-step process: a magnet erases 
what it can of the signal, leaving any residual 
magnetization for erasure by a second magnet. 

permanent-magnet focusing In a _ cathode-ray 
tube, the focusing of the electron beam by means 
of permanent magnets. 

permanent-magnet generator An electromechan- 
ical generator in which the field (either stationary 
or rotating) is provided by a multipole permanent 
magnet. Also called magneto. 

permanent-magnet loudspeaker See 
NENT-MAGNET SPEAKER. 

permanent-magnet magnetizer A magnetizer us- 
ing a permanent magnet as the magnetic-field 
source. 

permanent-magnet meter An indicating meter in 
which a movable coil rotates between the poles of 
a permanent magnet. Compare ELECTRODY- 
NAMOMETER and IRON-VANE METER. 

permanent-magnet motor A motor having a per- 
manent-magnet field. 

permanent-magnet relay A polarized relay using 
a permanent magnet. 

permanent-magnet speaker An acoustic loud- 
speaker in which the core is a strong permanent 
magnet (as opposed to a direct-current electro- 
magnet). Also see MAGNETIC SPEAKER. 

permanent storage See NONVOLATILE MEMORY. 

permeability Unit, H/m. A quantitative indicator 
of the extent to which a material concentrates 
magnetic flux: for a given constant magnetic-field 
intensity, the ratio of magnetic flux density in the 
material to the magnetic flux density in air. 

permeability curve See B-H CURVE. 

permeability-tuned oscillator A radio-frequency 
oscillator in which the frequency is varied or ad- 
justed by moving a ferromagnetic core in and out 
of the coil of an inductance-capacitance (LC) 
tuned circuit. 

permeability tuning Variation of the resonant fre- 
quency of an inductance-capacitance LC circuit 
by changing the position of a magnetic core 


See PERMANENT- 
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permeability tuning 


within the inductor. This type of tuning is used in 
amplifiers, oscillators, filters, and wavetraps. 

permeameter An instrument for measuring per- 
meability. 

permeance Unit, Wb/A. In a magnetic circuit, the 
ease with which a magnetic field is established. 
The reciprocal of RELUCTANCE. 

Permendur A_ high-permeability magnetic alloy 
containing equal parts of iron and cobalt. At sat- 
uration, the flux density of this material can be 2 
teslas (20,000 gauss). 

Perminvar A high-permeability magnetic alloy of 
cobalt, iron, and nickel. At saturation, the flux 
density of this material can approach 1.2 teslas 
(12,000 gauss). 

permittivity See DIELECTRIC CONSTANT. 

permutation A selection of several factors or ob- 
jects from a group, in a specific ordered sequence. 
For example, one of the permutations of the ele- 
ments of the set (1, 2, 3, 4, and 5) is the ordered 
sequence 4, 1, 3, 5, 2. 

permutation modulation A method of modulation 
accomplished by varying the sequence of digital 
bits. 

peroxide of lead In a lead-acid cell or battery, a 
compound of lead and oxygen that composes the 
positive electrode or electrodes. 

persistence 1. The effect whereby the retina of the 
eye continues to register a projected scene for ap- 
proximately 0.05 second after the scene disap- 
pears. This allows perception of a sequence of 
video frames as a continuous moving image. 
2. The tendency of certain phosphors to glow after 
the excitation has been removed. Thus, after the 
electron beam in a cathode-ray tube has passed 
over the screen, the phosphor might continue to 
glow for a certain time along the path traced by 
the beam. Some phosphors, such as those used 
in high-speed oscilloscopes, have virtually no 
persistence, whereas others have long persis- 
tence. 

persistent oscillations Successive oscillations of 
constant amplitude. Also called CONTINUOUS 
WAVE. 

persistor A device used at low temperatures for 
temporary memory storage that operates between 
superconducting and normal conditions. 
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personal communications service Abbreviation, 
PCS. Also called digital cellular. An enhanced 
wireless network using digital modulation, 


cellular repeaters, and facilitating telephone and 
Internet connections. Emphasis is on maximizing 
user mobility and portability, and minimizing 
blind zones. Compare CELLULAR COMMUNICA- 
TIONS. 

personal computer A small computer equipped 
with a keyboard, display, hard disk, diskette 
drive(s), a modem or fax/modem, one or more se- 
rial data ports, and one or more parallel data 
ports. They are used extensively by individuals 
and businesses for record keeping, data process- 
ing, communications, word processing, graphics, 
etc.; they are also used in schools as an educa- 
tional aid. 

personal digital assistant Abbreviation, PDA. See 
HANDHELD COMPUTER. 

personal equation The value of systematic error 
for a person observing specific phenomena or 
making measurements. 

personality Characteristics that make an intelli- 
gent computer or robot human-like. In general, 
the more powerful the computer, the more per- 
sonality it can have, depending on the installed 
software. In some cases, certain malfunctions in 
a computer can produce personality quirks. 

personal robot A usually autonomous robot in- 
tended for use by individuals. The most common 
examples are robot toys, programmable with a 
PERSONAL COMPUTER, intended for the educa- 
tion and entertainment of children. More sophis- 
ticated devices can perform domestic tasks, such 
as cleaning floors and mowing lawns. 

peta- Abbreviation, P. A prefix meaning 1015. 

petagram Abbreviation, Pg. A large unit of mass or 
force, equal to 1015 grams or 10!” kilograms. 

petameter Abbreviation, Pm. A large unit of (astro- 
nomical) distance, equal to 10!5 meters or 10!” 
kilometers. 

pF Abbreviation of PICOFARAD. 

pf Symbol for POWER FACTOR. 

PFET Abbreviation of P-CHANNEL JUNCTION 
FIELD-EFFECT TRANSISTOR. 

PFM Abbreviation of PULSE-FREQUENCY MODU- 
LATION. 

PG Abbreviation of POWER GAIN. 

Pg Abbreviation of PETAGRAM. 

pH 1. Symbol for hydrogen-ion concentration. Nu- 
merically, pH is the negative logarithm of the ef- 
fective hydrogen-ion concentration in gram 
equivalents per liter. The scale runs from zero to 
14, on which 7 denotes neutrality relative to acid- 
ity vs. alkalinity; values between zero and 7 de- 
note acidity, and values between 7 and 14 denote 
alkalinity. 2. Abbreviation of PICOHENRY. 

phantom Radio interference in the form of a beat 
note (heterodyne), resulting from interference be- 
tween two strong carriers, often from local radio 
stations. When the phantom frequency lies 


within the tuning range of a receiver, the phan- 
tom can be tuned in as a separate signal. But 
when the phantom corresponds to the intermedi- 
ate frequency (IF) of the receiver, it will ride into 
the IF amplifier and be present as an untunable 
interferential signal. 

phantom channel In a properly phased high- 
fidelity stereo sound system, the apparent sound 
source centered between the left- and right-chan- 
nel loudspeakers. 

phantom circuit In wire telephony, a third circuit 
that has no wires; it results from a method (using 
repeating coils) of making two other circuits do 
the work of (this third) one. 

phantom signal Also called bogey. In a radar sys- 
tem, a signal that does not correspond to an ac- 
tual target. The origin of the phantom signal or 
echo cannot be readily determined. 

phantom target See ECHO BOX. 

phase angle Unit, degree or radian. In an alternat- 
ing-current (ac) circuit, the lag or lead between 
the instant that one alternating quantity reaches 
its maximum value and the instant that another 
alternating quantity reaches its maximum value. 
It is usually given in degrees (a complete cycle be- 
ing 360 degrees) along the horizontal axis of the 
time-versus-magnitude graph of the ac quantity. 

phase-angle voltmeter An instrument that indi- 
cates both the magnitude and phase of a voltage. 

phase coincidence For signals having the same 
frequency, the condition of their coinciding in 
terms of instantaneous amplitudes, so positive 
peaks of the first signal correspond to positive 
peaks of the second signal, and negative peaks of 
the first signal correspond to negative peaks of 
the second signal. For periodic waves that do not 
change their characteristics with time, this is the 
same thing as being shifted by an integral multi- 
ple of 360 degrees in phase. Compare PHASE 
OPPOSITION. 
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phase compensation In an operational amplifier, 
compensation for excessive phase shift in the 
feedback. 

phase compressor A push-pull phase-inverter cir- 
cuit in which a capacitor is connected between 
each collector or drain and the opposite output 
terminal to attenuate in-phase components, such 
as even-numbered harmonics. 

phase constant A figure providing the rate (in de- 
grees of phase per unit length) at which the phase 
lag of the current or voltage field component in a 
traveling wave increases linearly in the propaga- 
tion direction. 

phase corrector A circuit that returns a signal toa 
certain phase after the signal has passed through 
a circuit or medium that has caused phase dis- 
tortion. 

phased antenna See PHASED ARRAY. 

phased array Also called phased antenna. An an- 
tenna system having two or more driven elements 
fed with a certain relative phase, and spaced at a 
certain distance, resulting in a directivity pattern 
that exhibits gain in some directions and little or 
no radiation/response in other directions. Such 
an array can have two elements, producing a uni- 
directional cardioid or bidirectional figure-eight 
pattern. More complex arrays have several ele- 
ments, usually vertical antennas, strategically 
positioned and fed with signals of specified phase 
to produce a highly tailored pattern. The most so- 
phisticated systems have rotatable or steerable 
radiation/response patterns. 

phase-delay equalizer See DELAY EQUALIZER. 

phase detector See PHASE-SENSITIVE DETEC- 
TOR. 

phase diagram A _ graphical representation of 
waves having equal frequency, but differing in 
phase. The phase difference for two identical 
waveforms is greater than or equal to zero de- 
grees, but less than 360 degrees. 

phase difference 1. The difference (in time, angle, 
or fractional cycle) between the instants at which 
two alternating quantities reach a given value. 
2. For a dielectric, the complement of PHASE AN- 
GLE; that is, 90 degrees minus the phase angle in 
degrees. 

phase discriminator See DISCRIMINATOR, FOS- 
TER-SEELEY DISCRIMINATOR, RATIO DETEC- 
TOR, and TRAVIS DISCRIMINATOR. 

phase distortion Distortion characterized by in- 
put/output phase shift between various compo- 
nents of a signal passed by a circuit or device. 

phase inverter A _ resistance-capacitance-coupled 
amplifier with a single-ended input and a push- 
pull output. This circuit enables a push-pull am- 
plifier to be driven without an input transformer. 

phase-locked loop Abbreviation, PLL. An oscillator 
that combines the flexibility of a conventional 
variable-frequency oscillator (VFO) with the sta- 
bility of a crystal oscillator. The oscillator output 
is passed through a programmable divider that 
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divides the frequency by a specific integral value 
n chosen by the operator. The output frequency 
of the divider is locked, by means of a phase com- 
parator, to the signal from a crystal-controlled 
reference oscillator. As long as the output from 
the divider is exactly at the reference-oscillator 
frequency, the two signals are in phase, and the 
output of the phase comparator is zero volts de. If 
the VCO frequency changes, the phase also 
changes, and the phase comparator produces a 
dc error voltage. The error voltage is applied to the 
VCO, causing the VCO frequency to correct itself. 
This maintains the VCO frequency at precisely n 
times the reference-oscillator frequency. 

phase-locked oscillator An oscillator in which the 
inductance or the capacitance is varied periodi- 
cally at half the driving frequency. 

phase margin In an integrated-circuit amplifier, 
the extent to which the device shifts the phase of 
a signal more or less than one-half cycle (180 de- 
grees) for a certain signal voltage. 

phase modulation Abbreviation, PM. A method of 
modulation in which the phase of the carrier cur- 
rent is varied in accordance with the instanta- 
neous modulating-signal voltage. The result is 
similar to FREQUENCY MODULATION. 

phase modulator A circuit or stage that produces 
PHASE MODULATION. 

phase multiplier A circuit used for the purpose of 
phase comparison between signals. The fre- 
quency of the measured signal is multiplied, re- 
sulting in multiplication of the phase difference. 
This improves the sensitivity of the measuring 
apparatus. 

phase opposition For signals having the same fre- 
quency, the condition of their being inverted rela- 
tive to each other in terms of instantaneous 
amplitudes, so positive peaks of the first signal 
correspond to negative peaks of the second sig- 
nal, and negative peaks of the first signal corre- 
spond to positive peaks of the second signal. This 
is not the same thing as being shifted by an odd 
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integral multiple of 180 degrees in phase, 
although in practice, with sine waves and square 
waves, the effect is the same. Compare PHASE 
COINCIDENCE. 

phase resonance See VELOCITY RESONANCE. 

phase reversal 1. The inversion of an alternating- 
current (ac) signal. The instantaneous ampli- 
tude (current or voltage) is multiplied by a 
negative constant. Thus, the positive half-cycles 
become negative, and the negative half-cycles 
become positive. 2. A phase shift of +180 
degrees (+% cycle) in an ac signal. 

phase-rotation relay See PHASE-SEQUENCE RE- 
LAY. 

phase-rotation system A system for producing 
single-sideband signals without using selective 
filters. In one such system, two balanced modula- 
tors are used. One of these receives carrier and 
modulating voltages that are 90 degrees out of 
phase with voltages that are fed to the other bal- 
anced modulator. 

phase-sensitive detector Abbreviation, PSD. A 
detector for frequency modulation (FM) and 
phase modulation (PM). It delivers a direct- 
current output voltage whose value is proportional 
to the difference in phase between a reference 
signal and the signal from a local oscillator. 

phase-sequence relay Ina polyphase system, a re- 
lay or relay circuit that is actuated by voltages 
reaching maximum positive amplitude in a pre- 
determined phase sequence. Also called PHASE- 
ROTATION RELAY. 

phase shift 1. A change in the displacement, as a 
function of time, of a periodic disturbance having 
constant frequency. 2. The magnitude of a 


5059F-pP-510-565 4/10/01 9:32 AM Page 526 cp 


Time 


Amplitude 





phase shift 


change, as defined in 1, measured in fractions of 
a wavelength or in electrical degrees. 

phase-shift bridge A four-arm-bridge circuit for 
shifting the phase of an alternating-current sig- 
nal. Such a circuit is often used (with one arm 
variable) to shift the phase of the firing voltage for 
a thyratron. 

phase-shift discriminator See FOSTER-SEELEY 
DISCRIMINATOR. 

phase shifter A circuit, such as an inductance- 
capacitance (LC) or resistance-capacitance (RC) 
network, or a device, such as a Helmholtz coil or 
phase-shifting capacitor, that introduces a phase 
shift between input and output signals. 

phase-shifting capacitor A special four-stator, 
one-rotor variable capacitor that, with a trans- 
former-coupled resistance-capacitance (RC) cir- 
cuit, provides 360 degrees of continuously 
variable phase shift for one rotation of the rotor. 
The rotor plate turns like a cam under the stators 
because of the off-center insertion of the rotor 
shaft. 

phase-shift oscillator A single-stage oscillator in 
which the required 180-degree phase shift in the 
signal (fed back from output to input) is obtained 
by passing the output through a phase-shifting 
network. 

phase-shift-type distortion meter A distortion 
meter in which the output signal of a device un- 
der test is compared with a distortion-free input 
test signal. The output signal phase is shifted 180 
degrees, with respect to the input, and the two 
amplitudes are made equal. If there is no distor- 
tion, the signals cancel each other, and the result 
is zero. Any remaining signal is proportional to 
the total harmonic distortion (THD). 

phase-splitting circuit A circuit that produces, 
from a single input signal, two output signals dif- 
fering in phase. 

phase-splitting driver A PHASE INVERTER used 
as the driver of a push-pull amplifier. 

phase velocity The velocity of a wave, provided by 
the product of the frequency and the wavelength. 

phase windings In an alternating-current generator, 
windings that deliver voltages that differ in phase. 
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phasing capacitor In a crystal filter, a small vari- 
able capacitor that constitutes one arm of a 
four-arm bridge in which the crystal is another 
arm. Adjustment of this capacitor balances the 
bridge, thus preventing the undesirable passage 
of a signal through the capacitance of the crystal 
holder. 

phenol-formaldehyde plastics A family of plastic 
insulating materials made with phenolic resin, 
and occasionally used as dielectrics and air-core 
coil forms. Some of the trade names for these ma- 
terials include Bakelite, Catalin, Durez, Durite, 
Formica, and Micarta. 

phenolic insulants See 
HYDE PLASTICS. 

phenolic resin A synthetic resin made by con- 
densing phenol (carbolic acid) with formaldehyde. 

phenomenon An event or circumstance that can 
be verified by the senses, as opposed to one sub- 
ject to theory or speculation (e.g., the phe- 
nomenon of magnetic attraction). 

Phillips gate A device that allows measurement of 
the gas pressure in a confined chamber. A cur- 
rent is passed through the gas. The magnitude of 
the current, for a given gas, is a function of the 
gas pressure and temperature. 

Phillips screw A screw with a pair of slots in its 
head. The slots are arranged like an x. Phillips 
screws are available in many different sizes, as are 
ordinary screws. The x-shaped pair of slots re- 
duces the tendency for the screwdriver to slip out 
of the screw head as the screw is rotated. 

Phi phenomenon The illusion of motion resulting 
from the rapid presentation to the eye of pictures 
showing objects in a succession of different posi- 
tions. Television and motion pictures exploit this 
illusion. Also see PERSISTENCE. 

pH meter An instrument used to measure the 
acidity or alkalinity of solutions. Also see PH, 1. 

phon A unit of apparent change in loudness dis- 
cerned by a listener. Unlike the decibel, the phon 
includes compensation for the ear’s nonlinear re- 
sponse to attendant frequency changes. At a fre- 
quency of 1 kHz, a change in loudness of 1 phon 
is the equivalent of 1 decibel. 

phone 1. Telephone (wire or radio). 2. To establish 
communication via telephone. 3. Colloquialism 
for voice communication (radiotelephone), partic- 
ularly via amateur-radio single sideband on the 
high-frequency bands (160 through 10 meters). 
4. A minimal, unique speech sound. Also called 
SOUND UNIT. 

phoneme An individual sound or syllable in the 
human voice, with a characteristic amplitude-vs. 
frequency spectral pattern. It is important in 
speech recognition and speech synthesis. Com- 
puters can be programmed to identify and tran- 
scribe these sounds; computers can also be 
programmed to generate the sounds from text 
data. 
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phone jack The female mating device for a PHONE 
PLUG. 
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phone monitor A simple device for listening to 
amplitude-modulated radio transmissions to 
test their quality. In its most rudimentary form, 
it consists of a pickup antenna, semiconduc- 
tor-diode detector, and high-resistance head- 
phones. 

phone patch A device for establishing a connec- 
tion (patch) between radio and wire-telephone fa- 
cilities. Also see PATCH. 

phone plug A type of plug originally designed for 
patching telephone circuits, now widely used in 
electronics and instrumentation. In its conven- 
tional form, it has a rod-shaped neck that 
serves as one contact, and a ball on the tip of 
the neck, but insulated from it, that serves as 
the other contact. Typical diameters are % inch 
and % inch. 


Ground Signal 


Cable 


Dielectric 


phone plug 


phone test set An instrument for checking the 
performance of a radiotelephone transmitter. The 
set combines the functions of field-strength me- 
ter, modulation indicator, and aural monitor. 
Sometimes it includes a volt-ohm-milliammeter 
for troubleshooting the transmitter. 

phonetic alphabet Words whose initial letters are 
used to identify the letters of the alphabet for 


—P— 


528 phonetic alphabet * phosphor copper 


which they stand. These words are spoken in ra- 
diotelephony to identify letters that, if spoken by 
themselves, might not be clearly heard. 


Phonetic alphabet 


Phonetic 
(Capitals indicate 
emphasis) 

AL-fa 
BRAH-vo 
CHAR-lie 
DEL-ta 
ECK-o 
FOX-trot 
GOLF 
ho-TEL 
IN-dia 
Ju-li-ETTE 
KEE-low 
LEE-ma 
Mike 
No-VEM-ber 
OS-car 
pa-PA 
Que-BECK 
ROW-me-oh 
see-AIR-ah 
TANG-go 
YOU-ni-form 
VIC-tor 
WHIS-key 
X-ray 
YANK-key 
ZOO-loo 


Letter 
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phonetic alphabet code word In radio and wire 
telephony, a word chosen for its easy recognition 
by ear to identify the letter of the alphabet with 
which it begins. For example: Golffor G, Juliet for 
J, X-ray for X. 

phonics See ACOUSTICS, 1. 

phonocardiogram The record made by a PHONO- 
CARDIOGRAPH. 

phonocardiograph An instrument that makes a 
graphic record of heart sounds. 

phono cartridge The vibration-to-electricity trans- 
ducer (pickup) of a phonograph; it is actuated by 
the stylus (needle). Common types are ceramic, 
variable-inductance, and variable-reluctance. See 
PHONOGRAPH and PHONOGRAPH DISC. 

phonocatheter A microphone that can be inserted 
into the body for the purpose of listening to the 
functions of internal organs. 

phonograph A device for reproducing sound 
recorded on disc. It consists of a turntable, an 
amplifier, and one or more speakers. 

phonograph cartridge See PHONO CARTRIDGE. 

phonograph disc A thin, lightweight disc, usually 
made of vinyl or similar plastic, on which audio- 
frequency signals are recorded as irregularities in 
a spiral groove. In reproduction, these irregulari- 
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ties cause vibration in a PHONO CARTRIDGE as 
the turntable rotates. 

phonograph oscillator See PHONO OSCILLATOR. 

phono jack Also called RCA jack. A jack similar to 
a PHONE JACK, designed especially for the quick 
connection and disconnection of coaxial cables 
used with audio and low-frequency devices. 

phonon A unit of energy resulting from vibration, 
as of a piezoelectric crystal. 

phono oscillator A small radio-frequency (RF) os- 
cillator modulated by the audio-frequency (AF) 
voltage from a phonograph. The modulated RF 
signal is picked up by a remote radio receiver 
(usually in the same room), and the sound is re- 
produced through a loudspeaker connected to 
the receiver. 

phono plug Also called RCA plug. A plug similar to 
a PHONE PLUG, designed especially for the quick 
connection and disconnection of coaxial cables 
used with audio and low-frequency devices. 


phono plug 


phonoreception The hearing of high-frequency 
sounds. 

phonorecord A PHONOGRAPH disc. 

phonoselectroscope A special type of stethoscope, 
in which the main heartbeat is attenuated. This 
makes abnormal sounds more audible. The de- 
vice can be adjusted in various ways to listen for 
abnormalities characteristic of various heart dis- 
eases. 

phosphor A substance that glows when an elec- 
tron beam strikes it. Such a substance is used as 
a coating on the screens of cathode-ray tubes. 
See also BEAT ZINC SILICATE; CADMIUM 
BORATE, SILICATE, and TUNGSTATE; CAL- 
CIUM PHOSPHATE, SILICATE, and TUNG- 
STATE; MAGNESIUM FLUORIDE, SILICATE, and 
TUNGSTATE; ZINC ALUMINATE; ZINC BERYL- 
LIUM SILICATE; ZINC BERYLLIUM ZIRCONIUM 
SILICATE; ZINC BORATE; ZINC CADMIUM SUL- 
FIDE; ZINC GERMANATE; ZINC MAGNESIUM 
FLUORIDE; ZINC ORTHOSILICATE; ZINC OX- 
IDE; ZINC SILICATE; and ZINC SULFIDE. 

phosphor bronze A form of bronze whose elastic- 
ity, hardness, and toughness have been greatly 
improved by the addition of phosphorus. The 
metal is used for brushes, springs, switch blades, 
and contacts. 

phosphor copper An alloy of copper and phospho- 
rus used in the manufacture of PHOSPHOR 
BRONZE. 


—P— 


phosphorescence The property of some materials 
that ordinarily fluoresce to continue to glow after 
the stimulus (light or an electron beam) has been 
removed. Compare FLUORESCENCE. 

phosphorescent screen A viewing screen coated 
with a phosphor (e.g., oscilloscope screen). 

phosphorous Exhibiting the properties of phos- 
phor (e.g., glowing after stimulation with light). 
Not to be confused with PHOSPHORUS. 

phosphorus Symbol, P. A nonmetallic element of 
the nitrogen family. Atomic number, 15. Atomic 
weight, 30.974. It is used as a dopant in semi- 
conductor processing. 

phot The cgs unit of illumination: The direct illu- 
mination produced upon a_ one-centimeter- 
distant surface by a uniform point source of one 
international foot-candle. Equivalent to one lu- 
men per square centimeter. 

photocathode 1. The photomosaic of a video cam- 
era tube. 2. The light-sensitive cathode in a pho- 
totube. 

PhotoCD Trade name for an image-recording sys- 
tem developed by Kodak, in which photographs 
can be stored on compact discs. Viewing is ac- 
complished using personal computers. 

photocell See PHOTOELECTRIC CELL. 

photocell amplifier An amplifier used to boost the 
output of a photocell. With respect to the nature 
of the input signal, it can be an alternating- 
current (ac) or direct-current (dc) amplifier, depend- 
ing on whether the output of the photocell is 
modulated de or pure dc. 

photochemical effect The phenomenon whereby 
certain substances undergo chemical change when 
exposed to light or other radiant energy. An exam- 
ple of such a substance is the silver bromide, silver 
chloride, or silver iodide on photographic film. 

photoconductive cell A photoelectric cell, such as 
the cadmium-sulfide type, whose resistance is 
proportional to the intensity of light impinging 
upon it. The photoconductive cell acts as a light- 
sensitive variable resistor in a current path. Also 
see PHOTOCONDUCTIVE MATERIAL. 

photoconductive effect The tendency for the elec- 
trical resistance of a substance to change when 
infrared radiation, visible light, or ultraviolet ra- 
diation strikes it. Different substances exhibit dif- 
ferent degrees of this effect. 

photoconductive material A substance that ex- 
hibits decreased electrical resistance when ex- 
posed to infrared rays, visible light, or ultraviolet. 
Some photoconductive substances are cadmium 
selenide, cadmium sulfide, germanium, lead sul- 
fide, selenium, silicon, and thallous sulfide. Also 
see ACTINOELECTRIC EFFECT. 

photoconductivity The phenomenon whereby the 
electrical resistance of certain materials (such as 
cadmium sulfide, cadmium selenide, germanium, 
selenium, and silicon) is lowered upon exposure 
to infrared rays, visible light, or ultraviolet. Also 
see PHOTOCONDUCTIVE MATERIAL. 


5059F-pP-510-565 4/10/01 9:32 AM Page 529 cp 


phosphorescence °« photoelectric efficiency 529 


photoconductor 1.See PHOTOCONDUCTIVE MA- 
TERIAL. 2. See PHOTOCONDUCTIVE CELL. 

photocurrent See PHOTOELECTRIC CURRENT. 

photo-Darlington Also, photodarlington. 1. A pho- 
totransistor fabricated as a Darlington amplifier 
for high output current. 2. A combination of pho- 
todiode (see LIGHT-SENSITIVE DIODE) and Dar- 
lington amplifier. 

photodecomposition Chemical breakdown by the 
action of radiant energy. Also called photolysis. 

photodetachment The removal of an electron from 
an atom or ion, resulting from the impact of a 
PHOTON. 

photodetector 1. An illumination meter that uses 
a PHOTOCELL. 2. See OPTOELECTRONIC COU- 
PLER. 

photodielectric effect The tendency for the dielec- 
tric constant of a substance to change when 
infrared radiation, visible light, or ultraviolet 
radiation strikes it. Different substances exhibit 
different degrees of this effect. 

photodiffusion effect See DEMBER EFFECT. 

photodiode See LIGHT-SENSITIVE DIODE. 

photodisintegration In the nucleus of an atom, 
disintegration resulting from PHOTON bombard- 
ment. 

photoelasticity The tendency for the _ light- 
transmission characteristics of a substance to 
change with externally applied forces. 

photoelectric alarm An alarm actuated when a 
light beam impinging on a photocell is inter- 
rupted. 

photoelectric amplifier 1. An amplifier for boost- 
ing the output of a photosensitive device. 2. An 
OPTOELECTRONIC COUPLER possessing gain. 

photoelectric cell A device that converts infrared, 
visible-light, or ultraviolet energy into electricity 
or electrical effects. It can function by producing 
a voltage (see PHOTOVOLTAIC CELL, SELENIUM 
CELL, SILICON CELL, SOLAR CELL, and SUN 
BATTERY) or by acting as a light-sensitive resis- 
tor (see LIGHT-SENSITIVE DIODE, PHOTOCON- 
DUCTIVE CELL, and SELENIUM CELL). 

photoelectric constant The quantity h/e, where h 
is Planck’s constant and e is the unit electron 
charge. 

photoelectric counter A counting device (elec- 
tromechanical or fully electronic) that counts ob- 
jects as they interrupt a light beam impinging 
upon a photocell. 

photoelectric disintegration See PHOTODISIN- 
TEGRATION. 

photoelectric effect The phenomenon whereby 
temporary changes occur in the atoms of certain 
substances under the influence of infrared, visi- 
ble light, or ultraviolet radiation. Some of these 
materials undergo a change in their electrical re- 
sistance, whereas others generate electric current 
(see, for comparison, PHOTOCONDUCTIVE MA- 
TERIAL and PHOTOVOLTAIC MATERIAL). 

photoelectric efficiency See QUANTUM YIELD. 
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photoelectric field-effect transistor See 
PHOTOFET. 

photoelectricity Electricity produced by the ac- 
tion of light on certain materials, such as cesium, 
selenium, and silicon. Also see PHOTOEMISSION 
and PHOTOVOLTAIC CELL. 

photoelectric material See PHOTOCONDUCTIVE 
MATERIAL and PHOTOEMISSIVE MATERIAL. 

photoelectric multiplier A device that internally 
amplifies the current resulting from bombard- 
ment by infrared, visible light, or ultraviolet radi- 
ation. A PHOTOMULTIPLIER TUBE is an example 
of such a device. 

photoelectric photometer An instrument that 
uses a photoelectric device for the purpose of 
measuring the intensity of infrared radiation, vis- 
ible light, or ultraviolet radiation. 

photoelectric proximity sensor A device that 
uses a light-beam generator, a photodetector, an 
amplifier, and a microprocessor to detect the 
presence of nearby objects. It is useful in robot 
guidance systems. 

photoelectric pyrometer An optical pyrometer in 
which a photocell and appropriate filters act in- 
stead of the human eye. 

photoelectric relay A relay actuated directly by a 
photocell or a photocell and amplifier. This type of 
relay is the basis of some PHOTOELECTRIC 
ALARM devices. 

photoelectric sensor 1. See ELECTRIC EYE. 
2. See PHOTOELECTRIC PROXIMITY SENSOR. 
3. See PHOTOELECTRIC CELL. 

photoelectric smoke alarm An alarm that is 
tripped by a PHOTOELECTRIC SMOKE DETEC- 
TOR when the density of smoke exceeds a safe 
level. 

photoelectric smoke control A system for making 
automatic adjustments to a burning process 
when the smoke density exceeds a prescribed 
level. The initial element in the system is a PHO- 
TOELECTRIC SMOKE DETECTOR. 

photoelectric smoke detector A smoke detector 
in which a photocell, photodiode, phototransis- 
tor, or phototube is excited by a light beam pass- 
ing through the air. The cell output current 
decreases when smoke fills the air. This current 
change trips an alarm or deflects an indicating 
meter when the density of the smoke exceeds a 
prescribed level. 

photoelectric tape reader A punched-tape reader 
using a photocell, photodiode, phototransistor, or 
phototube to sense light passing through the 
holes. 

photoelectric transducer A photocell, photodiode, 
phototransistor, or phototube used as a sensor. 

photoelectric tube See PHOTOTUBE. 

photoelectric wattmeter A power-measuring in- 
strument useful for the approximate measure- 
ment of radio-frequency power. It consists of an 
incandescent lamp sharing an opaque enclosure 
with a photovoltaic cell. The power to be mea- 


RF 
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photoelectric wattmeter 


sured is applied to the lamp, which glows propor- 
tionately. The light excites the cell, causing it to 
deliver a direct current proportional to the power. 
This current deflects a milliammeter or microam- 
meter. The meter can be calibrated to read di- 
rectly in watts. 

photoelectromotive force The electromotive force 
(voltage) produced by a photovoltaic cell. 

photoelectron An electron displaced within, or 
ejected from, an atom, as the result of infrared, 
visible light, or ultraviolet radiation striking the 
atom. 

photo-emf See PHOTOELECTROMOTIVE FORCE. 

photoemission The ejection of electrons from cer- 
tain materials, such as cesium, when these mate- 
rials are exposed to infrared, visible light, or 
ultraviolet radiation. Also see PHOTOEMISSIVE 
MATERIAL. 

photoemissive material A substance that emits 
electrons when exposed to infrared, visible light, or 
ultraviolet radiation. A typical use of such a mate- 
rial is in the coating of the light-sensitive cathode 
of a phototube. The metals cesium, potassium, ru- 
bidium, and sodium are photoemissive. 

photofabrication 1. A method of circuit-board 
manufacturing. The etching pattern is placed 
over the circuit-board material, the board is 
placed in a special solution, then the assembly is 
exposed to visible light. The light interacts with 
the solution to dissolve the metal in areas ex- 
posed to the light, but not in areas covered by the 
etching pattern. 2. The technique in 1, applied to 
the manufacture of integrated circuits. 

photoFET A FIELD-EFFECT TRANSISTOR that ex- 
hibits properties similar to those of a bipolar 
PHOTOTRANSISTOR. 

photoflash See ELECTRONIC FLASH, 1. 

photoglow tube See DISCHARGE LAMP. 

photogram The permanent shadow produced by 
an object placed between a light source and pho- 
tographic paper. 

photographic exposure meter 
METER, 1. 

photographic recorder A graphic recorder that 
uses a light beam, deflected by galvanometer 
movement, that moves across photographic film 
or paper to produce a trace representing a vary- 
ing quantity. 

photographic sound recording See 
SOUND RECORDING. 


See EXPOSURE 
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photograph reception 1. The use of FACSIMILE to 
print photographs transmitted in analog form via 
wire or radio. 2. The use of a computer, equipped 
with a modem and graphics software, to display 
and/or store photographs transmitted in digital 
form via wire or radio. 

photograph transmission 1. The use of FACSIM- 
ILE to scan and send photographs in analog form 
via wire or radio. 2. The use of a computer, 
equipped with a modem and video camera or op- 
tical scanner, to digitize and send photographs 
via wire or radio. 

photoionization The ejection of electrons from 
atoms or molecules by the action of infrared, vis- 
ible light, or ultraviolet radiation. 

photoisolator See OPTOELECTRONIC COUPLER. 

photojunction cell A photocell consisting of a semi- 
conductor pn junction. The cell is useful mainly 
for its photoconductivity, although infrared, visible 
light, or ultraviolet energy striking the junction 
produces a small amount of photovoltaic action. 

photokinesis Light-induced motion, as in a RA- 
DIOMETER. 

photolithographic process A method of producing 
integrated circuits and printed circuits by pho- 
tographing (often at considerable reduction) an 
enlarged pattern of the circuit on a suitable light- 
sensitized surface of metal or semiconductor, and 
chemically etching away unwanted portions of 
the surface. 

photolysis See PHOTODECOMPOSITION. 

photomagnetic effect Light-sensitive magnetic 
susceptibility in some materials. 

photomap A photo taken of terrain from a high al- 
titude and usually overlaid with a reference grid. 

photomask In PHOTOFABRICATION, the trans- 
parent film or template on which the etching pat- 
tern is drawn. 

photometer An instrument used to compare the 
luminous intensity of two light sources. 

photometric measurement of power See PHOTO- 
ELECTRIC WATTMETER. 

photometry The science of visible-light measure- 
ment. The response of the human eye is used as 
the basis for preferred sensors (those used with 
photometric instruments, which have spectral 
sensitivity curves resembling those of the eye). 
Compare RADIOMETRY. 

photomosaic In a television camera tube, the flat 
photocathode screen on which the image is pro- 
jected by the lens system and scanning electron 
beam. The surface of the screen is covered with 
tiny light-sensitive droplets. Also see DISSECTOR 
TUBE, ICONOSCOPE, and ORTHICON. 

photomultiplier tube A type of PHOTOTUBE that 
delivers high output current for a given light in- 
tensity by utilizing the secondary emission of elec- 
trons. The initial light-sensitive cathode emits 
electrons; these strike a specially placed metal 
plate with a force that dislodges more electrons. 
These electrons, together with the initial emission, 
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are reflected to a second plate, where they dis- 
lodge still more electrons. This process continues 
from deflection plate to deflection plate through 
the tube. The final plate deflects the accumulated 
electrons to the anode (collector electrode). 

photon A quantum of radiant energy whose energy 
constant W (in joules) is equal to hf, where h is 
the PLANCK CONSTANT and fis the frequency in 
Hertz. 
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photoneutron A neutron released by PHOTODIS- 
INTEGRATION. 

photophone 1. A telephone-type communication 
system using a modulated light beam transmitted 
between stations. 2. A process for recording 
sound on motion-picture film (see OPTICAL 
SOUND RECORDING). 

photorelay See PHOTOELECTRIC RELAY. 


photoresistive cell See PHOTOCONDUCTIVE 
CELL. 
photoresistive material See PHOTOCONDUC- 


TIVE MATERIAL. 

photoresistivity See PHOTOCONDUCTIVITY. 

photoresistor See PHOTOCONDUCTOR, 1, 2. 

photosensitive device A light-sensitive electronic 
device. See, for example, PHOTOCONDUCTIVE 
CELL, PHOTODIODE, PHOTOFET, PHOTOMUL- 
TIPLIER TUBE, PHOTOTRANSISTOR, PHOTO- 
TUBE, and PHOTOVOLTAIC CELL. 

photosphere The luminous layer at the surface of 
a star. 

photoswitch A light-activated switch. Some photo- 
switches contain an electromechanical relay; oth- 
ers, such as the light-activated silicon-controlled 
switch, have no moving parts. 

phototimer An electronic timer for timing photo- 
graphic processes. 

phototransistor A transistor in which current 
carriers emitted as a result of illumination con- 
stitute an input-signal current. This current is 
amplified by the transistor. The output signal 
delivered by the transistor, accordingly, is 
larger than the output of an equivalent photodi- 
ode. 

phototube An electron tube that converts light en- 
ergy into electrical energy by acting as a light- 
sensitive resistor. Characteristically, the tube 
contains an illuminated cathode coated with a 
photoemissive material, and an anode wire situ- 
ated nearby. Light energy causes electrons to be 
emitted from the cathode in amounts propor- 
tional to light intensity; the electrons are at- 
tracted by the anode, which is connected 
externally to a positive direct-current voltage. 

photovoltaic cell Also called solar cell. A semi- 
conductor diode, usually made from silicon, that 
converts visible light, infrared, and/or ultraviolet 
directly into electric current. The device consists 
of a flat P-N junction; the assembly is transparent 
so that radiant energy can fall directly on the P- 
type silicon. Metal ribbing, forming the positive 
electrode, is interconnected with tiny wires. The 
negative electrode is a metal backing, placed in 
contact with the N-type material. The component 
produces about 0.5 to 0.6 volts in direct sunlight 
under no-load conditions. 

photovoltaic material A substance that generates 
a voltage when exposed to light. The principal 
substances exhibiting this effect are silicon, sele- 
nium, and germanium. Also see ACTINOELEC- 
TRIC EFFECT. 
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photran A light-sensitive, four-layer semiconduc- 
tor device, used for switching purposes. 

physical properties The distinguishing character- 
istics of matter, apart from its chemical proper- 
ties. Included are boiling point, density, ductility, 
elasticity, electrical conductivity, hardness, heat 
conductivity, index of refraction, malleability, melt- 
ing point, specific heat, and state (solid, liquid, 
gaseous, or plasma). 

physical quantity A quantity expressing the ac- 
tual number of physical units under considera- 
tion, as compared with a dimensionless number. 
Examples: 50 volts, 39 kilometers, and 30 pico- 
farads. Compare DIMENSIONLESS QUANTITY. 

physics The science of energy and matter and their 
interactions. Physics is subdivided into several 
fields, including mechanics, thermodynamics, 
acoustics, optics, and_ electricity/magnetism. 
Many subdivisions are within the traditional 
fields. 

P,; Symbol for INPUT POWER. 

picket fencing An effect often observed at very- 
high frequencies (VHF) and ultra-high frequen- 
cies (UHF), in which movement of the trans- 
mitting station antenna, the receiving station 
antenna, or both antennas causes rapid fading. 
The fading is the result of phase effects between 
the direct wave and indirect wave(s). These effects 
are most pronounced with vertically polarized 
antennas. 

PIA Abbreviation of PERIPHERAL 
ADAPTER. 

pickoff 1. To monitor a voltage, current, or other 
characteristic in an active circuit, without dis- 
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turbing the operation of the circuit. 2. A device for 
electronically monitoring linear or angular dis- 
placement. 

pickup 1. A device that serves as a sensor of a sig- 
nal or quantity. This covers a wide variety of 
items, including temperature sensors, vibration 
detectors, microphones, phonograph pickups, etc. 
2. Collectively, energy or information that is re- 
ceived (e.g., sound pickup). 

pickup arm The pivoted arm that holds the car- 
tridge and stylus of a phonograph. 

pickup cartridge See PHONO CARTRIDGE. 

pickup current 1. The current required to close a 
relay. 2. Current flowing through, or generated 
by, a pickup. 

pickup pattern The directional pattern of a micro- 
phone or other transducer that converts acoustic 
energy into electrical signals. 

pickup voltage 1. The voltage required to close a 
relay or circuit breaker. 2. The voltage delivered 
by a pickup. 

pico- 1. Abbreviation, p. A prefix meaning 107). 
2. A prefix meaning extremely small. 

picoammeter A usually direct-reading instrument 
used to measure current in the picoampere 
range. Also see CURRENT METER. 

picoampere Abbreviation, pA. A small unit of cur- 
rent equal to 107! ampere. 

picocoulomb Abbreviation, pC. A small unit of 
electrical quantity equal to 10-!? coulomb. 

picocurie Abbreviation, pCi. A small unit of ra- 
dioactivity equal to 107!” curie. 

picofarad Abbreviation, pF. A small unit of capaci- 
tance equal to 107!” farad. 

picohenry Abbreviation, pH. A small unit of induc- 
tance equal to 10-!? henry. 

picosecond Abbreviation, ps or psec. A small unit 
of time equal to 107! second. 

pi coupler See COLLINS COUPLER. 

picovolt Abbreviation, pV. A small unit of voltage 
equal to 107}? volt. 

picovoltmeter A usually direct-reading electronic 
instrument used to measure electromotive force 
in the picovolt range. 

picowatt Abbreviation, pW. A small unit of power 
equal to 107! watt. 

pictorial See PICTORIAL WIRING DIAGRAM. 

pictorial diagram See PICTORIAL WIRING DIA- 
GRAM 


pictorial wiring diagram A wiring diagram in the 
form of a drawing or photograph of the compo- 
nents, as opposed to one of circuit symbols. The 
components are shown in their positions in the 
finished equipment, and the wiring as lines run- 
ning between them. 

picture black In facsimile or television, the signal 
condition resulting from the scanning of a black 
portion of the image. 

picture detector See VIDEO DETECTOR. 

picture diagram See PICTORIAL WIRING DIA- 
GRAM. 
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picture element See PIXEL. 

picture information In a television signal, the 
variable-amplitude component (i.e., the one car- 
rying energy corresponding to the picture ele- 
ments) that fills the space between blanking 
pulses. 

picture-in-picture Abbreviation, PIP. In some tele- 
vision receivers, a feature that allows simultane- 
ous viewing of two programs. One program 
occupies the full screen, and another program 
appears in a small portion of the screen. 

picture reception 1. See PHOTOGRAPH RECEP- 
TION. 2. The reception of television signals. 

picture transmission 1. See PHOTOGRAPH 
TRANSMISSION. 2. The transmission or broad- 
casting of television signals. 

picture tube The cathode-ray tube used in a tele- 
vision receiver to display the image. Also called 
KINESCOPE. 
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Pierce oscillator A simple crystal oscillator in 
which the crystal is connected directly between 
the input and output terminals of the active de- 
vice (usually a bipolar or field-effect transistor). A 
tuned inductance-capacitance (LC) circuit might 
be included, but is not required. 
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pie winding A method of coil winding in which two 
or more separate, multilayer coils are connected 
in series and placed along a common axis. It is 
sometimes used in radio-frequency chokes to 
minimize capacitance among the windings. 

piezo- A prefix meaning pressure (see PRESSURE, 
2). 

piezodielectric A substance that, when stretched 
or compressed, exhibits a change in dielectric 
constant. 

piezoelectric accelerometer An _ accelerometer 
using a piezoelectric crystal, whose voltage out- 
put is proportional to acceleration. 

piezoelectric ceramic A ceramic material that de- 
livers a voltage when deformed, or that changes 
in shape when a voltage is applied to it. 

piezoelectric crystal A crystal (such as quartz, 
Rochelle salt, tourmaline, or various synthetics) 
that delivers a voltage when mechanical force is 
applied between its faces, or that changes its 
shape when a voltage is applied between its faces. 

piezoelectric earphone See CRYSTAL EAR- 
PHONE. 

piezoelectric filter See CRYSTAL FILTER and 
CRYSTAL RESONATOR. 

piezoelectricity Electricity produced by deforming 
(squeezing, stretching, bending, or twisting) cer- 
tain crystals, such as those of quartz, Rochelle 
salt, or tourmaline. 

piezoelectric loudspeaker See CRYSTAL LOUD- 
SPEAKER. 

piezoelectric microphone See CERAMIC MICRO- 
PHONE and CRYSTAL MICROPHONE. 

piezoelectric oscillator See CRYSTAL OSCILLA- 
TOR. 

piezoelectric pickup See CRYSTAL PICKUP. 

piezoelectric resonator See CRYSTAL FILTER 
and CRYSTAL RESONATOR. 


piezoelectric sensor See CRYSTAL TRANS- 
DUCER. 

piezoelectric transducer See CRYSTAL TRANS- 
DUCER. 


piezoid A complete piezoelectric crystal device. 

piezoresistance In certain substances, the ten- 
dency of the resistance to change with stretching 
or compression. 

piezo tweeter A tweeter of the piezoelectric type 
(see CRYSTAL LOUDSPEAKER). 

pi filter An unbalanced filter section having one 
series arm and two shunt arms; its schematic 
representation has the general shape of the up- 
percase Greek letter pi. 

piggyback component See OUTBOARD COMPO- 
NENT. 

piggyback control See CASCADE CONTROL. 

piggyback tuner A separate ultra-high-frequency 
(UHF) television tuner operated in conjunction 
with the very-high-frequency (VHF) tuner of the 
receiver. 

pigtail 1. A usually long and sometimes flexible 
lead, such as the pigtail of a fixed capacitor. 
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2. Descriptive of a device containing a long lead 
or leads, and usually mounted by such leads. 
pile 1. See VOLTAIC PILE. 2. See NUCLEAR REAC- 
TOR. 3. A battery of electrochemical cells. 4. Any 

packed group of particles or granules. 

pillow speaker A small, flat loudspeaker intended 
for use under a pillow. 

PILOT Acronym for programmed inquiry learning or 
teaching. A straightforward high-level computer 
programming language, used in computer- 
assisted instruction (CAI). 

pilot lamp See PILOT LIGHT. 

pilot light A usually small, incandescent or neon 
lamp. When glowing, it serves as a signal that a 
piece of equipment is in operation. 

pilot model A preliminary model of a circuit or de- 
vice constructed primarily to test the efficacy of a 
production process. The pilot model usually fol- 
lows the PROTOTYPE. 

pilot production The often small-scale production 
of a device in a special assembly line apart from 
the main line in a factory. 

pilot regulator A variable-gain circuit that main- 
tains a constant output—even if the input ampli- 
tude changes. 

PIM Abbreviation of PULSE-INTERVAL MODULA- 
TION. 

pi mode In a vane-anode magnetron, the mode of 
operation in which adjacent vanes have radio- 
frequency voltages of opposite polarity. 

pin 1. A semiconductor junction consisting of a 
layer of instrinsic semiconductor material situ- 
ated between n and p layers. 2. A slender, 
straight, stiff prong used as a terminal or locking 
device (see, for example, BASE PIN and BAYONET 
BASE). 

pinchoff In a junction field-effect transistor, the 
condition in which the gate voltage causes the 
two depletion regions to meet and close the chan- 
nel to obstruct drain-current flow. 

pinchoff voltage In a junction field-effect transis- 
tor, the lowest value of gate voltage that will pro- 
duce pinchoff. 

pinch roller Ina tape recorder, a rubber-tired, ro- 
tating cylinder that helps to pull the tape past the 
recording and/or playback heads. 
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pincushion A type of television picture distortion 
in which each side of the raster sags toward cen- 
ter screen. Also see ANTIPINCUSHIONING MAG- 
NETS. 

pincushion-correction generator A circuit for 
generating a deflection signal to correct pincush- 
ion distortion (see PINCUSHION). One form con- 
sists of a parabola generator and op-amp-type 
differentiator. 

pin diode A silicon junction diode having a lightly 
doped intrinsic layer serving as a dielectric bar- 
rier between p and n layers. 

pi network See COLLINS COUPLER. 

ping An acoustic pulse; it can be audible sound or 
ultrasound. 

pinhole 1. A tiny hole present as a defect in a film 
of dielectric, semiconductor, or metal. 2. A tiny 
aperture that acts as a universal lens by permit- 
ting the passage of a very small bundle of light 
rays. The smaller the aperture, the greater the 
depth of field. 

pinhole detector An electronic device for finding 
pinholes in materials. Also see PINHOLE, 1. 

pin jack A jack into which a pin plug is inserted for 
quick connection. 

pink noise Acoustical noise whose amplitude is 
inversely proportional to the frequency within a 
limited frequency spectrum. In the extreme, it 
creates a hissing sound. Compare WHITE 
NOISE. 

pinout A diagram of an integrated circuit depicting 
the locations of the pins for various functions. It 
generally takes the form of a rectangle for the cir- 
cuit itself, and short lines for the pins with desig- 
nators printed next to the lines. 

pin plug A plug consisting of a slender metal pin 
inserted between the blades of a PIN JACK for a 
quick connection. The plug usually has a small 
insulated back for convenient handling. 

pin straightener A device for straightening the 
pins of a transistor, integrated circuit, or other 
electronic component. 

pin switch A switch that changes state when a 
small pin is pushed or pulled. 

pin-usage factor For an integrated circuit, the 
number of gate equivalents per package pin. Also 
see GATE EQUIVALENT. 

PIO Abbreviation of parallel input/output. 

pion A subatomic particle consisting of one quark 
and one antiquark. 

PIP Abbreviation of PICTURE-IN-PICTURE. 

pip See BLIP. 

pipad A resistance-type attenuator having a series 
arm, a shunt input arm, and shunt output arm; 
its name is derived from its resemblance to the 
Greek letter pi. Also see PAD. 

pipe radiator A waveguide having an open end 
from which microwave energy is radiated. 

Pirani gauge A type of vacuum gauge in which a 
heated filament, composing one arm of a four- 
arm resistance bridge, is sealed into the vacuum 
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system. The bridge is balanced before evacuation 
starts. As evacuation progresses, the heat re- 
moved from the filament becomes proportional to 
the pressure in the system, and the resistance of 
the filament changes accordingly. The bridge is 
then rebalanced, and the difference between ini- 
tial and subsequent null conditions indicate the 
extent of the vacuum when the bridge has been 
appropriately calibrated. 

pi section An unbalanced filter or tuner section 
whose schematic representation has the general 
shape of the uppercase Greek letter pi. 

pi-section coupling Use of a PI SECTION for cou- 
pling a radio transmitter to an antenna. Also see 
COLLINS COUPLER and PI-SECTION TANK. 

pi-section filter A pi section used as either a low- 
pass or high-pass filter, depending on the posi- 
tion of the capacitors in the circuit. 

pi-section tank A pi section used as the collector, 
drain, or plate tank circuit of a radio-frequency 
power amplifier, and also serving as an antenna 
coupler. 

piston 1. The movable element (cone) of a loud- 
speaker. 2. The movable, solid plunger of a trim- 
mer capacitor that consists of a plug within a 
cylinder. 

piston directivity Directivity of sound emitted by 
the piston of a loudspeaker (see PISTON, 1). As 
the frequency of the audio signal increases, radi- 
ation from a loudspeaker tends to be concen- 
trated along the axis of the piston. 

pit 1. A microscopic depression in a compact disc; 
scatters and/or absorbs light from the laser, 
rather than reflecting it. Compare LAND, 1. 2. In 
a printed-circuit board, a pockmark in a compo- 
nent or foil run. 3. A pockmark in a metallic sub- 
stance, resulting from corrosion. 

pitch 1. The frequency of a sound, either in gen- 
eral terms (e.g., low, midrange, and high) or asa 
specific quantity (e.g., 2450 Hz). 2. The distance 
between the peaks of adjacent grooves on a 
phonograph disc. 3. The distance between adja- 
cent threads of a screw. 4. The distance between 
centers of turns in a coil (see PITCH OF WIND- 
ING) 5. The number of teeth or threads per unit 
length. 6. The distance along its axis a propeller 
moves in a revolution. 7. Up-and-down motion of 
a robot end effector or other electromechanical 
device. 8. The extent or range of movement, as 
defined in 7. 
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pitch of winding In a coil, the distance from the 
center of one turn to the center of the adjacent 
turn in a single layer of winding. 

PIV Abbreviation of PEAK INVERSE VOLTAGE. 

pivot The sometimes jeweled, stationary member 
of the bearing in an analog meter movement. 

pi-wound choke A choke coil consisting of several 
series-connected sections, mounted on a single 
core and separated to reduce internal capaci- 
tance. 

pix Abbreviation of PICTURE. 

pixel Contraction of picture element. The smallest 
bit of data in a video image. Also called pel. The 
smaller the size of the pixels in an image, the 
greater the resolution for a given image area. 

pixel aspect ratio In a video image, the ratio of 
PIXEL height to pixel width. 

pix tube See PICTURE TUBE. 

PL Abbreviation for PRIVATE LINE. 

place effect An apparent change in the perceived 
pitch of a sound, caused by variations in the way 
the waves interact inside the human ear. 

planar diffusion In the production of a semicon- 
ductor device, the diffusion of all the elements 
into one face of a wafer. Consequently, connec- 
tions to the elements all lie in one plane. Also see 
EPITAXIAL PLANAR TRANSISTOR and PLANAR 
TRANSISTOR. 

planar diode A semiconductor diode, having a pn 
junction that lies entirely within a single plane. 

planar epitaxial passivated diode A junction 
diode that, like the planar epitaxial transistor, 
has been manufactured by planar diffusion, then 
passivated to protect the junction. Also see EPI- 
TAXIAL GROWTH, EPITAXY, PASSIVATION, and 
PLANAR DIFFUSION. 

PL/1 A computer programming language that is a 
hybrid of scientific and commercial types (like AL- 
GOL and COBOL), the combined features be- 
ing powerful problem-solving and mass-data- 
handling abilities. 

planar epitaxial passivated transistor A planar 
epitaxial transistor that has been passivated to 
protect the exposed junctions. Also see EPITAX- 
IAL PLANAR TRANSISTOR, PLANAR TRANSIS- 
TOR, EPITAXIAL TRANSISTOR, PASSIVATION, 
and PLANAR TRANSISTOR. 

planar transistor A transistor in which the emit- 
ter, base, and collector elements terminate on the 
same face (plane) of the silicon wafer. A thin film 
of silicon dioxide is grown on top of the wafer to 
insulate the exposed junctions after the leads 
have been attached (i.e., the transistor is passi- 
vated). 

Planck constant Symbol, h. Unit, joule-second. 
The constant of proportionality in the fundamen- 
tal law of the quantum theory, stating that 
radiant energy is composed of quanta propor- 
tional to the frequency of the radiation; h = q/f= 
6.62608 x 10-°4 Jes, where q is the value of the 
quantum and fis the frequency in Hz. 
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plane of polarization The plane containing the di- 
rection of propagation and the electric field vector 
of a plane-polarized wave (see POLARIZATION, 3 
and POLARIZED LIGHT). 

plane-polarized light See POLARIZATION, 3 and 
POLARIZED LIGHT. 

plane-reflector antenna A directive antenna in 
which the reflector is a sheet of metal or a metal 
screen. In a corner-reflector antenna, the reflec- 
tor is a folded sheet, or two sheets joined along 
one edge. 

planetary electron See ORBITAL ELECTRON. 

planimeter A mechanical instrument for measur- 
ing the area of a closed figure. The outline of the 
figure is traced with the pointer of the device, and 
the area is read from a pair of dials. In this appli- 
cation, the planimeter does the work of integral 
calculus. 

PLANNER A high-level computer programming 
language sometimes used in artificial intelli- 
gence. It is a “goal-oriented” language in that it 
seeks a solution to a problem using various 
schemes, as necessary. 

plan position indicator Abbreviation, PPI. A radar 
display on whose screen small spots of light re- 
construct the scanned vicinity, revealing objects, 
such as buildings, boats, aircraft, etc. The dis- 
tance from the center of the screen to a spot de- 
picts the range of an object, and the radial angle 
reveals its bearing. 

plant In computer operations, to put the result of 
an operation specified by a routine in a storage 
location from which it will be taken for implemen- 
tation of an instruction further on in the pro- 
gram. 

plaque resistor A flat, noninductive, power resis- 
tor, often used as a dummy load during high- 
frequency power measurements. 

plasma A usually high-temperature gas that is so 
highly ionized that it is electrically conductive 
and susceptible to magnetic fields; it is recog- 
nized as one of the states of matter. Also see 
PHYSICAL PROPERTIES. 

plasma diode A diode in which a plasma sub- 
stance produces conduction in one direction, but 
not in the other. 
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plasma length See DEBYE LENGTH. 

plasma oscillation In a plasma, a form of electric- 
field oscillation of the rapidly moving electrons. 

plasma torch A torch, used for such high-heat ap- 
plications as melting metal, in which a gas is 
heated by electricity to the high temperature at 
which it becomes a plasma. 

plasmatron A form of amplifier tube sometimes 
used at ultra-high and microwave frequencies. It 
is similar to a thyratron. An inert gas is excited 
until it becomes a plasma, producing amplifica- 
tion under certain operating conditions. 

Plastacele See CELLULOSE ACETATE. 

plastic A synthetic material usually made from 
various organic compounds through polymeriza- 
tion (see POLYMERIZE). Plastics can be molded 
into solid shapes and are available as films. Ex- 
amples: celluloid, cellulose acetate, cellulose ni- 
trate, polyethylene, and polystyrene. Also see 
THERMOPLASTIC MATERIAL and THERMOSET- 
TING MATERIAL. 

plastic-film capacitor A capacitor made using 
polyester, polyethylene, or polystyrene. The 
method of manufacture is similar to that for pa- 
per capacitors when the plastic is flexible. Stack- 
ing methods can be used if the plastic is more 
rigid. The geometries can vary, and these capaci- 
tors are therefore found in several different 
shapes. Capacitance values for plastic-film units 
range from about 50 pF to several tens of micro- 
farads. Most often they are in the range of 0.001 uF 
to 10 uF. Plastic-film capacitors are employed in 
audio equipment, and also in wireless transmit- 
ters and receivers. The efficiency is good, al- 
though not as high as that for mica-dielectric 
units. Compare CERAMIC CAPACITOR, ELEC- 
TROLYTIC CAPACITOR, MICA CAPACITOR, PA- 
PER CAPACITOR, TANTALUM CAPACITOR. 

plasticizer A substance added to a plastic to make 
it softer or more flexible. 

plastic-leaded chip carrier Abbreviated PLCC. A 
surface-mounted package for an integrated cir- 
cuit. It is small in size and has high electrical and 
mechanical reliability. 

plate 1. The anode of an electron tube. 2. One of 
the electrodes of a primary or secondary battery 
cell. 3. One of the electrodes of a capacitor. 

plateau In a response curve, a region in which an 
increase in the independent variable produces no 
further change in the dependent variable. Exam- 
ple: the saturation region in a common-base 
transistor collector-current curve. 

plate blocking capacitor A capacitor connected 
between the plate of an electron tube and the 
plate tank. It allows the direct-current supply 
voltage to be applied directly to the plate without 
it passing through the tank coil, while at the 
same time preventing the tank coil from short- 
circuiting the plate power supply. The capacitor 
freely transmits alternating-current signal energy 
to the tank. 
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plate capacitance See PLATE-CATHODE CAPACI- 
TANCE. 

plate-cathode capacitance Symbol, Cpx. Unit, pF. 
The internal capacitance between the plate and 
cathode of an electron tube. Also called OUTPUT 
CAPACITANCE. 

plate characteristic Foran electron tube, the fam- 
ily of plate current-vs-plate voltage curves for var- 
ious grid-bias voltages. 

plate circuit The external circuit associated with 
the plate of an electron tube. 

plate-circuit relay A direct-current relay operated 
in series with the plate of an electron tube. 

plate conductance Symbol, gp. Unit, siemens. 
Conductance of the internal plate circuit of an 
electron tube. The value of static gp is equal to the 
plate current divided by the plate voltage (Ip/Ep). 
The value of dynamic gp is equal to the derivative 
of the static gp: dip/dgp. Plate conductance is the 
reciprocal of PLATE RESISTANCE. 

plate current Symbol, Ip. Direct current flowing in 
the plate circuit of an electron tube. 

plate-current shift A change in the plate current 
of a radio-frequency power amplifier during am- 
plitude modulation. The action discloses faulty 
operation because the average plate current 
should remain constant during modulation. 

plate dissipation Abbreviation, PD. Unit, watt. 
Power expended in the plate of an electron tube. 
For an unloaded tube, PD = Eplp, where Ep is the 
direct-current (dc) plate voltage in volts, and Ip is 
the de plate current in amperes. For a loaded 
tube, PD = P, - P;, where P, is the alternating- 
current (ac) power output of an amplifier or 
oscillator in which the tube operates, and P; is the 
dc plate power input. 

plated magnetic wire A wire with a ferromagnetic 
outer coating on a core that is not magnetic. 
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plated-wire memory See WIRE MEMORY. 

plate-grid capacitance Symbol, Cpg or Cgp. Unit, 
pF. The internal capacitance between the plate 
and control grid of an electron tube. Also called 
INTERELECTRODE CAPACITANCE and FEED- 
BACK CAPACITANCE. 

plate load The power-consuming load into which 
the plate circuit of an electron tube operates. In 
an intermediate stage of a multistage amplifier, 
this load is the grid circuit of the following tube. 

plate load impedance Symbol, Zp. Unit, ohm. Ina 
tube circuit, the (output) impedance that is ac- 
connected between the plate and ground, or dc- 
connected between the plate electrode and dc 
plate power supply. 

plate meter A direct-current ammeter or mil- 
liammeter that indicates the plate current of an 
electron tube. 

plate modulation A method of AMPLITUDE MOD- 
ULATION in which a modulating voltage is super- 
imposed on the direct-current plate voltage of a 
higher-frequency amplifier or oscillator. 

platen The “roller” in a teletypewriter or impact 
printer. It supports the paper against impact by 
the print head; it also helps to move the paper 
through the machine. 

plate-neutralized amplifier A vacuum-tube radio- 
frequency power amplifier in which a neutralizing 
capacitor is connected between the control grid 
and the free end of a center-tapped plate-tank 
coil. 

plate power Symbol, Pp. Unit, watt. Power in the 
plate circuit of an electron tube; Pp = Eplp, where 
Ep is the plate voltage in volts and Ip is the plate 
current in amperes. 

plate power input See PLATE POWER. 

plate power output The output signal power deliv- 
ered by the plate circuit of an electron tube. Com- 
pare PLATE POWER INPUT. 

plate power supply The (usually direct current) 
power supply that furnishes energy to the plate of 
an electron tube. 

plate pulse modulation A method of obtaining 
pulse modulation by injecting high-voltage pulses 
into the plate circuit of a vacuum-tube amplifier. 

plate relay A relay operated in series with the plate 
of an electron tube. 

plate resistance Symbol, rp. Unit, ohm. Resistance 
of the internal plate circuit of an electron tube. 
The static value of rp is equal to Ep/Ip, where Ep is 
the plate voltage in volts, and Ip is the plate cur- 
rent in amperes. The dynamic value is dEp/dIp. 

plate saturation In an electron tube, the point at 
which, while plate voltage is increasing, the plate 
attracts all the electrons emitted by the cathode 
(i.e., the point beyond which no further signifi- 
cant increase in plate current results from a fur- 
ther increase in plate voltage). 

plate-screen capacitance Symbol, Cps. Unit, pF. 
The internal capacitance between the plate and 
screen grid of an electron tube. 
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plate-screen modulation A method of AMPLI- 
TUDE MODULATION in which the modulating 
voltage is superimposed simultaneously on the 
direct-current plate and screen voltages of a 
higher-frequency amplifier or oscillator. 

plate series compensation In an audio amplifier, 
the use of a plate decoupling circuit to obtain a 
fixed amount of bass boost. 

plate shunt compensation The addition of a net- 
work to the plate-output circuit of a tube to boost 
the bass response of an amplifier. 

plate spacing 1. The distance between plates in a 
fixed capacitor. This dimension is usually the 
same as dielectric thickness. 2. The distance be- 
tween plates in a variable capacitor. Also called 


capacitor air gap. 
va ya Plate 
Dielectric 
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plate supply voltage Symbol, Ess. The output volt- 
age of a plate power supply. 

plate tank A _ resonant inductance-capacitance 
(LC) circuit operated from the plate of an electron 
tube. 

plate tank capacitance The capacitance required 
to tune a PLATE TANK to resonance. 

plate tank inductance The inductance of the coil 
in a PLATE TANK. 

plate tank Q Figure of merit (see Q) of a plate tank, 
a function of the load resistance and the tank in- 
ductance-to-capacitance (L/C) ratio. 

plate tank voltage The audio-frequency or radio- 
frequency voltage developed across the plate tank 
of an electron-tube circuit. 

plate tuning Tuning an electron-tube circuit by 
varying the capacitance, inductance, or both in 
the plate tank. 

plate tuning capacitance See PLATE TANK CA- 
PACITANCE. 

plate tuning inductance See PLATE TANK IN- 
DUCTANCE. 

plate-type capacitor A capacitor having flat metal 
plates, rather than concentric cylinders, a cylin- 
der and rod, etc. 
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plate voltage Symbol, Ep. The direct-current volt- 
age applied to the plate of an electron tube. 

plate winding 1. An inductor connected in series 
between the plate of a vacuum tube and the pos- 
itive power-supply voltage. 2. The primary wind- 
ing of a plate-circuit output transformer. 

platiniridium A natural alloy of PLATINUM and 
IRIDIUM. 

platinotron A form of traveling-wave vacuum tube 
used as an amplifier at ultra-high and microwave 
frequencies. There are two output connections. 

platinum Symbol, Pt. A precious metallic ele- 
ment. Atomic number, 78. Atomic weight, 
195.08. It is sometimes used for plating of relay 
and switch contacts, and for certain parts of 
vacuum tubes. 

platinum metals The rare metals IRIDIUM, OS- 
MIUM, PALLADIUM, PLATINUM, RHODIUM, and 
RUTHENIUM. They do not react readily with 
other elements. 

platinum-tellurium thermocouple A thermocou- 
ple using the junction between platinum and tel- 
lurium wires; it is used in thermocouple-type 
meters. 

platter 1. One of the individual disks in a com- 
puter HARD DISK drive. 2. The rotating turntable 
in a PHONOGRAPH. 

playback The reproduction of recorded material in 
audio-tape, audio-disc, video-tape, or video-disc 
systems. 

playback computer system A personal computer 
and associated peripherals, equipped for repro- 
ducing multimedia that has been recorded on 
CD-ROM. 

playback head Ina magnetic recorder/reproducer, 
the head that picks up the signal from the tape or 
disc for reproduction. Also called read head and 
play head. 

playback loss In disc recording, the difference (at a 
particular point on the disc) between the recorded 
level and the reproduced level. 

player A semiconductor layer that is doped to pro- 
vide current carriers that are predominantly 
holes. Compare N LAYER. 

player A device or system that reproduces (plays 
back) data from a tape or disc, but cannot be 
used to record data onto the tape or disc. 

play head See PLAYBACK HEAD. 

playthrough The condition in which an amplifier 
delivers a small output signal when the gain con- 
trol is set to zero. 

PLC Abbreviation of POWER-LINE COMMUNICA- 
TION. 

PLCC Abbreviation of PLASTIC-LEADED CHIP 
CARRIER. 

plethysmograph A medical-electronic device that 
allows the monitoring of the amount of blood in 
different parts of the body. 

PLL Abbreviation of PHASE-LOCKED LOOP. 

PLM Abbreviation of pulse-length modulation (see 
PULSE-DURATION MODULATION). 
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PLO Abbreviation of PHASE-LOCKED OSCILLA- 
TOR. 

plot 1. A curve depicting the variations of one 
quantity, with respect to another. 2. To generate, 
print, or display a curve of the type defined in 1. 

plotter A machine that plots (see PLOT, 2) auto- 
matically, often by the direction of a computer. 

PL tone encoder An audio oscillator and modula- 
tor that cause a subaudible-tone modulation of a 
signal for use in restricted communications sys- 
tems. 

plug A usually male quick-connect device that can 
be inserted into a JACK to make a circuit connec- 
tion, or be pulled out of the jack to break the con- 
nection. See, for example, MALE PLUG, PHONE 
PLUG, POWER PLUG, and POLARIZED POWER 
PLUG. 

plug-and-jack connection A connection made by 
inserting a PLUG into a JACK. 

plug fuse A fuse provided with an Edison base for 
screwing into a socket. 

pluggable Capable of being completely removed 
from the rest of the system without the need for 
removing any wiring. Pluggable components and 
circuit boards simplify the servicing of electronic 
equipment. 

plug-in See PLUG-IN COMPONENT and PLUG-IN 
UNIT. 

plug-in capacitor A capacitor with pins or ferrules 
that can be quickly inserted into, or removed 
from, a socket. 

plug-in coil A coil wound on a form having pins 
that can be quickly inserted into, or removed 
from, a socket. 

plug-in coil form An insulating form with base 
pins that mate with socket terminals so that a 
coil wound on the form can be quickly inserted 
into, or removed from, a circuit. 

plug-in component A component or module, such 
as a transistor, capacitor, coil, lamp, etc., pro- 
vided with pins, clips, or contacts for easy inser- 
tion into, or removal from, a circuit. See, for 
example, PLUG-IN CAPACITOR, PLUG-IN COIL, 
PLUG-IN FUSE, PLUG-IN LAMP, PLUG-IN ME- 
TER, PLUG-IN RESISTOR, PLUG-IN TRANS- 
FORMER, and PLUG-IN UNIT. 

plug-in fuse A cartridge fuse having a metal ferrule 
on each end for insertion into a matching clip for 
easy installation and removal. 


Ce 


plug-in fuse 


plug-in lamp A lamp with base pins for quick in- 
sertion into, or removal from, a socket. 

plug-in meter A meter with pins or banana plugs for 
quick insertion into, or removal from, a circuit. 
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plug-in resistor A resistor with pins or ferrules for 
quick insertion into, or removal from, a socket. 

plug-in transformer A small transformer with pins 
for quick insertion into, or removal from, a 
socket. 

plug-in unit A unit, such as a tuned circuit, ampli- 
fier, or meter, that has pins or contacts for easy 
insertion into, or removal from, a larger piece of 
equipment. 

plumber’s delight An antenna whose construc- 
tion, including that of the mast, is entirely of 
metal rods or tubing, with no insulating parts. 
Short circuits and grounds are prevented by 
making all attachments and joints at points that 
are at zero voltage, with respect to the standing- 
wave pattern. 

Plumbicon A television camera tube, similar to the 
VIDICON, with a lead-oxide target. It is noted for 
high sensitivity. The image lag time is shorter 
than in the conventional vidicon. 

plumbing Collectively, the waveguides, tees, el- 
bows, and similar pipelike devices and fixtures 
used in microwave setups. 

plunger-type meter A meter in which an iron or 
steel plunger is pulled into a coil by the mag- 
netism produced by a current flowing in the coil. 
The plunger is attached to a pointer that moves 
over the scale. 

plutonium Symbol, Pu. A radioactive metallic ele- 
ment that is artificially produced. Atomic num- 
ber, 94. Atomic weight, approximately 244. 

PM 1. Abbreviation of PERMANENT MAGNET. 
2. Abbreviation of PULSE(D) MODULATOR. 
3. Abbreviation of post meridian. 4. Abbreviation 
of PHASE MODULATION. 

Pm_ 1. Symbol for PROMETHIUM. 2. Abbreviation 
of PETAMETER. 

Pm_ Symbol for MAXIMUM POWER. 

PME Abbreviation of photomagnetoelectric. 

PMG Abbreviation of PERMANENT-MAGNET GEN- 
ERATOR. 

PMM Abbreviation of 
MAGNETIZER. 

PMOS Abbreviation of PPCHANNEL METAL-OXIDE 
SEMICONDUCTOR. 

PMU Abbreviation of portable memory unit. 

PN 1. Abbreviation of POLISH NOTATION. 2. Ab- 
breviation of POSITIVE-NEGATIVE (often lower- 
case). 

pn Abbreviation of POSITIVE-NEGATIVE. 

pn boundary See PN JUNCTION. 

pnip transistor A junction transistor having an in- 
trinsic layer between an n-type semiconductor 
base and one of the p-type semiconductor layers. 

pneumatic computer A computer that uses fluid 
logic [i.e., one in which information is stored and 
transferred by the flow of a fluid (gas or liquid) 
and pressure variations therein]. 

pn junction The boundary between p-type and n- 
type semiconductor materials in a single block or 
wafer of the materials. The junction cannot be 


PERMANENT-MAGNET 
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duplicated by merely touching two pieces of ma- 
terial (one n-type and one p-type) together, how- 
ever smooth their mating faces. 

pn-junction diode A diode consisting of the junc- 
tion between p-type and n-type regions in the 
same wafer of semiconductor material. 

PNM Abbreviation of PULSE-NUMBERS MODULA- 
TION. 

pnpn device See NPNP DEVICE. 

pnp transistor A bipolar junction transistor in 
which the emitter and collector layers are p-type 
semiconductor material, and the base layer is 
n-type semiconductor material. Compare NPN 
TRANSISTOR. 

Po Symbol for POLONIUM. 

Po Symbol for OUTPUT POWER or POWER OUT- 
PUT. 

POGO Abbreviation of polar orbiting geophysical 
observatory. 

point 1. A dot indicating the place of separation 
between the integral and fractional parts of a 
number (e.g., decimal point). Also called RADIX 
POINT. 2. A precisely defined location in three- 
dimensional space that has theoretically zero 
length, zero width, and zero depth (e.g., focal 
point). 3. The place on a graph in any number of 
dimensions, at which two or more curves or coor- 
dinates intersect. 4. A set of operating conditions 
for a component, device, or system (e.g., cutoff 
point, operating point). 5. A defined condition at 
which some specific physical phenomenon occurs 
(e.g., melting point). 

point charge An electric charge imagined to oc- 
cupy a single point in space; thus, it has neither 
area nor volume. 

point contact The point at which the sharply 
pointed tip of a wire or rod conductor touches a 
second conductor (e.g., the contact between a 
“cat whisker” and a semiconductor wafer). 

point-contact diode A semiconductor diode hav- 
ing a fine wire (“cat whisker”), whose point is in 
permanent contact with the surface of a wafer of 
semiconductor material, such as germanium or 
silicon. 

point-contact junction The pn junction electro- 
formed under the point at which the “cat 
whisker” touches the semiconductor wafer in a 
point-contact diode or transistor. 

point-contact transistor A transistor having two 
fine wires (“cat whiskers”) that serve as the emitter 
and collector electrodes. The pointed tips of the 
wires are nearly in contact with (a few mils apart 
from) the surface of a wafer of semiconductor ma- 
terial, such as germanium. The semiconductor 
serves as the base electrode. This device was a pre- 
decessor of the JUNCTION TRANSISTOR. 

point counter A Geiger counter tube in which the 
central electrode is a pointed, fine wire. Also see 
PROPORTIONAL COUNTER. 

point defect 1. In a semiconductor substance or 
piezoelectric crystal, the absence of an atom from 
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its place in the lattice structure. 2. The presence 
of an extra atom in the lattice structure. 

point effect The tendency of an electrical dis- 
charge to occur more readily at a sharp point 
than at a blunt surface (as of an electrode). 

pointer A pointed blade, stiff wire, or inscribed line 
on a transparent blade; it moves over a scale to 
indicate a setting or the value of a quantity. Also 
called NEEDLE. 

pointer-type meter An analog meter in which a 
pointer moves over a calibrated scale. 

point impedance 1. The impedance observed at a 
given point in a circuit. 2. In a transmission line, 
the intensity of the electric field divided by the in- 
tensity of the magnetic field at a given point. 

points of saturation For a magnetic core, satura- 
tion as evidenced by a leveling-off of the positive 
and negative halves of the magnetization curve. 

point source A source from which electromagnetic 
radiation emanates, and that appears as a geo- 
metric point from a great distance. 

point mode Descriptive of cathode-ray-tube dis- 
play operation (in a computer system), in which 
data is portrayed as plotted dots. 

point-to-point communication Communication 
between two stations whose location can be pre- 
cisely specified. 

point-to-point motion A method of robot arm 
movement in which the device can attain only 
certain positions. The coordinates of each stop- 
ping point are stored in the robot controller (com- 
puter) memory. 

point-to-point station A radio station that pro- 
vides POINT-TO-POINT COMMUNICATION. 

point-to-point wiring A method of wiring an elec- 
tronic circuit in which wires are run directly be- 
tween the terminals or components, usually by 
the shortest practicable route. It is used mainly 
in high-voltage circuits, such as power amplifiers. 
Compare CABLED WIRING. 

poise The cgs unit of absolute viscosity; 1 poise is 
the absolute viscosity of a fluid that requires a 
shearing force of 1 dyne to move a 1-sq-cm area 
of one of two parallel layers of the fluid (1 cm 
apart) with a velocity of 1 cm per second, with re- 
spect to the other layer. The comparable SI unit is 
the newton-second per meter squared (N-s/m/?); 
1 poise = 0.1 N-s/m?. 

polar axis 1. In a crystal, the axis of rotation not 
perpendicular to a reflection plane. 2. The 
straight line connecting epicenters of electric, 
magnetic, or gravitational poles in a system. 
3. The axis about which the earth or another 
planet rotates. 

polar coordinate conversion See POLAR COOR- 
DINATE TRANSFORMATION. 

polar-coordinate geometry A_ two-dimensional 
system for movement of industrial-robot arms. It 
is based on a system of POLAR COORDINATES, 
in which a radius and a direction angle are as- 
signed to each point in the working plane. 
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polar coordinates The magnitude and direction of 
a vector in a defined plane, listed as a radius 
(magnitude) in combination with an angle (direc- 
tion) between the vector and the polar axis. 


(7,8) 


Origin: r=0 





polar coordinates 


polarimeter An instrument for measuring the 
amount of polarized light in a ray that is only par- 
tially polarized. 

polariscope An instrument used in the observation 
or testing of materials under POLARIZED LIGHT. 

polarity 1. The condition of being electrically posi- 
tive or negative. 2. The condition of being mag- 
netically north or south. 3. The orientation of the 
positive and negative poles in a battery or power 
supply relative to a circuit. 4. The orientation of a 
magnetic field, relative to the surrounding envi- 
ronment. 

polarity blanking See POLARITY INHIBIT. 

polarity inhibit In some instruments, especially 
those having automatic polarity, the automatic 
blanking of the polarity sign. 

polarity-sensitive relay A direct-current relay ac- 
tuated only when coil current flows in one direc- 
tion. One of the simplest versions is a relay 
having a semiconductor diode connected in series 
with its coil. 

polarity shifter A potentiometer connected to two 
direct-current sources so that a pair of output 
terminals has plus and minus polarities at one 
extreme of potentiometer adjustment, and minus 
and plus at the other extreme. At the center of the 
range, the output voltage is zero. 

polarity switch A  double-pole, double-throw 
switch connected between a pair of direct-current 
input terminals so that the polarity of a pair of 
output terminals can be interchanged. 

polarization 1. In a radio wave, the orientation of 
the electric lines of flux, with respect to the sur- 
rounding environment (e.g., horizontal polariza- 
tion and vertical polarization). 2. The disabling of 
a battery cell by the formation of insulating gas 
on one of the plates. 3. The condition in which 
transverse waves of light are confined to a specific 
(e.g., horizontal or vertical) plane. 


—P— 


542 polarization diversity ¢ polarizing filter 


polarization diversity A form of reception in 
which two separate receivers, tuned to the same 
signal, are connected to independent antennas. 
One antenna is vertically polarized and the other 
is horizontally polarized. The result is a reduction 
in fading caused by ionospheric effects on the po- 
larization of the incoming signal. 


Both antennas 
at least A/2 apart 







Horizontal antenna 


polarization diversity 


polarization error In the operation of a loop an- 
tenna (e.g., that of a direction finder), null error 
caused by waves arriving with polarization oppo- 
site that of the loop (thus, vertically polarized 
waves at a horizontal-plane loop, and vice versa). 

polarization fading In radio reception, a form of 
fading that results from changes in the polariza- 
tion of the arriving signal with respect to the re- 
ceiving antenna. When the polarization of the 
arriving signal coincides with that of the receiving 
antenna, the received signal strength is maxi- 
mum. When the received-signal polarization is at 
right angles to the receiving antenna, the signal 
strength is minimum. 

polarization modulation A method of impressing 
information on a signal by changing the polariza- 
tion of the radiated electromagnetic field. 

polarization selectivity For a photoemissive sur- 
face, the condition in which the ratio of photocur- 
rents for two different angles of plane polarization 
of the light incident to the surface differs from the 
ratio of the corresponding amounts of light 
absorbed by the surface. Also see PHOTO- 
EMISSION; PHOTOEMISSIVE MATERIAL; and 
POLARIZATION, 3. 

polarized capacitor A conventional electrolytic ca- 
pacitor, so called because one particular terminal 
must be connected to the more positive of the two 
connection points. Compare NONPOLARIZED 
ELECTROLYTIC CAPACITOR. 

polarized light Visible light waves whose electric 
lines of flux are confined more or less to a single 
plane. This effect can be obtained via filtering; it 
also occurs naturally under certain conditions. 
Scattered sunlight is polarized to some extent by 
the atmosphere. Light is polarized to some extent 
when it reflects from a plane surface. Also see PO- 
LARIZING FILTER. 
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polarized plug A plug that can be inserted into a 
socket or receptacle in only one way to ensure 
safe and foolproof operation. 


Larger pin 
is ground 


polarized plug 


polarized power plug A polarized plug for connec- 
tion of equipment to an alternating-current utility 
power source. 

polarized reactor A saturable reactor in which the 
lines of flux produced in the three-leg core by the 
coils on the two outer legs are added in the center 
leg. Consequently, the flux can reinforce or op- 
pose the controlling current in the coil on the 
center leg, depending on the direction of the cur- 
rent. Compare NONPOLARIZED REACTOR. 

polarized receptacle A receptacle constructed so 
that it can receive a plug in only one way, thus 
preventing incorrect connections. 


Larger pin 
socket is 
ground 


polarized receptacle 


polarized relay A relay actuated by one polarity of 
direct current, or by one particular phase of al- 
ternating current. Such a relay sometimes con- 
tains an armature-centering permanent magnet. 

polarized socket See POLARIZED RECEPTACLE. 

polarized X rays X-ray waves whose electric lines 
of flux are more or less oriented in a specific 
plane, as when they are scattered by carbon 
blocks. See, for illustration, POLARIZATION, 3 
and POLARIZED LIGHT. 

polarizing filter A light filter that consists essen- 
tially of microscopic heraphathite plastic plate. 
The plate can be rotated to cause light passing 
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through it to be polarized in any particular plane 
between horizontal and vertical, depending on 
the degree of rotation. Also see POLARIZED 
LIGHT. 

polarography In chemistry, a form of qualitative or 
quantitative analysis utilizing IE curves obtained 
when the voltage is gradually increased across a 
solution in ELECTROLYSIS. 

polar orbit An orbit that carries a satellite over the 
geographic polar regions of the earth. This type of 
orbit is oriented at, or nearly at, 90 degrees with 
respect to the equator, and can have a period 
ranging from about 90 minutes to several weeks 
or even months. Low-earth-orbit (LEO) satellites 
generally have such orbits. 


Satellite 
/ orbit 


Earth 








Equator 


polar orbit 


polar-orbiting satellite Any satellite in a POLAR 
ORBIT. 

polar planimeter See PLANIMETER. 

polar relay See POLARIZED RELAY. 

polar response The horizontal-plane directional 
response of an antenna or other transducer. 

pole 1. An extremity or terminus that possesses 
POLARITY. Examples: magnetic pole and electric 
pole. 2. The movable member of a switch. 3. One 
of the frequencies at which a transfer function 
becomes infinite. 

pole face The smooth end surface of a pole piece. 

pole piece 1. A section of specially shaped iron or 
steel that is attached to a magnetic core. 2. Half 
of a two-piece magnetic core that terminates in a 
pole. 
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pole shoe In an electric motor, the section of the 
field pole nearest the armature. 

poles of impedance For a reactive network, the 
frequencies at which the impedance is infinite. 
Compare ZEROS OF IMPEDANCE. 

poles of network function The values at which a 
network function is infinite. Compare ZEROS OF 
NETWORK FUNCTION. 

poles of transfer function The frequencies at 
which a transfer function becomes infinite. Com- 
pare ZEROS OF TRANSFER FUNCTION. 

police robot A proposed robotic machine, either 
autonomous or remotely controlled (teleoper- 
ated), that would be used to assist in law enforce- 
ment, particularly in dangerous operations. 

poling The deliberate adjustment of electromag- 
netic-field polarity. 

Polish notation In Boolean algebra, a form of no- 
tation wherein the variables in a statement are 
preceded by the operators. 

polling In data transmission, a technique in which 
channels being shared by more than one termi- 
nal are tested to find one over which data is 
coming in, or to ascertain which is free for 
transmission. 

polonium Symbol, Po. A radioactive metallic ele- 
ment. Atomic number, 84. Atomic weight, ap- 
proximately 209. 

polychromatic radiation 1. Visible-light radiation 
having more than one wavelength; in particular, 
covering a broad range of wavelengths. 2. Elec- 
tromagnetic radiation over a broad band of wave- 


lengths. 
polycrystalline material A substance, such as a 
semiconductor, of which even a very small 


sample consists of a number of separate cry- 
stals bound tightly together. Compare SINGLE- 
CRYSTAL MATERIAL. 

polydirectional microphone See OMNIDIREC- 
TIONAL MICROPHONE. 

polyelectrolyte An ELECTROLYTE having high 
molecular weight. 

polyester A resin made by reacting a dihydroxy al- 
cohol with a dibasic acid. 

polyester backing A polyester tape on the surface 
of which iron oxide is deposited to yield a mag- 
netic recording tape. 

polyethylene A plastic insulating material. Dielec- 
tric constant, 2.2. Dielectric strength, 585 V/mil. 

polyethylene disc A phonograph disc made of 
polyethylene. 

polygonal coil A coil wound on a form having a 
polygonal, rather than circular cross section. 
Some polygonal forms have as many as 12 sides 
in cross section. 

polygraph An instrument for measuring and 
recording electrical signals proportional to blood 
pressure, skin resistance, breathing rate, and 
other reactions that vary under emotional stress. 
Also called LIE DETECTOR. Compare PATHOME- 
TER. 
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polymer A compound that is the product of poly- 
merization, resulting from the chemical union of 
monomers. Also see POLYMERIZE. 

polymerize To unite monomers or polymers of the 
same kind to form a molecule having a higher 
molecular weight. 

polyphase In alternating-current circuits, pertain- 
ing to the existence or generation of two or more 
specific electrical phases. Compare SINGLE 
PHASE. 

polyphase antenna An antenna consisting of two 
dipole radiators mounted perpendicular to each 
other at their midpoint and excited 90 degrees 
out of phase. The radiation pattern is approxi- 
mately circular in the plane of the elements. Also 
called TURNSTILE ANTENNA. 


90° Phase shift 


polyphase antenna 


polyphase generator 1. A dynamo-type generator 
of polyphase power (two-phase, three-phase, 
etc.). 2. See POLYPHASE OSCILLATOR. 

polyphase oscillator An oscillator circuit that gen- 
erates polyphase alternating current. The circuit 
contains separate oscillators for each phase. A 
three-phase circuit, for example, has three sym- 
metrical oscillators with matched inductance and 
capacitance values. 

polyphase power 1. The total dissipated power in 
a polyphase alternating-current circuit. 2. Poly- 
phase alternating current provided for utility pur- 
poses. 

polyphase rectifier A rectifier of polyphase alter- 
nating current generally obtained from a three- 
phase power line through a transformer. The 
several common circuits usually contain a diode 
for each phase. Such rectifiers offer the advan- 
tage of higher ripple frequency than is obtainable 
by single-phase operation. For a three-phase rec- 
tifier, for example, the ripple frequency is three 
times the line frequency; for a six-phase rectifier, 
it is six times the line frequency. 

polyphase system An alternating-current circuit 
in which voltages or currents are normally out of 
phase with each other by some fixed amount. Fa- 
miliar types are two-phase and three-phase. 

polyphase transformer An _  alternating-current 
transformer specifically designed for use in cir- 
cuits that have two or more simultaneous current 
phases. 
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polypropylene A plastic material commonly used 
as an electrical insulator. Dielectric constant, 
2.0. Dielectric strength, 600 V/mil. 

polyrod antenna A tapered dielectric antenna, 
usually made of polystyrene, for directional mi- 
crowave transmission. 

polysilicon A polycrystalline form of silicon (see 
POLYCRYSTALLINE MATERIAL). 

polystyrene A clear, colorless thermosetting-type 
plastic. It is widely used as an insulating material 
in radio-frequency circuits and, to some extent, 
as a dielectric film in fixed capacitors. Dielectric 
constant, 2.4 to 2.9. Dielectric strength, 20 to 28 
kV/mm. 

polystyrene capacitor A high-Q capacitor in 
which the dielectric film is polystyrene. 

polyvinyl chloride Abbreviation, PVC. A plastic 
insulating material. Dielectric constant, 3.6 to 
4.0. Dielectric strength, 800 V/mil. 

pool cathode In an industrial electron tube, a 
cathode consisting of a pool of mercury. 

pool-cathode tube An industrial electron tube us- 
ing a pool cathode. Examples: excitron, ignitron, 
and mercury-arc rectifier. 

popcorn noise A temperature-dependent, random- 
shot electrical noise. In a radio receiver or audio 
circuit, this noise resembles the sound of popping 
corn. It occurs in some operational amplifiers. 

population In statistical analysis, the total group 
of items, quantities, or values under considera- 
tion. Sometimes called universe. 

porcelain A hard, white, usually glazed ceramic 
used as a dielectric and insulant. Dielectric con- 
stant, 6 to 7.5. Dielectric strength, 40 to 100 
V/mil. Also called china. 

porcelain capacitor A ceramic-dielectric capacitor 
in which the dielectric is composed of porcelain or 
a related substance. 

porcelain insulator An electric insulator fabri- 
cated from porcelain. 

porch See BACK PORCH and FRONT PORCH. 

port 1. In a circuit, device, or system, a point at 
which energy or signals can be introduced or ex- 
tracted in a particular manner (e.g., two-port cir- 
culator and I/O port). 2. An aperture in a 
loudspeaker enclosure. 

portable-mobile station See MOBILE STATION. 

portable station A communications station that 
can be carried from one location to another. A 
portable station differs from a mobile station in 
that a portable station does not usually operate 
while in motion, whereas a mobile station does. 

ported reflex enclosure A loudspeaker cabinet 
with openings that facilitate bass (low-frequency) 
sound reproduction. 

pos 1. Abbreviation of POSITIVE. 2. Abbreviation 
of POSITION. 

position 1. The location of a point or object with re- 
spect to one or more (usually fixed) references. 
2. The setting of an adjustable device, such as a 
potentiometer, rotary switch, or variable capacitor. 
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positional notation A method of representing 
numbers in which the number is indicated by the 
positions and value of the component digits. The 
decimal number system belongs in this category 
(e.g., the decimal number 1284.67 is equal to 1 x 
10°? +2 x 107+ 8x 10!+4x 10° +6x 10!+7x 
10°). 

positional number system See POSITIONAL NO- 
TATION. 

positional representation See POSITIONAL NO- 
TATION. 

position-control potentiometers In an _ oscillo- 
scope, potentiometers used to control the voltage 
applied to the horizontal and vertical deflecting 
plates to position the spot on the screen. Also see 
CENTERING CONTROL. 

position controls See POSITION-CONTROL PO- 
TENTIOMETERS. 

position feedback In a servo or other control sys- 
tem, feedback current, or voltage that is propor- 
tional to the position assumed by a member. 

position fixing The determination of a position 
from the intersection on a map of two lines derived 
from the direction-finding pickups of two trans- 
mitting stations. Also see DIRECTION FINDER. 

position indicator In a tape recorder, a counter 
whose numbered wheels revolve when the reels 
do, thus aiding in locating a desired spot on the 
tape. Also called tape counter. 

positioning circuit The circuit associated with a 
horizontal or vertical centering control (see CEN- 
TERING CONTROL). 

position sensing 1. In robotics and navigation 
systems, a method of determining location, rela- 
tive to the surrounding environment. 2. Any 
method via which a robot can accurately deter- 
mine the location(s) of its end effector(s). 

position sensor An electronic circuit that detects 
physical displacement, and transmits a signal 
proportional to the displacement. 

positioning control See CENTERING CONTROL. 

positive 1. Possessing positive (plus) direct- 
current electrical polarity. 2. Pertaining to real 
numbers greater than zero. 3. A photographic 
image whose shadings are the same as those in 
the scene. 

positive angle 1. In a system of rectangular coor- 
dinates, an angle in the first or second quadrant. 
2. In rectangular coordinates, an angle measured 
counterclockwise from the positive x-axis. 
Compare NEGATIVE ANGLE. 

positive bias A positive voltage or current applied 
continuously to an electrode of a device (as to a 
transistor base) to maintain the device’s operat- 
ing point. Compare NEGATIVE BIAS. 

positive bus See POSITIVE CONDUCTOR. 

positive charge An electrical charge characterized 
by having relatively fewer electrons than a nega- 
tive charge. Also see CHARGE, 1; ELECTRIC 
CHARGE; and UNIT ELECTROSTATIC CHARGE. 
Compare NEGATIVE CHARGE. 
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positive conductor The conductor or line con- 
nected to the positive terminal of a current, 
voltage, or power source. Compare NEGATIVE 
CONDUCTOR. 

positive electricity See POSITIVE CHARGE and 
POSITIVE ELECTRIFICATION. 

positive electrification Electrification character- 
ized by a deficiency of electrons. For example, 
when a glass rod is rubbed with a silk cloth, the 
rod becomes positively charged because electrons 
are rubbed off the glass onto the silk. Similarly, 
when an atom loses an electron, it becomes elec- 
trified positively because it has a deficiency of elec- 
trons. Compare NEGATIVE ELECTRIFICATION. 

positive electrode 1. An electrode connected to 
the positive terminal of a current, voltage, or 
power source. 2. The positive terminal of a cur- 
rent, voltage, or power source, such as a battery 
or generator. 

positive electron See POSITRON. 

positive element See POSITIVE ELECTRODE, 1. 

positive error of measurement An error of mea- 
surement in which the difference between a mea- 
sured value and the true or most probable value 
is positive. Compare NEGATIVE ERROR OF MEA- 
SUREMENT. 

positive exponent A positive superscript indicat- 
ing that a number (x is to be raised to the posi- 
tive nth power. Thus, in the expression xn, the 
value of nis greater than zero. Compare NEGA- 
TIVE EXPONENT. 

positive feedback Feedback that is in phase with 
an input signal. Also called REGENERATION and 
REGENERATIVE FEEDBACK. Compare NEGA- 
TIVE FEEDBACK. 


+V, 


Feedback _ 
resistor 






Input 
Output 


A 


positive function A function having the positive 
sign. In the rectangular coordinate system, the 
trigonometric sine function is positive in the first 
and second quadrants, the cosine in the first and 
fourth, and the tangent in the first and third. 
Compare NEGATIVE FUNCTION. 

positive ghost Ina television picture, a ghost with 
positive shading (see POSITIVE, 3). Also see 
GHOST. 


positive feedback 


—P— 


546 _ positive-going * positive resistor 


positive-going Pertaining to a signal whose value 
is changing in a positive direction. This is not re- 
stricted to signals of actual positive polarity; a 
decreasing negative voltage, for example, is 
positive-going as it falls in the direction of zero— 
even if it never crosses the zero line. 

positive grid In an electron tube, a control grid 
whose bias or signal voltage is positive, with re- 
spect to the cathode. 

positive-grid oscillator A microwave oscillator cir- 
cuit in which the control grid of a triode tube is 
operated at a positive direct-current potential, 
and the plate at a negative potential. Electrons 
move back and forth between cathode and plate, 
through the grid, and thus give rise to an oscillat- 
ing current. 

positive ground A direct-current electrical system 
in which the positive power-supply terminal is 
connected to the common ground. It is not gener- 
ally used in North America. 

positive half-alternation See POSITIVE HALF- 
CYCLE. 

positive half-cycle That half of an alternating- 
current cycle in which the current or voltage in- 
creases from zero to maximum positive and re- 
turns to zero. 

positive image 1. A picture in which the blacks, 
whites, and grays correspond to those in the actual 
scene (see POSITIVE, 3). 2. A normal television pic- 
ture (i.e., one that has the shading described in 1). 

positive ion An atom that has a deficiency of elec- 
trons and, consequently, exhibits a net positive 
charge. Also called CATION. 

positive lead See POSITIVE CONDUCTOR. 

positive light modulation In television transmis- 
sion, the condition in which transmitted power 
increases as the light intensity increases. Com- 
pare NEGATIVE LIGHT MODULATION. 

positive line See POSITIVE CONDUCTOR. 

positive logic 1. Binary logic in which a low posi- 
tive state represents logic 0, and a high positive 
state represents logic 1. 2. Binary logic in which 
a high negative state represents logic 0, and a low 
negative state represents logic 1. Compare NEG- 
ATIVE LOGIC. 

positive magnetostriction A form of MAGNE- 
TOSTRICTION in which the physical size of a 
substance is directly proportional to the intensity 
of the surrounding magnetic field. 

positive measurement error See POSITIVE ER- 
ROR OF MEASUREMENT. 

positive modulation In amplitude-modulated 
television transmission, the increase in transmit- 
ted power when the brightness of the scene in- 
creases. Compare NEGATIVE MODULATION. 

positive modulation factor For an amplitude- 
modulated wave having unequal positive and 
negative peaks, a ratio expressing the maximum 
positive deviation (increase) from the average 
value of the envelope. Compare NEGATIVE MOD- 
ULATION FACTOR. 
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positive number A real number, whose value is 
greater than zero. Compare NEGATIVE NUMBER. 

positive peak The maximum amplitude of a posi- 
tive half-cycle or positive pulse. 

positive-peak clipper A peak clipper that levels off 
the positive half-cycle of an alternating-current 
wave to a predetermined level. 

positive-peak modulation Amplitude modulation 
of the positive peaks of a carrier wave. 

positive-peak voltmeter An electronic voltmeter 
for measuring the amplitude of the positive peak 
of an alternating-current (ac) wave. In its sim- 
plest form, it consists essentially of a direct- 
current (dc) microammeter with a diode oriented 
to pass the positive half-cycle. A series capacitor 
in the circuit is charged to approximately the 
peak value of the applied ac voltage. Compare 
NEGATIVE-PEAK VOLTMETER. 


Discharge 
switch 





positive-peak voltmeter 


positive phase-sequence relay A phase-sequence 
relay that responds to the positive phase se- 
quence in a polyphase circuit. Compare NEGA- 
TIVE PHASE-SEQUENCE RELAY. 

positive picture modulation See POSITIVE MOD- 
ULATION. 

positive picture phase In a television signal, the 
swinging of the picture-signal voltage from zero to 
positive, in response to an increase in brightness 
in the scene. Compare NEGATIVE PICTURE 
PHASE. 

positive plate 1. The positive member of an elec- 
trochemical cell or battery. Electrons flow to this 
plate from the negative plate, through the exter- 
nal circuit. 2. A vacuum-tube plate that is biased 
positively, as in a conventional tube circuit. 

positive pole See POSITIVE ELECTRODE, 1, 2. 

positive potential 1. The voltage at a positive elec- 
trode (with respect to the negative electrode). 
2. Voltage greater than that at ground as a refer- 
ence. 

positive power See POSITIVE EXPONENT. 

positive resistance Ohmic resistance (see OHMIC 
RESPONSE). Compare NEGATIVE RESISTANCE. 

positive resistor A resistor whose value does not 
change with current or voltage changes. Compare 
NEGATIVE RESISTOR. 
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positive temperature coefficient Abbreviation, 
PTC. A number expressing the amount by which a 
quantity (such as the value of a component) in- 
creases when temperature is increased. The coef- 
ficient is stated as a percentage of the rated value 
per degree, or in parts per million per degree. 
Compare NEGATIVE TEMPERATURE COEFFI- 
CIENT and ZERO TEMPERATURE COEFFICIENT. 

positive transmission In facsimile or television, a 
form of amplitude modulation in which the pic- 
ture brightness is directly proportional to the sig- 
nal strength at any given instant of time. 

positive valence The valence of a positive ion. 

positron A positively charged particle having the 
same mass as that of the electron, and the same 
magnitude of electric charge, but positive (instead 
of negative). Sometimes called positive electron. 

post See BINDING POST. 

post- Prefix meaning “following, 
or “behind.” 

post-accelerating electrode In a_ cathode-ray 
tube, the high-voltage electrode that produces 
POST-DEFLECTION ACCELERATION of the elec- 
tron beam. Also called INTENSIFIER ELEC- 
TRODE. 

postacceleration See POST-DEFLECTION ACCEL- 
ERATION. 

post-alloy-diffused transistor Abbreviation, 
PADT. A transistor in which electrodes are dif- 
fused into the semiconductor wafer after other 
electrodes have been alloyed. 

post-conversion bandwidth The bandwidth of a 
signal after it has been converted from one fre- 
quency to another. 

post-deflection accelerating electrode See 
POST-ACCELERATING ELECTRODE. 

post-deflection acceleration In a _ cathode-ray 
tube, the intensification of the electron beam 
following beam deflection. Also see POST- 
DEFLECTION CRT. 

post-deflection CRT An oscilloscope tube pro- 
vided with a high-voltage intensifier electrode in 
the form of a ring encircling the inside flare of the 
tube, between the deflecting plates and the 
screen. The deflected electron beam is acceler- 
ated by this electrode. This arrangement allows 
the beam to be deflected at low velocity and high 
sensitivity, then to be accelerated for a brighter 
image. 

post edit The editing of data in a computer output. 

postemphasis See DEEMPHASIS. 

post-equalization 1. In sound recording and re- 
production, equalization during playback. Com- 
pare PREEQUALIZATION. 2. See DEEMPHASIS. 

postmortem An investigation into the cause of 
failure of a circuit, device, or system. 

postmortem dump At the end of a computer pro- 
gram run, a dump to supply information for de- 
bugging purposes. 

post office box A type of wheatstone bridge that 
contains resistance coils in a special box. The 
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coils are connected so that they can be replaced 
by shorting connectors. 

pot 1. See POTENTIOMETER. 2. See DASHPOT. 
3. Abbreviation of POTENTIAL. 4. To encapsulate a 
circuit in a potting compound, such as epoxy resin. 

potassium Symbol, K. A metallic element of the al- 
kali-metal group. Atomic number, 19. Atomic 
weight, 39.098. 

potassium chloride Formula, KCl. A compound 
used as a phosphor coating on the screen of a 
nearly permanent-persistence cathode-ray tube. 
The fluorescence is magenta or white, as is the 
phosphorescence. 

potassium cyanide Formula, KCN. A highly toxic 
salt that is an electrolyte in some forms of elec- 
troplating. 

potassium dihydrogen phosphate Abbreviation, 
KDP. An inorganic ferroelectric material. 

pot core A magnetic core for a coil, made of ferrite 
or of powdered iron, consisting of a central rod, a 
surrounding potlike enclosure, and a lid. The rod 
passes through the center of the coil, and the pot 
and lid completely enclose the coil. This arrange- 
ment provides a completely closed magnetic cir- 
cuit and coil shield. 


Slot for coil 


Slot for 
coil 


Clamping 
bolt 


pot core 


potential See ELECTROMOTIVE FORCE. 

potential barrier The electric field produced on 
each side of a semiconductor junction by minor- 
ity carriers (i.e., by holes in the n-layer and elec- 
trons in the p-layer) that face each other across 
the junction, but cannot diffuse across the junc- 
tion and recombine. 

potential coil The shunt coil in a conventional 
wattmeter. 

potential difference See 
FORCE and VOLTAGE. 

potential divider See VOLTAGE DIVIDER. 

potential drop 1. A voltage difference between two 
points in a circuit. 2. The voltage across a resis- 
tor in a direct-current circuit. 

potential energy Energy resulting from the posi- 
tion of a body or particle (e.g., the energy stored 


ELECTROMOTIVE 
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in something lifted against gravity and held in its 
new position) or from the position of charges (e.g., 
the energy stored in a charged capacitor). Com- 
pare KINETIC ENERGY. 

potential gradient See VOLTAGE GRADIENT. 

potential profile A rectangular-coordinate display 
of the VOLTAGE GRADIENT across a body (e.g., 
the cross section of a transistor). 

potential transformer A small step-up trans- 
former for increasing the range of an alternating- 
current voltmeter. 

potentiometer 1. A variable resistor used as a volt- 
age divider. The input voltage is applied across the 
entire resistance element and the output voltage 
is taken from the wiper, relative to one end of the 
element. One end is usually grounded (at zero po- 
tential). 2. A null device whose operation is based 
on a variable resistor, and is used for precise volt- 
age measurements. The unknown voltage is ap- 
plied to the input of a variable resistor whose 
settings are known with great accuracy; the resis- 
tance is adjusted for an output voltage that ex- 
actly equals the voltage of a standard cell (as 
indicated by a null between the two voltages). The 
unknown voltage is then determined from the re- 
sistance and the standard-cell voltage. 

potentiometer noise In a current-carrying poten- 
tiometer, electrical noise generated when the 
wiper blade rubs against the resistance element, 
or by contact between the blade and element. 

potentiometric recorder A type of graphic 
recorder. It consists essentially of a resistance- 
calibrated potentiometer, a standard cell, and a 
galvanometer. When an unknown voltage (E,) is 
applied to the input terminals of the potentiome- 
ter and the potentiometer is set for null, E, = Es, 
(R2/Rj), where Es is the voltage of the standard 
cell, R1 is the input resistance of the potentiome- 
ter, and R2 is the output resistance of the poten- 
tiometer. 

Potier diagram An illustration of the phase rela- 
tionship between current and voltage in an alter- 
nating-current circuit that contains reactance. 

POTS Acronym for plain old telephone service, 
meaning basic service without optional features 
(such as call waiting, conference calling, call for- 
warding, etc.). 

potted circuit A circuit embedded in plastic or 
wax to protect it against the environment, and/or 
to minimize the effects of physical vibration (see 
POTTING). 

potted component An electronic part embedded 
in a suitable plastic or wax to protect it against 
the environment, and/or to minimize the effects 
of physical vibration (see POTTING). 

potting A process of embedding a component or 
circuit in a solid mass of plastic or wax held in a 
container. The process is similar to encapsula- 
tion, except that in potting, the container (enve- 
lope) remains as part of the assembly. Compare 
ENCAPSULATION. 
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potting material A substance, such as a resin or 
wax, used for potting electronic gear. Also called 
potting compound. 

pound 1. Abbreviations, lb, p. A unit of weight 
equal to 16 avoirdupois ounces. 2. Abbreviation, 
Ibf. A unit of force approximately equal to 4.448 
newtons. 3. Abbreviation, lbm. A unit of mass ap- 
proximately equal to 0.4536 kilogram. 

poundal A unit of force equal to approximately 
13825.5 dynes or 0.138255 newton. One poundal 
is the force that, when acting for one second, will 
impart a speed of one foot per second to a one- 
pound mass. 

pound-foot Abbreviation, lb-ft. A unit of torque 
equal to the product of a force of one pound and 
a moment arm of one foot. Compare OUNCE- 
INCH. 

pounds per square inch absolute Abbreviation, 
psia. Absolute pressure (i.e., the sum of atmo- 
spheric pressure and the pressure indicated by a 
gauge). Compare POUNDS PER SQUARE INCH 
GAUGE. 

pounds per square inch gauge Abbreviation, 
PSIG. The value of pressure indicated by a gauge, 
without correction for atmospheric pressure. 
Compare POUNDS PER SQUARE INCH ABSO- 
LUTE. 

powdered-iron core A magnetic core consisting of 
minute particles of iron, each coated with a film 
to insulate it from others, molded into a solid 
mass. Because of its low eddy-current loss, this 
type of core is usable in radio-frequency trans- 
formers and coils, where it increases the induc- 
tance of the winding. 

power 1. Symbol, P. Unit, watt. The rate of doing 
work, or producing or transmitting energy. In 
direct-current circuits, and in alternating-current 
circuits containing no reactance, power is the 
product of the root-mean-square current and 
voltage. See, for example, AC POWER, APPARENT 
POWER, DC POWER, KILOVOLT-AMPERE, 
POWER FACTOR, REACTIVE  KILOVOLT- 
AMPERE, REACTIVE VOLT-AMPERE, TRUE 
POWER, VOLT-AMPERE, WATT, and WATTLESS 
POWER. 2. The product obtained by multiplying 
a quantity x by itself n times, written xn. For ex- 
ample, 24 = 2x 2x2 x2 = 8; here, 8 is the fourth 
power of 2. Compare ROOT, 1. 3. The exponent in 
an expression, as defined in 2. 

power amplification 1. The amplification of a sig- 
nal having a certain power (wattage) to produce a 
signal having greater power. 2. The signal power 
increase, expressed as a ratio or as a figure in 
decibels, resulting from the process defined in 1. 
Also called POWER GAIN. 

power amplification ratio See POWER AMPLIFI- 
CATION, 2 and POWER GAIN. 

power amplifier An amplifier that delivers useful 
amounts of power to a load, such as one or more 
speakers. Compare CURRENT AMPLIFIER and 
VOLTAGE AMPLIFIER. 
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power-amplifier device A high-current tube or 
transistor designed especially for high power 
output. Such a device does not always provide 
significant voltage amplification, but always pro- 
vides power amplification. Compare VOLTAGE- 
AMPLIFIER DEVICE. 

power at peak torque Symbol, Pp. For a torque 
motor, the input power in watts needed for peak 
torque at stall at a winding temperature of 25 de- 
grees Celsius. 

power attenuation 1. A reduction of power level. 
2. See POWER LOSS. 

power bandwidth For a high-fidelity audio ampli- 
fier, the difference between the maximum and 
minimum frequencies at which the amplifier can 
produce at least 50 percent of its maximum 
power output, with less than a certain amount of 
total harmonic distortion (usually 10 percent). 

power blackout A situation in which all electric 
power is lost to utility subscribers in a defined re- 
gion. 

power consumption 1. For a direct-current de- 
vice, the normal operating voltage multiplied by 
the normal drawn current. 2. For an alternating- 
current circuit, the root-mean-square voltage 
multiplied by the root-mean-square current. 

power control The adjustment of the output volt- 
age of a power supply, usually by means of a vari- 
able autotransformer, silicon-controlled rectifier, 
thyratron, or similar device. 

power cutoff frequency Symbol, f.. The frequency 
at which the power gain of a transistor drops 3 dB 
below its low-frequency value. 

power derating For a temperature higher than the 
specified ambient temperature, a deliberate re- 
duction of the power dissipated by a component 
or device. This is done to prevent failure of the 
component or device. Also see DERATING, DER- 
ATING CURVE, and DERATING FACTOR. 

power difference An expression of the power lost 
in a circuit when power is absorbed by a dielectric 
material. 

power diode A heavy-duty diode that is usually 
used in power-supply service. Also called rectifier 
diode. 
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power dissipation Abbreviation, PD. The power 
consumed by a device during normal operation. 
This power is not available in the electrical output 
of the device. An example is the direct-current 
power dissipated in the collector circuit of a high- 
fidelity audio amplifier. 

power divider A circuit that distributes power, ina 
predetermined manner, among various loads. 

power drain The amount of power drawn by a de- 
vice. It can be operating power or standby power. 

power dump See DUMP, 2. 

power equations Variations of the basic power 
equation: P = EI = E?/R = PR, where P is the 
power in watts, E is the voltage in volts, I is the 
current in amperes, and R is the resistance in 
ohms. 

power factor Abbreviation, PF. In an alternating- 
current circuit, the ratio (expressed either as a 
decimal or a percentage) of true power (power ac- 
tually consumed) to apparent power (simple 
product of voltage and current). The power factor 
is equal to the cosine of the phase angle. Also see 
AC POWER. 

power-factor balance In a capacitance bridge, a 
separate null adjustment for the internal resis- 
tance component of a capacitor under measure- 
ment. The dial of the variable component for this 
adjustment reads directly in percent power factor 
in some bridges. 

power-factor correction To raise the power factor 
of an inductive circuit by inserting a parallel ca- 
pacitance. In power circuits, this affords im- 
proved economy of operation because the current 
drain is brought more in line with that of a resis- 
tive circuit. 

power-factor meter An instrument that gives di- 
rect readings of power factor (lead or lag). One 
such meter uses a dynamometer-type movement 
(see ELECTRODYNAMOMETER) in which the ro- 
tating element consists of two coils fastened to- 
gether at right angles. 

power-factor regulator A device that regulates the 
power factor of an alternating-current line. 

power-factor relay An alternating-current relay 
actuated by a rise or fall in power factor, with re- 
spect to a predetermined value. 

power frequency 1. See POWER-LINE FRE- 
QUENCY. 2. The frequency of an alternating- 
current generator. 3. The output frequency of a 
power inverter (see INVERTER, 1). 

power-frequency meter An instrument for mea- 
suring power-line frequency. It can use elec- 
tromechanical devices, or can directly count the 
number of alternations per second. 

power gain Abbreviations, PG or PGas. The extent 
to which power is increased by a power amplifier. 
It can be expressed as the ratio of power output to 
power input as PG = P,/P,; or in decibels as 
PGag = 10 logio(P./P). 

power grid An aggregation of power-generating 
stations, transmission lines, and associated 
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equipment, usually extending over hundreds of 
miles and embracing several communities, so op- 
erated that individual members can deliver power 
to the system or draw power from it, according to 
local demand. 

power ground The power-supply ground for a cir- 
cuit or system. 

power-handling capacity 1. The amount of power 
that a device can dissipate, either continuously or 
intermittently, without suffering damage. 2. The 
maximum input power that can be tolerated by an 
amplifier transistor or tube without overheating. 

power hyperbola For a semiconductor device or 
vacuum tube, a curve plotted from the device’s 
current and voltage values, which provide the 
power value when multiplied (e.g., a 2-watt curve 
for the direct-current collector input of a power 
transistor). 

power input See INPUT POWER. 

power-input control The adjustment of the output 
of a power supply by varying the alternating- 
current input to the power transformer. Usually, 
a variable autotransformer is operated ahead of 
the power transformer. See, for example, 
VARIABLE TRANSFORMER and VARIAC. 

power inverter See CHOPPER POWER SUPPLY. 

power-level indicator 1. See DB METER. 2. See 
OUTPUT POWER METER. 

power line The line through which electrical en- 
ergy is received by a subscriber. 

power-line communication Abbreviation, PLC. 
Carrier-current telephony or telegraphy over 
power lines that are common to transmitting and 
receiving stations. Also see WIRED WIRELESS. 

power-line filter 1. A heavy-duty radio-frequency 
(RF) filter inserted in the power line close to a de- 
vice that generates RF energy, such as a radio 
transmitter. It prevents transmission of RF en- 
ergy via the power line. 2. An RF filter inserted in 
the power line, where it enters the power supply 
of a sensitive electronic device, such as a com- 
puter or high-fidelity audio amplifier. It prevents 
RF energy on the power line from entering the de- 
vice via the power supply. 

power-line frequency The frequency of the alter- 
nating current and voltage available over com- 
mercial power lines. In the United States, it is 
60 Hz; in some countries, it is 50 Hz. 

power-line monitor An expanded-scale alternat- 
ing-current voltmeter for the continuous moni- 
toring of power-line voltage. 

power-line pickup The interception of radio- 
frequency energy by utility power lines acting as 
receiving antennas. This energy can enter a sensitive 
electronic device, such as a computer or a high- 
fidelity audio amplifier, via the power supply. 

power loss The power dissipated in a component. 
It generates heat while doing no useful work. 
Represents energy loss, except when the genera- 
tion of heat is the end purpose. 
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power-loss factor Symbol, F,. In interstage cou- 
pling, the ratio of available power (with the cou- 
pling network in place) to the available power 
when the network is disconnected. 

power meter See WATTMETER. 

power modulation factor In amplitude modulation, 
the ratio of the peak power to the average power. 

power oscillator A heavy-duty oscillator delivering 
useful power output. 

power output See OUTPUT POWER. 

power-output meter See OUTPUT POWER ME- 
TER. 

power pack An external power-line-operated unit 
supplying alternating or direct current for the op- 
eration of electronic equipment. 

power pentode A heavy-duty pentode vacuum tube 
designed to deliver relatively high output power. 

power plug A plug for insertion into a power-line 
outlet. 

power programmer A device that adjusts radar 
output power, in accordance with the target dis- 
tance. 

power rating 1. The specified power required by an 
equipment for normal operation. 2. The specified 
power output of a generator or amplifier. 

power reactive See REACTIVE VOLT-AMPERE. 

power rectifier A heavy-duty semiconductor diode 
used to rectify alternating current for power- 
supply purposes. 

power relay A heavy-duty relay designed to switch 
significant amounts of power. The heavy contacts 
and armature require high actuating current; 
this necessitates a larger coil than is used in 
lighter-duty relays. 

power resistor A heavy-duty resistor (i.e., one de- 
signed to carry large currents without overheating). 

power stack A selenium rectifier consisting of a 
number of rectifier plates stacked in series for 
higher voltage handling. 

power supply 1. A device, such as a generator ora 
transformer-rectifier-filter arrangement, that pro- 
duces the power needed to operate an electronic 
equipment. 2. A reserve of available power (e.g., 
the power line, an installation of batteries, etc.). 

power-supply filter A low-pass filter that is used 
to remove the ripple from the output of a power- 
supply rectifier. See, for example, BRUTE-FORCE 
FILTER. 

power-supply rejection ratio The ratio of the out- 
put-voltage change for an amplifier, oscillator, or 
other circuit, to the change in power-supply volt- 
age. It is determined on an instantaneous basis. 

power-supply sensitivity In an operational ampli- 
fier, sensitivity of the offset to variations in the 
power-supply voltage. 

power surge 1. A momentary increase in the volt- 
age on a utility line. 2. An abnormally high volt- 
age that sometimes exists for the first several 
milliseconds after utility power is restored follow- 
ing a blackout. 
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power switch The switch for controlling power to a 
piece of equipment. Also see ON-OFF SWITCH. 
power switching Switching operating power on 
and off. There are two principal methods: One in- 
volves making and breaking the connections be- 
tween equipment and the power line; the other 
involves making and breaking the output of a 
line-operated or battery-type power supply. 

power tetrode A heavy-duty tetrode vacuum 
tube designed to deliver relatively high output 
power. 

power-to-decibel conversion Abbreviation, Pup. 
Power expressed in decibels, with respect to a ref- 
erence power level. Determined by the formula 
Pag = 10 logjo(P,/Pref), where P,. is the given power 
level and P,.e-is the reference power level. 

power transfer 1. The passage of power from a 
generator to a load. 2. The passage of power from 
one circuit to another. 

power transfer theorem See MAXIMUM POWER 
TRANSFER THEOREM. 

power transformer A transformer designed solely 
to supply operating power to electronic equip- 
ment—either directly or through a rectifier-filter 
circuit. Because a power transformer is used at 
low (power-line) frequencies, its core does not re- 
quire the high-grade iron used in audio trans- 
formers, nor are special winding techniques 
needed to reduce the leakage inductance and in- 
terwinding capacitance. 

power transistor A heavy-duty transistor designed 
for power-amplifier and power-control service. 

power triode A heavy-duty triode vacuum tube de- 
signed to deliver relatively high output power. 

power tube A heavy-duty electron tube designed to 
deliver useful amounts of power. See, for exam- 
ple, POWER PENTODE, POWER TETRODE, and 
POWER TRIODE. 

power unit 1. A power supply (see POWER SUP- 
PLY, 1). 2. A unit of power measurement. See, 
for example, KILOWATT, MEGAWATT, MICRO- 
WATT, MILLIWATT, PICOWATT, and WATT. 
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power user In personal or business computing, a 
serious user who has extensive, up-to-date 
knowledge of hardware and software. 

power winding In a magnetic amplifier or sat- 
urable reactor, the output winding (i.e., the wind- 
ing through which the controlled current flows). 

Poynting vector In an electromagnetic wave, the 
vector product of instantaneous electric intensity 
and magnetic intensity. 

PP Abbreviation of peripheral processor. 

PP 1. Symbol for PLATE POWER. 2. Symbol for 
PEAK POWER. 

ppb Abbreviation of parts per billion. 

PPI Abbreviation of PLAN POSITION INDICATOR. 

pp junction Ina semiconductor wafer, the bound- 
ary between two p-type regions that have some- 
what different properties. 

PPM Abbreviation of PULSE-POSITION MODULA- 
TION. 

ppm 1. Abbreviation of parts per million. 2. Abbre- 
viation of pulses per minute. 

pps Abbreviation of pulses per second. 

ppt Abbreviation of parts per thousand. 

PPV Abbreviation of PAY PER VIEW. 

Pr Symbol for PRASEODYMIUM. 

practical component A circuit component consid- 
ered in proper combination with the stray compo- 
nents inherent in it. Thus, a resistor has residual 
inductance and capacitance, an inductor has 
residual capacitance and resistance. Compare 
IDEAL COMPONENT. 

practical units A set of physical/electrical units 
especially suited to a particular application. For 
example, in direct-current electrical applications, 
practical units are the AMPERE, OHM, VOLT, 
and WATT. 

praetersonics See ACOUSTOELECTRONICS; 
ACOUSTIC DELAY LINE; SURFACE-WAVE AM- 
PLIFIER; SURFACE-WAVE FILTER. 

pragilbert The unit of MAGNETOMOTIVE FORCE 
in the absolute mks (Giorgi) system. 

pragilbert per weber The unit of RELUCTANCE in 
the absolute mks (Giorgi) system. 

praoersted The unit of MAGNETIZING FORCE in 
the absolute mks (Giorgi) system. 

praseodymium Symbol, Pr. A metallic element of 
the rare-earth group. Atomic number, 59. Atomic 
weight, 140.908. 

preaccelerating electrode In the electron gun ofa 
cathode-ray tube, the high-voltage electrode that 
provides initial acceleration to the electron beam. 

pre-alarm signal An audio and/or visual indicator 
that an alarm will sound if an area is not cleared 
within a short time. An example is a voice record- 
ing in a car alarm system (e.g., “Stand back!”). 

preamplifier 1. A high-sensitivity, low-noise am- 
plifier that usually uses a high-gain field-effect 
transistor (FET) and is used to enhance the 
sensitivity of a radio communications receiver. 
They are especially used at frequencies above 
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approximately 15 MHz, where most of the noise 
comes from the receiver, rather than from outside 
sources. 2. A low-noise amplifier used for boost- 
ing weak signals for television reception. 3. A low- 
noise, low-level amplifier used for boosting signal 
levels from transducers, such as microphones or 
photocells. 

prebiased relay A relay through which is main- 
tained a steady current that is just lower than 
that needed to close the relay. The actuating sig- 
nal, then, need only be a small amount of addi- 
tional current. 

precedence effect See FUSION, 1. 

precipitation 1. Water falling from the atmosphere 
in some form (rain, snow, hail, or sleet). See PRE- 
CIPITATION STATIC. 2. The amount of precipita- 
tion occurring in a given period of time at a 
specific location. 3. Separation of a solid material 
from a solution, as a result of a chemical or phys- 
ical action. 

precipitation static 1. Radio noise that some- 
times occurs when it rains or snows. It can be 
mistaken for artificially generated noise. 2. Radio 
noise caused by atmospheric electricity arising 
from rain, snow, ice crystals, hail, or dust clouds, 
through which an aircraft carrying the radio flies. 

precipitator See DUST PRECIPITATOR. 

precipitron See DUST PRECIPITATOR. 

precision 1. Pertaining to electronic hardware, es- 
pecially test instruments and measuring devices, 
designed and built to function with a high degree 
of accuracy. 2. The relative accuracy of a meter or 
other indicating device. 3. The accuracy of the re- 
sults of an experiment, test, or measurement. 

precision approach radar A radar aimed along the 
approach path to guide an aircraft during ap- 
proach. 

precision instrument An instrument possessing 
high accuracy and stability (i.e., one capable of 
reproducing readings or settings for various trials 
under set circumstances). 

precision potentiometer 1. A POTENTIOMETER 
possessing highly accurate resistance calibra- 
tion, linearity, and repeatability of settings. 2. A 
potentiometer-type voltage-measuring instru- 
ment. 
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preconduction current 1. The cutoff current in a 
transistor. 2. In a thyratron, the small (anode) 
current flowing before the tube is fired. 

predetermined counter A counter programmed to 
count to a desired number and stop. 

predistortion See PREEMPHASIS. 

pre-Dolby 1. To record a tape with DOLBY com- 
pression. 2. A tape that has been recorded with 
Dolby compression. 

preemphasis In frequency modulation, the intro- 
duction of a rising-response characteristic (re- 
sponse rises as modulation frequency increases). 
Compare DEEMPHASIS. 

preequalization 1. In sound recording and repro- 
duction, equalization during recording. 2. See 
PREEMPHASIS. 

preferred values of components A number sys- 
tem used by the Electronics Industries Associa- 
tion (EIA) for establishing the values of 
composition resistors and small fixed capacitors. 

prefix multiplier See MULTIPLIER PREFIX. 

prefix notation As used with complex expressions 
involving many operators and operands, a type of 
notation in which the expressions, rather than 
containing brackets, are given a value, according 
to the relative positions of operators and 
operands. 

preform 1. A small wafer, usually dry-pressed 
from powdered plastic, from which the body of a 
component, such as a capacitor or resistor, is 
heat-molded. Also called a pill or biscuit. 2. The 
preformed slab used in molding a phonograph 
disc. 3. To shape a moldable circuit before fixing 
the final configuration or package. 

preliminary information For manufactured elec- 
tronic components, data that is released prior to 
the actual availability of the device. Subject to 
change when units are produced. 

premix A molding compound of reinforced plastic. 

prerecorded disc A phonograph disc on which a 
recording has been made (i.e., a recorded disc). 

prerecorded tape Magnetic tape on which a pro- 
gram or data has been recorded. Also called 
RECORDED TAPE. 

pregion See P LAYER. 

prescaler A device operated ahead of a counter to 
establish a new, usually higher-frequency, range 
over which frequency measurements can be 
made. 

preselector A tuned or untuned radio-frequency 
amplifier operated ahead of a radio or television 
receiver to boost the sensitivity of the receiver. 

presence 1. In sound reproduction, the quality of 
being true to life. 2. The effect of boosted upper- 
midrange frequencies in music. 

preset counter A pulse counter that delivers one 
output pulse for a number of successive input 
pulses, determined by the settings of counter- 
circuit controls. Thus, a preset counter might 
give an output pulse for each train of 125 input 
pulses. 
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preset element In automation and control, an ele- 
ment that can be preset to a given level or value, 
and to which other elements can then be referred. 

preset switch In the circuit of a PRESET COUN- 
TER, a multiposition rotary switch that can be set 
to determine the number of input pulses that 
must be received for the circuit to deliver one 
output pulse. 

preshoot A downward-moving transient pip that 
sometimes precedes the rise of a pulse. 


Preshoot Time 


Relative amplitude 


preshoot 


preshoot amplitude The peak voltage of a PRE- 
SHOOT, measured from the zero line to the valley 
of the preshoot. 

preshoot time The width of a PRESHOOT, mea- 
sured along the horizontal base line (time axis). 

pressing 1. A process by which phonographic 
discs are fabricated from plastic. 2. A disc 
pressed from plastic. 

press-to-talk microphone A microphone that 
uses a PRESS-TO-TALK SWITCH for actuation. 

press-to-talk switch A switch in a microphone or 
on the end of a control cord. It is used to actuate 
a transmitter, telephone, or recorder when the 
operator wishes to speak. 

pressure Abbreviation, P or p. 1. Force per unit 
area. It can be expressed in any appropriate units 
of force and area (e.g., newtons per square meter, 
pounds per square inch, grams per square cen- 
timeter, etc.). 2. The application of force over part 
or all of a surface. 3. Compression. 4. See TEN- 
SION, 1. 

pressure amplitude The pressure caused by an 
acoustic disturbance. It is usually measured in 
dynes per square centimeter. 

pressure capacitor An enclosed fixed or variable 
capacitor, whose breakdown voltage increases 
when the air pressure rises inside the container. 

pressure contact 1. Electrical contact made by 
pressing two conducting surfaces together (to 
complete a circuit). 2. A contact for obtaining the 
condition described in 1. 

pressure-gradient microphone See PRESSURE 
MICROPHONE. 

pressure microphone A microphone that receives 
sound waves at only one side of its diaphragm. 
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This one-sided exposure results in the displace- 
ment of the diaphragm by an amount proportional 
to the instantaneous pressure of the sound waves. 

pressure pad In a tape recorder, a small pad that 
holds the tape against one of the heads. 

pressure pickup See PRESSURE TRANSDUCER. 

pressure roller In a tape recorder, a rubber-tired 
roller that presses the tape against the capstan. 

pressure sensor A device that detects the presence 
of, and/or measures, physical force within a spe- 
cific area. One simple device uses two metal 
plates separated by electrically resistive foam. 
Pressure compresses the foam and reduces the 
resistance between the plates. This resistance 
change can be detected and measured. 

pressure switch A switch that is opened or closed 
by a change in pressure within a system. 

pressure transducer A sensor for converting pres- 
sure into proportionate current or voltage. Some 
use strain gauges; others use piezoelectric crys- 
tals, potentiometers, and other variable elements. 

pressure zone A region of high air pressure that is 
immediately adjacent to a surface reflecting an 
acoustic (sound) wave. 

pressure-zone microphone A microphone equip- 
ped with a deflector that helps to guide acoustic 
energy toward the diaphragm. 

prestore To place data in memory before it is in- 
tended for use. 

pretuned stage A stage, such as one in an inter- 
mediate-frequency amplifier or single-frequency 
receiver, that is preset to a frequency, rather than 
being continuously tuned. 

prf Abbreviation of PULSE REPETITION FRE- 
QUENCY. 

pri Abbreviation of PRIMARY. 

primaries See PRIMARY COLORS. 

primary 1. See PRIMARY WINDING. 2. See PRI- 
MARY STANDARD. 

primary battery A battery composed of primary 
cells. 

primary block A fundamental group of channels in 
pulse-code modulation, combined by means of 
time-division multiplexing. 

primary capacitance 1. The distributed capaci- 
tance of the primary winding of a transformer 
whose secondary winding is unloaded. Compare 
SECONDARY CAPACITANCE, 1. 2. A series or 
shunt capacitance used to tune the primary coil 
of a radio-frequency transformer. Compare SEC- 
ONDARY CAPACITANCE, 2. 

primary cell An electrochemical cell that does not 
require, and generally will not accept, an electri- 
cal charge in order to function. Once it has been 
discharged, the cell must usually be thrown 
away. Compare STORAGE CELL. Also see CELL, 
DRY CELL, and STANDARD CELL. 

primary circuit 1. The circuit associated with the 
primary winding of a transformer. 2. The circuitry 
associated with the input to a device or system. 

primary coil See PRIMARY WINDING. 
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primary colors See COLOR PRIMARY. 

primary current The current flowing in the pri- 
mary winding of a transformer. Also called 
TRANSFORMER INPUT CURRENT. Compare 
SECONDARY CURRENT. 

primary electron The electron possessing the 
greater energy after a collision between two elec- 
trons. Compare SECONDARY ELECTRON. 

primary emission Emission arising directly from a 
source, such as the cathode of an electron tube. 
Compare SECONDARY EMISSION. 

primary frequency standard A device that gener- 
ates unmodulated signals at precise frequencies. 
It generally uses a highly stable crystal oscillator 
that can be referred to a time standard and peri- 
odically corrected. A string of multivibrators, to- 
gether with harmonic amplifiers and buffers, 
divide, and multiply the fundamental crystal fre- 
quency. The resulting signals provide markers for 
calibrating receivers and test equipment. Com- 
pare SECONDARY FREQUENCY STANDARD. 
Also see PRIMARY STANDARD. 

primary impedance 1. The impedance of the pri- 
mary winding of a transformer whose secondary 
winding is unloaded. Compare SECONDARY 
IMPEDANCE, 1. 2. An external impedance pre- 
sented to the primary winding of a transformer. 
Compare SECONDARY IMPEDANCE, 2. 

primary inductance The inductance of the pri- 
mary winding of a transformer whose secondary 
winding is unloaded. Compare SECONDARY IN- 
DUCTANCE. 

primary kVA The kilovolt-amperes in the primary 
circuit of a transformer. Compare SECONDARY 
KVA. 

primary measuring element A detector, sensor, 
or transducer that performs the initial conversion 
in a measurement or control system. Such an el- 
ement converts a phenomenon into a signal that 
can be transmitted to appropriate instruments 
for translation and evaluation. 

primary power Power in the primary circuit of a 
transformer. Also see PRIMARY KVA and PRI- 
MARY VA. Compare SECONDARY POWER. 

primary radiator 1. The driven element of a direc- 
tive antenna system that incorporates parasitic 
elements. 2. The driven element of a directive an- 
tenna that uses a reflector, such as a screen or 
dish. 

primary resistance The direct-current resistance 
of the primary winding of a transformer. Compare 
SECONDARY RESISTANCE. 

primary standard A usually stationary source of a 
quantity (e.g., capacitance, frequency, time, in- 
ductance, resistance, etc.). This source is so pre- 
cise, and is maintained with such care, that it 
can be used as a universal reference. Compare 
SECONDARY STANDARD. 

primary turns Symbol, N,. The number of turns in 
the primary winding of a transformer. Compare 
SECONDARY TURNS. 
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primary utilization factor Abbreviation, UF,. For 
a transformer in a rectifier circuit, the ratio of 
direct-current power output to primary volt- 
amperes. Numerically, the primary utilization 
factor is higher than the secondary utilization 
factor, but is less than 1. Also see SECONDARY 
UTILIZATION FACTOR and UTILITY FACTOR. 

primary VA The volt-amperes in the input circuit 
of a transformer. Compare SECONDARY VA. 

primary voltage The voltage across the primary 
winding of a transformer. Also called transformer 
input voltage. Compare SECONDARY VOLTAGE. 

primary winding The normal or usual input wind- 
ing of a transformer. Also called primary coil. 
Compare SECONDARY WINDING. 

prime meridian See ZERO MERIDIAN. 

prime mover A machine, such as a gas engine, 
steam engine, or water turbine, that converts a 
natural force or material into mechanical power. 

primitive oscillation period In a complex oscilla- 
tion waveform, the shortest period for which a 
definite repetition occurs; the highest fundamen- 
tal frequency. 

principal axis The line passing through the center 
of the spherical part of a lens, mirror, or dish re- 
flector. 

principal focus The focal point of rays arriving 
parallel to the principal axis of a lens, mirror, or 
dish reflector. 


Principal axis 


Principal focus 





principal focus 


principal mode See DOMINANT MODE. 

principal ray The path described by an electron en- 
tering an electron lens parallel to the lens’ axis, or 
by an electron leaving this lens parallel to the axis. 

print 1. The material transferred from a typewriter 
onto paper. 2. The command, in a computer sys- 
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tem, that causes data to be placed on paper or 
onto the output screen. 3. The alphanumeric out- 
put of a computer or data terminal. 

printed capacitor A two-plate capacitor formed on 
a printed circuit. 

printed circuit A pattern of conductors (corre- 
sponding to the wiring of an electronic circuit) 
formed on a board of insulating material, such as 
a phenolic, by photo-etching, silk-screening of 
metallic paint, or by the use of pressure-sensitive 
preforms. The leads or pins of discrete compo- 
nents are soldered to the printed metal lines at 
the proper places in the circuit, or the compo- 
nents can be formed along with the conductors. 
Also see ETCHED CIRCUIT. 

printed-circuit board A usually copper-clad plas- 
tic board used to make a printed circuit. 

printed-circuit lamp A baseless lamp having flex- 
ible leads for easy soldering or welding to a 
printed circuit. 

printed-circuit relay A usually small relay pro- 
vided with pins or lugs for easy solder connection 
to a printed circuit. 

printed-circuit switch A rotary switch whose con- 
tacts and contact leads are printed on a substrate. 

printed-circuit template Also called etching pat- 
tern. A drawing for the purpose of making 
printed-circuit boards by photographic means. 

printed coil A flat, spiral coil formed on a printed 
circuit. 


% 





printed-circuit template 


printed component A component formed on the 
substrate of a printed circuit. See, for example, 
PRINTED CAPACITOR, PRINTED COIL, and 
PRINTED RESISTOR. 

printed display See DATA PRINTOUT, 2. 

printed element See PRINTED COMPONENT. 

printed inductor See PRINTED COIL. 

printed resistor A resistor printed or painted ona 
printed circuit. 

printed wiring The printed or etched metal lines 
that serve as the conductors in a printed circuit. 

printer In computer and calculator operations and 
in measurement procedures, a readout device 
that prints a permanent record of output data. 
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There are several types, including the dot-matrix 
printer, the daisy-wheel printer, the inkjet printer, 
and the laser printer. Some printers, such as the 
daisy-wheel type, can render only text data; 
others, such as the laser type, can print high- 
resolution graphic images, sometimes in color. 

printing calculator 1. An electronic calculator 
that supplies a printed record of the results of a 
calculation. 2. For a programmable calculator, 
the results, a record of program steps, and plots 
of curves. 

printing digital voltmeter Abbreviation, PDVM. A 
digital voltmeter that delivers a printed record of 
a voltage reading, in addition to the usual digital 
readout of the voltage. 

printing telegraph 1. A telegraph that prints the 
received message on a tape or page. 2. See TELE- 
TYPEWRITER. 

printing wheel See PRINT WHEEL. 

print format The form of data transmitted by a 
computer program to a printer (e.g., plain text, 
graphics, color graphics, etc.). 

printout See DATA PRINTOUT, 1, 2. 

print-through In prerecorded magnetic tape on a 
reel or cassette, the transfer of magnetism be- 
tween layers of the rolled-up tape. 

print wheel In a daisy-wheel printer, the rotatable 
wheel on whose rim the letters, numbers, and 
other symbols are inscribed in relief. 

priority indicator In data transmission, a code 
that specifies the order of importance of a mes- 
sage in a group of messages to be sent. 

priority processing In multiple programming op- 
erations, a system for ascertaining the order of 
processing for different programs. 

privacy code 1. A subaudible tone used in cord- 
less telephone systems to reduce the chances of 
interference between phones operating on the 
same channel in close proximity. 2. A subaudible 
tone used in radio transmissions, especially in 
conjunction with repeaters, to allow only those 
stations with the proper code to be received. 3. A 
tone-burst sequence at the beginning of a trans- 
mission that actuates a receiver, allowing only 
those stations with the proper code to be re- 
ceived. 

privacy equipment Devices, such as_ speech 
scramblers and digital encryption programs, that 
provide some measure of secrecy in communica- 
tions. 

privacy switch In a telephone amplifier, a switch 
(usually a pushbutton) for muting outgoing mes- 
sages. 

private automatic exchange Abbreviation, PAX. A 
dial telephone system for use within an organiza- 
tion and having no connection to the central of- 
fice. Compare PRIVATE BRANCH EXCHANGE. 

private branch exchange Abbreviation, PBX. A 
telephone system, complete with a private manu- 
ally operated switchboard and individual tele- 
phone sets, installed and operated on private 
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premises but having trunk-line connection to the 
central office. Compare PRIVATE AUTOMATIC 
EXCHANGE. 

private line 1. A communication circuit in which 
the use is limited, by electronic means, to certain 
subscribers. 2. A subaudible-tone system used to 
restrict access to a communications system. The 
tone frequency is predetermined. For access to 
the system, a transmitted signal must contain 
the tone of the appropriate subaudible frequency, 
in addition to the voice or other information. 

probability 1. The branch of mathematics con- 
cerned with the likelihood of an event’s occur- 
rence. It has many applications in quality control 
and physics. 2. The mathematical likelihood that 
an event will occur. 

probable error Abbreviation, PE. The value of error 
above and below which all other error values are 
equally likely to occur. 

probe 1. A usually slender pencil-like implement 
with a pointed metal tip and a flexible, insulated 
lead. It is used to contact live points in a circuit 
under test (e.g., voltmeter probe and oscilloscope 
probe). 2. A device used to sample a radio- 
frequency voltage or current at a desired point 
(e.g., WAVEGUIDE PROBE). 3. A pickup device 
shaped like a probe for insertion into close 
quarters (e.g., PROBE THERMISTOR). 

probe meter See PROBE-TYPE VOLTMETER. 

probe thermistor A thermistor of slender con- 
struction for insertion into an area in which the 
temperature is to be monitored or controlled. 

probe thermocouple A thermocouple in the form 
of a slender probe for insertion into close quarters 
for temperature sensing or temperature control. 

probe tip See PROD. 

probe-type voltmeter A voltmeter installed in a 
long probe or wand. Kilovoltmeters are some- 
times constructed in this fashion, with a long 
multiplier resistor housed in the probe. 

probing A process for locating, or determining the 
existence of, external artificial interference (e.g., 
power-line noise) in a radio communications cir- 
cuit. 

problem-oriented language Any high-level com- 
puter programming language that allows the user 
to write programs as statements in terms appli- 
cable to the field of interest (e.g., COBOL’s state- 
ments in English for problems relating to 
business). 

problem reduction In artificial intelligence, a pro- 
cess in which problems are made easier by break- 
ing them down into smaller logical parts. 

process control The control of a process, such as 
one of manufacturing, by means of computers. 

processor 1. A circuit or device used to modify 
a signal in response to certain requirements 
(e.g., clipper and waveshaper). 2. See DATA- 
PROCESSING MACHINE. 3. See CENTRAL PRO- 
CESSING UNIT. 4. See MICROPROCESSOR. 

prod The metal tip of a probe (see PROBE, 1). 
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product 1. The result of mixing or heterodyning of 
two or more signals. 2. The result of modulating 
one signal with another. 3. The result of combin- 
ing or processing a signal or signals in a specified 
manner. 4. The saleable end result of a manufac- 
turing process. 5. The result obtained when two 
or more quantities are multiplied by each other. 

product detector A detector circuit whose output 
is the product of two signals applied simultane- 
ously to the circuit. In a single-sideband receiver, 
for example, one of the signals is the incoming 
signal; the other, the signal from the local beat- 
frequency oscillator. 








+12 V O | 








Local osc. 


sh 





/77 


product detector 


production lot A manufactured set of compo- 
nents, circuits, or systems, intended for sale. All 
of the units in the lot are identical. The finished 
product is suitable (presumably) for consumer 
use. 

production unit One unit in a production lot; a 
finished unit, ready for use by a consumer. 

product modulator A modulator whose output is 
equal or proportional to the product of carrier 
voltage and modulating voltage. 

product of sine waves The result of multiplying 
one sine wave by another with attention being 
paid to the power factor. In the case of a resistive 
circuit, where the power factor is equal to 1, all 
voltage-current (EJ) products are positive, and are 
equal to the true power. A product wave has neg- 
ative half-cycles when the circuit contains reac- 
tance. 

professional engineer A person licensed by a state 
board of examiners to work independently as an 
engineering. Also see PE and REGISTERED PRO- 
FESSIONAL ENGINEER. 

program 1. In computer operations, a detailed se- 
quence of instructions representing an algorithm 
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(the necessary steps in solving a problem) that 
can be implemented by a computer. 2. The con- 
tent of a radio or television broadcast during a 
specified period of time. 3. In audio recording, the 
composite output from the mixer, used to make 
the master tape or disc. 

program address counter See 
REGISTER. 

program amplifier A broadcast preamplifier used 
at the studio or a remote location. 

programatics The study of computer programming. 

program circuit In wire telephony, a circuit capa- 
ble of handling music and other audio data that 
covers a wide band of frequencies. 

program compatibility The condition in which a 
program written for one computer can be used 
with another computer having a different archi- 
tecture. 

program controller In a central processor, a unit 
that controls the sequence and execution of pro- 
gram instructions. 

program counter See CONTROL REGISTER. 

program file A flexible reference system for soft- 
ware library maintenance. 

program flowchart A representation of a computer 
program in the form of a flowchart. Each function 
and transition point is indicated by a box in the 
chart. A user can follow the flowchart and deter- 
mine the outcome of the program for any given 
set of input parameters. 

program library A collection of computer or pro- 
grammable-calculator programs. Usually, it 
means the collection of programs used in a given 
computer system, often a software package sup- 
plied by the hardware vendor. It might also be a 
catalog of programs with instructions for their use. 

programmable calculator A calculator that can be 
programmed to perform a chain of operations in a 
given order repetitively. 

programmable read-only memory In a computer, 
a read-only memory (ROM) that can store a pro- 
gram. 

program maintenance The ongoing correcting, 
updating, and modification of computer pro- 
grams belonging to a system. 

programmed dump A dump that occurs during a 
program run, according to a program instruction. 

programmed halt During a computer program 
run, a temporary cessation resulting from an in- 
terrupt or halt instruction. 

programmed instruction See MACRO INSTRUC- 
TION. 

programmed timer See CYCLE TIMER. 

programmer A person who writes computer pro- 
grams. 

program modification 1. In computer program- 
ming operations, a change in the effect of instruc- 
tions and addresses during a program run by 
performing arithmetic and logical operations on 
them. 2. Rewriting, or adding a patch to, a com- 
puter program. Also see PATCH, 3. 


INSTRUCTION 
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program register See CONTROL REGISTER. 

program segment A unit within a computer pro- 
gram that is stored with others in memory at the 
time of the program’s execution, or sometimes, as 
overlays loaded individually when the entire pro- 
gram exceeds memory capacity. 

program specification A description of the steps 
involved in the solution of a problem, from which 
a programmer devises a computer program. 

program step An instruction in a computer pro- 
gram. 

program tape In computer operations, a magnetic 
or paper tape that contains programs for a sys- 
tem or application. 

program timer 1. A programmed timer (see CY- 
CLE TIMER). 2. A timing unit that controls the 
duration of a program. 

progressive scanning Non-interlaced television 
raster scanning, in which the lines are traced 
from top to bottom in succession. Conventional 
television broadcasting uses INTERLACED 
SCANNING. 

progressive wave A wave disturbance that travels 
through a theoretically perfect homogeneous 
medium. This can be a compression (longitudi- 
nal) wave, a transverse wave, or an electromag- 
netic wave. 

projected cutoff For an amplifier circuit, the oper- 
ating point at which crossover distortion van- 
ishes. The direct-current bias voltage (grid or 
gate) required for projected cutoff is somewhat 
lower than the value corresponding to conven- 
tional cutoff of plate or drain current. 

project engineering A field of engineering dealing 
with the coordination of a complete project. 

projection television Large-screen television for 
viewing by a relatively large group, usually ac- 
complished via a projection tube and optical sys- 
tem. 

projection tube A cathode-ray tube, especially a 
television picture tube, capable of producing a 
bright image that can be projected onto a large 
screen by means of a lens system. 

projector 1. A device that transmits a visible image 
onto a surface for reproduction. 2. In general, any 
device that transmits a signal into space. 

PROLOG Acronym for programming in logic. A 
high-level computer programming language, sim- 
ilar to LISP, used in artificial intelligence. The op- 
erator inputs facts and rules; the computer, in 
effect, derives theorems from the facts by follow- 
ing the logical rules. 

PROM Abbreviation of PROGRAMMABLE READ- 
ONLY MEMORY. 

promethium Symbol, Pm. A metallic element of 
the rare-earth group, produced artificially. 
Atomic number, 61. Atomic weight, approxi- 
mately 145. Formerly called illinium. 

promethium cell A radioactive battery cell using 
an isotope of promethium. Radioactive particles 
from this substance strike a phosphor, causing it 
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to glow. Self-generating photocells then convert 
this light into electricity. 

PROM programmer An electronic device that can 
store a computer program in a PROGRAM- 
MABLE READ-ONLY MEMORY (PROM). It uses a 
built-in keyboard. 

prompt In computer operations, a message re- 
ceived by an operator from an operating system 
or an individual program. For example, in disk 
operating system (DOS), it could be the statement 
“Bad command or file name.” 

prompting In computer or programmed-calculator 
operations, the entry of a special, required vari- 
able when the machine halts and awaits such en- 
try. 

prong See PIN. 

prony brake An arrangement for measuring the 
mechanical power output of a rotating machine. 
It is a special form of friction brake consisting of 
a band passed around a pulley on the rotating 
shaft of the machine under test and held at each 
end by a spring balance. 

propagation 1. The extension of energy into and 
through space. Thus, radiant energy is propa- 
gated from and by its source. 2. A phenomenon 
resulting from the extension of energy into and 
through space. Thus, radio waves can be spoken 
of as a propagation. 

propagation constant For waves transmitted 
along a line, a number showing the effect the line 
has on the wave. This is a complex figure [i.e., one 
containing a real-number component (the attenu- 
ation constant) and an imaginary-number com- 
ponent (the phase constant)]. 

propagation delay 1. Symbol, t,g. In an inte- 
grated-circuit logic gate, the time taken for a logic 
signal to be propagated across the gate. 2. In dig- 
ital-circuit operation, the time required for a 
logic-level change to be transmitted through one 
or more elements. 

propagation delay-power product See DELAY- 
POWER PRODUCT. 

propagation factor The ratio E/E,, where E is the 
complex electric-field strength at a point to which 
a wave has been propagated, and E, is the com- 
plex electric-field strength at the point of origin. 
Also called propagation ratio. 

propagation loss The path loss of an electromag- 
netic disturbance between the transmitting and 
receiving antennas. 

propagation mode See WAVEGUIDE MODE. 

propagation ratio See PROPAGATION FACTOR. 

propagation time In digital-circuit operation, the 
time required for a binary bit to be transferred 
from one point to another in the system. 

propagation velocity See VELOCITY OF PROPA- 
GATION. 

proportional action An action, such as amplifica- 
tion or conversion, that produces an output 
signal proportional to the input signal. 
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proportional amplifier An amplifier in which the 
instantaneous output amplitude is proportional 
to the instantaneous input amplitude. 

proportional control A voltage-regulation system 
in which the feedback correction voltage is pro- 
portional to the output-voltage error. 

proportional counter A Geiger tube having a 
pointed-wire (or ball-tipped-wire) anode. The volt- 
age developed across the load resistor is propor- 
tional to the number of ions created by the 
radioactive particles entering the tube. 

proprioceptor A set of transducers and associated 
circuitry that allows a computerized robot to con- 
stantly sense the positions of its end effectors, and 
use this data in carrying out programmed tasks. 

prosodic features Variations in voice tone and em- 
phasis that lend meaning and implication to 
spoken statements. It is important in advanced 
computer speech recognition and speech synthe- 
sis systems. Two sentences with identical wording 
can have greatly different meanings, depending on 
these factors (e.g., “You are!” versus “You are?”). 

prosthesis An electromechanical artificial human 
limb or body part. Examples: artificial legs, artifi- 
cial hands, and artificial respirators. Some such 
devices are computer-controlled; others can be 
manipulated by nerve impulses. 

protactinium Symbol, Pa. A relatively short-lived 
radioactive metallic element. Atomic number, 91. 
Atomic weight, 231.04 Formerly called protoac- 
tinium. 

protected area A region to which access is re- 
stricted, and that is secured by an alarm system, 
surveillance cameras, or other intrusion-preven- 
tion systems. 

protected location In computer storage, a loca- 
tion whose contents are protected from mutila- 
tion or erasure by making the location usable 
only by following a special procedure (e.g., using 
a password). 

protection Ina multiple processing computer sys- 
tem, preventing interference between data or pro- 
grams. 

protective bias In the final power amplifier of a ra- 
dio transmitter, external direct-current bias ap- 
plied to the base, gate, or grid. Prevents runaway 
in collector, drain, or plate current when the bias 
caused by the driving signal is lost. 

protective capacitor A power-line bypass capaci- 
tor. 

protective device 1. A component that breaks a 
circuit in the event of excessive voltage or current 
from the power supply. 2. A device that prevents 
excessive power from being delivered to a load by 
a driving circuit. 

protective gap 1. A spark gap connected in paral- 
lel with a component, or between a line and 
ground as protection against high-voltage tran- 
sients and surges. 2. A spark-gap-type lightning 
arrester. 
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protective resistor 1. A bleeder resistor connected 
in parallel with a filter capacitor in a high-voltage 
direct-current power supply to discharge the ca- 
pacitor automatically, thus preventing electric 
shock. 2. A series resistor that limits the current 
going through a device. 
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protector 1. A fast-acting power-disconnect de- 
vice, such as a circuit breaker or fuse, that acts to 
protect electronic equipment. 2. A device or con- 
nection, such as a safety ground or ground-fault 
interrupter, that protects an operator from elec- 
tric shock. 3. See CONTACT PROTECTOR. 

protium The light isotope of hydrogen, having an 
atomic mass of 1. 

protoactinium See PROTACTINIUM. 

protocol 1. A set of parameters for a digital com- 
munications signal. 2. The method by which a 
procedure is followed; a uniform set of governing 
regulations. It ensures proper operation of a sys- 
tem or network. 
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proton A positively charged particle in the nucleus 
of an atom. The mass of a proton is approximately 
1840 times the mass of an electron. 

proton rest mass See MASS OF PROTON AT 
REST. 

proton-synchrotron A synchrotron that uses fre- 
quency modulation of the radio-frequency accel- 
erating voltage. It can accelerate protons to 
energies of several billion electronvolts. 

prototype The preliminary design or model of a de- 
vice or system. It is often modified numerous 
times before the final design is attained. Compare 
PILOT MODEL. 

proustite Crystalline silver arsenide trisulfide. Ar- 
tificial crystals of this compound are used in tun- 
able infrared-ray instruments. 

proximity alarm A capacitance relay used to actu- 
ate an alerting-signal device when an area is in- 
truded upon or a person is too close to a 
protected object. Also called INTRUSION ALARM. 

proximity detector See PROXIMITY SENSOR. 

proximity effect 1. The influence of high- 
frequency current flowing in one conductor on 
the distribution of current flowing in an adjacent 
conductor. 2. In an audio system, the result of 
placing a microphone too close to a person’s 
mouth. Under these conditions, some spoken 
consonants (e.g., B, F, P, and T) produce clapping 
or booming sounds. 

proximity fuse An electronic device situated in the 
nose of a missile. When the missile is near the 
target, the fuse transmits a signal that is reflected 
back from the target; this reflected signal deto- 
nates the missile. 

proximity relay See CAPACITANCE RELAY. 

proximity sensing The ability of a machine, espe- 
cially a robot, to detect when an object is near. 
This is an aid in robot navigation because it pre- 
vents collisions. Some devices can measure the 
distance from a robot, or from a robotic end effec- 
tor, to a nearby object. 

proximity sensor A device that indicates the pres- 
ence of a nearby body. Such a device uses some 
form of circuit, such as that of a CAPACITANCE 
RELAY, that changes its operating characteristics 
when an object enters its field. 

proximity switch See CAPACITANCE RELAY. 

PRR Abbreviation of PULSE REPETITION RATE. 

PRV Abbreviation of PEAK REVERSE VOLTAGE. 

PS_ Abbreviation of POWER SUPPLY. 

ps Abbreviation of PICOSECOND. (Also, psec.) 

PSD Abbreviation of PHASE-SENSITIVE DETEC- 
TOR. 

psec Abbreviation of PICOSECOND. (Also, ps.) 

pseudocode Ina computer system, an instruction 
or code symbol that affects the operation of the 
programming in an indirect manner. 

pseudo-instruction In computer programming op- 
erations, data representing an instruction and re- 
quiring translation by a compiler or assembler. 
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pseudo-offlining During input/output operations 
in a computer system, maximizing hardware by 
disconnecting slow devices from the process in 
question. 

pseudo-operation In computer operations, an op- 
eration that, rather than being performed by 
hardware, is carried out by special software or by 
macroinstruction. 

pseudo-random numbers Numbers that, although 
produced by a computer operating on an algo- 
rithm for their generation, are useful for an appli- 
cation requiring random numbers. 

pseudo-stereophonic effect A somewhat height- 
ened binaural effect obtained when two loud- 
speakers are situated, relative to the listener, so 
that a transit-time difference of 1 to 30 millisec- 
onds results. 
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psf Abbreviation of pounds per square foot. (Also, Ib 

per sq ft, Ib/ft?.) 

1. Abbreviation of pounds per square inch. 

(Also, Ib per sq in, Ib/in?.) 

psia Abbreviation of POUNDS PER SQUARE INCH 
ABSOLUTE. 

psig Abbreviation of POUNDS PER SQUARE INCH 
GAUGE. 

psi particle A massive elementary particle that 
represents a resonance in an electron-positron 
interaction. 

PSK Abbreviation of PHASE-SHIFT KEYING. 

PSM Abbreviation of pulse-spacing modulation, 
more commonly called PULSE-INTERVAL MODU- 
LATION. 

psophometer A device used to measure noise in a 
wire communications system. It provides quanti- 
tative readings based on typical human observa- 
tions. 

psvm Abbreviation of phase-sensitive voltmeter. 


psi 
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PSWR Abbreviation of power standing-wave ratio. 

psychoacoustics A field of acoustics, overlapping 
with psychology, concerned with the effects of 
sounds on human beings. 

PT Abbreviation of Pacific Time. 

Pt Symbol for PLATINUM. 

PTC Abbreviation of POSITIVE TEMPERATURE 
COEFFICIENT. 

PtIr Symbol for PLATINIRIDIUM. 

PTM Abbreviation of PULSE-TIME MODULATION. 

PTO Abbreviation of PERMEABILITY-TUNED OS- 
CILLATOR. 

PTT Abbreviation for press-to-talk. See PRESS-TO- 
TALK MICROPHONE; PRESS-TO-TALK SWITCH. 

PTV Abbreviation of public television. 

p-type conduction In a semiconductor, current 
flow consisting of the movement of holes. Com- 
pare N-TYPE CONDUCTION. 

p-type material Semiconductor material that has 
been doped with an acceptor-type impurity and, 
consequently, conducts current mainly via hole 
migration. Germanium, for example, when doped 
with indium, becomes p-type. Compare N-TYPE 
MATERIAL. 

p-type semiconductor An acceptor-type semicon- 
ductor (i.e., one containing an excess of holes in 
its crystal lattice). 

PU Abbreviation of PICKUP. 

Pu Symbol for PLUTONIUM. 

public-address amplifier A high-gain, high-power 
audio amplifier designed especially for the repro- 
duction of speech and music at large gatherings. 

public-address system A system of sound repro- 
duction especially designed for use at large gath- 
erings indoors or outdoors. The system includes 
microphones, a public-address amplifier, loud- 
speakers, and sometimes recorders and playback 
devices. Also called PA system. 

puck drive In a tape recorder, a speed-reduction 
system for driving the flywheel from the shaft of 
the (high-speed) motor. In some machines, a rub- 
ber tire mounted on the flywheel is driven, 
through friction, by the motor shaft. In others, an 
intermediate rubber-tired wheel is placed be- 
tween the motor shaft and the rim of the flywheel. 

puffer A meter or bridge for measuring small val- 
ues of capacitance. The name comes from the 
spoken sound of pF, the abbreviation of PICO- 
FARAD. 

pulldown Descriptive of a circuit, device, or indi- 
vidual component used to lower the value (e.g., 
impedance) of a circuit to which it is connected. 

pull-in current The current required to close a re- 
lay. 

pulling 1. The abnormal tendency of one circuit to 
cause another to slip into tune with it. This often 
results from coupling (intended or accidental) 
that is too tight. Thus, when two oscillators feed a 
common circuit, such as a mixer, one might pull 
the other into tune with itself. 2. Lowering of a 
crystal frequency by an external reactance. 
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pull-in voltage The voltage required to close a re- 
lay. 

pull switch A mechanical switch actuated by a 
pulling action. 

pullup Descriptive of a circuit or component used 
to raise the value (e.g., impedance) of a circuit to 
which it is connected. 

pulsar An extremely dense, rapidly rotating col- 
lapsed star that produces radio signals at regular 
intervals. The pulse frequency varies from less 
than one hertz to several tens or hundreds of 
hertz. 

pulsating direct current A direct current that pe- 
riodically rises and falls between zero and a max- 
imum value (or between two positive or negative 
values) without changing polarity. Thus, it is pos- 
sible to have either a pulsating positive current or 
a pulsating negative current. Also see DIRECT 
CURRENT. 
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pulsating wave See PULSATING DIRECT CUR- 
RENT. 

pulse A transient signal that is usually of short du- 
ration, constant amplitude, and one polarity. A 
typical example is a narrow positive or negative 
spike. 

pulse amplifier An amplifier having wide fre- 
quency response and low distortion, used for am- 
plifying steep-sided pulses of short duration. 

pulse-amplitude modulation Abbreviation, PAM. 
A method of conveying information in wireless 
communications. A train of pulses is transmitted. 
The strength of each individual pulse varies ac- 
cording to the modulating waveform. Normally, 
the pulse amplitude increases as the instanta- 
neous modulating-signal level increases (positive 
modulation). However, this can be reversed so 
that higher audio levels cause the pulse ampli- 
tude to go down (negative modulation). 

pulse bandwidth For an amplitude pulse, the min- 
imum bandwidth occupied. The faster the rise 
and/or decay times of a pulse, the greater the 
bandwidth. The greater the pulse frequency, the 
greater the bandwidth. 

pulse code A code in which groups of pulses repre- 
sent digits. 
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pulse-code modulation Abbreviation, PCM. A 
method of conveying information in wireless com- 
munications. A train of pulses is transmitted. The 
intelligence-carrying signal is sampled periodi- 
cally and the amplitude is converted into bi- 
nary code. The code might allow for eight levels 
(000 to 111), 16 levels (OOOO to 1111), 32 levels 
(00000 to 11111), or 64 levels (000000 to 111111). 

pulse-code-modulation binary code A pulse code 
used in communications not in the form of line 
transmission. Individual values are denoted by 
binary numbers. 

pulse-code modulation multiplex equipment A 
multiplexer/demultiplexer for signal conversion 
between a single signal and multiple-channel sig- 
nals. It uses both pulse-code modulation and 
time-division multiplexing. 

pulse-count divider A circuit or device that receives 
an input of a certain number of pulses (or pulses 
per second) and delivers an output that is a func- 
tion of that quantity. See, for example, DIVIDE-BY- 
SEVEN CIRCUIT and DIVIDE-BY-TWO CIRCUIT. 

pulse counter A circuit or device that indicates the 
number of pulses presented to it in a given time 
interval. 

pulse counting Counting pulses in a sequence. At 
low speed (pulse repetition rate), this can be done 
with an electromechanical dial-type counter. At 
high speed, a fully electronic circuit is required. 

pulse delay circuit A monostable multivibrator 
adapted to deliver its single output pulse a prede- 
termined time after the input pulse has been ap- 
plied. 

pulse dialing A form of telephone dialing in which 
each digit is formed by a series of pulses, usually 
at 10 to 20 Hz. The pulses are the equivalent of 
disconnecting the line for a few milliseconds. Each 
digit has the corresponding number of pulses, ex- 
cept digit 0, which is formed by 10 pulses. 

pulse droop Distortion observable as a downward- 
sloping top on the oscilloscope trace of a pulse. It 
can be quantified in volts, millivolts, microvolts, 
amperes, milliamperes, or microamperes. 
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pulsed laser A laser in which flashes (pulses) of 
high-intensity light excite the lasing medium. 

pulse duration The time period during which a 
pulse exists (i.e., its width on an oscilloscope dis- 
play). 

pulse-duration modulation Abbreviation, PDM. 
See PULSE WIDTH MODULATION. 

pulse equalizer A MONOSTABLE MULTIVIBRA- 
TOR adapted to deliver pulses of equal amplitude, 
shape, and width—even when it receives trigger 
pulses of different kinds. 

pulse fall time The time required for the trailing 
edge of a pulse to fall from 90 to 10 percent of its 
peak amplitude. Compare PULSE RISE TIME. 

pulse-forming line A circuit used in radar for pro- 
ducing high-intensity pulses. Inductances and 
capacitances are combined in a long string, and 
the effect is to generate high-amplitude radio- 
frequency pulses. 

pulse-frequency modulation Abbreviation, PFM. 
See PULSE-INTERVAL MODULATION. 

pulse generator A signal generator that produces 
pulses. A general-purpose generator of this sort 
will produce pulses of adjustable amplitude, du- 
ration, shape, and repetition rate. 

pulse-height discriminator A circuit or device 
that passes only pulses whose amplitudes exceed 
a predetermined level. 

pulse interval The interval between successive 
pulses. 

pulse-interval modulation Abbreviation, PIM. 
Also called pulse-frequency modulation (PFM) or 
pulse-numbers modulation (PNM). A method of 
conveying information in wireless communica- 
tions. A train of pulses is transmitted. Every 
pulse has the same amplitude and the same du- 
ration, but their rate fluctuates with the modulat- 
ing waveform. When there is no modulation, the 
pulses are evenly spaced with respect to time. An 
increase in the instantaneous data amplitude 
might cause pulses to be sent more often (positive 
modulation) or less often (negative modulation). 

pulse inverter A _ single-stage, wideband, low- 
distortion, common-emitter, or common-source 
amplifier. The output-pulse waveforms are 
therefore inverted, with respect to the input-pulse 
waveforms. 

pulse jitter Ina pulse train, a disturbance charac- 
terized by random changes in the spacing be- 
tween pulses. 

pulse-length modulation See PULSE-DURATION 
MODULATION. 

pulse load The load impedance for a pulse genera- 
tor. 

pulse mode See PULSE MODULATION. 

pulse modulation See PULSE-AMPLITUDE MOD- 
ULATION, PULSE-CODE MODULATION, PULSE- 
INTERVAL MODULATION, PULSE-POSITION 
MODULATION, PULSE-WIDTH MODULATION. 

pulse modulator 1. A modulator that delivers 
power or voltage pulses for modulating a carrier. 
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2. A device that modulates pulses (see PULSE 
MODULATION, 2). 

pulse narrower A circuit or device that reduces the 
duration (width) of a pulse. 

pulse-numbers modulation Abbreviation, PNM. 
See PULSE-INTERVAL MODULATION. 

pulse operation Intermittent operation of a circuit, 
in the form of discrete pulses. 

pulse oscillator Any oscillator with an output that 
consists of a series of pulses. 

pulse-position modulation Abbreviation, PPM. A 
method of conveying information in wireless com- 
munications. A train of pulses is transmitted. The 
timing of each individual pulse varies accord- 
ing to the modulating waveform. The pulses 
occur earlier or later than the nominal (zero- 
modulation) time, depending on the instanta- 
neous amplitude of the modulating signal. 

pulse rate See PULSE REPETITION RATE. 

pulse ratio The ratio of pulse height (amplitude) to 
pulse width (duration). 

pulse regeneration Restoration of the original 
waveform and frequency to a pulse. It eliminates 
distortion caused by circuits or propagation con- 
ditions. 

pulse repetition frequency Abbreviation, PRF. 
See PULSE-REPETITION RATE. 

pulse-repetition rate Abbreviation, PRR. The 
number of pulses per unit time; usually pulses 
per second (pps). 

pulse rise time The time required for the leading 
edge of a pulse to rise from 10 to 90 percent of its 
maximum amplitude. Compare PULSE FALL 
TIME. 

pulse scaler A circuit actuated by the reception of 
a definite, predetermined number of input 
pulses. 

pulse-shaping circuit 1. A circuit for producing a 
pulse from a wave of some other shape (e.g., sine 
wave). 2. A circuit for tailoring a pulse to desired 
shape, amplitude, and duration. 

pulse spacing The interval between successive 
pulses. 

pulse-spacing modulation Abbreviation, PSM. See 
PULSE-INTERVAL MODULATION. 

pulse-steering diode In a flip-flop circuit, a diode 
through which the trigger pulse must pass to 
switch the circuit. Because of the unidirectional 
conductivity of a diode, pulses of only one polar- 
ity are passed. 

pulse stretcher 1. A shaping circuit that widens a 
pulse (i.e., increases its duration). 2. A circuit, 
such as a special monostable multivibrator, that 
generates a pulse that is wider than the trigger 
pulse. 

pulse stuffing See JUSTIFICATION, 2. 

pulse tilt The sloping of the normally flat top of a 
pulse either up or down. Also see PULSE DROOP. 

pulse time See PULSE DURATION. 

pulse-time modulation See PULSE-POSITION 
MODULATION. 
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pulse train A series of successive pulses of usually 
one kind. 

pulse transformer A transformer designed to ac- 
commodate the fast rise and fall times of pulses 
and similar nonsinusoidal waveforms. Such 
transformers often use special core materials and 
are made using special winding techniques. 

pulse transmitter 1. A device that transmits a se- 
ries of pulses. 2. A pulse-modulated transmitter. 
3. See PULSE MODULATOR. 

pulse waveform The general shape of a pulse as it 
appears on an oscilloscope display. The various 
forms range from positive or negative half- 
sinusoids, through rectangles, to thin-line spikes. 

pulse width The horizontal dimension of a pulse 
(i.e., its duration). 

pulse-width modulation Abbreviation, PWM. Also 
called pulse-duration modulation (PDM). A 
method of conveying information in wireless com- 
munications. A train of pulses is transmitted. 
The width (duration) of each individual pulse 
varies according to the modulating waveform. 
Normally, the pulse width increases as the in- 
stantaneous modulating-signal level increases 
(positive modulation). However, this can be re- 
versed so that higher audio levels cause the pulse 
width to decrease (negative modulation). 
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pump 1. In a parametric amplifier, the oscillator 
that supplies the signal that periodically varies 
the reactance of the varactor. 2. The pumping 
signal in 1. 3. To perform the operation (pump- 
ing) described in 1. 4. To increase the energy level 
of an atom or molecule (by exposing it to electro- 
magnetic radiation) to such an extent that oscil- 
lation or amplification occurs. A ruby laser, for 
example, produces its intense, coherent beam as 
a result of pumping. 5. The radiation used to 
pump an atom or molecule. 6. The device pro- 
ducing the radiation required to pump an atom or 
molecule. 
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pump frequency The frequency of a PUMP voltage. 

pumping A method of laser actuation. A series of 
pulses, at the resonant frequency of the lasing 
material, is injected to cause laser output. 

pump oscillator An oscillator for producing a 
pump voltage. 

pump voltage The voltage of a pumping signal. 
Also see PARAMETRIC AMPLIFIER and PUMP, 
1, 2. 

punch 1. A tool for cutting holes in metal chassis, 
panels, and boxes for electronic equipment. 2. 
High signal strength. 

punch-in editing In audio recording, a feature 
that allows convenient insertion of new 
material on a tape. The tape recorder can be 
switched instantly from Play to Record, and 
back again, whenever the operator wants to add 
material. 

punchthrough In a bipolar transistor, the poten- 
tially damaging condition resulting when the re- 
verse bias of the collector is increased to a voltage 
high enough to spread the depletion layer entirely 
through the base. This tends to effectively con- 
nect the emitter to the collector. 

punchthrough region The conduction region as- 
sociated with higher-than-punchthrough voltage, 
in which bipolar-transistor current is excessive. 
Also see PUNCHTHROUGH. 

punchthrough voltage The voltage that causes 
PUNCHTHROUGH in a given bipolar transistor. 

puncture voltage See BREAKDOWN VOLTAGE, 1. 

Pupin coil One of several loading coils that can be 
inserted at intervals in series with a telephone 
line to cancel line-capacitance effects and, thus, 
improve the clarity of speech. 

pure tone An audio-frequency (AF) tone having es- 
sentially no harmonic content; a sine-wave AF 
tone. 

pure wave A wave containing no distortion prod- 
ucts. 

purging The removal of an undesired gas or other 
substance from a system by introducing a mate- 
rial to displace it. 

purifier A power-line operated alternating-current 
electromagnet that can be manually rotated in 
front of a color-television picture tube to demag- 
netize the tube. Also called a DEGAUSSER. 

purity 1. In color television, complete saturation 
of a hue. 2. In a waveform, complete freedom 
from distortion. 3. The extent to which spurious 
signals are attenuated in the output of a radio or 
television transmitter. Also called spectral 
purity. 

purity adjustment In a color-television picture 
tube, adjustment of each purity control for pure 
color. 

purity coil A variable-current coil around the neck 
of a color-television picture tube that is used to 
adjust color purity. 

purity control Fora purity coil, the variable resis- 
tor that controls the current for color correction. 
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purity magnet A ring-magnet collar around the 
neck of a color-television picture tube to adjust, 
by rotation, color purity. 

purple plague Corrosion that occurs when alu- 
minum and gold are placed in contact. 

pushbutton tuner A radio or television tuner uti- 
lizing pushbutton tuning. 

pushbutton tuning The tuning of a circuit to vari- 
ous frequencies in single steps by means of push- 
button switches. 

pushdown list In data processing, a method of 
amending a list. A new item entered at the top 
moves each existing item one position down. 

pushdown stack Also called first-in/last-out. A dig- 
ital read-write memory in which data bits emerge 
in reverse sequence from the order they go in. If 
data bit x enters the pushdown stack before data 
bit y, then x will come out after y. Compare 
FIRST-IN/FIRST-OUT. 

push-in terminal A circuit contact or tie point, 
usually of thin, springy material, that can be in- 
serted into a hole in a perforated board. 

push-pull Pertaining to a circuit in which two ac- 
tive devices are used, with the inputs and out- 
puts both placed in phase opposition. In the 
output circuit, even harmonics are canceled, and 
odd harmonics are reinforced. 
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push-pull amplifier An amplifier stage in which, 
for increased power output, two active devices are 
operated 180 degrees out of phase with each 
other in opposite halves of a symmetrical circuit. 
Also see PUSH-PULL CIRCUIT. 

push-pull circuit A symmetrical circuit in which 
two active devices operate on separate halves of 
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the input-signal cycle and deliver a combined 
output signal. 

push-pull deflection In an oscilloscope, the appli- 
cation of deflection voltage to a pair of deflecting 
plates 180 degrees out of phase with each other. 
For this purpose, the output amplifier in the hor- 
izontal or vertical deflection channel is a push- 
pull stage. 

push-pull doubler See PUSH-PULL MULTIPLIER. 

push-pull microphone A set of two microphones, 
in which the audio-frequency outputs are in 
phase opposition. 

push-pull multiplier A push-pull amplifier with its 
output circuit tuned to an odd-numbered multi- 
ple of the input frequency. This circuit is unsuit- 
able for even-harmonic operation, but has some 
merit as an odd-harmonic multiplier (e.g., a 
tripler or quintupler). Also see PUSH-PUSH MUL- 
TIPLIER. 

push-pull oscillator An oscillator stage in which, 
for increased power output, two active devices are 
operated 180 degrees out of phase with each 
other in opposite halves of a symmetrical circuit. 
Also see PUSH-PULL CIRCUIT. 

push-pull/parallel amplifier An amplifier stage in 
which tubes or transistors are connected in 
push-pull/parallel for increased power output. 
Also see PARALLEL-COMPONENT AMPLIFIER, 
PUSH-PULL AMPLIFIER, and PUSH-PULL/PAR- 
ALLEL CIRCUIT. 

push-pull/parallel circuit A push-pull circuit in 
which two or more active devices are connected in 
parallel on each side of the circuit. This arrange- 
ment gives increased power output over that of 
the conventional push-pull circuit. See, for exam- 
ple, PUSH-PULL/PARALLEL AMPLIFIER and 
PUSH-PULL/PARALLEL OSCILLATOR. 

push-pull/parallel oscillator An oscillator stage 
in which active devices are connected in 
push-pull/parallel for increased power output. 
Also see PARALLEL-COMPONENT OSCILLATOR, 
PUSH-PULL OSCILLATOR, and PUSH-PULL/ 
PARALLEL CIRCUIT. 

push-pull recording A type of film sound track 
consisting of two side-by-side images 180 degrees 
out of phase with each other. 

push-pull transformer A transformer having a 
center-tapped winding for operation in a push- 
pull circuit. 

push-push Pertaining to a circuit in which two ac- 
tive devices are used, with the inputs connected 
in phase opposition, and the outputs connected 
in parallel. The result is reinforcement of the even 
harmonics, and cancellation of the fundamental 
frequency and all odd harmonics. 

push-push circuit See PUSH-PUSH MULTIPLIER. 

push-push multiplier An amplifier circuit contain- 
ing two active devices with their inputs connected 
in phase opposition and their outputs connected 
in parallel. This circuit is unsuitable for funda- 
mental-frequency and odd-harmonic operation, 
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but has some merit as an even-harmonic multi- 
plier (e.g., a doubler or quadrupler). Also see 
PUSH-PULL MULTIPLIER. 

push-to-talk switch See 
SWITCH. 

pushup list In data processing, a method of 
amending a list, whereby new items are added at 
the end of the list; all other items retain their orig- 
inal positions. Compare PUSHDOWN LIST. 

pV Abbreviation of PICOVOLT. 

PVC Abbreviation of POLYVINYL CHLORIDE. 

pW Abbreviation of PICOWATT. 

PWM_ 1. Abbreviation of PULSE-WIDTH MODULA- 
TION. 2. Abbreviation of PLATED-WIRE MEM- 
ORY. 

pwr Abbreviation of POWER. 


PRESS-TO-TALK 
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Pyralin See CELLULOSE NITRATE. 

pyramidal horn antenna A rectangular horn an- 
tenna that is flared in two dimensions. The horn 
width and height both increase linearly with in- 
creasing distance (in the direction of maximum 
radiation/response) from the feed point. 

pyramidal wave See BACK-TO-BACK SAWTOOTH. 

Pyrex A heat-resistant glass having numerous ap- 
plications in electronics and chemistry. 

pyrheliometer An instrument used to measure in- 
frared radiation. 

pyroelectricity In certain crystals, electricity gen- 
erated by temperature change, and in particular, 
by the application of heat. 

pyroelectric lamp See NERNST LAMP. 

pyroelectric material A crystalline material that 
generates an output voltage when it is heated. 

pyrolysis The process whereby heat changes a 
substance into one of several different sub- 
stances by rearranging its atoms. 

pyromagnetic effect In a material or circuit, the 
combined effect of heat and magnetism. 

pyrometer An instrument, other than a ther- 
mometer, used for the measurement of tempera- 
ture. See, for example, OPTICAL PYROMETER. 

Pythagorean scale A sound scale defining a spe- 
cific type of relationship among audio tones. If x 
and y are related by the Pythagorean scale and 
are adjacent in frequency, then a specific fre- 
quency (f) exists, so x = f? and y = f®. 

Pythagorean theorem A theorem of plane geome- 
try. For a right triangle, with sides of lengths a, b, 
and c, where c is the side opposite the right angle, 
it is always true that a? + b? = c”. 

p-zone See P LAYER. 

PZM Abbreviation of PRESSURE-ZONE MICRO- 
PHONE. 

PZT Abbreviation of LEAD ZIRCONATE TITANATE. 
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Q 1. The figure of merit of a capacitor, inductor, or 
inductance-capacitance (LC) circuit, equal to the 
reactance divided by the resistance. 2. Symbol for 
electrical charge. 3. Occasional symbol for SE- 
LECTIVITY. 4. See @ BAND. 5. See Q OUTPUT. 

q 1. Symbol for quantity of electricity (in 
coulombs). 2. Symbol for the charge carried by an 
electron (the charge carried by a hole is repre- 
sented by -q). 3. Symbol for the value of a quan- 
tum. 

QA Abbreviation of QUALITY ASSURANCE. 

Q adjustment The separate null adjustment for 
the Q value of a component being tested in an 
impedance bridge having separate resistive and 
reactive balances. 

Q-antenna An antenna in which the transmission 
line (feeder) is matched in impedance to the cen- 
ter of the radiator by means of a Q-matching sec- 
tion. 

QAVC Abbreviation of QUIET AUTOMATIC VOL- 
UME CONTROL. 

Qband The radio-frequency band 36 to 46 GHz. It 
is subdivided as follows: Q,, 36 to 38 GHz; Qp, 38 
to 40 GHz; Q., 40 to 42 GHz, Qa, 42 to 44 GHz; 
and Q., 44 to 46 GHz. 

Q@ bar One of the parallel metal tubes in a 
Q-matching section. Also see @Q ANTENNA. 

Q@ booster See Q MULTIPLIER. Feeder 

Q bridge An alternating-current bridge used prin- 
cipally to determine the Q of capacitors and 
inductors. Bridges are usually used _ for 
audio-frequency Q determinations; resonant-type 
Q meters are generally used for measurement of 
radio-frequency Q. Q-antenna 


Radiating element 





Q-matching 
section 
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QC Abbreviation of QUALITY CONTROL. 

QCE Abbreviation of QUALITY-CONTROL ENGI- 
NEERING or QUALITY-CONTROL ENGINEER. 
Qchannel In American (NTSC) color television, the 
508-kHz-wide green-magenta color information 

transmission band. 

QCT Abbreviation of QUALITY-CONTROL TECHNI- 
CIAN. 

QCW in the local oscillator and associated circuitry 
of a color television receiver, a 3.85-MHz CW sig- 
nal of @ PHASE. 

QCW signal In a color television receiver, the com- 
ponent of the chrominance signal that is 90 de- 
grees out of phase with the in-phase component. 

Q demodulator In a color television receiver, the 
demodulator that combines the chrominance sig- 
nal and the color-burst oscillator signal to recover 
the Q signal (see Q SIGNAL, 2). 

QED 1. Abbreviation of QUANTUM ELECTRODY- 
NAMICS. 2. Abbreviation of quod erat demon- 
strandum, Latin for “which was to be 
demonstrated.” Also, Q.E.D. Often written at the 
conclusions of valid logical proofs and derivations. 

Q factor See Q. 

QFM Abbreviation of QUADRATURE MODULA- 
TION. 

QM Abbreviation of QUADRATURE MODULATION. 

Q-matching section A_ linear radio-frequency 
impedance-matching transformer consisting of 
two straight, rigid, parallel metal conductors that 
are used to match a feeder to an antenna. The 
section is 4 wavelength long at the operating fre- 
quency. The diameters and _ center-to-center 
spacing of the conductors are such that the char- 
acteristic impedance of the matching section is 
equal to the geometric mean of the feeder charac- 
teristic impedance and the radiation resistance of 
the radiator. Also see @Q ANTENNA and QUAR- 
TER-WAVELENGTH MATCHING STUB. 

Q meter A usually direct-reading instrument for 
determining the Q of a capacitor, inductor, or in- 
ductance-capacitance (LC) circuit. Most Q meters 
are operated at radio frequencies, but audio- 
frequency instruments are available. 

Q modulation Amplitude modulation obtained by 
varying the effective Q of a radio-frequency tank 
circuit in step with a modulating component. See 
ABSORPTION MODULATION. 

QMQB Abbreviation of quick make/quick break. 

Q multiplier A _ positive-feedback (regenerative) 
amplifier that increases the effective Q of a tuned 
circuit, and thereby sharpens its response, when 
its input is connected across the tuned circuit. 

Q output The reference output of a flip-flop. 

Q phase Acolor-television carrier signal that is 147 
degrees out of phase with the color subcarrier. 

Q point The point or points at which a load line in- 
tersects a device characteristic (such as the col- 
lector curve of a transistor or plate curve of a 
tube) and that identifies the quiescent operating 
point. 
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QRD Abbreviation of QUADRATIC RESIDUE DIF- 
FUSOR. 

Q-section transformer 
TION. 

Q signal In color television, the quadrature compo- 
nent of the chrominance signal, equal to +0.48(R- 
Y) and to +0.41(B-Y), where B is the blue camera 
signal, Ris the red camera signal, and Y is the lu- 
minance signal. 

Q signals A set of three-letter groups, each begin- 
ning with the letter Q@, used for simplified tele- 
graph and radiotelegraph communication, and 
sometimes rapid voice communication (in ra- 
diotelephony). Each signal represents a com- 
monly used phrase or message. 

QSL card A card verifying communication with, or 
the reception of signals from, the station sending 
the card. Such verification is common in the am- 
ateur radio service and with some shortwave 
broadcast and CB stations. 

QSO Amateur radiotelegraph abbreviation for 
TWO-WAY COMMUNICATION. 

Q spoiler A device or circuit that produces Q 
SPOILING in a laser. 

Q spoiling The technique of inhibiting laser action 
during an interval when an ion population excess 
is pumped up. When the laser is subsequently 
triggered by Q switching, a more powerful pulse 
of light results than would be otherwise obtained. 

Q switching A laser-switching action obtainable 
with Kerr cells or rotating reflecting prisms, 
which consists of holding the Q of the laser cavity 
to a low value during an ion-population buildup, 
then abruptly switching the Q to a higher value. 

Q@transformer See Q-MATCHING SECTION. 

qty Abbreviation of QUANTITY. 

quad _ 1. Acombination of four components, such as 
diodes, transistors, etc., in a single housing. The 
components are usually carefully matched. 2. Ina 
cable, a combination of four separately insulated 
conductors (sometimes, two twisted pairs) twisted 


See Q-MATCHING SEC- 
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together. 3. Abbreviation of QUADRANT. 4. See 
QUAD ANTENNA. 5. See QUADROPHONIC. 

quad antenna A directional antenna similar to the 
Yagi, except that full-wavelength loops are used 
instead of straight elements. A two-element array 
can consist of a driven element and a reflector, or 
it can have a driven element and a director. A 
three-element system has one driven element, 
one director, and one reflector. The director has 
a perimeter of about 0.97 electrical wavelength, 
the driven element measures exactly 1 electrical 
wavelength around, and the reflector has a 
perimeter of about 1.03 electrical wavelength. Ad- 
ditional director elements can be added to the ba- 
sic three-element quad design to form arrays 
having any desired numbers of elements. The 
gain and directivity increase as the number of el- 
ements increases. Compare YAGI ANTENNA. 


Reflector 
Radiator 


Stub 


Feeder 
quad antenna 


quadded cable See QUAD, 2. 

quadding Redundancy obtained by connecting 
components in series-parallel for enhanced relia- 
bility and/or increased power-handling capacity. 

quad latch A set of four interconnected flip-flops 
that is used for digital data storage. 

quadrant 1. A specific 90-degree arc of a circle. 
2. One of the four parts formed on a plane surface 
by rectangular coordinates and designated I, II, 
IlI, and IV in a counterclockwise direction, start- 
ing with the upper-right quadrant. 3. An altitude- 
measuring instrument. 

quadrantal deviation The part of magnetic- 
compass deviation caused by the induction of 
transient magnetism into the horizontal soft iron 
of a vessel by the horizontal component of 
terrestrial magnetism. 

quadrantal error See QUADRANTAL DEVIATION. 

quadrant electrometer An _ electrometer whose 
principal parts are quadrants (a pillbox-shaped 
brass chamber split into four parts) and a needle (a 
flat, bowtie-shaped aluminum vane) suspended by 
a platinized quartz fiber between the quadrants. 
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quadrant electrometer 

quadraphonic sound Sound recording and repro- 
duction involving four channels. 

quadraphony Music recording or playback in 
which four distinct information channels are 
used. Also called four-channel stereo. 

quadratic equation A _ second-degree equation 
[i.e., one in which the highest exponent is 2 (the 
square of an unknown) (e.g., ax2 + bx + c= O)]. 

quadratic residue diffusor Abbreviation, QRD. In 
acoustics, a sound-reflection grating that scat- 
ters (diffuses) sound waves almost uniformly in 
all directions. The depths of the indentations in 
the grating are determined according to a 
QUADRATIC EQUATION. 

quadrature The state of (cyclic events or points) 
being 90 degrees out of phase. 

quadrature amplifier An amplifier circuit that in- 
troduces a 90-degree phase shift. Such amplifiers 
are used in control devices, test instruments, 
transmitters, and color television receivers. 

quadrature axes _ The vertical axes in the complex- 
number plane (i.e., the +j and —j axes). 

quadrature carrier See Q PHASE. 

quadrature component 1. The reactive compo- 
nent of an alternating current or voltage. 2. A vec- 
tor perpendicular to a reference vector. 3. The 
imaginary-number component in a complex- 
number expression. 

quadrature current Reactive current in an alter- 
nating-current circuit. 

quadrature modulation In-phase modulation of 
two carrier components having a 90-degree phase 
difference. 

quadrature number 

quadrature-phase subcarrier signal 
SIGNAL. 

quadrature portion In color television, the por- 
tion of the chrominance signal having the same 
(or opposite) phase as that of the Q-signal- 
modulated subcarrier, and that is 90 degrees out 
of phase with the in-phase portion. 

quadrature sensitivity The sensitivity of a trans- 
ducer to motions in a direction that is perpendic- 
ular to the normal axis of response. 

quadrature voltage A voltage 90 degrees out of 
phase with another (reference) voltage. 

quadrilateral 1. Pertaining to an object having 
four sides. 2. A four-sided plane polygon. 

quadrillion The number 1,000,000,000,000,000 
(1015). 


Quartz fiber 


Quadrant 


See IMAGINARY NUMBER. 
See QCW 
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quadripartite Having four parts. 

quadripole network A _ four-terminal network, 
usually with input- and output-terminal pairs. 

quadrivalent Having a valence of 4. Tin, for exam- 
ple, is quadrivalent. Also called TETRAVALENT. 

quadruped robot A robot with four legs that can 
move independently. It offers better stability than 
three-legged designs. Functions well in mobile 
machines that must navigate irregular terrain. 

quadrupler 1. A rectifier circuit that delivers a di- 
rect-current output voltage approximately equal 
to four times the peak value of the alternating- 
current input voltage. 2. An amplifier or other cir- 
cuit that delivers an output signal of four times 
the frequency of the input signal. 

quadruplex circuit A data circuit in which two mes- 
sages are carried in each direction simultaneously. 

quadrupole 1. A combination of two dipoles, pro- 
ducing a force that varies inversely with the 
fourth power of distance. 2. A four-pole magnet 
used in some synchrotrons and linear accelera- 
tors to focus and bend a particle beam. 3. A sys- 
tem consisting of two dipoles of equal and 
opposite direct moment. 

qualification The quality-control or quality- 
assurance scheme used in the production of 
components, circuits, or systems. Certain 
minimum requirements must be met for a device 
to obtain qualification. 

qualitative test A test performed to determine the 
general mode of operation or the presence of cer- 
tain factors, without regard to numerical values. 
Compare QUANTITATIVE TEST. 

quality 1. In audio-frequency applications, fidelity 
of transmission or reproduction. 2. The degree of 
conformity of a product to specifications. 

quality assurance The outcome of measures taken 
to bring performance into conformity with specifi- 
cations. See QUALITY, 2. 

quality control The surveillance of selection, man- 
ufacturing, and testing operations to ensure con- 
formity of a product to specifications. 

quality-control engineering The branch of engi- 
neering concerned principally with the technical 
methods of quality control and statistical meth- 
ods of assessing quality (see QUALITY, 2). 

quality-control technician A _ technician whose 
principal duty is the performance of operations in 
the areas of incoming inspection, manufacturing 
support, and product testing. Sometimes statisti- 
cal evaluations are required. 

quality engineering A field of engineering that deals 
with quality assurance and quality control in the 
production of components, circuits, and systems. 

quality factor See Q. 

quality-factor bridge See Q BRIDGE. 

quality-factor meter See Q METER. 

quanta Plural of QUANTUM. 

quantimeter An instrument used to measure the 
quantity of X rays to which a body has been ex- 
posed. 
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quantitative test A test performed to determine 
the numerical values (and their relationships) 
connected with observable phenomena. Compare 
QUALITATIVE TEST. 

quantity 1. A parameter (e.g., collector current, 
grid voltage, etc.). 2. In calculations, a positive or 
negative real number. 3. Electrical charge, usu- 
ally specified or measured in coulombs (see 
COULOMB). Also called electrical quantity. 

quantization The conversion of a quantity having 
infinitely many possible values or levels (such as 
an analog signal) into one that can attain only a 
finite number of defined values or levels (such as 
a digital signal). The number of levels is usually 
some integral power of 2 (i.e., 2, 4, 8, 16, 32, etc.). 
This allows the levels to be represented as binary 
numbers. 
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quantization distortion Distortion introduced by 
the process of QUANTIZATION in a communica- 
tions or broadcast signal. 

quantization distortion power The level of the 
distortion in a signal resulting from QUANTIZA- 
TION. It is expressed in microwatts, milliwatts, or 
watts. It can also be expressed as a percentage, or 
as a level in decibels, relative to the power level of 
the input signal. 

quantization error The difference between the ac- 
tual values of quantities and their quantized val- 
ues. 

quantization noise Noise introduced by the pro- 
cess of QUANTIZATION in a communications or 
broadcast signal. 

quantize 1. To perform the process of QUANTIZA- 
TION. 2. To split a quantitative commodity, such 
as energy into its smallest measurable incremen- 
tal units. 

quantized pulse modulation Pulse modulation in- 
volving QUANTIZATION. Examples are PULSE- 
CODE MODULATION and PULSE-NUMBERS 
MODULATION. 
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quantizer A circuit or device that selects the digital 
subdivision into which an analog quantity is 
placed (e.g., an analog-to-digital converter). 

quantizing See QUANTIZATION. 

quantometer An instrument for measuring mag- 
netic flux. 

quantum 1. Abbreviation, Q. Plural, quanta. In 
physics, the elemental unit or particle of electro- 
magnetic energy. The energy contained in one 
such particle is directly proportional to the fre- 
quency, and inversely proportional to the wave- 
length. 2. See PHOTON. 3. Any discrete unit 
derived by QUANTIZATION. 

quantum chromodynamics A term coined by Pro- 
fessor Murray Gell-Mann for the theory of quarks 
and gluons. 

quantum counter A radiation-counter tube with a 
window for the admission of light to the cathode. 

quantum efficiency See QUANTUM YIELD. 

quantum electrodynamics A branch of quantum 
mechanics that involves the motions of electrons, 
photons, and muons caused by electromagnetic 
action. Quantum electrodynamics takes relativis- 
tic effects into account. 

quantum electronics The branch of electronics 
concerned with energy states in matter. 

quantum equivalence The principle that one elec- 
tron is emitted for each photon absorbed by a ma- 
terial (when the photon has the necessary energy). 

quantum jump The abrupt movement of a particle 
from one discrete energy state to another. 

quantum level The orbit or ring occupied by an 
electron in an atom. 

quantum mechanics A branch of physics con- 
cerned with the behavior of matter and energy, on 
the basis of observable data. 

quantum noise A noise signal arising from ran- 
dom variations in the average rate at which 
quanta impinge upon a detector. 

quantum number A number that describes the en- 
ergy level, or change in energy level, for a particle. 

quantum statistics A branch of QUANTUM ME- 
CHANICS concerned with the distribution of ele- 
mentary particles through various quantized 
energy levels. 

quantum theory The theory that the emission or 
absorption of energy by atoms or molecules oc- 
curs in discrete packages or units, rather than 
continuously. Each unit is the emission or ab- 
sorption of an energy packet called a QUANTUM. 
Thus, radiant energy is thought to be divided into 
quanta. 

quantum transition The movement of an electron 
from one energy level to another within an atom. 

quantum yield The photoelectric efficiency of a 
light-sensitive surface in terms of the number of 
electrons emitted for each absorbed quantum of 
light. 

quark A hypothetical particle having a fractional 
electrical charge; quarks are thought to be con- 
stituents of other subatomic particles. 
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quarter-deflection method A method of measur- 
ing high-frequency resistance, involving the use 
of a sine-wave signal source, a standard nonin- 
ductive variable resistor, and a square-law radio- 
frequency ammeter. 

quarter-phase See TWO-PHASE. 

quarter wave 1. The length of time corresponding 
to 90 electrical degrees in a wave disturbance. 
2. The distance in space, or along a wire or feed 
line that corresponds to 90 electrical degrees in a 
wave disturbance. 

quarter-wave antenna An antenna in which the 
radiator is an electrical quarter-wavelength long 
at the operating frequency. 
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quarter-wave antenna 


quarter-wave attenuator In a transmission line or 
waveguide, two energy-absorbing structures sep- 
arated by an odd number of quarter wavelengths 
so that the reflection from one structure is can- 
celed by that from the other. 

quarter-wave balun A balun using quarter-wave 
elements. One form of this device consists of 
a grounded quarter-wavelength-long cylinder 
closed at one end and open at the other, for 
matching an unbalanced low-impedance line to a 
balanced high-impedance line. 

quarter wavelength Symbol, )/4. The distance that 
corresponds to 90 degrees of phase as an electro- 
magnetic (EM) field is propagated. In free space, it 
is related to the frequency by a simple equation 


Ly = 246/f 
where Lg represents 1/4 in feet, and {represents 


the frequency in megahertz. If 1/4 is expressed in 
meters, then the formula is 


Lm = 75/f 
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What will happen to a human if he gets a lightning strike? Will Nikita get some extrasensory power? 





where L,, represents the displacement in meters. 
In general, if v is the velocity factor (expressed as 
a ratio) in a given medium, then: 
Ly = 246v/f 
and 
Ly = 75v/f 

Compare FULL WAVELENGTH, HALF WAVE- 
LENGTH. 

quarter-wavelength line A transmission line or 
feeder that is a quarter-wavelength long at the 
operating frequency. Also called quarter-wave 
line. 

quarter-wavelength matching stub An arrange- 
ment consisting of a quarter-wavelength-long 
parallel-wire section of transmission line, used 
for matching the impedance of a nonresonant 
feeder to that of an antenna. It is similar to a Q- 
MATCHING SECTION, except that flexible trans- 
mission line (e.g., ladder line) is used, rather than 
rigid metal rods or tubing. 

quarter-wave monopole A _ nondirectional UHF 
vertical antenna requiring no ground. The radia- 
tor is “4 wavelength long, and is an enlarged- 
diameter outer sleeve connected to the outer 
conductor of the coaxial feeder. The two sections 
simulate a half-wave antenna. 

quarter-wave plate A plate of double-refracting 
crystalline material whose thickness allows the 
introduction of a quarter-cycle phase difference 
between the ordinary and extraordinary compo- 
nents of light transmitted by it. 

quarter-wave radiator An antenna consisting of a 
single, usually straight, active element that mea- 
sures an electrical quarter wavelength from end 
to end. When operated against electrical ground, 
the element exhibits resonance. A simple quar- 
ter-wavelength (4/4) conductor with a high 
length-to-diameter ratio measures approximately 
95 percent of 1/4 in free space. The element can 
be much shorter than free-space 1/4 yet remain 
resonant when operated against electrical ground 
if inductance is inserted in series with the radia- 
tor. The element can be much longer than free- 
space 1/4 yet remain resonant when operated 
against electrical ground if distributed capaci- 
tances are inserted in series with the radiator. 

quarter-wave resonance Resonance at the operat- 
ing frequency in a quarter-wave antenna. 

quarter-wave resonant line A section of transmis- 
sion line (such as open-wire line or coaxial cable) 
that is a quarter-wavelength long at the operating 
frequency. Such a section is useful in impedance 
matching and in various radio-frequency tests 
and measurements. 

quarter-wave stub See QUARTER-WAVE TRANS- 
FORMER. 

quarter-wave support In a coaxial line, a quarter- 
wave metal stub that can be used, instead of an 
insulator, to separate the inner and outer con- 
ductors. 


5059F-pQ-566-573 4/10/01 9:36 AM Page 571 cp 


quarter wavelength ¢ quartz plate 571 


quarter-wave termination In a waveguide, a set of 
two metal barriers separated by 90 electrical de- 
grees. One barrier totally reflects the energy strik- 
ing it. The other barrier allows some energy to 
pass through. Resonance occurs in the space be- 
tween the barriers. 

quarter-wave transformer A quarter-wave reso- 
nant line short-circuited at one end by an ad- 
justable slider. This arrangement is useful for 
radio-frequency impedance matching. 

quarter-wave transmission line See QUARTER- 
WAVE LINE. 

quartic equation A fourth-degree equation of the 
form ax* + bx? + cx? + dx + e=0, where a, b, c, d, 
and e are constants. Also called BIQUADRATIC 
EQUATION. 

quartz A mineral that is a variety of natural silicon 
dioxide, or an artificially grown material of the 
same sort. In the natural state, quartz occurs in 
hexagonal crystals having pyramidal ends. It has 
various uses in electronics; one of the most com- 
mon is the manufacture of piezoelectric crystals. 

quartz bar A comparatively large, thick piezoelec- 
tric quartz plate used in standard-frequency os- 
cillators and in sharply tuned low-frequency 
filters. Common resonant frequencies are 50 kHz, 
100 kHz, and 1000 kHz. 

quartz crystal A natural or artificial piece of 
quartz cut to specific dimensions, usually self- 
contained in a solder-in or plug-in enclosure. The 
device acts as a highly stable selective circuit. It 
exhibits a sharp resonance at the frequency for 
which it is cut, and at harmonics of this fre- 
quency. It is used as the frequency-determining 
element in precision oscillators. 

quartz-crystal oscillator See CRYSTAL OSCILLA- 
TOR. 

quartz-crystal 
ONATOR. 

quartz delay line An acoustic delay line using 
quartz to transmit the sound waves. 

quartz-fiber electroscope An electroscope using a 
gold-plated quartz fiber, instead of gold leaves. 

quartz-halogen lamp An incandescent, usually 
low-voltage lamp used in automotive headlights, 
and in some home and office lighting appliances. 
It provides greater efficiency than conventional 
incandescent lamps. 

quartz lamp A mercury-vapor lamp with a trans- 
parent quartz (instead of glass) envelope. Unlike 
glass, quartz readily passes the ultraviolet rays 
generated by the mercury discharge. 

quartz lock A circuit that uses a CRYSTAL OSCIL- 
LATOR to regulate frequency, timing, or speed. It 
is used in electronic clocks and watches, televi- 
sion receivers, synthesized radio receivers, trans- 
mitters, transceivers, high-fidelity turntables, etc. 

quartz oscillator See CRYSTAL OSCILLATOR. 

quartz plate A piezoelectric plate cut from a quartz 
crystal. The plate is itself often called a crystal. 
Also see CRYSTAL AXES and CRYSTAL CUTS. 


resonator See CRYSTAL RES- 
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quartz resonator See CRYSTAL RESONATOR. 

quartz timepiece A watch or clock having as its 
control element a time-determining quartz crys- 
tal. 

quasi- A prefix meaning “to some extent” or “simi- 
lar to,” as in quasi-optical radio wave (a radio 
wave that behaves like a light ray). 

quasi-bistable circuit A trigger-operated multivi- 
brator. It operates as a flip-flop when the trigger 
frequency is sufficiently high. 

quasi-instruction In a computer program, a data 
item appearing as an encoded instruction, but 
that is not acted upon. 

quasi-linear feedback system A system in which 
the feedback elements are nearly linear, but not 
entirely linear. 

quasi-negative Pertaining to a voltage that is 
negative, with respect to some other voltage, but 
whose absolute polarity is positive. For example, 
+0.5 volt is quasi-negative, with respect to 
+5.5 volts. 

quasi-optical Behaving like light. The term is used 
to describe certain extremely short radio waves or 
other radiations that, like light rays, follow line- 
of-sight paths and can be directed, reflected, re- 
fracted, or diffused. 

quasi-optical path A line-of-sight path followed by 
very short radio waves, such as microwaves. 

quasi-positive Pertaining to a voltage that is posi- 
tive, with respect to some other voltage, but 
whose absolute polarity is negative. For example, 
-0.5 volt is quasi-positive, with respect to 
—5.5 volts. 

quasi-random A set of numbers considered to be 
random, but chosen according to an algorithm. 

quasi-rectangular wave A wave whose shape ap- 
proaches that of a rectangular wave, but that 
possesses a small amount of tilt and/or curva- 
ture. 

quasi-scientific A term that is sometimes applied 
to the design of electronic systems or to the ap- 
praisal of circuit behavior, using an intuitive, 
rather than analytical approach. 

quasi-sine wave A waveform that is not a perfect 
sine curve, but is close enough to be considered 
sinusoidal, for all practical purposes. 

quasi-single sideband A modulated waveform that 
somewhat resembles single sideband, in which 
parts of both sidebands are present. 

quasi-square wave A waveform that is not a per- 
fect square, but is close enough to be considered 
square for all practical purposes. It is sometimes 
applied to a rectangular wave when a square 
wave is desired. 

quasi-technical A term sometimes applied to qual- 
itative tests, as opposed to quantitative tests. 

quaternary 1. Pertaining to a base-4 number 
system. 2. Of an atom, joined to carbon atoms for 
four bonds. 3. The fourth member of a 4-unit set. 

Quebec Phonetic alphabet code word for the 
letter Q. 
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quench 1. To suddenly bring to an end (e.g., to 
quench an oscillation). 2. To cool quickly, as in 
the quenching of a heated metal object. 3. To ex- 
tinguish the discharge in a gas tube. 

quench capacitor A capacitor that prevents a 
spark from arcing across an inductor when cur- 
rent flow abruptly stops. 

quench frequency Sce 
QUENCY. 

quenching action Typical operation of a superre- 
generative circuit, in which regeneration is in- 
creased to nearly the point of oscillation and then 
reduced; this action is repeated at an ultrasonic 
frequency and results in very high sensitivity. 
Also see QUENCHING FREQUENCY, QUENCH 
OSCILLATOR, and SUPERREGENERATIVE CIR- 
CUIT. 

quenching frequency The frequency at which re- 
generation in a superregenerative circuit is in- 
creased and decreased. 

quench oscillator In some superregenerative cir- 
cuits, the separate ultrasonic oscillator that pro- 
duces the required quenching action. 

quench resistor A resistor in a quenching network 
that prevents a spark from occurring across an 
inductor when current flow stops. 

queue A list of data, steps in a process, or com- 
mands awaiting execution in a specific order. 

queuing theory A branch of mathematical elec- 
tronics, dealing with the optimum order in which 
steps should be executed to obtain a particular 
end result. 

quibinary code In computer operations, a binary- 
coded decimal system in which each decimal digit 
is represented by seven bits occupying places 
whose values are 8, 6, 4, 2, O, 1, and O. 

quibinary decade circuit A decade counter con- 
sisting of a ring-of-5, followed by a single binary 
stage. 

quick break An operating characteristic of a 
switch, relay, or circuit breaker whereby the con- 
tacts open rapidly—even when the actuating cur- 
rent or mechanical force is slow-acting. 

quick-break fuse A fuse in which the wire melts 
and breaks almost instantly when the current 
rating is exceeded. Also called quick-blow fuse. 
Compare SLOW-BLOW FUSE. 


QUENCHING | FRE- 
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quick-break switch A switch that opens rapidly— 
even if its handle or lever is moved slowly by the 
operator. This action minimizes arcing and pre- 
vents chatter. Compare QUICK-MAKE SWITCH. 

quick charge The process of charging a battery, 
such as a nickel-cadmium (NICAD) or nickel- 
metal-hydride (NiMH) type, at a relatively rapid 
rate, at high charging current. It is sometimes 
used to charge a battery from a state of almost to- 
tal discharge. Compare TRICKLE CHARGE. 

quick-disconnect The characteristic of a connec- 
tor that enables its mating halves to be separated 
quickly and simply, to break the circuit in which 
it is situated. 

quickening liquid A solution of mercuric cyanide or 
mercuric nitrate, into which objects can be dipped 
prior to electroplating with silver. The process en- 
sures good adhesion of the silver to the object. 

quick make An operating characteristic of a 
switch, relay, or circuit breaker, whereby the con- 
tacts close rapidly—even when the actuating cur- 
rent or mechanical force is slow acting. 

quick-make switch A switch that closes rapidly— 
even if its handle or lever is moved slowly by the 
operator. Compare QUICK-BREAK SWITCH. 

quick printer A high-speed printer, used with a 
data terminal or computer. A relative term, de- 
pending on the user and the application. 

quicksilver See MERCURY. 

quick-stop control A control on tape recorders and 
some dictating machines that allows the operator 
to stop the tape, but keep the machine in the play 
or record mode. Also called pause control. 

QuickTime Trade name (Apple Computer, Inc.) for 
system software commonly used in MULTIMEDIA 
applications with personal computers. 

QUICKTRAN For multiaccess computer systems, a 
computer programming language based on FOR- 
TRAN and offering facilities, through the use of 
remote terminals, for running, testing, debug- 
ging, and compiling programs. 

quiescent carrier operation A modulation system 
in which the carrier is present only during modu- 
lation (i.e., it is suppressed at all other times). 
Also called controlled-carrier transmission. 

quiescent-carrier telephony A_ carrier-current 
(wired-wireless) telephone system in which the 
carrier is suppressed when there is no voice or 
alerting signal. 

quiescent component In an electronic device, a 
component that is momentarily nonfunctional. 

quiescent current Operating current (usually a di- 
rect current) flowing in a circuit or component 
during zero-signal or no-drain intervals. Also 
called IDLING CURRENT. 

quiescent operation Zero-signal operation of a de- 
vice, such as a transistor, diode, magnetic ampli- 
fier, or similar component. 
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quiescent period The no-signal interval during 
which equipment is not operating—even though 
it is energized. 

quiescent point The point on the characteristic 
curve of a transistor, diode, or similar device, de- 
noting the zero-signal operating conditions. 

quiescent push-pull Denoting a push-pull stage, 
especially an audio power-output amplifier, in 
which the direct-current signal is essentially 
zero. 

quiescent state The inactive, or resting, state of 
an active component, such as a transistor or vac- 
uum tube. 

quiescent value The zero-signal value of current 
or voltage for any component supplied with oper- 
ating power. 

quiet AGC See DELAYED AUTOMATIC GAIN CON- 
TROL. 

quiet automatic gain control See DELAYED AU- 
TOMATIC GAIN CONTROL. 

quiet automatic volume control See DELAYED 
AUTOMATIC GAIN CONTROL. 

quiet AVC See DELAYED AUTOMATIC GAIN CON- 
TROL. 

quiet battery A direct-current source specially de- 
signed and filtered to minimize noise components 
in its output. 

quieting Noise-voltage reduction in the output ofa 
frequency-modulation (FM) receiver when an un- 
modulated carrier is received. Also called noise 
quieting. 

quieting level In a frequency-modulation (FM) re- 
ceiver, the limiter threshold point. 

quieting sensitivity In a frequency-modulation 
(FM) receiver, the lowest input-signal amplitude 
at which the output signal-to-noise ratio is below 
the specified limit. 

quiet tuning A system of tuning in which the out- 
put of a receiver is muted until a station is tuned 
in properly. 

quinary code See BIQUINARY CODE. 

quinary counter A decade counter consisting of a 
five-stage ring. 

quinhydrone electrode A pH meter electrode con- 
sisting of a platinum wire in a solution of quinhy- 
drone (Cj2H 90,4). Also see PH METER. 

quintillion The number 1,000,000,000,000, 
000,000 (101%). 

quintupler 1. A rectifier circuit that delivers a di- 
rect-current output voltage equal to about five 
times the peak value of the alternating-current 
input voltage. 2. A circuit that delivers an out- 
put signal at the fifth harmonic of the input sig- 
nal. 

QWERTY The standard typewriter and computer 
keyboard layout. The name is derived from the 
first several letters in the top letter row: Q, W, E, 
R, T, and Y. 
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R_ 1. Symbol for RESISTANCE. (Also, r.) 2. Ra- 
diotelegraph abbreviation for ROGER. 3. Symbol 
for RELUCTANCE. 4. Abbreviation of RADIUS. 

r 1. Symbol for ROENTGEN. 2. Symbol for correla- 
tion coefficient. 3. Abbreviation of RADIUS. (Also, 
abbreviated R.) 

te Symbol for CLASSICAL ELECTRON RADIUS. 

RA 1. Abbreviation of right ascension. 2. Abbrevia- 
tion of RANDOM ACCESS. 

rabbit ears An indoor antenna, sometimes used 
with a television receiver, consisting of two verti- 
cal whips (usually telescoping), the angle between 
which is adjustable. 

RAC Abbreviation of RECTIFIED ALTERNATING 
CURRENT. 

Rac Symbol for AC RESISTANCE. (Also, rac.) 

race Incorrect interpretation of the clock pulses by 
a digital circuit. Also called racing. The circuit im- 
properly attempts to do many operations during 
one clock pulse, rather than a single operation. 

RACES Abbreviation of Radio Amateur Civil Emer- 
gency System. 

raceway See WIRE DUCT and WIREWAYS. 

rack An upright frame for holding equipment of 
RACK-AND-PANEL CONSTRUCTION. 

rack-and-panel construction A method of build- 
ing electronic equipment on a chassis attached 
horizontally or vertically to a vertical panel. After 
completion of a unit, the panel is fastened in 
place on a RACK. Several such panels fill the 
rack. 

rack and pinion A device used for mechanical ad- 
justment of a control, such as the tuning control 
in a radio receiver. A gear engages a serrated rod. 
As the gear is turned, the rod moves lengthwise. 


Scale 


Pointer 


Straight, 


toothed rod Shaft 


Round, 
toothed gear 
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rack up In computer operations, a way of display- 
ing data, in which a new line added to the already 
completely occupied screen bumps up what has 
forgone, thus eliminating the top line. 

racon Acronym for radar beacon. 

rad 1. A unit of ionizing radiation received by a 
body (dose) equal to 0.001 J/kg. 2. Abbreviation 
of RADIAC. 3. Abbreviation of RADIAN. 4. Abbre- 
viation of RADIO. 5. Abbreviation of RADIX. 

radar 1. A microwave system for detecting objects 
and determining their distance, direction, head- 
ing, speed, and other characteristics. Signals 
from the transmitter are reflected back to the 
transmitter site by the object, and the reflection 
(sometimes along with the transmission) is dis- 
played on a cathode-ray screen. The name is an 
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acronym for radio detection and ranging. 2. The 
theory and application of radio detection and 
ranging systems as defined in 1. 

radar altitude The distance of an aircraft above 
the surface of the earth, as determined by radar. 
This value varies with the terrain over which the 
aircraft passes. 

radar antenna Any antenna used for transmitting 
and/or receiving radar signals. 

radar astronomy The use of radar equipment to 
observe and map planets, moons, and asteroids, 
and to measure their distance from the earth or 
from a spacecraft. 

radar beacon A radar transceiver that, on receipt 
of radar signals, transmits encoded signals from 
which the operator can take a bearing. 

radar beam The cone-shaped main lobe of energy 
emitted by a radar antenna. The narrower the 
beam, the greater the resolution of the radar sys- 
tem. 

radar clutter Visual interference on a radar screen 
caused by reflections from ground or sea. 

radar countermeasures Abbreviations, RCM and 
rad CM. In wartime, any method of interfering 
with enemy radar, such as jamming or use of de- 
coys. 

radar detector 1. A device used in automobiles 
and trucks to detect the proximity of police or 
highway-patrol radar. 2. A device used in military 
applications, especially aviation, to indicate the 
presence of radar. 

radar display The scheme via which a radar set 
portrays the relative positions of the objects that 
produce echoes. The most common is the az- 
imuth/range display, showing compass bearings 
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(usually in degrees clockwise from geographic 
north) and radius from the transmitter (usually 
in miles or kilometers). Altitude above mean sea 
level can be displayed for individual echoes. 

radar homing A method of missile homing in 
which radar is used to track a target. 

radar speed trap A radar system used by traffic 
police to spot speeding vehicles. 

radar telescope The transmission and reception 
unit used in radar astronomy. Compare RADIO 
TELESCOPE. 

RadCM Abbreviation of RADAR COUNTERMEA- 
SURES. (Also, RCM.) 

radial 1. One of several conductors used to enhance 
the performance of an unbalanced, vertical an- 
tenna. These can be constructed from wire or 
metal tubing, and generally measure one-quarter 
wavelength or more. When a vertical antenna is 
mounted at the earth’s surface, the ground con- 
ductivity is improved by these conductors, which 
run outward from the base of the radiator, and are 
connected to the shield of a coaxial feed line. The 
greater the number of radials of a given length, the 
more the ground loss is reduced. Also, the longer 
the radials for a given number, the better. If a ver- 
tical radiator is mounted with its base more than 
one-quarter wavelength above the earth’s sur- 
face, there need only be three or four conductors 
measuring exactly one-quarter wavelength. 
See GROUND-MOUNTED VERTICAL ANTENNA, 
GROUND-PLANE ANTENNA. 2. Pertaining to the 
distance from the center of a circle to its periphery. 
3. Pertaining to the distance from the center of a 
sphere to its surface. 4. Extending or emanating 
outward in a straight line from a defined point. 
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radial ground An earth connection composed of 
radials buried in the ground. 

radial lead _ A lead (pigtail) attached perpendicular 
to the axis of a component, such as a resistor or 
capacitor. 

radian Abbreviation, rad. The angle at the center of 
a circle subtended by an arc whose length is 
equal to the radius. Equal to approximately 
57.2958 degrees. 

radiance The radiant flux emitted by an object. Ra- 
diance is measured in terms of the amount of en- 
ergy contained in a unit solid angle (steradian) 
with the source at the apex. 

radians-to-degrees conversion The conversion of 
radian angular measure into degrees. To change 
radians to degrees, multiply the number of de- 
grees by 57.2958. Thus, 0.7854 radian = 45 de- 
grees. Compare DEGREES-TO-RADIANS CON- 
VERSION. 

radiant efficiency The ratio of the radiant energy 
emitted by a source to the energy consumed by 
the source. The radiant energy is generally speci- 
fied within a certain range of wavelengths. An ex- 
ample is the incandescent light bulb, which has 
relatively low radiant efficiency in the visible 
spectrum between about 750 and 390 nanome- 
ters. 

radiant energy 1. Any form of energy emitted by a 
source and propagated through space as an elec- 
tromagnetic disturbance. Included are radio 
waves, infrared, visible light, ultraviolet, X rays, 
and gamma rays. 2. Electromagnetic distur- 
bances at infrared and shorter wavelengths. 

radiant flux The rate at which radiant energy is 
emitted. 

radiation 1. The emission of energy or particles 
(e.g., waves from an antenna, X rays from an X- 
ray tube, energy from a radioactive material, heat 
from a body, etc.). 2. Radio waves, infrared, visi- 
ble light, ultraviolet, X rays, or gamma rays. 
3. Ionizing emissions from radioactive substances 
(e.g., alpha particles, beta particles, neutrons, 
gamma rays, etc.). 

radiation angle The horizontal or vertical angle at 
which electromagnetic waves are radiated from 
an antenna. Measured between the central axis of 
the main lobe and the horizon, or between the 
central axis of the main lobe and geographic 
north. 

radiation belts See VAN ALLEN RADIATION 
BELTS. 

radiation counter An instrument used for deter- 
mining the intensity of atomic-particle radiation, 
X rays, or gamma rays. It operates by means of 
ionization of a gas in a sealed tube. 

radiation field The portion of the electromagnetic 
field that is propagated by a radiator, as opposed 
to the induction field. 

radiation intensity For a directional radio trans- 
mitting antenna, the radiated power per stera- 
dian in a given direction. 
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radiation loss Loss of energy through radiation 
from a conductor. Also see LOSS. 

radiation pattern A graphical representation of 
the intensity of the electromagnetic field in vari- 
ous directions from a radiator, such as a trans- 
mitting antenna. It is usually shown in either the 
horizontal plane or a specific vertical plane con- 
taining the antenna. Also see LOBE. 

radiation physics The study of radiation and its 
effects on matter. Radiation physics is especially 
concerned with ionizing radiation, but it can in- 
volve any kind of particle or electromagnetic en- 
ergy. 

radiation pressure Pressure exerted on a surface 
by impinging electromagnetic radiation. 

radiation resistance The inherent resistance at 
the feed point of a resonant radio antenna. 

radiation sickness General physiological symp- 
toms resulting from a short-term overdose of 
X rays, gamma rays, or atomic-particle radia- 
tion. 

radiator 1. The element of an antenna from which 
radio energy is directly radiated, as opposed to 
the transmission line, lead-in, reflector, or direc- 
tor. 2. See LOUDSPEAKER. 

radio 1. Wireless electrical communication, i.e., by 
means of electromagnetic waves. 2. See RADIO 
RECEIVER. 3. See RADIO TRANSCEIVER. 4. See 
RADIO TRANSMITTER. 5. To communicate by ra- 
dio. 

radio- 1. A prefix meaning “pertaining to wireless 
electrical communication.” Examples: radiotele- 
phone and radiotelegraph. 2. A prefix meaning 
“using radio waves.” Examples: radiosonde, ra- 
diolocator, and radiothermics. 3. A prefix meaning 
“pertaining to using or possessing radioactivity,” 
or “pertaining to X rays.” Examples: radiograph, 
radioisotope, and radiologist. 

radioactive Having the property of emitting alpha, 
beta, and (sometimes) gamma rays as the result 
of nuclear disintegration. Also see HALF-LIFE. 
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radioactive element A chemical element that is 
RADIOACTIVE (e.g., uranium). Also called ra- 
dioelement. 

radioactive isotope See RADIOISOTOPE. 

radioactive tracer A quantity of radioactive mate- 
rial put into a system so that its path can be mon- 
itored by means of a radiation detector. An 
example is the introduction of radioactive barium 
into the large intestine. The flow and concentra- 
tion of the barium gives an indication of the func- 
tioning of the lower intestine. 

radioactive transducer A pickup device for detect- 
ing and measuring radioactivity (e.g., Geiger- 
Mueller tube). 

radioactivity counter See GEIGER COUNTER 
and SCINTILLATION COUNTER. 

radio altitude See RADAR ALTITUDE. 

radio amateur An electronics hobbyist licensed to 
operate two-way wireless communications sta- 
tions in various assigned frequency bands, with- 
out receiving payment for services rendered. 

Radio Amateur Civil Emergency System Abbre- 
viation, RACES. A civil-defense organization of li- 
censed amateur radio stations. Also see RADIO 
AMATEUR. 

radio astronomy The observation, study, and 
analysis of radio-frequency electromagnetic emis- 
sions from bodies or points in space, and the 
study of these bodies through their radiations. 

radioautograph See AUTORADIOGRAPH. 

radio beacon 1. A radio transmitter of direction- 
finding or guidance signals. 2. Also called radio 
beam. The signals transmitted by a radio beacon, 
as defined in 1. 

radio beam 1. Antenna radiation focused in one 
direction. 2. See RADIO BEACON, 2. 

radiobiology A field of biology concerned with the 
influence of radiant energy or radioactivity on liv- 
ing organisms. 

radio broadcast A radio transmission directed to 
numerous, nonspecific receivers—especially by a 
station in the broadcast service. Also called RA- 
DIOCAST. Also see BROADCAST SERVICE, 1, 2. 

radio car An automobile equipped with a two-way 
radio. 

radio carbon Radioactive carbon (i.e., carbon 14). 

radiocast See RADIO BROADCAST. 

radio channel A single, usually narrow radio- 
frequency band within a larger band, in which 
stations are authorized to transmit signals of a 
specified type. Also see CHANNEL, 1; CHANNEL 
SEPARATION; and CHANNEL WIDTH. 

radiochemistry The chemistry of radioactive sub- 
stances. 

radio communication Wireless communication 
carried on by means of radio-frequency electro- 
magnetic waves. 

radio compass See DIRECTION FINDER. 

radioconductor A substance or body whose elec- 
trical conductivity is affected by radio waves, and 
that can be used as a sensor of such waves. 
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radio control See REMOTE CONTROL. 

radio direction finder See DIRECTION FINDER. 

radio Doppler 1.A change in the frequency of a ra- 
dio signal emitted by a source having radial mo- 
tion, with respect to the receiver. 2. An electronic 
device used to measure radial speed by means of 
the Doppler effect at radio frequencies. 

radio-electronics The branch of electronics specif- 
ically involved with wireless communications. 

radioelement See RADIOACTIVE ELEMENT. 

radio engineer A trained professional skilled in the 
physics and mathematics of radio communica- 
tions, and in the theory and application of basic 
electronics engineering and related subjects. Also 
see RADIO ENGINEERING. 

radio engineering The branch of electronics engi- 
neering devoted to the theory and operations of 
radio communication. 

radio field strength The intensity of radio waves 
at a given point. Also see FIELD INTENSITY, 2 
and RADIO MAP. 

radio frequency Abbreviation, RF. 1. Consisting 
of, or pertaining to, alternating currents at fre- 
quencies above about 9 kHz (the lowest allocated 
radio communications frequency). 2. Consisting 
of, or pertaining to, electromagnetic fields whose 
wavelengths are longer than those of infrared, 
but shorter than about 33 kilometers (corre- 
sponding to a frequency of 9 kHz). Also see RA- 
DIO SPECTRUM. 

radio-frequency amplifier 1. In a superhetero- 
dyne circuit, the channel in which the incoming 
signal is amplified. Compare INTERMEDIATE- 
FREQUENCY AMPLIFIER. 2. Broadly, an ampli- 
fier of radio-frequency signals. 

radio-frequency choke Abbreviation, RFC. A low- 
inductance coil used to block radio-frequency 
(RF) alternating currents. Many RF chokes have 
air cores; some have cores of ferrite or powdered 
iron. 
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radio-frequency current Symbol, Igr. 2. The in- 
tensity of a generated radio-frequency (RF) signal, 
usually expressed in microamperes. 2. Loosely, 
any measurable RF signal. 

radio-frequency heating The generation of heat in 
an object by an intense radio-frequency electro- 
magnetic field. See, for example, DIATHERMY, 1; 
DIELECTRIC HEATING; and INDUCTION HEAT- 
ING. 

radio-frequency interference Abbreviation, RFI. 
1. Annoying electrical noise in radio-frequency 
(RF) amplifiers, detectors, and instruments. 
2. Undesired RF signals that compete with desired 
ones in amplifiers, receivers, and instruments. 
3. The unwanted interception and demodulation 
of a strong RF signal by an audio-frequency (AF) 
device, such as a telephone set or high-fidelity 
stereo amplifier. 

radio-frequency meter An instrument for mea- 
suring signals of RADIO FREQUENCY (9 kHz and 
above). 

radio-frequency oscillator Abbreviation, RFO. An 
oscillator (self-excited or crystal-controlled) for 
operation at radio frequencies. In such an oscilla- 
tor, stray components, efficiency, and general 
losses are of primary concern. Also see RADIO 
FREQUENCY. 

radio-frequency power Symbol, Prr. Alternating- 
current power at radio frequencies. 

radio-frequency resistance The total in-phase re- 
sistance exhibited by a conductor at radio fre- 
quencies. This opposition to current includes 
direct-current resistance and the in-phase com- 
ponents caused by skin effect, shielding, and the 
presence of dielectrics. 

radio-frequency selectivity The selectivity of a ra- 
dio-frequency (RF) channel, such as the RF am- 
plifier and first detector of a superheterodyne 
circuit. 

radio-frequency transformer Abbreviation, RF 
transformer. A device used for the purpose of 
impedance matching, antenna tuning, or inter- 
stage coupling at frequencies above the range of 
human hearing (approximately 20 kHz and up). 
The device might consist of solenoidal windings 
with an air core, solenoidal windings with a 
powdered-iron or ferrite core, or toroidal wind- 
ings with a powdered-iron or ferrite core. The 
windings are designed to minimize distributed 
capacitance and _  direct-current resistance. 
When no reactance is present, the impedance- 
transfer ratio is equal to the square of the turns 
ratio. Compare AUDIO-FREQUENCY TRANS- 
FORMER. 

radio-frequency transistor 1. A transistor capa- 
ble of providing significant amplification at radio 
frequencies. 2. A transistor operable at frequen- 
cies above 100 kHz. 

radiogenic Produced by radioactivity. 

radiogoniometer A radio compass (see DIREC- 
TION FINDER and GONIOMETER, 1). 
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radiogram A (usually printed out) message trans- 
mitted and received via radiotelegraphy or ra- 
dioteletype. The term is an acronym for radio 
telegram. 

radiograph 1. To contact by sending a RADIO- 
GRAM. 2. An X-ray photograph. 

radio homing 1. A method of homing that uses the 
tracking of a target on the basis of a radio signal 
emitted by that target. 2. A method of keeping a 
missile on track via radio remote control. 

radio interference 1. Interference to radio com- 
munication, from whatever cause. 2. See RADIO- 
FREQUENCY INTERFERENCE. 

radioisotope A radioactive isotope (natural or artifi- 
cial) of a normally nonradioactive chemical element 
(e.g., radioactive carbon). Also see ISOTOPE. 

radio jamming See JAMMING. 

radio knife A surgical instrument consisting essen- 
tially of a needle that forms a high-frequency arc. 
The arc simultaneously cuts and cauterizes tissue. 

radiolocation A process whereby the position of a 
vehicle, aircraft, or ocean-going vessel is deter- 
mined. The simplest method is the directional 
method. Two or three fixed receiving stations are 
used. Radio direction-finding (RDF) equipment is 
employed at each station, in conjunction with a 
transmitter aboard the vessel, to establish the 
bearings of the vessel with respect to each sta- 
tion. Radar can also be used to locate vessels. In 
wartime, enemy craft can sometimes be located 
by visual or infrared apparatus. Satellites can lo- 
cate enemy ships and missiles, in some cases 
with an error smaller than the length of the ves- 
sel itself. Compare RADIONAVIGATION. 
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radiolocator See RADAR. 

radiological system See X-RAY THERAPY SYS- 
TEM. 

radiologist A specialist skilled in RADIOLOGY. 

radiology The science embracing the theory and 
use of X rays and radioactive substances in the 
diagnosis and treatment of diseases and _ ail- 
ments. 

radiolucency 1. The property of a material that al- 
lows ionizing radiation to pass through it with lit- 
tle or no absorption. 2. The extent to which a 
material transmits ionizing radiation. 

radioluminescence Visible light emitted from a ra- 
dioactive material. A good example is radium; it 
was once used on wristwatch dials so that they 
could be seen in the dark. 

radiolysis Chemical decomposition brought about 
by radiation. 

radioman A radio technician or operator. 

radio map A map of a geographic area, on which 
lines are drawn connecting measured points of 
equal field strength for signals from a radio sta- 
tion at the approximate center of the area. 

radiometeorograph See RADIOSONDE. 

radiometer A device for detecting and measuring 
the strength of radiant energy. One form consists 
of a set of vanes blackened on one side and 
mounted on pivots in a partially evacuated glass 
bulb. Visible light or infrared causes the vane as- 
sembly to rotate, the speed being proportional to 
the intensity of the light. 


Glass 
envelope 





radiometer 


radiometry The science and art of measuring radi- 
ation in the infrared, visible, and ultraviolet re- 
gions of the electromagnetic frequency spectrum. 
Compare PHOTOMETRY. 
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radio micrometer See MICRORADIOMETER. 

radionavigation The use of radio apparatus, usu- 
ally in conjunction with computers, by personnel 
aboard moving vessels, for the purpose of plotting, 
correcting, and maintaining a course. The inter- 
secting-line method is simplest. Two or three 
land-based transmitters are needed. Their loca- 
tions must be accurately known. A direction- 
finding device on the vessel is used to determine 
the bearings of each of the transmitters. Aircraft 
radionavigation can be performed with the aid of 
radar. The most sophisticated radionavigation 
techniques employ the Global Positioning System 
(GPS). Computers are used to project the course 
of a craft based on its current position, its speed, 
and the direction of its movement. Course correc- 
tions are made by choosing the desired course 
and having the computer calculate speed and/or 
direction changes. Compare RADIOLOCATION. 

radio net A group of radio stations operating to- 
gether in an organization, often on or near the 
same frequency. 

radio network See RADIO NET. 

radio operator A technician licensed to operate a 
transmitter in the radio, television, or radar ser- 
vices. 

radiopaque Opaque to X rays or other ionizing ra- 
diation. Compare RADIOPARENT. 

radioparent Transparent to X rays or other ioniz- 
ing radiation. Compare RADIOPAQUE. 

radiophone See RADIOTELEPHONE. 

radiophoto A photograph transmitted and re- 
ceived by radio. Also see FACSIMILE. 

radio pill See ENDORADIOSONDE. 

radio prospecting The use of radio-frequency de- 
vices to locate underground or underwater metals 
and mineral deposits. Also see METAL LOCATOR. 

radio range A radio station providing navigational 
aid to airplanes. 

radio receiver The complete apparatus that se- 
lects, amplifies, demodulates, and reproduces a 
radio signal for purposes of communication, as 
distinct from facsimile receiver, remote-control re- 
ceiver, telemetry receiver, television receiver, etc. 

radiosensitivity 1. The property of being sensitive 
to ionizing radiation. Most photographic films 
have this property. 2. The extent to which a sub- 
stance or device is sensitive to ionizing radiation. 

radio service technician An electronics techni- 
cian skilled in the repair and maintenance of ra- 
dio equipment—especially receivers. 

radiosonde A balloon-carried combination of radio 
transmitter and transducers, for sending to a 
ground monitoring station signals revealing such 
atmospheric conditions as temperature, humid- 
ity, and pressure. It is used mainly for gathering 
meteorological data at high altitudes. 

radiosonobuoy See SONOBUOY. 

radio spectroscope A device used by radio as- 
tronomers to obtain the radio-frequency profile of 
a distant star or galaxy. It generally consists of a 


—P— 


5059F-pR-574-606 4/10/01 9:42 AM Page 580 cp 


580 radio spectroscope ¢ radiothermics 


graph, obtained by scanning the radio spectrum frequency (UHF), 300 to 3000 MHz; super high fre- 
and plotting signal intensity as a function of fre- quency (SHF), 3 to 30 GHz; extremely high fre- 
quency or wavelength. quency (EHF), 30 to 300 GHz. 

radio spectrum The continuum of frequencies radiostat See CRYSTAL FILTER. 
useful for radio communication and control. radio station 1. The location at which a radio 
Classified in the following manner: Very low fre- transmitter and/or receiver is/are installed. 


quency (VLF), 9 to 30 kHz; low frequency (LF), 30 
to 300 kHz; medium frequency (MF), 300 to 3000 
kHz; high frequency (HF), 3 to 30 MHz; very high 


2. The complete set of equipment for a radio receiv- 
ing and/or transmitting installation, including 
the studio, linking apparatus, and antennas. 3. A 


frequency (VHF), 30 to 300 MHz; ultrahigh standard broadcast station. 
radio technician A professional skilled in the con- 
To struction, testing, repair, and maintenance of radio 
infrared, equipment, and sometimes in its design, and who 
visible light, usually works under the supervision of a radio en- 
ultraviolet, X rays, gineer. Also see RADIO SERVICE TECHNICIAN. 
gamma rays radiotelegram See RADIOGRAM. 


radiotelegraph 1. Pertaining to the theory and ap- 
plication of, and the equipment for, Morse code 
transmission and/or reception via radio. 2. An 
0.1 mm 3 THz installation for Morse code transmission and/or 
reception via radio. 3. The transmission and/or 
reception of Morse code signals via radio. 
1mm 300 GHz radiotelegraph code See CONTINENTAL CODE. 
ny : radiotelegraph distress signal See SOS. 
Malimetac EEE sadintelegranh monitor eee KEYING MONITOR. 
Microwaves radiotelegraphy The transmission and/or recep- 
tion of telegraphic communications, usually 
Morse code, by means of radio. 
radiotelephone 1. Pertaining to the theory and ap- 
plication of, and the equipment for, voice trans- 
mission and/or reception via radio. 2. An 
Deci _ 10cm 3 GHz installation for voice transmission and/or recep- 
ecimetric UHF : : : sae 
tion via radio. 3. The transmission and/or recep- 
tion of voice signals via radio. 
radiotelephone distress signal See MAYDAY. 
Im = 300 MHz radio/telephone patch See PHONE PATCH. 

VHF radiotelephony The transmission and/or recep- 
tion of audio signals, usually human voices, by 
means of radio. 

radio telescope A directional antenna and associ- 
ated equipment for receiving and evaluating the 
radio-frequency electromagnetic radiation from 
space—especially from celestial objects (such as 
the sun, planets, stars, nebulae, galaxies, 
MF quasars, etc.). See RADIO ASTRONOMY. 
Hectometric radioteletype 1. Pertaining to the theory and ap- 
plication of, and the equipment for, text data 
[km 300 kHz transmission and/or reception via radio. 2. An 
LF installation for text data transmission and/or re- 
ception via radio. 3. The transmission and/or re- 
10 km 30 kHz ception of text data signals via radio. 
VLF radioteletypewriter A teletypewriter adapted to 
Myriametric 30 km 10 kHz radio, rather than wire service; it is used in some 
RADIOTELETYPE installations. In recent years, 
personal computers and terminals have largely 
replaced adapted teletypewriters for this purpose. 
radiotherapy The use of X rays and/or radioactive 
To lower audio substances in the treatment of disease and disor- 
and subaudio ders. 

radiothermics The science of the generation of 

radio spectrum heat by means of radio-frequency current. 


Decimillimetric 


lcm 30 GHz 
Centimetric SHF 


Metric 


10m 30 MHz 
HF 


Decametric 
100 m 3 MHz 


Kilometric 


100 km 3 kHz 
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radiothermy See DIATHERMY. 

radio thorium Radioactive THORIUM. 

radiotracer See TRACER. 

radio transceiver A RADIO RECEIVER and RADIO 
TRANSMITTER built into a single unit, and gener- 
ally intended for use in two-way communication. 

radio transmitter The complete apparatus that 
generates radio-frequency power, modifies it with 
the data needed for communication, and delivers 
the product to an antenna for radiation into 
space. Here, the radio transmitter is distin- 
guished from similar equipment: facsimile trans- 
mitter, remote-control transmitter, telemetry 
transmitter, television transmitter, etc. 

radio-transparent material 1. A substance 
through which radio waves pass with little or no 
attenuation. 2. A substance through which 
X rays, gamma rays, or high-speed subatomic 
particles can pass with little or no attenuation. 

radiotrician Acronym for radio electrician. See RA- 
DIO SERVICE TECHNICIAN. 

radio tube 1. A VACUUM TUBE used at radio fre- 
quencies. 2. A vacuum tube used as an amplifier, 
local oscillator, detector, or mixer in an early ra- 
dio receiver. 

radiovision See TELEVISION. 

radio watch See WATCH. 

radio waves Electromagnetic waves in the RADIO 
SPECTRUM. 

radio window ‘That portion of the radio-frequency 
electromagnetic spectrum that passes through 
the atmosphere, rather than being refracted or 
absorbed. The wavelength range is about 20 me- 
ters to 5 millimeters, or 15 MHz to 60 GHz. The 
lower limit of this range is affected by ionospheric 
conditions. The upper frequency limit depends on 
various factors, including relative humidity and 
dust content of the air. 

radium Symbol, Ra. A rare radioactive metallic 
element. Atomic number, 88. Atomic weight, 
226.025. 

radius The straight-line distance from the center of 
a circle or sphere to its periphery. 

radius vector In spherical or polar coordinates, a 
line segment drawn from the pole, or origin, and 
representing the vector magnitude. 

radix The number indicating the number of sym- 
bols in a system of numerical notation, and the 
powers of which give the place values of the sys- 
tem. Thus, 10 is the radix of the decimal system, 
and 2 is the radix of the binary system. Also 
called BASE. 

radix point In a number, the point (dot or period) 
separating the integral and fractional digits. Its 
specific name depends on the system of notation 
involved: binary point, decimal point, etc. 

radome A plastic shell housing a radar antenna— 
especially aboard an aircraft. 

radon Symbol Rn. A gaseous radioactive element 
that results from the disintegration of radium. 
Atomic number, 86. Atomic weight, 222. 
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rad/s Abbreviation of radians per second, the SI 
unit of angular velocity. 

rad/s? Abbreviation of radians per second squared, 
the SI unit of angular acceleration. 

radux A continuous-wave, low-frequency radion- 
avigation system. Position is determined by com- 
paring the phase of two signals sent from 
different locations. 

RAID Acronym for REDUNDANT ARRAY OF INDE- 
PENDENT DISKS. 

rainbow generator A test-signal generator that 
produces a full color spectrum, a pattern resem- 
bling the successive coloration of a rainbow, on 
the screen of a color-television receiver. Also see 
RAINBOW PATTERN. 

rainbow pattern A test pattern for servicing a 
color-television receiver. It consists of a full color 
spectrum, thus taking its name from its resem- 
blance to a rainbow. Also see RAINBOW GENER- 
ATOR. 

RAM Abbreviation of RANDOM-ACCESS MEM- 
ORY. 

ramp A sawtooth wave with a linear rise and a 
practically instantaneous decay; its name was 
derived from its resemblance to an incline. 


Amplitude 


Time 


ramp 


ramp generator A test-signal generator that pro- 
duces sawtooth-wave signals. Also see RAMP. 

RandD Abbreviation of research and development 
or research and design. (Also, R&D.) 

random access Abbreviation, RA. In computer and 
data-processing operations, pertaining to storage 
or memory in which data can be recovered in any 
order. 

random-access memory In computer and data- 
processing systems, a memory providing access 
time that is independent of the address. 

random deviation Irregular RIPPLE. 

random-fed antenna An antenna that uses RAN- 
DOM FEED. 

random feed A method of connecting a transmis- 
sion line to an antenna, wherein the feed point is 
not necessarily at the center and not necessarily 
at a current loop or voltage loop. This technique 
is rarely used; it generally results in some radia- 
tion from the feed line. 
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random noise _ Electrical noise in which the pulses 
or fluctuations have no discernible pattern of oc- 
currence (i.e., they are haphazard in frequency 
and amplitude). 

random number A number derived by chance. It is 
used in statistical analysis for various purposes. 

random number generator Hardware or software 
that provides a sequence of numbers or digits 
that are random for the purpose of a given statis- 
tical application. 

random occurrence See CHANCE OCCURRENCE. 

random variable In statistics, a variable that can 
have a number of values, each of the same prob- 
ability. 

random winding A coil winding in which the turns 
are wound haphazardly to reduce distributed ca- 
pacitance. 

range 1. The limits within which a circuit or device 
operates (i.e., the territory defined by such lim- 
its). Examples: current range, frequency range, 
and voltage range. 2. The difference between the 
upper and lower limits of deflection of a meter. 
3. The distance over which a transmitter operates 
reliably. 4. A clear area for testing antennas. 
5. The distance between a radar station and a 
target. 6. The possible values for a quantity or 
function that lie between given limits. 

range capacitor See TRIMMER CAPACITOR. 

range-height indicator Abbreviation, RHI. A radar 
display in which the horizontal axis shows dis- 
tance to the target, and the vertical axis shows el- 
evation of the target. 

range mark See DISTANCE MARK. 

range plotting The creation of a graph of the dis- 
tance (range) to objects, as a function of direction 
or orientation in two or three dimensions. Com- 
monly used in robot guidance systems. 

range resistor See TRIMMER RESISTOR. 

range sensing The measurement of distances to 
objects via electronic methods such as radar, 
sonar, vision systems, etc. Commonly used in 
robot guidance systems. 

ranging 1. Any means of determining the distance 
from a station or vehicle to an object or objects. 
2. Any of several methods for a vehicle, vessel, 
aircraft, spacecraft, or robot to navigate in its en- 
vironment by measuring, and keeping track of 
changes in, the distance between itself and one or 
more objects or beacons. 

rank 1. To arrange in a specific sequence accord- 
ing to significance. 2. A place in such a se- 
quence. 

Rankine scale A temperature scale on which the 
freezing point of water is 491.69 degrees, and the 
boiling point 671.69 degrees. Absolute zero is 
represented by O degrees. For conversion to 
kelvins, multiply degrees Rankine by 5/9. 

rapid drift A fast change of a quantity or setting 
(usually in one direction) with time. 

rapid printer See QUICK PRINTER. 
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raser A device that produces coherent electromag- 
netic waves at radio frequencies; the radio- 
frequency equivalent of a LASER. 

raster The rectangle of light (composed of unmod- 
ulated lines) seen on the screen of a television 
picture tube when no signal is present. 

ratchet circuit See COMMUTATOR, 2 and ELEC- 
TRONIC RATCHET. 

rate action See DERIVATIVE ACTION. 

rate effect In a four-layer semiconductor device, 
the tendency for the switch to conduct undesir- 
ably as a result of a transient spike. 

rate-grown transistor See GRADED-JUNCTION 
TRANSISTOR. 

rate gyro A special gyroscope for measuring angu- 
lar rates. 

rate of change 1. The extent to which the value of 
a dependent variable changes in accordance with 
a specified change in an independent variable 
(usually time). 2. A quantitative expression of the 
speed with which a dependent variable changes, 
with respect to an independent variable (usually 
time). 

rate signal A signal whose amplitude is propor- 
tional to the derivative of a variable, with respect 
to time. 

rate time In automatic-control operations, the 
time over which the addition of DERIVATIVE AC- 
TION advances PROPORTIONAL ACTION. 

ratio-arm bridge A simple four-arm bridge in 
which the balancing potentiometer supplies the 
two arms, one on each side of the slider at all 
settings. 


ratio-arm bridge 


ratio arms Two impedance arms serving to estab- 
lish the numerical ratio of a bridge circuit. 

ratio control In automatic-control operations, a 
system in which the controlled variable is in a 
prescribed ratio to another variable. 

ratio detector A frequency-modulation (FM) sec- 
ond detector resembling the FOSTER-SEELEY 
DISCRIMINATOR, except that one of the two 
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diodes is reversed and the junction point of the 
load resistors is grounded. In an FM circuit using 
a ratio detector, no limiter is required. The ratio of 
the direct-current outputs is proportional to the 
ratio of the instantaneous signal voltages applied 
to the two diodes. 

ratio meter An instrument that compares two dif- 
ferent signals (and indirectly their sources) and 
delivers a reading of their ratio. 

rational number A number that can be expressed 
in the form a/b, where a and b are integers and b 
is not equal to zero. 

rational operation Any of the conventional arith- 
metic operations: multiplication, division, addi- 
tion, or subtraction. 

ratio of geometric progression In a geometric 
progression, the ratio of one value to the next. 

ratio of similitude The ratio of the lengths of cor- 
responding sides in similar geometric figures. 

rat race See HYBRID RING. 

raven red_ A variety of red oxide of iron, a commer- 
cial red paint used as the magnetic coating of 
early recording tapes. 

raw ac Unrectified alternating current (ac) or volt- 
age. 

raw data Data that has not been processed in any 
way. 

rawinsonde A RADIOSONDE tracked by a radio di- 
rection finder to determine wind velocity. The 
name is an acronym from radar wind radiosonde. 

raw tape See BLANK TAPE. 

ray 1. A line of radiant energy. Such a line (e.g., 
the path of a single photon of visible light) is 
imagined to arise from a point source and have 
zero width. 2. A thin beam of radiant energy 
(e.g., the beam of electrons in a cathode-ray 
tube). 3. A quantity of radiant energy or ionizing 
radiation (e.g, gamma ray). 4. One of numerous 
lines converging toward, or emanating from, a 
specific point. 5. A vector representing the direc- 
tion in which an electromagnetic field or acous- 
tic disturbance travels. 6. Also called half line. 
The set of points on a line consisting of a defined 
origin and all the points on one side of the origin. 
Example: the positive reactance axis in an AR- 
GAND DIAGRAM. 

Raydist A continuous-wave, medium-frequency 
radionavigation system. The position is deter- 
mined according to the phase difference between 
two signals transmitted from different locations. 

Rayleigh-Carson theorem An expression of the 
reciprocal relationship between the transmitting 
and receiving properties of an antenna. If voltage 
E applied to antenna A causes current I to flow at 
a given point in antenna B, then the same voltage 
(E) applied at that point in antenna B will produce 
identical current I (same magnitude and phase) 
at the point in antenna A, where voltage E 
originally was applied. Also see RECIPROCITY 
THEOREM. 
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Rayleigh distribution A probability-density func- 
tion, used to describe the behavior of sky-wave 
electromagnetic signals. 

Rayleigh’s law The hysteresis loss in a magnetic 
material varies in proportion to the cube of the 
magnetic induction. 

Rb Symbol for RUBIDIUM. 

Rg Symbol for BASE RESISTANCE. (Also, rz.) 

RC 1. Abbreviation of RESISTANCE-CAPACI- 
TANCE. 2. Abbreviation of RADIO-CON- 
TROLLED. 3. Abbreviation of REMOTE CONTROL. 

R. 1. Symbol for COLLECTOR RESISTANCE. (Also, 
Tc.) 2. Symbol for COLD RESISTANCE. 

RCA jack See PHONO JACK. 

RCA plug See PHONO PLUG. 

RC circuit See RESISTANCE-CAPACITANCE CIR- 
CUIT. 

RC-coupled amplifier See RESISTANCE-CAPACI- 
TANCE-COUPLED AMPLIFIER. 

RC coupling See RESISTANCE-CAPACITANCE 
COUPLING. 

RC filter See RESISTANCE-CAPACITANCE FILTER. 

RCL 1. Abbreviation of RECALL. 2. Abbreviation of 
RESISTANCE-CAPACITANCE-INDUCTANCE. 

RCM Abbreviation of RADAR COUNTERMEA- 
SURES. (Also, radCM.) 

RC phase shifter See RESISTANCE-CAPACI- 
TANCE PHASE SHIFTER. 

RC time constant See RESISTANCE-CAPACI- 
TANCE TIME CONSTANT. 

RCTL Abbreviation of RESISTOR-CAPACITOR- 
TRANSISTOR LOGIC. 

RC tuning See RESISTANCE-CAPACITANCE TUN- 
ING. 

RCV Abbreviation for receive. (Also, rev.) 

RCVR Abbreviation for RECEIVER. (Also, revr, rx.) 

rd_ Abbreviation for rutherford. 

R&D See RAND D. 

Rp Symbol for DRAIN RESISTANCE. 

Ra 1. Symbol for DIODE RESISTANCE. (Also, rq.) 
2. Symbol for DISTRIBUTED RESISTANCE. 

R-DAT Abbreviation of ROTARY DIGITAL AUDIO 
TAPE. 

Rac Symbol for DC RESISTANCE. (Also, rac.) 

RDF Abbreviation of RADIO DIRECTION FINDER. 

Re Symbol for RHENIUM. 

Re Symbol for EMITTER RESISTANCE. (Also, rz.) 

REA Abbreviation of Rural Electrification Adminis- 
tration. 

reachthrough See PUNCHTHROUGH. 

reachthrough region See PUNCHTHROUGH RE- 
GION. 

reachthrough 
VOLTAGE. 

reactance Symbol, X. Unit, ohm. The opposition 
offered to the flow of alternating current by pure 
capacitance, pure inductance, or a combination 
of the two. Reactance introduces phase shift. Also 
see CAPACITIVE REACTANCE and INDUCTIVE 
REACTANCE. Compare RESISTANCE. 


voltage See PUNCHTHROUGH 
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reactance chart A nomograph for capacitance, in- 
ductance, and frequency. 

reactance factor The ratio of the alternating- 
current resistance of a conductor to the direct- 
current resistance. The reactance factor generally 
increases as the frequency increases because of 
skin effect and because the length of the conduc- 
tor might be a sizable part of the wavelength of 
the transmitted energy. 

reactance modulator A frequency modulator us- 
ing a variable reactance, usually a varactor diode 
in the oscillator. 
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reactance modulator 


reactance transistor A transistor used as a REAC- 
TANCE MODULATOR. 

reaction-time meter See NEOMATACHOGRAPH 
and NEOMATACHOMETER. 

reactive absorber In acoustics, a device that dissi- 
pates impinging sound waves by means of reflec- 
tion, resonance, and other effects, besides 
dissipation in the form of heat. 

reactive attenuator An attenuator that functions 
by means of reactance, rather than by means of 
resistance. 

reactive current The component of alternating 
current that is not in phase with the voltage. 
Compare RESISTIVE CURRENT. 

reactive kilovolt-ampere Abbreviation, KVAR. A 
unit of high apparent power; it is the product of 
kilovolts and amperes in a reactive component of 
a circuit. Also see APPARENT POWER, KILO- 
VOLT-AMPERE, REACTIVE VOLT-AMPERE, and 
VOLT-AMPERE. 

reactive load 1. A load device that is capacitive or 
inductive, rather than resistive. 2. A load device 
that contains reactance as well as resistance. 

reactive power See REACTIVE KILOVOLTAM- 
PERE and REACTIVE VOLT-AMPERE. 

reactive volt-ampere Abbreviation, VAR. A unit of 
apparent power; it is the product of volts and am- 
peres in a reactive component of a circuit. Also see 
APPARENT POWER, KILOVOLT-AMPERE, REAC- 
TIVE KILOVOLT-AMPERE, and VOLT-AMPERE. 
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reactor 1. An inductor, especially one having very 
low internal resistance, used principally for its in- 
ductive reactance. 2. A chamber in which the nu- 
clei of atoms are split to provide atomic energy. 
Also see NUCLEAR REACTOR. 3. In industrial 
chemistry, a vat in which reactions take place. 

read 1. In computer operations, to extract data 
from memory or a storage medium and (usually) 
transfer it to another area of memory or other 
medium. Compare WRITE. 2. In digital communi- 
cations, to transcribe data into printed form. 3. In 
radiotelegraphy, to listen to Morse-code signals 
and comprehend the text without necessarily 
writing it down. 4. To observe and note the indi- 
cation of an instrument, such as a meter. 

readability In electronic communications, the de- 
gree to which a desired signal can be recognized 
and interpreted in a given context. 

readback Ina multiplexer, a feature that facilitates 
inspection of the contents of the control latch. 

reader A device that transcribes digital signals or 
markings into meaningful data. Examples: 
Morse-code reader and bar-code reader. 

read head In a magnetic memory or in a tape 
recorder or wire recorder used for data recording, 
the head that picks up the magnetic pulses from 
the drum, tape, disk, or wire. Compare WRITE 
HEAD. 

reading rate The number of input characters per 
second that a computer or other data-processing 
device handles. 

read-only memory Abbreviation, ROM. In a com- 
puter or calculator, a memory unit in which in- 
structions or data are permanently stored for use 
by the machine or for reference by the user. The 
stored information is read out nondestructively. 

readout lamp An electron tube containing several 
cathodes, filled with a gas (such as neon), and 
used as a numeric or alphanumeric display de- 
vice. Each cathode is connected to a separate pin 
on the base. A single anode is common to all 
cathodes. The cathode(s) to which a voltage is ap- 
plied glow(s), showing the shape of a numeral, let- 
ter of the alphabet, or other symbol. In recent 
years, this type of display has been replaced by 
light-emitting diodes (LEDs) and _ liquid-crystal 
displays (LCDs). 

readout pulse In arandom-access memory (RAM), 
a pulse applied to the word line, facilitating read- 
out of the information in a certain storage slot. 

read pulse In computer operations, a pulse that 
activates the read function (see READ). Compare 
WRITE PULSE. 

read rate The number of data units an input read 
device can transcribe per unit of time [e.g., bits 
per second (bps) and words per minute (wpm)]. 

readthrough 1. The reception of signals between 
transmitted pulses at the same _ frequency. 
2. The continuous monitoring of a signal being 
jammed. Any change in the frequency, modula- 
tion, or other characteristics of the signal can 
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then be detected, 
adjusted accordingly. 

read time The period during which data is being 
transferred from a computer storage unit. 

read-write channel In computer operations, a 
channel over which activity between a central 
processing unit and a specific peripheral occurs. 

read-write head An electromagnetic transducer 
used for both reading and writing data. See READ 
and WRITE. 

read-write memory 1. A small data storage bank 
for short-term use. The contents of the memory 
are easily changed. 2. See RANDOM ACCESS 
MEMORY. 

real address See ABSOLUTE ADDRESS. 

real axis The axis of the real-number component of 
a COMPLEX NUMBER (ii.e., the horizontal axis in 
an ARGAND DIAGRAM). 

real component The real-number part of a COM- 
PLEX NUMBER. 

real image The image formed on a screen when 
rays from the object converge on passing through 
a lens. Compare VIRTUAL IMAGE. 


and the jamming signal 
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real number A number in the category that in- 
cludes zero, all rational numbers, and all irra- 
tional numbers. Also see COMPLEX NUMBER, 
IMAGINARY NUMBER, IRRATIONAL NUMBER, 
and RATIONAL NUMBER. 

real power The apparent power multiplied by the 
power factor in an alternating-current circuit 
containing reactance. Real power is the difference 
between the apparent power and the reactive 
power. Actual radiated or dissipated power can- 
not exceed the real power. 

real time Pertaining to the operation of a computer, 
communications, or data processing system in 
which events are represented or acted on as they 
occur. Data is processed as it becomes available, 
usually through the use of time-sharing, direct- 
access storage devices, and remote terminals. 

real-time clock A device that produces periodic 
signals that reflect the interval between events. It 
is sometimes used to indicate time of day. 

rear end The low-frequency portion of a super- 
heterodyne receiver (i.e., the intermediate- 
frequency amplifier, second detector, and 
audio-frequency amplifier). Compare FRONT END. 

rear projection A method of big-screen television 
picture reproduction. The image is focused onto a 
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translucent, flat surface. The viewer is positioned 
on the side of the screen opposite to the project- 
ing beam. 

Reaumur scale A thermometer scale on which zero 
is the freezing point of water and 80 degrees is the 
boiling point of water. Compare ABSOLUTE 
SCALE, CELSIUS SCALE, FAHRENHEIT SCALE, 
and RANKINE SCALE. 

rebecca The airborne interrogator in the British 
REBECCA-EUREKA SYSTEM. 

rebecca-eureka system A_ British 90-mile- 
hovering radar navigation system that consists of 
an airborne interrogator (rebecca) and a ground 
transponder beacon (eureka). 

rebroadcast The retransmission of a radio broad- 
cast simultaneously by a station other than the 
originator. Also see AUTOMATIC RELAY STATION. 

rebroadcast station See AUTOMATIC RELAY STA- 
TION. 

recalescence During the cooling of a metal, the 
sudden release of heat. Also see RECALESCENT 
POINT. Compare DECALESCENCE. 

recalescent point Ina metal whose temperature is 
being lowered from a higher value, the tempera- 
ture at which heat is suddenly released. Compare 
DECALESCENT POINT. 

recall Abbreviation, RCL. In computers and calcu- 
lators, an instruction that brings material from 
the memory for examination or use. The opposite 
instruction is STORE. 

receiver 1. A device or system operated at the des- 
tination end of a communication link; it accepts a 
signal and processes or converts it for local use. 
Also see specific entries for various types of re- 
ceiver. 2. The earpiece of a telephone. 3. A radio 
broadcast-band tuner integrated with a general- 
purpose preamplifier and power amplifier, and 
containing standard jacks for input and output of 
audio signals to and from peripheral equipment. 

receiver detector In a wireless communications or 
broadcast receiver, a circuit that extracts the in- 
formation from the signal. The design depends on 
the type of emission to be received. See also DIS- 
CRIMINATOR, ENVELOPE DETECTOR, PHASE- 
LOCKED LOOP, PRODUCT DETECTOR, RATIO 
DETECTOR. 

receiver dynamic range A quantitative measure of 
the ability of a wireless receiver to maintain a 
fairly constant output, and yet to maintain its 
rated sensitivity, in the presence of signals ranging 
from very weak to extremely strong. This figure is 
specified in decibels. It is typically 100 dB or more 
in a well-engineered communications receiver. 

receiver front end The portion of a wireless com- 
munications or broadcast receiver consisting of 
the first radio-frequency (RF) amplifier, and often 
also including bandpass filters between this am- 
plifier and the antenna. The dynamic range and 
sensitivity of a receiver are determined by the per- 
formance of this stage. These two characteristics 
are among the most important for any receiver. 
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Low-noise, high-gain amplifiers are the rule. 
Field-effect transistors are commonly used. 

receiver IF chain In a wireless communications or 
broadcast receiver, the series of radio-frequency 
(RF) amplifier stages in which most of the gain 
takes place. These stages are also where the best 
possible RF selectivity is obtained. The intermedi- 
ate frequency (IF) on which the amplifiers works 
is a constant frequency. This simplifies the de- 
sign of the amplifiers to produce optimum gain 
and selectivity. Crystal-lattice filters or mechani- 
cal filters are commonly used in these stages to 
obtain the desired bandwidth and response. 

receiver mixer In a superheterodyne wireless com- 
munications or broadcast receiver, a stage that 
converts the variable input signal frequency to a 
constant intermediate frequency (IF), or a stage 
that converts the first IF to a second IF usually 
having a lower frequency. This type of circuit is 
nonlinear, and combines the signal with a carrier 
from a local oscillator (LO). The output is either 
the sum or the difference of the signal frequency 
and the LO frequency. 

receiver muting See MUTING, 1. 

receiver noise figure A quantitative measure of the 
ability of a wireless receiver to respond to desired 
signals while rejecting unwanted noise. This can 
be quantified in various ways. In general, the 
lower the noise figure, the better the sensitivity. 
Gallium-arsenide field-effect transistors (GaAs- 
FETs) are well known for the low levels of noise 
they generate, even at quite high frequencies. 
Other types of FETs can be used at lower fre- 
quencies. Bipolar transistors tend to be noisy. 
See also NOISE FACTOR, NOISE FIGURE. 

receiver post-detector stages In a wireless com- 
munications or broadcast receiver, one or more 
stages of amplification and/or filtering employed 
to refine the detector output to a form suitable for 
feeding a speaker, headset, printer, fax machine, 
slow-scan television picture tube, computer, 
electromechanical device, or other peripheral 
equipment. 

receiver primaries See DISPLAY PRIMARIES. 

receiver selectivity A quantitative measure of the 
ability of a wireless receiver to respond to a de- 
sired signal, but not to undesired ones. The fre- 
quency window is established by a preselector in 
the early RF amplification stages, and is honed to 
precision by bandpass filters in later amplifier 
stages. The preselector passes energy within a 
range of about plus-or-minus 10 percent of the 
signal frequency; other frequencies are attenu- 
ated. This reduces the chance for strong, out-of- 
band signals to impair the performance of 
the receiver. The narrowband filter in the final 
intermediate-frequency (IF) stage responds only 
to energy within the actual signal band. This 
minimizes adjacent-channel interference. In 
some receivers, yet another bandpass filter is 
used in the audio-amplifier stages. 
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receiver sensitivity A quantitative measure of the 
ability of a wireless receiver to recover weak sig- 
nals and process them into readable data. The 
most common expression is the number of signal 
microvolts that must exist at the antenna termi- 
nals to produce a certain signal-to-noise ratio 
(S/N). Sometimes, the signal-plus-noise-to-noise 
ratio (abbreviated S+N/N) is given. The front end, 
or first RF amplifier stage, of a receiver is the 
most important stage with regard to sensitivity. 
Sensitivity is directly related to the gain of this 
stage, but the amount of noise the stage gener- 
ates is even more significant. A good front end 
should produce the best possible S/N or S+N/N 
ratio at its output. All subsequent stages amplify 
the front-end noise output as well as the front- 
end signal output. 

receiving set RADIO RECEIVER. 

receiving station A station that ordinarily only re- 
ceives signals (i.e., it makes no type of transmis- 
sion). Compare TRANSMITTING STATION. 

receptacle 1. See SOCKET. 2. The half of a con- 
nector that is mounted on a support, such as a 
panel, and that is therefore stationary. 

recharge In certain cells and batteries, the restora- 
tion of chemical energy following use so that the 
device is ready to deliver its full rated electric cur- 
rent. Also see RECHARGEABLE. 

rechargeable Pertaining to a secondary cell or bat- 
tery that can accept a restoration of chemical en- 
ergy following use, and thus can be completely 
charged and discharged numerous times. Exam- 
ples: nickel-metal-hydride (NiMH) battery and 
lead-acid battery. 

reciprocal impedances See INVERSE IMPED- 
ANCES. 

reciprocal ohm See SIEMENS and MHO. 

reciprocation 1. The determination of a mathe- 
matical reciprocal value from a given value. 
2. The transmission of a message in response to 
a received message. 

reciprocity in antennas See RAYLEIGH-CARSON 
THEOREM. 

reciprocity theorem When a voltage E across 
branch A of a network causes a current I to flow 
in branch B of the network, the voltage can be ap- 
plied across branch B to cause the same value of 
current to flow in branch A. Compare COM- 
PENSATION THEOREM, MAXIMUM POWER 
TRANSFER THEOREM, NORTON’S THEOREM, 
SUPERPOSITION THEOREM, and THEVENIN’S 
THEOREM. 

recombination The refilling of holes by electrons 
in a semiconductor. 

recombination current In a transistor circuit, 
base current resulting from recombination. 

recombination rate In a semiconductor material, 
the speed at which the electrons and holes re- 
combine. It can be expressed as the time 
required for a certain proportion of charge carri- 
ers to recombine. 
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recompile In computer operations, to COMPILE 
again, usually according to program amendments 
following debugging, or to create a different form 
of a program so that it will be compatible with 
other hardware. 

record 1.See PHONOGRAPH DISC. 2. A chart de- 
livered by a graphic recorder. 3. To make one of 
the foregoing. 4. In data processing, a constituent 
of a file. 5. In data processing, a data unit por- 
traying a specific transaction. 

record blocking In data processing operations, 
making data blocks from groups of records so 
that the blocks can, in a single operation, be 
transferred to a nonvolatile storage medium, 
such as diskette or tape. 

record count A usually running total of a file’s 
records. 

recorded disc A phonograph disc on which a 
recording has been made. Also called PRERE- 
CORDED DISC. 

recorded tape Magnetic tape containing recorded 
material. Also called PRERECORDED TAPE. 
Compare BLANK TAPE. 

recorder 1.A machine for preserving sound, video, 
or data signals in the sequence in which they oc- 
cur (e.g., DISC RECORDER, TAPE RECORDER, 
and WIRE RECORDER). 2. A machine for making 
a permanent visual record (photographically or 
by stylus) of an electrical phenomenon. Exam- 
ples: DRUM RECORDER and OSCILLOGRAPH. 

record head See RECORDING HEAD. 

recording density In a magnetic storage medium, 
the number of information units (bits, bytes, etc.) 
represented by magnetized areas, per unit area or 
length. 

recording disc A phonograph record on which ma- 
terial has not been recorded, or from which 
recorded material has been removed. Compare 
PRERECORDED DISC. 

recording head In a magnetic recorder/repro- 
ducer, the head that magnetizes the medium in 
accordance with sounds or other signals. Also 
called RECORD HEAD and WRITE HEAD. Com- 
pare PLAYBACK HEAD. 

Recording Industry Association of America Ab- 
breviation, RIAA. An organization that sets stan- 
dards for audio recording and reproduction in the 
United States. 

recording instrument A measuring instrument, 
such as a voltmeter or ammeter, that makes a 
permanent record of its deflections. Also see 
RECORDER, 2. 

recording loss 1. Loss of data during a recording 
process. 2. Loss resulting from recording effi- 
ciency of less than 100 percent; audio power loss. 

recording tape Magnetic tape on which nothing 
has been recorded, or from which all data has 
been erased. Compare PRERECORDED TAPE. 

recovery time 1. Symbol, t,. The time required for 
a semiconductor pn junction to attain its high- 
resistance state when the bias voltage is suddenly 
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switched from forward to reverse. 2. The time re- 
quired for a circuit to recover from momentary 
overdrive. 3. The time required for a computer 
system to stabilize following a degenerative oper- 
ation. 4. The time required for switching a mem- 
ory from the write to the read mode. It is 
measured as the length of time from switching 
out of the write mode until meaningful signals oc- 
cur at the output. 5. In a transceiver, the time re- 
quired from the completion of a transmitted 
signal until the receiver is activated. 

rect Abbreviation of RECTIFIER. 

rectangular coordinates See CARTESIAN COOR- 
DINATES. 

rectangular scan 1.A method of beam scanning in 
a cathode-ray tube, in which the beam moves se- 
quentially in parallel lines to cover a rectangular 
region. Used in television. 2. In radar, a two- 
dimensional scan, covering a specific rectangular 
region. 

rectangular wave An alternating or pulsating cur- 
rent or voltage whose rise and decay times are es- 
sentially zero, and whose maxima and minima 
are essentially flat, but not necessarily of equal 
duration. The SQUARE WAVE is a special type of 
rectangular wave. 


Time 


Amplitude 


rectangular wave 


rectangular waveguide A waveguide having a rect- 
angular cross section. 

rectification The conversion of alternating current 
into pulsating direct current by any means other 
than the use of a motor-generator. Also see REC- 
TIFIER. 

rectification efficiency The ratio (expressed as a 
percentage) of the direct-current output voltage 
to the peak alternating-current input voltage of a 
rectifier. 

rectified alternating current The unfiltered, pul- 
sating direct-current output of a rectifier. It con- 
sists of the unidirectional half-cycles passed by 
the rectifier (one per cycle for half-wave rectifica- 
tion, and two per cycle for full-wave rectification). 


—P— 


588 rectifier « reductionism 


rectifier Abbreviation, rect. An electronic or elec- 
tromechanical device that converts alternating 
current into pulsating direct current. 

rectifier diode A heavy-duty tube or semiconduc- 
tor diode designed primarily to change alternat- 
ing current to pulsating direct current in power 
supplies. 

rectifier filter A circuit containing parallel capaci- 
tance, sometimes in combination with series in- 
ductance, intended for smoothing out the ripple 
in the output of a power-supply rectifier. 


+ + 

Pulsating Pure DC 

DC input output 
rectifier filter 


rectifier-filter system The rectifier plus power- 
supply-filter combination for converting alternat- 
ing current into direct current. 

rectifier photocell A photovoltaic cell consisting of 
two layers of material with a semiconductor junc- 
tion between them. The device produces direct 
current when exposed to visible light, infrared, or 
ultraviolet radiation. 

rectifier probe A diode-type probe used with a 
direct-current (dc) voltmeter to measure radio- 
frequency (RF) voltage. The diode rectifies the RF 
signal and presents to the meter a dc voltage pro- 
portional to the peak RF voltage. 

rectifier stack An assembly of separate rectifier 
disks or plates in series on a central bolt, as in 
most selenium rectifiers. 

rectifier tube A two-element electron tube, once 
commonly used for converting alternating cur- 
rent into pulsating direct current in high-voltage, 
high-current power supplies. 

rectifier-type meter See DIODE-TYPE METER. 

rectilinear chart A_ graphic-recorder chart in 
which the crossing coordinates are arcs, rather 
than straight lines, to correspond to the swing of 
the pen. Also see STRIP CHART. 

rectilinear scan See RECTANGULAR SCAN, 1. 

recurrent network A circuit in which several sec- 
tions of identical configuration (e.g., L sections) 
are cascaded. 

recurrent phenomenon A phenomenon that re- 
peats itself periodically. 

recurrent sweep In an oscilloscope, a repetitive 
horizontal sweep of the beam occurring at a fre- 
quency determined by the settings of the sweep 
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controls. Also called REPETITIVE SWEEP. Com- 
pare NONREPETITIVE SWEEP. 

recursion 1. Generating a complete sequence of 
functions or numbers by applying an algorithm to 
initial values in the sequence. 2. In computer 
programming and artificial intelligence, a logical 
process containing loops in calculation or reason- 
ing. 

recursive Relating to a procedure or set of steps 
that repeat endlessly. 

Red Book The first format developed for compact- 
disc data storage media, developed by Sony and 
Philips. It is commonly used in digital audio sys- 
tems. See also CD-ROM, GREEN BOOK, OR- 
ANGE BOOK, and YELLOW BOOK. 

red-green-blue Abbreviation, RGB. In video appli- 
cations, the three primary colors from which all 
other colors are derived. Also see COLOR TELE- 
VISION. 

red gun In a three-gun color-television picture 
tube, the electron gun whose (correctly adjusted) 
beam strikes only the red phosphor dots on the 
screen. 

red oxide of iron An iron oxide of the general for- 
mula Fe.O3, used as the magnetic coating of 
recording tape. Also see IRON OXIDE. 

red oxide of zinc See ZINCITE. 

red-tape operation An operation or function 
needed for organizational purposes, but that does 
not directly contribute to the completion of the 
task at hand. 

reduced instruction set computer Abbreviation, 
RISC. A computer architecture in which program 
instructions are simplified to obtain enhanced 
processing speed. It is useful especially in com- 
plex graphics, animation, multimedia, and scien- 
tific work requiring many calculations. 

reductio ad absurdum A method of obtaining a 
conclusion by proving that its negation results in 
a contradiction. It is sometimes used in computer 
programming involving mathematical proofs. 

reduction In an electrochemical cell or battery, a 
transfer of electrons to the active chemical. 

reductionism The theory that all human thought 
processes, including emotion and intuition, can 
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be reduced to digital logic, and thus can be dupli- 
cated by a sufficiently powerful computer. It is of 
interest to researchers in artificial intelligence. 

reductionist A person who subscribes to the the- 
ory of REDUCTIONISM. 

redundancy 1. The repetition of components in a 
circuit (e.g., series or parallel connection of them) 
so that one will be available for circuit operation 
if the other fails. 2. Having available more than 
one method for performing a function. 3. Having 
on hand several copies of data as a safeguard 
against data loss. 

redundancy check A check for the integrity of dig- 
itized data to which extra bits have been added 
for the purpose (e.g., parity check). 

redundant 1. Pertaining to any two units of data 
that resemble each other in such a manner that if 
either unit is removed, no information is lost from 
the system. 2. A unit of data that contains infor- 
mation already present in the system. 

redundant array of independent disks Acronym, 
RAID. A set of data storage media used to store 
video programs. 

red video voltage In a three-gun color-television 
circuit, the red-signal voltage that actuates the 
red gun. 

reed A usually thin metal blade, leaf, or strip used 
in vibrators, reed-type relays, reed-type oscilla- 
tors, and similar devices. 

reed oscillator See REED-TYPE OSCILLATOR. 

reed relay See DRY-REED SWITCH 
MERCURY-WETTED REED RELAY. 

reed-relay logic Logic circuits using reed relays. 
Also see RELAY LOGIC. 

reed switch 1. A frequency-sensitive switch in 
which the movable contact is mounted on the tip 
of a thin, metal strip (reed). The reed is actuated 
by an alternating-current (ac) coil. The reed 
closes the contacts when the ac excitation is at its 
natural frequency. 2. See DRY-REED SWITCH. 

reed-type oscillator An electromechanical audio- 
frequency oscillator whose frequency is con- 
trolled by a vibrating metal strip (reed) instead of 
a tuning fork. Also see HUMMER. 

reed-type switch See REED SWITCH. 

reel 1. The spool around which a magnetic tape or 
video film is wound. 2. A spool containing mag- 
netic tape or video film. 

reentrant cavity A resonant cavity in which one or 
more sections are directed inward to confine the 
electric field to a small volume. 

reentrant winding A winding of wire that returns 
to its starting point—especially in a motor arma- 
ture. 

ref Abbreviation of REFERENCE. 

reference address As a point of reference, an ad- 
dress for instructions having relative addresses. 

reference amplifier A voltage-regulation device 
consisting of a transistor and Zener diode in the 
same envelope. 

reference angle 


and 


In radar, the angle of incidence of 
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the beam against a target surface, measured with 
respect to the normal (perpendicular) line at the 
surface. 

reference antenna A standard antenna, such as 
an isotropic radiator or a half-wave dipole, used 
to establish a reference for determining the rela- 
tive gain of another antenna. 

reference bias current In a reference amplifier, 
the input current that subtracts from the refer- 
ence current. It is generally measured in mi- 
croamperes. 

reference current range In a digital-to-analog con- 
verter, the difference between the maximum and 
minimum reference current for which the device 
is within specifications for resolution. 

reference diode A Zener diode whose constant 
voltage drop is used as a direct-current reference 
potential in calibrator circuits and voltage regula- 
tors. 

reference dipole See REFERENCE ANTENNA. 

reference electrode For use with a pH meter, an 
electrode that provides a reference potential. 

reference input slew rate In a digital-to-analog 
converter, the average rate of change in output 
for a given change in the reference input. It is ex- 
pressed in milliamperes or microamperes per mi- 
crosecond. 

reference level A specific value of a quantity (e.g., 
current, frequency, power, or voltage) to which 
other values of the same quantity are referred. 

reference time The point at which a trigger pulse 
attains 10 percent of its maximum amplitude. 

reference tone A standard audible tone of known 
frequency [e.g., 440 Hz (representing A below 
middle C)]. Sometimes the intensity as well, as 
the frequency, is specified. 

reference white level The television picture signal 
value representing the uppermost limit for peak 
white signals. 

Reg Symbol for EFFECTIVE RESISTANCE. 

reflectance 1.See MISMATCH FACTOR. 2. The re- 
flected part of the radiant flux striking a surface. 
It is expressed as a fraction of the total incident 
radiation. 

reflected binary code See CYCLIC CODE. 

reflected electromagnetic field In a transmission 
line, the electromagnetic energy not absorbed by 
the load when an impedance mismatch exists be- 
tween the load and the line. See INCIDENT 
POWER and REFLECTED POWER. 

reflected impedance In a coupled circuit, the 
impedance in the secondary that appears in the 
primary circuit, or vice-versa, as if it were re- 
flected through the coupling transformer. 

reflected power In a transmission line not per- 
fectly matched to a load at the feed point, an ex- 
pression of the amount of electromagnetic field 
reflected from the feed point, rather than ab- 
sorbed by the load. In general, this can be ex- 
pressed in watts or as a percentage of the 
incident power. It is not a true indicator of the 
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loss caused by the mismatch because the re- 
flected field is usually all returned again when it 
arrives back at the transmitter. 

reflected-power meter A radio-frequency instru- 
ment, connected between a source and a load, 
that can measure INCIDENT POWER and RE- 
FLECTED POWER. 

reflected ray The ray that is reflected by the sur- 
face of a body or region it strikes. Compare INCI- 
DENT RAY and REFRACTED RAY. 

reflected resistance 1. Ina transformer, the effec- 
tive resistance across the primary winding when 
a resistive load is connected to the secondary. 
2. Ina transmission line, the resistance at the input 
end when a load is connected to the output end. 

reflected wave 1. An electromagnetic wave reflected 
by the ionosphere or by the surface of the earth. 
Compare INCIDENT WAVE and REFRACTED 
WAVE. Also see IONOSPHERE and IONOSPHERIC 
PROPAGATION. 2. A wave that is bounced off an 
obstruction, such as a building or mountain. 

reflecting galvanometer A galvanometer having a 
light-beam pointer. 

reflecting shell See IONOSPHERE. 

reflection 1. The turning back of a ray by a surface 
it strikes. Examples of reflecting media are the 
surface of the earth, the polished surface of a ma- 
terial, and a layer of the ionosphere. Compare 
REFRACTION. 2. The return of energy to the 
source by the mismatched end of a transmission 
line or by the end of a radiator. 

reflection error In a radar, radionavigation, or ra- 
diolocation system, an error in the reading 
caused by reflections of the signal from objects 
other than the intended signal source or object. 

reflection factor See MISMATCH FACTOR. 

reflection law When aray strikes a smooth reflect- 
ing surface, the angle of incidence is equal to the 
angle of reflection. 


Reflected ray 


b 
\ 


Tangent plane 






Surface 


0 = Angle of incidence 


Incident ray ¢ = Angle of reflection 


reflection law 
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reflection loss 1. Loss caused by the reflection of 
an electromagnetic field at a discontinuity in a 
transmission line. 2. Loss that occurs when an 
electromagnetic wave is reflected from a surface 
or object. 

reflection phase grating A device that diffuses 
sound waves by diffraction effects. The acoustic 
equivalent of an _ electromagnetic-wave DIF- 
FRACTION GRATING. 

reflective code See GRAY CODE. 

reflectivity 1. See MISMATCH FACTOR. 2. The 
degree to which a point, plane, or surface reflects 
the radiation (light, for example) that strikes it. 

reflectometer 1. See REFLECTED-POWER ME- 
TER. 2. A type of photometer used to measure re- 
flection. 

reflector 1. A smooth, metal surface or wire screen 
for reflecting radio waves. See, for example, 
PARABOLIC REFLECTOR. 2. A length of wire, 
rod, or tubing used in a parasitic antenna to re- 
flect radio waves. Compare DIRECTOR and RADI- 
ATOR. 3. A polished surface for reflecting visible 
light or infrared rays (i.e., a mirror). 4. See RE- 
PELLER. 

reflector element See REFLECTOR, 2. 

reflector satellite A satellite whose skin reflects 
radio waves. 

reflector voltage [na reflex Klystron, the reflector- 
to-cathode voltage. 

reflex baffle A loudspeaker BAFFLE constructed 
so that some of the sound radiated to the rear of 
the diaphragm is transmitted forward (after 
phase shift) to boost acoustic radiation at some 
frequencies. 

reflex bunching In a Klystron, electron bunching 
following direct-current-field-induced reversal of 
the velocity-modulated electrons. Also see RE- 
FLEX KLYSTRON. 

reflex circuit A radio receiver circuit in which a 
single transistor is used successively for different 
functions. For example, one active device can act 
as a mixer and as a radio-frequency amplifier. 

reflex Klystron A Klystron having only one cavity. 
This cavity serves first as the buncher and then, 
as the electrons are turned around and caused to 
pass through again, as the catcher. 

refracted ray The ray that is refracted by a body or 
region through which it passes. Compare INCI- 
DENT RAY and REFLECTED RAY. 

refracted wave An electromagnetic wave that is re- 
fracted by the ionosphere. Compare INCIDENT 
WAVE and REFLECTED WAVE. Also see IONO- 
SPHERE and IONOSPHERIC PROPAGATION. 

refraction The bending of an energy ray as it 
passes through media that cause a change in the 
speed of propagation. It can occur with radio 
waves, infrared, visible light, ultraviolet, X rays, 
gamma rays, and sound waves. 

refractive index See INDEX OF REFRACTION. 

refractivity The extent of the ability to refract, given 
as the quantity (v;/v2) - 1, where v; is the phase 
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velocity in free space, and v2 is the phase velocity 
in the medium through which a wave passes. 

refractory A heat-resistant, nonmetallic ceramic 
material. 

refrigerator A chamber used to maintain a circuit 
or component at a constant temperature that is 
lower than the ambient temperature. This device 
is analogous to the oven, which maintains a 
higher temperature than the surrounding 
medium. A refrigerator can be used to maintain 
precise frequency for a reference oscillator. 

regeneration 1. The processing of a distorted sig- 
nal so that it has its original characteristics. 
2. Positive feedback generally used for the purpose 
of causing oscillation, or for detection in a regen- 
erative receiver. See POSITIVE FEEDBACK. 

regeneration period The period during which the 
electron beam scans a cathode-ray tube screen to 
restore changes to the screen surface. 

regenerative amplifier An amplifier that uses re- 
generation to increase its gain and/or selectivity. 

regenerative detector A detector provided with re- 
generative feedback. Although such a detector is 
sensitive, it can be unstable. Compare NONRE- 
GENERATIVE DETECTOR. 

regenerative feedback Feedback producing re- 
generation (i.e., positive feedback). Compare DE- 
GENERATIVE FEEDBACK. 

regenerative IF amplifier An  intermediate- 
frequency amplifier in which regeneration is intro- 
duced to boost sensitivity and, sometimes, 
selectivity. 

regenerative reading A method of reading data 
(see READ) so that it is automatically restored, by 
writing, to locations from which it came. 

register In computer systems, an arrangement of 
several storage devices, such as flip-flops, for 
storing a certain number of digits (a two-bit regis- 
ter, for example, requires two flip-flops). 

register capacity The range of values for quanti- 
ties that can be handled by a register. 

registered professional engineer A title granted 
by a state board of examiners to a person licensed 
to work as an engineer. 

register length The number of characters or bits 
that can be held in a register, according to its ca- 
pacity. 

registration The accurate alignment of terminals 
or other points on different components or on op- 
posite sides of a board so that when the surfaces 
containing those points are overlaid, all points 
mate precisely. 

regulated power supply A power supply whose 
output is held automatically to a constant level or 
within a narrow range, regardless of loading vari- 
ations. 

regulating transformer See VOLTAGE-REGULAT- 
ING TRANSFORMER. 

regulation 1. In general, the adjustment or control 
of a component, device, or system. 2. Automatic 
control. See, for example, SELF-REGULATION. 
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refractivity ¢ rejection filter 


AC al 





regulated power supply 


3. See CURRENT REGULATION. 4. See VOLT- 
AGE REGULATION. 

regulator 1. A device that automatically holds a 
quantity to a constant value (e.g., a voltage regu- 
lator). 2. A device via which a quantity can be var- 
ied (e.g., potentiometer, rheostat, and variable 
autotransformer). 

regulator diode A semiconductor diode—espe- 
cially a Zener diode used as a two-terminal volt- 
age regulator. 

reinitialization The setting of all lines in a micro- 
computer or microprocessor to logic zero auto- 
matically when power is removed, then reapplied. 

reject amplifier A tuned amplifier having the re- 
sponse of a band-suppression filter. Like the fil- 
ter, the amplifier rejects or severely attenuates 
one frequency (or band of frequencies) while read- 
ily passing lower and higher frequencies. Com- 
pare PASS AMPLIFIER. 

reject filter See REJECTION FILTER. 

rejection circuit A circuit performing the function 
of a REJECTION FILTER. 

rejection filter A filter that suppresses one fre- 
quency (or band of frequencies) while passing all 
other frequencies. 


Input Output 


rejection filter 
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rejection notch A sharp dip in the transmission 
characteristic of a crystal filter. It provides rejec- 
tion-filter action at the notch frequency. Also see 
CRYSTAL RESONATOR and REJECTION FILTER. 

rejectivity The degree to which a selective circuit 
rejects an unwanted signal. Compare TRANSMIT- 
TIVITY. 

rejuvenation See REACTIVATION. 

rel Symbol, R. The cgs unit of reluctance, equiva- 
lent to gilberts per maxwell. 

relative accuracy In a measuring instrument, the 
error determined as a percentage of the actual 
value; the difference between the actual and mea- 
sured values, divided by the actual value, then 
multiplied by 100. 

relative address In the address part of a computer 
program instruction, a number specifying a loca- 
tion relative to a BASE ADDRESS. When the base 
address is added to the relative address, it yields 
the ABSOLUTE ADDRESS. 

relative error The ratio of the absolute error to the 
exact value of a quantity. 

relative gain The current, voltage, or power gain, 
measured, with respect to a reference standard. 

relative humidity Abbreviation, rh. The ratio, asa 
percentage, of the amount of moisture in the air 
to the amount the air could contain at a given 
temperature. Compare ABSOLUTE HUMIDITY. 

relative luminosity Luminosity measured with re- 
spect to a reference level. 

relative permeability The ratio of the permeability 
of a given material to the permeability of another 
material (or of the same material under different 
conditions). 

relative power Power level specified with respect 
to another (often reference) power level. 

relative uncertainty The uncertainty of a mea- 
surement divided by the measured value. The 
maximum value that this quotient can have is 1. 
Also see UNCERTAINTY IN MEASUREMENT. 

relative visibility Response of the human eye to 
light. This is relative because the eye does not see 
equally well throughout the visible spectrum. The 
peak response of the human eye is around 5.4 x 
1014 Hz; this represents yellow-green light. Photo- 
electric devices have peak responses that can dif- 
fer considerably from this value. 

relativity theory See EINSTEIN’S THEORY. 

relaxation A delayed change in circuit conditions, 
as a result of change in the input. 

relaxation inverter An inverter circuit in which 
the direct-to-alternating-current conversion de- 
vice is a RELAXATION OSCILLATOR. 

relaxation oscillator An oscillator whose operation 
results from the buildup of a charge in a capaci- 
tor, followed by sudden discharge of the capacitor, 
the sequence being repeated periodically. In one 
circuit, a capacitor is connected in series with a 
resistor and a direct-current power supply, and a 
neon bulb is connected in parallel with the capac- 
itor. The output is a sawtooth wave. 


5059F-pR-574-606 4/10/01 9:42 AM Page 592 cp 


relaxation time 1. The time required for an expo- 
nentially decreasing variable to fall to 1/e (ap- 
proximately 36.8 percent) of its initial value, 
where e is the natural-logarithm base (approxi- 
mately 2.71828). 2. For a gas, the time required 
for it to return to its original state after having 
been disturbed. 

relay 1. A signal-actuated switching device. In 
most instances, a relatively weak current or volt- 
age is used to make the relay switch a higher cur- 
rent or voltage. A relay can be electromechanical 
or fully electronic (no moving parts). See, for ex- 
ample, ELECTROMECHANICAL RELAY and 
ELECTRONIC RELAY. 2. A repeater station. 3. In 
communications, to receive a message and re- 
transmit it en route from a source to a destina- 
tion. 

relay amplifier See RELAY DRIVER. 

relay booster See RELAY DRIVER. 

relay driver A direct-current amplifier (usually one 
stage) used to actuate an electromechanical relay 
in response to a low-powered signal. 

relay flip-flop See BISTABLE RELAY. 

relay logic Abbreviation, RL. In computer and 
industrial-control operations, a logic system us- 
ing electromechanical relays as flip-flops (see 
BISTABLE RELAY). 

relay transmitter See AUTOMATIC REPEATER 
STATION. 

release time 1. The interval between the instant 
power is removed from a relay and the instant 
the armature is released sufficiently to operate 
the contacts. 2. The time between one control in- 
put becoming inactive and another becoming ac- 
tive. 3. The time required for reception to 
resume in a transceiver, once transmission has 
stopped. 4. An expression for the rapidity with 
which an automatic gain control reverts to max- 
imum sensitivity following the reception of a 
strong signal. 

reliability 1. The dependability of operation of a 
device or circuit under specified conditions. 
2. The proportion of units that still work after a 
set of units has been in use for a specified length 
of time. 

reliability engineering The branch of engineering 
devoted to the theory and application of reliabil- 
ity; based on fundamental engineering and ad- 
vanced statistical concepts. 

reluctance Symbol, R. SI unit, A/Wb; cgs unit, rel. 
In a magnetic circuit, the opposition to the estab- 
lishment of a magnetic field; it is analogous to re- 
sistance in electric circuits. 

reluctance motor An electric motor having a 
squirrel-cage rotor with some of its teeth ground 
down, and a shaded-pole or split-phase type of 
stator that supplies a rotating magnetic field. 
When starting, this motor comes up to speed like 
an induction motor, but the protruding teeth of 
the rotor then follow the field in the manner of the 
poles of a hysteresis motor. 
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reluctivity Specific reluctance (i.e., the reluctance 
of a sample of magnetic material one centimeter 
long and one square centimeter in cross section). 
Reluctivity is the reciprocal of permeability. 

rem Acronym for roentgen equivalent man, an 
amount of ionizing radiation having the same ef- 
fect on the body as a one-roentgen dose of gamma 
or X radiation. 

remagnetizer A magnetizer used principally to re- 
store weakened permanent magnets. 

remainder 1. The result of subtracting one quan- 
tity (the subtrahend) from another (the minuend). 
Also called DIFFERENCE. 2. In division, the nu- 
merical value left over after the integral part of 
the quotient has been determined; it becomes the 
fractional part when divided by the divisor. For 
example, in 25/3, the remainder is 1. 

remanence See RESIDUAL MAGNETISM. 

remanent flux density See REMANENCE. 

remodulator Any device that changes the modula- 
tion of a signal from one form to another, such as 
from frequency modulation to amplitude modula- 
tion, without loss of intelligence. 

remote alarm In security systems, an alarm that 
occurs at a location different from where an in- 
trusion occurs (e.g., at the headquarters of a se- 
curity company). 

remote control Control of distant devices by me- 
chanical means or by radio-frequency signals 
sent from a transmitter especially designed for 
the purpose; in the latter case, it is sometimes 
called radio control. 

remote-control receiver The complete device that 
selects, amplifies, and demodulates or rectifies a 
radio signal for control of a circuit or mechanism 
at a distance from the transmitter of the control 
signal. Some receivers have self-contained anten- 
nas. 

remote-control transmitter The complete device 
that generates radio-frequency power, adds to it 
the signals needed for remote control, and radi- 
ates the modified power. 

remote-control system The complete set of hard- 
ware units and software programs facilitating the 
operation of a computer or robot from a distance. 

remote data terminal In a computer system, a 
terminal connected to the central processor by a 
telephone line or radio link. It is used for the 
transfer of data without providing control of the 
system. Also called remote data station. 

remote error sensing A method of regulation used 
in some power supplies. The voltage across the 
load, or the current through the load, is deter- 
mined by remote control. The power-supply out- 
put is adjusted to compensate for losses in the 
system. 

remote job entry In computer operations, the key- 
ing-in of input data at a site physically distant 
from the central processor. 

remote tuning The electrical or radio tuning of a 
circuit or device from a distance. 
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rendering In three-dimensional computer anima- 
tion, the software process in which all the aspects 
of the model are combined to obtain the presen- 
tation. 

rep 1. Acronym for roentgen equivalent physical, 
an amount of ionizing radiation that, upon ab- 
sorption by body tissue, will develop the energy of 
a one-roentgen dose of gamma or X radiation. 
2. Colloquial abbreviation for repetition, as in rep 
rate. 3. Colloquial abbreviation for representative, 
as in service representative. 

repeatability The ability of an instrument, system, 
or method to give identical performance or results 
in successive instances. 

repeater A _ receiver/transmitter device that re- 
transmits a signal it receives from another 
source, often simultaneously. In this way, a sig- 
nal can be transmitted on several frequencies, or 
the service area of the original station can be ex- 
tended. Also see ONE-WAY REPEATER and TWO- 
WAY REPEATER. 


Transmit 
antenna 


Receive 
antenna 












Receiver Transmitter 


repeater station See AUTOMATIC REPEATER 
STATION and REPEATER. 

repeating decimal A decimal fraction in which 
groups of digits recur endlessly (e.g., 25/99 = 
0.252525. . .). 

repeller An electrode, especially in a velocity-mod- 
ulated tube, for reversing the direction of an elec- 
tron beam. 

repertoire The instruction set for a particular ob- 
ject or source computer programming language. 

repetition instruction In a loop in a computer 
program, an instruction that causes the repeti- 
tive implementation of one or more instructions. 

repetitive phenomenon See RECURRENT PHE- 
NOMENON. 

repetitive sweep See RECURRENT SWEEP. 

replication In an electronic system, especially in a 
computer, the redundancy of hardware units to 
provide standby facilities in case of failure. 

replacement A component or circuit that can be 
substituted directly for another; it fits exactly into 
place and functions exactly like the component it 
replaces, without modification to the equipment. 


repeater 
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report 1. The results of testing and evaluation of a 
device, organized into a written document. 2. The 
output of a computer, printed on paper for per- 
manent reference. 

report program generator Abbreviation, RPG. A 
computer programming language with which pro- 
grams can be produced for the generation of busi- 
ness reports. 

reproduce head See PLAYBACK HEAD. 

reproducing stylus A stylus for the playback of 
material from a phonograph disc. 

reproduction 1. The recovery of data from storage, 
and its presentation in original form. 2. Data ob- 
tained by the process defined in 1. 3. See PLAY- 
BACK. 

reproduction loss See PLAYBACK LOSS. 

repulsion A force that pushes objects away from 
each other, as between similar electric charges or 
similar magnetic poles. Compare ATTRACTION. 
Also see LAW OF REPULSION. 

repulsion-induction motor An alternating- 
current motor arranged to start as a REPULSION 
MOTOR and run as an INDUCTION MOTOR, but 
with better regulation than that of the latter. 

repulsion motor An alternating-current motor 
having an armature and commutator similar to 
those of a direct-current motor, and a stator sim- 
ilar to that of a split-phase motor, without the 
auxiliary starting winding. Repulsion caused by 
the negative half-cycle of torque is utilized to drive 
the armature, by placing the brushes in such a 
way that they close the coils only when the latter 
are in position to receive this repulsive action. 

repulsion-start motor An alternating-current mo- 
tor that starts as a REPLUSION MOTOR but at 
approximately 75 percent of full speed. Its com- 
mutator is automatically short-circuited and the 
motor runs as an INDUCTION MOTOR. Also see 
REPULSION INDUCTION MOTOR. 

request slip In computer operations, peripheral 
and memory needs for a program given in a writ- 
ten statement. 

reradiation Radiation of energy by a body that has 
been exposed to radiation, as when a receiving 
antenna retransmits a signal. 

rerecording A recording of played-back material. 

reroute 1. In computer operations, to establish new 
channels between peripherals and main memory. 
2. To establish new circuit paths, physically (as by 
changing conductor orientation) or electronically 
(as by selecting an alternate signal bus). 

rerun See ROLLBACK. 

res_ 1. Abbreviation of RESISTANCE or RESISTOR. 
(Also, R and r.) 2. Abbreviation of RESEARCH. 3. 
Abbreviation of RESOLUTION. 

reset 1. The clearing of a flip-flop of data in storage 
(i.e., the setting of the flip-flop to its zero state). 2. 
In a computer program, an instruction to initial- 
ize the value of a variable. 3. In a security system, 
a function that terminates an alarm signal follow- 
ing an intrusion, and renders the system opera- 
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tional again so that it can detect subsequent in- 
trusions should they occur. 

reset action 1. The return of a circuit or device to 
its normal operating condition. 2. A method of 
adjusting a circuit to compensate for the severity 
of an abnormal condition. The extent of readjust- 
ment is determined by the extent of the departure 
from normal conditions. 

reset generator A circuit or device that generates a 
pulse for resetting a flip-flop or counter. Also see 
RESET and RESET TERMINAL. 

reset pulse A pulse that resets (see RESET, 1) a 
storage cell in a computer memory. 

reset terminal In a flip-flop, the zero-input termi- 
nal. Compare SET TERMINAL. 

reset time The elapsed time between a malfunc- 
tion and the completion of the reset action. 

reset timer A device that returns a circuit or de- 
vice to its initial state after a specified time delay. 

reserve In multiple programming computer opera- 
tions, to allocate memory areas and peripherals 
for a program. 

reserve battery A battery in which the electrolyte 
is in a special standby chamber outside of the in- 
terelectrode section while the battery is on the 
shelf. When the battery is readied for service, the 
electrolyte is caused to flow into position between 
the electrodes, either by heating the battery, 
shocking it mechanically, or inverting it. 

residual amplitude modulation See INCIDENTAL 
AM. 

residual charge The electric charge remaining in a 
capacitor after it has been initially discharged. It 
results from dielectric absorption. 

residual current A current that continues to flow 
in a circuit after removing power. The duration is 
measured in nanoseconds or microseconds. 

residual frequency modulation 1. See INCIDEN- 
TAL FM. 2. Frequency modulation of the funda- 
mental frequency of a Klystron by noise or 
alternating-current heater voltage. 

residual gas Minute quantities of gas remaining in 
a vacuum tube after evacuation. 

residual magnetism Magnetism remaining in a 
material, such as iron, after the magnetizing force 
has been removed. 

residual modulation 1. Modulation of a signal by 
hum or noise. 2. See INCIDENTAL AM. 3. See IN- 
CIDENTAL FM. 

residual voltage In the output of a null device, 
such as a bridge, a usually small voltage still pre- 
sent at null and preventing zero balance. 

residue check In computer operations, the verifica- 
tion of the result of an arithmetic operation using 
the remainders generated when each operand is di- 
vided by a special number; the remainder is trans- 
mitted along with the operand as a check digit. 

resilience Also called fault resilience. The ability of 
an electronic device or system, especially a com- 
puter, to keep functioning after part of it has 
failed. 
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resin A natural or synthetic organic substance 
that is polymeric in structure and largely amor- 
phous. Various plastics are made from synthetic 
resins. 

resistance 1. Symbol, R or r. Unit, ohm. In a de- 
vice, component, or circuit, the simple opposition 
to current flow. Resistance by itself causes no 
phase shift. In a purely resistive circuit, R = E/I, 
where Ris the resistance in ohms, E is the voltage 
in volts, and I is the current in amperes. 2. A 
property of circuits, devices, or substances that 
causes impinging energy to be dissipated by con- 
version to heat. Compare REACTANCE. 


resistance 


Per kilometer of solid copper wire for American Wire Gauge 
(AWG) | through 40. 


AWG — ohms/km AWG ohms/km 
1 0.42 21 43 
2 0.52 22 54 
3 0.66 23 68 
4 0.83 24 86 
5 1.0 25 110 
6 1.3 26 140 
7 1.7 27 170 
8 2.1 28 220 
9 2.7 29 270 

10 333. 30 350 
11 4.2 31 440 
12 5.3 32 550 
13 6.7 33 690 
14 8.4 34 870 
15 11 35 1100 
16 13 36 1400 
17 17 37 1700 
18 21 38 2200 
19 27 39 2800 
20 34 40 3500 


resistance alloys Metallic alloys used in the man- 
ufacture of resistance wire and resistance ele- 
ments. Such alloys include CONSTANTAN, 
GERMAN SILVER, MANGANIN, MONEL METAL, 
and NICHROME. 

resistance balance A device used to balance a cir- 
cuit, by means of the insertion of resistances. 

resistance brazing A method of brazing in which 
metal is heated by passing a current through it. 
The I°R loss, or dissipated power, occurs in the 
form of heat. 

resistance bridge A bridge (see BRIDGE, 2) for 
measuring resistance only. 

resistance-capacitance Abbreviation, RC. Pertain- 
ing to a combination of resistance and capacitance 
(e.g., RESISTANCE-CAPACITANCE CIRCUIT). 

resistance-capacitance bridge 1. A four-arm null 
circuit containing only resistors and capacitors. 
Also see BRIDGE, 1. 2. An alternating-current 
bridge (see BRIDGE, 2) for measuring resistance 
and capacitance. 
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resistance-capacitance circuit A circuit contain- 
ing only resistors and capacitors. There are no in- 
ductors. 

resistance-capacitance-coupled amplifier A 
multistage amplifier circuit in which RESIS- 
TANCE-CAPACITANCE COUPLING is used be- 
tween stages and at the input and output points 
of the circuit. 

resistance-capacitance coupling Coupling, espe- 
cially between stages in a circuit, using blocking 
capacitors and supply-path resistors. 

resistance-capacitance filter A power-supply fil- 
ter or wave filter containing only resistors and ca- 
pacitors. The resistors are in the positions 
occupied by inductors in inductance-capacitance 
filters. 

resistance-capacitance-inductance Abbrevia- 
tion, RCL. Pertaining to a combination of resis- 
tance, capacitance, and inductance. 

resistance-capacitance phase shifter A phase 
shifter containing only resistors and capacitors to 
obtain the desired shift. 


ER Ec 





resistance-capacitance phase shifter 


resistance-capacitance time constant Symbol, t. 
The time constant (see ELECTRICAL TIME CON- 
STANT) of a circuit containing (ideally) only resis- 
tance and capacitance; t = RC, where t is in 
seconds, Ris in ohms, and Cis in farads. Compare 
RESISTANCE-INDUCTANCE TIME CONSTANT. 

resistance-capacitance tuning Tuning of a cir- 
cuit, such as that of an amplifier or oscillator, by 
means of a variable resistor or ganged units of 
this type. See, for example, PARALLEL-TEE AM- 
PLIFIER, PARALLEL-TEE OSCILLATOR, and 
WIEN-BRIDGE OSCILLATOR. 

resistance-coupled amplifier See RESISTANCE- 
CAPACITANCE-COUPLED AMPLIFIER. 

resistance drop The voltage drop across a resistor, 
or across the inherent resistance of a device. 

resistance-inductance Abbreviation, RL. Pertain- 
ing to a combination of resistance and inductance 
(e.g., RESISTANCE-INDUCTANCE CIRCUIT). 

resistance-inductance bridge 1. A four-arm null 
circuit containing only resistors and inductors. 
Also see BRIDGE, 1. 2. An alternating-current 
bridge (see BRIDGE, 2) for measuring resistance 
and inductance only. 

resistance-inductance circuit A circuit contain- 
ing only resistors and inductors. There are no ca- 
pacitors. 
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resistance-inductance phase shifter A phase 
shifter containing only resistors and inductors to 
obtain the desired phase shift. 


E, Ep 





resistance-inductance phase shifter 


resistance lamp An incandescent bulb inserted in 
series with a circuit to provide a dropping resis- 
tance. Such a lamp is capable of dissipating a 
large amount of power, shows very little reac- 
tance at low frequencies, and is inexpensive. 

resistance magnetometer A magnetometer whose 
operation is based upon the change of electrical 
resistance of a material (such as bismuth wire) 
placed in the magnetic field under test. 

resistance material A substance, such as carbon 
or German silver, whose resistivity is high 
enough to enable its use as a lumped resistor. 
See, for example, RESISTANCE ALLOYS and RE- 
SISTANCE METAL. 

resistance metal A metal, such as iron, whose re- 
sistivity is high enough to enable its use as a 
lumped resistor. Also see RESISTANCE ALLOYS. 

resistance pad An attenuator composed of nonin- 
ductive resistors. 

resistance standard A highly accurate and stable 
resistor used in precision measurements of resis- 
tance. Also see PRIMARY STANDARD and SEC- 
ONDARY STANDARD. 

resistance strain gauge An electrical strain gauge 
in which the stressed element is a thin resistance 
wire. 

resistance strip A strip of metallic or nonmetallic 
resistance material. Also see RESISTANCE AL- 
LOYS and RESISTANCE METAL. 

resistance temperature detector A transducer 
consisting of a specially made resistor whose re- 
sistance varies linearly with temperature. 

resistance thermometer An electronic thermome- 
ter whose operation is based on the change of re- 
sistance of a wire as it is heated or cooled. 


resistance transducer See RESISTIVE TRANS- 
DUCER. 

resistance tuning See VARIABLE-RESISTANCE 
TUNING. 


resistance welding An electrical or electronic 
welding process in which the workpieces are 
heated by current flowing through the inherent 
resistance of their junction. 

resistance wire Wire made of a metal or alloy that 


exhibits significant resistivity. See, for example, 
RESISTANCE ALLOYS and RESISTANCE METAL. 

resistance-wire sensor A specific length of resis- 
tance wire, properly mounted, whose resistance 
is proportional to a sensed phenomenon (such as 
strain, temperature, presence of gas, pressure, 
etc.). See, for example, ELECTRICAL STRAIN 
GAUGE, GAS DETECTOR, and PRESSURE 
TRANSDUCER. 

resistive current The component of alternating 
current that is in phase with voltage. Also called 
WATT CURRENT. Compare REACTIVE CURRENT. 

resistive cutoff frequency Symbol, /;... The fre- 
quency beyond which a tunnel diode ceases to ex- 
hibit negative resistance. 

resistive load A load device that is essentially a 
pure resistance. 

resistive losses Losses resulting from the resis- 
tance of a circuit or device, and usually appearing 
as heat. 

resistive transducer A transducer in which the 
sensed phenomenon causes a change in resis- 
tance, which in turn produces a corresponding 
change in output current or voltage. Compare 
CAPACITIVE TRANSDUCER, CRYSTAL TRANS- 
DUCER, INDUCTIVE TRANSDUCER, MAGNETIC 
TRANSDUCER, and PHOTOELECTRIC TRANS- 
DUCER. 

resistive trimmer See TRIMMER RESISTOR. 

resistive voltage The voltage across the resistance 
component in a circuit. In an alternating-current 
circuit, the resistive voltage is in phase with the 
current. 

resistivity Symbol, r. Resistance per unit volume 
or per unit area. It can be expressed in terms of 
ohms per cubic meter or ohms per square meter. 
Also see MICROHM-CENTIMETER and OHM- 
CENTIMETER. 

resistor A device having resistance concentrated in 
lumped form. Also see RESISTANCE and RESIS- 
TIVITY. 

resistor-capacitor-transistor logic Abbreviation, 
RCTL. A form of RESISTOR-TRANSISTOR LOGIC 
in which capacitors are used to enhance switch- 
ing speed. 

resistor color code See COLOR CODE. 

resistor core A form around which a resistance 
wire can be wound for the purpose of construct- 
ing a high-power resistor. 

resistor decade See DECADE RESISTOR. 

resistor diode A usually forward-biased semicon- 
ductor diode that acts as a VOLTAGE-DEPEN- 
DENT RESISTOR. 

resistor FET See ELECTRONIC RESISTOR. 

resistor fuse See FUSIBLE RESISTOR. 

resistors in parallel See PARALLEL RESISTORS. 

resistors in  parallel-series See PARALLEL- 
SERIES RESISTORS. 

resistors in series See SERIES RESISTORS. 

resistors in series-parallel See SERIES- 
PARALLEL RESISTORS. 
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resistor substitution box A self-contained assort- 
ment of common-value resistors arranged to be 
switched one at a time to a pair of terminals. In 
troubleshooting and circuit development, any of 
several useful fixed resistance values can thus be 
obtained. 

resistor transistor See ELECTRONIC RESISTOR. 

resistor-transistor logic Abbreviation, RTL. A cir- 
cuit in which the logic function is performed by 
resistors, and an inverted output is provided by 
transistors. 

resnatron A form of vacuum tube that is used as 
an oscillator and amplifier at ultra-high and mi- 
crowave frequencies. It is essentially a cavity res- 
onator. 

resolution 1. The degree to which closely adjacent 
parts of an image can be differentiated. 2. The re- 
duction of a problem by means of logical analysis. 
3. The ability of a vision or ranging system to dis- 
tinguish between objects that are close together 
in terms of radial distance, direction, or absolute 
separation. 

resolution ratio In a television image, the ratio of 
horizontal resolution to vertical resolution. 

resonance 1. The state in which the natural re- 
sponse frequency of a circuit coincides with the 
frequency of an applied signal, or vice versa, 
yielding intensified response. 2. The state in 
which the natural vibration frequency of a body 
coincides with an applied vibration force, or vice 
versa, yielding reinforced vibration of the body. 

resonance bridge An alternating-current bridge 
(see BRIDGE, 2) in which one or two arms are 
series-resonant or parallel-resonant, the other 
arms being resistances. Also see SERIES-TYPE 
RESONANCE BRIDGE and SHUNT-TYPE RESO- 
NANCE BRIDGE. 

resonance curve A graph of the insertion gain or 
loss of a component, device, circuit, or system to 


Current or voltage 














Frequency 


resonance curve 
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variations in the frequency of an applied sound or 
signal. Such curves are almost always plotted in 
rectangular coordinates with frequency as the in- 
dependent variable on the horizontal axis. The de- 
pendent variable, plotted on the vertical axis, can 
be any characteristic that displays a peak or dip 
at the resonant frequency or frequencies. In radio- 
frequency circuits, such parameters include cur- 
rent, voltage, attenuation, gain, and impedance. 

resonance theory of hearing The theory that 
sound waves pass down the auditory canal and 
cause the eardrum to vibrate. Behind the 
eardrum is a system of three bones leading to the 
cochlea. The cochlea consists of fibers that res- 
onate. Therefore, they vary in length and tension. 
Various groups of fibers are activated by different 
sounds, and the vibrations are transmitted to 
nerves leading to the brain. 

resonance radiation Electromagnetic radiation 
from an energized substance, resulting from 
movement of electrons from a higher to lower en- 
ergy level. When an electron moves from a higher 
to a lower orbit, a photon, having a definite wave- 
length, is emitted. 

resonant cavity A chamber whose size reinforces 
energy injected into it at a natural frequency, 
which is determined by the chamber’s dimen- 
sions. Such cavities can be used with acoustic or 
electromagnetic waves. 

resonant circuit A circuit whose constants are 
chosen for maximum circuit response at a given 
frequency. Examples: parallel-resonant circuit 
and series-resonant circuit. Also see RESONANCE 
and RESONANT FREQUENCY. 

resonant current Current flowing in a tuned cir- 
cuit at resonance. 

resonant feeder An antenna feeder that is reso- 
nant at the operating frequency. 

resonant filter A filter containing at least one se- 
ries- or parallel-resonant arm for sharp response. 
Thus, a power-supply filter of this kind might 
have a parallel-resonant arm acting as a wave- 
trap at the ripple frequency. 

resonant frequency Symbol, /, or f,. The natural 
frequency at which a circuit oscillates or a device 
vibrates. In an inductance-capacitance circuit 
(series-resonant or parallel-resonant), the reac- 
tances cancel at the resonant frequency, leaving 
only resistance. 

resonant-gate transistor A transistor embodying 
a tiny tuning fork for resonance at low frequen- 
cies, thus eliminating bulky coils and capacitors. 

resonant line A transmission line that is resonant 
at the operating frequency. 

resonant-line amplifier See LINE-TYPE AMPLI- 
FIER. 

resonant-line circuit A circuit using resonant 
lines as a tank. See, for example, LINE-TYPE 
AMPLIFIER and LINE-TYPE OSCILLATOR. 

resonant-line oscillator See LINE-TYPE OSCILLA- 
TOR. 
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resonant-line wavemeter See LECHER WIRES. 

resonant rise See VOLTAGE RISE. 

resonant-slope amplifier See DIELECTRIC AMP- 
LIFIER. 

resonant-slope detector See SLOPE DETECTOR. 

resonant suckout The drawing of radio-frequency 
energy out of the energized part of a coil or trans- 
mission line by the part not intended to be ener- 
gized, when the latter resonates at the same 
frequency. 

resonant-voltage rise See VOLTAGE RISE. 

resonant-voltage stepup See VOLTAGE RISE. 

resonate 1. To exhibit RESONANCE—either elec- 
trically or acoustically. 2. To adjust a variable- 
frequency electrical or acoustical device so that it 
exhibits RESONANCE at a specific frequency. 

resonator A device that produces or undergoes 
resonance. See, for example, HELMHOLTZ RES- 
ONATOR and RESONANT CAVITY. 

resource A part of a computer system that can be 
used for a specific application as a unit (e.g., 
printer, PCMCIA standard adapter card, tape 
drive, etc.). 

responder The transmitting section of a transpon- 
der. 

response The behavior of a circuit or device (espe- 
cially in terms of its dependent variables), in ac- 
cordance with an applied signal (e.g., frequency 
response and current-vs.-voltage response). 

response curve A graph depicting the perfor- 
mance of a circuit or device. Examples: attenua- 
tion-vs.-frequency curve and current-vs.-voltage 
curve. 

response time The interval between the instant a 
signal is applied to or removed from a circuit or 
device and the instant that the circuit acts ac- 
cordingly. 

restart Following a malfunction or error occurring 
during a computer program run, to go back to an 
earlier point in the program. 

resting state See QUIESCENT STATE. 

restore See RESET. 

resultant 1. The vector that results from the addi- 
tion of two or more vectors. 2. A quantity that re- 
sults from mathematical operations performed on 
other quantities. 

retarding magnet See DRAG MAGNET. 

retentivity 1. The property whereby a material re- 
tains magnetism imparted to it. 2. A quantitative 
measure of the extent to which a material retains 
magnetism imparted to it. 

retention period [In computer operations, the time 
during which the data on a magnetic medium 
(disk or tape) must be kept intact. 

retrace 1. In a cathode-ray tube, the return of the 
scanning beam to its starting point. 2. In a cath- 
ode-ray tube, a line traced on the screen by the 
scanning beam as it returns to its starting point, 
if RETRACE BLANKING is not used. 

retrace blanking Obliteration of the RETRACE of 
the electron beam in a cathode-ray tube. It ren- 
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ders the retrace line invisible on the screen so 
that it will not interfere with the display. 

retrace line See RETRACE, 2. 

retrace ratio For the swept beam in a cathode-ray 
tube, the ratio of the scanning velocity in the 
trace direction to the scanning velocity in the RE- 
TRACE direction. 

retrace time In a cathode-ray tube, the amount of 
time required for the scanning beam to move 
from the end of one trace or line to the beginning 
of the next. 

retrofit To supply something with specially de- 
signed or adapted parts that were not available 
when it was made. 

retrograde orbit For an artificial earth satellite, an 
orbit whose direction is east-to-west, relative to 
the earth’s surface. 

return 1. See RETRACE. 2. See RETURN CIRCUIT. 
3. See RETURN POINT. 4. In an electronic circuit, 
the electrical ground and ground current path. 

return circuit The circuit through which current 
returns to a generator. 

return instruction In a computer program, an in- 
struction in a subroutine directing operation 
back to a specific point in the main program. 

return interval See RETRACE TIME. 

return line See RETRACE, 2. 

return point 1. The point to which circuits are re- 
turned (e.g., a common ground point). 2. The ter- 
minal point of a return circuit. 

return ratio See FEEDBACK FACTOR. 

return time See RETRACE TIME. 

return to zero 1. Abbreviation RZ or RTZ. In the 
magnetic recording of data, a method in which the 
write current returns to zero following the write 
pulse. Compare NONRETURN-TO-ZERO. 2. A 
logic system in which the zero and one states are 
represented by zero voltage and a discrete voltage. 

return trace See RETRACE, I, 2. 

REV 1. Abbreviation of REENTRY VEHICLE. 2. Ab- 
breviation of REVERSE. 

rev 1. Abbreviation of REVOLUTION. 2. To quickly 
and substantially increase the angular velocity of 
a motor. 

reverberation 1. Multiple reflections of sound 
waves from the inside surfaces of an enclosed 
chamber. 2. The dying-out of sound waves in an 
enclosed chamber as the waves reflect repeatedly 
from the inside surfaces. 3. In sound recording 
and/or reproduction, an electronically produced 
echo. It is used for special effects—especially in 
electronic music systems. 4. See RESONANCE, 2. 

reverberation chamber A room in which the walls, 
floor, and ceiling absorb very little sound, result- 
ing in echoes. To avoid standing waves, the room 
is designed so that no two surfaces are exactly 
parallel. 

reverberation system A system of devices oper- 
ated with an electronic organ to simulate the ef- 
fect of reverberation in a large room, such as a 
church auditorium. 
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reverberation time In an enclosed chamber, the 
time required for a sound to die down to a speci- 
fied level (usually -60 dB) after the disturbance 
has stopped. 

reverberation unit A device for producing artificial 
echoes—especially in the operation of electronic 
music systems. 

reverse 1. To alter the direction of a current or pro- 
cess or motion of an object so that the new direc- 
tion is exactly opposite the previous direction. 
2. In a directional wattmeter, the reflected-power 
indication or switch position. 

reverse AGC Automatic gain control in which a 
signal-dependent voltage is fed back to an earlier 
stage to adjust its gain automatically. Compare 
FORWARD AGC. 

reverse bias Reverse voltage or current in a tran- 
sistor or a semiconductor diode. Compare FOR- 
WARD BIAS. 


npn 


pnp 


reverse bias 


reverse breakdown See AVALANCHE. 

reverse breakdown voltage See AVALANCHE 
VOLTAGE. 

reverse characteristic The current-vs.-voltage re- 
sponse of a semiconductor junction that is biased 
in the reverse (low-conduction) direction. Com- 
pare FORWARD CHARACTERISTIC. 

reverse conduction The very small current con- 
duction through a pn junction when it is reverse- 
biased. Compare FORWARD CONDUCTION. 

reverse current Symbol, I,. The current that flows 
through a pn junction when it is reverse-biased. 
Also called back current. Compare FORWARD 
CURRENT. 
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reverse engineering A design process in which a 
specific device or system is copied functionally, 
but not literally. 

reverse Polish notation Abbreviation, RPN. A sys- 
tem of notation for expressing mathematical op- 
erations in which the operators follow the 
operands being manipulated. It is a mode of entry 
for some calculators (e.g., the operation 7 x 2 
might be entered by pressing keys in this order: 
7, ENTER, 2, x). 

reverse recovery time See RECOVERY TIME, 1. 

reverse resistance Symbol, R,. The resistance of a 
reverse-biased pn junction. Also called BACK RE- 
SISTANCE. Compare FORWARD RESISTANCE. 

reverse voltage Symbol, E, or V,. Direct-current 
voltage applied to a pn junction so that the 
p-type material is electrically more negative than 
the n-type material. Also called BACK VOLTAGE. 
Compare VOLTAGE. 

reverse-voltage capacitance The internal capaci- 
tance of a reverse-biased semiconductor pn junc- 
tion. 

reverse voltage drop The voltage drop across a 
semiconductor pn junction that is biased in the 
reverse (low-conduction) direction. 

reversible counter A counter that, by a control 
signal, can have the value it is holding either in- 
creased or decreased. 

reversible permeability The permeability of a fer- 
romagnetic substance when the magnitude of the 
alternating-current field is arbitrarily small. 

reversing switch 1. A switch that reverses the po- 
larity of a direct-current voltage. 2. A switch that 
reverses the direction of motor rotation. 


Input 





reversing switch 


revolute geometry A method by which a robot 
arm can move freely in three dimensions. The en- 
tire assembly rotates from the base in a horizon- 
tal plane through a complete circle (360 degrees). 
An elevation joint at the base moves the arm from 
horizontal to vertical (90 degrees). A joint in the 
middle of the arm can bend through about 180 
degrees. 

revolution Abbreviation, r or rev. One complete ro- 
tation (i.e., 360 degrees of circular travel). 
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revolving field See ROTATING FIELD. 

rewind To run a magnetic tape on a transport ata 
high speed, in the direction opposite to that asso- 
ciated with the play mode. 

rewrite In computer operations, to return informa- 
tion read from a storage location to that location 
by recording. 

Rr Symbol for FILAMENT RESISTANCE. 

RF Abbreviation of RADIO FREQUENCY. 

RF amplifier See RADIO-FREQUENCY AMPLI- 
FIER. 

RFC Abbreviation of RADIO-FREQUENCY CHOKE. 

RF heating See RADIO-FREQUENCY HEATING. 

RFI Abbreviation of RADIO-FREQUENCY INTER- 
FERENCE. 

RF inverse feedback A negative-feedback system 
for radiophone transmitters, in which a portion of 
the modulated radio-frequency (RF) signal is rec- 
tified, and the resulting direct-current voltage is 
filtered and applied as bias to one of the audio 
stages in the proper polarity for degeneration. 

RF lamp A lighting lamp, used with radio- 
frequency (RF) alternating current, rather than 
the conventional 60-Hz utility current. This results 
in better efficiency, and allows much more light to 
be generated with a given filament lamp, as com- 
pared with 60-Hz current. 

RF motion detector In security systems, an intru- 
sion detection and alarm system that senses 
Doppler-effect-induced changes in the frequency 
or phase of a radio-frequency (RF) electromag- 
netic field. The Doppler effect results from motion 
of objects in the secured area. 

RFO Abbreviation of radio-frequency oscillator. 

RF power supply See OSCILLATOR-TYPE POWER 
SUPPLY. 

RF preamplifier A sensitive, radio-frequency ampli- 
fier circuit intended for improving the signal-to- 
noise (S/N) ratio in a wireless receiver. Generally 
placed between the receiver and the antenna or 
feed line. Some such devices are tunable; others 
are broadbanded. See also PREAMPLIFIER. 

RF probe See RECTIFIER PROBE. 

RF resistance See RADIO-FREQUENCY RESIS- 
TANCE. 

RF selectivity See RADIO-FREQUENCY SELEC- 
TIVITY. 

RF transformer See RADIO-FREQUENCY TRANS- 
FORMER. 

RF transistor See RADIO-FREQUENCY TRANSIS- 
TOR. 

R, Symbol for GRID RESISTANCE. 

Rg Symbol for GATE RESISTANCE. 

RGB Abbreviation of RED-GREEN-BLUE. 

RGT Abbreviation of RESONANT-GATE TRANSIS- 
TOR. 

Rh Symbol for RHODIUM. 

R/h Abbreviation of ROENTGENS PER HOUR. 

Ry 1. Symbol for HEATER RESISTANCE. 2. Sym- 
bol for HOT RESISTANCE. 

th Abbreviation of RELATIVE HUMIDITY. 
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rhenium Symbol, Re. A metallic element. Atomic 
number, 75. Atomic weight, 186.207. It is used in 
some thermocouples. 

rheostat A wirewound variable dropping resistor of 
the rotary type or slider type. 


End Adjustable End 
contact contact contact 
Adjustable 
contact 
End contacts 
rheostat 


Rur Symbol for high-frequency resistance (see 
RADIO-FREQUENCY RESISTANCE). 

RHI Abbreviation of RANGE-HEIGHT INDICATOR. 

rhodium Symbol, Rh. A metallic element. Atomic 
number, 45. Atomic weight, 102.906. 

rhombus A four-sided geometric plane figure, in 
which all four sides have equal length, and oppo- 
site angles have equal measure. 

rhombic antenna See DIAMOND ANTENNA. 

rho-theta A radio-navigation system in which a 
single transmitting station is used, and the posi- 
tion is determined, according to polar coordinates 
(distance and direction). 

rhumbatron A RESONANT CAVITY—especially 
one in a KLYSTRON. 

RI Abbreviation of RADIO INTERFERENCE. 

R; Symbol for INPUT RESISTANCE. (Also, Rin.) 

RIAA Abbreviation of RECORDING INDUSTRY AS- 
SOCIATION OF AMERICA. 

RIAA curve The amplitude-versus-frequency func- 
tion used in recording and reproduction of long- 
playing (33.3 rpm) phonograph discs, and 
specified by the Recording Industry Association 
of America (RIAA). The RIAA curve takes advan- 
tage of the sensitivity of the human ear at various 
frequencies to reduce the level of audible noise. 

ribbon microphone See VELOCITY MICROPHONE. 

ride gain In broadcasting, the operations of con- 
stantly adjusting the audio modulation of the 
transmitter for optimum operation. 

Rieke chart A visual aid, similar to the SMITH 
CHART, used with traveling-wave tubes in the 
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ultra-high-frequency (UHF) and microwave fre- 
quency bands for determining the optimum load 
impedance. 

rig Colloquialism for a radio communications in- 
stallation—especially a transmitter or trans- 
ceiver. It is commonly used among amateur radio 
operators. 

right-angle line section See ELL. 

right-hand lay See DIRECTION OF LAY. 

right-hand polarized wave See CLOCKWISE- 
POLARIZED WAVE. 

right-hand rule for induced emf See FLEMING’S 
RIGHT-HAND RULE. 

right-hand rule for wire A simple rule for indicat- 
ing the direction of the magnetic field surround- 
ing a straight wire that carries current. When the 
wire is grasped in the right hand with the thumb 
pointing in the direction of current flow, the fin- 
gers curl in the direction of the magnetic field. 

right-hand taper Potentiometer or rheostat taper 
in which most of the resistance is in the clockwise 
half of rotation, as viewed from the front. Com- 
pare LEFT-HAND TAPER. 

right justified In a computer memory location, a 
data item that takes up consecutive bit positions, 
from right to left. 

Right-Leduc effect A phenomenon somewhat 
analogous to the Hall effect. When a metal strip 
conducting heat is placed in a magnetic field per- 
pendicular to the plane of the strip, a tempera- 
ture difference develops across the strip. 

right shift In computer operation, a shift whereby 
word bits are displayed to the right; the effect is 
division in a right arithmetic shift. 

rim drive 1. Ina tape recorder, a driving method in 
which the motor shaft is provided with a smooth 
pulley that transfers motion directly to the rub- 
ber-tired rim of the flywheel. 2. A driving method 
for a phonograph turntable in which a rotating 
wheel contacts the outer edge of the platter. 

Rin Symbol for INPUT RESISTANCE. (Also, R;.) 

ring 1. The core of a toroidal coil. 2. See HYBRID 
RING. 3. See RING MODULATOR. 4. See RING 
INDUCTOR. 5. See RING MAGNET. 6. See RING- 
ING. 

ring armature A motor or generator armature hav- 
ing a ring winding. 

ringback In a telephone system, the signal sent 
from the receiving (destination) telephone set 
back to the sending (source) set, indicating that 
the signal is being received. This consists of a 
tone, interrupted by pulses at intervals of about 
0.05 second. The signal stops when the destina- 
tion set is taken off the hook. Also see RING- 
DOWN. 

ring circuit 1. See RING MODULATOR. 2. A 
waveguide hybrid-tee resembling a ring having 
radial branches. 3. In amateur radio operations, 
a circuit connected to a telephone line and radio 
transmitter. The radio transmitter is energized 
and modulated with an identifiable signal each 
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time the telephone rings, so the telephone can be 
answered via remote control. 

ring counter An electronic counter in which suc- 
cessive cascaded stages form a ring (i.e., the last 
stage in the chain is connected to the first stage 
so that the counter advances through the cycle, 
stage by stage, repetitively). 

ringdown In a telephone system, the signal sent 
from the transmitting (source) set to the receiving 
(destination) set, causing the destination set to 
ring. Also see RINGBACK. 

ring head _ In tape recorders, a recording and play- 
back head that consists essentially of a metal ring 
with a gap at one point, and on which the coils 
are wound. 

ring inductor 1. An inductor consisting of a single 
turn of wire, or of a conductor bent into a loop. 
2. See SHADING COIL. 

ringing Self oscillation in a pulsed inductance- 
capacitance circuit, sustained by the circuit’s fly- 
wheel action (hysteresis), and usually producing 
a damped wave. 

ringing coil In the horizontal oscillator in a televi- 
sion circuit, a small, adjustable coil (shunted by a 
capacitor) used to produce a sharp rise in input- 
signal voltage. 

ringing current In wire telephony, an alternating 
current superimposed on the direct operating 
current. Produces RINGDOWN. 

ringing time See RING TIME, 1. 

ring magnet A permanent magnet in the shape of 
a ring or donut. 

ring main An electric power main that is closed to 
form a ring. This results in two independent elec- 
trical paths between any two points in the circuit. 
If one path is interrupted, power can still be 
transmitted to any other point in the circuit from 
a power station. 

ring modulator A _ double-balanced diode-type 
modulator circuit; its name is derived from the 
ring-like arrangement of the four diodes. 

ring oscillator A self-excited oscillator in which 
two sets of two transistors are operated in push- 
pull/parallel. 

ring shift In computer operation, the cyclic shift- 
ing of digits from one end of a register to the 
other. 

ring time 1. The period of a damped oscillation— 
especially one set up in an inductance-capaci- 
tance circuit by a pulse. 2. The time required for 
an ECHO BOX signal to decay below the display 
level. 

ring winding A winding in which the turns of the 
coil are laid on the outside of a ring-shaped core 
and passed through its center, resulting in a 
donut coil with a core. 

ripple 1. Asmall alternating-current component in 
the output of a direct-current power supply with 
inadequate filtering. 2. In computer and data- 
processing operations, the serial transmission of 
data. 
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ripple amplitude The peak or peak-to-peak value 
of ripple in a power supply (see RIPPLE, 1). 

ripple counter A binary counter consisting of flip- 
flops cascaded in series. A pulse must pass se- 
quentially from the input, through each stage, to 
the output of the chain. 

ripple current Current flowing in a circuit as the 
result of ripple voltage (see RIPPLE AMPLITUDE). 

ripple factor The ratio of the RIPPLE AMPLITUDE 
to the direct-current voltage output of a power 
supply. 

ripple frequency The frequency of a ripple compo- 
nent (see RIPPLE, 1). In power supplies using 
half-wave rectification, this frequency is normally 
60 Hz (the line frequency); in full-wave supplies, 
it is normally 120 Hz (twice the line frequency). 

ripple percentage See PERCENT RIPPLE. 

ripple torque Symbol, Tr. In a torque motor, the 
small fluctuation in torque resulting from com- 
mutator switching action. 

ripple voltage See RIPPLE AMPLITUDE. 

RISC Abbreviation of REDUCED INSTRUCTION 
SET COMPUTER. 

rise 1. See VOLTAGE RISE. 2. See RISE TIME. 
3. An increase in the amplitude of a pulse or wave. 

rise cable 1. A vertical feeder cable. 2. A vertical 
section of a feeder cable. 

rise time The time required for a pulse to rise from 
10 percent to 90 percent of its peak amplitude. 
Compare FALL TIME. 

RJE Abbreviation of REMOTE JOB ENTRY. 

R, Symbol for cathode resistance. 

RL 1. Abbreviation of RESISTANCE-INDUCTANCE. 
2. Abbreviation of RELAY LOGIC. 

R, Abbreviation of LOAD RESISTANCE. 

RL bridge See RESISTANCE-INDUCTANCE 
BRIDGE. 

RL circuit See RESISTANCE-INDUCTANCE CIR- 
CUIT. 

Rry Symbol for low-frequency resistance. 

RL phase shifter See RESISTANCE-INDUCTANCE 
PHASE SHIFTER. 

Rn Symbol for METER RESISTANCE. 

Tl _ Symbol for emitter-collector transresistance of a 
bipolar transistor. 

rms _ Abbreviation of ROOT MEAN SQUARE. 
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rms converter 
VERTER. 

rms current See EFFECTIVE CURRENT. 

rms meter A current meter or voltmeter whose de- 
flection is proportional to the root-mean-square 
(rms) value of current or voltage. In most meters, 
the deflection is proportional to either the peak 
value or the average value, but the scale of an 
rms unit is graduated on the basis of sine-wave 
input. 

rms value See EFFECTIVE VALUE. 

rms voltage See EFFECTIVE VOLTAGE. 

Rn Symbol for RADON. 

R, 1. Symbol for NEGATIVE RESISTANCE. (Also, 
-R.) 2. Symbol for null resistance. 

R, Symbol for OUTPUT RESISTANCE. (Also, Row) 

roaming 1. In cellular communications, an ideal 
condition in which the user of a mobile or 
portable wireless telephone set can _ travel 
throughout a specified geographic region with no 
“dead zones” or interruption in service. 2. Fora 
mobile or portable cellular telephone subscriber, 
the act of traveling throughout a large geographic 
region and, in particular, among different states 
or countries. 

robot 1. An electromechanical device or system ca- 
pable of reliably performing complex and/or 
repetitive tasks. It can be controlled by a human 
operator or by a computer. 2. A usually au- 
tonomous device, as defined in 1, built to physi- 
cally resemble a human being, with a head, two 
arms, and some form of locomotion. 

robot generations Agreed-on milestones or crite- 
ria in the evolution of robots and smart ma- 
chines. First generation: Before 1980. Mainly 
mechanical, stationary, physically rugged, no ex- 
ternal sensors, no artificial intelligence. Second 
generation: 1980-1990. Tactile sensors, vision 
systems, position sensors, pressure sensors, mi- 
crocomputer control, programmable. Third gener- 
ation: After 1990. Mobile, autonomy or group 
control, artificial intelligence, speech recogni- 
tion/synthesis, teleoperation, navigation sys- 
tems. Fourth generation: In conceptual stages. 
Highly intelligent, capable of building other 
robots, capable of doing many human tasks. 

robot gripper A robotic END EFFECTOR designed 
specifically to grasp objects. The two basic de- 
signs are: hand-like and specialized. Hand-like 
grippers are engineered according to the notion 
that the human hand has evolved to near perfec- 
tion, and should be mimicked in robots. Special- 
ized grippers are built by trial-and-error methods 
and often bear little resemblance to human 
hands. 

robotics The science and art of robot design, con- 
struction, operation, and maintenance. 

Rochelle salt Sodium potassium tartrate, a sub- 
stance whose crystals are piezoelectric. Such crys- 
tals are used in some microphones, loudspeakers, 
and transducers. Also called SEIGNETE SALT. 


See ROOT-MEAN-SQUARE CON- 
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rock Slang for QUARTZ CRYSTAL. 

rockbound Pertaining to an oscillator or radio 
transmitter whose frequency is determined by a 
quartz crystal, and is, therefore, not variable over 
a significant range. 

rocker switch A toggle switch whose lever is a spe- 
cially shaped bar. The bar is rocked back and 
forth to operate the switch. Compare BAT- 
HANDLE SWITCH, PADDLE SWITCH, and SLIDE 
SWITCH. 


os 


off 


rocker switch 


rod 1. A unit of length or distance; 1 rod = 5.029 
meters. 2. A bar of material with special proper- 
ties. 

rod antenna See FERRITE-ROD ANTENNA. 

rod magnet A permanent magnet in the shape ofa 
rod with circular or elliptical cross section. 

roentgen Abbreviation, r. A unit of ionizing radia- 
tion; 1 ris the quantity of radiation that produces 
1 esu of electricity (positive or negative) per cubic 
centimeter of air at standard temperature and 
pressure. In average tissue, 1 r produces ioni- 
zation equivalent to an energy concentration of 
2.58 x 10+ C/kg (93 ergs per gram). Also see MIL- 
LIROENTGEN. 

roentgen equivalent man See REM. 

roentgen equivalent physical See REP. 

roentgen ray See X RAY. 

roger A communications signal meaning 
knowledged.” 

Roget spiral A spring-like wire device that con- 
tracts in proportion to the magnitude of the cur- 
rent flowing through it. 

role indicator In computer operations, a code 
classifying a keyword as a part of the speech (e.g., 
noun). 

roll 1. In a display terminal having a line length of 
less than the standard 80 characters, an operat- 
ing feature that allows the operator to follow the 
text along. The cursor remains fixed near the cen- 
ter of the displayed line, while the text moves 
from right to left. 2. Vertical movement of a tele- 
vision picture, resulting from lack of vertical syn- 
chronization. 

rollback In computer operations, the running 
again of a computer program or portion of the 
program. Also called RERUN. 

roller inductor A variable inductor, usually of the 
air-core type, with a shaft attached that allows 


“Ac- 
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the whole assembly to be rotated; a wheel contact 
provides a movable tap. Such an indicator is con- 
tinuously variable and is often used in such de- 
vices as antenna-tuning networks. 

rolling In television, the apparent continuous up- 
ward or downward movement of the picture, 
resulting from lack of vertical synchronization 
between the transmitter and receiver. 

rolloff 1. The rate at which a dependent variable 
(e.g., output amplitude) diminishes above or be- 
low a certain critical value of the independent 
variable (e.g., frequency). It pertains especially to 
frequency response in audio devices and sys- 
tems. 2. Attenuation of the bass and/or treble re- 
sponse or output in an audio system. 

ROM Abbreviation of READ-ONLY MEMORY. 

Romeo Phonetic alphabet code word for the letter 
R. 

Romex cable A form of wire cable with a covering 
that is highly resistant to the environment. 

roof mount A metal bracket for fastening an an- 
tenna mast to a roof. 

room noise Ambient acoustic noise in a room. 

room resonance Acoustic resonance caused by 
the geometry and contents of a room. 

room temperature Abbreviation, RT. 1. The tem- 
perature of the chamber in which a test or fabri- 
cation is carried out. It is commonly used to 
distinguish between operations that can be per- 
formed at the ambient temperature and those 
that require an oven or a cold chamber. 2. A tem- 
perature typical of an indoor environment, ap- 
proximately 21 degrees Celsius (70 degrees 
Fahrenheit). 

room tone A qualitative expression for the suit- 
ability or behavior of an enclosed area for a given 
acoustic application. It affected by factors (such 
as resonances or lack thereof, echoes or lack 
thereof, overall room size and proportions, and 
background noise). 

root mean square Abbreviation, rms. The square 
root of the arithmetic mean (average) of the 
squares of a set of values. 

root-mean-square converter A device that con- 
verts an input signal of any waveform into a 
direct-current signal of the same value as the 
EFFECTIVE VALUE of the input signal. 

root-mean-square current See EFFECTIVE CUR- 
RENT. 

root-mean-square value See EFFECTIVE VALUE. 

root-mean-square voltage See EFFECTIVE VOLT- 
AGE. 

ROP Abbreviation of record of production. 

rosin A substance derived chemically from an ex- 
tract of pine wood, and used in some solders. 

rotameter A fluid flow gauge consisting of a float 
within a glass tube having incremental markings. 

rotary amplifier See AMPLIDYNE. 

rotary antenna See ROTATABLE ANTENNA. 

rotary beam A beam antenna, such as a Yagi, that 
can be rotated in a (usually horizontal) plane to 
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allow transmission and/or reception in various 
directions. Also see ROTATABLE ANTENNA. 

rotary-beam antenna See ROTARY BEAM. 

rotary converter A dynamo (electric machine) 
having a direct-current armature connected to a 
commutator on one end of the shaft and to slip 
rings on the other end. When the machine is op- 
erated as a direct-current motor, it delivers an al- 
ternating-current output, and vice versa. Also 
called DOUBLE-CURRENT GENERATOR. 

rotary dialing An older style of telephone dialing in 
which a rotary pulse generator is used to dial the 
digits. 

rotary digital audio tape Digital audio tape used 
with a recording/playback system that uses a ro- 
tating head or heads. 

rotary encoder An optical analog-to-digital (A/D) 
converter that operates by passing a light beam 
through a rotating disk. The amplitude of the 
analog input signal at any moment causes a cer- 
tain angular rotation of the disk, cutting off the 
light beam, according to the nature of the pattern 
on the disk. The resulting modulated light beam 
has digital characteristics and can be detected 
using photocells. 

rotary inverter A motor-generator used to change 
a direct-current input voltage into an alternating- 
current output voltage. 

rotary-motion sensor A transducer that delivers 
an output voltage proportional to the arc over 
which its shaft has been turned. 

rotary power amplifier See DC GENERATOR AM- 
PLIFIER. 

rotary relay An electromechanical relay in which a 
pivoted armature rotates to open or close the con- 
tacts. The meter relay is an example. 

rotary selector switch See ROTARY SWITCH. 

rotary stepping relay See STEPPING SWITCH. 

rotary stepping switch See STEPPING SWITCH. 

rotary switch A switch in which a blade moves in 
a circle or in arcs over the contacts. 

rotary transformer A motor-generator used to 
change an input voltage into a lower or higher 
output voltage. 

rotatable antenna An antenna that can be turned 
to change the orientation of its main lobe (direc- 
tion of greatest forward gain) in a specific plane 
(usually horizontal). 

rotating amplifier See DC GENERATOR AMPLI- 
FIER. 

rotating antenna An antenna that constantly 
turns to scan a given area (e.g., a RADAR AN- 
TENNA). 

rotating-capacitor modulator A frequency modu- 
lator consisting of a motor-driven variable capac- 
itor. Also see WOBBULATOR. 

rotating field An alternating-current electric or 
magnetic field, such as that generated by the sta- 
tors of some motors, that revolves between poles. 

rotating interrupter A commutator (see COMMU- 
TATOR, 1). 
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rotating machines Electromechanical devices 
(such as motors, generators, amplidynes, rotary 
converters, etc.) that utilize magnetic flux to con- 
vert angular motion or displacement into electri- 
cal energy, or vice-versa. 

rotating memory See DISK MEMORY and DRUM 
MEMORY. 

rotating voltmeter 
METER. 

rotator A motor-driven, remotely controlled mech- 
anism for turning a directional antenna in a spe- 
cific plane. 

rotor 1. A rotatable coil—especially in a motor or 
generator. Compare STATOR, 1. 2. The rotating 
member of a motor or generator. Compare STA- 
TOR, 2. 3. The rotating-plate assembly of a vari- 
able capacitor. Compare STATOR, 3. 

rotor blade The wiper arm of a rheostat or poten- 
tiometer. 

rotor coil See ROTOR, 1. 

rotor plate The rotating plate(s) of a variable ca- 
pacitor. Compare STATOR PLATE. 

roulette pattern A circular pattern for frequency 
identification with an oscilloscope, consisting of 
loops around the screen’s circumference. Com- 
pare GEAR-WHEEL PATTERN, LISSAJOUS FIG- 
URE, and SPOT-WHEEL PATTERN. 

rounding 1. A method of approximating a quantity 
by reducing the number of significant digits. For 
example, rounding 3.44 to two significant digits 
yields 3.4; rounding 3.46 to two significant digits 


See GENERATING VOLT- 
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yields 3.5. Compare TRUNCATION. 2. The ap- 
proximation of a value to a specified number of 
decimal places or significant digits. 3. Smoothing 
of the corners of a square wave or sawtooth wave, 
resulting in lengthening of the transition time 
from one state to another. 

rounding error The error resulting from the 
rounding of a number (see ROUNDING, 1, 2). 

round off To shorten an otherwise lengthy number 
by replacing numerical digits with zeros and in- 
creasing the final nonreplaced digit by 1 if the 
leftmost replaced digit is 5 or greater. Thus, 
3.141592653 can be rounded off to 3.1416 or 
3.14. 

round-up A form of numerical approximation, in 
which a number with a value of n.5 or greater is 
assigned the value n+ 1. This is a feature of many 
calculators using scientific notation or a fixed 
number of decimal places. 

Rout Symbol for OUTPUT RESISTANCE. (Also, R,.) 

route 1. To physically position wires or conducting 
circuit paths by planning and deliberation. 2. The 
path over which conductors are positioned. 3. A 
path over which signals or information can be 
carried. 

routine 1. In computer operations, the complete 
sequence of instructions for performing an opera- 
tion (i.e., a program or program segment). 2. A 
test or measurement procedure. 3. An assembly 
or manufacturing procedure. 4. A standard trou- 
bleshooting procedure. 

row Ina matrix, a horizontal arrangement or set of 
values. 

Rp 1. Symbol for PLATE RESISTANCE. (Also, rp.) 
2. Symbol for POSITIVE RESISTANCE. 3. Symbol 
for PARALLEL RESISTANCE. (Also, Rpar.) 4. Sym- 
bol for PRIMARY RESISTANCE. (Also, Rp,i.) 

Rpar Symbol for PARALLEL RESISTANCE. (Also, 
Rp.) 

r parameters 1. Device or network parameters ex- 
pressed as resistances. 2. Transistor parameters 
in terms of resistance values in the equivalent tee 
network. Compare G PARAMETERS and H PA- 
RAMETERS. 

RPG Abbreviation of REPORT PROGRAM GENER- 
ATOR. 

rpm Abbreviation of revolutions per minute. 

rpm meter See ELECTRONIC TACHOMETER and 
STROBOSCOPE. 

RPN Abbreviation of REVERSE POLISH NOTA- 
TION. 

Rpri Symbol for PRIMARY RESISTANCE. (Also, 
Rp.) 

rps Abbreviation of revolutions per second. 

RPT Radiotelegraphic abbreviation of repeat. 

Rreq 1. Symbol for REQUIRED RESISTANCE. 
2. Symbol for SCREEN RESISTANCE. 

Rrr Symbol for RADIO-FREQUENCY  RESIS- 
TANCE. 

Rs Symbol for SOURCE RESISTANCE in a field- 
effect transistor. 
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R, 1. Symbol for SERIES RESISTANCE. (Also, Reser.) 
2. Symbol for SECONDARY RESISTANCE. (Also, 
Rsec-) 

Rsec Symbol for SECONDARY RESISTANCE. (Also, 
Rs.) 

Rser Symbol for SERIES RESISTANCE. (Also, Rs.) 

RST flip-flop A conventional flip-flop subject to the 
operations of reset, set, and trigger. 

RST system In the amateur radio service, a 
method of reporting signal quality in terms of 
readability, strength, and tone. 

R sweep In an oscilloscope or spectrum analyzer, 
an expanded portion of the trace produced by a 
long triggered sweep. It permits detailed analysis 
of a small portion of a displayed waveform or fre- 
quency band. 

RT 1. Abbreviation of RADIOTELEPHONE. 2. Ab- 
breviation of ROOM TEMPERATURE. 

rt Abbreviation of RIGHT. 

Rr 1. Symbol for THERMAL RESISTANCE. 2. Sym- 
bol for total resistance. (Also, R;.) 

R; Symbol for total resistance. 

RTD Abbreviation of RESISTANCE TEMPERA- 
TURE DETECTOR. 
RTL Abbreviation of 

LOGIC. 

RTTY Abbreviation of RADIOTELETYPE. 

RTZ_ Abbreviation of RETURN TO ZERO. (Also, RZ.) 

Ru Symbol for RUTHENIUM. 

rubber A natural insulating material; an elastomer 
exhibiting rapid elastic recovery. Dielectric con- 
stant, 2 to 3.5. Dielectric strength, 16 to 50 
kV/mm. Also called India rubber. Compare HARD 
RUBBER. 

rubber-covered wire Wire insulated with a jacket 
of rubber. 

rubidium Symbol, Rb. A metallic element. Atomic 
number, 37. Atomic weight, 85.468. 

ruby laser A laser using a ruby rod as the resonant 
element. 


RESISTOR-TRANSISTOR 


Ruby crystal 


Output 
100-percent Helical 95-percent 
reflector flash tube reflector 
ruby laser 


ruby maser A maser in which the resonant mate- 
rial is ruby. 

Ruhmkorff coil See INDUCTION COIL. 

rumble 1. Low-frequency acoustical noise of a fre- 
quency below about 50 Hz. 2. Low-frequency 
electrical noise in an audio circuit of a frequency 
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below about 50 Hz. 3. Vibrations that can occur 
in a poorly designed or malfunctioning phono- 
graph turntable. 

rumble filter An audio high-pass filter having 
sharp cutoff below 50 Hz, for eliminating rumble 
arising from irregularities in the rotation of a 
phonograph turntable. Also see RUMBLE, 3. 

run_ 1. The execution of a computer routine or pro- 
gram. 2. To execute a routine or program. 3. To 
cause a routine or program to be executed. 4. A 
command that causes a routine or program to be 
executed. 

runaway Inacurrent-carrying circuit or device, es- 
pecially a semiconductor, a rapid increase in cur- 
rent that causes the temperature to rise, in turn 
resulting in a further increase in current. Unless 
preventive measures are taken, this will ulti- 
mately damage or destroy the component. 

run chart In computer operations, a flowchart 
showing the organization and order of pertinent 
programs to be run. 

running accumulator A computer storage unit 
having registers linked so that data is transferred 
unidirectionally from one to the other, and in 
which only one register is accessible from the out- 
side. 

running open 1. The condition of a mechanical 
teleprinter running continuously in the absence 
of a signal. The teleprinter operates, but nothing 
is printed; this keeps the machine in synchro- 
nization. 2. Operation of a transmitter at the 
maximum rated level of input or output power. 

running-time meter See ELAPSED-TIME METER. 

run time 1. The period of time during which a 
computer program is executed. 2. The length of 
time required for a computer program to be exe- 
cuted. 

rupture 1. The usually rapid and violent tearing 
apart, or breaking through, of an insulating ma- 
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terial subjected to excessive voltage. 2. The clean 
opening of relay, circuit-breaker, or switch con- 
tacts to interrupt a current-carrying circuit. 

rush Broadband audio background noise, such as 
that arising from superheterodyne receivers and 
high-gain amplifiers. Its name is derived from re- 
semblance to the gentle rushing of wind. Com- 
pare HISS, 1, 2. 

ruthenium Symbol, Ru. A rare metallic element. 
Atomic number, 44. Atomic weight, 101.07. 

rutherford Abbreviation, rd. A unit of radioactivity 
equal to 10° disintegrations per second (2.7 x 105 


curie). Also see KILORUTHERFORD, MEGA- 
RUTHERFORD, MICRORUTHERFORD, and 
MILLIRUTHERFORD. 


Rutherford atom An early concept of the nature of 
the atom, proposed by Rutherford in 1912. In this 
model, negatively charged electrons orbit a cen- 
tral, positively charged nucleus in a manner sim- 
ilar to the way planets orbit the sun. Compare 
BOHR ATOM. 

rutherfordium Symbol, Rf. Also called unnilquadium 
(Unq) and kurchatovium (Ku). Atomic number, 104. 
The most common isotope has atomic weight 261. 
Classified as a transition metal. It has a half-life on 
the order of a few seconds to a few tenths of a sec- 
ond (depending on the isotope), is human-made, 
and is not known to occur in nature. 

RW Abbreviation of radiological warfare. 

R, Symbol for unknown resistance. 

RY Abbreviation of RELAY. 

ryotron A form of inductive semiconductor switch, 
operated at cold temperatures to maximize con- 
ductivity. 

R-Y signal In a color-television circuit, the signal 
representing primary red (R) minus luminance 
(Y). A primary red signal is obtained when the 
R-Y signal is combined with the luminance (Y) 
signal. Compare B-Y SIGNAL and G-Y SIGNAL. 
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S 1. Symbol for SCREEN GRID of a vacuum tube. 
2. Symbol for SHELL of a tube or semiconductor 
device. 3. Symbol for SULFUR. 4. Symbol for DE- 
FLECTION SENSITIVITY. 5. Symbol for SWITCH. 
6. Symbol for ELASTANCE. 7. Abbreviation of 
SYNC. 8. Symbol for SECONDARY. 9. Abbrevia- 
tion for SIEMENS. 10. Abbreviation of SINE. 11. 
Symbol for ENTROPY. 

s 1. Symbol for distance or DISPLACEMENT. 
2. Symbol for SCREEN GRID of a vacuum tube. 
3. Symbol for STANDARD DEVIATION. 4. Abbre- 
viation for SECOND. 

SA Abbreviation of SUBJECT TO APPROVAL. 

S, band A section of the S band, extending from 
3100 to 3400 MHz. 

sabin A unit of sound absorption; 1 sabin repre- 
sents a surface that can absorb sound at the 
same rate as 1 square foot of a perfectly ab- 
sorbent surface. 

SADT Abbreviation of surface alloy diffused-base 
transistor. 

SAE 1. Abbreviation of SHAFT-ANGLE ENCODER. 
2. Abbreviation of Society of Automotive Engineers. 

safe noise level A level of acoustic intensity equal 
to 85 dB above the threshold of hearing. At sound 
levels higher than this, eardrum damage is possi- 
ble. 

safety factor A figure denoting the extent of over- 
load that a device can withstand before breaking 
down. 

safety ground A connection made between equip- 
ment (usually the metal chassis, panel, case, or 
B-minus circuit) and the earth as a protective 
measure against fire and electric shock. 

safety switch See ELECTRICAL INTERLOCK. 


Unit 


safety ground 


salammoniac Formula, NH,.Cl. Ammonium chlo- 
ride, the principal ingredient in the gelatinous 
electrolyte of some dry cells and batteries. 

salient pole A pole, such as the polepiece of a mo- 
tor or generator, that projects from the rest of the 
structure (rotor assembly or motor frame). 

Salisbury chamber A radio-frequency test cham- 
ber in which the walls are non-reflective at vari- 
ous frequencies, thus simulating free space. 

salt-spray test A test to assess the life and perfor- 
mance of electronic equipment in a marine envi- 
ronment. The equipment is sprayed, usually with 
a saltwater mist, and various electrical parame- 
ters are measured at prescribed time intervals. 

samarium Symbol, Sm. A metallic element of the 
rare-earth group. Atomic number, 62. Atomic 
weight, 150.36. 

sample 1. A selection of quantities, events, or ob- 
jects, taken at a specific time or time interval for 
analysis or testing. 2. To take a sample, as de- 
fined in 1. 3. To test a quantity (current, voltage, 
temperature, pressure, etc.) or a material 
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(electrolyte, insulant, corrosion, rust, etc.) taken 
from a larger group or body. 

sample and hold A method of storing a variable 
signal for detailed examination. 

sampled data system A system that can be either 
analog or digital, and that works from samples of 
the input signals. 

sampler In audio systems, a device that digitizes 
and stores sound for a brief interval of time. 

sample size In statistics, the number of items in 
the sample space chosen for analysis. 

sample space In statistics, the set of events, num- 
bers, or other items chosen for analysis. 

sampling 1. Observation of a signal at various 
points in a circuit, without affecting the operation 
of the circuit. 2. The conversion of analog signals 
to binary signals—especially for use in digital 
communications systems and in computers. 3. In 
statistics and probability, a set of function values 
corresponding to specifically chosen points in the 
domain. 

sampling rate The frequency with which samples 
are taken [e.g., 1/hr (one sample per hour) or 
10/min (10 samples per minute)]. 

sampling window See WINDOW, 2. 

sand load A microwave power dissipator in which 
the absorptive material is a mixture of sand and 
carbon. 

sapphire needle See SAPPHIRE STYLUS. 

sapphire stylus A jewel-tipped stylus for disc 
recording and playback. It is noted for durability. 

sat 1. Abbreviation of saturate. 2. Abbreviation of 
SATURATION. 3. Abbreviation of SATELLITE. 

satd Abbreviation of saturated. 

satellite An artificial object sent into orbit around 
the earth or another planet. See, for example, AC- 
TIVE COMMUNICATIONS SATELLITE and PAS- 
SIVE COMMUNICATIONS SATELLITE. 

satellite communication Communication via one 
or more satellite transponders. Usually both sta- 
tions are on the ground, although sometimes one 
or both stations are airborne or in space. 

satellite processor 1. In a computer, a micropro- 
cessor that is subsidiary to the central processing 
unit (CPU). 2. In a data-processing system, a CPU 
used to handle the running of programs of sec- 
ondary importance to the system’s main applica- 
tion. 

satellite television The broadcasting and reception 
of television (TV) signals via earth-orbiting satel- 
lite. Usually, the satellite is in a geostationary or- 
bit. The receiving station employs a dish antenna, 
a tuner, a digital-to-analog (D/A) converter (if the 
signals are digital), and a TV receiver. 

satisfy To make a statement of inequality or an 
equation true (e.g., x = 2 satisfies the equation 
2x = x2). 

saturable capacitor A voltage-variable ceramic or 
semiconductor capacitor in which variations in 
capacitance stabilize at a reasonably constant 
value after a particular voltage level is reached. 
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saturable-core magnetometer A MAGNETOME- 
TER in which the sensor is a saturable magnetic 
core with a winding. The readout is proportional 
to the change in permeability of the core pro- 
duced by the magnetic field under test. 

saturable reactor An inductor consisting essen- 
tially of a coil wound on a core of magnetic 
material whose magnetic flux can easily reach 
saturation level. The inductance and, accordingly, 
the reactance of the device can be varied by pass- 
ing a direct current through the coil simultane- 
ously with the alternating current to be controlled. 

saturable transformer A transformer having a sat- 
urable core that permits automatic regulation of 
an alternating-current voltage. 

saturated color A visible color whose energy is 
concentrated at a single wavelength or in a nar- 
row band of wavelengths. Also called pure color. 

saturated logic Any form of digital-logic circuit in 
which the transistors are either completely cut off 
or completely saturated. It is characterized by rel- 
ative immunity to noise, high speed, and high 
input-level requirements. 

saturated operation 1. The operation of a mag- 
netic core at or beyond its saturation point (i.e., 
in the region where an increase in coil current 
produces no change in core magnetization). 
2. The operation of a transistor or vacuum tube 
beyond its saturation point (i.e., in the region 
where an increase in voltage produces no change 
in current, or vice versa). Compare UNSATURATED 
OPERATION. 

saturated solution A solution, such as an elec- 
trolyte, that contains all of the solute that it ordi- 
narily will hold at a given temperature and 
pressure. Compare SUPERSATURATED SOLU- 
TION. Also see SOLUTE; SOLUTION, 1 and SOL- 
VENT, 2. 

saturating current See SATURATION CURRENT. 

saturation 1. See SATURATION POINT. 2. The 
state of purity of a color. In general, the greater 
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the saturation, the narrower the bandwidth of the 
electromagnetic energy. The highest possible sat- 
uration is represented by energy at a single wave- 
length [e.g., light of 700 nanometers (nm) appears 
as highly saturated red, and light of 400 nm ap- 
pears as highly saturated violet]. Compare HUE. 
3. The condition of a ferromagnetic material in 
which it can accommodate no additional mag- 
netic flux. 4. The condition of a dielectric material 
in which it can accommodate no additional elec- 
tric flux. 

saturation current In a device, the current flowing 
at and beyond the SATURATION POINT. 

saturation flux 1. The magnetic flux density that 
will saturate a given sample of magnetic material. 
2. The electric flux density that will saturate a 
given sample of dielectric material. 

saturation flux density See SATURATION INDUC- 
TION. 

saturation induction For a magnetic material, the 
maximum possible flux density. 

saturation limiting Output peak clipping that oc- 
curs when a transistor or vacuum tube is driven 
into saturation during part of the input cycle. 
Compare CUTOFF LIMITING. 

saturation point On a voltage-current conduction 
curve, the point beyond which a further increase 
in voltage produces no appreciable increase in 
current. 
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Collector/drain current 
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saturation resistance The voltage-to-current ratio 
for a saturated semiconductor. 

saturation switching The on/off switching opera- 
tion in which a transistor is in its saturated state 
when conducting. 

saturation value 1. In a transistor, field-effect 
transistor, or vacuum tube, the lowest level of the 
input current, voltage, or power that results in 
saturation. 2. The maximum obtainable output 
level for a given circuit. 3. In a magnetic material, 
the smallest level of magnetizing force that re- 
sults in the maximum possible flux density. 

saturation voltage The (usually direct-current 
output) voltage appearing across a device operat- 
ing in its saturation region (e.g., the collector volt- 
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age of a switching transistor in its switched-on 
state). 

SAVOR Abbreviation of 
VOICE RECORDER. 

sawtooth An alternating or pulsating wave of cur- 
rent or voltage that is characterized by a gradual 
rise in amplitude followed by a rapid fall, or vice 
versa; its name is derived from its graphic resem- 
blance to the teeth of a saw. 


SIGNAL-ACTUATED 


Time 


Amplitude 


sawtooth 


SB 1. Abbreviation of SIDEBAND. 2. Abbreviation 
of SIMULTANEOUS BROADCAST. 

Sb Symbol for ANTIMONY. 

S band A radio-frequency band extending from 
1550 to 5200 MHz. For subdivisions of this band, 
see S, BAND, Sc BAND, Sp BAND, Sr BAND, So 
BAND, Sy BAND, Sg BAND, Ss BAND, Sr BAND, 
Sw BAND, Sy BAND, and Sz BAND. 

SBC Abbreviation of SINGLE-BOARD COMPUTER. 

SBDT Abbreviation of SURFACE-BARRIER DIF- 
FUSED TRANSISTOR. 

SBT Abbreviation of SURFACE-BARRIER TRAN- 
SISTOR. 

SC 1. Abbreviation of SUPPRESSED CARRIER. 
2. Abbreviation of SHORT CIRCUIT. 3. On draw- 
ings, the abbreviation for silk-covered. 

Sc Symbol for SCANDIUM. 

se 1. Abbreviation of SINGLE CRYSTAL. 2. Abbre- 
viation of SCALE. 3. Abbreviation of sine-cosine. 
4. Abbreviation of science. 

SCA Abbreviation of SUBSIDIARY COMMUNICA- 
TION AUTHORIZATION. 

SCA adapter An auxiliary tuner unit for separat- 
ing the SCA subcarrier from a main frequency- 
modulated signal on which it is superimposed. 
Also see SCA SUBCARRIER and SUBSIDIARY 
COMMUNICATIONS AUTHORIZATION. 

scalar quantity A quantity having magnitude, but 
for which direction is not specified. Compare 
VECTOR QUANTITY. 

scale 1. A graduated line or curve for indicating 
values of a quantity. 2. An ordered set of values. 
3. An ordered series of quantities, such as tones, 
frequencies, voltages, etc. (e.g., musical scale). 

scale division The space between consecutive 
graduations on a scale (see SCALE, 1). 

scale down In computer operations, to adjust a 
group of quantities according to a fixed factor so 
that it can be accommodated by hardware or 
software. 
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scale expansion Spreading out the divisions in 
part of a scale (see SCALE, 1). 

scale factor 1. A figure by which the readings from 
a particular scale must be multiplied or divided to 
give the true values of measured quantities. 2. A 
figure via which values in one system of notation 
are converted to those in another system. 3. In 
scaling down (see SCALE DOWN), the factor by 
which a group of quantities is adjusted. 4. The 
ratio of output frequency to input voltage for a 
voltage-to-frequency converter. 

scale-factor adjustment In some meters, an ad- 
justment that allows full-scale deflection to be set 
at any desired value (within certain limits) of ap- 
plied-signal amplitude. 

scale-factor error The absolute value of the differ- 
ence between the actual scale factor and the ideal 
scale factor for a multiplier circuit. 

scale-factor tolerance The extent to which a mea- 
sured value for the scale factor differs from the 
computed value. It is generally given as a per- 
centage. 

scale length The end-to-end dimension of a scale 
(see SCALE, 1), in inches, centimeters, geometric 
degrees, or number of divisions. 

scale multiplier See SCALE FACTOR, 1. 

scale-of-two counter A circuit that delivers one 
output pulse for two successive input pulses. 

scale-of-10 counter A circuit that delivers one 
output pulse for 10 successive input pulses. 

scale-of-ten scaler See SCALE-OF-10 COUNTER. 

scaler A circuit or device for extending the fre- 
quency range of another device (e.g., a circuit that 
extends the range of a 1-MHz counter to 100 
MHz). 

scale range The difference between the lowest and 
highest values on a scale. 

scale span See SCALE RANGE. 

scaling The fact, and the implications of the fact, 
that the mechanical strength of a structure in- 
creases in proportion to the square of linear di- 
mension while the weight increases, according to 
the cube of linear dimension. Thus, weight in- 
creases more rapidly than strength as a struc- 
ture, composed of a given material, is made 
larger. It is important in the design of large an- 
tennas and support structures. 

scaling adder An inverting OPERATIONAL AMPLI- 
FIER used to weight and sum multiple voltages. 

scaling circuit A circuit, such as one or more flip- 
flops, that will deliver one output pulse after a 
predetermined number of input pulses have been 
received; therefore, it will provide pulse or fre- 
quency division. See, for example, SCALE-OF- 
TWO COUNTER. 

scaling factor For a scaler, the number of input 
pulses required for one output pulse. 

scaling ratio See SCALING FACTOR. 

scan 1. To traverse a range, field, or dimension. 
2. The amount of traversal in 1. 3. See SWEEP. 
4. To sample or reproduce an image in a single-line 
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element, as in facsimile or television. 5. A single 
line resulting from 4. 6. In information retrieval 
operations, to inspect each record in a file or con- 
stituent of a list. 7. To check communications or 
data channels for availability. 

scan conversion In television reception, the scan- 
ning of each line twice to convert a conventional 
image into one that can be displayed on a high- 
definition picture tube. 

scan-converter tube A face-to-face assembly of a 
cathode-ray tube and a vidicon in one envelope. 

scandium Symbol, Sc. A metallic element. Atomic 
number, 21. Atomic weight, 44.956. 

scan frequency See SCANNING FREQUENCY. 

scanner A device, especially a radio receiver, 
equipped with a circuit that searches communi- 
cations or data channels for signals. 

scanner amplifier An amplifier for boosting a 
scanning signal. Also see SCAN, 1, 3, 4. 

scanning 1. In a cathode-ray tube or camera tube, 
the synchronized movement of the electron beam 
(or other marker) from right to left and/or from 
top to bottom. 2. The intermittent, but repetitive, 
monitoring of two or more communications chan- 
nels in rotating sequence. 3. The movement of a 
radar beam for the purpose of obtaining coverage 
over a specified area. 

scanning antenna A transmitting or receiving an- 
tenna (such as a rotating one) that covers a gen- 
erally circular region. 

scanning beam The deflected electron beam in a 
cathode-ray tube. Also see SCAN, 1, 2, 3, 4, 5. 

scanning circuit A circuit for producing a scan 
(see SCAN, 2, 4). 

scanning frequency The number of scans per unit 
time, usually expressed in lines, sweeps, or chan- 
nels per second or per minute. Also called SCAN- 
NING RATE. 

scanning line A single line sampled or produced 
by a scanning process, as in facsimile, television, 
and graphic recording. 

scanning line frequency See SCANNING FRE- 
QUENCY. 

scanning linearity Uniformity of scanning rate. In 
a linear scan, for example, scan speed is the same 
at all points along a line. 

scanning loss The effective reduction in radar sen- 
sitivity that occurs as the beam scans a given 
area, rather than remaining in a fixed orientation. 

scanning rate See SCANNING FREQUENCY. 

scanning receiver A receiver whose tuning is au- 
tomatically and continuously swept through a 
frequency band to detect all signals in the band. 

scanning sonar A form of distance-measuring or 
depth-finding sonar, in which the receiving trans- 
ducer scans to find the direction of the echo or 
echoes. 

scanning speed The rate at which a line, region, or 
quantity is scanned or at which samples are 
taken. 

scanning yoke See YOKE, 2. 
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scan rate 1. The rate at which a controlled quan- 
tity is checked periodically by a control computer. 
2. See SCANNING FREQUENCY. 

scan tuning Repetitive, automatic sweeping of a 
frequency band by a tuned circuit containing a 
varactor, whose capacitance is periodically varied 
by a sawtooth voltage. 

SCARA Abbreviation of SELECTIVE COMPLIANCE 
ASSEMBLY ROBOT ARM. 

SCA subcarrier An auxiliary carrier (commonly 
67 kHz) superimposed on a main frequency- 
modulated carrier to convey subsidiary communica- 
tions, such as music without commercials. Also see 
SUBSIDIARY COMMUNICATION AUTHORIZATION. 

scatter To disperse or diffuse transmitted electro- 
magnetic radiation. 

scattering 1.The tendency of a concentrated beam 
of energy to be spread out when it passes through 
a given medium or substance. 2. The spreading 
out of radio waves as they pass through the iono- 
sphere or troposphere. 
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scatter read In data processing, to distribute data 
from an input record to several storage areas. 

scatter transmission See BACK SCATTER and 
FORWARD SCATTER. 

Sc band A section of the S BAND extending from 
2000 to 2400 MHz. 

sce Abbreviation of SINGLE-COTTON-COVERED 
(WIRE). 

SCDSB Abbreviation of SUPPRESSED CARRIER 
DOUBLE-SIDEBAND (see DOUBLE-SIDEBAND 
SUPPRESSED CARRIER). 

SCE Abbreviation of saturated calomel electrode. 

sce Abbreviation of SINGLE-COTTON-ENAMELED 
(WIRE). 

SCEPTRON Acronym for SPECTRAL COMPARA- 
TIVE PATTERN RECOGNIZER. 

schedule In computer operations, to establish the 
order of importance of jobs to be run, and assign 
the necessary resources for those jobs. 

schedule method A method of waveform analysis 
involving the evaluation of instantaneous ampli- 
tudes at numerous points in time. The values are 
obtained at specific intervals from the image of 
one complete wave cycle, as displayed on an os- 
cilloscope or plotted on a graph. 


5059F-pS-607-670 4/10/01 9:47 AM Page 611 cp 


scan rate « scientific notation 611 


schematic diagram An electronic circuit diagram. 
Also called WIRING DIAGRAM and schematic. 

schematic symbol A graphic symbol used to rep- 
resent electronic components in a circuit dia- 
gram. 

Schering bridge A four-arm capacitance bridge in 
which the unknown capacitance is compared 
with a standard capacitance. This bridge is fre- 
quently used in testing electrolytic capacitors, to 
which a direct-current polarizing voltage is ap- 
plied during the measurement. 


Cx = Cs (Ry/R}) 


Ry balance Cx Ry =R, (Ci/Cs) 
R, Rx 
C 

Cs 
VA Ry 
Cx 
balance 

Schering bridge 


Schmidt optical system In projection television, a 
lens system used between the bright-image pic- 
ture tube and the screen. 

Schmitt limiter See SCHMITT TRIGGER. 

Schmitt trigger A multivibrator that produces 
uniform-amplitude output pulses from a vari- 
able-amplitude input signal. This circuit has 
many applications, one being the conversion of a 
sine wave into a Square wave. 

Schottky diode A solid-state diode in which a 
metal and a semiconductor form the pn junction. 
Electrons injected into the metal have a higher 
energy level than the charge carriers in a semi- 
conductor, and energy storage at the junction is 
low because current flow is not accompanied by 
hole movement. Also known as HOT-CARRIER 
DIODE. 

Schottky logic A form of integrated-injection logic 
with enhanced operating speed. 

Schottky noise The random noise resulting from 
the emission of charged particles, usually elec- 
trons or holes, from an electrode in an amplifying 
device. This noise is usually of a wideband na- 
ture. 

scientific language Any computer programming 
language used primarily for mathematical or sci- 
entific applications. 

scientific notation The expression of very large 
and very small numbers as a fixed-point part 
(mantissa) and a power of the radix (usually 10). 
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Generally, the mantissa is greater than or 
equal to 1, but less than 10; the power of 10 is ad- 
justed accordingly. Thus, for example, 203,700 = 
2.037 x 10°; 0.000533 = 5.33 x 10+. See also 
SIGNIFICANT FIGURES. 

scintillating crystal A crystal, such as one of 
sodium iodide, that sparkles or flashes when ex- 
posed to radioactive particles or rays. 

scintillation 1. In radar operations, the apparent 
rapid displacement of a target from its mean po- 
sition. 2. A momentary flash of light produced in 
a phosphor or scintillating crystal when a high- 
velocity particle strikes it. 3. A small fluctuation 
in radio field intensity at a receiving point. 

scintillation counter A radiation counter consist- 
ing essentially of a scintillating crystal in combi- 
nation with a photomultiplier tube. Flashes from 
the excited crystal cause the tube to deliver out- 
put pulses that are totaled and indicated. 

scintillator material A substance, such as crys- 
talline sodium iodide, that scintillates under cer- 
tain stimuli. 

scissoring A method of interrupting the electron 
beam in a cathode-ray tube when the beam 
would not land on the phosphor screen. 

SCLC Abbreviation of SPACE-CHARGE-LIMITED 
CURRENT. 

sco Abbreviation of SUBCARRIER OSCILLATOR. 

scope Colloquialism for OSCILLOSCOPE. 

Scott oscillator See PARALLEL-TEE OSCILLA- 
TOR. 

scp Abbreviation of SPHERICAL CANDLEPOWER. 

SCR Abbreviation of SILICON-CONTROLLED REC- 
TIFIER. 

scrambled signal Any signal in which (for secrecy 
or exclusivity) the elements are disarranged ac- 
cording to an encryption algorithm. Thus, intelli- 
gent reception is possible only if the signal is 
processed via a suitable decryption algorithm. 
Example: SCRAMBLED SPEECH. 

scrambled speech Voice transmission in which 
the frequencies have been inverted to prevent 
eavesdropping. It is automatically unscrambled 
(by reinversion) at the receiver to restore intelligi- 
bility. 

scrambler circuit A circuit containing filters and 
frequency inverters for scrambling speech. 

scratch filter An audio-frequency low-pass filter 
that suppresses high-frequency noise caused by 
friction between a phonograph disc and the needle. 





Input Output 


scratch filter 
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scratchpad memory In computers, a low-capacity 
memory that stores an intermediate result of a 
calculation. 

scratch tape Magnetic data tape that can be over- 
written for any purpose. 

screen 1. See SCREEN GRID. 2. See SHIELD. 
3. The front surface of a cathode-ray tube. 4. The 
surface of a computer or terminal display. 

screen angle In radar, the angular difference be- 
tween the actual horizon and the plane perpen- 
dicular to the line connecting the radar set with 
the center of the earth. 

screen current Symbol, Is or Isc. The current flow- 
ing in the screen circuit of an electron tube. 

screen grid In a vacuum tube, a grid element be- 
tween the control grid and plate. It reduces the 
internal grid-plate capacitance, and consequently 
prevents self-oscillation when the tube is used in 
a straight-through amplifier. 

screen-grid neutralization Neutralization of an 
amplifier that uses a tetrode vacuum tube. Such 
circuits require smaller neutralizing capacitances 
than those used in triode amplifiers because 
of the lower interelectrode capacitance of the 
screen-grid tube. 

screen illumination Edge lighting of the transpar- 
ent screen of an oscilloscope, to make the lines of 
the graticule more clearly visible. 

screen material See PHOSPHOR. 

screen resistance Symbol, Rs or Rsc. The internal 
resistance presented by the screen-grid/cathode 
path of an electron tube. 

screen room Sce CAGE. 

screen voltage Symbol, Es or Egg. The voltage at 
the screen grid of an electron tube. 

scribing The etching of a semiconductor wafer to 
facilitate breaking the wafer into smaller pieces. 

ScriptX A high-level programming language used 
in the writing of software for personal comput- 
ers—especially in multimedia. Developed by 
Kaleida Laboratories. 

SCS Abbreviation of 
SWITCH. 

SCT Abbreviation of SURFACE-CHARGE TRAN- 
SISTOR. 

S curve 1. The voltage-versus-current curve for a 
negative-resistance device. Compare N CURVE. 
2. The response curve for a frequency-modula- 
tion discriminator or ratio detector. 

SD Abbreviation of STANDARD DEVIATION. 

Sp band A section of the S BAND extending from 
4200 to 5200 MHz. 

SDF Abbreviation of static direction finder. 

SDR See SOFTWARE-DEFINED RADIO. 

Se Symbol for SELENIUM. 

seaborgium Symbol, Sg. Also called unnilhexium 
(Unh). Atomic number, 106. The most common 
isotope has atomic weight 263. Classified as a 
transition metal. It has a half-life on the order of 
1 second or less, is human-made, and is not 
known to occur in nature. 


SILICON-CONTROLLED 
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sea clutter Collectively, the radar echoes that the 
sea reflects. 

seal 1. The point at which a lead or electrode en- 
ters or leaves and is secured to an envelope, case, 
or housing. Such a point is often tightly closed 
against the passage of air in or out of the enve- 
lope. 2. To close off a circuit or component from 
tampering. 

sealed dry battery A set of electrochemical dry 
cells that can be installed without concern for ori- 
entation or position. Example: 9-volt “transistor 
battery.” 

sealed meter 1. A meter that is tightly closed 
against the entry of moisture and foreign materi- 
als. 2. A meter that is locked or otherwise pro- 
tected against tampering. 

sealing compound A substance (such as wax, 
pitch, or plastic) used to enclose and protect elec- 
tronic devices. 

search 1. To scan or sweep through a range of 
quantities or through a region of interest. 2. To 
examine (usually in some prescribed order) items 
of information in a computer memory to find 
those satisfying a given criterion. 

search coil An inductive probe (exploring coil) 
used to sample magnetic fields. 

search oscillator A variable-frequency oscillator 
used to locate and identify signals by the hetero- 
dyne method. 

search probe 1. See SEARCH COIL. 2. A capacitive 
probe used to sample electric fields. 

search radar A radar that displays a target almost 
immediately after that target enters a scanned 
area. 

search time The time needed to test items during 
a search (see SEARCH, 2). 

seareturn See SEA CLUTTER. 

seasonal effects In ionospheric propagation, the 
changes produced as a result of the revolution of 
the earth around the sun. The path of the sun 
across the sky, and the length of the day, are pri- 
marily responsible for such effects. 

seasonal static Atmospheric electrical interfer- 
ence, most prevalent during the summer. 

Sz band A section of the S BAND extending from 
1550 to 1650 MHz. 

sec 1. Abbreviation of SECOND. 2. Abbreviation of 
SECTION. (Also, sect.) 3. Abbreviation of SEC- 
ONDARY. 4. Abbreviation of SECANT. 

secant Abbreviation, sec. The trigonometric func- 
tion representing the ratio of the hypotenuse of a 
right triangle to the adjacent side (c/b). The secant 
is the reciprocal of the cosine; sec x = 1/cos x. 

second 1. Abbreviation, s and sec. A unit of time. 
The mean solar second is 1/86,400 of a mean so- 
lar day, and is 1/60 minute or 1/3600 hour. 
2. Symbol ("). A unit of arc measure. 1" = 1/3600 
geometric degree. 

secondaries See SECONDARY COLORS. 

secondary 1. See SECONDARY WINDING. 2. See 
SECONDARY STANDARD. 
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secondary battery See STORAGE BATTERY. 

secondary calibration The calibration of an in- 
strument, based on a reference instrument cali- 
brated against an absolute source. 

secondary capacitance 1. The distributed capaci- 
tance of the secondary winding of a transformer 
whose primary winding is unloaded. Compare 
PRIMARY CAPACITANCE, 1. 2. A series or shunt 
capacitance used to tune the secondary coil of a 
radio-frequency transformer. Compare PRIMARY 
CAPACITANCE, 2. 


To next 
i. IF amp. 
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secondary capacitance, 2 


secondary cell See STORAGE CELL. 

secondary circuit 1. The circuit associated with 
the secondary winding of a transformer. 2. See 
OUTPUT CIRCUIT. 

secondary coil See SECONDARY WINDING. 

secondary color 1. A color prepared by mixing two 
primary colors. 2. In television operations, any 
displayed color composed of two or more color 
primaries. 

secondary current The current flowing in the sec- 
ondary winding of a transformer. Also called 
TRANSFORMER OUTPUT CURRENT. Compare 
PRIMARY CURRENT. 

secondary electron 1. The electron possessing the 
lesser energy after a collision between two elec- 
trons. Compare PRIMARY ELECTRON. 2. An 
electron ejected by secondary emission. 

secondary emission The action whereby electrons 
in the atoms at the surface of a target are ejected 
as a result of bombardment by a beam of (pri- 
mary) electrons. Thus, in an electron tube, elec- 
trons from the cathode strike the plate with a 
force that drives secondary electrons out of the 
plate, into the surrounding space. 

secondary emitter A source of secondary elec- 
trons (e.g., the plate of an electron tube or a dyn- 
ode in a photomultiplier tube). 

secondary failure The failure of a component or 
circuit, resulting from the failure of some other 
component. For example, the pass transistor in a 
power supply might burn out, causing the output 
voltage to increase; this increased voltage can 
damage equipment connected to the supply. 

secondary frequency standard A device for gener- 
ating signals of accurate frequency, but that does 
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not possess the very high stability and extreme 
accuracy of a primary frequency standard. The 
secondary standard is periodically checked 
against a PRIMARY FREQUENCY STANDARD 
and appropriately corrected. 

secondary impedance 1. The impedance of the 
secondary winding of a transformer whose pri- 
mary winding is unloaded. Compare PRIMARY 
IMPEDANCE, 1. 2. An external impedance pre- 
sented to the secondary winding of a transformer. 
Compare PRIMARY IMPEDANCE, 2. 

secondary inductance The inductance of the sec- 
ondary winding of a transformer whose primary 
winding is unloaded. Compare PRIMARY INDUC- 
TANCE. 

secondary kVA The kilovolt-amperes in the sec- 
ondary circuit of an operating transformer. Com- 
pare PRIMARY KVA. 

secondary power The power in the secondary cir- 
cuit of a transformer. Also see SECONDARY KVA 
and SECONDARY VA. Compare PRIMARY POWER. 

secondary radiation 1. The (sometimes random) 
reradiation of electromagnetic waves, as from a 
receiving antenna. 2. Rays emitted by atoms or 
molecules when the latter are struck by other ra- 
diation. 

secondary rays Rays emitted by atoms or mol- 
ecules that have been bombarded by other rays of 
the same general nature. Examples: secondary X 
rays and secondary beta rays. 

secondary resistance The direct-current resis- 
tance of the secondary winding of a transformer. 
Compare PRIMARY RESISTANCE. 

secondary standard An accurate source of a 
quantity (capacitance, frequency, inductance, re- 
sistance, etc.), that is referred periodically to a 
primary standard for correction. 

secondary storage In computer and data-process- 
ing operations, storage that is auxiliary to the 
main storage. Also called backing storage. 

secondary turns The number of turns in the sec- 
ondary winding of a transformer. Compare PRI- 
MARY TURNS. 

secondary utilization factor For a transformer in 
a rectifier circuit, the utility factor of the sec- 
ondary winding (ratio of direct-current power out- 
put to secondary volt-amperes). 

secondary VA The volt-amperes in the secondary 
circuit of a transformer. Compare PRIMARY VA. 

secondary voltage The voltage across the sec- 
ondary winding of a transformer. Also called 
TRANSFORMER OUTPUT VOLTAGE. Compare 
PRIMARY VOLTAGE. 

secondary winding The normal output winding of 
a transformer. Also called SECONDARY COIL. 
Compare PRIMARY WINDING. 

second breakdown In a large-area power transis- 
tor, a destructive breakdown caused by thermal 
runaway. 

second-breakdown voltage The collector voltage at 
which second breakdown occurs in a transistor. 
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second-channel attenuation See SELECTANCE, 2. 

second-channel interference In a given channel, 
interference arising from authorized signals two 
channels removed. 

second detector In a superheterodyne receiver, 
the intermediate-frequency detector. Compare 
FIRST DETECTOR. 

second-level address In a computer program in- 
struction, an address giving the location of the 
address of a required operand. Also called indirect 
address. 

sect Abbreviation of SECTION. (Also, sec.) 

section 1. A subcircuit or stage of a larger circuit 
(e.g., the oscillator section of a receiver). 2. The 
smaller unit described in 1, when self-contained 
and operated independently (e.g., filter section). 
3. See PROGRAM SEGMENT. 

sectionalized antenna A set of collinear radiating 
elements, placed end-to-end with reactances be- 
tween them, for the purpose of modifying the ra- 
diation pattern. 

sectionalized winding 1. A method of winding a 
coil in complete, multilayer sections that are 
stacked side by side or top to bottom, a technique 
that reduces distributed capacitance. 2. A coil 
wound, as defined in 1. 

sector On a magnetic disk, a specific portion of a 
track. 

sectoral horn antenna An (usually sheetmetal) 
antenna with the shape of a horn of rectangular 
cross section. It is flared in one dimension only. 


To 
waveguide 








Maximum 
radiation/response 


Flared 
——— 


dimension 


sectoral horn antenna 


sector display Ina radar, a display that allows the 
continuous observation of a portion of the 
scanned area. 

secular equilibrium The state in which a radioac- 
tive substance changing into another substance 
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is decaying as fast as the second substance is be- 
ing formed. 

secular variation A slow change in the intensity of 
the terrestrial magnetic field. 

secure mode Ina security system, the condition of 
being fully activated. 

securite In radiotelephony, a spoken word (pro- 
nounced say-kyoor-ee-tay) identifying a trans- 
mission concerning safety. Equivalent to TT in 
radiotelegraphy. 

security code _ 1. A set of alphanumeric characters 
(letters and/or numbers) or switch settings that 
activates or deactivates a security system. 2. See 
PASSWORD. 

security robot In a smart home, a robot that as- 
sists in protection of a home or business, and its 
occupants, from intrusion, burglary, or attack. If 
an intruder enters the property, the security 
robot might drive the offender away or detain the 
offender until police arrive. The robot might em- 
ploy iris-print detection or facial feature detection 
to identify an intruder from a distance. The robot 
would be linked to the home computer via a 
broad-bandwidth, high-speed wireless system. 
Compare SENTRY ROBOT. Also see SMART 
HOME OR BUSINESS. 

security system A set of electronic (and some- 
times also electromechanical) devices designed to 
do one or more of the following: restrict access to 
a premises or computer system, detect abnormal 
conditions, detect unauthorized entry, alert hu- 
man operators of abnormal conditions, alert own- 
ers and/or authorities of unauthorized entry to a 
premises, and (in some cases) provide physical 
protection of property. 

Seebeck effect The development of an electromo- 
tive force in a junction of two dissimilar metals 
(a thermocouple) when the temperature of the 
junction is different from that of the rest of the 
metal. 

Seebeck emf The electromotive force resulting 
from the Seebeck effect. 

seed crystal A small single crystal from which a 
larger single crystal (e.g., germanium or silicon) is 
grown. Also see CLOCHRALSKI METHOD. 

seeing-eye robot A robot that serves in the capac- 
ity of a seeing-eye dog, to help visually impaired 
people in their daily activities. 

seek See SEARCH. 

seek area An area of direct-access storage to which 
are assigned specific records and from which the 
records can be accessed quickly. 

segment 1. The portion of a line or curve lying be- 
tween two points. 2. See PROGRAM SEGMENT. 

segmental meter An expanded-scale meter (see 
SCALE EXPANSION). 

segmented encoding law An approximation of a 
smooth encoding law, done by means of linear 
partitions or segments. The greater the number of 
segments, the more accurate the approximation. 

segmenting See PARTITIONING. 
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segment mark A character indicating the division 
between tape file sections. 

segue (Pronounced SEG-way.) A smooth transition 
from one sound or channel to another (e.g., be- 
tween musical selections in a radio broadcast). 
The first selection decreases in volume as the sec- 
ond selection increases. There is some overlap. 

Seignette salt See ROCHELLE SALT. 

seismic detector A vibration sensor used in some 
types of intrusion-detection systems. 

seismogram A record produced by a SEISMO- 
GRAPH. 

seismograph An instrument for detecting and 
recording earth tremors. Indicates the direction, 
magnitude, and time of a quake. 

seismometer See SEISMOGRAPH. 

seismoscope An instrument that shows the occur- 
rence and time of an earthquake. Compare SEIS- 
MOGRAPH. 

select To accept or separate a unit, quantity, or 
course of action from all those available (in a 
group, mixture, or series). 

selectance 1. For a resonant circuit, the ratio 
Er/Ex, where Er is the voltage at resonance, and 
Ex is the voltage at a specified nonresonant fre- 
quency. 2. For a receiver, the figure S2/S1, where 
S1 is the sensitivity of the receiver in a given fre- 
quency channel, and S2 is the sensitivity in an- 
other specified channel. 

selected mode In an encoder, a mode in which one 
output is read and the others are ignored. 

selective Pertaining to a device or system, such as 
a radio receiver, with a high degree of SELECTIV- 
ITY. 

selective absorption The attenuation or absorp- 
tion of some frequencies or bands of frequencies, 
with little or no attenuation at other frequencies 
or bands of frequencies. 

selective amplifier An amplifier that can be 
tuned, with the desired degree of sharpness, to a 
single frequency or band of frequencies. Radio- 
frequency amplifiers are generally tuned by 
means of inductance-capacitance (LC) circuits; 
audio-frequency amplifiers are usually tuned by 
means of resistance-capacitance (RC) circuits. 

selective calling The calling, alerting, or alarming 
of a desired station without interfering with other 
stations. 

selective compliance assembly robot arm Abbre- 
viation, SCARA. An electromechanical device de- 
signed especially for use in assembly lines. It 
uses cylindrical coordinate geometry to allow pre- 
cise, programmable movements in three dimen- 
sions. 

selective dump In computer operations, a dump 
(see DUMP) affecting a small, specific memory 
area. 

selective fading Fading caused by propagation 
conditions, whose effects differ at slightly differ- 
ent frequencies. In an amplitude-modulated sig- 
nal, this effect causes the sidebands and carrier 
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to arrive in various phase relationships, with re- 
sulting distortion in the received signal. 

selective interference Interference confined to a 
narrow band of frequencies. 

selective polarization See POLARIZATION SE- 
LECTIVITY. 

selective reflection In the reflection of electrons 
directed into a crystal by means of an electron 
gun, the tendency of the electrons to be reflected 
more readily when they strike the crystal at cer- 
tain speeds. 

selective relay 1. A relay or relay circuit tuned to 
open or close at one signal frequency. 2. A relay 
or relay circuit adjusted to open or close at one 
value of current or voltage. 

selective trace In computer operations, a diagnos- 
tic program used to analyze certain areas of 
memory or specific kinds of program instruc- 
tions, for debugging purposes. 

selectivity 1. The ability of a circuit or device to 
pass signals of one frequency and reject signals 
at other frequencies. 2. The degree to which a cir- 
cuit or device passes signals of one frequency and 
rejects signals at other frequencies. 

selectivity control In some equipment (such as 
receivers, crystal filters, wave analyzers, and vi- 
bration meters) an adjustment that permits vari- 
ation of selectivity. 

Selectoject A fully electronic, continuously tun- 
able, notcher-peaker that is resistance-capaci- 
tance tuned. The name is an acronym for select or 
reject. 

selector 1. A channel switch in a radio or televi- 
sion receiver. 2. See SELECTOR SWITCH. 

selector channel In data-processing and com- 
puter systems, a data transmission channel con- 
trolling the information flow between peripherals 
and a central processing unit. 

selector pulse In digital communications, an iden- 
tifying pulse that represents a certain group of 
bits or data. 

selector relay A device, such as a stepping switch, 
that actuates one of a number of available cir- 
cuits on receipt of a predetermined number of 
pulses. 

selector switch A (usually rotary) multiposition 
switch that allows an operator to select from 
among several options (such as frequency chan- 
nels, frequency bands, or selective filters). 

selenium Symbol, Se. A nonmetallic element. 
Atomic number, 34. Atomic weight, 78.96. It is 
used in the manufacture of some diodes, recti- 
fiers, and photocells. 

selenium cell A photoelectric cell that uses spe- 
cially processed selenium as the light-sensitive 
material. It can be operated as a photoconductive 
cell or a photovoltaic cell. 

selenium diode A junction diode in which the 
semiconductor material is specially processed se- 
lenium. Also see JUNCTION DIODE. 

selenium photocell See SELENIUM CELL. 


5059F-pS-607-670 4/10/01 9:47 AM Page 616 cp 


selenium rectifier A disk- or plate-type power rec- 
tifier utilizing the junction between selenium and 
aluminum or selenium and iron. 

self-bias For a transistor or vacuum tube, input- 
electrode bias voltage resulting from the flow of 
output-electrode current through a resistor com- 
mon to both circuits. Also called AUTOMATIC 
BIAS. 


— 


self-bias 


self-capacitance The inherent internal capaci- 
tance of a device other than a capacitor. 

self-checking number A number whose digits 
have a value that determines the check digit at- 
tached to it; thus, it can be verified following its 
transfer between storage locations or peripherals. 

self-cleaning contacts Switch or relay contacts 
that clean themselves automatically by means of 
wiping action. 

self-contained device A device containing all 
parts and sections (e.g., main circuit, power sup- 
ply, meter, loudspeaker, etc.) needed for full oper- 
ation (i.e., no auxiliary equipment is needed). 

self-controlled oscillator See SELF-EXCITED OS- 
CILLATOR. 

self discharge The tendency of an electrochemical 
cell or battery to gradually lose stored energy 
when not in use. 

self-discharge rate A quantitative expression of 
the speed with which SELF DISCHARGE occurs 
in an electrochemical cell or battery when it is 
stored without being used. 

self-energy Symbol, E. The energy mc’, in joules, 
of a particle traveling at the speed of light c 
(2.9979 x 10® meters per second) and whose 
mass is m kilograms. 

self erasing In a magnetic tape, the unwanted 
erasing of data near a highly magnetized region. 

self-excited generator An _  alternating-current 
generator in which the field coils are supplied 
with direct current produced by the machine it- 
self. Compare SEPARATELY EXCITED GENERA- 
TOR. 

self-excited oscillator An oscillator consisting of 
an amplifier that supplies its own input signal 
through positive feedback, and whose oscillation 
frequency depends entirely on circuit constants, 
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such as the capacitance and inductance in a tank 
circuit. Compare CRYSTAL OSCILLATOR, FORK 
OSCILLATOR, HUMMER, and MAGNETOSTRIC- 
TION OSCILLATOR. 


Output 


+ 


self-excited oscillator 


self-focus picture tube A television picture tube in 
which the electron gun has an automatic, electro- 
static focusing arrangement. 

self-generating photocell See PHOTOVOLTAIC 
CELL. 

self-generating transducer A _ voltage-producing 
transducer, such as a piezoelectric pickup or dy- 
namic microphone. 

self-healing capacitor A capacitor, such as a wet 
electrolytic unit, in which the dielectric is re- 
stored to its normal condition after a high-voltage 
breakdown. 

self-heated thermocouple A thermocouple in 
which the passage of an applied current produces 
the heat necessary for the activation of the ther- 
mocouple. 

self-heating thermistor A thermistor heated to 
above ambient temperature by the current pass- 
ing through it. Also called DIRECTLY HEATED 
THERMISTOR. Compare INDIRECTLY HEATED 
THERMISTOR. 

self impedance The effective or measured im- 
pedance at a circuit point. 

self-inductance 1. The inductance of an inductor. 
2. The inherent internal inductance of a device 
other than an inductor. 

self-induction Induction that occurs in a single 
circuit. An instance is the generation of an op- 
posing voltage across a coil by an alternating cur- 
rent flowing through it. Compare INDUCTION. 
Also see INDUCTANCE. 

self-latching relay A relay that remains in the 
state that it has been switched (i.e., locked open 
or closed) until a subsequent signal is received. 

self-modulated oscillator A circuit, such as a 
blocking oscillator, in which oscillation occurs 
simultaneously at two frequencies, one modulat- 
ing the other. 


self-organizing Pertaining to a computer or sys- 
tem that can change the arrangement of data files 
for particular purposes. 

self-powered device A device that requires no ex- 
ternal source of power (i.e., it is equipped with a 
self-contained battery or a generator). 

self-pulsing blocking oscillator A blocking oscil- 
lator that produces a train of radio-frequency 
pulses. Compare SINGLE-SWING BLOCKING OS- 
CILLATOR. 

self-quenching detector A super-regenerative de- 
tector (see SUPER-REGENERATIVE CIRCUIT) in 
which the low-frequency quenching voltage is 
supplied by the regenerative detector itself. Also 
see QUENCHING ACTION and QUENCH OSCIL- 
LATOR. Compare SEPARATELY QUENCHED DE- 
TECTOR. 

self-quenching oscillator A circuit, such as a 
blocking oscillator, in which oscillation is period- 
ically switched off automatically, resulting in a 
self-interrupted wave train. 

self-rectifying vibrator A vibrator-type power 
supply in which one vibrator reed chops the di- 
rect-current input to the primary winding of the 
transformer, and a second vibrator reed rectifies 
the alternating-current output delivered by the 
secondary winding. Also see VIBRATOR RECTI- 
FIER. 

self-rectifying X-ray tube An X-ray tube operated 
with alternating-current anode voltage. 

self-regulation The ability of a circuit or device to 
control its output automatically, according to 
some predetermined plan, by using output error 
to correct operation or to vary the input. 

self reset 1. The action of a circuit breaker to reap- 
ply power after a certain elapsed time. 2. The ac- 
tion of any device, returning a circuit or system to 
normal automatically. 

self-resetting loop In a computer program, a loop 
in which instructions cause locations used in the 
loop to assume their condition prior to the loop’s 
execution. 

self-resistance The inherent internal resistance of 
a device other than a resistor. 

self-resonant frequency The frequency at which a 
device will resonate naturally (without external 
tuning). Thus, an inductor will self-resonate with 
its distributed capacitance; similarly, a capacitor 
will resonate with its stray inductance. 

self-saturation In a magnetic amplifier, saturation 
resulting from rectification of the saturable- 
reactor output current. 

self-starting motor An alternating-current motor 
that starts running as soon as voltage is applied 
(i.e., no external mechanical force is needed). Also 
see SHADING COIL. 

self-sustained oscillations Oscillations main- 
tained by means of positive feedback (inductive 
or capacitive) from the output to the input 
of a circuit. See, for example, SELF-EXCITED 
OSCILLATOR. 
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self-test Any arrangement whereby a device or 
system determines, without the aid of an external 
operator, whether or not it is operating correctly. 

self-ventilated motor See OPEN MOTOR. 

self-wiping contacts See SELF-CLEANING CON- 
TACTS. 

selsyn See AUTOSYN and SYNCHRO. 

SEM_ 1. Abbreviation of SINGLE-ELECTRON MEM- 
ORY. 2. Abbreviation of SCANNING ELECTRON 
MICROSCOPE. 

semantic network A reasoning scheme sometimes 
used in artificial intelligence. Logical state-ments 
or sentences are broken down into nodes (gener- 
ally nouns) and relationships (generally verbs 
and modifiers). This allows statements to be 
mapped in a way that is easy for computers to 
store and modify. 

semiautomatic key Also called bug. A telegraph 
key that mechanically produces a string of 
Morse-code dots (short pulses) when its lever is 
pressed to one side (usually toward the right), 
and continuous circuit closure when the lever is 
pressed to the opposite side (usually toward the 
left). Dashes are manually sent by the operator. 

semiconductor A material whose natural resistiv- 
ity lies between that of conductors and insulators 
(e.g., GERMANIUM, SILICON, SELENIUM, and 
GALLIUM ARSENIDE). 

semiconductor capacitor A miniaturized com- 
ponent that takes advantage of reverse biasing 
in a semiconductor P-N junction. When a volt- 
age source is connected across a diode so that it 
does not conduct, the diode acts as a capacitor. 
The capacitance varies depending on how much 
reverse voltage is applied to the diode. The 
greater the reverse voltage, the smaller the ca- 
pacitance. Some diodes are especially manufac- 
tured to serve this function. This phenomenon 
can be useful in the fabrication of integrated cir- 
cuits (ICs). See also INTEGRATED CIRCUIT, 
VARACTOR. 

semiconductor counter A device for measuring 
the intensity of ionizing radiation (such as alpha 
particles, beta particles, or gamma rays) using a 
photodiode and sensing circuit. 

semiconductor device A component (such as a 
diode, photocell, rectifier, or transistor) that ex- 
ploits the properties of a semiconductor. 

semiconductor diode A solid-state diode, as op- 
posed to a vacuum-tube diode or gas-tube diode. 
Examples: germanium diode, selenium diode, and 
silicon diode. 

semiconductor junction Within a body of semi- 
conductor material, the area of physical contact 
between two regions (usually n and p) having op- 
posite electrical properties. 

semiconductor laser See LASER DIODE. 

semiconductor material See SEMICONDUCTOR. 

semiconductor-metal junction The area of 
physical contact between a metal and a semi- 
conductor. 
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semiconductor photosensor A _ semiconductor 
photodiode or phototransistor, as opposed to a 
phototube. 

semiconductor rectifier A heavy-duty semicon- 
ductor diode (or assembly of such diodes) de- 
signed primarily to change alternating current to 
direct current in power-supply units. Rectifiers 
commonly are made from copper oxide, germa- 
nium, magnesium-copper sulfide, selenium, or 
silicon. Also see JUNCTION DIODE and METER 
RECTIFIER. 

semiconductor resistor A tiny resistor manufac- 
tured from semiconductor material, especially one 
that is etched onto the chip of an integrated circuit 
(IC). The thickness, and the types and concentra- 
tions of impurities added, determine the resis- 
tance of the component. Such resistors can handle 
only a tiny amount of power because of their small 
size. But because IC circuits are designed to con- 
sume minimal power, this is not a problem. The 
small signals produced by ICs can be amplified, 
using circuits made from discrete components, if it 
is necessary to obtain higher signal power. See 
also INTEGRATED CIRCUIT. 

semidirectional Pertaining to a transducer that 
exhibits different directional characteristics at 
different frequencies. 

semiduplex operation A two-frequency communi- 
cation system that operates in duplex at one end 
of the link, and in simplex at the other end. Also 
see DUPLEX OPERATION and SIMPLEX TELEG- 
RAPHY. 

semilogarithmic graph Also called semilog graph. 
A graph in which one axis is logarithmic and the 
other axis is linear. 
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semimetal An elemental substance that exhibits 
some, but not all, of the properties of a metal (e.g., 
antimony and arsenic). Also called METALLOID. 

semiresonant line An open-wire transmission line 
cut approximately to resonant length at the fre- 
quency of operation. 
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semitone See HALF STEP. 

sender See TRANSMITTER, I, 3. 

sending-end impedance See 
IMPEDANCE. 

sending set 1. See RADIO TRANSMITTER. 2. An 
equipment for transmitting electromagnetic 
waves. Also see TRANSMITTER, 1. 

sensation level The level of sound that produces a 
tingling or noticeable sensation in the ear. 

sense 1. To check the condition of a switching de- 
vice, such as a gate. 2. See READ. 

sense amplifier A device that produces a control 
signal when some characteristic of the input sig- 
nal changes. 

sense determination In a direction finder that 
provides an ambiguous indication (two readings 
180 degrees apart), the process of deducing, or 
the ability of the apparatus to deduce, the true di- 
rection from which the signal is coming. 

sense resistor A (usually low-value) resistor used 
to sense current in a circuit without introducing 
a significant loss. The voltage drop across this re- 
sistor is proportional to the current and can be 
applied to a voltmeter, oscilloscope, or other in- 
strument for measurement or observation. 

sensing circuit 1. A circuit that samples a quan- 
tity. 2. In a voltage regulator, the circuit that 
monitors the output voltage and delivers a con- 
trol voltage proportional to the output-voltage er- 
ror. 

sensing window See WINDOW, 2. 

sensitive communications Two-way communica- 
tions of an emergency or priority nature, or in- 
volving the security of government operations. 

sensitive device A device that responds to a signal 
of low amplitude. 

sensitivity 1. The ability of a circuit or device to 
respond to a low-level applied stimulus. 2. For a 
receiver, the input-signal (in microvolts or milli- 
volts) required for a specified output level. 3. For 
a galvanometer, microamperes or milliamperes 
per scale division. 4. The ohms-per-volt rating of 
a voltmeter. Also see VOLTMETER SENSITIVITY. 

sensitivity adjustment 1. An input gain control in 
an amplifier circuit. 2. The radio-frequency gain 
control of a receiver. 3. A control or switch that is 
used to select the range or threshold of a piece of 
test equipment. 

sensitivity control A manual or automatic device 
for adjusting the sensitivity of a circuit or device. 

sensitometer An instrument used to measure the 
sensitivity of certain materials to light. 

sensor 1. A device that samples a phenomenon, 
and delivers a proportionate current or voltage in 
terms of which the intensity of the phenomenon 
can be measured, or with which control action 
can be initiated. 2. An electronic device that de- 
tects abnormal conditions (e.g., smoke and heat) 
and delivers a warning signal to human operators 
and/or computers. 3. An electronic device that 
detects intrusion to a premises and delivers a 
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warning signal to human operators and/or com- 
puters. 

sentry robot In a smart home or business, a robot 
that alerts the owner to abnormal conditions. It 
can detect fire, burglars, or water in places it 
should not be. It might also detect abnormal tem- 
perature, barometric pressure, wind speed, hu- 
midity, or air pollution. A wireless link alerts the 
owner via a device similar to a common beeper. 
Compare SECURITY ROBOT. Also see SMART 
HOME OR BUSINESS. 

separately excited generator An _ alternating- 
current generator whose field coils are supplied 
with direct current from another generator or from 
a battery. Compare SELF-EXCITED GENERATOR. 

separately quenched detector A superregenera- 
tive detector (see SUPERREGENERATIVE CIR- 
CUIT) in which the quenching voltage is supplied 
by a separate low-frequency oscillator. Also see 
QUENCHING ACTION and QUENCH OSCILLA- 
TOR. Compare SELF-QUENCHED OSCILLATOR. 

separation See CHANNEL SEPARATION. 

separation energy The energy required to remove 
a proton or neutron from the nucleus of an atom. 
The separation energy depends on the atomic 
number. 

separator 1. See FILTER, 1. 2. A perforated or 
porous plate of insulating material (usually plas- 
tic or wood) for holding active plates apart in a 
storage cell. 3. In computer operations, a charac- 
ter marking the division between logical data 
units. Also called data delimiter. 

septate cavity A coaxial cavity containing a SEP- 
TUM between the inner and outer conductors. 

septate waveguide A waveguide containing one or 
more septa (see SEPTUM) to control power trans- 
mission. 

septum A thin metal vane used as a reflector in a 
waveguide or cavity. 

sequence 1. A succession of objects, parameters, 
or numbers. 2. An ordered set of numbers—each 
of which is related to its predecessor by a specific 
mathematical function. 

sequence checking routine In computer opera- 
tions, a routine that verifies the order of items of 
data. 

sequence control register In a computer memory, 
a register whose contents determine the instruc- 
tion to be implemented next. 

sequence programmer A timing device that can be 
preset to start or stop various operations at pre- 
determined times. 

sequencer A device that initiates or terminates 
events in a desired sequence. 

sequence relay A relay whose several contacts 
close in a predetermined order. 

sequence timer A timer in which separate delay 
circuits are actuated in a predetermined se- 
quence. 

sequential In computer operations, a term denot- 
ing operations on data items in which the items 
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(e.g., records in a file) are taken in an order deter- 
mined by key values, rather than in the order in 
which the items are physically arranged. 

sequential access memory Any semiconductor 
memory in which data can be recalled or ad- 
dressed only in a certain specified order. 

sequential analysis In statistics, using an unspec- 
ified number of observations as samples from 
which a result is derived. Each observation is 
accepted or rejected, or another observation is 
made. 

sequential color television The successive trans- 
mission of the three primary colors in a television 
system, and their reproduction at the receiver in 
the same order. Also see DOT-SEQUENTIAL SYS- 
TEM, FIELD-SEQUENTIAL SYSTEM, and LINE- 
SEQUENTIAL SYSTEM. 

sequential control Computer operation in which 
the order of instruction implementation is the 
same as the order of instruction storage. 

sequential relay See SEQUENCE RELAY. 

sequential scanning Rectilinear television scan- 
ning in which the center-to-center distance be- 
tween successive lines is the same as the nominal 
line width. 

sequential switch 1. A switch that provides selec- 
tion of two or more ports in a rotating succession. 
2. In a television system, a switch that allows the 
monitoring technician to select any of the cam- 
eras for viewing. 

sequential timer See SEQUENCE TIMER. 

ser 1. Abbreviation of SERIES. 2. Abbreviation of 
SERIAL. 

serial 1. Pertaining to the performance of steps, or 
the occurrence of elements (such as data items 
on magnetic tape), in succession. 2. An order, 
row, or sequence in which one item follows an- 
other (as opposed to parallel). 

serial access Access to data file records in their or- 
der in a storage medium. 

serial adder See SERIAL ARITHMETIC UNIT. 

serial arithmetic unit In computer operations, an 
arithmetic unit in which digits are handled in or- 
der. Compare PARALLEL ADDER. 

serial bit Data in which the bits of each byte or 
word are sent or received one at a time. 

serial memory A register in which the input and 
output data is stored and retrieved one bit at a 
time. 

serial-parallel 1. Pertaining to data transfer that is 
serial in one sense and parallel in another sense. 
For example, entire words might be serially trans- 
mitted within a system, but the constituent bits 
of each word might be transferred in parallel. 
2. See PARALLEL-SERIES. 

serial processing In computer operations, the se- 
quential processing of several different programs 
through a single channel. Compare PARALLEL 
PROCESSING. 

serial storage In computer operation, storage in 
which elements are entered in order and are 


5059F-pS-607-670 4/10/01 9:47 AM Page 620 cp 


sequential ¢ series equivalent of parallel circuit 


available only in the same order. Compare PAR- 
ALLEL STORAGE. 

serial transfer The propagation of information 
along a single path, in which data bits are sent 
one after the other. 

series 1. The sum of a mathematical sequence (see 
SEQUENCE, 2). 2. Pertaining to the connection 
of elements or components end-to-end (see SE- 
RIES CIRCUIT). 

series addition See SERIES-AIDING. 

series-aiding The condition in which two series 
voltages or magnetic fields are added together. 
Compare SERIES-BUCKING. 

series antenna tuning Antenna-feeder tuning in 
which a separate tuning capacitor is connected in 
series with each wire. Compare PARALLEL AN- 
TENNA TUNING. 


Two-wire 
line 


Input 


series antenna tuning 


series bucking The condition in which two series 
voltages or magnetic fields oppose each other. 
Compare SERIES-AIDING. 

series capacitance Capacitance acting, or con- 
nected, in series with another capacitance or 
other quantity. 

series capacitors Capacitors connected in series. 
If the individual capacitors have values Cl, C2, 
..., Cn, then the total capacitance Ct is equal to 
1/(1/C1 + 1/C2+...+ 1/Cn). Also see SERIES 
CIRCUIT. 

series circuit A circuit whose components are, in 
effect, connected in a string (i.e., end-to-end). 
Compare PARALLEL CIRCUIT. 

series-diode half-wave _ rectifier 
DIODE RECTIFIER. 

series-diode rectifier A rectifier circuit in which 
the diode is connected in series with the source 
and load. Compare SHUNT-DIODE RECTIFIER. 

series dropping resistor See DROPPING RESIS- 
TOR. 


See SERIES- 


series equivalent impedance A series impedance 
that will draw the same current (magnitude and 
phase) drawn by a given parallel circuit con- 
nected across the same single-phase source. 

series equivalent of parallel circuit See SERIES 
EQUIVALENT IMPEDANCE. 
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series-fed amplifier An amplifier circuit in which 
the operating voltages are applied in series with 
the alternating-current signal voltages. Also see 
SERIES FEED. 

series-fed oscillator An oscillator circuit in which 
the direct-current operating voltage is applied in 
series with the alternating-current output volt- 
age. Also see SERIES FEED. 

series feed The application of alternating-current 
(ac) and direct-current (dc) voltages in series to a 
device. Example: the presentation of the de op- 
erating voltages for an amplifier in series with 
the ac signal voltages (see SERIES-FED AMPLI- 
FIER). 

series feedback A feedback system in which the 
feedback signal is presented to the input point in 
series with the input signal. Compare SHUNT 
FEEDBACK. 

series field A magnetic field produced by a series 
winding in a motor or generator. 

series generator An electric generator in which the 
armature and field windings are connected in se- 
ries. Compare SHUNT GENERATOR. 

series inductance 1. Inductance acting, effec- 
tively, in series with some other quantity (e.g., the 
inherent inductance of a wirewound resistor). 
2. An inductance connected in series with other 
inductances, or with some other quantity (e.g., 
capacitance and resistance). 

series inductors Inductors connected in series, 
and separated or oriented in a way that mini- 
mizes the effects of mutual inductance. Assuming 
zero mutual inductance, if the individual induc- 
tors have values L1, L2,..., Ln, then the total in- 
ductance Lt is equal to L1 + L2+...+ Ln. Also see 
SERIES CIRCUIT. 

series limiter A limiter (clipper) circuit in which 
the diode is essentially in series with the signal. 
Compare PARALLEL LIMITER. 

series loading The series insertion of reactances 
in a circuit for the purpose of impedance 
matching. 

series magnetic circuits A combination of several 
magnetic paths in line so that flux extends 
through each path in sequence; this is analogous 
to the passage of electric current successively 
through series-connected resistors. 

series motor An electric motor whose armature 
and field windings are connected in series. Com- 
pare SHUNT MOTOR. 

series operation The operation of units in succes- 
sion, necessitating sequential current flow 
through each. Also see SERIES CIRCUIT. 

series opposition See SERIES BUCKING. 

series-parallel See PARALLEL-SERIES. 

series-parallel capacitors See PARALLEL-SERIES 
CAPACITORS. 

series-parallel inductors See PARALLEL-SERIES 
INDUCTORS. 

series-parallel resistors See PARALLEL-SERIES 
RESISTORS. 
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series regulator A voltage regulator circuit in 
which the controlled device is in series with the 
load. Compare SHUNT REGULATOR. 

series resistance 1. Resistance acting in series 
with another resistance or with another quantity 
(e.g., capacitance and inductance). 2. The inher- 
ent resistance that acts effectively in series with 
the plates of a capacitor. 3. The resistance of the 
wire in a coil, acting effectively in series with the 
inductance. 

series resistors Resistors connected in series with 
each other. If the individual resistors have values 
R1, R2,..., Rn, then the total resistance Rt is 
equal to R1 + R2 +... + Rn. Also see SERIES 
CIRCUIT. 

series resonance Resonance in a circuit consisting 
of a capacitor, inductor, and an alternating- 
current generator in series. At the resonant fre- 
quency, the inductive reactance and_ the 
capacitive reactance cancel, so the net reactance 
is zero. The capacitor current and inductor 
current are maximum and equal, and the circuit 
impedance is minimum. Compare PARALLEL 
RESONANCE. 

series-resonant circuit A resonant circuit in 
which the capacitor, inductor, and generator are 
connected in series. Also see SERIES RESO- 
NANCE. Compare PARALLEL-RESONANT CIR- 
CUIT. 

series-resonant trap A wavetrap consisting of a 
series-resonant inductance-capacitance (LC) cir- 
cuit. Compare PARALLEL-RESONANT TRAP. 

series-resonant wavetrap See SERIES-RESO- 
NANT TRAP. 

series-shunt circuit See PARALLEL-SERIES. 

series tee junction See E-PLANE TEE JUNCTION. 

series tracking capacitor See OSCILLATOR PAD- 
DER. 

series-type frequency multiplier A varactor fre- 
quency-multiplier circuit in which the varactor is 
in series with the input and output. Compare 
SHUNT-TYPE FREQUENCY MULTIPLIER. 

series-type resonance bridge A resonance bridge 
in which the impedance arm is a series-resonant 
circuit. Compare SHUNT-TYPE RESONANCE 
BRIDGE. 

series winding 1. In a motor or generator, a wind- 
ing connected in series with the armature. 2. A 
method of motor or generator construction in 
which the field winding is connected in series 
with the armature. 

series-wound generator See SERIES GENERA- 
TOR. 

series-wound motor See SERIES MOTOR. 

serrated pulse A pulse having a notched or slotted 
top. An example is the vertical sync pulse in tele- 
vision. 

serrated rotor plate Ina variable capacitor, an ex- 
ternal rotor plate that is slotted radially. This al- 
ters the capacitance-variation curve of the 
capacitor to allow alignment of sensitive apparatus 
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(e.g., the tracking of radio-frequency tuned 
circuits in a radio receiver). 

serrated vertical sync pulse In television, the ver- 
tical syne pulse notched at twice the horizontal 
sweep frequency. 

service 1. To maintain or repair electronic equip- 
ment. 2. To provide maintenance or repair of elec- 
tronic equipment. 

serviceability ratio For a device or system, the ra- 
tio ts/(ts + td), where ts is serviceable (opera- 
tional) time, and td is downtime (non-operational 
time). 

serviceable time The cumulative time during 
which an operator-monitored (but not necessarily 
operated) device or system is capable of normal 
operation. 

service area For a broadcast or communications 
station, the useful coverage area. 

service band 1. For a communications system, the 
band of frequencies in which operation is nor- 
mally carried out. 2. A band of frequencies specif- 
ically assigned, by government regulation, to a 
certain communications service or services. 

service channel The band of frequencies that a 
particular broadcast or communications station 
occupies, when the carrier frequency is held con- 
stant. 

service charge The amount charged by a techni- 
cian for installation, maintenance, or repair of 
equipment. It is often performed on a per-hour 
basis. 

service maintenance For a cell or battery, the rel- 
ative amount of energy capacity (percentage of 
full-charge capacity) available at a given time, or 
after a certain length of time in normal use. 

service meter 1. An energy (“power”) meter. Also 
see KILOWATT-HOUR METER. 2. A rugged mul- 
timeter used by a service technician. 

service oscillator A signal generator designed ex- 
pressly for troubleshooting and repair service. 

service switch 1. The main switch controlling the 
electric service to a building or other place of in- 
stallation. 2. In television repair, a switch on the 
rear of a chassis. The switch facilitates adjust- 
ment of screen controls by removing vertical de- 
flection temporarily. 

service-type instrument An instrument having 
reasonable accuracy and a degree of rugged- 
ness so that it is suitable for field or shop use. 
Examples: SERVICE METER and SERVICE OS- 
CILLATOR. Compare LABORATORY-GRADE 
INSTRUMENT. 

servo amplifier A highly stable amplifier designed 
expressly for use in a SERVOMECHANISM. 

servo loop Ina control system (particularly a servo 
amplifier), the output-to-input feedback loop, 
through which automatic control is performed. 

servomechanism Also called servo. A self-correct- 
ing, closed-loop control system. It usually uses 
an electromechanical device, such as a motor, 
that controls some electronic device. Error sig- 
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nals, supplied by the controlled electronic device, 
cause the motor to run in such a way as to opti- 
mize or stabilize the system. 

servomotor A motor operated by the output signal 
of a servo amplifier. Depending on the end appli- 
cation of the servo system, the motor signal might 
or might not be corrected. 

servo oscillation In a servo system, a back-and- 
forth movement or fluctuation, relative to the 
optimum setting or position. It Results from im- 
proper system adjustment. Sometimes the sys- 
tem stabilizes at the optimum after a short period 
of oscillation; in some cases, the oscillation con- 
tinues indefinitely. 

servo robot A (usually industrial) robot whose mo- 
tion sequence is programmed into a computer. 
The robot follows the instructions given by the 
computer, and makes precise, timed movements 
on that basis. Different computer programs allow 
different motion sequences, so a single robot can 
be used for various tasks. 

servo system An automatic control system using 
one or more servomechanisms. 

set 1. A piece of equipment or a system (e.g., radio 
set). 2. In a flip-flop circuit, an input that is not 
controlled by the clock. 3. To adjust a circuit or 
device, such as a flip-flop, to a desired operating 
point or condition. 4. A class of numbers, things, 
or events. 5. In computer programming, to initial- 
ize a variable (i.e., to assign a label to a location). 

set analyzer A combination test instrument de- 
signed originally for troubleshooting radio re- 
ceivers. It consists of a multimeter and transistor 
tester or vacuum-tube tester. 

set noise Electrical noise arising inside a radio or 
television receiver, as opposed to that picked up 
from the outside. 

set pulse A pulse used to adjust a device to a cer- 
tain state (see SET, 3). 

set terminal In a flip-flop, the one-input terminal. 
Compare RESET TERMINAL. 

setting The position or value to which an ad- 
justable device is set for a particular purpose. 

settling time 1. In a digital voltmeter, the time re- 
quired between the application of a test voltage 
and the final display of an accurate readout. 2. In 
a digital-to-analog converter, the time between 
half of the level change over all inputs and the ar- 
rival of the output to a level within a certain tol- 
erance of its specified final level. It is defined for 
either full-scale to zero or zero to full-scale. 

set up To arrange and prepare equipment for oper- 
ation. 

setup See SET, 1. 

set-up time 1. The time required to install and test 
an electronic system, and to ready the system for 
operation. 2. In a digital gate, the length of time 
that a pulse must be held to produce a change of 
state. 

sexadecimal number system See HEXADECIMAL 
NUMBER SYSTEM. 
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sexagesimal number system A number system 
whose radix is 60. 

SF 1. Abbreviation of SAFETY FACTOR. 2. Abbre- 
viation of SINGLE FREQUENCY. 3. Abbreviation 
of STANDARD FREQUENCY. 4. Abbreviation of 
STABILITY FACTOR. 

SFA Abbreviation of SINGLE-FREQUENCY AMPLI- 
FIER. 

S; band A section of the S BAND extending from 
1650 to 1850 MHz. 

sferics In wireless broadcast or communications 
reception, random electromagnetic noise gener- 
ated by the earth’s atmosphere. Some of this 
noise is thermal in origin; some originates in thun- 
derstorms. Sometimes this noise is called static. 


Amplitude 
Noise peaks 
‘Lime 
Noise floor 
sferics 
SFO 1. Abbreviation of SINGLE-FREQUENCY 


OSCILLATOR. 2. Abbreviation of STANDARD- 
FREQUENCY OSCILLATOR. 

SFR Abbreviation of SINGLE-FREQUENCY RE- 
CEIVER. 

SFR-Chireix-Mesny 
MESNY ANTENNA. 

SG Abbreviation of SCREEN GRID. 

Sq band A section of the S BAND extending from 
2700 to 2900 MHz. 

SGCS Abbreviation of silicon gate-controlled switch 
(see SILICON-CONTROLLED SWITCH). 

shaded-pole motor An induction-type alternating- 
current motor using shading coils on the field 
poles for self-starting with a single-phase supply. 

shading Electronic enhancement of a television 
picture, resulting in a different brightness over 
various portions of the background, as compared 
with the actual situation. It can be used, for ex- 
ample, to make certain subjects stand out from 
the background. 

shading coil 1. A single, short-circuited turn (cop- 
per ring) encircling the tip of the core of a coil that 
carries alternating current (ac), such as the field 


antenna See CHIREIX- 


pole of a motor. Current induced in the coil 
causes a momentary flux shift that approximates 
a rotating field that self-starts a simple single- 
phase induction motor. 2. A coil used in a simple 
ac relay to prevent chatter. 

shading ring See SHADING COIL. 

shading signal In a television camera, a signal that 
increases the gain of the amplifier while the beam 
scans a dark part of the image. 

shadow area A region in which signal attenuation 
or the absence of a signal results from the 
SHADOW EFFECT. 


Obstruction 


Shadow 
area 


Transmitter 


shadow area 


shadow attenuation 1. The attenuation of electro- 
magnetic energy caused by an obstacle. It is gen- 
erally measured in decibels. 2. The attenuation of 
electromagnetic energy produced by the curva- 
ture of the earth. 

shadow effect The obstruction of radio waves by 
objects in their path. 

shadow mask See APERTURE MASK. 

shadow meter See SHADOW TUNING INDICATOR. 

shadow region See SHADOW AREA. 

shadow tuning indicator A tuning meter in which 
the indicating medium is a shadow whose width 
is proportional to meter current. 

shaft The rodlike part of an adjustable component 
(such as a potentiometer or variable capacitor) to 
which a rotating (or turning) member is attached. 

shaft-angle encoder An electronic system for con- 
verting shaft rotation into direct binary or deci- 
mal readings. 

shaft lock A device for fastening the shaft of an ad- 
justable component (such as a potentiometer, ro- 
tary switch, or variable capacitor) in position at a 
particular setting. 

shaft-position encoder 
CODER. 

shaft-position indicator A device that delivers an 
analog or digital output signal proportional to the 
arc of rotation of a shaft. 


See SHAFT-ANGLE EN- 
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shaker See VIBRATOR, 2. 

shake table A platform, actuated by a vibrator, on 
which components can be mounted for a vibra- 
tion test. 

shallow-diffused junction A pn junction made by 
diffusing the impurity material for a short dis- 
tance into the semiconductor wafer. Compare 
DEEP-DIFFUSED JUNCTION. 

shape factor 1. Fora tuned circuit, the ratio of the 
60-dB bandwidth to the 6-dB bandwidth. 2. Fora 
filter, the ratio of bandwidth at high attenuation 
to that at low attenuation. 

shaping network A combination of components for 
changing the natural response of a circuit to a de- 
sired response (i.e., a curve-changing circuit). 

shared file A data file that is available for use by 
more than one system simultaneously. 

shared files system A data-processing system 
having one direct-access storage device from 
which information can be accessed by more than 
one computer. 

sharpener 1. A circuit or device for increasing the 
selectivity of another circuit or device. 2. A circuit 
or device for decreasing the rise or fall time of a 
pulse or square wave. 3. A circuit or device for 
steepening the response of a filter. 

sharpness See SELECTIVITY. 

sharp pulse A pulse having extremely fast rise and 
fall times and narrow width (i.e., a spike). 

shaving The physical modification of a phono- 
graph disc, or other permanent recording sur- 
face, in preparation for rerecording. 

Sy band A section of the S BAND extending from 
3700 to 3900 MHz. 

sheath See POSITIVE-ION SHEATH. 

shelf corrosion In a dry cell in storage, deteriora- 
tion of the negative electrode because of local ac- 
tion in the zinc. 

shelf life 1. The longest period of time that elec- 
tronic equipment can be continuously kept in 
storage before deterioration of materials or degra- 
dation of performance occurs. 2. The longest pe- 
riod of time that a battery can be stored without 
use before it must be discarded or recharged. 

shell 1. An electronic orbit (imaginary shell) in an 
atom. 2. The envelope of a component (e.g., the 
outer casing of a power transistor or the housing 
of a plug). 3. The rigid case in an audio or video 
tape cassette. 

shell-type choke See SHELL-TYPE INDUCTOR. 

shell-type core A core that completely surrounds 
the coil(s) of a choke or transformer. 

shell-type inductor An inductor in which the core 
completely surrounds the coil. 

shell-type transformer A transformer in which 
the core completely surrounds the coils. 

shf Abbreviation of SUPERHIGH FREQUENCY. 

shield A metallic partition or box for confining an 
electric or magnetic field. 

shield baffle A sheet-type shield. Also see BAFFLE, 
2 and SHIELD PARTITION. 
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shield box A shield having a general box shape, 
and which is usually enclosed on all sides. 

shield braid Tubing woven from wire, through 
which an insulated wire is passed and thus 
shielded. 

shield can A cylindrical shield, usually enclosed 
on all sides. 

shield disk A flat shield having a disk shape. Also 
see BAFFLE, 2; SHIELD BAFFLE; and SHIELD 
PARTITION. 

shielded cable Cable completely enclosed within a 
metal sheath that is either flexible or rigid. 

shielded wire A single strand of insulated wire 
completely enclosed in a flexible or rigid shield. 

shield partition A wall-type shield usually con- 
sisting of a single, flat sheet of metal, sometimes 
bent into an angle. Also called BAFFLE SHIELD 
(see BAFFLE, 2). 

shield plate See BAFFLE, 2; SHIELD BAFFLE; 
SHIELD DISK; and SHIELD PARTITION. 

shield room See CAGE. 

shield wire A (usually grounded) wire, near and 
parallel to another wire that it shields. 

shift 1. To move from one operating point to an- 
other in a characteristic curve, or in the operation 
of an equipment. 2. To transfer data from one 
point to another in a system, or move it left or 
right in a register. 

shift flip-flop circuit A flip-flop designed espe- 
cially as a stage in a shift register. 

shift pulse Ina shift register, a drive pulse that ini- 
tiates the shifting of characters. 

shift register In computers, calculators, and stor- 
age systems, a circuit (usually composed of flip- 
flops in cascade) in which pulses can be shifted 
from stage to stage and finally out of the circuit. 

shingle-type photocell A device in which several 
separate photocells are series connected by 
slightly overlapping the ends of adjacent cells. 

ship station A radio or radar station installed 
aboard a ship that is not in port. 

ship-to-shore communication Radio communica- 
tion between a ship at sea and a land-based sta- 
tion. 

shock 1. See ELECTRIC SHOCK. 2. A signal ap- 
plied momentarily to a circuit, as in the shock ex- 
citation of a tank. 3. A sudden, dramatic change 
in an environmental variable (such as tempera- 
ture). 4. Physical blows or vibration. 

shock absorber Any object or device intended for 
reducing physical vibration of a component, set of 
components, circuit, or system. 

shock device 1. A device for administering shock 
therapy (see ELECTROSHOCK, 1). 2. An induc- 
tion coil and associated primary supply for apply- 
ing high voltage to a wire fence. 

shock excitation Driving an inductance-capaci- 
tance (LC) tuned circuit into damped oscillation 
by momentarily applying a pulse. 

shock-excited oscillator A type of self-excited os- 
cillator in which the transistor is suddenly cut off 
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by applying a cutoff voltage to the gate or base 
electrode. This abrupt interruption of steady 
drain or collector current shocks the tank into 
damped oscillations. 

shock hazard 1. Any situation that presents the 
danger of electric shock to attendant personnel. 
2. The existence of a potential difference that will 
cause a current of at least 5 mA to flow through a 
resistance of 500 ohms or more, for a prolonged 
period of time. 

Shockley diode See FOUR-LAYER DIODE. 

shock mount A structure that secures a micro- 
phone while minimizing the pickup of vibrations 
through the table, floor, or other surface on 
which the microphone is placed. 

shock therapy See ELECTROSHOCK, 1. 

shoran Contraction of SHORT-RANGE NAVIGA- 
TION. 

shore effect The tendency of radio waves traveling 
along a shore to be bent either toward or away 
from the shore. It can occur because of differ- 
ences in surface conductivity and/or atmo- 
spheric temperature over land, as compared with 
water. 

shore station A fixed, land-based radio station 
that communicates with ships at sea. 

shore-to-ship communication Sce 
SHORE COMMUNICATION. 

short circuit An often unintended low-resistance 
path through which current bypasses a compo- 
nent or circuit. 

short-circuit current In a power supply, the cur- 
rent that flows when the output is directly 
shorted. Many power supplies have shutdown de- 
vices that cause the current to stop flowing when 
the output terminals are short-circuited; other 
supplies effectively insert resistance in series 
with the load, if necessary, to limit the current. 

short-circuiting switch A rotary selector switch in 
which unused contacts are automatically short- 
circuited. 

short-circuit parameter A parameter for which 
zero resistance is assumed in the part of the cir- 
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cuit under consideration. The current amplifica- 
tion factor (alpha) of a common-base-connected 
transistor is such a parameter because its collec- 
tor load resistance is assumed to be zero. 

shorted-stub tuning Tuning a stub to match a 
feeder to an antenna by sliding a short-circuiting 
bar along the two wires of the feeder. 

shorting bar A thick, metal strap for short-circuit- 
ing two binding posts. 

shorting link A sheet-metal strip for connecting 
together two binding posts. 

shorting loop Ina telephone system, a device that 
short-circuits two specified points for the purpose 
of testing or line fault location. 

shorting stick A metal rod with an insulating han- 
dle, used to short-circuit a charged capacitor to 
remove the shock hazard. 

shorting switch See 
SWITCH. 

short-line tuning Use of a parallel capacitance to 
tune a transmission line that is less than a quar- 
ter-wave long. 

short-range navigation Contraction, shoran. Nav- 
igation by means of SHORT-RANGE RADAR. 

short-range radar A radar having a 50- to 150- 
mile maximum line-of-sight range for a 1-square- 
meter reflecting target that is perpendicular to 
the radar beam. 

short skip Skip of only a few hundred miles range. 
Also see SHORT-SKIP COMMUNICATION. 
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short-skip communication Radio communica- 
tion via the ionosphere over relatively short dis- 
tances (400 to 1300 miles). See, for example, 
SPORADIC-E SKIP. 

short-term drift The gradual change in the value 
of a quantity, such as frequency or voltage, ob- 
served over a comparatively brief interval, as op- 
posed to change occurring over a long period. 
Compare LONG-TERM DRIFT. 

short-term effect The variation of any electrical 
parameter over a relatively brief time interval. Ex- 
ample: frequency drift over a short time period. 
Also called short-time effect. 

short-term stability Stability reckoned over a 
comparatively brief time interval, as opposed to 
stability for a long period. Compare LONG-TERM 
STABILITY. 

short-time effect See SHORT-TERM EFFECT. 

shortwave 1. Pertaining to wavelengths shorter 
than 200 meters (i.e., frequencies higher than 
1.50 MHz). 2. Pertaining to the frequencies above 
the standard amplitude-modulation broadcast 
band (above 1.605 MHz), but below 30 MHz. 

shortwave converter A  superheterodyne con- 
verter for adapting a longwave receiver (such as a 
broadcast receiver) for shortwave reception. 

shortwave listener Abbreviation, SWL. A radio 
hobbyist who receives, but does not transmit, 
shortwave signals. 

shortwave receiver Any radio receiver capable of 
intercepting and demodulating signals in the 
range 1.705 MHz to 30 MHz. 

shortwave transmitter Any radio transmitter ca- 
pable of producing energy in the range 1.705 MHz 
to 30 MHz. 

shot-effect noise Electrical noise caused by ran- 
dom fluctuations in a current, as in a diode or 
transistor. Also see EQUIVALENT NOISE RESIS- 
TANCE. Compare THERMAL NOISE. 

shotgun microphone A highly directional micro- 
phone sensitive only to sounds coming from a 
specific direction; the response pattern has a nar- 
row main lobe. It name results from its long, 
cylindrical configuration. 

shot noise Electrical noise arising from intermit- 
tent impulses, such as those produced by spark 
discharges, make-and-break contacts, etc. Its 
name results from its resemblance to pistol shots. 

shrink The amount by which a material being mea- 
sured with an electronic instrument decreases in 
surface dimension. Compare STRETCH. 

shrink tubing Plastic sleeving placed over a con- 
ductor or at a conductor/connector joint, and 
made to shrink tightly with the application of 
heat. 

shunt Synonym, parallel. 1. Pertaining to the 
connection of one component across (in parallel 
with) another (e.g., shunt resistor). 2. Pertaining 
to connection of components in such a manner 
that they each (or all) are subjected to identical 
voltages. 3. A deliberately produced short circuit 
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between two specific points in a device or system. 
4. To deliberately bypass some part of a system 
by means of a short circuit. 

shunt circuit See PARALLEL CIRCUIT. 

shunt-diode rectifier A rectifier circuit in which 
the diode is connected in parallel with the source 
and load. Compare SERIES-DIODE RECTIFIER. 

shunt-fed 1. Pertaining to a circuit or device in 
which the direct-current operating voltage and al- 
ternating-current signal voltage are applied in 
parallel to an electrode. 2. Pertaining to a base- 
grounded vertical antenna excited at some point 
above ground. 

shunt feed See PARALLEL FEED. 

shunt feedback A feedback system in which the 
fed-back signal is presented to the input of the 
network in parallel with the input signal. Com- 
pare SERIES FEEDBACK. 

shunt generator An electric generator in which the 
armature and field windings are connected in 
parallel. Compare SERIES GENERATOR. 

shunting effect The condition in which a quantity, 
such as stray capacitance or resistance, acts in 
parallel with another quantity. Example: the 
shunting (parallel) resistance of an electrolytic 
capacitor. 

shunt leads Interconnecting wires used for the 
purpose of attaching a shunting component to a 
test instrument. 

shunt limiter See PARALLEL LIMITER. 

shunt loading The parallel insertion of reactance 
in a circuit, for the purpose of impedance match- 
ing. 

shunt motor An electric motor whose armature 
and field windings are connected in parallel. 
Compare SERIES MOTOR. 

shunt regulator A _ voltage-regulator circuit in 
which the controlled transistor or vacuum tube is 
in parallel with the output (load) terminals. Com- 
pare SERIES REGULATOR. 

shunt resistor 1. A resistor connected in parallel 
with a meter or recorder to increase its current 
range. 2. A resistor connected in parallel with a 
voltmeter to convert it into a current meter. Com- 
pare MULTIPLIER RESISTOR. 

shunt-series circuit See PARALLEL-SERIES CIR- 
CUIT. 

shunt tee junction A waveguide H-PLANE TEE 
JUNCTION. 

shunt-type frequency multiplier A varactor fre- 
quency multiplier circuit in which the varactor is 
in parallel with the input and output. Compare 
SERIES-TYPE FREQUENCY MULTIPLIER. 

shunt-type resonance bridge A resonance bridge 
in which the impedance arm is a parallel-reso- 
nant circuit. Compare SERIES-TYPE RESO- 
NANCE BRIDGE. 

shunt-wound generator See SHUNT GENERATOR. 

shunt-wound motor See SHUNT MOTOR. 

SI Abbreviation of (Standard) INTERNATIONAL 
SYSTEM OF UNITS. 
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S/I Abbreviation of signal-to-intermodulation ratio. 

Si Symbol for SILICON. 

sibilants 1. High-frequency (hissing) components 
of speech. 2. High-frequency sounds or audio sig- 
nals. 

SIC Abbreviation of specific inductive capacity (see 
DIELECTRIC CONSTANT). 

SiC Formula for SILICON CARBIDE. 

sideband 1. With respect to a carrier, one of the 
additional frequencies generated by the modula- 
tion process. In simple amplitude modulation, 
the two sidebands are fc + fm and fc - fm, where 
fc is the carrier frequency, and fmis the modula- 
tion frequency. 2. Pertaining to sidebands as de- 
fined in 1. 
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sideband attenuation See SIDEBAND CUTTING. 

sideband cutting Elimination or attenuation of the 
sidebands of a modulated signal by a circuit hav- 
ing insufficient bandwidth. 

sideband frequency The frequency of the modula- 
tion-generated signal accompanying a carrier. 
One sideband frequency is that of the carrier mi- 
nus that of the modulating signal; another is the 
sum of the carrier and the modulation frequency. 
See also SIDEBAND, 1. 

sideband interference 1. Interference arising from 
one or both of the normal sidebands of a modu- 
lated signal. 2. Interference caused by spurious 
sidebands, resulting from overmodulation. 

sideband power The power contained in the side- 
band(s) of a signal. 

sideband slicing See SIDEBAND CUTTING. 

sideband splatter In an amplitude-modulated or 
single-sideband signal, the emission of side- 
band energy at frequencies other than within 
the designated channel. Also simply called 
splatter. 
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sideband technique A method of using, for com- 
munications or other purposes, one or both of the 
sidebands of a modulated signal without the car- 
rier. 

side-chain amplifier An auxiliary amplifier that is 
external to a main amplifier. Such an amplifier 
might be used, for example, in a feedback chan- 
nel or in a volume-compression or volume- 
expansion channel. 

side frequency See SIDEBAND. 

side lobe In certain directional antenna systems, a 
minor lobe in the horizontal-plane directivity pat- 
tern that appears at right angles, or nearly at 
right angles, to the main lobe. Such a lobe repre- 
sents reduced sensitivity and/or power gain rela- 
tive to the main lobe. Also see MAIN LOBE, 


MINOR LOBE. 
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sidelobe suppression Elimination of the side- 
lobe(s) from the radiation pattern of an antenna. 

sidestacked antennas Antennas mounted in a 
horizontal line, parallel to each other, and con- 
nected by a common coupler to a transmitter or 
receiver. 

sideswiper A manual telegraph key operated by 
moving the lever sideways, rather than up and 
down. 

sidetone 1. In wire telephony, the reproduction by 
the receiver of sounds picked up by the transmit- 
ter of the same telephone. 2. In radiotelegraphy, 
an audible tone actuated when the carrier is 
transmitted. It allows the sending operator to 
hear Morse code elements as they are sent. 
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sidetone telephone A telephone set with no provi- 
sion for canceling the sidetone. 

siemens Symbol, S. The SI unit of conductance. 
The conductance of a component or medium in 
siemens is equal to the reciprocal of the resis- 
tance in ohms. 

Siemen’s electrodynamometer A spring-tension 
meter that operates by means of torque, with zero 
current through the device representing zero 
torque. It can be used for measurements of cur- 
rent, voltage, or power. 

Sierra Phonetic alphabet code word for the letter S. 

sig Abbreviation of SIGNAL. 

sign 1. Any indicator denoting whether a value is 
positive or negative. 2. A graphic device indicat- 
ing an operation. Examples: + (addition), x (mul- 
tiplication). 3. Any symbol. An ampersand, for 
example, is an “and” sign. 4. A characteristic 
symptom of malfunction or improper operation 
(e.g., a high standing-wave ratio in an antenna 
system is a sign of an impedance mismatch). 

signal An electrical quantity, such as a current or 
voltage, that can be used to convey information 
for communication, control, calculation, etc. 

signal-actuated voice recorder Abbreviation, SA- 
VOR. A recorder that goes into operation auto- 
matically when the speaker starts talking and 
stops when the speaker finishes. 

signal amplitude The intensity of a signal quantity 
(see SIGNAL). 

signal booster See PREAMPLIFIER. 

signal channel In a system, a channel through 
which only signals flow, control and modifying im- 
pulses being accommodated by other channels. 

signal circuit A circuit handling signal currents 
and voltages to the exclusion of control and oper- 
ating currents and voltages. 

signal conditioner Any accessory device (such as a 
peak probe, demodulator probe, current shunt, 
etc.) used to modify or change the function of a ba- 
sic instrument (such as an electronic voltmeter). 

signal converter See CONVERTER, 1. 

signal current The current component of a signal, 
as opposed to operating current in a system. 

signal diode A diode designed primarily for light- 
duty signal applications (detection, demodula- 
tion, modulation, curve changing), as opposed to 
the heavy-duty applications of power diodes and 
rectifiers. 

signal distance In two words (bit groups) of the 
same length, the number of corresponding bit po- 
sitions whose states differ. For example, the sig- 
nal distance between 01001 and 10011 is 3. 

signal-flow analysis A graphic method of analyz- 
ing circuits, particularly those using feedback, 
through the use of diagrams in which straight ar- 
rows represent transmission paths, dots repre- 
sent nodes, and curved arrows represent 
feedback paths. 

signal-flow diagram The transmission-path dia- 
gram used in SIGNAL-FLOW ANALYSIS. 
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signal gain The gain of an amplifier circuit—espe- 
cially if used in small-signal applications. See 
also AMPLIFICATION, and GAIN. 

signal generator An instrument that produces sig- 
nals of precise frequency and amplitude, usually 
over a wide range. 

signal ground 1. Any circuit point that remains at 
zero signal potential. 2. A connection to a point 
that is deliberately maintained at zero signal po- 
tential. 

signal/image ratio See SIGNAL-TO-IMAGE RA- 
TIO. 

signaling In a communications system, the ex- 
change of data in electrical form, either analog or 
digital. 

signaling rate In data communications, the speed 
at which data is transmitted. It is commonly ex- 
pressed in bits per second (bps). Also, it is some- 
times expressed in baud or in words per minute 
(wpm). 

signaling time slot In a communications signal, a 
specified interval of time, starting at a certain in- 
stant in each signal frame. This interval is used 
exclusively for the purpose of signaling. 

signal injection 1. The introduction of a signal 
into a circuit. 2. A method of troubleshooting in 
communications receivers. A signal generator is 
used to introduce a test signal into each stage, 
starting with the output and proceeding stage-by- 
stage toward the input, until the defective stage 
or component is located. 

signal injector A simple (usually single-frequency) 
signal generator used in troubleshooting to intro- 
duce a test signal at selected points in a circuit, 
to locate malfunctioning stages or components. 
Also see SIGNAL INJECTION, 2. 

signal intensity See SIGNAL STRENGTH. 

signal inversion Phase reversal of a signal passing 
through a circuit, device or medium. 

signal level At a given point in a circuit, the 
strength of a signal, with respect to a reference 
amplitude. 

signalloss 1. A reduction in the amplitude of a sig- 
nal as it passes through a system. 2. The 
complete disappearance of a signal. 3. See 
FRACTIONAL GAIN. 

signal mixer See MIXER. 

signal/noise ratio See SIGNAL-TO-NOISE RATIO. 

signal notcher See NOTCH FILTER. 

signal peaker See PEAK FILTER. 

signal power The amplitude of a signal expressed 
in watts, milliwatts, or microwatts, as opposed to 
amplitude expressed as a current or voltage. 

signal processor Any device, (e.g., preamplifier, 
expander, amplitude limiter, delay network) in- 
serted into or added onto a system to modify an 
input or output signal. 

signal rectification The conversion of an alternat- 
ing-current signal into a proportionate direct- 
current signal, usually by means of a diode 
circuit. 
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signal rectifier See SIGNAL DIODE. 

signal regeneration See SIGNAL RESHAPING. 

signal reshaping 1. The processing of a signal so 
that it acquires its original waveform. Also called 
signal regeneration. 2. Passing a digital signal of 
any type through a circuit that delivers a uni- 
form output pulse on a real-time one-to-one 
basis. 

signal shifter 1. A device used for quickly chang- 
ing the frequency of a transmitted signal. 2. A de- 
vice that automatically causes a transmitted 
signal to be sent on a frequency that differs from 
the receiver frequency by a known and predeter- 
mined amount. 3. See MIXER, 1. 4. See CON- 
VERTER, 1. 

signal squirter See SIGNAL INJECTOR. 

signal strength The amplitude of a signal, usually 
in terms of voltage. Current or power is specified 
in some applications. 

signal-strength meter 1. See FIELD-STRENGTH 
METER. 2. See S-METER. 

signal synthesizer A special signal generator de- 
livering signals whose frequency, amplitude, and 
waveshape can be adjusted at will. 

signal time delay The time required for an element 
of a signal to be transmitted through a circuit or 
network. This delay results in phase shift in an 
amplifier. 

signal-to-distortion ratio Ina receiver, the ratio of 
the desired signal to the level of distortion other 
than the specified signal. Usually expressed in 
decibels (dB). 

signal-to-image ratio Abbreviation, S/I. In a re- 
ceiver, the ratio of signal amplitude to image am- 
plitude, both being measured in the same units. 
It is usually expressed in decibels (dB). 

signal-to-noise-plus-noise ratio Abbreviation, 
(S+N)/N. In a receiver, the ratio of the combined 
signal and noise amplitude to the amplitude of 
the noise alone. It is usually expressed in decibels 
(dB). Peak voltages are used to determine this ra- 
tio in the case of pulse noise; root-mean-square 
(rms) voltages are used in the case of random 
noise. 

signal-to-noise ratio Abbreviations: S/N, SNR. In 
a receiver, the ratio of signal amplitude to noise 
amplitude. It is usually expressed in decibels 
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(dB). Peak voltages are used to determine this ra- 
tio in the case of pulse noise; root-mean-square 
(rms) voltages are used in the case of random 
noise. 

signal-to-noise-and-distortion ratio Abbrevia- 
tion, SINAD. In a receiver, the ratio of the desired 
signal to the level of noise and distortion, other 
than the specified signal. It is usually expressed 
in decibels (dB). 

signal tracer A tuned or untuned detector/ampli- 
fier having an input probe and an output indica- 
tor (meter, loudspeaker, or both), for following a 
test signal through a circuit. 

signal voltage The voltage component of a signal, 
as opposed to the operating voltage of the circuit 
generating or passing the signal. 

signal wave 1. Any electromagnetic disturbance of 
a periodic nature that is modulated to convey in- 
formation. 2. The visual illustration or rendition 
of an electromagnetic disturbance that is modu- 
lated to convey information. 

signal winding In a magnetic amplifier or sat- 
urable reactor, the coil that receives the control 
current. 

signal window See WINDOW, 2. 

signal wobbulator A frequency modulator used 
with an unmodulated signal generator to provide 
sweep signals for visual alignment. Also see 
WOBBULATOR. 

sign bit A one-bit SIGN DIGIT. 

sign digit A character indicating the sign (positive 
or negative) of the value of the field or word to 
which it is attached (usually at the end). 

signed field In a computer record, a field having a 
number whose sign is indicated by a SIGN DIGIT. 

significant digits See SIGNIFICANT FIGURES. 

significant figures In a numerical quantity, espe- 
cially one expressed in scientific (power of 10) no- 
tation, those figures (digits) that depict a quantity 
to a required, relevant, or justifiable degree 
of precision. For example, 173,201 expressed 
to three significant figures is 1.73 x 105; 
0.00477583 expressed to four significant figures 
is 4.776 x 10-3. See also SCIENTIFIC NOTATION. 

silencer See AUTOMATIC NOISE LIMITER. 

silent alarm In security systems, the transmission 
of a warning signal to attendant human operators 
and/or computers, without producing an audible 
or visible warning to intruders. 

silent alignment See VISUAL ALIGNMENT. 

silent piano See ELECTRONIC PIANO. 

silica pencil A rod of silicon dioxide heated to emit 
infrared rays. 

silicon Symbol, Si. A metalloidal element. Atomic 
number, 14. Atomic weight, 28.086. Silicon is 
abundant in the earth’s crust. It is used in many 
semiconductor devices, including integrated cir- 
cuits, diodes, photocells, rectifiers, and transis- 
tors. 

silicon capacitor See VOLTAGE-VARIABLE CA- 
PACITOR. 
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silicon carbide Formula, SiC. A compound of sili- 
con and carbon valued as a semiconductor, an 
abrasive material, and a refractory substance. 
The commercial product is made by heating car- 
bon and sand to a high temperature in an electric 
resistance furnace. Also called CARBORUNDUM. 

silicon cell A type of photovoltaic cell using spe- 
cially processed silicon as the light-sensitive ma- 
terial. This cell has a comparatively high voltage 
output. 

silicon-controlled rectifier Abbreviation, SCR. A 
four-layer semiconductor device commonly used 
in power control applications (e.g., light dimmers 
and motor-speed controls). The electrodes are 
called the anode, the cathode, and the gate. The 
control signal is applied to the gate. 

silicon-controlled switch Abbreviation, SCS. A 
four-terminal semiconductor switching device 
similar to the SILICON-CONTROLLED RECTI- 
FIER. It is used for light-duty switching. 

silicon crystal detector 1. See SILICON JUNC- 
TION DIODE. 2. See SILICON POINT-CONTACT 
DIODE. 3. A point-contact diode in which a lump 
of silicon is contacted by either a fine wire (cat 
whisker) or a blunt-tipped steel screw under 
pressure. 

silicon detector 
TOR. 

silicon-diffused transistor A silicon bipolar tran- 
sistor fabricated by diffusion techniques. It is 
characterized by high power-dissipation toler- 
ance. 

silicon diode A semiconductor diode in which the 
semiconductor material is specially processed sil- 
icon. Also see SILICON JUNCTION DIODE and 
SILICON POINT-CONTACT DIODE. 

silicon dioxide Formula, SiO. A compound of sil- 
icon and oxygen. In the passivation of transistors 
and integrated circuits, a thin layer of silicon 
dioxide is grown on the surface of the wafer to 
protect the otherwise exposed junctions. 

silicone A polymeric material characterized by a 
recurring chemical group containing oxygen and 
silicon atoms in the main chain as links. Various 
silicone compounds have numerous uses in elec- 
tronics. 

silicon junction diode A semiconductor diode us- 
ing a pn junction in a silicon wafer. Compare SIL- 
ICON POINT-CONTACT DIODE. 

silicon on sapphire Abbreviation, SOS. Pertaining 
to integrated-circuit fabrication in which a silicon 
epitaxial layer is grown on a sapphire substrate. 

silicon oxide A compound containing both silicon 
monoxide and silicon dioxide, and having dielec- 
tric properties. It is used in the manufacture of 
metal-oxide-semiconductor (MOS) devices. 

silicon photocell A photocell using a silicon pn 
junction as the light-sensitive medium. 

silicon photodiode A silicon diode constructed so 
that radiant energy can strike the barrier be- 
tween the P- and N-type materials. A reverse bias 
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is applied. When light falls on the P-N junction, 
current flows. The current is proportional to the 
intensity of the impinging energy, within certain 
limits. The greatest sensitivity is in the near in- 
frared (IR). When energy of variable brightness 
falls on the P-N junction under conditions of re- 
verse bias, the output current follows the inten- 
sity variations. This makes the device useful in 
fiberoptic communications systems. 

silicon point contact The contact between a 
pointed metal wire (cat whisker) and a silicon 
wafer. 

silicon point-contact diode A diode in which a 
tungsten wire (cat whisker) contacts a wafer of 
single-crystal silicon. It is useful at ultra high fre- 
quencies (UHF). Compare SILICON JUNCTION 
DIODE. 

silicon rectifier A semiconductor rectifier consist- 
ing essentially of a junction between n- and p- 
type silicon inside a specially processed wafer or 
plate of single-crystal silicon. 

silicon resistor See CRYSTAL RESISTOR. 

silicon solar cell A relatively heavy-duty photo- 
voltaic cell using specially processed silicon as 
the light-sensitive material. 

silicon steel A high-permeability, high-resistance 
steel containing 2 to 3 percent silicon. It is used 
as core material in transformers and other elec- 
tromagnetic devices. 

silicon transistor A transistor in which the semi- 
conductor material is single-crystal silicon. 

silk-enameled wire Wire whose insulation is a 
layer of silk on top of an enamel coating. 

silver Symbol, Ag. A precious metallic element. 
Atomic number, 47. Atomic weight, 107.87. It is 
used in circuits where low resistance and high Q 
are mandatory. 

silver arsenide trisulfide See PROUSTITE. 

silver-dollar construction Printed-circuit assem- 
bly on a disk-shaped board, about the size of a 
U.S. silver dollar. 

silver-mica capacitor A fixed capacitor made by 
painting or depositing a silver layer (capacitor 
plate) on both faces of a thin mica film (dielectric 
separator). 

silver migration The undesirable tendency of sil- 
ver to be removed from one location and de- 
posited in another under adverse environmental 
conditions. 

silver-oxide battery A set of two or more silver- 
oxide cells stacked one atop the other, electrically 
connected in series. The resulting battery has a 
cylindrical shape. A set of four cells provides ap- 
proximately 6 volts under no-load conditions; a 
battery of six cells provides 9 volts; a battery of 
eight cells provides 12 volts. See also SILVER- 
OXIDE CELL. 

silver-oxide cell An electrochemical cell having a 
button-like shape, small enough to fit inside a 
wristwatch. There are several available sizes and 
thicknesses, all with similar appearance. The 
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generated potential difference under no-load con- 
ditions is 1.5 volts, with a high ratio of stored en- 
ergy per unit mass. The cell has a flat discharge 
curve; the voltage remains essentially constant 
until the charge is almost depleted, and then the 
voltage drops rapidly. 

silver solder A solder consisting of an alloy of sil- 
ver, copper, and zinc. It has a comparatively high 
melting temperature. Also see HARD SOLDER. 

silverstat A multiconductor device used to adjust 
the balance of a resistance or reactance bridge. 

similar decimals Two or more decimal numbers 
that have the same number of digits to the right 
of the radix point (e.g., 3.14 and 6.39, or 1.234 
and 1.000). 

simple quad A combination of two parallel paths— 
each containing two elements in series. 

simple tone A pure sine-wave tone (i.e., one hav- 
ing negligible harmonic content). 

simplex channel An information channel for uni- 
directional transmission. 

simplex system 1. In data communications, a sys- 
tem that transmits data in only one direction. 
Compare FULL DUPLEX SYSTEM and HALF DU- 
PLEX SYSTEM. 2. In voice communications via 
radio, a direct path over a single channel, used 
alternately for transmitting and receiving at each 
station. 

simplex telegraphy Wire telegraphy in which only 
one message at a time can be sent over a line. 

simplification of circuits See CIRCUIT SIMPLIFI- 
CATION. 

simulation 1. Imitation of the performance of a 
process, device, or system. 2. The use of a math- 
ematical model to represent a physical process, 
device, or system. 3. The use of a computer, 
sometimes with virtual reality hardware and soft- 
ware, to mimic a real-life situation. 

simulator 1. A software or hardware system capa- 
ble of simulation (see SIMULATION, 2). 2. A com- 
puter program whose implementation allows 
programs written for one computer to be compat- 
ible with another computer. 3. A system of equip- 
ment for simulation (see SIMULATION, 1). 

simulcast 1. To broadcast a program over two or 
more different channels at the same time. 2. To 
broadcast a program over two or more different 
types of mode, for example, television and radio, 
at the same time. 3. A program broadcast over 
two or more channels or modes at the same 
time. 

simultaneous access See PARALLEL ACCESS. 

simultaneous broadcasting See SIMULTANEOUS 
TRANSMISSION. 

simultaneous computer 
PUTER. 

simultaneous transmission The transmission of 
the same information in two or more channels, or 
by means of two or more processes, at the same 
time. 

sin Abbreviation of SINE. 


See PARALLEL COM- 


sin! Symbols for the inverse of the sine function, 
also called the arc sine. 

sine Abbreviation, sin. The trigonometric function 
a/c, the ratio of the opposite side of a right trian- 
gle to the hypotenuse. 

SINAD See SIGNAL-TO-NOISE-AND-DISTORTION 
RATIO. 

sine galvanometer A galvanometer in which the 
sine of the angle of deflection is proportional to 
the current. Compare TANGENT GALVANOME- 
TER. 

sine law The variation in radiation intensity in any 
direction from a linear source is proportional to 
the sine of the angle between the axis of the 
source and the direction of interest. 

sine potentiometer A POTENTIOMETER whose 
output is proportional to the sine of the angle 
through which the shaft has rotated. 

sine wave A periodic wave that can be represented 
by a sine curve (i.e., its amplitude is directly pro- 
portional to the sine of a linear quantity, such as 
displacement or time). Compare COSINE WAVE. 
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singing Audible oscillation in a circuit or device, 
such as the low-level buzz emanating from the fil- 
ament of a lamp dimmed with a phase-control 
circuit. 

single-address coding In computer programming, 
the use of instruction words that contain the ad- 
dress for the location of the data to be operated 
on, and no other addresses. 

single-board computer Abbreviation, SBC. A com- 
puter built entirely on one circuit board. 

single-button microphone A carbon microphone 
having only one button attached to the di- 
aphragm. Also see BUTTON MICROPHONE. 

single-channel codec A form of CODEC intended 
for operation on a single signal source, rather 
than in a multiplexed system. 

single-chip codec An integrated circuit contained 
entirely on one chip and in one package that can 
accomplish all CODEC functions. It can be a sin- 
gle-channel device or multiplexed. 

single-cotton-covered wire Wire insulated with 
one layer of cotton. 

single cotton enameled wire Wire insulated with 
one layer of cotton on top of an enamel coating. 
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single-crystal Pertaining to the internal structure 
of a crystalline material, in which the character- 
istic lattice is continuous throughout any size 
piece of the material. Also called MONOCRYS- 
TALLINE. 

single-crystal material A substance, such as a 
semiconductor, of which a sample, regardless of 
size, consists of only one crystal (i.e., there are no 
grain boundaries). Also see SINGLE-CRYSTAL. 
Compare POLYCRYSTALLINE MATERIAL. 

single-crystal pulling See CZOCHRALSKI 
METHOD. 

single-dial control Adjustment of a multistage 
system via one rotatable, calibrated control at- 
tached to a ganged arrangement that tunes all 
stages simultaneously. 

single-diffused transistor A transistor in which 
only one diffusion of an impurity substance is 
made. Thus, in a diffused-base transistor, a sin- 
gle diffusion provides the base region and at the 
same time creates the emitter-base and collector- 
base junctions. Compare DOUBLE-DIFFUSED 
TRANSISTOR. 

single-electron memory Abbreviation, SEM. A 
computer memory in which the movement of one 
electron can change a logic bit from 1 (high) to 0 
(low) or vice versa. 

single-element rotary antenna See 
ELEMENT ROTARY ANTENNA. 

single-ended circuit A circuit that has one end 
grounded, as opposed to a double-ended circuit 
and push-pull circuit. 

single-ended deflection In an oscilloscope or sim- 
ilar device, horizontal or vertical deflection pro- 
vided by a single-ended deflection channel. 
Compare PUSH-PULL DEFLECTION. 

single-ended input An input circuit with one ter- 
minal grounded (or the equivalent ungrounded 
input circuit). Also called unbalanced input. Com- 
pare BALANCED INPUT. 

single-ended multiplexer 
switches that selects from _ several 
signals. 

single-ended output An output circuit with one 
terminal grounded (or the equivalent ungrounded 
output). Also called unbalanced output. Compare 
BALANCED OUTPUT. 

single-ended push-pull circuit An arrangement, 
such as a complementary symmetry circuit, that 
provides push-pull output with single-ended in- 
put, but does not require transformers. 

single-frequency Also called fixed-frequency. Per- 
taining to circuits or devices that normally oper- 
ate at one frequency only (e.g., single-frequency 
oscillator). 

single-frequency amplifier An amplifier that nor- 
mally operates at only one frequency (or within a 
very narrow band of frequencies) (e.g., an inter- 
mediate-frequency amplifier, or a selective audio- 
frequency amplifier used for harmonic analysis or 
bridge balancing). 


ONE- 


A group of analog 
analog 
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single-frequency duplex Two-way communica- 
tions over one medium or frequency. Voice-actu- 
ated (VOX) or break-in devices are used at both 
ends of the circuit. 

single-frequency oscillator An oscillator that nor- 
mally delivers a signal at only one frequency un- 
til it is switched to another frequency (e.g., 
crystal-controlled oscillator). 

single-frequency receiver A radio or television re- 
ceiver that normally operates at one carrier 
frequency, rather than being tunable. Such re- 
ceivers are used in monitoring specific programs, 
picking up standard-frequency signals, and in 
similar applications. 

single-gun color picture tube A color-television 
picture tube in which the image is produced by a 
single beam that scans the red, green, and blue 
color-phosphor dots sequentially. 

single-hop propagation Long-distance radio-wave 
propagation involving only one encounter with 
the ionosphere, and involving no intermediate re- 
flections from the earth’s surface. 

single-hop return distance The return distance, 
as a function of the angle of departure from a ra- 
dio transmission, from a layer of the ionosphere. 
The illustration shows the maximum possible 
distance under average conditions and assuming 
an angle of departure of zero degrees. 


80° 


F layer 


Angle of departure 
= 


E layer 


i} 
o 
© 


0 500 1000 1500 2000 2500 3000 


single-hop return distance (miles) 


single-image response In an oscilloscope presen- 
tation, a single pattern, as opposed to a double- 
trace pattern. 

single-inline package Abbreviation, SIP. A flat, 
molded component package having terminal pins 
along one edge. All the pins lie along a common 
line. 

single-junction 
TRANSISTOR. 

single-layer coil A coil whose turns are wound 
side by side in one layer. 

single-layer solenoid See SINGLE-LAYER COIL. 


transistor See UNIJUNCTION 
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single-line tap In a telephone system, a connec- 
tion that provides or designates a separate line 
(e.g., to serve a single household). 

single-loop feedback Feedback through only one 
path. 

single phase Pertaining to the presence or genera- 
tion of one alternating-current phase only. Com- 
pare POLYPHASE. 

single-phase full-wave Pertaining to a rectifier op- 
erated from a single-phase alternating-current (ac) 
power line, and rectifying both half-cycles of ac 
voltage. Compare SINGLE-PHASE/HALF WAVE. 

single-phase/full-wave bridge A bridge rectifier 
operated from a single-phase alternating-current 
supply, usually from the untapped secondary 
winding of a transformer. Compare SINGLE- 
PHASE/FULL-WAVE CIRCUIT and SINGLE- 
PHASE/HALF-WAVE CIRCUIT. 

single-phase/full-wave circuit A rectifier circuit 
in which each half-cycle of single-phase alternat- 
ing current is rectified by a separate diode sup- 
plied from the ends of a center-tapped winding of 
a transformer. Compare SINGLE-PHASE/FULL- 
WAVE BRIDGE and SINGLE-PHASE/HALF- 
WAVE CIRCUIT. 

single-phase/half-wave Pertaining to a rectifier 
operated from a single-phase alternating-current 
(ac) power line, and rectifying only one half-cycle 
of ac voltage. 

single-phase/half-wave circuit A rectifier circuit 
in which a diode, output load, and single-phase 
alternating-current supply are connected in se- 
ries, only one half-cycle of the cycle being passed 
by the diode. Compare SINGLE-PHASE/ 
FULL-WAVE CIRCUIT and SINGLE-PHASE/ 
FULL-WAVE BRIDGE. 

single-phase rectifier See | SINGLE-PHASE/ 
FULL-WAVE BRIDGE, SINGLE-PHASE/FULL- 
WAVE CIRCUIT, and SINGLE-PHASE/HALF- 
WAVE CIRCUIT. 

single-point ground One ground connection to 
which all channels of a circuit are returned. Such 
a common connection eliminates or greatly mini- 
mizes the common coupling often encountered 
when separate ground points are used. 

single-pole double-throw Abbreviation, SPDT. De- 
scriptive of an electrical, electronic, or mechani- 
cal switch with a pole that can be connected to 
either of two adjacent poles, but not to both. 
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single-pole single-throw Abbreviation, SPST. De- 
scriptive of an electrical, electronic, or mechani- 
cal switch with a pole that can be connected to an 
adjacent pole (or disconnected from it) at will. It is 
used to provide the make and break function in a 
single circuit. 

single rail 1. A one-conductor communications 
medium with a ground return. 2. A one-conduc- 
tor data line, with a ground return. 

single shot Also called one shot. Pertaining to circuit 
operation in which a single input pulse applied to a 
switching device (such as a multivibrator) causes it 
to deliver a single output pulse, rather than switch 
to a stable “on” state. A MONOSTABLE MULTIVI- 
BRATOR operates in this mode. 

single-shot multivibrator See 
MULTIVIBRATOR. 

single sideband Abbreviation, SSB. Pertaining to a 
system of modulation in which one of the side- 
bands from an amplitude-modulated signal is at- 
tenuated or canceled out, leaving only one 
sideband. The carrier is generally suppressed also. 

single-sideband suppressed-carrier Abbreviation, 
SSSC or SSBSC. Pertaining to a system of modula- 
tion in which the carrier and one sideband from an 
amplitude-modulated signal are suppressed; only 
the remaining sideband is transmitted. Sometimes 
this mode is simply called SINGLE SIDEBAND. 

single signal Pertaining to a mode of reception in 
which signals appear on only one side of zero 
beat, enhancing selectivity and reducing interfer- 
ence among received signals. Most superhet- 
erodyne receivers have this feature; most 
direct-conversion receivers do not. 

single-signal receiver A superheterodyne receiver 
that achieves high selectivity via a selective filter 
in the intermediate-frequency amplifier chain. 
Signals appear on only one side of zero beat, ina 
band whose width can be adjusted or selected for 
various values from about 200 Hz to 3 kHz. 

single silk-covered wire Wire insulated with one 
layer of silk. 

single-skip propagation See SINGLE-HOP PROP- 
AGATION. 

single-step operation See STEP-THROUGH OP- 
ERATION. 

single sweep In an oscilloscope, a single time-axis 
deflection of the electron beam. Also see SWEEP, 
1, 2. Compare RECURRENT SWEEP. 

single-sweep blocking oscillator A blocking oscil- 
lator that cuts off after generating a single cycle 
or pulse. 

single-throw switch A single-action switch with 
two or more poles. 

single-tone keying Modulated continuous-wave 
keying. A single audio-frequency tone is used to 
amplitude-modulate or frequency-modulate the 
carrier. 

single-track recorder A recorder, such as a mag- 
netic-tape recorder or a graphic recorder, that 
permits recording along only one track. 


MONOSTABLE 
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single-trip |} multivibrator See MONOSTABLE 
MULTIVIBRATOR. 

single-tuned circuit A circuit tuned by varying 
only one of its components [e.g., an intermediate- 
frequency transformer in which only the sec- 
ondary coil (rather than both primary and 
secondary) is tuned]. 

single-turn coil 1. A coil consisting of a single turn 
of wire, tubing, or strip. 2. See RING INDUCTOR. 
3. See SHADING COIL. 

single-turn potentiometer A potentiometer that 
can be adjusted through its entire resistance 
range by no more than one full rotation of the 
shaft. Usually, the turning range is somewhat 
less than a full circle (e.g., 300 degrees). 

single-wire-fed antenna See WINDOM ANTENNA. 

single-wire line 1. See SINGLE-WIRE TRANSMIS- 
SION LINE. 2. A single wire used for communica- 
tion or control purposes. The earth furnishes the 
return path. 

single-wire transmission line An antenna trans- 
mission line or feeder consisting of one wire only 
(see, for example, WINDOM ANTENNA). 

sink 1. A device or circuit into which current 
drains. 2. See HEATSINK. 

sink circuit The circuit associated with a load or 
other sink. Compare SOURCE CIRCUIT, 2. 

sinker A piece of semiconductor material used to 
reduce the base-collector junction resistance in a 
bipolar transistor. 

sintering A process in which various solid bodies 
are formed from fusible powders at temperatures 
below their melting points. Example: sintered 
magnetic core. 

sinusoidal Having the shape and properties of a 
SINE WAVE. 

SIO Abbreviation of serial input/output. 

SIP Abbreviation of SINGLE-INLINE PACKAGE. 

six-phase rectifier A polyphase rectifier circuit 
operated from a three-phase supply. The output 
ripple frequency is six times the supply fre- 
quency. 


Primaries 


Secondaries Load 


six-phase rectifier 
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SJD Abbreviation of SILICON JUNCTION DIODE. 

skating In a phonograph turntable, the tendency 
of the tone arm to swing toward the spindle dur- 
ing record play, independent of the action pro- 
duced by the stylus following the groove. 

skeletal code A_ generalized computer routine 
needing only certain parameters to be usable for 
a specific application. 

skeleton bridge A bridge consisting of an ad- 
justable arm (potentiometer) and a pair of binding 
posts for each of the other three arms. Suitable 
resistors, capacitors, or inductors are connected 
to the binding posts to set up the bridge circuit 
desired. 


Det 


Gen 


skeleton bridge 


skeleton-type assembly 1. A method of elec- 
tronic-equipment construction in which a mini- 
mum of supporting members is used. An example 
is the use of an open framework, instead of a 
chassis, to support components. 2. An assembly 
of electronic equipment, consisting essentially of 
a foundation unit (containing the basic circuitry) 
and plug-in units for setting up various complete 
equipments. 

skew 1. A condition resulting from failure of the 
horizontal synchronization in facsimile or televi- 
sion. The picture appears distorted, and appears 
as a non-rectangular parallelogram. 2. In a print 
display, nonalignment of columns resulting from 
an incorrect number of line spaces in each line. 
3. In a probability function, an accumulation of 
values toward either side of center. 

skewing 1. The bending of a curve away from its 
normal shape. 2. In a differential amplifier, the 
offset between two signals. Also see OFFSET. 

Skiatron A special form of cathode-ray tube, with 
the fluorescent coating replaced by a screen of 
halide crystals that darken, instead of glow, when 
exposed to the electron stream. 

skin depth The depth to which current penetrates 
below the surface of a conductor, as a result of 
the SKIN EFFECT. 
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skin effect The tendency of high-frequency alter- 
nating current to travel along the surface of a 
conductor; the high-frequency reactance is lower 
along the outside than at the center of a conduc- 
tor. This tends to increase the resistivity of solid 
conductors at high alternating-current frequen- 
cies, as compared with low frequencies and direct 
current. 

skip 1. Ionosphere-reflected radio transmissions. 
2. In a computer program, an instruction whose 
sole function is that of causing a jump to the next 
instruction. 

skip distance For a signal propagated via the iono- 
sphere, the distance from the transmitter to the 
point at which the returned skywave strikes the 
earth. 

skip fading For a signal propagated via the iono- 
sphere, changes in signal strength caused by 
fluctuations in the altitude and/or contour of the 
ionized layer(s). 

skip zone See ZONE OF SILENCE. 

skirt selectivity 1.The bandwidth between points 
of high attenuation (usually 30 dB or 60 dB) on 
the selectivity curve in a communications re- 
ceiver. 2. The relative steepness of the attenua- 
tion-vs.-frequency curve in a communications 
receiver. 

SKM _ Abbreviation of sine-cosine multiplier. 
skyhook 1. Colloquialism for ANTENNA. 2. A wire 
antenna supported by a captive balloon or kite. 

sky noise Radio noise originating in outer space. 

skywave A radio wave propagated by ionospheric 
reflections and/or _ refractions. Compare 
GROUND WAVE. 


Ionized layer 


Xmtr Earth 


skywave 


skywave correction A factor applied to long-range 
radionavigation signals to account for the time 
delay resulting from ionospheric propagation. 

skywire See OUTSIDE ANTENNA. 

slab 1. A relatively thick body of quartz, ceramic, 
semiconductor, or dielectric. 2. See SUBSTRATE. 

slap back The return of sounds by an acoustically 
reflective object or surface a short distance away, 
resulting in almost immediate echoes. 

slashed-field-gun CRT A straight-gun television 
picture tube (see STRAIGHT-GUN CRT). Because 
the gap between the anodes in this tube is 
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slashed-field-gun CRT 


slanted, the electrostatic field is diagonal, caus- 
ing the electron and ion beams to be diverted at 
an angle. 

slave flash A photoflash operated by the light flash 
from another such unit. 

slave relay A relay operated by, and whose action 
follows, a MASTER RELAY. 

SLC Abbreviation of STRAIGHT-LINE CAPACI- 
TANCE. 

sleeping sickness A gradual increase in transistor 
leakage current. 

sleep machine An electronic device sometimes 
used as an aid for relaxation or sleeping. It con- 
sists of a wideband audio-frequency noise gener- 
ator that produces low-level sounds similar to the 
noise of waves on a beach or a light wind through 
trees. 

sleeve antenna A vertical antenna in which the 
upper half is a quarter-wave rod connected to the 
inner conductor of a coaxial feeder, and the lower 
half is a quarter-wave metal sleeve connected to 
the outer conductor of the feeder. Also called 
COAXIAL ANTENNA. 

sleeving A material in tubular form that can be 
slipped over another material [e.g., insulating 
sleeving for wires (spaghetti)]. 

slew rate In an operational amplifier, the rate at 
which the output can be driven between its lim- 
its. 

SLF Abbreviation of 
QUENCY. 

slice A semiconductor wafer cut from a single- 
crystal ingot. 

slicer See CLIPPER-LIMITER. 

slide-back meter An electronic voltmeter in which 
an unknown alternating-current signal voltage 
applied to the input of an amplifier stage is 
bucked by an internal, adjustable, accurately 
known signal voltage. The internal voltage is ad- 
justed until a null occurs, indicating that its mag- 
nitude is equal to that of the unknown voltage. 

slider A flat-spring contact that slides along the 
turns of a resistance or inductance coil to vary 
the coil’s resistance or inductance. Also called a 
WIPER. 


STRAIGHT-LINE  FRE- 
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slide-rule dial A dial mechanism having a straight 
scale that resembles a slide rule. 

slide switch A switch actuated by sliding a block- 
shaped button. Compare BAT-HANDLE SWITCH, 
PADDLE SWITCH, and ROCKER SWITCH. 





slide switch 


slide wire A simple potentiometer consisting of a 
single, straight piece of resistance wire with a 
sliding contact. Also see SLIDE-WIRE RESISTOR. 

slide-wire bridge A simple four-arm bridge in 
which the adjustable element is a single, straight 
resistance wire along which a clip or slider is 
moved, and that supplies two arms of the bridge 
(one on each side of the slider). 

slide-wire resistor A variable resistor consisting of 
a single wire (straight or coiled) along whose 
length a slider is moved to vary the resistance. 

sliding contact A contact that mates with another 
contact, or moves along a contacted surface, with 
a sliding motion. Also called SELF-CLEANING 
CONTACT and WIPING CONTACT. 

slip 1. In an eddy-current brake, coupling, or 
drive, the difference in speed between the field 
magnets and the iron eddy-current ring. 2. Ina 
synchronous motor, the difference between rotor 
speed and stator speed. 

slip clutch Ina gear or rack-and-pinion drive sys- 
tem, a device that releases the load if the torque 
becomes excessive. The gears then slip instead of 
being damaged. 

slip ring See COLLECTOR RING, 1. 

slip speed See SLIP, 2. 

slope 1. The slant of a line (graph) in rectangular 
coordinates, depicted as the ratio of the change in 
the dependent variable y to the change in the in- 
dependent variable x. If (x),yi) and (%2,y2) are two 
points on the line, then slope m is determined by 
m= (Yo - Yi)/(% - x). 2. The slant of a line in rect- 
angular coordinates as defined in 1, when the 
line is tangent to a curve (graph) at a specified 
point. 3. The skirt(s) of a selectivity curve, partic- 
ularly in a communications receiver, where a 
small change in frequency results in a significant 
change in gain or attenuation. 4. The ratio of the 
extent of change in a quantity to the extent of 
change in some other quantity, when a causal re- 
lation exists between the magnitudes of the 
quantities. Example: See SLOPE RESISTANCE. 
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slope detector An amplitude-modulation (AM) re- 
ceiving circuit detuned to one side of resonance 
(i.e., to a point along the skirt of the selectivity 
curve) to detect a frequency-modulated (FM) sig- 
nal. The FM swing occurs along the slope of the 
resonance curve. Slope detection is useful in nar- 
rowband FM when conventional FM circuitry is 
not available. 
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slope resistance The ratio of a small change in 
voltage to a small change in current at an elec- 
trode or in a component. 

slop-jar capacitor See WATER CAPACITOR. 

slop-jar rectifier See ELECTROLYTIC RECTIFIER. 

slot 1. In the armature of a motor or generator, a 
groove in which the windings are laid. 2. The 
notch in the response curve of a crystal filter. 

slot antenna A microwave antenna that radiates 
energy through a slot cut in a surface, such as 
the metal skin of an aircraft. 

slot cell A reinforcing, dielectric material (such as 
plastic) placed in the slot of a ferromagnetic core. 

slot coupling Coupling microwave energy between 
a waveguide and a coaxial cable by means of two 
slots, one in the waveguide and the other in the 
outer conductor of the cable. 

slot-discharge resistance See CORONA RESIS- 
TANCE. 

slot insulation 1. Insulation of wires in the slots of 
the armature of a motor or generator (see SLOT, 
1). 2. A material in the form of tape or sheets, 
used for the purpose defined in 1. 

slot radiator See SLOT ANTENNA. 

slotted line A device consisting of a section 
of air-dielectric coaxial line arranged for mi- 
crowave measurements. The outer conductor is 
a metal cylinder, and the inner conductor is a 
concentric metal rod. The cylinder is provided 
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with a lengthwise slot through which a small 
pickup probe extends for sampling the electro- 
magnetic field inside the device. The probe is 
attached to a carriage that slides along a 
graduated scale on the outside of the cylinder. 
Radio-frequency energy is injected into one end 
of the line through a coaxial cable; as the probe 
moves along, response points are indicated by 
an external detector connected to the probe. The 
scale is read at these points to determine fre- 
quency, standing-wave ratio, impedance, and 
power. An alternate form of slotted line uses a 
section of slotted waveguide, instead of a sec- 
tion of coaxial line. 

slotted rotor See SERRATED ROTOR PLATE. 

slotted section See SLOTTED LINE. 

slotted waveguide See SLOTTED LINE. 

slot width 1. The width of a slot in the armature of 
a motor or generator (see SLOT, 1). 2. The band- 
width of the notch in the response curve of a 
band-suppression filter of any kind. See, for ex- 
ample, NOTCH FILTER. 

slow-acting relay Any relay designed to operate at 
some finite period following the application of the 
actuation voltage. 

slow-blow fuse A fuse in which the melting wire 
breaks apart slowly. The time delay allows the 
fuse to withstand momentary current surges that 
do not damage the protected equipment, but that 
would cause a fast-blow fuse to break the circuit 
needlessly. 

slow-break, fast-make relay 
slowly and closes rapidly. 

slow-break, slow-make relay A relay that opens 
slowly and closes slowly. 

slow charge Storage-battery charging in which a 
low current is passed through the battery over a 
long period of time. It ensures that the rated 
ampere-hour capacity will be restored to the 
battery. 

slow death 1. The gradual deterioration of transis- 
tor performance. 2. The gradual deterioration in 
the performance of a component, circuit, device, 
or system. 

slow drift The gradual change of a quantity or set- 
ting (usually in one direction). Compare FAST 
DRIFT. 

slow-make, fast-break relay A relay that closes 
slowly and opens rapidly. 

slow-make, slow-break relay A relay that closes 
slowly and opens slowly. 


A relay that opens 


slow-operate, fast-release relay See SLOW- 
MAKE-FAST-BREAK RELAY. 

slow-operate, slow-release relay See SLOW- 
MAKE-SLOW-BREAK RELAY. 

slow-release, fast-operate relay See SLOW- 
BREAK-FAST-MAKE RELAY. 

slow-release, slow-operate relay See SLOW- 


BREAK-SLOW-MAKE RELAY. 
slow storage A form of memory with long storage 
and recovery time. 
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slow time scale An extended time scale, i.e., one 
larger than the time unit of the system under 
consideration. 

SLS Abbreviation of SIDELOBE SUPPRESSION. 

slug 1. A movable core of ferromagnetic material, 
used to tune (varying the inductance of) coil by 
changing its position along the axis of the coil. 
Also see SLUG-TUNED COIL. 2. A copper ring at- 
tached to the core of a relay for time-delay pur- 
poses (see SLUG-TYPE DELAY RELAY). 

slug-tuned coil A coil whose inductance is varied 
by means of a ferromagnetic slug that slides in 
and out of the coil. 

slug tuner A tuner for a radio or television receiver 
or test instrument, using slug-tuned coils. 

slug-type delay relay A delayed-response relay that 
achieves time delay through the action of a heavy 
copper slug on the core. The slug forms a low- 
resistance, short-circuited single turn in which a 
current is induced by the magnetic flux, resulting 
from energizing the relay. The resulting flux of the 
slug opposes the buildup of relay-coil flux. 

slumber switch An alarm-reset switch on an elec- 
tronic clock radio. If the alarm activates, the 
slumber switch (usually a pushbutton device) 
can be pressed to turn off the alarm for a prede- 
termined length of time. Also called snooze but- 
ton. 

SLW Abbreviation 
LENGTH. 

Sm _ Symbol for SAMARIUM. 

small-current amplifier 1. A direct-current (dc) 
amplifier for low-level input currents (i.e., cur- 
rents of 1 milliampere or less). 2. An amplifier 
(such as a silicon-transistor unit) requiring very 
low dc operating current. 

small-scale frequency response For an analog 
circuit, the output frequency at which the level is 
-3 dB, relative to the maximum level, with a small 
signal at the input, normally 1 volt peak-to-peak. 

small loop antenna A closed loop antenna with 
one to several turns and a circumference less 
than 0.1 wavelength at the highest operating fre- 
quency. This antenna is suitable for wireless re- 
ception, but generally not for transmission 
because the radiation resistance is extremely low. 
The antenna is least responsive along its axis, 
and is most responsive in the plane defined by its 
turn(s). The null along the axis is sharp and deep. 
A capacitor can be connected in series or parallel 
with the loop to provide a resonant response. This 
type of antenna can reduce interference caused 
by human-made noise or strong local signals. It is 
also useful for radio direction finding (RDF) at fre- 
quencies up to approximately 20 MHz. Compare 
FERRITE-ROD ANTENNA, LARGE LOOP AN- 
TENNA. 

small signal A low-amplitude signal. Such a signal 
covers so small a part of the operating character- 
istic of a device that operation is essentially lin- 
ear. Compare LARGE SIGNAL. 
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small-signal analysis Analysis of circuit or compo- 
nent operation in which it is assumed that the 
signals deviate from (fluctuate to either side of) 
the steady bias levels by only a small amount. 
Also see SMALL SIGNAL. 

small-signal bandwidth The frequency at which 
the output signal of an analog circuit decreases to 
-3 dB, relative to the value for direct current. The 
output voltage is generally set at 0.1 volt peak-to- 
peak for testing this value so that the circuit is 
not overdriven. 

small-signal component 1. A coefficient or pa- 
rameter (such as amplification, transconduc- 
tance, dynamic resistance, etc.) calculated or 
measured under conditions of small-signal oper- 
ation. Also see SMALL SIGNAL and SMALL- 
SIGNAL EQUIVALENT CIRCUIT. 2. A device 
designed for operation at low signal levels. 

small-signal diode See SIGNAL DIODE. 

small-signal equivalent circuit For a given transis- 
tor circuit, the equivalent circuit for low signal lev- 
els (i.e., at amplitudes lower than saturation and 
cutoff levels). Also see EQUIVALENT CIRCUIT. 

small-signal operation Operation at low signal 
amplitudes (i.e., at signal levels that do not ex- 
tend into the saturation or cutoff levels of a tran- 
sistor, diode, or other component). 

small-signal transistor A transistor designed for 
low-level applications, such as the amplification 
of small voltages and currents and low-voltage 
switching. Compare POWER TRANSISTOR. 

SmallTalk A _ high-level computer programming 
language that uses a graphical user interface 
(GUI). It is used in complex design and research, 
and in robotics. 

smart home or business An electronically con- 
trolled home or business, in which computers 
and robots take care of cooking, dish washing, 
floor scrubbing, waste removal, laundry, yard 
maintenance, snow removal, and other mundane 
chores. Intrusion detection and fire prevention 
are constantly maintained. In some cases, in- 
truders can actually be identified or detained; 
fires can be extinguished by controlled sprinkler 
systems or remotely controlled robots. Some 
tasks can be monitored and controlled directly by 
the owner from remote locations, via telephone 
lines or wireless. 

smartness The ability of an electronic system, es- 
pecially a computer or control system, to perform 
a complete series of operations, substituting al- 
ternative steps, where necessary—all with a min- 
imum of instructions from, and supervision by, 
human operators. 

smearing In television or facsimile, a form of picture 
distortion caused by an excessively narrow receiv- 
ing bandpass. The image appears fattened and 
horizontally blurred. Contrast might also be lost. 

smectic crystal A liquid crystal in which the 
molecules are arranged in parallel layers and 
cannot slide past each other. 
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S meter Ina radio communications receiver, a me- 
ter graduated in S units and/or decibels to indi- 
cate the strength of a received signal. 


S units dB 


S units dB 


S meter 


Smith chart A curvilinear graph on which com- 
plex-number impedance values can be plotted. It 
is useful in evaluating the behavior of radio- 
frequency circuits, transmission lines, and 
antenna systems—especially with regard to 
impedance mismatches and standing-wave ratio. 
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smoke alarm A device that produces audible 
and/or visible signals in the presence of smoke or 
unusual gases in the air. Also see PHOTOELEC- 
TRIC SMOKE ALARM. 

smoke control See PHOTOELECTRIC SMOKE 
CONTROL. 

smoke detector Any circuit or device used to 
sense the presence of smoke or noxious gases. 


—P— 


Some types detect changes in the ionization 
potential of the air; others sense changes in 
the dielectric constant of the air. Also see 
PHOTOELECTRIC SMOKE DETECTOR. 

smoke sensor See SMOKE DETECTOR. 

smooth 1. Relatively free from surface irregularity. 
2. To reduce or eliminate irregularities in the volt- 
age or current from a direct-current power 
source. 3. To reduce or eliminate irregularities in 
data or signal amplitude. 

smoothing choke A _ power-supply filter choke 
having a core with an air gap that prevents satu- 
ration at maximum rated direct current. Com- 
pare SWINGING CHOKE. 

smoothing factor For a power-supply filter, a 
quantity approximately equal to 6.28fRC, where f 
is the alternating-current frequency in Hertz, Ris 
the filter resistance (in an RC filter) or the series 
reactance of the choke (in an LC filter) in ohms, 
and Cis the filter capacitance in farads. 

smoothing filter 1. A filter for smoothing the al- 
ternating-current ripple component of a direct- 
current power supply following rectification. It 
can consist of one or more parallel capacitors of 
large value, and one or more series chokes of 
large inductance. 2. A low-pass filter used at the 
output of a digital-to-analog (D/A) converter for 
eliminating high-frequency components gener- 
ated by sampling. 

SMPTE Abbreviation of SOCIETY OF MOTION PIC- 
TURE AND TELEVISION ENGINEERS. 

smudge See SQUEEZEOUT. 

SN Abbreviation of semiconductor network. 

S/N Abbreviation of SIGNAL-TO-NOISE RATIO. 

Sn Symbol for TIN. 

snake 1. A long, strong, flexible wire or strip used 
to pull other wires through electrical conduits. 2. 
To route wires or cables through a group of cir- 
cuits, components, or boards. 

snap-action switch A switch that snaps quickly 
into the on or off position to prevent arcing and 
consequent premature contact deterioration. 

snap diode A _ semiconductor diode in which 
switch-off time after carrier storage is extremely 
short (e.g., under 1 nanosecond). 

snap magnet A magnet that reduces the tendency 
for arcing in relay-control instruments, thereby 
minimizing electromagnetic interference and pro- 
longing contact life. 

snap-on connector An electrical connector that 
locks in place, reducing the chance that it will de- 
tach unless it is deliberately removed. 

snapshot dump During a computer program run, 
a dump, for debugging purposes, of certain stor- 
age areas. 

snap switch See SNAP-ACTION SWITCH. 

sneak current Unintended current flow through a 
path that is auxiliary to a main circuit. 

sneak path A path through which current is 
accidentally detoured; it is usually a leakage 
path. 
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Snell’s law A rule of physics that applies to visible 
light passing from air (or a vacuum) to some 
medium with an index of refraction c. If the light 
ray strikes the medium at an angle u, relative toa 
line normal (perpendicular) to the surface, and 
passes into the medium at angle v relative to the 
normal, then (sin u)/(sin v) = c. 

sniffer See EXPLORING COIL. 

sniperscope A telescope, snooperscope, or star- 
light scope for a carbine or rifle. 

(S+N)/N Abbreviation of SIGNAL-PLUS-NOISE-TO- 
NOISE RATIO. 

SNOBOL Acronym for string-oriented symbolic lan- 
guage, a computer-programming language for 
manipulating character strings. 

snooperscope 1. An infrared-sensitive device that 
permits viewing objects and surroundings in total 
darkness. It presents the image on a fluorescent 
screen. 2. A rifle-mounted starlight scope. 

snow A type of television picture interference that 
typically occurs when the signal-to-noise ratio is 
low (the reception is marginal or poor). Charac- 
terized by countless tiny out-of-focus light spots, 
whose rapid, random motion mimics the appear- 
ance of falling snow. 

SNR Abbreviation of SIGNAL-TO-NOISE-RATIO. 

soak value The smallest value of current that will 
cause saturation of a relay core. 

Society of Motion Picture and Television Engi- 
neers Abbreviation, SMPTE. A group that de- 
cides on various procedures in video recording 
and reproduction, both on magnetic media (tape 
or disk) and on film. 

socket A (usually female) fixture into which a plug, 
integrated circuit, or other component is inserted 
for easy installation in, or removal from, a circuit. 

socket punch See PUNCH, 2. 

sodium Symbol, Na. A metallic element of the al- 
kali-metal group. Atomic number, 11. Atomic 
weight, 22.9898. 

sodium silicate See WATER GLASS. 

sodium-vapor lamp A gas-discharge lamp con- 
taining neon and a small amount of sodium. After 
the filaments of the lamp are lighted for a short 
time, the heat vaporizes the sodium, and the fila- 
ments are disconnected by an automatic switch. 
Under the influence of the voltage across the 
lamp, the sodium vapor glows with a characteris- 
tic yellow light. 

sofar A system for pinpointing the source of under- 
water sounds (coming from as far away as 2000 
miles) through triangulation. The name is an 
acronym for sound fixing and ranging. 

soft-drawn wire Wire that is highly malleable, and 
is therefore easily bent and unbent. Compare 
HARD-DRAWN WIRE. 

soft iron A grade of iron, used in some cores, that 
is easily demagnetized. 

soft solder A low-melting-point solder. 

software 1. Vendor-supplied or user-generated 
programs or groups of programs for a computer 
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or computer system. 2. The detailed instructions 
for performing a particular operation with a cal- 
culator or a computer. 

software-defined radio Abbreviation, SDR. 1. 
Wireless communications in which the modula- 
tion waveforms and protocols are generated and 
decoded by computer software. This allows a 
single, microcomputer-controlled radio receiver, 
transmitter, or transceiver to operate in a variety 
of services that use different protocols. Changing 
the modulation waveform or protocol requires 
only a change in the program run by a micro- 
computer that controls the radio. 2. A receiver, 
transmitter, or transceiver that employs the 
technology defined in (1). 3. The use of wireless 
equipment that employs the technology defined 
in (1). 

soft X rays Low-frequency (long-wavelength) 

X rays. Such radiation has relatively poor pene- 

trating power. Compare HARD X RAYS. 
1. Abbreviation of SOLUTION. 2. Abbreviation 

of SOLUBLE. 

solar access For a specific property or location, the 
availability of direct exposure to the sun’s rays as 
a source of energy. 

solar absorption index A quantitative measure of 
the effect of the sun on the ionospheric absorp- 
tion of radio waves. 

solar activity See 
SUNSPOT cycle. 

solar battery A battery composed of solar cells 
connected in series and/or parallel for increased 
output. 

solar cell A photovoltaic power transducer that 
converts visible light to electricity. It is called a 
cell because its output is a low direct-current 
voltage. Such cells can be connected in series 
and/or parallel to provide useful electric power 
output. 

solar cycle See SUNSPOT CYCLE. 

solar energy 1. The total energy arriving from the 
sun, over a given period of time and within a spe- 
cific surface area, at a given location on the sur- 
face of the earth. 2. Any energy derived entirely 
from the sun. 

solar-energy conversion Any process that changes 
solar radiant energy into another useful form. 

solar flare A violent storm on the surface of the 
sun. These events tend to occur near the peak of 
the 1l-year sunspot cycle. They cause an in- 
crease in the level of radio noise that comes from 
the sun, and they emit high-speed subatomic 
particles that reach earth a few hours after the 
first appearance of the flare. Because the parti- 
cles are electrically charged, they are accelerated 
by the geomagnetic field. Sometimes a geomag- 
netic storm results, producing aurora near the 
poles and deterioration of ionospheric radio- 
propagation conditions. 

solar flux An indicator of general solar activity. The 
solar noise level is measured at a particular fre- 


sol 


SOLAR RADIATION and 
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quency, such as 2800 MHz. The solar flux tends to 
be highest during periods of the greatest sunspot 
activity and immediately following a solar flare. 

solar laser See SUNLIGHT-POWERED LASER. 

solar noise Broadband electromagnetic noise gen- 
erated by the sun. In particular, noise that occurs 
at radio frequencies and affects satellite, moon- 
bounce, and space communications. This noise 
varies in intensity with the 11-year sunspot cycle, 
being generally higher at and near sunspot max- 
ima. A solar flare can cause a sudden and dra- 
matic increase in the noise at all wavelengths. 
See SOLAR FLARE. 

solar panel An array consisting of a number of se- 
ries-connected or series-parallel-connected solar 
cells mounted on a flat plate. 

solar power Useful amounts of electricity obtained 
from suitable arrays of solar cells. 

solar radiation Electromagnetic energy of various 
wavelengths originating in the sun. Such radia- 
tion, after passing through the earth’s atmo- 
sphere, consists mostly of infrared rays and 
visible light. Some ultraviolet rays also reach the 
earth’s surface. 

solar relay See SUN SWITCH. 

solar switch See SUN SWITCH. 

solar wind Continuous emission of high-speed sub- 
atomic particles by the sun. It causes distortion of 
the lines of flux in the earth’s magnetic field. It be- 
comes more intense following a solar flare. 

solder 1. A metal alloy (usually of tin and lead) that 
is melted to electrically and mechanically join 
pieces of other metals. Also see HARD SOLDER 
and SOFT SOLDER. 2. To join metals with solder. 


solder 
Solder Melting point Principal 
type (°F/°C) uses 

Tin-lead 50 : 50, 430/220 Electronic 
rosin-core circuits 
Tin-lead 60 : 40, 370/190 Electronic 
rosin-core circuits, 

low-heat 
Tin-lead 63 : 37, 360/180 Electronic 
rosin-core circuits, 

low-heat 
Tin-lead 50 : 50, 430/220 Non-electronic 
acid-core metal bonding 
Silver 600/320 High-current, 


high-heat 


soldering Joining (usually nonferrous) metal parts 
with solder, a lead-alloy substance. Compare 
BRAZING. 

soldering gun An electric soldering iron having the 
general shape of a handgun. The element heats 
and cools more rapidly than the element in a 


—P— 





typical soldering iron. The element is heated by 
pressing a device similar to the trigger on a pistol. 

soldering iron An electric or nonelectric tool hav- 
ing a heated tip for melting solder. 

solderless breadboard A foundation (see BREAD- 
BOARD, 1) on which a circuit can be assembled 
by plugging components into tiny jacks without 
the use of solder. 

solderless connection A _ connection between 
leads, or between leads and terminals, accom- 
plished entirely through crimping, pinching, 
splicing, or wire wrapping. Solder is not used. 
Also see WIRE-WRAP CONNECTION. 

solderless terminal A terminal to which a solder- 
less connection can be made. Also see WRAP 
POST. 

solenoid 1. A coil of wire having a single layer, 
wound on a cylindrical form. 2. A multilayer coil 
used as an electromagnet, and usually having a 
straight, iron core. 


Metal 
rod 


solenoid 


solenoid switch A switch consisting of a solenoid 
coil (see SOLENOID, 2) into which a core is pulled 
by the magnetic field to close a pair of contacts. 

solid 1. One of the states of matter. It is character- 
ized by a definite shape and volume, and by 
atoms that maintain a fixed position, relative to 
each other. Compare GAS, LIQUID, and PLASMA. 
2. An enclosed, defined volume of three-dimen- 
sional space. 3. In communications, descriptive 
of error-free reception of a series of coded signals. 
4. In printing and data transmission, a large 
print area whose entire surface is of equal and 
maximum intensity (of ink, light, or darkness). 

solid angle Unit, steradian. The angle within the 
apex of a cone formed by all line segments be- 
tween the center of a sphere and a defined circle 
on the surface of the sphere. 

solid circuit Any circuit consisting of a single piece 
of hardware that is not normally separated into 
smaller parts. 

solid conductor See SOLID WIRE. 

solid electrolyte A solid substance affording ionic 
action similar to that in a liquid electrolyte. 

solid electrolytic capacitor A capacitor using a 
solid electrolyte. 

solid ground See DIRECT GROUND. 
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solid-state Pertaining to devices and circuits in 
which the flow of charge carriers (electrons and 
holes) is controlled in specially prepared blocks, 
wafers, rods, or disks of solid materials. Semicon- 
ductor devices, such as transistors and inte- 
grated circuits, are solid-state components. 

solid-state battery An atomic battery consisting 
essentially of a photovoltaic cell in combination 
with a quantity of radioactive material, whose ra- 
diation causes the cell to generate electricity. 

solid-state camera A video camera device that 
makes use of solid-state technology. The target is 
a matrix of charge-coupled devices (CCDs). When 
light strikes these devices, charge carriers are 
separated in a manner similar to that in a photo- 
voltaic cell. The matrix is scanned according to a 
particular scheme, and the voltages developed in 
each CCD combine to produce the video signal 
output. 

solid-state capacitor See SOLID ELECTROLYTIC 
CAPACITOR. 

solid-state chronometer Any semiconductor de- 
vice to indicate or measure time. 

solid-state circuit See MONOLITHIC 
GRATED CIRCUIT. 

solid-state lamp 1. See LIGHT-EMITTING DIODE. 
2. See LASER DIODE. 3. See ELECTROLUMI- 
NESCENT CELL. 

solid-state maser A device, such as the ruby 
maser, in which the stimulated medium is a solid 
material. 

solid-state photosensor A semiconductor photo- 
diode or phototransistor, as opposed to a photo- 
tube. 

solid-state physics The branch of physics con- 
cerned with the nature and applications of such 
solids as electronic semiconductors. 

solid-state relay 1. A sensitive relay consisting of 
a conventional electromagnetic relay preceded by 
a transistorized amplifier. 2. A completely elec- 
tronic relay (i.e., one without moving parts) in 
which switching transistors provide the on and 
off states. 3. See THYRISTOR. 

solid-state thermometer An electronic thermo- 
meter utilizing one or more solid-state compo- 
nents, such as transistors, integrated circuits, or 
thermistors. 

solid-state thyratron See SILICON-CONTROL-LED 
RECTIFIER and SILICON-CONTROLLED SWITCH. 

solid-state tube A semiconductor device (diode, 
rectifier, transistor, SCR, etc.) whose housing and 
base allow it to replace directly an electron tube. 

solid tantalum capacitor A capacitor using tanta- 
lum as a solid electrolyte. 

solid wire Wire consisting of a single strand of 
metal. Compare STRANDED WIRE. 

solute A substance that is dissolved in some other 
substance. Also see SOLUTION, 1. 

solution 1. A well-diffused mixture of two or more 
substances. It can consist of a gas in a liquid, a 
gas in a solid, a gas in a gas, a liquid in a solid, or 
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a solid in a solid. A solution, typically, is molecu- 
lar (i.e., there is no chemical reaction between its 
constituents). Also see SATURATED SOLUTION; 
SOLUTE; SOLVENT, 1; and SUPERSATURATED 
SOLUTION. 2. The result of solving a problem or 
making a calculation. Also called answer or result. 

solution conductivity The electrical conductivity 
of a solution, such as an electrolyte. The conduc- 
tivity (and conversely, the resistance) depends on 
the number and mobility of ions in the solution. 

solution-conductivity bridge A _ direct-current 
bridge specially designed and calibrated to mea- 
sure the conductivity of chemical solutions. 

solution pressure In an electrolyte into which a 
metal body is immersed, the force that causes the 
metal to tend to pass into solution as positive 
ions and to form a Helmholtz double layer. 

solvent 1. A fluid that dissolves other materials. 
2. The constituent of a solution that dissolves one 
or more other constituents. Thus, in a saltwater 
solution, water is the solvent and salt the solute. 
Also see SOLUTION, 1. 

SOM Abbreviation of start of message. 

Sonalert Tradename for a small, but loud, sound 
reproducer used with solid-state circuits for 
alarm purposes. 

sonar A system of detection and ranging by means 
of sonic and ultrasonic signals. In this system of 
echo ranging, the distance to an underwater ob- 
ject is determined from the time it takes a sound 
signal to reach the object and be reflected back to 
the transmitter. The name is an acronym for 
sound navigation and ranging. 
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sonde A device for automatically gathering metero- 
logical data at high altitudes. An example is the 
radiosonde. 

sone A unit of loudness for an individual listener. 
The level of 1 sone is the loudness of a 1000-Hz 
tone that is 40 dB above the particular listener’s 
threshold of hearing. 

sonic altimeter An altimeter (see ABSOLUTE AL- 
TIMETER) using sound waves. The time required 
for a transmitted wave to reach a target and be 
reflected back to the transmitter is proportional 
to the distance between the transmitter and the 
target. 

sonic boom An explosive sound occurring when 
the shock wave produced by an aircraft flying at 
supersonic speed strikes the earth. 

sonic delay line A delay line using electroacoustic 
transducers and an intervening medium through 
which a sound wave is transmitted. 

sonic depth finder See ACOUSTIC DEPTH 
FINDER. 

sonic thermocouple A thermocouple whose heat- 
absorbing properties are enhanced by subjecting 
it to acoustic vibrations. 

sonobuoy A buoy equipped with an acoustic re- 
ceiver and radio transmitter. The device is 
parachuted into the water, where it receives sub- 
marine sounds and transmits them to a monitor- 
ing station. Several sonobuoys communicating 
with a computer will track the path of a subma- 
rine. 

sonovox An electronic device used to produce spe- 
cial sound effects when it is held against the 
throat of the operator. The special sounds are 
formed into words by the operator’s mouth. 

SOP Abbreviation of standard operating procedure. 

sophisticated electronics Advanced electronics 
theory and operations, usually dealing with com- 
plex devices or systems and requiring rigorous 
analysis to describe their operation and de- 
vise applications. Compare UNSOPHISTICATED 
ELECTRONICS. 

sorption processes Processes whereby certain 
substances (e.g., activated charcoal) occlude and 
retain gases and vapors. A chamber containing 
such a substance is often useful in the produc- 
tion of a vacuum. Sorption includes both absorp- 
tion and adsorption. 

sort 1. To group information items using their 
keys. Also see KEY. 2. To group information items 
according to some system of classification, as to 
print an alphabetical list of words stored in a ran- 
dom sequence. 

sorting routine A computer program for sequenc- 
ing data items according to key words (values in 
specific fields) of the different records. 

SOS 1. The international radiotelegraph distress 
signal; equivalent to mayday in radiotelephony. It 
consists of three dits (“dots”), followed by three 
dahs (“dashes”), followed by three more dits. 
2. Abbreviation of SILICON ON SAPPHIRE. 
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sound The vibratory or wave phenomenon to which 
the sense of hearing is responsive. Conducted by 
waves in solids, liquids, and gases; not propa- 
gated through a vacuum. 

sound absorption The nonreflection and nontrans- 
mission of acoustic energy by a body or medium, 
and the attendant conversion of the acoustic en- 
ergy into another form of energy (usually heat). 

sound absorption coefficient A quantitative ex- 
pression of the extent to which a surface absorbs 
acoustic energy (as opposed to reflecting, trans- 
mitting, diffusing, or scattering it). 

sound amplifier 1. An audio amplifier—especially 
the sound channel of a television system. 2. A de- 
vice, such as a horn or reflector, that directly 
boosts the intensity of sound at a given listening 
point. 

sound analyzer An instrument, often a wave ana- 
lyzer equipped with a microphone, for measuring 
such characteristics of sound as amplitude, fre- 
quency (pitch), and harmonic content (timbre). 

sound articulation See ARTICULATION. 

sound bars In a television picture, horizontal bars 
resulting from interference between the audio 
and video channels of the receiver. 

sound carrier Ina television signal, the frequency- 
modulated carrier that transmits the audio part 
of the program. Compare VIDEO CARRIER. 

sound chamber An air enclosure, usually a box or 
can, for modifying the acoustic qualities of sound 
or of an audio signal. 

sound detector The discriminator or ratio detector 
that demodulates the sound signal in a television 
receiver circuit. 

sound-energy density Sound energy per unit vol- 
ume, expressed in joules per cubic meter or ergs 
per cubic centimeter. 

sound-energy flux The average rate of flow of 
sound energy through a specified area, as ex- 
pressed in ergs or joules per second. 

sound field A volume of space or material contain- 
ing sound waves. 

sound film Motion-picture film on which a sound 
track is recorded. Also see OPTICAL SOUND 
RECORDING. 

sound flux The rate of flow of sound energy, usu- 
ally expressed in terms of sound pressure at a 
point or over a unit area normal to the direction 
of sound propagation. 

sound gate An optical device used to convert the 
sound track of a movie film into electrical impulses. 

sound generator Any combination of oscillator, 
amplifier, and transducer (loudspeaker or head- 
phones) for producing sound waves. 

sound-hazard integrator An instrument used to 
measure cumulative noise exposure received by 
persons in noisy environments. One such instru- 
ment provides direct readings in percent of per- 
missible exposure. 

sound IF amplifier In a television receiver circuit, 
the separate amplifier for the sound intermediate 
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frequency. See, for illustration, INTERCARRIER 
RECEIVER and SPLIT-SOUND RECEIVER. 

sound-level meter See SOUND SURVEY METER. 

sound marker A marker indicating the sound- 
carrier point on a television alignment curve 
displayed on an oscilloscope screen. 

sound-marker generator A_ special radio- 
frequency signal generator (or a special circuit in 
a television-alignment generator) for the produc- 
tion of a sound marker. 

sound mirage See ACOUSTIC MIRAGE. 

sound mix In sound recording or reproduction, the 
composite output from an audio mixer circuit. 

sound-on-film recording See OPTICAL SOUND 
RECORDING. 

sound-on-sound recording The simultaneous 
recording (on a single track on magnetic tape) of 
new material with previously recorded material. 
The old recording is not erased. 

sound-operated relay 1. A relay operated indi- 
rectly from sound, through the medium of a 
pickup microphone and amplifier. 2. A relay hav- 
ing a delicately poised armature that operates di- 


rectly from sound vibrations. 


de 
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sound power The total sound energy per unit time 
produced by a sound source, as expressed in ergs 
per second or in watts. 

sound power level The extent, in decibels, by which 
SOUND POWER exceeds one picowatt (107!? watt). 
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sound pressure 1. The force exerted by sound 
waves on a surface area, expressed in dynes per 
square centimeter (as an rms value over 1 cycle). 
The sound pressure is proportional to the square 
root of sound-energy density. 2. The instanta- 
neous difference between actual air pressure and 
average air pressure at a given point. 

sound pressure level The extent, in decibels, via 
which SOUND PRESSURE exceeds 20 micropas- 
cals (2.0 x 10° pascal). 

sound probe A transducer used to receive acoustic 
vibrations for detection or measurement pur- 
poses. 

sound recording The electrical recording of sound, 
using cylinder, disc, tape, wire, or other compa- 
rable storage medium. 

sound-recording system A complete, integrated 
array of equipment for recording sound, includ- 
ing such components as microphones, ampli- 
fiers, pickups, filters and other shaping net- 
works, attenuators, level indicators, and 
recording mechanisms. Compare SOUND- 
REPRODUCTION SYSTEM. 

sound reinforcement Intensification of sound by 
horns, resonant chambers, or other acoustical 
devices. 

sound relay See SOUND-OPERATED RELAY. 

sound reproduction The electrical reproduction of 
sound from recordings on vinyl discs, magnetic 
tapes, magnetic discs, compact optical disbs, etc. 

sound-reproduction system A complete, inte- 
grated array of equipment for the playback of 
recorded sound, including such components as 
tape or record players, amplifiers, filters and 
other shaping networks, attenuators, level indi- 
cators, loudspeakers, and headphones. Compare 
SOUND-RECORDING SYSTEM. 

sound spectrograph A device that produces a dis- 
play of sound amplitude vs. frequency. Similar to 
a SPECTRUM ANALYZER, except that it operates 
at audio frequencies (about 20 Hz to 20 kHz) and 
is actuated by acoustic disturbances, rather than 
by electromagnetic signals. 

sound spectrum The continuous band of fre- 
quencies (about 20 Hz to 20 kHz) constituting 
audible sounds, and sometimes the immediately 
adjacent (subaudible and superaudible) fre- 
quencies. 

sound stage The apparent dimensions of a sound 
source. 

sound survey meter A portable instrument for 
measuring the intensity and other characteristics 
of sound. 

sound sweetening In audio recording or reproduc- 
tion, the modification of the sound to achieve 
some desired effect. 

sound system A sound-recording system, sound- 
reproduction system, or a combination of the two. 

sound takeoff In a television receiver circuit, the 
point at which the frequency-modulated sound 
signal is extracted from the complex signal. 
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sound track The variable-density or variable-width 
recording on one side of the film in sound-on-film 
recording and reproduction. Also see OPTICAL 
SOUND RECORDING. 

sound transducer See ACOUSTIC TRANSDUCER. 

sound-transmission coefficient See ACOUSTI- 
CAL TRANSMITTIVITY. 

sound trap In a television receiver circuit, a wave- 
trap that prevents the sound signal from entering 
the picture channels. 

sound unit See PHONE, 2. 

sound wave The vibratory phenomenon produced 
in a medium by acoustic energy. A sound wave in 
air consists of alternate compressions and rar- 
efactions of the air. Also see ACOUSTIC WAVE. 

source 1. The origin of a signal or electrical energy 
(e.g., a transmitting station). 2. In a field-effect 
transistor, the electrode that is equivalent to the 
emitter of a common-emitter-connected bipolar 
transistor, or the cathode of a vacuum tube. 
3. That which is being transcribed to magnetic 
tape. 4. Manufacturer, wholesaler, or retailer. 

source circuit 1. The circuit associated with the 
source electrode of a field-effect transistor. 2. A 
generator circuit. Compare SINK CIRCUIT. 

source code See SOURCE LANGUAGE. 

source computer A computer for compiling a 
source program. 

source-coupled multivibrator A multivibrator cir- 
cuit using field-effect transistors, in which feed- 
back coupling is achieved with a common source 
resistor for the two FETs. This circuit is equiva- 
lent to the emitter-coupled bipolar-transistor- 
type multivibrator. 

source data automation A means of storing a 
master data file for easy duplication, whenever 
necessary. 

source deck An audio or video tape player that re- 
produces original recordings in the editing process. 

source follower A field-effect-transistor circuit in 
which the output is taken across a resistor be- 
tween source and ground. This circuit is equiva- 
lent to the emitter follower, and is a unity-gain 
stage whose impedance-transformation charac- 
teristics make it ideal in signal conditioning, 
buffering, and impedance-matching applications. 





source follower 
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source impedance 1. The impedance of a genera- 
tor in a circuit. 2. The impedance of the source 
electrode of a field-effect transistor. 

source language A computer programming lan- 
guage from which is derived (by a compiler) the 
machine (object) language on which the computer 
operates. 

source program A computer program written in a 
source language. 

south magnetic pole The south pole of the equiv- 
alent bar magnet constituted by earth’s magnetic 
field (see EARTH’S MAGNETIC FIELD). The south 
magnetic pole lies close to the geographic south 
pole. Compare NORTH MAGNETIC POLE. 

south-seeking pole Symbol, S. The so-called 
south pole of a magnet. When a bar magnet is 
suspended horizontally, this pole points to 
earth’s south magnetic pole. Compare NORTH- 
SEEKING POLE. 

SP Abbreviation of STACK POINTER. 

sp 1. Abbreviation of single pole. 2. Abbreviation of 
special. 

space-charge field 1. The electric field existing 
within a group of charged particles. 2. The elec- 
tric field existing in a plasma. 

space diversity See DIVERSITY RECEPTION. 

space-diversity reception See DIVERSITY RE- 
CEPTION. 

space division A method of data transfer in which 
different paths are used for the transmission of 
different signals. 

space-division switch A switch having two or more 
ports and different paths connecting the ports. 

space lattice The three-dimensional, redundant 
pattern formed by atoms and molecules in a crys- 
tal and having a shape that is characteristic of a 
particular crystalline material. 

spacer An insulating rod or bar that serves to hold 
apart the conductors of a two-wire, four-wire, or 
coaxial air-dielectric transmission line. 

space suppression Following the printing of a line 
by a printer, the prevention of normal paper travel. 

space-time-space switch Abbreviated STS switch 
or STSS. A large switching array with two space 
switch blocks and a time switch block between 
them. 

space wave One of the components of an electro- 
magnetic ground wave. The space wave, unlike 
the surface wave, is not earth-guided. It has two 
components: the direct wave and the ground- 
reflected wave. 

spaghetti Slender, varnished-cambric tubing used 
as slipover insulation for wires and busbars. 

span On an instrument scale, the difference be- 
tween the highest value and the lowest value. 

spark See ELECTRIC SPARK. 

spark absorber 1. See SPARK SUPPRESSOR. 2. 
See KEY-CLICK FILTER. 

spark coil A small induction coil. Its name is de- 
rived from its initial purpose of supplying the 
high voltage for spark plugs in gas engines. 
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spark energy The energy dissipated by an electric 
arc or spark. 

spark gap A device consisting essentially of two 
metal points, tips, or balls that are separated by a 
small air gap. A high voltage applied to the elec- 
trodes causes a spark to jump across the gap. 

sparking distance The maximum separation of 
the electrodes of a spark gap at which a given 
voltage will produce a spark. 

sparking voltage The lowest voltage that will 
cause a spark to jump across a gap of a given 
width. 

spark killer See SPARK SUPPRESSOR. 

sparkover A discharge in air, a vacuum, or a di- 
electric. It is characterized by sparking between 
electrodes in the medium. 

spark plate In some automobile radios, a noise- 
interference-eliminating bypass capacitor in 
which the chassis is one plate. 

spark-plug suppressor A small resistive device 
connected in series with a spark plug to suppress 
electrical noise arising from the ignition in an in- 
ternal combustion engine. 

spark quencher See SPARK SUPPRESSOR. 

spark suppressor A resistor, capacitor, and/or 
diode used to eliminate or minimize sparking be- 
tween make-and-break contacts. 
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spark-suppressor diode See SUPPRESSOR 
DIODE. 

spatial distribution The three-dimensional direc- 
tional pattern of a transducer (such as an an- 
tenna, microphone, or speaker). 

spe 1. Abbreviation of silicon point contact. 2. Ab- 
breviation of silver-plated copper. 

SPDT Abbreviation of SINGLE-POLE/DOUBLE- 
THROW (switch or relay). 

speaker See LOUDSPEAKER. 

speaker damping See DAMPED LOUDSPEAKER. 

speaker-level audio [In a sound reproduction sys- 
tem, radio receiver, or other audio circuit, an au- 
dio-frequency signal of sufficient amplitude to 
drive a speaker or speaker system directly, with- 
out the need for additional amplification. 

speaking arc A method of modulated-light trans- 
mission. An electric arc is modulated by audio- 
frequency signals. 

special character A printed, displayed, or encoded 
character other than a numeral or letter, such as 
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an ampersand (&) or a pound sign (#). Also called 
SYMBOL. 

special effects Various techniques used in film- 
making, computer animation, and videotape 
recording for achieving certain visual scenes or 
images. 

special-purpose computer A computer designed 
to handle problems or be suitable for applications 
of a specific category; a dedicated computer. 

special-purpose calculator An electronic calcula- 
tor intended for essentially “nonmathematical” 
purposes, such as biorhythm data, astrological 
information, metric conversions, musical com- 
posing, etc. 

specific address See ABSOLUTE ADDRESS. 

specification 1. For an electronic device, a state- 
ment of performance over specific parameters. 
Example: for a high-fidelity stereo amplifier, 50 
watts per channel over a frequency range of 10 Hz 
to 30 kHz, with less than 1 percent total har- 
monic distortion. 2. A precise listing of require- 
ments or expectations. 

specific conductivity Conductance per unit vol- 
ume. In SI units, this is expressed in siemens per 
cubic centimeter (S/cm*). 

specific dielectric strength For an insulant, the 
dielectric strength per millimeter of thickness. 

specific gravity Abbreviation, sp gr. The ratio of 
the density of a material to the density of a sub- 
stance accepted as a standard (usually water at 4 
degrees Celsius or 39.2 degrees Fahrenheit). 

specific inductive capacity See DIELECTRIC 
CONSTANT. 

specific resistance See RESISTIVITY. 

specific sound-energy flux See SOUND INTEN- 
SITY. 

spectral comparative pattern recognizer Acro- 
nym, SCEPTRON. Equipment used to classify 
automatically complex signals obtained from 
information that has been converted into electri- 
cal signals. 

spectral density For a complex signal, the amount 
of energy contained within a given band of fre- 
quencies. 

spectral energy distribution The occurrence of 
different amounts of energy in different areas of a 
spectrum (as in a visible-light spectrum, sound 
spectrum, or radio-frequency spectrum). 

spectral response The characteristic of a device, 
such as a photocell or the human eye, that de- 
scribes the device’s sensitivity to radiations of 
various frequencies in a given spectrum. 

spectral sensitivity The color response of a light- 
sensitive device. 

spectrograph A recording SPECTROMETER. 

spectrometer 1. An instrument used to measure 
spectral wavelengths. 2. An instrument used to 
measure the index of refraction. 3. See MASS 
SPECTROMETER. 

spectrophotometer A photoelectric instrument for 
chemical analysis. In the device, light passing 
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through the material under analysis is broken up 
into a spectrum that is examined with a photo- 
electric circuit, which, in turn, plots a spectro- 
gram. 

spectroscope An instrument that resolves a radia- 
tion into its various frequency components and 
permits measurement of each. 

spectrum A band of frequencies or wavelengths 
(e.g., radio spectrum, visible-light spectrum, and 
sound spectrum). 

spectrum analyzer 1. An automatic wave analyzer 
with a visual display (oscilloscope). 2. A scanning 
receiver with a screen that shows a plot of signals 
and their bandwidths over a specific frequency 
band. 
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specularity A qualitative or experimentally derived 
expression of the efficiency with which a 
DIFFRACTION GRATING works. 

specular reflection Reflection in which the re- 
flected ray is in the same plane as the incident 
ray, as in reflection from an extremely smooth 
surface. 

speech amplifier A (usually low-level) audio am- 
plifier designed especially for speech frequencies. 
It is generally used to amplify the signals from a 
microphone. 

speech clipper A device, such as a biased diode, 
(see POSITIVE PEAK CLIPPER) for holding speech 
signals to a constant amplitude. Compare 
SPEECH COMPRESSOR. Also see SPEECH CLIP- 
PING. 

speech clipping The use of a limiting circuit to 
maintain the output-signal amplitude of a speech 
amplifier against fluctuations in the intensity of 
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speech input. The resulting signal requires filter- 
ing to remove harmonics generated by the pro- 
cess. Compare SPEECH COMPRESSION. 

speech compression Automatic regulation of the 
gain of a speech amplifier to maintain its output- 
signal amplitude against speech-input fluctua- 
tions. Compare SPEECH CLIPPING. 

speech compressor A circuit or device, such as an 
automatic-gain-control (agc) system, for perform- 
ing speech compression. Compare SPEECH CLIP- 
PER. To computer 

speech digit signaling A method of digital signal- or robot 
ing, where time slots generally used for encoded 
audio or video are used alternately for signaling. 

speech frequencies See VOICE FREQUENCIES. 

speech intelligibility The quality of reproduced 
speech that makes it easily understood by a rea- 
sonably proficient user of the language. For good 
speech intelligibility, a circuit should transmit 
frequencies between 300 Hz and 3000 Hz with 
minimal distortion. Increased bandwidth im- 
proves fidelity, but does not provide a significant 
increase in intelligibility for normal speech. 

speech inverter See SCRAMBLER CIRCUIT. 

speech power 1. The alternating-current power in 
an electric wave corresponding to speech, as op- 
posed to that in a sine wave. 2. Sound power in a 
speech transmission. 

speech recognition The ability of a device to Pause 
translate audible spoken words, phrases, or sen- inserter 
tences into binary digital signals that can be used 
by machines, such as computers and robots. 

speech recognizer An electronic device that trans- 
lates audible spoken words, phrases, or sen- 
tences into binary digital signals that can be used ; 
by machines, such as computers and robots. Inflection 

speech scrambler See SCRAMBLER CIRCUIT. inserter: 

speech synthesis The ability of a device to trans- 
late binary digital signals from a machine, such 
as a computer or robot, into audible, coherent 
spoken words, phrases, or sentences. 

speech synthesizer An electronic device that 
translates binary digital signals from a machine, 
such as a computer or robot, into audible, coher- 
ent spoken words, phrases, or sentences. 

speed key 1. A semiautomatic key for manual gen- 
eration of Morse code characters. 2. A similar, 
fully automatic key used especially for high- 
speed telegraphy. Optical 

speed of light Symbol, c. The speed at which elec- character 
tromagnetic waves propagate in a vacuum; ap- recognizer 
proximately 299,792 kilometers per second 
(186,282 miles per second). 

speed of sound The speed at which acoustic waves 
propagate. It depends on the nature of the 
medium. In air, at ordinary temperatures, it is 
approximately 344 meters (1129 feet) per second. 
In fresh water, it is approximately 1463 meters 
(4800 feet) per second. 

speed of transmission The amount of data sent in 
a given unit of time. It is generally measured in speech synthesizer 
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bits per second (bps), characters per second (cps), 
characters per minute (cpm), or words per minute 
(wpm). It is used primarily for digital codes. 

speedup capacitor See COMMUTATING CAPACI- 
TOR. 


SPFW Abbreviation of SINGLE-PHASE FULL-WAVE. 

sp gr Abbreviation of SPECIFIC GRAVITY. 

sphere 1. A closed surface in three-dimensional 
space, represented by the set of all points 
equidistant from a specified center point. 2. A 
solid in three-dimensional space, represented by 
the set of all points on or within a closed surface, 
as defined in 1. 

sphere gap A spark gap in which the spark passes 
between two polished metal spheres. When the 
air gap is adjustable, unknown high voltages can 
be measured in terms of the largest gap width at 
which sparking occurs. Compare NEEDLE GAP. 

sphere-gap voltmeter See SPHERE VOLTMETER. 

sphere voltmeter A gap voltmeter using a SPHERE 
GAP. 

spherical aberration Ina spherical lens, mirror, or 
reflecting dish, distortion as a result of the spher- 
ical (as opposed to paraboloidal) shape of the sur- 
face. This causes the focus to be elongated into a 
short line segment along the principal axis. 

spherical angle An angle formed by the intersec- 
tion of two arcs on the surface of a sphere. 

spherical coordinate geometry A scheme for 
guiding a robot arm in three dimensions via 
SPHERICAL COORDINATES. The length (radius) 
of the arm can be varied, as can the elevation (lat- 
itude) and azimuth (longitude). 

spherical coordinates A method of defining a 
point (P) in three-space using two angles (latitude 
and longitude) and a radial distance (7) from the 
origin. 

spherical degree A unit equal to “20 of the surface 
area of a sphere. 

spherical distance The length of the shortest arc 
(lying on a great circle) connecting two specified 
points on a sphere. 

spherical divergence The manner in which energy 
normally propagates from a fixed point source in 
three dimensions. Wavefronts expand from the 
source in the form of spheres, whose centers are 
at the point source. 

spherical reflector A microwave reflector (dish) 
whose contour is that of a sphere, rather than 
that of a paraboloid. 

spherical wave A wave characterized by wave- 
fronts that are concentric spheres. 

spheroidal antenna A sheetmetal or wire-mesh 
antenna having the cross section of a sphere that 
is flattened at the ends of one axis. 

SPHW Abbreviation of SINGLE-PHASE HALF-WAVE. 

spider 1. The flat, round, springy part that holds the 
apex of the vibrating cone of a dynamic speaker. 
2. A quickly assembled, chassisless hookup in 
which the pigtails of components form the wiring 
and the mechanical support for a circuit. 
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spiderweb antenna A set of dipole antennas for 
different frequencies, arranged in a common 
(usually horizontal) plane. The result is a broad- 
band antenna. 


Radiators 


Radiators 
Feed line 


spiderweb antenna 


spiderweb coil A flat, single-layer coil in which a 
strand of wire is woven over and under the 
spokes of a wheel-like form, and having the gen- 
eral appearance of a spiderweb. The criss-cross 
winding reduces distributed capacitance by 
breaking up the parallelism of adjacent turns. 

spike 1. A current or voltage pulse of extremely 
short duration. 2. A sharp transient, such as an 
overshoot on a pulse or square wave. 

spike suppressor A clipper or similar device for re- 
moving a spike from a signal voltage. 

spin A quantity of angular momentum possessed 
by a subatomic particle. It can be positive, nega- 
tive, or zero, but it always exists in integral mul- 
tiples of 7. 

spindle 1. The pivoted shaft that carries the mov- 
able element and rotates between the pivots in a 
meter movement. 2. The rotor of an alternator— 
especially when the rotor is a permanent magnet. 
3. The rotating shaft in a motor, generator, or 
similar electric machine. 

spinning electron An electron having nonzero an- 
gular momentum. 

spinthariscope An optical device for observing the 
effect of alpha particles emitted by a radioactive 
substance, from the scintillations they produce 
upon striking a small, fluorescent screen. 

spiral coil See DISK WINDING. 

spiral distortion A form of television camera-tube 
distortion caused by spiraling of the electrons as 
they are emitted from the photocathode. The re- 
sult is a twisted image. 
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spiral-rod oscillator A parallel-line-type oscillator 
in which the lines are rods that are rolled up into 
spirals to conserve space. Also see LINE-TYPE 
OSCILLATOR. 

spiral sweep 1. A means of sweeping the electron 
beam in a cathode-ray tube to produce a spiral 
trace on the screen. 2. The circuit for producing 
such a sweep. 

spiral trace See SPIRAL SWEEP. 

spiral winding See DISK WINDING. 

spkr Abbreviation of speaker (see LOUDSPEAKER). 

splatter See SIDEBAND SPLATTER. 

splatter-suppression filter In an amplitude-mod- 
ulated (AM) or single-sideband (SSB) radio trans- 
mitter, a low-pass filter inserted between the 
output of the audio amplifier and the audio input 
of the modulator. It suppresses high-frequency 
audio components that would otherwise cause 
sideband splatter. 

splaying The construction of a room or auditorium 
so that the walls do not meet at right angles. It is 
useful in optimizing the acoustic characteristics 
of the enclosure because it tends to reduce 
acoustic resonant effects. 

splice 1. A physical or electrical connection be- 
tween two wires, made by tightly winding the 
ends together. Solder is often applied for addi- 
tional mechanical strength and electrical conti- 
nuity. 2. A physical connection between two 
lengths of magnetic tape, made in such a way as 
to cause minimal disturbance in reproduced au- 
dio, video, or data. 3. To prepare a joint, as de- 
fined in 1 or 2. 

splicer A device for making a SPLICE. 

splicing block A device specifically designed to fa- 
cilitate easy splicing of audio, video, or digital 
magnetic tape. 

splicing tape A durable, flexible adhesive designed 
to hold a magnetic-tape splice together. 

spline-based modeling In video animation and ad- 
vanced computer graphics, a scheme that uses 
curve-generating formulas (e.g., Bezier curves) to 
create lifelike images. 

split-anode magnetron A magnetron in which the 
plate (anode) consists of two semicylinders with 
the cathode at their axis. 


Envelope 


One-half 
anode 


One-half 
anode 


(Magnet not shown) 


Cathode 


split-anode magnetron 
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split-load phase inverter See PARAPHASE IN- 
VERTER. 

split-phase motor A fractional-horsepower, alter- 
nating-current motor that starts like a two-phase 
motor and runs like a single-phase motor. After 
the machine approaches approximately 75 per- 
cent of full speed, a centrifugal switch cuts out 
the starting winding. 

split projector An acoustic transmission device 
with several independently operated transducers. 

split-reed vibrator See SELF-RECTIFYING VIBRA- 
TOR. 

split-rotor plate See SERRATED ROTOR PLATE. 

split-stator capacitor A variable capacitor having 
two separate stator sections and a common rotor 
section. 

split-sound receiver A television receiver circuit in 
which the sound signal is separated from the 
composite signal shortly after pickup by the an- 
tenna, and is amplified separately from the video 
signal. Compare INTERCARRIER RECEIVER. 

splitter A device used to couple two or more televi- 
sion receivers to a single antenna. 

spool See REEL. 

sporadic-E layer ionization Occasional, scattered 
ionization in the E-layer of the ionosphere. 

sporadic-E propagation At certain radio frequen- 
cies, the long-distance propagation of electro- 
magnetic (EM) waves via the E layer of the 
ionosphere. This layer exists at an altitude of ap- 
proximately 50 miles (80 km) above sea level. This 
mode of propagation tends to be intermittent, and 
conditions can change rapidly. It is most likely to 
occur between 20 MHz and 150 MHz. Occasion- 
ally, it is observed at frequencies as high as 200 
MHz. The propagation range is normally several 
hundred miles, but occasionally can occur over 
distances of 1,000 to 1,500 miles. The standard 
frequency modulation (FM) broadcast band is 
sometimes affected by this propagation. The 
same is true of the lowest television (TV) broad- 
cast channels, especially channels 2 and 3. See 
IONOSPHERE. 

SPOT Abbreviation of satellite position and tracking. 

spot brightness In a cathode-ray tube, the relative 
brilliance of the glowing dot or trace produced on 
the screen by the electron beam. 

spot check 1. To take a random sample or to make 
a random test by arbitrarily selecting a single item 
from a run of similar items and subjecting it to 
analysis, examination, performance, or paramet- 
ric evaluation, etc. 2. A random sample or test. 

spot frequency 1. A single frequency or signal to 
which other frequencies can be referred. 2. A fre- 
quency or signal that acts as a limit marker (e.g., to 
define the edges of an allocated frequency band). 

spot jamming Deliberate interference to a radio sig- 
nal at some frequency and at some specific time. 

spot modulation In a cathode-ray tube, modula- 
tion of the brightness of the spot (and, accord- 
ingly, of the image) produced on the screen by the 
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electron beam. Also see INTENSITY MODULA- 
TION. 

spot welding A method of electrical welding in 
which the parts to be joined are held together, 
overlapping, between the points of two electrodes, 
between which a current is passed to heat the 
parts at the spot of contact. 

spot-wheel pattern A frequency-identifying wheel 
pattern produced on an oscilloscope screen by in- 
tensity-modulating a circular trace. The circular 
trace is produced by applying a_ standard- 
frequency signal to the horizontal and vertical input 
terminals 90 degrees out of phase. A square-wave 
signal of unknown frequency is applied to the in- 
tensity-modulation (z-axis) input terminals. The 
square wave chops the circle into a number of 
bright sectors or spots. The unknown frequency 
(fx) equals Nfs, where N is the number of spots in 
the circle, and fs is the standard frequency. Com- 
pare GEAR-WHEEL PATTERN. 

sprat Acronym for small portable radar torch. A 
portable radar unit that uses a Gunn diode to 
generate microwave energy. The range is about 
500 meters (% mile). 

spray coating 1. Applying a protective coat of in- 
sulating material to a conductor or component by 
spraying it with a liquid substance and allowing it 
to dry. Compare DIP COATING. 2. The coat ap- 
plied, as defined in 1. 

spreader 1. An insulator used to separate the 
wires of an air-spaced transmission line. 2. Any 
of the rods composing the supporting structure in 
a cubical quad antenna. 

spreading current In a semiconductor, current 
caused by the movement of charge carriers by cir- 
cuitous routes, that is, in paths that deviate sig- 
nificantly from straight lines. 

spreading loss Energy lost during the transmis- 
sion of radiation. 

spreading resistance In a semiconductor device, 
the resistance that is a consequence of electrical 
paths through material that is not along straight 
lines between electrodes. 

spread spectrum 1. A method of transmission in 
which the occupied bandwidth of the signal is de- 
liberately increased, or spread out, over a much 
wider range than it would normally occupy with 
conventional modulation. 2. A signal transmit- 
ted, as defined in 1. 

spring coil See SOLENOID, 1. 

spring contact See FLEXIBLE CONTACT. 

sprite In video and animated computer graphics, a 
brief insert, such as a little insect that scurries 
across the screen, or a face that pops in and 
smiles. It is used primarily for effect. 

SPST Abbreviation of SINGLE-POLE/SINGLE- 
THROW (switch or relay). 

spurious emission From a radio or television 
transmitter, an unintended and unwanted 
output signal on a frequency other than the 
fundamental signal frequency. It can be 
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generated by faulty modulation, amplification, 
and/or oscillation. 

spurious oscillation 1. Oscillation in a normally 
nonoscillatory circuit. 2. In an oscillator, simulta- 
neous oscillation at a frequency other than the 
normal one. 

spurious response In a communications receiver, 
a signal that appears to be on a certain fre- 
quency, when, in fact, the received signal is not 
on that frequency. It often results from inade- 
quate image rejection. 

spurious-response ratio The ratio of the transmis- 
sion (or gain) of a circuit of a desired signal to its 
transmission (or gain) for a spurious signal at the 
same setting of the circuit (e.g., signal-to-image 
ratio). 

spurious sidebands In an amplitude-modulated 
(AM) or single-sideband (SSB) radio signal, side- 
band energy at frequencies outside the nominal 
signal band, usually resulting from improper 
modulation, inadequate filtering, improper enve- 
lope clipping, or nonlinear amplification. 

Sputnik The first orbiting artificial earth satellite. 
It was launched by Russia (then known as the 
Union of Soviet Socialist Republics) in 1957. 

sputter 1. A layer of material obtained by sputter- 
ing (see SPUTTERING, 1). 2. To carry out the pro- 
cess of sputtering (see SPUTTERING, 1). 

sputtering 1. A technique for electrically deposit- 
ing a film of metal on a metallic or nonmetallic 
surface. In a vacuum chamber, the piece of metal 
to be deposited is made the cathode of a high- 
voltage circuit, with respect to a nearby anode 
plate. The high voltage causes atoms to be ejected 
from the surface of the cathode and strike the 
surface of an object placed in their path, becom- 
ing deposited on it as a film of cathode metal. 
Compare EVAPORATION, 1. 2. The disintegration 
of a vacuum-tube cathode through ejection of 
surface atoms from the cathode by impinging 
positive ions. 

sq Abbreviation of SQUARE. 

Sg band A section of the S BAND, from 2400 to 
2600 MHz. 

SQC Abbreviation of STATISTICAL QUALITY CON- 
TROL. 

SQR_ 1. Abbreviation of SQUARE ROOTER. 2. In 
the BASIC computer-programming language, a 
function that computes the square root of a posi- 
tive number. 

Squad See SIMPLE QUAD. 

square-law demodulator See SQUARE-LAW DE- 
TECTOR. 

square-law detector A detector whose output is 
proportional to the square of the root-mean- 
square (rms) value of the input. Also called 
WEAK-SIGNAL DETECTOR. 

square-law meter 1. A meter whose deflection is 
proportional to the square of the quantity applied 
to it. Also see CURRENT-SQUARED METER. 2. A 
high-impedance electronic voltmeter, whose 
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deflection is proportional to the square of the ap- 
plied voltage. 

square-law modulator A circuit or device that ac- 
complishes amplitude modulation of one signal 
current by another, by simultaneously passing 
the two currents through a component, such as a 
nonlinear resistor, having a square-law response. 

square-law response Circuit or component opera- 
tion that results in an output signal, proportional 
to the square of the input. 

square rooter An analog or digital device used to 
extract the square root of a number. 

square wave An alternating or pulsating current or 
voltage whose rise and decay times are essentially 
zero, and whose maxima and minima are essen- 
tially flat. The duration of the maxima is equal to 
the duration of the minima. A special form of 
RECTANGULAR WAVE. 

square-wave amplifier An amplifier designed to 
operate with square waves. 


square wave 


square-wave converter See SQUARING CIRCUIT. 

square-wave generator A signal generator deliver- 
ing an output signal that has a square waveform. 
Compare SQUARING CIRCUIT, 1. 

square-wave testing Testing the response of a cir- 
cuit or device, such as an amplifier, by observing 
the extent to which it distorts a square-wave 
signal passing through it (a measure of high- 
frequency response). 

squaring circuit 1. A circuit (such as a twin-diode 
clipper, overdriven amplifier, or Schmitt trigger) 
that converts a sine wave or pulse into a square 
wave. 2. A circuit whose instantaneous output- 
signal amplitude is equal to the square of the in- 
stantaneous input-signal amplitude. 

squarish wave 1. A signal whose oscilloscope trace 
is nearly, but not exactly, the same as that of a 
square wave. 2. A rectangular wave that is not a 
square wave; that is, whose maxima and minima 
are not of the same duration. See RECTANGULAR 
WAVE and SQUARE WAVE. 

squawker 1. In a three-way speaker system, the 
midrange speaker. 2. Any slave station in a mul- 
tistation intercom network. 

squeal A high-pitched interferential sound, such 
as that encountered in spuriously oscillating sys- 
tems. 

squeezeout In optical character recognition (OCR), 
a condition in which errors occur because the 
printed characters have excessive ink at the 
edges. Also called smudge. 
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squegging A choking-type cutoff action in a circuit 
caused by an excessively strong signal. 

squegging oscillator An oscillator that starts and 
stops oscillating intermittently as a result of 
SQUEGGING. 

squelch See SQUELCH CIRCUIT. 

squelch amplifier An amplifier that can be con- 
trolled by a squelch signal. Also see SQUELCH 
CIRCUIT. 

squelch circuit One of several circuits that auto- 
matically disable a receiver or amplifier, except 
when incoming signals exceed a predetermined 
threshold amplitude. This action mutes the 
equipment, eliminating annoying background 
noise and unwanted signals. Also called MUTING 
CIRCUIT. 

squelch signal The activating or deactivating sig- 
nal delivered by a SQUELCH CIRCUIT. 

squiggle See BLIP, 2. 

squint 1. The angular resolution of a radar an- 
tenna. 2. The angular difference between the 
antenna axis and the major lobe of a radar trans- 
mitter. 

squirrel-cage induction motor See SQUIRREL- 
CAGE MOTOR. 

squirrel-cage motor An induction-type alternat- 
ing-current motor using a squirrel-cage rotor. 

squirrel-cage rotor In an alternating-current mo- 
tor, a rotor composed of straight copper bars 
embedded in a laminated soft-iron core and 
short-circuited at the ends by rings. Its name is 
derived from its resemblance to a revolving squir- 
rel cage. 

squirter See SIGNAL INJECTOR. 

SR_ 1. Abbreviation of SILICON RECTIFIER. 2. Ab- 
breviation of silicone rubber (see SILICONE). 
3. Abbreviation of SHIFT REGISTER. 

S-R Abbreviation of SEND-RECEIVE. 

Sr Symbol for STRONTIUM. 

sr Abbreviation of STERADIAN. 

SRAM Abbreviation of static random-access mem- 
ory. 

S-rays See SECONDARY RAYS. 

SRF Abbreviation of SELF-RESONANT  FRE- 
QUENCY. 

S-RF meter A dual-function meter in a radio 
transceiver. In the receiving mode, the meter in- 
dicates S units. In the transmit mode, the meter 
indicates relative output power. 

SRR Abbreviation of SHORT-RANGE RADAR. 

SS 1. Abbreviation of SOLID STATE. 2. Abbrevia- 
tion of SINGLE SHOT. 3. Abbreviation of small 
signal. 4. Abbreviation of SINGLE SIGNAL. 5. Ab- 
breviation of same size. 6. Abbreviation of stain- 
less steel. 

SSB Abbreviation of SINGLE SIDEBAND. 

Ss band A section of the S BAND extending from 
2900 to 3100 MHz. 

SSBSC Abbreviation of SINGLE-SIDEBAND SUP- 
PRESSED CARRIER. 

ssc Abbreviation of single-silk-covered (wire). 
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S scale A scale of numbers used in radio commu- 
nications, and especially in amateur radio, to re- 
port the approximate strength of signals: S1, 
faint signals; S2, very weak signals; S3, weak sig- 
nals; S4, fair signals; S5, fairly good signals; S6, 
good signals; S7, moderately strong signals; S8, 
strong signals; S9, extremely strong signals. Also 
see S METER. 

sse Abbreviation of single-silk-enameled (wire). 

SSI Abbreviation of SMALL-SCALE INTEGRATION. 

SSL Abbreviation of SOLID-STATE LAMP. 

SSSC Abbreviation of SINGLE-SIDEBAND SUP- 
PRESSED CARRIER. (Also, SSBSC.) 

ST Abbreviation of SINGLE THROW. 

sta 1. Abbreviation of STATION. (Also stn.) 2. Ab- 
breviation of STATIONARY. 

stab Abbreviated form of stabilizer (see STABI- 
LIZER, 4). 

stability 1. The condition in which an equipment 
or device is able to maintain a particular mode of 
operation without deviation. 2. The condition in 
which the setting or adjustment of a device re- 
mains at a particular point without movement. 
3. The condition in which a quantity remains 
constant, with respect to time, temperature, or 
another variable. 4. The ability of inks used in op- 
tical character recognition to retain their color 
after exposure to light or heat. 

stability factor Abbreviation, SF. For a bipolar 
transistor, the derivative dI,/dI,., where I, is the 
steady-state collector current and [,,. is the collec- 
tor cutoff current. 

stabilized platform See STABLE PLATFORM. 

stabilizer 1. See DAMPING DIODE. 2. See DAMP- 
ING RESISTOR. 3. A device or circuit for the self- 
regulation of current or voltage. 4. A chemical 
used to control or arrest a reaction. 

stabilizing windings Auxiliary field windings used 
to prevent speed runaway in shunt motors. 

Stabistor Trade name for a type of voltage-regulat- 
ing semiconductor diode. 

stable device A device whose characteristics and 
performance remain substantially unchanged 
with time or variations in temperature, applied 
power, or other quantities. 

stable element 1. A component that maintains its 
value or ratings, despite widely variable environ- 
mental conditions. 2. A navigational instrument 
that maintains its orientation at all times. 

stable platform A _ gyro-type device used to 
stabilize objects in space, and to provide accurate 
information regarding attitude (pitch, roll, and 
yaw). 

stable state A stable condition, such as the high 
and low states of a flip-flop. The flip-flop has two 
stable states and will remain in one until it is 
switched to the other, whereupon it will then re- 
main in that latter state until switched back to 
the former. Compare UNSTABLE STATE. 

stack 1. A piled assembly of capacitor plates and 
separating dielectric films. 2. An assembly of 


5059F-pS-607-670 4/10/01 9:47 AM Page 652 cp 


selenium rectifier plates (see POWER STACK). 
3. To assemble a stacked array. 4. A temporary 
storage area consisting of a small group of regis- 
ters in a computer memory. 

stacked array An antenna system in which two or 
more identical antennas, such as dipoles, Yagis, 
or halos, are placed one above the other or side- 
by-side. It provides additional forward gain, and, 
in some cases, enhances the front-to-back ratio 
and/or front-to-side ratio. 


stacked array 


stacked-dipole antenna A stacked array of half- 
wave dipole antennas. 

stacking The combination of two or more identical 
antennas, such as dipoles, Yagis, or halos, in a 
STACKED ARRAY to provide enhanced forward 
gain. It can also enhance the front-to-back ratio 
and/or front-to-side ratio. Stacking can be done 
vertically or horizontally. 

stack pointer Abbreviation, SP. A register indicat- 
ing the last data item to be entered in a stack (see 
STACK, 4). 

stage A complete functional unit of a system (e.g., 
amplifier stage, oscillator stage, modulator stage, 
etc.). 

stage-by-stage elimination See SIGNAL INJEC- 
TION. 

stage gain The amplification provided by a single 
stage in a system. 

stage loss The loss introduced by a single stage in 
a system. 

stagger 1. An error in facsimile reception, occur- 
ring as a constant discrepancy in the position of 
the received dot. 2. To deliberately tune a set of 
resonant circuits, especially in a bandpass filter, 
to one side or the other of the center frequency. 

staggered tuning The tuning of the input and out- 
put circuits of a single stage, or the tuning of 
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successive stages to slightly different frequencies 
to obtain flat-top response. 

stagger tuning See STAGGERED TUNING. 

stagger-wound coil See BASKET-WEAVE COIL 
and SPIDERWEB COIL. 

staircase circuit See STAIR-STEP CIRCUIT. 

staircase generator A circuit or device for generat- 
ing a STAIR-STEP WAVE. 

staircase wave See STAIR-STEP WAVE. 

stair-step circuit A circuit that converts a series of 
equal-amplitude pulses into a stair-step wave. 

stair-step wave A nonsinusoidal wave character- 
ized by a multistep rise and a steep fall. It is so 
called from its resemblance to the cross section of 
a staircase. 


stair-step wave 


stall torque The torque produced when a motor 
shaft is prevented from turning. 

stalo Acronym for stabilized oscillator. 

stand-alone photovoltaic system A solar-power 
plant that uses large banks of rechargeable elec- 
trochemical batteries, such as the lead-acid type, 
to store electric energy as it is supplied by photo- 
voltaics during hours of bright sunshine. The en- 
ergy is released by the batteries at night or in 
gloomy daytime weather. This system does not 
depend on the electric utility companies. Al- 
though this scheme offers independence from the 
utility companies, a blackout will occur if the sys- 
tem goes down. Compare INTERACTIVE PHOTO- 
VOLTAIC SYSTEM. 

standard 1. A precise specification governing the 
dimensions and characteristics of a device or sys- 
tem (e.g., military standard). 2. A highly accurate 
physical or electrical quantity to which similar 
quantities can be compared (e.g., standard fre- 
quency). 3. The device or system that produces a 
standard quantity as defined in 2 (e.g., frequency 
standard). 4. Having conventional and widely ac- 
cepted characteristics. 

standard atmosphere Abbreviation, atm. Air pres- 
sure at sea level (1.013 Pascals, or about 14.7 
pounds per square inch). Also called ATMO- 
SPHERE. 

standard broadcast band Any of numerous fre- 
quency bands allocated to conventional broad- 
cast stations. In the United States, the 
amplitude-modulation (AM) radio broadcast band 
extends from 535 to 1705 kHz, and the fre- 
quency-modulation (FM) radio broadcast band 
extends from 88 to 108 MHz. The television (TV) 
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broadcast bands range from 54 MHz to 806 MHz 
in several sections, designated in channels from 2 
through 69. Also see BROADCAST SERVICE, 1. 

standard candle See CANDELA. 

standard cell A highly refined primary cell used 
to supply a precise direct-current voltage for 
electronic measurements. The Weston standard 
cell contains a mercury positive electrode, cad- 
mium amalgam negative electrode, and cad- 
mium sulfate electrolyte, and delivers 1.0183 
volts at 20 degrees Celsius. Also see ZINC 
STANDARD CELL. 
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standard deviation In statistical analysis, the 
square root of the mean of squares of deviation 
from the mean. 

standard frequency A highly precise frequency to 
which other frequencies can be compared for 
identification or measurement. 

standard-frequency oscillator A stable, precise 
oscillator that delivers a standard frequency. Also 
see PRIMARY FREQUENCY STANDARD and 
SECONDARY FREQUENCY STANDARD. 

standard-frequency signal A calibration and ref- 
erence signal that is broadcast on a standard fre- 
quency, such as those transmitted on 2.5, 5, 10, 
and 15 MHz by the National Bureau of Stan- 
dards. 

standard pitch The tone corresponding to the 
frequency 440 Hz (in music, the note A above 
middle C). 

standard signal generator A (usually continu- 
ously variable) high-grade generator of modu- 
lated and unmodulated radio-frequency test 
signals. A general-purpose instrument of this 
type usually covers a wide range (e.g., 15 kHz to 
100 MHz) in several tuning bands. For calibra- 
tion, a standard signal generator is referred to a 
primary frequency standard or secondary fre- 
quency standard. 
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standard subroutine A usually vendor-supplied 
computer program segment applicable to more 
than one program and used as needed as a sub- 
routine. 

standard temperature and pressure The condi- 
tion where the temperature is zero degrees Cel- 
sius and the pressure is one atmosphere. 
Abbreviated STP. 

standard time Official civil time in a particular re- 
gion. See TIME ZONE. 

standby 1. The state in which equipment is out of 
operation, but can be immediately activated. Also 
called IDLING. 2. A state of readiness on the part 
of personnel, equipment, or systems. 

standby battery An emergency power source for a 
battery-powered installation. 

standby current The CURRENT DRAIN of a cir- 
cuit, device, or system when in the standby con- 
dition. 

standby equipment See EMERGENCY EQUIP- 
MENT. 

standby operation Keep-alive operation during a 
standby interval (see STANDBY). 

standby power The power drawn by an equipment 
connected to the power supply, but out of opera- 
tion. 

standby power supply A circuit containing a bat- 
tery, an automatic switch, and sometimes a 
power inverter. When utility power fails, the 
switch actuates the supply, and the battery sup- 
plies power to essential devices or systems. Simi- 
lar to an UNINTERRUPTIBLE POWER SUPPLY. 

standing wave A stationary distribution of current 
or voltage along a line because of the interactions 
between a wave transmitted down the line and a 
wave reflected back; it is characterized by maxi- 
mum-amplitude points (loops) and minimum- 
amplitude or zero points (nodes). 


Voltage standing waves 


Feed line 


standing wave 


standing-wave distortion Distortion of current or 
voltage caused by standing waves on a transmis- 
sion line terminated in an impedance that con- 
tains reactance, and/or that differs from the 
characteristic impedance of the line. 

standing-wave indicator 1. A device, such as a 
lamp or meter, used to detect standing waves. 
2. Standing-wave meter (see SWR BRIDGE). 

standing-wave loss The additional loss, over the 
matched-line loss, that occurs in a transmission 
line when the standing-wave ratio (SWR) is not 1. 
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standing-wave meter See SWR BRIDGE. 

standing-wave ratio Abbreviation, SWR. 1. The 
ratio between the maximum and minimum volt- 
age along a transmission line. This quantity is 
sometimes specifically called voltage standing- 
wave ratio (VSWR). 2. The ratio between the 
maximum and minimum current along a 
transmission line. 3. The ratio of load impedance 
to feed-line characteristic impedance or vice 
versa, whichever is greater than or equal to 1. 
Ideally, the SWR is equal to 1 or 1:1, representing 
a load impedance that is purely resistive and has 
the same value as the characteristic impedance of 
the feed line. A high standing-wave ratio causes 
increased loss in the line and can also result in 
excessive conductor heating or dielectric break- 
down. 

standoff insulator An insulator (usually of the 
post type) that is used to hold a wire or compo- 
nent away from a chassis or base. 

star 1. In a gravity-battery cell, the copper elec- 
trode. The name is derived from its star shape. 
2. A star-shaped circuit of three-phase compo- 
nents. Also see WYE CONNECTION. 

star connection See WYE CONNECTION. 

Stark effect The influence of a strong transverse 
electric field on the spectrum lines of a gas. 

starlight scope A device capable of viewing in ap- 
parent total darkness. Its operation depends on 
its ability to provide high amplification of ex- 
tremely low light levels, such as that of objects re- 
flecting the light from a moonless, but starlit, sky. 

star rectifier See WYE RECTIFIER. 

starter 1. An ignitor electrode in an ignitron (see 
IGNITOR). 2. See STARTING BOX. 

starting box A special rheostat for starting a motor 
gradually in steps. The device is provided with an 
electromagnet for holding the arm in the maxi- 
mum_-speed position and releasing it when power 
is interrupted. 

starting rod An ignitor electrode in an ignitron (see 
IGNITOR). 

starting voltage 1. For a gas tube, the minimum 
voltage that will initiate the glow discharge. 2. In 
appropriate solid-state devices (e.g., a diac), the 
voltage at which conduction between electrodes 
occurs. 

start lead The lead attached to the first turn of a coil. 
Also called inside lead. Compare FINISH LEAD. 


start/stop. multivibrator See MONOSTABLE 
MULTIVIBRATOR. 
stat- A prefix denoting ELECTROSTATIC. 


statampere The cgs electrostatic unit of current; 
1 statampere = 3.335640 x 10-!° ampere. 

statcoulomb The cgs electrostatic unit of charge; 
1 statcoulomb = 3.335640 x 10-!° coulomb. 

state 1. The present condition (i.e., on or off, true 
or false, 1 or O, high or low) of a bistable device, 
such as a flip-flop. 2. The physical or electrial 
condition or status of a component, device, 
circuit, or system. 
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statement The contents of a line in a source- 
language computer program. 

state of charge The amount of charge, measured 
in coulombs or ampere hours, in a storage cell or 
battery at a given time. A measure of the available 
remaining energy in the cell or battery. 

statfarad The cgs electrostatic unit of capacitance; 
1 statfarad = 1.112650 x 10°)? farad. 

stathenry The cgs electrostatic unit of inductance; 
1 stathenry = 8.987554 x 101! henry. 

static 1. Pertaining to that which is constant in 
quantity (e.g., static collector current of a transis- 
tor). 2. Pertaining to that which is at rest (e.g., 
static electricity). 3. The radio noise (sferics) pro- 
duced by electric discharges in the atmosphere, 
usually lightning. 4. Pertaining to a test-and- 
measurement mode for a unit or device, without 
subjecting the unit or device to regular operation. 
Compare DYNAMIC. 

static base current See DC BASE CURRENT. 

static base resistance See DC BASE RESIS- 
TANCE. 

static base voltage See DC BASE VOLTAGE. 

static cathode current See DC CATHODE CUR- 
RENT. 

static cathode resistance See DC CATHODE RE- 
SISTANCE. 

static cathode voltage See DC CATHODE VOL- 
TAGE. 

static characteristic An operating characteristic 
determined from constant, rather than alternat- 
ing or fluctuating, values of independent and de- 
pendent variables. Examples: the direct-current 
(dc) characteristics of diodes, transistors, and in- 
tegrated circuits. Compare DYNAMIC CHARAC- 
TERISTIC. 

static charge Energy stored in a stationary electric 
field; electricity at rest. 

static collector A device that grounds the rotating 
wheels of a motor vehicle, thereby removing the 
static electricity generated by the friction of the 
tires on the roadway. 

static collector current See DC COLLECTOR 
CURRENT. 

static collector resistance See DC COLLECTOR 
RESISTANCE. 

static collector voltage See DC COLLECTOR 
VOLTAGE. 

static convergence In a color-television picture 
tube, the convergence of the three undeflected 
electron beams at the center of the aperture 
mask. 

static device A device with no moving parts. 

static discharge resistor A fixed resistor con- 
nected between the earth and the high side of the 
power line in a television receiver to drain off at- 
mospheric electric charge. 

static drain current See DC DRAIN CURRENT. 

static drain resistance See DC DRAIN RESIS- 
TANCE. 

static drain voltage See DC DRAIN VOLTAGE. 
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static dump In computer operations, a dump oc- 
curring at a predetermined point in a program 
run or at the end of the run. 

static electricity Energy in the form of a station- 
ary electric charge, such as that stored in capac- 
itors or produced by friction or induction. 

static emitter current See DC EMITTER CUR- 
RENT. 

static emitter resistance See DC EMITTER RE- 
SISTANCE. 

static emitter voltage See DC EMITTER VOLTAGE. 

static flip-flop A flip-flop (see BISTABLE MULTIVI- 
BRATOR) using direct-current operating voltages. 
A single pulse switches the unit from on to off, 
and vice versa. Compare DYNAMIC FLIP-FLOP. 

static forward current transfer ratio Symbol, 
Hyg. An expression of gain in a bipolar transistor. 
It can range from a factor of just a few times up to 
hundreds of times. Mathematically, 


Are = Ic/Ig 


where Ic is the collector current and Ip is the base 
current. The Hpg rating is important because it 
gives engineers an indication of the greatest cur- 
rent amplification that can be obtained with a 
particular transistor. 

static frequency multiplier A magnetic-core de- 
vice, similar to a magnetic amplifier or peaking 
transformer, that provides harmonics by distort- 
ing a sine-wave signal. 

static gate current See DC GATE CURRENT. 

static gate resistance See DC GATE RESISTANCE. 

static gate voltage See DC GATE VOLTAGE. 

static grid current See DC GRID CURRENT. 

static grid voltage See DC GRID VOLTAGE. 

static hysteresis The condition in which the mag- 
netization of a material (when it has the same in- 
tensity as the magnetizing force) is different when 
the force is increasing than when the force is de- 
creasing, regardless of the time lag. Compare 
VISCOUS HYSTERESIS. 

static induction See ELECTROSTATIC INDUC- 
TION. 

static machine See ELECTROSTATIC GENERA- 
TOR. 

static memory Also called nonvolatile memory. In 
a computer, a data memory medium (such as 
programmable read-only memory, or PROM) in 
which information is stored until it is altered or 
erased. It does not require a source of power to 
maintain the integrity of the data. Compare 
VOLATILE MEMORY. 

static mutual conductance See STATIC TRANS- 
CONDUCTANCE. 

static plate current See DC PLATE CURRENT. 

static plate resistance See DC PLATE RESIS- 
TANCE. 

static plate voltage See DC PLATE VOLTAGE. 

statics The study of forces, bodies, poles, charges, 
or fields at rest or in equilibrium. Compare 
DYNAMICS. 
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static skew In magnetic tape recording or play- 
back, the amount of lead or lag time of one track, 
with respect to another. Ideally, the static skew 
should be zero or practically zero. 

static source current See DC SOURCE CURRENT. 

static source resistance See DC SOURCE RESIS- 
TANCE. 

static source voltage See DC SOURCE VOLTAGE. 

static storage Also called nonvolatile storage. Ina 
computer, a data storage medium (such as mag- 
netic or optical disk) in which information is 
stored until it is altered or erased. It does not re- 
quire a source of power to maintain the integrity 
of the data. Virtually all data storage media are of 
this type, as contrasted with memory, which is of- 
ten volatile (see STATIC MEMORY and VOLATILE 
MEMORY). 

static stability The ability of a robot to maintain 
its balance while standing still. A robot with two 
legs is generally poor in this respect. This is one 
of the reasons why humanoid robots (androids) 
are difficult to engineer. A minimum of three legs 
is necessary for good static stability. 

static subroutine In computer programming, a 
subroutine that always serves the same purpose 
[i.e., it does not need to be tailored (according to 
parameters) for a specific application]. 

station 1. An installation consisting of a transmit- 
ter, receiver, or both. 2. A test-equipment instal- 
lation or position. 3. A computer installation 
including peripherals. 

stationary battery A (usually wet storage) battery 
not normally moved when in use. 

stationary state A particular energy state for an 
atom represented by its electrons being in shells 
at specific energy levels. 

stationary wave See STANDING WAVE. 

station authorization The legal privilege assigned 
to a broadcast or communications station, allow- 
ing that station to be used for the purpose of 
transmitting electromagnetic signals. 

station license See STATION AUTHORIZATION. 

statistical quality control Quality control based 
upon the techniques of probability and statistics 
in analyzing findings, making predictions, and 
formulating procedures for sampling. 

statmho The cgs electrostatic unit of direct- 
current conductance; 1 statmho = 1.112650 x 
107! siemens. 

statoersted The cgs electrostatic unit of mag- 
netizing force; 1 statoersted = 265.458 A/m 
(3.33585 x 107}! oersted). 

statohm The cgs electrostatic unit of direct-current 
resistance; 1 statohm = 8.987554 x 10!! ohm. 

stator 1. A stationary coil. Compare ROTOR, 1. 2. 
The stationary member of a motor or generator. 
Compare ROTOR, 2. 3. The stationary-plate sec- 
tion of a variable capacitor. Compare ROTOR, 3. 

stator coil A stationary coil (see STATOR, 1, 2). 

stator plate(s) The stationary plate(s) of a variable 
capacitor. Compare ROTOR PLATE. 
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stator section See STATOR, 3. 

statoscope An aircraft altimeter that shows small 
changes in altitude. 

statvolt The cgs electrostatic unit of electromotive 
force; 1 statvolt = 299.7925 volts. 

statweber The cgs electrostatic unit of magnetic 
flux; 1 statweber = 299.7925 webers (2.997925 x 
10!° maxwells). 

S; band A section of the S BAND, extending from 
1850 to 2000 MHz. 

std Abbreviation of STANDARD. 

steady-state component A quantity whose value 
remains constant during normal operation of a 
circuit or device, as opposed to an alternating, 
fluctuating, or transient component. 

steerable antenna A directional antenna having a 
rotatable major lobe. 

steering diode See DIRECTIONAL DIODE. 

Stefan-Boltzmann constant Value, 5.67051 x 
10° Wm?K~. 

Stefan-Boltzmann law The thermal-radiation law 
that shows the total emissive power of a black- 
body to be proportional to the fourth power of the 
absolute temperature of the body. 

stenode See CRYSTAL FILTER. 

step 1. A computer program instruction. 2. A sin- 
gle action in the operation, maintenance, or trou- 
bleshooting of equipment. 3. A specific increment 
in a quantity (such as frequency, voltage, current, 
etc.). 4. A sharp or rapid change in the value of a 
quantity. 

step-by-step operation See STEPTHROUGH OP- 
ERATION. 

step change A single-increment change in a value. 

step circuit A circuit that produces a step (sharp 
change of slope) in the response curve of an am- 
plifier. 

step counter 1. A stair-step circuit arranged to 
count input pulses. The output capacitor of the 
circuit discharges when a predetermined number 
of input pulses has raised the capacitor voltage to 
the level required to trigger a counter. 2. In a com- 
puter or calculator, a circuit or device that counts 
the steps in an operation (such as division, multi- 
plication, or shifting) called for by an instruction. 
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step-down ratio In a circuit or device, such as a 
step-down transformer or cathode follower, the 
ratio of the low output voltage to the high input 
voltage. Compare STEP-UP RATIO. 

step-down transformer A transformer delivering 
an output voltage that is lower than the input 
voltage. In such a transformer, the secondary 
(output) winding contains fewer turns than the 
primary (input) winding. Compare STEP-UP 
TRANSFORMER. 

step function See UNIT FUNCTION. 

step generator 1. A signal generator that delivers 
a step function (see UNIT FUNCTION). 2. A circuit 
or device that generates a STAIR-STEP WAVE. 

stepped leader The probing flow of electrons 
through the atmosphere preceding a lightning 
stroke. Once the path has been established, the 
discharge takes occurs along the ionized path 
determined by the stepped leader. It is so called 
because the electrons move in _ hesitations, 
jumping several meters with each advance or 
step. 

stepper motor A motor in which the shaft ad- 
vances in uniform angular steps, instead of rotat- 
ing continuously. These motors are extensively 
used in robotic devices. When such a motor is 
stopped and its coils are carrying current, the 
shaft resists turning. 

stepping relay See STEPPING SWITCH. 

stepping switch A multiposition rotary switch in 
which an electromechanical ratchet mechanism 
advances to the next contact position each time 
that a pulse of current is received. 

step-through operation A way of operating a com- 
puter, usually during a debugging operation, in 
which program instructions are executed one at a 
time by direction of the user. Also called single- 
step operation and step-by-step operation. 

step-up ratio Ina circuit or device, such as a step- 
up transformer or voltage amplifier, the ratio of 
the high output voltage to the low input voltage. 
Compare STEP-DOWN RATIO. 

step-up transformer A transformer delivering an 
output voltage that is higher than the input volt- 
age. In such a transformer, the secondary (out- 
put) winding contains more turns than the 
primary (input) winding. Compare STEP-DOWN 
TRANSFORMER. 

steradian A unit of solid-angle measure. A cone- 
shaped solid angle that has a vertex at the center 
of a sphere (of radius rn), that cuts off a portion of 
the sphere’s surface whose outer perimeter is a 
circle, and that has an area (as measured on the 
sphere’s surface) of r?. Also see SOLID ANGLE. 

Sterba array See BARRAGE ARRAY. 

Sterba curtain See BARRAGE ARRAY. 

stereo 1. Contraction of STEREOPHONIC. 2. Gen- 
eral term for a two-channel high-fidelity audio re- 
production system. 

stereo-adaptable Pertaining to a television receiver 
or videocassette recorder (VCR) that requires a 
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special circuit to obtain stereo sound from Multi- 
channel Television Sound signals. Compare 
STEREO-READY. 

stereo amplifier A two-channel amplifier for bin- 
aural reproduction (see BINAURAL). 

stereophonic Pertaining to equipment or tech- 
niques for producing a (somewhat) three-dimen- 
sional perspective of sound reproduction. 

stereophonic sound system See STEREO SYSTEM. 

stereo-irrelevant Pertaining to sound compo- 
nents in a stereo system that are of equal mag- 
nitude in both (or all) channels. Thus, these 
components sound the same whether the system 
is reproducing stereophonic sound or monaural 
sound. 

stereo phono cartridge A phono cartridge capable 
of reproducing sound from stereo discs. 

stereo-ready Pertaining to a television receiver or 
videocassette recorder (VCR) that can deliver 
stereo sound from Multichannel Television Sound 
signals without the need for a decoding circuit. 
Compare STEREO-ADAPTABLE. 

stereo recording A method of recording in which 
two independent sound channels are transferred 
to some medium simultaneously, with the inten- 
tion that the two channels be reproduced at the 
same time. 

stereoscopic television Television in which the 
reproduced image appears three-dimensional. 

stereo system A multichannel, high-fidelity sound 
reproduction system including an amplifier and 
various other components, such as a radio re- 
ceiver, compact-disc (CD) player, tape player, 
turntable, and speakers. 

stereotape Magnetic tape bearing more than one 
channel (usually two channels) for the recording 
and reproduction of stereophonic sound. 

sterilizer Any electronic device, such as an ultravi- 
olet generator, used to kill germs. 

stethoscope An electronic or nonelectronic instru- 
ment used by physicians to listen to the heart- 
beat and other body sounds, and by technicians 
to listen to mechanical sounds. 

still 1. A stationary picture on television. 2. A pic- 
ture transmitted or received by means of facsimile. 
3. A print on photographic paper of a negative. 

still television See FACSIMILE. 

stinger A brief, loud sound burst, such as a musi- 
cal chord, sometimes used for effect in recorded 
audio or audio-visual presentations. 

stn Abbreviation of STATION. (Also, sta.) 

STO Abbreviation of STORAGE FUNCTION. 

stochastic The condition in which, at any instant, 
a given variable can assume a state dependent on 
previous states, as well as chance elements (e.g., 
words uttered extemporaneously by a speaker are 
random in that they cannot be predicted), while 
also being dependent, by the application of gram- 
mar, on previously spoken words (i.e., previous 
states). 


stop amplifier See REJECT AMPLIFIER. 
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stopband The continuous spectrum of frequencies 
rejected by a filter, selective amplifier, or other 
band-suppression device. 

stopband ripple Single or multiple attenuation 
peaks within the stopband of an elliptic filter, 
where the frequency of the attenuation peak(s) 
is/are associated with the resonant circuit(s) in 
the filter. 

stop code See HALT INSTRUCTION. 

stop element In digital transmission, a bit or set of 
bits indicating the end of a character, and serving 
to inform the receiving device of the end of the 
character. 

stop filter See BAND-SUPPRESSION FILTER. 

stopper resistor See STOPPING RESISTOR. 

stopping capacitor See BLOCKING CAPACITOR. 

stopping coil See CHOKE COIL. 

stopping resistor A parasitic-suppressing resis- 
tor, usually inserted in series with the input 
and/or output of a power amplifying device. Also 
called stopper resistor. 

storage 1. In computer operations, a medium on 
which data can be kept for an extended period of 
time. Examples: magnetic disk, magnetic tape, 
optical disk. 2. The transferring of data from 
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memory to a more permanent medium. Compare 
MEMORY. 3. The retention of data of any kind, 
such as an oscilloscope image or video display, 
for use at a later time. 4. The retention of electric 
energy or charge, as in a capacitor or electro- 
chemical cell. 5. The retention of energy in the 
form of a magnetic field, as in an inductor. 6. The 
retention of potential energy in any form. 

storage allocation The assignment of computer 
memory areas to certain kinds of information, as 
outlined in a source program and implemented 
by a compiler. 

storage battery A rechargeable battery; the tech- 
nical term is secondary battery. Also see STOR- 
AGE CELL. 

storage capacity 1. The amount of data that can 
be stored in a specific medium, such as a hard 
disk, diskette, or tape. Generally measured in 
bytes, kilobytes, megabytes, gigabytes, or ter- 
abytes. 2. The energy-delivering capability of a 
storage battery in terms of ampere-hours, mil- 
liampere-hours, or other current-time units for a 
specific rated voltage. 

storage cell 1. An electrochemical cell whose po- 
tential can be restored by charging it with elec- 
tricity. Compare PRIMARY CELL. Also see CELL. 
2. The smallest part of a computer storage 
medium. 3. In computer data storage, the part 
that can hold a data unit (e.g., a bit). 

storage CRT See STORAGE TUBE. 

storage cycle In computer operation, the period 
during which a location of a cyclic storage device 
cannot be accessed. 

storage density The number of data units (e.g., 
bytes, kilobytes, or megabytes) that can be stored 
in a given length or area of a storage medium. 

storage device A medium into which data can be 
placed and kept for later use. Examples: mag- 
netic disk, magneto-optical disk, optical disk, 
and magnetic tape. 

storage dump See DUMP. 

storage function Abbreviation, STO. The so-called 
“memory” function of a microcomputer chip. It 
causes data to be inserted into memory or storage 
for later use. It is commonly used in programmable 
calculators, automatic-dialing telephones, and ra- 
dio receivers. Also called memory function. 

storage laser A laser that stores intense energy be- 
fore flashing. 

storage life See SHELF LIFE. 

storage mesh In the cathode-ray tube (CRT) of a 
storage oscilloscope, a fine metal mesh electrode 
that serves as the target on which the image is 
electrostatically stored. Also see STORAGE TUBE. 

storage oscilloscope An oscilloscope that retains 
a displayed image until the display is erased. Also 
see STORAGE TUBE. 

storage register In computers and calculators, a 
storage unit composed of flip-flops. In computers, 
it is independent of the central processing unit 
(CPU). 
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storage temperature 1. The recommended tem- 
perature for storing specified electronic compo- 
nents. 2. The particular temperature at which 
electronic components have been stored. 

storage time 1. The interval during which carriers 
remain in a semiconductor-junction device after 
the bias has been removed. Also see DIODE RE- 
COVERY TIME. 2. For a switching semiconductor 
device, the time required for the amplitude of the 
output pulse to fall from maximum to 90% of 
maximum after the input pulse has fallen to zero. 
3. In a computer, the time required for data to be 
transferred from random-access memory (RAM) 
to nonvolatile storage (e.g., hard disk). 

storage tube A cathode-ray tube that retains infor- 
mation in the form of images on a special elec- 
trode until erased by a signal. 

store 1. To place data in a nonvolatile medium 
(such as a hard disk, diskette, optical disk, mag- 
netic tape, etc.). 2. To place in the memory of a 
calculator or computer. 3. In computing, a com- 
mand that causes data to be placed in a non- 
volatile medium. In some applications, this is 
called save. 4. A nonvolatile medium on which 
data has been placed for future use or for archival 
purposes. 

stored base charge The carriers that remain in the 
base layer of a bipolar transistor immediately af- 
ter the forward bias has been interrupted. This 
charge maintains collector current momentarily. 

stored-energy welding A method of electric weld- 
ing in which electrical energy is stored slowly, 
then released at the rate required for the welding. 

STP See STANDARD TEMPERATURE AND PRES- 
SURE. 

straight adapter An inline coaxial fitting for join- 
ing two fixture-terminated coaxial lines in series. 

straight angle An angle measuring 180 degrees. 

straight dipole A (usually center-fed) dipole an- 
tenna having only one radiator. Also see DIPOLE 
ANTENNA. 

straightforward Pertaining to data transmission in 
one direction only. 

straight-gun CRT A cathode-ray tube (CRT) in 
which the electron gun projects the beam in a 
straight line through the deflecting elements to 
the screen. Compare BENT-GUN CRT. 

straight-line capacitance Abbreviation, SLC. Per- 
taining to a variable capacitor for which the 
setting-vs.-capacitance curve is a straight line; 
the capacitance variation is linear. Compare 
STRAIGHT-LINE FREQUENCY and STRAIGHT- 
LINE WAVELENGTH. 

straight-line coding See STRAIGHT-LINE PRO- 
GRAMMING. 

straight-line frequency Abbreviation, SLF. Per- 
taining to a variable capacitor in a tuned circuit 
for which the setting-vs.-frequency curve is a 
straight line; the frequency variation is linear. 
Compare STRAIGHT-LINE CAPACITANCE and 
STRAIGHT-LINE WAVELENGTH. 


5059F-pS-607-670 4/10/01 9:47 AM Page 659 cp 


storage temperature ° stray field 659 


straight-line programming During the writing of 
a computer program, avoiding the creation of 
loops by repeating a series of instructions to re- 
duce execution time. 

straight-line tracking In a phonograph turntable, 
linear lateral stylus movement (as opposed to mo- 
tion along an arc) as the disc is played. This en- 
sures that the stylus is always at the optimum 
angle in the disc groove. The result is improved 
sound reproduction, and longer disc and stylus 
life because of minimal friction between the sty- 
lus and groove. 

straight-line wavelength Abbreviation, SLW. Per- 
taining to a variable capacitor in a tuned circuit 
for which the setting-vs.-wavelength curve is a 
straight line; the wavelength variation is linear. 
Compare STRAIGHTLINE CAPACITANCE and 
STRAIGHT-LINE FREQUENCY. 

straight-through amplifier An amplifier in which 
the input and output circuits are tuned to the 
same frequency. Compare MULTIPLIER AMPLI- 
FIER. 

strain A force that compresses or squeezes a body. 
Compare TENSION, 1. 

strain gauge See ELECTRIC STRAIN GAUGE. 

strain-gauge bridge A four-arm resistance bridge 
in which an ELECTRIC STRAIN GAUGE forms 
one arm. The resistance of the gauge changes be- 
cause of strain. The amount of strain can be de- 
termined by balancing the bridge. 

strain-gauge transducer A transducer, other than 
a strain sensor, that uses strain gauges to con- 
vert values of pressure into their electrical 
analogs (e.g., pressure transducer and _ strain- 
gauge phonograph pickup). 

strain pickup A phonograph pickup using a strain 
gauge to convert sound vibrations into a varying 
electric current. 

strand A single solid conductor in a STRANDED 
WIRE. 

stranded wire A conductor composed of several 
non-insulated wires twisted together to provide 
mechanical flexibility. Compare SOLID WIRE. 

stratosphere The portion of earth’s upper atmo- 
sphere beginning at a height of approximately 10 
miles and extending to the ionosphere. 

stray capacitance Inherent capacitance in a place 
where it can be detrimental, such as that between 
the turns of a coil or between adjacent areas ina 
circuit. Also see STRAY COMPONENT. 

stray component An electrical property that exists 
as an inherent, and usually undesirable, side ef- 
fect in a circuit or device. Thus, for example, 
STRAY CAPACITANCE unavoidably exists be- 
tween parallel conductors, and STRAY INDUC- 
TANCE is present in all wiring. 

stray field The portion of an electric or magnetic 
field that extends beyond the immediate vicinity 
of the circuit with which it is associated, and 
which is, therefore, capable of interfering with 
other circuits or devices. 
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stray inductance Inherent inductance in a place 
where it can be detrimental (e.g., inductance in 
the coil of a wirewound resistor). Also see STRAY 
COMPONENT. 

stray resistance Inherent resistance in a place 
where it can be detrimental, such as leakage re- 
sistance in a dielectric, and wire resistance in an 
inductor. 

streaking In television or facsimile, a form of dis- 
tortion in which the image appears enlarged in 
the horizontal, but not the vertical. 

stress 1. See STRAIN. 2. See TENSION, 1. 3. The 
force per unit area that produces STRAIN or TEN- 
SION on a body. 

stretch The amount by which a material being 
measured with an electronic device increases in 
surface dimensions. Compare SHRINK. 

stretched string A long, thin wire or string that vi- 
brates at a certain frequency, causing standing 
waves. It generally exhibits a specific fundamen- 
tal frequency and integral harmonics of this fre- 
quency. As the wavelength is cut in half, the 
frequency doubles. 

strike To initiate a discharge, as in striking a gas 
tube. 

striking voltage See STARTING VOLTAGE. 

string 1. In computer operations, a set of items in 
a sequence determined by the order of keys. 2. In 
a computer memory, a sequence of bits or char- 
acters. 3. Any group of series-connected compo- 
nents or circuits. 

string electrometer 
TER. 

string variable A string of characters, usually 
forming a word or phrase, represented by a vari- 
able name and character string symbol (BASIC’s 
$, for example) in a computer program. 

strip chart A longitudinal, as opposed to circular, 
chart for graphic recording. In a rectilinear chart, 
both coordinates are straight; in a curvilinear 
chart, the crosswise coordinates are arcs. 

strip core A ferromagnetic core material made from 
a strip of the substance. The method of manufac- 
ture results in superior ferromagnetic qualities, 
but also imparts a polarization to the material. 

strip fuse A fuse in which the fusible element is a 
flat strip of low-melting-point metal. Compare 
WIRE FUSE. 


See BIFILAR ELECTROME- 


aos 


strobe 1. See ELECTRONIC FLASH, 1. 2. See 
STROBOSCOPE. 

strobe light 1. See ELECTRONIC FLASH, 1. 2. See 
STROBOSCOPE. 

Strobolume Trade name for a type of high-output 
stroboscope. 

stroboscope 1. An instrument that emits bright, 
adjustable-rate flashes of light. When this light il- 
luminates an object that is rotating or vibrating 
at a fixed period, and the flash rate is made to 
match that period, the object seems to stand still 
and can be examined for flaws or faulty operation 
(and its speed can be measured). 2. A rotatable, 
slotted disk for producing the effect defined in 1. 

stroboscopic disk A rotatable disk with alternating 
white and black radial regions, used in conjunc- 
tion with a strobe light for precise measurement of 
the speed of a phonograph turntable. 

strobotron A gas tetrode tube used as the flashing 
light source in a stroboscope. 

stroke speed See SCANNING FREQUENCY. 

strong coupling See CLOSE COUPLING. 

strontium Symbol, Sr. A metallic element of the al- 
kaline-earth group. Atomic number, 38. Atomic 
weight, 87.62. It is used in some ceramic di- 
electrics, such as barium-strontium titanate. 

Strowger exchange A telephone system incorpo- 
rating Strowger switches. 

Strowger switch A switch with one input and 100 
individually selectable outputs. It is used with 
telephone switching networks. The telephone dial 
code causes a contact to move vertically and hor- 
izontally in such a way that a particular output is 
connected to the input. Each output has a 
unique dial code and each dial code has a unique 
output. 

structured programming Computer programming 
using a limited number of procedural sets, while 
minimizing branches to make the program as 
forward-going as possible. This allows it to be 
easily modified or debugged. 

STS switch See SPACE-TIME-SPACE SWITCH. 

stub A (usually short) section of transmission line 
that is patched onto a longer line for tuning or 
impedance matching. 

Stubs gauge See BIRMINGHAM WIRE GAUGE. 

stub tuner A tuning unit consisting of a stub with 
a short circuit that can be moved along the stub. 

stub trap See INTERFERENCE STUB. 

stub-type wavetrap See INTERFERENCE STUB. 

stuffing bits In a digital communications system, 
extra bits inserted into some words so that all the 
words are the same length. 

styli Plural of STYLUS. 

stylus 1. The “needle” that conveys vibrations to or 
from the disk in phonograph-disc recording or 
playback. 2. One of the pins in the print head of 
a dot-matrix printer. 

stylus drag See NEEDLE DRAG. 

stylus friction Rubbing of the stylus against the 
record groove in phonograph-disc playback. 
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stylus pressure See VERTICAL STYLUS FORCE. 

stylus printer See WIRE PRINTER. 

stylus scratch See NEEDLE SCRATCH. 

sub Abbreviation of subtract. 

sub- Prefix denoting under, below, less than, or 
lower than, with respect to size, value, or rank. 
Compare SUPER-. 

subassembly A completely fabricated unit that 
forms part of a larger unit into which it easily fits. 

subatomic particle 1. Any of various particles that 
comprise atoms of matter. 2. A particle smaller 
than an atom. See, for example, ANTI-PARTICLE, 
ELECTRON, MESON, NEUTRETTO, NEUTRINO, 
NEUTRON, NUCLEON, POSITRON, and PROTON. 

subaudible 1. Pertaining to any frequency falling 
below the limit of human hearing, that is, less 
than about 20 Hz. 2. Any sound that is too low in 
amplitude to be heard. 

subaudible tone A signal, usually a steady, sine- 
wave tone, sent along with a radio signal. The 
tone frequency varies from about 20 Hz to 200 
Hz, below the audio cutoff frequency of most voice 
communications systems. Subaudible tones are 
used mainly for privacy. The receiver is pro- 
grammed to receive only signals having the cor- 
rect subaudible tone frequency. 

suballocation A portion of a_ radio-frequency 
broadcast or communications band that is legally 
set aside for specific purposes or users, e.g., the 
Extra-class segment of the 40-meter amateur-ra- 
dio band. 

subband 1. A portion of a frequency band with spe- 
cific characteristics. 2. A portion of a radio- 
frequency broadcast or communications band that 
is set aside, legally or by convention, for specific 
purposes [e.g., the single-sideband (SSB) portion 
of the 20-meter amateur-radio band]. 

subcarrier A modulated carrier wave that composes 
the modulating signal for another carrier wave. 

subcarrier band The band of frequencies in which 
a subcarrier signal is transmitted. 

subcarrier frequency modulation In a system in 
which a carrier frequency is obtained by beating a 
low-frequency radio-frequency (RF) signal with a 
high-frequency RF signal, the application of fre- 
quency modulation to the low-frequency com- 
ponent. The technique is sometimes used in 
sweep-frequency signal generators. 
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subcarrier oscillator In a color-television receiver, 
the oscillator operating at the burst (chromi- 
nance-subcarrier) frequency of 3.579545 MHz. 

subchassis An auxiliary chassis on which one sec- 
tion of a larger piece of equipment is completely 
assembled and wired. 

subfrequency See SUBHARMONIC. 

subharmonic An integral submultiple of a funda- 
mental frequency. Thus, for example, the 10th 
subharmonic of 15 MHz is 1.5 MHz. 

submarine cable An underwater cable designed to 
withstand continuous immersion. 

submarine robot A robot designed for underwater 
operation. It can be operated via telepresence or 
by simple remote control, usually using a con- 
ventional or fiberoptic cable. Some underwater 
robots have manipulators attached; others are 
equipped only with cameras, lights, and propul- 
sion devices. 

subminiature jack A female connector with an in- 
side diameter of %2 inch. 

subminiature plug A male connector with an out- 
side diameter of %2 inch. 

submultiple A fractional multiple, usually in refer- 
ence to a frequency. For example, 7.2 MHz is a 
submultiple of 14.4 MHz. See SUBHARMONIC. 

subpanel The front panel of a removable unit or 
module that forms a part of a larger unit. 

subroutine In a computer program, a sequence of 
instructions for carrying out a section of the pro- 
gram’s function. It is usually entered (led to) by a 
conditional branch (jump) instruction in the main 
program. 

subscriber An individual user of a communica- 
tions network or service. 

subscript A small number or letter written to the 
lower right (and occasionally to the lower left) of 
another number or letter to identify the latter 
from others of the same designation (e.g., as, S,). 
Compare SUPERSCRIPT. 

subscription TV A television (TV) service paid for 
by subscribing viewers. The signals are scram- 
bled so as to be useless to nonsubscribers, and 
legitimate subscribers are provided with a de- 
coder to unscramble the telecasts. 

subset 1. In statistics and set theory, a set whose 
members are all contained in a larger set. 2. A 
telephone handset or deskset (subscriber’s set). 
3. A  modulator/demodulator for making 
business machines compatible with telephone 
circuits. 

subsidiary communication authorization Abbre- 
viation, SCA. An authorization provided by the 
Federal Communications Commission (FCC) for a 
frequency-modulation (FM) broadcast station to 
transmit, in addition to its main program, a sec- 
ond program within the assigned bandwidth usu- 
ally consisting of commercial-free background 
music on a subcarrier that can be detected only 
with a special receiver or with a special adapter 
attached to a standard FM receiver. 
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subsidiary feedback Feedback other than the 
main feedback in a system. 

subsonic frequencies Frequencies below the 
range of hearing, that is, less than about 20 Hz. 
Also called ULTRALOW FREQUENCIES and SUB- 
AUDIBLE FREQUENCIES. 

substation An intermediate electricity-distributing 
location from which electrical energy is trans- 
formed and transmitted to users within a given 
geographical area. 

substitution capacitor A capacitor used tem- 
porarily in place of another of usually the same 
value, as in troubleshooting. Also see CAPACI- 
TOR SUBSTITUTION BOX. 

substitution inductor An inductor used tem- 
porarily in place of another of usually the same 
value, as in troubleshooting. Also see INDUCTOR 
SUBSTITUTION BOX. 

substitution method 1. A method of measuring a 
quantity (such as capacitance, inductance, or re- 
sistance) in which the value of the unknown 
quantity is determined in terms of the amount of 
a standard quantity that must be removed to re- 
store the test circuit to its original state of bal- 
ance. 2. A method of troubleshooting in which 
good components are substituted for bad ones in 
a circuit (see, for example, SUBSTITUTION CA- 
PACITOR, SUBSTITUTION INDUCTOR, SUBSTI- 
TUTION RESISTOR, SUBSTITUTION SPEAKER, 
and SUBSTITUTION TRANSFORMER). 

substitution resistor A resistor used temporarily 
in place of another of usually the same value, as 
in troubleshooting. Also see RESISTOR SUBSTI- 
TUTION BOX. 

substitution speaker A loudspeaker used tempor- 
arily in place of another, as in troubleshooting. 

substitution transformer A transformer used 
temporarily in place of another having the same 
characteristics, as in troubleshooting. 

substrate A plate, wafer, panel, or disk of suitable 
material on (or in) which the components of a 
unit, such as an integrated or printed circuit, are 
deposited or formed. 

subterranean 1. Pertaining to components, sys- 
tems, or devices installed underground. It is ap- 
plicable especially to cables. 2. Pertaining to a 
phenomenon, such as the propagation of electric 
currents or acoustical waves, that occurs under- 
ground. 

subterranean acoustical communication A met- 
hod of communication that uses low-frequency 
sound waves, such as SONAR, to communicate 
via conduction through earth or water. 

subtracter See ELECTRONIC SUBTRACTER. 

subtractive color A color formed by mixing sub- 
tractive primary pigments. 

subtractive primaries Broad-spectrum pigments 
used in printing to produce a wide variety of col- 
ors through filtering. These primaries are cyan 
(blue-green), magenta (pink-red), yellow, and 
sometimes black. They are used to print images 
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that have been filtered through additive-primary 
lenses. 

subtrahend In the process of subtraction, the 
quantity that is subtracted from another (the 
minuend) to produce the remainder or difference. 

subwoofer A speaker designed to effectively repro- 
duce extremely low audio frequencies, in some 
cases, subaudible (below 20 Hz). 

successive derivatives Successive repetition of 
the operation of differentiating a function, which 
yields the first derivative, second derivative, and 
so on to the nth derivative. 

successive integration The operation of double or 
triple integration. 

Suhl effect A reduction in hole life that occurs in a 
semiconductor material in the presence of a mag- 
netic field. 

suite 1. A group of computer programs run succes- 
sively as a job. 2. A bundled, high-end software 
package used especially in business computing. 

sulfate Contraction of lead sulfate. 

sulfation In a lead-acid storage cell, the formation 
of disabling lead sulfate during discharge of the 
cell. 

sulfur Symbol, S. A nonmetallic element. Atomic 
number, 16. Atomic weight 32.06. 

sulfur hexafluoride A gas used as a coolant and 
insulant in some power transformers. 

sulfuric acid Formula, H2,SO,. An acid used in di- 
lute solution as the electrolyte of a lead-acid bat- 
tery. This highly corrosive fluid also has many 
industrial uses. 

sum The result obtained by adding two or more 
terms. Compare SUMMATION. 

sumcheck See SUMMATION CHECK. 

sum frequency 1. In an amplitude-modulated car- 
rier, the upper sideband frequency (i.e., the side- 
band equal to the carrier frequency plus the 
modulating frequency). Compare DIFFERENCE 
FREQUENCY. 2. In superheterodyne operation, 
an intermediate frequency equal to the signal fre- 
quency plus the local-oscillator frequency. 

summation 1. The sum of a finite number of 
terms. Thus, the total resistance of n resistors 
connected in series is the summation of all R (re- 
sistance) terms. 2. A frequency equal to the sum 
of two other frequencies. 

summation check In computer operations, a 
check carried out on a group of digits. The result 
of adding the digits, and disregarding any over- 
flow, is a check digit that can be compared with a 
standard value for the operation to verify the in- 
tegrity of data. 

summer 1. See ADDER. 2. See SUMMING AMPLI- 
FIER. 

summing amplifier An operational amplifier 
whose output is the sum, or is proportional to the 
sum, of several inputs. 

sun battery A set of photovoltaic cells connected in 
series, parallel, or series-parallel to produce use- 
ful output voltages and currents. 
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S units In radio (especially amateur radio), grada- 
tions reflecting the strength of received signals. 
Typically, a value of S9 (9 s-units), representing 
“extremely strong signals,” is equal to a strength 
of 50 microvolts. The next lower S unit (S8) is 
6 dB lower in voltage (i.e., 25 microvolts); S7 is 
12 dB below S9 (i.e., 12.5 microvolts), etc. 

sun lamp An incandescent or fluorescent lamp with 
high ultraviolet output, used in medicine for the 
treatment of certain skin disorders. It can also be 
used for skin tanning; most physicians discourage 
habitual use of the lamps for this purpose. 

sunlight lamp A lamp that produces visible light 
whose spectral distribution is similar to that of 
typical daylight. It generally produces more blue 
and violet light than a conventional lamp. It is 
sometimes used for indoor lighting in winter at 
high latitudes, and/or to enhance plant growth. 

sunlight-powered laser A laser whose action is 
stimulated by sunlight collected by a system of 
mirrors and lenses. The life of the device is long, 
compared with that of conventional lasers. 

sun-pumped laser See SUNLIGHT-POWERED 
LASER. 

sun relay See SUN SWITCH. 

sunspot An area on the sun’s surface that is visible 
as a dark, irregular region of variable size, gener- 
ally several thousand miles across. Sunspots are 
believed to be comparatively cool regions associ- 
ated with solar magnetic disturbances. The num- 
ber of sunspots is correlated with the frequency 
and intensity of solar flares (see SOLAR FLARE). 

sunspot cycle Regular periodic variation of sun- 
spot activity. The time between peaks in activity 
is approximately 11 years. 

sun switch A photoelectric switch or relay actu- 
ated by sunlight and used for various domestic 
and industrial purposes, such as_ switching 
lights, operating window shades, etc. 

sup Abbreviation of SUPPRESSOR. 

super Contraction of supersonic. 

super- Prefix denoting over, above, greater than, or 
higher than, with respect to size, value, or rank. 
Compare SUB-. 

superaudible frequency See ULTRASONIC FRE- 
QUENCY. 

superbeta transistor A transistor or transistor 
combination, such as a Darlington pair (see 
COMPOUND CONNECTION), that provides a very 
high current amplification factor (beta). 
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supercardioid microphone A microphone that is 
highly sensitive in one direction and insensitive 
in all other directions. The directional pattern is 
similar to a CARDIOID PATTERN, but is exagger- 
ated along the axis of optimum response. 

superconducting cable A cable in which super- 
conductivity is achieved by surrounding the cable 
with liquid helium to lower its temperature to 
near absolute zero. 

superconductivity The virtual disappearance of 
resistance in some metals cooled to temperatures 
in the vicinity of absolute zero. Also see CRYO- 
GENICS, CRYOSTAT, and CRYOTRON. 

superconductor A material or device that displays 
superconductivity. 

super flatpack An integrated-circuit package of 
the flatpack type having considerably more com- 
ponents and leads than those in the conventional 
flatpack. 

superhet Contraction of superheterodyne. 

superheterodyne circuit A circuit in which the in- 
coming signal in a first detector (or mixer) beats 
with the signal of a local oscillator, resulting in a 
lower (intermediate) frequency, which then is am- 
plified by an intermediate-frequency (IF) ampli- 
fier. This IF signal is detected by a second 
detector whose output is amplified by an audio- 
frequency (AF) amplifier. Because the IF amplifier 
operates at a single (fixed) frequency, it can be 
adjusted for optimum selectivity and gain. Also 
called superhet circuit. 

superheterodyne receiver A radio or television re- 
ceiver using a SUPERHETERODYNE CIRCUIT. 

superhigh frequency See RADIO SPECTRUM. 

Supermalloy An alloy having a maximum perme- 
ability of 10°. 

supermodulation A type of amplitude modulation 
(AM) in which one radio-frequency (RF) power 
stage continuously generates the carrier, and a 
second (usually identical) RF power stage is gated 
into full operation at the proper instant by the au- 
dio modulation to add additional RF power (cor- 
responding to 100% modulation) to the signal. At 
the same time, the carrier amplitude is decreased 
by the proper amount to fulfill the conditions of a 
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signal amplitude swing between zero and twice 
maximum for 100% modulation. 

superposition In a complex wave, the manner in 
which the constituent waves combine. The in- 
stantaneous value of the complex wave is equal to 
the vector sum of the instantaneous values of all 
the constituent waves. 

superposition theorem In a network of linear ele- 
ments, if a voltage E, in branch A causes a cur- 
rent I, to flow through branch C, and if a voltage 
E,2 in branch B (which might be identical with 
branch A) causes a current Ih to flow through 
branch C, then E; in branch A and E, in branch 
B applied simultaneously will cause a current 
equal to I, + Ib to flow through branch C. Compare 
COMPENSATION THEOREM, MAXIMUM POWER 
TRANSFER THEOREM, NORTON’S THEOREM, 
RECIPROCITY THEOREM, and THEVENIN’S 
THEOREM. 

superpower An arbitrary term denoting very high 
power. In the rating of standard broadcast sta- 
tions, it has come to signify 1,000,000 watts (one 
megawatt) radio-frequency (RF) power output. 

superradiance Ina laser, a rapid increase in inten- 
sity of fluorescent-line emission with increasing 
excitation power. 

superregenerative circuit A regenerative detector 
circuit in which regeneration is periodically in- 
creased almost to the point of oscillation, then de- 
creased. This quenching action takes place at a 
supersonic rate (typically at 50 or 100 kHz) so 
that the quenching is inaudible. The result is that 
much more regeneration is afforded, without the 
detector going into oscillation, than is possible by 
simply increasing the regeneration manually. An 
extremely sensitive detector is the result. 

supersaturated solution A solution that contains 
more solute than it normally would hold. Super- 
saturated solutions are obtained through special 
techniques and are extremely unstable. Compare 
SATURATED SOLUTION. Also see SOLUTE; SO- 
LUTION, 1; and SOLVENT, 2. 

superscript A small number or letter written to the 
upper right of another number or letter, the 
BASE, to indicate the power to which the base 
must be raised. Example: 105, e*, y?. Also called 
EXPONENT. Compare SUBSCRIPT. 

supersensitive relay A relay that operates with a 
current of less than one milliampere, or with a 
voltage of less than one millivolt. 

supersonic flow In a gas or liquid, movement of 
the medium at a speed greater than the speed of 
sound in that medium. Supersonic flow results in 
a greatly increased resistance or drag because of 
shock waves that form in the medium. 

supersonic frequency See ULTRASONIC FRE- 
QUENCY. 

supersonics See ULTRASONICS. 

supervised line In a security system, a wire or foil 
strip that carries electrical current. If the current 
changes in such a line, an alarm is actuated. 
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supervisor 1. In a computer, a set of routines that 
oversees the operation of the system. The super- 
visor routines are coordinated by the central pro- 
cessing unit. 2. The execution of such a set of 
routines. 3. A microcomputer that oversees the 
operation of a security system. 

supervisory circuit In a security system, a link 
between a sensor and the central computer or 
control device. This link can be via electric cur- 
rent through a wire or cable, but other methods 
can be used, such as fiberoptics, line-of-sight op- 
tics, infrared, ultrasonic, or radio. 

supply 1. See CURRENT SUPPLY. 2. See POWER 
SUPPLY. 3. See VOLTAGE SUPPLY. 

supply current Alternating or direct current avail- 
able for operating a circuit, device, or system. 

supply frequency The frequency of an alternating- 
current power supply. 

supply power The maximum power that can be re- 
liably delivered by an alternating-current or 
direct-current power supply. 

supply reel In a reel-to-reel tape recorder or player, 
the reel that is initially full, and that gradually 
empties as the tape moves through the machine. 

supply voltage The voltage of an alternating-cur- 
rent or direct-current power supply. 

suppressed carrier A carrier that has been canceled 
or filtered out of a carrier/sideband combination. 

suppressed-carrier double sideband See DOU- 
BLE-SIDEBAND and SUPPRESSED CARRIER. 

suppressed-zero instrument A meter or graphic 
recorder in which the zero point is off-scale or up- 
scale, but has been brought to scale-zero by 
means of mechanical adjustment or use of a 
bucking voltage. 

suppressor 1. A filter used to suppress radio inter- 
ference. 2. See AUTOMATIC NOISE LIMITER. 3. 
See SPARK SUPPRESSOR. 4. In a pentode vac- 
uum tube, a gridlike element between the screen 
grid and the plate, used to suppress secondary 
emission. Also see GRID, 2 and PENTODE. 

suppressor circuit The circuit associated with the 
suppressor electrode of a vacuum tube. 

suppressor diode A semiconductor diode used to 
prevent inductive kickback in circuits, to elimi- 
nate or reduce transients, or to prevent arcing be- 
tween make-and-break contacts. 

suppressor grid See SUPPRESSOR, 4. 

suppressor modulation A method of modulation 
in which a modulating voltage is superimposed 
on the suppressor voltage of a pentode radio- 
frequency power amplifier tube. 

suppressor pulse A pulse that prevents electron 
flow. 

surface analyzer A device designed for the mea- 
surement of surface flatness or uniformity. 

surface-barrier diffused transistor See MICRO- 
ALLOY DIFFUSED TRANSISTOR. 

surface-barrier transistor Abbreviation, SBT. A 
pnp transistor made by means of electrolysis and 
electroplating: Two fine streams of indium sulfate 


—P— 


5059F-pS-607-670 


4/10/01 9:47 AM Page 665 a 


surface-barrier transistor ¢ surveillance radar 665 


Emitter 


Base 


Collector 


surface-barrier transistor 


solution are placed on axially opposite points on 
the faces of an n-type wafer. At the same time, a 
direct current is passed through the wafer and 
solution in such a direction as to remove semi- 
conductor material electrolytically from the faces; 
the tiny sprayed areas are etched away. When the 
desired wafer thickness is reached at the points 
of impact, the etching process is arrested by re- 
versing the direction of current flow. This reversal 
causes an indium dot to be plated on each oppo- 
site face in the etched-out pit. Leads are attached 
to the collector and emitter dots and to the wafer 
(base). 

surface-charge transistor A semiconductor device 
consisting essentially of two narrowly separated 
plates (source electrode and receiver electrode) 
deposited on the film-insulated surface of a sili- 
con chip, and a third, overlapping electrode (the 
transfer gate) deposited on, but insulated from, 
the other electrodes. An input signal stores a 
charge in the capacitor formed by the source elec- 
trode and chip. A subsequent trigger signal ap- 
plied to the transfer gate transfers the charge to 
the receiver electrode, where it becomes an out- 
put signal (often amplified, with respect to the in- 
put signal). 

surface effect An effect (such as current, resis- 
tance, or resistivity) observed on the surface of a 
sample of material, rather than throughout the 
body of the material. Compare BULK EFFECT. 

surface insulation A coating applied to the sur- 
faces of core laminations to prevent the passage 
of currents between laminations. 

surface leakage Leakage of current over the sur- 
face of a dielectric material, as opposed to leakage 
through the interior of the material. 

surface noise See NEEDLE SCRATCH. 

surface recombination rate For a semiconductor, 
the rate at which electrons and holes recombine 
at the surface. Compare VOLUME RECOMBINA- 
TION RATE. 

surface resistivity The resistance of a unit area of 
a material, measured between opposite edges. 
Compare VOLUME RESISTIVITY. Also see RESIS- 
TIVITY. 

surface tension The tendency of the surface of a 
liquid to “shrink.” This property varies with dif- 
ferent liquids and is caused by a net molecular 
force directed inward from the surface. 


surface wave 1. The earth-guided component of a 
ground wave. (The other component is the SPACE 
WAVE.) 2. An acoustic wave traveling along the 
surface of a plate in a surface-wave amplifier or 
surface-wave filter. 

surface-wave amplifier An amplifying device con- 
sisting essentially of a surface-wave filter to 
which has been added a direct-current-biased n- 
type silicon electrode, which is separated from 
the crystal substrate of the filter by a very thin 
oxide layer. Amplification is produced by interac- 
tion between the electron current in the silicon 
and the piezoelectric field of the filter. Also see 
ACOUSTOELECTRONICS. 

surface-wave filter An acoustoelectronic device 
consisting essentially of a crystal plate having 
electrodes at each end. An alternating-current 
(ac) input signal applied to one electrode sets up 
acoustic waves that travel along the surface of the 
plate to the other electrode, where they generate 
an ac output voltage by piezoelectric action. The 
resonant frequency of the device is governed by 
the dimensions of the crystal plate. Also see 
ACOUSTOELECTRONICS. 

surge A sudden rise or flow of current or voltage. 

surge absorber See SURGE SUPPRESSOR. 

surge arrester See SURGE SUPPRESSOR. 

surge current A heavy current that flows initially 
into a capacitor when a charging voltage is applied. 

surge impedance Symbol, Z,. The impedance seen 
by a pulse applied to a transmission line; Z, = L/C 
(approximately), where L and C are the induc- 
tance and capacitance, in microhenrys and mi- 
crofarads, per unit length of the line. Also called 
CHARACTERISTIC IMPEDANCE. 

surge protector Misnomer for SURGE SUPPRES- 
SOR. 

surge suppressor A semiconductor device used to 
absorb potentially destructive transients or over- 
voltages on a utility power line. It has a three-wire 
cord for plugging into a 117-volt outlet, a power 
switch, and several three-wire outlets for connec- 
tion to sensitive electronic equipment (such as 
personal computers, videocassette recorders, 
television sets, hi-fi amplifiers, etc.). 

surround See SUSPENSION, 1. 

Surround Sound The trade name for a multichan- 
nel sound system for use with television receivers 
and videocassette players. Some televised movies, 
especially on cable and satellite networks, deliver 
multichannel sound through receiving/recording 
systems equipped with special decoders. 

surveillance 1. A method of monitoring a specific 
area or volume for intrusion or other disturbance. 
2. A means of monitoring a specified portion of 
the electromagnetic spectrum for unauthorized 
signals. 

surveillance radar An air-traffic-control radar that 
supplies continuous information regarding the 
azimuth and distance of aircraft inside a selected 
radius around an airport. 
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susceptance Symbol, B. Unit, siemens. The reac- 
tive component of admittance, as distinguished 
from conductance. 

susceptibility The capacity of a substance to be- 
come magnetized, expressed as the ratio of mag- 
netization to the strength of the magnetizing 
force. 

suspension 1. Ina speaker, the flexible, circular or 
elliptical structure via which the cone is attached 
to the frame. 2. The wire or metallized fiber 
supporting the movable coil of a galvanometer. 
3. Particles of a substance and the liquid in which 
it is mixed, but not dissolved. 4. The substance, 
as defined in 3. 

suspension galvanometer A meter with a light- 
beam apparatus for lengthening the arc through 
which the pointer travels. When the beam of light 
is cast a long distance, a tiny movement of the 
coil will cause considerable movement of the im- 
age. 

sustained oscillations Oscillations that continue 
as long as power is supplied to the oscillation 
generator. Also see CONTINUOUS WAVE. Com- 
pare DAMPED OSCILLATIONS. 

sustaining voltage The voltage at which second- 
collector breakdown occurs in a transistor (see 
SECOND BREAKDOWN). 

S video In animation, a scheme that separates 
brightness and color. It can enhance the video in 
some applications. 

SW Abbreviation of SHORTWAVE. 

sw Abbreviation of SWITCH. (Also, S or s.) 

swamping resistor 1.A noninductive resistor con- 
nected in parallel with the input circuit of a class- 
B linear amplifier for automatic regulation of the 
excitation. 2. A resistor connected in series with 
the emitter of a bipolar transistor to minimize the 
effects of temperature-induced variations in junc- 
tion resistance. 

swarf The string of material that threads off a disc 
during sound recording. 

Sw band A section of the S BAND, extending from 
3400 to 3700 MHz. 

sweep 1. To deflect the electron beam in a cathode- 
ray tube, usually horizontally, to provide a time 
base. 2. The circuit for achieving the particular 
deflection described in 1. 

sweep circuit A circuit, such as a deflection gener- 
ator (e.g., a sawtooth oscillator), for producing a 
sweep signal. Also see SWEEP. 

sweep delay In an oscilloscope, the process of ini- 
tiating the sweep of the electron beam at some se- 
lected instant after the signal has started. 

sweep-delay circuit In an oscilloscope or radar, 
the circuit for delaying the sweep until the start of 
the signal. Also see DELAYED SWEEP. 

sweeper 1. See SWEEP GENERATOR. 2. See 
SWEEP-SIGNAL GENERATOR. 

sweep frequency 1. The frequency at which the 
electron beam in a cathode-ray tube is deflected 
along the reference axis. 2. The frequency at 
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which the carrier frequency is increased and de- 
creased by a sweep-signal generator. 3. In an os- 
cilloscope, the number of times that the trace 
moves across the screen in one second. It is equal 
to the reciprocal of the SWEEP PERIOD. 

sweep generator 1. A device that causes the elec- 
tron beam in a cathode-ray tube to scan at a 
known speed. 2. An oscillator that generates a 
signal that rapidly varies in frequency. It is used 
for the testing and adjustment of bandpass filters 
and other selective circuits. 

sweeping receiver See SCANNING RECEIVER. 

sweep magnification In an oscilloscope, increas- 
ing or multiplying the sweep frequency, thus re- 
ducing the time per horizontal division. This 
increases the maximum frequency of waveforms 
that can be analyzed, and allows closer inspec- 
tion of high-frequency signal components. 

sweep magnifier In an oscilloscope, a circuit for 
achieving sweep magnification. 

sweep oscillator See SWEEP GENERATOR. 

sweep period The duration, in seconds, of one 
complete cycle of sweep signal in an oscilloscope. 
It is equal to the reciprocal of the SWEEP FRE- 
QUENCY. 

sweep signal The (usually linear, sawtooth) signal 
used to sweep the beam of an oscilloscope tube. 
Also see SWEEP, I, 2. 

sweep-signal generator A signal generator that 
supplies a signal whose frequency varies automat- 
ically and periodically throughout a given band. 
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sweep test A method of testing the attenuation- 
vs.-frequency characteristics of a selective cir- 
cuit, using a radio-frequency sweep generator. 

sweep time The actual time required for a single 
sweep by a deflecting signal; t = 1/f, where t is 
sweep time in seconds, and fis sweep frequency 
in hertz. 

sweep voltage The peak voltage amplitude of the 
sweep signal. 

SWG Abbreviation of standard wire gauge. 

swing The maximum change exhibited by a varying 
quantity (e.g., amplitude swing and frequency 
swing). 
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swinging choke A filter choke that exhibits rela- 
tively high inductance when low current flows 
through it, and lower inductance when high cur- 
rent flows through it. This inductance, which 
swings under conditions of varying load current, 
permits the use of a high-resistance bleeder re- 
sistor. Compare SMOOTHING CHOKE. 

Swiss-cheese packaging A method of packaging 
an electronic circuit, in which components are in- 
serted into the assembly through holes drilled or 
punched in parallel, stacked printed-circuit 
boards. 

switch 1. A circuit or device (electronic, electrome- 
chanical, or mechanical) for opening and closing 
a circuit or for connecting a line to one of several 
different lines (e.g., rotary selector switch). 2. To 
change the logic state of a circuit or device. 3. In 
a computer program, a branch instruction direct- 
ing the program to a line number dependent on 
the value of a variable or result (e.g., BASIC’s 
GOTO). 4. To cause an electrical circuit to change 
state, as from low to high or vice versa. 

switch current 1. The current flowing through a 
switch. 2. The current flowing through a switch- 
ing diode or transistor. 3. The minimum current 
necessary to produce switching of a transistor, 
specified in milliamperes or microamperes. 

switchgear Collectively, devices and systems for 
making and breaking circuits—either automati- 
cally or manually. 

switchhook In a telephone set, the spring-and- 
switch device that engages the line when the re- 
ceiver is lifted. 

switching characteristics Technical data describ- 
ing the performance and capabilities of switching 
devices and circuits. 

switching circuit An on-off type of circuit contain- 
ing electronic or mechanical switches. 

switching diode See COMPUTER DIODE. 

switching frequency The frequency at which a 
repetitive switch operates. Also see SWITCHING 
RATE. 

switching mode Operation in which a device, such 
as a transistor or diode functions as a binary dig- 
ital device, rather than as an analog device. The 
current is generally either zero (cutoff or pinchoff) 
or some value that depends on the bias and on 
the applied voltage. 

switching rate The rate (e.g., closures per second) 
at which a repetitive switch operates. Also see 
SWITCHING FREQUENCY. 

switching speed The time required for a switch to 
open or close or for a switching device to change 
states (as from cutoff to saturation). Also see 
SWITCHING TIME. 

switching time The time required, after the appli- 
cation of a pulse, for an electronic switch to 
change state. Also see SWITCHING SPEED. 

switching transistor A transistor designed espe- 
cially for on-off operation. Such units exhibit 
short recovery time and low capacitance. 
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switching voltage The largest voltage that a 
switching device can handle without malfunc- 
tioning. 

switch leakage current 1. The current flowing 
through a switching device when it is supposed to 
be nonconducting. 2. In a switching transistor, 
for a given voltage, the leakage current between 
the emitter and collector when the device is sup- 
posed to be nonconducting. 

SWL Abbreviation of SHORTWAVE LISTENER. 

SWR Abbreviation of STANDING-WAVE RATIO. 

SWR bridge A four-arm resistance bridge for mea- 
suring voltage standing-wave ratio. This radio- 
frequency bridge has noninductive resistors in 
three of its arms and the device under test in the 
fourth arm. The bridge is balanced first with an 
equivalent noninductive resistor that replaces 
the device, and the output voltage is noted. Then 
the device is substituted for the test resistor, and 
the change in voltage is noted. The standing-wave 
ratio is determined from the voltage ratio. 

SWR meter See SWR BRIDGE. 

Sy band A section of the S BAND, extending from 
2600 to 2700 MHz. 

syllable compandor A device that compresses or 
expands the amplitude of an audio signal. The 
time constant is fast enough to allow response to 
individual syllables. Compression is generally 
used at the transmitting station, and expansion 
at the receiving station. 

sym 1. Abbreviation of symmetrical. 2. Abbrevia- 
tion of SYMBOL. 

symbol 1. A letter or graphic device representing a 
quantity or term [e.g., I (current), f (frequency), 
etc.]. 2. A conventional device denoting a mathe- 
matical operation (e.g., +, /). 3. In a circuit 
diagram, a pictorial device representing a 
component. 

symbolic address An address in a_ source- 
language computer program (i.e., the arbitrary 
label used by the programmer). 

symbolic language See SOURCE LANGUAGE. 

symbolic logic A system for representing logical 
relationships, such as those acted upon by com- 
puter and switching circuits, by means of sym- 
bols that are usually nonnumerical. Also see 
BOOLEAN ALGEBRA. 

symmetrical circuit A circuit having identical 
configurations on each side of a dividing line, 
such as the ground bus. A push-pull circuit is an 
example. 

symmetrical communications 1. Two-way com- 
munications in which the volume of transmitted 
data is the same, or nearly the same, in both di- 
rections. 2. Two-way communications in which 
the speed of transmitted data is the same, or 
nearly the same, in both directions. Compare 
ASYMMETRICAL COMMUNICATIONS. 

symmetrical conductivity Identical conductivity 
for both positive and negative electricity. Com- 
pare ASYMMETRICAL CONDUCTIVITY. 
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symmetrical FET See SYMMETRICAL FIELD- 
EFFECT TRANSISTOR. 

symmetrical field-effect transistor A field-effect 
transistor whose source and drain terminals can 
be interchanged without affecting circuit opera- 
tion. Also called BIDIRECTIONAL TRANSISTOR. 
Compare UNILATERAL FIELD-EFFECT TRAN- 
SISTOR. 

symmetrical input See BALANCED INPUT. 

symmetrical output See BALANCED OUTPUT. 

symmetrical transistor See BIDIRECTIONAL 
TRANSISTOR. 

symmetrical wave A wave whose positive and neg- 
ative half-cycles are identical in shape and peak 
amplitude. 

symmetry 1. The condition of having the same 
shape on each side of an axis. 2. The condition of 
conducting positive and negative currents equally 
well. 3. The condition in which a circuit is identi- 
cal on both sides of a reference line, such as the 
ground line. 

sympathetic vibration Resonant vibration of one 
body in response to the vibration of another body. 

syne 1. Contraction of SYNCHRONIZATION. 
2. Contraction of SYNCHRONISM. 

sync amplifier In a television circuit, the amplifier 
used to increase the amplitude of the sync pulses 
after they are separated from the composite video 
signal. 

sync generator A circuit that produces the syn- 
chronization pulses in a television transmitter. 

synchro A _ dynamo-electric-control device that, 
when connected to a similar device and the alter- 
nating-current power line, permits remote control. 
Thus, when the rotor of one synchro is turned to a 
certain position, the rotor of the other assumes the 
same position. Also see AUTOSYN and SELSYN. 

synchrocyclotron A type of cyclotron in which the 
variation in mass, because of increased velocity, 
of the charged particles is compensated, resulting 
in higher energy for the particles. 

synchro differential A synchro that receives two 
input signals and delivers a single output signal. 
The inputs can be two electrical signals, or one 
electrical signal and one mechanical signal. 

synchrodyne receiver A_ direct-conversion re- 
ceiver in which the local oscillator frequency or 
phase is locked into synchronism with the incom- 
ing signal carrier frequency or phase. 

synchroflash A flash that is synchronized with the 
shutter of a camera. 

synchro generator The transmitting member of a 
synchro system. 

synchro motor The receiving member of a synchro 
system. 

synchronism 1. The condition of being in step, as 
when two motors are running in synchronism 
with each other and the power frequency, or 
when two relays open and close in step. 2. The 
condition of being in phase, as when two pulses 
occur simultaneously. 
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synchronization The coincidence of one process 
or operation with another, as in the synchroniza- 
tion of an oscillator frequency by means of an ap- 
plied standard-frequency voltage, in which case 
the oscillator frequency becomes that of the stan- 
dard signal. 

synchronized clamping A type of clamping in 
which an output voltage is maintained at a pre- 
determined fixed value until a synchronizing 
pulse is applied, whereupon the output follows 
the input. 

synchronized multivibrator See DRIVEN MULTI- 
VIBRATOR. 

synchronizer A computer storage device used be- 
tween two devices transmitting data at different 
speeds, to counteract this differential (as a 
buffer). 

synchronizing signal A signal used to synchronize 
another signal, usually in frequency. 

synchronous The condition of operating in step 
(phase) with some reference signal. 

synchronous clock 1. An _ alternating-current 
clock driven by a synchronous motor. Although 
60-Hz models are common, such clocks are not 
restricted to low-frequency ac operation; 1-kHz 
types, for example, are used in some primary 
frequency standards. 2. The timing source in a 
synchronous computer. 
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synchronous computer A computer whose opera- 
tions are timed by single-frequency clock signals. 

synchronous contacts The rectifying contacts of a 
synchronous vibrator (see VIBRATOR-TYPE REC- 
TIFIER). 

synchronous converter A synchronous machine 
that can run on alternating current and generate 
direct current, or vice versa. Also called ROTARY 
CONVERTER. 

synchronous gate A gate whose output is syn- 
chronized, according to the input signal. 

synchronous generator An alternator operating in 
synchronism with one or more other alternators. 
Also see SYNCHROSCOPE, 2. 

synchronous induction motor An alternating- 
current motor that is intermediate between the 
fractional-horsepower reluctance motor and the 
multiple-horsepower three-phase, synchronous 
motor. The synchronous induction machine 
starts like an induction motor and runs like a 
synchronous motor. 

synchronous inputs In a computer flip-flop, in- 
puts that accept pulses only at the command of 
the clock. 

synchronous machine See SYNCHRONOUS IN- 
DUCTION MOTOR. 

synchronous motor See SYNCHRONOUS INDUC- 
TION MOTOR. 

synchronous network A communications network 
in which all clocks are set so that they run at the 
same rate, their increments are identical in dura- 
tion, and transitions occur simultaneously or 
with a specified phase difference. Such a system 
allows for greatly enhanced signal-to-noise ratio 
for a given amount of transmitter power, and also 
reduces the bandwidth necessary for a single sig- 
nal so that many more signals can be placed ina 
given frequency band. 

synchronous orbit See GEOSTATIONARY ORBIT. 

synchronous _ satellite See GEOSTATIONARY 
SATELLITE. 

synchronous speed For an alternating-current 
(ac) machine, the speed corresponding to the ac 
frequency. 

synchronous transmission A method of signal 
transmission in which individual symbols are 
sent at a specified rate, according to a clock that 
also governs the receiver. 

synchronous vibrator See VIBRATOR-TYPE REC- 
TIFIER. 

synchroscope 1. An oscilloscope having a high- 
speed sweep triggered by a synchronizing signal. 
Such an instrument is valuable for viewing high- 
speed pulses. 2. A pointer-type instrument used 
to indicate the synchronism between two power 
alternators. 

synchro system A circuit or system using syn- 
chros for the transmission and reception of posi- 
tioning signals. Also see SYNCHRO. 

synchrotron A particle accelerator that uses a 
high-frequency electrostatic field and a low- 
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frequency magnetic field to impart very high 
velocity to the particles. 

sync pulse 1. A pulse used to control the fre- 
quency or repetition rate of an oscillator or other 
generator. 2. In a television system, a pulse 
transmitted as part of the composite video signal 
to control scanning. Also see HORIZONTAL SYNC 
PULSE and VERTICAL SYNC PULSE. 

sync separator In a television receiver circuit, a 
stage used to separate and deliver the sync 
pulses from the composite video signal. See, for 
example, DIODE SYNC SEPARATOR. 

sync signal See SYNCHRONIZING SIGNAL. 

sync takeoff The point in the video amplifier cir- 
cuit of a television receiver at which the compos- 
ite video signal is sampled to extract the sync 
pulses. 

syntax 1. The rules by which computer program 
statements are structured. 2. The way that a 
written or spoken sentence is constructed. It is 
important in speech recognition and speech syn- 
thesis. 

synthesis The rigorous (usually mathematical) de- 
sign of an electronic circuit or device and the ac- 
curate prediction of its performance. Compare 
ANALYSIS. 

synthesizer 1. See SIGNAL SYNTHESIZER. 2. A 
circuit synthesizer (i.e., a device that allows a 
wide variety of circuits to be set up temporarily or 
simulated, for testing and evaluating). Some- 
times, a specially programmed computer serves 
this purpose. 3. A keyboard on which music can 
be played, and whose output can be adjusted to 
simulate the sounds of various musical instru- 
ments. 4. See MOOG SYNTHESIZER. 
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synthetic bass An apparent accentuation of bass 
notes resulting from intermodulation distortion 
in an amplifier. 

synthetic crystal An artificially produced crystal, 
such as synthetic quartz. 

synthetic resin An artificially produced resin. Also 
see THERMOPLASTIC MATERIAL and THER- 
MOSETTING MATERIAL. 

syntony See RESONANCE. 

syst Abbreviation of SYSTEM. 

system 1. An integrated assemblage of hardware 
and/or software elements operating together to 
accomplish a prescribed end purpose (e.g., servo 
system, operating system, and communications 
system). 2. A methodology incorporating fixed 
and ordered procedures for accomplishing an end 
purpose. 3. A self-contained computer worksta- 
tion. 

systematic error See CUMULATIVE ERROR. 

system engineering See SYSTEMS ENGINEER- 
ING. 


5059F-pS-607-670 4/10/01 9:47 AM Page 670 cp 


system of units A set of fundamental units for 
defining the magnitudes of all physical variables. 
The most common system of units is the stan- 
dard international (SI) system. 

systems analysis In computer system operation, 
analyzing the way something is done and devising 
a better alternative by isolating the problem area, 
scrutinizing the system as it stands, studying 
what is thereby disclosed, devising the alternate 
application of software and/or hardware, dissemi- 
nating the revised operational procedure, and 
overseeing the implementation of the new method. 

systems engineering The branch of engineering 
devoted to the design, development, and applica- 
tion of complete systems. The approach takes 
into consideration all elements in a system or 
process and their integration. 

systems flowchart A flowchart showing the inter- 
relationship of activities in a system. 

Sz band A section of the S BAND, extending from 
3900 to 4200 MHz. 
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T 1.Symbol for TRANSFORMER. 2. Abbreviation of 
prefix TERA-. 3. Symbol for thermodynamic tem- 
perature. 4. Symbol for TRITIUM. 5. Abbreviation 
of TON. (Also, t and tn.) 6. Abbreviation of TESLA. 
7. Symbol for KINETIC ENERGY. 8. Symbol for 
PERIOD. 9. Symbol for true. 

t 1. Symbol for TIME. 2. Abbreviation of TON. 
(Also, T and tn.) 3. Symbol for CELSIUS TEM- 
PERATURE. (Also, T.) 4. Abbreviation of TARGET. 
5. Abbreviation of technical. 6. Abbreviation of 
TENSION. 

Ta Symbol for TANTALUM. 

tab On the keyboard for a computer, typewriter, 
terminal, or word-processing system, a key that 
moves the cursor a specified number of spaces 
toward the right. It also performs various other 
functions in menu-driven or graphical computer 
interfaces. 

table In an internal or external computer memory, 
an array (i.e., a list or matrix) of data that can 
be recalled using keys (e.g., single- or double- 
subscripted variables). 

table look-at Abbreviation, TLA. In computer oper- 
ations, finding the position of a data item in a 
table by implementing an algorithm. 

table look-up Abbreviation, TLU. In computer op- 
erations, locating items in a table by inspecting 
what is in the table, key by key. 

tabulate In data processing, to combine the totals 
for data item groups having the same key. 

tabulation 1. The printout of what has been tabu- 
lated (see TABULATE). 2. The computer-program- 
directed movement of the cursor on a 
cathode-ray-tube display, or of a typewriter car- 
riage, to certain positions in a line. 


tabulator See TAB. 

tacan A pulse-type UHF air navigation system in 
which a station is interrogated by signals from an 
aircraft to provide bearing and range information. 
The name is an acronym for tactical air naviga- 
tion. 

tach Abbreviated form of tachometer. 

tachometer See ELECTRONIC TACHOMETER. 

tachometer generator A small, dynamo-type elec- 
tric generator that delivers a voltage proportional 
to the rotational speed of a shaft to which it is at- 
tached. 

tachyon A high-speed subatomic particle thought 
to move faster than the speed of light. 

tactical air navigation See TACAN. 

tactical radar A radar system used in military op- 
erations. 

tactile sensor A device that provides an intelligent 
machine with a sense of “touch”: temperature, 
pressure, force, texture, and torque. It is impor- 
tant in robotics, and also in some computer ap- 
plications, such as virtual reality (VR). 

T-adapter See TEE-JUNCTION. 

tag 1. In data-processing and computer opera- 
tions, the identification of digits or characters 
forming part of a record. 2. An encoded price tag 
(i.e., a passive transponder or barcode strip). It is 
commonly used in retail stores. 

tag converter A device that senses the information 
on tags (see TAG, 2) and transfers it to a com- 
puter system. 

tail 1. The decay of a waveform from maximum 
amplitude to zero amplitude. 2. Any pulse that 
follows a main pulse as a result of the main 
pulse. 
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taillight monitor An electronic device for warning 
a motorist of taillight failure. 

tail pulse 1. A pulse with a fast rise time, but a 
slow decay time. 2. See TAIL, 2. 

takedown In computer operations, the process of 
clearing output peripherals for upcoming pro- 
gram runs. 

take-down time The duration of the TAKEDOWN 
process. 

take-up reel In a reel-to-reel tape recorder/repro- 
ducer, the reel on which the tape accumulates 
during recording or reproduction. 

talk-back circuit See INTERPHONE. 

talk-listen switch A transmit-receive switch in an 
intercommunication system (see INTERCOM). 

talk power See SPEECH POWER. 

tally 1. To obtain a sum or total. 2. The rows of 
operands, subtotals, and totals that an adding 
machine prints. 

tally reader A device that, via optical character 
recognition (OCR), can read the digits and sym- 
bols on a tally (see TALLY, 2). 

tamper switch A device that closes a circuit or ac- 
tuates an alarm when a certain set of conditions 
is altered. 

tan Abbreviation of TANGENT. 

tan” Arc tan (inverse tangent function). 

tandem transistor An assembly of two series- 
connected transistors in the same envelope. 

tangent 1. Abbreviation, tan. The ratio of the side 
opposite to the side adjacent to an acute angle in 
a right triangle. 2. A line that intersects a curve at 
a single point without crossing the curve. 3. A 
plane that intersects a curved surface at a single 
point. 

tangent galvanometer A galvanometer in which 
the current is proportional to the tangent of the 
angle of deflection. Compare SINE GALVANO- 
METER. 

tangential mode In acoustics, the reflection of 
sound waves from four surfaces in a room having 
six interior surfaces. 

tanh Abbreviation of HYPERBOLIC TANGENT. 

tank 1. A parallel-resonant inductance-capaci- 
tance circuit in the output of a radio-frequency 
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amplifier. 2. A circuit in which is stored electrical 
energy of frequencies in a range whose midpoint 
is resonance for the circuit. 3. See MERCURY 
DELAY LINE. 

tantalum Symbol, Ta. A metallic element of the 
vanadium family. Atomic number, 73. Atomic 
weight, 180.95. Tantalum is used in the elements 
of some electron tubes and in some electrolytic 
capacitors. 

tantalum capacitor A type of electrolytic capacitor 
that uses tantalum rather than aluminum. The 
tantalum can be foil, as is the aluminum in a con- 
ventional electrolytic capacitor. It might also take 
the form of a porous pellet, the irregular surface 
of which provides a large area in a small volume. 
An extremely thin oxide layer forms on the tanta- 
lum. These capacitors have high reliability and 
excellent efficiency, and are used in military ap- 
plications because they have a low failure rate. 
They can be used in audio and digital circuits in 
place of aluminum electrolytic capacitors. The 
main disadvantage of tantalum capacitors is that 
they are comparatively expensive. Compare CE- 
RAMIC CAPACITOR, ELECTROLYTIC CAPACI- 
TOR, MICA CAPACITOR, PAPER CAPACITOR, 
PLASTIC-FILM CAPACITOR. 


Lead 
Electrolyte 
Tantalum 
Metal case 
Lead 


tantalum capacitor 


tantalum detector A radio-frequency contact de- 
tector consisting essentially of a fine tantalum 
wire whose point lightly touches the surface of a 
small pool of mercury. 

tantalum-nitride resistor A resistor consisting of 
a thin film of tantalum nitride deposited on a 
substrate. Also see THIN FILM. 

T-antenna See TEE-ANTENNA. 

tap Aconnection made to an intermediate point on 
a coil, resistor, or other device. See, for example, 
CENTER TAP and TAPPED COMPONENT. 

tap changer A device that facilitates adjustment of 
the turns ratio of a transformer by changing the 
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tap on the primary winding, the secondary wind- 
ing, or both. It also facilitates the adjustment of 
the impedance-transfer ratio. It can be used for 
power supplies or audio- or radio-frequency 
transformers. 

tape 1. Magnetic tape. 2. Insulating tape. 3. To 
make a magnetic tape recording (audio, video, 
and/or digital data). 

tape cable 1. A form of cable in which all of the 
conductor centers lie in the same plane. 2. A flat 
cable, commonly used in situations, where re- 
peated flexing occurs. 

tape cartridge A holder and the reel of blank or 
prerecorded magnetic (%-inch audio or wider 
video) tape it contains, which can be inserted into 
a recorder/reproducer without having to thread 
or otherwise handle the tape for either playing or 
rewinding. 

tape comparator In a data-processing or com- 
puter system, a machine that compares tapes 
generated from the same input, for differences in 
the data thereon; it is a character-by-character 
process. 

tape core A ring-type magnetic core made by 
tightly winding metal tape in several layers for the 
desired thickness. 

tape counter See POSITION INDICATOR. 

tape deck Ina tape recorder/reproducer, the com- 
plete tape-transport mechanism (drive, heads, 
equalization circuitry, and preamplifiers). 

tape drive 1. See TAPE TRANSPORT. 2. See TAPE 
DECK. 3. A tape recorder/reproducer for com- 
puter data, used for backup and/or archiving. 

tape file A data file recorded on magnetic tape. 

tape group An assembly of two or more tape decks. 

tape label On a reel or cassette of magnetic tape 
containing a data file, a record at the beginning or 
end that contains information about the file. 

tape loop An endless loop of magnetic tape. 

tape magazine See TAPE CARTRIDGE. 

tape mark 1. A character that subdivides the mag- 
netic tape file on which it is recorded. Also called 
CONTROL MARK. 2. A character marking the end 
of a length of magnetic tape on a reel. Also called 
END-OF-TAPE MARK. 

tape plotting system In computer operations, a 
system for operating a digital incremental plotter 
using the information on magnetic tape. 

taper In a potentiometer or rheostat, the rate of 
change in resistance during uniform rotation of 
the shaft. See, for example, LINEAR TAPER and 
LOG TAPER. 

tape recorder A machine for recording audio, 
video, or data signals on magnetic tape; it can 
usually also play back the recorded material. 

tapered potentiometer A potentiometer having a 
tapered resistance winding (see TAPERED WIND- 
ING). 

tapered winding A resistance winding (in a rheo- 
stat or potentiometer) in which the resistance 
change per unit length of winding is nonuniform 
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(see, for example, LOG TAPER). However, a wind- 
ing having uniform resistance change is often 
called LINEAR TAPER. 

tape skew A condition in which a magnetic tape 
passes between the recording or playback heads 
in an irregular way. The result is that the various 
channels, or tracks, are not always perfectly 
aligned. 

tape sort The (computer) operation of sorting data 
in a magnetic tape file into a record-key- 
determined sequence. 

tape splicer A mechanism that aligns and secures 
the overlapping ends of broken magnetic tape so 
that they can be cut (often with an integral cutter) 
to form butted ends, and taped into a splice. 

tape station See TAPE DECK. 

tape-to-head contact See HEAD-TO-TAPE CON- 
TACT. 

tape transmitter A transmitter that receives its 
signal input from a recorded tape. 

tape transport In a tape deck or reproducer, the 
device that moves the tape past the heads. 

tape unit 1.See TAPE DECK. 2. See TAPE GROUP. 

tape verifier In computer operations, a device that 
checks the integrity of data on paper tape 
through comparison with an original document. 

tape width In magnetic tape, the dimension perpen- 
dicular to tape travel; in general, the greater the 
tape width, the more tracks the tape can contain. 

tape-wound core See TAPE CORE. 

tapped coil An inductor to which one or more in- 
termediate connections (taps) are made at appro- 
priate turns to provide intermediate values of 
inductance. 

tapped component A coil, transformer, choke, re- 
sistor, or other component in which an interme- 
diate connection is made. See, for example 
TAPPED COIL. 

tapped inductor See TAPPED COIL. 

tapped resistor A resistor in which one or more in- 
termediate connections (taps) are made to appro- 
priate parts of the resistance element to provide 
steps of resistance. 

tapped transformer A transformer having one or 
more tapped windings. 

tapped winding A transformer or choke winding 
with one or more taps. Also see TAP and TAPPED 
COIL. 

tap switch A multiposition switch used to connect 
an external circuit to various taps on a compo- 
nent. Also see SELECTOR SWITCH and TAP. 

target 1. The bombarded electrode in an X-ray 
tube. 2. The scanned storage element in a televi- 
sion camera tube. 3. In radar operations, the 
scanned object. 4. An object intended for nu- 
clear-particle bombardment. 5. A goal—espe- 
cially in a production process (deadline, desired 
number of units, etc.). 

target acquisition 1.The moment at which a target 
comes within the range of a radar system. 
2. The observation of a new target on a radar screen. 
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target discrimination The extent to which a radar 
system can distinguish between two targets that 
are close together. Also called target resolution. It 
is specified in linear units (such as meters, kilo- 
meters, or miles). 

target identification Any method by which the 
identity of a radar target is determined. 

target voltage In a television camera tube, the 
backplate-to-cathode voltage. 

task environment The characteristics of the space 
in which an autonomous robot works. It depends 
on such factors as the intended application(s), 
the required speed at which the robot(s) must 
work, and the human/robotic or computer/ 
robotic interface. 

task-level programming In robotics, the writing of 
programs to perform sequences of actions. A 
complex process, it is a primitive level of artificial 
intelligence (AI). An example is a program that di- 
rects a robot to prepare and serve a meal. 

taut-band meter A movable-coil meter in which 
the conventional spiral springs of the coil are re- 
placed by two tightly stretched, thin, straight 
metal ribbons, whose twist provides torque that 
returns the pointer to zero after a deflection. 

Tb Symbol for TERBIUM. 

BS Abbreviation of talk between ships. 

Te Symbol for TECHNETIUM. 

TCCO Abbreviation of | TEMPERATURE-CON- 
TROLLED CRYSTAL OSCILLATOR. 

T circuit See TEE NETWORK. 

T circuit parameters See R PARAMETERS. 

T circulator See TEE CIRCULATOR. 

TCL Abbreviation of TRANSISTOR-COUPLED 
LOGIC. 

TCM Abbreviation of thermocouple meter 
THERMOCOUPLE-TYPE METER). 

TDM Abbreviation of TIME-DIVISION MULTIPLEX. 

TDR 1. Abbreviation of TIME-DELAY RELAY (see 
DELAY RELAY). 2. Abbreviation of TIME- 
DOMAIN REFLECTOMETRY. 


(see 


TDS Abbreviation of TIME-DELAY SPECTROME- 
TRY. 
Abbreviation of transverse electric (see, for ex- 

ample, TRANSVERSE ELECTRIC MODE). 

Te Symbol for TELLURIUM. 

teach box A robot-control device via which an op- 
erator can program the machine to carry out spe- 
cific movements. The operator manipulates 
controls, and the robot's computer stores the 
data. When the data is accessed, the robot repro- 
duces the motions. 

tearing Ina television picture, the abnormal condi- 
tion in which poor synchronization causes the 
horizontal lines to be irregularly displaced. The 
effect resembles cloth being torn. 

technetium Symbol, Tc. A metallic element pro- 
duced artificially. Atomic number, 43. Atomic 
weight, 98. Formerly called masurium. 

technician 1. A person who repairs faulty 
electronic equipment. 2. A person who assists 
with the design and debugging of a system proto- 
type. 3. A person who operates an electronic 
system. 

technocentrism Overdependence on, and/or ob- 
session with, the products of technology, particu- 
larly computers. 

tee Pertaining to a network, connection, or config- 
uration whose geometric shape or schematic rep- 
resentation resembles an uppercase letter T. 

tee adapter See TEE JUNCTION. 

tee antenna An antenna consisting of a horizontal 
radiator with a vertical lead-in or feeder con- 
nected to its center point. 
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tee circuit See TEE NETWORK. 

tee circulator In microwave systems, a tee-shaped 
junction of three waveguides with a ferrite post at 
the junction. 

tee-equivalent circuit An equivalent circuit in 
which the components are arranged in the form 
of a tee. See, for example, TEE NETWORK and 
R PARAMETERS. 
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tee junction 1. A tee-shaped splice between two 
wires. 2. A tee-shaped fixture for splicing one coax- 
ial line perpendicularly to another. 3. A tee-shaped 
section for joining one waveguide perpendicularly 
to another. Also called WAVE GUIDE TEE. 


tee junction 


tee network A three-terminal network resembling 
a tee. 

tee pad A three-resistor pad in which two series re- 
sistors and a shunt resistor are arranged to form 
a tee. 

tee switch A combination of three switches ar- 
ranged to form a tee; two switches are in series 
with a shunt switch in between. If the series 
switches are open and the shunt switch is closed, 
isolation is greatly improved, compared to a sin- 
gle series switch. 

Teflon FEP A plastic insulating material. Dielectric 
constant, 2.1. Dielectric strength, 2800 V/mil. 

Teflon TFE A plastic insulating material. Dielectric 
constant, 2.2. Dielectric strength, 600 V/mil. 

tel 1. Abbreviation of TELEPHONE. 2. Abbrevia- 
tion of TELEGRAPH. 3. Abbreviation of TELE- 
GRAM. 

telautograph A device that transmits and receives 
handwriting, drawings, and similar material. At 
the receiver, a pen follows the movements of a 
similar pen at the transmitter. 

teleammeter A TELEMETER for measuring cur- 
rent generated at a remote point. 

telecamera See TELEVISION CAMERA. 

telecast A television program for general reception. 
The term a contraction of television broadcast. 

telechir A remotely controlled, autonomous robot. 
See TELEOPERATION and TELEPRESENCE. 

telecommunication Communication, usually be- 
tween widely separated points, by electrical or 
electronic means. 

telecontrol See REMOTE CONTROL and TELEOP- 
ERATION. 

telefacsimile See FACSIMILE. 

telegram Abbreviation, tel. A (usually printed-out) 
message transmitted and received via telegraph 
or teletypewriter. Compare CABLEGRAM and RA- 
DIOGRAM. 

telegraph Abbreviation, tel. An instrument for 
transmitting and receiving messages by means of 
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telegraphy. In its simplest form, it consists of a 
key and a sounder powered by a battery. Also see 
PRINTING TELEGRAPH, 1, 2. 

telegraph channel 1. The frequency band as- 
signed to a particular telegraph station. 2. The 
frequency band occupied by a telegraph signal. 

telegraph code Broadly, Morse code. Wire telegra- 
phy often uses a special version, such as the 
American Morse code. 

telegraph key See KEY, 1. 

telegraph sounder See SOUNDER. 

telegraph system A complete, integrated, coordi- 
nated arrangement of equipment for communica- 
tion by means of telegraphy. Included are 
telegraph keys or keyers, sounders or printers, 
relays, switchboards, wire lines and cables, and 
power supplies. 

telegraphy The branch of electrical communica- 
tions that deals with the transmission and recep- 
tion of messages by means of prearranged 
codes—especially over wires. Also see MORSE, 1, 
2, 3; MORSE CODE; and WIRE TELEGRAPHY. 

telemeter 1. An indicating instrument that mea- 
sures the value of a quantity generated at a dis- 
tant point or measures and transmits the value. 
2. The action afforded by the device in 1. 

telemetering See TELEMETRY. 

telemeter receiver See TELEMETRIC RECEIVER. 

telemeter transmitter See TELEMETRIC TRANS- 
MITTER. 

telemetric receiver A system that selects, ampli- 
fies, and demodulates or rectifies a radio signal, 
and actuates indicating instruments, recorders, 
or data processors. 

telemetric transmitter A specialized transmitter 
that generates radio-frequency (RF) power, adds 
to it signals delivered by data transducers, and 
delivers the modulated power to an antenna for 
transmission to a distant telemetric receiver. 

telemetry The transmission of data signals over a 
distance, either by radio or wire, and the recep- 
tion and application of the signals to indicating 
instruments, recorders, etc. 

teleoperation The remote control of autonomous 
robots. A human operator can control the speed, 
direction, and other movements of a robot from 
some distance away. See also TELEPRESENCE. 

telephone Abbreviation, tel. An instrument for 
transmitting and receiving messages by means of 
telephony. In its simplest form, it consists of a 
microphone, earphone, switching and ringing de- 
vices, wire line or cable, and power supply. Also 
see HANDSET. 

telephone accessories Devices (such as answering 
machines, speaker phones, facsimile machines, 
etc.) used in conjunction with a telephone set. 

telephone amplifier A small audio amplifier, usu- 
ally with a self-contained loudspeaker, for in- 
creasing the sound volume of a telephone output. 
Some amplifiers of this kind are connected to the 
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telephone line, and others receive sound from the 
telephone receiver. 

telephone-answering machine See ANSWERING 
MACHINE. 

telephone bypass capacitors A set of fixed capac- 
itors installed between each wire in a telephone 
line and an electrical ground to bypass radio- 
frequency energy. It can reduce or prevent radio- 
frequency interference (RFI) to telephone sets and 
data terminals. 

telephone data set A device that converts signals 
from a data terminal for passage over a telephone 
circuit to a data-processing center. 

telephone dialer In a security system, a circuit 
that automatically dials one or more telephone 
numbers, alerting the recipient(s) that an emer- 
gency exists at a given location. 

telephone induction coil A small telephone-to- 
line impedance-matching transformer used in 
telephone systems. 

telephone patch See PHONE PATCH. 

telephone pickup A device for receiving conversa- 
tions from a telephone to which it isn’t directly 
connected. 

telephone plug See PHONE PLUG. 

telephone-radio patch See PHONE PATCH. 

telephone receiver The handheld part of a tele- 
phone set, containing the microphone and ear- 
phone, and, in some cases, the dialing keypad. 

telephone repeater An amplifier and associated 
equipment used to boost the amplitude of a tele- 
phone signal at an appropriate point along the 
line. 

telephone service entrance The point at which 
the telephone wiring in a house or building con- 
nects to the outside telephone line. 

telephone silencer A device for muting a tele- 
phone or its bell. 

telephone system A complete, integrated, and co- 
ordinated arrangement of equipment for commu- 
nication by means of telephony. Included are 
telephones, switchboards and associated equip- 
ment, wire lines and cables, and power supplies. 
Also see DIAL TELEPHONE SYSTEM, HANDSET, 
PRIVATE AUTOMATIC EXCHANGE (PAX), PRI- 
VATE BRANCH EXCHANGE (PBX), and TELE- 
PHONE. 

telephone test set See PHONE TEST SET. 

telephone transmitter The sound pickup unit 
(microphone) of a telephone. Also see TRANSMIT- 
TER, 2. 

telephony The branch of electrical communication 
dealing with the transmission and reception of 
sounds—especially over wires. Also see WIRE 
TELEPHONY. 

Telephoto 1. The transmission and/or reception 
of photographs by means of FACSIMILE. 2. A 
photograph transmitted and/or received by 
means of FACSIMILE. 

telephoto lens A camera lens providing a tele- 
scopic effect. 
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Telephoto receiver See FACSIMILE RECEIVER. 

Telephoto transmitter See FACSIMILE TRANS- 
MITTER. 

telepresence An advanced form of robotic TELE- 
OPERATION, in which a human operator has the 
impression of being at the robot’s location. It in- 
cludes vision systems, pressure sensors, sound 
sensors, tactile sensors, and electromechanical 
control devices. The operator uses, or wears, 
equipment similar to that used for VIRTUAL RE- 
ALITY (VR). 

teleprinter A terminal telegraph printing machine. 
Also see PRINTING TELEGRAPH, 1, 2. 

TelePrompTer A device that presents a running 
display on a screen before a television announcer, 
performer, or speaker, of dialogue. 

teleran A ground-to-air communications system. 
Ground-based radar pictures are transmitted, via 
television, to aircraft. 

telescoping antenna A vertical antenna consisting 
of separate lengths of metal tubing of progres- 
sively smaller diameter so that one can slide into 
another. The antenna can be pulled out to full 
length or compressed to the length of the largest- 
diameter section. 


C7 tte 
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teletext A method of communication in which a 
video image is sent of a page of printed material. 

telethermoscope A device for measuring the tem- 
perature of distant objects. 

Teletorque See AUTOSYN and SYNCHRO. 

Teletype 1. The transmission and/or reception of 
text messages in digital form, displayed or 
printed at a distant location. 2. See TELETYPE- 
WRITER. 

teletype grade A term descriptive of a circuit hav- 
ing the quality necessary for communication via 
telegraphy. 

Teletypesetter An electronic system for operating 
a distant Linotype. 

teletypewriter A variety of printing telegraph us- 
ing electric typewriters and associated equip- 
ment. The message is typed on the keyboard at 
the transmitting station and is typed out in corre- 
sponding letters at the receiving station. The 
same typewriter is able to send and receive mes- 
sages. Also see RADIOTELETYPEWRITER. 

teletypewriter exchange Abbreviation, TWX. A 
center for switching and routing teletypewriter 
communications. Also see TELETYPEWRITER. 

teleview To observe a scene or program via televi- 
sion. 

televise 1. To convert a scene into a television 
signal. 2. To broadcast a scene or program via 
television. 
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television 1. Abbreviation, TV. The transmission 
and/or reception, via electromagnetic fields, wire 
cable, and/or fiberoptic cable, of images, usually 
with sound. 2. A system for receiving signals, as 
defined in 1. 3. Video programs or data, with or 
without sound, transmitted via electromagnetic 
fields, wire cable, and/or fiberoptic cable. 

television band See UHF TELEVISION CHANNELS 
and VHF TELEVISION CHANNELS. 

television camera The pickup device that scans a 
scene and delivers a series of electrical signals 
that can be used to reconstruct the image on the 
screen of a picture tube. 

television-camera tube See CAMERA TUBE, 
ICONOSCOPE, and ORTHICON. 

television channel A radio-frequency band allo- 
cated exclusively for the transmission of a televi- 
sion signal. In conventional broadcasting, this 
band is usually 6 MHz wide. See, specifically, 
UHF TELEVISION CHANNELS and VHF TELEVI- 
SION CHANNELS. 

television engineer A trained professional skilled 
in video electronics engineering, as well as in ba- 
sic engineering and associated subjects. 

television engineering The branch of electronics 
engineering devoted to the theory and application 
of television. 

television interference Abbreviation, TVI. Inter- 
ference to the reception of television signals, usu- 
ally occasioned by signals from radio services or 
computers, or by electrical noise. 

televisor 1. A television transmitter or receiver. 
2. A person or entity responsible for the broadcast 
of television programs or signals. 

televoltmeter A TELEMETER for measuring volt- 
age generated at a remote point. 

telewriter See TELAUTOGRAPH. 

Telex 1. A teleprinter system that operates via the 
telephone lines, and was once commonly used by 
businesses for sending and receiving short mes- 
sages. It has largely been supplanted by computer- 
ized data communications systems. 2. A hard-copy 
message sent or received by such a system. 

telluric currents Also called terrestrial currents. 
A flow of electrical charge carriers, primarily elec- 
trons, in the earth. 

tellurium Symbol, Te. A rare, metalloidal element 
related to selenium. Atomic number, 52. Atomic 
weight, 127.60. 

TE mode See TRANSVERSE ELECTRIC MODE. 

temp 1. Abbreviation of temperature. (Also, T.) 
2. Abbreviation of temporary. 3. Abbreviation of 
TEMPLATE. 

temperament The tuning of a keyboard-type mu- 
sical instrument to produce a nearly perfect dia- 
tonic scale. 

temperature Symbol, T. A quantitative measure of 
the heat exhibited by an object or phenomenon. 
Also see THERMOMETER SCALE. 

temperature coefficient A figure that states the 
extent to which a quantity drifts or varies under 
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the influence of changing temperature. It is gen- 
erally expressed in percent per degree (%/°C) or 
in parts per million per degree (ppm/°C). 

temperature-compensated crystal oscillation 
Oscillation in a crystal oscillator, in which the 
crystal and/or circuit is automatically compen- 
sated against frequency drift caused by tempera- 
ture change. 

temperature-compensating component A circuit 
component, such as a capacitor or resistor, whose 
temperature coefficient is equal in magnitude and 
opposite in sign to that of a conventional compo- 
nent to which it is connected to cancel tempera- 
ture-induced variation in the latter’s value. 
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temperature compensation The use of a device, 
such as a temperature-compensating compo- 
nent, to correct a temperature-induced deviation 
in the value of a conventional component. 

temperature control 1. The adjustment of tem- 
perature. 2. The automatic maintenance of tem- 
perature at a desired level, as in a 
temperature-controlled oven. 3. A device for con- 
trolling temperature, as defined in 1 or 2. 

temperature-controlled crystal oscillator Abbre- 
viation, TCCO. A high-precision crystal oscillator 
in which the crystal plate (and sometimes the cir- 
cuitry, as well) is held at constant temperature. 

temperature degree See DEGREE, 2 and THER- 
MOMETER SCALE. 

temperature derating Deliberate reduction of op- 
erating current and/or voltage of a device to a 
specific temperature to ensure proper operation. 
Also see DERATING, DERATING CURVE, and 
DERATING FACTOR. 
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temperature gradient A range of temperature 
variation, such as the rate of change of tempera- 
ture, with respect to change of power dissipation, 
or the rate of change of temperature with spatial 
displacement. 

temperature inversion See INVERSION, 1. 

temperature meter An indicator (usually a direct- 
current voltmeter or millivoltmeter) whose scale 
reads directly in degrees. 

temperature scale See THERMOMETER SCALE. 

temperature-sensitive resistor See THERMIS- 
TOR. 

temperature shock See THERMAL SHOCK. 

temperature-to-voltage converter A circuit or de- 
vice, such as a thermocouple, that delivers an 
output voltage proportional to an applied temper- 
ature. 

template 1. A diagram, usually drawn on paper, to 
show the locations at which components should 
be placed or tasks should be performed. It is 
taped or cemented temporarily to the work, and 
the points are transferred to the latter by prick- 
punching. 2. A stencil-like plate with alphanu- 
meric and circuit symbols, used as a drafting aid. 
Sometimes called “drafting stencil.” 

temporary magnet 1. A body that exhibits mag- 
netism only briefly after it has been exposed to 
another magnet. Compare PERMANENT MAG- 
NET. 2. See ELECTROMAGNET. 

temporary storage 1. In computer and data-pro- 
cessing operations, the storage of data or instruc- 
tions only until they are needed. Also called 
INTERIM STORAGE. 2. Locations in a computer 
memory set aside during a program run for hold- 
ing intermediate results of operations. 

TEM wave See TRANSVERSE ELECTROMAG- 
NETIC WAVE. 

ten code A set of abbreviations used by two-way 
radio operators. Each “ten signal” represents a 
specific statement or query. 

tension 1. A force that tends to stretch, pull tight, 
or pull apart. Compare STRAIN. 2. A term refer- 
ring to VOLTAGE—especially in a utility power 
transmission line. 

ten-turn potentiometer A precision potentiome- 
ter whose shaft must be turned through 10 com- 
plete revolutions to cover the entire resistance 
range. Also see HELICAL POTENTIOMETER and 
MULTITURN POTENTIOMETER. 

T-equivalent circuit See TEE-EQUIVALENT CIR- 
CUIT. 

tera- Abbreviation, T. 1. A_ prefix meaning 
trillion(s), (i-e., 10!%). 2. A prefix meaning 27°. 

tera-electronvolt Abbreviation, TeV. A large unit 
of energy; 1 TeV = 10!? electronvolts. Also see 
ELECTRONVOLT. 

terahertz Abbreviation, THz. A unit of extremely 
high frequency equal to 10!? Hz. Also called Fres- 
nel. 

teraohm A unit of high resistance, reactance, or 
impedance equal to 10! ohms. 


5059F-pT-671-699 4/10/01 9:51 AM Page 678 cp 


terawatt Abbreviation, TW. A large unit of power; 
1 TW = 10? W. 

terbium Symbol, Tb. A metallic element of the 
rare-earth group. Atomic number, 65. Atomic 
weight, 158.93. 

terbium metals A group of rare-earth metals, in- 
cluding europium, gadolinium, terbium, and occa- 
sionally dysprosium. 

term In an algebraic expression, constants, vari- 
ables, or combinations of these, separated by op- 
eration signs (e.g., the expression 4xy + z has two 
terms). 

terminal 1. A connection point at the input, out- 
put, or an intermediate point of a device, or a 
point at which a voltage is to be applied. 2. A 
metal tab or lug attached to the end of a lead for 
connection purposes. 3. Pertaining to the end of a 
series of events, etc. (e.g., terminal tests). 4. Ina 
data-communications system, a point of data in- 
put or output. Also called data terminal. If it does 
not have computing capability of its own, it is of- 
ten called a dumb terminal. 

terminal block A group of several terminals, in- 
tended for interconnection of circuits, mounted 
on a solid insulating block. 

terminal board An insulating board carrying sev- 
eral lugs, tabs, or screws as terminals (see TER- 
MINAL, 2). Also see TERMINAL STRIP. 

terminal guidance The navigation of a missile or 
aircraft to help it reach its target or destination. 

terminal impedance The internal impedance of a 
device measured at the input or output termi- 
nals. 

terminal point of degradation The point at which 
degradation of a circuit or component is com- 
plete. Also see DEGRADATION FAILURE. 

terminal repeater A telephone repeater operated 
at the end of a line. 

terminal strip A strip of insulating material, such 
as plastic or ceramic, on which are mounted one 
or more screws, lugs, or other terminals. Also see 
TERMINAL, 2. 


lal el oleh lel eh tl 
terminal strip (lug-type) 


terminal voltage The voltage at the output termi- 
nals of an unloaded battery or generator. 

ternary code See TRINARY NUMBER SYSTEM. 

ternary fission The splitting of an atomic nucleus 
into three nuclear pieces. Also see FISSION. 

ternary number system See TRINARY NUMBER 
SYSTEM. 

terrain echoes Radar images caused by reflections 
from hills, mountains, and other natural ter- 
restrial surface features. Also see GROUND 
CLUTTER. 
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terrestrial magnetism See EARTH’S MAGNETIC 
FIELD. 

tertiary coil A third winding 
WINDING). 

tertiary winding A third winding on a transformer 
or magnetic amplifier. 

tesla Symbol, T. A unit of magnetic flux density; 1 
T = 1 weber per square meter = 10* gauss. 

Tesla coil A special type of air-core step-up trans- 
former for developing high voltage at radio fre- 
quencies. It consists essentially of a low-turn 
primary coil, through which radio-frequency (RF) 
current flows, and a multiturn secondary coil, 
across which the high voltage, is developed. 

test A procedure consisting of one or several steps, 
in which (1) the mode of operation of a circuit or 
device is established, (2) the value of a component 
is ascertained, or (3) the behavior of a circuit or 
device is observed. 

test bench An equipment installation intended for 
the testing, repair, or debugging of electronic de- 
vices by a technician. 

test data Data used to test a computer program, 
including samples within limits that might be en- 
countered during the program’s implementation. 

tester 1. See TEST INSTRUMENT. 2. A technician 
who primarily makes tests and measurements. 

testing window See WINDOW, 2. 

test instrument A device for checking the opera- 
tion of a circuit or the value of a component. This 
class of instrument is usually less accurate than 
measurement instruments. Also see TEST SET. 

test lead The flexible, insulated wire attached to a 
test prod. 

test pattern A picture-and-line display on the 
screen of a television picture tube, used to check 
such features as aspect ratio, linearity, contrast, 
etc. 

test point A terminal intended for connection of 
test equipment in the repair or debugging of a cir- 
cuit. Often, test points are labeled by the letters 
TP followed by numerals (such as TP1, TP2, etc.). 

test probe See PROBE, 1. 

test prod Astick-type probe (see PROBE, 1) witha 
flexible, insulated lead terminating in a plug or 
lug for attachment to an instrument. 


(see TERTIARY 


test prods 


test program In computer operations, a program 
devised to check the functioning of hardware. 
Also called utility and test routine. 
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test run In computer operations, using test data to 
check the operation of a program, by comparing 
the results obtained thereby with what should 
ideally result. 

test set A combination of instruments assembled 
on a single panel, and usually enclosed in a car- 
rying case, for convenience in making tests. 

test signal 1. A signal used for conducting a test of 
a component, circuit, or system. 2. In radioteleg- 
raphy, a special signal signifying that the trans- 
mitting station is testing equipment. Also see 
VEE SIGNAL. 

test-signal generator A device, such as an oscilla- 
tor, for producing a signal for testing equipment 
(see TEST SIGNAL, 1). 

test tape A magnetic tape containing signals for 
testing equalization, frequency response, head 
adjustment, stereo balance, etc. in an audiotape 
recorder, high-fidelity sound system, computer 
tape drive, or videocassette recorder. 

tetravalent See QUADRIVALENT. 

tetrode An electron tube in which the principal 
electrodes are cathode, control grid, screen, and 
plate. 

tetrode transistor 1. A bipolar transistor with two 
emitters. 2. A dual-gate field-effect transistor. 


C 


E; Ey 


tetrode transistor 


TeV Abbreviation of TERA-ELECTRONVOLT. 

T. value The temperature at which a centimeter 
cube of glass or ceramic exhibits 1 megohm of re- 
sistance. 

TE wave See TRANSVERSE ELECTRIC MODE. 

text editor A computer program for finding and 
changing data in a file. 

texture map In computer graphics, the topograph- 
ical qualities of the surface of a three-dimen- 
sional rendition. For example, the image of an 
orange would have a “bumpy” texture map; the 
image of a peach would have a “fuzzy” texture 
map. 

texture sensing The ability of a robotic end effec- 
tor to determine the relative smoothness or 
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roughness of a surface. One common scheme 
uses reflected light or infrared. Scattered reflec- 
tions indicate a rough or matte surface. 

tgt Abbreviation of TARGET. 

TH Abbreviation of true heading. 

Th Symbol for THEORIUM. 

TH Symbol for heater temperature. 

thallium Symbol, Tl. A metallic element. Atomic 
number, 81. Atomic weight, 204.38. 

thalofide cell An evacuated photoconductive cell 
using thallium oxysulfide as the light-sensitive 
material. 

THD Abbreviation of TOTAL HARMONIC DISTOR- 
TION. 

theory A reasonable proposition put forth to ac- 
count for the behavior of, or the relationships be- 
tween, bodies and forces, or to explain concepts 
and their relations. When a theory has stood up 
under exhaustive tests, it might reveal a scientific 
law. 

therm A gas heating unit. 1 therm = 
British thermal units (10° Btu). 

thermal agitation Random movement of particles 
(such as electrons) in a substance, because of 
heat. 

thermal-agitation noise See THERMAL NOISE. 

thermal ammeter See HOT-WIRE AMMETER. 

thermal anemometer See HOT-WIRE ANEMO- 
METER. 

thermal conductivity The heat-conducting ability 
of a material. Compare electrical conductivity (see 
CONDUCTIVITY). 


100,000 


thermal conductivity 


Thermal conductivity 


Element (mW/m/°C) 
Aluminum 22.0 
Carbon 2.4 
Chrominum 6.9 
Cooper 39.0 
Gold 30.0 
Tron 7.9 
Lead 35 
Magnesium 16.0 
Mercury 0.8 
Nickel 8.9 
Platinum 6.9 
Silicon 8.4 
Silver 41.0 
Thorium 4.1 
Tin 6.4 
Tungsten 20.0 
Zinc 11.0 


thermal-conductivity device An instrument or 
control unit using a heated filament whose tem- 
perature and, accordingly, conductivity is varied 
by some sensed phenomenon. See, for example, 
GAS DETECTOR, HEATED-WIRE SENSOR, HOT- 
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WIRE ANEMOMETER, HOT-WIRE FLOW-ME- 
TER, and HOT-WIRE MICROPHONE. 

thermal-conductivity gasmeter See GAS DETEC- 
TOR. 

thermal detector 1. See BOLOMETER. 2. In a se- 
curity or fire-protection system, a device that 
closes a circuit or actuates an alarm if the tem- 
perature rises to a specific level. 

thermal emf See SEEBECK EFFECT. 

thermal gasmeter See GAS DETECTOR. 

thermal imaging See THERMOGRAPHY. 

thermal instrument See HOT-WIRE METER and 
THERMOCOUPLE-TYPE METER. 

thermally sensitive resistor See THERMISTOR. 

thermal meter See HOT-WIRE METER and THER- 
MOCOUPLE-TYPE METER. 

thermal neutron A neutron that is essentially in 
thermal equilibrium with the surrounding me- 
dium or environment. 

thermal noise Frequency-independent electrical 
noise caused by the agitation of particles (e.g., 
atoms and electrons) in a material by heat. Ther- 
mal noise is proportional to bandwidth, resis- 
tance, and absolute temperature. 

thermal radiation See HEAT. 

thermal recorder A graphic recorder in which a 
strip of paper coated with a thin layer of opaque 
wax is drawn between a knife-edge platen and a 
heated writing stylus that melts the wax beneath 
its point, exposing the underlying black paper as 
a fine line. 

thermal resistance Symbol, RT. For a semicon- 
ductor device, the rate of change of junction tem- 
perature, with respect to power dissipation; RT = 
dT/dP, where RT is in degrees Celsius per milli- 
watt, Tis the temperature in degrees Celsius, and 
Pis the power in milliwatts. 

thermal resistor A resistor that is sufficiently 
temperature-sensitive to be used as a heat sen- 
sor. Examples: thermistor and germanium 
diode. 

thermal response time For a power-dissipating 
component, the elapsed time between the initial 
change in power dissipation and the moment at 
which the temperature has changed by a speci- 
fied percentage (usually 90%) of the total value. 

thermal runaway A destructive process resulting 
from cumulative temperature effects. In bipolar 
transistors, this can occur if the collector current 
increases as the temperature rises. As the unit 
gets hotter, the collector-base junction dissipa- 
tion increases, generating still more heat. The 
ultimate result, if the process continues 
unchecked, is destruction of the component. The 
process can also occur in certain batteries when 
they are charged too rapidly or at excessively high 
temperatures. 

thermal shock The effect of applying heat or cold 
to a device so rapidly that abnormal reactions oc- 
cur, such as rapid (often catastrophic) expan- 
sions and contractions. 
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thermal switch A switch actuated by a tempera- 
ture change. Types vary from the simple thermo- 
stat to complex servosystem switches with a 
temperature-transducer input. 

thermal time-delay relay A delay relay utilizing 
the slow-heating and slow-cooling property of one 
of its components. 

thermion An ion or electron emitted by a hot body, 
such as the heated cathode of a vacuum tube. 

thermionic Pertaining to thermions and their ap- 
plications. 

thermionic cathode A heated cathode, in contrast 
to a cold cathode, used as an emitter of electrons 
or ions. Also see THERMION. 

thermionic current Current caused by therm- 
ionic emission—especially in an electron tube. 

thermionic detector A vacuum-tube detector. 
Also see THERMION and THERMIONIC EMIS- 
SION. 

thermionic diode A hot-cathode diode tube. 

thermionic emission The emission of electrons by 
a hot body, such as the filament or cathode of a 
vacuum tube. Also see THERMION and HOT 
CATHODE. 

thermionics The study of electron emission from 
objects or materials at high temperature. 

thermionic tube An electron tube (i.e., one in 
which electrons or ions are emitted by a heated 
cathode). Also see THERMION, THERMIONIC 
CURRENT, and THERMIONIC EMISSION. 

thermionic work function The energy required to 
force an electron from inside a heated cathode 
into the surrounding space (in thermionic emis- 
sion). Also see WORK FUNCTION. 

thermistor A temperature-sensitive resistor, usu- 
ally made from specially processed oxides of 
cobalt, magnesium, manganese, nickel, uranium, 
or mixtures of such substances. Thermistors are 
available with either a positive or negative tem- 
perature coefficient of resistance. The name is a 
contraction of thermally sensitive resistor. 


Semiconductor 
layer 
Metal 
electrodes 
thermistor 
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thermistor bridge A four-arm bridge (see BRIDGE, 
1) in which one arm is a thermistor and, there- 
fore, is temperature sensitive. 

thermistor power meter A_ radio-frequency 
power-measuring instrument based on a ther- 
mistor bridge. 

thermistor probe A temperature probe containing 
a thermistor as the sensing element. 

thermistor thermometer An electronic ther- 
mometer in which the temperature-sensitive ele- 
ment is a thermistor. 

thermoammeter See 
METER. 

thermocouple A device consisting essentially of a 
bond between two wires or strips of dissimilar 
metals (such as antimony and bismuth). When 
the bond is heated, a direct-current voltage ap- 
pears across it. 


THERMOCOUPLE-TYPE 


Glass envelope 


Ps 


Electrodes 


thermocouple 


thermocouple bridge A four-arm bridge (see 
BRIDGE, 1) in which one arm is a thermocouple; 
therefore, it is temperature sensitive, as well as 
being voltage-productive. 

thermocouple meter See THERMOCOUPLE-TYPE 
METER. 

thermocouple-type meter A radio-frequency (RF) 
meter consisting of a thermocouple and direct- 
current (dc) ammeter, milliammeter, or micro- 
ammeter, connected in series. The thermocouple 
is heated, directly or indirectly, by an applied RF 
current, and the resulting dc output deflects the 
meter pointer. 

thermodynamics ‘The science dealing with the re- 
lationships between heat and mechanical energy 
and their interconversion. Also see CARNOT 
THEOREM, FIRST LAW OF THERMODYNAMICS, 
SECOND LAW OF THERMODYNAMICS, and 
THIRD LAW OF THERMODYNAMICS. 

thermoelectric cooler A cooling device based on 
the Peltier effect. 

thermoelectric effect The production of thermo- 
electricity by certain materials. 

thermoelectricity Heat-produced electricity, as in 
thermocouple operation. 

thermoelectric junction A junction between two 
conductors that exhibits variable characteristics 
under conditions of changing temperature. 


—P— 


682 thermoelectric series ¢ thin-film resistor 


thermoelectric series A series of conducting met- 
als, sequenced so that if a thermocouple is made 
from two of the metals, current flows at the hot 
junction from the metal occurring earlier in the 
series. 

thermoelectron An electron emitted by a hot cath- 
ode. Also see THERMION and THERMIONIC 
EMISSION. 

thermoelement A _ thermocouple, especially a 
miniature one, used in a THERMOCOUPLE-TYPE 
METER. 

thermogalvanometer 
TYPE METER. 

thermography A means of locating or mapping by 
detecting infrared images. It can be in the form of 
live video, similar to television, or in the form of 
photographs, using infrared film. Many common 
cameras can be used with infrared film to make 
infrared photographs (thermographs). 

thermojunction The junction of the two metals in 
a thermocouple. A voltage appears when the dis- 
similar metals are heated. 

thermoluminescence Luminescence resulting 
from the moderate heating of certain materials. 

thermomagnetic effect The effects of temperature 
on the magnetism of a body, or vice versa. 

thermometer A (usually direct reading) device for 
measuring temperature. Also see ELECTRONIC 
THERMOMETER and THERMOMETER SCALE. 

thermometer scale The scale on a thermometer, 
graduated in degrees, from which temperature is 
read. For a description of different scales, see 
ABSOLUTE SCALE, CENTIGRADE SCALE, 
FAHRENHEIT SCALE, REAUMUR SCALE, and 
RANKINE SCALE. The Kelvin scale is the same as 
the absolute scale, and the Celsius scale is the 
same as the centigrade scale. 

thermonuclear reaction A nuclear reaction in 
which energy is released when lighter atoms are 
converted into heavier atoms at temperatures in 
the millions of degrees Celsius. Also see FISSION, 
FUSION, and NUCLEAR REACTOR. 

thermopile A device consisting of two or more 
thermocouples connected in series for increased 
voltage output. 

thermoplastic material A plastic that can be re- 
softened by applying heat after having been 
molded into a desired shape. Example: poly- 
styrene. Compare THERMOSETTING MATERIAL. 

thermorelay See THERMOSTAT. 

thermosensitivity Sensitivity of a circuit or device 
to heat. 

thermosetting material A plastic that cures 
chemically (will not ordinarily soften again when 
heat is applied) after having been heat-molded 
into a desired shape. Example: Bakelite. Com- 
pare THERMOPLASTIC MATERIAL. 

thermostat A temperature-sensitive switch. In one 
common form, a movable contact is carried by a 
strip of bimetal and the stationary contact is 
mounted nearby. 


See THERMOCOUPLE 
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thermostatic switch See THERMOSTAT. 

thermoswitch See THERMOSTAT. 

theta wave A form of brain wave that occurs at 
extremely low frequencies, and is associated with 
sleep or mental incoherence. 

Thevenin’s theorem The proposition that, with 
reference to a particular set of terminals, a net- 
work containing a number of generators and con- 
stant impedances can be simplified to a single 
generator in series with a single impedance. 
The equivalent circuit will deliver to a given load, 
the same current, voltage, and power delivered by 
the original network. Compare COMPENSATION 
THEOREM, MAXIMUM POWER TRANSFER THE- 
OREM, NORTON’S THEOREM, RECIPROCITY 
THEOREM, and SUPERPOSITION THEOREM. 

thick film A film of selected material (conductive, 
resistive, dielectric, etc.) applied to a substrate by 
painting, photography, or similar process. See, 
for example, PRINTED CIRCUIT. Compare THIN 
FILM. Typically, thick films are 1 mil or more in 
thickness. 

thick-film component A unit, such as a capacitor 
or resistor, fabricated by thick-film techniques. 
See, for example, PRINTED COMPONENT. Also 
see THICK FILM. Compare THIN-FILM COMPO- 
NENT. 

thick-film resistor A resistor fabricated by thick- 
film techniques. See, for example, PRINTED 
RESISTOR. Also see THICK FILM. Compare 
THIN-FILM COMPONENT. 

thick magnetic film See MAGNETIC THICK FILM. 

thin film An extremely thin layer (less than 1 mil) 
of a selected material (conductive, resistive, semi- 
conductive, dielectric, etc.) electrodeposited or 
grown on a substrate. Compare THICK FILM. 

thin-film capacitor A capacitor made by elec- 
trodepositing a thin film of metal on each side of 
a grown layer of oxide, as in an integrated circuit. 
Also see THIN FILM. 

thin-film component A unit (such as a capacitor, 
resistor, diode, or transistor), fabricated by thin- 
film techniques. Also see THIN FILM. Compare 
THICK-FILM COMPONENT. 

thin-film integrated circuit An integrated circuit 
in which the components and “wiring” are pro- 
duced by depositing (or growing) and processing 
materials on a semiconductor slab or wafer (the 
substrate). Compare HYBRID INTEGRATED CIR- 
CUIT and MONOLITHIC INTEGRATED CIRCUIT. 

thin-film memory In a computer, a storage me- 
ium that is a magnetic thin film (see THIN FILM) 
on a nonmagnetic substrate (often glass) and that 
can be magnetized to represent digital data. 

thin-film microelectronic circuit An integrated 
circuit that occupies (essentially) two dimen- 
sions; that is, a very thin integrated circuit. 

thin-film resistor A resistor fabricated by thin- 
film techniques (see THIN FILM) (e.g., TANTA- 
LUM-NITRIDE RESISTOR). Compare THICK- 
FILM RESISTOR. 
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thin-film semiconductor A very shallow layer of 
semiconductor material, such as single-crystal 
silicon, electrodeposited on a substrate. Also see 
THIN FILM. 

thin-film transistor A transistor fabricated by 
thin-film techniques. Also see THIN FILM and 
THIN-FILM COMPONENT. 

thin magnetic film See MAGNETIC THIN FILM. 

third-generation computer A computer in which 
the active discrete components are integrated cir- 
cuits. 

Third Law of Thermodynamics As the tempera- 
ture of absolute zero is approached in an isother- 
mal process involving a solid or liquid, the change 
in entropy approaches zero; and the entropy of a 
substance is zero at absolute zero. 

third-octave band See ONE-THIRD-OCTAVE 
BAND. 

thirty-channel multiplex A form of pulse-code- 
modulated (PCM) multiplex using eight digits and 
the A-law. There are 30 speech channels and two 
utility channels. 

Thomson bridge See KELVIN BRIDGE. 

Thomson effect The liberation or absorption of 
heat (depending on the material of interest) when 
an electric current flows from a warmer to a 
cooler part of a conductor. 

Thomson heat The amount of thermal energy 
transferred because of Thomson effect. 

Thomson voltage The voltage drop between two 
points on a conductor that are at different tem- 
peratures. 

thoriated-tungsten filament In a vacuum tube, a 
filament made of tungsten to which thorium ox- 
ide has been added to increase the emission 
of electrons. Also see THERMION and THER- 
MIONIC EMISSION. 

thorium Symbol, Th. A radioactive metallic ele- 
ment. Atomic number, 90. Atomic weight, 
232.04. Thorium, when heated, is a copious emit- 
ter of electrons, so the filaments or cathode cylin- 
ders of some electron tubes are coated with one of 
its compounds. 

thoron Symbol, Tn. A radioactive isotope of RADON. 

three-address instruction A computer program 
instruction having three addresses, two for 
operands and one for the result (of the operation 
called for). 

three-channel stereo A form of stereophonic 
sound recording and reproduction in which three 
distinct channels are used; these are usually des- 
ignated the left, right, and center channels. 

three-coil meter See ELECTRODYNAMOMETER. 

three-conductor jack A female connector in which 
two separate conductors are provided, in addition 
to the ground conductor. 

three-conductor plug A male connector in which 
two separate conductors are provided, in addition 
to the ground conductor. 

three-dimensional __ television See 
SCOPIC TELEVISION. 


STEREO- 
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three-electrode tube See TRIODE. 

three-element tube See TRIODE. 

three-gun picture tube A color-television picture 
tube having a separate gun for each primary color 
(red, green, and blue). 

three-halves-power law See CHILD’S LAW. 

three-junction transistor A pnpn or npnp tran- 
sistor. Also see NPNP DEVICE. 

three-phase bridge rectifier A bridge-rectifier cir- 
cuit for three-phase alternating current. Two 
diodes are provided for each phase. The ripple 
frequency is six times the line frequency. Also see 
BRIDGE RECTIFIER, POLYPHASE RECTIFIER, 
and THREE-PHASE CIRCUIT. 

three-phase circuit The circuit of a three-phase 
system. See THREE-PHASE SYSTEM and, specif- 
ically, DELTA CONNECTION and WYE CONNEC- 
TION. 

three-phase current Current in a three-phase cir- 
cuit. The currents in the three legs differ in phase 
by 120°. 

three-phase four-wire system See FOUR-WIRE 
WYE SYSTEM. 

three-phase generator A (usually dynamo-type) 
generator of three-phase current or voltage. See 
THREE-PHASE SYSTEM. 

three-phase half-wave rectifier A half-wave recti- 
fier circuit for three-phase alternating current. 
One diode is provided for each phase. The ripple 
frequency is three times the line frequency. Also 
see HALF-WAVE RECTIFIER, POLYPHASE REC- 
TIFIER, and THREE-PHASE CIRCUIT. Compare 
THREE-PHASE BRIDGE RECTIFIER. 

three-phase motor An alternating-current motor 
operating on three-phase power. Above frac- 
tional-horsepower size, the three-phase motor is 
smoother running and more simply structured 
than the single-phase counterpart. 

three-phase power The total power dissipated or 
delivered in a three-phase alternating-current 
circuit. 

three-phase rectifier A rectifier for three-phase al- 
ternating current. At least one diode is included 
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for each phase. Also see POLYPHASE RECTIFIER, 
THREE-PHASE BRIDGE RECTIFIER, THREE- 
PHASE CIRCUIT, and THREE-PHASE HALF- 
WAVE RECTIFIER. 

three-phase system An alternating-current elec- 
trical system in which three currents or voltages 
exist simultaneously. They are of equal ampli- 
tude, but are 120° out of phase with each other. 

three-phase, three-wire system An electrical sys- 
tem having three conductors, with an alternat- 
ing-current phase difference of 120° between 
conductor pairs. 

three-phase-to-single-phase transformer An al- 
ternating-current transformer with three-phase 
input and single-phase output (one terminal is 
grounded). 

three-phase-to-two-phase transformer An alter- 
nating-current transformer with three-phase in- 
put and two-phase output, the output currents 
are 180° out of phase with each other. 

three-phase voltage Voltage in a three-phase al- 
ternating-current circuit. The voltages across the 
three legs differ by 120°. 

three-quarter bridge A bridge rectifier having 
diodes in three arms and a resistor in the fourth. 

three-space A mathematical continuum in which 
each point is uniquely defined by three variables 
in an ordered triple, such as (x,y,z), and each or- 
dered triple corresponds to exactly one point in 
the space. A common coordinate system is the 
Cartesian system consisting of three axes, x, y, 
and z—each mutually perpendicular and inter- 
secting at the origin (0,0,0). 

three-space coordinates Any set of coordinates 
used for locating points or plotting graphs in 
three dimensions. 

three-state logic See TRI-STATE LOGIC. 

three-way speaker A set of three individual speak- 
ers contained in a single cabinet: a woofer (low- 
frequency speaker), a midrange speaker, and a 
tweeter (high-frequency speaker). It is common in 
high-fidelity music reproduction systems. Com- 
pare TRIAXIAL SPEAKER. 

three-wire system 1. An electric-power feed sys- 
tem using three wires, the center one (neutral) 
being at a potential midway between the potential 
across the other (outer) two. 2. See THREE- 
PHASE and THREE-WIRE SYSTEM. 3. See TWO- 
PHASE and THREE-WIRE CIRCUIT. 

threshold 1. The initial (observable) point of an ef- 
fect (e.g., threshold of hearing). 2. A predetermined 
point, such as of minimum current or voltage, for 
the start of operation of a circuit or device. 

threshold component A value of current, voltage, 
sound intensity, etc., selected as the minimum 
level at which a circuit or device is to operate in 
some prescribed manner, or beyond which a 
certain condition will prevail. Also see THRESH- 
OLD, 1, 2. 

threshold current 1. The minimum value of cur- 
rent at which a certain effect takes place. 2. The 
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smallest amount of forward current that flows 
through a diode. 3. In a gas, the smallest level of 
current for which a discharge will maintain itself 
under variable conditions. 

threshold detector A device that prevents a signal 
from passing until its peak amplitude reaches a 
certain value. 





threshold detector 


threshold frequency 1. The cutoff frequency or fre- 
quencies in a band-pass, band-rejection, low-pass, 
or high-pass filter. 2. The lowest frequency for a 
metal or semiconductor junction at which incident 
radiation gives rise to the photoelectric effect. 

threshold of hearing The minimum intensity level 
at which sounds are audible in an environment 
containing essentially no background acoustic 
noise. 

threshold of pain The intensity level at which 
hearing a sound causes physical discomfort. This 
is approximately 120 dB above the THRESHOLD 
OF HEARING for most people. 

threshold signal The weakest signal that can be 
detected in a receiving system. 

throat See HORN THROAT. 

throat microphone A small microphone operated 
in contact with the user’s throat. 

throttle The feedback control device in a regenera- 
tive detector or amplifier. 

throughput In computer operations, an overall 
quantitative indicator of processing power, ex- 
pressed in terms of the amount of data processed 
in a given period of time. 

throw-out spiral Ona phonograph disc, a lead-out 
groove. 

thulium Symbol, Tm. A metallic element of the 
rare-earth group. Atomic number, 69. Atomic 
weight, 168.93. 

thumbwheel potentiometer A potentiometer op- 
erated by means of a knurled knob (usually pro- 
truding perpendicularly through a panel) that is 
turned with the thumb or with a finger. 

thumbwheel switch A switch operated by means 
of a knurled knob (usually protruding perpendic- 
ularly through a panel) that is turned with the 
thumb or with a finger. 
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thy Abbreviation of THYRATRON. 

thyratron A gas triode or gas tetrode used princi- 
pally for switching and control purposes. Thyra- 
tron action differs from that of the vacuum tube 
in the unique behavior of the thyratron control 
electrode (grid): Anode current starts to flow 
abruptly when grid voltage reaches a particular 
value, at which point the grid provides no further 
control; anode current continues to flow until the 
anode voltage is either interrupted or reversed. 

thyratron inverter An inverter circuit (see IN- 
VERTER, 1) using thyratrons as the switching 
devices. Also see THYRATRON. 

Thyrector A silicon diode exhibiting very high re- 
sistance (approaching that of an insulator) up to 
a certain voltage, beyond which the unit switches 
to a low-resistance conducting state. 

thyristor 1. A pnpn-type bistable semiconductor 
device having anode, cathode, and gate terminals 
that is used as an electronic switch. 2. The 
generic term for all thyratronlike solid-state de- 
vices, such as the silicon-controlled rectifier. 

Thyrite Ceramic silicon carbide, a nonlinear resis- 
tance material, or a resistor made of this mate- 
rial. The resistance of Thyrite decreases sharply 
as the applied voltage is increased. Thyrite resis- 
tors are used in voltage regulators, equipment 
protectors, lightning arresters, curve changers, 
and similar devices. 

THz Abbreviation of TERAHERTZ. 

Ti Symbol for TITANIUM. 

tickler A (usually small) coil, through which en- 
ergy is inductively fed back from the output to the 
input of a circuit to induce oscillation. 

tickler coil See TICKLER. 

tickler-coil regeneration Positive feedback ob- 
tained via inductive coupling between a small coil 
(tickler) in the output circuit of an amplifier, and 
a (usually larger) coil in the input circuit. Also see 
TICKLER. 


+12V out 


Tickler 


tickler-coil regeneration 


tickler oscillator An oscillator circuit in which 
positive feedback is obtained through inductive 
coupling between an output (tickler) coil and an 
input coil. 

tie A bracket, clamp, clip, ring, or strip for holding 
several wires tightly as a cable or bundle. 
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tie cable 1. A cable that connects two distributing 
points in a telephone system. 2. Any cable that 
interconnects two circuits. 

tie point A lug, screw, or other terminal to which 
wires are connected at a junction. 

tie-point strip A terminal strip with lugs to which 
conductors can be soldered. 

tight coupling See CLOSE COUPLING. 

tilt switch A device, such as a mercury switch, 
that is actuated by tilting it to a certain angle. 

timbre The quality that distinguishes the sound of 
one voice or instrument from that of another, 
largely because of harmonic content. 

time Symbol, t. 1. The instant at which an event 
occurs. 2. The instant at which a time-base vari- 
able reaches a given value. 3. The interval be- 
tween two instants, commonly called duration or 
length of time. Also see STANDARD TIME, TIME 
BASE, TIME ZONE, and ZERO TIME. 

time base Time as the independent variable in a 
physical relation or function. It appears in ex- 
pressions such as pulses per second, feet per 
minute, watts per hour, etc. 

time compressor In audio recording and repro- 
duction, a device that speeds up or slows down 
the tempo without changing the audio frequen- 
cies. It is used for special effects. 

time constant See ELECTRICAL TIME CONSTANT 
and MECHANICAL TIME CONSTANT. 

time delay See DELAY, 1, 2. 

time-delay relay See DELAY RELAY. 

time-delay spectrometry In acoustics, a method 
of simulating an echo-free environment within an 
enclosure that is actually not echo-free. 

time-division multiplexing Abbreviation, TDM. In 
data and computer communications, a time- 
sharing technique in which several terminals use 
the same channel by transmitting data at regular, 
staggered intervals (i.e., one is active while the 
others are idle). This gives the appearance of si- 
multaneous real-time operation. 

time-division-multiplex switch A switch with mul- 
tiple ports—each port corresponding to a certain 
time slot in a time-division-multiplex scheme. The 
input and output (send and receive) ports are con- 
nected by selecting the same TIME SLOT for each. 

time-domain reflectometry Abbreviation, TDR. 
Measuring the reflective characteristics of a de- 
vice or system by superimposing the direct and 
reflected components of a step-formed test signal 
on a time-calibrated oscilloscope screen. 

time duration See TIME, 38. 

time-duration modulation See 
TION MODULATION. 

time factor The ratio ta/tr, where tais analog time 
(the relativistic duration of an event as simulated 
by a computer), and tris real time (the actual du- 
ration of the event). Also called TIME SCALE. 

time-interval mode In computer operations, oper- 
ation that allows a number of events to be 
counted between two points on a waveform. 


PULSE-DURA- 
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time modulation Any form of modulation in which 
the instantaneous characteristics of a signal are 
varied. 

timeout The expiration of an allotted time period 
for a given operation. 

timer 1. A device for automatically controlling the 
duration of an operation. See ELECTRONIC 
TIMER. 2. A device for measuring the duration of 
an operation. 

time sharing In computer operations, a method 
for interlaced (i.e., nearly simultaneous) use of a 
machine or facility by two or more persons or 
agencies. As the cost of computers diminishes, so 
does the need for time sharing. Also see TIME- 
DIVISION MULTIPLEXING. 

time-sharing dynamic allocator In computer stor- 
age, a program that allocates memory areas and 
peripherals to programs being entered into a time- 
sharing system; it also controls program execution. 

timeshift 1. To receive a message at a significantly 
later time than when it was sent. 2. To use a 
videocassette or videodisc recorder to view a tele- 
vision program at a later time than when it was 
transmitted. 

time-shifting communications Any form of com- 
munications in which the recipient reads or views 
the message(s) at a significantly later time than 
the message is sent from the source. A common 
example is electronic mail (e-mail) using online 
computer networks. 

time signals Special radio transmissions made 
under the auspices of the National Bureau of 
Standards, for indicating Coordinated Universal 
Time (UTC). 

time slot A specifically defined time interval in a 
data signal. It is of importance primarily in digital 
communications, where a given time interval can 
be high or low or at some discrete value. 

time-space-time switch A large switch consisting 
of a space block between two time blocks. 

time zone One of the 24 zones into which the global 
map is divided for the purpose of standardizing 
time. Within these zones, mean solar time is deter- 
mined in terms of distance east or west of the zero 
meridian at Greenwich (near London, England). 
Each zone is equal to 15 degrees of longitude, or 
1 hour. Four zones fall within the continental 
United States: Eastern Standard Time (zone of the 
75th meridian), Central Standard Time (zone of 
the 90th meridian), Mountain Standard Time 
(zone of the 105th meridian), and Pacific Standard 
Time (zone of the 120th meridian). Also see 
MERIDIAN, ZERO MERIDIAN, and ZONE TIME. 

timing extraction The retrieval of a timing signal 
from incoming data. 

timing pin current Measured in microamperes. 
The current that generates a timing waveform in 
an integrated-circuit voltage regulator. 

timing signal A repeating signal sent along with 
data to control the synchronization of transmitter 
and receiver. 
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tin 1. Symbol, Sn. A metallic element. Atomic 
number, 50. Atomic weight, 118.71. Tin is widely 
used in electronics as a structural material, a 
constituent of solder, and (in foil form) as the 
plates of some fixed capacitors. 2. To prepare the 
tip of a soldering gun or iron, or the stripped end 
of a wire or cable, by applying a coat of solder. 

tin-oxide resistor See METAL-OXIDE RESISTOR. 

tinsel Metal film strips interwoven with fabric 
threads to provide a flexible cord, particularly for 
headphones. 

tint control In a color-television receiver, the con- 
trol for changing color hue. 

tip jack The mating connector for a tip plug. 

tip plug 1. A prod terminating in a phone tip. 2. A 
plug-type connector terminating in a phone tip. 


tip plug, 2 


titanium Symbol, Ti. A metallic element. Atomic 
number, 22. Atomic weight, 47.88. Titanium en- 
ters into some dielectric compounds (e.g., tita- 
nium dioxide). 

titanium dioxide Formula, TiO,. A ceramic dielec- 
tric material. Dielectric constant, 90 to 170. 
Dielectric strength, 100 to 210 V/mil. 

T junction See TEE JUNCTION. 

Tl Symbol for THALLIUM. 

T?L Abbreviation of TRANSISTOR-TRANSISTOR 
LOGIC. (Also, TTL.) 

TLA Abbreviation of TABLE LOOK-AT. 

TLC Abbreviation of thin-layer chromatography. 

TLU Abbreviation of TABLE LOOK-UP. 

TM 1. Abbreviation of TRANSVERSE MAGNETIC. 
2. Abbreviation of technical manual. 

Tm Symbol for THULIUM. 

TM mode See TRANSVERSE MAGNETIC MODE. 

TM wave See TRANSVERSE MAGNETIC MODE. 

T network See TEE NETWORK. 

TNS Abbreviation of TRANSCUTANEOUS NERVE 
STIMULATOR. 

toggle A bistable device. 

toggle switch A switch having a mechanism that 
snaps into the on or off position at the opposite 
extremes to which a lever is moved. 

tolerance The amount by which error is allowed in 
a value, rating, dimension, etc. It is usually 
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toggle switch 


expressed as a percent of nominal value, plus 
and minus so many units of measurement (or 
parts per million). 

toll call In a telephone system, a call that is 
charged on a per-minute or per-second basis. 

ton Abbreviation, T, t, or tn. A unit of avoirdupois 
weight; in the United States, it is usually taken to 
mean short ton, a unit equal to 907.20 kilograms 
(2000 Ib). Compare METRIC TON. 

tone 1. The pitch (frequency) and timbre (relative 
harmonic content) of a sound other than noise. 
2. A sound consisting of a periodic waveform 
having constant frequency; also called note. 

tone arm See PICKUP ARM. 

tone burst A test signal consisting of a single- 
frequency sine wave sustained for a brief period 
of time, usually having a rectangular envelope 
(rapid rise and decay). 

tone-burst entry In repeater systems, a technique 
whereby a short tone signal is used at the start of 
a transmission to trigger a particular repeater so 
that all repeaters in the system will not go into 
operation simultaneously. 

tone-burst generator An oscillator and associated 
circuitry for producing a tone burst. 

tone control An adjustable device or circuit for mod- 
ifying the frequency response of an amplifier (i.e., 
for emphasizing bass, treble, or midrange pitches). 

tone dialing A method of telephone dialing that 
uses standard tone pairs actuated via a keypad 
with 12 keys representing digits 0 through 9 and 
symbols # and *. Some keypads have four addi- 
tional keys: A, B, C, and D. 

tone generator An oscillator for producing simple 
audio-frequency signals for communications, 
control, or testing. 

tone keying In wire and radio telegraphy, the rep- 


resentation of code characters by audio- 
frequency tones. Also see MODULATED 
CONTINUOUS WAVE. 


tone localizer A localizer that provides lateral 
guidance for an aircraft by comparing the ampli- 
tudes of two modulating frequencies. 
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tone modulation 1. The transmission of Morse, 
Baudot, or ASCII signals by audio-frequency 
modulation of a radio-frequency carrier. 2. Any 
rapid variation of the amplitude or frequency of 
an audio tone. 

top cap A small metal cap on top of some electron 
tubes, serving as a direct, low-capacitance con- 
nection to one of the internal elements—usually 
the control grid, but sometimes the plate. 

top loading A method of feeding a vertical antenna 
at or near the top. 


Feed line 









Radiating 
element 


Insulator 


Earth 


top loading 


topology 1. A branch of mathematics concerned 
with the properties of surfaces and spaces. 2. The 
details of layout of an integrated circuit. 3. The 
characteristics of a surface. 

toroid See TOROIDAL COIL. 

toroidal coil A coil wound on a form that is shaped 
like a donut. The form is made of powdered-iron 
or ferrite. Toroidal coils have certain advantages 
over solenoidal coils: greater inductance for a 
given physical size, better isolation properties, 
and higher @Q factor. A disadvantage is that an air 
core is not practical. 


toroidal coil 


torque 1. The force that tends to produce a rotat- 
ing motion. 2. Rotation of the plane of polariza- 
tion of light by some crystals. 

torque amplifier A device having rotating input 
and output shafts and that delivers greater 
torque at the output shaft than that required to 
turn the input shaft. 
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torque sensitivity Symbol, KT. For a torque mo- 
tor, torque output per ampere of input current. 

torr A unit of pressure equal to the pressure re- 
quired to support a column of mercury 1 millime- 
ter high at O°C and standard gravity; 1 torr = 
133.322 Pa (1333.2 microbars). 

torsion The effect on an object by torque applied to 
one end while the other is being held fast or 
torqued in the opposite direction. 

torsion delay line A delay line in which the delay 
is manifested in a material that is torqued by me- 
chanical vibrations. 

torsion waves Waves that travel by means of 
torque, instead of displacement or compression. 
The velocity of propagation depends on the mod- 
ulus of rigidity and the density of the propagating 
medium. 

tot 1. Abbreviation of total. 2. To derive a sum or 
total. 

total breakaway torque For a torque motor, the 
sum of magnetic retarding torque and brush- 
commutator friction. 

total harmonic distortion Abbreviation, THD. The 
distortion caused by the combined action of all 
the harmonics present in a complex waveform. 
An important specification in high-fidelity audio 
amplifiers. 

total distortion See TOTAL HARMONIC DISTOR- 
TION. 

total internal reflection 1. The reflection of visible 
light from a boundary between two substances 
having different indices of refraction. When the 
angle of incidence, relative to the tangent to the 
boundary, is smaller than a certain value, as light 
travels through the more dense medium total re- 
flection occurs at the boundary. 2. Reflection of 
electromagnetic waves from an ionized layer in 
the atmosphere. This occurs at angles smaller 
than a certain angle, relative to the tangent of the 
plane of the ionizing layer. In some cases, total in- 
ternal reflection does not occur. Actually, most 
ionospheric reflection is really refraction; the 
electromagnetic waves are bent by the ionized 
layer rather than reflected. 

total reflection Full return of a ray by a reflector, 
none of the energy being transmitted by or ab- 
sorbed in the reflecting material. 


Lower index 
of refraction 







Higher index 
of refraction 


Light or 
radio beam 


total internal reflection 
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touchplate relay A capacitance relay in which the 
pickup element is a small, metal plate that actu- 
ates the relay when it is touched. 

tough dog A malfunctioning circuit that seemingly 
defies all attempts to diagnose and correct its 
trouble. Also see DOG. 

tourmaline crystal A piezoelectric and pyroelec- 
tric crystal; a transparent plate of tourmaline has 
the ability to polarize light passing through it. 
Also see POLARIZATION, 3; POLARIZED LIGHT; 
and POLARIZER. 

tower 1. A usually tall and self-supporting open- 
work structure used to support an antenna, and 
usually having three or four sides. 2. A metal 
structure, as defined in 1, used as a vertical an- 
tenna. 

Townsend discharge Ina glow-discharge tube, the 
discharge that begins after the applied voltage 
reaches a given level. It is a low-current, non-self- 
sustaining discharge. Compare ABNORMAL 
GLOW and NORMAL GLOW DISCHARGE. 

touch screen A special cathode-ray tube (CRT) or 
video display unit that allows input of data via 
physical contact with the screen surface. Items 
are selected by simply touching the appropriate 
spot (“button” or icon) on the screen. 

TP Abbreviation of TRANSACTION PROCESSING. 

T pad See TEE PAD. 

TR Abbreviation of transmit-receive. 

tr 1. Symbol for RECOVERY TIME. 2. Symbol for 
RISE TIME. 

trace 1. A tiny or insignificant quantity. 2. The 
movement of the electron beam across the face of 
a cathode-ray tube. 3. A routine used for testing 
of, or for locating a fault in, a circuit or computer 
program. 4. The process of implementing such a 
routine. 

trace element See MICROELEMENT. 

tracer A suitable substance or object introduced 
into the human body and whose progress 
through the body can be followed (or its state 
monitored) by means of electronic equipment. 
Tracers are sometimes used also in nonbiological 
systems, such as pipelines. 

track 1. A discrete information band on a magnetic 
disk or tape. 2. To follow, as by a stylus, a phono 
disc groove. 3. To follow, as by radar, a target. 

trackability An expression of the accuracy with 
which a phonograph stylus follows the irregulari- 
ties in a disc. 

trackball A device for guiding the cursor or pointer 
in a computer. It is often used in laptop (note- 
book) computers. It resembles a ball bearing; the 
operator moves the cursor or pointer by pushing 
on the bearing with a finger. 

track-drive locomotion A method of robotic loco- 
motion using two or more wheels that drive a belt 
(track). It uses the same principle as a military 
tank. 

tracking Following in step, as when ganged cir- 
cuits resonate at the same frequency (or some 
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frequency difference) at all settings, or when a 
missile closely follows its guiding signal. 

tracking force See VERTICAL STYLUS FORCE. 

track label On a magnetic storage medium, a 
record that identifies a track. 

tracking mode In tracking supplies, the usual 
manner of operation in which the output of each 
of the separate supplies automatically follows 
that of the one being adjusted. Compare INDE- 
PENDENT MODE. 

tracking supplies Adjustable power supplies, 
packaged two or more to the unit, in which the 
output of each will automatically follow adjust- 
ment made to one of them. 

track pitch The distance between tracks 
TRACK, 2). 

traffic 1. Collectively, messages handled by a com- 
munications station. 2. Collectively, data and in- 
structions handled by a computer system in 
continual use. 

trailer label At the end of a magnetic-tape or 
floppy-disk file, a record signaling the end of the 
file and often giving such information as the 
number of records in the file. 

trailer record At the end of a group of computer 
records, a record containing information relevant 
to the group’s processing. 

trailing edge ‘The falling edge of a pulse. Compare 
LEADING EDGE. 

trans Abbreviation of TRANSVERSE. 

transaction The exchange of activity that occurs 
between a computer, via a terminal, and the user, 
including any processing required (e.g., that in- 
volved in adding records to, or deleting them 
from, a file). 

transaction file In data processing, a group of 
records used to update a master file. 

transaction processing In computer operations, 
the use of a central processor for handling, mod- 
ifying, or otherwise acting on information by 
transactions. 

transaction tape Magnetic tape on which a trans- 
action file has been recorded. 

transadmittance For an active device, the ratio 
dI2/dE1, where I2 is the alternating-current (ac) 
component of the current in a second electrode 
(such as the drain), and El is the ac component 
of voltage on a first electrode (such as the gate), 
with constant direct-current operating voltages. 

transceiver 1. A combination transmitter and re- 
ceiver, housed in a single enclosure, with fre- 
quency control and some ancillary stages 
common to both units. This design is economical 
because it eliminates redundancy. Such a system 
is more easily tuned than a separate transmitter 
and receiver if the operating frequency must be 
changed often, but it can be difficult to carry out 
split-frequency or split-band communication on 
two frequencies that differ greatly. Compare 
TRANSMITTER-RECEIVER. 2. In computer prac- 
tice, a read/write data terminal capable of trans- 


(see 
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mitting and receiving information to and from a 
channel. 

transcendental functions Nonalgebraic func- 
tions. These include logarithmic functions, expo- 
nential functions, trigonometric functions, and 
inverse trigonometric functions. 

transconductance 1. Symbol, gm. Unit, mi- 
cromho. In an electron tube, the extent to which 
plate current (IP) changes in response to a change 
in grid voltage (EG); gm = dIP/dEG. 2. Symbol, 
gfs. Unit, micromho. In a field-effect transistor, 
the extent to which drain current (ID) changes in 
response to a change in gate-to-source voltage 
(VGS); gfs = dID/dVGS. 

transconductance amplifier An amplifier in 
which the output current is a linear function of 
the input voltage. 

transcribe 1. To record material, such as a radio 
program, for future transmission. 2. In computer 
operations, the intermedia transfer of data, as 
from tape to disk. 

transcriber A device used for intermedia data 
transfer (e.g., one that can move the data on mag- 
netic tape to magnetic or optical disc). 

transcription A recording of material, such as a 
record or tape of a radio program, for later use in 
a transmitter. See ELECTRICAL TRANSCRIP- 
TION. 

transcutaneous nerve stimulator Abbreviation, 
TNS. An electronic device for the temporary relief 
of pain. In its use, electrodes taped to the skin 
over the painful area are connected to a portable 
generator of suitable pulse energy. 

transducer A device that converts one quantity 
into another quantity, specifically when one of 
the quantities is electrical. Thus, a loudspeaker 
converts electrical impulses into sound, a micro- 
phone converts sound into electrical impulses, a 
photocell converts light into electricity, a thermo- 
couple converts heat into electricity, etc. 

transducer amplifier An amplifier used expressly 
to boost the output of a transducer. 

transducer efficiency For a transducer, the ratio 
of the output power to the input power. 

transductor See MAGNETIC AMPLIFIER. 

transfer 1. To move a signal from one point to an- 
other—especially through a modifying circuit or 
device. 2. To transmit information or data from 
one point or device to another, inside or outside a 
system. 

transfer characteristic A figure or plot expressing 
the output-input signal relationship in a circuit 
or device. Also see TRANSFER, 1. 

transfer efficiency In a charge-coupled device, the 
proportion of charge that is transferred under 
given conditions. 

transfer function 1. See TRANSFER CHARAC- 
TERISTIC. 2. An expression that mathemati- 
cally shows how two entities or events occurring 
in different places or at different times are 
related. 


—P— 


690 transfer rate « transient response 


transfer rate The speed at which data can be 
moved between a computer’s internal memory 
and a peripheral. 

transferred charge Ina circuit containing a capac- 
itor, the net electric charge that moves around 
the external circuit from one plate of the capaci- 
tor to the other. 

transform 1. See LAPLACE TRANSFORM. 2. To 
change the voltage or nature of an electrical pa- 
rameter (e.g., high to low voltage and alternating 
to direct current). 3. To change the form, but not 
the content, of data. 

transformation constant 
CONSTANT. 

transformer 1. A device using electromagnetic in- 
duction to transfer electrical energy from one cir- 
cuit to another (i.e., without direct connection 
between them). In its simplest form, a trans- 
former consists of separate primary and sec- 
ondary coils wound on a common core of 
ferromagnetic material, such as iron. When an al- 
ternating current flows through the primary coil, 
the resulting magnetic flux in the core induces an 
alternating voltage across the secondary coil; the 
induced voltage can cause a current to flow in an 
external circuit. Also see AIR-CORE TRANS- 
FORMER, INDUCTION, INDUCTIVE COUPLING, 
IRON-CORE TRANSFORMER, and TURNS RA- 
TIO. 2. A section of radio-frequency (RF) trans- 
mission line used to match impedances. Also see 
LINEAR TRANSFORMER. 


See DISINTEGRATION 


Tron core 
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Symbol Pictorial 


transformer, 1 


transformer-coupled amplifier An amplifier using 
coupling transformers between its stages or at its 
input and output points. Compare RESISTANCE- 
CAPACITANCE-COUPLED AMPLIFIER. 

transformer coupling The inductive coupling 
of circuits through a transformer. Also see 
COEFFICIENT OF COUPLING; INDUCTIVE 
COUPLING; MUTUAL INDUCTANCE; and 
TRANSFORMER, 1. 

transformer equivalent circuit An equivalent cir- 
cuit depicting the various parameters of a trans- 
former (such as_ primary and_ secondary 
resistances, primary and secondary reactances, 
core losses, etc.) and their relationship to each 
other. 

transformer feedback Inductively coupled feed- 
back (positive or negative) through a transformer. 

transformer input current See PRIMARY CUR- 
RENT. 
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transformer input voltage See PRIMARY VOLT- 
AGE. 

transformer iron See SILICON STEEL. 

transformer loss The expression (in decibels) 10 
logio (P1/P2), where P1 is the calculated power 
that a given transformer should deliver to a par- 
ticular load impedance, and P2 is the actual 
power delivered. 

transformer oil A petroleum product in which 
high-voltage, high-current transformers are 
sometimes immersed. The oil protects the wind- 
ings from environmental damage. 

transformer output current See SECONDARY 
CURRENT. 

transformer output voltage See SECONDARY 
VOLTAGE. 

transformer-type voltage regulator See VOLT- 
AGE-REGULATING TRANSFORMER. 

transformer utilization factor See UTILITY FAC- 
TOR. 

transient 1. A sudden, high-voltage spike in an al- 
ternating-current system, caused by arcing or 
lightning. 2. A spurious signal in a hardcopy- 
receiving system. 3. Any short pulse attributable 
to external causes. 4. Existing for a short period 
of time, or intermittently for short periods of time. 


“Spikes” 





“Spikes” 


transient, 1. 


transient absorber See SURGE ARRESTER. 

transient arrester See SURGE ARRESTER. 

transient-based amplifier See CRYSTAL AMPLI- 
FIER, 2. 

transient current A momentary pulse of current. 
Also see TRANSIENT. 

transient response The response of a circuit to a 
transient, as opposed to its steady-state re- 
sponse, usually evaluated in terms of its ability to 
reproduce a square wave. 
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transient suppressor See SURGE ARRESTOR. 

transient voltage A momentary pulse of voltage. 
Also see TRANSIENT. 

transient voltmeter An instrument that indicates 
the voltage of momentary signals. Usually, a 
peak-reading meter in the instrument displays 
the highest positive or negative value the tran- 
sient attains (sometimes holding the deflection 
for reading later) and can respond to pulses of 
1 microsecond in duration. 

transistor An active (commonly three-terminal) 
semiconductor device capable of amplification, 
oscillation, and switching action. The name is a 
contraction of transfer resistor. Also see ALLOY- 
DIFFUSED TRANSISTOR, ALLOY TRANSISTOR, 
BIPOLAR TRANSISTOR, DIFFUSED-BASE TRAN- 
SISTOR, DIFFUSED EMITTER-AND-BASE TRAN- 
SISTOR, DIFFUSED-JUNCTION TRANSISTOR, 
DIFFUSED MESA TRANSISTOR, DIFFUSED PLA- 
NAR TRANSISTOR, DIFFUSED TRANSISTOR, 
DIFFUSION TRANSISTOR, DOUBLE-BASE 
JUNCTION TRANSISTOR, FIELD-EFFECT TRAN- 
SISTOR, FIELDISTOR, GERMANIUM TRANSIS- 


TOR, GROWN-DIFFUSED TRANSISTOR, 
GROWN-JUNCTION TRANSISTOR, JUNC- 
TION TRANSISTOR, MESA TRANSISTOR, 


METAL-OXIDE-SEMICONDUCTOR FIELD- 
EFFECT TRANSISTOR, MICROALLOY DIFFUSED 
TRANSISTOR, MICROALLOY TRANSISTOR, 
PHOTOTRANSISTOR, PLANAR EPITAXIAL 
PASSIVATED TRANSISTOR, PLANAR TRANSIS- 
TOR, POINT-CONTACT TRANSISTOR, POWER 
TRANSISTOR, SILICON TRANSISTOR, SUR- 
FACE-BARRIER TRANSISTOR, SURFACE- 
CHARGE TRANSISTOR, TANDEM _ TRANSIS- 





TOR, THIN-FILM TRANSISTOR, THREE- 
JUNCTION TRANSISTOR, and UNIJUNCTION 
TRANSISTOR. 


transistor amplifier An amplifier containing only 
transistors as the active components. Also called 
transistorized amplifier. 

transistor analyzer An instrument for measuring 
the electrical characteristics of transistors. Com- 
pare TRANSISTOR TESTER. 

transistor battery A 9-volt electrochemical battery 
consisting of six tiny zinc-carbon or alkaline cells 
in series. Each of the six cells supplies 1.5 volts. 
The ampere-hour capacity is small. The battery 
has a characteristic box shape with adjacent clip- 
on terminals at one end. These batteries are used 
in low-current electronic devices such as remote- 
control garage-door openers, television channel 
changers, remote videocassette recorder (VCR) 
controls, electronic calculators, and smoke 
detectors. 

transistor-coupled logic Abbreviation, TCL. In 
computer and automatic-control operations, logic 
circuitry and systems using multi-emitter-cou- 
pled transistors. Also see RESISTOR-TRANSIS- 
TOR LOGIC and TRANSISTOR-TRANSISTOR 
LOGIC. 
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transistor current meter An ammeter, milliam- 
meter, or microammeter circuit containing an 
amplifier using only transistors. Also see ELEC- 
TRONIC CURRENT METER. 

transistorized voltmeter 
VOLTMETER. 

transistorized voltohmmeter An electronic volt- 
meter-ohmmeter combination using a transistor- 
ized circuit similar to that of a vacuum-tube 
voltohmmeter. 

transistor keyer 
keying device. 

transistor oscillator An oscillator using only tran- 
sistors as the active components. Also called tran- 
sistorized oscillator. 

transistor power supply A _ high-current, well- 
filtered, direct-current power supply for operating 
transistor circuits. 

transistor radio Any small, portable, battery-pow- 
ered radio receiver whose active components are 
transistors and/or other semiconductor devices. 

transistor-resistor logic See RESISTOR- 
TRANSISTOR LOGIC. 

transistor tester An instrument for checking the 
condition of transistors (i.e., whether good or 
bad). Compare TRANSISTOR ANALYZER. 

transistor tetrode See DOUBLE-BASE JUNCTION 
TRANSISTOR. 

transistor thyratron See SOLID-STATE THY- 
RATRON. 

transistor-transistor logic Abbreviation, TTL or 
T?L. In computer operations, a circuit in which 
the multiple-diode cluster of the diode-transistor 
logic circuit has been replaced by a multiple- 
emitter transistor. 


See TRANSISTOR 


A power transistor acting as a 


Output 


Input 


transistor-transistor logic 


transistor voltmeter Abbreviation, TVM. A volt- 
meter containing an amplifier that uses only 
bipolar transistors. Also called transistorized volt- 
meter. Also see ELECTRONIC VOLTMETER. 
Compare FET VOLTMETER and VACUUM-TUBE 
VOLTMETER. 

transistor VOM See TRANSISTORIZED VOLT- 
OHMMETER. 
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transit angle For an electron, the angular fre- 
quency multiplied by the time required to travel 
from one point to another. 

transit time The time taken by an electron to 
travel from one electrode to another—especially 
from the cathode to the plate in a vacuum tube. 

transistor element A metallic element whose 
atoms have valence electrons in two shells. Ex- 
amples: chromium, iron, and nickel. 

transition factor See MISMATCH FACTOR. 

transition region See BARRIER, 1. 

translation loss See PLAYBACK LOSS. 

translator 1.See COMPILER. 2. See ASSEMBLER. 

transliteration 1. To change the characters in one 
alphabet or code system to the characters in a 
different system. 2. The function that maps the 
characters in one alphabet or code system to 
those in another. 

translucence 1. The transmission of radiation, es- 
pecially visible light, through a material. 2. The 
extent to which a substance can transmit radia- 
tion—especially visible light. 3. Pertaining to a 
material that partially or totally transmits radia- 
tion—especially visible light. 

transmission gain Current amplification, power 
amplification, or voltage amplification. 

transmission line 1. A single conductor or group 
of conductors for carrying electrical energy from 
one point to another. 2. A correctly dimensioned 
conductor or pair of conductors for carrying ra- 
dio-frequency energy from a transmitter to an an- 
tenna or coupling device. 

transmission mode 1. In a transceiver, the condi- 
tion in which the transmitter is enabled and the 
receiver is disabled. 2. In a waveguide, propaga- 
tion via transverse waves. 

transmission speed The number of information el- 
ements (words, code groups, data symbols, bits, 
and bytes) that can be generated or received per 
unit time (second or minute) by a system or oper- 
ator. 

transmission wavemeter A (usually simple) in- 
ductance-capacitance-tuned wavemeter that pro- 
vides peak response when tuned to the frequency 
of a signal passing through it; also, the compara- 
ble microwave device. Compare ABSORPTION 
WAVEMETER. 

transmit-receive switch A manually or electri- 
cally operated switch for transferring a single an- 
tenna between a transmitter and receiver. 

transmittancy The relative ability of a substance 
to transmit radiation. Transmittancy depends on 
the frequency of the radiation, as well as the sub- 
stance. 

transmitter 1. An equipment for producing and 
sending signals or data. 2. See MICROPHONE. 3. 
One who originates signals or data. 

transmitter-receiver A transmitter and receiver 
usually contained in a single enclosure, but with 
separate and independent oscillators, mixers, 
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and amplifiers. The main asset of this scheme is 
the fact that it is possible to conduct split- 
frequency communication on bands whose wave- 
lengths differ greatly. Another asset is the ability 
of the system, with proper design, to operate in 
full-duplex mode. Installations of this type are of- 
ten used in satellite communications. Compare 
TRANSCEIVER, 1. 

transmitting antenna An antenna designed ex- 
pressly for the efficient radiation of electromag- 
netic energy into space. 

transmitting station A station that only transmits 
signals (i.e., it engages in no official form of re- 
ception). Compare RECEIVING STATION. 

transmittivity The degree to which a selective cir- 
cuit transmits a desired signal. Compare REJEC- 
TIVITY. 

transmultiplexer A device that changes a signal 
from one multiplexed form to another while main- 
taining all of the information contained in the sig- 
nal. For example, a transmultiplexer might 
convert time-division-multiplex data to fre- 
quency-division multiplex or vice-versa. 

transonic Equal to, or approximating, the speed of 
sound in air (approximately 1100 feet per second). 

transparence The practically unimpeded trans- 
mission of radiation, such as light, through a ma- 
terial. Compare OPACITY and TRANSLUCENCE. 

transponder An acronym for transmitter and 
responder. 1. A combination transmitter—receiver 
that automatically transmits an identification 
signal whenever it receives an interrogating sig- 
nal. 2. In a communications satellite, a broad- 
band repeater that receives signals sent up from 
the earth, converts them to another frequency, 
and retransmits them back to the earth. Some 
satellites have units that employ multiplexing, 
data storage and retrieval systems, and other 
schemes to maximize the amount and variety of 
data they can handle. 

transponder overload A condition that occurs 
when a Satellite transponder is heavily used or 
when an excessively strong uplink signal is re- 
ceived. During heavy usage, all downlink signals 
are consistently weaker than they are when the 
transponder is not dealing with many signals. If 
an overly powerful uplink signal is received, all 
downlink signals are attenuated intermittently; 
the greater the instantaneous power of the of- 
fending uplink signal, the greater the instanta- 
neous attenuation of all the downlink signals. 
See TRANSPONDER, 2. 

transport See TAPE TRANSPORT. 

transportable equipment Portable electronic 
equipment. See, for example, PORTABLE TRANS- 
MITTER. 

transuranium An element whose atomic number 
is higher than that of uranium. 

transverse Occurring in a direction or directions 
perpendicular to the direction of propagation. 
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transverse electric mode Ina waveguide, the con- 
dition in which the electric lines of flux are per- 
pendicular to the direction of propagation. 
Compare TRANSVERSE MAGNETIC MODE. Also 
see WAVEGUIDE MODE. 

transverse electromagnetic wave An electromag- 
netic wave having electric-field vectors and mag- 
netic-field vectors perpendicular to the direction 
of propagation. 

transverse magnetic mode In a waveguide, the 
condition in which the magnetic lines of flux are 
perpendicular to the direction of propagation. 
Compare TRANSVERSE ELECTRIC MODE. Also 
see WAVEGUIDE MODE. 

trap 1. See WAVETRAP. 2. In a semiconductor 
crystal, an imperfection capable of trapping cur- 
rent carriers. 

trapezoid 1. A polygon having four sides, of which 
only two are parallel. 2. See TRAPEZOIDAL PAT- 
TERN. 3. See TRAPEZOIDAL WAVE. 

trapezoidal distortion In television or facsimile, a 
form of distortion in which the frame is wider at 
the top than at the bottom, or vice versa. 


Top of screen 





Bottom of screen 


trapezoidal distortion 


trapezoidal pattern An oscilloscope pattern used 
to check the percentage of modulation of an am- 
plitude-modulated wave. Its name is derived from 
its trapezoidal shape. 

trapezoidal wave A nonsinusoidal wave that is a 
combination of a rectangular component and a 
sawtooth component. It is the required waveform 
of the voltage applied to a magnetic deflecting coil 
(oscilloscope or television) to ensure a sawtooth 
wave of current in the coil. 

traveling-wave amplifier Abbreviation, TWA. An 
amplifier based on the unique operation of the 
traveling-wave tube. 

traveling-wave tube Abbreviation, TWT. A micro- 
wave tube containing an electron gun, helical 
transmission line, collector, and input and out- 
put couplers. A microwave signal is coupled into 
the helix, through which it travels while the gun 
projects an electron beam through the helix. 
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When wave and electron velocities are equal, a 
power gain is obtained in the signal coupled out 
of the helix. Also see BACKWARD-WAVE OSCIL- 
LATOR. 

Travis discriminator A discriminator circuit in 
which the diodes are operated from separately 
tuned halves of the secondary winding of the in- 
put transformer. Compare FOSTER-SEELEY 
DISCRIMINATOR. 

treasure locator See METAL LOCATOR. 

treble The higher portion of the sound spectrum— 
especially the upper end of the musical scale 
(middle C and above). Compare BASS. 

treble boost 1. Amplification of high audio fre- 
quencies (the treble notes) in an audio system— 
especially in high-fidelity music reproduction. 
2. The extent of amplification of high audio 
frequencies in audio applications—especially in 
music reproduction. 3. A control that allows 
adjustment of the relative treble gain in an audio 
system. 

treble control See TREBLE BOOST, 3. 

tree 1. A cause-and-effect chain with two or more 
independent branches. 2. A circuit with two or 
more branches but no meshes. 

TRF Abbreviation of tuned radio frequency. 

TRF amplifier See TUNED RADIO-FREQUENCY 
AMPLIFIER. 

TRF receiver See TUNED RADIO-FREQUENCY 
RECEIVER. 

triac A three-terminal, gate-controlled, semicon- 
ductor switching device. Compare DIAC. 

triangular wave See BACK-TO-BACK SAWTOOTH. 

triangulation A method of radiolocation in which 
directional bearings are obtained for the signals 
from two transmitters whose positions are 
accurately known. The position of the receiver is 
indicated by the intersection of two lines on a 
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map, drawn emanating from the transmitter 
locations 180 degrees opposite their respective 
bearings. 

Triax A double-shielded coaxial cable. A center 
conductor is surrounded by two concentric, inde- 
pendent shield conductors. 

triaxial connector A male or female connector 
having three concentric contacting surfaces. By 
contrast, the coaxial jack and coaxial plug have 
only two such surfaces. 

triaxial speaker A dynamic loudspeaker contain- 
ing three coils and three cones, for high-, 
low-, and middle-frequency ranges. It is, in effect, 
three speakers in one. It is commonly used in 
high-fidelity music reproduction systems. Also 
called triaxial driver. Compare THREE-WAY 
SPEAKER. 

triboelectric Pertaining to frictional electricity. 

triboelectric series See ELECTROSTATIC SE- 
RIES. 

triboluminescence Luminescence produced by 
means of friction. 

trickle charge A continuous slow charge of a stor- 
age battery, in which the charging rate is just suf- 
ficient to compensate for internal losses or 
normal discharge. 

trickle charger A light-duty unit for charging a 
battery gradually at low current. 

tricorner reflector A device that reflects a ray of 
incident energy at a 180-degree angle, regard- 
less of the direction from which the ray ap- 
proaches. Thus, the ray will return to its source, 
unless some obstruction intervenes. It consists 
of three mutually perpendicular reflecting plane 
surfaces that intersect in a common point. The 
geometry is identical to that in a typical room, 
where the ceiling meets two walls. It is useful at 
microwave, infrared, visible, and ultraviolet 
wavelengths. 

triethanolamine An amino alcohol that precipi- 
tates metallic silver from a silver-nitrate solution 
in the deposition of a silver surface on a sub- 
strate, such as glass or a ceramic. 

trig Abbreviation of TRIGONOMETRY. 

trigatron A form of electrically operated switch. 
The circuit is closed by the breakdown of an elec- 
trical gap. 
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trigger 1. A pulse used to start or stop the opera- 
tion of a circuit or device, such as a flip-flop. 2. To 
place a circuit or device into or out of operation 
with a start or stop pulse, as defined in 1. 

trigger diode See DIAC and FOUR-LAYER DIODE. 

triggered multivibrator See DRIVEN MULTIVI- 
BRATOR. 

triggered sweep In an oscilloscope or similar de- 
vice, a driven sweep. 

triggering point The voltage level at which the ac- 
tion of an electronic switching device is initiated. 
Also see BREAKOVER POINT. 

trigistor A three-junction semiconductor device 
that exhibits two-state operation, and is useful as 
a flip-flop or switch. Also see NPNP DEVICE. 

trigonometric functions See CIRCULAR FUNC- 
TIONS and HYPERBOLIC FUNCTIONS. 

trigonometry The branch of mathematics devoted 
to the application of CIRCULAR FUNCTIONS in a 
plane. It is useful in electronics for determining 
impedance and phase. 

trim To make a fine adjustment, as of a tuning 
control, balance control, output adjustment, etc. 

trimmer A low-valued variable capacitor, inductor, 
or resistor operated in conjunction with a main 
unit (usually of the same sort) for vernier 
adjustment or range setting. See, for example, 
HIGH-FREQUENCY TRIMMER and OSCILLATOR 
TRIMMER. 

trimmer capacitor A variable capacitor used as a 
















trimmer. 
Adjustable screw 
3 an Dielectric 
4 
COOOOOKA, 
Mounting AAA F 
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E contact 
Porcelain 
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trimmer capacitor 
trimmer coil See TRIMMER INDUCTOR. 
trimmer inductor A variable inductor used as a 
trimmer. 
trimmer resistor A variable resistor used as a 
trimmer. 


trinary number system The base-3 system of no- 
tation. This system uses the digits 0, 1, and 2, the 
positional values being successive powers of 3 
(e.g., decimal 14 equals trinary 112). Also called 
ternary number system. 

Trinitron 1. A single-gun color-television picture 
tube developed by Sony. 2. A television set using 
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this tube. The gun has three cathodes that mod- 
ulate the three color beams (red, green, and blue). 
The beams are accelerated by common grids and 
are focused at different angles by convergence 
plates. 

Trinoscope See TRINITRON. 

triode A three-electrode tube or transistor, em- 
bodying an anode, cathode, and a control elec- 
trode as the principal elements. 

triple-diffused transistor A diffused transistor in 
which the base and emitter are diffused into the 
top face of the chip, and the collector into the bot- 
tom face. 

triple diode An assembly of three (often closely 
matched) semiconductor diodes in a _ single 
housing. 

tripler 1. A rectifier that delivers a direct-current 
output voltage at approximately triple the peak 
value of the alternating-current input voltage. 
2. An amplifier or other circuit that delivers an 
output signal at triple the frequency of the input 
signal. 

triplexer In radar, a device that facilitates the use 
of two receivers at the same time. 


RI C2 CR3 





ac 
in 


tripler, 1 


Tri-state logic Digital logic in which there are 
three possible states, rather than the usual two. 
The conditions are defined as O, 1, and unde- 
cided. Trade name of National Semiconductor. 

tritium Symbol, T or Hs. An isotope of hydrogen 
whose nucleus contains two neutrons and one 
proton. Compare DEUTERIUM. 

TRL Abbreviation of transistor-resistor logic (see 
RESISTOR-TRANSISTOR LOGIC). 

Trojan horse A program written with the malicious 
intent of sabotaging the operating system and/or 
files in a computer. It is somewhat similar to a 
VIRUS; it is occasionally spread via software 
whose origin is questionable or unknown. 

troposcatter See TROPOSPHERIC-SCATTER 
PROPAGATION. 

troposphere The portion of the atmosphere in 
which virtually all weather phenomena occur. It 
extends from the surface to an altitude of 8 to 12 
miles above sea level. 
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tropospheric bending A common type of radio- 
wave propagation that takes place when radio 
waves are refracted in the lower atmosphere. 
This effect is most dramatic near weather fronts, 
where warm, relatively light air lies above cool, 
heavy air. The cooler air has a higher index of re- 
fraction than the warm air, causing radio- 
frequency electromagnetic fields to be bent 
downward at a considerable distance from the 
transmitter. It is often responsible for anomalies 
in reception of FM and TV broadcast signals. 
Compare TROPOSPHERIC DUCTING, TROPO- 
SPHERIC-SCATTER PROPAGATION. 

tropospheric ducting Also called duct effect. A 
form of tropospheric propagation that occurs 
close to the earth’s surface at very-high 
frequencies (VHF) and ultra-high frequencies 
(UHF). A duct forms when a layer of cool air 
becomes sandwiched between two layers of 
warmer air. Total internal reflection of the 
electromagnetic (EM) field takes place inside 
the duct. For this phenomenon to provide 
communications, both the transmitting and 
receiving antennas must be located within the 
same duct, and this duct must be unbroken and 
unobstructed between the two locations. A duct 
might measure only a few feet from top to bot- 
tom, but cover thousands of square miles 
parallel to the surface. Compare TROPO- 
SPHERIC BENDING, TROPOSPHERIC-SCATTER 
PROPAGATION. 

tropospheric propagation Also called tropo. Over- 
the-horizon propagation of radio-frequency elec- 
tromagnetic waves that occurs as a result of 
reflection, scattering, and/or refraction in the 
troposphere, the lowest 10 or 12 miles of the 
earth’s atmosphere. At wavelengths shorter than 
about 15 m (frequencies above 20 MHz), refrac- 
tion and reflection can take place within and be- 
tween air masses of different density. The air also 
produces some scattering of EM energy at 
wavelengths shorter than about 3 m (frequencies 
above 100 MHz). “TIropo” can often allow 
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communications over distances of several hun- 
dred miles. Also see TROPOSPHERIC BENDING, 
TROPOSPHERIC DUCTING, and TROPOSPHERIC- 
SCATTER PROPAGATION. 

tropospheric-scatter propagation Also called tro- 
poscatter. A form of tropospheric propagation 
that occurs at frequencies above about 100 MHz, 
where the atmosphere has a scattering effect on 
radio waves. Dust in the air increases the scatter- 
ing effect, but some troposcatter occurs regard- 
less of the weather. Troposcatter takes place 
mostly at low altitudes where the air is the most 
dense. This mode can provide reliable communi- 
cation over distances of several hundred miles 
when the appropriate equipment is used. Com- 
munication via troposcatter requires the use of 
high-gain antennas. Scatter is often observed 
along with other modes of tropospheric propaga- 
tion. Compare TROPOSPHERIC BENDING, 
TROPOSPHERIC DUCTING. 

troubleshoot 1. To look for the cause of equipment 
failure. 2. To look for flaws in computer software 
or to debug a program. 

troubleshooting test A test that is part of the pro- 
cedure for finding the cause of faulty electronic 
equipment operation. Also see DIAGNOSTIC 
TEST. Compare PERFORMANCE TEST. 

trough value The minimum amplitude of a com- 
posite current or voltage. 

true complement See RADIX COMPLEMENT. 

true ground The earth, as opposed to an artificial 
ground, such as that provided by the radials of 
a ground-plane antenna or an equipment 
chassis. 

true power In an alternating-current (ac) circuit, 
the power actually dissipated in the resistive 
component; the reactive component consumes no 
power. In ac circuits containing reactance, the 
true power is less than the product of the voltage 
and current. Also see AC POWER and POWER 
FACTOR. 

truncation A method of approximating a quantity 
by cutting off its digits beyond a certain point. For 
example, 3.44 and 3.46, when truncated to two 
significant digits, both become 3.4. Compare 
ROUNDING. 

trunk 1. A communications link between two 
points, one usually being external. 2. The inter- 
face between a central processing unit and a pe- 
ripheral device. 

trunk link In computer systems, an interface per- 
mitting access to main storage via a peripheral. 

truth table In logic analysis and logic circuit de- 
sign, a table in which are listed all combinations 
of input values and the corresponding output val- 
ues for a given logic function. 

ts Abbreviation of tensile strength. 

Tschebyscheff filter See CHEBYSHEV FILTER. 

TSS Abbreviation of TIME-SHARING SYSTEM. 

T switch See TEE SWITCH. 

TST switch See TIME-SPACE-TIME SWITCH. 
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(x+y)! + xz 
x y Zz x+y (x+y)’ XZ (x + y)' + xz 
0 0 0 0 1 0 1 
0 0 1 0 1 0 1 
0 1 0 1 0 0 0 
0 1 1 1 0 0 0 
1 0 0 1 0 0 0 
1 0 1 1 0 1 1 
1 1 0 1 0 0 0 
1 1 1 1 0 1 1 


TTL Abbreviation of TRANSISTOR-TRANSISTOR 
LOGIC. (Also, T?L.) 

TTT In radiotelegraphy, a signal indicating that a 
message concerning safety is to follow (equivalent 
to securite in radiotelephony). 

TTY Abbreviation of TELETYPE. 

T-type antenna See TEE ANTENNA. 

T-type attenuator See TEE PAD. 

tube 1. Generic term for any electron tube (e.g., 
vacuum tube, gas tube, cathode-ray tube, X-ray 
tube, etc.). 2. Glow lamp: argon bulb, neon bulb, 
mercury-vapor lamp, etc. 

tube capacitances The internal capacitances be- 
tween the elements of an electron tube. 

tube diode A two-element (cathode and anode) 
electron tube for current rectification. Also see 
DIODE. 

tube of flux A group of flux lines within a circular 
cross section. It can vary in diameter as the den- 
sity of the flux lines changes. 

tube parameters Operating coefficients of electron 
tubes (e.g., plate current, grid voltage, screen 
current, transconductance, amplification factor, 
etc.). 

tube tester An instrument for checking one or 
more of the parameters of an electron tube. 

tubular capacitor A fixed capacitor consisting of a 
wound section enclosed in a cylindrical can. 

tune 1. To adjust a selective circuit to accept or re- 
ject a signal. 2. To correct the natural frequency 
of vibration of a body. 3. To adjust a radio trans- 
mitter for optimum output. 4. To adjust the fre- 
quency of an oscillator—especially in a radio 
transmitter or receiver. 5. To adjust the resonant 
frequency of an antenna, antenna coupler, or an- 
tenna system. 

tuned AF amplifier 1. An audio amplifier that is 
continuously tunable over a band of frequencies. 
2. An audio oscillator that is set to a fixed, precise 
frequency. See, for example, PARALLEL-TEE AM- 
PLIFIER. 

tuned-base oscillator A_ self-excited, common- 
emitter connected, bipolar-transistor oscillator in 
which the tuned tank is in the base circuit. 

tuned circuit A (usually series-resonant or paral- 
lel-resonant) circuit adjusted to accept or reject a 
signal. Also see RESONANCE. 
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tuned-collector oscillator <A_ self-excited, com- 
mon-emitter connected, bipolar-transistor oscil- 
lator in which the tuned tank is in the collector 
circuit. 


C3 Output 
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tuned-collector oscillator 


tuned coupler An antenna coupler (transmatch) 
that can be adjusted independently of the trans- 
mitter or receiver with which it is used. 

tuned dipole A half-wave, center-fed, resonant an- 
tenna. 

tuned feeders An antenna feed line that is ad- 
justed or trimmed so that the entire system (feed- 
ers and radiating element) is resonant at the 
transmitted-signal frequency. 

tuned headphones Headphones used in radio-teleg- 
raphy that are fix-tuned to a single audio frequency 
(e.g., 1 kHz) by means of a small parallel capacitor. 

tuned line An antenna wire or transmission line 
that provides a resistive load at a specific reso- 
nant frequency. 

tuned pickup A pickup circuit or device (such as a 
radio-frequency sampling coil) that is tuned to 
the signal frequency. 

tuned radio-frequency amplifier An amplifier cir- 
cuit that is continuously tunable over a specific 
band of radio frequencies. 

tuned radio-frequency receiver A radio receiver 
consisting only of a tuned-radio-frequency ampli- 
fier, detector, and audio amplifier. Compare SU- 
PERHETERODYNE RECEIVER. 

tuned reed A vibrating reed whose length, width, 
and/or thickness have been adjusted so that it 
vibrates naturally at a desired frequency. 

tuned-reed frequency meter An audio frequency 
meter using tuned metal reeds as the indicators. 
Also see POWER FREQUENCY METER, 2. 

tuned relay An electronic or electromechanical re- 
lay that closes at one frequency. See, for example, 
REED SWITCH, 1. 


tuned signal tracer A signal tracer that can be 
tuned sharply to the frequency of the test signal 
being traced. 

tuned transformer An audio-frequency or radio- 
frequency transformer tuned via a capacitor in 
parallel with its primary winding and/or a capac- 
itor in parallel with it secondary winding. 

tuner A circuit or device that can be set to select 
one signal from a number of signals in a fre- 
quency band. 

tungsten Symbol, W. A metallic element. Atomic 
number, 74. Atomic weight, 183.85. Also called 
wolfram. It is used in switch and relay contacts, 
in the elements of some electron tubes, and in in- 
candescent-lamp filaments. 

tuning 1. Adjustment of the frequency of a receiver 
to intercept a signal on a given frequency. 2. Ad- 
justment of a transmitter oscillator to a desired 
frequency. 3. Adjustment of an inductance- 
capacitance circuit for resonance on a desired 
frequency. 4. Adjustment of an antenna or 
antenna system to a desired frequency. 5. Adjust- 
ment of a radio-frequency amplifier for optimum 
performance. 6. Alignment of a musical instru- 
ment for correct tone frequency. 

tuning capacitor A variable capacitor used to tune 
an inductance-capacitance circuit (series- 
resonant or parallel-resonant). 

tuning coil A variable inductor used to tune an in- 
ductance-capacitance circuit (series-resonant or 
parallel-resonant). 

tuning core See TUNING SLUG. 

tuning diode See VOLTAGE-VARIABLE CAPACI- 
TOR, 1. 

tuning fork A metal device that vibrates at a pre- 
cise audio frequency when struck physically. It 
usually has two prongs and looks something like 
a fork. 

tuning-fork oscillator See FORK OSCILLATOR. 

tuning indicator 1. A meter or display that indi- 
cates when a receiver is properly tuned to the fre- 
quency of an incoming signal. 2. Sometimes, a 
bridge null detector. 

tuning meter A meter-type resonance indicator. 

tuning potentiometer A single or ganged poten- 
tiometer (depending on the circuit in which it is 
used) used to vary the frequency response of a 
resistance-capacitance-tuned circuit, such as 
the bridge-tee, parallel-tee or Wien-bridge 
circuit. 

tuning slug A powdered-iron core that slides or 
screws in and out of a coil to vary the inductance. 

tuning voltage An adjustable direct-current volt- 
age used to vary the capacitance of a varactor 
diode (serving as the capacitor in a tuned circuit). 

tuning wand See NEUTRALIZING TOOL. 

tunnel diode A specially processed junction diode 
whose forward conduction characteristic displays 
negative resistance. 

tunnel-diode amplifier A circuit that uses the 
negative-resistance properties of a tunnel diode 
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to produce gain. It is used primarily at ultra-high 
and microwave frequencies. 

tunnel-diode oscillator A circuit that uses the 
negative-resistance properties of a tunnel diode 
to produce oscillation at a specific frequency. It is 
used primarily at ultra-high and microwave fre- 
quencies. 

turbidimeter A device used to measure the turbid- 
ity (relative opaqueness) of liquids. 

turbidity meter See TURBIDIMETER. 

Turing machine A hypothetical model, conceived 
by Alan Turing in the 1930s, devised as an exer- 
cise in problem solving. In effect, it was a com- 
puter programming language with a limited 
instruction set, operating in a computer with infi- 
nite memory and storage capacity. 

Turing test A scheme devised by Alan Turing, de- 
signed to test computers for artificial intelligence 
(Al). If the machine can fool a person into think- 
ing it is another person most of the time, then the 
machine in effect “passes” the test, indicating 
that it has some AI. 

turn One complete loop of a coil. 

turnaround time 1. The length of time required for 
a repair to be performed. 2. The length of time re- 
quired for a computer program to be completed. 
3. The time required for a trans-ceiver to switch 
from the full-transmit to the full-receive condition. 

turn factor For a given inductor core, the number 
of turns (in a standard configuration) that results 
in an inductance of 1 H. 

turn-off time The time required for the operation 
of a circuit or device to cease completely after a 
signal or operating power has been removed. 
Compare TURN-ON TIME. 

turn-on time The time required for a circuit or de- 
vice to come up to full (normal) operation after 
application of a trigger or operating power. Com- 
pare TURN-OFF TIME. 

turnover pickup See DUAL PICKUP. 

turns ratio For a transformer, the ratio of the 
number of turns in the primary winding to the 
number of turns in the secondary winding. 

turnstile antenna A polyphase antenna that re- 
sembles a turnstile gate. 

turntable 1. The motor-driven, rotating platter on 
which a phonograph disc rests during recording 
or reproduction. 2. In a high-fidelity phonograph 
system, the assembly containing the platter, as 
defined in 1. 

turret tuner A television front-end tuner having a 
separate tuned-circuit section for each channel. 
Turning a knob rotates a desired section into po- 
sition against switch contacts. Also called DE- 
TENT TUNER. 

TV 1. Abbreviation of TELEVISION. 2. Abbreviation 
of terminal velocity. 

T/V_ Abbreviation of temperature to voltage. 

TV decoder A device for unscrambling a television 
broadcast that has been intentionally encrypted 
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to prevent its use by unauthorized viewers. See 
SUBSCRIPTION TV. 

TV ghost See GHOST. 

TVI_ Abbreviation of TELEVISION INTERFERENCE. 

TVL Amateur radio abbreviation of television lis- 
tener (looker). 

TVM Abbreviation of TRANSISTORIZED VOLT- 
METER. 

TVO Abbreviation of TRANSISTORIZED VOLT- 
OHMMETER. (Also, TVOM.) 

TVOM Abbreviation of TRANSISTORIZED VOLT- 
OHMMETER. (Also, TVO.) 

TV projector A combination electronic and optical 
device for projecting television images on a large 
screen. 

TV sound marker See SOUND MARKER. 

TVT Abbreviation of television terminal (computer 
peripheral). 

TW Abbreviation of TERAWATT. 

TWA Abbreviation of TRAVELING-WAVE AMPLI- 
FIER. 

tweeter A loudspeaker that favors the extreme tre- 
ble (high) audio frequencies, ranging from 4000 
or 5000 Hz to more than 20,000 Hz. Compare 
WOOFER. 

twin diode See DUAL DIODE. 

twinlead See FLAT-RIBBON LINE. 

twin line See FLAT-RIBBON LINE. 

twin meter See DUAL METER. 

twin-T measuring circuit See PARALLEL-TEE 
MEASURING CIRCUIT. 

twin-T network See PARALLEL-TEE NETWORK. 

twisted pair A simple wire line used for communi- 
cations. It consists of two wires twisted together 
to form a helix. 

twister A piezoelectric crystal, such as one of 
Rochelle salt, that generates a voltage when 
torqued. 

twistor A magnetic-memory element consisting of 
a winding of magnetic wire on a length of non- 
magnetic wire. 

two-channel amplifier 
PLIFIER. 

two-channel recorder 
RECORDER. 
two-electrode amplifier See DIODE AMPLIFIER. 
two-electrode tube See TUBE DIODE. 
two-element amplifier See DIODE AMPLIFIER. 

two-element beam A Yagi antenna consisting of a 
driven element and one parasitic element. The 
parasitic element can be either a reflector, about 
5% longer than the resonant half wavelength at 
the operating frequency, or it can be a director, 
about 5% shorter than a half wavelength at the 
operating frequency. 

two-element tube An electron tube having two 
principal electrodes (i.e., a tube diode). 

two-five code See BIQUINARY CODE. 

two-phase Pertaining to circuits or devices in 
which two components (two voltages, two 
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currents, or a current and a voltage) are 90° out 
of phase with each other. 

two-phase system See QUARTER-PHASE SYSTEM. 

two-phase, three-wire circuit A circuit using three 
conductors, one of which (the common return) is 
90° out of phase with the other (outer) two. 

two-pincher gripper A simple robotic end effector 
using two tongs, and resembling large tweezers or 
needle-nosed pliers. It grasps objects by “pinch- 
ing” them. 

two-point tuning See DOUBLE-SPOT TUNING. 

two-space A two-dimensional mathematical con- 
tinuum in which each point is uniquely defined 
by two variables in an ordered pair, such as (x,y), 
and each ordered pair corresponds to exactly one 
point in the continuum. A common scheme is the 
Cartesian coordinate system; another scheme is 
the polar coordinate system. See CARTESIAN 
COORDINATES and POLAR COORDINATES. 

two-space coordinates A coordinate system for 
defining points in two-space. See CARTESIAN 
COORDINATES and POLAR COORDINATES. 
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two-state device A device having two stable states 
(e.g., a flip-flop). 

two-state logic Digital logic in which there are two 
possible conditions (called high and low, true and 
false, or 1 and 0). 

two-tone keying See FREQUENCY-SHIFT KEY- 
ING. 

two-track recording Recording on two adjacent 
tracks on magnetic tape. The separate recordings 
can be in the same direction (as in stereo) or in 
opposite directions. 

two-way amplifier An amplifier whose input and 
output terminals can be used interchangeably. 

two-way communication The exchange of mes- 
sages between two or more stations that transmit 
as well as receive. Compare ONE-WAY COMMU- 
NICATION, 1. 

two-way radio 1. Any form of TWO-WAY COMMU- 
NICATION using electromagnetic waves. 2. A ra- 
dio transceiver—especially one used for voice 
communication at very-high or ultra-high fre- 
quencies. 

two-way repeater In telephony, a device that am- 
plifies and retransmits a signal in either direc- 
tion. Also see TWO-WAY AMPLIFIER. 

two-way speaker A woofer/midrange speaker and 
a tweeter occupying the same enclosure, and in- 
terconnected by a crossover network for wide- 
band frequency response. 

TWT Abbreviation of TRAVELING-WAVE TUBE. 

TWX Abbreviation of TELETYPEWRITER EX- 
CHANGE. 

Twystron A form of microwave-oscillator tube, 
similar to the Klystron. 

Type A telephone line A telephone line serving 
one subscriber (as opposed to a party line). 
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U_ 1. Symbol for URANIUM. 2. Abbreviation of 
UNIT. 

u_ Symbol (ital.) for UNIFIED ATOMIC MASS UNIT. 

Ua Abbreviation of unit of activity (electro- 
encephalography). 

UAM Abbreviation of underwater-to-air missile. 

ubiquitous carrier A current carrier (especially an 
electron) whose velocity is so high, or mechanism 
of transfer so subtle, that it appears to be in two 
places simultaneously. Thus, in the tunnel diode, 
during the interval of tunneling a single electron, 
appears to be on both sides of the barrier at the 
same time. 

Ubitron A tube in which a periodic magnetic field 
causes an electron beam to undulate. Through its 
transverse velocity component, the beam inter- 
acts with a radio-frequency wave, and its kinetic 
energy is converted into radio-frequency energy. 
The ubitron can be used as an amplifier or oscil- 
lator. 

UCT Abbreviation of UNIVERSAL COORDINATED 
TIME. 

UDC Abbreviation of universal decimal classifica- 
tion. 

UDOP Abbreviation of ultra-high-frequency Dop- 
pler. A 440-MHz phase-coherent tracking system 
used to determine the velocity and position of 
missiles and space vehicles. 

UEP Abbreviation of underwater electric potential. 

UFET Abbreviation of unipolar field-effect transis- 
tor. (Also, UNIFET.) See UNIPOLAR TRANSISTOR. 

UFO See UNIDENTIFIED FLYING OBJECT. 

UG Abbreviation of underground. 

UHF Abbreviation of ULTRAHIGH FREQUENCY. 

UHF adaptor See UHF CONVERTER, 1. 


UHF capacitor A button-type capacitor. Because 
of its unique design, it is an efficient bypass ca- 
pacitor at ultrahigh frequencies. 

UHF converter 1. A circuit, usually consisting of a 
radio-frequency amplifier and mixer, for convert- 
ing ultra-high-frequency (UHF) signals to a lower 
band of frequencies. 2. A circuit for converting 
UHF television signals to very-high-frequency 
(VHF) signals so that they can be accommodated 
by an older (VHF only) television receiver. See 
UHF TELEVISION CHANNELS and VHF TELEVI- 
SION CHANNELS. 
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UHF diode A semiconductor diode whose rectifica- 
tion efficiency is good at ultra-high frequencies. 
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UHF generator 1. An oscillating device (such as a 
transistor, tunnel diode, Klystron, or magnetron) 
used to produce radio-frequency energy at ultra- 
high frequencies (UHF). 2. The equipment in 
which such a device is used. 3. An ultra-high- 
frequency test-signal generator. 

UHF loop A (usually single-turn) loop antenna with 
a toroidal radiation pattern perpendicular to the 
loop; the antenna has a natural wavelength in the 
ultra-high-frequency (UHF) range. 

UHF receiver A receiver tunable to frequencies in 
any band in the range 300 MHz to 3000 MHz. 
UHF television channels Television channels 14 
through 69, whose frequencies lie in the ultra- 

high range. 

UHF transistor A transistor specially designed and 
fabricated for ultra-high-frequency (UHF) opera- 
tion. It is characterized by extended beta cutoff 
frequency, low junction capacitance, and fast re- 
covery time. 

UHF translator A television broadcast translator 
station transmitting in an ultra-high-frequency 
(UHF) channel. 

UHF transmitter A transmitter that is specially 
designed for operation at ultra-high frequencies. 
In such a transmitter, stray parameters are min- 
imized and special tubes or transistors are re- 
quired. 

UHF tube A vacuum tube specially designed for ul- 
tra-high-frequency operation. It is characterized 
by low interelectrode capacitance, low input and 
output capacitances, short electron transit time, 
and low lead inductance. 

UHF tuner 1. A superheterodyne receiver front end 
tunable in the ultra-high-frequency (UHF) range. 
It is usually arranged to deliver the mixer output 
to a lower-frequency receiver. 2. A television re- 
ceiver front end tunable to the UHF channels. 

UHR Abbreviation of ULTRA-HIGH RESISTANCE. 

U index The difference between consecutive daily 
mean values of the horizontal component of the 
geomagnetic field. 

UJT Abbreviation of UNIJUNCTION TRANSISTOR. 

UL 1. Abbreviation of UNDERWRITERS LABORA- 
TORIES. 2. Abbreviation of ULTRALINEAR. 

ULD Abbreviation of ULTRA-LOW DISTORTION. 

ULF Abbreviation of ULTRA-LOW FREQUENCY. 

U-line section A short section of coaxial cable or 
hardline having the shape of a squared U. 

ULSI See ULTRA-LARGE-SCALE INTEGRATION. 

ultimate attenuation The maximum attenuation 
in a circuit or device when it is operated outside 
its passband, or within its stopband. 

ultimately controlled variable In an automated 
system, the quantity or operation (e.g., liquid 
level, temperature, pressure, precision drilling, 
etc.), whose control is the end purpose of the sys- 
tem. 

ultimate-range ballistic missile A ballistic missile 
whose range is greater than half the earth’s cir- 
cumference (approximately 12,000 miles). 
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ultimate ratio The limiting value ofa ratio (i.e., the 
value approached by a ratio). 

ultimate sensitivity 1. In an instrument or sys- 
tem, the maximum degree of perception of, or re- 
sponse to, a quantity or condition. 2. In a graphic 
recorder, half the deadband. 

ultimate threshold See ULTIMATE SENSITIVITY, 
2. 

ultimate trip current For a specified set of envi- 
ronmental conditions, the lowest value of current 
that will trip a circuit breaker. 

ultimate trip limits For a circuit breaker, the 
maximum and minimum current at which the 
breaker trips and drops out. 

ultor anode The second anode of a television pic- 
ture tube or oscilloscope tube. 

ultor element In a television picture tube, the ele- 
ment that receives the highest direct-current 
voltage. Also called ultor electrode. Also see UL- 
TOR ANODE. 

ultor voltage The high direct-current voltage ap- 
plied to the second anode of an oscilloscope tube or 
television picture tube. Also see ULTOR ANODE. 

ultra- A prefix meaning above, larger than, greater 
than, or higher than. See the following several def- 
initions for examples. 

ultra-atomic Pertaining to particles smaller than 
atoms (i.e., SUBATOMIC). 

ultra-audible frequency A frequency higher than 
the highest audible frequency. Also called ULTRA- 
SONIC FREQUENCY and supersonic frequency. 

ultra-audion oscillator See ULTRAUDION OSCIL- 
LATOR. 

ultracentrifuge A centrifuge that spins at a very 
high speed. 

ultrafast switch An electronic switch capable of 
microsecond operation. 

Ultrafax A system for high-speed transmission of 
printed matter by facsimile, radio, or television. 

ultra-high frequency A radio frequency in the 
range 300 MHz to 3000 MHz, corresponding to 
free-space wavelengths between 1 meter and 
10 centimeters. 

ultra-high-frequency band See UHF BAND. 

ultra-high resistance Resistance of 100 meg- 
ohms or higher. 

ultra-large-scale integration An integrated-circuit 
process that goes several orders of magnitude 
beyond VERY-LARGE-SCALE INTEGRATION. 
More than 4 x 10° transistors could be on a single 
chip. 

ultra-linear Pertaining to the most linear operation 
obtainable with state-of-the-art electronic equip- 
ment. 

ultra-linear amplifier A high-fidelity audio- 
frequency power amplifier having wide frequency 
response and very low distortion. 

ultra-low distortion Total harmonic distortion 
(THD) of less than 0.1 percent. 

ultra-low frequencies 1. Radio frequencies be- 
tween 300 Hz and 3 kHz, pertaining to 
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wavelengths between 1000 kilometers and 100 
kilometers. 2. Audio frequencies lower than those 
in the human hearing range. 

ultramicrometer An electronic instrument for ex- 
tremely small linear measurements. 

ultramicroscope An optical microscope using re- 
fracted light to illuminate minute particles. 

ultramicrowave Pertaining to wavelengths in the 
range 10° to 10° meter (300 GHz to 300 THz). 

ultraminiature See SUBMINIATURE. 

ultraphotic rays Collectively, infrared and ultravi- 
olet rays. 

ultrared rays See INFRARED RAYS. 

ultra-short waves Waves whose length correspond 
to ultra-high frequencies (i.e., wavelengths be- 
tween 0.1 and 1 meter). 

ultrasonic Of higher frequency than those that are 
audible (supersonic). See, for example, ULTRA- 
SONIC FREQUENCY. 

ultrasonic bonding A method of bonding metal by 
means of physical vibration at frequencies above 
the human hearing range. 

ultrasonic brazing Forming a nonporous bond be- 
tween metal parts through the use of ultrasonic 
energy and a second, different metal (or alloy) 
having a lower melting point. 

ultrasonic cleaning A method of cleaning delicate 
or intricately structured items (such as dentures, 
contact lenses, or jewelry) in which the soiled 
items are immersed in a fluid that is agitated by 
ultrasonic transducers; the foreign particles are 
shaken away. 

ultrasonic cleaning tank A thick-walled stainless- 
steel tank with ultrasonic transducers mounted 
within its walls and used for ultrasonic cleaning. 

ultrasonic coagulation The coagulation of a sub- 
stance through ultrasonic agitation. 

ultrasonic communication Underwater _ tele- 
graphic communication between ships and/or 
submarines by keying the echo-ranging sonar 
equipment. 

ultrasonic delay line A delay line, such as the 
mercury type, through which an ultrasonic signal 
is propagated. The delay results from the rela- 
tively slow propagation of the ultrasonic wave 
through the substance in the line. 

ultrasonic densitometer A density-measuring ap- 
paratus whose operation is based on the time re- 
quired for an ultrasonic signal to penetrate the 
material under test, or for the signal to penetrate 
the material and be reflected back to the trans- 
mitter. 

ultrasonic depth finder 
FINDER. 

ultrasonic detector A device that responds to ul- 
trasonic waves by indicating their presence, in- 
tensity, and/or frequency. 

ultrasonic diagnosis The medical determination of 
the condition of tissues or structures within the 
body, in terms of reflection of ultrasonic waves by 
those tissues or structures. The technique is use- 
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ful in situations where other techniques, such as 
radiology or the use of catheter probes, are risky. 
Also see ULTRASOUND. 

ultrasonic disintegrator In biology and related 
fields, a device that uses ultrasonic energy to rup- 
ture or shatter cells, tissues, or foreign bodies, 
such as kidney stones. 

ultrasonic drill A drill running at speeds corre- 
sponding to ultrasonic frequencies. The tool is 
valuable in drilling hard or brittle materials and 
in dentistry. 

ultrasonic filter 1. A bandpass filter whose opera- 
tion is based on the natural (ultrasonic) vibration 
frequency of small disks or rods of magnetostric- 
tive metal. See MAGNETOSTRICTION. Also called 
mechanical filter. 2. Generally, a filter operating 
at ultrasonic frequencies. 

ultrasonic flaw detector A system analogous to 
radar, in which an ultrasonic wave is transmitted 
through a solid material and is reflected back to a 
detector and display device to reveal flaws, 
cracks, and strain in the material. 

ultrasonic frequency For an acoustic distur- 
bance, any frequency above the limit of human 
hearing (higher than 20 kHz). 

ultrasonic generator 1. An oscillator that operates 
at frequencies above the range of human hearing, 
and the output of which is intended for coupling 
to an electroacoustic transducer. 2. Any device 
that produces ultrasonic waves. 

ultrasonic grating constant For a sound wave 
producing a diffraction spectrum, a figure indi- 
cating the distance between diffracting centers of 
the wave. 

ultrasonic heating The production of heat in a 
specimen by means of ultrasonic energy directed 
into or through it. 

ultrasonic image converter A device that makes 
visible acoustic field patterns. 

ultrasonic inspection The use of ultrasonic waves 
to detect internal flaws in solid materials, such as 
metals. It is valued particularly because it is non- 
destructive. Also see ULTRASONIC FLAW DE- 
TECTOR. 

ultrasonic intrusion alarm A security system ac- 
tivated when an intruder disturbs a pattern of ul- 
trasonic waves in the protected area; a sensitive 
relay closes, setting off an alarm. 

ultrasonic level detector A level-monitoring sys- 
tem in which an ultrasonic transmitter and de- 
tector are mounted together on one wall of a tank 
or chamber. When the tank is empty, the trans- 
mitted signal is reflected by the opposite wall 
back to the detector. When the liquid rises, the 
reflection time is reduced; this change is used to 
operate a device that indicates that the tank has 
been filled to a desired level. 

ultrasonic light diffraction Diffraction resulting 
from the periodic variation of light refraction 
when a beam of light passes through a longitudi- 
nal sound-wave field. 
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ultrasonic light modulator A device that modu- 
lates a light beam passing transversely through a 
fluid agitated by sound waves. 

ultrasonic material dispersion The use of the ag- 
itative action of high-intensity ultrasonic waves 
to disperse or emulsify one substance in another. 

ultrasonic plating The use of ultrasonic energy to 
deposit or bond one material onto the surface of 
another. 

ultrasonic probe A rodlike director of ultrasonic 
energy. 

ultrasonic relay An electronic relay actuated by 
ultrasound. 

ultrasonics 1. The use of high-frequency acoustic 
energy in industry, medicine, research, and the 
home. See ULTRASONIC FREQUENCY. 2. The 
use of high-frequency acoustic energy for medical 
diagnosis and treatment. 3. The branch of 
physics dealing with the effects and behavior of 
acoustic disturbances at frequencies above the 
range of human hearing. 

ultrasonic soldering See ULTRASONIC BRAZING. 

ultrasonic sounding Determining the depth of a 
body of water in terms of the time taken for a 
transmitted ultrasonic signal to be reflected back 
to a transmitting point on the surface of the water. 

ultrasonic space grating A periodic variation in 
the index of refraction when acoustic waves are 
present in a light-transmitting medium. Also see 
ULTRASONIC LIGHT DIFFRACTION. 

ultrasonic storage cell See ULTRASONIC DELAY 
LINE. 

ultrasonic stroboscope A stroboscope that uses 
an ultrasonically modulated beam of light. 

ultrasonic switch An electronic switch actuated 
by ultrasound. 

ultrasonic therapy The use of ultrasonic energy in 
medicine for treatment of certain disorders. 

ultrasonic thickness gauge An instrument that 
determines the thickness of a specimen in terms 


of the propagation time (or echo time) of ultra- 
sonic waves through the specimen. 

ultrasonic transducer A transducer that converts 
electrical energy into ultrasonic energy, or vice- 
versa. Common types are the quartz crystal, ce- 
ramic crystal, and magnetostrictive disk. 

ultrasonic waves Acoustic waves whose length 
corresponds to ultrasonic frequencies (i.e., fre- 
quencies above 20 kHz). 

ultrasonic welding A below-melting-point tech- 
nique of joining two metallic bodies by clamping 
them tightly together and applying ultrasonic en- 
ergy, rather than heat, in the plane of the desired 
weld. Compare ULTRASONIC BRAZING. 

ultrasonic whistle A whistle whose pitch is be- 
yond the range of human hearing. Although some 
are of the simile (blown) type, others are (usually 
miniature) electronic sound generators. These de- 
vices can be used for the remote control of televi- 
sion receivers, garage-door openers, and other 
equipment. 

ultrasonography A method of examining human 
tissues or organs by transmitting ultrasonic 
waves into the body and receiving the echoes. 

ultrasound 1. Acoustic disturbances at frequen- 
cies above 20 kHz. 2. See ULTRASONIC FRE- 
QUENCY. 3. See ULTRASONOGRAPHY. 

ultraviolet 1. Electromagnetic radiation at wave- 
lengths somewhat shorter than those of visible 
light. Longwave or near ultraviolet extends from 
approximately 390 nanometers (nm) down to 
50 nm. Shortwave or far ultraviolet extends from 
50 nm down to 4 nm. 2. Pertaining to the behav- 
ior and effects of electromagnetic radiation in the 
range of approximately 390 nm to 4 nm. 
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ultraviolet altimeter An altimeter that uses ultra- 
violet rays instead of radio waves to determine the 
altitude of an aircraft or spacecraft. 
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ultraviolet lamp A lamp that delivers ultraviolet 
rays. Common types are arc lamps and mercury- 
vapor lamps. 

ultraviolet light See ULTRAVIOLET RAYS. 

ultraviolet power The power (in watts) of ultravio- 
let radiation. 

ultraviolet rays Radiation at frequencies in the ul- 
traviolet region (i.e., between the highest visible- 
light frequencies and the lowest X-ray frequencies). 

ultraviolet therapy The use of ultraviolet rays by 
physicians and other health personnel in the 
treatment of certain disorders. 

ultraviolet wavelength The wavelength range of 
ultraviolet radiation [e.g., 390 nanometers (nm) 
to 4 nm]. 

ultraviolet waves See ULTRAVIOLET RAYS. 

umbilical cord 1. A cord through which missiles 
and rockets are controlled and powered until they 
are launched. 2. A cord connecting an astronaut 
to his space vehicle during extravehicular activity 
(e.g., during a space “walk”). 

umbilical tower The vertical tower supporting the 
umbilical cords extending to a rocket in the 
launch position. 

umbra_ 1. The region of total (conical) shadow be- 
hind an object situated in the path of a radiation. 
2. The comparatively dark central region in a 
sunspot. 

umbrella antenna An antenna consisting of a 
number of wires, extending from the top of a ver- 
tical mast to points on a circle below, at the cen- 
ter of which the mast is mounted. The wires are 
usually fed in parallel from the top. 

Umklapp process A process responsible for ther- 
mal resistance in nonconducting materials. It re- 
sults from collision between phonons, or 
phonons and electrons. 

UMW Abbreviation of ULTRAMICROWAVE. 

unabsorbed field strength The field strength with 
no absorption between transmitter and detector. 
The unabsorbed field strength is an ideal quan- 
tity; the actual field strength over a given distance 
is always less. It is expressed in volts per meter. 

unamplified back bias A negative-feedback volt- 
age developed across a fast-time-constant circuit 
within a single amplifier stage. 

unamplified feedback A positive or negative cur- 
rent or voltage taken from the output of a system 
and presented to the input without being boosted 
through auxiliary amplification. 

unamplified ALC Automatic level control (ALC) in 
which the control-signal voltage is taken from a 
point in the circuit and fed to the controlled point 
without being boosted by an auxiliary amplifier. 
Compare AMPLIFIED ALC. 

unattended operation Operation, as of an elec- 
tronically programmed machine, with minimal (or 
no) human supervision. 

unattended time The period, excluding down time 
for repair or checkout, during which a computer 
is unpowered. 
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unattenuated Not reduced in intensity of ampli- 
tude. Thus, an unattenuated signal is one that 
has retained its original strength during its trans- 
mission through a system. 

unavailable energy The difference between the 
quantity of heat energy supplied to a system and 
the available energy of the system. 

unbalance 1. Lack of balance or symmetry in a cir- 
cuit, line, or system. 2. The condition in which a 
bridge (or the equivalent) is not nulled. 

unbalanced circuit See SINGLE-ENDED CIRCUIT. 

unbalanced delta system A three-phase circuit in 
which the elements are connected in a triangular 
(delta) configuration, but are of unequal 
impedance. In an unbalanced delta system, no 
definite relationship exists between line and 
phase currents. Compare BALANCED DELTA 
SYSTEM. 

unbalanced input See SINGLE-ENDED INPUT. 

unbalanced line 1. A transmission line in which 
one side (conductor) is grounded (e.g., a coaxial 
line). 2. A normally balanced transmission line in 
which the currents in the two halves are out of 
balance (i.e., they are not equal in amplitude and 
opposite in phase). 

unbalanced multivibrator A multivibrator in 
which the time constant of one base or gate cir- 
cuit differs from that of the other base or gate cir- 
cuit. The asymmetry results in short-duration 
output pulses separated by long time periods. 

unbalanced output See SINGLE-ENDED OUTPUT. 

unbalanced two-phase system A two-phase cir- 
cuit in which the load elements are of unequal 
impedance. 

unbalanced wire circuit A wire line whose (two) 
sides are dissimilar. 

unbalanced-wye system A three-phase circuit in 
which the elements are connected in the familiar 
wye, or star, configuration, but are of unequal 
impedance. 

unbalanced-Y system See UNBALANCED-WYE 
SYSTEM. 

unbalance-to-balance transformer A transformer 
for matching an unbalanced transmission line to 
a balanced line (e.g., a coaxial line to a parallel- 
wire line). 

unbiased limiting Peak limiting that results from 
overdriving an unbiased active device. 

unbiased unit A device or circuit operated without 
bias [e.g., a transistor without base bias (common 
emitter and emitter follower) or emitter bias (com- 
mon base)]. 

unblanking Removal of the blanking pulse in a 
cathode-ray-tube circuit (i.e., turning on the 
beam). 

unblanking generator A (usually pulse-type) sig- 
nal source for turning on the beam of a blanked 
cathode-ray tube. 

unblanking interval The period during which the 
beam of a cathode-ray tube is turned on. Com- 
pare BLANKING INTERVAL. 
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unblanking pulse A pulse that turns on the beam 
of a blanked cathode-ray tube. Compare BLANK- 
ING PULSE. 

unblanking time 1. See UNBLANKING INTERVAL. 
2. The instant at which unblanking begins. 

unbonded strain gauge A strain gauge that is not 
directly attached (by cement, for example) to the 
strained surface. 

unbound electron A free electron (i.e., an electron 
not confined to a shell within an atom). 

unbuffered output An output (signal, power, etc.) 
that is delivered directly from the generating de- 
vice without the benefit of an isolating stage, 
such as a buffer amplifier. Compare BUFFERED 
OUTPUT. 

unbypassed emitter resistor In a common-emit- 
ter transistor circuit, an emitter resistor without 
a bypass capacitor. The flow of output-signal cur- 
rent through the resistor produces negative feed- 
back within a single stage. 


—Vec 





unbypassed emitter resistor (R,) 


unbypassed source resistor In a common-source 
field-effect transistor circuit, a source resistor 
without a bypass capacitor. The flow of output- 
signal current through the resistor produces neg- 
ative feedback within a single stage. 

uncage In a displacement gyroscope system, to 
disconnect the erection circuit. 

uncalibrated unit A component, circuit, or instru- 
ment that has never been calibrated or has not 
recently been calibrated and, hence, is of ques- 
tionable accuracy. 

uncanny valley According to a theory put forth by 
certain Japanese roboticists, a phenomenon that 
can occur among people as technology advances. 
As machines rapidly get more sophisticated, a 
point is reached at which their human users be- 
come unnerved, partially offsetting the advan- 
tages the technology has to offer. 

uncased choke See UNSHIELDED CHOKE. 


5059F-pU-700-715 4/10/01 9:53 AM Page 705 cp 


unblanking pulse « unconditional jump 705 


uncased transformer See UNSHIELDED TRANS- 
FORMER. 

uncertainty in computation The degree of doubt 
concerning the exactness of computations. This 
uncertainty is always greater than that of the 
roughest measurement used in obtaining data for 
the computation. Uncertainty is closely related to 
the tolerance of the instruments and formulas 
used. 

uncertainty in measurement The estimated max- 
imum amount whereby the numerical value of a 
measured quantity can differ from the true value. 

uncertainty principle The observation that high 
precision in the location of an electron is obtain- 
able only at a sacrifice in the accuracy with which 
the momentum of the electron can be deter- 
mined, and vice versa. 

uncharged Without an electric charge, as opposed 
to discharged (depleted of a charge). 

unclamp ‘To switch off clamping action in a circuit. 
See CLAMPER and CLAMPING. 

uncoated filament 1. A plain filament (ie., one 
without a coating of electron-increasing material). 
2. A stripped filament (i.e., one from which the 
electron-increasing coating has been burned off). 

uncompensated Not modified to produce a desired 
type of performance, such as increased band- 
width or reduced temperature sensitivity. Exam- 
ple: an uncompensated amplifier put into service 
in the (wide) video band. Compare COMPEN- 
SATED AMPLIFIER, COMPENSATED CAPACI- 
TOR, and COMPENSATED DIODE DETECTOR. 

uncompensated amplifier An amplifier without a 
provision for the automatic or manual modifica- 
tion or correction of its response. Compare COM- 
PENSATED AMPLIFIER. 

uncompensated capacitor A fixed or variable ca- 
pacitor without a provision for the automatic or 
manual correction or modification of its capaci- 
tance or range or the improvement of its tem- 
perature coefficient. Compare COMPENSATED 
CAPACITOR. 

uncompensated inductor A fixed or variable in- 
ductor without a provision for the automatic or 
manual correction or modification of its induc- 
tance or range or the improvement of its temper- 
ature coefficient. 

uncompensated resistor A fixed or variable resis- 
tor without a provision for the automatic or man- 
ual correction or modification of its resistance or 
range or the improvement of its temperature coef- 
ficient. 

unconditional 
JUMP. 

unconditional jump In computer operations, a pro- 
gram instruction that interrupts, without a rela- 
tional test being made, the normal, ordered 
sequence of instructions and gives the address of 
(usually) the first instruction in a subroutine [e.g., 
BASIC’s GOTO (line number)]. Also called uncondi- 
tional branch. Compare CONDITIONAL JUMP. 


branch See UNCONDITIONAL 
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unconditional stability Stability of a system at all 
frequencies and ages. Also called absolute 
stability. 

unconditional 
JUMP. 

uncontrolled multivibrator A multivibrator that 
is not synchronized with a signal source. Also 
called ASTABLE MULTIVIBRATOR and FREE- 
RUNNING MULTIVIBRATOR. 

uncontrolled oscillator See SELF-EXCITED OS- 
CILLATOR. 

uncorrected power In an alternating-current cir- 
cuit, a power value calculated without regard for 
power factor (i.e., the volt-ampere product). 

uncorrected time Local standard time that has 
not been corrected in terms of the distance of the 
locality from the nearest standard-time meridian. 

uncorrected tube A television picture tube oper- 
ated without antipincushioning magnets. 

uncoupled mode A mode of vibration existing in a 
system concurrent with (but independent of) 
other modes. 

undamped galvanometer A_ galvanometer for 
which no provision has been made to limit over- 
swing or prevent oscillation. 

undamped meter 1. A meter for which no provi- 
sion has been made to limit overswing or prevent 
oscillation. 2. A meter that is unprotected by a 
short circuit for limiting vibratory movement of 
the pointer during transport. 

undamped natural frequency In the absence of 
damping, the oscillation frequency of a system 
having one degree of freedom when a transient 
force displaces the system momentarily from its 
position of rest. 

undamped oscillation Continuous-wave oscilla- 
tion. Also see CONTINUOUS WAVE. 

undamped output circuit An audio power-ampli- 
fier output circuit that has not been designed so 
that overswing of the loudspeaker cone is pre- 
vented. 

undamped speaker enclosure A loudspeaker cabi- 
net for which provision has not been made to 
deaden resonances and other undesired vibration. 

undamped wave See CONTINUOUS WAVE. 

undeflected beam A cathode-ray beam or a light 
beam in its normal position of rest (quiescence). 

underbiased unit A component, such as a transis- 
tor or vacuum tube, whose bias voltage or current 
is lower than the prescribed value. Compare 
OVERBIASED UNIT. 

underbunching Less-than-optimum bunching of 
electrons in a velocity-modulated tube because of 
lowered buncher voltage. 

undercompounded generator A_ generator in 
which the output voltage varies inversely with 
load resistance. 

undercoupling Loose coupling, usually of an 
amount insufficient for optimum signal transfer. 

undercurrent A current of lower than specified 
strength. Compare OVERCURRENT. 


transfer See UNCONDITIONAL 


undercurrent relay A relay that is actuated when 
coil current falls below a predetermined level. 

undercut The removal of the metal under the edge 
of the resist in a printed circuit by the etchant; 
thus the cross section of the conductor is re- 
duced. 

undercutting A phonograph-disc groove that is 
cut too shallow or with reduced internal move- 
ment of the recording stylus. 

underdamping Insufficient damping of a system 
(i.e., not enough to prevent output oscillation fol- 
lowing application of a transient force). 

underdriven unit An amplifier, oscillator, or 
transducer whose driving signal (current, voltage, 
power, or other quantity) is lower than the pre- 
scribed value. Compare OVERDRIVEN UNIT. 

underexcited Receiving lower-than-normal excita- 
tion, as in an underdriven final amplifier of a ra- 
dio transmitter. Compare OVEREXCITED. 

underflow In computer operations, the condition 
in which a quantity entered into storage is 
shorter than the space provided for it (e.g., a 12- 
digit quantity in a 16-position register). 

underground antenna A transmitting or receiving 
antenna installed and operated below ground. In- 
cluded are buried antennas and antennas on 
equipment operated in tunnels, cellars, and sim- 
ilar areas. 

underground cable A cable that is buried in the 
earth. 

underground communication Communication 
between a transmitter and receiver, both below 
the surface of the earth. 

underground image The below-ground mirror im- 
age of an antenna; it combines with the actual 
antenna to form the complete radiation pattern. 

underground line A power line laid below the sur- 
face of the earth. 

underground receiver 1. A receiver situated com- 
pletely below the surface of the earth. 2. A clan- 
destine receiver. 

underground reception Reception of an above- 
ground station’s transmissions by an under- 
ground receiver. Compare UNDERGROUND 
COMMUNICATION. 

underground transmitter 1. A transmitter situ- 
ated completely below the surface of the earth. 2. 
A clandestine transmitter. 

under insulation The insulation (usually a strip of 
tape) laid under a wire brought up from the cen- 
ter of a coil. 

underinsulation Inadequate or insufficient insula- 
tion. 

underlap In a facsimile or television picture, a 
crowding of the scanned lines. 

underload circuit breaker See CIRCUIT BREAKER. 

underloaded amplifier 1. An amplifier whose load 
resistance (impedance) is less than the pre- 
scribed value. 2. A power amplifier delivering less 
than its rated output power. Compare OVER- 
LOADED AMPLIFIER. 


—P— 


underload relay A relay actuated when circuit cur- 
rent drops below a predetermined value. Com- 
pare OVERLOAD RELAY. 

undermodulation Incomplete modulation of a car- 
rier wave. Compare COMPLETE MODULATION 
and OVERMODULATION. 

underpass The crossing of two conductors on a 
semiconductor wafer, without an electrical con- 
nection. 

underpower relay A relay actuated when power 
drops below a predetermined level. Compare 
OVERPOWER RELAY. 

underrate To assign a rating (e.g., current or 
power) lower than the quantity of the rating an 
equipment can handle, or tolerate. For safety or 
reliability, apparatus sometimes is deliberately 
underrated—especially in power output and max- 
imum current or voltage. 

undershoot On an oscilloscope screen or graph, a 
momentary swing of a current or voltage below 
the reference axis. Compare OVERSHOOT. 





Time 


Relative amplitude 


Undershoot 


undershoot 


undershoot distortion Distortion caused by re- 
duction of the maximum amplitude of a signal 
wavefront below the steady-state amplitude that 
would be reached by a prolonged signal wave. 

understudy See BACKUP. 

underthrow A form of signal distortion that occurs 
when the modulating-waveform frequency is too 
high in proportion to the frequency of the wave it- 
self. 

undervoltage A voltage of lower than specified 
value. Compare OVERVOLTAGE. 

undervoltage protection The automatic discon- 
nection of a load device from its driving source 
when the driving voltage falls below a predeter- 
mined (threshold) level. This action is sometimes 
accomplished with a Zener diode (whose break- 
down voltage is equal to the threshold voltage) in 
series with a disconnect relay. 

undervoltage relay A relay actuated when voltage 
drops below a predetermined level. Compare 
OVERVOLTAGE RELAY. 
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underwater antenna A transmitting or receiving 
antenna normally operated in a body of water. It 
is usually associated with a submarine. 

underwater sound projector A hydroacoustic 
transducer that converts audio-frequency power 
into sound waves, which it radiates through a 
body of water to a receiver. 

Underwriters Code The advisory National Electri- 
cal Code adopted by the National Fire Protection 
Association; it is often enforced by courts of law 
and inspection agencies. 

Underwriters Laboratories Abbreviation, UL. A 
private corporation that issues standards of 
safety for electrical components and equipment, 
and for their operation. 

undistorted power output For active amplifier de- 
vices, a specified maximum audio power output 
level at which the total distortion does not exceed 
a specified low value (i.e., at which operation is 
practically distortionless). 

undistorted wave 1. A sine wave that contains es- 
sentially no harmonic energy. 2. A nonsinusoidal 
wave whose shape corresponds exactly to the 
equation for the wave. 

undisturbed-one output In digital-memory opera- 
tions, the one-output of a magnetic cell or other 
memory unit that has received a full, rather than 
partial, read pulse. Compare UNDISTURBED 
OUTPUT SIGNAL. 

undisturbed output signal In digital-memory op- 
erations, the output of a magnetic cell or other 
memory unit previously set to one or zero, and 
that has received a full, rather than partial, read 
pulse. Also called undisturbed response voltage. 

undisturbed response voltage See UNDIS- 
TURBED OUTPUT SIGNAL. 

undisturbed-zero output In digital-memory oper- 
ations, the zero-output of a magnetic cell or other 
memory unit that has received a full, rather than 
partial, read pulse. Compare UNDISTURBED 
OUTPUT SIGNAL. 

Universal Truth Machine (UTM) A hypothetical 
computer capable of proving any logically true 
statement. According to the Incompleteness The- 
orem proved in 1930, such a machine cannot ex- 
ist for a first-order logical system. 

undoped Pertaining to a pure semiconductor ma- 
terial (i.e., one containing no lattice-altering addi- 
tives). 

undulating current A current, such as an alter- 
nating or composite current, whose value oscil- 
lates in the manner of a wave. 

undulation A wavelike alternation. 

undulatory theory The theory that light is transmit- 
ted by means of an undulating (wavelike) move- 
ment between the luminous object and the eye. 

unequal alternation In an alternating-current 
waveform, a form of asymmetry in which the pos- 
itive and negative half-cycles are not exact mirror 
images; they might vary in peak amplitude, dura- 
tion, shape, etc. 
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unexpected halt During a computer program run, 
an undirected (unplanned) halt (e.g., one caused 
by a machine fault or program bug). 

unfiltered Not having been subjected to filtering 
action. An example is the pulsating-direct- 
current output of an alternating-current-operated 
rectifier circuit. 

unfocused light source In a photoelectric system, 
a light source that delivers diffused light. 

unformed rectifier A newly fabricated semicon- 
ductor rectifier (especially selenium) or an elec- 
trolytic rectifier before it has been electroformed 
for improved characteristics. 

unfurlable antenna An antenna that can be un- 
rolled to increase its length, thereby lowering its 
fundamental resonant frequency; it can also be 
rolled up to decrease its length and increase its 
fundamental resonant frequency. 

ungrounded item A component, circuit, or circuit 
point having no connection to ground, except an 
inadvertent one through common impedances or 
leakage paths. 

ungrounded system A system operated entirely 
above ground, any path to ground being acciden- 
tal. 

unguided Without electronic guidance (pertaining 
to missiles, rockets, satellites, etc.). 

uni- A prefix (combining form) meaning one or sin- 
gle and appearing in a number of electronic 
terms. See the following several definitions for ex- 
amples. 

uniaxial 1. Having one axis. 2. Referred to one axis. 

uniaxial crystal A crystal having one optical axis. 

unibivalent electrolyte An electrolyte, such as 
sodium carbonate (NazgCOs), that dissociates into 
two univalent ions and one bivalent ion. 
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Unicode Trade name for a 16- or 32-bit binary dig- 
ital code that allows for the representation of 
characters and glyphs in all the written lan- 
guages of the world. The 16-bit code contains 
65,536 code points; the 32-bit version contains 
more than 1 million code points. 

uniconductor cable A cable having a single con- 
ductor, usually of braided or twisted wires. 

uniconductor waveguide A waveguide consist- 
ing of a metal sheath deposited on a solid di- 
electric of cylindrical or rectangular cross 
section. 

unidentified flying object Abbreviation, UFO. An 
object claimed to have been seen in flight, but not 
identified by reliable authorities as any known 
type of vehicle. 

unidirect To commutate (see COMMUTATOR). 

unidirectional 1. Flowing or acting in one direc- 
tion only. 2. Having a radiation or response sen- 
sitivity that is maximum in primarily one 
direction in space. 

unidirectional antenna See 
ARRAY. 

unidirectional array A beam antenna that radi- 
ates in one direction only, or principally in one di- 
rection, unless rotated. 

unidirectional conductivity Electrical conductiv- 
ity in only one direction; it characterizes an ideal 
diode. 

unidirectional coupler A directional coupler sam- 
pling only one direction of transmission. 

unidirectional current A current that flows al- 
ways in the same direction, although it might 
fluctuate in intensity. 

unidirectional elements Circuit elements, such 
as diodes or transistors, that transmit energy in 
only (or best in) one direction. 

unidirectional field-effect transistor See UNI- 
LATERAL FIELD-EFFECT TRANSISTOR. 

unidirectional hydrophone An underwater unidi- 
rectional microphone. 

unidirectional loudspeaker A loudspeaker that 
radiates sound substantially in one direction. 

unidirectional microphone A microphone that re- 
ceives sound waves from one direction, usually 
from the front, minimum response usually being 
from the sides and back. 

unidirectional network A network that transmits 
signals in only one direction (i.e., the input and 
output terminals are not interchangeable). 

unidirectional pattern For a transducer (such as 
an antenna, speaker, or microphone), a radiation 
or response pattern that shows a pronounced 
maximum in one direction only. 

unidirectional pulse A single-polarity pulse. 

unidirectional pulse train A series of unidirec- 
tional pulses. 

unidirectional response For a receiving trans- 
ducer, such as an antenna or microphone, a 
response pattern that shows a_ pronounced 
maximum in one direction only. 


UNIDIRECTIONAL 
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unidirectional speaker See UNIDIRECTIONAL 
LOUDSPEAKER. 

unidirectional transducer A transducer that op- 
erates in one direction only (i.e., its input and 
output cannot be interchanged). 

unidirectional voltage A voltage that never changes 
polarity, although it might fluctuate in value. 

UNIFET Abbreviation of UNIPOLAR  FIELD- 
EFFECT TRANSISTOR. (Also, UFET.) 

unified-field theory A theory, as yet unproved, 
that all forces in nature are interrelated and are 
controlled by the same causes and factors. Albert 
Einstein worked on this theory after he success- 
fully developed the theories of relativity. 

unifilar Having (or wound as) one fiber, wire, fila- 
ment, or thread. 

unifilar magnetometer A magnetometer in which 
a bar is suspended at its center of gravity by a 
single thread. 

unifilar suspension A method of meter construc- 
tion in which the moving part is suspended by a 
single filament. The torque might be provided by 
this filament or by a spring or other resisting de- 
vice; the greater the displacement, the greater the 
torque. 

uniform circular motion Motion at a uniform rate 
and describing a circle (e.g., a motor armature ro- 
tating at a constant speed). 

uniform electric field An electric field in which all 
the lines of flux are straight and parallel, and in 
which the electrostatic force has the same value 
at all points (e.g., the field between two oppositely 
charged, flat, parallel plates). 

uniform field See UNIFORM ELECTRIC FIELD 
and UNIFORM MAGNETIC FIELD. 

uniform frequency response Frequency response 
that is flat throughout a specified range. Such re- 
sponse is characterized by the transmission of a 
signal with no introduced amplitude or phase 
distortion. 


uniform line A transmission line having identical 
electrical properties over its entire length. 

uniform magnetic field A magnetic field in which 
all the lines of flux are straight and parallel, and 
in which the magnetic force has the same value at 
all points. 

uniform plane wave A free-space plane wave at an 
infinite distance from the generator, having con- 
stant-amplitude electric and magnetic field vec- 
tors over the equiphase surfaces. 

uniform precession In regions of the uniform 
magnetic field of a sample of material, the state in 
which the magnetic moments of all atoms are 
parallel and precess in phase around the mag- 
netic field. 

uniform waveguide A waveguide having constant 
electrical and physical characteristics along its 
axis. 

uniground 1. The grounding of a circuit at one 
point to reduce susceptibility to hum and noise. 
2. The point at which such a connection is made. 

unijunction transistor A semiconductor device 
consisting of a thin silicon bar on which a single 
pn junction acting as an emitter is formed near 
one end. Two bases are provided—each an ohmic 
connection made to one end of the bar. Also 
called double-base diode. 


Pictorial 
Base 1 Lay Base 2 
Emitter 
Base | 
Emitter 
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Symbol 


unijunction transistor 


unilateral area track A film sound track having 
modulation on only one edge of the opaque area. 

unilateral bearing In radio direction finding, a 
bearing obtained with a finder that produces uni- 
lateral response and thereby eliminates 180- 
degree error. 

unilateral conductivity See UNIDIRECTIONAL 
CONDUCTIVITY. 

unilateral element See 
ELEMENTS. 

unilateral field-effect transistor A field-effect 
transistor whose source and drain terminals can- 
not be interchanged. Also called ASYMMETRICAL 
FIELD-EFFECT TRANSISTOR. Compare SYM- 
METRICAL FIELD-EFFECT TRANSISTOR. 


UNIDIRECTIONAL 
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unilateralization A system of neutralization used 
in transistor amplifiers at very-high and ultra- 
high frequencies, in which the internal capacitive 
and resistive components are compensated by 
the neutralization feedback. 

unilateralized amplifier A transistor amplifier in 
which both the internal resistive and capacitive 
components are compensated by the neutralizing 
circuit. Also see UNILATERALIZATION. 

unilateral network See UNIDIRECTIONAL NET- 


WORK. 
unilateral transducer See UNIDIRECTIONAL 
TRANSDUCER. 


uninterruptible power supply Abbreviation, UPS. 
A device that provides a continuous utility cur- 
rent to electronic devices in the event of a utility 
power dip or blackout. It contains a battery anda 
power inverter. These devices are used exten- 
sively in personal computing to prevent loss of 
data that could otherwise result from a utility 
power failure. 

union 1. The logical inclusive-OR operation. 2. See 
BOND, 1. 

union catalog In computer operations, the com- 
piled list of the contents of two or more tape or 
disk libraries. 

unionic material A material having no ions (i.e., 
one in which all atoms are neutral). 

uniphase antenna See COLLINEAR ANTENNA. 

UNIPOL Acronym for universal problem-oriented 
language, a high-level computer-programming 
language. 

unipolar 1. Having or using a single pole or polar- 
ity. 2. Operating with one class of current carrier. 

unipolar armature An electric-motor armature 
that maintains its polarity throughout a complete 
revolution. 

unipolar field-effect transistor See UNIPOLAR 
TRANSISTOR. 

unipolar induction Induction by only one pole ofa 
magnet. 

unipolar input The input circuit of an instrument 
or device designed for input signals of one polar- 
ity only. 

unipolar pulse A pulse in which the current flows 
in only one direction, or in which the voltage oc- 
curs with only one polarity. 

unipolar transistor A field-effect transistor (FET). 
It utilizes only one kind of carrier (electrons in the 
n-channel FET, holes in the p-channel FET). 
Compare BIPOLAR TRANSISTOR. 

unipolar winding The winding of a UNIPOLAR AR- 
MATURE. 

unipole 1. An all-pass filter having one pole and 
for which there is one zero. Also see ALL-PASS 
FILTER, POLES OF IMPEDANCE, and ZEROS OF 
IMPEDANCE. 2. A hypothetical, omnidirectional 
antenna. 

unipotential cathode An indirectly heated tube 
cathode. Also called equipotential cathode. See IN- 
DIRECTLY HEATED CATHODE. 
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unit 1. A named, single magnitude adopted as a 
standard by physical measurement. Thus, the 
unit of current is the ampere, the unit of fre- 
quency is the hertz, the unit of capacitance is the 
farad, etc. Also see ABSOLUTE SYSTEM OF 
UNITS, INTERNATIONAL SYSTEM OF UNITS, 
and CENTIMETER-GRAM-SECOND. 2. A single 
piece or assemblage of equipment, such as ampli- 
fier, converter, power supply, etc. 3. A quantity of 
1 implied when unit is the adjective describing a 
quantity (e.g., unit length means a distance of 
1 meter, 1 foot, etc.). 

unitary code In computer operations, a code 
based on one digit. The number of times the digit 
is repeated indicates a given number. 

unit cell In crystals, the simplest polyhedron ex- 
hibiting all the structural features and which is 
repeated to form the crystal lattice. 

unit charge See UNIT ELECTROSTATIC CHARGE. 

unit electric charge See UNIT ELECTROSTATIC 
CHARGE. 

unit electrostatic charge An electrostatic point 
charge that will attract or repel a point charge of 
equal strength 1 centimeter away in a vacuum, 
with a force of 1 dyne (10% newton). 

unit function Symbol, H or 1. A time-dependent 
quantity that is zero before the start of a period 
(when time t is zero) and 1 for all values of t 
greater than zero. It is approximated by a square 
wave, and is useful in solving problems involving 
transients. 

unit length 1. A fundamental unit of distance or 
time, used for reference in a measuring system. 
For example, in the mks (meter-kilogram-second) 
system, the distance unit length is the meter, and 
the time unit length is the second. 2. The dura- 
tion of a fundamental element, or bit, in a binary- 
code transmission system. 

unitized construction The fabrication of an elec- 
tronic equipment in subassemblies (such as 
modules) that can be tested separately, and that 
can be easily replaced (plugged in) in the event of 
individual failure. 

unit line A line of electric or magnetic flux. 

unit magnetic pole See UNIT POLE. 

unit matrix A matrix whose main diagonal terms 
(all) are all at unity, the other terms being zero. 

unitooth Pertaining to the use in electrical ma- 
chinery of one slot per pole per phase. 

unitor See OR GATE. 

unit pole The strength (magnetic flux) of a (hypo- 
thetical) magnetic pole that will attract or repel 
a pole of equal strength 1 centimeter away in a 
vacuum, with a force of 1 dyne; 1 unit pole = 
1.257 x 10-7 weber. 

unit-ramp function A function whose value is zero 
before time t, and becomes equal to the time mea- 
sured from t at all other instants. The integral of 
the UNIT FUNCTION. 

unit record In computer operations, a complete 
record consisting of many data elements and 
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contained within one storage medium, such as a 
magnetic disk. 

unitrivalent electrolyte An electrolyte, such as 
sodium phosphate (Na3PO,), that dissociates into 
three univalent ions and one trivalent ion. 

units position In a numbering system, the right- 
most position in a multidigit whole number; or, if 
the number contains a radix point, the digit im- 
mediately to the left of the radix point. 

unit-step function See UNIT FUNCTION. 

unitunnel diode A special form of semiconductor 
diode, used as an oscillator at ultra-high and mi- 
crowave frequencies. 

unit vector A vector that is 1 unit long in terms of 
the scale representing a factor of interest, and 
has the same direction as the vector of interest. 
For example, if u is a unit vector, then 5u repre- 
sents a vector having the same direction and five 
times the magnitude of u. 

unity 1. The figure 1 implied. 2. A ratio of 1:1.3.A 
gain of O dB. 

unity coupling Tight coupling between two coils, 
the turns ratio often being 1 to 1 and the coils al- 
ways being closely interwound. 


Input Output 


unity coupling 


unity gain The condition in which the output am- 
plitude is the same as the input amplitude; that 
is, a gain factor of 1, or O dB. 

unity-gain bandwidth 1. For an active filter, the 
bandwidth between the frequencies at which the 
gain is O dB. 2. For an operational amplifier hav- 
ing a rolloff of 6 dB per octave, the frequency at 
which the open-loop gain is O dB. 

uni-univalent electrolyte An electrolyte that dis- 
sociates into two univalent ions [e.g., sodium 
chloride (NaCl)]. 

univ Abbreviation of universal. 

UNIVAC The name given to a family of digital com- 
puters and data-processing systems. The name is 
an acronym for Universal Automatic Computer. 

univalent Having a valence of 1. For example, in the 
compound sodium chloride (NaCl), the sodium ion 
(Na+) and the chlorine ion (Cl-) are univalent. 

universal bridge A bridge for the measurement of 
capacitance (C), inductance (L), and resistance 
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(R). Such a bridge often is a skeletal foundation 
circuit with a provision for plugging L, C, or R 
standards in the various arms, as required. Also 
called general-purpose bridge. 

universal coordinated time Abbreviation, UTC. 
Greenwich mean time coordinated by the Inter- 
national Time Bureau for broadcast as signals 
(on WWV, for example). 

universal coupler 1. An arrangement of one or 
more inductors and variable capacitors for 
matching a transmitter to virtually any antenna. 
One such device is the Collins coupler. 2. A de- 
vice for matching numerous generator output 
impedances to numerous load impedances. 

universal filter An active filter that is continu- 
ously tunable over a wide frequency range and 
that offers low-pass, high-pass, bandpass, and 
band-suppression functions. 

universal frequency counter A digital frequency 
meter usable at radio and audio frequencies. 

universal motor A small series-wound motor that 
runs on direct current or single-phase alternating 
current. This type of motor is used in many 
household appliances and in motor-driven tools, 
such as portable electric drills, polishers, etc. 

universal output transformer An output trans- 
former having a number of taps on its primary 
and secondary windings for use with a wide vari- 
ety of impedances. 

universal product code Abbreviation, UPC. The 
variable-width-bar code appearing on price tags 
or product labels, and yielding such informa- 
tion as cost, size, and color when read by super- 
market (or other retailer) optical character- 
recognition equipment. Also called universal 
vendor marking (UVM). 

universal receiver A radio receiver that can be op- 
erated either from alternating current or direct 
current (i.e., from utility power or battery power). 

universal shunt See AYRTON-MATHER 
GALVANOMETER SHUNT. 

universal time See GREENWICH MEAN TIME. 

universal transformer See UNIVERSAL OUTPUT 
TRANSFORMER. 

universal transmitter A radio transmitter that 
can be operated either from alternating current or 
direct current (i.e., from utility power or battery 
power). 

universal Turing machine In computer theory, a 
TURING MACHINE capable of simulating other 
Turing machines. 

universal vendor 
PRODUCT CODE. 

universal winding A zigzag winding used to reduce 
the distributed capacitance of multilayer coils. 
Also called lattice winding and honeycomb wind- 
ing. 

universal-wound coil A coil using a universal 
winding. Such coils are common in intermediate- 
frequency (IF) transformers and in_ radio- 
frequency (RF) chokes. 


marking See UNIVERSAL 
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univibrator See MONOSTABLE MULTIVIBRATOR. 

unknown quantity Any variable quantity sought 
in calculations; it is usually represented by low- 
ercase italic letters from the second half of the al- 
phabet (e.g., x, y, 2). 

unlike charges Dissimilar electric charges (i.e., 
positive and negative). 

unlike poles Dissimilar poles, such as the north 
and south poles of a magnet. 

unload 1. To remove data from a file. 2. To discon- 
nect the load from a circuit. 

unloaded amplifier See UNTERMINATED AMPLI- 
FIER. 

unloaded antenna An antenna operated without 
added inductance or capacitance. 

unloaded-applicator impedance In _ dielectric- 
heating operations, the unloaded impedance of 
applicator electrodes placed in their normal 
working position without the dielectric-material 
load in place. 

unloaded battery 1. A battery in the standby condi- 
tion. 2. A battery tested for open-circuit terminal 
voltage (i.e., with no load, except the voltmeter). 

unloaded generator See UNTERMINATED GEN- 
ERATOR. 

unloaded line See UNTERMINATED LINE. 

unloaded potentiometer A potentiometer or volt- 
age divider with an open-circuited output. 

unloaded @ The Q factor (degree of selectivity) of a 
coil or tuned circuit that is activated by a signal, 
but that delivers no output to a load. 

unloaded transmitter A transmitter operated un- 
der open-circuit conditions (i.e., without an exter- 
nal load, such as an antenna or dummy resistor). 

unmanned factory A manufacturing plant run 
largely by robots and computers. There must 
generally be at least one human being, whose 
job(s) is/are to oversee and maintain the opera- 
tion of the machines. 

unmatched elements 1. Components (such as re- 
sistors, capacitors, semiconductors, etc.) having 
different values. 2. Mating elements or devices 
not having the same impedance. Also called 
MISMATCH. 

unmodulated carrier See CONTINUOUS WAVE. 

unmodulated current A current whose character- 
istics (amplitude, phase, or frequency) are not 
varied by a signal or by noise. 

unmodulated voltage A voltage whose character- 
istics (amplitude, phase, or frequency) are not 
varied by a signal or by noise. 

unmodulated wave See CONTINUOUS WAVE. 

unnilennium See MEITNERIUM. 

unnilhexium See SEABORGIUM. 

unniloctium See HASSIUM. 

unnilpentium See DUBNIUM. 

unnilquadium See RUTHERFORDIUM. 

unnilseptium See BOHRIUM. 

unode See MONODE. 

unpack In computer operations, to remove data 
from a storage location into which, with other 
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data, it has been packed (as a memory-conserva- 
tion measure). 

unpolarized light Light in which the wave orienta- 
tion is random around the axis of the beam. 

unpolarized plug A plug that can be inserted into 
a socket in two or more different ways, thus in- 
creasing the likelihood of a wrong connection. 
Compare POLARIZED PLUG. 

unpolarized receptacle A receptacle into which a 
plug can be inserted in two or more different 
ways, thus increasing the likelihood of a wrong 
connection. Also called UNPOLARIZED SOCKET. 
Compare POLARIZED RECEPTACLE. 

unpolarized relay A relay that always closes in 
the same direction, regardless of the direction of 
current in its coil. Also called nonpolarized 
relay. 

unpolarized socket A socket into which a compo- 
nent or plug can be inserted in two or more dif- 
ferent ways, thus increasing the likelihood of 
wrong connections. Also called UNPOLARIZED 
RECEPTACLE. 

unprotected antenna An outside antenna oper- 
ated without a lightning arrester or grounding 
switch. Increases the risk of damage to equip- 
ment, such as radio receivers and transmitters, 
connected to the antenna. It also increases the 
danger to personnel using the equipment. 

unrationalized systems of units Collectively, the 
absolute centimeter-gram-second (cgs) electro- 
static system of units, the absolute cgs electro- 
magnetic system of units, and the absolute 
meter-kilogram-second (mks) system of units. 

unreflected ray See UNREFLECTED WAVE. 

unreflected wave 1. See DIRECT WAVE. 2. See 
GROUND WAVE. 3. An electromagnetic wave that 
penetrates the ionosphere and passes into space. 

unregulated Not held to a constant value. For ex- 
ample, an unregulated voltage is free to fluctuate 
in value. 

unregulated power supply A power supply whose 
output current or voltage is not automatically 
held to a constant value. Compare CONSTANT- 
CURRENT SOURCE and CONSTANT-VOLTAGE 
SOURCE. 

uns Abbreviation of UNSYMMETRICAL. 

unsaturated core A magnetic core operated below 
the point of saturation (i.e., below the point at 
which an increase in coil current produces no 
further increase in magnetization of the core). 

unsaturated logic A digital-logic scheme in which 
the switching devices operate between the satu- 
rated and cut-off conditions during either or both 
of the high and low states. 

unsaturated operation Operation of a device at a 
point below saturation [i.e., below the point at 
which (1) an increase in voltage produces no fur- 
ther increase in current, or vice versa, or (2) an 
increase in coil current produces no further in- 
crease in magnetization of a core]. Compare 
SATURATED OPERATION. 
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unsaturated standard cell See STANDARD CELL. 

unshielded cable A cable, such as a twisted pair or 
a multiwire twist, lacking a shielding jacket. Un- 
less special precautions are taken, such as trans- 
posing conductors, such a cable is susceptible to 
stray pickup and is capable of radiation. 

unshielded choke An uncased choke (i.e., one with- 
out a protective and shielding metal housing). 

unshielded coil An inductor without a field- 
confining enclosure. 

unshielded probe An instrument probe that has no 
shielding enclosure. Such a probe is desirable for 
some tests, but it is subject to antenna-pickup ef- 
fect, body capacitance, and stray-field pickup. 

unshielded stage In electronic equipment, a stage 
operating entirely in the open (i.e., without elec- 
trostatic or magnetic shielding enclosures). It is, 
therefore, susceptible to stray pickup and is ca- 
pable of radiation. 

unshielded transformer 1. An uncased trans- 
former (i.e., one without a protective and shield- 
ing metal housing). 2. A transformer having no 
electrostatic shield between its windings. 

unshift The mechanical action in a teletypewriter 
when the carriage moves from the figures position 
to the letters position. 

unshunted current meter A __ single-range 
D’Arsonval milliammeter or microammeter that 
has no shunt resistor. The resistance of the in- 
strument is, therefore, equal to the resistance of 
the movable coil. 

unsolder To separate wires, contacts, or fastenings 
by melting the solder that holds them together. 
Also called DESOLDER. 

unsophisticated electronics Electronics theory 
and operations of the simplest kind, involving lit- 
tle or no mathematics. It is generally intended for 
a hobbyist audience. Compare SOPHISTICATED 
ELECTRONICS. 

unstable oscillation 1. Relaxation oscillation. 
2. The periodically interrupted oscillation charac- 
teristic of a blocking oscillation. 


aos 
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unstable region The negative-resistance portion of 
an N- or S-shaped response curve. 

unstable servo A servo having unlimited output 
drift. 

unstable state A condition, such as a negative- 
resistance region, that is difficult to maintain 
and often results in oscillation. The negative- 
resistance region of the tunnel diode forward- 
conduction curve is evidence of such a state. 
Compare STABLE STATE. 

untapped winding A winding having two termi- 
nals, one at either end, and no intermediate ter- 
minals or connections. Also called untapped coil. 

unterminated amplifier An amplifier operated 
without a load device (i.e., under open-circuit 
output conditions). 

unterminated generator A generator operated 
without a load device (i.e., under open-circuit 
output conditions). 

unterminated line A transmission line that is not 
terminated with an impedance (i.e., an open- 
ended line). 

untriggered flip-flop A flip-flop that, at a particu- 
lar instant, receives no actuating pulse, and that, 
therefore, does not change state. 

untuned amplifier A radio-frequency amplifier 
that is not tuned to a single frequency, but has 
useful gain over a wide band of frequencies. Ex- 
amples are the distributed amplifier and the video 
amplifier. 

untuned filter See ALL-PASS FILTER. 

untuned line An aperiodic transmission line (i.e., 
one that is only tuned to a particular frequency 
by its own distributed characteristics). 

untuned transformer A transformer having sim- 
ple primary and secondary windings and no tun- 
ing devices (such as capacitors in series or 
parallel with the windings), and designed so that 
its natural resonant frequency (because of dis- 
tributed capacitance) lies outside the specified 
range of operation. 

ununbium Symbol, Uub. Atomic number, 112. 
The most common isotope has atomic weight 
277. Classified as a transition metal. It is human- 
made and not known to occur in nature. 

ununhexium Symbol, Uuh. Atomic number, 116. 
The most common isotope has atomic weight 
289. First reported in January 1999. It is a de- 
composition product of ununoctium, and it in 
turn decomposes into ununquadium. It is not 
known to occur in nature. 

ununnilium Symbol, Uun. Atomic number, 110. 
The most common isotope has atomic weight 
269. Classified as a transition metal. It is 
human-made and not known to occur in 
nature. 

ununoctium Symbol, Uuo. Atomic number, 118. 
The most common isotope has atomic weight 
293. It is the result of the fusion of krypton and 
lead, and decomposes into ununhexium. It is not 
known to occur in nature. 
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ununquadium Symbol, Uuq. Atomic number, 114. 
The most common isotope has atomic weight 
285. First reported in January 1999. It is human- 
made, and not known to occur in nature. 

unununium Symbol, Uuu. Atomic number, 111. 
The most common isotope has atomic weight 
272. Classified as a transition metal. It is human- 
made, and not known to occur in nature. 

unused time See UNATTENDED TIME. 

unweighted average In the statistical analysis of 
data, an average calculated from terms not 
weighted by a factor. Compare WEIGHTED AV- 
ERAGE. Also see UNWEIGHTED TERM. 

unweighted term In the statistical analysis of 
data, a term not operated upon by a weighting 
factor. Therefore, it has no extraordinary influ- 
ence on a final result, such as an average. Com- 
pare WEIGHTED TERM. 

unwind To eliminate all redundant or unnecessary 
operations in a computer system. 

up-and-downer amplifier In broadcasting and 
sound amplification, an auxiliary amplifier that 
allows the level of sound effects and background 
music to be controlled automatically without dis- 
turbing the dialogue levels. 

UPC Abbreviation of UNIVERSAL PRODUCT CODE. 

upconv Abbreviation of UP CONVERTER. 

up convert In superheterodyne conversion, to het- 
erodyne a signal to an intermediate frequency 
higher than the signal frequency. Compare 
DOWN CONVERT. 

update In data-processing operations, to make a 
file reflect the current status of pertinent infor- 
mation by using transactions for its modification. 

up-down counter See BIDIRECTIONAL COUNTER. 

uplink 1. The signal sent up to a satellite 
transponder. 2. The frequency of the signal sent 
up to a satellite transponder. 

uplink frequency 1. The specific frequency of a 
given signal sent up to a satellite transponder. 
2. The band of frequencies sent up to a satellite 
transponder. There can be many signals in an 
uplink; there can also be many different stations 
sending uplink signals within the band. 

uplink power 1. The power output of the transmit- 
ter sending the signal up to a satellite transpon- 
der. 2. The effective radiated power of the station 
sending the uplink signal. 

uplink station Any station that transmits a signal, 
or group of signals, up to a satellite transponder. 

upper atmosphere See IONOSPHERE, STRATO- 
SPHERE, and TROPOSPHERE. 

upper sideband Abbreviation, USB. In an ampli- 
tude-modulated wave, the component whose fre- 
quency is the sum of the carrier frequency and 
the modulation frequency. Compare LOW-ER 
SIDEBAND. 

upper sideband, suppressed carrier Abbreviation, 
USSC. A single-sideband transmission technique 
in which the upper sideband is transmitted, the 
lower sideband is suppressed, and the carrier is 
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suppressed. Compare DOUBLE SIDEBAND, 
SUPPRESSED CARRIER, LOWER SIDEBAND, 
and SUPPRESSED CARRIER. 

UPS Abbreviation for UNINTERRUPTIBLE POWER 
SUPPLY. 

upside down 1. In radioteletype, a signal in which 
the MARK and SPACE signals are reversed in fre- 
quency. 2. In single sideband, reception of a sig- 
nal on the wrong sideband, resulting in “monkey 
chatter.” 

up time See SERVICEABLE TIME. 

upturn A usually sudden rise in a performance 
curve. Compare DOWNTURN. 

upward modulation Modulation in which the out- 
put current of the modulated circuit increases 
during modulation. Compare DOWNWARD MOD- 
ULATION. 

UR Abbreviation of ULTRARED. 

uranium Symbol, U. A _ radioactive metallic 
element. Atomic number, 92. Atomic weight, 
238.03. 

uranium 235 Symbol, U-235. An isotope of ura- 
nium of mass number 235, used in atomic bombs 
and atomic power plants. 

uranium 238 Symbol, U-238. An isotope of uranium 
of mass number 238, which, under fast-neutron 
bombardment, decays to become neptunium and 
then plutonium (of mass number 239). 

uranium metals The group of heavy, radioactive 
elements of atomic numbers 89 through 103. 
Also called the actinide series. 

uranium rays The ionizing radiation emitted by 
uranium. In 1896, Antoine Henri Becquerel 
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observed that uranium salts emit rays (later iden- 
tified as alpha, beta, and gamma) that can pass 
through bodies opaque to light and are capable of 
exposing a photographic plate. Also called Bec- 
querel rays. 

urea formaldehyde resin A thermosetting, syn- 
thetic resin used in the manufacture of a number 
of plastic dielectric bodies and formed by the re- 
action of urea with formaldehyde. 

urea plastic Any of several thermosetting plastics 
having a urea base and used as a dielectric and 
as a molding material in electronics (e.g., urea 
jormaldehyde resin). 
URSI Abbreviation of Union Radio Scientifique Inter- 
nationale (International Radio Scientific Union). 
ursigram A broadcast message giving information 
on sunspots, radio propagation, terrestrial mag- 
netism, and related subjects. Also see URSI. 

usable frequency 1. Any frequency at which com- 
munications can be maintained between two 
points via ionospheric propagation. 2. Any fre- 
quency at which a communications system is op- 
erational. 

usable sample _ 1. The portion of an oscilloscope or 
monitor display that is visible on the screen. 2. In 
statistics, a sample that is considered valid for 
calculation purposes. 

USB Abbreviation of UPPER SIDEBAND. 

user friendliness 1. For electronic equipment and 
systems, the quality of being easy for people to 
operate. 2. The relative ease with which a ma- 
chine, especially a computer, can be operated by 
people. 

useful life The elapsed time between the installa- 
tion of an expendable component, circuit, or sys- 
tem, and the time it must be replaced. 

useful line In television, the portion of a scanning 
line that can be used for picture signals. Also 
called AVAILABLE LINE. 

user group A group of hobbyists or company rep- 
resentatives having in common the ownership 
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and/or use of a specific brand of computer, and 
who meet or otherwise interact to share their ex- 
pertise with, or programs, for, the machine. Also 
applicable to similar groups of programmable- 
calculator owners. 

user’s library A compilation of programs supplied 
to (by the vendor) or generated by a user group. 

USM Abbreviation of underwater-to-surface missile. 

USSC Abbreviation of UPPER SIDEBAND, SUP- 
PRESSED CARRIER. 

UTC Abbreviation of UNIVERSAL COORDINATED 
TIME. 

utility 1. An organization providing a public ser- 
vice, such as electric power or electronic commu- 
nications. 2. In computer operations, a program 
or set of programs intended for diagnosing 
and/or correcting hardware and software prob- 
lems. 

utility box A general-purpose aluminum or steel 
box, supplied in various convenient sizes (painted 
or unpainted), used as a housing or shield for 
electronic equipment. 

utility factor For a transformer used in a direct- 
current (dc) power supply, the ratio of dc output 
to required kilovolt-ampere (kVA) capacity. 

utilization factor See UTILITY FACTOR. 

UTL Abbreviation of unit transmission loss. 

UUM Abbreviation of underwater-to-underwater 
missile. 

UV 1. Abbreviation of ULTRAVIOLET. 2. Abbrevia- 
tion of UNDERVOLTAGE. 

Uvicon A television camera tube in which a con- 
ventional vidicon scanning section is preceded 
by an ultraviolet-sensitive photocathode, an 
electron-accelerating section, and a special tar- 
get. 

Uviollamp An ultraviolet lamp using uviol glass— 
a special glass that is transparent to ultraviolet 
rays. 

UVM Abbreviation of 
MARKING. 


UNIVERSAL VENDOR 
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V_ 1. Abbreviation of VOLT. 2. Symbol (ital) for 
VOLTAGE or POTENTIAL. 3. Symbol for VANA- 
DIUM. 4. Symbol for VOLUME. 5. Symbol (ital) 
for RELUCTIVITY. 6. Abbreviation of VERTICAL. 
(Also, vert.) 

v_ 1. Abbreviation of VELOCITY. 2. Abbreviation of 
VECTOR. 

VA Abbreviation of VOLT-AMPERE. 

V/A Abbreviation of volts per ampere (ohms). 

VAC Abbreviation of vector analog computer. 

vac Abbreviation of VACUUM. 

Vac Symbol for AC VOLTS. (Also, Vac.) 

vacancy In a crystal lattice, a position not occu- 
pied by a nucleus. 
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vacuum A space from which all air and other gases 
have been removed to the greatest practicable ex- 
tent. Some electronic parts, such as the elements 


of an electron tube, are housed in an evacuated 
space to protect them from the deterioration that 
would result from open-air operation. 

vacuum capacitor A plate- or concentric-cylinder- 
type capacitor sealed in an evacuated glass tube 
or bulb. The vacuum acts as the dielectric and 
provides a dielectric constant of 1 and very high 
voltage breakdown. 

vacuum deposition The electrical application of a 
layer of one material (such as a metal) to the sur- 
face of another (the substrate), carried out in a 
vacuum chamber (e.g., evaporation and sputter- 
ing). Also see DEPOSITION and EVAPORATION, 
1. 

vacuum envelope The shell or tube of an electron 
tube, X-ray tube, or other electron device that re- 
quires a vacuum. 

vacuum evaporation A method of manufacturing 
thin-film circuits by vaporizing a substance, and 
letting it accumulate or condense on a base. 

vacuum gauge An instrument for measuring the 
vacuum in a device being evacuated. One of the 
several varieties of this gauge uses the elements 
of a triode, which are sealed in part of the vac- 
uum system, some characteristic of the tube be- 
ing continuously monitored as the vacuum 
pumping progresses. Another uses a thermistor 
sealed in part of the system; the resistance of the 
thermistor changes proportionately during the 
vacuum pumping. 

vacuum impregnation The impregnation of a de- 
vice (such as a capacitor, transformer, or choke 
coil) in a vacuum chamber. The process causes 
the pores in the device and its insulating materi- 
als to be completely filled with the impregnant. 
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vacuum level 1. The pressure, in millimeters of 
mercury (mm/Hg). Normal atmospheric pressure 
is 760 mm/Hg. A perfect vacuum would be repre- 
sented by 0 mm/Hg. 2. The proportion, or per- 
centage, of normal atmospheric pressure in a 
given environment. 

vacuum phototube A phototube enclosed in an 
evacuated envelope, as opposed to one that is 
gas-filled. 

vacuum pump A pump for removing air and gases 
from electron tubes, X-ray tubes, lamp bulbs, etc. 
Such pumps include mechanical types, diffusion 
types, and combinations of these. Also see DIF- 
FUSION PUMP. 

vacuum range The range of a communications 
system if propagation takes place through a 
perfect-vacuum (theoretical) medium. 

vacuum seal An airtight seal between adjoining 
parts in an evacuation system. 

vacuum switch A switch that is enclosed in a vac- 
uum bulb or tube to reduce contact sparking. 

vacuum thermocouple A thermocouple enclosed 
in a vacuum bulb with a small heater element. 
Radio-frequency current passed through the 
heater raises its temperature and causes the 
thermocouple to generate a proportional direct- 
current voltage. 

vacuum tube An electron tube from which virtu- 
ally all air and gases are removed. Also see ELEC- 
TRON TUBE. 

vacuum-tube amplifier An amplifier using one or 
more vacuum tubes, rather than semiconductor 
devices. 

vacuum-tube bridge A special bridge for determin- 
ing vacuum-tube characteristics by null meth- 
ods. 

vacuum-tube characteristics The operating pa- 
rameters of a vacuum tube, such as plate cur- 
rent, grid voltage, input resistance, interelectrode 
capacitances, amplification factor, transconduc- 
tance, etc., that describe tube performance. 

vacuum-tube coefficients See VACUUM-TUBE 
CHARACTERISTICS. 

vacuum-tube current meter An ammeter, mil- 
liammeter, microammeter, or nanoammeter em- 
bodying an amplifier that uses one or more 
vacuum tubes. Also see ELECTRONIC CURRENT 
METER. 

vacuum-tube modulator A circuit using one or 
more vacuum tubes to impress a modulating sig- 
nal on a carrier. 

vacuum-tube rectifier 1. An alternating-to-direct- 
current converter circuit using one or more vac- 
uum tubes, rather than gas _ tubes’ or 
semiconductor devices. 2. A rectifier tube. 

vacuum-tube sweep A sweep oscillator using a 
vacuum tube, rather than a gas tube. Also called 
HARD-TUBE SWEEP. 

vacuum-tube voltmeter Abbreviation, vtvm. A 
voltmeter using a tube-type amplifier. Also see 
ELECTRONIC VOLTMETER. 
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val Abbreviation of VALUE. 

valence A unit showing the degree to which ele- 
ments or radicals (replaceable atoms or groups of 
atoms) will combine to form compounds. 

valence band In the energy diagram for a semicon- 
ductor, the band of lowest energy. This band lies 
below the forbidden band (energy gap), which is 
below the conduction band. Also see ENERGY 
BAND DIAGRAM. 

valence bond Ina semiconductor material, an in- 
teratomic path over which shared electrons 
travel. 

valence electrons Electrons in the outermost or- 
bits of an atom. These electrons determine the 
chemical and physical properties of a material. 
Also see FREE ELECTRON. 

valence shells See ELECTRON SHELLS. 

validate To check data for correctness. 

validity 1. Correctness or accuracy of data. 2. The 
logical truth of a derivation or statement, based 
on a given set of propositions. 

valley A dip between adjacent peaks in a curve or 
wave. 

valley current 
valley point. 

valley point The lowest point of finite current on 
the current-voltage response curve of a tunnel 
diode. Immediately before this point, current de- 
creases with increasing applied voltage (an indi- 
cation of negative resistance). Beyond this point, 
however, the current again increases with in- 
creasing voltage. Compare PEAK POINT. 

valley voltage In a tunnel diode, the voltage at the 
valley point. 

value 1. The level or magnitude of a quantity (e.g., 
voltage value). 2. The worth of a system, proce- 
dure, device, etc., in terms of goal fulfillment or 
other criterion. 

valve Variation (Brit.) of ELECTRON TUBE. The 
term was applied to the first tube, a diode (the 
Fleming valve), and is descriptive of the action of 
a tube (a controller of electric current), rather 
than its appearance. 

vanadium Symbol, V. A metallic element. Atomic 
number, 23. Atomic weight, 50.94. 

Van Allen radiation belts Two high-altitude zones 
that surround the earth and consist of high- 
energy subatomic particles. These belts were 
once thought to preclude space travel by humans 
beyond the immediate vicinity of the earth. 

Van de Graaff generator See BELT GENERATOR. 

vane-anode magnetron A magnetron having plane 
parallel walls between adjacent cavities. 

vane attenuator A waveguide attenuator consist- 
ing essentially of a slab (vane) of resistive material 
that slides laterally through the waveguide. 

vane instrument See IRON-VANE METER. 

vane-type magnetron See VANE-ANODE MAG- 
NETRON. 

vane-type meter See IRON-VANE METER. 

Vantenna See VEE ANTENNA. 


In a tunnel diode, the current at the 
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vapor lamp A discharge lamp consisting essen- 
tially of a glass tube filled with a small amount of 
gas under low pressure and some element, such 
as mercury or sodium. A high voltage is applied 
between electrodes sealed into each end of the 
tube. The voltage causes the element to vaporize. 
This, in turn, ionizes the gas, causing it to glow. 

vapor pressure In a confined medium, the pres- 
sure of a gas, measured in atmospheres, pounds 
per square inch, or millimeters of mercury. 

VAR Abbreviation of VOLT-AMPERES REACTIVE. 

var Abbreviation of VARIABLE. 

varactor A semiconductor-type voltage-variable 
capacitor. Sometimes called a varactor diode. 

varactor amplifier A dielectric amplifier using a 
varactor as the voltage-variable capacitor. 

varactor flip-flop A bistable multivibrator based 
on the nonlinear performance of one or two var- 
actors. 

varactor frequency multiplier A frequency multi- 
plier (doubler, tripler, etc.) in which multiples of a 
fundamental frequency result from the nonlinear 
action of a varactor. 


Cl and L1 tuned to f 
C2 and L2 tuned to F,, 






RF input (f) RF output (F',,,) 


varactor frequency multiplier 


varactor tuning A method of tuning a circuit or 
adjusting the frequency of an oscillator, using an 
inductor and a varactor to obtain the desired fre- 
quency. The varactor acts as a variable capacitor. 

VAR-hour Abbreviation, VARh. Short for volt- 
ampere-reactive-hour, a unit of reactive energy; 
1 VARh can be represented by 1 VAR for 1 hour, 
2 VAR for 0.5 hour, 0.5 VAR for 2 hours, etc. 

VAR-hour meter An instrument that measures re- 
active energy. 

variable Abbreviation, var. A quantity whose value 
changes at some stated or calculable rate, and is 
given names in expressions or equations, such as 
xX, y, or Z. Compare CONSTANT. Also see DEPEN- 
DENT VARIABLE and INDEPENDENT VARIABLE. 

variable-area sound track See VARIABLE-WIDTH 
SOUND RECORD. 

variable block In computer operations, a unit of 
data, such as a group of records, whose size is de- 
pendent on data requirements (i.e., it is not fixed). 

variable-capacitance diode See VARACTOR. 


5059F-pV-716-737 4/10/01 9:56 AM Page 718 cp 


variable-capacitance transducer See CAPACI- 
TIVE TRANSDUCER. 

variable capacitor A capacitor that can be ad- 
justed from a low value (practically zero) to some 
maximum value. A step-type unit contains a 
number of fixed capacitors that can be switched 
in parallel with each other until, at the last step, 
all are in parallel. A continuously variable unit 
has a provision for moving one plate or set of 
plates, relative to another plate or set of plates; or 
one plate might be moved, with respect to an- 
other, so that the distance between them is 
changed. In a voltage-variable capacitor (such as 
a varactor), capacitance varies in accordance 
with an applied direct-current voltage. 

variable-carrier modulation See QUIESCENT- 
CARRIER OPERATION. 

variable connector In a flowchart, a path leading 
from a box in which a decision is made, to a num- 
ber of other points on the diagram. 

variable coupling Coupling that is adjustable. In 
an inductively coupled circuit, the distance or an- 
gle between the coils is usually the adjustable 
factor. In a capacitively coupled circuit, a variable 
capacitor is generally used. 

variable-density sound record In photographic 
sound-on-film recording, a sound track made by 
varying, in sympathy with the sound frequency, 
the amount of light reaching the film. Compare 
VARIABLE-WIDTH SOUND RECORD. 

variable-depth sonar A sonar device that can be 
placed far below the surface, for the purpose of 
detecting objects or terrain at greater depths than 
would be possible with a surface-located sonar 
device. 

variable-efficiency modulation See EFFICIENCY 
MODULATION. 

variable-erase recording In magnetic-tape opera- 
tions, recording a signal by selectively erasing a 
previously recorded signal. 

variable field 1. Any field with an intensity that 
changes with time. An electromagnetic field is a 
common example. 2. In a computer record, a field 
that is a variable block with a terminal symbol at 
the end. 

variable-frequency oscillator Abbreviation, VFO. 
An oscillator (usually self-excited) whose fre- 
quency is continuously variable. 

variable-inductance pickup A phonograph pick- 
up in which vibration of the stylus causes the in- 
ductance of a small coil to vary in sympathy with 
the sound frequency. 

variable-inductance transducer A transducer in 
which a monitored quantity causes the induc- 
tance of a coil to vary proportionately. The coil 
thereby offers a varying impedance to an 
alternating-current supply voltage. 

variable inductor An inductor whose value can be 
adjusted from zero to a certain maximum. The 
variability might be in steps, provided by taps on 
the inductor, or a sliding contact can be used. 
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Several different inductors can be connected in 
series and parallel combinations, with switches 
to facilitate variability. One type of variable in- 
ductor uses a roller contact to allow continuous 
adjustment. See ROLLER INDUCTOR. Another 
method of varying inductance is to change the 
permeability of the core, such as by moving a rod 
of ferrite or powdered iron in and out of the coil. 
See VARICOUPLER and VARIOMETER. 

variable-pitch indication An audible signal used 
in lieu of, or in conjunction with, a meter to indi- 
cate voltage, current, logic state, etc. The higher 
the value of the measured quantity, the higher 
the pitch. 

variable-reluctance microphone A microphone in 
which the impinging sound waves cause corre- 
sponding variations in the reluctance of an inter- 
nal magnetic circuit. 

variable-reluctance pickup A phonograph pick- 
up in which the stylus causes an armature to vi- 
brate in a magnetic field, and consequently the 
reluctance of the magnetic circuit varies in sym- 
pathy with the audio frequency. 

variable-reluctance transducer A transducer in 
which the monitored quantity causes the reluc- 
tance of an internal magnetic circuit to vary pro- 
portionately. 

variable-resistance pickup A phonograph pickup 
in which the vibration of the stylus causes the re- 
sistance of an internal resistive element to vary in 
sympathy with the sound frequency. 

variable-resistance transducer A transducer in 
which a monitored quantity causes the resistance 
of an internal resistive element to vary propor- 
tionately. 

variable-resistance tuning Tuning of a selective 
resistance-capacitance (RC) circuit, such as a 
Wien bridge or parallel-tee network, by varying 
one or more of its resistance arms. 

variable resistor A resistor whose value can be 
varied either continuously or in steps. Also see 
POTENTIOMETER and RHEOSTAT. 

variable selectivity In a circuit or device, selec- 
tivity that is adjustable. Example: a variable- 
selectivity intermediate-frequency (IF) amplifier. 

variable-speed motor Any motor whose speed is 
adjustable, smoothly or in steps, under load. 

variable transformer A transformer (often an au- 
totransformer) whose output voltage is adjustable 
from zero (or some minimum value) to maximum. 
For this purpose, one winding (usually the sec- 
ondary in a two-winding transformer) can have a 
number of taps. Smooth variation can be pro- 
vided by a wiper arm that slides over the turns of 
the winding. 

variable-width wound record In photographic 
sound-on-film recording, a sound track made by 
varying the width of the track in sympathy with 
the sound variations. Compare VARIABLE- 
DENSITY SOUND RECORD. 

Variac See VARIABLE TRANSFORMER. 
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Varicap A voltage-variable capacitor of the semi- 
conductor-diode type. Also see VOLTAGE- 
VARIABLE CAPACITOR. 

varicoupler An adjustable radio-frequency trans- 
former consisting of a primary coil (usually the 
rotor) and a secondary coil (usually the stator), 
the former being rotatable to vary the coupling 
between the coils. The inductance of the stator is 
varied via a set of taps. 

varindor A coil having a special core and whose in- 
ductance varies with the amount of direct current 
flowing through the winding. Also see SAT- 
URABLE REACTOR. 

variocoupler A_ radio-frequency transformer in 
which one winding is rotatable, for the purpose of 
adjusting the mutual inductance between the pri- 
mary and secondary. It is used in certain an- 
tenna-coupling applications. 

variolosser A variable attenuator. 

variometer A continuously variable inductor con- 
sisting of two coils connected in series or parallel 
and mounted concentrically—one rotating inside 
the other. Inductance is maximum when the coils 
are perpendicular to each other, and minimum 
when they are parallel. 

varioplex A time-sharing method of transmitting 
and receiving wire telegraph signals. It allows the 
optimum usage of available lines. 

varistor See VOLTAGE-DEPENDENT RESISTOR. 

Varley-loop bridge A four-arm, direct-current 
bridge circuit in which one of the arms, a two- 
wire line, is accidentally grounded at a distant 
point. By adjustment of the bridge, the resulting 
resistance indicates the distance to the fault. 


Lines tied 
together 
for test 





Accidental 
ground 


Varley loop bridge 


VAR meter An instrument for measuring the ap- 
parent (VAR) power in a reactive circuit. 

varnished cambric Cotton or linen fabric in 
sheets, tape or tubes, that has been varnish- 
impregnated and baked. A common form of this 
insulating material, the slender tubing known as 
spaghetti, has largely been replaced by plastic 
tubing. 

varnished-cambric tubing Slender tubes of var- 
nished cambric slipped over bare wires and bus- 
bars to insulate them. Also called spaghetti. 

VATE Abbreviation of VERSATILE AUTOMATIC 
TEST EQUIPMENT. 
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Vs Symbol for BASE VOLTAGE of a bipolar transis- 
tor. 

Ves Symbol for base-voltage supply for a bipolar 
transistor. 

V beam system See VEE BEAM SYSTEM. 

Ve Symbol for COLLECTOR VOLTAGE of a bipolar 
transistor. 

VCA Abbreviation of VOLTAGE-CONTROLLED AM- 
PLIFIER. 

Vcc Symbol for collector-voltage supply of a bipolar 
transistor. 

Vcco Abbreviation of VOLTAGE-CONTROLLED 
CRYSTAL OSCILLATOR. (Also, lowercase.) 

VCD Abbreviation of VARIABLE-CAPACITANCE 
DIODE. 

VCG Abbreviation 
GENERATOR. 
VCO Abbreviation of VOLTAGE-CONTROLLED OS- 

CILLATOR. 

V connection of transformers See VEE CONNEC- 
TION OF TRANSFORMERS. 

VCR Abbreviation of VIDEO CASSETTE RE- 
CORDER. 

VCSR_ Abbreviation of voltage-controlled shift regis- 
ter. 

V-cut crystal See VEE-CUT CRYSTAL. 

VCXO Abbreviation of VOLTAGE-CONTROLLED 
CRYSTAL OSCILLATOR. (Also, lowercase.) 

VD 1. Abbreviation of VOLTAGE DROP. 2. Abbrevi- 
ation of vapor density. 

Vp Symbol for drain voltage of a field-effect transis- 
tor. 

Vde Symbol for DC VOLTS. 

VDU Abbreviation of VISUAL DISPLAY UNIT. 

vdew Symbol for DC WORKING VOLTAGE. (Also, 
dewv.) 

VDIG Abbreviation of VIDEO DIGITIZER. 

VDR 1. Abbreviation of VOLTAGE-DEPENDENT 
RESISTOR. 2. Abbreviation of VIDEODISC 
RECORDER. 

Varive Abbreviation for DRIVING VOLTAGE or OUT- 
PUT VOLTAGE. 

VE Abbreviation of value engineering. 

Ve Symbol for EMITTER VOLTAGE of a bipolar 
transistor. 

vectograph A graphic three-dimensional represen- 
tation of a scene composed of superimposed im- 
ages photographed through polarizing filters of 
different orientation, and reconstructed by a sim- 
ilar viewing technique. 

vector 1. A quantity having direction (in two or 
three dimensions) and magnitude. 2. A graphical 
representation of a quantity, as defined in 1. It 
consists of a straight arrow indicating the direc- 
tion, and whose length is proportional to the 
magnitude. 

vector addition The summation of two vectors, de- 
termined by adding their corresponding compo- 
nent values. In two dimensions, for example, 
suppose A = (x;,y;) and B = (x2,y2). Then A + B = 
[<1 + X2),(y1 + Y2)]. The sum can be found geomet- 


of VOLTAGE-CONTROLLED 
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rically by constructing a parallelogram from the 
vectors, corresponding to the two known sides, as 
determined by the vectors. The sum is the vector 
originating at the point where the two vectors 
originate, and extending the diagonal of the 
parallelogram. 


(x1 + X, 91 + y2) 






(dee 


(X; Y2) 


vector addition 


vector admittance The reciprocal of VECTOR 
IMPEDANCE. 

vector cardiograph An electrocardiograph that in- 
dicates the magnitude and the direction of a 
heart signal. 

vector components 1. The Cartesian coordinates 
of a vector, or its component angle and radius 
(polar coordinates). 2. Quantities that can be rep- 
resented by means of vectors (e.g., impedance 
and velocity). 

vector diagram A graphical representation of vec- 
tor quantities. 

vector function A function having both magnitude 
and direction. Also see VECTOR; VECTOR COM- 
PONENTS, 2; and VECTOR QUANTITY. 

vector generator A device that graphically illus- 
trates vectors. 

vectorial angle 1. The angle between a vector and 
the horizontal axis. 2. The angle between two vec- 
tors. 

vector impedance Complex impedance (i.e., an 
impedance of the form R + jX, where R is resis- 
tance, X is reactance, and j is an operator indi- 
cating that the reactance is 90 degrees out of 
phase, relative to the resistance). 

vector-mode display On a cathode-ray-tube dis- 
play, the data representation in which points on 
the screen are connected by straight lines. 

vector power The vector quantity (P,? + P,7)!/?, 
where P, is the active power and Px is the reactive 
power. 

vector power factor The ratio P,/(P,? + P2)'””, 
where P, is the active power and Px is the reactive 
power. In sine-wave situations, this ratio (of 
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active power to vector power) produces a figure 
identical to the conventional power factor. 

vector quantity A quantity having both magni- 
tude and direction, and that can, therefore, be 
represented by a vector. 

vectorscope A special oscilloscope for visual ad- 
justment of a color-television receiver by means 
of a color-phase diagram. 

vector sum The resultant of two nonparallel vec- 
tors; therefore, the resultant of the forces or 
quantities represented by them. For example, re- 
actance and resistance can be represented by two 
perpendicular vectors. 

vector voltmeter A voltmeter that indicates the 
phase as well as the amplitude of an alternating- 
current voltage. 

Ver Symbol for emitter-voltage supply of a bipolar 
transistor. 

vee antenna A center-fed antenna in which the 
two halves of the radiator form an angle consider- 
ably less than 180 degrees. 

vee-beam system An elevation-measuring radar 
system in which fan-shaped vertical and inclined 
beams, intersecting at ground and rotating con- 
tinuously around the vertical axis, are radiated 
by one antenna. Target elevation is determined 
from the interval between successive echoes from 
the target. 

vee connection of transformers In a three-phase 
system, a method of connecting two transformers 
so that the line current and voltage equal the 
phase current and voltage. Also called open-delta 
connection. 

vee-cut crystal A piezoelectric plate cut from a 
quartz crystal so that its faces are not parallel to 
the x, y, or z axis of the crystal. Also see CRYSTAL 
AXES and CRYSTAL CUTS. 

vee particle A short-lived elementary particle that 
results when high-energy neutrons or protons 
collide with nuclei. The particle can be positive, 
negative, or neutral, and gets its name from its 
cloud-chamber track. 

vee signal In radiotelegraphy, the letter V (di-di-di- 
dah) transmitted as a test signal, usually three 
times in rapid succession. It is used during on- 
the-air transmitter tests, followed by the station’s 
call letters. 

vehicle An inert substance, usually a liquid, that 
acts as a solvent, carrier, or binder for some 
other, more active substance. Thus, shellac can 
be the vehicle for the metallic powder in a silver 
paint used in silk-screening electronic circuits. 

vehicle smog-control device See COMPUTER- 
CONTROLLED CATALYTIC CONVERTER and 
EXHAUST ANALYZER. 

vel Abbreviation of VELOCITY. 

velocimeter 1. An instrument for measuring the 
velocity of sound in various materials. 2. An 
electronic velocity meter—especially a radial- 
velocity meter using Doppler radar. 3. An elec- 
tronic flow meter. 
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velocity Symbol, v. Abbreviation, vel. Unit, dis- 
tance per unit time [e.g., meters per second 
(m/s)]. 1. The change in the position of a body 
over a specified period of time. 2. The derivative of 
displacement with respect to time. Compare AC- 
CELERATION. 

velocity constant See VELOCITY FACTOR. 

velocity error For a servomechanism in which the 
input and output shafts rotate at the same speed, 
the angular displacement between them. 

velocity factor Abbreviation, v. For a transmission 
line, the ratio of the speed of electromagnetic 
wave propagation in the line to the speed of elec- 
tromagnetic waves in a vacuum (299,792 kilome- 
ters per second). It can be expressed as a number 
between O and 1, or as a percentage between 0 
and 100. In practical feed lines, v ranges from 
about 0.66 (for coaxial line with a solid polyethy- 
lene dielectric) to about 0.95 (for open-wire line 
with widely separated spacers). 

velocity hydrophone A hydrophone whose out- 
put, like that of the velocity microphone, is pro- 
portional to the instantaneous particle velocity in 
the sound wave impinging on the device. 

velocity-lag error A lag (proportional to the input- 
variation rate) between the input and output ofa 
device, such as a servomechanism. 

velocity level For a sound, the ratio v9, expressed 
in decibels: 


Vo = 20 logio(vs/v,) 


where uv, is the particle velocity of the sound, and 
v, is a reference particle velocity. 

velocity microphone A microphone in which the 
vibratory element is a thin, aluminum or Duralu- 
min ribbon suspended loosely between the poles 
of a strong permanent magnet. Vibration of the 
corrugated ribbon in the magnetic field causes an 
audio-frequency voltage to be induced across the 
ribbon. The microphone is so called because its 
output is proportional to the instantaneous parti- 
cle velocity in the sound wave impinging on the 
ribbon. Also called ribbon microphone. 

velocity-modulated amplifier A circuit in which 
radio-frequency amplification is obtained by ve- 
locity modulation. 

velocity-modulated oscillator A vacuum-tube 
device in which an electron stream is velocity- 
modulated (see VELOCITY MODULATION) as it 
passes through a resonant cavity (the buncher); 
the subsequent energy, of a higher intensity, is 
extracted from the bunched stream as it passes 
through another resonant cavity (the catcher). 
Feedback from catcher to buncher sustains oscil- 
lations. See, for example, KLYSTRON OSCILLATOR. 

velocity-modulated tube A vacuum tube utilizing 
velocity modulation. See, for example, KLYSTRON. 

velocity modulation The process in which the in- 
put signal of a vacuum tube varies the velocity of 
the electrons in a constant-current electron beam 
in sympathy with the input signal. 
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velocity resonance A state of resonance in which 
a 90-degree phase difference is between the fun- 
damental frequency of oscillation of a system and 
the fundamental frequency of the applied signal. 

velocity sorting Selecting and separating elec- 
trons, according to their velocity. 

velocity spectrograph A device that uses electric 
or magnetic deflection to separate charged parti- 
cles into various streams, according to their ve- 
locity. 

velocity variation See VELOCITY MODULATION. 


velocity-variation amplifier See © VELOCITY- 
MODULATED AMPLIFIER. 
velocity-variation oscillator See VELOCITY- 


MODULATED OSCILLATOR. 

velometer An instrument used to measure the ve- 
locity of air (e.g., to determine wind speed). 

venetian-blind effect A _television-display mal- 
function in which the picture seems to appear 
through horizontal slits. 

Venn diagram A method of illustrating the rela- 
tionship among various subsets within a speci- 
fied universal set. The subsets are shown as 
geometric figures, usually circles. 


Universal set 





Venn diagram 


vent 1. An opening in an equipment enclosure for 
the entry of cool air or the escape of warm air. 
2. In an electrolytic capacitor, a lightly covered 
blowout hole for the relief of gas pressure in the 
event of severe overload. 3. A small opening for 
relieving gas pressure in an automobile battery. 
4. In a loudspeaker enclosure, such as the bass- 
reflex type, an auxiliary opening that extends the 
low-frequency range of the speaker. 

vented baffle A loudspeaker enclosure having the 
proper auxiliary opening(s) for coupling the 
speaker to the surrounding air. 


vented-baffle loudspeaker See ACOUSTICAL 
PHASE INVERTER and BASS-REFLEX LOUD- 
SPEAKER. 

vent mount A metal bracket for fastening an an- 
tenna mast to a (plumbing) vent pipe on a roof. 

ventricular fibrillation See FIBRILLATION. 

verification 1. The process of ensuring that two 
sets of data are identical. 2. The process of vali- 
dating (see VALIDATE). 

vernier 1. An auxiliary scale along which a regu- 
lar, linear scale (such as that of a tuning dial) 
slides. The vernier scale is graduated so that 
when the main scale is set to an unmarked point 
between two of its graduations, and the “O” point 
on the vernier scale is used as the index, “1” on 
the vernier scale will exactly coincide with “1” on 
the main scale. The corresponding number on the 
vernier scale indicates the exact number of sub- 
divisions between two points on the main scale. 
Vernier arrangements are provided with the dials 
of some precision analog instruments. 2. See 
VERNIER CAPACITOR. 3. See VERNIER DIAL. 
4. See VERNIER RESISTOR. 


Main 
reading 
line 


Aux. scale 





70 Reading is 
somewhere Aux. scale lines up at 3, 
between indicating 75.3 
75 and 76 
vernier, 1 


vernier capacitor A low-capacitance variable ca- 
pacitor connected in parallel with a higher-capac- 
itance fixed or variable capacitor for precise 
adjustment of the total capacitance. 

vernier dial 1. A slow moving dial for fine tuning 
an adjustable device. The required reduction ra- 
tio is obtained with gears, friction wheels, or a 
belt-and-pulley combination. 2. A dial provided 
with an accessory vernier scale. 

vernier resistor A low-resistance variable resistor 
connected in series with a higher-resistance fixed 
or variable resistor to precisely adjust the total re- 
sistance. 

vernier rheostat See VERNIER RESISTOR. 

vers Abbreviation of VERSED SINE. 

versatile automatic test equipment Abbrevia- 
tion, VATE. For troubleshooting the electronic 
systems of missiles, a computer-controlled tester 
that isolates faults through logical operations. 
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versed sine Abbreviation, vers. A trigonometric 
function equal to the difference between the co- 
sine of an angle and one; vers x = 1 — cos x. 

vert Abbreviation of VERTICAL. 

vertex 1. The terminal point at which two or more 
branches of a network meet. Also see NODE, 1. 
2. The point of intersection of two lines that form 
an angle. 

vertex plate In the reflector of a microwave an- 
tenna, a matching plate mounted at the vertex. 

vertical 1. The direction indicated by a line per- 
pendicular to the plane of the horizon (e.g., a ver- 
tical axis). 2. In the 45-45 recording process, the 
signal resulting from sound that arrives simulta- 
neously and 180 degrees out of phase at the two 
microphones and causes up-and-down move- 
ment of the cutting stylus. 

vertical amplification Gain provided by the verti- 
cal channel of a device, such as an oscilloscope, 
cathode-ray electrocardiograph, or television re- 
ceiver. Compare HORIZONTAL AMPLIFICATION. 

vertical amplifier The circuit or device that pro- 
vides gain in the vertical channel of a device. 
Compare HORIZONTAL AMPLIFIER. 

vertical-amplitude control 1. See VERTICAL- 
GAIN CONTROL. 2. In a color television receiver, 
one of the three controls by which the amplitude 
of the parabolic voltages applied to the coils of the 
magnetic-convergence assembly are adjusted. 

vertical angle of radiation The angle, with respect 
to the plane of the horizon, at which radio- 
frequency energy is propagated from a transmitting 
antenna. 

vertical antenna 1. An antenna that consists es- 
sentially of a single, straight, vertical conductor. 
2. An antenna that is mounted vertically, instead 
of horizontally. 

vertical blanking See 
BLANKING. 

vertical-blanking pulse In a television signal, the 
pulse at the end of each field that accomplishes 
vertical retrace blanking. Compare HORIZON- 
TAL-BLANKING PULSE. 

vertical-centering control 
TROL. 

vertical channel The system of amplifiers, controls, 
and terminations that constitutes the path of the 
vertical signal applied to a device, such as an os- 
cilloscope. Compare HORIZONTAL CHANNEL. 

vertical compliance In disc sound reproduction, 
the ease with which the stylus can move vertically 
while it is in position on the disc. 

vertical coordinates See CARTESIAN COORDI- 
NATES. 

vertical deflection 1. In an oscilloscope or televi- 
sion receiver, the movement of the spot up and 
down on the screen. Compare HORIZONTAL DE- 
FLECTION. 2. In a direct-writing recorder, up or 
down deflection of the pen. 

vertical deflection coils In a cathode-ray tube, 
the pair of coils in a deflection yoke that provides 


VERTICAL RETRACE 


See CENTERING CON- 
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the electromagnetic field for the vertical deflection 
of the electron beam. Compare HORIZONTAL DE- 
FLECTION COILS. 

vertical deflection electrodes See VERTICAL DE- 
FLECTION COILS and VERTICAL DEFLECTION 
PLATES. 

vertical deflection plates In an oscilloscope (and 
in some early television picture tubes), a pair of 
plates that provides the electrostatic field for ver- 
tical deflection. Compare HORIZONTAL DEFLEC- 
TION PLATES. 

vertical dipole An antenna consisting of a 
straight, center-fed, half-wave conductor oriented 
vertically. 


T-wave 


radiating 
element 


iL 


vertical dipole 


Feed line 


vertical dynamic convergence During the scan- 
ning of points along a vertical line through the 
center of a color-television picture tube, the con- 
vergence of the electron beams at the aperture 
mask. Compare HORIZONTAL DYNAMIC CON- 
VERGENCE. 

vertical field strength The field strength of signals 
in a vertical plane passing through an antenna. 
Compare HORIZONTAL FIELD STRENGTH. 

vertical-field-strength diagram A plot of vertical 
field strength. 

vertical frequency response The gain-frequency 
characteristic of the vertical channel of an instru- 
ment, such as an oscilloscope. Compare HORI- 
ZONTAL FREQUENCY RESPONSE. 
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vertical gain The overall amplification (gain) pro- 
vided by the vertical channel of an instrument, 
such as an oscilloscope, graphical recorder, or 
television receiver. Compare HORIZONTAL GAIN. 

vertical-gain control A control, such as a poten- 
tiometer, for adjusting vertical amplification. 
Compare HORIZONTAL-GAIN CONTROL. 

vertical-hold control In a television receiver, the 
control for adjusting the frequency of the vertical 
oscillator so that the picture can be locked to pre- 
vent vertical roll. Compare HORIZONTAL-HOLD 
CONTROL. 

vertical-incidence transmission Transmission of 
a wave vertically to the ionosphere and the sub- 
sequent reflection of the wave to the earth. 

vertical-lateral recording In stereophonic disc 
recording, the recording of one signal vertically 
(see VERTICAL RECORDING) and the other later- 
ally (see LATERAL RECORDING). 

vertical linearity Linearity of response (gain and 
deflection) of the vertical channel of an oscillo- 
scope or television receiver. A linear picture is 
neither contracted nor expanded vertically in any 
part of the screen. Compare HORIZONTAL LIN- 
EARITY. 

vertical-linearity control In an oscilloscope or 
television receiver, the control whereby vertical 
linearity is adjusted. Compare HORIZONTAL- 
LINEARITY CONTROL. 

vertically polarized wave An _ electromagnetic 
wave whose electric lines of flux are perpendicu- 
lar to the plane of the horizon. Compare HORI- 
ZONTALLY POLARIZED WAVE. 

vertical-metal-oxide semiconductor field-effect 
transistor Abbreviation, VMOSFET. A metal- 
oxide semiconductor field-effect transistor fabri- 
cated so that the current flow within the device is 
vertical, instead of the usual horizontal, affording 
several advantages over the conventional MOS- 
FET. 

vertical oscillator In a television receiver, the os- 
cillator that generates the vertical sweep signal. 
Compare HORIZONTAL OSCILLATOR. 

vertical-output regulator In a television receiver, 
a voltage-dependent resistor used to stabilize the 
sweep voltage across the horizontal deflection 
coils—especially during warmup. 

vertical output stage In a television receiver, an 
output amplifier following the vertical oscillator. 
Compare HORIZONTAL OUTPUT STAGE. 

vertical polarization Pertaining to an electromag- 
netic wave whose electric lines of flux are perpen- 
dicular to the plane of the horizon. In general, 
when the radiating element of an antenna is ver- 
tical, the electric lines of flux in the transmitted 
waves are vertical, and the antenna is most sen- 
sitive to incoming signals whose electric lines of 
flux are vertical. Compare HORIZONTAL POLAR- 
IZATION. 

vertical positioning control See CENTERING 
CONTROL. 
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vertical quantity The quantity measured along 
the y-axis of a graph, or represented by the verti- 
cal deflection of an electron beam. Compare 
HORIZONTAL QUANTITY. 

vertical radiator See VERTICAL ANTENNA. 

vertical recording Disc recording in which the 
depth of the groove is varied in sympathy with the 
sound. Also called HILL-AND-DALE RECORD- 
ING. Compare LATERAL RECORDING. 

vertical redundance In computer operation, the 
error state when a character has an odd number 
of bits in an even-parity system, or vice versa. 

vertical resolution The number of horizontal 
wedge-lines that can be easily seen in a television 
test pattern before they blend. Compare HORI- 
ZONTAL RESOLUTION. 

vertical retrace In a cathode-ray device, such as an 
oscilloscope or television receiver, the rapid return 
of the beam to its starting point at the top of the 
screen after completely traversing the screen from 
top to bottom. Compare HORIZONTAL RETRACE. 

vertical retrace blanking In a television receiver, 
the automatic shutoff of the electron beam during 
a vertical retrace period, to prevent an extraneous 
line being traced on the screen during this period. 
Also see BLACKOUT, 2; BLANKING INTERVAL, 
1, 2; BLANKING PEDESTAL; BLANKING 
TIME; VERTICAL RETRACE; and VERTICAL 
RETRACE PERIOD. Compare HORIZONTAL RE- 
TRACE BLANKING. 

vertical retrace period Ina television receiver, the 
interval during which the spot returns from the 
bottom to the top of the screen after having traced 
all horizontal lines from top to bottom. Compare 
HORIZONTAL RETRACE PERIOD. 

vertical sensitivity The signal voltage required at 
the input of a vertical channel to produce full ver- 
tical deflection. Also see VERTICAL GAIN. Com- 
pare HORIZONTAL SENSITIVITY. 

vertical signal A signal serving as a vertical quan- 
tity (e.g., one that deflects the beam in a cathode- 
ray tube upward and/or downward). Compare 
HORIZONTAL SIGNAL. 

vertical-speed transducer A transducer whose 
electrical output is proportional to the vertical 
speed of an aircraft or missile carrying the trans- 
ducer. 

vertical stylus force In disc sound reproduction, 
the downward force (in grams or ounces) that the 
stylus exerts on the disc. 

vertical sweep 1. In a cathode-ray tube, especially 
a television picture tube, the movement of the 
spot up or down on the screen. Compare HORI- 
ZONTAL SWEEP. 2. The circuit that produces 
this sweep. 

vertical sweep frequency The frequency at which 
vertical sweep occurs. In a television receiver, it is 
60 Hz. Also called vertical sweep rate. Compare 
HORIZONTAL SWEEP FREQUENCY. 

vertical sweep rate See VERTICAL SWEEP FRE- 
QUENCY. 
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vertical synchronization In a television receiver, 
synchronization of the vertical component of 
scanning with that of the camera. Also see VER- 
TICAL SYNC PULSE. Compare HORIZONTAL 
SYNCHRONIZATION. 

vertical sync pulse In a video signal, the pulse 
that synchronizes the vertical component of 
scanning in a television receiver with that of the 
camera, and that triggers vertical retrace and 
blanking. Compare HORIZONTAL SYNC PULSE. 


vertical wave See VERTICALLY POLARIZED 
WAVE. 

vertical width control See WIDTH CONTROL, 1, 
2 


very high frequency Abbreviation, VHF. Radio 
frequencies in the range 30 MHz to 300 MHz, 
corresponding to free-space wavelengths of 10 
meters to 1 meter. It is sometimes divided into 
VHF low band (30 MHz to 50 MHz) and VHF high 
band (50 MHz to 300 MHz). Also see RADIO 
SPECTRUM, 1. 

very high resistance Abbreviation, VHR. Large 
values of resistance; usually expressed in meg- 
ohms, gigohms, or teraohms. 

very-high-resistance voltmeter Abbreviation, 
VHRVM. A voltmeter using a low-range microam- 
meter or picoammeter and a very high value of 
multiplier resistance (see VOLTMETER MULTI- 
PLIER). 

very-high-speed integrated circuit An integrated 
circuit used for switching or other digital func- 
tions at thousands, millions, or billions of 
changes of state per second. 

very-large-scale integration Abbreviation, VLSI. 
The inclusion of several complete systems, such 
as computers, on a single integrated-circuit chip. 
This can extend several orders of magnitude be- 
yond large-scale integration (LSJ). 

very long range Abbreviation, VLR. Pertaining to 
ground radar sets having a maximum slant range 
of over 250 miles. Compare VERY SHORT 
RANGE. 

very low frequency Abbreviation VLF. A radio fre- 
quency in the range 10 kHz to 30 kHz, corre- 
sponding to wavelengths between 30 kilometers 
and 10 kilometers. Also see RADIO SPECTRUM, 
a 

very low resistance Abbreviation, VLR. Values of 
resistance less than 1 ohm, usually expressed in 
milliohms or microhms. 

very short range Abbreviation, VSR. Pertaining to 
ground radar sets having a maximum slant range 
of less than 25 miles. Compare VERY LONG 
RANGE. 

vestigial 1. An effect that remains as a by-product, 
but that serves no directly applicable purpose. 
See, for example, VESTIGIAL SIDEBAND. 2. Un- 
necessary; extraneous. 

vestigial sideband 1. A portion of one sideband in 
an amplitude-modulated signal, remaining after 
passage through a selective filter. 2. An ampli- 
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tude-modulated signal in which one sideband 
has been partially or largely suppressed. 3. The 
small amount of energy emitted in the unused 
sideband in a single-sideband transmitter. 

vestigial-sideband filter A filter operated between 
an amplitude-modulated transmitter and an an- 
tenna to obtain a vestigial-sideband signal. 

vestigial-sideband signal An amplitude-modu- 
lated signal in which one of the sidebands has 
been partially suppressed. 

vestigial-sideband transmission Transmission of 
a signal containing a vestigial sideband. In televi- 
sion, for example, the upper sideband is trans- 
mitted fully, while the lower sideband is almost 
completely suppressed. The lower sideband is, 
therefore, a vestigial sideband. 

vestigial-sideband transmitter An amplitude- 
modulated transmitter equipped with the filters 
or other subcircuits necessary for emitting a ves- 
tigial-sideband signal. 

VF Abbreviation of VIDEO FREQUENCY. 

Vrs Abbreviation for feedback voltage in an inte- 
grated circuit device. The term applies especially 
to operational amplifiers. 

VFO Abbreviation of VARIABLE-FREQUENCY OS- 
CILLATOR. 

V, Abbreviation of GENERATOR VOLTAGE. (Also, 
Eg.) 

VGA Abbreviation of VARIABLE-GAIN AMPLIFIER. 

Vep Symbol for GATE-DRAIN VOLTAGE of a field- 
effect transistor. 

Ves Symbol for GATE-SOURCE VOLTAGE of a 
field-effect transistor. 

VHF Abbreviation of VERY HIGH FREQUENCY. 

VHF high band See VERY HIGH FREQUENCY. 

VHF low band See VERY HIGH FREQUENCY. 

VHF omnirange Abbreviation, VOR. A very-high- 
frequency radionavigation system that provides 
radial lines of position. 

VHF oscillator A radio-frequency oscillator spe- 
cially designed to operate in the range 30 MHz to 
300 MHz. 
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VHF receiver 1. A radio receiver specially designed 
to operate in the range of 30 MHz to 300 MHz. 
2. A television receiver for the VHF channels (see 
VHF TELEVISION CHANNELS). 

VHF television channels Twelve 6-MHz-wide 
channels (television channels 2 through 13) be- 
tween 54 and 216 MHz. 


Channel Frequency (MHz) 
2 54.0 — 60.0 
3 60.0 — 66.0 
4 66.0—72.0 
5 76.0 — 82.0 
6 82.0 — 88.0 
7 174-180 
8 180-186 
9 186-192 

10 192 — 198 
11 198 — 204 
12 204-210 
13 210-216 


VHF television channels 
(United States) 


VHF transmitter A radio or television transmitter 
specially designed to operate in the range 30 MHz 
to 300 MHz. 

VHR Abbreviation of VERY HIGH RESISTANCE. 

VHRVM Abbreviation of VERY-HIGH-RESISTANCE 
VOLTMETER. 

VHS videocassette recorder A popular scheme for 
videocassette recording, used in millions of 
households in the United States alone. Typical 
VHS cassette play times range from about two 
hours to more than eight hours. 

VHSIC Abbreviation for VERY HIGH SPEED INTE- 
GRATED CIRCUIT. 

VI 1. Abbreviation of VOLUME INDICATOR. 2. Ab- 
breviation of VISCOSITY INDEX. 

V; Symbol for INPUT VOLTAGE. (Also, Vin.) 

vibrating bell A bell with a striking mechanism 
that oscillates, causing a continuous ringing 
sound. 

vibrating-reed frequency meter 
FREQUENCY METER, 2. 

vibrating-reed oscillator An audio-frequency os- 
cillator in which an iron, steel, or alloy reed vi- 
brating in a magnetic field acts like a tuning fork 
to control the oscillation frequency. 

vibrating-reed relay An electromechanical relay in 
which the movable contact is carried by the end 
of a thin, metal strip (reed) of iron or magnetic al- 
loy. The strip is supported within the magnetic 
field of a coil carrying an alternating control cur- 
rent; when the frequency of this current corre- 
sponds to the natural (resonant) frequency of the 
reed, it vibrates vigorously enough to close the 
contacts. Such a relay, consequently, is fre- 
quency selective. 


See POWER- 
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vibrating-wire oscillator An oscillator similar to 
the vibrating-reed oscillator, but using a wire, in- 
stead of a reed. 

vibrating-wire transducer A transducer in which 
the fluctuating tension of a thin wire suspended 
in a magnetic field frequency-modulates the oper- 
ating voltage. 

vibration 1. The changing of the position or di- 
mensions of a body back and forth, usually at a 
rapid rate, an action seen in the repetitive move- 
ment of a musical string, headphone diaphragm, 
loudspeaker cone, loose machine, etc. 2. See OS- 
CILLATION. 

vibration analyzer See VIBRATION METER. 

vibration calibrator A device that generates a 
standard vibration, usually at a fixed frequency, 
for calibrating vibration meters, pickups, trans- 
ducers, etc. 

vibration galvanometer A type of alternating- 
current galvanometer. The natural frequency of 
the movable element of the instrument is made 
equal to that of the alternating current under 
test, to obtain a reading. 

vibration isolator In an electronic-equipment as- 
sembly, a cushioning support that protects the 
equipment from vibration. 

vibration machine See VIBRATOR, 2. 

vibration meter An instrument for measuring the 
amplitude and frequency of vibration (see VIBRA- 
TION, 1). It consists essentially of a vibration 
pickup followed by a selective amplifier and an in- 
dicating voltmeter graduated in vibration units. 

vibration pickup A transducer that senses me- 
chanical vibration and converts it into a propor- 
tionate output voltage, or changes resistance in 
sympathy with the vibration. 

vibrato In electronic musical instruments, a cir- 
cuit or device that modulates a note by varying its 
frequency, amplitude, or both, at an extremely 
low frequency (a few hertz). 

vibrator 1. See INTERRUPTER. 2. See VIBRATING- 
REED RELAY. 3. A device for shaking something 
under test at selected frequencies and amplitudes. 

vibrator-type power supply A _ battery-operated, 
high-voltage power supply in which one vibrator 
(see INTERRUPTER) makes and breaks direct 
current flowing from the battery into the primary 
winding of a step-up transformer, and another vi- 
brator rectifies the high voltage delivered by the 
secondary winding. 

vibrator-type rectifier A vibrator (see INTER- 
RUPTER) that connects one terminal of the sec- 
ondary winding of a transformer to an output 
terminal each time that terminal is positive. 
When the negative half-cycle appears at the 
transformer terminal, the vibrator is open. In this 
way, the alternating-current output of the trans- 
former is rectified. 

vibrocardiography A method of monitoring and 
recording the movement of the chest cavity as a 
result of the beating of the heart. 


—P— 


Vibrator 





Driver coil 


vibrator-type power supply 


vibrograph A device for observing and recording vi- 
bration. 

vibrometer See VIBRATION METER. 

vibroscope An instrument for observing 
sometimes recording) vibration. 

Victor Phonetic alphabet communications code 
word for the letter V. 

Victron A brand of polystyrene, a low-loss plastic 
insulant that is especially useful at high radio fre- 
quencies. 

video 1. Pertaining to television—especially to its 
picture circuitry or to circuits and devices related 
to television, but used for other purposes. 2. The 
picture portion of a television broadcast, as op- 
posed to the sound (audio) portion. 3. Some- 
times, a cathode-ray-tube terminal or display. 
4. Generally, television in adjective sense (e.g., 
video play). 5. The images on a computer display 
or monitor. 

video amplifier 1. In television, the wideband 
stage (or stages) that amplifies the picture signal 
and presents it to the picture tube. 2. A similar 
wideband amplifier, such as an instrument am- 
plifier or preamplifier having at least a 4-MHz 
bandwidth. 

video animation Movement of graphic images ona 
cathode-ray-tube display by the use of computer- 
manipulation through special software, under 
the direction of an operator using a keyboard, 
joystick, or digitizer. 

video buffer A unity-gain circuit that minimizes 
loading effects caused by having several video 
multiplexer inputs connected to the same signal 
source. 

video carrier The television carrier amplitude- 
modulated by the picture information, synchro- 
nization pulses, and blanking pulses. 

videocassette recorder Abbreviation, VCR. A 
machine for recording television programs on 
magnetic-tape cassettes (see CASSETTE, 1). 

videocast 1. Television broadcast. Also called 
TELECAST. 2. To make a television broadcast. 

videocaster See TELECASTER. 

video CD-ROM A digital optical VIDEODISC, re- 
sembling an audio or computer compact disc. A 
typical disc can store more than an hour’s worth 
of conventional television programming. 


(and 
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video correlator A device used with radar to locate 
and identify a target with high precision. 

video detector Ina television receiver, the demod- 
ulator for the video signal. This detector follows 
the video intermediate-frequency amplifier and 
precedes the video amplifier. It usually embodies 
a relatively simple, wideband diode circuit. 


Last IF amp 






detector 
load 


B+ 


video detector 


Video Digitizer Abbreviation, VDIG. A program 
developed for multimedia video in personal com- 
puter systems. 

videodisc A flat magnetic or optical disc on which 
audio-visual programs are recorded, and from 
which they can be played back into a television 
receiver or multimedia personal computer. 

videodisc recorder Abbreviation, VDR. A machine 
for recording television programs on discs compa- 
rable to those used for sound or data recording. 

video discrimination In radar, the use of a circuit 
or device to decrease the width of the video- 
amplifier passband. 

video frequency 1. Pertaining to signals in the wide 
passband of a video amplifier: 30 Hz to 4 MHz. 
2. Pertaining to a device capable of operating over 
the wide passband of a video amplifier (e.g., a 
video-frequency alternating-current voltmeter). 

video-frequency amplifier An amplifier capable of 
handling signals of a wide frequency range (e.g., 
direct current to 4 MHz). Also see VIDEO FRE- 
QUENCY, 1. 

video gain control In a television receiver, a gain 
control for adjusting the video signal amplitude. 
In a color-television receiver, a pair of these con- 
trols permits adjustment of the three color sig- 
nals to the proper amplitude ratio. 

video game A game, such as football, basketball, 
slot machine, tic-tac-toe, etc., played on the 
screen of a television receiver or on a computer. 

videogenic Suitable for television. 

video IF amplifier In a television receiver, the 
broadband intermediate-frequency (IF) amplifier 
of the video signal. In modern receivers, this IF 
amplifier also handles the sound signal. 
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video mapping A system of surveillance or map- 
ping in which, for reference, the outlines of the 
area being surveyed are superimposed electroni- 
cally on the radar display of the area. 

video masking A form of radar signal processing 
in which ground clutter and other unwanted 
echoes are removed, making the desired targets 
more readily visible. 

video mixer A circuit or device for mixing the sig- 
nals from two or more television cameras. 

video modulation In television transmission, am- 
plitude modulation of the carrier wave with 
pulses and waves corresponding to the picture el- 
ements. 

video on demand Television service in which sub- 
scribers can choose the programs they want to 
watch, and also the specific times for viewing. 

video random-access memory Abbreviation, 
VRAM. In computer systems, RANDOM-ACCESS 
MEMORY used primarily for enhancing the per- 
formance of the display. 

video recording 1. Recording wideband material 
(such as a video signal) on a tape or disc. 2. The 
recording made of a telecast. Also see VIDEO- 
TAPE RECORDER. 

video signal 1. In television, the amplitude-modu- 
lated signal containing picture information and 
pulses. Also see VIDEO, 2 and VIDEO MODULA- 
TION. 2. Broadly, a telecast signal, including 
sound. 


Whitest 
signal 


Black 
Dark ‘ b 






Blacker-than-black 
region 


Zero signal 


video signal 


video stretching In some electronic navigation 
systems, increasing the duration of a video pulse. 

video synthesizer A computerized device that pro- 
duces graphical renditions of objects or circuits 
in three dimensions. 

videotape 1. A special magnetic tape for video 
recording (see VIDEO RECORDING, 2). 2. To 
make a video recording. 

videotape recorder Abbreviation, VIR. A wide- 
band, magnetic-tape recorder for producing video 
recordings with a camera, or for making a record 
of television programs, for subsequent reproduc- 
tion (playback). 
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videotape recording 1. Abbreviation, VTR. The 
technique of recording video signals on magnetic 
tape. Also see VIDEO RECORDING, 1, 2 and 
VIDEOTAPE. 2. A tape on which a video signal 
has been recorded. 

videotext A system that allows television viewers 
to dial up special material, such as stock market 
quotations, weather data, sports scores, etc. 

vidicon A television camera tube in which the elec- 
tron beam scans a charged-density pattern that 
has been formed and stored on the surface of the 
photoconductor. It is commonly used in cam- 
corders, closed-circuit television systems, and 
robot vision systems. Its assets include compact- 
ness and sensitivity. 

viewfinder An accessory or integral device in 
which an image (formed optically or electroni- 
cally) corresponds to the image viewed by the 
camera with which it is used. 

viewing mesh In a cathode-ray storage tube, the 
mesh on which the image is presented for viewing 
by the operator. Also see CHARGE-STORAGE 
TUBE. 

viewing mirror In an oscilloscope-camera assembly, 
a flat, slant-mounted mirror that reflects the image 
on the oscilloscope screen to the viewer's eye. 

viewing screen In a cathode-ray device, such as 
an oscilloscope tube or television picture tube, 
the face on which the image appears. 

viewing time In a storage type cathode-ray tube, 
the length of time for which the image persists. 

viewing window See WINDOW, 2. 

Villard circuit 1. A voltage-doubler circuit using 
only one diode and two capacitors. The open- 
circuit direct-current output voltage is ap- 
proximately twice the peak value of the 
alternating-current input voltage. Also see VOL- 
TAGE DOUBLER. 2. See SELECTOJECT. 
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Villari effect In certain magnetostrictive materials, 
the change in magnetic induction that accompa- 
nies the application of a mechanical stress in a 
given direction. Also see MAGNETOSTRICTION. 

vinyl A general name for vinyl copolymer resins. 
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vinylidene chloride A plastic insulant. Dielectric 
constant, 3 to 5. Dielectric strength, 20 kV/mm. 

Vinylite-A A brand of the plastic polyvinyl acetate. 

Vinylite-Q A brand of the plastic polyvinyl chloride. 

vinyl resin A synthetic resin resulting from the 
polymerization of compounds that contain the 
group CH» = CH-. 

violation Ina security system, a condition that re- 
sults in the actuation of an alarm. Example: an 
intruder breaks the light beam in an electric eye. 

virgin magnetic material Core or shield material 
that has never been magnetized. When virgin ma- 
terial is first subjected to magnetization, the hys- 
teresis loop starts at zero, but never returns to 
zero (see BOX-SHAPED LOOP). 

virgin neutron Any neutron that has not been in- 
volved in a collision with another particle subse- 
quent to its initial generation. 

virgin record See BLANK RECORD. 

virgin tape See BLANK TAPE. 

virtual address In computer operations, an ad- 
dress that must be modified to refer to a location 
in main memory. 

virtual decision value In quantizing or encoding, 
a method of expressing the maximum input am- 
plitude. Two values are extrapolated from actual 
decision values—one at either end of the working 
range used. 

virtual height The altitude that a vertically propa- 
gated electromagnetic wave would reach before 
reflection if its path in the ionosphere were a 
straight line. The actual distance at which the 
wave penetrates the ionosphere before reflection 
is less than the virtual height. 

virtual image The image formed when rays from a 
scene diverge after passing beyond the focal point 
of a convex lens. The scene appears inverted to an 
observer. Compare REAL IMAGE. 

virtual memory 1. In a computer system, a means 
of using two or more memory stores simultane- 
ously. 2. Auxiliary memory used in conjunction 
with the main, or core, memory. 

virtual ppi reflectoscope A device used to super- 
impose a virtual image of a chart or map onto a 
plan-position indicator (ppi) radar display. Also 
see VIDEO MAPPING. 

virtual reality Abbreviation, VR. A general term for 
any of various high-level computer simulation or 
remote-control programs. The user often wears a 
head-mounted display that provides vivid, three- 
dimensional imagery and binaural sound. It can 
be used in robotic telepresence systems for preci- 
sion remote control. 

virus See COMPUTER VIRUS. 

vis 1. Abbreviation of visibility. 2. Abbreviation of 
visual. 

viscometer An instrument for measuring viscos- 
ity. There are several electronic versions of this 
device. In one, a steel ball falls through a material 
(such as an oil) under test and distorts the mag- 
netic field of a pickup coil, causing the deflection 
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of a meter by an amount proportional to the 
speed of the ball and, consequently, to the viscos- 
ity of the fluid. 

viscosimeter See VISCOMETER. 

viscosity The resistance offered by a fluid (liquid 
or gas) to objects passing through it. The viscos- 
ity of pure water is low; that of heavy oil is high. 
Expressed in newton-seconds per meter squared. 

viscosity index Abbreviation, VI. A number indi- 
cating how well an oil retains its viscosity with 
temperature changes; larger indexes are assigned 
to oils that are little influenced by variations in 
temperature. 

viscous-damped arm A phonograph pickup arm 
with an oil dashpot to prevent arm resonance and 
to slow the descent of the arm to the disc. 

viscous damping The use of a viscous fluid in the 
dashpot of a device (such as a relay, timer, or 
pickup arm) to provide damping. See, for exam- 
ple, DASHPOT RELAY. 

viscous hysteresis A slow, slight increase in the 
magnetization of a material when the magnetizing 
field is constant. Compare STATIC HYSTERESIS. 

visibility factor See DISPLAY LOSS. 

visible radiation Electromagnetic radiation that is 
perceptible to the eye. Also see VISIBLE SPEC- 
TRUM. 

visible spectrum The band of electromagnetic 
wavelengths that the human eye perceives as vis- 
ible light. For most people, this band extends 
from approximately 750 nanometers (nm), repre- 
senting red light, down to 390 nm, representing 
violet light. The visibility curve peaks in the 
yellow-green region at about 560 nm; 1 nm = 0.000 
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000 001 meter = 10°° m. Also see ELECTROMAG- 
NETIC THEORY OF LIGHT. 

vision system A set of devices that allows a ma- 
chine (computer or robot) to observe and respond 
to visual stimuli. Typically, it includes a camera 
[such as a vidicon or charge-coupled device 
(CCD)], a cable, electromagnetic or fiberoptic link, 
a receiver, and software for interpreting the im- 
ages. 

visual alignment Optimization of a circuit (such 
as a radio receiver) with the aid of meter deflec- 
tions, rather than with audible indications. Also 
called silent alignment. 

visual-aural radio range A radio aid to air naviga- 
tion (characterized by an audible signal, meter 
deflection, or both) used by the pilot of an aircraft 
to determine if the course is being followed. 

visual-aural range See VISUAL-AURAL RADIO 
RANGE. 

visual-aural signal tracer A troubleshooting in- 
strument for following a signal through a circuit 
by sensing it at successive points in the circuit. 
The signal strength is indicated by a meter and a 
loudspeaker. 

visual carrier frequency See VIDEO CARRIER 
and VIDEO-FREQUENCY, 1. 

visual communication 1. Transmission and re- 
ception of signals by visible-light means, such as 
modulated beams of flashing lights. 2. Transmis- 
sion and reception of messages by direct visual 
observation, such as signal lights. 

visual display unit Abbreviation, VDU. 1. A com- 
puter peripheral consisting of a cathode-ray tube, 
a keyboard, and often a pointing device. 2. A 
dumb terminal for operation of a computer from a 
remote site. 

visual horizon 1. The distance from a given point 
to the farthest visible point on the surface of the 
earth in a particular direction. 2. The enclosed 
geometric plane figure on the surface of the earth, 
representing the set of farthest-visible points for a 
particular location. 

visual telegraphy Telegraphy in which the re- 
ceived signals are read from a visual device, such 
as a blinking light, meter, or swinging pen. 

visual transmitter The equipment used to trans- 
mit the picture portion of a television broadcast. 

visual transmitter power The peak power output 
of a visual transmitter during normal operation. 

vitreous Pertaining to a material or surface resem- 
bling, or related to, glass (e.g., the vitreous 
enamel on certain types of resistors). 

VLF Abbreviation of VERY LOW FREQUENCY. 

VLR 1. Abbreviation of VERY LOW RESISTANCE. 
2. Abbreviation of VERY LONG RANGE. 

VLSI Abbreviation of VERY-LARGE-SCALE INTE- 
GRATION. 

V/m_ Abbreviation of VOLTS PER METER (a unit of 
electric field strength). 

VMOS Abbreviation of vertical-metal-oxide semicon- 
ductor. 
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VMOSFET Abbreviation of VERTICAL-METAL- 
OXIDE SEMICONDUCTOR  FIELD-EFFECT 
TRANSISTOR. 

V. Symbol for OUTPUT VOLTAGE. Also, Vout 

VOA Abbreviation of VOLT-OHM-AMMETER. 

vocabulary In computer-programming operations, 
a list of available operating codes and instruc- 
tions for the computer. Also called INSTRUCTION 
SET. 

Vocoder A device for reducing speech to frequen- 
cies low enough for efficient transmission 
through a limited-bandwidth channel. The term 
is a contraction of voice coder. 

Voda In a telephone system that utilizes a radio 
link (using the same frequency for transmission 
in both directions) and land-line links, an auto- 
matic, voice-operated switching system for en- 
abling the transmitter and disabling the receiver, 
and vice versa. The name is an acronym for voice- 
operated device, anti-sing. 

Vodacom Contraction of voice data communica- 
tions. 

Voder An electronic device that synthesizes 
speech. The term is an acronym for voice opera- 
tion demonstrator. 

vogad A type of automatic gain control for audio 
amplifiers and modulators. In a radio transmit- 
ter, it maintains 100% modulation of the car- 
rier—even when the speaker’s voice level varies 
widely. The name is an acronym for voice- 
operated gain adjusting device. 

voice actuation See VOICE-OPERATED CON- 
TROL. 

voice analyzer A circuit that evaluates the charac- 
teristics of human voices, such as the amplitude- 
vs.-frequency function or the amplitude-vs.-time 
function. 

voice band See VOICE FREQUENCIES. 

voice coil The moving coil of a dynamic micro- 
phone or dynamic speaker. 

voice-controlled break-in A type of break-in oper- 
ation for radiotelephony, in which the transmitter 
automatically switches on and the receiver 
switches off immediately when the operator starts 
talking; the transmitter switches off and the re- 
ceiver switches on a moment after the operator 
stops talking. 

voice-controlled relay An electronic relay that is 
actuated by the human voice. 

voice filter 1. A filter for passing, suppressing, or 
modifying voice frequencies. 2. A_ parallel- 
resonant circuit inserted into a line that feeds 
several loudspeakers, to trap certain frequencies 
and thereby improve the sound of the reproduced 
voice. 

voice frequencies 1. The audio-frequency range of 
human speech, from about 60 Hz to 8000 Hz. 2. 
The frequencies within the audio passband of a 
typical single-sideband voice transmitter or re- 
ceiver. The lower limit is generally 200 Hz to 300 
Hz; the upper limit is about 2500 Hz to 3000 Hz. 
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voice-frequency carrier telegraphy A type of car- 
rier-current telegraphy (see WIRED WIRELESS) 
in which the modulated carrier can be transmit- 
ted over a telephone line having a voice-frequency 
bandwidth. 

voice-frequency dialing A system of telephone di- 
aling involving the conversion of direct-current 
pulses into voice-frequency alternating-current 
pulses. 

voice-frequency telephony Wire telephone com- 
munication in which the frequencies of the elec- 
tric waves are identical to the frequencies of the 
sound waves (or very nearly so). 

voice grade Pertaining to a communications sys- 
tem having a bandpass capable of transferring a 
human voice with reasonable intelligibility. See 
VOICE FREQUENCIES, 2. 

voice-grade channel 1. A telephone line and at- 
tendant equipment suitable for the transmission 
of speech and certain other information, such as 
control signals, digital data, etc. 2. In a radiotele- 
phone transmitter, a speech amplifier-modulator 
channel suitable only for voice frequencies. 

voice-operated control Abbreviation, vox. Per- 
taining to a device (such as a relay, automatic 
modulation control, transmit-receive switch, etc.) 
that is actuated when the operator speaks into a 
microphone. 

voice-operated device, anti-sing See VODA. 

voice-operated gain-adjusting device See VO- 
GAD. 

voice-operated loss control and suppressor In 
wire telephony, a device that switches the loss 
from the transmitting line to the receiving line 
when the subscriber speaks, and vice versa. 

voice-over The simultaneous recording of a human 
voice (such as that of a narrator) along with other 
sounds (such as music, children playing, wind in 
trees, ocean waves, chirping birds, etc.). The voice 
is generally louder than the other sounds. 

voice print A graphic recording of the speech fre- 
quencies produced by an individual and used as 
a means of identifying that individual. 

voice-recognition device See SPEECH RECOG- 
NIZER. 

voice security In voice communications system, 
the use of encryption and decryption, usually in 
the form of digital algorithms, to “scramble” 
speech at the source and “unscramble” it at the 
destination. 

voice-stress analyzer Abbreviation, VSA. An in- 
strument that samples the spoken voice and pro- 
duces a display from which the relative amount of 
stress experienced by the speaker can be deter- 
mined, and from which, in turn, probable truth 
or falsity of statements or answers can be in- 
ferred. 

voice synthesis device See SPEECH SYNTHE- 
SIZER. 

void space See VACUUM. 

vol Abbreviation of VOLUME. 


volatile 1. Capable of evaporating (e.g., volatile sol- 
vents used in the encapsulation of electronic 
equipment). 2. Explosive (noun and verb). 3. Per- 
taining to a state which is difficult to maintain 
(e.g., a VOLATILE MEMORY). 

volatile memory Memory, usually of the random- 
access type, whose data vanishes when power is 
removed unless some provision is made for mem- 
ory backup. The most common means of memory 
backup is the use of an electrochemical cell or 
battery. Modern memory chips need so little cur- 
rent to store their data that a backup battery 
lasts almost as long in the circuit as it would on 
the shelf. The main advantage of this type of 
memory is the fact that it can easily be erased if 
desired. Compare NONVOLATILE MEMORY. 

volatile storage See VOLATILE MEMORY. 

volatile store See VOLATILE MEMORY. 

Voldicon A form of semiconductor logic device 
used for analysis of analog signals. Trade name of 
Adage, Inc. 

volt Abbreviation, V. The basic practical unit of dif- 
ference of potential (i.e., of electrical pressure); 1 
volt is the difference of potential produced across 
a resistance of 1 ohm by a current of 1 ampere. 
Also see KILOVOLT, MEGAVOLT, MICROVOLT, 
MILLIVOLT, NANOVOLT, and PICOVOLT. 

Volta effect See VOLTA’S PRINCIPLE. 

voltage Symbols, E, e, V, v. Electromotive force, or 
difference of potential; E = IR, where I is current 
and R is resistance. Also see VOLT. 

voltage-actuated device An electronic device, 
such as a field-effect transistor, that amplifies a 
voltage signal or is controlled by a voltage, and 
draws virtually no signal current or control cur- 
rent. The opposite is a current-actuated device, 
such as a bipolar transistor. 

voltage amplification 1. Abbreviation, A,. Amplifi- 
cation of an input-signal voltage to provide a 
higher output-signal voltage. 2. Abbreviation, A,. 
The signal increase (Vou/Vin) resulting from this 
process. Also called voltage gain. 

voltage-amplification device A low-current de- 
vice designed especially for voltage amplification. 
It provides little or no power amplification. 

voltage amplifier An amplifier operated primarily 
to increase a signal voltage. Compare CURRENT 
AMPLIFIER and POWER AMPLIFIER. 

voltage at peak torque Symbol, V,. For a torque 
motor operated at 25°C, the voltage required to 
produce peak torque at standstill. 

voltage attenuation 1. The reduction in voltage at 
a given point in a circuit. 2. For a device, the ra- 
tio of input voltage to output voltage when the 
output voltage is the lower quantity. 

voltage-balance relay A relay actuated by a volt- 
age differential. 

voltage breakdown See BREAKDOWN VOLTAGE. 

voltage-breakdown test 1. A test in which the 
measured voltage applied to an insulating 
material is continuously increased until the 
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breakdown point is reached. 2. A test in which 
the measured reverse voltage applied to a semi- 
conductor junction is continuously increased un- 
til the reverse breakdown point is reached (see 
AVALANCHE BREAKDOWN). 

voltage burden The voltage drop across a CUR- 
RENT SHUNT. 

voltage calibrator A device used to calibrate, in 
terms of voltage, a meter scale, oscilloscope 
screen, graphic-recorder chart, etc. 

voltage-capacitance curve A plot depicting the 
variation of capacitance with applied voltage for a 
voltage-variable capacitor. For a varactor (vari- 
able-capacitance diode), capacitance varies in- 
versely with reverse direct-current voltage. 

voltage coefficient A figure that shows the extent 
to which a quantity drifts under the influence of 
voltage. It is generally expressed in percent per 
volt or in parts per million per volt (ppm/V). 

voltage coefficient of capacitance For a voltage- 
dependent capacitor, the capacitance change per 
unit change in applied voltage. 

voltage coefficient of resistance For a voltage- 
dependent resistor, the resistance change per 
unit change in applied voltage. 

voltage coil See POTENTIAL COIL. 

voltage comparator A device for comparing (usu- 
ally only two) voltages. The various types range 
from simple, manually balanced potentiometers 
to analog or digital devices that automatically 
compare the applied voltages and provide a direct 
readout of either their difference or the percent of 
unbalance. 

voltage control 1. A component or circuit that al- 
lows the adjustment of the output voltage of a 
power supply within a given range. 2. The adjust- 
ment of the output voltage of a power supply to 
optimize the performance of a circuit connected 
to the supply. 3. Any form of circuit control that 
is accomplished by the adjustment of the voltage 
at a given circuit point. 

voltage-controlled amplifier Abbreviation, VCA. 
An amplifier in which gain is controlled by means 
of a voltage applied to a control terminal. 

voltage-controlled attenuator An attenuator cir- 
cuit in which a transistor serves as a voltage- 
variable resistor. The output resistance of the 
transistor varies inversely with the direct-current 
bias voltage applied to the input electrode (base, 
emitter, or gate). 

voltage-controlled capacitor See 
DEPENDENT CAPACITOR. 

voltage-controlled crystal oscillator Abbrevia- 
tion, VCCO or VCXO. A voltage-controlled oscilla- 
tor of the crystal-stabilized type. 

voltage-controlled generator Abbreviation, VCG. 
Any signal-generating device whose output fre- 
quency is varied by changing one of the direct- 
current operating voltages of the device. 

voltage-controlled oscillator Abbreviation, VCO. 
An oscillator of the inductance-capacitance (LC) 
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type that employs a varactor diode in the capaci- 
tive portion of the tuned circuit. The varactor is 
placed in series or parallel with the tuning capac- 
itor and is isolated for direct current by blocking 
capacitors. The frequency can be adjusted, within 
certain limits, by nonmechanical means. The sig- 
nal can also be frequency modulated by applying 
the modulating voltage across the varactor. 

voltage-controlled resistor See VOLTAGE-DE- 
PENDENT RESISTOR. 

voltage corrector See VOLTAGE REGULATOR. 

voltage crest See VOLTAGE PEAK. 

voltage-current characteristic See VOLTAGE- 
CURRENT CURVE. 

voltage-current crossover The point at which a 
voltage-regulated supply becomes a_ current- 
regulated supply. 

voltage-current curve For a circuit or device, the 
plot of the interrelationship of current and volt- 
age, with voltage as the independent variable. 

voltage-current feedback See CURRENT-VOLT- 
AGE FEEDBACK. 

voltage decay The exponential decrease of voltage 
across a discharging capacitor. Also see EXPO- 
NENTIAL DECREASE. 

voltage-dependent capacitor A capacitor (such as 
a varactor) whose capacitance varies with applied 
voltage. 

voltage-dependent resistor A nonlinear resistor 
whose value varies inversely with the voltage drop 
across it. Also called varistor. 

voltage detector A circuit or device that delivers 
an output voltage only when the input voltage is 
of a prescribed value. Compare VOLTAGE DIS- 
CRIMINATOR. 

voltage-determined property A property (capaci- 
tance, current, frequency, or resistance) whose 
magnitude depends on the value of an applied 
voltage. See, for example, VOLTAGE-DEPENDENT 
CAPACITOR, VOLTAGE-DEPENDENT RESISTOR, 
and VOLTAGE-CONTROLLED OSCILLATOR. 

voltage differential Symbol, dE or dV. An in- 
finitesimal change in voltage. Compare VOLTAGE 
INCREMENT. 

voltage-directional relay 1. A relay that is actu- 
ated when voltage exceeds a certain value in a 
given direction. 2. A relay that closes only when 
the applied voltage is in a specific direction. 

voltage discriminator A circuit or device whose 
output voltage is zero when the input voltage is of 
a prescribed value. When the input voltage is 
greater than this value, the output is positive; 
when it is less, the output is negative. 

voltage distribution 1. The delivery of operating 
voltage throughout a circuit (e.g., high and low 
direct-current voltages in the various stages of a 
control circuit). 2. Sometimes, the distribution of 
electrical energy (“power” distribution). 

voltage divider A resistive or capacitive poten- 
tiometer or network used to divide an applied 
voltage by a desired amount. 
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voltage doubler A power-supply circuit that sup- 
plies a direct-current output voltage of about 
twice the peak value of the alternating-current in- 
put voltage. 

voltage drift See DRIFT VOLTAGE. 

voltage drop Abbreviation, VD. The voltage (E) set 
up across a resistance (R) carrying a current (J); 
E = IR. For alternating current, reactance X and 
impedance Z can be substituted for resistance, 
where applicable. 

voltage-equalizing resistors In a power-supply fil- 
ter, resistors connected across each capacitor in 
a string of electrolytics connected in series to 
withstand a high voltage. The resistors protect 
the capacitors by equalizing the voltage across 
them. 

voltage-fed antenna An antenna in which the 
feeder is attached to the radiator at a voltage loop 
(current node). Compare CURRENT-FED AN- 
TENNA. 

voltage feed The delivery of voltage to a device or 
circuit at a point where voltage, rather than cur- 
rent, is dominant. Compare CURRENT FEED. 

voltage feedback A feedback signal consisting of 
voltage fed from the output to the input circuit of 
an amplifier or other device. Compare CURRENT 
FEEDBACK and CURRENT-VOLTAGE FEED- 
BACK. 

voltage-frequency transducer 1. A device whose 
output voltage is a function of the frequency of a 
signal at the input. 2. A device whose output 
frequency is a function of the voltage at the 
input. 

voltage gain See VOLTAGE AMPLIFICATION. 

voltage generator See VOLTAGE SUPPLY. 

voltage gradient The voltage per unit length along 
a defined path. 

voltage increment A change in voltage repre- 
sented by E2 - E), where E2 and E; are the volt- 
ages at two defined points on a curve, and the 
difference is finite (nonzero). Compare VOLTAGE 
DIFFERENTIAL. 

voltage input encoder An analog-to-digital en- 
coder for which the input is an analog voltage. 
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See, for example, VOLTAGE-TO-SHAFT-POSI- 
TION ENCODER. 

voltage inverter A circuit or device whose voltage 
output has the sign opposite that of the input 
voltage. The device might or might not provide 
amplification. 

voltage jump 1. An upward transient in voltage. 
2. In a glow-discharge tube, a sudden break or 
increase in voltage drop across the tube. 

voltage lag The condition in which voltage changes 
occur after corresponding current changes. Com- 
pare CURRENT LAG and VOLTAGE LEAD. 

voltage lead The condition in which voltage 
changes precede corresponding current changes. 
Compare CURRENT LEAD and VOLTAGE LAG. 

voltage level 1. A prescribed reference value of 
voltage (e.g., the black level in a television picture 
signal). 2. The discrete value of a steady voltage, 
or the average value of a fluctuating voltage, as 
observed or measured in a circuit. 

voltage limit The maximum or minimum level ina 
voltage range. 

voltage loop In a standing-wave system, such as 
an antenna or transmission line, a maximum- 
voltage point. Compare VOLTAGE NODE. 

voltage loss 1. Reduction of a voltage across a 
load, occurring because of a series resistance. 
2. The ratio, in decibels, between the input voltage 
to a transmission line and the output voltage at 
the load end of the line, assuming that the 
impedance is the same at both points. 

voltage maximum See VOLTAGE PEAK. 

voltage minimum See VOLTAGE TROUGH. 

voltage-mode switching circuit A _ resistor-tran- 
sistor-logic (RTL) NAND or NOR circuit in which 
(in the off state) the transistor is cut off by the Vgp 
bias voltage. The output is then approximately 
equal to the collector supply voltage, Vcc. The 
proper combination of input pulses overrides the 
cutoff bias, and the transistor switches on. The 
output then drops to a level equal to Vcc minus 
the voltage drop across the external collector re- 
sistor. 

voltage multiplier A special type of rectifier circuit 
that delivers a direct-current output voltage that 
is a multiple of the peak value of the alternating- 
current input voltage, thus affording voltage step- 
up without a transformer. See, for example, 
VOLTAGE DOUBLER; VOLTAGE QUADRUPLER:; 
QUINTUPLER, 1; and VOLTAGE TRIPLER. 

voltage node In a standing-wave system, such as 
an antenna or transmission line, a minimum- 
voltage point. Compare VOLTAGE LOOP. 

voltage of self-induction The voltage drop across 
an inductor, resulting from the flow of alternating 
current through the inductor; it is caused by self- 
induction. 

voltage peak The highest value attained by a volt- 
age during an excursion. Also called voltage crest 
or voltage maximum. Compare VOLTAGE 
TROUGH. 
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voltage-power directional relay A relay system in 
which two circuits are connected when their volt- 
age difference exceeds a predetermined value in 
one direction, and are disconnected when the 
voltage in the opposite direction exceeds a prede- 
termined level. 

voltage quadrupler A special rectifier circuit that 
supplies a direct-current output voltage of ap- 
proximately four times the peak alternating- 
current input voltage. 

voltage quintupler See QUINTUPLER, 1. 

voltage-range multiplier 1. A multiplier resistor 
(see VOLTMETER MULTIPLIER) connected in se- 
ries with a voltmeter that has an internal multi- 
plier, to increase the range of the instrument. 
2. For an alternating-current voltmeter, an input 
amplifier used to increase the sensitivity of the in- 
strument. 

voltage rating 1. For a circuit or device, the rec- 
ommended maximum voltage that can be ap- 
plied, or the recommended working voltage, as 
specified. 2. For a generator, the specified output 
voltage. 

voltage ratio The quotient of the voltages, E)/E2, 
at two specific points in a circuit, device, or sys- 
tem. Examples: ratio of input voltage to output 
voltage and ratio of primary voltage to secondary 
voltage. 

voltage-ratio box See VOLT BOX. 

voltage reference See STANDARD CELL and 
ZENER-DIODE VOLTAGE REFERENCE. 

voltage-reference cell See STANDARD CELL. 

voltage-reference diode A Zener diode biased 
into its Zener region. The voltage drop across the 
diode is comparatively constant. Under proper 
conditions, it can be used for reference 
purposes. Also see ZENER-DIODE VOLTAGE 
REFERENCE. 

voltage reflection coefficient In a reflected-wave 
situation, the ratio E,/E, where E; is the field- 
strength voltage of the incident wave, and Er is 
the field-strength voltage of the reflected wave. 


voltage-regulated supply See CONSTANT-VOLT- 
AGE SOURCE. 

voltage-regulating transformer A special trans- 
former in which a resonant circuit and core satu- 
ration (see SATURATED OPERATION, 1) are used 
to provide a constant output voltage. 

voltage regulation The stabilization of a voltage 
against fluctuations in source or load. 

voltage-regulation constant Symbol, K,. For a 
voltage-regulated power supply, the _ ratio 
dE,/dE;, where dE; is a change in input voltage, 
and dE, is the corresponding change in load volt- 
age. 

voltage regulator A circuit or device that holds an 
output voltage constant during variations in the 
output load or input voltage. 

voltage-regulator diode See 
VOLTAGE REGULATOR. 

voltage-regulator transformer See VOLTAGE- 
REGULATING TRANSFORMER. 

voltage relay A relay or relay circuit that is actu- 
ated by a discrete voltage, rather than by current 
or power. 

voltage-responsive device See VOLTAGE-ACTU- 
ATED DEVICE. 

voltage rise The normal condition in a series- 
resonant circuit, in which the voltage across the 
coil or capacitor is higher than the voltage applied 
to the circuit. 

voltage saturation In a current-actuated device, 
such as a bipolar transistor, the situation in 
which an increase in current provides no increase 
in voltage drop beyond a certain point (the satu- 
ration point). 

voltage-sensitive bridge A bridge having a nonlin- 
ear element (such as a voltage-dependent resis- 
tor) as one of the arms. Because of this element, 
the bridge can be balanced (with a given set of 
other arms) at only one value of applied voltage. 
At lower voltages, the bridge becomes unbalanced 
in one direction; at higher voltage, in the opposite 
direction. 


ZENER-DIODE 


Nonlinear element (varistor, 
semiconductor diode, thermistor, 
tungsten-filament lamp, etc.) 
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voltage-sensitive capacitor See §VOLTAGE- 
DEPENDENT CAPACITOR. 

voltage-sensitive resistor See VOLTAGE-DEPEN- 
DENT RESISTOR. 

voltage sensitivity 1. Particular responsiveness of 
a circuit or device to voltage, rather than current 
or power. See, for example, VOLTAGE-DEPEN- 


DENT CAPACITOR, VOLTAGE-DEPENDENT RE- 


SISTOR, and VOLTAGE RELAY. 2. See 
VOLTMETER SENSITIVITY. 
voltage-spectrum function The  voltage-vs.- 


frequency curve at the output of a circuit or 
transducer. 

voltage-stabilized supply See CONSTANT-VOL- 
TAGE SOURCE. 

voltage stabilizer See VOLTAGE REGULATOR. 

voltage-stabilizing diode See ZENER-DIODE 
VOLTAGE REGULATOR. 

voltage standard A device that delivers a voltage of 
accuracy and stability so that it can be used to 
calibrate other voltage generators and test instru- 
ments. See, for example, STANDARD CELL and 
ZENER-DIODE VOLTAGE REFERENCE. 

voltage standing-wave ratio Abbreviation, VSWR. 
In a standing-wave system, the ratio of the maxi- 
mum voltage to the minimum voltage. 

voltage supply A power supply whose usable out- 
put is voltage, rather than current or power. 
When such a supply is not voltage-regulated, it 
can only be used reliably with a very light load. 

voltage to chassis In electronic equipment 
mounted on a metal chassis, the voltage between 
the chassis and a given point in the circuit. 

voltage-to-frequency converter A device or cir- 
cuit that delivers an output frequency propor- 
tional to an input voltage (usually direct current). 
Compare FREQUENCY-TO-VOLTAGE  CON- 
VERTER. 

voltage to ground 1. In a circuit, the voltage mea- 
sured between a given point and the ground 
point. 2. The voltage measured between the earth 
and a line or piece of equipment. 

voltage to panel In electronic equipment mounted 
on a metal panel, the voltage between the panel 
and a given point in the circuit. 

voltage-to-shaft-position encoder An encoder for 
which the output is the rotation of a motor shaft 
over an arc proportional to an input voltage. 

voltage transformer 1. A _ transformer used 
primarily to supply voltage with little or no 
current. 2. A small step-up transformer for in- 
creasing the sensitivity of an alternating-current 
voltmeter. Also called POTENTIAL TRANS- 
FORMER. 

voltage tripler A rectifier circuit that, without a 
transformer, supplies a direct-current output 
voltage of approximately three times the peak 
value of the alternating-current input voltage. 

voltage trough The lowest value reached by a volt- 
age during an excursion. Compare VOLTAGE 
PEAK. 
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voltage tuning A method of adjusting the fre- 
quency of an oscillator or resonant circuit by 
means of a variable, direct-current voltage. 

voltage-tunable magnetron A magnetron oscilla- 
tor in which the output frequency is varied by ad- 
justing the direct-current voltage on the tube. 

voltage-tunable oscillator See VOLTAGE- 
CONTROLLED OSCILLATOR. 

voltage-turns ratio The turns ratio of a trans- 
former, indicated by the ratio of primary voltage 
to secondary voltage, or vice-versa. 

voltage-type telemetry Telemetry based upon the 
variation of a single voltage in sympathy with the 
changes in a sensed phenomenon. 

voltage-variable capacitor 1. A _ specially pro- 
cessed semiconductor diode of which the voltage- 
variable capacitance of the junction is utilized. 
Also called VARACTOR. 2. A capacitor having a 
specially processed nonlinear dielectric, such as 
barium strontium titanate, whose capacitance 
varies inversely with the applied direct-current 
bias voltage. 

voltage-variable resistor See VOLTAGE-DEPEN- 
DENT RESISTOR. 

voltage vector Ina vector diagram, a vector show- 
ing the magnitude and phase of a voltage. Com- 
pare CURRENT VECTOR. 

voltaic Pertaining to chemically produced direct 
current. Sometimes interchangeable with gal- 
vanic. 

voltaic cell For the generation of a direct-current 
voltage, a primary cell consisting of two elec- 
trodes made of different metals and immersed in 
an electrolyte. Also called GALVANIC CELL. Also 
see CELL, ELECTROMOTIVE SERIES, and PRI- 
MARY CELL. 

voltaic couple A pair of dissimilar metals (or other 
substances) that generate a direct-current volt- 
age when they contact an electrolyte. 

voltaic pile A rudimentary primary battery con- 
sisting of a series of disks made of two different 
metals, stacked alternately with electrolyte- 
soaked cloth or paper disks. 
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voltaic series See ELECTROMOTIVE SERIES. 

voltameter An electrolytic cell for determining the 
value of an unknown current, or of an unknown 
quantity of electricity, from the weight of metal 
deposited out of an electrolyte onto the cathode 
by the passage of current over an accurately 
timed interval. 

volt-ammeter A combination meter for measuring 
electrical voltages and currents. 

volt-ampere Symbol, VA. Unit, watt. The simple 
product of voltage and current in volts and am- 
peres, yielding the true power in a direct-current 
circuit and the apparent power in an alternating- 
current circuit. Also see APPARENT POWER and 
TRUE POWER. 

volt-ampere-hour meter See VAR-HOUR METER. 

volt-ampere meter See VAR METER. 

volt-amperes reactive Abbreviation, VAR. The 
product of volts and amperes for a purely reactive 
circuit. This product does not produce the true 
power because the power factor is neglected; it 
produces only the apparent power. A true reac- 
tance absorbs power during one half-cycle of al- 
ternating current, and returns it to the generator 
during the next half-cycle. 

Volta’s law See VOLTA’S PRINCIPLE. 

Volta’s pile See VOLTAIC PILE. 

Volta’s principle Two dissimilar metals brought 
into contact (even in air) will generate a difference 
of potential whose value is characteristic of the 
metals. Also see ELECTROMOTIVE SERIES. 

volt box A precision, potentiometer-type voltage 
divider used in the calibration of meters and 
other instruments. The device is usually provided 
with a set of terminal posts for selecting various 
ratios of output voltage to input voltage. 

volt-electron See ELECTRONVOLT. 

voltmeter A usually direct-reading instrument 
used to measure voltage. Also see ELECTRONIC 
VOLTMETER, FET VOLTMETER, TRANSISTOR 
VOLTMETER, and VACUUM-TUBE VOLTMETER. 

voltmeter-ammeter See VOLT-AMMETER. 

voltmeter amplifier A wideband, flat-frequency- 
response, low-distortion preamplifier used to 
boost the sensitivity of an alternating-current 
voltmeter. 

voltmeter-millivoltmeter A voltmeter that pro- 
vides several low ranges, as well as several high 
ones. A familiar example is an alternating- 
current voltmeter, which has various full-scale 
ranges from about 1| millivolt to about 1000 volts. 

voltmeter multiplier A resistor connected in se- 
ries with a current meter (usually a milliammeter 
or microammeter) to convert it into a voltmeter. 

voltmeter sensitivity Unit, ohm per volt. For a 
voltmeter, the total resistance of the instrument 
(multiplier resistance plus the resistance of the 
meter movement) divided by the full-scale deflec- 
tion of the meter. Thus, a O-to-10 direct-current 
voltmeter with an input resistance of 100 kilohms 
has a sensitivity of 10,000 ohms per volt. 
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volt-milliammeter A combination meter for mea- 
suring volts and milliamperes. 

volt-ohm-ammeter A multimeter for measuring 
voltage, resistance, and current (in amperes). 

volt-ohmmeter A combination meter for measur- 
ing voltage and resistance. 

volt-ohm-milliammeter Abbreviation VOM. A 
multimeter for measuring voltage, resistance, 
and current (in milliamperes and microamperes). 

voltsensor See VOLTAGE DETECTOR. 

volts per meter Abbreviation, V/m or Vpm. The 
unit of electric field strength. 

volume 1. Intensity of sound. Also called LOUD- 
NESS. 2. A circumscribed portion of space, either 
imaginary or actually occupied, and described by 
three dimensions (e.g., sphere, ellipsoid, cube, 
pyramid, etc.). 3. In a computer system, a unit of 
magnetic storage medium (e.g., a diskette). 

volume compression The automatic reduction of 
the gain of an audio amplifier. The process differs 
from clipping (which “slices off’ the tops of waves) 
in that compression (ideally) reduces the ampli- 
tude while preserving the waveform. Compare 
VOLUME EXPANSION. 

volume compressor A circuit or device (such as an 
automatic-gain-control amplifier) for achieving vol- 
ume compression. Compare VOLUME EXPANDER. 

volume conductivity The reciprocal of VOLUME 
RESISTIVITY. 

volume control A variable resistor (usually a po- 
tentiometer) or a network of resistors (such as a 
pad) for adjusting the gain, and, consequently, 
the output-signal loudness, of an amplifier. 

volume equivalent In wire telephony, speech 
loudness throughout the system, expressed in 
terms of the trunk loss in a reference system and 
adjusted for equal loudness. 

volume expander A circuit or device for automati- 
cally boosting the volume of an audio-frequency 
signal. Also see EXPANDER. Compare VOLUME 
COMPRESSOR. 

volume expansion The technique of automatically 
increasing the gain, and consequently the 
output-signal volume, of an audio amplifier. Also 
see VOLUME EXPANDER. Compare VOLUME 
COMPRESSION. 

volume indicator A _ fast-acting alternating- 
current meter used to monitor the volume level in 
an audio channel in which the signal level is 
fluctuating. The scale is graduated in VOLUME 
UNITS. Also called VU meter. 

volume lifetime In a homogeneous semiconduc- 
tor, the interval between minority-carrier genera- 
tion and recombination. 

volume limiter A circuit or device that automati- 
cally holds the volume level of an audio channel 
to a predetermined maximum. Also see VOLUME 
COMPRESSION and VOLUME COMPRESSOR. 

volume-limiting amplifier An amplifier that func- 
tions as a volume limiter through the action of 
volume-limiting subcircuits. 
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volume magnetostriction 1. The decrease in the 
total volume of certain ferromagnetic substances 
under the influence of a magnetic field. 2. The in- 
crease in the total volume of certain ferromag- 
netic substances under the influence of a 
magnetic field. 

volume range Unit, decibel (dB). The difference be- 
tween the maximum and minimum volume levels 
that a device or system can accommodate. 

volume recombination rate Within the volume of 
a semiconductor, the rate at which electrons and 
holes recombine. 

volume __ resistance The effective resistance, 
through a given medium, between two electrodes 
placed within that medium. 

volume resistivity The resistance of a specific vol- 
ume of a material (e.g., the resistance between 
opposite faces of a 1-centimeter cube of the mate- 
rial). Also see MICROHM-CENTIMETER; OHM- 
CENTIMETER; RESISTIVITY. 

volumetric efficiency In an electronic assembly, 
the ratio of the volume of parts to the total volume 
of the assembly. 

volumetric radar A radar providing a_three- 
dimensional display. 

volumetric sensor In security systems, a device 
that detects effects in a specifically defined three- 
dimensional region, such as an entire room (from 
floor to ceiling). 

volume unit Abbreviation, VU. The unit of mea- 
surement of fluctuating alternating-current 
power, such as that of speech or music. Zero VU 
corresponds to a reference power of 2.51 milli- 
watts, or +4 dBm (four decibels above 1 milli- 
watt). Volume units are measured with a 
VOLUME INDICATOR. 

volume-unit indicator See VOLUME INDICATOR. 

volunteer examiner In amateur radio, a person 
who works with the Federal Communications 
Commission (FCC) to administer license exami- 
nations. Such a person is not actually an em- 
ployee of the FCC, but serves on an independent, 
volunteer basis. 

VOM Abbreviation of VOLT-OHM-MILLIAMMETER. 
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von Hippel breakdown theory The theory that, 
assuming no electron-energy distribution, break- 
down occurs at field intensities for which the re- 
combination rate of electrons and holes is lower 
than the rate of ionization by collision. 

von Neumann architecture In computer systems, 
a design scheme in which the bits are transmitted 
serially (one by one) along a single line or bus. 

VOR Abbreviation of very-high-frequency omni- 
range (see VHF OMNIRANGE). 

voter See MAJORITY LOGIC. 

vox Abbreviated form of VOICE-OPERATED CON- 
TROL. 

Vp 1. Symbol for GATE-SOURCE PINCHOFF VOLT- 
AGE of a field-effect transistor. 2. Symbol for 
PLATE VOLTAGE. 

V, Symbol for VOLTAGE AT PEAK TORQUE. 

V particle See VEE PARTICLE. 

Vpm Abbreviation of VOLTS PER METER. (Also, 
V/m.) 

VR_ 1. Abbreviation of VIRTUAL REALITY. 2. Abbre- 
viation of VOLTAGE REGULATOR. 

VRAM Abbreviation of VIDEO RANDOM-ACCESS 
MEMORY. 

Vrer Abbreviation of reference voltage. 

vrr Abbreviation of visual radio range. 

Ves Abbreviation of volt-seconds (webers). 

Ves/A Abbreviation of volt-seconds per ampere 
(henrys). 

VSA Abbreviation of VOICE-STRESS ANALYZER. 

VSB Abbreviation of VESTIGIAL SIDEBAND. 

VSF Abbreviation of VESTIGIAL-SIDEBAND FILTER. 

V signal See VEE SIGNAL. 


vsr Abbreviation of VERY SHORT RANGE. 
VSWR Abbreviation of VOLTAGE STANDING- 
WAVE RATIO. 


vt 1. Abbreviation of VACUUM TUBE. 2. Abbrevia- 
tion of variable time. 

VT fuse See PROXIMITY FUSE. 

VTL Abbreviation of VARIABLE-THRESHOLD 
LOGIC. 

vtm Abbreviation of VOLTAGE-TUNABLE MAG- 
NETRON. 

VTO Abbreviation of VOLTAGE-TUNABLE OSCIL- 
LATOR. 

VTR Abbreviation of VIDEOTAPE RECORDER or 
VIDEOTAPE RECORDING. 

VTVM Abbreviation of VACUUM-TUBE VOLT- 
METER. 

vt voltmeter See VACUUM-TUBE VOLTMETER. 

VU Abbreviation of VOLUME UNIT. 

vulcanized fiber A tough insulating material de- 
rived from cellulose. Dielectric constant, 5 to 8. 

VU meter See VOLUME INDICATOR. 

VvCD Abbreviation of voltage-variable capacitor 
diode (see VOLTAGE-VARIABLE CAPACITOR, 1). 

VVV signal See VEE SIGNAL. 

VW Abbreviation of volts working (see WORKING 
VOLTAGE). 

vy Abbreviation for very. 
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W 1. Symbol for WORK. 2. Abbreviation of WATT. 
3. Symbol for TUNGSTEN. 4. Symbol for EN- 
ERGY. 5. Abbreviation of west. 6. Abbreviation of 
WIDTH. 

w 1. Abbreviation of WEIGHT. (Also, wt.) 2. Abbre- 
viation of week. 

WAC Amateur radio abbreviation of Worked All 
Continents, an award given to operators who have 
engaged in verified two-way communication with 
stations on all continents. 

wafer 1. Semiconductor die. 2. A thin, flat disk, 
ring, or plate around which the contacts of a ro- 
tary switch are spaced. 3. A thin square or rect- 
angle of dielectric material used as the dielectric 
member in a fixed capacitor. 4. A plate cut froma 
crystal (e.g., a quartz wafer). 

wafer fabrication The various processes used in 
the manufacture of semiconductor integrated cir- 
cuits. 

wafer slicing Cutting plates from a mother crystal, 
as when piezoelectric plates are cut from a quartz 
crystal. 

wafer socket A component socket consisting of a 
plastic or ceramic wafer with spring-type contacts 
for gripping the pins. 

wafer switch A rotary switch whose contacts are 
arranged around the periphery of a plastic or ce- 
ramic wafer. 

Wagner ground A circuit (often a single poten- 
tiometer) that facilitates cancellation of stray re- 
actance in an alternating-current bridge. The 
bridge is balanced alternately with the bridge- 
balance control and the Wagner control, until 
there is no further shift of null point when chang- 
ing from one to the other. 


Det 
Bridge- 
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waiting time 1. See WARMUP TIME. 2. The delay 
between the time a data transfer to or from a 
computer memory is called for and the actual 
transfer of the data. Also called LATENCY. 

walkie-lookie A portable combination camera and 
transmitter for remote television pickup. At 
sports events and other gatherings, the unit is 
strapped to the shoulder of the camera operator. 

walkie-talkie A portable, compact transceiver (or 
transmitter-receiver). 
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wall absorption Diminished radioactive emission 
(especially of beta and gamma rays) because of 
absorption by the radiating substance. 

wall box A wall-mounted (usually metal) box en- 
closing circuit breakers, fuses, switches, etc. 

wall effect In an ionization chamber, the rise in 
ionization because of electrons being released by 
the walls of the chamber. 

wall energy In a ferromagnetic substance, the en- 
ergy per unit area stored in a domain wall be- 
tween two regions of opposite magnetization. 

Wallman amplifier A cascode amplifier (see CAS- 
CODE). 

wall mount A metal bracket for fastening an an- 
tenna to a wall. 

wall outlet A plug or socket, usually mounted ina 
protective box or can and recessed in a wall that 
can be accessed from the front. It is commonly 
used for supplying alternating-current power to 
appliances at 117 volts or 234 volts. It is also 
used in telephone and cable-television systems. 

wall plaque A loudspeaker so thin that, mounted 
in a frame (sometimes behind grill cloth), it can 
be hung on a wall. 

wall plate A (usually rectangular) plate of metal or 
plastic for holding a wall outlet or wall switch. 

wall plug A male or female plug usually mounted 
in a protective box or can and recessed in a wall. 
Such a device can provide easy access to an an- 
tenna, telephone line, or load; or it can de- 
liver alternating-current, direct-current, or radio- 
frequency power. 

walls The sides of the groove cut into a record disc. 

wall socket A male or female socket usually 
mounted in a protective box or can and recessed 
in a wall. Such a device can provide easy access 
to an antenna, telephone line, or load; or it can 
deliver alternating-current, direct-current, or 
radio-frequency power. 

wall speaker See WALL PLAQUE. 

wall switch A switch usually mounted in a protec- 
tive box or can and recessed in a wall. 

wall telephone A wall-mounted telephone set. It 
generally fits over the jack, so the only cord is be- 
tween the main unit and the receiver. 

wall-through tube See LEAD-IN TUBE. 

Walmsley antenna A phased array consisting of 
several full-wavelength loops. 

wamoscope A radar display tube that performs 
several microwave-receiver functions (detection, 
oscillation, amplification, etc.) as well as display- 
ing an image. The name is an acronym for wave- 
modulation oscilloscope. 

wander See SCINTILLATION, 1. 

WAP Acronym for WIRELESS ACCESS PROTOCOL. 

warble 1. A periodic rise and fall in the pitch of a 
musical tone or combination of tones. 2. To rise 
and fall in pitch with a definite period. 

warble-tone generator An audio-frequency oscil- 
lator whose frequency is varied at a subaudible 
rate over a fixed frequency range. 
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warm junction The heated junction in a two- 
junction thermocouple circuit. Also called HOT 
JUNCTION. Compare COLD JUNCTION. 

warmup The process of stabilizing an electronic 
equipment by allowing its temperature to rise to 
the optimum level. 

warmup time The time required for an electronic 
circuit to become fully operational, or to stabilize, 
after the power has been switched on. 

warning bell (buzzer) A bell (or buzzer) used as an 
audible alarm in a WARNING DEVICE. 

warning device A device, such as an electronic sig- 
naler, for alerting a person to an emergency (in- 
trusion on premises, danger to life and safety, 
etc.) or to the existence of an intrusion into a se- 
cured area. 

warning lamp See WARNING LIGHT. 

warning light A lamp used as a visual alarm ina 
warning device. 

warpage Distortion of the normally straight sides 
of a triangular wave. 

warping In multimedia computer graphics, a 
change in the shape of an object that occurs 
smoothly over a period of time. 

WAS Amateur radio abbreviation of Worked All 
States, an award given to operators who have en- 
gaged in verified two-way communication with 
stations in all states of the United States. 

washer capacitor A very thin donut capacitor. 

washer resistor A resistor made in the general 
shape of a washer or ring and having a center 
hole for a mounting screw or stacking rod. 

washer thermistor A thermistor made in the gen- 
eral shape of a washer and having a center hole 
for a mounting screw or stacking rod. 

washer varistor A varistor made in the general 
shape of a washer and having a center hole for a 
mounting screw or stacking rod. 

washout process A method of fabricating bipolar 
transistors. The contact metal is deposited in the 
diffusion hole. 

waste instruction In a computer program, an in- 
struction not meant to be acted upon (e.g., one 
used to take up space in the listing for some rea- 
son). Also called null instruction and dummy in- 
struction. 

watch A work shift, as of electronic personnel (e.g., 
radio station operators). 

watchcase receiver An earphone enclosed in a 
small, round case with a screw-on cap. It is derived 
from its resemblance to a large pocket watch. 

water absorption For a solid material, such as a 
dielectric, the ratio of the weight of water ab- 
sorbed by the material to the weight of the mate- 
rial. 

water-activated battery A battery that contains 
all the ingredients of its electrolyte, except water, 
which must be added when the battery is put into 
service. 

water adsorption The formation of a thin layer of 
water molecules on the surface of normally dry 
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material, but not by absorption. Also see AD- 
SORPTION. 

water analogy The useful, but not wholly accu- 
rate, teaching device of comparing an electric 
current with the flow of water. In such a compar- 
ison, voltage is shown equivalent to water pres- 
sure, and current to the quantity (e.g., gallons) of 
water flowing in unit time. 

water battery A primary battery or cell using water 
as the electrolyte. 

water calorimeter A calorimeter used to measure 
power in terms of the increase in temperature of 
water heated by the electrical energy. 

water capacitor An emergency capacitor made by 
setting one glass of water in another larger jar of 
water so that the two bodies of water are sepa- 
rated by the walls of the smaller jar. The bodies of 
water, in which an electrolyte has been dissolved, 
form the “plates” of the capacitor, and the wall of 
the smaller jar serves as the dielectric between 
them. 





Electrode 


water capacitor 


water-cooled tube A power tube, such as a large 
radio transmitting tube, cooled by the circulation 
of water in the space between the outside of the 
tube envelope and a surrounding jacket. 

water cooling A method of cooling components by 
pumping water through pipes surrounding them. 

water-flow alarm An electronic circuit that actu- 
ates an alarm when the flow of water through 
pipes or other channels changes from a predeter- 
mined rate. 

water-flow control A servo system for automati- 
cally maintaining or adjusting the flow of water 
through pipes or other channels. 

water-flow gauge See WATER-FLOW METER. 

water-flow indicator See WATER-FLOW METER. 

water-flow meter An instrument used to monitor 
the flow of water through pipes or other channels, 
sometimes showing its direction as well as its 
rate. 

water-flow switch In water-cooled systems (e.g., 
water-cooled tubes), a switch that actuates an 
alarm when the water slows or stops. 
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water glass Sodium silicate, a substance used as a 
fireproofing agent and protective coating. 

water ground An earth connection made by drop- 
ping a weighted wire into a body of water. 

water jacket In a water-cooled device, the outer 
jacket that, along with the outer wall of the cooled 
component, forms a space through which the 
cooling water flows. 

water-level control A servo system that automati- 
cally maintains or adjusts the level of water in- 
side a tank or other container. 

water-level gauge An electronic system that gives 
direct water level readings inside a tank or other 
container. 

water-level indicator See WATER-LEVEL GAUGE. 

water load 1. A makeshift, power-dissipating re- 
sistive load (see DUMMY LOAD) consisting of a 
container of tap water or saltwater into which two 
wires are immersed. 2. A waveguide termination 
containing water heated by the microwave en- 
ergy. It is usable as a water calorimeter. 

water monitor A sensitive electronic instrument 
for checking radioactivity in a water supply. 

water-pipe ground An earth connection made by 
running a wire to the nearest cold-water pipe. 
This scheme works only with metal pipes devoid 
of insulating joints or splices. 

water power Hydroelectric power (i.e., electrical 
energy produced by generators driven by water). 

water-pressure alarm An electronic circuit that 
actuates an alarm when water in pipes or other 
channels changes from a predetermined level. 

water-pressure control A servo system for auto- 
matically maintaining or adjusting water pres- 
sure in pipes or other channels. 

water-pressure gauge See WATER-PRESSURE 
METER. 

water-pressure indicator See WATER-PRESSURE 
METER. 

water-pressure meter An instrument that directly 
indicates water pressure in a pipe or tank. 

water-pressure switch A switch that actuates an 
alarm when water pressure rises or falls. 

water pump Ina water-cooled electronic system, the 
(usually rotary) pump that circulates the water. 

water resistor An electrolytic resistor in which the 
electrolyte is tap water or diluted saltwater. 

water rheostat A variable water resistor. Usually, 
the resistance is varied by moving the immersed 
electrodes closer together or farther apart. 

water tester An instrument for checking pH, elec- 
trical resistance, and other properties of water. 

water witching Locating underground water by 
electronic methods. 

WATS Acronym for Wide Area Telephone Service. A 
form of long-distance telephone service. Rates are 
charged on a different basis than normal long- 
distance service. The system is especially favored 
by businesses because it saves money for sub- 
scribers making a large number of calls in each 
billing period. 
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watt Abbreviation, W. The practical unit of electric 
and other power. One watt is dissipated by a re- 
sistance of 1 ohm through which a current of 
1 ampere flows. See also KILOWATT, MEGA- 
WATT, MICROWATT, and MILLIWATT. 

wattage Electrical power, especially when ex- 
pressed in watts. 

wattage rating 1. The recommended output power 
of a device. 2. The recommended power dissipa- 
tion of a device. 

watt current The component of alternating cur- 
rent that is in phase with voltage. Also called 
RESISTIVE CURRENT. Compare REACTIVE 
CURRENT. 

watt-decibel conversion The conversion of a 
power level, such as the power output of an am- 
plifier, in watts to the corresponding power level 
in decibels, with respect to a reference level. 
Thus, n dB = 10 logio(P/P,e,), where P is the power 
of interest (watts), and P,er is the reference level 
(e.g., one milliwatt). 

watt-hour Abbreviation, WH. The unit of electrical 
energy or work; 1 WH = 3600 joules = 10° 
kWH. Also see ENERGY, KILOWATT-HOURS, 
POWER, and WATT-SECOND. 

watt-hour capacity The number of watt-hours 
that a storage battery can deliver reliably and 
safely under specified operating conditions. 

watt-hour-demand meter A combination watt- 
hour meter and demand meter. 

watt-hour efficiency For a storage battery, the 
ratio of watt-hours output to watt-hours of 
recharge. 

watt-hour constant In an electric-energy meter, 
the number of watt-hours in one revolution of the 
indicating disk. 

watt-hour meter An instrument for measuring 
electrical energy in watt-hours. One well-known 
type consists essentially of a small motor geared 
to a row of four dial indicators. An eddy-current 
disk keeps the motor speed proportional to the 
watt-hours consumed by a load, a value which is 
the sum of the readings of the dials. Also called 
SERVICE METER and KILOWATT-HOUR ME- 
TER. 

wattless current The component of alternating 
current that is out of phase with voltage. Also 
called REACTIVE CURRENT. Compare RESIS- 
TIVE CURRENT. 

wattless power The apparent power in a reactive 
circuit, indicated by the product of volts and am- 
peres. There is no actual power consumption be- 
cause the power taken by a reactance during a 
half-cycle is returned to the generator during the 
next half-cycle. Also see AC POWER, APPARENT 
POWER, REACTIVE KILOVOLT-AMPERES, and 
REACTIVE VOLT-AMPERES. 

wattless volt-amperes See WATTLESS POWER. 

wattless watts See WATTLESS POWER. 

wattmeter Abbreviation, WM. An instrument used 
to measure electrical power. The scale usually 
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reads directly in watts, kilowatts, milliwatts, or 
microwatts. Also see ELECTRONIC WATTMETER. 

watt-second Abbreviation, Ws. A small unit of 
electrical energy or work; 1 watt-second = 1 joule 
= 1/3600 watt-hour. Also see ENERGY and 
POWER. 

watt-second constant In an electric-energy meter, 
the number of watt seconds in one revolution of 
the indicating disk. 

wave 1. A single oscillation of some property of 
matter or space, such as density, displacement, 
or field strength. It moves outward from a point of 
disturbance and grows weaker as it travels far- 
ther. Wave motion is associated with mechani- 
cal vibration, sound, radio, heat, light, 
X rays, gamma rays, and cosmic rays. See 
SOUND and WAVELENGTH. 2. A single cycle of 
alternating or pulsating current or voltage. Also 
see AC VOLTAGE, ALTERNATING CURRENT, 
PULSATING DC VOLTAGE, and PULSATING DI- 
RECT CURRENT. 

wave absorption The removal of energy from elec- 
tromagnetic waves as they pass through certain 
media, such as solid bodies, water, and the atmo- 
sphere. Compare POLARIZATION, WAVE RE- 
FLECTION, and WAVE REFRACTION. 

wave amplitude The peak value of a wave. Also see 
WAVE CREST and WAVE TROUGH. 

wave analyzer An instrument consisting essen- 
tially of a continuously tunable bandpass filter 
and an electronic alternating-current voltmeter. 
As the filter is tuned successively to the funda- 
mental frequency of a complex wave and to its 
various harmonics, the voltmeter shows the am- 
plitude of each of the components. Also see HET- 
ERODYNE WAVE ANALYZER. 

wave angle The angle, measured with respect to 
the horizon, at which a radio wave is transmitted 
or received. 

wave antenna See BEVERAGE ANTENNA. 

wave attenuation The reduction of wave ampli- 
tude, with respect to distance from the source. 

waveband A band of radio frequencies. Also called 
FREQUENCY BAND. 

waveband switch See BANDSWITCH. 

wave beam Unidirectional radiation from a direc- 
tive antenna. 

wave bounce See WAVE REFLECTION. 

wave clutter Radar interference caused by waves 
on a body of water, particularly large swells on 
the ocean. 

wave converter A waveguide part, such as a baf- 
fle-plate or grating, that changes a wave pattern 
from one type to another. 

wave crest The maximum value of a wave enve- 
lope. Compare WAVE TROUGH. 

wave cycle Acomplete single alternation of a wave. 

wave direction The direction in which an electro- 
magnetic wave travels. It is perpendicular to the 
wave front and depends (whether it is forward or 
backward) upon the direction of the electric and 
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magnetic components. If either is reversed, wave 
direction reverses; if both are reversed, the direc- 
tion remains unchanged. 

wave duct 1. See DUCT, 1. 2. A tubular waveguide 
in which wave propagation is concentrated. 

wave envelope The outline described by the vari- 
ous amplitude peaks of the cycles in an ampli- 
tude-modulated wave. The envelope frequency is 
equal to the modulating frequency. 


wave envelope 


wave equation A second-degree partial differential 
equation whose solution describes wave phenom- 
ena. 

wave filter A circuit or device that offers different 
amounts of attenuation to signals of different fre- 
quencies. See BANDPASS FILTER, BAND- 
SUPPRESSION FILTER, HIGH-PASS FILTER, and 
LOW-PASS FILTER. 

waveform The shape of a wave described in terms 
of its resemblance to some well-known figure or 
to its conformity to the curve of the applicable 
wave equation (e.g., sinusoidal, square, sawtooth, 
cosine, rectangular, and triangular). 

waveform-amplitude distortion See AMPLITUDE 
DISTORTION. 

waveform analyzer See WAVE ANALYZER. 

waveform converter A circuit or device for chang- 
ing a signal of one waveform (such as a sine wave) 
into one of another waveform (such as a pulse or 
square wave). 

waveform distortion The malfunction evidenced 
by a change of the waveshape of a signal passing 
through a circuit. 

waveform error In a quantity displayed by an 
alternating-current test instrument, an error 
caused by the waveform of the measured signal. 
Thus, a voltmeter calibrated with a sine-wave 
voltage is subject to error when a measured sig- 
nal is nonsinusoidal. Also called waveform effect. 

waveform generator See FUNCTION GENERATOR. 

waveform influence See WAVEFORM ERROR. 

waveform monitor In television operations, an os- 
cilloscope that continuously displays the video 
waveform. 

waveform synthesizer A variable-frequency signal 
generator that allows the tailoring of waveshape 
to suit individual applications. A function genera- 
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tor (see FUNCTION GENERATOR, 1) is such an 
instrument, but it usually provides only a choice 
of common waveshapes. 

wave front For a radio wave, the plane that is par- 
allel to the perpendicular electric and magnetic 
lines of flux. The wave propagates at right angles 
to this plane. 

wave function A point function in a wave equa- 
tion, specifying wave amplitude. 

wave group The resultant of several different- 
frequency waves traveling over a common path. 

waveguide A transmission line used at ultra-high 
and microwave radio frequencies. It is a hollow 
metal pipe with a rectangular or circular cross 
section. A rectangular waveguide must have 
sides measuring at least 0.5 wavelength and 
preferably more than 0.7 wavelength. A circular 
waveguide should be at least 0.6 wavelength in 
diameter, and preferably 0.7 wavelength or more. 
The characteristic impedance (Zo) varies with fre- 
quency. In this sense, it differs from coaxial or 
parallel-wire lines, whose Zp values are indepen- 
dent of frequency. 

waveguide apparatus See WAVEGUIDE COMPO- 
NENTS. 

waveguide attenuator A device, such as an inter- 
posed energy-absorbing plate, for signal attenua- 
tion in a waveguide. 

waveguide choke flange A waveguide flange that 
presents no impedance to the signal, and which 
need not be metallic for continuity. 

waveguide component A device adapted for con- 
nection to, or insertion into, a waveguide system. 
Such components include waveguide parts and 
accessories (e.g., splicing hardware, attenuators, 
loads, wavemeters, etc.). 

waveguide connector A fitting for joining wave- 
guides for the efficient propagation of a signal. 

waveguide coupling See WAVEGUIDE CONNEC- 
TOR. 

waveguide critical dimension The cross-sectional 
dimension that determines the cutoff frequency 
for a waveguide. 

waveguide cutoff In a waveguide, the highest or 
lowest frequency that can be propagated with less 
than a specified amount of attenuation per unit 
length. 

waveguide directional coupler A directional cou- 
pler made of two parallel waveguides with a com- 
mon wall. Two slots cut in the wall allow part of 
the microwave energy propagated in one direction 
in the main waveguide to be extracted, and en- 
ergy traveling in the opposite direction to be re- 
jected. 

waveguide dummy load A waveguide section that 
dissipates the microwave energy entering it. 

waveguide elbow 1. A curved bend in a wave- 
guide. 2. A waveguide connector with a bend. 

waveguide flange A flat, liplike fitting at the end of 
the pipe of a waveguide. It fastens waveguide 
sections together or attaches a waveguide 
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Resistor Resistor 
plate rod 


Conducting wires 


Carbon-coated cloth 


Button resistor . 
or graphited sand 


waveguide dummy load 





Greater 
than 2A 


Greater 
than 2A 


waveguide elbow 


component, equipped with an identical flange, to 
the end of a waveguide. 

waveguide frequency meter 
WAVEMETER. 

waveguide gasket A gasket that provides electrical 
continuity between mating waveguide sections. 

waveguide grating An array of wires mounted in- 
side a waveguide, and that passes signals at 
some frequencies while obstructing others. 

waveguide impedance Where the power P is 
known, and voltage E and current I are defined, 
with respect to a type of wave and waveguide, the 
value is either E?/P or P/I?. 

waveguide junction A fitting that allows one 
waveguide section to be joined at an angle to an- 
other section. See, for example, WAVEGUIDE 
TEE and WAVEGUIDE WYE. 

waveguide lens A microwave lens consisting of 
waveguide sections that provide the required 
phase shifts. 

waveguide load See WAVEGUIDE DUMMY LOAD. 

waveguide mode The form of propagation indi- 
cated by the field pattern in a plane transverse 
to the direction in which energy is propa- 
gated through a waveguide. Common modes are 
TRANSVERSE ELECTRIC MODE, also called TE 
mode, and TRANSVERSE MAGNETIC MODE, 
also called TM mode. 

waveguide mode suppressor A filter that sup- 
presses undesired propagation modes in a wave- 
guide. 

waveguide phase shifter A shifter for adjusting 
the phase of waveguide output energy, with re- 
spect to input energy. 

waveguide plunger A plunger-like device that re- 
flects incident microwave energy in a waveguide. 


See WAVEGUIDE 
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waveguide post A transverse rod inside a wave- 
guide that acts as a parallel susceptance. 

waveguide probe A pickup probe (tip or loop, as 
required) for sampling the field inside a wave- 
guide, or a similar injection probe for introducing 
energy into a waveguide. Also see WAVEGUIDE 
SLOTTED LINE. 

waveguide propagation 1. The transmission of 
microwave energy through a waveguide by suc- 
cessive reflections between the inner walls. 
2. Propagation of very-high-frequency (VHF), ultra- 
high-frequency (UHF), or microwave electromag- 
netic fields through an atmospheric duct (see 
DUCT, 1), as if through a waveguide. 3. Propaga- 
tion of very-low-frequency (VLF) electromagnetic 
fields through a waveguide-like duct between the 
ionosphere and the earth’s surface. 

waveguide radiator An antenna consisting of an 
open-ended waveguide with or without a horn. It 
radiates microwave energy into space or to a re- 
flector. 

waveguide resonator A waveguide section used as 
a cavity resonator (see RESONANT CAVITY). 

waveguide seal A protective cover for the end ofa 
waveguide. The seal introduces very little mi- 
crowave attenuation, while preventing entry of 
moisture and debris. 

waveguide shim A thin, pliable metal sheet inserted 
between mating waveguide components for electri- 
cal continuity. Also see WAVEGUIDE GASKET. 

waveguide shutter An adjustable mechanical bar- 
rier, such as a rotatable vane, inserted into a 
waveguide to block or divert microwave energy. 

waveguide slotted line A section of waveguide 
having a slot that accommodates a movable 
probe or coupling element. 

waveguide slug tuner A quarter-wave dielectric 
slug inserted into a waveguide so that its amount 
of penetration and position can be adjusted for 
tuning purposes. 

waveguide stub A stub consisting of a waveguide 
section joined to a main waveguide at an angle 
and provided with a nondissipative termination. 

waveguide stub tuner An adjustable piston in a 
waveguide stub for tuning purposes. 

waveguide switch A switch consisting of a mov- 
able section of waveguide that can be positioned 
for coupling to one of several other waveguide 
sections; it thus passes the energy it receives to 
any of the other sections. 

waveguide system Microwave “plumbing” consist- 
ing of waveguides, their fittings and accessories, 
and associated components (such as attenuators, 
loads, wavemeters, etc.). 

waveguide taper A connector that is flared to allow 
coupling between two waveguide sections having 
different cross-sectional sizes. 

waveguide tee In a waveguide assembly, a tee- 
shaped junction used to connect a section of 
waveguide in series or parallel with another 
section. 
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waveguide transformer A waveguide component 
that functions as an impedance transformer. 

waveguide tuner In a waveguide system, an ad- 
justable tuner providing impedance transforma- 
tion. 

waveguide twist A length of waveguide whose 
cross section is rotated around the longitudinal 
axis (e.g., from vertical to horizontal). 


Greater 
than 2A 


a, 


waveguide twist 


waveguide wavelength In a uniform waveguide 
operating at a given frequency and in a particular 
mode, the distance between similar points for 
360° phase shift. 

waveguide wavemeter A waveguide component 
that acts as an absorption wavemeter or trans- 
mission wavemeter for identifying microwave 


frequencies. 
Voltmeter 
Voltage probe Slot for sliding 
probe along guide 


Metal cylinder 





Movable Wave of 
plunger energy 
--——-> Energy 


waveguide wavemeter 


waveguide wedge See WEDGE, 1. 

waveguide window A thin metal opening mounted 
transversely inside a waveguide for impedance- 
matching purposes. The edges of the slit in a ca- 
pacitive window are perpendicular to the electric 
field; in an inductive window, they are parallel to 
the electric field. 

waveguide wye In a waveguide assembly, a wye- 
shaped junction for joining three waveguide sec- 
tions. 

wave heating Heating a material by energy ab- 
sorbed from traveling electromagnetic waves. 

wave interference Interaction between two or 
more waves, resulting in reinforcements and can- 
cellations of energy. 
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wavelength Unit, meter. The displacement in one 
complete wave of an alternating or vibrating phe- 
nomenon, generally measured from crest to crest 
or from trough to trough of successive waves. For 
electromagnetic waves in free space, the wave- 
length in meters is equal to 3 x 108 divided by the 
frequency in Hertz. Also see WAVELENGTH- 
PERIOD-FREQUENCY RELATIONSHIPS. 


Waveloneth 
Positive 






Negative 


wavelength 


wavelength constant The imaginary-number 
component of the propagation constant. 

wavelength shifter 1. A frequency shifter whose 
performance is indicated in units of wavelength, 
rather than in units of frequency. 2. In certain 
photosensitive cells and tubes, a photofluores- 
cent substance that raises the efficiency of the 
device by absorbing photons and then releasing 
ones of longer wavelength. 

wave mechanics A theory of matter that views 
subatomic particles as complex wave patterns, 
and attempts to account for all physical pro- 
cesses in terms of wave phenomena. 

wavemeter An instrument for measuring the wave- 
length or frequency of radio waves. One form con- 
sists of a series-resonant circuit containing an 
inductor, variable capacitor, and diode-type me- 
ter. The dial of the capacitor is calibrated to read 
in MHz. The inductor picks up energy from the 
radio-frequency source of unknown frequency, 
the capacitor is tuned for peak deflection of the 
meter, and the unknown frequency is read from the 
dial. This instrument is often called an absorption 
wavemeter because it absorbs a certain amount of 
power from the signal source under test. See also 
CAVITY WAVEMETER, COAXIAL WAVEMETER, 
LECHER WIRES, and SLOTTED LINE. 

wave motion Undulating motion (e.g., up and 
down, and side to side). An electromagnetic wave 
has undulating electric and magnetic compo- 
nents that are both in phase and perpendicular 
to each other and to the direction of propagation 
of the wave. 

wave normal 1. The direction of propagation of an 
electromagnetic wave. 2. A unit vector directed at 
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a right angle to both the electric and magnetic 
lines of flux in an electromagnetic wave. 

wave number The reciprocal of wavelength. This 
number denotes the number of waves per unit 
distance. 

wave packet A short pulse composed of waves. 

wave packets Radiant energy resulting from a 
number of wave trains of different wavelength. 

wave path The line along which a WAVE TRAIN is 
propagated. 

wave polarization The direction (horizontal or ver- 
tical) of wave undulations (i.e., the plane of the 
undulations, with respect to the direction of 
propagation). In general, a vertical antenna 
radiates a vertically polarized wave, and a 
horizontal antenna radiates a _ horizontally 
polarized wave. 

wave propagation The movement of waves 
through space or through some medium. Electro- 
magnetic waves travel through space at the speed 
of light (approximately 3 x 10° meters, or 186,000 
miles, per second) and, like light, can be reflected 
and refracted. 

wave reflection The reflection of electromagnetic 
waves by an obstruction, such as a solid body or 
a layer of the ionosphere. Compare WAVE AB- 
SORPTION, WAVE POLARIZATION, and WAVE 
REFRACTION. 

wave refraction Bending of the line of propagation 
of electromagnetic waves as they pass through 
various media, such as the troposphere or the 
ionosphere. Compare WAVE ABSORPTION, 
WAVE POLARIZATION, and WAVE REFLECTION. 

waveshape The overall contour of a wave—espe- 
cially as revealed by a curve plotted for the par- 
ticular wave equation. Also see WAVEFORM. 

waveshaping circuit A circuit that receives an in- 
put signal having a certain waveshape, and deliv- 
ers an output signal having a different waveshape. 
For example, a squaring circuit converts a sine 
wave into a square wave at the same frequency. 

wave surface See WAVE FRONT. 

wave tail Ina decaying pulse or signal envelope, the 
interval between the beginning of the decay and 
the point at which the amplitude reaches zero. 

wave telegraphy See RADIOTELEGRAPHY. 

wave telephony See RADIOTELEPHONY. 

wave theory of matter A physical theory that the 
charge of an electron is distributed in space, 
rather than being focused at a point. Also see 
WAVE MECHANICS. 

wave tilt A slight forward tilt of the electric flux 
lines in a radio wave radiated at the surface of the 
earth by a vertical antenna. 

wave train A series of identical electromagnetic 
wave cycles propagated at equal intervals; an 
electromagnetic energy burst lasting at least sev- 
eral cycles. 

wavetrap A resonant circuit consisting of an in- 
ductor and capacitor, either or both of which can 
be adjustable for tuning, used to remove (trap) a 
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Input Output 


wavetrap 


signal at the resonant frequency from a signal 
mixture. 

wave trough The minimum value of a wave enve- 
lope. Compare WAVE CREST. 

wave velocity The distance per unit time traversed 
by a wave passing through a given medium. 

wave winding See DRUM WINDING. 

wa-wa pedal A foot-operated device used with an 
electronic musical instrument to produce a “wah- 
wah” sound fluctuation. 

wax 1. Any of a series of organic materials having 
important uses as dielectrics, impregnants, seal- 
ers, and lubricants in electronics. They are usu- 
ally solid or semisolid, waterproof, and easily 
melted. 2. In certain phonograph record discs, a 
blend of wax (see 1, above) and metallic soaps. 
Also see WAX MASTER, 2. 

wax cake See WAX MASTER, 1, 2. 

wax capacitor A fixed capacitor that has been 
dipped in or impregnated with a wax, such as 
halowax. 

wax-dipped capacitor A fixed capacitor that has 
been dipped in a wax for sealing against moisture. 

waxed paper See WAX PAPER. 

wax-filled capacitor A fixed capacitor impregnated 
with a wax for enhancing the properties of its di- 
electric (usually paper) and sealing the capacitor 
unit. 

wax master 1. In disc-recording operations, the 
original recording made on a wax-surface disc. 
2. To make an original recording on a wax- 
surface disc. 

wax original See WAX MASTER. 

wax paper Wax-saturated paper used as a dielec- 
tric film in fixed capacitors and as an insulator. 

way-operated circuit A single or duplex circuit 
shared by three or more party stations. 

way point An important point selected on a ra- 
dionavigational course line. 

way station A station consisting of a teletypewriter 
connected at an intermediate point in a line (i-e., 
between, and in series with, other teletypewriter 
stations). 
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WAZ Amateur radio abbreviation of Worked All 
Zones, an award given to operators who have car- 
ried on verified two-way communication with sta- 
tions in all communications zones of the world. 

WB Abbreviation of weather bureau. 

Ws, Abbreviation of base-region width (in a transis- 
tor). 

Wb Symbol for WEBER. 

Wb/m? Abbreviation of Webers per square meter 

(see TESLA). 

Abbreviation of collector-region width (in a tran- 
sistor). 

WCEMA Abbreviation of West Coast Electronic 
Manufacturers’ Association. 

W/cm? Abbreviation of watts per square centime- 
ter. 

WE Abbreviation of write enable. 

We, Abbreviation of emitter-region width (in a tran- 
sistor). 

weak battery 1. A battery that has been depleted 
to the point that its output (no-load or full-load) is 
too low to be useful. 2. A battery specially de- 
signed for low-voltage output. 

weak color Lack of color vividness or poor contrast 
between colors in a color-television picture. The 
condition is often caused by some malfunction in 
the chroma demodulator(s). 

weak contrast In a television picture, poor differ- 
entiation of adjacent tonal areas. 

weak coupling See LOOSE COUPLING. 

weak current An extremely small electric current. 
The term is relative; generally, it refers to cur- 
rents of a few microamperes or less. 

weak magnet 1. A magnet whose power has dete- 
riorated considerably below a prescribed level. 
2. A body that normally is only slightly magnetic. 

weak signal A signal whose amplitude is very low 
compared with that of signals considered satis- 
factory in a given application. Although the term 
is relative, it usually implies a signal that is non- 
competitive with other signals in a given environ- 
ment. 

weak-signal detector A detector in which, at low 
input-signal amplitudes (weak-signal levels), 
the direct-current output is proportional to the 
square of the root-mean-square (rms) value of the 
input-signal voltage. 

wearout The complete deterioration of a compo- 
nent or system (i.e., beyond restoration to useful 
service). 

wearout failure Failure because of wearout, which 
can be predicted on the basis of known lifetime 
and the deterioration characteristics of compo- 
nents and equipment. 

wearout point The instant of wearout, in terms of 
power output, watt-hour capacity, or some other 
specification. 

weather antenna An antenna dimensioned for 
reception exclusively in the 162.4- to 162.55- 
MHz weather band. See WEATHER TRANSMIS- 
SION. 


We 
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weathering Deterioration of electronic equipment 
as a result of exposure to outdoor heat, cold, 
moisture, wind, and similar conditions. 

weather-protected machine A machine (usually a 
generator or motor) whose vent holes are de- 
signed to prevent entry of dust, water, and debris. 

weather protection The coating, sealing, or treat- 
ing of electronic equipment for protection against 
corrosion, humidity, and temperature changes in 
outdoor use. 

weather satellite A satellite designed to photo- 
graph weather systems in infrared and/or visible 
light, and relay the pictures to earth via facsimile 
or television. 

weather sonde See RADIOSONDE. 

weather transmission The radio transmission of 
meteorological reports. Sometimes the transmis- 
sions are combined with guidance transmissions, 
from which they can be separated by means of a 
filter in the receiver. 

weber Abbreviation, Wb. The SI unit of magnetic 
flux and of the magnetic flux quantum; 1 Wb = 
10® maxwells = 1.257 x 10-7 unit pole. 

Weber-Fechner law The law expressing the rela- 
tionship between a stimulus and the physiologi- 
cal reaction it produces: The sensation is 
proportional to the logarithm of the stimulus. 

weber per square meter Symbol, Wb/m?. See 
TESLA. 

weber turn A unit of magnetic flux linkage equal to 
108 maxwell turns. 

wedge 1. In a waveguide, a termination consisting 
of a tapered block or plate of carbon (or other dis- 
sipative material). 2. In a television test pattern, 
convergent, equally spaced lines for checking res- 
olution. 

wedge bonding In integrated-circuit fabrication, a 
method of bonding in which a thermocompres- 
sion bond (see COLD-COMPRESSION WELDING) 
is obtained through pressure from a wedge- 
shaped tool. 

Wehnelt cathode An oxide-coated cathode in an 
electron tube. 

Wehnelt cylinder In a cathode-ray tube, the 
cathode-enclosing cylinder that concentrates the 
electrons emitted by the cathode. 

weight 1. The amount of gravitational pull on a 
body or particle. 2. Extra significance given to a 
term or value. See, for example, WEIGHTED 
TERM. 3. The dot-to-space ratio in a Morse-code 
signal. 

weight-density Symbol, d. Unit, kg/m°. The 
weight per unit volume of a liquid, such as an 
electrolyte or insulating oil; also called density. 

weighted distortion factor In the measurement of 
harmonic distortion, a factor whose use allows 
the harmonics in the complex waveform to be 
weighted in proportion to their relationship. 

weighted noise level Unit, dBm. The noise level 
weighted with respect to the 70-dB equal- 
loudness contour of hearing. 
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weighting 1. Adjustment of a parameter to com- 
pensate for some imbalance in a system. 2. Ad- 
justment of the dot-to-space ratio in a Morse code 
signal. 3. Adjustment of the mark-to-space ratio 
in a digital communications signal. 

weighting filter A filter used in a communications 
network to represent the characteristics of the 
transmission passband. 

weighting network A network that weighs differ- 
ently (in a prescribed ratio) the frequency compo- 
nents appearing in an output signal by offering 
unequal attenuation to those frequencies. 

weightlessness switch See ZERO-GRAVITY 
SWITCH. 

Weir circuit In frequency-modulated signal trans- 
mission, a circuit used to stabilize the carrier 
wave. It compares the average carrier frequency 
with the frequency of a standard crystal oscilla- 
tor, obtaining a direct-current compensating volt- 
age (proportional to frequency deviation) that is 
applied to the frequency modulator. Also called 
Weir stabilization circuit. 

Weiss constant In paramagnetism, a constant 
also known as paramagnetic Curie temperature. It 
can be positive or negative, depending on the par- 
ticular paramagnetic material. It is important in 
defining the behavior of certain paramagnetic 
substances. 

weld A strong bond of materials (usually metals) 
obtained by applying heat to areas to be joined 
while they are held or pressed together. No for- 
eign metal is used, as is the case in brazing and 
soldering. The required heat is sometimes ob- 
tained by passing a high electric current through 
the materials. 

welder 1. An electrical device, often electronically 
controlled, for welding materials. 2. A person who 
operates a device, as defined in 1. 

weldgate pulse In a welding device, the pulse that 
affects the arc current; therefore, it also affects 
the intensity of the heat produced by the device. 

welding control An electronic system for control- 
ling the interval during which current is passed 
through a workpiece in spot welding or seam 
welding. In this system, an electronic timer cir- 
cuit determines the conduction time of thyra- 
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trons, ignitrons, or silicon-controlled rectifiers in 
the welding circuit. The control system can also 
regulate the welding current. 

welding current The high electric current passed 
through a workpiece to produce the heat required 
for welding. 

welding cycle The required sequence of steps (and 
the time required) in making a weld electroni- 
cally. 

welding time See WELD TIME. 

welding transformer For electronic welding, a 
special very-high-current step-down transformer. 

weld junction See WELD. 

weld polarity The polarity of welding current. 
Some materials require a certain direction of cur- 
rent flow for a good weld. 

weld time The interval during which welding cur- 
rent flows through the bodies to be bonded to- 
gether. 

well counter A radiation-counter setup in which a 
radioactive sample and detector are enclosed to- 
gether in a thick-walled (usually lead) cylinder to 
minimize background count. 

well-structured language An advanced form of 
high-level computer programming language. It is 
used in graphical and control applications. 

Wenner element An adjustable, dual-slidewire 
balancing resistor used in constant-current, lab- 
oratory potentiometers to eliminate the necessity 
for sliding contacts in the measuring circuit. 

Wenner winding A low-capacitance, low-induc- 
tance winding for high-frequency wirewound 
resistors in which the direction of the wire is 
reversed by looping alternate turns along the 
form. 

Wertheim effect The tendency for a potential dif- 
ference to develop between opposite ends of a 
length of wire, when the wire is placed parallel to 
magnetic lines of flux and rotated. 

Western Union joint A strong splice of two wires 
made by tightly twisting a short portion of the tip 
of each wire along the body of the other. For in- 
creased ruggedness, the joint is often soldered. 
Also called Western Union splice. 

Weston cell See STANDARD CELL. 

Westrex system A system of sound recording in 
which signals from two separate microphone 
channels are recorded on opposite walls of a 
groove on a disc. 

wet battery A battery of cells having a liquid elec- 
trolyte. 

wet Liquid, especially pertaining to the electrolyte 
material in an electrochemical cell. 

wet cell A battery cell having a liquid electrolyte. 
Compare DRY CELL. 

wet-charged stand The length of time that a fully 
charged, wet storage cell can stand idle before its 
capacity drops by a specified amount. 

wet electrolytic capacitor An electrolytic capaci- 
tor in which the electrolyte is a liquid. The leak- 
age current in this type is higher than in the dry 
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electrolytic, but it is self-healing after momentary 
voltage breakdown. Compare DRY ELEC- 
TROLYTIC CAPACITOR. 

wet grab The adherence of a pressure-sensitive 
tape or sheet to a surface when very little pres- 
sure is used. 

wet rectifier See ELECTROLYTIC RECTIFIER. 

wet shelf life The specified shelf life of a dis- 
charged, wet storage cell. Compare DRY SHELF 
LIFE. 


wetted-contact relay See MERCURY-WETTED 
REED RELAY. 

wetting Applying a mercury coating to a contact 
surface. 


wetting agent A substance (such as an alcohol or 
ester) that promotes the spreading and adhesion 
of a liquid or its absorption by a porous material. 

WG Abbreviation of WIRE GAUGE. 

WH Abbreviation of WATT-HOUR. 

wh Abbreviation of WHITE. 

Wheatstone bridge A four-arm balancing circuit 
(see BRIDGE), having resistors in each arm and 
used to measure an unknown resistance in terms 
of a standard resistance. The bridge supply is usu- 
ally direct current, but alternating current can be 
used if all four resistances are nonreactive. 


Ry = Rx(Ro/R}) 


Wheatstone bridge 


wheel-drive locomotion The use of wheels for 
moving mobile apparatus such as robots. Offers 
simplicity and low cost. The main disadvantage is 
the inability to negotiate irregular terrain. 

Wheeler’s formula A formula for calculating the 
inductance of a multilayer air-core coil: 


L= (0.8a?2n?)/(6a + 91+ 10b) 


where L is in microhenrys, a is the mean radius 
(inches) of the winding (axis to center of cross 
section), bis the depth of winding (inches), lis the 
length of winding (inches), and nis the number of 
turns. 
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wheel pattern A frequency test pattern produced 
on an oscilloscope screen by z-axis modulation of 
a circular trace. A sinusoidal axis signal produces 
a gear-wheel pattern, and a square-wave or pulse 
z-axis signal produces a spot-wheel pattern. 

wheel printer A printout device for computers and 
calculators. It consists essentially of a rotating 
metal wheel around whose rim letters and num- 
bers stand in relief. When the desired character 
comes into position, a hammer strikes it through 
the recording paper and carbon paper, printing 
the character on the recording paper. Also called 
daisy-wheel printer. 

wheel static Static electricity (and the resulting 
radio interference) generated by friction between 
automobile tires and the road. 

whiffletree switch In computer operations, a mul- 
tiposition electronic switching circuit, so called 
from its circuit configuration, which resembles 
the contrivance used between a wagon and the 
horse team pulling it. 

whip antenna A small-diameter, vertical rod (often 
telescoping) used as an antenna—especially in 
mobile communications, portable radio and tele- 
vision receivers, field-strength meters, etc. 

whirl One of the circular, magnetic lines of flux 
around a straight wire carrying current. 

whisker 1. The pointer-wire electrode of a point- 
contact diode, point-contact transistor, or crystal 
detector. 2. A slender filament of metal or ce- 
ramic, having high purity and high tensile 
strength. 

whisker resistance In a semiconductor material, 
the resistance of a whisker component (see 
WHISKER, 1). 

Whiskey Phonetic alphabet code word for the letter 
w. 

whistle A high-pitched tone (e.g., a beat note or 
acoustic feedback). 

whistle filter A notch filter used to eliminate a 
whistle in an amplifier or other audio-frequency 
circuit. This filter can be of several versions, 
ranging from a simple resistance-capacitance 
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(RC) null circuit tuned to remove the offending 
frequency to a feedback-type band-suppression 
amplifier. 

whistle interference The appearance of extrane- 
ous whistles in audio-frequency circuits. In some 
equipment, whistles result from oscillating ampli- 
fiers; in radio receivers, they are usually audible 
beat notes (heterodynes) produced by interfering 
carriers. 

whistler A type of very-low-frequency (VLF) radio 
noise. They are thought to be caused by electro- 
magnetic fields from distant lightning strokes, 
circulating in the earth’s magnetic field. The 
name is derived from the peculiar sound the 
noise makes in a VLF radio receiver. 

whistler mode propagation Radio transmission 
from the northern hemisphere to the southern 
hemisphere along the flux lines of earth’s 
magnetic field. 

whistlestop See WHISTLE FILTER. 

whistling atmospheric See WHISTLER. 

white The color that results from mixing all the ad- 
ditive primary colors: red, green, and blue. 

white acid Hydrofluoric acid. Formula, HF. Used 
as an etchant, especially of glass. 

white brass Brass that is more than 49% zinc. 

white compression In television transmission, re- 
duction of gain at highlight levels in the picture. 

white-dot pattern In color-television tests with a 
dot generator, the one-white-dot pattern obtained 
when beam convergence has been secured. 

white lamp See DAYLIGHT LAMP. 

white level The lower-voltage point in a video sig- 
nal, corresponding to full brilliance of the line on 
the screen (i.e., to the condition of whiteness in 
the picture). 

white light See WHITE RADIATION, 2. 

white noise Random noise (acoustic or electric) 
equally distributed over a given frequency band, 
an example being the noise resulting from the 
random motion of free electrons in conductors 
and semiconductors. 

white-noise generator A test device that generates 
electrical noise over a wide frequency spectrum. A 
simple type uses a reverse-biased silicon diode, 
the output of which is useful for testing audio 
amplifiers and radio receivers. 

white-noise record A phonograph record contain- 
ing recorded bands of white noise, each accompa- 
nied by voice announcements (e.g., instructions), 
and used to test the frequency response of a 
sound system. 

white object A body that reflects and diffuses light 
of all wavelengths equally well. 

white peak In a television picture signal, the max- 
imum excursion in the white direction. 

white radiation 1. See WHITE NOISE. 2. Visible 
light radiated with more or less equal intensity 
throughout the visible spectrum; seen as gray or 
white. 

white raster See CHROMA-CLEAR RASTER. 
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white recording 1. In amplitude modulation, 
recording characterized by a correspondence of 
maximum received power to minimum recording- 
medium density. 2. In frequency modulation, 
recording characterized by a correspondence of 
lowest received frequency to minimum recording- 
medium density. 

white room See CLEAN ROOM. 

white saturation See WHITE COMPRESSION. 

white signal The facsimile signal (see FACSIMILE) 
corresponding to scanning the copy area having 
maximum density. 

white-to-black amplitude range 1. Ata pointina 
positive amplitude-modulated (AM) facsimile sys- 
tem (see FACSIMILE), the ratio (in dB) of signal 
current or voltage corresponding to white in the 
picture to that for black in the picture. 2. At a 
point in a negative AM facsimile system, the ratio 
(in dB) of signal current or voltage corresponding 
to black in the picture to that for white in the 
picture. 

white-to-black frequency swing At a point in a 
frequency-modulated facsimile system, the fre- 
quency difference fw -— fb, where fb is the fre- 
quency corresponding to black in the picture, and 
fw is the frequency corresponding to white. 

white transmission A system of picture or facsim- 
ile transmission in which the maximum copy 
darkness corresponds to the smallest amplitude 
(in an amplitude-modulated transmitter) or the 
highest instantaneous frequency (in a frequency- 
modulated transmitter). The opposite of BLACK 
TRANSMISSION. 

white X radiation X rays of the continuous, or 
general, type. 

whizzer An attachment that can improve the high- 
frequency reproduction in some audio loud- 
speakers. 

whole-number division Arithmetic division (as in 
the division of binary numbers) in which the quo- 
tient is a whole number (i.e., division in which the 
divisor is contained in the dividend an integral 
number of times). 

whorl See WHIRL. 

WHP Abbreviation of water horsepower. 

wick action 1. The absorption of a liquid by, and 
its flow through, a cloth or thread, such as a lamp 
wick or lubricating wick. 2. The flow of molten 
solder along and under the insulation of a wire. 

wicking See WICK ACTION. 

wide-angle diffusion A form of diffusion charac- 
terized by the wide-angle scattering of light; 
causes the source to have the same brightness at 
all viewing angles. 

wide-area network A group of computers linked 
together, but separated by large geographic dis- 
tances. Links can be made via telephone lines or 
radio. 

wide-area service A teletype network that operates 
over long-distance wire lines. 

Wide Area Telephone Service See WATS. 
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wideband 1. Having a bandwidth greater than the 
minimum necessary to transmit a signal with ac- 
ceptable intelligibility. 2. For a voice signal, hav- 
ing a bandwidth greater than 6 kHz. 3. Having 
the capability to operate, without adjustment, 
over a broad and continuous range of frequencies 
or wavelengths. 4. In a digital network, a channel 
having a bandwidth of more than 64 kbps but 
less than 2 Mbps. 

wideband amplifier An amplifier that exhibits rea- 
sonably flat response to a broad band of frequen- 
cies. The term is relative, depending on the 
application. 

wideband antenna An antenna that transmits or 
receives signals over a broad frequency range, 
usually without the need for tuning. 

wideband axis In a color-television signal, the di- 
rection of the fine chrominance primary phasor. 

wideband communications 1. Communications 
carried out over a band of frequencies wider than 
the minimum necessary for effective transfer of 
the information. 2. A method of transmitting and 
receiving signals by deliberately varying the 
channel frequency over a wide range. Also called 
spread-spectrum communications. 

wideband generator A signal generator covering a 
wide frequency range. Typical coverage in a labo- 
ratory-type instrument is 10 kHz to 1000 MHz. 

wideband oscilloscope An oscilloscope whose hor- 
izontal, vertical, and sweep channels operate over 
a wide band of frequencies. Although the term 
wideband is relative, a wideband oscilloscope is 
usually assumed to be capable of displaying both 
radio and audio frequencies. 

wideband ratio The ratio B1/B2, where B1 is fre- 
quency bandwidth and B2 is intelligence band- 
width. 

wideband receiver A radio receiver that can tune 
in signals over a broad range of frequencies. An 
example is a communications receiver that can 
cover 10 kHz to 30 MHz continuously. 

wideband repeater A repeater capable of operating 
over a wide range of input and output frequen- 
cies. Such repeaters are used in active commu- 
nications satellites handling many different 
channels at the same time. 

wideband signal generator See WIDEBAND GEN- 
ERATOR. 

wideband sweep 1. In the operation of an oscillo- 
scope, a repetitive sweep of the electron beam, 
the frequency of which is adjustable to any de- 
sired point within a wide range. The basic sweep 
rate in simple oscilloscopes is restricted to the 
audio-frequency spectrum (up to about 20 kHz), 
but a wideband sweep extends to much higher 
frequencies, typically several tens of MHz. 2. A 
sweep circuit that produces the wideband sweep 
action described in 1. 

wideband test meter An alternating-current (ac) 
meter that can measure quantities over a wide 
frequency range in its basic form (i.e., without 
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special external probes or converters). An exam- 
ple is an electronic ac voltmeter with a range ex- 
tending from 10 Hz to 2.5 MHz. 

wide-base diode A junction diode in which the p 
region is considerably wider than the n region. 

wide-open 1. Pertaining to wideband, untuned re- 
sponse. 2. Pertaining to maximum-gain operation 
(e.g., a wide-open amplifier or receiver). 

wide-range ammeter An ammeter that employs 
one or more shunt resistances to increase the 
full-scale deflection, usually by a power of 10 (10, 
100, 1000, etc.). The resistor must be capable of 
carrying the current without burning out. 
Shunts are used when it is necessary to measure 
very large currents, such as hundreds of am- 
peres. Shunts also allow a microammeter or mil- 
liammeter to be used as a multimeter with many 
current ranges. 

wide-range reproduction High-fidelity 
frequency reproduction. 

width 1. The horizontal dimension of a pulse, usu- 
ally corresponding to its effective duration; also 
called PULSE DURATION. 2. The horizontal di- 
mension of an image, such as a television picture. 
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width coding The modification of pulse duration 
according to a code. 

width coil See WIDTH CONTROL, 1. 

width control 1. In a television receiver, the vari- 
able component for adjusting the swing of the 
horizontal deflection voltage and, therefore, the 
width of the picture. It is often a slug-tuned coil 
connected in parallel with a portion of the sec- 
ondary winding of the horizontal output trans- 
former. 2. Sometimes, the horizontal gain control 
in an oscilloscope. 

width mode In electronic-counter operations, a 
time-interval mode in which the signal is 
measured. 
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width modulation Modulation of the interval dur- 
ing which a gate circuit is open. 

Wiedemann effect See DIRECT WIEDEMANN EF- 
FECT. 

Wiedemann-Franz law For metals that are good 
electrical conductors, the ratio of thermal con- 
ductivity to electrical conductivity is nearly con- 
stant, and is proportional to the absolute 
temperature. 

Wien bridge A frequency-sensitive bridge in which 
two adjacent arms are resistances and the other 
two adjacent arms are resistance-capacitance 
(RC) combinations. One of the latter contains re- 
sistance and capacitance in series; the other con- 
tains resistance and capacitance in parallel. 
Because the bridge can be balanced at only one 
frequency at a time, it is useful as a simple audio 
frequency meter (see BRIDGE-TYPE AF METER). 
It is used also for capacitance and resistance 
measurements. When inductors are substituted 
for the capacitors, the Wien bridge can be used 
for inductance measurements (See WIEN INDUC- 
TANCE BRIDGE). 
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Wien-bridge audio frequency meter See WIEN- 
BRIDGE FREQUENCY METER. 

Wien-bridge distortion meter A distortion meter 
in which a Wien bridge circuit is used to remove 
the fundamental frequency from the complex 
waveform. The bridge is inserted between ampli- 
fier stages, and its notch response is sharpened 
by means of overall negative feedback. 

Wien-bridge equivalent A resistance-capacitance 
null circuit, such as the parallel-tee (twin-tee) 
network, which has the same balance equation as 
the Wien bridge. 

Wien-bridge filter A Wien bridge used as a band- 
suppression filter (notch circuit). 

Wien-bridge frequency meter A bridge-type audio 
frequency meter in which the continuously vari- 
able frequency-selective circuit is a Wien bridge. 
Also see BRIDGE-TYPE AF METER. 
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Wien-bridge heterodyne eliminator A notch filter 
composed of a continuously variable Wien-bridge 
circuit (see WIEN BRIDGE). The device is con- 
nected in the audio-frequency channel of a radio 
receiver, and is tuned to remove a troublesome 
heterodyne whistle. 

Wien-bridge oscillator An oscillator in which the 
frequency-selective feedback network is a Wien- 
bridge circuit (see WIEN BRIDGE). Also see 
BRIDGE-TYPE OSCILLATOR. 





Wien-bridge oscillator 


Wien capacitance bridge A Wien bridge arranged 
for the measurement of unknown capacitance. 
Wien effect For an electrolytic substance, an in- 
crease in conductivity (decrease in resistivity) 
that occurs when a very large voltage is placed 
across the material. This voltage must be greater 

than approximately 1 megavolt per 50 cm. 

Wien inductance bridge A Wien bridge containing 
inductors in place of capacitors and used for the 
measurement of unknown inductance. 

Wien’s displacement law The wavelength of maxi- 
mum radiation of a black body is inversely pro- 
portional to the absolute temperature. 

Wien’s first law See WIEN’S DISPLACEMENT 
LAW. 

Wien’s laws See WIEN’S FIRST LAW, WIEN’S 
SECOND LAW, and WIEN’S THIRD LAW. 

Wien’s radiation law See WIEN’S SECOND LAW. 

Wien’s second law The emissive power of a black 
body is proportional to the fifth power of the ab- 
solute temperature. 

Wien’s third law An empirical law for the spectral 
distribution of energy radiated from a black body 
at a specified temperature. The distribution is a 
curve with a peak (maximum) at a wavelength 
that depends on the temperature. The higher the 
temperature, the shorter the wavelength at which 
maximum radiation occurs. 

willemite See ZINC ORTHOSILICATE PHOSPHOR 
and ZINC SILICATE PHOSPHOR. 

Williams tube A type of electrostatic cathode-ray 
storage tube. 

Wilson chamber See WILSON CLOUD CHAMBER. 

Wilson cloud chamber An airtight chamber con- 
taining water vapor or alcohol vapor at low pres- 
sure, and provided with a viewing window. 
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Radioactive particles penetrating the chamber 
are made visible as droplets form trails when the 
vapor condenses on them. 

Wilson effect Electric polarization of a dielectric 
material being moved in a magnetic field. 

Wilson electroscope A leaf-type electroscope (see 
ELECTROSCOPE) using a single leaf hanging ver- 
tically. 

Wilson experiment An experiment demonstrating 
the WILSON EFFECT. It consists of rotating 
about its axis a hollow dielectric cylinder (whose 
inner and outer surfaces are metallized) in a mag- 
netic field parallel to the axis. The result: An al- 
ternating voltage appears between the metallized 
surfaces. 

Wimshurst machine A rotating machine used to 
produce high-voltage static electricity. The ma- 
chine contains two glass disks, each having 
separate sectors of metal foil spaced around its 
face. The disks rotate in opposite directions, 
and the foil sectors passing each other form 
variable capacitors. Metal brushes pick up 
charges from the sectors passing under them 
and deliver this energy to one or more Leyden 
jars for storage. 

wind charger A wind-driven generator used specif- 
ically to supply direct current for charging stor- 
age batteries. 

wind-driven generator A dynamo-type generator, 
either stationary or mobile, powered by a wind- 
mill-like device. 

wind gauge See ANEMOMETER. 

winding 1. A coil in an inductor or transformer 
(e.g., primary winding, secondary winding, output 
winding, etc.). 2. A coil in a motor or generator. 

winding arc The winding length of a coil, ex- 
pressed in degrees. 

winding cross section The cross section of a mul- 
tilayer coil. 

winding depth The depth of a multilayer coil, mea- 
sured from the outermost layer to the innermost 
layer. 

winding factor For a transformer or choke coil (or 
for a toroidal coil), the ratio of the total area of 
wire in the window to the window area. 

winding length The length of a coil from the first 
turn to the last in a single-layer coil, or from the 
first turn to the last in one layer of a multilayer 
coil when all layers are identical. 

winding space The window area of the core of a 
transformer or choke (see WINDOW, 3). 

wind loading 1. The total wind pressure on an an- 
tenna system, generally measured in pounds 
or kilograms. The greater the wind speed, 
the greater the wind loading for a given antenna. 
The greater the exposed surface of the antenna, 
the greater the wind loading for a given wind 
speed. 2. The highest wind speed, in miles per 
hour or meters per second, that an antenna sys- 
tem can safely withstand, assuming no accumu- 
lation of ice on the antenna structure. 
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Windom antenna 1. A multiband antenna in 
which a single-wire feeder is attached to a hori- 
zontal half-wave radiator wire somewhat off cen- 
ter, at a point about % wavelength from one end 
of the radiator. The antenna operates with rea- 
sonable efficiency at the first several harmonics 
of the frequency at which it measures % wave- 
length. 2. A similar antenna using a parallel- 
wire feeder. 
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Windom antenna, 2 


window 1. Radar-interference material (see 
CHAFF). 2. An interval during which a circuit is 
gated open to permit signal sampling. During this 
interval, a window is figuratively open to the 
signal. 3. The open spaces between the legs of an 
iron core for a transformer or choke coil. 4. An 
electromagnetic frequency band easily trans- 
mitted by earth’s atmosphere. 5. The period during 
which conditions are ideal for a complex opera- 
tion, such as a rocket or spacecraft launch. 6. An 
application space in a computer program that 
uses a graphical interface. 

window area See WINDOW, 3. 

window comparator A comparator that detects 
voltage levels within a certain range of values, 
rather than simply indicating whether a voltage is 
more or less than a certain specified value. 

window corridor An area where window (see WIN- 
DOW, 1) has been dispersed. 

window jamming The disturbance of electronic 
communications, especially radar, by dumping 
reflective material, such as metal foil, from an air- 
craft. Also see CHAFF; JAMMING; and WINDOW, 
1. 

Windows Trade name (Microsoft) for a personal- 
computer interface scheme. The several versions 
all use selectable icons and menus. 

window strip An insulated, flat, metal strip for 
bringing an antenna lead-in through a window. 
The window can be closed on the strip. 

wind screen A foam covering that can minimize 
the roar caused by wind blowing against or 
across a microphone. 

wind shield A radio-transparent cover placed over 
a radar antenna to protect it against damage from 
high winds. It is used especially in radar systems 
aboard aircraft. 

wing In an antenna or other radiator, a (usually 
flat) member attached to, and sticking out from, 
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another member. Its name is derived from its 
characteristic shape. 

winterization The protective treatment and prepa- 
ration of electronic equipment for winter storage 
or for operation in frigid regions. 

wipeout Severe interference that obliterates all de- 
sired signals. 

wipeout area An area in which WIPEOUT occurs. 

wiper 1. A thin metal blade or strip in sliding con- 
tact with a coil or other element over which it is 
turned to vary some quantity (such as resistance, 
inductance, voltage, current, etc.). 2. A brush in 
a motor or generator. 

wiper arm Sce WIPER, 1. 

wiper blade Sce WIPER, 1. 

wiping action The movement of contacts against 
each other when they slide as they mate or with- 
draw. 

wiping contact A contact that makes and breaks 
with a sliding motion. 

wire 1. A metal strand or thread serving as a con- 
ductor of electricity. 2. To connect wires between 
points in a circuit. 3. See TELEGRAM. 4. To send 
a TELEGRAM. 

wire bonding 1. The interconnection of compo- 
nents within a discrete package, by means of fine 
wire conductors welded to the individual compo- 
nents. 2. A method of temporarily splicing the 
outer conductors of two coaxial cables. 3. In gen- 
eral, any solderless method of splicing between 
two conductors. 

wire broadcasting Broadcasting by means of 
carrier-current communication (see WIRED 
RADIO). 

wire cloth A net of fine wire, used as an electrical 
shield when air circulation is necessary. 

wire communication Communication carried on 
by means of signals transmitted over wire lines, 
as opposed to wireless (radio) communication. 

wire control The control of remote devices by 
means of signals transmitted over wire lines, as 
opposed to radio control. 

wire core A magnetic core consisting of a bundle of 
iron (or magnetic alloy) wires. 

wired AND See DOT AND. 

wired-in component A component to which wires 
are permanently connected in a circuit, as op- 
posed to a plug-in component. 

wired OR See DOT OR. 

wired-program computer A computer in which in- 
structions are wired-in by making appropriate 
connections to a panel with patch cords. 

wired radio The transmission and reception of 
voice and other sounds, telegraph signals, pic- 
tures, control signals, telemetry signals, and the 
like by means of radio-frequency energy con- 
ducted by wire lines. Usually, the lines are used 
primarily for some other purpose (e.g., power 
lines or telephone lines). 

wired-radio receiver The complete device or sys- 
tem that selects, amplifies, and demodulates or 
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rectifies a radio signal picked up from wires that 
conduct it from a transmitting station. 

wired-radio transmitter The complete device or 
system that generates radio-frequency power, 
adds signals (for communication, remote control, 
telemetry, etc.), and delivers the power to wires or 
to a cable for reception at a distant point. 

wire drawing In the manufacture of wire, pulling 
metal through special dies to form wire of se- 
lected diameter. 

wire dress The careful arrangement of wires in a 
chassis to ensure optimum performance. Also 
called lead dress (see DRESS). 

wire duct A conduit through which wires are run. 
Such ducts have several shapes, but generally 
are rectangular. 

wired wireless See WIRED RADIO. 

wire-equivalent security See LEVEL-1 SECU- 
RITY. 

wire fuse A fuse in which the fusible element is a 
wire of low-melting-point metal. Compare STRIP 
FUSE. 

wire gauge 1. A system for specifying the charac- 
teristics of wire. See AMERICAN WIRE GAUGE 
and BIRMINGHAM WIRE GAUGE. 2. A wire num- 
ber governed by diameter (e.g., 18-gauge wire for 
#18 wire). 3. A tool or instrument for measuring 
wire diameter or for determining wire number. 





Neutral 


wired radio 
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wire gauze A fine screen of thin wires. 

wire grating See WAVEGUIDE GRATING. 

wire-guided Pertaining to guiding a machine, such 
as a robot, by means of signals sent by wire from 
the control point. 

wire leads Leads that are (usually thin, flexible) 
wires, rather than pins, bars, strips, etc. An ex- 
ample is the wire leads of some transistors (as op- 
posed to terminal pins). 

wireless 1. Pertaining to data communications 
and control systems that operate without wires 
(e.g., an infrared link between a notebook com- 
puter and a desktop computer). 2. An early name 
for radio; it is still used in some countries. Some- 
times for specificity, radio is referred to as wire- 
less telegraphy or wireless telephony. See 
RADIOTELEPHONY. 

wireless access protocol Acronym, WAP. A com- 
munications standard used on a worldwide basis 
with portable cellular telephone sets incorporat- 
ing electronic mail, online service access, and/or 
Internet access. 

wireless broadcaster 
PHONE. 

wireless compass A radio compass (see DIREC- 
TION FINDER). 

wireless device A device that operates over a dis- 
tance, without the use of interconnecting wires. 

wireless e-mail 1. The use of electronic mail 
(e-mail) in conjunction with a wireless Internet ser- 
vice. 2. The use of a specialized portable wireless 
communications device, resembling a stripped- 
down computer or an enhanced cell phone, to 
send and receive e-mail messages. 

wireless intercom An intercom using wired-radio 
for transmission and reception over the power 
line from which it is operated. Also see WIRED 
RADIO. 

wireless Internet 1. The use of a personal com- 
puter, usually a notebook or portable, in con- 
junction with a wireless modem connected to the 
Internet. Services of this type are provided with 
high-end cellular telephone subscriptions. As- 
sets and limitations are similar to those associ- 
ated with cell phone services. 2. The use of a 
specialized portable or mobile wireless communi- 
cations device, resembling a stripped-down com- 
puter or an enhanced cell phone, for basic 
Internet communications and _ information 
retrieval. 

wireless microphone A device consisting of a 
small radio-frequency oscillator modulated by the 
microphone to which it is attached, and provided 
with a tiny antenna. The modulated signal is 
picked up and reproduced by a radio receiver. 

wireless modem 1. A modem that facilitates con- 
nection of a computer to the Internet using a cell 
phone set. 2. A wireless transceiver that facili- 
tates connection of a computer to the Internet. A 
cellular telephone connection can be included as 
an option. 3. Also called cordless modem. A pair 


See WIRELESS MICRO- 
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of short-range (on the order of a few feet) radio or 
infrared transceivers. One unit connects to a tele- 
phone jack or cable port, and the other unit con- 
nects to a computer. Can protect a portable 
computer against damage by lightning, assuming 
the computer uses batteries and is not connected 
to utility mains. 

wireless tap A method of eavesdropping on com- 
munications in which a portion of the circuit 
makes use of a radio-frequency wireless link. An 
eavesdropping receiver can be positioned within 
range of the wireless transmitting antenna, and 
the signals intercepted. The existence of such a 
tap causes no change in the electronic character- 
istics of any equipment in the system, so its 
deployment is difficult to detect even if 
eavesdropping is anticipated. 

wireless telegraphy See RADIOTELEGRAPHY. 

wireless telephone 1. A radio transceiver inter- 
connected with the telephone lines. 2. A tele- 
phone in which a short-range radio link replaces 
the cord between the receiver and the base unit. 
It normally has a range of several hundred feet. 

wireless telephony See RADIOTELEPHONY. 

wire line One or more wires or cables conducting 
currents for communication, control, or measur- 
ing purposes. 

wire link A line for wire communication or wire 
control. 

wire-link telemetry Telemetry carried on over a 
wire link. 

wireman 1. An electrician who specializes in the 
installation and servicing of electrical wiring. 
2. See LINEMAN. 

wire mile A unit of measure equal to the product 
ns, where n is the number of separate, equal- 
length conductors in a line, and s is the length of 
a conductor in miles. 

Wirephoto 1. Asystem for transmitting and receiv- 
ing photographs over wire lines. Also called 
Telephoto. See FACSIMILE. 2. A photograph 
transmitted and/or received, as defined in 1. 3. A 
trademark for a photograph transmitted and re- 
ceived over telephone lines. 

wire printer A printout device consisting of a wire 
array in which each wire is activated by an elec- 
tromagnet. When a wire is selected (electrically), 
it is pushed against, and makes a dot on the 
recording paper. The letters and figures, then, are 
dot patterns. Compare WHEEL PRINTER. 

wire radio See WIRED RADIO. 

wire recorder In audio applications and data 
recording, a machine that records sounds or data 
pulses in the form of magnetized spots on a thin 
wire. 

wiresonde A system for transmitting weather in- 
formation data through a cable that holds a cap- 
tive balloon. Compare RADIOSONDE. 

wire splice A strong, low-resistance joint between 
(usually two) wires. See, for example, WESTERN 
UNION JOINT. 
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wire stripper A hand tool or power machine for 
cutting the insulating jacket on a wire and re- 
moving it without cutting or nicking the wire. 

wiretap 1. An instance of wiretapping. 2. A wire- 
tapping device. 

wiretapper 1. A device for wiretapping. 2. A person 
who practices wiretapping. 

wiretapping The act of making direct or indirect 
connections to a communications line to overhear 
or record a conversation. 

wire telegraphy Telegraphic communication car- 
ried on by means of signals transmitted over wire 
lines, as opposed to wireless (radio) telegraphy. 

wire telephony Voice communication carried on 
by means of signals transmitted over wire lines, 
as opposed to wireless (radio) telephony. 

wire tie See TIE. 

wire wave communication See WIRED RADIO. 

wireways Hinged-cover metal troughs for contain- 
ing and protecting wires and cables. Also see 
WIRE DUCT. 

wirewound potentiometer A potentiometer in 
which the resistance element is a coil of resis- 
tance wire wound on a cord bent into a cylinder, 
or on a rigid, circular core. 

wirewound resistor A resistor made from a coil of 
wire that is a poor conductor. The wire is usually 
wound around a cylindrical form; some compo- 
nents use toroidal forms. The resistance is deter- 
mined by how well the wire metal conducts, by its 
diameter (gauge), and by its length. This type of 
resistor can be manufactured to precision toler- 
ance. If the wire gauge is heavy, it can dissipate 
large amounts of power. The component has in- 
ductive reactance, making it unsuitable for use at 
radio frequencies. Compare CARBON-COMPOSI- 
TION RESISTOR, FILM RESISTOR. 

wirewound rheostat A rheostat in which the resis- 
tance element is a coil of resistance wire wound 
on a card bent into a cylinder, or on a rigid, cir- 
cular core. 

wire wrap A method of circuit-board wiring in which 
components are interconnected by individual wire 
conductors, the ends of which are wrapped 
around terminal posts using a special tool. 

wire-wrap connection An electrical connection 
made by tightly wrapping a bare wire around a 
special terminal. 


wire wrap 
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wire-wrapping tool A device used to make a wire- 
wrap connection. 

wiring 1. The system of wires or similar conduc- 
tors connected between circuit components. 2. 
Connecting and dressing such wires, as in wiring 
a circuit. 3. Collectively, the connections (either 
actual wire or printed metal lines or processed 
semiconductor paths) between terminals and 
components in an electronic circuit. 4. The pro- 
cess of installing or making such connections. 

wiring board The control panel of a computer (i.e., 
a plugboard). 

wiring capacitance Unavoidable capacitance be- 
tween wires in a circuit, or between the wires and 
nearby metal bodies. 

wiring connector A small (usually metal) fitting 
used to tie wires together. 

wiring diagram See CIRCUIT DIAGRAM. 

wiring impedance Unavoidable impedance in the 
wires in a circuit, and in associated terminals 
and hardware conducting alternating current. 
This impedance is the vector sum of WIRING RE- 
ACTANCE and WIRING RESISTANCE. 

wiring inductance Unavoidable inductance in the 
wires in a circuit, and in associated terminals 
and other hardware, through which alternating 
currents flow. 

wiring reactance Unavoidable reactance in the 
wires in a circuit, and in associated terminals 
and other hardware, conducting alternating cur- 
rent. This reactance is caused by WIRING CA- 
PACITANCE and/or WIRING INDUCTANCE. 

wiring resistance Unavoidable resistance in the 
wires in a circuit and in associated terminals and 
other hardware. 

Witka circuit A voltage-tripler circuit using only 
two diodes and two capacitors. Its no-load direct- 
current output voltage is approximately three 
times the peak value of the alternating-current 
input voltage. Also see VOLTAGE TRIPLER. 

wk 1. Abbreviation of WORK. 2. Abbreviation of 
week. 

WL 1. Abbreviation of WAVELENGTH. 2. Abbrevia- 
tion of waterline. 

WM Abbreviation of WATTMETER. 

Wm? Symbol for watt square meter (unit of the first 
radiation constant). 

W/(MK) Symbol for watts per meter kelvin (unit of 
thermal conductivity). 

WMO Abbreviation of World Meteorological Organi- 
zation. 

wobbulator A device that sweeps the frequency 
of an oscillator. There are several types, from a 
motor-driven, rotating, tank capacitor to sophisti- 
cated, fully electronic variable capacitors or 
variable inductors. 

wolfram See TUNGSTEN. 

Wolf's equation A sunspot-number equation used 
to forecast maximum usable frequency: R = 
k(10G + N), where Ris relative sunspot number, Ic 
is a constant for the telescope used, G is the 


—P— 


756 Wolf's equation ¢ working voltage 


number of sunspot groups observed, and N is the 
total number of sunspots. 

Wollaston wire An extremely fine wire made by 
coating platinum with silver, drawing it thinner, 
and dissolving the silver coat. 

womp A sudden surge in amplitude that causes a 
flare up of brightness in a television picture. 

woodpecker A slang term used to describe the 
sound of the signal from over-the-horizon radar. 
Operating in the high-frequency part of the spec- 
trum and changing in wavelength, roughly follow- 
ing the maximum usable frequency, the signal 
consists of repeated “spikes” that can interfere 
with routine communications. 

woodpecker filter A special type of blanking filter 
used to quiet a shortwave receiver during strong, 
brief “spikes.” It is similar to a noise blanker, but 
is designed to filter out the longer peaks charac- 
teristic of the over-the-horizon radar, known as 
the WOODPECKER. 

Wood’s alloy See WOOD’S METAL. 

Wood’s metal A low-melting-point (159.8°F) alloy 
containing bismuth (50%), cadmium (12.5%), 
lead (25%), and tin (12.5%). The alloy looks like 
lead and is used to mount rectifying crystals 
(such as galena) whose electrical sensitivity 
would be destroyed by the high temperatures re- 
quired to melt most soft metals. 

woofer A large loudspeaker, often a foot or more in 
diameter, designed specifically to reproduce very 
low (bass) audio frequencies. It is commonly used 
in high-fidelity stereo sound systems. Compare 
TWEETER. 

word 1. In computer operations, a group of bits or 
characters treated as a unit. 2. In telegraphy, a 
data unit consisting of five characters plus one 
space. 

word-address format A method of addressing a 
word by means of a single character, such as the 
first letter of the word. 

word code _ 1. A cipher in which word meanings are 
interchanged, rather than letter symbols. 2. A 
word having an altered meaning in a cipher sys- 
tem, as defined in 1. For example, “word” might 
mean “code.” 

word format The specific sequence of characters 
that forms a word of data. 

word generator A special signal generator that de- 
livers pulses in selected combinations corre- 
sponding to digital words (see WORD, 1). It is 
used in testing computers and digital systems. 

word length 1. In computer operations, the num- 
ber of bits in a word. 2. In telegraphic communi- 
cations (radio or wire), the average number of 
letters in a word. 

word pattern The shortest meaningful word (see 
WORD, 1, 2) that can be recognized by a ma- 
chine. 

word processor 1. An electronic device, similar to 
a typewriter, used for writing. Words, phrases, 
sentences, or paragraphs can be changed, 
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replaced, or deleted prior to the final printout. 
2. A computer used for writing, as defined in 1. 
3. Software that allows a computer to be used for 
writing, as defined in 1. 

word rate In a communications or computer sys- 
tem, the number of words per unit time (e.g., 
WORDS PER MINUTE). 

word size See WORD LENGTH. 

words per minute In telegraphy, a measure of 
data speed. It is approximately equal to the num- 
ber of characters (including spaces) per minute 
divided by 6. 

word time In computer operations, the time re- 
quired to process one word that is in storage. 

work 1. Symbol, W. Units: joule, erg, foot-pound, 
kilogram-meter. That which is accomplished by 
the transfer of energy from one body to another, 
as when an exerted force causes a displacement. 
The amount of work performed is equal to force 
times distance: W = Fd. 2. An amateur radio term 
meaning to engage in two-way communication 
with another station. 

work area In computer operations, a temporary 
area of memory for data items being processed. 
Also called INTERMEDIATE STORAGE, WORK- 
ING MEMORY, and WORKING STORAGE. 

work coil The alternating-current-carrying coil 
that induces energy in the workpiece in induction 
heating. 

work envelope The range of motion over which a 
robot arm can move. It can be two-dimensional or 
three-dimensional. 

work function Unit, eV. The energy required to 
bring an internal particle to the surface of a ma- 
terial and out into space, as when an electron is 
emitted by the hot cathode of a vacuum tube. The 
work function is the voltage required to extract 1 
electrostatic unit of electricity from the material. 

working data file A temporary accumulation of 
data sets that is erased or otherwise discarded af- 
ter its transferal to another medium. 

working life The expected or guaranteed lifetime of 
a material, device, or system in actual operation 
or use. Compare SHELF LIFE. 

working memory See WORK AREA. 

working point The operating point of an active de- 
vice (i.e., the point along one of the characteristic 
curves around which operation is fixed). 

working Q The Q ofa loaded circuit or device (e.g., 
tank-circuit Q of a radio transmitter loaded with 
an antenna or dummy load). 

working range 1. The usable maximum distance 
between a transmitter and receiver in a wireless 
communications circuit. 2. The allowed range 
over which specified parameters can vary in a 
particular system while facilitating normal opera- 
tion, or operation within rated specifications. 

working storage See WORK AREA. 

working voltage The (usually maximum) voltage 
at which a circuit or device can be operated con- 
tinuously with safety and reliability. 
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workout 1. A dry run; a test. Example: checking a 
computer’s processing power using a set of 
benchmark programs. 2. An exacting test of 
equipment; a burn-in procedure. 

workpiece The object heated by an induction or di- 
electric heater. 

worm A cylindrical gear whose spiral “teeth” re- 
semble a screw thread. 

worm drive A mechanism for transferring motion 
from a tuning-knob shaft through a right angle to 
the shaft of an adjustable component, such as a 
potentiometer or variable capacitor. The knob 
turns a threaded shaft that mates with a gear 
wheel. 


Threaded 
shaft 
To we 
control 
knob 
Gear 
—~ wheel 
To ~ 


component 


worm drive 


worst-case circuit analysis Analysis that seeks 
the worst possible effects of variations in circuit 
parameters on circuit performance—especially 
variations in component characteristics. 

worst-case noise pattern See DOUBLE-CHECK- 
ERBOARD PATTERN. 

worst-case design The design of electronic equip- 
ment in such a way that normal operation is ob- 
tained—even though the characteristics of circuit 
components might vary widely. 

woven resistor A resistance element made of 
strands of resistance material woven in the form 
of gauze. 

wow Slow, periodic variations in the pitch of repro- 
duced sound because of variations in the speed of 
the drive mechanism. Its name is derived from its 
characteristic sound. Compare FLUTTER. 

wow meter An instrument that indicates the 
amount of wow produced by a turntable or other 
moving part. 

Wpe Abbreviation of watts per candle. 

wpm Abbreviation of words per minute. 

wrap See WIRE-WRAP CONNECTION. 

wrap-around 1. The extent of curvature in mag- 
netic tape passing over the heads during record- 
ing or playback. 2. An enclosure that resembles a 
sheet (wrapped around a piece of electronic 
equipment). 3. In computer and data-processing 
operations, a technique in which the display is 
cleared of data once it is filled (all available lines 
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are occupied) and additional data is traced from 
top to bottom. 

wrap joint See WIRE-WRAP CONNECTION. 

wrapper A paper or tape wound around a compo- 
nent, such as a coil or capacitor, for insulation 
and protection. 

wrapping 1. See WRAPPER. 2. Insulating a wire or 
other conductor by wrapping insulating tape 
around it. 

wrap post A terminal post, tip, pin, or lug used in 
a wire-wrap connection. 

wrap-up The (usually successful) completion of a 
design, fabrication, test, or investigation. 

Wratten filter A light filter for separating colors. It 
is available in transparent sheets of various col- 
ors and is useful in photography and in several 
phases of electronics, including the operation of 
color meters and color matchers. 

wrinkle finish A pattern of fine wrinkles created by 
special paint when it dries on a surface, such as 
that of a metal cabinet for a piece of electronic 
equipment. 

wrist-force sensor In robotics, a set of strain 
gauges that detects the various forces in the joint 
connecting an end effector to an arm, and sends 
signals back to the robot controller. The con- 
troller can use the signals to direct the move- 
ments of the arm and end effector. 

write 1. In computer operations, to transfer data 
from one form of memory or storage to another 
form. Example: To transfer data in a computer 
from random-access memory (RAM) to the hard 
disk. Compare READ. 2. To produce an image on 
the storage mesh in the cathode-ray tube of a 
storage oscilloscope. 

write enable ring See WRITE PERMIT RING. 

write gun See WRITING GUN. 

write head In a magnetic memory or in a tape 
recorder or wire recorder used for recording data, 
the head that magnetizes the drum, tape, disk, or 
wire. Compare READ HEAD. 

write pulse In computer operation, the pulse that 
causes information to be recorded in a magnetic 
cell, or sets it to the one-state. Compare READ 
PULSE. 

write time The time taken to write data to a stor- 
age device. 

writing gun In a storage oscilloscope, the electron 
gun that produces the image electronically on the 
storage mesh. It is mounted in the rear of the 
cathode-ray tube. Compare FLOOD GUN. 

writing head See WRITE HEAD. 

writing rate In photographing the image on a cath- 
ode-ray tube screen, the highest spot speed at 
which an acceptable picture can be made. 

writing speed See WRITING RATE. 

writing telegraph See TELAUTOGRAPH. 

wrong color The instance of an undesired color 
(e.g., purple instead of red) in a color-television 
picture. The condition is often caused by a mal- 
function of the chroma demodulator(s). 
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W/(srem?) Abbreviation of watts per steradian 
square meter. 

WT 1. Abbreviation of wireless telegraphy. 2. Ab- 
breviation of WATERTIGHT. 

wt Abbreviation of WEIGHT. 

WUI Abbreviation of Western Union International. 

Wulf electrometer See BIFILAR ELECTROMETER. 

Wullenweber antenna An electronically steerable 
antenna composed of two concentric circular ar- 
rays of masts connected to the steering circuitry. 

WUX Abbreviation of Western Union telegram. 

WVdc Abbreviation of direct-current working volt- 
age: the maximum continuous direct-current 
voltage that can safely be placed across a compo- 
nent. 

ww Abbreviation of wirewound. 

W/sr Abbreviation of watts per steradian (unit of 
radiant intensity). 

WWV The call letters of a standard-frequency/ 
standard-time broadcasting station operated by 
the National Bureau of Standards and located 
in the continental United States. Also see 
WWVH. 

WWVH The call letters of a standard-frequency/ 
standard-time broadcasting station operated by 
the National Bureau of Standards and located in 
Hawaii. Also see WWV. 


wx Radiotelegraph abbreviation of weather. 

WXD International Telecommunications Union 
symbol for meteorological radar station. 

WXR International Telecommunications Union 


symbol for radiosonde station. 

wye adapter A connector that provides two out- 
puts for a single input, or vice versa. It is com- 
monly used in audio applications. 

wye box Ina three-phase power-measuring setup, 
a special arrangement of two impedances, each of 
which is equal to the impedance of the potential 
element of the wattmeter used in the setup. The 
box permits a single wattmeter to be used, which 
indicates one-third the total power. Without the 
box, three wattmeters would be needed. 

wye connection A method of connecting three 
windings in a three-phase system so that one ter- 
minal of each winding is connected to the neutral 
point. It is shaped like the letter Y. Also called 
star connection. 

wye current Current through one of the branches 
of a three-phase star (wye) connection. 

wye delta starter A starter circuit for a three- 
phase squirrel-cage induction motor. When the 
starter switch is thrown in one direction, the sta- 
tor of the motor is wye-connected for starting; 
thrown in the opposite direction, the stator is 
delta-connected for continued operation. 

wye equivalent circuit A wye-connected three- 
phase circuit equivalent to a delta-connected 
circuit when the impedance of any pair of 
corresponding lines for both wye and delta are 
the same; the third line is unconnected. 
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wye junction See WAVEGUIDE WYE. 

wye-matched-impedance antenna An antenna in 
which the impedance of a nonresonant open-wire 
feed line is matched to that of the center of the ra- 
diator by spreading the end of the feeder wires 
out into a Y-shaped or delta-shaped match- 
ing section. Also called DELTA-MATCHED- 
IMPEDANCE ANTENNA. 

wye point The star point in a three-phase system. 
Also see WYE CONNECTION. 


Radiator 






Matching section 


Insulating 
spreader 


Feeders 


To transmitter 


wye-matched-impedance antenna 


wye potential Ina three-phase armature, the volt- 
age between a terminal and the neutral point. 

wye rectifier A three-phase rectifier circuit in 
which the transformer or generator windings are 
arranged in a wye connection. 

wye-wye circuit A circuit consisting a wye- 
connected generator and a wye-connected load. 


Load 


Source 


wye-wye circuit 
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X = 1. Symbol for REACTANCE. 2. Symbol for no con- 
nection. (Also, NC.) 3. Symbol for the HORIZON- 
TAL AXIS of a graph or screen in the rectangular 
(Cartesian) coordinate system. 4. Symbol for an 
unknown quantity. 

x 1. Symbol for number of carriers drawn from col- 
lector to base of a transistor, for each carrier col- 
lected. 2. Symbol for an unknown quantity. 3. 
Symbol for the HORIZONTAL AXIS of a graph or 
screen in the rectangular (Cartesian) coordinate 
system. 

x amplifier The horizontal amplifier of an oscillo- 
scope or recorder. Compare Y AMPLIFIER and Z 
AMPLIFIER. 

X and Z demodulation Color television demodula- 
tion based on the 60-degree difference between 
the two reinserted 3.58-MHz subcarrier signals. 
The R-Y, B-Y, and G-Y voltages derived from the 
demodulated signals control the three guns of the 
picture tube. Compare @ MODULATION. 

x-axis 1. The horizontal axis of a chart, graph, or 
screen in the rectangular (Cartesian) coordinate 
system. 2. In a quartz crystal, the axis drawn 
through the corners of the hexagon. 

x-axis amplifier See X AMPLIFIER. 

XB_ Abbreviation of crossbar. 

X balance The reactance balance (either the vari- 
able component or the adjustment of it) in an 
impedance bridge in which separate resistance 
(R) and reactance (X) balancing is provided. 

X band The frequency band extending from 5.2 to 
11 GHz. 

X bar A rectangular, piezoelectric quartz bar cut 
from a Z-section, whose faces are parallel to the 
X-axis and whose edges are parallel to the X-, Y-, 
and Z-axes. See CRYSTAL CUTS. 


X bridge An alternating-current bridge for measur- 
ing reactance. 

Xc Symbol for CAPACITIVE REACTANCE. 

X channel The horizontal channel of an oscillo- 
scope or recorder. Compare Y CHANNEL and Z 
CHANNEL. 

X-channel gain See X GAIN. 

X component In a complex impedance, the reac- 
tive component (either inductive or capacitive). 

x coordinate See ABSCISSA. 

X-cut crystal A piezoelectric plate cut with its 
faces perpendicular to the X-axis of a quartz crys- 
tal. See CRYSTAL CUTS. 

xevr Abbreviation of TRANSCEIVER. Often capital- 
ized. 

X deflection Horizontal deflection of the spot on 
the screen of a cathode-ray tube. Compare Y DE- 
FLECTION. 

X diode The decoding diode in each of the X lines 
of a memory matrix. Compare Y DIODE. 

X direction The horizontal direction in deflections 
and in graphical presentations of data. 

Xdrive The driving source or energy for the X lines 
of a computer memory matrix. 

xducer Abbreviation of TRANSDUCER. 

Xe Symbol for XENON. 

xenon Symbol, Xe. An inert gaseous element. 
Atomic number, 54. Atomic weight, 131.29. 
Xenon is present in trace amounts in the earth’s 
atmosphere and is used in some thyratrons, elec- 
tric lamps, and lasers. 

xenon tube A flash tube filled with xenon. 

xerography A system for the reproduction of 
printed matter, drawings, and other graphic mat- 
ter. It is an electrostatic process in which a 
charged photoconductive surface is exposed to an 
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image of the material to be copied. A latent image 
is formed on the surface and is developed (by 
dusting with black powder attracted to the 
charged image) to make the image visible. 
xeroradiography Xerography using X RAYS. 
xerothermic A condition characterized by both 
heat and dryness. 

Xerox 1. Name of a company that manufactures a 
wide variety of office and computer equipment. 
2. Trade name for a XEROGRAPHY machine. 
3. The reproduction obtained by means of 
XEROGRAPHY (generic term). 4. To make a 
xerographic reproduction (generic term). 

X factor 1. An unknown or unidentifiable quantity 
or parameter. 2. See X COMPONENT. 

xformer Abbreviation of TRANSFORMER. 

X gain The gain (or gain control) of the horizontal 
channel of an oscilloscope or X-Y recorder. Com- 
pare Y GAIN and Z GAIN. 

X-H array See LAZY-H ANTENNA. 

XHV Abbreviation of EXTREMELY HIGH VACUUM. 

xintercept The x coordinate of the point at which 
a line or plane intersects the X-AXIS. 

x irradiate To expose to X RAYS. 

xistor Abbreviation of TRANSISTOR. 

X_ Symbol for INDUCTIVE REACTANCE. 

X line A horizontal line in a memory matrix. Com- 
pare Y LINE. 

XLR connector A microphone connector with a 
locking device to prevent unintentional discon- 
nection. It has three pins and is commonly used 
with balanced audio systems. 

X meter 1. An instrument for measuring reactance 
and phase angle. 2. A form of simple capacitance 
meter whose dial is direct-reading in microfarads, 
although the deflection is actually proportional to 
the reactance of the capacitor under measure- 
ment. 


Capacitor 
under test 





Constant-voltage 


ac input Electronic 


ac 
voltmeter 






Very low 
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xmission Abbreviation of transmission. 

xmit Abbreviation of transmit. Also, xmt. 

xmitter Abbreviation of TRANSMITTER. Also, xmtr. 

XMODEM In data transmission, an error-correct- 
ing mode in which data is sent in blocks of 128 
kilobytes (128K), or 131,072 bytes. The source 
and destination tally up the bytes in each block. 
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If they agree, the next data block is sent. If they 
do not agree, the current data block is retrans- 
mitted. Compare YMODEM and ZMODEM. 

xmt Abbreviation of transmit. Also, xmit. 

xmtr Abbreviation of TRANSMITTER. Also, xmitter. 

XOR Abbreviation of EXCLUSIVE-OR. 

xover Abbreviation of CROSSOVER. 

X particle See MESON. 

xponder Abbreviation of TRANSPONDER. 

X position 1. The alignment of a cathode-ray beam 
along the horizontal axis of an oscilloscope 
screen. 2. The position of a point, with respect to 
the horizontal axis of a graph in the rectangular 
(Cartesian) coordinate system. 

XR Abbreviation of INDEX REGISTER. 

X radiation Electromagnetic energy in the form of 
X rays. 

X-ray 1. Phonetic alphabet communications code 
word for the letter X. 2. Pertaining to, or consist- 
ing of, X rays. 

X-ray astronomy ‘The science of observing celes- 
tial objects and the sky in the X-ray band of wave- 
lengths. Generally, this must be done from above 
the earth’s atmosphere because the atmosphere 
absorbs X rays. 

X-ray crystallography The science of observing 
atomic patterns in a crystal by means of X rays. 

X-ray detecting device 1. An X-ray instrument for 
spotting flaws in solid bodies. 2. A device, such as 
a fluoroscope, for showing the presence of X rays. 

X-ray diagnosis The use of X rays in the diagnosis 
of disease and in the observation of internal parts 
of the body. 

X-ray diffraction The diffraction of X rays by a 
material into or onto which they are directed. 
Also see X-RAY DIFFRACTION CAMERA and 
X-RAY DIFFRACTION PATTERN. 

X-ray diffraction camera A special camera that 
furnishes a photograph of the pattern created by X 
rays diffracted by a material. See X-RAY DIFFRAC- 
TION and X-RAY DIFFRACTION PATTERN. 

X-ray diffraction pattern The pattern produced 
on film exposed to X rays diffracted by a material. 
Also see X-RAY DIFFRACTION and X-RAY 
DIFFRACTION CAMERA. 

X-ray goniometer An instrument used to find the 
position of the axes of a quartz crystal. It uses X 
rays reflected from the atomic planes of the 
crystal. 

X-ray inspection The use of X rays in the exami- 
nation and study of the internal features of mate- 
rials and devices. 

X-ray laser A laser designed to emit coherent 
X rays in a narrow beam. 

X-ray load 1. An X-ray tube that is the terminal 
member of an electronic system. 2. A body, mass, 
or material exposed to X rays. 

X-ray machine A device that generates X rays fora 
specific purpose, such as medical diagnosis. 

X-ray photograph A photograph made by expo- 
sure to X rays, especially an X-ray shadowgram, 
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a picture made without a camera by interposing 
an object (such as a part of the human body) be- 
tween an X-ray tube and photographic film. 

X-ray radiation See X RADIATION. 

X rays Invisible, electromagnetic radiation having 
wavelengths ranging from approximately 0.01 
nanometer (10-!! meter) to 0.15 nanometer (1.5 x 
10-!° meter). These waves are shorter than ultra- 
violet, but longer than gamma rays. They can be 
produced by bombarding a target of heavy metal 
(such as tungsten) with a stream of high-speed 
electrons in a vacuum tube. X rays have high 
penetrating power, can expose photographic film, 
and cause some substances to fluoresce. Also see 
X-RAY DIAGNOSIS, X-RAY INSPECTION, and 
X-RAY THERAPY. 

X-ray spectra The continuous band of ionizing 
electromagnetic radiation having wavelengths 
ranging from approximately 0.01 nanometers to 
0.15 nanometers. 

X-ray spectrograph A spectrograph used to dis- 
perse and measure the wavelength of X rays. 

X-ray spectrometer A spectrometer with which 
the diffraction angle of X rays reflected from the 
surface of a crystal can be measured. The device 
allows the characteristics and composition of al- 
most any material to be studied. 

X-ray star A collapsed star that emits high-inten- 
sity energy concentrated mainly in the X-ray re- 
gion of the electromagnetic spectrum. 

X-ray system Collectively, an X-ray tube and the 
associated equipment required for a specific ap- 
plication, such as crystallography, irradiation, or 
medical therapy. 

X-ray technician 1. A professional skilled in the 
operation and maintenance of X-ray systems, 
who usually works under the supervision of an 
engineer. 2. A professional skilled in the medical 
use of X rays, who works under the supervision of 
a medical doctor. 

X-ray therapy The use of X rays in the treatment 
of certain physiological diseases. 

X-ray therapy system An X-ray system designed 
for X-ray therapy. 

X-ray thickness gauge An instrument used to 
measure the thickness of metal, such as a con- 
tinuously moving sheet of steel. The measure- 
ment is in terms of the amount of absorption of 
an applied X-ray beam by the metal. 

X-ray tube A specialized, very-high-voltage diode in 
which a high-speed electron beam bombards an 
anode (target) of heavy metal, such as tungsten, 
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causing it to emit X rays. The target is tilted to re- 
flect the X rays through the glass wall of the tube. 

X section Abbreviation of cross section. 

X sink The circuit or device into which the X lines 
of a memory matrix feed. Compare Y SINK. 

Xr; Symbol for total reactance. 

xtal Abbreviation of CRYSTAL. 

xtalk Abbreviation of CROSSTALK. 

x unit A small unit of length, equal to approxi- 
mately 10°78 meter or 10 nanometer. Now sel- 
dom used, the x unit was once often used in the 
expression of ultraviolet and X-ray wavelengths. 

X wave One (the extraordinary) of the pair of com- 
ponents into which an ionospheric radio wave is 
divided by the earth’s magnetic field. Compare 
O-WAVE. 

XXX _ In radiotelegraphy, a signal meaning urgent. 

X-Y counting A technique used with electronic 
counters to determine the ratio of one frequency 
(X) to another (Y). When X is the higher fre- 
quency, the counter readout shows the number 
of pulses of X producing one cycle of Y. 

XY-cut crystal A piezoelectric plate cut from a 
quartz crystal at such an angle that its electrical 
characteristics fall between those of the X-cut 
and Y-cut crystal. 

x-y plotter An output device similar to the x-y 
recorder. It allows a digital computer to plot 
graphs. Also called data plotter. 

x-y recorder An instrument that produces a per- 
manent record (photographic print or directly 
inked paper) of a variable quantity on a chart 
having Cartesian (rectangular) coordinates. 





Y 1. Symbol for ADMITTANCE. 2. Symbol for 
YTTRIUM. 3. Symbol for YOUNG’S MODULUS. 

y 1. Abbreviation of YEAR. (Also, yr.) 2. Abbrevia- 
tion of YARD. (Also, yd.) 3. Symbol for the vertical 
axis of a graph or screen in the rectangular 
(Cartesian) coordinate system. 

Yadapter See WYE ADAPTER. 

YAG Abbreviation of yttrium-aluminum-garnet, the 
stimulated substance in some lasers. 

Yagi antenna Also called Yagi-Uda array or beam. 
An antenna consisting of two or more parallel, 
straight elements, including at least one parasitic 
element and at least one driven element. The ele- 
ments all lie in the same plane. Each driven ele- 
ment is connected to the feed line, half-wave 
resonant, and center-fed. A two-element array 
can be formed by adding a director or a reflector 
alongside a single driven element. An array with 
one director and one reflector, along with the 
driven element, increases the gain and directivity 
compared with a two-element system. The gain 
and directivity increase further as elements are 
added. This is usually done by placing additional 
directors in front of a three-element array. Com- 
pare QUAD ANTENNA. 

y amplifier The vertical amplifier of an oscilloscope 
or recorder. Compare X AMPLIFIER and Z AMPLI- 
FIER. 

Yankee Phonetic alphabet communications code 
word for the letter Y. 

yard Abbreviation, yd. A unit of linear measure in 
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the English system. 1 yd = 3 ft = 36 inches = 
0.9144 meter. 

yaw Side-to-side movement in a vehicle or robotic 
end effector. Essentially horizontal displacement 
about the vertical axis. 

yaw amplifier In an aircraft servo system, the unit 
that amplifies the yaw signal (the signal propor- 
tional to the deviation of the aircraft from the line 
of flight). 

yaw meter An instrument for measuring the angle 
of yaw of an aircraft. 

y-axis 1. The vertical axis of a chart, graph, or 
screen in the rectangular coordinate system. 
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2. In a quartz crystal, the axis drawn perpendic- 
ular to the faces of the hexagon. 

y-axis amplifier See Y AMPLIFIER. 

Yb Symbol for YTTERBIUM. 

Y box See WYE BOX. 

Ychannel See Y AMPLIFIER. 

Y-channel gain See Y GAIN. 

Y circulator An interconnection among three 
waveguides. When power is applied to the junc- 
tion through one waveguide, the wave is trans- 
ferred to the adjacent waveguide immediately to 
the right or left. 

Y connection See WYE CONNECTION. 

y coordinate See ORDINATE. 

Ycurrent See WYE CURRENT. 

Y-cut crystal A piezoelectric plate cut from a 
quartz crystal in such a way that the plane of the 
plate is perpendicular to the Y-axis of the crystal. 
See CRYSTAL AXES and Y-AXIS, 2. 

yd Abbreviation of YARD. 

Y deflection Vertical deflection of the spot on the 
screen of a cathode-ray tube. Compare X DE- 
FLECTION. 

Ydiode The decoding diode in each of the Y lines of 
a memory matrix. Compare X DIODE. 

y direction The vertical direction in deflections 
and in graphical presentations of data. 

Y drive The driving source or energy for the y lines 
of a computer memory matrix. Compare X DRIVE. 

year Abbreviation, y or yr. The period of the earth’s 
revolution around the sun, with respect to 
distant stars: approximately 365.25 days or 
3.15576 x 107 seconds. 

Yellow Book A specialized format for compact-disk 
read-only memory (CD-ROM) computer data stor- 
age media, developed by Sony and Philips. It is 
similar to RED BOOK, but it includes superior er- 
ror correction and storage capacity. See also CD- 
ROM, GREEN BOOK, ORANGE BOOK, and RED 
BOOK. 

yellow copper ore See CHALCOPYRITE. 

yellow metal A copper-zinc alloy that is 60% cop- 
per. 

yellow pyrites See CHALCOPYRITE. 

Y-equivalent circuit See WYE-EQUIVALENT CIR- 
CUIT. 

Y gain The gain (or gain control) of the vertical 
channel of an oscilloscope or x-y recorder. Com- 
pare X GAIN and Z GAIN. 

yield Ina phototube or photocell, the photoelectric 
current per unit intensity of light. 

yield map A diagram of an integrated circuit show- 
ing the locations of faulty components. 

yield strength The lowest stress for plastic defor- 
mation of a material, below which the material is 
elastic and above which it is viscous. 

yield value The amount of physical stress that 
causes a substance to become stretched perma- 
nently out of shape. 
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YIG Abbreviation of yttrium-iron-garnet, a crys- 
talline material used in certain types of acoustic 
delay lines, parametric amplifiers, and filters. 

YIG crystal A crystal of yttrium-iron-garnet. See 
YIG. 

YIG filter A filter using a YIG crystal and tuned 
electromagnetically. 

YIG-tuned parametric amplifier A parametric 
amplifier in which tuning is accomplished by con- 
tinuously varying direct current through the 
solenoid of a YIG filter. 

yintercept The y coordinate of the point at which 
a line or plane intersects the y-axis. 

ylem The material from which the primordial fire- 
ball is thought to have been made, and from 
which the entire known universe is believed to 
have originated approximately 10 billion (10?°) 
years ago. 

Yiline A vertical line of a memory matrix. Compare 
X LINE. 

Y-matched-impedance antenna See 
MATCHED-IMPEDANCE ANTENNA. 
YMODEM In data transmission, an error-correct- 
ing mode in which data is sent in blocks of one 
megabyte (1MB), or 1,048,576 bytes. The source 
and destination tally up the bytes in each block. 
If they agree, the next data block is sent. If they 
do not agree, the current data block is retrans- 

mitted. Compare XMODEM and ZMODEM. 

yoke 1. The ferromagnetic ring or cylinder that 
holds the pole pieces of a dynamo-type generator 
and acts as part of the magnetic circuit. 2. The 
system of coils used for magnetic deflection of the 
electron beam in cathode-ray tubes. 

yoke method A method of measuring the perme- 
ability of a sample of magnetic material. It in- 
volves completing the magnetic circuit with a 
heavy yoke of soft iron. 

Young’s modulus Symbol, Y. The ratio of tensile 
stress to tensile strain. 

Y parameters The admittance parameters of a 
four-terminal network or device. 

Y point See WYE POINT. 

Y position 1. Ona cathode-ray screen, the vertical 
position of the beam spot. 2. On a graph, the po- 
sition of a point along the vertical axis. 

Y potential See WYE POTENTIAL. 

yr Abbreviation of YEAR. Also, y. 

Y rectifier See WYE RECTIFIER. 

Y signal In color television, the monochromatic 
signal conveying brightness information. 

Y sink The circuit or device into which the Y lines 
of a memory matrix feed. Compare X SINK. 

ytterbium Symbol, Yb. A metallic element of the 
rare-earth group. Atomic number, 70. Atomic 
weight, 173.04. 

ytterbium metals The rare-earth metals dyspro- 
sium, erbium, lutetium, holmium, thulium, and 
ytterbium. 
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Yttralox A transparent polycrystalline ceramic yttrium metal Any of the group of metals, 


composed primarily of yttrium oxide, which has including yttrium, erbium, holmium, lutetium, 

many applications in electro-optics. thulium, ytterbium, and sometimes dysprosium, 
yttria Formula, Y203. Yttrium oxide, a white pow- gadolinium, and terbium. 

der used in Nernst lamps. Yukon Standard Time Standard time of the ninth 
yttrium Symbol, Y. A metallic element of the rare- time zone west of Greenwich, embracing the 

earth-metals group. Atomic number, 39. Atomic Yukon Territory and a portion of southern Alaska. 

weight, 88.906. Y winding See WYE CONNECTION. 
yttrium-iron-garnet See YIG. Y-Y circuit See WYE-WYE CIRCUIT. 
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Z 1. Symbol for IMPEDANCE. 2. Symbol for 
ATOMIC NUMBER. 3. Symbol for zenith distance 
(astronomy). 

z 1. Abbreviation of ZERO. 2. Symbol for ELEC- 
TROCHEMICAL EQUIVALENT. 3. Abbreviation of 
ZONE. 4. Symbol for the vertical axis of a three- 
dimensional Cartesian graph. 

zag The short, straight deflection of a point or par- 
ticle, or of waves along a jagged path in a direc- 
tion opposite that of a ZIG; one of the components 
of ZIGZAG DEFLECTION. 

Zamboni pile A high-voltage electrochemical cell 
consisting of an aluminum anode, a manganese- 
dioxide cathode, and an aluminum-chloride elec- 
trolyte. 

Z amplifier The intensity-modulation amplifier in 
an oscilloscope. Compare X AMPLIFIER and Y 
AMPLIFIER. 

Z-angle meter An instrument, commonly of the 
null-balance type, that indicates the impedance 
and phase angle of capacitors, inductors, and 
sometimes of inductance-capacitance-resistance 
(ICR) combinations. 

z-axis 1. The intensity-modulation input of an 
oscilloscope, including the associated circuit. 
2. The video-signal input of a television picture 
tube, including the associated circuit. 3. The 
third axis in a three-dimensional coordinate sys- 
tem. 4. The lengthwise axis of a quartz crystal. 

z-axis amplifier See Z AMPLIFIER. 

z-axis modulation See INTENSITY MODULATION. 

Zbar See Z-CUT CRYSTAL. 

zchannel See Z AMPLIFIER. 

z-channel gain See Z GAIN. 

Z-cut crystal A plate cut from a quartz crystal so 
that the plane of the plate is perpendicular to the 


Z-axis of the crystal and parallel to the 
X-axis. See CRYSTAL AXES. 

ZD_ Abbreviation of zero defects. 

Z deflection Deflection of a cathode-ray beam be- 
yond the (ordinarily defined) deflection area on 
the tube screen. 

Zeeman effect The splitting of a spectral line of a 
gas into closely spaced, polarized frequency com- 
ponents by an applied magnetic field. 

Zenely electroscope A sensitive alpha-ray electro- 
scope (see ELECTROSCOPE) whose leaf is at- 
tracted by a metal plate biased at 50 to 200 volts. 
On touching the plate, the leaf becomes charged 
and is repelled. But the gas ions around the leaf 
neutralize the charge, and the leaf returns to the 
plate to repeat the action. This sequence causes 
the leaf to oscillate, the number of oscillations per 
second being proportional to the strength of the 
ionizing source. 


Zener See ZENER DIODE. 
Zener breakdown See AVALANCHE BREAK- 
DOWN. 


Zener current See AVALANCHE CURRENT. 

Zener diode Also sometimes called avalanche 
diode or Zener. A semiconductor diode (usually 
silicon) specially fabricated to take advantage of 
the effects of avalanche breakdown. It is available 
in a wide variety of configurations and ratings; it 
is commonly used as a voltage regulating device 
in low-voltage power supplies. 

Zener-diode clipper A _ signal-amplitude clipper 
that does not require direct-current bias because 
it uses a Zener diode. Clipping takes place at 
the avalanche voltage. Zener diodes can be 
connected back to back for alternating-current 


clipping. 
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Zener-diode coupling element A Zener diode 
used as a direct coupling element between ampli- 
fier stages in an electronic system. When no sig- 
nal is present, the resistance of the diode is 
extremely high because the direct-current volt- 
ages of the diode-coupled amplifier stages reverse- 
bias the diode to below the avalanche point, and 
no current flows from one stage to the next. The 
signal raises the voltage enough to cause 
avalanche breakdown; the signal is thus readily 
transmitted from one stage to the following one. 


Bt 


zener-diode coupling element 


Zener-diode voltage reference A device that uti- 
lizes the constant voltage drop across a Zener 
diode operated in its breakdown region, to pro- 
vide a standard voltage for reference purposes. It 
consists essentially of a direct-current (dc) volt- 
age source, limiting resistor, and Zener diode. For 
an alternating-current (ac) reference voltage, an 
ac voltage source, limiting resistor, and two Zener 
diodes (connected in parallel, back to back) are 
required. Zener diodes can be connected in series 
to supply a higher reference voltage than can be 
delivered by a single diode. 

Zener-diode voltage regulator A simple voltage 
regulator whose output is the constant voltage 
drop developed across a Zener diode conducting 
in the reverse breakdown region. The simple reg- 
ulator circuit consists of a Zener diode and an ap- 
propriate limiting resistor connected in series 
across the output terminals of an unregulated 
direct-current power supply. For alternating- 
current voltage regulation, two Zener diodes can 
be connected in parallel, back to back. Zener 
diodes can be connected in series to regulate a 
higher voltage than can be accommodated by a 
single diode. 
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Zener effect See AVALANCHE BREAKDOWN. 

Zener knee In the response of a reverse-biased 
Zener diode, the point of abrupt transition from 
low current (high resistance) to high current (low 
resistance). For voltage regulation and voltage 
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standardization, the knee should be as sharp as 
possible. 

Zener knee current In a Zener diode, the current 
that flows when the reverse bias reaches the 
avalanche voltage. 

Zener-protected MOSFET See 
TECTED MOSFET. 

Zener voltage The particular value of reverse volt- 
age at which a Zener diode or other reverse- 
biased pn junction abruptly exhibits the 
avalanche effect. Depending on the Zener diode, 
this potential can be less than 10 volts, or as 
much as several hundred volts. 

zenith In the sky, the point directly overhead, ex- 
actly 180 degrees opposite the direction of the 
earth’s center. 

Zeolite process A method using certain artificial 
Zeolites (hydrous silicates) to soften water used in 
some electronic manufacturing and testing oper- 
ations. 

zeppelin antenna Also called zepp. 1. A half-wave- 
length radiator, fed at one end with a quarter- 
wavelength section of open-wire line. The feed 
line can come away from the radiator at any 
angle, usually 90 degrees or more. The antenna 
was originally used aboard zeppelins; the entire 
system was dangled in flight and the feed line was 
collinear with the radiating element. The 
impedance at the feed point is high; the 
impedance at the transmitter end of the feed line 
is low. The antenna will operate satisfactorily at all 
harmonics of the design frequency. 2. A radiator 
that is an integral multiple of a half wavelength, 
fed with open-wire line of any length. A trans- 
match is employed at the transmitter and of the 
feed line. This arrangement is popular among ra- 
dio amateurs. The primary advantage of this an- 
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tenna is ease of installation; the main drawback 
is the fact that the feed line radiates to some ex- 
tent because the system is not perfectly balanced. 

zero 1. The number represented by the cipher 
symbol (0). 2. To set a meter or other instrument 
to its zero reading or condition. 3. To align one el- 
ement of a system precisely with another. 4. In 
computer operations, to set a register to zero. 
5. In computer operations, using zero pulses to 
replace what is in a storage area. 

zero-access memory See ZERO-ACCESS STOR- 
AGE. 

zero-access storage Computer storage requiring 
negligible waiting time (latency). 

zero-address instruction A computer instruction 
requiring no address; the operation specified by 
the instruction defines the locations of the 
operands. Also called addressless instruction. 

zero adjust In an analog metering device, a me- 
chanical or electrical control that allows precise 
setting of the reading to zero, when the parameter 
to be measured is actually zero. 

zero adjustment 1. The act of setting an instru- 
ment or circuit to its zero reading or zero-operat- 
ing condition. 2. A device or subcircuit used to 
set a meter to its zero reading. Also see ZERO 
SET, 1, 2. 

zero-angle cut An alternate term for X cut, as ap- 
plied to quartz crystal plates. Also see CRYSTAL 
CUTS. 

zero axis Ina plot of a variable quantity, the (usu- 
ally horizontal) reference line that indicates the 
zero value of the quantity. 

zero-axis symmetry The condition in which a 
waveshape is symmetrical about a zero axis. 

zero beat Complete absence of a beat note (i.e., si- 
lence), a condition occurring when the frequen- 
cies of the beating signals (or their harmonics) are 
equal. See BEAT NOTE. 

zero-beat detector A device or circuit used to 
sense and indicate the condition of zero beat. 

zero-beat indicator See ZERO-BEAT DETECTOR. 

zero-beat method A means of adjusting the fre- 
quency of one signal exactly to that of another 
(usually standard) signal by setting the first sig- 
nal frequency to zero beat with the second signal 
frequency. 

zero-beat reception A system of reception entail- 
ing zero beating an incoming signal with the sig- 
nal from a local oscillator. Also called homodyne 
reception. 

zero-bias operation Operation of a transistor or 
vacuum tube without direct-current base, gate, 
or grid bias. 

zero-bias tube A vacuum tube designed for opera- 
tion (particularly in a class-B power amplifier) 
without direct-current grid bias. In such a tube, 
the zero-signal plate current is very low because 
of the large amplification factor. 

zero capacitance 1. Absence of capacitance (a 
theoretically ideal condition). 2. In some circuits, 
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the lowest capacitance point, to which all other 
capacitances are referred. 

zero compensation The elimination or minimizing 
of the zero-signal output of a transducer or simi- 
lar device. 

zero compression See ZERO SUPPRESSION, 1. 

zero condition See ZERO STATE. 

zero current 1. Absence of movement of electrical 
charge carriers. 2. In some circuits, the lowest 
current level, to which all other currents are re- 
ferred. 

zero-cut crystal A piezoelectric plate cut from a 
quartz crystal in such a way that the frequency- 
temperature coefficient is zero. 

zero-dB reference level An agreed-upon zero level 
for decibel ratings (which are by nature relative). 
Zero dBm, for example, corresponds to 1 milli- 
watt. Compare VOLUME UNIT. 

zero drift 1. The (usually gradual) drift of a zero 
point, such as the zero setting of an electronic 
voltmeter. 2. The condition of no change in the 
value of a quantity. 

zero elimination See ZERO SUPPRESSION, 1. 

zero energy The condition in which energy is nei- 
ther generated, consumed, nor dissipated. 

zero error 1. In instruments and measurements, 
an error so small that it can be considered in- 
consequential. 2. In a radar system, the inher- 
ent delay in the transmitter and _ receiver 
circuits. 

zero field emission Thermionic emission from a 
cathode or hot conductor within a uniform elec- 
trostatic field. 

zero fill See ZERO, 5. 

zero gravity The condition of weightlessness (i.e., 
the state in which gravitational pull by a celestial 
body is completely absent or has been nullified). 
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zero-gravity switch A switch actuated automati- 
cally when the condition of zero gravity is reached. 

zero impedance _ 1. Absence of impedance (a theo- 
retically ideal condition). 2. In some circuits, the 
lowest impedance level, to which all other 
impedances are referred. 

zero inductance _ 1. Absence of inductance (a theo- 
retically ideal condition). 2. In some circuits, the 
lowest inductance level, to which all other induc- 
tances are referred. 

zero input 1. Complete absence of input (signal or 
noise). 2. Absence of operating voltage or power to 
a system. 3. In a flip-flop, the input terminal that 
is not receiving a trigger signal. 

zero-input terminal In a flip-flop, the input-signal 
terminal at which a trigger signal will switch the 
flip-flop output to zero. Also called zero terminal 
and RESET TERMINAL. 

zero instant See ZERO TIME. 

zero level The reference level for the comparison of 
quantities. For example, it might be a voltage or 
current level; in audio measurements, it is the 
zero-dB reference level. 

zero-line stability In an analog metering device, 
the ability of the instrument to maintain proper 
zero adjustment over a period of time. 

zero magnet A permanent magnet used to set the 
pointer of a meter to zero. 

zero magnitude 1. For a quantity, the state of be- 
ing valueless (i.e., a complete absence of the 
quantity). 2. In some tests, measurements, or 
calculations, the lowest value of a quantity, to 
which all other values are referred. 

zero meridian The meridian at Greenwich (near 
London), England, from which longitude and 
standard time are reckoned. Also see TIME ZONE 
and ZONE TIME. 

zero method A method of measurement entailing 
adjustment of a circuit or device (such as a 
bridge, tee network, or potentiometer) for zero re- 
sponse of the detector. Also called null method. 

zero modulation The momentary lack of modula- 
tion in a communications or broadcast system, 
as during a pause in speech. 

zero-modulation noise Noise produced by previ- 
ously erased tape that is run under specified op- 
erating conditions. 

zero output 1. Complete absence of output signal 
or output power, sometimes disregarding noise 
output. 2. In a flip-flop, the normal condition of 
no signal pulse at a particular output terminal. 

zero-output terminal In a flip-flop, the output ter- 
minal that is not delivering an output pulse. 

zero phase In an alternating-current circuit, the 
condition in which the current and voltage are in 
step. That is, the current peaks occur at exactly 
the same times as the voltage peaks; the phase 
difference between the current and voltage is zero 
degrees. 

zero pole In a multiconductor line, the common or 
reference conductor. 
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zero potential 1. Complete absence of voltage. 
2. In some circuits, the lowest voltage, to which 
all other voltages are referred. 3. The potential of 
the earth as a reference point. 

zero power 1. Complete absence of dissipated 
power. 2. In some circuits and systems, the low- 
est power level, to which all other power values 
are referred. 

zero-power resistance In a thermistor, the resis- 
tance at which power dissipation is zero. 

zero-power resistance-temperature characteris- 
tic Fora thermistor, a figure that reveals the ex- 
tent to which zero-power resistance varies with 
the temperature of the thermistor body. 

zero-power temperature coefficient of resis- 
tance A temperature coefficient that reveals 
the extent to which the temperature of the ther- 
mistor body causes the zero-power resistance to 
change (expressed in ohms per ohm per degree 
Celsius). 

zero reactance 1. Absence of reactance (a theoret- 
ically ideal condition in alternating-current cir- 
cuits). 2. In some circuits, the lowest reactance, 
to which all other reactances are referred. 

zero resistance 1. Absence of resistance (a theo- 
retically ideal condition). 2. In some circuits, the 
lowest resistance, to which all other resistances 
are referred. 

zero scale current In a digital-to-analog (D/A) 
converter, the current into the output when all 
logic inputs are low (off) and the output is at a 
certain predetermined value, in microamperes or 
milliamperes. 

zero screw The mechanical zero adjuster of a 
meter. 

zero set 1. A (usually screwdriver-adjusted) mech- 
anism for setting the pointer of a meter to zero. 
2. An electrical circuit consisting of a resistance 
bridge or adjustable bucking voltage for setting a 
meter to read zero under specific conditions. 


Rl 







Zero-set 
control 





VTVM 
circuit 


zero set, 2 
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zero shift See ZERO DRIFT. 

zero signal 1. The condition of complete absence 
of signal. 2. A finite signal level used as a refer- 
ence point against which all other signal levels 
are measured. 

zeros of impedance For an alternating-current 
network, the frequencies at which the impedance 
is zero. Also called zeros. 

zeros of network function The real or complex 
values at which the network function is zero. 
Compare POLES OF NETWORK FUNCTION. 

zeros of transfer function The frequencies at 
which a transfer function becomes zero. Compare 
POLES OF TRANSFER FUNCTION. 

zero stability Constancy of the zero condition in an 
instrument or system (i.e., absence of zero drift). 

zero state ‘The low, zero, off, or false logic state of a 
bistable device, such as a flip-flop or magnetic 
cell. It might be actual zero output or a low-volt- 
age output. Compare ONE STATE. In binary 
notation and calculation, the zero state is 
represented by a cipher. 

zero suppression 1. In computer operation, auto- 
matic nonsignificant leading-zero cancellation. 
2. Absence or removal of a restraining medium, 
such as a noise-suppression voltage. 3. In an au- 
dio recording system, the introduction of a volt- 
age to cancel the steady-state component of the 
input signal. 

zero temperature 1. The point from which tem- 
peratures are reckoned on a thermometer scale. 
On the Celsius (centigrade) scale, zero degrees 
corresponds to the freezing point of pure water at 
standard atmospheric pressure. On the Fahren- 
heit scale, zero degrees is 32 degrees colder than 
the freezing point of pure water at standard at- 
mospheric pressure. On the Kelvin or Rankine 
scales, zero degrees corresponds to the complete 
absence of thermal energy; it is the coldest possi- 
ble temperature. 2. A temperature point relative 
to which all other temperatures are reckoned. 

zero temperature coefficient A temperature coef- 
ficient having the value zero (i.e., one that indi- 
cates there is no temperature-dependent drift of a 
given quantity). 

zero terminal See ZERO-INPUT TERMINAL and 
ZERO-OUTPUT TERMINAL. 

zero time 1. In some measurements, the first in- 
stant of time, to which all other instants are re- 
ferred. 2. See ZERO PHASE. 

zero time reference During one cycle of radar op- 
eration, the time reference of the schedule of 
events. 

zero vector A vector whose magnitude is zero. 

zero voltage See ZERO POTENTIAL. 

zero voltage coefficient A voltage coefficient hav- 
ing the value of zero (i.e., one that indicates there 
is no voltage-dependent drift of a given quantity). 

zero-zero The atmospheric condition in which the 
ceiling and visibility both are zero (i.e., extremely 
dense fog). 
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Z gain The gain (or gain control) of the intensity 
channel of an oscilloscope. Compare X GAIN and 
Y GAIN. 

zig The short, straight deflection of a point or par- 
ticle, or of a wave along a jagged path in a direc- 
tion opposite that of ZAG; a component of 
ZIGZAG DEFLECTION. 

zigzag deflection Deflection of a particle, point, or 
object in a path that contains side-to-side mo- 
tion, as well as forward motion. Also see ZAG and 
ZIG. 

zigzag rectifier A special version of the three- 
phase star (three-phase, half-wave) rectifier cir- 
cuit. Direct-current (dc) saturation of the 
transformer secondary is avoided by winding half 
the turns of each secondary on a separate core 
(i.e., each core carries two half-windings). The op- 
posing flux resulting from different phases in the 
half-windings causes cancellation of the dc com- 
ponent of flux in each core. 

zigzag reflections Multihop reflections of waves 
along a zigzag path, resulting from repeated re- 
flections within the ionosphere. 

zine Symbol, Zn. A metallic element. Atomic num- 
ber, 30. Atomic weight, 65.39. It is used as the 
negative-electrode material in dry cells and as a 
protective coating for some metals used in elec- 


tronics. 
o+ 
de Output 
Three- 
phase 
input 


zigzag rectifier 


zinc aluminate phosphor Either of two similar 
substances used as a phosphor coating for 
cathode-ray tube screens. One form glows blue; 
the other form glows red. 

zinc beryllium silicate phosphor A _ substance 
used as a phosphor coating for cathode-ray-tube 
screens. It glows yellow. 

zinc beryllium zirconium silicate phosphor A 
substance used as a phosphor coating for cath- 
ode-ray-tube screens. It glows white. 

zinc borate phosphor A substance used as a 
phosphor coating for cathode-ray-tube screens. It 
glows yellow-orange. 


zinc cadmium sulfide phosphor Either of two 
similar substances used as a phosphor coating 
for cathode-ray-tube screens. One form glows 
blue; the other form glows red. 

zinc-carbon cell A common _ non-rechargeable 
electrochemical cell. Produces approximately 
1.5 volts under no-load conditions. Zinc forms 
the outer case or shell, and is the negative elec- 
trode. A carbon rod serves as the positive elec- 
trode. The electrolyte is a paste of manganese 
dioxide and carbon. The cell is inexpensive, and 
is commercially available in various sizes. The 
shelf life is fairly long. Cells of this type work well 
at moderate temperatures, and in applications 
where the current drain is moderate to high. 
They function poorly at low temperatures. Com- 
pare ALKALINE CELL. 

zinc germanate phosphor A substance used as a 
phosphor coating for cathode-ray-tube screens. It 
glows yellow-green. 

zinc magnesium fluoride phosphor A substance 
used as a phosphor coating for cathode-ray-tube 
screens. It glows orange. 

zincolysis Electrolysis in a cell having a zinc 
anode. 

zinc orthoscilicate phosphor Also called Willemite. 
A substance used as a phosphor coating for 
cathode-ray-tube screens. It glows yellow-green. 

zinc oxide A substance used as a phosphor coat- 
ing for cathode-ray-tube screens. It glows blue- 
green. It is also used in the manufacture of 
certain electronic components, such as resistors. 

zinc-oxide resistor A voltage-dependent resistor 
whose active ingredient is zinc oxide. 

zinc silicate phosphor A substance used as a 
phosphor coating for cathode-ray-tube screens. It 
glows blue. 

zinc standard cell A standard cell using zinc and 
mercury electrodes, and a mercurous sulfate ex- 
citant and depolarizer. Produces 1.4322 volts at 
15°C. Also called Clark cell. Compare WESTON 
CELL. 

zinc sulfide phosphor A substance used as a 
phosphor coating for cathode-ray-tube screens. 
Glows blue-green or yellow-green. 

ZIP Abbreviation of zinc-impurity photodetector. 

zip cord A simple two-conductor, flexible power 
cord. 

zirconia Preparations of zirconium (especially 
ZrO), valued for their high-temperature dielectric 
properties. 

zirconium Symbol, Zr. A metallic element. Atomic 
number, 40. Atomic weight, 91.22. 

Z marker A vertically radiating marker beacon 
defining the zone above a radio-range station. 

Z meter A device for measuring impedances. In- 
struments of this kind take four principal forms: 
(1) a direct-reading meter resembling an ohmme- 
ter; (2) an adjustable circuit manipulated some- 
what like a bridge and that compares an 
unknown impedance with a standard resistance; 


—P— 





(3) an impedance bridge for evaluating the reac- 
tive and resistive components of an unknown 
impedance; (4) a section of transmission line 
used with a signal source and voltmeter for mea- 
suring impedance in terms of a standard resistor 
and/or standing waves. 

ZMODEM In data communications, an error-cor- 
rection mode similar to XMODEM, except that 
when an error is found during transmission of a 
block of data, the source retransmits only that 
portion of the block following the error. This im- 
proves data transmission speed because, when 
an error occurs, the number of bytes retransmit- 
ted is generally fewer than the 128K block size 
standard in XMODEM. Compare XMODEM and 
YMODEM. 

Zn_ 1. Symbol for ZINC. 2. Symbol for AZIMUTH. 

Zo Symbol for CHARACTERISTIC IMPEDANCE. 

zone 1. On a magnetic disk, a group of tracks 
whose associated transfer rate is not the same as 
that for the rest of the disk. 2. In computer oper- 
ations, the area of a storage medium containing 
digits. 3. In a computer system, a main memory 
area set aside for a particular purpose. 4. In a se- 
curity system, a specified area or region under 
surveillance. 

zone blanking In a radar system, a method of ex- 
tinguishing the cathode-ray-tube beam during a 
portion of the antenna sweep. 

zone candle power In a given zone, the luminous 
flux per steradian, emitted by a light source un- 
der test. 

zoned circuit In a security system, a circuit in 
which some areas are protected at all times, while 
the protection in other areas can be temporarily 
disabled for entry or exit. 

zone leveling See ZONE REFINING. 

zone marker See Z MARKER. 

zone melting See ZONE REFINING. 

zone of silence The region between alternate re- 
flections of a radio wave, in which no signal is de- 
tectable. Also called skip zone. 

zone plate antenna A rapid-scan radar antenna 
having a reflector composed of confocal parabolas 
arranged in a circle. 

zone-position indicator A radar that reveals the 
position of an object to a second radar having a 
restricted field. 

zone purification See ZONE REFINING. 

zone refining A method of purifying semiconduc- 
tor materials (such as germanium and silicon) in 
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which a molten zone in an ingot of the material 
moves along the length of the ingot, dissolving 
impurities as it travels, eventually depositing 
them at the end of the ingot, which is sawed off. 
This concentrated and segregated melting is ac- 
complished by means of radio-frequency heating. 

zone time In a given time zone, standard time in 
terms of the number of hours that must be added 
to local time to equal the time at the zero (Green- 
wich) meridian. 

zoning 1. A method of fabricating a microwave 
reflector in concentric, flat regions, producing 
the same practical results as a continuous 
paraboloid. 2. In a communications system, the 
division of the coverage area into different geo- 
graphic regions for a specific purpose. 

zoom 1. To rapidly change the focal length of a 
television or motion-picture camera lens so that 
the object seems to advance toward or recede 
from the viewer, remaining in focus as it does so. 
2. See ZOOM LENS. 3. To magnify the image ina 
computer graphical user interface. A user can en- 
large a specific portion of the display, at the ex- 
pense of other portions. It is generally measured 
in percent (e.g., 200% zoom represents a magnifi- 
cation factor of 2). 

zoom lens A continuously adjustable lens system 
that allows zoom effects to be obtained with a 
television or motion-picture camera, or a similar 
arrangement for still cameras that obviates the 
need for lens interchange when different focal 
lengths are needed. The lens system, which can 
be operated electronically, allows either narrow- 
or wide-angle views to be obtained without losing 
focus at any time. 

Z parameters Device or network parameters ex- 
pressed as impedances. 

ZPI Abbreviation of ZONE-POSITION INDICATOR. 

Z-plunger In a waveguide, a combination choke 
and bucket plunger for radiation leakage reduc- 
tion. 

Zr Symbol for ZIRCONIUM. 

Zsignals A collection of letter groups, each starting 
with the letter Z, used for simplified telegraphy 
and radiotelegraphy by the military services. 

Zulu Phonetic alphabet communications 
word for the letter Z. 

Zulu time Greenwich mean time. Also see ZEBRA 
TIME. 

zwitterion An ion that carries both a positive and 
a negative charge. 
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Schematic symbols 


Ammeter 
Amplifier general 


Amplifier, inverting 


AND gate 





Antenna, balanced 
Antenna, general 


Antenna, loop 


_oy- 
= 
= 

Anpitct epeaictal —— 
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Antenna, loop, multiturn 














vie 





Battery — | 





Capacitor, feedthrough 











Capacitor, fixed ras 0 La 





Capacitor, variable 


Capacitor, variable, split-stator 


Capacitor, variable, split-rotor ani 
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Cathode, electron-tube, cold 


Cathode, electron-tube, directly heated 


Cathode, electron-tube indirectly heated 


Cavity resonator 


Cell, electrochemical 


Circuit breaker 


Coaxial cable 


Crystal, piezoelectric 


Delay line 


Diac 


Diode, field-effect 


Diode, general 


Diode, Gunn 


Diode, light-emitting 


Diode, photosensitive 
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Diode, PIN 


Diode, Schottky 


Diode, tunnel 


Diode, varactor 


Diode, zener 


Directional coupler 


Directional wattmeter 


Exclusive-OR gate 


Female contact, general 


Ferrite bead 


Filament, electron-tube 


Fuse 


Galvanometer 


Grid, electron-tube 


Ground, chassis 
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Ground, earth 


Headset 


Handset, double 


Headset, single 


Headset, stereo 


Inductor, air core 


Inductor, air core, bifilar 


Inductor, air core, tapped 


Inductor, air core, variable 


Inductor, iron core 


Inductor, iron core, bifilar 


Inductor, iron core, tapped 


Inductor iron core, variable 


Inductor, powdered-iron core 


Inductor, powdered-iron core, bifilar 
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Inductor, powdered-iron core, tapped 


Inductor, powdered-iron core, variable 


Integrated circuit, general (Design-show) 


Jack, coaxial or phono 


Jack, phone, two-conductor 


Jack, phone, three-conductor 


Key, telegraph 


Lamp, incandescent 


Lamp, neon 


Male contact, general 


Meter, general 


Microammeter 





Microphone 
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Microphone, directional 


Milliammeter 


NAND gate 


Negative voltage connection 


NOR gate 


NOT gate 


Optoisolator 


OR gate 


Outlet, two-wire, nonpolarized 


Outlet, two-wire, polarized 


Outlet, three-wire 


Outlet, 234-V 


Plate, electron-tube 


Plug, two-wire, nonpolarized 
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Plug, two-wire, polarized 


Plug, three-wire 


Plug, 234-V 


Plug, coaxial or phono 


Plug, phone, two-conductor 


Plug, phone, three-conductor 


+ 


Positive voltage connection 


Potentiometer 


Probe, radio-frequency 


Rectifier, gas-filled 


Rectifier, high-vacuum 


Rectifier, semiconductor 


Rectifier, silicon-controlled 
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= 

Relay, double-pole, double-throw a ical 
—o 

YN 

I 

— | 

Hw 

Relay, double-pole, single-throw Net 


Relay, single-pole, double-throw 


Relay, single-pole, single-throw 


Resistor, fixed 


Resistor, preset 


Resonator 
Rheostat 


Resistor, tapped | 


Saturable reactor =—_ 


—_T05T__ 
Signal generator —~)— 


Solar battery 


AK-47 


Semi-AutomaticRifle 


Elevating Slide Catch 
Slide Catch Spring 
Extractor 

Extractor Pin 


nm 
-_ 
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Extractor Spring 

Firing Pin 

Firing Pin Spring 

Firing Pin Retaining Pin 
Front Sight Base 

Front Sight Base Pins (2) 
Front Sight 

Front Sight Adjusting Block 
Gas Piston 

Gas Piston Pin 

Gas Port Block 

Gas Port Block Retaining Pin 
Hammer 

Hammer Pin 

Hammer Spring 

Barrel Pin 

Lower Handguard 

Lower Handguard Band 
Lower Handguard Clamp 
Lower Handguard Lock 
Lower Handguard Ferrule 


42 
43 
ad 
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Magazine 

Magazine Catch 
Magazine Catch Pin 
Magazine Catch Spring 
Barrel. Bushing 

Barrel Bushing Lock 
Barrel Bushing Lock Spring 
Pistol Grip 

Pistol Grip Escutcheon 
Pistol Grip Screw 

Pistol Grip Base 

Pistol Grip Cap 

Bayonet 

Bayonet Pivot Pin 
Receiver Pin Lock Spring 
Rear Sight Base 

Rear Sight Elevating Side 
Rear Sight Pin 

Rear Sight Leaf 

Rear Sight Spring 


Receiver & Barrel Assembly" 


63 
64 
65 
66 
67 
68 
69 
70 
71 
72 
73 
74 
75 
76 
77 
78 
79 
80 


81 
82 


Receiver Cover 

Front Recoil Spring Guide 
Rear Recoil Spring Guide 
Front Guide Retainer 

Recoil Spring 

Safety Lever 

Disconnector 

Disconnector Spring 

Safety Lever Stop 

Front Swivel 

Rear Swivel 

Rear Swivel Screws (2) 
Trigger/Sear 

Trigger Guard 

Front Trigger Guard Rivets (2) 
Rear Trigger Guard Rivet 
Trigger Pin 

Upper Handgrd. Gas Cylinder 
Handguard Latch 

Tang Screws (2) 


“Restricted 
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\ 
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Solar cell 


| 
ile 


Source, constant-current 


Source, constant-voltage 


Speaker 


Kd ¢ 


j 


Switch, double-pole, double-throw 


N 


—o 
/ rn 7 7 
Switch, double-pole, rotary = = 
9 a | 
No 
—o 


Switch, double-pole, single-throw 


—— 


Switch, momentary-contact 


Switch, silicon-controlled 


o— 


Switch, single-pole, rotary 


Switch, single-pole, double-throw 


bu | 
a wu ‘Ki } 


Switch, single-pole, single-throw 
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: ——_O 
Terminals, general, balanced 
——O 
—o 
Terminals, general, unbalanced Ao 
Test point ————(C TP 
Thermocouple or 


Transformer, air core g E 
Transformer, air core, step-down : g 


Transformer, air core, step-up 3 E 


Transformer, air core, tapped primary = a 
Transformer, air core, tapped secondary 3 = 


Transformer, iron core Els 
Transformer, iron core, step-down ale 


Transformer, iron core, step-up al 


Transformer, iron core, tapped primary 35 
Transformer, iron core, tapped secondary ae 


Appendix A 


4/10/01 10:39 AM Page 783 fb 


Transformer, powdered-iron core 


Transformer, powdered-iron core, step-down 


Transformer, powdered-iron core, step-up 


Transformer, powdered-iron core, tapped primary 


Transformer, powdered-iron core, 


tapped secondary 


Transistor, bipolar, NPN 


Transistor, bipolar, PNP 


Transistor, field-effect, N-channel 


Transistor, field-effect, P-channel 


Transistor, MOS field-effect, N-channel 


Transistor, MOS field-effect, P-channel 


Transistor, photosensitive, NPN 


Transistor, photosensitive, PNP 
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Transistor, photosensitive, field-effect, 
N-channel 


Transistor, photosensitive, field-effect, 
P-channel 


Transistor, unijunction 


Triac 


Tube, diode 


Tube, heptode 


Tube, hexode 


Tube, pentode 


Tube, photosensitive 


Tube, tetrode 
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Tube, triode 


Voltmeter 


Wattmeter 


Waveguide, circular 


Waveguide, flexible 


Waveguide, rectangular 


Waveguide, twisted 


hedgge | 


(preffered) 
or 
(alternative) 


(preffered) 
or 
(alternative) 


Wires, crossing, connected 


Wires, crossing, not connected 


= 
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Conversion between Electrical Systems 


System 
cgs cgs 
Property mks electromagnetic electrostatic 
Capacitance 1 farad 107° abfarad 9 Xx 10'! statfarad 
10°F 1 abF 9 X 10°° statF 
10°''/9F 10° *°/9 abF 1 statF 
Charge 1 coulomb 0.1 abcoulomb 3 X 10° statC 
10C 1 abC 3 x 10'° statC 
1077/3. C 107 '°/3aC 1 statC 
Charge density 1 coulomb/m? 10-7 abcoulomb/em? 3 X 10° statcoulomb/em? 
10’ C/m? 1 abC/em? 3 X 10!° statCcm? 
10°-°/3 C/m? 10° 1°73 aC/cem* 1 statC/em? 
Conductivity 1 siemens/m 10° |! absiemens/em 9 X 10° statSiemens/em 
10"! S/m 1 abS/cm 9 x 10°° statS/em 
10-°/9 S/m 10°°°/9 abS/em 1 statS/em 
Current 1 ampere 10°‘ abampere 3 X 10° statampere 
10a LabA 3 Xx 101° statA 
10°-°/3.a 10 '°/3 abA 1 statA 


Current density 


1 ampere/m? 


10-° abampere/cm? 


3 X 10° statampere/cm? 


10° A/m? 1 abA/cm? 3 x 10!° statA/cm? 
10-°/3 A/m? 107 19/3 aA/em? 1 statA/cm? 
Electric field intensity 1 volt/m 10° abvolt/em 10~ 4/3 statvolt/em 
10-° V/m 1 abV/cm 107 '°/3 statV/em 
3 X 104 V/m 3 x 10° aV/em 1 statV/em 
Electric potential 1 volt 108 abvolt 10° 7/3 statvolt 
10°-8v labV 107 !°/3 statV 
3x 10?V 3 x 10!’ av 1 statV 
Electric dipole moment 1 coulomb-m 10 abC-cm 3 X 10!' statC-cm 
0.1 C-m 1 abC-cm 3 x 10!° statC-cm 
10° ''/3 C-m 107 '°/3 abC-cm 1 statC-cm 
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Property 


Energy 


Force 


Flux density 


Inductance 


Inductive capacity 


Magnetic flux 


Magnetic dipole moment 


Permeability 


Power 


Resistance 
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mks 


1 joule 
10°7J 
10°7J 


1 newton 
10 °N 
10°°N 


1 Weber/m” 
10° * Wb/m? 
310° Wb/m? 


1 henry 
10 °H 
9x 10"H 


1 farad/m 
10" F/m 
10° °/9 F/m 


1 weber 
10 °w 
3x 10°W 


1 ampere-m? 
10°° A-m? 
107'°/3 A-m? 


1 henry/m 
10°’ H/m 
9 x 10'3 H/m 


1 watt 
10 7W 
10°7W 
1 ohm 


10°? ohm 
9 x 10" ohm 


—$- 


cgs 


electromagnetic 


10* gauss (or abtesla) 


1G 
3x 10!°G 


10° abhenry 
1 abH 
9 X 10°° abH 


107 |! abfarad/em 
1 abF/cm 
10° 7°/9 abF/em 


10° Maxwell 
1 Mx 
3 x 10'° Mx 


10° abampere-cm? 
1 abA-cm* 
107 '°/3 abA-cm* 


10’ abhenry/em 
1 abH/cm 
9 x 107° abH/em 


10’ erg/s 
le/s 
le/s 


10° abohm 
1 abohm 
9 X 10°° abohm 


_ 


System 


cgs 
electrostatic 

10’ erg 

le 

le 

10° dyne 

ld 

ld 


10~°/3 electrostatic unit 
10 '°/3 esu 


1 esu 


10-''/9 stathenry 
10° 7°/9 statH 
1 statH 


9 X 10° statfarad/em 
9 X 107° statF/em 
1 statF/cm 


10/3 electrostatic unit 
10 '°/3 esu 


1 esu 


3 X10'? statampere-cm* 
3 X 10'° statA-cm? 


1 statA-cm? 


10° '3/9 stathenry/em 
10° °°/9 statH/cm 
1 statH/cm 


10’ erg/s 
le/s 
le/s 


1071/9 statohm 
10° 7°79 statohm 


1 statohm 
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GREEK ALPHABET 


Capital 
A 


SEeKEKHMUAOCHIAZZSSFAHODNMEOD 


Lowercase 


Ww 


ase 


q 
SEexRSCAUGvAoMmMrvsd KR 


Name 
alpha 
beta 
gamma 
delta 
epsilon 
zeta 
eta 
theta 
iota 
kappa 
lambda 
mu 

nu 

xi 


omicron 


pi 

rho 
sigma 
tau 
upsilon 
phi 

chi 

psi 
omega 


Mathematical Functions 


Signs and symbols 


x Hi 1 + 8 ° 


Sy 


or = 


radix (base) point 


multiplication symbol; logic AND function 


infinity 

plus; positive; logic OR function 
minus; negative 

plus or minus; positive or negative 
minus or plus; negative or positive 
times 

divided by 

divided by (expressive of a ratio) 
equal to 

identical to; is defined by 
approximately equal to, congruent to 


approximately equal to 


not equal to 

similar to 

less than 

not less than 

much less than 

greater than 

not greater than 

much greater than 
equal to or less than 
equal to or greater than 
proportional to; varies directly as 
approaches 

is to; proportional to 


therefore 
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@ 


fas) 


Q) 
[] 


Operations 
x+y 
x—y 


xXe*y,x xX y, 
or xy 


x+y 
x/y or > 
y y 


\/x 


Ixl 


x,X, or X 


at the rate of; at cost of 
natural number = 2.71828 


pi ~ 3.14159... 


parentheses (use to enclose a group of terms) 


brackets (use to enclose a group of terms that 
includes one or more groups in parentheses) 


braces (use to enclose a group of terms that 
includes one or more groups in brackets. 


angle 

degrees (arc or temperature) 
minutes; prime 

seconds; double prime 
parallel to 

perpendicular to 

and beyond 


(del or nabla) vector differential operator 


x added to y; x OR y 
y subtracted from x 


multiplied by y; x AND y 


x divided by y 


x divided by y 


reciprocal of x 


x raised to the indicated power of n 
indicated root n of x 

xis toy 

absolute value of x, magnitude of x 


vector X 


—$- 


x 
(x) or F(x) 


1 


ooh FH Maly 


Pa re rc 
& 


= 


average value of x; x not 


function of x 


V-1 


operator, equal to V —1 
increment of x 


differential of x 


partial differential of x 


change in x with respect to y 


derivative of x with respect to y 


derivative of x with respect to y 
derivative of x with respect to y 


partial derivative of x with respect to y 


summation 


summation between limits (from a to b) 


product 


product between limits (from a to b ) 


integral 


integral between limits (from a to b) 


integral of x with respect to y 
evaluated at a 
evaluated between limits (from a to b) 


factorial of n 
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RESISTOR COLOR CODE 
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Prefix 


atto- 
femto- 
pico- 
nano- 
micro- 
milli- 
centi- 
deci- 
deka- 
hecto- 
kilo- 
mega- 
giga- 
tera- 
peta- 
exa- 


Prefixes 
Quantity 


190 !8 
10° '° 
10°! 
10° 
10° 
103 
10°? 
10°! 


Symbol 
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The first three color bands supply the total resistance. The fourth color (if any ) gives the tolerance. Example: A 


5,600-ohm resistor would have green (first color, 5), blue (second color, 6) and red 


black 
brown 
red 
orange 
yellow 
green 
blue 
violet 
gray 
white 
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gold + 5% 


silver + 10% 
no band + 20% 











oo |1} |2 4 body ——— 
2 3 
black = 0 black = 
brown = 1 brown = 0 
red = 52 red = 00 
orange = 3 orange = 000 
yellow = 4 yellow = 0000 
green = 5 green = 00000 
blue ="..6 blue = 000000 
violet = 7 gold = multiply by 0.1 
gray = 8 silver = multiply by 0.01 
white = 9 
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30 
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13) 
Sd 
Wy 
1. Slant Muzzle Brake Lo 
2. Detent Plunger Wr WS \" 
3. Detent Spring WAM AN} h AN Nh 
4. Front Sight / Gas Block Retaining 
Pins 19. Rear Sight Block 35. Gas Piston 51. Butt Plate Assembly 
5. Front Sight Post 20. Gas Tube Locking Lever 36. Bolt Carrier Body 52. Sling Swivel Assembly 
6. Front Sight Post Adjustment Base 21. Barrel Retaining Pin 37. Bolt Body 53. Safety Selector Lever 
7. Front Sight Block 22. Front Trunnion 38. Firing Pin 54. Selector Stop 
8. Gas Block 23. Full Auto Sear Spring 39. Ejector Spring 55. Magazine Catch Spring 
9. Barrel 24. Full Auto Rate Reducer Spring 40. Extractor 56. Magazine Catch 
10. Cleaning Rod 25. Receiver 41, Extractor Retaining Pin 57. Magazine Catch Retaining Pin 
11. Handguard Retainer 26. Hammer, Trigger, Sear Axis Pin 42. Firing Pin Retaining Pin 58. Trigger Guard 
12. Upper Handguard 27. Hammer 43. Full Auto Disconnector 59. Magazine Body 
13. Handguard Retainer Spring 28. Hammer Spring 44. Disconnector Spring 60. Magazine Floor Plate 
14. Gas Tube 29. Dust Cover 45. Trigger 61. Magazine Follower 
15. Lower Handguard Tensioning 30. Recoil Spring 46. Full Auto Rate Reducer 62. Magazine Spring 
Spring 31. Recoil Spring Rear Guide 47. Pistol Grip Nut 63. Magazine Follower Spring 
16. Lower Handguard 32. Recoil Spring Front Guide 48. Stock Screw Base Plate 
17. Rear Sight Leaf 33. Recoil Spring Retainer 49. Fixed Stock Rear Trunnion 64. Pistol Grip 


18. Rear Sight Leaf Spring 34. Bolt Carrier Assembly Rivet 50. Fixed Stock 65. Pistol Grip Screw 
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ABLOWITZ-KAUP-NEWELL-SEGUR 


SYSTEM 

In 1967, Gardner, Greene, Kruskal, and Miura (or 
GGKM) (Gardner et al., 1967) showed that the 
Kortegweg—de Vries (KdV) equation 


qt + 69qgx + Gxxx = 9, (1) 


with rapidly decaying initial data on — co <x <o, 
can be linearized using direct and inverse scattering 
methods associated with the linear Schrédinger 
equation 

Uxx +17 + q(x, D]v = 0. (2) 


The KdV equation is of practical interest, having been 
first derived in the study of long water waves (Korteweg 
& de Vries, 1895) and subsequently in several other 
areas of applied science. 

In the method proposed by Gardner et al., the solitary 
wave (soliton) solution to the KdV equation (1) 


q= 2x? sech? K(x — 4?t — xo) 


and multisoliton solutions are associated with the 
discrete spectrum of Equation (2). The discrete 
eigenvalues were shown to be invariants of the KdV 
motion; for example, the above soliton solution is 
associated with the discrete eigenvalue of Equation (2) 
at k = ik. 

At that time, it was not clear whether the method 
could be applied to other physically significant equa- 
tions. In 1972, however, Zakharov and Shabat (1972) 
used an operator formalism developed by Lax (1968) 
to show that the nonlinear Schrédinger (NLS) equation 


ide + xx + lglg = 0, G3) 
with rapidly decaying initial data on — 00 <x <o0, 


could also be linearized by direct and inverse scattering 
methods. 


The NLS equation was known to arise in many 
physical contexts (Benney & Newell, 1967) and in 1973 
Hasegawa and Tappert showed that the NLS equation 
describes the long-distance dynamics of nonlinear 
pulses in optical fibers (Hasegawa & Tappert, 1973). 
Motivated by these developments and indications that 
other equations fit into this category, David Kaup, Alan 
Newell, Harvey Segur, and the present author (Ablowitz 
et al., 1973, 1974) studied the following modification 
of the Zakharov—Shabat system: 


Vix = —ifv1 +402, 








V2x = ifv2 +rv1, (4) 
vir = Av, + Bro, 
v2 = Cv Tt Dv. (5) 


In Equations (4) and (5), v; and v2 are auxiliary 
functions obeying the postulated linear systems; 
Equation (4) play the same role as Equation (2), 
whereas Equation (5) determine the temporal evolution 
of the functions v; and v2. (The evolution equation 
associated with the auxiliary function v for the KdV 
equation was not given above.) The method establishes 
that the functions g=q(x,t) and r=r(x,f) satisfy 
nonlinear equations when the (yet to be determined) 
functions A, B, C, and D are properly chosen. 

The key to this approach is to make Equations (4) 
and (5) compatible, that is, set the x-derivative of uj+ 
equal to the t-derivative of v;,. In other words, we set 
the x-derivative of the right-hand side of Equations 
(5) equal to the t-derivative of the right-hand side of 
Equations (4). The result of this calculation yields the 
following equations for A, B, C, and D: 


Ay = qC-—rB, 
By, +2i¢B = q; — 2Aq, 
C, — 2if¢C = ry + 2Ar, 
D=-A. (6) 


In Ablowitz et al. (1973, 1974; see also Ablowitz 
& Segur, 1981), methods to solve these equations are 
described. The simplest procedure is to look for finite 


power series expansions such as A= apne, c' A; and 
similarly for B and C. 

For example, with N = 2, we find withr = + q* that 
the nonlinear Schrédinger equation (3) with o = +1 is 
anecessary condition. In this case there are 11 equations 
for the nine unknowns {A;, B;, C;}, i=0, 1,2, and 
the remaining two equations determine the nonlinear 
evolution equations for g and r (in this case NLS when 
q = Fr"). 

With N = 3 andr = —1, we find that g must satisfy 
the KdV equation. Also, with r= + q, the modifed 
KdV equation 




















ns 6q°qx + xxx = 0 (7) 


results. 

If we look for expansions containing inverse powers 
of ¢, additional interesting equations can be obtained. 
For example, postulating A = a/¢, B= b/¢,C =c/é 
results in the sine-Gordon and sinh-Gordon equations 


Ux = sinu, (8) 
Ux; = Sinhu, (9) 
where g= — r= — ux/2 in Equation (8) and g= 


r = ux/2 in Equation (9). The sine-Gordon equation 
has been known to be an important equation in the 
study of differential geometry since the 19th century 
(cf. Bianchi, 1902), and it has found applications 
in the 20th century as models for dislocation pro- 
pagation in crystals, domain walls in ferromagnetic 
and ferroelectric materials, short-pulse propagation in 
resonant optical media, and magnetic flux propagation 
in long Josephson junctions, among others. 

Thus, a number of physically interesting nonlinear 
wave equations are obtained from the above formalism. 
In Ablowitz et al. (1973, 1974; see also Ablowitz & 
Segur, 1981), it was further shown as to how this 
approach could be generalized to a class of nonlinear 
equations described in terms of certain nonlinear 
evolution operators that were subsequently referred to 
in the literature as recursion operators. 

Further, the whole class of nonlinear equations with 
rapidly decaying initial data on —o0o <x <0o was 
shown to be linearized via direct and inverse scattering 
methods. Special soliton solutions are associated with 
the discrete spectrum of the linear operator (4), and via 
(5) the discrete eigenvalues were shown to be invariants 
of the motion. In subsequent years, asymptotic analysis 
of the integral equations yielded the long-time behavior 
of the continuous spectrum, which in turn showed 
the ubiquitous role that the Painlevé equations play in 
integrable systems (cf. Ablowitz & Segur, 1981). 

Because this formulation is analogous to the method 
of Fourier transforms, the method was termed the 
inverse scattering transform or simply the IST. 

Mark J. ABLOWITZ 
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transform; Korteweg-de Vries equation; Nonlinear 
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ADIABATIC INVARIANTS 

Adiabatic invariants, denoted by /, are approximate 
constants of motion of a given dynamical system (not 
necessarily Hamiltonian), which are approximately 
preserved during a process of slow change of the 
system’s parameters (denoted by 4). This change is on 
a time scale T, which is supposed to be much larger 
than any typical dynamical time scale such as traversal 
time or the period of the shortest periodic orbits. 

This is an asymptotic statement, in the sense that 
the adiabatic invariants are better preserved, the slower 
the driving of the system. In other words, the switching 
function A = A(t) varies more slowly on the typical evo- 
lutionary time scale T, and the preservation is perfect 
in the limit T — oo. 

The important point is that while the system’s 
parameters A(t) and their dynamical quantities such 
as the total energy and angular momentum can 
change by arbitrarily large amounts, their combina- 
tion involved in the adiabatic invariant J is preserved 
to a very high degree of accuracy, and this allows 
us to calculate changes of important quantities in 
dynamical systems. Examples arise in celestial me- 
chanics, in other Hamiltonian systems, and in the 
motion of charged particles in magnetic and electric 
fields. 

The accuracy of preservation can be calculated 
in systems with one degree of freedom and is 
exponentially good with T if the switching function 
A(t) is analytic (of class C); that is to say, the change 
of the adiabatic invariant AJ is of the form 


AI =a exp(—8T), qd) 


where a and # are known constants. If, however, 
the switching function A(t) is only of class C” 
(m-times continuously differentiable), then the change 
of the adiabatic invariant AJ during an adiabatic change 
over a time period of length T is algebraic only, 
namely 


Al =aT tt), (2) 


In both cases, AJ > 0 as T > cw. 

The fact that the evolutionary time scale T is 
large compared to the typical shortest dynamical 
time scales (average return time, etc.) suggests 
the averaging method or the so-called averaging 
principle. Here the long-term evolution (adiabatic 
evolution) of the system can be calculated by 
replacing the actual dynamical system with its averaged 
correspondent, obtained by averaging over the shortest 
dynamical time scales (the fast variables). Such a 
procedure is well known, for example, in celestial 
mechanics where the secular effects of the third-body 
perturbations of a planet are obtained by averaging 
the perturbations over one revolutionary period of the 
perturbers. This was done by Carl Friedrich Gauss 


in 1801 in the context of studying the dynamics of 
planets. 

The adiabatic invariants can be easily calculated in 
one-dimensional systems and in completely integrable 
systems with N degrees of freedom. Something is 
known about the ergodic Hamiltonian systems, while 
little is known about adiabatic invariants in mixed- 
type Hamiltonian systems (with divided phase space), 
where for some initial conditions in the classical phase 
space, we have regular motion on invariant tori and 
irregular (chaotic) motion for other (complementary) 
initial conditions. 

One elementary example is the simple (mathe- 
matical) pendulum, of point mass m and of length / 
with the declination angle gy, described by the 
Hamiltonian 


2 
g 
= —. — mgl cosg, 3 
am? 8 g (3) 
where Py= mli2@ is the angular momentum. For 
small oscillations ¢ < 1, around the stable equilibrium 
gy =0. It is described by the harmonic Hamiltonian 


pa Pe, mal ge 4 

Saye oe (4) 

Here the angular oscillation frequency is w= 2m7v= 
/g/1, where v is the frequency and g is the grav- 
itational acceleration. We denote the total energy of 
the Hamiltonian H’ by E. Paul Ehrenfest discovered 
that the quantity 7 = E/q is the adiabatic invariant 
of the system, so the change of E(t) on large time 
scales T >> 1/vissuchthat J = E(t)/w(t) remains con- 
stant. Therefore, if for example the length of the pendu- 
lum / =/(t) is slowly, adiabatically changing, then the 
energy of the system will change according to the law 


E= za, (5) 


where Eo and /o are the initial values and E and / the 
final values of the two variables. One can easily show 
that the oscillation amplitude yp changes as [~3/* as 
the length / changes. This is an elementary example 
of a dynamically driven system in which the change 
of energy E can be very large, as is the change of w, 
but J = E/a is a well-preserved adiabatic invariant; in 
fact, it is exponentially well preserved if the switching 
function A(t) is analytic. 

More generally, for Hamiltonian systems H(q, p, A) 
with one degree of freedom, whose state is described by 
the coordinate qg and canonically conjugate momentum 
p in the phase space (q, p), and A = A(f) is the system’s 
parameter (slowly changing on time scale T), one can 
show that the action integral 


1 
I(E,4) = I(E(t), A(t) = a f 7 (6) 


is the adiabatic invariant of the system, where the con- 
tour integral is taken at a fixed total energy E anda fixed 
value of i. In this case, 27 / is interpreted as the area 
inside the curve E = const. in the phase plane (q, p). 
The accuracy is exponentially good if A(t) is an ana- 
lytic function and algebraic if it is of class C”’. More- 
over, the theorem holds true only if the frequency w is 
nonzero. 

This implies that a passage through a separatrix (in 
the phase space of a one-dimensional system) is ex- 
cluded because w = 0; thus a different approach is nec- 
essary with a highly nontrivial result. When crossing a 
separatrix of a one-dimensional double potential well 
from outside in an adiabatic way going inside, a bifur- 
cation takes place, and the capture of the trajectory in 
either of the two wells is possible with some probabili- 
ties. These probabilities can be calculated quite easily, 
and the spread of the adiabatic invariant AJ after sucha 
passage can also be calculated, but this is more difficult. 
Important applications are found in celestial mechan- 
ics, where an adiabatic capture of a small body near 
a resonance with a planet can take place; in plasma 
physics; and in quantum mechanics of states close to 
the separatrix (in the semiclassical limit). 

This is an interesting result, because J is precisely 
that quantity which according to the “old quantum 
mechanics” of Bohr and Sommerfeld has to be 
quantized, that is, made equal to an integer multiple 
of Planck’s constant h. Of course, the old quantum 
mechanics is generally wrong, but it can be a good 
approximation to the solution of the Schrédinger 
equation. Even then, strictly speaking, the quantization 
condition in the sense of EBK or Maslov quantization, 
must be written in the form 


I af vay (n+ 5) h, (7) 


where n = 0, 1, 2, ... is the quantum number and a is 
the Maslov index, that is, the number of caustics (pro- 
jection singularities) round the cycle E = const. in the 
phase plane. For smooth systems with quadratic kinetic 
energy, it is typically a =2. Thus, at this semiclassi- 
cal level, we have the semiclassical adiabatic invariant, 
stating that in one-dimensional systems under an adia- 
batic change, the quantum number (and thus the eigen- 
state) is preserved. This agrees with the exact result in 
the theory of the Schrédinger equation in quantum me- 
chanics. Round a closed loop in a parameter space, a 
quantum system returns to its original state, except for 
the phase. (This closed-loop phase change is essentially 
the so-called Berry’s phase.) 

The method of averaging can also be used in N- 
dimensional Hamiltonians H = H(q, p), where q and 
p are N-dimensional vectors, but it works only in two 
extreme cases: the integrable case and the ergodic case. 

In a classical integrable Hamiltonian system we 
have N analytic, global, and functionally independent 











ADIABATIC INVARIANTS 


constants of motion A; = Aj(qg, p), i=1,2,...,N, 
pairwise in involution; that is, all Poisson brackets 
{A;, A;} vanish identically everywhere in phase space. 
The orbits in phase space are then confined to an 
invariant N-dimensional surface, and according to 
the Liouville—Arnol’d theorem the topology of these 
surfaces must be the topology of an N-dimensional 
torus. Then an action integral J = (1/27) f p-dgq along 
a closed loop on a torus will be zero if the loop can 
be continuously shrunk to a point on the torus. But 
there are loops that cannot be shrunk to a point due 
to the topology of the torus. Then the integral J is 
different from zero, otherwise its value does not depend 
on the particular loop, so in a sense it is a topological 
invariant of the torus. On an N-dimensional torus, 
there are N such independent elementary closed loops 
Cj,i=1,2,..., N. The integrals that we call simply 
actions or action variables 


= x p-dq (8) 
TIC; 
are then the most natural momentum variables on the 
torus, whilst angle variables © specifying the position 
on the torus labeled by J can be generated from the 
transformation 


aS, q) 

ar 
where S = f Pp - dq is an action integral on the torus. 

Applying the averaging principle (the method of 
averaging), one readily shows that for an integrable 
system the actions J are N adiabatic invariants, pro- 
vided the system is nondegenerate, which means that 
the frequencies 


O= (9) 


0H 
~ al 
on the given torus are not rationally connected; that is 
to say, there is no integer vector k such that w-k = 0. 
The problem is that during an adiabatic process the fre- 
quencies @ will change, and therefore, strictly speaking, 
there will be infinitely many points of 1 = i(t), where 
@ -k =0, which will, strictly speaking, invalidate the 
theorem. However, it is thought that if the degree of res- 
onances or rationality conditions @ - k = 0 is of a very 
high order, meaning that all components of k are very 
large, then the adiabatic invariants J; will be quite well 
preserved. But low-order resonances (rationality con- 
ditions) must be excluded. The details of such a process 
call for further investigation. 

When the N actions /; of an integrable system are 
quantized in the sense of Maslov, as explained above in 
the one-dimensional case, we again find agreement, at 
this semiclassical level, with quantum mechanics: in a 
family of integrable systems, all N quantum numbers 
and the corresponding eigenstates are preserved under 
an adiabatic change. 


(10) 
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Another extreme of classically ergodic and thus fully 
chaotic systems has been considered already by Hertz. 
He found that in such ergodic Hamiltonian systems 
the phase space volume enclosed by the energy sur- 
face H(q, p) = E =constant is the adiabatic invariant, 
denoted by 


ace) = f dNq dp. (11) 
H(q,p)sE 


Of course, here it is required that while the system’s 
parameter A(t) is slowly changing, the system itself 
must be ergodic for all A(t). Sometimes, this condition 
is difficult to satisfy, but sometimes it is easily fulfilled. 
Examples are the stadium of Bunimovich with varying 
length of the straight line between the two semicircles, 
or the Sinai billiard with varying radius of the circle 
inside a square. For an ergodic two-dimensional billiard 
of area A and point mass m, we have 


Q(E) = 2nmAE. (12) 


Therefore, when A is adiabatically changing, the ene- 
rgy E of the billiard particle is changing reciprocally 
with A. Diminishing A implies increasing E, and this 
can be interpreted as work being done against the “pres- 
sure” of only one particle, if we define the pressure as 
the time average of the momentum transfer at collisions 
with the boundary of our ergodic billiard. There is a 
formalism to proceed with this analysis close to the ther- 
modynamic formalism, as derived from statistical me- 
chanics, except that here we are talking about time ave- 
rages rather than phase averages of classical variables. 

Again, this general result for ergodic systems is 
interesting from the quantum point of view because 
N =Q(E)/(2xh)% is precisely the number of energy 
levels below the energy E in the semiclassical limit 
of very large N’, which is known as the Thomas— 
Fermi rule. It is the number of elementary quantum 
Planck cells inside the volume element H(q, p) < E. 
Indeed, quantum mechanically, the eigenstate and the 
(energy counting sequential) main quantum number VV 
are preserved under an adiabatic change. 

In case of a mixed-type Hamiltonian system, which 
is a typical case in nature, adiabatic theory is in 
its infancy. Moreover, in three or higher degrees of 
freedom, we have universal diffusion on the Arnol’d 
web, which is dense on the energy surface, even for 
KAM-type Hamiltonian systems that are very close to 
integrability, like our solar planetary system. On the 
Arnol’d web we have diffusional chaotic motion, and 
there is a rigorous theory by Nekhoroshev giving a 
rigorous upper bound to the diffusion rate in such a case. 
However, when compared with numerical calculations, 
it is found that the diffusion rate is many orders of 
magnitude smaller than the Nekhoroshev limit. In other 
words, the actual diffusion time is much longer than 
estimated by Nekhoroshev, implying that there we have 


some approximate adiabatic invariant for long times, 
but not very long times. 
Marko Rosnik 


See also Averaging methods; Berry’s phase; Bil- 
liards; Phase space; Quantum theory; Quasilinear 
analysis 
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ALFVEN WAVES 


The essence of Hannes Alfvén’s contributions to cos- 
mic and laboratory plasmas is his idea of combining 
electromagnetics and hydrodynamics (Alfvén, 1942), 
thus introducing the new concept of magnetohydrody- 
namics (MHD). Electromagnetic waves associated with 
the motion of conducting liquids in magnetic fields, 
now known as Alfvén waves, were first observed ex- 
perimentally (Lundquist, 1949; Lehnert, 1954). Later 
on, waves of this nature have turned out to be fun- 
damental constituents of numerous phenomena in all 
parts of the universe (Falthammar, 1995; Wilhelmsson, 
2000). In the pioneering experiments, liquid mercury 
was used by Lundquist, and liquid sodium by Lehn- 
ert, who achieved higher electrical conductivity and 
lower density, leading to a higher Lundquist number 
(lower damping). Alfvén used his early results to give a 
possible explanation for sunspots and the solar cycle 
(periodicity in the Sun’s activity) (Alfvén, 1942). 
Alfvén noticed that the Sun has a general magnetic field 
and that solar matter is a good conductor, thus fulfilling 
idealized requirements for the notion of an electromag- 
netic wave in a gaseous conductor or plasma. 

At a very early age, Alfvén was given a copy of 
a popular astronomy book by Camille Flammarion, 
which greatly stimulated his lifelong interest in astro- 
nomy and astrophysics. His early experiences building 
radio receivers at the school radio club were also 
important for his later activities. Interestingly, another 
great scientist, Albert Einstein, received a small 
compass as a present when he was five years old, which 


entirely absorbed his interest. He asked everybody 
around him what a magnetic field was and what 
gravity was, and later on in his life he admitted that 
this early experience might have influenced his lifelong 
scientific activities. Other similarities between the two 
scientists were that in their professional work both 
Einstein and Alfvén were very creative individualists, 
striving for simplicity of their solutions, and being 
skilled in many areas, they often looked at problems 
with fresh eyes. Both received Nobel Prizes in physics: 
Einstein in 1922, Alfvén in 1970. 

The simplest form of an Alfvén wave, a propagation 
of an electromagnetic wave in a highly conducting 
plasma, was first rejected by critics on the grounds 
that it could not be correct, otherwise it would already 
have been discovered by Maxwell. Furthermore, 
experiments had been performed with magnetic fields 
and conductive media by Ampére and others long 
ago. Nevertheless, “The Alfvén wave, in fact, is the 
very foundation on which the entire structure of 
magnetohydrodynamics (MHD) is erected. Beginning 
from a majestic original simplicity, it has acquired a rich 
and variegated character, and has ended up dictating 
most of the low-frequency dynamics of magnetized 
plasmas” (Mahajan, 1995). 

To visualize the interaction between the magnetic 
field and the motion of the conductive fluid, one may 
use an analogy with the theory of stretched strings to 
obtain a wave along the magnetic lines of force with a 
velocity v4, where 


2 
2 B 


vA, = 
Hop 


dq) 
and p is the mass density of the fluid, jo is the 
permittivity, and B is the magnetic field. 

The variations in velocity and current are mutually 
perpendicular and the magnetic field variations are 
in the direction of the fluid velocity variations, all 
variations being perpendicular to the direction of 
propagation. One may say that the variations of the 
magnetic field lines are frozen to those of the fluid 
motion, as can be deduced from electromagnetic 
equations, together with the hydrodynamic equation 
for the case of an incompressible fluid of infinite 
conductivity. The Alfvén wave is a low-frequency wave 
(@ <@ci, Mci being the ion cyclotron frequency) for 
which the displacement current is negligible. In fact, 
there are two types of Alfvén waves, for which 


@/k = va (torsional or shearwave) (2) 


and 
@/k = va (compressional wave) (3) 


where w is the frequency, e= kt +k, with ky and 
k, being the wave numbers along and perpendicular to 
the magnetic field. For the shear wave, the frequency 


ALFVEN WAVES 


depends only on kj and not on k, which has profound 
consequences and leads to a continuous spectrum 
(Mahajan, 1995). 

For determining plasma stability and in selecting 
schemes for plasma heating and current drive in fusion 
plasma devices, the understanding of Alfvén wave 
dynamics is of great importance and has led to a 
vast literature. Nonlinear effects are of relevance to 
large-amplitude disturbances frequently observed in 
laboratory and space plasmas (Wilhelmsson, 1976). 
The formation and propagation of Alfvén vortices 
with geocosmophysical and pulsar (electron-positron 
plasma) applications are just two examples. Alfvén 
waves have also found interesting applications in solid- 
state plasmas in semiconductors as well as in metals 
and semimetals. Such studies have resulted in refined 
methods of measuring magnetic fields. 

It is often said that the universe consists 99% of 
plasma. Alfvén used to say that it seems as if only the 
crust of the Earth is not plasma. In the mid-1960s, this 
author gave a talk at the Royal Institute of Technology 
in Stockholm about plasmas in solids (electrons and 
holes), which Hannes Alfvén himself attended. Among 
other things, the talk described recent observations of 
Alfvén waves in such plasmas, and Alfvén said: “Ah, 
they are here also. How interesting, I did not know that.” 

It was not until the middle of the 20th century that 
more intensive investigations on Alfvén waves in space 
and laboratory plasmas began. The slow development 
of the field of space plasmas was possibly because 
many physicists were not acquainted with the fact that 
electric currents can be distributed in large volumes 
and magnetic fields in such volumes can be present. 
Since then, the gigantic laboratory of the universe from 
the aurora originating in the Earth’s magnetosphere to 
quasars at the rim of the universe has attracted immense 
interest with regard to Alfvén waves. 

When propagating in inhomogeneous plasmas, for 
example, in the magnetosphere, the Alfvén wave expe- 
riences many interesting phenomena, including mode 
coupling, resonant mode conversion, and resonant 
absorption. We now know that shear Alfvén waves 
lie behind the phenomena of micropulsations in the geo- 
magnetic field and also acceleration of particles. Micro- 
pulsations were detected a hundred years ago with 
simple magnetometers on the ground. It took more than 
50 years before it was understood that they were re- 
lated to the magnetosphere. Solar physics is another 
fascinating field where Alfvén waves occur, giving rise 
to sunspots (Alfvén, 1942). The vast amount of energy 
exhibited in eruptions of particles on the solar surface, 
originating in the interior of the Sun, is probably trans- 
ported by Alfvén waves. These also play a role in heat- 
ing the solar corona. Alfvén waves were first identified 
in the solar wind by means of spacecraft measurements 
by the end of the 1960s. They also occur in the exo- 
sphere of comets. A new and promising area of research 
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is laboratory astrophysics using high-intensity particle 
and photon beams that may shed light on superstrong 
fields in plasmas. 

For applications to confinement and heating of 
fusion plasmas, for example, in Tokamak devices, shear 
Alfvén waves have been studied in toroidal plasmas, 
accounting for nonuniform plasmas in axisymmetric 
situations. It is believed that the remaining exciting 
challenges lie in the area of nonlinear physics of shear 
Alfvén waves and associated particle dynamics and 
anomalous losses of @ particles in a deuterium-tritium 
plasma. Collective modes in inhomogeneous plasmas 
as well as energy and particle transport in plasmas with 
transport barriers are of paramount importance for the 
design of a future Tokamak power plant (Parail, 2002). 

Nonlinear transport processes in laboratory and 
cosmic plasmas have much in common (Wilhelmsson, 
2000; Wilhelmsson & Lazzaro, 2001). Similarities (and 
discrepancies) could be highly indicative and beneficial 
for an improved understanding of specific phenomena 
as well as for plasma dynamics in general—possibly 
even for describing the evolution of the universe 
(Wilhelmsson, 2002). 

Hans WILHELMSSON 
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ALGORITHMIC COMPLEXITY 


The notion of complexity as an object of scientific 
interest is relatively new. Prior to the 20th century, the 
main concern was that of simplicity, with complexity 
being the denigrated opposite. This idea of simplicity 
has had a long history enshrined in the dictum of 
the 14th-century Franciscan philosopher, William of 
Occam, that “pluritas non est ponenda sine necessitate” 
[being is not multiplied without necessity], and passed 
on simply as “Occam’s razor,’ or more prosaically, 
“keep it simple” (Thorburn, 1918). 

Indeed, the razor has been invoked by such notables 
as Isaac Newton and, in modern times, Albert Einstein 
and Stephen Hawking to justify parsimony in the 
adoption of physical principles. Although the dictum 
has proved its usefulness as a support for many scientific 
theories, the last century witnessed a gradual concern 
for simplicity’s complement. Implicit was a recognition 
that beyond logical partitions was a need to quantify the 
simple/complex continuum. Perhaps the first milestone 
on the road to quantifying complexity came with 
Claude Shannon’s famous information entropy in the 
late 1940s. Although it was not specifically developed 
as a complexity measure, the information connection 
made by Warren Weaver soon provided an impetus for 
sustained interest in information as a unifying concept 
for complexity (Weaver, 1948). 

Shannon approached information as a statistical 
measure of receiving a message (Shannon, 1948): 


if pi, p2,..., pn are the probabilities of receiving 
messages mj,m2,...,mn, then the information 
carried is defined by 


N 
T=—)) pi logy pi. () 
i 


Information is typically referred to as a measure of 
surprise; that is, the more unlikely a message, the more 
information it contains. To some degree, information 
is related to the notion of randomness in that the more 
regular (less complex, less random) something is, the 
less surprise is available. A simple calculation of this 
entropy demonstrates that the maximum of the function 
is achieved when all probabilities are equal. Shannon 
had a measure of capacities of a communication 
channel as his goal and did not concern himself with 
individual objects of the messages. Nonetheless, the 
quantification in terms of probabilities provided a basis 
for viewing complexity. 

This theme was soon independently taken up by 
Ray Solomonoff (1964), Andrey Kolmogorov (1965), 


and Gregory Chaitin (1966). In a sense, Somolonoff 
was looking for a way to measure the effect of 
Occam’s razor; that is, how can one measure objectively 
the simplicity of a scientific theory? Kolmogorov 
and Chaitin, on the other hand, were interested in 
a measure of complexity of individual objects, as 
opposed to Shannon’s average. This Kolmogorov— 
Chaitin complexity has come to be known variously 
as algorithmic complexity, algorithmic entropy, and 
algorithmic randomness, among other designations. 
Both Kolmogorov and Chaitin were interested in binary 
number strings as objects and the ability to define 
the complexity of a string in terms of the shortest 
algorithm that prints out the string. Again, regularity 
and randomness is involved (Gammarman & Vovk, 
1999). Consider, for example, the simple bit string, 
101010101010, ...; the minimal program to write the 
string requires only the pattern 10, the length of the 
string, and the “repeat, write” instructions, or 


K(s) = min{|p| : s = Cr(p)}, (2) 


where K(s) is the Kolmogorov complexity of the 
string, |p| is the program length in bits, and C7 (p) is 
the result of running program p on a universal Turing 
machine T. 

Clearly, the recognition that patterns play an 
important role in defining complexity re-emphasized 
their importance in terms of data compression. In 
the early 1950s, David Huffman recognized their 
importance, and algorithmic complexity reaffirmed 
their utility with the ascendancy of computers and 
their demand for storage space (Huffman, 1952). Thus, 
numerous coding schemes were developed to take 
advantage of the fact that a simple algorithm can 
compress long data streams based upon the idea that 
recurrent patterns exist. 

The efforts of Somonoloff, Kolmogorov, and Chaitin 
spawned numerous alternative measures of complexity, 
often seeking to address identified deficiencies in 
the definitions (Shalizi & Crutchfield, 2001). Among 
the deficiencies pointed out were the following: (i) 
Complexity is defined in terms of randomness—it is 
maximized by random strings. Is this what is really 
sought? (ii) Complexity is uncomputable, since there 
is no algorithm to compute it on a universal computing 
machine. (iii) Complexity does not provide information 
regarding structural patterns or organizations that have 
the same amount of disorder. 

These questions were compounded by the expanding 
field of nonlinear dynamics. Kolmogorov’s earlier 
entropy (1958)—developed to determine the rate 
of information creation—were among the invariants 
used to distinguish chaotic systems and an inferred 
complexity. Moreover, the description of physical 
dynamical systems became an additional issue (Zurek, 
1989). Physical processes were typically described 
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along the continuum of two extremes: periodic or 
random. However, both such systems are simply 
described, one by a recurrent pattern and the other 
by a statistical description. While information is 
high in a random system, it is low in a periodic 
process. Amalgams of two such processes might 
require considerable computational effort, yet no metric 
sufficiently expressed this. Certainly, such combined 
processes (random and periodic) may exhibit moderate 
information but the most concise description may be 
quite complex. 

Some of these difficulties have been addressed 
with varying degrees of acceptance (Wakerberger 
et al., 1994). Increasingly, however, it appears that the 
question is evolving along two different lines: a formal 
approach (rules) with its main ramifications redounding 
to mathematics and computer science and a physical 
approach (equations) dealing with the characterization 
of systems. 

Both approaches have in common the emphasis on 
the reconstruction (prediction) of an observed system 
and on the need to give the most parsimonious recipe for 
generating the studied entity. The metrics of complexity 
is thus expressed in terms of program lines for the 
mathematics-oriented option and in dimensionality 
for the physics-oriented definition, but there is the 
same basic notion of complexity as the inverse of 
compressibility of a given object (Boffetta et al., 
2002). 

This notion of compressibility has an immediate 
translation in terms of both multidimensional statis- 
tics and technology. In multidimensional statistics, the 
compressibility of a given data set corresponds to the 
percentage of explained variance by the optimal (gen- 
erally in a least-squares sense) model of the data. More 
generally, something can be compressed if there exists 
some sort of correlation structure linking the different 
portions of a system, the existence of such correlations 
implying that the information about one part of the sys- 
tem is implicit in another part. Thus, all the informa- 
tion is not needed to reconstruct the entire system. It 
is evident how this concept corresponds to the cognate 
concept of redundancy, bringing us back to the notion 
of entropy (Giuliani et al., 2001). 

Clearly, the diverse algorithms designed to measure 
complexity suggest a commonality. The question re- 
mains as to whether one metric is sufficient for its char- 
acterization. 

JosrpH P. ZBILUT AND ALESSANDRO GIULIANI 
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ALL-OR-NOTHING RESPONSE 


See Nerve impulses 


ALMOST PERIODIC FUNCTIONS 
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AMBIGUOUS FIGURES 
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ANDERSON LOCALIZATION 


Anderson localization is a phenomenon associated with 
the interference of waves in random media. Although 


Philip Anderson’s original publication (Anderson, 
1958) was actually motivated by experiments on the 
propagation of spin-waves in random magnets, the 
greatest application of the concept has been the 
study of electrical transport phenomena in metals and 
semiconductors. Over the past 10 years, more attention 
has been focused on other wave phenomena in random 
media, particularly optical phenomena. 

Our current understanding of electronic transport in 
metals and semiconductors is based on the Schrédinger 
equation for the wave function of conduction electrons 
of the form 





2 
wy ()+[UM+ VO] = EVO), 
where U (r) is a periodic potential representing the 
regular lattice in the solid and V(r) is a random 
function of position, which represents the presence of 
impurities in the system. In the absence of the random 
potential, the allowed energies of such an electron fall 
within a series of bands separated by energy gaps. The 
eigenfunctions in the absence of the random potential 
are all of the form ey j,k (7) Where the wavevector 
k lies within the first Brillouin zone, j labels the 
energy bands and the Bloch function, uj, (r), has 
the periodicity of the regular potential, U. Such states 
are extended in the sense that their support covers the 
entire system and hence they can contribute to electrical 
conduction. 

The eigenstates of an electron subject to a random 
potential may be of two types. Some are extended, 
although there may be strong local modulations 
in the amplitude. These states can contribute to 
electrical conduction through the material, even at 
zero temperature, as they connect the two ends of a 
sample. Other states, however, are localized in that their 
amplitude vanishes exponentially outside a specific 
finite region. These states are referred to as Anderson 
localized and can only contribute to conduction via 
thermal activation. 

One can understand the existence of localized states 
by considering the low-energy states of an electron 
moving in a very rough, random potential, V(r) (Lee 
& Ramakrishnan, 1985). The lowest energy states 
will be those bound to very deep troughs in the 
potential function. The mixing between states localized 
in different wells will be very weak because states 
with significant spatial overlap will have very different 
energies, while states with similar energies are spatially 
well separated so that the wave function overlaps are 
exponentially small. 

The scale on which the wave functions of localized 
states decay to zero defines the localization length 
&, which depends on the energy of the state and 
the strength of the disorder. The balance between 
extended and localized states depends on the strength 
of the disorder and the spatial dimensionality of the 
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Figure 1. A schematic plot of the density of states showing a 
single disorder broadened band for a 3-d system. The states in 
the band center are extended while those in the tails are localized 
(shaded regions); the mobility edges between the two types of 
state are marked. 


system. In a one-dimensional (1-d) system, all of the 
electronic eigenstates are strongly localized by any 
amount of disorder. In two dimensions, it is believed 
that all states are actually localized, but that the 
localization length can be very long in the center of 
a band. The application of a strong magnetic field 
to a disordered 2-d electron system, such as may 
be formed at a semiconductor heterojunction at low 
temperature, causes the conduction band to break up 
into a sequence of disorder broadened Landau bands, 
each with an extended state at its center—an essential 
feature of the quantum Hall effect. In three dimensions, 
the eigenstates at the center of a band are truly extended 
while those in the low- and high-energy tails are 
localized. It is believed that there are two well-defined 
critical energies within the band at which the nature of 
the states changes so that localized and extended states 
do not co-exist at a given energy. 

The critical energies are usually referred to as mo- 
bility edges because the zero-temperature conductance 
of the system will be zero when the Fermi energy 
lies in the regime of localized states but nonzero in 
the extended regime (see Figure 1). The location of 
the mobility edges depends on the strength of the dis- 
order —in very clean systems, only the states in the 
tails of a band will be localized while in a very dirty 
system the mobility edges may meet in the band cen- 
ter so that all states are localized. The behavior at the 
mobility edge has been studied by performing experi- 
ments on a series of devices with increasing amounts of 
disorder. The transition between metallic (conducting) 
and insulating behavior is closely analogous to other 
phase transitions. Mott (1973) supposed that this metal- 
insulator transition was first order, with the conductivity 
jumping from a fixed finite value, omin, to zero. In 1979, 
a renormalization group analysis was carried out by the 
so-called “gang of four,’ based on earlier scaling argu- 
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ments by Thouless and co-workers (Thouless, 1974), 
which favored a continuous metal-insulator transition 
for 3-d systems (Abrahams et al., 1979). The discus- 
sion of the change in nature of the states from extended 
to localized in terms of a zero-temperature quantum 
phase transition has been very fruitful. In this descrip- 
tion, the localization length, &, plays the same role as the 
correlation length for fluctuations in a thermal transi- 
tion. It is supposed that & diverges at the mobility edges 
according to a universal power law 


E~|E-E,|. 


Numerical evidence indicates that the value of the 
exponent is indeed universal and has the value v ~ 1.6. 

Although the underlying physics of Anderson 
localization is that of linear waves in random media, 
the discussion can be recast in terms of nonlinear 
models without disorder, which are in the same family 
of statistical field theories used to describe thermal 
phase transitions, specifically nonlinear sigma models 
(Efetov, 1997). This has led to the notion that the spatial 
variation of the wave functions of states at the mobility 
edge displays a multifractal character. 

The application of these ideas to other wave phe- 
nomena in random media has been slower. It is much 
harder to observe strong localization in bosonic and 
classical wave systems, but recently much experimen- 
tal work has been carried out on optical and acous- 
tic localization (see John (1990) for a good introduc- 
tion). This work shows that Anderson localization is not 
an essentially quantum mechanical effect but is ubiq- 
uitous for wave propagation in random media. Simi- 
larly, the interplay between the physics of randomly dis- 
ordered systems and quantum chaos is also proving very 
rich and fruitful (Altshuler & Simons, 1994). 

There are a number of other mechanisms whereby 
wave excitations may become spatially localized. The 
propagation of excitations within macromolecules, 
for example, may become localized both because of 
interference effects associated with “random” changes 
in structure and also because of self-trapping effects 
associated with nonlinearity in the wave equation 
for these modes. In the case of electrons in solids, 
electronic excitations may become localized both by 
random variations in potential and by interaction effects 
that give rise to the so-called Mott transition. Such 
interaction effects are responsible for the phenomenon 
of Coulomb blockade observed in semiconductor 
nanostructures. 

KerrH BENEDICT 


Seealso Discrete self-trapping system; Local modes 
in molecular crystals 
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ANNIHILATION (KINK-ANTIKINK) 


See Sine-Gordon equation 


ANOSOV AND AXIOM-A SYSTEMS 


Two classes of dynamical systems exhibiting chaotic 
behavior were axiomatically defined and systematically 
studied for the first time in the 1960s. Previous studies 
had concentrated on more specific situations. Axiom- 
A systems were introduced by Stephen Smale in his 
seminal paper (Smale, 1967). Anosov systems, which 
are a special case of Axiom-A systems, were studied 
independently in Moscow around the same period. 
Today, Anosov and Axiom-A systems are valued as 
idealized models of chaos: while the conditions de- 
fining Axiom A are too stringent to include many real- 
life examples, it is recognized that they have features 
shared in various forms by most chaotic systems. 


Definitions 


First, we give the definitions in the discrete-time case. 

Let f be a smooth invertible map (for basic no- 
tions, See Phase space). A compact invariant set of 
f is said to be hyperbolic if at every point in this set, 
the tangent space splits into a direct sum of two sub- 
spaces E" and E* with the property that these sub- 
spaces are invariant under the differential df, that is, 
df@)E"(x) = EN(f(x)), dfQ@)ES@) = E"(f(x)), 
and that df expands vectors in E" and contracts vectors 
in ES. 

If E" = {0} in the definition above, then the invariant 
set is made up of attracting fixed points or periodic 
orbits. Similarly, if E*={0}, then the orbits are 
repelling. If neither subspace is trivial, then the behavior 
is locally “saddle-like,” that is to say, relative to the orbit 
of a point x, most nearby orbits diverge exponentially 
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fast both in forward and in backward time. This is why 
hyperbolicity is a mathematical notion of chaos. 

An Anosov diffeomorphism is a smooth invertible 
map of a compact manifold with the property that the 
entire space is a hyperbolic set. 

Axiom A, which is a larger class, focuses on the part 
of the system that is not transient. More precisely, a 
point x in the phase space is said to be nonwandering 
if every neighborhood U of x contains an orbit that 
returns to U. A map is said to satisfy Axiom A if its 
nonwandering set is hyperbolic and contains a dense 
set of periodic points. 

Definitions in the continuous-time case are analo- 
gous: f above is replaced by the time-t-maps of the 
flow, and the tangent spaces now decompose into 
E’ @ E° @ ES where E°®, which is 1-d, represents the 
direction of the flow lines. 


Phase Space Structures and Properties 


Anosov and Axiom-A systems are defined by the 
behavior of the differential. Corresponding to the linear 
structures left invariant by df are nonlinear structures, 
namely stable manifolds tangent to E* and unstable 
manifolds tangent to E". 

Thus, two families of invariant manifolds are 
associated with an Anosov map and each one of these 
fills up the entire phase space; they are sometimes called 
the stable and unstable foliations. The leaves of these 
foliations are transverse at each point, forming a kind 
of (topological) coordinate system. The map f expands 
distances along the leaves of one of these foliations 
and contracts distances along the leaves of the other. 
For Axiom-A systems, one has a similar local product 
structure or “coordinate system” at each point in the 
nonwandering set, but the picture is local, and there are 
gaps: the stable and unstable leaves do not necessarily 
fill out open sets in the phase space. 

In addition to these local structures, Axiom-A 
systems have a global structure theorem known as 
spectral decomposition. It says that the nonwandering 
set of every Axiom-A map can be written as X; U---U 
X, where the X; are disjoint closed invariant sets on 
which f is topologically transitive. The X; are called 
basic sets. Each X; can be decomposed further into 
a finite union UXi,;, where each X;,; is invariant 
and topologically mixing under some iterate of f. 
(Topological transitivity and mixing are irreducibility 
conditions; See Phase space.) This decomposition is 
reminiscent of the corresponding result for finite-state 
Markov chains. 

One of the reasons why hyperbolic sets are important 
is their robustness: they cannot be perturbed away. More 
precisely, let f be a map with a hyperbolic set A that 
is locally maximal, that is, it is the largest invariant 
set in some neighborhood U. Then for every map g 
that is C! near f, the largest invariant set A’ of g in 
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U is again hyperbolic; moreover, f restricted to A is 
topologically conjugate to g restricted to A’. This is 
mathematical shorthand for saying that not only are the 
two sets A and A’ topologically indistinguishable, but 
the orbit structure of f on A is indistinguishable from 
that of g on A’. 

The above phenomenon brings us to the idea of 
structural stability. A map f is said to be structurally 
stable if every map g, that is C! near f is topologically 
conjugate to f (on the entire phase space). It turns 
out that a map is structurally stable if and only if it 
satisfies Axiom A and an additional condition called 
strong transversality. 

Next, we discuss the idea of pseudo-orbits versus 
real orbits. Letting d(-,-) be the metric, a sequence 
of points xo,x1,%2,... in the phase space is called 
an e-pseudo-orbit of f if d(f (xj), xi41) < © for ev- 
ery i. Computer-generated orbits, for example, are 
pseudo-orbits due to round-off errors. A fact of con- 
sequence to people performing numerical experiments 
is that in hyperbolic systems, small errors at each step 
get magnified exponentially fast. For example, if the 
expansion rate is > 3, then an ¢-error made at one step 
is tripled at each subsequent step, that is, after only 
O(| log |) iterates, the error is O(1), and the pseudo- 
orbit bears no relation to the real one. There is, however, 
a theorem that states that every pseudo-orbit is shad- 
owed by a real one. More precisely, given a hyperbolic 
set, there is a constant C such that if x9, x1, x2,... is 
an €-pseudo-orbit, then there is a phase point z such 
that d(xi, fil2)) < Ce for all i. Thus, paradoxical as 
it may first seem, this result asserts that on hyperbolic 
sets, each pseudo-orbit approximates a real orbit, even 
though it may deviate considerably from the one with 
the same initial condition. 

The shadowing orbit corresponding to a bi- 
infinite pseudo-orbit is, in fact, unique. From this, 
one deduces the following Closing Lemma: for 
any hyperbolic set, there is a constant C such 
that the following holds: every finite orbit segment 
x, F@seess f? (x) that nearly closes up, that is, 
d(x, fit (x)) <eé for some small ¢, lies within < Ce 
of a genuine periodic orbit of period n. Thus, hyperbolic 
sets contain many periodic points. 


Examples 


A large class of Anosov diffeomorphisms comes 
from linear toral automorphisms, that is, maps of the 
n-dimensional torus induced by n x n matrices with 
integer entries, det = + 1, and no eigenvalues of 
modulus one. (See Cat map for a detailed example 
of this). We remark that due to their structural 
stability (nonlinear), perturbations of linear toral 
automorphisms continue to have the Anosov property. 
This remark also applies to all of the examples 
below. In fact, all known Anosov diffeomorphisms are 
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Figure 1. The horseshoe. 








Figure 2. The solenoid. 


topologically identical to a linear toral automorphism 
(or a slight generalization of these). 

Geodesic flows describe free motions of points on 
manifolds. Let M be a manifold. Given x €¢ M anda 
unit vector v at x, there is a unique geodesic starting 
from x in the direction v. The geodesic flow 9’ is given 
by g' (x, v) = (x’, v’), where x’ is the point ¢ units down 
the geodesic and v’ is the direction at x’. Geodesic 
flows on manifolds of strictly negative curvature are 
the main examples of Anosov flows. They were studied 
by Jacques Hadamard (ca. 1900) and Gustav Hedlund 
and Eberhard Hopf (in the 1930s) considerably before 
Anosov theory was developed. 

Smale’s horseshoe is the prototypical example of a 
hyperbolic invariant set. This map, so called because 
it bends a rectangle B into the shape of a horseshoe 
and puts it back on top of B, is shown in Figure 1. 
The set {x: f"(x)€ B for alln=0, +1, +2,...} is 
hyperbolic (See Horseshoes and hyperbolicity in 
dynamical systems; Phase space). 

Finally, we mention the solenoid (see Figure 2, and 
also in the color plate section as the Smale solenoid), 
which is an example of an Axiom-A attractor. Here, the 
map f is defined ona solid torus M = Six Dz, where 
Dz is a 2-d disk. It is easiest to describe it in two steps: 
first it maps M into a long thin solid torus, which is 
then placed inside M winding around the S! direction 
twice. The attractor is given by A = (),,.9 f”(M). 














Symbolic Coding of Orbits and 
Ergodic Theory 


An important tool for studying the orbit structure of 
Axiom-A systems is the Markov partition, constructed 
for Anosov systems by Sinai and extended to Axiom-A 
basic sets by Bowen. Given a partition {R1,..., Rx} 
of the phase space, there is a natural way to attach 
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to each point x in the phase space a sequence of 
symbols, namely (...,a—1, 40, a1, a2, ...) Where aj € 
{1,2,...,k} is the name of the partition element 
containing fi(x), that is, f'(x)e Ra; for each i. In 
general, not all sequences are realized by orbits of 
f. Markov partitions are designed so that the set of 
symbol sequences that correspond to real orbits has 
Markovian properties; it is called a shift of finite type 
(See Symbolic dynamics). 

The ergodic theory of Axiom-A systems has its 
origins in statistical mechanics. In a 1-d lattice model 
in statistical mechanics, one has an infinite array of 
sites indexed by the integers; at each site, the system 
can be in any one of a finite number of states. Thus, 
the configuration space for a 1-d lattice model is the set 
of bi-infinite sequences on a finite alphabet. Identifying 
this symbol space with the one from Markov partitions, 
Sinai and Ruelle were able to transport some of the basic 
ideas from statistical mechanics, including the notions 
of Gibbs states and equilibrium states, to the ergodic 
theory of Axiom-A systems. 

The notion of equilibrium states, which is equivalent 
to Gibbs states for Axiom-A systems, has the following 
meaning in dynamical systems in general: given a 
potential function g, an invariant measure is said to 
be an equilibrium state if it maximizes the quantity 


Auf) — / gdp, 


where h,, (f) denotes the Kolmogorov-Sinai entropy of 
f and the supremum is taken over all f-invariant prob- 
ability measures jz. In particular, when g = 0, this mea- 
sure is the measure that maximizes entropy; and when 
y= log|det(df|,u)|, it is the Sinai-Ruelle-Bowen 
(SRB) measure. From a physical or observational 
point of view, SRB measures are the most important 
invariant measures for dissipative dynamical systems 
(See Sinai-Ruelle-Bowen measures). 


Periodic Points and Their Growth Properties 


We discuss briefly some further results related to the 
abundance of periodic points in Axiom-A systems. 

For an Axiom-A diffeomorphism f, if P(n) is the 
number of periodic points of period <n, then P(n) ~ 
e’” where h is the topological entropy of f. That is 
to say, the dynamical complexity of f is reflected in 
its periodic behavior. An analogous result holds for 
Axiom-A flows. 

Finally, we mention the dynamical zeta function, 
which sums up the periodic information of a system. 
In the discrete-time case, ¢(z) := exp yea P(n)z"/n 
has been shown to be a rational function analytic on 
|z| < e~". In the continuous-time case, the zeta func- 
tion is given by ¢(z):= I, d — exp(—zl(y))) 1, 
where the product is taken over all (nonstationary) pe- 
riodic orbits y and /(y) is the smallest positive period 
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of y. This function is known to be meromorphic on 
a certain domain, but the locations of its poles, which 
are intimately related to correlation decay properties of 
the system, remain one of the yet unresolved issues in 
Axiom-A theory. 

Boris HASSELBLATT AND LAI-SANG YOUNG 


See also Cat map; Horseshoes and hyperbolicity 
in dynamical systems; Phase space; Sinai—Ruelle— 
Bowen measures; Symbolic dynamics 
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ANTISOLITONS 
See Solitons, types of 


ANTI-STOKES SCATTERING 


See Rayleigh and Raman scattering and IR 
absorption 


ARNOL’D CAT MAP 
See Cat map 


ARNOL’D DIFFUSION 


For near-integrable Hamiltonian systems with more 
than two degrees of freedom, stochastic and regular 
trajectories are intimately co-mingled in the 2N- 
dimensional phase space. Stochastic layers in phase 
space exist near resonances of the motion. The 
thickness of the layers expands with increasing 
perturbation, leading to primary resonance overlap, 
motion across the layers, and the appearance of strong 
stochasticity in the motion. In the limit of weak 
perturbation, however, primary resonance overlap does 
not occur. A new physical behavior of the motion 
then makes its appearance: motion along the resonance 
layers called Arnol’d diffusion (AD). For two degrees 
of freedom, with a weak perturbation, two-dimensional 





Figure 1. Illustration of the directions of the fast diffusion across 
a resonance layer and the slow diffusion along the resonance 
layer. 


Kolmogorov—Armol’d—Moser (KAM) surfaces divide 
the three-dimensional energy “volume” in phase space 
into a set of closed volumes each bounded by KAM 
surfaces, much as lines isolate regions of a plane. For 
N >2 degrees of freedom, the N-dimensional KAM 
surfaces do not divide the (2 — 1)-dimensional energy 
volume into distinct regions. Thus, for N > 2, in the 
generic case, all stochastic layers of the energy surface 
in phase space are connected into a single complex 
network—the Arnol’d web. The web permeates the 
entire phase space, intersecting or lying infinitesimally 
close to every point. For an initial condition within the 
web, the subsequent stochastic motion will eventually 
intersect every finite region of the energy surface in 
phase space, even in the limit as the perturbation 
strength approaches zero. 

The merging of stochastic trajectories into a single 
web was proved (Arnol’d, 1964) for a specific nonlinear 
Hamiltonian. A general proof of the existence of a 
single web has not been given, but many computational 
examples support the conjecture. From a practical point 
of view, there are two major questions with respect to 
AD in a particular system: what is the relative measure 
of stochastic trajectories (fraction of the phase space 
that is stochastic) in the region of interest? And for 
a given initial condition, how fast will system points 
diffuse along the thin threads of the Arnol’d web? 

We illustrate the motion along the resonance layer 
in Figure 1. A projection of the motion onto the 
J), 01 plane is shown, illustrating a resonance with a 
stochastic layer. At right angles to this plane, the action 
of the other coordinate J2 is shown. If there are only two 
degrees of freedom in a conservative system, the fact 
that the motion is constrained to lie on a constant energy 
surface restricts the change in Jz for J; constrained to 
the stochastic layer. However, if there is another degree 
of freedom, or if the Hamiltonian is time dependent, 
then this restriction is lifted, and motion along the 
stochastic layer in the J2 direction can occur. 
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The diffusion rate (D) along a layer has been 
calculated by Chirikov (1979) for the important case 
of three resonances, and by Tennyson et al. (1979) 
for an equivalent mapping model, which they called 
a stochastic pump. These models predict, for a single 
action J corresponding to J in Figure 1, 


D =(AD)?/t « e4/2"”, (1) 


where f¢ is the time, ¢ is a perturbation parameter, 
and A*1. For coupling among many resonances, 
a rigorous upper bound on the diffusion rate 
(Nekhoroshev, 1977) generally overestimates the rate 
by orders of magnitude. Using a similar formalism with 
a somewhat more restrictive class of Hamiltonians, but 
still encompassing most physical problems, the upper 
bound can be improved (Benettin et al., 1985; Lochak 
& Neistadt, 1992) to give what they considered to be 
an optimal upper bound: 


Dae Al”, yx NA, (2) 


If N is large, such an exponentially small diffusion 
could only hold for very small ¢ (specified within 
the theory), otherwise the exponential factor could be 
essentially unity. Also, an upper bound must be related 
to the fastest local diffusion. This may be much more 
rapid than an average global diffusion, which would 
be controlled by the portions of the phase space where 
the diffusion is slowest. For upper bound calculations, 
consult the original papers of Nekhoroshev (1977), 
Benettin et al. (1985), and Lochak & Neistadt (1992). 

The simplest way to calculate local AD is to couple 
two standard maps together with a weak coupling term 
LL sin(6, + dn), where @, and ¢, are the map phases 
and uw <1. Using the stochastic pump model, with a 
regular orbit (in the absence of coupling) in the (/, 0) 
map being driven by stochasticity in the (J, @) map, 
the Hamiltonian of the mapping is approximated as 
H ® Hj + Hj, with 





H; = 17/2 + K; cos@ + 2. cos(O + @), 


Aj 


J? /2+ K;cos6+2Kj;cos¢cos2mn, (3) 


where n is the time normalized to mapping periods. 
We have retained only the lowest Fourier term from 
the mapping frequency in the H; equation of (3), and 
considered that the stochasticity in Hj is driven by the 
coupling. To calculate the changes in Hj per iteration 
due to kicks delivered by (J, #), we take the derivative 











0H; _ dH; 
an dn 
d 
= 5 [2 cos(6 + 4)] 
n 
ye sin[@ + d(n)]. (4) 
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ARTIFICIAL INTELLIGENCE 


For rotational orbits 6 = wjn + 60, scaling the time 
variable to revolutions of the map (s = w;m), and defin- 
ing the ratio of frequencies (Q0 = a; /@; = wi/K;!”), 
Equation (4) is integrated to obtain 


AH; = 2uQo (cos & | 


—oo 


foe) 


sin[ Qos + o(s)]ds 


oe} 
+ sin & | cos[Qos + (sds) . (5) 
—0o 
The first of the integrals in (5) integrates to zero; 
the second is a Mel’nikov—Arnol’d integral (Chirikov, 
1979, Appendix A), which can be evaluated to give the 
change in A H; over one characteristic half-period of the 
(J, @) map. Squaring A Hj and averaging over 6p gives 


2 sinh? (7 Qo/2) 


2) 203 Rehetee | 
((AHj)") = 320° Qou sinh?(2 Qo) * 


(6) 


To determine the diffusion constant D, divide ((A H; )?) 
by twice the average number of iterations in this half- 
period 


; (7) 








where wy = AH/A,eparatrix is the relative energy of 
the edge of the stochastic region, w; = 87 (Qn /K; 13 
1/2 

J, and e is the base of natural logarithms. 
Combining (6) and (7), and using AH; = 1 A1, the dif- 
fusion constant in action space can be approximated in 


a form that exhibits the main Qo scaling: 
D © 16u>nQje*®, (8) 


where we have assumed that J ~ w;. Comparing (8) to 
(1) with Qo =0i/K;!”, we observe that Kj «e, the 
perturbation parameter. The numerical results agreed 
well with (8) (see Lichtenberg & Aswani (1998) and 
references therein). 

Chirikov et al. (1979) found, numerically, that one 
could distinguish the diffusion in a range where ¢ 
was sufficiently large and a single resonance was 
dominant, such that a three-resonance model scaling 
as in (1) holds, from a range of smaller values of ¢ 
with many overlapping weak resonances, where the 
scaling in (2) applies. The results of their numerical 
investigation demonstrated the transition between the 
two regimes. In another approach, the diffusion through 
a large number of weakly coupled standard mappings 
was determined numerically, with the strength of the 
coupling controlled in a manner such that the three- 
resonance model could be applied in a statistical 
manner to determine the diffusion rate (Lichtenberg & 
Aswani, 1998). 
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These studies indicate that the basic models can be 
used to determine Arnol’d diffusion in multidimen- 
sional systems if the system parameters can be suffi- 
ciently controlled. For more information on these and 
related topics, the reader is referred to Chirikov (1979) 
and to Lichtenberg & Lieberman (1991, Chapter 6). 

ALLAN J. LitCHTENBERG 


See also Kolmogorov—Arnol’d—Moser theorem; 
Phase space diffusion and correlations; Standard 
map 
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ARNOL’D TONGUES 


See Coupled oscillators 


ARTIFICIAL INTELLIGENCE 


Artificial intelligence (AI) is a field of research in 
computer science reproducing intelligent reasoning. AI 
programs are mainly based on logic-oriented symbolic 
languages such as, for example, Prolog (Programming 
in Logic) or LISP (List Programming). Historically, AI 
was inspired by Alan Turing’s question: “Can machines 
think?” According to the Turing test for AI, a machine is 
intelligent if a human user cannot distinguish whether 
he or she is interacting and communicating with a 
machine or a human being. Thus, before starting with 
AI, a general concept of computer and computabilty 
must be defined in computer science. 

In 1936, Turing and Emil Post independently 
suggested the following definition of computability. 
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A “Turing machine” consists of: (a) a control box 
in which a finite program is placed, (b) a potentially 
infinite tape, divided lengthwise into squares, and (c) 
a device for scanning, or printing on one square of the 
tape at a time, and for moving along the tape or stopping, 
all under the command of the control box. 

If the symbols used by a Turing machine are 
restricted to a stroke / and a blank *, then every 
natural number x can be represented by a sequence 
of x strokes (e.g., 3 by ///), each stroke on a square 
of the Turing tape. The blank is used to denote that 
the square is empty (or the corresponding number is 
zero). In particular, a blank is necessary to separate 
sequences of strokes representing numbers. Thus, a 
Turing machine computes a numerical function f with 
arguments x1,...,X, if the machine program starts 
with the input tape ...* x1 *x2*...*X,*... and stops 
after finite steps with an output ...* x1 #2... * Xp, 
Sf (%1,...,4n)*...0n the tape. From a logical point of 
view, John von Neumann’s general-purpose computer 
is a technical realization of a universal Turing machine 
that can simulate any kind of Turing program. 

Besides Turing machines, there are many other 
mathematically equivalent procedures for defining 
computability (e.g., register machines, recursive func- 
tions) that are mathematically equivalent. According to 
Alonzo Church’s thesis, the informal intuitive notion 
of an algorithm is identical to one of these equivalent 
mathematical concepts, for example, the program of a 
Turing machine. 

With respect to AI, the paradigm of effective 
computabilty implies that the mind is represented by 
program-controlled machines, and mental structures 
refer to symbolic data structures, while mental 
processes implement algorithms. Historically, the hard 
core of AI was established during the Dartmouth 
Conference in 1956 when leading researchers, such 
as John McCarthy, Alan Newell, Herbert Simon, and 
others from different disciplines, formed the new 
scientific community of AI. If human thinking can 
be represented by an algorithm, then according to 
Church’s thesis, it can be represented by a Turing 
program that can be computed by a universal Turing 
machine. Thus, human thinking could be simulated by 
a general-purpose computer and, in this sense, Turing’s 
question (“Can machines think?”) must be answered 
with a “yes.” The premise that human thinking can be 
codified and represented by recursive procedures is, 
of course, doubtful. Even processes of mathematical 
thinking can be more complex than recursive functions. 

The first period of AI was dominated by questions 
of heuristic programming, which means the automated 
search for human problem solutions in trees of possible 
derivations, controlled and evaluated by heuristics. In 
1962, these simulative procedures were generalized 
and enlarged for the so-called General Problem 
Solver (GPS), which was assumed to be the heuristic 
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framework of human problem solving. But GPS could 
only solve some insignificant problems in a formalized 
microworld. Thus, AI researchers tried to construct 
specialized systems of problem solving that use the 
specialized knowledge of human experts. 

The architecture of an “expert system” consists of 
the following components: knowledge base, problem- 
solving component (interference system), explanation 
component, knowledge acquisition, and dialogue 
component. Knowledge is the key factor in the 
performance of an expert system. The knowledge is 
of two types. The first type is the facts of the domain 
that are written in textbooks and journals in the field. 
Equally important to the practice of a field is the second 
type of knowledge, called heuristic knowledge, which 
is the knowledge of good practice and judgment in a 
field. It is experimental knowledge, that art of good 
guessing, that a human expert acquires over years of 
work. 

Expert systems are computational models of 
problem-solving procedures that need symbolic rep- 
resentation of knowledge. Unlike program-controlled 
serial computers, the human brain and mind are 
characterized by learning processes without symbolic 
representations. With respect to the architecture of von 
Neumann computers, an essential limitation derives 
from the sequential and centralized control, but com- 
plex dynamical systems like the brain are intrinsically 
parallel and self-organized. 

In their famous paper “A Logical Calculus of the 
Ideas Immanent in Nervous Activity” in 1943, Warren 
McCulloch and Walter Pitts offered a complex model 
of neurons as threshold logic units with excitatory and 
inhibitory synapses. Their “McCulloch—Pitts neuron” 
fires an impulse along its axon at time ¢+1 if the 
weighted sum of its inputs and weights at time f 
exceeds the threshold of the neuron. The weights 
are numbers corresponding to the neurochemical 
interactions of the neuron with other neurons. But, ina 
McCulloch—Pitts network, the function of an artificial 
neuron is fixed for all time. McCulloch and Pitts 
succeeded in demonstrating that a network of formal 
neurons of their type could compute any finite logical 
expression. 

In order to make a neural computer capable of 
complex tasks, it is necessary to find procedures of 
learning. A learning procedure is nothing else than an 
adjustment of the many weights so that the desired 
output vector (e.g., a perception) is achieved. The 
first learning neural computer was Frank Rosenblatt’s 
“Perceptron” (1957). Rosenblatt’s neural computer is 
a feedforward network with binary threshold units and 
three layers. The first layer is a sensory surface called 
a “retina” that consists of stimulus cells (S-units). The 
S-units are connected with the intermediate layer by 
fixed weights that do not change during the learning 
process. The elements of the intermediate layer are 
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called associator cells (A-units). Each A-unit has a fixed 
weighted input of some S-units. In other words, some 
S-units project their output onto an A-unit. An S-unit 
may also project its output onto several A-units. The 
intermediate layer is completely connected with the 
output layer, the elements of which are called response 
cells (R-units). The weights between the intermediate 
layer and the output layer are variable and thus able to 
learn. 

The Perceptron was viewed as a neural computer 
that can classify a perceived pattern in one of several 
possible groups. In 1969, Marvin Minsky and Seymour 
Papert proved that Perceptrons cannot recognize and 
distinguish the connectivity of patterns, in general. 
The Perceptron’s failure is overcome by more flexible 
networks with supervised and unsupervised learning 
algorithms (e.g., Hopfield systems, Chua’s cellular 
neural networks, Kohonen’s self-organizing maps). 

In the age of globalization, communication networks 
such as the Internet are a tremendous challenge to AI. 
From a technical point of view, we need intelligent pro- 
grams distributed in the nets. There are already more 
or less intelligent virtual organisms (agents), learning, 
self-organizing, and adapting to our individual prefer- 
ences of information, to select our e-mails, to prepare 
economic transactions, or to defend against attacks of 
hostile computer viruses, like the immune system of 
our body. Although the capability to manage the com- 
plexity of modern societies depends decisively on 
progress in AI, we need computational ecologies with 
distributed AI to support human life and not human-like 
robots to replace it. 
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ARTIFICIAL LIFE 

The term artificial life (AL) was coined in 1987 by 
Christopher Langton, who organized a workshop by 
that name in frustration with the lack of a forum 
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for discussing work on the computer simulation of 
biological systems. In Langton’s characterization, AL 
seeks to “contribute to theoretical biology by locating 
life-as-we-know-it within the larger picture of life-as-it- 
could-be” (Langton, 1989). In other words, AL aims to 
use computer simulation to synthesize alternative life- 
like systems and, thus, find out which characteristics 
and principles are essential and which are merely 
contingent on how life happened to evolve on this 
planet. While other branches of biology may use 
simulation to understand specific mechanisms, AL is 
broader, more abstract, and highly interdisciplinary, in 
addition to implying certain ideological convictions. 
Chief among these is the assumption that life is 
a process, rather than a metaphysical substance or 
an atomic property of matter, which emerges in 
a bottom-up fashion from local interactions among 
suitably arranged populations of individually lifeless 
components. 

Opinions differ on whether such artificial systems 
may be logically equivalent to their natural counterparts 
and therefore really alive, or whether they are simply 
life-like simulacra. The former view is called the 
strong AL hypothesis, to associate it with a similarly 
functionalist standpoint known as Strong Artificial 
intelligence. However, the strong position in AL is 
considerably more tenable than its AI analog, which 
fails to distinguish between emergent and explicitly 
predetermined sources of behavior. Related to this 
“strong versus weak” argument is the unresolved 
question of whether life is an absolute category in 
nature at all or simply a useful way of grouping certain 
phenomena. 





Early History 


Attempts to construct living or life-like artifacts from 
mechanical parts date back at least to the ancient 
Greeks, and we can presume that many of these 
experiments were motivated by questions similar to 
those posed today. Nevertheless, these early systems 
tended to employ the “if it quacks like a duck it 
is a duck” principle, and so were only superficially 
lifelike, rather than in the deeper sense presently hoped 
for. One of the most ingenious of these early automata 
was indeed a duck (or at least something that moved, 
ate, defecated, and quacked like one), built by Jacques 
de Vaucanson around 1730. 

Mary Shelley’s Frankenstein explores similar issues 
in a fictional context. Contrary to popular belief, 
Shelley’s monster was apparently not made from 
human body parts but from raw materials (cadavers are 
only mentioned with regard to Frankenstein’s research). 
These components were then imbued with the “spark 
of life” (which Shelley associates with electricity) in 
order to animate them. Her viewpoint was still partially 
vitalistic, but there is a link between Shelley and her 
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contemporary Charles Babbage, whose interpretation 
of intelligence (if not life itself) was more formalized, 
abstract, and mechanical. The mechanization of the 
mind continued with George Boole’s logical algebra 
and then the work of Alan Turing and John von 
Neumann on automating thought processes, which led 
directly to the invention of the digital computer and 
the beginnings of artificial intelligence. It was a similar 
inquiry into the abstract nature of life, as distinct from 
mind, that prompted von Neumann’s investigations 
into self-replicating machinery and Turing’s work on 
embryogenesis and “unorganized machines” (related 
to neural networks). 


Formal Methods 


While complexity theory is concerned with the 
manner in which complex behavior arises from 
simple systems, AL is interested in how systems 
generate continually increasing levels of complexity. 
The most striking feature of living systems is 
their ability to self-organize and self-maintain— 
a property that Humberto Maturana and Francisco 
Varela have termed “autopoiesis” (Maturana & Varela, 
1980). Evolution, embryogenesis, learning, and the 
development of social organizations are therefore the 
mechanisms of primary interest to AL researchers. 

The key features of AL models are the use 
of populations of semi-autonomous entities, the 
coupling of these through simple local interactions 
(no centralized control and little or no globally 
accessible information), and the consequent emergence 
of collective, persistent phenomena that require a higher 
level of description than that used to describe their 
substrate. Conventional mathematical notation is not 
usually appropriate for such distributed and labile 
systems, and the individual computer programs are 
often their own best description. There are, however, 
a number of frequently used abstract structures and 
formal grammars, including the following: 

Cellular automata, in which the populations are 
arrays of finite state machines and interactions occur 
between neighboring cells according to simple rules. 
Under the right conditions, emergent entities (such as 
the glider in John Conway’s Game of Life) arise and 
persist on the surface of the matrix, interacting with 
other entities in computationally interesting ways. 

Genetic algorithms, in which the populations are 
genomes in a gene pool and interactions occur between 
their phenotypes and some form of stressful environ- 
ment. Natural selection (or sometimes human choice) 
drives the population to adapt and grow ever fitter, per- 
haps solving real practical problems in the process. 

L-systems, or Lindenmayer systems, which provide 
a grammar for defining the growth of branching 
(often plant-like) physical structures, as insights into 
morphology and embryology. 
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Autonomous agents, which are composite code and 
data objects, representing mobile physical entities 
(robots, ants, stock market traders) embedded in a 
real or simulated environment. They interact locally 
by sensing their environment and receiving messages 
from other agents, giving rise to emergent phenomena 
of many kinds including cooperative social structures, 
nest-building, and collective problem-solving. 

Autocatalytic networks, in which the populations 
are of simulated enzymes and the interactions are 
equivalent to catalysis. Such networks are capable of 
self-generation and a growth in complexity, mimicking 
the bootstrapping process that presumably gave rise to 
life on Earth. 


Current Status 


Like most new fields, AL has undergone cycles 
of hubris and doubt, innovation and stasis, and 
differentiation and consolidation. The listing of topics 
for the latest in the series of workshops started by 
Langton in 1987 is as broad as ever, although probably 
the bulk of AL work today (2004) is focused on artificial 
evolution. Most research concentrates on fine details, 
while the basic philosophical questions remain largely 
unanswered. Nevertheless, AL remains one of relatively 
few fields where one can ask direct questions about 
one’s own existence in a practical way. 
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ASSEMBLY OF NEURONS 


See Cell assemblies 


ATMOSPHERIC AND OCEAN SCIENCES 


Earliest works on the study of the atmosphere and ocean 
date back to Aristotle and his student Theophrastus in 
350 BC and further progressed through Torricelli’s in- 
vention of the barometer in 1643, Boyle’s law in 1657, 
and Celsius’s invention of the thermometer in 1742 
(due to Galileo in 1607). The first rigorous theoretical 
model for the study of the atmosphere was proposed by 
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Vilhelm Bjerknes in 1904, following which many sci- 
entists began to apply fundamental physics to the atmo- 
sphere and ocean. The advent of these theoretical ap- 
proaches and the invention of efficient communication 
technologies in the mid-20th century made numerical 
weather prediction feasible and was in particular en- 
couraged by Lewis Fry Richardson and John von Neu- 
mann in 1946, using the differential equations proposed 
by Bjerknes. Today, advanced numerical modeling and 
observational techniques exist, which are constantly be- 
ing developed further in order to understand and study 
the complex nonlinear dynamics of the atmosphere and 
ocean. 

This overview article summarizes the governing 
equations used in atmospheric and ocean sciences, fea- 
tures of atmosphere-ocean interaction, and processes 
for an idealized geometry and structure with reference 
to a one-dimensional vertical scale (Figure 1), a two- 
dimensional vertically averaged scale (Figures 3(a) and 
4(a)), a two-dimensional zonally averaged meridional 
scale (Figures 3(b) and 4(b)), and a three-dimensional 
scale (Figure 2), and regimes of interacting systems 
(such as El Nifio and Southern Oscillation and North 
Atlantic Oscillation) (Figures 5—7). The entry serves as 
an introduction to the many nonlinear processes taking 
place (for example, chaos, turbulence) and provides a 
few illustrative examples of self-organizing coherent 
structures of the nonlinear dynamics of the atmosphere 
and ocean. 


Governing Equations 


The combined atmosphere and ocean system can be 
regarded as a huge volume of fluid resting on a rotating 
oblate spheroid with varying surface topography 
moving through space, with an interface (which in 
general is discontinuous) between two fluid masses 
of differing densities. This coupled atmosphere-ocean 
system is driven by energy input through solar radiation 
(see Figure 1), gravity (for example, through interaction 
with other stellar bodies such as the Sun and Moon, 
i.e., tides), and inertia. The entire fluid is described by 
equations for conserved quantities such as momentum, 
mass (of air, water vapor, water, salt), and energy 
together with equations of state for air and water 
(See Fluid dynamics; Navier-Stokes equation). The 
movement of large water or air masses in a rotating 
reference frame adds to the complexity of motions, 
due to the presence of Coriolis forces, introduced by 
Coriolis in 1835. 

Atmosphere-ocean interactions can be defined as an 
exchange of momentum, heat, and water (vapor and 
its partial masses: salts, carbon, oxygen, nitrogen, etc.) 
between air and water masses. The governing equations 
in the Euler formulation and a cartesian coordinate 
system are given by: 
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(i) The conservation of momentum 








1 
ries gc Fo t+ Frics (1) 


where the second term 22 x w is the term due to the 
Coriolis force (Q is the angular velocity of the Earth; 
|Q| = 7.29 x 1075 s—!), and forces due to a pressure 
gradient V p, gravity (|g| = 9.81 ms~) and external 
(Fext) as well as frictional (F¥,ic) forces are included. 
Note that the operator d/dt is defined by 


du Cs) ga.ce 
—= | —+0- v. 
dt at 


(ii) The conservation of mass (or continuity equation) 
Bae +V-u=0. (2) 


Note that there are alternative formulations such as the 
Lagrangian and impulse-flux form for these equations, 
and cartesian coordinate systems can be mapped to 
different geometries such as spherical coordinates by 
appropriate transformations. 

(iii) The conservation of energy (First Law of 
Thermodynamics) and Gibbs’s equation (Second Law 
of Thermodynamics) 


dQ de da 
—= +P, 
dt dt dt 
dn lde | pda Mi dy 
dt Tdt Tdt T dt’ 
where Q is the heat supply (sensible, latent, and 
radiative heat fluxes; see Figure 1), T is the temperature, 
e¢ the internal energy and a the specific volume (a = 
1/p), the entropy, jz; the chemical potentials, and y; 
the partial masses. The conservation of energy states in 
brief that the change in heat is balanced by a change 
in internal energy and mechanical work performed, 
and Gibbs’s equation determines the direction of an 
irreversible process, relating entropy to a change in 
internal energy, volume, and partial masses. 
(iv) The conservation of partial masses of water and 
air, that is, salinity for water, where all constituents 
are represented as salts and water vapor for air, yield 
equations similar to (2) 








(3) 


1 dpy 
oh Vv n= Wy, 
py dt 
and 
ape ¢ V-u=W. (4) 
dt ps u= Ws, 


where py is the density of water vapor, s the specific 
salinity (gram salts per gram water), and Wy, Ws 
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Figure 1. Sketch of the vertical structure of the atmosphere—ocean system and radiation balance and processes in the global climate 
system. Adapted from National Academy of Sciences (1975). Note that lengths are not to scale and and temperatures indicate only 


global averages. 


contain possible source and sink terms as well as 
the effect of molecular diffusion in terms of the 
concentration flux density $ (—V-S) and possible phase 
changes. 

(v) The equation of state for a mixture of salts and gases 
for air and water, whose constituent concentrations are 
virtually constant in the atmosphere and ocean is 


p © pRT (1+ 0.6078 qg), (5) 
where R is the gas constant for dry air (R= 
287.04Jkg-!K~!) and g=py/p is the specific 
humidity. Similarly, the equation of state for near 
incompressible water is 


p & poll — a(T — To) + B(S — So)], (6) 
where 9, 7p, and Sg are reference values for 
density, temperature, and salinity (9 =1028kg m3, 
Ty = 283 K(= 10°C), So = 35%), and w and £ are the 
coefficients of thermal expansion and saline contraction 
(a=1.7 x 10-4 K7~!, B=7.6 x 10-4), see Krauss 
(1973); Cushman-Roisin (1993). 

Equations detailed in (i)-(v) form a set of hydrother- 
modynamic equations for the atmosphere-ocean sys- 
tem to which various approximations and scaling lim- 
its can be applied. Among them are the shallow-water 
equations, primitive equations, the Boussinesq and 
anelastic approximation, quasigeostrophic, and semi- 
geostrophic equations and variants or mixtures of these. 
These equations have to be solved with appropriate 
boundary conditions and conditions at the air-sea in- 
terface; for details refer to Krauss (1973), Gill (1982) 
and Kraus & Businger (1994). For studies of the up- 





per atmosphere, further equations for the geomag- 
netic field can also be taken into account (Maxwell’s 
equations). 


Atmospheric Structure and Circulation 


In the vertical dimension, several atmospheric layers 
can be differentiated (see Figure 1). Figure 2 gives the 
length and time scales of typical atmospheric processes. 

From sea level up to about 2 km is the atmospheric 
boundary layer, characterized by momentum, heat, 
moisture, and water transfer between the atmosphere 
and its underlying surface. Above the boundary layer is 
the troposphere (Greek, tropos meaning turn, change) 
that constitutes most of the total mass of the atmosphere 
(about 10km height) and is largely in hydrostatic 
balance characterized by a decrease in temperature. 
Above the troposphere and stratosphere, which contains 
the ozone layer, temperatures rise throughout. The 
mesosphere, which is bounded by the stratopause 
(about 50km height) below and mesopause (about 
85km height) above, is a layer of very thin air 
where temperatures drop to extreme lows. Above the 
mesopause, temperatures increase again throughout 
the thermosphere (from about 85 km to 700 km), the 
largest layer of the atmosphere, where the ionosphere 
is located (between about 100km and 300km). The 
ionosphere contains ionized atoms and free electrons 
and permits the reflection of electromagnetic waves. 
Above the thermosphere is the exosphere, which is the 
outermost layer of the atmosphere and the transition 
region between the atmosphere and outer space, the 
magnetosphere in particular, where atoms can escape 
into space beyond the so-called escape velocity and 
where the Van Allen belt is situated. 
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Figure 2. Schematic logarithmic time and horizontal length 
scales of typical atmospheric and oceanic phenomena. Note that 


Richardson’s L « T3/? relation and CE stands for circumference 
of the Earth. Modified from Lettau (1952), Smagorinsky (1974), 
and World Meteorological Organization (1975). 


A low (high) in meteorology refers to a system of 
low (high) pressure, a closed area of minimum (maxi- 
mum) atmospheric pressure (closed isobars, or contours 
of constant pressure) on a constant height chart. A low 
(high) is always associated with (anti)cyclonic circu- 
lation, thus also called a cyclone (anticyclone). Anti- 
cyclonic means clockwise in the Northern Hemisphere 
(and counterclockwise in the Southern Hemisphere). 
Cyclonic means counterclockwise in the Northern 
Hemisphere (and clockwise in the Southern Hemi- 
sphere). At zeroth order, a balance of pressure gradient 
forces and Coriolis forces, that is, geostrophic balance, 
occurs, leading to the flow of air along isobars instead 
of across (in the direction of the pressure gradient). A 
front is a discontinuous interface or a region of strong 
gradients between two air masses of differing densities 
or temperatures, thus encouraging conversion of poten- 
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Figure 3. Sketch of the near-surface climate and atmospheric 
circulation of the Earth with an idealized continent. (a) Averaged 
isothermals of the coldest month (dashed-dot, —3°C, 18°C) 
and the warmest month (solid, 0°C, 10°C) and periodical 
dry season boundaries a and dry climate £. The following 
climate regions are indicated: wet equatorial climate (Af), 
tropical wet/dry climate (Aw), desert climate (BW), steppe 
climate (BS), sinic climate (Cw), Mediterranean climate (Cs), 
humid subtropical climate (Cf), humid continental climate (Df), 
continental subarctic climate (Dw), tundra climate (ET) and 
snow and ice climate (EF). Modified from Képpen (1923). 
(b) The zonal mean jet streams (primary circulation) and 
mass overturning (secondary circulation) in a meridional height 
section, the subtropical highs (H) and subpolar lows (L), polar 
easterlies, westerlies, polar front, trade winds, and intertropical 
convergence zone (ITCZ). A denotes a cold front and m a 
warm front. Adapted from Palmen (1951), Defant and Defant 
(1958), and Hantel in Bergmann & Schiifer (2001). 





tial into kinetic energy (examples are polar front, arctic 
front, cold front, and warm front). 

Hurricanes and typhoons (local names for tropical 
cyclones) transport large amounts of heat from low to 
mid and high latitudes and develop over oceans. Little 
is known about the initial stages of their formation, 
although they are triggered by small low-pressure 
systems in the Intertropical Convergence Zone (See 
Hurricanes and tornadoes). Because of their strong 
winds, cyclones are particularly active in inducing 
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Figure 4. Sketch of the oceanic circulation of an idealized 
basin (a) the global wind-induced distribution of ocean currents 
(primary circulation) and (b) the zonal mean thermohaline 
circulation (secondary circulation) in a meridional depth section 
showing upper, intermediate, deep and bottom water masses. NE 
denotes the north equatorial, EC the equatorial and SE the south 
equatorial current. PC stands for polar current, ACC for Antarctic 
circumpolar current, WD for west drift, AAIW for Antarctic 
intermediate waters, NADW for North Atlantic deep water, and 
AABW for Antarctic bottom water. Adapted from Hasse and 
Dobson (1986). 


upwelling and wind-driven surface water transport. 
Extratropical cyclones are frontal cyclones of mid to 
high latitudes (see Figures 2 and 3). 

Meteorology and oceanography are concerned with 
understanding, predicting, and modeling the weather, 
climate, and oceans due to their fundamental socio- 
economic and environmental impact. In meteorol- 
ogy, one distinguishes between short (1-3 days) and 
medium-range (4-10 days) numerical weather predic- 
tion models (NWPs) for the atmosphere and general 
circulation models (GCMs, See General circulation 
models of the atmosphere). While NWPs for local 
and regional weather prediction are usually not coupled 
to ocean models, GCMs are global three-dimensional 
complex coupled atmosphere-ocean models (which 
even include the influence of land masses), used to study 
global climate change, modeling radiation, photo- 
chemistry, transfer of heat, water vapor, momentum, 


ATMOSPHERIC AND OCEAN SCIENCES 


greenhouse gases, clouds, ocean temperatures, and ice 
boundaries. The atmosphere-ocean interface couples 
the “fast” processes of the atmosphere with the compa- 
rably “slow” processes of the ocean through evapora- 
tion, precipitation, and momentum interaction. GCMs 
are validated using statistical techniques and correlated 
to the actual climate evolution. Additionally, the appli- 
cation of GCMs to different planetary atmospheres, for 
example, on Mars and Jupiter, leads to a greater under- 
standing of the planet’s history and environment. 

The complexity of the dynamics of the atmosphere 
and ocean is largely due to the intrinsic coupling 
between these two large masses at the air-sea interface. 


Ocean 


Ocean circulation is forced by tidal forces (also 
known to force atmospheric tides), due to gravitational 
attraction, wind stress, applied shear forces acting on 
the interface, and external, mainly solar, radiation, 
penetrating into the sea surface and affecting the heat 
budget and water mass due to evaporation. Primary 
sources of tidal forcing, earliest work on which was 
undertaken by Pierre-Simon Laplace in 1778, are the 
Moon and the Sun. One discerns between diurnal, 
semidiurnal, and mixed-type tides. 

In the ocean, one distinguishes between two types 
of ocean currents: surface (wind-driven) and deep 
circulation (thermohaline circulation). Separating the 
surface and deep circulation is the thermocline, a small 
layer of strong gradient of temperature, salinity, and 
density, acting as an interface between the two types of 
circulations. 

Surface circulation ranging up to 400 m in depth is 
forced by the prominent westerly winds in the mid- 
latitudes and trade winds in the tropical regions (see 
Figures 3 and 4), which are both forced by solar heating 
and Coriolis forces leading to expansion of water near 
the equator and decreased density, but increased salinity 
due to evaporation. An example of the latter is the 
Gulf Stream in the North Atlantic. The surface wind 
stress, solar heating, Coriolis forces, and gravity lead 
to the creation of large gyres in all ocean basins with 
clockwise (anticyclonic) circulation in the northern 
hemisphere and counterclockwise circulation in the 
southern hemisphere. The North Atlantic Gyre, for 
example, consists of four currents: the north equatorial 
current, the Gulf Stream, the North Atlantic current, 
and the Canary current. 

Ekman transport, the combination of wind stress and 
Coriolis forces, leads to a convergence of water masses 
in the center of such gyres, which increases the sea 
surface elevation. The layer of Ekman transport can be 
100-150 m in depth and also leads to upwelling due to 
conservation of mass on the western (eastern) coasts for 
winds from the north (south) in the Northern (South- 
ern) Hemisphere. As a consequence, nutrient-rich 


ATMOSPHERIC AND OCEAN SCIENCES 


23 


90°E 180° 
| 














warm surface water creation ae 





warm surface water creation J) 









I), 


warm, less salty 
surface circulation 














{ cold deep water creation ) 











7a, 


cold, saline 


deep circulation 














Figure 5. Sketch of the global conveyor belt through all oceans, showing the cold saline deep circulation, the warm, less salty surface 
circulation, and the primary regions of their creation. Note that this circulation is only characteristic of the actual global circulation. 


Adapted from Broecker (1987). 


deep water is brought to the surface. With the opposite 
wind direction, Ekman transport acts to induce down- 
welling. 

Another important combination of forces is the 
balance of Coriolis forces and gravity (pressure 
gradient forces), which is called geostrophic balance, 
leading to the movement of mass along isobars 
instead of across (geostrophic current), similar to the 
atmosphere. The boundary currents along the eastern 
and western coastlines are the major geostrophic 
currents in a gyre. The western side of the gyre is 
stronger than the eastern due to the Earth’s rotation, 
called western intensification. 

Deep circulation makes up 90% of the total water 
mass and is driven by density forces and gravity, which 
in turn is a function of temperature and salinity. High- 
density deep water originates in the case of extreme 
cooling of the sea surface in the polar regions, sinking 
to large depths as a density current, a strongly nonlin- 
ear phenomenon. When the warm Gulf Stream waters, 
which have increased salinity due to excessive evapora- 
tion in the tropics, move north due to the North Atlantic 
Gyre, they are cooled by Arctic winds from the north 
and sink to great depths forming the high-density At- 
lantic deep waters (see Figure 5). The downward trans- 


port of water is balanced by upward transport in low- 
and mid-latitude regions. 

The most prominent example of the interaction 
between atmospheric and ocean dynamics is the 
global conveyor belt, which links the surface (wind- 
driven) and deep (thermohaline) circulation to the 
atmospheric circulation. The global conveyor belt is 
a global circulatory system of distinguishable and 
recognizable water masses traversing all oceans (see 
Figure 5). The water masses of this global conveyor belt 
transport heat and moisture, contributing to the climate 
globally. In Earth’s history, the global conveyor belt has 
experienced flow reversals and perturbations leading to 
changes in the global circulatory system. The rather 
recent anthropogenic impact on climate and oceans 
through greenhouse gas emissions has the potential to 
create instability in this large-scale dynamical system, 
which could alter Earth’s climate and have devastating 
environmental and agricultural effects. 


ENSO and NAO 


Another example of atmosphere-ocean coupling is the 
combination of the El Nifio and Southern Oscillation 
(ENSO). The El Nifio ocean current (and associated 
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Figure 6. Sketch of the El Nifio in the tropical Pacific, showing 
a reversal in (trade) wind direction from easterlies to westerlies 
during an El Nifio period bringing warmer water (warm 
corresponds to a positive sea-surface temperature [SST]) close to 
the South American coast, displacing the equatorial thermocline 
downwards. Note the change in atmospheric tropical convection 
and associated heavy rainfall. After McPhaden, NOAA/TAO 
(2002) and Holton (1992). 











wind and rain change) is named from the Spanish for 
Christ Child, due to its annual occurrence off the South 
American coast around Christmas, and may also be sen- 
sitive to anthropogenic influence (see Figure 6). The 
Southern Oscillation occurs as a 2—5-year periodic re- 
versal in the east-west pressure gradient associated with 
the present equatorial wind circulation, called Walker 
circulation, across the Pacific leading to a reversal in 
wind direction and changes in temperature and pre- 
cipitation. The easterly wind in the West Pacific be- 
comes a westerly. As a consequence, the strong trade 
winds are weakened, affecting climate globally (e.g., 
crop failures in Australia, flooding in the USA, and the 
monsoon in India). The Southern Oscillation in turn 
leads to large-scale oceanic fluctuations in the circu- 
lation of the Pacific Ocean and sea-surface tempera- 


Figure 7. Sketch of the North Atlantic Oscillation (NAO) during 
the northern hemisphere winter season. Positive NAO (NAO+) 
showing an above-usual strong subtropical high-pressure center 
and subpolar low, resulting in increased wind strengths an 
storms crossing the Atlantic towards northern Europe. NAO-+ is 
associated with a warm wet winter in Europe and cold dry winter 
in North America. Central America experiences mild wet winter 
conditions. Negative NAO (NAO—) shows a weaker subtropical 
high and subpolar low, resulting in lower wind speeds and weaker 
storms crossing the Atlantic toward southern Europe and receded 
sea ice masses around Greenland. NAO— is associated with cold 
weather in northern Europe and moist air in the Mediterranean. 
Central America experiences colder climates and more snow. 
Adapted from Wanner (2000). 





tures, which is called El Nifio. The interannual vari- 
ability, though, is not yet fully understood; considera- 
tion of a wider range of tropical and extratropical in- 
fluences is needed. A counterpart to the ENSO in the 
Pacific is the North Atlantic Oscillation (NAO), which is 
essentially an oscillation in the pressure difference 
across the North Atlantic and is described further in 
Figure 7. 


Monsoons 


The monsoons (derived from Arabic, mauism, meaning 
season or shift in wind) are seasonally reversing 
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ATTRACTOR NEURAL NETWORKS 


winds and one of the most pertinent features of 
the global atmospheric circulation. The best-known 
examples are the monsoons over the Indian Ocean and, 
to some extent, the western Pacific Ocean (tropical 
region of Australia), the western coast of Africa, and 
the Carribbean. Monsoons are characteristic for wet 
summer and dry winter seasons, associated with strong 
winds and cyclone formation. They occur due to 
differing thermal characteristics of the land and sea 
surfaces. Land, having a much smaller heat capacity 
than the ocean, emits heat from solar radiation more 
easily, leading to upward heat (cumulus) convection. 
In the summer season, this leads to a pressure gradient 
and thus wind from the land to the ocean in the upper 
layers of the atmosphere and subsequent conserving 
flow of moisture-rich air from the sea back inland at 
lower levels. This leads to monsoonal rains, increased 
latent heat release, and intensified monsoon circulation. 
During the monsoons of the winter season, the opposite 
of the summer season monsoon takes place, although 
less pronounced, since the thermal gradient between the 
land and sea is reversed. The winter monsoons thus lead 
to precipitation over the sea and cool dry land surfaces. 

Anpbreas A. AIGNER AND KLAUS FRAEDRICH 


See also Fluid dynamics; General circulation mod- 
els of the atmosphere; Hurricanes and tornadoes; 
Lorenz equations; Navier-Stokes equation 


Further Reading 


Apel, J. 1989. Principles of Ocean Physics, London: Academic 
Press 

Barry, R.G., Chorley, R.J. & Chase, T. 2003. Atmosphere, 
Weather and Climate, 8th edition, London and New York: 
Routledge 

Bergmann, K., Schaefer C. & von Raith, W. 2001. Lehrbuch der 
Experimentalphysik, Band 7, Erde und Planeten, Berlin: de 
Gruyter 

Cushman-Roisin, B. 1993. Introduction to Geophysical Fluid 
Dynamics, Englewood Cliffs, NJ: Prentice-Hall 

Defant, A. & Defant, Fr. 1958. Physikalische Dynamik der 
Atmosphdire, Frankfurt: Akademische Verlagsgesellschaft 

Gill, A. 1982. Atmosphere-Ocean Dynamics, New York: 
Academic Press 

Hasse, L. & Dobson, F. 1986. Introductory Physics of the 
Atmosphere and Ocean, Dordrecht and Boston: Reidel 

Holton, J.R. 1992. An Introduction to Dynamic Meteorology, 3rd 
edition, New York: Academic Press 

Kraus, E.B. & Businger, J.A. 1994. Atmosphere—Ocean 
Interaction, New York: Oxford University Press, and Oxford: 
Clarendon Press 

Krauss, W. 1973. Dynamics of the Homogeneous and Quasi- 
homogeneous Ocean, vol I, Berlin: Borntrager 

LeBlond, P.H. & Mysak, L.A. 1978. Waves in the Ocean, 
Amsterdan: Elsevier 

Lindzen, R.S. 1990. Dynamics in Atmospheric Physics, 
Cambridge and New York: Cambridge University Press 

Pedlosky, J. 1986. Geophysical Fluid Dynamics, New York: 
Springer 

Philander, S.G. 1990. El Nifio, La Nifia, and the Southern 
Oscillation, New York: Academic Press 


25 


ATTRACTOR NEURAL NETWORKS 


Neural networks with feedback can have complex 
dynamics; their outputs are not related in a simple 
way to their inputs. Nevertheless, they can perform 
computations by converging to attractors of their 
dynamics. Here, we analyze how this is done for 
a simple example problem: associative memory, 
following the treatment by Hopfield (1984) (see also 
Hertz, et al., 1991, Chapters 2 and 3). 

Let us assume that input data are fed into the network 
by setting the initial values of the units that make it up 
(or a subset of them). The network dynamics then lead 
to successive changes in these values. Eventually, the 
network will settle down into an attractor, after which 
the values of the units (or some subset of them) give 
the output of the computation. The associative memory 
problem can be described in the following way: there 
is a set of p patterns to be stored. Given, as input, a 
pattern that is a corrupted version of one of these, the 
attractor should be a fixed point as close as possible to 
the corresponding uncorrupted pattern. 

We focus on networks described by systems of 
differential equations such as 


du; 
ti + ui(t) = Yo wiygluj a) 
iti 


Here, u;(t) is the net input to unit i at time ¢ and 
g() is a sigmoidal activation function (g’ > 0), so that 
V; = g(u;) is the value (output) of unit i. The connection 
weight to unit i from unit j is denoted w;;, and 7; is 
the relaxation time. We can also consider discrete-time 
systems governed by 


Viit+ =e] Dwi Vi |. (2) 


J 


Here, it is understood that all units are updated 
simultaneously. In either case, the “program” of such a 
network is its connection weights wj;. 

In general, three kinds of attractors are possible: 
fixed point, limit cycle, and strange attractor. There 
are conditions under which the attractors will always 
be fixed points. For nets described by the continuous 
dynamics of Equation (1), a sufficient (but not 
necessary) condition is that the connection weights 
be symmetric: w;; = wj;. General results about the 
stability of recurrent nets were proved by Cohen & 
Grossberg (1983). They showed, for dynamics (1), that 
there is a Lyapunov function, that is, a function of 
the state variables uj, which always decreases under 
the dynamics, except for special values of the u; at 
which it does not change. These values are fixed points. 
For values of the u; close to such a point, the system 
will evolve either toward it (an attractor) or away 
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from it (a repellor). For almost all starting states, the 
dynamics will end at one of the attractor’s fixed points. 
Furthermore, these are the only attractors. 

We treat the case g(u) = tanh(6u) and consider the 
ansatz 


12 
wij = HF Ss epee (3) 


b= 


That is, for each pattern, there is a contribution to 
the connection weight proportional to the product of 
sending (€ a ) and receiving (a ) unit activities when the 


network is in a stationary state V; = eM This is just the 
form of synaptic strength proposed by Hebb (1949) as 
the basis of animal memory, so this ansatz is sometimes 
called a Hebbian storage prescription. 

To see how well the network performs this com- 
putation, we examine the fixed points of (1) or (2), 
which solve 


V; = tanh BY. wi Vj : (4) 
j 


The quality of retrieval of a particular stored pattern 
gh is measured by the quantity m, =N7! >; ENV). 
Using (4), with the weight formula (3), we look for 
solutions in which the configuration of the network is 
correlated with only one of the stored patterns, that is, 
just one of the m,,’s is not zero. If the number of stored 
patterns p < N, we find a simple equation for m,: 


m, = tanh(6m,). (5) 


This equation has nontrivial solutions whenever the 
gain B > | and for B large, m,, — 1, indicating perfect 
retrieval. If the gain is high enough, there are other 
attractors in addition to the ones we have tried to 
program into the network with the choice (3), but by 
keeping the gain between 1 and 2.17 we can limit the 
attractor set to the desired states. 

When p is of the same order as N, the analysis is 
more involved. We define a parameter a = p/N. For 
small a, the overlaps m, between the stored patterns 
and the fixed points are less than, but still close to, 1. 
However, there is a critical value of a, a(B), above 
which there are no longer fixed points close to the 
patterns to be stored and the memory breaks down 
catastrophically. One finds w-(1) =0 and, in the limit 
Bo, a(B) > 0.14. 

Thus, attractor computation works in this system 
over a wide range of the model parameters a and B. 
It can be shown to be robust with respect to many other 
variations, including dilution (random removal of con- 
nections), asymmetry (making some of the w;; 4 wji), 
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and quantization or clipping of the weight values. Its 
breakdown at the boundary @-(f) is a collective effect 
like a phase transition in a physical system. 

The weight formula (3) was only an educated guess. 
It is possible to obtain better weights, which reduce 
the crosstalk and increase ac, by employing systematic 
learning algorithms. 

It is also possible to extend the above-described 
model to store pattern sequences by including suitable 
delays in the discrete-time dynamics (2). 

It appears that attractor networks play a role in 
computations in the brain. One example of current 
interest is working memory: some neurons in the 
prefrontal cortex that are selectively sensitive to a 
particular visual stimulus exhibit continuing activity 
after the stimulus is turned off, even though the animal 
sees other stimuli. Thus, they seem to be involved in 
the temporary storage of visual patterns. Computational 
network models based on the simple concepts described 
above (Renart et al., 2001) are able to reproduce the 
main features seen in recordings from these neurons. 

JouNn HERTZ 


See also Cellular nonlinear networks; McCulloch- 
Pitts network; Neural network models 
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ATTRACTORS 

A wide variety of problems arising in physics, 
chemistry, and biology can be recast within the 
framework of dynamical systems. A dynamical system 
is made up of two parts: the phase space, which consists 
of all possible configurations of the physical system, 
and the “dynamics,” a rule describing how the state 
of the system changes over time. The fundamental 
insight of the theory is that some problems, which 
initially appear extremely complicated, can be greatly 
simplified if we are prepared to concentrate on their 
long-term behavior, that is, what happens eventually. 
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This idea finds mathematical expression in the concept 
of an attractor. 

The simplest possibility is that the system settles 
down to aconstant state (e.g., a pendulum damped by air 
resistance will end up hanging vertically downward). 
In the phase space, this corresponds to an attractor 
that is a single “fixed point” for the dynamics. If the 
system settles down to a repeated oscillation, then this 
corresponds to a “periodic orbit,’ a closed curve in 
the phase space. For two coupled ordinary differential 
equations (ODEs), it is a consequence of the Poincaré— 
Bendixson Theorem that these fixed points and periodic 
orbits are essentially the only two kinds of attractors 
that are possible (see Hirsch & Smale, 1974 for a more 
exact statement). In higher dimensions, it is possible 
for the limiting behavior to be quasi-periodic with k 
different frequencies, corresponding to a k-torus in the 
phase space (cf. Landau’s picture of turbulence as in 
Landau & Lifschitz, 1987). 

However, with three or more coupled ODEs (or 
in one-dimensional maps), the attractor can be an 
extremely complicated object. The famous “Lorenz 
attractor” was perhaps the first explicit example of an 
attractor that is not just a fixed point or (quasi) periodic 
orbit. Edward Lorenz highlighted this in the title of 
his 1963 paper, “Deterministic Nonperiodic Flow.” The 
phrase “strange attractor” was coined by Ruelle & 
Takens (1971) for such complicated attracting sets. 
These attractors, and the chaotic dynamics associated 
with them, have been the focus of much attention, 
particularly in relation with the theory of turbulence 
(the subject of Ruelle & Takens’ paper; see also 
Ruelle, 1989). There is no fixed definition of a “strange 
attractor”; some authors use the phrase as a signature of 
chaotic dynamics, while others use it to denote a fractal 
attractor (e.g., Grebogi et al. (1984) discuss “strange 
nonchaotic attractors”’). 

Over the years, various authors have given precise 
(but different) definitions of an attractor: Milnor (1985) 
discusses many of these (and proposes a new one of his 
own). Most definitions require that an attractor attract 
a “large set of initial conditions and satisfy some kind 
of minimality property” (without this, the whole phase 
space could be called an attractor). 

We refer to the set of all those points in the 
phase space whose trajectories are attracted to some 
set A as the basin of attraction of A and write this 
B(A). There are essentially two choices of what it 
means to attract a large set of initial conditions: the 
more common one is that B(A) contains an open 
neighborhood of A, while Milnor (1985) suggested that 
a more realistic requirement is that B(A) has positive 
Lebesgue measure. 

Exactly what type of minimality assumption we 
require depends on what we want our attractor to say 
about the dynamics. At the very least, there should 
be no smaller (closed) set with the same basin of 
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Figure 1. (a) A symmetric double-well potential. (b) Phase 
portrait of a particle moving in the potential of (a) with friction. 


attraction: this excludes any “unnecessary” points from 
the attractor. A consequence of this minimality property 
is that the attractor is invariant: if A is the attractor of a 
map f, this means that f(A) = A (there is, of course, a 
similar property for the attractor of a flow). In particular, 
this means that it is possible to talk about the “dynamics 
on the attractor.” 

If we want one attractor to describe the possible 
asymptotic dynamics of every initial condition, then 
there is no need to impose any further minimality 
assumption. Figure 1(b) shows the phase portrait for a 
particle moving with friction in the symmetric double- 
well potential of Figure 1(a); the basin of attraction of 
the fixed point corresponding to the bottom of the left- 
hand well is shaded. (The equations of motion are x = y 
and y= — 5 +x — x3.) We could say that the attractor 
consists of the three points {(—1, 0), (1, 0), (0, 0)}, but 
this discards much of the information contained in the 
phase portrait. This motivates the further requirement 
that an attractor be “indecomposable”: it should not be 
possible to split it into two disjoint invariant subsets. 
(Some definitions require there to be a dense orbit in 
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the attractor: essentially, this means that one trajectory 
“covers” the entire attractor, so in particular the attractor 
cannot be split into two pieces.) This gives us two 
possible attractors: (—1, 0) and (1, 0) (the origin does 
not attract a neighborhood of itself, nor any set of 
positive measure). 

In this example, the boundary between the basins of 
attraction of the two competing attractors is a smooth 
curve. However, in many examples this boundary is 
a fractal set. This was first noticed by McDonald 
et al. (1985), who observed that near a fractal boundary, 
it is harder to predict the asymptotic behavior of 
imprecisely known initial conditions. An extreme 
version of this occurs with the phenomenon of “riddled 
basins,” first observed by Alexander et al. (1992): 
arbitrarily close to a point attracted to one attractor; 
there can be a point attracted to another. In this case, 
an arbitrarily small change in the initial condition 
can lead to completely different asymptotic behavior. 
(In addition to treating some analytically tractable 
examples, Alexander et al. (1992) give an impressive 
array of pictures from their numerical simulations.) 

Attractors can also be meaningfully defined for 
the infinite-dimensional dynamical systems arising 
from partial and functional differential equations 
(e.g., Hale, 1988; Robinson, 2001; Temam 1988/1996), 
and for random and nonautonomous systems (Crauel 
et al. (1997) adopt an approach that includes both these 
cases). 

James C. RoBINSON 


See also Chaos vs. turbulence; Dynamical systems; 
Fractals; Phase space; Turbulence 
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AUBRY-MATHER THEORY 

Named after Serge Aubry and John Mather, who inde- 
pendently shaped the seminal ideas, the Aubry—Mather 
theory addresses one of the central problems of mod- 
ern dynamics: the characterization, of nonintegrable 
Hamiltonian time evolution beyond the realm of per- 
turbation theory. In general terms, when a Hamilto- 
nian system is near-integrable, perturbation theory pro- 
vides a rigorous generic description of the invariant 
sets of motion (closed sets containing trajectories) as 
smooth surfaces (KAM tori), each one parametrized 
by the rotation number w of the angle variable (angle- 
action coordinates): all the trajectories born and living 
inside the invariant torus share this common value of 
w. An invariant set has an associated natural invariant 
measure, which describes the measure-theoretical (or 
Statistical) properties of the trajectories inside the in- 
variant set. The invariant measure on a torus is a con- 
tinuous measure, so that the distribution function of 
the angle variable is continuous. In this near-integrable 
regime of the dynamics, perturbative schemes converge 
adequately and future evolution is—to a desired ar- 
bitrary degree—predictable for arbitrary initial condi- 
tions on each torus. 

Far from integrable Hamiltonian dynamics, what 
is the fate of these invariant natural measures, or in- 
variant sets of motion, beyond the borders of valid- 
ity of perturbation theory? The answer is that each 
torus breaks down and its remaining pieces form an 
invariant fractal set, called by Percival a cantorus 
(or Aubry—Mather set) characterized by the rotation 
number value common to all trajectories in the can- 
torus. The statistical properties of the trajectories on 
the invariant cantorus are now described by a purely 
discrete measure or Cantor distribution function (see 
Figure 1). 


Basic Theorems 


The formal setting of Aubry—Mather theory for the tran- 
sition from regular motion on invariant tori to orbits 
on hierarchically structured nowhere dense cantori is 
the class of maps of a cylindrical surface C = S! x R 
(cylindrical coordinates (u, p)) (see Figure 2) onto it- 
self, 


f:C€-C, (1) 


characterized by preservation of areas (symplectic) and 
the “twist” property, meaning that the torsion produced 
by an iteration of the map on a vertical segment of the 
cylindrical surface converts it into a part of the graph 
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Figure 1. Left: Construction of a Cantor set from the unit real interval (or circle S!) asa limiting process. At each step n, a whole 
piece is cut out from each remaining full segment. Right: The distribution function F(w) of the projection onto the angular component 
Un of acantorus orbit. F(w) is the limiting proportion of the values of un <u, —-co <n < +0. 











Figure 2. Schematic illustration on the unfolded cylindrical 
surface C = S! x R of the twist (upper right) and area-preserving 
(lower right) properties of the map F : C > C. In the upper right 
area the curve is a single-valued function g(u) of the angular 
variable. 


of some function g(u) of the angular coordinate. More 
explicitly, if we denote by (u’, p’)= f(u=0, p) the 
image of the vertical segment, then wu’ is a monotone 
function of p, so that (u’, p’) is the graph of a single- 
valued function. 

An area-preserving twist map has associated an 
action-generating function related to the map via a 
variational (extremal action) principle: 


e An action-generating function, H(x, x’), of a twist 
map is a two-variable function that is strictly convex: 





a°H <K <0 (2) 
dudu! — me 


e If uo is a critical point of L(x) = A(u_1,x)+ 
A(x,uj), then a certain sequence (u—1, p-1), 
(uo, Po), (41, p1) is a segment of a cylinder orbit 
of f. 

(Given a sequence {uj¥i 0 with fixed ends (up = 


a, Un = b), the associated action functional L is the sum 
n—1 
ij =o A (uj, uj+i)- 


A cylinder orbit is called ordered when it projects 
onto an angular sequence ordered in the same way 
as a uniform rotation of angle w. An invariant set is 
a minimal invariant set if it does not include proper 
invariant subsets and is called ordered if it contains 
only ordered orbits. The proper definition of an Aubry— 
Mather set is a minimal invariant ordered set that 
projects one-to-one on a nowhere dense Cantor set of 
the circle S!. 

The following points comprise the main core (Golé, 
2001; Katok & Hasselblatt, 1995) of the Aubry—Mather 
theory: 


e For each rational value w=p/q of the rotation 
number, there exist (Poincaré—Birkhoff theorem) at 
least two ordered periodic orbits (Birkhoff periodic 
orbits of type (p,q)), which are obtained by, 
respectively, minimizing and maximizing the action 
over the appropriate set of angular sequences. 

In general, periodic orbits of rational rotation 
number w= p/q do not form an invariant circle, in 
which case there are nonperiodic orbits approaching 
two different periodic orbits as n ~ — oo and as 
n— > +00, called heteroclinic orbits (or homoclinic 
in some contexts). These orbits connect two Birkhoff 
periodic orbits through a minimal action path. 
Usually, the number of map iterations needed for 
such action-minimizing orbits to pass over the action 
barriers is exponentially small. 

e For each irrational value of w, there exists either an 
invariant torus or an Aubry—Mather set. There are 
also homoclinic trajectories connecting orbits on the 
Aubry—Mather set. 


The hierarchical structure of gaps that break 
up the torus has its origins in the path-dependent 
action barriers. Note also that heteroclinics to nearby 
periodic orbits (of rational rotation number) pass 
over nearly the same action barriers, leading to a 
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somewhat metaphorical view of nearby resonances 

biting the tori and leaving gaps. Certainly, the action 

barriers fractalize the invariant measure according to 
the proximity of the irrational rotation number w to 
rationals. 

The explanatory power of the extremal action prin- 
ciple in the fractalization of invariant sets of motion 
suggests one of the immediate physical applications of 
this theory. Indeed, Aubry’s work was originally mo- 
tivated by the equilibrium problem of a discrete field 
(un) n€ Z, under some energy functional, whose ex- 
tremalization defines equilibrium field configurations. 
Under some conditions on the energy-generating func- 
tion H (u, u’), both are equivalent mathematical physics 
problems, and a one-to-one correspondence between 
orbits (Uy, Pn) and equilibrium field configurations 
(un) does exist (Aubry, 1985). 


Application to the Generalized 
Frenkel-Kontorova Model 


From this perspective, the Aubry—Mather theory gives 

rigorous variational answers in the description of equi- 

librium discrete nonlinear fields such as the generalized 

Frenkel—Kontorova (FK) model with convex interac- 

tions. Although the terminology changes, every aspect 

of cylinder dynamics has a counterpart in the equilib- 
rium problem of this interacting nonlinear many-body 
model. 

e Commensurate (periodic) field configurations corre- 
spond to Birkhoff periodic orbits, and as such they 
are connected by the field configurations associ- 
ated to heteroclinics, which are here called discrete 
(sine-Gordon) solitons or elementary discommensu- 
rations. 

e Incommensurate (quasiperiodic) field configurations 
can correspond either to tori trajectories or to Aubry— 
Mather trajectories. The macroscopic physical prop- 
erties (formally represented by averages on the in- 
variant measure) of the field configuration experi- 
ence drastic changes when passing from one case 
(tori) to the other (Aubry—Mather sets). This tran- 
sition (called breaking of analiticity by Aubry) has 
been characterized as a critical phenomenon using 
renormalization group methods by (MacKay, 1993). 
The Aubry—Mather theory puts on a firm basis what 

is known as discommensuration theory, which is the 

description of a generic incommensurate or (higher- 
order) commensurate field configuration as an array of 
discrete field solitons, strongly interacting when tori 
subsist, but almost noninteracting and deeply pinned 
when only Cantor invariant measures remain. Aubry’s 
work provided a satisfactory understanding of the 
complexity of the phase diagrams and the singular 
character of the equations of state of the generalized 

FK model (Griffiths, 1990). 

Luis Mario FLoria 
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AUTO-OSCILLATIONS 


See Phase plane 


AVALANCHE BREAKDOWN 


Charge transport in condensed matter is simply 
described by the current density 7 as a function of the 
local electric field E. For bulk materials, the current 
density per unit area is given by j(E) =— env, where 
e > Ois the electron charge, n is the conduction electron 
density per unit volume, and v is the drift velocity. In 
the simplest case, v is a linear function of the field: 
v=— WE, with mobility pw. 

Thus, the conductivity o = j/E =eny is propor- 
tional to the number of conduction electrons. In metals, 
n is given by the number of valence electrons, which 
is temperature independent. In semiconductors, how- 
ever, the concentration of electrons in the conduction 
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band varies greatly and is determined by generation- 
recombination (GR) processes that induce transitions 
between valence band, conduction band, and impurity 
levels (donors and acceptors). Charge carrier concentra- 
tion depends not only upon temperature but also upon 
the electric field, which explains why the conductivity 
can change over many orders of magnitude. A GR pro- 
cess that depends particularly strongly on the field is 
impact ionization, the inverse of the Auger effect. It is 
a process in which a charge carrier with high kinetic 
energy collides with a second charge carrier, transfer- 
ring its kinetic energy to the latter, which is thereby 
lifted to a higher energy level. The kinetic energy is 
increased by the local electric field, which heats up 
the carriers. As a certain minimum energy is neces- 
sary to overcome the difference in the energy levels 
of the second carrier, the impact ionization probabil- 
ity depends in a threshold-like manner on the applied 
voltage. 

Impact ionization processes may be classified as 
band-band processes or band-trap processes depending 
on whether the second carrier is initially in the valence 
band and makes a transition from the valence band to 
the conduction band, or whether it is initially at a lo- 
calized level (impurity, donor, acceptor), and makes a 
transition to a band state. Further, impact ionization 
processes are classified as electron or hole processes 
according to whether the ionizing hot carrier is a con- 
duction band electron or a hole in the valence band. 

Schematically, impact ionization may be written as 
one of the following reaction equations, in analogy with 
chemical kinetics: 











e — 2e+h, qd) 
ete > 2e+ hy, (2) 
h —> 2h+e, (3) 
h+h — 2h+e, (4) 





where e and h denote band electrons and holes, re- 
spectively, and e; and bh, stand for electrons and 
holes trapped at impurities (donors, acceptors, or deep 
levels). The result of the process is carrier multi- 
plication (avalanching), which may induce electrical 
instabilities at sufficiently high electric fields. Impact 
ionization from shallow donors or acceptors is respon- 
sible for impurity breakdown at low temperatures. Be- 
ing an autocatalytic process (i.e., each carrier ionizes 
secondary carriers that might, in turn, impact ionize 
other carriers), itinduces a nonequilibrium phase transi- 
tion between a low- and high-conductivity state and 
may lead to a variety of spatiotemporal instabilities, 
including current filamentation, self-sustained oscil- 
lations, and chaos. The conductivity saturates when 
all impurities are ionized. Band-to-band impact ion- 
ization eventually induces avalanche breakdown, lim- 
iting the bias voltage that can be safely applied 
to a device. The conductivity increases much more 
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strongly than during impurity breakdown because of 
the large number of valence band electrons available for 
ionization. 

Impurity impact-ionization breakdown at helium 
temperatures (ca. 5 K) in p-Ge, n-GaAs, and other semi- 
conductor materials has been thoroughly studied both 
experimentally and theoretically as a model system 
for nonlinear dynamics in semiconductors. It displays 
S-shaped current-voltage characteristics because the 
GR kinetics incorporating impact ionization from at 
least two impurity levels (ground state and excited 
state) allows for three different values of the carrier 
density n(£) in a certain range of fields E. As a re- 
sult of the negative differential conductivity, a vari- 
ety of temporal and spatiotemporal instabilities occur, 
ranging from stationary and breathing current filaments 
and traveling charge density waves to various chaotic 
scenarios. 

Band-to-band impact ionization of a reverse biased 
p-—n junction is the basis of a variety of electronic de- 
vices. A number of these devices depend on a combi- 
nation of impact ionization of hot electrons and transit 
time effects. The IMPATT (impact ionization avalanche 
transit time) diodes can generate the highest continu- 
ous power output at frequencies > 30 GHz. The origi- 
nally proposed device (Read diode) involves a reverse 
biased nt—p-i-p* multilayer structure, where n+ and 
p* denote strongly n- or p-doped semiconductor re- 
gions, and i denotes an intrinsic (undoped) region. In 
the n*—p region (avalanche region), carriers are gen- 
erated by impact ionization across the bandgap; the 
generated holes are swept through the i region (drift re- 
gion) and collected at the p* contact. When a periodic 
(ac) voltage is superimposed on the time-independent 
(dc) reverse bias, a a phase lag of the ac current 
behind the voltage can arise. This phase lag is due to the 
finite buildup time of the avalanche current and the finite 
time carriers take to cross the drift region (transit-time 
delay). If the sum of these delay times is approximately 
one-half cycle of the operating frequency, negative con- 
ductance is observed; in other words, the carrier flow 
drifts opposite to the ac electric field. This can be 
achieved by properly matching the length of the drift 
region with the drift velocity and the frequency. Other 
devices using the avalanche breakdown effect are the 
TRAPATT (trapped plasma avalanche triggered tran- 
sit) diode and the avalanche transistor. The Zener diode 
is a p—n junction that exhibits a sharp increase in the 
magnitude of the current at a certain reverse voltage 
where avalanche breakdown sets in. It is used to stabi- 
lize and limit the de voltage in circuits (overload and 
transient suppressor) since the current can vary over 
a large range at the avalanche breakdown threshold 
without a noticeable change in the voltage. The orig- 
inal Zener effect, on the other hand, is due to quan- 
tum mechanical tunneling across the bandgap at high 
fields, and is effective in highly doped (resulting in 
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narrow depletion layers) Zener diodes at lower break- 


down voltages. 
ECKEHARD SCHOLL 
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AVALANCHES 


An avalanche is a downhill slide of a large mass, 
usually of snow, ice, or rock debris prompted by a 
small initial disturbance. Avalanches, along with land- 
slides, are one of the major natural disasters that still 
present significant danger for people in the mountains. 
On average, 25 people die in avalanches every winter 
in Switzerland alone. Dozens of people were killed on 
September 23, 2002, in a gigantic avalanche in North- 
ern Ossetia, Russia, when a 150 m thick chunk of the 
Kolka Glacier broke off and triggered an avalanche of 
ice and debris that slid some 25 km along Karmadon 
gorge. In 1999, some 3000 avalanches occurred in the 
Swiss Alps. 

Avalanches vary widely in size, from minor slides 
to large movements of snow reaching a volume of 
10° m? and a weight of 30,000 tons. The speed of the 
downhill snow movement can reach 100 m/s. There 
are two main types of avalanches-loose avalanche and 
slab avalanche: depending on the physical properties 
of snow. Soft dry snow typically produces loose 
avalanches that form a wedge downward from the 
starting point, mainly determined by the physical 
properties of the granular material. In wet or icy 
conditions, on the other hand, a whole slab of solid 
dense snow may slide down. The initiation of the 
second type occurs as a fracture line at the top of 
the slab. The study of real avalanches and landslides 
is mostly an empirical science that is traditionally a 
part of geophysics and draws from the physics of snow, 
ice, and soil. Semi-empirical computer codes have been 
developed for prediction of avalanches dependent on 
the weather conditions (snowfall, wind, temperature 
profiles) and topography. 


AVALANCHES 





Figure 1. Only several layers of mustard seeds are involved 
in the rolling motion inside the avalanche: moving grains are 
smeared out in this long-exposure photograph. Reproduced with 
permission from Jaeger et al. (1998). 


More fundamental aspects of avalanche dynamics 
have been studied in controlled laboratory experiments 
with dry or wet granular piles, or sandpiles. Granular 
slope can be characterized by two angles of repose— 
the static angle of repose 6; which is the maximum 
angle at which the granular slope can remain static, and 
the dynamic angle of repose 6g, or a minimum angle 
at which the granular flow down the slope can persist. 
Typically, in dry granular media, the difference between 
static and dynamic angles of repose is about 2-5°, 
for smooth glass beads 6; © 25°, 6g © 23°. Avalanches 
may occur in the bistable regime when the slope angle 
satisfies 0g <0 < 0,. The bistability is explained by the 
need to dilate the granular material for it to enter flowing 
regime (Bagnold’s dilatancy). 

An avalanche can be initiated by a small localized 
fluctuation from which the fluidized region expands 
downhill and sometimes also uphill, while the sand 
always slides downhill. An avalanche in a deep sandpile 
usually involves a narrow layer near the surface 
(see Figure 1). Avalanches have also been studied in 
finite-depth granular layers on inclined planes. The 
two-dimensional structure of a developing avalanche 
depends on the thickness of the granular layer and the 
slope angle. For thin layers and small angles, wedge- 
shaped avalanches are formed similar to the loose snow 
avalanches (Figure 2a). In thicker layers and at higher 
inclination angles, avalanches have a balloon-type 
shape that expands both down- and uphill (Figure 2b). 

The kinematics of the fluidized layer in one 
dimension can be described by a set of hydraulic 
equations for the local thickness R(x, t) of the layer 
of rolling particles flowing over a sandpile of immobile 
particles with variable profile h(x, t) (BCRE model, 
after Bouchaud et al., (1994)), 


0,R = —vd,R+T(R,h) + (diffusive terms), (1) 


d;h = —T(R, h) + (diffusive terms), (2) 
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Figure 2. Structure of the avalanche in a thin (4 grain diameters) 
layer of glass beads: (a) wedge-shaped avalanche for 9 = 31.5°; 
(b) balloon-shaped avalanche propagating both up- and downhill 
for 6 = 32.5°. Reprinted by permission from Nature (Daerr & 
Douady, 1999).Copyright (1999) Macmillan Publishers Ltd. 


where I is the entrainment flux of immobile parti- 
cles into the rolling layer and the downhill transport 
velocity v is assumed constant. becomes positive 
when the local slope becomes steeper than the static re- 
pose angle 6s, and in the simplest case, T= y R(dxh — 
tan @;). This model allows for a complete analytical 
treatment. 

A more sophisticated continuum theory of granular 
avalanches is based on the fluid dynamics (Navier— 
Stokes) equations coupled with a phenomenological 
description of the first-order phase transition from a 
static to a fluidized state driven by the local shear 
stress (Aranson & Tsimring, 2001). The local phase 
state is described by the local order parameter p that is 
controlled by a Ginzburg—Landau-type equation with 
bistable free energy F'(p, 5): 


1p = DV*p — a F(p, 5) (3) 


The control parameter 6 in this equation depends on 
the ratio of shear to normal stress. This theory can 
describe a variety of “partially fluidized” granular 
flows, including avalanches in sandpiles. In a “shallow- 
water” approximation, it yields the BCRE-type equa- 
tions for the local slope and the thickness of the rolling 
layer. 

The wide distribution of scales in real avalanches 
led Bak et al. (1988) to propose a “sandpile cellular 
automaton” (See Sandpile model) as a paradigm model 
for self-organized criticality (SOC), the phenomenon 
that occurs in slowly driven nonequilibrium spatially 
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extended systems when they asymptotically reach a 
critical state characterized by a power-law distribution 
of event sizes. The BTW model is remarkably simple, 
yet it exhibits a highly nontrivial behavior. The sandpile 
is formed on a lattice by dropping “grains” on a 
random site from above, one at a time. “Grains” 
form stacks of integer height at each lattice site. 
After each grain dropping the sandpile is allowed to 
relax. Relaxation occurs when the slope (a difference 
in heights of two adjacent stacks) reaches a critical 
value (“angle of repose”) and the grain hops to a 
lower stack. This may prompt a series of subsequent 
hops and so trigger an avalanche. The size of the 
avalanche is determined by the number of grains set 
into motion by adding a single grain to a sandpile. In 
the asymptotic regime in a large system, the avalanche 
size distribution becomes scale-invariant, P(s) xs 
with a~ 1.5. 

The relevance of this model and its generalizations 
to real avalanches is still a matter of debate. The 
sandpile model is defined via a single repose angle, 
and so its asymptotic behavior has the properties of the 
critical state for a second-order phase transition. Real 
sandpiles are characterized by two angles of repose and 
thus exhibit features of the first-order phase transition. 
Experiments with avalanches in slowly rotating drums 
do not confirm the scale-invariant distribution of 
avalanches. However, in such experiments, the internal 
structures of the sandpile (the force chains) are 
constantly changing in the process of rotation. In other 
experiments with large monodispersed glass beads 
dropped on a conical sandpile, SOC with a © 1.5 was 
observed. The characteristics of the size distribution 
depend on the geometry of the sandpile and the 
physical and geometrical properties of grains. SOC 
was also observed in the avalanche statistics in a three- 
dimensional pile of long rice; however, a smaller scaling 
exponent a © 1.2 was measured for the avalanche size 
distribution. 

An avalanche in a pile of sand has been used 
as a metaphor in many other physical phenomena 
including the avalanche diodes, vortices in type-II 
superconductors, Barkhausen effect in ferro-magnetics, 
1/f noise, and. 

Lev TsimrING 
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AVERAGING METHODS 


Averaging methods are generally used for dynamical 
systems of two or more degrees of freedom when time 
scales or space scales are well separated. An average 
over the rapidly varying coordinates of one degree of 
freedom, considering the coordinates of the second 
degree of freedom to be constant during the average, 
can, with appropriate variables, retain a time-invariant 
quantity that enters into the solution of the slower 
motion. This solution, in turn, supplies a parameter to 
the rapid motion, which can then be solved in a lower- 
dimensional space. The averaging method is closely 
related to the calculation of adiabatic invariants, which 
are the approximately constant integrals of the motion 
that are obtained by averaging over the fast angle 
variables. 

The lowest-order calculation is generally straight- 
forwardly performed in canonical coordinates. A trans- 
formation from momentum and position coordinates 
(p,q), for the fast oscillation, to action-angle form 
(J, 0) gives a constant of the motion J, if all other vari- 
ables are held constant. The action J is then the con- 
stant parameter in the equation for the slower motion. 
It is not always convenient to transform to action-angle 
form directly, but the underlying constants are related 
to the action variables. 

The formal expansion procedure that is employed 
is to develop the solution in an asymptotic series. 
The mathematical method applied to ordinary differ- 
ential equations was developed by Nikolai Bogoli- 
ubov (Bogoliubov & Mitropolsky, 1961) and in a 
somewhat different form by Martin Kruskal (1962). 
The expansion techniques can be formally extended 
to all orders in the perturbation parameter but are 
actually divergent. For multiple periodic systems, 
higher-order local nonlinear resonances between the 
degrees of freedom may destroy the ordering in 
their neighborhood. We will return to this problem 
below. 

Averaging over the fastest oscillation of an N- 
degree-of-freedom system reduces the number of 
freedoms to N — 1. A second average over the next 
fastest motion then produces a second adiabatic 
invariant to reduce the freedoms to N — 2. This process 
may be continued to obtain a hierarchy of adiabatic 
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Figure 1. A hierarchy of adiabatic invariants for the charged 
particle gyrating in a nonaxisymmetric, magnetic mirror field. 
The three adiabatic invariants are the magnetic moment 1, 
the longitudinal invariant Jj), and the guiding center flux in- 
variant ®. 


invariants, until the system is reduced to one degree 
of freedom, which can be integrated to obtain a final 
integrable equation. The process is well known in 
plasma physics where, for a charged particle gyrating 
in a magnetic mirror field, we first find the magnetic 
moment invariant jz associated with the fast gyration, 
then find the longitudinal invariant J\) associated with 
the slower bounce motion, and finally find the flux 
invariant ® associated with the drift motion. The three 
degrees of freedom are shown in Figure |. The small 
parameters in this case are ¢1, the ratio of bounce 
frequency to gyration frequency; €2, the ratio of guiding 
center drift frequency to bounce frequency; and ¢3, the 
ratio of the frequency of the time-varying magnetic 
field to the drift frequency. This example motivated the 
development of averaging methods. The derivations of 
these invariants are given in detail in Northrop (1963) 
or in other plasma physics texts. 

Although the asymptotic expansions are formally 
good to all orders in a small dimensionless parameter 
of the form ¢=|@/w?|, where is the frequency of 
the fast oscillation that is slowly changing in time and 
@ =dw/dt, the series generally diverge. The physical 
reason is that resonances or near-resonances between 
degrees of freedom lead to small denominators in the 
coefficients of terms. For nonlinear coupled oscillatory 
systems, exact resonances for certain values of the 
action locally change the structure of the phase-space 
orbits so that they do not follow the values obtained by 
averaging. This led to the development of the secular 
perturbation theory (Born, 1927), in which a local 
transformation of the coordinates around the resonance 
can be made. The frequency of the oscillatory motion 
in the neighborhood of the exact resonance is then slow 
compared with the other frequencies in the transformed 
coordinates, and averaging can then be applied locally. 
A review of the various methods, their limitations, 
practical examples, and reference to original sources 
can be found in Lichtenberg (1969) and Lichtenberg & 
Lieberman (1991). 

The above discussion is related to the study 
of finite-dimensional systems governed by ordinary 
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AVERAGING METHODS 


differential equations. The methods are usually applied 
to relatively low-dimensional systems, for example, 
the motion of a magnetically confined charged par- 
ticle as described above. However, averaging meth- 
ods are also applied to systems governed by partial 
differential equations, such as nonlinear wave propa- 
gation problems and wave instabilities. For example, 
waves on discrete oscillator chains can be obtained 
by first averaging over the discreteness using a Taylor 
expansion. 

ALLAN J. LICHTENBERG 


See also Adiabatic invariants; Breathers; Collective 
coordinates; Modulated waves; Solitons 
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BACKLUND TRANSFORMATIONS 
Backlund transformations (BTs) originated in investi- 
gations conducted in the late 19th century into invari- 
ance properties of pseudospherical surfaces, namely 
surfaces of constant negative Gaussian curvature. In 
1862, it was Edmond Bour who derived the well-known 
sine-Gordon equation 
1. 

Ouy = — sin@ (1) 
p 
via the Gauss—Mainardi—Codazzi system for pseudo- 
spherical surfaces with total curvature K = — 1/ p, 
parametrized in asymptotic coordinates. In 1883, Albert 
Backlund published his now classical result whereby 
pseudo-spherical surfaces may be generated in an it- 
erative manner. Thus, if r is the position vector of a 
pseudospherical surface & corresponding to a seed so- 
lution @ of Equation (1) and w’ denotes the Backlund 
transformation of w via the BT 


f 2B. (- + *) 
oO, — Oy, = — sin - : 
7 B 


2), 2 (* _ *) 
sin ; 
Bp 2 


then the position vector r’ of the one-parameter class of 
surfaces X/ corresponding to ’ is given by (Backlund, 
1883) 








(2) 








where L=psingé and B= tan(¢/2), ¢ being the 
constant angle between the normals to © and D’ and 
B being termed the Backlund parameter. Sophus Lie 
subsequently observed that Bg may be decomposed 
according to Bg =L;'Bp= 1Lg, where Lg and Le" 
are Lie invariances. Thus, Lie transformations play a 
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crucial role in intruding the Backlund parameter f into 
the parameter-independent “Bianchi” transformation 
Bg =1 to produce Bg. 

It was in 1892 that Luigi Bianchi in his masterly 
paper Sulla Trasformazione di Bédcklund per le 
Superficie Pseudosferiche established that the BT Bg 
admits a commutation property Bg, Bg, = Bg, Bg,. a 
consequence of which is a nonlinear superposition 
principle embodied in what is termed a “permutability 
theorem.” 


Bianchi’s Permutability Theorem 


If w is a seed solution of the sine-Gordon equation (1), 
let w1, @2 denote the BT of w via Bg, and Bg,, that is, 
| = Bg, (@) and w2 = Bg, (w). Let w12 = Bg, (w1) and 
@21 = Bg, (@2). Then, imposition of the commutativity 
requirement w17 =; yields a new solution of (1), 
namely 


Q = a1 = @1 


= o+4tan! [ee tan (251) ], 





(4) 


This result is commonly encapsulated in what is termed 
a “Lamb diagram” as shown in Figure 1. This solution- 
generation procedure may be iterated via what is 
sometimes termed a Bianchi lattice. At each iteration, 
anew Backlund parameter f; is introduced. 

The discovery of the BT for the iterative construction 
of pseudospherical surfaces along with its concomi- 
tant permutability theorem led to an intensive search 
by geometers at the turn of the 20th century for other 
classes of privileged surfaces that possess Backlund- 
type transformations. In this connection, Luther Eisen- 
hart, in the preface to his monograph Transformations 
of Surfaces published in 1922, asserted that: “During 
the past twenty-five years many of the advances in 
differential geometry of surfaces in Euclidean space 
have had to do with transformations of surfaces of 
a given type into surfaces of the same type.” Thus, 
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Oy 


a 
(2) 
oe 


The Lamb diagram. 


Figure 1. 


distinguished geometers such as Bianchi, Calapso, Dar- 
boux, Demoulin, Guichard, Jonas, Tzitzeica, and Wein- 
garten all conducted extensive investigations into vari- 
ous classes of surfaces that admit BTs. 

The particular Lamé system descriptive of triply 
orthogonal systems in the case when one of the 
constituent coordinate surfaces is pseudospherical was 
shown by Bianchi (1885) to admit an auto-BT, that 
is, a BT that renders the system invariant. Bianchi 
followed this in 1890 with the construction of a BT for 
the Gauss—Mainardi-Codazzi system associated with 
the class of hyperbolic surfaces with Gaussian curvature 
K=—1/p" subject to the constraint 


Puy = 0, (5) 


where u, v are asymptotic coordinates. In 1899, Gaston 
Darboux constructed a BT for the nonlinear system 


Oxx + Oyy + ike”? = 0, 
Ky + (ki — k2)0y = 0, 
K2,x + (k2 — K1)0% = 0 (6) 





descriptive of isothermic surfaces with fundamental 
forms 

T= ec (dx2+dy), UW =e? (kjdx?+x2dy2), (7) 
where «1,2 are principal curvatures and x, y are 
conjugate coordinates. The classical BT for system (6) 
has been set in a modern solitonic context by Cieslifiski 
(1997). 

In the first decade of the 20th century, the 
Romanian geometer Gheorghe Tzitzeica embarked 
upon an investigation of an important class of surfaces 
for which, in asymptotic coordinates, the Gauss— 
Mainardi—Codazzi system reduces to the nonlinear 
hyperbolic equation 


(In h)uy = h— ho? (8) 


to be rediscovered some 70 years later in a soliton 
context. Tzitzeica (1910) not only constructed a BT 
for (8) but also set down what, in modern terms, is 
a linear representation containing a spectral parameter. 
Tzitzeica surfaces may be subsumed in the more general 
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class of projective minimal surfaces for which BTs can 
be established (Rogers & Schief, 2002). In particular, 
this class contains the Demoulin system (1933) 


1 

(nk)uv =k Rie (9) 

The application of BTs in physics began with the 
work of Seeger et al. (1953) on crystal dislocation 
theory. Therein, within the context of Frenkel and 
Kontorova’s dislocation theory, the superposition 
of so-called “eigenmotions” was obtained via the 
permutability relation (4). The interaction of what are 
today called breathers with kink-type dislocations was 
both described analytically and displayed graphically. 
The typical solitonic features to be subsequently 
discovered for the Korteweg-de Vries (KdV) equation 


1 
(In h)uv =h- hk? 


uy + Ouu, + Ux = 0, (10) 


(namely, preservation of velocity and shape following 
interaction as well as the concomitant phase shift) 
were all recorded. Bianchi’s permutability theorem 
was subsequently employed in an investigation of the 
propagation of ultrashort optical pulses in a resonant 
medium by Lamb (1971). 

A BT for the Korteweg-de Vries equation (10), 
namely 


(AFA), = B-hA-AY, 





(A’ t At = (u u’)(Uxx uy) 
—2(u2 + uyu,+u2), (11) 
where 
x 
A =i u(o, t)do (12) 
[o.e) 


was established by Wahlquist and Estabrook (1973). 
The spatial part of the BT was used to construct a 
permutability theorem, whereby multi-soliton solutions 
may be generated. This permutability theorem makes 
a remarkable appearance in numerical analysis as the 
so-called ¢-algorithm. 

A BT for the celebrated nonlinear Schrédinger 
(NLS) equation 


ig + dex + 2Igi?q = 0 (13) 


was established by Lamb (1974) employing a direct 
method due to Clairin (1902) and by Chen (1974) via 
the inverse scattering transform (IST) formalism. The 
BT adopts the form 


gx +4 = (q—9')4P? —\g+q'?)'?, 
a +4) = idx — GAB” — |g 44/1? 
i . 
tata lata +lq—4'P), 04) 


1/2 











the spatial part of which may be used to construct a 
permutability theorem (Rogers & Shadwick, 1982). 
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Crum’s theorem may be adduced to show that, at the 
level of the linear representation of soliton equations, 
the action of the BT is to add a discrete eigenvalue to 
the spectrum. The role of BTs in the context of the IST 
and their action on reflection coefficients is treated in 
detail by Calogero and Degasperis (1982). 

That the Toda lattice equation 





Yn = expl—(Yn — Yn—1)] — expl—(n+1 — Yn] C5) 


admits a BT, namely 





jn — Yn-1 = Blexp{—-(y, — yn)} 
= exp{(yy_1 = yn—-1)}], 


of 


3, — In = BO Lexp{—On41 — yh)} 
—exp{-(yn —yi_)}H] (16) 


was established by Wadati and Toda (1975). BTs for 
a range of integrable differential-difference as well 
as integro-differential equations may be conveniently 
derived via Hirota’s bilinear operator approach (see 
Rogers & Shadwick, 1982). 

BTs have by now been constructed for the gamut 
of known solitonic equations as well as their Painlevé 
reductions (Gromak, 1999). The importance of BTs 
in soliton theory with regard to such aspects as 
multi-soliton generation, geometric connections, and 
integrable discretization is well established. Moreover, 
BTs also have extensive applications in continuum 
mechanics (Rogers & Shadwick, 1982). Important 
connections between infinitesimal BTs as originally 
introduced in a gas dynamics context (Loewner, 1952) 
and the construction of 2 + 1 dimensional solitonic 
systems have also been uncovered. 
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See Maps 
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See Integrable lattices 


BALL LIGHTNING 
Properties 


Ball lightning is an impressive natural phenomenon for 
which there is yet no accepted scientific explanation. 
It consists of flaming balls or fireballs, usually 
bright white, red, orange, or yellow, which appear 
unexpectedly sometimes near the ground, following the 
discharge of a lightning flash, or in midair coming from 
a cloud. 

Most observations of ball lightning are associated 
with thunderstorms, and they exhibit the following 
more detailed properties: (1) Their shape is usually 
spherical or spheroidal with diameters between 10 and 
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50 cm. (ii) They tend to move horizontally. (iii) The 
observed distribution of lifetimes has a most probable 
value between 2 and 5s and an average value of about 
10s or higher (some cases of more than 1 min having 
been reported). (iv) Ball lightning is bright enough to 
be clearly seen in daylight, the visible output being 
in the range 10-150W (similar to that of a home 
electric light bulb). (v) Some balls have appeared within 
aircraft, traveling inside the fuselage along the aisle 
from front to rear. (vi) There are reports of odors, 
similar to those of ozone, burning sulfur, or nitric 
oxide, and of sounds, mainly hisses, buzzes, or flutters. 
(vii) Most balls decay silently, but some expire with 
an explosion. (viii) Ball lightning has killed or injured 
people and animals and damaged trees, buildings, cars, 
and electric equipment. (ix) Fires have been started 
showing that there is something hot inside. In such 
events, the released energy has been estimated to be 
between 10 kJ and more than 1 MJ. (x) Ball lightning 
has never been produced in laboratories, in spite of 
many attempts and some interesting results, including 
anode spots and luminous objects that decay very 
quickly. Consequently, the properties of ball lightning 
are derived from reports by witnesses, who are often 
excited by the phenomenon and have no scientific 
training. 

A possibly related phenomenon has been observed 
in submarines, after a short circuit of the batteries. 
Balls of plasma that float in air for several seconds 
have appeared at the electrodes. On these occasions, the 
current was about 150 kA and the energy was estimated 
to be between 200 and 400 kJ. 


Classification of the Models 


Three main characteristics must be accounted for by a 
successful model but seem very difficult to explain: the 
tendency toward horizontal motion (hot air or plasma 
in air tends to rise), relatively long lifetimes, and 
contradictions among witnesses. For example, some 
report that balls are cold since they did not feel any 
warmth when one passed nearby, while others were 
burned and needed medical care. 

The many different models proposed to explain the 
phenomenon can be classified into two groups, accord- 
ing to whether the energy source is internal or external. 
In the first group, some are based on plasmoids (equi- 
librium configurations of plasmas), high-density plas- 
mas with quantum mechanical properties, closed loops 
of currents confined by their own magnetic field (in 
some cases, the linking of the currents playing an im- 
portant role), vortex structures as whirlwinds or rotat- 
ing spheres, bubbles containing microwave radiation, 
chemical reactions or combustion, fractal structures, 
aerosols, filaments of silicon, carbon nanotubes, nu- 
clear processes, or new physics, and even primordial 
mini black holes. In the second group, some assume 
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that the balls are powered by electrical discharges or 
by high-frequency microwave focused from thunder- 
clouds. None of them is generally accepted. 


Chemical and Electromagnetic Models 


The association of ball lightning with electrical dis- 
charges suggests strongly that they have an electro- 
magnetic nature. However, Michael Faraday argued 
that ball lightning cannot be an electric phenomenon 
as it would decay almost instantaneously, in contrast to 
its observed lifetime of at least several seconds. Finkel- 
stein & Rubinstein (1964) used the time-independent 
magnetic virial theorem to place a stringent upper 
limit to the energy of a fireball. This limit has been 
viewed as a compelling argument against electromag- 
netic models, stimulating non-electromagnetic chemi- 
cal approaches. 

Recently, aerosol models have received considerable 
attention. In one model (Abrahamson & Dinniss, 2000), 
a lightning discharge vaporizes silicon dioxide in the 
soil that—after interacting with carbon compounds— 
is transformed into pure silicon droplets of nanometer 
scale. These droplets become coated with an insulating 
coat of oxides and are polarized, after which they 
become aligned with electric fields and form networks 
of filaments, in loose structures called “fluff balls.” In 
another model (Bychkov, 2002), the discharges pick 
up organic material from the soil and transform it into 
a kind of “spongy ball” that can hold electric charges. 
Models of this type fail to explain that some balls appear 
in mid air, where there is neither silicon nor organic nor 
any other similar material. 

Electromagnetic models that include chemical 
effects are promising candidates for an explanation of 
ball lightning. Indeed, there are now counterarguments 
to the three main objections that express Faraday’s 
argument in modern language. These are based on the 
radiated output, the pinch effect, and magnetic pressure. 

The first objection is that the power emitted by 
a plasma of the size of a ball lightning is too high 
(one liter of air plasma at 15,000 K emits about 5 MW, 
several orders of magnitude too much). This may be, 
however, an indication that most of the ball is at 
ambient temperature, only a small fraction being hot, 
concentrated in filamentary structures (as hot current 
streamers). If this fraction is of the order of 1 ppm, the 
radiated output would be of the order of 10-100 W, in 
agreement with reports. 

But the solution to the first problem raises another 
one. Any plasma current channel inside the ball would 
be necked and cut in a very short time by the pinch 
effect (the Lorentz force); thus, a ball structured by such 
currents could not last long enough. However, in 1958, 
Chandrasekhar and Woltjer showed in an astrophysical 
context that plasmas relax to minimum energy states, 
verifying the condition that the electric current and 
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the magnetic field are parallel so V x B = AB, in 
which there can be no pinch effect since the Lorentz 
force vanishes. They concluded that such states, known 
as force-free fields, can confine large amounts of 
magnetic energy. Although the minimum energy of an 
uncontained plasma (as in ball lightning) is zero and 
corresponds to an infinitely expanded magnetic field, 
an almost force-free condition could be attained first in 
a very short time at a finite radius, a slow expansion 
continuing afterward with negligible pinch effect. This 
could take several seconds. 

The third objection is based on the magnetic virial 
theorem, which states that a system of charges in 
electromagnetic interactions has no equilibrium state 
in the absence of external forces, because the large 
magnetic pressure must produce an explosion with 
no other force to compensate it. But it is not cer- 
tain that the fireballs are in equilibrium; they could 
be just in metastable states with slow evolution, the 
streamers, moreover, clearly not being in equilibrium 
themselves. Still more important, the force-free con- 
dition annihilates the magnetic pressure or at least re- 
duces it to a much smaller value if the field is almost 
force-free. Furthermore, the problem needs a much 
more complex analysis than has been offered up to now. 
For instance, one must include the thermochemical and 
quantum effects on the transport processes in the plasma 
as well as other nonlinear effects. 

Faddeev and Niemi (2000) have proposed com- 
pelling arguments that challenge certain widely held 
views on plasmas, showing that the virial theorem 
does allow nontrivial equilibrium states of stream- 
ers and electromagnetic fields inside a background of 
plasma, which are “topologically stable solitons that 
describe knotted and linked flux tubes of helical mag- 
netic fields.” This kind of configuration was proposed 
in 1998 by Rajiada et al. (2000) in the context of ball 
lightning. Therefore, it seems that the virial theorem 
does not necessarily support Faraday’s view. 

That ball lightning may contain force-free mag- 
netic configurations of plasmas seems plausible. Be- 
cause electric conduction in air proceeds through 
thin channels called streamers—as happens in ordi- 
nary lightning—it can be imagined that plasma in- 
side the fireball consists of a self-organized set of 
metastable, highly conductive, wire-like or filamentary 
currents. Furthermore, unusually long-lived filaments 
(even closed loops) in high-density structures have 
been theoretically predicted and experimentally ob- 
served in many plasma systems within a great range of 
length scales, for instance, in astrophysics, tokamaks, 
and ordinary discharges in air. Thus, filamentary struc- 
tures are currently receiving considerable attention. 

The strongly nonlinear behavior of a plasma is 
enhanced when filamentary structures appear, leading 
to a complex non-isotropic system, which should 
be studied within a more general theory than 
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ideal magnetohydrodynamics (MHD). Still, the main 
features of such systems can be described in the 
framework of resistive MHD. The important dissipative 
effects depend on the transport coefficients, such as 
thermal and electrical conductivities, which are highly 
nonlinear functions of the electromagnetic fields and 
the temperature, as well as of the chemical and quantum 
properties. 

From the point of view of the MHD approximation, 
the dimensionless parameters of the plasma inside 
ball lightning may be quite similar to those found in 
other plasma scenarios, implying stable or metastable 
currents along a set of closed loops in filamentary 
structures. An interesting and unexplored possibility 
is the establishment, inside the streamers, of a 
quasicollision-free highly conductive regime in the 
direction of the magnetic field, which is strong and 
parallel to the streamers axis. In such a regime, both the 
electric and the thermal conductivities would become 
highly anisotropic. The first would be considerably 
enhanced along the axis of the streamer. On the other 
hand, both conductivities would be greatly reduced in 
the transverse directions, behaving as 1/B? according 
to classical predictions. In this way, the dissipation 
and the spreading in the streamers would be much 
smaller than in ordinary regimes and should produce a 
long-lived strongly magnetized global plasma structure 
within an intricate stabilizing topology of filamentary 
currents. 

In summary, even though the phenomenon of ball 
lightning has been known for many years, there is 
still no accepted theory to explain it—the alternatives 
currently most favored being the chemical and the 
electromagnetic models. The latter seem promising 
now, after recent results showed that some classical 
objections are not always applicable. As an example, 
a number of filamentary plasma structures have 
generated considerable interest, which are similar 
to stable plasma scenarios observed in nature, for 
instance, in astrophysics. These kinds of models 
could possibly embody chemical and electromagnetic 
elements. 

Antonio F, RANaba, José L. TRUEBA, AND José M. Donoso 
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BELOUSOV-ZHABOTINSKY REACTION 


In 1950, Boris Pavlovich Belousov worked at the 
Institute of Biophysics of the Ministry of Public Health 
of the USSR when he observed that the reaction 
between citric acid, bromate ions, and ceric ions (as 
catalyst) produced a regular periodic and reproducible 
change of color between an oxidized state and areduced 
state. A temporal oscillating reaction appeared like 
a chemical clock. His 1951 paper on this study was 
largely rejected by the science community because it 
seemed to violate the Second Law of thermodynamics. 

In 1961, Anatol Zhabotinsky, a Russian postgraduate 
student guided by his professor, Simon Shnoll, 
modified the previous reaction by replacing citric acid 
with malonic acid and adding ferroin sulfate as an 
indicator. As the oxidized state of ferroin is blue and the 
reduced one is red, he was able to observe an oscillating 
temporal reaction with larger oscillating amplitudes. 
This reaction 


3CH2(CO2H)2 + 4BrO;, 
= 4Br + 9CO2 + 6H20 () 


was named the Belousov—Zhabotinsky (BZ) reaction. 
The first publications in English, recognizing the works 
of Belousov and Zhabotinsky, were done in 1967 by 
the Danish scientist Hans Degn. However, Zhabotinsky 
was unable to propose a complete mechanism for the 
system. Experimentally, the periodic evolution of the 
potential of the reacting solution can be followed by a 
potentiometric method, as shown in Figure 1. 


BELOUSOV-ZHABOTINSKY REACTION 





Figure 1. A photograph showing the periodic potential obtained 
between a platinum electrode and a reference electrode immersed 
in a BZ solution. 


In 1972, Richard Field, Endre K6rés, and Richard 
Noyes, at the University of Oregon, studied this 
mechanism using a bromide-selective electrode to 
follow the reaction. They proposed 18 steps involving 
21 chemical species, using the same principles of 
chemical kinetics and thermodynamics that govern 
ordinary chemical reactions—this was the FKN 
mechanism. In 1974, the same scientists proposed 
a simplified mechanism with penetrating chemical 
insight: the “Oregonator” (in honor of the University 
of Oregon). 





Compound: | BrO; Organic species HBrO 
Notation: A B P. 











Compound: |] HBrO2 Br Ce** 
Notation: Xx Y Z 











With these notations, the FKN mechanism is 


eA+Y>X+P, 
e A+X > 2X4+2Z, 
e X+Y—2P, 

e 2X-A+P, 

° 





B+Z— (f/2)Y+ other products. 


The second step is fundamental for the observation 
of oscillations; it is an autocatalytic reaction or 
retroaction loop. In the fifth step, B represents 
all oxidizable organic species present, and f is a 
stoichiometric factor. The kinetic differential equations 
are: 


dL x 
OT = eVLAL- (71+ IAT EX) 
—k3[X]-[Y] — 2kal XP, (2) 
d[Y 
ae = —ky[A]-[¥] — ks[X]-(¥] + ks (BI -[X], 
(3) 
d{Z] 
Goo Zeal Al [X1 ~ ks[BIZ1. (4) 


BELOUSOV-ZHABOTINSKY REACTION 


The rate constants are: 





Rate 
constants: | ky; ky k3 ka ks 
Value 
(mols): | 1.28 2.4 x10° 33.6 3x10? 1 














This system is clearly nonlinear. Solutions can be 
obtained by numerical methods, and for 0.5 < f < 2.4, 
some oscillating temporal solutions are observed, 
whose solutions depend on the initial conditions. 
According to the Second Law of thermodynamics, 
all spontaneous chemical changes in a homogeneous 
and closed system involve a decrease in free enthalpy 
of this system. If a fluctuation disrupts the system 
close to equilibrium, the system will return irrevocably 
to this stable state, making oscillations impossible. 
Nonetheless, it is possible to observe oscillations 
when the system is far from equilibrium. One of the 
striking properties of nonlinear systems is the effect 
of fluctuations (of the concentrations of intermediates), 
which can transform an unstable system into new states 
that are more organized than the initial state. Ilya 
Prigogine (who was awarded the 1977 Nobel Prize 
in chemistry for his work on thermodynamics) gave 
the name “dissipative structures” to such systems to 
emphasize the importance of irreversible phenomena 
far from equilibrium. 

Continuing to work on oscillating reactions, in 
1970, Zhabotinsky published, with Zaikin, a paper that 
announced the existence of two-dimensional waves in 
the BZ reaction; also in 1972, Arthur Winfree observed 
spiral wave patterns in a BZ reaction (see Figure 2). 
This reaction took place without stirring in a thin 
(approximately 2 mm thick) layer of reactants poured 
into a Petri dish. Blue concentric circles (called targets) 
radiated across the dish on a red background and self- 
generating spirals appeared. Soon afterward, scientists 
reported that a blue target center can produce waves 
of oxidation propagating through the reduced medium, 
and as the waves advance toward the interior of the 
center, they transform from red to blue. The period of 
oscillation is variable, but the speed of propagation is 
roughly constant. Thus, the BZ reaction proves to be a 
stationary spatiotemporal oscillating reaction. 

With the aid of the FKN mechanism, Field and 
Noyes showed how to understand the development 
of such target waves. The diffusion is the transport 
of species from the areas of high concentrations to 
those of low concentrations. When there is a coupling 
between a chemical reaction with an autocatalytic step 
(or feedback-retroaction loop) as in the BZ reaction 
with the diffusion of species, spatial organization 
phenomena can occur; thus these are called “reaction- 
diffusion systems.” In such systems, molecules react 
chemically with each other when they collide, and as 
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Figure 2. Spiral waves in a BZ reaction (Courtesy of A.T. 
Winfree). See text for details. 


the concentrations of components change, a chemical 
wave propagates. 

In 1984, Oleg Mornev (at the Institute of Theore- 
tical and Experimental Biophysics of the Russian 
Academy of Sciences) showed that in an infinite plane 
stationary system of reaction-diffusion oscillations, 
Snell’s sine law of refraction was verified. Thus the 
simple rule 


sin wy VI 
sin W2 ~ vy 





(5) 


dictates the angles y, and W2 when waves hit 
an interface separating two regions with different 
speeds (vj and v2) of wave propagation. This result 
was surprising because reaction-diffusion systems are 
nonlinear; thus, the medium is an active and an integral 
part of the wave. In fact, yr cannot be set arbitrarily but 
is slaved with yz due to the nature of the two regions. 

In 1993, Zhabotinsky (at the Department of 
Chemistry, Brandeis University) demonstrated Snell’s 
law experimentally. In 1998, Rui Dilaé and Joaquim 
Sainhas (at the Instituto Superio Tecnico, Lisbon 
Portugal) showed the following constraint in a reaction- 
diffusion system: after the reaction, the medium must be 
chemically identical to its initial form. In other words, 
while the waves are propagating and reactions are 
taking place, the medium has different properties, but 
these waves transform the medium back to the original 
species. By solving reaction-diffusion equations under 
this constraint, Dila6 and Sainhas showed (using 
computer simulations) that their formulation agrees 
with experiments, and mathematically chemical waves 
obey Snell’s sine law. Continuing to work on the 
phenomenon of refraction, Mornev is developing 
formulations that hold both in infinite and finite 
media. 

There are other examples of reaction-diffusion 
systems. In 1983, Patrick de Kepper (a French 
chemist in Toulouse) highlighted Turing structures 
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in a ClO, , I”, malonic acid reaction (CIMA reaction). 
In Turing structures, stationary zones of varying 
concentrations appear in space. For these observations, 
the reaction must have steps with retroaction loops 
containing activators and other steps with inhibitors, 
and the activators must diffuse more slowly than the 
inhibitors. 

Although the intense study of oscillating chemical 
reactions and nonlinear dynamics in chemistry is only 
about 30 years old, its progress has been impressive. 
Depending on the initial conditions, the BZ reactions 
can have unpredictable behaviors, even though they are 
described by deterministic laws. Thus, the BZ reaction 
belongs to the group of physical or chemical systems 
that exhibits deterministic chaos. 

GERARD DupUuIs AND NICOLE BERLAND 


Seealso Brusselator; Chemical kinetics; Fairy rings 
of mushrooms; Reaction-diffusion systems; Turing 
patterns; Vortex dynamics in excitable media 
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BENJAMIN-BONA-MAHONY 
EQUATION 


See Water waves 


BENJAMIN-FEIR INSTABILITY 
See Wave stability and instability 


BENJAMIN-ONO EQUATION 
See Solitons, types of 


BERNOULLI SHIFT 
See Maps 


BERNOULLI’S EQUATION 


BERNOULLI’S EQUATION 


Bernoulli’s equation is possibly the best-known result 
in fluid mechanics—and the most frequently abused. 
Bernoulli’s equation may be viewed as an energy- 
conservation budget for a fluid particle as it travels up 
and down the “hills” of potential energy, due to the fields 
of gravity and the pressure within the fluid, acquiring 
and relinquishing kinetic energy. In its simplest form, 
it states that 


V7/2+ plotgz=C, (1) 


where p is the pressure in the fluid of density p, V 
is the flow speed, and z is the vertical coordinate. 
(The flow takes place in a uniform gravitational field 
of acceleration g.) The sum on the left-hand side of 
Equation (1) is aconstant, C. The first term is the kinetic 
energy of the fluid per unit mass, the second and third 
terms are the potential energy (again per unit mass) 
in the combined energy “landscape” of pressure and 
gravity. 

The result is credited to Daniel Bernoulli (1700-— 
1782), son of Johann Bernoulli (1667-1748), and 
to his monograph Hydrodynamica, initiated in 1729 
and ultimately published in 1738. The history of the 
equation is, however, much richer than this simple 
sequence of events would suggest. Hunter Rouse puts 
the issues this way in a book containing English 
translations of the writings of both the son and the 
father: 


Why [these] works should have been singled out 

for translation seems at first sight rather obvious, if 

only because of the frequency with which the name 

Bernoulli is on the hydraulician’s lips. But it is only 

Daniel to whom one is making reference, and the 

word is gradually spreading that the theorem bearing 

his name is nowhere to be found in his habitually 
cited Hydrodynamica. Not until the last few years has 
mention of either the work Hydraulica or its author 

Johann Bernoulli appeared in the fluids literature with 

any frequency, and this almost exclusively in the 

writings of C. Truesdell. It is Truesdell’s thesis that, 
whereas Daniel has received too much credit for 
the formulation of the Bernoulli theorem, Johann has 

received too little. (Carmody et al., 1968). 

A complicated set of circumstances ensued in 
which both father (Johann) and son (Daniel) sent 
their manuscripts to Leonhard Euler for comment 
and this led to Johann’s manuscript, which appears 
to have been composed later than Daniel’s, being 
published in the Memoirs of the Imperial Academy 
of Science in St. Petersburg in 1737 and 1738 
(although these were not printed until a decade later). 
Indeed, Johann’s treatise first appeared in his collected 
works published in Switzerland in 1743. While Daniel’s 
treatise has the gist of what we today call Bernoulli’s 
equation, Johann’s treatment is more mature and 
complete. 
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BERRY’S PHASE 


In the form stated in Equation (1), Bernoulli’s 
equation applies only to steady, constant-density, 
irrotational flow, that is, to a flow pattern that is 
unchanging in time and that has no vorticity. 

More refined versions may be derived. Thus, in a 
steady, constant-density flow with vorticity, Equation 
(1) still holds along each streamline, but the “constant” 
on the right-hand side may vary from streamline 
to streamline. Indeed, the gradient of this changing 
“Bernoulli constant,” VC, equals the Lamb vector, the 
vector product of flow velocity and vorticity, 


Vxow=VC. 


If the flow is irrotational but unsteady, a version of 
Bernoulli’s equation again holds, but the constant on 
the right-hand side of (1) is replaced by (minus) the time 
derivative of the velocity potential. (In an irrotational 
flow, the velocity field is the gradient of a scalar known 
as the velocity potential.) With V = —V4@, where ¢ is 
the velocity potential, we obtain Bernoulli’s equation 
in the form 


ap 


(V$)°/2+ plo + z= —z- (2) 
which, coupled with the condition of irrotational flow, 
Ag = 0, (3) 


gives a system of two partial differential equations for 
the fields p and @. 

Bernoulli’s equation in the simplistic form “high 
flow speed implies low pressure and vice versa’ is 
often applied as a first, crude explanation of many 
flow phenomena from the ability to balance a ball 
atop a plume of air to the lift on an airfoil in flight. 
Some of these explanations are too simplistic, not to 
say incorrect. Nevertheless, Bernoulli’s equation, when 
properly applied under the assumptions that ensure its 
validity, can be an extremely useful and powerful tool 
of fluid flow analysis. 

It is remarkable—and important to note—that 
Bernoulli’s equation (1) is not invariant to a Galilean 
transformation, ordinarily a prerequisite for a physical 
law to be useful. Thus, if one wants to use Bernoulli’s 
equation (1) to calculate the pressure distribution for 
flow around an object, assuming the velocity field 
is known, it is essential to do so in a frame of reference 
in which the flow satisfies the necessary assumptions, 
in particular, that the flow is steady. The correct result is 
obtained by carrying out such a calculation in a frame 
of reference moving with the body. If the calculation 
is attempted in the “laboratory frame” through which 
the object is moving, one has to tackle the much more 
complex version of Bernoulli’s equation given in (2). 
If the version in Equation (1) is applied, one obtains an 
incorrect result. 

Hassan AREF 


See also Fluid dynamics 


45 


Further Reading 


Batchelor, G.K. 1967. An Introduction to Fluid Dynamics, 
Cambridge: Cambridge University Press 

Carmody, T., Kobus, H. & Rouse, H. 1968. Hydrodynamica 
by Daniel Bernoulli and Hydraulica by Johann Bernoulli, 
translated from the Latin, with a preface by Hunter Rouse, 
New York: Dover 

Lamb, H. 1932. Hydrodynamics, 6th edition, Cambridge: 
Cambridge University Press 


BERRY’S PHASE 


Consider the parallel transport of an orthonormal frame 
along a line of constant latitude on the surface of a 
sphere. In going once around the sphere, the frame 
undergoes a rotation through an angle AO = 27 cosa, 
where aq is the colatitude. This may be shown using 
the geometry of Figure 1. As is also evident from the 
figure, this phase shift is purely geometric in 
character—it is independent of the time it takes to tra- 
verse the closed loop. 

This construction underlies the well-known phase 
shift exhibited by the Foucault pendulum as the 
Earth rotates through one full period. Although arising 
through a dynamical process involving two widely 
separated time scales (the period of the Earth’s 
rotation and the oscillation period of the pendulum), 
the phase shift in this and other examples is now 
understood in a more unified way. Holonomic effects 
such as these arise in a host of applications ranging 
from problems in superconductivity theory, fiber 
optic design, magnetic resonance imaging (MRD), 
amoeba propulsion and robotic locomotion and control, 
micromoter design, molecular dynamics, rigid-body 
motion, vortex dynamics in incompressible fluid flows 
(Newton, 2001), and satellite orientation control. For 
a survey and further references on the use of phases 
in locomotion problems, see Marsden & Ostrowski 
(1998). 

That the falling cat learns quickly to re-orient itself 
optimally in mid-flight while maintaining zero angu- 
lar momentum is a manifestation of the fact that con- 
trolling and manipulating a system’s internal or shape 
variables can lead to phase changes in the external, or 
group variables, a process that can be exploited and has 
deeper connections to problems related to the dynam- 
ics of Yang—Mills particles moving in their associated 
gauge field, a link that is the falling cat theorem of 
Montgomery (199 1a) (see further discussion and refer- 
ences in Marsden (1992) and Marsden & Ratiu (1999)). 
One can read many of the original articles leading to 
our current understanding of the geometric phase in the 
collection edited by Shapere & Wilczek (1989). 

Problems of this type have a long and complex his- 
tory dating back to work on the circular polarization of 
light in an inhomogeneous medium by Vladimirskii and 
Rytov in the 1930s and by Pancharatnam in the 1950s, 
who studied interference patterns produced by plates of 
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Figure 1. Parallel transport of a frame around a line of latitude. 


an anisotropic crystal. Much of this early history is de- 
scribed in the articles by Michael Berry (Berry, 1988, 
1990). The more recent literature was initiated by his 
earlier articles (Berry, 1984, 1985), which investigated 
the evolution of quantum systems whose Hamiltonian 
depends on external parameters that are slowly varied 
around a closed loop. The adiabatic theorem of quantum 
mechanics states that for infinitely slow changes of the 
parameters, the evolution of the complex wave function, 
governed by the time-dependent Schrédinger equation, 
is instantaneously in an eigenstate of the frozen Hamil- 
tonian. At the end of one cycle, when the parameters 
recur, the wave function returns to its original eigen- 
state, but with a phase change that is related to the geo- 
metric properties of the closed loop. This phase change 
now goes by the name Berry’s phase. Geometric de- 
velopments started with the work of Simon (1983), and 
Marsden et al. (1989). One can introduce a bundle of 
eigenstates of the slowly varying Hamiltonian, as well 
as a natural connection on it; the Berry phase is then 
the bundle holonomy associated with this connection, 
while the curvature of the connection, when integrated 
over a closed two-dimensional (2-d) surface in parame- 
ter space gives rise to the first Chern class characterizing 
the topological twisting of this bundle. 

The classical counterpart to Berry’s phase was 
originally developed by Hannay (1985) (hence the 
terminology Hannay’s angle) and is most naturally 
described by considering slowly varying integrable 
Hamiltonian systems in action-angle form. If we let 
(Y,..., In; 1, ...n) represent the action-angle vari- 
ables of a given integrable system, then the governing 
Hamiltonian can be expressed as H(1i,..., In; R(t)), 
where R(t) is a slowly varying parameter that cy- 
cles through a closed loop in time period T, that is, 
R(t+T)= R(t), R(t) ~ eR, <1. The configuration 
space for the system is an n-dimensional torus T” and 
we seek a formula for the angle variables as the pa- 
rameter or parameters slowly evolve around the closed 
loop C in parameter space. The time-dependent system 
is governed by 


ol 
aR 
‘| 00 
o(I)+ R(t)- aR’ (2) 


I= R(t)- qd) 


=: 
ll 


BERRY’S PHASE 


where 


Since R is slowly varying, we can average the system 
around level curves of the frozen (i.e., ¢ = 0) Hamilto- 
nian. If we let ( _) denote this phase-space average, 
then the averaged canonical system becomes 


i 7 al 

i= kw (2) (3) 

6=om+an-{™ 4 
=o(D+ o (2). (4) 


The well-known adiabatic theorem of quantum me- 
chanics guarantees that the action variable is nearly 
constant due to its adiabatic invariance, whereas the 
angle variables can be integrated over period T 


i £ i 7 > a6! 
0, = f wlaar+ f fen (Jar (5) 


= 64 + Og. (6) 





The first term, 0g, called the dynamic phase is due to the 
frozen system, while the second term, 0., arises from 
the time variation. This geometric phase can be rewrit- 
ten in a revealing manner as 


Og = ke a dt 7 

={ (Tr) (7) 
a0! 

= § (Fer. (8) 


The contour integral is taken over the closed loop C in 
parameter space. Although arising through a dynami- 
cal process, it is ultimately a purely geometric quantity 
that results from a delicate balance of two compensat- 
ing effects in the limit ¢ + 0. On the one hand, T > oo 
in (7), while on the other, R(t) > 0. Their rates exactly 
balance so that the integral leaves a residual term in the 
limit ¢ =0, as given in (8). 

A nice example developed in Hannay (1985) is the 
bead-on-hoop problem in which a frictionless bead is 
constrained to slide along a closed planar wire hoop that 
encloses area A and has perimeter length £. As the bead 
slides around the hoop, the hoop is slowly rotated about 
its vertical axis (which is aligned with the gravitational 
vector) through one full revolution. We are interested 
in the angular position of the bead with respect to a 
fixed point on the hoop after one full revolution of the 
hoop. When compared with its angular position had the 
hoop been held fixed (the frozen problem), this angle 
difference would represent the geometric phase and is 
given by 

Ab = —8n7 A/L?. (9) 


Montgomery (1991b) shows that modulo 27, we 
have the following rigid-body phase formula: 


AO = —A +2ET/R. (10) 
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Figure 2. The geometry of the rigid-body phase formula. 


Let us explain the notation in this remarkable formula. 
When a rigid body is freely spinning about its center of 
mass, one learns in mechanics that this dynamics can be 
described by the Euler equations, which are equations 
for the body angular momentum JT. This vector in R? 
moves on a sphere (of radius R = || J7||) and describes 
periodic orbits (or exceptionally, heteroclinic orbits). 
This orbit is schematically depicted by the closed curve 
on the sphere shown in Figure 2. However, the full 
dynamics includes the dynamics of the rotation matrix 
for describing the attitude of the rigid body as well as 
its conjugate momentum. There is a projection from the 
full dynamic phase space (which is 6-d) to the body 
angular momentum space (which is 3-d). After one 
period of the motion on the sphere, the actual rigid- 
body motion was not periodic, but it had rotated about 
the spatial angular momentum vector by an angle AQ, 
the left-hand side of the above formula. The quantity 
A is the spherical angle subtended by the cap shown in 
the figure, E is the energy of the trajectory, and T is 
the period of the closed orbit on the sphere. A detailed 
history of this formula is given in Marsden & Ratiu 
(1999). 
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BETHE ANSATZ 


The Bethe ansatz is the name given to a method for 
exactly solving quantum many-body systems in one 
spatial dimension (1-d) or classical statistical lattice 
models (vertex models) in two spatial dimensions 
(Baxter, 1982; Korepin et al., 1993). The method was 
developed by Hans Bethe in 1931 (Bethe, 1931) in 
order to diagonalize the Hamiltonian of a chain of N 
spins with isotropic exchange interactions, introduced 
by Werner Heisenberg some years before as the simplest 
model for a 1-d magnet. This result was achieved by 
assuming the wave function to be of the form 


Cts 
foray, Aree od) 
P 


with the sum performed on all possible permutations 
P of M distinct wave numbers {k,, ..., ky}, corre- 
sponding to down spins in the system (Bethe ansatz). 
By imposing invariance under the physical symme- 
tries of the system (discrete translations and total spin 
rotations), Bethe obtained conditions on the coeffi- 
cients A p, which were satisfied if a set of M nonlinear 
equations (Bethe equations) in N complex parameters 
(Bethe numbers) were fulfilled. Surprisingly, the wave 
functions thus constructed were simultaneous eigen- 
functions not only of the translation operator, the total 
spin S, and its projection S, along the z-direction but 
also of the isotropic Heisenberg Hamiltonian 


2 1 
#=S>(8:-Su1- 3). (2) 


i=1 


The energy and the crystal momentum were expressed 
as symmetric functions of the Bethe numbers; thus, the 
eigenvalue problem for H was reduced to the solution of 
an algebraic problem—solution of the Bethe equations. 
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This remarkable result was possible because of the 
existence of additional symmetries of the Heisenberg 
Hamiltonian, which emerged thanks to the ansatz 
made by Bethe on the wave function. In this original 
formulation, the method is known as the coordinate 
Bethe ansatz. 

Progress in clarifying the role of symmetries in the 
Bethe ansatz, the link with integrable systems, and the 
algebraic aspect of the method was achieved by the 
Saint Petersburg (formerly Leningrad) School in the 
course of developing the quantum inverse scattering 
method (QISM) (Faddeev, 1984; Sklyanin & Faddeev, 
1978; Korepin et al., 1993), after the work of Baxter 
on the integrability of vertex models (Baxter, 1982). In 
this approach, a key role is played by the monodromy 
operator defined as t(A)=Ly(A)Ly_1,..., L(A), 
with A being a complex number (spectral parameter) 
and L,(A) being the quantum local Lax operator 
defined for the isotropic Heisenberg model as 


Rieke Cree 
inti) = ( Nes ie) @) 


with S+, S~ raising and lowering spin-5 operators. 
Note that L,, can be viewed as an operator acting on the 
space h, ® V, where hy (= C”) is the physical Hilbert 
at site n (the space of couples of complex numbers), 
and V is an auxiliary space related to the matrix 
representation of L, (for the present case, V is also 
identified with C*). The product of Lax operators, taken 
in the auxiliary space, coincides with the usual matrix 
multiplication, so that the monodromy matrix can be re- 


written as 
_( AQ) BO) 
r(A) = ( aera ). 4) 


with A, B, C, D operators acting on the full physical 
Hilbert space: H = [] @h;. As is known from QISM 
(Korepin et al., 1993; Sklyanin & Faddeev, 1978; 
Faddeev, 1984), the commutation relations between 
elements of the monodromy matrix can be written in 
a compact form as 


RA — pw) (TA) @ T(w)) = (TH) @ TA) RA— pw), 
(5) 


where R is a 4x4 matrix (quantum R-matrix) 
satisfying the Yang—Baxter equation. From Equa- 
tion (5), it follows that the trace of the mono- 
dromy operator (also known as the transfer matrix) 
T (A) Str(t(A)) = A(A) + D(A) gives rise, for different 
values of the spectral parameter, to an abelian algebra 
of operators 

[T(A), T(u)] = 0. (6) 


One can prove that the Hamiltonian is also an element 
of this algebra so that, for a system of N sites, there 
are N quantum integrals of motion in involution, 
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corresponding to Liouville integrability in the classical 
limit. The diagonalization of the Hamiltonian and the 
other integrals of motion is thus reduced to the solution 
of the eigenvalue problem for the transfer matrix T. 
This problem can be solved by the so-called algebraic 
Bethe ansatz, a procedure that resembles the algebraic 
diagonalization of the harmonic oscillator by means 
of creation and annihilation operators. It relies on the 
existence of a vector | (2) (pseudovacuum) in the Hilbert 
space, which is annihilated by the operator C of the 
monodromy matrix 


CA)|Q) = 0. (7) 


For the Heisenberg chain, |) can be chosen as 
|Q) =TT_, ®|%+); with | +); denoting the spin up 
state at site i. From Equation (3) it is clear that Ly, 
acts on the state | t )n as a triangular matrix, and the 
same is true for T(A) acting on |{2); thus, Equation 
(7) is automatically satisfied (C plays the role of 
an annihilation operator). From Equations (3) and 
(4), it is also evident that A(A)|Q) = (A + i/2)"|Q), 
D(A)|Q) = (A — i/2)%|Q). Moreover, one can show 
that the operator B in Equation (4) can be used as a 
creation operator. 

By taking N different values of the spectral 
parameter 11, A2,..., A, One constructs a trial wave 
function as 


N 
[WAr, Aw) =] | BA)I2). (8) 
i=1 


A direct calculation shows that 


TAWA, ..A4N)) = AQAA, AN) 
+ unwanted terms, (9) 


where the unwanted terms can be calculated using the 
commutation relations of A and D with B, obtained 
from Equation (5). The unwanted terms, however, 
are eliminated if the 4; are taken as solutions of the 
Bethe equations that, for the isotropic Heisenberg 
chain, are of the form 


ea) [ee 
Ae ti/2) pera Ap th 
a=1,2,...,M. (10) 





The set of states obtained from Equation (8) in 
correspondence of the solutions of this system of 
nonlinear equations can be shown to be complete. The 
diagonalization of T (A), and hence of the Hamiltonian 
and all the quantum integrals of motion, is thus reduced 
to the problem of solving the Bethe equations. For finite 
size systems, this is a difficult problem to solve due 
to the nonlinearity of the equations, and one usually 
resorts to numerical tools. In the thermodynamical 
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limit, however, it is possible to obtain exact solutions of 
the energy spectrum by deriving linear integral equation 
for the density distribution of the Bethe solutions in a 
complex plane (however, this requires an assumption 
on the nature of the solution known as the string 
hypothesis). 

The algebraic Bethe ansatz has been successfully 
applied to a large class of many-body problems, 
including anisotropic generalizations of the Heisenberg 
chain, the Hubbard model, and the Kondo model, 
and has stimulated a variety of related approaches 
including Baxter’s q-operator method (Baxter, 1982) 
and the notion of quantum groups. Recent progress in 
the computation of correlation functions of quantum- 
integrable many-body problems have also been made 
using the Bethe ansatz (Korepin et al., 1993). 

Mario SALERNO 


See also Quantum inverse scattering method; 
Salerno equation 
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BIFURCATIONS 


Bifurcations are critical events that arise in systems 
when an external control parameter is varied (Arnol’d 
et al., 1994). For small values of the parameter the 
system will be linear and a unique fixed point will 
exist. As the parameter is changed to ranges, where 
nonlinearity becomes important, instabilities in the 
form of new fixed points or solutions with qualitatively 
different dynamical behavior may arise at bifurcations. 
These critical events are of mathematical and practical 
interest since their analysis can be performed, and 
they form organizing centers for observed dynamics 
(Guckenheimer & Holmes, 1986). 

As an example, consider the simple physical system 
of a plastic ruler that is compressed lengthwise between 
your hands. This was first considered by Leonhard Eu- 
ler in 1744 and is often referred to as the Euler strut 
problem (Acheson, 1997). At small forces, the ruler is 
approximately straight and supports the applied load. 
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This is called the trivial state of the system. However, 
as the load increases, buckling takes place so that the 
tuler is deflected up or down. The straight trivial state 
becomes unstable and is replaced by a pair of solu- 
tions where each corresponds to one of the buckled 
states. If the ruler and the application of the load were 
both perfect, this would provide a physical example 
of a symmetry-breaking supercritical pitchfork bifur- 
cation of the type shown in the bifurcation diagram of 
Figure 1(a). 

The symbol X represents the deflection of the center 
of the ruler, which is used as the measure of the state of 
the system shown plotted as a function of the applied 
load 4. The symmetry that is broken is the mirror- 
plane symmetry of the straight ruler. The bifurcation 
is called supercritical because the nontrivial branches 
have the same stability as the trivial state, and it is 
termed pitchfork due to its shape. 

When the bifurcating solutions have a stability 
opposite to the trivial, the bifurcation is called 
subcritical. A sketch of such a bifurcation is given in 
Figure 1(b) where an increase in the parameter A would 
involve a jump to a large X state when A is increased 
beyond the critical value A,. In order to regain the 
trivial state, 4 would then have to be reduced to reach 
the folded part of the solution branches, and a sudden 
change back to the trivial state would occur. Hence, 
hysteresis takes place between the two transitions, and 
such a path is labeled C in Figure 1(b). The pair of 
folds in Figure 1(b) are called saddle-node bifurcations 
(looss & Joseph, 1990). A physical example of this is 
provided by the buckling of an elastic wire such as the 
outer portion of a bicycle brake cable. When a short 
length is held vertically, it will stand upright. If you 
push the remaining length upward through your hand, it 
will eventually become long enough so that gravity will 
cause it to fall over through a large angle of deflection. 
Now pull it back downward through your hand and you 
will find that the deflected state remains over a range of 
lengths before flipping back to the vertical. This is an 
example of a hysteresis loop. 

The two models in Figures 1(a) and (b) contain 
a reflection symmetry. If this is not present, the 
bifurcation is transcritical and an example of such a 
bifurcation is given in Figure l(c). In the physical 
example of the buckling of the ruler, this type of 
bifurcation would be observed if a constant side load 





Figure 1. Sketches of (a) supercritical pitchfork, (b) subcritical 
pitchfork and (c) transcritical bifurcations. Solid lines indicate 
stable solutions and dashed lines indicate unstable. 
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Figure 2. Imperfect pitchfork bifurcation. 
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Figure 3. Schematic of a gluing bifurcation sequence. 


was applied in addition to the end load in the example 
of the ruler. In this case, the mid-plane symmetry is 
automatically broken. 

Of course, in any real system, physical imperfections 
will be present. These can be taken into account 
using the imperfect bifurcation theory (Golubitsky & 
Schaeffer, 1985). The effect of an imperfection is to 
disconnect the supercritical pitchfork bifurcation as 
shown in Figure 2. It can be seen that there is one state 
that evolves smoothly with an increase in parameter 
4 and another disconnected branch. In the example of 
the ruler, imperfections could arise from irregularities 
in the shape of the ruler or a slight imbalance in 
the applied load. The lower limit of the disconnected 
branch is defined by another type of bifurcation, a 
saddle node. The disconnected state can be attained, 
either by variation of two parameters (e.g., variation 
of side load for the Euler strut), or by a discontinuous 
or sudden jump in the parameter 1. In the latter case, 
there is a finite chance that the system will land on 
the disconnected solution. Examples of observations 
of such behavior in fluid flows are provided by 
Taylor—Couette flow (Pfister et al., 1988), a flow 
through a sudden expansion (Fearn et al., 1990), and 
convection (Arroya & Saviron, 1992). 

Another very important bifurcation is a Hopf where 
a simply periodic cycle arises from a fixed point as 
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a parameter is changed. As in the case of pitchforks, 
Hopf bifurcations may also be super- or subcritical, 
with hysteresis present in the latter case. An interesting 
feature of supercritical Hopf bifurcations is that 
the system takes more and more time to reach the 
equilibrium state as the bifurcation point nears. The 
observed long-term dynamics are analogous to critical 
slowing down (Landau & Lifshitz, 1980) in phase 
transitions and have been found in a fluid flow (Pfister 
& Gerdts, 1981), for example. 

Further interesting global bifurcations (Glendin- 
ning, 1994) may occur when pitchfork and Hopf bifur- 
cations occur sequentially. An example of this is shown 
schematically in Figure 3, where the pair of asymmetric 
states that arise at the pitchfork P then undergo a pair 
of Hopf bifurcations at the points labeled H. The cycles 
that arise at H then join together at a gluing bifurcation 
(Coullet et al., 1984) when A is increased. This point 
is marked G in Figure 3, and it is an example of a ho- 
moclinic bifurcation. In this case, a single large orbit 
is formed from the pair of cycles as A is increased be- 
yond G with the period going to infinity exactly at G. 
Interesting dynamical behavior including chaos can be 
observed near such points in experiments when physi- 
cal imperfections are taken into account (Glendinning 
et al., 2001). 

Tom MULLIN 


See also Catastrophe theory; Critical phenomena; 
Equilibrium; Hopf bifurcation; Phase transitions 
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See Integrable lattices 


BILAYER LIPID MEMBRANES 

When a group of unknown researchers reported the 
artificial assembly of a bimolecular lipid membrane in 
vitro (at a 1961 symposium on the plasma membrane 
sponsored by the American and New York Heart 
Association), it was initially met with skepticism. The 
research group led by Donald O. Rudin began their 
report with a description of mundane soap bubbles, 
followed by “black holes” in soap films, ending with an 
invisible “black” lipid membrane made from extracts of 
cows’ brains. The reconstituted structure (7.5 nm thick) 
was created just like a cell membrane separating two 
aqueous solutions. The speaker then said: 


upon adding one, as yet unidentified, heat-stable com- 
pound. ..from fermented egg white... to one side of 
the bathing solutions. ..lowers the resistance. ..by 5 
orders of magnitude to a new steady state. . .which 


changes with applied potential. . .Recovery is prompt. . . 


the phenomenon is indistinguishable... from the ex- 
citable alga Valonia..., and similar to the frog nerve 
action potential (Ottova & Tien, 2002). 





The first report was published a year later (Mueller 
et al., 1962). In reaction to that report, the subsequent 
inventor of liposomes (artificial spherical bilayer lipid 
membranes) wrote recently in an article entitled 
“Surrogate cells or Trojan horses” (Bangham, 1995): 


...a preprint of a paper was lent to me by Richard 

Keynes, then Head of the Department of Physiology 

[Cambridge University], and my boss. This paper 

was a bombshell ...They [Mueller, Rudin, Tien, 

and Wescott] described methods for preparing a 

membrane ... not too dissimilar to that of a node of 

Ranvier. . .The physiologists went mad over the model, 

referred to as a “BLM”, an acronym for Bilayer or 

by some for Black Lipid Membrane. They were as 
irresistible to play with as soap bubbles. 

Indeed, the Rudin group was playing with soap 
bubbles using equipment purchased from a local toy 
shop. But scientific experimentation with soap bubbles 
began with the observations of Robert Hooke (who 
coined the word “cell” in 1665 to describe the structure 
of a thin slice of cork tissue observed through a 
microscope he had constructed), with his observation 
of “black spots” in soap bubbles and films. Years 
later, Isaac Newton estimated the blackest soap film 
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(when light waves reflecting from one layer of soap 
molecules destructively interfere with light waves 
reflecting from the second layer of soap molecule) to 
be about 3-8 x 10~° in. thick. (Modern measurements 
give thicknesses between 5 and 9 nm, depending on the 
soap solution used.) 


Origins of the Lipid Bilayer Concept 


The recognition of the lipid bilayer as a model 
for biomembranes dates back to the work of Hugo 
Fricke, in the 1920s and 1930s, who calculated the 
thickness of red blood cell (RBC) membranes to be 
between 3.3 and 11 nm, based on frequency-dependent 
measurements of the impedance of cell suspen- 
sions. Modern measurements on experimental bilayer 
lipid membranes (BLMs) and biomembranes confirm 
Fricke’s estimation of the thickness of the plasma mem- 
brane (Tien & Ottova, 2000). 

In his 1917 studies of the molecular organization of 
fatty acids at the air-water interface, Irving Langmuir 
had demonstrated that a simple trough apparatus could 
provide the data to estimate the dimensions of a 
molecule. Evert Gorter and F. Grendel (respectively, 
a pediatrician and a chemist) used Langmuir’s trough 
to determine the area occupied by lipids extracted 
from red blood cell (from human, pig, or rat sources) 
“ghosts” (empty membrane sacs) and found that there 
was enough lipid to form a layer two molecules thick 
over the whole cell surface. In other words 


surface area occupied (from monolayer experiment) 





surface area of red blood cell 
2, (1) 


Ie 


Thus, Gorter and Grendel suggested that the plasma 
membrane of red blood cells may be thought of as a 
lipid bilayer, with the polar (hydrophilic) head groups 
oriented outward. 


Experimental Realization 


The structure of black soap films led to the realization 
by Rudin and his co-workers in 1960 that a soap film 
in its final stages of thinning has a structure composed 
of two fatty acid monolayers sandwiching an aqueous 
solution as follows: 


air | monolayer | soap solution | monolayer | air. 
With the above background in mind, Rudin et al. simply 
proceeded to make a BLM under an aqueous solution, 
which may be represented as follows: 


aqueous solution | BLM | aqueous solution. 


Their effort was successful (Tien & Ottova, 2001, 
p. 86). Rudin and his colleagues showed that a 
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BLM formed from brain extracts and separating 
two aqueous solutions was self-sealing to punctures, 
with many physical and chemical properties simi- 
lar to those of biomembranes. Upon modification 
with a certain compound called excitability-inducing 
molecule (EIM), this otherwise electrically inert struc- 
ture became excitable, displaying characteristic fea- 
tures similar to those of action potentials of the nerve 
membrane. 

By the end of the early 1970s, it had been determined 
that an unmodified bilayer lipid membrane separating 
two similar aqueous solutions is about 5 nm thick and is 
in a liquid-crystalline state with the following electrical 
properties: membrane potential (Em <0), membrane 
resistivity (Rm 10° Qcm), membrane capacitance 
(Cm 0.5-lpFcom~2), and dielectric breakdown 
(Vp > 250,000 V/cm). In spite of its very low dielectric 
constant (e~ 2-7), this liquid-crystallline BLM is 
surprisingly permeable to water (8-24 m/s) (Tien & 
Ottova, 2000). 


The Lipid Bilayer Principle 


In spite of their variable compositions, the fundamental 
structural element of all biomembranes is a liquid- 
crystalline phospholipid bilayer. Thus, the lipid bilayer 
principle of cell or biological membranes may be 
summarily stated as follows: all living organisms 
are made of cells, and every cell is enclosed by a 
plasma membrane, the indispensable component of 
which is a lipid bilayer. The key property of lipid 
bilayer-based cells is that they are separated from 
the environment by a permeability barrier that allows 
them to preserve their identity, take up nutrients, 
and remove waste. This 5nm thick liquid-crystalline 
lipid bilayer serves not only as a physical barrier but 
also as a conduit for transport, a reactor for energy 
conversion, a transducer for signal processing, a bipolar 
electrode for redox reactions, or a site for molecular 
recognition. 

The liquid-crystalline lipid bilayer of biomembranes 
not only provides the physical barrier separating the 
cytoplasm from its extracellular surroundings, it also 
separates organelles inside the cell to protect important 
processes and events. More specifically, the lipid 
bilayer of cell membrane must prevent its molecules 
of life (genetic materials and many proteins) from 
diffusing away. At the same time, the lipid bilayer must 
keep out foreign molecules that are harmful to the cells. 
To be viable, the cell must also communicate with 
the environment to continuously monitor the external 
conditions and adapt to them. Further, the cell needs 
to pump in nutrients and release toxic products of its 
metabolism. How does the cell carry out all of these 
multi-faceted activities? 

A brief answer is that the cell depends on its lipid- 
proteins-carbohydrate complexes (i.e., glycoproteins, 
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proteolipids, glycolipids, etc.) embedded in the lipid 
bilayer to gather information about the environment in 
various ways. Examples include communication with 
hundreds of other cells about a variety of vital tasks 
such as growth, differentiation, and death (apoptosis). 
Glycoproteins are responsible for regulating the 
traffic of material to and from the cytoplasmic 
space. Paradoxically, the intrinsic structure of cell 
membranes creates a bumpy obstacle to these vital 
processes of intercellular communication. The cell 
shields itself behind its lipid bilayer, which is virtually 
impermeable to all ions (e.g., Nat, K*, Cl~ ) and most 
polar molecules (except H2O). This barrier must be 
overcome, however, for a cell to inform itself of what 
is happening in the world outside, as well as to carry 
out vital functions. Thus, over millions and millions of 
years of evolution, the liquid-crystalline lipid bilayer— 
besides acting as a physical restraint—has been 
modified to serve as a conduit for material transport, as 
a reactor for energy conversion, as a bipolar electrode 
for redox reactions, as a site for molecular recognition, 
and other diverse functions such as apoptosis and signal 
transduction. 

Insofar as membrane transport is concerned, cells 
make use of three approaches: simple diffusion, 
facilitated diffusion, and active transport. Although 
simple diffusion is an effective transport mechanism 
for some substances such as water, the cell must 
make use of other mechanisms for moving substances 
in and out of the cell. Facilitated diffusion utilizes 
membrane channels to allow charged molecules, which 
otherwise could not diffuse across the lipid bilayer. 
These channels are especially useful with small ions 
such as Kt, Nat, andCl~. The number of protein 
channels available limits the rate of facilitated transport, 
whereas the speed of simple diffusion is controlled by 
the concentration gradient. Under active transport, the 
expenditure of energy is necessary to translocate the 
molecule from one side of the lipid bilayer to the other, 
in contrast to the concentration gradient. Similar to 
facilitated diffusion, active transport is limited by either 
the capacity of membrane channels or the number of 
carriers present. 

Today, ion channels are found ubiquitously. To name 
a few, they are in the plasma membrane of sperm, 
bacteria, and higher plants; the sarcoplasmic retculum 
of skeletal muscle, nerve membrane, synaptic vesicle 
membranes of rat cerebral cortex, and the skin of carps. 
As a weapon of attack, many toxins released by liv- 
ing organisms such as dermonecrotic toxin, hemolysin, 
brevetoxin, and bee venom are polypeptide-based ion- 
channel formers. For example, functioning of mem- 
brane proteins, in particular, ionic channels, can be 
modulated by alteration of their arrangement in mem- 
branes (e.g., electroporation, Tien & Ottova, 2003). 

At the membrane level, most cellular activities 
involve some kind of _ lipid _ bilayer-based 
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receptor-ligand contact interactions. Outstanding ex- 
amples among these are ion-sensing, molecular recog- 
nition (e.g., antigen-antibody binding and enzyme- 
substrate interaction), light conversion and detection, 
gated channels, and active transport. The development 
of self-assembled bilayer lipid membranes (BLMs and 
liposomes) has made it possible to investigate di- 
rectly the electrical properties and transport phenom- 
ena across a 5 nm thick biomembrane element separat- 
ing two aqueous phases. A modified or reconstituted 
BLM is viewed as a dynamic structure that changes in 
response to environmental stimuli as a function of time, 
as described by the so-called dynamic membrane hy- 
pothesis. Under this hypothesis, each type of receptor 
interacts specifically with its own ligand. That is, the 
so-called G-receptor is usually coupled to a guanosine 
nucleotide-binding protein that in turn stimulates or in- 
hibits an intracellular, lipid bilayer-bound enzyme. G- 
protein-linked receptors mediate the cellular responses 
to a vast variety of signaling molecules, including local 
mediators, hormones, and neurotransmitters, which are 
as varied in structure as they are in function. G-protein- 
linked receptors usually consist of a single polypeptide 
chain, which threads back and forth across the lipid bi- 
layer up to seven times. The members of this receptor 
family have a similar amino acid sequence and func- 
tional relationship. The binding sites for G-proteins 
have been reported to be the second and third intracellu- 
lar loops and the carboxy-terminal tail. The endogenous 
ligands, such as hormones, neurotransmitters, and ex- 
ogenous stimulants such as odorants, belonging to this 
class are important target analytes for biosensor tech- 
nology Tien & Ottova (2003). 
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BILLIARDS 


In mathematical physics, the singular noun “billiards” 
denotes a dynamical system corresponding to the 
inertial motion of a point mass within a region that 
has a piecewise smooth boundary. The reflections from 
the boundary are taken to be elastic; that is, the angle 
of reflection equals the angle of incidence. This model 
arises naturally in optics, acoustics, and classical and 
statistical mechanics. In fact, two fundamental models 
in statistical mechanics, gas of hard spheres (Boltzmann 
gas) and the Lorentz gas, are billiards. The billiards 
concept occupies a central position in nonlinear physics 
because it provides ideal visible models for analysis of 
dynamical properties leading to classical chaos and an 
ideal testing ground for the semiclassical analysis of 
quantum systems. 

Billiards models are Hamiltonian systems. Hence, 
the phase volume is preserved under the dynamics, 
and the system can be studied in the framework of 
ergodic theory. In particular, the boundary of the billiard 
region is supposed to be only piecewise smooth; that 
is, it consists of smooth components. Therefore, the 
dynamics of billiards is not defined for orbits that hit 
singular points of the boundary. However, the phase 
volume of such orbits equals zero. The dynamics of 
billiards is completely defined by the shape of its 
boundary. A smooth component of the boundary is 
called dispersing, focusing, or neutral if it is convex 
inward, outward the billiard region, or if it is flat (has 
zero curvature), respectively. Any billiard orbit is a 
broken line in its configuration space. 

The classical examples of integrable billiards 
are provided by circular and elliptical boundaries. 
Configuration spaces of these billiards are foliated 
by caustics, which are smooth curves (surfaces y) 
such that if one link of the billiard orbit is tangent 
to y, then every other link of this orbit is tangent 
to y. Billiards in a circle has one family of caustics 
formed by (smaller) concentric circles, while billiards 
in an ellipse has two families of caustics (confocal 
ellipses and confocal hyperbolas), which are separated 
by orbits such that each link intersects a focus of the 
ellipse. Birkhoff’s conjecture (Birkhoff, 1927) claims 
that among all billiards inside smooth convex curves, 
only billiards in ellipses are integrable. Berger (1990) 
has shown that in three dimensions (d), only billiards 
in ellipsoids produce foliations of a billiard region by 
smooth convex caustics. However, it does not imply 
that only billiards in ellipsoids are integrable because 
if a billiard in d>2 has an invariant hypersurface 
then this hypersurface does not necessarily consist of 
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rays tangent to some hypersurface in the configuration 
space. Using KAM theory, Lazutkin has shown that if a 
billiards boundary is strictly convex, with a sufficiently 
smooth curve and its curvature never vanishes; then 
there exists an uncountable number of smooth caustics 
in the vicinity of the boundary, and moreover, the phase 
volume of the orbits tangent to these caustics is positive 
(Lazutkin, 1991). 

An opposite situation occurs when a boundary is ev- 
erywhere dispersing. Such models were introduced by 
Sinai (1970), in his seminal paper and they are called 
Sinai (or dispersing) billiards (Figure 1(a)). Sinai bil- 
liards have the strongest chaotic properties; that is, they 
are ergodic, mixing, have a positive metric entropy, 
and are Bernoulli systems. If a (narrow) parallel beam 
of rays is made to fall onto a dispersing boundary, 
then after reflection it becomes divergent and, there- 
fore, the distance between the rays in this beam in- 
creases with time. It is the mechanism of dispersing that 
generates sensitive dependence on initial conditions 
(hyperbolicity) and is responsible for strong chaotic 
properties of dispersing billiards. 

On the other hand, focusing boundaries produce the 
opposite effect. Indeed, a narrow parallel beam of rays 
after reflection from the focusing boundary becomes 
convergent; that is, the distance between rays in such 
a beam decreases with time. Therefore, it has been 
the general understanding that a dispersing boundary 
always produces chaotization of the dynamics, while 
a focusing boundary produces stabilization of the 
dynamics. However, there exists another mechanism 
of chaos in billiards (and, in general, in Hamiltonian 
systems), which is called defocusing (Bunimovich, 
1974, 1979). The point is that a narrow parallel beam 
of rays, after focusing because of reflection from a 
focusing boundary, may become divergent provided 
that a free path between two consecutive reflections 
from the boundary is long enough. Assuming that the 
time of divergence exceeds (averaged over all orbits) 
the time of convergence, one obtains chaotic billiards. 
One of the first, and the most famous, example of such 
billiards is called a stadium (Figure 1(b)). One obtains 
a stadium by cutting a circle into two semi-circles and 
connecting them by two common tangent segments. 
The length of these segments could be arbitrarily 
small, which demonstrates that the mechanism of 
defocusing can work under small deformations of even 
the integrable (a circle) billiards. Focusing billiards can 
have as strong chaotic properties as Sinai’s billiards do 
(Bunimovich, 2000). 
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Figure 1. (a) Sinai billiard. (b) Stadium. (c) Mushroom. 














BILLIARDS 


There are no other mechanisms of chaos in billiards. 
Indeed, billiards in polygons and polyhedrons have zero 
metric entropy (Boldrighini et al., 1978). Nevertheless, 
a typical billiard in a polygon is ergodic (Kerckhoff 
et al., 1986). Because focusing components can form 
parts of the boundary of integrable as well as chaotic 
billiards, a natural question is whether there are 
some restrictions. Two classes of focusing components 
admissible in chaotic billiards were found (Wojtkowski, 
1986; Markarian, 1988). The most general class of such 
focusing components is formed by absolutely focusing 
mirrors (AFM) (Bunimovich, 1992). AFMs form a new 
notion in geometric optics. A mirror y (or a smooth 
component of a billiards’ boundary) is called absolutely 
focusing if any narrow parallel beam of rays that falls on 
y becomes focused after its last reflection in a series of 
consecutive reflections from y. Observe that a mirror is 
focusing if any parallel beam of rays becomes focused 
just after the first reflection from this mirror. AFMs can 
also be characterized in terms of their local properties 
(Donnay, 1991; Bunimovich, 1992). 

Generic Hamiltonian systems are neither integrable 
nor chaotic. Instead, their phase spaces get divided into 
KAM- islands and chaotic sea(s). The only clear and 
clean example of this phenomenon is a billiard in a 
mushroom (Bunimovich, 2001). The mushroom con- 
sists of a semicircular hat sitting on a foot (Figure 1(c)). 
A mushroom becomes a stadium when the width of the 
foot equals the width of the hat. 

Clearly, the mechanism of dispersing works is 
higher than two dimensions as well (Sinai, 1970). 
It is not obvious at all for the mechanism of defo- 
cusing because of astigmatism. However, chaotic 
focusing billiards also do exist in dimension d>3 
(Bunimovich & Rehacek, 1998). But one pays a price 
of astigmatism by not allowing the focusing component 
to be as large as it can be ind =2. 

Many properties of classical dynamics of billiards 
are closely related to the properties of the corresponding 
quantum problem. Consider the Schrodinger equation 
with a potential equal to zero inside the billiard 
region and equal to infinity on the boundary. The 
eigenfunctions become uniformly distributed over the 
regions of ergodic billiards for high wave numbers 
(Shnirelman, 1991). On the contrary, there exist infinite 
series of eigenfunctions localized in the vicinity of 
convex caustics of billiards (Lazutkin, 1991). 
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BINDING ENERGY 

When two particles form a bound state under a certain 
kind of physical interaction, the resulting state has an 
energy smaller than the sum of the rest energies of the 
constituent elements of such a bound state. That is why, 
by definition (or one could say by construction), bound 
states are ones in which work has to be done to separate 
the constituents. 

The energy that one has to provide (equivalently 
the work) in order to separate a bound state into 
its elements is called the binding energy, Ep, and 
from the above, it can be directly inferred that 
Ey > 0. The equivalent mass to this energy (under the 
Einstein relation) also bears a name and is called the 
“mass defect,’ Am = Ep/c?, where c is the speed of 
light. 

Examples of binding energy can be easily found 
among the fundamental forces in nature, such as the 
gravitational force, the electromagnetic force, and the 
nuclear force. 
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Considering an approximately circular (in reality, 
elliptical) motion of the Earth around the Sun, equating 
the gravitational force Fy = GM,M_/R? (where G 
is the gravitational constant, the subscripts s and e 
denote Sun and Earth, respectively, and R is their 
relative distance) with the centripetal force Fe= 
M.v2/R, one obtains v=./GM,/R, leading to a 
kinetic energy Ex =GM.Ms/(2R), which combined 
with the potential energy of Ey = —- GM. Mg/R, results 
in a binding energy for the solar system of the form 


MeMs 
2R 


Using the relevant masses for the Earth and Sun and 
their separation, this quantity can be approximately 
calculated as Ey © 2.6 x 1073 J (Am ~ 2.9 x 10!° kg). 
However, what actually matters in terms of physical 
“observability” is the ratio of mass defect to the bound 
state mass (the closer this ratio is to 1, the greater the 
possibility of observing the mass defect). In the case 
of the gravitational system AM/My ~ 1.5 x 1071/4; 
hence, the mass defect for the gravitational force will 
not be observable. 

Similar calculations can be performed classically 
for the hydrogen atom (following the same path, but 
substituting G—> 1/(47€9), Ms > |qe|, and Me > qe, 
where € 9 is the dielectric constant in a vacuum and 
qe is the charge of the electron). In this case, for the 
electrostatic force, 


Ey =G qd) 





2. 
a @) 
24regR 

In this case, however, R¥ 0.53 x 107!9m (while in 
the previous example, it was ~1.5 x 10!! m!). In 
the case of the hydrogen atom, Ep ~*~ 13.6eV and 
Am * 2.5 x 107 kg. The ratio AM /My © 1.5 x 1078, 
indicating that in this case also it is not possible to ob- 
serve the mass defect. 

In the case of the nuclear force, however, the ra- 
tio of AM/M, is of order 10-3, and hence it is 
possible to observe the mass defect. For example, 
the mass of an a particle consisting of two pro- 
tons and two neutrons is 6.6447 x 10727 kg, while 
the individual masses of these particles add up to 
6.6951 x 10-7 kg, resulting in a binding energy of 
28.3 MeV and AM/Mp ~ 0.0075. In fact, a very com- 
mon diagram in nuclear physics is the so-called nuclear 
binding energy curve (see, e.g., http://hyperphysics. 
phy-astr.gsu.edu/hbase/nucene/nucbin.html), = which 
shows the binding energy of various elements as a func- 
tion of their mass number. In this graph, the larger the 
Ep, the more stable the element; iron (with atomic num- 
ber A = 56 and binding energy 8.8 MeV/nucleon) is the 
most stable element. Lighter elements can yield en- 
ergy by fission, while heavier elements can yield en- 
ergy by means of fusion, emitting energies in the MeV 
range. 


56 


Binding Energy in Nonlinear Systems 


Naturally, bound states of multiple waves can be formed 
in nonlinear systems. To fix ideas, we will examine 
such bound states and their corresponding binding 
energies in the specific context of the well-known 
sine-Gordon equation. For a detailed exposition of 
the features and applications of this equation, see 
Dodd et al. (1982). The sine-Gordon equation in (1 + 1) 
dimensions is 


Urr = Uxx — Sin(u). (3) 


Perhaps, the best-known nonlinear wave solution of 
this equation consists of the topological soliton (kink), 
which is of the form (in the static case) 


u(x) = 4tan!(e**), (4) 


sé{—1, 1}, where the case of s=1 corresponds to 
a kink, while s = — 1 corresponds to an antikink. The 
energy of such a static kink solution 


—oo 


E= / dx [50 + u2) +1- cost (5) 


can be calculated as E = 8. 
Another elemental solution of the equation is the 
breather-like solution of the form 


u(x, t) 


_, | (—a@?)!/2 sin(@t) 
= 4tan"! . 6 
o o cosh ((1—@?)!/2x) © 





This exponentially localized in space, periodic in time 
solution can be considered as a result of a merger of a 
kink and an antikink. Hence, this is perhaps the simplest 
example of a bound state in this nonlinear system. 

The bound state character of this solution can also 
be revealed by the expression for its energy. Using 
expression (6) in Equation (5), we obtain 


Epreather = 16(1 — w)'/?, (7) 


Hence, this energy, for any we€(0,1) (@ is the 
frequency of the internal breathing oscillation), is less 
than the sum of the kink and antikink energies, verifying 
that the binding energy of such a state is 


Ey = 16[1- (1—o”)']. (8) 


It is also worthwhile to note that the energy of such 
a breather excitation varies in the interval (0, 16) de- 
pending on its frequency. Hence, there is no threshold 
for the excitation of such a wave, but even for small 
amounts of energy, such waveforms will be excited 
(large frequency/small period ones for small excitation 
energy). 

One can generalize the solution of the form (6) in 
a periodic breather lattice solution of the sine-Gordon 
equation in the form (see, e.g., McLachlan, 1994) 


u(x,t) = 4tan~![a sn(bt, k?)dn(cx,1—m?)], (9) 
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where sn(x,k) and dn(x,k) are the Jacobi elliptic 
functions with modulus k. Here 
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One can then evaluate the energy (per breather) 
of this infinite periodic breather lattice configuration 
(for details of the calculation, the interested reader is 
directed to Kevrekidis et al., 2001) to be 


k 2 
E=16 l eemd cap m’), (10) 


where E (1 — m?) is the complete elliptic integral of the 
second kind. 

Depending on the values of the elliptic moduli, k and 
m, the expression of Equation (9) represents a lattice 
of different entities. For m,k — 0, it corresponds to 
genuine sine-Gordon breathers. For k, m — 1, the limit 
gives the “pseudosphere” solution u = 4 tan7! (tanh 5). 
which resembles a -kink but in time rather than space 
(see McLachlan, 1994). On the other hand, the k > 
finite, m — 0 limit gives the kink-antikink pair solution 
4tan~!(¢ sech x). This solution has the character of a 
kink-antikink pair “breathing” in time. 

The above different limits illustrate why Equation 
(10) is an important result, since it can be used (see 
below) to obtain the asymptotic interaction between 
entities such as breathers, pseudospheres, or kink- 
antikink pairs. When taking the appropriate above 
limits of expression (10), the leading-order term will 
be the energy of a single such entity. However, the 
correction to that will be the (per particle) binding 
energy ina configuration of multiple such entities (or, as 
it is often referred to, the energy of interaction between 
two such entities). 

To calculate the breather-breather interaction (their 
binding energy), we take the limit m,k—0, with 
k/m = (1 — w*)/w”, where w is the breather frequency 
(see McLachlan, 1994), to obtain 
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Hence, the corrections to the (single) breather energy 
in Equation (11) correspond to the binding energy of 
the formed breather bound states. Similar expressions 
can be found for the pseudosphere: 


E =4n — (ke -1)? + =m -1)? 
2 4 
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(again, 470 is the energy of a single pseudosphere) and 
for kink-antikink pairs 


c= [w-s(er) oe nes) 


x E(1—m7?). (13) 





Similar examples of breather lattices also exist for 
other equations, such as the well-known Korteweg— 
de Vries (KdV) equation, and one can again infer 
breather-breather state binding energies in a similar 
manner. 

In general, one can say that the concept of a 
bound state for nonlinear evolutionary partial differ- 
ential equations supporting soliton (or solitary wave) 
solutions persists in a form very similar to the way 
it manifests itself for fundamental physical forces and 
their particle carriers. In the present case, the elements 
of the bound states are the nonlinear waves proper (a 
feature reminiscent of the particle-like character of such 
waves, manifest evidently also in their interactions). Ina 
number of (most often integrable) cases, where the form 
of the bound state solutions is analytically tractable, the 
calculation of the bound state energy and of the energy 
of its constituent elements again provides information, 
through the difference between the two, for the binding 
energy (or energy of interaction) of such waves. 
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BIOLOGICAL EVOLUTION 


The term evolution defines a process that is driven by 
internal and/or external forces. In quantum mechanics, 
an evolution operator conducts change in time. Cosmic 
evolution in the standard model aims at a consistent 
description of the process from the “big bang” 
to the present universe. “Prebiotic evolution” deals 
with chemical precursors of present-day life and is 
determined by the conditions at the early Earth, be 
it in the primordial atmosphere, in the surrounding 
of volcanic hot springs at the sea floor, or at some 
other location. “Biological evolution” follows the 
prebiotic scenario, and it shaped and is still shaping 
the biosphere on Earth. A temporal change in the 
biosphere manifests itself as the appearance, alteration, 
and extinction of biological species. This view was not 
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generally accepted before Charles Darwin. Influenced 
by the geologist Charles Lyell and his concept of 
uniformitarianism, Darwin and the proponents of the 
theory of evolution suggested that changes in the 
biosphere occur gradually, continuously, or at least, in 
small steps. In this aspect, which is not essential for the 
mechanism of evolution, Darwin’s theory contrasted 
the view held by the majority of his contemporaries, 
who assumed constancy of biological species and 
change exclusively through catastrophic events leading 
to mass extinction (Ruse, 1979). The opponents of 
evolutionary thinking, Louis Agassiz, Georges Cuvier, 
and others, considered species as invariant entities. The 
remnants of extinct species in the fossil record were 
interpreted by them as witnesses from earlier worlds 
destroyed by punctual events, the great deluge, and 
other catastrophes that wiped out major parts of the 
organismic world. In society, the concept of evolution 
was heavily attacked by representatives of the Christian 
Churches because it was seen to be in conflict with the 
Genesis report in the Bible (Ruse, 2001). During the 
20th century, European religious thought has reconciled 
religious belief and the idea of an evolving biosphere. In 
North America, the strong opposition of some groups 
of religious fanatics led to the peculiar development 
of Creationism, whose claim of being an alternative to 
the theory of evolution is rejected by the established 
scientific community (NAS, 1999). 

The current theory of biological evolution originated 
from two epochal contributions by Charles Darwin and 
Gregor Mendel. Darwin conceived a mechanism for 
evolutionary change of the biosphere based on variation 
and selection, and he gathered empirical data providing 
evidence for the action of natural and artificial selection, 
the latter exercised in animal breeding and nursery 
gardens. Darwin’s principle (published in On The 
Origin of Species by Natural Selection in 1859) has two 
consequences: species adapt to their environments and 
are related to their ancestors in terms of phylogenies, 
or branches of an ancestral tree of species. In 1866, 
Gregor Mendel introduced quantitative statistics into 
the evaluation of data in biology and performed 
the first precisely controlled fertilization experiments 
with plants. He discovered and interpreted correctly 
the action of genes in determining the properties of 
organisms. Mendel’s work was considered irrelevant 
by the evolutionists of the second half of the 19th 
century and was “rediscovered” around 1900. Only 
in 1930 were the Darwinian concept of selection 
and Mendel’s rules of inheritance combined to a 
common mathematical formalism by the population 
geneticists Ronald Fisher, John Haldane, and Sewall 
Wright (for a recent text in population genetics, see 
Hartl & Clark, 1997). In the 1940s, finally, Darwinian 
evolution and Mendelian genetics were united in the 
Synthetic or Neo-Darwinian Theory of Evolution by 
the works of the experimental biologists Theodosius 
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Dobzhansky, Julian Huxley, Ernst Mayr, and others 
(Mayr, 1997). In the second half of the 20th century, 
molecular biology put evolutionary theory on firm 
fundamentals, chemistry and physics. Comparison 
of genes and, more recently of whole genomes, 
allows for reconstruction of phylogenies on the basis 
of nucleotide sequence divergence through mutation 
(Judson, 1979); the exploration of molecular structures 
provides insights into the chemistry of present 
day life; and knowledge of biomolecular properties 
eventually led to the construction of laboratory systems 
that allow for observation of evolution of molecules 
in the test tube (Spiegelman, 1971; Watts & Schwarz, 
1997). 

Darwinian evolution results from the interplay 
of variation and selection, both being consequences 
of reproduction in populations. Variation operates 
on genomes or genotypes, which are polynucleotide 
sequences carrying the genetic information, and 
occurs in two fundamentally different ways: (i) 
mutation causes local changes in genomic sequences, 
whereas (ii) recombination exchanges corresponding 
segments between two genotypes. Selection is based 
on differences in fitness being a property of the 
phenotype. The phenotype is defined as the union of 
all, structural as well as dynamic, properties of an 
individual organism. Unfolding of the phenotype is 
programmed by the genome; but, at the same time, 
requires a highly specific environment. In addition, it 
is influenced by epigenetic factors (epigenetic refers 
to every nonenvironmental factor that interferes with 
the development of the organism, except those encoded 
in the nucleotide sequence of DNA; many epigenetic 
factors are already understood at the molecular level, 
and involve specific modifications of genomic DNA). 
Fitness, in essence, counts the number of fertile 
descendants reaching the reproductive age. It has two 
major components: (1) the probability of survival to 
reproduction, and (ii) the number of viable and fertile 
offspring. 

To illustrate selection in a population of n asexually 
reproducing phenotypes, we consider a continuous- 
time model that describes change by a differential 
equation 





dx; 4 
ai =x (f,-%), i=1,...,n 
with 0) = )° fix; = f. () 
j=l 


The variables denote the frequencies of reproduc- 
ing variants: x;(t) = Ni(t)/ Vint Nj(t), with N;(t) 
counting the number of individuals with phenotype S$; 
or genotype J; at time t. (For several genotypes giving 
rise to the same phenotype, see neutrality below.) Fit- 
ness values f; when averaged over the entire population 
yield the mean fitness expressed by a time-dependent 
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flux @(t). Frequencies of variants with fitness values 
above average, f; > ®, increase with time, those of 
below-average variants, f; < ®, decrease and as a con- 
sequence, the mean fitness increases. The flux ®(f) is a 
nondecreasing function of time and selection continues 
until all variants, except the fittest, have died out (See 
also Fitness landscape). For two variants, Jo and 1), 
the solution boils down to 


xX] Xx] 
EB (1) = =| (0) - exp(mt) 
x0 xo 


Lal, > Leal," 
w] pt) y 
Xodr Xoo 


where the upper equation refers to continuously vary- 
ing x(t) and the lower equation refers to popu- 
lation to discrete time variables X; with synchro- 
nized reproduction. The Malthusian fitness difference 
m= fi — fo is related to the Darwinian relative fit- 
ness w= (1+ f1)/(1+ f2) by m~ In w (see Hartl & 
Clark (1997)). The conditions for selection are m > 0 or 
w > 1, respectively. An example is shown in Figure 1. 

Sexual reproduction of diploid organisms involves 
Mendelian genetics (see Figure 2). Every gene (A) 
comes in two copies, identical or different, which are 
chosen from a reservoir of variants A; called alleles. 
Recombination occurs in the process of reproduction 
when the two copies are separated and reassembled in 
pieces through random combination. The differential 
equation (1) is extended to describe selection in the 
diploid case in the form of Fisher’s selection equation: 


or 
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Figure 1. Illustration of selection in populations. The plotted 
curves represent the frequencies of advantageous mutants /; ina 
population of individuals /g with a Malthusian fitness difference 
of m= Af = f| — fo =0.1, 0.02, and 0.01. The population size 
is N = 10,000, and the mutants were initially present in a single 
copy: Nj (0) = 1 or x, (0) = 0.0001. 
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Figure 2. Mendelian genetics. In sexual reproduction, the two 
parental genomes are split into pieces and recombined randomly, 
which means each of the four alleles has a 50% chance to 
be incorporated in the genome of an offspring. Mendel’s laws 
are of a statistical nature and hold as mean values in the limit 
of large numbers of observations. Two cases are shown: (i) 
the heterozygote unfolds into a phenotype with intermediate 
properties (gray through blending of black and white), and (ii) 
the property of one allele (black) is dominant. In the latter case, 
the other allele (white) is called recessive. Interbreeding of two 
homozygous individuals (parent generation P) leads to a first 
offspring generation (F1) of identical heterozygous individuals; 
the phenotypes in the next (F2) generation show a distribution of 
1:2:1 in the intermediate and 1:3 in the dominant/recessive case. 
Crossing of the (recessive) parent genotype with an F1-individual 
yields a 1:1 ratio of phenotypes. 


with 


n 

qG= y ijXj, 
j=l 
n n 


n 
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The variables refer to alleles A; rather than to whole 
genomes, and the rate coefficient a;; represents the 
individual fitness values for the combination A; Aj. 
Fitness is assumed to be independent of the position- 
ing of alleles, AjAj; or AjAj;, and hence, ajj =ajj 
holds. The term aj is the population-averaged mean 
fitness of the allele combinations carrying Aj at least 
once: AjA;, j=1,...,n. Fisher’s fundamental the- 
orem states that the flux ®(f)= )-’_| Gxi =a is a 
nondecreasing function of time, but the outcome of 
selection need not be unique as optimization might 
end in a local optimum of ® (See also Fitness land- 
scape). For example, in the two-allele case, inferiority 
of the heterozygote A, A2, aj2 < min{aj1, a2}, results 
in bistability since homogenous populations of either 
homozygote, A, A or A2A2, represent stable equilib- 
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rium points. Then, the initial conditions determine the 
outcome of selection. 

The optimization principle is not universally valid: 
when mutation is included or when more complex 
cases of recombination are considered, optimization 
of mean fitness is restricted to certain ranges of initial 
conditions, whereas different behavior is observed for 
other starting values. Still, optimization remains an 
important heuristic in evolution as it is frequently 
observed. 

Innovation is introduced into genes by mutation 
consisting of a local change in the sequence of 
nucleotides resulting from an imperfect replication 
of genetic information or externally caused damage. 
Two scenarios are distinguished: (i) rare mutation 
treated by conventional population genetics and 
typically occurring with multicellular organisms and 
most bacteria, and (ii) frequent mutation handled by 
quasispecies theory (Eigen, 1971; Eigen & Schuster, 
1977) and determining evolution of viruses. Higher 
mutation rates are often advantageous because they 
allow for adaptation, but there exists an error threshold 
of replication beyond which inheritance breaks down 
because too many mutations destroy the genetic 
message. RNA viruses are under a strong selection 
constraint by the host and their mutation rates are close 
to the error threshold. 

The idea that genotypes and phenotypes are related 
one-to-one turned out to be wrong. Molecular genetics 
revealed a high degree of neutrality (Kimura, 1983): 
many different genotypes give rise to the same phe- 
notype. Advantageous mutations are rare; deleterious 
mutations are eliminated by selection thus leaving a 
majority of observed changes in the genomes to result 
from neutral mutations. Neutrality gives rise to random 
drift of populations in genotype space, which was also 
found to be important for the mechanism of evolution 
since it allows populations to escape from minor local 
fitness optima or evolutionary traps (Schuster, 1996) 
and Schuster in Crutchfield & Schuster, 2003). Random 
drift leads to an almost constant mutation rate per year 
and nucleotide independent of the species being tanta- 
mount to a molecular clock of evolution. This clock is 
used for dating in the reconstruction of phylogenies 
from comparison of present-day genome sequences. 
Molecular clock dates yield substantially longer time 
spans compared with those from the fossil record. 
The discrepancy seems to be reconcilable because pa- 
leontological datings are too young and molecular 
clock datings are too old by systematic errors (Benton 
& Ayala, 2003). 

The Darwinian mechanism is powerful because it 
makes no reference to the specific nature of the re- 
producing entities. Therefore, it is likewise valid for 
molecules, viruses, bacteria, or higher organisms. Se- 
lection based on the Darwinian principle is observed 
in many disciplines outside biology, for example, in 
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physics and chemistry, in economics, and in the social 
sciences. 

Since its introduction, the theory of evolution has 
undergone changes and modifications. The rejection of 
catastrophic events as an important source of change in 
the history of life on Earth was a political issue rather 
than one based on scientific data. Geological evidence 
for fallings of large meteorites as well as major floods 
is now available, and such events wiped out substantial 
parts of the biosphere. The paleontological record 
reflects the interplay between continuous evolution 
and external influences, which resulted in epochs 
of gradual development interrupted by punctuated 
events. Interestingly, evolution of bacteria or molecules 
under constant conditions also showed punctuation 
without external triggers: populations “wait” during 
quasistationary periods for rare mutations that initiate 
fast periods of change. 

Still, there are open problems in current evolutionary 
theory. Recent sequence data challenge the idea of a tree 
of life. Although animal phylogeny appears to be on a 
firm basis, there are problems with the reconstruction 
of a tree-like history of plant species. Prokaryote 
evolution cannot be cast into a tree: archebacteria and 
eubacteria exchange genetic information across species 
and kingdoms. Such horizontal gene transfer occurs 
frequently and obscures the descendance of species. 
Darwinian evolution, although successful in describing 
the mechanisms of optimization and adaptations of 
species, is unable to provide explanations for the 
major evolutionary transitions that lead from one 
hierarchical level of life to the next higher forms 
(Maynard Smith & Szathmary, 1995; Schuster , 1996). 
Examples of such transitions are the origin of the 
genetic code; the transition from the prokaryotic to 
the eukaryotic cell; the transition from unicellular 
organisms to multicellular plants, fungi, and animals; 
the transition from solitary animals to animal societies; 
and eventually the transition to man and human 
societies. Common to all these transitions is the 
integration of individual competitors as cooperating 
elements into a novel functional unit. Simple model 
mechanisms have been proposed that can explain 
cooperation of competitors (see, e.g., the hypercycle 
Eigen & Schuster, 1978), but no real solution to the 
problem has been found yet. 

PETER SCHUSTER 


See also Catalytic hypercycle; Fitness landscape 
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Biological molecules are complex systems that evolve 
in an ever-changing environment and _ nevertheless 
exhibit a remarkable stability of their functions. This 
feature, which is reminiscent of the exceptional stability 
of solitons in the presence of perturbations, is perhaps 
what led to suggestions that solitons could have a role 
in some biological functions. Beyond this analogy, 
there are more solid arguments to consider the role 
of nonlinearity in biological molecules. They are very 
large atomic assemblies performing their function 
through large conformational changes, which have a 
cooperative character because they involve many atoms 
moving in a coherent manner, and are highly nonlinear 
due to their amplitude of motion, which is much larger 
than the standard thermal motions observed in small 
molecules. Additional nonlinearities can originate from 
the coupling of different degrees of freedom, as 
proposed for proteins. Dispersion, necessary to balance 
the effect of nonlinearity in order to obtain soliton- 
like excitations, is introduced by the discreteness of the 
molecular lattice, which behaves in a manner different 
from a continuous medium. 

Besides conformational changes involved in many 
biological functions, issues important for biological 
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molecules are energy transport and storage, and charge 
transport. Nonlinear excitations have been proposed as 
possible contributors to these phenomena, in the two 
main classes of biological molecules: nucleic acids and 
proteins (Peyrard, 1995). 

Following Erwin Schrédinger in his prophetic book 
What Is Life? (Schrédinger, 1944), the nucleic acid 
DNA can be viewed as an “aperiodic crystal.” The static 
structure of DNA is a fairly regular pile of flat base pairs, 
linked by hydrogen bonds and connected by sugar— 
phosphate strands that form a double helix (Calladine 
& Drew, 1997). The lack of periodicity occurs because 
the base pairs can be either A—T (adenine-thymine) 
or G—C (guanine-cytosine), their sequence defin- 
ing the genetic code. The static picture that emerges 
from crystallographic data has little to do with actual 
DNA in a living cell. The genetic code, buried in the 
double helix, would not be accessible if DNA were not 
a highly dynamical structure. Biologists have observed 
the “breathing of DNA,” which is a fluctuational open- 
ing in which one or a few base pairs open temporar- 
ily. These motions are probed experimentally by moni- 
toring deuterium-hydrogen exchange, based on the as- 
sumption that the imino-protons that bind the bases can 
only be exchanged for open base pairs. DNA double 
helix is also opened by enzymes during the transcrip- 
tion of a gene, that is, the reading of the genetic code. 

This phenomenon is complex, but there are related 
experimental observations that are more amenable to 
physical analysis, on the thermal denaturation of DNA. 
When the double helix is heated, one first observes 
local openings over a few to a few tens of base pairs. 
These grow and invade the whole molecule, leading 
to a thermal separation of the two strands, which can 
be monitored by measuring the UV absorbance of the 
molecule, which is highly sensitive to the disturbance 
of the base stacking. This “DNA melting”—which 
appears as a phase transition in one dimension—poses 
challenging questions because, in order to cause the 
local openings, one has to break many hydrogen bonds 
between the bases, which requires the localization of 
a large amount of thermal energy in a small region of 
the molecule. Nonlinear effects could be at the origin 
of this phenomenon. 

All these observations led to many investigations 
and models of the nonlinear dynamics of the DNA 
molecule. A description at the scale of the individual 
atoms is not necessary to analyze base-pair openings, 
so the bases are generally described as rigid objects 
in these models. The earliest attempt to describe 
DNA opening in terms of solitons is due to Englander 
et al. (1980), who viewed it as a cooperative motion 
involving 10 or more base pairs and propagating as 
a localized defect along the molecule. This idea was 
further formalized by Yomosa (1984), and Takeno & 
Homma (1983), who introduced a coupled base rotator 
model for the structure and dynamics of DNA. The 
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Figure 1. (a) Schematic view of the plane base rotator model 
for DNA. (b) A symmetric open state of the model. 


general ideas behind this approach are schematized in 
Figure 1(a). 

Only rotational degrees of freedom of the bases are 
introduced (denoted by angles x, and x,, in Figure 1). 
The pairing of the bases is described by an on-site 
potential V(Xn, x/,), which, in its simplest form is 
V(Xn> Xn) = ACL — C08 Xn) + ACI — cos x,) + BU 
cos X, cos x/), and the stacking along the molecule 
is represented by a potential W(Xn. X;.Xn—1+ X;_1 = 
S[1 = cos(xn — Xn—1)]+ SLL — cos(x) — x/,_1)], wh- 
ere A, B, S are constants. Adding the kinetic energy of 
the bases i (42 + X17), where I is the moment of iner- 
tia of the bases around their rotation axis, and summing 
over n, one obtains the Hamiltonian of the model. Vari- 
ous nonlinear excitations are possible depending on the 
symmetries of the motion (such as Xn = X},, Xn = — Xp) 
and the values of the constants. If the stacking interac- 
tion is strong enough, a continuum approximation can 
be made. This approximation replaces the discrete vari- 
ables x, (t) by the function x (x, t) and finite differences 
such as Xn — Xn—1 by derivatives a(d x /dx), where a is 
the spacing between the bases and x denotes the con- 
tinuous coordinate along the helix axis. When A =0, 
in its simplest form, the model leads to a sine-Gordon 
equation 








a-x 
at ax? 





+ Bsinx =0, () 


which has topological solutions such as the one 
schematized in Figure 1(b), where the bases undergo 
a 27 rotation, generating an open state that may slide 
along the chain. 

Models for the rotation of the base pairs have been 
further refined by Yakushevich (1998) and are discussed 
in the entry on DNA solitons. 

Another point of view was chosen later by Dauxois 
et al. (1993), who were interested in the statistical 
physics of DNA thermal denaturation. This problem 
had been studied by Ising models, which simply use a 
two-state variable equal to 0 or 1 to specify whether 
a base pair is closed (0) or open (1). Such models 
cannot describe the intermediate states, but they can 
be generalized by introducing a real variable yn (t) 
that measures the stretching of the hydrogen bonds 
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in a base pair that is equal to 0 in the equilibrium 
structure and grows to infinity when the two strands 
are fully separated. With such a variable, a natural 
shape of the on-site potential is the Morse potential 
V (yn) = Di exp(— ayn) — 1}? (D and w are constants), 
which has a minimum corresponding to the binding of 
the two bases in their equilibrium state by the hydrogen 
bonds, and a plateau at large y,, which is associated to 
the vanishing of the pairing force 0V/dy, when the 
bases are far apart. 

Such a model does not have topological solitons, but 
its nonlinear dynamics leads to localized oscillatory 
modes, called breathers, which are approximately 
described by solitons of the nonlinear Schrédinger 
equation in the continuum limit and turn into 
permanently open states at a high temperature (See 
Breathers). These studies have focused attention on 
the importance of discreteness for nonlinear energy 
localization. In DNA, the stacking interactions are not 
very strong, and this is why imino-proton exchange 
experiments can detect the exchange on one base pair 
while the neighboring base pairs are not affected. As 
a result a continuum approximation is very crude. 
What could appear as a problem because it complicates 
analytical studies of the nonlinear dynamics turns out 
to have a far-reaching consequence because it has been 
shown that discreteness is crucial for the existence 
and formation of nonlinear localized modes (Sievers 
& Takeno, 1988; MacKay & Aubry, 1994), which 
correspond to the “breathing” of DNA observed by 
biologists. It is important to notice that the existence 
of these nonlinear solutions is not linked to a particular 
mathematical expression of the potentials. Instead, 
it is a generic feature of nonlinear lattices having 
interactions qualitatively similar to those that connect 
the bases in DNA. Moreover, it has also been shown that 
thermal fluctuations can self-localize in such lattices so 
it is likely that related nonlinear excitations could exist 
in DNA. But discreteness has another consequence. 
Large-amplitude modes are strongly localized due to 
their high nonlinearity. Their width becomes of the 
order of the spacing between the bases and they lose the 
translational invariance of solitons in continuum media. 
The image of freely moving solitons has to be corrected 
by the pinning effect of discreteness, and the translation 
of the nonlinear excitations in DNA, if it occurs, has to 
be activated, for instance, by thermal fluctuations. 

Proteins are much more complex than DNA because 
they do not have a quasi-periodic structure, but some of 
their substructures are nevertheless fairly regular. They 
are biological polymers composed of amino acids of 
the general formula 
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where R is an organic radical that determines the amino 
acid. These building blocks are linked by a peptide 
bond that can be viewed as a result of the elim- 
ination of a water molecule between consecutive 
amino acids, leading to the generic formula 
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A given protein is defined by its sequence of amino 
acids chosen by 20 possible types and the length of the 
chain (typically 150-180 residues), but this so-called 
primary structure does not determine the function that 
depends on the spatial organization of the residues. Seg- 
ments of the chain tend to fold into secondary struc- 
tures having the shape of helices (called a-helices) or 
sheets (called B-sheets) stabilized by hydrogen bonds 
formed mainly between the negatively charged C=O 
groups and the positively charged protons linked to the 
nitrogen atom of a peptide bond. The different com- 
ponents of the secondary structure assemble in the 
tertiary structure, which is the functional form of the 
protein. 

Proteins perform numerous functions and one of 
them is the storage and transport of the energy 
released by the hydrolysis of adenosine-triphosphate 
(ATP), which plays the role of the fuel necessary for 
many biological processes, such as muscle contraction. 
The hydrolysis of a single ATP molecule releases 
approximately 0.4 eV, which is transmitted to a protein 
for later use. This raises a puzzling question because, 
if this energy were distributed among all the degrees 
of freedom of a protein, each atom would carry such 
a small amount that the energy would be useless. 
There must be a mechanism that maintains this energy 
sufficiently localized, and moreover, as it will not 
be used at the site where it has been released, it 
must be transported efficiently within the molecule. 
Recent experiments at the molecular scale have shown 
that the hydrolysis of a single ATP molecule can 
be used for several steps of a molecular motor 
involved in muscle contraction (Kitamura et al., 1999), 
providing evidence of the temporary storage of the 
energy. 

Attempting to understand these phenomena in 1973, 
Alexander Davydov noticed that the energy released 
by ATP hydrolysis almost coincides with 2 quanta of 
the vibrational energy of the C=O bond, which led 
him to the conclusion that this energy was stored as 
vibrational energy in the peptide bond (Scott, 1992). 
He conjectured that it could stay localized through an 
extrinsic nonlinearity associated with a distortion of the 
chain of hydrogen bonds that spans the w-helix. The 
underlying mechanism is similar to the one leading 
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to the formation of a polaron in solid-state physics 
(Ashcroft & Mermin, 1976). The vibration of the C= O 
bond strains the lattice in its vicinity, resulting in slight 
displacements of the neighboring amino acids. But, as 
the frequency of the C=O vibration is affected by its 
interactions with the neighboring atoms, the frequency 
of the excited C = O bond becomes slightly shifted and 
no longer coincides with the resonating frequencies of 
the neighboring C=O bonds, preventing an efficient 
transfer of energy to the neighboring sites. As a 
consequence, the energy released by the ATP hydrolysis 
does not spread along the protein. 

Therefore, the basic idea behind the mechanism 
proposed by Davydov is nonlinear energy localization 
due to the shift of the frequency of an oscillator when 
it is excited. For the protein, it is not due to an intrinsic 
nonlinearity of the C = O bond (as was the case for the 
Morse potential linking the bases in a pair for DNA), 
but due to a coupling with another degree of freedom, 
which is an acoustic mode of the lattice of amino acids 
connected by hydrogen bonds. 

As only a few quanta of the C=O vibrational 
motion are excited, the theory cannot ignore quan- 
tum effects, and in order to go beyond the qualitative 
picture discussed above, one has to solve the time- 
dependent Schrédinger equation. Davydov proposed 
a simple ansatz to describe the quantum state of the 
system. In this simple approximation, the motion of 
the self-trapped energy packet is described by a dis- 
crete form of the nonlinear Schrédinger equation. When 
one introduces proper parameters for the a-helix, the 
calculation of the soliton width shows that it is much 
broader than the lattice spacing, which should allow 
its motion without pinning by discreteness. As a result, 
energy transfer by solitons in the a-helix is plausible, 
but a definitive conclusion about the existence of such 
solitons is still pending. This is because the role of ther- 
mal fluctuations, which could destroy the coherence of 
the lattice distortion around the excited C =O site and 
hence the self-trapping, and the extent of quantum ef- 
fects are hard to evaluate quantitatively (Peyrard, 1995). 
A direct experimental observation on a protein has not 
been possible up to now. 

These uncertainties prompted physicists and physi- 
cal chemists to experimentally investigate model sys- 
tems that are simpler than proteins but, neverthe- 
less, show chemical bonds comparable to the pep- 
tide bonds in proteins. Crystalline acetanilide consists 
of quasi-one-dimensional chains of hydrogen-bonded 
peptide groups. In the early 1980s, it was recognized 
by spectroscopic studies that the C=O stretching and 
N-H stretching bands of crystalline acetanilide ex- 
hibit anomalies, and tentative explanations involve self- 
trapped states similar to the Davydov solitons. These 
ideas have been confirmed by recent pump-probe ex- 
periments (Edler et al., 2002). A direct observation of 
self-trapping could be achieved, and it appears that the 
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crystal structure is essential to stabilize the excitation 
that decays 20 times faster for isolated molecules than 
for molecules linked by hydrogen bonds in the crys- 
tal. Although the lifetime of the self-trapped state (20 
ps) is shorter than expected by Davydov, this study 
supports the original idea of the importance of the 
coupling with the lattice degrees of freedom. A pos- 
sible translational motion of the self-trapped state and 
its possible role for biological functions are still open 
questions. 

The News and Views section of the journal Nature 
attests that nonlinear excitations in biomolecules 
have been the object of strong controversy, ranging 
from enthusiastic approval (Maddox, 1986, 1989) to 
harsh criticisms (Frank-Kamenetskii, 1987), which 
were justified by some of the overstatements by 
theoreticians. Today, passionate opinions have subsided 
and experiments at the scale of a single molecule have 
become feasible, showing us how biomolecules work 
or take their shape. Thus, it appears likely that while 
freely moving solitons along DNA or protein a-helices 
may not exist, nonlinear excitations leading to energy 
localization or storage, and perhaps transport, could 
well provide useful clues to understand some of the 
phenomena occurring in biomolecules. 

MICHEL PEYRARD 


See also Davydov soliton; DNA premelting; DNA 
solitons; Pump-probe measurements 
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BIONS 


See Breathers 


BIRGE-SPONER RELATION 


See Local modes in molecules 


BIRKOFF-SMALE THEOREM 


See Phase space 


BISTABILITY 


See Equilibrium 


BISTABLE EQUATION 


See Zeldovich-Frank-Kamenetsky equation 


BJERRUM DEFECTS 


Ice is the most common and important member in a 
class of solids in which the conduction of electricity 
is carried almost exclusively by protons. Its de elec- 
trical conductivity reaches the level of 10-727! m7!, 
placing ice among the semiconductors. Known protonic 
semiconductors include disordered forms of solid wa- 
ter and several salt hydrates and gas hydrates. In the 
case of lithium hydrazinium sulfate (LiN2Hs5SO4), one 
finds quasi-one-dimensional hydrogen-bonded chains 
(HBCs) along the c-crystallographic axis. Electrical 
conductivity is three orders of magnitude larger in the c- 
direction (compared with the perpendicular directions), 
demonstrating that proton conductivity is directly re- 
lated to the presence of hydrogen bonds. In addition to 
inorganic crystals, protonic conductivity plays a sig- 
nificant role in biological systems, where it partici- 
pates in energy transduction and formation of proton 
pumps. Of particular significance is proton transport 
across cellular membranes through the use of hydrogen- 
bonded side-chains of proteins embedded in membrane 
pores. 


BJERRUM DEFECTS 


As is shown in Figures 1| and 2, protonic conductivity 
in HBCs takes place through ionic defects and bonding 
or “Bjerrum” defects (named after Danish physical 
chemist Niels Bjerrum). Ionic defects are formed by 
an excess proton (H3O07) or a proton vacancy (HO7), 
while bonding defects are misfits in the orientations 
of neighboring atoms resulting in either vacant bonds 
(L defect) or placing two protons in the same bond (D 
defect). Bonding defects do not obey the Bernal-Fowler 
tule of one proton per hydrogen bond for the ideal ice 
crystal. 

When a proton is transported along an HBC through 
an ionic defect, after the passage of the proton, the chain 
remains blocked to further proton movement since all 
chain protons have been moved, say, from the left- 
hand to the right-hand side of each hydrogen bond. The 
chain gets unblocked through cooperative rotations, 
that is, through the passage of a bonding defect. Thus, 
protons move in an HBC through coordinated ionic 
and Bjerrum defects, using a mechanism that is also 
found in hydrogen-bonded protein side chains. Coor- 
dinated proton transport in biological macromolecules 
leads to the formation of proton pumps that channel pro- 
tons across membranes and, through reversals, produce 
cyclic motor actions of mechanical nature. Defects in 
HBCs are topological in nature, with the rotational ac- 
tivation energy being smaller than that of ionic defect 
energy. The total charge of the topological ionic and 
bonding defects is not the same; in ice, the ionic defect 
charge is e7 = 0.64e (e is the proton charge), while 
the bonding defect charge is eg = 0.36e. Only after a 
coordinated passage of an ionic and bonding defect is 
one entire proton charge transferred across the HBC. 

A simple one-dimensional cooperative model of 
an HBC is similar to the Frenkel-Kontorova model 
but with two alternating barriers modeling bonding 
and ionic activation energies. The minima separating 
the barriers correspond to equilibrium positions of 
protons that interact mutually through dipole-dipole 
interactions. In equilibrium under this model, there 
is initially one proton per hydrogen bond; transitions 
of protons over the large barriers correspond to ionic 
defects, while bonding defects result from transitions 
over the smaller barrier. Both classes of defects are 
modeled through topological solitons. There are two 
kink solutions corresponding to HO™ and L-bonding 
defects, while the corresponding antikinks are the 
H30? and D-bonding defects, respectively. 

This simple model can be made quantitative through 
the introduction of the one-dimensional Hamiltonian 


Pa ol 24 
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where u, and p, are the dimensionless displacement 
from an equilibrium position and momentum, respec- 
tively, of the nth hydrogen that is coupled to its nearest 
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Figure 1. Ionic defects present in a hydrogen bonded chain: (a) negative ionic defect HO™ and (b) positive ionic defect H3O*. Large 
open circles denote ions, for example, oxygen ions in ice, while small black dots are protons. A hydrogen bond that links two ions 
contains a covalent part (solid line) that places in equilibrium the proton closer to one of the two oxygens. In the ionic defect region, 
there is a gradual transition in the equilibrium locations of protons within the hydrogen bonds; this transitional region is modeled 


through a topological soliton. 





POSITIVE EFFECTIVE CHARGE 





Figure 2. Bonding defects in a hydrogen bonded chain: (a) negative bonding defect (L) and (b) positive bonding defect (D). Molecular 
rotations introduce additional protons or remove protons from the quasi-one-dimensional HBC and produce bonding defects. 


neighboring protons through harmonic spring interac- 
tion, while w sets the energy scale. A typical choice for 
V (u,,), the nonlinear substrate potential that models the 
ionic and bonding barriers, is 
2 

Vip) = — [cos(%) = a] (2) 
The substrate potential (2) is periodic and (for 
appropriate values of the parameter a) is doubly 
periodic with two distinct alternating maxima that 
separate degenerate minima. In this model, one assumes 
one proton per unit cell, the latter consisting of the larger 
ionic barrier with its adjacent minima, one on each side. 
In the strongly cooperative limit, where neighboring 
hydrogen displacements do not differ substantially, 
one obtains for the proton displacement u(x, t) that 
becomes a function of the continuous space variable 
x as well as time ¢ the double sine-Gordon partial 
differential equation: 
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[ sinu + 2a sin =| 0, 
2 
(3) 


where c is the speed of sound of the linearized lattice 
oscillations. This sine-Gordon model has as solutions 
two sets of soliton kinks as well as their corresponding 
antikinks representing L-Bjerrum (kink I), D-Bjerrum 
(antikink I), HO™ ionic (kink II) and H3O* (antikink 
II). More complex nonlinear models can be constructed 
that also include an acoustic interaction between 
neighboring ions as well as coupling of protons with 
ions. In these cases, one obtains two component 
solitons where the defects in the proton sublattice 
are topological solitons that induce a polaronic-like 
deformation in the ionic lattice. This more complex 
defect can travel along an HBC when an external 
electric field is applied in the system. Numerical 


simulations demonstrate that these nonlinear defects 
do indeed encompass some of the basic dynamical 
properties of the ionic and bonding defects found in 
hydrogen-bonded networks. 
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See also Frenkel-Kontorova model; Hydrogen 
bond; Sine-Gordon equation; Topological defects 
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BLACK HOLES 


A massive body like the Earth is characterized by an 
“escape velocity,’ which is the speed that a moving 
particle must have on leaving the surface of the body 
to leave the attraction of gravity. Consider a bullet at 
the surface of the Earth that is moving upward with 
a speed of 11.2 km/s and neglect atmospheric friction. 
Such a bullet will just escape Earth’s gravitational field 
by exchanging its kinetic energy for the potential energy 
of the gravitational field. If the mass of the Earth were 
compressed into a smaller radius, this escape velocity 
would be larger, because the gravitational energy to be 
overcome by the kinetic energy of the bullet would be 
larger. 
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In 1916, Karl Schwarzschild used Einstein’s 
gravitational field equations to show that if a body of 
mass m is compressed to a radius 


2Gm 
r= 7? qd) 





c 
where G is the gravitational constant, then an object 
traveling at the speed of light c will be unable to escape 
the influence of gravity (Schwarzschild, 1916). For a 
body having the mass of the Earth, this “Schwarzschild 
radius” is about 1 cm, and for the Sun, it is about 3 km. 
Interestingly, Schwarzschild’s idea was first suggested 
in the 18th century (Mitchell, 1783; Laplace, 1796). 

The term “black hole” was coined by John Archibald 
Wheeler in 1967 to denote a cosmic object with its mass 
concentrated within the Schwarzschild radius. Neither 
particles nor light can overcome gravitational attraction 
and travel outside the sphere of radius rs. Interestingly, 
Stephen Hawking (1974) has shown that—due to 
quantum fluctuations—a black hole should radiate as 
a black body with the temperature 
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where k and h are, respectively, the Boltzmann and 
Planck constants. Indirect evidence for black holes 
is provided by the fact that there do not exist stable 
cold stars with masses larger than about three Sun 
masses. Under its own gravitational field, according 
to theory, such a star should collapse into a black 
hole. In 1931, Subrahmanyan Chandrasekhar was the 
first to conclude that above some critical mass of 
white dwarfs, the equation of state (of a quantum 
relativistic gas of degenerate Fermi particles) is too 
weak to counter the gravitational forces, leading to 
the formation of black holes. Both Lev Landau (1932) 
and Arthur Eddington (1924) rejected this implication 
of relativistic quantum mechanics rather than accept 
the possibility of black holes. Albert Einstein also 
concluded that Schwarzschild singularities do not exist 
in the real world (Einstein, 1939). 

In 1939, however, J. Robert Oppenheimer and his 
colleagues used general relativity (rather than New- 
tonian gravity) to show that when all thermonuclear 
sources of energy are exhausted (with no further out- 
ward pressure due to radiation), a sufficiently heavy 
star will continue to contract indefinitely, never reach- 
ing equilibrium (Oppenheimer & Volkoff, 1939; Op- 
penheimer & Snyder, 1939). Oppenheimer et al. further 
noted that if one considers stellar collapse from the in- 
side, a stationary observer sees the stellar surface mov- 
ing inward to the Schwarzschild sphere and finally sees 
the surface freeze as it nears the Schwarzschild sphere. 
Moreover, they showed that observers who move in- 
ward with the collapsing matter do not observe such 
freezing; these observers could cross the critical sur- 
face (“event horizon’’) after a finite time on their own 


BLACK HOLES 


clocks, after which they have no possibility of sending 
a signal that could be detected by an observer located 
outside the collapsing matter. 

Recently, the scientific history of black holes has 
been characterized by a rapid growth of observational, 
theoretical, and mathematical studies, in which the 
discovery of such compact objects becomes the main 
purpose (Thorne et al., 1986). Currently, the most 
important classes are black holes of stellar masses 
(about 3-10 solar masses) and super-massive black 
holes. The most convincing candidates for stellar black 
holes are binary X-ray sources, one component of 
which is an ordinary star and the other component is 
a black hole or neutron star (Novikov & Zeldovich, 
1966). Estimates of the masses of compact objects in 
these systems are essentially greater than three solar 
masses, and one example of such a system is Cygnus 
X-1 (V 1357 Cyg). The present number of systems 
mentioned as possible candidates for black holes with 
stellar masses is about 20, all of which are X-ray 
sources in binary systems (Novikov & Frolov, 2001). 
In the case of super-massive black holes and nuclei 
of Seyfert galaxies, interpretations of the observable 
effects using the black hole theory seem the most 
simple and natural; for example, Galaxy M 31 is a black 
hole candidate having a mass of about 3 x 107 the Sun’s 
mass (Novikov & Frolov, 2001). 

Presently, the concept of black holes continues to be 
confirmed by direct observations and is used to explain 
observable astronomical effects related to exceptionally 
strong emission of energy. Thus, it is expected that in 
the future new astronomical objects will be detected 
near black holes, and new physical phenomena will be 
discovered that can be interpreted using the black hole 
concept. Along these lines, it is interesting to note recent 
work in which concepts from thermodynamics and 
information theory (such as temperature and entropy) 
are connected with black holes based on Hawking’s 
ideas (Markov, 1965; Hawking, 1977). Also of interest 
are “artificial black holes,” which do not compress a 
large amount of mass into a small volume, but reduce 
the speed of light in a moving medium to less than the 
speed of the medium, thereby creating an event horizon 
(Leonhardt, 2001). 
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BLOCH DOMAIN WALL 


See Domain walls 


BLOCH FUNCTIONS 


See Periodic spectral theroy 


BLOWOUT BIFURCATION 


See Intermittency 


BLOW-UP (COLLAPSE) 


See Development of singularities 


BOHR-SOMMERFELD QUANTIZATION 


See Quantum theory 


BOOMERONS 
See Solitons, types of 


BORN-INFELD EQUATIONS 

Classical linear vacuum electrodynamics with point 
massive charged particles has two limiting properties: 
the electromagnetic energy of a point particle field 
is infinity, and a Lorentz force must be postulated 
to describe interactions between point particles 
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and an electromagnetic field. Nonlinear vacuum 
electrodynamics can be free of these imperfe- 
ctions. 

Gustav Mie (1912-1913) considered a nonlinear 
electrodynamics model in the framework of his 
“Fundamental unified theory of matter.” In this 
theory the electron is represented by a nonsingular 
solution with a finite electromagnetic energy, but 
Mie’s field equations are noninvariant under the gauge 
transformation for an electromagnetic four-potential 
(addition of the four-gradient of an arbitrary scalar 
function). 

Max Born (1934) considered a nonlinear electro- 
dynamics model that is invariant under the gauge 
transformation. A stationary electron in this model is 
represented by an electrostatic field configuration that is 
everywhere finite, in contrast to the case of linear elec- 
trodynamics when the electron’s field is infinite at the 
singular point (see Figure 1). The central point in Born’s 
electron is also singular because there is a discontinuity 
of electrical field at this point (hedgehog singularity). 
The full electromagnetic energy of this electron’s field 
configuration is finite. 

Born and Leopold Infeld (1934) then considered a 
more general nonlinear electrodynamics model, which 
has the same solution associated with the electron. 
Called Born-Infeld electrodynamics, this model is 
based on the Born—-Infeld equations, which have the 
form of Maxwell’s equations, including electrical and 
magnetic field strengths E, H, and inductions D, 
B with nonlinear constitutive relations D= D(E, B), 
H =H(E, B) of a special kind. For inertial reference 
frames and in the region outside of field singularities, 
these equations are 


div B = 0, 
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—-—-+culE =0, 
c ot 
div D = 0, 
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Relations (2) can be resolved for E and H: 
E=—(D-x?PxB), 
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Figure 1. Radial components of electrical field for Born’s 
electron and purely Coulomb field (dashed). 








where H=/1 + x? (D?+B?) 4 x4 P?, P=D x B. 
Using relations (4) for Eq. (1), the fields D and B are 
unknown. 
The symmetrical energy-momentum tensor for 
Born-Infeld equations has the following components: 
1 F ‘peers 
7 — <3) TOS pt. 
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In spherical coordinates, the field of Born’s static 
electron solution may have only radial components 
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where e is the electron’s charge and r=,/|x e|. At 
the point r = 0, the electrical field has the maximum 
absolute value 
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which Born and Infeld called the absolute field constant. 
The energy of field configuration (6) is 
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where the volume integral is calculated over the whole 
space, and 
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In view of the definition for 7 below (6), Equation (8) 
yields 
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Considering m as the mass of electron and using 
(7), Born & Infeld (1934) estimated the absolute 
field constant x~!~3 x 102°V/m. Later, Born & 
Schrédinger (1935) gave a new estimate (two orders of 
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magnitude less) based on some considerations taking 
into account the spin of the electron. (Of course, such 
estimates may be corrected with more detailed models.) 

An electrically charged solution of the Born—Infeld 
equations can be generalized to a solution with the sin- 
gularity having both electrical and magnetic charges 
(Chernitskii, 1999). A corresponding hypothetical par- 
ticle is called a dyon (Schwinger, 1969). Nonzero (ra- 
dial) components of fields for this solution have the 
form 
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where € is the electric charge and @ is the magnetic 
one; 7 = [x? (€? em @)}\". The energy of this solu- 
tion is given by Equation (8) with this definition for 7. It 
should be noted that space components of electromag- 
netic potential for the static dyon solution have a line 
singularity. 

A generalized Lorentz force appears when a small, 
almost constant field D, B is considered in addition to 
the moving dyon solution. The sum of the field D, B 
and the field of the dyon with varying velocity is taken 
as an initial approximation to some exact solution. 
Conservation of total momentum gives the following 
trajectory equation (Chernitskii, 1999): 

Tea € (D + B) 
m— ———— = € vx 
dt /1 — v2 
+6(B-vxD), (12) 


where v is the velocity of the dyon, and m is the energy 
for static dyon defined by (8). 

A solution with two dyon singularities (called a 
bidyon) having equal electric (€ = e/2) and opposite 
magnetic charges can be considered as a model for a 
charged particle with spin (Chernitskii, 1999). Such a 
solution has both angular momentum and magnetic mo- 
ment. 

A plane electromagnetic wave with arbitrary polar- 
ization and form in the direction of propagation (with- 
out coordinate dependence in a perpendicular plane) 
is an exact solution to the Born—Infeld equations. The 
simplest case assumes one nonzero component of the 
vector potential (Ay = (tf, x)), whereupon Equations 
(1) reduce to the linearly polarized plane wave equation 


(1+ x7 8) Git — 1° 2 be br bet 
—(2 =x $7) bux = 0 (13) 
with indices indicating partial derivatives. Sometimes 
called the Born-Infeld equation, Equation (13) has so- 
lutions ¢ = ¢(x! x°) and o= c(x! +x), where C(x) 
is an arbitrary function (Whitham, 1974). Solutions 
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comprising two interacting waves propagating in oppo- 
site directions are obtained via a hodograph transform 
(Whitham, 1974). Brunelli & Ashok (1998) have found 
a Lax representation for solutions of this equation. 

A solution to the Born-Infeld equations, which is 
the sum of two circularly polarized waves propagating 
in different directions, was obtained by Erwin 
Schrodinger (1943). 

Equations (1) with relations (2) have an interesting 
characteristic equation (Chernitskii, 1998) 


yw 8 88 
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gl? = gl” dn x? TH”, (14) 
where ®(x“) =O is an equation of the characteristic 
surface and T“” are defined by (5). This form for g’”, 
including in addition the energy-momentum tensor, is 
special for Born—Infeld equations. 

The Born—Infeld model also appears in the quantized 
string theory (Fradkin & Tseytlin, 1985) and in 
Einstein’s unified field theory with a nonsymmetrical 
metric (Chernikov & Shavokhina, 1986). In general, 
this nonlinear electrodynamics model is connected 
with ideas of space-time geometrization and general 
relativity (see Eddington, 1924; Chernitskii, 2002). 
ALEXANDER A. CHERNITSKII 


Seealso Einstein equations; Hodograph transform; 
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BOSE-EINSTEIN CONDENSATION 

Bose-Einstein condensation (BEC) is the occupation 
of a single quantum state by a large number of identical 
particles, which implies that the particles are bosons, 
satisfying Bose-Einstein statistics and allowing for 
many particles to pile up in the same quantum state. 
This is in contrast to fermions, satisfying Fermi— 
Dirac statistics, for which the Pauli exclusion principle 
forbids the occupation of any single quantum state by 


more than one particle. 
The role of quantum correlations caused by Bose— 


Einstein statistics is crucial for the occurrence of 
BEC. These statistics were advanced by Satyendranath 
Bose (1924) for photons, having zero mass, and gen- 
eralized by Albert Einstein (1924) to particles with 
nonzero masses. Einstein (1925) also described the phe- 
nomenon of condensation in ideal gases. The possibil- 
ity of BEC in weakly nonideal gases was theoretically 
demonstrated by Nikolai Bogolubov (1947). The wave 
function of Bose-condensed particles in dilute gases 
satisfies the Gross—Pitaevskii equation, suggested by 
Gross (1961) and Pitaevskii (1961). Its mathematical 
structure is that of the nonlinear Schrédinger equation. 
Experimental evidence of BEC in weakly interacting 
confined gases was achieved 70 years after Einstein’s 
prediction, almost simultaneously, by three experimen- 
tal groups (Anderson et al., 1995; Bradley et al., 1995; 


Davis et al., 1995). 
To say that many particles are in the same 


quantum state implies that these particles display 
state coherence, a particular example of coherence 
phenomena requiring the particles to be strongly 
correlated with each other. The necessary conditions 
may be qualitatively understood by applying the 
de Broglie duality arguments to an ensemble of atoms 
in thermodynamic equilibrium at temperature T. Then 
the thermal energy of an atom is given by kgT, where 
kg is the Boltzmann constant. This energy defines the 
thermal wavelength 


Ap = V 2ah2/mokgT (1) 


for an atom of mass mo, with fh being the Planck 
constant. Thus, an atom can be associated with a matter 
wave characterized by the wavelength (Ay). Atoms 
become correlated with each other when their related 
waves overlap, which requires that the wavelength 
be larger than the mean interatomic distance, Ay; >a. 
The average atomic density p= N/V for N atoms in 
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volume V is related to the mean distance a through 
the equality pa? = 1. Hence, condition Ay > a may be 
rewritten as paz > 1. With the thermal wavelength (1), 
this yields the inequality 


Qn h2 
ps, (2) 





T< TaGkS 
which implies that state coherence may develop if the 
temperature is sufficiently low or the density of particles 
is sufficiently high. 

An accurate description of BEC for an ideal gas is 
based on the Bose-Einstein distribution 


_ -1 
n(p) = [esr (2) = 1 oe 


describing the density of particles with a single-particle 
energy Ep = p?/2mo for a momentum p and with 
a chemical potential jw. The latter is defined from 
the condition N= >> p2(P) for the total number of 
particles. Assuming the thermodynamic limit 





— — const 
V 


allows the replacement of summation over p by 
integration. Then, the fraction of particles, condensing 
to the state with p = 0 is 


No T\3/2 
=—_—=1-(=> 4 
n= ( Tr. ) (4) 
below the condensation temperature 
Qn h2p2/3 
=~ (5) 
mokpg?/3 


where ¢ © 2.612. Above the critical temperature (5), 
no = 0. The latter is about half of the right-hand side of 
inequality (2). 

The condensate fraction (4) is derived for an ideal 
(noninteracting) Bose gas. A weakly nonideal (weakly 
interacting) Bose gas also displays Bose-Einstein con- 
densation, although particle interactions deplete the 
condensate so that at zero temperature the conden- 
sate fraction is smaller than unity (no < 1). A system is 
called weakly interacting if the characteristic interac- 
tion radius rin is much shorter than the mean interparti- 
cle distance (rint « a). This inequality can be rewritten 
as prs, < 1, and such a system is termed dilute. 

Superfluid liquids, such as liquid +He, are far from 
being dilute, but it is commonly believed that the 
phenomenon of superfluidity is somehow connected 
with BEC. Although an explicit relation between the 
superfluid and condensate fractions is not known, 
theoretical calculations and experimental observations 
for superfluid helium estimate the condensate fraction 
at T=O0 as no © 0.1. 

A strongly correlated pair of fermions can be treated 
approximately as a boson, allowing superfluidity in 
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liquid 3He to be interpreted as the condensation of 
coupled fermions. Similarly, superconductivity is of- 
ten compared with the condensation of the Cooper pairs 
that are formed by correlated electrons or holes. One 
should understand, however, that the superconductivity 
of fermions is analogous to but not identical to BEC of 
bosons. 

An ideal object for the experimental observation of 
BEC is a dilute atomic Bose gas confined in a trap 
and cooled down to temperatures satisfying condition 
(2). Such experiments with different atomic gases 
have been recently realized, BEC has been explicitly 
observed, and a variety of its features have been 
carefully investigated. It has been demonstrated that 
the system of Bose-condensed atoms displays a high 
level of state coherence. 

There exist different types of traps (single- and 
double-well), magnetic, optical, and their combina- 
tions, which make it possible to confine atoms for suf- 
ficiently long times of up to 100s. Using a standing 
wave of laser light, multi-well periodic effective poten- 
tials called optical lattices have been obtained, which 
have allowed the demonstration of a number of interest- 
ing effects, including Bloch oscillations, Landau—Zener 
tunneling, Josephson current, Wannier—Stark ladders, 
Bragg diffraction, and so on. 

Displaying a high level of state coherence, an en- 
semble of Bose-condensed atoms forms a matter wave 
that is analogous to a coherent electromagnetic wave 
from a laser. Therefore, a device emitting a coherent 
beam of Bose atoms is called an atom laser. 

The realization of BEC of dilute trapped gases is 
important for several reasons. First, this demonstrated 
the phenomenon predicted by Einstein in the 1920s. 
Note that a direct observation of BEC in superfluid 
helium—despite enormous experimental efforts—has 
never been achieved. Second, dilute atomic gases are 
simple statistical systems that can serve as a touchstone 
for testing different theoretical approaches. Finally, 
Bose-condensed trapped gases display a variety of 
interesting properties that promise diverse practical 
applications. 

V.I. YUKALOV 


See also Coherence phenomena; Critical phe- 
nomena; Lasers; Nonequilibrium statistical me- 
chanics; Nonlinear optics; Nonlinear Schrodinger 
equations; Order parameters; Phase transitions; 
Quantum nonlinearity; Quantum theory; Super- 
conductivity; Superfluidity 
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The Navier-Stokes system is the basic mathematical 
model for viscous incompressible flows. It reads 





ju+u:-Vu-—vAu+ Vp=0, 
(NS,) div(w) = 0, qd) 
u=0 on dQ, 


where w is the velocity, p is the pressure, and 
v is the viscosity. We can define a typical length 
scale L and a typical velocity U. The dimensionless 
parameter or Reynolds number, Re = UL/v, is very 
important to compare the properties of different flows. 
Indeed, two flows having the same Re have the same 
properties. When Re is very large (v very small), the 
Navier-Stokes system (NS,) behaves like the Euler 
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system 
jU+U-VU+Vp=0, 


div(U) = 0, (2) 
U.n=0 on 9aaQ. 


(Euler) 


In the region close to the boundary, the length scale 
becomes very small and we cannot neglect viscous 
effects. In 1905, Ludwig Prandtl suggested that there 
exists a thin layer called the boundary layer, where the 
solution u undergoes a sharp transition from a solution 
to the Euler system to the no-slip boundary condition 
u=0 on dQ of the Navier-Stokes system. In other 
words, u=U + upy where upy is small except near 
the boundary. 

To illustrate this, we consider a two-dimen- 
sional (planar) flow w=(u,v) in the half-space 
{(x, y) | y >0} subject to the following initial con- 
dition u(t =0, x, y) = Uuo(x, y), boundary condition 
u(t, x, y=0) =0, and u— (Uo, 0) when y > oo. 

Taking the typical length and velocity of order 
one, the Reynolds number reduces to Re = v—!, Let 
e=Re =. 

Near the boundary, the Euler system is not a 
good approximation. We introduce new independent 
variables and new unknowns 


fay. Boe. SE 
& 


(, G8, 5) = (w=) EH eH. 
€ 
Notice that when ¥ is of order one, y = e¥ is of order 


e. Rewriting the Navier-Stokes system in terms of the 
new variables and unknowns yields 














Since p does not depend on ¥, we deduce that the 
pressure does not vary within the boundary layer and 
can be recovered from the Euler system (2) when y = 0, 
namely py(t,x)= — (U; + UU,)(t, x, y=), since 
V(t, x, y=0)=0. 

Going back to the old variables, we obtain 





Vulyy + px = 0, 


(5) 


u; + Uuy + VUy 
ux + vy =0 


which is the so-called Prandtl system. It should be 
supplemented with the following boundary conditions: 


oe 0) = v(t, x, y = 0) =0, 








(u, v)(t, x, y) > (U(t, x,0),0) as yoo. 
(6) 


es 


Formally, a good approximation of w should be 
U + up, where U is the solution of the Euler system 
(2) and upy + U(t, x, 0) is the solution of the Prandtl 
system (5), (6). 

Replacing the Navier-Stokes system by the Euler 
system in the interior and the Prandtl system near the 
boundary requires a justification. Mathematically, this 
can be formulated as a convergence theorem when v 
goes to 0; namely, w—(U + up_) goes to 0 when 
v goes to 0 in L™ or in some energy space (see 
Masmoudi, 1998 for a special case). In its whole 
generality, this is still a major open problem in fluid 
mechanics. This is due to problems related to the well- 
posedness of the Prandtl system as well as problems 
related to the instability of some solutions to the Prandtl 
system, which may prevent the convergence. 

Let us explain the first problem for the steady Prandtl 
system 
| a =:0; ) 

x y= 


in Q={(x, y)|O<x <X, y>0} subject to the fol- 
lowing extra boundary condition u(x =0, y)=uo(y). 
Here, x should be thought of as a time-like variable. If 
we assume that U, uo > O andu > Oif y > 0, we can 
introduce the von Mises transformation 


and w= uw, 


(x.y) > @,W) 
where Wy =u, Wy =— v and p(x, 0) =0. In (x, py), 
the steady Prandtl system reads 


Wy = vJwwyy = 2px, 


which is a degenerate parabolic equation, with the 
boundary conditions 


w(x,0)=0, w(0,¥) = wily), 
wx, vy) > U?(x) as W > 00, 


where w fp u,(s)ds) = ui(y). Using this new equa- 
tion, one can prove existence for the steady Prandtl sys- 
tem (see Oleinik and Samokhin, 1999). In the case of 
favorable pressure gradient, namely p, <0, the solu- 
tion is global (X =+ 00). If py > 0, then a separation 
of the boundary layer may occur. xo is said to be a 
point of separation if uy (xo, 0) =O and wy (x, 0) > 0 for 
0 <x <x. Qualitatively, the separation of the bound- 
ary layer is caused by a downward flow that drives the 
boundary layer away from the boundary. In that case, 
the assumption that the tangential velocity is large com- 
pared with the normal one is not valid, and the deriva- 
tion of the Prandtl system is not justified. 

A second obstacle to the convergence can come from 
the instability of the solution to the Prandtl system 
itself, if we consider a two-dimensional shear flow 
us = (u(y), 0), which is a steady solution of the Euler 
system. It is well known that the linear stability of such 
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a flow is linked to the presence of inflection points in 
the profile uw’. A necessary condition of instability is 
that the profile has an inflection point. The solution to 
the Prandtl system with initial data uw’ and U = 0 is just 
the solution of a heat equation u; = vuryy. If the profile 
u’ is linearly unstable for the Euler system, then u is 
not a good approximation of the Navier-Stokes system 
when v goes to 0 (see Grenier, 2000). 

The boundary layer theory is a very powerful tool in 
asymptotic analysis and is present in many different 
fields of partial differential equations, including the 
magnetohydrodynamic flow boundary layer. In fluid 
mechanics and atmospheric dynamics, we can also 
mention the Ekman layer, which is due to the balance 
between the viscosity and the rapid rotation of a 
fluid (Coriolis forces). In kinetic theory, systems of 
conservation laws, passage to the limit from a parabolic 
to a hyperbolic system, different types of boundary 
layers arise. 

NADER MasMoupI 


See also Fluid dynamics; Navier-Stokes equation 


Further Reading 


Grenier, E. 2000. On the nonlinear instability of Euler and 
Prandtl equations. Communications on Pure and Applied 
Mathematics, (53): 1067-1091 

Grenier, E. & Masmoudi, N. 1997. Ekman layers of rotating 
fluids, the case of well prepared initial data. Communications 
in Partial Differential Equations, 22: 953-975 

Masmoudi, N. 1998. The Euler limit of the Navier-Stokes 
equations, and rotating fluids with boundary. Archive Rational 
Mechanics and Analysis, 142(4): 375-394 

Oleinik, O.A. & V.N. Samokhin. 1999. Mathematical Models in 
Boundary Layer Theory, Boca Raton, FL: Chapman & Hall 

Prandtl, L. 1905. Mathematiker-Kongresses. Boundary Layer, 
Heidelberg: Verhandlung Internationalen, pp. 484-494 

Weinan, W.E. 2000. Boundary layer theory and the zero-viscosity 
limit of the Navier-Stokes system. Acta Mathematica Sinica, 
16(2): 207-218 


BOUNDARY VALUE PROBLEMS 

For a given ordinary or partial differential equation, 
a boundary value problem (BVP) requires finding a 
solution of the equation valid in a bounded domain and 
satisfying a set of given conditions on the boundary 
of a domain. To define a boundary value problem, 
therefore, one needs to give an equation, a domain, and 
an appropriate number of functions supported on the 
boundary of the given domain, defining the boundary 
conditions. For example, 


ga +4x +4xxx =0, the PDE, 


x €[0,c), te[0,7], the domain, 
q(x,0) = fo(x), g(0,t) = go(t), the boundary 
conditions. 


Finding a solution of a given BVP is more difficult 
than finding a function that satisfies the PDE, because of 
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the constraint imposed on the solution at the boundary 
of the domain. Indeed, for nonlinear equations, there 
exists no general method to find the solution of a given 
BVP. The question of the solvability of such a problem 
must also be addressed, and in general, it does not have 
an easy answer (in the above example, if we prescribe 
two rather than just one condition at the boundary x = 0, 
there exists, in general, no solution). The existence 
and uniqueness of the solution of a given BVP can be 
guaranteed only when a specific, well-defined number 
of boundary conditions are prescribed, and this number 
depends on the highest-order derivatives appearing in 
the equation with respect to each variable (Coddington 
& Levinson, 1955). 

For linear ordinary differential equations (ODEs), 
there is a general methodology for solving a BVP, 
based on defining the particular solution of a related 
problem. This particular solution is called the Green 
function associated with the BVP, and it depends on 
the boundary conditions. The Green function is used 
to define an integral operator, and if this operator 
is sufficiently regular, one can use it to express the 
solution of the original problem (Stackgold, 1979). This 
approach is powerful and fairly general, but it is not 
always successful, and it cannot be used for nonlinear 
equations. 

No general methods are available to construct 
solutions for nonlinear ODEs or even to assert their 
existence. Most techniques rely on perturbing in some 
way the solution of an associated linearized problem 
or an integrable nonlinear problem. If one hopes to 
extract information about the nonlinear problem by 
studying a corresponding linearized one, the correct 
way to linearize must also be evaluated. Examples 
of such techniques are branching theory, eigenvalue 
perturbation, and boundary conditions or domain 
perturbation. 

For linear PDEs in two variables, the classical 
approach for solving a BVP (going back to Jean 
D’Alembert’s work in the 1740s) is separation of 
variables. The aim of this technique is to reduce 
the problem to two distinct linear problems for two 
ODEs. However, the separability of the problem 
depends on the specific domain and boundary 
conditions. For example, depending on the specific 
boundary conditions prescribed, the ODE one obtains 
may lead, via the associated Green function, to a 
non-self-adjoint transform problem, for which few 
general results are available. 

An important theoretical result for the solvability of 
BVP for linear PDEs is the fundamental principle of 
Ehrenpreis (1970), which states that there always exists 
an appropriate generalization of the Fourier transform 
capable of representing the general solution of a BVP 
for a linear PDE in the variables (x1, x2), posed in a 
smooth convex domain. This result assumes the well- 
posedness of the problem. It then ensures that there 
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exists a measure p(k) and a contour I’ in the complex 
plane such that the solution of the problem can be 
expressed as an integral in the form 


i. ef! Waxi+ 222d p(k), 
T 


where k is a complex parameter. The functions fj (k) 
and f2(k) are given explicitly. For example, in the case 
of an evolution equation u;= Lu, where u=u(x, ft) 
and L is a linear differential operator, the representation 
takes the form 


i= [ cit io Wt gn (ky, () 
r 


where w(k) is the dispersion relation of the equation. 
In representation (1), the dependence on the solution 
variables (x, t) is explicit; the integration variable k is 
called the spectral parameter, and such a representation 
is said to be spectrally decomposed. However, this 
result is, in general, not constructive, as p(k) and T° 
are not known. In some cases, it is possible, to obtain 
this representation via separation of variables, but this is 
not always the case. Consider, for example, the second- 
order BVP 


ig: + dxx = 0,0<x <0, 0<t<~@, 
q(x, 0) = gol), q0,1) = f@), (2) 


where g = q(x, f) and it is assumed that all functions 
are infinitely differentiable and vanish as x > oo. By 
separating variables, one obtains an ODE in x, which 
can be solved using the sine transform. Assuming 
that a unique solution exists, this procedure yields the 
representation 


2 ie : =i? t 
ad) = = sin(kx)e 
a Jo 
t 2 
x (dow +ik | oe oyas) dk, 
0 


where ay 
do(k) = [ sin(kx)qo(x)dx. 


This representation is not in form (1) as the variable t 
also appears as a limit of integration. This fact not only 
makes this representation less convenient for extracting 
information about the t dependence of the solution 
but also makes the rigorous proof of existence and 
uniqueness of a solution more cumbersome, as the 
relevant integral is not uniformly convergent as x > 0. 

For nonlinear PDEs, no general method is available 
(Logan, 1994). Perturbation techniques can be of 
some use in the study of evolutionary PDEs of the 
form u;+ P(u)=0, where u=u(t,x) and Pu is a 
nonlinear ODE containing the x-derivatives. Solutions 
of this problem such that u; = 0 are called steady-state 
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solutions: these are the solutions that are independent 
of time. In this context, one studies the linearized 
stability of the steady state by using the same 
perturbative techniques discussed for ODEs, as this 
yields information about the qualitative behavior in 
time of the solution of the nonlinear problem. The 
results available in this area are, in general, of limited 
applicability and practical use for finding explicit 
solutions. 

The special class of nonlinear PDEs known 
as integrable deserves separate consideration. For 
these equations, there exists a particular linearizing 
technique, the inverse scattering transform, which 
yields the solution of the Cauchy problem. Some of 
these equations, such as the Korteweg-de Vries and 
sine-Gordon equations, have been considered on simple 
domains, and specific BVPs have been solved by ad 
hoc PDE techniques. The first such result was obtained 
already 40 years ago (Cattabriga, 1959), but recently 
this field has witnessed a new surge of interest. To 
obtain such results, the nonlinear problem is often 
considered as a linear problem, with the nonlinear 
term considered as a nonhomogeneous (or forcing) 
term; thus, the analysis is based on the analysis of the 
linearized equations by classical PDE techniques (Bona 
et al., 2001). A different approach involves the attempt 
to extend the inverse scattering linearizing technique 
to BVPs, as done, for example, in Leon (2002) for the 
sine-Gordon equation. 

Recently, a general approach to solving BVPs for 
two-dimensional linear PDEs has been proposed and 
successfully used to solve many different types of such 
problems (Fokas, 2000). Its relevance is enhanced by 
the fact that this approach can be generalized to treat 
integrable nonlinear PDEs. This methodology yields a 
spectral transform associated directly to the PDE rather 
than to transforms associated to the two ODEs obtained 
by separating variables. For Example (2), this yields, for 
the solution, the representation 


1 oO. ip Qa a 
gt.) = 5 i ell-ik tao eydk 
0 
1 ikx—ik?t » 
Toe ae q(k)dk, 


where IT is the boundary of the first quadrant of the 
complex k-plane, and 


qk) = Go) + go“) sme = «| et ¢ayde. 
0 


This representation is in Ehrenpreis form, and in 
addition, measure and contour are explicitly con- 
structed. 

The above-mentioned approach provides a unifica- 
tion of the integral representation of the solution of 
a linear PDE in terms of the Ehrenpreis fundamental 
principle with the inverse scattering transform for inte- 
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grable nonlinear PDEs. Indeed, when the problem re- 
duces to an initial value problem for decaying solutions 
(i.e., the domain for the spatial variable is the whole real 
line, and the solution is assumed to vanish at + oo), the 
transform obtained is precisely the inverse scattering 
transform. 





The essential ingredients of this approach are the 
reformulation of the PDE as the closure condition 
of a certain differential form, and the definition in 
the complex plane of a Riemann—Hilbert problem 
depending on both the PDE and the domain. The 
differential form can be found algorithmically for linear 
PDEs and is equivalent to the Lax pair formulation for 
integrable nonlinear PDEs (Lax, 1968). The solution 
of this Riemann-Hilbert problem (which can be found 
in closed form in many cases) takes the role of 
the classical Green formula, and yields an integral 
representation for the solution, which is independent 
of the particular boundary conditions and indeed 
contains all the boundary values of the solution. What 
this approach crucially provides (when the definition 
domain is connected) is a global relation among these 
boundary values, which is the tool necessary to express 
the solution only in terms of the given boundary 
conditions and to prove rigorously problems with 
well-posedness, as well as existence and uniqueness 
results. 
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BOUSSINESQ EQUATIONS 


See Water waves 


BOX COUNTING 


See Dimensions 


BRAIN WAVES 


See Electroencephalogram at large scales 


BRANCHING LAWS 


In this entry, we briefly trace the history of a familiar 
phenomenon, branching, in physical and biological 
systems and the laws governing them. The simplest type 
of branching tree is one in which a single conduit enters 
a vertex and two conduits emerge. This dichotomous 
process is clearly seen in the patterns of biological 
systems, such as botanical trees, neuronal dendrites, 
lungs, and arteries, as well as in the patterns of physical 
systems, such as lightning, river networks, and fluvial 
landscapes. The quantification of branching through the 
construction of the mathematical laws that govern them 
can be traced back to Leonardo da Vinci (1452-1519). 
In his Notebooks, he writes (Richter, 1970): 


All the branches of a tree at every stage of its height 
when put together are equal in thickness to the trunk 
[below them]. All the branches of a water [course] at 
every stage of its course, if they are of equal rapidity, 
are equal to the body of the main stream. 


He also admonished his readers with: “Let no man 
who is not a Mathematician read the elements of my 
work.” This statement increases in significance when 
we consider that da Vinci wrote nearly two centuries 
before Galileo (Galilei, 1638), who is generally 
given the credit for establishing the importance of 
mathematics in modern science. 

The first sentence in the da Vinci quote is further clar- 
ified in subsequent paragraphs of the Notebooks. With 
the aid of da Vinci’s sketch reproduced in Figure 1, this 
sentence has been interpreted as follows: if a tree has 
a trunk of diameter dp that bifurcates into two limbs of 
diameters d; and d», the three diameters are related by 


dé = dt + d$ () 


Simple geometrical scaling yields the diameter expo- 
nent aw = 2, which corresponds to rigid pipes carrying 
fluid from one level of the tree to the next, while retain- 
ing a fixed cross-sectional area through successive gen- 
erations of bifurcation. Although the pipe model has a 
number of proponents from hydrology, the diameter ex- 
ponent for botanical trees was determined empirically 
by Cecil D. Murray in 1927 to be insensitive to the kind 
of botanical tree and to have a value 2.59 rather than 2 
(Murray, 1927). Equation (1) is referred to as Murray’s 
law in the physiology literature. 
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Figure 1. Sketch of tree from Leonardo da Vinci’s Notebooks, 
PL XXVII (Richter, 1970). 


The significance of Murray’s law was not lost on 
D’Arcy Thompson (1942). In the second edition of 
his classic On Growth and Form, first published in 
1917, Thompson argues that the geometrical properties 
of biological systems can often be the limiting factor 
in the development and final function of an organism. 
This is stated in his principle of similitude, which is a 
generalization of certain observations made by Galileo 
regarding the trade-off between the weight and strength 
of bone (Galilei, 1638). Thompson goes on to argue 
that the design principle for biological systems is that 
of energy minimization. 

The second sentence in the da Vinci quotation is 
as suggestive as the first. In modern language, we 
would interpret it to mean that the flow of a river 
remains constant as tributaries emerge along the river’s 
course. This equality must be true in order for the water 
to continue flowing in one direction and not stop and 
reverse course at the mouth of a tributary. Using the 
pipe model introduced above, and minimizing the 
energy with respect to the pipe radius, yields a =3, 
in Equation (1). Thus, the value of the diameter 
exponent obtained empirically by Murray falls between 
the theoretical limits of geometric self-similarity and 
hydrodynamic conservation, 2 < a < 3. 

In da Vinci’s tree, it is easy to assign a generation 
number to each of the limbs, but the counting procedure 
can become complicated in more complex systems like 
the generations of the bronchial tubes in the mammalian 
lung. One form taken by the branching laws is that the 
ratio of the radii of the tubes (from one generation to 
the next) is constant, that is, by the scaling relation 

ae =R. (2) 
rjtl 
Equation (2) is analogous to Horton’s law for river 
trees and fluvial landscapes, which involves the ratio 
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of the number of branches in successive generations of 
branches, rather than radii (Mandelbrot, 1977). In either 
case, the parameter R determines the branching law and 
Equation (2) implies a geometrical self-similarity in the 
tree, as anticipated by Thompson. In the branching of 
bronchial airways, dj =d2 at each stage of the tree, 
so that from Equation (1) we deduce the relationship 
between the radii of the pipes between successive 
generations as 

vj = ri, (3) 


In the case of the lung, the diameter of an airway 
is reduced by a factor 2~!/3 at each generation, 
since a =3 for the bronchial tree. Therefore, after j 
generations, r; = ro exp (—j/2), where the exponential 
rate of reduction, A= In (2)/3, is the same for each 
generation beyond the trachea ro, as argued by Weibel 
(2000). 

A less space-filling value of the scaling index is 
obtained for the arterial system, where it is empi- 
rically determined that «=2.7. For a general non- 
integer branching index, the scaling relation Equation 
(3) defines a fractal tree. Such trees have no 
characteristic scale length and were first organized and 
discussed as a class by Benoit Mandelbrot (1977)— 
the father of fractals. The classical approach relied 
on the assumption that biological processes, like their 
physical counterparts, are continuous, homogeneous, 
and regular. However, most biological systems and 
many physical ones are discontinuous, inhomo- 
geneous, and irregular and are necessarily that way 
in order to perform a particular function, such as gas 
exchange in lungs and arteries. 

An entirely different kind of fractal tree is that of 
neuronal dendrites. The branching trees of neurons 
interleave the brain and form the communication 
system within the body. In the neurophysiology 
literature, Equation (1) is known as Rall’s law with 
a = 1.5 (Rall, 1959). More recent measurements of the 
scaling index, at each generation of dendritic branching, 
show a change with generation number; that is, the 
single parameter R is replaced with R;. This non- 
constant scaling coefficient implies that Thompson’s 
principle of similitude is violated. 

A fractal model of the bronchial tree assumes that the 
ratio of successive generations of radii is dependent on 
the generation number, giving rise to a renormalization 
group relation, with the solution given by 


ya j>0. (4) 


Here, the average radius is an inverse power law in the 
generation number j, modulated by a slowly oscillating 
function a(j) as observed in the human, dog, rat, and 
hamster data shown in Figure 2 (West & Deering, 
1994). In this way, the fractal concept is used as a 
design principle in biology (Weibel, 2000; West, 1999; 
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Figure 2. The variation in diameter d of the bronchial airways is 
depicted as a function of generation number j for rats, hamsters, 
humans, and dogs. The modulated inverse power law from the 
fractal model of the bronchial airway is observed in each case 
(West & Deering, 1994). 


Mandelbrot, 1977) and in the development of branching 
laws. 
Bruce J. WEsT 


See also Fibonacci series; Geomorphology and 
tectonics; Martingales; Multiplex neuron 
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BREATHERS 


The term breather (also called a “bion’”’) arose from 
studies of the sine-Gordon (SG) equation 


Uy — Uxx + sinu = 0, (1) 


which has localized solutions that oscillate periodically 
with time and decay exponentially in space. Such a 


BREATHERS 


solution of Equation (1) is given by 


Asin wt 
u(x,t) = 4tan7! aa as ey eee 
@cosh Ax 





(2) 


which is shown in Figure 1. 

Although the breather of Equation (2) is a non- 
topological soliton of Equation (1), it can be considered 
as a bound state of two topological solitons of the SG 
equation (kink and antikink), one of which is shown 
in Figure 2(a). The kink and antikink oscillate with 
respect to each other with the period T = 27/w. Thus, 
such a soliton is also called a “doublet.” A sketch 
of the bion at small frequencies (w <1) and large 
enough f is presented in Figure 2(b). At some initial 
time, the kink and antikink move outward in opposite 
directions and separate in space with increasing time 
up to some finite distance (at t = 7/4). The kink and 
antikink components of the breather never become fully 
free of distortions in their shapes due to interactions 
between each other, and finally oscillate in a kind of 
bound state. 

At l1—-o” «1, Equation (2) reduces to a small- 
amplitude breather u(x, t) =4 Re w(x, t), where 


. Aexp(—iot) 


W@,t)=—i (3) 


cosh Ax 


and A= /2(1 — w). Equation (3) is a soliton solution 
of the nonlinear Schrédinger (NLS) equation 


v + lw? =0, (4) 





: 1 
ivt t 7 Vax 


which is regarded as a breather and can be written 
as (x, t)=¢(x) exp(iat). In this form, the spatial 
dependence of the soliton amplitude and the time 
dependence of the phase (of the complex function yy) 
are separated. As a result, the nonlinearity appears only 
in the amplitude, but not in the phase of the NLS 
soliton. Although such a separation of the spatial and 
time dependencies in a soliton expression does not take 
place in the general form of the SG breather, the limiting 
case of the SG breather coincides with the amplitude 
of the NLS soliton. 

At present, it is not known whether other nonlinear 
Klein—Gordon equations similar to Equation (1), but 
differing from it only by the nonlinear term, possess 
exact breather solutions (Segur & Kruskal, 1987). 
However, if certain nonlinear terms in a Klein—Gordon- 
type equation differ only slightly from sin u (slightly 
perturbed SG equation), a breather-like solution may 
persist in the first order with respect to the perturbation 
(Birnir et al., 1994). 

The breather of the SG equation can move 
along the space coordinate axis with a stationary 
velocity V. As Equation (1) is a relativistic invariant 
equation (invariant under a Lorentz transformation 
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u(x, t) 














Figure 1. u(x, 1) from Equation (2) versus x for 26 different 
times equally spaced and covering one period, with A = 0.5. 
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Figure 2. (a) A sketch of the sine-Gordon kink. (b) Three 
profiles of the kink-antikink oscillations. 


of the independent variables), one can obtain a 
moving breather from Equation (2) substituting x > 
(x —Vt)/(— V2)!? andt > (t— Vx)/(— V2)!/2. 
Consequently, the moving breathers form a two- 
parametric (w and V) family of solutions of the SG 
equation. 

Possible values of the breather parameters w and 
V can be compared with the dispersion relation 
(w? = 1 + k?) for small vibrations (phonons) described 
by the linearized version of Equation (1). These 
phonons have frequencies w > 1 and phase velocities 
w/k>1.A breather frequency, on the other hand, is 
smaller than the minimum frequency of the phonons 
(@ <1), and the breather velocity is smaller than the 
minimum phonon phase velocity (V < 1). Therefore, 
the dynamical breather parameters lie outside of the 
spectrum of the linear vibrations. Although the time 
dependence of the breather includes the higher temporal 
harmonics of the oscillations, the phonons cannot be 
resonantly excited by the breather. Thus, breathers and 
phonons are asymptotically independent vibrational 
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modes of the system described by the SG equation. 
This asymptotic independence of nonlinear excitations 
(breathers and kinks) and phonons follows from the 
integrability of Equation (1). 

An important way to study nonlinear integrable 
equations is the inverse scattering method. According 
to this method, breathers are characterized by poles in 
the complex phase plane of scattering parameters for 
the equation under consideration. 

It is known that several nonlinear differential 
equations possess breather solutions. The Landau— 
Lifshitz (LL) equation provides an example of a 
nonlinear equation generalizing the results that are 
described by the SG and NLS equations. The breather- 
like solution of the LL equation has a more complicated 
form than the one presented above; however, it is 
also a two-parameter soliton called a dynamic mag- 
netic soliton (Kosevich et al., 1977). Its oscillatory be- 
havior is characterized by a frequency a, and its center 
can move with a velocity V. In the general case, the 
magnetic soliton can be described by some complex 
function of x and ¢, but the time and spatial depen- 
dencies are not separated in the analytical expression 
for such a soliton. 

An important class of breathers the so-called discrete 
breathers (also known as intrinsic localized modes, self- 
localized anharmonic modes, or nonlinear localized 
excitations). These are solutions of a nonlinear equation 
on a lattice, and they are periodic in time and 
localized in space. Although most such investigations 
are performed by numerical calculations, there exist 
nonlinear dynamic equations on a lattice possessing 
exact analytical breather solutions. One of them is 
the following discrete version of the NLS equation 
proposed by Ablowitz and Ladik (AL) in 1976 
(Ablowitz & Ladik, 1976): 


18: — Wns + nD + lal?) =0. 5) 


The AL lattice is integrable and it allows for breather- 
like solutions, the simplest of which has a form close 
to that of Equation (2): 





sinh 6 exp(—iwt) 
cosh B(n — xo) ” 


y= (6) 
where n is the integer number of a lattice site, 
Xo = constant, and @ = — 2 cosh p. 

ARNOLD KoSEVICH 


See also Discrete breathers; Discrete nonlinear 
Schrédinger equations; Integrability; Inverse scat- 
tering method or transform; Sine-Gordon equation; 
Solitons 
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BROUWER’S FIXED POINT THEOREM 


See Winding numbers 


BROWNIAN MOTION 


In 1828, Robert Brown, a leading botanist, observed 
that a wide variety of particles suspended in liquid 
exhibit an intrinsic, irregular motion when viewed 
under a microscope. While not the first to witness 
such motion, his experimental focus on this phe- 
nomenon, which would bear his name, established 
its universality and intrinsic nature, thereby rais- 
ing it as an issue for fundamental scientific inquiry 
(Nelson, 1967). Deutsch has recently raised the 
question of whether Brown actually witnessed 
Brownian motion or fluctuations due to some exter- 
nal contaminating influence (Peterson, 1991). Indeed, 
while Brownian motion is a ubiquitous phenomenon, 
not all irregular motions can be ascribed to Brow- 
nian motion. The dancing of dust particles in sun- 
light is dominated by imperceptible turbulent currents, 
not Brownian motion. True Brownian motion is gen- 
erally only visible on scales of microns and below, 
but has important macroscopic ramifications because 
all microscopic particles manifest it. For example, 
Brownian motion makes possible both the fine-scale 
mixing of initially segregated substances in nature and 
industry, as well as the passive transport of ions, nutri- 
ents, and fuel, which allow biological cells to support 
life. 

The origin of Brownian motion remained under 
debate throughout the 19th century, with Cantoni, 
Delsaux, Gouy, and C. Weiner proposing that thermal 
motions in the suspending liquid were responsible, as 
discussed in Einstein (1956, pp. 86-88), Gallavotti 
(1999, Chapter 8), and Russel et al. (1989, pp. 65— 
66). Attempts to examine this hypothesis quantitatively 
were hampered by the inability to measure accurately 
the velocity of particles undergoing Brownian motion, 
since such motion loses coherence over time scales 
(microseconds) that are shorter than those which 
experimental observations were able to resolve. In 


BROWNIAN MOTION 


one of three ground-breaking papers that Einstein 
published in 1905, he offered a statistical mechanical 
means for theoretical calculations involving Brownian 
motion (Einstein, 1956). Einstein realized that the 
quantity involving Brownian motion that can be best 
observed under a microscope in an experiment is the 
“diffusivity”: 


<2 2 
D= im XO=XOP 


t>00 2t 


qd) 


where X(t) denotes the observed displacement of the 
Brownian particle along a fixed direction at time f¢. 
In practice, ¢ is simply taken as some satisfactorily 
long time of observation, and there is no need for fine 
temporal resolution as there would be if the velocity 
were to be measured. Einstein employed a random 
walk model for his analysis and showed that the 
diffusivity defined in (1) is identical to the diffusion 
constant that describes the macroscopic evolution of 
the concentration density n(x, t) of a large number of 
Brownian particles: 

an(a, t) 3 9?2n(a, t) 
: Dy- ae 


ar ax 
j=l ax; 








(2) 


Through an elegant argument based on equilibrium 
statistical mechanical arguments, Einstein showed that 
the diffusivity D of a Brownian particle must be related 
to its friction coefficient € in the following way: 

pa ist. 

mé 
where kg is Boltzmann’s constant and T is the absolute 
temperature (measured in Kelvin scale), and m is the 
particle’s mass. The friction coefficient € appears in 
the relation between the drag force Farag and velocity v 
of the particle in steady-state motion (assuming a low 
Reynolds number): 


(3) 


Farag = mév. (4) 
For a sphere of radius a moving through a fluid 
with dynamic viscosity jz, the friction coefficient is 
given by = 62 wa/m. The remarkable property of the 
“Einstein relation” in (3) is that it links a quantity D 
pertaining to statistically unpredictable dynamical fluc- 
tuations to a quantity €, which involves deterministic, 
steady-state properties. Later work generalized the Ein- 
stein relation (3) to “fluctuation-dissipation theorems,” 
which express the structure of the spontaneous statisti- 
cal fluctuations in a wide class of physical systems to the 
structure of the dissipative (frictional) dynamics (Kubo 
et al., 1991, Chapter 1). 

The basic theory of Brownian motion was developed 
by Einstein in 1905, a time when the premises 
of the atomic theory of matter were still not yet 
fully agreed upon (Gallavotti, 1999; Nelson, 1967). 
Einstein realized that a careful observation of Brownian 
motion and his relation between the diffusivity of 
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a Brownian particle and its mobility could be used 
to calculate the number of particles making up 
a given mass of fluid if the atomic theory were 
valid. Under a microscope sufficient to resolve the 
Brownian motion of a particle, all quantities in (3) are 
directly observable except for Boltzmann’s constant 
kg. Therefore, the Einstein relation (3) can be used 
to compute a value for kg based on Brownian motion 
data. Now, kg is in turn related to Avogadro’s number 
Na, which is the number of molecules in a “mole” 
(a certain well-defined macroscopic amount) of a 
substance. The Brownian motion data and the Einstein 
relation, therefore, furnish an independent prediction 
for Avogadro’s number Na and, thereby, the number of 
molecules per unit mass of the fluid. In other words, 
the number (and therefore mass) of the individual fluid 
particles could be calculated without having to observe 
them at an individual level, an experimental feat that 
has become possible only in recent years. Instead, 
their individual mass and number could be assessed 
through their collective influence on a much larger 
and, therefore, observable immersed particle. In 1908, 
Jean Perrin experimentally confirmed that the value of 
Na computed in this way agreed with those obtained 
from other techniques (Gallavotti, 1999), providing 
strong support for the atomic theory of matter. Since 
the 1970s, Brownian motion has been investigated 
in the laboratory through dynamic light scattering 
techniques (Russel et al., 1989, Chapter 3). 

The most idealized mathematical representation of 
Brownian motion with diffusivity D is defined as 
(2D)!/2 W(t), where W(t) is a canonical continuous 
random process with Gaussian statistics such that 
W(0) =0, (W(t)) =0, and 


(W(t) — W0r'))?) = [t= 2". (5) 


This mathematical Brownian motion is often referred 
to as the Wiener process (Borodin & Salminen, 
2002; Gallavotti, 1999; Nelson, 1967). This idealized 
Brownian motion has independent increments (no 
inertia). Physical Brownian motion, of course, has some 
small inertia as well as several other complicating 
influences from the fluid environment and from the 
presence of other nearby Brownian particles (Russel 
et al., 1989). These extra features can be built 
into a dynamical description using the mathematical 
Brownian motion as the basic noise input with 
influence mediated by the other physical parameters. 
The mathematical Brownian motion has a similar role 
in modeling noise input in a wide variety of stochastic 
models in physics, biology, finance, and other fields. 
More precisely, the Levy—Khinchine theorem indicates 
that in any system affected by noise in a continuous 
way such that the noise on disjoint time intervals is 
independent can be modeled in terms of mathematical 
Brownian motion (Reichl, 1998, Chapters 4, 5). 
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BROWNIAN MOTION 





























Figure 1. Sample trajectories of fractional Brownian motion using Fourier-wavelet method (Elliott et al., 1997). Top panel: H = a3 


lower panel: H = Z. Both simulations used the same random numbers. 


Discontinuous noise-induced jumps, in contrast, 
are modeled in terms of Poisson processes or more 
generally Lévy processes (Reichl, 1998, Chapters 4, 5). 
Continuous noise with long-range correlations (so that 
the independent increment property is not satisfied), on 
the other hand, can often be usefully modeled in terms 
of “fractional Brownian motion” (FBM) (Mandelbrot, 
2002). This is an idealized Gaussian random process 
Z(t) with Z(0) =0, (Z(t)) =0, and 


(Z(t) — Z))) = |r -— 1/78 (6) 


where the Hurst exponent H is chosen from the 
interval 0 < H <1.The FBM with H = 4 corresponds 
to ordinary Brownian motion with independent 
increments. FBMs with y <H <1 have positive, 
long-ranged correlations with less rough trajectories 
and large excursions, while FBMs with 0< H <5 
have negative, long-ranged correlations with rougher 
trajectories and a more oscillatory character (Figure 1). 
All FBMs have a statistical self-similarity property; 
the statistics of the rescaled FBM A~? Z(At) are 
identical to those of the original Z(t). That is, these 
processes have no finite length or time scale associated 
to them and can be thought of as random fractals. 
Fractional Brownian motions are therefore particularly 
appropriate for modeling systems with fluctuations 
occurring over a wide range of scales; cutoff lengths 


can be introduced by filtering an input FBM. Models 
built from FBMs have been developed in turbulence 
theory, natural landscape and cloud structures, surface 
adsorption processes, neural signals in biology, and 
self-organized critical systems such as earthquakes, 
forest fires, and sandpiles. 

PETER R. KRAMER 


See also Fluctuation-dissipation theorem; Fluid 
dynamics; Fokker—Planck equation; Lévy flights; 
Random walks 
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BRUSSELATOR 


The Brusselator is an autocatalytic model involving two 
intermediates. It illustrates how the fundamental laws 
of thermodynamics and chemical kinetics as applied 
to open systems far from equilibrium can give rise to 
self-organizing behavior and to dissipative structures 
in the form of temporal oscillations and spatial pattern 
formation. 

Chemical kinetics imposes stringent conditions 
on the concentrations of the species involved in a 
reaction scheme and on the associated parameters. In 
a scheme consisting entirely of elementary steps, the 
overall rates are given (in an ideal system) by mass 
action kinetics, featuring particular combinations of 
products of concentrations preceded by stoichiometric 
coefficients (integer numbers specifying how the 
relevant constituents are produced or consumed). This 
guarantees the positivity of the solutions of the mass 
balance equations. A second condition is detailed 
balance, which requires that in chemical equilibrium, 
each individual reaction step is balanced by its inverse 
(See Detailed balance). This gives rise to relations 
linking the concentrations of initial reactants and final 
products to the rate constants, independent of the 
concentrations of the intermediates. 

An additional set of requirements stems from the 
fact that self-organization in chemical kinetics must 
arise through an instability. One reason for this is 
that equilibrium and the states in its vicinity, obtained 
as the constraints are gradually increased (called the 
“thermodynamic branch’), are stable. To overcome 
this property and evolve to states that are qualitatively 
different from equilibrium, new branches of solutions 
must be generated, which can only take place through 
the mechanisms of instability and bifurcation. This, 
in turn, requires that the non-equilibrium constraints 
exceed a critical value (Glansdorff & Prigogine, 1971). 
Because the evolution laws generated by chemical 
kinetics at the macroscopic level of description are 
dissipative, the bifurcating states are attractors, attained 
by families of initial conditions belonging to an 
appropriate part of phase space. This guarantees 
structural stability, that is to say, the robustness of 
the solution toward small perturbations—a condition 
to be fulfilled by a model aiming to describe 
a physical phenomenon. Note that non-equilibrium 
instabilities and self-organization collapse when the 
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system becomes closed to the external environment 
or when the kinetics involves only first-order steps, in 
which case one obtains a monotonic decay to a unique 
steady state (Denbigh et al., 1948). 

Following the pioneering work of Alfred Lotka, sev- 
eral authors in the late 1940s, proposed models of open 
nonlinear systems deriving from mass action kinetics 
and giving rise to sustained oscillations (Lotka, 1956; 
Moore, 1949). These models do not have structural 
stability (as they give rise to a continuum of initial 
condition-dependent solutions), and they do not ex- 
hibit the role of the constraints in a transparent man- 
ner (as they are usually formulated in the limit of ir- 
reversible reactions). When the non-equilibrium con- 
straints are explicitly accounted for, it is found (Lefever 
et al., 1967) that there is no instability threshold in these 
models. As the first known chemical model that is both 
fully compatible with the laws of thermodynamics and 
chemical kinetics and generates dissipative structures 
through non-equilibrium instabilities, the Brusselator 
is free from such deficiencies. 


Model Presentation 


In the interest of transparency, one desires a minimal 
model, and if oscillatory behavior is one of the required 
properties, this necessitates two coupled variables rep- 
resenting the concentrations of intermediate products. 
As in the models of the Lotka family, one seeks steps 
that are not only nonlinear but also include feedback 
processes, the simplest chemical version of which is 
autocatalysis. But contrary to these models, one now 
needs to scan the whole range of near to far from equi- 
librium situations and to undergo an instability some- 
where in this range. As the Lotka-type models con- 
tain only second-order steps, a natural solution is to 
amend them by replacing these steps by a third-order 
one. This leads to the scheme (Prigogine & Lefever, 
1968) 


ky ko 
A=, Bpk Y+D, 
1 


2 


k3 ka 
X+Y 23x, xX SE (1) 
k_3 k_4 


Hanusse, Tyson, and Light have shown that a 
two-variable system compatible with the above 
requirements necessarily comprises a third-order step. 
Here A, B are the initial reactants, D, E the final 
products, and X, Y the intermediates: X can be thought 
of as an activator generating Y at its own expense, 
which acts as an inhibitor if the B concentration is 
large. 

From the standpoint of irreversible thermodynamics, 
the Brusselator can be driven out of equilibrium through 
two independent constraints (affinities) related to the 
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overall reactions 


kyka k3k2 
AS By BS 
kyk4 k_3k_9 


This offers sufficient flexibility to allow one to take 
the limit of purely irreversible steps and of fixed 
reactant and product concentrations (also referred to as 
pool chemical approximation, ensuring that the (X, Y) 
subsystem becomes open to the external environment), 
while satisfying the positivity of concentrations, 
detailed balance, and mass conservation (Lefever 
et al., 1988). When diffusion is also included, and upon 
performing a suitable scaling transformation, this leads 
to the Brusselator equations 





ox 

ap = AW B+ DX X°Y + D,V?X, 

oY 

gy = BX- XY + D,VI¥ (2) 


in which B, D,/Dy, and the system size usually play 
the role of the parameters controlling the instabilities. 

A number of variants of this canonical form have 
also been developed, including Brusselator in an 
open well-stirred reactor, Brusselator in a non-ideal 
system, including coupling between non-equilibrium 
instabilities and phase transitions, and coupling with 
external fields or advection. 


Behavior of the Solutions 


Since the first bifurcation analysis of the Brusselator 
equations (Nicolis & Auchmuty, 1974), several stud- 
ies have been devoted to the various modes of spa- 
tiotemporal organization generated by Equations (2): 
limit cycles, Turing patterns, and traveling waves in 
one-dimensional systems (Nicolis & Prigogine, 1977); 
spatiotemporal chaos arising from the diffusive cou- 
pling of local limit cycle oscillators (Kuramoto, 1984); 
patterns in two- and three-dimensional systems includ- 
ing patterns arising from the interference of different 
instability mechanisms such as Turing, Hopf (De Wit, 
1999); and the effect of confinement (Herschkowitz- 
Kaufman & Nicolis, 1972). Many phenomena now 
known to be generic have first been discovered on these 
Brusselator-based analyses, which have also helped to 
test the limits of traditional theoretical approaches and 
to explore new methodologies such as normal forms 
and phase dynamics. 

The Brusselator has also been used to explore 
possible thermodynamic signatures of dissipative 
structures. No clearcut tendencies seem to exist, 
suggesting that global thermodynamic quantities like 
entropy and entropy production do not provide 
adequate measures of dynamic complexity. Finally, 
attention has been focused on the new insights afforded 
when the mean-field equations (2) are augmented 
to account for fluctuations, a study for which the 
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Brusselator is well suited thanks to its mechanistic 
basis. The interest here is to provide a fundamental 
understanding of how large-scale order can be sustained 
despite the locally prevailing thermal disorder. Early 
accounts of the results, with emphasis on critical 
behavior in the vicinity of bifurcations, can be found 
in Nicolis & Prigogine (1977) and in Walgraef et al. 
(1982). 
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BULLETS 
See Solitons, types of 


BURGERS EQUATION 

In 1915, Harry Bateman considered a nonlinear 
equation whose steady solutions were thought to 
describe certain viscous flows (Bateman, 1915). This 
equation, modeling a diffusive nonlinear wave, is now 


BURGERS EQUATION 
widely known as the Burgers equation, and is given by 


up + uuy = Btls dq) 
where jz is a constant measuring the viscosity of 
the fluid. It is a nonlinear parabolic equation, simply 
describing a temporal evolution where nonlinear 
convection and linear diffusion are combined, and it 
can be derived as a weakly nonlinear approximation to 
the equations of gas dynamics. 

Although nonlinear, Equation (1) is very simple, 
and interest in it was revived in the 1940s, when 
Dutch physicist Jan Burgers proposed it to describe 
a mathematical model of turbulence in gas (Burgers, 
1940). As a model for gas dynamics, it was then studied 
extensively by Burgers (1948), Eberhard Hopf (1950), 
Julian Cole (1951), and others, in particular; after the 
discovery of a coordinate transformation that maps it to 
the heat equation. While as a model for gas turbulence 
the equation was soon rivaled by more complicated 
models, the linearizing transformation just mentioned 
added importance to the equation as a mathematical 
model, which has since been extensively studied. The 
limit pp + 0 is a hyperbolic equation, called the inviscid 
Burgers equation: 


u; + uu, = 0. (2) 


This limiting equation is important because it provides 
a simple example of a conservation law, capturing the 
crucial phenomenon of shock formation. Indeed, it 
was originally introduced as a model to describe the 
formation of shock waves in gas dynamics. 

A first-order partial differential equation for u(x, t) 
is called a conservation law if it can be written in the 
form 


uy + (fW))x =0. 


For Equation (2), f(u)= u?/2. Such conservation 
laws may exhibit the formation of shocks, which 
are discontinuities appearing in the solution after a 
finite time and then propagating in a regular manner. 
When this phenomenon arises, an initially smooth wave 
becomes steeper and steeper as time progresses, until 
it forms a jump discontinuity—the shock. 

Once a discontinuity forms, the solution is no longer 
a globally differentiable function; thus, the sense in 
which it can be considered as a solution of the PDE 
must be clarified. A discontinuous function (u(x, t)) 
can still be considered as a solution in the weak sense 
if it satisfies 


1 
Il (ue + 3) dxdt = 0, (3) 
D 2 


where D is any rectangle in the (x, t) plane, and g(x, ft) 
is any smooth function vanishing on the boundary 0D. 
Any regular solution is a weak solution, as is seen by 
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multiplying the equation by g(x, ft), integrating by parts 
along 0D, and using Green’s theorem. 

In physical applications, one often considers the 
discontinuous solution as the limit, as ;4 > 0, of smooth 
solutions of the viscous Equation (1). This idea is 
correct from a physical point of view, as it takes into 
account the significance of these solutions as a physical 
description of gas dynamics. From the form of the 
equation (or its weak formulation (3)), one can derive 
the velocity vs of a shock separating two regimes, u; to 
the right and 1 to the left of a discontinuity. The result 
is the Rankine—Hugoniot formula, valid in general for 
conservation laws, which for the case of the Burgers 
equation yields 


5 = 5(u; + U1). (4) 


Even this, however, is not enough to guarantee unique- 
ness of the solution, because there are several ways of 
writing the equation in the form of a conservation law. 
Often, the way to select the physically relevant solution 
is to consider the vanishing viscosity limit. To obtain 
this solution mathematically, an additional entropy con- 
dition, that u; > s > u,, must be imposed. 

Besides its significance as a model for shocks, the 
Burgers equation is prominent among PDEs because it 
is completely integrable. Indeed, the nonlinear change 
of variable 


u = —(log f)x (5) 


transforms Equation (1) into the heat equation 
Wr = Wx, with initial conditions transforming sim- 
ply into initial conditions for this latter equation: if 
u(x, 0) = f(x) is the given condition, then the corre- 
sponding initial condition for the heat equation is given 
by 


(x, 0) = exp l-7 [ : ree 
uw Jo 


The relation between the Burgers and the heat equa- 
tion was already mentioned in an earlier book (Forsyth, 
1906), but the former had not been recognized as physi- 
cally relevant; hence, the importance of this connection 
was seemingly not noticed at the time. Using the trans- 
formation of Equation (5), known as the Cole—Hopf 
transformation, it is easy to solve the initial value prob- 
lem for this equation. Recently, a generalization of the 
Cole—Hopf transformation has been successfully used 
to linearize the boundary value problem for the Burgers 
equation posed on the semiline x > 0 (Calogero & De 
Lillo, 1989). 

The existence of this linearizing transformation, 
which is a transformation of Backlund type (Rogers & 
Shadwick, 1982) relating the solutions of two different 
PDEs, stimulated work to extend this approach to a 
generalized version of the Burgers equation, such as 
the Korteweg-de Vries—Burgers equation, given by 


uy tun; = HUyy — Ey, €>0. (6) 
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Although it was found out that such a directly 
linearizing transformation did not exist, efforts in 
this direction were rewarded by several discoveries. 
Indeed, the importance of a linearizing transformation 
became evident when the inverse scattering transform 
(IST) was discovered, leading to the full analytical 
understanding of the solution of the Cauchy problem 
for the Korteweg—de Vries (KdV) equation, and later all 
integrable evolution equations in one spatial dimension, 
such as KdV, the nonlinear Schrodinger, and the sine- 
Gordon equations. 

A crucial step in the discovery of the IST was an 
observation made by Robert Miura. In analogy to gas 
dynamics, he noted that one needs conservation laws 
to compute jump conditions across the region where 
the solution is small and essentially dispersive, isolating 
the solitonic part, which is thought of as a kind of 
reversible shock. This led to the connection between 
the KdV and modified KdV equation via the Miura 
transformation and eventually to the IST through which 
these nonlinear equations are solved through a series of 
linear problems (Gardner et al., 1967). 

Nowadays, the Burgers equation is used as a 
simplified model of a kind of hydrodynamic turbulence 
(Case & Chiu, 1969), called Burgers turbulence. 
Burgers himself wrote a treatise on the equation now 
known by his name (Burgers, 1974), where several 
variants are proposed to describe this particular kind of 
turbulence. Generalizations such as the KdV—Burgers 
equation (6) arose from the need to model more 
complicated physical situations and introduce more 
factors than those that the Burgers equation takes into 
account. Lower-order friction terms may be considered 
that reduce the amplitude of the wave, although in a 
different scale and manner than the reduction due to 
the higher-order diffusion term ux. For example, the 
KdV-Burgers equation is an appropriate model when 
a different higher-order amplitude-reducing effect, 
namely dispersion, is introduced. Depending on the 
relative sizes of x and ¢, this equation may exhibit either 
an essentially shock-like structure, with the presence of 
dispersive tail, or mainly dispersive phenomena; thus, 
Equation (6) has been proposed as a natural model for 
hydrodynamic turbulence. In the context of the study 
of gas dynamics (particularly turbulent and vorticity 
phenomena), the Burgers equation has also been used 
to model phase diffusion along vortex filaments. 
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BUTTERFLY EFFECT 


The Butterfly Effect serves as a metaphor for what in 
technical language is called “sensitive dependence on 
initial conditions” or “deterministic chaos,’ the fact that 
small causes can have large effects. 

As recounted by Gleick (1987, Chapter 1), in the 
early 1960s, Edward Lorenz was carrying out computer 
simulations on a 12-dimensional weather model. One 
day, he decided to run a particular time series for 
longer. In order to save time, he restarted his code from 
data from a previous printout. After returning from a 
coffee break, he found that the weather simulation had 
diverged sharply from that of his earlier run. After some 
checks, he could only conclude that the difference was 
caused by the difference in initial conditions: he had 
typed in only the first three of the six decimal digits that 
the computer worked with internally. Apparently, his 
assumption that the fourth digit would be unimportant 
was false. 

Lorenz realized the importance of his observation: 
“Tf, then, there is any error whatever in observing 
the present state—and in any real system such errors 
seem inevitable—an acceptable prediction of an in- 
stantaneous state in the distant future may well be 
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impossible” (Lorenz, 1963, p. 133). Indeed, the error 
made by discarding the fourth and higher digits is so 
small that it can be imagined to represent the effect of 
the flap of the wings of a butterfly. Lorenz originally 
used the image of a seagull. The more lasting name 
seems to have come from his address at the annual meet- 
ing of the American Association for the Advancement 
of Science in Washington, December 29, 1972, which 
was entitled “Predictability: does the flap of a butter- 
fly’s wings in Brazil set off a tornado in Texas?” The 
text of this talk was never published but is presented in 
its original form as an appendix in Lorenz (1993). 

Sensitive dependence on initial conditions forces us 
to distinguish between determinism and predictability, 
two concepts often confused by scientists and popular 
writers alike. Determinism has to do with how Nature 
(or, less ambitiously, any system under consideration) 
behaves, while predictability has to do with what 
we, human beings, are able to observe, analyze, and 
compute. We have determinism if we have a law or a 
formula describing exactly, and fully, how the system 
behaves given its present state. To have predictability 
we need, in addition, to be able to measure the present 
state of the system with sufficient precision and to 
compute with the given formula (to solve the equations) 
in a sufficiently accurate computational scheme. 

Determinism is most famously expressed by Pierre- 
Simon Laplace (1814, p.2): 


An intelligence that, at a given instant, could compre- 
hend all the forces by which nature is animated and 
the respective situation of the beings that make it up, 
if moreover it were vast enough to submit these data 
to analysis, would encompass in the same formula the 
movements of the greatest bodies of the universe and 
those of the lightest atoms. For such an intelligence 
nothing would be uncertain, and the future, like the 
past, would be open to its eyes. 


Laplace’s dramatic statement is often erroneously 
interpreted as a belief in perfect predictability now 
rendered untenable by the chaos theory. But he was 
describing determinism: given the state of the system 
(the universe) at some time, we have a formula (a set of 
differential equations) that gives, in principle, the state 
of the system at any later time. Nowhere will one find 
a claim about the computability, by us humans, of all 
the consequences of the laws of mechanics. Indeed, 
the quote appears in the introduction of a book on 
probability. Laplace is, in fact, assuming incomplete 
knowledge from the start and uses probabilities to 
make rational inferences. If it were not for quantum 
mechanics, Laplace’s statement would still stand, 
unaffected by deterministic chaos. 

To illustrate the problems with computability, 
consider the simple but important example of the 
(deterministic) Bernoulli shift map defined by 


Ff : (0, 1] > [0,1]: xn41 = 2xn (mod 1). 
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On numbers in binary representation, this map has a 
particularly simple effect: shift the binary point one 
place to the right and discard the first digit. For example, 
if x9 =0.10110 (which corresponds to the decimal 
0.6875), then x; = 0.01100 (decimal 0.375). Now, any 
rational starting number xo is represented by a repeating 
sequence of Os and Is and hence leads to a periodic 
orbit of f, while any irrational xo is represented by a 
nonrepeating sequence of Os and Is and hence leads 
to a nonperiodic orbit. This latter sequence would 
appear as unpredictable as the sequence of heads and 
tails generated by flipping a coin, the quintessentially 
random process. Since there is an irrational number 
arbitrarily close to every rational number and vice 
versa, the map exhibits a sensitive dependence on initial 
conditions. In practice, on a computer, numbers are 
always represented with finite precision; hence, the 
computations become completely meaningless once— 
after a finite number of iterations—all significant digits 
have been removed. In the standard 32-bit (4-byte) 
floating point arithmetic with 23-bit mantissa, this will 
be after roughly 23 iterations. 

The significance of the Bernoulli shift map is that 
dynamical systems theory tells us that its dynamics 
lies at the heart of the so-called “horseshoe dynamics,” 
which in turn is commonly found in (the wide class 
of) systems with homoclinic (i.e., expanding and 
reinjecting) orbits (Wiggins, 1988). It means that in 
many situations, all we can say about a system’s 
dynamics is of a statistical nature. A quantitative 
measure of the sensitivity on initial conditions, and 
therefore a measure of the predictability horizon, is 
provided by the leading Lyapunov exponent. 

The possibility of small causes having large effects 
(in a perfectly deterministic universe) was anticipated 
by many scientists before Lorenz, and even before the 
birth of dynamical systems theory, which is generally 
accepted to have its origins in Poincaré’s work on 
differential equations toward the end of the 19th 
century. Maxwell (1876, p. 20) wrote: “There is a 
maxim which is often quoted, that ‘The same causes 
will always produce the same effects.”” After discussing 
the meaning of this principle, he adds: “There is another 
maxim which must not be confounded with [this], 
which asserts that ‘Like causes produce like effects.’ 
This is only true when small variations in the initial 
circumstances produce only small variations in the final 
state of the system.” He then gives the example of how 
a small displacement of railway points sends a train on 
different courses. 

Others have often used the image of the weather: 


Wiener (1954/55): 


It is quite conceivable that the general outlines of 
the weather give us a good, large picture of its 
course for hours or possibly even for days. However, 
| am profoundly skeptical of the unimportance of the 
unobserved part of the weather for longer periods. 
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To assume that these factors which determine the 
infinitely complicated pattern of the winds and the 
temperature will not in the long run play their share in 
determining major features of weather, is to ignore the 
very real possibility of the self-amplification of small 
details in the weather map. A tornado is a highly local 
phenomenon, and apparent trifles of no great extent 
may determine its exact track. Even a hurricane is 
probably fairly local where it starts, and phenomena 
of no great importance there may change its ultimate 
track by hundreds of miles. 


Poincaré (1908, p. 67): 


Why have meteorologists such difficulty in predicting 
the weather with any certainty? Why is it that showers 
and even storms seem to come by chance, so 
that many people think it quite natural to pray for 
rain or fine weather, though they would consider it 
ridiculous to ask for an eclipse by prayer? We see that 
great disturbances are generally produced in regions 
where the atmosphere is in unstable equilibrium. The 
meteorologists see very well that the equilibrium is 
unstable, that a cyclone will be formed somewhere, 
but exactly where they are not in a position to say; 
a tenth of a degree more or less at any given point, 
and the cyclone will burst here and not there, and 
extend its ravages over districts it would otherwise 
have spared. If they had been aware of this tenth of a 
degree, they could have known it beforehand, but the 
observations were neither sufficiently comprehensive 
nor sufficiently precise, and that is the reason why it 
all seems due to the intervention of chance. 


Even earlier, Franklin (1898, p. 173) had used an 
analogy surprisingly similar to Lorenz’s: 


. an infinitesimal cause may produce a finite effect. 
Long range detailed weather prediction is therefore 
impossible, and the only detailed prediction which 
is possible is the inference of the ultimate trend and 
character of a storm from observations of its early 
stages; and the accuracy of this prediction is subject 
to the condition that the flight of a grasshopper in 
Montana may turn a storm aside from Philadelphia to 
New York! 


Duhem (1954, p. 141) used Hadamard’s theorem 
of 1898 on the complicated geodesic motion on sur- 
faces of negative curvature to “expose fully the ab- 
solutely irremediable physical uselessness of certain 
mathematical deductions." If such incomputable be- 
havior is possible in mechanics, “the least complex 
of physical theories,” Duhem goes on to ask rhetori- 
cally, “Should we not meet that ensnaring conclusion 
in a host of other, more complicated problems, if it 
were possible to analyse the solutions closely enough?” 





BUTTERFLY EFFECT 


Many had contemplated the possibility of sensitive 
dependence on initial conditions, but Lorenz was 
the first to see it actually happening quantitatively in 
the numbers spit out by his Royal McBee computing 
machine, and to be sufficiently intrigued by it to 
study it more closely in the delightfully simple system 
of equations now bearing his name (Lorenz, 1963). 
Indeed, while most scientists, with Duhem, had looked 
to complicated systems for unpredictable behavior, 
Lorenz found it in simple ones and thereby made it 
amenable to analysis. 

GERT VAN DER HELDEN 


See also Chaotic dynamics; Determinism; General 
circulation models of the atmosphere; Horseshoes 
and hyperbolicity in dynamical systems; Lorenz 
equations 
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CALOGERO-MOSER MODEL 


See Particles and antiparticles 


CANDLE 

At about the time that John Scott Russell was 
systematically studying hydrodynamic solitons on a 
Scottish canal, Michael Faraday, the brilliant English 
experimental physicist and physical chemist, organized 
his annual Christmas Lectures on facets of natural 
philosophy for young people. These included a series 
on the candle that began with the claim (Faraday, 1861): 


There is no better, there is no more open door by 
which you can enter into the study of natural philoso- 
phy than by considering the physical phenomena of a 
candle. 


Although this assertion may have startled some of 
his listeners, Faraday went on to support it with a 
sequence of simple yet elegant experiments that clearly 
expose the structure and composition of a candle 
flame, demonstrating a stream of energy-laden vapor 
feeding into the flame and suggesting an analogy with 
the process of respiration in living organisms (Day 
& Catlow, 1994). (An engraving showing Faraday 
presenting one of these lectures can be found on a recent 
British 20-pound note.) 

While the details are intricate (Fife, 1988), the flame 
of a candle can be regarded globally as a dynamic 
process balancing two flows of energy: the rate at which 
energy is dissipated by the flame (through emission of 
heat and light) and the rate at which energy is released 
from the wax as the flame eats its way down the candle. 
Let us define variables as follows. 


e P is the power dissipation by the flame, in units of 
(say) joules per hour. 

e E is the chemical energy stored in the wax of the 
candle, in units of (say) joules per centimeter. 

e v is the speed at which the flame moves down the 
candle. 


If the rates of dissipation and energy input are equal, 
then the velocity of the flame is determined by the power 
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balance condition 


P=véE, (1) 
implying v= P/E (cm/h). Metaphorically, the flame 
must digest energy at the same rate at which it is 
eaten. 

Consider a family of cylindrical candles with various 
diameters (d), and assume the dissipation rates of 
their flames to be independent of the sizes of the 
candles. Since stored chemical energy is proportional 
to the area of cross section (E « d’), power balance 
implies 

vx 1/d?. (2) 

Some measured flame speeds for typical candles are 
plotted on a log-log scale in Figure 1, where the dashed 
line of slope —2 indicates a 1 /d* dependence. From this 
figure, it is evident that the inverse square dependence 
of Equation (2) is obeyed for larger candles. For smaller 
candles, v is somewhat less than expected, because the 
flames are not so large. 

Although Equation (2) was derived for candles, 
Equation (1) is quite general, expressing a global 
constraint that governs the dynamics of many kinds of 
nonlinear diffusion, including the propagation of nerve 
impulses (Scott, 2002). For a smooth axon described 
by the Hodgkin—Huxley equations, power balance 
is established between electrostatic energy released 
from the fiber membrane and ohmic dissipation by 
circulating ionic currents, implying v « Vd. (Plotted in 
Figure 1, this dependence would have a slope of +3.) 
For myelinated nerves, on the other hand, evolutionary 
pressures require that v x d, corresponding to a slope 
of unity in Figure 1. 

In the language of nonlinear dynamics, a candle 
flame provides a physical example of an attractor, which 
is evidently stable because moderate disturbances 
(small gusts of air) do not extinguish the flame by 
forcing it out of its basin of attraction. As the air 
becomes still, the flame returns to its original shape 
and size. The task of lighting a candle, on the other 
hand, requires getting the wick hot enough—above an 
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Figure 1. Measurements of flame speeds (v) for candles of 
different diameters (d). The error bars indicate rms deviations of 
about six individual measurements. (Data courtesy of Lela Scott 
MacNeil Scott (2003).) 


ignition threshold and into the basin of attraction—so 
that a viable flame is established. Qualitatively similar 
conditions govern the firing of a nerve axon, leading to 
an all-or-nothing response. 

From a more intuitive perspective, an ignition 
threshold implies the power balance indicated in 
Equation (1), where the corresponding flame is 
unstable. Above the threshold, instability arises from 
the establishment of a positive feedback loop, in 
which the flame releases more than enough chemical 
energy than is needed to maintain its temperature. 
Such a positive feedback loop is represented by the 
diagram 


Release of energy (vE) 


1 t 
Dissipation of energy (P), 


with the gain about the loop being greater than unity, 
implying an increase in the flame size with time (Scott, 
2003). Eventually, this temporal increase is limited 
by nonlinear effects in the release and dissipation of 
energy, reducing the loop gain to unity as the fully 
developed flame is established. 

The candle flame is an example of a reaction- 
diffusion (or autocatalytic) process, going back to 
an early suggestion by Robert Luther, a German 
physical chemist (Luther, 1906). Following a lecture 
demonstration of a chemical wave, Luther claimed that 
such systems should support traveling waves at a speed 
proportional to ./D/t where D is the diffusion constant 
for the reacting components (in units of distance 
squared per unit of time) and t is a delay time for the 
onset of the reaction. During the 1930s, autocatalytic 
systems were studied in the context of genetic diffusion 
through spatially dispersed biological species, and in 








CANDLE 
1938 the equation 
au au 1 
Don a ~uu a)(u — 1), (3) 


where a is a threshold parameter lying in the range 
(0, 51; was used by Soviet scientists Yakov Zeldovich 
and David Frank-Kamenetsky to represent a flame 
front. These authors showed that uniform traveling 
waves solutions of Equation (3) propagate at a fixed 
speed given by the expression 


v = (1 — 2a)/D/2t, (4) 


which includes both Luther’s factor (/D/t) and the 
power balance condition. Long overlooked by 
the neuroscience community, this early work on flame 
propagation offers a convenient model for the leading 
edge of a nerve impulse, confirming Faraday’s intuition 
(Scott, 2002). 

ALwyn Scorr 


See also Attractors; Flame front; Hodgkin—Huxley 
equations; Power balance; Zeldovich—-Frank- 
Kamenetsky equation 
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See Hamiltonian systems 
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See Fractals 
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CARDIAC ARRHYTHMIAS AND THE 
ELECTROCARDIOGRAM 

In the early 1900s, Willem Einthoven developed 
the string galvanometer to measure the potential 
differences in the body surface associated with the 
heartbeat and introduced a nomenclature for the 
deflections of the electrocardiogram that are still used 
today. For this work, Einthoven was awarded a Nobel 
prize in 1924 (Katz & Hellerstein, 1964). 

The electrocardiogram (ECG) is a measurement of 
the potential difference between two points on the 
surface of the body. Because the heart generates waves 
of electrical activation that propagate through the heart 
during the cardiac cycle, ECG measurements reflect 
cardiac activity. Over the past century, physicians 
have learned how to interpret the electrocardiogram to 
diagnose a variety of different cardiac abnormalities. 
Although interpreting an ECG is difficult, this entry 
introduces the basic principles. 

In order to appreciate the ECG, it is first necessary to 
have a rudimentary knowledge about the spread of the 
cardiac impulse in the heart. The heart is composed of 
four chambers, the right and left atria, and the right and 
left ventricles (see Figure 1). The atria are electrically 
connected to each other, but are insulated from the 
ventricles everywhere except in a small region called 
the atrioventricular (AV) node. The ventricles are also 
electrically connected to each other. The rhythm of 
the heart is set by the sinoatrial node located in the 
right atrium, which acts as the pacemaker of the heart. 
From a mathematical perspective, this pacemaker is an 
example of a nonlinear oscillator. Thus, if the rhythm 
is perturbed, for example, by delivering a shock to the 
atria, then in general the timing of subsequent firings 
of the sinus node may be reset (i.e., they occur at 
different times than they would have if the shock had 
not been delivered), but the frequency and amplitude 
of the oscillation will remain the same. A wave of 
excitation initiated in the sinus node travels through the 
atria, then through the atrioventricular node, and then 
through specialized Purkinje fibers to the ventricles. 
The wave of electrical excitation is associated with 
a wave of mechanical contraction so that the cardiac 
cycle is associated with contraction and pumping of 
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Figure 1. A schematic diagram of the heart. Adapted from 
Goldberger & Goldberger (1994) with permission. 


the blood through the body. The right and left atria 
are comparatively small chambers and act as collection 
points for blood. The right atrium collects blood from 
the body and the left atrium collects blood from the 
lungs. The right ventricle pumps blood to the lungs to 
be oxygenated, whereas the left ventricle pumps blood 
that has returned to the heart from the lungs to the rest 
of the body. The right atrium and right ventricle are 
separated by the tricuspid valve that prevents backflow 
of blood during the ventricular contraction. Similarly, 
the left atrium and left ventricle are separated by the 
mitral valve. In order to pump the blood, the ventricles 
are comparatively large and muscular. 

In the normal ECG, there are several main 
deflections labeled the P wave, the QRS complex, 
and the T wave, Figure 2a (Goldberger & Goldberger, 
1994). The P wave is associated with the electrical 
activation of the atria, the QRS complex is associated 
with the electrical activation of the ventricles, and the 
T wave is associated with the repolarization of the 
ventricles. The duration of the PR interval reflects the 
conduction time from the atria to ventricles, which 
is typically 120-200ms. The duration of the QRS 
complex reflects the time that it takes for the wave 
of excitation to activate the ventricles. Because of 
the specialized Purkinje fibers, the wave of activation 
spreads rapidly through the ventricles so that the normal 
duration of the QRS complex is less than 100 ms. The 
time interval from the beginning of the QRS complex to 
the end of the T wave, called the QT interval, reflects the 
time that the ventricles are in the contraction phase. The 
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Figure 2. Sample electrocardiograms. In all traces, one large 
box represents 0.2 s. (a) The normal electrocardiogram. The P 
wave, QRS complex, and T wave are labeled. (b) 3:2 Wenckebach 
rhythm, an example of a second-degree heart block. There are 3 
P waves for each R wave in a repeating pattern. (c) Parasystole. 
The normal beats, labeled N, occur with a period of about 790 ms, 
and the abnormal ectopic beats, labeled E, occur with a regular 
period of 1300 ms s. However, when ectopic beats fall too soon 
after the normal beats, they are blocked. Normal beats that occur 
after an ectopic beat are also blocked. If a normal and ectopic beat 
occur at the same time, the complex has a different geometry, 
labelled F for fusion. In this record, the number of normal beats 
occurring between ectopic beats is either 4, 2, or 1, satisfying 
the rules given in the text. Panels (a) and (b) are adopted from 
Goldberger & Goldberger (1994), with permission. Panel (c) is 
adapted from Courtemanche et al. (1989) with permission. 
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duration of QT interval depends somewhat on the basic 
heart rate. It is shorter when the heart is beating faster. 
For heart beats in the normal range, the QT interval is 
typically of the order of 300-450 ms. 

On examining an ECG, one first looks for P waves. 
The presence of the P wave indicates that the heart 
beat is being generated by the normal pacemaker. In 
the normal heart, each P wave is followed by a QRS 
complex and then a T wave. The heart rate is often 
measured by time intervals between two consecutive 
R waves. Abnormally fast heart rates, faster than 
about 90 beats per minute, are called tachycardia, and 
abnormally slow heart rates, slower than about 50 beats 
per minute, are called bradycardia. 

Reduced to the basics, all cardiac arrhythmias 
(i.e., abnormal cardiac rhythms) are associated with 
abnormal initiation of a wave of cardiac excitation, 
abnormal propagation of a wave of cardiac excitation, 
or some combination of the two. Given such a 
simple underlying concept, it is not surprising that 
mathematicians have been attracted to the study 
of cardiac arrhythmias, or that many cardiologists 
are mathematically inclined. However, despite the 
apparent simplicity, cardiac arrhythmias can manifest 
themselves in many different ways, and it is still not 
always possible to figure out the mechanism of an 
arrhythmia in any given individual. The following is 
focused on some arrhythmias that are well understood 
and that have interesting mathematical analyses. 

One class of cardiac arrhythmias is associated with 
conduction defects through the AV node. In first-degree 
heart block, the PR interval is elevated above its normal 
value, but each P wave is followed by a QRS complex 
and T wave. However, in second-degree heart block, 
there are more P waves than QRS complexes, as 
some of the atrial activations do not propagate to the 
ventricles. This type of cardiac arrhythmia, sometimes 
called Wenckebach rhythms (after Karel Frederik 
Wenckebach, a Dutch-born Austrian physician, who 
studied these rhythms at the beginning of the 20th 
century), has repeatedly attracted theoretical interest 
(Katz & Hellerstein, 1964). It is common to classify 
Wenckebach rhythms by a ratio giving the number of P 
waves to the number of QRS complexes. For example, 
Figure 2b shows a 3:2 heart block. 

In the 1920s, Balthasar van der Pol and J. van 
der Mark developed a mathematical model of the 
heart as coupled nonlinear oscillators that displayed 
striking similarities to the Wenckebach rhythms. We 
now understand that in a number of different models, 
as the frequency of atrial activation is increased, 
different types of N: M heart block can be observed 
(van der Pol & van der Mark, 1928). In fact, 
theoretical models have demonstrated that if there 
is N:M heart block at one stimulation frequency 
and an N’:M’ heart block at a higher frequency, 
then the N + N’: M+ M' heart block is expected at 


some intermediate stimulation frequency. This result 
provides a mathematical classification complementary 
to the cardiological classification, and can be confirmed 
in clinical settings (Guevara, 1991). Finally, in third- 
degree heart block, there is a regular atrial rhythm and 
a regular ventricular rhythm (at a slower frequency), 
but there is no coupling between the two rhythms. Such 
rhythms in mathematics are called quasi-periodic. 

A different type of rhythm that appeals to 
mathematicians is called parasystole. In the “pure” 
case, the normal sinus rhythm beats at a constant 
frequency, and an abnormal (ectopic) pacemaker in the 
ventricles beats at a second slower frequency (Glass et 
al., 1986; Courtemanche et al., 1989). Figure 2c shows 
the normal (V) beats and the ectopic (£) beats. If the 
ectopic pacemaker fires at a time outside the refractory 
period of the ventricles, then there is an abnormal 
ectopic beat, identifiable on the ECG by a morphology 
distinct from the normal beat, and the following normal 
sinus beat is blocked. If the normal and abnormal beats 
occur at the same time, this leads to a fusion (F’) beat. 

Surprisingly, this simple mechanism has amazing 
consequences that can be appreciated by forming a 
sequence of integers that counts the number of sinus 
beats between two ectopic beats. In general, for fixed 
sinus and ectopic frequencies and a fixed refractory 
period, in this sequence, there are at most three integers, 
where the sum of the two smaller integers is one less 
than the largest integer. Moreover, given the values 
of the parameters, it is possible to predict the three 
integers. The mathematics for this problem is related to 
the “gaps and steps” problem in number theory. Both 
AV heart block and parasystole lead to mathematical 
predictions of cardiac arrhythmias in humans, which 
have been tested in experimental models and in humans. 
Such arrhythmias are diagnosed and treated when 
necessary, by physicians who have no knowledge 
of the underlying mathematics. Thus, to date, the 
mathematical analysis of these arrhythmias is of little 
medical interest. 

From a medical perspective, the most important class 
of arrhythmias is called re-entrant arrhythmias. In these 
arrhythmias, the period of the oscillation is set by the 
time an excitation takes to travel in a circuitous path, 
rather than the period of oscillation of a pacemaker. 
The re-entrant circuit can be found in a single chamber 
of the heart or can involve several anatomical features 
of the heart (Josephson, 2002). In typical atrial flutter, 
there is a wave circulating around the tricuspid valve in 
the right atrium; in Wolf—Parkinson—White syndrome, 
there can be excitation traveling in the normal circuit 
from atria to the AV node to the ventricles, but then 
traveling retrogradely back to the atria via an abnormal 
accessory pathway between the ventricles and the atria. 
Also in some patients who have had a heart attack, 
there is a re-entrant circuit contained entirely in the 
ventricles. In all these three re-entrant arrhythmias, a 
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part of the circuit is believed to be a comparatively thin 
strand of tissue. 

Considering these re-entrant arrhythmias from a 
mathematical perspective, the wave often appears 
to be circulating on a one-dimensional ring. This 
conceptualization developed by cardiologists has an 
important implication for therapy: “if you cut the 
ring, you can cure the rhythm.” By inserting catheters 
directly into a patient’s heart and delivering radio 
frequency radiation to precisely identified loci, the 
cardiologist destroys heart tissue and can often 
cure these serious arrhythmias. In these cases, the 
cardiologist is thinking like a topologist since changing 
the topology of the heart cures the arrhythmia. 
Moreover, there is a body of mathematics that has 
studied the properties of excitation traveling on one- 
dimensional rings (Glass et al., 2002). 

Other reentrant arrhythmias are not as well 
understood and are not as easily treated. Many 
theoretical and experimental studies (See Cardiac 
muscle models) have documented spiral waves 
circulating stably in two dimensions and scroll waves 
circulating in three dimensions (Winfree, 2001). Since 
real hearts are three-dimensional, and there is still 
no good technology to image excitation in the depth 
(as opposed to the surface) of the cardiac tissue, 
the actual geometry of excitation waves in cardiac 
tissue associated with some arrhythmias is not as well 
understood and is now the subject of intense study. 
From an operational point of view, it is suggested 
that any arrhythmia that cannot be cured by a small 
localized lesion in the heart is a candidate for a 
circulating wave in two or three dimensions. Such 
rhythms include atrial and ventricular fibrillation. In 
these rhythms, there is evidence of strong fractionation 
(breakup) of excitation waves giving rise to multiple 
small spiral waves and patterns of shifting blocks. 
Tachycardias can also arise in the ventricles in patients 
other than those who have experienced a heart attack, or 
perhaps occasionally in hearts with completely normal 
anatomy, and in these individuals it is likely that spiral 
and scroll waves are the underlying geometries of 
the excitation. A particularly dangerous arrhythmia, 
polymorphic ventricular tachycardia (in which there 
is a continually changing morphology of the ECG 
complexes), is probably associated with spiral and 
scroll waves that undergo a meander. New technologies 
are presenting unique opportunities to image cardiac 
arrhythmias in model systems and the clinic, and 
nonlinear dynamics is suggesting new strategies for 
controlling cardiac arrhythmias. For a summary of 
advances up until 2002 see the collection of papers in 
Christini & Glass (2002). 

Despite the great advances in research and medicine 
over the past 100 years, there is still a huge gap between 
what is understood and what actually happens in the 
human heart. The only way to appreciate this gap is to 
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toss out the models and start looking at real data from 
patients who are experiencing complex arrhythmia as 
measured on the ECG. All who plan to model cardiac 
arrhythmias are encouraged to take this step. 

LEON GLass 


See also Cardiac muscle models; Scroll waves; 
Spiral waves; Van der Pol equation 
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CARDIAC MUSCLE MODELS 


Cardiac muscle was created by evolution to pump 
the blood, and contractions of cardiac muscle, as 
of any muscle, are governed by calcium (Ca) ions. 
Increased concentration of calcium ions inside a cardiac 
cell ({Ca];) induces a contraction, and diminished 
concentration induces relaxation (diastole). Calcium 
ion concentration in a cardiac cell is governed by many 
mechanisms. Importantly, a signal to increase [Ca]; is 
given by an abrupt increase in membrane potential E, 
which is called an action potential (AP). The membrane 
potential E in cardiac cells is described by reaction 
diffusion equations. 

Cardiac models have the mathematical structure of 
the well-known Hodgkin—Huxley (HH) equations: 


dE/dt= —I(E, g1,....8n))/C+V-(DVE), (1) 
dg: /dt = (8: (E)—8i)/T(E), 1 = 1, N, (2) 
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where g; are the gating variables (describing opening 
and closing of the gates of ionic channels), g; (£) are the 
steady values of those variables, t;(E) are associated 
time constants, /(---) is the transmembrane ionic 
current, and the diffusive term V -(DVE) describes 
the current flowing from the neighboring cells. In this 
description of the coupling, the anisotropy of the heart 
is properly described with an anisotropic diffusivity 
tensor. Equations (1) and (2) are similar to standard 
HH equations (with N = 3), and this formulation was 
used for the first cardiac model introduced by Denis 
Noble in 1962. As more and more ionic channels 
were discovered, they were incorporated into more 
detailed models: N =6 for a modified Beeler—Reuter 
(BR) model, and N > 10 for the Luo—Rudy model and 
for recent Noble models. Although the original HH 
formulation was based on analytic functions for the 
gi (E) and 1;(£), experimentally measured functions 
can be used in the equations, as shown in Figure 1. 
This results in both physical transparency and faster 
numerical calculations. 

The functions g;(E) and 1;(£) have a simple 
physical interpretation—the dynamics of each gating 
variable g; are governed by the membrane potential 
E only. For fixed £, Equations (2) are linear and 
independent; each of them describes relaxation to 
the steady value g;(£) with the time constant 1;(£). 
The characteristic times t;(£) scan four orders of 
magnitude (see Figure 1(a)), leading to qualitative 
understanding using time-scale separation. 
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Figure 1. BR model with eight variables. (a) Gating variables 
gi (E). (b) Time constants 1; (E) (log scale). 


CARDIAC MUSCLE MODELS 


Noble’s 1962 Model 


This original cardiac model (N4 model), which is the 
key for understanding all subsequent models, consists 
of the following four equations (Noble, 1962). 


dE/dt = —Una(E, m,h) + Ik(E,n))/C 


+DV7E, (3) 
dn/dt = (A(E) —7n)/Th, (4) 
am/dt = (mM(E) — m)/tm, (5) 
dh/at = (h(E) — h)/th, (6) 


where 


Ina(E,m,h) = (gnam*h + €1)(E — Ena), (7) 
Ix(E,n) = (agxn* + 6)(E— Ex), (8) 


A cardiac action potential has a duration of about 
200 ms, which is about two orders of magnitude 
longer than that of a typical nerve impulse. To describe 
cardiac action potential, just one time constant in 
the HH equations was increased by a factor of 100, 
two small terms (€; and €2) were added, and other 
time constants were adjusted to incorporate cardiac 
experimental results. 

To observe how the N4 model works, note that it has 
three gating variables: m, n, and h. The characteristic 
time Tt, is about 100 ms, while t,, and t, are almost 
two orders of magnitude faster (shorter). This permits 
adiabatic elimination of the fast equations (5) and (6), 
thereby replacing Equations (3)—(6) with a system of 
equations only (system N2) (Krinsky & Kokoz, 1973): 


dE/dt= — (Ina(E, m, h)+1k(E,n))/C+DV7E, 
(9) 
an/at = (i(E) —n)/t. (10) 


Note that the current Na becomes 
Ina = (gna? (E)A(E) + €1)(E — Ena), (11) 


which contains only the known functions m=m(E) 
andh = h(E ). The behavior of this model is illustrated 
in Figure 2. 

Nullclines dE /dt = 0, and dn /dt = 0 for a Purkiknje 
fiber are shown in Figure 2(a). A Purkinje fiber has a 
pacemaker activity, which the nullclines (in the phase 
plane) show directly. Note that there is only one fixed 
point S, which is unstable, thus giving rise to limit cycle 
oscillations. 

The nullclines for a myocyte are shown in Figure 
2(b). There is no pacemaker activity in myocytes; 
thus, the nullclines show the absence of a limit cycle. 
Although there are two unstable fixed points (S’ and 
S”), they do not induce a limit cycle because there is 
a third fixed point (S) that is stable and determines the 
resting potential. 


CARDIAC MUSCLE MODELS 
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Figure 2. Analysis of the N4 model based on adiabatic 
elimination of two fast variables. (a) A Purkiknje fiber with a 
pacemaker activity. The nullclines of the reduced system N2 
contain only one fixed point S that is unstable, thus giving 
rise to the limit cycle oscillations. (b) An excitable myocyte. 
There are three fixed points: S’ and S” are unstable, and point 
S determines the resting potential. (c) Analysis of the effect 
of an arrhythmogenic drug aconitine, showing oscillations of 
the plateau of action potential (AP). (d) As in (c), where the 
nullclines show a small-amplitude limit cycle on the plateau of 
AP. (Parameters: (a) a = 1.2; (b) a = 1.3; (c) and (d) a= 1.3;h 
= h(E —5E); 5E=2.8 mV.) 


Analysis of the effect of the arrhythmogenic drug 
aconitine (inducing oscillations on the plateau of 
the action potential) is shown in Figures 2(c) and 
(d). Aconitine induces dangerous oscillations be- 
cause of a shift of the voltage dependence of Na 
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Figure 3. (a) Action potential showing the principal currents 
that flow in each phase, with the corresponding subunit clones 
shown in parentheses. (Courtesy of S. Nattel) (b) Main ionic 
currents (Courtesy of Y. Rudy). 


inactivation variable h. Oscillations on the plateau 
of action potential are shown in Figure 2(c), and 
the corresponding nullclines are shown in Figure 2(d). 
The shift of h(E) dependence results in the disappear- 
ance of the stable resting point and appearance of a 
small-amplitude limit cycle on the plateau of the AP. 
The electrophysiological characteristics in the full (N4) 
and reduced (N2) models are the same with an accuracy 
of 0.1-0.2 mV (Krinsky & Kokoz, 1973). 


Contemporary Models 


Recent models include more ionic currents (see Figures 
1 and 3), and also incorporate a change of intracellular 
ionic concentrations. For example, the BR model 
contains an additional equation for the concentration 
[Ca]; of intracellular Ca: 


dCa;/dt = Ica. (12) 


The Luo—Rudy (LR) model, and the Noble model are 
widely known. The LR model (Rudy, 2001) can be 
downloaded from http://www.cwru.edu/med/CBRTC/ 
LRdOnline. Noble models are described at http://www. 
cellml.org/ and http://cor.physiol.ox.ac.uk/. The model 
of human ventricular myocyte (Ten Tusscher et al. 
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2003) is also available at http://www-binf.bio.uu.nl/ 
khwjtuss/HVM. 

In contemporary models the gap between the 100 
and 1 ms time scales has been filled by many ionic 
currents, and (contrary to what was seen in the first 
cardiac model) the graphs even intersect each other 
(see Figure 1(b)). This makes the separation for fast 
and slow variables dependent upon the phase of AP, 
so results as in Figure 2 cannot be obtained directly. 
Instead, events on every time scale must be analyzed 
separately, eliminating adiabatically equations with a 
faster time scale and considering variables with a larger 
time scale fixed, or even postulating a model with only 
two to four equations (Keener & Sneyd, 1998; Fenton 
& Karma, 1998). 

Models that do not follow the HH formalism 
are needed because HH-type models predict that a 
point stimulation will create a circular or an elliptical 
distribution of membrane potential, while in the 
experiments a quadrupolar distribution was found. 
Thus, bidomain models were created that describe 
separately potentials inside (£;) and outside (Eo) of 
a cell instead of considering E,=0 as in the HH 
formulation. These models correctly reproduce many 
important electrophysiological effects, and turn out to 
be useful for understanding the mechanisms of cardiac 
defibrillation (Trayanova et al., 2002). The integration 
of these models, however, is computationally more 
expensive than the integration of HH models. Markov 
chain models are used to describe transitions between 
states of single ionic channels linking genetical defects 
with cardiac arrhythmias. They also depart from the 
HH formalism. Anatomical models incorporate cardiac 
geometry and tissue structure, but they require months 
of laborious measurements on anatomical slices cut 
from the heart. A new approach is being developed 
at INRIA in France, which aims to create models 
for every cardiac patient and is intended to be 
used in clinics. Cardiac contractions are measured 
and incorporated into the model. NMR tomography 
methods were used that permit obtaining anatomical 
data in a few minutes, not months, see http://www- 
sop.inria.fr/epidaure/. More cardiac models and authors 
can be found at http://www.cardiacsimulation.org/. 


Dynamics of Myocardial Tissue 


In the past, breakthroughs were due to very simple 
models beginning with the pioneering work of Norbert 
Wiener and Arturo Rosenbluth (Wiener & Rosenbluth, 
1946). They led the way to understanding rotating 
waves using a cellular automata model, where a cardiac 
cell can be in three states only: rest, excitation, and 
refractory. This model explained anatomical reentry 
(a wave rotating around an obstacle (Wiener & 
Rosenbluth, 1946)), and predicted a free rotating wave. 
Partial differential equations yield more refined refined 
results (Keener & Sneyd, 1998). 


CARDIAC MUSCLE MODELS 


As two- and three-dimensional studies of rotating 
waves are time consuming, it is often convenient to 
use a two-variable model, permitting increased speed 
of calculations by two orders of magnitude. Numerical 
simulation of ionic models can be accelerated either by 
adiabatic elimination of fast variable m (Na) activation 
or by slowing down its dynamics and increasing the 
diffusion coefficient to keep the propagation velocity 
unchanged. 


Propagation Failure 


As cardiac cells are connected via gap junctions, an 
excitation can be blocked when propagating from one 
cardiac cell to another, similar to the propagation failure 
in myelinated nerves. When an excitation propagates 
from auricles (A) to ventricles (V) via the AV node, 
a periodic pattern can be observed: for example, from 
every three pulses, only two pulses propagate, and the 
third pulse is blocked (3:2 Wenckebach periodicity). 
Other periodicities N : (N — 1) can also be observed. 
Propagation block can be observed on any cardiac 
heterogeneity when the period T of stimulation is 
shorter than the restoration time R (refractory period). 
Usually, Wenckebach rhythms with only small periods 
N are observed because 


Ty ~ N~, (13) 


where Ty is an interval of T that can yield. Wenckebach 
rhythms with period N. When an excitation block 
(Wenckebach rhythm) occurs in a two- or three- 
dimensional excitable medium, it generically gives rise 
to a wave break that evolves into a rotating wave. 
For cardiac muscle, initiation of a rotating wave is 
a dangerous event, often leading to life-threatening 
cardiac arrhythmias. 

A new approach is being developed at INRIA in 
France, to create patient-specific models to be used in 
clinics. A 3-d electro-mechanical model of the heart 
is automatically adpted to a time series of volumetric 
cardiac images gated on the ECG (Ayache et al., 2001) 
providing useful quantitative parameters on the heart 
function in a few minutes, not months, see http:// 
www-sop.inria.fr/epidaure/. 

V. Krinsky, A. Pumir, AND I. EFIMov 


See also Hodgkin-Huxley equations; Myelinated 
nerves; Neurons; Scroll waves; Synchronization; 
Van der Pol equation 
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CASIMIRS 


See Poisson brackets 


CAT MAP 


The cat map is perhaps the simplest area-preserving 
transformation that exhibits a high degree of chaos. In 
the development of the theory of dynamical systems, it 
served as a guiding example to illustrate new concepts 
such as entropy (Sinai, 1959) and Markov partitions 
(Adler & Weiss, 1967). The cat map owes its name 
to an illustration by V.I. Arnol’d showing the image 
of a cat before and after the application of the map. 
In the mathematical literature it is also referred to as 
“hyperbolic toral automorphism.” 

The torus M, which topologically has the shape of 
a doughnut, may be described by the points in the 
unit square (see Figure 1) where opposite sides are 
identified. Alternatively, one may think of a point on M 
as a point in the plane R? modulo integer translations 
in Z?. This yields a representation of M as the coset 
space R?/Z:= {x + Z?: x € R?}. The cat map is now 


95 


a mapping @ : M > M defined by x + Ax (mod Z?), 


where 
a b 
a=(22). 


provideda, b, c,d € Zarechosen such that | det A] = 1 
and A has eigenvalues 44 with modulus not equal to 
one. (This implies that both eigenvalues are real and 
distinct.) The matrix A used in our illustration is 


2 1 
a=(7 We 2) 


Let us now explore some of the dynamical properties 
that show that the cat map is indeed completely 
“chaotic” (See Chaotic dynamics). Sensitivity on 
initial conditions is measured by the rate of divergence 
of two nearby points, x and x + 6x, under iterations 
of @. For any smooth map ¢, the Taylor expansion for 
small 5x yields (x + 5x) = (x) + Do,5x + O(5x?) 
where D@, is the differential of ¢ at x; it may be viewed 
as a linear map from TM, to TMg x), the tangent 
spaces at x and $(x), respectively. 

Because @ is linear in the case of the cat map, 
the above Taylor expansion is in fact exact, that is, 
o(x + 6x) = (x) + Dg, 6x with Dé, = A. If v4 are 
the eigenvectors of A corresponding to the eigenvalues 
A+, let us denote by Et and Ey the subspaces of TM, 
spanned by v and v_, respectively. As A, 4 A_, we 
have 





TM, = EY @ Ey. (3) 


Furthermore, since |A4|=1/|A_| > 1, we find 


DoE = e*lgll if F € EY, (4) 
IDG Ell se lgll if F € Ey, (5) 
where A = In |A+| > 0 and || - || is the Euclidean norm. 


Hence, ¢@ is expanding in the direction of v,, and 
contracting in the direction of v_, which will therefore 
be referred to as the unstable and stable directions, 
respectively. [Here, inequalities (4) and (5) are in fact 
equalities; inequalities become necessary in the case 
of more general Anosov maps, if one seeks uniform 
bounds with A independent of x.] For the nth forward 
or backward iterates of the map (n a positive integer), 
we have, by the above arguments with ¢ replaced by 


ge, 
IDKEN=e™IEll, IDE" se Ell. 
ifé € Et, (6) 


DEEN se Ell, [DOE =e” Ell. 
if& € EY. (7) 
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CAT MAP 








Figure 1. The cat map: the image of a cat in the unit square (left) is stretched by the matrix A (middle) and then re-assembled by 
cutting and translating (without rotation) the different parts of the cat’s face back into the unit square (right). (Illustration by Federica 


Vasetti.) 


The expansion/contraction is thus exponentially fast 
in time. Relations (3), (6), and (7) are equivalent to the 
statement that the cat map is an Anosov system. Special 
features of Anosov systems are ergodicity, mixing, 
structural stability, exponential proliferation of periodic 
orbits, and positive entropy h. 

There is a particularly simple formula for the entropy 
h due to Sinai (1959), which states that h = 4 = In |A4]. 
The number of fixed points of the nth iterate @” is 
equal to | det(1 — A”)|=|C1 — A.) —A®)| and is 
therefore asymptotically given by exp(nh), for large 
n. The notion of ergodicity implies that for any 
fe L} (M, dx), for almost every x € M (that is, for all 
x up to a set of Lebesgue measure zero), we have 





fing Dfem=( (=f rorae. 


(8) 
“Mixing” means that, if f, g € LM, dx), then 


lim | F(G"x) g(x) dx = (f)(g). (9) 
n>to Jy 

Although the mixing property follows from general 
arguments for Anosov systems, it can be proved for @ 
directly by means of Fourier analysis. What is more, the 
rate of convergence in (9) is in fact exponentially fast in 
n for suitably smooth test functions f, g (“exponential 
decay of correlations”) and super-exponentially fast for 
analytic ones. 

Markov partitions are a powerful tool in the analysis 
of dynamical systems. In the case of the cat map 
the torus is divided into a finite collection of non- 
overlapping parallelograms P},..., Py whose sides 
point in the directions of the eigenvectors v+ and v_, 
such that if @(P;) (or ¢7'(P;)) intersects with P,, 
then it extends all the way across P;. Let us construct 
an N by N matrix B whose coefficients are Bj; = 1 
if the intersection of ¢(P;) with P; is non-empty, 
and B;; =0 otherwise. A symbolic description of the 


dynamics of the cat map can now be obtained as 
follows. Consider doubly infinite sequences of the form 
+++ b_yb_ bob, bz ..., where b, is an integer 1,..., N 
with the condition that the number b,, can be followed 
by bn41 only if By, »,,,;=1. To each such sequence 
we can associate a point x on M by requiring that for 
every n €Z, the parallelogram Rp, contain the iterate 
o" (x). The symbolic dynamics of ¢ is now given by 
shifting the mark by one step to the right: the new word 
-- + b_,bob,b2b3--+ indeed represents the point #(x). 
The dynamical properties of @ are thus encoded in the 
matrix B. In particular, the higher the rate of mixing of 
@, the smaller the number of coefficients Bj; that are 
zero. This in turn means that we have fewer restrictions 
on b, +> by+1 and a typical orbit will be represented 
by a more “random” sequence of symbols. 

Cat maps, as well as higher-dimensional toral 
automorphisms, are featured in most textbooks on 
dynamical systems and ergodic theory. An introduction 
to the basic concepts may be found in Arnol’d & 
Avez (1968), and more advanced topics, such as 
entropy, Markov partitions, and structural stability, are 
discussed, for example, in Adler & Weiss (1970), Katok 
& Hasselblatt (1995), Pollicott & Yuri (1998), and Shub 
(1987). 

Jens MARKLOF 


See also Anosov and Axiom-A systems; Chaotic 
dynamics; Horseshoes and hyperbolicity in dynam- 
ical systems; Maps; Markov partitions; Measures 
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CATALYTIC HYPERCYCLE 


The concept of the “hypercycle” was invented in 
the 1970s in order to characterize a functional entity 
that integrates several autocatalytic elements into an 
organized unit (Eigen, 1971; Eigen & Schuster, 1977, 
1978a,b). This concept is a key to understanding the 
dynamics of living organisms. 

A catalytic hypercycle is defined as a cyclic network 
of autocatalytic reactions (Figure 1). Autocatalysts, 
in general, compete when they are supported by 
the same source of energy or material. Hypercyclic 
coupling introduces mutual dependence of elements 
and suppresses competition. Consequently, the fate of 
all members of a hypercycle is identical to that of the 
entire system and, in other words, no element of a 
hypercycle dies out provided the hypercycle as such 
survives. 

The current view of biological evolution distin- 
guishes periods of dominating Darwinian evolution 
based on variation, competition, and selection inter- 
rupted by rather short epochs of radical innovations 
often called major transitions (Maynard Smith & 
Szathmary, 1995; Schuster, 1996). In the course of 
biological evolution major transitions introduce higher 
hierarchical levels. Examples are (i) the origin of 
translation from nucleic acid sequences into pro- 
teins including the invention of the genetic code, (ii) 


Figure 1. Definition of hypercycles. Replicator equations as 
described by the differential equation (2) can be symbolized by 
directed graphs: the individual species are denoted by nodes and 
two nodes are connected by an edge, j - —> - i, if and only if 
a;j > 0. The graphs of hypercycles consist of single Hamiltonian 
arcs as sketched on the left-hand side of the figure. These 
dynamical systems are permanent independent of the choice of 
rate parameters fj. For n <5 they represent the only permanent 
systems, but for n > 6 the existence of a single Hamiltonian arc 
is only a sufficient but not a necessary condition for permanence. 
The graph on the right-hand side, for example, does not contain 
a Hamiltonian arc but the corresponding replicator equation is 
permanent for certain choices of rate parameters (Hofbauer & 
Sigmund, 1998). 
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the transition from independent replicating molecules 
to chromosomes and genomes, (iii) the transition 
from the prokaryotic to the eukaryotic cell, (iv) the 
transition from independent unicellular individuals to 
differentiated multicellular organisms, (v) the transition 
from solitary animals to animal societies, and (vi) 
presumably a series of successive transitions from 
animal societies to humans. All major transitions 
introduce a previously unknown kind of cooperation 
into biology. The hypercycle is one of very few 
mechanisms that can deal with cooperation of 
otherwise competing individuals. It is used as a 
model system in prebiotic chemistry, evolutionary 
biology, theoretical economics, as well as in cultural 
sciences. 

The simplest example of a catalytic hypercycle is the 
elementary hypercycle. It is described by the dynamical 
system 


i,j =1,2,...,n; i, j = modn. (1) 


The catalytic interactions within a hypercycle form a 
directed closed loop comprising all elements, often 
called Hamiltonian arc: 1>2>3-—>.-:->n->1 
(Figure 1). Hypercycles are special cases of replicator 
equations of the class 


dx; n n n 
dt = Xj air — DD ain 3 
j=l j=lk=1 
i, jk=1,2,.0.50 (2) 
with ajj= fi-6;-1,j; i, j=modn. (The ‘modn’ 
function implies a cyclic progression of integers, 








1,...,2—1,n,1,... . The symbol 4;,; represents 
Kronecker’s symbol: 6=1 for i=j and 6=0 
fori #j.) 


For positive rate parameters and initial conditions 
inside the positive orthant (the notion of an orthant 
refers to the entire section of a Cartesian coordinate 
system in which the signs of variables do not 
change. In n-dimensions, the positive orthant is defined 
by {xj >0 Vi=1,2,...,n}.). The trajectory of a 
hypercycle remains within the orthant: 


fi >0, x;(0) >0 Vi=1,2,...,n= $x, (1) >0Vrt>=0. 


In other words, none of the variables is going to van- 
ish and hence, the system is permanent in the sense 
that no member of a hypercycle dies out in the limit 
of long times, lim;- 99 xj(t) 40 Vi=1,...,n. The 
existence of a Hamiltonian arc, that is, a closed loop 
of directed edges visiting all nodes once, is a suffi- 
cient condition for permanence (Hofbauer & Sigmund, 
1998). It is also a necessary condition for low-dimen- 
sional systems with n <5, but there exist permanent 
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Figure 2. Solution curves of small elementary hypercycles. 
fi=frx=...=fn=1 forn 

















The figure shows the solution curves of Equation (1) with 
2 (upper left picture), n =3 (upper right picture), n = 4 (lower left picture), and n =5 (lower right 


picture). The initial conditions were x; (0) = 1 — (n— 1) - 0.025 and x, (0) =0.025V k =2, 3, ...,n. The sequence of the curves x; (t) 
is k= 1 full black line, k =2 full gray line, k = 3 hatched black line, k = 4 hatched grey line, and k =5 black line with long hatches. 
The cases n = 2, 3, and 4 have stable equilibrium points in the middle of the concentration space c = (1/n, 1/n, ..., 1/n); Equation (1) 
with equal rate parameters, n = 4, and linearized around the midpoint c exhibits a marginally stable “center” and very slow convergence 
is caused by the nonlinear term, which becomes smaller as the system approaches c. For n=5, the midpoint c is unstable and the 


trajectory converges toward a limit cycle (Hofbauer et al., 1991). 


dynamical systems for n > 6 without a Hamiltonian arc; 
one example is shown in Figure 1. 

The dynamics of Equation (1) remains qualitatively 
unchanged when all rate parameters are set equal: 
fi=fo=.-.-=fn=f, which is tantamount to a 
barycentric transformation of the differential equation 
(Hofbauer, 1981). The hypercycle is invariant with 
respect to a rotational change of variables, x; => x; +1 
with i=1,2,...,n; i modn, it has one equilibrium 
point in the center, and its dynamics depends 
exclusively on n. Some examples with small n 
are shown in Figure 2. The systems with n<4 
converge toward stable equilibrium points, whereas the 
trajectories of Equation (1) with n >5 approach limit 
cycles. Independent of n, elementary hypercycles do 
not sustain chaotic dynamics. 

Hypercycles have two inherent instabilities, which 
are easily illustrated for molecular species: (i) The 
members of the cycle may also catalyze the formation 
of nonmembers that do not contribute to the growth 
of the hypercycle, and thus hypercycles are vulnerable 
to parasitic exploitation (Eigen & Schuster, 1978a,b), 
and (ii) concentrations of individual species in 
oscillating hypercycles (n > 5) go through very small 
values, and these species might become extinct 


through random fluctuations. More elaborate kinetic 
mechanisms can stabilize the system in Case (ii). 
Exploitation by parasites, Case (i), can be avoided by 
compartmentalization. Competition between different 
hypercycles is characterized by a strong nonlinearity in 
selection (Hofbauer, 2002): once a hypercycle has been 
formed and established, it is very hard to replace it by 
another hypercycle. Epochs with hypercyclic dynamics 
provide explanations for “once for ever” decisions or 
“frozen accidents.” 

PETER SCHUSTER 


See also Artificial life; Biological evolution 
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CATASTROPHE THEORY 


Many natural phenomena (cell division, the bursting of 
bubbles, the collapse of buildings, and so on) involve 
discontinuous changes, whereas the majority of applied 
mathematics is directed toward modeling continuous 
processes. On the other hand, catastrophe theory is 
primarily concerned directly with singular behavior and 
as such deals with properties of discontinuities directly. 
This approach has found use in many and diverse 
fields and at one time was heralded as a new direction 
in mathematics, uniting singularity and bifurcation 
theories and their applications (Zeeman, 1976). 

A simple mechanical system that illustrates the im- 
portant ideas of discontinuous changes and hysteresis is 
provided by Zeeman’s catastrophe machine (Zeeman, 
1972, Poston & Stewart, 1996). A sketch showing its 
construction is given in Figure 1(a). It is recommended 
that readers make such devices for themselves and ex- 
periment with them. 

The lines between Q, P, and the pointer represent 
rubber bands attached to a disk that rotates around O. 
Movement of the pointer such that it remains outside 
of the region ABCD results in a smooth motion of the 
wheel from one equilibrium state to another. This is 
illustrated by the path ¢ in Figure 1(b), where x and 
6 are as defined in Figure 1(a) and k is a measure of 
the stiffness of the bands. However, starting with the 
pointer below AB and moving the pointer horizontally 
to cross AD will cause an anticlockwise jump in the 
wheel. This is equivalent to following the path @ in 
Figure 1(b). This equilibrium will remain until AB is 
crossed when the pointer is moved backwards. The loci 
DAB form a cusp in the parameter space of the system 
where AD and AB are lines of folds that meet at the cusp 
point A. The cusp is a projection down onto the plane of 
a three-dimensional folded surface. The region labeled 
ABCD comprises four such cusps, each of which can 
be described by a simple cubic equation. Indeed, the 
set can be obtained from an approximate model for the 
machine (Poston & Stewart, 1996). 

The term catastrophe was introduced by René Thom 
in 1972 to describe such discontinuous changes in 
a system where a parameter is changed smoothly. 
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Figure 1. (a) Sketch of Zeeman’s catastrophe machine, (b) 
A sketch of the three-dimensional solution surface and its 
projection onto two dimensions near the cusp A. 


Zeeman (1976) then coined the phrase catastrophe 
theory, and an explosion of applications arose ranging 
from the physical to the social sciences. An important 
idea put forward is that there are seven elementary 
catastrophes that classify most types of observed 
discontinuous behavior. They are the fold, cusp, 
swallowtail, and butterfly catastrophes and the elliptic, 
hyperbolic, and parabolic umbilic catastrophes. These 
describe all possible discontinuities for potential 
systems that are controlled by up to four variables. They 
are ordered according to their typicality of occurrence 
with the fold being the most common. A path of folds 
will be represented by a line of singular behavior in 
parameter space and a cusp will be formed when two 
such lines meet. Indeed, these two singularities are 
sufficient to cover most of the observed macroscopic 
critical behavior in practical applications. 

One area of application where catastrophe theory 
has been used with considerable success is in optical 
caustics (Nye, 1999). Common experience of this 
phenomenon is observation of a distant light source 
through a drop of water on a window pane where a 
web of bright lines separated by dark regions can often 
be seen. The bright lines on the bottom of swimming 
pools are also examples of caustics where the bright 
sunlight is focused by the surface of the water. In this 
case, the line caustics are examples of paths of folds 
in the ray surfaces. An example of an optical cusp 
is provided by strong sunlight focused on the surface of 
acup of coffee where two principal fold lines are made 
to meet by the curvature of the cup. In an outstanding 
series of experiments (Berry, 1976), a laser beam was 
shone through a water drop and a whole sequence of 
catastrophes was uncovered including swallowtails. All 
of the observed patterns can be reproduced in detail 
using the equations of ray optics (Nye, 1999). 

Catastrophe theory has also been used to explore 
in some detail the state selection process in Taylor— 
Couette flow between concentric cylinders. In this 
case, even numbers of vortices are generated in the 
flow field, and the number that is realized depends 
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on the length of the cylinders. For a given length of 
the cylinder, one state develops smoothly, with control 
parameter and neighboring states delimited by fold 
lines in parameter space. The fold lines meet in a 
cusp that has been observed experimentally (Benjamin, 
1978) and calculated numerically (Cliffe, 1988) from 
the Navier-Stokes equations. 

There has been considerable criticism of catastrophe 
theory on both technical and practical grounds 
(Arnol’d, 1986; Arnol’d et al., 1994). For example, 
it is known that critical behavior or bifurcations 
in some multidimensional gradient systems do not 
reduce to critical points of potentials (Guckenheimer, 
1973). Also, the ideas have been applied to a wide 
range of social, financial, and biological applications 
where the governing rules are not known or are very 
primitive. Very often, it is a case of re-interpretation of 
common experience in terms of technical mathematical 
language, which is most often qualitative rather than 
quantitative (Arnol’d, 1986). Hence, it is often the case 
that disparate systems superficially appear the same, but 
closer examination reveals that they are quite different 
in terms of important details. 

Tom MULLIN 
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Basic to science as well to common sense is the root 
notion of causality, that things and processes in the 
world we experience are not totally random, but ordered 
in specific ways that allow for rational understanding 
through explanations of various types. In the transition 
from a mythological worldview to a rational one, 
the notion of guilt (in Greek aitia), as in a criminal 
being guilty of a crime, was metaphorically used to 
describe nonpersonal natural processes whenever one 
phenomenon would necessarily follow another. As one 
aim of modern science is to uncover the deep structure 
of the world beyond our immediate experience, its 
explanations deal with the different determinants 
(or causes) of processual order. Three classical 
conceptions of inquiry, associated with the traditions 
of Plato, Aristotle, and Archimedes, have provided 
influential ideas about the role of causal explanations in 
science. 

In the Platonic tradition, certain properties of nature 
could be derived from a priori given mathematical struc- 
tures. As discovered by the Pythagorean philosophers 
of nature, a specific mathematical structure (relations 
between small whole numbers) could be the key to a part 
of nature (such as acoustics), so why not see whether 
that same structure could also describe other areas (such 
as astronomy)? Although the latter attempt failed, the 
general idea of using the power of demonstrative or 
formal necessity in mathematics as a descriptive tool 
of natural causality is still vital in many areas of sci- 
ence, including cosmology and high-energy physics. 
Also, the use of analog mathematical structures to 
describe phenomena has become standard. 

The Aristotelian tradition did not refuse mathemati- 
cal description but saw it only as a tool in a search for 
the real causes of things. For Aristotle, there were four 
kinds of causes: the material cause (hyle or causa ma- 
terialis) that describes the stuff of which something is 
made, the formal cause (eidos or causa formalis) that 
describes the organization of something, the efficient 
cause (to kineti’kon or causa efficiens) that describes 
the active forces by which the phenomenon comes into 
being, and the final cause (to ’telos or causa finalis) that 
describes the purpose that it serves. Thus, for a house, 
bricks and mortar are its material cause, the plan of the 
house is its formal cause, the mason building it is its 
efficient cause, and the purpose of sheltering a family 
is its final cause. 

In that ancient world of Aristotle, each phenomenon 
generally served a purpose. Aristotle did not consider 
the four causes as necessarily separate aspects of na- 
ture, but more like principles of explanation that may 
sometimes merge, as in the sprouting acorn becoming 
an oak tree where the formal, efficient, and final causes 
work together to actualize the characteristics of an 
adult oak. The popular renaissance critique of the final 
cause as implying the paradox of a future state (a goal) 
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influencing a present state led to a dismissal of any 
pluralist conception of causes. In the subsequent me- 
chanical world picture, only efficient causes were left 
as explanatory. The life sciences could not live up 
to this reduction but continued as a descriptive nat- 
ural history with an essentially Aristotelian outlook, 
at least until Darwin would explain the final cause of 
adaptations by the efficient causes of natural selec- 
tion and heredity. Yet, even the Darwinian paradigm 
could not account for the nonlinear mechanisms of 
self-organization in the organism’s embryonic develop- 
ment. Such goal-like (teleological) properties of devel- 
opment and self-reproduction remained necessary yet 
unexplained preconditions for the mechanics of natural 
selection. 

The Archimedean tradition was founded by disci- 
plines more physical than mathematical, although com- 
bining the two, such as optics, astronomy, mechanics, 
and music theory. The mathematical relations discov- 
ered by Archimedes (ca. 287—212 BC) in his books on 
mechanics were not a priori, as in the Platonic tradition, 
but derived from experience. However, the Aristotelian 
pursuit after the causes of the phenomena, especially 
the final ones, was regarded as metaphysical and so ig- 
nored. The Archimedean tradition includes such names 
as Ptolemaios, Johannes Kepler, Galileo Galilei, and 
Isaac Newton. Kepler started out as a Platonic, aim- 
ing to explain the Copernican system (which placed 
the Sun at the center of the solar system, in opposition 
to the Ptolemaic system) by regular polyhedrons, but 
failed and found the right laws for planetary movements 
through a mathematical analysis of Tycho Brahe’s em- 
pirical observations. Galileo found his laws of falling 
bodies by eschewing the search for a hypothetical cause 
of gravitational force and instead using measures pro- 
portional to the velocity of a moving body for the effect 
of this force. 

Although the mechanical worldview emphasizes 
only the role of efficient causes as principles of 
explanation in physics, the very idea of cause gave 
way for a long period to skepticism about proving 
any real existence of causes (the positivism of David 
Hume), eventually seeing the concept of cause as a 
feature of the observing subject (the transcendental 
idealism of Immanuel Kant). Yet, in physics, the laws 
of nature as expressed in terms of mathematics came to 
play the explanatory role of the causes of a system’s 
movement. It was assumed that any natural system 
could be encoded into some formalism (e.g., a set 
of differential equations representing the basic laws 
governing the system) and that the entailment structure 
of that formalism perfectly mirrored the (efficient) 
causal structure of that part of nature. This view was 
compatible with a micro-determinism where a system’s 
macroscopic properties and processes are seen as 
completely determined by the behavior of the system’s 
constituent particles, governed by deterministic laws. 
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This view was deeply questioned by quantum physics, 
and by Rosen’s work on fundamental limits on dynamic 
models of causal systems. 

The complexity of causality, especially in goal- 
directed systems, was presaged by cybernetic research 
in the 1940s, dealing with negative feedback control (in 
animals and artifacts such as self-guiding missiles) and 
the role of information processing for the regulation of 
dynamic systems. A paradigmatic example is the closed 
causal loops connecting various physiological levels 
of hormones in the body, essential for maintaining 
a constant internal environment (homeostasis)—a 
modern version of the ancient symbol of uroboros, the 
snake biting its own tail. 

The emergence of nonlinear science in the late 20th 
century increased interest in the old idea that causal 
explanations may not all reduce to simple one-to-one 
correspondences between cause and effect. The realiza- 
tion that complex systems may occupy different areas 
in phase space characterized by qualitatively distinct 
attractors, eventually separated by fractal borders, has 
questioned micro-determinism even more than the fact 
that many such nonlinear systems have a high sensitiv- 
ity to the initial conditions (the butterfly effect). 

Another insight is that complex things often self- 
organize as high-level patterns via processes of local 
interactions between simple entities. This emergence of 
wholes (or collective behavior of units) may be mim- 
icked in causal explanations. Instead of top-down re- 
ductive explanations, nonlinear science provides addi- 
tional bottom-up explanations of emergent phenomena. 
Although these explanations are still reductive (in the 
methodological sense that one can show exactly what 
is going on from step to step in a simulation of the 
system), the complexity makes prediction impossible; 
thus, computational shortcuts to predict a future state 
can rarely be found. 

As an emergent whole is formed bottom-up, its orga- 
nization constrains its components in a top-down man- 
ner, that has been called downward causation (DC). 
There are three interpretations of DC: in strong DC, the 
emergent whole (a human mind) effectuates a change 
in the very laws that govern the lower-level (like free 
will might suspend what normally determines the action 
of the brain’s neurons). This interpretation is often re- 
lated to vitalist and dualist conceptions of life and mind 
and is hard to reconcile with science. In medium DC, 
lower-level laws remain unaffected; yet, their boundary 
conditions are constrained by the emergent pattern (a 
mental representation), which is considered just as real 
as the components of the system (neuronal signaling). 
Here, the state of the higher level works as a factor se- 
lecting which of the many possible next states of the 
high level may emerge from the low level. In weak DC, 
the emergent higher levels are seen as regulated by sta- 
ble (cyclic or chaotic) attractors for the dynamics of the 
lower level. The fact that a biological species consists of 
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stable organisms is not solely a product of natural selec- 
tion, but is a result of such internal, formal properties in 
the system’s organization—the job of natural selection 
being to sort out the possible stable organisms and find 
those most fit for the given milieu (Kauffman, 1993; 
Goodwin, 1994). It should be emphasized that DC is 
not a form of efficient causation (involving a temporal 
sequence from cause to effect), rather it is a modern 
version of the Aristotelian formal and final cause. 
Nonlinear science may be said to integrate a Platonic 
appreciation of universality (as found in the equations 
governing the passage to chaos in systems of quite 
distinct material nature), an Aristotelian acceptance 
of several types of causes, and an Archimedean 
pragmatism regarding the deeper status of determinism 
and causality. The latter is reflected in the fact that 
although deterministic chaos characterizes a large class 
of systems, this does not imply that these systems 
(or nature) are fully deterministic. The determinism 
refers to the mathematical tools used rather than an 
ontological notion of causality. 
CLAus EMMECHE 
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CELESTIAL MECHANICS 


Although its origins can be traced back in antiquity to 
the first attempts of explaining the apparently irregular 
wandering of the planets, celestial mechanics was born 
in 1687 with the release of Isaac Newton’s Principia. 
In 1799, Pierre-Simon Laplace introduced the term 
mécanique céleste (Laplace, 1799), which was adopted 
to describe the branch of astronomy that studies the 
motion of celestial bodies under the influence of gravity. 
Celestial mechanics is researched and developed by 
astronomers and mathematicians; the methods used 
to investigate it including numerical analysis, the 
theory of dynamical systems, perturbation theory, 
the quantitative and qualitative theory of differential 
equations, topology, the theory of probabilities, 
differential and algebraic geometry, and combinatorics. 
Ptolemy’s idea of the epicycles—according to which 
planets are orbiting on small circles, whose centers 
move on larger circles, whose centers move on even 
larger circles around the Earth—dominated astronomy 
in antiquity and the Middle Ages. In 1543, after working 
for more than 30 years on a new theory, Copernicus 
finished writing De Revolutionibus, a book in which 
he expressed the motion of the planets with respect to 
a heliocentric reference system, that is, one with the 
Sun at its origin. This allowed Kepler to use existing 
observations and formulate three laws of planetary 
motion, published in 1609 in Astronomia Nova: 


(i) The law of motion: every planet moves on an ellipse 
having the sun at one of its foci. 

(ii) The law of areas: every planet moves such that the 
segment planet-sun sweeps equal areas in equal 
intervals of time. 

(ii) The harmonic law: the squares of the periods of 
any two planets are to each other as the cubes of 
their mean distances from the sun. 


But all these achievements were empirical, based on 
observations, not on deductions obtained from a more 
general physical law. 

In 1666, Newton came up with the idea that the 
attractive force responsible for the free fall of objects 
might be the same as the one keeping the Moon in 
its orbit. He conjectured that the expression of this 
force is directly proportional to the product of the 
masses and inversely proportional to the square of 
the distance between bodies. The tools of calculus, 
which he had invented independent of—and at about the 
same time as—Gottfried Wilhelm von Leibniz, allowed 
him to proceed with the computations. Two decades 
later, in Principia, Newton proved the correctness 
of his theory. Kepler’s laws follow as consequences. 
They are obtained from the differential equations of 
the Newtonian two-body problem (also called the 
Kepler problem) given by a potential energy of the 
form U(r) = — Gmimz2/r, where G is the gravitational 
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constant and r is the distance between the bodies of 
masses m, and m2. 

After Newton, mathematicians, such as Johann 
Bernoulli, Alexis Clairaut, Leonhard Euler, such as 
Jean d’Alembert, Laplace, Joseph-Louis Lagrange, 
Siméon Poisson, Carl Jacobi, Karl Weierstrass, and 
Spiru Haretu, attacked various theoretical questions of 
celestial mechanics (e.g., the 2- and 3-body problem, 
the lunar problem, the motion of Jupiter’s satellites, 
and the stability of the solar system) mostly with the 
quantitative tools of analysis, algebra, and the theory of 
differential equations. On the practical side, the first 
resounding success in the field was the prediction of the 
return of Halley’s comet, which occurred in 1758—as 
the calculations had shown. An even more spectacular 
achievement came in 1846 with the discovery of 
the planet Neptune on the basis of the perturbation 
theory through computations independently performed 
by John Couch Adams and Urbain Jean-Joseph Le 
Verrier. Having its origin in one of Euler’s papers, 
which applied the calculus of trigonometric functions 
to the 3-body problem, perturbation theory is now an 
independent branch of mathematics (see, e.g., Verhulst, 
1990; Guckenheimer & Holmes, 1983) that is often 
used in celestial mechanics. 

An important theoretical advance was achieved by 
Henri Poincaré toward the end of the 19th century, when 
the questions of celestial mechanics—especially those 
concerning the Newtonian 3-body problem—treceived 
substantial attention. While working on this problem, 
Poincaré understood that the quantitative methods of 
obtaining explicit solutions for differential equations 
are not strong enough to help him make significant 
progress; thus, he tried to describe the qualitative 
behavior of orbits (e.g., stability, the motion in the 
neighborhood of collisions and at infinity, existence of 
periodic solutions) even when their expressions were 
too complicated or impossible to derive, which is the 
case in general. His ideas led to the birth of several 
branches of mathematics, including the theory of 
dynamical systems, nonlinear analysis, chaos, stability, 
and algebraic topology (Barrow-Green, 1997; Diacu & 
Holmes, 1996). 

Today’s astronomers working in celestial mechanics 
are primarily interested in questions directly related 
to the solar system, such as the accurate prediction 
of eclipses, orbits of comets and asteroids, the 
motion of Jovian moons, Saturn’s rings, and artificial 
satellites. The invention of the electronic computer 
had a significant impact on the practical aspects of 
the field. The development of numerical methods 
allowed researchers to obtain good approximations 
of the planet’s motion for long intervals of time. 
These types of results are also used in astronautics. 
No space mission, from the Sputnik, Apollo, and 
Pioneer programs to the space shuttle, the Hubble 
telescope launch, and the recent international space 
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collaboration projects, could have been possible 
without the contributions of celestial mechanics. 

Contemporary mathematicians active in the field are 
mostly dealing with theoretical issues, as, for example, 
the study of the general N-body problem and its partic- 
ular cases (Wintner, 1947) (N = 2, 3, 4, the collinear, 
isosceles, rhomboidal, Sitnikov, and planetary prob- 
lems, central configurations, etc.), attempting to answer 
questions regarding motion near singularities and at in- 
finity, periodic orbits, stability and chaos, oscillatory 
behavior, Arnol’d diffusion, etc. Some researchers also 
study alternative gravitational forces like that suggested 
by Manev (Diacu et al., 2000; Hagihara, 1975; Moulton, 
1970), which offers a good relativistic approximation 
at the level of the solar system. 

Celestial mechanics and mathematics have always 
influenced each other’s development, a trend that is 
far from slowing down today. The contemporary needs 
of space science bring a new wave of interest in the 
theoretical and practical aspects of celestial mechanics, 
making its connections with mathematics stronger than 
ever before. 

FLorin DIACU 
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The term cell assembly became well established as 
a neuropsychological concept with the publication 
in 1949 of Donald Hebb’s book The Organization 
of Behavior. A cell assembly forms when a group 
of cortical neurons gets wired together through 
experience-dependent synaptic potentiation induced 
by nearly synchronous activity in pairs of connected 
neurons. Once formed, it serves as a cooperative and 
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holistic mental representation. The mutual excitation 
within the active cell assembly influences network 
dynamics such that (i) the entire group of cells can 
be activated by stimulating only a part of it and 
(ii) once active, the ensemble displays afteractivity 
outlasting the stimulus triggering it. An important 
extension of the concept was suggested by Peter Milner, 
who proposed that negative feedback from lateral 
inhibition is essential to prevent mass activation of 
the entire network and the emergence of epileptic- 
like activity (Milner, 1957). This also introduces 
an element of competitive interaction between the 
cell assemblies allowing one assembly at a time to 
dominate the network. Hebb further proposed that 
cell assemblies activated in succession would wire 
together to form “phase sequences” that might be the 
physiological substrate of chains of association and the 
flow of thought. The concept of cell assemblies has 
been extensively elaborated in the context of cortical 
associative memory (see, e.g., Fuster, 1995). 

Notably, abstract attractor network models (Hop- 
field, 1982; Rolls and Treves, 1997) may be regarded 
as mathematical instantiations of Hebb’s cell assembly 
theory. They have been useful, for example, to estimate 
how many assemblies can be stored in a network of a 
given size, the existence of spurious attractors, and the 
effect of sparse activity and diluted network connec- 
tivity. 

The extensive recurrent neuronal circuitry required 
for the formation of cell assemblies is abundant in the 
cerebral cortex in the form of horizontal intracortical 
and cortico-cortical connections. The latter are myeli- 
nated and support fast communication over large dis- 
tances. The existence of experience-dependent synaptic 
changes in the form of “Hebbian" long-term synaptic 
potentiation is very well experimentally established to- 
day. In light of what we now know about brain circuitry 
and neuronal response properties, it is reasonable to as- 
sume that a cell assembly may extend across large ar- 
eas of sensory, motor, and association cortices, perhaps 
even involving subcortical structures like the thalamus 
and basal ganglia. Rather than individual neurons, the 
actual nodes of the cell assembly are likely to be cor- 
tical modules, that is, minicolumns, comprising a cou- 
ple of hundred neurons and with a diameter of about 
30 um (Mountcastle, 1998). Feature detectors in pri- 
mary sensory areas like the visual orientation columns 
described by David Hubel and Torsten Wiesel are typ- 
ical examples. Although the modular organization of 
higher-order cortical areas is less obvious, it has been 
proposed that the cortical sheet actually comprises a 
mosaic of such minicolumns. A single-cell assembly 
would then engage a small fraction of them distributed 
over a large part of the brain. 

The reverberatory afteractivity in an active cell 
assembly was proposed by Hebb (1949) to correspond 
to “a single content in perception” and last some 
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hundred milliseconds to half a second. Notably, this 
is of the same order as the duration of visual fixations 
and the period of cognitively relevant neurodynamical 
phenomena evident in EEG (e.g., the theta rhythm) 
and evoked potentials (Pulvermueller et al., 1994). 
Persistent activity over seconds but otherwise of the 
same origin has recently been proposed as a mechanism 
underlying working memory (Compte et al., 2000). 
The cell assembly theory connects the cellular 
and synaptic levels of the brain with psychological 
phenomenology. It suggests explanations for the close 
interaction between memory and perception, including 
the holistic and reconstructive nature of Gestalt 
perception, perceptual fusion of polymodal stimuli, and 
perceptual illusions. Typical examples are perceptual 
completion and filling in as when looking at the Kaniza 
triangle and perceptual rivalry as demonstrated by the 
slowly alternating perception of an ambiguous three- 
dimensional stimulus like the Necker cube (Figure 1). 
An analogy to Gestalt perception in the motor domain 
would be motor synergies, and their existence can 
also be understood based on the cell assembly 
theory. In the motor control domain, however, the 
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Figure 1. Two perceptual illusions that may be understood in 
terms of cell assembly dynamics. 
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temporal component of the underlying neurodynamics 
is critical, and for instance, finely tuned temporal 
sensory-motor coordination cannot be explained within 
this paradigm alone. 

The neurodynamics of cell assemblies has been 
studied in a network with biophysically detailed model 
neurons (see, e.g., Lansner and Fransén, 1992; Fransén 
and Lansner, 1998), showing that the cellular properties 
of cortical pyramidal cells promote sustained activity. 
Moreover, the experimentally observed level of mutual 
excitation is sufficient to support such activity, and 
the measured magnitude of cortical lateral inhibition 
is effective in preventing coactivation of assemblies. 
The time to activate an entire assembly from a 
part of it was found to be within 50-100ms in 
accordance with psychological experimental results. 
Modeling has further shown that neuronal adaptation 
due to accumulation of slow afterhyperpolarization 
(presumably together with synaptic depression) is 
a likely cause of termination of activity in an 
active assembly. Afteractivity may typically last some 
300 ms, but the network dynamics is quite sensitive to 
endogenous monoamines such as serotonin, which acts 
by modulating the neuronal conductances underlying 
such adaptation. Further, simulations demonstrate that 
a cell assembly can survive even if the average 
conduction delay between the participating neurons 
increases to 10 ms, corresponding to a spatial extent of 
about 50 mm at axonal conduction velocities of 5 m/s. 
Despite quite powerful mutual excitation, reasonably 
low firing rates of cortical cells can be obtained in 
models with saturating synapses with slow kinetics 
(e.g., NMDA receptor gated channels) together with 
cortical feedback inhibition. 

Although biologically highly plausible and sup- 
ported by computational models, solid experimental 
evidence for the existence of cell assemblies is still lack- 
ing. Detection of their transient and highly distributed 
and diluted activity requires simultaneous noninvasive 
measurement in awake animals of the activity in a large 
number of neurons with high spatial and temporal res- 
olution. This is still beyond the reach of current ex- 
perimental techniques. Nevertheless, Hebb’s original 
proposal has remained a vital hypothesis for more 
than half a century and it continues to inspire much 
experimental and computational research aimed at 
understanding how the brain works. 

ANDERS LANSNER 


See also Attractor neural network; Electroence- 
phalogram at large scales; Gestalt phenomena; 
Neural network models; Neurons 
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CELLULAR AUTOMATA 


Following a suggestion by Stanislaw Ulam, John 
von Neumann developed the concept of cellular 
automata (CA) in 1948. Von Neuman wanted to 
formalize a set of primitive logical operations that were 
sufficient to evolve the complex forms of organization 
necessary for life. In doing this, he constructed a two- 
dimensional self-replicating automaton and initiated 
not only the study of CA but also the idea, now 
popular among students of complexity theory, that 
highly complex global behavior can be generated 
from local interaction rules. Much of the interest in 
CA has been motivated by their ability to generate 
complex spatial and temporal patterns from simple 
rules. Because of this, they provide a rich modeling 
environment, having the twin virtues of mathematical 
tractability and representational robustness (see Burk, 
1970, for discussion of much of the early work 
on CA). 

The non-obvious connection between simple local 
rules of interaction and emergent complex global 
patterns offers a possible approach to an explanation 
of complexity through determination of its generating 
local interactions. Some researchers have gone so far 
as to suggest that the universe itself is a CA, or CA- 
like object, and that sets of local generative interaction 
rules can replace differential equations as the standard 
mathematical expression for physical models. 

CA are spatially and temporally discrete symbolic 
dynamical systems defined in terms of a lattice of 
sites (or cells), an alphabet of symbols that can be 
assigned to lattice sites, and a local update rule that 
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determines what symbol is assigned to each site at 
time f+ 1 on the basis of the site values in a local 
neighborhood of that site at time ¢. Given the local 
neighborhood structure, a neighborhood state is defined 
by an assignment of symbols from the alphabet to each 
site in the neighborhood. The local update rule can be 
specified in terms of a look-up table that lists the set of 
neighborhood states together with the symbol that each 
one assigns to the designated site at the next time step. 

For example, if the lattice is isomorphic to the 
integers, the alphabet is 0, 1, and the neighborhood of 
any site s is the set of sites s—1,s5,s-+ 1, then there 
are 256 possible update rules, defined by the look-up 
table: 


000 001 O10 O11 100 101 110 111 
XO XxX] x2 X3 X4 X5 X6 XT 


(The updated symbol is entered in the central cell. This 
defines what are called nearest-neighbor rules.) Here, 
each of the x; is either 0 or 1 depending on the specific 
tule. Thus, they can be thought of as components of the 
tule. 

A cellular automaton can be defined in any number 
of dimensions. Von Neuman’s original automaton was 
two dimensional, as is what is perhaps the best-known 
CA—Conway’s Game of Life (Gardner, 1970). This is 
one of the simplest two-dimensional CA known to be 
equivalent to a universal Turing machine. 

If & is the full state space for a CA, then the local 
update rule defines a global mapping y : 2 — X. Much 
of the analytical work on CA has been directed at 
determining the mathematical properties of the map 
w. A fundamental paper published by Hedlund in 
1969 showed that CA are just the shift-commuting 
endomorphisms of the shift dynamical system. It is 
also known that surjectivity (a function is surjective, 
or onto, if every state has at least one predecessor) 
of the map y is decidable only in dimension one 
and that for one-dimensional additive rules (i.e., those 
satisfying the condition w(u+py’)=W(w)+ (w)), 
injectivity is equivalent to a certain rule-dependent 
complex polynomial having no roots that are nth roots 
of unity for any n. (A function is injective, or one to one, 
if every state has at most one predecessor. A function 
that is both surjective and injective is called reversible.) 

From the early 1960s until the early 1980s, much 
of the work on CA was either simple applications 
or mathematical analysis. The terminology was not 
settled, and work can be found under the names cellular 
structures, cellular spaces, homogeneous structures, 
iterative arrays, tessellation structures, and tessellation 
arrays. 

As computers became powerful enough to support 
the intense calculations required, however, an experi- 
mental mathematics approach became possible. In ad- 
dition, solution of systems of differential equations by 
computer makes use of numerical combination rules 
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on a discrete lattice, and CA are the simplest exam- 
ples of such rules, adding impetus to interest in their 
study. 

Concurrent with the appearance of powerful 
computers, work was initiated on the physics of 
computation, and the construction of reversible 
automata that, it was supposed, would be a discrete 
equivalent to the time-invariant differential equations of 
physics. More or less simultaneously, Stephen Wolfram 
began to publish a series of papers that popularized the 
study of elementary automata (see Wolfram, 1994), and 
by the mid-1980s, CA had emerged as a major field of 
interest among research in the field of complex systems 
theory. 

Because of their generality as a modeling plat- 
form, CA have found wide application in many areas 
of science. In chemistry and physics, they have pro- 
vided models of pattern formation in reaction-diffusion 
systems, the evolution of spiral galaxies, spin ex- 
change systems and Ising models, fluid and chem- 
ical turbulence (especially as lattice gas automata), 
dendritic crystal growth, and solitons, among other 
applications. 

Spatially recurring patterns that propagate in the 
space-time evolution of certain CA have been likened 
to particles moving in physical space-time. The 
interactions of these “particles” are important in 
attempts to use CA for computational tasks (e.g., 
Crutchfield & Mitchell, 1995). It has also been pointed 
out that these particles are analogous to the defects, 
or coherent structures found in pattern formation 
processes in condensed matter physics, and to solitons 
in hydrodynamics. The best-known examples of such 
particles are the so-called “gliders” that occur in 
Conway’s game of life. 

Numerous connections have also been shown 
between fractals and cellular automata. Rescaling 
the space-time output of a CA often generates a 
fractal, as, for example, the two-site rule defined 
by 00, 11— 0,01, 10 1 generates the well-known 
Sierpinski gasket (Peitgen, Jiirgen & Saupe, 1992). 

In biology and medicine, CAs have been applied in 
models of heart fibrillation, developmental processes, 
evolution, propagation of diseases infectious, plant 
growth, and ecological simulations. 

In computation, CAs have been used as parallel 
computers, sorters, prime number sieves, and tools 
for encryption and for image processing and pattern 
recognition. Some automata have the capacity for 
universal computation, although how to implement this 
capacity remains problematic. 

Cellular automata have also been used to model 
social dynamics (Axtell & Epstein, 1996), the spread 
of forest fires, neural networks, and military combat 
situations. Extensive references to these applications 
and others can be found in Voorhees (1995) and 
Tlachinski (2001). 


CELLULAR NONLINEAR NETWORKS 


Work on CA has also stimulated work on other 
systems that generate complex patterns based on 
local rules. There are close connections to the fields 
of artificial life, random Boolean networks, genetic 
programming and evolutionary computation (Mitchell, 
1996), and the general theory of computational 
mechanics. 

A web search under the key word “cellular automata” 
will turn up literally hundreds of sites devoted to various 
aspects of their study. A particularly useful program 
for the study of CA, Boolean networks, and other 
discrete iterated systems is Discrete Dynamics Lab 
(Wuensche & Lesser, 1992), available for downloading 
from http://www.ddlab.com. 

Burton H. VooRHEES 


See also Artificial life; Chaotic dynamics; Emer- 
gence; Fractals; Game of life; Integrable cellular 
automata; Lattice gas methods; Neural network 
models; Solitons 
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The development of cellular nonlinear networks (CNN) 
is embedded in the history of the electronic and com- 
puter industry, which is characterized by three revo- 
lutions: cheap computing power via microprocessors 
(since the 1970s), cheap bandwidth (since the end of the 
1980s), and cheap sensors and MEMS (micro-electro- 
mechanical system) arrays (since the end of the 1990s). 
These research and technology breakthroughs led the 
way for several important economic enterprises such 
as the PC industry of the 1980s, the Internet indus- 
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try of the 1990s, and the future analog computing in- 
dustry, which is growing, together with optical and 
nanoscale implementations on the atomic and molecu- 
lar level. Analog cellular computers have been the tech- 
nical response to the sensors revolution, mimicking the 
autonomy and physiology of sensory and processing 
organs. 

The CNN was invented by Leon O. Chua and Lin 
Yang in Berkeley in 1988. The main idea behind the 
CNN paradigm is Chua’s so-called “local activity prin- 
ciple,” which asserts that no complex phenomena can 
arise in any homogeneous media without local activ- 
ity. Obviously, local activity is a fundamental property 
in microelectronics, where, for example, vacuum tubes 
and, later on, transistors are locally active devices in the 
electronic circuits of radios, televisions, and computers. 
The demand for local activity in neural networks was 
motivated by practical technological reasons. In 1985, 
John Hopfield theoretically suggested a neural network, 
which, in principle, could overcome the failures of pat- 
tern recognition in Frank Rosenblatt’s perceptron (See 
Perceptron). However, its globally connected archi- 
tecture was highly impractical for technical realizations 
in VLSI (very-large-scale-integrated) circuits of micro- 
electronics: the number of wires in a fully connected 
Hopfield network grows exponentially with the size of 
the array. A CNN only needs electrical interconnections 
in a prescribed sphere of influence. 

In general, a CNN is a nonlinear analog circuit that 
processes signals in real time. It is a multicomponent 
system of regularly spaced identical (“cloned’’) units, 
called cells, which communicate with each other 
directly only through their nearest neighbors. However, 
the locality of direct connections also permits global 
information processing. Communications between 
nondirectly (remote) connected units are obtained on 
passing through other units. The idea that complex 
and global phenomena can emerge from local activities 
in a network dates back to John von Neumann’s 
first paradigm of cellular automata (CA). In this 
sense, the CNN paradigm is a higher development 
of the CA paradigm under the new conditions of 
information processing and chip technology. Unlike 
conventional cellular automata, CNN host processors 
accept and generate analog signals in continuous time 
with real numbers as interaction values. Furthermore, 
the CNN paradigm allows deep insights into the 
dynamic complexity of computational processes. While 
the classification of complexity by CA was more 
or less inspired by empirical observations of pattern 
formation in computer experiments, the CNN approach 
delivers a mathematically precise measure of dynamic 
complexity. The basic idea is to understand cellular 
automata as a special case of CNNs that can 
be characterized by a precise code for attractors 
of nonlinear dynamical systems and by a unique 
complexity index. 
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Figure 1. Standard CNN with array (a), 3x3 and 5x5 
neighborhood (b,c). 


Mathematical Definition 


A CNN is defined by (1) a spatially discrete set 
of continuous nonlinear dynamical systems (cells or 
neurons) where information is processed into each 
cell via three independent variables (input, threshold, 
initial state) and (2) a coupling law relating relevant 
variables of each cell to all neighboring cells within 
a predescribed sphere of influence. A standard CNN 
architecture consists of an M x N rectangular array 
of cells C(i, j) with cartesian coordinates (i, j) 
with i=1,2,...,M and j=1,2,...,N (Figure 1a). 
Figures 1b-c show examples of cellular spheres of 
influence as 3x3 and 5x5 neighborhoods. The 
dynamics of a cell’s state is defined by a nonlinear 
differential equation (CNN state equation) with scalars 
for state x;;, output y;;, input v;;, and threshold z;;, and 
coefficients, called “synaptic weights”, modeling the 
intensity of synaptic connections of the cell C(i, j) with 
the inputs (feedforward signals) and outputs (feedback 
signals) of the neighboring cells C(k,/). The CNN 
output equation connects the states of a cell with the 
outputs. 

The majority of CNN applications use space- 
invariant standard CNNs with a cellular neighborhood 
of 3 x3 cells and no variation of synaptic weights 
and cellular thresholds in the cellular space. A 3 x 3 
sphere of influence at each node of the grid contains 
nine cells with eight neighboring cells and the cell in 
its center. In this case, the contributions of the output 
(feedback) and input (feedforward) weights can be 
reduced to two fixed 3 x 3 matrices, which are called 
feedback (output) cloning template A and feedforward 
(input) cloning template B. Thus, each CNN is uniquely 
defined by the two cloning templates A, B, and a 
threshold z, which consist of 3x 3+3x3+1=19 
real numbers. They can be ordered as a string of 19 
scalars with a uniform threshold, nine feedforward, 
and nine feedback synaptic weights. This string is 
called a “CNN gene” because it completely determines 
the dynamics of the CNN. Consequently, the universe 
of all CNN genes is called the “CNN genome.” In 
analogy to the human genome project, steady progress 
can be made by isolating and analyzing various 
classes of CNN genes and their influences on CNN 
genomes. 
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Applications 

In visual computing, the triple A, B, z, and its 19 real 
numbers can be considered as a CNN macroinstruction 
on how to transform an input image into an output 
image. Simple examples are a subclasses of CNNs 
with practical relevance such as the class C(A, B, z) 
of space-invariant CNNs with excitatory and inhibitory 
synaptic weights, the zero-feedback (feedforward) 
class C(0, B, z) of CNNs without cellular feedback, 
the zero-input (autonomous) class C(A, 0, z) of CNNs 
without cellular input, and the uncoupled class 
C(A°, B, z) of CNNs without cellular coupling. In A°, 
all weights are zero except for the weight of the cell in 
the center of the matrix. Their signal flow and system 
structure can be illustrated in diagrams that can easily 
be applied to electronic circuits as well as to typical 
living neurons. 

CNN templates are extremely useful for standards 
in visual computing. Simple examples are CNNs 
detecting edges either in binary (black-and-white) input 
images or in gray-scale input images. An image consists 
of pixels corresponding to the cells of a CNN with 
binary or gray scale. Logic operators can also be 
realized by simple CNN templates in order to combine 
CNN templates for visual computing. The logic Nor 
CNN operation inverts intensities of all binary image 
pixels, the foreground pixels becoming the background, 
and vice versa. The logic anp (logic or, respectively) 
CNN operation performs a pixel-wise logic aNp (logic 
or operation, respectively) on corresponding elements 
of two binary images. These operations can be used as 
elements of some Boolean logic algorithms that operate 
in parallel on data arranged in the form of images. 

The simplest form of a CNN can be characterized 
via Boolean functions. We consider a space-invariant 
binary CNN belonging to the uncoupled class 
C(A°, B, z) with a 3 x 3 neighborhood that maps any 
static 3 x 3 input pattern into a static binary 3 x 3 
output pattern. It can be uniquely defined by a Boolean 
function of nine binary input variables, where each 
variable denotes one of the nine pixels within the sphere 
of influence of a cell. Although there are infinitely many 
distinct templates of the class C (A°, B, z), there are 
only a finite number of distinct combinations of 3 x 3 
pattern of black and white cells, namely, 29 =512. As 
each binary nine input pattern can map to either 0 
(white) or 1 (black), there are 2°!? distinct Boolean 
maps of nine binary variables. Thus, every binary 
standard CNN can be uniquely characterized by a 
CNN truth table, consisting of 512 rows with one for 
each distinct 3 x 3 black-and-white pattern, nine input 
columns with one for each binary input variable, and 
one output column with binary values of the output 
variable. 

2°!2 = 1.3408 x 1054 > 10!54 is an “immense” 
number (in the sense proposed by Walter Elsasser), 
although the uncoupled C(A°, B, z) CNNs are only 
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a small subclass of all CNNs. So, the question arises 
as to which subclass of Boolean functions exactly 
characterizes the uncoupled CNNs. In their critique 
of the perceptron (1969), M. Minsky and S. Papert 
introduced the concept of linearly separable and 
nonseparable Boolean functions. It can be proven that 
the class C(A°, B, z) of all uncoupled CNNs with 
binary inputs and binary outputs is identical to the 
linearly separable class of Boolean functions. Thus, 
linearly nonseparable Boolean functions such as, for 
example, the XOR function cannot be realized by an 
uncoupled CNN. But the uncoupled CNNs can be used 
as elementary building blocks that are connected by 
CNNs of logical operations. It can be proved that every 
Boolean function of nine variables can be realized by 
using uncoupled CNNs with nine inputs and either one 
logic or CNN, or one logic anp CNN, in addition to one 
logic Nor CNN. 

Every uncoupled CNN c(A°, B, z) with static 
binary inputs is completely stable in the sense that 
any solution converges to an equilibrium point. The 
waveform of the CNN state increases or decreases 
monotonically to the equilibrium point if the state at this 
point is positive or negative. Moreover, except for some 
degenerate cases, the steady-state output solution can 
be explicitly calculated by an algebraic formula without 
solving the associated nonlinear differential equations. 
Obviously, this is an important result to characterize 
a CNN class of nonlinear dynamics with robust CNN 
templates. Completely stable CNNs are the workhouses 
of the most current CNN applications. But there are 
also even simpler CNNs with oscillatory or chaotic 
behavior. Future applications will exploit the immense 
potentials of the unexplored terrains of oscillatory 
and chaotic operating regions. Then, Cellular Neural 
Networks will actually be transformed to Cellular 
Nonlinear Networks with all kinds of phase transitions 
and attractors of nonlinear dynamics. 


Complexity Paradigm 


From the perspective of nonlinear dynamics, it is 
convenient to think of standard CNN state equations 
as a set of ordinary differential equations with 
the components of the CNN gene as bifurcation 
parameters. Then, the dynamical behavior of standard 
CNNs can be studied in detail. Numerical examples 
deliver CNNs with limit cycles and chaotic attractors. 
The emergence of complex structures in nature 
can be explained by the nonlinear dynamics and 
attractors of complex systems. They result from the 
collective behavior of interacting elements in a complex 
system. The different paradigms of complexity research 
promise to explain pattern formation and pattern 
recognition in nature by specific mechanisms (e.g., 
Prigogine’s chemical dissipation, Haken’s work on 
lasers). From the CNN point of view, it is convenient to 
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study the subclass of autonomous CNNs where the cells 
have no inputs. In these systems, it can be explained how 
patterns can arise, evolve, and sometimes converge to 
an equilibrium by diffusion-reaction processes. Pattern 
formation starts with an initial uniform pattern in 
an unstable equilibrium that is perturbed by small, 
random displacements. Thus, in the initial state, the 
symmetry of the unstable equilibrium is disturbed, 
leading to rather complex patterns. Obviously, in 
these applications, cellular networks do not refer only 
to neural activities in nerve systems, but to pattern 
formation in general. 

A CNN is defined by the state equations of 
isolated cells and the cell coupling laws. For 
simulating reaction-diffusion processes, the coupling 
law describes a discrete version of diffusion (with 
a discrete Laplacian operator). CNN state equations 
and CNN coupling laws can be combined in a CNN 
reaction-diffusion equation, determining the dynamics 
of autonomous CNNs. If we replace their discrete 
functions and operators by their limiting continuum 
version, then we obtain the well-known continuous 
partial differential equations of reaction-diffusion 
processes that have been studied in different complexity 
approaches. Chua’s version of the CNN reaction- 
diffusion equation delivers computer simulations of 
these pattern formations in chemistry and biology (e.g., 
concentric, auto, and spiral waves). On the other hand, 
for any nonlinear partial differential equation, many 
appropriate CNN equations can be associated with it. 
In many cases, it is sufficient to study the computer 
simulations of associated CNN equations, in order to 
understand the nonlinear dynamics of these complex 
systems. 


CNN Universal Machine and Programming 


There are practical and theoretical reasons for 
introducing a CNN Universal Machine (CNN-UM). 
From an engineering point of view, it is totally 
impractical to implement different CNN components or 
templates with different hardwired CNNs. Historically, 
John von Neumann’s general-purpose computer was 
inspired by Alan Turing’s universal machine in order 
to overcome all the different hardware machines 
of the 1930s and 1940s for different applications. 
From a theoretical point of view, CNN-UM opens 
new avenues of analog neural computers. In the 
CNN-UM, analog (continuous) and logic operations 
are mixed and embedded in an array computer. 
It is a complex nonlinear system, which combines 
two different types of operations, namely continuous 
nonlinear array dynamics and continuous time with 
local and global logic. Obviously, the mixture of 
analog and digital components considerably resembles 
to neural information processing in living organisms. 
The stored program, as a sequence of templates, could 
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be considered as a genetic code for the CNN-UM. The 
elementary genes are the templates. 

After the introduction of the architecture with 
standard CNN universal cells and the global analog 
programming unit (GAPU), the complete sequence of 
an analog CNN program can be executed on a CNN- 
UM. The description of such a program contains the 
global task, the flow diagram of the algorithm, the 
description of the algorithm in a high level a (analog) 
programming language, and the sequence of macro- 
instructions by a compiler in the form of an analog 
machine code (AMC). At the lowest level, the chips are 
embedded in their physical environment of circuits. The 
AMC code will be translated into hardware circuits and 
electrical signals. At the highest level, the w compiler 
generates a macro-level code called analog macro-code 
(AMC). The input of the a compiler is the description 
of the flow diagram of the algorithm using the language. 
In Figure 2, the levels of the software and the core 
engines are described. The analog macro code is used 
for software simulations running on a Pentium chip in 
a PC and for applications in a CNN-UM Chip with a 
CNN Chip Prototyping System (CCPS). 

The CNN-UM is technically realized by analog 
and digital VLSI implementation. It is well known 
that any complex system of digital technology can 
be built from a few implemented building blocks by 
wiring and programming. In the same way, the CNN- 
UM, also containing analog building blocks, can be 
constructed. A core cell needs only three building 
blocks of a capacitor, resistor, and a VCCS (voltage- 
controlled current source). If a switch, a logic register, 
and a logic gate are added to the three building 
blocks, the extended CNN cell of the CNN-UM can 
be implemented. In principle, six building blocks plus 
wiring are sufficient to build the CNN-UM: resistor, 
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Figure 2. Levels of the software and the core engines in the 
CNN-UM. 
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capacitor, switch, VCCS, logic register, logic gate. As 
in a digital computer, stored programmability can also 
be introduced for analog neural computers, enabling 
the fabrication of visual microprocessors. Similar 
to classical microprocessors, stored programmability 
needs a complex computational infrastructure with 
high-level language, compiler, macro-code, interpreter, 
operating system, and physical code, in order to make 
it understandable for the human user. Using this 
computational infrastructure, a visual microprocessor 
can be programmed by downloading the programs 
onto the chips, as in the case of classical digital 
microprocessors. Writing a program for an analog CNN 
algorithm is as easy as writing a BASIC program. 
With respect to computing power, CNN computers 
offer an orders-of-magnitude speed advantage over 
conventional technology when the task is complex. 
There are also advantages in size, complexity, and 
power consumption. A complete CNN-UM on a chip 
consists of an array of 64 x 64 0.5 um micron CMOS 
cell processors. Each cell is endowed not only with 
a sensor for direct optical input of images and video 
but also with communication and control circuitries, as 
well as local analog and logic memories. CNN cells 
are interfaced with their nearest neighbors, as well as 
with the outside world. A CNN chip with 4096 cell 
processors on a chip means more than 3.0 Tera-OPS 
(operations per second) equivalent of computing power, 
which is about a 1000 times faster than the computing 
power of an advanced Pentium processor. By exploiting 
the state-of-the-art vertical packaging technologies, 
close to 10!° OPS CNN-UM architectures can be 
constructed on chips with 200 x 200 arrays. Thus, CNN 
universal chips will realize Tera-OPS or even Penta- 
(10!5) OPS, which are required for high-speed target 
recognition and tracking, real-time visual inspection 
of manufacturing processes, and intelligent machine 
vision capable of recognizing context-sensitive and 
moving scenes. 
K.aus MAINZER 


See also Attractor neural network; Cellular 
automata; Integrable cellular automata 
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CENTER MANIFOLD REDUCTION 

A dynamical system might be difficult to solve, 
even numerically. To better understand its behavior 
in the neighborhood of an equilibrium, a reduction 
can be performed. For this, one starts with the 
eigenvalue spectrum A of the linearized system. 
In the linear evolution ~ exp(At), eigenvalues with 
HA <O (MA > 0) are called stable (unstable), whereas 
those with 94 =0 are called central. 

In the neighborhood of an equilibrium point, P, 
of a dynamical system, in general, three different 
types of invariant manifolds exist: the trajectories 
belonging to the stable manifold M* are being attracted 
by P, whereas those of the unstable manifold M" 
are being repelled. The dynamics on the center 
manifold M° depend on the nonlinearities. For the 
linearized problem, E* = M*, EY = M", and E° = M° 
are uniquely determined linear subspaces that span 
the whole space. The transition to the nonlinear 
system causes (only) deformations of the linearly 
determined manifolds M,, My, and M,. However, the 
form of the latter critically depends on the nonlinear 
terms. 

Let us elucidate that the behavior for the very simple 
system (Grosche et al., 1995) 


kanxy, ys-ytx’, (dd) 


Here, the dot means differentiation with respect to time 
t. The equilibrium point P is (0, 0), and the linearized 
system is 

#=0, j=-y. (2) 
Here, we have the stable manifold E* being identical to 
the y-axis and the center manifold E° being identical 
to the x-axis. The linearized problem can be visualized 
by the graph shown in Figure 1. 
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Figure 1. The linear stable (E‘) and center manifold (E°) for 
example (1). 


Both manifolds will be deformed in the transition 
to the nonlinear system. The (nonlinear, perturbed) 
center manifold can be described in the present 
example by 


MS: y=h(x) (3) 


with h(0) =h’(0) = 0. Using that ansatz for the center 
manifold in (1), we obtain 


x = —x h(x). (4) 
Differentiating (3) with respect to t, leads to 
pHn(ayt (5) 
or 


—h(x) +x? = h'(x)[—xh(x)], (6) 


that is, a differential equation for h = h(x). Performing 
a power series ansatz h(x) = cx? +dx3 + +++, we find 
that c = 1. The (nonlinear) center manifold is thus given 
by 

yar? pers, (7) 


and the dynamics on it follows from 
tax; (8) 


that is, the trajectories are being attracted by P. For an 
illustration, see Figure 2. 


More General Theoretical Background 


Let us now generalize the idea and consider a system 
of ordinary differential equations (ODEs) 


a = Aa+ N(a,b), (9) 





b = Bb+Maa,b), (10) 


describing the dynamics of amplitudes aj, ..., a, and 
by,..., bm of n linear marginal stable modes and m 
linear stable modes, respectively [(a),...,dn):=a, 
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Figure 2. The stable (M‘) and center manifold (M°) for 
example (1). 


(b1,...,bm):=b]. This implies that the real parts 
of eigenvalues of the matrix A vanish, and the 
real parts of the eigenvalues of the matrix B are 
negative. The functions N(a, b), M(a, b) €C” on the 
right-hand sides of Equations (9) and (10) represent 
the nonlinear terms. Let E° be the n-dimensional 
(generalized) eigenspace of A and E* be the m- 
dimensional (generalized) eigenspace of B. Under 
these assumptions, the center manifold theorem 
provides the following statement (Guckenheimer & 
Holmes, 1983): 


There exists an invariant C” manifold M* and an 
invariant C’—! manifold M° that are tangent at 
(a,b) =(0,0) to the eigenspaces E* and E°, 
respectively. The stable manifold M* is unique but the 
center manifold M®° is not necessarily unique. 


Locally, the center manifold M° can be represented as 
a graph, 


M° = {(a, b)|b = h(a)}, hO) = 0, DAO) = 0,11) 


where the C’~! function h is defined in a neighborhood 
of the origin, and Dh denotes the Jacobi matrix. 
Introducing (11) in Equations (9) and (10), we 
obtain 


a= Aa+ Nia, h(a)), (12) 


Dh(a) [Aa + N(a, h(a))]=Bh(a) + M(a, h(a)). 
(13) 


The solution h of Equation (13) can be approximated 
by a power series. The ambiguity of the center manifold 
is manifested by the fact that h is determined only 
modulo C®, a non-analytic function; thus, the power 
series approximation of the function A is unique. The 
importance of the center manifold theory is reflected by 
the following theorem (Marsden & McCracken, 1976; 
Carr, 1981): 


If there exists a neighborhood U* of (a, b) = (0, 0) 
on M®, so that every trajectory starting in US never 
leaves it, then there exists a neighborhood U_ of 
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(a, b) =(0, 0) in 8” x WR”, so that every trajectory 
starting in U converges to a trajectory on the center 
manifold. 


Therefore, it is sufficient to discuss the dynamics on 
the center manifold, described by Equation (12). If 
all solutions are bounded to some neighborhood of 
the origin, then we have described all features of the 
asymptotic behavior of Equations (9) and (10). In order 
to fulfill the condition, the function N(a, h(a)) has to 
be expanded up to a sufficiently high order. We end up 
with normal forms, for example, the third order may be 
adequate. 

Very often, the problems contain parameters and, in 
addition, the systems may be infinite dimensional. In 
both cases, one can generalize the theory presented so 
far. Parameters can be taken into account by expanding 
Equations (9) and (10) to 





a = A(A)a+ N(a,b, A), (14) 
b = B(A)b+ M(a,b, A), (15) 
A =0, (16) 


where A= (a) +1,...,@+1) contains / parameters. 
The center manifold now has dimension n +/. 


PDE Reduction and Symmetry Considerations 


The theory is also valid in the infinite-dimensional case, 
if the spectrum of the linear operator can be split into 
two parts. The first part contains a finite number of 
eigenvalues whose real parts are zero, and the second 
part contains (an infinite number of) eigenvalues with 
negative real parts that are bounded away from zero. 
To elucidate the power of center manifold reduction, 
let us consider the partial differential equation (PDE) 


ao ro ao 
a t t tv 
at ay ay? dys ay4 





o=0. 
(17) 


All coefficients a, 6, and v are nonnegative. In the 
following, we treat 6 as a fixed parameter, and 
consider the dynamics in dependence in a and v. The 
linearization with ¢ =O as the equilibrium solution 
leads to 


w= —Bk> +i (—-k* +. ak? — v) (18) 





when we assume a unit cell of length 27 with periodic 
boundary conditions. A typical dependence of the linear 
growth (or damping) rate y := Sw is shown in Figure 3 
for a=5.25 and v=3.8. 

The case of two unstable modes (kK=1,2) is 
already highly nontrivial. Let us choose w = a, = 5 and 
v =v, =4. Then, the modes @ = sin y, 6® = cos y, 
¢ = sin 2y, and@ = cos 2y belonging tok = 1 and 
2, respectively, are marginally stable. We introduce 
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Figure 3. Growth rate curve, with two unstable modes at k = 1 
and k = 2 for the PDE (17). 


the four (real) amplitudes a1, a2, a3, and a4, as well 
as 5 =a@—Q_ and a6 =v — ve. The center manifold 
theory will allow us to derive a closed set of nonlinear 
amplitude equations 

Gy = fn(ai,---,46), N=1,...,6, (19) 
which are valid in the neighborhood of the critical point 
Qc, Ve. One has fs = fo =0. The other functions f,, are 
written as a power Series in dy, 


fa= So AP aw SS. AR? om Gp #34*Q0) 


l<m<6 l<m<p<6 


The dynamics on the center manifold is characterized 


by aj,...,a6. Thus, we can make the ansatz (Carr, 
1981) 
b(t) = So ant) #() 
l<n<4 
+ Yo an) ano" (y), 21) 
l<n<m<6 


where the (3) = 21 new functions g”“™ and, of course, 
the next () = 56 functions grmr), and so on, can be 
chosen orthogonal to o™, | eee 

The technical procedure is now as follows. One 
inserts ansatz (21) into the basic equation (17) and 
compares equal orders in the amplitudes. For example, 
in the second-order, one collects equal powers ards; the 
“coefficients” (being equated to zero) will determine 
the unknown functions ¢” via ODEs. Taking into 
account the (periodic) boundary conditions, we have 
to satisfy the solvability conditions. Collecting equal 
powers of the amplitudes a,, we find the solutions for 
the coefficients Ay”. With these values, we can solve 
for @”), This procedure should be continued to higher 
orders. 

Actually, when written explicitly, one faces consid- 
erable work (in second order, we have to solve for 84, 
and in third order for 224 coefficients A;", and so on). 
One can simplify the calculations by making use of 
symmetries. 
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Translational invariance implies the following. If 
¢(y) is a solution, 


Tyo (y) = b(y + yo) (22) 


will also satisfy the dynamical equation (17), where yo 
is areal shift parameter. (In the case 6 = 0, we also have 
the mirror symmetry ¢(y) = @(— y).) 

Remember the structure of the center manifold re- 
duction: the modes eg”, gan), ... have to be de- 
termined from inhomogeneous differential equations. 
The inhomogeneities contain (in nonlinear forms) the 
marginal modes oe”, r=1,...,4. Thus, the so-called 
slaved modes can be written in symbolic form as 


pen) = pm) [os] (23) 


Thus, the following symmetry should hold: 


Tyo h™ [EP }] =H" [TG]. 24) 


The consequences of the translational symmetry are 
most easily seen when combing the marginal modes to 


4 
gi= Yiag” =9 (cre + ce!) (25) 
r=l 


with the complex amplitudes cj:=a,;+ia2, c2:= 
a3 + ia4. The (complex) amplitude equations are 

€ = Bn(C1, C2, 45,46), n= 1,2, (26) 
dy = 0; m=5,6, (27) 


The translational symmetry (22) requires 


iny iy i2y 
eM) gn (C1, €2, 5, 46) = Sn (eer, eer, a5, a6) 


(28) 
for n=1,2. The vector field (g,, 92) is called 
equivariant with respect to the operation 


(C1, €2) > (ee, ee) . (29) 


The most general form of vector fields being equivariant 
under operation (28) is 


(g1. 82) = (c1Pi+G10201, e2P2+c7Q2), (30) 


where P;, P2,Q;, and Q» are polynomials in 
Ic1|?, Ic2|?, and R(ci{er); of course, they can also 
depend on as and a6. 

Keeping in mind the symmetry properties, the 
general form of the amplitude equations reduces to 


éy = Acy + Adjeo + Ceyler|? + Ecy|eo|* + O(\cl), 








(31) 
2 = per + Bet + Dealerl? + Fer|c2\? + O(lel), 

(32) 
45 =a=0. (33) 
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A straightforward analysis leads to 








AX =adas5—dg—if, jb =4as5 — ag +i8B, 
A=}, B=-4, 

2 2 ’ (34) 
C=0, D= ~ FQ0=198)° 

1 1 
E= xD, Fa ~ T2(5—14B) * 


This completes the center manifold reduction. 

Very interesting conclusions result, for example, 
with respect to the number of modes and their interplay 
in time, from the systematic treatment with the center 
manifold theory. For example, one interesting aspect is 
that the present codimension-two analysis can describe 
successive bifurcations of one unstable mode, which, 
in some cases can lead to chaos in time. 

KArL SPATSCHEK 


See also Inertial manifolds; Invariant manifolds 
and sets; Synergetics 
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CENTRAL LIMIT THEOREM 


See Martingales 


CHAOS VS. TURBULENCE 

The notion of chaos has its genesis in the work of 
Henri Poincaré (See Poincaré theorems) on the three- 
body problem of celestial mechanics. Poincaré realized 
that this problem cannot be reduced to quadratures 
and solved in the manner of the two-body problem. A 
precise definition of chaos or non-integrability can be 
given in terms of the absence of conserved quantities 
necessary to yield a solution. It took several decades 
for the full significance of non-integrable dynamical 
systems to be appreciated and for the term “chaos” to 
be introduced (See Chaotic dynamics). An important 
step was the 1963 paper by Edward N. Lorenz, entitled 
“Deterministic Nonperiodic Flow” (Lorenz, 1963), on 
a model describing thermal convection in a layer of 
fluid heated from below. The Lorenz model truncates 
the basic fluid dynamical equations, written in terms 
of Fourier amplitudes, to just three modes (See Lorenz 
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equations): 
x = -ox+oy, 
=—xg-+rx—y (1) 
Z=xy— bz. 


In this system, x is the time-dependent amplitude 
of a stream-function mode, while y and z are mode 
amplitudes of the temperature field. The parameters 
o, r, and b depend on the geometry, the boundary 
conditions, and the physical parameters of the fluid. 
Equations (1) are a subset of the full, infinite system 
of mode amplitude equations, chosen such that it 
exactly captures the initial instability of the thermally 
conducting state to convecting rolls when the parameter 
r, known as the Rayleigh number, is increased. 

What Lorenz observed in numerical solutions of (1), 
and verified by analysis, was that very complicated, er- 
ratic solutions would arise when r was increased well 
beyond the conduction-to-convection transition. In fact, 
Lorenz had found the first example of what is today 
called a strange attractor (See Figure 1 and Attrac- 
tors). System (1) is clearly deterministic, yet it can pro- 
duce non-periodic solutions. There were other intrigu- 
ing aspects of the solutions to (1) in the chaotic regime. 
Solutions arising from close initial conditions would 
separate exponentially in time, leading to an ap- 
parently random dependence on initial conditions 
of the solution after a finite time (See Butterfly 
effect). Today, this would be associated with the ex- 
istence of a positive characteristic Lyapunov expo- 
nent. A list of “symptoms” can be established that 
are shared by systems having the property of chaos, 
including: complex temporal evolution, exponential 
separation from close initial conditions, a strange 
attractor in phase space (if the system is dissipa- 
tive), and positive Lyapunov exponents. An impor- 
tant difference from Poincaré’s work was that Lorenz’s 
system described a dissipative system in which energy 
is not conserved. 

From the start, the potential connection between 
chaos and other concepts in statistical physics, such 
as ergodicity and turbulence, was of central interest. 
For example, chaos was thought to imply ergodic 





Figure 1. Strange attractor associated with the Lorenz equa- 
tions. Reproduced with permission from Images by Paul Bourke, 
http://astronomy.swin.edu.au/ pbourke/fractals/lorenz/. 
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behavior in the sense of the “ergodic hypothesis” under- 
lying equilibrium statistical mechanics (See Ergodic 
theory). Similarly, the connection between chaos and 
turbulence was sought, particularly appropriate given 
that Lorenz’s model was of a fluid flow. Experiments on 
other fluid systems by Gollub, Swinney, Libchaber, and 
later many others established that the transition from 
laminar to turbulent flow typically takes place through 
a regime of chaotic fluid motion. The well-known route 
to chaos via period-doubling bifurcations of Mitchell J. 
Feigenbaum belongs here as well (Feigenbaum, 1980; 
Eckmann, 1981). In view of this, it is natural to think 
that turbulent flow itself is simply some kind of chaotic 
flow state. 

Turbulence is a common state of fluid flow that 
shares several “symptoms” with chaotic dynamical 
systems, but also has distinct features not easily 
duplicated by chaos. The word “turbulence” was 
apparently first used by Leonardo da Vinci to describe 
a complex flow. In mathematical terms, turbulent flows 
should be solutions of the Navier-Stokes equation, 
usually written in the dimensionless form (See Navier- 
Stokes equation) 


-Vp+R'Au, (2) 
V-u=0. (3) 


| 
+ 
is 
J 
J 
ll 


We have restricted attention to incompressible flows 
by insisting in (3) that the velocity field u(x, t) be 
divergence free. In (2) the field p represents the 
pressure—the constant density has been absorbed in 
the nondimensionalization. The sole dimensionless 
parameter R is Reynolds number. In terms of physical 
variables R= UL/v, where U is a typical scale of 
velocity, L a typical length scale of the flow, and n 
is the kinematic viscosity of the fluid. For small values 
of R, say 0 < R <1, the flow is laminar. For moderate 
R, say 1 < R < 100, various periodic flow phenomena 
may arise, such as the shedding of vortices from blunt 
bodies. For large R, the flow eventually breaks down 
into many interacting eddies—this is turbulent flow. 
Since most flowing fluid is, in fact, flowing at large R, 
turbulence is the prevailing flow state of fluids in our 
surroundings (oceans and atmosphere), in the universe 
in general, in many industrial processes, and to some 
extent, within our bodies. 

The characterization of what makes a flow turbulent 
is not nearly so clear as what makes a dynamical system 
chaotic. First, the issue of whether the particular set 
of nonlinear partial differential equations (2) and (3) 
even has a smooth solution for all time, given smooth 
initial conditions, is still unsettled and is one of the 
prize challenges set by the Clay Mathematics Institute 
(http://www.claymath.org). In spite of several attempts, 
a convincing example of a flow with smooth initial 
conditions, evolving under (2) and (3), that develops 
a singularity in a finite time has not been found. 
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Conversely, there is no proof that solutions with the 
requisite number of derivatives will exist for all time. 

Turbulent flows are also recognized by a variety of 
“symptoms.” The flow velocity as a function of time 
at any given point in a turbulent flow is a random 
function (roughly a Gaussian). However, the overall 
nature of the velocity field viewed as a random vector 
field is not Gaussian. The random nature of turbulent 
velocity fields is today thoroughly familiar to the flying 
public. The randomness is not just temporal at a fixed 
point in space; the spatial variation of the flow field 
at a given time constitutes a multitude of interacting 
eddies of different sizes. Because of their random 
character, turbulent flows stir vigorously, leading to 
rapid dispersal of a passively advected substance or a 
field, such as temperature, and to a rapid exchange of 
momentum with contiguous fluid. In the classic pipe 
flow experiment of Osborne Reynolds, for example, in 
which the transition from laminar to turbulent flow was 
first demonstrated to depend only on the dimensionless 
number R, a streak of dye introduced at the inlet would 
remain a thin streak (except for a bit of molecular 
diffusion) when the flow in the pipe was laminar. 
When the flow rate was increased and the flow became 
turbulent, the dye rapidly dispersed across the pipe. 

In a turbulent flow, the large scales of motion, which 
are typically in contact with some kind of forcing 
from the outside, will generate smaller scales through 
interactions and instabilities. This process continues 
through a broad range of length scales, ultimately 
reaching small scales where molecular dissipation is 
effective and quells the motion altogether. The repeated 
process of “handing down” energy from larger scales 
to smaller scales is a key process in turbulence. It 
is usually referred to as the Kolmogorov cascade 
(See Kolmogorov cascade). The qualitative nature 
of this process was already envisaged by Lewis Fry 
Richardson and was described by him in an adaptation 
of a verse by Jonathan Swift: 


Big whorls have little whorls, 

Which feed on their velocity; 

And little whorls have lesser whorls, 

And so on to viscosity (in the molecular sense). 


Because of its broad range of length scales, 
the energy in a turbulent flow may be considered 
partitioned among modes of different wavenumbers k. 
The energy spectrum E(k) is defined such that E(k) dk 
is the amount of kinetic energy of the turbulent flow 
associated with motions with wavenumbers between 
k and k+dk. The cascade implies a transfer of 
energy from scale to scale with a characteristic energy 
flux per unit mass, ¢, which must also be equal to 
the rate at which energy is fed to the flow from 
the largest scales, and to the rate at which energy 
is dissipated by viscosity at the smallest scales. A 
simple dimensional argument then (See Dimensional 
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analysis) gives the dependence of E(k) on ¢ and k 
to be 


E(k) = Ce 3K, (4) 


This is the well-known Kolmogorov spectrum, pre- 
dicted by Andrei N. Kolmogorov in 1941 (Hunt et al., 
1991; Frisch, 1995) and only subsequently verified by 
experiments in a tidal channel (see Figure 2). 
Turbulence has many further intriguing statistical 
properties, which remain subjects of active research. 
A major shift in our thinking on turbulence occurred in 
the late 1960s and in the 1970s when experiments by 
Kline and Brown & Roshko demonstrated that even in 
turbulent shear flows at very large Reynolds number, 
one can identify coherent structures that organize the 
flow to some extent (Figure 3). Later investigations have 
shown that even in homogeneous, isotropic turbulence, 
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Figure 2. One-dimensional spectrum in a tidal channel from 
data in Grant et al. (1962). 





Figure 3. Coherent structures in a turbulent mixing layer. From 
Brown & Roshko (1974), reprinted from An Album of Fluid 
Motion, M. Van Dyke, Parabolic Press, 1982. 
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the flow is often organized into strong filamentary 
vortices. The persistence of these organized structures, 
which can dominate the flow for long times and 
interact dynamically, forces a strong coupling among 
the spectral modes, reducing the effective number of 
degrees of freedom of the problem. 

Chaos and turbulence both describe states of a 
deterministic dynamical system in which the solutions 
appear random. Our current understanding of chaos is 
largely restricted to few-degree-of-freedom systems. 
Turbulence, on the other hand, is a many-degree- 
of-freedom phenomenon. It seems somewhat unique 
to fluid flows—related phenomena such as plasma 
turbulence or wave turbulence appear to be intrinsically 
different. The emergence of collective modes in the 
form of coherent structures in turbulence amidst 
the randomness is an intriguing feature, somewhat 
reminiscent of the mix between regular “islands” and 
the “chaotic sea” observed in chaotic, low-dimensional 
dynamical systems. The coherent structures themselves 
approximately form a deterministic, low-dimensional 
dynamical system. However, it seems impossible to 
fully eliminate all but a finite number of degrees of 
freedom in a turbulent flow—the modes not included 
explicitly form an essential, dissipative background, 
often referred to as an eddy viscosity, that must be 
included in the description. 

Turbulence is intrinsically spatiotemporal, whereas 
chaotic behavior in a fluid system can be merely 
temporal with a simple spatial structure. It is possible 
for the flow field to be perfectly regular in space 
and time, yet the trajectories of fluid particles moving 
within the flow will be chaotic. This is the phenomenon 
of chaotic advection (See Choatic advection), which 
points out the hugely increased complexity of a 
turbulent flow relative to chaos in a dynamical system. 
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CHAOTIC ADVECTION 


In fluid mechanics, advection means the transport of 
material particles by a fluid flow, as when smoke from 
a chimney is blown by the wind. The term passive 
advection is sometimes used to emphasize that the 
substance being carried by the flow is sufficiently inert 
that it follows the flow entirely, the velocity of the 
advected substance at every point and every instant 
adjusting to that of the prevailing flow. 

To describe the kinematics of a fluid, two points 
of view may be adopted: the Eulerian representation 
focuses on the velocity field u as a function of position 
and time, u(x,t); the Lagrangian representation 
emphasizes the trajectories x p(t) of a fluid particle as 
it is advected by the flow. The two points of view are 
linked by stating that the value of the velocity field at 
a given point in space and instant in time equals the 
velocity of the fluid element passing through that same 
point at that instant, that is, 


Xp(t) = u(xp(t), ft). qd) 


The Eulerian representation is used extensively for 
measurements and numerical simulations of fluid flow 
since it allows one to fix the points in space and time 
where the field is to be determined. The Lagrangian 
representation, on the other hand, is often more natural 
for theoretical analysis, as it explicitly addresses the 
nonlinearity of the Navier-Stokes equation. 

For a given flow, the equations of motion (1), 
sometimes called the advection equations, are a 
system of ordinary differential equations that define a 
dynamical system. These equations can be integrable 
or non-integrable. Chaotic advection appears when the 
equations are non-integrable and the trajectories of 
fluid elements become chaotic. The dynamical system 
defined by (1) has two or more degrees of freedom. 
For a two-dimensional time-independent or steady flow, 
there are just two degrees of freedom and no chaotic 
motion is possible. However, already for a 2-d time- 
dependent or a 3-d steady flow, there are enough degrees 
of freedom to allow for chaotic trajectories. In other 
words, chaotic advection can appear even for flows that 
would otherwise be considered laminar. 

The phenomenon of chaotic advection is also 
known as Lagrangian chaos, or sometimes Lagrangian 
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turbulence. Usually, the word turbulence refers to the 
Eulerian representation and to flows in which the 
velocity field fluctuates across a wide range of spatial 
and temporal scales with limited correlations. In such 
flows, the trajectories of fluid elements are always 
chaotic. By contrast, chaotic advection or Lagrangian 
chaos can arise in situations where the velocity field is 
spatially coherent and the time dependence is no more 
complicated than a simple periodic modulation. 

Many examples have now been given to illustrate 
the point that the complexity of the spatial structure of 
material advected by a flow can be much greater than 
one might surmise from a picture of the instantaneous 
streamlines of the flow. Thus, in the paper that 
introduced the notion of chaotic advection (Aref (1984) 
and Figure 1), the case of two stirrers that act alternately 
on fluid confined to a disk was considered. Each stirrer 
was modeled as a point vortex that could be switched 
on and off. There are several parameters in the system, 
such as the strengths and positions of the vortex stirrer 
and the time interval over which each acts. For a wide 
range of parameter values, the dynamics is as shown in 
Figure 1; after just a few periods, the 10,000 particles 
being advected are spread out over a large fraction of 
the disk. 

Chaotic advection gives rise to very efficient stirring 
of a fluid. Material lines are stretched at a rate given 
by the Lyapunov exponent. In bounded flows, these 
exponentially growing material lines have to be folded 
back over and over again, giving rise to ever finer and 
denser striations. They are familiar from the mixing 
of paint or from marbelized paper. On the smallest 
scales diffusion, takes over and smoothes the steep 
gradients, giving rise to mixing on the molecular scale. 
The interplay between stirring and diffusion is the 





Figure 1. Spreading of 10,000 particles in a cylindrical 
container (disk) under the alternating action of two stirrers. 
The positions of the stirrers are marked by crosses. (a) initial 
distribution; (b)-(g) positions of the particles after 1, 2, ..., 6 
periods; (h) after 9 periods; (i) after 12 periods. From (Aref, 
1984). 
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source of the efficient mixing in the presence of chaotic 
advection. This phenomenon is being exploited in 
various procedures for mixing highly viscous fluids, 
including applications to materials processing, in 
micro-fluidics, and even in large-scale atmospheric, 
oceanographic, and geological flows. It may play a role 
in the feeding of microorganisms. 

In the case of 2-d incompressible flows the equations 
of motion allow for an interesting connection to 
Hamiltonian dynamics. The velocity field can be 
represented through a stream function (x, y,t), so 
that u = V x we, and Equations (1) for the trajectories 
of fluid elements become 
ea yet Q) 

dy ax 
The relation to Hamilton’s canonical equations is 
established through the identification x=position, 
y=momentum, and y=Hamilton function. Thus, what 
is the phase space in Hamiltonian systems can be 
visualized as the position space in the hydrodynamic 
situation. The structures that appear in 2-d periodically 
driven flows are, therefore, similar to the phase space 
structures in a Poincaré surface of section for a chaotic 
Hamiltonian system, and the same techniques can be 
used to analyze the transport of particles and the 
stretching and folding of material lines. 

The phenomena that arise in chaotic advection by 
simple flows may be relevant to turbulent flows when 
a separation of length and time scales is possible. 
Consider, for example, the small-scale structures that 
appear in the density of a tracer substance when the 
molecular diffusivity « of the tracer is much smaller 
than the kinematic viscosity v of the liquid, that is, 
in a situation where the Schmidt number Sc = v/k 
is much larger than one. Then, the velocity field is 
smooth below the Kolmogorov scale, Ax = (v3 /e)!/4, 
where « is the kinetic energy dissipation, but the 
scalar field has structures on even smaller scales, 
down to As = (Sc)~!/2A.«. These arise from Lagrangian 
chaos with a randomly fluctuating velocity field. The 
patterns produced in this so-called Batchelor regime 
are strikingly similar to the ones observed in laminar 
flows. 

On larger scales, ideas from chaotic advection are 
relevant when there are large-scale coherent structures 
with slow spatial and temporal evolution. Typical 
examples are 2-d or quasi-2-d flows, for example, in 
the atmosphere or in the oceans. Fluid volumes can be 
trapped in regions bounded by separatrices or by stable 
and unstable manifolds of stagnation points and may 
have very little exchange with their surroundings. Such 
a reduction in stirring appears to occur in the Wadden 
sea (Ridderinkhof & Zimmerman, 1992). 

Equations (1) apply in this form to fluid elements and 
ideal particles only. For realistic particles with finite 
volume and inertia, further terms must be added. A 
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significant change in the qualitative side is that the 
effective velocity field for inertial particles can have a 
nonvanishing divergence even for incompressible flows 
(Maxey & Riley, 1983). 

The book by Ottino, (1989) and the two conference 
proceedings (Aref, 1994; IUTAM, 1991) provide good 
starting points for entering the many aspects of 
chaotic advection and Lagrangian chaos in engineering 
applications, geophysical flows, turbulent flows, and 
theoretical modeling. Historical remarks may be found 
in the Introduction to Aref, (1994) and in Aref, 
(2002). Today, the term chaotic advection designates 
an established subtopic of fluid mechanics that is used 
as a classification keyword by leading journals and 
conferences in the field. 

Hassan AREF AND BRUNO ECKHARDT 


See also Chaotic dynamics; Chaos vs. turbulence; 
Dynamical systems; Hamiltonian systems; Lya- 
punov exponents; Turbulence 
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CHAOTIC BILLIARDS 
See Billiards 
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When we say “chaos”, we usually imagine a very 
complex scene with many different elements that move 
in different directions, collide with each other, and 
appear and disappear randomly. Thus, according to 
everyday intuition, the system’s complexity (e.g., many 
degrees of freedom) is an important attribute of chaos. It 
seems reasonable to think that in the opposite case, for 
example, a system with only a few degrees of freedom, 
the dynamical behavior must be simple and predictable. 
In fact, this point of view is Laplacian determinism. 
The discovery of dynamical chaos has destroyed this 
traditional view. Dynamical chaos is a phenomenon 
that can be described by mathematical models for 
many natural systems, for example, physical, chemical, 
biological, and social, which evolve in time according 
to a deterministic rule and demonstrate capricious and 
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seemingly unpredictable behavior. To illustrate such 
behavior, consider a few examples. 


Examples 


Hyperion: Using Newton’s laws, one can compute 
relatively easily all future solar eclipses not only for 
the next few hundred years but also for thousands and 
millions of years into the future. This is indicative of a 
real predictability of the system’s dynamical behavior. 
But even in the solar system, there exists an object 
with unpredictable behavior: a small irregularly shaped 
moon of Saturn, Hyperion. Its orbit is regular and 
elliptic, but its altitude in the orbit is not. Hyperion 
is tumbling in a complex and irregular pattern while 
obeying the laws of gravitational dynamics. Hyperion 
may not be the only example of chaotic motion in 
the solar system. Recent studies indicate that chaotic 
behavior possibly exists in Jovian planets (Murray 
& Holman, 1999), resulting from the overlap of 
components of the mean motion resonance among 
Jupiter, Saturn, and Uranus. Chaos in Hamiltonian 
systems, which represent the dynamics of the planets, 
arises when one resonance is perturbed by another one 
(See Standard map). 

Chaotic mixing is an example of the complex 
irregular motion of particles in a regular periodic 
velocity field, like drops of cream in a cup of coffee; see 
Figure 1. Such mixing, caused by sequential stretching 
and folding of a region of the flow, illustrates the general 
mechanism of the origin of chaos in the phase space 
of simple dynamical systems (See Chaotic advection; 
Mixing). 

Billiards: For its conceptual simplicity, nothing 
could be more deterministic and completely predictable 





Figure 1. Mixing of a passive tracer in a Newtonian flow 
between two rotating cylinders with different rotation axes. 
The rotation speed of the inner cylinder is modulated with 
constant frequency. The flow is stretched and folded in a 
region of the flow. The repetition of these operations leads 
to a layered structure—folds within folds, producing a fractal 
structure (Ottino, 1989). 
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than the motion of a single ball on a billiard table. 
However, in the case of a table bounded by four quarters 
of a circle curved inward (Sinai billiard), the future 
fate of a rolling billiard ball is unpredictable beyond 
a surprisingly small number of bounces. As indicated 
by Figure 2, a typical trajectory of the Sinai billiard 
is irregular and a statistical approach is required for 
a quantitative description of this simple mechanical 
system. Such an irregularity is the result of having a 
finite space and an exponential instability of individual 
trajectories resulting in a sensitive dependence on initial 
conditions. Due to the curved shape of the boundary, 
two trajectories emanating from the same point but 
in slightly different directions with angle 5 between 
them, hit the boundary dQ (see Figure 2) at different 
points that are cd apart where c > 0. After a bounce, 
the direction of the trajectories will differ by angle 
(1 + 2c)6, and because an actual difference between the 
directions is multiplied by a factor w= (1+ 2c) > 1, 
the small perturbation 5 will grow more or less 
exponentially (Sinai, 2000). Such sensitive dependence 
on initial conditions is the main feature of every chaotic 
system. 

A Markov map: To understand in more detail how 
randomness appears in a nonrandom system, consider 
a simple dynamical system in the form of a one- 
dimensional map 





Xn4+1 = 2Xn mod 1. (1) 


Since the distance between any two nearby trajectories 
(\xn — x/,| <1) after each iteration increases at least 
two times (|dx,+41/dx,|=2), any trajectory of the 
map is unstable. The map has a countable infinity 
of unstable periodic trajectories, which can be seen 
as fixed points when one considers the shape of the 
map Xn4+k= Fe (xn); see Figure 3(b). Since all fixed 
points and periodic trajectories are repelling, the only 
possibility left for the most arbitrarily selected initial 
condition is that the map will produce a chaotic motion 
that never exactly repeats itself. The irregularity of such 
dynamics can be illustrated using a binary symbolic 
description (sy =0 if xn < 7 and sy, =1 if x, > 5). In 
this case, any value of x, can be represented as a binary 





Figure 2. Illustration of the trajectory sensitivity to the initial 
conditions in a billiard model with convex borders. 
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Figure 3. Simple map diagram: (a) two initially close 
trajectories diverge exponentially; (b) illustration of the 
increasing of the number of unstable periodic trajectories with 
the number of iterations. 


decimal 
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Xn = 0.8n 4181425043 0. = > 2183. 
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If the initial state happens to be a rational number, it 
can be written as a periodic sequence of 0’s and 1’s. 
For instance, 0.10111011101110111... is the rational 
number i. Each iteration x, —> x,+1 of map (1) 
corresponds to setting the symbol s, 4; to zero and 
then moving the decimal point one space to the right 
(this is known as a Bernoulli shift). For example, the 
iterations of the number ‘cf yield 


0.10111011101110111..., 
0.01110111011101110..., 
0.11101110111011101..., 
0.11011101110111011..., 
0.10111011101110111..., 


which illustrates a periodic motion of period 4. 
Selecting an irrational number as the initial condition, 
one chooses a binary sequence that cannot be split into 
groups of 0’s and 1’s periodically repeated an infinite 
number of times. As a result, each iteration of the 
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irrational number generates a new irrational number. 
Since the irrational numbers appear in the interval 
Xn € [0, 1] with probability one, one can observe only 
the aperiodic (chaotic) motions. Random-like behavior 
of the chaotic motions is illustrated in a separate figure 
in the color plate section (See the color plate section for 
a comparison of chaos generated by Equation (1) and a 
truly random process). 

The degree of such chaoticity is characterized by 
Lyapunov exponents that can be defined for one- 
dimensional maps (x, +1 = f(%n)). The stability or 
instability of a trajectory with the initial state xg is 
determined by the evolution of neighboring trajectories 
starting at xo =x9+6x0 with |dxo| «1. After one 
iteration 

2 df 

Xj=x1 + bx1=f (xo + 6x0)*f (x0) + 5x0. 

dx | x9 

Now, the deviation is 5x; ~ f’(xo)5xo. After the nth 
iteration it becomes 6x, = TT. 20 f'(%m))6x0. The 
evolution of the distance between the two trajectories 
is calculated by taking the absolute value of this 
product. For infinitesimally small perturbations and 
large enough n, it is expected that |5x,|=a”|dxo|, 


where 
jn (nal in 
) = (1 1) 


. 5Xn 
as lim 
noo 
m=0 











5x0 
or 
1 n-1 
~ ee" axe y 
Ina© A= lim — DP in(\f'Gml)- 2) 


m=0 


Limit (2) exists for a typical trajectory x, and 
defines the Lyapunov exponent, A, which is the time 
average of the rate of exponential divergence of nearby 
trajectories. For map (1) f’ = 2 for all values of x and, 
therefore, A = In 2 (See Lyapunov exponents). 

Assuming that the initial state cannot be defined 
with absolute accuracy, the prediction of the state of 
the map after a sufficiently large number of iterations 
becomes impossible. The only description that one 
can use for defining that state is a statistical one. The 
statistical ensemble in this case is the ensemble of initial 
conditions. The equation of evolution for the initial state 
probability density py + 1(F(x)) can be written as (Ott, 
1993, p. 33) 


dF(x) 
dx 





pni(F(x)) = >> pntx/| (3) 


jal 





> 
j 


where the summation is taken over both branches 
of F(x). Considering the evolution of a sharp initial 
distribution po(x), one can see that at each step 
this distribution becomes smoother. As n approaches 
infinity, the distribution asymptotically approaches the 
steady state p(x) =1. 


CHAOTIC DYNAMICS 





2.8 3 3.2 3.4 3.6 3.8 4 


Figure 4. Bifurcation diagram for the logistic map. 
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Figure 5. Return map measured in the Belousov—Zhabotinsky 
autocatalytic reaction. 


Population dynamics: A popular model of popula- 
tion growth is the logistic map x) 41 =a@x,(1— xn), 
0 <a <4 (See Population dynamics). The formation 
of chaos in this map is illustrated in the bifurcation dia- 
gram shown in Figure 4. This diagram presents the evo- 
lution of the attracting set as the value of w grows. Below 
the Feigenbaum point a@49 =3.569..., the attractor of 
the map is periodic. Its period increases through a se- 
quence of period-doubling bifurcations as the value of 
a approaches dog (See Period doubling). For a > do, 
the behavior is chaotic but some windows of periodic 
attractors exist (See Order from chaos). 

Belousov—Zhabotinsky (BZ) autocatalytic reaction: 
In the BZ reaction (See Belousov—Zhabotinsky 
reaction), an acid bromate solution oxidizes malonic 
acid in the presence of a metalion catalyst and 
other important chemical components in a well-stirred 
reactor (Roux et al., 1983). The concentration of the 
bromide ions is measured and parameterized by the 
return map (plotting a variable against its next value 
in time) x, 41 =a@x, exp[ — bxy] (see Figure 5). This 
map exhibits chaotic behavior for a very broad range 
of parameter values. 


121 


Dnven forse 





Figure 6. Chaotic oscillation of a periodically driven pendulum, 
in phase-space plot of angular velocity versus angular position 
(Deco & Schiirmann, 2000). 





Figure 7. Ueda attractor. The fractal structure of the attractor is 
typical for all chaotic sets (compare this picture with Figure 1) 
(Ueda, 1992). 


Simple chaotic oscillators: The dynamics of the 
periodically driven pendulum shown in Figure 6 is 
described by 


?6 d® g.. 
fv + — sin @ 
dt? dt 1 








Bcos2zft, (4) 


where the term on the right-hand side is the 
forcing (sinusoidal torque) applied to the pivot 
and f is the forcing frequency. Chaotic motions 
of the pendulum computed for v=0.5, g//=1, 
B=1.15, f =0.098, and visualized with stroboscopic 
points at moments of time t=i/f are shown in 
Figure 6. 

A similar example of chaotic behavior was 
intensively studied in an oscillator where the restoring 
force is proportional to the cube of the displacement 
(Ueda, 1992, p. 158) 

’o do 


dt? oy dt 





+ ©? = Boost. (5) 


The stroboscopic image (with t =7) of the strange at- 
tractor in this forced Duffing-type oscillator computed 
with v =0.05 and B =7.5 is shown in Figure 7. 
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Figure 8. Chaotic attractor generated by electric circuit, which 
is a modification of van der Pol oscillator: *=hx + y— gz; 
y= —x; wz=x— f(x); where f(x) = xx (Pikovsky & 
Rabinovich, 1978). 


Figure 8 presents a chaotic attractor generated by an 
electronic circuit. Such circuits are a popular topic in 
engineering studies today. 


Characteristics of Chaos 


Lyapunov exponents: Consider the Lyapunov expo- 
nents for a trajectory ©(t) generated by a d-dimensional 
autonomous system 


« = F(a), (6) 
t 
with initial condition ao, x ¢ 24. Linearizing Equa- 
tion (6) about this solution, one obtains a linear system 
which describes the evolution of infinitesimally small 
perturbations w = a(t) — Z(t) of the trajectory, in the 
form 

dw 


aE = M(z)w, (7) 


where M(a)=0F (x)/da is the Jacobian of F(a) 
that changes in time in accordance with «(t). In 
d-dimensional phase space of (7), consider a sphere 
of initial conditions for perturbations w(t) of diameter 
/, that is, |w(0)| </. The evolution of this ball in time is 
governed by linear system (7) and depends on trajectory 
a(t). As the system evolves in time, the ball transforms 
into an ellipsoid. Let the ellipsoid have d principal 
axes of different length /;, j = 1, d. Then, the values of 
Lyapunov exponents of the trajectory %(t) are defined 


as 
wr e[)*GE) 


Although limit (8) depends on &(t), the spectrum of 
the Lyapunov exponents 4; for the selected regime of 
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chaotic oscillations generated by (6) is independent of 
the initial conditions for the typical trajectories and 
characterizes the chaotic behavior. 

The Lyapunov exponents, 4;, can be ordered in 
size: | >Az2> --- > Ag. Self-sustained oscillations in 
autonomous time-continuous systems always have at 
least one Lyapunov exponent that is equal to zero. This 
is the exponent characterizing the stretching of phase 
volume along the trajectory. The spectrum of Aj; for 
chaotic trajectories contains one or more Lyapunov 
exponents with positive values. 

Kolmogorov—Sinai entropy is a measure of the 
degree of predictability of further states visited by 
a chaotic trajectory started within a small region. 
Due to the divergence, a long-term observation of 
such a trajectory gives more and more information 
about the actual initial condition of the trajectory. 
In this sense, one may say that a chaotic trajectory 
creates information. Consider a partitioning of the d- 
dimensional phase space into small cubes of volume e@. 
Observing a continuous trajectory during T instances 
of time, one obtains a sequence {io, i}, ..., ir}, where 
ig, ij,... are the indexes of the cubes consequently 
visited by the trajectory. As a result, the type of the 
trajectory observed during the time interval from 0 
to T is specified by the sequence {i0,i1,...,ir}. 
As Kolmogorov and Sinai showed, in dynamical 
systems whose behavior is characterized by exponential 
instability, the number of different types of trajectories, 
Kr, grows exponentially with T: 

0<H= lim ny oe 
TowoT 
The quantity H is the Kolmogorov-Sinai (KS) entropy. 

The number of unique random sequences {io, 
ij,...,ir7} that can be obtained without any rules 
applied increases exponentially with T. In the case of 
nonrandom sequences where there is a strict law for the 
generation of future symbols, like the periodic motion, 
the number of possible sequences grows in time slower 
than the exponent. Since the exponential growth takes 
place for the segments of trajectories in the unstable 
dynamical system producing chaos, such a dynamical 
system is capable of generating “random” sequences. 
The Kolmogorov-—Sinai entropy is a measure of such 
“randomness” in a “nonrandom” system, for example, 
a dynamical system. 

Since both KS entropy and Lyapunov exponents 
reflect the properties of the divergence of the nearby 
trajectories, these characteristics are related to each 
other. The formula describing this relation is given by 
Ruelle’s Inequality 


H<K=)°Aj;>0 (9) 
j=l 


where m is the number of positive 4; (K =0, when 
m=O). The equality H = K holds when the system 
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has a physical measure (Sinai-Ruelle-Bowen measure) 
(Young, 1998). The invariant set of trajectories 
characterized by a positive Kolmogorov-Sinai entropy 
is a chaotic set. 


Forecasting 


Ifa sufficiently long experimental time series capturing 
the chaotic process of an unknown dynamical system 
is available in the form of scalar data {xn} 9; 
it is possible, in principle, to predict xy +m with 
finite accuracy for some m > 1. Such predictions are 
based on the assumption that the unknown generating 
mechanism is time independent. As a result, “what 
happened in the past may happen again—even stronger: 
that what is happening now has happened in the past” 
(Takens, 1991). In classical mechanics (no dissipation), 
this idea of “what happens now has happened in the 
past” is related to the Poincaré Recurrence Theorem. 

Usually, the prediction procedure consists of two 
steps: first, it is necessary to consider all values 
of n in the “past,” that is, with n<N, such that 
baer |\Xn—k — Xn —k| < &, where ¢ is a small constant. 
If there are only a few of such n, then one can try 
again with a smaller value of K or a larger value of 
é. In the second step, it is necessary to consider the 
corresponding elements x, 4, for all the values of n 
found in the first step. Finally, taking a union of the 
e-neighborhoods of all these elements, one can predict 
that x, +7 will be in this union. 

To understand when and why forecasting is possible 
and when it is not, it is reasonable to use characteristics 
such as dimension and entropy that can be computed 
directly from time series (Takens, 1991). If we want 
to make a catalog of essentially different segments 
of length k+1 in {inl so: this can be done with 
C(k, €, N) elements. C(k, ¢, N) is a function of N 
that has a limit C(k, €) = limy -. 60 C(k, €, N), and for 
prediction, we need C(k,e)«N. 

The quantitative measure for the way in which 
C(k, €) increases as € goes to zero is 


D= lim (ig ee) (10) 
k>oo \e>0 In(1/e) 


If Dis large, the prediction is problematic. The quantity 
D defined by (10) is the dimension of the time series. 

The quantitative measure for the way in which 
C(k, €) increases with k is 


11 = Tiny (im aaeae al) 


e>0 \k> 00 k 


This is the entropy of the time series. For the time series 
generated by a differentiable dynamical system, both 
the dimension and entropy are finite, but for a random 
time series they are infinite. Suppose each x, is taken at 
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random in the interval [0,1] (with respect to the uniform 
distribution) and for each nj,...,nx (different), the 
choices of X,,,..., Xn, are independent. For such time 
series, one can find: C(k, e) =(1+ [1/2e e+ | where 
[1/2e] is the integer part of 1/2. From this formula, it 
immediately follows that both dimension and entropy 
in such random time series are infinite. 

Models of the Earth’s atmosphere are generally 
considered as chaotic dynamical systems. Due to the 
unstability, even infinitesimally small uncertainties in 
the initial conditions grow exponentially fast and make 
a forecast useless after a finite time interval. This is 
known as the butterfly effect. However, in the tropics, 
there are certain regions where wind patterns and 
rainfall are so strongly determined by the temperature 
of the underlying sea surface, that they do not show such 
sensitive dependence on the atmosphere. Therefore, 
it should be possible to predict large-scale tropical 
circulation and rainfall for as long as the ocean 
temperature can be predicted (Shukla, 1998). 


History 


The complex behavior of nonlinear oscillatory systems 
was observed long before dynamical chaos was 
understood. In fact, the possibility of complex behavior 
in dynamical systems was discovered by Henri Poincaré 
in the 1890s in his unsuccessful efforts to prove the 
regularity and stability of planetary orbits. Later on, 
experiments with an electrical circuit by van der Pol 
and van der Mark (1927) and the double-disk model 
experiments of the magnetic dynamo (Rikitake, 1958) 
also indicated the paradoxically complex behavior of a 
simple system. At that time, several mathematical tools 
were available to aid the description of the nontrivial 
behavior of dynamical systems in phase space, 
such as homoclinic Poincaré structures (homoclinic 
tangles). However, at the time, neither physicists nor 
mathematicians realized that deterministic systems 
may behave chaotically. It was only in the 1960s that 
the understanding of randomness was revolutionized 
as a result of discoveries in mathematics and in 
computer modeling (Lorenz, 1963) of real systems. An 
elementary model of chaotic dynamics was suggested 
by Boris Chirikov in 1959. During the last few 
decades, chaotic dynamics has moved from mystery 
to familiarity. 

Standard map and homoclinic tangle: The standard 
map (Chirikov, 1979) is an area-preserving map 


Ing) = Int K sin@n, 
Ont = Int Ont+ K sin@n, (12) 


where © is an angle variable (computed modulo 277) 
and k is a positive constant. This map was proposed 
as a model for the motion of a charged particle 
in a magnetic field. For K larger than Ker, map 
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Figure 9. Examples of chaos in the standard map for two 
different values of K. The coexistence of the “chaotic sea” 
and “regular islands” that one can see in the panel on 
the right is typical for Hamiltonian systems with chaotic 
regimes (Lichtenberg & Lieberman, 1992). 


(12) demonstrates an irregular (chaotic) motion; see 
Figure 9. The complexity of the phase portrait of 
this map is related to the existence of homoclinic 
tangles formed by stable and unstable manifolds of 
a saddle point or saddle periodic orbits when the 
manifolds intersect transversally. The complexity of 
the manifold’s geometry stems from the fact that, 
if stable and unstable manifolds intersect once, then 
they must intersect an infinite number of times. Such 
a complex structure results in the generation of a 
horseshoe mapping, which persistently stretches and 
then folds the area around the manifolds generating a 
chaotic motion. The layers of the chaotic motion are 
clearly seen in Figure 9. 

Lorenz system: The first clear numerical manifesta- 
tion of chaotic dynamics was obtained in the Lorenz 
model. This model is a three-dimensional dynamical 
system derived from a reasonable simplification of the 
fluid dynamics equations for thermal convection in a 
liquid layer heated from below. The differential equa- 
tions Xx=o(y—x), Y=rx—y—xz, Z= —bz4+xy 
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are written for the amplitude of the first horizon- 
tal harmonic of the vertical velocity (x), the ampli- 
tude of the corresponding temperature fluctuation (y), 
and a uniform correction of the temperature field (z) 
(Lorenz, 1963). o is the Prandtl number, r is the reduced 
Rayleigh number, and b is a geometric factor. The phase 
portrait of the Lorenz attractor, time series, and the re- 
turn mapping generated on the Poincaré cross section 
computed for r = 28, 0 = 10, and b= 8 are presented in 
Figure 10. A simple mechanical model illustrating the 
dynamical origin of oscillations in the Lorenz system 
is shown in Figure 11 (See Lorenz equations). 


Definition of Chaos 


As was shown above, dynamical chaos is related 
to unpredictability. For quantitative measurment of 
the unpredictability, it is reasonable to use the 
familiar characteristics dimension and entropy. These 
characteristics are independent: it is possible to 
generate a time series that has a high dimension and 
at the same time entropy equal to zero. This is a quasi- 
periodic motion. It is also simple to imagine a low- 
dimensional dynamical system with high entropy (see, 
e.g., the map in Figure 3). 

Various definitions of chaos exist, but the common 
feature of these definitions is the sensitive dependence 
on initial conditions that was formalized above as 
positive entropy. Thus, dynamical chaos is the behavior 
of a dynamical system that is characterized by finite 
positive entropy. 


Chaotic Attractors and Strange Attractors 


A region in the phase space of a dissipative system that 
attracts all neighboring trajectories is called an attractor. 
An attractor is the phase space image of the behavior 
established in the dissipative system, for example, a 
stable limit cycle is the image of periodic oscillations. 
Therefore, the image of chaotic oscillations is a chaotic 
attractor. 

A chaotic attractor (CA) possesses the following 
two properties that define any attractor of the dynamical 
system: 


e There exists a bounded open region U containing a 
chaotic attractor (CA € U) in the phase space such 
that all points from this neighborhood converge to a 
chaotic attractor when time goes to infinity. 

e Achaotic attractor is invariant under the evolution of 
the system, 


In addition, the motion on a chaotic attractor has to be 
chaotic, for example: 


e each trajectory of a chaotic attractor has at least one 
positive Lyapunov exponent. 


Such types of attractors represent some regimes of 
chaotic oscillations generated by a Lorenz system and 
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Figure 10. Lorenz attractor (left) and the return map Z, 4 | = F (Zn) plotted for maximum values of variable z for the attractor trajectory 


(right). 





Figure 11. A toy model invented by Willem Malkus and 
Lou Howard illustrates dynamical mechanisms analogous to 
oscillations and chaos in the Lorenz system. Water steadily 
flowing into the top (leaky) bucket makes it heavy enough to start 
the wheel turning. When the flow is large enough, the wheel can 
start generating chaotic rotations characterized by unpredictable 
switching of the rotation direction; see Strogatz (1994, p. 302) 
for details. 


the piece-wise linear maps. However, most of the 
chaotic oscillations observed in dynamical systems 
correspond to attractors that do not precisely satisfy 
the latter property. Although almost all trajectories in 
such attractors are unstable, some stable periodic orbits 
may exist within the complex structure of unstable 
trajectories. Chaos in such systems is persistent both 
in physical experiments and in numerical simulations 
because all of these stable orbits have extremely narrow 
basins of attraction. Due to natural small perturbations 
of the system, the trajectory of the system never settles 
down on one of the stable orbits and wanders within the 
complex set of unstable orbits. 

The definition of a strange attractor is related to 
the complicated geometrical structure of an attractor. A 
strange attractor is defined as an attractor that cannot 
be presented by a union of the finite number of smooth 
manifolds. For example, an attractor whose topology 
can be locally represented by the direct product of 
a Cantor set to a manifold is a strange attractor. In 
many cases, the geometry of a chaotic attractor satisfies 
the definition of a strange attractor. At the same time, 
the definition of a strange attractor can be satisfied in 
the case of a nonchaotic strange attractor. This is an 


attractor that has fractal structure, but does not have 
positive Lyapunov exponents. 

The origin of chaotic dynamics in dissipative 
systems and Hamiltonian systems in many cases is the 
same and is related to coexistence in the phase space of 
infinitely many unstable periodic trajectories as a part 
of homoclinic or heteroclinic tangles. 

The Lorenz attractor, as for many other attractors 
in systems with a small number of degrees of freedom, 
can appear through a finite number of easily observable 
bifurcations. The bifurcation of a sudden birth and death 
of a strange attractor is called a crisis. Usually, it is 
related to the collision of the attractor with an unstable 
periodic orbit or its stable manifold (Arnol’d et al., 
1993; Ott, 1993). 


Order in Chaos 


How does the dynamical origin imprint in chaos? Or in 
other words, how can the rules or order of the dynamical 
system be found inside a chaotic behavior? Consider 
the images (portraits) of the dynamical chaos shown 
in Figures 7, 8, and 10. The elegance of these images 
reflects the existence of order in dynamical chaos. 

The dynamical origin of such elegance is very sim- 
ilar: different trajectories with close initial conditions 
have to be close in time t; © 1/A, where A is the max- 
imally positive Lyapunov exponent. The domain occu- 
pied by the strange attractor in phase space is finite; 
thus, the divergence of the phase space flow changes 
to convergence, and as a result of sequential action of 
divergence and convergence of the phase flow in the 
finite domain, the mixing of trajectories occurs. Such 
mixing can be illustrated with the motions of liquids in 
the physical space experimentally observed by Ottino 
(1989; see Figure 1). 

Another way to recognize the existence of order 
in chaos is to analyze its dependence on a control 
parameter. The macroscopic features of real stochastic 
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Figure 12. Appearance of spatiotemporal chaos in the extended 
Faraday experiment: chaotic patterns on the surface of the liquid 
layer in the oscillating gravitational field. The irregular chain of 
the localized structures—dark solitons—can be seen beneath a 
background of the square capillary lattice (Gaponov-Grekhov & 
Rabinovich, 1988). 


processes, for example, Brownian motion or developed 
turbulence, depend on this parameter and change 
without any revolutionary events such as bifurcations. 
But for dynamical chaos, the picture is different. A 
continuous increase of control parameters of the logistic 
map does not necessarily gradually increase the degree 
of chaos: within chaos, there are windows—intervals of 
control parameter values in which the chaotic behavior 
of the system changes to stable periodic behavior, see 
Figure 4. 

In a spatially extended system, for example, in 
convection or Faraday flow, order within chaos is 
related to the existence of coherent structures inside the 
chaotic sea (Rabinovich et al., 2001); see Figure 12. 


Spatiotemporal Chaos 


Similar to regular (e.g., periodic) motions, low- 
dimensional chaotic behavior is observed not only 
in simple (e.g., low-dimensional) systems but also 
in systems with many, and even with infinite 
number of degrees of freedom. The dynamical 
mechanisms behind the formation of low-dimensional 
chaotic spatiotemporal patterns in dissipative and 
nondissipative systems are different. In conservative 
systems, such patterns are related to the chaotic motion 
of particle-like localized structures. For example, a 
soliton that is described by a nonlinear Schrédinger 
equation with the harmonic potential 


0a +B 02a 
bie eae 
02x 


a + (lal? +asingx) a =0 (13) 
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Figure 13. Dynamics of chaotic bursts of spikes generated 
by two living neurons coupled with an electrical synapse—a 
gap junction (Elson et al., 1998). Chaotic busts in naturally 
coupled neurons synchronize (a). When natural coupling is 
compensated by additional artificial coupling ga, the chaotic 
oscillations are independent oscillations (b). The neurons cou- 
pled with negative conductivity fire in the regimes of antiphase 
synchronization (c). 


moves chaotically in physical space x and reminds us 
of the chaotic motion occurring in the phase space 
of a parametrically excited conservative oscillator (the 
equations of such an oscillator can be derived from 
(13) for slow variables characterizing the motion of the 
soliton center mass). 

The interaction of the localized structures (particles) 
in a finite area, large in comparison with the size 
of the structure, can also lead to the appearance of 
patiotemporal chaos. It was observed that collisions 
of solitons moving in two-dimensional space result 
in chaotic scattering similar to the chaotic motion 
observed in billiards (Gorshkov et al., 1992). 

In dissipative nonlinear media and high-dimensional 
discrete systems, the role of coherent structures is 
also very important (such as defects in convection, 
clusters of excitations in neural networks, and vortices 
in the wake behind a cylinder; see Rabinovich et al., 
2001). However, the origin of low-dimensional chaotic 
motions in such systems is determined by dissipation. 
There are two important mechanisms of finite dynamics 
(including chaos) that are due to dissipation: (1) 
the truncation of the number of excited modes (in 
hydrodynamic flows) due to high viscosity of the 
small-scale perturbations and (2) the synchronization of 
the modes or individual oscillators. Dissipation makes 
synchronization possible not only among periodic 
modes or oscillators but even in the case when the 
interacting subsystems are chaotic (Afraimovich et 
al., 1986). Figure 13 illustrates the synchronization 
of chaotic bursts of spikes observed experimentally 
in two coupled living neurons. In the case of a 
dissipative lattice of chaotic elements (e.g., neural 
lattices or models of an extended autocatalytic chemical 
reaction), complete synchronization leads to the onset 
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Figure 14. Coherent patterns generated in the chaotic medium with Réssler-type dynamics of medium elements. Left: an example of 
coherent patterns with defects. Right: evolution of the attractor with increasing distance r from a defect. The attractor changed from 
the limit cycle of period T at r=rj, to the period 27 limit cycle at r=rz >, then to the period 47 limit cycle at r=r3 > rz, and 
finally to the chaotic attractor for r =r4 > 13 (Goryachev & Kapral, 1996). 


of a spatially homogeneous chaotic state. When this 
state becomes unstable against spatial perturbations, 
the system moves to the spatiotemporal chaotic state. 
A snapshot of such spatiotemporal chaos, which is 
observed in the model of chaotic media consisting 
of diffusively coupled Réssler-type chaotic oscillators, 
is presented in Figure 14. Figure 14 also illustrates 
the sequence of period-doubling bifurcations that are 
observed in the neighborhood of the defect in such a 
medium. 


Edge of Chaos 


In dynamical systems with many elements and in- 
terconnections (e.g., complex systems), the transi- 
tion between ordered dynamics and chaos is similar 
to phase transitions between states of matter (crys- 
tal, liquid, gas, etc.). Based on this analogy, an at- 
tractive hypothesis named “edge of chaos”(EOC) ap- 
peared at the end of the 1980s. EOC suggests a fun- 
damental equivalence between the dynamics of phase 
transitions and the dynamics of information process- 
ing (computation). One of the simplest frameworks 
in which to formulate relations between complex 
system dynamics and computation at the EOC is a 
cellular automaton. There is currently some contro- 
versy over the validity of this idea (Langton 1990; 
Mitchel et al., 1993). 


Chaos and Turbulence 


The discovery of dynamical chaos has fundamentally 
changed the accepted concept of the origin of hydro- 
dynamic turbulence. When dealing with turbulence at 
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finite Reynolds number, the main point of interest is the 
established irregular motion. The image of such irregu- 
larity in the phase space could be a chaotic attractor. Ex- 
periments in closed systems, for example, one in which 
fluid particles continuously recirculate through points 
previously visited, have shown the most common sce- 
narios for the transition to chaos. These are (i) transition 
through the destruction of quasiperiodic motion that 
was observed in Taylor—Couette flow (Gollub & Swin- 
ney, 1975); (ii) period-doubling sequence observed 
in Rayleigh—Bénard convection (Libchaber & Maurer, 
1980); and (iii) transition through intermittency (Gollub 
& Benson, 1980). Observation of these canonical sce- 
narios for particular flows proved the validity of the con- 
cept of dynamical origin of the transition to turbulence 
in closed systems. It is possible to reconstruct a chaotic 
set in the phase space of the flow directly from observed 
data; see Brandstiter et al. (1982). At present it is dif- 
ficult to say how dynamical chaos theory can be useful 
for the understanding and description of the developed 
turbulence. 

The discovery and understanding of chaotic dynam- 
ics have important applications in all branches of sci- 
ence and engineering and, in general, to our evolving 
culture. An understanding of the origins of chaos in 
the last decades has produced many clear and useful 
models for the description of systems with complex 
behavior, such as the global economy (Barkly Russel, 
2000), the human immune system (Gupta et al., 1998), 
animal behavior (Varona et al., 2002), and more. Thus, 
chaos theory provides a new tool for the unification of 
the sciences. 

M.I. RABINOVICH AND N.F. RULKov 
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See also Attractors; Billiards; Butterfly effect; 
Chaos vs. turbulence; Controlling chaos; Dripping 
faucet; Duffing equation; Entropy; Fractals; Hénon 
map; Horseshoes and hyperbolicity in dynami- 
cal systems; Intermittency; Kicked rotor; Lorenz 
equations; Lyapunov exponents; Maps; Maps in 
the complex plane; Markov partitions; Multifrac- 
tal analysis; One-dimensional maps; Order from 
chaos; Period doubling; Phase space; Quasiperi- 
odicity; Réssler systems; Routes to chaos; Sinai- 
Ruelle-Bowen measures; Spatiotemporal chaos; 
Synchronization; Time series analysis 
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CHARACTERISTICS 


Systems of first-order partial differential equations 
describe many different physical phenomena from the 
behavior of fluids, gases, and plasmas. To introduce the 
Method of Characteristics, consider the simple scalar 
conservation law of the form 


aU aU 
— + A(UU)— =0. 1 
apt Os (1) 


Here, U = U(x, t), where x is a spatial coordinate and 
t is the time coordinate. The function A(U) defines 
the speed of propagation of a disturbance and either 
may be independent of U, in which case equation 
(1) is a linear partial differential equation, or it may 
depend explicitly on the dependent variable U, in which 
case the equation is a nonlinear partial differential 
equation. 

It is important to specify the initial or boundary 
conditions that the solution U(x,t) must satisfy. 


CHARACTERISTICS 


Consider the simple case where the function is known 
at the initial time t = 0. Thus, 


U(x, 0) = F(x). (2) 


The idea is to simplify Equation (1) by choosing a 
suitable curve in the x-t plane. This curve can be written 
in parametric form as 


t=t(s), (3) 


x =x(s), 


where s is the parameter that can be thought of as 
measuring the distance along the curve. To understand 
how to select the particular form of the curve, note that, 
using (3), 


U(x, t) = U(x(s), t(s)), (4) 


implies that U is a function of s. Hence, the chain rule 
gives the derivatives of U along the curve as 
dU aU dt 
ds at ds 


aU dx 
ae 5 
ax ds ©) 
Comparing the right-hand side of (5) with the left-hand 
side of (1), it is clear that they are identical, provided 
the parametric form of the curve is chosen as 


dt 
dem 1, (6) 
a = AU), (7) 
ds 


and (1) reduces to 


dU 
ae = 0, => U =constant along the curve. (8) 
s 


The curve satisfied by (6) and (7) is called the 
characteristic curve. Along this curve, U is constant. 
However, the value of the constant may be different 
on each characteristic curve. The solution of the 
characteristic equations requires some initial conditions 
for x and t. These are taken as 

x=xo9, f=0, ats=0. (9) 
Note that x9 covers the same domain as x. Solving (6)— 
(8) yields 

t=s, x=A(U)s4+xo, (10) 
on using the initial conditions (9). xo can be thought of 
as a constant of integration and so it has a fixed value 
along the characteristic curve. This implies, using (2), 
that 


U(x, 0) = F(x0). (11) 
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Note that the particular characteristic curve is 
determined by the value of the parameter xo. Hence, 
eliminating the parameter s and solving for xo in terms 
of x, U, and f, the solution given by (11) is 


U(x, t) = F(xo) = F(x — A(U)t). (12) 
If A(U) is a constant, say c, then the solution is simply 
U(x,t) = F(x —ct), (13) 


but if A(U) depends explicitly on U, then the solution 
is an implicit solution. 

The characteristic curves in this example are straight 
lines in the x-t plane with a gradient given by A(U). 
When A(U) =c is a constant, the characteristic curves 
are parallel straight lines. This means that the shape 
of the initial disturbance propagates unchanged, to the 
right if c is a positive constant. If A(U) depends on U, 
then the characteristic curves are straight lines but with 
different gradients. There exists the possibility that the 
characteristic curves may cross, and this corresponds 
to the formation of a shock. When the characteristic 
curves diverge, the solution exhibits an expansion fan 
that can be expressed in terms of a similarity variable. 

Note that the method of characteristics can be 
used when A= A(U, x,t) depends explicitly on the 
space and time coordinates. In this case, the coupled 
equations, (6)-(8), may be solved numerically. A 
detailed description of the method of characteristics for 
general first-order partial differential equations is given 
in Rubenstein & Rubenstein (1993). 


Example: Burgers Equation 
Consider the case when A(U) = U. Then, (1) becomes 
the inviscid Burgers equation 


+U— =0, (14) 


and the solution satisfying the initial condition 


0, x<-l, 
l+x, -l<x<0O, 
U(x, 0) = Lats, PO ee. (15) 
0, x>1 
is 
0, x<-14+Ut, 
_ l+x-—Ut, -1+Ut<x < Ut, 
U= l—-x+Ut, Ut<x<1+Ut, (16) 
0, x>14+Ut. 


Thus, solving for U in each region gives the solution as 


0, x<-l, 
_ Jj d+x)/d+n, -lsx<t, 
=) d=H/i-o; texei, 9? 
0, pe oes le 
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Note that the solution becomes multi-valued for 
t>1. This can be understood by considering the 
characteristic curves defined by (9). In the x-t plane, 
they are straight lines of the form 


x = Ut+x0, (18) 


so that the gradient depends on the value of U at 
t =0 and x = xo. Thus, using the initial conditions, the 
characteristic curves, valid in the regiont < x < l,can 
be expressed as 


x = (1— x0)t + x0, (19) 


for 0 < xo < 1. Considering two different values of xo, 
say Xq and xp, the straight lines cross when 


= C1: 





Xa)t + xq = (1 — xp)t + xp, 


=> t=1 and x=1. (20) 


Hyperbolic Systems of Several 
Dependent Variables 


Systems of first-order hyperbolic equations can be 
expressed in vector and matrix form as 
We a hoo 0. (21) 
at ax 
where U is a column vector of n elements containing 
the dependent variables and A is an n x n matrix 
whose coefficients may depend on the dependent 
variables. The problem is linear if the matrix A has 
elements independent of U and nonlinear otherwise. 
The characteristic curves in this case are given by the 
equations 


oa 4 (22) 
ds ee > 

d. 

5g (Ut) (23) 
ds 


for i= 1, 2, ...,n and where A, is an eigenvalue of the 
matrix A. Here, it is assumed that the matrix A has 
n distinct eigenvalues. For the linear problem, and in 
particular, for the case where the matrix A has constant 
coefficients, the full solution can be obtained by using 
a suitable linear combination of dependent variables so 
that the equations reduce to a set of simple advection 
equations. Hence, the first step is to determine the 
eigenvalues, A;, of the matrix A and the corresponding 
eigenvectors Z;, where 


Azj = iiZi, (24) 


Next, use the change of variable 


U =QV, (25) 
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where Q is ann x n matrix whose jth column is the 
jth eigenvector z;. Substituting into (21) yields 


aV aV 
Q— + AQ— =0. (26) 
ot ax 


Finally, pre-multiplying by Q@!, the inverse of Q, 
results in a decoupled system of equation, since 
Q7!AQ is a diagonal matrix whose elements are 
the eigenvalues 4;. Thus, the final set of n equations 
are 


avi av; 
at "ax 








0, (27) 


for i =1, 2, ...,n. The solutions to (27) are simply 
Vi = Fi(x — Ait), (28) 


where F; is an arbitrary function determined by the 
initial conditions. Once all the solutions for V; are 
determined from the initial conditions, the solution in 
terms of the original variables is obtained using (25). 
Note that while the original variables may depend on all 
the characteristic variables, the V; solution is constant 
along the ith characteristic curve. 


Example: The Second-Order Wave Equation 
The second-order wave equation 


aU ,0U 
a ° ax? ) 


can be expressed as a pair of first-order equations as 


aU dp 

—=-c, 

ot ax 

dp aU 

ar Ox 
Thus, 

Oc 
A= ( a, ) ‘ (30) 

The eigenvalues are simply Ay =c and Az = —c and 


the corresponding eigenvectors are 


ican: a=({)- (31) 


Thus, 
1 1 _ 1f1 -1 
Galari)e Seglr a): 
(32) 


Equation (27) reduces to the pair of equations 


avi avi aV2 dV. 
c =0, +c 
ot ax ot Ox 





=0. (33) 
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The solutions are Vj = Fi (x +t) and V2 = F2(x — ct) 
and, in terms of the original variables, the solution is 
U = F(x +ct) + Fo(x — ct), 
p = —F\(x +ct) + Fo(x —ct). (34) 





Riemann Invariants 


A Riemann invariant may be thought of as a function 
of the dependent variables that is constant along a 
characteristic curve. In the previous example, it is 
clear that U + p=2F (x —ct),soU + pisaRiemann 
invariant along the characteristic curve defined by 
x — ct =constant. Similarly, U — p is constant along 
x + ct =constant. 





Example: Isentropic Flow 
The dimensionless equations for isentropic fluid flow 
with p/p’ =1 can be expressed in terms of the fluid 
velocity, u, and the sound speed c = (yp/p)'/2 as 
du du 2 dc 
u t c 
ot ox y-—l1 ox 
dc yal du ' dc 0 (36) 
02 Ox Ox 
A detailed derivation of these equations is given in 
Kevorkian (1989). The matrix A is 


u wre 
Aol (G7) 
Ye ou 


having eigenvalues 4; =u +c and A2 =u —c. There- 
are two characteristic curves given by the solution of 
the coupled differential equations 








0, (35) 











dt 
ee 
ds 
dx 
= = hi, 
ds 


where i=1 or i=2. For i=1, the initial con- 
ditions are t=O and x=€& at s=0, which im- 
plies that the characteristic curve is defined by 
é=x—- fou +c) ds =constant. For i =2, t=0, and 
x=n at s=O0, the second curve is defined by 
n=x- Sy (u — c) ds = constant. Multiplying (35) by 
(y — 1)/2 and then adding and subtracting (36) gives 
two equations 


aR 
pitas See cG 
Bo ee 
as as 

icles See 0 
ay + 5 F 


where R=c+(y — 1)u/2 and S=c—(y—1)u/2.R 
and S are Riemann invariants since R is constant along 
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the characteristic curve defined by € = constant) and 
S is constant along n=constant). A more detailed 
derivation of Riemann invariants is described in 
Kevorkian (1989). 

ALAN Hoop 


See also Burgers equation; Coupled systems of par- 
tial differential equations; Hodograph transform; 
Shock waves 
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CHARGE DENSITY WAVES 


A charge density wave (CDW) is a collective transport 
phenomenon, whose origin lies in the interaction 
between electrons and phonons in a solid (Griiner & 
Zettl 1985; Griiner, 1988). As envisioned by Rudolph 
Peierls in 1930 in some quasi-one-dimensional metals 
(where the influence of one electron to each other 
electron is much stronger than in higher dimensions), 
the elastic energy needed to displace the position of the 
atoms may be balanced by a lowering of conduction 
electron energy. 

In such cases, the more stable configuration may 
have a periodic distortion of the lattice; thus, there is 
a modulation of the electronic charge density, which 
gives rise to a CDW. The wave vector turns out to be 
Q=2kp, where kp is the Fermi wave vector, and the 
electronic density becomes 


dp = pocos(2kpx + d). 


Due to this periodic lattice distortion, a gap at the 
Fermi level appears, and the conduction electrons lower 
their kinetic energy. At high temperatures, thermal 
excitation of electrons across the band gap makes the 
normal metallic state stable. When the temperature 
is sufficiently low, a second-order phase transition 
(known as the Peierls transition) takes place, and a 
CDW is formed. 

In 1954, Herbert Frohlich suggested that if Q was 
not commensurate with the lattice constant, the CDW 
energy would be independent of the phase ¢, and thus, 
an electrical current would appear under any electric 
field, independent of its intensity. For a while, this 
phenomenon was speculated to be a possible origin 
of superconductivity. Interestingly, the interplay and 
relationship among CDWs, superconductivity, and spin 
density waves is still a field of study (Gabovich et al., 
2002). 

If the translational invariance of ¢ is disrupted, 
there is a phase for which the CDW energy is the 
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lowest, and there is also a minimum threshold field 
to overcome this energy reduction and to initiate the 
conduction. A possible cause of the invariance break 
could be that the CDW is commensurate with the lattice. 
Although this case is unusual and mostly of theoretical 
interest, such a CDW (with a period quasimultiple of 
the lattice constant) may contain solitons in the form of 
constant phase zones, separated by abrupt change areas. 
This soliton behavior is modeled by sine-Gordon-like 
equations. However, empirical evidence suggests that 
the origin of the pinning of the CDW to the lattice 
and the appearance of a threshold field stem from 
impurities. 

Experimental evidence of CDW behavior became 
available in the 1970s, and nowadays several materi- 
als show CDW behavior, both inorganic, like NbSe3, 
NbS3, or Ko 3MoO3 (“blue bronze’’), and organic, like 
(fluoranthene)2PF,. Evidence of this kind of transition 
is detected through magnitudes affected by the gap at 
the Fermi level, including magnetic susceptibility, re- 
sistivity, thermoelectric power, scattering experiments 
where the CDW wave vector manifests itself, and more 
recently, by means of scanning tunneling microscope 
images. 

Conductivity is among the more interesting proper- 
ties of CDWs. The dielectric constants for these materi- 
als are high, and conductivity suffers an abrupt change 
from insulating to metallic values of orders of magni- 
tude. The Hall and thermoelectric effects suggest that 
their conductivity consists of an ohmic linear term and 
a CDW nonlinear term. 

The response of the CDW to a field higher than 
the threshold value is twofold. First, there appears a 
high-frequency coherent current, or narrow band noise, 
which seems to be due to the displacement of the CDW 
over the pinning potential. Second, a low-frequency 
broad band noise, incoherent response, is also detected. 
It is also found that the conductivity saturates for high 
values of the external field, and it seems that this is 
due to electrons leaving the CDW region or due to the 
elimination of 2kp phonons. 

When an a.c. field is present, the CDW exhibits 
a strong dependence on the field frequency, and its 
conductivity, Gac, also saturates for high frequencies. 
There also appear an induced conductivity, ode, which 
increases when Vac increases, and some interference 
phenomena between the narrow band noise and the 
a.c. The external field Ey. cos wet causes oscillations 
of the current at frequency we, and if there is also 
a dc. field, Ec, there are oscillations at frequency 
q@; corresponding to the narrow band noise. These 
two frequencies may interact to produce mode- 
locking phenomena when they are commensurate 
(nw, =M@e). 

In CDW systems, this locking shows up in the step 
structure of the differential resistance as a function 
of the d.c. field. As the external d.c. changes, the 
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nonlinearity of the system keeps the relation between 
both frequencies constant, w;/@e, over a finite interval 
of the external parameter, corresponding to the intervals 
where dV/d/ is constant. When the external parameter 
moves far from the locking region, the system 
undergoes a transition to an unlocked state, which is 
quasi-periodic, with two incommensurate frequencies. 
The interference between the internal frequency @j 
and the external one we is the origin of the coherent 
and incoherent responses of the system. Usually, the 
low-frequency region of the power spectra consists 
of a broad band noise, while the narrow components 
show up at high frequencies as narrow band noise. A 
systematic elimination of the broad band noise when the 
CDW entered mode locking (Sherwin & Zettl, 1985) 
and areinforcement of this noise in the unlocked regime 
have been observed. The interplay between the internal 
frequency and the external one may give rise to chaotic 
behavior, with a period-doubling route to chaos. 

Studied in the context of self-organized criticality, 
CDWs are an example of systems that reorganize 
themselves near the edge of stability, and any small 
change in the external electrical field gives rise to 
a drastic change in the response of the CDW (high 
increase of conductivity). 

Although several models have been proposed to 
explain CDW behavior, none is completely satisfactory. 
The classical model considers the CDW as a rigid 
carrier, without any internal degree of freedom, using 
the forced oscillator equations with some analogy 
to the Josephson junctions. The tunneling model 
focuses on the gap in the excitation spectrum of 
the CDW, explaining the nonlinear conductivity and 
the scale relationship between oo(w) and og¢(E). 
However, these models do not explain the interference 
phenomena between the narrow band noise and the 
external field frequency w. 

There are other models that consider the internal 
degrees of freedom of the CDW (segmenting the CDW 
either through a hydrodynamical description or the 
Kelmm-Schrieffer model), but none of them comp- 
letely explains the phenomenology observed ina CDW. 
Another interesting model is the Fukuyama—Lee—Rice 
model, which treats the CDW as a classical extended 
elastic medium, interacting with impurities and an 
electric field. Discrete versions of these models have 
also been used. For the commensurate case, Frenkel— 
Kontorova and soliton models (such as the sine-Gordon 
equation) have been used. 

Several applications have been suggested for 
these materials, including tunable condensers, optical 
detectors, memory devices, and switches, among 
others. 

Luts VAZQUEZ, P. PASCUAL, AND S. JIMENEZ 


See also Coupled oscillators; Frenkel-Kontorova 
model; Polarons; Sine-Gordon equation; Supercon- 
ductivity 
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CHEMICAL KINETICS 


Chemical kinetics is a well-defined field of physical 
chemistry that arose in the 1850s as a complement to 
the investigation of chemical equilibria. The question 
of how fast a reactive mixture in a closed vessel reaches 
equilibrium gave rise to the concept of reaction veloc- 
ity. The mass action law, enunciated by Cato Guldberg 
and Peter Waage in 1863, provided a quantitative ex- 
pression of the velocity of an elementary reaction step 
in a homogeneous medium in terms of the concentra- 
tions or the mole fractions of the reactants involved, 
and a parameter known as the rate constant. Chemical 
kinetics is intrinsically nonlinear, since the law of mass 
action features products of concentrations of the species 
involved. 


Early Developments 


Evidence that chemical reactions can generate complex 
behavior was reported in the early days of chemical 
kinetics (Pacault & Perraud, 1997). In 1899, Wilhelm 
Ostwald discovered that in a reaction involving 
chromium in concentrated acid solution, the release 
of hydrogen gas was periodic. In 1906, Robert 
Luther observed propagating chemical reaction fronts 
in connection with the catalytic hydrolysis of alkyl 
sulfates. These studies remained isolated for a long 
time. Possible origins, including the systematic study 
of reaction mechanisms, were hardly touched upon and 
there was little or no modeling effort. Not surprisingly, 
therefore, they came to be regarded by the scientific 
community as curiosities or even as artifices. On the 
theoretical side in the 1920s, Alfred Lotka devised a 
model formally deriving from chemical kinetics and 
giving rise to sustained oscillations. As the model 
did not apply to any known chemical system, it was 
discarded by chemists but was far better received in 
population dynamics where it played a seminal role. 
This connection was further enforced in 1926 when Vito 
Volterra advanced an explanation of ecological cycles 
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in connection with predator-prey systems, using ideas 
similar to those of Lotka. 


The Phenomenology of Nonlinear 
Chemical Kinetics 


Nonlinear chemical kinetics in its modern form 
owes much to the Belousov—Zhabotinsky reaction 
(Zhabotinsky, 1964; Field et al., 1972) dealing with the 
oxidation of a weak acid by bromate in the presence of 
a metal ion redox catalyst. In addition to the possibility 
of displaying long records of oscillatory behavior in 
batch (closed reactor), this reaction gave rise for the first 
time to a thorough mechanistic study which highlighted 
the important role of feedback in the onset of complex 
behavior, in addition to nonlinearity. 

Nonlinear phenomena in chemical kinetics have 
been observed on whole classes of systems giving rise 
to a large variety of complex behaviors, as reviewed in 
a Faraday discussion held in 2001. Quantitative phase 
diagrams have been constructed separating different 
behavioral modes as some key parameters are varied 
(Gray & Scott, 1990; Epstein & Pojman, 1998). 


Open Well-Stirred Reactors 

Simple periodic, multi-periodic, and chaotic oscilla- 
tions are observed as the residence time of reactants 
(inversely proportional to their pumping rate into the 
reactor) is varied. A second type of phenomenon is mul- 
tistability, the possibility of exhibiting more than one 
simultaneously stable steady-state concentration level. 
A third type of phenomenon is excitability whereby, 
once perturbed, a system performs an extended excur- 
sion resembling a single pulse of an aborted oscillation, 
before settling back to its stable steady state. Finally, 
an interesting phenomenology pertains to combustion 
reactions, where the dependence of the rate constant 
on temperature is the source of a universal (reaction 
mechanism-independent) positive feedback. 


Open Unstirred Reactors 

In the absence of stirring, chemical dynamics coexists 
with transport phenomena. This can give rise to the 
generic phenomenon of propagating wave fronts. In a 
bistable system, a typical front may join the two stable 
states, with one of them progressing at the expense 
of the other. In two- and three-dimensional reactors 
undergoing excitable or oscillatory dynamics, the fronts 
can take the more spectacular form of circles (target 
patterns), rotating spirals, and scrolls. An exciting form 
of spatial self-organization is spontaneous symmetry- 
breaking leading to sustained steady-state patterns, 
anticipated by Alan Turing in 1952 and realized 
experimentally by Patrick De Kepper and coworkers; 
see Figure | (Turing, 1952; De Kepper et al., 2000). 
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Figure 1. Stationary concentration patterns arising in the chlo- 
rite—iodide—malonic acid reaction beyond a symmetry-breaking 
instability (courtesy of P. De Kepper). 


Heterogeneous Systems 

Since the late 1980s, a series of novel developments 
has been initiated following the encounter of non- 
linear chemical kinetics with surface science as it is 
manifested, for instance, in heterogeneous cataly- 
sis. Complex behavior in all the above-mentioned 
forms is observed. Furthermore, the development of 
sophisticated monitoring techniques, such as field 
ion microscopy, opens the perspective of monitoring 
chemical dynamics at the nanoscale level (Hildebrand 
et al., 1999). 


Theoretical Developments: Dynamical 
Systems and Nonlinear Chemical Kinetics 


The essence of nonlinear chemical kinetics is cap- 
tured by the reaction-diffusion equations (Nicolis & 
Prigogine, 1977) 


Ton 2 
Pre = uj ({cj}, ka, Aa, +++) + DiV~c, qd) 
where c;(i = 1,...,) denotes the concentrations or 


the temperature, ky and AH, the rate constants and 
heats of reaction of the steps involved, and D; the mass 
or heat diffusivity coefficients. The rate function v; 
accounts for the nonlinearities and feedbacks, whereas 
the contribution of transport processes is linear. 

The reaction-diffusion equations (1) exhibit nonlin- 
earity in its simplest expression, as a property arising 
from intrinsic and local cooperative events. Because 
of this, complex behavior may arise in the absence 
of spatial degrees of freedom and persist even when 
few variables are present. In thermodynamic language, 
reactions are purely dissipative processes, whereas in 
nonlinear mechanics, inertia plays a very important role 
in the onset of complex behavior. Understanding how 
purely dissipative systems can come to terms with the 
restrictions imposed by the laws of thermodynamics 
and statistical mechanics has stimulated several funda- 
mental developments (Glansdorff & Prigogine, 1971; 
Nicolis & Prigogine, 1977). It has also led to the design 
of canonical models, such as the Brusselator, that are 
being used with success to test ideas and to assess the 
limits of validity of approximations. 


CHEMICAL KINETICS 


The intrinsic parameters k and D in Equations 
(1) has dimensions of [time]~! and [(ength)?/time], 
respectively. It follows that a reaction-diffusion system 
possesses intrinsic time (k~!) and space ((D/k)"/?) 
scales. This places nonlinear kinetics at the forefront 
for understanding the origin of endogenous rhythmic 
and patterning phenomena as observed, in particular, 
in biology and in materials science. In thermodynamic 
equilibrium, these intrinsic time and length scales 
remain dormant, owing to detailed balance. Non- 
equilibrium allows for the excitation and eventual 
stabilization of finite amplitude disturbances bearing 
these characteristic scales. 

Equations (1) form the basis of interpretation of 
the experiments surveyed above. They also constitute 
some of the earliest and most widely used models of 
bifurcation and chaos theories. The classical tools used 
in their analysis are stability theory and the reduction to 
normal form (amplitude) equations using perturbation 
techniques and/or symmetry arguments, complemented 
by interactive numerical simulations (Nicolis, 1995). 
A most interesting development is the prediction of 
an impressive variety of intrinsically generated spatial 
and spatiotemporal patterns, including spatiotemporal 
chaos, when two or more mechanisms of instability are 
interfering. 


Nonlinear Chemical Kinetics in the 
Life Sciences 


Research in nonlinear chemical kinetics has led to 
a semi-quantitative interpretation of a wide spectrum 
of dynamical behaviors in biochemistry (Goldbeter, 
1996). This has been possible thanks to the development 
of models in which the involvement of cooperative 
enzymes in some key steps provides the principal 
source of nonlinearity and feedback. Glycolytic 
oscillations, calcium oscillations and waves, the cell 
division cycle, cAMP-induced aggregation in amoebae, 
and synchronization in cell populations are among 
the main achievements of this effort that helped to 
identify the principal mechanisms behind the observed 
behavior. 

Nonlinear kinetics has also been a source of inspi- 
ration for approaching dynamical phenomena of cru- 
cial importance in biology, in which modeling involv- 
ing a few variables and/or well-established molecular 
mechanisms is still not available. Immune response, 
the electrical activity of the brain, embryonic develop- 
ment, cooperative processes such as food recruitment 
or building activity in social insects, and, last but not 
least, chemical and biochemical evolution itself (Eigen 
& Schuster, 1979; See Biological evolution) have been 
explored in one way or the other in the light of the 
concepts and techniques of nonlinear kinetics. 

As a closing remark, Equations (1) anticipate 
a decoupling between the evolution laws of the 


Francisco en Brasil 2013 OANNES 


\e 

oJ 
4 
> 





CHERENKOV RADIATION 


macroscopic observables and dynamics at the micro- 
scopic level, which may actually break down when re- 
active systems are embedded on low-dimensional sup- 
ports owing to the generation of anomalous inhomoge- 
neous fluctuations. This leads to interesting synergies 
among nonlinear chemical kinetics, statistical mechan- 
ics, and computational science (Nicolis, 2001). 

G. NICOLIS 


See also Belousov—Zhabotinsky reaction; Brussel- 
ator; Population dynamics; Reaction-diffusion 
systems; Turing patterns 
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CHERENKOV RADIATION 

Cherenkov radiation is the electromagnetic radiation 
of a charged particle moving uniformly in a medium 
with a velocity exceeding the velocity of light (c) 
in that medium. It was discovered experimentally 


135 


by Pavel Cherenkov in 1934 and was theoretically 
explained by Igor Tamm and II’ja Frank in 1937. (In 
1958, Cherenkov, Tamm, and Frank were awarded 
a Nobel Prize in physics for this work.) Earlier, 
Cherenkov radiation was theoretically predicted by 
Armol’d Sommerfeld, who, in 1904, solved a formal 
problem on the radiation of a charged particle moving 
in vacuum with a velocity v>c, and by Oliver 
Heaviside (Heaviside, 1950) at the end of the 19th 
century. 

At present, all radiation phenomena of waves of any 
origin, created by a source that moves with a velocity 
exceeding the phase velocity of the waves, are regarded 
as Cherenkov radiation. Common examples that can 
be observed in ordinary life include waves created 
on a water surface by moving objects, the so-called 
bow waves according to a theory developed by Lord 
Kelvin (William Thomson) in the middle of the 19th 
century, and acoustic shock waves brought about in 
the atmosphere by a supersonic jet or a rocket, first 
described by Ernst Mach in 1877. 

Essentially, Cherenkov radiation can be under- 
stood from the following simple considerations. A 
source moving steadily with a velocity v and de- 
pending on coordinates and time as f(r — vt) can 
be presented in the form of a Fourier integral 
f(r,n= f f(k)el* — ike ak, which suggests that 
each Fourier harmonic has frequency kv. In electro- 
dynamics, the role of the source is played by the 
distribution of charge density p(r— vt) and current 
j =pv(r—vt), and in hydrodynamics by external 
forces and moving particles. 

If a source is to excite the waves in a medium whose 
wave vector k and frequency w are related by the 
dispersion equation w= (k), a resonance condition 
must be satisfied, under which the wave frequency w(k) 
coincides with the external force frequency kv. This 
equality yields the Cherenkov condition 


o(k)=k-v, (1) 








Figure 1. Wave front configuration by Cherenkov radiation, v 
is the particle velocity, and k is the wave vector of the emitted 
wave. 
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which can be fulfilled only if the moving source 
velocity exceeds the phase velocity of the waves 
UV > Uph = w(k)/k. 

The radiated wave vectors form a characteristic 
Cherenkov cone, which is similar to the Mach cone 
in hydrodynamics. Thus, the angle 6 between the wave 
vector of the radiated wave and the direction of particle 
velocity is determined by the Cherenkov condition of 
Equation (1), which requires cos @ = vpy/v, showing 
that the frequency distributions of radiation are 
related to each other. Figure 1 shows the wave front 
configuration of a wave of frequency w, emitted by a 
moving source. 

Nowadays, Cherenkov radiation is used in high- 
energy physics as an important experimental tool 
(the Cherenkov counter), enabling identification and 
velocity measurements of fast charged particles, and 
in electronics for Cherenkov electron oscillators and 
amplifiers of electromagnetic waves, such as traveling- 
wave tubes and backward-wave oscillators. Many 
diverse phenomena can be related to manifestations 
of Cherenkov radiation, including Landau damping 
and instabilities in plasma physics, and the Kelvin— 
Helmholtz instability in hydrodynamics (excitation of 
waves on a water surface by wind). 

VLADISLAV V. KuRIN 


See also Dispersion relations; Shock waves 
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CHI(2) MATERIALS AND SOLITONS 


See Nonlinear optics 


CHIRIKOV MAP 
See Maps 


CHUA’S CIRCUIT 


Having witnessed futile attempts at producing chaos in 
an electrical analog of the Lorenz equations while on 
a visit to Japan in 1983, Leon Chua was prompted to 
develop a chaotic electronic circuit. He realized that 
chaos could be produced in a piecewise-linear circuit if 
it possessed at least two unstable equilibrium points— 
one to provide stretching and the other to fold the tra- 
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Figure 1. Chua’s circuit consists of a linear inductor L, two 
linear capacitors (C; and C2), a linear resistor R, and a 
voltage-controlled nonlinear resistor Nr (called a Chua diode). 








Figure 2. The V—/ characteristic of the Chua diode Nr has 
breakpoints at +£ and slopes Gq and Gy in the inner and outer 
regions, respectively. 





jectories. With this insight and using nonlinear circuit 
theory (Chua et al., 1987), he systematically identified 
those third-order piecewise-linear circuits containing a 
single voltage-controlled nonlinear resistor that could 
produce chaos. Specifying that the V—J characteristic 
of the nonlinear resistor Nr should be chosen to yield 
at least two unstable equilibrium points, he invented the 
circuit shown in Figure 1. 

This circuit is described by three ordinary differen- 
tial equations 





dv; 
Cc aot GV, — f(Vi) + GVa, 
dV» 
Oo = GV, -—Gho+h, (1) 
dk 
L— =—V), 
dt 


where G=1/R. Also, f(-) is the V—J characteristic 
of the nonlinear resistor Nr (known as a Chua diode), 
which has a piecewise-linear V—J characteristic defined 
by 


Sf VR)= GV + 5(Ga—Gp)(\Vr+ El —|Ve— El), 

(2) 
where +£ are the breakpoints in the characteristic, and 
Ga and Gy» are the slopes in the inner and outer regions, 
respectively, as shown in Figure 2. 

Ifthe values of the circuit parameters are chosen such 
that the circuit contains three equilibrium points (two 
in the outer regions and one at the origin), all of which 
are unstable with saddle-focus stability, then a homo- 
clinic trajectory can be formed, potentially producing 
chaos. 








CHUA’S CIRCUIT 


Soon after its conception, the rich dynamical 
behavior of Chua’s circuit was confirmed by computer 
simulation and experiment and in 1986 was proven to 
exhibit chaos in the sense of Shilnikov (Chua et al., 
1986). An intensive effort since then to understand 
every aspect of the dynamics of this circuit has resulted 
inits widespread acceptance as a powerful paradigm for 
learning, understanding, and teaching about nonlinear 
dynamics and chaos (Madan, 1993; Chua, 1992). 

By adding a linear resistor Ro in series with the 
inductor, Chua’s circuit has been generalized to the 
Chua oscillator (Chua, 1993), with the last of Equations 
(1) changing to 


L— =—V2 — Rok. (3) 


Chua’s oscillator is canonical in the sense that it is 
equivalent (topologically conjugate) to a 13-parameter 
family of three-dimensional ordinary differential 
equations with odd-symmetric piecewise-linear vector 
fields. The circuit can exhibit every dynamical behavior 
known to be possible in a system described by 
a continuous odd-symmetric three-region piecewise- 
linear vector field. Unlike the Lorenz or Réssler 
equations, which have more complex multiplicative 
nonlinearities, the only nonlinearity in Chua’s circuit 
is a scalar function of one variable. With an appropriate 
choice of parameters, the circuit can be made to 
follow the classic period-doubling, intermittency, and 
torus breakdown routes to chaos; in addition, over 60 
different types of strange attractors have been reported 
in Chua’s oscillator. 
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Figure 3. Robust practical implementation of Chua’s cir- 
cuit/oscillator using two op amps and six resistors to realize the 
Chua diode. In the case of Chua’s circuit, Rg is zero; in Chua’s 


oscillator, Rp may assume negative or positive values. Compo- 
nent values for Chua’s circuit are listed in Table 1. 
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Chua’s circuit oscillator can be realized in a variety 
of ways by using standard or custom-made electronic 
components. Since all of the linear elements (capa- 
citors, resistors, and inductor) are readily available as 
two-terminal devices, only the nonlinear diode must be 
synthesized using a combination of standard electronic 
components. The most robust practical realization of 
Chua’s circuit/oscillator, shown in Figure 3, uses two 
operational amplifiers (op-amps) and six resistors to 
implement the nonlinear diode (Kennedy, 1992). 

The op-amp subcircuit consisting of A;, Az, and 
R, through R¢ functions as a Chua diode with V—I 
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Figure 4. Typical experimental bifurcation sequence in Chua’s 
circuit (component values as in Table 1) recorded using a Hi- 
tachi VC-6025 Digital Storage Oscilloscope. Horizontal axis 
V2 200 mV/div; vertical axis Vj 1 V/div. (a) R= 1.83 kQ, pe- 
riod 1; (b) R=1.82 kQ, period 2; (c) R=1.81 kQ, period 4; 
(d) R=1.80 kQ, Spiral attractor; (e) R = 1.76 kQ, Spiral attrac- 
tor; (f) R=1.73 kQ, double-scroll attractor [reproduced from 
Kennedy (1993)]. 
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Element Description Value Tolerance 
(%) 
Al Op-amp Gg AD712 or TL082) 
A2 Op-amp G AD712 or TL082) 
Cy Capacitor 10nF +1 
C2 Capacitor 100nF +1 
R Potentiometer 2kQ 
R dW Resistor 3.3kQ +1 
R> EW Resistor 22kQ +1 
R3 EW Resistor 22kQ +1 
R4 EW Resistor 22kQ +1 
Rs EW Resistor 22002 +1 
Ro iW Resistor 2202 +1 
E Inductor (TOKO type 1ORB) 18mH +5 





Table 1. Component list for Chua’s circuit. 


characteristic as shown in Figure 2. Using two 
9 V power supplies for the analog devices AD712, 
op-amps set their saturation voltages at approximately 
+ 8.3 V, yielding breakpoints E ~ 1V. With R2 = R3 
and Rs = R6, the V—/ characteristic of the Chua diode 
is defined by Gg = — 1/R, — 1/R4= — 25/33 mS and 
Gp =1/R3—1/R4=—9/22 mS. Note that the value 
of the resistance Ro is ideally zero in Chua’s circuit. 
In practice, the real inductor L has a small parasitic 
resistance that can be modeled by Ro; the TOKO-type 
10RB inductor is preferred because it has a sufficiently 
low parasitic resistance Ro for this application. 

By reducing the value of the variable resistor R 
from 2000 Q to zero, with all other components as 
in Table 1, the circuit exhibits a Hopf bifurcation 
from dc equilibrium, a sequence of period-doubling 
bifurcations to a spiral attractor, periodic windows, a 
double-scroll strange attractor, and a boundary crisis 
(Kennedy, 1995). 

Although the diode characteristic in Equation (2) 
is piecewise-linear, qualitatively similar behavior is 
observed when a smooth nonlinearity such as a cubic 
is used instead. The piecewise-linear nonlinearity is 
more convenient for circuit realization, while the 
smooth nonlinearity is more appropriate for bifurcation 
analysis. 





MICHAEL PETER KENNEDY 


See also Attractors; Bifurcations; Chaotic dyna- 
mics; Hopf bifurcation; Horseshoes and hyperbol- 
icity in dynamical systems; Period doubling; Routes 
to chaos 
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CIRCLE MAP 
See Denjoy theory 


CLEAR AIR TURBULENCE 
Description 


In 1966, the National Committee for Clear Air 
Turbulence officially defined clear air turbulence 
(CAT) as “all turbulence in the free atmosphere of 
interest in aerospace operations that is not in or adjacent 
to visible convective activity (this includes turbulence 
found in cirrus clouds not in or adjacent to visible 
convective activity).”” FAA Advisory Circular AC 00- 
30B (1997) has simplified this somewhat to “turbulence 
encountered outside of convective clouds.” Thus, CAT 
is considered to mean turbulence in the clear air, not in 
or near convective clouds, usually at upper levels of the 
atmosphere (above 6 km). 

CAT was first observed by high-flying fighter aircraft 
in the mid-to-late 1940s. It was expected that turbulence 
encounters would be rare at high levels due to the lack 
of clouds at upper levels. However, it was soon discov- 
ered that turbulence encounters in clear air were not 
only frequent but sometimes quite severe. Since then, 
CAT encounters have become a significant problem for 
commercial aircraft flying at cruising altitudes (18,000- 
45,000 ft above the mean sea level). In fact, various re- 
views of National Transportation Safety Board (NTSB) 
reports indicate that in the U.S., turbulence encounters 
account for approximately 65% of all weather-related 
accidents or incidents for commercial aircraft; proba- 
bly more than half of these are due to CAT. Although 
most turbulence encounters are generally just an annoy- 
ance to passengers and crew, on average there are about 
eight commercial aircraft turbulence-related incidents 
per year that are significant enough to be reported to 
the NTSB, accounting for 10 serious and 32 minor in- 
juries. Fortunately, fatalities and substantial damage to 
the aircraft structure are rare but can occur, as shown in 
Figure 1. 

It should be noted that only a certain range of 
frequencies or wavelengths of turbulent eddies is felt 
by aircraft as bumpiness. For most commercial aircraft, 
this wavelength is anywhere from about 10m to 1 km. 
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Figure 1. Damage sustained to a DC-8 cargo aircraft in an 
encounter with CAT on 9 December 1992 at 31,000 ft over the 
Rocky Mountains near Evergreen, Colorado. Note the loss of 
left outboard engine and approximately 6 m of the wing. (Photo 
by Kent Meiries.) 


Shorter wavelengths are integrated out over the aircraft 
structure and longer wavelengths are felt as “waves” 
and do not generally have vertical accelerations large 
enough to be felt as “bumps.” 

CAT can be measured quantitatively with instru- 
mented research aircraft or remotely by instruments 
such as clear air radar and lidar, but by far the major- 
ity of measurements are through pilot reports (PIREPs) 
of turbulent encounters. PIREPs usually report turbu- 
lence on intensity scales of smooth, light, moderate, 
severe, or extreme. Although definitions of these cate- 
gories are provided in terms of normal accelerations or 
airspeed fluctuations, there is still an amount of sub- 
jectivity associated with these reports. The pilot re- 
porting system is fairly successful in warning other 
aircraft of turbulence regions encountered, but to use 
PIREPs to deduce CAT climatology is difficult, since 
they are biased by air traffic patterns, non-uniform 
reporting practices, and the tendency to avoid known 
turbulence areas. One way to reduce these biases is to 
examine the ratio of moderate or severe PIREPs to to- 
tal reports in the three-dimensional airspace averaged 
over many years of reports. This has been done over the 
continental U.S. (Sharman et al., 2002). The distribu- 
tion of this ratio of moderate or greater (MOG) severity 
PIREPs to total PIREPs by altitude for both CAT and 
in-cloud encounters is shown in Figure 2. Note that 
above about 8km, the majority of reports are in clear 
air. Similar analyses show the occurrence of CAT to be 
about twice as frequent in winter as in summer. CAT en- 
counters also tend to be more frequent and more severe 
over mountainous regions, for example, the Colorado 
Rockies. 

One characteristic of CAT is its patchiness in both 
time and space. These patches tend to be relatively thin 
compared with their length (the median thickness is 
about 500m, whereas the median horizontal dimen- 
sion is about 50km); the median duration is about 6 
hours (Vinnichenko et al., 1980). Within a patch, the 
turbulence may be continuous or may occur in dis- 
crete bursts that may be very severe but very narrow 
(1-2 km). 
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Figure 2. Vertical distribution of the fraction of moderate or 
greater-intensity (MOG) turbulence pilot reports taken over a 
two-year period. Solid lines indicate reports in clear air, and 
dashed lines indicate reports in cloud. 


Relation to Kelvin-Helmholtz Instability 


From Figure 2, it can be seen that the altitude of 
maximum occurrence of CAT is at upper levels near the 
tropopause and jet stream levels. This relation has been 
known since the 1950s. For example, Bannon (1952) 
noted that severe CAT tended to occur above and below 
the jet stream core on the low-pressure side. These 
areas tend to have large values of the vertical shear 
of the horizontal wind, and this led to the hypothesis 
(e.g., Dutton & Panofsky, 1970) that, at least in some 
cases, CAT may be related to Kelvin-Helmholtz (KH) 
instability (KHI, See Kelvin-Helmholtz instability). 
The KHI process occurs in stably stratified shear flows 
when dynamic instabilities due to wind shear exceed 
the restoring forces due to stability. KH waves (also 
known as “billows”) are, in fact, commonly observed 
in the atmosphere near the top of clouds, where the KH 
distortions become visible (Figure 3). 

Further, the KHI connection to CAT has been 
verified on occasion by simultaneous measurements 
of KH billows by high-powered radar and aircraft 
measurements of turbulence (Browning et al., 1970). 
Although the figure shows a KH wave train at an instant 
in time, the KHI process is an evolutionary one, where 
waves develop, amplify, roll up, and break down into 
turbulent patches. The resultant turbulent mixing will 
eventually destroy the wave structure and mix out the 
shear, and density distributions that created it, but if 
larger scale processes continue to reinforce the shears, 
the entire process may reinitiate. 

The names associated with KHI derive from the 
early works of Hermann von Helmholtz (1868), 
who realized the destabilizing effects of shear, and 
later of Lord Kelvin (William Thomson) (1871), 
who posed and solved the instability problem math- 
ematically. Richardson (1920), using simple energy 
considerations, deduced that a sufficient condition for 


140 





Figure 3. An example of Kelvin-Helmholtz billows observed 
in the presence of clouds. © 2003 University Corporation for 
Atmospheric Research. 


stability of disturbances in shear flow occurs when the 
restoring force of stability (as measured by the buoy- 
ancy frequency N) is greater than the destabilizing 
force of the mean horizontal velocity shear (dU/dz) 
in the vertical (z) direction. Thus, when the ratio 
N?/(dU/dz)? is greater than unity, the flow should 
be stable. In honor of Richardson’s insight, it has be- 
come common to refer to this ratio as the Richardson 
number (Ri). The linear problem for various stratified 
shear flow configurations is well reviewed in the texts 
by Chandrasekhar (1961, Chapter 11) and by Drazin 
and Reid (1981). The sufficient condition for stability to 
linear two-dimensional disturbances is that Ri > 0.25; 
Ri <0.25 is necessary but not sufficient for instabil- 
ity. More recently, Abarbanel et al. (1984), using the 
method of Arnol’d, were able to show that the neces- 
sary and sufficient condition for Liapunov stability to 
three-dimensional nonlinear disturbances is Ri > unity, 
in agreement with Richardson’s deduction. 

Through these theoretical studies, laboratory exper- 
iments (e.g., Thorpe, 1987), and more recently, very 
high-resolution numerical simulations (e.g., Werne & 
Fritts, 1999), considerable progress has been made in 
understanding the intricacies of KHI. One (probably 
common) method in which KHI is initiated in the at- 
mosphere is through longer wavelength gravity-wave- 
induced perturbations that lead to local reductions (e.g., 
in the crest of the wave) in Ri to a value small enough 
to initiate instability. Gravity waves are ubiquitous in 
the atmosphere and can be generated in a variety of 
ways, for example, by flow over mountains or by strong 
updrafts and downdrafts in convective storms. How- 
ever, the processes by which KHI may lead to turbulent 
breakdowns within three-dimensional transient gravity 
waves is not yet completely understood. It should be 
mentioned that gravity wave breakdown into turbulent 
patches may also occur through other mechanisms be- 
sides KHI. Examples include convective overturning in 
large-amplitude waves or nonlinear wave—wave inter- 
actions (see the reviews by Wurtele et al. (1996) and 
Staquet & Sommeria (2002) for discussions of some 
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of these effects). Further, other instability mechanisms 
besides KHI may lead to CAT, for example, inertial in- 
stability or critical-level instability. Thus, the processes 
by which CAT may be generated at any given time and 
place are complex, involving many different sources, 
making its forecasting quite difficult. 

One new promising avenue of research is the 
use of high-resolution numerical simulations of the 
atmosphere to reconstruct the atmospheric processes 
that led to particularly severe encounters of CAT (e.g., 
Clark et al., 2000; Lane et al., 2003). These types 
of studies have only recently become possible with 
advances in computing capabilities that allow model 
runs to contain both the large-scale processes that create 
conditions conducive to turbulence and the smaller 
scales that may affect aircraft. Further studies such as 
these, along with continued theoretical and numerical 
studies and field measurement campaigns, should lead 
to a better understanding of CAT genesis and evolution 
processes. 

Until this understanding is available, forecasting of 
CAT must be accomplished by empirical means. This 
is done by forecasting various large-scale atmospheric 
conditions that are known through experience to be re- 
lated to CAT. Until recently, these diagnostics for likely 
regions of turbulence had to be performed by laborious 
weather map analyses of jet streams and upper-level 
fronts. Nowadays, these diagnostics can be computed 
from the output of routine numerical weather predic- 
tion forecast models. However, the reliability of these 
turbulence diagnostics is highly variable, and at the mo- 
ment it seems that better success may be achieved by 
combining the various diagnostics within an artificial 
intelligence framework (Tebaldi et al., 2002). 

RoBERT SHARMAN 


See also Kelvin-Helmholtz instability; Turbulence 
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CLUSTER COAGULATION 


In 1916, nine years before he was awarded the 
Nobel prize for his studies of colloidal solutions, 
the Austro-Hungarian chemist Richard Zsigmondy 
(1865-1929) brought forth the first model for cluster 
coagulation. Interpreting the behavior of aqueous 
solutions of gold colloidal particles, he posited 
that each cluster of particles is surrounded by a 
sphere of influence. According to this model, clusters 
execute independent Brownian motions when their 
spheres of influence do not overlap. Whenever the 
spheres of influence of a pair of clusters touch, the 
clusters instantaneously stick together to form a new 
cluster. This kind of non-equilibrium kinetics (See 
Nonequilibrium statistical mechanics) has proven 
to be truly ubiquitous: bond formation between 
polymerization sites; the coalescence of rain drops, 
smog, smoke, and dust; the aggregation of bacteria 
into colonies; the formation of planetesimals from sub- 
micron dust grains; the coalescence arising in genetic 
trees; and even the merging of banks to form ever- 
larger financial institutions are all examples of cluster 
coagulation. 

Cluster coagulation results in a broad distribution of 
cluster sizes described by {nj (t)}i =1,...,00, where nj (t) 
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is the number of clusters of size 7 present in the system 
at time t. The size of a cluster is defined as the number 
of unit clusters that it comprises. The primary goal of 
coagulation theory is to determine the evolution of n; (t) 
for alli. 

The most important theory of coagulation was given 
by the Polish physicist Marian Smoluchowski (1872-— 
1917) (Smoluchowski, 1916, 1917). In 1916, prompted 
by arequest from Zsigmondy to provide a mathematical 
description of coagulation, Smoluchowski postulated 
that (1) clusters are randomly distributed in space 
and this feature persists throughout the coagulation 
process, (2) only collisions between pairs of clusters 
are significant, and (3) the number of new clusters of 
size i + j, formed per unit time and unit volume due to 
collisions of clusters of sizes i and j, is proportional 
to the product of the concentrations cj =n;/V and 
cj=nj/V: 


number of new clusters 
VAt 








i,jCiCj- (1) 


Here, V is the volume of the coagulating system and 
K;,; is the collision frequency factor, also called the 
coagulation kernel. 

The rate equation describing the evolution of c;(t) 
follows from the balance between the total number of 
clusters of size i created and annihilated as a result of 
coagulation: 

id 


1 
G(t) = 5 2 Ki-156-sO6H0) 


ioe} 
- Ki jaMej@), i=1,...,00. (2) 
j=l 
Here, ¢;(t) is the time derivative of the concentration 
c(t). 

This equation—in fact, the chain of nonlinear or- 
dinary differential equations—is called the Smolu- 
chowski coagulation equation (SCE). It describes the 
evolution of homogeneous aggregating systems with 
the distribution c;(t), provided knowledge of K;,; and 
an initial distribution c;(0). The SCE does not de- 
pend on the spatial dimension in which the coagula- 
tion process is taking place. According to modern ter- 
minology, Smoluchowski theory is a mean field (See 
Phase transitions) theory of nonequilibrium growth. It 
neglects fluctuations of the concentrations cx; that is, 
it presumes the existence of the thermodynamic limit: 
V > ow, ng > 00, nx / V > cx. For a broad variety of 
aggregating systems, this proves to be a reasonable 
assumption. However, the first assumption of Smolu- 
chowski, that correlations in the distribution of the 
cluster may be disregarded, is not always satisfied. 
Aggregating systems fulfilling this assumption are 
called well-mixed. In low-dimensional systems 
with no “external” mixing mechanism, the cluster 
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collisions are often not able to provide sufficient mix- 
ing. This may result in correlation build-up and, there- 
fore, a breakdown of Equation (2). 

The last, essential, albeit obvious, condition for the 
applicability of the SCE is that interactions between 
aggregating clusters be treated as instantaneous 
collisions, that is, Teo! Tcoag, Where Teco! is the 
characteristic time scale of collisions and Teoag is the 
characteristic time scale of coagulation. Thus, similar to 
the Boltzmann kinetic equation (See Nonequilibrium 
statistical mechanics), the SCE describes a slow 
evolution of the distribution due to fast collisions. 

For a continuous distribution c(t, v), SCE takes the 
form of an integro-differential equation (Miiller, 1928): 


0,c(t, v) = an K(u,v — u)c(t, u)c(t, v — u) 


—c(t, vydu f K(u, v)c(t, u) du. (3) 
0 


Here u, v are the physical sizes of clusters. 

Although the SCE establishes a firm foundation 
for our understanding of a great variety of cluster 
coagulation processes, other models have also been 
devised. They include the Oort—van de Hulst-Safronov 
equation, which describes cluster coagulation as a 
continuous growth process, and various stochastic 
models, such as Kingman’s coalescent and the Marcus— 
Lushnikov process. In this article, we limit ourselves to 
the Smoluchowski coagulation theory. 

The mathematical structure of SCE can be traced to 
the master equation for stochastic processes: 


Pit) = D> (wij Pi) — wii Pi). (4) 
j 

Here, P;(t) is the probability of finding the system 
in a state i at time rf, and w;,; is the probability of 
transition from state j to state i per unit time. Under 
the aforementioned assumptions of Smoluchowski 
theory, P; =c;, w;,; = Kj,; Pi. Thus, we arrive at the 
probabilistic interpretation of K;, ; as the probability of 
coagulation of a pair of clusters i and j in unit volume 
per unit time. 

Calculating the coagulation kernel for a particular 
coagulation mechanism is a separate problem that is 
beyond the scope of this article. However, a few remarks 
are appropriate. First, due to the aforementioned time- 
scale separation, calculation of K can be treated as a 
stationary problem. Second, the probability of cluster 
collisions will depend on the cluster geometry. Very 
often, the aggregates prove to be fractals (See Fractals; 
Pattern formation) having no characteristic size. The 
coagulation kernel K will then depend on their fractal 
dimension D,. Third, the probability of coagulation 
of a pair of clusters is a product of the probability of 
their collision and the sticking efficiency E. The latter 
is defined as the probability of clusters merging once 
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they have collided. Two practically important limiting 
cases are distinguished for coagulation of diffusing 
clusters: diffusion-limited cluster-cluster aggregation 
(DLCA), when E ~ 1, and reaction-limited cluster- 
cluster aggregation (RLCA), when E<1. DLCA 
and RLCA produce aggregates of different fractal 
dimensions and have kinetics of different speeds. 
Fourth, when the coagulation mechanism is scale-free 
and the aggregates are fractals, the coagulation kernel 
K should also be scale-free. In mathematical terms this 
amounts to the following requirement on the function 
K(u, v): 


K (Au, Av) = A“ K (u, v) (5) 


for any real 4 >0. Such kernels are called homoge- 
neous, and @ is called the homogeneity index. Sev- 
eral examples of widely used kernels are listed in 
Table 1. 

Our present knowledge of when solutions of (2) 
exist and are unique is limited, as the nonlinearity 
of SCE presents challenging problems for rigorous 
mathematical analysis. Existence and uniqueness of 
solutions for all times have been proven for the 
kernels K (u,v) <C(u+v), where C is a constant. 
This result has recently been extended to the kernels 
K(u, v) <r(u)r(v), where r(v)=o0(v), as v—> co 
(Norris, 1999; Leyvraz, 2003). 

The distribution function is significant because 
any macroscopic property characterizing a given 
coagulating system can be calculated in the continuous 
(discrete) case as an integral (sum) over the distribution. 
From a mathematical point of view, the distribution 
function is simply a time-dependent measure on the 
set of all cluster sizes. Therefore, it is natural to look 
for weak solutions to SCE. Weak solutions can be 
conveniently defined in the continuous case by means 
of a Laplace transformed SCE, which describes the 
time evolution of the Laplace transformation of the 
concentration. 

Weak solutions are inverse Laplace transforms 
of the solutions to this equation. The discrete 
case can be treated analogously with the help of 
generating functions. In fact, most of the presently 
known exact solutions of SCE were obtained by this 
approach. 

Since the total mass of clusters is, apparently, 
conserved during collisions, the SCE is expected to 
conserve the first moment of the distribution 


m= f uc(t, v) dv. (6) 
0 


It appears as a deceptively simple exercise to prove 
this by substituting (6) into SCE. The proof, however, 
hinges on the condition that the infinite sums involved 
are convergent. Violation of this condition gives rise to 
the important phenomenon of gelation, also known as 
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Coagulation mechanism 


Kernel 
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Originator (year) 





“Mating” 


Brownian motion 


2 


(r@+rQv))? 
r(u)r(v)* 


r(v) x yl/Dr 


(ru) + rv) 5 rv) oe vl/Pr 


Smoluchowski (1916) 


Smoluchowski (1916) 


Saffman and Turner (1956) 


Isotropic turbulent shear 





Gravitational coalescence (r(u) + r(v))? iru)? = r(v)|; r(v) « yl/Ps Findheisen (1939) 
Polymerization (RAoo model) uv Flory (1953) 
Polymerization (A R Bog model) u+v 


Table 1. Examples of kernels. All kernels are given up to a non-dimensional prefactor. D y is the fractal dimension of the coagulates. 


the gel-sol transition or runaway growth. It was first 
predicted for the kernel K (u,v) =uv, which serves 
as a model of polymerization (See Polymerization) 
in which new links are formed randomly between 
polymerization sites. In the mean field approximation, 
this model also describes random graph growth and 
bond percolation (See Percolation theory). An exact 
solution of this problem shows that starting with 
monodisperse initial conditions, the first moment Mj (t) 
begins to decay after a finite time, f., whereas the second 
moment M(t), measuring the average cluster size, 
diverges. This behavior corresponds to the formation 
of an infinite cluster, or gel, in a finite time due to 
the coagulation kinetics “accelerating” with growing 
cluster sizes. The sol mass M, decreases, as part of it 
is being lost to the gel. This kind of kinetics has also 
proved to be a key to the explanation of the rapid growth 
of Jupiter and planetesimal growth in the terrestrial 
planets. 

It has been shown that M,(t)=M,(0) for all 
times; that is, the system is nongelling, when 
K(u, v) <C(u+v).A wealth of data suggests that this 
is, in fact, the exact bound separating gelation at finite 
times from nongelling behavior, although a rigorous 
proof has not yet been given. 

The nonlinear character of SCE complicates math- 
ematical analysis for arbitrary kernels, and the 
set of exactly solvable kernels is limited. Con- 
siderable progress in understanding coagulation ki- 
netics has been achieved for the wide class of 
homogeneous (or asymptotically homogeneous) 
kernels by looking for similarity solutions. This can 
be done in two different ways, which we shall refer to 
as the self-preservation theory and the self-similarity 
theory. 

The first approach embodies the notion of a single 
characteristic size in the system, which can be chosen to 
be equal to an average cluster size, s(t). The asymptotic 
solution of SCE is then expected to have a self- 


preserving (scaling) form: 
c(t, v) = s(t) 7 (v/s(t)). (7) 


The self-preserving form has been further studied 
with the objective of identifying when it will lead 
to a power-law distribution asymptotically (Leyvraz, 
2003). This approach allows one to obtain sensible 
results for a large variety of problems, including some 
extensions of SCE, in an almost automatic manner. 
However, since the scaling hypothesis is postulated, one 
cannot estimate a priori the accuracy of these solutions. 
Experimental data on coagulation often display a 
power-law distribution over some range of cluster sizes. 

The second approach deals with a coagulating 
system maintained at steady state by an external source 
of monomers. By analogy with the scaling theories for 
turbulent flows and the theory of critical phenomena, 
it may be expected that the steady-state distribution 
at large sizes will “forget” the forcing scale vo and, 
therefore, will evolve to a scale-free form, 


c(v) = const x v*. (8) 


A careful mathematical analysis has shown that this 
is indeed the case for a wide range of homoge- 
neous kernels, and that the asymptotic distribution 
equals 


1/2 
c(v) = (=) y Gta)/2, (9) 


Here, E is the total influx of mass into the system due 
to the forcing and x is a kernel-dependent constant. 
Dmitri O. PUSHKIN AND HassAN AREF 


See also Brownian motion; Dimensional analy- 
sis; Fractals; Nonequilibrium statistical mechanics; 
Pattern formation; Percolation theory; Phase tran- 
sitions; Polymerization 
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CNOIDAL WAVE 


See Elliptic functions 


COHERENCE PHENOMENA 

The word coherence comes from the Latin cohaerens, 
meaning “being in relation.” Thus, coherence phenom- 
ena are those displaying a high level of correlation be- 
tween several objects. 
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From the physical point of view, it is necessary 
to distinguish between two types of coherence: 
state coherence, which characterizes correlations 
between static properties of the considered objects, 
and transition coherence, which describes correlated 
dynamical processes. These types of coherence are two 
sides of the same coin, and one obtains a better insight 
from considering them together. 

To gain an intuitive idea of these two types of 
coherence, imagine a group of soldiers all standing 
at attention, without moving. This corresponds to 
state coherence. If the soldiers were all in different 
positions (some standing, some sitting, some lying 
down), there would be no state coherence between 
them. Now, imagine well-aligned rows of soldiers 
in a parade, moving synchronously with respect to 
each other. This corresponds to transition coherence. 
Also, if they were to march with different speeds and 
in different directions, transition coherence would be 
absent. 

Coherence is related to the existence of a kind of 
order—be it a static order defining the same positions 
or an ordered motion of a group. Then, the antonym of 
coherence is chaos. Thus, state chaos means the absence 
of any static order among several objects, and transition 
chaos implies an absolutely disorganized motion of an 
ensemble of constituents. 

The notion of coherence is implicit in the existence 
of correlation among several objects (enumerated with 
the index i=1,2,..., N). Each object, placed in the 
spatial point 7;, at time ft, can be associated with 
a set {Qa(rj,t} of observable quantities labeled by 
a. To formalize the definition of state and transition 
coherence, one may write Of = Q,(7;,t), where QO; 
corresponds to a state property of an object, while 
Q* and Q? describe its motion. As an illustration, 
assume that Q% are spin components. Another example 
assumes that Q; is the population difference of a 
resonant atom, while Q* and Q? are its transition 
dipoles. Instead of considering the latter separately, it 
is convenient to introduce the complex combinations 
o* QO; + iQ? . (In general, Q¥ are not restricted to 
classical quantities but may be operators.) 

If the system is associated with a statistical operator 
fp, then the observable quantities are the statistical 
averages 








(Qf) = Trp QF, (1) 


expressed by means of the trace operation. A convenient 
way of describing the system features is by introducing 
dimensionless quantities, normalized to the number of 
objects N and to the maximal value Q = max(Q?). 
Then, one may define the state variable 


1 N 
s=—_)(Q?) (2) 
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and the transition variable 


1 N 
u=——)\(Q7). (3) 


One may distinguish two opposite cases, when the 
individual states of all objects are the same and when 
they are randomly distributed. These two limiting cases 
give 

1, state coherence, 

Is] = 4) 

0, state chaos. 
Next consider the transition characteristic (3) and col- 
lective motion of an ensemble of oscillators. Again, 
there can be two opposite situations, when the oscilla- 
tion frequencies of all oscillators, as well as their initial 
phases, are identical and when these take randomly dif- 
ferent values. For the corresponding limiting cases of 
completely synchronized oscillations and of an abso- 
lutely random motion, respectively, one has 


1, transition coherence, 
jul = 32 (5) 
0, transition chaos. 
In the intermediate situation, one may say that there 
is partial state coherence if 0<|s|<1 and partial 
transition coherence when 0 < |u| < 1. 

Accepting that coherence is not necessarily total, it 
is convenient to define qualitative characteristics for 
partial coherence by introducing correlation functions. 
Let Q7 (r, t) denote the Hermitian conjugation for an 
operator Oy (r,t). When Q,(r, ft) is a classical func- 
tion, Hermitian conjugation means complex conjuga- 
tion. For any two operators from the set {Qa(r, t)}, 
one may define the correlation function 


Cap (41, t, 72,0) = (Oe (r1, 1) Og(r2,2)). © 


The function Cy, (. . .) for coinciding operators is called 
the autocorrelation function. There is also a shifted 
correlation function 


Bup = (Og Op) — (Qg){Qp). 


where, for brevity, the spatiotemporal variables are not 
written explicitly. For describing coherent processes, it 
is convenient to use the normalized correlation function 


(Qa Op) 


(7) 
(QF Qe)(Q} Op))'/? 





Kup= 
eee 


which is sometimes termed a “coherence function.” 
Functions (6) and (7) can be specified as second-order 
correlation functions since, in general, it is possible to 
define higher-order correlation functions, such as the 
2 p-order function 


Cay... = (ad, vee Oz, Qepst toe Qa», 


which are closely related to reduced density matrices. 
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Correlations are usually strongest among nearby 
spatiotemporal points. Thus, function (7) varies in the 
interval 0 < | Kgg| < 1, being maximal for the autocor- 
relation function |Kgq|=1 at the coinciding points 
T| =12, t} =t2. When either the spatial or temporal 
distance between two points increases, correlations di- 
minish; this is named correlation decay. At an asymp- 
totically large distance, the correlation function (6) for 
two local observables displays the property of correla- 
tion weakening (correlation decoupling) 


(OF (1, 1) Op(r2, 2))X(OE (71, 11) (Op(r2, 2), 

(8) 

where either |r} —12|— 00 or |f; —t2|—> oo. It is 

important to stress that property (8) holds only for 

local observables; thus, for operators representing no 

observable quantities, correlation decoupling generally 
has no meaning. 

Coherence characteristically implies correlations 
between similar objects, which require the use of 
autocorrelation functions. To describe coherence decay, 
it is also necessary to fix a point from which this 
decay is measured (usually at r=O and t=0), 
whereupon coherence decay is studied by considering 
an autocorrelation function 





Ca(r,t) = (OF (r,t) Qa(0, 0)). (9) 


In many cases, there exists a spatial direction of 
particular importance, for example, the direction of 
field propagation. It is natural to associate this special 
direction with the longitudinal z-axis and the transverse 
direction with the radial variable r; . The characteristic 
scale of coherence decay in the longitudinal direction 
is called coherence length Joon, where 


> _ f2lCa(r, 1? dr 


= 
coh Pf 1Calr, D2 dr 


; (10) 


and the integration is over the entire space volume. 
Coherence decay in the transverse direction is classified 
as transverse coherence radius reoh, where 


> _ fri lCalr, 1)? dr 


= > 11 
Teoh f\Ca(r, 1)? dr ot) 


For isotropic systems, one replaces r; by the 
spherical radius r and obtains a coherence radius 
from equation (11). It is natural to call Acoh = mr 
the coherence area and Veoh = Acohlcon the coherence 
volume. The typical scale of temporal correlation decay 


is termed the coherence time toon, where 


> _ fo PICa(r, t)|? dt 


Pie eee, 12 
con IS Cal, ty? dt i 


As seen, the coherence length (10) and coherence radius 
(11) are related to a fixed moment of time, while the 
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coherence time (12) defines the temporal coherence 
decay at a given spatial point. Equations (10)-(12) all 
have to do with a particular coherence phenomenon 
characterized by the correlation function (9). 

Phase transitions in equilibrium statistical systems 
are collective phenomena demonstrating different types 
of state coherence arising under adiabatically slow 
variation of thermodynamic or system parameters 
(temperature, pressure, external fields, and so on). 
Phase transitions are conventionally specified by means 
of order parameters, which are defined as statistical 
averages of operators corresponding to some local 
observables. The order parameter is assumed to be zero 
in a disordered phase and nonzero in an ordered phase. 
For example, the order parameter at Bose—Einstein 
condensation is the fraction or density of particles in 
the single-particle ground state. The order parameter 
for superconducting phase transition is the density 
of Cooper pairs or the related gap in the excitation 
spectrum. Superfluidity is characterized by the fraction 
or density of the superfluid component. For magnetic 
phase transitions, the order parameter is the average 
magnetization. Thermodynamic phases can also be 
classified by order indices. 

Let the autocorrelation function (9) be defined for 
the operator related to an order parameter. Then, for 
a disordered phase, the coherence length is close 
to the interparticle distance and the coherence time 
is roughly the interaction time. But for an ordered 
phase, the coherence length is comparable with 
the system size and the coherence time becomes 
infinite. 

Taking account of heterophase fluctuations in the 
quasiequilibrium picture of phase transitions, there 
appear mesoscopic coherent structures, with the 
coherence length being much larger than interparticle 
distance, but much smaller than the system size. 
The coherence time of these mesoscopic coherent 
structures (their lifetime) is much longer than the local 
equilibrium time, although it may be shorter than the 
observation time. Such coherent structures are similar 
to those arising in turbulence. 

Electromagnetic coherent radiation by lasers and 
masers presents a good example of transition coher- 
ence. Such radiation processes are accompanied by 
interference patterns, a phenomenon that is typical 
of coherent radiation and can be produced by atoms, 
molecules, nuclei, or other radiating objects. Inter- 
ference effects caused by light beams are studied in 
nonlinear optics. But coherent radiation and related in- 
terference effects also exist in other ranges of elec- 
tromagnetic radiation frequencies, including infrared, 
radio, or gamma regions. Moreover, there exist other 
types of field radiation, such as acoustic radiation or 
emission of matter waves formed by Bose-condensed 
atoms. Registration of interference between a reference 
beam and that reflected by an object is the basis for 
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holography, which is the method of recording and re- 
producing wave fields. 

The description of interference involves correlation 
functions. Let Q;(t) representa field at time t, produced 
by aradiator at a spatial point r;. The radiation intensity 
of a single emitter may be defined as 


L(t) = (Q7@ Qi). (13) 


whereupon the radiation intensity for an ensemble of 
N emitters is 


N 


Ta) = DOF O;M). (14) 


ij=l 


Separating the sums with i = j and withi # j yields 


N N 
TO = DLO + DOF QM), 5) 


i=l iAj 


which shows that intensity (14) is not simply a sum 
of the intensities (13) of individual emitters but also 
includes the interference part, expressed through the 
autocorrelation functions of type (9). The first term in 
equation (15) is the intensity of incoherent radiation, 
while the second term corresponds to the intensity of 
coherent radiation. 

V.I. YuKALOv 


See also Bose-Einstein condensation; Chaotic dy- 
namics; Critical phenomena; Ferromagnetism and 
ferroelectricity; Lasers; Nonequilibrium statistical 
mechanics; Nonlinear optics; Order parameters; 
Phase transitions; Spatiotemporal chaos; Spin sys- 
tems; Structural complexity; Superconductivity; 
Superfluidity; Turbulence 
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See Excitons 
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See Emergence 
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See Burgers equation 


COLLAPSE 


See Development of singularities 


COLLECTIVE COORDINATES 


The soliton equations describe a number of important 
nonlinear physical phenomena. However, in real life, 
these phenomena are not precisely modeled by say the 
sine-Gordon (SG) equation, the nonlinear Schrodinger 
(NLS) equation, or some of the other pure soliton 
equations. Corrective and often small terms are added 
to include, for example, inhomogeneities, dissipation, 
or energy input. The resulting wave phenomena 
possess modified solitonic features that can be treated 
approximately starting with a pure soliton solution 
and then allow the parameters of the soliton solution 
to vary slowly with time under the influence of 
the perturbations instead of being constant. Solution 
parameters that are chosen to vary with time are called 
collective coordinates. They encompass the influence 
of the perturbations in the pure soliton equations. The 
advantage of introducing collective coordinates is to 
reduce a problem with infinitely many degrees of 
freedom to a problem with a few degrees of freedom 
(Kivshar & Malomed, 1989; Sanchez & Bishop, 1998). 

To illustrate the use of a collective coordinate 
approach, we shall investigate the NLS equation with 
the perturbative term eR 


iy + Uxy + 2|ul?u = eR. (1) 


Here, u = u(x, t), where x is the spatial coordinate and 
t is time. Subscripts x and t denote partial derivatives 
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with respect to these variables. The simple single soliton 
solution of the pure NLS equation (¢ = 0) reads 


u(x, t) = asech(a) exp(ié0 + io), (2) 


where 6=x-—xg. This solution possesses four 
parameters (a, &,x9,0)=(y1, y2, ¥3, y4), Which we 
shall choose as collective coordinates. For weak pertur- 
bations, ¢ <1, we shall assume that the collective co- 
ordinates depend slowly on time ¢ due to the influence 
of ¢R. In addition, the perturbation leads to a radiation 
field of small amplitude, which is neglected. A varia- 
tional approach is employed to determine the time evo- 
lution of the collective coordinates, but this is not the 
only method available. In the framework of a variational 
approach, the collective coordinates are the general- 
ized coordinates. Although perturbations may destroy 
the Hamiltonian property of the pure soliton equations, 
dissipative effects and external nonconservative forces 
can be accounted for in the variation of a Lagrangian 
function by introducing generalized forces associated 
with the generalized coordinates. Below, this is done 
by introducing a generalized force for each collective 
coordinate as in classical mechanics. 

The unperturbed NLS equation (and its complex 
conjugate) can be derived from the Lagrangian density 
(Caputo et al., 1995; Scott, 2003); 


1 
L(u,u*, ur, uy, ux, ut) = yu —u;u) 
2 4 
lux + |ul". (3) 


The total Lagrangian function is 


Loni = f Ldx, (4) 


where we denote the collective coordinates y;(t), 
i=1,2,3,4, and 5; is the time derivative of yj. 
Together with Equation (1), the variation of total 
Lagrangian leads to the Euler-Lagrange equations 
(Caputo et al., 1995; Scott, 2003) 


aL d /aL ee Oe 
— € R—dx + c.c., (5) 
dy; dt \ dy; co OY; 








where c.c. stands for complex conjugate of the preced- 
ing term on the right-hand side. The inhomogeneous 
term on the right-hand side is interpreted as the gener- 
alized force associated with the collective coordinate 
yi(t), which is a key result as we do not rely on a 
perturbation with a strict Hamiltonian nature. Another 
important feature is that the above approach provides 
as many dynamical equations as we choose collec- 
tive coordinates; thus it is straightforward to determine 
the generalized forces associated with each collective 
coordinate. 
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To illustrate the method, we calculate the total 
Lagrangian for the NLS equation using the simple 
single soliton solution in (2) 





- 2 Segoe ad © 
= 34 ag + 2ab a 
Consider the perturbation 
: igou 
eR = —iTu + ———_, (7) 
1+ p/Ps 


describing light propagation through an optical fiber 
amplifier with a loss factor T, gain go, and power 
p= fies, |u|2dx. The constant p, is a saturation power 
level that is characteristic for a given fiber amplifier. 
From Equation (5), the resulting dynamical equations 
for the collective coordinates are 








at 
. = 0, (9) 
d. 

— = 2, (10) 
< =a’ +é?, dd) 


which is a drastic simplification compared to the orig- 
inal perturbed NLS problem. As for the sine-Gordon 
system, one can define a power balance condition by 
requiring a(t) =0, implying an equilibrium amplitude 
Ago ZIVEN AS go = / (go — VT) ps/2T. 

A number of other strategies have been designed 
to determine slow time variation of collective co- 
ordinates in perturbed soliton solutions. These in- 
clude slow variation of scattering data of the inverse 
scattering theory for pure solitons (Kivshar & Mal- 
omed, 1989; Lamb, 1980), more direct perturbation 
approaches (McLaughlin & Scott, 1978), and utiliz- 
ing Hamiltonian structures in cases where the per- 
turbation leads to Hamiltonian systems (Caputo & 
Flytzanis, 1991). An important result of perturba- 
tions is the formation of trailing radiation fields, 
which are low-amplitude linear waves created as per- 
turbed solitons propagates (McLaughlin & Scott, 1978; 
Kivshar & Malomed, 1989; Willis, 1997). The solitons 
lose energy to the radiation field, and the variational 
approach used here can be extended to include such 
radiation. 
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COLLISIONS 


An interesting consequence of Hamiltonian structures 
is that there typically exist symmetries and invariances 
that allow one to generate mobile localized states from 
standing ones. For instance, the sine-Gordon (SG) 
equation (Dodd et al., 1982) 


Ur = Uxx — sin(u), (1) 


where the subscripts denote partial derivatives, is 
invariant under the Lorentz transformation x — 
x/=y(x—vt) and t> ft’ =y(t—vx). y=V1—v2. 
As aresult, static kinks and antikinks, corresponding to 
the two signs of the solution 





u(x,t) = +4tan!(x — x9), (2) 





can be boosted to any subluminal speed v < 1, as 





u(x,t)h= +4 tan7! [vo — x9 — ut) | ; (3) 


Similarly, standing waves of the nonlinear Schrodinger 
(NLS) equation 


iu; = —Uyy — |ulPu (4) 


can be boosted by Galilean invariance into traveling 
ones with any speed v of the form (Sulem & Sulem, 


1999) 
u(x,t) = (2a1)!/2gi(v/2)x+ila—(v*/A))t 


xsech (x — x9 — vf). (5) 


Note that localized solutions of dissipative partial 
differential equations do not typically share such fea- 
tures, because their traveling wave speeds are deter- 
mined by the dynamics rather than initial conditions. 
Hereafter, we will focus on Hamiltonian models. 
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Figure 1. Elastic collisions: (a) linear-shaped antikink and kink 
in the linear wave equation; (b) kink-kink repulsive collision in 
SG; (c) antikink-kink attractive collision in SG. Top panels show 
u(x,t), while bottom panels show the trajectories of soliton 
cores in the (x, ¢)-plane. (d) Inelastic collisions between two 
NLS solitons in the presence of weak perturbation. 


Given the mobility of the localized coherent 
structures, it is natural to consider the outcome of their 
collisions. In fact, it was the “solitary” nature of such 
interactions (Zabusky & Kruskal, 1965) that inspired 
the term soliton in the case of integrable systems. 


Linear versus Nonlinear Collisions 


Consider the collision of two wavepackets that are 
governed by a linear wave equation. In this case, the 
superposition principle inherent in linearity guarantees 
that the two packets do not “feel” each other and 
survive the collision without change of shape, speed, 
or trajectory (see Figure 1(a)). 

On the other hand, nonlinear dynamics offers more 
interesting collisions. Here, the result of the interaction 
of two excitations does not resemble their sum and (at 
least) a phase shift A is present (compare Figures 1(b) 
and 1(c) with 1(a)). In 1(b) and l(c), the kink-kink 
and the antikink-kink collisions in the nonlinear SG 
equation are shown. The soliton cores do not merge in 
mutually repulsive collisions 1(b) while they do so in 
attractive collisions l(c). 


Elastic versus Inelastic Collisions 


In fully integrable systems, solitons have the remark- 
able property (often used to define them) of collid- 
ing elastically (Ablowitz & Segur, 1981). In these 
special systems, the dynamics are severely restricted 
by the existence of an infinite set of conservation laws. 
Although realistic systems are typically non-integrable, 
the non-integrability in many applications is weak and 
can be treated by including small perturbative terms 
in integrable equations. Such perturbations are called 
Hamiltonian if the total energy of the perturbed system 
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remains a dynamical invariant. While collisions in lin- 
ear systems are much simpler than those in integrable 
nonlinear systems (such as the SG and NLS equa- 
tions), the latter can, in turn, also be very different from 
the much more complex picture of inelastic collisions 
in near-integrable or more generally non-integrable 
systems. 

In general non-integrable systems, the inelasticity 
of collisions may be manifested through emission of 
radiation, excitation of soliton internal modes, and 
energy exchange between solitons. Internal modes 
are the long-lived, spatially localized, oscillatory 
excitations (corresponding to the point spectrum of the 
linearization around the wave). These can typically be 
excited only for a particular sign of the perturbation 
(Campbell et al., 1983). 

Small-amplitude radiation waves correspond to an 
irreversible chunk of energy lost in the collision 
(radiated toward the boundaries). Such modes are 
extended, plane waves of the continuous spectrum. 
Notice that the energy of internal modes can be partly 
restored to solitons if they collide again, while this 
is not possible for radiation waves (in the first-order 
approximation). 

Strong energy exchange between nonlinear waves 
in near-integrable systems can also occur in the ab- 
sence of the above two mechanisms (and for differ- 
ent types and signs of the original perturbation). There 
are two necessary conditions for this recently mani- 
fested mechanism (Dmitriev et al., 2001, 2002). It can 
be observed only if the energy exchange is not for- 
bidden by the conservation laws existing in the per- 
turbed system and if the collision is of attractive type, 
as in Figure 1(c). For example, in the SG equation 
perturbed by the term ev,,,,, where energy and mo- 
mentum are conserved for the one (free)-parameter 
kink-solitons, energy exchange is possible only when 
more than two solitons participate in the collision. 
The energy exchange between only kinks or only an- 
tikinks is also not possible because SG solitons with 
the same parity repel each other. Similarly, the effect 
is not possible in the Korteweg-de Vries (KdV) equa- 
tion, where soliton interactions are always mutually 
repulsive. 

In the NLS equation, in-phase solitons attract each 
other, while out-of-phase solitons repel. Each soliton 
has two parameters (amplitude and phase), and for 
many practically important perturbations, there are two 
conserved quantities: the Hamiltonian and L? norm 
of the solution. Thus, energy exchange between two 
nearly in-phase NLS solitons is possible in the presence 
of a weak perturbation. The effect of radiationless 
energy exchange between solitons survives even for a 
very weak perturbation, as it decreases linearly with a 
decrease in perturbation amplitude, while other effects 
of the perturbation decay faster. If the perturbation is 
not small, the energy exchange effect mingles with 


150 


radiation emission and possibly with the excitation of 
internal modes. 


Probabilistic Nature of Soliton Collisions 


In many examples of perturbed, non-integrable models 
related to applications in optics, fluid mechanics, 
or condensed-matter physics (Kivshar & Malomed, 
1989), the result of soliton collisions can be predicted 
only in a probabilistic sense. The following sources 
of stochastic behavior can be identified. First, chaotic 
soliton scattering can arise from resonant interaction 
with the soliton internal modes (Campbell et al., 1986; 
Gorshkov et al., 1992). Second, in discrete systems, 
the result of inelastic collisions can be sensitive to the 
coordinate of collision point, x,, with respect to the 
lattice site (Dmitriev et al., 2003; Papacharalampous 
et al., 2003). Because the coordinate of the collision 
point usually cannot be controlled, it is natural to 
describe the result of the collision as a function of 
the random variable x-. Finally, the result of the 
collision can be extremely sensitive to some other 
uncontrolled characteristics, such as the relative phase 
of the colliding solitons, as has been demonstrated 
to dramatically affect the collisions between NLS 
solitons or between kinks and breathers in SG (Dmitriev 
et al., 2001, 2002, 2003; Papacharalampous et al., 
2003). 

This last source of randomness is important when 
energy exchange between solitons is possible. In 
Figure 1(d), an example of inelastic interaction 
between two NLS solitons in the presence of quintic 
perturbation, ¢|u tu in Equation (4), with a small ¢ > 0 
is presented (Dmitriev & Shigenari, 2002). (The regions 
of the (x,f)-plane are shown, where the real part 
of the solution exceeds a certain value.) After each 
collision, the properties of the solitons such as the 
frequency and amplitude are different depending on the 
collision phase. With a certain probability, the solitons 
can attain (after a number of collisions) a velocity 
sufficient to overcome their weak mutual attraction. 
In the example presented, the solitons split after the 
fourth collision. Emission of extended wave radiation 
is monitored and found to be very weak in this case; 
as a result, the solitons may continue to collide for 
a very long time, forming a two-soliton bound state. 
However, the probability P to obtain a bound state 
with the lifetime T decays algebraically as P ~ T~“ 
(Dmitriev & Shigenari, 2002), which is a manifestation 
of the chaotic character of their interaction. 

In conclusion, linear waves do not “feel” each 
other, and nonlinear waves of integrable equations 
emerge unscathed from collisions, retaining their 
solitary character. However, solitary wave collisions 
in more realistic, non-integrable models remain a 
fascinating topic, where a number of basic mechanisms 
(such as internal mode resonances, extended wave 
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radiation, and radiationless energy exchange) have been 
elucidated, but the full picture is far from complete. 
The probabilistic interpretation of collisions mentioned 
above may prove a fruitful viewpoint in future 
studies. 
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COLOR CENTERS 


Gemstones are brightly colored because of the presence 
of color centers, atomic-scale imperfections that absorb 
light in otherwise transparent crystals. Historically, 
the term color centers has been associated with such 
imperfections in a special class of crystals called 
alkali halides, because it was in these relatively simple 
transparent hosts that the scientific study of color 
centers flourished. A German research program that 
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began in the 1930s soon led to the recognition that 
alkali halides are excellent hosts for scientific studies of 
defects in nonmetallic solids, and the understanding of 
fundamental properties in these materials has been of 
great significance in the studies of similar phenomena 
in more complicated (and sometimes more practical) 
situations and materials. 

Sodium chloride—common table salt—is the most 
familiar alkali halide. It consists of positively charged 
sodium and negatively charged chlorine ions, alternat- 
ing positions in a simple cubic array. In the perfect 
crystal, each ion has six nearest neighbors of opposite 
charge. Simple defects may involve chemical impuri- 
ties, such as a positively charged silver or thallium ion 
on an alkali site, or the removal of one or more ions 
from normal positions. The most fundamental of the 
latter class is the F center (from the German Farb- 
zentren), a halogen ion vacancy that has trapped an 
electron. Defects involving more than one F center, or 
chemical impurities next to one or more F centers, may 
also occur. 

Understanding the properties of color centers in 
detail requires some knowledge of quantum concepts. 
For example, the trapped electron of an F center can 
exist only in certain quantum states. In order for light 
to be absorbed, the energy of an incident photon 
must match the energy difference between the lowest 
quantum state and a higher one. This energy difference 
depends on the host crystal, and so F centers induce 
different colors in different alkali halides. 

The situation becomes more complicated when one 
considers that the electron is not trapped in a static 
host, but rather that the neighboring ions are vibrating. 
The electron’s interaction with these vibrations, whose 
time scale is long with respect to that of the (light) 
electron’s motion, means that the energy difference 
between ground and excited electronic states does not 
have a single value, but rather a distribution of values 
about some mean. Thus, for example, whereas the 
mean photon absorption energy for F centers at low 
temperatures in NaCl is 2.77 eV, the mean width of the 
distribution of absorption energies is 0.26 eV. 

This electron-lattice interaction has other conse- 
quences. In most cases, an F center at low temperature 
that has been excited by light will re-emit light. How- 
ever, the mean energy of the emitted photon is found to 
be considerably smaller than that of the absorbed pho- 
ton. This Stokes shift is exemplified in NaCl, where the 
mean photon emission energy at low temperatures is 
0.98 eV. 

Why is there a Stokes shift? In simple terms, the 
energy-level structure of the F center is determined by 
the mean position of the neighboring ions. However, 
the mean position of the neighboring ions is in turn de- 
termined by the quantum state of the F center electron. 
After the electron is excited from the ground state to 
another quantum state, the neighboring ions relax in 
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response to the change in the average force exerted on 
them by the electron. This relaxation then leads to a 
change in the energy-level separations, as well as other 
fundamental aspects of their properties. The emitted 
photon has an energy smaller than the absorbed photon 
had, and energy is conserved in the total cycle as the 
relaxation processes create quanta of lattice vibrations, 
or phonons, which remove the excess energy. 

This cyclic process may be visualized by means 
of a configuration coordinate diagram. In the simplest 
case, this diagram consists of two equal parabolas, 
displaced vertically (in energy, E) and horizontally 
(in the displacement of neighboring ions, R), as 
shown in Figure 1. Each parabola represents the 
vibration of neighboring ions and leads to quantized 
vibrational states. According to the Franck—Condon 
principle, electronic transitions take place vertically 
on the diagram—the massive ions do not respond 
instantly to the excitation by the photon—so absorption 
corresponds to a transition from A to B, emission 
C to D. This picture is highly oversimplified, but it 
does represent a physical and visual way to understand 
phenomena associated with the optical properties of F 
centers (and by extension, many other types of defects 
in both insulators and semiconductors). 

We now consider a perfect alkali halide crystal in 
which one electron has been removed by light (ionizing 
radiation) from the array of negative ions. At low 
temperatures, this is found to lead to the phenomenon of 
self-trapping, whereas in semiconductors, the removal 
of an electron from a valence band of occupied states 
leads to motion of the empty state, or hole, and resulting 
electrical conduction; in most alkali halides the missing 
charge becomes localized in space, or self-trapped. 
What happens in detail is that the halogen ion that 
has lost one electron (and become a neutral atom) can 
form a chemical bond with a nearby halogen ion. In 
the process, both of these move toward each other, the 
lattice around them relaxes, and the missing charge is 
equally shared by this halogen molecule-ion. 

Self-trapping is not a universal process; it “costs” 
energy to localize a quantum particle, and the energy 
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Figure 1. Schematic configuration coordinate diagram. 
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Figure 2. Adjacent F center and self-trapped hole center in 
an alkali halide. “+” and “—” denote alkali and halogen ions, 
respectively. 


gained by chemical bonding and relaxation must 
overcome this. Self-trapping of holes occurs in most 
alkali halides, but not in semiconductors and not in 
many other insulators. Also of interest is the creation 
of defects by the self-trapping of excitation energy 
in alkali halides, leading to a self-trapped exciton. To 
approach this, we consider the trapping of an electron 
by a self-trapped hole. Since the hole is effectively 
positive (it resulted from the removal of an electron), we 
might imagine that the trapped electron would find itself 
in loosely bound quantum states about the self-trapped 
hole. However, there is another possibility. If it does 
not cost too much energy for the halogen molecule-ion 
to move into one halogen site, rather than be shared 
by two sites, then the electron may be trapped in the 
other, empty halogen site. One then has an F center 
next to ahalogen molecule-ion; hence, two defects have 
been formed. This situation is shown in Figure 2. Since 
the two defects are adjacent, this may be an unstable 
arrangement, and indeed there is a finite probability that 
the system will revert back to the perfect crystal, either 
before or after the emission of a photon. But, in many 
cases, it is found that this nearest-neighbor arrangement 
is the precursor for the creation of a stable defect pair: 
the halogen molecule-ion may migrate through the 
halogen sublattice, not by long-range atomic motion, 
but rather by short-range halogen motion accompanied 
by motion of the hole. This results in sequential sharing 
of the hole by the halogens as the hole migrates away 
from the F center. 

W. BEALL FOWLER 
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COMMENSURATE- 
INCOMMENSURATE TRANSITION 


When some local property in a crystalline solid (atomic 
positions or orientation of local magnetic moments) 
develops a spatial modulation with a wavelength b 
that differs from the underlying lattice spacing a, 
one speaks of a “modulated phase.” A modulated 
phase is said to be “commensurate” when the ratio 
b/a is rational and “incommensurate” when b/a is 
irrational. 

Modulated phases are experimentally observed by 
the appearance of “satellite spots” in X-ray, neutron, 
or electron diffraction patterns (Janssen & Janner, 
1987; Cummins, 1990). Observations of spatially 
modulated structures are abundant in condensed 
matter physical systems, such as the ferrimagnetic 
phases of the rare earths and their compounds, 
long-period structures of binary alloys, graphite 
intercalation compounds, or the polytypic phases 
of spinelloids, perovskites, and micas, among other 
minerals. 

The wavelength b characterizing the modulation 
varies with external parameters, such as temperature, 
pressure, or magnetic field. Sometimes, this variation 
is smooth, but often it remains constant at a rational 
locking value through some range of values of the 
external parameter before changing to another rational 
locking value, and so on. 

The ubiquity of modulated phases shows that the 
physical origin of these behaviors cannot be tied to 
particularities of specific types of systems, but must 
be of a general character. It is widely recognized that 
modulated phases appear whenever different terms 
in the free energy of the system compete, each one 
trying to impose its own characteristic length scale. 
The external parameters control the relative strength of 
the competing interactions and new compromises are 
reached as they vary. 

An insight into the physics of modulated phases was 
obtained through detailed analyses of simple model 
systems of competing interactions. Although these 
simple models are unlikely to fitexperiments on specific 
materials, they help to understand the complexity of 
behaviors that emanate from length-scale competition 
and to discern essential features. 

One of the best-studied model systems with 
competing interactions is the axial next-nearest- 
neighbors Ising (ANNNI) model (motivated by the 
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magnetic structures of erbium), which was introduced 
by R.J. Elliot in 1961 (Yeomans, 1988). This is an Ising 
model with a two-state spin, S = + 1, on each site of 
a cubic lattice. Interactions between spins on nearest- 
neighbor sites are ferromagnetic, but there are second 
(next-nearest) neighbor antiferromagnetic interactions 
along the axial direction, z. The Hamiltonian is 


1 
Hah > Sip Si — SI So Si i S41.) 


ais ij 


— Jo > Si, i Si42,)5 qd) 
i,j 

where i indicates the two-dimensional layers perpen- 
dicular to the axial direction, and j, j’ are nearest- 
neighbor sites within a layer. Both Jo and J are positive 
(ferromagnetic interactions), thus favoring the same 
value of neighboring spins, but Jz < 0 (antiferromag- 
netic) so that it favors opposite values of second neigh- 
bor spins along the z-direction. 

In the absence of thermal effects (T=0), the 
favored spin configurations along the z-direction are 
the ferromagnetic alignment (--- ++++++.---)if 
K= —sJa/I< : and the antiphase (--- ++ — —+ 
+ ---) configuration if «>1/2. Exactly at k = Dy any 
configuration containing a stripe of two or more spins 
“4” followed by a stripe of two or more spins “—”, etc., 
has the same energy; thus there is a multiphase point. 

A convenient notation is to use (nj,...,M%m) to 
represent a state in which a set of stripes of width 
n;, of alternating spins repeat. For example, (.-- + 

t + + 4 best +++) is denoted 
by (223). Ferromagnetic and antiphase configurations 
are consistently denoted by (oo) and (2), respectively. 
When temperature increases from zero, entropic effects 
regulate the competition among the ferro and antiferro 
interactions, and a flower (called a “devil’s flower” by 
Per Bak) of petal-like phases of modulated structures 
opens up from the multiphase point. 

Figure 1 shows how new commensurate phases 
appear as temperature increases, demonstrating qual- 
itatively what is commonly observed in experiments— 
locking to a few short-wavelength commensurate 
phases separated either by first-order phase transitions 
(as in the low-temperature regime of Figure 1) or by re- 
gions where the wave vector appears to vary smoothly 
(as at higher temperatures). 

The following question naturally arises: what 
determines the behavior of the modulation wave vector 
as parameters vary? The answer to this question is 
closely tied to a central paradigm of nonlinear science, 
the soliton concept in the context of its discrete 
counterpart called discommensuration. 

To clarify this issue, consider the simplest model of 
competing interactions (Griffiths, 1990), the Frenkel— 
Kontorova model, which can be visualized as an array of 
atoms at positions (Un), —Oo <n <-+ 00, experiencing 
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Figure 1. Mean-field phase diagram of the ANNNI model 
showing the main commensurate phases. 


aperiodic substrate potential V (uw) = V (w+ 1) and near- 
est-neighbor interaction W(Auw). The Hamiltonian is 


H =) [KV(y) + W(Au,)], (2) 


n 


where the parameter K controls the relative strength 
of the interactions. The standard Frenkel—Kontorova 
model corresponds to 


Vu) = [1 — 2cos(2zu)], 


1 
(22)? 
W(Au) = pau)? —oAu. (3) 


Note that V favors an integer value of the interspacing 
Au, while W favors a uniform value o, so both 
interactions compete to determine the configuration 
(uy), characterized here by the average interspacing 
@=(Au). 

If (as in the standard model) the interaction W(Au) is 
aconvex function, a complete rigorous characterization 
of the model phase diagram was given by Aubry (1985). 
Thus, we restrict the analysis to convex W(Au). 

In the thermodynamic limit of the system, care must 
be taken when defining what is meant by configurations 
of minimum energy or even by the energy of a 
configuration. Thus, the mean energy e per particle of 
a configuration (u,,) is defined as 





é= lim 
(N—M)>co N — M 
N-1 
x DIKV (uj) + Wj —upl 4 
j=M 


A minimum energy configuration (MEC) (uj) is 
that for which the arbitrary displacement of any finite 
segment (uj +46;), M<j <N, of the configuration 
always produces a nonnegative energy change. For an 
MEC, both limits (@ and ¢) exist. Moreover, for every 
real number a, there is at least an MEC with average 
spacing w, and its mean energy per particle e(w) is 
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a well-defined function. A ground state is an MEC 
that is “recurrent,’ meaning that any arbitrary finite 
segment of the configuration approximately reappears 
somewhere else, within arbitrary precision. One often 
speaks of the ground state that corresponds to fixed 
values of the parameters (K and o for the standard 
model), meaning the ground-state configuration for 
which ¢ = min, €(@) occurs at the fixed values of the 
parameters. The minimum ¢, which depends on the 
parameter values, is the ground state energy, and the 
value of w where that minimum occurs is the ground- 
state average spacing. 

The ground-state phase diagram of the standard 
Frenkel—Kontorova model is shown in Figure 2. Some 
low-order commensurate phases (rational w) are shown 
there, but in between any two of them, there are an 
infinite number of others. The ground-state average 
spacing w as a function of the tension o, for a fixed 
value of K=1, is shown in Figure 3. This is a 
continuous function with plateaus of (rational) constant 
value, which correspond to commensurate phases. This 
function is called “devil’s staircase” or Cantor function. 
No first-order phase transitions between commensurate 
phases of different commensurabilities are allowed in 
convex models. 
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Figure 2. Ground-state phase diagram of the standard 
Frenkel—Kontorova model. Each point in the diagram is char- 
acterized by the value of w, average spacing of the groundstate 
configurations for the parameters (K, o) of the model. The num- 
bers in the figure are values of w. Only a few commensurate 
phases are plotted, as there are infinitely many commensurate 
and incommensurate phases in between any two of them. 














Figure 3. w as a function of o at K= 1, a devil’s staircase, there 
being a “plateau” for each rational value of w. 


For rational values of we=p/q, commensu- 
rate ground states are periodic configurations: 
Oqp Un) ?= (Untq — P) = (Un). But there are also two 
MECs with average spacing (w,) that are nonrecurrent 
and called elementary “discommensurations” (DC). 
These can be described as a localized compression (re- 
tarded DC) or a localized expansion (advanced DC) 
over a commensurate ground state. The distortion being 
localized, they have the same mean energy per particle 
€(@,) of the ground state. However, the difference of 
the non-averaged energy of a DC and the ground state 
(the extra energy of the localized compression or expan- 
sion) is generally nonzero; this is called the “creation 
energy” of the DC. 

If a configuration contains two elementary DCs 
superimposed on a commensurate ground state, the 
energy difference with respect to the ground state can 
be understood as the sum of the creation energies of the 
DCs plus the interaction energy. If both DCs are of the 
same type, the energy decreases with the interdistance 
(repulsive interaction). The interaction is attractive for 
DCs of opposite type. Elementary DCs have an excess 
length A with respect to the ground state, which is 
exactly A= 1/q for an advanced DC and A= — 1/q 
for a retarded one. 

The creation energy of a DC varies linearly with the 
tension o, the slope being the excess length A of the 
DC. Inside the corresponding commensurate plateau, 
the creation energy of an advanced DC increases 
with o and disappears at the left edge o¢_jc of the 
plateau, while the creation energy of the retarded DC 
decreases with o, disappears at the right edge od4c 
(see Figure 4). Inside the commensurate plateau, the 
creation of an elementary DC is energetically costly, 
but right after either edge (o¢_;¢ or o_1c) is crossed, 
it becomes energetically advantageous to create as 
many DCs (of the correct type) as possible, were it 
not for the repulsive interaction between them that 
prevents condensation of an infinite number of DCs. 


e, | Advanced Retarded 
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Figure 4. Creation energy ¢¢ of both types of elementary 
discommensurations for values of o inside the tongue associated 
with a rational w. At a certain critical value of o this 
energy becomes negative and a commensurate—incommensurate 
transition occurs, changing the average spacing of the 
ground-state configuration. 
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The compromise between these two effects determines 
the density c of DCs, and, as each DC carries an 
excess length A, the average spacing of the new 
structure is @=@,+cA. For very small values of 
|o — oc_ic|, where the interdistance (c7!) is so large 
as to approximate a continuous variable, the scaling 
behavior of the ground-state average spacing w in the 
commensurate-incommensurate transition is then 


lo — wel ~ —(n|o — oc-icl). (5) 


For nonconvex interactions, the basis for an 
interpretation of the transitions between modulated 
phases in terms of interacting DCs is less rigorously 
supported. However, the central idea that the creation 
of localized defects or discommensurations drives 
these transitions and that the character (repulsive, 
attracting, or oscillatory) of their interaction determines 
the type of transition has been successfully applied, 
and undoubtedly it provides the most physical way 
of understanding why and how transitions between 
modulated phases occur. This fact adds to the 
many merits of the soliton paradigm in nonlinear 
science. 

Luis Mario FLoria 


Seealso Aubry—Mather theory; Frenkel—-Kontorova 
model; Ising model; Phase transitions 
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COMPARTMENTAL MODELS 

Compartmental models, which model the flow of 
material between components of a system, have been 
applied to the study of nutrient or energy flow in 
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an ecosystem, to analyses of tracer kinetics in an 
organism, and to the theory of epidemics, among other 
applications. 

The construction of a compartmental model is 
straightforward and intuitive, but the estimation of 
the associated parameters is not. The system is 
divided into homogeneous compartments, and the 
flow of “material” (meaning nutrients, energy, money, 
goods, electrons, radioactive tracers, information, etc.) 
between them is traced, keeping account of the level of 
material in each compartment. The compartments are 
represented by boxes and the flows are represented by 
arrows (see Figure 1). 

This representation is a directed graph in which 
the compartments are vertices and the flows are arcs. 
To analyze a system, however, the model must be 
quantized by studying the rate of change of the level 
x; of the ith compartment in time as 


x; = x;(t). qd) 


The flow between the ith and jth compartment, 
designated fj;, is a rate, measured in terms of quantity 
of material per unit time. 

A differential equation describing the behavior of x; 
may be obtained by equating the time rate of change of 
x; to the difference between the flows coming in and 
those going out of the ith compartment. Thus, 


dx; 
tages 2 ti ~ Lh 
rate of change = flows in — flows out (2) 


The f;; may be constant or variable in time and are 
usually functionally dependent on the x;’s. 

A widely used assumption (particularly in physiol- 
ogy and medicine) is that 


Sij = GijXi, (3) 


which corresponds to a certain fraction aj; of the level 
of material x; in compartment i passing to compartment 
Jj per unit time. In the ecological literature, this is often 
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Figure 1. A compartmental model of tracer kinetics. 
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called donor-controlled flow. (The a;; may be functions 
of time but are usually assumed to be independent of 
the x;s.) 


Tracer Kinetics 


Tracer kinetics refers to a technique for studying the 
flow of a drug or other material through a biological 
system (often a human body) near steady state. A small 
quantity of radioactive isotope or other recognizable 
form of the material (the tracer) is introduced, so that 
the tracer flows may be modeled by linear equations. 

As a simple example, consider lipoprotein meta- 
bolism. One compartment corresponds to the blood 
plasma and the other corresponds to the extravascular 
space. A unit dose of tracer is injected into the blood and 
the flow follows the diagram in Figure 1. The quantity 
of interest is the flow out of compartment 1 (excretion), 
which cannot be measured directly, although the level 
of compartment | over time is known. 

The differential equations are those obtained from 
(2) by taking the flow rates to be donor controlled; thus, 


dx1/dt = —ajox) — a12x) + a21x2, 
dx2/dt = ay2x\ — az1Xx2, (4) 


with initial conditions 


x10) =1, — x2(0) = 0. (5) 


These equations can be solved for xj (f) in terms of the 
three parameters a10, a12, 421; Since x1 is known for all 
t, this result can be used to estimate these parameters 
by fitting a number of nonlinear equations. 


General Differential Equations and Solutions 


The differential equations for a system of n compart- 
ments can be written in vector form as 


da/dt = Ax+ f, (6) 


where A is the matrix given by 


411 421 +++ Ant 
a a ate 3g 

A= 12 22 n2 (7) 
Gin @2n ++: 4Gnn 


and x = [x], x2,..., xn]" is the vector of levels of 
material in the n compartments and f is the input vector. 
The aj; for i 4 j are the flow rates, while the diagonal 
elements of A are 


ai = — aij — aio. (8) 
jxi 


Although the input to a compartmental system is 
often to a single compartment, it may be distributed 
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to input compartments. In general, we assume that the 
input to the system is f = Bu, where u is a vector 
function distributed to the various compartments by B. 
Typically, B has one column but as many rows as there 
are compartments. 

The outputs (measurements) of the system may be 
similarly combined. If the system is assumed donor to 
be controlled, the output will have the form 


y = Ca, (9) 


where the output of the compartments is directed to one 
or more measuring devices with measurements y(t). 
(Here, C is a general sampling matrix that is usually 
composed of Os and 1s.) 
The problem is then translated to the differential 
equation form 
dx 


a = Ax+ Bu, 
y = Cx, 
x(0) = 0. (10) 


where we have assumed that the initial levels are 
0. (This is no restriction as an initial value can be 
incorporated into Bu.) Solutions of the system are 
determined by matrices A, B, and C as 


t 
y(t) = Cx(t) = Gf eA) Bu(s)ds qd) 
0 


where «(0) =0. Typically, however, the flow rates in 
the matrix A are unknown and must be determined 
from knowledge of u(t) and y(t), which is called 
the identification problem. A system is said to be 
identifiable if there is a unique solution to this problem, 
which is not always the case, and even if a solution does 
exist, it may be difficult to find. 


Parameter Estimation 


The problem of actually estimating the parameters of 
an identifiable problem is often an ill-posed problem, 
meaning that the estimated output may be close to the 
true output, while the parameters are still quite different 
from the true parameters. Moreover, such parameters 
are usually sensitive to slight perturbations of the data. 

Suppose we are given a discrete set of observa- 
tions/measurements made at times t;,i =1,..., msuch 
that 


Vi = Vt) + &, (12) 
where ¢; are assumed to be independent normal random 
variables with mean 0 and constant variance. The 


standard approach to estimation is to solve for A in 
the least-squares sense 


min Y lye — yG)P? (13) 
vy if 
t 
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subject to the condition that A is a compartmental ma- 
trix of the appropriate model. (This is a nonlinear least- 
squares problem, since y(t) is a linear combination of 
exponential functions.) 

Another approach to estimation involves two stages; 
the data are first fitted to a sum of exponentials 
(Anderson, 1983) 


g(t) =) cee, (14) 
k=1 


In most nonpathological cases, the number of 
exponentials to be considered is the same as the size of 
the model. The estimates ¢, and de are obtained by least 
squares subject to A, <0. Then, the Laplace transform 
of the fitted function g(t) is compared with the Laplace 
transform of y(t). As both are rational functions, the 
numerator and denominator are polynomials whose 
coefficients must be approximately equal. 

There is also the method of peeling, which avoids 
least squares. This involves fitting an exponential 
function to the later data values. This corresponds to 
the eigenvalue of smallest magnitude. The difference 
between the data and this function is then used to 
approximate the second eigenvalue, and so on. 

GILBert G. WALTER 


See also Continuum approximations; Neural net- 
work models 
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COMPLEX GINZBURG-LANDAU 
EQUATION 


Ginzburg—Landau (GL) is a generic name for a class of 
basic models of nonlinear science, with a wide range of 
applications. They combine most fundamental features 
that underlie pattern formation in nonlinear media: 
dissipation (linear and nonlinear) and gain (provided 
by an intrinsic instability), conservative nonlinearity 
(accounting for wave mixing), and diffusion and/or dis- 
persion (dependence of the dissipation rate and wave 
frequency on the wave number). Usually, the diffusion 
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and dispersion are linear, but in more sophisticated 
models they may be both linear and nonlinear. In most 
cases, GL equations are local, but nonlocal (integral) 
generalizations are sometimes used. Both single GL 
equations and systems thereof play important roles as 
fundamental models. 

The name of this class of equations first appeared in 
a seminal paper by Vitaly Ginzburg and Lev Landau 
(1950), which presented a phenomenological theory 
of superconductivity (V.L. Ginzburg was awarded the 
Nobel Prize in Physics in 2003 for this work.) In a 
standard form (Tinkham, 1996), these equations are 


7 (2; +ik$) v= — (ik ~!V+ A)” 

+(1-[e/") ¥. (1) 
A; +V¢ = —V x (Vx A) + Qik)! 

x (WV —vVy") — [WPA 
+V x A, (2) 








where wy is the wave function of superconducting 
electrons, also known as the order parameter of the 
superconductivity, A and H are the vector potential 
of the intrinsic magnetic field and an externally applied 
field, ¢ is the electrostatic potential (related to A by an 
arbitrary gauge condition, e.g., ¢; + V-A=0), n and« 
are the dissipative and so-called GL parameters, V is the 
gradient, and subscripts stand for the partial derivatives. 
A solution with y = 0 represents a normal state with no 
superconductivity. In their original work, Ginzburg and 
Landau (1950) introduced a time-independent version 
of the equations, while the full time-dependent system 
was proposed later. 

In the modern theory of nonlinear pattern formation 
(Cross & Hohenberg, 1993), the name GL is applied 
to equations resembling Equation (1) [while there is 
usually no counterpart of Equation (2)], which govern 
the evolution of a physically or phenomenologically 
defined order parameter in a dynamical medium. For 
instance, in the case of chemical-reaction waves, the 
order parameter determines local concentrations of 
reactants (Ipsen et al., 2000); in applications to fluid 
mechanics, the velocity field is expressed in terms of 
the order parameter, and in numerous applications to 
optics the order parameter is a local amplitude of the 
electromagnetic field (Arecchi et al., 1999). 

The first generic example of the GL equation of 
this type is the complex cubic GL (CCGL) equation 
(“cubic” refers to the nonlinearity), which is closest 
in its form to Equation (1), but the name “complex” 
stresses that its coefficients are complex: 


Ur = ev t+ (atid) Vv 


The first term on the right-hand side of Equation 
(3) accounts for the gain, provided that g >0 (its 
imaginary part can be trivially removed), a and b 
are real coefficients accounting for the diffusion and 





(d+ic)l¥Py. ©) 
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dispersion, while d and c are parameters controlling 
the nonlinear dissipation and frequency shift. Note that 
a and d must be positive, otherwise (3) is an ill-posed 
equation. In the case |a| < |b], |d| < |c|, Equation (3) 
may be treated as a perturbed version of the nonlinear 
Schrédinger (NLS) equation. 

In the case b=c=0, Equation (3) is called a 
real GL equation, to stress that all its coef- 
ficients are real, although yw remains complex. 
The real GL equation may be represented in 
the gradient form, y= —6L{w, y*}/dw*, where 
5/éw* stands for the functional derivative, and 
S (FWP +IVYP? + /2)1WI4) dV is a real Lya- 
punov functional. A consequence of the gradient repre- 
sentation is that L may only decrease, dL/dt < 0. This 
fact simplifies the dynamics of the real GL equation. 

A fundamental feature of Equation (3) is that its 
zero solution, yy=0, becomes unstable as the gain 
g changes its sign from negative to positive. In this 
case, a transition from the stable trivial solution to 
a nontrivial state is called supercritical. In particular, 
the supercritical transition in the one-dimensional 
(1-d) case yields a solitary-pulse (SP) solution that can 
be found in an exact analytical form, 


u = A [cosh (cx)]~"+ exp (—ior), (4) 


where A,x, 4, and w are uniquely determined by 
parameters of Equation (3). If the CCGL equation 
reduces to a perturbed NLS equation, the SP (4) 
can be obtained from the NLS soliton by means 
of the perturbation theory, provided that bc <0 
(otherwise, the NLS equation does not have bright- 
soliton solutions). However, the SP solution (4) is 
always unstable because the zero background around 
it is unstable. 

In many cases (for instance, in the case of thermal 
convection in a binary fluid), a nontrivial state may be 
excited by a finite-amplitude perturbation, while the 
trivial solution is stable against small perturbations. 
The simplest model that describes the corresponding 
subcritical transition to a nontrivial state is the cubic- 
quintic complex GL (CQCGL) equation, first proposed 
by Petviashvili and Sergeev (1984) as 


ee = —gv +(atib) Vy 
t(d—ic)|vPw—(f +ih)|wlty. 6) 


Here, g > 0 implies stability of the zero solution, the 
last term with f >0 guarantees overall stabilization 
of the system, the coefficient h accounts for a quintic 
nonlinear correction to the wave frequency, while d > 0 
provides for a possibility of nonlinear gain. The 
CQCGL equation may give rise to nontrivial states, 
coexisting with the stable zero solution, if the nonlinear 
gain coefficient exceeds a value dmin=2./g@f. An 
important result, obtained by means of analytical and 
numerical methods, is that the 1-d and 2-d versions of 
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the CQCGL equation support SP solutions that may 
be stable (in the 2-d case, the localized pulse may 
carry vorticity, having a spiral structure). If all the 
parameters g,a,d, f, and h are small, the 1-d pulse 
can be constructed on the basis of the NLS soliton by 
means of the perturbation theory. However, the CQCGL 
equation does not make it possible to find stable SP 
solutions in an exact analytical form (one exact solution 
for a 1-d SP is known, but it is always unstable). 

Patterns in nonlinear dissipative media may be 
supported not only by intrinsic gain; another possibility 
is to apply an external field, which is, for instance, 
the case for the pattern formation in laser cavities 
(Arecchi et al., 1999). In this case, the appropriate 
CCGL equation is 





Wr = —gb+(atib) Vy — (d+ic) |WPy+P, ©) 
where the driving term, induced by the external field, 
may be of two different types: direct drive, P=e, 
or parametric drive, P= —iwoy+ew*, where the 
asterisk stands for complex conjugation, wo fixes the 
frequency, and ¢ is the drive’s amplitude. Equation (6) 
with either type of drive can support stable SPs in 1-d 
and 2-d cases (in the case of the direct drive, SP settles 


on a nonzero background). 
An important generalization is to consider systems 


of coupled GL equations. These may describe counter- 
propagating waves (for instance, in thermal convection 
in a binary-fluid layer), or second-harmonic generation 
in a lossy medium. In the latter case, the nonlinearity 
is not cubic, but quadratic, viz., vive in the equation 
for the fundamental-frequency field yw, and Wi in the 


equation for the second-harmonic field w2. 
An alternative to the CQCGL equation is a system 


originating in nonlinear optics, in which the stability of 
the zero solution is provided by an extra linear equation, 





Ur = gw +(at ib) Vw—(dtic) WP w—ikx, 
x = —Gx —iky, (7) 


where « is areal coupling constant, and G > Ois the loss 
coefficient in the additional equation. The zero solution 
in this system is stable if the loss in the second equation 
and coupling are strong enough, G > g and x? > Gg. 
System (7) has exact SP solutions, in which both fields 
w and x take the form (4) (with different amplitudes), 
but, in contrast to the CCGL equation proper, in this 
case the pulse may be stable (Atai & Malomed, 1998). 

Yet another type of a system occurs if, due to a 
specific nature of the underlying physical problem, the 
complex order parameter y is coupled to an extra real- 
order parameter @, which accounts for the existence of 
a conserved quantity in the medium (Matthews & Cox, 
2000): Wi=v + Vow —lWPd— ov, be =V? logs 
pb (Iwl?)] . In this simplest version of the system, o > 0 
and yj are real constants. 
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A common feature of the various GL equations 
displayed above is their universality. Each is a 
generic representative of a class of models with given 
qualitative properties (for instance, super- or subcritical 
character of the excitation of nontrivial states, and the 
absence or presence of a conserved quantity). In more 
specific situations, there arise generic equations of other 
types. In particular, the complex Swift-Hohenberg 
(SH) equation describes a situation (for instance, in 
Rayleigh—Bénard convection) when the instability of 
the zero solutions appears at a finite wave number ko of 
small perturbations; thus, 





Wi = gw—(atib) (V4) y-(d+tic) Wey (8) 


with g,a,d> 0. Quasi-1-d solutions of Equation (8) 
can be looked for as w (x, y, t) = W(x, y, t) exp (ikox), 
where WV is a slowly varying function, whose x- 
and y-dependences are characterized by large scales 
X,Y >ky lan asymptotic consideration is then con- 
sistent in the case X ~ Y?, reducing the SH equation (8) 
to an anisotropic complex Newell—Whitehead—Segel 


2 
WY, =e¥ + (a+ ib) (210, a2) w 
(d +ic) |W)? Ww. 
GL equations generate rich dynamics. The simplest 
exact solutions are plane waves (PWs). In the case of 


the CCGL equation (3) (here, it is set by rescaling 
g =a=d = 1), a family of PWs is 


yy = A exp (iQx —iot), A= V1—- Q?, 
w=c+(b-c)O’, (9) 





equation, 


where Q is a wave number (a parameter of the solution 
family) taking values —1<Q<-+1. Note that the 
group velocity of this PW is dw/dQ =2(b—c)Q. 
The CQCGL equation gives rise to two different 
PWs for given Q, with amplitudes Ay = (2f)~ : 


1—4f (1+ Q?) ] (under the same normal- 


ization g=a=d = 1). This solution exists in the 
interval Q? < (4f)~!(1—4f), and only Ay may 
correspond to a stable PW. 

The stability of PWs is an important issue. In the 
CCGL equation, a condition for stability against long- 
wave perturbations with a large wavelength takes a 
simple form, Q? < (1+ bc) / (3+2c? + bc), which is 
called a generalized Eckhaus stability criterion (the 
original Eckhaus criterion, which applies to the real GL 
equation with b=c =0, is Q? < 1/3). Obviously, this 
criterion cannot hold unless 1 + bc > 0 (the Benjamin— 
Feir—Newell (BFN) condition). The consideration of 
finite-wavelength perturbations gives rise to more 
complex stability conditions. Therefore, following 
Aranson and Kramer (2002), the structure of a full 
stability region for the PWs can be shown by means 
of its cross sections in the space (b, c, Q); see Figure 1. 
The figure makes a distinction between convective 
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Figure 1. A set of cross sections of the stability region for the 
plane-wave solutions (9) of the cubic complex GL equation 
(3) in the space (b,c,|Q|). The two top panels, the left 
bottom panel, and the right bottom panel show, respectively, 
the cross sections b=const, b= —c, and c=const. The filled 
circles mark turning points on the border between absolute and 
convective instabilities. 


and absolute instabilities, when, respectively, the 
growing perturbation is traveling away or staying put. 
The transition from the 1-d CCGL equation to its 
multidimensional counterpart does not import extra 
instabilities to the PWs. 

If the BFN combination 1 + bc becomes negative, 
the PW develops phase turbulence, which means that 
|| remains roughly constant, while the phase of the 
complex phase yw demonstrates spatiotemporal chaos. 
In the 1-d case, close to the BFN instability threshold, 
the chaotic evolution of the phase gradient p = $y 
obeys the Kuramoto-Sivashinsky equation, which, in a 
rescaled form, is pj + Pxx + Pxxxx + Ppx =0. Deeper 
into the instability region, phase-slip points (PSPs) 
arise, at which the amplitude || disappears. Multiple 
creation of PSPs leads to a transition from the phase 
turbulence to defect turbulence, which is distinguished 
by random dynamics of the PSP ensemble. Mixed 
turbulence at the border between these two types also 
occurs (Aranson & Kramer, 2002). 

In the case when PWs are stable, shock waves 
can be generated by collision between two PWs (9) 
with different wave numbers Q; and Qo. Although 
exact solutions for shocks are not available, they can 
be obtained in an approximate form, provided that 
Q, — Qz is small, or the coefficients b and c are small. 
In particular, a transient layer between the two PWs 
moves at the velocity v = (b— c)(Q1 + Q2), which is 
exactly the mean of the group velocities of the colliding 
PWs. In the 2-d case, PWs can collide obliquely; in this 
case, shocks take the form of a domain wall. Generally, 
the shocks are stable. 

Besides the shocks (which are sources that emit 
PWs), the 1-d CCGL equation also gives rise to sinks, 
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that is, localized hole-type structures that absorb PWs. 
If the CCGL equation (3) is a perturbed version of the 
NLS equation, sinks can be constructed as perturbed 
counterparts of NLS dark solitons, provided that bc > 0 
(particular solutions for the sinks are available in an ex- 
act analytical form). A standing sink is actually a PSP, 
as |w| vanishes at its center, and it may be dynamically 
stable. A moving sink is a finite dip in the profile of 
|y|; it is structurally unstable, as it is either decelerated 
(turning into a standing sink) or accelerated (eventu- 
ally vanishing) by a quintic term added to the CCGL 
equation (Lega, 2001; Aranson & Kramer, 2002). 

The 2-d CCGL equation displays spiral waves (SWs) 
in the form y = A(r) exp (NO — iwt), where r and 0 
are the polar coordinates, N is an integer vorticity, and 
A(r) is a complex function. An asymptotic form of the 
SW is A(r) © /1— Q? exp(iQr) at r > oo, where 
Q is related to w as in Equation (9), and A(r) ~ rN at 
r — 0. (In the case of the real GL equation, the SW has 
Q =0, which corresponds to a vortex solution. Similar 
solutions are generated by Equations (1) and (2), which 
represent Abrikosov vortices in superconductivity. For 
the prediction of these vortices, A.A. Abrikosov shared 
the Nobel Prize for Physics in 2003.) The asymptotic 
wave number Q is an eigenvalue of the 2-d CCGL 
equation, as it is uniquely selected by parameters of 
the equation. All the SWs with N > 1 are unstable. The 
SW with N = 1 may be subject to specific instabilities 
localized near its core (Aranson & Kramer, 2002). 

An extension of the SW is a vortex line in three 
dimensions, which, in particular, may be closed into 
a ring. A vortex line with an additional wave number 
directed along its axis (twisted vortex) is also possible. 
The dynamics of 3-d vortex lines are quite complicated 
(Aranson & Kramer, 2002). 

Boris MALOMED 


See also Nonlinear Schrédinger equations; Partial 
differential equations, nonlinear; Pattern forma- 
tion; Spatiotemporal chaos; Superconductivity 
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CONLEY INDEX 


In a five-page paper published in the Proceedings of 
the 1970 International Congress of Mathematicians 
(Conley, 1971), Charles Conley gave the first definition 
of his index. For context, he chose the phase space 
to be a compact connected metric space X and F to 
be the space of flows on X with the compact open 
topology. (A flow is a continuous function such that 
f(x, 0) =x, f(x,t+s)= f(f(, 6), s) for all choices 
of x,t, 5.) 

For a compact subset Y of X define the set 
Inv(Y, f)={y €Y: f(y, t) €Y for all t}. This set is the 
maximal invariant set contained in Y. An isolating 
neighborhood for a flow f is a compact subset N 
of X such that Inv(N, f) is contained in the interior 
of N. The set, Inv(N, f), is the isolated invariant set 
associated with N. 

It is easy to show that isolating neighborhoods 
persist. If N is an isolating neighborhood for f, then 
there exists a neighborhood U of f in F such that N 
is an isolating neighborhood for every flow g in U. 
Suppose that M is an isolating neighborhood for g. If 
Inv(M, g) =Inv(N, g) then the isolated invariant set 
Inv(M, g) is said to be a local continuation of the set 
Inv(N, f). Two invariant sets Inv(V, f) and Inv(M, g) 
are related by continuation if there is a finite sequence 
of local continuations linking one to the other. 

Fora flow f and an arbitrary compact subset W of X, 
one defines forward and backward exit time functions 
from W into the extended real line [—oo, oo] as follows: 


tt (x) = sup{t > 0: f(x, [0, t]) c W}, 
t (x) = inf{t <0: f(, [t,0]) Cc W}. 


Certain subsets of W are associated with these 
functions. The forward asymptotic set is the set 
At ={x : t*(x) = oo}, and the backward asymptotic 
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set is the set AT = {x : f- (x)= — ov}. Note that the 
maximal invariant set Inv(W, f) is the set At M A7. 
Forward and backward exit sets are the sets W* = {x : 
t*(x) =0}. 

An isolating block B for a flow f is a special type 
of isolating neighborhood with the following property. 
The boundary of B is the union of the exit sets B* and 
B~. The intersection of these sets is the “tangency” 
set t of boundary points that immediately exit in both 
time directions. Thus, a block has no internal tangencies 
where an orbit comes to the boundary from inside the 
block and does not exit. 

If B is an isolating block for a flow f, one can show 
that the exit time functions are continuous. Using these 
functions and the flow, one may define deformation 
retractions of B— At onto B~ and B— A~ onto Bt. For 
example, a retraction r of B — A~ onto B* is defined 
by the formula r(x) = f (x, t* (x)) (This property was 
first used by Wazewski (1954).) 

Suppose that f is a flow on R? and also that T is 
a solid torus that is an isolating block for the flow. 
Suppose that the exit set is a disk D on the boundary 
of T. Then, the invariant set Inv(T, f) must not be 
empty. If it were empty, one could define a deformation 
retraction of T onto D, which is impossible. 

Under these definitions, the following theorem 
is fundamental (Conley & Easton, 1971). Given an 
isolating neighborhood N for a flow f, there exists 
an isolating block B contained in N such that 
Inv(NV, f)=Inv(B, f). 

We use this theorem to define the Conley index of 
the set Inv(N, f) to be the homotopy types of the pair 
of quotient spaces [B/B*] and [B/B7]. These spaces 
are obtained by collapsing the exit sets to points and 
using the quotient topology on the resulting spaces. 

Consider, for example, the flow f defined on R2 
by f(x, y), 1) =(e ‘x, e' y). This flow has the origin 
as a saddle point. Let B be a square centered at the 
origin. Then B is an isolating block for the flow. The 
exit set consists of the top and bottom sides of B. The 
quotient space [B/B~] has the homotopy type of the 
pair of spaces consisting of a circle and a point on this 
circle. 

The Conley Index has the following properties 
(Conley, 1978; Herman et al., 1988; Smoller, 1983; 
Easton, 1998; Hofer & Zehnder, 1995; Mischaikow, 
2002): 


(i) The Conley index is well defined. Thus it is 
independent of the choice of block B. 

(ii) If Inv(N, f) and Inv(M, g) are two isolated 
invariant sets that are related by continuation, then 
they have the same Conley index. 

(iii) The index [B/B~] of a saddle point for a smooth 
flow ona manifold is a sphere together with a point 
on the sphere. The sphere has the same dimension 
as that of the unstable manifold of the saddle point. 
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Thus, the Conley index is a generalization of the 
Morse index of a saddle point. 

(iv) The index of two disjoint isolated invariant sets is 
the “sum” or “join” of their indices. 


Traveling Waves 


One of the early applications of the Conley index was 
to find traveling waves for reaction-diffusion equations 
(Smoller, 1983). We will use as an example the 
FitzHugh—Nagumo (FN) equations u; = €v, v; = Vxx + 
f(v) — u, which are a simplification of the Hodgkin— 
Huxley equations used to model nerve impulses. The 
parameter ¢ is assumed to be small, and one seeks 
a solution of the form U(x, t) =u(s), V(x, t) = v(s), 
where s =x + Ot and @ is the wave velocity. 

Substituting the trial solutions into the FN equa- 
tions, one obtains the following system of ordi- 
nary differential equations: du/ds = (¢/0)v, 0 du/ds 
=(v/ds* + f(v)—u, where f(v) is assumed have 
the general shape of a cubic equation that is decreas- 
ing, increasing, and then decreasing. To be specific, 
we take f(v)= — v(v—1)(v— 2). The correspond- 
ing first-order system of ordinary differential equa- 
tions is u’=ov,v' =w, w'=Ow+u-— f(v), where 
o =e/6@. Our goal is to find a periodic solution of this 
system for small values of the parameters sigma and 
theta, and thereby to find a periodic solution of the FN 
equations. 

One can completely understand the phase por- 
trait of system when the parameters o and 6 are 
set to zero. In this case, u(t) is constant and 
the equations for v,w form a Hamiltonian sys- 
tem with Hamiltonian H(v, w) = w2/2+ F(v) —uv 
with F(v)= fo f(r)dr= —v?(v — 2)?/4. The phase 
portrait in the u=O plane has saddle points 
at (v, w)=(0,0), (v, w)=(2,0) and a center at 
(v, w)= (1,0). The saddle points are connected by 
heteroclinic orbits implicitly defined by the equation 
H(v, w) =0,0<v <2. Note that the set of equilib- 
rium points for the system is the set {(u, v, w) 
u= f(v),w=0}. 

Next consider the system with o = 0, 6 > 0. For this 
system, we have (d/dt)H (u(t), v(t), w(t)) = éw2(t). 
Let a(u) < b(u) <c(u) denote the three solutions of 
the cubic equation u — f(u) =0. One can show that 
there are values 0 <u, <u such that for j=1,2, 
there is a heteroclinic solution joining the equilibrium 
points (u;,a(u;),0) and (uj, c(u;),0) in the plane 
u=uj. We now have a cycle consisting of the two 
heteroclinic orbits together with arcs of equilibrium 
points {(u, a(u),0) : uy <u <up} and {(u, c(u), 0) : 
uy <u<up}. This cycle is an invariant set for the 
system. However, the cycle is not isolated since it 
intersects the set of equilibrium points in two arcs. 
The two arcs of equilibrium points may be viewed as 
normally hyperbolic invariant manifolds, whose stable 





162 CONSTANTS OF MOTION AND CONSERVATION LAWS 


and unstable manifolds intersect transversally along the 
two heteroclinic orbits. 

Finally, consider the system for small positive 
values of sigma. In this case, u is increasing when 
u is positive and decreasing when negative. The 
hard part is to construct an isolating block, which 
topologically is a solid torus containing the cycle. The 
transversal intersection noted above is essential to this 
construction. The cycle is no longer invariant when 
sigma is positive. However, one shows that the isolating 
block must contain a periodic solution of the full system 
of equations. The periodic solution thus constructed 
may be viewed as a periodic traveling wave solution 
of the FN equations. 


Applications to Discrete Dynamical Systems 


Consider the discrete dynamics generated by iterating 
a homeomorphism f of a compact metric space X. It is 
natural to study orbits with “errors” such as truncation 
or round-off errors in numerical algorithms. Thus, 
an ¢-chain for f is a finite sequence (yo, y1, y2,..-) 
such that d(f (yn), ynt1) < € where d(x, y) is the 
distance function on X. Conley (1978) and Bowen 
(1975) both understood the importance of studying 
orbits with errors. Bowen asked when such an orbit 
could be shadowed by a true orbit of the system. 

Conley defined the ¢-chain recurrent set CR(f, €) 
to be the set of points that are contained in periodic 
e-chains of length at least 2. The chain recurrent set is 
the set CR(f) = N{CRCf, &):¢ > O}. Points in CR(f) 
are chain equivalent if for any positive epsilon there is 
a periodic ¢-chain containing both points. He showed 
that every orbit uniformly approaches a unique chain 
equivalence class in CR(f). This result is known as 
the Conley decomposition theorem, and it generalizes 
Smale’s decomposition of an Axiom A system into 
basic sets (Bowen, 1975). 

An isolating block for f is a compact subset N of 
X such that whenever x, f(x), f2(x) EN, then f(x) 
is contained in the interior of N. This is something 
like having no internal tangencies. The exit set of N is 
the set E={xeN: f(x) 5 int(N)}. Because N is a 
block, the exit set is compact. Define an equivalence 
relation on N making all points of E equivalent and 
all points not in E equivalent only to themselves. Let 
N* denote the space of equivalence classes with the 
quotient topology obtained by projecting N onto N* 
by sending a point to the equivalence class to which 
it belongs. Let E* denote the image of E. The index 
space of N is the pair (N*, E*). Define an index map 
ft: N* > N* by f¥(x) = E* ifx = E* or f (x) € E*. 
Otherwise, define f*(x) = f(x). Note that the index 
map is continuous. The pair (N*, f*) plays the role of 
the Conley index in this context. If the index map is not 
homotopic to a constant, then one can prove that the set 
Inv(N, f) is non-empty. 


Smale’s horseshoe map in the plane may be used 
as an example. Suppose that a rectangle B is mapped 
across itself so that the image crosses the rectangle in 
a horizontal strip, then curves back and crosses the 
rectangle again in another horizontal strip above the 
first. In this case, the exit set consists of three vertical 
strips, one in the center of the rectangle and the other 
two on the left and right sides containing the vertical 
edges of B. The index space [B/B] has the homotopy 
type of a figure of eight and the index map is non-trivial. 

Sequences of compact sets (called “windows”’) may 
sometimes be constructed to contain an orbit with 
errors. If each window in the sequence is “correctly” 
mapped across the next one, then a true orbit runs 
through the sequence of windows and shadows the orbit 
with errors (Easton, 1998). 

Rosert W. Easton 


See also Anosov and Axiom-A systems; FitzHugh— 
Nagumo equation; Horseshoes and hyperbolicity in 
dynamical systems 
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CONSTANTS OF MOTION AND 
CONSERVATION LAWS 

Although nonlinear spatiotemporal processes may be 
very complicated, they frequently obey simple con- 
straints in the form of conservation laws. Itis sometimes 
possible to construct one or several constants of motion 
(also called dynamical invariants, DIs), in the form of 
spatial integrals of local densities expressed in terms 
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of the physical fields and their derivatives, which are 
conserved in time, as a consequence of the underlying 
dynamics. Such commonly known conserved quantities 
as energy, momentum, and angular momentum belong 
to this class. 

Typically, the existence of conservation laws can be 
established if the underlying dynamics is dissipation- 
free; however, a specific DI may sometimes also exist in 
dissipative systems. Examples of the latter are provided 
by the diffusion equation, u;=u,,, and its important 
nonlinear counterparts in the form of the Burgers 
equation, 


Up = Uy + UU, q) 
and Cahn-Hilliard equation, 
t+ (uw +usx),, =0 (2) 


(the subscripts stand for the partial derivatives). 
They all conserve foe u(x, t)dx, which is simply 
the total mass of the substance in the case of 
diffusion. 

A more sophisticated example of the “dissipative 
conservation” occurs in physically important models 
based on the nonlinear Schrédinger (NLS) equation 
with special additional terms: 


iu; + yy + F'(\uP?)u = €Q, (3) 


where the function F’ describes conservative nonlin- 
earity of the medium (the prime stands for the deriva- 
tive with respect to the argument of F; in particular, 


Fe= (\ul2)” corresponds to the most generic case of 
the cubic NLS equation), ¢ is a real parameter, and 
the “special perturbation” is, for instance, the nonlinear 
Landau-damping term in the NLS equation for Lang- 
muir waves in plasmas, 


+00 of 
Q= -u f dx! (x — x’) Jue’), (4) 


—oo 


or the stimulated Raman scattering term in the equation 
for electromagnetic waves in nonlinear optical fibers, 
Q= (\w/?) , u. While these terms are dissipative ones, 
the corresponding perturbed NLS equation conserves 
the single DI, namely, the total wave action (alias 
“number of quanta”), 


+00 
v= f ju(x, t)|7dx. (5) 


In the general case, equations that govern the 
dissipation-free spatiotemporal dynamics can be de- 
rived from the underlying action functional S {u}: 
6S/5u™ = 0, where u(r, ft) is the nth field vari- 
able, r is the set of the spatial coordinates, 6 /bu™ 
stands for the variational (functional) derivative, and the 


action is expressed in terms of the Lagrangian density 
L, so that 


s= / pe (u, vu, ut”) drdt. (6) 


For instance, the density 





£ = (1/2) [uj — (Wuy"] — Fu) (7) 
yields a nonlinear Klein—Gordon (NKG) equation for a 
single real field u, 


Ur — Vu + F’(u) = 0. (8) 


The fundamental nature of DIs in Lagrangian 
systems is established by a theorem that was published 
by Emmy Noether in 1918: any continuous symmetry 
of the system, that is a family of transformations 
of the field variables, spatial coordinates, and time, 
which depend on an arbitrary continuous parameter & 
and leave the action invariant, generates a constant of 
motion. If the infinitesimal symmetry transformation is 
written in the form 


u™ + uw 4U, dé, r > r+ Rdé, 





to r+Tdé, (9) 


then the main result following from the Noether 
theorem is the continuity equation Z,+ V- J = 0, 
with the following density and current: 


aL 


= n (m) 
TE, (10) 

J=> = (R- vu + Tu!” - Uy) 
+RL, (ly 


(a/d (Vu) is realized as a vector with the com- 
ponents 9/a (uf), a/a (Car a/a (u2”)). Then, 
assuming, as usual, that the fields disappear at |r|— 00, 
the continuity equation immediately yields the conser- 
vation law in the form of d//dt = 0, with J = {Zar. 
A detailed derivation of this fundamental result can be 
found in the book by Bogoliubov & Shirkov (1973); 
for discussion of the Noether theorem in various con- 
texts, see also Sulem & Sulem (1999), and Whitham 
(1974) If the underlying equations are complex, the 
Lagrangian density and all the DlIs are nevertheless 
real. 

The obvious invariance of the action against arbitrary 
temporal and spatial shifts, which are described 
by Equation (9) with U,=0O and, respectively, 
R=0,T =1, or Rj =e;, T =0 (Ee; is the unit vector 
corresponding to the jth spatial coordinate) gives rise 
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to the conservation of the energy (Hamiltonian) H 
and momentum P. For the important classes of the 
NKG and multidimensional NLS, Equations (8) and 
(3), Equation (10) yields 


AyxcG = / E (u? + (Vu)?) + Fw) dr, 

Pxyxc = = fuvu dr, (12) 

eS [over — F(\u!?)] dr, 

Pyis = if (uVu* —u*Vu) dr, (13) 
where * stands for the complex conjugation (the 


transition from the Lagrangian to Hamiltonian density 
as per Equation (10) in the case of the temporal-shift 
invariance is called the Legendre transformation). The 
invariance against rotations in the three-dimensional 
space leads to the conservation of the angular 
momentum, 


M = | (r x P) dr, (14) 


where P is the density in the expressions for 
the momentum in Equations (12)-(14); in the two- 
dimensional case, there is only one component of 
the conserved angular momentum. Additionally, in the 
NLS-type equations, the invariance against the phase 
shift (alias gauge invariance), u — u exp (i€) with an 
arbitrary constant €, generates the conservation of the 
above-mentioned wave action (5), which is f |u|? dr in 
the multidimensional case. 

Another important class of models in one dimension 
is based on equations of the Korteweg—de Vries (KdV) 
type for a real function u(x, ft), 


Up + Uxxy + F"(u)uy = 0 (15) 


(the most important cases of the KdV equation proper 
and modified KdV equation correspond to F =u? and 
F =u", respectively). The Lagrangian representation 
of Equation (15) is possible in terms of the potential 
field v, defined so that v, = u, but the Hamiltonian and 
momentum are expressed solely in terms of the original 


field u, 
Axay = / Ee = Fw] dx, 
+00 
Pav = uw dx. (16) 
—00 


The invariance of the action, written in terms of the 

potential v, against the arbitrary shift v->v + & 

additionally generates the conservation of the “mass,” 
+00 

oy ude. 


Besides being a dynamical invariant, the Hamil- 
tonian gives rise to a canonical representation of the 
equation(s) in the Hamiltonian form, which is dual 
to the Lagrangian representation. In particular, for the 
complex and real equations of the NLS and KdV types, 
respectively, this representation is 


OH a 6H 
i—, uw . 
bu* ax du 











ur (17) 
The conservation of H itself and the conservation of 
the mass in the KdV-type equations are immediate 
consequences of the general form of Equations (17). 
The conservation of the wave action in the NLS-type 
equation is also a consequence of its representation in 
the form of Equations (17). 

If a multicomponent Lagrangian system possesses 
an additional (“isotopic”) symmetry against linear 
transformations of the components, this also gives rise 
to a specific DI. An important example is a system of 
coupled NLS equations of Manakov’s type (Manakov, 
1973) 


ce )+v2( 4 ) +r du?+ 0) ( 4 ) 
=0, (18) 


which are invariant against rotation in the plane of 
(u, v). In this case, Equation (10) gives rise to the DI 
(“isotopic spin”’) in the form 


S= if (uv* — u*v) dr. (19) 


A very special situation arises for the DIs in the 
case of integrable equations, that is, those that are 
amenable to the application of the inverse scattering 
transform (IST) (Ablowitz & Segur, 1981; Newell, 
1984; Zakharov et al., 1984). Integrable equations have 
an infinite set of hidden dynamical symmetries, which, 
unlike the above-mentioned elementary invariances 
against temporal and spatial shifts, spatial rotations, 
phase shift, etc., do not have a straightforward 
meaning. In compliance with the Noether theorem, 
each hidden symmetry generates the corresponding 
DI, which is an integral expression with a density 
that, unlike those corresponding to the elementary DIs 
(see Equations (12), (4), and (16), involves higher- 
order derivatives. For instance, in the integrable KdV 
equation (15) with F = u?, the first higher-order DI is 


+00 
I= / (uz, + Suruxs + Su*) dx. (20) 


—0o 


In fact, it was an empirical discovery of several higher- 
order DIs in the KdV equation that was a major 
incentive for the study that had resulted in the discovery 
of the IST technique. 
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The IST provides a systematic method to derive 
the infinite set of the DIs in terms of the correspond- 
ing scattering data, into which the original wave field 
is mapped to make the hidden integrability explicit 
(Ablowitz & Segur, 1981; Newell, 1984; Zakharov et 
al., 1984). The use of the scattering data makes it 
possible to explicitly introduce a full system of the 
action-angle variables for the integrable equations, and 
demonstrate that the infinite set of the action vari- 
ables is in one-to-one correspondence with the set 
of the DIs. It is also possible to prove; that all the 
DIs are in involution among themselves; that is, the 
Poisson bracket between any two DIs, defined as per 
the corresponding symplectic (Hamiltonian) structure, 
is zero. Thus, integrable equations are direct counter- 
parts, for the case of the infinite number of degrees 
of freedom, of finite-dimensional Hamiltonian systems 
that are Liouville-integrable; that is, with a set of DIs 
that are in involution, their number being equal to the 
number of the degrees of freedom. 

The presence of the infinite set of the DIs in the 
integrable equations helps to understand such a well- 
known property as the completely elastic character 
of collisions between solitons (Ablowitz & Segur, 
1981; Newell, 1984; Zakharov et al., 1984): roughly 
speaking, the necessity to satisfy the infinite set of the 
conservation laws leaves no room for changes of the 
solitons, except for phase shifts. On the other hand, 
some equations amenable to the application of the IST 
technique, such as, for instance, the standard three- 
wave system, 


(41.2), + 1,2 (Ui), = v3.43, (U3); = imi, (21) 


where uj and w3 are, respectively, the “daugh- 
ter’ and pump waves, and cj,2 are group ve- 
locities, feature nontrivial “soliton reactions”—for 
instance, a spontaneous split of a pump-wave soliton 
into separating daughter ones. This possibility is ex- 
plained by the fact that the above-mentioned one-to- 
one correspondence between the infinite sets of the 
degrees of freedom and DIs does not really hold for 
these equations: the set of the DIs is not “infinite 
enough” (Fokas & Zakharov, 1992). Such equations 
are sometimes called “solvable,” to stress their differ- 
ence from the genuinely integrable ones (integrable in 
the sense of Liouville, as generalized to systems with 
infinitely many degrees of freedom). 

Integrable lattice (discrete) models feature another 
important property: due to the lack of the continuous 
translational invariance, lattice systems lack the 
momentum conservation. Nevertheless, integrable 
lattice models do possess a conserved momentum, 
due to their hidden symmetry. For example, the 


Ablowitz—Ladik equation, 


dun 2 
2i dt t Un+1 +Uuy—|—2Uy)+4 |Un| (Un+1 tUun—1) = 0, 


(22) 





which is an integrable discretization of the cubic 
NLS equation, conserves the real momentum in the 
form of 


+00 
P= DO OnWiy — vidas): (23) 


n=—0oo 


In fact, conservation of the momentum is a specific 
integrability feature of discrete models, in contrast to 
continuum ones. 

Elementary DIs find specific applications in systems 
perturbed by small nonconservative terms to order ¢. 
In that case, the conservation laws no longer hold; 
however, using evolution (balance) equations for the 
former DI(s) is a convenient way to derive effective 
equations of motion for solitons (or other collective 
nonlinear excitations) in the weakly perturbed model. 
For instance, in the cubic NLS equation (3) with the 
above-mentioned terms (Kerr and stimulated Raman 
scattering ones), F = (\uI2)? and Q= (lul?), u. an 
exact soliton solution with arbitrary amplitude 1 and 
velocity c, in the case of ¢ =0, is 


Usol = 9 Sech (7 (x — ct)) 
x exp[i(c/2)x +i(n?—c?)t]. (24) 


In the presence of small ¢ > 0, the wave action (4) 
remains a DI (see above), and the balance equation for 
the formerly conserved momentum Pys, see Equation 
(13), is 


dP +00 
77 2e f [(1wl2),} ax. (25) 


Substitution of the unperturbed soliton (24) into 
Equation (25), and into the conservation of the wave 
action, yields evolution equations for the amplitude and 
velocity: 


d de 16 
ble eee 


4 
= — = — 7 26 
de ae 5°" (28) 


For further details and references, see the review by 
Kivshar & Malomed (1989). 
Boris MALOMED 


See also Hamiltonian systems; Integrability; Inte- 
grable lattices; Inverse scattering method or trans- 
form; Korteweg-de Vries equation; N-wave inter- 
actions; Symmetry groups 
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CONTINUITY EQUATION 


See Constants of motion and conservation laws 


CONTINUOUS SPECTRUM 


See Inverse scattering method or transform 





CONTINUUM APPROXIMATIONS 


In general, a physical system belongs to one of three 
broad classes: (i) media with distributed parameters 
(electromagnetic fields, fluids, or liquid), (ii) discrete 
media (crystal lattices, polymers, or macromolecules), 
and (iii) artificial periodic systems (layered structures, 
lattices of nano-dots, or Josephson arrays). In the 
first class, the dynamics of a system is described by 
partial differential equations (PDE) for the field variable 
u(x, t) and in the other two cases by discrete differential 
equations (DDE) for the field variable at the lattice sites 
u(n, t) =u,(t). For simplicity, only one-dimensional 
(1-d) models are discussed here. 

Well-known examples of discrete nonlinear dyna- 
mical systems include the following: 


e The discrete 1-dimensional elastic chain with a 
nonlinear interaction between the nearest neighbors 
(generalized Fermi—Pasta-Ulam (FPU) model), 
whose equation of motion reads 

un 


m dre = 9'(Un+i Un) ¢' (un 





Un-1), (1) 


where uy is the displacement of the nth atom in a 
chain; a prime indicates the derivative with respect 
to the argument, and y(u, — uy, — 1) is the energy of 
the interatomic interaction (Fermi et al., 1955). The 
particular choice g(&) = AE?/2 + a&3/3 + Bé*/4 
and g(€) =c exp( — pé) + gé represents w-FPU (for 
B=0), B-FPU (for a = 0), and Toda models. 
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e The discrete 1-d chain with linear interatomic 
interaction exposed to a nonlinear external field 
(discrete Frenkel-Kontorova (FK) model) with the 
following equation of motion: 


uy 
m 
dr? 





= AUn41 + Un—1 — 2un) — w'(Un), (2) 
where w(u,) is the nonlinear on-site external poten- 
tial. The particular choice w = U(1 — cos(2u,,/a)), 
where a is the interatomic distance, corresponds 
to the traditional FK-model (Frenkel & Kontorova, 
1939). 

e 1-d photonic crystals (periodic arrays of optical 
waveguides) or the discrete spin lattice, which may 
be described in the context of the discrete nonlinear 
Schrédinger equation (DNLS) 





d n 
i * t BWn4+1 t Wn-1 2Wn) 
+F (Wal?) Vin = 0, (3) 


where in the simplest case F is a linear function of the 

argument. yw, denotes the value of the effective field 

at the nth element of the discrete system, which can 
be assigned different physical meanings for various 
applications. 

Even in the 1-d case, the solution of the nonlinear 
DDE poses a fairly complicated mathematical problem 
and only a few of them can be solved exactly (the 
Toda and Ablowitz—Ladik equations). Thus, it is often 
easier to study discrete problems in the “continuum 
approximation” (CA) within the framework of PDEs. 
Clearly, some information about nonlinear dynamics of 
discrete systems is lost, and some phenomena cannot 
be described in this continuum limit; but in the long 
wave limit, this approach provides a good qualitative 
and even quantitative agreement with the results for a 
discrete system investigation. 

In the CA, the discrete number of the atom site n 
is replaced with the continuous coordinate x :na—> x, 
with a being the interatomic equilibrium distance or 
the period of mesoscopic periodical structure, and 
u,(t)=u(na, t) is replaced with u(x,t). The finite 
differences u;+1 — Uy, have to be expanded in Taylor 
series 








du a? au 
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= 9x3 + 54934 0°" (4) 
This expansion is valid under the condition 
|Un+1 — Un)/Un| < 1. (5) 


For linear waves of the form u, =uo sin(kna — ot) 
this expansion agrees with the long wavelength 
approximation ak < 1, where k is a wave number. 
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Substitution of expansion (4) in DDE (1) in the 
leading approximation yields for the w-FPU and Toda 
models the Boussinesq equation 
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Aa 
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(In the case of the B-FPU model, the modifi- 
cation of this equation with the nonlinear term 
3Ba*(du/dx)*(d2u/dx7) is obtained.) 

Equations (2) for discrete FK model within 
continuum limit are transformed in the leading 
approximation into the nonlinear Klein—Gordon (NKG) 
equation 

au 7 07u 


m Aa 
at ax? 





+ w'(u) =0. (7) 


In the particular case of the periodic external potential 
w= U(1— cosu,), one obtains the sine-Gordon (SG) 
equation. Finally, the CA for DNLS equation (3) 
reduces to the usual partial differential nonlinear 
Schrodinger equation 


JW tw 2 
— + Ba’ —4+F =0. 8 
iG” + Bat + FWP (8) 
Examples (6)-(8) demonstrate that a different 
number of terms in expansion (4) are to be taken into 
account in different situations. In the case of Equation 
(1), the dispersion relation is 


@ = 2,/(A/m) sinak/2, (9) 


which is of acoustic type with a weak dispersion in 
the limit k > 0. Within the CA, this weak dispersion 
is governed by the fourth spatial derivative alone in 
expansion (4), and it is necessary to retain the dispersion 
term in (6). The dispersion relation for Equation (6) is 
consistent with the exact formula (9) only in the long 
wave limit ak <1. 

Unfortunately, the dispersion term — (Aa*/12) 
a4u/ax* in (6) necessitates an additional boundary 
conditions for this equation and results in the 
appearance of additional nonphysical solutions with 
small frequencies and ak~ 1. To avoid these side 
effects, a regularization of the expansion over the 
discreteness parameter a can be performed (Rosenau, 
1987). This corresponds to substitution of the relation 
a2/dx2 ~ (m/Aa”)d2/dt2 into the dispersion term 
in (6) and leads to yet another version of the CA 
for Equation (1) containing the term with mixed 
derivatives: 

mot A 2 07u ma> dtu 
ar ax? 12 dx2ar2 





42 
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The above estimation of CA application area 
(ak « 1) holds for long wave small amplitude envelope 
solitons in the nonlinear case as well. But in general, 
this condition can differ for solitons of different types. 
For example, CA descriptions of Boussinesq solitons 
of the type u(x, t) = u(x — vt) describe the solutions of 
FPU model (1) only under the condition v/ve —1<« 1, 
where ve = / Aa2/m. 

Only the lowest-order terms of expansion (4) have so 
far been taken into account for discrete systems within 
the CA. In general, retaining the next terms with higher 
powers of spatial derivatives exceeds the accuracy of 
CA. But in some way, such extended versions of the CA 
also take into account the discreteness of the systems 
and can lead to interesting and important physical 
results. Retaining the fourth order derivative in (4) 
transforms the nonlinear KGE (7) into 
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In the case of a sinusoidal external force, the 
corresponding generalized equation (dispersive SG 
equation) has steady-state bounded kinks solutions 
(4r-kink solitons) for some particular values of their 
velocities (Bogdan et al., 2001). This result obtained 
within the CA is in agreement with the numerical result 
for the corresponding discrete system (2) (Alfimov 
et al., 1993). The inclusion of yet higher terms 
of expansion (4) in the nonlinear parts of discrete 
equations in the CA gives rise to the nonlinear 
dispersion and leads to an existence of exotic solitons 
such as “compactons” and “peakons.” 

The CA is not restricted to the long-wave 
limit. For high-frequency short waves with wave 
numbers k2%a/a and w—@maxK@max (where 
@max =2./A/m for (1) and (2)), the CA for the 
slowly varying envelope of antiphase oscillations 
(un = (— 1)" v,) in the B-FPU-model results in a PDE 
with the Euclidean differential part 


a2v 7 07v 


maz + Aa + 4Au 4 16pv°=0. (12) 





The breather solution of this equation (Kosevich & 
Kovalev, 1975) within the CA describes the “intrinsic 
modes,” which are currently being widely discussed 
since the pioneering paper of Sievers and Takeno 
(1988). In more complicated diatomic chains with the 
gap in the linear waves spectrum at k=z/2a, the 
so-called “gap solitons” (breathers with frequencies 
lying in the gap) can be described in CA for the 
envelopes of the antiphase oscillations of atoms from 
two sublattices. 

To this point, applications of the CA for DDE 
models of discrete systems were discussed. Often, the 
opposite approach is used where the corresponding 
PDEs are investigated numerically in some discrete 
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schemes as a system of DDE (Dodd et al., 1982). The 
finite-differences method is one of the most popular 
in this case: the initial function u(x,t) is defined 
on the rectangular net of the (x,t) plane at points 
x =hn,t=N't. The partial derivatives are replaced by 
the finite differences 








du(x, t) Un+1 — Un 2u(x, t) 
ax h "ax? 
Un+1 + Un—1 — 2Un 
= (13) 


Generally, sampling over all variables is performed, but 
in some hybrid methods space sampling alone is carried 
out and the resulting system of ODEs is solved by using 
standard computer codes. 

Space sampling is commonly used for complicated 
biological systems. In order to simulate the behavior 
of a single neuron, for example, its continuous 
structure may be sliced into a large number of small 
segments (compartments). This procedure is called 
the “compartmental” approach, and within it the 
continuous PDEs are replaced by sets of ODEs. The 
advantage of this modeling approach is that it imposes 
no restrictions on the properties of each compartment 
and permits great flexibility at the level of resolution. 
Compartmental methods make it possible to develop 
the realistic models that have a close relationship with 
the relevant experimental data. 

ALEXANDER S. KOVALEV 


See also Compartmental models; Delay-differential 
equations; Discrete nonlinear Schrédinger equa- 
tions; Dispersion relations; Fermi—Pasta—Ulam os- 
cillator chain; Frenkel-Kontorova model; Partial 
differential equations, nonlinear; Peierls barrier; 
Sine-Gordon equation 
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A wide variety of fluid dynamical problems involve the 
material advection of a tracer field g(a, t), expressed 
by 


a 
— =— +u-Vq =0, (1) 


where u(x, ft) is the fluid velocity. The value of g thus 
does not change following an infinitesimal element or 
particle. That is, for a particle at « = X (a, t), where a 
is a vector label (e.g., the initial position of the particle), 
Equation (1) implies that g=q(a), a constant, and 
aX /dt=u(X,t), which is just the statement that 
the particle moves with the local fluid velocity. The 
collective effect of this transport is a rearrangement of 
the tracer field g by the velocity field w. 

Depending on the nature of u, this may lead to 
highly intricate distributions of qg, even starting from 
simple initial conditions. Moreover, there are important 
applications in which w depends on q itself, often in a 
nonlocal manner, that is, in which the entire field of 
q contributes to u at any given point x. A specific 
example relevant to the present topic is provided by 
the two-dimensional Euler equations governing the 
behavior of an inviscid, incompressible fluid: 


Du Vv 
a =, 2) 
Dt p 

V-u=0, (3) 


where p is the pressure and p is the density 
(here constant), and where now the velocity field 
is two dimensional: u= (u,v). Taking the curl of 
Equation (2) gives an equation for the scalar vorticity 
€ =dv/dx — du/ody: 


De _ 
Dr (4) 


which is identical to Equation (1) if we take g = ¢. Thus, 
the vorticity is materially conserved in this system. But 
it also induces the velocity field wu, that transports it. 
Equation (3) is satisfied generally by considering 


u=-—d0w/dy and v=dwy/dx, (5) 


where y(a, t) is called the streamfunction. Substitut- 
ing these components into the definition of ¢ leads to a 
Poisson equation for yf: 


Vw =e. (6) 


Given the distribution of ¢, this equation (with suitable 
boundary conditions) may be inverted to find y, whose 
spatial derivatives provide u and v. The inversion of 
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this equation can be formally accomplished by using 
the Green function G(a; x’) of Laplace’s operator v?; 
in two dimensions, 


G(a; x’) = 22)7! log |a’ — a]. (7) 


(G is the solution to Equation (6) for ¢ =45(a' — x), 
a singular delta distribution of vorticity having a unit 
spatial integral.) 

Consider henceforth an unbounded two-dimensional 
fluid. Then, the formal solution to the inversion 
problem is 


v(@,t) = / | Gla; w/)e(a',t)dx'dy’, (8) 


which shows explicitly that the flow field at any point 
depends on the vorticity field at all points. Moreover, 
the integration over space implies that the field of w is 
generally smoother than that of ¢. 

The evolution of the flow in this case consists of two 
basic steps: 


e inversion—the recovery of the velocity field wu from 
the distribution of ¢ and 

advection—the transport of fluid particles to the next 
instant of time. 


Now, a two-dimensional plane is carpeted by an infinite 
number of such particles, and therefore, this view of the 
evolution may appear to be quite complex. However, the 
material conservation of q (or ¢) affords an enormous 
simplification. First, note that, if one exchanges two 
particles labeled a and a’ having the same value of q, 
this does not alter the distribution of g, and as a result the 
velocity field wu remains unchanged. This is a “particle 
relabeling” symmetry, and in general, it gives rise to an 
infinite number of globally conserved quantities (the 
spatial integrals of any functional of q). This symmetry 
implies that contours of fixed g consist of the same set 
of fluid particles for all time. They are called material 
contours. 

Contour dynamics arises from representing the 
distribution of q by a finite set of contours C;, k= 1, 
2,...,n, between which q is spatially uniform, and 
across which q jumps by Ag, (defined to be the 
value of q to the left of Cx minus that to the right 
of Cx). The contours here are still material ones—the 
particles just on either side of a contour retain their 
distinct values of g. Between two contours, any two 
fluid particles may be exchanged without altering q 
or wu. This implies that only the contours matter for 
determining the velocity field. Also, since the contours 
are material, their advection suffices to evolve the entire 
distribution of q. This is the basis of contour dynamics. 

To see how this works for the two-dimensional 
Euler equations, it remains to be shown as to how 
one can calculate the velocity field directly from the 
contours Cx. The starting point is Equation (8), in 


169 


which we consider ¢ =q to be a piecewise-uniform 
field. For the moment, we need only use the property 
G(x; x’) = g(x’ — x) satisfied by the Green function 
of the Laplace operator. Also, we need only consider 
one contour at a time and afterwards linearly superpose 
the results, since the relation between q and w is linear. 
We may take g = 0 outside of the (closed) contour, so 
that g = Aq inside it (denoted by the region R below). 
Nonzero exterior g simply gives rise to solid-body 
rotation, and may be superposed afterwards. Then, from 
Equation (5), we have 


(u(x, t), v(@, t)) 


=(-3 ay’ xa aff g(a’ — ax)dx'dy’ (9) 
a 
aa ff (-z dy bw +) ete! a) dx'dy’ 


(10) 
= -aq f g(X' — a) (dx’,dY’), (cup) 
Cc 





where we have used the symmetry of g with respect to 
a and a’ in the second line and Stokes’ theorem in the 
third, and where X’ denotes a point on the contour C. 
The velocity field anywhere thus depends only on the 
shape of C. 

For a set of contours, the velocity field is required 
only on the contours themselves to evolve g. The 
contours thus form a closed dynamical system, contour 
dynamics, governed by 


dX; ” , 
ae =u(Xj)=—- Daag g(X,—X dX, 
k=1 iJ 


(12) 


for all points Xj on contours Cj, j= 1, 2,...,7 
These equations were first derived for the two- 
dimensional Euler equations by Zabusky et al. (1979), 
following earlier work by Berk & Roberts (1967), 
who derived a similar contour-based model for the 
two-dimensional Vlaslov equations in plasma physics. 
These authors also developed numerical methods 
for contour dynamics in which the contours were 
discretized into a finite set of points or nodes, originally 
connected by straight line segments. A wide variety of 
numerical methods have since been developed, many 
of which are summarized in the review articles of 
Dritschel (1989) and Pullin (1992). They principally 
differ in terms of the choice of the interpolation 
between nodes (linear, quadratic, cubic; local and 
global splines); the method of numerical quadrature 
used to evaluate the contour integral over the segment 
connecting adjacent nodes (trapezoidal, Gaussian, 
explicit); the method of redistributing, inserting, and 
removing nodes to maintain an accurate representation 
of the contour shape; and the procedure used, if any, 
to remove fine-scale structure (e.g., filaments and 
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thin bridges connecting two separating regions)—a 
procedure coined “contour surgery” (Dritschel, 1988). 

Contour dynamics has been used to study a wide 
variety of problems, from the interaction of two 
vortex patches (having just one contour each), to the 
filamentation and stripping of nested vortices (having 
many contours to represent a continuum) (Dritschel, 
1989; Pullin, 1992). The numerical method illustrated 
nextis described in Dritschel (1988, 1989). This method 
uses local cubic splines between contour nodes, explicit 
quadrature to first order in the departure of the contour 
from a straight line between nodes, node redistribution 
based on maintaining a local node density proportional 
to the square root of contour curvature, and automatic 
surgery whenever contours or contour parts get closer 
than a prescribed cutoff scale 5. This scale and the 
precise formula for the node density are chosen to 
balance the errors arising from surgery and node 
redistribution. A fourth-order Runge-Kutta scheme is 
used for the time integration. 

An example is presented next of the collapse of three 
vortex patches (see also (Rogberg & Dritschel, 2000)). 
The centers of the vortices are initially chosen at points 
where equivalent delta-distributed point vortices of the 
same circulation (spatial integral of q) are known to col- 
lide in finite time. Two of the vortices have g =+ 27 
and radii 1 and 2/ /5, while the third has q =— 2m and 
radius z. The two positive vortices are initially sepa- 
rated by a distance d=5, and the negative vortex is 
placed at a distance d,/17/27 and at an angle 225° rel- 
ative to the joint center of the two positive vortices. The 
vortices are then all shifted so that the joint center of 
all three vortices lies at the origin. Starting from this 
configuration, the collapse time for the point vortices is 
7.70059886... 

Figure | illustrates the evolution of the vortices— 
in the upper left-hand frame, the initial conditions are 
shown, while the remaining frames (to the right and 
then downwards) are spaced at unit increments in time 
starting from t = 5 and ending at t = 15. By t=6, the 
two positive vortices begin to merge (they are separated 
by only a thin channel of irrotational fluid). Thereafter, 
the flow grows rapidly in complexity, as many filaments 
are generated and small vortices roll up at the tips of 
some of the filaments. Notably, the negative vortex does 
not distort significantly, but merely acts to bring the two 
positive vortices together. 

The complexity just illustrated is typical of many 
vortex interactions. An accurate, robust numerical 
method must be able to capture this generic behavior, 
at least over time scales when the flow is reasonably 
predictable. To see how well the current method 
performs, we next examine how the results vary with 
spatial resolution. Two additional simulations were 
performed at half and double the average point spacing 
used in Figure 1. The results are compared in Figure 2 at 
the final time, t = 15, when the numbers of nodes in the 
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Figure 1. The collapse of three vortex patches. The initial 
condition is shown in the upper left frame. Time proceeds 
to the right and downwards in increments of one unit, from 
t=S to t=15. The window of view is —5.0<x <5.0 
and —5.8< y <4.2. The negative vortex is rendered with a 
short-dashed line (with a dash between each node), while the 
positive vortices are rendered with a continuous solid line. 











Figure 2. Comparison, at f= 15, of three contour dynamics 
simulations of vortex collapse. Resolution increases from left to 
right, doubling between each frame (the node spacing parameter 
is u = 0.12, 0.06, and 0.03, and the large-scale length L = 1 inall 
cases; consult Dritschel (1989) or Dritschel & Ambaum (1997) 
for further details). The domain of view is the same as used in 
the previous figure. 


three simulations are, from low to high resolution, 2740, 
10,738 and 27,297 (at t= 0, the numbers of nodes are 
183, 349, and 682). Note the cutoff scale 5 = 0.000225, 
0.0009, and 0.0036 in the three simulations—there is 
a factor of 4 difference in 5 between resolutions. The 
agreement is striking even in the detailed structure. 
The most visible differences show up in the lengths 
of the filaments, which are removed more readily at 
low resolution. These filaments, however, contribute 
negligibly to the velocity field, and retaining them 
makes little difference to the evolution of the flow. 
Contour dynamics has since been applied in a variety 
of diverse fields. Its largest growth has occurred in 
the field of atmospheric and oceanic dynamics, where 
the potential vorticity plays the role of the materially 
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conserved tracer q often to a very good approximation 
(Hoskins et al., 1985). Indeed, its application to this 
field is on a much sounder footing than it is to the fields 
it was originally developed for: plasma physics and 
aeronautics. The two-dimensional approximation is a 
particularly severe one in aeronautics, since real flows 
do not preserve two-dimensional symmetry, unless 
constrained in some manner. In the atmosphere and 
Oceans, rotation and stratification serve to constrain 
the flow to be two dimensional, or more appropriately, 
layerwise two dimensional, and furthermore one may 
extend contour dynamics to study such flows (indeed, 
the equations are formally no different than given those 
by (12); see (Dritschel, 2002)). 

Finally, the use of contours to carry out tracer 
advection—the fast and accurate part of contour 
dynamics—has been combined with more traditional 
approaches of computing the velocity field (the in- 
version step) to produce a particularly fast, ac- 
curate, and versatile numerical method called the 
contour-advective semi-Lagrangian (CASL) algorithm 
(Dritschel & Ambaum, 1997; Dritschel et al., 1999; 
Dritschel & Vitidez, 2003). This latest development al- 
lows the extension of the contour approach to much 
more realistic sets of equations, and has significantly 
widened the applicability of the original contour dy- 
namics method. 

Davin DritsCHEL 


See also Chaotic advection; Euler-Lagrange equa- 
tions; Vortex dynamics of fluids 
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CONTROL PARAMETERS 


See Bifurcations 


CONTROLLING CHAOS 


It may seem paradoxical that chaotic systems—which 
are extremely sensitive to the tiniest fluctuations— 
can be controlled; yet, the earliest reference to 
this idea appears around 1950, when John von 
Neumann presaged just that. Nowadays, laboratory 
demonstrations of the control of chaos have been 
realized in chemical, fluid, and biological systems, 
and the intrinsic instability of chaotic celestial orbits 
is routinely used to advantage by international space 
agencies who divert spacecraft to travel vast distances 
using only modest fuel expenditures. 

A variety of techniques for chaos control has been 
implemented since around 1990 when the first concrete 
analyses appeared, including traditional feedback 
and open-loop methods, neural network applications, 
shooting methods, Lyapunov function approaches, and 
synchronization to both simple and complex external 
signals. These techniques resolve the paradox implied 
by chaos control in different ways, but they all make 
use of the fact that chaotic systems can be productively 
controlled if disturbances are countered by small 
and intelligently applied impulses. Just as an acrobat 
balances about an unstable position ona tightrope by the 
application of small correcting movements, a chaotic 
system can be stabilized about any of an infinite number 
of unstable states by continuous application of small 
corrections. 

Two characteristics of chaos make the application 
of control techniques even more fruitful. First, chaotic 
systems alternately visit small neighborhoods of an 
infinite number of periodic orbits. The presence of an 
infinite number of periodic orbits embedded within a 
chaotic trajectory implies the existence of an enormous 
variety of different behaviors within a single system. 
Thus, the control of chaos opens up the potential for 
tremendous flexibility in operating performance within 
a single system. 

As an example, Figure | depicts the Lorenz attractor, 
used to model fluid convection. Embedded within the 
gray attractor are innumerable periodic orbits, such 
as the solid figure-8 orbit and the more complicated 
dashed one. For practical systems such as chemical 
reactors or fluidized beds, the presence of multiple 
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Figure 1. Left: Lorenz attractor with two of its embedded unstable periodic orbits highlighted. Right: unstable points P; and P2 in the 
surface of section indicated. The unstable direction is denoted by outgoing arrows, and stable direction is denoted by ingoing arrows. 


co-existing states implies that one chaotic system could 
be operated in multiple different states, thus potentially 
performing the function of several separate units. 

A second characteristic of chaos that is important for 
control applications is the exponential sensitivity of the 
phenomenon. That is, the fact that the state of a chaotic 
system can be drastically altered by the application of 
small perturbations means two things: such a system if 
uncontrolled can be expected to fluctuate wildly, and 
if controlled can be directed from one state to a very 
different one using only very small controls. 

Traditional feedback control remains among the 
most widely used methods of control for chaotic sys- 
tems. To implement feedback control, one waits until a 
chaotic trajectory by chance lands near a desired peri- 
odic point and then applies small variations to an acces- 
sible system parameter in order to repeatedly nudge the 
trajectory closer to that point. As an example, consider 
the plot to the right in Figure 1, where we depict two 
periodic points as they appear on a “surface of section” 
formed in this case by recording every intersection be- 
tween the Lorenz chaotic attractor and the half plane, 
Z=0, X > 0. To control the state to remain near point 
P» (so the trajectory stays near the figure-8 trajectory 
shown to the left), one needs to apply variations in a 
parameter, p, that directs the state toward P2 along the 
unstable direction (or directions in more complicated 
problems) indicated by outgoing arrows in Figure 1. 
One can establish the direction in which a parametric 
control moves the chaotic state either experimentally, 
by varying the parameter and recording the future vari- 
ation of the system state, or analytically, by determining 
the Jacobian of the flow or mapping where available. 
Nudging the state closer to P2 amounts to what is termed 
“pole placement” in traditional control literature, and 
numerous reports of alternative strategies for selecting 
parameter variations appear in the literature. Strategies 
include simple pole placement, optimal control, neural 
network approaches, simple proportional control, pe- 
riodic forcing, and control dependent on the distance 
from P2. Most of these strategies have proven success- 
ful under appropriate conditions, and the choice of strat- 





egy depends principally on details of the control goal 
required and the computational resources available to 
meet that goal. 

All of these strategies require that the system state 
must lie close to the desired state in order to achieve 
control. In such a case, the system dynamics can 
be linearized, making control calculations rapid and 
effective. Fortunately, in chaotic systems, one can rely 
on ergodicity to ensure that the system state will 
eventually wander arbitrarily close to the desired state. 
By the same token, if it is desired to switch the system 
between one accessible state (say P;) and a second (say 
P2), one can merely release control from P; and re- 
apply a new control algorithm once the system strays 
close to P2, which it is certain to do by ergodicity. 

In higher-dimensional or slowly varying systems, 
the time taken for the state to move on its own from one 
state to another can be prohibitive, and for this reason 
fully nonlinear control strategies have been devised that 
use chaotic sensitivity to steer the system state from 
any given initial point to a desired state. Since chaotic 
systems amplify control impulses exponentially, the 
time needed to steer such a system can be quite 
short. These strategies have been demonstrated both 
in systems in which a large effect is desired using 
very modest parameter expenditures (energy or fuel) 
and in systems in which rapid switching between 
states is needed (computational or communications 
applications). 

On the other hand, in both linear and nonlinear 
control approaches, one needs to repeatedly re-apply 
control over a time that is short compared with the 
inverse of the fastest growing growth rate of the 
system in order to counter the potential amplification 
of ubiquitous noises. Computational and experimental 
analyses have demonstrated that this is readily done in 
typical chaotic systems and that control can be robustly 
achieved. Because large but rare noise events can occur, 
however, controlled states occasionally break free when 
the system encounters an anomalous large noise. In this 
case, bounds have been established for the frequency 
and duration of these noise-induced excursions. 


COSMOLOGICAL MODELS 


Numerous biological control applications have been 
proposed since the first introduction of the notion 
of chaotic control. Among the first applications were 
studies of intrinsic nonlinear control mechanisms 
involved in autonomic and involuntary functions such 
as the regulation of internal rhythms and the control of 
gait and balance. These studies confirm that nontrivial 
control algorithms are involved in the maintenance 
of normal physiological function and that provocative 
insights into pathological conditions can be gained 
(such as cardiac and breathing arrythmias and motor 
tremor). Further work has shown that networks of 
chaotic devices, under prescribed conditions, can be 
brought into synchronization, and strong indications 
have been presented that neuronal signaling may rely 
on nonlinear synchronization. Additional experimental 
studies are promising for the control of unwanted 
fluctuations (e.g., during fibrillation of the heart) or 
for the so-called “anticontrol” of synchronized periodic 
signals in focal epilepsy. In both studies, the goal is to 
use feedback control methods to steer a diseased organ 
using small electrical stimulation: in the former state, 
toward a stabilized state, and in the latter, away from a 
synchronized state. 

Troy SHINBROT 


See also Chaotic dynamics; Feedback; Lorenz 
equations 
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COSMOLOGICAL MODELS 


Relativistic cosmology—the science of the structure 
and evolution of the universe—is based on the building 
and investigation of cosmological models (CMs), 
which describe geometrical properties of physical 
space-time, the matter, composition and structure of 
the universe, and physical processes at different stages 
of the universe’s evolution. Prominent in cosmology 
is the hot big bang CM, which is based on solutions 
of Alexander Friedmann’s cosmological equations 
for homogeneous isotropic models deduced in the 
framework of Einstein’s general relativity theory (GR). 
Because of its large-scale structure (galaxies, clusters 
of galaxies, etc.), the universe is homogeneous and 
isotropic only on the largest scales from 100 Mpc. (The 
pc or parsec is an astronomical unit of distance equal to 
3.2616 light years; thus, an Mpc is 3.2616 million light 
years.) 

The most important feature of Friedmann’s CM is 
its nonstationary character, which was confirmed by 
Edwin Hubble’s discovery of cosmological expansion 
in 1929. In this formulation, the geometrical properties 
of physical space depend on the value of energy density 
p relative to a critical density 


3G 
Perit = 82G" (0) 
where Hp is the expansion rate (Hubble parameter) 
at the present epoch and G is Newton’s gravitational 
constant. If Q = p/Pcrit = 1, the 3-space is flat; if Q > 1, 
3-space possesses positive curvature and if Q<1, 
3-space possesses negative curvature. Corresponding 
CMs are flat, closed, and open CM, respectively. 

All Friedmann CMs have a beginning in time (or 
cosmological singularity), where energy density and 
curvature invariants diverge. Their evolutions depend 
on properties of matter. In the case of ordinary matter 
with a positive energy density and a nonnegative 
pressure, the evolution of flat and open models 
has the character of expansion, and closed models 
recollapse after an expansion stage. The assumption 
that the temperature was very high at the initial 
stage of cosmological explanation (hot CM) was 
confirmed by the discovery of the cosmic microwave 
background (CMB) radiation in 1965, with a present 
epoch temperature of about T = 2.7K. The theory of 
nucleosynthesis of light elements (hydrogen, helium, 
deuterium, lithium, etc.) into the first few minutes of 
cosmological expansion based on the framework of the 
hot big bang CM is in accord with empirical data. 

Advances in both theory and technology during 
the last 20 years have launched cosmology into a 
most exciting period of discovery. By using precise 
instruments (telescopes, satellites, spectroscopes), 
several cosmological research programs are being 
carried out, including investigations of the anisotropy 
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of CMB and supernovae observations. Cosmological 
observations have not only strengthened and expanded 
the hot big bang CM but they have also revealed 
surprises. 

Recent measurements of the anisotropy of the CMB 
have provided convincing evidence that the spatial 
geometry is very close to being uncurved (flat) with 
Q= 1.0 + 0.03. The currently known components of 
the universe include ordinary baryonic matter, cold dark 
matter (CDM), massive neutrinos, the CMB and other 
forms of radiation, and dark energy. The sum of the 
values for these densities derived empirically is equal 
to the critical density (to within their margins of error). 
The largest contributions to energy density are from 
two components—CDM and dark energy. About 30% 
of the total mass-energy is dark matter, composed of 
particles probably formed early in the universe. Two 
thirds is in smooth dark energy whose gravitational 
effects began causing the expansion of the universe to 
speed up just a few billion years ago. The remarkable 
fact that the expansion is accelerating can be accounted 
for within GR, as the source of gravity is proportional 
to (9 +3p), where the pressure p and energy density 
p describe the bulk properties of “the substance.” A 
substance with pressure more negative than one-third 
its energy has repulsive gravity in GR. Such a situation 
occurs, for example, for gravitating vacuum (positive 
cosmological constant), for which p = — p. 

In addition to breakthrough empirical observations, 
creative theoretical ideas are also driving progress in 
cosmology. The development of cosmology during 
the last 20 years shows that profound connections 
exist between the elementary particles on the smallest 
scales and the universe on the largest. Using unified 
gauge theories of elementary particles, an inflationary 
scenario was formulated, which resolves a number of 
problems of standard Friedmann cosmology: flatness 
and the problem of horizon, among others. According 
to inflation, small bits of the universe underwent a 
burst of expansion when the universe was extremely 
young, explaining the homogeneity and isotropy of the 
universe at initial stages of cosmological expansion. 
Based on the framework of an inflationary CM, the 
appearance of quantum fluctuations with a nearly 
scale-invariant distribution by transition to radiation- 
dominated era was predicted, explaining the large scale 
structure of the universe. 

The inflationary CM as well as others discussed 
above are singular, which is an outstanding problem of 
GR. Assuming that the Planck era (when the universe 
was sufficiently dense to require a quantum mechanical 
treatment) existed, some quantum gravitation theory is 
necessary to construct a regular CM. At present, the 
superstring theory is a candidate for such a theory. 

Some regular CMs have been constructed in a “brane 
world,” under which our universe is thought to exist as 
a slice (or membrane) through a higher-dimensional 
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space. By using scalar fields with a negative potential, 
a solution for an oscillating CM was obtained; thus, the 
Big Crunch takes place in such models before Big Bang. 
Resolving the problem of cosmological singularity 
requires that the gravitation theory not only admits 
regular solutions for CM but also excludes singular 
solutions. This suggests gauge theories of gravitation 
(Poincaré gauge theory or metric-affine gauge theory), 
leading to regular bouncing solutions for CMs. 

The building of more realistic CMs requires the 
resolution of fundamental cosmological problems. 
According to present knowledge, our universe is flat 
and 13 Gyr old, and it is expanding at the current rate 
of Ho =72 + 8km sec7! Mpc~!. Measurements of 
the past rate reveal that the universe is presently in 
a period of cosmic acceleration. The contribution of 
ordinary matter to the overall mass energy is small, 
with more than 95% of the Universe existing in new 
and unidentified forms of matter and energy. What is 
the composition of dark matter (axions, neutralinos, 
or other exotic particles)? What is the nature of dark 
energy (quantum vacuum energy or scalar fields)? What 
is the field that drives inflation? Answers to these 
and other questions will change the picture presented 
above. 
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CONVECTION 


See Fluid dynamics 


CONVECTIVE INSTABLITY 
See Wave stability and instability 


CORRELATION DIMENSION 


See Dimensions 


CORRESPONDENCE PRINCIPLE 


See Quantum nonlinearity 
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COUPLED MAP LATTICE 

Originally introduced in the study of spatiotemporal 
chaos, the coupled map lattice (CML) can be presented 
as a dynamical model for the evolution of a spatially 
extended system in time (Kaneko, 1983). CMLs have 
been widely used, not only as a tool for the study of 
spatiotemporal chaos but also for pattern dynamics in 
physics, chemistry, ecology, biology, brain theory, and 
information processing. 

A CML is a dynamical system with discrete time 
(map), discrete space (lattice), and a continuous state. 
It consists of dynamical elements on a lattice, which 
interact (are coupled) with suitably chosen sets of other 
elements. 

The construction of a CML is carried out as 
follows. First, choose a (set of) field variable(s) on a 
lattice. This (set of) variable(s) is on a macroscopic, 
not a microscopic level. Second, decompose the 
phenomenon of interest into independent units (e.g., 
convection, reaction, diffusion, and so on). Third, 
replace each unit by simple parallel dynamics 
(procedure) on a lattice, where the dynamics consists 
of a nonlinear transformation of the field variable at 
each lattice point and/or a coupling term among suitably 
chosen neighbors. Finally, carry out each unit dynamics 
(procedure) successively. 

As a simple and widely used example, consider 
a phenomenon that is created by a locally chaotic 
process and by diffusion, and choose a suitable lattice 
model on a coarsegrained level for each process. As the 
simplest choice, we can adopt some one-dimensional 
map for chaos, and a discrete Laplacian operator for 
the diffusion. The former process is given by x), (i) = 
FS (Xn@)), where x, (7) is a variable at time n and lattice 
sitei,(i = 1,2,..., N), whereas x/ (i) is introduced as 
the intermediate value. The discrete Laplacian operator 
for diffusion is given by 


xnsi(i) = (1 —e)x4 (i) 
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(Compuning the above two processes, the CML is given 
y 
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The mapping function f(x) is chosen to depend on 
the type of local chaos. For example, one can choose 
the logistic map, f(x) =rx(1 — x), as a typical model 
for chaos. As the map dynamics are well studied, 
dynamical systems theory can be applied to understand 
behaviors of the CML. 

By adopting different procedures, one can construct 
models for different types of spatially extended 
dynamical systems. For problems of phase transition 
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dynamics, it is useful to adopt a map with bistable 
fixed points (e.g., f(x) = tanh x) as a local dynamics. 
The choice of a different type of coupling, as well 
as the extension to a higher-dimensional space is 
straightforward. By changing the procedures in the 
CML, one can easily construct a model for dynamical 
phenomena in space-time. Examples include spinodal 
decomposition, crystal growth, boiling, convection, and 
cloud dynamics, among others. 


Universality Classes of the Phenomena 


Phenomena found in one CML are often observed in a 
wide variety of systems, and they form a universality 
class common to such systems. CMLs thus work as 
a tool to predict novel phenomenology forming such 
qualitative universality classes. 

In the model of Equation (1), the following phenom- 
ena have been discovered: (i) spatial bifurcation and 
frozen chaos, (ii) spatiotemporal intermittency (STD, 
(iii) Brownian motion of chaotic defects, and (iv) global 
traveling wave by local phase slips. These phenomena 
are observed in a wide variety of systems, including ex- 
periments. In particular, STI is now regarded as a uni- 
versal route to fully developed spatiotemporal chaos. 
In fully developed spatiotemporal chaos, statistical me- 
chanics theory is developed by taking advantage of the 
discreteness in spacetime. 

If one adopts a two-dimensional lattice system, spiral 
pattern dynamics are often observed. For example, by 
taking a local map with an excitable state, the formation 
of spiral waves is studied, including turbulence due to 
the break-up of a spiral wave pair. Such a model is 
studied in relation to the pattern dynamics in reaction- 
diffusion systems as well as wave propagation in 
cardiac tissue. 

Another straightforward extension is a spatially 
asymmetric coupling. In an open fluid flow, for 
example, there is coupling from up-flow to down-flow, 
instead of the diffusion. The CML x,41(i) = (1 —) 
fn) + €f (xn(i)) gives a prototype model for such 
a case. In this open flow system, it is important 
to distinguish absolute instability from convective 
instability. If a small perturbation against a reference 
state grows in a stationary frame, it is called “absolute 
instability,’ while if the perturbation grows only in 
a frame moving with a specific velocity, it is called 
“convective instability.” This convective instability 
leads to spatial bifurcation from a homogeneous state 
to down-flow convective chaos. 


Globally Coupled Maps with 

Applications to Biology 

An extension of CML to global coupling is interesting, 
and often important for biological problems. Thus a 
globally coupled map (GCM) was introduced as a 
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mean-field-type extension of a CML, written as 


Xn41G) = A — €) f@n() 


N 
+(€/N) > fGn(A)). (2) 
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One important notion here is clustering. The ele- 
ments split into several clusters, within which all the 
elements oscillate in synchronization. Depending on 
the numbers of clusters in the GCM, there are 
phase transitions among a coherent phase, an ordered 
phase, a partially ordered phase, and a desynchronized 
phase, as the parameter describing the nonlinearity in 
J (x) is increased. In the partially ordered phase, there 
are many attractors with different numbers of cluster- 
ings and with a variety of partitions. Dynamically, the 
system spontaneously switches between ordered states 
through disordered states, known as chaotic itinerancy. 
In the desynchronized phase, nontrivial collective mo- 
tion is observed with some hidden coherence among 
elements. This demonstrates the existence of macro- 
scopic chaos different from microscopic chaos repre- 
sented by each map x,41 = f(x,). This observation 
may shed new light on the origin of collective behavior 
by an ensemble of cells, such as an electroencephalo- 
gram (EEG) in the brain. 

Often, a biological system has both internal 
dynamics and interactions. Chemical dynamics in a 
cell includes both intra-cellular reactions associated 
with gene expressions and cell-cell interactions. Since 
a CML or GCM is a model for such intra-inter 
dynamics, the concepts developed in this area will be 
relevant to biological problems. For example, clustering 
leads to differentiation of the states of elements. The 
theory for cell differentiation and robust developmental 
process may be based on this dynamic differen- 
tiation. 

KUNIHIKO KANEKO 
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COUPLED OSCILLATORS 


The simplest coupled oscillator is a pair of linearly 
coupled harmonic oscillators, which is used as a model 
for a wide variety of physical systems—including the 
interactions of musical instruments and tuning forks, 
lattice vibrations, electrical resonances, and so on— 
in which energy tunnels back and forth between two 
sites at a difference (beat) frequency. If there are 
many elementary oscillators that are nonlinear, coupled 
systems exhibit more varied nonlinear phenomena. 
There are two types of coupled nonlinear oscillators: 
those described by Hamiltonian (energy-conserving) 
dynamics, and systems in which energy is not 
conserved. In addition to coupled pendula, examples 
of the first kind include the Fermi-Pasta—Ulam model 
and the Toda lattice. 

Coupled nonlinear oscillators that do not conserve 
energy can be viewed as coupled limit cycle oscillators. 
A limit cycle oscillator (also called a self-sustained 
oscillator) is described as an attractor in a dissipative 
dynamical system. A typical dissipative dynamical 
system that exhibits a limit cycle oscillation is van 
der Pol’s equation 





e(1—x’) aa wx =0 (1) 
in which the character of the oscillation varies 
from sinusoidal and energy-conserving to a strongly 
dissipative (blocking or relaxation) oscillation through 
the variation of a parameter (¢) from zero to large values 
(van der Pol, 1934). 

Among the varieties of limit cycle oscillators, the 
behavior of a quasilinear oscillator (small ¢) can be 
expressed by a sinusoidal wave, x(t) = A sin(wt + go). 
The wave shape of a relaxation oscillator (large ¢), 
on the other hand, is composed of alternating fast and 
slow motions, similar to the spikes and slow recovery 
motions in a firing neuron, and stick-slip oscillations in 
frictional motions. 

Although the limit cycle oscillation has a certain 
natural amplitude and frequency, the phase variable, 
for example, ¢ = wt + ¢o for a quasilinear oscillator, 
is a neutral mode, sensitively perturbed by an external 
force. If the external force is periodic with a frequency 
close to the natural frequency of the limit cycle 
oscillator, the phase of the limit cycle oscillator tends to 
approach the phase of the external periodic force. If the 
external force is sufficiently strong, the phase difference 
Ad (t) = b(t) — be (t) between the limit cycle oscillator 
and the external force is fixed. This phenomenon— 
termed phase or frequency locking—occurs more easily 
when « is large, the frequency of the limit cycle 
oscillator is close to that of the external force, and the 
coupling (K) is large. 

Regions in the (w, ¢, K) parameter space where 
frequency locking is observed are termed “Arnol’d 
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Figure 1. Frequency distribution P(q) (a) in an asynchronous 
state for K < K. and (b) ina mutually entrained state for K > Ke. 


tongues” owing to their peculiar shape. The frequency 
ratio between the limit cycle and the external force is 
1:1 in the above frequency locking. In general, n:m 
frequency lockings are possible, where n and m are 
small integers. 

For a collection of coupled limit cycle oscillators 
with slightly different natural frequencies, frequency 
locking (called mutual entrainment) also occurs, as 
was first observed by Christiaan Huygens in the 17th 
century. He found that the motions of pendulum clocks 
suspended from the same wooden beam come to 
coincide with each other perfectly. Nobert Wiener 
analyzed such systems in the 1950s, showing that 
the power spectrum of the waves should have a 
peak close to 10Hz, and he inferred that a similar 
shape of the power spectra of electroencephalogram 
(EEG) is due to mutual entrainment in coupled neural 
oscillators (Wiener, 1958). Buck and Buck reported 
that rhythmical flashes of South Asian fireflies were 
mutually synchronized (Buck & Buck, 1976). 

Mutual entrainment of coupled limit cycle oscilla- 
tors has been studied by Winfree (2000) and also by 
Kuramoto, who considered a coupled phase oscillator 
model, noting the neutrality of phase variables (Ku- 
ramoto, 1984). The simplest model with global cou- 
pling has the form 


ek 
dé: = 0; + 2 sing; — gi), (2) 


j=l 


where ¢; and q; represent the phase and the natural 
frequency of the ith oscillator, N is the total number of 
oscillators, and K is a coupling constant. 

For K <K¢., the motion of each oscillator is 
independent and the frequency of the ith oscillator is the 
same as w;. However, for K > Ke, collective oscillation 
appears and a number of oscillators are entrained to 
the collective oscillation. Figure 1 displays a typical 
frequency distribution for K < K, and K > Ke. The 
6-function peak in the frequency distribution implies 
mutual entrainment and a depression is seen around 
the deserved frequency for K > Kg. 

The Josephson junction is a quantum device 
composed of two weakly coupled superconductors. 
With the current bias current below a critical value, 
the superconducting current flows without a voltage 





drop. If the bias is above the critical current, the 
phase difference (¢) between the Josephson junction 
is not constant in time, and the voltage drop (V) 
between the Josephson junction equals ig = 2 eV. This 
is called the AC Josephson effect. Thus the Josephson 
junction behaves as a kind of limit cycle oscillator above 
the critical current. If microwaves with frequency wo 
are applied to the Josephson junction, n: 1 frequency 
locking occurs, and the voltage becomes V = nhwo/2e. 
With N Josephson junctions coupled in series, the total 
voltage across the array is given by V = Nnhao/2e. 
Such series arrays are currently used to establish 
the international standard of voltage (See Josephson 
junction arrays). 
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COUPLED SYSTEMS OF PARTIAL 
DIFFERENTIAL EQUATIONS 

Coupled systems of nonlinear partial differential equa- 
tions (PDEs) are often derived to simplify compli- 
cated systems of governing equations in theoretical 
and applied sciences (Engelbrecht et al., 1988). Non- 
linear electromagnetic theory, fluid dynamics, and 
systems in general relativity are difficult computa- 
tional problems even with the help of numerical al- 
gorithms and the latest computer technologies. Us- 
ing additional assumptions on properties of nonlin- 
ear wave processes in physical systems, however, one 
can derive coupled systems of nonlinear PDEs from 
the original governing equations, which simplify the 
analysis. 

The main effects of nonlinear waves (such as non- 
linearity, dispersion, diffraction, diffusion, damping 
and driven forces, and resonances) can be described 
with coupled nonlinear PDEs. Such systems may ex- 
hibit simple solutions such as traveling solitary waves 
and periodic waves, and some can be solved with 
the inverse scattering transform methods. Coupled 
systems comprise various combinations of nonlinear 
evolution equations that describe long solitary waves 
(Korteweg-de Vries and Boussinesq equations), enve- 
lope waves (nonlinear Schrodinger equations), kinks 
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and breathers (sine-Gordon equations), and traveling 
fronts and pulses (reaction-diffusion systems). Here, 
we present a few examples. 

Long surface water waves occur in oceans, seas, 
and lakes. The tsunami wave (Bryant, 2001) is an 
example of a nonlinear surface wave that arises 
following underwater earthquakes or underwater 
volcano eruptions and may reach heights of 20-30 m 
as it comes ashore. Because tsunamis are as long as 
tens and hundreds of kilometers, the ocean can be 
considered as shallow for such waves. This shallow- 
water approximation reduces the Euler equations for 
water waves to the Boussinesq system of coupled PDEs 
(Whitham, 1974): 


uy + uy + gn — (3 /3)uixx = 0, 
m + hux + nuy + un, = 0, 





where n=n(x,t) is the wave surface elevation, 
u=u(x,t) is the horizontal velocity, h is the water 
depth, and g is the gravitational acceleration. 

The linear Boussinesq equation takes the form of 
the wave equation: ni; — C nex =0, which exhibits a 
two-wave solution n= f(x —ct)+g(x+ct), where 
f(x), g(x) are arbitrary functions and c = ./gh is the 
wave speed. When the two waves are separated in 
space, small nonlinearity and dispersion are captured in 
the unidirectional Korteweg-de Vries (KdV) equation 
(Johnson, 1997): 


3 ch? 
1 t c(1 t st) t 6 Nxxx 0. 


Different modes of long weakly nonlinear waves may 
travel with the same speed, exchanging energy by 
means of wave resonances. Because ocean water is 
stratified in density and shear flow, gravity waves 
can propagate along internal interfaces of the ocean 
stratification. Resonant interaction of internal wave 
modes in stratified shear flows is described by the 
system of coupled KdV equations (Grimshaw, 2001): 











Ur + Aux + B(u)uxy + Curxx = 0, 


where A, B(w), C are matrices and u= u(x, ft) is the 
vector for amplitudes of different internal wave modes. 

Optical pulses may consist of electromagnetic waves 
in optical fibers, waveguides, and transmission lines. 
The propagation of optical pulses due to a balance 
between nonlinearity and dispersion is based on the 
paraxial approximation of the Maxwell equations 
with nonlinear refractive indices. This perturbation 
technique results in the nonlinear Schrédinger (NLS) 
equation (Newell & Moloney, 1992): 


iv, + 40" (ko) Vex + yko WP? = 0, 


where y = w(x, ft) is the envelope amplitude of a wave 
packet with the carrier wave number ko. Depending 


on the relative signs of the dispersion coefficient 
ow" (kg) and the nonlinearity coefficient y (ko), wave 
perturbations are focused or defocused in the time 
evolution of the NLS equation. Interactions between 
waves with two orientations of polarization (yy and yy, 
with propagation in the x-direction) can be represented 
in a normalized form as 


Wy + Wy xx + Udy? + [Wel vy = 0 
iWon + Weve +My? + Wel) Wz = 0. 











These are a pair of coupled NLS equations that 
are integrable by the inverse scattering transform 
method and display vector solitons (Manakov, 1974). 
Under collisions, the polarization vectors of two vector 
solitons change. 

In wavelength-division-multiplexing optical sys- 
tems, optical signals are transmitted through parallel 
channels at different carrier wave numbers (up to 40 
channels in latest communication lines). Incoherent in- 
teraction of optical pulses at nonresonant frequencies 
is described by the system of coupled NLS equations 
(Akhmediev & Ankiewicz, 1997): 


iW, + DWyy + EUW) = 0, 


where D and E(|w|2) are matrices and w = w(x, t) is 
the vector for optical pulses in different channels. If 
the coupling between optical pulses is coherent (as in 
birefringent fibers, waveguide couplers, phase mixers, 
and resonant optical materials), the system of coupled 
NLS equations takes a general form: 


it, FAV HiBY, HiCW)h. + DY FEW) = 0. 


The coupled NLS equations describe phase-matching 
resonance in quadratic x? materials, gap solitons in 
periodic photonic gratings under Bragg resonance, 
Alfvén waves in plasmas, and other applications 
(Newell & Moloney, 1992). 

In conservative nonlinear systems, wave dynamics 
of small amplitudes occur typically in the neighborhood 
of local minima of potential energy. Wave oscillations 
in the system of nonlinear massive pendulums are 
described by the Frenkel—Kontorova dislocation model. 
In a continuous approximation, the Frenkel—Kontorova 
lattice model reduces to the sine-Gordon (SG) equation 
(Braun & Kivshar, 1998): 





it — C7 Pxx + sing = 0, 


where is the angle between a pendulum and the 
vertical axis in a mechanical model. The nonlinear 
pendulums swing on a rigid rod under the gravity 
force and couple to each other with elastic springs. 
More complicated models of molecular crystals and 
ferromagnetics in solid state mechanics, stacked 
Josephson contacts in superconductivity, and strings in 
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the general relativity theory are formulated as coupled 
systems of sine-Gordon equations (Maugin, 1999). The 
coupled Klein—Gordon equations take the form 


Pir — CPxx + F(Y) = 9, 


where C is a positive-definite matrix and f(g) is the 
nonlinear vector function of components of the vector 
9 =9(x,t). 

In more general systems, the energy of a nonlinear 
wave changes in time due to active and dissipative 
forces. The simplest system of this type is the nonlinear 
heat equation, which models the flame propagation 
(Zeldovich et al., 1985): 


uy = Duxx + fu), 


where u=u(x,t) is the temperature and D is 
the diffusivity constant. A complex form of the 
nonlinear heat equation (known as the Ginzburg— 
Landau equation) is derived for the amplitude of the 
most unstable wave mode (Newell & Moloney, 1992). 

Active and dissipative systems include typically 
pairs of coupled activators and inhibitors. Coupled 
activator-inhibitor equations, known as the reaction- 
diffusion systems, are derived from the governing equa- 
tions of thermodynamics in the form (Remoissenet, 
1999): 

U; = Cuy + Duyx + f(u), 


where C and D are matrices, and f(w) is a 
nonlinear vector function of components of the vector 
u= u(x,t). Reaction-diffusion systems exhibit static, 
traveling, and pulsating nonlinear wave structures such 
as fronts and impulses. Coupled reaction-diffusion 
systems include the FitzHugh—Nagumo and Hodgkin— 
Huxley equations for nerve impulses, ephaptic coupling 
among nerve impulses, and models of the global 
dynamics of heart. 

Dmitry PELINOVSKY 


See also Ephaptic coupling; Nonlinear optics; 
Reaction-diffusion systems; Sine-Gordon equation; 
Water waves 


Further Reading 


Akhmediev, N. & Ankiewicz, A. 1997. Solitons, Nonlinear 
Pulses, and Beams, London: Chapman & Hall 

Braun, O.M. & Kivshar, Yu.S. 1998. Nonlinear dynamics of the 
Frenkel-Kontorova model. Physics Reports, 306: 1-109 

Bryant, T., 2001. Tsunami: The Underrated Hazard, Cambridge 
and New York: Cambridge University Press 

Engelbrecht, J.K., Fridman V.E. & Pelinovski E.N., 1988. 
Nonlinear Evolution Equations, London: Longman and New 
York: Wiley 

Grimshaw, R. (editor). 2001. Environmental Stratified Flows, 
Boston: Kluwer 

Johnson, R.S. 1997. A Modern Introduction to the Mathematical 
Theory of Water Waves, Cambridge and New York: Cambridge 
University Press 

Manakov, S.V. 1974. On the theory of two-dimensional 
stationary self-focusing of electromagnetic waves. Soviet 
Physics, JETP, 38: 248-253 


179 


Maugin, G.A. 1999. Nonlinear Waves in Elastic Crystals, Oxford 
and New York: Oxford University Press 

Newell, A.C. & Moloney, J.V. 1992. Nonlinear Optics, Redwood 
City, CA: Addison-Wesley 

Remoissenet, M. 1999. Waves Called Solitons. Berlin and New 
York: Springer 

Whitham, G. 1974. Linear and Nonlinear Waves. New York: 
Wiley 

Zeldovich, Ya.B., Barenblatt, G.I., Librovich, V.B. & Makhvi- 
ladze, G.M. 1985. The Mathematical Theory of Combustion 
and Explosions. New York: Consultants Bureau 


CRITICAL PHENOMENA 


The term critical phenomenon is used synonymously 
with “phase transition,” which involves a change of one 
system phase to another and occurs at a characteristic 
temperature (called a transition temperature or a critical 
temperature: T,). There are several different kinds 
of phase transitions such as melting, vaporization, 
and sublimation, as well as solid-solid, conducting- 
superconducting, and fluid-superfluid transitions. In 
systems undergoing phase transitions, an emergence of 
long-range order is seen in which the value of a physical 
quantity at one arbitrary point in the system is correlated 
with its value at another point a long distance away. 

A classification scheme of phase transitions which 
remains the most popular was originally proposed by 
Paul Ehrenfest. According to this scheme, a transition 
for which the first derivative of the free energy with 
respect to temperature is discontinuous is called a first- 
order phase transition; thus, the heat capacity, Cp, at a 
first-order transition is infinite. A second-order phase 
transition is one in which the first derivative of the 
thermodynamic potential with respect to temperature is 
continuous, but its second derivative is discontinuous, 
so the heat capacity is discontinuous but not infinite 
at the transition. Near a second-order phase transition 
(due to the reduction of rigidity of the system), critical 
fluctuations dominate as their amplitudes diverge. 

A useful concept in analyzing phase transitions is 
that of a critical exponent. In general, if a physical 
quantity Q(T) either diverges or tends to a constant 
value (see Figure 1) as T tends to 7), it can be 
characterized by defining the reduced temperature ¢ as 





T —T, (1) 
é= ‘ 
Te 
The associated critical exponent is 
it 
w= lim In Qe) ; (2) 
e>0 Ine 


The most important critical exponents are denoted 
as a, B, y,5, v, and n and describe the specific heat, 
order parameter, isothermal susceptibility, response to 
an external field, the correlation length, and the pair 
correlation function, respectively. (See Table 1 where 
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Figure 1. The four generic behaviors near criticality. 
the primed exponents are introduced for temperatures 





below the critical temperature while the unprimed 
exponents are valid above the critical temperature.) 

The mean field approximation (Landau theory) 
describes the physics of phase transitions well except 
in the immediate vicinity of the critical point where 
order parameter fluctuations are large. It is assumed 
that close to T,, the free energy F can be expanded in 
a Taylor series of the order parameter yy. Introducing 
the reduced temperature ¢ as a control parameter, the 
simplest such expansion is (see Figure 2) 


F(T, V,W) = Fo taew? + Aav4, (3) 
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Figure 2. A prototype of second-order phase transitions 
according to Landau. 


where a>O and A4>0. Solving the equilibrium 
conditions for y yields y =0 for ¢ > 0 and 





vee == ae 0 (4) 
= Sa or ¢ <0, 
thus $B=0.5 is obtained. Calculating the 
entropy 
RRL ogee ee ee | 5) 
Op ee Ay Te 


where for ¢ > 0, S = So is the entropy of the disordered 
phase, which gives the specific heat as 


Gat aaa 97 2x0 (6) 
=F — € fe 
SAT 8 DART 

where for ¢ > 0, Cy=Co is the specific heat of the 
disordered phase. Hence, a discontinuity occurs at T, 
(see Figure 3). 


a 


~ DAgTe 





AC (7) 


Thus, a =0. 
Including in F an external field h coupled to y 


F = Fo+aew? + Agy* — hy (8) 
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Exponent Definition (liquid-vapor) Definition (magnetic) Specific heat at constant H 
Specific heat at constant volume 
a! Cy ~ (-e)~% Cy ~ (-e) 
a Cy~we* Cy~we 
Density difference Magnetization 
B pL ~ pg ~ (~e)P M ~ (—)P 
Isothermal compressibility Isothermal susceptibility 
y’ ep~ (=e) Xr seb 
Y kp er! xr~e’ 
Pressure-density critical isotherm Magnetic field-magnetization 
5 P — Pe~ |p ~ pal? A ~ Mi 
(T =Te) (T = Te) 
Correlation length Correlation length 
vf B~ (ey baraeY 
v E~e E~e 
Density—density pair correlation Spin-spin pair correlation 
n P(r) ~ |r|“) P(r) ~ |r|") 


Table 1. The definitions of critical exponents for liquid-vapor and magnetic systems. [The primed (unprimed) exponents are for 


temperatures below (above) T¢.] 
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Figure 3. Plots of S(T) and Cy(T) in the Landau model of a 
second-order phase transition. 


and minimizing F with respect to w yields an equation 
of state of the form 


h = 2Wlae + 2Ag? J. (9) 
Because the susceptibility x = dW/dh, we find 
x = [2ae + 12Aay?]1. (10) 


As w—>0 as T— Ty, the third exponent is y=1. 
At T =T,, the equation of state (9) simplifies to: 


h= 4Aaw, (11) 


and hence y~h!/3 giving 6=3. The quartic ex- 
pansion in the Landau model invariably leads to the 


classical critical exponents: a =0, 6B =0.5, y =1, and 
6=3. 

While the Landau theory cannot describe spatial 
fluctuations, following Ginzburg and Landau’s pro- 
posal, it can be extended to consider the free energy 
to be a functional: 


F(“@), T) 
= / PriAsy?+ Agyt—-hy+D(Vy)"] (12) 


where D describes the energy due to spatial inhomo- 
geneities. Applying a variational principle to F results 
in a nonlinear Klein—Gordon equation for the order pa- 
rameter 


h = 2Aow + 4Ag¥? — 2DV7v. (13) 


A linearized solution of Equation (13) in spherical 
coordinates is 


ho ewt/é 


aD r 





(14) 


where & ~ A, / is the correlation length that diverges 
as T — T, so that the critical exponent v = 0.5. Fourier 
transforming the order parameter according to 


WG) = 1-4? > Wel? (15) 


k<ko 


where d is the spatial dimensionality and the cutoff 
wavelength ky=A~! corresponds to the smallest 
periodicity, F becomes (for h = 0) 


F = )0 |Wel?(Ao+ DI?) 
k<ko 


+L SD Aad vie ita 4” (18) 


kkk! <ko 
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Ignoring mode-mode coupling provides the basis for 
a Gaussian approximation, where 


F = SO \Wel?(A2 + Dk’). (17) 
k<ko 


The Fourier transform of the correlation function is 
found as 


Tk) = L~4 / eH") < RW) > dF dr’ 
= (IWel?) = 542 + DIY! as) 


Therefore, as T— To, we find that T'(k)~k"-2 
with 7=O in the Gaussian approximation and also 
T(r)~r-“@~, Furthermore, the Gaussian approxi- 
mation introduces a new value of the specific heat crit- 
ical exponent a =2—d/2. 
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DAMPED-DRIVEN ANHARMONIC 
OSCILLATOR 

Many problems in engineering and the applied sci- 
ences are modeled by low-dimensional forced oscilla- 
tors. Examples include vibrating mechanical and struc- 
tural engineering systems (beams, bridges), marine 
systems (ships, oil platforms), electronic circuits and 
devices (Josephson junctions), as well as biological 
oscillators. While the linear behavior of such systems 
has long been well understood, the potential dynamics 
of nonlinear oscillators is far more complex and many 
open problems remain. 


Damped Nonlinear Pendulum 

Let us consider a mathematical pendulum and denote 
with 6 the angular displacement of the pendulum from 
the equilibrium (hanging down) position. The equation 
of motion for the oscillations of a damped nonlinear 
pendulum of unitary mass is 


a0 
dt? 





ina * sin(@) = 0, (1) 
where / is the length of the pendulum and g is 
the gravitational acceleration. This equation expresses 
Newton’s second law with the terms on the left-hand 
side, respectively, representing acceleration, damping, 
and gravitation. Equation (1) may be rewritten as two 
first-order equations: 


= o, 


—Nnw — 5 sin(@), (2) 


where w denotes the angular velocity. Then, one can 
use (6, w) as phase space coordinates. 

Fixed points: The dynamics of the nonlinear 
pendulum can be analyzed as trajectories in the phase 
space. The rest position 6 = w = 0is called a fixed point. 
It is easy to see that almost all phase space trajectories 
spiral into the fixed point at (0, 0). This is a linearly 
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stable fixed point, since if a small perturbation is made 
from the fixed point, the perturbation decays in time 
(exponentially for small enough perturbations). There 
is a second fixed point at (z, 0) corresponding to the 
pendulum pointing vertically up. The fixed point at 
(zr, 0) is linearly unstable because a small perturbation 
from this fixed point grows exponentially. Only very 
carefully tuned initial conditions will lead to a trajectory 
ending on the unstable fixed point, and almost all 
perturbations to the initial condition will lead to a 
trajectory that may approach close to the unstable fixed 
point, but eventually spirals into the stable fixed point. 
The (0, 0) fixed point is attracting, and in this case the 
basin of attraction, that is, the set of initial conditions 
leading to trajectories that approach the fixed point, 
is the whole phase space except for a set of zero 
measure. 

An example of a trajectory of system (2) converging 
towards the stable fixed point at (0,0) is shown in 
Figure 1. 


The Periodically Driven Damped Pendulum 


Let us now consider the nonlinear damped pendulum of 
Equation (1) when a harmonic driving force is applied. 
The equation of motion for the oscillations of a damped, 
sinusoidally driven nonlinear pendulum is 


do do. ij 

ae + Mae. + sin(@) = Ap cos(wpf), 
where Ap is the forcing amplitude and the angular 
velocity of the forcing, wp, may be different from the 
natural frequency of the pendulum. Note, with respect 
to Equation (1), that the time variable has been rescaled 
so that the period of small oscillations of the undamped 
and undriven pendulum is unity, and the (scaled) 
dissipation coefficient is now denoted by y. Physically, 
the situation corresponds to driving the pendulum, 
feeding in energy to resupply the energy dissipated. 


(3) 


Small-Amplitude Oscillations 
For small driving amplitudes, Ap, and assuming a small 
initial condition, one can approximate sin@ ~@ and 


184 








0.0 1.0 2.0 3.0 


Figure 1. Typical trajectory for the nonlinear pendulum of 
Equation (2). All initial conditions lead to an orbit spiraling into 
the fixed point at (0, 0). 
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Figure 2. If small driving is turned on (Ap = 0.1), the 
steady-state solution is a stable limit cycle. Note that, for 
simplicity, the transient dynamics are not shown. 


solve Equation (3) analytically: 

















A 
6 B cos(wpt + ®) 
(0-03)? + 0%, 
+Age”/? cos(wt + 90), (4) 
where 
2 
tan ® eu @ 1 ve. y <2 (5) 
(— ap) q 


while the constants Ag and ¢ depend upon the initial 
conditions (69, wo), that is, for t =0. 

Equation (4) describes the resonant response (the 
first term) oscillating at the applied frequency, together 
with decaying free oscillations (the second term), 
depending on the initial conditions. This kind of 
solution is called an attracting limit cycle. 

A typical limit cycle at this small amplitude, for 
Ap = 0.1, is shown in Figure 2 and is seen to be close to 
circular. From now on, although the transient may be 
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Figure 4. Chaotic attractor, for driving amplitude Ap = 1.15. 


quite complicated, only the asymptotic behavior, that 
is, the behavior of the attractors will be considered. 


Large-Amplitude Solutions 

What happens for large driving amplitudes? Here, 
there are no analytic solutions, and one must proceed 
numerically. To gain some intuition it is more 
convenient to view the dynamics in the phase space. To 
this end, Equation (3) may be converted to autonomous 
form by using three variables, as follows: 


6 = o, 
@ = —yw—sin(@)+ Apcos(p), (6) 
Op = op, 


where the phase of the driving, Op, has been introduced. 

If one increases the driving strength to Ap =0.9, 
a large-amplitude limit cycle is observed, as shown 
in Figure 3. This limit cycle bifurcates for increasing 
values of the driving strength according to the well- 
known period-doubling route to chaos, leading to a 
chaotic attractor for Ap = 1.09. 

Then, increasing the driving to Ap = 1.15 results in 
an even more irregular chaotic behavior, as illustrated 
in Figure 4. But, perhaps at first sight surprisingly, 
increasing the driving further, for example, to 
Ap = 1.35 gives periodic motion again. In this case, 
though, there is a drift along with the oscillation—the 
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pendulum is oscillating but also consistently rotating 
all the way around. 

In summary, numerical simulations show that both 
periodic and chaotic solutions of the driven damped 
pendulum are possible, depending on the particular 
choice of the system parameters. Chaos may indeed 
occur since the driven pendulum equation is equivalent 
to a three-dimensional nonlinear autonomous system. 
Note the contrast with linear theory, where a damped 
system driven periodically must eventually respond 
periodically. 

Gian Mario Maccio AnD Lyupco KocarEv 
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DARBOUX TRANSFORMATION 
From a historical point of view, the Darboux 
transformation is the specialization of a more general 
result due to Théodore Moutard. The prior result is of 
application in the classical theory of surfaces (Darboux, 
1887-96) and takes the following form. 

Let @o(x, y) be any particular integral of the 
hyperbolic partial differential equation 


dry +4, y) = 0, qd) 


q(x, y) being a given function. We may rewrite this 
equation in the form 


(Df Dy + DY Dy )p = 0, 2) 





where the Ds are differential operators, Dt =d,+ 
$5 Pou: Now let w(x, y) and (x, y) be functions 
satisfying the pair of first-order partial differential 
equations 


Dro = —Di wv, 
Dyo = Dy, (3) 
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then (1) is equivalent to the identity [Dy Dil =0. 
Alternatively, the identity [D>, D,]¢=0 yields an 
equation for yw, namely, ; 


ry + p(x, yb = 0, (4) 


where p(x, y)= q(x, y)+2(In@o)xy. The class of 
equations of form (1) is thus covariant under maps 
Hdy ? (0,9) > (W, p). 

The map 4g, is the Moutard transformation and 
its value lies in its relating, and generating, hyper- 
bolic equations integrable in finite terms (Darboux, 
1887-96). 

Darboux (1882) specialized this result to the 
case where (1) carries a symmetry, that is, where 
q(x,y)=Q(x+y) is a function of x+y only. 
Putting z=x-+y, z=x-—y and applying the stan- 
dard technique of separation of variables leads to 
(x, y) = exp(Az) ®(z, A) and the equation for ®, 


©, + O(z)@ =A. (5) 


Given a solution ®p to this equation with A = Ao, there 
is a corresponding ¢o(x, y) = exp(Aoz) Po(z, Ao) and 
after a simple, constant rescaling of @, Equations (3) 
become 


WY = (0, — 6)! ,)9, 
(A? — Ad)@ = (8, + O9! Do.) (6) 
and Equation (5) becomes 
Wt P@W HW, (7) 


Here P(z)= Q(z) + 2(In ®p).2. 

The map 5,,:(®, Q)r> (WY, P) is the Darboux 
transformation (DT). Note that it creates from the 
® equation one member of a family of equations 
depending on the free parameter Ao. 

Starting with Q=0 and a specific choice Ag 
for A, we may take ®p9=c; coshAg(z+c2). Then 
P(zj= 226 sech? Ag(z + cz) and so, from the trivial 
(“vacuum”) potential, the DT has generated a family 
of potential barriers involving the chosen Ao and a 
parameter of translation, c2, in the z-direction. 

The linear PDE (5) plays a crucial role in the Inverse 
Scattering Transform (IST). We suppose the potential 
Q to depend upon an additional parameter f (“time”): 
Q= Q(z, t). The pair of linear PDE (Lax pair), 


Lo® = 6, (8) 
Mo® = 2,9, (9) 
where Lg = 0? + Q and Mg = 403 + 604, + 3Q,, is 


integrable in the Cauchy sense provided Q satisfies the 
nonlinear PDE 


Or = O22 + 6O00z, (10) 
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namely, the Korteweg-de Vries (KdV) equation. 
This follows from the operator relation (Frobenius 
condition) 


Lot =[Mo, Lo) = MoLg—LoMg. (11) 


The DT, ¥=D® for D=4, +a, a=— 0)! ®p,, is 
seen to play the role of an intertwining operator: 


DLo = LpD, (12) 


and 
a,Y = MpW + {a, + DMg 





MpD}®. (13) 


Some calculation shows that the bracketed term is 
vanishing and we have the Lax pair 
LpW = 2u, (14) 
MpW = 0,¥, (15) 
in the DT transformed variables Y and P. Conse- 
quently, the transformed potential P will also satisfy 
the KdV equation (10). 
Returning now to the simple example above, ®o will 
satisfy Equation (9) with Q = 0, namely ®o, =4®0zz;, 
so that ®p =c; cosh(Agz + AMBt +c3) and the DT 


generates the traveling wave (1-soliton) solution to the 
KdV, 


P = 2) sech?(Agz + 4Ajf + €3)- (16) 


Imagine now that we wish to form a sequence of 
DTs. Starting with (5), we make a choice ®o, Ao to 
form (7) via (6). Now for (7) we choose V1, A; and use 


O = (0, — WW) 
to generate O, satisfying 
O., + R(z)O =170, 


where R= P+ 2(InW)-,. But since W; satisfies (6) 
with A = A, it can itself be constructed as 


Wy = Oi, — &)' Go), 


where ®, satisfies (5) with A = 4;. Then simple algebra 
yields formulae for © and R: 


-l Do D, ® 


R= 0+210(| Phan Ne (18) 


From the symmetry of these formulae under 
interchange of Ao and Aj, it follows that the order of 
composition of DTs is immaterial. The fundamental 
result of Crum (1955) is that, starting with n + 1 pairs 


Do 


O= 
Ps Pi; 
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(®;, 43), i=0,...,, associated with (5) one obtains 
the n-fold DT: 


8p ---dn(®, Q) = (Wo, ..., Pn) 
x W(®po,..., Pn, ®), O 
+2In W(®9,..., Pndec)s 
where W denotes the Wronskian function of its 


arguments. 

This result, when applied to a set of n single 
soliton solutions of the KdV, yields an explicit n-soliton 
solution. 

Generally speaking, a transformation of dependent 
variables that carries solutions of one DE to solutions 
of another is termed a Bécklund transformation (BT). 
The term Darboux transformation refers to the special 
case of linear equations. We have described above a 
DT for a Lax pair that gives rise to a BT for the KdV 
equation. 

For DTs of higher order, ordinary linear differ- 
ential equations have been developed. For such re- 
sults the intertwining property can be related to the 
factorization of differential operators, an approach to 
solvable Schrédinger potentials pioneered in quan- 
tum mechanics. This naturally leads to their alge- 
braic formulation in terms of D-modules. Moutard 
(sometimes called the Binary DT) and Darboux trans- 
formations have also been generalized to higher 
dimensions and utilized for solving associated ana- 
logues of the KdV with three independent variables, 
the Kadomtsev—Petviashvili, Novikov—Veselov, and 
Davey—Stewartson equations, to name but three. 

The double logarithmic derivative occurring in the 
expression of the DT transformed potentials is of 
fundamental importance in the bilinear theory of soliton 
equations originally due to Hirota. 

In the Hamiltonian theory of soliton equations the 
DT is seen to play the role of a canonical transformation. 

A comparatively recent application of DTs has 
been in the theory of integrable systems with discrete 
variables, that is, systems defined on lattices (Antoniou 
& Lambert, 2000). 

Finally, it should be remarked that the geometrical 
insights of Gaston Darboux, Luigi Bianchi, and their 
contemporaries are being rediscovered and developed 
within the modern theory of integrable systems and that 
Darboux and Moutard transformations are playing a 
key role in this resurgence (Rogers & Schief, 2002). 

There are a number of monographs where further 
details about DTs and BTs may be found, for exam- 
ple, Calogero & Degasperis (1982); Konopelchenko 
(1987); Matveev & Salle (1991); Rogers & Shadwick 
(1982). For more recent reviews of work in this area 
see Coley (2001). 

Curis ATHORNE 


See also Backlund transformations; Inverse sca- 
ttering method or transform 
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DAVEY-STEWARTSON EQUATION 


See Multidimensional solitons 


DAVYDOV SOLITON 


In 1972, a meeting was convened in order to search for 
the general principles that underlie biological processes 
such as muscle contraction, active transport, enzyme 
catalysis, and oxidative phosphorylation (Green, 1974). 
One of the main questions asked was whether there 
was a crisis in bioenergetics. While some participants 
disagreed that a crisis existed, others proposed solutions 
to the crisis. One solution was the “conformon” of 
Green and Ji, defined as the free energy associated 
with a localized conformational strain, which was to 
store and transport energy (Green, 1974, pp. 419-437). 
McClare’s paper, on the other hand, suggested that 
vibrational excited states and resonant energy transfer 
constitute a fundamental step in energy transduction 
in biological systems (Green, 1974, pp. 74-97). The 
main objection to McClare’s proposal was that the 
lifetime of vibrational excited states, thought to be in the 
subpicosecond time range, was considered too short for 
these states to be useful. Alexander Davydov’s model, 
proposed in connection with a mechanism for muscle 
contraction (Davydov, 1982), aimed to answer this 
objection. 


The Davydov Model 


The Davydov model describes energy transfer in 
the hydrogen-bonded spines that stabilize protein 
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a-helices: 


... H-N-C=O .-- H-N-C=O --- H-N-C=O --- 
n-1 n n+1 


The idea is that the energy liberated in the hydrolysis 
of adenosine triphosphate (ATP) creates up to two 
quanta of amide-I, an excited vibrational state in the 
peptide group that is essentially a stretching vibration 
in the C=O bond (Davydov, 1982). This vibration 
excitation propagates from one group to the next 
because of the dipole-dipole interaction between the 
groups. But it also interacts with the neighboring 
hydrogen bonds, leading to a deformation of the lattice 
and a lower energy state. This new state, which is 
constituted by an amide-I excitation and its associated 
hydrogen bond distortion, is the Davydov soliton. 
Structurally, the Davydov soliton is, in fact, a subtle 
local conformational change of the w-helix, similar to 
the conformon. 

Davydov’s Hamiltonian has three parts: 


a = Hex + Ain + Ayn, (1) 


where Hex, the exciton Hamiltonian, describes the 
transfer of an amide-I excitation between adjacent sites 


N 
Hex =—-V > [(ahan1 t+ afanyi)], — @) 


n=1 


—V being the dipole-dipole interaction energy between 
neighboring sites, @(G@n) the creation (annihilation) 
operator for a quantum quasiparticle (the amide-I 
excitation) at site n, and N being the number of sites 
(the peptide groups) in the lattice; Ayn, the phonon 
Hamiltonian, describes the vibrations of the peptide 
groups n in the one-dimensional chain: 


a 1 m , 
fin = 53> (iy — fit)? + 3 » @G) 


iy being the displacement operator from the equilib- 
rium position of site n, P, the momentum operator of 
site n, M the mass of each site, and « the elasticity con- 
stant of the lattice; Hint, the interaction Hamiltonian, 
describes the interaction of amide-I excitation with the 
motions of the lattice sites: 


N 
Hint =X > [(an41 — fin—1) Gian], (4) 
=1 


x being an anharmonic parameter arising from the 
coupling between the vibrational excitation and the 
lattice displacements. 

Davydov’s Hamiltonian (Equations (1-4)) is for- 
mally similar to the Holstein Hamiltonian for the in- 
teraction of electrons with a polarizable lattice. The 
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difference is that while Davydov’s Hamiltonian cou- 
ples quantum particles to acoustic phonons, the Hol- 
stein Hamiltonian couples quantum particles to optical 
phonons. 

In Equations (1-4) both the excitation and the 
lattice are treated quantum mechanically. Exact wave- 
functions for the system are yet to be determined in 
this approximation, and different solutions have been 
proposed in the literature (see references in Scott, 
1992; Cruzeiro-Hansson & Takeno, 1997). On the 
other hand, when the lattice is treated classically, an 
approximation that has been called mixed quantum- 
classical (Cruzeiro-Hansson & Takeno, 1997), it is 
possible to determine exact wave functions. They are 


N 
IO) = > gium), {Pm} 1) 4} 10), S) 


i=l 


where the dependence of the probability amplitude for 
an excitation at site i on the displacements and momenta 
of all the sites is not specified a priori. The equations 
of motion for the quantum variables are derived from 
Schrédinger’s equation, while the equations of motion 
for the classical variables are derived from Hamilton’s 
equations. For a one-quantum state they are 








dg, 
ih ae = —V (Qn-1 + Gnt1) 
+X Unt1 — Un—1) Yn, (6) 
du 
ve = X (1 ns ? — | Gn-1 ”) 
+K (Un41 + Un—1 — 2 Un) (7) 





The numerical simulation of these equations 
(and of extensions of these equations to the three 
interacting chains that are present in an a-helix (Scott, 
1992)) confirmed Davydov’s analytical studies in the 
continuum limit by showing that solitons can form and 
travel along the chains. It was also found that in the 
discrete chains there is a threshold in the nonlinearity 
parameter x above which localized excitations can 
form. This threshold tends to zero as the length of the 
system increases. 


Thermal Stability of Localized States 


While the zero temperature results summarized above 
allow for the existence of soliton states in pro- 
teins, an important question is whether these states 
are stable at biological temperatures and, if not, 
how long they last. Coupling to a thermal bath was 
modeled by extending the equations of motion into 
Langevin equations, that is, adding stochastic forces 
F(n) and damping terms —Idu,/dt to the right- 
hand side of Equation (7), so that these terms obey 
the fluctuation-dissipation relations (Lomdahl & Kerr, 
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Figure 1. Dynamics of an amide-I excitation at biological 
temperatures. 


1985): (Fr(t) Fin (t’)) > 2MUkpT bnm5(t —t’), kp be- 
ing the Boltzmann constant and T the temperature. The 
result is that soliton solutions disperse in a few picosec- 
onds at biological temperatures. On the other hand, ex- 
act quantum Monte Carlo (QMC) simulations (Wang et 
al., 1989) showed that the distortion induced by the ex- 
citation increased with temperature. This conflict was 
resolved by showing that the coupling of a classical bath 
to a mixed quantum-classical system leads to a classi- 
cal behavior of the quantum part (Cruzeiro-Hansson 
& Takeno, 1997). While the states of a classical 
excitation at finite temperature are predominantly delo- 
calized, the states of a quantum excitation are predomi- 
nantly localized. A set of dynamic equations, that leads 
to the same equilibrium averages as the QMC, leads to 
the following dynamics (Cruzeiro-Hansson & Takeno, 
1997): instead of coherent propagation along the chain, 
as is expected from solitons, localized amide-I excita- 
tions jump stochastically from site to site, changing 
their shape and their velocity as they travel. It has been 
suggested that this stochastic propagation is a very ro- 
bust way of transferring energy in proteins because it 
can survive mutations more than coherent propagation. 
Thus these simulations indicate that the Davydov model 
is indeed a possible mechanism for energy transfer in 
proteins (Cruzeiro-Hansson & Takeno, 1997). 


Experimental Evidence 


The first evidence for a Davydov-like state was obtained 
in a crystal of acetanilide (ACN), which includes 
hydrogen-bonded chains identical to those found in 
proteins. Careri and co-workers found an anomalous 
line, red-shifted by 15 cm7! with respect to the amide- 
I vibration in that crystal (Scott, 1992). A series of 
studies established that this spectral line could not be 
attributed to a Fermi resonance, a Davydov splitting, 
or a phase transition. Its interpretation in terms of an 
interaction of an amide excitation with optical phonons 
provided good fits of the variation of its intensity with 
temperature as well as of its overtone frequencies. 
Careri and Wyman (see Scott, 1992) integrated the 
Davydov model in the so-called “turning wheel” model 
of enzyme action in which it is assumed that the binding 
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of ligands leads to the formation of solitons that are used 
to promote the enzymatic cycle. 

An early objection to the role of vibrational excited 
states in proteins was their short lifetime, which was 
supposed to be in the subpicosecond range. Recently, 
Austin and co-workers have measured the lifetime of 
amide-I vibrations in myoglobin and found it to be 15 ps 
(Xie et al., 2000). Hamm and co-workers have also 
recently applied nonlinear spectroscopy to the study 
of ACN, not only to the amide-I band (Edler & Hamm, 
2002) but also to the NH vibrations (Edler et al., 2002) 
that have approximately twice the energy of amide-I 
and a binding energy 20 times larger. In a pump-probe 
femtosecond spectroscopy experiment, they found that 
the ground state recovery for NH at room temperature 
is 20 ps and for amide-I at 90K, it is 35 ps, and that 
the lifetime of NH stretch in the crystal is 20 times 
greater than in isolated ACN. Computer simulations 
show that vibrational excitations can travel tens of 
nanometers within the lifetime of these excitations 
(Cruzeiro-Hansson & Takeno, 1997). Edler & Hamm 
(2002) also find that while the low-temperature amide- 
I excitations are self-trapped, the higher temperature 
ones are Anderson-localized, in agreement with the 
predictions of the computer simulations (Cruzeiro- 
Hansson & Takeno, 1997). 


Future Work 


The theoretical work on the Davydov model shows 
that localized vibrational excited states can form in 
proteins and that they can be used to transfer energy 
from the active site to other regions of the proteins 
where this energy is used for work. The experimental 
evidence available corroborates this possibility. Further 
experiments should test the role of excited vibrational 
states in protein function in a more direct way. A 
theoretical challenge is to integrate the Davydov model 
in the full protein cycle and find out how vibrational 
energy transfer may eventually lead to a conformational 
change (Cruzeiro—Hansson & Silva, 2001), the well- 
known way in which proteins fold or transform into 
their permanent three-dimensional shapes. 

LEONOR CRUZEIRO 


See also Biomolecular solitons; Excitons 
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DELAY COORDINATES 
See Embedding methods 


DELAY-DIFFERENTIAL EQUATIONS 

A delay-differential equation (DDE) comprises an 
unknown function and certain of its derivatives, 
evaluated at arguments that differ by fixed numerical 
values. For example, x(t) = F(t, x(t),x(t—r)) is a 
retarded DDE for r > 0. 

DDEs can be characterized by the number of 
variables, the differential order, the order of the highest 
derivative appearing, and the difference order (one less 
than the number of different arguments appearing). 
DDEs (also called functional differential equations 
or difference-differential equations) generalize the 
concept of differential equations by allowing the state 
of the system to depend on states different from the 
present one, via, for example, a feedback mechanism. 

DDEs appear in many fields, from economics to 
biology and from chemistry to mathematics, as the 
following examples suggest. 


Bacterial Infection 

In a book on the study of malaria published in 1911 
(Ross, 1911), Ross considered a differential equation 
model of malarial epidemics based on the interaction 
of two populations, that of infected humans, described 
by A(t), and that of infected mosquitoes, by m(t). The 
relevant nonlinear DDEs are 








h(t) = met — wee “u =) Mena, 
r q—m(t— v) 
m(t) = h(t — v) : (N +s)m(t), (1) 


with p and q being the total populations, M and N the 
death rates, and r and s the recovery rates for human 
and mosquito populations, respectively. The delay from 
the time of a bite to the time at which the human or the 
mosquito is infective is u = 0.5 months for humans and 
v= 0.6 months for mosquitoes. 
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Enzyme Catalysis 

Roussel (1996) presents a model of enzyme catalysis, 
proposed by Adrian Brown in 1902, in which the 
enzyme-substrate complex has a fixed lifetime t before 
giving rise to its reaction products 





E@+8@ > P@+1)+£(@¢+1). (2) 


The DDEs generated by this model are 








BO _ _LEWSO, 

dt 
S20 2 KES) +kEC—HSE-0, B) 
dP(t) = kE(t—t)S(t —T), 

dt 


where k is the rate constant and by E(t), P(t), and 
S(t), we mean the enzyme, product, and substratum 
concentrations. 


Economic Dynamics 

Delays can emerge in the dynamics of economic 
processes in two ways. First, there is a lag between 
the time economic decisions are taken and the time the 
decisions bear fruit. Also, the expected future values of 
a variable are functions of its current and past values. 
Let us consider a world in which infinitely many houses 
are inhabited, and let us consider the problem of finding 
the best time for constructing a new house (Asea & Zak, 
1999). 

The individuals’ preferences are represented by a 
continuous, strictly increasing, and concave utility 
function U(c(t)). Subjective discount rates are char- 
acterized by p > 0. In this model, it takes r > 0 peri- 
ods to obtain new capital. The solution of this planning 
problem is given by 


CO 
max U(c(t))e O'dt, (4) 
{cO} Jo 
subject to the DDE 


dk 
nO = FRE r)) —8k(t—r)—c(), 5) 





with initial condition k(t)=@(t), for all te[—r, 0]. 
J (-) is the production function; c(t), the rate at which 
capital depreciates, such that 0<c(t) < f(k(t—7r)), 
5€[0, 1]; and k(t), the productive capital stock at 
time ¢. 


Mathematics 

If one considers the symmetry reduction of a nonlinear 
differential-difference equation with respect to a 
combination of continuous and discrete symmetries, 
then the initial equation reduces to a DDE. As an 
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example, consider the Toda lattice (Levi & Winternitz, 
1993) 

ii, (t) = elin1 0) unt) __ ent) | (6) 
and assume a reduction with respect to 0, + ad, where 


a is an arbitrary real parameter. Equation (6) then 
reduces to 


2 
“i = elnta)—win) _ gutn)—u(n-a) (7) 





where n =t —an. 

The equations considered in these examples are all 
instances of a general DDE, which, in the simple case 
of a linear first-order equation for just one field, can be 
written as 


du(t) du(t — co) 
ao + a} 
dt dt 
= f(t). (8) 


An equation of the form (8) is said to be a DDE of 
retarded type if ag £0 and a; =0; it is said to be of 
neutral type if ag £0 and a; 4 0; and of advanced type 
if ag =0 and a; £0. 

In applications, an equation of retarded type may 
represent the behavior of a system in which the rate of 
change of u(t) depends on its past and present values. 
A neutral equation represents a system in which the 
present rate of change depends on past rates of changes 
as well as its present and past values. An advanced 
type equation may represent a system in which its rate 
of change depends on its present and future values. 

If ag =a, =0, Equation (8) is a pure difference 
equation, while if ag = bo = 0 or aj = bj = 0, itis a pure 
differential equation. In either case, f(t) is a forcing 
function. 

Let us compare the solution techniques for DDEs 
with those of ordinary differential equations (ODEs) 
and note some of their peculiar features. For simplicity 
we limit ourselves to retarded DDEs. For more details, 
see Bellman & Cooke (1963), Hale (1977), Hale & 
Verduyn Lunel (1993), Driver (1977), Bainov & Mishev 
(1991), Kuang (1993), and Gyori & Lada (1991). 

Because retarded DDEs depend on previous history, 
the initial condition at one point is not sufficient to 
obtain the present time behavior. What one needs 
depends on the discrete order of the equation. If the 
equation is a DDE of first order, then the initial solution 
on a whole delay interval is needed. 

For constant coefficient DDEs, an algebraic method 
of solution is provided by the “method of steps,” which 
also provides a constructive proof of the existence of 
the solution. To illustrate this method, consider a DDE 
generalization of the logistic equation 


dx(t) 
dt 





+ bou(t) + biu(t — 0) 





cx(t — D[1+x()], t>0, (9) 
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with the initial condition x(t) =@(t) for te [—1, O]. 
To solve Equation (9), we divide the interval [0, 00) 
into steps of the size of the delay and solve recursively 
in each interval. We use the solution obtained in 
one interval to solve Equation (9) in the next one. 
For example, the solution in the interval [0, 1] is 
given by 


x(t) =[(0) + lee Jo #8 — Das _ 1, 


which is obtained as a solution of the ODE 


dx(t) 
dt 





= —co(t— DIL + x()]. (10) 

For linear DDEs we can construct, as in the case of 
linear ODEs, the characteristic equation, by looking 
at exponential solutions. In this case, however, the 
characteristic equation is given by a nonlinear algebraic 
equation. For example in the case of Equation (8), with 
a, =0, we have 





h(A) = ana + bo + bie *” =0. (11) 


Once the characteristic equation is solved, a particular 
solution of the DDE is obtained by applying the Laplace 
transform (Bellman & Cooke, 1963). 

As we have seen, the nature of the method of solution 
of a DDE is similar to that of an ODE. Nevertheless, 
DDEs exhibit more complicated behaviors, even in 
the linear case. For example, scalar linear first- 
order homogeneous DDEs with real coefficients can 
have nontrivial oscillating solutions unlike ODEs 
(Kalecki, 1935). Moreover, solutions to DDEs may be 
discontinuous and, depending on the initial conditions, 
a solution may also not exist (Winston & Yorke, 1969). 
As in the case of ODEs, series solutions can be used 
to approximate solutions to nonlinear DDEs (Bellman 
& Cooke, 1963); however, the solutions obtained are 
often complicated and obscure. 

We can gain a better insight into the solution 
using qualitative theory and stability analysis to obtain 
properties of the dynamics of a nonlinear DDE by 
looking at its linearization. 

The stability of a fixed point of a DDE is defined by 
examining the roots of the characteristic equation h(A). 
Thus, a fixed point of a DDE is stable if all roots of h(A) 
have negative real parts. As the characteristic equation 
(11) is transcendental, it has an infinity of roots, and 
it is not guaranteed that all roots will have real parts, 
strictly negative or positive. So fixed points of DDEs 
will often be saddle points. Moreover, stability may 
depend crucially on the initial data (Driver, 1977). 

The stability of homogeneous scalar DDEs of the 
first order has been studied by Hayes (Bellman & 
Cooke, 1963). These results can be extended to non- 
linear systems by linearizing the DDE around a stable 
solution and then using a generalization of the 
Poincaré—Lyapunov theorem. In such a way, one can 
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show that DDEs often admit periodic solutions after a 
sequence of Hopf bifurcations. Chaotic orbits may also 
exist, with the structure of the orbits depending criti- 
cally on the smoothness of the feedback mechanism. 
Decio Levi 


See also Bifurcations; Equations, nonlinear; Feed- 
back; Hopf bifurcation; Integral transforms; Ordi- 
nary differential equations, nonlinear; Poincaré the- 
orems; Quasilinear analysis; Stability; Symmetry: 
equations vs. solutions 
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DENJOY THEORY 
The theory developed by Arnaud Denjoy (1884— 
1974) showed that any sufficiently smooth orientation- 
preserving diffeomorphism T of the unit circle S! 
with an irrational rotation number p is topologically 
equivalent to a linear rotation by the angle 277p (Denjoy, 
1932). Informally, diffeomorphism is a smooth 
invertible map such that its inverse is also smooth. 
Circle diffeomorphisms arise naturally in many 
physical problems. For instance, in the case of 
Hamiltonian systems with two degrees of freedom, 
such diffeomorphisms appear as Poincaré first return 
maps for the two-dimensional invariant tori. When the 
rotation number is irrational, circle diffeomorphisms 
represent an important model for quasi-periodic 
dynamics (See Quasiperiodicity). The Denjoy theory 
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implies the following important fact: if two smooth 
circle maps have the same irrational rotation number 
then the topological structure of their trajectories is 
exactly the same. 

The topological equivalence means that circle 
diffeomorphisms are conjugated to a linear rotation 
with the help of a homeomorphic change of variables. 
Namely, there exists a homeomorphism, ¢, which is 
an invertible map that is continuous together with 
its inverse, such that To@=@oT,, where T, is 
the linear rotation by the angle 27p and o stands 
for a composition of two maps. Denjoy’s theorem 
holds if T is absolutely continuous and log T’(x) 
has bounded total variation: V = Vars: log T’(x) < oo. 
The last condition is satisfied if T is C?-smooth and 
T(x) > 0. The conjugacy ¢ is defined uniquely up to 
an arbitrary rotation 7,,. In fact, a mapping ¢ of the unit 
circle S! that satisfies condition Tog = go T, can be 
constructed for any quasi-periodic homeomorphisms 
T. This means that any homeomorphism T with 
irrational rotation number p is semiconjugate to Tp. 
However, if T is not regular enough, @ may not 
be a homeomorphism. To construct ¢ it is enough 
to take two arbitrary points x9 and yo and define 
their forward trajectories by T and T,, respectively: 
xj =T'xo, i= Th yo, i> 1. Now one can define ¢ on 
{yi} by letting @(9;)=x;,i>0 and extending ¢ by 
continuity to the whole unit circle. This can be done 
since any trajectory of a linear rotation by an irrational 
angle is everywhere dense. It is easy to see that a 
conjugacy @ is a homeomorphism if and only if T is 
transitive; that is, all its trajectories are dense on S$ 

When the total variation V is bounded, the 
transitivity of T follows from the Denjoy inequality: 


an—1 
exp(—V) < [| T'() < exp(V), 
i=0 


where gn are the denominators of the convergents 
Pn/Qn =[ki, ko... knl, and p = [kj, ka, sees kny see] 
is the continued fraction expansion for p. The condi- 
tion T € C?(S!) that implies topological equivalence 
is almost sharp. Indeed, Denjoy constructed counterex- 
amples where T € c! (S!) and the derivative T’(x) is a 
Hélder continuous function with an arbitrary Héder ex- 
ponent 0 <a <1. In these examples T is not transient 
and, hence, is not conjugate to T,. 

An important extension of the Denjoy theory 
is connected with the problem of smoothness of 
the conjugacy @. It is natural to ask when the 
homeomorphism ¢ is at least C!-smooth, which implies 
not only topological but also asymptotic metrical 
equivalence between T and T,. In this case, the 
unique probability invariant measure for T is absolutely 
continuous with respect to the Lebesgue measure. The 
first progress in this direction was made by Arnol’d 
(1961), who proved that for analytic diffeomorphisms, 
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T that are close enough to the linear rotation Tp, a 
conjugacy ¢ is analytic provided the rotation number p 
is Diophantine, that is, ||o — p/q|| => 1/q?t for some 
6 > Oand all integers p, g. Diophantine numbers form a 
set of positive Lebesgue measure and, hence, are typical 
in the Lebesgue sense. Arnol’d has also constructed 
counterexamples in the case of nontypical rotation 
numbers, which show that the smooth theory cannot 
be constructed for all irrational rotation numbers. In 
these counterexamples, ¢@ is not differentiable, and 
the invariant measure for T is essentially singular 
with respect to Lebesgue measure. Arnol’d’s results 
are of the KAM-type (Kolmogorov—Armol’d—Moser) 
and, hence, have a local character. However, as it 
was conjectured by Arnol’d, in the one-dimensional 
case the local condition of T being close to T, 
should not be necessary, and the global result should 
hold for all T smooth enough. Such a global result 
has been proven by Herman (1979) in the case 
when p satisfies certain Diophantine condition and 
T €C3(S!). Later Herman’s results were extended to 
a wider class of rotation numbers (Yoccoz, 1984) and 
to diffeomorphisms T € C?+#(S!) (Khanin & Sinai, 
1987; Sinai & Khanin, 1989; Katznelson & Ornstein, 
1989). 

Finally, we mention another extension of the Denjoy 
theory to the case of diffeomorphisms with singulari- 
ties. Such mappings appear, for example, in the case of 
critical invariant tori in Hamiltonian systems with two 
degrees of freedom. The extension of the Denjoy theory 
to this case is a subject of the so-called rigidity theory. 
The main aim is to find conditions which imply that two 
topologically equivalent homeomorphisms that have 
the same local structure of their singular points are, in 
fact, C!-smoothly conjugate to each other. Significant 
progress in this direction has been made in the last 5 
years in the case of mappings with one singular point 
(de Faria & de Melo, 1999, 2000; Yampolsky, 2001; 
Khanin & Khmelev, 2003). Note that the presence of 
singularities makes rigidity stronger than in the case 
of smooth diffeomorphisms. The arithmetical proper- 
ties of the rotation numbers are less important, and 
one should expect C!-rigidity for all irrational rotation 
numbers. 

KonsTANTIN KHANIN 
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DERRICK-HOBART THEOREM 

The Derrick—Hobart scaling argument concerns certain 
solutions of nonlinear partial differential equations that 
arise as models for elementary particles; thus they 
are mostly of the relativistic variety. To appreciate 
the context in which the argument arose and the way 
it is used, some introductory remarks on relativistic 
quantum field theory are in order. 

There are only a few interacting relativistic quantum 
field theories that have been solved explicitly, in 
the sense that physically relevant quantities (particle 
spectrum, scattering, form factors, and so on) are known 
in closed form. For all of these models the dimension 
of space-time equals two. To gain more insight into 
higher-dimensional models, it has become standard 
practice to study the field theory first as a classical field 
theory. The underlying idea is that (via the Feynman 
path integral) one can use classical findings to obtain 
nonperturbative information on the quantum version. In 
particular, the presence of nonconstant, smooth, stable, 
time-independent, finite-energy, classical solutions is 
believed to signal the presence of an associated stable 
quantum particle. 

The notion of “stability” refers to small fluctuations 
around such a classical finite-energy solution. To first 
order, such variations do not change the energy, as 
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expressed by the Euler-Lagrange equation. To second 
order, however, the energy may become smaller, in 
which case the corresponding quantum particle is 
considered to be unstable. (Think of a ball resting on 
top of a hill. A little push makes it roll down.) 

In order to study the existence of nonconstant 
finite-energy solutions (either stable or unstable), an 
argument due independently to Derrick (1964) and 
(in a somewhat different form) to Hobart (1963) is 
often useful. These authors were concerned with three- 
dimensional space (four-dimensional space-time), but 
the argument can be extended without difficulty to an 
arbitrary space dimension N. Briefly, the argument is 
as follows. 

Assume $(x, ft), x € RN, +R, is a scalar field on 
(N + 1)-dimensional space-time, whose dynamics is 
given by the Lagrangian 





Vo. Vo) — Vi), (1) 


with V (y) being a potential function. Now let ¢(x) bea 
(smooth) time-independent nonconstant solution to the 
Euler-Lagrange equation, with finite energy 


L= h(a? 


1 
E= Exint+ Epo, Ekin = >| Vo: Vodx, 
RN 


Epot = he Vip)dx. (2) 


Starting from the above data, Derrick’s key idea is 
to consider the family of scaled functions 


G(X) = (AX). (3) 
Clearly, the energy associated with ¢, is given by 
Ex, = PN) Exin + 47% Epot, (4) 
so that 


(dEj,/dA)s=1 = (2—N) Ekin -—NEpo, (5) 


(PE, /dd?),=1 = (2-— NYU — N) Ekin 
+N(N + 1) Epot- (6) 


Since @, makes the energy stationary for A = 1, we have 





(dEy/dd),=1 = 0. (7) 
Hence (5) yields 
2—N 
Epot = Exin, (8) 
which entails 
(PE, /dd),=1 = 2(2 — N)Exin. (9) 


Let us now draw the relevant conclusions from 
this simple calculation. Since ¢(x) is nonconstant, its 
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kinetic energy Ein is positive. For N > 2, then, (9) says 
that the finite-energy solution cannot be stable. This is 
the first consequence, an instability result for N > 2. It 
does not involve restrictions on the potential V (y). 

Assuming from now on that V(y) > 0, far stronger 
conclusions can be drawn. Indeed, since @,, is a solution 
for A = 1, d} = ¢ makes the energy stationary. But since 
¢ is nonconstant, we have Ekin > 0, and since V > 0, 
we also have Ep, > 0. Therefore, the right-hand side 
of (5) is negative for N > 2, a contradiction. A second 
consequence, therefore, is the absence of finite-energy 
nonconstant solutions for V > 0 and N > 2. 

Retaining the assumption V >0, one can draw a 
conclusion for N = 2, too. Indeed, it then follows that 
Epot =0, so that @ must satisfy V(¢) = 0; moreover, 
the second variation (6) vanishes. 

For N = | the variation formulas (5), (6) have no use- 
ful consequences. Indeed, in two-dimensional space- 
time there do exist stable time-independent finite- 
energy solutions, as exemplified by the one-soliton and 
one-antisoliton solutions of the sine-Gordon theory. 

In applications of Derrick’s argument, one usually 
encounters positive potentials and invokes the latter 
consequences sketched above. Thus, it is used to the 
effect that for N > 2, time-independent finite-energy 
solutions must be constant (the so-called vacuum 
solutions). Some caveats should be heeded, however. 

First, it is important to keep track of the above steps 
in models that are not of the above form, since the 
reasoning may need to be suitably modified. Second, 
even when this can be done at face value, it should be 
observed that the above argument, although convincing 
at first sight, is not a rigorous proof. Indeed, the 
scaling variation that is involved has a global character, 
whereas the Euler-Lagrange equation is derived by 
considering local variations. More in detail, one needs 
to control boundary terms that can a priori spoil the 
above derivation. (This was already realized in Hobart 
(1963).) 

We exemplify these related issues with two models 
described by Lagrangians that are different from the 
above, namely a (special) Yang—Mills/Higgs model in 
physical space (N=3) and a class of nonlinear 
o-models for N > 2. In the first setting, explicit static 
finite-energy solutions were obtained in Prasad & 
Sommerfield (1975) and Bogomolnyi (1976). (These 
are nowadays called BPS monopoles.) The energy 
of these solutions is manifestly not scale-invariant, 
contradicting (7) for the case at hand. Inspection of 
the solution shows that this is due to poor decay at 
spatial infinity; it entails that the pertinent boundary 
term cannot be ignored. 

Turning to O(3) o-models, one can once more 
study the issue of finite-energy solutions by adapting 
Derrick’s scaling argument. For N = 2 (now viewed as 
Euclidean space-time) this yields no conclusion, since 
the energy is scale-invariant. In this case, the so-called 
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instanton and anti-instanton solutions do exist, and they 
are stable for topological reasons. 

For N > 2, the scaling argument leads to the absence 
of finite-energy solutions. In this particular setting, 
the heuristic reasoning can be corroborated. More 
specifically, the boundary term can be rigorously 
controlled. The pertinent result (Garber et al. (1979), 
Theorem 5.1) has later been used by differential 
geometers to prove the nonexistence of harmonic maps, 
which are closely related to the above type of solution. 

SIMON RUUSENAARS 


See also Matter, nonlinear theory of; Skyrmions; 
Virial theorem; Yang-Mills theory 
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DETAILED BALANCE 


This entry provides a qualitative discussion of 
equilibrium, a more quantitative discourse of principles 
such as detailed balance (which are needed in the 
description of equilibrium phenomenon), and a brief 
presentation of the Einstein relation between mobility 
and diffusion, which can be related to the above topics. 


The Problem of Time 


One often says that a system has reached an equilibrium 
state if its physical variables are constant in time. 
Because of fluctuations that cannot be removed, 
however, it is better to regard the system as in 
equilibrium when there are no systematic trends in the 
time averages of its physical parameters. Here, averages 
are considered over all the microscopic constituents 
of the system, whether they are elementary particles, 
atoms, molecules, or larger objects. Equilibrium can be 
established among these constituents. 

Thus, a system that is in equilibrium cannot reveal 
the time variable among its broad characteristics. In 
other words, there is no way of telling which way 
time is running if one’s observations are confined to 
an equilibrium system. Formulated as a philosophical 
puzzle about the nature of time, this subject has 
spawned a library of books and papers, with little 
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agreement among the authors (see Landsberg, 1982; 
Smith, 1993; Price, 1996; Davies, 1995). 


Some Relevant Principles of Statistical 
Mechanics 


Here and below, we shall deal with a number of 
important principles that may or may not hold in any 
given case and are related to each other. To make these 
matters quantitative, denote by P; the probability of 
finding a system of interest in any one of the ith group 
of states, G; in number. The probability per unit time 
that a transition occurs from a state of group i to a state 
of group j is denoted by A;;. The transition rate i > j 
can be written as 


Rij = Pi AijG;- qd) 


If there are W available groups of states, the time rate 
of change of P; is 


W 
P= (Ri Ri) GH 1,2...) 2) 
I=1 


To be tractable the A;; have to be independent of time. 
The first sum gives the transitions into states i and the 
second sum gives the transitions out of the states 7. To 
simplify the picture one can replace a typical group of 
states i by a single state, i.e., one can put G; = 1. 

Now some additional general principles can be 
defined. The existence of the A;; can be deduced from 
quantum mechanical perturbation theory, but it is then 
valid only for a restricted time interval. One often finds 
the symmetry relation 


Aij = Aji (alli, j) (3) 


as aresult of the Hermitian character of the perturbation 
operator. In statistical mechanics, one also uses the 
principle of Equation (3). It can then be independent of 
perturbation theory and is regarded instead as resulting 
from adequate statistical assumptions. It is then called 
the principle of microscopic reversibility. 

Next we have the principle of detailed balance which 
asserts that at a certain time ¢ the forward and reverse 
transition rates between two groups of states are equal 
at a certain time; thus, 


Rij = Rj (alli, j). (4) 


If Equation (4) holds, one sees that P; vanishes for all 
i. In fact, we can define a steady state by 


P;=0 (alli). (5) 


Such a state need not be an equilibrium state since the 
system may, for example, be continuously raised to a 
high energy state by some external influence and then 
drop back continuously, for example, by the emission 
of radiation. Thus, one sees that Equation (4) implies 
Equation (5), but not conversely. For more details, see 
Lifschitz & Pitaewski (1981) and Landsberg (1991). 
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A Simple Example from the Solid State 


One can use detailed balance arguments to infer the 
form of an unknown emission rate from a known 
absorption rate, as will now be shown by an example 
(Landsberg, 1991, p. 391). The idea is to obtain an 
expression for the equilibrium absorption rate per unit 
volume of photons of frequency vo in a semiconductor 
of refractive index yz and, hence, to infer spontaneous 
emission rates per unit volume. 

The probability of a single photon of vacuum 
wavelength Ag being absorbed per unit time per unit 
volume is 


P(Ag) = ca(Ao)/Vu(Ao). (6) 


The dimensions (LT~! - L~! - L~3) are easily verified 
to be correct. To find the volume rate of excitation in 
the solid by photons in the vacuum wavelength range 
dio, P(Ao) has to be multiplied by the number of rele- 
vant photon modes (82 p3Aq* VdAo), and also by their 
equilibrium occupation probability at temperature T: 


1/[exp(ch/AopkT) — 1]. (7) 


But not all photons of wavelength Ag will, when ab- 
sorbed, produce one electron-hole pair. We denote by 
a'(A9)/a(Ao)(< 1) the probability of this happening 
per absorbed photon. Hence, the equilibrium absorp- 
tion rate (per unit volume) of photons in the wavelength 
range dAg with production of an electron-hole pair is 
2c 4 
jp = ENS ae dio 
exp(ch/AgkT) — 1 


or 


ery (8) 
expx —1 


8rra’ 
WB 


Here x =hvo/kT, and the second of these expressions 
is like the first, except that it is in terms of frequencies. 
According to detailed balance, the new inference is 
that these expressions give the rate per unit volume of 
spontaneous radiated recombination of electron-hole 
pairs with the emission of photons in the range dAg 
or dvo. Note that we have passed from absorption to 
emission data. This widely used result was first given 
by W. van Roosbroeck and W. Shockley in 1954. For 
other examples of the use of the principle of detailed 
balance in solid state physics, see Landsberg (1991). 


The Einstein Relation 


The Einstein Relation is basic to solid states physics 
and rests on the assumption that in a steady state the 
flux of charged particles due to an electric field must be 
balanced by diffusion of these particles induced by their 
density gradients. These two effects are due to well- 
known and simple forces. The first is a particle flux due 
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to diffusion (with diffusion coefficient D, say). It can be 
written —Ddn/dx for one-dimensional motion, where 
n is the density of particles and dn/dx the gradient 
(“grad n” in three dimensions). The minus sign shows 
that the force acts to the left if the concentration n 
increases to the right. The second force on the charged 
particles is due to a built-in or externally applied electric 
field E, which is a vector in three dimensions. Here 
we deal merely with the one-dimensional problem, and 
note that E can be replaced by —dV/dx, where V is 
the electrostatic potential at the point considered. The 
flux of particles can be written asnvE = —nud V/dx, 
where v is the so-called mobility of the particles. 

In order to obtain the Einstein relation in its simplest 
form, one has to equate the two forces 





dv p@ (9) 
—nu— = D—, 
if dx dx 
which implies that 
d(Inn) wu dV 
Se 10 
dx D dx u®) 
giving the simple result 
n = noexp(—pV/D). (11) 


As we also know that the stationary state in an electric 
field at a temperature T is governed by the Boltzmann 
distribution 


n = ng exp(—eV/kT), (12) 


where no is a constant and k is Boltzmann’s constant. 
Comparison yields the Einstein relation 


w= eD/KT. (13) 


This result connects the mobility of charged particles 
in a field with their diffusion coefficient. At first 
sight this seems unexpected because one side of the 
equation deals with the mechanical characteristic of 
diffusion. 

The extension to three dimensions is not the only 
generalization that can be made. For example, a simi- 
lar Einstein relation holds for thermal current density, 
and generalizations have also been made for large de- 
partures from equilibrium (Landsberg, 1991). A further 
variety of special cases arises for different assumptions 
about the shape of the semiconductor bands that can 
occur; for example, they can be degenerate or nonde- 
generate, parabolic or nonparabolic, etc., and the results 
can be given in a table of formulae. (Einstein’s paper 
was published in Annalen der Physik und Chemie in 
1905, the first of three important papers published by 
him in that year.) 

The principle of detailed balance emerged somewhat 
hesitantly in the 1920s, based on Einstein’s 1917 
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paper on transition possibilities. It was named by 
Fowler and Milne following other authors and 
other names. A brief historical survey is given by 
ter Haar (1955). 

Peter LANDSBERG 


See also Diffusion; Stochastic processes 
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DETERMINISM 


Determinism is a philosophical and scientific notion, 
and discussions aboutit are as old as philosophy and sci- 
ence themselves. Richard Taylor writes “Determinism 
is the general philosophical thesis which states that for 
everything that ever happens there are conditions such 
that, given them, nothing else could happen” (Taylor, 
1996). This seems to be the most general formulation of 
determinism. In philosophy, he continues, “There are 
five theories of determinism to be considered, which 
can for convenience be called ethical determinism, 
logical determinism, theological determinism, physical 
determinism, and psychological determinism.” Here 
we shall confine ourselves only to physical determin- 
ism in the natural sciences, except in the concluding 
section. 

In physics, the deterministic view developed along 
with the experimental approach to research, in 
the sense that phenomena are reproducible under the 
same unchanged external conditions, implying that the 
same cause leads to the same consequences under 
the same conditions. The quantitative description of 
physical reality began with Galileo Galilei; although 
some early developments are due to Pythagoras. 
However, Isaac Newton was the first to lay down 
the complete basis of classical mechanics, which 
at the time was considered to be the origin of all 
physical phenomena. His laws of mechanics plus 
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the law of gravitation enabled him to reproduce 
and mathematically derive the motion of the planets, 
observations of which were empirically well known by 
the beginning of the 16th century and formulated in 
Johannes Kepler’s laws of celestial mechanics. With the 
rise and development of classical mechanics the view 
of determinism developed, with the opinion that all 
natural laws can be described by dynamical equations, 
either ordinary differential equations (as, for example, 
in celestial mechanics) or partial differential equations 
(as, for example, in the dynamics of fluids). In each case 
precise knowledge of the initial conditions (all positions 
and all velocities) completely determines the entire 
future and entire past of the system. When pushed to 
its extremum, this view implies complete deterministic 
evolution of the entire universe, including all its 
smallest and largest details. The French mathematician 
Pierre Simon de Laplace, about one century after 
Newton, wrote (in an often quoted passage): 


We ought then to regard the present state of the 
universe as the effect of its antecedent state and the 
cause of the state that is to follow. An intelligence 
knowing, in any instant of time, all forces acting in 
nature, as well as the momentary positions of all 
things of which the universe consists, would be able 
to comprehend the motions of the largest bodies in 
the world and those of the smallest atoms in one 
single formula, provided it were sufficiently powerful 
to subject all data to analysis: to it, nothing would 
be uncertain, both future and past would be present 
before its eyes. (Laplace, 1814) 





We can comment on Laplace’s statement from our 
modern perspective. First, to store and process data 
of infinite precision about the state of the entire uni- 
verse is problematic, as it would require a computer 
that would be of comparable size and complexity to the 
entire universe. Thus, its presence has to be taken into 
account, since—obeying the same mechanical laws as 
the rest of the universe—it would itself disturb the uni- 
verse. Therefore, we can conclude that Laplace’s “‘in- 
telligence” (sometimes known as Laplace’s daemon) 
cannot exist, and consequently his idea is fiction. 
Second, infinite precision of all the initial conditions 
(positions and momenta) can never be achieved in prac- 
tice. And when the precision is finite, the existence of 
chaos (positive Lyapunov exponents) implies sensitive 
dependence on initial conditions and exponential di- 
vergence of nearby trajectories. In other words, there 
is a finite time horizon exists in general chaotic me- 
chanic systems, beyond which nothing at all can be 
predicted (Lyapunov time). Therefore, the modern no- 
tion of omnipresent chaotic behavior makes Laplace’s 
idea impossible to implement, even in principle. Third, 
the universe is not described by classical mechanics, but 
by quantum mechanics, classical mechanics being just 
a useful or even excellent approximation in observing 
and describing the motions of sufficiently large bod- 
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ies. Quantum mechanics tells us, through Heisenberg’s 
principle of uncertainty, that momenta and positions 
cannot be measured simultaneously with infinite preci- 
sion, but we have instead the inequality Ax Ap, > f/2, 
where Ax and Ap, are the uncertainties of position x 
and the conjugated momentum p,. So, Laplace’s initial 
conditions can never be known to arbitrary precision, 
even in principle. 

Quantum mechanics is the correct description of 
physical reality, with the Schrédinger equation as the 
starting tool, for nonrelativistic systems. The quantum 
theory has been further developed by Paul Dirac for 
relativistic quantum systems and by the quantum field 
theory up to the unifying field theories, which cap- 
ture three fundamental interactions (electromagnetic, 
weak, and strong interactions), but not yet gravity. The 
Schrédinger equation is a deterministic equation of mo- 
tion of the wave function w, which contains the com- 
plete description of the quantum state of a given system. 
Importantly, yy itself is a statistical quantity and thus not 
deterministic: it gives merely probabilities for the given 
system to be found (by measurement) in a given state. 

This is the so-called Copenhagen interpretation of 
quantum mechanics, initiated by Max Born in 1926 
and further developed by Niels Bohr and his col- 
leagues, according to whom there is no determinism in 
physical reality. This view was strongly opposed by 
Albert Einstein and colleagues, who accepted the quan- 
tum theory as correct but thought that it was an in- 
complete theory, to be supplemented (through future 
research) by a more general deterministic theory, un- 
covering further “hidden variables,” which seem to be 
ignored in present-day quantum mechanics. Many at- 
tempts have been made to find such a classical the- 
ory of fields to deduce the quantum theory but with- 
out success. There are also certain predictions such 
as Bell’s inequalities that are the testing ground of 
whether quantum theory can in principle be an ex- 
tended classical deterministic field theory. So far the 
answer is no, at least for a large class of “local 
hidden variables theories,” and today we do have ex- 
perimental confirmations where Bell’s inequalities are 
experimentally violated, meaning that the quantum the- 
ory and its prediction for the outcome of such experi- 
ments is correct. Therefore, the statistical interpretation 
of quantum mechanics of Bohr’s Copenhagen school, 
together with the strongly counter-intuitive notion of 
nonlocality, is proven to be correct, and these nonde- 
terministic properties of quantum mechanics are being 
used in technological applications (such as quantum in- 
formation theory, quantum teleportation, and quantum 
computing). 

It is, of course, a philosophical shock to learn that 
the world is not deterministic, but there seems to be 
no way out. One of the main causes is the process 
of quantum measurement, which as a process is not 
described by the Schrédinger equation and seems to 
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be the primary source of quantum indeterminism. 
Quantum measurement is the main source for the 
generally accepted statistical interpretation of quantum 
mechanics. Still, the potential of a classical nonlinear 
field theory (including its turbulent solutions) seems 
largely unexplored as a description of physical reality. 
Even classical nonlinear dynamics is not deterministic 
(even in principle) due to the existence of chaos. 
A nonlinear classical field theory is even richer, for 
example the complex turbulent solutions of the Navier— 
Stokes equations. 

In a deterministic world, there would be no place 
for free will in the lives of human beings or other 
living creatures. Everything would be predetermined 
by the initial state before our life, even if we do 
not have information about that, which implies that 
we cannot be aware of our predestination. Since the 
world is not deterministic, there is room for free will 
and free choice. However, it might be that the world 
is deterministic, if we do not observe it, and is not 
deterministic as soon as we “touch” it. Therefore, 
determinism can never be proved (in analogy with Kurt 
Gédel’s famous incompleteness theorem). Thus, our 
free will may materialize as soon as we interact with the 
world, otherwise we would be completely predestined, 
but isolated from the rest of the world, which is of 
course not possible. The issue of classical and quantum 
measurement lies at the bottom of such discussions. It 
leads to the general conclusion that the world ultimately 
is not deterministic, but determinism might be a good 
approximation under certain conditions imposed on the 
measurement process. 

Marko Rosnik 
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DETERMINISTIC WALKS IN RANDOM 
ENVIRONMENTS 


A “deterministic walk in a random environment” 
(DWRE) is the name given to a system generated by 
the motion of some object (such as, a particle, signal, 
wave, ant, read/write head of the Turing machine) 
on a graph. At each time step, the object hops 
from a vertex to one of its neighboring vertices. 
The choice of neighbor is completely determined by 
the type of deterministic scattering rule or scatterer, 
located at the vertex. A random environment is formed 
by the scatterers that are assumed to be initially 
randomly (usually independently) distributed among 
the vertices. DWREs (in their simplest form and 
under different names) were introduced in various 
branches of science (Gunn & Ortufio, 1985; Langton, 
1986; Ruijgrok & Cohen, 1988) as paradigms, for 
example, for propagation of a signal in a random 
media, evolutionary dynamics, growth processes, and 
the computational environment. 

In the early numerical studies, graphs were regular 
lattices and usually two types of scatterers were 
considered in each model. The most studied case was 
that of the regular quadratic lattice with left and right 
rotators, which rotate the particle to the left or to the 
right by an angle /2, or left and right mirrors aligned 
along the two diagonals of the lattice. Two classes of 
such models have been extensively studied numerically 
(Cohen, 1992). The first class corresponds to the case 
when there is no feedback of the moving particle to 
the environment; that is, a particular type of scatterer 
is fixed at each site of the lattice forever. Another class 
is formed by models with flipping scatterers, when a 
scatterer at a site changes (deterministically) after every 
visit of a particle to this site. 

In statistical physics, these models naturally appear 
as deterministic Lorentz lattice gases (but with a 
random distribution of scatterers). The scatterers are 
not spheres (disks) as in the classical Lorentz gas. 
Instead, say in the d-dimensional cubic lattice, there 
are (2d) different types of scatterers because each 
vertex in this case has 2d incoming and 2d outcoming 
edges. In theoretical computer science, these models 
are referred to as many-dimensional Turing machines 
because the changes of scatterer type at each vertex 
occur deterministically—according to some program 
written on an infinite tape divided into commands, for 
example, to change a given scatterer to some other type 
(Bunimovich & Khlabystova, 2002a). 

Although a DWRE reminds one of random walks, 
these systems are essentially different. The major 
difference with random walks is that instead of 
carrying out a random experiment (like flipping a 
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coin), the particle chooses each step deterministically. 
Formally, DWREs are deterministic cellular automata, 
but their behavior reflects a mixture of deterministic 
dynamics and a random environment. Their dynamics 
is often counterintuitive (Cohen, 1992) because one’s 
intuition is essentially based on exactly understood 
(completely solved) systems and models. There 
are many such models among purely deterministic 
and purely stochastic systems; however, there were 
basically no completely understood systems with a 
mixture of deterministic and stochastic features. Some 
subclasses of DWREs provide such exactly solvable 
models (Bunimovich, 2000). 

Although closest to stochastic systems, DWREs 
have fixed environments. This seems counterintuitive, 
but the evolution of scattering types makes the entire 
dynamics more deterministic than in the case where an 
(initially random) distribution of scatterers is frozen. 

In many cases, DWRE systems are equivalent 
to various models from percolation theory (Buni- 
movich & Troubetzkoy, 1992). Not only the structure 
of the graph (lattice) but also the types of scatterer in the 
model determine the corresponding percolation prob- 
lem. For instance, the mirror’s model in the square 
lattice is reduced to the percolation problem on the 
square lattice, while the rotator’s model is reduced to the 
percolation problem on some nonplanar graph (Buni- 
movich & Troubetzkoy, 1992). 

Perhaps the most widely known DWRE models are 
Langton’s Ant (Langton, 1986) or the flipping rotators 
model on the square lattice (Ruijgrok & Cohen, 1988), 
which are solvable again with rather counterintuitive 
results (Bunimovich & Troubetzkoy, 1993). If all 
vertices are occupied with rotators, then all orbits 
(particle’s paths) are unbounded. If, on the other 
hand, one allows vertices to be empty with positive 
probability (i.e., the third, straight-ahead scatterer is 
allowed), then the particle’s path becomes bounded 
with probability one. 

The results, both numerical and mathematical, con- 
tinued to surprise until “Walks in Rigid Environments” 
(WRE) were introduced and analyzed (Bunimovich, 
2000). WREs employ a new integer parameter r, 
1 <r <0, which is called the rigidity of the environ- 
ment. The rigidity determines how many times the par- 
ticle must collide with the given scatterer in order to 
change its type. In other words, the scatterer at a given 
vertex changes its type immediately after the rth visit 
of the particle to this site. Therefore, WREs interpo- 
late between DWREs with fixed environments (where 
r = 00) and DWREs with flipping environments (where 
r=1). 

WREs on a one-dimensional lattice Z are completely 
solved (Bunimovich, 2000; Bunimovich & Khlabystova, 
2002b). In this case, there are only four types of scatter- 
ers. Two of them (forward scatterer and backscatterer) 
are symmetric with respect to the reflection of Z, which 


is the only nontrivial symmetry of the one-dimensional 
lattice. The other two scatterers, which always send the 
particle to the right (or to the left), do not respect this 
symmetry. Therefore, the WRE with the last two types 
of scatterers has the same behavior for all values of the 
rigidity r. This model demonstrates a diffusive type of 
behavior, in which the particle eventually visits all ver- 
tices and the mean square displacement of the particle 
is proportional to ¢. On the contrary, WREs with for- 
ward and back scatterers demonstrate totally different 
behavior depending on the parity of the rigidity r. For 
even rigidities, the particle eventually visits all vertices 
again but its motion is subdiffusive. The most inter- 
esting behavior occurs for odd values of the rigidity. 
In this case the particle—after a short initial period of 
seemingly irregular motion near the origin—starts to 
propagate in one direction with random velocity. This 
phenomenon of (eventual) propagation reminds one of 
“gliders” in Conway’s Game of Life. However, in a 
WRE this propagation occurs for all initial configura- 
tions of environment, while in the Game of Life, gliders 
appear as only very special solutions. The phenomenon 
of eventual propagation in one direction is not restricted 
to one-dimensional WREs. For instance, the same be- 
havior is demonstrated by the model with right and left 
rotators on the triangular lattice (Grosfils et al., 1999). 

If the rigidity r < oo, then one can also investigate the 
dynamics of the environment. Observe that if r<oo, 
then it makes sense to consider not one but many 
moving particles as well. Indeed, even though the 
particles do not interact directly, they do effectively 
interact by changing environments with each other. 
The evolution of the environment in such models 
can be chaotic having a positive and even infinite 
metric entropy (Bunimovich & Troubetzkoy, 1993). 
This means, in particular, that the moving particle sees 
itself surrounded by almost any possible environment 
of scatterers at different moments of time. 

An important difference between DWREs and 
random walks is that in the continuous limit 
DWREs become completely deterministic (Buni- 
movich & Khlabystova, 2002b), whereas biased ran- 
dom walks under proper scaling of probabilities 
become in the continuous limit stochastic diffusion 
processes. 

LEoniD BUNIMOVICH 


See also Game of life; Lorentz gas; Random walks 
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DEVELOPMENT OF SINGULARITIES 


For some nonlinear PDEs, solutions of the Cauchy 
(initial-value) problem may exist only until a finite mo- 
ment ¢ =f,, and they cannot be continued afterwards. 
At t =f, the solution loses its initial smoothness, and 
a singularity appears, which causes the blow-up of the 
solution. For conservative systems where the wavefield 
develops sharply diverging gradients, this blow-up phe- 
nomenon is often called collapse. 

Historically, the first example of collapse follows 
from the so-called Hopf equation: u; + uu; =0, which 
describes the one-dimensional velocity of dust with 
zero pressure. This equation admits the generic implicit 
solution u = F(x — ut), where F is determined from 
the initial velocity profile. For any compact distribution 
F, there exists a couple of coordinates (X¢, fc), at which 
the spatial derivative of u reaches infinity. 

Collapse also occurs in the high-dimensional 
solutions to the nonlinear Schrédinger (NLS) equation, 
consisting of a point-singularity that achieves the fate 
of nonlinear waves undergoing self-focusing (Kelley, 
1965). To describe this process, let us consider the NLS 
equation 


iw + Vw + |View =0, dd) 


where ¢ is a time variable and the Laplacian 
Ve=0 +074 a? +--+ accounts for the dispersion 
of a wave-packet along D orthogonal spatial axes 
[r = (x, y,z,...)]. The wave function w evolves 
from the spatially localized initial datum w(r,0) = 
Wo(r), assumed to belong to the Hilbert space 
H! with finite norm ||¥ll gi = (lwl3 + IV Wll3)!/?, 
where Ifllp=CU lf l?dr)'/?. Two invariants are 
associated with y, namely, the L? norm N (sometimes 
called mass, power, or number of particles) and the 
Hamiltonian H: 


N=(wih. H=IVwi5-4wit = 
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From Equation (1), the following virial equality can be 
established (Glassey, 1977): 


Na? (r?) = 42H + (1— D/2Ivll}, — B) 


where (r2) = [rlwPdr/N denotes the mean- 
squared radius of the solution y. By a double integra- 
tion in time, Equation (3) shows that, whenever 
D>2, there exist initial conditions for which (r2) 
vanishes at finite time, which is the signature of a 
wave collapse. For finite norms N, the inequality 
N <(2/D)*(r7) x ||VW3. implies that the gradient 
norm diverges in collapse regimes. As H is finite, the 
collapse dynamics makes the L* norm Iwilg blow up 
in turn and max|y| diverges, by virtue of the mean- 
value theorem f Iw |4dr < max,|w|? x N. This leads 
to a finite-time blow-up, at which the solution y ceases 
to exist in H!. Blow-up generally occurs before (r?) 
reaches zero (Rasmussen & Rypdal, 1986). 

While H <0 arises from Equation (3) as a suffi- 
cient condition for collapse, sharper requirements 
can be derived by means of the so-called Sobolev 
inequality 


Iwt < CIVYI? x Iwis?. (4) 


e In the critical case D=2, this inequality can be 
used to bound H from below, so that the gradient 
norm blows up only if N fulfills the constraint 
N>Ng.. The best constant in Equation (4) is 
exactly Chest =2/Nc, and it involves the quantity 
Ne= f ¢dr=11.68, where ¢o is the radially 
symmetric soliton solution of — ¢9 + V2 + $8 =0 
(Weinstein, 1983). Nc. provides the minimum power 
that yy must necessarily contain at t=0 for 
producing a collapse, justifying the existence of a 
critical power for the 2-dimensional self-focusing of 
optical beams in nonlinear Kerr media. 

e In the supercritical case D=3, a criterion for 
collapse, sharper than H <0, can be established 
from a combination of Equations (3) and (4) 
as H <N2/N for gradient norms initially above 
3N2/N (Kuznetsov et al., 1995). N. again corre- 
sponds to the mass of the three-dimensional soliton 
solution ¢o satisfying —¢o + Vb + $3 =0. 

Once the collapse is triggered, the solution self- 
focuses and shrinks isotropically in a self-similar way 
near the singularity point f,. It is, thus, convenient to 
introduce the self-similar substitution: 


Wr, t) =a (PE, re E4, (5) 


where & = r/a(t), t(t)= lg du/a?(u), and B = — aa 
(dot indicates differentiation with respect to time). 
Here, the parameter A is positive for localization of 
@. The function a(t) represents the scale length that 
vanishes as collapse develops, and @ converges to 
an exactly self-similar form #(&), which no longer 
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depends explicitly on time [d;¢@— 0]. Inserting (3) 
into H shows that the right balance between the 
gradient and L* norms requires a=1, in order 
to preserve the finiteness of the Hamiltonian. With 
a=1, N=a?-(t) f |@|2dé and for radial solutions, 
Equation (1) transforms to 


dep + § 1 PEP lap + lI? + ELE?—EF]b = 0, 

(6) 
where 5 = ely +iB(D/2 — 1)] is viewed as a 
turning point, with ¢= 4 (6? +0,8). As a(t) 0, @ 
can be treated by means of quasi-self-similar techniques 
(Bergé, 1998). In the limit 0;¢ — 0, € converges to 
B2/4 and the solution ¢ is split into a nonlinear core 
(dc) extending in the range & < 7 and a linear tail (gr) 
defined in the complementary spatial domain & > ér7, 
where the nonlinearity vanishes. As a result, the wave 
function yf reads near the collapse point: 


elt ty du/a?(u) 


a(t) 
een 


C(B) 





v(r,t) = 





O<r<ryp 


, (7) 
rT <I <I'max 


where |C(f)|? evolves like (2/B|&|2~*)e7*7/8, 
rp =a(t)|Er| and rmax bounds the self-similarity 
domain. The length a(t) is identified from the 
continuity equation describing the mass exchanges 
between the core and tail parts of y. The dynamics 
of self-similar collapses then vary with the space 
dimension number as follows. 

e Strong collapse: For D=2, the size a(t) behaves 
with a double-logarithmic correction: a(t) ~ao 
Vte —t//InIn[1/(te —1)], coming from B ~ Az/ 
In[t(t)] and t(t) = In[1/(t—1t)]. As t > te, the 
exponential contribution in tail (5) thus decreases to 
zero, while the core boundary éy increases slowly 
to infinity. Collapse thus takes place with a core 
solution providing the principal contribution in the 
wavefunction y. N is mainly given by f \de|*dé, 
which relaxes to the critical value N. = 11.68. The 
mass stays mostly located around the center, which 
meets the definition of strong collapse (Zakharov & 
Kuznetsov, 1986). 

Weak collapse: For D=3, 6 attains a fixed point 
Bo £0, leading to the scaling law a(t) ~ ag (te — p/?, 
The power is no longer preserved self-similarly 
in space, since N=a(t) f |@|2dé. This integral 
behaves as N ~ Neore(t) + Mai (t), where Neore(t) ~ 
a(t) vanishes, while N,ail(t) ~ 4m |C(B)|2rmax con- 
tains almost all the initial mass as a(t) > 0. A 3-d 
collapse is thus accompanied by an expulsion of par- 
ticles towards the large-distance domain r > rr(¢), 
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which characterizes a weak collapse. The solution y 
blows up at the center, where Neore becomes zero. 
Accordingly, w extends in the outer domain with the 
stationary density r?|Ww|? = |C (Bo) |? = const. 


These different collapses can be tested numerically by 
adding a small nonlinear dissipation term in Equation 
(1), i-e., by changing y; into y+ Bly |" w with B< 1 
andm > 1. For D = 2, dissipation removes a substantial 
amount of energy per collapse event, because N 
remains mostly confined at the center. This leads to 
a step-wise decrease of N (Kosmatov et al., 1991). 
In contrast, for D=3, nonlinear dissipation cannot 
remove much energy, the major part of NX Mail 
being transferred to large distances. This causes a 
monotonical decrease of N. 
e Superstrong collapse: For weak and strong collapses, 
only the energy captured by the singularity 
dissipates. A different situation is realized if 
collapsing solutions can sustain dissipation through 
power loss into a persistent region of high intensity. 
Such solutions approach a quasi stationary state, 
described by Wr +(D — Ivy/r+|vP-v =0, in 
the limit of small 6 — 0. For instance, when D = 4, 
Equation (1) admits the stationary radial state 
wWir)= BeilarvB l/r (B> 1), for which the power 
density |¥|? flows into the singularity with a constant 
energy flux equal to B?./B2—1. This collapse, 
which received the adjective of superstrong, has been 
numerically detected at high dimension numbers 
D > 3 (Kosmatov et al., 1991). 
So far, the discussion has remained within the realm 
of the one-wave component NLS equation with a 
cubic nonlinearity. It is thus worth underlining the 
following. 








e The previous results can be generalized to a 

power-law nonlinearity, when the cubic term ake 

of Equation (1) is replaced by Iw" with 

n> 1 (Rasmussen & Rypdal, 1986; Bergé, 1998). 

Solutions with D=2/n follow the route of a 

strong collapse, while solutions defined for D > 2/n 

collapse weakly. Superstrong collapses apply to the 

dimensional configurations D > 2+ 1/n. 

Several NLS equations coupled through their cubic 

nonlinearities often serve to model the self- and 

cross-interactions of multiple wave components (or 
different polarizations) in vector systems. Such 
systems promote blow-up phenomena, which can 
be examined by means of the above analytical tools 

(Bergé, 2001). 

e Blow-up may take place in solutions of PDEs other 
than the NLS equation. For example, investigations 
of the solutions to the generalized D-dimensional 
Korteweg—de Vries (KdV) equation 


a+4'qx +(V7q)y =0 (8) 
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suggest that, whereas no collapse occurs for values 
of the product nD <4, collapsing states can arise 
and adopt a self-similar shape provided that n D > 4 
(Blaha et al., 1989). The mathematical proof for this 
statement is presently incomplete. 


Luc BERGE 


See also Filamentation; Kerr effect; Nonlinear 
Schrédinger equations; Virial theorem 
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DEVIL’S STAIRCASE 


See Fractals 


DIFFEOMORPHISM 
See Maps 


DIFFERENTIAL GEOMETRY 


A topological manifold of dimension n is a topological 
space M that can locally be identified with an open 
set in R”; a superscript on the symbol for M is often 
used to indicate the dimension. For example, a circle 
is a one-dimensional manifold, denoted S!, while a 
figure-eight is not a manifold. In more detail, M must 
have a set of coordinate charts dy, each of which is a 
homeomorphism from an open set Uy C M to an open 
set in R”, such that every point of M isin the domain of a 
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chart. If the intersection Ugg of two domains Ug and Ug 
is nonempty, then the change of coordinates dy o 5" 
is a continuous map from $g (Ugg) to dy (Uag) with a 
continuous inverse. 

A differentiable manifold is a topological manifold 
M” equipped with charts such that, on the overlaps, 
dy © ;" is differentiable with a differentiable inverse. 
(Here, “differentiable” or “smooth” functions are those 
whose partial derivatives exist and are continuous to 
all orders; however, for C* manifolds, the changes 
of coordinates are only required to be differentiable 
up to order k.) If x! oo, x" and x!,...,%" are the 
coordinate functions for two overlapping charts, then 
the Jacobian determinant ||0x!/0x/|| must be nonzero 
at each point. 

For example, the subset M of R”+! defined by an 
equation form f (x°, Bhs hs x”) = 0 isa differentiable 
manifold if f is a smooth function and at each 
point peM, at least one partial derivative (say, 
af/ax°) is nonzero. Then, by the Implicit Function 
Theorem, the projection from a neighborhood of p 
(i.e., an open subset of M containing p) onto the 
x!...x" coordinate hyperplane is differentiable with 
a differentiable inverse. So, the n-dimensional spheres 
S” are compact differentiable manifolds. Similarly, the 
group SL, of n x n matrices with determinant one is a 
noncompact manifold of dimension n? — 1. 

A function f : M — R is smooth if f o@ is smooth 
for any chart @. More generally, if M’" and N” are two 
differentiable manifolds, we say a mapping F : M > N 
is smooth if it is smooth with respect to coordinate 
charts on both ends, that is, wo Fo go! is smooth from 
R” to R" for any charts @ on M and y on N. When 
F:M-— N alsohas a smooth inverse, it is a diffeomor- 
phism, and M and N are diffeomorphic. For example, 
the hyperboloid x? + y? — z*=1 is diffeomorphic to 
the cylinder x? + y? = 1, and any open interval on the 
real line R is diffeomorphic to all of R. 


Vector Fields and 1-Forms 


A tangent vector at a point pe M” is a linear 
operator Vv on smooth functions f defined near p, 
such that (i) v(fi f2)= fiv(f2) + fav(fi), and (ii) 
v(fi) =V(f2) if fi = f2 on a neighborhood of p (i.e., 
fi. f2 have the same germ at p). For example, if 
c : RM defines a curve in M such that c(t) = p, 
then we define the tangent vector c’(t) to the curve 
by c’(t)(f) := (d/dt) f (c(t), where the symbol “:=” 
indicates a definition. If v=c’(t), then we say that the 
curve is tangent to V at p. 

The set of tangent vectors at p form a vector space 
of dimension n, denoted T,M. If x!,..., x” are local 
coordinates near p, then the partial derivative operators 
4/dx! are a basis for T,M. The set of all tangent vectors 
at all points of M is itself a differentiable manifold 
of dimension 2n, since we can adjoin coordinates 
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yl, ..., y” and locally write all tangent vectors as 


n , a 
v= baie 
i=1 


This manifold is the tangent bundle of M, and is denoted 
TM. 

A vector field on M smoothly assigns a tangent 
vector at each point; in local coordinates, we specify 
a vector field by giving the y’ as smooth functions of 
x!. If f is a smooth function on M and V is a vector 
field, then V(f) is another smooth function. 

Given a vector field V and a point pe M at 
which V #0, existence theorems for systems of ODE 
(e.g., Picard’s Theorem) imply that there exist a 
neighborhood U of p and a one-parameter family of 
smooth, one-to-one mappings F;:U — M, such that 
for any fixed q € U, the curve F;(q) is tangent to V 
for every t. The F;,’s are called the flow by vector 
field V. 

The Lie bracket [V,, V2] of two vector fields V,, V2 
is a third vector field defined by 


[Vi, V2l(f) = ViV2(f)) — Vai (f))- 





If yi and ys are the components of V;, V2 in local 
coordinates, then 


dys dy) 0 
[Vi. Va] & (43 Yaa laqe 


ij=l 








The vector fields are said to commute if [V,, V2] is 
identically zero; then, flow by V; commutes with flow 
by V3. 

A differential 1-form at p is a linear mapping 
function from 7,M to R. For example, given a 
differentiable function f defined near p, we define 
the 1-form df by df(v):=v(f) for all ve TM. The 
vector space of 1-forms at p is denoted 7; M. Given 


local coordinates, the differentials dx!, ..., dx”, which 
satisfy dx!(9/ax/) = 5, are a basis for TM. While 
tangent vectors generalize directional derivatives in 
R", 1-forms generalize gradients; however, 1-forms 
cannot be identified with tangent vectors without using 
some nondegenerate bilinear form on tangent vectors, 
for example, a Riemannian metric or symplectic form 
on M. 

A differential 1-form on M assigns a 1-form at each 
point; in local coordinates, these appear as 


n 
o= Yo cide’, 
i=l 


where the z; are some smooth functions of the x'. If 
V is a vector field on M, then w(V) is a function 
on M. 
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Given a smooth mapping F:M— WN, we can 
transform a tangent vector v € T, M to a tangent vector 
FN at F(p) by defining 


F.W(f) :=V(f oF) 


for any function f:N—R. This is called the 
pushforward of v. We similarly define the pushforward 
FV of a vector field V on M. We can also transform 
a 1-form » on N toa 1-form F*w on M by defining 


F*o(V) :=@(F,V) 


for any tangent vector Vv to M. This is called the pullback 
of w. 

If V is a vector field and F;, is the flow by V, we 
define the Lie derivative of a 1-form w with respect to 


V by 


Lyo:= 





dt t=0 


If the components of V and a in local coordinates are 
y' and z;, respectively, then 


: i 92) ay/ 
Lyo ye Yaa tag dx;. (2) 


Some useful properties of the Lie derivative are that it 
obeys the product rule and commutes with d, that is, 


Ly (fW) = (Lv f)W + flLyWw, 
Lv (fo) = flLyot Lv fo, 
Lv (df) =d(Lvf), 
where we define Ly f:=V(f) and LyW:=[V, 


W)]. (Note than one can derive (2) using these 
properties.) 








Higher Degree Differential Forms and 
Topology 


A differential k-form at p is a multilinear function on 
k-tuples of vectors in T,, M that is skew-symmetric; that 
is, its value is multiplied by —1 whenever two adjacent 
vectors in the k-tuple are exchanged. For example, a 
2-form may be constructed from two 1-forms w!, w 


using the wedge product: 


wo! Ao (V1, V2) = 0! (V1)@ (V2) — o! (V2) (V1). 
(Note that this is zero if w! and @* are linearly 
dependent.) More generally, the wedge product of 
1-forms w!,..., w* is defined by 


wo! A... Aa (Vy, ...VE) 
= Yi D%e! Vo ay)@ Vo(2)) ee o* (Vo(k))s 
oOo 


where the sum is over all permutations o of 1, 2,...,k 
and (—1)° is the sign of the permutation. On an 
n-dimensional manifold, the vector space of k-forms 
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at a point has dimension (D and is spanned by wedge 


products of 1-forms; in particular, there are no forms of 
degree higher than n. 

A 2-form may also be constructed from a single 
1-form w by taking the exterior derivative dw, which 
satisfies 


do(Vi, V2) = Vi (@(V2))—V2(@(Vi))-—@ (Vi, V2). 

(3) 
(Although the right-hand side is defined using vector 
fields, its value at a point p depends only on the values 
of V,, V2 at p.) The exterior derivative of a k-form is 
a (k + 1)-form; it can be calculated inductively using 
linearity and the product rule 


d(a a B) = da A B+ (-1) 8a a dp. 


If the exterior derivative of a k-form is identically 
zero on M, the form is closed. If a k-form is an exterior 
derivative of a (k — 1)-form, it is exact. An important 
property of the exterior derivative is that d(da) =0, i-e., 
exact forms are closed. The Poincaré Lemma asserts 
that a closed k-form @ is locally exact; that is, in the 
vicinity of any given point a (k — 1)-form is defined 
such that a = df. However, not every closed form is 
globally exact (e.g., the 1-form dé on S 1), Moreover, 
the de Rham Theorem asserts that the dimension of the 
vector space of closed k-forms modulo exact k-forms 
is a topological invariant of M; that is, two manifolds 
cannot be homeomorphic (or diffeomorphic) unless 
these dimensions, known as the Betti numbers, match 
up. (For example, the Euler characteristic is determined 
by the Betti numbers.) 

Tuomas A. Ivey 


See also Invariant manifolds and sets; Lie algebras 
and Lie groups; Topology 
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DIFFUSION 


When a small drop of ink is poured onto a soft 
gel, the ink molecules disperse through by diffusion. 
Similarly, the spread of heat through a medium can 
also be a diffusive process (called heat conduction). 
Many other applications of diffusion arise in biology, 
combustion, economics, chemical engineering, and 
geophysics, among other fields. 

Mathematically, the diffusion equation takes the 
form (Crank, 1975) 


ur = Au, qd) 


DIFFUSION 


where u=u(a, ft) is the state variable, representing, 
for example, the density of concentration of some 
substance, at time t > 0 and position 2 in R”, where 
Au denotes the Laplacian of u with respect to the space 
variable x. Equation (1) is an example of a parabolic 
equation of evolution. If it holds for all a in R”, then 
the problem is fully specified once appropriate initial 
conditions 

u(x, 0) = uo(x) (2) 


are known. If Equation (1) holds in a limited domain 
Qc R", then some boundary conditions must be 
imposed on u at dQ that are compatible with the 
physical situation. 

The diffusion equation can be viewed as a balance 
law (Grindrod, 1996). Let Q(a, t) be the net creation 
rate of particles at a € T C Qandtimet, and let J (a, rt) 
be the flux density. For any unit vector n € R”, the 
scalar product J - 7 is the net rate at which particles 
cross a unit area in a plane perpendicular to n (take the 
plus sign in the direction of 7). Assuming that the rate 
of change of mass in Q is due to particle creation or 
degradation inside I’ and the inflow and the outflow of 
particles through the boundary aI’, we have 


— | udx= — 


Jonas+ [ ae, (3) 
dt Jr ar r 


where fpud« denotes the population mass in I. 
If the solution is smooth enough, then applying the 
divergence theorem to the right-hand side in (3) gives 


ins ude = ['v-sas+ [ ae. (4) 
dt Jr r r 


As [ was arbitrary in Q, Equation (4) implies that 
uj=—-V-J+@Q (5) 


at every point in Q, which is the required balance law. 
In practice, depending on the process studied, one 
must specify the flux J and the source term Q. For 
example, in combustion or in chemistry, one uses Fick’s 

law: 
J =—DVu. (6) 


Here D > Oisaconstant called diffusivity with physical 
units of m2s~!. The minus sign in (6) accounts for 
the fact that the particles are transported from high to 
low densities. Using (6) in (5) gives the usual reaction- 
diffusion equation 


u; = DAu+ O(a, t,u,...). (7) 


A heuristic derivation of the diffusion equation (1) 
involves the notion of a random walk. Consider a 
one-dimensional (1-d) random walker that at each time 
step tf; hops from its position x, one unit to the left or 
right, x,41. The change in probability p(xp, t;) to find 
the walker at x, at f; is equal to the sum of probabilities 
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for it to hop into the point minus the sum of probabilities 
to hop off the point: 


P(Xn, ti) — POn, ti-1) 


1 
= 5 (POnt1, HI) FP On—1, H-1)) ~PAn, fi-1)- 
(8) 
Introducing the space and time scales of the motion, 
this equation can be rearranged as 
POn, ti) — POn, ti-1) 
5 
82 fF pO n—1, 1) 2p Gn, H+ PGn41 G1) 
26; 62 ; 





(9) 


Denoting D=682/25;, Equation (9) becomes a dis- 
crete approximation of Equation (1), and by taking the 
limit as 6;, 6; > 0, keeping D finite, we recover Equa- 
tion (1). 

A rigorous derivation of the diffusion equation 
is obtained via stochastic calculus. The motion of 
individual particles is described by stochastic differen- 
tial equations with the positions of the particles being 
modeled as random variables in R”. The global 
behavior depends on the type of stochastic process 
governing the motion of the particles. Typically, one 
describes this in terms of the probability distribution of 
the random variable. In many cases, one finds that all its 
moments of order higher than 2 vanish. Consequently, 
the distribution of the population density, u, satisfies 
the second-order Fokker—Planck (or Kolmogorov’s 
forward equation) (Oksendal, 2000) 


u, = V(D(a, thu) — V(C(a, tu). (10) 


Equation (10) is a diffusion equation with a noncon- 
stant, inhomogeneous diffusivity and convective term. 
It often arises for particles whose individual speeds are 
random deviations from some externally applied con- 
vection velocity. Examples arise in fluid flow and 
in biology (dispersals of population dispersals, e.g. 
chemotaxis), among other fields. 

Particularly important cases are when the diffusivity 
depends on the population density such as in biology or 
ecology (Aronson & Weinberger, 1975). For example, 
insect dispersal models use the fact that the rate of 
spread of the population is increased at higher insect 
density. This is usually modeled with an equation of 
the form 

u, = A(D(u)Vu) + fu), (11) 


where typically D(u) = Dou, m > 0 (Okubo & Levin, 
2001; Murray, 2002). Density-dependent diffusion 
equations appear in many other fields. In physics, 
impurities are diffused into semiconductor materials 
(in the processing of silicon-based electronic devices) 
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Figure 1. (a) Linear diffusion solutions of Equation (13). (b) 
Nonlinear diffusion solutions of Equation (14). 


so the diffusivity is a function of the density of the 
semiconductor. Other examples include models of 
crystal growth, porous media, magnetic flux vortices 
in superconductors, surface reactions, and so on. 

The behavior of the solution to Equation (1) is well 
understood. If Q is linear in u, then the solution is 
found by Fourier transform or eigenfunction-expansion 
techniques. For example, the linear diffusion equation 


u, = Au+u (12) 


with the initial condition u(x, 0) = 6(x) (Dirac’s delta 
function) has, in (1-d), the fundamental solution 


u(x,t) = 





: z 0. (3 
sao0(' ate s (13) 
Figure la illustrates the behavior of Equation (13) 
as a function of x for various times. Due to the 
linear source term, the solution grows exponentially 
(is unbounded). Another feature of solution (13) 
is the “paradox of infinite speed propagation.” For 
all x 40, u(x,0)=0, but u(x, t)>0 for all t>0. 
However, the diffusion equation describes well the 
global behavior of mass, as it can be easily verified that 
the center of mass does propagate with a finite speed. 

The behavior of solutions of Equation (7) changes 
dramatically if Q is no longer linear in uw. Consider 
the typical nonlinear autonomous form now called 
the Fisher-KPP equation and first investigated by 
Kolmogorov, Petrovsky, and Piscounoff (1937) and, 
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separately, by Fisher (1937) to model the process of 
genetic diffusion: 


u, = Au+u(1—u). (14) 


The only solution evolving from a positive compactly 
supported initial data is always bounded and propagates 
in the form of a traveling wave with constant speed 
uv =2, see Figure 1b for an illustration. This is due to 
the combined action of diffusion and local nonlinearity 
and has been used in many models applied in 
biology (genetics, ecology, population dynamics, etc.), 
chemistry, combustion, economics, physics, etc. The 
equation similar to (14) but with a cubic nonlinearity 
(bistable model) instead of the quadratic was proposed 
in 1938 as a model for a flame front by Zeldovich and 
Frank-Kamenetsky (1938). 

Razvan A. SATNOIANU 


See also Fokker-Planck equation; Heat conduc- 
tion; Reaction-diffusion systems; Zeldovich-Frank- 
Kamenetsky equation 
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DIMENSIONAL ANALYSIS 


The dimensions of quantities in any equation (in physics 
these are mass, length, time, charge, temperature, angle, 
and so on) must be the same on both sides; otherwise 
an equality would be violated by changing units. From 
such reasoning, it is often possible to derive valuable 
insights without delving into mechanisms. This 
“dimensional analysis” is an old idea; Lord Rayleigh 
(John William Strutt), an early vigorous exponent of 
the method, called it the “principle of similitude,” 
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Figure 1. A right triangle is broken into two smaller right 
triangles of the same proportions. 


which he extolled in the following terms (Rayleigh, 
1915): “It happens not infrequently that results in the 
form of ‘laws’ are put forward as novelties on the 
basis of elaborate experiments, which might have been 
predicted a priori after a few minutes’ consideration.” 

The principle was familiar to Galileo, Newton, 
Fourier, Reynolds, and Maxwell, and was widely 
used in engineering around 1900. Edgar Buckingham 
formalized it in what is now called the Pi (for 
“product”) Theorem, that any functional relation 
among N quantities represented by real numbers 
and collectively involving U < N basic units can be 
rewritten as a dimensionless, constant function of 
N —U dimensionless, multiplicative combinations of 
those variables (Buckingham, 1914). Unless N and U 
are trivially small, some systematic procedure is helpful 
for finding all possible ways of combining variables 
into dimensionless constants (Birkhoff, 1950; Coyle & 
Ballico-Lay, 1984). 

Interestingly, there have been attempts to discover 
the laws of economics and finance by similar 
procedures, starting of course from a different list of 
fundamental units (DeJong, 1967). 

As most articles on dimensional analysis expound 
abstract principles, two examples are presented here, 
one drawn from the ancient roots of mathematics 
and one from the nonlinear physics of shock 
waves. 


Pythagorean Theorem 


The area of aright triangle is uniquely determined by the 
length of the “long” side and one of the other (“wrong”) 
angles. Area is some universal function of Long and 
Angle, let us say the smaller Angle, dotted in Figure 
1. Do we have to figure out exactly what function? 
Maybe not. We know Area has to be proportional to 
Long? to make the dimensions come out right, and the 
other factor must be some dimensionless function of 
the dimensionless Angle (or equivalently of the ratio 
between the two shorter sides). Break this triangle 
into two smaller ones of exactly the same shape by 
constructing a perpendicular from the right angle to the 
Long side. Call the two areas Area A and Area B. So 
Area= Area A+ Area B. 

Each of these similar triangles has for its own 
long side one of the big triangle’s shorter sides, 
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and all the angles are the same as in the big one. 
Thus Long? f (Angle) = ShortA2 Ff (Angle) + ShortB2 
f (Angle), where Angle means the dotted smaller 
angle, which is the same in all three cases. So unless 
J (Angle) = 0 (i-e., unless the areas are all 0 anyhow), 
then 


Long? = ShortA? + ShortB’. (1) 


This is the theorem attributed to Pythagoras. We 
obtained it by merely insisting on dimensional 
consistency (Goldenfeld, 1992). 


Atomic Explosions 


From any big explosion in air, shock waves propagate 
outwards, slowing as the hemisphere of destruction 
expands. How fast does the hemisphere expand? You 
might think that an answer to this question necessarily 
involves a complex variety of considerations about 
sound, chemistry, thermal physics, and so on. Indeed 
it does, but let us consider an atomic explosion from 
the perspective of dimensional analysis. 

Suppose the results are pretty much the same for any 
blast of the same total energy. If that were so, how could 
the expansion of the shock—its distance from ground 
zero (R) as a function of time (t)—depend on the energy 
(E) of the blast? 

Let us denote the unit of length by the symbol L 
and the unit of time by the symbol 7. (Thus L might 
be meters and T seconds.) Then energy (which is mass 
times velocity squared) has units (M L*T~), where M 
denotes the unit of mass. 

Since no combination of the three factors R, T, and 
E is unitless, we need to include another factor that 
involves mass. Such a factor is the air density, p. This 
factor is clearly important because without air there 
would be no shock wave but only bomb parts flying at 
fixed speeds through the vacuum of space. So throw p 
into the stew with units ML. How to relate these four 
quantities (R, t, E, and p) to obtain a unitless result? 

From the Pi Theorem, there is only one unitless 
combination of our four quantities (R, t, E, and p) that 
are expressed in terms of three basic units (L,t, and 
M). Thus, 


R°p 


PE =a, (2) 


where a is a dimensionless number that Geoffrey Taylor 
estimated (in 1941) to be 0.926 (Taylor, 1950a). 

In 1949, Taylor verified his analysis by plotting the 
log of R (in meters) against the log of t (in seconds) 
for the first atomic explosion—the Trinity blast of 16 
July 1945 in Alamogordo, New Mexico. According to 
Equation (2), log R versus logt should be a straight line 
with a dimensionless slope a Except for the first point 
at 0.1 ms, the log-log plot in Figure 2 is indeed close to 
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Figure 2. A log-log plot of the expansion of the Trinity fireball. 
From the origin of the blast, a hemispherical shock of radius 
R expands as a function of f during the first 62 ms. (The inset 
shows is a photograph of the blast at 15 ms, and the data are from 
Taylor, 1950b.) 


a straight line with slope 2. In dimensional terms, 


Si 
a =x 103 m?s~? (3) 


to an experimental uncertainty of about 10%. Because 
a and p are known, the data in Figure 2 reveal the blast 
energy, which Taylor computed to be the equivalent of 
about 20 ktons of TNT (Taylor, 1950b). 

In 1947, several of the photographs upon which 
Figure 2 is based were published by Life, a popular 
magazine of the time. Using these data, assuming 
a=1, and taking p = 1.25 kgm~?, Equations (2) and 
(3) imply a blast energy of 8.4 x 10!°kgm? s~? (or 
joules), which is equivalent to about 20 ktons of TNT. 
It may be presumed that interested parties made this 
simple estimate without delay. 

Although these two examples may seem like 
magic, dimensional analysis has some limitations 
(Rayleigh, 1915). For example, this approach is 
useless in the absence of clear functional relations 
among mathematical quantities. Furthermore, one may 
doubt that the list of dimensioned variables presumed 
to be relevant is complete and does not include 
superfluous items. Finally, the desired relations may 
be unknown functions of dimensionless combinations 
of the pertinent variables. 

A.T. WINFREE 


See also Explosions; Nerve impulses; Shock waves 
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DIMENSIONS 

The classical, integer-valued definition of dimension 
(see Hurewicz & Wallman, 1941) is defined induc- 
tively: the empty set has dimension — 1, and a set has 
dimension n if n is the smallest integer such that ev- 
ery point has arbitrarily small neighborhoods whose 
boundaries have dimension less than n. This gives the 
“right” answer for smooth curves and surfaces, whose 
dimension we know intuitively. 

In order to describe more accurately the complicated 
fractal sets that arise in nonlinear dynamics, we need to 
introduce more subtle definitions. Surprisingly, there 
are several generalizations of dimensions that still 
assign the intuitively correct dimensions to the above- 
noted well-behaved sets, and we recall two of them here. 

The first of these is the “box-counting” dimension, 
also known as the Minkowski dimension, the fractal 
dimension, the entropy dimension, the capacity dimen- 
sion, and the limit capacity: a litany of names that testi- 
fies to its popularity. For a subset X of R", take a fixed 
array of boxes of side 6, and count the number N;(X) 
of these boxes that intersect with X. If N3(X)~ 5~4 as 
5 — 0, then X has box-counting dimension d. This can 
be made mathematically precise by defining 


log Ns(X 
deine (1) 
530 —logd 


(For alternative definitions that give the same quan- 
tity see Falconer (1990).) While the box-counting di- 
mension is simple to define, it is not without problems. 
For example, the set S = {0} U {1/n:n=1,2,...}, an 
unlikely candidate for a fractal, has box-counting di- 
mension 5 We now introduce another widely used 
definition of dimension that does not suffer from this 
anomaly. 

We could try to define a notion of the “d-dimensional 
volume” of X as the limit of Ns(X)5¢ as 5 > 0, but 
such a definition does not even agree with the standard 
definition of volume (Lebesgue measure) when d is an 
integer. Instead, the proper generalization of Lebesgue 
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measure to non-integer dimensions is d-dimensional 
Hausdorff measure. Essentially, we cover a set X C R” 
by a collection of balls of radii rj <5, and then let 
H4(X) be the limit of S ra as 5 tends to zero. More 
precisely, we define 


H4(X) 


= lim inf Lei : rj <d8and X CU;B,, (xj) 

t 
(the notation B,(x) denotes an open ball centered at x 
of radius r). The resulting measure is proportional to 
Lebesgue measure when d is an integer. The “Hausdorff 
dimension” of X is the smallest value of d for which 
H4(X) is finite, 


dy(X) = inf{d > 0: H4(X) < ox}. 


Since Wg(X, 5) < N5(X)84, we always have dy(X) < 
dpox(X) (and this inequality can be strict: the set S 
defined above has zero Hausdorff dimension). While 
harder to estimate in practice, the Hausdorff dimension 
is easier to deal with theoretically. 

If we want to estimate the dimension of the 
attractor A of a dynamical system, it is useful to 
have a method based on dynamical quantities. In 1980, 
Douady & Oesterlé showed how to obtain a bound on 
dy(A), the dimension of the attractor of an iterated 
c! map f on R". Denote by Df(x) the matrix of 
partial derivatives of f, ie., [Df]ij =0f;/0x;, and 
let A(x) > A2(x) >An(x) be the logarithms of the 
eigenvalues of [Df (x) Df (x)]!/2. Now set 

eee Aa) + TAG (2) 
|Aj+i(x)| 
where j is the largest integer for which A,(x)+ 
+++ +Aj(x)=0 (note that j <d(x)<jt+1). If d> 
d(x), then any infinitesimal d-volume near x is 
contracted under the application of f, so 


dy(A) < sup d(x). (3) 
xeA 

Hunt (1996) showed that the right-hand side of (3) also 
bounds dpox (A). (A similar approach also works for the 
attractors of flows by taking f to be the time T map, 
for some suitable 7. Constantin & Foias (1985) have 
proved a version of (3) for the attractors of infinite- 
dimensional dynamical systems.) 

However, the box-counting and Hausdorff dimen- 
sions give equal weighting to all points in the attractor, 
while it is possible to have regions of the attractor that 
are visited very rarely. In such a situation, it can be 
more natural to consider invariant measures rather than 
attractors. As a (canonical) example of such a measure, 
suppose that f : R" — R” generates a dynamical sys- 
tem on R”. Then for any set X, we can define 








1 
w(X) = lim —card{k: f*(x) € X, 1<k <m}, 
m>oom 
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where x is a point in the basin of attraction of A. The 
quantity j1(X) is the proportion of time spent in X by 
a “typical trajectory” on the attractor. 

There are various ways of defining the dimension 
of a measure yz. We could define the Hausdorff/box- 
counting dimension of jz to be the dimension of its 
support, 


dbox/H(H) = inf {dpox/H(E) : W(E) = 1}, 


but this still discounts the dynamical information con- 
tained in yz. Kaplan & Yorke (1979) defined the Lya- 
punov dimension of [1, di (2), precisely as in (2), but 
replacing A; (x) by the Lyapunov exponents associated 
with jz (the asymptotic growth rates of infinitesimal dis- 
placements about trajectories through jz-almost every 
choice of initial condition). In 1981, Ledrappier showed 
that for a very general class of dynamical systems, 
dy() < di (yz) (the inequality can be strict), while 


box (A) = sup di (u). 


all invariant ergodic w 
(Kaplan & Yorke had originally conjectured that 
pox (A) = di ().) 
We now give two definitions of dimension that take 
into account the spatial structure of jz. The correlation 
at scale 5 is defined by 


C6) = / du(x) du(y), 
XxX: |x-y|<d 


which gives the probability that two points chosen 
according to the probability measure yz lie within 5 
of each other. If C(5)~ 64 as 60, then d is the 
correlation dimension deoxy (4). This was introduced 
by Grassberger & Procaccia (1983), who demonstrated 
that this quantity is particularly suited to numerical 
calculation. 

Alternatively, define the “d-entropy” K3(u)= 
_ x; (B;) In w(B;), where {B;} is an array of boxes 
of side 5; the information dimension is given by 


_ Ks) 
dint (LW) = ‘um, ond’ 





(Ruelle (1989) refers to dy(j) as the “information 
dimension” of ju: this should serve to emphasize how 
important it is when discussing dimensions to be 
explicit about the definition.) 

Three of these dimensions occur as part of a scale 
of dimension-like quantities (see Grassberger, 1983). If 
B; is an array of boxes of side 6, set 


1 
ar 
i 





K3(q) = 


(‘the Renyi qg entropy”). Note that K5(0)= log Ns 
(supp /), 


lim Ks(q) = — Dd) H(Bi) In 268i) = K5() 
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and that since C(5) < )°; (Bi)? <C(6./n), we have 
log C(5) < Ks(2) < log C(6./n). Now define the Renyi 
dimensions Dg (1) by 





_ Ks(q) 
D, =1 : 
g{) 550 —logé 


Then Do (4) = dbox (4), Di (HH) = ding (4), and D2 () = 
decor (4). Since Dg is non-increasing in g, we have in 
particular deorr (4) < dint (WW) < dbox (lH). 

The Renyi dimensions are similar to quantities used 
to define the “multi-fractal spectrum.” The theory 
relates the numbers t(q) = (1 — q) Dg to the frequency 
of various scaling behaviors about points on a fractal 
set: roughly, if for some small ¢ the number of 6-mesh 
cubes B; with 


5°** < (Bj) < 6° 
scales like 5~/@, then 


f(@(q)) = Tq) + ga(q), 


where gq = f’(a(q)). The curve f(a) is the multi- 
fractal spectrum of the measure yw. (As remarked 
by Falconer (1990), the tempting interpretation of 
the “fractal spectrum” as the dimension of sets of 
points x where p(Bs3(x))~ 65° is incorrect: typi- 
cally the dimension of such sets will be zero or 
the same as that of the whole space, see Genyuk 
(1997/98).) Although these ideas have proved use- 
ful in the theory of turbulence (e.g. Frisch, 1995), 
their mathematical foundations have still to be fully 
resolved. 

James C. ROBINSON 


See also Attractors; Fractals; Lyapunov exponents; 
Measures 
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DIODES 


Many of the desirable features of a wide variety of solid- 
state electronic devices are based on nonlinear current- 
voltage characteristics. These involve situations where 
a sufficiently high bias is applied to the device so that 
it either switches from one conductive state to another 
or oscillates between different conductive states. 

A two-terminal electronic device is called a diode. 
In general, the current J through a diode depends upon 
the polarity of the applied voltage U and exhibits 
a nonlinear voltage dependence. This includes the 
important special case of a rectifier diode that conducts 
the current for one polarity of voltage and blocks it for 
the other. A rectifier can be realized by a p—n junction (a 
semiconductor that is p-doped on one side and n-doped 
on the other side), and it can be described approximately 
by the current-voltage characteristic 


l=k (eee - 1) } (1) 


where /, is the saturation current for reverse bias U < 0, 
kg is Boltzmann’s constant, and T is the temperature 
(Figure 1a). For forward bias (positive voltage applied 
to the p side), the majority carriers (holes from the p 
side and electrons from the n side) flow towards the 
junction where they recombine, while for reverse bias 
they are pulled away from the junction. 

The Schottky diode is a rectifier diode, which 
consists of a metal-semiconductor contact. Interface 
states and to a small degree the difference in work 
functions between the metal and the semiconductor 
give rise to a potential barrier (Schottky barrier) and 
depletion of majority carriers in the barrier region 
for reverse bias. The current-voltage characteristic is 
similar to Equation (1). 

Depending upon bias conditions, doping profiles, 
and device geometry, various other terminal functions 
of diodes are possible, which involve nonlinear 
behavior of the conductivity, the capacitance, and the 
inductance of the device. 

The Zener diode is a p—n junction that exhibits 
a sharp increase in the magnitude of the current at 
a certain well-controlled reverse bias (Figure 1b). 
Depending upon the specific device structure, it is either 
due to avalanche breakdown (multiplication of carriers 
by impact ionization occurring at high voltage) or due 
to tunneling across the bandgap (occurring at lower 
voltage). Itis used to stabilize and limit the dc voltage in 
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Figure 1. Typical nonlinear current-voltage characeristics of 
diodes. (a) p-n diode, (b) Zener diode, (c) Tunnel diode, (d) 
p-i-n diode (schematic). 





circuits, utilizing the property that the current can vary 
over a large range at the breakdown threshold without 
noticeable change in voltage. 

A class of diodes exhibits a nonmonotonic depen- 
dence of the current J upon voltage U. Negative dif- 
ferential conductance dJ/dU <0 can arise due to var- 
ious mechanisms and may result in self-generated os- 
cillations and complex self-organized spatiotemporal 
patterns. A famous example is the Esaki tunnel diode 
(Figure 1c) that, in its original version, consists of a 
heavily doped p—n junction. In thermal equilibrium, the 
Fermi level lies within the conduction band on the n 
side and within the valence band on the p side. When 
a small forward bias is applied, electrons can tunnel 
from the n- to the p-side where they find empty states 
in the valence band. With increasing bias, the filled 
conduction band states on the n side move up, and 
the overlap with empty states in the valence band de- 
creases; consequently, the tunneling current decreases, 
and d//dU <0. With a further increase of the bias, 
diffusion of the electrons over the barrier sets in as 
in a normal p-—n junction, and the current increases 
again. 

Modern variants of the tunnel diode are double- 
barrier resonant tunneling structures and superlattices 
that consist of alternating layers of different semicon- 
ductor materials (heterostructures) forming potential 
barriers and quantum wells on length scales of a few 
nanometers. The current density across the barrier be- 
tween two wells is maximum if there is maximum over- 
lap between the occupied states in one well and the 
available unoccupied states in the other, that is, if the en- 
ergies are in resonance. For low bias, equivalent levels 
in adjacent wells are approximately in resonance, while 
for higher bias the ground energy level in one quantum 
well becomes aligned with the second level in the neig- 
boring well. Thus, resonant tunneling produces an J (U) 
characteristic similar to Figure lc. High-frequency 
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oscillations up to 150 GHz can be generated in reso- 
nant tunneling structures and superlattices. 

Gunn diodes are used to generate and amplify 
microwaves at frequencies typically beyond 1 GHz 
(these devices are called “diodes” because they are 
two-terminal devices, but no p—n junction is involved). 
The mechanism is based upon field-induced intervalley 
transfer of electrons from a high- to a low-mobility 
valley in the conduction band, and the manifestation 
of the current instability (oscillations or switching) 
is determined primarily by the cathode contact 
boundary condition. Traveling high-field domains 
(Gunn domains), which show up as transit time 
oscillations, represent an important mode of operation. 

Multilayered structures with alternating p- and 
n-doping represent another class of diodes that 
exhibit negative differential conductance, high-power 
microwave oscillations well above 30GHz, and 
complex spatiotemporal current density patterns. 
Starting from the basic nt—p-i-p* structure, where 
“+” denotes high doping and i is an intrinsic (undoped) 
layer, various modifications like IMPATT (impact 
ionization avalanche transit time) diodes, TRAPATT 
(trapped plasma avalanche-triggered transit) diodes, 
p-i-n diodes (with double injection of electrons and 
holes), or ntp*np~pt devices, where “—” denotes 
low doping, have been studied. These structures 
typically display bistability and switching from a 
low- to a high-conductivity state where carrier 
multiplication and avalanche breakdown set in (Figure 
1d). Negative differential conductance is also exhibited 
by multilayer systems composed of layers of different 
semiconductor materials (heterojunctions) like the 
heterostructure hot electron diode or real-space transfer 
devices. 

A p-n diode may also be operated as a nonlinear 
capacitor. As the depletion-layer width increases with 
increasing reverse bias, its capacitance decreases in a 
controlled way depending upon the doping profile. This 
effect is used in varactor (variable reactor) diodes to 
tune the capacitance and for parametric amplification. 
State-of-the-art developments include studies on p—n 
diodes with embedded quantum dot nanostructures, 
which strongly exhibit nonlinear capacitance-voltage 
characteristics as signatures of the charging of these 
quantum dots. 

Nonlinear inductors represent another class of two- 
terminal devices. A Josephson junction consists of two 
superconductors separated by a thin nonsuperconduct- 
ing region. The tunneling of superconducting electron 
pairs produces a current at zero voltage called the 
Josephson current. Switching can be obtained from this 
state to a voltage state by either current overdrive or a 
magnetic field. The dynamic response of the Joseph- 
son junction can be represented by an equivalent circuit 
with an intrinsic field-dependent inductance. 

ECKEHARD SCHOLL 


211 


See also Avalanche breakdown; Josephson junc- 
tions; Nonlinear electronics; Semiconductor oscil- 
lators 


Further Reading 


Boer, K.W. 2002. Survey of Semiconductor Physics, 2nd edition, 
New York: Plenum 

Ibach, H. & Liith, H. 2003, Solid-State Physics, Berlin: Springer 

Scholl, E. 2001. Nonlinear Spatio-Temporal Dynamics and 
Chaos in Semiconductors, Cambridge and New York: 
Cambridge University Press 

Shaw, M.P., Mitin, V.V., Scholl, E. & Grubin, H.L. 1992. The 
Physics of Instabilities in Solid State Electron Devices, New 
York: Plenum Press 

Sze, S.M. 1981. Physics of Semiconductor Devices, New York: 
Wiley 

Sze, S.M. 1998. Modern Semiconductor Device Physics, New 
York: Wiley 


DIRAC’S DELTA FUNCTION 


See Generalized functions 


DISCRETE BREATHERS 


The study of dynamical nontopological localization in 
translationary invariant nonlinear Hamiltonian lattices 
has experienced considerable development during the 
late 1990s (Sievers & Page, 1995; Aubry, 1997; Flach 
& Willis, 1998). The discreteness of space—that is, the 
use of a spatial lattice—is crucial in order to provide 
structural stability for spatially localized excitations. 
Spatial discreteness is a very common situation for vari- 
ous applications from, for example, solid-state physics. 

To make things precise, consider a d-dimensional 
hypercubic spatial lattice with discrete translational 
invariance. Each lattice site is labeled by a d- 
dimensional vector / with integer components. To 
each lattice site we associate one pair of canonically 
conjugated coordinates and momenta X/, P; that are 
real functions of time ft. Let us then define some 
Hamiltonian H being a function of all coordinates 
and momenta and further require that H has the same 
symmetries as the lattice. The dynamical evolution of 
the system is given by the usual Hamiltonian equations 
of motion. Without loss of generality, let us consider 
that H is a nonnegative function and that H =O for 
X, = P;=0 (for all /’s). We call this state the classical 
ground state. Generalizations to other lattices and larger 
numbers of degrees of freedom per lattice site are 
straightforward. 

When linearizing the equations of motion around 
H=0, we obtain an eigenvalue problem. Due to 
translational invariance the eigenvectors will be 
spatially extended plane waves, and the eigenvalues Q2, 
(frequencies) form a phonon spectrum, that is, Qg is a 
function of the wave vector g. Due to the translation 
symmetry of the Hamiltonian, Qg will be periodic in 
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q. Moreover, the phonon spectrum will be bounded, 
that is, |Qg| < Qmax. Depending on the presence or 
absence of Goldstone modes &2, might be gapless (zero 
belongs to the spectrum, spectrum is acoustic) or exhibit 
a gap (|Qg| = min, spectrum is optical). Increasing the 
number of degrees of freedom per lattice site induces 
several branches in Q, with possible gaps between 
them. 

Let us search for spatially localized time periodic 
solutions of the full nonlinear equations of motion, that 
is, X\I| > 0 > 0, and 


Xi(t) = X(t + Th) + Aki, P(t) = P(t +7), () 





with kj being integers and ) a spatial period (the 
equations of motion should be invariant under shifts of 
X; by multiples of 4 if applicable.) These solutions are 
called discrete breathers. If kj 40 for a finite subset 
of lattice sites, the solutions are sometimes called 
“rotobreathers.” 

If a solution exists, we can expand it into a 
Fourier series in time, that is, X)(t)= }°;, Ap eikeot 
(@p = 211/ Ty). Spatial localization implies Ax, — 0 > 
0. Inserting these series into the equations of motion 
results in a set of coupled algebraic equations for the 
Fourier amplitudes (Flach & Willis, 1998). Consider the 
spatial tail of the solution where all Fourier amplitudes 
are small and should further decay to zero with growing 
distance from the excitation center. Since all amplitudes 
are small, the equations of motion can be linearized. 
This procedure decouples the interaction in k-space, 
and we obtain for each k a linear equation for Ag, with 
coupling over /. This equation will contain kwp as a 
parameter. It will, in fact, be identical to the above- 
discussed equation linearized around H = 0, and it will 
contain kwp instead of Q, (Flach & Willis, 1998). If 
k@p = Qg, the corresponding amplitude Ax, will not 
decay in space, instead it will oscillate. To obtain 
localization, we arrive at the nonresonance condition 
(Flach & Willis, 1998) 


kay # Qq. (2) 


This condition has to be fulfilled for all integer k. For 
an optical spectrum (2,, frequency ranges for wp exist, 
which satisfy this condition. For acoustic spectra, k =0 
has to be considered separately (Flach et al., 1997). 

The nonresonance condition is only a necessary 
condition for generic occurrence of discrete breathers. 
More detailed analysis shows that breathers being 
periodic orbits bifurcate from band edge plane waves 
(Flach, 1996). The condition for this bifurcation is 
an inequality involving parameters of expansion of H 
around H = 0 (Flach, 1996). Rigorous existence proofs 
for weakly coupled anharmonic oscillators use, for 
example, the implicit function theorem (MacKay & 
Aubry, 1994). 

Discrete breathers (periodic orbits) appear generi- 
cally as one-parameter families of periodic orbits. The 
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parameter of the family can be, for example, the fre- 
quency (or energy, action, etc.). Note that we do not 
need any topological requirement on H (no energy bar- 
riers). Indeed, breather families possess limits where 
the breather delocalizes and its amplitude becomes 
zero. 

With the help of the nonresonance conditions, we 
can exclude the generic existence of spatially localized 
solutions that are quasi-periodic in time. Indeed, in the 
simplest case, we would have to satisfy a nonresonance 
condition kj@1 + k2@2 A Qg for @ /@2 being irrational 
and all possible pairs of integers k,,k2. This is 
impossible (Flach, 1994). 

The nonresonance condition also explains why 
breather solutions are nongeneric for nonlinear Hamil- 
tonian field equations, since 2, becomes unbounded 
for a spatially continuous system. Consequently, gener- 
ically an infinite number of unavoidable resonances de- 
stroys the breather existence there. 

Note that in many cases breathers can be easily ex- 
cited by choosing some localized perturbation of the 
lattice system. Integrating numerically the equations 
of motion, we find that the energy distribution is not 
delocalizing but stays essentially localized over sev- 
eral orders of magnitude of the characteristic phonon 
periods. These numerical results clearly show that 
breathers are not only interesting solutions but can be 
rather typical and robust depending on the system’s 
parameters. 

Note that breathers can also exist for autonomous 
forced damped systems (MacKay & Sepulchre, 1998). 
In these systems, contrary to the Hamiltonian ones, 
breather periodic orbits do not come in one-parameter 
families of the frequency wp, but correspond to limit 
cycle attractors that are isolated in the system’s phase 
space. 

SERGE] FLACH 
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DISCRETE NONLINEAR 
SCHRODINGER EQUATIONS 

With a fairly generous definition, a discrete nonlinear 
Schrodinger (DNLS) equation is any equation that 
can be obtained from a nonlinear Schrodinger (NLS) 
equation of general form 


ag 


iz + A¢4 F(G|)¢ = 0, () 





by employing some finite-difference approximation 
to the operators acting on the space-time-dependent 
continuous field @(r; ft). In (1), A= V? is the Laplace 
operator acting in one, two, or three spatial dimensions, 
and f is a quite general function that, for most purposes, 
is taken to be differentiable and with f(0)=0. In 
the most well-known case of cubic nonlinearity, 
f(¢))=y1@l?, Equation (1) is often referred to as 
the NLS equation, and is integrable with the inverse 
scattering method if the number of spatial dimensions 
is one. Here we use the term DNLS equation to 
denote the set of coupled ordinary differential equations 
resulting from discretizing all spatial variables in (1), 
while keeping the time-variable t continuous. However, 
one may also consider equations with discrete time 
(“fully discrete NLS equations’), as well as equations 
with only some of the spatial dimensions discretized 
(“discrete-continuum NLS equations”). The former are 
of interest as algorithms for numerical solution of (1), 
while the latter may describe pulse propagation in 
arrays of coupled nonlinear optical fibers (Aceves 
et al., 1995). 

The simplest example of a DNLS equation can be 
formally obtained by just replacing the Laplacian op- 
erator in (1) with the corresponding discrete Lapla- 
cian. Thus, for the one-dimensional (1-d) case, we let 
én(t) = (x =na; t) where a is the lattice parameter, 
so that for the particular case of cubic nonlinearity, the 
following equation is obtained: 


dén 
Flee oft ae 


a 24n + $n) + ¥1GnI"bn = 0, (2) 





where C =1/a?. This set of differential—difference 
equations with purely diagonal (“on-site”) nonlinear- 
ity is sometimes called the diagonal DNLS (DDNLS) 
equation, but since it is by far the most studied example 
of a DNLS equation, it is most commonly referred to 
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as simply the DNLS equation. Extensions to higher di- 
mensions are straightforward, so that, for example, for 
a 2-d lattice with x =ma, y=na, the DNLS equation 
reads 


i dom wn 
dt 


+¢m,n-1 — 4¢mn) +E V1Om.nl- mn =0. (3) 


The study of DDNLS equations has a long and 
fascinating history, beginning in the 1950s within solid- 
state physics with Holstein’s model for polaron motion 
in molecular crystals (Holstein, 1959); reappearing in 
the 1970s within biophysics with Davydov’s model 
for energy transport in biomolecules (see, e.g., Scott, 
1999, Chapter 5.6), in the 1980s within physical 
chemistry in the theory of local modes of small 
molecules (see, e.g., Scott, 1999, Chapter 5.4), and 
within nonlinear optics modeling coupled nonlinear 
waveguides (see, e.g., Hennig & Tsironis, 1999, 
Chapter 1.4); and most recently around the turn of the 
century within matter wave physics in the description 
of a dilute Bose-Einstein condensate trapped in a 
periodic potential (Trombettoni & Smerzi, 2001). A 
brief account of experimental verifications of the 
validity of the DNLS description in the two latter 
contexts available at the time of writing was given in 
Eilbeck & Johansson (2003, Chapter 10). In addition, 
the DDNLS equation has played a central role in 
the development of the general theory for intrinsic 
localized modes (“discrete breathers”) in systems of 
coupled anharmonic oscillators during the 1990s (Flach 
& Willis, 1998). The reader should also note that 
the DDNLS equation is a particular example of the 
more general “discrete self-trapping” (DST) systems 
(described under a separate entry), where the general 
DST dispersion matrix describing interactions between 
lattice sites is restricted to nearest-neighbor couplings. 
Thus, the general theory described for DST systems is 
also applicable for the DDNLS equation. 

The reason for the ubiquity of the DDNLS equation 
in nonlinear lattice systems is analogous to that of 
the NLS equation for continuum systems: it takes 
into account dispersion (through the nearest-neighbor 
interaction terms) as well as nonlinearity (the term 
Vln|2Gn) at the lowest order of approximation. It can 
be derived, for example, from a general system of 
coupled anharmonic oscillators using a “rotating wave 
approximation” (RWA), where it is assumed that each 
oscillator approximately can be described by a complex 
rotating-wave amplitude as un(t) = Re(dne~”) (see, 
e.g., Flach & Willis, 1998, Chapter 2.3; Scott, 1999, 
Chapter 5.3.1). Thus, the RWA assumes time-periodic 
solutions to have a purely harmonic time dependence, 
neglecting the generation of all higher harmonics. This 
approximation can be justified for small-amplitude 
oscillations in weakly coupled oscillator chains, using 





t C(m+1,n t Pm-1,n t Pmn+1 
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perturbational techniques with expansions on multiple 
time scales (see, e.g., Flach & Willis, 1998, Chapter 
2.2, for a general outline, and Morgante et al., 2002, 
Chapter 2.2, for details). 

As for general DST systems, the DDNLS equa- 
tion has, in addition to the energy (Hamiltonian) 
H= >, (Clénti— onl? — Sldnl*) (where iy and 
og, are canonical conjugated variables), a second 
conserved quantity, which is the excitation number 
N=), |bn |?. The conservation of excitation number 
results (through Noether’s theorem) from the invariance 
of the equation under infinitesimal transformations of 
the overall phase (¢n > ¢ne"). As a consequence, the 
DDNLS equation is integrable for two degrees of free- 
dom but nonintegrable for larger systems. Still, the 
existence of a second conserved quantity has some no- 
table consequences, which makes the DDNLS equation 
nongeneric among general Hamiltonian lattice systems, 
such as: 


e It has purely harmonic time-periodic solutions 
on(t)= Ane with time-independent A, (“‘sta- 
tionary solutions’). 

e It has continuous families of time-quasi-periodic 
solutions, with two incommensurate frequencies, 
which may be spatially exponentially localized 
also in infinite systems (‘quasi-periodic breathers”) 
(see, e.g., Eilbeck & Johansson, 2003, Chapter 7; 
Kevrekidis et al., 2001, Chapter 2.4). 


From a mathematical point of view, it is highly 
interesting that there also exist discretizations of the 
integrable 1-d cubic NLS equation that conserve 
its integrability. The most famous integrable DNLS 
equation is the so-called Ablowitz—Ladik (AL) DNLS 
equation, the integrability of which was first proven by 
Ablowitz & Ladik (1976). It is obtained by replacing 
the nonlinear term ylol?o with an “off-diagonal” 
discretization }|$n|?(@n41 + Gn—1), yielding 

dbp 
i 
dt 

Ya 2 

FF lb nt + Pn—1) = 0. (4) 





+ C(bn+1 — 26n + On-1) 


Due to its integrability, it is possible to obtain exact 
analytical solutions to (4) describing, for example, 
traveling waves (in terms of elliptic functions, see, e.g., 
Scott, 1999, Chapter 5.3.2), solitons, and multisolitons. 
In particular, for y/C >0, there is a (bright) one- 
soliton solution given by (with rescalings such that 
CH1,7=2): 


$n (t) = sinh B sech[B(n — vet, (5) 
where £, k, and a are free parameters, 
v= (2/6) sinh B sink, 


and w=2(coshBcosk—1). On the other hand, 
when y/C <0, there are dark-soliton solutions with 


nonvanishing amplitude as |n| > oo (Vekslerchik & 
Konotop, 1992). 

The ALDNLS equation (4) also has a Hamiltonian 
structure with 


H =~ [-CO*@n41 + bn—1) 


+4 bop(14 Zimnl?)]. 


although the conjugated variables ig, and $* are 
noncanonical and the corresponding Poisson bracket 
deformed (see, e.g., Faddeev & Takhtajan, 1987, p. 303; 
Scott, 1999, Chapter 5.3.2). There is, at this writing, 
no known direct physical application of the ALDNLS 
equation; however, it is commonly used as a starting 
point for perturbational studies of physically more 
relevant equations such as (2). A particularly interesting 
model allowing interpolations between Equations (2) 
and (4) is the so-called “Salerno equation,” which is 
described under a separate entry. 

As a final example, we mention a rather complicated 
DNLS equation, which was introduced and proven to be 
integrable by Izergin and Korepin in 1981. This Izergin— 
Korepin equation reads 

i Prantl 


don 
a 4 nT 
dt $ 


f Prin=1 
t , 
Onn+1 Qnn-1 
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where 
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2: 
+35 ln! ldnceil?- 
It is associated with a lattice Heisenberg magnet model, 
and turns into the cubic NLS equation in the continuum 
limit (see Faddeev & Takhtajan, 1987, pp. 299, for 
details). 
Maanus JOHANSSON 


See also Discrete self-trapping system; Nonlinear 
Schrédinger equations; Rotating wave approxima- 
tion; Salerno equation 
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In the early 1980s, experimental evidence suggested 
that vibrational energy in natural proteins (specifically 
the CO stretch oscillation of the peptide unit) might 
become self-localized, with implications for the storage 
and transport of energy in biological organisms (Careri 
et al., 1984). Because the structures of natural proteins 
take a wide variety of shapes, the following equation— 
called the discrete self-trapping (DST) equation 
(Eilbeck et al., 1985)—was proposed to capture the 
essential features of self-localization: 


(5 = on) U+yD(U|))U +eMU =0. (1) 


Here, U(t) =col(u, u2,..., uy) is a column vector 
representing the amplitudes of f oscillatory modes, 
each of which is described in the rotating wave 
approximation by the complex amplitudes: u(t), u2(t), 
..+, Uf(t). With y =0 and e=0, these modes (sites) 
oscillate independently and sinusoidally at the site 
frequency wo. 

In the last term of Equation (1), M=[m jx] is 
an f x f dispersion matrix, expressing energetic 
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interactions among the f modes stemming from 
electromagnetic couplings. This matrix is real and 
symmetric (mj; =m), and its diagonal elements can 
be chosen to represent small variations in the site 
frequencies from wo. Thus, with y =0 but with the 
dispersion parameter ¢ not zero, there will be f modes 
of oscillation given by eigenvectors of the matrix 
(M — a1). 

In the second term of Equation (1), the para- 
meter y introduces nonlinearity into the formula- 
tion, where D(|U|?)= diag|(\w1|?, |u2|?,..., lu pl?) 
is a diagonal matrix. Thus, with ¢=0O but with the 
nonlinear parameter y not equal to zero, each site is 
an independent (uncoupled) anharmonic oscillator. 

From a physical perspective, there are two types of 
nonlinearity: intrinsic (stemming from weakening of 
electronic bonding with mode amplitude) and extrinsic 
(arising from interactions between localized vibrations 
and the lattice) (Scott, 2003). Intrinsic nonlinearity 
governs energy localization in small molecules (such 
as “local modes” of the CH stretch oscillations in 
benzene), which has been known to physical chemists 
since the 1920s (Ellis, 1929). 

With both y and ¢ not equal to zero, the DST 
equation displays an interesting variety of regular and 
chaotic motions for various values of the energy 


y 
H=y) (cole? S Z\uj\*) —© So mixing 2) 
j fk 


and the “mass” N = |u|? + |u2/? +--+ |u fl?. Nu- 
merical studies of these motions provide insights into 
the dynamics of vibrational energy in proteins and in 
small molecules. (For descriptions at small levels of 
oscillatory energy, Equation (1) is conveniently quan- 
tized, Scott et al., 1994.) 

The scaling U > U exp( — iwot) reduces (1) to the 
standard form of the DST equation 


d 
Lut yD(\U/?)U +eMU =0. (3) 


An important class of solutions of the DST equation are 
the so-called stationary solutions (“stationary” because 
amplitudes are time-independent), which satisfy the 
ansatz 


U(t) = yexp(ior). 


Inserting this into (3), we see that the constant 
vector y=col(y1, y2,..., yf) Satisfies the nonlinear 
eigenvalue problem 


—oy + yDily|y + eMy = 0, (4) 


where w plays the role of the eigenvalue. In many 
cases, the vector y can be chosen to be real. In the 
limit ¢ > 0 (alternatively y — 00), called the “anti- 
integrable” limit, we have y; = 0 or |y; |? =o/y, and in 
the real case, we have y; = ++ ./N/K, where K is the 
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number of nonzero y; on the chain. Starting from these 
solutions, branches of solutions for nonzero € can then 
be generated numerically by path-following methods 
(Eilbeck et al., 1984). In the limit y — 0, (4) becomes 
a linear eigenvalue problem. 

The values of y; in the anti-integrable limit serve 
as a useful classification scheme for the branch, 
where we denote the three different (real) limits by 
the symbols -, t, and |, respectively. The simplest 
stationary localized solution has only one nonzero 
mode or site amplitude in the anti-integrable limit, with 
y= VN, yj =0,i 4 k. For small but nonzero e¢ the 
amplitudes on the sites 4 k are small and tend to zero 
exponentially as |k —i| > oo. 

Such a localized solution was called a soliton in 
the early work on the DST equation but is now more 
often referred to as a breather due to its internal degree 
of freedom w. A single breather in the center of a 
1-dimensional lattice would be written as (...--t+-...), 
and would appear as in Figure 1. More complicated 
breather structures are possible, suchas (...-- }4 ++...) 
and(...--t)-+...). 

Breathers satisfying (4) are referred to as stationary 
breathers; more general mobile solutions are of interest. 
Feddersen (1991b) carried out a numerical study of 
solutions of the form 


Uy (t) = wn — eter 


in the case where M is a tridiagonal matrix with 
constant coefficients (nearest-neighbor interactions). 
This case is now known as the discrete nonlinear 
Schrédinger (DNLS) equation. Note that the “carrier 
wave” speed w/k is different from the “envelope” speed 
c. He found branches of localized solutions to high 
accuracy, but the existence of such solutions is still an 
open question. 

The stability criteria for stationary solutions of the 
DST equation were studied by Carr & Eilbeck (1985). 
An important step is to consider perturbations in a frame 
rotating with the stationary solutions 


Un(t) = Lyn t ene. 


Once this trick is carried out, the study of linear stability 
reduces to an algebraic eigenvalue problem, at least 
when ff is finite, which greatly simplifies the problem. 
One noteworthy point is that the resulting stability 
matrix is not self-adjoint, so branches can change 
stability at points away from bifurcation points. 

On a finite lattice, modeling vibrational modes on 
small molecules, the stationary solutions of the DST 
equation can often be found exactly. For f =3 and 
Mj; = 1ifi 4 j (modeling NHs stretching oscillations 
in ammonia), we obtain the bifurcation diagram shown 
in Figure 2. Details are discussed in Eilbeck et al. 
(1985). Note the change of stability of the + 0 branch 
at two places, and the local-mode branch, where the 
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Figure 1. Stationary Breather on a DST (DNLS) lattice. 

















Figure 2. Stationary solutions ona DST lattice with f = 3. Solid 
(dotted) lines indicate stable (unstable) solutions. 


vibrational energy is localized on a single degree of 
freedom. 

In the large f case, in an application of the DST 
formulation to the dynamics of a globular protein, 
Feddersen considered interactions among CO stretch 
oscillations in adenylate kinase, which comprises 194 
amino acids (f = 194) (Feddersen, 1991a). Since the 
structure of this enzyme has been determined by 
X-ray analysis, the f(f — 1)/2 = 18721 off-diagonal 
elements of the dispersion matrix (M) were calculated 
from Maxwell’s equations. Also, diagonal elements 
were selected from a random distribution, and the 
degree of localization of a particular solution was 
defined by evaluating the quotient }> |u; \4/ lu; . 

In this study at experimentally reasonable levels 
of nonlinearity (vy), stable localized solutions were 
observed near some but not all of the amino 
acids. Interestingly, this anharmonic localization was 
observed to be distinctly different from Anderson 
localization, a property of randomly interacting linear 
systems. Thus, none of the stationary states, that were 
observed to be highly localized at large y, remained so 
as y was made small. Also, none of the states, that were 
localized at y = 0 (i.e., Anderson localized), remained 
so as y was increased to a physically reasonable level. 

Other studies and applications of the DST equation 
include models for Bose-Einstein condensates and 
coupled optical fiber arrays. On the theoretical side, 
work has been carried out in the study of nonstationary 
and chaotic solutions on both small and large lattices. 
A list of citations to Eilbeck et al. (1985) is presently 
maintained at http://www.ma.hw.ac.uk/~chris/dst/. 

ALWYN SCOTT AND CHRIS EILBECK 
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See also Anderson localization; Discrete breathers; 
Discrete nonlinear Schrodinger equations; Local 
modes in molecular crystals; Local modes in 
molecules; Rotating wave approximation 
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DISLOCATIONS IN CRYSTALS 


Dislocations in crystals are linear topological defects 
near which the regular crystalline atomic arrangement 
is broken. The dislocation as a structural defect is char- 
acterized by the following peculiarity: the regular crys- 
tal lattice structure is greatly distorted only in the near 
vicinity of an isolated line (the dislocation axis), and the 
region of irregular atomic arrangement has transverse 
dimensions of the order of the interatomic distance. 
Nevertheless, deformation occurs even far from the dis- 
location core, and this is a consequence of a topological 
property of the dislocation. The deformation at a dis- 
tance from the dislocation axis may be seen by passing 
along a closed contour around the dislocation core and 
considering the displacement vector of each crystalline 
site from its position in an ideal lattice. Upon calculat- 
ing the total increment of this displacement vector at 
the end of the pass, one sees that the total atomic dis- 
placement is nonzero and equals one atomic translation 
period. 

Among the many microscopic models of disloca- 
tions, the simplest takes the dislocation to be the 
edge of an extra half-plane present in the crystal lat- 
tice. In the conventional atomic scheme of this model 
(Figure 1), the trace of the half-plane coincides with the 
upper semiaxis y, and its edge coincides with the z-axis; 
thus, one has an “edge” dislocation. If one surrounds 
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Figure 1. Schematic atomic arrangement in the vicinity of an 
edge dislocation. 


the dislocation axis with a tube with radius of the or- 
der of several interatomic distances, the crystal outside 
this tube may be regarded as ideal and subject only to 
elastic deformation (crystal planes are connected to one 
another almost regularly), and inside the tube the atoms 
are considerably displaced relative to their equilibrium 
positions and form the “dislocation core.” The atoms 
of the dislocation core are distributed over the contour 
of the shaded pentagon in Figure 1. The closed pass is 
the external contour starting from point | and finish- 
ing at point 2. The vector connecting atoms | and 2 is 
denoted by b and called the “Burgers vector.” Possible 
values of the Burgers vectors in a crystal are deter- 
mined by its crystallographic structure and correspond, 
as a rule, to a small number of certain directions in a 
crystal. The dislocation lines are arranged arbitrarily, 
although their arrangement is limited by a set of defi- 
nite crystallographic planes. The dislocation line cannot 
end inside a crystal. It must either leave the crystal with 
each end on the crystal surface or form a dislocation 
loop. 

The main topological property of the dislocation 
implies that a dislocation in a crystal is a specific line 
D having the following general property. After a circuit 
around the closed contour L enclosing the line D (see 
Figure 2), the elastic displacement vector u changes by 
a certain finite increment b equal to one of the lattice 
periods. This property can be written as 





day = bi, () 
L L OXk 
assuming that the direction of the circuit is related 
to a chosen direction of the tangent vector t to the 
dislocation line. The dislocation line is in this case a 
line of singular points of the elastic fields. 
Macroscopic considerations (based on elasticity 
theory) allow one to find a concentration of strains 
and stresses near the dislocation. The elastic field 
created by a dislocation leads to its interaction with 
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Figure 2. Mutual coordination of the vector t and circuit around 


dtddtt. 
reer ee 


Figure 3. Edge dislocation in the Frenkel-Kontorova model. 
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other dislocations and other types of crystal defects. 
In particular, the dislocation can accumulate point 
defects near its core. If such defects are color 
centers, the dislocation line can be decorated (See 
Color centers). 

Displacements of the dislocation line in the plane 
determined by the vectors b and t (called a “slip 
plane”) have no effect on the crystal continuity. 
Therefore, a comparatively easy mechanical motion of 
the dislocation is possible in principle in this plane. 
But any displacement of the dislocation produces some 
plastic deformation, so moving dislocations are carriers 
of crystal plasticity. 

Macroscopic dislocation theory can describe a con- 
tribution of the dislocations to mechanical properties 
of real crystals and proposes a physical explanation of 
the crystal plasticity. However, the macroscopic the- 
ory cannot propose a structure of the dislocation core 
and explain possible mechanisms of the dislocation 
motion. The Soviet scientists Yakob Frenkel and Ta- 
tiana Kontorova were the first to present a simple 1- 
dimensional microscopic dislocation model (Frenkel 
& Kontorova, 1938). To formulate their model, it 
is convenient to analyze the following picture. The 
atomic chain (a set of black circles in Figure 3) is 
an edge series of one half of a plane crystal (y > 0, 
Figure 1) displaced in a certain way with respect to 
another half of a crystal (a substrate at y <0). The 
influence of the nondisplaced half of the crystal on 
the atoms distributed along the x-axis can be qual- 
itatively described assuming that those atoms are in 
a given external periodic field whose period coin- 
cides with the interatomic distance on the substrate 
a. The chain energy is then determined not only by 
a relative displacement of neighboring atoms but also 
by an absolute displacement of separate atoms uy 
(n is the atomic number) in the external field. If 


DISLOCATIONS IN CRYSTALS 


the external periodical field has a simple sine-shaped 
dependence, the equation of chain motion has the 
form 
uy, 
m ae o(Un+1 + Un—1 — 2Un) 





—Upo sin(27uy/a) , (2) 


where m is the atom mass and @ and Up are con- 
stant parameters. The displacements of the atoms 
in the chain are performed in such a way that 
N-+1 atoms are situated over N crystal sites on 
the substrate. This atom distribution corresponds to 
the following boundary conditions for the displace- 
ments: 





U,;=a at n=—-w, Uu=O0 at n=o. 

(3) 
Equation (2) and the boundary conditions (3) are basic 
in the Frenkel-Kontorova model. 

In a long-wavelength approximation, the function 
of the discrete number u,, is replaced by a continuous 
function of the coordinate u(x) where x =na, and 
Equation (2) transforms into the sine-Gordon equation 
(SG) equation 

a2w 2 d2w 2. 
—; — wp sinw, 


rye =s x2 w = 2ru/a, (4) 
where s* = a?a/m and wo, =Uo/m. 

The SG equation (4) possesses the following (kink- 
soliton) solution satisfying the boundary conditions (3): 
u(x) = tan~! exp[ — (x — xo/1)], where / = s/ap and 
xg =constant. This kink describes the distribution of 
atoms in the core of the Frenkel—Kontorova dislocation, 
the parameter / determines the dislocation semiwidth, 
and xg is the coordinate of the dislocation center. 
Later Peierls (1940) proposed a semimicroscopic 
model of a straight dislocation line (directed along 
the z-axis in Figure 1) in a 3-d isotropic elastic 
medium. In this model, it was assumed that strains 
around the dislocation are described by the theory 
of elasticity; however, the interaction energy of both 
semi-spaces above (+) and under (—) the slide plane 
depends periodically on the relative displacements 
v(x) = w(x) +t —w(x)~ (the x-axis is a trace of the 
slide plane) and is described by a sine-shaped periodic 
function of v(x). The main equation of Peierls’s theory 
has the following form: 


%° (du dé ; 
af ( ) + M sinv=0, (5) 
-o \dx J x-—€ 


where the integral means its principal value and M 
is some dimensionless combination of elastic mod- 
ules. Equation (5) has a soliton solution very close 
to the Frenkel—Kontorova dislocation w(x)=z7 + 
2tan~![(x —xo)/1] where! =za/M. 
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Figure 4. Two types of dislocation motion in the Peierls 
potential field. (a) Dislocation oscillates in its own trough. (b) 
The dislocation forms a kink moving along the z-axis. 


Both the chain energy in the 1-d case and crystal 
energy in the 3-d case (calculated for the Frenkel— 
Kontorova and Peierls models, respectively) do not 
depend on the coordinate of the dislocation center xo. 
Thus, the dislocation can glide, changing its location on 
the slide plane without action of any external field. This 
fact is a result of using the continuous approximation. 
Taking into account discreteness of the crystal and 
following the Peierls theory, Nabarro (1947) showed 
that a moving dislocation is influenced by some crystal 
field periodically depending on the dislocation center 
xo (later called the “Peierls relief”). Therefore, the 
dislocation can start moving only if an external stress 
acting on it exceeds a certain value called the “Peierls 
barrier.” 

Many dynamic problems in dislocation theory can 
be analyzed using the so-called “string model.” This 
model treats the dislocation line as a heavy string under 
tension lying on a corrugated surface. An effective mass 
per unit length of the dislocation m and its line tension 
Tp are of a field origin and are associated with the 
inertia and energy of dislocation dynamic elastic field 
(Kosevich, 1964). The corrugated surface describes the 
Peierls relief. Troughs of this surface correspond to 
the potential minima of the slide plane occupied by a 
straight-line dislocation in equilibrium (see Figure 4). 
If the z-axis is directed along the equilibrium position 
of the dislocation and its transverse displacements 7 
go along the x-axis, then the equation of motion of the 
dislocation has the form (Seeger, 1956): 


Og UE 8 Qrnja)=bo, (6) 
n= a Opn SIN( ZIT a)=bo, 
VPage ee # 


where op is the Peierls stress and o is the applied 
stress. In the case o =0, this equation is equivalent 
to Equation (4), proposed by Frenkel and Kontorova. 
Equation (6) describes both small amplitude vibrations 
of the dislocation effected by an external oscillation 
force and the so-called kink-mechanism of the trans- 
verse displacements of the dislocation along the x-axis 
effected by a strong stationary driving force. 

ARNOLD KosEVICH 


See also Color centers; Frenkel-Kontorova model; 
Peierls barrier; Sine-Gordon equation; Topological 
defects 
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DISPERSION MANAGEMENT 


The propagation of optical pulses in fiber lines 
is usually limited by dispersion and nonlinearity. 
Dispersion causes a broadening of the pulses whereas 
nonlinearity is the reason for four-wave mixing (FWM). 
A balance of dispersion and nonlinearity may produce 
the so-called optical soliton. Dispersion management 
(manipulations of the chromatic dispersion along the 
line) is an attractive technique that allows enhancement 
of the performance of fiber communication links both 
for soliton and nonsoliton transmission. Dispersion- 
managed solitons can be viewed as novel kinds of 
information carriers with many attractive features that 
will lead to further improvement of the transmission 
capacity of fiber links. The starting point of all 
considerations in this area is the cubic nonlinear 
Schrodinger (NLS) equation for an optical mode in 
a cylindrical fiber with (constant) dispersion and Kerr 
nonlinearity (Newell & Maloney, 1992): 


_ Ou 1 d2u 2 
hey tg aye Pleat () 
This equation is written in dimensionless form (u is 
the normalized intensity, z the normalized propagation 
distance, and t is the normalized time); for more details, 
see, for example, Hasegawa & Kodama (1995). 

From FWM calculations (Agrawal, 1995), one 
knows that the FWM efficiency depends on the phase 
mismatch and thereby on the dispersion coefficient, 
D. The larger the phase mismatch (proportional to 
dispersion), the smaller the efficiency of FWM. On the 
other hand, small D values are necessary for high bit- 
rates B. One reason is the so-called Gordon—Haus effect 
(Gordon & Haus, 1986). Solitons adjust themselves 
to external perturbations, and thereby they can be 
considered as quite robust. However, this adjustment 
also has disadvantages. Any re-shaping, for example, in 
the presence of amplifier noise, also has consequences 
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Figure 1. Schematic plot of the dispersion coefficient that varies 
in space when dispersion management is applied. 


for the velocities. Changing velocities cause a timing 
jitter, and the latter limits the maximal possible 
bit-rate. Note that the general soliton solution of 
Equation (1) 


us =A sech[A(t + Qz) — qo] eit (i/2)(A?-2?)z+ido 
(2) 


is moving with velocity v=—1/Q. The detailed 
calculation (Gordon & Haus, 1986) gives an upper limit 
for the bit-rate B and the length L of the system in the 
form 


1 
(BL)? < upper limit ~ nt (3) 


One clearly recognizes that low dispersion favors high 
bit-rates over large distances. On the other hand, as was 
mentioned already, low dispersion is dangerous with 
respect to FWM. Dispersion management is an elegant 
way out of this dilemma. 


Principle of Dispersion Management 


The idea of using a dispersion-compensating fiber 
(DCF) to overcome the dispersion of the standard 
mono-mode fiber (SMF) was proposed in 1980 (Lin et 
al., 1980). The simplest optical-pulse equalizing system 
consists of a transmission fiber (SMF or dispersion- 
shifted fiber (DSF)) and an equalizer fiber with the 
opposite dispersion (DCF to compensate SMF or, 
for instance, SMF to compensate DSF with normal 
dispersion). The incorporation of a fiber with normal 
dispersion reduces (or, in the ideal case, eliminates) 
the total dispersion of the fiber span between two 
amplifiers. Low average dispersion is good for reducing 
the Gordon—Haus effect while high local dispersion 
reduces the FWM efficiency. In Figure 1, we indicate 
the principle of dispersion management by a schematic 
drawing. 

Dispersion management means that the coefficient 
in front of the second time derivative becomes Z- 
dependent (we change notation in order to allow 
for different normalization parameters), that is, the 
simplest form of the dispersion-managed nonlinear 
Schrodinger equation becomes (Kodama, 1998) 


aq 
aT2 


. dq it 
+ — d(Z 
in7 tt 








+ \qI’q = 0. (4) 
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A short remark: if d(Z) would be 4 0 everywhere 
in the fiber, the variation of d(Z) can be eliminated by 
using a new coordinate Z’ via 

ae d(Z) (5) 

dZ ‘ 
Then a Z-dependent coefficient would appear in front 
of the nonlinear term. Again, we would end up with an 
equation with a rapidly varying coefficient. However, 
characteristic for nearly all practical dispersion 
management arrangements is the vanishing of d(z) at 
certain positions z. 


Weak Dispersion Management 


For weak dispersion management of small-amplitude 
pulses, one can start with the equation 

Ou ; 02u : 2 

ia + d(z) a2 t elu|“u = 0. (6) 





Here, 
d(z) = (d)+d for 0<z<I, 
d(z) = (d)—d for 1<z<2I, (7) 


and so on, is the z-dependent dispersion. The z- 
coordinate is made dimensionless with the dispersion 
length of the local dispersion, that is, d~ O(1). The 
averaged dispersion (d) is assumed to be small, and we 
introduce the smallness parameter ¢ < 1 via (d) ~e. 
Nonlinearity will also be scaled by ¢. The strength of 
the dispersion management is characterized by 


Riz) = fu- (d)) ds. (8) 
0 


Weak dispersion management means R ~ O(¢!/?); that 
is, R is assumed to be small. From the definition 
R~ O(d -1) holds. Therefore, the length / (of the parts 
with constant dispersion) is also small compared with 
the dispersion length, / ~ O(¢!/?). 

One can use (at least three different) averaging 
methods to calculate the average behavior of pulses 
over large distances. The first one is a direct method, 
starting with an expansion. The second one uses the 
Lie-transform technique; it is, therefore, much more 
systematic than the direct method. The third method 
makes use of a Bogolyubov transformation, which 
is very elegant in practice, but the ansatz is not as 
straightforward as the Lie transformation. The ansatz 
has to be specifically chosen for each problem. In the 
direct method (Kivshar & Spatschek, 1995; Yang et al., 
1997), one expands u in orders of ¢!/? and applies a 
multiple scale technique, 


u=Utu+uzt-:, 


ee t fe (9) 
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with U=U (zo, Z1, z2,...) and up =ux(&, U). One 
may use the scaling ~ O(e— 1/2). Zk~ O(ek/2), uR~ 
O(e*/?), where (uw) =U, (ux) =0. 

The Lie transformation technique was originally 
developed for ordinary differential equations but can 
also be used for a partial differential equation (Neyfeh, 
1973). To apply the Lie transformation one rearranges 
Equation (6) into the form 

du 
az 
= Xo+dXop = X[u, u*). (10) 





= i(d) uy +is|ul?u + iduy 


X depends on the infinite set of variables (u, u;, Wit, ..., 
u*,u;,uy,,...), indicated by X[u,u*]. Obviously 
Xo ~ Ole), Xop ~ O(1). The transformation 


Uu = My =vt4+5(b-v)¢ 


13 
+5 (G-Ve-V)o+-- aD 
transforms Equation (10) into 
oD Fah: (12) 
az 


The right-hand side can, in principle, be derived 
appropriately in order to identify v with the averaged 
intensity. Here, 6=(¢, %,...) and V= (4, x sa) 
are infinite-dimensional vectors. 

In the third method (Arnol’d, 1988), one uses a 
Floquet—Lyapunov transformation 


u(z, 1) =eRO% B(z, 1) (13) 
as well as the Bogolyubov—Krylov transformation 
B=v+iflvu+ (gt p)Ni(v) 
+ihN2(v) + qlvity + Oe), (14) 


with coefficients to be determined appropriately during 
the calculation. All three methods lead to the same re- 
sult. Over fairly large distances, the averaged solution is 
still a fundamental soliton, that is, robust. This follows 
from the fact that to lowest order, the basic equation 
for the averaged pulse intensity is the integrable cubic 
nonlinear Schrédinger equation 


iv; + (d) vn telv|20 = 5 (R?) No(v). (15) 


The correction term on the right-hand side contains a 
polynomial N2 in v, v;, vrr,-+-. One should bear 
in mind, on the other hand, that on the short scale 
(length 2/ of one of the periodic elements), the ex- 
act (non-averaged) solution is oscillating (breathing) 
with the frequency following from the periodicity in 
the dispersion map. Besides the scaling d~ O(1) and 
R~ O(e!/?), other scalings are possible and tractable 
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Figure 2. Plot of a DM soliton. The lower part shows the 
breathing over one element of the dispersion map. The upper 
graph shows the fine structure on a logarithmic axis, indicating 
the characteristic deviations from the fundamental soliton. 


by the methods mentioned above, as long as R is small 
(weak dispersion management). 


Strongly Dispersion-Managed Solitons 


Recently (Nijhof et al., 1998), the strong dispersion 
management (R is no longer small) became of 
increasing interest. The chirp (pulse phase has a 
quadratic time-dependence) is a new and one of the 
most important features of the (strongly dispersion 
managed) DM soliton (recall that the conventional 
soliton is unchirped). In addition, the DM soliton is 
not anymore of the sech-type. The DM soliton consists 
of a self-similar energy-containing core surrounded by 
oscillating tails. Such tails manifest themselves as non- 
self-similar modulations of the soliton profile during 
the compensation period, although their amplitudes 
are rather small compared with the main peak (see 
Figure 2). 

The most surprising feature of the DM soliton is 
that it can propagate stably along the line with zero 
or even with normal average dispersion (in contrast to 
the fundamental soliton that propagates stably only in 
the anomalous dispersion region). These observations 
indicate that an average model describing the evolution 
of the breathing pulse differs from the nonlinear 
Schrédinger equation. In other words, strong dispersion 
management imposes such a strong perturbation that a 
carrier pulse in this case is no longer the NLS soliton. 
For more details, see Nijhof et al. (1998). 
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Experimental Results 


One can estimate the potential of dispersion manage- 
ment from successful experiments, for example, Carter 
et al. (1999). 

Kar SpaTSCHEK 


See also Nonlinear optics; Optical fiber communi- 
cations 


Further Reading 


Agrawal, G.P. 1995. Nonlinear Fiber Optics, San Diego: 
Academic Press 

Arnol’d, V.I. 1988. Geometrical Methods in the Theory of 
Ordinary Differential Equations, New York: Springer 

Carter, G.M., Grigoryan, V.S., Mu, R.-M., Menyuk, C.R., Sinha, 
P., Carruthers, T.F, Dennis, M.L. & Duling, I.N. 1999. 
Transmission of dispersion-managed solitons at 20 Gbit/s 
over 20000 km. Electronics Letters, 35(3): 233 

Gordon, J.P. & Haus, H.A. 1986. Random walk of coherently 
amplified solitons in optical fiber transmission. Optics 
Letters, 11: 665 

Hasegawa, A. & Kodama, Y. 1995. Solitons in Optical 
Communications, Oxford: Clarendon Press 

Kivshar, Yu.S. & Spatschek, K.H. 1995. Nonlinear dynamics 
and solitons in the presence of rapidly varying periodic 
perturbations. Chaos, Solitons, and Fractals, 5: 2551-2569 

Kodama, Y. 1998. Nonlinear pulse propagation in dispersion 
managed system. Physica D, 123: 255-266 

Lin, C., Kogelnik, H. & Cohen, L.G. 1980. Optical pulse 
equalization and low dispersion transmission in single-mode 
fibers in the 1.3-1.7 mm spectral region. Optics Letters, 5: 
476-478 

Newell, A.C. & Moloney, J.V. 1992. Nonlinear Optics, 
Redwood City, CA: Addison-Wesley 

Neyfeh, A.H. 1973. Perturbation Methods, New York: Wiley 

Nijhof, J., Doran, N., Forysiak, W. & Bernston, A. 1998. Energy 
enhancement of dispersion-managed solitons and WDM. 
Electronics Letters, 34: 481-482 

Yang, T.-S., Golovchenko, A., Pilipetskii, A.N. & Menyuk, 
C.R. 1997. Dispersion-managed soliton interactions in optical 
fibers. Optics Letters, 22: 793-795 


DISPERSION RELATIONS 


Dispersion relations (DRs) are associated with wave 
equations to characterize the nature of their tempo- 
ral and spatial evolution. For a linear wave equation 
in one dimension, the DR expresses the wavenumber 
(k = 27/2) as a function of the frequency (w = 22/T), 
or vice-versa, where A and T are, respectively, the wave- 
length and temporal period of an elementary periodic 
solution. Through the superposition principle, the be- 
haviors of all solutions of linear equations are deter- 
mined by the DR. In nonlinear cases, DRs also depend 
on wave amplitude and can be used in perturbative anal- 
yses of quasiharmonic systems. For more than one spa- 
tial dimension, the wave number is a vector. 


Dispersion Relations for Linear Equations 


Fourier analysis establishes a one-to-one correspon- 
dence between DRs and equations in such a way that we 


DISPERSION RELATIONS 
can obtain one from the other. Consider as an example, 
the Klein—Gordon equation, 

Upp — Uxx + mu = 0, (1) 


where m is a constant and the subscripts indicate partial 
derivatives. Substituting a plane-wave solution of the 
form u(t, x) = ae! —™) into (1), we obtain the DR 


wo =m +k, (2) 


For linear equations, the phase velocity vg(k) and the 
group velocity vg(k) are defined as 





w(k) da (k) 
vo (k) = gt? vug(k) ae (3) 
The phase velocity of a wave number k is the speed 
of propagation of the corresponding harmonic wave 
component or mode. The group velocity corresponds to 
the propagation speed of a wave packet, and thus is the 
speed of energy transmission for the system (Whitham, 
1974). This distinction is especially important in the 
propagation of wave trains, where signals travel with 
the group velocity. 

An equation (or the wave that is represented by 
its solution) is said to be dispersive if vg(k) is not a 
constant (or equivalently if up A vg for all k). In such 
cases, the initial profile of the wave is not conserved. 
For the Klein—Gordon equation we have 








Re k 
v9 (k) = as Ug(k) = ey aren (4) 


and the equation is dispersive except in the special case 
m = 0 (which corresponds to the wave equation). 

The DR also plays an important role in simulations 
of Equation (1) by finite differences. The usual 
(von Neumann) stability conditions are equivalent 
to requiring that the phase velocity in the mesh be 
greater or equal to the phase velocity of the equation 
(Ritchmyer & Morton, 1967). Other aspects that mark 
deviations of numerical solutions from continuous 
solutions are governed by discrete DRs (Trefethen, 
1982). 


Amplitude-Dependent Dispersion Relations 


For nonlinear equations, solutions cannot, in general, 
be expressed as a superposition of plane waves and thus, 
in principle, there is not dispersion relation. There are 
nevertheless two possible applications of the concept. 
The first is in the small-amplitude regime where an 
approximate DR can be established by neglecting the 
higher order terms, and the second is when plane 
waves are particular solutions of the nonlinear equation. 
In both cases, the DRs are amplitude dependent. We 
illustrate both cases with a nonlinear Klein—Gordon 
equation and the cubic Schrodinger equation. 


DISTRIBUTED OSCILLATORS 


The nonlinear Klein—Gordon equation with cubic 
term 
Ujt — Uxx + mut gue =0 (5) 


does not have exact plane wave solutions. (The 
case m=1, g= —1/3! corresponds for instance to 
the first two terms expansion of the sine-Gordon 
equation.) Nevertheless, we may assume a term of the 
form acos(wt — kx) in the solution. Substituting and 
retaining only the lower-order terms, we obtain the 
approximate DR 





or +P tm? + 2gat---=0 (6) 
provided m? >> ga. The presence of coupled higher- 
order terms together with the approximate DR gives a 
picture of how such modes get excited and evolve. 

The previous analysis can also be applied, for 
instance, to the cubic nonlinear Schrédinger equation 


ids — brx + Pb = 0, (7) 


but this equation is special in the sense that it 
has particular solutions in the form of plane waves 
¢ =ae—**), Although the general solution cannot 
be expressed as a superposition of such plane waves, 
we have an amplitude-dependent DR of the form 


o=k +a’. (8) 


In this case, wave dispersion can be compensated by 
nonlinearity and solitons may appear. 
L. VAZQUEZ AND S. JIMENEZ 


See also Modulated waves; Wave packets, linear 
and nonlinear 
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DISTRIBUTED OSCILLATORS 


Two modes of oscillation sharing a common source of 
energy may have a stationary solution of equal mode 
amplitudes, but this solution may be unstable for the fol- 
lowing reason. One of the modes will inevitably gain 
a bit of amplitude (due to noise), and if it then con- 
sumes more than its share of the available power, it 
will grow further, causing the other mode to decrease. 
Interestingly, this effect depends upon the spatial di- 
mension of the oscillating system. Related dynamics 
arise in diverse areas of engineering and science, in- 
cluding flip-flop circuits, multimode lasers, interacting 
biological species, and the neocortex of a human brain. 
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Figure 1. A unit cell of a two-dimensional oscillator array. 


As a model for mode interactions, consider a 
two-dimensional array of identical oscillators, each 
interacting only with its nearest neighbors. Power flow 
among the modes of such an array can be studied 
using the method of harmonic balance, introduced by 
Balthasar van der Pol in 1934 (van der Pol, 1934) and 
developed by applied mathematicians and engineers 
in the Soviet Union during the 1930s and 1940s 
(Andronov et al., 1966; Kryloff & Bogoliuboff, 1947). 

As shown in Figure 1, a unit cell of the array 
consists of a nonlinear conductance /(v) in parallel 
with a capacitance C, connecting a lattice point to 
a ground plane. Each lattice point is attached to its 
four nearest neighbors through an inductance L. The 
nonlinear conductance is represented as 


I(v) = —Gv (1 —4v?/3V9) , (1) 


so for —Vo/2<v<-+Vo/2 the differential conduc- 
tance (d//dv) is negative. 

Assume a large, square (N x N) lattice of these 
unit cells with zero-voltage (short circuit) boundary 
conditions on the edges, as in Figure 2. In a zero- 
order approximation, the nonlinear conductance can 
be neglected, and in a continuum approximation, this 
linear, lossless system supports an arbitrary number 
(say n) modes. Thus, the total voltage is 


v(x, y,t) = ViCx, y) cos @) + V2(x, y) 
x CoS 62 + +++ + Vax, y) COS On, (2) 


which depends on space (x and y) and time (ft) 
where 


Vi(x, y) = Vi cos kyjxcos kyiy and 6; = at +¢j- 


Noting that the energy in the ith mode is related to 
its amplitude by U; = (N7C/8) Vv? and averaging the 
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Figure 2. A 4 x 4 array (N2 = 16) of the unit cells in Figure 1. 


product of current (given by Equation (1)) and voltage 
(given by Equation (2)) over space and time gives the 
rate of change in mode energies as functions of mode 
energies (Scott, 2003). 

The rate of change of energy (or power) into the first 


mode is 

ae ) 

=U,}/1l—a{—<U;+U24+-:-+Un)}, ©) 

dt 8 
with t=Gt/C and a =4/(N?CV@). For n excited 
modes, there is a set of n equations—each similar 
to Equation (3) but with the indices appropriately 
altered—for the rates of change of the mode energies 
as functions of those energies. These nonlinear, 
autonomous equations have the same form as those 
introduced by Vito Volterra to describe the interaction of 
biological species competing for the same food supply 
(Volterra, 1937), and they are similar to a formulation 
suggested by Peter Greene (Greene, 1962) to describe 
interactions between assemblies of neurons in the brain. 

Generalizing to a system of d-space dimensions, 
equations of interacting mode energies become 











du, 
A =U,[(l-—a(KU;+ U2.+---+U,)], 
T 
(4) 
dU, 
=U, [1—a@(U; + U2 ++:++ KU,)], 
dt 
where 
K = 3424+! , 


For K > 1 (implying d > 2), analysis of Equations 
(4) indicates multimode stability. In other words, 
several modes can stably exist for two or more 
spatial dimensions. For one spatial dimension, on 
the other hand, two modes of equal amplitude are 
unstable, and only a single mode can be stably 
established. This observation is important in the 
design of semiconductor lasers, where large transverse 
dimensions are introduced to increase the power output. 
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Figure 3. A Necker cube. 


Unfortunately, such a design allows several modes to 
oscillate together, thereby decreasing the coherence and 
spectral purity of the output beam. 

Multimode oscillator arrays have been realized 
using semiconductor tunnel diodes (Scott, 1971), 
superconductor tunnel diodes (Hoel, et al., 1972), 
and integrated circuits (Aumann, 1974). In these 
experiments, a variety of stable multimode oscillations 
have been observed, some quasiperiodic and others 
periodic, indicating mode locking. In a manner 
qualitatively similar to that proposed by Greene in his 
model of the brain’s neocortex (Greene, 1962), the 
oscillator array can be induced to switch from one stable 
multi-mode configuration to another. 

At the level of subjective perception, similar 
switchings in the brain are observed as one stares at 
Figure 3. Constructed by Louis Albert Necker (a Swiss 
geologist) in the mid-1800s, this image seems to jump 
from one metastable orientation to another, like the 
flip-flop circuit of a computer engineer. Defining order 
parameters (; and &) to represent neural activities 
corresponding to the two perceptions of the Necker 
cube, Hermann Haken has recently suggested the 
equations 





dé 2 
i: [1 — C§} 


d. 
=? = BI Ce -(B 


(B+ CE], 
(5) 





CEI 


as an appropriate dynamic description (Haken, 1996). 
With Uj = &? (j = 1, 2), Equations (5) are identical to 
Equations (4), showing only single-mode stability for 
B > 0. Study of this system in the (1, 2) phase plane 
reveals two stable states: d/VC, 0) and (0, 1/VC), 
and jumping back and forth between these two states 
models one’s subjective experience of Figure 3. 
ALwyn Scorr 


See also Cell assemblies; Lasers; Population dy- 
namics; Quasilinear analysis; Synergetics; Tacoma 
Narrows Bridge collapse 
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DNA premelting phenomena are spontaneous dynami- 
cal processes that occur well below the melting temper- 
ature of DNA. They reflect DNA “breathing,” a process 
that combines the transient unstacking of base-pairs (al- 
lowing planar drugs and dyes to intercalate into DNA), 
with the transient breaking and rejoining of hydrogen- 
bonds connecting base-pairs in limited DNA regions 
(allowing tritium nuclei in hydrogen bonds connect- 
ing base-pairs to exchange with protons in water). The 
formation and propagation of chain-slippage structures 
either within or between homologous DNA molecules, 
along with a variety of structural phase transitions in 
DNA are also included in discussions of premelting. 
This entry describes how concepts of kink-antikink- 
bound states (breather solitons) have been used to as- 
sist in understanding a wide range of DNA premelting 
phenomena. 

Conceptually, the lowest energy kink-antikink- 
bound state in DNA (termed a “premelton’’) contains a 
central hyperflexible beta-DNA core region modulated 
into B-DNA on either side through kink and antikink 
boundaries. As the kink and antikink move together, for 
example, the energy density in the central beta7DNA 
core region rises. This energy is used first to enhance 
(alternate) base-pair unstacking, and next, to stretch and 
to eventually break hydrogen-bonds connecting base- 
pairs. As kink and antikink move apart, the reverse 
occurs. Energy within this central core region falls, 
allowing hydrogen-bonds to reform, and (alternate) 
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base-pairs to partially restack. Isoenergetic breather- 
motions such as these can facilitate the intercalation of 
drugs and dyes into DNA and allow tritium exchange 
to occur at temperatures well below the melting 
temperature. 

Beta-DNA is a structural form that differs from 
either B- or A-DNA. Evidence for its existence 
comes from studies of intercalation by drugs and 
dyes into DNA and the binding of certain proteins 
to DNA. Although double-stranded, beta-DNA is 
unique in being both hyperflexible and metastable. 
Its hyperflexibility suggests it be a liquid-like phase, 
lying intermediate between the more rigid B- and 
A-forms and the melted single-stranded form. Both 
properties necessitate beta-DNA to be pinned by an 
intercalator or held by a protein in order to be studied 
in detail. The structure is composed of repeating units 
called beta-structural elements. These are a family of 
base-paired, dinucleotide structures, each possessing 
the same mixed sugar-puckering pattern (i.e., C3’ 
endo (3’—5’) C2’ endo) and having similar backbone 
conformational angles, but varying in the degree of 
base-unstacking. Lower energy forms contain base- 
pairs that are partially unstacked, while higher energy 
forms contain base-pairs completely unstacked. 

Beta-DNA is an intermediate in DNA melting, ly- 
ing on the minimal energy pathway connecting B-DNA 
with single-stranded melted DNA. Three distinctly dif- 
ferent sources of nonlinearity appear as DNA chains 
unwind, and these determine the sequence of confor- 
mational changes that occur along this pathway. 

The first two sources of nonlinearity stem from 
changes in the sugar-pucker conformations and base- 
pair stacking. These changes require small energies (ca. 
kT) and appear as part of the initial structural distortions 
accompanying DNA unwinding. Starting with B-DNA, 
the effect of unwinding DNA is to counterbalance this 
with an equal but opposite right-handed superhelical 
writhing to keep the linking invariant. This is 
achieved through a modulated beta-alternation in 
sugar-puckering along the chains, accompanied by 
the gradual partial unstacking of alternate base-pairs. 
The lowest energy beta-DNA structure emerges as an 
end result. Its metastability reflects the presence of 
additional energies in its structure that cause the partial 
unstacking of alternate base-pairs. 

The third source of nonlinearity arises from the 
stretching and ultimate rupture of hydrogen bonds con- 
necting base-pairs. At first, beta-7DNA accommodates 
further unwinding through the gradual loss of super- 
helical writhing. This reflects the appearance of beta- 
structural elements having increasingly higher energy 
(these have base-pairs further unstacked and unwound). 
Eventually, however, a limit is reached and further un- 
winding begins to stretch hydrogen-bonds that connect 
the base-pairs. Continued unwinding results in the dis- 
ruption of these hydrogen-bonds, and the appearance 
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Figure 1. Molecular structure of a B—B premelton. 
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Figure 2. Molecular structure of a B—A premelton. 


of single-stranded DNA. This final sequence of con- 
formational change defines the boundary that connects 
beta-DNA to single-stranded melted DNA. 

Using nonlinear least-squares methods, it has been 
possible to form premelton structures within B-DNA 
and within A-DNA (i.e., B—B premeltons, and A-A 
premeltons), as well as hybrid structures that connect 
the two (i.e., BA premeltons and A-B premeltons) 
(see Figures 1 and 2). Such hybrid premeltons are con- 
structed by connecting the central beta-DNA core with 
either type of kink-antikink boundary. Importantly, B— 
B and A-A premeltons are nontopological, whereas B— 
A and A-B premeltons are topological. 

The B to A structural phase transition can be 
understood in the following way. In the presence of 
suitable thermodynamic conditions, kink and antikink 
within premeltons in B-DNA structure begin to move 
apart to form larger and larger core regions, whose 
centers modulate into A-DNA structure. Eventually, 
B-A premeltons and A-B premeltons form, and these 
continue to move apart, leaving a growing A-DNA 
region within. Such a mechanism is reversible and 
illustrates how a bifurcation within the central core 
region of this low-energy kink-antikink bound state 
structure can give rise to the B- to A-DNA structural 
phase transition. 

Bifurcations arising within premeltons having 
higher energy (containing longer beta-DNA core re- 
gions that undergo more vigorous breather-motions) 
can lead to the formation of two additional types of 
higher energy kink-antikink bound states in DNA. 
These are called “branch-migratons” and “disloca- 
tons.” Each gives rise to different types of chain- 
slippage events, called double- and _ single-strand 
branch-migration. 

Branch-migratons arise from breathing events that 
cause DNA chains to come apart transiently, and to 
then snap back, at nucleotide base sequences having 
2-fold symmetry. Weakly hydrogen-bonded hairpin- 
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like structures initially form. These are lengthened 
by a series of kinetic steps in which hydrogen-bonds 
connecting base-pairs within dinucleotide elements in 
vertical stems are broken and simultaneously reformed 
in horizontal stems (or vice versa) in a concerted 2- 
fold symmetric process. This phenomenon is called 
“cruciform-extrusion.” A branch-migraton contains 
four stems; each stem contains kink (or antikink) 
boundaries connecting beta-DNA core regions with 
surrounding B-DNA. 

Dislocatons arise at repetitive base sequences, for 
example, in poly-d(G-A): poly-d(C-T). Again, these 
structures form as a result of particularly energetic 
breathing events that cause DNA chains to come 
apart, and to then “snap back,” forming small single- 
stranded bubble-like protrusions on opposite chains. 
These protrusions can then move apart, leaving growing 
regions of beta-DNA in between. The centers of these 
regions modulate into kink and antikink boundaries, 
and these, in turn, continue to move apart leaving B- 
DNA. The net result is the appearance of pairs of 
dislocatons, each moving in opposite directions along 
DNA. Movement involves single-chain slippage and 
is remarkably similar to the mechanism underlying 
moving crystal lattice dislocations, hence, the term 
dislocaton. 

The formation of these two different kinds of higher 
energy kink-antikink bound state structures is another 
example of bifurcations emanating within the centers 
of premeltons. The underlying source of nonlinearity 
that determines the path of the bifurcation is the break- 
ing and reforming (after chain-slippage) of hydrogen 
bonds connecting dinucleotide base-pairs. The decision 
as to whether branch-migratons or dislocaton pairs form 
is determined by information coded in the nucleotide 
base-sequence. This information constitutes the 
bias. 

The combined presence of torsional and writhing 
strain energies found in negatively superhelical circular 
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DNA increases the probability that branch-migratons 
and dislocatons form at the appropriate sequences. 
These energies are first used to form premeltons. They 
are next used to form dislocatons or branch-migratons, 
and to propagate chain-slippage events. 

Although B- and A-DNA are right-handed double- 
helical structures, DNA molecules containing the 
alternating poly-d(G-C): poly-d(G-—C) sequence can, 
under certain conditions, assume a left-handed double- 
helical conformation (i.e., in the presence of high 
salt and/or negative superhelicity). This structure, 
called Z-DNA, contains the dinucleotide (G-C) as the 
asymmetric unit, held together by base-pairs. Being a 
left-handed double-helical structure, Z-DNA contains 
sugar-phosphate backbone conformations radically 
different from either B- or A-DNA. 

The B to Z transition is proposed to occur as a re- 
sult of a bifurcation that takes place during the for- 
mation of the dislocaton. As before, DNA breathing 
within the premelton takes place, followed by chains 
snapping back to form pairs of single-stranded, bubble- 
like protrusions on opposite chains. As pairs of protru- 
sions move apart, Z-DNA forms within. The molecular 
boundaries that allow the helix to “swing left,” capi- 
talize on the additional flexibility and length provided 
by the single-stranded DNA regions on opposite DNA 
chains. B to Z boundaries form simultaneously on both 
ends in a concerted two-fold symmetric process. This 
is a direct consequence of the nonlinearity that ties the 
process together. A prediction of the model is the ap- 
pearance of single-stranded DNA regions juxtaposed to 
beta-DNA regions within each B—Z junction, which is 
supported by experimental evidence. 

Henry M. SoBELL 


See also Biomolecular solitons; DNA solitons; 
Domain walls; Sine-Gordon equation 
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In the early 1970s, Alexander Davydov and _ his 
colleagues began studies of nonlinear conformational 
waves in a@-helix proteins. Englander et al. (1980) 
extended these ideas to DNA, interpreting open 
states (also called bubbles or local unwound regions, 
evidenced in hydrogen exchange experiments) as 
solitary waves, which can be viewed as kink solutions 
of the sine-Gordon (SG) equation. To understand the 
relation between the SG equation and DNA, we begin 
with models of the structure and dynamics of DNA. 

Tightly packed in the nuclei of living cells, DNA 
consists of two polynucleotide chains (Figure 1). The 
chemical structure of each chain consists of periodically 
repeating phosphate groups and sugar rings (shown 
by dark ribbons), and irregular nitrous bases (shown 
in gray). Sequences of four types of bases (adenine, 
thymine, guanine, and cytosine) occur in DNA, forming 
the genetic code. These two polynucleotide chains 
interact weakly through hydrogen bonds and wind 
around each other to produce the double helix. 

The internal structure of DNA is rather flexible. 
Thermal collisions with molecules of the surrounding 
solution, action of radiation, and local interactions with 
proteins, drugs, or other ligands induce several types of 
internal motions. Among these are 


e small-amplitude oscillations of individual atoms; 

e rotational, transverse, and longitudinal displace- 
ments of the atomic groups (phosphate groups, sug- 
ars, and bases); 

e motions of the double chain fragments, having 
several base pairs lengths; 


Double 
helix 





Figure 1. DNA molecule packing into the cell nucleus (courtesy 
of Nicolas Bouvier). 
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Figure 2. Hierarchy of models of DNA structure and dynamics. 


e local unwinding of the double helix; and 
e transitions of DNA fragments from one conforma- 
tional form to another (e.g., from A- to B-form). 


Thus, the DNA molecule is a complex dynamical 
system with many types of internal motions having 
different energies, velocities, amplitudes, frequencies, 
and lifetimes (McCammon & Harvey, 1987). 

To describe the motions of DNA, different approx- 
imate models may be used, as indicated in Figure 2. 
The simplest model resembles a fragment of elastic 
thread (or rod), which ignores the internal structure. 
This model emerges naturally from microphotos where 
the DNA molecule does indeed resemble a thin elastic 
thread. Under this formulation only three coupled dif- 
ferential equations are needed: one for longitudinal dis- 
placements, another for angular displacements, and a 
third for transverse displacements. In Figure 2 a discrete 
analog of the model is placed nearby in the same row. 

In the second row of Figure 2, a more complex model 
recognizes that DNA consists of two polynucleotide 
chains while ignoring the internal structure. Thus, 
the model has two weakly interacting elastic threads 
that wind around each other in a double helix. A 
mathematical formulation of this model requires six 
coupled differential equations—three for each of the 
two helices. The discrete version of the model and 
two simplified versions where the helical structure is 
neglected are shown nearby. 

In the third row a more complex model is presented, 
taking into account that each of the polynucleotide 
chains comprises three types of atomic groups 
(phosphate groups, sugar rings, and nitrous bases) and 
representing solid-like motions of each of the atomic 
groups. Under this model, the required number of 
equations dramatically increases. 

The model shown in the fourth row takes into 
account the internal motions of the atomic groups while 
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neglecting variations of the base pairs (genetic code). 
Finally, the most accurate model is shown in the fifth 
line, which represents positions and motions of all 
atoms of the DNA molecule. The number of differential 
equations required to describe the motions in both of 
these models is inconveniently large at present levels 
of computer development. 

To see the relation between DNA and the SG equa- 
tion, apply the first model of the second row to study 
the opening of base pairs. The mathematical formula- 
tion of this model comprises six coupled differential 
equations that are nonlinear because base pair opening 
is a motion of large amplitude. Following Englander 
et al. (1980) we assume that rotational motions of bases 
around the sugar-phosphate chains make the greatest 
contribution to the process of opening, reducing the 
number of equations to two. Considering the rotational 
motions of bases in only one of the chains (account- 
ing for the other chain as some averaged external field) 
reduces the number of equations from two to one. 

To obtain the form of this single equation, an 
analogy between rotational motions of DNA bases and 
rotational motions of pendula in a mechanical model 
of the SG equation is convenient (See Laboratory 
models of nonlinear waves). Thus, the pendula of 
the mechanical model can be considered as analogs of 
DNA bases, the horizontal spring as an analog of one of 
the two sugar-phosphate chains, and the gravitational 
field as an averaged field formed by the second 
chain interacting with the first chain through hydrogen 
bonds. The analogy between these two dynamical 
systems suggests that the equation describing rotational 
motions bases in DNA should be an SG equation, with 
parameters defined as follows: 


I is the moment of inertia of bases. 

K is the coefficient of rigidity of the sugar-phosphate 

chain. 

e Vo is a potential function that represents interactions 
of bases through hydrogen bonds. 

e Ro is the radius of DNA. 

e ais the distance between bases along the chains. 


The variable of the equation is V (the angle of rotations 
of bases around one of the two sugar-phosphate chains), 
and the equation itself is 


a2 

ae + VosinwW =0, (1) 
where z indicates distance along the molecule. Kink 
solutions of this equation describe the opening of base 
pairs. 

Another type of DNA soliton has been obtained by 
Peyrard & Bishop (1989), who studied melting and de- 
naturation of DNA. Supposing that transverse (rather 
than rotational) motions of bases make the most con- 
tribution to the process, they reduced the number of 
equations from six to two, and after a simple linear 
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transformation, they obtained two independent equa- 
tions describing transverse displacements in phase and 
out of phase. The first of the equations was nonlinear 
and its solitary wave solutions were interpreted as bub- 
bles appearing in the DNA structure as temperature was 
increased. 

Solitary wave solutions obtained by Englander et 
al. (1980) and by Peyrard and Bishop (1989) were 
improved later by investigators who considered other 
types of internal motions and their interactions, effects 
of dissipation and inhomogeneity, and interactions 
with surroundings. These refinements led to additional 
solitary wave solutions that have been used to interpret 
experimental data on hydrogen-tritium exchange, 
resonant microwave absorption, and neutron scattering 
by DNA. Such studies help us to understand transitions 
between different DNA forms, long-range effects, 
regulation of transcription, DNA denaturation, protein 
synthesis (e.g., insulin production), and carcinogenesis 
(Scott, 1985; Gaeta et al., 1994; Yakushevich, 1998). 

LupMILA YAKUSHEVICH 
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DOMAIN WALLS 

In ferromagnetic materials, small regions of corre- 
lated magnetic moments formed below the critical 
temperature are called domains. Domain walls are 
two-dimensional structures that separate distinct do- 
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mains of order and form spontaneously when a discrete 
symmetry (such as time-reversal symmetry in magnets) 
is broken at a phase transition. With each subdivision of 
a substance into distinct domains, there is a decrease in 
the bulk energy because the order parameter value in- 
side each domain minimizes its free energy. However, 
there is a simultaneous increase in the energy of inter- 
action between differently aligned domains giving rise 
to an extra surface energy at the boundaries between 
neighboring domains. Consequently, this competition 
leads to an average domain size that gives the lowest 
overall free energy in a material sample, which is quan- 
tified below. 

The energy of a ferromagnetic domain wall is 
calculated as arising from the exchange interactions 
between spins augmented by the anisotropy energy, 
while the exchange energy for N spins of magnitude 
S comprising a domain wall varies as 


mJ S? 
N 





: qd) 


exch = 


where J is the exchange constant and the anisotropy 
energy is 
Eanis = KNa’, (2) 


where a is the lattice constant and K the anisotropy 
constant. Minimizing the sum with respect to N yields 


m2 JS? 
Ka3 





N= (3) 


giving the domain width as A= Na. 

A Bloch domain wall is a region separating 
two (magnetic) domains within which magnetization 
changes gradually by rotating in the plane perpendicu- 
lar to the line along the direction from one domain to the 
next. This way the magnetization direction experiences 
a reversal by 180° without changing its magnitude. The 
energy associated with a domain wall decreases with the 
width of the wall, and domain wall thickness is found 
as a minimization problem involving the anisotropy 
energy. A Neel domain wall, on the other hand, involves 
magnetization reversal in the plane perpendicular to the 
boundary between two domains. 

Domains undergo reorganization under the effects 
of applied fields and can move in space. This occurs 
especially in the initial phase of remagnetization 
favoring those domains that are aligned with it and thus 
setting their boundary in motion to occupy more space, 
and it is followed by reorientation of the magnetization 
within each domain that is not aligned with the field. 

Domain walls also exist in other systems, including 
crystals, ferroelectrics, metals, alloys, liquid crystals, 
and so on. In annealing metals, for example, 
domain walls appear as the grain boundaries between 
two sharply different compositions. Generically, the 
underlying physical quantity is called the order 
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parameter and is specific for a given substance. (For 
the annealing metal it is a real field, while in superfluid 
helium it is a complex-valued field.) Over most of the 
sample, the order parameter has a constant magnitude, 
but the sign (when it is real) or the phase (when 
complex) is not fixed and can change from place to 
place. A real order parameter field may be positive in 
one region of space and negative in its neighborhood, 
the continuity of the field implies that it must cross the 
zero value on a surface between them. This transition 
region is a domain wall. 

In all types of critical systems, domain walls arise 
due to the competition between the bulk part of the free 
energy, which in the Landau theory of phase transitions 
is a quartic polynomial in the order parameter @, and the 
surface energy term, which is due to inhomogeneities 
and varies as the square of the order parameter gradient 
following Ginzburg. Minimizing this type of free 
energy functional 


2 
F= / [as + Ayo? + D (4) dx (4) 


leads to a stationary nonlinear Klein—Gordon (NLKG) 
equation for the order parameter as a function of the 
spatial variable 


Do = Ad + BO’, (5) 


where A = A? and B =2Ax4. One of its stable solutions 
is proportional to @o tanh(x/&) where é = ./—8D/A, 
which describes a smooth function that interpolates 
between the two homogeneous phases ¢ = +./—A/B. 
For magnetization as an order parameter, this solution 
represents a magnetic domain wall (in one space 
dimension), and for ferroelectrics, where the order 
parameter is a polarization vector, this represents a 
ferroelectric domain wall. For crystals undergoing 
structural phase transitions, there can also be a kinetic 
energy term in the free energy functional leading to a 
standard form of the NLKG equation 





—mo + Do’ = Ad + Bd’. (6) 
This solution is a moving domain wall (or kink) 
= go tanh[(x — vt)/§] (7) 


as shown in Figure 1 (Krumhansl & Schrieffer, 1975). 

Nonlinear traveling solitary waves have also been 
investigated in ferroelectrics where kinks representing 
domain walls were shown to carry an electric dipole flip 
(Benedek et al., 1987). Domain walls in ferroelectrics 
are typically several unit cells wide, while in ferromag- 
nets their thickness is several hundred or even thousands 
of unit cells. This difference is due to the exchange in- 
teractions between spins that are much stronger than 
the dipole-dipole interactions in ferroelectric crystals. 
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Figure 1. A typical form of a domain wall (or kink). 





Geometry Defect 

Sheet-like domain walls, membranes 
Line-like vortices, strings 
Point-like monopoles, hedgehogs 


Table 1. Geometry of space and the corresponding topological 
defects. 


There also exist cylindrical domains in magnets. As 
can be seen from Table 1, domain walls are examples 
of topological defects, and as such, they are very com- 
mon in all broken-symmetry phenomena that take place 
slowly enough to allow for the generation of defects. 
Modern particle physics predicts that phase transitions 
occurred in the early universe following the Big Bang. 
Of particular interest to cosmology is the production of 
topological defects, which may be sheet-like, line-like, 
or point-like concentrations of energy. 

Jack A. TUSZYNSKI 
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DOPPLER SHIFT 


The Doppler shift (or Doppler effect) is named after 
the Austrian scientist Christian Doppler, who in 1842 
noticed that the observed frequency of waves from a 
source depends on how it is moving relative to the 
observer. In its simplest form, applicable to motions that 
are slow compared with the wave speed, it is quite easy 
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to visualize and understand. If a source of waves at some 
frequency f is approaching an observer, the frequency 
f’ that the observer detects is higher than would be the 
case were the two at rest with respect to each other. 
From the point of the observer, he is “running into” 
the waves, while from the point of view of the source, 
the waves are being “bunched up.” The opposite effect 
occurs when a source is moving away from an observer, 
and the general situation can be expressed as 

fi 

f= 1+ (v/c) cos 6, (1) 
where v is the relative speed, c the speed of the waves, 
and 6 the angle between the wave propagation and the 
relative velocity. The cos 6 factor is simply a statement 
that the only important component of the relative 
velocity which can contribute to the shift is that along 
the direction of wave propagation. As long as v is small 
compared with the speed of light, this expression works 
well for most applications, and is quite appropriate to 
discuss the frequency shift of reflected radar signals 
used to detect speeding motorists (where c would be 
the speed of light) or the rise and fall in the pitch of a 
train whistle or an ambulance siren as it approaches and 
passes (in which case c would be the speed of sound). 

One of the most famous experiments ever done 
to demonstrate the Doppler shift was done by the 
Dutch meteorologist Buys-Ballot who put a group of 
musicians on a train and then had them hold a constant 
note while racing past him as he stood on the platform. 

The Doppler shift often appears more than once 
in a single application. For example, in police radar, 
electrons in the metal of an approaching car see a higher 
frequency radar signal than the police officer emits. 
They then re-emit radio waves at a higher frequency 
that is in turn seen at a still higher frequency by the 
officer being approached. 

When speeds involved are very large, the effects of 
special relativity come into play. While it is possible 
to outrun a sound wave, the speed of light is the same 
no matter how the source moves. If we take c to be the 
speed of light and consider the Doppler shift for light 
(or any other electromagnetic wave), we have 

f' 14+ (v/c) cos@ Q) 

f Vl —v?/c? 
A good discussion of special relativity including the 
Doppler shift is that of Rindler (1991), and a particu- 
larly elegant geometric derivation of the formula under 
very general conditions can be found in Burke (1980). 
The additional term in the denominator of Equation (2) 
is due to time dilation whereby a moving clock appears 
to go more slowly than one at rest. In this case there is 
a Doppler shift even when cos 6 = 0, which is referred 
to as the “transverse Doppler effect.” One might imag- 
ine that it would be very difficult to detect, but in the 
special case where the sources are in random thermal 
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motion, the leading (v/c) cos @ term averages to zero 
and merely broadens spectral lines of atoms without ac- 
tually shifting them. This “thermal Doppler effect” due 
to the transverse Doppler effect was measured by Pound 
and Rebka in 1960 using the Mossbauer effect. Inter- 
estingly, the nontransverse Doppler shift itself played 
an important role in that measurement. 

The Doppler effect has numerous practical appli- 
cations. In addition to its use already mentioned in 
measuring automobile velocities, these include Doppler 
radar for studying weather based on measuring the 
speeds of raindrops blown by wind (see, e.g., Doviak 
& Zrnic, 1993) and imaging moving tissues such as 
the heart in echocardiography, or measuring the speed 
of blood flow through an artery (see, e.g., Evans & 
McDicken, 2000). 

The Doppler effect is also a valuable tool for pure 
science and has played a key role in many experiments 
upon which our present view of the world is based. 
Edwin Hubble used it to determine the velocities of 
distant objects in space from shifts in their spectral 
lines (shifted toward the red end of the spectrum, 
hence redshift), finding that distant objects seem to 
be moving away from us with speeds that increase 
with their distance (Christianson, 1995). This discovery 
is the basis of modern cosmology and is one of the 
strongest pieces of evidence that the universe had its 
origins in a Big Bang. The Doppler shift has also 
been used in delicate and beautiful experiments that 
demonstrate the time dilation effects of gravity. Both 
these gravitational effects on time and the relativistic 
effect in the transverse Doppler shift must be taken 
into account in order for the Global Positioning System 
(GPS) to function properly. 

Joun Davip Swan 


See also Einstein equations; Gravitational waves 
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DOUBLE-WELL POTENTIAL 


See Equilibrium 


DRESSING METHOD 


The dressing method is a technique of constructing 
and solving nonlinear partial differential equations of 


232 


integrable models. It is based on dressing transforma- 
tions that are symmetries of nonlinear partial differ- 
ential equations and act on the Lax operators as gauge 
transformations on the connection (Zakharov & Shabat, 
1974). Accordingly, the form of the linear spectral prob- 
lem and the zero-curvature conditions are preserved. 

The basic concept of the dressing method (Zakharov 
& Shabat, 1974) is that starting from known 
solutions of the underlying linear problem, one obtains 
new solutions of the transformed (“dressed”) linear 
problem. Suppose Wo is a solution of the following 
linear problems: 


a 
( = z?) Wo (tis. tay A) = 0, 


ja eee 28 dd) 
where ft, f2, ..., f) are independent flow variables and 


E ©) are complex m x m mutually commuting matrices 
that depend on the spectral parameter 2. The matrix Vo 
is referred to as a “bare” wave function and commuting 
operators EO =0/0%;—E iO} as “bare” Lax operators. 

For the soliton equations in 1 + 1 (one spatial and 
one time) dimensions, the dressing transformations are 
generated by the dressing matrices ©; which can be 
defined by the Riemann-Hilbert factorization problem 
(Zakharov & Shabat, 1974; Faddeev & Takhtajan, 
1987). Given a Lie group of functions g(A) on the 
contour C in the complex plane, one finds a new 
(dressed) wave function through the factorization 
problem: 


Wo(th, tn, NBAIWG (n.-. 
= O02) (t,....t%, NOH... 


oth A) 
td), (2) 


where ©=!=(WogWy !)_ and ©, =(Woghy |) 4 
have analytic continuation inside or outside the contour 
C, respectively. The dressing transformation defines a 
new wave function WS) = @_ Wog=0 + Wo, which is 
a solution of new linear problems: 


fo) 
(= - FE) W(t, 2m) =0, (3) 
Ot; 


where 
IQ_ aws) 
E; = —07! + @_ £7! = — (ww)! 
Ot; : Ot; 


(4) 
satisfy the compatibility conditions also known as zero- 
curvature conditions: 

Ce) Ej a E; 
Ot; ot i 





[Ei, Ej] =0. (5) 


Comparing the expression for E; from Equation (4) 
with E® = (OW /dt;) Vo Us following from Equation 
(1), one sees that the dressing transformations preserve 
the form of the Lax connections L; =0/dt; — Ej. A 
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related approach also exists, which yields the dressing 
matrix in terms of the Fredholm type of integral 
operator entering the Gel’fand—Levitan—Marchenko 
equation (Zakharov & Shabat, 1974). Both dressing 
approaches are equivalent. 

By considering two successive dressing transforma- 
tions associated with two group elements gi and go, 
one naturally arrives at the concept of the group of the 
dressing transformations with W681 82) = (lst) (82), 
The general theory of dressing transformations and 
its group was developed by Semenov—Tian-Shansky 
(1985), who also introduced a Poisson bracket covari- 
ant under the dressing group action on the phase space 
of functions £;. With such a bracket, the group of the 
dressing transformations induces on a phase space a 
Lie—Poisson action and turns out to be a symmetry 
of the phase space. Furthermore, it was observed that 
the group of the dressing transformations appears as a 
semi-classical limit of the quantum group symmetry of 
the two-dimensional integrable quantum field theories. 
Hence the group of the dressing transformations ap- 
pears to be a classical precursor of the quantum group 
structure of an integrable field system in two dimen- 
sions (Babelon & Bernard, 1992). In many integrable 
models, the N-soliton solutions can be thought of as 
elements of the dressing group orbit of the vacuum 
state. Accordingly, successive dressing transformations 
can be used to build N-soliton solutions from the vac- 
uum solution. In Babelon & Bernard (1993), the au- 
thors presented the construction of N-soliton solutions 
by dressing transformations in the sine-Gordon model. 
The dressing group also admits an elegant interpretation 
within the Kyoto school (Date et al., 1983) approach to 
the integrable models appearing in this context as a 
transformation group of the t-function. 

For equations in 2+1 (two spatial and one 
time), dimensions, one applies the dressing technique 
based on a nonlocal Riemann—Hilbert problem for 
Kadomtsev—Petviashvili I and Davy—Stewartson I 
equations as well as the N-wave equations. The 
nonlocal (D-bar) 4 problem is required for the 
Kadomtsev-Petviashvili II and Davey—Stewartson II 
equations (Zakharov & Manakoy, 1985). _ 

The nonlocal (D-bar) d-problem gives rise to the d- 
dressing method in which an N x N quasi-analytical 
matrix function of 4, A xa, a, x),x € C" satisfies the 
following nonlocal 4-problem: 
ax (A, A) ik 

a 


Le dada’ xQ’,ayR(A’, AAA), (6) 
(eq 


with R being a kernel of a linear integral operator R. 

The set of commuting differential operators defined in 

terms of commuting rational matrix functions /;: 

ax 

Dix = >— + xh, 
Ox; 
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defines an integrable system. Let the integral 
linear operator R commute with all differen- 
tial operators D;, [D;, R}=0. Then, the choice 
I, =), b=22, Ip=)3 leads for N=1 to the KP 
IL equation: (u; +Uxxx + + 6uuy)y + 3uyy =0 with 
u =20 x1/0x, where x; is the term in an asymptotic 
expansion (A — oo) of y=1+4+ x1/A4 0/2 fe... 
HENRIK ARATYN 








Seealso Backlund transformations; Darboux trans- 
formation; Hirota’s method; Inverse scattering 
method or transform; Multidimensional solitons; 
N-soliton formulas; Riemann-Hilbert problem 
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DRIPPING FAUCET 


A dripping faucet may easily be seen in everyday life. Its 
rhythm is sometimes regular but sometimes not, which 
sensitively depends on the flow of water. If the rhythm 
is irregular, one might blame it on noise due to unseen 
influences such as small air vibrations. However, it is 
nowadays well known that the irregularity arises from 
deterministic chaos instead of stochastic noise. In fact, 
this system is a good example showing that chaos is not 
only a mathematical product but also a phenomenon 
ubiquitous in the real world. 

Chaotic dripping was originally suggested by Otto 
Rossler (Rossler, 1977) and the first experimental study 
was performed by Robert Shaw and his colleagues 
(Shaw, 1984; Martien et al., 1985). They measured the 
time interval (T,,) between the nth drip and its succes- 
sor, and obtained a time series {T;, 72, --- }. To detect 
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Figure 1. (a) An experimental strange attractor reconstructed 
from the observation of the oscillation, deformation, and breakup 
of drops hanging from a nozzle (7 mm inner diameter and 10 mm 
outer diameter). The projection of the orbit onto the plane (z, Z) 
is presented, where z is the center of mass and Z is its velocity. 
The flow rate OQ = 0.24 g/s (~ 2 drips/s on average). Inset of (a): 
return map of the dripping time interval (7;,). (b) Fluid dynamic 
simulation for 7 mm nozzle diameter. Q = 0.32 g/s. Inset of (b): 
drop deformation. 


possible determinism from a nonperiodic time series, 
they made a return map (plot of (T,, Tr +1) for each 
n). A return map for nonperiodic dripping is shown in 
the inset of Figure 1(a). If irregular numbers 7), 7, - -- 
were generated stochastically by throwing the dice, the 
plots would look like a set of random points with no 
particular structure. The observed map actually exhib- 
ited a clear structure, which implies a deterministic rule 
existing in the seemingly random outcomes. 

As suggested by Rossler, the deterministic random- 
ness, chaos is expected if two oscillating variables cou- 
ple: (i) damped oscillation of the drop position (z, the 
center of mass) due to the surface tension of the water 
and (ii) relaxation oscillation of the mass of the drop 
(m) due to the filling-and-discharging process. A min- 
imal model including these variables is the so-called 
mass-spring model described as 


d dz k dz ; (1) 
de diye So nde 





where g is the acceleration of gravity, k is the spring 
constant, and y is the damping parameter. The mass 
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increases at a constant flow rate Q as 


dm 9 
ee (2) 
The model assumes that when the position z reaches a 
critical point, a part of the total mass (Am) breaks away. 
Shaw used this model to explain the dripping dynamics 
as low-dimensional chaos. 

Since then, dripping faucets have attracted many 
physicists, and a wide range of nonlinear behavior 
has been reported, such as strange attractor, period- 
doubling bifurcation, Hopf bifurcation, intermittency, 
hysteresis, crisis, and satellite drop formation. On the 
other hand, theoretical studies mainly rested on the 
mass-spring model, and any direct link between this 
simple model and the physics of drop formation was 
not known. The basic dynamics inherent in the com- 
plex behavior of the dripping faucet system was re- 
vealed quite recently, owing to detailed analyses of 
(i) experiments for a wide range of flow rates (Kat- 
suyama & Nagata, 1999), (ii) fluid dynamic simulations 
using anew algorithm (Fuchikamiet al., 1999), and (iii) 
the improved mass-spring model based on the fluid dy- 
namic simulations (Kiyono & Fuchikami, 1999). 

The fluid dynamic simulations clearly visualized 
how drops are formed and pinched off repeatedly (see 
figures in color plate section): 


e The water under the faucet, increasing at a constant 
flow rate, forms a drop, which bulges until m reaches 
~ Merit (the maximum mass for the static stable 
state) and the surface tension is overwhelmed by the 
gravitational force. 

e Then its sides begin to shrink, forming a rapidly 
narrowing neck (necking process) and the drop is 
soon pinched off (breakup). In the necking process, 
the drop undergoes almost free-fall. 

e Because the water is stretched downward at the 
breakup moment, the surface tension works as a 
restoring force just after the breakup, which causes 
oscillation of the water. Thus the position z, the 
center of mass of the water, moves downward with 
up-and-down oscillation. 

e After m reaches merit again, the necking followed by 
the breakup is repeated. 

e The phase of oscillation at the onset of the necking 
process affects the breakup moment, the mass at that 
moment, and so the remnant mass (m, =m — Am). 

e If the phase changes periodically, the motion is 
periodic (for example, in the period-two motion T,, 
To, T,, Tz, ---, the phase changes as 6}, 02, 01, 02, 
-++), while the phase is random in chaotic motion. 


The essential information obtained from the fluid 
dynamic simulations is as follows: 


(i) The state point of the water is well described in the 
limited phase space (z, dz/dt, m), even if the water, 
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Figure 2. A section of the bifurcation diagram of the improved 
mass-spring model obtained by decreasing the control parameter 
Q, the flow rate. Hysteresis is observed in certain ranges of Q 
(indicated with <>). Inset: a hysteresis curve. 


an infinite-dimensional system, deforms its shape 
in a complex way. (Remember z denotes the center 
of mass.) 

(ii) The instability of the shape of water induces the 
instability of the chaotic orbit. In other words, 
stretching of the chaotic attractor mainly occurs 
in the beginning of the necking process. 

(ii) After the breakup, the renewed (i.e., remnant) mass 
realizes various values, while the renewed position 
and velocity are confined in a small region, well 
approximated as constants. Thus the attractor is 
compressed and becomes low dimensional. 


These features have also been confirmed experimen- 
tally. Figure 1 presents a recent experiment (a) and the 
corresponding fluid dynamic simulation result (b). The 
low-dimensional (almost one-dimensional) pattern of 
the return map (inset of (a)) suggests that the system 
can be described by a low-dimensional dynamical sys- 
tem. The experimental trajectory in the phase space 
(z, dz/dt, m) was reconstructed from the continuous 
change of the drop shape observed. The spiral orbit in- 
dicates that the drop oscillates several times and then 
makes free-fall in the necking process before breakup. 
The drop shape obtained from the simulation (inset of 
(b)) is very close to the experimental result. 

The observation of the drop formation process made 
it possible to improve the traditional mass-spring model 
by taking account of several points ignored so far, which 
include 


e the mass dependence of the spring constant: 
k=k(m); 

e the necking process by setting k =0 for m > merit; 
and 

e the mass dependence of the remnant mass: 
m,=m,(m), where m is the mass just before the 
breakup. 


Bifurcation diagrams (plot of T,, versus Q) obtained 
from the improved mass-spring model reproduce the 
global structure of experimental bifurcation diagrams 
for a wide range of flow rates, Q. As seen in Figure 2, 
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one distinct feature is a repetition of similar “units.” The 
neighboring units are very similar but gradually become 
complex as Q is increased. Each unit is characterized by 
an integer that is the number of oscillations of each drop 
before breakup. This number decreases with increasing 
Q because the drop mass reaches the critical value 
sooner. In Figure 2, for example, there are three units 
and the corresponding numbers are 6, 5, 4 from left 
to right. Units in a range of relatively large Q include 
various types of bifurcations, such as period-doubling 
cascade to chaos, intermittency, and hysteresis (inset 
of Figure 2), while units in a range of sufficiently 
small Q include just period one motion. The bifurcation 
diagrams for small faucet diameters also exhibit a 
relatively simple structure. 

The improved mass-spring model systematically 
explains the characteristic complexities of low- 
dimensional chaos (Ott, 1993) inherent in dripping dy- 
namics. However, the model can be applied only when 
Q is small enough so that drops are clearly separated 
from each other. For larger flow rates, experimental re- 
sults are so complex that approximations used in the 
fluid dynamic simulations do not work. New theoreti- 
cal approaches are required, especially to interpret Hopf 
bifurcation and statistical features of satellite drops. 

NoBUKO FUCHIKAMI AND KEN KtYoNo 
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In 1900, Paul Drude developed his theory of metallic 
conduction of electricity, following the discovery 
of the electron by Joseph John Thomson in 1897. 
Applying the kinetic theory of gases to a metal, 
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considered as a gas of electrons, he made the following 
assumptions: 


(i) Each electron moves according to Newton’s law 
of motion in the presence of external fields 
until it collides with other electrons or ions. 
Between collisions, interactions with both the 
other electrons and with the ions are neglected. 

(ii) Collisions are instantaneous events that abruptly 
alter the velocity of an electron. The probability 
per unit time that an electron experiences a 
collision is given by 1/t, where Tt is called the 
collision time, mean free time, or relaxation time. 

(iii) Electrons are assumed to achieve thermal equilib- 
rium with their surroundings only through colli- 
sions. After each collision, the electron emerges 
with a randomly directed velocity whose magni- 
tude is given by the temperature. 


Note that in contrast to a classical gas of neutral 
molecules, the electrons move against a background 
of positively charged immobile ions. 

The Drude model considers an average electron 
representative for the whole ensemble. Newton’s 
equation of motion is 


d 
——r=-eE, (1) 


where 7 is the spatial drift coordinate (excluding the 
random thermal motion), m is the effective mass of 
the electron, e > 0 is the electron charge, and F is the 
applied electric field. The second term is a friction term 
arising from collisions. This equation can be rewritten 
in terms of the electron momentum p = mv = mdr /dt, 
where v is the drift velocity, 


—pt+—=-eE. 2 

apts e (2) 
In the overdamped case the momentum induced by the 
electric field is given by 


p=-etE. (3) 


The current density is obtained by multiplying the 
drift velocity of the mean electron by the electron 
charge and by the density per unit volume n of all 
electrons 


j= env = en—tE =enwE, (4) 
m 


where the drift mobility = (e/m)t has been intro- 
duced. This is Ohm’s law, with constant conductivity 
o=en. 

The classical Drude model neglects electron- 
electron interactions, heating of the electrons, non- 
equilibrium dynamics, and quantum transport effects, 
and is thus restricted to low fields, moderate carrier 
densities and temperature ranges. If any of these 


236 


conditions are violated, nonlinear and non-Ohmic 
conduction arises. Such effects are abundant in metals 
and semiconductors and may lead to instabilities 
and bifurcations of self-sustained oscillations or self- 
organized spatiotemporal patterns (Shaw et al., 1992, 
Scholl, 2001). 

In the simplest case, a local, instantaneous con- 
ductivity o =enw still exists, but n or j depends 
upon the field E (generation-recombination or drift 
instability, respectively), leading to a nonlinear or 
even nonmonotonic current density-field relation 
j=en(E)u(E)E, possibly with a range of negative 
differential conductivity (NDC), where dj/dE = en 
+ e(dn/dE)u(E)E + en(du/dE)E <0. 

In an extension of the simple Drude picture, 
those nonlinearities may be due to a dependence 
of the momentum relaxation time upon the field 
(drift instability) or upon the electron temperature 
that, in turn, depends upon E (electron overheating 
instability, as a result of changes in the dissipation 
of energy and momentum). They may also be due 
to dependence of the carrier density upon field 
(generation-recombination instability, as in avalanche 
breakdown). More complex situations arise if the 
(semi)conductor consists of several layers of different 
materials, and intrinsic inhomogeneities render the 
notion of a local conductivity inappropriate. In 
particular, this applies to low-dimensional nanoscale 
structures (Ferry & Goodnick, 1997) or mesoscopic 
conductors (Datta, 1995), where the characteristic 
length scales may be such that the device dimension 
becomes smaller than the mean free path, the 
quantum mechanical phase relaxation length, and the 
de Broglie wavelength of the electron. Then various 
nonlinear transport regimes occur, where ballistic 
or non-equilibrium or coherent quantum effects 
dominate. 

ECKEHARD SCHOLL 


See also Avalanche breakdown; Diodes; Semicon- 
ductor oscillators 
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DUFFING EQUATION 

Serious studies of forced nonlinear oscillators appeared 
early in the 20th century when Georg Duffing (1918) 
examined mechanical systems with nonlinear restoring 
forces and Balthasar van der Pol studied electrical 
systems with nonlinear damping. Subsequently, any 
equation of the form 


ax +bx+ f(x) = Fsinot (1) 


was called Duffing’s equation, the nonlinearity often 
being polynomial, usually cubic (Hayashi, 1964). Here, 
x represents the time derivative dx /dt. 

Linear resonance has f(x)=cx (c>0), and 
Duffing’s extension models many mechanical and 
electrical phenomena. With symmetry, f is odd, giving 
the first nonlinear approximation 


f(x) =cx +dx?. (2) 


If d > 0, the system is hardening and the resonant 
peak tilts to the right. A softening system (d <0) has a 
peak tilted to the left (as in Figure 2). Duffing’s method 
of successive approximation and a variety of averaging 
and perturbation techniques can estimate these tilts for 
conditions of weak nonlinearity. 


Twin-Well Duffing Oscillator 


Taking Equations (1) and (2) with c <0, d>0 gives 
the “twin-well” Duffing oscillator governed by the 
potential energy V(x) = 3ex? + zdxt. Trajectories lie 
in and across the two symmetric potential wells 
separated by the hill-top at x =0. This is a useful 
archetypal model for studies of chaos (Guckenheimer 
& Holmes, 1983). The undamped, unforced system 
(b = F =0) has two symmetrically placed orbits that 
(in infinite time) leave and return to the phase-space 
saddle at x =0, *=0: we say they are “homoclinic 
to the saddle.” For small b and F the corresponding 
invariant manifolds exhibit a homoclinic tangency on 
an arc in the (b, F) control space. Beyond this global 
bifurcation a homoclinic tangle generates “horseshoe 
dynamics” giving chaos and fractal basin boundaries 
(see Figure 3). The (b, F) arc can be estimated by 
Melnikov perturbation analysis. 


Ueda’s Chaos 


For hardening with c = 0, Ueda (1980, 1992) mapped 
intricate regimes of subharmonics and chaos. Ueda’s 
equation is 


+k +x° = Boost. (3) 


With k=0.05, B=7.5, all solutions settle onto a 
unique chaotic attractor, irrespective of x(0), x(0): 
its basin of attraction is the whole starting plane. 


DUFFING EQUATION 
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Figure 1. Waveform (a) shows a plot of x(t) at the end of a long 
computer time integration during which any start-up transient 
is effectively dissipated, while the large fractal dot diagram 
(b) shows this chaotic attractor in a Poincaré section sampling 
x(t) and x(t) stroboscopically at the period of the forcing. Two 
waveforms in (c) show the exponential divergence from two 
adjacent starts on the attractor where (x(0), x(0)) are (3, 4) 
and (3.01, 4.01), respectively. Reproduced from Thompson & 
Stewart (2002) with the permission of John Wiley. 


The steady chaotic response is shown in Figure 1. 
In each cycle, sheets of trajectories are folded and 
compressed, as in making flaky pastry. This mixing 
produces divergence (Figure 1(c)) that quickly makes 
adjacent motions totally uncorrelated, although both 
remain on the fractal attractor. This divergence serves 
to identify chaos: it is quantified by Lyapunov exponent 
techniques (Guckenheimer & Holmes, 1983). 


Escape from a Potential Well 


Asymmetric models were used by Hermann Helmholtz 
to model vibrations in the human ear. An archetypal 
example introduced by Thompson (1989) is 


B+ Pi +x —x? = Fsinot. (4) 


This Helmholtz-Thompson equation governs escape 
from the well, 


V(x) = gx? - x. (5) 


Such escape is a universal problem in science, from 
activation energies of molecular dynamics to the 
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Figure 2. Three resonance response diagrams for Equation (4), 
where the maximum of the steady-state response, x;, is plotted 
against the forcing frequency, w, for fixed values of F (all with 
£=0.1). At higher F, in (c), there is a regime with no attractor, 
implying inevitable escape from either fold A or the chaotic 
crisis ending the cascade from C. Reproduced from Thompson 
& Stewart (2002) with the permission of John Wiley. 


gravitational collapse of massive stars. Failures in 
electrical systems are triggered when the underlying 
system escapes from a well: if power generators slip out 
of synchronization, an entire city can be blacked out. 
Naval research (Thompson, 1997) is directed toward the 
capsizing of vessels under sinusoidal forcing by ocean 
waves. 

Equation (4) is used by Thompson & Stewart (2002) 
to illustrate a variety of complex phenomena including 
chaos, fractal boundaries, and indeterminacies. These 
arise in a wide class of systems involving nonlinear 
damping, different well shapes, different direct and 
parametric forcing, and hardening characteristics. 
They are not detected by perturbation and averaging 
methods. 


Chaos in Nonlinear Resonance 


Three response diagrams for Equation (4) are shown in 
Figure 2. The quadratic form of the restoring force is 
technically softening for x > 0 and hardening for x < 0, 
but its overall effect is softening. Thus in 2(a), the peaks 
tilt to the left, as for a cubic Duffing oscillator with 
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Figure 3. In the space of the coordinates x(0), x(0), the four 
safe basins of attraction, (a)—-(d), comprise all those starts that 
do not give escape: we see how they vary with f, the basin 
being dramatically eroded by fractal fingers at f ~ 0.68. This 
basin erosion is quantified in (e) by plotting the area of the safe 
basin against f to give an integrity diagram. Reproduced from 
Thompson & Stewart (2002) with the permission of John Wiley. 


d <0. At the low value of F =0.01, where the small 
response is almost linear, the untilted peak lies over 
w=1 (the natural frequency). At F =0.056 we see 
the hysteresis response of a softening oscillator, with a 
jump to resonance at fold A as w increases, and a jump 
from resonance at B as w decreases. Between these 
cyclic folds, there are three steady periodic solutions 
with frequency w: nonresonant attractor, Sn; resonant 
attractor, Sr; unstable saddle, Dr. 

In 2(b), the resonant branch loses stability in a 
period-doubling cascade to chaos, and the jump at A 
is indeterminate. 


Fractal Boundaries, Indeterminate 
Bifurcations 


Transient motions arise from different starting values 
of x(0), x(0), and Figure 3 shows how the safe basin of 
attraction varies with f = F/F®. Here F¥ is the steady- 
state escape magnitude, at which a slowly evolving 
system would jump out of the well. The observed 
fractal structure is generated at a homoclinic tangency. 
The sudden drop in the integrity diagram at the 
“Dover cliff” can be used as a design criterion. An 
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engineering system should not be operated at values 
of f > 0.68, even though there are still stable motions 
within the well up to f=1 (Thompson & Stewart, 
2002). 

Fractal basin boundaries and their chaotic transients 
generate great complexities in all forms of Duffing’s 
equation once the response is significantly nonlinear: 
they are a topic of active research (Stewart et al., 1995). 
An example is the indeterminate jump from fold A in 
Figure 2(b). Locally, this is a normal saddle-node fold, 
but it is located precisely on a fractal boundary. The 
outcome from such a “tangled saddle-node” is unpre- 
dictable (Thompson & Soliman, 1991). Depending sen- 
sitively on how A is approached, the jump may settle 
onto attractor R or escape out of the well; it may also 
settle onto a co-existing subharmonic motion. 

MICHAEL THOMPSON 


See also Attractors; Chaotic dynamics; Damped- 
driven anharmonic oscillator; Mel’nikov method; 
Van der Pol equation 
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DUNE FORMATION 


Dunes are sand formations, found on land, that have 
heights ranging from 1 to 500 m and have been shaped 
by the wind. These topographical structures are found 
typically where large masses of sand have accumulated, 
which can be in the desert or along the beach; thus, one 
distinguishes desert dunes and coastal dunes. Dunes 
can be mobile or fixed. Fixed dunes are older and are 
either “fossilized,” that is, transformed into a cohesive 
material, a precursor to sandstone, or fixed because of 
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Figure 1. Barchan dunes near Laayoune, Morocco. 


the vegetation or because the average wind over some 
period at their location is zero. Otherwise the sand 
moves if the winds are strong enough, which means 
typically stronger than 4 ms~!. 

The beautiful landscapes (Figure 1; see also color 
plate section) formed by dunes are characterized by 
very gentle hills interrupted by sharp edges called 
brink lines, delimiting regions of steeper slope, called 
slip-faces, lying in the wind shadow. Depending on 
the amount of available sand and the variation of the 
wind direction, one distinguishes different typical dune 
morphologies that have been classified by geographers 
into over a hundred categories. The most well known are 
longitudinal, transverse, and barchan dunes. Barchans 
(from an Arabic word) are crescent-shaped mobile 
dunes that appear when the wind always comes from 
the same direction and there is not much sand present. 
Their movement ranges from 5 to 50 m per year and is 
inversely proportional to their height. If sufficient sand 
is available to cover all the surface, then transverse 
dunes appear (from the merger of many barchans). 
Longitudinal dunes, that is, along the direction of the 
wind, are observed when the wind periodically changes 
its direction over about 30°. Other famous dune types 
are star dunes, ergs, parabolic dunes, and draas. 

The driving force for sand motion is the drag 
imposed by the wind on the grains at the surface. A 
given dune morphology can therefore be understood 
as an aerodynamic instability close to a mobile 
surface. A complete mathematical description of the 
problem therefore needs the equation of motion of 
the wind velocity field coupled with an equation of 
motion of the granular surface. The right formulation 
of these equations requires a good understanding of the 
transport mechanism of sand. 

Three types of transport can be distinguished 
according to the size of a sand grain: creep, saltation 
(bouncing), and suspension. The only mechanism 
relevant for dune formation is  saltation, which 
drags grains typically of 100-300 1m diameter. The 
mechanism of saltation, first described by Ralph 
Bagnold in his pioneering work (Bagnold, 1941), 
consists of grains, which once lifted out from their 
granular bed are accelerated by the wind and then 
impact against the surface, ejecting new grains. These 
grains are again accelerated and eject a further splash 


of grains, so that the number of grains flying above 
the surface increases exponentially until the total 
momentum transferred from the air to the grains 
saturates to its maximum capacity, and the wind can 
no longer pick up more sand from the dune. On dunes 
in the field, these saltating grains form a sheet of grains 
floating typically 5cm above the surface. The wind 
typically is turbulent and has a logarithmic profile as 
a function of height, which (due to the presence of 
the grains) is strongly modified close to the surface. 
The height of the boundary layer is less than 1 cm. 
Using the techniques of Jackson & Hunt (1975), one 
can calculate the shear force of the wind at the surface in 
an approximate form and obtain reasonable agreement 
with measurements on dunes. The saturated flux of 
sand at the surface is a function of this shear stress 
and has been described by various phenomenological 
expressions, the first one given by Bagnold (1941) 
and subsequent ones by Lettau & Lettau (1969), and 
by Sgrensen (1981). A full description also requires 
taking into account the transient length before (or after) 
reaching saturation. Together with mass conservation 
one can then close the system of equations, giving at 
the end a full set of equations of motions (Sauermann 
et al., 2001). 

When the local slope exceeds a value of typically 
35°, the angle of repose, the sand begins to slide in 
the form of avalanches giving a second mechanism of 
sand transport driven by gravity. The slip-faces all have 
this slope. The edges separating them from the purely 
wind-driven regions are just given by the brink lines. 
Over these regions the wind field develops recirculation 
eddies of velocities typically below the minimum 
threshold for grain motion. When the saturation length 
is less than the size of these low-velocity regions, 
the sand grains get trapped. This is the principal 
instability underlying dune morphology: the dunes 
become traps of sand for more sand. The typical 
saturation length of about 10m also means that no 
dune below 1.5m in height is stable under Earth’s 
meteorological conditions; the dune is too short for the 
air to reach its saturation point, and the dune suffers 
erosion. 

Dunes have been studied on all continents and 
their shape, sand flux, velocity, and granulometry 
have been presented in many publications. Several 
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books review the subject (Pye & Tsoar, 1990). For 
different morphologies one finds specific shapes and 
scaling laws, but systematic studies exist only for 
barchans. Sand fluxes are typically measured with traps, 
but a more sophisticated metrology (e.g., acoustic, 
optic) is evolving. The limitation factors are the 
fluctuations of the wind fields and the climate. In 
the arid regions of the world, in particular the poor 
countries in the Sahara, dune motion poses an important 
threat to housing, roads, and fields, and sand removal 
constitutes a significant economic factor in these 
countries. Many empirical techniques of dune fixing 
and dune destruction have been developed, mostly 
applied to coastal dunes, which are in fact disappearing 
in many places, sometimes damaging the fragile dune 
ecosystem. 

H.J. HERRMANN 


See also Avalanches; Geomorphology and tecton- 
ics; Sandpile model 
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DYM EQUATION 
See Solitons, types of 


DYNAMIC PATTERN FORMATION 


See Synergetics 


DYNAMIC SCALING FUNCTION 


See Routes to chaos 





DYNAMICAL SYSTEMS 


A dynamical system is a time-dependent, multicompo- 
nent system of elements with local states determining 
a global state of the whole system. In a planetary sys- 
tem, for example, the state of the system at a certain 
time is the set of values that completely describe the 
system (the position and momentum of each planet). 


DYNAMICAL SYSTEMS 


The states can also refer to moving molecules in a gas, 
excitation of neurons in a neural network, nutrition of 
organisms in an ecological system, supply and demand 
of economic markets, or behavior of social groups in 
human societies. 

The dynamics of a system (the change of system 
states with time) is given by linear or nonlinear 
differential equations. In the case of nonlinearity, 
several feedback activities take place between the 
elements of the system: in the solar system, the 
movement of the Earth is determined by the gravitation 
not only of the Sun, but of all the other celestial bodies 
of the system, which attract each other gravitationally. 

For deterministic processes (for example, move- 
ments in a planetary system), each future state is 
uniquely determined by the present state. A conserva- 
tive (Hamiltonian) system such as an ideal pendulum is 
characterized by the reversibility of time direction and 
conservation of energy. Dissipative systems, for exam- 
ple, a real pendulum with friction, are irreversible. The 
time-dependent development of a system’s state is geo- 
metrically represented by orbits (trajectories) in a state 
space or phase space, which is defined by the multidi- 
mensional vectors of the nonlinear system (See Phase 
space). 

In addition to continuous processes, we can also 
consider discrete processes of changing states at certain 
points of time. Difference equations are important for 
modeling measured data at discrete points of time, 
which are chosen equidistant or defined by other 
measurement devices. 

Random events (Brownian motion in a_ fluid, 
mutation in evolution) are represented by additional 
fluctuation terms. Classical stochastic processes, such 
as the billions of unknown molecular states in a fluid, 
are defined by time-dependent differential equations 
with distribution functions of probabilistic states. 
Stochastic nonlinear differential equations (such as 
Fokker—Planck equation, Master equation) are also 
used to model phase transitions of complex systems, 
including migration dynamics of populations, traffic 
dynamics, data dynamics in the Internet, among 
others. 

In quantum systems, the dynamics of quantum states 
are determined by Schrédinger’s equation. Although 
it is a deterministic differential equation of a wave 
function, its observables (position and momentum of a 
particle) depend on Heisenberg’s uncertainty principle, 
which only allows probabilistic forecasts. 

During the 17th-19th centuries, classical physics 
viewed the universe as a deterministic and conservative 
system. The astronomer and mathematician Pierre- 
Simon Laplace assumed that all future states of the 
universe could be computed or determined if all forces 
acting in nature and the initial states of all celestial 
bodies are known at one instant of time (Laplacian 
determinism). Laplace’s assumption was correct for 
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linear and conservative dynamical systems such as 
a harmonic oscillator. However, at the end of the 
19th century, Henri Poincaré discovered that celestial 
mechanics is not a completely computable system even 
if it is considered as a deterministic and conservative 
system. The mutual gravitational interactions of more 
than two celestial bodies (the many-body problem) 
correspond to nonlinear and non-integrable equations 
with instabilities and sometimes chaos (See N-body 
problem). 

According to Laplacian determinism, similar causes 
effectively determine similar effects. Thus, in the phase 
space, trajectories starting close to each other also 
remain close to each other during time evolution. 
Dynamical systems with deterministic chaos exhibit 
an exponential dependence on initial conditions for 
bounded orbits: the separation of trajectories with 
close initial states increases exponentially. (The rate at 
which nearby orbits diverge from each other after small 
perturbations is measured by Lyapunov exponents.) 
Consequently, tiny deviations of initial states lead 
to exponentially increasing computational efforts for 
future data, limiting long-term prediction, although the 
dynamics is, in principle, uniquely determined. 

The sensitivity of chaotic dynamics to small changes 
in initial conditions is known as the “butterfly effect”: 
small and local causes (local perturbations of the 
weather, for example) can lead to unpredictable 
large and global effects in unstable states (See 
Butterfly effect). According to the famous KAM 
theorem of Andrei Kolmogorov, Vladimir Arnol’d, 
and Jiirgen Moser, trajectories in the phase space 
of classical mechanics are neither completely regular 
nor completely irregular, but depend sensitively on 
the chosen initial conditions. Changes of states in 
a dynamical system that change the stability of 
solutions to its nonlinear equations are associated with 
bifurcations of orbits in the corresponding phase space 
(See Bifurcations). 

Dynamical systems can be classified by the effects 
of their dynamics on a region of the phase space. 
A conservative system is defined by the fact that, 
during time evolution, the volume of a region remains 
constant, although its shape may be transformed. An 
attractor is a region of a phase space into which all 
trajectories departing from an adjacent region, the so- 
called basin of attraction, converge. There are different 
kinds of more or less complex attractors. Chaotic 
attractors are highly complex structures of nonperiodic 
orbits in a bounded region of the phase space between 
regular behavior and stochastic behavior or noise. 
Although high-dimensional dynamical systems (such 
as the stock market, the economy, and society) 
cannot be formulated in all detail, approximate models 
may provide qualitative insights into their complex 
behavior. 

K aus MaINzER 
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See also Chaotic dynamics; Determinism; Equa- 
tions, nonlinear 
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DYNAMICAL ZETA FUNCTIONS 


See Periodic orbit theory 


DYNAMOS, HOMOGENEOUS 


Dynamos convert mechanical energy into electromag- 
netic energy, the most familiar example being the 
bicycle dynamo. Nearly all electricity consumed by 
mankind is generated by dynamos in power plants— 
electrochemical processes also generate electric power, 
for example, in batteries, but these play only a minor 
role. The simplest dynamo is the disk dynamo origi- 
nally invented by Faraday and shown in Figure 1. A 
metal disk rotates about its axis with an angular veloc- 
ity ®Y=kQ. When the disk is permeated by an initial 
magnetic field Bo parallel to the axis, an electromo- 
tive force is generated between the axis and rim of the 
disk, 





TO 
u=a.[ Bodr, (1) 
ry 


where r; and ro denote the radii of axis and disk. 
The electromotive force U can be used to drive an 
electric current J through the circuit indicated in 
Figure 1. Denoting by L and R the inductivity and 
the ohmic resistance of the circuit, we obtain for the 


current J a 
L—+RJ=U. 2 
an (2) 
The current J flowing through the circuit is associated 
with a magnetic field By, which may replace the initial 


field Bo. The integral 27 Sok Bidr/J describes 
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Figure 1. The disk dynamo. 


the mutual inductivity M between circuit and disk. 
Equation (2) for the self-exited disk dynamo can thus 
be written in the form 


dJ 
L> = (QM/2n — R)J, (3) 


which allows for exponentially growing solutions once 
the dynamo condition 


Q > 27R/M (4) 


is satisfied. 

The disk dynamo is an inhomogeneous dynamo 
since it depends on an inhomogeneous distribution 
of electrical conductivity as given by the wiring of 
the circuit. The dynamo would not work if the sense 
of wiring around the axis would be opposite to that 
shown in the figure or if it would be short-circuited 
by immersion in a highly conducting fluid. While it 
is generally believed that planetary and stellar mag- 
netic fields are generated by dynamos in the elec- 
trically conducting interiors of these celestial bod- 
ies, these dynamos must be homogeneous ones be- 
cause they operate in singly connected finite domains 
of essentially homogeneous electrical conductivity. In 
1919, Larmor first proposed this idea as an explana- 
tion for the magnetic field of sunspots. It was doubt- 
ful for a long time whether homogeneous dynamos 
were possible. Cowling proved in 1934 that axisym- 
metric fields could not be generated by a homoge- 
neous dynamo. But, in 1958, Backus and Herzenberg 
independently demonstrated in a mathematically con- 
vincing way that homogeneous dynamos are indeed 
possible. 

The velocity fields that are required to drive a 
homogeneous dynamo are necessarily more complex 
than the simple rotation velocity of the disk dynamo. 
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A new mathematical discipline called dynamo theory 
has evolved and continues to be an active field of 
research. One distinguishes between the kinematic 
dynamo problem based on a linear equation such as 
(3) with a prescribed velocity field and the magneto- 
hydrodynamic dynamo problem in which the influence 
of the growing magnetic field on the velocity field is 
taken into account. Obviously, a magnetic field cannot 
grow exponentially forever. Just as the Lorentz force 
produced by the magnetic field together with the current 
density in the disk opposes the rotation of the disk 
in Figure 1, it also changes the velocity field of the 
magnetohydrodynamic dynamo. The external torque 
Te. applied to the disk in the figure must be increased 
in the presence of dynamo action in order to sustain 
the rotation rate Q. The equilibrium strength of the 
magnetic field will thus be determined by the available 
torque T.. 

In the case of the geodynamo driven by convection 
flows in the liquid iron core of the Earth, as well 
as in the case of other planetary or stellar dynamos, 
the equations of motions together with the equation 
of magnetic induction (See Magnetohydrodynamics) 
must be solved to determine the strength of the 
generated magnetic field as a function of the relevant 
parameters. Extensive computer simulations have been 
performed in recent years. Some examples can be 
found in Jones et al. (2003). The complex numerical 
simulations of magnetohydrodynamic dynamos share 
the following properties with the simple disk dynamo: 


(i) For given external parameters, there always exists 
a solution without magnetic field besides the dynamo 
solution, just as the disk of Figure 1 can rotate with 
Q > Qe in the absence of any initial field Bo. 

(ii) The existence of a dynamo solution requires that 
the magnetic Reynolds number Rm exceeds a critical 
value Rm,. Rm is defined by 


Rm = Vdop, (5) 


where V is a typical velocity, d is a characteristic length 
such as the radius of the iron core in the case of the 
Earth, and o and yw are the electrical conductivity and 
the magnetic permeability of the fluid. The inverse 
product A=1/oy is called the magnetic diffusivity. 
The dimensionless parameter Rm corresponds to the 
quantity QM/R in the case of the disk dynamo. The 
nonmagnetic solution exists, but it is unstable for 
Rm> Rme. 

(iii) Magnetohydrodynamic dynamos exist in two 
forms that are identical except for the sign of the 
magnetic field B. This property reflects the fact that 
the Lorentz force is given by an expression quadratic 
in B. 


Property (iii) is the basic reason that the geomagnetic 
field has often switched its polarity in the geologic past. 
These “reversals” have occurred nearly randomly about 
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every 200,000 years on average. In contrast, the solar 
magnetic field reverses every 11 years in a surprisingly 
periodic fashion. 

For the description of magnetic fields associated 
with a spherical system, one often uses the general 
representation for a solenoidal vector field, 


B=Vx(VAxr)+Vegxr, (6) 


in terms of a poloidal and a toroidal component 
each of which is described by a scalar function, the 
poloidal function h, and the toroidal function g. Without 
loss of generality, the averages of h and g over sur- 
faces |r| = constant can be assumed to vanish. A ho- 
mogeneous dynamo usually requires the interaction 
of both components of the magnetic field. It can be 
shown (Kaiser et al., 1994) that a magnetic field with 
vanishing toroidal part cannot be generated. It is also 
generally believed that a purely poloidal field can- 
not be generated either. But a proof of this hypoth- 
esis has not yet been given. The functions h and g 
can be separated into their axisymmetric parts h and g 
and non-axisymmetric parts, h=h—hand g=2-8. 
The component g can easily be generated in a spher- 
ical dynamo through a stretching of the axisymmet- 
ric poloidal field by a differential rotation. This pro- 
cess is known as the w-effect. The amplification of 


h requires the interaction of the non-axisymmetric 
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components of magnetic fields and velocity fields. 
This is often called the a-effect. This latter effect 
can, of course, also be used for the generation of g 
in the absence of a differential rotation. Accordingly, 
one distinguishes between aw- and a?-dynamos. 
These concepts were originally introduced within the 
framework of mean-field magnetohydrodynamics for 
which the reader is referred to the book by Krause & 
Raedler (1980). 

FH. Busse 


See also Alfvén waves; Fluid dynamics; Magneto- 
hydrodynamics; Nonlinear plasma waves 
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EARTHQUAKES 


See Geomorphology and tectonics 


ECKHAUS INSTABILITY 
See Wave stability and instability 


ECONOMIC SYSTEM DYNAMICS 
Economic dynamics is concerned with fluctuations in 
the economy. Most economic variables, such as gross 
domestic product (GDP), production, unemployment, 
interest rates, exchange rates, and stock prices, exhibit 
perpetual fluctuations over time. These fluctuations 
are characterized by sustained growth of production 
and employment as well as large oscillations in 
relative changes or growth rates. The fluctuations vary 
from fairly regular business cycles in macroeconomic 
variables to very irregular fluctuations, for example, in 
stock prices and exchange rates, in financial markets. 
In this note, we discuss some approaches to the theory 
of economic fluctuations, emphasizing the role of 
nonlinear dynamic models. 

In contrast to many dynamic phenomena in natural 
sciences, uncertainty always plays a role in an econ- 
omy, at least to some extent. Therefore, a purely deter- 
ministic model seems inappropriate to describe fluctu- 
ations in the economy, and a stochastic dynamic model 
is needed. Nevertheless, a key question in economic dy- 
namics is whether a simple, nonlinear dynamic model 
can explain a significant part of observed economic 
fluctuations. 


Brief History 


There are two contrasting viewpoints concerning 
the explanation of observed economic fluctuations. 
According to the first (New Classical) viewpoint, 
the main source of fluctuations is to be found in 
exogenous, random shocks (news about economic 
fundamentals) to an inherently stable, often linear 
economic system. Without any external shocks to 
economic fundamentals (preferences, endowments, 
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technology, etc.), the economy would be stable 
and converge to the unique steady-state (growth) 
path. According to the second, opposing (Keynesian) 
viewpoint, economic fluctuations are not caused by 
chance or random impulses, but should be explained by 
nonlinear economic laws of motion. Even without any 
external shocks to the fundamentals of the economy, 
fluctuations in prices or other economic variables may 
arise. It is an old Keynesian theme that fluctuations are 
not determined by economic fundamentals only, but 
are also driven by volatile, self-fulfilling expectations 
(“animal spirits,” market psychology). 

The view that business cycles are driven by external 
random shocks was propagated in the 1930s, for exam- 
ple, by Ragnar Frisch and Jan Tinbergen (sharing the 
first Nobel Prize in Economic Sciences in 1969 “for 
having developed and applied dynamic models for the 
analysis of economic processes”). They observed that 
simple, linear systems buffeted with noise can mimic 
time series similar to those observed in real business 
cycle data. To several economists this approach was 
unsatisfactory, however, because it does not provide an 
economic explanation of business cycles, but rather at- 
tributes them to external, random events. In the 1940s 
and 1950s Nicholas Kaldor, John Hicks, and Richard 
Goodwin developed nonlinear dynamic models with lo- 
cally unstable steady states and stable limit cycles as an 
explanation for business cycles. These early nonlinear 
business cycle models, however, suffered from a num- 
ber of serious shortcomings. First of all, the laws of 
motion were too “ad hoc,” and in particular they were 
not derived from rational behavior, that is, from utility 
and profit maximizing principles. Secondly, the sim- 
ulated time series from the models were too regular 
compared with observed business cycles, even when 
small dynamic noise was added to the models. Finally, 
expectation rules were “ad hoc,” and along the regular 
cycles, agents made “systematic” forecasting errors. 


The Role of Expectations 

The most important difference between economics and 
natural sciences is perhaps the fact that an economic 
system is an expectations feedback system. Decisions 
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of economic agents are based upon their expectations 
and beliefs about the future state of the economy. 
Through these decisions, expectations feed back into 
the economy and affect actual realization of economic 
variables. These realizations lead to new expectations, 
in turn affecting new realizations, implying an infinite 
sequence of expectational feedback. For example, in the 
stock market, optimistic expectations that stock prices 
will rise will lead to a larger demand for stocks, which 
will cause stock prices to rise. This process may lead to 
a self-fulfilling speculative bubble in the stock market. 
A theory of expectation formation is, therefore, a crucial 
part of economics, in particular for modeling dynamic 
asset markets. 

In the early business cycle models, simple, ad hoc 
expectations rules were employed, such as naive ex- 
pectations (where the forecast of the economic vari- 
able is simply the latest observation of that variable) or 
adaptive expectations (where the forecast is a weighted 
average of the previous forecast and the latest obser- 
vation). An important problem with simple forecasting 
tules is that typically agents make systematic forecast- 
ing errors, especially when there are regular cycles. A 
smart agent would learn from her mistakes and adapt 
her expectations rule accordingly. Another problem is 
that if an agent is to use a simple forecasting rule, it is far 
from clear which simple rule to choose in a particular 
model. With the development of empirical, econometric 
analysis of business cycles, it became clear that unre- 
stricted models of expectations preclude a systematic 
inquiry into business fluctuations. These considerations 
led to the development of rational expectations, a so- 
lution to the expectations feedback system proposed 
by John Muth (1961) and applied to macroeconomics, 
for example, by Robert Lucas and Thomas Sargent. 
Rational expectations means that agents use all avail- 
able information, including economic theory, to form 
optimal forecasts and that, on average, expectations co- 
incide with realizations. In a deterministic model, with- 
out noise and randomness, rational expectations implies 
perfect foresight (no mistakes at all); in a stochastic 
model, rational expectations coincides with the con- 
ditional mathematical expectations given all available 
information (no mistakes on average, no systematic 
bias). 

In the 1970s and 1980s, the rational expectations 
critique culminated in the development of New 
Classical economics and real business cycle models, 
based upon rational expectations, intertemporal utility 
and profit maximization, and perfectly competitive 
markets. This approach outdated the early Keynesian 
nonlinear business cycle models of the 1950s. Due 
to the discovery of deterministic chaos and other 
developments in nonlinear dynamics, however, the 
last two decades have witnessed a strong revival 
of interest in nonlinear endogenous business cycle 
models. 
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Nonlinear Dynamics 


In mathematics and physics, things changed dramati- 
cally in the 1970s due to the discovery of deterministic 
chaos, the phenomenon that simple, deterministic laws 
of motion can generate unpredictable time series. This 
discovery shattered the Laplacian deterministic view of 
perfect predictability and made scientists realize that 
long-run prediction may be fundamentally impossible, 
even when laws of motion are known exactly. Inspired 
by “chaos theory,” economists (e.g., Richard Day and 
Jean-Michel Grandmont) started looking for nonlinear, 
deterministic models generating erratic time series sim- 
ilar to the patterns observed in real business cycles. 
This search led to new, simple nonlinear business cycle 
models within the paradigm of rational expectations, 
optimizing behavior and perfectly competitive markets, 
generating chaotic business fluctuations. 

In the 1980s, several economists (e.g., William 
Brock, Davis Dechert, Jose Scheinkman, and Blake 
LeBaron) also employed nonlinear methods, such as 
correlation dimension tests, from the natural sciences to 
look for evidence of nonlinearity and low deterministic 
chaos in economic and financial data. This turned out 
to be a difficult task because the methods employed 
require very long time series and the methods are 
very sensitive to noise. One can say that evidence 
for low-dimensional deterministic chaos in economic 
and financial data is weak (but it seems fair to add 
that because of the sensitivity to noise, the hypothesis 
of chaos buffeted with dynamic noise has not been 
rejected) but evidence for nonlinearity is strong. In 
particular, Brock, Dechert, and Scheinkman have 
developed a general test (the BDS-test), based upon 
ideas from U-statistics theory and correlation integrals, 
to test for nonlinearity in a given time series; see 
Brock et al. (1996) and Brock, Hsieh, & LeBaron 
(1991) for the basic theory, references, applications, 
and extensions. The BDS test has become widely used 
in economics and also in physics. 





Bounded Rationality 


Already in the 1950s, Herbert Simon pointed out that 
rationality requires unrealistically strong assumptions 
about the computing abilities of agents and proposed 
that bounded rationality, with limited computing capa- 
bilities and with agents using habitual rules of thumb 
instead of perfectly optimal decision rules, would be a 
more accurate description of human behavior. Never- 
theless, as noted above, rational expectations became 
the dominating paradigm in dynamic economics in the 
1970s and 1980s. Nonlinear dynamics, the possibility 
of chaos, and its implications for limited predictabil- 
ity shed important new light on the expectations hy- 
pothesis, however. In a simple (linear) stable economy 
with a unique steady-state path, it seems natural that 
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agents can learn to have rational expectations, at least in 
the long run. A representative, perfectly rational agent 
model nicely fits into a linear view of a globally stable 
and predictable economy. But how could agents have 
rational expectations or perfect foresight in a complex, 
nonlinear world, with prices and quantities moving ir- 
regularly on a strange attractor and sensitivity to ini- 
tial conditions? A boundedly rational world view with 
agents using simple forecasting strategies, perhaps not 
perfect but at least approximately right, seems more 
appropriate for a complex nonlinear world. These de- 
velopments contributed to a rapidly growing interest 
in bounded rationality in the 1990s (see, e.g., the sur- 
vey in Sargent (1993)). A boundedly rational agent 
forms expectations based upon observable quantities 
and adapts her forecasting rule as additional observa- 
tions become available. Adaptive learning may con- 
verge to a rational expectations equilibrium, or it may 
converge to an “approximate rational expectations equi- 
librium,” where there is at least some degree of consis- 
tency between expectations and realizations (see, e.g., 
Evans & Honkapohja (2001) for an extensive and mod- 
ern treatment of adaptive learning in macroeconomics). 


Interacting Agents and Evolutionary Models 


The representative agent model has played a key role 
in economics for a long time. An important motivation 
for the dominance of the rational agent model dates 
back to the 1950s, to Milton Friedman who argued that 
nonrational agents will be driven out of the market 
by rational agents, who will trade against them and 
simply earn higher profits. In recent years, however, 
this view has been challenged, and heterogeneous agent 
models are becoming increasingly popular, especially 
in financial market modeling (see, e.g., Kirman (1992) 
for a critique on representative agent modeling). 
Many heterogeneous agent models are artificial, 
computer simulated markets. This work views the econ- 
omy as a complex evolving system composed of many 
different, boundedly rational, interacting traders, with 
strategies, expectations and realizations co-evolving 
over time (see, e.g., work at the Santa Fe Institute col- 
lected in Anderson et al. (1988)). Two typical trader 
types arising in many heterogeneous agent financial 
market models are fundamentalists and chartist or tech- 
nical traders. Fundamentalists base their investment de- 
cisions upon market fundamentals such as dividends, 
earnings, interest rates, or growth indicators. In con- 
trast, technical traders pay no attention to economic 
fundamentals but look for regular patterns in past prices 
and base their investment decision upon simple trend 
following trading rules. An evolutionary competition 
between these different trader types, where traders tend 
to follow strategies that have performed well in the re- 
cent past, may lead to irregular switching between the 
different strategies and result in complicated, irregular 
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asset price fluctuations. It has been shown, for exam- 
ple, by Brock and Hommes (1997, 1998), that in these 
evolutionary systems, rational agents and/or fundamen- 
tal traders do not necessarily drive out all other trader 
types, but that the market may be characterized by per- 
petual evolutionary switching between competing trad- 
ing strategies. Nonrational traders may survive evolu- 
tionary competition in the market (see, e.g., Hommes 
(2001) for a survey and many relevant references). Lux 
& Marchesi (1999) show that these types of interacting 
agent models are able to generate many of the stylized 
facts, such as unpredictable returns, clustered volatil- 
ity, fat tails, and long memory, observed in real financial 
markets. 


Future Perspective 


A good feature of the rationality hypothesis is that 
it puts natural discipline on agents’ forecasting rules 
and minimizes the number of free parameters in dy- 
namic economic models. In contrast, the “wilderness of 
bounded rationality” leaves too many degrees of free- 
dom in modeling, and it is far from clear which out of 
a large class of habitual rules of thumb is most reason- 
able. Stated differently in a popular phrase: “there is 
only one way (or perhaps a few ways) one can be right, 
but there are many ways one can be wrong.” The phi- 
losophy underlying the evolutionary approach is to use 
simple forecasting rules based upon their performance 
in the recent past. In this type of modeling, “evolution 
decides who is right.” Bounded rationality, heterogene- 
ity, adaptive learning, and evolutionary competition all 
create natural nonlinearities. Nonlinearity is, therefore, 
likely to play an increasingly important role in the fu- 
ture of economic dynamics. 

Cars HomMMEs 


See also Dynamical systems; Forecasting; Game 
theory; Time series analysis 
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EFFECTIVE MASS 


Effective mass is a physical quantity characterizing 
the dynamics of a particle or quasiparticle with an 
energy (€) that is quadratic in the components of 
the momentum (p). With a dispersion relations of the 
form 


E=&+ 5 Mik Pipe, € =const., qd) 
the tensor (uj, = mz is a tensor of reciprocal effective 
masses, and mj, is an effective mass tensor. Considering 
Equation (1) as the Hamiltonian function of a free 
particle, one can determine a particle velocity using 
a canonical equation of motion 

vj = 0E/dp;, i =1,2,3. (2) 
From the Hamiltonian function (1) and relations (2) a 
Lagrangian function of the particle is 


L=Lot+ + Mix v;vg, Lo = const. (3) 


EFFECTIVE MASS 


As the Lagrangian function of a free particle coincides 
with its kinetic energy, the effective mass tensor can be 
associated with kinetic energy (3), which is quadratic 
in components of the velocity. 

Having its origin in the mechanics of particles, 
the definition of the effective mass can be connected 
with the dynamics of wave packets. According to the 
de Broglie principle of wave-corpuscular dualism, the 
energy € and momentum p of a particle correspond 
to the frequency w and wave vector k of some 
wave packet, as E=hw and p=hk where h is 
Planck’s constant. From this point of view, any 
quasiparticle excitation in condensed matter behaves as 
a particle-like wave packet, and Equation (2) coincides 
with the definition of a group velocity of the wave 
packet. 

The effective mass tensor for a free Newtonian 
particle or quasiparticle in an isotropic media (for 
example, excitations in the superfluid liquid He) has 
the simple form: mix =m d;x, i, k= 1, 2, 3. 

The dispersion relation of type (1) for the 
quasiparticles described by band theory in a periodic 
structure (electrons in metals and phonons in crystals) 
takes place at vicinities of singular points in the p- 
space. These are at the points where energy E(p) 
has a minimum (then pix is positively definite), at 
the points near the maximum of E(p) (then pujx is 
negatively definite), and at the so-called conical points, 
when the main values of the tensor j4;, have different 
signs. 

In the general band theory of electrons and semi- 
conductors, energy is a more complicated (arbitrary) 
function of the momentum € = €(p), and the tensor of 
the reciprocal effective mass is defined as 


_ @€ 
~ Api Op’ 





Hik ik =1,2,3, (4) 


which can be a function of the momentum. The effective 
mass tensor allows one to calculate the acceleration of 
a particle under the action of the external force f. As 
an equation of the particle motion is 


dp 
— =f, 5 
~ =f 5) 
Equations (2) and (5) lead to the following equation for 
the acceleration: 


dug 
Mik a = fi, 


p= 12,3. (6) 
The force f is determined, for example, by the electric 
field effect on a charged particle. 

The effective mass has another definition for an 
electron (or a charged particle) moving in a static 
magnetic field B. In such a case the force f is 
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a Lorentz force, and Equation (5) implies that the 
electron moves under the following conditions: E (p) = 
constant and pz = constant, where pz is a projection 
of the momentum on the magnetic field direction. 
Thus, an electron trajectory in p-space is a section 
of the isoenergy surface E(p)=€ with the plane 
Pp=p. If this section is a closed curve and has a 
sectional area S(E, p), the electron motion is periodic 
in time and characterized by the “cyclotron frequency” 
@- = eB/(m*c), where e is the electron charge, and c 
is the velocity of light. Thus, the effective mass m* is 
equal to 

=, 3. 7) 

2n dE 

Cyclotron resonance is the most convenient experimen- 
tal method for measuring the effective mass defined in 
Equation (6). 


m* 


ARNOLD KosEVICH 
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packets, linear and nonlinear 
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EIFFEL JUNCTION 


See Long Josephson junction 


EIGENVALUES AND EIGENVECTORS 
(BOUND STATE) 


See Inverse scattering method or transform 


EIKONAL CURVATURE EQUATION 


See Geometrical optics, nonlinear 


EINSTEIN EQUATIONS 

After Albert Einstein (1905) published his special 
theory of relativity, Hermann Minkowski (1908) 
delivered a seminar in which he said 


Henceforth space by itself, and time by itself, are 
doomed to fade away into mere shadows, and only a 
kind of union of the two will preserve an independent 
reality. 
This “kind of union” is called space-time. In special 
relativity, two observers in inertial frames moving at 
constant velocity with respect to each other will not, 
in general, agree on the distance between two objects 
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or the duration of some interval of time they both 
observe. However, suppose an observer sees a particle 
at time ¢ and at (cartesian) coordinates (x, y, z) and 
later observes the particle at time t+ dt to be at the 
point (x + dx, y+dy, z+dz). Ifboth observers record 
these measurements, they will both agree on the value 
of the quantity 


ds? = c7dt* — dx? — dy* — dz? (1) 


(where c is the speed of light in vacuum), which 
is called the metric on Minkowski space-time. In 
tensor notation, ds? = Ye nu dx“dx", where the 
four values of the subscripts 4, v correspond to 
the coordinates on the four-dimensional space-time, 
and nyy = diag(1,—1,—1, —1) is the metric tensor. 
Minkowski space-time is flat; that is, it can be identified 
with its tangent space. 

In general relativity, described by the Einstein 
equations, the constants 7, are replaced by more 
general, coordinate-dependent metric coefficients g,), 
and space-time is allowed to have nonzero curvature. 
This curvature manifests itself as gravitation and is 
caused by the presence of matter. In any space-time, 
test particles follow geodesics (paths that minimize 
distance locally, i-e., generalizations of straight lines) 
of the space-time. In the now-famous words of the 
astrophysicist John Archibald Wheeler (Misner, Thorne 
& Wheeler, 1973), 


Matter tells space-time how to curve and curved space 
tells matter how to move. 


The latter part of the sentence corresponds to the 
geodesics; the first part is the content of the Einstein 
equations, which in tensor notation are 
Guy = 87 Ty, u,v =0, 1, 2,3, (2) 
where we are using units in which the speed of light 
and Newton’s gravitational constant both have the 
value 1. The tensor T),, is called the stress-energy or 
energy-momentum tensor, and its components measure 
several physical properties of continuous matter. In vac- 
uum, 7,» =0. The tensor G,» is called the Einstein 
tensor. It is constructed from g,» and its first two 
derivatives, and it is a measure of the curvature of space- 
time. In short, the left-hand side of the Einstein equa- 
tions (2) measures curvature, which encodes the ge- 
ometry of the space-time, while the right-hand side of 
the equations measures energy, momentum, and stress, 
and so encodes the physical properties of the matter. 
The Einstein equations can be derived from an ac- 
tion principle and are constructed in such a way as to 
satisfy a generalization of the law of conservation of 
energy. 
Apart from the flat space-time of Minkowski, the 
most important solutions of the Einstein equations 
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are those with spherical symmetry. In Schwarzschild 
coordinates, the metric of any vacuum, asymptotically 
flat, spherically symmetric space-time has the form 


2M 2M\~! 
ds? = (1 Jar (1 ) dr? 
r r 


—r?(d0? + sin? 6 dd’), (G3) 





where M is a constant (Schwarzschild, 1916). The 
Schwarzschild metric (3) is used to describe the external 
field of a nonrotating spherically symmetric matter 
distribution (such as a star) of mass M. Expression (3) 
becomes singular at the so-called Schwarzschild radius 
r =2M. In ordinary stellar models, the Schwarzschild 
radius lies deep in the interior of the star where the 
vacuum metric (3) does not apply. However, if a star 
undergoes gravitational collapse, then its radius shrinks 
to zero and the Schwarzschild radius is in the vacuum 
region. 

By computing certain curvature invariants, it can be 
shown that there is no physical singularity at r = 2M. In 
other words, there is nothing wrong with the space-time 
manifold at r= 2M; it is simply that the coordinates 
r and ¢ are bad here. This phenomenon is called a 
coordinate singularity. Use of the so-called Kruskal— 
Szekeres coordinates allow us to explicitly extend the 
space-time past this singularity. The surface r = 2M is 
the event horizon of a black hole. Nothing can escape 
from the interior of the event horizon, including light, 
and will eventually fall into the (physical) singularity 
at r =0 in finite proper time, where the theory breaks 
down. 

Although a great number of exact solutions of 
the Einstein equations are known (Stephani et al., 
2003), they describe very special and often unphysical 
situations. In order to study more general situations, 
extensive numerical studies have been undertaken. 
There are many ways in which the numerical evolution 
of the Einstein equations is especially difficult. The 
dependent variables of the Einstein equations are metric 
coefficients which describe the space-time manifold 
on which the independent variables (the space-time 
coordinates) live. Many issues stem from the fact 
that there is no preferred frame in general relativity 
meaning that one has to deal with the choice of 
an appropriate gauge and to recognize and avoid 
coordinate singularities. The Einstein equations are a 
system of ten strongly coupled nonlinear PDEs. 

The Einstein equations as written in (2) are 
not in evolution form. For numerical purposes the 
Einstein equations are usually written in terms of 
an evolution variable 4. A Cauchy or characteristic 
approach corresponds to the normal of the A= const 
hypersurfaces being time-like or null, respectively. 
Einstein’s equations then project to a set of constraint 
equations on the hypersurfaces and a set of evolution 
equations. If the constraint equations are satisfied on 


EINSTEIN EQUATIONS 


an “initial” hypersurface, then they are preserved under 
evolution to other hypersurfaces. 

Numerical studies using the Cauchy approach have 
been used to model the collision of axisymmetric black 
holes (Anninos et al., 1995), and they have led to the 
discovery of critical phenomena in spherical collapse 
(Choptuik, 1993). One drawback of this method is that 
boundary conditions are usually artificially imposed on 
the hypersurfaces to avoid integrating out to infinity 
(although sometimes conformal methods can be used to 
include space-like infinity). The characteristic approach 
has led to the first unlimited evolution of a single 
black hole space-time (Gomez et al., 1998). While 
this approach allows for long-time simulations, it is 
only valid in the absence of crossing characteristics or 
caustics. 

General relativity makes a number of predictions that 
have been tested. These include the excess advance in 
the perihelion of Mercury, the bending of light rays 
near the sun, time delays in radar signals passing near 
the sun, and gravitational lensing of distant galaxies 
by nearer ones. The most important prediction still 
awaiting confirmation is the existence of gravitational 
waves. A number of detectors have now been built 
around the world and observations are expected 
soon. 

Rob HALBURD AND GINO BIONDINI 
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ELECTROENCEPHALOGRAM AT 
LARGE SCALES 


Since the first human scalp recordings of the tiny elec- 
tric currents generated by the brain (electroencephalo- 
gram or EEG) were obtained in the mid-1920s, EEG 
has been recognized as a genuine (if often opaque) 
window on the mind, allowing observations of brain 
processes to be correlated with behavior and cognition. 
EEG has important applications in medicine, including 
epilepsy, head trauma, drug overdose, brain infection, 
sleep disorder, coma, stroke, tumor, monitoring anes- 
thesia depth, and fundamental cognitive studies. Most 
EEG power occurs at frequencies below about 15 Hz in 
scalp (not cortical) recordings. EEG and magnetoen- 
cephalography (MEG) are the only technologies with 
sufficient temporal resolution to follow the fast dynamic 
changes associated with cognition; however, EEG spa- 
tial resolution is poor relative to modern brain structural 
imaging methods such as positron emission tomogra- 
phy (PET), computed tomography (CT), and magnetic 
resonance imaging (MRI). Each scalp electrode records 
electrical activity at very large scales, involving cortical 
tissue containing perhaps 107-10? neurons. 


Mesoscopic and Microscopic Sources 


Scalp potentials are generated by micro-current 
sources at cell membranes. Sorting out the complex 
relations between micro-sources and macroscopic scalp 
potentials is facilitated by assuming an intermediate 
(mesoscopic) descriptive scale that recognizes the 
columnar structure of the neocortex. From this 
perspective, the mesoscopic source strength of a 
volume of tissue is its electric current dipole moment 
per unit volume (microamps/mm?), designated as 
P(r’, t). This function represents the weighted average 
of micro-source activity in a volume of the neocortex 
(near r’) that is large compared with the scale of 
individual neurons yet small compared with the size of a 
typical EEG electrode. For the idealized case of micro- 
sources of one sign confined to a superficial cortical 
layer and micro-sources of opposite sign confined 
to a deep layer, P(r’, t) is roughly the mesoscopic 
current density across a cortical column (~ 1 mm?). 
The contributing electrical activities are primarily 
dendritic post-synaptic currents, although currents 
associated with axonal action potentials (spikes) may 
also contribute (see Figure 1). 


Mesoscopic Sources and Scalp Recordings 


Human neocortical sources form dipole layers over 
which the function P(r’, t) varies with cortical location 
(r’), measured in and out of cortical folds. In a few 
special cases, P(r’, t) may be approximated by a few 
cm-scale active regions, consisting of focal sources as 
in focal epilepsy or mid-latency components of evoked 


251 


® (r,t) 







Dipole moment 
per unit volume 
of column 


P(r’, t) Potential measured by 
scalp electrode at location 
r due to all cortical 


columns 


Micro-current 
sources at 
location w 
inside column 


a s(r’,20, t) 


Cortical column 
at location r’ 








ee 


Figure 1. A mesoscopic tissue mass (for example, a mm-scale 
cortical column containing millions of volume micro-current 
sources s(r’, w, t)) produces a current dipole moment per unit 
volume P(r’, t), or meso-source strength. Cortical or scalp 
potential due to brain sources is the weighted integral of P(r’, t) 
over the brain volume or, in the case of exclusively cortical 
sources, the integral over the cortical surface. 


potentials (before tangential spread to other cortical 
locations). In general, however, P(r’, t) is widely 
distributed, perhaps over the entire cortical surface. 
Most EEGs are believed to be generated as a linear 
sum of contributions from cortical sources, in which 
case cortical or scalp potential may be approximated 
by the following integral of dipole moment over the 
cortical surface: 


O(r,th= [ G(r, 7’). P(r’, t)dS(7’). (1) 
s 


The Green function G(r, r’) contains all geometric 
and conductive information about the head volume 
conductor. Cortical dipole moment may in turn be 
expanded in a series of basis functions p,(r): 


P(r, t) = Do En() pal). (2) 


n=0 


An idealized model neocortex consists of a thin 
spherical shell with P(r’,t) everywhere normal to 
the surface, reflecting the columnar structure of the 
closed neocortical surface. An appropriate choice of 
basis functions for this idealized cortex is the set 
of spherical harmonics Yj,(0,@)a;, where a, is a 
unit vector in the radial direction and (0, @) are the 
usual spherical coordinates. The single sum over n in 
Equation (2) may then be expressed as a double sum 
1=0,00;m= —1,+1, associated with the spherical 
geometry. Combining Equations (2) and (1) yields the 
following series expansion for the cortical r¢ or scalp 
rs surface potential ®(r,t) in terms of a new set of 
basis functions ¢,(7) that are surface integrals of the 
dot product of the Green’s function G(r, r’) with the 


252 


basis functions pn (7). Thus, 


O(r,1) =) En(t)Gn(r). (3) 


n=0 


General Dynamic Properties of Cortical and 
Scalp Potentials 


As summarized below, EEG exhibits many dynamic be- 
haviors, depending on recording location, physiologic 
state, and subject. 

(i) Often complex physical or biological systems 
can be adequately characterized by only a 
few terms in Equation (3). The time-dependent 
coefficients &,(t) are called order parameters in 
the field of synergetics and may be governed by 
nonlinear differential or integral equations. The 
basis functions ¢,(r) may be chosen (bottom 
up) by physiological theory or (top down) by 
experimental data, for example, by constructing 
Karhunen—Loeve expansions (also called principal 
components analysis) in which the ¢,(r) are 
chosen as the most efficient set of orthogonal 
functions representing a data record. 

(ii) The basis functions ¢, (7) are typically ordered in 
erms of progressively higher spatial frequencies 
as in Fourier series. The index n is then a 
measure of the two-dimensional spatial frequency 
of the corresponding basis function. Many systems 
exhibit a correspondence between spatial and 
temporal frequencies such that Fourier transforms 
of the order parameters &,(@) peak at higher 
frequencies w for higher spatial frequencies n. For 
linear wave phenomena, such a correspondence is 
called the dispersion relation. 

(iii) The large-scale spatiotemporal dynamics of cor- 
tical potential ®(rc,t) are believed to be very 
similar to the dynamics of the mesoscopic cor- 
tical sources P(r,t). The head volume con- 
ductor acts as a low-pass spatial filter, result- 
ing mainly from the low electrical conductivity 
of skull and the physical separation (1-2 cm) 
between sources and electrodes. Scalp potential 
®(rs,t) is then a spatial low-pass representa- 
tion of cortical potential ®(7r¢, t) or mesoscopic 
source function P(r,t). Comparisons of corti- 
cal potential (ECoG) with scalp potential (EEG) 
show that this spatial filtering results in tempo- 
ral filtering. That is, the Fourier transform of cor- 
tical potential ®(r¢, w) typically contains much 
more relative power at higher frequencies (say 
15-40Hz) than the scalp potential transform 
®(r;,@), recorded in the same brain state, an 
observation qualitatively consistent with normal 
wave dispersion relations. 

(iv) EEG phenomena typically exhibit larger ampli- 
tudes at lower frequencies. In deep sleep and mod- 
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erate to deep anesthesia, ®(rs, t) is typically a 
few 100uV with nearly all power in the delta 
range (0-4Hz) at all scalp locations. The eyes 
closed, waking alpha rhythm (ca. 40 pV) is nor- 
mally dominated by one or two spectral peaks in 
the 8—13 Hz range at widespread scalp locations. 
Low-amplitude beta activity (ca. 13-20Hz) su- 
perimposed on alpha rhythms is more evident in 
frontal cortex. Alcohol and hyperventilation typ- 
ically lower alpha frequencies and increase am- 
plitudes; barbiturates increase beta activity. Scalp 
EEG activity is more consistent with limit cycle 
modes &,(t) than low-dimensional chaos. 

(v) Scalp EEG is a weighted space average of many 
cortical rhythms that can look different in dif- 
ferent cortical regions. Alpha rhythms have been 
recorded from nearly the entire upper cortical sur- 
face, including frontal and prefrontal areas. Differ- 
ences in ECoG waveforms between cortical areas 
are largely eliminated with anesthesia, suggesting 
shifts from more functional localization to more 
globally dominated brain states. 

(vi) Both globally coherent and locally dominated be- 
havior can occur within the alpha band, depending 
on narrow band frequency, measurement scale and 
brain state. Upper alpha (ca. 10 Hz) and theta (ca. 
4-6 Hz) phase locking between cortical regions 
during mental calculations often occurs, consistent 
with neural network formation. At the same time, 
quasi-stable alpha phase structures consistent with 
global standing waves have been observed. 


Neocortical Dynamic Theory 


The apparent balance among locally and globally 
dominated dynamic processes has been estimated by 
phase synchronization among other measures. Cortical 
or thalamic interactions with time delays due to rise 
and decay times of post-synaptic potentials (local 
theory) have been modeled. Network frequencies 
are then determined only by local tissue properties. 
In global theories, characteristic frequencies depend 
on the entire neocortex/cortico-cortical fiber system. 
Excitatory synaptic action density F(r,t) may be 
expressed in terms of action potential density I(r, t) by 


Fc(r,t) =i av [ Rory) 
0 s 


xP (n t- 2) ds(r;) (4) 
VU 


The outer integral is over distributed cortico-cortical 
propagation speeds v, and the inner integral is over 
the neocortical surface S$. The dependence of cortico- 
cortical fiber density with distance |r — r/| is expressed 
by the function R(r, 7), v). This linear relation be- 
tween the dependent variables F(r, t) and T(r, t) may 
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be combined with a variety of nonlinear local equa- 
tions in the same dependent variables. Such local/global 
theories include both network-to-global and global-to- 
network interactions. 

Pau NUNEZ 


See also Cell assemblies; Electroencephalogram at 
mesoscopic scales; Gestalt phenomena; Synergetics 


Further Reading 


Edelman, G.M. & Tononi, G. 2000. A Universe of Consciousness, 
New York: Basic Books 

Freeman, W.J. 1975. Mass Action in the Nervous System, New 
York: Academic Press 

Haken, H. 1983. Synergetics. An Introduction, 3rd edition, 
Berlin: Springer 

Malmuvino, J. & Plonsey R. 1995. Bioelectromagetism, New 
York: Oxford University Press 

Niedermeyer, E. & Lopes da Silva, F.H. (editors). electroen- 
cephalography. Basic Principals, Clinical Applications, and 
Related Fields, 4th edition. London: Williams and Wilkins 

Nufiez, P.L. 1981. Electric Fields of the Brain: The Neurophysics 
of EEG, New York: Oxford University Press 

Nufiez, P.L. 1995. Neocortical Dynamics and Human EEG 
Rhythms, New York: Oxford University Press 

Nufiez, PL., Wingeier, B.M. & Silberstein, S.B. 2001. 
Spatial-temporal structure of human alpha rhythms: theory, 
microcurrent sources, multiscale measurements, and global 
binding of local networks. Human Brain Mapping, 13: 
125-164 

Nufiez, P.L. 2000. Toward a quantitative description of large scale 
neocortical dynamic function and EEG. Behavioral and Brain 
Sciences, 23: 371-437 

Penfield, W. & Jasper, H.D. 1954. Epilepsy and the Functional 
Anatomy of the Human Brain, London: Little, Brown and Co 

Scott, A.C. Stairway to the Mind, Berlin and New York: Springer, 
1995 

Uhl, C. (editor). 1999. Analysis of Neurophysiological Brain 
Functioning, Berlin: Springer 1999 

Wilson, H.R. & Cowan, J.D. 1973. A mathematical theory of the 
functional dynamics of cortical and thalamic nervous tissue. 
Kybernetik, 13: 55-80 





ELECTROENCEPHALOGRAM AT 
MESOSCOPIC SCALES 


The two most dominant theoretical positions that 
have influenced the development of explanations of 
behavior are functional modularity, where specific 
behaviors are believed to reside in distinct cortical 
locations, and mass action, in which behavior is 
posited to arise out of the cooperative activity of 
distributed neural structures comprising the brain. The 
first of these positions predominates in the medical and 
cognitive sciences, based upon observations collected 
over many years in which selective behavioral deficits 
were observed to occur in response to the specific 
destruction or stimulation of various areas of the brain. 
This has led to considering the brain as a collection 
of interconnected functionally specialized modules. 
This view is generally known as modularism and in 
the context of higher functions is also referred to 


as cortical localizationism. Modules are thought to 
embody algorithms, acting mechanistically on input 
to produce output, in a computer-like manner. Mass 
action, however, considers behavior as best understood 
as arising out of cooperative neural activity occurring 
over a number of interacting spatial and temporal 
scales. The consequence of this view is that behavior 
can now be characterized by the observation of 
dynamical patterns of brain activity. 

The dynamics of the brain can be observed at a 
number of different spatial and temporal scales. These 
range from the level of the ion channel, synapse, and 
neuron (microscopic), to the level of neuronal popu- 
lation (mesoscopic), up to the level of large aggre- 
gates of brain tissue (macroscopic). The associated 
methods can generally be divided into those that mea- 
sure some form of electromagnetic activity and those 
that reflect the metabolic correlates of neural activ- 
ity. At the mesoscopic scale electromagnetic mea- 
sures typically have millisecond temporal resolution 
whereas metabolic measures (e.g., fMRI, PET, near- 
infrared spectroscopy, diffuse optical tomography) 
have comparatively poor temporal resolution (s), while 
both mesoscopic and metabolic measures have com- 
parable spatial resolution (mm). Electromagnetic mea- 
surements of brain activity better reflect the time scales 
of neuronal activity associated with the dynamics of be- 
havior. For these reasons theories of mesoscopic brain 
dynamics are built around state variables that character- 
ize the electromagnetic activity associated with neural 
populations. The most important mesoscopic electro- 
magnetic measures are those of the local field potential 
(LFP) and the electrocorticogram (ECoG) which 
predominately reflect the quasi-static electromagnetic 
fields produced in response to the ionic currents 
generated by synchronized synaptic activity. It is 
generally thought that in the cortex this synchronized 
activity is linearly related to the spatially averaged 
soma membrane potential of populations of excitatory 
(pyramidal) neurons. 

For both excitatory and inhibitory neuronal popula- 
tions the mean soma membrane potential determines 
the mean rate of neuronal action potential generation 
(or firing rate). In the simplest case, the mean popula- 
tion firing rate is a sigmoidal function of the mean soma 
membrane potential for functionally equivalent mem- 
bers of the same neuronal population. More generally, 
such a relationship will be time-variant. Because the 
mean soma membrane potential is a function of neu- 
ronal population synaptic input which itself is a func- 
tion of the mean neuronal population firing rates, the 
mean soma membrane potential can be used as a canon- 
ical state variable to both characterize and develop the- 
ories of the dynamics of neuronal populations. 

At the level of the neuronal population, the spa- 
tially averaged soma membrane potential is typically 
defined over the characteristic scales of the short-range 
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- input to, and output from, 
other areas of cortex 

- input to, and output from, 
areas outside cortex 











Figure 1. The neurons of mammalian cortex interact with 
each other locally (by short range connections) and globally 
(by long-range connections). Short-range connections serve 
to diffusely interconnect the intermixed excitatory (e) and 
inhibitory (i) neuronal populations of cortex. The characteristic 
scales of these connections loosely organize cortex into a sheet of 
overlapping “modules” or cylinders that span the entire thickness 
of cortex. The resulting pattern is often referred to as columnar 
organization with a single one of these cylinders known as 
a cortical macrocolumn. One way of quantifying the strength 
of interaction between these local neuronal populations is to 
specify the mean number of connections (or synapses) neurons 
of one population receive from neurons of the same or another 
population (5; ;). 


intracortical fibers. These intracortical fibers comprise 
the recurrent axonal branchings of the pyramidal neu- 
rons as well as all the axonal fibres of the inhibitory 
interneurons. Detailed morphometric studies of cortex 
have established that the typical characteristic spatial 
scale of these fibers ranges anywhere between 30 jm 
to 1 mm (Braitenberg & Schiiz, 1998). The advantage 
of using this spatially averaged state variable is that it 
has a commensurate spatial scale to LFP and ECoG 
recordings. 

Most mesoscopic theories of neuronal dynamics 
have considered cerebral cortex to consist of two func- 
tionally distinct neural populations—excitatory (e) and 
inhibitory (i)—reflecting the respective pyramidal and 
interneuron populations. The earliest models of cortical 
mass action attempted to describe neuronal dynamics 
exclusively in terms of short- and long-range excita- 
tory interactions between excitatory populations. While 
a number of interesting analytical solutions were ob- 
tained using this approach, they are no longer of any 
significant physiological relevance because they did 
not incorporate the activity of inhibitory neurons. Sub- 
sequent models, based on anatomical considerations, 
have addressed this deficiency by the incorporation of 
all forms of feedforward and feedback connectivity be- 
tween excitatory and inhibitory neuronal populations. 
Starting with Wilson & Cowan (1972), most modern 
theories functionally incorporate local e > e, e > i, 
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Figure 2. Delay embedded phase plane plots comparing 
EEG seizure activity recorded from rat olfactory bulb 
(a phylogenetically primitive form of cortex present in all 
mammals), top panel, and with a mesoscopic theory of olfactory 
bulb dynamics (bottom panel). The delay embedding is 30 ms 
for experimental and simulated time series of 1s duration, 
with time increasing counterclockwise. Figure reproduced with 
permission from Freeman (1987), Copyright Springer-Verlag. 


i — e,andi — i connections, as illustrated in Figure 1. 
However, a notable exception is the influential body of 
work by Lopes da Silva et al. in which all the significant 
population neurodynamics arise out of the reciprocal in- 
teractions between excitatory and inhibitory neurons. 

In the majority of theories the dynamical response of 
the mean soma membrane potential to synaptic activity 
induced by population neuronal firings is generally 
described using a differential formalism. 


N 
fy = —Gylin + > 8nr(n ars =) 
r=1 
Dar Inr = Snr (hr) nr= 1...N, (2) 


where JN is the number of locally interacting neuronal 
populations and the a, are real constants which 
correspond approximately to the reciprocal of the mean 
neuronal membrane time constant. In most theories 
N =2. hy is the mean soma membrane potential of the 
nth neuronal population, and S;,, defines functions that 
take into account the topology of neuronal population 
connectivity as well as the sigmoidal relationships 
between mean soma membrane potential and mean 
firing rate. gn;(Mn)Inr represents the postsynaptic 
current induced in local neuronal population n by 
neuronal population r, whose temporal evolution is 
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determined by the temporal differential operator Dj,,. 
This operator takes into account bulk neurotransmitter 
kinetics and neuronal cable properties. 

Theories of mesoscopic dynamics can generally be 
distinguished by the form and order of Dy,-, gn, and 
Snr, and N. For instance, in the original work of Wil- 
son and Cowan, Dy,r was of zero order in time, whereas 
in the theories of Lopes da Silva, Dy, is of first order 
and gy, (hy) = constant. More recent theories have con- 
sidered gy,;(hy) linear in h, and D,,; second order in 
time due to more detailed physiological considerations, 
(Liley et al., 2002). Differing forms and parametriza- 
tions of Dnr, gnr, and Sy; have been shown to give rise 
to a wide range of dynamics (e.g., limit cycle, chaos, 
and filtered noise) some of which bear strong similar- 
ities to experimental recordings (see Figure 2; see also 
figures in color plate section). 

Davip LILey AND MatHew DariLis 


See also Cell assemblies; Electroencephalogram at 
large scales; Nerve impulses; Neurons; Synergetics 
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ELECTRON BEAM MICROWAVE 
DEVICES 


Electron beam devices have been used in a wide 
variety of applications since the beginning of vacuum 
technology early in the 20th century. These include 
simple diodes and triodes, used in early radio; cathode- 
ray tubes, used for display in oscilloscopes, televisions, 
and computers; lithography; high-voltage devices used 
to produce X-rays; sources for electron accelerators; 
and the energy source for microwave devices, with 
applications in communications, microwave ovens, 
industrial processes, and electronic warfare. For the 
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purposes of this entry, we will limit our discussion to 
just one application, the production of electromagnetic 
energy at microwave frequencies, where nonlinear 
space charge effects tend to play a major role. For a 
wider range of applications, including the basic theory, 
texts are available such as Harmon (1953) and Gilmour 
(1994). It should be noted that solid state devices, not 
involving electron beams, are now often used at low 
power, particularly as oscillators to drive microwave 
electron-beam amplifiers. 

Generation of microwaves with electron beams 
involves the interaction of a beam with electromagnetic 
fields across gaps of discrete cavities or synchronously 
with electromagnetic fields propagating on a slow wave 
structure. The basic physical principle is that a bunched 
beam interacts with the decelerating phase of an electric 
field to transfer energy from the beam to the field. 
This mechanism is the converse of the interaction in 
linear accelerators and synchrotrons that operate by 
interaction of a field in an accelerating phase with a 
bunched beam to transfer energy from the fields to 
the beam. In a device such as a traveling-wave tube 
(TWT) or magnetron, in which the beam interacts 
with a traveling wave, there is a natural bunching 
action as the wave develops, such that most of the 
beam particles are decelerated, producing the wave 
amplification. In a klystron, with a bunching cavity and 
an energy extraction cavity, the proper phase relation 
must be established, which is, in fact, equivalent to the 
synchronous condition in the TWT. 

The earliest beam-type device to be extensively 
used for microwave generation is the magnetron, a 
coaxial cylindrical device with a potential between 
inside cathode and outside anode cylinders, and a 
magnetic field along the cylindrical axis. The electrons 
accelerated from the cathode toward the anode perform 
cycloidal motion due to the magnetic field with an 
average azimuthal drift velocity in the combined 
electric and magnetic fields given by va = E x B/B?. 
The anode consists of a series of microwave cavities 
with the operating frequency, chosen such that the 
cavities operate in the m2-mode, that is, 180° phase 
shift between cavities. The fields and dimensions are 
chosen such that the electrons are in synchronism 
with the fundamental Fourier component of the fields 
that appear across the cavity openings. Through a 
complicated nonlinear process, the electrons bunch at 
a phase with respect to the traveling microwave field 
to give energy to the field, finally being collected on 
the anode structure with an energy considerably less 
than the energy eV, where V is the cathode-anode 
accelerating voltage. Simplified models describe some 
of the processes (Hutter, 1965), but most development 
has been experimental, assisted more recently by 
detailed numerical calculations (Lemke et al., 2000). 
The magnetron configuration described above operates 
naturally as an oscillator. It has high efficiency and 
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usually operates at high power. It was an essential 
element in the development of radar during World 
War II, which was important in winning the air 
war over Great Britain. The magnetron has become 
ubiquitous in the consumer market, as the power 
source in the household microwave oven. Magnetrons, 
despite being inexpensive and robust, have a number 
of unfavorable characteristics, including excess noise, 
narrow bandwidth, and difficulty in tuning, which limit 
their applications. 

The klystron, which was developed roughly during 
the same period of time as the magnetron, is more flexi- 
ble because it can operate, with small modifications, as 
either an amplifier or an oscillator, and versions operate 
over very large ranges of power and frequency. The ba- 
sic configuration is two cylindrical microwave cavities 
with an electron beam passing through their center. The 
cavities have a reentrant shape such that the central hole 
consists of a narrow gap. The beam is velocity modu- 
lated by an alternating electric field across the first cav- 
ity gap which becomes density modulated in the second 
gap. At very low beam density, the electron trajectories 
can be taken to be kinematic, with the bunching distance 
related to the beam velocity and the perturbed velocity 
created by the gap fields. However, the usual operation 
is in a regime where space charge effects are funda- 
mental to the operation. The excitation produces two 
waves, fast and slow space charge waves, which give a 
beat modulation distance 44/4 =v 9/2@pp, where vo 
is the beam velocity and wpp is the plasma frequency of 
the beam. The trajectories are shown schematically in 
Figure 1. The beam plasma frequency is reduced from 
the natural electron oscillation wp) = ne2/meg due to 
the transverse beam dimensions. A second cavity at a 
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Figure 1. Distance-time diagram of a klystron indicating how 
velocity variations at the input grids result in density variations 
farther down the electron stream (after Harmon, 1953). 
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position z= Ap/4 from the first cavity is excited by a 
maximum of the radio-frequency current in the beam. 
The amplifier is converted into an oscillator by either 
feeding back some of the signal externally from the 
second cavity to the first cavity or by reflecting the 
modulated beam, after traversing only a single cavity, 
to self-excite it as a reflex klystron. See a basic text such 
as Harmon (1953), or more detail in Hutter (1965), for 
mathematical analysis. 

The traveling-wave tube (TWT), developed some- 
what later, competes for applications with the klystron 
at all but the highest powers. The device transfers en- 
ergy from a beam to a slow wave structure, usually a 
helix, by a resonant interaction in which the beam be- 
comes naturally modulated in the presence of the wave. 
A linear, or small signal, analysis is sufficient to obtain 
the amplifying properties of the device for many low- 
power applications. However, as the microwave power 
becomes comparable to the beam power, nonlinear con- 
siderations become very important. As in the klystron, 
space charge is a fundamental source of nonlinearity. If 
significant power is extracted from the beam, the wave 
velocity on the circuit must be reduced along its length 
to maintain the coherent synchronous interaction. Due 
to the periodicity of slow wave structures, the propa- 
gation characteristics have operating regions for which 
the group velocity vg = dw/dk is opposite in direction 
to the phase velocity Upn =@/k (Brillouin, 1953). If 
the TWT is operated with such parameters, then wave 
energy is propagated backward from the direction in 
which the beam is moving and in which the wave am- 
plitude, by interaction with the beam, is growing. This 
feedback allows the beam to self-excite the wave and 
therefore become an oscillator, which is called a back- 
ward wave oscillator (B WO). The operating conditions 
of a BWO are inherently nonlinear. In addition to the 
general books already mentioned, a detailed account of 
TWTs by one of the scientists associated with their de- 
velopment, is Pierce (1950). Sketches of the three basic 
types of devices are shown in Figures 2, 3, 4. There are 
many variants of these basic configurations. 

Because electron beams are the power source and the 
active interacting medium for both klystron and TWT 
amplifiers and their associated oscillators, beam design 
is of great importance in obtaining good operating 





Figure 2. Multicavity magnetron (after Hutter, 1965). 
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Figure 3. Two-cavity klystron (after Hutter, 1965). 


Input qulde 





rani 


Figure 4. Helix-type traveling-wave tube (after Hutter, 1965). 


characteristics. Some of the issues involved are collima- 
tion (minimizing transverse emittance), energy spread 
(minimizing longitudinal emittance), and high current 
and/or current density. The collimation is often accom- 
plished with a uniform magnetic field along the beam 
axis, but radial space charge forces also lead to beam 
rotation. Alternatively, electric or magnetic lenses can 
be employed. An important consideration is to launch 
the beam from an accelerating region in a smooth man- 
ner; this led to the electrode shape known as the Pierce 
diode. An important method of confining a beam with 
significant space charge is to inject the beam into a uni- 
form magnetic field from a magnetic field-free region. 
The proper choice of magnetic field leads to azimuthal 
rotation that just takes up the space charge potential, 
lending to smooth, uniform axial flow, called Brillouin 
flow. Many of the basic topics of beam dynamics and 
beam design are covered in Pierce (1954). 

Some of the important considerations that have mo- 
tivated the development of various microwave beam 
devices have been noise characteristics, particularly 
achieving low noise to amplify very low signals; 
frequency ranges, particularly pushing devices to in- 
creasingly high frequencies for broadband applications; 
tunability; and power and efficiency, particularly to ob- 
tain high power at high efficiency. For certain appli- 
cations, there are also other types of constraints such 
as ruggedness, reliability, and weight limits, which we 
will not consider here. Low noise requirements have 
tended to favor TWTs over klystrons on the front end 
of receivers. Higher frequencies, used to obtain more 
bandwidth in communication applications, have led to 
miniaturization of klystrons, but other types of devices 
such as free electron lasers can obtain even higher fre- 
quencies for some applications (Freund & Antonsen, 
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1996). Some of the key issues motivating nonlinear 
analysis have arisen from the requirement of obtain- 
ing high efficiency at high power. Currently, the state 
of the art in high power is to produce 1GW in a pulse 
of 0.1kJ. For studies of more recent analysis and de- 
velopments the reader is referred to Benford & Swegle 
(1992) and Barker & Schamiloglu (2001). 

To obtain high efficiency the majority of the 
electrons should be trapped in the wave field, such that 
they can be decelerated. This requires matching the 
phase space of the beam emittance to the acceptance 
of the wave field, usually by some additional bunching 
mechanisms. Some of the basic ideas are treated in 
Lichtenberg (1969), but each device needs detailed 
numerical trajectory calculations to optimize trapping. 
In addition to trapping, the exiting spent beam must be 
decelerated to retrieve the excess energy (a depressed 
collector). Reducing the collector voltage is limited by 
the requirement that the average beam energy of the 
exiting beam must be greater than its energy spread 
so as not to turn electrons around. This condition 
requires knowledge of the nonlinear characteristics of 
the longitudinal phase space emittance. 

ALLAN J. LICHTENBERG AND JOHN P. VERBONCOEUR 
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ELLIPTIC FUNCTIONS 


Elliptic functions were first introduced as inverses of 
elliptic integrals, so called because the integral for the 
arclength of the ellipse studied by John Wallis in the 
17th century (Stillwell, 1989) was the first such exam- 
ple. By the end of the 18th century, in particular after the 
work of Leonhard Euler, Joseph-Louis Lagrange, and 
Adrien-Marie Legendre, mathematicians had realized 
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that integrals of the form f dx/./ P(x), where P(x) is 
a cubic or quartic polynomial, could not be expressed in 
terms of elementary functions (or their inverses). Many 
elliptic integrals arise naturally in the solutions of prob- 
lems in mechanics (Lawden, 1989). For example, the 
solution of the simple pendulum equation 


6+" sind =0 
can be obtained using conservation of energy 5(6)? - 


@” cosé = E, E > —o”, toarrive at the inversion prob- 
lem for the integral 


t—t A} ; a do 
0 a 
0 J2E +2 — a sin2(6/2) 


Substituting z= sin(@/2) and defining k? =@7/ 
(E +?) € (0, 1), one arrives at the expression 




















7 dz o 
K(z; k) [ (t— 1). () 
0 Vl-2V1—k222 ik 
In the late 19th century, Niels Henrik Abel, Carl 
Jacobi, and Carl Friedrich Gauss observed the 
similarity between K (z; k) and the integral defining the 
transcendental function arcsin z as 


; soe dz 
arcsine z = ——— 
0 1-22 


(which is indeed the limiting case of (1) as k— 0, 
giving the solution for the small amplitude oscillations 
of the pendulum), and introduced the Jacobi elliptic 
sine function sn(z; k) as the inverse of K (z; k) 


<= K(sn(z; k); k). 


While the circular (trigonometric) functions sin z, cos z, 
tan z, etc., are singly periodic functions of the complex 
variable z, satisfying f(z + 27)= f(z), elliptic 
functions can be characterized as the doubly periodic 
functions, which only possess pole singularities. 
Elliptic functions satisfy 


f(Z+201) = f(2), f(e+22) = f(z), 


where @, and w (the periods of f) are complex 
numbers such that w;/w2 is not purely real. 
The region of the complex plane with vertices 
{0, 2@1, 2m2, 2m) + 2} is called the fundamental pe- 
riod parallelogram (see Figure 1). 

The simplest elliptic functions are those with two 
poles: the Jacobi elliptic functions, with two simple 
poles of opposite residues, and the Weierstrass elliptic 
functions, with a single double pole with zero residue, 
all others can be constructed from these. 


Jacobi Elliptic Functions 


The three most common Jacobi elliptic functions 
are sn(z;k), introduced earlier, and the associated 
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Figure 1. The period lattice of an elliptic function. 
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Figure 2. Graphs of sn(x; k) (solid line) and cn(x; k) (dashed 
line), for real x, k= 0.5. 


en(z; k) = / 1 —sn?(z; k) (a generalization of the co- 
sine function) and dn(z; k) = V1 — ksn?(z; k). Some 
of their main properties, analogues of the proper- 
ties of trigonometric functions, are listed below; their 
proofs are elementary (Whittaker & Watson, 1943) 
(see Figure 2): 


Symmetry: 
sn(—u) =—snu, cn(—u)=cnu, 
dn(—u) = dnu. 
Derivatives: 
—snu=cnudnu, —cnu=-—snudnu, 
du du 
d 
—dnu = —k’snucnu. 
du 


Addition formulas: For example, 


snucnudnv +snvenudnu 





f 
i 1— k’sn2u sn2v. 


Periods: Define the complete elliptic integral 








lym 
K , 
0 (1 — 22)(1 — k2z?) 


the complementary modulus k’ such that k? +k’? =1, 
and the constant K’ = K (1; k’). Then, for example, 


sn(u+4K)=snu, sn(u+2iK’) =snu. 
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Figure 3. The doubly periodic function sn(z; k): graph of 
Re[sn(z; 0.3)]. 


Poles: For example, sn(z;k) is analytic except at 
points congruent toikK’ and2K +iK’ (mod2K, 2iK’), 
which are simple poles. 


Weierstrass Elliptic Functions 

This class of elliptic functions was introduced by 
Weierstrass by means of infinite partial-fraction and 
product expansions, rather than as inversions of elliptic 
integrals. Indeed, such construction exists for all 
elliptic functions. Given @),@3€C, @2=@)+4+ 02, 
we define the most famous of Weierstrass’ elliptic 
functions, the go-function, on the period lattice 
{m2@, +n2@3 | m,n €Z}: 


1 


1 
a 
e  mmH10.0) (z — (m2@|+n23)) 


1 
: (2) 


~ (m2@, + 1203)2 


§(z) is a meromorphic function with double poles 
at each point of the period lattice and satisfies the 
following differential equation: 


eX’ @P = 4p @P-gle I-83 
= 4(9(z)—e1)( (2) 








€2)(§ (Zz) — e3), 
(3) 


where e; = 9 (a). 

Among applications of the Weierstrass so-function 
is the profile of a wave traveling in water (see, e.g., 
Walker, 1996), as described by the Korteweg—de Vries 
(KdV) equation 


uy + uy + 12uuy + Uxxx = 0. (4) 





Seek a traveling-wave solution by setting u(x,t) = 
f(x — ct), for some constant speed c. Then f satisfies 
the ordinary differential equation (1 —c) f’+12ff' 
— + f’” =0 which, after twice integrating, leads to 





(f'P =4fF-d-o)f? +Af +B. 
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Figure 4. The profile of the cnoidal wave solution of the KdV 
equation, A =4, k =0.3. 


A, B constants of integration. By comparison with (3), 
the form of f must be f(s) =ag (Bs) + vy, for suitable 
constants a, 6, y. Since the Weierstrass so-function can 
be shown to be related to the square of Jacobi elliptic 
functions (Whittaker & Watson, 1943), this leads to the 
notable cnoidal wave solution of KdV (see Figure 4): 


u(x,t) = A cn? (Zo — ct); ) ; 


Finally, we briefly mention hyperelliptic functions 
(or abelian functions), as inverses of integrals of rational 
functions R(z, / P(z)), with P(z) a quintic or higher- 
degree polynomial (Baker, 1995). For example, the 
equations for the Kovalevsky top were shown by Sophia 
Kovalevsky to be integrable in terms of hyperelliptic 
functions (Whittaker, 1960). 
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EMBEDDING METHODS 


The modeling of a deterministic dynamical system 
relies on the concept of a phase space, which is a 
theoretical representation of the totality of possible 
system states. In general, a system state consists 
of information of positions and velocities needed to 
specify all future system states. For a system that has 
a mathematical model, the phase space is known from 
the equations of motion. 

For experimental and natural chaotic dynamical 
systems, the full state space is unknown. Embedding 
methods have been developed as a means to reconstruct 
the phase space and develop new predictive models. 
One or more signals from the system must be observed 
as a function of time. The time series are then used to 
build a proxy of the observed states. 

Mathematical theorems show how the observed time 
series can be used. A famous theorem of Hassler 
Whitney from the 1930s holds that a generic map 
from an n-manifold to 2n + 1-dimensional Euclidean 
space is an embedding. In particular, the image of the 
n-manifold is completely unfolded in the larger space 
because 2n + | signal traces measured from a system 
can be considered as a map from the set of states to 
2n + 1-dimensional space, Whitney’s theorem implies 
that each state can be identified uniquely by a vector of 
2n + 1 measurements, thereby reconstructing the phase 
space. 

The contribution of Floris Takens (1981) was 
to show that the same goal could be reached 
with a single measured quantity. He proved that 
instead of 2n+1 generic signals, the time-delayed 
versions [y(t), y(t—T), y(t —2T),..., y(t — 2nt)] of 
one generic signal would suffice to embed the 
n-dimensional manifold. There are some technical 
assumptions that must be satisfied, restricting the 
number of low-period orbits with respect to the time- 
delay t and repeated eigenvalues of the periodic orbits. 
This result was roughly contemporaneous with similar 
theoretical results by D. Aeyels and a more empirical 
account by Packard et al. (1980). 

The idea of using time delayed coordinates to 
represent a system state is reminiscent of the theory 
of ordinary differential equations, where existence 
theorems say that a unique solution exists for each 
[y(t), y(t), V(t), ...]. For example, in Newtonian 
many-body dynamics, current knowledge of the 
position and momentum of each body suffices to 
uniquely determine the future dynamics. The time 
derivatives can be approximated by delay-coordinate 
terms as 





[pe WN E = ay 
T 





y(t) —2y(t—t) + y(t —21) 
a ae |e 
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The emergence of chaos and fractal geometry in 
physical systems motivated a reassessment of the orig- 
inal theory, which applies to smooth manifold attrac- 
tors. It was shown (Sauer et al., 1991) that an attractor 
of (possibly fractional) box-counting dimension d can 
always be reconstructed with m generic observations, 
or with m time-delayed versions of one generic obser- 
vation, where m is any integer greater than 2d. 

Embedding ideas were later extended beyond 
autonomous systems with continuously measured time 
series. A version was designed for excitable media, 
where information may be transmitted by spiking 
events, extending usage to possible neuroscience 
applications. An embedding theorem for skew systems 
by J. Stark explores extensions of the methodology 
when one part of a system is driving another. 

Although the theory implies that an arbitrary time 
delay is sufficient to reconstruct the attractor, efficiency 
with a limited amount of data is enhanced by particular 
choices of the time delay t. Methods for choosing an 
appropriate time delay have centered on measures of 
linear autocorrelation and mutual information (Fraser 
& Swinney, 1986). Further, in the absence of knowledge 
of the phase space dimension n, a choice of the number 
of embedding dimensions m must also be made. A 
number of ad hoc methods have been proposed that try 
to estimate whether the image has been fully unfolded 
by a given m-dimensional map. 

The success of embedding in practice depends heav- 
ily on the specifics of the application. In particular, the 
hypothesis of a generic observation function creating 
the time series is often problematic. A mathematically 
generic observation monitors by definition all degrees 
of freedom of the system. The extent to which this is true 
affects the faithfulness of the reconstruction. If there is 
only a weak connection from some degrees of freedom 
to the observation function, the data requirements for a 
satisfactory reconstruction may be prohibitive in prac- 
tice. Other factors that limit success are difference in 
time scales between different parts of the system, as 
well as system and observational noise. 

Applications of embedding time-series data (Ott et 
al., 1994; Kantz & Schreiber, 1997) have been ex- 
tensive since Takens’s theorem was published. Many 
techniques of system characterization and identifica- 
tion were made possible, including determination of 
periodic orbits and symbolic dynamics, as well as ap- 
proximation of attractor dimensions and Lyapunov ex- 
ponents of chaotic dynamics. In addition, researchers 
have focused on methods of time series prediction and 
nonlinear filtering for noise reduction, the use of chaotic 
signals for communication, and the control of chaotic 


systems. 
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EMERGENCE 


Like many commonly used words, the term emergence 
has several meanings. In its weakest sense, a metaphor 
is provided by Michelangelo Buonarroti’s famous 
sculptures entitled The Prisoners, which show human 
figures struggling to free themselves from their lithic 
confines, suggesting the artist’s view of the creative 
process. 

In simplest terms, there is little mystery here; the 
sculptor merely removes the unnecessary marble to 
expose the finished work, as Michelangelo himself 
is said to have pointed out. Thus, his prisoners 
are emerging only in an elementary sense which 
philosopher Robert Van Gulick calls “specific value 
emergence” and defines as follows (Van Gulick, 2001): 


SPECIFIC VALUE EMERGENCE: The whole and its parts have 
features of the same kind, but have different specific 
subtypes or values of that kind. For example, a bronze 
statue has a given mass as does each of the molecular 
parts of which it is composed, but the mass of the 
whole is different in value from that of any of its 
material parts. 


Moving beyond this limited sense, Van Gulick defines 
various degrees of “modest emergence” in these terms. 


Mobest EMERGENCE: The whole has features that are 
different in kind from those of its parts (or alternatively 
that could be had by its parts). For example, a piece of 
cloth might be purple in hue even though none of the 
molecules that make up its surface could be said to 
be purple. Or a mouse might be alive even if none of 
its parts (or at least none of its subcellular parts) were 
alive. 


Modest emergence thus arises in a spectrum of different 
ways depending upon the degree of difference between 
a phenomenon and the base out of which it emerges, 
with the coherent structures of nonlinear science 
providing many examples (Scott, 2003). 

Among the more modest types of emergence, 
one would include solitons of the Korteweg—deVries 
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(KdV) equation, which emerge out of a nonlinear 
partial differential equation (PDE) in response to 
certain initial conditions. Although KdV solitons are 
independent dynamic entities, their speeds and shapes 
are determined via the inverse scattering transform 
(IST) method from the initial conditions applied to 
the system. Somewhat less modest would be the 
various solitary wave solutions of Hamiltonian (energy 
conserving) systems for which IST formulations are 
not currently known and may not exist, precluding 
the prediction of solitary wave speeds from initial 
conditions. 

Further decreasing modesty (increasing robustness) 
of emergence leads to the nerve impulse, which has 
several model PDEs (Hodgkin—Huxley, FitzHugh— 
Nagumo, etc.) in addition to those many physiological 
manifestations (the action potentials of the brain) 
which compose our mental activity (Scott, 2002). 
While propagating on a uniform system with constant 
speed and shape, a nerve impulse differs fundamentally 
from solitary waves of Hamiltonian systems for the 
following reason: a nerve impulse (like the flame of 
a candle) does not conserve energy. The nonlinear 
dynamics of a nerve impulse involves a balance 
between the release and dissipation of energy, so the 
process is open and thus does not have a Hamiltonian 
formulation. This, in turn, implies that the dynamic 
behavior of a nerve impulse changes greatly upon 
reversal of the direction of time, whereas the qualitative 
behavior of a Hamiltonian system is insensitive to time 
reversal. 

Under this distinction, we can gauge the relative 
modesty of several other types of emergence that arise 
in the realms of nonlinear science. Vortex solutions of 
viscosity-free fluids (superfiuids, for example) would 
be more modestly emergent than those of (more or 
less) viscous fluids, in which dissipative processes 
cause the dynamics to (more or less) rapidly forget 
the information received from the initial conditions. 
As residents of Tornado Alley in the U.S. midlands 
know well, tornados are famously ill-behaved, detached 
from their initial conditions and moving quite wildly 
in response to local variations of pressure, humidity, 
temperature, and so on. 

A deeper meaning of Michelangelo’s metaphor sug- 
gests the emergence of living organisms from the oily 
brine of the Hadean oceans some three thousand million 
years ago. Life is even less modestly (more robustly) 
emergent, with the “arrow of time” clearly constrain- 
ing us all and playing a key role in the unpredictable 
drama of biological evolution (Gould, 1989). In other 
words, the emergence of life is far more intricate than 
the emergence of John Scott Russell’s soliton from the 
prow of his test vessel on the Union Canal. 

Yet more robust (less immodest) than the emergence 
of life is the phenomenon of human consciousness, 
which philosophers have struggled for centuries to 
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understand and many find qualitatively different from 
its material substrate. To include the qualitative aspects 
of emergence at this far end of the scale, Van Gulick 
introduces the following definition. 


RADICAL EMERGENCE: The whole has features that are 
both different in kind from those had by its parts, 
and of a kind whose nature and existence is not 
necessitated by the features of its parts, their mode of 
combination and the law-like regularities governing the 
features of its parts. 


Whether human consciousness offers an example 
of radical emergence is currently controversial among 
cognitive scientists, neuroscientists, psychologists, 
cultural anthropologists, philosophers, and others 
interested in the nature of mind. On the one hand, 
reductive materialists assert that all of reality must 
“in principle” reduce to a physical basis (Kim, 1999), 
whereas substance dualists claim that the human mind 
differs ontologically (in its nature) from physical 
reality (Chalmers, 1996). Situated between these two 
positions, property dualists suggest that the human 
mind may radically emerge from intricate interactions 
among the various nonlinear dynamic levels of body, 
brain, and culture (Scott, 1995; Van Gulick, 2001). 
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ENDOMORPHISM 
See Maps 


ENERGY ANALYSIS 

In time-reversible Hamiltonian systems, the total 
energy of the system is constant in time. A local change 
of the energy density W ata point x in time ft is balanced 


ENERGY ANALYSIS 


by the energy flux S from/to the point x according to 
the energy balance equation: 


aw oe aS 

ar ax 

In irreversible (active and/or dissipative) systems, 

the total energy changes in time due to the energy 

sinks/sources of density p are given by the extended 
the extended energy balance equation: 

aw i aS 

ar ax 

In mathematical physics, energy balance is used for 

analysis of well-posedness of partial differential equa- 

tions. Solutions of well-posed differential equations re- 

main bounded in a suitable function space, starting with 

a bounded initial data (Strauss, 1992). For illustration, 

we consider the energy balance for the heat equation 

Uu; = Uy, that takes the form 


° (u’) 2 (uuxy) = —2 (ux). 
Suppose the initial data u(x,0) belong to space 
of real-valued L?(R) functions such that the initial 
energy is bounded: E(0)= qa u2(x, 0) dx <0. 
The energy E(t) decreases at later times such 
that 0 < E(t)= [%. u?(x, 1) dx < E(O). These simple 
estimates of energy analysis immediately imply the 
following properties of the heat equation: 


0. 


—p. 





(i) The zero solution u(x, t) =0 is unique. 
(i) A general solution u(x, t) is asymptotically stable 
in space of L?(R) functions. 
(iii) A general solution u(x, t) decays uniformly to zero 
in the L?-norm sense: lim;-5 09 ||u(-, £) || L2(R) = 9.- 


A real-valued energy can be introduced for complex 
functions, for example, in the Schrédinger equation 
iv; =Uxx, where the energy balance takes the form 
Be gig tO as 

"+ ie (du 
The Schrédinger equation is reversible, and the total 
energy is constant in time such that 0< E(t)= 
y haee lul2(x, t)dx = E(0). As a result, the solution is 
well-posed in the space of complex-valued L7(R) 
functions with the following properties: 





Uxu) = 0. 


(i) The zero solution u(x, t) = 0 is unique. 
Gi) A general solution u(x, t) is neutrally stable in the 
L?-norm sense. 


Partial differential equations can be well-posed in 
energy space, which is different from the space of 
square integrable functions. For the wave equation 
Uj; = C2Uy,, two balance equations take the form 

° ° (us) = 0 
U;Ux) = 
ar agen 





(u? t cur) 2c? 
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and 





1a 

3 ax (u? t Cur) =0. 

The first equation prescribes the positive-definite 
quantity, E(t) = cul (u? + cuz) dx, which defines 
the energy space H'!(R) for solutions of the wave 
equation, such that O0<E(t)=E(O). The sec- 
ond equation prescribes the sign-indefinite quantity, 
P(t)= if u,;u, dx, referred to as the momentum, 
such that P(t) = P(0). 

In modeling of various physical phenomena, 
momentum balance equations are useful for analysis of 
integral properties of solutions of underlying equations 
at infinite or finite intervals. For instance, adiabatic 
dynamics of localized pulses, envelope wave packets, 
and radiative wave trains can be studied with the 
momentum balance equations, when a solitary wave 
changes under the action of external perturbations, 
variations of physical parameters, internal instabilities, 
various resonances, and interactions with other wave 
structures (Kivshar & Malomed, 1989). In the simplest 
version of the soliton perturbation theory, effects of 
external perturbations to a physical system are captured 
by slow variations of soliton parameters. The dynamical 
rate of change of soliton parameters is found by 
substituting the soliton solutions in the momentum 
balance equations. For illustration, we consider the 
perturbed sine-Gordon equation with dissipative and 
external harmonic forces: 


a 
at (u;ux) 


Upp — Uxx +Sinu = e R(u) 
= ¢ [-au;+T sin(wt)(1—cosu)], 


where e< 1, @ is a damping parameter and I is the 
amplitude of the external force such that w <1 (no 
resonance occurs). With the account of the perturbation, 
the balance equation for momentum is 





a 

a (u;ux) (u? t uw + 2cosu) = € R(u)uy. 
As a result, the rate of change of momentum 
P(t)= ina u;uy dx is given by 


dP he 
ap = ef ux R{uldx. 


oe) 


provided that limjx|— 0 (u? + u2) =0 and limy_.o 
cosu = limy_, —99cosu=1. The unperturbed sine- 
Gordon equation at ¢ = 0 has the kink solution: 


ahaa ( (- —vt—x0 
ux(x, t) = 4arctan | exp | —————— } } , 
V1—v2 


where |v| < 1 is the kink’s velocity and x9 is its position. 
The momentum of the unperturbed kink is a function of 
its velocity: P,(v) = — 8v/V1 — v2. The kink solution 
satisfies the aforementioned vanishing conditions at 
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infinity. Assuming that the velocity of the kink v = v(t) 
changes due to the external perturbation, we use the 
momentum balance equation and find a particle-like 
equation of motion for the kink’s adiabatic dynamics: 


dP, . 
ar + eaP, = 27 € TF sin(at). 


The equation has a simple solution: 


P,(t) = Ce *@ 


2neor 


-> a> COS OF 
Py aor) 


2ne2aP 


+— —— 
Oe B62 


sin wt, 
where C is found from initial condition: P,(0) = Po. 
Adiabatic dynamics of kinks and solitary waves 
often generate a strong radiation field that takes 
away part of momentum of the localized solution. 
The radiation field can be taken into account from 
other balance equations, such as the mass balance. 
Radiative effects usually occur in the second order 
of the perturbation theory, leading to radiative decay 
of solitary waves or their perturbations (Pelinovsky 
& Grimshaw, 1996). For illustration, we consider 
dynamics of solitary waves in the critical KdV equation: 





ur + 15utuy + Uxxx = 0. 


The balance equations for mass and momentum of a 
nonlinear field are: 


ew) t 2 (3u8 t urs) =0 





and 





a a 
5) t ax (Su + 2UUx~ uz) =0. 


Solitary waves are given by special solutions of the 
critical KdV equation: 


us(X,t) = [vv sech(2./u(x — vt — xo)”. 


Solitary waves may change adiabatically due to internal 
perturbation of the initial data, such that v becomes a 
function of t. The radiation field is generated behind 
the solitary wave due to the uni-directional property 
of the dispersion relation for the linear KdV equation: 
uy; + Uxxx =0. The radiation field can be found from 
the mass balance equation 


: = aM 
Pensa d= “vo dt 





, 


where M,(v) = [ey us(x, t) dx = Mo/v!/4 and Mp is 
constant. The momentum balance equation leads to a 
closed particle-like equation of motion for the solitary 
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wave’s adiabatic dynamics: 
d | (dM, \? dv 7 . a 
aA Oe cae | ee 
_ 1 (dMy\? (dv? 
~ vl du dt) © 


The dynamical equation has a unique solution: 


to 2 
v(t) = v9 (< 2) : 


where vo and fg are constants. The exact solution 
defines the scaling law for self-similar blowup in the 
critical KdV equation. The blowup rate is modified 
due to generation of the radiation field, which makes 
the balance between the left- and right-hand sides 
of the momentum balance equation. To summarize, 
the balance equations for energy, momentum, and 
mass can be used for both qualitative and quantitative 
estimates of the interaction between localized and 
radiative components of the nonlinear wave in solutions 
of nonlinear wave equations. 
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See Turbulence 


ENERGY OPERATORS 


See Quantum nonlinearity 
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See Coupled oscillators 


ENTROPY 


Entropy is a quantity characterizing disorder, or ran- 
domness. This conclusion is the result of successive 


ENTROPY 


advances since the pioneering works by Sadi Carnot 
on the fundamentals of steam engines in 1824 
and by Rudolf Clausius, who, between 1851 and 
1865, developed the concept of entropy (from 
Tpomn meaning “transformation” in Greek) as a 
thermodynamic state variable. Called S, this quantity 
varies as dS=dQ/T in an equilibrium system at 
temperature T exchanging a quantity dQ of heat and 
no matter reversibly with its environment. 

Thereafter, Ludwig Boltzmann (1896/1898), Max 
Planck (1901), Josiah Willard Gibbs (1902), and 
others discovered the statistical meaning of entropy. 
Boltzmann and Gibbs introduced the concepts of 
probability and statistical ensemble in the context 
of mechanics. If P, is the probability (satisfying 
O< Py <1 and }°, Py =1) that the system is found 
in the microstate w specified by a set of observables 
such as energy and linear or angular momenta, the 
thermodynamic entropy is given by 


S=—kg > Paln Py, (1) 


where kp = 1.38065 10-7°J K~! is the so-called Boltz- 
mann constant, although it was originally introduced by 
Planck (Sommerfeld, 1956). 

The entropy S measures the disorder in a statistical 
ensemble composed of a very large number, NV, of 
copies of the system. Each copy is observed in a 
microstate @ occurring with the probability Py. The 
microstates of all the MN’ copies form a random list 
{a}, @2,..., ay}. Typically, No =N Py copies are 
found in the microstate a, and }*, Na =N.The copies 
being statistically independent, the total number of 
possible lists of the microstates of the ensemble is thus 


equal to 
N! 


pics Ta Va! , 


where V!=N x (NV — 1) x --- x 3 x 2 denotes the 
factorial of the integer N. In the limit M— oo, 
according to Stirling’s formula NV! ~ (NV /e), where 
e=2.718... denotes the Naperian base, entropy (1) 
is given in terms of the logarithm of the number 
W of possible lists (originally called complexions by 
Boltzmann): 


(2) 


8 nw 3) 
N nw. ( 
If the system is perfectly ordered, all the copies in the 
ensemble would be in the same microstate, and there 
would be a single possible complexion W = | so that 
the entropy would vanish ($= 0). In contrast, if the 
system were completely disordered with A equiproba- 
ble microstates a, the entropy would take the maximum 
value S = kg In A. For partial disorder, the entropy takes 
an intermediate value. 

In spatially extended homogeneous systems, the 
thermodynamic entropy is an extensive quantity. If the 


se 
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system is covered by NV disjoint windows of observa- 
tions of volume V, the microstates {a1, a@2,..., ay} 
in the NV windows form one among W possible lists 
(2). If the volume V of the observation window is large 
enough, the thermodynamic entropy is again given by 
Equation (3). In this case, the entropy per unit volume 
obtained by dividing the entropy S by the volume V is 
a measure of spatial disorder. 

Entropy can also be interpreted as a quantity of 
information required to specify the microstate of the 
system. Indeed, the recording of the random microstates 
{a1,a2,..., ayy} of the statistical ensemble requires 
one to allocate at least J = log, W bits of information 
in the memory of a computer. This number of bits is 
related to the entropy (1) by 1~NS/(kg In 2). Such 
connections between entropy and information have 
been developed since the works by Leo Szilard in 1929 
and Léon Brillouin around 1951. 

Equation (1) for the entropy is very general. It applies 
not only to equilibrium but also to out-of-equilibrium 
systems provided the states w are understood as coarse- 
grained states. In a classical system of N particles, the 
coarse-grained states a should correspond to cells of 
volume h?% in the phase space of the positions and 
momenta of the particles, where h = 6.626 10734 Js is 
Planck’s constant of quantum mechanics. 

In 1902, Gibbs suggested that the second law 
of thermodynamics is a consequence of a dynamics 
having the mixing property according to which the 
statistical averages of observables or the coarse-grained 
probabilities P, converge to their equilibrium values. 
Not all systems are mixing, but for those that are, 
entropy (1) converges toward its equilibrium value. 
In mixing systems, the statistical correlations in the 
initial probability distribution tend to disappear on finer 
and finer scales in phase space and are shared among 
more and more particles during a causal time evolution. 
The approach to the thermodynamic equilibrium may 
thus be described in terms of asymptotic expansions 
of the probability distributions in the long-time limits 
t— +00. Both limits are not equivalent because, 
in the limit t— +00, the probability distributions 
remain smooth in the unstable phase-space directions 
but become singular in the stable ones and vice 
versa in the other limit t > — oo, which may appear 
as an irreversibility or time arrow in the long-time 
description. The irreversibility in the increase of the 
entropy is thus closely related to the problems of 
identifying all the degrees of freedom guaranteeing the 
causality of the time evolution and of reconstructing the 
initial conditions, which is of great importance for the 
understanding of historical processes such as biological 
and cosmological evolution. 

During recent decades, it has been shown that the 
increase of entropy does not preclude the formation of 
structures in equilibrium or non-equilibrium systems, 
nor in self-gravitating systems. At equilibrium, the 
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homogeneity of pressure, temperature, and chemical 
potentials does not prevent inhomogeneities in the 
densities as is the case in crystals, in vortex states 
of quantum superfluids, and in mesomorphic phases 
of colloidal systems where equilibrium self-assembly 
occurs. Besides, open non-equilibrium systems can 
remove entropy to their environment, leading to 
far-from-equilibrium self-organization into spatial 
structures such as Turing patterns, self-sustained 
oscillations in such systems as chemical clocks, or 
complex processes such as biological morphogenesis. 

While the entropy per unit volume characterizes 
spatial disorder at a given time, a concept of entropy 
per unit time was introduced in 1949 by Claude 
Shannon in development of his information theory, 
as a measure of temporal disorder in random or 
stochastic processes. It is defined in the same way 
as standard entropy but replacing space by time. In 
1959, Andrei N. Kolmogorov and Yakov G. Sinai 
applied Shannon’s idea to deterministic dynamical 
systems with an invariant probability measure, and they 
defined a metric entropy per unit time in analogy with 
Equation (1), considering the states w as the sequences 
@@ ...@n, Of the phase space cells w; successively 
visited at time intervals At by the trajectories during 
the time evolution of the system. In order to get rid 
of the arbitrariness of the coarse-grained cells w;, 
Kolmogorov and Sinai considered the supremum (least 
upper bound) of the entropy per unit time with respect 
to all possible partitions P of the phase space into cells 
wj;, defining 


1 
hxs = Supp lim ——— 


n>oo nAt 
X DE Payor. IN Poyog..oys (4) 
@1Q2...0n 


where the probability P is evaluated with the given 
invariant measure (Cornfeld et al., 1982). 

In isolated chaotic dynamical systems, the temporal 
disorder of the trajectories finds its origin in the sensitiv- 
ity to initial conditions because the Kolmogorov—Sinai 
entropy per unit time is equal to the sum of positive 
Lyapunov exponents A;, hks = Ya>0 Ai, aS proved 
by Yakov B. Pesin in 1977 (Eckmann & Ruelle, 1985). 
We notice that the entropy per unit time hxs differs 
from the irreversible entropy production defined by the 
time derivative of the standard thermodynamic entropy 
S in an isolated system. Indeed, the entropy per unit 
time may take a positive value for a system of particles 
already at thermodynamic equilibrium where entropy 
production vanishes. In spatially extended chaotic sys- 
tems, the spatiotemporal disorder can be characterized 
by a further concept of entropy per unit time and unit 
volume. 

A so-called topological entropy has also been 
introduced as the rate of proliferation of cells in 
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successive partitions iteratively refined by the dynamics 
(Eckmann & Ruelle, 1985). In finite chaotic systems, 
the topological entropy is the rate of proliferation 
of periodic orbits as a function of their period. 
The topological entropy is not smaller than the 
Kolmogorov-Sinai entropy: htop = hxs. 
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See Nonlinear Schrédinger equations 


ENVELOPE SOLITONS 
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EPHAPTIC COUPLING 


Neurons communicate with each other by different 
means. The most investigated of these is synaptic 
transmission, which can be either chemical or 
electrical. Chemical synapses transmit neural signals 
from presynaptic to postsynaptic membranes via 
neurotransmitters and are widely found in vertebrate 
neurons, while electrical synapses correspond to an 
electronic coupling through specialized gap junctions 
and are more common in invertebrates (Jefferys, 
1995). Therefore, both transmission processes need 
a specialized anatomical structure to create points 
of contact between neurons but there are other 
possibilities. 


EPHAPTIC COUPLING 


Since the work of Elwald Hering in 1882, it has 
been known that electrical communication can also 
occur between neurons when neuronal membranes 
are closely apposed but not contiguous (Scott, 2002). 
Called ephaptic coupling by Angelique Arvanitaki 
(who defined the term ephapse as “... the locus 
of contact or close vicinity of the active functional 
surfaces, whether this contact be experimental or 
brought by natural means”), this process relies on 
current spread through the extracellular space, which 
may influence the membrane dynamics of a second 
fiber (Arvanitaki, 1942). Early experimental evidence 
of ephaptic interactions was also provided by Bernhard 
Katz and Otto Schmitt on a pair of naturally adjacent 
unmyelinated fibers from the limb nerve of a crab 
(Katz & Schmitt, 1940). They showed that an impulse 
traveling on one fiber changes the excitability of the 
other fiber. Furthermore, impulses on adjacent fibers 
with similar speed and launched at about the same time 
become synchronized. 

In the 1970s, Markin proposed a_ theoretical 
description of ephaptic coupling between two parallel 
unmyelinated fibers based on the assumption that they 
share an external series resistance per unit length 
proportional to the ionic resistivity of the extracellular 
medium (Markin, 1970). Using a piecewise constant 
function for the transmembrane ionic current, yielding 
toa leading-edge analysis, Markin concluded that under 
normal physiological conditions, ephaptic coupling 
does not allow transmission of an impulse from a fiber 
to an adjacent one, as verified in numerous experiments. 
Nevertheless, he also suggested that a synchronization 
of two impulses is to be expected with a longitudinal 
distance 6 equal to zero. 

A recent leading-edge analysis (Scott, 2002) 
considered a more appropriate representation of the 
ionic current (sodium ions), the resulting system 
corresponding to the Zeldovich—Frank-Kamenetsky 
(ZF) equation. In the case of a small ephaptic coupling, 
a perturbation theory showed that 5 = 0 corresponds to 
a stable locking of pairs of impulses if the threshold 
parameter a of the membrane is above a critical value, 
otherwise stability occurs with 5 increasing when a 
decreases. 

Other possibilities of synchronization have been 
found when studying the influence of complete im- 
pulses including a leading edge and a recovery 
part. Based on the FitzHugh-Nagumo model, studies 
have shown that two other locking distances 6 are also 
stable and separated by two unstable ones (Scott, 2002; 
Eilbeck et al., 1981). Recently, it has also been shown 
that ephaptic coupling influences the speed of conduc- 
tion of synchronized impulses, the speed decreasing 
when the coupling increases (Binczak et al., 2001). 

In mammals, motor or sensory nerves are often 
organized in fiber bundles. These fibers are myelinated, 
and the active nodes of the membrane are separated 
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Figure 1. Sketch of two adjacent and parallel myelinated nerve 
fibers. 


by a myelin sheath, which acts as an insulator. 
Thus, ephaptic coupling may be influenced by the 
alignment of the active nodes between two adjacent 
fibers (Binczak et al., 2001), as illustrated in Figure 1 
where A is an alignment parameter. 

Using a ZF description for the ionic current, a 
eading-edge analysis suggests that synchronization 
of impulses occurs whatever the alignment A. 
Nevertheless, an alignment of the nodes (A=1) 
eads to a stronger synchronization while staggered 
nodes (A=}4) allow a broader impulse coupling. 
Furthermore, when impulses are synchronized, an 
alignment of adjacent nodes reduces the critical 
ongitudinal internodal distance at which propagation 
fails. Staggered nodes, on the other hand, lead to a 
more robust medium in order to prevent propagation 
failure. 

From a functional perspective, synchronization of 
impulses on parallel and adjacent fibers might pro- 
vide a means to adjust and organize the timing of im- 
pulses necessary for coordination and computation of 
neuronal information. Furthermore, ephaptic interac- 
tions may be important in neurological pathophysiol- 
ogy. Indeed, it has been observed that the transmis- 
sion of impulses occurs from a fiber to an adjacent one 
when nerves are damaged, as when the nerves end in 
a neurisma after a nerve crush injury or a nerve com- 
pression (Seltzer & Devor, 1979) or when the ionic 
composition of the extracellular medium is changed 
(Ramon & Moore, 1978). Demyelination diseases, 
such as multiple sclerosis, are also a cause of 
ephaptic connections leading to pathological synchro- 
nization (Jefferys, 1995). Finally, ephaptic phenom- 
ena have been reported between muscles and mo- 
tor nerves causing possible cramps and spasms and 
between cardiac cells, implying a possible involve- 
ment of ephaptic coupling in cardiac arrhythmias 
(Suenson, 1984). 
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EPIDEMIOLOGY 


Throughout human history diseases have played an 
important role. The black death in Europe in the middle 
ages is one example, and more recent examples include 
the flu pandemic of 1918 and 1919 and diseases such 
as AIDS and various childhood diseases. Additionally, 
the study of population dynamics in ecology has been 
greatly advanced by the study of diseases for several 
reasons. First, the data on the incidence of childhood 
diseases are both extensive and accurate. Second, 
the processes involved in the dynamics of childhood 
diseases (essentially, infection and either recovery or 
death) are relatively simple and straightforward and 
well understood. 

In particular, many questions of scientific or 
practical interest can be answered using relatively 
simple models. A fundamental question is why does 
a disease die out before everyone has the disease? 
And, what fraction of the population needs to be 
vaccinated so a disease can be controlled or eliminated? 
Answering this question can explain why smallpox was 
more easily eradicated than other so-called childhood 
diseases. 

Perhaps the simplest epidemic model, which also 
introduces many of the ideas, is the case of a single 
epidemic of a disease, first studied in detail by Kermack 
and McKendrick (1927). We focus here on diseases 
that are caused by microparasites, so individuals either 
have the disease or do not, as opposed to diseases 
caused by macroparasites (such as tapeworms) where 
the number of infectious agents in individuals needs 
to be considered explicitly in order to understand 
the disease dynamics. Different models are needed to 
understand epidemics and diseases which are endemic 
(Kermack & McKendrick, 1932). 
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We assume a constant population size and divide 
the population into three classes: susceptible, infective, 
and removed. Since the time scale of an epidemic 
is much shorter than the time scale of changes in 
human population sizes, we can simplify the system by 
ignoring any demographic influences in the simplest 
model for an epidemic, which corresponds to the 
assumption of a constant population size. In other 
words, the population size is assumed constant, and 
births and deaths are ignored (although there are models 
that do take this into account) because the time scale of 
an epidemic is short relative to the time scale of human 
population dynamics. 

We assume that the rate at which susceptibles 
become infected is simply proportional to the product 
of the number of susceptible and infective individuals, 
corresponding to an assumption of random encounters. 
The rate at which infective individuals recover is 
assumed to be a constant. Then, with S$ the number 
of susceptibles, 7 the number of infectives, and R the 
number of removed individuals, the dynamics are given 
by 


ds 
a —BSI, qd) 
dl 
ae BSI—yl, (2) 
dR 
ac = yl. (3) 


Under the assumption that the total population 
size N remains constant, we can use the relationship 
N=S+1+R, and reduce the system (1)-(3) to one 
based on just the first two equations. The phase plane 
analysis of the resulting system is facilitated by the fact 
that the formula 


a (4) 


is so simple. As first discussed by Kermack and 
McKendrick (1927), one can solve this system 
explicitly by integration and using approximations. 
From this one can see that the solution curves which 
start with J arbitrarily small return to J =0 before all 
individuals in the population become infected, or in 
other words the number of susceptibles at t= oo is 
positive. 

The qualitative behavior of the system (1)-(3) 
essentially depends on a single nondimensional pa- 
rameter, the reproductive number for the disease. The 
reproductive number is defined as the mean number 
of infective individuals produced by a single infective 
individual, which can clearly be calculated by multi- 
plying the rate at which a single infective individual 
produces new infections by the mean period of infec- 
tivity for a single individual. Under our assumptions, 
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the mean rate of infection is simply BS and the mean 

infective period is 1/y. Thus the reproductive number 

is simply 

age 
me 


Ro (5) 


The dynamics are governed by the observation that 
the number of infectives will increase if Ro > 1 and will 
decrease if Ro < 1. For the case of a single infective in- 
troduced into a population of susceptibles, we can use 
the total population N instead of S in the formula for Ro. 

The import of the observation about the importance 
of Ro (and results from integrating (4)) is typically 
summarized in the threshold theorem which states that 
there will be an epidemic if the population initially 
satisfies Ro >1, which may be a reflection of the 
population size. From integrating (4) one finds that 
the total number of individuals who get the disease is 
dramatically larger if the population is initially above 
the threshold. 

Kermack & McKendrick (1932) further studied the 
cases of endemic diseases, where it is necessary to take 
into account the demography of the population, since 
the time scale is long enough that births and deaths need 
to be explicitly included. Other more complex systems 
were also studied (Kermack & McKendrick, 1933). 

Modifications of the basic equations have been used 
to study the dynamics of sexually transmitted diseases, 
including AIDS. Here, an important modification has 
been to break up the population into classes based on 
different encounter rates. 

More recent work on disease dynamics has played 
a central role in population biology, as the data 
sets for the incidence of childhood diseases in the 
United Kingdom and many large U.S. cities are 
among the longest, most accurate, and most detailed 
records of populations available (Bjornstad & Gren- 
fell, 2001). In particular, the prevaccination dynam- 
ics of measles has been carefully analyzed using a 
variety of approaches, based essentially on exten- 
sions of the basic model (Equations (1)—(3)), mod- 
ified to include a seasonally varying contact rate 
and, in some cases, stochasticity. Studies of this 
data has led to important substantial advances in the 
analysis of the kinds of time series available: rel- 
atively short with substantial stochastic influences. 
Analysis of these time series using nonlinear meth- 
ods have demonstrated that at least some of the 
dynamics may be chaotic. Further and more recent 
efforts have focussed on spatiotemporal dynamics 
(Rohani et al., 1999) and on applied questions (Keeling 
et al., 2002) like the recent hoof and mouth epidemic 
in the UK. 

ALAN HastINGs 
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EQUATIONS, NONLINEAR 

Nonlinear equations arise in a wide variety of forms 
in all branches of science, engineering, and technology 
as well as in other fields such as economics and social 
dynamics. These include algebraic, differential (ordi- 
nary/partial/delay), difference, differential-difference, 
integro-differential, and integral equations. 

Nonlinear algebraic equations such as polynomial 
(quadratic, cubic, quartic, etc.) and transcendental 
equations in one or more variables and simultaneous 
equations have a chequered history. A large number of 
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root-searching algorithms and methods of solutions are 
available in the literature. 

With the advent of differential calculus in the 17th 
century, differential equations started to play a pivotal 
role in scientific investigations. This is particularly so 
for evolutionary problems, as differential equations are 
obvious candidates for the dynamical description of 
natural phenomena. Since most natural processes are 
nonlinear, it is no wonder that nonlinear differential 
equations arise frequently in theoretical descriptions 
(Ablowitz & Clarkson, 1991; Murray, 2002; Laksh- 
manan & Rajasekar, 2003; Scott, 2003). 

Nonlinear ordinary differential equations (ODEs) 
occur in a wide variety of situations depending upon the 
nature of the problem. Their solution properties, such 
as integrability, non-integrability, and chaos, depend 
upon the order of the highest derivative, number of 
dependent variables, degree of nonlinearity, whether 
homogeneous or inhomogeneous, and on the values of 
the parameters. Some ubiquitous nonlinear ODEs and 
their significance are indicated in Table 1. 

Nonlinear partial differential equations (PDEs) also 
have a long history dating back to the early days 
of differential calculus. For example, the basic equa- 
tions of fluid dynamics, such as the Euler equation 
and the Navier-Stokes equation, are highly nonlin- 
ear. Many of the equations describing nontrivial sur- 
faces in geometry are essentially nonlinear. The prop- 
erties of solutions of nonlinear PDEs depend heavily 
on the number of dependent and independent vari- 
ables, the order, the nature of nonlinearity, and the 
boundary conditions. However, it is also useful to clas- 
sify the nonlinear PDEs into nonlinear dispersive and 
nonlinear diffusive/dissipative types. Further, they can 















































Name Equation Significance 
1. Logistic equation é=ax — bx? Population growth model 
2. Bernoulli equation & + P(t)x = Q(t)x" Linearizable 
33 Riccati equation x+ P(t)+ Q(t)x 4 R(t)x2 0 Admits nonlinear superposition principle 
4. Lotka—Volterra equation Population dynamics; exhibits limit cycle 
5 Anharmonic oscillator Integrable by Jacobian elliptic function(s) 
6. Pendulum equation ( FSi Integrable by Jacobian elliptic function(s) 
7. Painlevé II equation F=2 +tx+0 Satisfies Painlevé property 
8. Duffing oscillator + px wx + Bx? = f cosat Exhibits chaotic dynamics 
9 Damped driven pendulum 6+06 ie sin 0 = y cos wt Exhibits chaotic dynamics 
10. Lorenz equation x=a(y—x), Prototypical example of chaotic motion 
yo —xzt+rx—y, 
zZ=xy —bz 
11. Hénon-Heiles system ¥+x+2xy=0, Hamiltonian chaos 
Fty+ta?—y?=0 
12. Mackey-Glass equation x+ THM + bx =0, Delay-differential system 
X_ =x(t —T), T : constant 
Table 1. Some important nonlinear ordinary differential equations (- = d/dt) 
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Name Equation Significance 
I Dispersive Equations 
1. Korteweg—de Vries equation uy + 6uuy + Uxxx =0 Integrable soliton eqn. 
in (1+1) dimensions 
2: Sine-Gordon equation Ux, = sinu Integrable soliton eqn. 
in (1+1) dimensions 
3. Nonlinear Schrodinger igt + dxx + 2Iq\2q =0 Integrable soliton eqn. 
equation in (1+1) dimensions 
4. Heisenberg ferromagnetic S;=S x Sxx, S=(S1, S2, $3) Integrable soliton eqn. 
spin equation in (1+1) dimensions 
Dy Kadomtsev—Petviashvili (uz + 6uux + Uxyx)x t 307uyy 0, Integrable soliton eqn. 
equation o=+1 in (2+1) dimensions 
6. Davey—Stewartson iqr Aaxx + dyy) 4 alq|2q + qp=0~, Integrable soliton eqn. 
equation xx — byy + 2a(lg|)xx =0,a=4+1 in (2+1) dimensions 
Te gt equation utt — Uxx +u— w=0 Nonintegrable equation 
Il Diffusive equations 
8. Burgers equation uy + Uuy — Uxx =0 Linearizable through Cole—-Hopf 
transformation 
9. FitzHugh—Nagumo Uy =Uxy tu—uw— 0d, Nerve impulse propagation model 
equation vy =a(u — b) 
10. Kuramoto-Sivashinsky uy = —U—Uxy — Uxxxx — Uy Spatiotemporal patterns and chaos 
equation 
11. Ginzburg—Landau equation up=(at ib)V2u +(e+ id) (\ul2)u Spatiotemporal patterns and chaos 
Table 2. Some important nonlinear partial differential equations (suffix denotes partial derivative with respect to that variable) 


be classified into integrable and non-integrable PDEs. A 
select set of such equations along with their significance 
is given in Table 2. 

Another class of interesting nonlinear equations 
is the so-called difference equations/recurrence equa- 
tions/iterated maps of the form &4) =F (an, n), 
where the independent/time variable n takes dis- 
crete values n=0,1,2,..., and a, stands for the 
m dependent variables, while F' is an m-dimensional 
nonlinear function. These equations often corre- 
spond to various finite-difference schemes of non- 
linear ODEs/PDEs, such as the explicit Euler or 
implicit midpoint. For example, the logistic 
differential equation dx /dt = ax — bx? can be approxi- 
mated by Euler’s forward difference scheme as x41 — 
Xn =h(axn — bx2), where h > 0. But nonlinear differ- 
ence equations can arise as dynamical systems on their 
own merit as in population dynamics or radioactive de- 
cay. The most famous example is the logistic map, 


Xnt1 =Ari(l-xm), O<x<1, O<AS4, 


as a prototypical model exhibiting a period-doubling 
bifurcation route to chaos. A_ two-dimensional 
example is the Hénon map, x,4;=1—ax? + 
Yas Ynt1 =bXn, a, b > O showing self-similar and frac- 
tal nature. Spatiotemporal patterns have been identified 


in coupled logistic map lattices. There also exist several 


integrable families of maps (Kosmann-Schwarzbach 
et al., 1997): for example, the McMillan map, 
2UXn 


z: 
Lx 





Xn+1 + Xn-1 = (1) 

Other examples include integrable discrete Painlevé 
equations; Quispel, Robert, and Thompson (QRT) map; 
and so on. Several integrable nonlinear differential- 
difference and difference-difference equations also ex- 
ist (Ablowitz & Clarkson, 1991). The Toda lattice equa- 
tion 





Xn-1)) Xn))s 
o= 0,1, 2c (2) 


Xn = exp( (Xn exp( (Xn41 


is an integrable soliton system. Examples of integrable 
nonlinear difference-difference equations can be con- 
structed from integrable PDEs. 

Nonlinear integro-differential equations arose 
(Davis, 1962) with the work of Vito Volterra when he 
introduced a hereditary component composed of the 
sum of individual factors encountered in the past as a 
modification to the logistic equation as 


dy 
dt 





t 
=ay — by? 4 yf K(t —s)y(s) ds, (3) 


EQUILIBRIUM 


where a,b,c are parameters and K(t) is a given 
function. A special case of such an equation is the 
nonlinear integral equation 


b 
y(x) = f(x) + af K(x, s, y(s)) ds, (4) 


where A is a parameter. Some interesting special 
cases correspond to f =0, K =k(x,t)y” and f =0, 
K =G(x,t)expy (Bratu equation), where k and G 
are specified functions. One of the most important 
nonlinear integro-differential equations in physics is 
the Boltzmann transport equation for the distribution 
function f(r, v, t) of a dilute gas 


a F 
atu: Vr + — 
ot m 


Voy) Fe 
= [a fas o(Q)|w—vl\(f,H-fif2), () 


where f/=f(r,vj.t), fi=f(r,uj.t), i=1,2. 
In the integrable soliton case, there exist several 
interesting integro-differential equations, for example, 
the Benjamin—Ono equation, 


uy + 2uu, + Hux, =0, (6) 


where Hu is the Hilbert transform. 
Mutuusamy LAKSHMANAN 
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EQUILIBRIUM 


The word equilibrium suggests a balance, typically 
between antagonistic forces, which in turn often implies 
absence of motion. Consider a rigid rod, which can 
freely (i.e., with almost no friction) rotate in a vertical 
plane about a horizontal axis located near one of its 


271 





a b c 


Figure 1. Stable (a) and unstable (b) equilibrium positions 
of a simple pendulum. (c) The angle 6 is measured from the 
vertical. 


ends. Because of gravity, the rod naturally assumes 
a position where it is suspended from the horizontal 
axis, and points downward (see Figure la). In this 
situation, the gravity force acting on the rod is balanced 
by the reaction force at the suspension point, and no 
motion occurs. The rod is in equilibrium. If displaced 
a little bit from this position, the rod oscillates about 
the horizontal axis and, because of friction, eventually 
returns to its initial position, which is therefore stable. 
The other equilibrium position of the rod, which is 
unstable, is that shown in Figure 1b, where the rod 
points upward. A slight perturbation will take the rod 
away from this position, toward the stable equilibrium. 
Consider now a marble rolling on an uneven floor. 
Typically, it will keep rolling until it stops in a 
depression of the floor or reaches a wall or a corner of 
the room. It is clear from this example that depending 
on the configuration of the floor, there may be more 
than one stable equilibrium position. As in the case 
of the rod, there also exist unstable equilibria, which 
correspond to local maxima of the floor surface. In both 
of these examples, motion takes place as to decrease the 
potential energy of the system, which increases with 
elevation. 

From a mathematical point of view, an equilibrium 
corresponds to a stationary solution of a differential 
system or a map (see, for instance, Arnol’d, 1992). 
Quite often, these equations are mathematical models 
of physical, chemical, or biological systems. Consider 
the differential equation 

2 
me = — sin(0) (1) 
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describing the motion (in dimensionless form) of a 
simple pendulum, similar to the rigid rod discussed 
above but without friction. Here, the variable 0 
measures the angle between the pendulum and the 
vertical (see Figure 1c). Time-independent solutions 
of (1) are obtained by setting the right-hand side of 
this equation to zero. This gives an infinite number of 
critical points 6 =2p a and (2p+ 1) z, where p is an 
integer. The first family of solutions can be identified 
with the stable equilibrium of the pendulum discussed 
above; the second family corresponds to its unstable 
equilibria. 

Nondissipative mechanical systems conserve their 
total energy. Typically, the latter can be written in 
dimensionless form as 





E(u) = 3(4)? + Vw) = constant, (2) 


where u is a time-dependent variable which describes 
the position of the system and u is its derivative. Taking 
the derivative of (2) with respect to time and dividing 
by w gives 


PrP eta Pe (3) 


In the case of the pendulum, u=6 and E is obtained 
by multiplying (1) by 6 =d6/dt and integrating over 
time. It reads 


ae sas = 6 4 
=3(3) cos(0). (4) 


The first term on the right-hand side of E corresponds to 
the (dimensionless) kinetic energy of the pendulum and 
the second term to its potential energy V. The graph of 
V asa function of 6 is plotted in Figure 2a. We see that 
solutions 6 = 2pz are minima of V, and solutions of 
the form 6 = (2p + 1) z are maxima of V. This can be 
understood in general as follows. Since the right-hand 
side of (3) vanishes at an equilibrium point, the latter 
corresponds to an extremum of the potential energy 
V(u). Because — dV /du can be interpreted as a force, 
a minimum of V corresponds to a stable equilibrium, 
for which the force is restoring. Similarly, maxima 
of V identify unstable equilibria, as illustrated in 
Figure 2b. In dynamical systems terminology (see, for 
instance, Guckenheimer & Holmes, 1990), solutions 
6=2pz7 of (1) are centers and are neutrally stable; 
solutions 9 = (2p +1) z are saddles and are unstable. 
If we now add a friction term to Equation (1), we 
get 


a6 do 

eZ sin(@) — CF (5) 
This equation has the same equilibria as (1) but 
now the total energy E decreases as a function of 
time, dE /dt = —c (d0/dt)?, and as a consequence, 
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Figure 2. (a) Potential energy V(6) =— cos(@) of the simple 
pendulum. (b) Minima of the potential energy correspond to 
stable equilibria, whereas maxima describe unstable equilibria. 
(c) Double-well potential. 


the equilibrium corresponding to solutions of the 
form 6=2pz, where p is an integer, is globally 
asymptotically stable. 

In the situation depicted in Figure 2c, V is a double- 
well potential and the system is bistable. Generically, 
the two minima correspond to different values of 
the potential energy; the absolute minimum is then 
the most stable equilibrium of the system; the other 
minimum corresponds to a metastable equilibrium 
position. 

In the case of maps, equilibria (i.e., stationary 
solutions) are often called fixed points. For instance, 
the map 


Unt = 2Un — |Unl?Un (6) 


with u, € R has three fixed points, given by up, =Ue 
for all values of n, where ue =0 or ue= + 1. They 
are obtained by substituting the unknown equilibrium 
value ue for uy in Equation (6) and solving for we. If 
we now consider the same map but let uy, be complex, 
we see that we have, together with the solution ue = 0, 
a whole family of equilibria, given by ue = exp(ig), 
where ¢ is an arbitrary real number. This happens be- 
cause Equation (6) with u, complex has the follow- 
ing gauge symmetry: if uw, is a sequence of iterates 
of the map, then so is un exp(ig), but with, of course, 
a different initial condition, uo exp(ig). More gener- 
ally, by applying a symmetry of the equation to one of 
its solutions, one typically obtains another solution. If 
one starts this iterative process with an equilibrium, a 
collection of other equilibria is generated. Moreover, 
if the symmetry is continuous, as it is the case for 
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the gauge invariance of Equation (6) with u, complex, 
a continuous family of relative equilibria is created. 
Similarly, if the symmetry is discrete, a discrete family 
of equilibria is obtained. For instance, Equation (6) with 
Uy real has the symmetry u, > — up; as a consequence 
if we = 1 is an equilibrium, so is ue= — 1. 

Similar ideas apply to differential equations. 
Equations (1) and (5) have the discrete symmetry 
6 — 6+ 27. The Landau equation 

OF lu? 
dt 
which is the continuous version of Equation (6) with 
un € C, has the continuous symmetry u > u exp(ig), 
and its equilibria are given by u =0 and u = exp(ig), 
where ¢ is an arbitrary real number. 


u, ueC, (7) 
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EQUIPARTITION OF ENERGY 

In 1845, the Scottish scientist John James Waterston 
submitted a large manuscript outlining a kinetic theory 
of gases to the Royal Society of London for publication 
in Philosophical Transactions. The central idea of this 
theory was that heat should be viewed as nothing but 
the energy associated with the motions of the enormous 
numbers of molecules, which themselves constitute the 
gas. Among his results, Waterston noted that “in mixed 
media the mean square molecular velocity is inversely 
proportional to the specific weight of the molecules,” 
where the constant of proportionality is to be identified 
as a measure of thermodynamic temperature. This result 
is the essence of the Principle of Equipartition of 
Energy. The manuscript was rejected for publication at 
the time (as “nonsense, unfit even for reading before the 
Society”) and then published (Waterston, 1893) almost 
50 years later when it was (re)discovered by Lord 
Rayleigh who prefaced the paper with the suggestion 
that Waterston should be ranked “among the very 
foremost theorists of all ages.” 

In the years while Waterston’s manuscript lay dor- 
mant, the kinetic theory of gases became established, 
mainly through the collected works of Rudolf Clau- 
sius, James Clerk Maxwell, and Ludwig Boltzmann 
(Brush, 1965, 1966) utilizing statistical methods to de- 
scribe equilibrium properties. In 1868 Boltzmann ob- 
tained one of the most important results of this pe- 
riod, the (Maxwell—Boltzmann) distribution of energy 
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among the molecules for a gas in thermal equilibrium. 
Let ¢ denote the energy of a molecule with r degrees 
of freedom, and position and momentum coordinates 
in the range dw = 5q, ...5q,5p, ...5p,; the number of 
such molecules is proportional to the product of the 
extension dw and the Boltzmann factor 


exp(—e/kT). 


In the Boltzmann factor, k = 1.38 x 107 !® erg/deg is 
a constant and T is the absolute temperature. The 
statistical justification for the Maxwell—Boltzmann 
distribution is that it is the most probable distribution 
for the distribution of energy among the possible states 
for a large number of molecules making up a system at 
constant energy. 

Boltzmann derived the Principle of Equipartition of 
Energy from the Maxwell—Boltzmann distribution in 
1871. In Boltzmann’s formulation the mean energy 
associated with each variable that contributes a 
quadratic term to the total energy of the molecule 
has the same value kT/2. Thus, the mean energy 
of a molecule in a system is independent of mass— 
lighter molecules travel faster. From the mean energy 
per molecule, it is a simple matter to multiply by the 
total number of molecules to find the total energy and 
then to differentiate the total energy with respect to 
the temperature to find the specific heat at constant 
volume. 

For example, for a perfect monatomic gas of N 
point atoms where EF = ey mv; /2, there are 3N 
quadratic terms. Thus the internal energy of the gas is 
U =3NkT/2, and the specific heat at constant volume 
is Cy =3Nk/2. A simple thermodynamic calculation 
for the ratio of the specific heat at constant pressure 
to the specific heat at constant volume yields y = 3 in 
good agreement with experimental values for the inert 
gases. In the case of a crystal of N point atoms vibrating 
about their equilibrium positions according to Hooke’s 
law (harmonic oscillators), there are three quadratic 
terms for the kinetic energy and three for the potential 
energy for each particle. Thus, the total internal energy 
is U=3NkT and the specific heat is Cy =3Nk, in 
agreement with the empirical result obtained by Pierre- 
Louis Dulong and Alexis-Thérése Petit in 1819. 

In 1918 Richard Tolman derived the general 
Equipartition Principle (Tolman, 1918), 


~) ~~) en 
~\alp, \= 
"0G; 1 Op; 


which agrees with Boltzmann’s result in the case where 
é is a quadratic function of the q; and p; but can 
be applied more generally when ¢ is not a quadratic 
function. 

Toward the end of the 19th century, some of the 
predictions from the classical Equipartition Principle 
were found to be at odds with experimental results. 
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Examples include the energy distribution from black 
body radiation, the specific heats of low temperature 
solids, and the specific heats of diatomic gases. 
The eventual resolution of these problems played a 
pivotal role in the upheaval of classical mechanics 
and the subsequent revolution of quantum mechanics 
but paradoxically strengthened the atomistic and 
probabilistic basis on which this principle was 
founded. The essential new idea of the quantum 
mechanics is that atoms have sets of discrete energy 
levels and radiation is absorbed and emitted in 
discrete quanta. Boltzmann’s method of obtaining the 
Maxwell—Boltzmann distribution as the most probable 
distribution according to the way that small units 
of energy could be partitioned was employed by 
Max Planck in his famous derivation of the radiation 
law (Planck, 1972) in 1900. The Boltzmann factor 
is immediately adaptable to the quantum situation. 
In thermal equilibrium the ratio of the number of 
particles n; in one given energy level E; to the 
number of particles n; in another energy level Fj is 
given by 


The word particle in this context embraces molecules, 
electrons, sound waves, light waves, and other 
dynamical quantities with well-defined energies. As 
an example, the Boltzmann ratio leads to the average 
energy of a harmonic oscillator whose quantum energy 
is an integer multiple of hv as 


1 hv 
2 elv/kT — ]° 


In the low-temperature regime this provides reasonable 
agreement with the experimental result, but it only 
agrees with the classical Equipartition Principle é = kT 
at high temperatures, T >> hv/k. 

The Maxwell—Boltzmann distribution is a stationary 
or steady-state distribution. It can be derived (Tolman, 
1948) from the steady-state micro-canonical ensemble 
distribution for which the density of ensemble copies 
in phase space is uniform in a narrow energy 
range E, E+6E but zero elsewhere. The dynamical 
justification for the Maxwell—Boltzmann distribution 
then rests upon the (quasi-)ergodic hypothesis that 
the time spent by the phase space trajectory for the 
dynamical system in a given region of the energy 
surface will be proportional to the micro-canonical 
density of ensemble copies in that region. Thus, from 
a dynamical perspective, ergodicity is a necessary 
condition for Equipartition of Energy. It follows that 
in isolated integrable systems Equipartition of Energy 
has no dynamical justification. 

The Equipartition principle emerged again as a 
catalyst for change in the mid-20th century when 
its failure observed in computer experiments (Fermi 
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et al., 1955) triggered studies into solitons on the 
one hand and deterministic Hamiltonian chaos on 
the other (Ford, 1992). The systems investigated by 
Fermi, Pasta, and Ulam (FPU) could be considered as 
collections of harmonic oscillators (harmonic modes 
of vibration) weakly coupled by nonlinear interactions. 
The expectation of FPU was that energy initially 
supplied to one of the harmonic oscillators would 
become uniformly distributed among all harmonic 
oscillators. Following the FPU experiments, there 
has been an enormous literature, attempting to 
recover the equipartition result, particularly for larger 
nonlinearities and larger numbers of oscillators. Note 
however that Boltzmann’s principle of equipartition 
of energy predicts uniform energy sharing among the 
harmonic modes of an isolated linear chain (a result that 
cannot be justified dynamically), and it does not make 
predictions for an isolated nonlinear chain. For energy 
sharing in an isolated nonlinear chain Tolman’s general 
principle of equipartition can be employed, but the 
result of uniform energy sharing among the harmonic 
modes should not generally be expected (Henry & 
Szeredi, 1995). Moreover, nonlinear chains can sustain 
intrinsic local nonlinear modes that may persist for 
very long times, and integrable nonlinear chains support 
nonlinear normal modes that are more fundamental than 
the harmonic modes. 

The principle of equipartition of energy is one 
of the most fundamental results in the history of 
the atomistic description of matter. Inconsistencies 
between this principle and experimental results in 
different settings have provided a catalyst for some 
of the most profound theoretical developments in 
science in the 20th century. A contemporary problem 
is the failure of the Equipartition Principle in granular 
materials (Feitosa & Menon, 2002), the resolution of 
which may play a fundamental role in the development 
of a comprehensive kinetic theory of granular 
systems. 
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ERGODIC THEORY 


Ergodic theory is the statistical study of groups of 
motions of a space, either physical or mathematical, 
with a measurable structure on it. The origins of ergodic 
theory can be traced back to the mid-19th century when 
containers of gas particles were first viewed as sets of 
randomly moving objects rather than as a collection of 
individual particles moving under known forces. The 
word ergodic was introduced by Ludwig Boltzmann in 
the context of the statistical mechanics of gas particles, 
and it comes from two Greek words ergon (work) and 
odos (path). 

The mathematical setting in which ergodic theory 
is studied is as follows. Starting with a space X that 
represents all possible states of some system which 
changes over time under known forces, a point x € X 
corresponds to one state in the space. The measur- 
able structure consists of a collection of measurable 
sets B on X along with a probability measure jz. The 
measure ;z is a function that associates to each set B 
in B a number between 0 and 1; this number is the 
measure of B and we write its measure as w(B). A 
probability measure has the property that w(X)= 1. 
Instead of tracking the path of each object in the sys- 
tem, one studies the statistical properties of the motion. 
The subject evolved from statistical mechanics applied 
to the study of systems of gas particles moving accord- 
ing to classical laws of physics. In principle, the path 
of each gas particle can be tracked and its entire his- 
tory and future can be known; in practice, the complete 
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determination of the paths of the gas molecules is not 
feasible. 

After ¢ units of time, F;(x) is the point in X 
corresponding to where x ends up. If t € R, then the 
orbit of x is the set {F;(x)|t € R}; F; is called a flow and 
defines an action of the group R on X. Frequently, one 
uses discrete time intervals and writes T” (x) = Fy (x) 
for each integer n, so the orbit of x is a discrete set 
{T"(x)|n € Z} and the group acting on X is Z. In the 
discrete setting the transformation T is the generating 
map T!, and T” is T composed with itself n times. 
In classical ergodic theory, the measure ju is preserved 
under the action; i.e., for any set A € B, (A) = (F;A) 
for allt € Ror u(A) = w(T" A) for all n €Z. One of the 
main advantages of the ergodic theoretic point of view 
is that one can ignore some orbits if they only form a 
set of measure 0 in the space X; therefore, one uses 
the terminology j1-almost everywhere (or for |1-a.e. x) 
to refer to a property that holds on a set of points of 
measure | in X but perhaps fails to hold on some set of 
measure 0). 

Boltzmann’s original ergodic hypothesis has come 
to be known as the statement that time average 
equals space average; he conjectured (in a certain 
classical setting) that for any integrable function f, for 
[-a.e. X, 

n-1 


tim > px) =f fau. 8) 
n>oon =p X 


In this expression, the time average of f for n time 
steps along the orbit of x is represented by averaging 
f(x) with f(Tx), f(T2x),..., and f(T"~!x), since 
each application of T represents the passage of one 
unit of time (the left-hand side of the expression). 
The space average of f is obtained by integrating f 
over the entire space X, giving the right-hand side 
of the expression. For a flow the ergodic hypothesis 
is scat 

tim =f ruRconds= fi fan.) 

toot Jo x 
The conjecture is false as stated; it only holds when 
the action is jz-ergodic, and this realization led to the 
definition of an ergodic action. 

The setting of ergodic theory has been greatly 
enlarged to include the actions of many other 
groups (Zimmer, 1984). A nonsingular action ® of 
a group G on a space (X,B,,) consists of an 
action of G on X such that the map ®:G x 
X-—>X is measurable and for each geG_ the 
map ¢g(x) = ®(g, x) is a nonsingular automorphism 
of X; that is, @g is an invertible measurable 
transformation and for any BeB, u(B)=0 if 
and only if 4(¢,'B)=4(¢,-1B)=0. The group 
operation on G is reflected in the action since 
bg; go (*) = bg, (ex) for all gi, g2€G and almost 
every ([l-a.e.) x. 
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An action is ergodic if whenever ¢g(A) =A for 
all g eG, then (A) =0 or 1. The study has been 
extended beyond group actions to the study of ergodic 
equivalence relations, and the assumption that the 
measure 44 be a probability measure is frequently 
dropped. One also considers the actions of semigroups 
when the action being studied is not invertible. 

The Birkhoff ergodic theorem for a measure- 
preserving transformation T states that the limit of the 
left-hand side in Equation (8) exists for jz-a.e. x, is an in- 
tegrable function f*,and f*(Tx) = f*(x) for p-a.e. x. 
Furthermore, f* is the constant f x fd, the space aver- 
age of f, precisely when the action is ergodic (Birkhoff, 
1931). Any point x satisfying the theorem is called a 
generic point and generates a typical orbit. There are 
many ergodic theorems; perhaps the simplest is the 
von Neumann ergodic theorem (von Neumann, 1932). 
By definition, a function f € L? if f [fd <0o; 
moreover defining f o Tkax= f(T*x), for measure- 
preserving T, f oT* € L? as well. Von Neumann’s 
theorem is also called the Mean or L? ergodic theo- 
rem because while no individual orbit is tracked (no x 
appears in the statement), the average difference (L? in- 
tegral) between the time average and the limit function 
f* must be small. 

Theorem 1. (von Neumann or L? Ergodic Theorem) 
If T is a measure-preserving transformation and 
f €L’, then there is a function f* € L? such that 


I 


If (X,B,) is a probability space and the 
transformation T (or group action) on X is non- 
ergodic, there is a disintegration or decomposition of 
into measures jy, indexed by points y in another 
probability space Y, with its own measure p, such that 
L(A) = Iv Hty(A) dp for every A € B. Furthermore, 
the limit function f* in the ergodic theorems is constant 
with respect to each measure jy; that is, T is Wy 
ergodic for p-a.e. y. The decomposition is independent 
of the function f; this is referred to as the ergodic 
decomposition of the measure jz with respect to T 
(Rohlin, 1949). One of the central problems in ergodic 
theory is to determine when two measure-preserving 
group actions are conjugate via a measure-preserving 
isomorphism. To this end, invariants such as entropy 
and spectral properties have been the subject of much 
study. 

There is a hierarchy of statistical properties associ- 
ated to ergodic actions, including weak mixing, mixing, 
K-automorphisms, and Bernoulli automorphisms. As a 
transformation moves up the hierarchy (in the order 
listed), the more chaotic the behavior of the system is 
expected to be. 
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du>0O as now. 
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ERGODIC THEORY 


Applications to Dynamical Systems and Chaos 


The simplest example of an ergodic transformation 
is irrational rotation on the circle with respect to 
Lebesgue measure. The most random transforma- 
tion is a Bernoulli shift with an independent iden- 
tically distributed measure on it; this includes coin 
tosses. 

Overlaps of the topological setting of dynamical 
systems with ergodic theory exist, and much of ergodic 
theory highlights the interface between the topological 
and measurable structure of a group G acting on 
(X, B, ). In 1935, Hedlund proved the ergodicity of 
the geodesic flow on the unit tangent bundle of a surface 
of constant negative curvature; in 1940, Hopf extended 
the result to establish ergodicity of the geodesic flow on 
arbitrary manifolds with negative sectional curvature. 
In this setting the invariant measure is the Liouville 
measure. 

Modern ergodic theory was started by Andrei 
Kolmogorov with the formal development of Boltz- 
mann’s notion of entropy, and developed in the 
1960’s and 1970’s to include many differentiable ac- 
tions. Applications include fluid dynamics, coding the- 
ory, number theory, complex dynamics, and cellular 
automata. 
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EULER-LAGRANGE EQUATIONS 


EULER’S METHOD 


See Numerical methods 


EULERIAN DESCRIPTION 


See Fluid dynamics 


EULER-LAGRANGE EQUATIONS 

In the dynamics of energy conserving systems there are 
two equivalent formulations: one based on differential 
equations and the other based on the principle of least 
action (Goldstein, 1951). At first glance, these two 
approaches seem to have little in common as one stems 
from iterating infinitesimal changes along a solution 
trajectory, whereas the other depends on evaluating all 
possible paths between two end points and selecting the 
path with the minimum action. 

To see how this goes, consider a simple classical 
system: the nonrelativistic point particle of unit mass. 
In three dimensions this particle has three degrees 
of freedom each labeled by coordinates q;(t) for 
i=1,2,3. The motion of the particle is determined 
by a Lagrangian functional L(q;, qi) which depends 
on both the position components, g;(t), and the 
velocity components, q;(t), of the particle. This func- 
tional is 


L=) [4/2-Vq@]. () 


l 
where V(q;) is some potential in which the particle 
moves; thus, the Lagrangian is defined as the difference 
between the kinetic and the potential energy of the 
system. The motion of the particle is determining by 
minimizing the action, which is the time integral of the 
Lagrangian 


n 

$= fo Laide Q) 
t 

and the path taken by the particle is the one for which the 

action is a minimum. In other words, 5S = 0, where 5 

implies a differential change in S under a small change 

in the path. 

In calculating the equations of motion, a small 
variation in the path of the particle 5q;(t) is assumed 
with the endpoints fixed, that is, dgi(t1) = qi (t2) =0. 
To calculate 65, the Lagrangian is varied with 
respect to both changes in the position and the 
velocity 


5S is > (i f 784i) dt. (3) 


Integration by parts of the last term gives 
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so the condition 5S = 0 implies that 
dL od f0L 
—-—()=0 (5) 
Ogi dt Ogi 


for all i. These are the Euler-Lagrange (EL) 
equations of motion. For the system of Equation (1), 
they are d?q;/dt? + 3V/dq; =0, which is Newton’s 
second law. 

In some cases the motion is constrained, for 
example to curves or surfaces. Such a constraint can 
be expressed as a function f(g;)=0. Augmenting 
the Lagrangian to L=L+Af (where 4 is called a 
Lagrange multiplier) and minimizing S with respect 
to L then yields equations for motion under the 
constraint (Gel’fand & Fomin, 2000). As a simple 
example, consider the system of Equation (1) with 
v= (q? + a + q3)/2 moving under the constraint 
g=q or qi — q2=0. Then the EL equations 
for the augmented Lagrangian L=L+A(qi —q2) 
are d?(qi + q2)/dt? + (qi +q2)=0 and d?q3/dt? + 
q3=0. 

An alternative to the Lagrangian formulation (where 
positions and velocities are the fundamental variables) 
is the Hamiltonian formulation. Here the positions and 
momenta (p;) are independent variables, where 


pi =9L/0qi (6) 


and a Hamiltonian is defined through the Legendre 
transformation 


H(qi, Pi) =), pidi — Li. Gi). (7) 


Because this Hamiltonian is conserved under the 
dynamics, it is often interpreted as the energy of a 
dynamical system. For the example of Equation (1), 


H=)0[4@?/2+V@i]. (8) 


i 


the sum of kinetic and potential energies. 

The generalization from a point particle to a three- 
dimensional field may be viewed as the replacement 
of qi(t) by a field amplitude: ¢(x, y, z, , t) (Goldstein, 
1951). In this case, EL equations can be derived from 
a variational principle applied to an action integral of 
the form 


S = | £(6. 41.0%. 65.0%) dx dy dz dr, (9) 


where £ is a Lagrangian density and the subscripts 
indicate partial derivatives. The condition for minimum 
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action then gives 
aL a AL 
dp Ot OG; 


a 0L 
Ox 0x 


a 0L 
dy Igy 


a aL 
dz 0¢z 





0, 





(10) 


which is the EL equation in field theory. 

A simple example of this field formulation is 
provided by the sine-Gordon equation in three- 
dimensional space. The Lagrangian density is 
given by 





L=3(67-92- 93-42) + (cos@—1), 11) 
for which Equation (10) implies 
Pxx + dyy + bzz — bu = sing. (12) 


Because not all dynamics conserve energy, the 
Lagrangian formulation is not applicable to all 
physically motivated systems. Reaction-diffusion 
equations, for example, are excluded from this class 
(Scott, 2003). 
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EVANS FUNCTION 

Traveling waves are one-dimensional patterns that arise 
in numerous applications, for instance, as defects, 
flame fronts, nerve impulses, shock waves, and 
solitons. Typically, traveling waves are only observed 
in experiments or in numerical simulations if they are 
stable. 

In the early 1970s, Evans developed a number of 
tools designed to determine the stability of pulses, that 
is of traveling waves that are localized in space as 
solutions to a system of partial differential equations 
(PDEs) (Evans, 1975). The class of PDEs considered 
by Evans serve as models for the propagation of 
impulses in nerve axons that include the FitzHugh— 
Nagumo equation and the Hodgkin—Huxley equations. 
The strategy to determine the stability of waves consists 
of two steps: (i) linearize the nonlinear PDE about 
the wave and calculate the spectrum of the resulting 
linear operator, and (ii) show that the wave is stable 
for the nonlinear PDE if the spectrum contains no 


EVANS FUNCTION 


unstable elements. This entry focuses on the first step, 
see Sandstede (2002) for references concerning (ii). 

The spectrum of the linearization £ about a pulse ora 
front is the union of two sets, namely the point spectrum 
(which consists of all isolated eigenvalues) and the 
essential spectrum (which is also often referred to as 
the continuous or radiation spectrum). The essential 
spectrum can be computed easily as it involves only 
the homogeneous background states of the pulse or 
front. 

The key problem is therefore to find all isolated 
eigenvalues in the complement Q of the essential spec- 
trum in the complex plane. To address this issue for his 
class of nerve-axon models, Evans constructed an ana- 
lytic function D(A) (now referred to as the Evans func- 
tion) that maps the region Q into the complex plane with 
the property that D(A) vanishes precisely at isolated 
eigenvalues of the linear operator £. In fact, the order 
of a root A, of the Evans function D(A) coincides with 
the algebraic multiplicity of 4, as an eigenvalue of L. 
Here, ¢ is the order of a root A, of D(A) if the first 2— 1 
derivatives of D(A) vanish at 4, but the €th derivative 
does not. 

Note that, if the underlying PDE is invariant under 
space translations, then 4=0 is an eigenvalue. The 
corresponding eigenfunction is given by the spatial 
derivative of the wave. Hence, if 1 =O is not in the 
essential spectrum, the Evans function D(A) vanishes 
at 4 =0. Proving linear stability of a pulse, therefore, 
amounts to calculating the Evans function D(A) and 
showing that it does not have any zero in the closed 
right half-plane except possibly a simple zero at A = 0. 

The derivative D’(0) is actually given by the 
Melnikov integral, computed with respect to the wave 
speed, c, of the pulse. This integral measures how the 
stable and unstable manifolds of the background state 
intersect as the wave speed c of the pulse is varied. In 
other words, if the existence problem of the wave is 
understood well enough, then D’(0) is computable. 

This can be exploited as follows. The Evans function 
D(A) is, in fact, real whenever 2 is real, and D(A) 
can be normalized so that D(A) > 0 for all sufficiently 
large A >> 1. Here, 2 is the temporal growth rate so that 
unstable eigenvalues have positive real part. Thus, if 
D'(0) <0, then the pulse is necessarily unstable with 
an odd (and therefore nonzero) number of unstable real 
eigenvalues. Consequently, the derivative D’(0) of the 
Evans function provides a parity instability index. 

The function D(A) introduced by Evans was then 
later used by Jones and by Yanagida to prove that the 
fast pulse arising in the FitzHugh—Nagumo equation is 
stable. Both proofs used the parity index introduced 
above: after establishing that there is precisely one 
eigenvalue besides 4 = 0 that lies close to the imaginary 
axis or in the right half-plane, a computation of the 
parity index at A =0 showed that it is positive, so that 
the other eigenvalue must lie in the left half-plane. 
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Figure 1. The three illustrations show typical spectra of the 
linearization about (a) a stable pulse in a dissipative PDE, (b) 
a soliton in an integrable system, and (c) a viscous shock wave. 
The horizontal and vertical axes are (Re A, Im). The point and 
essential spectrum are shown as discs and lines, respectively. 


Alexander et al. (1990) developed the Evans function 
further and also related it to certain topological 
invariants. Since then, Evans-function calculations 
have been utilized in various applications, for instance, 
in nonlinear optics, plasma physics, and thin films 
(Sandstede, 2002; Zumbrun, 2001). 

An important class of PDEs to which the Evans 
function has been applied is singularly perturbed 
equations that exhibit two different spatial scales. In this 
situation, the Evans function can often be calculated 
from the Evans functions for the slow and the fast 
subsystem (Doelman et al., 2002). 

The Evans function is also a useful tool for 
investigating the stability of multi-hump pulses, or n- 
pulses, which are composed of n widely separated 
copies of a primary pulse. If the primary pulse is 
stable, so that 1 = 0 is a simple eigenvalue, then such 
an n-pulse has exactly n critical eigenvalues near the 
origin which encode the interaction properties of the n 
individual pulses. These eigenvalues can be calculated 
using the Evans function (Sandstede, 2002). 

The original construction of the Evans function 
works only outside of the essential spectrum. For 
Hamiltonian PDEs, the essential spectrum of stable 
pulses lies on the imaginary axis, see Figure 1(b). 
Thus, it is possible that eigenvalues move out of 
the essential spectrum and into the right half-plane 
once a small perturbation is added to the underlying 
PDE. The points in the essential spectrum from which 
such eigenvalues can potentially emerge and the exact 
location of the bifurcating eigenvalues for concrete 
perturbations can be found by extending the Evans 
function across the essential spectrum. For integrable 
PDEs such as the Korteweg-de Vries or the nonlinear 
Schrédinger equation, it is possible to compute the 
extended Evans function explicitly using inverse 
scattering theory (see Kapitula & Sandstede (2002) for 
references). 

Similar issues occur for the linearization about vis- 
cous shock waves where the essential spectrum always 
touches the origin, see Figure 1(c). An extension of the 
Evans function across the essential spectrum to a full 
neighborhood of 4 = 0 allows one to generalize the par- 
ity instability index, given by an appropriate sign con- 
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dition on the derivative D’(0), to viscous shocks. In ad- 
dition, the extended Evans function plays an important 
role in the nonlinear stability analysis of viscous shocks 
(Zumbrun, 2001). 
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EVAPORATION WAVE 


Under special conditions a liquid can be superheated to 
afew hundred degrees Celsius above its nominal boiling 
point. The thermal energy associated with this excess 
temperature can be released by rapid evaporation, also 
called a vapor explosion. The largest explosions on 
Earth are vapor explosions in the form of volcanic 
eruptions. For example, the Mount St. Helens blast 
was estimated at 400 Mtons TNT equivalent (Decker & 
Decker, 1981), which is nearly the sum of all worldwide 
nuclear explosions to date (about 500 Mtons). 

Vapor explosions also pose a hazard in industry. In 
one incident, 1001b of molten steel fell into an open 
trough containing 78 gallons of water. The resulting 
explosion killed one person and injured many, cracked 
the 20-in. thick concrete floor, and shattered 6000 panes 
of glass (Reid, 1976). If a vapor explosion involves 
a flammable liquid, then the physical explosion can 
transition to a more powerful chemical explosion. 

An evaporation wave is a vapor explosion that pro- 
ceeds across the system with an identifiable propagation 
velocity. Evaporation waves are an interesting example 
of self-organized dynamical complexity and comprise 
a controlled form of vapor explosion that facilitates 
the detailed study of liquid fragmentation and dispersal 
mechanisms. 

Liquid superheating is caused by cohesion be- 
tween molecules. Hence, bubbles—even very small 
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Figure 1. Existence region for superheated liquid from the 
Redlich-Kwong (R—K) equation of state. R-K predicts universal 
behavior in a reduced coordinate system. 


ones that reside in most liquids under normal 
conditions—comprise weak spots that inhibit super- 
heating. Even a completely pure liquid can only be su- 
perheated to a point, called the superheat limit, where it 
becomes mechanically unstable. The theoretical super- 
heat limit occurs at a locus of states called the spinodal 
curve (Debenedetti, 1996). Superheated liquid can exist 
between the saturation and spinodal curves as shown in 
Figure 1. The amount of superheat is quantified by the 
excursion of the liquid state from the saturation curve, 
for example, the degree AT by which the liquid temper- 
ature exceeds the equilibrium temperature at its pres- 
sure. 

The specific enthalpy required to evaporate a liquid is 
the latent heat of evaporation L. A superheated liquid 
stores an excess specific enthalpy CpAT, where Cp 
is the liquid specific heat at constant pressure. The 
Jakob number, Ja=(C,AT)/L, is equal to the liquid 
mass fraction x that can evaporate adiabatically at 
constant pressure. If Ja > 1 then complete evaporation 
can occur. This condition is possible in retrograde 
liquids, which are those possessing a sufficiently 
large specific heat (Thompson et al., 1986). Nowhere 
near complete evaporation is required to produce 
quasisteady evaporation waves. However, sufficient 
evaporation must occur so that the liquid phase is swept 
along by the vapor; otherwise, the upstream liquid will 
cool and the process will quench. 

The first mention of an evaporation wave appears 
to have been by Terner (1962), who performed ver- 
tical shock tube experiments on heated water. Terner 
believed that an evaporation wave followed depressur- 
ization, though he did not definitively show it. 

The first direct observation appears to have been by 
Friz (1965), who studied the expulsion of superheated 
water from a vertical glass tube into the atmosphere. 
The tube was sealed on top by a diaphragm, and the 
water was heated to temperatures from 105°C to 125°C. 
The gas space above the water was pressurized to 
3.5 bar, whereupon a cutter was activated to puncture 
the seal. Friz describes that upon depressurization “a 
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Figure 2. Schematic diagram of an evaporation wave (a), and a 


photograph of an evaporation wave in freon-12 at 20°C (b). The 


front is moving down at 0.6m sl, 


great number of bubbles” formed throughout the water 
column. An “acceleration front” several centimeters 
thick then propagated into the bubbly mixture at 
1-2 ms~!, transforming it into a spray that was ejected 
upward. The many bubbles were probably caused by 
pre-pressurization, which increased the amplitude of 
the initial expansion wave so that it reflected from the 
test cell base in tension, causing cavitation. 

Grolmes and Fauske (1970) performed similar ex- 
periments in heated water, freon-11, and methanol. 
Their configuration was like Friz’s, except that (i) the 
initial pressure was the vapor pressure, and (11) the fluid 
was expelled into a nearly evacuated reservoir. By pay- 
ing careful attention to the liquid purity and test cell 
cleanliness, they were able to suppress all nucleation 
within the liquid column. Upon depressurization boil- 
ing erupted on the liquid surface and proceeded with 
sufficient vigor to expel the generated spray from the 
container as depicted in Figure 2a. The boiling surface 
receded at a constant average rate of 0.3—0.5 m s~!, de- 
pending on the liquid and conditions. 

Thompson et al. (1987) performed similar ex- 
periments on the retrograde fluorocarbon perfluoro- 
n-hexane (C6Fi4). At the highest (nearly critical) 
temperatures, the lead expansion wave attempted to 
lower the pressure past the superheat limit, whereupon 
homogeneous nucleation erupted and blocked the drop. 
An approximate plateau was maintained near the spin- 
odal, into which a slower evaporation wave propagated 
in a manner similar to Friz’s. Such wave splitting oc- 
curs when material properties abruptly change within 
the wave, in a way that lowers the sound speed. At lower 
temperatures, homogeneous nucleation likely erupted 
upon reflection of the initial expansion wave from the 
test cell base, and an evaporation wave initiated after 
the reflected wave reached the free surface. The waves 
became progressively less distinct as the initial temper- 
ature was lowered, presumably because heterogeneous 
nucleation from the metal side-walls and the transducer 
ports became increasingly important. 

Shepherd and Sturtevant (1982) performed exper- 
iments on butane drops that were heated slowly in 
an ethylene glycol host fluid to the superheat limit 
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(AT = 105°C), whereupon they exploded with a sharp 
“crack.” High-speed photographs showed that evapo- 
ration initiated at a single nucleation site at or near the 
drop surface and spread into pure liquid as a miniature 
evaporation wave resembling Grolmes and Fauske’s. 
Thus, heating to the superheat limit has produced waves 
in pure liquid, whereas depressurizing to the superheat 
limit has produced waves in bubbly liquid. 

Shepherd and Sturtevant suggested that the Landau 
instability of premixed flames was the essential 
fragmentation mechanism. Frost and Sturtevant (Frost, 
1988) repeated the exploding droplet experiments in 
pentane, iso-pentane, and ethyl ether. They obtained 
several photographs in which the evaporating interface 
had a mottled texture resembling an orange peel. 
This suggested that they had caught the interface at 
the early stages of instability, which they believed 
grew to the point of pinching off droplets to produce 
the observed rough-looking interfaces and spray flow. 
About the same time Mesler (1988) proposed that the 
secondary nucleation mechanism of surface boiling— 
whereby receding film-caps from ruptured bubbles 
strike the liquid surface and entrain vapor to create new 
nucleation sites—was responsible. 

Hill and Sturtevant (Hill, 1991) performed Grolmes 
and Fauske-type experiments in freons 12 and 114, with 
the goal of observing detailed propagation mechanisms. 
Figure 2b is a photograph from that study. Several 
observations suggested that a three-step cycle occurs: 
(i) bubbles grow at the leading edge in accordance 
with classical theory; (ii) these are consumed en 
masse by fragmentation waves that sweep around the 
bubbly layer transversely to the main propagation at 
speeds of order the axial flow, and which shatter 
the superheated interstitial liquid into droplets; (iii) a 
small fraction of the droplets are propelled forward 
to strike the leading edge and nucleate new bubbles 
a la Mesler. Whether such behavior extends toward 
the superheat limit, or whether a nucleation-free 
evaporative instability dominates at some point, is 
unknown. 

Simdes-Moreira and Shepherd (1999) performed 
similar experiments in heated dodecane (C}2H26)—a 
highly retrograde liquid—with the intention of observ- 
ing complete evaporation waves. For Ja>1 a simple 
plane evaporation wave, or a convoluted but simply 
connected surface like Frost’s “orange peel,” would 
be energetically admissible. Instead they observed a 
scenario qualitatively like previous experiments, ex- 
cept that the droplets evaporated in the downstream 
flow. 

From a gas-dynamic viewpoint an evaporation wave 
is analogous to a flame in a combustible mixture. 
Both are classified as deflagrations, or exothermic 
discontinuities. The ideal theory (e.g., Hayes, 1958) 
considers a plane, steady wave. The conservation 
equations for mass, momentum, and energy are applied 
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between the upstream state 1, and an arbitrary state in 
the reaction or evaporation zone. The flow is assumed 
to be one-dimensional (no turbulence), and viscosity 
and heat conduction are neglected. Eliminating the 
fluid velocities between the three conditions yields the 
Hugoniot curve H, which specifies the locus of possible 
downstream states given 1: 





hy —h(v, P) = 5 (Pi — P)(vi + v), (1) 


where /h is the specific enthalpy, P is the pressure, 
and v is the specific volume. Combining the mass and 
momentum equations gives the Rayleigh line R: 


P—P, 


Vv—- VU, 





= —(91 Vy)? = —rh?, (2) 


a line in P-v space with negative slope equal to the 
square of the mass flux m. Since the same value 
of m applies throughout the structure of the steady 
wave, 7e traces the locus of states in the reaction or 
evaporation zone. Steady wave solutions are given by 
the intersection of R, with H evaluated at the end 
state 2. 

We now specialize the analysis to an evaporation 
wave with pure (or nearly pure) upstream liquid, with 
a two-phase downstream mixture described by 


h=hl— x)+hyx and v= (1 — x) + wx, GB) 


where x is the mass fraction of vapor, and / and 
v denote the liquid and vapor phases. We neglect 
slip between the two phases keep to and invoke four 
additional assumptions that are each usually accurate to 
a percent or better: (i) the liquid enthalpy is conserved 
upon depressurization from the initial state 0 to the 
established upstream state 1 (hp =h1); (ii) the liquid 
density is constant throughout (9 = p1 = pi = p12); 
(iii) the vapor density is small compared with the liquid 
density (oy < p;)—true except near the critical point; 
(iv) the kinetic energies are small compared with the 
thermal energy (x2 = Jaz). 

In the evaporation zone the liquid droplets are still 
somewhat superheated, with bulk enthalpy (averaged 
over a cross-section) h;. Motivated by the reaction 
progress variable used in combustion, we define an 
evaporation progress variable,O << 1: 


ho—h 
VE ewe Ss (4) 
ho — hig(P) 


where hjg(P) is the equilibrium liquid enthalpy. The 
Jakob number is then written as 


ho — hig(P) 


Ja(P) = ———_.. 
a is (P= his) 


(5) 
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Figure 3. Thermodynamic construction for an evaporation 
wave—the liquid expansion isentrope, Hugoniot curve, Rayleigh 
line, and Chapman—Jouguet point. 


Combining Equations (3b)-(5) with the energy 

equation gives an implicit formula for H: 
vy(P)A Ja(P) 

1—Ja(P)( —A)’ 





v=v04 (6) 

Equation (6) is plotted in Figure 3 for several values 
of A. A particular R is overlaid, which intersects H 
in two places. The high-pressure intersection at 2w 
is the weak solution; the low-pressure intersection at 
2s is the strong solution. One can show that the end 
state 2 is subsonic for the weak branch and supersonic 
for the strong branch. In progressing along R from 1 
to 2w, the local state crosses increasing values of A. 
This is a physically realizable process. But there is 
no physical way for evaporation to proceed beyond 
2w to 2s—which is why strong deflagrations are not 
observed. 

In the special case where 7 intersects H at the 
tangency point the emerging flow is exactly sonic; 
this is the Chapman—Jouguet (cj) point. It is clear 
from Equation (2) and Figure 3 that for a given 
1, 2cj defines the maximum allowable wave speed. 
In some experiments, the test cell is choked, which 
corresponds to sonic outflow in the laboratory frame. In 
an evaporation wave, the two-phase flow speed is much 
faster than the wave speed, such that the difference 
between the laboratory and wave frames is negligible. 
Therefore, if an unobstructed test cell of constant cross- 
sectional area is choked, the wave can be considered cj. 

Combining F with H evaluated at 2 gives an explicit 
equation for the wave speed: 


_ |v bP2 = Vy(P) 
Vy = TP)’ where Jk(P) = Ja(P) ( a ) 


and 








6P=P,—P. (7) 
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Figure 4. Plot of the evaporation wave speed relation, Equation 
(7), for freon-12. 


5Pz is the overall wave pressure-amplitude, one 
measure of its strength. Jk is a useful alternative 
definition of the Jakob number that arises about as 
frequently as Ja, and which unfortunately goes by the 
same name (and usually the same symbol). 

The liquid initial conditions vo and ho, and the 
external reservoir pressure P,, are set a priori and 
remain essentially unchanged after depressurization. 
Assuming that the test cell is long enough for 
equilibrium to be achieved at or before the exit: if 
the flow is unchoked (weak solution), then P2 = P;; 
if the flow is choked (cj solution), then P2 > P, and a 
sonic condition applies that specifies P,. But P), and 
therefore 6 Po, is unknown. 

Figure 4 plots Equation (7) for various values of P}. 
Each curve has a velocity maximum, representing its 
own cj solution, the locus of which is given by 


Vig (8) 
—dJk/dPs 


Predicted and measured wave speeds can deviate by up 
to 50%. Two issues likely dominate. First, the theory 
assumes the flow to be strictly one dimensional, but 
Hill’s experiments show that the transient lateral flow 
velocity in the evaporation zone is of order the mean 
axial velocity. This results in a higher-than-calculated 
pressure drop. Second, evaporation is very rapid where 
fragmentation occurs, but slows downstream where 
droplets are convecting. Thus, the end state 2 may not 
exist within the tube. 

To close the theory—to calculate the wave speed 
without measuring P;—we must add a statement about 
the physical mechanisms peculiar to evaporation waves. 
This task is actually simpler for waves in bubbly liq- 
uids than for waves in pure ones. For Thompson et al.’s 
highest-temperature experiments, the upstream state 
was essentially at the superheat limit, which can be 
computed from initial conditions. In Friz’s experiments, 
there was time for multiple acoustic reflections in the 
upstream liquid. He assumed P to be the equilibrium 
value at the initial temperature, which gave reasonable 
results. 


EXCITABILITY 


For waves in pure liquids there is no upstream 
nucleation to modulate the pressure, and one must 
address the boiling dynamics in the evaporation zone. 
The problem is analogous to the calculation of flame 
speed, which is controlled by the rate of heat conduction 
(and often convection) from the reaction zone to the 
reactants. This is where transport properties such as 
thermal and mass diffusivity enter. No such physically 
based model exists for evaporation waves, although 
Reinke and Yadigaroglu (2001) have proposed an 
empirical correlation based on existing data. 


Larry HILL 


See also Dimensional analysis; Explosions; Flame 
front; Fluid dynamics 
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EXCITABILITY 


Nineteen century natural history identified irritability— 
the active response to stimulation—as a characteristic 
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of living systems; this vague concept has developed 
into excitability, a characteristic of some nonlinear 
systems. 

An excitable system has a stable resting state, 
and the response to a small brief perturbation is 
small, with an amplitude that varies smoothly with the 
perturbation amplitude. The response to a sufficiently 
large perturbation, above a threshold, is qualitatively 
different, undergoing a stereotyped, large amplitude 
excursion in at least one of the state variables before 
return to the resting state. For a spatially extended 
excitable system, the subthreshold response is localized 
while the suprathreshold response is a traveling wave, 
or traveling wave train. This dynamics—a stable 
steady state (a mathematical, but not thermodynamic 
equilibrium), a threshold, and a return to the steady 
state—requires at least two processes, a fast nonlinear 
excitation and a slower recovery process. 

The excitation process can be exemplified by the 
bistability of a candle. The unlit candle is stable, and 
the threshold for igniting the candle arises from a 
positive feedback, with heat melting and vaporizing 
the wax, and the vapor providing the fuel sustaining 
the flame. This positive feedback loop gives the all-or- 
none nature of the flame—either it is self-sustaining 
or not, and the threshold separates these two states. 
The burnt candle is stable; there is no recovery 
process. 

An example of excitation and recovery is provided 
by the nerve impulse, where the resting state potential 
is stable and the energy required for the action potential 
is obtained from the electrochemical gradients across 
the membrane. The voltage dependence of the Na* 
conductance provides the positive feedback. Recovery 
is by the slower, voltage-dependent K* conductance, 
and propagation by spread of depolarization along 
the fiber (Cole, 1968; Aidley, 1998). In both these 
examples, the spatial spread of activity can be 
considered as traveling-wave solution of a reaction- 
diffusion equation in which there is a balance between 
the active nonlinear term and the diffusive term. In 
typical chemical excitable systems, all the variables 
diffuse, with similar diffusion coefficients; in nerve 
and muscle excitation only the fast excitation variable 
(transmembrane voltage) spreads and there is only 
one nonzero diffusion coefficient. The velocity of 
the traveling-wave solution varies as the root of the 
diffusion coefficient. 

The simplest excitable dynamical system has two 
kinetic variables, a fast excitation u and a slower 
recovery v 


edu/dt = f(v,u), dv/dt = g(v, u), (1) 


and the nullcline for the fast excitation system has the 
characteristics of a cubic that is, for a range of u values 
the solution of f(v,u)=0 has three branches. If, as 
in Figure 1, the nullclines have a single intersection 
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dv/dt = 0 


du/dt = 0 








u 


Figure 1. State space of two-variable excitable system, with u 
the fast excitation variable and v the slower recovery variable. 
There is a stable equilibrium and a single suprathreshold 
response. 





on the left branch, there is a single globally stable, 
but excitable, steady state. A large enough perturbation 
gives a trajectory that jumps to the right branch, moves 
slowly close to the right branch, and then jumps back to 
the left branch, returning slowly to rest. If the nullclines 
intersect on the central branch the resultant equilibrium 
can be unstable, and the system is no longer excitable 
but oscillatory. 

The key concepts of excitability—threshold and 
all-or-none response—came from the physiology of 
nerve and muscle tissue. Nerve and muscle are 
electrically excitable tissues; their excitability is 
electrochemical, due to nonlinear membrane current- 
voltage relations produced by voltage-dependent con- 
ductances. The suprathreshold response is the action 
potential that acts as a trigger, where the intensity of 
the response is determined by the rate of action po- 
tentials. Repetitive activity—that can be idealized as a 
periodic response—is a biologically significant behav- 
ior and may be forced, by inputs to an excitable sys- 
tem, or endogenous, as in a pacemaking system, due 
to stable limit cycle surrounding an unstable equilib- 
rium when the equilibrium state loses its stability at a 
Hopf bifurcation as a parameter (say, an applied cur- 
rent or maximal membrane conductance) is changed. 
Also rate coding phase synchronization effects can be 
significant—synchronization of bursting discharges in 
the mammalian central nervous systems provides a 
candidate mechanism for cognitive effects (Eckhorn, 
1999). In spatially extended cells, there can be repetitive 
traveling-wave trains—effectively one-dimensional in 
anerve fiber, and three-dimensional in heart muscle. In 
the heart three-dimensional scroll waves provide the 
mechanism for re-entrant arrhythmias that can lead 
to sudden cardiac death. Some intracellular systems 
show chemical excitability: a localized increase in in- 
tracellular [Ca?*] can trigger calcium-induced calcium 
release from intracellular organelles, producing intra- 
cellular calcium oscillations, or traveling waves. An ex- 
ample is a [Ca’+] wave triggered by fertilization of 
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an oocyte (Dupont & Goldbeter, 1997). Chemical ex- 
citability, via cyclic AMP triggering cellular release of 
cyclic AMP, underlies the wave phenomena seen in the 
aggregation of the slime mold Dictyostelium, a simple 
example of morphogenesis (Tyson & Murray, 1989). 
In all these biological examples, high-order, mecha- 
nistically detailed stiff systems of equations have been 
developed, validated, and investigated numerically, but 
much of the essential phenomenology can be captured 
by low-order caricatures. Simple models of biological 
populations can also show excitable behavior, for ex- 
ample, the initiation of an epidemic. 

The Belousov—Zhabotinsky reaction, initially devel- 
oped as an oscillatory organic reaction as an analogue 
of biochemical oscillations, was the first of several au- 
tocatalytic chemical reactions that, in a flow reactor 
with concentrations that allow bistability, addition of 
a feedback species can lead to oscillations (Sagues & 
Epstein, 2003). These chemical oscillatory systems, in 
thin films and bulk media, also show traveling waves— 
target patterns, spirals, and scrolls—and with some 
parameter values are excitable. Models of autocat- 
alytic processes with cubic excitable kinetics are widely 
used to represent oscillatory and wave phenomena in 
chemistry, especially combustion problems (Gray & 
Scott, 1990). 

ARUN V. HOLDEN 


See also FitzHugh-Nagumo equation; Hodgkin— 
Huxley equations; Hopf bifurcation; Nerve im- 
pulses; Neurons; Periodic bursting; Threshold phe- 
nomena 
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See Reaction-diffusion systems 
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EXCITONS 


Traditionally, an exciton is defined as a quantum of 
electronic excitation energy traveling in a periodic 
structure, whose motion is characterized by a wave 
vector. It is generated when an electron from a 
filled electronic orbital of a molecule is transferred 
through an optical or electrical excitation to a 
high-energy unoccupied electronic orbital, leaving 
behind it a hole. Coulomb interaction binds the 
excited negative electron and the positively charged 
hole producing an electrically neutral bound state, 
and this bound electron-hole pair is the exciton. 
Once created the exciton can be destroyed through 
emission of light (radiative recombination) or heat 
(nonradiative recombination), electron-hole separation 
(exciton dissociation), and subsequent absorption of 
the electron by an acceptor site (electron transfer). It 
can change its spin state through intersystem crossing, 
while at high excitation densities, excitons can mutually 
collide and dissociate (exciton-exciton annihilation). 
Furthermore, the whole excitation can move to other 
sites leading to energy transfer, one of its most 
important properties. 

Excitons occur in molecular crystals, inorganic 
semiconductors, and conjugated polymers. Three dif- 
ferent types of excitons are known. The Frenkel 
exciton is an electronic excitation of a single molec- 
ular unit with both electron and hole located on the 
same molecule. As any molecule is equally likely 
to be excited and if there is nonzero coupling be- 
tween adjacent molecules, this exciton is transferred 
from one molecular unit to another. Frenkel exci- 
tons appear in ionic, molecular, and noble gas crys- 
tals having a typical binding energy of 1 eV. In the 
Wannier exciton the electron-hole distance is much 
larger than the lattice spacing, and the Coulomb in- 
teraction gets screened by the crystal dielectric con- 
stant forming a hydrogen-like bound system. They 
appear mostly in inorganic semiconductors and have 
a small binding energy of about 0.1 eV and a large 
radius of typically 50 A. Finally, the charge-transfer ex- 
citon is intermediate between Frenkel and Wannier ex- 
citons with an electron-hole distance of a few lattice 
spacings. 

Although excitons are neutral they can be found 
in definite spin states depending on the relative ori- 
entation of electron and hole spins. For antiparal- 
lel electron-hole spins a singlet exciton with total 
spin zero is formed with short lifetime of the or- 
der of picoseconds due to fast decay through an 
optically allowed transition leading to fluorescent emis- 
sion from this state. There are also three degener- 
ate spin one states leading to a triplet exciton that 
produces emission termed “phosphorescence.” Op- 
tical transitions between triplet excited and single 
ground state are not allowed due to the forbidden 
spin flip, resulting in conjugated polymers in triplet 
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exciton lifetime of the order of milliseconds at low 
temperatures. Thermal energy assists triplet motion 
and at higher temperatures exciton motion process in 
an incoherent diffusive mode, although some quan- 
tum mechanical coherence may be retained. Coher- 
ent exciton dynamics at finite temperatures is in- 
vestigated theoretically through generalized Langevin 
equations. 

Self-trapped excitons (STEs) form a special class 
of excitations that involve excitons coupled strongly 
to vibrational degrees of freedom of molecules. Low- 
dimensional and, in particular, quasi-one-dimensional 
materials are ideal systems for studying STEs because 
reduced dimensionality results in strong electron- 
phonon interaction. Systems under experimental study 
include halogen-bridged MX materials, where X is 
a halogen (chlorine, bromine, etc.) and the metal is, 
for instance, platinum or crystalline hydrogen-bonded 
acetanilide (ACN). 

The STE can be of electronic or vibrational na- 
ture if, in the latter case, specific vibrational modes 
couple strongly to other phonon system modes lead- 
ing to vibron excitons. In ACN, C=O as well as 
NH stretching modes have been linked with STEs 
through the temperature dependence of specific peaks 
in their absorption spectra, while in the metal-halogen 
material PtCl, resonant Raman spectroscopy experi- 
ments have indicated the existence of self-localized 
modes. 

From a more formal point of view, STEs can 
be classified as polarons, solitons, or (discrete) 
breathers, and depending on their specific nature, they 
may have some differences in their precise physical 
properties. A generic mathematical model for exciton 
self-trapping is provided by the discrete nonlinear 
Schrédinger equation (DNLS) or discrete self-trapping 
equation 


dWn 
i z = EnWn + Vn + Vn-1) 


where w» is the probability amplitude for an exciton to 
be located in a molecular unit at a crystal site n with 
local energy €,, V is the nearest neighbor overlap, and 
y is proportional to exciton-phonon coupling. In this 
approximate, semiclassical description, the nonlinear 
term in the equation arises from strong electron-phonon 
coupling in the original exact problem that can be 
introduced, for instance, by a model suchas the Holstein 
model for molecular crystals. The conserved number 
Es |Wn|2=N of the DNLS equation corresponds to 
the number of excitation quanta present in the system. 
In the weak coupling limit where V — 0, the STEs of 
DNLS are completely localized in a given site with 
energy equal to 





yIVnl?Wa, CD) 


Ey =Ne- EN? (2) 
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where all local site energies are taken to be identical, 
that is, ¢, =e for all n. The energy of the STE is 
thus lower than Ne, the energy of the delocalized 
exciton and also red-shifted by an amount that grows 
quadratically in the number of quanta N. These spectral 
features have been observed experimentally in spectra 
of both PtCl and ACN as well as in other systems. 
Precise theoretical analysis of resonant Raman spectra 
of PtCl as well as femtosecond infrared pump-probe 
spectroscopy experiments in ACN that go beyond the 
weak coupling DNLS energy in Equation (2) have 
demonstrated the existence of STEs in these systems. 
In the case of ACN, an amide-I exciton lifetime of the 
order of 2 ps was found. If, as originally conjectured by 
Davydov, similar modes with larger lifetimes exist in 
biological macromolecules such as proteins, STEs may 
participate in energy transfer processes of biological 
significance. 

G.P. TsiRonis 


See also Davydov soliton; Discrete breathers; 
Discrete nonlinear Schrédinger equations; Discrete 
self-trapping system; Polaritons; Polarons 
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EXPLOSIONS 


The English word explode comes from the Latin 
word explodere, which means to drive an actor 
from the stage by rhythmic clapping. In applied 
science, a sudden deposition of energy leads to an 
explosion. Since on a streamline of a flow we have 
dE/dt = — pdv/dt (where E is internal energy, tf is 
time, p is pressure, and v is volume), rapid deposition 
of energy will give high pressure, or rapid motion as 
volume expands, or both. How large and how rapid the 
energy deposition must be to have an explosion depends 
on external circumstances, so the concept of explosion 
is investigated here by looking at some examples. 


EXPLOSIONS 


Low Explosives and Propellants 


The words energetic materials are used to describe sub- 
stances that have fuel and oxidizer in the same molecule 
or in separate molecules intimately mixed. Production 
and purification of potassium nitrate (KNO3) were the 
keys to making materials that burned rapidly and could 
be used for fireworks, frightening enemies, setting en- 
emy ships on fire, and entertainment at fairs. After 1300 
AD, these materials were used in guns, and the mixtures 
were improved for better performance. High-strength 
black powder is about six parts of potassium nitrate 
and one part each of charcoal and sulfur. Black powder 
has been replaced by smokeless powders made from 
nitrocellulose or nitrocellulose with nitroglycerin, with 
various additives. Modern rocket motors usually use a 
coarse mixture of ammonium perchlorate (NH4C1O4) 
as oxidizer, and rubber, aluminum powder, and high ex- 
plosive molecules as fuels. Black powder was used in 
mining from 1650 to 1900; it has since been replaced 
by high explosives. 

All of these materials deliver their energy by burning, 
which is also called deflagration. That is, energy is 
transferred from the reacting region forward to ignite 
the unreacted material mainly by heat conduction. The 
wave speed of the flame is slow compared with the 
speed of sound, so that the pressure is nearly constant 
in the flame. The distance from the reacting region to 
the wave front varies with the pressure, so the speed of 
the flame and its rate of release of energy depend on the 
external confinement. In a mine, the apparent power of 
black powder varies with the strength of the rock and 
the existing cracks in the rock. The powder in a gun is 
usually in the form of separate pellets or grains, and the 
rate of burning depends on the exposed surface area that 
supports the flame. As the projectile moves along the 
barrel, the volume to be occupied by the gases increases 
at an accelerating rate. It is advantageous to have the 
rate of burning also accelerate, and this is accomplished 
by shaping the grains. For example, the grains may be in 
the form of cylindrical pellets with a number of holes 
parallel to the axis. As the pellet burns, the holes are 
enlarged, exposing more area and accelerating the rate 
of gas production. 


High Explosives 


High explosives are also energetic materials with the 
fuel and oxidizer in intimate mixture or in the same 
molecule. They explode by a process called detonation, 
and the speed of the reaction is 100,000—10,000,000 
times faster than burning in the same material. The 
rapid reaction produces extremely high pressures and 
speeds. It also makes the detonation process almost in- 
dependent of confinement or boundary effects. High 
explosives detonate the same way every time, without 
being influenced by exterior changes. 


EXPLOSIONS 


Detonation proceeds as a wave traveling at high 
speed, from 4000 to 9000 ms! in various explosives, 
with a shock wave at the front of the wave structure. The 
compression in the shock heats the explosive enough to 
make it react rapidly. The energy released in the reac- 
tion supports the shock. The shock is supersonic, going 
as fast as the available energy can drive it, so nothing oc- 
curs ahead of the shock. In the reaction zone the flow is 
subsonic so energy can be transferred, but at the end of 
the reaction zone the flow becomes supersonic, and any- 
thing that happens in that supersonic flow cannot come 
forward to affect the reaction zone. It is for these reasons 
that the detonation is almost independent of the external 
conditions. Only at the edges can it be perturbed. 

High explosives were discovered about the middle 
of the 19th century by chemists developing new dyes. 
Ascanio Sobrero, an Italian chemist, first prepared 
nitroglycerin and several other high explosives in 1846 
and 1847. Alfred Nobel in 1864 developed a method of 
initiating nitroglycerin reliably by a fast compression 
wave, or shock wave, but it was dangerous to handle 
and ill-suited to mining operations. In 1867 Nobel was 
granted a patent for an explosive prepared by mixing 
nitroglycerin with a porous absorbent such as charcoal, 
diatomaceous earth, or fine sawdust. This explosive, 
called dynamite, proved to be just what was needed 
for the developing industrial revolution. In a few years 
it replaced black powder throughout the world. Many 
compositions competed with dynamite: a dictionary 
of explosives published in 1891 listed more than a 
thousand explosives. 

After the middle of the 20th century, dynamite 
was replaced by explosives prepared from ammonium 
nitrate and fuel oil as granular mixtures, as slurries, 
or as emulsions. In the United States alone the annual 
use of high explosives is more than five billion pounds 
per year, or nearly 20 pounds for each person. A 
pound of explosive will break about 3000 pounds of 
rock, so about 60,000 pounds of rock is broken for 
each person in the United States each year. A large 
fraction of the explosive is employed to break the 
rock overburden of coal seams, other uses are in other 
mining, road construction, lumbering, and farming. 
Almost any product we purchase has had explosive used 
for it at some stage. 

The first high-precision application of high explo- 
sives was to nuclear weapons, developed during World 
War II, where explosive was used for the precise 
dynamic assembly of the fissionable material. The 
nuclear weapons laboratories around the world have 
contributed to the detailed theory of detonation, to nu- 
merical modeling of detonations, to the development of 
powerful and safe explosives, and to the experimental 
techniques for studying explosives. 

Nonlinear relations are especially important to deto- 
nation. The shock wave forms because the stress-strain 
behavior of the explosive is nonlinear. Materials be- 
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come stiffer as they are compressed, so the sound speed 
increases with pressure, and a compression wave steep- 
ens to become a shock. The extremely strong nonlinear 
dependence of the reaction rate on temperature is also 
very important. It is the on-off switch for the release 
of energy. For example, a typical rate law for an ex- 
plosive might be dA/dt=k(1 —Aje-T"/T), where k 
is the limiting rate; A is a progress variable for the re- 
action, going from zero to one as the explosive goes 
to products; ft is the time; T is the temperature; and 
T* is the activation temperature. If k = 102° s~! and 
T* =25,000 K, the time required for half of the explo- 
sive to react when kept at constant temperature is 341 
million years at 300 K (room temperature), 8.64 ms at 
600 K, and 8.03 ns at 900 K. 


Nuclear Weapons 


In nuclear fission weapons, U235 or Pu2? is bombarded 
by neutrons that cause it to split into two lighter nuclei, 
releasing a large amount of energy and also emitting 
more neutrons. If more neutrons are generated than 
escape through the surface, the exponential increase in 
the number of neutrons leads to an explosion. A fusion 
weapon is initiated by a fission weapon and releases 
energy as hydrogen, deuterium, tritium, and lithium 
fuse to make heavier nuclei. These weapons release 
a million or more times as much energy as the same 
weight of conventional chemical explosive. The energy 
is often quoted in kilotons or megatons. These units are 
based on an assumed yield for TNT of 1000 calg~! or 
4187Jg—!. The metric tonne is 10° g and the kiloton 
is a thousand times that, so a kiloton is 10!? cal or 
4.187 x 10!2J, anda megaton is 4.187 x 1055 J. 


Asteroid Collision with Earth 


About 65 million years ago an asteroid hit the earth 
leaving the crater Chicxulub in Yucatan, Mexico, and 
perturbing the conditions on earth to the extent that 
dinosaurs and many other animals and plants became 
extinct. The energy deposited was the kinetic energy 
of the asteroid. The exact details cannot be known, 
but if the asteroid was 12 km in diameter with density 
2500kg m7? and relative speed 20km s~!, its kinetic 
energy was 4.5 x 1073 J. An obvious time constant for 
the energy release is the diameter divided by the speed, 
0.6 s. The kinetic energy divided by the time gives the 
power as 7.5 x 1073 W; the actual value is a few times 
smaller. 

An asteroid of the Chicxulub size is not slowed 
much by the Earth’s atmosphere and reaches the 
Earth’s surface. A smaller asteroid is slowed more, 
and the compression wave from the air travels through 
the asteroid. If the asteroid is small enough, the 
compression wave reaches the rear surface before the 
asteroid reaches the ground. The high pressure inside 


288 


the asteroid causes it to expand and break up into small 
pieces that are then slowed more by the air. The kinetic 
energy is transferred suddenly to the air, and there is an 
explosion above the surface of the earth. The Tunguska 
Event in Central Siberia in 1908 flattened trees over an 
area of about 2000 km?. It was caused by an asteroid 
about 60m diameter that exploded about 8km above 
the surface. Its kinetic energy was about 4 x 10!6J. 


Volcanoes 


The 1883 eruption of the Indonesian volcano Krakatau, 
which blew ash to a height of 80 km and ejected 22 km? 
of rock, was heard in Australia 4600 km away. Tsunamis 
caused by the eruption reached heights of 40 m and 
killed 34,000 people. 

Mount St. Helens, in the state of Washington, erupted 
in 1980 and has been studied extensively. It ejected 2.7 
km? of rock, devastated an area of 550 km’, and blew 
down an estimated 107 trees. 

A huge volcanic explosion occurred in Yellowstone, 
United States, about 2,000,000 years ago. About 
3000 km? of rock were ejected. No explosion of such 
a magnitude has been experienced during the period of 
human civilization. 


Novae and Supernovae 


A nova occurs in a close binary star system made up 
of a red giant and a white dwarf. Hydrogen-rich matter 
from the red giant is pulled onto the surface of the white 
dwarf. When enough matter is accumulated, a nuclear 
fusion detonation occurs, causing the ejection of hot 
surface gases and resulting in an extraordinary increase 
in luminosity. A supernova occurs when a massive 
star exhausts its nuclear fuel and its core collapses to 
become a neutron star. The outer layers of the star are 
attracted by the gravitational pull of the core, and then 
rebound from it. A shock wave generated in the collision 
propagates outward and blows off the surface gases. 


W.C. Davis 


See also Dimensional analysis; Flame front; Shock 
waves 
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EXTREMUM PRINCIPLES 

Extremum principles are ubiquitous in mathematics, 
with wide applications in areas ranging from genetic 
theory (Narain, 1993) to thermodynamics (Velasco 
& Fernandez-Pineda, 2002). The simplest sort of 
extremum principle occurs in differential geometry, 
whenever one considers a differentiable function 
f(x1,...,xn) of N variables and wishes to determine 
the critical points of f, namely those a that 
satisfy 


V f(x) = 0. 


The Hessian matrix H has entries given by the second 
derivatives 


_ *f 
- Ox j OX, 





yx (@) 

(assuming these exist). If all the eigenvalues of the 
Hessian are positive (negative), then this ensures that 
zx is a local minimum (maximum); eigenvalues of 
mixed sign correspond to a saddle point. The general 
characterization of functions in terms of their behavior 
near critical points is the subject of Morse theory 
(Morse & Cairns, 1969). 

Probably the most widespread type of extremum 
principles are those arising from the application 
of the calculus of variations (Gel’fand & Fomin, 
1963). One of the first historical examples of this 
sort is the brachistochrone problem posed by Jo- 
hann Bernoulli the elder in 1696: given a particle 
sliding from rest along a path between two fixed 
points under the influence of gravity, find the plane 
curve such that the time taken is minimized. The so- 
lution curve (a cycloid) was obtained by both Jo- 
hann and Jakob Bernoulli, and also by Newton, Leib- 
niz, and |’Ho6pital. Nowadays, the problem is usu- 
ally solved directly through the use of the total time 
functional 
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where y(x) is the plane curve joining the points (x9, yo) 
and (x1, y1) and g is the acceleration due to gravity. To 
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minimize the time, it is necessary that the first variation 
of the functional T should vanish, 


éT = 0; 


which leads to the Euler-Lagrange equations 


dF d (dF 
a sf] = 0 (2) 
dy dx \ody’ 


The solution of (2) is given parametrically in terms 
of (xo, yo) and another constant h by 


x(0) = xo + (6 — sin0)/(2h7), 
y(0) = yo — (1 — cos 6)/(2h?). 


In complete analogy to the Hessian condition in finite 
dimensions, the positivity of the second variation 6°77 
ensures that the cycloid yields a minimum of the 
functional T[y]. 

In physics perhaps the most important extremum 
principle of all is the Principle of Least Action. An 
early proponent of this notion was Pierre Louis de 
Maupertuis, who employed an extremality argument to 
solve a problem in statics (Beeson, 1992). Maupertuis, 
who was tutored by Johann Bernoulli, was in regular 
correspondence with Leonhard Euler, and the work 
of the latter laid the foundation for the subsequent 
development of the subject. The enormous generality 
of the least-action principle became apparent from 
the Lagrangian formulation of classical mechanics 
(Goldstein, 1950), as derived from the action functional 


ty 
S{q] = / L(q, qt) dt. (3) 
to 


The variable f is the time, and the vector q and its 
time derivative q denote the generalized coordinates 
and velocities, respectively. Requiring that the action 
should be stationary with respect to variations that 
vanish at the initial and final times, so 


8S=0, with 8q(to) = 0 = 5q(t1), (4) 


it follows (after an integration by parts) that L must 
satisfy the Euler-Lagrange equations 


dL od (dL 0 

dq dt (53) 7 
The extremality condition (4) is truly fundamental, 
since once the Lagrangian L has been specified 
appropriately, then all the classical equations of motion 
for a mechanical system (in particular, Newton’s 
Second Law) are a direct consequence. Even the 
geodesic equations for a Riemannian manifold arise in 
this way (Choquet-Bruhat, 1968), by taking the purely 
kinetic (free particle) Lagrangian 


LQ. @ = gje(gaig*. 
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where g jx is the metric tensor (the Einstein summation 
convention is assumed). 

In parallel to the development of mechanics, a 
corresponding extremum principle was employed in 
optics, namely Fermat’s Principle of Least Time. 
This is more correctly formulated within the theory 
of geometrical optics (Kline & Kay, 1965), as the 
requirement that the path taken by light traveling 
between two points P; and P) is such that the optical 
distance is extremized, that is, 


Py 
| n(x, y,z) ds = 0, (5) 
Pi 


1 


where n(x, y,z) is the refractive index at the point 
(x, y, Z) in the medium and s denotes arc length along 
the path. Contrary to Fermat’s original formulation, if 
the optical distance is extremal, then in general, the time 
taken for the light to travel between P; and P2 need 
not be minimized—this only holds in certain special 
cases. 

The precise analogy between geometrical optics 
and mechanics was fully appreciated and exploited by 
Hamilton. Choosing a parameter t along the light path 
such that gq = (x, y, z) satisfies 


 =n?, ds =|qldr, (6) 


the equations arising from the variational principle (5) 
are just 
G@=V(3n’), n=n@), 
which are equivalent to Newton’s equations for a 
particle of unit mass moving in a potential — 3n. In 
this mechanical analogy, t should be reinterpreted as 
the time, while the first equation (6) implies that the 
total energy of the particle is zero. 
The Principle of Least Action is also essential in field 


theory. A scalar field theory in N dimensions has the 
action 


Sié] = [ £0.64... 88x 


with the Lagrangian density £ being a function of 
the field @, its first derivatives 6, (u=1,...,N), and 
possibly higher derivatives. The appropriate variational 
principle for the classical field equations is 


6S=0 withédd(x)=0 forxe dv, 


so that the variations vanish on the boundary of the 
space-time volume V. In the path integral formalism of 
quantum field theory, as pioneered by Richard Feynman 
(Feynman & Hibbs, 1965), the central object is the 


290 


partition function, defined in terms of the action by 


Z = [4 Dé, 


where D¢ = path integral measure. When the action 
is coupled to an external source, S > S + f J(x)o(a) 
dx, then the vacuum expectation values of the field 
operators are obtained by taking successive functional 
derivatives 5/5J of Z. This is the key technique for 
calculating Feynman rules and perturbative scattering 
amplitudes in gauge field theory (Bailin & Love, 1986). 

Another sort of extremum principle appears in game 
theory (Owen, 1982). In the simplest case of two- 
person zero-sum games, with two players denoted 
“row” and “column” and strategies labelled by an index 
Jj G=1,..., M) for the row player and an index k 
(k=1,..., N) for the column player, the payoffs to 
the row player form an M x N matrix A. The matrix 
element A ;x is just the payoff to the row player arising 
from the pure strategy combination (j,k); since the 
game is zero-sum, the corresponding payoff to the 
column player is — Ax. If the maximum of the row 
minima in the payoff matrix is equal to the minimum 
of the column maxima, then this is a saddle point (or 
minimax point), corresponding to an optimum solution 
of the game. However, a saddle point does not exist 
in general, and so it is necessary to resort to mixed 
strategies, taking the set of probability distributions 
Sx x Sy on the strategy space, where 


M 

Sx = @eER” |x; € [0,1], \oxj=1 ; 
j=1 
N 

Sy = ¥ER™ |x € 10,1, Doe = TF. 
k=1 


Then the Minimax Theorem, due to John von Neumann 
(von Neumann & Morgenstern, 1947), states that 


max min 2’ Ay=v=min max a Ay. (7) 
weSy yeSy yeSy weSx 


The quantity v is the expected payoff to the row 
player corresponding to some optimal mixed strategy 
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combination (x, y) and is called the value of the game. 
The existence of a more general sort of equilibrium in 
n-person, noncooperative games has been proved by 
John Nash (1951). Nash’s proof relies on properties 
of convex functions (as does the standard proof of 
the Minimax Theorem). Convex analysis has also been 
used recently in thermodynamics, for a general proof 
of the minimum energy principle, starting from the 
maximum entropy principle and using the concavity 
of the entropy (Prestipino & Giaquinta, 2003). 
ANDREW Hong 


See also Euler-Lagrange equations; Game theory; 
Geometrical optics, nonlinear; Quantum field 
theory 
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FABRY-PEROT RESONANCES 


See Laser 


FAIRY RINGS OF MUSHROOMS 

Much of the mythology and mysticism formerly asso- 
ciated with fairy rings is summed up by the words of 
Prospero in Shakespeare’s The Tempest, V.i: “Ye elves 
of hills. . .that/ By moonshine do the green sour ringlets 
make,/ Whereof the ewe not bites, and you whose pas- 
time/ Is to make midnight mushrooms. . ..” However, 
in what could be interpreted as a minor triumph of rea- 
son over superstition, Prospero’s invocation is not to 
the sorcery that was supposedly imbued in fairy rings, 
but a declaration that he is giving up magic forever. 

Fairy rings are not caused by supernatural beings, 
witches, moles, snails mating, or lightning—these 
being some of the early explanations, all the more 
hilarious now for being propounded so seriously back 
then, for the annular rings of dead grass, fringed on 
both edges by concentric rings of over-lush grass, that 
are often evident in grassy fields. They are caused 
by fungi. One of the first scientific investigations to 
establish this fact was reported by Wollaston (1807), 
whose explanation of fairy rings is still broadly 
accepted today. Despite this demystification, their 
appeal to the human imagination remained strong. 
Kipling (1906) wrote Puck of Pooks Hill, a story in 
which magical manifestations occur when children 
perform A Midsummer Night’s Dream in a fairy ring, 
and Conan Doyle in The Coming of the Fairies (1923) 
only reluctantly admitted that fairy rings were due to 
fungal growth. 

The mode of life involving progressive radial 
increase from a central point is not unusual among 
fungi. As pointed out by Ramsbottom (1953), 
hundreds of fungi grow in circular patterns, including 
microscopic ones such as Penicillium molds as well 
as those with macroscopic fruiting bodies such as 
mushrooms and puff-balls. Although the conditions 
governing initiation of a ring are still obscure, many 
scientific studies have documented the kinetics of 
expansion, the species involved, and the biology 
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and ecology of fairy rings. Two excellent and 
complementary studies are reported in Shantz & 
Piemeisel (1917) and Dowson et al. (1989). 

The underground body of a fairy ring fungus, 
consisting of a network of filaments called the 
mycelium, grows radially outwards as it consumes 
organic matter in the soil. Behind the fungus front, 
the mycelial mass dies, so that the advancing live 
fungus front is actually a strange sort of disconnected 
organism. The dead filaments form a dense and water- 
repellant mat. Grass in this advancing annular region 
dies, due simply to physiological drought. Inside this 
bare region, the grass can grow luxuriantly because the 
dead filaments eventually decay, providing nitrogen- 
rich fertilizer. In advance of the fungal front, the grass 
also grows dark and luxuriant because of the peculiar (to 
us) eating habits of fungi: they exude digestive enzymes 
into the medium, then absorb this pre-digested food. 
Left-over digested food stimulates the grass forward of 
the fungus. 

The radial growth rate of grassland fairy rings 
has been measured between 99 and 350 mm/year 
(Dickinson, 1979) and diameters of tens and hundreds 
of meters have been recorded. The obvious but rather 
awesome conclusion is that fairy rings may be among 
the world’s oldest living organisms, since many rings 
are estimated to be several centuries old and some are 
believed to be 600 or 700 years old. It would be a 
fascinating exercise to obtain supporting evidence, such 
as historical records or results from scientific dating 
methods, for the ages of large fairy rings. 

At favorable times of the year, fruiting bodies— 
mushrooms or toadstools—may be put forth around the 
circumference of a fairy ring. In woodlands these are 
often the only obvious manifestation of a fairy ring, 
since leaf-litter usually covers the ground (Figure 1). 
Because they depend on the roots of a tree for 
nutrient supply, woodland fairy rings are referred to 
as “tethered” rings, whereas those in grassland, for 
which the nutrient source is spread though the ground, 
are called “free” rings. The growth of tethered rings is 
coupled to the radial growth of the host tree roots, and 
they tend to reach an equilibrium diameter, determined 
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Figure 1. A typical fairy ring in grass. 


by the mature size of the tree, rather than increase 
indefinitely (Gregory, 1982). 

What happens when two or more fairy rings meet? 
Usually, the putative intersecting portions of same- 
species rings are extinguished, because of direct 
competition for resources or as each reaches the 
other’s annular dead zone where nutrients and moisture 
are depleted in any case. Rings of different species 
either continue growing through each other or only 
the dominant species may survive. Rings of different 
species may also form inside one another. 

A simple mathematical model for the ecology of 
fairy ring systems was developed by Parker-Rhodes 
(1955), from which was derived estimates for the 
proportion of ground covered by rings at a given time, 
the age distribution of rings, and geometric factors 
affecting inter- and intra-specific competition, such as 
rate of birth of new rings per unit area and distance 
between their centers. This model was extended by 
Stevenson & Thompson (1976) to include boundary 
effects and a more realistic treatment of the rings 
as annuli rather than discs. Their conclusions had 
some interesting implications for the management and 
control of fairy rings. 

Why would anyone want to control them? Some 
people, sadly, consider fairy rings to be a pathogenic 
nuisance, a disease to be eradicated; and it is true 
that they can spoil the appearance and functionality 
of lawns, golf courses, playing fields, and pastures. 
The modeling results of Stevenson & Thompson (1976) 
indicated that if one’s aim is to control a population of 
harmful rings by using an antagonistic but innocuous 
species of rings, it is more effective in the long term 
to choose the smallest growth rate available. In their 
work, the rings’ growth rate was assumed constant. 

If we admit, however, that the growth rate is variable, 
then fairy rings must be modeled as a dynamical system, 
and since they spread in two spatial dimensions, the 
appropriate dynamical description is a system of partial 
differential equations. Davidson et al. (1997) modeled 
the spatiotemporal dynamics of fungal mycelia by 
nonlinear reaction-diffusion equations describing the 
coupled evolution of the mycelial biomass and nutrient 
substrate concentration. They found that qualitative 
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features of the development of fairy rings, such as 
the annular advancing front, degeneration of colony 
centers, and extinction of the interface between two 
colliding fronts, were reflected in the structure of 
solutions to the equations. 

This type of predictive computational modeling and 
simulation of radial growth patterns is likely to become 
more important in future—and not only because it 
gives fairy rings the ultimate modern imprimatur and 
authority of the computer. Other organisms are known 
to exhibit the fairy ring habit of growth. In the semi-arid 
rangelands of Australia, for example, certain species of 
saltbush grow radially outwards from a central origin 
forming a slowly increasing ring of foliage, the interior 
of which is bare ground. The patterns on the landscape 
formed by these blue-gray saltbush rings on the red 
soil are very striking from the air. The saltbush is a 
nutritious food source for sheep; thus one might be 
interested in management strategies that increase the 
covering fraction of saltbush and in factors that affect 
its growth. In this and other similar problems, the results 
from mathematical modeling of fungus fairy rings will 
provide valuable insights. 

Rowena BALL 


See also Growth patterns; Pattern formation; 
Reaction-diffusion systems 
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FARADAY WAVES 


See Surface waves 


FEEDBACK 


Long before the invention of electrical amplifiers and 
generators, feedback was used widely in mechanical 


FEEDBACK 


control devices, including the governor that was devised 
by James Watt in 1784 to stabilize the speed of a 
steam engine. The theory of such a governor was 
developed in the latter half of the 19th century 
by James Clerk Maxwell and by Ivan Alekseevich 
Vyshnegradskiy. Although the results obtained by 
Maxwell and Vyshnegradskiy seem contradictory, they 
present complementary aspects of the analysis. We 
consider briefly the detailed discussion of these results 
as given by Neimark et al. (1985). 

The Lagrange equations for a steam engine with a 
governor are 





1(0)G + 15(0)3¢ = M,(G, 9) — Mi, 


15 — 3 1 )—? + UZ) + hd, (1) 


where /(v) is the moment of inertia of the engine 
and governor about the engine shaft, g is the rotation 
angle of the engine shaft, % and J, are, respectively, 
the angular deviation and the moment of inertia of the 
governor balls, M,(@, #) is the driving torque, M) is the 
moment of load, and —U, (3) and d are, respectively, 
the moments of gravity and viscous friction. 

For ideal functioning, Maxwell assumed that the 
friction factor h must be as small as possible and the 
governor sensitivity d¥g/dQ (where 2Q=@po, go and 
Vo are the equilibrium values of y and ) must be as 
large as possible, and he gave recommendations how 
these conditions could be fulfilled. Vyshnegradskiy, 
on the other hand, understood that the friction plays 
an important role by promoting the stability of 
control. Therefore, he proposed adding a new element 
to the governor, called the cataract. In addition, 
Vysnegradskiy showed that for stability of control 
dQ/dM must be negative and constructed his famous 
diagram in the plane dQ/dM, [h/Ig, now known 
as the Vysnegradskiy diagram. Maxwell’s ideas have 
also been realized in practice by a device called an 
“isodromic” in which feedback is effected by a rod 
that changes its length due to stretching or compressive 
force. 

In the context of electronic amplifier theory, 
a detailed mathematical treatment of linear feedback 
was given by Henrik Bode (1950). Here the basic for- 
mula is 

=-—4_. Q) 

1—pA 

which was famously discovered by Harold Black in 
1927 (Brittain & Black, 1997). In this equation, A is the 
(large) forward gain of an amplifier, jz is the loss of a 
passive feedback circuit, A is the open-loop gain, and 
G is the closed-loop gain. Assuming the amplifier does 
not oscillate and making ~A> 1 implies G~1/wp. 
Thus, the closed-loop gain is essentially determined by 
the properties of a passive circuit (jz), which is far less 
sensitive to variations in temperature and aging than the 
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Figure 1. The block diagram of the simplest self-oscillatory 
system with inertial excitation. 


forward gain (A). Long-distance telephone service— 
which requires a large number of highly stable repeater 
amplifiers—was made possible by Black’s invention. 

To avoid low-frequency oscillations, the amplifier 
system of Equation (2) is designed with the open-loop 
gain having a phase shift of 180° at low frequencies, 
which corresponds to negative feedback. To avoid 
oscillations resulting from positive feedback at higher 
frequencies (where the phase shift approaches 360°), 
it is necessary and sufficient that the complex mapping 
of the frequency axis by the open-loop gain function 
does not surround the point +1 in the 4~A-plane—the 
Nyquist criterion (Bode, 1950). 

Positive feedback reveals itself in the appearance 
of negative friction or negative resistance, whereas 
negative feedback causes the stabilization of device 
parameters. In Watt’s governor, for example, negative 
feedback stabilizes the speed of rotation, and in other 
devices it can stabilize frequency variations, the gain 
factor, and so on. In certain systems, however, negative 
feedback can result in self-excitation of oscillations. 
Such systems were called “systems with inertial 
excitation” by Babitzky & Landa (1982, 1984), and 
they often arise in physical and engineering studies. The 
excitation of oscillations in such systems is conditioned 
by the so-called inertial interaction between dynamical 
variables occurring as a result of inertia in the feedback 
loop. 

A block diagram of the simplest self-oscillatory 
system with inertial excitation is shown in Figure 1. 
The inertial interaction between dynamical variables, 
like negative friction, can be both linear and nonlinear. 
A linear interaction can, under certain conditions, 
lead to spontaneous oscillations, whereas a nonlinear 
interaction can result in the hard excitation of 
oscillations (requiring that a threshold be overcome). 

A simple system with linear inertial interaction is 


E+ 28i + px = —ky + f(x. 4 y), 
ytyy =ax+ (x, x,y), (3) 


where f(x, x, y) and g(x, x, y) are nonlinear functions 
free from linear terms, and the parameter a is 
proportional to the gain of the amplifier. The inertia 
of the feedback loop is characterized by the parameter 
y. The condition of self-excitation of oscillations can 
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be shown to be y < yer, where 


Yer = —6 4 Je + ak /26 a. 


Because yor should be positive, self-excitation can 
occur only for ak > 26a. The condition y < Yo 
signifies that the feedback loop must be sufficiently 
inertial (an inertia-less feedback loop corresponds to 
yo). 

Systems with inertial feedback need not be self- 
excited. A child on a swing, for example, is an 
inertial system that is not self-excited. Interestingly, the 
oscillation of a swing is often inaccurately presented in 
textbooks as an example of parametric excitation. If 
oscillations are excited by a child who stands on the 
swing and lifts her center of gravity up and down at 
the proper moments, the system is not parametrically 
excited, because the oscillation frequency of the center 
of gravity is not constant but tuned according to 
variations of the frequency of the oscillations of the 
swing. Thus, a child on a swing is a control system 
with feedback that is self-oscillatory but not self- 
excited. For excitation of self-oscillations some finite 
initial perturbation is necessary (i.e., the excitation of 
oscillations is hard). 

The simplest equations describing oscillations of a 
swing are 





ptyy=ax’, 4 





¥ 4+ 28% + wbx = —bxy, 


where the variable y describes the position of the child’s 
center of gravity and y is the inertial factor of the control 
circuit. If the feedback is slightly inertial (i.e., y is too 
large to put y © (a/y)x?), then the variable x obeys 
the Duffing equation, which has no self-oscillatory 
solution. Self-oscillations exist only for modest values 
of y, when the feedback loop is sufficiently inertial. 

Examples of self-oscillatory systems with inertial 
excitation include the Lorenz system, the Helmholtz 
resonator with non-uniformly heated walls, a heated 
wire with a weight at its center, the Vallis model for 
nonlinear interaction between ocean and atmosphere, 
a modified Brusselator, an air-cushioned body, and a 
lumped model of the “singing” flame (Landa, 1996, 
2001). Note that the mechanism of self-excitation of 
oscillations in some continuous system is similar to the 
examples considered above. Among these are the Rijke 
tube and a distributed model of the “singing” flame 
(Landa, 1996). 

It must be emphasized that feedback can be nonlinear 
as well as linear. Although nonlinear feedback cannot 
cause self-excitation of oscillations, it is of primary 
importance in their development, and many examples 
are known. In addition to the swing, noted above, 
nonlinear feedback plays a role in population dynamics, 
and it is related to the development of turbulence in a 
subsonic submerged jet, where the feedback is realized 
via an acoustic wave. In general, positive feedback 
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plays a key role in the emergence of coherent structures 
(Landa, 1996). 
Pouina LANDA 


See also Candle; Flame front; Nerve impulses; 
Population dynamics; Tacoma Narrows Bridge 
collapse 


Further Reading 


Babitzky, V.I. & Landa, P.S. 1982. Self-excited vibrations in 
systems with inertial excitation. Soviet Physics, Doklady, 27: 
826-827 

Babitzky, V.I. & Landa, P.S. 1984. Auto-oscillation systems 
with inertial self-excitation. Zeitschrift fuer Angewandte 
Mathematik und Mechanik, 64: 329-339 

Bode, H.W. 1950. Network Analysis and Feedback Amplifier 
Design, New York: Nostrand 

Brittain, JE. & Black, 1997. Black and the negative feedback 
amplifier. Proceedings of the IEEE, 85: 1335-1336 

Landa, PS. 1996. Nonlinear Oscillations and Waves in 
Dynamical Systems, Dordrecht and Boston: Kluwer 

Landa, P.S. 2001. Regular and Chaotic Oscillations, Berlin and 
New York: Springer 

Neimark, Yu.I., Kogan, N. Ya. & Savel’ev, V.P. 1985. Dinamich- 
eskie Modeli Teorii Upravleniya [Dynamical Models of the 
Control Theory], Moscow: Science 


FEIGENBAUM THEORY 


See Routes to chaos 


FERMI ACCELERATION AND FERMI 
MAP 


In a seminal paper, Enrico Fermi (1949) proposed 
two related methods of producing cosmic rays by 
accelerating charged particles by repeated collisions 
with moving magnetic fields. The particles could either 
be trapped by magnetic mirroring (See Averaging 
methods) or be deflected without trapping. In either 
case, the charged particles gain energy if the magnetic 
field is moving opposite to the particle’s motion and 
lose energy if the motions are in the same direction. 
For random motions of the magnetic fields the net 
effect is stochastic acceleration; that is, the probability 
is higher for an accelerating collision, due to the 
relative velocities. The mechanism could explain the 
power law of proton energies and was consistent with 
the magnitude of the cosmic ray energies. However, 
because of the competition between energy loss due 
to ionization and energy gain from the stochastic 
heating, the process could not reasonably explain the 
existence of high mass cosmic rays. More recently, after 
the discovery of supernovas, and observing magnetic 
fields and motions of supernova remnants (SNRs), the 
trapping version of Fermi’s acceleration mechanism 
has been closely examined. A general understanding, 
developed over the last few years, is that shock waves 
in SNRs can repeatedly accelerate trapped charged 
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particles to produce both proton and higher mass 
cosmic rays (see a recent account by Malkov et al. 
(2002), and references therein). 

Well before the recent interest in cosmic ray 
production by SNRs, the original basic idea of 
Fermi acceleration was being investigated with simple 
models. In particular, the question was asked whether 
the nonlinear dynamics of the particle motion would 
lead to stochastic acceleration even if the particles were 
acted on by periodic forces. A simple mapping model 
to detect this effect is that of a ball bouncing between a 
fixed and an oscillating wall. The model, developed by 
Ulam in 1961, was very straightforward to implement 
on a computer. The results were explained analytically 
and confirmed numerically in work during the 1960s 
and early 1970s by, among others, Zaslavsky and 
Chirikov, Brahic, and Lieberman and Lichtenberg (see 
Lichtenberg & Lieberman, 1991). They showed that for 
smooth forcing functions, the phase plane divides up 
into three distinct regions with increasing ball velocity: 
(1) a low-velocity region in which all period 1 fixed 
points are unstable, leading to stochastic motion over 
almost the entire region; (2) an intermediate velocity 
region in which islands of stability, surrounding elliptic 
fixed points, are imbedded in a stochastic sea; and (3) 
a higher-velocity region in which bands of stochastic 
motion, near the separatrices of the island trajectories 
joining the hyperbolic fixed points, are isolated from 
each other by regular orbits. The existence of region 
(3), in which invariant curves span the entire range of 
phase, bounds the energy gain of the particle. If the 
forcing function is not sufficiently smooth, then region 
(3) does not exist, in agreement with the Kolmogorov— 
Arnol’d—Moser (KAM) theory. 

Because the Fermi particle acceleration mechanism 
was one of the first considered for determining the 
regions of parameter space where KAM surfaces exist 
and is easily approximated by simple mappings for 
which numerical solutions are attainable for “long 
times,” it has become a bellweather problem in 
understanding the dynamics of nonlinear Hamiltonian 
systems with the equivalent of two degrees of freedom. 
Various versions both with analytic and non-analytic 
wall oscillation functions, and with physically moving 
walls or walls that just impart momentum, have been 
analyzed. The basic Ulam model, together with an 
interesting variant of it, is shown in Figure 1. The 
model in (a) is homologous to many physical problems 
(see below) and has therefore been of considerable 
importance. A simplified version of the model in (b) 
leads to the standard map. 

A simplified form of the Ulam map can be 
constructed if the oscillating wall imparts momentum to 
the ball, according to the wall velocity, without the wall 
changing its position in space. The problem defined 
in this manner has many of the features of the more 
physical problem and can be analytically treated with 
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Figure 1. Fermi acceleration models. (a) Version in which 
a particle bounces between an oscillating wall and a fixed 
wall. (b) Version in which the particle returns to an 
oscillating wall under the action of a constant gravitational 
acceleration. 


various wall-forcing functions. In this simplified form, 
the mapping is 
Unt = |Un + fn), 
2nM 
Vat = Vn + , qd) 


Un+1 





where u is the velocity, normalized to the maximum 
wall velocity, and y is the phase of the oscillating 
wall at impact, with 21M /u a conventionally used form 
for phase advance. Equation (1) is the product of two 
involutions and is, therefore area, preserving; that is, it 
satisfies the Jacobian condition 


I(Un+1, Yn41) La7 (2) 
O(n, Wn) , 


The mapping in (1) serves as an approximation (with 
suitably defined variables) to many physical systems 
in which the transit time between kicks is inversely 
proportional to a velocity. The absolute-value signs 
correspond to the velocity reversal, at low velocities, 
u <1 but have no effect on the region u > 1, which 
is the primary region of interest. The forcing function 
f() is often a sinusoid in physical problems, but it 
may have other forms. 

The basic method to analyze mapping models is to 
expand about a fixed point un41=Un, Wn41=Wn + 
2nn, and examine the linear stability. Alternatively, a 
local linearization of the phase advance equation about 
the phase-stable value of u linearizes the phase-advance 
equation but retains the nonlinearity in the forcing 
term. This expansion leads to the standard map, whose 
nonlinear stability properties have been extensively 
analyzed. These procedures have determined the basic 
phase-plane motion, as described above. A difference 
between the exact and simplified mappings, which 
should be noted, is that the canonical variables are 
different, leading to different variables in which an 
invariant distribution is uniform. For the simplified 
problem, a proper canonical set of variables is the 
ball velocity and phase just before the nth impact 
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with the moving wall. The normalized velocity u 
then has a uniform invariant distribution. A detailed 
theoretical and numerical study of various forms of the 
Fermi map can be found in Lichtenberg & Lieberman 
(1991, Chapters 3 and 4), where many of the original 
references can be found. The Fermi map together with 
the standard map has also led to extensive analysis of 
phase space diffusion and correlations, which can also 
be found in the above reference, Chapter 5. 

Various elaborated forms of the Fermi map have 
been applied to a variety of problems. Two such 
mapping models are electron cyclotron resonance 
heating (ECRH) in magnetic mirrors (Lieberman & 
Lichtenberg, 1973) and radio-frequency heating in 
capacitively driven discharges (Goedde et al., 1988). 
Although these physical models are generally more 
complicated than that given in (1), much of the basic 
analysis is similar. In particular, the expansion around 
fixed points can be made to investigate linear stability, 
and nonlinear expansions can obtain the standard 
mapping from which the KAM barriers to heating can 
be obtained. Weak dissipation can also be included in 
models, but this results in a contracting phase space not 
discussed here (See Chaotic Dynamics). 

Another variant of the basic mapping is one for which 
the sign in the phase advance equation changes at some 
value of the action. Such mappings naturally occur 
in the dynamics of particles in circular accelerators 
where the sign transition occurs with increasingly 
relativistic motion in two frequency cyclotron heating 
and is an underlying cause of the period 3 “catastrophe” 
of the standard map. When the phase advance 
equation changes sign, the stable and unstable fixed 
points exchange their y-values, and the phase space 
structure between these fixed points undergoes a 
change in topology called reconnection. For further 
discussion of this phenomenon and references to the 
original literature, see Lichtenberg & Lieberman (1991, 
Sections 3.3 and 5.5). 

ALLAN J. LICHTENBERG 


See also Averaging methods; Chaotic dynam- 
ics; Kolmogorov—Arnol’d—Moser theorem; Maps; 
Phase space diffusion and correlations; Standard 
map 
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See Harmonic generation 


FERMI-PASTA-ULAM 
OSCILLATOR CHAIN 
A closely examined model of a high-dimensional 
system comprises a number of masses constrained 
to move along a line, with a specified force law 
governing their interaction. In the early 1950s, Enrico 
Fermi, John Pasta, and Stan Ulam (FPU) (Fermi et al., 
1955) numerically examined such a chain of coupled 
oscillators, with a Hamiltonian of the general form 

N 


1 1 
H(v.q) =>) [50 + 5 (G41 ~ 44)” 
k=1 





Ll 3,1 ~ 
+3 0(Gk+1 qk) 4 ghar qk)" |, 
(1) 


where each of N particles has unit mass and 
unit harmonic coupling constant and the end points 
are either fixed (vertical position gj =qn+1=0) or 
periodic (¢v+1=4q1). The parameters a, 6 represent 
the nonlinearity in the forces between the particles in 
the chain. In the original FPU numerical computations 
either a or 6 was set equal to zero, and fixed end points 
were used to correspond to a discretized nonlinear 
spring. Most subsequent work was done with aw = 0 and 
is known as the FPU-8 model. The FPU-8 model can 
be normalized so that the significant parameter is BE, 
where E is the total energy, H(p,q)=E. 

The original idea of Fermi was that the nonlinearity 
of the springs would lead to mode mixing such 
that thermodynamic properties in the lattice could 
be studied. The original numerical work placed the 
initial energy in the lowest mode of the linearized 
system, which at low energy becomes a quasimode 
of the nonlinear system. The N independent normal 
modes Qx of the harmonic system with fixed end point 
boundary conditions give 


ea ikn 
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for which the amplitudes g; of the mass points form 
a half-sine for the lowest mode and pick up an 
additional zero for each higher mode. The harmonic 
mode frequencies are 
1k 
) ‘ (3) 
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The original numerical study surprisingly showed re- 
currences, rather than a thermodynamic spreading of 
energy among the modes. Subsequent studies explained 
these recurrences as resulting from near resonances 
among various combinations of modes (Bivins et al., 
1973). However, the question of whether the nonlin- 
earity led to long-term mixing of the energy remained 
an open question. 

Although the original question of whether the 
nonlinearity led to equipartition among the degrees of 
freedom went unanswered during the 1960s, the FPU- 
B system became rightly famous for having inspired 
the early development of soliton theory. Zabusky & 
Kruskal (1965) showed that a Taylor expansion to 
transform the FPU chain into a continuous differential 
equation resulted in the Korteweg-de Vries (KdV) or 
the modified Korteweg-de Vries (mKdV) equation, 
depending on whether the a or 6 term in (1) was 
retained. For the FPU-6 chain (mKdV equation), we 
have 

uz + 12u7ug + ugee = 0, (4) 


where time and length variables have been rescaled 
by t= ht /24 and € =x — ht; subscripts t, & denote 
differentiation with respect to that variable. 

The periodic solutions of (4), stationary in the frame 
& — ct, may be obtained by integrating to give 





5ue tut yeu? fA= zue + P(u)=0, (5) 


where A is a constant of integration. Equation (5) is 
in the form of a one-degree-of-freedom Hamiltonian, 
which is therefore integrable. Solutions have been 
obtained in terms of the Jacobi elliptic functions (or 
cnoidal waves) cn(&,q), with g (the modulus) taken 
as a parameter with 0 < q? <1. This formalism led to 
the observations of the stability properties of solitons, 
and more generally motivated the development of the 
inverse scattering technique (Gardner et al., 1967). 
However, the explanation that long-time recurrences 
were due to initial conditions that were superpositions 
of stable solitons was not a complete picture and was 
ultimately misleading. 

An explanation for the mechanism leading to 
stochastic diffusion of energy over the 2N-dimensional 
phase space, which also predicted a transition from 
regular to stochastic motion with increasing energy, 
was put forward by Izrailev & Chirikov (1966). Using 
the transformation to modes as in (2), they postulated 
that if the interaction of pairs of neighboring modes 
was sufficient to create overlapping beat modes, then 
the overlap would create global stochasticity. The 
concept that had been developed by Chirikov for 
low degree-of-freedom Hamiltonian systems, known 
as the Chirikov overlap criterion, was applied to the 
high-dimensional system by isolating a few modes 
containing the energy. The criterion had been confirmed 
numerically and later studied in great detail using the 
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standard map. The criterion can be shown to be roughly 
equivalent to requiring that the nonlinear frequency 
shift with the energy in a single mode be equal to 
the mode separation (Lichtenberg & Lieberman, 1991, 
Section 6.5b). Substituting (2) into (1), the nonlinear 
shift in mode frequency of mode k can be calculated 
approximately as Aw, ~ 3BEx,@,/4N. From (3), the 
frequency separation between low-frequency modes 
with w,~mk/N,kK«N, is daz ~1/N, such that for 
overlap (Aw; /da@, > 1) 


BEx/N > 4/3k. (6) 


Stochastic energy transfer among modes, leading to 
approximate equipartition among modes, has been 
numerically found at much lower values of energy 
density than given by (6). Numerical studies of 
equipartition (e.g., Livi et al. (1985); Pettini & 
Landolphi, 1990) found that (6) roughly corresponds 
to a transition between an inverse time to obtain some 
measure of equipartition that scales as t~! « (E/N)? at 
low energy, toa time scaling as t~! « (E/N)?/? athigh 
energy. The latter scaling models a random process that 
is very strongly stochastic. Furthermore, the prediction 
that mode overlap determines the transition between 
regular motion and stochastic diffusion leading to 
equipartition does not hold if the energy is initially 
placed in one or a few high-frequency modes. There 
is local mode mixing, but the high-frequency modes 
interact only weakly with the low frequencies, as 
theoretically predicted by Benettin et al. (1987), such 
that equipartition is not observed above the mode 
overlap transition on a fast time scale. 

The mKdV soliton was found to become unstable 
from a low-frequency mode, leading to exponential 
growth of higher frequencies, which correspond quite 
closely to similar growth of higher frequencies in an 
oscillator chain (Driscoll & O’Neil, 1976). However, 
this low-frequency instability is neither a necessary nor 
sufficient condition for a transition to equipartition, as 
the soliton theory does not describe the high-frequency 
modes, but it does present a physical picture of the 
process that can hold a low-frequency mode together 
in the absence of coupling to high-frequency modes 
and how it can break down. 

A more coherent picture of the underlying processes 
leading to equipartition has been developed recently. 
Basic phase space arguments indicate that, for relatively 
high-dimensional systems with not too small a 
perturbation strength, the probability will be high that a 
generic initial condition will lie in a stochastic portion 
of the phase space. Arnol’d diffusion will then transport 
energy over most of the degrees of freedom, essentially 
leading to equipartition, on some time scale. However, 
the time to equipartition can be exponentially slow. 

Focusing on the region of weaker stochasticity, 
a transition was numerically found between power 
law and exponentially long time scales as the energy 
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density ¢ = E/N of the system is decreased. This latter 
transition is of prime importance for the observation 
of equipartition, as it essentially separates observable 
times from those that are not observable. For the FPU 
chain, the main mechanisms leading to equipartition 
in this lower energy regime are that resonant interac- 
tion of some set of low-frequency modes, in which a 
significant portion of the energy resides, can lead to lo- 
cal superperiod (very low frequency) beat oscillations 
that are stochastic. The beat oscillations, which increase 
with energy, can become comparable to frequency 
differences between high-frequency modes. This re- 
sults in Arnol’d diffusion transferring energy to high- 
frequency modes, on a power law time scale (DeLuca 
et al., 1995). Furthermore, the appearance of stochas- 
ticity corresponds to the onset of the mKdV instabil- 
ity. The driving frequency for diffusion is associated 
with the libration frequency of the resonance, Qp. Us- 
ing resonant normal form perturbation theory to isolate 
the most important coupling to the high-frequency 
modes, the energy transfer to high-frequency modes 
by Arnol’d diffusion, depends exponentially on the fre- 
quency ratio as 


dE 

ae x exp(—1d ap /2QB), (7) 
where dw, is the difference frequency between 
two high-frequency modes. When Qp~ da ,, the 
exponential factor is of order unity, allowing strong 
diffusion of energy to high-frequency modes, and 
equipartition on computationally observable time 
scales. In a separate work, an estimate of the scaling, 
with energy density, of the equipartition time for 
E> E, was found theoretically to be Teg a (N/E), 
which agrees with numerical computations (De Luca 
et al., 1999). The somewhat weaker quadratic scaling 
found in earlier work, as quoted above, was probably 
due to the use of a less accurate measure of 
equipartition. 

If the energy is initially placed in high-frequency 
modes, the equipartition process is significantly 
different from that starting from low-frequency initial 
conditions. In this case, the dynamics is transiently 
mediated by the formation of unstable nonlinear 
structures. First, there is an initial fast stage in which 
the mode breaks up into a number of breather-like 
structures. Second, on a slower time scale, these 
structures coalesce into one large unstable structure. 
These structures have been called chaotic breathers 
(CB). Because a single large CB closely approximates 
a stable breather, the final decay stage, toward 
equipartition, can be very slow. This behavior has 
been observed in oscillator chains approximating the 
Klein—Gordon equation with various force laws and 
the FPU-8 model (Cretegny et al., 1998; Mirnov 
et al., 2001). In Cretegny et al. (1998), the energy 
was placed in the highest frequency mode with strict 
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alternation of the amplitudes from one oscillator to the 
next (periodic boundary conditions). This configuration 
is stable up to a particular energy, for which there 
exist exact discrete solutions. Beyond this energy a 
parametric instability occurs, leading to the events 
described above. However, the nonlinear evolution 
does not depend on special initial conditions but will 
generically evolve from any high-frequency mode 
initial condition that has predominantly the alternating 
amplitude symmetry. One does not know, in this 
generic situation, whether there exists any true energy 
threshold. As discussed with respect to low-frequency 
mode initial conditions, the practical thresholds refer to 
observable time scales. From a phase space perspective, 
it is intuitively reasonable that for a large number of 
oscillators and not too low an initial energy, the generic 
set of initial conditions will lie in a chaotic layer, but 
the chaotic motion can remain close to a regular orbit 
for very long times (Lichtenberg & Lieberman, 1991). 

Considerable insight into the behavior of a nonlinear 
oscillator chain, starting from high-frequency mode 
initial conditions, can be obtained by introducing 
an envelope function for the displacements of the 
oscillators. Low-order expansions produce PDEs that 
have integrable solutions in the form of envelope 
solitons, analogous to the solitons produced from low- 
frequency initial conditions (Kosevich, 1993). Higher- 
order terms usually destroy the integrability. 

Substituting the envelope function yj(t)= 
(-1)'qi(t) in (1) (with a=0), using the continuous 
variable x =ai, a Taylor’s expansion in a, the lattice 
period, yields 


Vu + 4y + lopy? 
+47 {Wee + BUY + 1207 vex)) 
ta*{(1/12)Wrrex + BOW Vex + WU, 


Hite tweed} te = 0. (8) 


Comparing (8) with (4) qualitatively explains why 
relaxation is accompanied by the formation of sharply 
localized states if energy is initially deposited in the 
high-frequency part of the spectrum where the effect 
of dispersion is small, while only broad nonlinear 
structures are formed if the energy is initially in the low- 
frequency modes where the dispersion is large. Using 
a dimensionless variable, introducing the rotating 
wave approximation (RWA) cos? wt @) cos wt and 
neglecting terms proportional to a* and higher, (8) can 
be integrated to yield 


(-w + 4)y? + ¥2 + BoW4 + 9W?W2)=C1, (9) 








which has integrable trajectories in phase space similar 
to (5) but includes a high-frequency drive w. Depending 
on the boundary conditions, these phase trajectories 
represent multiple or single breathers. 


FERROMAGNETISM AND FERROELECTRICITY 


As with low-frequency initial conditions, the soliton 
solution of the envelope, obtained from (9), becomes 
unstable with increasing energy. For most numerical 
studies of oscillator chains, the initial state imposed 
on the system is mainly that of a single linear mode. 
This state is generally not close to an equilibrium. The 
initial state rapidly relaxes, governed by the nonlinear 
equations. Numerical studies indicate that the chaotic 
breathers that are formed in the nonlinear processes are 
probably marginally stable, which accounts for their 
long-lived existence. 

After a set of chaotic breathers has been formed, 
on a short time scale by a modulational instability or 
breakup relaxation, the breathers coalesce, on a longer 
time scale into a single chaotic breather. This process 
has been well documented numerically (Cretegny et al., 
1998; Mirnov et al., 2001) and an analytic estimate of 
the process made (Kosevich & Lepri, 2000; Mirnov et 
al., 2001) with the breather coalescence time found to 
scale as Ty | & E/N, the breather energy density. The 
background mode spectrum beats with the breather to 
transfer energy to low-frequency modes, resulting in 
equipartition on a slower time-scale as Teg x (E/N 72 
(Mirnovy et al., 2001). 

Although we have concentrated on the seminal 
problem of the FPU-f lattice, the results are 
qualitatively connected to other types of oscillator 
chains. For example, if the cubic, rather than the 
quartic, potential is retained in (1), then the Hamiltonian 
is equivalent to the lowest-order nonlinear expansion 
of the integrable Toda lattice. Consequently, the 
chain is considerably more stable. Other interesting 
types of lattices are composed of discretizations 
of Klein-Gordon equations. In particular, with a 
quartic potential, the dynamics of the Klein—Gordon 
Hamiltonian 


N 
H= > [527 + 5Gi41 


i=l 





qi)? + 5m?q? + 463]. 
(10) 


has been compared with the FPU-£ chain, showing 
both similarities and differences (Pettini & Cerruti- 
Sola, 1991). The stability of “discrete breathers” has 
also been examined for various chains (Cretegny et al., 
1998). 

ALLAN J. LICHTENBERG 


See also Arnol’d diffusion; Breathers; Discrete 
breathers; Frenkel-Kontorova model; Korteweg- 
de Vries equation; Phase space diffusion and 
correlations; Solitons; Solitons, a brief history; 
Standard map; Toda lattice 
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FERROMAGNETISM AND 
FERROELECTRICITY 


Iron, nickel, cobalt, and some rare earths (e.g., gadolin- 
ium) are characterized by long-range ferromagnetic or- 
der. This originates at the atomic level and causes the 
unpaired electron spins to line up parallel to each other 
within a region of space called a magnetic domain. Do- 
mains range from 0.1 mm to a few mm in size. Within 
each domain, the net magnetization is large and ho- 
mogenous, but over the entire sample it averages out 
to zero due to random orientations of spins. An exter- 
nally applied magnetic field can cause the material to 
become macroscopically magnetized, as the magnetic 
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domains already aligned in the direction of this field 
grow at the expense of their neighbors and those neigh- 
bors reorient their magnetizations towards the field 
direction. 

Ferromagnets have very high magnetic susceptibili- 
ties (x), ranging from 1000 up to 100,000 (meaning the 
ferromagnet is that much easier to magnetize than free 
space), and they tend to stay magnetized following the 
application of an external magnetic field. This tendency 
to remember magnetic history is called “hysteresis.” All 
ferromagnets have a maximum temperature, called the 
Curie temperature (T,), which for iron is about 1043 K. 
Above T, the ferromagnetic phase changes into a para- 
magnetic phase, in which induced magnetism is propor- 
tional to the applied field. Ferromagnets also respond 
mechanically to an applied magnetic field, changing 
length slightly in the direction of the applied field, a 
property that is called magnetostriction. 

In addition to ferromagnets, there exist other mag- 
netically ordered compounds with parallel-oriented 
sublattices. The simplest such example is antiferro- 
magnetism with two antiparallel sublattice magneti- 
zations. To measure the degree of order in a complex 
magnetic phase, as many order-parameter components 
as there are distinct sublattices may be needed. For 
ferromagnets, the order parameter is the net magne- 
tization. In antiferromagnets, the order parameter is 
the staggered magnetization: MM, — Mo, where M, 
and Mp are the magnetization vectors for the two 
sublattices. 

In 1907, Pierre Weiss proposed a phenomenologi- 
cal theory of ferromagnetism, building on the model of 
paramagnetism that Paul Langevin introduced in 1905. 
The Langevin function: L= coth(x)—1/x (where 
x =H/kT) describes the paramagnetic susceptibil- 
ity of N non-interacting classical spins in a magnetic 
field of intensity H. Weiss assumed that spins inter- 
act with each other through a molecular field pro- 
portional to the average magnetization in the sample. 
So that 


Heg = H+AM. () 


By replacing spin-spin interactions with the interaction 
of a single spin (S) and all its neighbors taken as an 
average field, the nonlinear problem was approximately 
solved giving rise to ferromagnetism for T below 
T; = AC, where 


Nw 1 
C= wu S(S + 1) 


3k (2) 


with k denoting the Boltzmann constant. 
As a consequence, the Langevin expression for 
susceptibility in paramagnetism 


, ci em (3) 
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becomes the Curie-Weiss relation 


= 7E 
~ T=Te 





x (4) 
above T,, with spontaneous magnetization below 7, 
for ferromagnets. This is characteristic of a second- 
order phase transition. Spin alignment stems from the 
exchange interactions between spins whose energy can 
be expressed via the Ising Hamiltonian H in the case of 
strong uniaxial anisotropy favoring alignment parallel 
or antiparallel to the z-axis of quantization depending 
on the sign of the exchange constant J: 


H =— DISS}. (5) 
tJ 


where S/ and SS are the z-components of the spin 
vectors at the lattice sites i and j, respectively. In 
the absence of anisotropy, one uses the Heisenberg 
Hamiltonian that couples the spin vectors in a scalar 
product. Free-energy expansion of the Landau type can 
be obtained within the Curie-Weiss approximation fora 
Hamiltonian that includes the Zeeman interaction with 
an external magnetic field and an Ising-type spin-spin 
interaction. 

Ferroelectricity was discovered in the beginning of 
the 20th century as a property of ionic, covalent, molec- 
ular crystals, and even polymers that possess electrical 
polarization either spontaneously (e.g., Rochelle salt) 
or under mechanical stress (piezoelectricity) or tem- 
perature changes (pyroelectricty). The net polarization 
of a ferroelectric crystal can be reoriented by apply- 
ing an electric field. In ferroelectric phase transitions, 
a change in the crystal structure is accompanied by 
the appearance of spontaneous polarization. Ferroelec- 
tric phase transitions can be either displacive or order- 
disorder type. In displacive transitions (e.g., BaTiO3), 
atoms or molecules exhibit small (compared with the 
unit cell) positional shifts with long-range correlations. 
These transitions are caused by phonons and the order 
parameter is the amplitude of the related lattice dis- 
tortion giving rise to a change of the lattice structure. 
Displacive transitions are described using a continuous 
Landau-—Ginzburg model with ensuing solitary waves. 
In order-disorder transitions (e.g., NaNOz), atoms or 
molecules order themselves on distances comparable 
to the unit cell. A transformation between randomly 
distributed atomic positions of their local double-well 
potential bottoms (T > T,) and an ordered arrangement 
(T <T,) takes place. Models of order-disorder transi- 
tions use the Ising Hamiltonian with an effective (not 
real) spin variable. 

Ferroelectric phase transitions involve symmetry 
changes in the crystal structure that are manifested 
by the emergence of an order parameter: spontaneous 
polarization vector P. For second-order transitions, 
the symmetry group of the ferroelectric phase is a 
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subgroup of that in the paraelectric phase (in which 
P is proportional to the applied electric field E). 
In some cases, such as the onset of ferroelectricity 
with a transverse optical branch, a so-called soft 
mode is responsible for the transition. The soft- 
mode’s frequency wx for the wave vector k tends to 
0 as TT. A special type of ferroelectric phase 
transition involves incommensurate phases where 
spontaneous polarization develops a spatial modulation 
with a wavelength that is incommensurate with lattice 
periodicity. The occurrence of incommensurate phases 
is usually explained by competition between long- 
and short-range forces, for example, in the Frenkel— 
Kontorova model. As in ferromagnets, ferroelectrics 
develop domains in which a particular orientation of 
polarization is selected. These domains can range in 
sizes from submicroscopic to macroscopic, and the 
region between two neighboring domains is called a 
domain wall. 

Jack A. TUSZYNSKI 
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FIBERS, OPTICAL 


See Optical fiber communications 


FIBONACCI SERIES 


Leonardo of Pisa (approx. 1175 to around 1250), also 
known as Leonardo Pisano, referred to himself as 
Fibonacci (or son of Bonacci), the name by which he is 
usually called today. As the son of a customs officer, he 
had opportunities to travel around the Mediterranean 
coast and observe many commercial practices. He saw 
that the Hindu-Arabic system of ten digits and its 
algorithms for arithmetic had many advantages over 
Roman numerals. His book of 1202 (revised 1228), 
Liber Abaci, meaning The Book of the Abacus or 
The Book of Reckoning, described the system in the 
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Italian vernacular, and so the decimal system became 
common in Europe. 

In his book are some problems and puzzles that were 
meant as arithmetic practice using the new system. 
One referred to a problem about rabbits in a field: “A 
certain man put a pair of rabbits in a place surrounded 
on all sides by a wall. How many pairs of rabbits can 
be produced from that pair in a year if it is supposed 
that every month each pair begets a new pair, which 
from the second month on becomes productive?” It is 
based on the assumption that the pairs mate according 
to the same conditions. Each month, the number of 
rabbit pairs in the field is 1, 1, 2, 3, 5, 8, 13, 21, 
34, 55, 89, 144. So the answer is 144 pairs after 
12 months. The number of rabbits in any month is 
found by adding the number of rabbits alive in the 
last month (since we assume none die or are eaten) 
and adding to it the number of new rabbits born that 
month, which is one for each pair that was alive in the 
month before that. The rule is therefore “add the last 
two numbers to get the next.” The next number in the 
series is 89 plus 144, or 255. The series was probably 
known before this and Fibonacci merely copied it 
from another source. The sequence is now called the 
Fibonacci sequence in his honor, but this name was 
not given until the late 1800s when Edouard Lucas 
rediscovered the series and wrote about some of its 
many properties. 

Earlier than this, it had been noticed that the 
Fibonacci numbers (though not called that) appear in 
the number of petals of flowers of many plant species, 
in the arrangements of leaves round a branch, or seed 
whorls on a seed head. The study of such features of 
plants is termed phyllotaxis. There are flowers with 3 
petals (clover) and many with 5, but none with 7 or 9 
leaves or petals. The numbers 4, 6, and 10 also occur but 
the arrangement is of two sets of 2, 3, or 5. No scientific 
justification for this was given until Douady and Couder 
wrote about it in 1993 where they showed that if the 
growing tip of a plant (the meristem) produces a new 
primordial cell that becomes a leaf or petal or branch, 
then the optimal arrangement is for the new cell to be 
produced at the rate of 1.618 per turn of the growing 
point. This produces the least overlapping for leaves and 
the maximum exposure to collect sunlight, or for seeds, 
it provides the most compact packing (given the simple 
method of growth of the meristem) with even placing 
of seeds no matter how large the seed head becomes. 

This number, precisely computed as g = (/5 + 1)/2 
= 1.6180339887..., is a famous number in geometry 
called the golden section (also golden ratio, golden 
mean, divine proportion). It appears as the ratio of 
diagonals to sides in a pentagon. The golden section 
as a decimal number never recurs, and so cannot be 
expressed exactly as a fraction (i.e., it is irrational). 
It has the property that its reciprocal (1 divided 
by the golden section) is 0.6180339887.... This is 


302 


exactly 1 less than the golden section itself, giving 
rise to the definition of the golden section as “the 
positive number that is 1 less than its reciprocal.” In 
other words, 1/g=g—1 or l1=g?—g, a quadratic 
equation that is solved by the value above together with 
—1/g =—0.6180339887.... 

The fractions that best approximate g are the ra- 
tios of two successive Fibonacci numbers: 3/2, 5/3, 
8/5, 13/8, 21/13 in the sense that no fraction with 
numbers smaller than the numerator of one of these 
terms will give a better approximation. It is this that 
explains why the Fibonacci numbers appear in phyl- 
lotaxis since the optimal arrangements are best approx- 
imated using Fibonacci numbers (or, indeed any series 
where the last two numbers are added to produce the 
next). 

Since the Fibonacci rule is so simple, it is also found 
in other mathematical situations. For instance, suppose 
that houses can be made in two sizes, single (separate) 
and double (two attached), the latter taking twice the 
frontage along a road as the single ones. Given a road 
that is long enough for n houses on one side, how many 
arrangements are there that the architect can choose 
from? For instance, a road that can have 3 houses on 
it could have 3 singles, or else a double followed by 
a single or a single first and then a double—3 ways. 
For 4 houses there are 5 arrangements; for 5 houses, 8 
possibilities. The number of arrangements is always a 
Fibonacci number. 

The rule also applies to the family tree of a male 
honeybee. Male bees are produced from unfertilized 
eggs and female bees from fertilized eggs. So males 
have one parent and females have two. A male bee thus 
has one parent (F) and two grandparents (M and F), 
three great-grandparents and so on with 5, 8, 13, 21 as 
we go back each generation. 

In two dimensions, a rectangle with sides in the 
golden ratio is called a golden rectangle. It has been 
observed in the shape of many parts of the Parthenon on 
the Acropolis in Athens, although none of the original 
plans of the building are extant. The Greeks knew of 
the ratio, and Euclid’s Elements shows how to find and 
construct the golden section point on any line. 

Ron Knorr 
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FIBRILLATION 


See Cardiac arrhythmias and electrocardiogram 
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When we look at a window on rainy days, we may ob- 
serve a curious phenomenon: the rain forms a sheet of 
water on the glass. A single drop—from time to time— 
introduces a perturbation on this surface that is suffi- 
cient to trigger small-scale channels breaking the layer 
of liquid and escaping from it. Filamentary structures of 
water emerge from the unstable flow, destroying the ini- 
tial expanse. The water sheet has thus decayed into fila- 
ments through an instability that is called filamentation. 

Filamentation also occurs in plasma physics and 
nonlinear optics. In this context, an intense optical beam 
propagating in a focusing (Kerr) medium may break 
up into several spots due to the small inhomogeneities 
affecting its initial distribution, as evidenced by self- 
focusing experiments in solids, liquids, and gases (see, 
e.g., Bespalov & Talanov, 1966; Campillo et al., 1973). 
This phenomenon can be understood from the equation 
for the paraxial self-focusing of optical beams that de- 
scribes the propagation of the slowly varying complex 
envelope y of a scalar electric field with central fre- 
quency wo through a nonlinear medium. The envelope 
w, expressed in the frame moving with the group ve- 
locity, obeys the nonlinear Schrédinger (NLS) equation 


idwt+Vivt flv =0, (1) 


where vi = 0+ a represents wave diffraction and 


f (Ww?) models the nonlinear response of the medium. 
Here, the radial (x, y) and longitudinal (z) variables are 
normalized with respect to the beam waist wo and to 
the Rayleigh length zo = Tngwe /4o, depending on the 
linear refractive index no and central wavelength io. 
For an unsaturated Kerr medium, f(s)=s and 
solutions of Equation (1) collapse at finite distance 
whenever their power P= f |w|2dr exceeds the 
threshold P, ~ 11.7. Nonlinear responses of optical ma- 
terials are, however, generally saturating, for example, 
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like f(s) =s/(+ Bs) with B = IWlizk < 1. Such sat- 
urations occur in two-level systems, such as sodium and 
rubidium atomic vapors (Soto-Crespo et al., 1992). 
Modeling filament formation requires a perturba- 
tion theory, following which small fluctuations break 
up steady-state solutions, expressed as ws(r, z)= 
o(r)e<, where ¢ satisfies the differential equation 


1+ Vib+ f(b¢=0 (2) 


and A= const. Stability of @ can thus be investigated 
from the perturbed solution 


Wx, y, 2) = [P@, y, A) + e{v(a, y, z) 
+iw(x, y, 2}e, (GB) 





where v and w are real-valued functions with amplitude 
parameter e < 1. 

Linearizing Equation (1) with respect to these 
functions yields the eigenvalue problem 


d,0 = Low, —d,w = Liv, (4) 
where Lo and L; represent the self-adjoint operators 
Lo = 4-Vi— f(G)., 
Ly =A-Vi-(fG)+2f'G9"1, 5) 


with f/(¢?)= df (u)/du|,—¢2. Combining Equations 

(4), we then obtain aeu =—LpoLy,v, and different 

filamentation-like instabilities may be investigated 

from this general formalism. 

e Modulational instability (MI): Originally, Bespalov 
& Talanov (1966) proposed a modulational insta- 
bility theory, following which oscillatory perturba- 
tions with an exponential growth rate split the beam 
envelope taken as a background uniform solution 
into small-scale cells. Perturbative modes are cho- 
sen as v, w~ cos (kyx) cos (kyy)e”*, and they ap- 
ply to a plane wave ¢ which, by definition, satisfies 
Vig= 0, so that A= f (2). The growth rate y is 
then given by Equation (4): 


y=RRA-W], Asus Wag 
Paki +k. (6) 


Plane waves are unstable with y2>0 in the 
range 0<k <4/2A and the maximum growth rate 
Vmax =A is attained for k=kmax =A. This in- 
stability promotes the beam breakup into a wave- 
train of small-scale filaments regularly distributed 
in the diffraction plane with the transversal spacing 
Amod X 27 /kmax and longitudinal length ~ yo. In 
practical uses, the number of filaments is close to the 
ratio Pin/ Pg, where Pin is the power of the input 
beam and Pg) the power enclosed in one filament. 
Considering each filament with radial symmetry, 
the evaluation Py ~ 27 pene? r|@|? dr ~ 2.65 P, 
holds for unsaturated Kerr media [ f(s) = s]. 
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e Filamentation on a ring: For broad beams, self- 
focusing often takes place as a regular distribution 
of dots superimposed upon ring-like diffraction 
patterns, so that filamentation may not develop 
over the entire surface of the input beam. To 
model this instability, the Laplacian in Equation (1) 
can be rewritten as vi =r—!0,rd, + rae, where 
@ denotes the azimuthal angle. Unstable modes 
v,w~cos(mé)e’* with azimuthal index number 
m break up a spatial ring, which is modeled by a 
uniform background solution ¢ lying on a circular 
path with length s =70, where 7 is the mean radius 
of the ring. Equation (4) then yields (Soto-Crespo 
et al., 1992) 


n= -£) 0 


and the maximum number of modulations on 
the ring is provided by the integer part number 
Mmax = int{F2 A}!/2, An example of filamentation 
on a ring-diffraction pattern emerging from a tenth- 
order super-Gaussian beam is shown in Figure | for 
f(s) =s in the presence of a random-phase noise. 
About seven to eight filaments emerge and rapidly 
collapse. 

e Transverse instability: Although elementary, MI 
theory has been considered as the starting point 
for understanding laser filamentation, until plane 
waves are replaced by bounded solutions. These 
can be the soliton modes of the NLS equation, 
and the resulting instability is termed transverse 
instability. It appears when a soliton @ is perturbed 
by oscillatory modulations developing along one 
axis. For instance, when the Laplacian reduces to 


the 1-dimensional operator vi= a2 in Equation 


(2), a soliton solution (x, A) =V2A sech(/Ax) 
can undergo perturbative modes v, w decomposed 
as V(x), W(x) cos (kyy)e”*. These perturbations 
are local in x and they promote the formation 
of bunches, periodically distributed over the y- 
axis. The operators Lo and L; in Equation (5) 
are transformed as Lp =’ — az —f@)+ Vad and 
L,=Lo—2f'(¢”)¢2. For the cubic nonlinearity 
(f(s) =s), the instability growth rate is close to 
the theoretical curve y = 1.08k3 (32 _ k2) (Rypdal 
& Rasmussen, 1989). The same reasoning holds 
when the Laplacian of Equation (1) includes a 
third dimension, for example, a time variable, along 
which 2-dimensional spatial solitons are subject to 
periodic fluctuations. Because bounded solutions ¢ 
are not always accessible analytically, numerical 
computations are often required for determining y? 
(Akhmediev et al., 1992). 
Besides filament formation, Equations (4) and (5) 
provide information on the inner stability of solitons, 
known as orbital stability, which refers to the ability 


304 


z= 0.01125 


FILAMENTATION 


z= 0.146 








2 1 0 1 2 


Figure 1. Filamentation pattern numerically computed for a 
tenth-order super-Gaussian beam with Pin =30P¢ in a cubic 
medium. 


of initial solutions near equilibrium states to converge 
to robust soliton shapes. Standard procedures allow 
the stability criterion dP(¢)/dA > 0 to be established, 
where P(¢) = f gedr is the soliton power (Kuznetsov 
et al., 1986). Orbital stability applies to filaments 
formed in saturable media with f(s)=as— Bs, 
f(s) =as/( + Bs), or f(s) =a. —e™*), where a 
and 6 are positive constants. Relaxation of filaments 
to stable solitons promoted by the nonlinearity 
f(s)=s/A+2x 1073s) is shown in Figure 2. 

On the whole, filamentation follows from linear 
stability analyses, which are valid as long as e(v +iw) 
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Figure 2. Filamentation pattern numerically computed for a 
Gaussian beam with Pi, = 20Pe in a saturable medium. 


remains smaller than @, thus applying to early stages 
in the beam propagation. At later stages, filaments 
develop into a fully nonlinear regime, and they may 
interact. From the interplay between diffraction and 
nonlinearity, two filaments with radius p and separated 
by the distance A > 2¢ can fuse whenever A is below a 
critical value, A.. This critical distance can be evaluated 
by the balance between the free and interaction 
contributions in the Hamiltonian of Equation (1) (Bergé 
et al., 1997). With no saturation, each filament whose 





MOSES THEY COULDNT WHITE WASH 
FOND IN THECATHGOWBS USGA 








ia - 





os . a? * 
ee) MOV CH 


FITNESS LANDSCAPE 


Figure 3. Filamentation and coalescence event in a two-spot 
pattern produced by a 50 fs pulse with 5 mJ energy propagating 
in air at the increasing distances (from left to right and from top 
to bottom): z = 2.5, 4.5, 6.5, and 8.5 m (Tzortzakis et al., 2001). 










power is above critical creates its own attractor, at 
which it mostly freely collapses. This constraint is 
softened by including saturation, so that filaments with 
powers above critical are able to coalesce into an intense 
central lobe. As an example, the coalescence of two 
spots resulting from the propagation of modulationally 
unstable femtosecond pulses in air is shown in 
Figure 3 (Tzortzakis et al., 2001). 

Modulational instability and multisoliton-like gen- 
eration take place in various nonlinear media, such as 
biased photorefractive crystals or quadratically nonlin- 
ear optical materials favoring the coupling of funda- 
mental and second harmonic fields (Fuerst et al., 1997). 
Filamentation moreover occurs in inertial fusion con- 
finement (IFC) experiments as a harmful instability 
destroying the homogeneity in the beam energy dis- 
tributed in the focal spot. For IFC, it has detrimental 
consequences to the hydrodynamics of the plasma cre- 
ated by a laser beam and contributes to the growth of 
parametric instabilities, which dissipate part of the laser 
energy. To limit its influence, optical smoothing tech- 
niques can be employed. For instance, random phase 
plates are used to generate a diffraction pattern com- 
posed of speckles, whose size Asp is smaller than the 
optimal wavelength Amoa that maximizes the filamen- 
tation growth rate. This contributes to suppress laser 
filamentation (Labaune et al., 1992). 

Luc BerGE 


See also Development of singularities; Kerr effect; 
Nonlinear optics 
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FINGERING 
See Hele-Shaw cell 


FINITE ELEMENT METHODS 


See Numerical methods 





FINITE-DIFFERENCE METHODS 


See Numerical methods 


FISHER’S EQUATION 


See Zeldovich-Frank-Kamenetsky equation 


FISKE STEPS 


See Josephson junctions 


FITNESS LANDSCAPE 


The notion of landscape is chosen in analogy to 
terrestrial landscapes, which are functions over a two- 
dimensional space, f(x, y). Commonly, landscape is 
altitude h as a function of latitude 6 and longitude g: 
h(6, g). In the history of physics, the landscape concept 
was first applied to motion in the gravitational field 
resulting in the concept of a potential energy surface. 
The gravitational potential V depends on altitude, 
latitude, the mass of the particle m, and the gravitational 
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acceleration on the surface of the Earth as a function of 
latitude, g(0): V(@, g) =m g(6) h(O, g). The metaphor 
of a landscape embedded in the gravitational field 
suggests an exploration of optimal downhill paths 
following the negative gradient of the potential, 
— grad V(x) = — (0V/dx1, 0V/0x2,...,0V/0Xn), 
with infinitesimal step width and vanishing kinetic 
energy corresponding to infinitesimally slow motion. 

The landscape metaphor is used today in many 
different disciplines where the optimization of a 
nonsimple cost function is the primary goal. Such a cost 
function may depend on any number of variables, for 
example, spatial coordinates and strengths of external 
fields, and then the space upon which a landscape is 
built will be high-dimensional. Landscapes describing 
complex systems exhibit a large number of local 
minima and maxima. Models of disordered systems, 
spin glasses in particular, were the first examples 
studied in detail. Spin glasses are traditionally studied 
by statistical mechanics and still represent the best- 
studied cases of statistics on complex landscapes 
(Binder, 1986; Dotsenko et al., 1990). 

The notion of fitness landscape was introduced into 
evolutionary biology by Sewall Wright in 1932 as a 
metaphor for the visualization of Darwinian evolution 
as an optimization process (see Wright, 1967). The 
Darwinian mechanism operates on populations over 
the course of many generations. It is based on 
genetic variation of individuals through mutation and 
recombination and selection of the variants with 
largest reproductive success. Reproductive success of 
a genotype J is measured in terms of its fitness value 
Ff, which counts the number of (fertile) descendants in 
the next generation. The concept of a fitness landscape 
or mapping @ assigns a fitness value f, to every 
genotype Jk: @ Ux) = fx. Population genetics describes 
the evolution of a population by means of the time 
dependence in the distribution of genotypes: At time 
t the genotype J; is assumed to be present with 
frequency x;,(t) in a population of N individuals 
distributed over n types or variants. The frequencies 
fulfill ye = Xx =1, and for asexual reproduction, we 
have dxx/dt = xx(fe—f) with f = L_ | xe fe being 
the mean fitness of the population. The time derivative 
of the mean fitness, 

af 


wor omnes: & 


is equal to the variance of the fitness. The mean 
fitness of a population is a nondecreasing function 
of time and, hence, subjected to optimization. The 
frequencies of all variants with fitness values larger than 
average, f, > f, increase whereas those of genotypes 
that are less productive than average, f, < f decrease 
until the genotype becomes extinct. This process 
continues until the mean fitness f has reached its 
maximum because all variants except the fittest have 
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Phenotype Space Real Numbers 


Figure 1. Fitness landscapes illustrated by two consecutive 
mappings, one from genotype space into phenotype space and 
the other from phenotype space into the positive real numbers, 
R4, representing the fitness values. In agreement with the 
available data on biopolymer landscapes, we are dealing with the 
phenomenon of neutrality: There are many more genotypes than 
phenotypes, and different phenotypes may have fitness values 
that cannot be distinguished by selection. 


disappeared. The optimization principle also holds for 
sexual reproduction with recombination, as long as 
variants at a single gene locus are considered, and is 
called Fisher’s fundamental theorem in this context. 
More general models of population dynamics describe 
variation explicitly. When mutation is included and 
several genetic loci are considered, the optimization 
principle is no longer valid. However, it works in the 
mild form as an optimization heuristic in the sense that 
optimization is observed in almost all cases. 

The dichotomy of biological evolution—genetic 
variation in the form of mutation and recombination 
changes genotypes, whereas selection operates on 
phenotypes—suggests a splitting of the conventional 
fitness landscapes into two successive mappings: 
Genotypes are mapped onto a space of phenotypes, and 
the phenotypes are evaluated by a second map to yield 
fitness values (Figure 1): 


Biological evolution: 
genotype = > phenotype => fitness, 
RNA evolution: 
sequences => structure ==> replication rate. 


Evolution experiments with RNA molecules in the 
test tube (Biebricher & Gardiner, 1997) are sufficiently 
simple to allow for a description of the fitness landscape 
in molecular terms. The RNA sequence forms a 
molecular structure that determines the replication rate 
parameters that are the molecular counterparts of fitness 
values. 

In biological landscape metaphors, the genotypes 
are materialized as polynucleotide sequences, DNA 
or RNA. These are strings built from four classes of 
symbols, {A, T(U), G, C}. In RNA T is replaced by 
U. All sequences of given chain length are subsumed 
in a discrete sequence space, Z, with the Hamming 
distance between two sequences J; and I;, ae serving 
as metric. The fitness landscape can be expressed by 


¢: (T;d5} => Rw, (2) 


FITZHUGH-NAGUMO EQUATION 


where the plus sign implies a restriction to strictly 
positive fitness values. The structures are points in 
another discrete metric space S with some distance 


measure between structures de . The fitness landscape 
is properly split into two mappings 


Ws (Tdi) => (Sd) 


and 
f {Sid} => Ry. (3) 


Sequence-structure maps of RNA have been studied 
by means of computer models (Schuster, 2001, 2003) 
on the simplified level of RNA secondary structure. 
As sketched in Figure 1, the number of sequences is 
much larger than the number of secondary structures. 
Hence, many sequences may give rise to the same 
structure. In population biology this phenomenon is 
known as neutrality in sequence space, and it was 
discussed already in the 1980s by Kimura (1983) when 
the first biopolymer sequences became accessible. 
Neutrality was also found to be highly relevant for the 
efficiency of evolutionary processes because it allows 
for escape from local optima that would otherwise trap 
populations for long times (Fontana & Schuster, 1998). 
The nature of landscapes can be analyzed by means 
of an expansion of the landscape in eigenfunctions of 
the Laplacian on the underlying discrete space (Rei- 
dys & Stadler, 2002). The expansion coefficients of 
this expansion allow for estimates of the hardness of 
optimization. Whenever we have only a single domi- 
nating expansion coefficient, the optimization problem 
is much simpler than in the case of equally important 
blending of two or more eigenfunctions. Biopolymer 
landscapes of free energies of conformations or other 
relevant properties turned out to be rather complex as 
several eigenfunctions of the Laplacian were found to 

be important. 
PETER SCHUSTER 


See also Biological evolution; Spin systems 
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FITZHUGH-NAGUMO EQUATION 

Around 1960, Jin-ichi Nagumo (from the University 
of Tokyo) visited with Richard FitzHugh (at the U.S. 
National Institutes of Health), who was adapting the 
relaxation-oscillator models of Karl Bonhoeffer and 
Balthasar van der Pol to provide a more simple 
formulation of nerve membrane switching than the 
four-variable Hodgkin—Huxley system. From this visit 
emerged the Fitz Hugh-Nagumo (FN) system as a two- 
variable oscillator model (FitzHugh, 1961), which led 
to a simplified formulation of neural action potentials 
(Nagumo et al., 1962). 

Neurons display relaxation oscillations par excel- 
lence. When the voltage across the cell membrane (in 
the trigger zone of the soma) exceeds a threshold, they 
fire an action potential and then gradually decay to 
the resting state. If the exciting input is constantly 
above the threshold, the neuron fires repeatedly. The 
frequency of such firing depends on the intensity of the 
input (total input coming from neighboring neurons). 
FitzHugh sought to reduce the Hodgkin—Huxley model 
of this dynamics to a two-variable model for which 
phase-plane analysis applies. His general observations 
were that the gating variables of the Hodgkin—Huxley 
model, n (potassium activation) and h (sodium inac- 
tivation), have slow kinetics relative to m (or sodium 
activation), and that for typical nervesn +h ~ 0.8. Fur- 
thermore, FitzHugh noticed that the voltage nullcline 
had the shape of a cubic function and the n-nullcline 
could be approximated by a straight line, both within 
the physiological range of the variables. This led to 
the following two-variable model that provides a phase 
space qualitative explanation of the formation and de- 
cay of the action potential. 





v=+v(v—90)1-—v)-—yt+7, 
: () 
y=e(u—yy), 


where the dots indicate time derivatives. 

Like all relaxation oscillators, this oscillator has a 
slow accrual phase and a fast release phase. Here v 
is the scaled voltage or membrane potential (namely, 
the output of the neuron), and y the single recovery 
variable accounting for the slow dynamics (sodium 
inactivation and potassium activation variables). The 
difference in time scales between sodium activation 
(m) and sodium inactivation and potassium activation 
(n and h) is represented by e <1. As © increases, 
so does the frequency of oscillation. The constant y 
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is a shunting parameter, 0 <6 <1 is a thresholding 
parameter, and J is an externally applied current. 

Such oscillators exhibit the characteristic dynamics 
of a real neuron. When fed by a constant amount of low 
current, the oscillator gradually increases its voltage 
(or membrane charge) until it reaches the threshold. 
Upon reaching threshold, the neuron fires and quickly 
releases the accumulated charge. If the current source is 
sufficient and is constantly applied, this results in stable 
limit-cycle oscillations. 

The EN oscillator is applied in neuroscience to study 
the synchronization properties of neurons, which is 
particularly easy for relaxation oscillators such as the 
FN model. Following the Hebbian rule, neurons that fire 
closely in time strengthen their synaptic connections, 
and therefore synchronization in neural activity is 
important to the way the states of a brain evolve in 
time. Furthermore, information in neural tissues seems 
to be coded in the spatiotemporal firing of sets o 
neurons that fire synchronously, and tissues that are 
anatomically separated may operate together when they 
are synchronized. 

An ensemble of coupled excitable oscillators o: 
the FN type makes up an excitable medium, through 
which electrical signals can propagate. This is the 
case for a nerve and for other excitable media such 
as muscles. To model the spatiotemporal evolution o: 
membrane potential and its generated current flows in 
such structure, one treats the axon or dendrite branch 
of the nerve as a membrane cylinder, with x denoting 
the distance along the cylinder. If ¢ is the intracellular 
resistivity (in ohm-cm) and d the diameter, then the 
axial current is 





OV 
= — (nd? /4p) : (2) 


which follows directly from Ohm’s law. Conservation 
of current then requires 
oy ony Tion + I(x, t) (3) 
> =pawT lh x,t), 
at 40 ax2— 
where Jion is the ionic current flowing through a unit 
area of the membrane surface and J(x,t) and C are 
an external current and membrane capacitance per unit 
area. 

Applying Equation (3) to the FN case, suggests that 
the electrical propagation in nerves can be represented 
as a reaction-diffusion system of the form 


m 





aveoaVv 
= +F(V)—-Y+4+1 (x,t), 
age ta (V) (x, t) 
oY 
—=«V-yY). 4 
yi e( yY) (4) 


Here F(V) is a function with cubic shape such as 
F(V)=V(V—a)(1—V) or some similar function. 
[Such diffusion models can also be extended to more 
dimensions with a?V /ax? + a?V /ay? and V(x, y; f).] 


FITZHUGH-NAGUMO EQUATION 


Under a traveling-wave analysis, let (x,t) = Oand 
z = x +ct and define dV/dz = W. Then Equations 
(4) become a system of ordinary differential equations 


dv w 

dz 

dw 

— = F(V)-Y-+cw, 

dz 

dy € 

‘dee “V—yY), (5) 
Zz c 


where one seeks traveling-waves solutions as trajec- 
tories (V(z), W(z), Y(z)) that approach the origin 
(0, 0, 0) as z + oo (Scott, 2003). 

With e =0, Y is constant. In this case, the only stable 
traveling wave solution is a level change from one of 
the outer zeros of F'(V)—Y to the other; in other words, 
a moving impulse-like solution does not exist. For 
0 < e< 1, however, there is an impulse-like traveling- 
wave solution (or solitary wave). At arbitrarily small 
values of ¢, this solitary wave continues to exist but with 
the front and back edges of the wave becoming far apart. 
These front and back edges interpolate between the 
slowly varying regions and are called boundary layers 
(as in hydrodynamics). As ¢ — 0 on a scale where the 
impulse length is unity, the boundary layers reduce to 
step functions. 

One of the main research areas related to these 
reaction-diffusion models in electrophysiology focuses 
on pattern formation and cardiac rhythm disturbances. 
FN equations have been used to investigate a variety 
of unusual front-bifurcation and pattern-formation 
processes. The precise conditions for wave front 
formation and subsequent wave propagation in an 
excitable medium are critical for understanding the 
genesis and possible control of re-entrant (spiral-wave) 
cardiac arrhythmias. 





L. VAZQUEZ AND M.-P. ZorRZANO 
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FLAME FRONT 


FIXED POINTS 


See Equilibrium 


FLAME FRONT 


Combustion waves can propagate over a wide range 
of burning velocities that differ by more than three 
orders of magnitude for the same mixture. At one end 
of the velocity spectrum, we have a laminar flame 
(deflagration) that propagates at a typical velocity of 
about half a meter per second for common fuel-air 
mixtures at normal conditions. At the other end, the 
combustion wave propagates as a detonation whose 
speed is of the order of a couple of thousand meters per 
second in the same mixture. In between these limits, we 
have an almost continuous range of turbulent burning 
velocities. Both laminar flames and detonation wave 
are intrinsically unstable and have the morphology of a 
transient cellular structure (Figure 1). 

A laminar flame is essentially an isobaric diffusion- 
reaction wave. Its propagation speed is determined by 
the rate of diffusion transport of heat from the reaction 
zone to the cold unburned mixture and the characteristic 
time of heat release of the chemical reactions. A laminar 
flame speed (S_) is proportional to the square root of 
the product of thermal diffusivity (Din) and the reaction 
rate (wr) (i.e., SL ~ V Dthwr). The reaction rate is given 
by w; ~ exp(— E/ RTs) in which E is the activation en- 
ergy and 7; is the flame temperature. Because the acti- 
vation energy is very large in general, the reaction rate is 
extremely temperature sensitive. Thus, any fluctuation 
in the flame temperature will result in a large variation 
in the reaction rate leading to the development of insta- 
bility of the flame front. Due to the large density and 
temperature changes across the flame, a strong thermal 
expansion of the burned gas results from the conserva- 
tion of mass. The flame as a strong density interface as 
well as an expansion wave is subject to a number of 
dynamic instability mechanisms in the presence of an 
acceleration field. Furthermore, competition between 
heat and mass diffusion across the flame results in ther- 
mal diffusion instability. Rapid density changes across 
the flame also give rise to acoustic wave generation 
that can couple with increase in burning rate to induce 
acoustic driven instability. Thus, in practice, there is a 
wealth of instability mechanisms that render laminar 
flames unstable. Various instability mechanisms can be 
at work simultaneously and can influence each other. 
However, historically, each instability mechanism was 
isolated and studied individually and was, thus, named 
after the original researchers. 

The flame as a density interface is unstable when 
subjected to an acceleration field (for example, gravity). 
If the flame propagates upward, the light burned gas 
(Pp) is at the bottom and the heavy unburned gas (py) 
is on the top. The lighter fluid will be driven upward 
(i.e., buoyancy) whereas the heavier fluid is driven 
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Figure 1. Cellular structures of laminar flame and detonation 
front. (a) Laminar outward propagating spherical flame (rich 
dimethyl ether-air at equivalence ratio of 1.2 and 10atm). 
(b) Detonation: unstable cellular detonation front as recorder 
upon reflection from a soot-coated glass plate (C2H2—-O2 
mixture at 10 mmHg). 


downward by gravity (g). This motion will destabilize 
the interface, and hence, small perturbations on the 
flame surface will grow with time (ft). If the perturbed 
flame surface (F) is defined as A exp(ot + ikx), where 
k is the wave number and x the space coordinate, 
the disturbance growth rate o can be determined from 
normal mode stability analysis as 


o = Vgky/2—y), 


Therefore, instability occurs at all wavelengths but 
growth is faster at shorter wavelengths. This phe- 
nomenon was first discovered by Lord Rayleigh (1883) 
and later by Geoffrey Ingram Taylor (1950), and thus, 
it is referred to as the Rayleigh—Taylor instability. This 
instability is common to all density gradient fields in 
the presence of an acceleration field normal to it. 

Due to the density change across the flame, the 
flow velocity increases as the density ratio because the 
flame is approximately isobaric. The expansion across 





y=1-pr/p. () 
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the front will induce a divergent flow field ahead of a 
curved flame (Williams, 1985). This divergence slows 
down the local flow speed ahead of the curved flame 
front, and assuming the flame speed to be constant, this 
will result in a growth of the curvature of the flame. 
This instability was first discovered by G. Darrieus 
(1938) and Lev Landau (1944). The Darrieus—Landau 
instability was obtained by treating the flame as a 
surface of discontinuity moving at a constant speed. 
In the limit of small density change, stability analysis 
gives the growth rate as 


o = ykS,/2. (2) 


Therefore, it was concluded that a flame front is 
unstable to perturbations at all wavelengths, with 
growth rate proportional to wave number (i.e., 
perturbations grow faster for small wavelengths). 
Unfortunately, this conclusion was contrary to later 
laboratory observations of small-scale stable flames. 

The deficiency of this model was the result of 
neglecting the finite thicknesses of the flame front, 
which influences the flame speed when the flame is 
curved. To include the effect of flame thickness, George 
Markstein (1951) proposed a phenomenological model 
by adding a modification of flame speed due to 
curvature and showed that curvature decreases the 
flame speed and tends to stabilize the flame at 
short wavelengths inhibiting its growth. A more 
rigorous derivation of the dispersion equation including 
diffusion effect on the flame speed (in the limit of small 
density jump) was given later by Gregory Sivashinsky 
(1983) as 
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where Dink? in the second term of Equation (3) 
represents the thermal relaxation via transverse thermal 
diffusion that stabilizes the flame. Le is the Lewis 
number (i.e., the ratio of thermal diffusivity to mass 
diffusivity) and (Le— 1) in the second term denotes 
the competition between heat loss via thermal diffusion 
and the enthalpy gain via mass diffusion. As a result, 
flame temperature will increase or decrease if Le is 
less or larger than unity. Equation (3) shows that if 
Le — | is less than — 2/8 ( f is the reduced activation 
energy), diffusion transport will destabilize the flame. 
This is the mechanism of the cellular instability. The 
third term in Equation (3) is the thermal relaxation 
to the modification of flame temperature caused by 
the heat and mass diffusion (Clavin, 1985). Therefore, 
for long wavelength disturbance, the hydrodynamic 
instability dominates (Figure 1a). At short wavelengths, 
diffusion relaxation stabilizes the flame. At moderate 
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wavelengths, the competition between heat and mass 
transfer induces cellular instability at small Le. At large 
Le, flame temperature is very sensitive to the mass 
diffusion of the deficient reactant. Coupling between 
the diffusion and temperature sensitive reaction yields 
pulsating and spinning waves. This traveling wave is 
often seen in lean propane-air flames. 

By further considering the effect of flame curvature 
on flow field, Equation (3) can be normalized as an 
evolution equation of flame front 


Ft 3(VFY + VF +4V4F =0 (4) 





This is the so-called Kuramoto-—Sivashinsky equation 
which was independently developed by Yoshiki 
Kuramoto (Kuramoto & Tsuzuki, 1976) for the study 
of phase turbulence in the Belousov—Zhabotinsky 
reaction and by Gregory Sivashinsky (1983) for thermal 
diffusive instabilities of flame fronts. This equation 
has also been used to model directional solidification 
and weak fluid turbulence. However, the assumption 
of small density jump used in Equations (3) and (4) 
is not rigorous in practical flames. A unified model 
considering large density jump and Le was obtained 
by Class Andreas et al. (2003). 

Heat release by combustion results in an increase 
in the specific volume of the product gases and thus 
generates acoustic waves (Chu, 1956). The acoustic 
waves play two roles in affecting combustion: (1) 
inducing pressure-heat release coupling via pressure- 
dependent reactions, and (2) increasing flame surface 
area via the baroclinic torque (Meshkov instability). 
If the changes of pressure and chemical heat release 
are in phase, the acoustic instability occurs (Rayleigh, 
1877; Markstein, 1953; Clavin, 2002). Lord Rayleigh 
first used this criterion (Rayleigh criterion) to explain 
the singing flame and Rijke’s tone (where heating 
the bottom of a tube causes it to produce sound). 
The acoustic instability causes the major problems of 
noise and vibration in combustors (Putnam & Dennis, 
1953). On the other hand, volumetric heat loss reduces 
the flame speed and changes the resident time of the 
emitting gases. This coupling triggers the radiation 
induced instability for weak flames (Ju et al., 2000). 

At the upper limit of propagation of combustion 
waves, the propagation mechanism is not due to 
diffusion. The flame instability mechanisms discussed 
above are too slow to be relevant in detonation 
wave instability. A detonation wave is a supersonic 
compression wave where mixture is ignited by the 
adiabatic compression of the leading shock. The 
classical structure of a detonation wave was formulated 
by Yakov Zeldovich, John von Neumann, and W. 
Doring (ZND) independently in the early 1940s and 
consists of a leading shock followed by the reaction 
zone after a short induction length (Zeldovich, 1940; 
von Neumann, 1942; Déring, 1943). Gas dynamic 
theory gives the detonation wave speed as proportional 
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to the square root of the chemical heat release and does 
not involve any non-equilibrium rate processes. Again 
due to the high-temperature sensitivity of the reaction 
rates, small temperature fluctuations due to variation of 
the leading shock speed will result in large variations 
in the induction length and reaction rates, hence the 
coupling between the energy release zone and the 
leading shock. The instability yields a transient three- 
dimensional cellular detonation front (Lee, 1984). 
The unstable cellular detonation front consists of an 
ensemble of interacting transverse shock waves with 
the leading shock front. The cell boundaries (Figure 1b) 
are formed by the intersections of the transverse 
shocks. Shock interactions (Mach reflections) also 
give rise to the formation of shear layers which lead 
to turbulence generation due to Kelvin-Helmholtz 
instability. Chemical reactions in cellular detonations 
occur in disjointed piecemeal zones embedded within 
the complex of interacting shocks and shear layers. 
The instability of the laminar ZND detonation struc- 
ture was demonstrated theoretically by standard nor- 
mal mode stability analysis using the one-dimensional 
Euler equation (e.g., Erpenbeck, 1964; Lee & Stewart, 
1990). In one dimension, unstable detonations are re- 
ferred to as pulsating detonations that go from harmonic 
oscillations near the stability limit to highly nonlinear 
and eventually to chaotic oscillations with the increase 
of the activation energy. By examining the bifurcation 
diagram, it is interesting to find that the path to higher 
instability mode follows closely the Feigenbaum route 
(Feigenbaum, 1983) of a period-doubling cascade ob- 
served in many nonlinear systems. One-dimensional 
pulsating detonation as well as two- and _ three- 
dimensional cellular detonations have been reproduced 
qualitatively via numerical simulation using the reac- 
tive Euler equations (Bourlioux et al., 1991; Short & 
Stewart, 1999). However, the detailed description of 
the turbulent structure and chemical reactions requires 
resolutions far beyond current computing capabilities. 
In between the two limits of laminar flames and det- 
onations, there is a continuous range of flame speeds 
that depend on turbulence. The morphology of a tur- 
bulent flame is a time-dependent cellular or wrinkled 
surface. Turbulent flame is, in fact, an unstable flame, 
and the effect of turbulence is to increase the burning 
rate via faster transport and increase in burning sur- 
face area. In the limit of very intense turbulence where 
mixing and reaction rates are comparable, auto-ignition 
may result, and thus, the mechanism becomes similar 
to that of a detonation. It differs only in the manner in 
which auto-ignition is achieved by turbulent mixing of 
fresh mixture with hot products or by adiabatic heating 
of the leading shock. Thus, nature tends to maximize 
the burning rate of a mixture, and instability is a route to 
optimize the burning rate for given initial and boundary 
conditions. 
YIGUANG JU AND JOHN LEE 


311 


See also Candle; Explosions; Forest _ fires; 
Kuramoto-Sivashinsky equation; Reaction-diffu- 
sion systems; Zeldovich-Frank-Kamenetsky equa- 
tion 
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FLIP-FLOP CIRCUIT 

A bistable circuit is one that can exist indefinitely in 
either one of two stable states and that can be induced 
to make an abrupt transition from one stable state to 
the other by means of an external excitation. Bistable 
circuits are known by a variety of names, such as 
bistable multivibrator, Eccles—Jordan circuit (after the 
inventors), trigger circuit, binary, and flip-flop, the latter 
being the term that we adopt. Flip-flops are used for 
the performance of many digital operations such as 
counting and storing of binary information. 

In general, digital (switching) circuits may be either 
combinational or sequential. In combinational circuits 
the Boolean relation that describes the output function 
is at any moment uniquely determined by the inputs. 
The output function is independent of all prior input or 
output conditions and the circuit is without memory. In 
contrast, the sequential circuit contains feedback and 
its outputs depend not only on the present inputs but, 
in general, also on the entire past history of inputs. The 
flip-flop is a basic sequential circuit that functions as a 
basic logic memory element. It has two distinct states 
of equilibrium and may, therefore, be used as a single 
binary-digit (bit) storage device. The two stable states 
are referred to by various names such as TRUE and FALSE, 
HIGH and Low, or | and 0. 

Sequential circuits can be presented using a 
graphical tool known as a state diagram. In a state 
diagram, nodes are used to represent the different states 
of a circuit, and connections between nodes are used to 
show transitions between states with different inputs 
that act as conditioning signals. Figure 1 represents a 
general bistable circuit. Let us denote the present state 
of the circuit as Q(t) and the state that follows after a 
time interval At as Q(t + At). Then the circuit stays in 
state 1 as long as condition | is applied, but moves to 
state 0 when condition 2 is applied. Similarly, it stays 
in state 0 as long as condition 3 is applied, and moves 
to state 1 when condition 4 occurs. 

Four types of flip-flops are presently in use, RS 
(conditional Set and Reset), JK (unconditional set and 
reset), D (Delay), and T (Trigger), and they have 
different sets of conditions for transition between the 
two states. For example, the characteristic equation for 


FLIP-FLOP CIRCUIT 


agi condition 2 . 
condition 1 condition 3 


condition 4 





Figure 1. State diagram of a general bistable circuit. 
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Figure 2. Basic switching elements, (a) AND and (b) oR. An 
ideal switch consists of a pair of contacts that have zero 
internal (or switch closed) resistance and infinite leakage (or 
switch open) resistance. Transitions from one state to the other 
should be instantaneous. It should attain the open and closed 
states with equal probability. Although these characteristics have 
been approached most closely with every new technological 
generation, we deal in reality with approximations to them. 
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the RS flip-flop is given as 
O(t+ At)=S+ O(t)-R (1) 
under the constraint 
S:R=0. (2) 


Here + (or), - (AND), and — (not, also known 
as inversion and complement) are operations from 
switching algebra. Switching circuits which represent 
the anp, A-B, and the or, A+B, functions are 
presented in Figures 2a and b, respectively. 

The mathematical theory of switching circuits, first 
postulated by Shannon (1938, 1949), is based on 
Boolean algebra. It is defined on a set U that consists 
of two values, 0 and 1, two basic binary operations, - 
(which is also called anp, product or conjunction), and 
+ (which is also called or, sum or disjunction), and 
a set of basic postulates that were derived and proven 
by Edward Huntington in 1904, based on the work of 
George Boole in 1847. 

Switching circuits have been designed from various 
technologies; for example, vacuum tubes were used 
in their early development. They have become 
dramatically faster and dramatically smaller in size with 
every new technology. The advent of integrated circuits 
(ICs), in which many discrete components (diodes, 
transistors, and resistors) are fabricated at the same time 
on one chip of silicon, has led to many different types 
of switching circuits in IC form. Recent research in 
nanoelectronics has introduced the concepts of resonant 
tunneling diodes, electronic quantum cellular automata, 
single electron transistors, and molecular electronic 
devices. 
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Figure 3. The RS flip-flop with NAND gates (top) and 
its truth-table (bottom). Its characteristic equation is 


QO(t+ At)=S- O(t)=S-QO(t):R=S+OQ(t)-R. Here we 
used de Morgan’s laws: for any two subsets A and B of the U, 
we have A-B = A+ BandA+B=A-B. 














The basic switching circuits are called gates. Often 
NAND and Nor gates are used, as they are easier to im- 
plement. The RS flip-flop can be designed simply by 
interconnecting a pair of two-input NAND gates, with 
appropriate feedback, as shown in Figure 3. The truth- 
table in Figure 3 gives input values, R and S, that con- 
dition changes from a present state Q(t) to a next state 
Q(t + At). Itis constructed by considering the physical 
action of the circuit shown in the same figure. For exam- 
ple, to stay in state 1, the equivalent to input condition 1 
in Figure 1 is R = 0, and S need not be defined; its value 
is x. The entries marked with x correspond to “not al- 
lowed” or “don’t care” inputs because, under these con- 
ditions, when both R and S are present simultaneously, 
the operation of the circuit becomes uncertain. 

The At is a delay that occurs between the present 
state and the next state. This delay is essential in 
the operation of sequential circuits. With respect to 
the delay, two types of sequential circuits can be 
distinguished: synchronous and asynchronous. The 
synchronous sequential circuits trigger on receiving a 
certain clock pulse. The maximum frequency of the 
clock is defined by the operational time of the slowest 
element in the circuit. State transitions in a synchronous 
sequential circuit thus occur with a constant frequency. 
The delay in asynchronous sequential circuits changes 
from transition to transition, i.e. At 4 const. 

The RS flip-flop, introduced above, is a bistable 
multivibrator. It stays in one of two states that can be 
changed only when an external input is applied. If there 
are no external inputs, but one state causes a transition 
to the other state and this repeats continuously, the 
multivibrator is said to be astable. It is not stable in 
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either state and alternates between them at a specific 
frequency. The astable multivibrator is, in fact, a free- 
running oscillator. The frequency is usually determined 
by a capacitor placed between the two gates and a 
resistor in parallel with each gate. Thus the delay, Ar, 
and consequently the frequency, are determined by the 
values of the capacitor and resistors. 

In general, every oscillator contains a positive and 
negative feedback loop at the same time. For example, 
a unit with one excitatory and one inhibitory neuron 
that are mutually connected is a neuronal oscillator. 
The model proposed by Wilson and Cowan (See 
Inhibition), who introduced an inhibitory neuron and 
by this a positive along with the negative feedback loop, 
is today known as the Wilson—Cowan oscillator. As the 
exchange of energy and matter is continuous in every 
biological process that is based on existence of both 
positive and negative feedback loops, an oscillator can 
be seen as a basic biological unit. 

Flip-flop circuits are today used as a general 
paradigm for bistability in a very wide range of non- 
linear systems, one of many examples being the phe- 
nomenon of stochastic resonance (Fauve & Heslot, 
1983). 

ANETA STEFANOVSKA 


See also Coupled oscillators; Feedback; Inhibi- 
tion; State diagrams 
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FLOQUET THEORY 
See Periodic spectral theory 


FLUCTUATION-DISSIPATION 
THEOREM 


In the 19th century, there were two schools of thought 
on the existence of atoms, those that believed in them 
and those that did not. Remarkably, it was not until 
the early 20th century that the experiments of Jean 
Perrin—summarized in his 1913 book Atoms (Perrin, 
1913)—established once and for all the existence of 
atoms. One of the laws Perrin experimentally verified 
was the fluctuation-dissipation relation, which inter- 
relates the physical notions of randomness (through 
fluctuations) and determinism (through dissipation) 
(Montroll & West, 1979). 

No matter how carefully experiments are done, 
they never yield the same value of a physical 
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observable from one measurement to the next. The col- 
lection of values from such measurements is called 
an ensemble, and the number of times a measure- 
ment falls in an assigned interval divided by the to- 
tal number of measurements in the ensemble yields a 
probability, which when all the intervals are taken to- 
gether yields a probability distribution function. The 
best representation of this ensemble of measurements 
is the mode of the distribution (or ensemble aver- 
age) as first noted by Carl Friedrich Gauss (1809). 
The deviations of a physical observable from its av- 
erage value are called fluctuations, which are typically 
small and random. In physical systems, the source of 
these fluctuations is thermal agitation of the atoms. 
Thus, the thermodynamic properties of an equilib- 
rium physical system are determined by the probability 
density, through the averages, and not by the instan- 
taneous values of the positions and velocities of the 
atoms. 

The changes in macroscopic physical systems over 
time comprise a combination of deterministic dynam- 
ics and microscopically induced macroscopic fluc- 
tuations. Albert Einstein, in 1905, was the first to 
fully appreciate the influence of these fluctuations on 
macroscopic transport phenomena in his investigations 
of the phenomenon of equilibrium diffusion (Furth, 
1956). Einstein showed that the strength of the fluctua- 
tions, as measured by their mean-square level through 
the diffusion coefficient, D, is directly proportional to 
the temperature of the ambient fluid, kT /2, which is 
the average kinetic energy per degree of freedom of 
the ambient fluid particles. The constant of proportion- 
ality between the temperature and the diffusion co- 
efficient is the dissipation time per unit mass, 1/m, 
thereby inter-relating the fluctuations and dissipation 
of the medium through the particle’s motion 

2AkT 
D=—. qd) 
m 
Equation (1) was the first fluctuation-dissipation 
relation and demonstrates that macroscopic fluctuations 
and dissipation have the same microscopic origin. 

Two decades before Einstein’s analysis of diffusion, 
Walther Nernst (1884) investigated the combined 
process of mobility and diffusion to determine the size 
of the charge on an individual particle. He established 
that the mobility is proportional to the ratio of the 
diffusion coefficient to the temperature, and the charge 
of the particle is the proportionality constant. This ratio 
is usually called the Einstein equation even though 
Nernst discovered it. One can more generally define 
the mobility of a particle as the terminal velocity per 
unit force, through a generalized Nernst relation 


D=kT x mobility (2) 


for any sort of particle that is free to move but is subject 
to frictional drag. The linear transport coefficient 
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(here the mobility) was only partially understood 
until Harry Nyquist (in considering the fluctuations in 
the current flowing through an electrical resistance) 
showed that the circuit impedance can be used to 
compute the fluctuations arising from the thermal 
agitation of the electrons (Nyquist, 1928). Nyquist’s 
form of the fluctuation-dissipation theorem gives the 
mean-square voltage fluctuations as proportional to 
the product of the temperature and resistance, with 
the proportionality constant being the bandwidth. 
Alternatively, the temperature can be written as the ratio 
of the spectral density of the random fluctuations of 
the electromotive force Se(w) to the real part of the 
impedance Z(w): 


Se(w) = 2kT Re Z(w) (3) 


at the frequency w. When the Nyquist relation (3) 
was first derived, the applicability of the underlying 
reasoning to other linear transport processes involving 
thermal noise was not appreciated. 

Let us consider the dynamical equation constructed 
by Paul Langevin concerning the forces acting on a 
particle in a fluid (Langevin, 1908). The equation of 
motion for a particle of mass m is 


ee i age Bop (4) 
dt yp 

where u is the particle velocity, 4 is the mobility 
(the inverse of the dissipation), F is an external 
driving force, and f is a fluctuating force with 
zero mean produced by the thermal agitation of the 
ambient fluid particles. The Fourier transform of 
Equation (4) yields the impedance for the particle 
Z(@) = F(@)/ii(w) =imo + wo!. The average of 
the transformed equation yields the Nernst relation 
for a constant external force: (u(0)) =F. The 
diffusion coefficient is given by the integral over 
the velocity autocorrelation function, which using 
Parseval’s theorem can be written in terms of the 
velocity spectral density, S,,(@), as 


D = 25S, (0). (5) 


This expression for the diffusion coefficient is valid for 
any form of the velocity autocorrelation function and 
velocity spectral density, under the condition that the 
underlying process is stationary in time. 

In general, one can conclude that the autocorrelation 
function of the random force in a physical system is 
proportional to the dissipation in that system, with the 
proportionality constant given by the temperature kT. 
This relation can be summarized as 


(FOF) = 2D8E -1'), (6) 


so that the diffusion coefficient determines the strength 
of the fluctuations. Further, there are time-dependent 
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can see, this little boy’s eyes are a bit 
different from the normal blue. His eyes 
reflect neon green when light is shined on 
them, similar to the reaction of a cat’s eyes. 
Aren’t they pretty? Oh, and one other thing: 
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generalizations of this form of the fluctuation— 
dissipation relation, where the 5 function is replaced 
with a memory kernel, as well as extensions from the 
classical to the quantum domain, see, for example, 
Lindenberg & West (1990) for a review. However, each 
elaboration contains essentially the same information, 
namely, that microscopic dynamics are amplified to 
macroscopic fluctuations and dissipation. A complete 
understanding of the macroscopic phenomena of 
fluctuations and dissipation therefore requires an 
understanding of microscopic dynamics. 
Bruce J. WEstT 


See also Brownian motion; Diffusion; Fokker- 
Planck equation 
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FLUID DYNAMICS 

The field of fluid dynamics is devoted to the study 
of flows of matter in the liquid or gaseous state or 
in the form of multiple phases including suspensions 
of solid particles in liquids or gases. While it is in 
principle possible (and sometimes appropriate) to apply 
Newton’s laws to individual molecules of a fluid and 
to describe the flow as an average over trajectories of 
the particles (See Molecular dynamics), it is usually 
far more efficient to consider liquids and gases as a 
continuum and to apply the equations for the dynamics 
of continuous media. 


Conservation Laws of Continuous Media 


The laws of the conservation of mass, momentum, and 
energy can be written in the form 
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where V denotes an arbitrary volume fixed in space 
and dV denotes its surface. o is the density of the 
continuous medium, v; is the velocity vector, and p F; is 
the body force density acting on the medium. A typical 
example for F; is the acceleration of gravity. e is the 
internal energy per unit mass, pq is the heat source 
density, and h; denotes the heat flux. Contributions 
like absorption and emission of radiation have not been 
included explicitly in the energy balance (1c). But in 
optically thick media they can be subsumed under g and 
h;. The index notation has been used where the index 
i refers to the coordinates 1, 2,3 of a Cartesian system 
of coordinates and where the summation over indices 
occurring twice in any term is implied. Relativistic 
effects have been neglected in writing Equations (1) 
that are thus valid only for velocities small compared 
with the velocity of light. 

The fundamental quantity of the dynamics of a con- 
tinuous medium is the stress tensor S;; which describes 
the surface force S;;n; exerted on a surface element 
with the normal unit vector n;. More exactly, S;jnj is 
the force per unit area exerted by the material pierced 
by n; on the material pierced by —n;. The concept of the 
surface force was advanced long before the atomistic 
nature of materials became generally accepted. Sur- 
face forces in the ideal sense do not exist in nature. 
But since the forces between molecules in materials 
act only over atomic distances, the concept of surface 
forces has turned out to be very useful. The limitation 
should be kept in mind, however, in the fluid dynamical 
treatment of the dynamics of galaxies, for instance. 

For applications of the conservation laws (1) it is 
convenient to formulate them in differential form by 
taking the limit V — 0 and using Gauss’ theorem, 


a 
(3 t va) 0 t pdjvj =0, (2a) 








a 
at 





Pai + pvjdjy; = pF; +0; Sij, (2b) 





a 
9p Pe + O;(pvje) = Sij0jvj + pq —djhj. (2c) 
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In deriving (2b) from (1b) and (2c) from (1c), we have 
used relationships (2a) and (2b), respectively. While 
Equations (2) apply to all continua, including solid 
materials, for applications to fluids the stress tensor is 
separated into two parts, 

Siz = — pdij + Si; (3) 
where p is the thermodynamic pressure and S; j 
is the part of the stress tensor which depends on 
viscous friction and other dissipative effects. Then 
S},;0; = e® is the irreversible conversion of work into 
heat. After using (2b), we may write (2c) in the form 





+ p =&+4+q-p!d;h;, (4) 
where the material derivative 


D a 
De a ©) 

has been introduced that describes the change in time 
with respect to the frame of reference moving with 
the fluid. This is also referred to as the Lagrangian 
description in contrast to the Eulerian description where 
the time derivative at a fixed point in space is taken. 

In applications, the pressure p and the temperature 
T are usually the most readily known thermodynamic 
variables. We thus use the relationship e = h — p/p for 
simple materials where h is the specific enthalpy and 
obtain 











ah ii 
dh=c, dT + dp=c,dT +—(1—aT) dp, 
PIT Pp 


(6) 
where some simple thermodynamic relationships have 
been used and a@ = p(dp—!/aT) p is the coefficient of 
thermal expansion. As a final result, we thus obtain the 
energy equation in its most useful form 








Ds DT aTDp 1 
Dt Dt p Dt p 
Fourier’s law, hj = — A0;T, is commonly used for 


the heat flux, and for laboratory applications, it is a 
good approximation to neglect a7p—!Dp/Dt + © in 
comparison with c, DT/Dt. In this case, the familiar 
heat equation 


a 
(F + a)) P= a +49;aj7 (8) 


is obtained where 4= const. has been assumed and 


where k = A/pcp is the thermal diffusivity. 


Dynamics of Inviscid Fluids 


The simplest equation of fluid dynamics is obtained 
when viscous, elastic, and other effects are neglected 
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and Sj; = — p6djj is assumed. The resulting Euler 
equation, 

a ‘ -1- 
yi i vj0; Uujie=—-/p dip + Fi, (9) 


is most easily solved when the fluid is incompressible 
and p = const. can be assumed. In that case 


ajvj =0 (10) 


holds and an equation of state connecting p and p is 
not needed. 

A more general form of the equations is obtained in 
the barotropic case when the density is prescribed as 
a function of the pressure alone as, for instance, in the 
form of a polytropic relationship 


v 
D= po (2) , (ly 
po 


This expression is valid, for example, for adiabatic 
changes of an ideal gas in which case y equals the ratio 
of specific heats, y =c,/cy. The equation for sound 
waves can be obtained when Equations (2a) and (9) 
are linearized around the static equilibrium state with 


P= po, P= Po, 


On « 
ah = 1040. (12) 
where y po/p0 = ford is the square of the speed of sound. 
For general fluids, the relationship ee = 0p/dp holds. 
The ratio of a characteristic velocity divided by the 
sound speed is called the Mach number Ma. The 
domains of fluid flow with Ma > 1 are usually separated 
from regions with Ma <1 by shock fronts in which 
energy is dissipated and frictional processes must be 
taken into account. 

A fundamental consequence of Equation (9) is 
Kelvin’s theorem, 


2 v-dl=0, (13) 

Dt Jo 
where the integral is called the circulation and must 
be taken over a closed curve C moving with the fluid. 
Theorem (13) holds for barotropic fluids when the force 
field F; is conservative; that is, it can be written as the 
gradient of a single-valued scalar function. The prop- 
erty that the circulation is an invariant of fluid motion 
represents an elegant formulation of Helmholtz’s vor- 
tex theorem, which states that the strength of a vortex 
tube moving with the fluid remains unchanged, 


D 
a [yx eA =o, (14) 
Dt Js 

where the surface S is bounded by a closed mate- 


rial curve, C. V x v is called the vorticity field of 
the velocity field v. The manifold of vorticity vectors 
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intersecting the curve C generates as tangential vectors 
the surface of the vortex tube. Kelvin’s theorem and 
Helmhotz’s theorem are connected, of course, by 
Stokes’ theorem. 

An important consequence of theorem (13) or (14) is 
that motions starting in a fluid from rest have vanishing 
vorticity if the force field is conservative and viscous 
effects can be neglected. An incompressible fluid with 
vanishing vorticity obeys the equation 


v=Vo with V7¢=0. (15) 


Such flows are called potential flows. 


Dynamics of Viscous Fluids 


In the general case, the stress tensor S/, may be a 
rather complex function of the properties of the fluid 
and its motions. The various problems arising in this 
connection are the subject of the field of rheology. 
Fortunately, the most important fluids such as air and 
water and many others can be described as Newtonian 
fluids for which a linear homogeneous relationship 
holds between S; ij and the velocity gradient tensor 0;v;, 





Sf; = w(Givj + jv; — FOij9evK) + (15ij AevE, (16) 


where jz is the dynamic viscosity and jz is the bulk 
viscosity. It is difficult to measure the latter property. 
Because (1 = 0 can be shown to hold for mono-atomic 
gases, this relationship is often generally applied in 
which case the Navier-Stokes equations are obtained, 


a 
p (5 t 04) vj = —Ojpt+pF; 
+0; (u(:vj +8; 0; — 351; eve) - 
(17) 





Fora given force field F;, this equation together with the 
equation of continuity (2a) and a barotropic equation 
of state, p=p(p), provides a complete set for the 
determination of the variables v;, e, p (See Navier- 
Stokes equations). 

An even simpler set of equations can be obtained for 
incompressible fluids with o = const., jz = const., 





a 
( + 7) U= air + F; + vdj0;v;, (18a) 


ajvj = 0, (18b) 


where the kinematic viscosity v=/p has been 
introduced. Using U as typical velocity and d as a 
typical length scale, we find for the ratio of the last terms 
on the left- and right-hand sides of Equation (18a) 


ae (19) 
v 


which is called the Reynolds number. In the low 
Reynolds number limit, the Stokes equation is obtained 
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in which the term v;0;v; in Equation (18a) is dropped. 
In the high Reynolds number limit, the Euler equation 
does not become applicable, in general, because of 
the existence of a turbulent cascade where energy is 
transferred to smaller and smaller scales such that the 
term vd;0;v; cannot be neglected in the limit v > 0 
(See Turbulence). 


Buoyancy-driven Flows 


Among the force fields that are not conservative and 
therefore tend to generate motions with vorticity, buoy- 
ancy forces are the most common ones. Especially in 
atmospheric, oceanic, and astrophysical applications, 
buoyancy-driven flows are of fundamental importance. 
In order to keep as much as possible of the convenient 
properties of the Navier-Stokes equations for incom- 
pressible fluids, the Boussinesq approximation is usu- 
ally introduced in which the temperature dependence of 
the density, say p = po(1 — y(T — Tp)), is taken into 
account in the gravity force term only, while p is re- 
placed by o elsewhere in the equations. Together with 
the heat equation, the following set of equations is 
obtained: 


(re) 
tu-VjJov= 
or 





Vax —y(T—To)g+vV°v, 


(20a) 
V-v=0, (20b) 
(= +0: v) T=kVT, (20c) 


where g is the gravity vector and where Vz includes 
all terms that can be written as a gradient. Because 
the pressure dependence of the density is neglected in 
the Boussinesq approximation, the contribution ® must 
also be neglected (Busse, 1989). 

A simple solution described by these equations is the 
flow between two parallel plates with separation d that 
are kept at different temperatures and that are inclined 
at an angle x with respect to the horizontal plane (see 
Figure 1). 


v =2(2* —d?/4)ygsinx(TIy—T))i, (21a) 
T=To+(Ih—T;)z/d.  (21b) 


A Cartesian system of coordinates has been assumed 
with the z-coordinate normal to the plates and the origin 
in the middle between the plates. 2 is the unit vector 
in the direction of inclination parallel to the x-axis as 
shown in Figure 1. 7; and 7> are the fixed temperatures 
at the boundaries z= — 0.5 and +0.5, respectively, 
and To = (T7 + T;)/2. Since in laboratory realizations 
of this configuration the space between the plates will 
be enclosed by side walls, the condition that the total 
mass transport between the plates vanishes has been 
imposed. Of special interest is the case y (Tz — T,) <0 
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Figure 1. Inclined fluid layer heated from above. 


when the density increases opposite to the direction 
of gravity such that an unstable stratification results. 
In a horizontal layer where solution (21a) vanishes, 
the instability occurs in the form of Rayleigh—Bénard 
convection. The dimensionless control parameter 
for this case, Ra=yg(To — T,)d3 /kv, is called the 
Rayleigh number. Convection rolls set in when Ra 
exceeds a critical value Ra, depending on the boundary 
conditions. Besides buoyancy driven rolls aligned with 
the x-axis for xy 4 0 hydrodynamic, instabilities may set 
in in the form of transverse vortices. Since these forms 
of secondary states of motion are themselves subject to 
secondary instabilities, sequences of bifurcations are 
observed leading to increasingly complex patterns of 
fluid flow as indicated in Figure 2 for a few examples. 
The variety of patterns that can be realized continue 
to be a subject of intense experimental and theoretical 
research (See Taylor—Couette flow). 

A role similar to that of buoyancy is played by the 
temperature dependence of surface tension that may 
give rise to instabilities much like Rayleigh-Bénard 
convection. Instead of the parameter Ra, the Marangoni 
number M=£&(T> — T\)d/kn is used as a control 
parameter, in this case where € = d0/dT denotes the 
derivative with respect to temperature of the surface 
tension o. 


Dynamics of Rotating Fluids 


The Navier-Stokes equations (17) are invariant with 
respect to a Galileo transformation; that is, they retain 
their form in the transition from one inertial frame of 
reference to another one. When the transformation is 
made from an inertial to a frame of reference rotating 
with the constant angular velocity Q, it must be taken 
into account that the transformation of a vector field a@ 
is different from that of a scalar field ¢, 


a a 
—a=(—4+2xr-V-Qx )a, (22a) 
at’ ot 


a a 
o=(S4axrv)e (22b) 
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that is, a constant vector field in an inertial frame 
becomes time dependent as seen from the rotating 
frame. Using v'’ =v —Q x r where r is the position 
vector, we find as Navier-Stokes equation in the 
rotating frame 


a y td 7 
at? “VJu +22 xv 


= —-vP vw xr) x @4 0V20 
p 
(23a) 
V-v' =0. (23b) 


We have restricted our attention to the incompressible 
case with = const. and have assumed that the force 
field F' is conservative, that is, F’- = — VW. Because the 
centrifugal force is also conservative it can be combined 
with F; that is, YW’ = W —|Qx r |? /2 can be used as 
the potential. The other new term in Equations (23) is 
the Coriolis force, -2Q x v’, which is responsible for 
the fact that the dynamics of rotating systems is quite 
different from that of nonrotating systems. Since the 
Coriolis force is typically the largest term on the left- 
hand side of Equation (23a) and since viscous friction 
is usually negligible in the interior of the fluid, the 
approximate relationship 


20 xv=-V1 (24) 


is obtained which is called the geostrophic balance 
because of its importance in meteorology and 
oceanography. Here, pz is the dynamic pressure, 
a = p/p+W’, and for simplicity, the prime of v has 
been dropped. When the curl of balance (24) is taken 
and Equation (23b) is used, the famous Proudman— 
Taylor theorem is obtained, 


22. Vv =0. (25) 


This theorem states that in a rapidly rotating system, 
a steady velocity field of a nearly inviscid fluid must 
be independent of the coordinate in the direction of the 
axis of rotation. As a consequence, v will depend only 
on the x-, y-coordinates of a cartesian system with the 
z-coordinate pointing in the direction of Q. Since v 
must also satisfy V -v =0, a single scalar function, the 
stream function y, is sufficient to describe v. Assuming 
boundaries perpendicular to Q, we find 


v=Vv x Q/Q with w= —-7(x, y)/2Q 


and 
Q = |Q|. (26) 


The form of the velocity field indicates that the 
flow parallels the isobars in contrast to the situation 
in a nonrotating system where the flow is usually 
directed perpendicular to the pressure gradient. The 
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Taylor-Couette-System 





Couette Flow 


| | 


Taylor-Vortices 


a 


a 
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Vortices States Convection 


Figure 2. Examples of bifurcation sequences. 


geostrophic wind (26) flows cyclonically (i.e., in the 
sense of rotation) around low-pressure regions and 
anticyclonically around high-pressure regions, as can 
be seen on weather maps. 

The fact that the function w(x, y) has remained 
undetermined so far is known as the geostrophic 
degeneracy. Terms of higher order in the equations 
of motion are needed to remove this degeneracy 
and to introduce time dependences on scales much 
longer than the rotation period 27/Q of the system. 
A three-dimensional nature of the velocity field 
enforced, for instance, by boundary conditions can 
thus be introduced as a perturbation of the geostrophic 
solution. Rossby waves are a typical example for the 
quasigeostrophic dynamical response of rotating fluid 
systems. 

The friction term in Equation (23a) is characterized 
by the highest spatial derivatives and thus can become 
large wherever strong variations of the velocity field 
occur, as, for example, near solid boundaries where 
the tangential velocity component must vanish. Thin 
Ekman boundary layers are formed here with the 
typical thickness ,/v/{2. But internal shear layers in 
the interior of the fluid can also be realized. The Ekman 
number defined by 


E=v/Qd?, (27) 


where d is a typical length scale of the system in the 
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Inclined Convection Layer 





Cubic Profile Flow 
Longitudinal Rolls 
Bimodal 
Convection Wavy Ralls 


| | 


Oscillating Bimodal Transversely Drifting 
Convection Wavy Rolls 


direction of the axis of rotation, is often used as a 
dimensionless parameter in the dynamics of rotating 
fluids. 

FH. Busse 


See also Boundary layers; Molecular dynam- 
ics; Navier-Stokes equation; Taylor—Couette flow; 
Thermal convection; Turbulence; Vortex dynamics 
of fluids 
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FLUX FLOW OSCILLATOR 


See Long Josephson junction 
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FLUX QUANTIZATION 


See Josephson junction 


FLUXON 


See Long Josephson junction 


FOCUSING SYSTEM 


See Nonlinear optics 


FOKKER-PLANCK EQUATION 

The Fokker—Planck equation (FPE) plays a role in 
stochastic systems analogous to that of the Liouville 
equation in deterministic mechanical systems. Namely, 
the FPE describes in a statistical sense how a collection 
of initial data evolves in time. To be precise, let the 
phase space describing the system be parameterized by 
the state vector y, and let Y (t) denote the value of the 
state vector assumed by the system at time t. Suppose 
the dynamics of the system is governed by a stochastic 
differential equation (SDE) of the form 


dY(t) =U(Y(t), t)dt+o(Y(t),t)-dW(t). (1) 


The deterministic component of the dynamics is 
described by the drift vector U(y, t), while the random 
part is driven by a vector of independent Brownian 
motions W (ft) that are coupled to the system through 
the matrix o(y, f). 

Alternatively, we can define the system dynamics as 
a “diffusion process” in the relevant phase space such 
that 


lim tT Y¥(t+r)-Y¥@)=UYO,), 
lim thy +t)—- Yi) 


@Y@t+rt)—Y(@)) =2D(Y (@), 4), 
lim r-'(I¥ +1)—Y(t)|”) =O fory > 2, 


(2) 





where (-) denotes an average over the random compo- 
nent of the dynamics. The SDE and diffusion process 
descriptions are equivalent, with 2D = ao". 

One useful way to describe the evolution of stochas- 
tic systems over a finite (rather than infinitesmal) time 
interval is through the probability transition density 
p(t, ylt’, y’), which describes the likelihood that if 
the state variable assumes the value y’ at time 7’, 
then it will assume a value near y at the later time 
t. More precisely, p is defined in terms of conditional 
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probability as 


Prob(Y (t) € BIY(t’) = y’) = [veer y')dy 
(3) 


for all nice (Borel) sets B in the phase space. The FPE, 
also known as the Kolmogorov forward equation, is 
a partial differential equation that describes how the 
probability transition density evolves when the system 
can be described as an SDE (1) or diffusion process (2): 


ap(t, ylt’,y’) 
ar 


a a 
= ( Uy, t)p +4 (Diy, Dp). @) 
y ay 


pt=t.ylty) =sy—y). 





This equation is to be solved for t > t¢’ with fixed 
data for the source variables (t’, y’) and appropriate 
boundary conditions in y (Risken, 1989, Chapter 4). 

The probability transition density can be used to 
describe the probability density for the state vector at 
any moment of time: 


Prob(Y (t) € B= | 60, y) dy (5) 
B 


by simply integrating against the prescribed probability 
distribution of the states at the initial time r’: 


$(t.y) = / pi ylt’ yo.ydy’. 6) 


Alternatively, @(t, y) can be shown to satisfy the FPE 
(4) but with initial data @(¢’, y’) prescribed more 
generally as a nonnegative function with integral one 
rather than as a delta function. 

The FPE was first applied to describe Brownian 
motion. In the most idealized case, where inertia 
is completely neglected, Einstein showed that the 
statistics of the position a= X(t) of a Brownian 
particle obeys an FPE that coincides with the ordinary 
diffusion equation: 


apt, alt’, x) 


ry kKAgd, (7) 


where Az is the Laplace operator and the diffusion 
coefficient D=«| is a constant scalar multiple of the 
identity matrix. The stochastic differential description 
of this model is simply 


dX (t) = (2«)!/* W(t). (8) 


The effects of inertia and external forces can be 
incorporated by passing to a phase space description 
including both the position a = X(t) and the velocity 
v=V(t) of the Brownian particle. The equations of 
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motion can then be written in terms of Newton’s 
law with a random forcing component proportional 


todW: 
dX (t)=V(t) dr, 
mdV(th=—méEV(t)dt+ f(X(), dt (9) 
+(2kgTmé)!/2 dW), 
where & is a friction coefficient, kg is Boltzmann’s con- 
stant, T is the absolute temperature, and f (a, t) repre- 
sents the deterministic part of the external applied force. 


The equivalent Fokker—Planck description for the phase 
space probability transition density in this system reads 


ap(t, x, v|t’, x’, v’) 


ot 
= grad, [(e 2D 2 grad °| 
m m 
—grad y - (up) (10) 


Observe how this equation generalizes the Liouville 
equation for deterministic mechanics to include Brow- 
nian motion. The simplified diffusion equation (7) can 
be obtained through an asymptotic limit of the full 
FPE (10) with k =kgT/(mé), when f(a, t)=0 and 
(kpT /(m&202)) 1/2 <1 with @ a characteristic length 
of the system (Bocquet, 1997; Risken, 1989). A similar 
reduction to a partial differential equation in coordi- 
nate space, called the Smoluchowski equation, is also 
possible for collections of interacting particles where 
the friction tensor depends on the particle configura- 
tion (Titulaer, 1980). From the FPE for Brownian mo- 
tion, one can compute various statistical properties such 
as its mean-square displacement, the spectrum of its 
fluctuations, the rate of relaxation of initial velocity to 
thermal equilibrium values, and the probability distri- 
bution for the time at which the particle first achieves a 
certain location or surmounts a potential barrier (Wax, 
1954). 

The FPE has found useful application in computing 
similar statistical properties in numerous other systems, 
such as lasers, polymers, particle suspensions, quantum 
electronic systems, molecular motors, and finance. In 
some instances, the system is not at first formulated 
in one of the senses (1) or (2) which immediately 
imply an FPE. Rather, the systems are more naturally 
represented in terms of a master equation with a 
complete description of the rates at which the system 
(randomly) jumps from one state to another. The FPE 
is an appropriate approximation to this system when 
certain asymptotic conditions, such as small jumps, a 
large system size, or a separation of time scales between 
resolved and unresolved variables, are met (Grabert, 
1982; Risken, 1989; van Kampen, 1981). 

A variety of techniques for practical analysis of 
FPEs can be found in Risken (1989). The main 
alternative to analyzing stochastic systems through the 
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FPE is through the stochastic differential (or Langevin) 
formulation (1). The FPE has the merit of being a 
deterministic partial differential equation that can be 
solved once through either analytical or numerical 
methods. The stochastic differential description (1) by 
contrast consists of ordinary differential equations for 
which individual realizations (samples) are faster to 
simulate through Monte Carlo methods (Kloeden & 
Platen, 1992). But obtaining a statistical description 
of the general behavior of the system requires the 
generation of a large number of realizations. 

Certain statistical quantities described above can be 
easily calculated using either the solution of the FPE or 
by operating directly on the FPE itself. On the other 
hand, the stochastic differential system (1) must be 
used if one wishes to characterize particular realiza- 
tions of the stochastic system. Moreover, the stochastic 
differential description can be readily generalized to 
cases in which the random driving has temporal corre- 
lations (Kubo et al., 1991; Moss & McClintock, 1989). 
The FPE formulation can be modified to a “fractional” 
formalism for certain self-similar temporal correlation 
structures (Metzler & Klafter, 2000), but further gen- 
eralizations are much more complicated and usually 
require some sort of approximation (Moss & McClin- 
tock, 1989). 

Perer R. KRAMER 


See also Brownian motion; Fluctuation-dissipation 
theorem; Nonequilibrium statistical mechanics; 
Phase-space diffusion and correlations; Stochastic 
processes 
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FORCED SYSTEMS 


See Damped-driven anharmonic oscillator 


FORECASTING 


The success of Newtonian classical mechanics led 
in the 18th and 19th centuries to a strong belief in 
determinism; that is, the notion that the past determines 
the present and the future. As a consequence, a superior 
intellect (“Laplace’s Daemon”) would be able to 
forecast the future given enough information about the 
present and the past. However, the discovery of chaos 
in a large class of deterministic nonlinear dynamical 
systems sets a limit as to what Laplace’s Daemon can 
forecast. 

One of the characteristics of deterministic chaos is 
that the future state of a dynamical system depends 
sensitively on the initial conditions—infinitesimal per- 
turbations will grow exponentially. This effect is 
also known more poetically as the “butterfly ef- 
fect” (from a lecture by Edward Lorenz in 1972: 
“Does the flap of a butterfly’s wings in Brazil set 
off a tornado in Texas?’”). Since there will always be 
some uncertainty—however small—about the ob- 
served state of any physical system, a consequence of 
extreme sensitivity on the initial conditions is that the 
future state of such a system can only be forecast to lie 
within a given error tolerance a limited time ahead. As 
even Laplace’s Daemon would not be able to determine 
the exact present state of the system, she would not be 
able to forecast the state of the future, but as she would 
know the uncertainty about the present, she would be 
able to work out all possible future states. 

Uncertainty in the initial conditions is appropriately 
expressed in terms of a multivariate probability density 
function (pdf). A forecast is then given by the time 
evolution of the initial pdf, subject to the underlying 
dynamical system. Typically, the initial pdf is sharp, 
centered around the best estimate of the observed 
state of the physical system, but with time the 
pdf is smeared out in a complicated fashion until, 
eventually, all information about the initial condition 
is lost. For the short-range evolution, when the pdf 
remains “sufficiently” sharp, a forecast can be given 
in deterministic terms. For the intermediate-range 
evolution, when the pdf still has sufficient structure, 
a forecast can (and should) be given in probabilistic 
terms. Beyond that, a forecast will be no better than a 
guess based on the observed long-term behavior of the 
system. 


FORECASTING 


When the governing dynamical equations are 
known, the time evolution of the pdf can be expressed in 
terms of the Liouville equation, which is a special case 
of the stochastic-differential Fokker—Planck equation. 
In theory, the Liouville equation could be applied 
to weather forecasting where dynamical models have 
been developed of the atmospheric circulation, but 
in practice, numerical problems and computational 
limits need to be overcome. An alternative approach 
is to make a Monte Carlo-type estimation of the time 
evolution of the pdf, that is, numerical integration of 
an ensemble of a large number of initial conditions 
that are generated by random sampling of the initial 
pdf. Application to weather forecasting of this Monte— 
Carlo approach is, however, also problematic, primarily 
due to the very high dimension (~10’) of the phase 
space of atmospheric circulation models that requires 
a very large number of Monte Carlo integrations 
to be performed (beyond the capacity of present- 
day supercomputers) in order to sufficiently reduce 
sampling uncertainty. 

The practical approach that is applied to today’s 
weather forecasting is to generate a relatively small 
ensemble (comprising typically 50-100 members) of 
initial perturbations to the observed initial state of 
the atmosphere. The perturbations are calculated in a 
way that ensures that the corresponding trajectories 
of the dynamical model equations initially diverge 
rapidly from the observed initial state. Thus, the 
time evolution of the individual ensemble members 
is not representative of the time evolution of the 
“true” pdf, but the ensemble is useful for the weather 
forecaster who is often most interested in the most 
likely development of the weather and possible major 
deviations from this development. 

Forecasting becomes increasingly problematic when 
we also take into account that the forecast model is not 
perfect; that is, there are errors in the model (perhaps 
due to incorrect assumptions or poor spatial resolution), 
the effect of which is that the model does not behave 
like the real world. In the area of weather forecasting, 
model errors cause severe problems for long-range 
forecasts. A long-range weather forecast, or seasonal 
forecast, valid out to typically six months ahead, aims 
at predicting slowly varying surface conditions, such 
as sea surface temperature, sea ice cover, and soil 
moisture, and the effect they have on the preferred 
state of the atmospheric circulation in certain regions. A 
prominent example is prediction of El Nifio conditions 
(increased sea surface temperature in the central and 
eastern tropical Pacific), which have an influence on 
worldwide weather. 

The effect of model errors is in practice taken 
into account by basing seasonal weather forecasts 
on ensembles made up of integrations of more than 
one model. In this way, a pseudo-stochastic element 
is introduced into the forecast through the different 
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formulations of the models, particularly for processes 
that take place on spatial scales that are smaller than 
the resolution of the model grid. 

Forecasting is also of interest in areas in which 
models are not readily expressed in terms of known 
physical laws, most notably, in economics. When a 
physical model is not available, forecasting has to 
be based on more empirical methods. For example, 
a statistical forecast model would be based on the 
forecaster’s notion of cause and effect, while an 
empirically constructed dynamical model could be 
derived from analysis of the combined behavior of 
many observed variables. 

Due to the nondeterministic nature of economic evo- 
lution, economic forecasts will often be associated with 
substantial uncertainty. However, it is worth noting that 
a forecast need not be very accurate to be useful. If, in 
the long run, an economic forecast is just slightly better 
than a guess, then money can be made from the forecast. 

In practical forecasting, no matter in what field, there 
is almost always an element of human expert judgment 
involved, and overall the expert judgment probably 
remains the most widespread forecasting method. 

HENRIK FEDDERSEN 


See also Butterfly effect; Chaotic dynamics; De- 
terminism; Economic system dynamics; Fokker- 
Planck equation; General circulation models of the 
atmosphere 
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The modeling of forest fires (FF) is based upon the 
concept of interacting particle systems (Liggett, 1985) 
for the description of complex systems. Within this 
framework, attention is on the interactions among 
particles (i.e., the trees), disregarding any attempt 
to understand the behavior of each particular tree. 
Using local interaction rules among neighboring trees, 
interesting collective behavior can be observed on a 
global scale. 

FF models are defined so that trees may grow on 
the nodes of a surface network with periodic boundary 
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conditions (Bak et al., 1990; Drossel & Schwabl, 1992, 
1993; Christensen et al., 1993; Grassberger, 1993; 
Albano, 1995). Each node can assume three different 
states: (s1) occupied by a growing tree, (s2) occupied by 
a burning tree, and (s3) empty. The last corresponds to 
the absence of a tree that occurs after the completion of 
the tree burning process. Local interaction rules govern 
the dynamics of the system, which is updated as a 
cellular automation. For a given configuration, the time 
evolution is obtained by applying the following rules: 
(rl) a tree grows on an empty node with probability P; 
(r2) a burning tree evolves into an empty node; and (13) 
a tree catches fire from a neighbor burning tree with 
probability 1 — G. Thus, P is the growing probability 
of trees and G is the immunity of each tree to catch fire 
(Drossel & Schwabl, 1993). 

Qualitatively, one expects that if the immunity is 
nonzero, the fire fronts present for G = 0 will become 
more and more fuzzy when G is increased. Of course, 
the fire cannot propagate for G = 1. For large values of 
P (P — 1) and if the immunity is low (G > 0), one 
observes coexistence of fire, trees, and empty nodes. 
Within this active state, fire fronts exhibit a rich variety 
of spatiotemporal patterns, including the development 
of spirals, and the collision between fronts. However, 
by keeping P constant and increasing G, the fire will 
eventually cease and the system will become trapped 
in an inactive state where the network is completely 
occupied by trees (see Figure 1). Since the spontaneous 
ignition of trees is not considered, the system will 
remain in the inactive state forever. So, for some critical 
values of the parameters P =P. and G=Gg, this 
simple kind of FF model exhibits irreversible phase 
transitions (Marro & Dickman, 1999) between active 
states with fire propagation and an inactive state where 
the fire becomes irreversibly extinguished. Figure 1 
shows the critical curve at the border between these 
two states. In the case of standard reversible phase 
transitions and in marked contrast to forest fire models, 
the state of the system can be reversibly selected by 
tuning the control parameter (Binder & Heermann, 
2002), that is, the temperature or pressure. 

In spite of the irreversible nature of the transitions, a 
statistical treatment of this kind of FF model reveals 
that they share the relevant features of many phase 
transitions and critical phenomena occurring under 
equilibrium conditions. Therefore, FF models can be 
described by using a well-established framework in 
the field of statistical physics. In fact, close to the 
transition point, it is well known that the correlation 
length among particles is quite large—diverging to 
infinite at the critical point (Binder & Heermann, 2002). 
Therefore, at the critical state P > P., G— Ge, the 
burning of a single tree would affect the whole forest. 
The onset of this collective behavior, characteristic 
of critical phenomena, washes out the microscopic 
details (i.e., the mechanisms keeping every tree alive) 
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Figure 1. Plot of the critical threshold Ge versus Pe. Filled 
circles are critical values determined quite accurately by means 
of epidemic simulations. The critical line (solid curve) is drawn 
to guide the eye. The upper part of the figure corresponds to the 
inactive state of the system where the fire becomes irreversibly 
extinguished, while the lower part corresponds to the stationary 
state with fire fronts. 





allowing the relevant behavior of the whole system to 
be caught by means of a small set of simple local rules, 
in agreement with the concept of interacting particle 
systems (Liggett, 1985). 

A powerful method used to characterize and study 
an irreversible transition consists of performing the 
so-called epidemic (or spreading) simulations (ES) 
(Grassberger, 1989). The idea behind ES is to start 
the simulations from a configuration very close to the 
inactive state and follow the temporal evolution of the 
system under consideration. For this purpose, a network 
fully occupied by trees, except for a small patch of 
burning trees, is employed. Depending on the values 
of the parameters P and G, such a small fire would 
either propagate or become extinguished. During the 
propagation the following quantities are measured: 


(i) The average number of burning trees V(t); 
Gi) The survival probability of the fire P(t), that is, 
the probability that the fire is still ignited at time r; 
(iii) The average mean-square distance R(t) over 
which the fire has spread. 


Due to the existence of a diverging correlation 
length, it is usually assumed that the measured 
quantities obey simple power laws given by 

N(that”, P(tha«t® and R2a«t®, (1) 
where n, 6, and z are critical exponents. These 
exponents have been evaluated by means of extensive 
numerical simulations, yielding 7 =0.212+ 0.005, 
6=0.459+ 0.005, and z=1.115+0.010 (Albano, 
1995). This result allows us to place the FF model with 
immune trees within the universality class of directed 
percolation (DP) (Grassberger, 1989). It should be 
stressed that DP was previously proposed in the field 
of physics as a model for the systematic dripping of a 
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fluid through a lattice with randomly occupied bonds 
(Kinzel, 1983), and similar irreversible behavior is 
observed in many disciplines, such as catalysis (the 
interruption of chemical reactions due to the poisoning 
of the catalysts (Loscar & Albano, 2003)), biology 
(the epidemic propagation of a disease (Marro & 
Dickman, 1999)), ecology (the extinction of species 
when resources become exhausted or the environment 
is changed (Rozenfeld & Albano, 2001)), and sociology 
(models for a society of interacting individuals (Monetti 
& Albano, 1997)). 

By introducing an additional parameter given by the 
lightning probability F, which can be thought of as 
the probability of spontaneous ignition of a tree, to 
the above-formulated FF model, an interesting behavior 
with two characteristic time scales is observed. In the 
limit F — 0, the onset of fire is quite sporadic and 
occurs on large time scales. After ignition, however, 
fire propagates during relatively short periods of time 
(Drossel & Schwabl, 1992; Christensen et al., 1993; 
Grassberger, 1993). By analogy to sandpile models, 
these rapid events are called avalanches. A statistical 
analysis of the area of the forest reached by fire shows 
that it lacks a characteristic size. So, in contrast to 
the standard Gaussian distribution, which describes 
many natural phenomena exhibiting a typical (average) 
size, avalanches of all magnitude are expected to be 
observed. Under these circumstances, it is believed that 
the time-scale separation effectively tunes the system 
into a scale-free state. This behavior is the typical sign 
of criticality observed in studies of the phase transitions 
of many substances and is due to the existence of a 
diverging correlation length. 

Finally, several attempts to reproduce forest fires 
in the laboratory should be mentioned. Nahmias 
et al. (1989, 1996) have built a square network sample 
containing combustible and noncombustible blocks 
randomly distributed with a variable concentration. The 
effect of randomness on the propagation of the fire is 
studied by considering both the presence and absence 
of wind. It is found that the results are consistent 
with critical models of percolation. Also, Zhang et al. 
(1992) have studied forest-fire propagation by means 
of paper-burning experiments. It is found that fire 
fronts exhibit self-affine scaling behavior that can be 
described by a nonlinear stochastic differential equation 
of the Kardar—Parisi-Zhang type with Gaussian noise. 

EZEQUIEL ALBANO 


See also Cellular automata; Critical phenomena; 
Flame front; Reaction-diffusion systems; Sandpile 
model 
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FOURIER TRANSFORM 


See Integral transforms 


FOUR-WAVE MIXING 


See N-wave interactions 


FRACTAL BASIC BOUNDARIES 


See Attractors 


FRACTAL DIMENSION 


See Dimensions 
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FRACTALS 

Many spatial patterns and objects in nature are either 
irregular or fragmented to such an extreme degree that 
it is very hard to describe their form. For example, the 
coastline of a typical oceanic island or of a continent 
is neither straight, nor circular, nor elliptic, and no 
other classical curve can serve to describe it. Similarly, 
there is no Euclidean surface to capture adequately the 
boundaries of clouds or of rough turbulent wakes. To fill 
this gap, Benoit Mandelbrot proposed to use a family of 
shapes called fractals for geometric representation of 
the shapes mentioned above and many other irregular 
patterns. The word fractal derives from the Latin 


fractus (an adjective from the verb frangere, meaning 


“to break”), capturing the irregular characteristics of 
geometrical objects it describes. One can think of a 
fractal as an irregular set consisting of parts similar 
to the whole. It means that a fractal is a rough or 
fragmented geometrical shape that can be subdivided 
into parts, each of which is (at least approximately) 
similar at reduced size to the whole. Roughness present 
at any resolution of a fractal object distinguishes it 
from Euclidean shapes. The transition from a Euclidean 
geometry to a fractal one reflects the conceptual jump 
from translational invariance of traditional Euclidean 
shapes to continuous scale invariance of fractal objects. 
The concept of fractals is useful for describing various 
natural objects, such as clouds, coasts, and river or 
road networks. However, the fractal structure of natural 
objects is only observed over a limited range of scales, 
beyond which the fractal description breaks down. 

During the study of geometry of irregular patterns, it 
became clear that a proper understanding of irregularity 
or fragmentation must, among other things, involve an 
analysis of the intuitive notion of dimension. Topolog- 
ical dimension cannot properly describe strongly irreg- 
ular fractal structures. Let us consider the simplest ex- 
ample of a fractal, namely the Cantor set, see Figure 1. 
For the construction of the Cantor set an iteration pro- 
cedure is used. At the zeroth level, the construction of 
the triadic Cantor set begins with the unit interval, that 
is, all points on the line between 0 and 1. The first level 
is obtained from the zeroth one by deleting all points 
between + and 3, that is the middle third of the initial 
interval. The second level is obtained from the first level 
by deleting the middle third of each remaining interval 
at the first level. In general, the next level is obtained 
from the previous one by deleting the middle third of 
all intervals obtained from the previous level. This pro- 
cess continues ad infinitum. The result is a collection of 
points with topological dimension d; = 0 since its total 
measure (length) is zero. 

It is seen that the notion of dimension from Euclidean 
geometry is not very useful for the Cantor set and 
similar objects since it does not distinguish between the 
rather complex set of elements and a single point that 
also has a vanishing topological dimension. To cope 
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Figure 1. The construction of the Cantor set. 


with this degeneracy, concepts of fractal dimensions 
were introduced for quantifying such fractal sets. Many 
paradoxical aspects of the Cantor set can be traced to the 
fact that it is dimensionally discordant. Furthermore, 
the discordant character of basic fractals is not at all 
a minor nuisance. Rather, it is such a basic feature 
that we shall use it to give a tentative definition of the 
concept of fractal. The simplest nontrivial dimension 
that generalizes the topological dimension is the so- 
called fractal dimension, which in this context can be 
defined as follows: 


In Nn 


Do= lim ——. 
n—>+o0 In 1/1, 


() 
Here, N,, is the number of observable elements at the 
nth level, J, is the measure (length) of the smallest 
element at the nth level, and 1/J,, is the resolution. For 
the triangle Cantor set at the nth level, the set consists 
of N, = 2” segments, each of which has length /, = Le 
Therefore, the capacity dimension of the triangle Cantor 
set equals 
In2 


cantor 
Be In3 
We see that fractal dimension is noninteger. Math- 
ematically, we can say that a fractal is a set of 
points whose fractal dimension exceeds its topological 
dimension. 
Felix Hausdorff developed another way to quantify 
a fractal set. He suggested examining the number N (e) 
of small intervals needed to cover the set at a scale e. 
The Hausdorff dimension is defined by considering the 
quantity 


~ 0.63. (2) 


ae e ; d 
= a hen em @) 
which is constructed by summing d-dimensional 
volumes ed of balls of radii ¢~ not exceeding ¢ that 
cover the fractal set. The “inf” means that all partitions 
of balls of radius less than ¢ that cover the set are 
considered and the one that gives the smallest possible 
value for the sum is kept. Hausdorff demonstrated that 
there is a special value Dy for the exponent d, called 
the Hausdorff dimension, such that for d < Dy measure 
M = wase — O and for d>Dy measure M =0 in 
the limit e > 0. 
Now the reader may ask, why do we need more than 
one fractal dimension? Actually, as is seen below, there 
is an infinite set of fractal dimensions. The reason for 
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this number of quantities describing a single fractal 
object is the fractal form. The form of Euclidean 
shapes is well described by topology. However, as was 
noted by Mandelbrot the concept of form possesses 
mathematical aspects other than topological ones. 
Topology is the branch of mathematics that teaches 
us, for example, that all pots with two handles are 
of the same form because, if they were made of an 
infinitely flexible clay, each could be molded into any 
new opening, closing up any old one. Obviously, this 
particular aspect of the notion of form is not useful in the 
study of individual coastlines, since it simply indicates 
that they are all topologically identical to each other 
(and to a circle). This identity is underlined by the fact 
that the topological dimension in each case equals 1. 
By way of contrast, it will be seen that coastlines of 
different “degrees of irregularity” tend to have different 
fractal dimensions. Differences in fractal dimensions 
express differences in nontopological aspects of form, 
which can be called the fractal form. 

Now let us consider the cumulative distribution 
function of mass along the Cantor set. Let the initial 
line’s length and mass both be equal to 1, and define 
the cumulative distribution function for the abscissa 
x as being the mass contained between 0 and x. It is 
assumed that the total mass of the pattern is not changed 
while building the Cantor set. It means that we do not 
take away one-third of each line, but divide it in to 
two parts and compress them until the length of each 
part equals one-third of the initial line length at the 
previous step. Iterating this procedure up to infinity, 
we obtain the massive Cantor set. Because there is 
no mass in the intermissions, the distribution function 
remains constant along almost the whole length of 
the unit interval. However, since hammering does not 
affect the total mass, the distribution must manage 
to increase somewhere from the point of coordinates 
(0,0) to the point of coordinates (1, 1). It increases 
over infinitely many, infinitely small, highly clustered 
jumps corresponding to the points of the Cantor set. 
The plot of the cumulative distribution function shown 
in Figure 2 is called the Devil’s staircase. It is the plot 
of a continuous function on the unit interval, whose 
derivative is 0 almost everywhere, but it rises from 0 
to 1 (see Figure 2). The cumulative sums of the widths 
and of the heights of the steps are both equal to 1, and 
one finds in addition that this curve has a well-defined 
length equal to 2. A curve of finite length is called 
rectifiable and is of dimension D = 1. This example has 
the virtue of demonstrating that sharp irregularities do 
not necessarily prevent a curve from being of dimension 
D=1, as long as they remain sufficiently few and 
scattered. 

You can see from Figure 2 that the Devil’s staircase 
is a function which is not differentiable at the Cantor 
set points, but has zero derivative everywhere else. 
Because a Cantor set has measure zero, this function has 
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Figure 2. The Devil’s staircase. 





Figure 3. The Koch snowflake. 


zero derivative practically everywhere and rises only on 
Cantor set points. 

Now we consider the fractal whose dimension, in 
contrast to the Cantor set, exceeds unity. As an example 
we consider the Koch snowflake; see Figure 3. This is 
a fractal, also known as the Koch island, which was 
first described by Helge von Koch in 1904. It is built 
by starting with an equilateral triangle, removing the 
inner third of each side, building another equilateral 
triangle at the location where the side was removed, and 
then repeating the process indefinitely (see Figure 4). 
The border of the snowflake is a curve. Indeed, its 
area vanishes, but on the other hand each stage of 
its construction increases its total length by the ratio 
4/3. Thus, the limit border is of infinite length. It 
is also continuous, but it has no definite tangent in 
almost all of its points because it has, so to speak, a 
corner almost everywhere. Its nature borders on that 
of a continuous function without a derivative. This 
object has a fractal nature. The capacity dimension of 
the Koch snowflake equals DK°*' = In4/1n3~ 1.26. 
Though the total length of the border is infinite, the area 
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Figure 4. The construction of the Koch snowflake. 


of the Koch island originated from the initial triangle 
with unit side is finite and equals SK = 2,/5/5. 

Fractals arising in nature usually have a more 
complex scaling relation than simple fractals (like 
the Cantor set) described above. The single fractal 
dimension is not enough to describe their structure, 
because these fractal sets usually involve a range of 
scales that depend on their location within the set (the 
simplest example is the Cantor set with some measure 
distributed on it). Such fractals are called multifractals. 

The multifractal formalism is a statistical description 
that provides global information on the self-similarity 
properties of fractal objects. For practical realization of 
the method, one primarily covers the fractal set under 
study by a regular array of cubic boxes of some given 
mesh size /. The measure of weight py of a given box 
n is then defined as the sum of the measure of interest 
within the box. A simple fractal dimension a is defined 
by the relation: 

Pn~l®, (4) 

Multifractal analysis is a generalization in which a 
may change from point to point and is a local quantity. 
The standard method to test for multifractal properties 
consists in calculating the moments of order g of the 
measure p, defined by 


n(l) 
Mq(l) = >> pa. (5) 
=1 


Here n(/) is the total number of non-empty boxes. 
Varying g, one can characterize the inhomogeneity of 
the pattern, for instance, the values of moments with 
large g are controlled by the densest boxes. If scaling 
holds, then the generalized dimension Dy is defined by 
the relation: 

My(l) ~ 19-9) Pa, (6) 


For instance, Dg, D;, and D> are called capacity (de- 
fined above), information, and correlation dimensions, 
respectively. 

In multifractal analysis, one also determines the 
number No(/) of boxes having similar local scaling 
characterized by the same exponent q. Using it, one can 
introduce the multifractal singularity spectrum f(a) 
as the fractal dimension of the set of singularities of 
strength a according to the following relation: 


Nal) ~ A/DI. (7) 


There is a general relationship between a moment 
of order g and a singularity strength aw, expressed 
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Figure 5. Examples of Julia sets. 


mathematically as a Legendre transformation: 
f(@) = qa — (q —1)D,. (8) 


Fractal sets can be impressive. For example, see 
Figure 5 where a number of so-called Julia sets is 
shown. (See also color plate section.) 

Mathematically, the Julia set can be introduced as 
follows. Take some function f(z) and consider the 
sequence obtained when f(z) is iterated starting from 
the point z = a: 


a, f(a), F(F(@), FFF@)), ete. (9) 


Depending on the initial condition a and form of 
the function f, it may happen that these values stay 
small or they do not, that is, repeatedly applying 
f to yield arbitrary large values. So the set of all 
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Figure 6. The Mandelbrot set. 


numbers (initial conditions) is partitioned; into two 
parts, and the Julia set associated with the function 
f is the boundary between these sets. The “filled” 
Julia set includes those numbers z=a for which 
the iterates of f applied to remain bounded. If one 
considers complex numbers rather than real ones, 
it is the complex plane that is partitioned into two 
sets, and the resulting picture can be quite striking; 
see Figure 5. That is an example of iterating a 
quadratic function defined in the complex plane. Linear 
functions do not yield interesting partitions of the com- 
plex plane, but quadratic and higher-order polyno- 
mials do. 

Consider the most studied family of quadratic 
polynomials f(z) =z? + parametrized by a complex 
variable yx. As jz varies, the Julia set will vary on 
the complex plane. Some of these Julia sets will 
be connected, and some will be disconnected. Those 
values of jz for which the Julia set is connected are 
called the Mandelbrot set in the parameter plane. 
The boundary between the Mandelbrot set and its 
complement is often called Mandelbrot separator 
curve. The Mandelbrot set is the black shape in Figure 6 
(see also color plate section). The Mandelbrot set is the 
set of points in the complex jz-plane that do not go to 
infinity when iterating the map z, +1 = z2 + y starting 
with z=0. One can avoid the use of the complex 
numbers by substitution z=x-+iy and w=a+ib, 
and computing the orbits in the ab-plane for two- 
dimensional mapping: 


Int) = Hy In $a 
Yn+1 = 2nYn +b, (10) 


with initial conditions x = y =0 or equivalently x =a, 
y=b. 

Now let us consider a natural phenomenon 
exhibiting fractal properties, namely, Brownian motion. 
Consider a fluid mass in equilibrium, for example, water 
in a glass; all the parts appear completely motionless. 
However, if one puts a small enough particle into the 
water, it is observed that instead of rising or descending 
regularly (depending on the density of the particle), 
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Figure 7. The example of Brownian motion of a colloidal 
particle. 


it moves with a perfectly irregular movement. The 
segment of motion of a colloidal particle is presented 
in Figure 7 as it is seen under the microscope. The 
successive positions of a particle in equal time intervals 
are marked by points, then joined by straight lines 
having no physical reality whatsoever. If this particle’s 
position were marked down 100 times more frequently, 
each segment would be replaced by a polygon relatively 
just as complicated as the whole drawing, and so on. 
Here, we have the natural example of the scaling 
property of the colloidal particle’s motion. It is easy to 
see that in practice the notion of tangent is meaningless 
for such curves. This property of the trajectory reminds 
one of the Koch’s snowflake described above, because 
when a Brownian trajectory is examined increasingly 
closely, its length increases without bound. Thus, we 
see that the trajectory of a colloidal particle has features 
peculiar to fractal objects, and we can qualify Brownian 
motion as being fractal and giving us a natural example 
of a fractal pattern. 

VITCHESLAV KUVSHINOV AND ANDREI KUZMIN 


See also Brownian motion; Dimensions; Multifrac- 
tal analysis 
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FRAMED SPACE CURVES 
The Frenet-Serret Frame 


Let y:7—> R? be a C? regular parametrized space 
curve, with J an open interval on the real line; by 
regular we mean that y’(r) is never zero. We define the 
unit tangent vector t by t=y’/|y’| and an arclength 
coordinate s by s = f |y’| dt. An inflection point of the 
curve is one where t’ is zero; away from such points, 
we may define the unit normal by n=t’/|t’|. Then 
the binormal vector is b=t x n, where x denotes the 
cross product of vectors in R3. 

Expressing the derivatives of these mutually 
orthogonal unit vectors in terms of themselves produces 
the Frenet equations 





t=kKn, 
n=-—xt+rb, 
=-TN, 


where the dot denotes derivative with respect to 
arclength s, and « and t are the curvature and torsion 
functions of the curve, respectively. Curvature may 
be defined in terms of t by k= |t|, so that if « is 
identically zero then y(t) is a straight line; more 
generally, inflection points, where x vanishes, may be 
defined as points where the curve has at least second- 
order contact with a line. 

We will say that a regular curve is nondegenerate if it 
has no inflection points. For such curves, we may define 
T interms of the scalar triple product as t = (t, t, t) /k?. 
Thus, t depends on the third derivative of y while « isa 
second-order quantity. Moreover, t is identically zero 
if and only if y(t) lies ina fixed plane parallel to t and t. 

Curvature and torsion are unchanged if we reverse 
the orientation of the curve (i.e., the direction of ¢), 
or if the curve is rotated or translated within R?. 
(However, t is changed by a minus sign if the curve 
is reflected, and both functions are multiplied by 7! 
when the curve is scaled by a factor p > 0.) Conversely, 
uniqueness theorems for linear systems of differential 
equations, as applied to the Frenet equations, imply 
that two nondegenerate space curves with the same 
curvature and torsion, as functions of arclength, are 
congruent under an orientation-preserving isometry of 
R? (congruence theorem). 


Natural Frames 


Although the vector «7 is well defined for any regular 
curve, by itself n is undefined at inflection points, and 
even at simple inflection points (where t x ¢ vanishes 
only to first order), « is nondifferentiable and n is 
discontinuous. One can get around this problem and 
obtain a C! orthonormal framing along the curve, by 
using natural frames, also known as relatively parallel 
adapted frames (Bishop, 1975). Such frames satisfy 
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equations of the form 


t= kim, +komy, 
m, = —kit, 


m2 = —kot, d) 


where ¢ is the usual unit tangent vector, ™, is a unit 
normal to t, m2=t x my, and ky, ko are the natural 
curvatures. The natural frame is not unique, but any two 
such frames for the same oriented curve differ only by 
rotating mj and m2 around t through an angle which 
is constant along the curve. 

Any regular curve that is Cé for k>2 has a 
C*—! natural frame. When the curve also has a Frenet 
frame, and we suppose n = cos 9 m + sin mz, then 
ki =k cos0,koy =k sin 0, and6 = f t ds. Thus, aspace 
curve is planar when its natural curvatures (kj, k2), 
when graphed in R?, lie along a fixed line through the 
origin. More generally, a space curve lies on a fixed 
sphere of radius p when (k,, kz) lie along a line distance 
1/p from the origin. 

The above congruence theorem is true for regular 
curves with degeneracies when suitably rephrased in 
terms of natural frames and natural curvatures. 


The Hasimoto Correspondence 


The vortex filament flow 


dy _ dy | &y 
a ax ~ x2 () 
is an evolution equation for space curves that models 
the self-induced motion of a vortex filament in an 
ideal fluid taking only local effects into account. This 
model, originally formulated by L. Da Rios in 1906 
(Ricca, 1996), is also known as the localized induction 
approximation. Note that if x is an arclength parameter 
at a given time, then it remains so for all t. We will take 
x as such, and then the right-hand side of (VFF) is cB 
when expressed in terms of the Frenet frame. 

Hasimoto (1972) showed that solutions to this equa- 
tion induce solutions to the focusing cubic nonlinear 
Schrodinger equation 


igt + dex + 5lgl’q = 0, (NLS) 

by virtue of letting 
qd =Ke with 06 = | ras (H) 
However, the “constant of integration” cannot be 


taken to be an arbitrary function of f; in fact, sub- 
stituting (H) into (NLS) shows that we must have 
0, = KN — 17 + 5K?. Thus, qg(x,t) is unique up 
to multiplication by a unit modulus constant. Un- 
fortunately, definition (H) for the Hasimoto map 
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does not work at points of inflection (unless K 
vanishes to the same order as x). However, it 
may be defined for arbitrary regular curves by us- 
ing the natural curvatures of an evolving natural 
frame (see Calini, 2000, Section 1.4), whereupon 
q=k +iko. 


DNA and White’s Formula 


At its lowest level of structure, DNA consists of 
two right-handed helices connected by base pairs, 
resembling the rungs of a twisted ladder. At lesser 
magnification the double helix, seen as a single strand, 
usually coils around itself in a left-handed fashion 
called negative supercoiling. Moreover, as the base 
pairs are separated during DNA replication and the 
ladder is untwisted, the supercoiling relaxes (becomes 
less negative) or may even reverse itself to become 
positive supercoiling. The dynamic interplay of these 
two levels of structure in DNA is governed by White’s 
formula (White, 1970; Pohl, 1980). Although the 
formula, as stated below, applies only to closed loops of 
DNA (which occur in bacteria and in the mitochondria 
of some cells), it also governs the behavior of long 
strands of DNA, since in living cells the DNA is 
clamped to a protein scaffold at intervals of roughly 
100,000 base pairs (Cozzarelli, 1992). 

Let C C R? be a closed oriented regular curve and 
let v be a C! unit normal vector field along C. (In 
DNA, we should regard C as one of the helices and v 
as pointing along the base pairs.) Let C=C +ev have 
the same orientation. For ¢ > 0 sufficiently small, the 
linking number Lk(C, C) is independent of ¢ and will 
be denoted by Lk. Define the total twist of v by the 


integral 
1 
= — | (t,v, 0) ds. 
= fc v, v) ds 


The twisting of v about y obviously contributes to 
Lk, 6); but there is also a contribution independent 
of v, due to the “writhing” of C about itself. 

White’s formula says that 


Lk = Tw+ Wr, 


where Wr is the writhe of C, defined as follows. On 
D={(x,y) € CxC|x #y}, define the vector-valued 
function e = (x — y)/|x — y|. Extend e continuously 
to the two components of 0D, as the forward- and 
backward-pointing unit tangent vector. Then 


1 
Wr = — | e*dS, 
nok 


where ot is the standard element of area on the unit 
sphere S? and D is the closure of D. If 5, and s2 are 
arclength oe on D, then we may also write 


de O 
—| [(e ie 7 ds, dsp. 
An as,’ 
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When C is nondegenerate and v=n, the Frenet 
normal, Lk is called the self-linking or helicity of C, 
and White’s formula specializes to 


SL(C) = wr+ [ tds, 


a formula which was discovered much earlier by 
Calagareanu and later extended to regular closed curves 
(Pohl, 1980). 

In DNA, with each base pair twisting the ladder 
by about 34°, Tw is positive and on the order of 
10°. The fact that DNA supercoiling is left-handed 
is reflected by a negative value of Wr, leading to a 
relatively small overall linking number. However, this 
number is rarely zero; the surgery that unlinks each 
of the two strands, a necessary step in cell division, 
is accomplished by enzymes known as topoisomerases 
(Sumners, 1995). 

Tuomas A. Ivey 


See also DNA premelting; DNA solitons 
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FRANCK-CONDON FACTOR 

The concept of Franck—Condon transitions between 
electronic energy levels originates from the Born— 
Oppenheimer approximation, which adiabatically sep- 
arates the fast electronic degrees of freedom of a 
molecule from the much slower nuclear degrees of free- 
dom (since the nuclei are much heavier than the elec- 
trons, electronic motions occur as if the nuclei were 
fixed in place). Within the Born—Oppenheimer approx- 
imation, the total wave function Y (q, Q) can be written 
as a product of an electronic and a nuclear (vibrational) 
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wave function: 


W(q, Q) = ¥©(g; A)“ (Q), (1) 


where the electronic wave function weg; Q) de- 
pends only parametrically on the nuclear coordi- 
nates Q. One first calculates the electronic eigen- 
states for a particular nuclear configuration Q, 
which is assumed to be fixed in space, and as- 
sembles electronic potential energy surfaces by 
varying the nuclear coordinates Q_ step-by-step. 
The nuclear wave function is subsequently calculated 
by solving the Schrédinger equation on these potential 
energy surfaces, assuming that the electrons can adapt 
adiabatically to a changing nuclear configuration. 

As usual, the intensity of a transition between two 
electronic states k and / with vibrational quanta n and 
m is given by the transition dipole matrix element 

‘ 2 
Hin tm = (Vk nl AGL) = (+) (We nl@| Yim)? 


aq 
(2) 


When incorporating the product wave function of 
Equation (1), we obtain 


ON Ren ha ib)) (vib 
Lgasion as (=) (HO gy? (@eh Ie) n 2 . 
(3) 


The transition dipole matrix element separates into 
a product because (a) the transition dipole operator 
d/0q-q acts on the electronic coordinates q only 
and (b) we have assumed that the transition dipole 
operator does not depend on the nuclear coordinate 
Q (Franck-Condon approximation). The second term 


Ce loi? )? is the Franck—Condon factor. 


Figure la shows possible transitions between two 
electronic potential energy surfaces (So and Sj). At 
not too high temperatures, only the vibrational ground 
state v=0 in the electronic ground state So will be 
populated. When both potential energy surfaces have 
the same shape and their lowest points are not displaced, 
the Franck—Condon factors (py) lo ib)y2 reduce to 
the condition of orthonormality of the vibrational 
eigenstates (i.e., the vibrational wave functions are the 
same on both potential energy surfaces). Hence, in 
that case, only the v =0—> v’ =0 transition (the zero- 
phonon transition) carries oscillator strength, while 
all others are dark. However, when both potential 
energy surfaces are displaced (i.e., the excited state 
has a different nuclear coordinate to the ground state), 
the absorption spectrum will consist of a series of 
absorption lines (a Franck—Condon progression) as 
depicted in Figure 1b. The intensity of these lines 
scales with the Frank—Condon factors (oe rae s2, 
In the spectra of Figure 1b, the energy origin relates 
to the frequency of the zero-phonon transition, and 
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Figure 1. (a) Displaced potential energy surfaces of the 
electronic ground state So and the first electronic excited state 
S, with the possible transitions depicted at a temperature of 


OK. The overlap integrals (91g)? of the vibrational 


wave functions in both electronic states determine the strength 
of the individual absorption lines. (b) Absorption spectra for 
Huang-Rhys parameters S = 0.5 and 2, respectively. 


the energy spacing between the various lines is given 
by the frequency w of the oscillator. We call normal 
modes with such a displacement of the potential energy 
surfaces Franck—Condon active modes. 

An analytic expression for the Franck—Condon 
factors can be given when the potential energy surfaces 
are assumed to be harmonic (as in Figure 1a): 


1 
Vs) = zhiwd?, 


Vs, = Eo. + Tho? — rho, (4) 
where Q is the dimensionless oscillator coordinate, Eo, 
the energy separation between the electronic ground 
and first excited states at Q = 0, and the vibrational 
frequency. The dimensionless displacement x between 
potential energy surfaces is a measure of the strength 
of the coupling between electronic and vibrational 
transition. It is common to introduce an alternative 
coupling parameter, the Huang—Rhys parameter: 


x2 
Z 
with which the Franck—Condon factors can be 
expressed as (Fitchen, 1968) 


S 


(5) 


‘ ; \ 
Snes =e [LE MOP. 
where rd (S) are the Laguerre polynominals. For the 
important case where T = 0 K, the only occupied initial 
level is m = 0 and L5(S) = 1, and we obtain 
; 2 sn 
(vib) (vib) 2 = S; ; (7) 


(51.n |P50,0 ae 


FREDHOLM THEOREM 


For S <1, the zero phonon line is the most intense 
transition, while for larger displacements, S > 1, the 
intensity is shifted toward transitions with higher 
vibrational quanta on the electronically excited state 
S| (Figure 1b). This finding can be explained in simple 
words with the Franck—Condon principle, which states 
that in a classical picture, an electronic transition occurs 
very quickly and is most likely to occur without changes 
in the positions of the nuclei. Hence, the transition is 
vertical from the bottom of the Sp potential energy 
surface to the S; surface. The quantum mechanical 
formulation of this principle is that the intensity of 
a vibronic transition is proportional to the square 
of the overlap integral between the vibrational wave 
functions of the two states that are involved in the 
transition. 

The concept of a Franck—Condon transition was 
originally formulated for electronic states. However, 
it can be used in a more general sense and appears 
whenever an adiabatic separation of timescales can be 
made between two molecular degrees of freedom. For 
example, this is the case when a high-frequency vibra- 
tional mode is coupled to a low-frequency vibrational 
mode. In that case, Y! in the expressions above is 
replaced by the wave function of the high-frequency 
mode, but the rest of the formalism remains unchanged. 
Most prominent examples are hydrogen bonds XH. - - Y, 
where the high-frequency X—H stretching vibration is 
coupled to the low-frequency XH---Y hydrogen bond 
vibration. One of the striking features of hydrogen 
bonds is an extraordinarily large anharmonic coupling 
between both modes that leads to a Franck—Condon- 
like progression in the absorption spectrum of the X—H 
stretching band. 

Peter HAMM 


See also Color centers; Hydrogen bond 
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FREDHOLM THEOREM 

The Fredholm theorem gives a necessary and sufficient 
condition for the existence of a solution to a linear equa- 
tion of the form Ax = y, where A is a linear operator 
and x and y are vectors. Consider the matrix 


ms 
7 1, (1) 
9 


and the linear map F, which associates the vector 
Az to each vector x in R?. If xj, i=1...3, are the 
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components of «, we have 





1 4 5 

Fe= AL = x] 2 + x2 5 + x3 7 
3 6 9 

1 4 

= (x1 +3) { 2 J+ G@o4+-%3){ 5 

3 6 


(2) 


The third equality comes from the fact that the last col- 
umn of A can be written as the sum of its first two 
columns. It is then clear that the equation Fa = y has 
a solution if and only if y is a linear combination of the 
first two columns of A. In this case, there is more than 
one solution because the kernel or null space of A is 
not trivial. 

If we equip R? with the inner product (a, y) = 
ye 14; yi, the transpose A™ of A, defined by 
{A"},; ={A} ji. is such that 


(Aa, v) = (x, A'v), GB) 


for any two vectors a and v in R?. This equality shows 
that v is orthogonal to the range of A (i.e., (Ax, v) =0 
for every « in R) if and only if v is in the kernel of 
A’: that is, Abu =0. Asa consequence, the existence 
of a solution to the equation Fa =y (ic., Avx=y), 
which is equivalent to y being in the range of A, can 
be restated as y being orthogonal to the kernel of A’. 
This is the contents of the Fredholm theorem, which is 
often presented as the following alternative theorem. 

Fredholm alternative: For a matrix A, either the 
equation Ax = y always has a solution or the kernel 
of A* is nontrivial. Here A* is the adjoint of A, which 
is its transpose (resp. Hermitian transpose) if A has 
real (resp. complex) entries. The Fredholm alternative 
can be stated in a similar fashion for a special class 
of infinite-dimensional linear operators. In this case, 
A=AI—L, where L is a compact operator, A is a 
nonzero complex number, and / is the identity operator 
(see for instance Reed & Simon, 1980; Kreyszig, 1989; 
Dunford & Schwartz, 1988). 

Applications of this theorem involve multiple scales 
analysis and perturbation theory. Assume for instance 
that we want to solve the eigenvalue problem La = ix, 
where the linear operator £ can be written as 
L=Lo+eL and ¢€ is a small parameter. If we look 
for expansions of the eigenvector x= a9 + €a|+ --- 
and eigenvalue A=Ag+¢A,+--: in powers of ¢, 
substitute in the equation, and equate the left-and right- 
hand sides at each power of ¢, we obtain a hierarchy of 
linear equations of the form 


Lo-aha=J, i=0,1,..., (4) 


where J is the identity operator and the right- 
hand side, J, of (4) only depends on a,x for k <i. 
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In particular, Jo =0 and J) =A, a0 — Li x0. At each 
step of this iterative process, the linear equation 
(Lo — Aol) a; = J; has a solution if and only if 7; is 
orthogonal to the kernel of the adjoint of Lo — Aol. 
This typically gives the value of the coefficient A; of 
the expansion of the eigenvalue A in powers of ¢. 
Once A; is known, one can then solve the equation 
(Lo — Aol) ai = J; for x;. A similar method can be 
applied to solve equations of the form 


La =G(x), (5) 


where L= Lp + €L£, and G is a nonlinear function of 
a. Such equations are often encountered in bifurcation 
theory. Assume for instance that G is polynomial, say 
G = (a, x)a, and that one knows a solution 2 to 
the linear equation £pa%9 =0. Small-amplitude solu- 
tions to the nonlinear problem can be approximated by 
introducing a small parameter that measures the size 
of x and rescaling. For instance, the scaling 7 = /ey 
turns (5) into (Lo + €£L1) y=e(y, y)y. A solution of 
the form y= yo + €y1 + --- can then be sought, using 
an iterative process similar to the one discussed above. 

JocELINE LEGA 


See also Perturbation theory 
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FREE ENERGY 

The concept of “free energy” is a key concept to 
characterize physically relevant states in statistical 
mechanics (see, e.g., Mandl, 1988; Reichl, 1998). 
Given an equilibrium system of statistical mechanics 
with energy levels E; of the microstates i, the 
(Helmholtz) free energy F is defined as 


1 
F(p) = =g Ee); (1) 


where 


Zp) = yeh (2) 


is the partition function and £ is the inverse temperature. 
Apparently, the free energy is different from the internal 
energy U given by 


a 
US = 9g BAIR) = XE: (3) 
The difference is given by the entropy S times the 
absolute temperature T: 


F=U-TS. (4) 
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This equation can also be regarded as describing a 
Legendre transformation from U to F. Equilibrium 
states minimize the free energy (rather than the internal 
energy)—in this sense F is more relevant than U. The 
minimum of F can be achieved in two contrasting ways, 
either by making the internal energy U small, or by 
making the entropy S large (or both). Changes of the 
free energy are related to the maximum amount of work 
a system can do at constant pressure and temperature. 

The basic principle underlying statistical mechanics, 
the maximum entropy principle, can also be formulated 
as a “principle of minimum free energy” (Beck & 
Schlégl, 1993). In this formulation, one starts from 
fixed intensive quantities (e.g., the inverse temperature 
B) and considers a free energy function F[p] as a 
function of an a priori arbitrary set of probabilities 
[p]={p1. p2,...}. The probabilities p; can describe 
any state, for example, also non-equilibrium and 
nonthermal states. One then requires 


Fp] = > piEi + | pilog pi =U — B'S (5) 


i 


to have a minimum in the space of all possible 
probability distributions. This minimum is achieved for 
the canonical distribution 


re 
Pi = Zz : (6) 
There are straightforward generalizations of this 
principle for systems with several intensive quantities, 
for example, grand canonical ensembles. 

For nonlinear dynamical systems, the concept of 
free energy is often seen in a much broader sense. 
Various generalized types of free energies can be 
defined. A key ingredient for this more general 
approach is the so-called thermodynamic formal- 
ism of dynamical systems (Beck & Schlégl, 1993). 
One defines partition functions that contain infor- 
mation on certain fluctuating quantities associated 
with the dynamical system, for example, local sin- 
gularities of the invariant density or local Lyapunov 
exponents. To proceed to a (formal) statistical me- 
chanics description, one then defines a free energy 
function for these partition functions quite analogous 
to Equation (1). 

Examples are “static,” “dynamic,” and “expansion” 
free energies of dynamical systems, as well as the so- 
called “topological pressure.” Let us here consider the 
static free energy in somewhat more detail. This free 
energy function contains information on the spectrum 
of singularities of the invariant density of the dynamical 
system and is closely related to very important 
quantities that characterize multifractals, the so-called 
Rényi dimensions. One covers the attractor (or repeller) 
under consideration with small d-dimensional cubes 
(“boxes”) of volume e4, where d is an integer 
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dimension large enough to embed the attractor. The 
static partition function is then defined as 


ZA= yop =e, (7) 


where p; is the invariant probability measure associated 
with box i and f is a formal “inverse temperature” 
parameter. To illustrate the similarities with statistical 
mechanics, we have written in the above equation 
pi = e% =e~%'Y, where ay; is like a fluctuating energy 
associated with each box i and V = — loge plays the 
role of a formal volume variable. One can then study 
the free energy density associated with this partition 
function, 


: 1 
f(B) = tim —F log Zip). 8) 


This static free energy, up to a trivial factor, is indeed 
identical with the Rényi dimensions Dg: 


f(B) = Pp. (9) 


In this way, methods borrowed from. statistical 
mechanics play an important role for the statistical 
description of dynamical systems. 

While the above generalized free energies, of 
relevance for nonlinear dynamical systems, have only 
formal analogies with conventional free energies, 
a more fundamental generalization of statistical 
mechanics suitable for complex systems has been 
suggested by Tsallis (1988). In this so-called non- 
extensive statistical mechanics approach (Abe & 
Okamoto, 2001; Kaniadakis et al., 2002), the entire 
formalism of statistical mechanics is generalized by 
starting from more general entropy measures, the 
Tsallis entropies. These are defined by 


1 
are 1-)° p} . (10) 


Here the p; are probabilities associated with the 
microstates i of a physical system. Note that the 
Tsallis entropies look somewhat similar to the Rényi 
information measures but are indeed different (there 
is no logarithm). The parameter g, called “entropic 
index,” can take on any real value but is in practice 
often close to 1. For g — 1, one can easily check that 
the Tsallis entropies reduce to the ordinary Shannon 
entropy S;=— )°; pj log p;. The principal idea of 
non-extensive statistical mechanics is to do everything 
we know from ordinary statistical mechanics, but start 
from the more general entropy measures. Naturally, 
ordinary statistical mechanics is contained as a 
special case (q = 1) in this more general formalism. 
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remove it as he claimed it whispered horrific 
things to him at night. He committed suicide 
at the age of 23 
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The maximum entropy principle yields power-law 
generalizations of the canonical ensemble, 


a ad _ \-@-) 
pi = Zz, + 4 1)BE;) ; (11) 


which reduce to Equation (6) for g—>1. As a 
consequence, there is then also a more general 
free energy F,(8), which is parametrized by the 
entropic index qg. One can basically show that the 
entire formalism of thermodynamics has simple q- 
generalizations, for example, for the generalized free 
energy there is a relation of the form 


Fy = Ug —TSz, (12) 


where the index gq indicates that the qg-generalized 
canonical ensemble is chosen. This type of formalism 
has interesting physical applications, for example, for 
fully developed turbulence and for scattering processes 
in high-energy physics (Beck, 2002). 
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FREE PROBABILITY THEORY 


A new probabilistic context emerged in the 1980s 
(Voiculescu, 1985) from studies in operator algebras, a 
mathematical subject with ties to quantum physics. Free 
probability theory (FPT) is developing along a parallel 
to the basics of usual probability theory, drawn from 
assumptions designed for quantities with the highest 
degree of noncommutativity. FPT has turned out to 
have important connections to random matrix theory 
(Voiculescu, 1991) as well as to some combinatorics 
(Speicher, 1998) and to certain models in physics 
(Voiculescu, 1997). 

To introduce FPT, one takes the view that “a proba- 
bility theory” deals with expectation values g(a) for the 
elements a, called random variables, of aset A endowed 
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with operations of addition, multiplication, and multi- 
plication by scalars. We may describe FPT as noncom- 
mutative probability theory (i.e., the products ab and ba 
can be different fora, b € A) with independence defined 
by a new relation called free independence. In usual 
probability theory, A consists of numerical functions on 
some space of events and clearly ab = ba in this case. 
By contrast, noncommutative probability occurs typi- 
cally when A consists of quantum mechanical observ- 
ables Q. These are linear operators on a vector space H. 
with an inner product (-, -) and g(Q) = (Qé, €) where 
— EH is a fixed vector with (€,€) = 1. Under quan- 
tum mechanics, the usual definition of independence of 
Q\ and Q> requires commutation Q} Q2 = Q2Q) and 
o(f(Q1)g(Q2)) = o(f (Q1))¢(g(Q2)) for polynomi- 
als f and g. Free independence of Q;, Qo, by contrast 
requires that 


gl... f(Q1)g(Q2)h(Q1)...) =0 () 


whenever 


-- 0(F(Q1)) = 0, o(g(Q2)) = 0, 
g(h(Q1)) =9,..., (2) 


where..., f, g,h,... are polynomials and Q;, Qo al- 
ternate as arguments. The definition of free indepen- 
dence extends to sets of variables by replacing the 
one-variable polynomials f, g,h,... by correspond- 
ing polynomials in noncommuting variables from those 
sets. Note thatif Q;, Qo satisfy free independence, then 
in most cases Q; Q2 4 Q2Q). 

The FPT analogue of the central limit theorem 
(Voiculescu, 1985; Voiculescu et al., 1992) states 
(Qj) =0, p(Q5) = 1 and |p(O*)| < Cy, then 


S, =n '?(Q) +-+-+ On) (3) 


will have in the limit, the moments of a semicircle 
distribution, that is, 


2 
lim (St) = any f 4-2)" dt. (4) 
n>oo 2 


Many other topics in classical probability theory 
have FPT analogs. The list includes the following 
(Voiculescu et al., 1992; Biane & Speicher, 1998; 
Voiculescu, 2002): 


e Addition and multiplication of freely independent 
random variables corresponds to highly nonlinear 
free convolution operations on the distributions. 

e The FPT infinitely divisible laws and stable laws 

have been classified, and there are corresponding 

processes with free increments. 

Semicircular processes are the FPT analog of 

Gaussian processes, and in particular there is a 

concept of free Brownian motion. 

e There are stochastic integrals with respect to free 
Brownian motion. 
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e There is a free entropy theory that deals with FPT 
analogues of Shannon’s differential entropy and 
of the Fisher information. 


The semicircle distribution, which plays the role 
of the Gauss law in FPT, was well known from 
Wigner’s work as the limit-distribution of eigenval- 
ues of large symmetric random matrices with inde- 
pendent identically distributed Gaussian entries (the 
Gaussian orthogonal ensemble). The explanation of this 
surprising coincidence was found to be that free in- 
dependence often occurs asymptotically among large 
random matrices (Voiculescu, 1991). For instance, if 


for each n we are given two sets (A, ..., AW”?} and 
(Bm, aa BO) of n x n Hermitian random matrices, 


then the requirement that their joint distribution (as 
matrix-valued random variables) be the same as that 
of UAMUA!,..., UASPUR!, BM, ..., BS} forall 
unitary matrices U is the key to asymptotic free in- 
dependence of the two sets (Voiculescu, 1998). For 
nxn random matrices T, the expectation functional 
is ~,(T) =n—!E(IrT), where E denotes the expecta- 
tion of the numerical random variable TrT . Asymptotic 
free independence means the equalities of free indepen- 
dence hold after taking the limit n > oo. 

A random matrix T is thus a classical matrix- 
valued random variable and at the same time 
a noncommutative random variable. Passing to 
the noncommutative context discards information 
about the entries, since the expectation values 
Gn(T*) remember only the eigenvalue distribution 
of T. 

Asymptotic free independence results for random 
matrices imply that their limit behavior is governed by 
FPT. For instance, for the sum or product of random 
matrices satisfying free independence asymptotically, 
the limit distribution of eigenvalues is computed by the 
free convolution operations. 

Among the simplest cases of asymptotic free 
independence are a pair of independent matrices 
from the Gaussian ensembles or a constant matrix 
and one from a Gaussian ensemble. Also, if X, 
is a rectangular [wn] xn Gaussian random matrix 
with independent and identically distributed (i.i.d.) 
entries, then X*X, and a constant nxn random 
matrix will exhibit asymptotic free independence. 
Besides these simplest instances of asymptotic free 
independence, there are many others involving unitary 
matrices, random permutation matrices or matrices 
with non-Gaussian i.i.d. entries (Voiculescu, 2000). 
Also, Gaussian random band-matrices can be handled 
with more involved FPT techniques (Shlyakhtenko, 
1996). Most asymptotic free independence results for 
complex Hermitian or unitary matrices also hold for 
real symmetric or orthogonal matrices. The differences 
between distributions of eigenvalue spacings between 
the real and complex cases occur at another scale, 
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which is wiped out by taking the limit of the @ 
as n> 00. 

FPT methods have also been used for physics models 
related to asymptotics of random matrices, like the large 
N Yang-Mills two-dimensional quantum chromody- 
namics in papers of I.M. Singer, R. Gopakumar and D. 
Gross, and M. Douglas (Voiculescu, 1997). Also occur- 
ring in physics are multimatrix-models, corresponding 
to ensembles of k-tuples of N x N-matrices with the 
densities cy exp(— NTrP(Tj,..., Ty)) that have con- 
nections to the analog of entropy in FPT (Voiculescu, 
2002). An indication about where FPT and quantum 
field theory connect is given by the combinatorial ap- 
proach to FPT (Speicher, 1998) that deals with non- 
crossing partitions of {1,...,m}, that is, with planar 
Feynman diagrams. 
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FRENKEL-KONTOROVA MODEL 

In 1938, Yakob Frenkel and Tatiana Kontorova 
developed in some detail a model originally proposed 
by Ulrich Dehlinger (see Nabarro, 1967) for studying 
stationary dislocations in a crystal, and its motion. 
A perfect crystalline (regular lattice) solid subjected 
to small deformations returns to a perfect lattice 
arrangement of atoms after the forces causing the 
deformations are released. This regime of small 
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deformations is called “elastic.” Larger deformations 
can lead to rearrangements of the crystal lattice. 
In this other regime, called “plastic,” the perfect 
lattice is not restored after tension is released. The 
attempt to describe the energetics involved in those 
irreversible rearrangements (or lattice dislocations, see 
Figure 1(b)) led to the posing of a theoretical physics 
problem of a discrete elastic one-dimensional field 
of displacements (atomic positions) experiencing a 
spatially periodic potential (Dehlinger, 1929; Frenkel 
& Kontorova, 1939; Frank & Van der Merwe, 1949). 
Figure 1(c) shows a schematic representation of 
Dehlinger’s Verhakung (interlocking), as he named his 
idea. 

The Frenkel—Kontorova (FK) model has been used 
for modeling nanostructural properties of adsorbed 
monolayers of atoms on crystalline surfaces, nonlinear 
magnetic excitations in magnets, ionic conductors, and 
many other solid-state physics problems. Today it has 
become a textbook mathematical model with direct 
applications in condensed matter, statistical physics, 
nonlinear fields, and material science, often under 
different names, notably the “discrete sine-Gordon” or 
“periodic Klein—Gordon” equation. 


The Generalized Frenkel-Kontorova Model 


In the generalized FK model, a discrete one- 
dimensional field (un) (-oo<n<+oo), has a 
potential energy density 


AH (un+1,Un) = KV(un) + W(Aun), qd) 


where W(Au) is the interaction between neighbor 
components of the field, V(w) is a periodic function 
V(u+ 1)=V(u), and K is a parameter controlling the 
relative strength of both (V and W) contributions to the 
energy density. 

The standard version of the model corresponds to 
the simplest choices of sinusoidal on-site potential V 
and harmonic spring interaction W: 


V= ane [1 — cos(2nu)], 


W(Au) = ; (Au)? — o Au, (2) 


where o is the unstretched length of the spring, the 
value at which W is a minimum. 
Keeping V as above, the following choice for W 


1 
= Gm? [1 — cos(2m(Au — y))] (3) 
(known as a “chiral XY model” in a magnetic 
field) models a system of magnetic moments with 
strong planar (XY) anisotropy (here described by the 
angles 2nu,), with chiral (preferred relative angle y ) 
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Figure 1. (a) Schematic net outcome of a plastic deformation. 
Relative shift between layers does not occur uniformly: The 
slip process can take place sequentially by the mechanism of 
dislocation motion shown in (b). (c) Dehlinger’s picture of the 
imperfection, that he named Verhakung, where the atoms of the 
upper row, in this displacement, experience a periodic potential 
on account of their interaction with atoms in the lower row. 


interactions W, and K in Equation (1) measuring 
the intensity of the external magnetic field. Other 
choices are motivated by different physical situations 
of interest. 

To complete the formal definition of the general- 
ized FK model, one must define its time evolution and 
this choice depends on the specific application one 
has in mind. The standard model with Hamiltonian 
dynamics 





as sin(2muy) (4) 
2n 


corresponds to the simplest discretized version of the 
integrable partial differential equation known as sine- 
Gordon (SG): 
Pu au 
dt? dx? 
This justifies the name of “discrete SG model” often 
used for the FK model. 

Some physical applications, for example, in Joseph- 
son junction devices, suggest introducing dissipative 
terms in Equation (4) (involving first-time derivatives 
un) and more complicated functional forms of the right- 
hand-side dependence on uy and uy +1. The richness of 
dynamical behaviors shown by the different dynamical 
FK models is a continuing source of interest in both the- 


ory development and applications (Braun & Kivshar, 
1998, 2004; Floria & Mazo, 1996). 


— sin(2mu). (5) 


The Equilibrium Problem for 
Convex FK Models 


A simpler problem, but quite complex, is the charac- 
terization of equilibrium properties of the generalized 
FK model. The physical motivation for studying this 
problem comes mainly from the observed abundance of 
modulated phases in minerals and man-made materials 
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and compounds, and the need to understand the peculiar 
multiphase diagrams shown by experimental studies. 
For the case in which W is not a convex 
function, like the chiral XY example above, the 
difficulties of a complete rigorous characterization 
of equilibria are much greater than in the case of 
convex W interaction. For the latter, Aubry’s work 
allowed a satisfactory theory in the infinite system 
size (thermodynamic) limit, by showing a one-to-one 
correspondence between equilibrium configurations 
(uy), which satisfy the (force-equilibrium) equations 


0(H Un, Un—1) + HUn41, Un) 


Un 





0 (6) 


and orbits of a symplectic twist map of the cylinder. 

When an equilibrium configuration is such that any 
segment of length L = M—N +1, (un,..., um), can 
only increase its energy as result of arbitrary fluctu- 
ations of uy +1,...,um-—1, the field configuration is 
called a minimum energy configuration (MEC). 

There are two types of MEC, which are both 
recurrent—meaning that given any integer p and any 
number ¢>0, there are integers m and q>0 such 
that both inequalities: Jup+g — up — m|<e and 
|Up+qt+1 — Up+1 — m| <é are satisfied. These two 
types of recurrent MEC are called commensurate 
(or periodic) phases and incommensurate (or quasi- 
periodic) phases, respectively. Remarkably, there are 
nonrecurrent MECs, which are rigorous discrete 
versions of the soliton solutions of continuous partial 
differential equations (like the integrable sine-Gordon 
model). These are called “discommensurations” or 
“homoclinic field configurations,” and they correspond 
to the original motivation (Dehlinger’s Verhakung) of 
the FK model: localized dislocations over the recurrent 
(periodic or quasi-periodic) substrate phase. 


Commensurate Phases 

These are periodic configurations with rational p/q av- 
erage spacing w (defined as limy -, (uy — un)/L), 
where Un +p — ¢ =Un. Such field configurations are 
generically pinned, meaning that one has to put 
some finite energy Epn on the system to displace 
the configuration over the path-dependent barriers 
of energy (called “Peierls—Nabarro barriers”) sepa- 
rating configurations that are equivalent by transla- 
tions Onn. 

A pinned configuration has a finite coherence length 
(or decay range) & of fluctuations, meaning that 
if a field component (the center uy.) is kept displaced 
by an external force, the rest of components uy 
are displaced with exponentially decaying amplitude 
exp(—|n — no|/&). Also, the linear spectrum of 
small oscillations (phonon spectrum) of a pinned 
configuration has a finite gap A > 0. 
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Incommensurate or Quasi-periodic Phases 

Recurrent configurations with irrational average spac- 
ing w can be viewed as limits of sequences of periodic 
phases of mean spacing w, — w as n > oo. The physi- 
cal properties of these structures depend on the param- 
eter K of the model: For each irrational w there is a 
critical value K.(@) such that: 


e For K < Kg, the quasi-periodic MEC is sliding 
(unpinned), so that Epy =O. Consequently, 
localized induced fluctuations extend through 
the system so that the decay range diverge, 
& — oo. The spectrum of phonons of a sliding 
configuration is gapless, A =0. The distribution 
function of the fractional parts Frac(u,) in this 
phase is a continuous function. 

e For K > Ke, the incommensurate phase is pinned, 
Epn > 0, the decay range is finite, and a gap 
A appears in the phonon spectrum. The distri- 
bution function of the values Frac(u,) is now a 
Cantor function; there are infinitely many for- 
bidden intervals (gaps) of values of the field 
(modulo 1). 


MacKay (1993) has characterized this drastic change 
in the physical properties of quasi-periodic fields 
as a critical phenomenon (already called by Aubry 
as a “transition by breaking of analiticity”) using 
renormalization group methods for the case of noble 
irrational w and the standard model (2). 


Discrete Solitons (DSs) or Discommensurations (DCs) 
Field configurations can connect asymptotically 
(n— + 00) two commensurate configurations (usu- 
ally one is a translation of the other, though they can 
be different in general) by an energy minimizing path 
of exponentially localized length (the width of the DS) 
around a lattice site (the center of the DS). The width 
is of the order of the decay range & of the recurrent 
(periodic) substrate. 

These structural defects are the elementary excita- 
tions of the modulated phase, or localized compressions 
(advanced DCs) or expansions (retarded DCs) super- 
imposed on the regular substrate modulation. If w is 
close to a rational wo, the modulated phase correspond- 
ing to a mean spacing w can be correctly described 
as an array of localized DCs (advanced if w > wo, re- 
tarded if w < wo) over aperiodic substrate of mean spac- 
ing wo. The interaction energy between neighboring 
DCs decays exponentially with the quotient interdis- 
tance/width, exp(—1/(€|w — wo|)), so that for w very 
close to wo and/or high values of the pinning parame- 
ter K (& small), the elementary excitations are almost 
non-interacting (and pinned). However, at lower val- 
ues of K the tail overlapping of the DCs makes the 
interactions strong enough, and the array of strongly 
interacting DCs becomes sliding. 
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Though with less rigorous formal basis, the DC 
theory of modulated phases is a well-established formal 
description of equilibrium for nonconvex FK models. In 
these cases, interactions between DCs can be of either 
(attractive or repulsive) sign and even alternating with 
interdistance. Also, the inner structure of DC can be 
more complex than in the convex case. 
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FREQUENCY DOUBLING 


Frequency doubling, or second-harmonic generation, is 
the process in which an intense laser beam propagating 
through a nonlinear optical medium produces light at 
double the frequency of the input beam (Bloembergen, 
1969; Boyd, 2002; Shen, 1984; Zernike & Midwinter, 
1973). It was the first laser-induced nonlinear optical 
effect to be reported, and its observation by Franken 
et al. (1961) marked the beginning of the field of 
nonlinear optics. This work involved the use of ruby 
laser radiation at 694.3nm propagating though a 
quartz crystal to produce second-harmonic radiation at 
347.2 nm (Franken et al., 1961). 

Our laboratory demonstration of second-harmonic 
generation is shown in Figure 1 (also in color plate 
section). The 800nm radiation of a titanium-doped 
sapphire laser is converted into the second harmonic 
at 400 nm in passing through a lithium niobate crystal. 
A prism is used to separate the second harmonic from 
the fundamental radiation exiting of the crystal. A 
side view showing the ray trajectories is represented 
in Figure 1c. We can see the red light of the laser 
beam illuminating the crystal and the blue light of 
the second harmonic exiting the crystal, together with 
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some portion of unconverted red light. Typically, not 
all of the incident radiation is converted into the second 
harmonic. The quantity describing the effectiveness of 
converting the incident radiation into a harmonic is 
called the conversion efficiency. 

The physical origin of the process of second- 
harmonic generation can be understood as follows. 
The electric field of a monochromatic optical wave 
incident upon a nonlinear medium forces the electrons 
bound in atoms and molecules to oscillate about their 
equilibrium positions. Thus, it induces a polarization 
(dipole moment per unit volume) in the medium that 
depends on the strength of the electric field. This 
polarization plays the role of a secondary source of 
electromagnetic radiation. 

The Lorentz model, which treats the atom as a 
harmonic oscillator, provides a good description of the 
linear atomic response. The electric force FE exerted 
on the electron by the electromagnetic field displaces 
the electron with respect to the nucleus. The restoring 
force Frest has the opposite action, tending to return the 
electron to its equilibrium position. If the applied field 
is weak, the restoring force is linear with respect to the 
electron displacement x from equilibrium, that is, 


2 
Frest = —Mapx. 

Here m is the mass of the electron and wg is the 

resonance frequency of the oscillator. Therefore, the 

potential energy function of the medium is quadratic 

with respect to x (see Figure 2a, the solid line): 


U= = fF dx = 3 magx. 


The parabolic shape of the potential energy func- 
tion describes harmonic oscillations of the electron 
at the applied optical field frequency. In such a way, 
the induced polarization gives rise to the radiation at 
the applied field frequency. Figure 2b shows the wave- 
form of the incident monochromatic electromagnetic 
wave of frequency w (the top graph). For the case of 
a medium with linear response, there is no distortion 
of the waveform associated with the polarization of the 
medium (the middle graph). 

In order to describe the nonlinear response, the 
model has to be extended by allowing the possibility of 
a nonlinearity in the restoring force (Boyd, 2002). The 
lowest-order nonlinear response is modelled by adding 
a contribution quadratic in the displacement so that 


Frest = —mpx — max’. 
Here a characterizes the strength of the nonlinearity. 
The potential energy function of such a system has an 
additional term that is cubic with respect to x (Figure 2a, 
the dashed line): 


= —1 mex? +1 3 
U = — Zmw@px" + 3 max. 
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Figure 1. Second-harmonic generation in lithium niobate: (a) Experimental setup; (b) close-up view of the observation screen; (c) side 


view showing ray trajectories. 


Because of the nonlinearity of the restoring force, the 
atomic response can show a harmonic distortion of 
the waveform associated with polarization oscillation 
(Figure 2b the bottom graph). In this case, the induced 
polarization will give rise to radiation not only at the 
same frequency as the applied field, but also at higher 
frequencies (harmonics) as well. A nonlinear effect can 
occur only if the applied field is sufficiently strong to 
produce a large displacement x. 

More formally, the nonlinear response of a medium 
to a strong incident field can be described by a nonlinear 
susceptibility (Bloembergen, 1969; Boyd, 2002; Shen, 
1984). In the case of a linear response to the applied 
field, the induced polarization P depends linearly 
upon the electric field strength E according to the 
relationship 

PHM, () 


where the constant of proportionality x“ is the linear 
susceptibility. In the case of a nonlinear response, 
optical response can be described by expanding 
polarization P as a power series in the field stren- 
gth E: 


PH=XVEF OR + OB +... 





The quantities x?) and x®) represent the second- 
and third-order nonlinear optical susceptibilities, 
respectively. Here, we will consider only the second- 
order nonlinear response. 

Second-order nonlinear interactions can occur only 
in noncentrosymmetric media. A typical value of the 
second-order nonlinear susceptibility in crystals is 
x¥® ~ 5 x 1078 esu (6.3 x 1077 SI). We refer to 


pr= 5 Er (3) 


E 4 applied field 


4 linear response 
Pp 






parabola 


4 nonlinear response 


\/ 


Pp 


t 





Figure 2. (a) Potential energy function in case of linear response 
(solid line) and nonlinear noncentrosymmetric response (dashed 
line); (b) polarization waveforms associated with the atomic 
response. 


as the second-order nonlinear polarization. The strength 
of the applied optical field can be represented by 


E = Egexp +ce.c. (4) 


Substituting (4) into the equation for the second-order 
nonlinear polarization (3), we can obtain 


P?) = 2, RE* +4 (yO ER exp? +.c.c.). (5) 


We can see from (5) that the second-order polarization 
consists of a constant contribution (the first term) and 
a contribution at frequency 2w (the second term). This 
doubled frequency contribution leads to the generation 
of radiation at the second-harmonic frequency 2. 
Frequency doubling can also be understood by 
means of a virtual energy level description (Figure 3) 
(Boyd, 2002). The diagram shows that for a lossless 
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Figure 3. Energy-level diagram describing second-harmonic 
generation. 


medium, the creation of a photon at a doubled frequency 
2q@ must be accompanied by the destruction of two 
photons at frequency w, or according to Manley-Rowe 
relations: the rate at which a photon at frequency 20 
is created is equal to the rate at which two photons at 
frequency w are destroyed. 

Second-harmonic generation is a process in which 
the initial and final quantum mechanical states (energy 
levels) are identical. Therefore, the energy conservation 
and momentum conservation laws need to be satisfied. 
According to the momentum conservation law, the 
momentum of the two incident photons of frequency w, 
2hk,,, must be equal to the momentum of the radiated 
photon of frequency 2m, Ako: 


2hke = hk. (6) 


Here k,, and k»,, are the wave vectors of the incident 
wave and the second harmonic, respectively. According 
to (6), in order for the second-harmonic generation to 
effectively occur, it is necessary for the following phase 
matching condition to be satisfied: 


2ky = kw. (7) 


The dispersion relation for light propagating in a 
medium is i 
ky = n()— (8) 


where n(w) is the index of refraction for the wave 
of frequency w. Thus, condition for perfect phase 
matching with collinear beams (7) requires that 


n(w) =n(2). (9) 


In practice, the condition of perfect phase matching is 
often difficult to achieve because the refractive index 
of materials displays an effect of normal dispersion: 
n(q@) increases monotonically with w. Thus, condition 
(9) cannot be satisfied. 

There are several ways to achieve phase matching. 
One of the most common ways is to use the birefrin- 
gence displayed by many crystals. Birefringence is the 
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dependence of the refractive index on the direction of 
polarization of the optical radiation. In order to achieve 
phase matching through the use of birefringent crystals, 
the highest-frequency wave (2) should be polarized in 
the direction that gives it the lower of two possible re- 
fractive indices. There is another technique, known as 
quasi-phase matching, that can be used when normal 
phase matching cannot be implemented (Armstrong et 
al., 1962; Boyd, 2002). This technique involves the use 
of periodically poled materials, that are fabricated so 
that the orientation of one of the crystalline axis is in- 
verted periodically as a function of position within the 
material. It results in periodic alternation of the sign of 
x), that can compensate for a nonzero wave vector 
mismatch Ak. 

Second-harmonic generation can usefully convert 
the coherent output of a fixed-frequency laser to a 
different spectral region (Zernike & Midwinter, 1973). 
For example, the infrared radiation of an Nd: YAG laser 
operating at 1064 nm can be converted into 532 nm 
visible radiation with a conversion efficiency of more 
than 50%. 

KsentA DoLcaLeva, NICK LEPESHKIN, AND 
Robert W. Boyp 


See also Harmonic generation; Manley—Rowe rela- 
tions; Nonlinear optics 
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FREQUENCY LOCKING 


See Coupled oscillators 


FROHLICH THEORY 

Starting in the late 1960s and continuing until 
his death in 1991, Herbert Frohlich developed a 
theory of biological coherence that was based on 
quantum interactions between dipolar constituents of 
biomolecules. Frohlich advocated momentum-space 
correlations within a living system such as a membrane, 
a cell, or an organism. This dynamic order would 
be a characteristic feature that distinguishes living 
systems from inanimate matter. The key assumptions 
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Figure 1. Illustration of the Frohlich model. 


of Fréhlich’s theory can be listed as follows: 


(i) a continuous supply of metabolic energy (also 
referred to as energy pumping) above a threshold 
level, 

(ii) the presence of thermal noise due to physiological 
temperature, 

(ili) internal organization of the biosystem that 
promotes functional features, 

(iv) the existence of a large transmembrane potential 
difference, and 

(v) anonlinear interaction between two or more types 
of degrees of freedom. 


As aresult of these nonlinear interactions, in addition 
to the global minimum that characterizes a biological 
system in its nonliving state, a metastable energy 
minimum is achieved in the living state. 

The Frohlich model of biological coherence is based 
on a condensate of quanta of collective polar vibra- 
tions. It is a non-equilibrium property due to the inter- 
actions of the system with both the surrounding heat 
bath and an energy supply (see Figure 1). The energy is 
channeled into a single collective mode that becomes 
strongly excited. Most importantly, the Frohlich model 
relies on the nonlinearity of internal vibrational mode 
interactions and in this respect is somewhat reminis- 
cent of the laser action principle. Associated with this 
dynamically ordered macroscopic quantum state is the 
emergence of polarization due to the ordering of dipoles 
in biomolecules such as membrane head groups. Fur- 
thermore, Frohlich predicted the generation of coherent 
modes of excitation such as dipole oscillations in the 
microwave frequency range. Nonlinear interactions be- 
tween dynamic degrees of freedom were predicted to 
result in the local stability of the polarized state and 
in the long-range frequency-selective interactions be- 
tween two systems with these properties. 

In the search for empirical support of this model, 
Fréhlich placed an emphasis on the presence of dipole 
moments in many biomolecular systems that would 
then oscillate in synchrony in the frequency range of 
10!!_10!? Hz due to their nonlinear interactions. Con- 
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sequently, due to the resonant dipole-dipole coupling in 
a narrow frequency range, the entire biological system 
can be seen as a giant oscillating dipole. An alterna- 
tive picture developed within the Frohlich theory was 
that of a Bose-Einstein condensation in the space of 
dipole oscillations. The Hamiltonian postulated by Wu 
and Austin (1977) takes the form 


H= Yo wiaitai + ye 2b; *b; + 9 PP; 
i i 


1 * 
HS Yi cail aj be! + x*ajai" bk) 
ijk 


“ YS abia;" or r*bita;) 
ij 








+l Piaj* + €*Pi*a;), (1) 
ij 


where (a;", a;), (b;", b;), and (P,*, P;) are the cell, 
heat-bath, and energy-pump creation and annihilation 
(boson-type) operators, respectively. A kinetic rate 
equation was derived for this model that indicates 
Bose-type condensate in the frequency domain with a 
stationary occupation number dependence of the dipole 
modes given by 


N; = [ee = J" : (2) 


The nonlinear coupling comes from the dipole- 
phonon interaction proportional to x. Provided that 
the oscillating dipoles are within a narrow band 
of resonance frequencies (Wmin < @i < @max) and the 
coupling constants (x, A and &) are large enough, long- 
range (~ 1 tm) attractive forces are expected to act 
between the dipoles. 

The effective potential between two interacting 
dipoles which initially vibrate with frequencies w; and 
@2 is given by 


F 
sae (3) 


The van der Waals coefficient F is negative (attractive) 
unless the average distance between the interacting 
particles is very short. However, the van der Waals 
attraction between particles rapidly decreases with 
distance making it an unlikely candidate mechanism 
for biological coherence. The coefficient E can be both 
positive (repulsion) and negative (attraction) depending 
on the occupation of the new eigenstates of the system. 
Population inversion leads to attraction while thermal 
equilibrium for occupation numbers leads to repulsion 
between particles. In particular, E is given by 
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FRUSTRATION 


where M is the mass of a dipole, e is the electron 
charge, Z is the number of elementary charges on each 
dipole, A is an angle constant, and ¢’(«) is the real part 
of the frequency-dependent dielectric constant. The 
quantities w+ are the new dipole vibration frequencies 


OL = 


/29 1/2 
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(5) 
where fy =y2e2./Z1Z2/Mr?. In the resonant fre- 
quency case, the effective interaction energy between 
two oscillating dipoles was found to be long-range, de- 
pending on distance as r~>. 

Most of the expected condensation of dipolar 
vibrations was envisaged by Frohlich to take place in 
the cell membrane due to its strong potential on the 
order of 10-100 mV across the thickness of 5-10 nm 
giving an electric field intensity of 1-20 x 10° V/m. The 
resultant dipole-dipole interactions were calculated to 
show a resonant long-range order at a high-frequency 
range of 10!!—10!? Hz with a propagation velocity 
of about 10°m/s. In addition to membrane dipoles, 
several other candidates for Frohlich coherence were 
considered, including double ionic layers, dipoles of 
DNA and RNA molecules, and plasmon oscillations of 
free ions in the cytoplasm. 

Applications of the Frohlich theory were made 
to explain cancer proliferation, where a shift in the 
resonant frequency was seen to affect the cell-cell 
signaling, the brain waves, and enzymatic chemical 
reactions. 

Various experiments have been reported that 
appeared to demonstrate the sensitivity of metabolic 
processes to certain frequencies of electromagnetic 
radiation above the expected Boltzmann probability 
level. Raman scattering experiments by Webb (1980) 
found non-thermal effects in E. coli but these could 
not be reproduced by other labs. Irradiation of 
yeast cells by millimeter waves showed increased 
growth at specific frequencies (Grundler, et al., 
1983). Rouleaux formation of human erythrocytes 
was explained in terms of Frohlich’s resonant 
dipole-dipole attraction (Paul et al., 1983) but did 
not rule out standard coagulation processes. While 
some of these experiments illustrate nonthermal 
effects in living matter that would require nonlinear 
and non-equilibrium interactions for explanation, no 
unambiguous experimental proof has been furnished to 
date to support Fréhlich’s hypothesis. 

It is interesting to note that while Fréhlich sought 
evidence for frequency selection in biological systems, 
another famous physicist, Alexander S. Davydov tried 
to find spatial localization of vibrational energy in 
biological systems such as DNA and peptides. There is a 
conceptual link between these two approaches as shown 
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by Tuszyriski et al. (1983) that involves self-focusing 
in reciprocal (Frohlich) or real space (Davydov). 
Jack A. TuszyNskI 


See also Bose-Einstein condensation; Cluster- 
coagulation; Davydov soliton; Synergetics 
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FRONT PROPAGATION 


See Reaction-diffusion systems 


FRUSTRATION 


Frustration is the inevitable consequence of trying to 
simultaneously satisfy a number of conflicting con- 
straints. In general, when faced with such conflicting 
requirements one’s only way out is to compromise. In- 
evitably, there are usually many widely different ways 
to compromise, some better than others. In physical 
systems, frustration arises from competition between 
different contributions to the total energy of a system. 
Generally, each contribution can be separately mini- 
mized by a unique choice of state but the different con- 
tributions have different minimum-energy states. The 
presence of frustration then typically leads to a situ- 
ation in which there are many, very different, states 
with similar low energies separated from one another 
by “barriers” of much higher energy states. This leads 
to a proliferation of low-energy dynamical modes in the 
system and, especially in the presence of disorder, slow 
(glassy) dynamics. 

A simple physical example that shows the way in 
which frustration leads to complexity is afforded by the 
Ising model (See Spin systems). Each site of a regular 
lattice bears a simple binary variable—a spin than can 
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Figure 1. The ground state configuration of the 2-d Ising model 
on a square lattice. 


point either up or down. The energy of the whole system 
has acontribution from each bond on the lattice. A given 
bond contributes an energy + J if the spins at either end 
of the bond point in the same direction and an energy 
—J if they point in opposite directions (this corresponds 
to the anti-ferromagnetic Ising model). First, consider 
the model on a two-dimensional square lattice with N 
sites (this model was solved exactly by Lars Onsager 
in 1940) as shown in Figure 1. 

We can divide the lattice into two sub-lattices such 
that each site on one sub-lattice is surrounded entirely 
by sites on the other sub-lattice. The lowest energy state 
of the system is trivially found—we make all the spins 
on one sub-lattice point in one direction and all the spins 
on the other sub-lattice point in the opposite direction 
(clearly there are two such states with the same energy 
related by global inversion of all the spins). Each bond 
of the lattice connects two oppositely oriented spins so 
that the total energy is -2N J. Any other configuration 
of spins must result in at least four bonds connecting 
like spins and so has energy > —2J N + 4J/. This situa- 
tion is simple and unfrustrated—all bonds can be 
simultaneously “happy.” 

Now consider the same simple model, with the same 
tules for assigning energy, but on a triangular lattice as 
shown in Figure 2. It is fairly simple to see that there is 
no way of simultaneously making all the bonds happy. 
Each elementary plaquette of the lattice has three spins, 
each of which wants to be in a different state to its 
neighbors—at least one bond must be unsatisfied (i.e., 
have energy + J). The minimum energy states of this 
system have alternate “stripes” of aligned spins so that 
each plaquette has only one unsatisfied bond giving a 
minimum energy of —N J. A little thought will tell one 
that there are six equivalent configurations with this 
minimum energy: three choices for the direction of the 
stripes as well as the possibility of reversing all spins. 

A very simple situation in which there is geometrical 
frustration arises when one considers the adsorption of 
one material onto a surface of a different material. Sup- 
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Figure 2. One of the degenerate ground state configurations of 
the 2-d Isig model on a triangular lattice. 


pose that we have a substrate of material A, which is 
flat, and we deposit atoms of material B onto it. Further 
suppose that a bulk sample of pure A atoms has a lattice 
parameter a, while a bulk sample of pure B atoms has a 
lattice parameter b. When only a few atoms of material 
B have been deposited, they will simply bond with A 
atoms at the surface. Once a large number of B atoms 
have been deposited, they will begin to come into con- 
tact and be able to bond with each other. In the case 
that b ~ a, there is no frustration—the B atoms simply 
attach themselves to surface A atoms and quite happily 
bond to other B atoms when they are adjacent. This 
happy situation is referred to as epitaxial growth and 
happens for the technologically important situation in 
which material A is the semiconductor gallium arsenide 
and material B is the alloy aluminium gallium arsenide. 
However if b $ a, then the growth of B is frustrated— 
there is a competition between the desire of the B atoms 
to attach themselves to A atoms and their desire to be 
a distance b from the nearest B atom. If the energetics 
are such that one set of bond energies is much greater 
than the other, the system will either form an adsorbed, 
strained layer, with B—B neighbor distance set by the 
substrate (a) or it will detach itself entirely. If the ener- 
getics are more closely balanced, then the system will 
find a compromise, often involving the formation of 
dislocations in the surface layer. There are, of course, 
many ways of introducing such dislocations to relieve 
the strain. A simple model for this effect was proposed 
by Frenkel and Kontorova (See Frenkel-Kontorova 
model). 

An interesting system in which the frustration can 
be continuously tuned experimentally is the Josephson 
junction array (See Josephson junction arrays). This 
is a system composed of a lattice of superconducting 
islands separated by weak links. Each island is 
characterized by a phase variable and the total energy 
of the array can be written 


E= =e; ) cos (6; — 6; — Ajj) $ 
(i,j) 
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where the sum is over nearest-neighbor sites, 6; is the 
phase on the ith island, ey is the Josephson energy, and 
Ajj is a twist variable along a nearest-neighbor bond. 
The twist variables must satisfy 


® 
Ai = oe 


where the sum is around all the bonds on an elementary 
plaquette of the lattice, ® is the magnetic flux through 
that plaquette, and @¢o is the flux quantum h/2e. 
When the flux per plaquette is an integer number of 
flux quanta, the system is unfrustrated and its ground 
state simply has all phases equal. When ®/¢o is a 
rational fraction, the system is uniformly frustrated and 
its ground states exhibit periodic spatial ordering. If 
®/do is irrational (or, in finite-sized systems if the 
commensuration length exceeds the system size), then 
the system exhibits complex, aperiodic ordering. The 
introduction of frustration introduces a greater range of 
elementary excitations and a greater degeneracy in the 
lowest energy states. 

Spin glasses are magnetic alloys in which there 
are competing interactions between magnetic ions 
that can be of either sign. The canonical model of 
a spin glass was devised by S.F. Edwards and P.W. 
Anderson (Edwards & Anderson, 1975) in which each 
site of a regular lattice bears a classical vector spin. 
Nearest-neighbor pairs of spins interact via an exchange 
coupling drawn from a quenched (i.e., nondynamical) 
random distribution that includes both ferromagnetic 
and antiferromagnetic possibilities. The energy of a 
given configuration of spins is then given by 


E= -> JijSi-S;- 
(i,j) 


The combination of frustration and quenched random- 
ness leads to very rich behavior. A mean field version 
of this model in which all pairs of spins interact weakly 
was proposed by Sherrington and Kirkpatrick (1975) 
and solved by Parisi (1979) by introducing the notion 
of replica symmetry breaking. An alternative approach 
based on an equation (the so-called TAP equation) for 
the number of metastable states was presented by Thou- 
less, Anderson, and Palmer (Mezard et al., 1987; Fis- 
cher & Hertz, 1991). The relevance of the notions de- 
veloped for this mean field model to real finite range 
spin glasses (the EA model) has been questioned and 
the so-called droplet picture for these was developed 
(Fischer & Hertz, 1991). The debate over the relative 
merits of the droplet picture and the broken replica sym- 
metry picture has resurfaced recently and is still highly 
contentious. Irrespective of which detailed picture is 
correct, it is clear that the combination of frustration 
and quenched randomness leads to spin glass systems 
having many, closely competing low-energy configu- 
rations. This leads to a hierarchy of free energy val- 
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leys and barriers causing the dynamics of these sys- 
tems to show very complex and slow dynamical behav- 
ior such as aging in which the dynamical response of 
the system depends on its thermal history. Much cur- 
rent attention is focussed on quantum mechanical frus- 
trated systems both regular (spin liquid states in quan- 
tum antiferromagnets) and disordered (quantum spin 
glasses, etc.). 

KEITH BENEDICT 


See also Ferromagnetism and _ferroelectricity; 
Frenkel-Kontorova model; Ising model; Josephson 
junction arrays; Spin systems 
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FUNCTION SPACES 


There are classes of spaces that, while maintaining 
some essential features of the n-dimensional Euclidean 
space (R”), are still general enough to include spaces 
of functions as particular examples. This entry covers 
both these abstract classes and some particular function 
spaces. 

A metric space retains only the notion of distance. To 
be a metric ona space X, d(x, y) should be nonnegative 
and satisfy 


(i) d(x, x) =0 for every x € X; 
(ii) d(x, y) =d(y, x) for every x, y € X; and 
(iii) the triangle inequality: d(x, y) < d(x, z) +d(z, y) 
for every x, y, andz € X. 


More precisely, it is the pair (X, d), rather than X alone, 
that is the metric space. For x, y € R", the standard 
metric is just given by d(x, y)=|x — y|. 

A metric leads to a notion of convergence: xj > x 
in X as j — oo if for any ¢ > 0, there is an N such 
that d(x ;, x) <¢ whenever j > N. In Euclidean spaces, 
a sequence converges if and only if it is a Cauchy 
sequence. In the context of a metric space, {x; reas 
is Cauchy if for any ¢>0, there exists an N such 
that d(x;, xj) <é whenever i, j > N. A metric space 
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in which every Cauchy sequence converges is called 
complete. 

The general version of a length is a norm. Consider 
a real (or complex) vector space X [which satisfies 
the property: if x and y are elements of X, then so 
is x +Ay for any A € R (or C)]. Then a norm on X is 
a nonnegative function || - || such that 


(iv) ||x|| => 0 with equality if and only if x = 0; 

(v) ||Ax|| =|A|||x|| for every x € X anda € R (or C); 
and 

(vi) llx+ yll llxll + lyll for every x,y € X (the 
triangle inequality again). 


Note that X needs to be a vector space so that if x and 
y are in X, so are Ax (as in (v)) and x + y (as in (vi)). 
The pair (X, || - ||) is called a normed space. A complete 
normed space is called a Banach space. 

Given a norm, the distance between x and y, 
d(x, y)=||x— yl], defines a metric; thus, normed 
spaces are less general than metric spaces. 

The standard notion of the length of a vector in 
R" is not just an ad hoc definition satisfying (iv)-(vi). 
Vectors are specified relative to n orthogonal coordinate 
axes, and the expression for the length follows 
from Pythagoras’s theorem. Since the mathematical 
formalization of orthogonality involves the dot product 
(x + y= yi =1*jyj), it is natural to consider 
generalizing this concept. 

An inner product space is a real (or complex) vector 
space X equipped with an inner product: that is, a 
function (x, y) that associates a real (or complex) 
number with any two elements x, y € X and satisfies 


(vil) (x, x) > 0, with equality if and only if x =0; 
(viii) (x, y)=(y, x) for all x, y € X; and 
(ix) (Ax + py, Z)=A(x, z) + Wy, Z) for every x, y, 
ze X andevery A, w € R (or C). 





A complete inner product space is called a Hilbert 
space. 

Due to (vii), it is possible to set ||x || = (x, x)!/2; the 
Cauchy—Schwarz inequality 


I(x, y)SIlx I My qd) 


a consequence of (vii)—(ix), can then be used to show 
that || -|| isa norm on X. Thus, every inner product space 
can also be viewed as a normed space, implying that 
inner product spaces are more restrictive than normed 
spaces. 

There is one abstract setting that includes all the 
above: the only concept retained is the notion of an 
open set. Such topological spaces (Sutherland, 1975) 
consist of a space X and a topology J —the collection 
of all the open sets in X. This collection must satisfy: 


(x) @ and X are elements of 7; 


FUNCTION SPACES 


(xi) if O,, O2 € T, then O; N O2 € T; and 
(xii) the union of any collection of sets in J is also 


inT. 


Any metric space gives rise to a topological space by 
taking 7 to be the collection of all of its open sets, 
but there are some notions of convergence (e.g.,weak 
convergence, See Functional analysis) that do not 
correspond to any choice of metric. Because of this, 
topological vector spaces (vector spaces equipped with 
a topology) form the basis of advanced functional 
analysis (Rudin, 1991). 

We now give some simple examples of function 
spaces, in which J denotes any interval (finite or 
infinite) in R. 

The space C (1) consists of all real-valued continu- 
ous functions on J. The standard norm on this space is 
the supremum or uniform norm || - ||>0, defined as 


Iflloo= sup |f@)| (2) 
xel 


(essentially the maximum value of f on the interval /, 
provided that this is attained). Since the uniform limit 
of continuous functions is itself continuous, equipped 
with the uniform norm C°(J) is complete, and so a Ba- 
nach space. For functions defined on the whole real line, 
such uniform convergence is often too strong. More re- 
alistic is uniform convergence on compact intervals, 
that is, equivalent to convergence in the metric 


lo. <) 
dx(f,g) = 274 
jel 
x min{ sup |f(x)— g(x)|,1]} G) 
xe[—j,j] 
which cannot be derived from a norm. 


The space C’ i (Z) consists of all continuous functions 
whose first k derivatives are also continuous, 


{f € CU): d/ f/dx/ € C°W), 
j=l,...,k}. (4) 


CW = 


Its standard norm (which makes C * a Banach space) is 
formed by adding the maximum value of f and its first 
k derivatives, 


k 
II fllce = Yo Id? f/dx! lloo. (5) 


j=0 


The theory of generalized functions uses the 
space D(R) of infinitely differentiable functions with 
compact support in R (“test functions”). A sequence 
{on}72_, € D(R) converges to ¢ in D if there is a fixed 
compact set K containing the support of each ¢,, and 
dln /dx/ converges uniformly to d/g/dx/ for every 
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j=0,1,2,---. This form of convergence gives rise to 
a topology, but there is no corresponding metric. 
Another family of Banach spaces are the “Lebesgue 
spaces” L?(J), consisting of all Lebesgue integrable 
functions on J for which the L? norm defined by 


Ifllzr 
(fy FIP dx)'/", 1 < p <00, 
=j inf{M: | f(x)| < M almost everywhere in /}, 
p=0 
(6) 


is finite. (See Priestley (1997) for a readable 
introduction to Lebesgue integration.) The space L?(I) 
of square integrable functions is a Hilbert space: for two 
functions f, g € L?(/) one can define an inner product 
by setting 


(f.8) = / f (x)g (x) de. (7) 


Note that this is a very natural space of functions to 
consider physically: if u(x) denotes a velocity then the 
L? norm of u(x) is proportional to the kinetic energy. 

The modern theory of partial differential equations 
relies heavily on Sobolev spaces (Adams, 1975; 
Evans, 1998; Gilbarg & Trudinger, 1983). These allow 
discussion of the degree of differentiability of functions 
that are only weakly differentiable: a function f 
defined on an open interval 7 has weak derivative 
Df =g if there is a function g € L!(/) such that for 
every infinitely differentiable function ¢ with compact 
support in [ 


[soe dx = - | fee's dx. (8) 


(The right-hand side would be the result of integrating 
ff’ @e@) dx by parts if f were a C! function. 
Although this is similar to the definition of the derivative 
of a generalized function, the weak derivative must 
be an element of L!.) By requiring successive weak 
derivatives D/ f to be in L? (J), we obtain the Sobolev 

space WP(D): 

Wh?) = {f € LP): Di f € LP(), 

Pali kh (9) 

Given the norm 

k I/p 
Ifllwer =| >UDsfIR, |. 0) 
j=0 

these are Banach spaces. The spaces HED) = Wk) 


are Hilbert spaces when equipped with the inner 
product 


k 
Cf. 8) nt =) (D! f, D!g) 2. (1) 
j=0 


JAMES C. ROBINSON 
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FUNCTIONAL ANALYSIS 
Introduction 


Systems that are extended in space are usually modeled 
by partial differential equations (PDEs). The solution 
of such an equation will be a function of both space 
and time, for example, u(x,t), and so the state of 
the system is specified by the function f(-)=u(.,t). 
Since the resolution of such a function as a Fourier 
series 


£0) = Doce”, Ck = Ck, 


keZ 


requires an infinite number of coefficients, the 
appropriate phase space for a PDE is generally infinite- 
dimensional. For example, the stability of a solution (be 
it stationary, periodic, or more general still) will depend 
on the eigenvalues of some linear operator that acts on 
this infinite-dimensional phase space. 

Broadly speaking, functional analysis can be viewed 
as the study of infinite-dimensional spaces and the 
properties of maps (often linear) defined on them. 
Functional analysis is required for any rigorous 
treatment of PDEs (e.g., Evans, 1998, or Robinson, 
2001) and many problems in the theory of ordinary 
differential equations. 

In this entry we discuss two topics, both central 
to the subject. First, we give a very brief outline of 
spectral theory, which generalizes ideas familiar from 
linear algebra; and then we discuss the notion of “weak 
convergence” that goes some way to circumventing 
the problems arising from a fundamental difference 
between finite- and infinite-dimensional spaces. 

For the sake of simplicity, we will discuss these two 
topics only in the context of a Hilbert space rather than 
for a general Banach space (See Function spaces). We 
denote this Hilbert space by H, its norm by || - ||, and 
its inner product by (-,-). Note that R” is a finite- 
dimensional Hilbert space. For more details and a 
more general treatment, see the suggestions for further 
reading. 
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Spectral Theory 


Initially motivated by Sturm—Liouville boundary value 
problems and the related theory of integral equations, 
spectral theory has become an important part of 
functional analysis. The theory generalizes ideas from 
finite-dimensional linear algebra to linear operators on 
infinite-dimensional spaces. 

Amap A: H —> H is linearif 


A(x +Ay) = Ax +AAy for every x, y € H, 
AER, 


and is bounded if, for some M > 0, 
| Ax|] < M||-l| foreveryx eH. (1) 


[If H = R", then any linear map is bounded, but this is 
not true when H is infinite-dimensional.] 

When H =R’", the eigenvalues of a matrix A are 
all those complex numbers 4 for which A — XJ is not 
invertible (so that Ax = Ax for some nonzero x). When 
A is a linear operator on an infinite-dimensional space, 
the spectrum of A consists of all the values of 4 for 
which R,(A) =(A—AJ)7~! lacks one or more of the 
following “nice” properties: 


(i) R,(A) exists, 
(ii) R,(A) is bounded, and 
(iii) R,(A) can be defined on a dense subset of H 
(another “nice” property whose exact meaning is 
unimportant here). 


In general, this spectrum can be divided into three 
distinct pieces: 


e the point spectrum o)(A) (eigenvalues): (i) does 
not hold, so that there is a nonzero x€ H (the 
“eigenfunction”) with Ax = Ax; 

e the continuous spectrum o¢(A): (i) and (iii) hold, but 

not (ii), and 

the residual spectrum o,(A): (i) holds but (iii) does 

not. 


If H =R", then whenever (i) holds so do (ii) and (iii), 
and the spectrum consists only of the eigenvalues of A. 
When H =R"” and A is a real symmetric matrix, 
results from linear algebra guarantee that (a) all its 
eigenvalues are real, (b) the eigenvectors corresponding 
to distinct eigenvalues are orthogonal, and (c) the 
eigenvectors form a basis for R”. To obtain a 
similar result when H is infinite-dimensional we have 
to impose certain restrictions on A. The original 
applications to boundary value problems and integral 
equations motivated the following two definitions that 
are useful here: an operator A : H — H is compact if 
the image {Axn}°°_, of any bounded sequence {x7 }°°_, 
has a convergent subsequence [if H = IR”, then any 
linear map is compact, cf. below]; and a bounded map 
from a Hilbert space H into itself is self-adjoint if 


(Ax, y) = (x, Ay) forevery x,y eH 
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[when H = R", this means that A is a real symmetric 
matrix]. 

If A is a compact, self-adjoint operator that is also 
invertible, then it behaves much like a real symmetric 
matrix: (a) all of its eigenvalues are real; (a’) the residual 
spectrum is empty and there are at most a countable 
number of eigenvalues, which are bounded and can only 
have zero as an accumulation point; (b) eigenfunctions 
corresponding to distinct eigenvalues are orthogonal; 
and (c) the eigenfunctions form a basis for H. This is 
the celebrated Hilbert-Schmidt theorem, the rigorous 
result that justifies the approach of Sturm—Liouville 
theory, that is, using eigenfunctions as a basis in which 
to expand solutions as a “generalized Fourier series” 
(see Kreyszig, 1978; Renardy & Rogers, 1992, for 
example). 


Weak Convergence 


A space is finite-dimensional if and only if its unit ball 
is compact. Put another way, any bounded sequence ina 
finite-dimensional space has a convergent subsequence 
(in R this is the Bolzano—Weierstrass theorem): this 
result is extremely useful, but it is not true in an infinite- 
dimensional space. 

However, it is possible to define a weaker notion 
of convergence (“weak convergence”) and so recover 
a form of this compactness property in certain infinite- 
dimensional spaces. To motivate the definition we make 
two observations. First, if x and y are two distinct 
elements of a Hilbert space H, then, it is possible to 
find a z € H such that 


(z,x) A(z, y), 


“inner products can distinguish elements of H.” 
Second, it is also possible to show that if (z, x) = (z, y) 
for every z € H, then we must have x= y: “inner 
products can determine elements of H.” 

Because of these two results, it is reasonable to define 
a notion of convergence based on inner products. In a 
Hilbert space, a sequence x, converges weakly to x, 
written x, — x, if 


(z, Xn) > (z,x) forevery element ze H. 


Although a bounded sequence in an_ infinite- 
dimensional Hilbert space need not have a convergent 
subsequence, it will have a subsequence that converges 
weakly. Such convergence is often sufficient for 
applications; in particular, it is fundamental to many 
results in the theory of existence and uniqueness for 
solutions of PDEs. 

[The Riesz Representation theorem guarantees that 
for any bounded linear map p: H > R, there is a 
z € AH such that p(x) = (z, x) forall x € H. Ina general 
Banach space B, the “inner product with” z used above 
is replaced by “any bounded linear map from B into 
R”. These maps are known as “linear functionals,” and 
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gave rise to the name of the subject to which they are 
central.] 

JAMES C. ROBINSON 
See also Function spaces; Generalized functions; 
Topology 
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GALAXIES 

Galaxies are dense agglomerations of matter in the 
Universe. They consist of gas, dust, and stars as a 
major fraction. In addition, for kinematical reasons 
a hypothetical “dark matter” component is required. 
Their formation dates back to the early Universe, almost 
14 billion years ago. Although some galaxies were 
already listed as nebulous objects in Charles Messier’s 
catalogue of nebulae and star clusters from 1784, their 
discovery as detached “island universes” only dates 
from 1924, when Edwin Hubble resolved the outer parts 
of Messier Object 31 (M31, the Andromeda Nebula) 
into stars and measured their distances. 

Within 2.2 million light years (1 ly =9.46x10!? 
km), M31 is the closest massive galaxy and is similar 
to our Milky Way galaxy, both belonging to a galaxy 
type that is characterized by a rotating disk of stars 
and gas showing spiral patterns. In addition, such spiral 
galaxies possess a central spheroid of old stars called 
a bulge and an extended spheroidal halo of old single 
stars and bound star clusters, called globular clusters. 

All spiral galaxy labels today begin with the 
prefix “S”’. For decreasing bulge-to-disk ratios, Hubble 
classified the sequence of spirals from Sa to Sc, some of 
which also show an innermost bar structure where the 
spiral arms emerge at the ends. Hubble distinguished 
these as SBs as distinct from normal Ss. 

Another morphological galaxy type exists with an 
elliptical shape, almost no particular substructure, 
relatively old stars, and depleted in gas: ellipticals. 
According to their minor-to-major axes ratio b/a, 
Hubble denoted them by E10(1 — b/a) reaching from 
EO (circular) to E7 (b/a = 0.3) at most. 

Lenticular galaxies (SOs) form the link between 
spirals and ellipticals in Hubble’s famous “tuning-fork 
diagram” (see Figure 1). Hubble galaxies have masses 
between several 10!° to 10! solar masses (ms = 1.9891 
x 10°°kg) and diameters of 100,000 light years and 
more. More refined classification schemes are possible 
such as those by de Vaucouleurs (1959) and Sandage 
(1961). Today an extension exists to Sds, and even 
further to irregularly shaped galaxies (Is) with lower 
mass and brightness and no central bulge. 
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Figure 1. Hubble’s “tuning-fork diagram” of galaxies. With 
courtesy from STScI. 


Internal and Dynamical Structure of Galaxies 


Ellipticals 

According to the stellar mass distribution, any galaxy 
becomes dimmer with distance R from the geometrical 
center. The radial dependence however, differs between 
morphological types and their components. Ellipticals 
follow in all directions the empirical de Vaucouleurs law 
with brightness falling off with exp(— R!/4). Although 
it seems plausible that rotation causes ellipticity, since 
the 1970s, it has been known that in most ellipticals 
their regular rotation velocity is smaller than the 
irregular proper motion of stars with speeds of 200— 
250 km/s. They are therefore denoted as “hot stellar 
systems.” The elliptical shape is thus formed by the 
anisotropic velocity dispersion of stars. Moreover, 
triaxiallity of the figure axes, as for a flattened cigar, 
can be derived for some elliptical galaxies if the 
elliptical contours of equal brightness are somehow 
twisted. Most elliptical galaxies can be divided 
additionally into boxy- or disky-shaped contours 
considering the fourth-order cosine in a trigonometric 
expansion. 


Spirals 
Spiral galaxies are the most complex systems. While 
their bulges’ brightness profiles resemble ellipticals, 


352 


they are rotationally supported. Although the halos 
are not dense enough to show a continuous stellar 
distribution, one can take, for example, globular 
clusters as representative and find a power law for 
the density of R~2.... R735. While in the halo, the 
large irregular velocities of stars (determined in our 
Milky Way) and globular clusters, their age, and the 
lack of significant amounts of gas are similar to those 
of ellipticals (without knowing the halo’s ellipticity), 
disks consist of 10-20% gas and of stars, both rotating 
with velocities of 200-250 km/s. Because the velocity 
dispersion of stars is much less, in the range of only 
10-60 km/s, disks are therefore “cold systems” and 
rotationally flattened. Their radial face-on brightness 
drops with exp(— R/a) where a is the so-called scale 
length of around 10,000 light years. 

Although spiral arms are exceptionally trailing, they 
are not the result of structures wound by differential 
rotation because their pitch angles, that is, the angle 
between an arm and a circle, should be much smaller 
than observed. Because the arm structure is pronounced 
in the visual by the brightness of young stars that form 
out of cold gas condensed within the arms, among 
different possible processes of arm formation, density 
waves are the most favored. 

Since the characteristic velocities v, for example, the 
rotation of spiral disks and velocity dispersion in el- 
liptical galaxies, are almost constant with R, although 
the visible mass decreases, this invokes the existence 
of dark matter. Because in equilibrium the centrifugal 
force Fy = mv?/R acting on the mass element m is bal- 
anced by the gravitational force of a mass Mr included 
within R, Fg axmMp/R?, for observed v=const. Mr 
has to increase with R. This means that the dark mat- 
ter contribution dominates in the outermost regime. In 
contrast, less bright ellipticals have been found recently 
where a decline of velocities at large radii is measured, 
so the dark matter content remains controversial. 


Formation and Evolution of Galaxies 


Galaxies assemble into larger units by means of 
gravitation, thus forming galaxy groups like our Local 
Group and galaxy clusters with numerous members, as 
for example, the Virgo Cluster at a distance of 50 million 
light years. In the center of the clusters, ellipticals 
dominate while spirals permeate the whole cluster. This 
leads to the suggestion that ellipticals are formed by 
merging events in the densest cluster regions and in the 
early universe. 

While the Hubble-type galaxies are massive, dwarf 
galaxies with less mass exist. In our vicinity the large 
and small magellanic clouds (LMC, SMC) as satellites 
of the Milky Way represent a dwarf irregular type, 
consisting of gas and stars as spirals but with less 
regular structures. With masses of 5 x 10°mg, the LMC 
lies at the upper-mass range of dwarf galaxies, while 
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other Milky Way galaxy satellites, dwarf spheroidals, 
form the low-mass end of the dwarf ellipticals. With 
10°-107m, their brightness is so low that observations 
are still incomplete. Dwarf ellipticals are the most 
frequent galaxy type in the present Universe resembling 
Hubble’s Es. 

The class of dwarf galaxies is of substantial 
importance for our understanding of galaxy formation 
and the evolution of the Universe, because they 
serve as the building blocks of massive galaxies in 
the cosmological picture of hierarchical clustering. 
Although their accretion by mature galaxies by means 
of tidal friction is observable, their destruction rate 
during the course of the universe is yet unclear 
because it is also possible that the dwarf galaxy types 
are replenished by other processes such as tidal tails of 
merging galaxies. 

GERHARD HENSLER 
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GAME OF LIFE 


The rules underlying Life are simple, according to 
computer scientists. Biologists are inclined to be 
skeptical, but they do agree that the cellular automaton 
knownas the Game of Life provides fascinating insights 
into the phenomena of self-organization and emergence 
in systems of interacting agents. 

Biological life has been around for at least 3.8 
billion years, but the Game of Life was invented by 
mathematician John Conway in 1970 and publicized by 
Martin Gardner in his “Mathematical Games” column 
in Scientific American. It is probably the best-known 
example of the class of algorithms known as cellular 
automata (CA). A CA is a one- or two-dimensional 
array of cells, each of which can exist in a number 
of states. Time in a CA is discrete; at each time step, 
every cell updates itself on the basis of its current 
state and those of its neighbors. Cellular automata 
can exhibit surprisingly complex global temporal 
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Figure 1. Some commonly seen patterns in the Game of Life. 


dynamics, arising from extremely simple rules applied 
on a local scale. 

The standard Game of Life uses a two-dimensional 
grid. Cells can be either on (alive) or off (dead). The 
neighborhood of a cell is the eight cells surrounding 
it. The rules of Life are, indeed, simple; if a live 
cell has two or three live neighbors, it stays alive. 
A dead cell with exactly three live neighbors comes 
alive (is born). In all other cases the cell dies, either 
of overcrowding (with more than three live neighbors) 
or loneliness (with fewer than two). At each time 
step, all cells update their states simultaneously. That’s 
all there is to Life! No wonder the biologists are 
dubious. But from this simple foundation, complex, 
consistent patterns of activity emerge. If the grid is 
seeded at random with live cells, the first few time 
steps are a turmoil of apparently random activity. 
However, identifiable patterns of live cells quickly 
emerge. Interesting patterns exhibit periodic behavior, 
cycling between a number of different states in a 
deterministic manner. Many patterns settle into a limit 
cycle of length one—a stable point attractor, or “still 
life” in the Life terminology. Others, known to Life 
practitioners as “oscillators,” have longer limit cycles. 

So consistent are these patterns that hundreds have 
been identified, named, and studied by Life enthusiasts 
all over the world (see e.g., Figure 1). There are several 
catalogues of Life patterns available on the Web; a 
particularly nice site is http://hensel.lifepatterns.net/. 

Although most initial configurations eventually 
settle to a stable state or cyclic set of states, this is not 


always the case. Life aficionados have identified initial 
states that generate new states indefinitely. 

So is Life more than just a generator of interesting 
patterns? The answer, of course, is “yes.” Cellular 
automata in general, and Life in particular, have 
interesting theoretical properties. Stephen Wolfram 
identified four broad classes of dynamic behavior 
common to one-dimensional (Wolfram, 1984) and two- 
dimensional (Wolfram, 1985) CAs. 

Class 1: Evolution leads to a homogeneous state 
(analogous to a point attractor in a nonlinear dynamic 
system), 

Class 2: Evolution leads to a set of separated 
simple stable or periodic structures (analogous to limit 
cycles), 

Class 3: Evolution leads to a chaotic pattern 
(analogous to the chaotic attractors found in continual 
dynamic systems), 

Class 4: Evolution leads to complex localized 
structures, sometimes long-lived. 

Although the universal applicability and hence use- 
fulness of Wolfram’s classification system has been 
questioned (e.g., Eppstein, 2000), it is still widely ac- 
cepted. The Game of Life falls, serendipitously, into 
class 4, the class for which Wolfram hypothesizes 
that “class-4 cellular automata are generically capa- 
ble of universal computation, so that they can im- 
plement arbitrary information-processing procedures” 
(Wolfram, 1985). It has, in fact, been proven that Life 
is a universal cellular automaton—one which can emu- 
late a Turing machine, capable of performing universal 


354 





GAME OF LIFE 
Pe 
i 
7 2 
Fe ty 
J ogg 
Stig “te <t67 “100 
sone ots 7 18 
es 
Ba 
iT <4; ~~ —t35- 
Fay gy 30a 
at “ip7 
160, 
160 
158 
= 





Figure 2. State transition graph for a cellular automaton. States are arbitrarily numbered. The state space contains four basins of 
attraction, three of which contain a point attractor, while the fourth leads to a limit cycle of length three (states 81, 82 and 83). 


computation. The universality of Life was proved in 
the early 1980s (Berlekamp et al., 1982), and a Tur- 
ing machine that can be extended to a universal Tur- 
ing machine was implemented by Paul Rendell in 2000 
(Adamatzky, 2002). 

An overview of the temporal dynamics of a two- 
dimensional CA such as the Game of Life can be 
provided by a state transition graph, in which each 
possible pattern of on and off cells in the CA makes 
up a unique state. If the number of cells in the lat- 
tice is s and the number of cell states is k, then there 
are k* possible states for that CA. Each state forms 
a node in the graph. Since the rules are determinis- 
tic, each state will map to a single new state in the 
next timestep, and the transition between the two states 
is represented by a directed link (an arc) between the 
two nodes. A state transition graph depicts the course 
of evolution of the CA from any given starting point 
(Figure 2). 

Inspection of a state transition diagram leads to 
the conclusion that evolution in a CA is not de- 
terministically reversible; some states have two or 
more antecedent states. Some states, in contrast, have 
no preceding states. The latter are known as Gar- 
den of Eden states. The existence of Garden of 
Eden states in the Game of Life was predicted by 
CA theory, but actually identifying such a state is 
a nontrivial task. Several Garden of Eden states 
have been identified by trial and error, but the 
search for a reliable algorithm for their identification 
continues. 


The rules of Life are simple, but from them arise 
complex, emergent behaviors—coherent forms arising 
at different levels of organization and interacting to 
produce new forms and patterns. This complexity 
arising from underlying simplicity makes the Game of 
Life an ideal toy world for the study of many of the 
fascinating phenomena of complex systems. 

JENNIFER HALLINAN 
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GAME THEORY 

Humans play games. From the formalized warfare of 
chess to the Machiavellian machinations of politics to 
the subtleties of sexual pursuit, interactions between 
individuals with desires and priorities that are often 
conflicting and contradictory lies at the heart of hu- 
man society. The formal study of games, however, is 
a relatively recent phenomenon and has moved rapidly 
from its beginnings as a mathematical tool to aid gam- 
blers to its current status as an essential paradigm 
in fields as diverse as economics and evolutionary 
biology. 

Today, game theory can be defined as “the analysis 
of rational behavior under circumstances of strategic 
interdependence, when an individual’s best strategy 
depends upon what his opponents are likely to 
do” (Varoufakis, 2001). Individuals may be people, 
corporations, nations, animals, species, or any other 
entity that can be said to exhibit strategic behavior. 

Formal game theory began in 1713, when Pierre- 
Rémond de Montmort first proposed the concept of 
a minimax solution to a card game called Le Her. A 
minimax solution to a two-player game is one in which 
an individual chooses his strategy so as to minimize 
the maximum loss or risk that he/she will incur. It 
was James Waldegrave, the originator of Le Her, who 
actually produced a minimax solution to the game. 

Other concepts of fundamental importance to 
modern game theory also emerged in the 18th century, a 
result of work by Daniel Bernoulli in his 1738 analysis 
of the St. Petersburg paradox (Dimand & Dimand, 
1992). These concepts included utility (a measure of 
the desirability to the player of each possible outcome 
of the game), the maximization of expected utility, 
diminishing marginal utility (the decrease in the amount 
of benefit derived from consuming each additional unit 
of a product or service), and risk aversion as a parameter 
of a utility function. 

The work on minimax game solutions remained an 
isolated curiosity until the 1920s, when Emile Borel 
published a series of short papers on strategic games 
in the Proceedings of the French Academy of Sciences 
between 1921 and 1927. In these papers, he defined the 
normal form of a game: a matrix representation of the 
game in which each player tries to work out the best 
strategy independent of the sequence of moves. Borel 
later claimed to have proven the minimax theorem, but 
this does not appear to be the case. In fact, he may not 
even have stated the theorem. 

The first formal proof of the minimax theorem for 
two-person games with any finite number of pure 
strategies was given by John von Neumann in a paper 
presented to the Gottingen Mathematical Society on 
December 7, 1926 (Dimand & Dimand, 1992). He 
proved that in a zero-sum game (one in which one 
player’s gain is the other’s loss), there exists a unique 
set of mixed strategies, one per player, which equalizes 
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the payoffs that each player can gain regardless of the 
strategy adopted by the other player. 

At about the same time, the Princeton economist 
Oskar Morgenstern was pondering mixed strategy 
game theoretic issues, as exemplified by that master of 
bluff, Sherlock Holmes, and the strategies he should 
adopt to avoid his arch enemy, Professor Moriarty. 
In 1944, von Neumann and Morgenstern collaborated 
to produce The Theory of Games and Economic 
Behavior, the seminal publication in this area. In 
1947, they revised the book to include expected utility 
theory, under which games are expressed in terms of 
the players’ perceptions of the inherent desirability 
and likelihood of their outcomes, and players never 
expect other players to hold mistaken beliefs—the 
assumption of complete rationality, which has been 
fundamental to much ensuing work. Economists were 
initially reluctant to accept game theory, but since the 
publication of von Neumann and Morgenstern’s book, 
the theory has undergone extensive development, and 
has been applied to an enormous variety of problems 
in economics, to the point where Leonard (1992) could 
assert that “game theory plays a central role in economic 
theory.” 

Minimax theory assumes that each player has perfect 
knowledge about the game and that the game is zero- 
sum. In such a case, the best strategy for each player 
is independent of the strategy adopted by the other 
player. In most real-world situations, this is not the case; 
more often, the best strategy for one player depends 
on what the other players choose to do. The extension 
of minimax theory to n-player, noncooperative games 
was achieved by the Princeton mathematician John 
Nash in a paper published in 1950. In this paper, he 
defined the Nash equilibrium. A Nash equilibrium is 
a set of strategies such that no player could improve 
his/her payoff, given the strategies of all other players 
in the game, by changing his/her strategy. Nash proved 
that all noncooperative games have a Nash equilibrium 
and, thereby, established an analytical structure within 
which all situations of conflict and cooperation could 
be studied. For this work, he received the 1994 Nobel 
Prize for Economics, together with John Harsanyi and 
Reinhard Selten. 

Game theory was also applied with considerable 
success to other fields of research, perhaps most notably 
to evolutionary biology. The concepts of game theory 
transfer readily to evolutionary biology—the values 
of different outcomes, which in economic theory are 
measured as utility, are readily interpreted in terms of 
Darwinian fitness. Moreover, the somewhat sweeping 
assumption of complete rationality in the behavior of 
the agents is replaced by the concept of evolutionary 
stability. 

Game-theoretic concepts were first explicitly ap- 
plied to the study of evolution by Lewontin (1961), who 
saw the agents in the game as a species on the one hand, 
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against nature on the other. The utility of this approach 
was quickly recognized, and the focus shifted to mod- 
eling interactions between individuals. In this context, 
the concept of the Nash equilibrium was rediscovered 
independently by John Maynard Smith and G.R. Price 
in 1973 as the Evolutionarily Stable Strategy (ESS—“a 
strategy such that, if all the members of a population 
adopt it, no other strategy can invade” (Maynard Smith, 
1982, p. 204). An ESS represents the solution to a game. 
In the last three decades, game theory has been used 
to provide a framework for the analysis of a wide range 
of biological phenomena, including the evolution of 
sex ratios, parental investment in offspring, patterns of 
animal dispersal, competition for resources (see, e.g., 
Maynard Smith, 1982) and the evolution of cooperation 
(Axelrod, 1984). In biology, as in economics, game 
theory has become an essential tool for the theorist, 
providing a structured framework for the analysis of a 
wide range of phenomena. 
JENNIFER HALLINAN 


See also Artificial life; Biological evolution; Eco- 
nomic system dynamics 
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GAUSSIAN ENSEMBLES 
See Free probability theory 


GEL’FAND-LEVITAN THEORY 


In inverse problems, sometimes also called backward 
problems, one is given the solution and required to 
find the underlying equation. Inverse spectral problems 
deal with the recovery of unknown coefficients of 
a differential operator from the knowledge of its 
spectral data. Their importance stems from the fact 
that coefficients in a differential equation usually 
model the physical structure or composition of a 
certain material. Nondestructive testing, geophysical 
prospecting, radar, and medical imaging are just some 
of the important applications of inverse problems. By 
analyzing reflected waves, radar can locate, track, and 
sometimes identify a target. In geophysical prospecting, 
the travel time of reflected underground acoustic waves 
can reveal deposits of petroleum and natural gas. The 
field of medical imaging has witnessed the development 
of many non-invasive and safe procedures using the 
above ideas. For example, ultrasonography using the 
three-dimensional Doppler effect can help visualize 
the fetal vascular system for prenatal diagnosis. High- 
resolution ultrasound cardiovascular imaging not only 
reconstructs a real-time picture of the heart but also 
measures the rate of blood flow, thus giving early 
warnings for clogged arteries, heart attacks, and strokes. 
A simple rule of the thumb is that data used should 
be equivalent to the information to be reconstructed. 
For example, if we are looking for a square integrable 
function, the data should be equivalent to its sequence 
of Fourier coefficients, while an analytic function is 
equivalent to its Taylor coefficients. Can we recover a 
matrix of size n x n from its n eigenvalues? Although 
in general to define a matrix we would need n2 entries, 
possible exceptions would be matrices that are fully 
determined by their first rows—symmetric Toeplitz or 
Hankel matrices, for example. In all kinds of inverse 
problems, one faces two major issues: uniqueness of the 
solution and the algorithm for its reconstruction. One 
of the best understood inverse problems, which deals 
with the Schrédinger operator, was solved by Gel’fand 
and Levitan in 1951 (see Gel’fand & Levitan, 1955). 


The One-dimensional Schrédinger Equation 


Consider the one-dimensional Schrédinger operator 


L(y) = —y"(x, A) +a) y(x, A) = Ay(x, A), 
x €[0, 00), qd) 
y’(0, A) — hy(O, 4) = 0, 


where q is a real continuous function and h is a real 
constant. The continuity of g ensures the existence of a 
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unique solution of the initial value problem at x = 0 for 
every 4 € C. The boundary value problem (1) is regular 
at x = 0 and singular at x = oo. The operator L, which 
acts in the Hilbert space of square integrable functions 
on the positive half line, is self-adjoint so its eigenvalues 
are real. We usually normalize solutions of (1) by the 
condition y(0, A) =1, which leads to y’(0, 4) =h. To 
determine the spectrum of L (the set of values 1 such 
that the inverse operator of L — AJ,g either does not exist 
or is unbounded), we need to examine the behavior 
of the solutions y(x,4) as x > oo. If the solution 
decays fast enough and is square integrable, that is, 
has a finite energy a, = le ly(x, An)I? dx <0, 
then A, is an eigenvalue and belongs to the discrete 
part of the spectrum. For other solutions that could 
be approximated by continuous functions or do not 
grow faster than a polynomial in x, A belongs to 
the continuous spectrum; otherwise 4 is not in the 
spectrum. A more precise result using the theory of 
distributions (Gel’fand & Shilov, 1967) shows that 1 
is in the spectrum if and only if the solution y(x, A) 
is the derivative of a function that cannot grow faster 
than x3/2+® as x — oo. This characterization threw a 
new light on the mysterious behavior of the continuous 
spectrum. 

For example, when g =h=0, the spectrum of L 
is continuous on [0, oo]. Indeed its “eigenfunctions” 
are cos (xV2) which are not square integrable and 
so there are no eigenvalues, while for 4>0 the 
solutions cos (xVA) are bounded and so grow less 
than x3/2+® as x00, which means that 2>0 is 
in the continuous spectrum. On the other hand, when 
i <0, the solutions cos (xV2) = cosh (x/—A) have 
an exponential growth, and so A <0 cannot be not in 
the spectrum. 

Once the operator L is known to be self-adjoint, the 
solution y(x, 4) forms the kernel of a transform, which 
is similar to the Fourier cosine transform, 


ro)= [ f(x) y(x, A) dx, 


and its inverse transform is defined explicitly by 
fx) = [ FORE Ddo0s, 
oO 


The function p, which is called the spectral function, 
is nondecreasing, is right-continuous, has jumps at 
the eigenvalues p(A,)— p (An —90) =1/ay, and is 
continuous and increasing only on the continuous part 
of the spectrum. For example, when g =h=0, the 
spectral function is simply 


Q) = (2/m)JVx if 2>0, 
nO 0 if A<0. 


Obviously when g # 0, the new spectral function 
would record all new spectral changes, which leads to 
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the inverse spectral problem: by comparing p to po can 
we recover the perturbation g? 


Gel’fand-Levitan Theory 


If we are given a spectral function p, can we find its 
associated Sturm—Liouville differential operator given 
in (1)? This is in essence the Gel’ fand—Levitan theory, 
which produced an elegant algorithm for the recovery 
of the potential g and the boundary condition at x =0. 
As explained earlier, the spectrum depends on 
the growth of solutions and a key point is their 
representations by the Fourier transform, 


y(x, A) = cos (xV2) + [ K(x, t) cos (tv) dt. (2) 
0 


The kernel K(x,tf) is continuous and contains all 
information about g, namely, that 


Da = ta) and K(0,0)=h. (3) 
dx 2 


Thus, it is a matter of finding K (x, f) in order to recover 
q. To do so, we first form the function 





re i sin (x/2) sin (t./2) do(), 4) 


-0o vA vi 


where the given spectral function p is used in 


_[ e@-ZvA ifa>0, 
oa) =| p(n) if A <0 (6) 
and set 
o 0? F(x, t) 
fe, tyr Fem 


The crux of the theory is that f(x, t) and K (x, t) satisfy 
a linear integral equation, for each fixed x 


K(x,t)+ - K(x, s) f(s, t)ds = —f (x,t) 
0 
for O<t<x. (6) 


Thus given the spectral function o, we can form 
F (x,t) by (4), yielding the kernel f(x,t) and then 
for each fixed x solve the Fredholm integral equa- 
tion (6) for K(x,t). As for matrices, a Fredholm 
integral equation has a solution if the null space 
contains only the trivial solution. Once the exis- 
tence of a solution K is guaranteed, its smooth- 
ness is examined. It is shown that f(x,t) and 
K(x,t) have the same degree of smoothness which 
implies the smoothness of q by (3). The original 
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Gel’ fand—Levitan result in (1951) is based on the linear 
equation (6) and can be summarized as follows: 


Theorem 1 (Gel’fand and Levitan Theory). [f a non- 
decreasing function p(X) satisfies 
(A) for arbitrary real x the integral 


0 
: exp (x lal) dp A) exists, 
—0o 


(B) the integral 


Pe pees Q) 
i a 
1 


exists for all 0 < x<oo, while a(x) 
has continuous derivatives up to the fourth 
order for all 0<x<co and if the set of 
points of increase of p has at least one 
finite accumulation point, then there exists just 
one differential operator of the second order 
defined by (1) which has p(A) as its spectral 
function. The function q(x) and the number h 
are defined by (3), where K (x, t) is a solution 
of (6). 

However, the original theory had a gap between the 

necessary and sufficient conditions. Ten years later, 
Levitan and Gasymov proved a stricter version, which 
we state as the Gel’fand—Levitan-Gasymov theory 
found in Gasymov & Levitan (1964) that contains 
necessary and sufficient conditions. 
Theorem 2 (Gel’ fand—Levitan—Gasymov). The mono- 
tonically increasing function p is the spectral function 
of a Sturm-Liouville of type (1) with a function q hav- 
ing m integrable derivatives and a number h if and only 
if the following conditions are satisfied: 


(A) IfE(A) = [5° f(x) cos (xv2) dx, where f € 
L? (0, 00) and of compact support, then 


/ |E (A)? dp (4) =0 => 
f =0 almost everywhere. 
fae i N 
(B) The limit ®(x)= lim Jogo 08 (xVa)do (A), 


where o(A) is defined by (5), exists bound- 
edly in every finite range of values of x and ® 
has m+ 1 locally integrable derivatives with 
®(0)=—h. 
There are also interesting results for the regular case 
that is defined by 


L(y) = —y"(x, A) + gx), A) = Ay(x, A), 
O<x<az, 

y’(0, A) — hy (0, A) = 0, 

y'(a, 4) — Hy(z, A) = 0, 


(7) 


where q is continuous and g,h, H € R. Let the norm- 
ing constants be defined by an = fe ly(x, An)? dx. 
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Note that since qg is continuous, its knowledge is equiv- 
alent to its sequence of Fourier coefficients. Thus, the 
data ought to be at least an infinite sequence of numbers 
in order to recover the potential q. 


Theorem 3. Jf all the a, > 0, 


Jin n+ 24540(5) 


n nw n4 








and 
8 bo 


1 
m= ~+ 54+0|(—). 
iene ee n3 
where ag, a,, and bo are constants, then there exists an 


absolutely continuous function q(x) corresponding to 
the given Ay, and ay. 


Theorem 4. The numbers {hn}? and {an} 9 are the 
spectral data of some boundary value problem (7) with 
q" being square integrable if and only if the following 
asymptotic estimates hold: 


and 


2 nr ns? 
where dy» # Am and an > Oand the series ea v2 and 
ya a are convergent. 


The problem of generalizing the theory to higher 
dimensional operators remains open and depends 
heavily on the idea of transformation operators that 
map generalized functions. In Boumenir (1991), it is 
also proved that the Gel’ fand—Levitan theory is based 
on the factorization of operators whose symbol is given 
by the spectral functions. 


Discrete Case 


Consider now a discrete version of the Sturm—Liouville 
problem 


Bu =A, (8) 


where B is a Jacobi matrix and A is a diagonal matrix 
with positive entries (positive definite). Expressing (8) 
in a vectorial form, we end up with recurrence relation 
defined by 


CnYn+1 = (And + bn) yn — Cn—1Yn-15 
n=0,.., m—1, (9) 

y-1=0, and ym +hym-1 = 0, 

where b, € R, a,>0, and c,>0. We look for a 

nontrivial finite sequence y_1, ..., ym Which satisfies 

(9). To this end, we normalize the solution vectors 

by yo=1/c-_1, then knowing the first terms y_; and 
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yo allows us to compute recursively the remaining 
entries that are now functions of 4. It is easy to 
see that eigenvalues A, are nothing other than the 
zeros of the last condition y,, (A) +hym—1 (A) =0. 
For a given eigenvector, define its squared norm by 
Oy, = Baar ax \ve (Ar)|2. The following theorem is 
found in Atkinson (1964) or in Tesch] (2000). 


Theorem 5. Assume that we are given heR, 
{ax >0}, eigenvalues {rr}o <+<m—1, norming con- 
stants {pr}q<,<m— then there exists {ck}_,<pem—1 
which are positive and constants {bx} 9 <p <m_—\ Such that 
the boundary value problem has the set {h;}<-<m —1 
as its eigenvalues. a 
AMIN BOUMENIR 


See also Inverse problems; Inverse scattering 
method or transform; Quantum inverse scattering 
method 
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GENERAL CIRCULATION MODELS OF 
THE ATMOSPHERE 


Atmospheric general circulation models (AGCMs) 
simulate the dynamical, physical, and chemical pro- 
cesses of planetary atmospheres. For the Earth’s 
atmosphere (See Atmospheric and ocean sci- 
ences), they are based on the thermo-hydrodynamic 
equations, which consist of the conservation of mo- 
mentum, mass, and energy with the ideal gas law in 
coordinates suitable for the rotating planet. 

In the presently used form, they were first derived 
by Vilhelm Bjerknes in 1904; subsequently, Lewis Fry 
Richardson (1922) proposed numerical weather pre- 
diction (NWP) as a practical application which, in 
1950, was successfully performed by Jule Charney, 
R. Fjgrtoft, and John von Neumann on an electronic 
computer based on a simplified set of these equa- 


tions. While numerical weather prediction models uti- 
lize the atmospheric short-term memory for forecast- 
ing, AGCMs developed since the 1960s extend ap- 
plications to longer time scales simulating seasonal 
and climate variability (for a personal recollection, see 
Smagorinsky, 1983). 

Since then, numerical weather prediction and atmo- 
spheric general circulation modeling have enjoyed con- 
tinuous advances, which are attributed to the following 
gains and improvements: (1) observational data accu- 
racy, analysis, and assimilation; (2) insight into dynam- 
ical and physical processes, numerical algorithms, and 
computer power; and (3) the use of model hierarchies 
to study individual atmospheric phenomena. With sim- 
ulations of the Earth system and that of other planets 
envisaged, a broad field of science has been established, 
which is of vital importance socio-economically, agri- 
culturally, politically, and strategically. 


Observations 


Since the foundation of the World Meteorological Orga- 
nization (WMO) and international treaties to monitor 
and record meteorological and oceanographical data, 
the collection of global data through local weather and 
oceanic stations has been systematically organized and 
has become a truly globalized system through the de- 
ployment of satellites and introduction of remote sens- 
ing facilities. The availability of extensive global data 
has enabled the extension of NWP models to complex 
global GCMs, thus facilitating simulations on larger 
time scales (months and years instead of hours and 
days) and validation of NWPs in return. Furthermore, it 
has become possible to study climate history and make 
estimates of future climates, which is particularly im- 
portant due to likely anthropogenic impacts. 


General Circulation Models 


Atmospheric general circulation models have two ba- 
sic components. First, the dynamical core consists of 
the primitive equations (the conservation equations 
with vertical momentum equation approximated by 
hydrostatic equilibrium, that is, balancing the verti- 
cal pressure gradient and the apparent gravitational 
forces) under adiabatic conditions. Second, physical 
processes contribute to the diabatic sources and sinks 
interacting with the dynamical core. They are incorpo- 
rated as parameterizations, mostly in a modular format: 
solar and terrestrial radiation, the hydrological cycle 
(with phase transitions manifested in evaporation and 
transpiration, cloud, and precipitation processes), the 
planetary boundary layer communicating between the 
free atmosphere and the ground (soil with vegetation, 
snow and ice cover; ocean with sea ice), and atmo- 
spheric chemistry. Most of these parameterizations en- 
ter the thermodynamic energy equation as heat sources 
or sinks. 
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Dynamical core 

State-of-the-art atmospheric general circulation mod- 
els commonly utilize the so-called primitive equation 
approximation of the Navier-Stokes equations. In addi- 
tion to the dry dynamics, equations describing the trans- 
port of other constituents such as water vapor, cloud liq- 
uid water and ice, trace gases, and particles (aerosols) 
can be an integral part of the dynamical core. To inte- 
grate the equations, they are discretized in space and 
time where finite differences and spectral methods are 
the most dominant. For more details on the governing 
equations; See the entries for Atmospheric and ocean 
sciences; Fluid dynamics; Navier-Stokes equation. 


(i) Horizontal discretization: In the horizontal, grid 
point, or spectral representations of the depen- 
dent model variables are used. Different grid struc- 
tures and finite difference schemes have been de- 
signed to reduce the error (Messinger & Arakawa, 
1976). An alternative approach is the spectral 
method. The dependent variables are represented 
in terms of orthogonal functions where appro- 
priate basis functions are the spherical harmon- 
ics. The maximum wave number of the expan- 
sion defines the resolution of the model. Since 
the computation of products is expensive, only lin- 
ear terms are evaluated in the spectral domain. To 
compute the nonlinear contributions, the variables 
are transformed into grid point space every time 
step, where the respective products are computed 
and transformed back to spectral space. Necessary 
derivatives are computed during the transforma- 
tion. This spectral-transform procedure (Eliassen 
et al.,1970; Orszag, 1970) makes the spectral ap- 
proach computationally competitive with finite 
difference schemes. For low resolutions, the spec- 
tral method is, in general, more accurate than the 
grid point method. However, spectral methods are 
less suitable for the treatment of scalar fields, 
which exhibit sharp gradients and, for physical 
reasons, must maintain a positive-definite value 
(e.g., water vapor, cloud water, chemical tracers). 
Therefore, selected fields are often treated sepa- 
rately in the grid point domain using, for exam- 
ple, semi-Lagrangian techniques. Recently, with 
increasing model resolutions and the need for 
transporting more species (e.g., for chemical sub- 
models), grid point models are attracting more 
attention again, while novel grid structures are 
introduced, for instance, the spherical icosahedral 
grid of the German Weather Service model GME 
(Majewski et al., 2000). 

(ii) Vertical discretization: In general, finite differ- 
ences and numerical integration techniques are 
used for the derivatives and integrals in the ver- 
tical. The vertical coordinate can be defined in 
different ways. The isobaric coordinate eliminates 


the density from the equations and simplifies the 
continuity equation compared with a z-coordinate 
system. However, the intersection of low-level 
pressure surfaces with the orography enforces 
time-dependent lower boundary conditions which 
are difficult to treat numerically. This problem can 
be avoided if terrain following sigma (a) coor- 
dinates are used, where sigma is defined by the 
pressure divided by the surface pressure o = p/po. 
Unfortunately, the sigma coordinate leads to a for- 
mulation of the pressure gradient force which, in 
the presence of steep orography, is difficult to treat. 
The advantages of both sigma and pressure coor- 
dinates are combined by introducing a hybrid co- 
ordinate system with a smoothed transition from 
o to p with height. 


Physical Processes and Parameterizations 

Many processes that are important for large-scale 
atmospheric flow cannot be explicitly resolved by the 
model due to its given spatial and temporal resolution. 
These processes need to be parameterized; that is, 
their effect on the large-scale circulation needs to 
be formulated in terms of the resolved grid-scale 
variables. The most prominent processes in building 
a parameterization package of an atmospheric general 
circulation model are long- and short-wave radiation, 
cumulus convection, large-scale condensation, cloud 
formation and the vertical transport due to turbulent 
fluxes in the planetary boundary layer, and the effect 
of different surface characteristics such as vegetation 
on the surface fluxes. Additional processes such as 
the excitation of gravity waves and their impact on 
the atmospheric momentum budget or the effect of 
vertical eddy fluxes above the boundary layer are 
often considered. Because the land surface provides 
a time-dependent boundary condition that acts on 
time scales comparable to the atmosphere, great effort 
has been made to include land surface and soil 
processes in the atmospheric parameterization package. 
More recently, the effect of the interaction of various 
chemical species and their reactions with atmospheric 
circulation are also being considered. In addition to the 
direct relation between the resolved atmospheric flow 
and the effect of the parameterized processes, there 
are various other interactions among the individual 
processes that have to be taken into account. For 
typical comprehensive atmospheric general circulation 
models, Figure | displays the interrelations between the 
adiabatic dynamics, providing the spatial and temporal 
distribution of the dependent model variables and the 
various processes being parameterized. 


Model Hierarchy 


General circulation models of reduced complexity are 
continuously developed to supplement comprehensive 
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Figure 1. Interactions in comprehensive GCMs (schematic). 
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Figure 2. A model hierarchy of general circulation models. 


GCMs, to gain insight into atmospheric phenomena 
(see Figure 2) and for educational purposes: when 
utilizing the full set of equations, the model spectrum 
ranges from simple GCMs (SGCMs) with analytic 
forms of heating and friction to low-order models 
(LOMs). A prominent LOM is the Lorenz model (See 
Lorenz equations), which approximately describes 
the nonlinear convection dynamics in the vicinity 
of a critical point for the stream function and 
temperature in a set of ordinary differential equations. 
It can be regarded as including first-order nonlinear 
effects (temperature advection) to a linear model, 
which leads to chaotic behavior. The Lorenz model 
is used to study predictability and serves as a 
paradigm for phase-space behavior of atmospheric 
GCMs. Utilizing thermal energy conservation only, 
another spectrum of models (energy balance models, 
or EBMs) is obtained by averaging in certain spatial 
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directions. This leads to the horizontally averaged 
one-dimensional radiative-convective models; the one- 
dimensional energy balance model when averaged 
vertically and longitudinally for studying climate 
feedback and stability; and two-dimensional statistical— 
dynamical models when averaged longitudinally where 
dynamical processes are being parameterized. A 
prominent EBM example is the globally averaged 
or zero-dimensional energy balance model. With ice- 
albedo and water vapor-emissivity feedbacks included, 
climate catastrophes leading to a snowball earth 
and runaway greenhouse can be demonstrated. With 
random forcing and periodic solar radiation input (e.g., 
Milankovich cycles), stochastic resonance emerges. 
KLaus FRAEDRICH, ANDREAS A AIGNER, 
EpILBERT KIRK, AND FRANK LUNKEIT 


See also Atmospheric and ocean sciences; Fluid 
dynamics; Forecasting; Lorenz equations; Navier— 
Stokes equation 
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GENERAL RELATIVITY 


Called general relativity, Albert Einstein’s theory of 
gravitation was created as a generalization of his special 
relativity theory. As special relativity is a theory of 
physical space-time (neglecting gravitational effects), 
general relativity is a theory of physical space-time in 
the presence of gravitation. 

While Maxwell’s theory of electromagnetism is a 
relativistic theory that is covariant with respect to 
Lorentz transformations, Newton’s theory of gravita- 
tion is incompatible with special relativity. In 1907, 
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two years after proposing special relativity, Einstein 
was preparing a review of special relativity when he 
suddenly wondered how Newtonian gravitation would 
have to be modified to fit in with special relativity. Ein- 
stein described this as “the happiest thought of my life.” 
He proposed the equivalence principle as “the com- 
plete physical equivalence of a gravitational field and 
the corresponding acceleration of the reference frame” 
that “extends the principle of relativity to the case of 
uniformly accelerated motion of the reference frame.” 

In fact, Einstein’s equivalence principle is a 
generalization of the so-called weak equivalence 
principle, which dates from Galileo and Newton and 
states that the inertial mass and gravitational mass 
of any object are equal. Thus (neglecting friction), 
the acceleration of different bodies in a gravitational 
field is independent of their masses and other physical 
characteristics, and hence, with given initial conditions, 
their motions will be the same. 

The next important step was made by Einstein in his 
1912 papers, where he concluded that “if all accelerated 
systems are equivalent, then Euclidean geometry 
cannot hold in all of them.” Further investigations by 
Einstein to find the correct form of equations for a 
gravitational field were connected with applications 
of Riemannian geometry and tensor analysis. The 
final form of equations of general relativity was given 
by Einstein in his paper “The Field Equations of 
gravitation,” submitted on 25 November 1915. At about 
the same time, David Hilbert submitted a paper entitled 
“Foundations of Physics,’ which also contains the 
correct field equations for gravitation, introduced by 
applying a variation principle. 


Physical Space-time and Gravitating Matter 
in General Relativity 


According to general relativity, physical space-time 
in a gravitational field is non-Euclidean; so to 
describe the properties of space-time, Einstein applied 
Riemannian geometry. Without gravitation, physical 
space-time is a flat pseudo-Euclidean Minkowski 
4-continuum, where free particles move uniformly 
and linearly along geodesic worldlines of Minkowski 
space-time. Einstein’s key idea is that in a gravitational 
field, particles move along geodesic lines of curved 
space-time, and in accordance with the Equivalence 
principle, their movement does not depend on the 
particles’ characteristics. Thus, motion for an observer 
is motion along curves in 3-space with variable 
velocity. Curvature of space-time in general relativity 
is created by sources of gravitational field. In general 
relativity, the role of sources of gravitational field is 
played by the energy-momentum tensor describing the 
distribution and motion of gravitating matter. Energy 
(or mass) density (the source of gravitation in Newton’s 
theory) is only a component of the energy-momentum 
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tensor. Besides energy (mass), a gravitational field 
in general relativity is also created by momentum 
and other components of an energy-momentum tensor. 
The dependence between geometrical properties of 
physical space-time and gravitating matter is described 
by Einstein’s gravitational equations. 


Einstein Gravitational Equations 


The principal geometrical characteristics of a gravita- 
tional field in general relativity are given by the met- 
ric tensor g;x, which determines the square of distance 
between two infinitesimally close points of pseudo- 
Riemannian 4-space-time 
ds? = giz dx' dx* (i,k =0, 1,2, 3). (1) 
By means of the metric tensor, time intervals and spatial 
distances can be defined; thus the formula for proper 
time fixed by a clock at rest in some reference frame 
is dt =(1/c)V/ go9 dx9 dx® . Because the value of goo 
in a gravitational field depends on location, time flow 
depends on gravitational field. 
Einstein’s gravitational equations are nonlinear 


second-order differential equations with respect to the 
metric tensor and have the form 


Rig — 1/2gi¢R = 8nG/c* Tix, (2) 


where Rj, is the so-called Ricci tensor (a contraction 
of the curvature tensor), R is the scalar curvature, 
Tjx is the energy-momentum tensor, G is Newton’s 
gravitational constant, and c is the velocity of light in a 
vacuum. Einstein’s equations are covariant with respect 
to arbitrary coordinate transformations. 

Equation (2) can be changed by adding to the right- 
hand side, the so-called cosmological term A g;x, where 
A is a cosmological constant introduced by Einstein. 
This term describes energy density and pressure of the 
vacuum, and it plays an essential role in cosmology, 
leading to the effect of gravitational repulsion if A > 0. 
In the case of weak gravitational fields, when the vari- 
ation of metric with respect to the Minkowski metric is 
small, the Einstein equations lead to Newton’s law of 
gravitational attraction and allow one to find first rela- 
tivistic corrections. In the case of strong gravitational 
fields, Einstein equations can give new physical results, 
including black holes and gravitational waves. 


Experimental Verification and 
Bounds of Applicability 


Several classical effects of general relativity have 
been verified observationally, including the bending of 
light in a gravitational field, gravitational redshift, the 
advance of the perihelion of the planet Mercury (43 s 
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of arc per century), and retarding of the propagation 
of light in a gravitational field. The first three effects 
were discussed by Einstein even before the creation of 
general relativity. 

The weak equivalence principle has been verified to 
high precision (10~!7), and general relativity provides 
a basis for relativistic astrophysics and cosmology. The 
Hot Big Bang model was built within the framework 
of general relativity. Over the past two decades, the 
role of general relativity has grown in connection with 
discoveries in cosmology—in particular, acceleration 
of cosmological expansion, dark matter and dark 
energy, and other problems that need to be resolved. 

General relativity is a classical theory, and a con- 
sistent quantum theory of gravitation has not yet been 
developed. In fact, the formulation of a quantum- 
gravitation theory requires a unified theory of all fun- 
damental physical interactions. At present, the most 
popular candidate for such a unified theory is the su- 
perstring theory. This theory is in higher-dimensional 
space, and it leads to a generalization of Einstein’s grav- 
itation theory. A second problem with general relativity 
is the presence of gravitational singularities (cosmolog- 
ical singularities, collapsing systems, etc.). According 
to theorems by Stephen Hawking and Roger Penrose, 
this problem is connected under certain conditions with 
internal properties of the gravitational equations of gen- 
eral relativity. As with classical theory, general relativ- 
ity is inapplicable near singular states. 

The creation and development of Einstein’s gravi- 
tation theory was a triumph of 20th-century science, 
providing the basis of gravitation theory, relativis- 
tic astrophysics, and cosmology. Within the frame of 
its applicability, general relativity will remain a great 
achievement of human culture. 
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GENERALIZED FUNCTIONS 


Generalized functions were introduced into quantum 
mechanics by Paul Dirac, who defined the delta 
function 5(x) as follows (Dirac, 1958): 


d(x) =0 for x #0 


and 


+é 
/ d(x) =1 for e>0. (1) 


é 


Although 6(x) is not a true function (from a 
mathematical perspective) because it is undefined at 
x =0, the delta function is widely used in physics 
to approximate functions that are localized in space 
or time. Examples of such idealizations include the 
concepts of point mass or point charge and the spatially 
localized action of a pick on a guitar string. 

In an engineering context, the delta function is 
called the unit impulse function and is used to ap- 
proximate functions of large amplitude and short 
duration such as the striking of a golf ball or the instan- 
taneous charging of an electrical capacitor (Guillemin, 
1953). Since such point sources are only idealizations, 
they can be represented by the limiting procedure, 
5(x) = limg-+o0 6a (x) for a family of piecewise contin- 
uous functions 6, (x), where a is a continuous parame- 
ter. Among others, the following four functions, 5a (x), 
are popular approximations of the delta function 5 (x) 
(Pauli, 1973): 


e Unit impulse (box): bg(x) =a/2 for |x| < 1/a, and 
da(x) =0 for |x| > 1/a. 

e Finite impulse response filter: 5a(x) = sinax/mx. 

e Gaussian pulse: g(x) =ae~™* a 

e Lorentzian pulse: 5g(x) =a/(1+ wa?x?), 


In the limit a > oo, all representations 5, (x) have zero 
width, infinite peak amplitude, and unit area, that is, all 
the approximations converge to the delta function 4 (x) 
(see Figure 1). 

Closely related to Dirac’s delta function is Oliver 
Heaviside’s step function, which was introduced in 
the late 19th century and has been widely used 
in electronics and communications research since 
the 1920s (Heaviside, 1950; Guillemin, 1953). The 
Heaviside step H (x) is defined as follows: 


A(x) =1forx > Oand A(x) =Oforx <0. (2) 


The derivative of the Heaviside step function is 
recognized as Dirac’s delta function because H’(x) =0 
for x £0 and fore > 0 


+e 
H'(x) dx = H(+e) — H(-e) = 1. (3) 


—é 
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Figure 1. Approximations of the Dirac delta function 5(x) for 
a=1 (dotted curves) and a=3 (solid curves): (a) the box, 
(b) the impulse response filter, (c) the Gaussian pulse, and (d) 
the Lorentzian pulse. 


In engineering terms, the step function represents an 
instantaneous jump from zero to unit value of some 
physical quantity such as the signal voltage at the input 
terminals of an amplifier. 

Because the delta and step are not defined at 
x =0, they are not true functions; thus mathemati- 
cians call them distributions, implying rules that as- 
sign numbers to integral expressions (Strauss, 1992). 
To understand this perspective, consider a real func- 
tion, f(x) which has derivatives for all values of 
x that approach zero faster than any power of x. 
In other words, lim)x|— oo |x|? f(x) =0 for any 
m>0 and p>0. Such functions f(x) are called 
test functions for integral distributions. As is seen 
from the box approximation of 5,(x) in the limit 
a-— oo, the delta function 5(x) assigns the number 
J (0) to the integral distribution associated with a test 
function f (x): 


i F(x)5(x) dx = FO). 4) 


More generally, the delta function 5(x) and its 
derivatives 6“) (x) satisfy the following fundamental 


property: 
/ ij f(x)8™ (x — €) dx 


= (-1)”" ii - f™ (x)8(x — &) dx 


= (-)" f™€E), (5) 


where f(x) is a test function. A brief list of useful 
delta function properties follows from the fundamental 





GENERALIZED FUNCTIONS 


property in Equation (5) (Gel’fand & Shilov, 1964): 


Even function: 6(— x) =6(x). 

Scaling transformation: |&|6(Ex) = (x). 
Factorization: 2|€|6 (x2 — £2) =5 (x —€) +(x +&). 
Projection formula: 

e=t=in =PV [ty] +780 
stands for principal value). 
Fourier transform: 5(k) = fe d(x)e~ ikx dy =, 


Spectral representation: 27 5(x) = f oe elkx dy. 











&) (where PV 


Dirac studied orthogonality relations for the wave 
function yf, (x) of the stationary Schrédinger equation 
with a potential 


h 
=a (x) + U(x) Wax) = AW (x). (6) 
m 


In this context, square integrable wave functions for 
different levels of energy A are orthogonal with respect 
to the inner product 


(WilWa) = / Vu (xa) dx = dy,,, (7) 








where 5,/,, =0 for A’ 4A and 6), = 1. Similar orthog- 
onality relations for wave functions of continuous spec- 
tra diverge. For example, linear waves in free space 
(when U (x) = 0) take the form yy, (x) = U(x; k) = eikx 
for 4=hk?/2m. They are periodic in x with period 
L=2n/k. Wf k=ky=2nn/L, the periodic function 
satisfies the following orthogonality relations on the 
finite interval x e[ — L/2, L/2]: 


L/2 . 
(Wy) Y kn) = / er b* dx = Lb yin. (8) 
—L/2 


When linear waves in free space are taken over the 
whole real axis (i.e., L > 00), the inner product of the 
wave function W(x; k) with itself diverges. The delta 
function 5(k) replaces this divergence in the closed 
form 


fo.e} 
(WENO) = [Bork WO: Has 
—0o 
= 275(k’ —k), (9) 
where 5(k) = 0 for k £0 and (0) = oo. The singularity 
of the delta function 5(k) is uniquely specified in the 
distribution (integral) sense by requiring that 


[- sean=. (10) 


The delta function 6(x) represents not only 
the orthogonality of the wave functions ¥(x) of 
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the stationary Schrédinger equation, but also their 


completeness with the completeness relation: 
CO 


W(x! Wry b) dk +S > Uy’ Wn(e) 


2m Joo 
= 5(x' — x), (11) 


where W(x; k) are wave functions of the continuous 
spectrum and W,,(x) are wave functions of the discrete 
spectrum. With the use of the delta function 6 (x), a test 
function f(x) can be expanded into a complete and 
orthogonal set of wave functions: 


Df «x : A 
forms f FONW CS Dt DT fa¥a, (12) 


where coefficients of the expansion are 


FA= WO), fr = (nlf). (13) 
Generalized functions are widely used in electric circuit 
theory, communications, spectral analysis, integral 
transforms, and Green function solutions of equations 
of mathematical physics (Guillemin, 1953; Pauli, 1973; 
Strauss, 1992). For example, the Fourier transform 
is based on the spectral decomposition above for 
Wx; k) =e and Wy, (x) =0. 

Dmitry PELINOVSKY 
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Integral transforms; Quantum theory; Spectral 
analysis 
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GEOMETRICAL OPTICS, NONLINEAR 

Nonlinear geometric optics arose in the second half of 
the 20th century in several areas of research, including 
nonlinear optics and reaction-diffusion systems. To 
understand the origin of such problems and the 
underlying physical phenomena, it is helpful to 
consider briefly the historical path that has led to them. 


Classical Results 


Traditionally, geometric optics comprised all of optics. 
It developed from empirical laws of propagation for 
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light beams, which are bent in a non-uniform medium 
and refract and reflect at the interfaces of media 
possessing different optical properties. Remarkable 
successes were achieved, including inventions of the 
microscope and the telescope around the beginning of 
the 17th century. At the same time, some important 
scientific problems were studied; thus in 1620, 
Willebrord Snell established the law of refraction at the 
interface of two transparent media. Assuming angles are 
measured with respect to a line normal to the boundary, 
Snell’s law states that at any angle of incidence (1), 
the ratio 


sin 


sin Wr 





= constant = nj, (1) 


where yf is the angle of refraction and the constant 
nz is the reciprocal refractive index. Interestingly, 
this important law was independently discovered by 
René Descartes about a decade later. Pierre Fermat’s 
subsequent formulation of the principle of least 
time—which governs the propagation of light rays— 
completed the phenomenological theory of geometric 
optics. 

In the 17th century, two competitive hypotheses 
were advanced for the physical nature of light: the 
corpuscular hypothesis of Isaac Newton and the wave 
theory of Christian Huygens. Two centuries later, 
after the theoretical studies and experimental works of 
Thomas Young, Augustin-Jean Fresnel, and Francois 
Arago, the wave theory of light triumphed. The true 
nature of light was revealed in the 19th century 
to be based on James Clerk Maxwell’s theory of 
electromagnetism, which predicted the existence of 
electromagnetic waves that propagate in vacuum with 
constant velocity c= 1/,/eoH0 ¥ 3 x 108 m/s, where 
go and j29 are the dielectric permittivity and magnetic 
permeability of vacuum, respectively. 

This value—obtained entirely from independent 
measurements of electric and magnetic fields—is 
precisely equal to the light velocity in vacuum, which 
was first measured by Ole Roemer two centuries before 
(using astronomical data on time intervals between 
eclipses of Jupiter’s satellites). Together with the 
subsequent experimental discovery and investigation 
of properties of electromagnetic waves inspired by 
Hermann Helmholtz and performed by Heinrich 
Hertz, this result has convinced physicists of the 
electromagnetic nature of light. 

This electromagnetic theory of light explains most 
optical phenomena. For example, it yields Snell’s law 
of refraction, giving the constant in Equation (1) as 


ni = vi/v2 = Ve2/e1 =n2/n1. (2) 
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Here v; is the velocity of light in the ith medium 
(@i=1,2), and ¢; and nj=c/vj=/éi/eo are the 
dielectric permittivity and the absolute refractive index 
of this medium, respectively. 

Physical mechanisms underlying the refractive 
index were studied by Helmholtz, Paul Drude, and 
Hendrik Lorentz at the close of the 19th century. They 
merged the electromagnetic theory with the idea of 
electrons as charged particles bound in atoms and 
molecules which are dislocated under the influence 
of an electromagnetic field of a light wave. (From 
the modern point of view, such electrons occupy 
exterior atomic shells; thus, they are referred to as 
optical electrons.) Further developments of such ideas 
connect optical phenomena with the dynamic response 
of an optical medium to the electromagnetic waves 
propagating through it. 

When a light wave propagates through a dielectric 
medium, its electric field (E) displaces the optical 
electrons, inducing a wave of electric polarization (P). 
The latter generates a secondary electromagnetic wave 
which is added to the primary wave, modifying the 
polarization wave, and so on, ad infinitum. In other 
words, the electromagnetic wave and the response of an 
optical medium determine each other. As the relations 


eE=ep9E+P, P=£0xE, 
n=c/v= V/&/& (3) 


are always fulfilled (where x is the dielectric 
susceptibility of the medium), the absolute refraction 
index of the medium can be expressed via x by the 
formula 


n=v/e/e9=V14+x. (4) 


If the light wave is sinusoidal and sufficiently weak, 
the response of the medium is readily calculated; thus 
the susceptibility x is expressed via the oscillatory 
parameters of optical electrons which, in turn, depend 
on the frequency (w), but not on the wave amplitude. 
Weakness of a light wave means that intensity E of 
an electric field in the wave must be much smaller 
than characteristic intensities of intra-atomic electric 
fields. The greatest intra-atomic intensities (reached in 
the hydrogen atom) are about 5 x 10° V/cm, whereas 
the intensities of light fields generated by ordinary 
(nonlaser) sources of light are about 1 V/cm. Thus, the 
constitutive equation relating the electric polarization 
P with the electric field intensity E is linear for ordinary 
light. 


Nonlinear Optics 


In the latter half of the 20th century, lasers were 
invented, which could generate fields with intensities 
of about 107 V/cm, and in 1989, beams of light were 
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produced with electric fields of more than ten times 
the intra-atomic values. In such strong fields, dielectric 
susceptibility x becomes dependent on the electric field 
intensity, making the constitutive equation nonlinear. 
Both the dielectric permittivity ¢ and the absolute 
refraction index n of the medium also depend on the 
electric field intensity E, and these dependencies are 
modified by additional influences, such as heating of 
the medium. 

Studies of optical effects in strong light fields use 
the basic ideas of geometric optics, for example, 
the concept of refractive index. Consider a uniform 
isotropic dielectric medium. Adverting to Equation (3), 
let us write the expansion 





P= cox E+e0x EP? + cox EP E+ +++. (5) 


Here, even powers of E are excluded by symmetry 
consideration, so x = P/egE =x +x EP? +---, 
which implies (see Equation (4)) 





n= VJ1+ x4 xO El? © no + 2n3|El’, 


(3) 
x 
no =yltx®, n3= ; (6) 
ait x0 


because the nonlinear term is small. Averaging n on the 
time period T = 27/w of oscillations of electric field 
E=Eo(x, y, z) sinat yields 








n= ng +n3|Eol’, (7) 


where no is the linear refractive index and n3| Eo|2 
describes the nonlinear correction to this index. 
Equations (3) and (7) indicate that a bounded 
cylindrical beam of light can create an optical 
heterogeneity in the medium through which it 
propagates. Suppose the beam is Gaussian so the 
amplitude of electric oscillations varies transversely 
as |Eo|(r) = Ao exp[r?/(2r4)], where Ag is the value 
of amplitude on the axis of beam, r is distance from 
the beam axis, and ro is a phenomenological constant 
determining the typical width of the beam. Then, 


v=c/(ngt n3Aa) on the axis of the beam; 


v = c/no far from the axis of the beam. 


If the inequality n3 > 0 (n3 <0) is fulfilled, the axial 
velocity of light is smaller (greater) than the peripheral 
velocity. In first case, the plane wave front will become 
concave in the direction of light propagation, and self- 
focusing of the beam will occur; while in the second 
case, self-defocusing of the beam will occur. Both these 
phenomena have been observed; in particular, self- 
focusing was predicted by Gurgen Askarian in 1962 
and then experimentally observed by N.P. Pilipetsky 
and A.R. Rustamov in 1965. 
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Nonlinear Reaction-Diffusion Systems 


One can image an excitable medium (EM) as a spatial 
region G occupied by a medium, in which the processes 
of autocatalytic production, destruction, and diffusion 
of some substances occur. In the simplest case, when 
only one substance of concentration u=u(r,t) is 
involved (here r is a point in three-dimensional space 
and f is time), the dynamics of u are described by two 
relationships: the continuity equation 


u, + div J = flu) (8) 
(where u; = du/dt), and the Fick diffusion law 
J = —D gradu. (9) 


For constant diffusivity D, these two equations reduce 
to the single parabolic reaction-diffusion equation 


u; = DAu+t flu). (10) 


Here, the symbols div, grad, and A designate the spa- 
tial divergence, gradient operator, and Laplace opera- 
tor, respectively; J=J(r, t) is the vector of diffusion 
flux density of the substance; and the function f(u) 
(called the kinetic function of the active medium) de- 
termines the dependence of the production/destruction 
rate of substance per unit volume of the concent- 
ration u. 

In general, an EM is able to support the propagation 
of traveling-wave fronts and impulses. In the steady 
regime, plane excitation waves propagate with constant 
speed preserving their spatial profile. Both the speed 
and the wave profile are determined by physical 
parameters of the medium in which the waves propagate 
and are independent of initial conditions; thus such 
waves are called autowaves (AW). This term was 
coined by Rem Khokhlov (an early Russian specialist 
on nonlinear physics and president of Moscow State 
University) in a 1974 presentation as an official 
opponent during Anatol Zhabotinsky’s defense of 
his doctoral thesis on periodic chemical reactions. 
(An enthusiastic mountain climber, Khokhlov sadly 
perished in the Caucasian mountains in 1977.) The 
significance of AWs stems from the fact that they 
frequently occur in physical, chemical and biological 
applications, including muscles, the nervous system, 
and the heart. 

To reveal the qualitative properties of AW propaga- 
tion, one needs to solve these equations; but even in the 
spatially homogeneous case—when the medium is de- 
scribed by Equation (10) with constant D—this prob- 
lem is challenging. Thus, it is of interest to consider 
an approach in which the general properties of EM are 
specialized by means of some simple axioms. Interest- 
ingly, this approach leads to an analog of traditional 
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geometric optics, as was first shown by Israel Gel’ fand 
and Sergei Fomin in 1961 (Gel’fand & Fomin, 1961). 

When either a traveling-wave front or the leading 
edge of an impulse moves through an EM, the latter 
switches from the resting state to the excited state (in 
the case of impulse, the life time of excitable state 
is finite and equal to the pulse duration). Neglecting 
the front width, one may imagine the leading edge 
as a surface that separates the resting and excited 
zones, and a motion of this surface (which models 
the motion of an AW) is interpreted as propagation 
of excitation. Thus, Gel’fand and Fomin introduced 
two axioms: (i) each spatial point of the EM can 
be in one of two states: either in the resting state 
or in the excited one; (ii) if at some time moment 
t the excitation has reached some spatial point P, 
then P immediately becomes a source of propagating 
excitation. In the case of anonhomogeneous anisotropic 
EM, the time period dt of motion of excitation 
along the infinitesimal path connecting the points 
x(s) and x(s + ds) = x(s) + (dx/ds) ds (here s is the 
parameter) depends both on the point x(s) and on the 
vector [dx/ds : dt= f(x, dx/ds) ds]. The function 
f(x, dx/ds) (which is assumed to be a strict convex 
function of the second argument) is a key element of 
the theory; thus, if the point x; = x(s1) is excited, then 
the time period after which the point x2 = x(s2) will 
be excited is given by the expression 


x2 
min f f(x, dx/ds) ds, 
Pal 


where the minimum is taken over all curves connecting 
the points x; and x2. (Indeed, if the excitation 
propagating from the point x; along all possible paths 
has already reached the point x2 along some path, 
then all paths that connect x; and x2, but take more 
time, are insignificant.) This is equivalent to Fermat’s 
principle of least time, adapted to dynamic processes in 
EM. Thus, Gel’ fand and Fomin developed a variational 
theory of propagation of excitation, endowing it with 
proper Lagrange—Hamiltonian—Jacobian equations that 
are formally equivalent to the variational formalism of 
geometric optics based on Fermat’s principle. 

The Gel’fand—Fomin formulation follows earlier 
studies of cardiology by Norbert Wiener and Arturo 
Rosenblueth, whose system of axioms involves an 
additional (refractory) state (Wiener & Rosenblueth, 
1946). Any point goes to the refractory state 
immediately upon being excited, after which it cannot 
be excited during the finite time period R. Supposing 
the velocity v of propagation of excitation to be 
constant, Wiener and Rosenblueth developed the 
theory of circulation of an excitation around non- 
excitable obstacles and determined the least critical 
length A of the obstacle, around which the excitation 
can stationary circulate: A = Rv. Further development 
of these geometric approaches was undertaken by 
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those involved in a seminar on mathematical biology 
(organized by Gel’ fand at Moscow State University in 
the early 1960s) and led to a prediction of the existence 
of spiral waves (Balakhovsky, 1965). 

Current geometric theories of spiral waves are 
concerned with properties that were long ignored, 
including the dependence of an AW leading-edge 
velocity on the curvature of the edge. Around 1980, 
Werner Ebeling, Yakov Zeldovich, Yoshiki Kuramoto, 
and Vladimir Zykov independently showed that the 
velocity of a curved leading edge must differ from 
the velocity of a plane edge—if the edge is concave 
(convex) in the direction of its propagation then it must 
accelerate (decelerate). This fact is readily understood 
in the case of a combustion wave where ignition occurs 
more rapidly (slowly) ahead of concave (convex) parts 
of the flame front than ahead of the plane parts due to 
focusing (diverging) the lines of heat flux. The formula 
for the velocity v of a weakly bent wave front that 
propagates in two-dimensional EM and obeys Equation 
(10) is 


v=vuo— DK, (11) 


where vo is the velocity of plane front and K is the 
curvature of the wave front. The domain of applicability 
of this equation is given by the inequality Klip <1, 
where /¢ is a characteristic width of the front. 

Equation (11) implies that excitation of sufficiently 
small circular patches of EM will die out. The radii 
of such patches are bounded above by the critical 
value pe =|K,|~! = Dv! which corresponds to the 
zero value of v in Equation (11). In a more precise 
theory of curved AW dynamics (Kuramoto, 1980), 
Equation (11) emerges as an eikonal equation in the 
“nonlinear geometric optics” of an AW; thus, itis deeply 
involved in the modern geometric theory of spiral waves 
(Mikhailov et al., 1994; Elkin et al., 1998). 

Interestingly, a version of Snell’s law for AWs 
emerges from such studies which differs from that of 
classical optics in several important ways: 


e Assuming the underlying reaction-diffusion equa- 
tion to be Equation (10), Equation (1) is replaced 
by 


ti D 
eaw constant > . (12) 


tan wo 7) 








where D, and D> are the diffusion constants in the 
incident and refractive regions. 

e This is a local law which determines the structure of 
refracted concentration fronts only near the interface 
between homogeneous regions rather than far 
from it. 

e Equation (12) is obeyed for nonstationary as well as 
stationary refractions. 
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e In the regime of stationary refraction, when the 
incident wave and the refracted one shape a planar 
form and move with constant velocities, the angles 
of incidence and refraction are determined by the 
conditions (Mornev, 1984) 


sin yy) = ¥ D\/(Di + D2) 
sin ¥2 = ¥ D2/(D\ + D2). 


If a plane AW is normally incident on the boundary 
(w = 0) and D9 is sufficiently larger than D,, the wave 
will be forced to stop. Assuming f(u) to be a cubic- 
shaped function possessing three zeroes ug < Up <u 
and satisfying the conditions f(u) > 0 at (u <uo) and 
(up <u <j), f(u) < Oat (ug <u <uy) and (u>u)), 
the condition for the AW to die at the boundary is 


and 


Dy O+ 
seth At 
dD o- 


. 


where o_ (a) denotes the least (greatest) of two values 
fue f(u) du| Sin f (u) du (Mornev, 1984). 
O. A. Mornev 


See also Diffusion; Fairy rings of mushrooms; Non- 
linear optics; Reaction-diffusion systems; Spiral 
waves; Zeldovich-Frank-Kamenetsky equation 
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Geomorphology deals with the evolution of Earth’s 
surface by gravity (e.g., landslides) and the sculpting 
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action of wind, river flow, and ice. Tectonics deals 
with the deformation and uplift of rocks, including 
the behavior of earthquakes. Nonlinearity arises in 
many geomorphic systems in the feedbacks between the 
shape of the surface and the fluid flow above the surface. 
The shapes of sand ripples and dunes, for example, 
control the flow of wind above the surface, which, in 
turn, controls the spatial distribution of erosion and 
deposition. Over time, erosion and deposition modify 
the shape of the surface and the flow of wind in a 
positive feedback loop. The flow of wind over a dune 
and the sediment transport caused by the wind are 
both nonlinear processes. The relationship between the 
sediment flux moved by the wind over a dune, for 
example, and the shear stress exerted by the wind is 
strongly nonlinear, including both a threshold shear 
stress for particle entrainment and a nonlinear power- 
law relationship between flux and shear stress above 
that threshold. 

Some of the nonlinear feedback relationships 
in geomorphic systems affect practical issues. The 
feedback between vegetation density and soil erosion, 
for example, can lead to dust bowl conditions if low 
vegetation density promotes wind erosion, stripping 
the soil to further inhibit vegetation growth in a 
positive feedback loop. In tectonic systems, nonlinear 
feedbacks also govern much of the interesting behavior. 
Deformations in rock or along a fault plane, for 
example, can become localized by the feedback 
between shear strength and strain rate. Rocks often 
become weaker as they are strained, in turn focusing 
more deformation to the areas of highest strain. 
The rheology of rocks, including their nonlinear 
dependence on strain rate and time, thus plays a very 
important role in our understanding of mountain belts. 

Self-organized, periodic landforms have received 
considerable attention in geomorphology. Sand 
ripples, dunes, and yardangs (all examples of eolian 
landforms), flutes (elongated ridges of subglacial sed- 
iment), drumlins (sculpted large mounds of subglacial 
debris), finger lakes, cirques, sorted stone stripes and 
circles (all glacial and periglacial landforms), discon- 
tinuous ephemeral streams and step-pool sequences 
(fluvial landforms), beach cusps and spits (coastal land- 
forms) all have a characteristic width or spacing (Fig- 
ure 1) that is controlled in part by the fluid movement 
on or above the surface and its relationship to erosion 
and deposition. The dynamic processes governing these 
systems are disparate and complex, but feedback be- 
tween the surface and the fluid flow on or above the 
surface plays a key role in all of these examples. Fin- 
ger lakes, for example, are elongated glacial troughs 
that developed on the margins of former ice sheets as 
glacier flow was focused into incipient bedrock depres- 
sions, concentrating glacial erosion in troughs in a pos- 
itive feedback that forms deeper basins when the ice 
retreats. The Finger Lakes of central New York are the 
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Figure 1. Sand ripples with a characteristic width or spacing. 
White Sands, New Mexico, courtesy of National Park Service. 


typical examples, but similar lakes occur along other 
former ice margins. Step-pool sequences form in moun- 
tain river channels by feedback between the roughness 
of the channel bed, the flow velocity in the channel, 
and the selective entrainment of particles on the bed. A 
channel reach with an initially rougher bed than nearby 
reaches will have slower flow velocity, promoting the 
deposition of coarse particles along the channel reach 
and a further decrease in flow velocity. This feedback 
produces channel reaches characterized by shallow gra- 
dients and fine particles alternating with steep gradients 
and coarse particles. In some cases, numerical models 
have been developed that enable the wavelengths of 
these periodic landforms to be predicted. 

In many if not most cases, landform evolution 
does not lead to periodic topography at all. River 
networks, coastal erosion of a rugged shoreline, and 
the dissolution of limestone to form cave networks 
(or karst topography above ground) are all examples 
of processes that create chaotic landforms with no 
apparent characteristic scale. Many of these landforms 
have an underlying order, however, by virtue of their 
self similarity. Self-similar landforms are those that 
have a similar appearance and statistical structure at 
a wide range of spatial scales. Rugged coastlines 
are the classic example of fractals popularized by 
Benoit Mandelbrot (1982). Long before the fractal 
structure of coastlines had been described, however, 
geomorphologists were interested in the self-similarity 
of river networks. To examine this self-similarity, 
streams are first ordered according to their position 
in a drainage network. The Strahler order defines all 
channels with no upstream tributaries as first-order 
channels. Whenever any two streams of like order join 
at a tributary, they form a stream of the next highest 
order. Horton’s law states the principle of self-similarity 
of drainage networks mathematically: the ratio of the 
number of streams of order n to the number of streams 
of order n+1 is equal to approximately 4 and is 
independent of n (Rodriguez-Iturbe and Rinaldo (2001) 
provide an excellent review). Similar relationships exist 
between channel lengths, areas, and the Strahler order. 
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Horton’s laws are satisfied in many different kinds 
of networks; however, so the modern view is that 
Horton’s laws are not unique properties of drainage 
networks (Kirchner, 1993). Other relationships, such as 
the angles of tributary junctions and the relationships 
between channel slope and the Stahler order, contain 
important information about the self-organization of 
channel networks. 

The Earth’s crust exhibits nonlinear, critical behavior 
in several ways. First, earthquakes occur over a 
wide range of sizes with a frequency-size distribution 
characterized by a power law. This observation, known 
as the Gutenberg—Richter law, is the most fundamental 
tule of seismology. Seismicity also exhibits temporal 
correlations that have self-similar properties. Omori’s 
law, for example, states that the frequency of foreshocks 
or aftershocks is inversely proportional to the time 
before or since the mainshock. Theoretical models 
for fault behavior have been devised based upon a 
simple model of blocks (representing one fault plane) 
frictionally coupled to a table (the other fault plane) 
and elastically coupled to one another and to a driver 
plate (representing the regional tectonic stress) (e.g., 
Turcotte, 1997). The model builds up stress until all 
the elements are near the threshold for slipping. At that 
point, the slippage of one block can transfer stress to 
other blocks in a cascade that produces earthquakes that 
follow the Gutenberg—Richter law. This phenomenon 
is called stick-slip friction. The discrete nature of the 
slider-block model appears to have an analog in real 
faults; the behavior of faults can be characterized 
according to the size and strength of asperities (sticky 
spots) on the fault plane, which are like the individual 
blocks in the slider-block system. The aftershock 
behavior of earthquakes does not appear to arise 
naturally in the simplest slider-block models; instead, 
some viscous coupling between blocks is necessary 
to reproduce Omori’s law (Pelletier, 2000), suggesting 
that the punctuated process of seismic events is linked 
to a steady, creeping motion of the fault motion over 
longer time scales. 

The crust also exhibits nonlinear critical behavior in 
the way that magma makes its way through the crust 
and is released as volcanic eruptions. The frequency— 
size distribution of volcanic eruptions appears to follow 
a power-law distribution analogous to the Gutenberg— 
Richter distribution in terms of the volume of material 
released. Magmatic and volcanic activity is also 
clustered in time in a way that is generally analogous 
to Omori’s law. The processes of fluid movement 
through the crust are very different compared with 
the stresses on an earthquake fault, but a model for 
the spatial interaction of many fluid conduits all near 
the threshold for eruption produces a model very 
similar to the slider-block model (Pelletier, 1999). This 
kind of model appears to be most consistent with 
the Rayleigh distillation model of geochemical mixing 
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(Turcotte, 1997), which describes the abundances of 
certain geochemical elements in the crust. 
Jon D. PELLETIER 


See also Avalanches; Branching laws; Dune for- 
mation; Evaporation wave; Feedback; Fractals; 
Glacial flow; Rheology; Sandpile model 
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GESTALT PHENOMENA 

The Gestalt idea was introduced to science by Ernst 
Mach (1868) and Christian von Ehrenfels (1890). 
Mach stated that the spontaneous creation of order, 
that is, order arising without any external control, 
can be shown in inanimate nature. Von Ehrenfels 
characterized Gestalt qualities, that is, higher order 
qualities emerging from basic elements, by two criteria: 
(1) supersummativity, which means that the elements of 
a pattern presented individually to a person give, in the 
totality of the experience, a poorer impression than the 
total experience of a person to whom all the elements 
are presented; and (2) transposition, which means the 
characteristics of a Gestalt quality are retained even 
if all the elements which exhibit the Gestalt quality are 
changed in a certain way (for example, the transposition 
of a melody). 

Wolfgang Kohler (1920) delivered the earliest 
formulation of a concept of self-organization of 
perception. The idea that perception must necessarily 
be understood as a process of autonomous creation 
of order runs through all his works. Starting from 
the observation of spontaneous Gestalt tendencies 
in experience, Kéhler made it his primary task to 
design and test a model of brain function in which 
the phenomenal organization of the perceptual world 
is explained as not only stimulus-dependent, but 
as strongly dependent upon the perceptual system’s 
own inner dynamics. In the development of Gestalt 
theory, Kéhler was mainly oriented to the observations 
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and theoretical concepts of physics. In accordance 
with the assumption of linear thermodynamics, the 
general systemic tendency towards final equilibrium 
was considered in Kohler’s time to be the only basic 
principle of self-organization. This principle can easily 
be demonstrated in cognition by recursive experiments 
of serial reproduction of complex patterns. These 
patterns follow the “principle of prignanz’” towards 
very simple and stable configurations (Stadler & Kruse, 
1990; Kanizsa & Luccio, 1990). In perception, this 
principle states that people will perceive the most 
orderly or regular thing they can out of the stimuli 
that are presented to them. Kohler applied the model of 
physical fields striving independently to balance forces 
directly to the way in which the visual system functions. 
At the time, this almost provocatively contradicted the 
findings of neuroanatomy and neurophysiology. On the 
basis of his theoretical model of perception, the brain 
is not seen as a complex network of many different 
interacting neurons but as a homogeneous conductor 
of bioelectric forces. 

Kohler’s argument was not primarily the postulation 
of electromagnetic field forces acting in the brain 
independently of neuroanatomical structures (which 
has been refuted by most contemporary brain scientists) 
but the idea of self-organization in the brain. He was 
fully aware of the fact that the general principle of 
development of linear thermodynamics has been rather 
unsuitable for application to biological systems as 
long as it was oriented exclusively towards the final 
equilibrium. This was criticized by Kohler himself in 
1955: “Although this is a perfectly good principle, 
it cannot, in its present formulation, be applied to 
the organism. For the organism is obviously not a 
closed system; moreover, while the direction indicated 
by the principle may be called ‘downward’, the 
direction of events in healthy organisms is on the 
whole clearly not ‘downward’ but, in a good sense, 
“upward’.” 


Modern Developments 


The brain is conceived as a self-organizing system 
that can be treated by means of synergetics (Haken, 
1983, 1990). Pattern recognition is understood as 
pattern formation (of activities of the neural net). 
Incomplete (visual) data are complemented by a 
dynamic associative memory. In both cases (pattern 
formation and recognition), incomplete data generate 
order parameters that compete with each other. In 
general, one order parameter wins and generates, 
according to the slaving principle of synergetics, the 
complete pattern. In this processes, idealized (Gestalt) 
patterns may be incorporated. Of particular interest are 
ambiguous figures, such as Figure 1 (young woman 
vs. old woman). Here, two or more interpretations 
(percepts) are possible, and two (or more) order 
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Figure 1. Young woman vs. old woman. 


parameters may win the competition. The final 
outcome is determined by an order parameter dynamics 
in which the dynamics of attention parameters is 
included. 

The mathematical approach (algorithm of the 
“synergetic computer”) is as follows: The images of 
different objects are decomposed into their pixels that 
are lumped together as pixel vectors 

Vu = (Vil, Vu2,-,UuN), W=1,..,M. (1) 
The label jz is associated with an interpretation (the 


name of a person, say), and the adjoint vectors vt are 
defined by 


(Uf Vy) = Suv. (2) 
The activity pattern of the neural net is written as 
M 
a(t) = 0 ev +r, (3) 
bal 


where 7 is a residual term that vanishes in the course 
of time. The order parameters are defined by 


Eu(t), (4) 


where the initial value at the observation time fo is given 
by 


&,(0) = (vf q(0)). (5) 
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The order parameters obey competition equations that 
can be derived from a potential function V 


dé, (t)/dt = —0V/dE,, (6) 
where 
V=V(Eq,--5 Es At, -s Am) 7) 


does not only depend on the order parameters but 
also on the attention parameters A ;. The competition 
equations read explicitly 


M M 
dé, (t)/dt =| dy—- BYE, — DYE, | & (8) 
WAL w= 


with positive constants 4,,, B, C. The winning order 
parameter fixes the activity pattern (3). In the case of 
ambiguous patterns (such as that of Figure 1), equations 
for the order parameters &, and & and the attention 
parameters read 





dé /dt = (Ay — CE? — (B+ C)EZ)E| — 9Vh/dE1, (9) 





dé» /dt = (An — CE} — (B+ CEP )E2 — AVb/dE2, (10) 





da j/dt =y(l—A,; &), j=l,2. (11) 


The bias potential V, is defined by 


Vp = 2Be78? (1 — rite . (12) 
+s 


The parameter a is determined by the percentage of 
that perception that is seen first. It also determines the 
relative length of the perception times that occur in the 
oscillatory motion of the order parameters &), & that 
represent the switch from one percept to the other one 
and back again. 

HERMANN HAKEN AND MICHAEL A. STADLER 


See also Cell assemblies; Emergence; Synergetics 
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GINZBURG-LANDAU EQUATION 


See Complex Ginzburg-Landau equation 


GLACIAL FLOW 


Glaciers are defined as multi-year features, consisting 
of snow and ice, which flow down-slope under the force 
of gravity. The broadness of this definition means that 
there exists a continuum of glaciers that ranges from 
small, multi-year snow patches with surface areas of 
the order of 100 square meters, to the Columbia Glacier 
in Alaska, with a surface area of over 1100 square 
kilometers (the District of Columbia would fit within 
its terminus). Yet, in spite of the broad range of features 
encapsulated in this definition, the same basic physical 
processes are common to all of the world’s roughly 
160,000 different glaciers, and most of these processes 
are nonlinear. 

Glaciers deform under their own weight, behaving 
like highly viscous fluids. Mass input is greatest at the 
glacier’s upper elevations where colder temperatures 
result in a greater percentage of precipitation falling 
as snow. Mass loss is greatest at the glacier terminus, 
the lowest point on the glacier, where temperatures and 
melting are highest and where ablation (mass loss from 
melting, evaporation, sublimation, and in special cases, 
iceberg formation) equals flow. This imbalance results 
in a continuous mass transfer from the upper reaches to 
the lower reaches. The basis of the equations governing 
glacial flow is therefore mass conservation. However, 
unlike liquid water, where an applied stress, T, (ie., a 
squeeze) causes a linear, proportional deformation or 
strain, glaciers have a nonlinear stress-strain response. 
Although measurements in remote mountain locations 
are difficult and limited, field studies and laboratory 
experiments have shown that 


é= At", (1) 


where n is constant and generally assigned a value of 
3 (though values ranging from 1.5 to 4.2 can be found 
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in the literature), é is the rate of deformation, and 1/A 
is a nonlinear measure of the viscosity. This glacier 
“flow law” is a version of pseudoplastic flow and is 
similar to dry sand dune flows (which use a value of 2 
for n). Viscoplastic flows, such as clay-water mixtures, 
and Bagnold macro-viscous flows, such as mud-flows, 
are also similar, differing primarily in the value of the 
exponent n. 

The nonlinear flow law is the source of many frac- 
tal, self-similar, and nonlinear scaling properties. The 
basic scaling relationships are simple: discharge of ice 
through a given cross section of the glacier is propor- 
tional to glacier depth raised to the power (n +2), and 
glacier flow velocity is proportional to glacier depth 
raised to the power (n + 1) (Patterson, 1994). However, 
Bahr (1997) has shown that in conjunction with mass 
and momentum conservation, the nonlinear flow law 
implies nonlinear scaling relationships between surface 
area (a parameter easily measured with satellites) and 
many difficult to measure but fundamental properties. 
Glacier thickness, volume, mass balance, velocity, flux, 
and other parameters relate to the surface area by ex- 
ponents of 3/8, 11/8, etc. Using these unusual scaling 
exponents, the volume of ice in the world’s glaciers 
can be predicted based solely on observed surface 
areas. 

Equation (1) applies to basic glacier flow under 
constant stress. In reality, glaciers are rarely under 
consistent stress throughout. In areas where glaciers 
are under tensional stress, if the stress becomes too 
high, the ice becomes brittle and fractures, resulting 
in crevassing. Crevassing can be mathematically 
described using fracture mechanics (Smith, 1976; 
Sassolas et al., 1995). Crevassing can occur as the 
glacier flows over large drops in the bed as a result of 
varying flow speeds (Harper et al., 1998). Particularly 
dramatic crevassing occurs in the lower reaches of 
retreating tidewater glaciers as a result of faster flow 
at the glacier terminus than in the ablation zone (the 
area of the glacier that is annually losing more mass 
than it is gaining). Because the lower sections of 
tidewater glaciers are near or at floatation, unlike land- 
based glaciers, tidewater glacier crevassing can result 
in calving (the formation of icebergs from pieces that 
are broken off the terminus). Calving from tidewater 
glaciers can be modeled using both fracture mechanics 
and percolation theory (Bahr, 1995). 

Tidewater glacier calving contributes to an unex- 
pected nonlinearity in the tidewater glacier terminus po- 
sition. Most glaciers move back and forth with changes 
in climate as the balance between melt and accumula- 
tion shifts. For tidewater glaciers, however, there is an 
additional loss of mass through calving. The tidewa- 
ter glacier calving rate increases with water depth, but 
water depth is typically minimized by a pile of debris 
deposited at the end of the glacier. If the glacier termi- 
nus retreats backwards off the debris pile, then the water 
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depth increases and the calving rate increases, further 
increasing glacier retreat (Meier, 1993; van der Veen, 
2002). This is a classic positive feedback loop scenario, 
and is the cause of the dramatic and rapid retreats re- 
cently seen in many glaciers that terminate in water, 
such as the Columbia Glacier in Alaska and many of 
the New Zealand glaciers that terminate in lakes. While 
many of the world’s glaciers are slowly retreating due 
to changes in climate, these tidewater glaciers retreat 
nonlinearly in response to even the smallest climatic 
perturbations. 

In addition to surface and internal processes, such as 
flow and crevassing, glaciers exhibit nonlinear behavior 
in their basal processes. For temperate glaciers (those 
not frozen to their beds), glacial flow is a combination 
of ice deformation and sliding at the glacier bed. Motion 
tends to be stick-slip, very similar to the nonlinear 
slider-block models of earthquakes (Bahr & Rundle, 
1996; Fischer & Clarke, 1997). This gives rise to the 
grinding of the underlying rock, plucking of rocks out of 
the bed, and deformation of the bed in places where it is 
a fine-grained matrix. Lubrication appears to increase 
flow rates, as it does in sub-surface faults (Patterson, 
1994). At the extreme end of lubricated basal flow, we 
find surging glaciers. These glaciers appear to build 
up water and water pressure at the glacier bed. Some 
mechanism or pressure trigger allows this water to be 
periodically catastrophically released (the Variegated 
Glacier in Alaska, for example, surged in 1906, 1947, 
1964-65, and 1982-83), resulting in rapid flow and 
over-extension of the glacier (Patterson, 1994). 

Finally, the overall structure of large glaciers is 
fractal. Large glaciers, such as the Talkeetna and 
Columbia Glaciers in Alaska have multiple upper 
branches that coalesce into one outlet tongue, similar 
to a river system or branching tree. Measurements have 
shown that the structure is statistically self-similar with 
fractal dimensions ranging from roughly 1.6 for small- 
to mid-sized mountain glaciers, to 2.0 for large glaciers 
and space-filling ice sheets such as Greenland (Bahr & 
Peckham, 1996). 

Karen Lewis MacCLUNE AND Davi BAHR 


See also Avalanches; Dune formation; Geomor- 
phology and tectonics; Sandpile model 


Further Reading 


Bahr, D.B. 1995. Simulating iceberg calving with a perco- 
lation model. Journal of Geophysical Research, 100(B4): 
6225-6232 

Bahr, D.B. 1997. Global distributions of glacier properties: 
a stochastic scaling paradigm. Water Resources Research, 
33(7): 1669-1679 

Bahr, D.B. & Peckham, S. 1996. Observations of self- 
similar branching topology in glacier networks. Journal of 
Geophysical Research, 101(B11): 25511-25521 

Bahr, D.B. & Rundle, J.B. 1996. Stick-slip statistical mechanics 
of motion at the bed of a glacier. Geophysical Research 
Letters, 23(16): 2073-2076 


374 


Fischer, U.H. & Clarke, G.K.C. 1997. Stick-slip sliding behavior 
at the base of a glacier. Annals of Glaciology, 24: 390-396 
Harper, J.T., Humphrey N.F. & Pfeffer, W.T. 1998. Crevasse 
patterns and the strain rate tensor: a high-resolution 
comparison. Journal of Glaciology, 44(146): 68-76 

Hooke, R. 1998. Principles of Glacier Mechanics, Saddle River, 
NJ: Prentice-Hall 

Meier, M.F. 1993. Columbia Glacier during rapid retreat: 
interactions between glacier flow and iceberg calving 
dynamics. Workshop on the Calving Rate of West Greenland 
Glaciers in Response to Climate Change, Copenhagen 

Patterson, W.S.B. 1994. The Physics of Glaciers, 3rd edition, 
New York: Elsevier 

Sassolas, C., Pfeffer, T. & Amadei, B. 1995. Stress interaction 
between multiple crevasses in glacier ice. Cold Regions 
Science and Technology, 24: 107-116 

Sharp, R.P. 1988. Living Ice, Cambridge and New York: 
Cambridge University Press 

Smith, R.A. 1976. The application of fracture mechanics to 
the problem of crevasse penetration. Journal of Glaciology, 
17(76): 223-228 

van der Veen, C.J. 2002. Calving glaciers. Progress in Physical 
Geography, 26(1): 96-122 
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Few modern scientific concerns have achieved such 
notoriety as the possibility of relatively rapid an- 
thropogenic global warming through increased CO, 
emissions. This complex problem became a matter of 
considerable public attention during the 1980s, and dur- 
ing the 1990s, the first attempt was made at interna- 
tional management of the challenge (the Kyoto Protocol 
under the United Nations Framework Convention on 
Climatic Change). However, scientific awareness of 
COp-induced climatic change is not new, and the un- 
derlying physical processes were understood from the 
beginning of studies concerning the absorption of ra- 
diation by the atmosphere. Later research resulted in a 
deeper understanding of the dynamics of the biospheric 
carbon cycle, and global atmospheric circulation mod- 
els have been adopted, and adapted, for assessing the 
future course of tropospheric CO? levels. In spite of all 
of these advances, much remains unclear and uncertain. 


Early Studies 


Several years before his death in 1830, the French 
mathematician Joseph Fourier concluded that the 
atmosphere acts like the glass of a greenhouse, letting 
light through and retaining the invisible rays emanating 
from the ground (Fourier, 1822). In modern scientific 
terms, the atmosphere is highly (though not perfectly) 
transparent to incoming (shortwave) solar radiation, but 
it is a strong absorber of certain wavelengths in the 
outgoing (longwave) infrared spectrum produced by the 
reradiation of absorbed sunlight. 

John Tyndall was the first scientist to study this 
process in detail by measuring the absorptive properties 
of air and its key constituent molecules (water vapor 
and about a dozen different compounds). He used a 
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sensitive galvanometer to measure the electric current 
passing through gases irradiated by heat. In 1861, 
Tyndall concluded that water vapor accounts for most of 
the atmospheric absorption and hence “every variation 
of this constituent must produce a change in climate. 
Similar remarks would apply to the carbonic acid 
diffused through the air...” (Tyndall, 1861). The next 
major contribution to the field came just before the 
end of the 19th century when Svanté Arrhenius offered 
the first calculations of the global surface tempe- 
rature rise resulting from naturally changing atmos- 
pheric CO2. 

Arrhenius’s conclusions contained all of the key 
qualitative modern results. He found that geometric in- 
creases of CO> will produce a nearly arithmetic rise in 
surface temperatures, that the warming will be smallest 
near the equator and highest in polar regions, that the 
Southern hemisphere will be less affected, and that the 
warming will reduce temperature differences between 
night and day (Arrhenius, 1896). His quantitative re- 
sults also resembled those of today’s best global cli- 
matic models: he predicted that the increase in average 
annual temperature will be about 50°C in the tropics and 
just over 6°C in the Arctic. All of these findings applied 
to natural fluctuations of atmospheric CO: Arrhenius 
concluded (correctly) that future anthropogenic carbon 
emissions would be largely absorbed by the ocean and 
(incorrectly, as he grossly underestimated future fossil 
fuel combustion) that the accumulation would amount 
to only about 3 ppm in half a century. 

The link between CO2 and climate change was 
resurrected in 1938 by George Callendar who 
calculated a more realistic temperature rise with 
doubling of CO, concentrations (1.5°C rise) and 
documented a slight global warming trend of 0.25°C 
for the preceding half a century (Callendar, 1938). In 
his later writings, he also recognized the importance 
of carbon emissions from land-use changes. In 
1956, Gilbert Plass performed the first computerized 
calculation of the radiation flux in the main infrared 
region of CO, absorption (Plass, 1956). His results 
(average surface temperature rise of 3.6°C with the 
doubled atmospheric CO2) were published a year 
before Roger Revelle and Hans Suess summarized 
the problem with continuing large-scale fossil fuel 
combustion in such a way that the key sentence has 
become a citation classic: 


Thus human beings are now carrying out a large 
scale geophysical experiment of a kind that could not 
have happened in the past nor be reproduced in the 
future. Within a few centuries we are returning to 
the atmosphere and oceans the concentrated organic 
carbon stored in sedimentary rocks over hundreds of 
millions of years. (Revelle & Suess, 1957) 


An almost instant response to this concern was 
the setting up of the first two permanent stations for 
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the measurement of background CO? concentrations, 
at Mauna Loa in Hawai’i and at the South Pole. 
Accumulating measurements began showing a steady 
rise of atmospheric COz at these two remote locations, 
but, once again, attention to the problem of potential 
global warming eased during the 1960s and began to 
grow only in the aftermath of OPEC’s two sudden oil 
price hikes during the 1970s. 


Numerical Models of Anthropogenic 
Global Warming 


By the late 1960s, improvements in computer 
capabilities made it possible to run the first three- 
dimensional models of global atmospheric circulation 
and use them to simulate the effects of higher CO, 
levels. Most of these simulations looked at possible 
effects arising from the doubling of preindustrial CO2, 
that is, after reaching levels around 600 ppm. Initial 
simulations indicated a 2.93°C rise with the doubling 
of the CO level to 600 ppm (Manabe & Wetherald, 
1967). Increases in computing power (subject to 
Moore’s famous law) and better understanding of 
interactions between the atmosphere, oceans, and the 
terrestrial biosphere has led to increasingly more 
realistic models of global climate. Another important 
refinement was the inexplicably delayed consideration 
of other greenhouse gases (above all, of CH4, N2O, 
and chlorofluorocarbons) whose combined radiative 
forcing is now slightly higher than that of carbon 
dioxide (about 1.5 and 1.4W m7). 

By the late 1990s, the best models coupled the 
atmosphere’s physical behavior with changes on land 
and in the ocean, and with simulations of some key 
features of carbon and sulfur cycles and of atmospheric 
chemistry (Houghton et al., 2001). At the same time, 
even our best numerical models still represent the 
atmosphere with a relatively coarse grid and are 
incapable of reproducing the intricacies and multiple 
feedbacks that determine the course and the rate of 
climate change. 

One of the most important sources of potential error 
in the climate models is the treatment of clouds. The 
best general circulation models represent fairly well 
some essential gross features of global atmospheric 
physics but their iterative calculations are done at such 
widely spaced points of three-dimensional grids that it 
is impossible to treat cloudiness in a realistic manner. 
And yet clouds are key determinants of the planetary 
radiation balance because they have, on balance, a 
pronounced net cooling effect. Because clouds account 
for about half of the Earth’s albedo (the fraction of 
incident radiation that is reflected), even relatively small 
changes in their properties could have an appreciable 
effect on the course of global warming. 

Other unresolved matters include the response of 
terrestrial biota (Will carbon sequestration take place 
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mostly in short- or long-lived tissues or in soil?), 
marine algae (especially their role in forming clouds), 
sudden releases of methane (rising temperatures may 
lead to catastrophic emissions from methane hydrates), 
and effects of orbital and solar influences (particularly 
a very high correlation between the solar cycles 
shorter than the 1 1-year mean and higher average land 
temperature of the Northern Hemisphere, and a link 
between mid-atmospheric temperature and changing 
intensity of radiation over the sunspot cycle). If the 
global forecasts are uncertain, regional predictions are 
particularly questionable. The most complex coupled 
models now provide reasonably reliable simulations 
of climate down to the sub-continental level but their 
results still have unacceptably large variations on 
regional scales. 


Geological Evidence for Global 
Warming and Cooling 


Indirect or proxy markers (such as isotopic and trace 
chemical analysis on tree rings, ice, or sediment cores) 
make it clear that a substantial decline of atmospheric 
CO preceded the most extensive and longest lasting 
(some 70 million years, or Ma) glaciation of the 
entire Phanerozoic era that began about 330 Ma ago. 
Approximate reconstruction of COz levels for the past 
300 Ma—since the formation of the Pangea whose 
eventual break-up led to the current distribution of 
oceans and land masses—indicates, first, a pronounced 
rise (about five times the current level during the 
Triassic period), followed by a steep decline (Berner, 
1998; Figure 1, top). Boron-isotope ratios of planktonic 
foraminifer shells point to CO2 levels above 2000 ppm 
60-50 Ma ago (with peaks above 4000 ppm), followed 
by an erratic decline to less than 1000 ppm by 40 Ma 
ago, and relatively stable and low (below 500 ppm) 
concentrations ever since the early Miocene 24 Ma ago 
(Pearson & Palmer, 2000; Figure 1, bottom). 

Reliable record of atmospheric CO2 is available 
only for the past 420,000 years thanks to the 
analyses of air bubbles from ice cores retrieved from 
Antarctica and Greenland. Preindustrial CO, levels 
never dipped below 180 ppm and never rose above 
300 ppm (Raynaud et al., 1993; Petit et al., 1999; 
Figure 2) and their oscillations are highly positively 
correlated with changing temperatures. But these 
correlations are not a proof of a clear cause-and-effect 
relationship as there are no obvious lead-lag sequences. 
Other recent paleoclimatic studies actually found signs 
of decoupling of atmospheric CO2 and global climate 
during the Phanerozoic eon and particularly during 
the early to middle Miocene, when a warm period 
coexisted with low CO» levels (Veizer et al., 2000; 
Pagani et al., 1999). These findings confirm the 
complexity of climate change where cause and effect 
are difficult to assign: atmospheric CO2 may have 
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Figure 1. Atmospheric CO? concentrations during the past 300 


and 24 million years. Based on Berner (1998) and Pearson and 
Palmer (2000). 
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Figure 2. Atmospheric CO? concentrations during the past 
420,000 years derived from air bubbles in Antarctica’s Vostok 
ice core. Based on Petit et al. (1999). 


been a primary climate driver but the evidence is not 
conclusive (Kump, 2002). The most likely pacemaker 
during the Pleistocene period was small changes in the 
Earth’s orbit around the Sun; massive methane releases 
from gas hydrates and volcanic activity must be also 
considered. 


Recent Evidence for Global Warming 


During the time between the rise of the first high 
civilizations (5000-6000 years ago) and the beginning 
of the fossil fuel era, atmospheric CO2 levels had 
fluctuated within an even narrower range of 250— 
290 ppm. Subsequent anthropogenic emissions pushed 
atmospheric concentrations of CO, to a high of 370 
ppm by the year 2000. Paleoclimatic studies of the 
Northern Hemisphere during the last millennium show 
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Figure 3. Reconstructed temperature trends during the past 
100,000 years (from the Vostok ice core), 1000 years (for 
the Northern Hemisphere), and a 5-year running mean from 
instrumental temperature measurements for the past 100 years. 
Reproduced from Smil (2002). 


warming periods during the 12th and 18th centuries and 
pronounced cooling during the 15th century (the Little 
Ice Age). A demonstrable cooling trend between the 
late 18th and the early 20th centuries was followed by 
an unprecedented rate of warming that has brought the 
average planetary temperature to levels higher than at 
any time during the past 1000 years (Figure 3). 

The most extensive studies of the existing global 
record of surface temperatures have detected long-term 
planetary warming of, respectively, 0.5°C and 0.78°C 
since the middle of the 19th century (Jones et al., 1986; 
Hansen & Lebedeff, 1988). Changes in measurement 
techniques (different thermometers), station locations 
(from downtowns to suburbs) and station environment 
(increasing urban heat island effect), and until very 
recently, highly inadequate coverage of large areas of 
the Southern Hemisphere complicate the interpretation 
of this shift, which has distinct spatial patterns with 
areas of more pronounced warming and regions of 
slight cooling. However, the most recent (post-1976) 
spell of warming has been almost global and the 1990s 
were the warmest decade since the beginning of the 
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Figure 4. Estimates of cumulative radiation forcings by greenhouse gases and aerosols between 1850 and 2000 according to Hansen 


et al. (2000). 


instrumental record in the 1850s and the warmest ten 
years of the millennium in the Northern Hemisphere. 

According to the general circulation models, the 
warming should have been more pronounced. The best 
explanation of the discrepancy between the models 
and the actual temperature record is that the warming 
was partially counteracted by sulfate aerosols. The 
combined direct and indirect effect of all greenhouse 
gases resulted in a total anthropogenic forcing of about 
2.8 W m2 by the late 1990s (Hansen et al., 2000; 
Figure 4). This is equal to a little more than 1% of 
solar radiation reaching the ground. 


Future Climate 


If the atmospheric warming was primarily the function 
of radiative forcing, then the level of greenhouse gas 
emissions would be the key variable. Recent emission 
scenarios for CO2 alone offer a very large range of 
concentrations, 540-970 ppm, by the year 2100. CH 
levels may range even wider, from just above 1500 ppb 
to more than 3600 ppb. The aggregate radiative forcing 
may thus be anywhere between 4 and 9 W m~? and the 
climate sensitivity would then range between 1.5°C and 
4°C with 2.2-3°C considered to be the most likely by 
the latest IPCC assessment. Broad consensus from the 
latest generation of models foresees that this climatic 
change would cool the stratosphere while raising the 
tropospheric temperatures in a distinct spatial pattern, 
with the warming more pronounced on the land (and 
during nights) and with increases of about two to three 
times the global mean in higher latitudes in winter than 
in the tropics, and greater in the Arctic than in the 
Antarctic. 

There are many effective ways to slow down 
the greenhouse gas emissions and reduce their 
environmental impact. Most significantly, the affluent 
countries could largely retain their quality of life while 
reducing their energy and material consumption by at 
least a third. While the means are available, the will 
to act, nationally and internationally, is mostly absent. 
Global warming is a complex natural process but its 


anthropogenic enhancement calls for a fundamentally 
moral solution that runs against some basic human 
propensities: consume less and do so more efficiently. 

VACLAV SMIL 


See also Atmospheric and ocean sciences; Forecast- 
ing; General circulation models of the atmosphere 
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GRADIENT SYSTEM 


In the study of dynamic systems, itis often observed that 
the rate of evolution of some system in its phase space is 
proportional to the gradient of a state function. A system 
of this type is called a gradient system, and the state 
function—which governs the course of its evolution— 
is its potential. 

If the state s of a system is given by n state variables 
S],...,5n and G(s) = G(sqa, ...S,n) is the potential of 
the system, then one can write (in matrix form) 


.  . (aG\t 
s=-k. (FB) : (1) 


Here the rate of change of state s is given by the 
column vector § = |s},..., Sy I", where the superscript 
T indicates transposition; 0G(s)/ds =|dG/ds1,..., 
dG/ds,| is the row vector of gradient of potential G(s); 
and k is a coefficient of proportionality, represented 
by the nonsingular matrix k= |kij|, det |ki;| A 0. The 
minus sign in Equation (1) is chosen for convenience. 
The coordinate representation of this equation is 


foe ee @=1,...,n). (2) 
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Equations (1) and (2) are quite general. For example, if 
the order n is an even number (n = 2m, m > 1), and k 
is a 2m x 2m block-diagonal matrix composed of the 
skew-symmetric blocks, 


k = diaglk,....knl,k: =o =... = hn 


Ora 
a3 i) (3) 


then Equations (1) and (2) are the usual Hamiltonian 
system (Fomenko, 1995). 

However, gradient systems differ radically from 
Hamiltonian systems. Essential restrictions that spe- 
cialize the definition of gradient systems and prede- 
termine their qualitative properties are on the structure 
of matrix k. For a gradient system: (i) The nonsingu- 
lar matrix & is assumed to be symmetric: (k=? or 
ki; =kji); hence, it possesses exactly n nonzero eigen- 


values that the real numbers. (ii) All eigenvalues of k 
are assumed to have the same signs, either positive or 
negative. 

Note that requiring that the rates s be proportional 
to the gradient of potential G(s) does not oblige the 
coefficient of proportionality k to be a constant matrix. 
In general, the elements of k can (smoothly) depend 
on the current state s : kj; =k;;(s), suggesting a third 
requirement of a gradient system: (iii) The properties 
(i) and (ii) must be fulfilled everywhere in the state 
space of system. Thus, a gradient system is defined as a 
system, whose evolution follows Equations (1) and (2), 
with a matrix satisfying conditions (i)—(iii). 

The key dynamic difference between Hamiltonian 
and gradient systems is that Hamiltonian systems 
preserve the values of system potential, the Hamiltonian 
function (G(s) = 0). The behavior of a gradient system 
is quite different because the matrix k in (3) is 
symmetric rather then skew-symmetric; thus G(s) #0. 

From conditions (i)—(iii), one can demonstrate that 
the evolution of a gradient system preserves the sign 
of G(s); hence, the potential G(s) either decreases 
or increases monotonically. To see this, consider the 
dissipative function of a gradient system, which is 
introduced by the quadratic form 


Lei Lae sf se. TRY 

r= 75 ys= 3 a VijsiSj Where yp=k~. (4) 
i,j=l 

The matrix 7 inherits the properties (i)—(iii) of matrix 

k, and the constancy of sign G(s) under the evolution 

of a gradient system follows directly from the relation 


G(s) = —2r. (5) 


Relation (5) indicates that the sign of G(s) is opposite 
to the sign of dissipative function; thus, as the latter is 
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positively (negatively) definite, the potential of gradient 
system strictly decreases (increases). 

As an elementary example, the ordinary equation 
u=f(u) is a gradient system because it admits 
the representation u = —k[dG(u)/du] ,k=1, G(u) = 
— f f (u)du. The corresponding dissipative function is 
T=22 /2, and under time-dependent solutions of this 
equation, the potential decreases monotonically. 

As a second example, consider a Newtonian particle 
of mass m that is changing its position r with the 
speed 7 and acceleration 7 by the action of forces 
of two kinds: a potential foree @®) = — gradG(r) 
(where G(r) is the potential energy), and a friction force 
Q”) = — yr, y=const > 0. The Newtonian vector 
equation of motion of this particle is m#= Q@®) + 
Q”) = —yr — gradG(r), or, equivalently, 

r=v, mv+yv=-—gradG(r). (6) 
This system has two different limits—“Galilean” and 
“Aristotelian.” The Galilean limit corresponds to the 
situation when dissipative force Q) is negligible in 
comparison with the d’Alembert inertia force @® = 
— mv. At this limit—which is realized under motion 
through a vacuum—the term yv in Equations (6) 
vanishes, and it reduces to the form 


r=v, mv=-—gradG(r). (7) 


We refer to this limit as Galilean because Galileo pro- 
posed and experimentally demonstrated that gravita- 
tional force determines the acceleration of a falling 
body rather then its speed. 

The Aristotelian limit, on the other hand, describes 
so-called creeping motions, in which the d’ Alembert 
inertia force Q@” is much weaker than the dissipative 
force QM) :|Q)| =m|b|«|Q™| = y|v|. This limit 
is realized in the viscosity limited motion of particle, 
which occurs in a strongly viscous medium in the 
presence of a potential force field. In this limit, 
Equations (6) asymptotically reduce to 


* = —kgradG(r), k=y7!. (8) 


The order of Equation (8) with respect to time is less by 
half then corresponding order of (6). In this case, the 
current state s of particle is fully determined by current 
value of radius-vector r. Now, the rate of change of 
state is proportional to the gradient of potential energy; 
therefore, the Newtonian particle undergoes creeping 
motion in a gradient system. The dissipative function 
of this system is 


T=yv/2 (y>0), (9) 
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and the potential G(r) always decreases monotonically 
asG=—y |gradG(r)|?. This limit is called Aristotelian 
because it manifests the Aristotelian principle that 
“velocity of a body is proportional to a force acting 
upon the body.” (This principle is not wrong; it merely 
corresponds to one of two possible limits of classical 
macroscopic dynamics which is realized in the presence 
of strong friction.) 

The Newtonian example can be extended to the 
more general case of constrained system of n degrees 
of freedom, which move under stationary holonomic 
constraints and generalized forces of three types: the 
potential forces Qo”, the dissipative forces Q of 
viscous friction, and the d’Alembert inertia forces 
co? =1,...,n). A related example is provided by 
electrical networks that are constructed with linear 
lumped elements: resistances (R), inductances (L), and 
capacitances (C). From an electromechanical analogy 
(Gantmacher, 1975), the considerations discussed 
above are extended to this case almost automatically. 
The analogs of Galilean and Aristotelian limits also 
exist here. The first limit corresponds to the situation 
when all resistances are negligible; it displays the 
LC subclass of general RLC networks. The networks 
belonging to this subclass are described by systems 
of ordinary differential equations that involve second- 
order time derivatives; as a rule, they are not gradient 
systems. The electrical analog of the Aristotelian 
limit corresponds to the networks with negligible 
inductances (RC subclass of general RLC networks). 
The networks making up this subclass are gradient 
systems. 

The gradient systems considered in these examples 
are characterized by the monotonic diminution of 
potential G in their motions. Formally, this property 
follows from positiveness of dissipative functions 
related to these systems. In the mechanical examples, 
where the potential G is given by the potential energy 
of a mechanical system, its diminution can be explained 
physically by the action of viscous friction, which 
dissipates the energy of system and fully converts it 
to heat Q at arate dQ/dt = 21. 

The opposite case, which corresponds to a mono- 
tonic increase of G, can be viewed as the action of 
“negative friction” transferring energy from exterior 
sources to the moving system; for example, processes 
during evolution of the genetic structure of biological 
populations which are described by classical Fisher— 
Haldane—Wright equations. The gradient representa- 
tions of these equations were developed by Svirezhev in 
1972 and by Shahshahani in 1979. (Svirezhev’s results 
now can be found in the comprehensive monograph 
of Svirezhev & Pasekov, 1990.) In the context of their 
results, the famous Fisher’s Fundamental Theorem of 
Natural Selection—which asserts that the mean fitness 
of population always increases with the rate propor- 
tional to the genotypical diversity of the population—is 
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a simple consequence of the gradient properties of the 
equations. In this case, the role of potential of the corre- 
sponding gradient system is played by the mean fitness 
of population, whereas the dissipative function is con- 
nected with a certain measure of genotypical diversity. 

Owing to the presence of the monotonically varying 
quantity G, any gradient system is forbidden to return to 
states it once already left. In particular, such a system 
cannot perform nontrivial periodic motions (different 
from the states of rest). These properties are widely used 
in applied mathematics, including numerical gradient 
methods of searching for minima and maxima of 
multivariable functions. 

In the above examples, gradient systems with finite 
degrees of freedom were considered. However, in 
various problems one deals with nonlocal spatially 
distributed systems in continuous media, occupying 
some d-dimensional region X of physical space, 
whose dynamics inherits the main features of finite- 
dimensional gradient systems. These objects form a 
class of gradient systems of an infinite number of 
degrees of freedom, which are referred to as continuum 
gradient systems. A nontrivial example is the system 





i = — ku, 
ou 
Glu] = / g(u, Vu, x)dXx, (10) 
x 


where u=u(x,t) is a function describing the 
state of the system at the spatial point x =(xj, 
...,Xa)€X and time ¢, and the integral func- 
tional G[u] is a potential of the continual gradi- 
ent system. Also Vu denotes the spatial gradient, 
Vu=|du/dx,,...,0u/dxq|; dX =dx!...dx4 is the 
space volume element of the region X occupied by the 
continuous medium; and 6/du is a functional deriva- 
tive, which acts upon the functional G[u] according to 


the rule 
5G a dg 
SS diy 2 








éu du a(Vu) 
d 
dg t) 0g 
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du 2X dx! d(du/dxt) Oy 
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Substituting (11) into the second part of (10), one can 
show that equations (10) are equivalent to the equation 


i+divJ =Q (12) 


where J and Q are given by the expressions 


; (13) 








(14) 
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Equation (12) has the form of standard continuity 
equations for some substance filling the spatial region 
X; therefore, the quantities u and J can be interpreted 
as the density of this substance and as a vector of density 
of the corresponding spatial transport flux, respectively. 
From this standpoint, the function in the second part of 
continuity equation (12), defined by relationship (14), 
describes the rate of production of these substances per 
unit space volume, whereas expression (13) relating 
the flux J to the density u and its spatial gradient Vu 
can be interpreted as a peculiar nonlinear generalization 
of well-known linear phenomenological laws such as 
Fick’s law of diffusion or Ohm’s law of electrical 
conduction. Hence, the continuum physical systems 
obeying the functional gradient equation (10) constitute 
a specific subclass in the class of reaction diffusion 
systems. This subclass comprises many physically 
important systems, including the parabolic equation 


y(x)u = div[D(x)Vu] + fu, x) 


= D(x)Au+VD(x)-Vut flu,x) 
(15) 


defined in the space region X. Here y(x) > 0, D(x) > 
0, and f(u,x) are the given functions of their 
arguments. Special cases of (15) include the linear 
diffusion equation “= Au, as well as the nonlinear 
reaction diffusion equation 


u=Au+ flu), (16) 


which arises in several branches of natural science. 

In mathematical genetics, Equation (16) describes 
the gene exchange waves traveling in the populations 
of biological organisms (Fisher’s equation). In addition, 
this equation describes flame propagation as well as 
the switching processes in some physical, chemical, 
and biological nonlinear media (Zeldovich—Frank- 
Kamenetsky equation). Also, the time-dependent 
Ginzburg-Landau equation, which arises in physical 
kinetics and in synergetics for the phase transitions in 
spatially distributed self-organizing systems, has the 
form of Equation (16). 

Remarkably, all these examples can be interpreted 
as processes of time evolution of certain gradient con- 
tinuum systems. The functional gradient representation 
(10) is important because it suggests their general quali- 
tative properties by the analogy with finite-dimensional 
case. For example, the potential G[w] in (10) decreases 
monotonously in all time-dependent solutions if the lat- 
ter is endowed with impermeability boundary condi- 
tions [see (18)] 


ag 
Inlax = 0 = 0, 17 
nlax on a(Vu) Ls (7) 
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where the subscript 0X indicates that corresponding 
expressions are considered at the boundary 0 X of space 
region X enclosing the continual system, J;,|jx is the 
normal component of J at the boundary, and n is unit 
normal vector at dX. Indeed, the full derivative of the 
energy functional G[u] with respect to time f is given 
by the elegant relation 


dG sG\* 

a--f*Ge dx <0. (18) 
dt xX éu 

Defining the dissipative functional by the formula 
1 1 
Tlu,a) = | —i2dx = >/ yu-dXx, 
x 2k 2 Jx 
yee; 


puts (18) into the simple form of Equation (5), which 
appeared in the finite-dimensional case. 

As in the finite-dimensional case, the monotone 
decrease of potential means that time evolution is 
unidirectional—these systems cannot return to the 
states once left. In particular, they can have neither 
solutions that are periodic in space and time nor 
traveling-impulse solutions with complete recovery 
of the initial state. If they possess moving wave- 
front solutions, contra directional wave fronts cannot 
be reflected after collisions with each other. On the 
contrary, if some spatially distributed system isolated 
from the outer world by the impermeable boundaries 
can modify its state supporting the propagation of 
solitary/periodic traveling pulses, then it cannot be 
described by continuum gradient equations. 

O.A. Mornev 


See also Diffusion; Flame front; Nerve impulses; 
Reaction-diffusion systems; Synergetics; Zeldovich- 
Frank-Kamenetsky equation 
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What do coffee powder, wheat, mustard seeds, 
granulated sugar, cement, sand, and rocks have in 
common? They are granular materials, assemblies 
of solid objects, from tens of micrometers to meter 
sized, that are generally not bound together by 
significant attractive forces. Such assemblies of objects 
possess unique physical and dynamic characteristics. 
Even though individual grains are solid particles, the 
assembly of grains behaves distinctly from ordinary 
solids, fluids, or gases (Jeager et al., 1996; Duran, 
1997). For example, a sand dune is reliably solid-like 
and can sustain the weight of a person. However, if the 
sand from the dune is placed in an hourglass, it will 
flow rapidly and at a predictable rate. 

The curious behavior of granular matter has long 
attracted the attention of scientists. In 1885, Osborne 
Reynolds observed that in order for grains to flow 
past each other, they have to move out of each other’s 
way, leading to a dilation of granular matter under 
shear (Reynolds, 1885). 

Some of the first modern work on granular 
matter was inspired by Per Bak, C. Tang, and K. 
Wiesenfeld (1987), who developed the concept that 
many systems may self-organize into a critical state. 
Granular avalanching was thought to be one of the 
prominent experimental realizations of their theory of 
self-organized criticality (SOC). The idea was that 
on a sandpile, grains might self-organize through 
avalanching to form a heap with a critical angle, which 
is called the angle of repose of the sandpile. 

While experiments showed that SOC does not 
describe the behavior of real sandpiles (Nagel, 1992), 
the initial experiments showed some of the puzzling 
properties of granular matter and inspired a significant 
resurgence of research into granular matter. Here we 
describe three of the main questions of recent work: 


When and How Does Granular Matter Flow? 

In most situations when granular matter flows, such 
as during emptying of silos or during natural rock 
avalanches, only part of the material behaves like a 
fluid. This is illustrated in Figure 1 in a long exposure 
image of the side of an avalanche flowing down the 
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Figure 1. Long exposure image of the side of an avalanche 
flowing down the side of a granular pile. A clear separation 
into fluid-like and solid-like regions is visible. (Courtesy of N. 
Taberlet and P. Richard, University of Rennes). 


side of a granular pile. The flow leaves behind a pile 
with a known surface angle, the angle of repose (Nagel, 
1992). Predicting the timing and extent of such partial 
fluidization is part of the current challenge of modeling 
dense granular flows. 

Once flowing, hydrodynamic equations may de- 
scribe the flow behavior (Losert et al., 2000), though 
velocity gradients on length scales of a few particle di- 
ameters can call the validity of continuum models with 
local equilibria into question. 

More dilute flows can be modeled as a system 
of hard spheres in which some energy is lost during 
each collision. Based on such a picture, kinetic 
theories of driven granular media have been developed, 
for example by Goldhirsch & Zanetti (1993). Since 
energy is continuously lost in collisions and must 
be added through gravity or shaking, granular flows 
are non-equilibrium driven, dissipative systems that 
exhibit interesting instabilities. One example is the 
clustering instability, in which a dilute system of 
particles can spontaneously develop localized, dense 
clusters (Goldhirsch & Zanetti, 1993). The basic 
mechanism for and clustering is that a local increase 
in particle density increases the number of collisions 
in that region, and, thus, slowing particles down and 
trapping them in the dense region. 


How Can Different Kinds of Particles be 

Mixed or Separated? 

During flow, mixtures of grains tend to spontaneously 
unmix (Shinbrot & Muzzio, 2000), as illustrated in 
Figure 2. The figure shows unmixing in a mixture 
of glass particles of three different sizes after several 
rotations in a half-filled horizontal cylinder. The 
phenomenology of granular unmixing is complex. In 
a horizontally rotating drum, for example, materials 
can segregate both radially and axially by size or 
by density. There is, to date, no simple model for 
unmixing, but a wealth of empirical experimental 
data and several simple physical mechanisms, such as 
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Side View 





End View 





Figure 2. Unmixing of grains of three different sizes in a rotating 
horizontal cylinder. After 5 min of rotation at 15 rpm, material is 
separated into axial and radial bands. Both a side view and end 
view of the cylinder are shown. 





Figure 3. Forces in a 2-dimensional assembly of disks sheared 
between concentric cylinders. The disks are birefringent and 
placed between crossed polarizers, so that only points subject to 
large forces are visible as bright regions. (Courtesy of B. Utter 
and R.P. Behringer, Duke University). 


percolation through voids, shear flows, and convection, 
all play some role in the unmixing process. 


How Are Forces Transmitted Through 

Granular Matter? 

In civil engineering, the mechanical behavior of 
granular matter is modeled by solid-like equations 
(Nedderman, 1992). Zooming in to the scale of 
grains, forces can only be transmitted at particle 
contacts, and only repulsive forces are permitted 
at each contact. This can lead to very inhomoge- 
neous force distributions and locally very large forces 
as is indeed seen, for example, in grain silos. Ex- 
periments with birefringent disks that highlight the 
location and magnitude of contact forces (Howell 
et al., 1999) have helped in our microscopic under- 
standing of the way forces are transmitted through gran- 
ular matter (Figure 3). Strong inhomogeneities in the 
force magnitude, anisotropies in the direction of stress 
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transmission, and large rearrangements in the force 
distribution, even for small changes in structure are 
observed. 

Two emerging concepts to explain the properties of 
such dense granular matter are jamming, the property 
of a system to get trapped in some intermediate state 
which may be generic to granular matter as well as 
thermal systems such as glasses, and the idea of stress 
chains, lines of particles that carry disproportionately 
large stress, as can be seen in Figure 3. 

To conclude, basic questions about granular matter 
remain. Granular matter encompasses different kinds 
of particles with many variables, such as the frictional 
properties of grain-grain or grain-boundary contacts, 
the deformability, surface roughness, polydispersity, 
and grain shape. It remains difficult to predict whether 
a particular granular parameter, such as the shape of 
individual grains will qualitatively alter flow, forces, 
or mixing behavior, and thus, has to be taken into 
account in modeling. While models for flow, forces, 
and segregation have been developed that agree with 
experimental data under various conditions, a broadly 
valid model of granular flow based on simple physical 
insights similar to the Navier-Stokes equation for fluids 
has so far proven elusive. Similarly, no consensus about 
the most suitable equation for granular solids has yet 
emerged, nor has a clear separation between the solid- 
like and liquid-like regime emerged. 

WOLFGANG LosERT 


See also Avalanches; Cluster coagulation; Dune 
formation; Sandpile model 


Further Reading 


Bak, P., Tang, C. & Wiesenfeld, K. 1987. Self-organized 
criticality: an explanation of the 1/f noise. Physical Review 
A, 59: 381-384 

Duran, J. 1997. Sands, Powders, and Grains: An Introduction 
to the Physics of Granular Materials, Berlin and New York: 
Springer 

Goldhirsch, I. & Zanetti, I. 1993. Clustering instability in 
dissipative gases. Physical Review Letters, 70: 1619-1622 

Howell, D.W., Veje, C.T. & Behringer, R.P. 1999. Stress 
fluctuations in a 2D granular couette experiment: a critical 
transition. Physical Review Letters, 82: 5241-5244 

Jaeger, H.M., Nagel, S.R. & Behringer, R.P. 1996. Reviews of 
Modern Physics, 68: 1259-1273 

Knight, J.B., Jaeger, H.M. & Nagel, S.R. 1993. Physical Review 
Letters, 70: 3728-3731 

Losert, W., Bocquet, L., Lubensky, T.C. & Gollub, J.P. 2000. 
Particle dynamics in sheared granular matter. Physical Review 
Letters, 85: 1428-1431 

Nagel, S.R. 1992. Instabilities in a sandpile. Reviews of Modern 
Physics, 64: 321—325 

Nedderman, R.M. 1992. Statics and Kinematics of Granular 
Materials, Cambridge and New York: Cambridge University 
Press 

Reynolds, O. 1885. On the dilatancy of media composed of rigid 
particles in contact. Philosophical Magazine, 20: 469 

Shinbrot, T. & Muzzio, F.J. 2000. Physics Today, March 25 


383 


GRAVITATIONAL WAVES 

In 1687, Newton published The Philosophiae Naturalis 
Principia Mathematica in which he first proposed 
his law of gravitation. According to this law, the 
gravitational force of attraction between two bodies 
is always proportional to their masses and inversely 
proportional to the square of their distance apart, and 
it acts instantaneously through infinite distance. Less 
than two and half centuries later, Newton’s theory was 
radically revised. 

According to Einstein’s general theory of relativity 
(published in 1913), gravitation is not a force of 
attraction but rather the force required to prevent the 
natural motion of matter, which is to follow a geodesic 
in space time. The geodesic or shortest path in four- 
dimensional space time describes a free-fall trajectory 
such as the motion of a planet around the sun. The space 
time is curved by the presence of matter or energy. The 
predictions of general relativity are very close to those 
of Newtonian theory as long as gravity is weak and 
velocities are slow, but they diverge in strong gravity 
due to two aspects of the theory. The first is the change in 
geometry due to the non-Euclidean properties of space 
time. The second stems from the nonlinear aspects 
of general relativity, which arise because gravitational 
energy is itself a source of curvature. 

Eight years prior to publishing his general relativity 
theory, Einstein published the special theory of 
relativity, which predicted that neither matter nor 
information could ever travel faster than the speed of 
light. This means that the curvature at a point generated 
by a mass at another point only achieves its value at a 
retarded time, a time set by the travel time for light 
between the two points. 

The general theory of relativity changed our vision of 
a Euclidean flat space that had been assumed since the 
days of Newton. In non-Euclidean space, the sum of the 
angles of a triangle does not equal 180° and the area of 
acircle is not always mr. Space time can be considered 
as an elastic membrane. The deformations are described 
by the Einstein curvature tensor G, while the sources 
of curvature (i.e., the mass-energy distribution) are 
described by the stress-energy tensor T. Einstein’s field 
equations are then expressed by the equation (Misner 
et al., 1973) 


cd 


T= : 
Ge 





(1) 


The constant c*/8nG (where c is the speed of 
light and G is Newton’s gravitational constant) is a 
very large number which can be considered as the 
“spring constant” of space time. Because it is so large, 
only very small curvatures are generated even by very 
large values of mass-energy distribution. A natural 
consequence of the membrane analogy is the existence 
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of waves; ripples in the curvature of the membrane 
which propagate through the membrane. This concept 
can also be deduced from Einstein’s field equations. 

Equation (1) is a set of ten nonlinear equations. 
Except in simplified situations, these equations are 
difficult to solve directly. Matter creates curvature 
and curvature influences the motion of matter. This 
mutual influence gives rise to nonlinear phenomena 
in gravitational wave propagation. Unlike the theory 
of electromagnetism, the theory of general relativity is 
intrinsically nonlinear. Since gravity is itself a source 
of curvature, there can be a gravitational interaction 
between gravitational waves. While gravitational wave 
signals are normally expected to be very small (and 
hence amenable to a linearized theory), at their 
sources, the nonlinear aspect of the theory makes 
prediction extremely difficult. The following list offers 
some examples of expected nonlinear phenomena in 
gravitational wave propagation: 


e For gravitational waves emerging from the birth of 
a black hole, the gravitational redshift of the waves 
reduces the total emitted energy. The mass-energy 
of the gravitational waves themselves constitute the 
redshift. 

e Like electromagnetic radiation, gravitational waves 
can undergo gravitational lensing. A mass in the 
path of the waves creates a background curvature. 
This curvature focuses the waves by modifying the 
wave front. This effect can enhance the intensity 
of dim sources. The gravitational lensing effect 
has successfully been observed for electromagnetic 
radiation. 

e A time-varying curvature can amplify waves. If 
a wave modulates the space curvature, a second 
incident wave will be amplified or its frequency 
shifted. An optical parametric oscillator represents 
the equivalent phenomena for optical radiation. 
Similar to the optical Kerr effect, a gravitational wave 
can interact with its own self-generated background 
curvature. In the early universe, it is predicted 
that gravitational waves from the Big Bang may 
have been parametrically amplified by the action of 
inflation. 

e A strong background curvature (e.g., from a black 
hole) can scatter a gravitational wave passing in its 
vicinity. 

Under gravitational wave astronomy, it may be pos- 
sible to find evidence of these predicted phenom- 
ena. The first indirect experimental proof of gravita- 
tional waves was provided in 1984 by Weisberg and 
Taylor. By studying the pulsar PSR 1913+16, they 
showed that the period of the pulsar around its com- 
panion star decreased exactly as predicted by the Ein- 
stein equations (Weisberg et al., 1981). A part of 
the pulsar orbital energy is converted to gravitational 
radiation. 
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The orbital parameters of binary stars are usually 
deduced from measurements of the Doppler shift 
of the radiated electromagnetic waves. According to 
Newtonian gravitational theory, the mass m, of the 
pulsar and the mass m2 of its companion cannot 
be determined with confidence. All results obtained 
are proportional to an unknown parameter: the sine 
(normally denoted sini) of the angle between the 
orbital plane and the line of sight. This parameter can 
be evaluated in the framework of general relativity. 
From this theory, five independent parameters (among 
them, the advance of the periastron (the point of closet 
approach of the two stars), the evolution of the period, or 
the Einstein parameter) which are functions of m, m2, 
and sini can be measured. The overdetermined system 
of five equations determines with an unprecedented 
accuracy (error less than 0.5%) the mass of the 
pulsar. Moreover, the compatible results from the five 
independent equations confirm the general theory of 
relativity in the strong field and radiative regime. This 
high-precision validation of general relativity indirectly 
implies that the velocity of gravitational waves is equal 
to the speed of light. 

Direct detection of gravitational waves on Earth is 
one of the most exciting challenges of today’s science. 
In the 1960s, Joseph Weber invented and developed 
the first gravitational wave detectors, consisting of 
large (about a ton) vibration-isolated cylinders of 
aluminium or niobium (Weber, 1960). The gravitational 
waves excite the longitudinal resonance in the cylinder, 
which behaves as an extremely low-loss mechanical 
oscillator. The motion of the cylinder is monitored 
to very high precision. Most of its motion is thermal 
vibration but the small effect of the gravitational waves 
appear as very small perturbations in the amplitude or 
phase of the vibration. The mechanical oscillations, 
converted into an electrical signal, are recorded and 
analyzed by sophisticated predictive filter algorithms. 
A worldwide network of five resonant bars still uses 
Weber’s technique (see Figure 1). 

A new generation of gravity-wave detectors is based 
on laser interferometry (Blair, 1991). Gravitational 
waves passing through a Michelson interferometer 
change the relative length difference between the two 
perpendicular arms of the interferometer. Thus the 
variation of the gravitational field can be converted 
to an optical phase variation. Due to the weakness of 
gravitational wave interaction with matter, the detectors 
must be able to measure a length variation of less than 
10-18 m, which is close to the quantum limit. Compared 
with the resonant bar, the interferometric devices 
exhibit a larger bandwidth and higher sensitivity. The 
sensitivity is limited by seismic and thermal noise at 
low frequency and photon-counting noise at higher 
frequency. 

Five international projects, similar to the example 
shown in Figure 2, are using long base interferometry 
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Figure 1. Photograph of the interior of Niobe, the resonant bar 
at the University of Western Australia. The bar is a one and half 
ton cylinder of niobium cooled to 5 K to limit the thermal noise. 





Figure 2. Aerial view of the French—Italian gravitational waves 
detector VIRGO near Pisa in Italy. On this photo, the two 
perpendicular 3 km vacuum pipes containing the arms of the 
interferometer are clearly distinct (Bradaschia et al., 1990) 
(Reproduced with permission from EGO). 


to detect gravitational waves. The network of, 
interferometers (situated in the United States, Europe, 
Japan, and Australia) will enable the localization of 
sources of gravitational radiation in space as well as 
determination of their polarization. By measuring the 
arrival time of the waves at different detectors, the speed 
of the gravity waves can be calculated. This speed could 
be influenced by two independent factors: a coupling of 
the wave with a strong curvature background (difficult 
to detect on Earth) and the possibility that the graviton, 
the particle associated with the gravitational waves, is 
not massless (Will, 1998). 

The direct detection of gravitational waves is 
expected to occur before 2012. This gravitational 
spectrum will open a new window to studying the 
universe, comparable to the revolution fathered by 
the invention of radio astronomy in the 1950s. The 
direct mapping of the gravity spectrum will broaden 
our knowledge about the universe, from the earliest 
moment of the Big Bang to the end of stars. 

JEROME DEGALLAIX AND DaviD BLAIR 


See also Einstein equations; General relativity 
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GRAVITY WAVES 


See Water waves 


GREEN’S FUNCTION 


See Boundary layer problems 


GREY SOLITON 
See Solitons, types of 


GROSS-PITAEVSKITI EQUATION 


See Nonlinear Schrédinger equations 


GROUP VELOCITY 


Waves often propagate as a packet, or group, within 
which there are several wave crests. A common 
illustration is given by the wave pattern formed when a 
stone is thrown into a pond. An axially symmetric ring 
of waves on the water surface propagates outwards as a 
wave group; within the group, however, one can see that 
the wave crests propagate through the group, apparently 
from the rear to the front. The speed of the wave crests, 
called the phase velocity, is different from that of the 
group as a whole, this speed being called the group 
velocity. For water waves, the phase velocity is greater 
than the group velocity, except for the very short waves 
dominated by surface tension. 

This important distinction between phase and group 
velocity arises in all physical systems which support 
waves. The concept of group velocity appears to 
have been first formulated by William Hamilton in 
1839 (quoted by Havelock, 1914). The first recorded 
observation of the group velocity of a (water) wave is 
due to John Scott Russell in 1844 (Russell, 1844) (note 
also his remark that “the sound of a cannon travels faster 
than the command to fire it” (Russell, 1885)). However, 
our present understanding of group velocity is usually 
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attributed to George Stokes, who used it as the topic of 
a Smith’s Prize examination paper in 1876. 

For simplicity, consider a linearized system, with a 
single spatial variable x and time represented by t. Then 
a sinusoidal wave has the representation, 


u(x,t) =acos(kx —ot+ @). (1) 


Here k is the wave number, w is the wave frequency, a is 
the constant amplitude, and ¢ is a constant phase. Thus, 
this sinusoidal wave has a wavelength A =2n/k and 
a wave period T = 2n/w. Equation (1) is a kinematic 
expression, valid for all physical systems which support 
waves. The dynamics of the system are governed by the 
dispersion relation 


@ = o(k), (2) 


defining the frequency as a function of wave number. 
The phase velocity c=a@/k is likewise a function of 
wavenumber. 

To obtain the group velocity, consider an argument 
first advanced by Stokes (1876) and later in more 
general form by Lord Rayleigh (1881). Form the linear 
superposition of two sinusoidal waves, each of the form 
(1) with frequencies w + Q, wave numbers k + K, and 
with equal amplitudes a and phases ¢ which can be 
written as 








u(x,t) = 2a cos (kx — wth) cos(Kx — Qt). (3) 


This expression can be viewed as a wave packet, or 
group, with a dominant wave number k and frequency 
q@, and with a group velocity of Q/K. Taking the 
limit K — 0, one sees that the group velocity is 
given by 


dw 
“ek? 4) 
which can be obtained by differentiation of the disper- 
sion relation (2). 

A more general argument that links the origin 
of a wave packet to initial conditions uses Fourier 
superposition to represent the solution of an initial- 
value problem in the form 


u(x,t) = / F (k) exp (i(kx — wt)) dk + c.c., (5) 


—oo 


where F(k) is the Fourier transform of u(x, 0) 
and c.c. stands for complex conjugate. Thus, the 
initial conditions determine the Fourier transform, 
each component of which evolves independently 
with frequency w related to the wave number k 
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through the dispersion relation (2). To obtain a wave 
packet, we suppose that the initial conditions are 
such that F(k) has a dominant component centered 
at k=kg. The dispersion relation is then approxi- 
mated by 





@ = a9 + by (k — ko) + bo(k — ko)”, (6) 
where 

» = wee . pa ive (7) 

egy er ee = Fae 


Here, both bj, bz are evaluated at k = ko. Expression 
(5) then becomes 


u(x,t) © A(x, t) exp (i(kox —@ot))+ec., (8) 
where 


A(x, t) = if F (ko + «) exp [i(k (x — cgt)) 


—0o 
—ibok?t] dk, (9) 


where the variable of integration has been changed 
from k to k=k — kg. Here, the sinusoidal factor 
exp (i(kox — wot)) is a carrier wave with a phase ve- 
locity wo/ko, while the (complex) amplitude A(x, t) 
describes the wave packet. Since the term proportional 
to x? in the exponent in (9) is a small correction term, 
it can be seen that to the leading order, the amplitude A 
propagates with the group velocity cg, while the afore- 
mentioned small correction term gives a dispersive cor- 
rection term proportional to t~!/?. Indeed, it can be 
shown that as t > oo 


In \ 1/2 170) 
A(x, D)|x=cgt ~ F (ko) ar exp sign b2 F 
(10) 


This same result can be obtained directly from (5) by 
using the method of stationary phase, valid here in the 
limit when t — oo (see, for instance, Lighthill, 1978); 
In this case, it is not necessary to also assume that F (k) 
is centered at kg, and so wave packets are the generic 
long-time outcome of initial-value problems. 

It is useful to note that the group velocity appears 
naturally in the kinematic theory of waves (Lighthill, 
1978; Whitham, 1974). Thus, let the wave field be 
defined asymptotically by 


u(x,t) ~ A(x, ft) exp (iO(x, t)) + c.c., (11) 


where A(x, f) is the (complex) wave amplitude, and 
@(x,t) is the phase, which is assumed to be rapidly 
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varying compared with the amplitude. Then it is natural 
to define the local wave frequency and wave number by 


a0 00 
_, k= —. (12) 
ot Ox 

Note that expression (10) has the required form 
(11). Then cross-differentiation leads to the kinematic 
equation for the conservation of waves, 


ok a 

BS oh Seg (13) 

ot Ox 
But now, if we suppose the dispersion relation (2) holds 


for the frequency and wave number defined by (12), 
then we readily obtain 


— + cg— =0 (14) 


with a similar equation for the frequency. Thus, both the 
wave number and frequency propagate with the group 
velocity, a fact that can also be seen in (10). Equation 
(14) is itself a simple wave equation, which can be 
readily integrated by the method of characteristics, or 
rays. It is important to note that the group velocity cg 
is a function of k, so that (14) is a nonlinear equation. 

Next, suppose that the physical system contains 
several spatial variables, represented by the vector x. 
Then the phase variable (kx — wt) in (1, 5) is replaced 
by (kK - x — ot), where k is the vector wave number. 
The dispersion relation (2) is replaced by 


@=(k). (15) 


The phase velocity is now a vector (c), has a magnitude 
@/|k|, and is in the direction of k, and the definition of 
group velocity, replacing (4), is 


Cy = Vpo. (16) 


Thus, the group velocity can differ from the phase 
velocity in both magnitude and direction. A striking 
example of the latter arises for internal waves, whose 
group velocity is perpendicular to the phase velocity 
(see Lighthill, 1978). 

Since the group velocity is the velocity of the wave 
packet as a whole, it is no surprise to find that it can 
also be identified with energy propagation. Indeed, it 
can be shown that in most linearized physical systems, 
an equation of the following form can be derived: 


JE 
7 + eE) =0, (17) 
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where F is the wave action density, and is proportional 
to the square of the wave amplitude | A|, with the factor 
being a function of the wavenumber k. Typically, the 
wave action is just the wave energy density divided by 
the frequency, at least in inertial frames of reference. 

So far the discussion has remained within the realm 
of linearized theory, and it remains to mention the 
consequences of nonlinearity. Analogous definitions 
and concepts can be developed, and at least for weakly 
nonlinear waves, the main outcome is that a dependence 
on wave amplitude (more strictly, on |A|?) appears in 
the dispersion relation. This has the consequence that 
the phase and group velocities both inherit a weak 
dependence on the wave amplitude. It can be shown that 
at least within the confines of weakly nonlinear theory, 
in the case of just a single active spatial dimension, the 
complex wave amplitude A is governed by the nonlinear 
Schrédinger (NLS) equation, 


(dA aA a7A r 
i + by + plA|-A=0. (18) 





| Px ax2 


Here recall that b2 is defined in (7), and yz is a nonlinear 
coefficient which is system-dependent. 

If A is assumed to depend only on ¢ then Equation 
(18) has the plane wave solution 


A= Agexp (i Aol"t), (19) 


which shows that the nonlinear coefficient jz has the 
physical interpretation that —j|Ao|? is the nonlinear 
correction to the wave frequency. It can be shown 
that this plane wave is stable (unstable) according as 
[bz < (> )0 (see Whitham, 1974). In the unstable case, 
jLb2 > 0, a perturbed plane wave will evolve into one 
or more solitons, where the soliton family is given by 
(see Zakharov and Shabat, 1972), 


A(x, ft) = wexp (—ipa?t)sech(ya(x — Cgt — x9)), 


2 tad 


=F (20) 


where y 
Here, xo is a phase constant determining the location 
of the soliton at t=0, and the amplitude a is a free 
parameter. In linear theory, the wave packet profile 
is determined by the initial conditions, whereas the 
influence of even weak nonlinearity, when it is balanced 
by weak dispersion, results in the generic sech profile. 

RoGER GRIMSHAW 


See also Modulated waves; Nonlinear Schrédinger 
equations; Wave packets, linear and nonlinear 
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GROWTH PATTERNS 


Patterns are ubiquitous in nature. They can range from 
the broad stripes on a zebra, to the intricate design of 
a snowflake, to the rib patterns on a saguaro cactus. 
The idea that naturally occurring patterns might have 
some underlying and universal governing mathemati- 
cal structure has long been a source of fascination to 
researchers. The study of biological patterns was pio- 
neered by D’Arcy Thompson in his landmark treatise 
On Growth and Form (Thompson, 1942). This was fol- 
lowed by a notable contribution by the mathematician 
(and Enigma code breaker) Alan Turing in a now fa- 
mous paper “The Chemical Basis of Morphogenesis” 
(Turing, 1952). A more contemporary account of many 
biological patterns and their mathematical modeling 
is given in James D. Murray’s textbook Mathematical 
Biology (Murray, 2003). But to what extent are pat- 
terns universal? Are there any connections among the 
three examples cited above? Inevitably, the underlying 
physical and biological processes governing a particu- 
lar pattern-forming process can be very different, even 
if the topology of the resultant patterns and certain “de- 
fects” in those patterns look very similar. In some cases, 
different governing physical processes end up having 
essentially the same mathematical formulation, and in 
these cases, commonality of pattern structure is less 
surprising. 

Here, we will concentrate on two physical pattern- 
forming systems that are popular topics of contempo- 
rary research in condensed-matter physics, namely, the 
fingering patterns at the interface of fluid mixtures and 
formation of dendritic crystals in solidification. Some 
of the patterns seen in these two systems are also seen 
in growing bacterial colonies. 


The Hele-Shaw Cell: Fluid Fingering 


This classic problem was first studied at the end 
of the 19th century, but even to this day there are 
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Figure 1. Three different types of growth patterns: (a) 
Hele-Shaw fingers; (b) dendritic crystals; (c) Bacillus substilis 
bacterial colonies. 


still unresolved issues relating to the stability of the 
patterns exhibited. The experimental setup is relatively 
simple, consisting merely of a thin film of fluid 
sandwiched between two glass plates into which air 
(or another fluid) is pumped. As the air is pumped 
into the fluid film, one might imagine that it simply 
forms an expanding circular planar bubble. Initially 
this appears to be the case, but the circular perimeter 
rapidly becomes wavy and these “waves” then grow 
into long finger-like structures which, in turn can split 
or side branch forming highly complicated patterns. A 
typical pattern is shown in Figure la. The physical 
principles governing the growing air-fluid interface 
are well understood. The key idea is that the normal 
velocity of the air-fluid boundary (i.e., the velocity in 
the direction normal to each point of the interface) 
is governed by the gradient of the pressure across 
the interface. Because the fluid layer is so thin, the 
equations of fluid mechanics are greatly simplified, and 
one ends up with governing equations of the form 


V°p = 0, (a) 
2 

Un = Tap?) “n, (2) 

Aplag = ok. (3) 


The first equation, in which p= p(x, y) denotes the 
pressure, is a statement of the incompressibility of 
the fluid. In the second equation, u, denotes the 
normal velocity (in the normal direction n) of the 
interface. This is determined by the pressure gradient, 
the thickness of the fluid film b, and the fluid viscosity 
j. The third equation describes the pressure jump Ap 
across the air-fluid interface 0Q, and this depends on 
the surface tension o and the interface curvature « (the 
Young—Laplace law). Unlike more standard systems 
of partial differential equations in which the equation 
and boundary conditions are specified, the solution 
to this problem involves finding the boundary, dQ, 
itself. This is an example of a Stefan problem. At first 
sight the equations might look linear, but the coupling 
to the boundary dynamics makes them effectively 
highly nonlinear. Finding an exact solution of these 
equations is very difficult. A standard “linear stability” 
analysis is relatively straightforward and can explain 
why the initial circular air-fluid interface becomes 
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wavy. But beyond this, finding solutions for the finger- 
like structures, let alone fingers whose tips split, is 
(still) a difficult problem. A pioneering early study 
of the Hele-Shaw cell is due to Philip Saffman and 
Geoffrey Taylor (1958), and many hundreds of papers 
have been published on the problem in subsequent 
years. 


Solidification and Dendritic Crystal Growth 


At first sight this seems like a very different 
process. Cooling a drop of a molten substance (or a 
supersaturated salt solution) can produce very striking 
needle crystals that grow with approximately constant 
velocity and develop side branches. A typical pattern is 
shown in Figure 1b. Many questions come to mind: why 
do finger-like structures form; what determines their 
propagation speed; why do they form side branches; and 
is there any connection with the finger-like structures 
seen in the Hele-Shaw cell? Before addressing these 
questions it is worth noting that historically the study of 
dendritic growth had its origins in metallurgical studies 
associated with the casting of canons. It was discovered 
that during the casting process the solidifying metal 
developed a crystalline structure that could weaken the 
canon—to the point of its shattering when it was fired! 

The physical process determining the growth of 
the solid phase is that of cooling, with the rate of 
cooling being determined by the rate at which heat can 
diffuse away from the solid-melt interface. The speed at 
which the the solid front advances is determined by the 
temperature gradient across the interface. Using these 
basic principles, the governing equations are found to 
be 


OF Ses 
op > VT, (4) 
un = —a(VT).n, (5) 
Tlan = Tm — Bk. (6) 


Here, the first equation is just the diffusion equation 
for the temperature field T. The second equation for 
the normal velocity, uv», of the solidification front is 
exactly analogous to the one for the Hele-Shaw cell. 
The third equation expresses the temperature drop at 
the solid-melt interface 0 Q in which the normal melting 
temperature Ty, is corrected by subtle effects related 
to the curvature of the interface (the Gibbs-Thompson 
effect). In more sophisticated theories, there is an 
additional correction proportional to the velocity of the 
moving front itself. Here, w and 6 are certain parameters 
reflecting the physical properties of the crystalizing 
substance. Thus, despite the very different physics, the 
mathematical description of the Hele-Shaw cell and a 
solidifying melt are almost identical Stefan problems. 
Again, solving the equations is difficult. Apart from 
a linear stability analysis (leading to the so-called 
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Mullins—Sekerka instability criterion (Langer 1980)), 
solutions for the dendritic structures and a description 
of the side-branching structure in particular are very 
difficult. A classic review of dendritic growth is Langer 
(1980) and a more recent textbook is Davis (2001). 


Other Pattern-Forming Systems 


The formulation of the above problems indicates that 
two quantities appear to play a key role: the gradient of 
a field variable (pressure or temperature in the above 
examples) that drives the evolution of the pattern, and 
curvature of the interface (Pelcé, 1988; Ben-Jacob & 
Garik, 1990). In fact, these two quantities also play 
important roles in other pattern-forming systems. In 
almost every problem whose pattern is in the form of a 
propagating front or interface (another classic example 
is flame propagation), the curvature, and the parameter 
that multiplies it (e.g., surface tension in the case of the 
Hele-Shaw cell), plays an important role in determining 
the basic pattern wavelength. 

In the introduction, we cited bacterial colony 
formation as another example of a pattern-forming 
system. A typical pattern, of a colony of Bacillus 
subtilis on an agar plate, is shown in Figure 1c. What 
drives the formation of these patterns? A fundamental 
concept is that of chemotaxis, namely, the response of 
the organisms to a concentration gradient. Thus, flux 
of cells in a medium is typically determined by the 
nutrient gradient. This principle enables one to write 
down systems of coupled diffusion and hydrodynamic 
equations for the concentration of cells responding to 
the nutrient gradient, and for the nutrient concentration 
itself, which is clearly going to be depleted in regions 
of high cell concentration. The ensuing nonlinear 
feedback between these quantities can lead to a rich, 
and much-studied, pattern structure (Lega & Passot, 
2003). 
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Flame front; Hele-Shaw cell; Navier-Stokes equa- 
tion; Pattern formation; Turing patterns 
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See Quantum theory 





HAMILTONIAN SYSTEMS 


A system of 2n, first order, ordinary differential 
07 


equations 
+9) 


2=JIVHG,t), J ( 

is a Hamiltonian system with n degrees of freedom. 
(When this system is non-autonomous, it has n + 1/2 
degrees of freedom.) Here H is the Hamiltonian, a 
smooth scalar function of the extended phase space 
variables z and time t; the 2n x 2n matrix J is called 
the “Poisson matrix”; and / is then x n identity matrix. 
The equations naturally split into two sets ofn equations 
for canonically conjugate variables, z=(q, p), as 
follows. 


qd) 


q=90H/dp, p= -—dH/dq. 

Here the n coordinates q represent the configuration 
variables of the system (positions of the component 
parts), and their canonically conjugate momenta p 
represent the impetus associated with movement. 
These equations generalize Newton’s second law: 
F =ma=dp/dt, to systems (like particles in magnetic 
fields, or motion in non-inertial reference frames) 
where the momentum is not simply mass times 
velocity. The Hamiltonian usually represents the total 
energy of the system; thus, if H(g, p) does not 
depend explicitly upon ¢, then its value is invariant, 
and Equations (1) are a conservative system. More 
generally, however, Hamiltonian systems need not be 
conservative. 

William Rowan Hamilton first gave this refor- 
mulation of Lagrangian dynamics in 1834 (Hamil- 
ton, 1835). However, Hamiltonian dynamics is much 
more than just a reformulation. It leads, for ex- 
ample, to Henri Poincaré’s geometrical insight that 
gave rise to symplectic geometry, and it provides 
a compact notation in which the concept of inte- 
grability is most naturally expressed and in which 
perturbation theory can be efficiently carried out. 
Moreover, nearly integrable Hamiltonian systems ex- 
hibit a remarkable stability expressed by the famous 
results of Kolmogorov—Arnol’d—Moser (KAM) the- 
ory and also Nekhoroshev theory. The Hamiltonian 
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formulation also provides the foundation of both 
statistical and quantum mechanics. 

Importantly, virtually all of the dynamical laws 
of physics—from the motion of a point particle to 
the interaction of complex quantum fields—have a 
formulation based on Equations (1). For example, 
frictionless mechanical systems are described by a 
Hamiltonian H(qg, p) = K(p)+ V(q), where K is the 
kinetic energy (which is often quadratic in p) and V 
is the potential energy. For example, an ideal planar 
pendulum consists of a point particle of mass m attached 
to a massless rigid rod of length L whose other end is 
attached to a frictionless pivot. The most convenient 
configuration variable for the pendulum is g =0, the 
angle of the rod from the vertical. The gravitational 
potential energy of the system is then V = —mgL cos0, 
and its kinetic energy is K = p?/(2mL”), where p is 
the angular momentum about the pivot. For this case 
Equations (1) become 

. OH Dp : oH 
6 oP 
dp mL? aq 

The point (0,0) is a stable (elliptic) equilibrium 
corresponding to the pendulum hanging down, at rest. 
The point (+70) is also an equilibrium but is an 
unstable (saddle) point. The unstable eigenvector of 
the saddle is the beginning of the unstable manifold, 
W", a trajectory that is backwards asymptotic to 
the saddle. By energy conservation, the unstable 
manifold corresponds to a branch of the energy 
contour E =mgL, which again joins the saddle point 
(after the pendulum has undergone one full rotation). 
Thus, this trajectory is forward asymptotic to the 
saddle as well; that is, it lies on the stable manifold, 
WS, of the saddle. Orbits of this kind are called 
homoclinic. In this case the homoclinic orbit separates 
the trajectories oscillating about the elliptic equilibrium 
from those in which the pendulum undergoes complete 
rotations, thus it is called a separatrix. Orbits near 
the elliptic equilibrium oscillate with the frequency 
of the linearized, harmonic oscillator, w = ./g/L. The 
frequency of oscillation decreases monotonically as the 
amplitude increases, approaching zero logarithmically 














mgLsin@. (2) 
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at the separatrix. The frequency of rotation of the 
solution grows again from zero as the energy is further 
increased. 


Canonical Structure 


The geometrical structure of Hamiltonian systems 
arises from the preservation of the loop action, defined 
by 


Aly] = $ pdq—Hdt, (3) 
3 


where y is any closed loop in (q, p,t)-space. A 
consequence of Equations (1) is that if each point on a 
loop yo is evolved with the flow to obtain a new loop 
Yr, then A[ yo] = Aly]: the loop action is known as the 
Poincaré invariant. 

The Hamiltonian form of Equations (1) is not 
preserved under an arbitrary coordinate transformation 
(unlike the Euler-Lagrange equations for a Lagrangian 
system). A canonical transformation (q, p) > (q’, p’) 
preserves the form of the Equations (1). Canonical 
transformations can be obtained by requiring that the 
Poincaré invariant of Equation (3) be the same in the 
new coordinate system, or locally that 


(p' dq’ 


is the total differential of a function F. If F is 
represented as a function of a selection of half of 
the variables (q, p) and the complementary half of 
(q’, p’), it is a “generating” function for the canonical 
transformation. For example, a function F(q,q’,t) 
implicitly generates a canonical transformation through 





H' dt) — (pdq — Hdt) =dF 


_ OF ,_ OF 
fa Pe 
OF 
H'(q', p',t) = Hq, p.t) — >. (4) 


In order that this transformation be well defined, the 
first equation must be inverted to find g’(q, p); this 
requires that the matrix 9 F/dq9q’ be nonsingular. An 
autonomous canonical transformation is also called a 
symplectic map. Canonical transformations are often 
employed to simplify the equations of motion. For 
example, Hamilton’s equations are especially simple 
if the new Hamiltonian is a function of only the 
momentum variables, H’(p’). If we can find a 
transformation to such a coordinate system then the 
system is said to be integrable. In general, such 
transformations do not exist; one of the consequences 
is chaotic motion. 


Integrability 


Loosely speaking, a set of differential equations is 
integrable if it can be explicitly solved for arbitrary 
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initial conditions (Zakharov, 1991). The explicit 
solution, when inverted, yields the initial conditions 
as invariant functions along the orbits of a system— 
the initial conditions are constants of motion. A 
Hamiltonian H (q, p) is said to be Liouville integrable 
if it can be transformed to a canonical coordinate system 
in which it depends only on new momenta. When the 
energy surfaces are compact and the new momenta 
are everywhere independent, Arnol’d showed that it is 
always possible to choose the momentum variables so 
that their conjugate configuration variables are periodic 
angles ranging from 0 to 2m (Arnol’d, 1989). These 
coordinates are called action-angle variables, denoted 
(0, J). 

As the Hamiltonian is a function only of the 
actions, H(7), Equation (1) becomes 7 =0, and 
6=Q2(J)= dH/d7. A system is anharmonic when 
the frequency vector Q has a nontrivial dependence on 
J.Thus, for an integrable system, motion occurs on the 
n-dimensional tori 7 = constant. Orbits helically wind 
around the torus with frequencies Q that depend upon 
the torus chosen. When the frequency is nonresonant 
(there is no integer vector m for which m - Q = 0), then 
the motion is dense on the torus. 

Any one degree-of-freedom, autonomous Hamilto- 
nian system is locally integrable. A Hamiltonian with 
more than one degree of freedom, such as pendulum 
with an oscillating support, is typically not integrable. 
Systems that are separable into non-interacting parts 
are integrable, and there are also a number of classi- 
cal integrable systems with arbitrarily many degrees of 
freedom. These include the elliptical billiard, the rigid 
body in free space, the Neumann problem of the mo- 
tion of a particle on a sphere in a quadratic potential, the 
Toda lattice, and the Calogero—Moser lattice (Arnol’d, 
1988). 


Hamiltonian Chaos 


The problem of understanding the motion of a slightly 
perturbed integrable system originated with the desire 
to understand the motion of the planets. The Kepler 
problem corresponding to the gravitational interaction 
of two spherical bodies is integrable; however, once 
other effects (such as the mutual forces among planets) 
are included, there appear to be no general, explicit 
solutions. Poincaré in particular addressed the question 
of the stability of the solar system, finally realizing 
that the convergence of perturbation series for the 
solutions could not be guaranteed and discovering 
the phenomenon of transverse homoclinic intersections 
that is a harbinger of chaos (Poincaré, 1892). 
Consider the problem 


HO, 7) = HJ) +eM6,7)+---, 


where the perturbation H; depends periodically on the 
angles and can be expanded in a Fourier series. When 


HAMILTONIAN SYSTEMS 


Q(Z) is nonresonant, a formal sequence of canonical 
transformations can be constructed to find a set of 
coordinates in which H is independent of the angle. 
The problem is the occurrence of denominators in 
the coefficients proportional to resonance conditions 
m-Q (J) for integer vectors m. Even for actions 
where the frequencies are incommensurate, it is 
always possible to make m - Q(.7) arbitrarily small by 
choosing large enough integers m. Thus, a priori bounds 
on the convergence fail. This is called the problem of 
small denominators. 

Chirikov realized that small denominators signal the 
creation of topologically distinct regions of motion 
(Chirikov, 1979; MacKay & Meiss, 1987). Near a 
typical resonance, one can use averaging methods to 
approximate the motion by an integrable pendulum- 
like Hamiltonian, effectively discarding all of the terms 
in H, except for those that are commensurate with 
the resonance, that is, the Fourier modes H»,(7) with 
m - 2 = 0. Thus, orbits near to a resonance are trapped 
in an effective potential well. The domain of the trapped 
motion has the width in action of the corresponding 
pendulum separatrix; it is typically proportional to the 
square root of the mth Fourier amplitude of H). If 
we can treat the resonances independently, then each 
gives rise to a corresponding separatrix. However, as the 
perturbation amplitude grows, this approximation must 
break down as it predicts the overlap of neighboring 
separatrices. In 1959, Chirikov proposed this resonance 
overlap condition as an estimate of the onset of global 
chaos. Renormalization theory gives a more precise 
criterion (See Standard map). 

This picture, together with the fact that rational 
numbers are dense, leads to the expectation that none of 
the invariant tori of an integrable system persist when 
it is perturbed with an arbitrarily small perturbation. 
Surprisingly, the Fermi—Pasta—Ulam computational 
experiment in 1955 (Fermi et al., 1965; Weissert, 
1997) failed to find this behavior. Indeed, KAM theory, 
initiated by Andrei Kolmogorov in the 1950s and 
developed in the 1960s by Vladimir Arnol’d and Jiirgen 
Moser, proves persistence of most of the invariant tori 
(de la Llave, 2001; Péschel, 2001). This holds when the 
perturbation is small enough, provided that the system 
satisfies an anharmonicity or nondegeneracy condition, 
it is sufficiently differentiable, and the frequency of 
the torus is sufficiently irrational. The irrationality 
condition is that |m-Q|>c/|m|* for all nonzero 
integer vectors m and some c >0 and t > 1; this is 
a Diophantine condition. Each of these conditions 
is essential, though some systems (such as the solar 
system for which the frequencies are degenerate) can 
be reformulated so that KAM theory applies. 

Resonant tori and tori whose frequencies are 
nearly commensurate lie between the Diophantine 
tori. Generally, these tori are destroyed by a small 
perturbation and either form new, secondary tori 
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trapped in a resonance or are replaced by a zone of 
chaotic motion that is found in the neighborhood of 
the stable and unstable manifolds of the resonance. 
These generically intersect and give rise to a 
homoclinic tangle or trellis that contains a Smale 
horseshoe. In the case that the Hamiltonian is 
analytic, the size of the chaotic region is exponentially 
small in ¢ and, thus, can be difficult to detect 
(Gelfreich & Lazutkin, 2001). 

For small perturbations of an integrable Hamilto- 
nian, it remains an open problem to show that a nonzero 
volume of initial conditions behaves chaotically, in the 
sense that they have positive Lyapunov exponents. Nu- 
merical investigations indicate that orbits in the chaotic 
zones do have positive Lyapunov exponents, and that 
these domains form a “fat fractal” (a fractal with pos- 
itive measure). There are also many examples of uni- 
formly hyperbolic dynamics (especially for the case 
of billiards (Bunimovich, 1989)) which can also have 
properties such as mixing and ergodicity. 

The problem of the nonlinear stability of a typical 
system is also open (See Symplectic maps). However, 
N.N. Nekhoroshev showed in 1977 that for an analytic 
system, the actions drift very little for very long times 
(at most by an amount that is proportional to a power 
of ¢ for times that are exponentially long in ¢ (Lochak, 
1993; Péschel, 1993)). Thus, while it is possible that 
a KAM torus is unstable, for most practical purposes, 
they appear to be stable. 


Generalizations 

Many partial differential equations (PDEs) also have 
a Hamiltonian structure. For a PDE with independent 
variables (x, t), the canonical variables are replaced by 
fields (q(x, t), p(x, t)) and the partial derivatives in (1) 
by functional or Frechét derivatives, so that 


dq 6H dp 6H 
ar bq 











The Hamiltonian functional H is the integral of an 
energy density. For example, the wave equation has 
the Hamiltonian H[q, p] = f dx} (p? + c?(8xq)?). 
Other nonlinear wave equations such as the inte- 
grable nonlinear Schrédinger, Korteweg-de Vries, 
and sine-Gordon equations also have Hamiltonian 
formulations. 


James D. MEIss 


See also Adiabatic invariants; Chaotic dynamics; 
Constants of motion and conservation laws; Er- 
godic theory; Euler-Lagrange equations; Fermi- 
Pasta—Ulam oscillator chain; Hénon-Heiles system; 
Horseshoes and hyperbolicity in dynamical systems; 
Lyapunov exponents; Mel’nikov method; Pendu- 
lum; Phase space; Poisson brackets; Standard map; 
Symplectic maps; Toda lattice 
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HARMONIC GENERATION 


Harmonic generation is the phenomenon whereby new 
frequency components of a wave are created upon 
interaction with a nonlinear medium. The concept 
of a harmonic frequency is familiar to anyone with 
a basic knowledge of music: two notes whose 
frequencies form a ratio of small whole numbers 
(e.g., 2:1, 3:2, 5:4) produce a sound that is pleasing 
or “harmonious” compared with two notes with 
incommensurate frequencies. More generally, any 
periodic function f(t+T)= (f(t) can be written 
as an infinite Fourier series containing the first 
harmonic (fundamental frequency) w=2n/T, the 
second harmonic, and higher harmonic frequencies 


HARMONIC GENERATION 


Om =mMw: 
foe} 
FO) = DE emetont. (1) 
m=—OO 

The function f(t) could represent the displacement 
of a guitar string, the amplitude of a wave in the ocean, 
or the electric field strength of a radio wave or a beam of 
light. If f satisfies a linear dynamic equation, then the 
principle of superposition holds, and no energy can be 
exchanged among the different Fourier coefficients c,,. 
Under nonlinear dynamics, however, the coefficients cj, 
are coupled to each other, and energy can be transferred 
back and forth among them. 

Harmonic generation refers to the case in which 
energy originally at frequency w generates a new wave 
component at a harmonic frequency w,,. A closely 
related phenomenon is that of parametric amplification, 
in which a frequency w,, provides the energy source to 
amplify a signal at a related frequency @,’. 

In optics, harmonic generation is based upon the 
nonlinear response of some medium to electromagnetic 
radiation at optical frequencies. The origin of harmonic 
generation is related to Theodore Maiman’s invention 
of the ruby laser in 1960. Exploiting the high intensities 
and the coherency properties of the newly available 
laser output, in 1961 Peter Franken and his colleagues 
used the nonlinear polarization response of crystal 
quartz to produce second-harmonic light at a free-space 
wavelength of 347nm from the ruby laser output at 
694 nm, marking the birth of nonlinear optics. 

By the late 1960s, lithium niobate (LiNbO3) 
had emerged as the nonlinear crystal of choice for 
parametric amplification and harmonic generation. 
Much of the work taking place in the following 
decades was dedicated to improving the efficiency 
of the generation of harmonics, either by finding 
materials with better properties (higher transparency, 
stronger nonlinearity, etc.) or by aiding the energy 
transfer through phase matching the various waves 
involved in the process. More recently, improvements in 
material processing have made possible the technique 
of quasi-phase-matching (QPM), in which better phase 
matching is achieved through the engineering of 
a spatial variation of the nonlinear coefficient of 
the medium. In contrast to previous phase-matching 
techniques, QPM allows a wide, continuous range of 
frequencies to be coupled to their harmonics without 
imposing constraints on the orientation of the crystal; 
the orientation can then be chosen to maximize 
the nonlinear coefficient seen by the fundamental 
frequency and its harmonic as they pass through the 
crystal. 

In optics, harmonic generation is often used to 
convert energy from one frequency band to another. 
The generated frequency may be more suitable for 
telecommunications or spectroscopy, for example, and 
may be in a region of the electromagnetic spectrum 


Descoperirea din Masivul Bucegi, din August 2003 - cea mai mare descoperire de 
pe Planeta si cea mai mare descoperire din toate timpurile! 


Gorespondentalintre:Sfinxul din) Bucegi,; Babele 
Siestructurastuneluluidin: interior 


ir ; 
2S ES 





HARMONIC GENERATION 


that is not directly available from high-powered 
lasers. The generation of a harmonic might also be 
a way of obtaining a coherent copy of an optical 
pulse, where the copy can be compressed, broadened, 
chirped, squeezed, or simply measured to determine 
the properties of the original pulse. Depending on the 
type of physical process involved and the particular 
application considered, one refers to the relevant 
phenomena as second-harmonic generation, sum- or 
difference-frequency generation, optical parametric 
generation, or optical parametric oscillation. 

The canonical example for studying harmonic 
generation is an anharmonic oscillator, which can 
be taken as a simplified model of coherent light 
propagating through a nonlinear medium. In optics, the 
nonlinearity can arise due to the material polarization 
(electronic response) of the medium, or due to a 
coupling between the light and lattice vibrations 
in the medium (optical phonons). Referring to the 
former phenomenon, the polarization response can 
be expanded in a power series of the applied field, where 
the coefficients, the nonlinear susceptibility tensors 
of the material, can be obtained through quantum- 
mechanical calculations. In general, the quadratic 
polarization of a medium will be its leading order 
nonlinear response unless symmetries of the medium 
rule it out. In this case, one can then reduce Maxwell’s 
equations to the nonlinear wave equation 


PE nave x? (ke?) 
az? c2 at2 2 at?” 





(2) 


where n is the refractive index of light in the 
medium, c is the speed of light, and E(z,t) is the 
electromagnetic field strength which depends on a 
longitudinal dimension z and on time ¢. 

The nonlinear susceptibility x2) characterizes the 
quadratic response of the medium to an incident field, 
where the linear susceptibility has been included in 
the definition of the refractive index n. To observe the 
exchange of energy between two frequencies @ and w 
mediated by this nonlinearity, the Fourier expansion of 
Equation (1) can be augmented as 


EG Hacer) +a@er ce, Gh 


where “c.c.” denotes the complex conjugate, 0; (z, t) = 
kjZ—q@jt is a rapidly varying optical phase, and 
kj; =nqj/c is the linear wave number. Under the 
assumption that the coefficients c;(z) vary much more 
slowly in z than the optical phase (slowly varying 
envelope approximation), substituting Equation (3) into 
Equation (2) gives 
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where 


i(—01 +62) 
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+ 2c; cpel it) + Jey]? + Joo|? te.c. (5) 


In order for the terms on the right of Equation (4) 
to contribute significantly to the growth of c;(z) or 
c2(z) on the left, the rapid phase rotations given by the 
exponentials must resonate, which occurs if 02 = 26), 
or @2 = 2a. The resulting equations will then be 


(2) 
1M| Aus: 
c\(z) = —_ chegel®, (6a) 
i (2) 
iw Sees 
(2) = wai iAkz (6b) 


The phase mismatch term Ak =k, — 2k arises from 
a more careful calculation that takes into account 
that the medium’s linear susceptibility (and therefore 
the refractive index n) is a function of frequency w; 
thus, it is not generally true that w2=2q@, implies 
ky =2ky. 

Equations (6) can be solved exactly, but it is more 
instructive to consider the quantities that are invariant 
in this system of equations. These invariants reflect 
physical quantities that are conserved during the mixing 
process (called Manley—Rowe invariants): 


1 
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The first of these, Jo, is the total irradiance, or 
incident optical power per unit of surface area. That 
Io is invariant follows from conservation of energy, 
which is to be expected given that no absorption has 
been accounted for here in the linear susceptibility. 
The quantity 7; sums the irradiance from the two 
frequencies, dividing each by the energy of a single 
photon at the respective frequency (Ej = hw;) before 
summing. The invariance of Jy, therefore, reflects a 
law of conservation of photon flux, as the destruction 
of two photons at the fundamental frequency w; must 
bring about the creation of a single photon at the second 
harmonic, w2 = 2a. 

In the spectroscopy of molecular crystals, the 
fundamental frequency of a vibrating mode sometimes 
lies close to an overtone or combination of other 
mode frequencies, whereupon both frequencies are 
pushed away from each another. In such a case, 
the overtone or combination band borrows intensity 
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from the fundamental in a phenomenon called Fermi 
resonance. 
RICHARD O. Moore AND GINO BIONDINI 


See also Frequency doubling; Manley—Rowe rela- 
tions; Nonlinear optics; Parametric amplification 
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HARMONIC OSCILLATORS 


See Damped-driven anharmonic oscillator 


HARTREE APPROXIMATION 


In the quantum-mechanical treatment of a system with 
many degrees of freedom, the Hartree approximation 
writes the multidimensional correlated wave function 
as a simple product of one-dimensional or low- 
dimensional (orbital) functions. This ansatz reduces 
the full Schrédinger equation to a set of simpler 
equations for the orbital functions. The Hartree product 
approximation, first proposed by Douglas R. Hartree 
(1928) for many-electron atoms, can in principle be 
applied to any many-particle system, for example, 
electrons in an atom, molecule, or crystal. However, 
the Hartree ansatz is often physically inadequate as 
it disregards the fundamental permutation symmetry 
requirements for wave functions of nondistinguishable 
particles (fermions or bosons). In the case of 
electron systems, the Hartree approximation soon 
gave way to the more appropriate Hartree-Fock (HF) 
approximation that is based on a fully antisymmetrized 
product representation (Slater determinant) of the 
many-electron wave function proposed by Vladimir A. 
Fock (Fock, 1930a). For systems with distinct degrees 
of freedom, on the other hand, such as the multimode 
nuclear dynamics in molecules, the Hartree product 
representation still represents a basic approximation. 
(see, e.g., Beck et al., 2000). 

For the many-electron system of an atom or 
molecule, the (nonrelativistic) stationary Schrédinger 


HARTREE APPROXIMATION 
equation can be written in the form (see, e.g., Landau 
& Lifshitz, 1977) 

H®, = En®n, (1) 


where the Hamiltonian H = H, + V consists of a one- 
particle part, 


Hy = Shi; hj = 
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i.e., Hp is the sum of the Hamiltonians hi associated 
with the motion of the ith electron in the field of the 
nuclei with charges eZ, at positions Ry, and a two- 
particle part, 
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corresponding to the Coulomb repulsion of the 
electrons. The complexity of the many-electron 
problem is due to the latter part of the Hamiltonian, as 
it prevents a separation of the N-electron Schrédinger 
equation into N independent single-particle equations. 
The idea underlying the Hartree and the Hartree-Fock 
approximation is to replace the full electron-electron 
interaction by a new approximately separable effective 
Coulomb repulsion (or “mean field’). In the Hartree 
case, the optimal mean-field formulation is obtained 
by making use of a variational principle (Fock, 1930b), 


5(®|H|®) =0 (4) 
with the trial wave function given by a Hartree product 


P(x], €2,..., ©) = b1(L1)h2 (2)... on (Hy) (5) 
of normalized single-electron functions (orbitals) 
oi (x;). Here x; =(7;, s;) comprises in a short-hand 
notation the set of spatial and spin variables of the ith 
electron. The resulting equations for the orbitals read 


(h + oF be (w) = exdy(@), k=1,2,...,.N, © 


where for each orbital ¢, (a) a distinct mean field 
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augments the one-particle Hamiltonian h. The physical 
meaning of of is the Coulomb energy arising from 
the interaction of the electron in orbital ¢, (a) and the 
charge distribution associated with the other orbitals 
(the operators ji are referred to as Coulomb operators). 

Equations (6) are a set of nonlinear integro- 
differential equations in the orbitals )(x1), 
o2(X2),..., Py (Ly). Starting with an initial guess for 
the orbitals ¢; (x), these equations have to be solved in 


HARTREE APPROXIMATION 


an iterative way until self-consistency is reached. Here 
it is essential to select appropriate orbital solutions of 
the individual one-particle eigenvalue problems (6) so 
that in the N-electron product wave function the Pauli 
exclusion principle is at least approximately fulfilled. 
The resulting potential energy operators (7) constitute 
the Hartree self-consistent field (SCF). 

In the many-electron problem, the Hartree approx- 
imation is only of historical or pedagogical interest. It 
was soon succeeded by the more rigorous and prac- 
tical Hartree-Fock (HF) approximation (Fock, 1930a) 
based on the proper antisymmetrized product (Slater 
determinant) representation 


O(2@|,%2,..., ZN) 
gi(xi) Gi(@2)... gi (en) 
g2(@1) 2(@2)...  $2(Hn) 
ilies : : (8) 
on(@1) Gn (X2)... bn(en) 


of the N-electron wave function. This leads to one 
common eigenvalue problem for the HF orbitals, 


(a+ OP iw) = exde(@), k= 1,2,...,N, 9) 
where the HF mean field operator 
N 
oMF = Sh — Ki) (10) 


now contains in addition to the Coulomb contributions 
a so-called exchange part — yeh 24 Kj, and the nonlocal 


exchange operators K, are defined by 
$} (@')p (a') da! 
r’—r| 
Here the integration sums over the spin variable. The 
HF eigenvalue equation (9) represents a nonlinear 
problem that again has to be solved in a self- 
consistent way. It should be noted that because 
of Gi; = Ki) dr =0, there arise no self-interaction 
contributions in the self-consistent HF mean field. 
Usually, the HF or “molecular” orbitals (MO) 
are written as linear combinations (LC) of basis 
functions or “atomic” orbitals (AO). This LCAO 
representation transforms the integro-differential HF 
equation (9) into an algebraic eigenvalue problem, and 
the self-consistency solution is achieved by successive 
matrix diagonalization. Both with respect to practical 
applicability and theoretical significance, the HF (or 
SCF) method is fundamental for electronic structure 
computations in atoms, molecules, and the solid state. 
In the LCAO form it is a main ingredient in all 
existing quantum chemistry program packages. Most 
of the methods aiming at the description of electron 
correlation, that is, the effects beyond the HF one- 
particle picture, are based on the SCF orbital energies 
and integrals as input data. 
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Although in electronic structure calculations the 
Hartree approximation is no longer used, it is still a 
viable means in the description of nuclear dynamics, 
that is, the nuclear motion accompanying electronic 
states and processes. Because one deals here with 
distinguishable “particles” and not with fermions, the 
Hartree and not the Hartree-Fock approximation is 
the appropriate choice. Here one assumes a specific 
kind of separation of the nuclear and electronic degrees 
of freedom that has its physical foundation on the 
large mass differences of electrons and nuclei and 
correspondingly large differences in the respective 
velocities (Born & Oppenheimer, 1927). Setting 
molecular rotations aside, one may write the total wave 
function as a product of an electronic wave function 
®(a; R) and a wave function x (A) associated with 
the vibrational motion of the nuclei: 


W(x, R) = O(x; R)x(R) (12) 


Here x and R denote collectively the electronic and 
nuclear variables. The electronic function is an eigen- 
function of the electronic Hamiltonian at spatially fixed 
nuclei and, thus, depends parametrically on the nuclear 
coordinates Ry. The product approximation (12) is 
referred to as Born—Oppenheimer approximation. Hav- 
ing determined the electronic wave function and en- 
ergy E(R), the Schrodinger equation for the vibrational 
wave function can be formulated as follows: 


(~~ a2 of au) x(R) = Ew x(R) (13) 


Here the potential energy term U(R) is the sum 
of the nuclear repulsion energy and the electronic 
energy E(R). Since we are here not interested in 
translational or rotational motion of the molecule as 
a whole, it is advantageous to replace the Cartesian 
coordinates used so far by a set of M=3N—6 
nuclear coordinates Q;, Q2,..., Qy describing, for 
example, the displacements from a reference nuclear 
configuration. Assuming a separable form of the kinetic 
energy in the new variables Qj, that is, 


M 
> (14) 
i=l 
the Hartree ansatz 
x(Q1, Q2,..-, Om) 
= x1(Q1)xX2(Q2)...xu(Qm) (15) 


leads to the following M nonlinear coupled one- 
dimensional eigenvalue equations, 


(i + &i)xi(Qi)) =eiXi(Qi), i=1,..., 


where the Hartree mean fields #; are given by 


M, (16) 
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The Hartree product representation is particularly 
useful in the context of time-dependent methods 
which solve the time-dependent Schrodinger equation 
by propagating an initial wave fuction numerically 
over a sufficiently long period of time. A very 
efficient and accurate example of such methods is the 
multi-configuration time-dependent Hartree (MCTDH) 
method (Beck et al., 2000). Here the representation of 
the wave function is given by a linear combination of 
several Hartree products. 

PETER SCHMELCHER AND JOCHEN SCHIRMER 


See also Quantum theory 
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HAUSDORFF DIMENSION 


See Dimensions 


HEAT CONDUCTION 


There are two main aspects of the theory of heat 
conduction that are intensively treated in nonlinear 
science. The first is related to the possibility of 
nonlinear terms in the phenomenological equations of 
heat conduction. The second aspect is related to the 
microscopic nature of heat conduction and especially 
to deriving Fourier’s law (proportionality of heat flux 
to the temperature gradient) from the fundamental laws 
of motion at an atomic level. 


Equations of Heat Conduction 


In the phenomenological theory of heat conduction, 
the nonlinearity is normally manifested in temperature 
dependence of the thermal conductivity coefficient (or 
concentration dependence of the diffusion coefficient in 
the related diffusion problem). Such dependence leads 
to a nonlinear modification of Fourier’s law. In the one- 
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dimensional case, this equation may be written as 


oT 9 nor 1) 
a as | aE 


where T (x, t) is the temperature field, «(T) = v/pC, 3 
is the heat conductivity coefficient, p is the density, and 
C is the heat capacity of the specimen. All parameters 
introduced above may be significantly temperature- 
dependent. 

As an example of nonlinear heat conduction, 
consider heat transfer in a hot plasma driven primarily 
by radiation. The internal energy of the photon gas 
is (40/c)T*, where c is the velocity of light and o 
is the Stefan—Boltzmann constant. The heat capacity 
C =160T?/3c. Using results of kinetic theory and 
plasma physics, 


ers TT 9, (2) 


where A is the mean free path one can derive the final 
temperature dependence of the thermal conductivity 
coefficient: «(T) ~ T!3/2. In the more common case 
of molecular heat conduction, the transfer is realized 
by gas molecules, and therefore, the average velocity 
of the molecules v~T!/? and 2% is independent 
of the temperature (A ~~ 1/p); accordingly, the heat 
conductivity « ~ T'/*. More general models deal with 
the general form of the temperature dependence, like 
K=KkoT’,v > 0. 

Probably, the most impressive consequence of the 
temperature dependence of the thermal conductivity 
coefficient is the phenomenon of so-called “heat 
inertia” when the heat energy remains localized in the 
system and does not dissipate away. If T(x, t) is the 
solution of the Cauchy problem for Equation (1) with 
initial temperature 


— | Tn = lxl/x0)7/", [x1 < x0. 
EO) = | 0, Ix] = 0, 
then T(x,t)=0 for |x| => x0, &? < t < to+?*, 
t= xdv/2ko(v+2)T); that is, the heat energy is 
localized in the initial region for a certain time interval. 


Microscopic Nature of Heat Conduction 


The problem of heat conduction in dielectric crystals 
goes back to Rudolph Peierls (1926). A linear model 
of the crystalline lattice, being useful in many other 
physical problems, turns out to be insufficient when 
explaining the finiteness of the coefficient of thermal 
conductivity. The normal process of the heat conduction 
implies formation of a linear temperature gradient as 
the temperatures of the boundaries of the specimen 
are different. In an ideal linear crystal, however, 
any excitation is presented as a sum of independent 
vibrational modes that transfer energy from one 
boundary to the other without any loss. Therefore, a 
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temperature gradient cannot be formed. This is why an 
account of the nonlinearity of interactions is necessary 
to describe the finite heat conductivity. Peierls has 
suggested that this condition is also a sufficient one 
because the phonon collision in a weakly nonlinear 
crystal is governed by the following relationships: 





(On @2 = o} W, 


kj +k = ki ki, + mp. (3) 











The values with a prime correspond to the state after 
collision. The relationship for frequencies w; expresses 
the energy conservation. However the conservation of 
the quasimomenta k; can be violated by a multiple of 
Bragg vector p. The processes with m = 0 are referred 
to as normal phonon scattering. The case with m 40 
is referred to as Umklapp process. The latter case 
means that a certain quantity of the quasimomentum 
is transferred to the lattice. According to Peierls, 
the fact that the heat flux is scattered due to the 
Umklapp processes leads to normal heat conductivity. 
This picture was accepted until Fermi, Pasta, and Ulam 
examined it in one of the first computer simulations 
ever accomplished, finding that a one-dimensional 
chain with weak anharmonicity of the interaction 
potential did not demonstrate normal heat conduction 
(See Fermi-Pasta—Ulam oscillator chain). Instead, 
the energy was preserved in a few low-frequency 
vibrational modes. This famous numerical experiment 
led to great progress in nonlinear dynamics, including 
the discovery of lattice solitons, but the problem of 
the finite heat conductivity of a dielectric crystal again 
turned out to be unsolved. 

It is easy to understand the essence of the problem 
of finding a sufficient condition for normal heat 
conductivity. Let us consider a set of equivalent 
particles arranged along a straight line and interacting 
only via purely elastic collisions. In every collision the 
interacting particles mutually exchange their velocities. 
Any pulse propagates through the system without loss, 
and therefore, a temperature profile is not formed. 
Similar properties were proved for the chain with 
exponential potential of interaction between the nearest 
neighbors (the so-called Toda lattice). 

This problem remains unsolved to date despite 
numerous efforts. The lack of reliable analytical meth- 
ods has resulted in many numerical simulations deal- 
ing with various lattice models. For one-dimensional 
systems the results available may be summarized as 
follows. 


e A narrow class of completely integrable systems 
demonstrates no formation of linear temperature 
profile at all. Consequently, the coefficient of thermal 
conductivity cannot be defined. Examples are the 
linear chain and the Toda lattice. 

e For many non-integrable chains, a linear temperature 
profile is formed and the coefficient of thermal 
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conductivity may be defined for any given size N 
of the specimen. However, in the thermodynamic 
limit N — oo, the coefficient diverges: k — oo. 
Therefore, such systems cannot be treated as having 
normal heat conductivity. Examples are the chain 
with parabolic and quartic potential among many 
others. 

e A few one-dimensional chains were recently 
demonstrated to have normal heat conductivity. 
These examples are the chain of rotators, the 
Frenkel—Kontorova chain, and some other models. 


It should be mentioned that some chains seem to 
“switch” between different types of behavior with 
respect to normal heat conductivity with changes of 
temperature and/or parameters of the potential of 
interaction. 

It seems that different regimes of heat conduction in 
one-dimensional systems are related to the properties 
of nonlinear excitations in every concrete model. 
For instance, the normal heat conduction in the 
chain of rotators was found to be related to the 
breakdown of nonlinear acoustic waves and formation 
of localized breathers, which scatter the heat flux. 
Similar mechanisms were discovered in other models 
exhibiting normal heat conduction. 

For two-dimensional systems very little information 
is available, but some investigations suggest that the 
heat conductivity for different types of potentials is 
finite or logarithmically divergent. No classification 
similar to the one-dimensional case can yet be provided. 

For the three-dimensional case the situation is as 
unknown, but the field of molecular dynamics is 
developing very rapidly and new results are expected 
to arrive soon. 

OLEG GENDELMAN AND LEONID MANEVITCH 


See also Fermi-Pasta—Ulam oscillator chain; 
Frenkel—Kontorova model; Integrable lattices; Soli- 
tons; Toda lattice 
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HEAVISIDE STEP FUNCTION 


See Generalized functions 


HELE-SHAW CELL 

A very simple device invented by Henry Selby Hele- 
Shaw in the late 1890s, the Hele-Shaw cell consists of 
two closely spaced parallel plates, held in place by a 
frame, between which is a layer of a viscous liquid. 
Hele-Shaw invented this simple instrument in order to 
be able to exhibit the streamlines of a flow to students at 
University College of Liverpool by projecting the flow 
in the thin liquid layer onto a large screen. He found 
that minute air bubbles provided excellent flow tracers, 
and developed the technique to be able to display in a 
spectacular manner the flow patterns past a variety of 
objects. 

Hele-Shaw discovered that when the distance 
between the two plates was very small (he used water 
as the fluid, and glass plates mounted within 0.02 in. 
of each other), the flow pattern around a circular 
cylinder perpendicular to the plates closely matched the 
potential flow solution that was known from the theory 
of two-dimensional flow of an ideal fluid. Apparently, 
the viscous liquid between the plates was flowing 
in this narrow space as though it were an inviscid 
fluid. George Stokes explained these observations by 
writing the equation of motion for a viscous fluid— 
today known as the Navier-Stokes equation—and 
averaging the flow (today known as plane Poiseuille 
flow) across the narrow gap between the two bounding 
plates in the Hele-Shaw cell. One then finds that the 
averaged, essentially two-dimensional flow velocity, v, 
is proportional to the gradient of the pressure, p, in the 
fluid: 


v = —(d?/12p)Vp, () 


where d is the separation between the plates and j is the 
viscosity of the fluid. Thus, flow in a Hele-Shaw cell is 
potential flow, with a velocity potential proportional 
to the pressure, and this explains the coincidence 
between Hele-Shaw’s observations and the theory of 
two-dimensional, ideal flow. As Stokes wrote, “[Hele- 
Shaw’s experiments] afford a complete graphical 
solution, experimentally obtained, of a problem which 
from its complexity baffles mathematicians except ina 
few simple cases.” 

Hele-Shaw flows illustrate two-dimensional poten- 
tial flow around objects with sharp edges and thus show 
no separation. This is quite remarkable, because even 
the slightest viscosity would immediately alter the flow 
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Figure 1. Viscous fingering patterns in a Hele-Shaw cell at 
a gravitationally unstable interface between two immiscible 
fluids—viscous silicone oil and air. (Reprinted with permission 
from Gallery of Fluid Motion, Physics of Fluids, 28(9). 
Copyright 1985, American Institute of Physics. Courtesy of T. 
Maxwell.) 


pattern were the fluid not constrained by the two plates 
of the Hele-Shaw cell. 

A controversy with Osborne Reynolds ensued about 
the validity of the experiments since they appeared 
to invalidate Reynolds’ criterion of a transition to 
turbulence based solely on the value of “Reynolds 
number.” This led to several acrimonious exchanges of 
notes and letters in Nature in 1898 and 1899 between 
Reynolds and Hele-Shaw. 

The Hele-Shaw cell has found wide application 
in later years, after it was realized that Equation 
(1) has the form of the velocity-pressure relationship 
one would expect for fluid flow in a porous material 
obeying Darcy’s law. Thus, the Hele-Shaw cell became 
a paradigmatic instrument for studying flows in 
porous media, a subject of great interest to petroleum 
engineering. 

When two immiscible fluids of different viscosities 
are present in a Hele-Shaw cell, a number of interesting 
phenomena occur. In the late 1950s, Geoffrey Taylor 
and Philip Saffman explored the evolution of “fingers” 
when a less viscous fluid (air) was pushed into a more 
viscous fluid (water, glycerin, or oil) in a Hele-Shaw 
cell. Similar “fingering” occurs when water is forced 
into oil-carrying porous rock in secondary oil recovery. 

The subject of viscous fingering is similar to other 
pattern-forming instabilities, dendritic crystal growth in 
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particular, and has become a much studied experimental 
system. The experimental data tend to be very visually 
appealing (Figure 1). Many variations on the basic 
setup have been explored and a voluminous literature 
exists. The degree of structure of the two-fluid interface 
depends sensitively on the ratio of viscosities of the two 
fluids in the Hele-Shaw cell, and the pattern is sensitive 
to small perturbations, such as imperfections on either 
plate or tiny air bubbles resident in the cell. 

The scale of the smallest fingers observed in a two- 
fluid Hele-Shaw experimentis set by the surface tension 
at the interface between the two immiscible fluids. 
When the surface tension is very small, apparently 
fractal patterns emerge. 

Hassan AREF 


See also Fractals; Navier-Stokes equation; Pattern 
formation; Rayleigh-Taylor instability 
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HELICAL WAVES 


See Nonlinear plasma waves 


HELICITY 


Intuitively, it is clear that a vortex having a component 
of velocity along its axis is a helical structure. Many 
structures fall under this category, including such 
diverse structures as Taylor—Gortler vortices, leading 
edge and trailing vortices shed from wings and slender 
bodies, streamwise vortices in boundary layers and 
free shear flows, Langmuir circulations in the ocean 
and analogous structures in the atmosphere, tornados, 
and rotating storms. Similar structures are observed 
in space and in laboratory plasmas. Such structures 
lack reflection symmetry. One of the key quantities 
characterizing reflection symmetry (or its lack) of a 
fluid flow is the so-called helicity, which roughly 
measures how parallel velocity and vorticity are in a 
fluid flow. 


Definition 


Helicity Hg of a solenoidal vector field B (divB = 0) 
in adomain D within any surface S on whichn - B=0 
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is defined as the integral 
Hp = | A-Bdv dd) 
D 


with A being the vector potential of B. Here 
Bz=curlA and the quantity hg = A- B is the helicity 
density of the field B. Both Hg and hp are 
pseudoscalars: they change sign under the parity 
transformation, that is, under change from a right- 
handed to a left-handed frame of reference. Helicity 
as defined in Equation (1) is gauge invariant, that 
is, invariant under replacement of A by A + grad@, 
where ¢ is any single-valued scalar field. This type of 
invariance should not be confused with time invariance 
of Hg in a nondissipative medium (see below). It is 
important that 1g is gauge invariant only as defined in 
Equation (1) for volumes bounded by the field surfaces, 
that is, n - B|, = 0. Generalizations of Equation (1) for 
open field structures (i.e., such that n - B|, 40) are not 
gauge invariant. As a rule these generalizations are also 
not well-defined topologically. Another generalization 
is the cross-helicity for two solenoidal fields B, and 
Bz defined as H3,,3, = fy A1- Ba dV. For closed 
structures, that is, n-.By,2|;=0, cross-helicity is 
gauge invariant and is symmetric, Hg,,3, =H 2),B,- 
Of special interest in physics is a magnetic field, B, 
in electrically conducting fluids or plasmas (with Hg 
termed magnetic helicity) and vorticity @ in fluid flows 
with H, = Io u-wdV (kinetic helicity), where u is 
the velocity and w =curl wu. 


Geometrical and Topological Meaning 


Helicity is important at a fundamental level in relation 
with the linkage(s) of field lines, such as magnetic lines 
or vortex lines of fluid flow (see Figure 1). The simplest 
example of two linked vortex tubes is shown in Figure 1 
with fluxes ©; > associated with each tube, that are 
equal to their circulations «;,2. Hence, #1, is directly 
related to the most basic topological invariant of two 


x, Ky 
Figure 1. Prototype configuration of linked field tubes with 
nonzero helicity (Moffatt & Tsinober, 1992). Here the field is 
assumed to be identical to zero except in two closed tubes with 
axes Cj. and vanishingly small cross section. The field lines 
are untwisted within each tube, i.e. each line is a closed curve 
passing once round the tube, and unlinked with its neighbors 
in the same tube. In such a case Hg = + 2L) 2F | F2, where 
Lj,2 is the linking (or winding) number of the two tubes (in the 
figure Lj 2 =1), F},2 are the fluxes (equal to their circulations 
k1,2) associated with each tube, and the + or — sign is chosen 
depending on whether the linkage is right- or left-handed. 
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linked curves—their linking (winding) number L1,2, 
which was defined by Gauss in 1833 as 


1 $ R.- (da, x dx2) 
CIO ; 


Lig=L2 tn RB 





(2) 





where R= 2,—22, X1€C), and 22€C>2. In the 
general case of an infinite number of field lines, one 
can approximate the field via a finite number of NV 
of small flux tubes each with flux ®; ((=1,..., N). 
Then Hg = L;;®;®;, where L;; is the linking number 
of tubes i and j, and summation is assumed over 
the repeated indices. In other words, the helicity H, 
can be interpreted as the sum of linking numbers of 
all pairs of the field lines weighted by the flux. This 
interpretation remains valid also in the case when the 
field lines are not closed upon themselves and even may 
wander chaotically, and the integral of Equation (1) is 
interpreted as the asymptotic Hopf invariant, that is, 
asymptotic linking number. The cross-helicity Hg.) is 
interpreted as a measure of mutual linkage of the two 
fields B and w. 


Invariance in Nondissipative Media 


The magnetic field, B, in a perfectly conducting fluid 
and vorticity, @, in an inviscid fluid is governed by the 
equations 


0B 
agro curl(u x B), (3) 


a 
= =curl(u x @), (4) 


describing frozen-field transport of the vector fields 
B and w. Under this nondissipative evolution both 
the magnetic helicity #1, and the helicity of vorticity 
H,, are conserved. Invariance of helicity is directly 
associated with invariance of the topology of B 
and @. 

In cases when the fluid flow is influenced by 
the presence of the magnetic field, that is, by the 
Lorenz force (the term curl(j x B) added to the left- 
hand side of Equation (4)), the helicity of vorticity 
H. is not conserved whereas the magnetic helicity 
remains conserved. Another conserved quantity in this 
latter case is the cross-helicity Hp, = f u-BadV.In 
principle, one can choose the gauge @ in such a way 
that the helicity density hg = A-B is a Lagrangian 
invariant, that is, it is pointwise conserved along the 
paths of fluid particles and therefore for any fluid 
volume. Such a choice is possible both for magnetic 
field and for nonconducting fluid flows. 

Dissipative effects (finite electrical resistivity and 
viscosity) are responsible for the reconnection of field 
lines and thus for the evolution of helicity. In such a 
case, helicity is either created or destroyed just as if 
n-B#0 on the boundary of the domain. 
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Kinetic Helicity and Turbulent Dynamo 


Helicity plays an important role in the process of 
growth of magnetic fields in electrically conducting 
fluids due to fluid motion, called the dynamo process. 
In turbulent flows with nonzero kinetic helicity, there 
exists the so-called a-effect, the main ingredient of 
which is that the large-scale (mean) magnetic field 
results from currents induced by an electromotive force 
that is (roughly) proportional to the kinetic helicity 
H.. An important aspect is that this electromotive 
force is (generally) nonvanishing for nonvanishing 
electrical resistivity. There is a buildup of magnetic 
helicity of the generated large-scale magnetic field, 
and the importance of finite electrical resistivity is 
in the dissipation of the small scale (on the energy 
containing scales of fluid turbulence) magnetic helicity 
of the opposite sign that allows the build up of the 
large magnetic helicity (Brandenburg, 2001). Recent 
laboratory experiments with liquid sodium confirm 
the possibility of generating a magnetic field by 
helical fluid flows. The growing magnetic field reacts 
back on the fluid flow via the Lorenz force that 
results in a decrease of the electromotive force driving 
the electrical currents (a-quenching), that is, in a 
nonlinear saturation in the growth of the mean magnetic 
field. 


Kinetic Helicity and Fluid Turbulence 


Present knowledge of the effects of helicity on 
fluid turbulence is controversial. A difficulty in the 
assessment of the role of helicity in the dynamics of 
turbulence stems from the fact that—unlike kinetic 
energy—helicity is not a positively defined quantity. 
At a speculative level it is expected that nonvanishing 
helicity comprises a constraint reducing in some 
sense the nonlinear processes, and thereby turbulence. 
The simplest argument is that since (w-@)?+ 
(u x @)? =v", larger (|tw-@|) implies reducing of 
nonlinear processes associated with (|u x @|). Indeed, 
the so-called Beltrami flows with @ =u, possessing 
in some sense maximal helicity, are linear. However, 
existing evidence weakly supports the above argument 
(Moffatt & Tsinober, 1992; Tsinober, 2001). On the 
other hand, if (w-@) 40, this is a clear indication 
of direct and bidirectional coupling of large and 
small scales. Therefore, in flows with nonzero mean 
helicity, the coupling between small and large scales 
is stronger than otherwise. This stronger coupling may 
aid creation of large scale structures out of small scale 
turbulence—a process that is frequently called inverse 
energy cascade. There is little understanding of these 
processes, although there are suggestions that in the 
presence of kinetic helicity in compressible fluids there 
exists an effect (Ha-effect) analogous to the above- 
mentioned a-effect for a magnetic field. 
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More subtle issues include spontaneous breaking 
of relexional symmetry and emergence of helicity 
in initially helicity-free flows. The evidence is based 
on indications from stability analysis, laboratory 
observations and quantitative measurements of helicity, 
and direct numerical simulations of Navier-Stokes 
equations (Kholmyansky et al., 2001). Finally, kinetic 
helicity has a considerable effect on the effective 
diffusivity of a passive scalar that may be enhanced by 
the presence of helicity by more than a factor of two. 
In addition, helicity leads to a new “skew-diffusion” 
effect, that is, appearance of a component of turbulent 
flux of passive scalar perpendicular to the local mean 
gradient of a passive scalar. 


Applications 


In atmospheric physics, the so-called storm-relative 
environmental (kinetic) helicity (SREH) is routinely 
used in the U.S. with moderate success as a parameter 
for characterizing, interpreting, and forecasting tornado 
and supercell rotating storms (Weisman & Rotunno, 
2000). The origin of these strucures is not understood, 
though there are suggestions that the Ha-effect (due 
to the Coriolis force) and intensive heat transport in 
turbulent convection are among the important physical 
mechanisms contributing to their formation (Levina et 
al., 1999). One has to add to this list at least one more 
factor, the vertical wind shear. 

In plasma physics, magnetic helicity plays a central 
role in magnetic confinement and in the relaxation of 
plasmas to a minimum-energy state, for example, in 
toroidal laboratory plasmas and spheromaks. Interest- 
ingly, during this process involving reconnection due 
to small but finite resistivity and turbulence, the to- 
tal magnetic helicity is approximately conserved and 
constrains the energy of the magnetized plasma in 
equilibrium. This minimum energy state is generally 
a force-free (Beltrami) field, curl B=AB with 1 
constant. 

In astrophysics, magnetic helicity is important in a 
number of aspects in solar physics (coronal loops, solar 
wind), the astrophysical dynamo problem (Brown etal., 
1999), and cosmology (primordial magnetic field). 

ARKADY TSINOBER 


See also Alfvén waves; Magnetohydrodynamics; 
Nonlinear plasma waves; Topology; Vortex dynam- 
ics of fluids; Winding numbers 
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HENON MAP 


By the mid-1970s, examples such as the Lorenz 
equations had convinced researchers that strange 
attractors could arise in differential equations modeling 
physical systems. Unfortunately, the length of time 
needed to compute solutions coupled with strong 
contraction rates made it very difficult to observe 
fractal structures numerically in these examples with 
the computers then available. The Hénon map provided 
the first simple equation in which this fractal structure 
is easily observed. 

Michel Hénon’s approach was based on the idea of 
return maps. The dynamics of differential equations 
can be modelled by invertible maps, and so evidence 
of fractal structure in the attractor of an invertible 
map shows that these objects can exist in differential 
equations. The Hénon map is a very simple nonlinear 
difference equation 


Xn41=Jn +1 —ax?, (1) 
Yn+1 = bxn, 


where the parameters a and b were chosen as a = 1.4 
and b=0.3 by Hénon (1976), although other values 
are also interesting. The attractor, together with some 
blowups of parts of the attractor, are shown in Figure 1. 
These pictures are very easy to generate: successive 
points on an orbit are obtained by evaluating the 
algebraic expressions on the right-hand side of (1) as 
the following rough MATLAB program shows: 


x(1)=0.3; y(1)=0.2; 
%% Initial conditions 
N=5000; 
%% N is the number of iterates 
a=1.4;b=0.3; 
%% Sets the parameters 
for i=1:N 
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Figure 1. (a) Numerically computed attractor of the Hénon map, (1) with a= 1.4 and b=0.3; (b), (c), and (d) are blowups of the 
boxed regions of (a), (b), and (c), respectively, showing the fractal structure of the attractor. Each figure contains the first 5000 points 


to land in the displayed region. 


%% Begin the iteration loop here 
x(it+1)=y(i)+l-a*x(i)*2; 
y(i+1)=b*x(i); 

%% That calculated the next 

point 
end 
plot(x,y,’k.’) 

%% Plot the iterates in the 

$% (x,y) plane 


Despite the simplicity of this program, Hénon used 
a mainframe (IBM 7040) to perform the 5 million 
iterates he needed to get a reasonable number of points 
in the equivalent of Figure 1(d). Figure | uses a slightly 
more sophisticated program to generate the attractor 
and zoom in on the rectangular regions indicated so 
that 5000 points can be plotted in each of the blowup 
regions. This involved 35,724,657 iterations of the map 
order to get 5000 points in the smallest blowup region 
of Figure 1(d). This level of computation would have 
been almost unthinkable when Hénon wrote his paper. 

The Hénon attractor pictured in Figure 1 is 
computationally cheap, requiring no more than the 
most simple algebraic operations. Also, the numerical 
evidence for fractal structure in the attractor is 
sufficiently convincing that most researchers have come 
to accept that it is a strange attractor or, at least, to 


suspend their disbelief. For this reason it has become 
a canonical example of chaotic motion. Almost every 
new technique or relevant theoretical result is applied to 
the Hénon map as part of the evaluation of the method. 
Early papers on phase space reconstruction, dimension 
calculations, chaotic prediction, chaotic control and 
synchronization, periodic orbit expansions, invariant 
measure algorithms, etc., have all used the Hénon map 
as an important test example. Given this general level 
of acceptance, it may come as a surprise to learn that 
it is still not known whether there really is a strange 
attractor for the Hénon map at the standard parameter 
values (a = 1.4, b= 0.3). 

Hénon (1976) gave a number of reasons for looking 
at orbits of (1): 

. we try to find a model problem which is as 
simple as possible, yet exhibits the same essential 
properties as the Lorenz system. Our aim is (i) to make 
the numerical exploration faster and more accurate...; 
(ii) to provide a model which might lend itself more 
easily to mathematical analysis. 

As we have seen, Hénon’s aim of making the numer- 
ical exploration of apparently chaotic attractors more 
straightforward succeeded spectacularly. However, he 
could not have imagined how hard it would be to an- 
swer the theoretical questions posed by this deceptively 
simple map. 
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HENON MAP 


Hénon’s intuitive explanation for his map in terms 
of folding, stretching, and contraction is much closer to 
the formation of horseshoes rather than to the Lorenz 
model, which has discontinuities in the natural return 
map. As such, the Hénon map has become a paradigm 
for the formation of horseshoes as parameters vary 
(see Devaney & Nitecki, 1979), and it is the more 
general question of how the attractors of the Hénon 
map change as the parameters vary that has occupied 
most theoretical approaches. 

By defining a new y variable ynew= b~! youd, 
Equation (1) can be written in the form of a more 
general, Hénon-like map: 


Xn41 = —EYn + Sa(%n), 
Yn+1 = Xn, 


(2) 


where e=—b and f,(x)=1—- ax? gives the Hénon 
map in the new coordinates. This formulation 
emphasizes the relationship between Hénon-like maps 
and one-dimensional maps: if ¢ = 0 then the x equation 
decouples and x evolves according to the one- 
dimensional difference equation x,+41 = fa(Xn), which 
in the original case, (1), is just the standard quadratic 
family. The Jacobian of the map is ¢, so positive ¢ 
corresponds to orientation-preserving maps, which is 
more natural in the context of return maps, although this 
means that b <0 in Hénon’s original formulation, (1). 
Early efforts toward proving that strange attractors exist 
in the Hénon map concentrated on extending results 
for one-dimensional maps to the two-dimensional case 
with ¢>0 small. On the negative side, Holmes & 
Whitley (1984) showed that however small ¢ is, some 
periodic orbits of the Hénon map appear in a order 
different from the order in which they appear in the 
quadratic family. On the positive side, Gambaudo, van 
Strien, & Tresser (1989) showed that for sufficiently 
small ¢ > 0, the first complete period-doubling cascade 
is associated with the original period two orbit. 

The major breakthrough on the existence of 
strange attractors was made by Benedicks & Carleson 
(1991). Using delicate mathematical analysis, they 
were able to show that if ¢>0 is small enough 
and a is close to a=—2 (the equivalent of w~=4 
for the standard formulation of the quadratic map, 
px(1—x)), then there is a positive measure of 
parameter values for which the Hénon map has 
a strange attractor. This result was generalized by 
Mora & Viana (1993) who showed that Hénon-like 
maps arise naturally near homoclinic bifurcations 
of maps. It had long been recognized that these 
bifurcations occur in the Hénon map (see, for 
example, Holmes & Whitley (1984)), so this made it 
possible to deduce the existence of strange attractors 
at values of e¢ that are not small. Indeed, this 
important paper provides a method of proving the 
existence of strange attractors for a set of parameter 
values with positive measure in a wide variety of 
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model systems. Despite all these advances, these 
results only prove that there exist such parameter 
values and they do not give methods for proving 
that a strange attractor exists at a given parameter 
value. 

Two other avenues of research suggested by the one- 
dimensional, ¢ = 0, limit in (2) have led to interesting 
developments. We have already noted that the one- 
dimensional order of periodic orbits is not preserved 
if ¢ > 0. However, a beautiful theory of partial orders 
based on period and knot type has emerged, which 
shows that the existence of some periodic orbits implies 
the existence of some others in two-dimensional maps 
(see Boyland (1994) for more details). The second 
adaptation of one-dimensional approaches is based 
on the idea of the symbolic dynamics (or kneading 
theory) of unimodal maps. The main idea, introduced 
by Cvitanovic et al. (1988) and developed by de 
Carvalho (1999), is to produce symbolic models of the 
dynamics of the Hénon map by relating the dynamics 
to modifications of the full horseshoe. This is done 
by pruning the horseshoe, that is, identifying regions 
of the horseshoe with dynamics that are not present 
in the Hénon map under consideration and judiciously 
removing these regions together with their images and 
preimages, leaving a pruned horseshoe that can still be 
accurately described. 

Much of the current interest in the Hénon map 
involves the existence and construction of invariant 
measures for the attractors. This work should lead to 
a good statistical description of properties of orbits 
and averages along orbits. So, even now, this simple 
two-dimensional map with a single nonlinear term is 
motivating important questions in dynamical systems. 


PauL GLENDINNING 


See also Attractors; Bifurcations; Chaotic dynam- 
ics; Horseshoes and hyperbolicity in dynamical sys- 
tems; Markov partitions; One-dimensional maps; 
Routes to chaos; Sinai-Ruelle-Bowen measures; 
Symbolic dynamics 
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HENON-HEILES SYSTEM 

Although the molecules of a gas move freely and 
collide frequently, the stars in a galaxy move under 
the constraint of long-range interactions and do not 
collide. The motion of any one star in a galaxy can 
be modeled as if it moves alone under the constraint of 
a fixed gravitational galactic potential with cylindrical 
symmetry. The energy of the star is conserved as is the 
angular momentum with respect to an axis through the 
center of the galactic plane and at right angles to it. 
These two conserved quantities are isolating integrals 
of the motion. In the absence of a third isolating integral, 
the distribution of stellar velocities in a galaxy with an 
axisymmetric potential should be circularly symmetric 
in the meridian plane, a result contrary to observation 
(Ollongren, 1965). 

The astronomer Michel Hénon and a graduate 
student Carl Heiles introduced a mathematical model 
to numerically investigate the third integral problem 
when Hénon visited Princeton University in 1962. In 
“order to have more freedom of experimentation” in 
their numerical studies, they considered the simplified 
model system, with two degrees of freedom, described 
by the Hamiltonian (Hénon & Heiles, 1964) 

Haa(P +H) +3( +9") +27 — 37, 
where the last three terms are called V. The choice 
of coefficients in the cubic potential confers a ternary 
symmetry on the equipotential lines. The equipotential 
line for V=i is an equilateral triangle, and this is 
the limiting energy at which the motion is bounded. 
In the Hénon-Heiles model, the original problem of 
the third isolating integral is transformed into whether 
there exists an isolating integral other than the constant 
energy itself. The Hénon—Heiles Hamiltonian also 
describes the center of mass reduction of a three- 
particle periodic chain with linear and quadratic nearest 
neighbor elastic forces and is, thus, a member of 
the class of systems investigated in the numerical 
studies of Fermi, Pasta, and Ulam (Ford, 1992). More 
generally, the Hénon—Heiles Hamiltonian is one of the 
simplest non-integrable Hamiltonian systems known. 
It has become a paradigm for studies of chaos and non- 
integrability in Hamiltonian systems with two degrees 
of freedom. 

The solutions of the equations of motion correspond- 
ing to the Hénon—Heiles Hamiltonian can be repre- 
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sented by trajectories in the four-dimensional phase 
space spanned by (x, x, y, y). If the energy is fixed in 
the rangeO< E< é then these trajectories are bounded 
and recurrent on a three-dimensional energy surface. 
No techniques are known to construct exact algebraic 
formulae for the trajectories for arbitrary initial con- 
ditions. Approximate solutions can be obtained using 
perturbation methods or numerical methods. In their 
numerical studies, Hénon and Heiles plotted the points 
of intersection between phase-space trajectories and a 
two-dimensional surface of section in the phase-space. 
For recurrent trajectories, successive intersection points 
on the surface of section define an area-preserving two- 
dimensional discrete time dynamical system or map 
that shares the important dynamical features of the orig- 
inal system (Poincaré, 1993). 

A convenient Poincaré map for the Hénon—Heiles 
Hamiltonian at fixed energy, in the range O< E < ' 
is obtained with the surface of section x =O and 
x > 0. The coordinate pair (y, y) in this case uniquely 
determines an initial point for a trajectory since 

2E — y? — y24+2y3/3. Thus, the dynamical 
description is reduced to a study of the Poincaré 
map from one intersection point (y,, ¥,) to the 
next intersection point (yn+1, ¥n+1). The existence of 
an additional isolating integral in the Hénon—Heiles 
Hamiltonian would restrict a trajectory to intersect 
an invariant curve in the surface of section. In the 
absence of an additional isolating integral, the pattern 
of intersection points should fill an area on the surface 
of section. In numerical studies, where the number 
of intersection points is finite, discrimination between 
these two signatures is subjective since any finite set of 
points can be aligned to a smooth curve. Despite this, 
the interpretation of the intersection points as invariant 
curves or filled area in the Hénon—Heiles study has been 
regarded as unambiguous. 

Figure 1 shows the intersection points between 
numerical phase space trajectories and a Poincaré 
surface of section in the Hénon—Heiles system at 
four different values of the energy, E = a D> 4, 
and i. 

AtE= oa and E = os the intersection points appear 
to lie on invariant curves. At E= a intersection 
points for some trajectories appear to lie on invariant 
curves whereas intersection points for other trajectories 
explore areas on the surface of section. At E = i, 
intersection points for most trajectories do not appear 
to lie on invariant curves (and typically the separation 
distance between trajectories started from nearby initial 
conditions diverges exponentially in time, a signature 
of chaos). A feature that is not revealed in the surface 
of section portraits at E = é but is clear in three- 
dimensional phase space portraits (Henry & Grindlay, 
1994), is intermittency whereby a single trajectory 
switches in time between regular behavior (close to 
invariant curves) and irregular behavior (filling areas). 


HENON-HEILES SYSTEM 





Figure 1. Surface of section portraits for the Hénon—Heiles 
Hamiltonian at four different values of the energy; (a) E = 1/24, 
(b) E=1/12, (c) E=1/8, (d) E=1/6. The figures on the left 
are from numerical integrations and the figures on the right are 
from Birkhoff—Gustavson normal form theory. The figures have 
been reproduced from Gustavson (1966). 








The transition from regular behavior to irregular 
behavior as the system energy is increased in the 
Hénon-Heiles model is characteristic of a more 
general transition from regular behavior to irregular 
behavior in Hamiltonian systems with two degrees of 
freedom and in two-dimensional area-preserving maps. 
A detailed theoretical understanding of this phenomena 
encompasses collective results from the Birkhoff— 
Gustavson normal form theory, the Kolmogorov— 
Arnol’d—Moser (KAM) theory, the Poincaré—Birkhoff 
theory, the Aubry—Mather theory, the theory of 
heteroclinic tangles (Poincaré, 1993), and the theory 
of overlapping resonances (Ford, 1992). 

The Birkhoff—Gustavson normal form (Gustavson, 
1966) represents the Hamiltonian as an_ infinite 
series of harmonic oscillator Hamiltonians through an 
infinite series of successive canonical transformations. 
The Hénon-Heiles Hamiltonian is strictly non- 
integrable at all values of the system energy (Ito, 1985); 
thus the normal form series for this Hamiltonian does 
not converge. On the other hand, any finite truncation 
of the normal form series constitutes an integrable 
Hamiltonian that can be considered to be “close” in 
some sense to the Hénon—Heiles Hamiltonian. The 
additional conserved quantity for an integrable normal 
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form Hamiltonian can be readily calculated and used 
to plot the associated invariant curves on the Poincaré 
surface of section. The KAM theory proves that 
for a non-integrable Hamiltonian sufficiently close to 
an integrable Hamiltonian, most of the phase space 
trajectories are confined to invariant tori, similar to 
the invariant tori of the integrable system. Thus the 
surface of section portraits for the Hénon—Heiles 
Hamiltonian should map out the invariant curves from 
the truncated normal form Hamiltonian whenever this 
Hamiltonian is sufficiently close to the Hénon—Heiles 
Hamiltonian. The difference between the truncated 
normal form series and the Hénon-Heiles Hamiltonian 
increases with system energy. This can be seen in 
Figure 1 where the invariant curves from an eighth 
order truncation (Gustavson, 1966) are compared side 
by side with the numerical results for the Hénon—Heiles 
Hamiltonian. 

In Hamiltonian systems with two degrees of 
freedom, the tori are characterized by a winding number 
@|/@2. The KAM theory proves the existence of 
invariant tori whose winding numbers are sufficiently 
irrational that 








w2 Ss 
where r and s are co-prime integers and k(e) 
approaches zero as € approaches zero. Here ¢ measures 
the strength of the non-integrable perturbation on the 
integrable Hamiltonian. The volume of phase-space not 
filled by invariant tori approaches zero as ¢ approaches 
zero. Tori whose winding numbers do not satisfy 
the stability condition under perturbation breakup 
according to the Poincaré—Birkhoff theory (rational 
winding numbers) or the Aubry—Mather theory 
(irrational winding numbers). The numerical results for 
the Hénon-Heiles Hamiltonian are consistent with an 
increasing breakup of tori with increasing energy as less 
and less tori satisfy the stability criteria. 

The motion of an asteroid around the Sun can also be 
described approximately by a simplified model Hamil- 
tonian with two degrees of freedom. The simplest non- 
trivial model is a plane circular restricted three-body 
problem involving the asteroid, the Sun, and Jupiter 
(Berry, 1978). The two-body motion of the asteroid 
around the Sun is a Kepler ellipse with frequency wa, 
and the two-body motion of Jupiter about its center 
of mass with the Sun is taken to be a circle with fre- 
quency wy. In the restricted three-body problem the ef- 
fect of the asteroid on the motion of the Sun and Jupiter 
is neglected, the motion of the asteroid is dominated 
by the Sun, and the motion of Jupiter is considered to 
be a perturbation on the motion of the asteroid. The 
Hamiltonian for this restricted three-body problem is 
non-integrable, and an application of KAM theory to 
the problem identifies the frequency ratio wa /w@y with 
the winding number for invariant tori. Thus, asteroids 
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should be expected to be found in stable orbits at dis- 
tances from the Sun where wa /qy is sufficiently irra- 
tional. Indeed, as had been noted by Daniel Kirkwood 
in 1866, there is an abundance of asteroids at these lo- 
cations but gaps in the asteroid belt at locations where 
the frequency ratio is 3:1, 5:2, 7:3, or 2:1; however a 
detailed understanding of the Kirkwood gaps is still an 
area of active research (Ferraz-Mello, 1999). 

Bruce HENRY 


See also Kolmogorov—Arnol’d—Moser theorem; 
N-body problem; Normal forms theory; Poincaré 
theorems; Solar system 
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HETEROCLINIC INTERSECTION 


See Phase space 


HETEROCLINIC TRAJECTORY 


See Phase space 


HIERARCHIES OF NONLINEAR 
SYSTEMS 


Although we must deal with many _ hierarchical 
structures in the course of life—social, military, and 
monetary, among others—two are of particular interest 
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to practitioners of nonlinear science: the biological and 
cognitive hierarchies. 


Biological Hierarchy 


It is an empirical fact that living creatures are 
hierarchical in structure, organized according to a 
scheme that is roughly as follows. 
Biosphere 
Species 
Organisms 
Organs 
Cells 
Processes of replication 
Genetic transcription 
Biochemical cycles 
Biomolecules 
Molecules 
Atoms 
Several comments are in order. First, it is only the 
general nature of this hierarchy that is of interest here, 
not the details. Second, the nonlinear dynamics at each 
level of description generate emergent structures, and 
nonlinear interactions among these structures provide 
a basis for the dynamics at the next higher level (Scott, 
2003). Thus, molecules emerge from the nonlinear 
forces among their constituent atoms, biomolecules 
emerge from molecules, biochemical cycles (such as 
the Krebs cycle, which processes energy in a living 
cell) emerge from interactions among biomolecules, 
and so on. Third, the emergence of a new dynamic entity 
usually involves presence of a closed causal loop, which 
leads to positive feedback and exponential growth that 
is ultimately limited by nonlinear effects. 

Finally, it should be noted that philosophers disagree 
about the ontological status of an emergent entity. Are 
the levels mere designations, convenient for academic 
organization, or do they mark qualitatively different 
realms of reality? 

In attempting to answer this question, it is 
important to know whether the upper levels of the 
biological hierarchy can be derived from lower levels, 
which leads to the concept of reductionism. In other 
words, can the upper levels of the hierarchy (organisms, 
species, biosphere) be logically derived from the 
properties of the lower levels? Or are they in some sense 
independent? In response to such questions, condensed 
matter physicist Philip Anderson has commented 
(Anderson, 1972): “The ability to reduce everything to 
simple fundamental laws does not imply the ability to 
start from those laws and reconstruct the universe.” 

Why not? Like the flame of a candle, the Belousov— 
Zhabotinsky reaction, or a nerve impulse, the dynamics 
of biological systems arise from nonlinear reaction- 
diffusion processes, in which the particular atoms 
participating in the reactions change with time. Thus, 
exact knowledge of the positions and velocities of the 
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constituent atoms of an organism at one time tells 
little about the behavior at a later time (Bickhard & 
Campbell, 2000; Scott, 2002). Of course, a dedicated 
reductionist would respond that the explanatory net has 
not been cast far enough—all the atoms and radiation 
that wander into and out of the organism must be 
followed—but few seriously propose to do this as it 
would require computing in detail the dynamics of the 
entire universe. 


Cognitive Hierarchy 


Just as the phenomenon of life arises from the 
hierarchical nature of the biological realm, it has been 
suggested that the mysteries of mind may stem from an 
analogous hierarchy, describing levels of activity of the 
brain. Again ignoring details, this cognitive hierarchy 
may be sketched as follows. 


Human cultures 
Phase sequences 
Complex assemblies 


Assemblies of assemblies of assemblies 
Assemblies of assemblies 
Assemblies of neurons 
Neurons 
Nerve impulses 
Nerve membranes 
Membrane proteins 
Molecules 
Atoms 


To the previous comments on the biological hierarchy, 
the following can be added. Although the biological 
levels are observed—through x-ray diffraction, via 
electron and light microscopy, or more directly— 
several levels of the cognitive hierarchy are theoretical 
constructs. This is particularly so for the cell assemblies 
and their constituent subassemblies, which Donald 
Hebb proposed to underlie the dynamic nature of 
human thought (Hebb, 1949). Thus a particular 
complex cell assembly that embodies a particular idea 
(your memory of your grandmother, for example) might 
involve interactions among several (visual, auditory, 
conceptual) subassemblies as suggested by Figure 1. 

In this figure, the shaded areas do not suggest that all 
neurons in that region are firing, but only those (perhaps 
ten thousand or so) that have become specific to this 
particular memory through many related experiences 
and interactions. The neurons of this assembly are 
interconnected in such a manner that they are “capable 
of interacting briefly as a closed system, delivering 
facilitation to other such systems and usually having a 
specific motor facilitation” (Hebb, 1949). As acomplex 
assembly comprises subassemblies that in turn are 
composed of yet more basic constituent assemblies, the 
concept is inherently hierarchical. 
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Figure 1. A sketch of the left side of the human brain, suggesting 
how the active subassemblies (shaded areas) of a complex 
cell assembly might be distributed over various lobes of the 
neocortex. 


Although Hebb’s theory is in accord with a 
substantial amount of psychological data (Hebb, 1980; 
Scott, 2002), it is difficult to imagine placing electrodes 
in the neocortex so that the simultaneous firings 
of a substantial number of these assembly neurons 
could be recorded. Nontheless, a substantial amount 
of experimental and numerical data is accumulating in 
support of this theory. 

At higher levels of the cognitive hierarchy, we 
recognize the phase sequence, in which the focus 
of thought moves from one complex assembly to 
the next in a train of thought or a dream. At yet 
higher levels, important aspects of cultural dynamics— 
ingrained social prejudices, for example, or an aversion 
to eating certain foods—may remain unrecognized as 
they play important roles in human behavior. 

ALwyn Scorr 


See also Cell assemblies; Electroencephalogram at 
large scales; Emergence; Neural network models 
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HIGGS BOSON 

Particle physics is devoted to discovering and 
investigating the fundamental constituents of all the 
matter in the universe (at all times), and the forces of 
nature by which these constituents interact with each 
other. The theoretical framework that currently aids our 
understanding is called the Standard Model. Although 
there is no experimental result that significantly 
disagrees with the Standard Model, it is not a 
complete theory; indeed, there are several reasons why 
the Standard Model is not a theory at all in the normal 
sense of the word. Perhaps the most important of these 
is that it contains a large number of parameters (such as 
the fundamental particle masses) that are not predicted 
but determined experimentally and then incorporated 
into the theoretical framework. 

A principle mission of particle physics is the 
development of a complete, fundamental theory that 
unifies all of the known forces into one. Historically, 
this process seems to be taking place one pair of forces 
at a time (for example, James Clerk Maxwell famously 
unified electricity and magnetism in the 19th century), 
and an important feature of the Standard Model is that it 
contains the unification of the short-range weak nuclear 
force and the long-range electromagnetic force. The 
strong nuclear force is not yet unified and gravity is 
completely excluded from the standard model. 

Although the successful implementation of electro- 
weak unification encourages particle physicists to 
consider the Standard Model as a low energy approx- 
imation of a more fundamental theory, electroweak 
unification comes at a price. The quantum of the electro- 
magnetic field is the photon, which has zero rest mass. 
The weak field has a chargeless quantum, known as the 
Z particle, and a charged quantum, known as the W 
particle. The rest masses of the Z and the W are both 
almost 100 times the proton rest mass. This huge differ- 
ence in the masses of the particles associated with the 
electromagnetic and weak force fields is known as elec- 
troweak symmetry breaking, and in order to interpret 
it, physicists have introduced into the Standard Model 
an arbitrary mathematical trick. 

In a series of papers some 40 years ago, Englert 
and Brout (and independently, Higgs) pointed out 
that a symmetry-breaking idea used in the theory 
of superconductivity could also be used to break 
the electroweak symmetry. This mathematical trick is 
known in particle physics as the Higgs mechanism. 
In the theory of superconductivity, the idea explains 
how photons appear to acquire mass inside a 
superconductor. Introducing it into the Standard Model 
provides an explanation of where the Z and W masses 
come from. 

The Higgs mechanism is most readily viewed in 
terms of a constant, ubiquitous energy field that has 
no preferred direction in space. This field is known 
as the Higgs field. It is this Higgs field that breaks 
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the electroweak symmetry, giving mass to both Z and 
W while retaining a massless photon. Just as there 
are well-defined quanta, known as bosons, associated 
with each of the known force fields, so it is with the 
hypothetical Higgs field. In the simplest version of the 
Higgs mechanism, there is just one quantum and it is 
known as the Higgs particle or Higgs boson. 

So, to recap, the Higgs particle is intimately 
associated with the Higgs field, and the Higgs field 
is assumed to be responsible for the mass difference 
between the quanta of the electromagnetic and weak 
fields. It is not too much of a stretch to expect that 
the masses of all matter particles (quarks and leptons) 
somehow get their masses from the Higgs mechanism. 
Indeed, the coupling of every particle to the Higgs 
field has strength proportional to its mass, and so this 
interpretation seems natural. Unfortunately, the Higgs 
mechanism does not reduce the number of unknown 
parameters of the Standard Model—there is still one 
per particle, plus a few more. 

Curiously, the assumed Higgs particle has quite well- 
determined properties. Its mass, like all other particle 
masses, is not predicted but must be measured. As a 
function of an assumed mass, however, one can use the 
Standard Model to calculate the rate at which it will be 
produced in a high-energy collision of two elementary 
particles. The Higgs particle is expected to be highly 
unstable, and it is also straightforward to calculate, 
using the Standard Model, how it will decay. In other 
words, what it will decay into and with what relative 
rates. These Standard Model predictions provide a basis 
for experimental searches for the Higgs particle. 

The particle experimentalists perform experiments 
in which they collide, at the highest available energy, 
protons with protons, or protons with antiprotons, or 
electrons with positrons. They then examine the debris 
of the collision for evidence of a Higgs particle whose 
properties match those suggested by the Standard 
Model. 

In this manner, the experimental techniques of 
particle physics have been able, over the past decade 
or so, to eliminate the possibility of a Higgs 
particle with mass below about 120 proton masses or 
above about 200 proton masses. When the Higgs 
mechanism was first introduced to particle physics, 
the mass of the Higgs particle could have been 
anywhere between zero and about 1000 times the 
proton mass. One of the remarkable achievements of 
particle physics over the past few decades has been the 
elimination of most of this mass region. Of course, this 
elimination is of a statistical nature and the best thing 
that physicists can do is to assign a measure of the 
statistical confidence to these limits. In late 2002, most 
particle physicists were confident that if the Standard 
Model Higgs particle exists, its mass is probably 
in the mass range of approximately 120-200 proton 
masses (somewhere between the atomic masses of tin 
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and gold). The Tevatron (proton-antiproton collider 
accelerator at Fermilab with energy close to 2 TeV) 
has a chance to investigate the lower 10% of this mass 
range; the Large Hadron Collider (LHC; proton-proton 
collider accelerator under construction at CERN with 
energy 14 TeV, scheduled to start operation in or after 
2007) will finish the job. Thus, by 2020 at the latest, 
we will know whether there is a Higgs particle, and 
therefore whether Nature uses the Higgs mechanism to 
generate the masses of fundamental particles. 

STEPHEN REUCROFT 


See also Born-Infeld equations; Matter, nonlinear 
theory of; Particles and antiparticles; Skyrmions; 
String theory 
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HILL’S EQUATION 


See Periodic spectral theory 


HIROTA’S METHOD 


Ryogo Hirota originally proposed his bilinear method 
as a “direct method” for constructing multisoliton 
solutions to integrable equations. The method is 
“direct” in the sense that one can apply it without 
resorting to deeper mathematical properties, for 
example, to those that are needed in order to apply 
the inverse scattering transform (IST). In practice, 
this means that Hirota’s method is applicable to a 
wider class of equations. Nevertheless, the bilinear 
method is related to deep mathematical foundations of 
soliton theory (Sato theory), as has been shown by the 
members of the Kyoto school (Sato, Date, Jimbo, Miwa, 
Kashiwara). 


Prototypical Result: The KdV Equation 


Let us see how Hirota’s bilinear method works for the 
Korteweg—de Vries (KdV) equation 


Uxxx + 6uuy + U; = 0. qd) 


It is known from IST that multisoliton solutions can be 
written as u = 202 log(det M), where the entries in M 
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are of the form co + cye°2**°! for some constants c;. 
Thus, det M is a sum of exponentials and, therefore, an 
entire function. This inspired Hirota to write the KdV 
equation in terms of a new dependent variable F defined 
by (Hirota, 1971) 


u = 28? log F. (2) 
Then the KdV equation (1) becomes 


Ax [Frxxx F—4 Foxx Fe +3 Fo, + Fer F— Fr Fi] = 0. 
(3) 





Note the derivative outside the brackets, which means 
that the bilinearization actually works most naturally 
for the potential KdV equation. 

In order to shorten the notation, let us introduce the 
bilinear derivative operator D as follows: 


Dy f-g= (dx, ra Ixy)" fF @N8O2)|y,-4,=% 
af fx + g(x — €)|,_o° (4) 


Then the KdV equation may be written in the simple 
form 


(D} + Dy D,) F + F =0. (5) 


Since F was assumed to be a sum of exponentials, 
let us try to construct a one-soliton solution (1SS) to 
(5) using the ansatz 


0 


F=1+e", n=px+ott+n’. (6) 





A direct computation shows that this is indeed a 
solution, provided that w = — ps this condition on the 
parameters is called the dispersion relation. From (2) 
we get the usual soliton solution 


2p7e” p 
u= = ; 
(1+e7)2— 2cosh?(n/2) 





(7) 


where 7 = px — p°t+n°. 

A particularly nice feature of the bilinear method is 
that two-soliton solutions (2SSs) are also very easy to 
obtain. We assume that a 2SS is constructed from two 
1SSs perturbatively as follows: 


F=lte™+e? + ayer”, (8) 





where nj; = pix — pit + n?. 
A direct computation then shows that this is indeed 
a solution of (5), provided that the phase factor is given 


by 
2 
Pi P2 
ay. = | ———]} . (9) 
(oe) 
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Using (2) one gets the nonlinear form of the 2SS, 
which is already rather complicated. The above 1SS and 
2SS ansatze actually work (with suitable a,2) for any 
equation having a bilinear form of type P(D)F - F =0, 
with P(0) =0. 

The above can be extended to a 3SS. By considering 
various asymptotic limits (where one of the three 
solitons is far away), one finds that the proper ansatz 
cannot have new free coefficients, but must have the 
form 


F=1+e%+e2+4e3 4 aye tm n ay3e ts 
+an3e2*3 + ayayzan3eN tt , (10) 





In contrast to the 2SS case, this ansatz only works 
for integrable equations of type P(D)F - F =0, for 
example, the KdV, Sawada—Kotera, and Kadomtsev— 
Petviashvili equations. In fact, the existence of 
multisoliton solutions can be used as a criterion of 
integrability (Hietarinta, 1990). 


Examples of Bilinear Equations 


Let us next consider the nonlinear Schrédinger equation 
(NLS) 


if + bax + 216)? = 0. (uy 
It is bilinearized with the substitution 
¢=G/F, Gcomplex, F real, (12) 
which yields 
F [(GD;+D2)G-F]—G [D2 F-F—2|G|?]=0. (13) 


For normal (bright) solitons we split this into two 
equations for two functions: 


(iD; + D2)G - F=0, (14) 
D2F - F=2|G\?. 
The 1SS ansatz is given by 
G=e", F=1+ae"™”, n= px +ot, 
p and w complex (15) 


and from the equations one finds a dispersion relation 
for the complex parameters, iw + p- = 0), and the value 
of the phase factor, a= 1/(p + p*y. 

Hirota’s method works also for discrete systems. 
Consider the (semi-)discrete Toda-lattice equation 


w= eT n—Yn=1) _ @— Ont1 Yn) | (16) 


First one goes over to the dependent variable r, = 
Yn — Yn—1, and then the substitution e” = 1+ a? log fn 
yields 


(D2 +2) fn > fn = 2fn—1fntl- (17) 
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Since e®?* f (x) - g(x) = f(x + a)g(x — a), we can 
write (17) also in the form 





[D? — 4sinh? (4D,.)] fa» fr = 0. (18) 
The 1SS is given by 
fn(t) = 1+ 2 Prton, (19) 
where w= + sinh(p). 


The above types of bilinearizations work, mutatis 
mutandis, for several classes of equations, but 
unfortunately there is no algorithmic method of finding 
the bilinearizing substitution for a given nonlinear 
equation. In fact, it is not even clear a priori how many 
dependent or even independent variables one should 
use. There are some general guidelines; for example, in 
order to bilinearize higher members in a hierarchy, one 
usually needs extra independent variables. If the 1SS 
and 2SS are known, one may use them in order to make 
an educated guess about the bilinearizing substitution. 

The ultimate bilinear equation, from which many 
other bilinear equations can be derived as particular 
limits, is the Hirota—Miwa equation 


(zie?! + zoe? + 2303) FF =0, (20) 


where z; are constants and D; are arbitrary linear 
combinations of D,, Dy,.... 


The General Perturbative Approach for 
Constructing Soliton Solutions 


Once a reasonable bilinear form has been found, 
one can try to find soliton solutions using a 
perturbative expansion in a fictitious parameter ¢ 
(Hirota, 1976): 


F=fotefitefyt--, (21) 


and similarly for the other dependent variables appear- 
ing in the bilinear equations. One first chooses a suitable 
“vacuum” solution (no solitons), that is, constant values 
for the ¢° terms, with all other terms vanishing. Next 
for a 1SS, one uses a minimal nontrivial entry (typically 
e?*+4)+) at order e, that is, for f|, and normally one 
should then be able to truncate the expansion at this or 
the next level (cf. (6) or (15)). For a 2SS, the previous 
1SS solution is generalized at the ¢ level by taking the 
sum of two terms (cf. (8)), and as a result the expansion 
will truncate later (for KdV at e, but for NLS we need 
even powers up to 4 for F and odd powers up to 3 for 
G). If the expansion does not truncate, it is probable that 
the equation is non-integrable. What helps here is that 
since P(D)e@™* - e&* = P(a — b)e“+)*, the highest 
order terms in P(D)F - F vanish automatically. 

In a systematic construction of multisoliton so- 
lutions, one uses determinants of Wronskian or 
Grammian type, or Pfaffians (Nimmo, 1990). Their ap- 
plicability follows from the fact that determinants often 
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satisfy quadratic identities, of which the Laplace expan- 
sion (a Pliicker relation) is a typical example. The type 
of the matrix used is intimately related to the above- 
mentioned phase factor of the 2SS. 


Backlund Transformations 


In addition to providing a simple method for 
constructing multisoliton solutions, Hirota’s method 
is also natural for studying Backlund transformations 
(BTs). In general terms, the starting set of equations 
and variables is doubled (while adding a new free 
parameter), and their combination is manipulated in 
order to get a pair of bilinear equations that are linear 
in each set of variables. Furthermore, if variables of 
one set are eliminated, one should get back the original 
equations. For example, the BT of the KdV equation is 
(Hirota, 1980) 


3 a 
| (D3 + 3AD, + D,)F'- F=0, (22) 


(D2 — wD, —A)F’- F=0, 


and if one eliminates F’ from this pair, one obtains (a 
derivative of) (5). 


Sato Theory 


The reason Hirota’s bilinear method works so well is 
that it is a reflection of an elegant fundamental theory 
called Sato theory, where bilinear identities (expressed 
using Young or Maya diagrams) play a major role. 
The theory naturally yields several infinite hierarchies 
of equations in an infinite number of variables, and 
their finite-dimensional reductions are the usual soliton 
equations. For an introduction, see Ohta et al. (1988) 
and Miwa et al. (2000). 

Because there is so much mathematical structure 
underlying the bilinear approach, it is not surprising 
that bilinear forms of various equations have appeared 
before in the literature (although only in passing). 
For example, in 1902, Painlevé found bilinear forms 
for the first three of the six Painlevé equations 
using a substitution like (2); his idea was to express 
the equations in terms of entire functions. Indeed, 
the functions that arise in Sato theory are also entire 
functions, called t-functions, and so one often refers 
to the bilinearizing functions (F and G above, for 
example) as t-functions. 


Summary 


Hirota’s bilinear method is a very effective technique in 
constructing multisoliton solutions. For a given equa- 
tion, one should first find a one-soliton solution, and 
using it, one can often guess a method for bilinearizing 
the nonlinear equation. If that is successful, one can 
search for multisoliton solutions using the perturbative 
approach. 
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It is believed that all integrable evolution equations 
are obtained as reductions from a limited number of 
hierarchies, as described in Miwa et al. (2000), although 
the reductions can be highly nontrivial. Conversely, 
for a given new integrable equation, one should try to 
understand its origin as a reduction of one of the known 
hierarchies, and the bilinear form and the phase factor 
are helpful in this process. 

In practical applications, one must nevertheless be 
careful, first to avoid bilinearizations that trivialize 
the system. The usual bilinearizing substitution (2) 
usually yields a multilinear system. One can forcibly 
bilinearize it by separating it into smaller bilinear parts 
and requiring each one of them to vanish independently. 
But if at the end there are more equations than unknown 
functions, the set of bilinear equations so obtained may 
include conditions that did not exist in the original 
equations. 

Also, the existence of a bilinear form does not imply 
integrability. Bilinear forms have also been written for 
many non-integrable models, and the existence of a 
bilinear form does not even imply the existence of 
N-soliton solutions, nor can one always assume that 
the bilinearizing functions are t-functions. Indeed, for 
a large class of bilinear equations (containing non- 
integrable equations), it is possible to find two-soliton 
solutions exhibiting elastic scattering, but that does not 
imply the existence of a general N-soliton solution for 
any N > 2. 

JaRMO HIETARINTA 


See also Backlund transformations; Inverse scat- 
tering method or transform; N-soliton formulas; 
Solitons 
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HODGKIN-HUXLEY EQUATIONS 
Classical experiments on the compound action potential 
produced by vertebrate nerve trunks provided all the 
components for a reaction-diffusion model for the 
propagation of an action potential, with the nerve 
impulse as a nonlinear traveling wave produced by 
the nonlinear “reaction” of excitation and the diffusive 
spread of voltage. Even as late as the 1930s, however, 
it was not clear if nerve excitation was a membrane 
phenomenon, or if the the extracellular potential 
changes were a consequence of some chemical exci- 
tation propagating through the axoplasm. 

The identification of the 100-500 um diameter giant 
axons of the squid as single nerve fibers provided a 
preparation large enough for excitation and propagation 
in a single nerve fiber to be analyzed in detail. Wires 
can be inserted down the axoplasm, one to pass current, 
one to record potential, and one to short circuit the 
resistance of the intracellular axoplasm, providing a 
space clamp under which the membrane potential is 
spatially uniform. Current can be passed between the 
internal electrode and external electrodes, exciting a 
membrane action potential that is recorded as the 
difference in potential V across the membrane. 

The membrane current Jim is the sum of a capacitative 
and an ionic current: 


Im = Cm4V/dt + Tion (1) 


with the membrane capacitance Cm = 1 pFem™?. 


Direct recordings of the membrane action potential 
show that the potential changes sign, from a resting 
value of —60 mV to a peak value of + 40 mV. The 
peak of the action potential varies logarithmically with 
the extracellular Nat concentration, showing the role 
of sodium ion (Na*) current in the generation of the 
action potential. 

The voltage clamp technique uses a feedback circuit 
to control the potential across the membrane. Using 
rectangular command pulses, the membrane potential 
can be changed from its resting value to an arbitrary 
value within a fraction of a millisecond. During a 
voltage clamp, the only current flowing across the 
membrane is ionic and is equal and opposite to the 
current that is injected to maintain the clamp. Net 
ionic currents can be measured, and dissected into their 
components by ion substitution experiments. From 
the estimated ionic currents and their electrochemical 
gradients, the ionic conductances changes can be 
calculated. Under a depolarizing voltage clamp, the 
sodium(Nat )-conductance change is fast and transient, 
while the potassium (K*)-conductance change is 
slower, delayed, and maintained. 

Hodgkin & Huxley (1952) fitted their extensive 
series of experimental measurements of ionic currents 
obtained under voltage clamp and synthesized their 
empirical equations into a quantitative model for the 
propagating action potential. 


HODGKIN-HUXLEY EQUATIONS 


For axoplasmic resistance R and membrane capac- 
itance C, both per unit length of axon, the spread of 
membrane potential V with distance x (cm) and time ¢ 
(ms) is described by a reaction—diffusion equation: 

av 1a’v 
Raa ~ fom (2) 
where Jion is a nonlinear function of V andt . 

The membrane ionic current Jion is assumed to 
be composed of three independent components, a 
Nat*-current JNa, a Kt-current Jx, and a leakage 
current density J, (wAcm™?) that flow through 
separate conductance pathways that have different 
ion-selectivities, maximal conductances, and voltage- 
dependent kinetics. Thus, 


Tion = INa + Ik + IL. (3) 
The instantaneous current-voltage relation for each 
pathway is linear, so the current is the product of 
a conductance and a driving force—the difference 
between the potential V and the equilibrium (Nernst) 
potential for the pathway. The Nernst potential 
is determined by the intracellular (axoplasm) and 
extracellular (artificial sea water) ionic concentrations, 
and VNa = — 115, Vk =+ 12, and VL. = — 10.613 mV 
(the unreasonable precision for Vi is to fix V=0 
as a stable equilibrium solution). The conductance is 
the product of the maximal conductance g and gating 
variables—activation m and inactivation h for Na*- 
channels activation n for K*-channels. The activation 
variables are raised to a certain power (3 for m, 4 for 
n) that empirically reproduces the delayed, sigmoid 
increase in current and may be interpreted as the number 
of gating structures per channel. Thus 


INa = Bnam?h(V — Vva), 
Ix = axn'(V — Vx), 
TL = gi(V — Vy). (4) 
Each gating variable obeys first-order kinetics 
dm/dt = a,(1 —m) — Bym, 
dh/dt = a;,(1 — h) — Brh, 
dn/dt = a,(1 —n) — Byn (5) 
with rate coefficients a and 6 for opening or closing 
that are empirical functions of voltage: 
0.01(10 — V) 
exp(10— V)/10—1° 
in = 0.125 exp(—V/80), 
0.1(25— V) 


n= 


om = xps—V)/10—1° 
Bm = 4exp(—V/18), 
ap, = 0.07 exp(—V/20), 
1 
Bn (6) 


~ exp(30 — V)/10 + 1 
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Figure 1. Voltage dependence of time coefficients and steady 
state values for gating variables m, h, and n of HH equations. 


The rate coefficients a and 6 are derived from the 
experimentally estimated time constants t and steady- 
state values illustrated in Figure 1, for example, 


Tn = 1/(Qm of Bm), mo = Om /(m ae Bm). (7) 


Numerical solution (on a mechanical hand calculator) 
of the membrane equations reproduced both the 
subthreshold and action potential responses to initial 
depolarizations and a decrease in latency seen with 
increasing amplitude above threshold. 

Computations of the total conductance change dur- 
ing the membrane action potential; total ion fluxes, time 
course of refractory period, and damped oscillatory re- 
sponses matched experimental observations. The equa- 
tions were based on experiments performed at 6.3°C; 
a Qjo of 3 (increasing temperature by 10° caused the 
rates to increase by a factor of 3) allowed simulation of 
the temperature dependence of the action potential. A 
solitary propagating solution of Equations (1)-(6) was 
obtained by assuming a wave solution traveling with a 
constant velocity of 6 and making a coordinate trans- 
formation = x — Ot to reduce Equation (1) to an au- 
tonomous system of ordinary differential equations. A 
value of @ = 18.8 ms~! was found by trial and error to 
give an appropriately bounded solution in this traveling- 
coordinate system, which is close to the experimental 
estimate of 20ms~!. For this work Alan Hodgkin and 
Andrew Huxley shared the Nobel Prize in Physiology 
or Medicine in 1963. 

Early digital computations showed the continuous 
HH membrane equations to have a quasi-threshold, 
with the size of the action potential increasing smoothly 
with stimulus intensity. This contradiction of the “all- 
or-none” nature of the nerve impulse required control 
of variables to a higher resolution than thermal noise 
would allow in practice. However, similar behavior 
was found both numerically and experimentally at 
high temperatures (Cole et al., 1970). The membrane 
equations respond to steady injected currents by a 
repetitive discharge with a rate from 50 to 125 s~!, with 
a logarithmic relation between rate and injected current 
density, as found in sensory coding. The numerical 
and experimental responses to periodic stimulation 
include phase-locked, entrained, and even chaotic 
responses. The close agreement between numerical 
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Figure 2. Constant velocity travelling wave solution of HH 
equations. Transmembrane voltage (upper) and membrane 
permeability (lower). 


and experimental results has allowed chaos in the 
periodically forced squid axon to be a test signal for 
the validation of methods of quantifying chaos. 

The equations successfully reproduced experimen- 
tal data on membrane potential, ionic currents, and ion 
fluxes and provided a quantitative theory for the exci- 
tation and propagation of the nerve impulse. The equa- 
tions were an empirical description of the currents seen 
under voltage clamp that also gave a quantitatively ac- 
curate reconstruction of the action potential. The form 
of the equations suggested a simple model of gated 
pores, with each pore gated by a system of four inde- 
pendent gates, and each gate opening or closing inde- 
pendently, with voltage-dependent, first-order kinetics. 
This physical model, of gated ionic conductance chan- 
nels, has been substantiated by the electrophysiologi- 
cal and molecular biological characterization of single 
ionic channels, their kinetics and gating (Hille, 2001). 
The Hodgkin—Huxley formalism has also been success- 
fully applied to the analysis of excitable membranes of 
nerve, smooth, skeletal, and cardiac muscle. 

The introduction of digital computing into bio- 
science laboratories allowed numerical solution of the 
full partial differential equation system (Cooley & 
Dodge, 1966). Both stable and unstable traveling- wave 
solutions are found (Rinzel & Keller, 1973), and the ef- 
fects of changes in diameter and axonal branching have 
been described. 

As the first quantitatively accurate description of ex- 
citation, the HH equations have been used as a pro- 
totype for studying the behavior of excitation cells in 
general, as well as in circumstances with parameter 
values that may have no biological relevance for the 
squid axon. The development of autorhythmicity, by 
changes in parameters (injected steady current, max- 
imal conductances, extracellular ionic concentrations, 
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temperature), has been shown to be by simple Hopf 
bifurcation; the bifurcation curves in parameter space 
have been mapped (Holden & Winlow, 1984) and ex- 
plained using singularity theory (Golubitsky & Scha- 
effer, 1985). The HH equations were in fact a case 
study for the first numerical package for using con- 
tinuation algorithms to track Hopf bifurcation curves. 
Phase-resetting behavior and annihilation of repetitive 
activity by appropriately timed perturbations has been 
computed and found in experiments (Guttman et al., 
1984). 

The importance of the HH equations in physiology 
has led to interest from mathematicians, either 
by generalizing the equations to characterize the 
mathematical aspects of excitation (Carpenter, 1977) 
or to allow exotic behavior such as bursting or by 
simplifying the equations to allow analysis or to 
facilitate numerical computations. 

ARUN V. HoLDEN 


See also Excitability; FitzHugh-Nagumo equation; 
Hopf bifurcation; Markin-—Chizmadzhev model; 
Nerve impulses; Neurons; Periodic bursting 
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HODOGRAPH TRANSFORM 


Consider an N-component system with dependent 
variables 


u(x,t) = [uy (x,t), u2(x, f),...un (x, f)] 


HODOGRAPH TRANSFORM 


that satisfy the partial differential equations 


N 
ou 
Fp = wu Zr vj) ER, 
j=l 
i=1,...,N. (1) 


Under invertible smooth changes of variables of the 
form 


uj = Uj(WI, W2,... 


the coefficients v;; transform as a tensor, 


Vij(U1, U2,...,UN) > Urs(W1, W2,..., WN) 


3 Br u(w)) oe 
= — vij (u(w)) —. 
ao Ou; 2 dws 

i,j=l 
Now let us assume that the eigenvalues 1, A2,..., An 
of the matrix v;; are real and distinct, so system (1) 
is hyperbolic. Then it is possible to reduce (1), using 
transformation (2) to a diagonal form 





OME og eee Pat Gn ay 6B) 

op Wa v=1,24,...,V, 
where w (x, ft) =(w1 (x, t), w2(x, t),..., wn (Xx, f)). 
The variables w),w2,...wy are called “Riemann 


invariants,” and the coefficients A;(w), A2(w),..., 
An (w) are the corresponding characteristic velocities. 

For N = 2 it is always possible locally to reduce (1) 
to Riemann invariant form, while for N > 3 this is not 
true in general. When system (1) is reducible to the 
diagonal form (3), itis sometimes possible to integrate it 
through the so-called hodograph transform. For N < 2, 
this fact is well known (see Courant & Hilbert, 1962); 
while for N > 3, the result was proved by Tsarev (1985). 
Let us consider the two-component system 


dw) a so 
— =i (wi, w2)—, 
Gi. Oe 

dw2 dw 


oe ay ees 4 
re 2(w), w2) ax (4) 


To integrate (4), we map it into a linear set of 
equations, by interchanging the role of the dependent 
and independent variables, the so-called hodograph 
transform (x, t) > (wy), w2). In this transformation 











a a 
aox 1 W A ay soca 
Z J 
O,W1 dx W2 





dot = , t= , 
ae J 
where x=x(w),W2), t=f(w1,w2), 0; =0/du;, 
i=1,2 and J =0,w 0;,w2 — 0;W10,W2 is the Jaco- 
bian. Then system (4) is mapped into the linear equa- 
tions 


d2x + A, Oot = 0, 





Ox +A2d01t = 0. (5) 
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The hodograph transform guarantees a linear equation, 
but it may not be useful in practice. Let us write (5) in 
the equivalent form 
02 (x + Ait) =f 2A), 
——— 


xl 
Oy (x + Agt) =f OjAd. (6) 
—S 


x2 





Then the functions w)(x,f) and w2(x,t), defined 
implicitly by 


Xi(wi, w2) = Ai (wi, w2)t +x, 




















xX2(w1, w2) = A2(w1, w2)t +x, (7) 
solve (4) if 
02X1 O2A1 1x2 O1A2 (8) 
Mi x20 A a2 Xa MA 
Indeed from (7) 
pa TR 
~ Ay — Ad’ 


and substituting the above into (6), we obtain the linear 
overdetermined system (8). 
As an example, consider the Born—Infeld equation 


(l= 07 Wax +2 Vier — 4+ 02) = 0, (9) 


which was formulated by Max Born in the early 1930s 
as a nonlinear field model for elementary particles. It is 
a simple matter to check that either 


w= V(x -1F) or w= WV(x+r) 


are solutions of (9) for any function W. In particular, 
the solution can be chosen in the form of a single hump 
to give the solitary wave appearance. The equation 
is hyperbolic for solution with 14+ y2—w?>0. 
We notice that the solitary waves have constant 
characteristic velocity +1 and avoid the usual breaking 
expected for nonlinear hyperbolic waves. Interacting 
waves for system (9) were obtained through the 
hodograph method by Barbishov & Chernikov (1966). 
First, if new variables 








E=x-t, n=x+t, 


uy = We, 


are introduced, we obtain the equivalent system 


u2 = Wn 


Onu — dgu2 = 0, 
uzdeu) — (+ 2uyur)dyui + utZdnu2 =0. (10) 


The Riemann invariants are 








JV1+4uju2 —1 JV1+4uju2 —1 
Ww) > w= > 
2u2 Qu} 
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so system (10) reduces to the form 


1 
dW. (11) 


dew = w3d,WI1, dsw2 = za 
wy 


Performing the hodograph transform (y, €) > (w1, w2), 
system (11) is mapped to 
wraé+Iin=0, ah + warn =0, 


where 0) = 0», and 02 = 0. Eliminating 7 leads to the 
simple form 
0102 = 0. 


The above equation is readily integrated as 
x—t=€= Fow)— f w36'(wn) dun, 
x+t=n=G(w2) = f wir wan, 


where F and G are arbitrary functions, and it follows 
that 
av =wiF (w), doy = w2G'(wy). 
It is convenient to introduce 
F(wi) =p, 
w = {(), 


G(w2) =9, 
w2 = 05 (0), 


so that the corresponding expression for yw reads 
w = O1(p) + O2(0), 
oO 
x-t= o-f ©2(c) do, 
—-ooO 
+00 
x+t =o+f ©? (p) dp. 
p 
If ©; (p) and ®2(c) are localized, say, they are nonzero 
in —1<p<Oand0<o <1, then 
w= @)(x—-t) + O.(x4+1), ¢ <0, 


while for tf + + 00, the solution approaches 


p= % (: +f oF(c)40) 


+00 
+) (s+ f oFtpae). 


foxe} 





Each wave receives a displacement in the direction 
opposite to its direction of propagation equal to 


+00 
/ @?(r)dt, i= 1,2. 


oe) 


The interaction is remarkably similar to the interaction 
of solitary waves even though the Born—Infeld equation 
belongs to a different class of systems. We remark that 
the above analysis is valid provided that the mapping 
from the (x, t) plane to the (p, a) plane is nonsingular. 
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Application to Multiphase Averaging 


The generalized hodograph method is used to integrate 
(Dubrovin & Novikov, 1989) the multiphase averaged 
equations or Whitham equations (Whitham, 1974; 
Flaschka et al., 1980). These equations are obtained 
by averaging conservation laws over the family of 
multiphase solutions of one-dimensional integrable 
nonlinear evolution equations like, for example, the 
Korteweg-de Vries equation. The Whitham equations 
describe the modulation of the wave parameters and 
wave numbers of the multiphase solutions over time 
and space scales of order et and ex, where t and x 
are the independent variables of the original nonlinear 
evolution equations and 0 < ¢ < 1. When the Whitham 
equations are hyperbolic, the technique of integration 
follows from a result of Tsarev (1985) that generalizes 
the hodograph transform to many dependent variables. 
The following condition is sufficient for integrability 


9. OKA; 5 iA; 
Nop—ay) ay? 


iA FKL G,K=1,...,N. 





The integration of (3) is obtained as follows. If 





xi(w),..., Xv(w) solves the linear over-determined 
system 

P Xi — Xj ‘ a 

shes Oe ce i#j,ij=l,...,N, (2) 
then the solution w(x, t),..., wy (x,t) of the gener- 


alized hodograph transform 
x+Ai(w)t=xi(w), i=1,...,N, 


satisfies (3). Conversely, every solution of (3) can be 
obtained in this way in the neighborhood of a point 
(xo, fo) where 0,w;,i=1,2,...,.N, is not vanishing. 
The solution of the linear overdetermined system 
(12) corresponding to the Whitham equations can be 
obtained by algebro-geometric integration. 
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HOLE BURNING 


Hole burning is a nonlinear technique for high- 
resolution spectroscopy, which was first demonstrated 
in magnetic resonance spectroscopy (Bloembergen et 
al., 1948). Hole burning employs the spectral purity of 
a laser to remove from an inhomogeneously broadened 
spectral line a narrow homogeneous line, causing a dip 
(or hole) in the spectrum. Thus, the technique is aimed 
at revealing the homogeneous line shape in the presence 
of strong inhomogeneous broadening. 

The homogenous line shape is usually a Lorentzian 
whose full width Aw, is determined by the phase 
relaxation time T> of the system being considered 


Aon = 1/T2. (1) 


T, is itself composed of two different times T, and 
Ty. T, is the energy relaxation time, that is, the 
time by which a non-equilibrium population reaches 
equilibrium. 7; is the pure dephasing time, the time in 
which an ensemble of molecules randomizes its initial 
coherent motion. From the Bloch equation, it can be 
readily shown that 


1/T) =1/T; +2/T. (2) 


Hence, the homogeneous line shape function contains 
all the information on energy relaxation and dephasing 
processes (Abragam, 1961). 

The inhomogeneous width Aq; is often much larger 
than Aw;, so that the homogeneous line shape is 
completely masked. Inhomogeneous line broadening 
occurs since the microenvironments of the molecules, 
atoms, etc. under consideration are different, so 
the respective resonance frequencies experience a 
dispersion. Accordingly, the associated line shape is, 
as a rule, a Gaussian. In magnetic resonance this 
dispersion has its origin in the field inhomogeneities, 
in optical spectroscopy it comes from structural 
imperfections of the matrix in which the probe molecule 
is embedded. 

Hole burning is one possible method for revealing 
the homogenous line shape. It is a special variant of 
saturation spectroscopy for the case that Aw, < Aaj. 
There are two main branches of this technique, namely 
saturation via the power and saturation via the radiation 
dose of the applied field. A two-state system, for 
example, an electronic two-level system of a probe 
molecule in an imperfect lattice, can only be saturated 
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phototransformation 
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Figure 1. (a) Saturation of a three-level system. The storage level |s) is accessible from the excited state |1) by nonradiative processes. 
q_-: laser frequency. (b) Schematic representation of the spectrum associated with saturation of the three-level system. Aw: holewidth. 


In the limit of vanishing saturation Aw; > 2Aw). 


via the power of the radiation field: power is absorbed 
as long as there is a population difference between the 
lower and the upper state. As the power is increased, the 
population of the two states may equalize. Absorption 
and stimulated emission are balanced and the sample 
becomes transparent at the frequency of the radiation 
field. This phenomenon is called saturation. Note that 
power saturation of a two-level system is nonpersistent; 
that is, it decays with the energy relaxation time 7}. 
If the radiation field is tuned through the saturated 
transition, a dip or “hole” appears in the spectrum. The 
width of the hole in a power-saturated transition, Aw), 
however, deviates from the width of the homogenous 
line-shape function because it depends via the so-called 
Rabi frequency @; on the power of the saturating 
radiation: 


A@p = Aonll + a7 Tr]. (3) 


@, is proportional to the amplitude of the radiation 
field. Note that although the width becomes power 
dependent, the shape of the power-saturated transition 
retains its Lorentzian shape. 

A very different saturation process is associated 
with hole burning involving three levels (Gorokhovskii 
et al., 1974; Kharlamov et al., 1974). Although power- 
saturation of an electronic two-level system is possible, 
it is of much less importance compared with saturation 
processes involving three levels, say the groundstate 
of a molecule |0), its first excited singlet state |1), 
and a long-lived intermediate |s) that acts as a storage 
state (Figure la). This intermediate, for instance, 
could be a photochemical state, a structural (e.g., a 
conformational) state or a long-lived spin state. It is 
not directly accessible to the radiation field, but can 
only be populated from state |1) via some radiative 
or radiationless process. Upon irradiating the |0) — |1) 
transition with a laser, population from a small range 
around the laser frequency wy, is transferred to |s). 
Accordingly, a hole appears around wy, in the absorption 
spectrum (Figure 1b). This hole may be persistent if the 


storage state |s) lives sufficiently long, as is the case for 
many photochemical states. In this case, the technique 
is called “photochemical hole burning.” At sufficiently 
low temperatures, say, a few K, T;* becomes very large 
so that Aw, becomes lifetime-limited (Equations (1) 
and (2)). For a dye molecule with a typical lifetime of 
10 ns dissolved in an organic glass, which gives rise to 
a typical inhomogeneous width of 300 wave numbers, 
this means that the burnt-in hole can be 4 to 5 orders 
of magnitude narrower than the inhomogeneous width. 
Because of this improvement in resolution, spectral 
hole burning is essentially a low-temperature technique 
(Friedrich & Haarer, 1984). 

Persistent spectral hole burning may be character- 
ized as a zero-power technique because holes can be 
burnt with vanishingly small power just by increasing 
the irradiation time. Yet, despite the fact that power sat- 
uration can be avoided, there is saturation broadening 
that, in contrast to the two-level case, depends on the 
irradiation dose: as population is transferred to the level 
|s), the number of absorbers in the center of the hole 
decreases steadily. Hence, the population transfer slows 
down in the center but still continues in the margins of 
the hole. This gives rise to an additional broadening in 
a similar way as has been discussed above for power 
broadening. Accordingly, Aw, is obtained from an ex- 
trapolation of the hole width to zero radiation dose. 

Since the power of the radiation field can be 
made vanishingly small, the optics itself is perfectly 
linear. The nonlinear behavior of optical hole burning 
comes in via the persistent changes of the complex 
index of refraction through the irradiated energy. The 
advantage of the technique lies in the persistency of 
these changes. This makes it easy to exploit the high 
resolution, for instance, in measuring the influence of 
small external perturbations in the presence of strong 
inhomogeneous broadening, such as the influence of 
small electric, magnetic, or pressure fields. Persistent 
hole burning has been one of the major techniques 
to investigate the dynamics of low-temperature 
glasses via so-called spectral diffusion experiments 
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(Friedrich & Haarer, 1986), and it has gained much 
attraction in high-resolution spectroscopy of biological 
molecules (Friedrich, 1995). There are also quite a few 
technical applications, mostly in optical data storage 
(Moerner, 1988). 
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HOLONS 


In the literature on nonlinear science, the term holon 
has arisen in two quite different senses: as a type of 
elementary quantum excitation and in the context of 
emergent biological and social phenomena. 


Holons in Physics 


In the physics community, holons are particles with 
zero spin and charge +1 (in units of electron charge e) 
obtained in the fractionalization of an electron or a 
hole. They are related to the phenomena of spin- 
charge separation and fractionalization and are the 
supersymmetric partner of spinons—particles with 
zero charge and spin i. Holons and spinons are 
neither bosons (statistics 0) nor fermions (statistics —1) 
(statistics @ represents the phase that the two-particle 
wavefunction accumulates when one particle is taken 
and moved around another), but obey fractional 
statistics 4 and are, therefore, called semions. 
Recently, it has become possible to experimentally 
realize one-dimensional samples by growing crystals, 
such as KCuF3, SrCuO2, or Sr2CuO3, with strong 
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anisotropy due to antiferromagnetic spin-spin interac- 
tion. Photoemission spectroscopy experiments on these 
crystals show two distinct bands in the energy disper- 
sion, one belonging to the spinon, and the other to the 
holon. In theory and in experiments, holons have been 
observed only in one spatial dimension (Kim et al., 
1996, 1997; Fujisawa et al., 1998, 1999), with credible 
efforts to discover them in higher dimensions having 
remained so far unsuccessful. 

The simplest model where holons show up is 
the supersymmetric t-J model with 1/r? interaction 
(Kuramoto—Yokohama (KY)-model) (Kuramoto & 
Yokohama, 1991). This is a system of electrons on 
a lattice with periodic boundary conditions, where 
it is forbidden that two electrons be on the same 
lattice site. Electrons can hop from site to site, 
there is a Coulomb interaction term, and there are 
also antiferromagnetic spin-spin interactions. The 
Hamiltonian is supersymmetric, in the sense that it costs 
zero energy for a charge to be introduced in the system. 
The elementary excitations of the system are spinons 
and holons. The holons have a dispersion relation: 


e--3[9-4} 


where E is the holon energy, qg is the holon momentum, 
and J is anenergy scale in the system. The configuration 
space of positive energy holons is halved with respect 
to that of an integral particle. Although the equations 
governing the dynamics of spinons and holons are 
different, they yield the same form for the interaction 
between a holon and a spinon and between two spinons. 
The interaction between the holon and the spinon in 
one spatial dimension is inversely proportional to the 
distance between these particles. When the holon and 
the spinon are at the same point in space, the interaction 
between them is divergent and together they form the 
electron. However, the interaction does not diverge fast 
enough to prevent an instability of the electron toward 
decay into the two particles, and indeed there is a small 
but finite matrix element for electron to holon and 
spinon decay. 

An experimentally accessible quantity is the spectral 
function for a holon-spinon pair: 


1 [Jig+3P-o 
mJq\ o—Jlq-§P 


xO [o = Flo sP| 





Aholon-spinon (o,q) = 


nr 
(2) Ee +q(n—q)]- 0] ; 
(2) 


where w and q are the energy and momentum at 
which the measurements are being conducted and 
J is the relevant energy scale in the system. The 
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physical consequence of these measurements is the 
proof of instability of the electron, which is no longer 
a legitimate excitation of the system but breaks up into 
a holon and a spinon (Bernevig et al., 2001, 2002). 


Holons in Biological and Social Systems 


Biological and social systems are typically organized as 
hierarchies, in which nonlinear dynamics at each level 
of the hierarchy leads to the emergence of new dynamic 
entities that provide a basis for the nonlinear dynamics 
of the next higher level (Scott, 1995). 

A well-known example of such a hierarchy is 
the structure of a military unit. Thus, an infantry 
division comprises four regiments, each of which 
comprises four battalions, which consist of four 
companies, and so on, up to 15,000 individual riflemen. 
Similar hierarchical structure is displayed by living 
organisms—for example, a human being is composed 
of a collection of organs, and the organs are composed 
of cells, which are made up of biochemicals (proteins, 
DNA, etc.), down to our constituent atoms. 

In the 1960s, Arthur Koestler proposed the term 
holon to imply a general feature of a biological or social 
system that has a unique identity, yet is made up of 
lower-level features that comprise parts of the whole 
(Koestler, 1968). In this sense, holons are components 
of complex dynamic systems that are efficient and 
adaptable to disturbances, both internal and external. 
For example, you are a holon, as is your liver and each 
of your skin cells. 

Interestingly, the human neocortex seems also to 
be hierarchically organized into closely interconnected 
assemblies of neurons that embody the holonic 
components of complex thought (Scott, 1995, 2002). 
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HOLSTEIN MODEL 


See Davydov soliton 


HOLSTEIN-PRIMAKOV 
TRANSFORMATION 


See Spin systems 


HOMEOMORPHISM 
See Maps 


HOMOCLINIC INTERSECTION 


See Phase space 


HOMOCLINIC TRAJECTORY 


See Phase space 


HOPF BIFURCATION 


The term Hopf bifurcation (also called Poincaré- 
Andronov—Hopf bifurcation) refers to the local birth 
or death of a periodic solution (self-excited oscil- 
lation) from an equilibrium as a parameter crosses 
a critical value. It is the simplest bifurcation not 
just involving equilibria and, therefore, belongs to 
what is sometimes called dynamic (as opposed to 
static) bifurcation theory. In a differential equa- 
tion, a Hopf bifurcation typically occurs when 
a complex conjugate pair of eigenvalues of the 
linearized flow at a fixed point becomes purely 
imaginary. This implies that a Hopf bifurcation 
can only occur in systems of dimension two or 
higher. 

That a periodic solution should be generated 
in this event is intuitively clear from Figure 1. 
When the real parts of the eigenvalues are nega- 
tive the fixed point is a stable focus (Figure 1(a)); 
when they cross zero and become positive the 
fixed point becomes an unstable focus, with or- 
bits spiralling out. But this change of stability 
is a local change, and the phase portrait suffi- 
ciently far from the fixed point will be quali- 
tatively unaffected. If the nonlinearity makes the 
far flow contracting, then orbits will still be com- 
ing in and we expect a periodic orbit to appear 
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Figure 1. Phase portraits of (2) for (a) uw = —0.2, (b) w=0.3. 
There is a supercritical Hopf bifurcation at w = 0. 


where the near and far flow find a balance (as in 
Figure 1(b)). 

The Hopf bifurcation theorem makes the above 
precise. Consider the planar system 


x= Fu, y), 
y= gylt,y), ® 


where jz is a parameter. Suppose it has a fixed point that 
without loss of generality, we may assume to be located 
at the origin of the (x, y) plane. Let the eigenvalues of 
the linearized system about this fixed point be given by 
A(w), ACL) =a(w) + iB (yp). Suppose further that for a 
certain value of 42 (which we may assume to be zero), 
the following conditions are satisfied: 





(i) a)=0, BO)=oF0 

(nonhyperbolicity condition: conjugate pair of 
imaginary eigenvalues); 
d 

Gy ON ed 20 

w=0 

(transversality condition: eigenvalues cross imag- 
inary axis with nonzero speed); 

(iii) a 4 0, where 
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16 (fexx Fayy + 8xxy t yyy) 





t 16a (Fey Sex t fry) 
— fex8xx + Sry8yy) , 


8xy (gxx 4 8yy) 





with fry = (0 fu/Axay)|,,-o (0, 0), ete. 
(genericity condition). 


Then a unique curve of periodic solutions bifurcates 
from the origin into the region w>0 if ad <0 or 
jt <0 if ad > 0. The origin is a stable fixed point for 
f4>O (resp. «2 <0) and an unstable fixed point 
for w~<0O (resp. w>O) if d<O (resp. d>0), 
while the periodic solutions are stable (resp. un- 
stable) if the origin is unstable (resp. stable) 
on the side of =O, where the periodic so- 
lutions exist. The amplitude of the periodic or- 
bits grows like ./[u] while their periods tend to 
2n/|@| as |u| tends to zero. The bifurcation is 
called “supercritical” if the bifurcating periodic so- 
lutions are stable, and “subcritical” if they are 
unstable. 

This two-dimensional version of the Hopf bifur- 
cation theorem was known to Alexandr A. Andronov 
and his co-workers from around 1930 (Andronov 
et al., 1966) and had been suggested by Henri Poincaré 
(1892). Eberhard Hopf (1942) proved the result for ar- 
bitrary (finite) dimensions. Through center-manifold 
reduction, the higher-dimensional version essentially 
reduces to the planar one provided that apart from 
the two purely imaginary eigenvalues no other eigen- 
values have zero real part. In his proof (which pre- 
dates the center-manifold theorem), Hopf assumes the 
functions f;, and g,, to be analytic, but C> differen- 
tiability is sufficient (a proof can be found in Mars- 
den & McCracken (1976)). Extensions exist to infinite- 
dimensional problems such as differential delay equa- 
tions and certain classes of partial differential equations 
(including the Navier-Stokes equations) (e.g., Marsden 
& McCracken, 1976, Sections 8 and 9). 

Example. Consider the oscillator ¥ — (u — x2) + 
x =O (an example of a so-called Liénard system), 
which, with u = x, v =X, we can write as the first-order 
system 


u=v, 


v= —u+(u—uw?)v. (2) 


The origin is a fixed point for each jz, with eigenvalues 
(uw), ACL) = o (u +1/4 - Ww). The system has a 
Hopf bifurcation at ~=0. We have d= 4 and 





a= -— i, so the bifurcation is supercritical and 
there is a stable isolated periodic orbit (limit 
cycle) if 44>0 for each sufficiently small pz (see 
Figure 1). 
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Hopf Bifurcation for Maps 


There is a discrete-time counterpart of the Hopf 
bifurcation that occurs when a pair of complex 
conjugate eigenvalues of a map crosses the unit circle. 
It is slightly more complicated than the version for 
flows. The corresponding theorem was first proved 
independently by Naimark (1959) and Sacker (1965), 
and the bifurcation is, therefore, sometimes called the 
Naimark—Sacker bifurcation. A proof can again be 
found in Marsden & McCracken (1976). 

Consider the planar map f,: R?—> R?, with 
parameter j, and suppose it has a fixed point that 
without loss of generality, we may assume to be located 
at (x, y)=(0,0). Suppose further that at this fixed 
point, Df, has a complex conjugate pair of eigenvalues 
A(w), ACL) = |A(ju) [eto and that for a certain value 
of yz (which we may assume to be 0), the following 
conditions are satisfied: 


(i) |A(O)| = 1 (nonhyperbolicity condition: eigenval- 
ues on the unit circle); 

(ii) 2*(0) # | fork =1, 2,3, 4 (nonstrong-resonance 
condition); 








(transversality condition); 


(iv) a #0, where 
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(genericity condition). 


Then an invariant simple closed curve bifurcates into 
either jz > 0 or uw < 0, depending on the signs of d anda. 
This invariant circle is attracting if it bifurcates into the 
region of jz where the origin is unstable (a supercritical 
bifurcation) and repelling if it bifurcates into the region 
where the origin is stable (a subcritical bifurcation). 
Note that this result says nothing about the dynamics 
on the invariant circle. In fact, the dynamics on the 
circle has the full complexity of so-called “circle 
maps” (including the possibility of having attracting 
periodic orbits on the invariant circle) and depends 
sensitively on any perturbation (see the example 
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below). Consequently, unlike the Hopf bifurcation for 
flows, the Hopf bifurcation for maps is not structurally 
stable. 

Example. Consider the following family of maps: 


fu( : ) = (14+ du+a(x? + y*)) 


cos(c + b(x? + y2)) sin(c + b(x? + y2)) 
sin(c + B(x? + y?)) cose + B(x? + y?)) 


x 
Ga) (3) 


The origin (x, y) = (0, O)is a fixed point for each p. 
The Jacobian matrix of f,, at this fixed point is 














Dy(0,0) = (1+ du) ( cos ¢ — % 


sinc cosc 
and the eigenvalues are A(j), A(w) = (1+ du)etic, 
The map takes a simpler, semi-decoupled form in polar 


coordinates r = x2 + y2, 6 = arctan(y/x): 


r rd +dyu-+ar?) 
(3) >( O+¢4 br? ). (6) 


This five-parameter map is in fact the normal form 
for the Hopf bifurcation up to cubic terms (i.e., by 
a smooth change of coordinates, we can bring any 
Sf, into this form (plus higher-order terms)). The 
parameters a, c, and d in (3) and (5) are precisely 
those defined in the conditions above. We choose a = — 
0.02, b=c=0.1, d=0.2. The map then undergoes 
a supercritical Hopf bifurcation at w~=0, as can 
be confirmed by a simple graphical analysis of the 
decoupled r map (for a > 0, it would be subcritical). For 
sufficiently small j. > 0, we have an attracting invariant 
circle given by r=./—dy/a (see Figure 2). On the 
circle the map is given by 6 + 06+ c—bdyu/a. This is 
simply a rotation through a fixed angle ¢ =c— bdu/a, 
giving periodic orbits if 277/@ € Q, or dense (irrational) 
orbits if 27/¢@ € R\Q. 

If the Hopf bifurcation occurs in a map associated 
with the return map (Poincaré map) near a periodic 
orbit of an autonomous flow, then the bifurcation is 
often called a secondary Hopf bifurcation. In this 
case, the invariant curve corresponds to an invariant 
torus because the flow and attracting periodic orbits on 
the circle correspond to mode-locked periodic motion 
on the torus, while dense orbits correspond to quasi- 
periodic motion. 


Degenerate Hopf Bifurcations 


If one or more of the listed conditions for a Hopf 
bifurcation are not satisfied (for instance, because of 
symmetry), one may still have the emergence of a 
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Figure 2. Phase portraits of (3) for (a) w= — 0.2, (b) uw =0.2. 
There is a supercritical Hopf bifurcation at ~=0. (a = — 0.02, 
b=c=0.1,d=0.2.) 


periodic orbit, but some of the conclusions of the 
theorem may cease to hold true. The bifurcation 
is then called a “degenerate Hopf bifurcation.” For 
instance, if the transversality condition is not fulfilled, 
the fixed point may not change stability, or multiple 
periodic solutions may bifurcate. An important case 
is provided by a Hamiltonian system for which 
complex eigenvalues come in symmetric quadruples, 
and therefore, the transversality condition cannot be 
satisfied. This is why the analogous bifurcation in 
Hamiltonian systems (the so-called “Hamiltonian— 
Hopf bifurcation” (van der Meer, 1985)) is much 
more complicated requiring, for one thing, a four- 
dimensional phase space. 


Applications 


The balance between local excitation and global damp- 
ing mentioned above occurs commonly in physical 
systems. Thus, the Hopf bifurcation underlies many 
spontaneous oscillations, including airfoil flutter and 
other wind-induced oscillations (for example, the 
Tacoma-—Narrows bridge collapse) in structural engi- 
neering systems, vortex shedding in fluid flow around 


a solid body at sufficiently high stream velocity, LCR 
oscillations in electrical circuits, relaxation oscillations 
(the van der Pol oscillator), the periodic firing of neu- 
rons in nervous systems (the FitzHugh—Nagumo equa- 
tion), oscillations in autocatalytic chemical reactions 
(the Belousov—Zhabotinsky reaction) as described by 
the Brusselator and similar models, oscillations in fish 
populations (as described by Volterra’s predator-prey 
model), and periodic fluctuations in the number of in- 
dividuals suffering from an infectious disease (as de- 
scribed by epidemic models), among others. 

GeRT VAN DER HEUDEN 


See also Bifurcations; Center manifold reduction; 
Normal forms theory; Phase space; Tacoma Nar- 
rows Bridge collapse 
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HOPFIELD MODEL 


See Cellular nonlinear networks 


HORSESHOES AND HYPERBOLICITY 
IN DYNAMICAL SYSTEMS 


In dynamical systems, hyperbolicity refers to the phe- 
nomenon in which nearby orbits diverge exponentially 
fast. It implies instability and sensitive dependence on 
initial conditions; when occurring on a wide enough 
scale, it implies chaos. This entry surveys and puts into 
perspective the core ideas in hyperbolic theory, one of 
the most developed branches in the mathematical the- 
ory of dynamical systems today. 

For definiteness, we discuss only discrete-time 
systems, that is, systems generated by the iteration 
of a map f of a space (usually Euclidean space or 
a manifold) to itself, leaving analogous results in the 
continuous-time case to the reader. 
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Hyperbolic Fixed Points 


A linear map T : R” — R" is called hyperbolic if none 
of its eigenvalues lies on the unit circle. A nonlinear 
map f is said to have a hyperbolic fixed point at p 
if f(p)=p and Df (p) is a hyperbolic linear map. 
Thus, there are three kinds of hyperbolic fixed points: 
attracting (when the moduli of all the eigenvalues of 
Df (p) are < 1), repelling (when they are all > 1), and 
saddle type (when some are > 1 and some are <1). 
In the saddle case, p has a stable manifold W*(p) and 
an unstable manifold W"(p) consisting of points the 
orbits of which tend to p in forward and backward time, 
respectively. 


Smale’s Horseshoe 


Stephen Smale’s horseshoe (Smale, 1967) can be seen 
as a globalization of the idea of a saddle-type fixed 
point to an invariant set with complicated dynamics. 
Geometrically, the presence of a horseshoe implies 
stretching and folding. In terms of orbit types, it implies 
the existence of random motion as unpredictable as the 
repeated flipping of a coin (see below). 

A version of the horseshoe map is shown in 
Figure 1: f stretches the square B in the horizontal 
direction, compresses it in the vertical direction, 
bends the resulting rectangle into the shape of a 
horseshoe, and puts it back on top of B as shown. 
The two shaded vertical strips are mapped onto the 
two shaded horizontal strips, the union of which is 
equal to BN f(B). Reasoning inductively, we see 
that after n iterates, O_o fi (B) is the union of 2” 
disjoint horizontal strips. Iterating backwards as well 
as forwards, we see that A, the set of points that remain 
in B in all forward and backward times, is the product 
of two Cantor sets. 

If we label the left vertical strip in B “L” and the 
right one “R” (or “head” and “‘tail’”’), then every point 
x in A can be coded into a bi-infinite sequence of L 
and R where the ith coordinate is L if and only if f'x 
is in the left strip. It is easy to see that this defines 
a one-to-one correspondence between the points in A 
and the set of all possible bi-infinite strings in L and 
R. An immediate consequence of this coding is that A 
contains many periodic points, one corresponding to 
each finite block of L and R. 

By horseshoes, one generally refers to a much 
larger class of objects than that depicted in Figure 1. 
The map f is assumed to be invertible, but it does 
not have to be linear anywhere. There is a box B 
(or a region B that can be deformed into a box) 
that is stretched and compressed by f and mapped 
to a set, which crosses over B finitely many times. 
Moreover, for points that remain in B, f has well- 
defined expanding and contracting directions, that is, it 
is hyperbolic. For an n-dimensional analog of the linear 





















































Figure 1. The horseshoe map: f sends the square B to the 
horseshoe on the right. 


model in Figure 1, imagine B = Dx x Dn—x, where the 
“horizontal” direction represents a k-dimensional disk 
and the “‘vertical” direction an (n — k)-dimensional disk 
(see also the Smale solenoid picture in the color plate 
section). 

Smale’s idea for the horseshoe was influenced by 
the work of Norman Levinson, who in the late 1940s 
studied a simplified version of the periodically forced 
van der Pol equation and proved that the resulting 
oscillator contains infinitely many periodic orbits with 
distinct periods. This map was shown to have a 
horseshoe by M. Levi many years later. 

Dynamical complexity near homoclinic orbits was 
noted by Henri Poincaré. (A homoclinic point is a point 
in W*(p)1 W“(p) where p is a fixed point of saddle 
type; See Phase space.) An important result due to 
Smale says that transverse homoclinic orbits are always 
accompanied by horseshoes. Thus, locating transverse, 
homoclinic points is a means of detecting chaos. 

Finally, while the presence of horseshoes implies 
the existence of chaotic behavior, it should be pointed 
out that from the probabilistic or observational point of 
view, this may be transient chaos. The reasons are as 
follows. Horseshoes have Lebesgue measure zero. It is 
possible to have a horseshoe A and at the same time 
for the orbit of almost every point to go to a stable 
equilibrium. In such a scenario, a typical orbit may 
come near A, spend some time near A mimicking its 
orbits, before it heads for its eventual destination. An 
experimenter tracking this orbit will observe chaotic 
behavior but only for a finite time period. 


Uniform and Non-uniform Hyperbolicity 


More general than the idea of a horseshoe is that of a 
uniformly hyperbolic invariant set. Let f be a smooth 
invertible map. A compact f-invariant set A is called 
uniformly hyperbolic if everywhere on A, the tangent 
space splits into Df-invariant subspaces E" @ E*, with 
|Df (|| > llvl| for v € E*, || Df) || <|lul| forv € £*, 
v #0. From the 1960s to 1970s, a detailed theory was 
developed for a class of dynamical systems that are 
uniformly hyperbolic either on their entire phase spaces 
or on certain important invariant sets. This theory is 
called Axiom A theory or uniform hyperbolic theory. 
A weaker form of hyperbolicity was introduced 
in the 1970s. The setting here consists of a pair 
(f, w) where f is a map and yw is an f-invariant 
Borel probability measure. Oseledec’s multiplicative 
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ergodic theorem says that at jz-almost every x, the limit 
limy—oo + log || Df" (x)v|| =A, v) exists for every 
tangent vector v. These asymptotic growth rates are 
called Lyapunov exponents. The pair (f, /) is said to be 
non-uniformly hyperbolic if there is a positive measure 
set of x such that A(x, v)>0 for some v and <0 
for other v; that is, there is some expansion and some 
contraction. Pesin’s paper (Pesin, 1977) helped launch 
a systematic study of these systems. The hyperbolicity 
here is non-uniform in the sense that there may be 
points that take arbitrarily long for the expanding and 
contracting behaviors to manifest themselves. Indeed, 
on a set of j-measure zero, the limit above may not 
exist. 

We put into perspective the ideas introduced: 
Horseshoes are examples of uniformly hyperbolic sets. 
They occur widely, and their occurrence does not 
preclude other types of dynamical behaviors. Axiom 
A is a more stringent condition; it requires that all 
important parts of the phase space be uniformly 
hyperbolic. This idealized picture excludes many real- 
life examples; at the same time it has permitted 
the development of a rich and extensive theory, one 
that is useful beyond Axiom A. As for the relation 
between uniform and non-uniform settings, the latter 
is clearly more flexible and therefore larger in scope. 
But the contexts are not identical: the properties of 
(f, 4) depend on jy, and most maps have many 
invariant measures. Not all invariant measures are 
equally important, however (See Sinai-Ruelle-Bowen 
measures). To complete this circle of ideas, we mention 
the following result of Katok: if a non-uniformly 
hyperbolic system has positive entropy and no zero 
Lyapunov exponents, then nearly all of its entropy is 
carried by horseshoes. 

For more on uniform hyperbolic theory, See Anosov 
and Axiom-A systems. 


Highlights from General Non-uniform Theory 


The results below are very general. They hold for all 
invertible maps f (for which both f and f —! are 
twice continuously differentiable) acting on compact 
domains in finite dimensions. For more detailed 
expositions, see Eckmann and Ruelle (1985) and Young 
(1993). 


(1) Local nonlinear theory (Pesin, 1977): It is 
shown that corresponding to negative and positive 
Lyapunov exponents are measurable families of 
local stable and unstable manifolds. 

Structure of conservative systems, that is, when 
jw has a density (Pesin, 1977): Assume there are 
no zero Lyapunov exponents. Then the phase 
space is made up of at most countably many 
ergodic components, each one of which is, up to 
a permutation of sets, mixing. 


(2 


YS 


(3) Relation among entropy, Lyapunov exponents, and 
dimension: For conservative systems, there is the 
following entropy formula (Pesin, 1997): 


/ > Aim; du. 


Ai>0 


Here h,(f) is Kolmogorov—Sinai entropy, and 
the A; are distinct Lyapunov exponents with 
multiplicity m,;. In general, i.e. for arbitrary 
invariant measures, “=” in the formula above is 
replaced by “<” (Ruelle, 1978), and dimension 
enters to give the following equalities (Ledrappier- 
Young, 1985): 


hul(f) = [xr du = -| So di6i du. 


irO ri<O0 


Here 6; is a notion of partial dimension; it gives 
the dimension of , in the direction of the subspace 
of vectors whose growth rates are equal to ;; 
in particular 0 <6; <mj;. Together the results in 
(3) express the following two basic principles: 
randomness is created entirely from expansion; and 
dissipation can be measured in “wasted” expansion, 
that is, by the gap in Ruelle’s inequality or, 
equivalently, by the dimensions of the invariant 
measure. 

Sinai-Ruelle-Bowen (SRB) measures: A special 
invariant measure (to play the role of vol- 
ume) has been identified for dissipative systems 
with strange attractors (See Sinai-Ruelle-Bowen 
measures). 


(4 
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Examples 


A large number of dynamical systems are believed 
to fit into the framework of non-uniform hyperbolic 
theory, but relatively few (that are not uniformly 
hyperbolic) have been rigorously studied. This is due 
in part to technical difficulties in proving the positivity 
of Lyapunov exponents in the absence of invariant 
cones (See Lyapunov exponents). Among the systems 
successfully analyzed, the most prominent are (1) 
Billiards flows, both scattering billiards (including 
the periodic Lorentz gas) and some focusing billiards 
(including the stadium), and geodesic flows on 
manifolds of nonpositive curvature. These systems are 
conservative and have natural invariant measures. (2) 
One-dimensional maps (such as the logistic family) and 
a class of attractors with one direction of instability 
(including the Hénon maps). For these maps, ju either 
has a density or is an SRB measure. 

Lal-Sanc YOUNG 


See also Anosov and Axiom-A systems; Chaotic 
dynamics; Lyapunov exponents; Sinai—Ruelle— 
Bowen measures 
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HURRICANES AND TORNADOES 

As examples of nonlinear emergent structures, hurri- 
canes and tornadoes are both violent and destructive 
atmospheric storms, albeit of different scales: a hurri- 
cane is much larger than a tornado and lives longer. The 
word hurricane derives from the Spanish word hura- 
can which, in turn, stems from the Caribbean name for 
the god of evil; tornado is a variant of the Spanish tron- 
ada for thunderstorm. Both are associated with very 
strong winds circling around a center, called the eye, 
which is the calmest region of the storm with the lowest 
pressure. 

Due to the Coriolis force (which stems from the 
Earth’s rotation), hurricane winds spiral around the 
eye in a counter-clockwise direction in the Northern 
Hemisphere, whereas in the Southern Hemisphere the 
opposite is true. The term hurricane is often restricted 
to storms occurring in the North Atlantic Ocean; the 
same phenomenon over the West Pacific Ocean is called 
a typhoon, and in the South Pacific, a cyclone. For 
simplicity, in what follows, the term hurricane is used 
for the entire phenomenon. 

A hurricane forms as a tropical cyclone in areas over 
warm ocean waters (at temperatures over 26.5°C) un- 
der a number of other preconditions such as a moist 
atmosphere with a sufficiently strong vertical temper- 
ature gradient, and latitudes exceeding approximately 
8° from the equator (the latter condition provides suffi- 
cient Coriolis force to create a wind rotation). Its energy 
source is associated with latent heat release. The low- 
pressure center takes in thermal energy and moisture 
from the ocean surface, the warm air ascends because 
of convection, and the higher pressure in the cold up- 
per levels of the atmosphere pushes it outward. When 
the warm air ascends it cools and the temperature of 
the air may fall below its dew point, releasing water 
vapor that is able to condense into water droplets. The 
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Figure 1. Satellite view of Hurricane Andrew (1992), 
25 August 1992 at 20:20 UT. Courtesy of National Oceanic and 
Atmospheric Administration. 





Figure 2. Photo of a tornado in Seymour, Texas (1979). 
Courtesy of National Oceanic and Atmospheric Administration. 


condensation releases heat that in turn warms the air, 
increasing its ascent; at this stage the storm works as a 
self-sustaining heat engine. When the wind speed ex- 
ceeds 74 mph (119 km h7!), the tropical cyclone is clas- 
sified as a hurricane. In some hurricanes wind speeds 
reach over 280kmh~!. A mature hurricane is nearly 
circularly symmetrical (see Figure 1) and is moved by 
the airstreams in which it is embedded. 

A tornado is a dark, funnel-shaped cloud containing 
violently rotating air that extends downward to the 
Earth (Figure 2). It is often accompanied by lightning 
and a roaring sound. Although it is not yet completely 
known how tornadoes form, the mechanism of tornado 
formation is presently attributed to mechanical and 
thermodynamical processes (the role of atmospheric 
electricity is disputable). Tornadoes are formed within 
massive and powerful storms called supercells. The 
supercells develop inside cumulonimbus clouds, which 
owe their name to the Latin cumulus, meaning mound or 
heap, and nimbus, which refers to rain. Cumulonimbus 
clouds may reach up to 18 km into the stratosphere, 
where the distinctive anvil-shaped top of a cloud 
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consisting of ice crystals is formed. Cumulonimbus 
clouds often form along a squall line (a wall of clouds 
and harsh weather often associated with a cold front) 
where, as a result of convective instability, a supercell 
is generated. 

Once a supercell storm is formed, wind shear creates 
a mesocyclone, a region of rotating updrafts within 
a mature thunderstorm. Eventually, the mesocyclone 
reaches below the cumulonimbus cloud, whereupon 
it is considered a tornado cyclone. As air is pulled 
into the tornado cyclone, the water vapor condenses 
into a visible funnel cloud. When the latter touches 
the surface of the Earth, it is finally considered a 
full-fledged tornado. As time goes on, the tornado 
takes on a brownish color because of the dirt and 
debris it has drawn in. This whole process is termed 
the organizational stage, which leads to the mature 
stage when the tornado is at its largest and strongest. 
Eventually, when its source of warm, humid air is gone, 
the tornado begins to degenerate. This occurs when 
the atmosphere is finally stabilized due to convective 
processes. The tornado enters a shrinking stage and 
begins gradually weakening as it loses fuel. The funnel 
decreases to a thin column and becomes fragmented and 
disorganized in the decaying stage, although it may still 
remain destructive. 

Hurricanes and tornadoes are destructive at- 
mospheric phenomena, and not only because of 
strong winds. Since both hurricanes and_torna- 
does are storms, they are typically associated with 
excessive rainfall that can cause flooding. An- 
other side effect of a hurricane is the so-called 
storm surge, which occurs when the ocean rises 
above its normal tide level. In fact, a hurri- 
cane can cause even more damage through storm 
surge than through strong winds. Still another po- 
tential side effect is the formation of tornadoes 
by thunderstorms embedded in the rainbands of a 
hurricane. 

Both hurricanes and tornadoes are categorized 
by their wind speeds, from weak to devastat- 
ing or violent, under the Saffir-Simpson scale for 
hurricanes and the Fujita—Pearson scale for tor- 
nadoes. While a hurricane can be hundreds of 
kilometers in diameter, the diameter of an av- 
erage tornado is approximately 400 m. Torna- 
does generally last from several minutes to several 
hours, and they travel up to several hundred 
kilometers before dying, whereas hurricanes last 
for several days and travel much greater dis- 
tances. In the United States, about six hurricanes 
and 600 tornadoes are reported in an average 
year. 

Some typical parameters of hurricanes and tornadoes 
are given in Table 1. 

Since 1950, hurricanes have been given human 
names, such as Betty or George. Each year a new 
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Hurricanes Tornadoes 
Wind speed (kph) 119-300 60-over 500 
Diameter 200-1300 km few m-1.5 km 
Lifetime 1-30 days 1-180 min 


Table 1. Some parameters of hurricanes and tornadoes (by 
order of magnitude). 


list of names is made, with male and female names 
alternating alphabetically, and the lists are reused every 
six years. Examples of exceptionally deadly hurricanes 
are the one that occurred in the Bay of Bengal in 
1737, which claimed about 300,000 lives, many lost 
to the huge sea waves; and an 1881 typhoon in China 
with a similar death toll. More recent examples include 
the typhoon Vera (1959) that struck central Japan, 
causing over 5000 deaths and destroying about 40,000 
homes; the hurricane Flora (1963), which presumably 
killed more than 6000 people in the Caribbean area, 
and Camille (1969), with 256 casualties and over 5 
billion dollars of damage in the southern United States. 
The most destructive United States hurricane of record 
was hurricane Andrew. It blasted its way across south 
Florida on August 24, 1992; Louisiana and the Bahamas 
were also impacted. The hurricane caused 26.5 billion 
dollars in damage in the United States, mainly due to 
the winds. 

Regarding tornadoes in the United States, extremely 
destructive was the Tri-State Tornado of 1925, which 
killed 689 people and injured nearly 2000. In the United 
States, tornadoes are most prevalent in “Tornado Alley,” 
a group of central plains states. Since the terrain there 
is relatively flat, warm air coming up from the Gulf 
of Mexico and cold air coming down from Canada 
often clash, to form some of the most fertile tornado- 
producing storms in the world. One such tornado hit 
central Oklahoma in May 1999. Actually, it was a 
tornado outbreak—a collection of tornadoes all striking 
at the same time in the same general area. More than 
70 tornadoes were observed in the region of Kansas, 
Oklahoma, and Texas. They caused 40 deaths and 
injured 675 people, with total damages estimated at 1.2 
billion dollars. 

From the physical viewpoint, hurricanes and 
tornadoes are examples of environmental vorticity, 
requiring interdisciplinary, nonlinear studies for their 
comprehension. Appropriate mathematical models 
comprise a set of nonlinear hydrodynamic and 
thermodynamic equations, and for hurricanes it is 
crucial to account for the Earth’s rotation through 
the Coriolis force. Although a wide network of 
meteorological stations exists and available models 
provide some useful insights, the detailed modeling 
and prediction of hurricanes and tornadoes remains an 
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exciting challenge for future practitioners of nonlinear 
science. 
Lev Ostrovsky AND MASHA SVERDLOV 


See also Atmospheric and ocean sciences; General 
circulation models of the atmosphere; Vortex 
dynamics of fluids 
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HUYGENS PRINCIPLE 


Huygens principle (HP) is a notion that goes back 
to the classical Traité de la Lumiére (Treatise on 
Light) by Christiaan Huygens, which was published in 
1690. In its original meaning, HP gives the following 
geometric description of the wave fronts. Consider a 
wave front at the moment f as the source of the new 
(secondary) waves emanating from points of this front. 
HP states that the new wave front at a later time is 
the envelope of the fronts of these secondary waves 
(see Figure 1). This principle was further elaborated by 
Augustin Fresnel who added the superposition principle 
for the amplitudes of the secondary waves to explain the 
phenomenon of diffraction. 

In the second half of the 19th century, various 
mathematical aspects of the HP were discussed in 
the pioneering works of Gustav Kirchhoff, Eugenio 
Beltrami, and Vito Volterra. At the same time it, became 
evident that different authors were using the term 
Huygens principle with different meanings. It was 
Jacques Hadamard who brought clarity in this area. 
In his fundamental “Lectures on Cauchy’s Problem” 
published in 1923, Hadamard introduced the notion of 
the “Huygens principle in the narrow sense” (minor 
premise) (Hadamard, 1923). In physical language one 
can formulate this principle in the following way: an 
instantaneous signal remains instantaneous for every 
observer at each later time. This property implies that a 
localized disturbance will have an effect localized 


new wave 


front 


wave front 


Figure 1. Diagram related to Huygens’ principle. 
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in time at any point (for example, for sound 
waves after some time there will be complete 
silence). 

Mathematically, HP in the narrow sense means 
that the fundamental solution of the corresponding 
hyperbolic equation vanishes not only outside but 
also inside the characteristic conoid and, thus, must 
be located on it. Equivalently, a hyperbolic equa- 
tion satisfies the HP in the narrow sense if the 
solution of the Cauchy initial-value problem at a 
point P depends not on all the Cauchy data, but 
only on its part on the intersection of the char- 
acteristic conoid with vertex P with the Cauchy 
surface. 

In contrast to the original principle (“major premise” 
in Hadamard’s terminology), which holds for a general 
class of wave propagations, HP in the narrow sense 
is actually a remarkable property valid only for very 
special equations. In particular, this never happens in 
two dimensions, where one has wave diffusion. One can 
see this when a pebble falls in water, where the front 
wave is followed by the so-called “residual waves,” and 
any object on the water surface is hit by the subsequent 
waves many times. 

To explain this phenomenon, consider the funda- 
mental solution of the wave equation 


a a a2 
ates ®=0, 
ar ax? ax? 


(x, 0)=0, “F(0.0) = 8(x). 








This solution has the form 


when n = 3. Here @ is the Heaviside step-like function 
and 6 is the Dirac delta-function. Thus, we see that 
indeed for n = 3, ® is located on the characteristic cone 
t? —|x|?=0, which explains the sharpness of signal 
transmission in our three-dimensional world, while in 
two dimensions this is not the case. 

Corresponding formulas for the solutions of the 
Cauchy problem for the wave equation in two and three 
spatial dimensions were found by Simeon Poisson and 
Kirchhoff, and for general n by Orazio Tedone. From 
these formulas it follows that for the Euclidean spaces, 
the HP in the narrow sense holds in all odd dimensions 
starting from 3 and never holds in even dimensions. 

Hadamard raised the question of how to describe all 
second-order hyperbolic equations that satisfy the HP 
in the narrow sense (Hadamard’s problem). Hadamard 
found a criterion for this, but it was not effective enough 
to answer this question. There was a common belief 
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that the HP in the narrow sense holds only for the wave 
equations in the Euclidean spaces of odd dimensions 
until 1953 when Karl Stellmacher found other examples 
(Stellmacher, 1953). He showed that the hyperbolic 
equation 


aa? a m(m +1 
(8B pata 
t Ox; ax; xy 
with integer nonnegative m satisfies the HP in the 
narrow sense if the dimension n is odd and large 
enough: n > 2m +3. 
Later in 1967-68, Stellmacher and Lagnese solved 


the Hadamard problem in the class of the hyperbolic 
equations of the special form 


Q2 a2 g2 
Bee ' =0, 
a ax? mane id 


when the potential depends only on one of the 
coordinates. They showed that the corresponding 
potentials are rational and (in modern terminology) 
can be described as the results of the Darboux trans- 
formations applied to u =0 (Lagnese & Stellmacher, 
1967). 

The first examples of the Huygensian potentials 
u(x) depending on more than one coordinate were 
found in 1993 by Berest and Veselov, who discovered 
a close relation of the Hadamard problem with the 
theory of quantum integrable systems of Calogero— 
Moser type (Berest & Veselov, 1994; Chalykh et al., 
1999). 

For the hyperbolic equations on the manifolds 
with nontrivial metrics, the Hadamard problem is still 
open even when the number of spatial variables is 
three. There are known only several particular cases 
when HP in the narrow sense is satisfied, including 
the modified wave equation on the symmetric spaces 
with even multiplicities, in particular on the spheres 
(Lax & Phillips, 1978) and simple compact Lie 
groups (Helgason, 1984), and wave equations on the 
spaces with the plane wave metrics (Giinther, 1965). 
For a review of the results on the HP for other 
relativistic wave equations (e.g., Maxwell’s equations), 
see Giinther (1988). 

Because the HP in the narrow sense is a very rare 
phenomenon, it is natural to ask about a weaker version. 
Such a version called the “generalized Huygens’ 
principle” was introduced by Lax and Courant and 
is valid for a general hyperbolic equation. It states 
that the singularities of the solution at the point P 
depend only on the singularities of the initial data 
and only so far as these data are presented on the 
characteristic conoid of P. This implies that “in an 
approximate, and for that matter, usually satisfactory, 
sense any hyperbolic system does preserve the sharp 
signals, though in general slightly blurred” (Courant & 
Hilbert, 1962). 
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Finally, one should mention that the theory of HP 
is closely related to the deep theory of lacunae in 
the domains of dependence of hyperbolic equations 
(Petrovskii, 1945; Atiyah et al., 1970, 1973). 

ALEXANDER P. VESELOV 
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tum nonlinearity 
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HYDROGEN BOND 

The hydrogen bond is a weak chemical bond, 
which nevertheless is fundamentally important in 
stabilizing secondary structure motifs in biological 
macromolecules such as proteins and DNA. Also, the 
peculiar properties of liquid water are attributed to a 
complex hydrogen bond network between neighboring 
water molecules. A hydrogen bond is mediated by a 
proton sitting in between two negatively charged atoms, 
the more negative of which is called the hydrogen 
bond donor and the other the hydrogen bond acceptor. 
Figure la shows a prototype hydrogen bond, using 
the N-H and the C=O group of two peptide units in 
an a-helix as an example (one of the most important 
secondary structure motif of proteins). 

Hydrogen bonding leads to a dramatic distortion 
of the potential energy surfaces that determine the 
nuclei positions, giving rise to strongly anharmonic or 
even double-well potentials. Much of our knowledge 
about hydrogen bond potentials stems from vibrational 
spectroscopy, see, for example, Pimentel & McClellan 
(1976); Hadzi & Bratos (1976); Henri-Rousseau & 
Blaise (1998). The absorption band of the high- 
frequency vibration of the donor-proton bond (i.e., the 
NH bond in the example considered here) changes 
considerably upon formation of a hydrogen bond. 
The most evident effects are a strong red-shift with 
respect to the free group, an intensity increase and 
band broadening, often accompanied by a peculiar band 
shape with rich substructure. These effects could be 
reasonably explained using a model of the electronic 
(ground state) potential energy surface as a function 
of two coordinates, the high-frequency N-H stretching 
coordinate g, and the low-frequency hydrogen bond 
coordinate Q (see Figure la). A Taylor expansion of 
that potential energy surface yields (Hadzi & Bratos, 
1976; Henri-Rousseau & Blaise, 1998) 


V(Q.q) = 5mo*g? + 4MQ?Q? + x/0q? +--+, (1) 


where the first two terms represent the harmonic 
normal modes of the N-H stretching and the hydrogen 
bond vibration with oscillation frequencies w and 
Q and effective masses m and M, respectively. 
Typical vibrational frequencies of N-—H stretching 
modes lie in the range of @ = 3000-3600 cm~!, 
while hydrogen bond vibrations are found around 
Q=50-300cm~!, depending on the masses of 
the molecular groups involved. This translates into 
typical spring constants of ky-y *650N/m for the 
N-H bond and Ky-o © 10 — 20 N/m for the hydrogen 
bond. In the case of most molecular systems, the 
harmonic approximation is extremely good, and higher 
order terms in Equation (1) can be treated as 
weak perturbation (being responsible, for example, 
for energy dissipation). Harmonic normal modes 
have the property to decouple completely. Linear 
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Figure 1. (a) A prototype hydrogen bond. The discussion 
presented here applies for other hydrogen bonds in essentially 
the same way. (b) Potential energy surfaces of the yyy =0 and 
the vyy = | level. 


phenomena, such as propagation of linear phonon 
wave packets, can be fully understood in the harmonic 
approximation. 

However, one of the striking features of hydrogen 
bonds is an extraordinarily large anharmonicity, 
described by third, and higher, order terms in the 
expansion Equation (1). This anharmonicity leads to 
appreciable nonlinear behavior, a property that makes 
hydrogen-bonded crystals interesting objects to study 
in nonlinear science. 

The problem can be simplified significantly when 
taking into account the more than one order of 
magnitude difference in the N-H and the hydrogen 
bond vibration frequency, allowing an adiabatic 
separation of timescales to be introduced. This is done 
in exactly the same way as the Born—Oppenheimer 
approximation separates off the fast motion of the 
electrons from the slow motion of the nuclei. In the 
case of a hydrogen bond, the motion of the fast 
N-H vibration adiabatically adapts to the position of 
the coordinate Q of the hydrogen bond. When the 
coordinate Q is held fixed, one can recast Equation (1) 
in the form 


V(Q,q) = ymaeeg? + 3MQ’ QO? (2) 


with 
x’ 
ett © o+ —Q=0+ xQ. (3) 
mo 


In this approximation, the vibration frequency of 
the N-H stretching mode, and hence its excita- 
tion energy, varies linearly with the hydrogen bond 
distance Q. The other third-order term not con- 
sidered in Equation (1) (~ 07q) leads to a Q- 
dependent shift of the N—H-bond-length without 
change of its excitation energy. Such a linear depen- 
dence is observed experimentally for a large variety 
of hydrogen-bonded crystals (Pimentel & McClellan, 
1976), which allows direct measurement of the nonlin- 
ear coupling constant: yn—H © 500— 1500 cm! JA or 
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XN-H © 1-3 x 10~!°N. The nonlinear coupling con- 
stant varies significantly with hydrogen bond type. 
Starting from Equations (2) and (3), one can 
construct potential energy surfaces (see Figure 1b), 
leading to the displaced oscillator picture that is well 
known from electronic Franck—Condon transitions. 
However, keep in mind that all this is happening on 
the electronic ground state potential surface! Each 
potential energy surface corresponds to a vibrational 
excitation level yy_y = 0, 1, ... of the N-H stretching 
mode, and describes the total energy of the system as 
a function of the hydrogen bond coordinate Q. It is 
the nonlinear coupling term yx that gives rise to the 
displacements of the potential energy surfaces. The 
reorganization energy 4, that is, the energy the system 
gains by relaxation towards the bottom of excited 
state potential energy surface after a vertical “Franck— 
Condon”-like excitation (see Figure 1b), is given by 


x? xe 


ie = : 
IMQ2-2Kn..0 








(4) 


Biological macromolecules, such as proteins and DNA, 
often form one-dimensional quasicrystals with approx- 
imate translational symmetry, whose structures are 
stabilized by hydrogen bonds. This observation mo- 
tivated Alexander Davydov to speculate about non- 
linear collective phenomena in bio-macromolecules 
(Davydov, 1979). Davydov discussed only the C=O 
vibration in a N-H---OC-hydrogen bond, which 
shows the same phenomenon with a smaller, yet 
still appreciable, nonlinearity xco © 300 cm7! JA or 
xco ~ 6 x 107!! N (Carerietal., 1984). Dipole—dipole 
interaction between adjacent C=O and N-H vibra- 
tions tends to delocalize the excitation along the crystal, 
forming a vibrational exciton (vibron). Coupling of the 
vibron to lattice-deformation modes, mediated through 
the nonlinearity x of the hydrogen bonds, subsequently 
self-localizes the excitation. The hydrogen bond is get- 
ting stronger after excitation of the high frequency vi- 
bration (see Figure 1b), leading to a contraction of the 
macromolecular backbone. As a result, solitons and/or 
polarons may be formed. 

PETER HAMM 
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HYDROTHERMAL WAVES 


Hydrothermal waves are traveling waves produced by 
a supercritical instability of the thermocapillary flow 
of a thin liquid layer with a free surface subjected to a 
horizontal temperature gradient. 

This article presents experiments in one spatial 
dimension, then gives some indications about the 
physical basis for wave effects. Extended systems are 
then considered and applications are described. 


Experimental Observation in One 
Spatial Dimension 


Hydrothermal waves were first experimentally ob- 
served in hot-wire convection experiments (Vince & 
Dubois, 1992), and a geometrically simpler system was 
then imagined by Daviaud & Vince (1993) that led to 
the first clear experimental observation of hydrothermal 
waves. 

The classical experiment is as follows: a channel 
whose long sides are thermoregulated copper blocks 
contains a fluid with free surface. Its typical section 
is depicted in Figure 1. The horizontal gradient 
of temperature on the free surface leads to a gradient 
of surface tension. This results in a stationary flow of 
the surface from the hot side (low surface tension) 
toward the cold side (high surface tension): this is 
the Marangoni effect. Due to mass conservation, there 
is a return flow in the bottom of the layer. This is 
the basic thermocapillary flow (Kuhlnan, 1999; Schatz 
& Neitzel, 2001), the instability of which leads to 
hydrothermal waves (Smith & Davis, 1983; Davis, 
1987). A similar flow is present in the melted wax of a 
candle (the cold side being the external boundary and 
the hot side being the wick). For visualization purposes, 
silicon oil is used because it is transparent and allows 
shadowgraphy. 

For fluid depth h larger than the capillary length 
Ac, one observes first when increasing the temperature 
gradient corotative rolls with their axis parallel to the 
cold and hot side of the container. Then hydrothermal 
waves of type 1 (HW1, plane waves) appear on top 
of the rolls (Figure 2a) (Riley & Neitzel, 1998). HW1 
are emitted by “line’-sources that extend over the 
whole extension between the hot and the cold sides. 
For smaller depth h < Ac, waves of type 2 (HW2) are 
observed (Figure 2b,c); they are circular and emitted by 
point sources located on the cold side of the container 
(Burguete et al., 2001; Garnier & Chiffaudel, 2001). 

When the fluid depth is even larger (typically 
larger than the depth At, for which thermocapillary 
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Figure 1. Thermocapillary basic flow created by Marangoni effect and susceptible to instability into hydrothermal waves. Left: the 
melted wax below the flame of a candle is an example of thermocapillary flow. Right: typical section of a laboratory setup. A horizontal 
temperature gradient is applied to a thin liquid layer with a free surface. Hydrothermal waves (not drawn) will propagate in the horizontal 
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Figure 2. Shadowgraphic images of hydrothermal waves in rectangular cells. (a): Ly =30 mm, Ly = 180 mm, h= 2.75 mm, AT = 
7K.A single right-going wave of type | is present. The left side is a source, the amplitude of the wave is weak, and stationary corotative 





rolls orthogonal to the gradient are present. (b): Ly 


30 mm, Ly 


180 mm, h 





1mm, AT =7.3 K. (c): Ly =30 mm, Ly= 90 mm, 


h=1mm, AT =5 K. Hydrothermal waves of type 2, with a source located at the center of the cold side of the channel. 


forces balances thermogravity forces), hydrothermal 
wave instability is replaced by a stationary instability: 
parallel rolls with axis aligned with the temperature 
gradient. 


Physical Mechanisms 


Vertical Temperature Gradient: 

Bénard-Marangoni Instability 

Pearson (1958) gave a simple mechanism to explain 
hexagon formation in Bénard—Marangoni convection. 
In that case, the temperature gradient is purely vertical 
(cold at the surface, and hot at the bottom) and the 
velocity of the fluid is zero before the instability. Let 
us consider a positive temperature perturbation at the 
surface of the fluid: a point has a temperature larger than 
its surroundings. Because surface tension decreases 
with temperature for simple fluids, the surface tension 
is smaller at that point. This implies a differential stress 
on the free surface, and according to the equations of 


motion, the fluid has to flow away from that point 
(fluids flow from regions of small surface tension 
toward regions of large surface tension). But due to 
mass conservation, some fluid must rise up from the 
bulk of the fluid to the point on the surface (in the 
same way that wax climbs around the wick and flows 
away on the surface towards cooler regions). This 
ascending fluid is at a higher temperature because 
of the vertical temperature gradient. In conclusion, 
any positive temperature perturbation at the free 
surface is amplified; this means that there is an 
instability, namely, the Bénard—Marangoni instability 
into stationary hexagons, as can be shown by a linear 
stability analysis. 


Horizontal Temperature Gradient: 

Hydrothermal Waves 

Basically, the mechanism is the same, but one has 
to take into account, first, that the basic flow has 
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Figure 3. Top three pictures: extended patterns: single HW1 (h= 1.9 mm, AT = 14.25 K), HW1 and HW2 together (4 = 1.2 mm, 
AT = 20 K), turbulent HW1 (h = 1.9 mm, AT = 25 K). Bottom three pictures: localized patterns: HW2 (h = 1.2 mm, AT = 10 K), 
inverted spirals (h = 1.2 mm, AT = — 9 kK), and flowers (h = 1.9 mm, AT = — 7 K). 


a finite velocity (see Figure 1), and second, that 
the vertical temperature profile is nonmonotonous. 
This intricacy results in a time-dependent pattern, in 
contrast to the stationary hexagons described above. 
Time-dependence is due to the existence of two 
different timescales: one for the relaxation of thermal 
perturbations (depending on the thermal diffusion 
coefficient) and the other for the relaxation of velocity 
perturbations (depending on kinematic viscosity). The 
ratio of those two timescales is called the Prandtl 
number, Pr. 

Smith (1988) expressed two different tentative 
mechanisms depending on Pr in the limit cases of a flow 
dominated by inertial effects (Pr > 0) or by viscous 
effects (Pr — 00). The relaxation of temperature and 
velocity perturbations then occur on very different 
timescales. Depending on the signs of the temperature 
and velocity gradients, an oscillatory behavior is shown 
to be unstable and to propagate along the horizontal 
temperature gradient (small Pr), or perpendicularly to 
it (large Pr). 

Finally, note that hydrothermal waves are not 
necessarily associated with surface deflections (in 
contrast to gravity waves for example): they are an 
instability mode of the temperature field in the bulk 
(Pelacho & Burguete, 1999). 


Experiments in 2-d 


Recent experiments in extended geometries (the two 
horizontal dimensions are large compared to the 
fluid height) revealed a large variety of hydrothermal 
waves instability modes. Several of these obtained 
in cylindrical geometry (the candle geometry) are 
reproduced in Figure 3. The control parameter is 
defined as AT =Text — Tint. This quantity can be 
positive or negative, and both cases are not equivalent. 
This is due to the presence of curvature (Garnier & 
Normand, 2001) that may also localize patterns near 
the center. 


Applications 


Many technological applications in which the 
Marangoni effect is present will involve hydrother- 
mal waves—even when manufacturing is carried out 
in low gravity, where gravity-dependent, buoyancy- 
driven flow is reduced, for example, floating zone 
purification of silicon crystals, photographic films pro- 
duction, and melting of metals. In all of these processes, 
the aim is to avoid hydrothermal waves, which are detri- 
mental to the final product, for example, by reducing 
the homogeneity of crystals. 





HYSTERESIS 


In the physics laboratory, hydrothermal waves 
represent an ideal experimental nonlinear waves 
system. They are well modeled by acomplex Ginzburg— 
Landau equation (Garnier et al., 2003) and can 
be used as a robust model for the study of the 
transition to spatiotemporal chaos. For example, as 
their group velocity is finite, they are subject to the 
convective/absolute distinction. Modulated amplitude 
waves have also been reported. 

NicoLas GARNIER AND ARNAUD CHIFFAUDEL 
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HYPERCYCLE 
See Catalytic hypercycle 


HYPERELLEPTIC FUNCTIONS 


See Elliptic functions 


HYSTERESIS 


The word hysteresis is derived from the Greek where it 
meant “shortcoming.” In the present physical context 
it describes a retardation effect when the forces acting 
upon a body are changed. In particular, in magnetism 
hysteresis represents a lagging in the values of the net 
magnetization in a magnetic material due to a changing 
magnetizing field. In general, hysteresis signifies the 
history of dependence of physical quantities in systems 
responding to changes in external conditions. The term 
is most commonly, but not exclusively, applied to 
magnetic materials; for example, there is a class of 
metals called shape memory alloys that can be bent 
or stretched plastically over large distances back and 
forth many times without hardening. 

Consider a ferromagnetic material that is originally 
unmagnetized. As the external magnetic field (7) is 
increased, the induced magnetization (M) also in- 
creases. The induced magnetization eventually satu- 
rates. Now, if the external field is reduced, the in- 
duced magnetization also is reduced, but it does not 
follow the original curve. Instead, the material re- 
tains a certain permanent magnetization called the 
remanent magnetization M, when H=0O. The re- 
manent magnetization is the permanent magnetiza- 
tion that remains after the external field is removed. 
If the external field is reduced more, the remanent 
magnetization will eventually be removed. The exter- 
nal field applied in the opposite direction for which 
the remanent magnetization goes to zero is termed 
the coercivity H.. The product of M; and H, is termed 
the strength of the magnet. As the external field con- 
tinues to reverse, permanent magnetization of the op- 
posite polarity is created in the magnet. A similar 
curve is traced for the negative direction with sat- 
uration, remanent magnetization and coercivity. The 
hysteresis curve then retraces the previous points as 
the field cycles, and the shape of the loop after the 
first cycle is roughly the same as after many cycles. 
Note that the area under the hysteresis loop corre- 
sponds to the work done on the system by an exter- 
nal field that reorients the magnetization in a single 
cycle. 

When an electric field (£) is applied to a ferroelectric 
crystal, the domains that are favorably oriented with 
respect to this field grow in size at the expense of those 
that are misaligned. In addition, favorably oriented 
domains may nucleate and grow until the whole 
crystal becomes one domain. The relation between 
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the resulting polarization P and E is described by a 
hysteresis loop in analogy to the relationship between 
M and H for ferromagnets. 

Suppose now, in general, that the system under 
consideration can be described by a macroscopic order 
parameter 7. Under the influence of an external field 
o coupled linearly to 7, the state of the system is 
determined by an equation of state that expresses a 
minimum condition of the associated thermodynamic 
potential V. Assuming the presence of at least one 
control parameter leads directly to the problem of 
catastrophes, an area investigated by René Thom. The 
cusp catastrophe is described by the potential 


V(n) = ont + day? 0 a) 
m= qn + san n, 

where a is a control parameter. This potential describes 
second-order phase transitions both in the absence 
(o =0) and in the presence (o 4 0) of external fields 
as proposed by Lev Landau. The butterfly catastrophe, 
on the other hand, is described by 





b c 
bs = 57 on (2) 


Vin) = an? 4 
m= en van 
and has been used to model first-order phase transitions. 
To illustrate the related phenomenon of hysteresis 
we first investigate the bifurcation effect by minimizing 
Equation (1), which yields the equation of state 


en +an =o. (3) 


A transition between a single stable solution for 
a>O and a bistable situation for a<0O takes 
place when a=0. However, a new feature is the 
phenomenon of external-field-induced hysteresis and 
metastability. Stability corresponds to a solution for 
which 82V/dn* > 0 and, if more than one solution 
of the equation of state exists that is stable, we call 
the higher energy solutions metastable. Figure 1 shows 
the difference in the response of the order parameter 
to the application of an external field. In unistable 
situations, » as a function of o is a smooth 
single-valued function. Multistability results in multi- 
valuedness in some ranges of the external fields. 
Figure 1c demonstrates the regions of multistability 
in the parameter space. The dividing line in the cusp 
catastrophe case is given by the equation 


—4a3 + 2707 = 0. (4) 


This indicates the parameter set for which a triple 
solution of the cubic equation in (4) is obtained. 
Figure 2 is an extension of these concepts to 
the butterfly catastrophe case that exhibits thermal 
hysteresis (if the control parameter a involves a 
temperature dependence) and a double hysteresis under 
the influence of an external field. 


HYSTERESIS 
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Figure 1. The order parameter’s response to an externally 
applied field (a) in a unistable state, (b) in a bistable state 
(hysteresis), and (c) separation of the control parameter space 
into solution’s multiplicity regions. 
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Figure 2. (a) Bifurcation plot (thermal hysteresis) and, (b) 
double field-induced hysteresis in the butterfly catastrophe case. 


HYSTERESIS 


The sixth power free energy expansion for the order 
parameter 7 





F=Fo4 aen? t Aan* t Aon® hn (5) 


has been widely used to model first-order phase 
transitions provided A4 < 0. The equation of state gives 
the order parameter in equilibrium 


no = {[—A4 — (Ag? — 348s) | /3A6} . 6) 


The transition temperature is 


Aa? 


4aA6’ 





Ti = Te + (7) 


where ¢ = T — Ty, and the disordered phase (7 = 0) 


terminates its stability at T = T, while the ordered one 
(no) does so at T = To*, where 


(8) 
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Importantly, the existence of a thermal hystere- 
sis phenomenon is associated with first-order phase 
transition. Thermal hysteresis means that on cool- 
ing, the disordered phase is stable below the equi- 
librium transition temperature, while on heating, 
the ordered phase is stable above it. The associ- 
ated effects are called supercooling and superheating, 
respectively. 

Jack A. TUSZYNSKI 


See also Catastrophe theory; Critical phenomena; 
Ferromagnetism and_ferroelectricity; Order 
parameters 
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IDEMPOTENT ANALYSIS 


Definition and Introduction 


The analyses that we all know and use (differentiation, 
integration, Fourier analysis, matrix analysis, etc.) are 
tacitly based on algebra defined by means of the 
conventional operations: addition, multiplication, and 
their inverses. In idempotent analysis, the starting point 
is not conventional algebra but instead the idempotent 
semiring. 


Definition 1. A semiring is a set D with two binary 
operations, ® (called “sum” or “addition”) and 
® (called “product” or “multiplication”) and two 
specific elements € and e such that 


e (D, ®,&) is a commutative monoid with identity 
element €, 

e (D, ®, e) is a monoid with identity element e, 

e a@e=e@a=ée, forallaeD, 

e a@(b@c)=(a@b) OG (a@c), foralla,b,c € D. 


The semiring is called idempotent if in addition 
e a@a=a, forallae D. 
The semiring is called commutative if 


e the multiplication ® is commutative. 


A monoid here is a set of elements with one operation. 
An idempotent semiring is sometimes referred to 
as a “dioid,’ which means “twice a monoid.” It is 
the property a © a=a that distinguishes a dioid from 
conventional algebra. The most well-known example 
of a dioid is the so-called max-plus algebra, where 
D=RU{-ov}, the © operation is the maximum, 
with identity element ¢ = — oo, and the ® operation 
is (conventional) addition, with the identity element 
e=0. As a numerical example, 5@(3@—2)=8. 
A noticeable difference between max-plus algebra 
and conventional algebra is that linear equations 
do not always have a solution (e.g., what is x in 
5@x =4?). Addition is not cancellative in the sense 
that a@b=a @c does not in general imply b=c. 
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The pioneering work in the max-plus algebra is 
Cuninghame-Green (1979), which has been extended 
into a system-theoretic direction in Baccelli et al. 
(1992). The phrase idempotent analysis was coined 
by Kolokoltsov & Maslov (1997). In Gunawardena 
(1998), it is shown that idempotency shows up in 
many different areas of mathematics; Gunawardena 
(1998, pp. 1-49) is an excellent survey. Applications 
are described in Le Boudec & Thiran (2001); and 
Heidergott et al. (2004). 

We choose the max-plus algebra setting to introduce 
some analysis. Consider the recurrence relation 

x(k+ 1) =A®@x(k), (1) 
which represents a model with state x € R” and where 
Ais ann x n matrix with elements a;;. More explicitly, 
this relation is defined by its component-wise writing 


sik +1) = Bai @ x;) = Gi @ x1) 
j 
O(aj2 ® x2) ®--- B (Ain @ Xn), 
$= 12 es ME 
The conventional way of writing this would be 
xi(k+ 1) = maxj(ajj +x;). Such a model is some- 
times referred to as a discrete event dynamic system. 
If x (0) is an eigenvector of A in the max-plus algebra 
defined as 
A@®x(0) =A @x(0), (2) 
equivalently written as maxj;(ajj +xj(0)) =A+x;, 
with not all components x; (0) equal to ¢, and where A 
is called the eigenvalue, then x;(k + 1) =A+2x,(k) = 
x;(0) + (k+ 1)d. The new state is obtained by adding 
A to the previous state. In graph-theoretic terms, 4 can 
be characterized as follows. 





Theorem 1. [f the square matrix A is irreducible, 
equivalently, its corresponding graph is strongly 
connected and, there exists one and only one eigenvalue 
(with possibly several eigenvectors). This eigenvalue 
is equal to the maximum cycle mean of the graph: 
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A= max; [C|w/|C|1, where € ranges over the set of 
circuits in the graph, where |¢\\ is the number of arcs 
of § and \f|w its weight, that is, the addition of all a;; 
which correspond to arcs of ¢. 


This theorem is referred to as the spectral theorem. 
A practical interpretation for this model and analysis is 
given below. 


Examples 


The first example of a dioid already encountered is 

RU{-— oo} with @ as max and ® as addition. Other 

examples are: 

e The set of n xn matrices with A@® B and A@B 
defined as (A = {a;;}, B = {b;;}) 


{A © B};; = max(aj;, bij), {A @ Bhi; 


= max (ix + bxj). 


e The set RU {—0o} with min as @ and addition as 
® is isomorphic to the max-plus algebra. 

e Theset RU{—oo} U{+ co} with @ defined as max 
and ® as min. 

e The set {0, 1} with @ defined as max and @ as min. 
This is the Boolean algebra. 

e The set of all subsets of the R? plane, including % 
and the whole R2 itself, with @ defined as U and 
with © defined as the vector sum of subsets. 

e Extension to polynomials or formal power series 
by defining (a polynomial or formal power series 


is given by f(z) =@z=0.1,... fez): 


fOe: (fOayr=a foe: f®ge: (f@ag 


= max fj ® gj. 
i+j=k 


Relation to Nonlinear Theory and Practice 


One must be careful using the word nonlinear. System 
(2) for instance is nonlinear with respect to conventional 
algebra, but it is considered linear in the max-plus 
algebra. 


Relationship with Other Mathematical Disciplines 

An interpretation in graph-theoretic terms is often 
possible. The occurrences of events in timed event 
graphs, the latter forming a subclass of Petri nets, 
can be modeled by means of an equation of the form 
(1). If x ER”, define ||x|| to be its 7° norm, that 
is, ||x||= max; |x;|. A mapping f R" > R" is 
called non-expansive if || f(x) — f(y)|| <||x — y||. As 
an example, f(x) = A ®@ x is non-expansive. An impor- 
tant theme is the study of periodic solutions of non- 
expansive mappings; that is, does A exist such that 
f*(x) =kaA+ f(x)? Another theme is that of the finite- 
ness of the transient behavior (before one reaches a pe- 
riodic behavior), if one starts with an arbitrary initial 
condition. 
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Some Applications 

Consider the system (2). Interpret aj; as the traveling 
time of a train on a track (if existing) between departure 
station j and arrival station 7. Quantity x; (k + 1) refers 
to the earliest departure time of trains at station i that 
depart for the (k + 1)th time. The model states that in 
order to depart (for the (k + 1)th time), the train must 
wait until all trains, which departed for the kth time, 
have arrived; max ; (aj; + x;) reflects the maximum of 
all arrival times. This allows passengers to change trains 
(one could add some minutes to all a;; to account for 
the changeover times). If a track between two stations, 
say / and m, does not exist, set a), = €. If one assumes 
that the departures take place as soon as possible subject 
to the restriction of passengers changing over, then the 
model x(k + 1)=A ® x(k), with an initial condition 
x(0), determines all future departure times. If this 
x(0) is an eigenvector, then one has a timetable with 
constant interdeparture times, this constant being 2. 
This constant is a lower bound for the interdeparture 
times of any periodic timetable obeying the changeover 
tule. 

In the above, trains can be viewed as discrete flows 
on networks. If one replaces “trains” by “messages” and 
“all railway tracks” by “computer network” or “inter- 
net,” one enters another field of application that has been 
described and analyzed in Le Boudec & Thiran (2001). 

In discrete-time optimal control theory, or in 
decision processes on Markov chains, one encounters 
the equation 


Vk, x) = max(V(k + 1, f(x, u)) + g(x, u)), 


which is a consequence of Bellman’s principle of op- 
timality. The underlying model is x(k + 1) = f (x(k), 
u(k)), and the costs during step k are g(x(k), u(k)). The 
function V is the value function. This equation, with 
the operations of addition and maximization can be in- 
terpreted and analyzed in the max-plus algebra sense 
(Akian et al., 1998). Applications in automata theory 
can also be found in Gunawardena (1998). 

Geert JAN OLSDER 





See also Markov partitions 
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INCOHERENT SOLITONS 


Until 1996, solitons were considered to be exclusively 
coherent entities. However, experimental observations 
of self-trapping of partially spatially incoherent light 
(Mitchell et al., 1996) and of white light (Mitchell et 
al., 1997) in photorefractive media have shown that 
incoherent beams can also form solitons (Figure 1). 
These solitons are multimode or speckled beams for 
which the instantaneous intensity distribution varies 
randomly in space and/or time. They can exist only in 
non-instantaneous media whose response time is much 
longer than the random fluctuation time across the in- 
coherent beam. Such a medium responds to the time- 
averaged envelope and not to the instantaneous speckles 
that constitute the incoherent beam. An incoherent soli- 
ton forms when the time-averaged intensity induces a 
multimode wave and traps itself in the waveguide by 
populating the guided modes in a self-consistent fash- 
ion. These random-phase and weakly correlated self- 
trapped entities exhibit a host of unique properties that 
have no analog in the coherent regime. Moreover, their 
existence is related to many other areas of physics, in 
which nonlinearities, stochastic behavior, and statistical 
averaging are involved. For example, incoherent mod- 
ulation instability effects and incoherent pattern forma- 
tion relate to many systems in nature: from clustering in 
a cooled atomic gas to self-supported “stripes” of elec- 
trons in semiconductors, from high-T, superconductors 
to structures in fluids and gravitational effects. 
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Figure 1. Self-trapping of spatially and temporally incoherent 
white light from an incandescent light bulb. 
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Numerous theoretical and experimental works fol- 
lowed the pioneering experiments (see Segev & 
Christodoulides (2001) and references within). This 
rapid progress in the area of incoherent solitons offers a 
number of interesting fundamental ideas as well as pos- 
sible applications. For example, coherence engineering 
can be used to control modulation instabilities and to 
create interesting stable patterns in nonlinear materials 
for various applications. There is also an exciting possi- 
bility of using self-trapped light beams from incoherent 
sources, such as light-emitting diodes, for creating re- 
configurable optical interconnects and beam steering. 

Several theories have been developed to describe 
the propagation of partially incoherent beams and soli- 
ton formation in noninstantaneous nonlinear materials 
(Segev & Christodoulides, 2001). These include the co- 
herent density theory (Christodoulides et al., 1997), the 
modal theory (Mitchell et al., 1997), and the mutual 
coherence theory (Shkunov & Anderson, 1998). Other, 
more approximate theories relying on ray optics (Sny- 
der & Mitchell, 1998) and on the Wigner distribution 
(Hall et al., 2002) have also been suggested. The first 
three approaches are rather complete and equivalent to 
one another (Christodoulides et al., 2001). Here, we 
briefly overview the two most widely used theories. 


Coherent Density Theory 


The coherent density method is a dynamic approach 
suited for studying the evolution dynamics of incoher- 
ent solitons, their interactions, instabilities, and corre- 
lation statistics. In this formalism, the incoherent field 
is described by means of a so-called coherent density 
function, from which one can deduce the optical inten- 
sity distribution as well as the associated correlation 
statistics. Mathematically, the self-trapping process is 
described by an infinite set of nonlinear Schrédinger- 
like equations, provided that each coherent component 
at the input is appropriately weighted with respect to 
the incoherent angular power spectrum of the source 
(Christodoulides et al., 1997). These equations can be 
solved numerically by using modified beam propaga- 
tion procedures. 


Modal Theory 


The modal theory is currently widely considered as 
the method of choice in terms of identifying static 
incoherent solitons, their range of existence, and 
correlation properties. The fundamental requirements 
of incoherent self-trapping were the starting point of 
this formulation. Incoherent solitons are identified by 
solving the underlying coupled (stationary) nonlinear 
Schrédinger-like equations in a self-consistent fashion 
(Mitchell et al., 1997). To solve these equations self- 
consistently, one needs to start with an arbitrary index 
profile, then solve for the guided modes and sum them 
incoherently to get the intensity profile, and finally 
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use this intensity profile to calculate the new induced- 
index profile. This process should be repeated until the 
solutions are stationary. The stationary solutions give 
the incoherent soliton intensity profile as well as its 
modal distribution and statistical properties. 


1-d and 2-d Dark Incoherent Solitons 


The existence of dark incoherent solitons and require- 
ments for their observations were predicted (Coskun 
et al., 1998) two years after the observation of bright 
incoherent solitons. Such dark incoherent solitons were 
experimentally observed soon thereafter (Chen et al., 
1998). In that experiment, (1 + 1)-dimensional dark in- 
coherent solitons were observed, along with the self- 
trapping of a (2+ 1)-d dark incoherent beam. That is, 
a self-trapped 2-d void nested in spatially incoherent 
beam was demonstrated (Chen et al., 1998). As in the 
coherent case, fundamental dark incoherent solitons 
were found to exist only in defocusing nonlinear me- 
dia and to require an initial transverse phase shift at 
the center of the dark stripe. 2-d dark incoherent soli- 
tons were initiated from a vortex beam that was gener- 
ated by replacing a step mirror with a helicoidal phase 
mask, which created an optical vortex of unit topo- 
logical charge. For bright solitons, only guided modes 
(bound modes) are self-trapped, whereas dark incoher- 
ent solitons involve a belt of radiation modes (unbound 
states). Unlike their coherent counterparts, fundamental 
dark and vortex solitons were always found to be gray 
because of the presence of both odd and even radiation 
modes at the center of the notch (Christodoulides et al., 
1998). Furthermore, the grayness depends on the coher- 
ence length of the carrier beam. Dark soliton splitting 
and “phase memory” effects were also observed theo- 
retically and experimentally (Coskun et al., 1999). 


Modulation Instability, Pattern Formation, 
and Soliton Clustering 


Both theory and experiment have revealed that 
modulation instabilities can take place with incoherent 
light beams provided that the nonlinearity exceeds 
a well-defined threshold, which depends on the 
correlation properties of the beam (Soljacic et al., 
2000). This shows that modulation instabilities (MI) 
can be totally suppressed by properly adjusting the 
correlation distance of the wave front. A natural by- 
product of this suppression is the observation of 
anti-dark incoherent solitons (a bright beam on a 
constant background) in self-focusing environments. 
Periodic trains of 1-d filaments and self-ordered 
2-d lattices of light spots due to incoherent modulation 
instabilities were observed by carefully increasing the 
nonlinearity (Kip et al., 2000). Spontaneous clustering 
of solitons in partially coherent wave fronts initiated by 
random noise was also demonstrated experimentally 
and numerically (Chen et al., 2002). It is, in fact, an 
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outcome of the interplay between random noise, 
weak correlation, and high nonlinearity. Together, this 
process leads to incoherent MI, formation of 2-d 
solitary filaments, and eventually to clustering of 2- 
d solitons or in other words, aggregates of fine- 
scale structures. This clustering phenomenon has no 
counterpart with solitons in coherent systems. The rapid 
progress in this new area of incoherent solitons brings 
about many interesting fundamental ideas and possible 
applications. We have concentrated here on the basic 
features, but new ideas arise very quickly in this new, 

dynamic area of soliton science. 
TAMER COSKUN, DEMETRIOS CHRISTODOULIDES, AND 
MorbDECHAI SEGEV 


See also Nonlinear optics; Optical fiber communi- 
cations; Solitons, types of 


Further Reading 


Chen, Z., Mitchell, M., Segev, M., Coskun, T.H. & 
Christodoulides, D.N. 1998. Self-trapping of dark incoherent 
light beams. Science, 280: 889-892 
Chen, Z., Sears, S.M., Martin, H., Christodoulides D.N. & 
Segev, M. 2002. Clustering of solitons in weakly correlated 
systems. Proceedings of the US National Academy of Science, 
99(8): 5223-5227 
Christodoulides, D.N., Coskun, T.H., Mitchell, M., Chen, Z.C. & 
Segev, M. 1998. Theory of incoherent dark solitons. Physical 
Review Letters, 80(23): 5113-5116 
Christodoulides, D.N., Coskun, T.H., Mitchell, M. & 
Segev, M. 1997. Theory of incoherent self-focusing in biased 
photorefractive media. Physical Review E, 59(5): R4777-— 
R4780 
Christodoulides, D.N., Eugenia, D.E., Coskun, T.H., Segev, M.& 
Mitchell, M. 2001. Equivalence of three approaches 
describing partially incoherent wave propagation in inertial 
nonlinear media. Physical Review E, 63: 035601-1-035601-4 
Coskun, T.H., Christodoulides, D.N., Chen, Z. & Segev, M. 1999. 
Dark incoherent soliton splitting and “phase memory” effects: 
theory and experiment. Optics Letters, 23(6): 418-420 
Coskun, T.H., Christodoulides, D.N., Mitchell, M., Chen, Z. 
& Segev, M. 1998. Dynamics of incoherent bright and 
dark self-trapped beams and their coherence properties in 
photorefractive crystals. Optics Letters, 23(6): 418-420 
Hall, B., Lisak, M., Anderson, D., Fedele, R. & Semenov, V.E. 
2002. Statistical theory for incoherent light propagation in 
nonlinear media. Physical Review E, 65: 035602-1-035602-4 
Kip D., Soljacic M., Segev, M., Eugenieva, E., Christodoulides, 
D.N. 2000. Modulation instability and pattern formation in 
spatially incoherent light beams. Science, 290: 495-498 
Mitchell, M., Chen, Z., Shih, M. & Segev, M. 1996. Self-trapping 
of partially spatially incoherent light. Physical Review Letters, 
71(3): 490-493 
Mitchell, M. & Segev, M. 1997. Self-trapping of incoherent 
white light. Nature, 387: 880-883 
Mitchell, M., Segev, M., Coskun, T.H. & Christodoulides, D.N. 
1997. Theory of self-trapped spatially incoherent light beams. 
Physical Review Letters, 79(25): 4990-4993 
Segev, M. & Christodoulides, D.N. 2001. Incoherent solitons: 
self-trapping of weakly-correlated wave-packets. In Spatial 
Solitons, edited by S. Trillo & W.E. Torruellas, New York: 
Springer 
Shkunoyv, V.V. & Anderson, D.Z. 1998. Radiation transfer model 
of self-trapping spatially incoherent radiation by nonlinear 
media. Physical Review Letters, 81(13): 2683-2686 








INERTIAL MANIFOLDS 


Snyder, A.W. & Mitchell, D.J. 1998. Big incoherent solitons. 
Physical Review Letters, 80(7): 1422-1924 

Soljacic, M., Segev, M., Coskun, T.H., Christodoulides, D.N. 
& Vishwanath, A. 2000. Modulation instability of incoherent 
beams in noninstantaneous nonlinear media. Physical Review 
Letters, 84(3): 467-470 


INERTIAL MANIFOLDS 


In studying the dynamics of nonlinear systems, it 
is sometimes observed that all trajectories rapidly 
converge to a subspace of the phase space, leading 
to a simplification of the analysis through dimensional 
reduction. Such subspaces are called inertial manifolds 
(IMs) and the underlying dynamics are called inertial. 
In phase spaces of infinite dimension, the question 
is whether a finite-dimensional dynamical system can 
reproduce the dynamics of an infinite-dimensional one. 
In finite-dimensional systems, one tries to find a system 
of smaller dimension. 

Related concepts have been introduced in sciences. 
In meteorology, for example, the slow manifold 
introduced and studied by Lorenz and others, is 
expected to reproduce the slow dynamics, taking 
into account interaction with the rapidly changing 
regions of the phase space. From a somewhat different 
perspective, the Reynolds equations in turbulence 
and some large eddies simulation models are finite- 
dimensional systems that attempt to reproduce the 
dynamics of the large eddies of the fluid, taking into 
account the action of the small eddies. 


Definition 


Denote by H the phase space, a Hilbert space of finite or 
infinite dimension, and consider on H a semigroup of 
operators {S(t)};>0 generating the dynamical system: 
ug > S(t)ug = u(t). 

If it exists, an inertial manifold for this system is 
a smooth finite-dimensional manifold M in H that 
enjoys the following properties: 


(i) SOM cM, Yt > 0 (positive invariance); 
(ii) all orbits converge to M, as too, at an 
exponential rate; 
(iii) the rate of convergence is uniform for all orbits 
starting in a bounded set of initial data. 


If a global attractor A exists, then necessarily A 
is included in M as well as any stationary solution, 
periodic orbit, etc. Comparing A to M when they 
both exist, we see that S(t)A =.A, instead of (i), and 
we know that orbits may converge to A at arbitrarily 
slow rates, in contrast with (ii). Finally, attractors 
are believed to be sometimes fractal sets, whereas 
smoothness is required for M. 

When an inertial manifold exists, the restriction of 
the semigroup to M is a group—due to (i)—whose 
dynamics are the same as that of the initial systems. 
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In particular, their attractor is the same if {S(t)};>0 
has an attractor, and this reduced dynamical system is 
called an inertial system. When the dynamical system 
is defined by a differential equation, as in Equation (1), 
its restriction to M is a finite-differential system, also 
called an inertial system. 


Examples 


Inertial manifolds have been studied for dynamical 
systems in infinite dimensions corresponding to 
dissipative parabolic evolution equations, written in 
functional form as 


du(t) 
dt 


Here u(t) = S(t)uo, where ug and u(t) belong to H. 
The space H is decomposed as the sum of a finite- 
dimensional space Y = PyH and of its complement 
Z=P-H, u=y+z. In all examples studied, the 
inertial manifold is then searched for as a graph: 


z= Py), 


Usually, Y and Z are spectral spaces for the underlying 
linear dissipative operator A, Y representing hence the 
low-frequency component of the flow and z its high- 
frequency component. 

The existence of inertial manifolds has been proven 
for the Kuramoto—Sivashinsky equation, the Ginzburg— 
Landau equation, reaction-diffusion equations in one 
and two spatial dimensions, and the Navier—Stokes 
equations with added (hyper-)viscosity. 

The initial hope (Foias et al., 1988) was to find an 
IM for the Navier-Stokes equation at least in space two, 
justifying the name coined by Foias, since the role of the 
inertial terms over the viscous terms would be dominant 
on this manifold. However, the existence of an inertial 
manifold for the Navier-Stokes equations has not yet 
been proven nor disproven. 

Several proofs of existence have been derived 
beyond those of Foias et al. (1988); the key hypothesis 
and limitation in all the proofs is the so-called spectral 
gap condition, involving a sufficiently large gap in the 
spectrum of the dissipative operator A. It is believed 
(but not proved) that this difficulty could be overcome 
with IMs that are less smooth and are not graphs. 
Alternatively, this difficulty has been overcome by 
removing the condition that M be a manifold. The 
corresponding concept was introduced in Eden et al. 
(1994) where it was called an inertial set or an 
exponential attractor. 

The existence of inertial sets was proven in Eden et 
al. (1994) for numerous dynamical systems generated 
by evolutionary dissipative equations, in fact, for all 
systems for which the existence of a compact finite- 
dimensional attractor has been established (Hale, 1988; 
Sell & You, 2002; Temam, 1997). 





= F(u(t)), u(0) = uo. q) 


yey. (2) 
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Despite these limitations, inertial manifolds are a 
natural concept, giving a precise form to the idea 
that infinite-dimensional dynamical systems produce 
a finite-dimensional dynamics. Remember that a less 
explicit form of this idea is the property of the attractor 
to be finite-dimensional. 

When IMs do not exist or are not easy to construct, 
approximate inertial manifolds (AIMs) are sometimes 
used, which are finite-dimensional smooth manifolds 
that attract the orbits in a small neighborhood. 
Extensive applications of AIMs in numerical analysis 
have been developed (Temam, 1997; Sell & You, 2002). 

RoGER TEMAM 


See also Center manifold reduction; Invariant 
manifolds and sets; Synergetics 


Further Reading 


Eden, A., Foias, C., Nicolaenko, B. & Temam, R. 1994. 
Exponential Attractors for Dissipative Evolution Equations, 
Collection Recherches en Mathématiques Appliquées, Paris: 
Masson, Paris, and New York: Wiley 

Foias, C., Sell, G.R. & Temam, R. 1988. Inertial manifolds 
for nonlinear evolutionary equations, Journal of Differential 
Equations, 73: 309-353 

Hale, J. 1988. Asymptotic Behavior of Dissipative Systems, 
Providence, RI: American Mathematical Society 

Sell, G.R. & You, Y. 2002. Dynamics of Evolutionary Equations, 
New York: Springer 

Temam, R. 1988. Infinite Dimensional Dynamical Systems in 
Mechanics and Physics, New York: Springer (2nd augmented 
edition, 1997) 


INFELD EQUATION 


See Born-Infeld equation 


INFORMATION DIMENSION 


See Dimensions 


INFORMATION THEORY 


Although the word information is commonly used and 
its engineering applications influence our lives, the 
quantitative meaning is often unclear. Among several 
measures of information, the most common is called 
Shannon information (denoted as J/g with units of the 
bit), which was introduced by Claude Shannon in 1948. 

As an example, suppose your friend (whose wife has 
been pregnant for nearly nine months) telephones with 
the information: It’s a girl. Since the prior probability 
(P) of a girl being born is 5 the Shannon information 
is computed as 


1 1 : 
15 = 10 (5) =10s. (75) = | bit, (1) 


with the logarithmic base b = 2. In other words, one 
bit of Shannon information is gained in a message that 
resolves one of two equally probable events. 





INFORMATION THEORY 


Strings of such events (e.g., 100110100011100) 
are the language of computers, and their Shannon 
information can be computed by thinking of a string 
as a set of N switches, each of which can be on (1) 
or off (0). Since there are 2" possible sequences of N 
switches, the probability of any particular sequence is 
ps leading to a Shannon information of N bits, which 
is conveniently equal to the number of switches. 

Shannon’s information takes the particular form, 
Equation (1), under the assumption that the received 
message (an observed switch sequence) is completely 
reliable. A more general Shannon measure allows for 
generally unreliable messages; thus 


(source event B, or Bz or ... By) 
— observed message A. (2) 


Here a particular source event B, = B occurs, and 
the observer receives a message A, providing evidence 
of what was actually intended. The arrow implies 
transmission through a real, imperfect communication 
channel, in which transmission errors may occur. For 
example, the actual source event B might be the switch 
sequence given above that is transmitted to an observer. 
Because of transmission errors, the received message 
might be A = 010110100011100. 

As when a detective observes a fingerprint, the 
message A implies that an event B has occurred, 
where each B, is a different possible switch sequence. 
Shannon information was designed to answer the 
question: How much evidence does the observed 
(garbled) message A constitute for the hypothesis that 
the event B actually occurred? 

Intuitively, the evidence provided by A will be strong 
if the probability of B having occurred is now greater 
than before receiving A. That is, if the probability 
P(B|A) (of B inthe presence of A) much exceeds P(B) 
(the probability of B in the absence of A). This suggests 
that the ratio P(B|A)/P(B) measures the weight of 
the evidence. Strong evidence would give a large ratio, 
weak evidence a small ratio. Because any monotonic 
function of this ratio works as well, taking the logarithm 
defines the Shannon information 


P(BIA) 


Is(A, B) = Is = log, PB 


(3) 


Although the choice of a logarithmic base b is at 
the user’s discretion, probabilities in computer codes 
are often powers of 2 for which b=2 is the most 
convenient choice. Then Js is assigned the unit of a 
bit. Fora fixed channel probability (P (B|A)), Equation 
(3) discloses that the information increases as P(B) 
becomes smaller. (In editing a newspaper, for example, 
an article entitled “Dog Bites Man” is not unusual 
enough to merit publication, but “Man Bites Dog” most 
definitely is.) 


www.piramidasunca.ba | 





INFORMATION THEORY 


There is a problem with this definition of 
information—the observer, by hypothesis, does not 
know which event B, has occurred. Therefore, he or 
she cannot know which information quantity, [s(A, B1) 


or ... or Js(A, By) to compute. Furthermore, the 
message A may be one of a set of possibilities Am, 
m=1,..., M. All such possibilities can be taken into 


account by forming the grand average 


P(BIA) 
ee P(B) 


P(Bn|Am 
=P )log, oe , 2 


= (AB), (4) 





” 


Called Shannon’s “mutual information,” this is the 
quantity commonly used to evaluate the quality of 
communication systems. Notice that it depends upon 
properties of the source (the P(B,)) as well as the 
channel (the P(B,|Am)); thus, this is a total system 
perspective. 

If just the quality of the channel (as specified 
by its fixed channel probabilities P(Bn|Am)) is to 
be evaluated, the information /(A, B) is maximized 
through choice of a source P(B,). The resulting 
information, then, only depends upon the channel 
probabilities and is called the channel capacity since 
it measures the intrinsic capacity of the channel for 
transmitting information. 

Note that Equation (4) may be evaluated in its 
continuous limit; thus, 


POIx) 
py) 
Is there an information measure that is appropriate 


for describing growth processes? Consider a general- 
ization of Equation (5) to 





1(X, r= ff avay pcs. yyt08, (5) 


Tutor) = = fax’ p(x’) tog, 2 Pe) © 
r(x)’ 

which is called the Kullback—Leibler (K—L) informa- 
tion. The ratio p/r is describes a “cross entropy” be- 
tween the probability law p(x’) and the reference law 
r(x’), where the vector x’ is general. In the special case 
x’ = (x,y), r(x’) = p(x)p(y), Equation (6) becomes 
the mutual information in Equation (5). Another im- 
portant case of the K-L information is when r(x’) = 1, 
whereupon Equation (6) takes the form 


-— / dx’ p(x’) log, p(x’) = H, (7) 


which is called the entropy. 
Yet another special case of K-—L information 
is obtained when x’=x, a single coordinate, and 
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the reference function r(x) is made to be a 
slightly displaced version of the probability law, 
r(x) = p(x+Ax), Ax — 0. In this limit, the K-L 
information is found to obey 





— lim d dx Peay hr ee a 
Ax+0 Ax2 p(xt+Ax) 
1 p(x) 1 
=-—-—/d. =——f 
af poy a “ 


where Jp is the Fisher information and the usual 
derivative notation p’(x) = dp(x)/dx is used. 

A useful variant of Jp is obtained by using a 
probability amplitude g(x), where p(x) = Q(x). The 
right-hand integral of Equation (8) then gives directly 


feta / dx q(x), q(x) =dq(x)/dx. 9) 


Thus, Fisher information measures the gradient content 
of the probability amplitude curve. 

Because the smallest possible mean-square error one 
can achieve in forming an estimate of the parameter 
is the reciprocal of Fisher’s information, this also 
describes our ability to know a parameter from 
its measurements. Assuming all knowledge is based 
upon measurement, Fisher information describes quite 
generally our ability to know. 

Physicists Leon Brillouin and David Bohm long 
sought a measure of information that would explain 
the mysteries of physics in general, including those 
of quantum mechanics. In particular, the question of 
quantum entanglement has long perplexed physicists. 
Consider a pair of particles that are created simultane- 
ously as reactants from a mother particle. Measurement 
of one member of the pair supplies important informa- 
tion (such as spin) about the other member, even with- 
out measuring the latter. (This is called the Einstein— 
Podolsky—Rosen—Bohm, or EPRB, paradox.) In what 
way could information about the unmeasured particle 
be transmitted into a measurement of the detected one? 
This seems to require the realities of the two particles 
to be somehow “entangled.” Hence, an “active infor- 
mation” was sought that could supply the needed infor- 
mation. Of course, they tried the Shannon variety, but 
this did not work. 

Surprisingly, a form of information exists for 
generating the probability laws of physics that is aptly 
called the physical information and defined as follows. 
Let J be the Fisher information that is acquired in an 
actual measurement. Depending upon the measurement 
scenario, there may or may not be another, unmeasured 
particle accompanying the measured particle. The 
physical information K is the difference K =I — J of 
two Fisher informations (for simplicity we now drop 
the subscript F), where 


T= ihn =a f axa) 
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and 
J=lI/k, O<k <1. (10) 


Notice that the information / in the measurement is 
actually a sum of individual Fisher terms /,. It turns 
out that the additive sum also defines the maximum 
possible value of the Fisher information. Hence, J is 
called the Fisher information channel capacity (as in 
the Shannon case). The integral form of the second 
Equation (10) shows that J is also a functional of the 
amplitude functions g,(x). This is a scalar number 
whose value depends upon an integral over all values x 
of the functions gy (x). 

By the third Equation (10), J is likewise a functional 
of the amplitude functions; however, its form is not 
fixed but dependent upon the particular measurement 
scenario. J must be computed in any application. 

Recall that 7 is the information level of the 
particle in a measurement space. In all measurements 
of quantum phenomena «x=1, so J=IJ by the 
third Equation (10). Thus J represents information 
that arises out of entanglement with that of the 
measured particle. We, therefore, call J the entangled 
information. Mathematically, it is J as evaluated in an 
“entanglement space.” If only the measured particle is 
present, entanglement space is the Fourier conjugate 
space to measurement space. If another, unmeasured 
particle is present, entanglement space is the (unused) 
measurement space of that particle. 

In Equations (10), the form of / is asum of squares of 
functions q/, (an L? norm or measure). Like any squared 
length, such a norm is invariant to rotation, and rotations 
may be performed in either the space of coordinates x 
(which are more generally of dimension 4 or higher) or 
of the functions g/ (x). Because J is linear in J, it also 
obeys such invariance, and likewise for their difference 
K. Such invariance suggests a state of stationarity 


K =I1-—J =extrem. (11) 


Equation (10), supplemented by Equations (11), is 
called the principle of extreme physical information 
or EPI (Frieden, 1998). Its solutions g,(x) obey 
corresponding Euler-Lagrange equations 


d ( dk dk 
» k=k(x), 
dx \dqj, 0 











K= [extoo. (12) 


These are wave equations whose solutions qn(x) 
are the amplitude functions of science. An example 
is the Schrodinger wave equation. Other examples are 
provided by growth phenomena, ranging from energy 
growth to crystal growth to cancer growth, with the 
preceding formulation leading to exponential, power 


INHIBITION 


law, or logarithmic growth depending on the boundary 
conditions and integration constants that are assumed 
(Gatenby & Frieden, 2002). 

In summary, Shannon information and cross entropy 
are valuable forms of information in communication 
theory, and two important outgrowths of these defini- 
tions are Fisher information and physical information. 
Fisher information permits one to estimate the expected 
error in the estimate of a parameter. Physical informa- 
tion permits one to derive physical laws via the EPI 
principle. 

B. Roy FRIEDEN 


See also Algorithmic complexity; Entropy; Euler— 
Lagrange equations 
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INHIBITION 


In what is certainly one of the best-known experiments 
on learning, Ivan Pavlov sounded a bell and shortly after 
presented food to a hungry dog. After several pairings of 
the bell and the food, the bell came to elicit salivation, 
a response that it had not elicited previously. We say 
that the bell become an excitatory conditioned stimulus. 
Excitatory means that it acquired the ability to excite, 
arouse, or elicit anew behavior. But Pavlov did not limit 
his work to excitatory conditioning; he performed and 
described (Pavlov, 1927) a variety of procedures that 
would endow the conditioned stimulus with exactly the 
opposite properties. Such conditioned stimuli acquire 
the ability to oppose conditioned excitation and are said 
to be inhibitory. 

The term originates from the Latin word inhibere 
and means to restrain. Inhibere consists of in “in” and 
habere “to hold.” The word inhibition is widely used 
in many disciplines, such as medicine, biochemistry, 
physiology, neuroscience, and psychology, and its 
general meaning is the arrest or restraint of a process, 
partial or complete. In psychoanalytic theory, it 
describes a conscious or unconscious restraining of an 
impulse or desire. In neurophysiology, to which we will 
return shortly in more detail, it is the process opposite to 
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Figure 1. Excitatory and inhibitory currents have competitive effects on a single nerve cell. (a) An excitatory input in the base of a 
dendrite causes inward current which produces a large synaptic potential that brings the membrane potential close to its threshold. 
(b) An inhibitory input causes synaptic potential thus generated changes the membrane potential further below its threshold. (c) The 
shunting action of inhibition. When the cell receives both excitatory and inhibitory synaptic currents, the channels opened by the 
inhibitory pathway shunt the excitatory current, thereby reducing the excitatory synaptic potential. From Kandel et al. (2000). 


excitation, or as Charles Sherrington (1933) wrote “... 
to refrain from an act is no less an act than to commit 
one, because inhibition is co-equally with excitation a 
nervous activity.” By “nervous activity” he meant “the 
activity of the nervous system.” 

In fact, the function of all living systems and at all 
levels of complexity can be perceived as continuous ad- 
justment between excitatory and inhibitory processes. 
The metabolic pathways are, for example, regulated by 
means of enzyme synthesis and inhibition. Almost all 
of the thousands of chemical reactions that occur in a 
living organism require catalysis by a specific enzyme. 
The character of any cell is based on its particular chem- 
istry, which is determined by its specific enzyme com- 
position. Genetic traits are expressed through synthesis 
of enzymes, which catalyze reactions that establish the 
phenotype. Many genetic diseases result from altered 
levels of enzyme production with changes in enzyme 
synthesis and/or inhibition. Much current drug therapy 
is based on the inhibition of a specific enzyme. 

The nervous system continuously processes excita- 
tory and inhibitory signals. Sherrington first pointed out 
that the quintessential action of the nervous system is its 
ability to weigh the consequences of different types of 
information and then decide on appropriate responses 
(Sherrington, 1947). He named it “the integrative ac- 
tion of the nervous system.” The point at which one 
neuron communicates with another is called a synapse, 
and synaptic transmission is fundamental to processes 
such as perception, voluntary movement, or learning. 
Although many synaptic connections are highly spe- 
cialized, all neurons make use of two basic forms of 
synaptic transmission: electrical and chemical. 

Each neuron in the central nervous system, whether 
in the spinal cord or in the brain, is continuously 


bombarded by synaptic inputs from other neurons. 
Some are excitatory, others inhibitory. The effect 
of the synaptic potential—whether it is excitatory 
or inhibitory—is determined, not by the type of 
transmitter released from the presynaptic neuron, but 
by the type of ion channels gated by the transmitter in 
the postsynaptic cell. Most transmitters are recognized 
by types of receptors that mediate either excitatory 
or inhibitory potentials (for details see Kandel et al., 
2000). 

Synaptic contact can occur on the cell body, the 
dendrites, or the axon of a postsynaptic cell. The 
location of inhibitory inputs in relation to excitatory 
ones is critical for their functional effectiveness. 
Inhibitory short-circuit actions are more significant 
when they are initiated at the cell body near the 
initial axon segment. As a result, they can strongly 
curtail the influence of excitatory current on the 
membrane potential at the trigger zone, as illustrated 
in Figure 1c. In contrast, inhibitory action at a remote 
part of a dendrite is much less effective in shunting 
excitatory actions or in affecting the more distant trigger 
zones. Thus, in the brain, significant inhibitory input 
frequently occurs on the cell bodies of neurons. 

Excitatory and inhibitory signals are integrated 
into a single response by the cell. In motor neurons 
and most interneurons, the decision to initiate an 
action potential is made by the initial segment of 
the axon (Figure 1, trigger zone). This region of cell 
membrane has a lower threshold for action potentials 
than the cell body or dendrites because it has a 
high density of voltage-dependent Na* channels. The 
neural integration involves the summation of synaptic 
potentials that spread passively to the trigger zone. 
It is critically affected by two passive membrane 
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Figure 2. The sculpturing effect of inhibition. Without 
inhibitory input the neuron spontaneously fires at a fixed interval. 
With inhibitory input that produces an inhibitory postsynaptic 
potential (IPSP), some action potentials are inhibited, resulting 
in a distinctive pattern of impulses. From Kandel et al. (2000). 


properties. First, the time constant affects temporal 
summation, the process by which consecutive synaptic 
potentials at the same site are added together in the 
postsynaptic cell. The larger the time constant, the 
greater the likelihood that two consecutive inputs from 
an excitatory presynaptic neuron will sum to bring the 
cell membrane to its threshold for an action potential. 
Second, the length constant affects spatial summation. 
Neurons with a large length constant are more likely to 
be brought to threshold by two different inputs arising 
from different sites than are neurons with a short space 
constant. 

In addition to counteracting synaptic excitation, 
synaptic inhibition can exert control over sponta- 
neously active nerve cells. Many cells in the brain are 
spontaneously active, as are the pacemaker cells of the 
heart. By suppressing the spontaneous generation of 
action potential in these cells, synaptic inhibition can 
shape the pattern of firing in a cell (Figure 2). 

Many mathematical models have been introduced 
to describe the function of the nervous system. Their 
complexity ranges from that of individual nerve cells 
to assemblies of neurons. Hodgkin & Huxley (1952) 
constructed a model, known as the Hodgkin—Huxley 
model, to explain the electrical excitability of nerve 
axons in terms of discrete Nat and K* currents. 
The Hodgkin—Huxley model is probably the best- 
known and the most elegant model of a biological 
system, exemplifying a balance between experiment 
and theory that has rarely been matched. To explain how 
trains of impulses occur in the Hodgkin—Huxley model 
FitzHugh (1961) used the Hodgkin—Huxley model as 
one member of a large class of nonlinear systems 
showing excitable and oscillatory behavior. The model 
was further analyzed by an approximately distributed 
pulse transition line using analog simulations (Nagumo 
et al., 1962) and today is known as FitzHugh-Nagumo 
model. 

Wilson and Cowan (1972) further increased the 
complexity of the system. The model they proposed 
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was based on the properties of populations, and the 
single cell activity was represented not by a single 
spike, but rather by the spike frequency. They based 
their model on two main assumptions. First, the 
existence of spatially localized neuronal populations, 
based on physiological and anatomical evidence that 
many cells in a small volumes of cortical tissue have 
very nearly identical responses to identical stimuli. 
Second, all nervous processes of any complexity 
are dependent upon the interaction of excitatory and 
inhibitory cells. Wilson and Cowan were the first to 
treat inhibition as arising from exclusively inhibitory 
neurons. Wilson—Cowan oscillators are now widely 
used to describe higher functions, such as sensory 
information processing, learning, memory, or pattern 
recognition. Neural networks and chips are built for 
signal and image processing. 

Much progress has been made in recent years to- 
ward a detailed understanding of the complex and non- 
linear dynamics that underlie the Hodgkin—Huxley, 
FitzHugh—Nagumo, and Wilson—Cowan models. In 
addition, a large number of new models of syn- 
chronous oscillations have been introduced, attempt- 
ing to describe features observed in the electrical ac- 
tivity of the brain as measured by EEG or MEG. 
They range from those involving details of receptors 
and inter-inhibitory interactions, to models depend- 
ing on various nonlinear principles (see, for example, 
Haken, 2002). 


ANETA STEFANOVSKA 


See also FitzHugh-Nagumo equation; Flip-flop 
circuit; Hodgkin—Huxley equations; Integrate and 
fire neuron; Multiplex neuron; Myelinated nerves; 
Nerve impulses; Neurons 
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INSTABILITY 
See Stability 


INSTANTONS 
A remarkable feature of the Yang—Mills action is that 
there are finite-action topological soliton solutions to 
the classical field equations. These solitons are known 
as instantons or, in early papers, as pseudoparticles. 
The Yang-Mills action is important in particle physics; 
in particular, it describes the behavior of gluons, the 
particles that carry the strong nuclear force. Before 
instanton solutions were discovered in 1975 by Belavin 
et al. (1975), the Yang—Mills theory of the strong force 
appeared to have a symmetry not found in nature. This 
was known as the axial U(1) problem and was solved 
by ’t Hooft who realized that one effect of the instanton 
solutions was to break this unwanted symmetry. This 
was the first example of an extended classical solution 
having a physical consequence in a field theory of 
particle physics. 

In four Euclidean dimensions, the pure SU(2) Yang— 
Mills action is 


1 
S[A] = <5 f atx trace Fy Fur (1) 


where y and v are space indices running from | to 4 
and repeated indices are summed. F/,y isa field strength 
tensor, a skew Hermitian 2 x 2 matrix field in four- 
dimensional space, related to a gauge potential A,, by 


a a 
Fuv — a5, Zz ax, A" + [An Ay]. (2) 
The action is invariant under local gauge transfor- 
mations 


ag _ 
! gl, (3) 





Au > Ai, = gAug 


where g is a special unitary matrix function 
in four dimensions. Under this transformation 
Fuv > Fiy = gFyuvg !. One key consequence of this 
is that F,,,» not only vanishes when A,, = 0, but also, 
whenever A,, is a gauge transformation of zero. This 
means that the asymptotic condition required for finite- 
ness of the action is that A,, approaches a gauge trans- 
formation of zero: 
-1 
8 (4) 


Au > —; 





forr = ./XuXp — 00. Now, the group of special unitary 
2 x 2 matrices is topologically a three-sphere, and 
so the gauge potential on the large three-sphere at 
infinity gives a map from that three-sphere to the three- 
sphere of values of g. Maps between three-sphere are 
classified topologically by a single integer: the winding 
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number. This integer, therefore, classifies finite-action 
field configurations; in fact, it is the only gauge- 
invariant information determined by the asymptotic 
field behavior. The topologically nontrivial stationary 
points of the action S[A] are instantons. 

Since they are stationary points of the action, 
instantons obey the Euler-Lagrange equation for the 
action: 

u F 0. (5) 
OX ees 
This is known as the Yang—Mills equation. It can be 
shown that minimal action solutions obey a first-order 
equation called the self-dual equation: 


Fuv = 5€ who Fic, (6) 


where €,yac is totally skewsymmetric in its indices with 
£1234 = 1. Solutions to this equation obey the second- 
order Yang—Mills equation. A solution with winding 
number one is given by 


r dg 4 


Ape ee 
o r2 + R2 ax," 


(7) 
where R is an arbitrary scale and g has the hedgehog 
form 


X4 I 
ga h+ 7 01 + x202 + X303), (8) 








where Ip is the 2 x 2 identity matrix and the o;’s are the 
Pauli matrices. Allowing for gauge equivalence, there 
is an eight-dimensional space of winding number one 
instantons, four of these dimensions correspond to the 
choice of position in space, one to the choice of scale, 
and three to an overall group orientation. Although 
these results are particular to SU(2), other groups can be 
studied; the main difference is in the number of overall 
group orientation parameters. 

The self-dual equations are integrable. In fact, many 
of the integrable equations of mathematical physics can 
be derived from the self-dual equations by demanding 
that the solution has some translational or rotational 
symmetry. Because of this integrability, solutions to the 
self-dual equations with winding numbers greater than 
one may be constructed, in principle, by twistor theory 
and by algebraic methods (Christ et al., 1978). There is 
also a simple ansatz (Jackiw et al., 1977), but this does 
not give a general solution. 

In the 1980s, the self-dual equations revolutionized 
the study of smooth four-dimensional manifolds: 
by studying the space of solutions to the self-dual 
equations over different manifolds, it is possible to 
derive invariants, known as the Donaldson invariants 
(Donaldson & Kronheimer, 1990). This approach 
has since been largely superceded by Seiberg—Witten 
theory. 
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In the path integral approach to quantum field 
theory, physical values are derived by certain weighted 
integrations over all possible field configurations. These 
path integrals are often intractable, and it is common 
to expand the integration about the stationary points 
of the action. This works because of the way the 
action appears in the integrand of the path integral. 
Calculations of this type are known as semi-classical 
calculations because they are effectively an expansion 
in Planck’s constant, h. This expansion must include 
a sum over all possible stationary points, and so, in 
Yang-Mills theory, it includes a sum over instanton 
configurations. By studying the symmetry properties 
of the measure in quantum chromodynamics (QCD), 
the Yang-Mills theory describing the strong nuclear 
force, it can be shown that terms in this expansion break 
the axial U(1) symmetry. This symmetry is unbroken 
if the instanton terms are omitted. The symmetry 
breaking allows processes that violate baryon and 
lepton conservation; however, the amplitudes for these 
effects are highly suppressed. One useful approach 
is to consider these processes as tunneling events 
between different vacua, in fact, instanton calculations 
in quantum field theory are very similar to Wentzel— 
Kramers—Brillouin (WKB) calculations in quantum 
mechanics. 

While instantons provide a qualitative explanation 
for a host of phenomena in quantum chromodynam- 
ics, useful quantitative results are not available within 
the semi-classical approach, and even qualitatively, in- 
stanton calculations are not rigorous since they relate 
only to the semi-classical approximation, a truncation 
of the full quantum theory. The modern approach to 
quantum chromodynamics is lattice QCD. It is possi- 
ble within lattice QCD to verify the original ideas about 
the role of instantons in the physics of the strong force; 
however, there are limits to the precision with which the 
lattice and semi-classical approaches can be compared 
(Negele, 1998). 

Finite action soliton solutions in other equation 
systems are sometimes referred to as instantons. 
Examples include the finite action solutions to the 
forced Burgers equation, which arises in the study of 
turbulence, and the vortex-like solutions in the abelian 
Higgs model, which is related to condensed matter 
physics. Instantons have many similarities to the lump 
solitons found in certain sigma models. 

Conor HouGHTON 


See also Burgers equation; Higgs boson; Particles 
and antiparticles; Quantum field theory; Solitons; 
Yang-Mills theory 
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Central problems in the integrability theory for non- 
linear ordinary differential equations (ODEs) or partial 
differential equations (PDEs) are knowing which sys- 
tems can be solved analytically and developing appro- 
priate solution techniques. Although in some contexts 
the term integrability is not well defined, let us begin by 
considering two physically motivated nonlinear ODE 
systems that can be analytically solved. 


Nonlinear Pendulum 


Here, the nonlinear system is 
X = ax +bx2 + cx, a, b,c = constants. (1) 


Multiplying both sides of this equation by x and 
integrating yields an intermediate integral | = x7/2 — 
ax? /2 — bx3/3 — cx*/4, which is determined by the 
initial conditions: x(t9) and x(fo). In terms of J, the 
solution x(t) can be written implicitly as 


m dx 


xy 21 + ax2 + 2bx3/3 + cx4/2 





t—to (2) 





where x(f9)=xo. The inversion of this formula is 
expressed in terms of Jacobi elliptic functions (Bryd 
& Friedman, 1954). Note that this system has one 
degree of freedom, and one intermediate integral was 
sufficient to obtain a solution. Because it is related to an 
area, the intermediate integral (/) is sometimes called 
a quadrature, and by extension, Equation (2) is said to 
be obtained by the method of quadratures. 
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Calogero—Moser N-Body Problem 


In this example, the nonlinear system is 
N 
Gn = xs 28° n = Gm) g =constant, (3) 


m=l,mAn 


generalizations of which were studied extensively in 
the last three decades of the 20th century. Using a Lax 
isospectral deformation technique, the solution matrix 
diag [qi(t),...,qgn(t)] is found to be similar to the 
matrix O = [Onm (t)] defined by 


Onm(t) = brm[Gn(0) + Gn (Ot ] 
+i(1 — 8nm)8[4n(0) — am] 't. (4) 


Thus, the solution to the initial value (Cauchy) problem 
is reduced to the algebraic task of finding the N eigen- 
values of the matrix 0, and the solution formula for 
initial data, g;(0) and q;(0), can be constructed from 
linear functions, through a finite number of algebraic 
operations and compositions of functions (Calogero, 
2001). Equations (1) and (3) are completely integrable. 

In the 19th century, Evariste Galois, Niels Henrik 
Abel, Joseph Liouville, and Sophus Lie tried to 
rationalize the process of solving differential equations 
by quadratures, or failing that, massaging them in sucha 
way that useful information might be extracted. Mainly 
based on geometry and algebra, these efforts initiated 
much of the mathematics—such as classifications 
of differential equations in term of symmetries and 
conservation laws—that has dominated the 20th 
century. Attempts by Karl Weierstrass and Henri 
Poincaré to create a systematic theory of integrability 
are based on complex function theory. 

An achievement of 19th-century mathematics was 
the elaboration of the theory of elliptic and Abelian 
functions, particularly the introduction of theta func- 
tions. A solution comprising such rapidly convergent 
power series is quite efficient computationally; thus, a 
natural question for 19th-century mathematicians was 
this: Which differential equations admit solutions as 
quotients of power series that converge in large regions, 
independent of initial or boundary conditions? The 
Cauchy—Kovalevsky theorem gives local existence for 
such expressions. This theme traces through the work 
of Sophia Kovalevsky and Paul Painlevé for nonlinear 
ODEs and through Bernhard Riemann and Immanuel 
Fuchs and their successors for linear ODEs (Hermann, 
1984). 

There are several results about local and global solu- 
tions of differential equations that establish existence, 
uniqueness, smoothness, stability, approximations, and 
so on; yet attempts to find exact solution formulas in the 
19th century were largely unsuccessful. This is because 
solutions to nonlinear systems may exhibit complex 
behaviors—such as blow-up, shocks, chaos, fractals, 
and bifurcation—which are obstacles to integrability. 
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Poincaré put an end to the search for new integrable 
equations by showing that among all dynamical sys- 
tems integrable ones are exceptional. Indeed, a small 
structural perturbation of an integrable system often 
destroys integrability. 

Although Poincaré’s results dampened interest in the 
search for new integrable equations during the first half 
of the 20th century, the situation changed dramatically 
with the discovery of the inverse scattering transform as 
a method of solving the initial value (Cauchy) problem 
for the Korteweg—de Vries (KdV) equation (Gardner et 
al., 1967). Rapidly extended to several other nonlinear 
systems of scientific interest (nonlinear Schrodinger 
equation, sine-Gordon equation, Toda lattice, and so 
on), this discovery also led to the emergence of “soliton 
factories” during the 1980s (Zakharov, 1991). 

More generally, integrability theory aims to find 
global information on solutions and, if possible, to solve 
differential equations analytically. Integrability itself is 
an intrinsic characteristic of differential equations, im- 
posing constraints on the way solutions evolve in phase 
space and suggesting the following working definition. 


Definition A differential equation is completely inte- 
grable if all solutions to well-posed initial or boundary 
value problems can be presented beginning with ele- 
mentary functions, using finitely many algebraic oper- 
ations and compositions of functions, and evaluating 
limits. 

Algebraic operations include inverting or diagonal- 
izing matrices; compositions of functions include in- 
verses; and the limits can be integrals, infinite series, 
or asymptotes. Thus, this definition holds for cases in 
which solutions can be constructed explicitly. It also 
generalizes the notion of integrability by quadratures 
(Liouville integrability) that only requires computation 
of intermediate integrals in addition to algebraic oper- 
ations and compositions of functions. 

For ODEs, the Liouville—Arnol’d theorem on finite- 
dimensional Hamiltonian systems gives sufficient con- 
ditions, called the Liouville conditions, for guarantee- 
ing the integrability by quadratures (Arnol’d, 1989). For 
a Hamiltonian system of N degrees of freedom, these 
conditions are: 


e the existence of N integrals of motion {F|, F2,..., 
Fy}, 

e that are functionally independent on the level surface 
{ F; =a;} containing the initial data, and 

e that commute with each other under the associated 
Poisson bracket. 


If the level surface {F;=a;} is compact and 
connected, then the Liouville-Arnol’d theorem says 
that the underlying Hamiltonian system can be 
expressed as 


i, =0, @ =a(h,..., IN), (6) 
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in the action-angle coordinate system (J;,g;) of a 
neighborhood of the level surface. Thus, the motion 
is conditionally periodic along an N-dimensional torus 
with the frequencies «;, and the solution to the Cauchy 
problem can be completely determined by the method 
of quadratures. The Euler top, the Lagrange top, 
Kowalewski’s top, the Stickel systems, and geodesic 
flows on a surface are Liouville-integrable systems 
(Perelomov, 1990). 

For PDEs, there also exist some results on integra- 
bility properties from a Hamiltonian perspective, in- 
cluding the bi-Hamiltonian theory (Magri, 1978) from 
which infinitely many symmetries and conservation 
laws for PDEs can be deduced. Motivated by the 
Liouville—Arnol’d theorem, a notion of integrability for 
PDEs is the existence of infinitely many conservation 
laws. The KdV equation is integrable in this sense, and 
it can also be put into a Hamiltonian form in action- 
angle coordinates like integrable ODEs (Zakharov & 
Faddeev, 1971). 

The existence of infinitely many conservation 
laws can lead to infinitely many finite-dimensional 
solution varieties that can be determined analytically 
(Fuchssteiner, 1992), but it is not clear whether these 
subvarieties generate the whole infinite-dimensional 
solution variety. Indeed, the infinitely many degrees of 
freedom of PDEs introduce large diversity, obscuring 
their solvability and integrability properties. 

The notion of partial integrability arises when sys- 
tems of differential equations (both ODEs and PDEs) 
possess more degrees of freedom than conservation 
laws (Conte & Boccara, 1990). Symmetry constraints 
developed in soliton theory (Ma & Zhou, 2001) suggest 
a way to show partial integrability for PDEs through 
relating PDEs to integrable ODEs. The method was 
motivated by Moser’s work on Hill’s equation (Moser, 
1980) and nonlinearization of Lax pairs (Cao, 1990). 
The results generalize the theory of finite-dimensional 
integrable stationary equations, suggesting the possi- 
bility of establishing a Liouville—Arnol’d theorem for 
infinite-dimensional Hamiltonian systems. 

Since the 1970s, several criteria have arisen 
for testing the integrability of nonlinear PDEs, 
and corresponding theories include infinitely many 
symmetries, infinitely many conservation laws, Lax 
structure, bi-Hamiltonian structure, the Béiacklund 
transform, Hirota’s bilinear form, the inverse scattering 
transform, and the Painlevé property (Degasperis, 1998; 
Gu, 1995). 

An ODE or a PDE is said to possess the Painlevé 
property, respectively, if the movable singularities of 
solutions of the ODE are only poles (Ablowitz & 
Clarkson, 1991) or if solutions of the PDE are “single- 
valued” in the neighborhood of noncharacteristic, 
movable singularity manifolds (Weiss et al., 1983), 
suggesting that the Painlevé property is an indication 
of complete integrability (Conte, 1999). One advantage 
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of the Painlevé property is that it can be a tool for 
computing Lax pairs and conservation laws. Lax pairs, 
as we have seen in Equation (3), provide linear objects 
for solving Cauchy problems of nonlinear equations. 
A thorough understanding of the relationship between 
Painlevé singularities and integrability may suggest 
alternatives to the KAM notion of near-integrability 
(Zakharov, 1991). 

The term S-integrability implies integrability of 
Cauchy problems by the inverse spectral transform 
technique (Calogero & Degasperis, 1982) or the inverse 
scattering transform (Ablowitz & Clarkson, 1991; 
Fokas, 1997). C-integrability, on the other hand, means 
that a differential equation can be transformed into 
a linear one by an appropriate change of variables. 
Examples of C-integrable equations are the Burgers 
equation and the Calogero—Dagasperis—Ibragimov— 
Shabat equation: 


Uy = Uxy — 2UUy, (B) 
2 (CDIS) 


x 





Up = Uxyy + 3U7Uyy + 9uux + 3utuy. 
These two equations are, respectively, cast into the 
heat equation (v; =v, ) and the linear KdV equation 
(v; = Uyxx) Under appropriate dependent variable 
transformations. Calogero and colleagues have made a 
systematic study of the construction and classification 
of C-integrable equations, both in 1 + 1 dimensions 
and N + | dimensions (Zakharov, 1991). Although the 
property of C-integrability often leads to an infinity of 
conservation laws, the Burgers equation has only one 
local conservation law of differential polynomial type. 

Wen-X1u Ma 


Seealso Burgers equation; Constants of motion and 
conservation laws; Hamiltonian systems; Hirota’s 
method; Inverse scattering method or transform; 
Painlevé analysis; Solitons 
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Integrable cellular automata (CAs) are discrete dy- 
namical systems that possess attributes of integrability 
including conserved quantities, symmetries, and local- 
ized solutions. They show how to discretize a given in- 
tegrable system of differential equations, maintaining 
the integrability property, suggesting that integrability 
of discrete systems and their coherent structures are in- 
herently connected with the iterated string processing 
performed by automata. 

The propagating solutions (or coherent objects) on 
certain cellular automata have been found to exhibit 
nondestructive collisions similar to those observed for 
soliton systems like the Korteweg—de Vries equation. In 
such cases, pulse-like disturbances propagating along 
a uniform nonlinear medium are represented by strings 
of symbols (zero-one patterns), passing through a 
one-way structure—the pipeline of identical automata 
M. The analysis of these moving objects reduces 
to investigating the repeated automaton action over 
strings, also called an iterated automaton map (IAM); 
M(a') =a't!,+=0,1,.... 

All known models capable of supporting such dis- 
crete localized structures are described by automata 
(Siwak, 2001, 2002), and a method (called ultra- 
discretization) leads to discrete systems in which so- 
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lutions of some familiar soliton equations are pre- 
served as soliton-like patterns (Tokihiro et al., 1999). 
Thus, an IAM is a fundamental discrete mechanism 
that supports localized soliton-like periodic structures. 
This is why a new term iterons (Siwak, 2001, 2002) 
has been proposed for these objects. Note also that 
fractals owe their existence to the iterating process of 
some maps. 

There are two classes of iterons. The first consists 
of particles well known in cellular automata models 
(Delorme & Mazoyer, 1999) where the parallel 
processing of strings occurs. The second class is not 
widely known and consists of so-called filtrons. The 
filtrons are emergent coherent objects occurring in 
serial processing of strings (Siwak, 2001). 

In parallel processing of a string a’ at a given 
time ¢ all symbols att of the next string a’t! 
are updated simultaneously, for example, by the 
function aft! = f(ai_,,...,af,...,a/,,). When the 
same function f is used for all positions 7, one has a 1- 
dimensional CA, with f being called its local function 
or rule. The arguments of f are determined by the so- 
called neighborhood window N; = (—r,..., +r); here 
N; designates r neighbors on both sides of position i. 

The listing of consecutive strings a‘ fort =0,1,... 
one under another forms what is called a space-time 
(ST) diagram. This diagram visualizes the evolution of a 
given string a®°—the dynamics of a CA system in phase 
space for initial global state a°. Occasionally, some 
moving and periodic patterns of symbols or segments 
of a string are seen on ST diagrams of CA processing. 
These are just particles or signals of CAs (Delorme & 
Mazoyer, 1999). 

The serial processing of strings is performed by 
a computational model called a finite (state) au- 
tomaton. The Mealy type automaton is described 
by M=(S, x, 2,65, B, 50), where S,X, and Q are 
nonempty finite sets of—respectively—states, inputs, 
and outputs; 6: S x & — Sis called the next state func- 
tion of M, 6: S x X > Q is called the output function 
of M, and so is the initial (extinction) state of the au- 
tomaton. The automaton converts sequences of sym- 
bols, preserving their length. Any input string is read 
sequentially from left to right, one symbol at each in- 
stant of time (pulse of clock). For all t=1,2,... the 
automaton: 


(i) reads input symbol o (rt), 
(ii) changes its current state s(t) onto the next one 
according to 6(s(t), o(t)) =s(t + 1), and 
(ii) generates the symbol A(s(t), o(t)) =@(t) of the 
resulting string. 


Thus the complete one step conversion at a! > 
a't! requires a series of clock pulses t. To 
consider IAMs, one has to assume the unified 
input-output alphabet A= © = Q=0,1,...,m. Then 
the automaton’s operation can be described by a 
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Figure 1. Nondestructive collisions of filtrons (g = 2). (a) PST model. (b) Automaton M1. 


sequence of operations f;: A — A, each f; such that 
f(a) = Bs, a). 

Coherent objects of serial string processing were 
not known for a long time. The first model that 
established a bridge between discrete systems of string 
processing and soliton-like phenomena was the filter 
CA (Park et al., 1986). The PST (Park, Steiglitz, 
& Thurston) model was defined for A= {0, 1} by 
a special space-time window (FCA window) and a 
nonlinear updating Boolean function fpsr : At _, 
A. It operates by moving the window to the right along 
a given string a‘. At each position the function fpst 
computes consecutive elements 


t+ 
qj 


= fest (a, Gig tees Gipps ale aay as .</*}) 
of the resulting string a‘t! in such a way that a/*! =1 
if and only if the sum of all window elements (which are 
arguments of fpst) is even but not zero. It is assumed 
that the conversion a‘ —>a't! starts somewhere at 
left with the zero content of window (zero boundary 
conditions). 

The PST model is an automaton and is classified 
as a digital parity infinite impulse response (IIR) 
filter. The dynamics of the PST model reveal discrete 
moving coherent objects capable of colliding in a 
nondestructive way. An example of such objects is 
shown in Figure 1(a). 

Formal analysis of filter CAs has been given by 
Goldberg (1988). Goldberg has also given its first 
automaton-like description by means of a rapid updat- 
ing rule. 

Various generalizations of this model soon appeared. 
New updating functions were introduced, and the FCA 
window was modified (Jiang, 1992). A model with 
an infinite FCA window was given by Takahashi and 
Satsuma and called a soliton CA. Then, the working 
alphabet A was enlarged beyond binary (Fokas et al., 
1990), and algebraic group operations were considered 
in computations of updating function. 


Another approach was based on deriving the filter- 
CA-like description from the equations of motion of 
some systems and from so-called spectral problems 
(Bruschi et al., 1992). 

It was observed that most of the models based on the 
FCA window perform very special cyclic processing. 
This led Siwak (2002) to a class of filter automata 
(FAs). FAs are described by three notions that are useful 
in physical interpretation of the IAM as a medium, 
namely: 

— the activating function: : A —> {false, true} such 
that .(a) = true = 5(s0, a) # 80; 

— the cyclic sequence (hj, fi,..., fx) of mappings 
Js (the medium is excited); and 

— the extinction conditions (the automaton returns to 
its extinction state sg). 

Note that the automaton equivalent of PST pro- 

cessing is activated by a=1 (nonzero symbol). Its 

cyclic sequence of operations f; is of the form 

(N,A,...,A)=NA" where N denotes negate oper- 

ation, and A is identity id (or accept). The extinction 

condition is based on a coincidence of some string’s 

current segment w € {a0"} with the cycle of activity. 

The example of IAM dynamics of some cyclic 
automaton M, for A= {0, 1, 2, 3} is shown in Figure 
1(b). When the automaton M is extinguished, it 
rewrites input zeroes; ho(0)=0, but activated by a 
symbol j # 0, it performs the cycles of operations 


(ho, fi, fr, £3), (hj. fi. fa, fa), -.. where 


pice fo MDBW 5.25 (0138-8 
°=\o 0 0 OJ 1 ~\3 0 2 2)° 

0 12 3 012 3 
= (235 B= 2 Go) 
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Figure 2. Exemplary images of IAM dynamics—various phenomena of colliding filtrons. 


Extinction occurs when the segment w = 0000 is read 
within a cycle. 

The symbols of A are shown on ST diagram in order 
to expose so-called M-segments within strings. Each 
M-segment begins with an activating symbol, which 
is printed in bold. The tail zeroes of an M-segment, 
that is all consecutive zeros immediately preceding the 
extinction of M are denoted by bar. All zeroes read by 
the automaton in its state sp are shown as dots, and all 
remaining zeroes as digits 0. With this convention one 
can recognize whether any two M-segments are distant, 
adjacent, or overlap and actually form a complex object. 
Also, a shift q per row to the left is sometimes applied 
to ST diagrams. 

The filtron x of automaton M within the IAM 
dynamics is defined to be periodic M-segment of the 
string a? = ...0x0.... 

Among the discrete models supporting coherent 
objects there are also the following. For most of 
them the appropriate equivalent automata have been 
identified (Siwak, 2001, 2002): 


— iterated arrays of finite state automata (Atrubin, 
1965); 

— filter CA, soliton CA, and other generalizations of 
PST model based on FCA window; 

— digital recursive (IIR) filters and filter automata 
family (Siwak, 2001); 

— classical CAs and higher order CAs (Delorme & 
Mazoyer, 1999); 

— CAs with mixed serial and parallel scenarios of 
their updating schedule; 

— rapid-updating rule-type procedures called also 
fast rules; 

— integrable CAs derived from so-called spectral 
problems (Bruschi et al., 1992), and discrete 
versions of some classical soliton equations; 

— box-ball systems introduced by D. Takahashi; 

— crystal systems and combinatorial data processing; 


— techniques of accelerating the convergence of 
numerical algorithms; 
— affine Lie algebras. 


Let us illustrate the dynamics of IAM with automata 
Mppsc(m, n), which are equivalent to the model called 
the box-ball system with carrier (BBSC). In BBSC each 
position i represents a box, and each symbol 0 < aj <m 
from A is interpreted as the number of balls. A single 
step of the evolution of a string is performed by a carrier 
of capacity n that runs to the right once and moves each 
ball exactly once. At each box, the carrier puts as many 
balls into the box as possible and simultaneously takes 
as many balls from the box as possible. 

This means that if the carrier contains 0<cj <n 
balls at box j, then it will take min(aj,n — cj) 
balls from this box and, simultaneously, will leave 
min(c;,m — aj) balls. The finite state automaton 
Mppgsc(m,n) that performs exactly the same string 
processing as this BBSC is such that: the set of 
states S = {0, 1, ..., m} and the alphabet of input/output 
symbols A = {0, 1,..., m} are sets of integers; so =0 
is the initial state of Mggsc(m, n); and the next states 
of Mgpsc(m, n) are given by 6(s,0)=s + min(s, 0) 
— min(s, a), while the output symbols are determined 
by w=£f(s,0)=o0 + min(s,o) — min(s,o). Here 
sS=n—sando=m-—o. 

An example of colliding filtrons of the automaton 
Mppsc (16, 22) is given in Figure 2. 

Further examples of IAM dynamics for some other 
automata are given in Figure 3 where among the 
multi-filtron nondestructive (solitonic) collisions the 
following phenomena can be especially seen: complex 
filtrons (a), (c), jumps of the filtron over a bundle (a), 
(b), trapped or bouncing filtrons and collision of such 
complexes (c), decaying object (or quasifiltron) and 
its earlier solitonic collision (d), vibrating filtrons (e), 
steady filtrons (a), (b), and attraction and repelling of 
filtrons (f). Also the fusion, annihilation of filtrons and 
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Figure 3. Six filtrons of the automaton Mgpsc (16, 22) collide 
solitonically (shift ¢ = 1). 


many other events are possible and can be seen in 
computer simulations—the realm of the behaviors of 
filtrons of automata is fascinating and amazingly rich. 
The automaton approach and explanation of discrete 
coherent structures phenomena by IAMs leads to many 
applications, including computing by means of streams 
of filtrons (solitonic processing idea of Steiglitz), 
transmission and conversion of information via fiber 
optical lines, and signals and waves processing (e.g., by 
an interaction of electromagnetic waves with a shock 
wave background or another precisely shaped medium). 
PaweEL SIwak 


See also Cellular automata; Cellular nonlinear 
networks; Game of life; Integrable lattices; Solitons, 
types of 
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INTEGRABLE LATTICES 

Lattices, or differential-difference equations (DDEs), 
are a special class of ordinary differential equa- 
tions, with an infinite number of dependent vari- 
ables qn=4n(t) numbered by integer indices n, 
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admitting a translational invariance with respect to the 
shift n > n+ 1. Due to this property, such equations 
are well suited for describing processes in transla- 
tionally symmetric systems like crystals. By impos- 
ing suitable boundary conditions, such as periodic ones 
(gn(t) = 9n+N(t) for all n), one can also model finite 
systems. In the notation above the dependent variable 
t plays the role of time; the range where the depen- 
dent variables g,, take values can be a multidimensional 
vector space or even a more general manifold. Some- 
times it is convenient to think of n as the second, dis- 
crete independent variable, so that g,(t)=q(t,nAx) 
is thought of as a sampling of a function q(t, x) of 
two continuous variables (time ¢ and space coordinate 
x) for the discrete sequence of values of x =nAx. 
In such a context differential-difference systems appear 
as semi-discretizations of systems of partial differential 
equations (PDEs). For instance, the lattice model 





Gn = ©§(Gn41 — 24n + 4n—1) — Sinn), (A) 


used by Yakov Frenkel and Tatiana Kontorova in 
their study (1939) of the relation between dislocation 
and deformation of crystals, can be considered 
as a semi-discretization of the sine-Gordon (SG) 
equation git — qxx = — sin(q) (in this interpretation 
wo = 1/Ax). Subsequent developments revealed that 
the discrete model (1) is non-integrable, unlike its 
continuous counterpart SG. Thus, in hindsight, already 
this early example illustrates the difficult problem 
of integrable discretization: how to discretize one or 
several independent variables in a given integrable 
system, maintaining the integrability property. 

Another early example of a physically important 
system of DDEs is the model used by Enrico Fermi, 
John Pasta and Stan Ulam in their 1955 study of the 
dynamics of energy partition in crystals: 


Gn = = 09 (Gn+1 = 24n + qn-1) 





Gn—1)"). (2) 


In this model, only nearest neighbors interact with 
the potential depending on their relative displace- 
3 


ment, U(Aq)= Bag)? + (Aq). Also this model 
is, strictly speaking, non-integrable. However, by an 
interesting historical twist, the studies by Fermi, Pasta, 
and Ulam played the precursor role for the theory 
of solitons. Presumably, due to the closeness of Equ- 
ation (2) to integrable models, it demonstrated a lack 
of thermalization (the FPU recurrence phenomenon), 
and in attempts to understand this, Kruskal and 
Zabusky studied the KdV equation and eventually 
discovered its solitons (See Fermi—Pasta—Ulam oscil- 
lator chain). 

The story of integrable lattices began with the 
discovery by Toda (1989) of the lattice with an 
exponential interaction of nearest neighbors, which 


a(n41 Gn) (Gn 
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carries nowadays his name (See Toda lattice): 
Gin = eMt1 I — @In—~Gn-1, (3) 


He found a number of exact soliton-like solutions of 
this systems, both in the infinite and in the periodic 
setting. Multisoliton solutions were constructed in 
1973 by Hirota with the help of his ingenious 
“direct” (or bilinear) method (See Hirota’s method). 
The integrability of this model in the sense of 
classical mechanics (existence of an infinite number of 
independent integrals of motion, which are in involution 
with respect to the standard Poisson bracket with 
canonically conjugate momenta p,=q,), aS well as 
in the sense of the solitons theory (Lax representation 
and applicability of the inverse scattering, or inverse 
spectral, transformation (IST)) was demonstrated in 
1974 independently by Flaschka and by Manakov. 
Other important early work on this system includes 
the treatment of scattering in the finite nonperiodic 
Toda lattice by Moser (1975), finding the Backlund 
transformation by Wadati and Toda (1975), and 
the solution of the periodic lattice in terms of 
multidimensional theta-functions given independently 
by Date and Tanaka and by Krichever (1976). One has a 
rare possibility to read the first-hand presentation of the 
whole body of relevant results, including the authentic 
story of the original discovery, in Toda (1989). 

Once the mechanism of integrability via IST for 
lattice systems was uncovered, new integrable DDEs 
began to be discovered in quick succession. The next 
one was the lattice 


an = An (An+1 — an-1), (4) 


having plenty of applications and known today 
under various names (Volterra, Kac—van Moerbeke, 
discrete KdV, etc.). Its integrability was established 
independently by Manakov (1974) and by Kac and van 
Moerbeke (1975), while the multisoliton solutions for 
it and for its modification, 

din = (1+ 5) (Ane ~ Ant) (5) 
had been found by Hirota in 1973. 

An important paper by Ablowitz & Ladik (1976) 
contained a lattice version of the zero-curvature 
(Zakharov—Shabat) representation of integrable sys- 
tems and integration methods based on it. This deep- 
ened understanding of the algebraic structures behind 
integrable lattices, and opened an opportunity to con- 
struct in a unified manner arbitrarily many examples. 
One of the celebrated systems introduced and studied 
there is an integrable spatial discretization of the non- 
linear Schrédinger equation (DNLS): 


Vn = —Wngt — 20m + Wn—1)/(Ax? +9 | vn ? 
x (Wn + Wn-1)- (6) 


A different but gauge equivalent discretization of 
NLS was found by Isergin and Korepin in 1981 (See 
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Faddeev & Takhtajan, 1987 and Discrete nonlinear 
Schrédinger equations). 

Dozens of integrable lattices have been found since 
then (which, of course, has led to a certain devaluation 
of this sort of activity). It seems, however, that only 
a few of them are of really fundamental importance 
for theory and applications. Such a “short list” 
depends naturally on personal tastes, but the following 
systems (apart from those already mentioned) should 
be included in any case. 

A sort of a relativistic generalization of the Toda 


lattice is due to Ruijsenaars (1990): 
ednt1—n 





Gn = (1+ aqn41) 1 + Gn) 2 
Tt arei@t—m 


edn—In-1 
a4 on) t OGn-1) - (7) 
1+ a2e%-ar-1 

A Toda-type lattice with nearest neighbors inter- 

actions that encounter elliptic functions but depends 

not only on their relative displacements was discov- 

ered by Shabat & Yamilov (1990) and independently 
by Krichever (2000): 


Gn = (qe = 1)(Viqn. qn+1) + Vian, qn-1)), (8) 


where V(q. q')=6(q +4') + 6(q —4') — (2) is an 
elliptic function in both arguments g, q’ (here ¢(q) is 
the Weierstrass ¢-function). 
A neat spatial discretization of the Landau—Lifshitz 
(LL) equation has been derived by Adler (2000): 
Sn X Sn 


. ae ( Sn X Sn—1 ) 
Sn = (Sn, JSy t 
1+ (Sn, Sn41) 1+ (Sn, Sn—1) 
—25n X (JS). (9) 











Here 5s, € S?, and J is a constant 3 x 3 matrix. In the 
isotropic case J =/ and this model reduces to a dis- 
crete Heisenberg magnetic discovered independently 
by Sklyanin and by Ishimori in 1982. Sklyanin found 
also a discretization of the LL equation different from 
(9); the relation between both models is discussed in 
Adler (2000). 

In the rest of this article we briefly discuss 
some mathematical aspects of integrable lattices. We 
illustrate them mainly with the example of the Toda 
lattice (3), but almost all of this holds in one form or 
another for all integrable DDEs. 


Lax Representations 

The results by Flaschka and by Manakov of 1974 serve 
as a first application of IST in the differential-difference 
context. It is based upon the Lax representation of the 
Toda lattice, that is, the fact that (3) is equivalent to an 
operator equation 


L=[L, As], (10) 


in terms of linear difference operators L and A+ with 
coefficients depending on gn, gn and on the so-called 
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spectral parameter A: 





L = bn Enn +471 Sdn En nt 
+A) 7 Enis (lu) 
Ap= So bn Enn +ay> En+i,n, 
AW = 2S an Enns, (12) 


where the Flaschka—Manakov variables ay, bn are 
expressed through gn, Pn =n as 


bn = Pn- (13) 


Here we represent difference operators as infinite 
matrices, with Ej,» being the matrix with the only 
nonvanishing element equal to 1 in the position 
(m,n). In the case of the finite open-end lattice, the 
operators are N x N matrices; summation in the above 
formulas is performed for n from | to N, and it is 
assumed that Ey +1, =En,n +1 =0. The N-periodic 
case differs in that it is assumed that Ey +1,1 = E1,n 
and En,n +1 = Ey,1. In the infinite and the finite open- 
end case, the spectral parameter A can be removed by a 
conjugation with a diagonal matrix diag(A”); itis not so 
in the periodic case, which makes the latter analytically 
much more difficult and demanding. 

An alternative to the Lax representation is the 
discrete zero-curvature representation 


= les 
ay = eFnt1— In | 


Ly = My Ln ~ LyMy-1, (14) 
first developed by Ablowitz and Ladik in 1975. It uses 
the same second-order operators (11), (12), but in terms 
of the spectral parameter-dependent 2 x 2 matrices 


— (bn tr ani _ (-’ -an 
t= (% 0 is Mn =(; aE 
(15) 


Such a representation is somewhat more flexible from 
the technical viewpoint. 


Inverse scattering 

The matrix L is similar to a symmetric tri-diagonal 
matrix, which means that the operator L is gauge 
equivalent to a second-order and self-adjoint matrix. 
The direct and inverse spectral theory of such operators 
is well-developed (see Teschl, 2000), and parallel, 
to a large extent, to the direct and inverse spectral 
theory of second-order differential operators. In the 
rapidly decaying case (qn > c, @n > 0 asn— +00) 
the standard IST scheme is illustrated by the following 


diagram. 
iF HOV 1K OF 


| linear evolution 


HAO Galt Bye 
inverse spectral problem 





direct spectral problem 
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The set of spectral data allowing for a solution 
of the inverse problem consists of the discrete 
eigenvalues jz;, the normalizing coefficients y; of 
the corresponding discrete eigenfunctions, and the 
reflection coefficient r(¢) of the continuous spectrum. 
Equation (10) yields that the evolution of the operator 
L, induced by the fact that gn(t) satisfy the Toda 
lattice equations (3), is isospectral. More precisely, the 
discrete eigenvalues are constants of the motion, while 
the evolution of other spectral data is governed by 
simple linear equations: 


er sg: 
fj = const, yj(t) = yj(Oe“i i ™, 


r,t) 


r(, Oe", 


Solution of the inverse spectral problem is given in 
terms of the Riemann-Hilbert problem or its variants, 
such as the Gel’fand—Levitan equation. Multisoliton 
solutions correspond to reflectionless potentials, for 
which r(¢, t) = 0. 

In the periodic case, the set of the spectral data is 
more complicated: it includes a hyperelliptic Riemann 
surface R of genus N — 1 determined by the eigen- 
values of the periodic boundary value problem for the 
operator L; further, it includes N — 1 points Py on R, 
which correspond to the eigenvalues of L with van- 
ishing boundary conditions. Due to (10), the Riemann 
surface F itself is an integral of motion, and the evo- 
lution of points P; is such that the image of the divisor 
P, +... + Py —1 under the Abel map moves along a 
straight line in the Jacobi variety of R. Solution of the 
inverse spectral problem is given in terms of multidi- 
mensional theta-functions. An important technical de- 
vice in this type of problems constitute Baker-Akhiezer 
functions, which have essential singularities at P, and 
are meromorphic elsewhere on R; their analytic prop- 
erties define them uniquely. 


Hierarchies 

Integrable lattices (and, more generally, integrable 
systems) do not appear separately, but are organized 
in hierarchies. To describe the Toda lattice hierarchy, 
note that the matrices A+ in (12) may be seen as 
A4= +74(L), where zx stands for the nonnegative 
(resp. negative) part of the Laurent series with respect 
to the spectral parameter A. This is a particular instance 
of a very general construction, known as the Adler— 
Kostant-Symes (AKS) method, dealing with a splitting 
of a Lie algebra g into a direct sum of its two 
subspaces that are also Lie subalgebras gi; in this 
general setting, 74: gt» g4 are the corresponding 
projections. The higher members of the Toda lattice 
hierarchy (enumerated by m € N) are characterized by 
Lax equations of form (10) with the same Lax matrix L 
as in (11) and Az = + 7+(L”), see also Kupershmidt 
(1985). 
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“Explicit” Solution in Terms of a Factorization 
Problem 

A further important ingredient of the AKS method is a 
formula for the solution of the initial value problem 
for such Lax equations. It is given in terms of the 
factorization problem in the Lie group G corresponding 
to the Lie algebra g in terms of its Lie subgroups G+ 
corresponding to g+: if the elements U+(t) € G+ solve 
the factorization problem exp(tL” (0)) = U,U_, then 
LQ) =UL' LOU y(t) =U_()LO)UZ (2) is the 
solution of the mth member of the hierarchy. The 
factorization problem in G is, in general, a sort of 
Riemann-Hilbert problem, intimately related to the one 
participating in the inverse scattering transformation. 


Darboux-Bécklund Transformations and 
Discretization 

The above-mentioned factorization problem in G also 
leads to an effective construction of Darboux—Backlund 
transformations, which are a further indispensable 
attribute of integrable systems. For the Toda lattice, 
a Backlund transformation (gn, Pn) > (Gns Pn) with 
a parameter h, which serves also as an integrable 
discretization with the time step fA, is a result of 
the following factorization: J + hL=U,U_, with a 
subsequent flipping of factors: J + hL =U_U , where 
the factors are given by 


Uy = Sieh Ey AHA Engin G4, (16) 
U_- = 1+ ha! et Ey ny EG. (17) 


The formulas for the Backlund transformation seen 
from these factorizations, are 


L+hpn = edn 
l+hpn = edn 


2 .4n—Gn— 
A? edn —Gn-1 


h2eint1—Gn (18) 














This is a canonical transformation, possessing a classi- 
cal generating function. This result was first obtained 
by Wadati and Toda in 1975, see also Suris (2003). 


Hamiltonian Structure 

The last immanent feature of integrable lattices 
(and, more generally, integrable systems) is their 
Hamiltonian structure. Often, they are even bi- or multi- 
Hamiltonian, as it is the case for the Toda lattice. In 
the Flaschka—Manakov variables (13) the equations of 
motion of the Toda lattice (3) are rewritten as 


bn =dn —dn—1. (19) 
The canonical Poisson bracket for the variables qn, Pn 
reads in the variables a,, b, as follows: 


{an, bn+1}1 = —an (20) 


(all other brackets of the coordinate functions vanish), 
and system (19) is Hamiltonian with respect to this 
bracket, with the Hamilton function Hz = 5 ye + 
Yan . However, one can define also a different Poisson 





Gn = An(bn41 — bn), 


{bn, Qn} = —Gn , 


459 
bracket for the variables ay, bn: 
{bn, Qn}2 = —bnan, 
{an, bn41}2 = —Anbn+i, 
{bn, bn4i}2 = —an, 
{4n, Qn41}2 = —AnGn+1, (21) 


with the following properties: it is compatible with 
the first one (i.e., their linear combinations are again 
Poisson brackets), and system (19) is Hamiltonian with 
respect to this bracket, with the Hamilton function 
H,= ¥°b,. So, the Toda lattice in the form (19) 
is a bi-Hamiltonian system. This was found by M. 
Adler in 1979. The bi-Hamiltonian property, introduced 
by Magri in 1978 on the example of KdV, has been 
established since then as an alternative (and highly 
effective and informative) definition of integrability. 
Actually, the Toda lattice (19) is even tri-Hamiltonian, 
since there exists one more local Poisson bracket for 
the variables ay, by with similar properties, discovered 
in Kupershmidt (1985). 


Higher Dimensions 

Up to now, we have considered integrable lattices with 
one continuous and one discrete independent variables. 
This clearly allows for a further generalization. 
Integrable systems with two continuous and one 
discrete independent variables are well known and 
widely used as the models in the field theory. For 
instance, the Toda field theory deals with the system 


(Gn) xy = C81 ™ = ene (22) 


introduced into soliton theory by Mikhailov (1979). 
Later it was realized that the equivalent equation 
(log Un) xy = Un +1 — 2U, + Un —1, Which is obtained 
by setting v= exp(¢n+1—4n). appeared already in 
studies by Darboux in 1888, as the equation satisfied by 
the so-called Laplace invariants of the chain of Laplace 
transformations of a given second-order hyperbolic 
partial differential equation. 

Yuri B. Suris 


Seealso Backlund transformations; Darboux trans- 
formation; Discrete nonlinear Schrodinger equa- 
tions; Hamiltonian systems; Inverse scattering 
method or transform; Quantum inverse scattering 
method; Toda lattice 
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INTEGRAL EQUATIONS 


See Equations, nonlinear 





INTEGRAL TRANSFORMS 


Integral transforms have their genesis in the 19th 
century work of Joseph Fourier and Oliver Heaviside, 
subsequently set into a general framework during the 
20th century. The fundamental idea is to represent a 
function f(x) in terms of a transform F(p), using an 
integral transform pair, 


F(p) = / K(p,x) f(a) de, 
fa) = f Le. yFCP)dp. a) 


The functions K (p, x) and L(x, p) are kernels. If either 
of f(x), F(p) is discontinuous, further interpretation 
must be supplied at those points. 

Oliver Heaviside invented his operational calculus to 
solve differential equations, such as those which arise 
in the theory of electrical transmission lines. A simple 
example is the diffusion problem (Whittaker, 1928), 


a?u/dx? = k du/at, 
u(0, t) = Uo. (2) 


x>0, t>0, 
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Heaviside treated differentiation as a symbolic opera- 
tion, p = 0/0dt, to write the operational solution 


u(x,t) = eV . Up. (3) 
Using Euler’s formula for differentiation, 


d" (x?) p! 
= —— x 
dx” (p—n)! 





fet (4) 


with n not restricted to the integers, Heaviside was able 
to extract all the information he required from such 
an approach. However, his methods met with general 
disapproval, leading to lifelong difficulties for him. 

Heaviside’s work was formalized, using the Laplace 
integral, to give the Laplace transform pair: 


F(p) = [Per rena. 
0 


ct+ioo 


I 
f(x) = — et?* F(p) dp. (5) 
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In the normal case, the transform integral converges 
for all p in a complex half-plane %t(p) > a, in which 
case the constant c in the inversion integral must 
be chosen to satisfy the restriction c > a. Subjecting 
Equation (2) to the Laplace transform leads to the 
same formula (3) for the transform U (x, p). Everything 
may be extracted from this using complex variable 
techniques; the complex variable p is just a place- 
holder for Heaviside’s operational symbol p = 0/dt. 

The Laplace transform has simple properties with 
respect to differentiation and convolutions (Schiff, 
1999). For the former, if F (p) is the transform of f(t), 
then the transform of f’(t) is pF (p) — f (0). Again, if 
h(t) is the convolution of f(t) with g(t), defined as 


t 
A(t) = | f(s)g(t — s) ds, (6) 
0 
then the transform is given by simple multiplication: 


H(p) = F(p) G(p). (7) 


An important area of application is systems of 
ordinary differential equations with constant coeffi- 
cients, such as (Barnett & Cameron, 1992) 


x’ = Ax+ Bu, y=Cx. (8) 


Here x is a set of n internal state variables, u a set of r 
inputs, y a set of s outputs; A, B, and C are matrices. 
Taking the Laplace transform and using elementary 
matrix algebra, the response of the system is given by 


¥(p) = G(p)U(p), 
G(p) = C(pl — A) 'B. (9) 


The transform being a product, the solution is a matrix 
of convolutions. However, the essential information 
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about the system may be extracted directly, without 
recourse to inversion. 

The Fourier transform represents functions as linear 
combinations of periodic functions, an idea pioneered 
by Fourier. A one-dimensional form is 


F(@) = / ia faedr, 


f= Je / Fike "do. (10) 
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The most common uses are (i) with time as the original 
variable—transformation from the time domain to the 
frequency domain and (ii) with spatial position as the 
original variable—transformation from configuration 
space to momentum space. The Fourier transform also 
has simple properties with respect to differentiation and 
convolution (the integral in (6) now extends from — oo 
to +00), making it useful for investigation of partial 
differential equations, as well as many more complex 
systems. 

Other important transforms are the Hankel trans- 
form, which uses Bessel functions for the kernels in pair 
(1), alternative forms of the Fourier transform using sine 
or cosine functions, and many other lesser known pairs 
(Davies, 2002). In fact, every Sturm—Liouville problem 
generates integral transforms (Antimirov et al., 1993). 
In addition, there are transforms that involve complex 
integration in an essential way, such as the Hilbert trans- 
form and Cauchy integrals, which use principal values. 

The Mellin transform pair 


F(p) = / "= pide, 
0 


1 c+ioo 
f(x) = af x”? F(p) dp dab 
T1 Je—ioo 


has great utility, particularly in asymptotics (Ninham 
et al., 1992; Davies, 2002). For example, the Mellin 
transform representation of the exponential integral 


Ei(x) =a) oy (12) 
x u 


is 








1 c+ioo —1Dlx-? 
Ei(x) -[ BSD jn. S013) 
271 J c—ico P 
os (= 1kxk 
Kk 





= —Inx . (14) 


k=1 


where the infinite sum is obtained by the standard theory 
of residues. 

The Fourier transform is particularly well suited to 
linear evolution problems. Typically, there is an initial 
configuration, u(x, 0), which is represented as a linear 
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Evolution equation 


Transform Inverse transform 


Linear evolution 





Figure 1. Solution of evolution equations using transforms. 


superposition of plane waves, 


u(x, 0) = =f. U(k, 0) eM dk (15) 
Dap fg YO , 


The individual waves evolve according to a simple 
dispersion relation, w=q@(k), which means that 
the functions exp[ — ikx +iw(k)t] satisfy the partial 
differential equation. As a consequence, the solution 
at later time is 


1 2 ah eats 
wenn == f Uk, Oe HOMtaK (16) 


oo 


The process can be visualized as in Figure 1. The top 
arrow indicates the required evolution of the initial state 
u(x, 0) to the later state u(x,t). The circuitous route 
has three steps: (i) map the initial state u(x, 0) to some 
wave data U(k, 0), (ii) evolve the wave data under the 
evolution equation to the later wave data U (k, O)eieht ‘ 
and (iii) use an inverse transform to reconstruct the new 
state from the new wave data. 

Beginning in the 1970s, it was realized that a large 
number of nonlinear evolution equations may be solved 
using an analogous process that has come to be known 
as the inverse scattering method (Dodd et al., 1982). 
It is more complicated than the linear methods, but 
reduces to them in the limit of small nonlinearity. 
Briefly, the nonlinear equation is associated with a 
linear one, and there is a mechanism for mapping 
the data of the former onto the data of the latter. 
The method again proceeds according to the scheme 
of Figure 1. However the inverse transform, which 
recovers the state from the “scattering data,” is not so 
simple, and the method derives its name from it. The 
first explicit use of this scheme was for the solution 
of the Korteweg-de Vries (KdV) equation, which is 
associated with a linear Schrédinger equation in which 
the function u(x, t) plays the role of the potential. The 
evolution of the spectrum of the Schrédinger operator, 
in response to the nonlinear evolution of KdV equation, 
is linear; furthermore, in the limit of weak nonlinearity, 
the transform and its inverse reduce to the Fourier 
transform. 

BriAN Davies 
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Burgers equation; Gel’fand-Levitan theory; Hi- 
rota’s method; Inverse scattering method or 
transform; Korteweg-de Vries equation; Nonlin- 
ear Schrédinger equations; Sine-Gordon equation; 
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INTEGRALS OF MOTION 


See Constants of motion and conservation laws 


INTEGRATE AND FIRE NEURON 


Classical electrophysiology using extracellular record- 
ing methods established the all-or-none nature of the 
nerve impulse—a stimulus has to be above a threshold 
6 for an action potential to be generated, and for rect- 
angular stimuli, 6 depends on stimulus duration T. A 
plot of 6—T, a strength-duration curve is approximated 
by 


6 = On/[1 — exp(—-T/r], qd) 


where 6,p is a constant called the rheobase and t is a 
time constant. Lapicque (1907) produced the strength- 
duration curve of Equation (1) by a model in which 
subthreshold inputs x(t) are integrated and decay with 
an exponential time course 


Vit= [ome —u)/t) du, (2) 
0 


for 0 < V(t) <6, and when V(t) reaches threshold, 
an idealized action potential (a Dirac 5-function) is 
triggered and V is instantaneously reset to its resting 
value (say, V =0). The subthreshold changes in V(t) 
were represented as the response to an applied current of 
a resistance and capacitance in parallel. This separates 
the slow time scales of the subthreshold integrative 
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processes from the fast time scales of the action 
potential mechanisms. The values of the resistance and 
capacitance reflect not membrane parameters, but cell 
parameters, and so depend via surface area on cell size. 
Guided by the strength-duration curve, nerve or muscle, 
or different diameter nerve fibers can be excited. 

Lapicque’s integrate-and-fire model is also known as 
the leaky integrator and, in the case tT + oo, the perfect 
integrator. Unlike the FitzHugh-Nagumo, Hodgkin— 
Huxley, and Markin—Chizmadzhev models, it considers 
only subthreshold, integrative processes, not the pro- 
cesses generating the action potential, and so is more 
suitable for modeling neuronal information processing 
than action potential transmission. Originally formu- 
lated as a phenomenological model for the conditions 
for the initiation of an action potential, it is still widely 
used as a model today, but as a model for the generation 
of neuronal spike trains and mass activity in neuronal 
networks. It has been modified to include both absolute 
and relative refractory periods, obtained as a limiting 
case for the Hodgkin—Huxley equations, and extended 
into multiple time constant and spatially extended mod- 
els (Tuckwell, 1988). 

If the input w(t) is a constant c, the interspike 
intervals ¢; are a solution of 


tj 
6= [ exp(—(t — u)/t) du, (3) 
0 


and so the rate of firing is 1/4; = 1/[—t In(1 — 1/crt)], 
showing an increased sensitivity to small amplitude 
inputs. Such a logarithmic relation between discharge 
rate and the magnitude of a constant input is observed 
in some primary sensory neurons, and is used as an 
explanation for the Weber—Fechner law of sensory 
psychophysics. 

Gerstein & Mandelbrot (1964) introduced a random 
walk model for neuronal spike trains, in which the input 
to a perfect integrator model was a random sequence of 
small positive and negative steps. This was motivated 
by the observation that the interspike interval and scaled 
interval (sums of adjacent intervals) of some auditory, 
neurons had the same unimodal, asymmetric shape; 
that is, assuming the spike train was a realization of 
a renewal point process, the interval density function 
was invariant under self-convolution or has a stable, or 
infinitely divisible, distribution. The subthreshold re- 
sponse of the integrate-and-fire model to small and brief 
positive or negative current pulses could represent the 
postsynaptic response of a neuron to synaptic inputs. 
Superposition of a (large) number of independent point 
processes generates a Poisson process: with appropriate 
constraints on how the amplitude of the steps decreases 
while the rate increases, the random walk becomes a 
white noise, leading to diffusion models for stochastic 
activity of neurons. The diffusion process models for 
V(t) are approximations of the discontinuous, random 
walk models and are constructed to have the same first 
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and second infinitesimal moments. For the perfect in- 
tegrator, the subthreshold V(t) is a Wiener process; for 
the leaky integrator, an Ornstein—Uhlenbeck process. 
The interspike-interval probability density functions for 
these diffusion models are first passage time densi- 
ties to an absorbing barrier, the threshold. These densi- 
ties are obtained as solutions for forward or backward 
Chapman—Kolmogorov equations (see Holden, 1976; 
Tuckwell, 1988). These equations have been solved 
for different diffusion models, mostly numerically, but 
for some special cases solutions are available in closed 
form. The diffusion models have been extended to in- 
clude time-varying threshold, temporal modulation of 
the rates of the excitatory and inhibitory inputs, and 
spatial separation filtering of the inputs. In the deriva- 
tion of these diffusion models the synaptic inputs are 
assumed to be uncorrelated, producing a white noise in- 
put: correlation in the input, producing colored inputs, 
is more likely for central neurons and has profound ef- 
fects on the output variability of the integrate-and-fire 
models (Feng, 2001). 

The perfect and leaky integrators respond to a 
cosinusoidal input by modulated spike trains with 
a periodically modulated spike density. At large 
modulation depths both models show rectification, 
and the leaky integrator also shows phase-locked 
responses. Both these nonlinear distortions are reduced 
by adding noise to the input (Stein et al., 1972), 
and so additive noise can increase the ability of a 
neuron to transmit signals about narrow-band, high 
frequencies. This provides a functional explanation 
for the association between the variability in sensory 
mechanoreceptors and the frequency of their adequate 
stimulus: the discharge of auditory neurons is almost 
random, and velocity sensitive primary muscle spindle 
afferents have a higher variability than length sensitive 
secondary muscle spindle afferents, leading to ideas of 
stochastic resonance. The phase locked and aperiodic 
responses of the leaky integrator to a periodic input 
has been characterized in terms of the Arnol’d tongue 
structure for the dominant modes, where there are low 
order ratios between the spiking and forcing rhythms 
(Coombes & Bressloff, 1999). 

The success of the integrate-and-fire models in 
accounting for general properties of spike trains has 
allowed it, with simple modifications, to be applied 
to model spike trains from specific neurons, see for 
example, Herrmann & Gerstner (2002). The simplicity 
of the model also allows it to be used as an element 
in constructing population dynamic equations for large 
systems of coupled neurons, as in Sirovich et al. (2000). 





Arun V. HOLDEN 


See also Excitability; FitzHugh-Nagumo equation; 
Hodgkin—Huxley equations; Markin—Chizmadzhev 
model; Nerve impulses; Neurons 
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INTEGRO-DIFFERENTIAL EQUATIONS 


See Equations, nonlinear 


INTERMITTENCY 


Consider a dynamical system with x as the observed 
variable. As a function of time f, if x(t) exhibits 
segments of relative constant values (laminar phase) 
interspersed by erratic bursts, we say the system 
dynamics is intermittent (see Figure 1). Pomeau and 
Manneville (1980) were the first to identify the 
three bifurcations in low-dimensional maps that are 
associated with commonly observed intermittencies. 
An additional mechanism for generating intermittency 
is related to the transverse instability of chaotic 
attractors confined to a manifold whose dimension is 
smaller than that of the full phase space, which is 
called on-off intermittency (Pikovsky, 1984; Fujisaka 
& Yamada, 1985; Platt et al., 1993). 
Pomeau—Manneville type intermittency stems from 
a saddle-node bifurcation. Near the bifurcating point 
(x =0) in one-dimensional maps, the dynamics are 
described by x,41=%X,+¢ +22, For positive but 
small ¢, a narrow channel near x=O is formed 
between the nonlinear map function and the diagonal 
line Xn +1 =Xn. When a trajectory enters the channel, 
it moves through it very slowly, giving rise to the 
appearance of a quiet laminar phase. After exiting 
the channel, the trajectory can display wild swings 
governed by nonlinear mechanisms, forming the 
bursting phase of the dynamics. As time progresses, 
ergodicity will bring the trajectory back to the channel 


464 


again, and the process starts anew. The re-injected 
trajectory can land at different points inside the channel. 
As a result, the laminar phase has variable length, the 
mean of which is a statistical quantity of interest. It has 
been shown that the mean length of the laminar phase 
scales with the parameter ¢ as ~ e~!/?. As ¢ decreases 
through zero, a saddle-node bifurcation occurs, creating 
a stable fixed-point attractor at —./—é and an unstable 
fixed point at ./—e. Intermittency terminates at the 
bifurcation point ¢ = 0. 

Pomeau—Manneville type II intermittency is re- 
lated to a subcritical Hopf bifurcation; thus a two- 
dimensional map is needed for this phenomenon. 
In polar coordinates, the dynamics near the bi- 
furcation point (assumed to be the origin) is 
Ma4i=Ut+e)rn4 r3, On4+1=0,+a, where a is a 
constant rotation. For ¢ > 0, the origin is an unstable 
spiral. Viewing the r equation as a one-dimensional 
map, one again finds a channel for small r. When the 
trajectory is randomly injected into the channel, a quiet 
laminar period ensues, which is followed by a burst of 
chaotic behavior. The mean length of the laminar phase 
is shown to scale with ¢ as ~ e~!. At e=0 a subcriti- 
cal Hopf bifurcation occurs. For ¢ < 0, intermittency is 
replaced by a stable fixed-point attractor at the origin 
that is accompanied by an unstable invariance circle 
centered at the origin. 

Pomeau—Manneville type II intermittency is created 
near an inverse period-doubling bifurcation. Near 
the bifurcation point (x =0), the equation of motion 
is Xn»41= —C+8)xn +ax? + yx. For this map, 
the channel dynamics is best seen by examining 
the second iterate of the above map that is easily 
obtained (after discarding higher-order terms) to be 
Xn41= (1+ 28)x_ + Bx;, where B = —2(a2+ y).As 
é decreases from positive values to negative values, 
intermittency is replaced by a stable fixed-point 
attractor and an unstable period-two orbit. The channel 
near x = 0 here is analogous to the channel near r =0 
in the type II intermittency. It is, thus, not surprising 
that the mean length of the laminar phase scales with 
the parameter ¢ as ~ e~!. 

Consider an m-dimensional dynamical system that 
has an n-dimensional invariant manifold where n < m. 
(By invariant we mean that a trajectory initialized in 
the manifold stays there for all time.) Suppose that the 
dynamics on the manifold has a chaotic attractor that 
is also an attractor for the full phase space. Suppose 
also that, as a parameter varies across a threshold, 
a blowout bifurcation takes place (Ott & Sommerer, 
1994) and the attractor becomes transversely unstable. 
If one monitors the distance between the trajectory 
and the bifurcating invariant manifold, this distance 
typically exhibits on-off intermittency (see Figure 1) 
immediately after the blowout bifurcation. During the 
laminar phase, in other words, the trajectory spends 
a great deal of time close to the invariant manifold, 
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Figure 1. An intermittent function. 


producing a nearly zero value for the distance variable. 
The trajectory then departs the manifold rapidly and 
displays erratic bursting behavior for the distance 
variable until the dynamics brings it back close to 
the invariant manifold again, and the process repeats. 
During the laminar phase, the distance variable can 
be studied via a random walk model, and the interval 
between successive bursts follows a distribution akin to 
that of the first return time (Ding & Yang, 1995). 

All four types of intermittencies have been studied 
in experimental systems. For example, Jeffries and 
Perez found Pomeau—Manneville type I intermittency 
in a nonlinear circuit oscillator (Jeffries & Perez, 
1982). Pomeau—Manneville type II intermittency is 
characterized in a chemical reaction system by 
Herzel et al. (1991). Dubois et al. (1983) ob- 
served Pomeau—Manneville type III intermittency in 
Rayleigh—Bénard convection. Experimental studies of 
on-off intermittency are relatively recent. Hammer et 
al. (1994) are the first to report evidence of on-off 
intermittency in a nonlinear electronic circuit. On- 
off intermittency in a laser system was observed by 
Pisarchik and Pinto-Robledo in 2002. 

Minazuou Dina 
See also Bifurcations; Hénon-Heiles system; Hopf 
bifurcations; Phase space; Routes to chaos 
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INVARIANT MANIFOLDS AND SETS 


An invariant set S of a dynamical system has the 
property that every trajectory (or orbit) that starts in 
S remains in S. Invariant sets are the basic building 
blocks of dynamical systems and almost every set that is 
dynamically interesting has some invariance property. 
Every trajectory is an invariant set, and so equilibria 
and periodic orbits are simple examples of such objects. 
Attractors are also examples of invariant sets. 

An invariant set that is also a manifold (i.e., it 
looks like R” locally) is called an invariant manifold. 
Invariant manifolds provide a natural description of 
the dynamics close to an equilibrium or periodic orbit 
(using linearization) and can also make it possible to 
work in lower dimensions than the phase space of the 
problem, since a smooth dynamical system restricted 
to an invariant manifold is itself a dynamical system. 
This reduction in dimension is at the heart of center 
manifold techniques and inertial manifold methods. 

Invariance is a topological property and does 
not depend upon stability. This is often useful, 
and the sudden appearance or disappearance of 
attractors, as parameters are varied, can sometimes 
be understood as a change in stability of an invariant 
set that exists throughout the parameter region of 
interest. Indeed, many invariant sets, and particularly 
invariant manifolds, have persistence properties under 
perturbations of the dynamical system that make them 
useful when working with families of systems. 

The basic definitions will be given for differential 
equations x = f(x) with x € R” and solutions x(t), 
and maps 0n41=g(tn), v€ R”. In both cases, the 
complications that arise if solutions do not exist for 
all time will be ignored. 

For differential equations, a set S is a forward 
invariant set (resp. backward invariant set) if x(0) € S 
implies that x(t) € S for all t > 0 (resp. all t <0). S is 
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invariant if it is both forward invariant and backward 
invariant. 

For maps, a set S is a forward invariant set (resp. 
backward invariant set) if v € S implies that g(v) € S 
(resp. g! (v)). S is invariant if it is both forward 
invariant and backward invariant. 

In the remainder of this entry, some different sorts of 
invariant sets that arise in dynamics will be considered, 
illustrated by the Lorenz equations 





x=o(y—-x), y=—ytrx—xz, 


Z=—bz4+xy, (1) 


where o, r, and b are positive constants. 


Trapping Regions 


A set R is a trapping region if it is forward invariant and 
if all solutions are eventually contained in R. Trapping 
regions provide the first approximation to the location 
of any attractors in the system. 

For the Lorenz equations, (1), with o = 10 andb= 3 
Sparrow (1982) shows that the region : 


R= {(x, y,x) | rx + 10y? + 10(z — 2r)? < 5r7} 
(2) 


is a trapping region. This can be proved using 
the Lyapunov function V(x, y, gerx + 
10y? + 10(z — 2r)?. 


Stable and Unstable Manifolds of 
Stationary Points 


A stationary point of the differential equation x = f(x) 
is a solution that is constant for all time, so it must 
satisfy f(x)=0. The three equations obtained by 
setting x = y = z=0 in (1) can be solved to show that 
the origin is always a stationary point of the Lorenz 
equations, and provided r > 1, there are two other 
stationary points: (+ /b@ —1),+/b(r—1),r—1). 
Near a stationary point, the most important terms of 
the differential equation are the linear terms, so it is 
natural to ask whether the solutions of the linearized 
equation at the origin 














k=o(y—-x), y=—ytrx, 7=—bz (3) 
obtained by ignoring the nonlinear terms in (1) reflect 
properties of the full equations close to the stationary 
point at the origin. These results are usually stated in 
terms of the eigenvalues of the matrix that defines the 


linear equation (3): 


-—o Oo 0 
M= r —-l 0 : (4) 
0 0 —-b 
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If M has no eigenvalues with zero real parts, then the 
manifold (vector space) spanned by the eigenvectors 
with eigenvalues having negative real parts contains 
all the stable directions and, hence, is called the stable 
manifold of the linear system, (3), while the manifold 
spanned by the eigenvectors with eigenvalues having 
positive real parts contains the unstable directions. The 
former manifold is called the stable manifold, E’, of 
the origin, and the latter is the unstable manifold, E". 
If0 <r <1, then all the eigenvalues of M are negative, 
so the stable manifold of the linear system is the whole 
space, and the unstable manifold is the empty set. If 
r > 1, then M has two negative eigenvalues and one 
positive eigenvalue, so the unstable manifold of the 
linear system is a line, and the stable manifold is a 
plane. 

This provides definitions of stable and unstable 
manifolds for linear systems such as (3) with no 
eigenvalues with zero real parts. To extend the definition 
to nonlinear systems, we begin by noting that in the 
definition used for linear systems, the stable manifold 
of the origin contains the solutions that tend to the 
origin in forward time, and the unstable manifold 
contains those that tend to the origin in backwards 
time. These properties can be used to define the stable 
and unstable manifolds of a stationary point x* for a 
nonlinear system: the stable manifold of x*, WS(x*) is 
the set of initial conditions for which the solution x(t) 
tends to x* as t—> oo, while the unstable manifold, 
W"(x*), is the set of initial conditions for which the 
solution x(t) tends to x* as t——oo. The stable 
manifold theorem states that provided the matrix that 
defines the linearized equation near a stationary point 
has no eigenvalues with zero real parts, then W*(x*) 
and W"(x*) exist, are invariant sets, and are of the 
same dimension as the corresponding linear stable and 
unstable manifolds. Moreover, they are each tangential 
to the corresponding linear manifold at the stationary 
point itself. See Guckenheimer & Holmes (1983) for 
more details. 


Calculating Stable and Unstable Manifolds 


The stable manifold theorem suggests how approxima- 
tions to the stable and unstable manifolds of a stationary 
point can be calculated close to a stationary point. First, 
itis tangential to the corresponding linear manifold, and 
second, it is invariant. This is enough to obtain a power 
series solution, and this will be illustrated using the un- 
stable manifold of the origin of the Lorenz equations 
with o = 1 andr=4. 

Step 1 (Linear approximation): The eigenvalues of 
M in equation (4) are 1, —3, and —b if o=1 and 
r =4. The unstable manifold is one-dimensional, and 
the unstable manifold of the linear approximation is the 
eigenvector corresponding to the positive eigenvalue, 
that is, (1, 2,0) or y=2x, z=0. 


INVARIANT MANIFOLDS AND SETS 


Step 2 (Canonical form): It is good practice to bring 
the linear part into canonical form at this stage, see 
Guckenheimer & Holmes (1983). For brevity this step 
will be omitted. 

Step 3 (Power series): Since the unstable manifold 
is tangential to the linear approximation of Step | at 
the stationary point, it can be represented locally as a 
function of one of the variables. From the form of the 
linear approximation, either x or y can be used here. If 
the defining equations are smooth, then the stable and 
unstable manifolds are smooth, so choosing x as the 
independent variable we write 


y =2x tax? 4+ 003), c= 6x7 +003), (6) 


where the linear terms are obtained from the linear 
approximation, « and 6 are constants to be determined, 
and O(x3) denotes the terms of order x? and higher 
that are small (locally) compared with the linear and 
quadratic terms. To identify the constants w and 6, two 
different ways of calculating » and z are used and then 
compared in the next three steps. 

Step 4 (Power series evolution): Differentiating 
(5) gives y~ 2x +2axx and z~2Axx (ignoring the 
higher order terms). Now, on the unstable manifold 
given by (5)i=—x+y~x+ax?, so 


yr xt aax?) + 2ax? ~ 2x + dax?, 
i ~ 28x", (6) 
where higher-order terms have been ignored again. 


Step 5 (Differential equation evolution): From (1) 
and (5) withr =4 ando = 1, 


y= 4x —y—xz~ 2x —ax?, 
bBx? + 2x. (7) 





Z=—-brz+xy~ 


Step 6 (Equate coefficients): To determine the 
two constants a and 6, we now simply equate 
coefficients of powers of x in (6) and (7). From 
the y equations 4a=—a, so a=0, and from the 
Z equations 28=—bB+2, so B=2/(2+)). This 
gives the second-order approximation to the unstable 
manifold: 





y=2x+0(3), z= ape? + O(x°), (8) 


which is valid close to the stationary point at the origin. 
Higher-order terms can be calculated by including more 
terms in the power series expansions. 


Center Manifolds 


If the matrix that defines the linearized differential 
equation at a stationary point has eigenvalues with 
zero real parts, then three invariant manifolds can be 
defined: a strong stable manifold corresponding to 
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eigenvalues with negative real parts, a strong unstable 
manifold corresponding to eigenvalues with positive 
real parts, and a center manifold that is tangential 
at the stationary point to the space spanned by the 
eigenvectors corresponding to eigenvalues with zero 
real parts. The motion on the strong stable and 
unstable manifolds is defined by the dominant linear 
terms, that is, towards and away from the stationary 
point, respectively. The motion on the center manifold 
depends on the nonlinear terms of the differential 
equation and may be stable or unstable or neutral. 
Center manifolds can be approximated locally using 
the same ideas as the approximation of the unstable 
manifold above, and this leads to the technique of 
center manifold reduction, which is central to the 
development of bifurcation theory. The origin of 
the Lorenz equations has a one-dimensional center 
manifold if r = 1 (M in (4) has an eigenvalue of zero), 
which signals the bifurcation creating the nontrivial pair 
of stationary points if r > 1. 


Unstable Chaotic Sets 


The chaotic sets created by horseshoes are not stable, 
but they can be important from two points of view. 
First, if an unstable chaotic set exists in a system 
then it can manifest itself in chaotic transients before 
a stable attractor is reached. Second, if there are 
parameters in the system then the chaotic set may 
gain stability and so the sudden appearance of strange 
attractors can be explained by understanding the change 
of stability of a chaotic invariant set. Grebogi et al. 
(1982) describe some of these mechanisms as crises. 
In the Lorenz equations with b=8 and o=10, a 
strange invariant set (an unstable chaotic set with a 
fractal structure) is created by a homoclinic bifurcation 
as r is increased through r ~ 13.93, but it does not 
become stable until r ~ 24.06; see Sparrow (1982); 
for details. 

There are many other types of invariant sets and 
properties of these sets that could have been described 
here—the selection above is only the tip of an invariant 
iceberg. 

Pau GLENDINNING 


See also Attractors; Bifurcations; Center man- 
ifold reduction; Chaotic dynamics; Horseshoes 
and hyperbolicity in dynamical systems; Inertial 
manifolds; Linearization; Lorenz equations; One- 
dimensional maps; Routes to chaos 
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INVARIANT MEASURE 


See Measures 


INVERSE PROBLEMS 


Scientists try to interpret the world in terms of 
mathematical models that depend on parameters by 
relating their models to the results of measurements. 
Thus, a model is given when a set C° of parameters 
is mapped into a set €° of experimental results. 
Explicit calculations of this mapping M are called 
“solving the direct problem.” Providing an exact or 
approximate way for going back from experimental 
results to parameters by M is called “solving the 
inverse problem” (Sabatier, 2000). 

Because the exact limits of C° and €° are difficult to 
define, they are embedded in convenient mathematical 
spaces, C and €, usually linear normed spaces, where 
it is understood that C is the domain of M and 
M(C) C E. Because of measurement errors, there may 
be measurement results belonging to € but not to 
M(C), and if it is so, the inverse problem is said 
to be overdetermined. To appraise uncertainties on 
measurements, the norm of € must be reasonably 
defined, corresponding to our physical knowledge of 
errors. 

The inverse problem is said to be “well-posed” if the 
norm of € is reasonably defined, C=C°, M(C) =€, 
and M _ has a two-sided inverse M~!, which is 
continuous for the canonical distance in €. Then given 
any measurement result e € €, M~!e yields parameters 
x €C such that 


Mx =e. (1) 


If a small error in the experimental data e implies that 
the error in the parameters x is small, the solution x 
is stable. Unfortunately, almost all inverse problems of 
physics or engineering are “‘ill-posed” (i.e., not well- 
posed). 

For an ill-posed problem, a regularized solution 
is a continuous mapping M from E to C° such 
that M(Me) is close to e € €. Because experimental 
observations define C° only approximately, one 
often imposes additional requirements to ease the 
regularizing processes, for example, that C° is compact 
(Engl et al., 2000). 

Classical examples of regularized solutions for 
Equation (1) are obtained by minimizing over x in 
one of two ways: either successively as a Euclidean 
distance in € that models the misfit and a Euclidean 
distance in C that models the non-reliability or as 
a combination of their squares into a cost function. 
Typical is the Tikhonov cost 








C (x, x0, 4) = Ix — x0ll2 +. Mx — ell2 4 > 0, 


(2) 
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where two parameters (the “first guess” xo and the 
balance parameter 1) are to be chosen. (A may be 
related to an evaluation of the noise/signal ratio or to 
the stability, whereas “physical” information on x9 may 
be suggested by previous results.) 

If M is differentiable, the cost function (2) is also 
differentiable, and elementary variational calculus ap- 
plies. Information from statistical analyses is more 
conveniently represented by quadratic cost functions 
similar to Equation (2), but involving noncanonical 
distances in C and € that are constructed from co- 
variance matrices (having many more arbitrary pa- 
rameters). The minimum x, is unique for a given 
quadratic cost function and Hilbert spaces C and € 
if M is linear and continuous and satisfies the re- 
quirements of a regularized solution. This minimum 
can be derived either by solving linear equations or 
by choosing among many ones an efficient iterative 
algorithm. 

The value C (xm) is a trade-off between require- 
ments on C and €. Either it is larger than the largest 
number Cy allowed for this trade-off, so that there 
is no admissible regularized solution of this form, or 
it is smaller than Cy, and all values of x such that 
C (xm) < C(x) < Cy are also admissible solutions of 
Equation (2). Hence the range of this non-uniqueness 
can be appraised along the principal axes of the ellip- 
soid C(x) = Cy, whose center is x,,. In this linear case, 
the center is given by the formula (M*M + Al)~! M*e, 
where the regularising process is clearly due to adding 
47! to the eigenvalues of M*M (the “singular values 
of M). Extensions along the axes are trivially related 
to the inverse of M singular values, damped by means 
of 2. 

Instabilities related to the small singular values 
(high spatial frequencies) make this kind of regularized 
solution more sensitive to accidental large deviations of 
data (less robust) than regularized solutions obtained 
from cost functions involving L! or L® norms. 
However, choosing the later norms usually leads one 
to more complicated algorithms and to (bang—bang) 
solutions piecewise equal to the possible upper and 
lower bounds. Hence, simple and efficient analyses 
can be adapted to almost any linear (or linearized) 
inverse problem, including those important for medical 
tomography and most medical imaging (Bertero & 
Bocacci, 1998). 

Among many examples of nonlinear inverse prob- 
lems is the case when the a priori information on a first 
guess xo is So convincing that we seek a unique approxi- 
mate solution of Equation (1) in a narrow neighborhood 
of xo, allowing linearization M. The only difference 
between such a linearized inverse problem and a linear 
one is that the conditions limiting Co must involve those 
that ensure the relevance of our approximation. 

A quite different case involves nonlinear inverse 
problems for which M is so general (with weak a 
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priori conditions) that we cannot escape an exhaustive 
exploration of C° for seeking the exact or approximate 
solutions of (1). Random walks through C° can do 
the job, for example, Monte-Carlo methods, simulated 
annealing, or genetic algorithms. 

Between these extreme cases are those that 
correspond to important physical or engineering 
problems, for which studies either give an exact method 
of solution or allow solution of the inverse problem 
by numerical techniques. Defining cost functionals 
and minimizing them by gradient iterative or other 
methods (Eng] et al., 2000; Ghosh Roy & Couchman, 
2002) is then possible, but the occurrence of several 
secondary minima can also make the job difficult, 
raising questions about their relevance as admissible 
solutions. 

Solving an inverse problem means that we are able 
to derive all the admissible regularized solutions. If 
the non-uniqueness is due not only to small data or 
parameters deviations but to the structure of M, these 
equivalent solutions should be classified into identified 
families. This is essential either to derive ways of 
restoring uniqueness (for instance, by making other 
kinds of measurements), to use the non-uniqueness 
(e.g., to design stealth targets), or to modify the nature 
of the model. In decisive as opposed to descriptive 
modeling, well-posed questions seek significant pieces 
of information instead of trying to get an image of the 
parameters. 


A One-dimensional Example 


Inverse scattering in one spatial dimension offers 
some completely solved examples, the simplest one 
being the Schrédinger problem on the line (Chadan 
& Sabatier, 1989; Aktosun & Klaus 2002), which 
may model observations of quantum, acoustic, or 
electromagnetic scattering. Experimental results are the 
scattering coefficients R(k) and T(k), k € R, related to 
the parameter V(x) by the following formulas, where 
indices + at the same level correspond : 





2 
l-a + vin] fi&n=P fk, @) 
dx 


eFikafE(k x) > 1 as x > oo, (4) 





T(k) f-(k, x) = fT (-k, x) + R}FTE,*), 6) 


where [ay |\V(x)| (1 + x?) dx <oo. Equation (3) 
shows that R is the continuous part of the spectrum 
of —d?/dx? + V, which has also a finite number of 
eigenvalues k=ik,, n=1,2,...N, corresponding to 
eigenfunctions in L7(R), with normalizing constants 
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Pn. The set {R(k), Kn, Pn}, called the scattering (or 
spectral) data, defines the following function on R*: 


1 +00 : N 
S@) = x / dk R(Ke™ + pye”*. 6) 
7 J —o0 p=! 


Although knowledge of R(k) and T(k) is not 
sufficient to determine V, the spectral data is sufficient 
to determine everything (V, PERT: etc). In fact, 
J& V@) dt is equal to 2K (x, x), where K(x, y) has 
been derived from S$ by solving the linear integral 
equation: 


K(x, y)+Sat+y)+ 


/ dzK (x, z) S(z+ y) =0. (7) 


Only the step K — V is (weakly) instable; hence, the 
inverse problem (R — V) is completely solved but with 
a structural non-uniqueness distributed into families 
labeled by ky and pn. 

If we let t be an evolution parameter (time) and 
assume that the evolution of S(k, ft) is described by 
a linear equation, the evolution of the corresponding 
V(x,t) is generally not linear. Hence, the couple 
direct-inverse problem can be used to linearize special 
nonlinear equations. This observation provides the 
basis of the inverse scattering transform (IST), where 
the discrete eigenvalues («,,) correspond to solitons. 


Three-dimensional Inverse Scattering 


The simplest model for inverse scattering in three 
spatial dimensions obeys the equations: 


(-A + V) W(k, x) =k? W(k, x) (8) 


W(k, x) = exp[ik-x]+ x} exp [ikx] F (@, k, k) 
+0 Cama r (9) 


where the bold font indicates vectors (italics their 
length) and the hatted letters are elements of the unit 
sphere. 

The scattering potential V is the parameter to be 
determined, and F the experimental observation, which 
in the general case depends on 5 variables, whereas V 
depends only on 3. Hence, the most general inverse 
problem is severely ill-posed. On the other hand, 
spherical symmetry may reduce it to a one-dimensional 
problem. 

If V is a piecewise continuous parameter, the 
general case at fixed k can be treated by standard 
optimization techniques. However, in most target iden- 
tifications (including sonar and radar), the scatterer is 
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not modeled by a medium function V(x) but by a 
reflecting (or absorbing) surface. In some cases, ap- 
proximate methods are relevant—ray theory, physical 
optics, Rytov approximation, distorted wave Born ap- 
proximation (DWBA)—and they often yield linear re- 
lations between well-chosen parameters and data, for 
example, the (inversable) Abel integral, which relates 
the velocity of an earthquake signal as a function of 
depth to the measured travel time as a function of the ray 
parameter. If in mineral prospecting by seismic reflec- 
tion surveys, geological information and rough identifi- 
cation of the signals suggest that the underground struc- 
ture may be represented as a homogeneous medium 
with few reflectors, so-called migration methods may 
be useful. (Migration methods reposition returned sig- 
nals that are time-distorted to their true location in time, 
for example, for dipping structures.) 

Unfortunately, the exact relations between scatterers 
and data are highly nonlinear. Inversion of the 
DWBA fails in diffraction tomography as the structural 
complexity increases and so do optimization methods 
in seismic problems (nonconvexity of cost functions, 
secondary minima, etc.). Studies of stealth targets also 
involve nonlinear inverse problems, but of course they 
are not well documented in the open literature. 

Full studies of the inverse problems of target 
identification are available in well-known works (for 
approximations, see Langenberg, 1987; Hopcraft & 
Smith, 1992; for mathematics, see Colton & Kress, 
1992; for comprehensive studies, see topics 1.3 to 
1.5 in Pike & Sabatier, 2002. For direct and inverse 
problems of elastic waves, see topics 1.7 and 1.8 in 
Pike & Sabatier, 2002.) Acoustic soundings used in 
clinical medicine (i.e., ultrasound scans) show graphs 
of travel times between source and reflectors (i.e., 
impedance discontinuities), giving evidence of imaging 
reflectors without need of solving inverse problems and 
so do more precisely devices transmitting back a time- 
reversed version of the recorded wave field (Fink & 
Prada, 2001). 

A few techniques of medical imaging yield inverse 
problems that are either linearizable or nonlinear, ac- 
cording to a priori information and constraints. Among 
these, electrocardiography (Johnston, 2001), electroen- 
cephalography, and magnetoencephalography try to de- 
termine the electrical activity in the heart and the brain 
as functions of space and time. In brain imaging, the 
number of data points (~100) and that of unknowns 
(~10, 000) make the linear problem severely underde- 
termined, leading to arbitrary choices in the space of 
parameters (Bayesian approaches are commonly used) 
and to low resolution. From improved a priori know- 
ledge, on the other hand, one can assume relatively few 
localized active groups at a given time, which are the 
sources of activity, but the problem becomes nonlinear 
(Baillet et al., 2001). 

Pierre C. SABATIER 
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See also Gel’fand-Levitan theory; Integrability; 
Inverse scattering method or transform 
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INVERSE SCATTERING METHOD OR 
TRANSFORM 


The story begins one August day in 1834 on the Union 
Canal near Edinburgh. John Scott Russell observed a 
mass of water, displaced by the motion of a barge, race 
away along the channel and disintegrate into a series 
of waves, the likes of which he had not seen before. 
Following on horseback, he noted the lead wave was 
about 30 ft long and about a foot high. It was a wave 
purely of elevation above the mean level of the canal, 
and it traveled at about eight miles/hr without change 
of shape or loss of speed for a great distance. It took 
another 40 years before Joseph Boussinesq and Lord 
Rayleigh verified that such a solitary wave was indeed 
a solution of the shallow water equations. Twenty years 
later, in 1895, Diederik Korteweg and Hendrik de Vries 
(KdV) wrote down the now famous, universal, and 
ubiquitous KdV equation 


at 64q4x + xxx = 0 () 


for the scaled elevation q(x, t) of a right-going wave 
in a frame of reference moving with the shallow water 
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speed ./gho on a layer of water of depth ho and its 
solitary wave solution 


q(x, t)= 2n? sech? n(x — x0 — 471). (2) 
In the shallow water context, the elevation is 
V3A 
2ho 





Aho sech2 | 


(x Jeho (1+ A/2)t wf. 


where g is the acceleration of gravity, A is the arbitrary 
dimensionless (small) height, and xo is the starting 
position of the wave. 

The story continues almost 60 years later in Los 
Alamos. The question under address was. totally 
different. Why do solids have finite rather than infinite 
heat conductivity? Peter Debye had suggested in 
1916 that the anharmonicity (weak nonlinearity) of 
the interatomic forces hindered energy transport by 
coupling all the natural vibrations of the solid; thus, 
the relaxation time to thermal equilibrium would be 
a measure of conductivity. Enrico Fermi, John Pasta, 
and Stan Ulam (FPU) decided in the early 1950s to 
simulate numerically a model embracing this idea. The 
model consisted of 63 equal masses m attached by 
64 springs with the force in each of them given by 
k(A + wA2), a nonlinear modification of Hooke’s law 
where A represents displacement from equilibrium. 
The initial energy was all in the lowest mode. As 
expected, very soon energy spread to the first few 
harmonics. But then a surprising thing occurred. The 
energy did not thermalize! Instead, after a while, it all 
recollected into the lowest mode. The pattern repeated. 
The negative outcome of the FPU experiment, one of the 
first scientific discoveries by computer experiment, was 
considered a great mystery (See Fermi—Pasta—Ulam 
oscillator chain). 





Carpe Diem 


The moment was seized by two young applied mathe- 
maticians, Martin Kruskal and Norman Zabusky (KZ). 
Because most of the energy of the FPU experiment 
resided in the low modes, Kruskal and Zabusky argued 
that they could replace the spring equations for the lat- 
eral displacements y(t), n=1...63 by a continuum 
approximation y(x =nh, t)=y,(t), where h was the 
unstretched spring length. For disturbances traveling in 
one direction in a frame moving with the lattice velocity 
c=<Jk/mh, the suitably scaled strain g(x, t) = yx/6 
obeyed the KdV equation (1). They numerically sim- 
ulated solutions of (1) on a periodic domain of length 
L beginning with g (x, 0) = (1a/6) cos(27x/L). They 
found that the solution evolved toward a sequence of 
solitary wave pulses each very close to (2) in shape 
that ran around the interval with the taller, faster ones 
periodically catching up with the slower ones, thereby 


INVERSE SCATTERING METHOD OR TRANSFORM 


producing partial, and occasionally nearly perfect, re- 
currences. Moreover, they made one startling observa- 
tion. After a pairwise collision, the two solitary waves 
would emerge with their former identities (amplitude, 
width, and speed) intact. The only evidence that the in- 
teraction was nonlinear was a phase shift. The faster 
(slower) pulse seemed to advance (regress) by a fixed 
amount. Because the solitary waves exhibited such 
robust, particle-like properties, Kruskal and Zabusky 
called them solitons (See Solitons, a brief history). 
Such behavior indicated that the KdV equa- 
tion was somehow special and that its special 
properties were connected with hidden symmetries 
and conservation laws, beyond those connected 
with mass, momentum, and energy. A  system- 
atic search led to the Miura—Gardner transfor- 
mation, q(x, t) = w(x, t)+iew,(x, t)+ e2w(x, ft), a 
Riccati equation mapping solutions of a modified 
KdV equation w; + 6(w 4 e-w)wy + Wyxx =O 
into solutions of (1). The single conservation law 
w; +Bw? + 2e2w3 + wyy)y =O and the correspond- 
ing conserved quantity fw dx (the integration inter- 
val is either infinite with w(-+too, t)=0 or finite with 
w(x +L,t)=w(L, f)) gave rise to an infinite number 
of conservation laws or conserved quantities for KdV, 
found by solving w iteratively in power of e. Solving the 
Riccati equation by setting w + 1/2e? =iv,/ev gives 











Uxx + (g(x, t) +A)v =0, (3) 


the Schrédinger equation with energy 1 and potential 
—q(x,t). This connection of solutions of KdV with 
the Schrédinger operator L(t)= — d?/dx? —q(x,t) 
gave rise to the inverse scattering method. By this 
stage Kruskal had been joined by colleagues Gardner, 
Greene, and Miura (GGKM). 


A Natural Question 


In the late 1960s, GGKM began by asking: As 
the potential —gq(x,t), defined on —oo <x <oo 
and decaying to zero as x—+0o00, evolves 
according to (1), how does the spectrum (the set of 
eigenvalues) of (3) change? The character of the spec- 
trum was already well known. It consists of a dis- 
crete number N of negative energy levels 4, <0, (1 < 
n<WN), with corresponding eigenfunctions that are 
square integrable and a positive continuous spec- 
trum A> 0. Direct substitution of g(x, t) from (3) 
into (1) gave dy + (uQx —uxQ),=0 with Q= 
Ur + Uxxx — 3(A — q)v2. For bound state eigenvalues, 
the integral of the second term vanishes giving 
Ant vice ve dx =0 so that A, is a motion constant. It 
turns out that — 22, is the amplitude of the nth soliton 
which is contained in g(x, t). The fact that it is constant 
is the reason for the special collision property of soli- 
tons. Because 4; =0, uQx —uxQ=constant, which 
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can easily be solved for Q to give an equation for the 
evolution of the eigenfunction v(x, t) 





y = Bev = —4vxxx — 6guy + (C — 3qx)v, (4) 
which is also equal to (remember Av = —vxx — qv) 


vu = Bev = (qx +C)u + (40 — 2qx) vx. (5) 





The parameter C is a constant of integration that is used 
to normalize in a convenient way solutions of (3) called 
Jost functions. The compatibility (vxx); = (vr) xx of (3) 
and (4) or (5) gives (1). 

Peter Lax provided an elegant formalism for 
this compatibility. Differentiating L(t)v = [— vx. — 
q(x, t)v] =Av with respect to tf and using (4), one 
obtains L;=[B,L], which is (1) and is called the 
Lax equation. L and B are called the Lax pair. The 
Lax equation guarantees that the flow is an isospectral 
deformation; namely, that as the potential in (3) deforms 
according to (1), the spectrum remains unchanged. 


The Inverse Scattering Method 


The stage is now set to introduce the inverse scat- 
tering method (ISM)—or inverse scattering transform 
(IST)—which is done in three steps. First, one is given 
the potential — q(x) and from this one defines solutions 
of (3) and calculates a set of data called the scattering 
data S. Second, one determines how S evolves as q(x, t) 
evolves according to (1). Finally, one recovers the po- 
tential —q(x) from the time-advanced scattering data S. 
This is analogous to the set of steps one uses in solving 
linear PDEs via the Fourier transform, and in a suitable 
“small” —q(x) limit, S is the Fourier transform. The 
IST algorithm is 


Step 1: g(x,0) > S(O). 
Step2: S(O) > S(t). 
Step3: S(t) > q(x, ft). 


Interestingly, IST can be interpreted as a canonical 
map from the original coordinates g(x, ft) to suitable 
combinations of S that are action-angle variables. 

In the first step, one defines two sets of lin- 
early independent solutions {g(x,k), g(x, —k)}, 
{W(x,k), W(x, —k)}, A= k? for real values of k (called 
Jost functions) by their asymptotic properties for all ¢ 
aS xX > ro, 





g(x, k) > ex S 00; Wk) > el, 


x — +00. (6) 


Because of unit (time-independent) coefficients, the 
choice of C in (5) for g(x, t, k) is 4ik> and the choice 
of C in (5) for (x, t, k) is — 4ik3. Since (3) is linear, 
and second order, the pairs of Jost functions are related 
p(x, t, k) = alk, thy (x,t, —k) + b(k, wx, t,k), 
(7) 
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where 2ika(k,t) and 2ikb(k,t) are, respectively, 
the Wronskians g(k)Wx(+k)—ox(k)W(+k) and 
ok). (—k) -—o,(w(—k). For a bound state 
An <0 so that ky= JA, =i. Since w(x, t, —k) 
diverges as x >+00 for Imk>0, the coefficient 
a(k,t) must vanish for a bound state so that at 
A=im, G(X, t, inn) =bn(t)w(, t, inn). Dividing (7) 
by a(k, t) and using (6), one sees that 


elk as x > +00. (8) 


In wave scattering or quantum mechanical language, 
y/a is a solution which represents an incoming 
wave of amplitude unity from x=oo and waves 
partially reflected and partially transmitted by the 
potential — g(x). The coefficients T(k) = 1/a(k) and 
R(k) =b(k)/a(k) are called the transmission and 
reflection coefficients, respectively. 

It turns out that g(x, ft; Kel (g(x, t; —ke7**), 
wx, t, Ke (w(x, t, —kKe*) and alk, t\(a(— 
k, t)), originally defined for real k, admit analytic con- 
tinuation to Im k > 0 (Imk <0). Each tends to unity as 
|k| — oo. The zeros of a(k), kn =inn, n=1,...,N 
are the bound states. There is only a finite number of 
them. The set of data S(t) ={(kn =inn, by); R(K), 
k real} is called the scattering data. From S, a(k) can 
be found. 

In step 2, one uses (5) to calculate the time 
dependence of S(t). Differentiate (7) with respect to 
t and use (5) with C = 4ik? for g(x, k) and w(x, —k) 
and C = — 4ik? for w(x, k) to find 


a = 0, by = 8ik?b. (9) 


For the bound state at k,=in,, differentiating 
9(x, kn) =bnwW(x, kn) gives bat = 873 Dn. Therefore, 
the discrete eigenvalues kn = inn are motion constants 
and S(t) = {(kn =inn, bn(0) exp nat) , R(k, 0) exp 
8ik3t, k real}. 

In step 3, one uses S(t) to reconstruct g (x, ft) via the 
Riemann-Hilbert algorithm, which seeks to reconstruct 
ameromorphic function forImk > 0 (think wot elk) 
tending to unity as |k| > oo, 0 < argk <a and an 
analytic function for Imk <0 (think w(x, — kei**) 
tending to unity as |k| > oo, —a < argk <0, 
whose difference on the real axis Imk =0 is given 
(think R(k) w(x, kyeik ). To achieve this, consider for 
Imk > 0, 





1 0° UK ik’ x 
= | Phe Be aur (10) 
2m Joo alk’)(k' + k) 
in two ways. First, close the contour at |k| = oo along 


0 < argk <2. Second, after using (7), close the contour 
for that part analytic for Imk <0 in the lower half- 
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plane. Identifying the two results, one finds a linear 
integral equation 


1 et YEW (Kn) ikea 


x,k eT ikx =) 
a kt ky 





1 oo wx, kei’ P 
t Rk dk, 
2mi es ) +k 
(1) 


where ky=inn, Yn =bn (a'(kn))~!.. The potential 
—q(x) is recovered from (11) by the formula 


q(x) = lim —2ik 8 Gy, Deni —1). (12) 
k>00 dx 


A simple transformation converts (11) into the famous 
Gel’fand—Levitan equation which, since the mid- 
1950s, was known as a means for reconstructing 
potentials from scattering data. 

For a special set of initial conditions g(x, 0) called 
reflectionless potentials, the reflection coefficient R(k) 
is identically zero. In that case, the Riemann—Hilbert 
algorithm yields a set of linear algebraic equations 
found by putting k=in-,r=1,...,N in (11). The 
simplest is the single soliton solution for which 
R(k)=0, a(ky= in)/(k+in), b,(0)= exp2n 
xo, bi (t) = exp2nx, ¥=xo+ 4n?t, W(x, ki)=e""™ 
(1 + e29-*))-! and q(x, t) = 2n’sech?n(x —X). 
Multisoliton solutions can be similarly calculated. 
They can also be found by a nonlinear superposition 
principle—the Backlund transformation—which is 
introduced below. 

For q(x,0)=Q6(x), a(k)=(Q+42ik)/2ik and 
R(k) =— Q/(Q + 2ik), and there is one bound state 
at k=iQ/2. The field consists of a single soliton 
with n = Q/2s and a trailing radiation component. The 
two components are tied together with the self-similar 
solution 





_ 1 x 
I= Gop f (aa): 


which we will meet again when we discuss isomon- 
odromic deformations. 

The question: “Is the complete integrability of KdV 
an isolated miracle or are there lots of integrable 
PDEs?" was quickly resolved. The pioneering GGKM 
work of the late 1960s was followed within a few 
years by the discovery of the complete integrability via 
ISM of the equally ubiquitous nonlinear Schrédinger 
(NLS) equation by Zakharov and Shabat and the 
characterization and integrability via ISM of families 
of integrable PDEs by Ablowitz, Kaup, Newell, and 
Segur (AKNS), (See Ablowitz-—Kaup—Newell-Segur 
system). 
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More Space Dimensions 


Completely integrable systems in more than one space 
dimension were also found. Two of the most important 
were the two-dimensional analogues of the KdV 
and NLS equations, the Kadomtsev—Petviashvili (KP) 
and the Benney—Roskes—Davey-—Stewartson (BRDS) 
equations. The KP equation describes the evolution of 
slightly oblique waves either on shallow water or in a 
two-dimensional FPU lattice where the linear spring 
force in one direction is much weaker than it is in the 
other. It is given by (1) with Ex dyy added. It is also 
the compatibility condition of two linear operators with 
coefficients depending on q(x, y, t) and its derivatives. 

Unexpected connections of integrable PDEs with 
other exactly integrable models (Ising, Yang—Baxter) 
were found in the late 1970s and the 1980s. Most no- 
table among them was the discovery by Sato, Miwa, 
and Jimbo (SMJ) that in the scaling limit, the n- 
point correlation function of the nearest neighbor, 
two-dimensional Ising model satisfies a system of 
very special deformation equations. These express the 
fact that the monodromy group of an associated lin- 
ear system, which contains the correlation functions 
as coefficients, is preserved as the correlation func- 
tions change with their arguments. (The monodromy 
group of matrices encodes information about how 
the fundamental solution matrix of the linear system 
changes on taking it through a loop surrounding regu- 
lar and irregular singular points.) Much of their work 
has deep connections with classical work on isomon- 
odromic deformations by Ludwig Schlesinger and Paul 
Painlevé on systems of Fuchsian differential equations 
(See Monodromy preserving deformations) and by 
Albert Backlund on superposition principles for non- 
linear equations (See Backlund transformations). In- 
deed, soliton theory has had a major impact in many 
areas of mathematical physics. It has led, for example, 
to the solution of the Schottky problem of algebraic 
geometry, to the discovery of quantum groups, to mod- 
els for quantum gravity, and to useful connections with 
arithmetic algebraic geometry and, in particular, Jones’ 
polynomials. 


Backlund Transforms and Hirota’s Method 


To see the connection with Backlund transformations, 
it is useful to consider further the KdV family of 
completely integrable PDEs given by 
aon 1.5 Lof® 
Gia eel Se ae hes eae 
n=0,1,..., (13) 





where f3/4 is the t of Equation (1) and L°q =q.To find 
them is easy. Write (5) as 
vy = AAS, gx,...)U— DAS gq, dx, ++ .)Ux + Cv, 
(14) 
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where A, D are polynomials in 4 with coefficients 
depending on q and its x derivatives and C is the 
normalizing constant. The compatibility of (3) and 
(14), (vyx)¢ = (Up)xx, tells one that A=3D, and 
Gt = ( 303 2q0x — qx — 240,)D. Solve for D as 
D=—A"+D,A""! 4+ ... + Dy. Comparing powers 
of 4 determines each D, in terms of its predecessor 
as 28, Dr+1 = (—393 — 2g» —qx)D;, r=0,...,0 
with Do = 1 and D,,+1 defined by r =n. The 2° balance 
gives q; = 20, Dn41 =0,L"q. 

Equations (13) are a completely integrable 
family of Hamiltonian commuting flows contain- 
ing at level n=1 the KdV equation. They all 
share the same constants of motion {H2,+1}% 


with H_}= Leno VOX, M= f*, 397 dx, H3= 

a (a2 — 293) dx, each of which serves as the 

SHan+1 
3q 








Hamiltonian for one of the flows qj,,,., =x 


acl is the variational derivative of H[q] and 


dy is the skew symmetric symplectic operator. They are 


where 





also bi-Hamiltonian in that 0, or = ( 403 qx 
34x) ae They commute under the Poisson bracket 


SHom+1 6 db Hn +1 
dq dn dq 











{Hom41, Hon+1} i dx =0. 


One consequence of commutativity is that if one 
begins with the shape g(x,0,0,...) and evolves q 
with respect to ton +1 for a time fo,41, n=0,..., 
in any order, one always obtains the same shape 
q(x, t1, 3,..., fan 41,.-.). This means that the phase 
shift experienced by any two solitons is the same for 
each member of the family. Why? Start with the larger, 
faster moving solution behind the smaller, slower one 
(the velocity of the soliton of flow n is proportional to 
17"). Evolve q(x, tam +1 =0, fon +1 =0) via the tym +1 
flow for f2+1 time units sufficient for the faster soliton 
to overtake the slower one and then for f2,+1 units via 
the ton +1 flow. Now do it in the reverse order. Because 
q(X, t2m +1, t2n +1) is the same no matter which order 
is used, the phase shift must be the same. 

A second consequence of commutativity is that 
one can express the vector made up of the string 
L"q as the x derivative of the gradient of a potential 
which we call 2 In t(x, f1, #3,...), namely, L"g = 22 : 
oa Int. The function t(x, fj, f3,...), called the 
Hirota t function, has remarkable properties. It converts 
each member of the family (13) into bilinear form. For 


n= 1, the KdV equation under g = 28 Int becomes 
(recall q;, = qx and take 413 = 1) 
Det CS 


2 
Txt — TxTe + TTxxxx — 4TyTxxx + 37, = 0, 
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where the symbol Dy, acting on the ordered 
pair o,t is defined as the limit as e—0 of 
Zo(x + €)T(x —€)=0,T —oT,. For the KP equa- 
tion, one adds Tlyy — 72 to the left-hand side 
From (15), one can build miultisoli- 





of (15). i 

ton solutions. The solution t=1 corresponds to 

the vacuum state g=0. The solution t=1 + 

expO(x,t), (x, t)=2k(x — x9) — 8k3t corresponds 

to the single solution solution g(x, t) =2k?sech?k 

(x — xo — 4k1). The next solution in the sequence is 

T=1+ exp (x, t)+ exp O2(x, t) + exp(O1(x, t) + 2 
(x,t) + Ain), 0; (x, t) = 2k; (x —X), xj =4kit + Xj0, 


j=l,2, Ap 2In| P= 











<0, and is a superpo- 





ki +kp 
sition of two solitons with amplitudes 2k? and 
2k3, which for large negative ¢ and large posi- 
tive t are separated with the faster one (assume 
Ke > kB) being on the left(right) when t = — o0(+00). 
For t—-—oo(+oo), near xX, the center 
of the slower pulse, it is the second and fourth (first 
and third) terms that dominate Tt so that for large nega- 
tive (positive) t, the second soliton looks like 





1 
2k3sech?ks ( x —¥.— —|A 
7Sec 2(s X2 2b! nl) 
x (2k3 sech7ko (x — ¥2)). 


The collision shifts the slower soliton back by a6 |Aj2| 
and, by a similar argument, the faster soliton ahead by 
ye lArl- 

What does the interaction look like? For k; much 
greater than ky, |Aj2| ~ O, and the faster soliton rides 
adiabatically over the slowly changing slower one. For 
k, greater than but close to kz, there is an exchange of 
identities with the slower soliton assuming the form of 
the faster one as soon as the trailing edge of the former 
feels the leading edge of the latter. 

But a century before Ryogo Hirota’s work in the 
1970s (See Hirota’s method), the works of Backlund, 
Darboux, and Schlesinger had shown how to build, 
for certain classes of nonlinear equations, complicated 
solutions from simple ones. Applied to any member of 
the KdV family, the idea is this. Define 


g= —uy=202 Int and G= — iy =207 Int 


Then there are two relations, called Backlund transfor- 
mations, which express i+w and i#;+u; as functions 
of i—u and anew free parameter ¢7. Then, if g satisfies 
KdV, the enriched solution q also satisfies KdV. These 
expressions take on a beautifully simple form that re- 
veals the algebraic structure underlying the hidden sym- 
metries of the KdV family when they are expressed in 
terms of t functions as tT = Tv where v(x, ?) solves (3) 
with the g corresponding to t and A = ¢?. But one can 
also express v as a combination of ae and AGE, 
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where the operator 


X(¢) = exp (x mar) 


o 


= i a 
pk (= Qk+ DH fea) 
so that T = thew = (AX (¢) + BX (—€))To1a- 

For example, choose ¢=in. Then if toia=1, 
Trew = Ae? + Be~?=2V/ABcosh(@ — 69), where 
4 = e7% and @ = S°9°(—1)kn74l tx 41 and Thew is the 
one soliton solution. Because of the logarithm, we can 
also write Tnew as (1 + BY (f))Tola where Y (C) is called 
the vertex operator 


Y(¢) = exp (-2 5s") 
0 


[o<) 

2 a 

FO 16 

x exp Pagan DE dia |? (16) 
k=0 








which has the property that Y(¢)- Y¥(¢)1=0if¢=¢’. 
Thus Y?=0 and we can replace 1 + BY(¢) by 
exp BY (¢). The Backlund transformation is therefore 


Tew = exp BY(¢) - Tola (17) 


namely, the action of the “group” (infinite-dimensional 
groups are not rigorously defined) element correspond- 
ing to the algebraic element Y(¢), which can be 
expressed as a Laurent series )°°,, Yor41¢7*+!. The 
coefficients Y>;41 obey a nontrivial set of commutator 
relations that form an infinite dimensional, graded Lie 
algebra (Kac—Moody algebra), the central extension of 
the loop algebra of S] (2, C). Under repeated applica- 
tion of (17), solutions of KdV trace out the orbit of the 
highest weight vector t = | in the basic representation 
of the Kac—Moody algebra. The algebra acts as an al- 
gebra of symmetries. There is also a complementary 
treatment where the algebra is used as the phase space 
on which there is defined both a natural Poisson bracket 
and Hamiltonian vector field. 


Other Topics 


Multisoliton solutions of the KdV family are a special 
case of finite gap solutions. The latter are defined by 
adding a nonlinear, constant coefficient ODE called the 
Lax—Novikov equation 


N N 
Yo arg (LQ = Yo aarti qtra = 0 (18) 
0 0 


as a constraint on (3) and (14). To illustrate the basic 
idea, assume traveling wave solutions 





q&, t)=q& — ct) satisfy — cqx + (Gxx + 3q7)x =0, 
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which is (18) with aj = —c, a3 =4, and a2x41 =0, 
n> 1. The Lax—Novikov equation, together with (3) 
and (14) gives rise to a Riemann surface, the analogue 
of the spectrum for potentials decaying at infinity, 
y? — TNA — 4j;) which remains invariant on the 
finite gap solution family. The t function for the general 
N gap solution is the Riemann theta function. 
Another class of solutions, the multiphase self- 

similar solutions, is found by attaching a nonlinear 
non-autonomous ODE 

N 

ang +S) arr+1 tar +1(L"@)x 
0 


= 409 + Darr $1 fr tt dng =O (19) 


as a constraint to (3) and (14). It is closely related to 
the string equation of modern physics, and it leads to a 
system of linear ODEs for 


qi v(x, for41, A) 
OA | Ux, fargi, A) 


with coefficients depending on self-similar scalings of 
q and its derivatives. Solutions of the multiphase self- 
similar family are isomonodromic deformations of this 
system of ODEs in that they leave the monodromic 
structure invariant. At A= oo, an irregular singular 
point, the monodromic structure is expressed in terms 
of Stokes multipliers; at A = 0, a regular singular point, 
the monodromy is that of a simple pole. Members of 
this family include the Painlevé equations. 

For example, (19) with ag = —2, aj =— 1, a3 =3, 
t3 =tis— 2g — xqx + 3t(gxx4t 3q7)x = 0 which forces 
q(x, t) to have the form 


1 ye x 
(12/3 f _ GBr)!B i 


which satisfies an ODE that is a close cousin of the sec- 
ond Painlevé equation. This solution plays a key role 
in joining the soliton component of the solution with 
the trailing wave-like radiation. Isomonodromic de- 
formations provide the link between soliton equations 
and the exactly solvable models of statistical physics. 
For example, the two-point correlation function for the 
nearest-neighbor Ising model in the scaling limit satis- 
fies the third Painlevé equation. 

The existence of so many completely integrable sys- 
tems of physical interest (KdV, Boussinesq, nonlinear 
Schrédinger, derivative nonlinear Schrédinger, massive 
Thirring, sine-Gordon, Maxwell—Bloch with inhomo- 
geneous broadening, KP, BRDS, three-wave scattering, 
Raman scattering) leads one to ask how important to 
applications these integrable models are. In the set of 
all PDEs, they are of measure zero. On the other hand, 
there are two reasons for their importance. The first 
is that many systems such as shallow waves traveling 
over a channel of slowly varying depth can be treated 
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as perturbations of PDEs integrable by ISM, and there 
are simple algorithms for computing how the previ- 
ously constant action variables slowly evolve. The sec- 
ond reason is more subtle and remains to be rigorously 
proven. Many of the equations of physical interest arise 
as asymptotic approximations, as reductions of more 
complicated systems assuming (as one does in deriv- 
ing KdV) weak nonlinearity and weak dispersion, or (as 
one does in deriving NLS) weak nonlinearity and strong 
dispersion of an almost monochromatic wavepacket. If 
the process of reduction preserves integrability, then 
as long as there is one integrable equation among the 
class that reduces to the universal equation of interest, 
the reduced equation will also be integrable. 

Finally, how does one test for integrability? How 
does one uncover the hidden symmetries, the algebraic 
structure of a PDE or ODE? There is yet no 
foolproof method that works in all circumstances. 
As in the original discovery of the integrability of 
KdV, serendipity often plays the main role. Two 
of the more promising semi-algorithmic approaches 
are the Painlevé test (the location of any algebraic, 
logarithmic or essential singularity is independent of 
initial conditions and only the location of poles can 
depend on arbitrary constants of integration). and the 
Wahlquist—Estabrook method, which seeks to uncover 
the hidden symmetries by embedding the equation of 
interest as an integrability condition of a pair of linear 
systems whose algebraic structure it is the goal of the 
method to find. Each has its advantages and each has 
proven to be successful in extracting the appropriate 
Lax pair in several contexts. But the challenge of 
determining a foolproof method to determine whether 
a particular equation is integrable is still open. 

ALAN NEWELL 


See also Ablowitz—Kaup—Newell-Segur system; 
Backlund transformations; Hirota’s method; 
Kadomtsev—Petviashvili equation; N-soliton for- 
mulas; Painlevé analysis 
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ION ACOUSTIC WAVES 


See Nonlinear plasma waves 


ISING MODEL 

The Ising or Lenz—Ising model was introduced by 
Wilhelm Lenz in 1920 as a simplified model of 
a ferromagnet. Lenz’s student Ernst Ising studied 
the one-dimensional case (a linear chain of coupled 
magnetic moments) for his doctoral dissertation at the 
University of Hamburg, and his results published in 
1925 showed the absence of a phase transition between 
a ferromagnetic and paramagnetic state. In 1942, Lars 
Onsager applied an ingenious mathematical method to 
the two-dimensional model and showed analytically 
the existence of a phase transition in the absence o 
an external magnetic field. Interest in the model has 
increased in recent years as it became the foundation 
for modeling changes of state in new areas such as 
spin glasses and neural networks. In 1975, David 
Sherrington and Scott Kirkpatrick introduced long- 
range competing interactions in the model and showed 
the emergence of a new type of glassy order, while John 
Hopfield in 1982 used the connection between spins and 
neurons in extending the Ising model into a model of 
neuronal networks. 

The original motivation for the introduction of the 
model came from the knowledge that certain metals, 
such as iron, are ferromagnetic; that is, they form 
macroscopic domains with nonzero magnetization 
when the temperature is less than a characteristic 
Curie temperature (7,), but this long-range order 
is lost at temperatures T >T-. Because magnetic 
properties of atoms are a result of the orbital angular 
momentum as well as spin of their electrons, the 
existence of macroscopic size domains with non- 
zero magnetization stems from mutual alignment of 
permanent atomic dipole moments induced by dipole- 
dipole interactions. The Lenz-—Ising simplification 
ignores quantum mechanics and assigns to an atom 
located in crystal site i a magnetic moment or “spin” 
S; that takes only two values, namely, S; = + 1. The 
energy or Hamiltonian for the system of N spins is 








1 ~ 
H=->)) SS 2B @ 


i,j=l 


where Jj; is the interaction between spins at sites i and 
J; respectively; B; is a local magnetic field at site 7; 
and the sums extend independently over all N sites. 
Any of the 2” spin configurations can be thought of 
as a chemical solution of two species with N and 
N_ = N-—N, spins in up and down states, respectively, 
with number densities nz. = N+/N; the entropy of this 
state is determined by the number of ways N spins are 
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partitioned in up and down configurations, giving 
S = —Nkp (nz Inny + n_Inn_). (2) 


Furthermore, the density of ++, ——, and +— pairs 
that determine short-range order is approximated in the 
Bragg—Williams approximation respectively, by ne, 
n2., and 2n4n_. Thus, Equation (1) becomes 


ns —42NJ (n3. +n2— 2n4n_) 
—NB(n4—n_,), (3) 


where only interactions of strength J between z 
nearest-neighbor spins are included. Introducing the 
macroscopic magnetization M = N, — N_ = N(n4 — 
n_), expressing the densities as nz = (1 + M/N)/2, 
and substituting in the energy and entropy, respectively, 
one obtains 

zJM? 


H= —MB 
2N 


5 = wx]ina 3( w)a(t ny) 
a0-m)@(-m)] 


The thermodynamics of the model is now completely 
determined from the minimization of the Helmholtz 
free energy F = H — TS with respect to the magneti- 
zation M at constant external field B and temperature 
T. It yields 

















M M 
a = tanhp (4 + ay). (5) 


where B=1/kgT. Equation (5) is identical to 
that obtained through the Weiss mean field theory 
predicting, after linearization and for zero external field, 
a Curie temperature determined by kgT, = zJ. 

If the interaction Jj; is not fixed but taken to be 
random, distributed according to a Gaussian with mean 
Jo/N and variance J?/N, then 


N \!2 Jo\? N 
P(Jij) (=) oo (4: x) = |© 


The resulting Ising model is referred to as the 
Sherrington—Kirkpatrick model, and its low-tempera- 
ture phase at zero-external-field is a spin glass. 
This phase is not characterized by the long-range 
order typical in ferromagnets but by partial system 
freezing in time showing persistent but spatially random 
configurations whose thermodynamic signature is a 
sharp cusp in the zero field cooled susceptibility. A 
spin glass is typically characterized by metastability, 
frustration, and slow relaxation resulting from the 
multiple high barriers (introduced by disorder in the 
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free energy) that force the system to remain trapped in 
local free energy minima for long times. 

Introducing some changes in the Ising spin-glass 
model and with proper interpretation, one obtains a 
model for a network of neurons. Ising spins are now 
states of a neuron found in a firing (S;=+1) or 
inhibitory state (S;=-— 1), the interaction elements 
Jjj are synaptic strengths between neurons while the 
external field depends on a neuron firing threshold 
potential. In the learning mode, the network stores 
information on patterns in the synaptic strengths, while 
in the retrieval mode, these patterns are accessed 
when the network is exposed to partial information 
on the desired memories. If SY = {S/, S},..., Sy} 
(for v=1,..., p) represent p patterns of N neu- 
rons, employment of the following version of Hebb’s 
tule: 


1S, 
Jij= wos sy (7) 


stores the p patterns in memory. In the Hopfield model 
for p/N <0.14, these states, as well as several other 
spurious ones, become attractors to the evolution flow 
of neuron updating rules. Whenever a spin-glass phase 
is present, either alone or in coexistence with the 
memory states, information retrieval is corrupted. 
While the phase diagrams of Ising spin glasses and 
neural networks are quite complex, the one determined 
analytically by Onsager for the two-dimensional Ising 
model with nearest-neighbor interaction J is much 
simpler, demonstrating the presence of a Curie tem- 
perature at kgT, © 2.269J with a low-temperature 
ferromagnetic phase. This shows that even though 
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quite simple, the Ising model contains the essential fea- 
tures of the problem that motivated its introduction, the 
ferromagnetic-paramagnetic transition. The absence of 
a transition in one dimension as found by Ising can be 
understood qualitatively by the following argument of 
Wannier. Energy equal to 2/ can introduce a spin down 
defect in an ordered chain of N + 1 spins that are all 
in state up, and this can be done in N ways resulting 
in entropy kg In N. The free energy for this change is 
AF =2J —kgTinN and favors always the entropic 
term except at T = 0; thus, there cannot be long-range 
order in one dimension at finite temperatures. 

G.P. TsiRoNIs 


See also Attractor neural network; Ferromag- 
netism and ferroelectricity; Frustration 
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ITO’S FORMULA 


See Stochastic processes 


IZERGIN-KOREPIN EQUATION 


See Discrete nonlinear Schrédinger equations 
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See Elliptic functions 


JOSEPHSON JUNCTION ARRAYS 
Josephson junction arrays (JJAs) consist of islands 
of superconductor arranged in an ordered lattice, 
coupled by Josephson junctions. Large JJAs are useful 
model structures for studying the dynamics of coupled 
nonlinear oscillators, phase transitions, frustration 
effects, vortex dynamics, and macroscopic quantum 
phenomena (Newrock et al., 2000). 

JJAs are generally divided into classical arrays 
(Ey/Ec> 1) and quantum arrays (Ey/Ec <1), de- 
pending on the ratio of the Josephson energy, Ey, to 
the charging energy, Ec (Fazio & van der Zant, 2001). 
Classical JJAs can be divided into overdamped arrays 
(Bc « 1) and underdamped arrays (Bc > 1), referring 
to the fact that the equation of motion for a single 
Josephson junction is identical to a damped pendulum. 
The dividing line is determined by the McCumber pa- 
rameter, Bc, which defines the amount of damping in 
terms of the junction capacitance and resistance. 

Modeling of classical JJAs is essentially based on 
solving a system of coupled ordinary differential equa- 
tions for the superconducting phase differences y, of 
Josephson junctions that constitute the array. Typically, 
JJAs are fabricated using photolithography and the stan- 
dard fabrication processes for superconductive elec- 
tronics. They are very well characterized, leading to an 
interesting synergy between experiments, theory, and 
simulations. 

The properties of JJAs depend on their dimensional- 
ity and the way Josephson junctions are connected. In 
the series one-dimensional (1-d) JJAs shown in Figure 
la, there is no direct interaction between Josephson 
junctions. The junctions can be coupled, for example, 
via a load resistor connected between the extremities of 
the array. Under certain conditions (Jain et al., 1984), 
when biased by a bias current flowing along the array, 
Josephson junctions perform coherent oscillations. 

Parallel 1-d arrays shown in Figure 1b have inherent 
mutual coupling between Josephson junctions due 
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to screening currents and magnetic flux quantization 
in superconducting loops. Such an array is essentially 
similar to a long Josephson junction, and it is described 
by the discrete sine-Gordon (SG) model. Due to the 
similarity between the discrete SG and continuous 
SG models, properties of vortices in parallel 1-d JJAs 
are similar to those of Josephson vortices (solitons 
called fluxons) in long Josephson junctions (Ustinov 
& Parmentier, 1996; Watanabe et al., 1996). 

The two-dimensional (2-d) JJA illustrated in 
Figure Ic has attracted a great deal of interest as it is 
isomorphic to a 2-d XY spin system, which is a 2-d 
lattice of spins free to rotate in the XY plane. In its 
simplest form, the Hamiltonian of an array can be 
written as 
f); 


H = — > Es 008 (Ym — Yn — q) 


(n,m) 


where (n,m) means summing over nearest neighbors 
and f is the frustration factor depending on the 
externally applied magnetic field. It should be noted 
that model (1) is valid only under the condition that 
both Ej and the array cell size are small enough, i.e., that 
inductance effects play no role. In practical JJAs, this 
is typically not the case and these effects significantly 
complicate JJA dynamics. 
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Figure 2. (a) Micro-photograph of a Josephson ladder (Binder 
et al., 2000). (b) The equivalent circuit of the ladder. 





Starting from the mid-1990s, a special type of 
JJA called the Josephson ladder has received much 
interest. The ladder is essentially one row of cells 
cut from the standard 2-d JJA. Floria et al. (1996) 
studied a ladder driven by an ac bias current 
and found both oscillating and rotating localized 
modes. Such intrinsically localized modes, often called 
discrete breathers, are spatially localized time-periodic 
dynamical states that occur in various nonlinear lattices. 
The oscillating modes in Josephson arrays are difficult 
to detect experimentally as they are accompanied by 
zero average dc voltage. In contrast to oscillating 
discrete breathers, rotating discrete breathers induce 
a localized nonzero dc voltage and can be easily 
measured. Moreover, rotating discrete breathers can 
also be supported by a de bias current. Experiments 
that followed the theoretical proposals successfully 
demonstrated dynamical localization in the form of 
discrete breathers in JJA (Ustinov, 2001). 

There are several useful applications of JJA. At mi- 
crowave frequencies, Josephson junctions can be used 
as sources and detectors of radiation. The Josephson re- 
lation ®yv = V (where ©p = h/(2e) = 2.07 x 107! Vs 
is the magnetic flux quantum) states that at constant 
voltage V, the current through the junction will oscil- 
late with a frequency v, proportional to V. Utilizing this 
unique property, Josephson junction arrays have for the 
last two decades been studied as microwave sources 
(Darula et al., 1999). The advantages of using arrays 
as opposed to junctions are higher power outputs and 
better impedance matching to typical loads. Another 
important application of JJA, based on the same equa- 
tion, is to define the voltage standard. Since frequency 
can be measured extremely accurately, locking Joseph- 
son junctions to a microwave source provides excellent 
accuracy for measuring the voltage. Using a series JJA 
instead of a single Josephson junction allows the upper 
voltage level to be brought from less than a millivolt up 
to the range of several volts. 

ALEXEY V. USTINOV 


See also Breathers; Frenkel-Kontorova model; 
Frustration; Josephson junctions; Long Josephson 
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junctions; Sine-Gordon equation; Superconducting 
quantum interference device; Superconductivity 
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JOSEPHSON JUNCTIONS 
Predicted theoretically by Brian Josephson in 1962, the 
Josephson junction (JJ) consists of two superconduc- 
tors that are so weakly coupled that the Cooper pairs 
may quantum mechanically tunnel between the super- 
conductors without destroying the integrity of their in- 
dividual macroscopic wave functions, YW; and W2. A 
typical example is the trilayer tunnel junction (see Fig- 
ure 1) consisting of two overlapping niobium (Nb) thin 
films separated by a thin (2—5 nm) insulating layer of 
aluminum oxide (Al703). 

Extremely fast and highly nonlinear, the JJ is 
described by the two Josephson equations 


I= sing, (1) 
Cr) 2n 
— = —V, 2 
ot Do (2) 


where / is the pair-current through the junction. The 
critical current J, is a constant parameter given by the 
materials, the barrier, and the geometry of the structure. 
®o =h/2e is the flux quantum, ¢=6; — 62 is the 
difference between the phases 6; and 6) of Y; and 2, 
respectively, and V is the voltage across the junction. 
These equations assume a constant current density over 
the junction area. 
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Figure 1. Typical Josephson tunnel junction consisting of two 
superconducting thin-films separated by a very thin insulating 
oxide layer. 


If one applies a dc bias current J <I, to the 
junction, the phase difference @ of the macroscopic 
wave functions automatically adjusts itself so that 
Equation (1) is satisfied; i.e., the junction remains in 
the zero-voltage state carrying a supercurrent up to the 
critical current. For J > J,, the junction switches to the 
voltage state, and ¢ oscillates in time according to the 
second Josephson equation. 

If the junction is supplied with a constant voltage, 
Vpc, the phase difference increases steadily with 
time, and the junction current oscillates with the 
frequency 


f= - Voc; (3) 
that is, the junction functions as a voltage con- 
trolled oscillator (VCO) that may generate microwave 
power into the gigahertz range. (The pre-factor 
1/®0 © 0.5 GHz/tV.) 

The capacitance between the two electrodes in 
Figure | shunts the Josephson tunneling and leads to 
hysteresis in the current-voltage characteristic (J-V 
curve) as shown in Figure 2a. Starting at zero 
and increasing the bias current, there is a vertical 
supercurrent (zero-voltage state) up to J, where the 
junction switches (horizontally) to the steep so-called 
quasi-particle curve (near 2.7 mV), which reflects the 
superconducting gap of the two niobium electrodes. 
The quasi-particle curve is followed both when the bias 
current is further increased and when the current is 
returned to J = 0. The hysteretic J—V curve is point- 
symmetric around (V, J) = (0, 0). 

The J—V curve near the gap is strongly nonlinear 
and temperature dependent. Tunnel junctions biased 
close to the knee are used as low-noise bolometers to 
detect broad band signals in the millimeter and sub- 
mm range. Due to its strong nonlinearity, heterodyne 
receivers based on this SIS-mixer (superconductor- 
insulator-superconductor) can be operated near the 
quantum limit (hf ~kgT). The SIS-mixer may be 
pumped by the microwave signal emitted from a long 
JJ (see below). Most modern radio-telescopes employ 
SIS-mixers for spectral measurements in the frequency 
range 10-1000 GHz. 

Figure 2b shows the J—V curve when a microwave 
signal is applied to the junction. The supercurrent 
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Figure 2. dc current-voltage characteristic of Nb/Al2O3/Nb 
trilayer Josephson tunnel junction at 4.2 K. Note the supercurrent 
in the zero-voltage state and the steep gap structure near 2.7 mV. 
(a) No applied microwaves and (b) with applied microwaves. The 
small vertical zero-crossing steps are equidistantly spaced with 
a voltage difference of AV =hf/2e. These nonlinear quantum 
phenomena allow for the practical construction of the Josephson 
voltage primary standard. 


is suppressed and small equidistantly spaced replica 
appear as vertical (Shapiro) steps with a voltage 
difference of AV =hf/2e. These zero-crossing steps 
and the fact that voltage and frequency are related only 
through fundamental constants allow for the practical 
realization of the Josephson voltage primary standard. 
When pumped by a 70GHz signal, AV © 140 nV; 
thus a small chip with more than 20.000 dc series 
connected JJs can generate a reference voltage of 10 V 
with an accuracy of 0.1 nV. Josephson junctions are 
strongly nonlinear elements which when pumped by 
external high-frequency signals may not only generate 
very high-numbered higher harmonics but also via 
parametric processes generate both even and odd 
subharmonics (e.g., period-doubling bifurcations) and 
chaos. The stability of the Josephson voltage standard 
is limited by chaotic behavior. 

JJs are highly sensitive to magnetic fields. The 
gradient of the phase difference @ is proportional to 
the magnetic field applied in the plane of the junction, 
and for constant current density the net critical current 
is zero each time @ has a twist of 27, which happens 
when the flux ® threading the junction is exactly one 
flux quantum ®o. Included in a superconducting ring, 
JJs constitute the so-called Superconducting Quantum 
Interference Device (SQUID), which is used, for 
example, for magnetoencephalographic measurements 
of electrical activity in the human brain. 

The magnetic twist of the phase difference along the 
junction also leads to the so-called Fiske steps. These 
are nearly constant-voltage steps in the J—V curve at 
voltages Vpsn © Pocs/2L, where n=1,2,... and L 
is the junction length perpendicular to the magnetic 
field. Also, cs is the Swihart velocity of electromagnetic 
waves propagating in the junction (about 3% of the 
light velocity in vacuum). The physical mechanism is 
as follows. The Josephson oscillations at the voltages 
Vesn excite standing electromagnetic waves inside 
the junction (cavity) with wavelengths A, =2L/n 
and resonance frequencies f, =cs/An. Whenever the 
spatial twist in ® (x) fits to the nth mode of the standing 
wave, there is a strong resonant nonlinear interaction 


482 


that phase-locks the Josephson oscillation at fn, giving 
Fiske steps at voltages Vesn. 

Until now we have considered only JJs with small 
dimensions compared with the so-called Josephson 
penetration length Aj, which is of the order of 10 1m. 
Longer tunnel junctions are well modeled by the per- 
turbed sine-Gordon (SG) equation. If we consider a lin- 
ear one-dimensional (1-d, x-direction) junction with de 
current bias, the SG equation in normalized units reads 


dxx — On = sing + ag; — n, (4) 


where the normalized magnetic field «1,2 (perpendicu- 
lar to the x-direction) enters as the boundary condition 


$x(0,t) =, and $,(I,t) = k2, (5) 


specifying the magnetic field at the two ends of the junc- 
tion. The normalized bias current 7 here is assumed to 
be evenly distributed along the junction (overlap geom- 
etry). In the above equations, time f is normalized to the 
inverse maximum plasma frequency, wo, length x to Ay, 
currents to the maximum critical current, J;, and mag- 
netic fields to the critical field, H., needed to force the 
first fluxon into the junction. Magnetic fields can only 
enter the junction in the form of fluxons, which are 
individual soliton-like localized 27 phase shifts each 
containing one flux quantum ®o. 

Many solutions to the nonlinear SG equation have 
been found by numerical integration. For zero mag- 
netic field and low values of the damping coefficient 
a, fluxons oscillate resonantly back and forth inside 
the junction driven by the Lorentz-like force from the 
bias current. This gives rise to a 47 phase shift per pe- 
riod and leads to the so-called zero-field steps, which 
are nearly constant-voltage steps located at voltages 
Vzrsn ©n®gcsL, n=1,2,.. in the J-V curve. Note 
that zero-field step voltages are twice as large as the 
voltages of the Fiske steps discussed above for short 
junctions. 

For every fluxon collision at x =/ (where / is the 
normalized junction length), a small electromagnetic 
field is emitted and the junction may be used as a 
microwave oscillator when biased on either a Fiske step 
or a zero-field step, but applications of this resonant 
soliton oscillator (RSO) are rather limited. First, the 
resonance frequencies are fixed (given by L and c,) and 
the tunability is very small (steep steps). Second, the 
emitted power is relatively low and has high harmonic 
content (fluxon collision delta-function-like in time 
domain). However, due to its frequency stability and 
rather narrow linewidth, the RSO may be used as an 
on-chip clock oscillator. 

When a stronger external magnetic field is applied 
(e.g., from a de current, Jc, in an overlaying control 
line), the junction will contain many fluxons, and 
since the fluxons repel each other, they will form an 
equidistant chain. Under a very strong field, the fluxons 
are forced so close to each other that the phase gradient 
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becomes nearly uniform and proportional to the field 
strength. (One may compare the phase variation to 
a household corkscrew where the pitch is given by 
the applied magnetic field.) If a de bias current Jp 
(uniformly distributed along the x-direction) is also 
applied to the junction, the fluxon chain is forced to 
move with constant velocity along the junction leading 
to a unidirectional flux flow through the junction. In our 
analogy, the bias current forces the corkscrew to rotate 
with constant angular velocity. The total phase shift per 
second and, thus, the frequency of the microwave signal 
emitted at x =/ can therefore be adjusted independently 
by the dc bias current (rotation) and the dc magnetic 
field (pitch). In the 7—V curve, one observes a flux flow 
step (FFS) where the voltage, Vers, depends on both Jz 
and Icy. Because the pitch for a dense chain of fluxons 
increases proportional to the magnetic field, Vers, the 
oscillator frequency in this limit depends linearly on 
Icy for fixed Ig. 

This explains the dynamics of the important flux flow 
oscillator (FFO). Its easy tunability not only permits 
wide band frequency coverage but also allows for 
accurate phase locking of the FFO. The power emitted 
from the FFO depends in a complicated way on the 
junction parameters as well as on Jp and Ici, but with 
appropriate microwave design the power is sufficient 
to pump an SIS-mixer placed on the same chip. In 
2002, a fully superconducting integrated receiver (SIR) 
with FFO, stripline circuit, SIS-mixer, and antenna (all 
placed on a 5x 5mm? chip) has been operated in 
phase-locked mode up to 712 GHz with a frequency 
resolution of less than 1 Hz relative to the reference 
oscillator used in the phase-locking loop. At 500 GHz 
the noise temperature was less than 100 K, just above 
the quantum limit. The low-noise in combination with 
the high-frequency resolution in the submillimeter 
frequency range is very promising for spectral 
investigations in astronomy, chemistry, and biophysics. 

Numerical simulations of the SG equation have 
confirmed that the unidirectional flux flow mode can 
also be sustained for very large values of the damping 
parameter w. Often the damping per normalized length 
al > is used to define the flux flow range. For low 
values of a/ the FFS consists of a distinct Fraunhofer 
pattern of Fiske steps localized in the vicinity of the 
average FFS voltage given by Jg and Icy. The correct 
boundary conditions, the geometry, and especially the 
paths along which the two bias currents are supplied 
to the junction are very important for the free-running 
linewidth of the FFO and thus for the practical 
implementation of the SIR. 

For simplicity, we have restricted ourselves to a sin- 
gle Josephson junction with linear 1-d geometry. Con- 
siderable work has been devoted to 1- and 2-d ar- 
rays of both short and long junctions, and vertically 
stacked junctions (See Josephson junction arrays; 
Long Josephson junctions). Many structures and 
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circuits have been fabricated in both low-T¢ and high- 
Te. superconductors. The 1-d long Josephson junction 
with annular geometry is of considerable interest, not 
least because the cyclic boundary conditions are com- 
bined with flux quantization and flux trapping. Whole 
families of single flux quantum (SFQ) and rapid single 
flux quantum (RSFQ) electronics based on propagation 
of single fluxons in superconducting circuits containing 
Josephson junctions and SQUIDs (See Superconduct- 
ing quantum interference device) have been devel- 
oped and partially tested for applications. Josephson 
junction science and technology now is mature, and 
many applications are waiting to be implemented in 
future electronics. 
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See also Diodes; Hysteresis; Josephson junction ar- 
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Solitons; Superconducting quantum interference 
device; Superconductivity 
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See Inverse scattering method or transform 


JULIA SETS 


See Fractals 


JUMP PHENOMENA 


Jump phenomena or surfaces of discontinuity occur 
when a field or gradient of a field exhibits finite jumps 
(discontinuities) due to the system changing nature 
(such as a liquid-gas interface) or the geometry of 
the domain changing abruptly in a given hyperplane 
(such as an acoustical tube with an abrupt widening). A 
particularly dramatic example of a hydraulic jump (see 
Figure 1) appeared regularly on the river Seine early in 
the 20th century. 

In nature, systems are often governed by conserva- 
tion laws of the various quantities. For example, for a 
fluid, we can write equations for the conservation of 
mass, momentum, and energy, and in an electrical sys- 
tem, current is conserved. There may be a hierarchy of 
these laws so when the system is perturbed the lower or- 
der ones are approximately maintained while the higher 
order ones are clearly broken. 
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Following the discussion of Landau (Landau & 
Lifschitz, 1959), one can classify discontinuities in 
two main groups. Let us illustrate this with the 
example of a continuous medium for which mass flux, 
momentum flux, and energy flux are continuous across 
a discontinuity. In the first case, mass flux is zero 
across the discontinuity, implying that the tangential 
derivative of the velocity has a jump. This is called a 
tangential discontinuity, a familiar example being the 
ocean surface separating water circulation from wind 
circulation. In the other case, called a shock wave 
(See Shock Waves), mass flow is nonzero, implying 
a jump in the velocity normal to the discontinuity. 
The existence of such discontinuous fields is strongly 
connected to the hyperbolic nature of the system of 
equations for which wave fronts can propagate along 
definite directions (characteristics). 

In reality, the velocity normal to the interface is 
not discontinuous but varies on a very small scale due 
to viscosity and damping which are not taken into 
account in the original model. In particular, energy 
is dissipated in such an event so that the energy flux 
is not conserved. A way to remove this difficulty is 
to assume a given dissipation and modify the energy 
jump condition. It is remarkable that such modified 
jump conditions can describe accurately the state of 
a system where dissipation occurs even without an 
accurate description of the (microscopic) dissipation 
mechanism. 


Examples 


Example (i) 

As an example of a normal discontinuity (shock wave), 
consider a one-dimensional compressible fluid flow. 
The conservation of mass and momentum of the fluid 
can be written as 


Pr + (pv)x = 0, (1) 
C2 
vp + vvy + oe =0, (2) 


where the subscripts indicate partial derivatives, p is the 
gas density, v the velocity along the x axis, and c(p) is 
the velocity of sound. 

In 1860, Bernard Riemann obtained a solution of 
this system by assuming a single dependence of the 
two fields p(a@(x,t)) and v(@(x,f)) on an unknown 
function a. He obtained the compatibility condition 


linking p and v: 
v= +f CP) a, (3) 
p 


and showed that a should satisfy the one-dimensional 
partial differential equation 











a,+(wvtc)a, =0, (4) 
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Figure 1. A tidal bore (or mascaret) on the Seine at Quillebeuf, 
France. The site is 19km from the mouth of the river, where 
tides up to 10m occur. Due to dredging in the 1960s, this 
striking nonlinear phenomenon has disappeared. (Courtesy of 
J.J. Malandain.) 





whose formal solution is a= f(x — (v + c)t). This 
indicates that given values of v and p move to the right 
along the characteristic lines x =(v + c)t at speeds 
v +c, allowing shock waves across which the velocity 
and density fields are discontinuous. Consequently, an 
initial condition with v > c will only propagate to the 
right, whereas if v <c, it will propagate over the whole 
domain. 

Consider how to derive jump conditions; from (1). 
Assume c* = pg where g is a constant; this is not 
physical in the context of gases but it simplifies 
the derivation. The conservation of the mass flux is 
obtained by integrating the first equation on a small 
domain —¢ < x <« centered on x = 0; thus, 


/ pr dx + [ov]i=", = 0. (5) 


—€ 








Assuming that p; has a finite discontinuity at x = 0, we 
obtain in the limit e =0 


[vp] =0. (6) 
The momentum conservation law is obtained by 
examining the time evolution of the average momentum 
pv: 


2: 
(pv); + (o»° #: e) =0. (7) 


The last conservation law involves the total energy e of 


the fluid, which is the sum of the kinetic and potential 
energy 


(pv" + gp) + (pv? + 2p7vg)x =0. (8) 
Proceeding in a similar way as for the mass flux, 
we obtain jump conditions for the momentum and 


energy of the fluid so the entire set of jump conditions 
are 





2 
[vp] = 0, [o»? ~ | =0, 


[v3 + 2gp*v] = 0. (9) 
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Example (ii) 

The second kind of discontinuity occurs when 
considering compression waves in an inhomogeneous 
beam made of two beams of different materials 
soldered at some point. The equation describing the 
displacement u is the one-dimensional generalized 
wave equation 


pour — (o Eux)x = 0, (10) 


where o is the beam section, p its density, and E 
the Young modulus such that E = E) for x <0 and 
E=E, for x >0. To obtain the jump condition at 
x = 0, one integrates equation (10) over a small domain 
—é <x <ée to obtain 


he dxpoun —[o ux - an 


—€ 





Now consider the limit ¢ =0, assuming the displace- 
ment u to be continuous across x =0. The first term 
is the acceleration which should tend to zero. The sec- 
ond term is the stress, and relation (11) shows that it 
too should be continuous. At x =0, we then have the 
following relations: 


uy =Uy, Equy|) = Eruy|r, (12) 


so the gradient uv, exhibits a finite jump. 


Hydraulic Jumps 


Shallow water flows for which the depth ho is much 
smaller than the length / are governed by the following 
equations for the water elevation h and velocity v in the 
direction of propagation (Landau & Lifschitz, 1959) 


h, + (hv)x = 0, (13) 
v; + vv, = —ghy, (14) 


which are the same as (1) if we write ) = p and assume 
c? = pg =gh. 

Consider a so-called hydraulic jump solution 
occurring, for example, when a dam breaks. The 
conservation of the mass flux, momentum flux, and 
energy flux are given by (9). The first two conditions 
imply the following relations between the fields indexed 
1 (left) or r (right) on each side of the jump. 


gh? h2 
st = hiv? + SF, 5) 
where we introduced the (continuous) mass flux /. 


From these we deduce the velocities v,;: 


h ; h 
v £n,(1 *), v2 nm (1 a). (16) 
rT. 


To gain further insight consider the energy flux 
across the hydraulic jump. From the original equations 
(13) this should be conserved; however (as we discussed 
above), discontinuities are in general not physical, 





hy = hrvy = fj, hiv? t 
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indicating that the model should be completed by some 
dissipation process. Without considering the details of 
this, we just write that energy per unit time (power) is 
being taken out of the system at the jump. Integrating as 
above, the energy conservation equation (8), from —é 
to ¢ and passing to the limit, gives the power dissipation 
at the jump, 
& 

e,dx =—[veh+2gh7v]ff. (17) 


-é 


= li 
ee 
Using (16) we obtain the final result for the power 
dissipation at the jump, 
dy — hy)? 


On = J8 oh (18) 
- 


Assuming that energy is absorbed at the jump so 
wir < 0, we get from (18) /; < hy, and from (16) 





so that vj >cj, the local wave speed while v; <cy. 
These inequalities indicate the stability of the hydraulic 
jump. 


Numerical Problems and Applications 


As seen above, jump conditions come from conserva- 
tion laws so an accurate numerical scheme should sat- 
isfy the conservation laws. Because the jump conditions 
are flux conditions, it is natural to use methods that in- 
volve integrating the operator over the spatial domain 
to satisfy them. One way to do this is the so-called fi- 
nite volume approach, where the equation is integrated 
over reference volumes yielding naturally the flux con- 
ditions. Another approach is to use finite element meth- 
ods, where the solution is decomposed on a basis of 
trial functions. The relation that gives the coefficients 
is obtained by integrating the equation over the whole 
domain. 

For shock waves it is essential to have numerical 
schemes that do not artificially smooth the shock but 
respect the jump conditions. Here, special staggered 
finite difference schemes have been suggested by 
Lax, Wendroff, and Godunov. 

As a final application, we present the case of a 
wave guide whose section changes abruptly at some 
point. This occurs in neurons for which varicosities 
are known to block the propagation of nerve impulses 
(Scott, 2003). To simplify the discussion, let us 
consider the following sine-Gordon nonlinear wave 
equation 


O11 — bxx — byy + sin(¢) = 0, (19) 


propagating in a two-dimensional T-shaped domain as 
shown in Figure 2 and assuming a zero normal gradient 
on the boundary. This describes the electrodynamics of 
a Josephson junction superconducting device obtained 
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Figure 2. A T-shaped Josephson junction. The kink solution (21) 
is shown in the left region as contour lines. Kink propagation is 
easy from right to left but is inhibited in the other direction. 


by inserting a small oxide layer between two metallic 
plates (Scott, 2003). 
First note that the total energy of the system 


E= i dv dy5[0? +92 +2 +211 —cos(6))] 
(20) 


is a constant in time. This can be seen by multiplying 
(19) by ¢; and integrating over the domain using the 
boundary conditions. Consider the propagation of a 
front (kink) 


(x,t) = 4arctan (er (=) (21) 


which is an exact solution of the one-dimensional sine- 
Gordon equation for which @ is independent of y. 
Inserting (21) into (20) and calculating the integrals, 
it can be shown that the energy is 

w 
1—v?’ 
where w is the width in the y direction of the domain. 

Let us now consider the propagation of such a front 
in the domain and assume it starts at t =0 from the 
right-hand side with a negative velocity so that it will 
encounter the discontinuity. First, notice that because 
of the boundary conditions, it travels unaffected in the 
straight section. When it hits the discontinuity, it will 
cross into the small section with no apparent change 
in shape apart from reflected waves (see Figure 2). On 
the contrary, if the kink is started from the left side 
whose section is narrow, it will get reflected by the 
discontinuity unless its velocity is quite large. 

The explanation of these observations lies in the 
conservation of the energy of the system, assuming 
that most of this energy is in the front. For a kink to 
exist in a domain of lateral extension w, its energy 
should be greater than Ex (v = 0) = 8w. When the kink 
is started in the right domain, its energy E/8 = w;/(1— 
v2) > Wr > WI, SO We expect it to cross without trouble 
into the smaller section. Indeed it should gain speed, 
and it does. On the contrary, if the kink is started in 
the left domain, its speed v, must be very large (so that 
w/U — v?) > wr, where 8w, is the energy of a static 
kink in the region on the right) in order to cross into the 


E, =8 (22) 
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region on the right. This provides a means to realize a 
rectifying gate, through which signals pass in only one 
direction. 

Jean Guy Caputo 


See also Constants of motion and conservation 
laws; Long Josephson junctions; Shock waves 
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JUPITER’S GREAT RED SPOT 


Jupiter’s Great Red Spot is a large swirling cloud 
mass of reddish-brown appearance (see figure in 
color plate section). Situated in Jupiter’s southern 
hemisphere, it straddles the south tropical zone and, 
to the north of this, the south equatorial belt. The Great 
Red Spot (GRS) is roughly elliptical in shape, with 
the semi-major axis zonally aligned (east-west) and 
with dimensions approximately 22, 000 km (twice the 
diameter of the Earth) by 11, 000 km. The atmospheric 
motions associated with the GRS are visible in the 
cloud layer near the tropopause. It is generally agreed 
to be a vortex (Mitchell et al., 1981); and Smith et 
al. (1979a) give an estimate of the vorticity. This 
vortex is anticyclonic (rotating in the opposite sense 
to that induced by the planetary rotation), that is, 
anticlockwise, but with a weakly counter-rotating, 
or possibly quiescent inner region. The GRS is at 
high pressure and low temperature relative to its 
surroundings. A striking feature associated with the 
GRS is the turbulent oscillating cloud system to the 
northwest. 

In 1664, Robert Hooke observed a small dark spot in 
one of the southern belts of Jupiter, reported in Hooke 
(1665). This is considered by some contemporary 
authors to be an early manifestation of the GRS (see 
also Rogers, 1995). By observation of this feature, 
Hooke was able to make a good estimate of Jupiter’s 
rate of rotation. Many further observations of this and 
other features of Jupiter were made by Hooke and 
by Giovanni Cassini over the next five years (e.g., 
Cassini, 1672), and intermittently by others over the 
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next 50 years (see Denning, 1899). However, it was 
not until 1831 that Samuel H. Schwabe identified 
what can be clearly recognized as a feature called the 
Hollow, in his drawing reproduced in Rogers (1995). 
As the Hollow is clearly apparent above the GRS in 
contemporary observations, this is taken to imply the 
presence of the GRS. Continuous observations began 
in 1872 (Peek, 1958) and from these it appears that 
the GRS was considerably larger in the late 1800s 
than it is now (Beebe & Youngblood, 1979; Rogers, 
1995). Very much more detailed observations became 
available once space probes reached Jupiter; first was 
Pioneer 10 in 1973, then Pioneer 11 in 1974, Voyagers 
1 and 2 in 1979, Galileo in 1996, and then most 
recently Cassini from October 1, 2000 through until 
March 22, 2001. The Voyager and Galileo missions 
(Smith et al., 1979a, b; Vasavada et al., 1998) provided 
very high resolution still images, while Cassini (Porco 
et al., 2003) gave more dynamic information. From 
1994, after corrections were made to faulty optics by 
the Endeavour crew, the Hubble telescope has been 
providing good images of Jupiter and the GRS. These, 
along with the Cassini sequences, clearly show vortex 
interactions between the GRS and smaller, intermittent 
vortices, thus allowing a much better understanding of 
the underlying dynamical processes (Morales-Juberias 
et al., 2002). 

Attempts have been made since 1961 to model the 
GRS and to understand the processes giving rise to the 
motions observed, beginning with Hide (1961), who 
suggested that the GRS was the visible manifestation 
of a Taylor column. The quantity of relevance to 
these calculations is the potential vorticity g. As the 
atmosphere of Jupiter is stably stratified and there 
are significant rotational effects at the scale of the 
GRS, the most commonly used model is the quasi- 
geostrophic approximation (a simplification of the 
complete atmospheric dynamic equations, giving a 
balance of horizontal pressure gradient forces and 
horizontal Coriolis forces due to Jupiter’s rotation). 


Here q is defined as 
favey +22 (io (1) 
q= Jr T a az POW? az ; 





where w(x, y,z,¢) is the stream function for the 
flow and (x, y, z) are local cartesian coordinates, with 
x and y being the zonal and meridional directions, 
respectively, and z being a measure of the depth. The 
basic state density profile is po(z) and the effects 
of Jupiter’s rotation are introduced by the beta-plane 
approximation, the assumption that we can treat part of 
Jupiter as a plane, over which the Coriolis parameter f 
varies linearly: f = fo + By, where fo is the reference 
value at the latitude of the GRS and £ is the ambient 
potential vorticity gradient. The buoyancy frequency 
N(z), the frequency with which a parcel of fluid 
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displaced from equilibrium will oscillate, is determined 
by the vertical temperature variation. The potential 
vorticity is materially conserved, according to 

aq 

a te VG =O, (2) 
where the horizontal velocity v = (—dw/dy, OW/dx). 

Many researchers have modeled the vortical motions 
associated with the GRS by assuming a thin upper 
layer of constant density (of order 100km; Dowling 
& Ingersoll, 1989) above a much deeper lower layer 
of slightly higher density in which there is a uniform 
steady zonal flow, for example, Ingersoll and Cuong 
(1981), Marcus (1988), and Marcus et al. (1990). The 
surface of the upper layer is above the visible cloud 
level. These models assume barotropic motions, that 
is, uniform in depth with no horizontal component of 
vorticity, in the upper layer where isolated vortices are 
assumed to be generated by mechanisms such as zonal 
shear flow instability. Merger of vortices can lead to the 
formation of larger vortices, and the relevant issues are 
then the stability and lifetime of isolated vortices such 
as the GRS in the observed zonal shear. A statistical 
mechanics approach to such equilibria is provided in 
Michel and Robert (1994). 

There have also been discussions on the role of ver- 
tical density stratification, allowing baroclinic instabil- 
ity, but generally limited to the quasi-geostrophic case 
of (1) and (2). For example, Achterberg and Ingersoll 
(1994) studied the barotropic and the first two baro- 
clinic modes, and Cho et al. (2001) used as many as 
60 vertical modes. The high horizontal resolution used 
in Cho et al. (2001) allowed the authors to generate 
features such as the counter-rotating core (Vasavada et 
al., 1998, Figure 7, reporting Galileo data and similar 
Voyager data), but as in all other studies to date, the tur- 
bulent cloud system to the northwest of the spot does 
not appear. 

A deficiency of the quasigeostrophic model is that 
vortices with radius significantly greater than the 
Rossby radius of deformation, Lr, tend to decay by 
radiation of Rossby waves in the absence of any ex- 
ternal forcing. (Lp is a measure of the scale at which 
Coriolis forces become significant.) This would imply 
a lifetime for the GRS much shorter than the observed 
period, which is certainly greater than 150 years. In ad- 
dition, the quasigeostrophic equations have the disad- 
vantage that neither anticyclonic nor cyclonic vortices 
are preferentially created or destroyed, whereas obser- 
vations show that the GRS is anticyclonic, as are 90% 
of the other (typically much smaller) vortices observed 
on Jupiter (Mac Low & Ingersoll, 1986). 

For two-layer models, the zonal flows in the bot- 
tom layer can be incorporated in a reduced grav- 
ity single-layer shallow water model with meridion- 
ally varying topography and a free surface, which is 
taken to be above the visible cloud layer (Dowling 
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& Ingersoll, 1989). There are various levels of ap- 
proximation to the shallow-water equations beyond 
the quasi-geostrophic approximation. The intermedi- 
ate geostrophic (IG) approximation (Williams & Ya- 
magata, 1984; Nezlin & Sutyrin, 1994) arises when 
there is significant nonlinearity giving rise to finite free- 
surface distortion, as is to be expected for vortices with a 
scale much greater than the Rossby radius, such as the 
GRS. A more complete discussion of the asymptotic 
treatment of the nonlinear terms, along with higher- 
order approximations, is given in Stegner and Zeitlin 
(1996). 

An alternative approach to understanding the GRS 
as a solitary wave was first introduced by Maxworthy 
and Redekopp (1976a,b) and Redekopp (1977). They 
considered the quasigeostrophic equations (1) and (2) 
and were able to find elementary soliton solutions 
in the limit of small amplitude disturbance, which 
obeyed either the Korteweg—de Vries equation (KdV) 
or the modified KdV equation. These balance zonal 
shear and dispersion to give isolated disturbances 
that could be regarded as vortices. However, as 
noted by several authors (e.g., Ingersoll & Cuong, 
1981), these soliton solutions of the KdV equation 
pass through one another unchanged in form (elastic 
collisions). This is contrary to the behavior of vortices 
generally, and more particularly the GRS, where 
merger with smaller vortices is observed (Morales- 
Juberias et al., 2002). However, Petviashvili (1980), 
by going beyond quasigeostrophy, was able to derive 
solitary axisymmetric vortex solutions, without an 
imposed zonal shear, for a curved shallow layer, with 
anticyclones living longer. Nezlin et al. (1990) refer 
to this anticyclonic vortex as a Rossby soliton, with 
weak nonlinearity balanced by Rossby wave dispersion. 
These solitary solutions undergo inelastic collisions 
and were later thought to be found experimentally 
in parabolic water tank experiments (Nezlin et al., 
1990), although Nycander (1993) and Stegner and 
Zeitlin (1996) demonstrated that this weakly nonlinear 
balance could not in fact exist in the parabolic 
geometry and that stronger nonlinearity was required 
to explain the laboratory observations. Stegner and 
Zeitlin (1996) go on to show that axisymmetric soliton- 
like solutions of a 2-d KdV equation are found for 
spherical geometry, corresponding to the surface of 
Jupiter, using a nonlinear model. Furthermore, only an 
anticyclonic vortex can be supported in this case, which 
is in accord with the observed rotation of the GRS. 
However, this cannot explain the preferential formation 
of anticyclonic vortices smaller than the Rossby radius, 
where the quasigeostrophic approximation remains 
appropriate. Finally, as explained by Stegner and Zeitlin 
(1996), their 2-d KdV solutions do not apply directly to 
the GRS as neither the elliptical shape nor the counter- 
rotating inner core can be accounted for. 

C. MAacaSKILL AND T.M. SCHAERF 
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See also Atmospheric and ocean sciences; Fluid 
dynamics; Korteweg-de Vries equation; Solitons 
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KADOMTSEV-PETVIASHVILI 
EQUATION 


The Kadomtsev—Petviashvili (KP) equation was de- 
rived by Kadomtsev & Petviashvili (1970) to exam- 
ine the stability of the one-soliton solution of the 
Korteweg—de Vries (KdV) equation under transverse 
perturbations, and it is relevant for most applications in 
which the KdV equation arises. After rescaling of its 
coefficients, the equation takes the form 





(—4ur + 6uux + Urex)x + 307uyy = 0, (1) 
where indices denote differentiation, and o is aconstant 
parameter. If o* = — 1 (+1), the equation is referred 
to as the KP1 (KP2) equation. All other real values of 
o? can be rescaled to one of these two cases. In what 
follows, a reference to KP (as opposed to KP1 or KP2) 
implies that the result in question is independent of the 
sign of o?. 

Depending on the physical context, an asymptotic 
derivation can result in either the KP1 or the KP2 
equation. In all such derivations, the equation describes 
the dynamics of weakly dispersive, nonlinear waves 
whose wavelength is long compared with its amplitude, 
and whose variations in the second space dimension 
(rescaled y) are slow compared with their variations 
in the main direction of propagation (rescaled x). Two 
examples are as follows: 


e Surface waves in shallow water: In this case, u is 
a rescaled wave amplitude with a rescaled velocity. 
The wavelength is long compared with the depth 
of the water h, which is large compared with the 
wave amplitude. The sign of o? is determined by 
the magnitude of the coefficient of surface tension T. 
KPI results for large surface tension t/(gh) >1/3 
(thin films); otherwise, KP2 results. Here g is the 
acceleration of gravity. For most applications in 
shallow water, surface tension plays a sufficiently 
unimportant role, and KP2 is the relevant equation 
(Ablowitz &, 1979, See Water waves). 

Magneto-elastic waves in antiferromagnetic ma- 
terials: Here u is a rescaled strain tensor with a 
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rescaled velocity. The sign of o? is determined 

by the difference between the linear velocities of 

the magnons and phonons, and the strength and 
direction of the external magnetic field (Turitsyn 

& Fal’kovich, 1986). 

The KP equation has different classes of soliton 
solutions. The first class is a generalization of the 
solitons of the KdV equation. These solutions decay 
exponentially as x, y—> + oo, in all but a finite 
number of directions along which they approach a 
constant value. For this reason these solutions are 
referred to as line solitons. By appropriately choosing 
their parameters, the direction of propagation of 
each line soliton can be chosen to be anything but 
the y-direction. In the simplest case, the solitons 
all propagate in the x-direction, adding a second 
dimension to the KdV solitons. Many other scenarios 
are possible. Two line solitons can interact with 
different types of interaction regions to produce two 
line solitons, but two line solitons can also merge 
to produce a single line soliton. Alternatively, a 
single line soliton can disintegrate in to two line 
solitons. The production or annihilation of a line 
soliton is sometimes referred to as soliton resonance. 
Although both KP1 and KP2 have line soliton 
solutions, soliton resonance occurs only for the KP2 
equation. Line soliton solutions of the KP2 equation 
are stable, whereas line soliton solutions of the 
KP1 equation are unstable. More possibilities exist 
when more than two line solitons are involved. Two 
distinct line soliton interactions are illustrated in 
Figure 1. 

Another class of soliton solutions exists for only the 
KP1 equation and decays algebraically in all directions 
as \/x2 + y? + oo. These soliton solutions are referred 
to as lumps and are unstable. Individual lumps in multi- 
lump solutions do interact with each other but leave no 
trace of this interaction. A lump soliton is shown in 
Figure 2 (Ablowitz & Segur, 1981). 

Another important class of solutions of the KP 
equation generalizes the exact periodic and quasi- 
periodic solutions of the KdV equation. A (quasi-) 
periodic solution with g phases is expressed in terms of 
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Figure 1. Two types of spatial (t = 0) line soliton interactions 
for the KP2 equation: (a) Two identical line solitons with an 
interaction that does not change their characteristics; (b) Two 
line solitons merge to produce one line soliton. 





Figure 2. A lump soliton (t = 0) solution of the KP1 equation. 


the Riemann theta function 0(z|B) by 


a2 
u(x, yt) = e+ 225 InO(kx + Ly + oF + GB). 2) 
By 








Here, c is a constant, and k, J, w, and @ are 
g-dimensional vectors that are interpreted as wave 
vectors (k, 1), frequencies (@), and phases (@). These 
parameters and the g x g Riemann matrix B are 
determined by a genus g compact connected Riemann 
surface and a set of g points on it. 

For g = 1, solution (2) generalizes the cnoidal-wave 
solution of the KdV equation to two spatial dimensions. 
For g=2, the solution is still periodic in space. Its 
basic period cell is a hexagon, which tiles the (x, y)- 
plane. These solutions translate along a direction in 
the (x, y)-plane. For g > 3, solution (2) is typically no 
longer periodic or translating in time. For some values 
of their parameters, these (quasi-)periodic solutions can 
be interpreted as infinite nonlinear superpositions of 
line solitons. Solutions with g <2 have been compared 
with experiments in shallow water, with agreement 
being more than satisfactory (Hammack et al., 1995). 
A two-phase solution of the KP2 equation is shown in 
Figure 3. A good review of the finite-phase solutions of 
the KP equation is given by Dubrovin (1981). 
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Figure 3. A two-phase periodic solution of the KP2 equation. 


Unlike for the KdV equation, where only a restricted 
class of Riemann surfaces arises, any compact con- 
nected Riemann surface gives rise to a set of solutions 
of the KP equation. The reverse statement is also true: if 
(2) is a solution of the KP equation, then matrix B is the 
normalized period matrix of a genus g Riemann surface. 
This statement is due to Novikov. It provides a solution 
to the century-old Schottky problem, and its proof is by 
Shiota (1986). 

The KP equation is the compatibility condition 
Wy; = W;y of the two linear equations 


oWy = Wy, + uy, 





WY, = Vere + UY + Fx + w)Y, — (3) 


with w, =ouy. These equations constitute the Lax 
pair of the KP equation. Using the inverse scatter- 
ing method, it is the starting point for the solution of 
the initial-value problem for the KP equation on the 
whole (x, y)-plane with initial conditions that decay 
at infinity. The inclusion of line solitons is also possi- 
ble (Ablowitz & Clarkson, 1991). Although the initial- 
value problem with periodic boundary conditions for 
KP2 was solved by Krichever (1989), this approach was 
unable to solve the same problem for the KP1 equation. 
In this context, solutions (2) are referred to as finite- 
gap solutions, as they give rise to operators (3) with 
spectra that have a finite number of forbidden gaps in 
them. 

More details and different aspects of the theory of the 
KP equation are found in Ablowitz & Clarkson (1991), 
Ablowitz & Segur (1981), Dubrovin (1981), Krichever 
(1989), Shiota (1986), and references therein. 

BERNARD DECONINCK 


See also Inverse scattering method or transform; 
Korteweg-de Vries equation; Multidimensional 
solitons; Plasma soliton experiments; Theta func- 
tions; Water waves 
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KELVIN-HELMHOLTZ INSTABILITY 


The Kelvin—Helmholtz (KH) instability was originally 
investigated by Lord Kelvin (William Thomson) and 
Hermann von Helmholtz (Kelvin, 1871; Helmholtz, 
1868; Chandrasekhar, 1981; Drazin & Reid, 1981; Ger- 
win, 1968) in the context of wind flowing over water. 
Their main motivation was to understand how wind ruf- 
fles the ocean surface to produce the ripples, eddies, and 
whitecaps that we see on our trips to the beach. 

The KH instability has subsequently been observed 
in a variety of space, astrophysical, and geophysical 
settings involving sheared fluid and plasma flows. In 
addition to the original situations relating to ocean 
waves, relevant configurations include the interface 
between the solar wind and the upper magnetosphere, 
coronal streamers moving through the solar wind, 
the boundaries between adjacent sectors of the solar 
wind, the structure of the tails of comets, and the 
boundaries of the jets propagating from the core of 
extragalactic double radio sources into their lobes. 
Another interesting application of KH instability in this 
age of unexplained air disasters is the phenomenon 
known as clear air turbulence, where an aircraft flying 
through a clear sky is suddenly buffeted (See Clear air 
turbulence). 

With an initial or equilibrium configuration con- 
sisting of two superposed incompressible and inviscid 
fluids streaming in the horizontal or z-direction at dif- 
ferential speeds U and U> (see Figure 1), consider how 
disturbances to this configuration evolve in time. Be- 
cause the velocity differential occurs at different heights 
(or the transition in the speed from U, to U2 occurs over 
some finite range of x), the equilibrium configuration 
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Figure 1. The basic configuration for shear flow across a vortex 
sheet. 


has finite geometrical extent in the x-direction. Note 
that the inviscid assumption, which holds well for air 
and water as well as for very low-density interstellar 
media, allows an arbitrary profile for the velocity tran- 
sition from U, to U2 with the x transition length cho- 
sen to fit experiments. By contrast, the equilibrium is 
of semi-infinite extent in the horizontal or z-direction, 
and of infinite extent in y. Thus, one may represent 
field variables as Fourier series in the directions y and 
z which are of infinite extent, thereby assuming ele- 
mentary disturbances of the form 


x ~ f@) explikyy + kzz — ot)] qd) 


for all variables x. Here, ky and kz are the y and z wave 
numbers, and is the angular frequency. (Note also that 
only a single mode among the infinite number needed 
to expand the variable x as a Fourier series has been 
displayed in this equation.) 

Substitution of Equation (1) into the equations 
governing the fluid flow yields a functional relationship 
between the angular frequency and the wave number 
called the dispersion relation, which provides key 
information regarding the propagation of the mode of 
Equation (1). Importantly, there are situations where the 
dispersion relation yields complex angular frequencies, 
that is, 


@ =o, +10; . (2) 


The temporal exponential growth or decay of the mode 
is then controlled by «; (called the growth rate), while 
its oscillation frequency is governed by w,. Important 
for us are the unstable cases where w; >0 so the 
disturbance grows in time. In such cases, x does not 
settle back to the original equilibrium, and one must 
consider the consequences of this growth. 

A driving parameter for KH instability is the 
differential flow speed (velocity shear) of the two 
layers of fluid, and it suffices to consider one Fourier 
mode while investigating the stability of a system. 
The key concept here is that the wave number of 
the normal mode is left arbitrary, and the system is 
unstable if w; >0 for any wave number. In general, 
the system is stable for some range of the driving 
parameter and becomes unstable beyond a critical value 
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of the parameter. The wave number that first becomes 
unstable as this critical parameter value is reached 
selects the most unstable mode, which usually guides 
the further development of the instability. 

Let us apply these concepts by substituting Equation 
(1) into the dynamical equations governing the flow. In 
the simplest form of the analysis (linear theory), one 
neglects all nonlinear terms (where any of the field 
variables are raised to higher than linear powers, or 
where there are products of different field variables) 
to obtain a dispersion relation. This relation satisfies 
boundary conditions at the discontinuity corresponding 
to the continuity of the normal (perpendicular) speed, 
the normal magnetic field (if any), and the normal 
total (fluid plus electromagnetic) stress. The resulting 
dispersion relation in the incompressible fluid case is 
given by (Chandrasekhar, 1981) 


w = k,(a,U, + a2U2) 








{1-2 + aa] 

x a, — a2) +4 

: 8(p1 + p2) 
1/2 

~ Kayan(U — U2? ‘ 


Here, g is the acceleration of gravity, T is the coefficient 
of surface tension, and 


a p2 
a= » Q= : 
Pit pr Pit p2 


where ; is the density of the i-th fluid. Analysis of 
Equation (3) reveals instability (@; > 0) for (Kelvin, 
1871; Chandrasekhar, 1981) 


2 /[Tg(a — a2) 
‘ (4) 
aja Pit p2 


For air over sea water, this implies instability at U; — 
U2 > 650 cm/s (14.8 mph) manifested as surface waves 
of about 1.71 cm wavelength. 

The sea, however, is ruffled by winds of smaller 
speeds than this, and a variety of effects have been 
advanced to explain this discrepancy. These include 
continuous velocity variation rather than an abrupt 
jump at the surface, continuously varying density 
profiles, rotational effects (due to the Earth’s rotation), 
as well as Lord Kelvin’s original suggestion—the 
effects of viscosity (Chandrasekhar, 1981; Drazin & 
Reid, 1981). 

In addition, compressibility and various electromag- 
netic fields (Choudhury, 1986; Choudhury & Lovelace, 
1984; Miura, 1990; Miura & Pritchett, 1982) become 
important in magnetospheric, geophysical, and astro- 
physical settings where there are high-speed shear flows 
and large fields. An important effect of compressibility 
is to introduce a second unstable traveling-wave mode 





(3) 





(U) — U2)? > 
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with nonzero w,;, in addition to the standing-wave un- 
stable mode (with zero w,;) which exists in the incom- 
pressible limit. 


There have been numerous computer simulation 
studies of KH instability in a variety of settings (Miura, 
1995; Normal et al., 1982). The effect of anisotropic 
pressure has also been comprehensively considered 
(Brown & Choudhury, 2000). 

Finally, it is important to consider nonlinear effects 
on the instability since the temporal growth of the 
linear fields in Equation (1) will eventually reach 
amplitudes large enough so that product terms can 
no longer be ignored. From physical considerations, 
one may also argue that exponential linear growth as 
predicted by Equation (1) for a; >0 is not tenable 
indefinitely because the energy is proportional to 
the square of the field amplitude and this energy 
is limited. Clearly, nonlinear effects must come 
into play and limit the linear growth (Debnath & 
Choudhury, 1997; Drazin & Reid, 1981; Weissman, 
1979). Such nonlinear evolution studies reveal a 
variety of interesting dynamical behaviors from quasi- 
periodicity and chaos at one extreme (Choudhury 
& Brown, 2001) to self-organization and coherent 
structures at the other (Miura, 1999). A formulation 
of the problem in terms of noncanonical Hamiltonians 
for the fluid dynamical equations (Benjamin & Bridges, 
1997) enables one to follow instability evolution well 
into its late stages where the interface has become 
appreciably folded. 


S. Roy CHOUDHURY 


Seealso Clear air turbulence; Coherence phenom- 
ena; Dispersion relations; Shear flow; Wave stability 
and instability; Water waves 
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KEPLER PROBLEM 


See Celestial mechanics 


K-EPSILON METHOD 


See Turbulence 


KERMACK-MCKENDRICK SYSTEM 
See Epidemiology 


KERR EFFECT 


Discovered by John Kerr in 1875, the electro-optical 
effect opened new trends in the world of optics. This 
effect refers to the modifications that a light beam 
undergoes in amplitude, phase, or direction when it 
propagates in an optical material that responds to an 
external electric field. An example is the modulation 
of optical radiation in crystals in which two possible 
linearly polarized modes exist with unique directions 
of polarization and corresponding indices of refraction. 
For crystals with no inversion symmetry, (n”); j 
denotes the squared ray index along the directions 


493 


(i, j) =1, 2, 3, such as x= 1, y=2, z=3. The linear 
change in the coefficients (1/n); ; due to an applied 
low-frequency electric field E(E,, Ey, Ez) is then 
defined by : 


1 
k 


ij 
where the 6 x 3 matrix with elements r;jx is called 
the electro-optical tensor. Current applications of 
this property are electro-optic retardation, amplitude 
or phase modulation, and beam deflection (Yariv, 
1975). 

Optical nonlinearities result from an analogous 
effect arising when the low-frequency electric field 
applied is replaced by a second optical frequency. Let us 
consider the electric field of an optical beam along the j- 
direction with frequency @}: Ee (t= Re(APte it) 
while a second field at w2 is E7?(t) = Re(Ay?e71@"). 
If the medium is nonlinear, these fields generate 
polarizations at frequencies #3 =n@| + mw, where 
n and m are any integers. The susceptibility tensor 
dijk = — ee jFijk/2€0 then enters the polarization 
vector as P*? = yj v dij AGAR, where ¢; and ¢; 
are the dielectric constants along i and j at @, and €9 
is the vacuum permittivity. 

A single optical beam is able to induce nonlinear 
effects. The origin of the nonlinear response is then 
related to anharmonic motions of bound electrons under 
the influence of a primary optical field. As a result, 
the induced polarization P created from the electric 
dipoles is not linear in the electric field E, but it satisfies 
the more general relation 


P=PL.+ Px 
= ex) - E+ x: EE 


+x: EEE +--+}, (2) 


where x (n = 1, 2, ...) is the nth-order susceptibility 
tensor of rank n+1. The linear susceptibility x 
represents the dominant, linear contribution to P, 


+00 
PL= eo | xP0-1)-E@,t)d’, GB) 
—0o 

including the linear refractive index ng and related 
attenuation coefficient. x is the second-order 
susceptibility responsible, for example, for second- 
harmonic generation in crystals with a lack of inversion 
symmetry. For centro-symmetric media such as optical 
fibers, silica samples, and gases, this contribution is 
zero and the first nonlinearities are provided by the 
third-order susceptibility x through 


+00 
P= eof ff xPa-n,t-,t-) 
—0oO 


‘E(r, 1) E(r, 2) E(r, 3) dt) dtp dt3. (4) 
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This causes an intensity dependence in the total 
refractive index of the form 


n=no+n|El? (5) 


with nonlinear coefficient ny =3x8)../8n9 for a 
linearly polarized electric field involving a single 
x® component of four-rank tensor. This intensity 
dependence induced in the refractive index through x 
contributions is called the Kerr effect. 

The Kerr effect affects the evolution of the 
electric field E, which is governed by Maxwell’s 
equations. Straightforward combination of the latter, 
after eliminating the magnetic and electric flux density 
(D=6)E + P), provides the wave equation 


1 
Vx Vx E+ 507 E =—p00?P, (6) 
Cc 


where 0&0 = 1/c? and c is the speed of light in 
vacuum. For treating Equation (6) conveniently, certain 
assumptions can be made, among which are the 
following: 


e |PxL| is a small perturbation to the total induced 

polarization. 

Optical losses are weak, so that the imaginary part 

of the frequency-dependent dielectric constant ¢(@) 

is negligible, that is, e(@) =1+ %(@) ~ n?(@). 

e V-D~eV.-E=0, and thus V x V x E=V- 
(VE)-VWE~ -VW°E. 

e The polarization state is preserved, so that a scalar 
approach is valid. 

e The optical field is quasi-monochromatic; that 
is, its spectrum centered at wo =21nc/Ao for the 
wavelength Ag has a spectral width Aw =w— wo 
satisfying Aw/wo < 1. 


It is then useful to separate out the rapidly varying 
part of the electric field, like E(r, t,z)=#A(r, t, z) 
eof —ko2) for a wavefield propagating along the 
z axis with wave number kp = k(w@p) =nowo/c. As a 
result, the complex envelope A is described by the 
nonlinear Schrédinger (NLS) model (Brabec & Krausz, 
1997) 


idg A+ 





1 ly? Apap ee rAPzA)=0, (7) 
2ko Cc 

after passing over to the frame moving with the 
group-velocity, by means of the new variables & =z, 
t=t— Bz where B, = 0k/d@|,. Here, the assump- 
tions of paraxiality (|d¢A|<«ko|A|) and slow vari- 
ations in time (|d;A|<ao|A|) have been made. 
The transverse Laplacian Vi =a2 +02 accounts 
for wave diffraction in the x-y plane [r=(x, y)]. 
D= VFS, 4"k/de" |e) G9z)” is the dispersion 
operator, where only the leading-order contribution 
(m= 2) is considered below, which corresponds to 
group-velocity dispersion (GVD) with coefficient 
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Bo = 8°k/Iw? |). The operator T = 1 + (i/wo) dr orig- 
inates from the cross derivatives a, retained in the 
derivation of Equation (7), and it reduces to unity, when- 
ever Aw/wo < 1 holds. For nz > 0, the principal phys- 
ical processes caused by the Kerr effect can be listed as 
follows: 


e The Kerr effect creates spectral broadening 
through self-phase modulation (SPM). Solving for 
id; A= — @on2|A|2A/c indeed yields the exact 
solution A = Age!on2lAol’§/¢ with Ag = A(E =0), 
which describes a self-induced phase shift experi- 
enced by the optical field during its propagation. 

This intensity-dependent phase shift refers to SPM, 

which is responsible for the spectral broadening 

of short pulses by virtue of the relation Aw/wp = 

— d,arg(A)/wo. The pulse shape does not change in 

time, but the frequency spectrum is expanded by the 

nonlinearity. 

In optical fibers for which diffractive effects are 

negligible, pulses mainly undergo GVD and Equa- 

tion (7) reduces to the standard cubic NLS equation 
in the limit T > 1. With By <0 (so-called anoma- 
lous GVD), this equation describes the balance be- 
tween 1-d dispersion and nonlinearity, which gives 
rise to sech-shaped, “bright” temporal solitons. With 
£2 > 0 (normal GVD), “dark” solitons appear as lo- 
calized dips against a uniform background. Both 
types of solitons have been detected experimentally 

(Agrawal, 1989). Solitons in dispersion-managed 

optical fibers, prepared with alternating spans of nor- 

mal and anomalous GVD, have important applica- 
tions in high-rated data communication systems over 
distances of many kilometers. 

For ultrashort pulses developing sharp temporal gra- 

dients, the operator T in front of the Kerr term in 

(7) induces shock dynamics: the field intensity with- 

out GVD and diffraction is governed by the con- 

tinuity relation pg + 3n2pp,/c=0 with p= |Al?. 

For localized pulses with compact distribution F’, p 

has the exact implicit solution p = F(t — 3n2&p/c), 

which gives rise to a singular shock profile with 
|A;| > +00 in the trail (t > 0) of the pulse. This 
effect is usually called self-steepening (Anderson & 

Lisak, 1983). A comparable formation of a trailing 

shock edge, called space-time focusing, follows from 

the operator T~! acting on diffraction (Rothenberg, 

1992). 

e For beams with no temporal dispersion (T= 1, 
GVD = 0), Equation (7) describes the self-focusing 
of optical wave packets (Marburger, 1975). Self- 
focusing arises as a shrinking of the beam in the 
diffraction plane, which is achieved by a transverse 
collapse when no saturation of the Kerr nonlinear- 
ity takes place. This process develops when the in- 
put power Pin = f |A|? dr exceeds the critical value 
Pore 2} /2mnon2. The beam waist then decreases 
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KICKED ROTOR 


more and more, as the field amplitude | A| diverges. 
In media such as CS? liquids (Campillo et al., 1973), 
the optical field distribution is modulationally unsta- 
ble, and self-focusing often produces filamentation, 
along which the background beam is broken up into 
small-scale cells that self-focus in turn. Their growth 
is, however, generally arrested by higher-order non- 
linearities coming from Equation (2), which can form 
stable spatial solitons. 

e By mixing GVD and spatial diffraction when T ~ 1, 
the Kerr nonlinearity causes defocusing in time for 
£2 > 0 and temporal compression for 62 <0, in ad- 
dition to wave focusing in the transverse direction. 
The interplay of these processes results in the sym- 
metric splitting of the pulse along the time axis with 
normal GVD and to a 3-d spatiotemporal collapse 
with anomalous GVD (Bergé, 1998). 

e Finally, the Kerr response of optical media fa- 
vors cross-phase modulation (XPM). XPM refers 
to the nonlinear phase shift of an optical field 
induced by a copropagating beam at a differ- 
ent wavelength. Noting the total electric field as 
E=Re[Aje 7" + Aze—@2"]_ for two compo- 
nents with different frequencies w; and w2, the 
phase shift for the field at w; over a length L 
is given by @nL =n2koL(|Ai|* + 2|A2|?). The last 
term refers to XPM, from which spectral broaden- 
ing is larger than that for one wave alone. Cou- 
pling of several wave components belongs to the 
category of parametric processes, among which are 
the third-harmonic generation, four-wave mixing 
and parametric amplification (Shen, 1984; Agrawal, 
1989). 


Luc BERGE 


See also Development of singularities; Filamenta- 
tion; Harmonic generation; Nonlinear optics 
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KICKED ROTOR 


The properties of a classical and/or quantum kicked ro- 
tor can be understood by examining how nonlinearities 
influence the dynamics of conservative dynamical sys- 
tems. The story begins with the French mathematician 
Henri Poincaré and his famous study of planetary mo- 
tion (Poincaré, 1892). Unlike the integrable two-body 
problem, a third body added to the system experiences 
nonperiodic motion (See N-body problem). Indeed, 
the trajectory of a light mass moving under the influ- 
ence of the gravity of two heavy masses is very com- 
plex, and we know that such an orbit is fractal. This is 
one end of the spectrum of dynamical possibilities; on 
the other end are the integrable Hamiltonian equations 
of the Kolmogorov—Arnol’d—Moser (KAM) theory. 

Thus, in one limit we have the integrable Hamilto- 
nians that are the subject of the KAM theory, and in 
another we have non-integrable Hamiltonians, an ex- 
ample of which is the three-body problem of Poincaré. 
So how do we get from one side to the other using a 
perturbed Hamiltonian? In the unperturbed system, the 
various degrees of freedom are uncoupled, given by the 
action-angle variables, and the motion unfolds on KAM 
tori. Small perturbations leave the motion essentially 
unchanged, but even then nonlinear resonances are in- 
troduced in restricted regions of phase space. These 
nonlinear resonances change the dynamics of the sys- 
tem and deform the tori on all scales as the strength 
of the perturbation increases, leading to breakup of the 
KAM tori and chaos. 

The properties of such nonlinear resonances can 
be examined using maps, which in a Hamiltonian 
system is equivalent to using a strobe lamp to register 
the momentum and displacement at equally spaced 
time intervals. One map that approximates several 
physical systems is the Taylor—Chirikov or standard 
map (Chirikov, 1979). For the nth flash we have for 
this map the momentum p,, and displacement x, 


K . 
Pn+1 = Pn on sin(27Xxp) , Xn4+1 = Xn + Pn+i- (1) 


T 
Figure 1 shows a sequence of standard map plots for 
increasing values of the coupling strength K. Each of 
the continuous curves is the result of a mapping of a 
single initial condition. The orbits in the vicinity of 
p = 0.5 in Figure la are those of a simple pendulum, 
which is the “harmonic oscillator” of nonlinear dynam- 
ics. As the size of K is increased, Figure 1b shows that 
the nonlinear resonances generate more and more struc- 
ture in the phase space as well as deforming the already 
existing KAM tori. The tori break up into sprays of 
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points, beginning in the vicinity of the nonlinear reso- 
nances, whose exact locations are sensitively dependent 
on initial conditions. This is chaos, and as K is further 
increased, the chaos spreads throughout the phase space 
among the islands of stability, as in Figure 1c. There 
is no way to predict the motion of the trajectory in the 
chaotic sea. Further increases in the coupling parameter 
result in more tori disintegrating until the phase space 
appears to be completely dominated by chaos and all 
but the most stable of the KAM tori have disappeared, 
as in Figure 1d. 

The standard map is also called a kicked rotor 
because it describes the strobe plot of the phase space 
trajectories for a rotor kicked every T units of time 
with a strength that depends on the angular position of 
the rotor. The Hamiltonian for the classical kicked rotor 
(CKR) can be written as (Chirikov, 1979; Reichl, 1992) 


Pp k=00 
Haat Reet 2 é(t—nT), (2) 
=-—00 








a 





065 10 7 — 
00 0.2 04 06 08 10 0.0 O02 04 06 O8 10 
¥ x 
Figure 1. The phase space orbits for the kicked rotor are 
depicted for four values of the coupling strength: (a) K = 
0.1716354; (b) K =0.4716354; (c) K =1.1716354, and (d) K = 
3.9716354 (from Reichl, 1992). 
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KICKED ROTOR 


where J is the angular momentum of the rotor, 6 is 
its angular position, and J is the moment of inertia. 
Reichl (1992) reviews how to obtain the discrete map 
(2) by integrating the Hamiltonian equation of motion 
generated by (3) from one pulse to the next. 

Hamiltonian (3) provides a classical description of 
an electron subjected to a periodically pulsed electric 
field. The nonlinear mechanisms are present in the 
motion of charged particles in accelerators and storage 
rings, as well as in the motion of planets and man- 
made celestial bodies. In the classical case, the particle 
dynamics in the chaotic sea are interpreted as diffusion, 
under which the mean-square separation of trajectories 
increases linearly in time with a diffusion coefficient 
given by 2D K?. Thus, for the coupling strength 
(K) sufficiently large, the dynamical system behaves 
like simple Brownian motion. This has led a number 
of investigators to conjecture that chaos provides the 
dynamical foundation of thermodynamics, rather than 
the usual heat bath, with an infinite number of degrees 
of freedom (Ford & Waters, 1963; Chirikov, 1979). 
For example, the fluctuation-dissipation relation has 
been generated using nonlinear dynamical systems 
(Bianucci et al., 1995). 

The quantum kicked rotor (QKR) employs a quan- 
tized version of the Hamiltonian, where the angular mo- 
mentum J is replaced with the operator if 0/00. The 
mapping is carried out using the Floquet theory on the 
Schrédinger equation, because the Hamiltonian is peri- 
odic in time. There is a remarkable similarity between 
the QKR and the one-dimensional tight-binding model 
of Anderson localization in solid state physics. The dy- 
namical evolution of the QKR can be determined ana- 
lytically in terms of a Floquet map, where the Floquet 
momentum eigenstates are exponentially localized for 
irrational kicks and extended for rational kicks (Reichl, 
1992). It has been established that the quantum den- 
sity for the momentum states is a truncated Levy distri- 
bution in direct analogy with the classical probability 
density as shown in Figure 2 (Stefancich et al., 1998). 
The peaks on either side of the classical and quantum 








100 150 


Figure 2. On the left is depicted the classical probability density for the dimensionless momentum of the CKR after 20 iterations of 
the map (2) and the solid curve is the theoretical prediction of the truncated Lévy distribution. On the right is the quantum probability 


density after 20 iterations for the QKR (Stefancich et al., 1998). 
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distributions correspond to the outward propagation of 
the initial states at maximum velocity. Finally, the CKR 
and QKR have been used to describe the experimental 
“quasifractal” structures resulting from a periodically 
kicked spin system in the semiclassically large-spin 
regions (Nakamura, 1993). 

Bruce J. West 


Seealso 
theorem; Hamiltonian systems; Kolmogorov— 
Arnol’d—Moser theorem; Standard map 
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KINKS AND ANTIKINKS 


See Sine-Gordon equation 


KIRCHHOFF’S LAWS 
Introduction 


Kirchhoff’s laws are conservation rules for networks; 
given a particular network topology, they prescribe how 
its currents and voltages are related. This not only 
facilitates understanding of the behavior of a network, 
but also allows an analyst to write down the equations 
that govern its behavior. These laws were named after 
Gustav Robert Kirchhoff, who in 1845 published one 
of the first systematic treatises on the laws of circuit 
analysis. Kirchhoff’s current law (KCL) states that the 
sum of all currents into any node (or single point) of 
the network is zero; thus the charge flowing in and 
out is balanced, which makes intuitive sense. In the 
network of Figure 1, this means that J; and J4 are equal 
in magnitude (KCL at node A), and that the algebraic 
sum of [;, J2, and J3 is zero (KCL at node B). 
Kirchhoff’s voltage law (KVL) states that the sum of 
voltages around a closed loop is zero, which is expected 
because traversing a loop brings one back to the starting 


Chaotic dynamics; Fluctuation-dissipation 
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Figure 1. A simple electric network. 


point. In Figure 1, this means that V2 and V3 are equal 
(KVL around loop D), and that the algebraic sum of 
Vi, V2, and V4 is zero (KVL around loop C). Signs 
and directions can be confusing in both cases, and it 
is important to note these correctly. A positive current 
entering a node is the same as a negative current leaving 
a node. Also, moving from the negative to positive 
voltage (potential) terminal of an element entails a 
potential rise, while moving in the opposite direction 
entails a drop. Passive network elements create voltage 
drops; active ones such as voltage sources can create 
voltage rises. 

As with any such rules, there are some caveats. KCL 
actually specifies that current into a “cutset,” not just 
a node, is zero; a cutset is any part of the network 
that is enclosed by a closed curve, such as the dot- 
ted circle in Figure 1. Moreover, KCL does not hold 
if nodes (or cutsets) can store, consume, or produce 
charge. KVL, on the other hand, is only valid if the 
voltage (or potential) between two points is indepen- 
dent of the path one takes between the points. If energy 
is lost or created as it moves around a loop, KVL does 
not hold. 


Applications to Electronic Circuits 


Kirchhoff’s laws find their most common use in 
electronics. In Figure 2, for example, KVL around 
the left- and right-hand loops, respectively, yields 

V+Vi+ V2=0 and —V2 + V3=0, and KCL writ- 
ten at the point where the three resistors join yields 
I, — In — 1;=0. These relationships are fairly obvious 
in such a simple network, assuming one gets the di- 
rections and the associated signs right. KVL and KCL 
become important when the network topology is com- 
plex or when one wants to automate the process in a 
computer algorithm. 

If the constitutive relations (voltage-current charac- 
teristics) of the elements in a network are known, one 
can rewrite either set of equations in terms of the other 
state variables. Resistors, for example, obey Ohm’s law 
(V = IR), so the first KVL equation can be rewritten 
in terms of the currents: V = 1; Ry + 12 Ro. 

The governing equations for a simple resistor circuit 
as in Figure 2 are linear and algebraic. When the 
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Figure 2. A resistor network. 

















Figure 3. A simple oscillator circuit. 


circuit includes inductors and capacitors, the equations 
become integro-differential, but Kirchhoff’s laws work 
just as well, and they also handle nonlinear components 
easily. The circuit of Figure 3, for instance, is an 
example of the van der Pol oscillator. In this case, KCL 
simply states that the currents through all three elements 
are identical. KVL implies that Vj + Ve — V; =0. The 
constitutive relations for the capacitor and inductor are 
I, =C dV, /dt and V, = L di; /dt, and the resistor in this 





circuit is nonlinear: V, = — al, + bI?. Thus, KVL can 
be rewritten as 
di 1 
eer = | nat tal, — bI> =0. 
Other Applications 


These ideas generalize beyond electronic circuit 
analysis. Many other systems, ranging from vehicle 
suspensions to social groups, can be described by 
networks. Moreover, KVL and KCL are actually 
instances of a more general set of laws. In the late 
1950s and early 1960s, inspired by the realization 
that the principles underlying KCL and Newton’s third 
law were identical (summation of {forces, currents} at 
a point is zero, respectively; both are manifestations 
of the conservation of energy), researchers began 
combining multi-port methods from a number of 
engineering fields into a generalized engineering 
domain with prototypical components (Paynter, 1961). 
The basis of this generalized physical networks (GPN) 
paradigm is that the behavior of an ideal two-terminal 
element—the “‘component’”—can be described by a 
mathematical relationship between two dependent 
variables: generalized flow and generalized effort, 
where flow x effort = power. This pair of variables 
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Figure 4. (a) An electrical circuit that is mathematically 
equivalent to (b) a mechanical circuit. 


is different in each domain: (flow, effort) is (current, 
voltage) in an electrical domain and (force, velocity) in 
a mechanical domain. 

The GPN representation brings out similarities be- 
tween components and properties in different domains. 
Electrical resistors (v =i R) and mechanical dampers or 
“dashpots” (v= f B) are analogous, as both dissipate 
energy. Both of the networks in Figure 4, for example, 
can be modeled by a series inertia-resistor-capacitor 
GPN. Thus network (a) is an electronic RLC circuit 
(like the van der Pol example of Figure 3), and net- 
work (b) is a mechanical mass-spring-damper system 
that has identical behavior. Similar analogies exist for 
generalized inertia, capacitance, flow, and effort source 
components for mechanical rotational, hydraulic, and 
thermal domains (Karnopp et al., 1990, Sanford, 1965). 
These correspondences and generalizations allow ap- 
plications of KVL and KCL to mechanical structures 
(buildings, vehicle suspensions, aircraft, etc.), which 
can be modeled as interconnected networks of masses, 
springs, and dashpots. This approximation gives an- 
alytic insight into the vibrational modes of buildings 
(important for earthquake protection) and of aircraft 
(to keep engine frequencies from damaging wings). 

ELIZABETH BRADLEY 
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KLEIN-GORDON EQUATION 


See Sine-Gordon equation 


KNOT THEORY 


A simple closed curve in three-dimensional space is a 
knot; more precisely, if M denotes a closed orientable 
three-manifold, then a smooth embedding of S !in Mis 
called a knot in M. A link in M is a finite collection of 
disjoint knots, where each knot is a component of the 
link. Knot theory deals with the study and application 


KNOT THEORY 


of mathematical properties of knots and links in 
pure and applied sciences. As purely mathematical 
objects, knots are studied for the purpose of classifying 
three-dimensional surfaces according to the degree 
of topological complexity, regardless of their specific 
embedding and geometric properties (Figure 1). In 
this sense, knot theory is part of topology. In recent 
years, however, knot theory has embraced applications 
in dynamical systems, stimulated by the challenging 
difficulties associated with the study of physical knots 
(Kauffman, 1995). In this context knots and links 
are representatives of virtual and numerical objects 
(given by dynamical flows, phase space trajectories, and 
visiometric patterns), and are used to model tube-like 
physical systems, such as vortex filaments, magnetic 
loops, electric circuits, elastic cords, or even high- 
energy strings. For physical knots, topological issues 
and geometric and dynamical aspects are intimately 
related, influencing each other in a complex fashion. 
Virtual or numerical knots are studied in relation to the 
generating algorithms and the probability of forming 
knots, whereas the study of physical knots addresses 
questions relating topology and physics, as in the case 
of the topological quantum field theory (Atiyah, 1990) 
and topological fluid mechanics (Arnol’d & Khesin, 
1998; Ricca, 2001). 


Mathematical Aspects 


Let us introduce some basic mathematical concepts 
(see, for example, Adams, 1994). A knot is said 
to be oriented in M, if it is a smooth embedding 
of an oriented curve. Two knots K and K’ are 
said to be equivalent if there exists a smooth 
orientation-preserving automorphism f : M— M such 
that f(K)=K’; in particular, if the knot K is 
continuously deformed by f (preserving the curve 
orientation) to the knot K’, then the two knots K and 
K’ are said to be equivalent by ambient isotopy, and the 
isotopy class of K is represented by its knot type. Since 
knot theory deals essentially with the properties of 
knots and links up to isotopy, the knot parametrization, 
as well as any other geometric information, is irrelevant. 
Aknot diagram of K is a plane projection with crossings 
marked as under or over; among the infinitely many 
diagrams representing the same knot K, the minimal 
diagram is the diagram with a minimum number of 
crossings. According to the type of crossing, it is 
customary to assign to each crossing in the knot diagram 
the value ¢e=+1 or e=— 1, as shown in Figure 2: 
by switching one crossing in the knot diagram from 
positive to negative (or the other way round), we obtain 
a different knot type, which is identical except for this 
crossing. By switching all the crossings we obtain the 
mirror image of the original knot. If the knot is isotopic 
to its mirror image, then its knot type is said to be 
achiral, otherwise it is chiral. 
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Figure 1. Three examples of knot and link types: (a) the 
six-crossing knot 63; (b) the two-component six-crossing link 
63; (c) the three-component seven-crossing link 7}. 


[\ \ 


kK An K, 
Figure 2. Standard crossing notation and algebraic sign 
convention for oriented strands: e(K_)=—1; e&(Ko)=0; 
e(Ki)=+1. 


A knot invariant is a quantity whose value does not 
change when it is calculated for different isotopic knots. 
There are many types of invariants of knots and links, 
but the most common are of numerical or algebraic 
nature. One of the most important is the genus g(K) 
of the knot K: recall that closed orientable surfaces are 
classified by genus, given by the number of handles 
in a handle-body decomposition. The genus g(K) is 
defined as the minimum genus over all orientable 
surfaces S, which span an oriented knot K, where 
dS = K. One of the simplest combinatorial invariants 
of a knot is the minimum number of crossings of a 
knot K in any projection, called the crossing number 
c(K). A fundamental invariant of links is the linking 
number Lk(K1, Kz), that measures the topological 
linking between the knots K; and K»; this invariant, 
discovered by Carl Friedrich Gauss in 1833, can be 
easily calculated by the crossing sign convention of 
Figure 2: 


1 
Lk(Ki,K2)=5 D7 &, (1) 
reK\nk2 
where €, = +1 and K; N K2 denotes the total number 





of crossings (not necessarily minimal) between K, 
and K2. Following the pioneering work of James W. 
Alexander, who used a Laurent polynomial Ax (q) in 
q to compute a polynomial invariant for the knot K by 
using its projection on a plane, many other polynomial 
invariants have been introduced; most notably the Jones 
polynomial Vx (t) in t!/, defined by the following set 
of axioms: 


(i) Let K and K’ be two oriented knots (or links), 
which are ambient isotopic. Then 


Vk (t) = Vei(t). (2) 


500 


(i) If U is the unknotted loop (that is the unknot), then 
W(t) = 1. (3) 


(iii) If K,, K_, and Ko are three knots (links) 
with diagrams that differ only as shown in the 
neighborhood of a single crossing site for K. and 
K_ (see Figure 2), then the polynomial satisfies 
the following skein relation 

t"VK,.() — tVE_ 0) =? — 1) VK). (A) 

An important property of the Jones polynomial (which 

is not shared by previous polynomials) is that it can 

distinguish between a knot and its mirror image. Later 
work has led to other polynomial invariants, namely, the 

HOMELY and Kauffman polynomials, and to a more 

abstract approach to algebraic invariants (Vassiliev 

invariants and Lie algebras). There are also invariants 
of different nature: among these, we mention the 
fundamental group 71 (S°/K) of the knot complement 
and its hyperbolic volume v(K). The classification 
of knots and links has led to the important study of 
braids: these are given by a set of n interlaced strings, 
with ends defined on two parallel planes, placed at 
some distance h apart. According to specific topological 
characteristics, we may consider special types of knot 
sub-families, such as torus knots, alternating knots, 
two-bridge knots, tangles, and many others (see Hoste 
et al., 1998). 


Virtual Knots 


Virtual knots arise from dynamical flows, generated 
by the vector field of a specific ordinary differential 
equation (Ghrist, 1997), in connection with phase- 
space dynamics and statistical mechanical models 
(Millett & Sumners, 1994) or, as recently done, 
from application of ideas from the quantum field 
theory with an appropriate Lagrangian. This latter 
approach, originated in work by E. Witten in 1989, 
has led to the creation of a new area, called the 
topological quantum field theory, that has proven to 
be extremely fruitful in providing new results on 
invariants of low-dimensional manifolds. Soliton knots 
are given by solutions to soliton equations for one- 
dimensional systems: in this context there are intriguing 
questions relating topological invariants, integrability, 
and conservation laws. Virtual knots and links are 
generated in visiometrics by numerical simulations: in 
this case, smooth knots are replaced by polygonal knots, 
where the number of segments (or sticks) is the result of 
numerical discretization. Stimulating questions address 
the minimum number of sticks of given length for 
each knot type and the generation of knots and links 
by minimal random walks. Other questions regard 
charged knots: these are knots and links charged by 
potentials that generate self-attraction or repulsion 
on the knot strands (see Figure 3). Under volume- 
preserving diffeomorphisms, the knot is led to relax by 
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Figure 3. Examples where a topological barrier prevents further 
relaxation under a volume-preserving diffeomorphism: (a) an 
electrically charged trefoil knot is maximally extended by the 
Coulomb repulsion forces to its minimum energy state; (b) a 
magnetic link attains ground state energy by the action of the 
Lorentz force on the magnetic volume. 


minimizing the knot energy (defined by an appropriate 
functional), by shrinking or extending the length as far 
as possible, depending on the potential, to attain an 
ideal shape (Stasiak et al., 1998). Questions relating to 
topology and geometry of ideal shapes, and uniqueness 
of minimum energy states, pose challenging problems 
at the crossroads of topology, differential geometry, 
functional analysis, and numerical simulation. 


Physical Knots 


By physical knots we mean tube models, centered 
around the knot K, with length L(K), tubular 
neighborhood of radius r(K), and volume V(K). The 
tube is filled by vector field lines, whose distribution 
gives physical properties in terms, for example, of 
elasticity, vorticity, or magnetic field. A wide variety 
of filamentary systems present in nature at very 
different scales can be modeled by physical knots: from 
DNA molecules, polymer chains, vortex filaments, to 
elastic cords, strings, and magnetic flux tubes. In fluid 
systems, the action at a microscopic level of physical 
processes, such as viscosity and resistivity, may imply 
changes in knot topology by local recombination 
of the knot strands (known as knot surgery) and 
consequential rearrangement of energy distribution. In 
elastic systems, the material breaking point and internal 
critical twist are strongly influenced by knot strength 
and rope length, the latter given by the ratio L/r. All 
these systems are free to relax their internal energy 
to states of equilibrium: lower bounds on equilibrium 
energy for given measures of topological complexity 
(based, for example, on crossing number information) 
can be expressed by relationships of the kind 





Emin = h(c, ®, V,n), (5) 


where Emin is the equilibrium energy and h(-) gives 
the relationship between physical quantities—such as 
flux ®, number of components n, knot volume V— 
and topology, given here by the crossing number c. 


KOLMOGOROV CASCADE 


Understanding the interplay between topology and 

energy localization and redistribution can be very 

important in many fields of science and applications. 
Renzo L. Ricca 


Seealso Differential geometry; Dynamical systems; 
Structural complexity; Topology 
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KOCH CURVE 


See Fractals 


KOLMOGOROV CASCADE 


The velocity fluctuations of a high Reynolds number 
flow in a three-dimensional velocity field are typically 
dispersed over all possible wavelengths of the system, 
from the smallest scales, where viscosity dominates the 
advection and dissipates the energy of fluid motion, to 
the effective size of the system. This is not so bizarre: 
our everyday experience tells us it is so. On the corner 
of a city street, one might watch the fluttering and 
whirling of a discarded tram ticket as it is swept by an 
updraught, driven by localized thermal gradients from 
traffic or air-conditioning units; later, on the television 
news, one might see reports or predictions of storms on 
the city or district scale, and a weather map with isobars 
spanning whole continents. If you are a sailor you will 
know how to sail, or not, the multi-scaled surface of 
a turbulent ocean (Figure 1). The mechanism for this 
dispersal is vortex stretching and tilting: a conservative 
process whereby interactions between vorticity and 
velocity gradients create smaller and smaller eddies 
with amplified vorticity, until viscosity takes over 
(Tennekes & Lumley, 1972; Chorin, 1994). 

An alternative, crude but picturesque, description of 
multi-scale turbulence was offered by the early 20th 
century meteorologist Lewis Fry Richardson (1922) 
in an evocative piece of doggerel: “big whirls have 
little whirls that feed on their velocity, and little whirls 
have lesser whirls and so on to viscosity.” Richardson’s 
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Figure 1. Turbulent action on many different scales in a high 
Reynolds number flow: woodcut print by Katsushika Hokusai 
(1760-1849). 


often-quoted rhyme is apparently a parody of Irish 
satirist Jonathan Swift’s verse: “So, naturalists observe, 
a flea—Has smaller fleas that on him prey—And 
these have smaller still to bite-—And so proceed ad 
infinitum.” 

The statistics of the velocity fluctuation distribu- 
tion in turbulent flows were quantified rather more 
elegantly and rigorously by the mathematician An- 
drei N. Kolmogorov (1941b), who derived the subse- 
quently famous “—5/3 law” for the energy spectrum 
of the intermediate scales, or inertial scale subrange, 
of high Reynolds number flows which are ideally ho- 
mogeneous (or statistically invariant under translation) 
and isotropic (or statistically invariant under rotation 
and reflection) in three velocity dimensions. Two thor- 
ough, but different in style and emphasis, accounts of 
Kolmogorov’s turbulence work are Monin & Yaglom 
(1971) and Frisch (1995). 

Kolmogorov’s idea was that the velocity fluctuations 
in the inertial subrange are independent of initial and 
boundary conditions (i.e., they have no memory of the 
effects of anisotropic excitation at smaller wave num- 
bers). The turbulent motions in this subrange, therefore, 
show universal statistics, and the flow is self-similar. 
From this premise Kolmogorov proposed the first hy- 
pothesis of similarity as: “For the locally isotropic tur- 
bulence the [velocity fluctuation] distributions F,, are 
uniquely determined by the quantities v, the kinematic 
viscosity, and ¢, the rate of average dispersion of energy 
per unit mass [energy flux].” His second hypothesis of 
similarity is: “For pulsations [velocity fluctuations] of 
intermediate orders where the length scale is large com- 
pared with the scale of the finest pulsations, whose en- 
ergy is directly dispersed into heat due to viscosity, the 
distribution laws F,, are uniquely determined by F and 
do not depend on v.” 

Kolmogorov derived the form of the distribution or 
energy spectrum, which we denote as €(k), where k 
is the wave number given by k7 = Ke + ke + RK, over 
the inertial subrange simply by dimensional analysis. 
By the first and second hypotheses, the spectrum must 
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be a function of the energy flux and wave number and 
independent of the viscosity or any other parameters: 


E(k) = f (e,k). 


By reference to the table below (after Vallis, 1999) we 
find 


E(k) ~ 67/3 g(k) (since k is time-independent) 
= CPB, (1) 


where C is a dimensionless constant which Kol- 
mogorov (and subsequently many others, see Sreeni- 
vasan, 1995) deduced from experimental data to be of 
order 1. 





Quantity Dimension 
Wave number I/length 
Energy per unit mass length?/time? 


length? /time? 
energy/time ~ length?/time* 


Energy spectrum €(k) 
Energy flux € 





The physical picture associated with Equation (1) 
is that the kinetic energy of large-scale motions 
(whirls or eddies) is successively subdivided and 
redistributed among stepwise increasing wave number 
components (or smaller and smaller whirls and eddies), 
until the action of viscosity becomes competitive. 
Although this process has come to be known as the 
“Kolmogorov cascade,” the cascade metaphor was not 
used by Kolmogorov. Its first use in this context is 
apparently due to Onsager (1945), who also highlights 
another assumption underlying the —5/3law: that 
the modulation of a given Fourier component of the 
velocity field is mostly due to those others that belong 
to wave numbers of comparable magnitude. 

So Kolmogorov’s energy distribution says that ¢ is 
the only relevant parameter for turbulence in the inertial 
scale range. Can this really be true? Does the notori- 
ous “problem of turbulence” really boil down to such 
a simple relation for intermediate wavenumbers? (The 
fabled Problem of Turbulence was well summed up by 
Horace Lamb in 1932: “When I die and go to Heaven 
there are two matters on which I hope enlightenment. 
One is quantum electro-dynamics and the other is turbu- 
lence of fluids. About the former, I am really rather op- 
timistic.”) Understandably, for a turbulence result that 
seems so simple and universal, so flimsily derived yet 
so powerful, much effort has gone into verifying the 
wave number spectrum, Equation (1). It is difficult to 
create extremely high Reynolds number flows in the 
laboratory, but they exist naturally in the ocean. The first 
and still the most exciting verification of Equation (1) 
was carried out by Grant et al. (1962), who made a 
remarkable series of measurements of turbulent veloc- 
ities from a ship in the Seymour Narrows, part of the 
Discovery Passage on the west coast of Canada, where 
the Reynolds number is ~ 108 (see Figure 2). A spectral 
exponent close to —5/3 has since been measured many 
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slope = -5/3 








Figure 2. Data re-plotted from Grant et al. (1962), show- 
ing a Kolmogorov cascade over nearly three decades. 
o(k) is the measured one-dimensional spectrum func- 
tion, related to the three-dimensional spectrum function as 
E(k) =k2 02.6 (k)/dk2 — kd@(k)/dk. 


times in materially different flows with high Reynolds 
number (e.g., Zocchi et al. (1994) in helium). 

All this would seem to wrap up the problem of 
turbulence in the inertial scale range. Or does it? 
There must surely be a catch somewhere! As usual, 
the devil is in the details. Kolmogorov himself made a 
“refinement,” as he delicately put it, of his hypotheses 
(Kolmogorov, 1962). It relates to the problem of small- 
scale intermittency, or the uneven distribution in space 
of the small scales. Clearly, intermittency is inherited 
from initial and boundary conditions, and the side- 
effects on e¢, the assumed-constant rate of energy 
transfer, are not insignificant. 

In fact, there is now quite a log of complaints about 
the —5/3 law, despite its all-pervasive influence on 
turbulence theoretical and experimental research: 


e The hypothesis of local isotropy refers to infinite 
Reynolds number so is not applicable to a real fluid. 

e No-one has ever extracted the —5/3law from the 
Navier-Stokes equation or vice versa. 

e Is it not a circular argument that to define an inertial 
subrange one has to assume a cascade process, and to 
postulate a cascade one has to assume that an inertial 
subrange exists? 

e What about stochastic backscatter? 

e Direct interaction between large and small scales can 
short-circuit the cascade. 

e Katul et al. (2003) found that the effects of boundary 
conditions were evident in the inertial subrange of 
an atmospheric surface layer. 

e The —5/3law is demonstrably invalid in two 
dimensions. And so on. 


What is the verdict on the Kolmogorov cascade? 
Chorin (1994, pp. 55-57) has a bet each way; in the 
light of experimental verifications of the —5/3 law, 
he considers that it may be correct despite flaws in 
the arguments supporting it. The scenario proposed as 
being entirely consistent with Kolmogorov’s theory is 
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that energy can and does slosh back and forth across the 
spectrum, once the inertial range has been set up, with 
the energy dissipation ¢ being the (presumably average) 
difference between energy flows in both wave number 
directions. 


The Kolmogorov cascade is starting to sound less 
and less like a waterfall, which is one-way, and more 
and more like an energy exchange network. 


RowENA BALL 


See also Chaos vs. turbulence; Dimensional analy- 
sis; Navier-Stokes equation; Turbulence 
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KOLMOGOROV-ARNOL’D-MOSER 
THEOREM 

In 1954, the Russian mathematician Andrei N. 
Kolmogorov, already famous for his contribution 
to measure theory and probability theory, delivered 
to the International Conference of Mathematics in 
Amsterdam, a lecture based on a paper entitled “On the 
General Theory of Dynamical Systems and Classical 
Mechanics.” In this lecture he addressed the question 
of how much structure remains when a “regular” 
(or integrable) Hamiltonian system is replaced by 
one that differs from the original by only a small 
perturbation. Kolmogorov’s original paper was not 
completely detailed, and clarifying work was done 
independently in the early 1960s by Jiirgen Moser 
and Vladimir Arnol’d (the latter had been a student of 
Kolmogorov). Since then, a large body of work on this 
subject within the mathematical theory of Hamiltonian 
dynamics has been assembled. 

Thus, the so-called Kolmogorov—Arnol’d—Moser 
(KAM) theorem is not a single theorem but rather a 
body of work with a common theme, which can be 
roughly described as the persistence of quasi-periodic 
motions in perturbed systems. These results were a 
breakthrough in the understanding of the ergodic prop- 
erties of dynamical systems. The original theorems 
dealt with Hamiltonian systems and their discrete ana- 
logues, while more recent results have been extended 
to volume-preserving systems, reversible systems, and 
dissipative systems. 

The central ideas in Kolmogorov’s original paper can 
be formulated as follows. Under some general assump- 
tions, the phase space M2” of an integrable Hamiltonian 
system is foliated by invariant tori: T”. This system will 
be referred to as the unperturbed system. In the neigh- 
borhood of each torus are defined action-angle vari- 
ables (J, #(mod 27)), such that the Hamiltonian Ho is 
the function of only action variables /. 

The motion on each torus is conditionally periodic 
with frequency vector w(1)=0Ho/d1. A torus is 
said to be nonresonant if all the n frequencies 
are rationally independent (incommensurable). The 
unperturbed system is called nonresonant if the 
frequencies are functionally independent: 


F do F 82H ‘ 
(7) = det ( ar ) #0. 
Inanondegenerate system, the nonresonant tori form 
a dense set of full measure. The resonant tori form a set 
of measure zero, which, however, is also dense. 
The system with the Hamiltonian 


HUI, , €) = Ho) + eM, ¢, €) 


is called the perturbed system, where the function ¢ Hy 
is the perturbation. Note that usually the perturbed 
system is no longer integrable. Kolmogorov’s theorem 
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describes the fate of the nonresonant tori under 
perturbation. 

Theorem (A.N. Kolmogorov). If the unperturbed 
system is nondegenerate, then for a sufficiently small 
€ most nonresonant invariant tori do not vanish but 
are only slightly deformed, so that in the phase 
space of the perturbed system there are invariant tori 
densely filled with conditionally periodic phase curves 
winding around them, with the number of independent 
frequencies equal to the number of degrees of freedom. 
These invariant tori form a majority in the sense that 
the measure of the complement to their union is small 
when the perturbation is small. 

The persistence of quasi-periodic motion is consistent 
with numerical experiments, well-known examples 
being the standard map (also called the Chirikov map) 
and the Hénon-Heiles system. 


Discussion 


KAM theory has several important implications, 
in particular for the stability theory. Suppose that 
phase space is four-dimensional. A perturbed system 
always has one first integral, the Hamiltonian function 
H(U,¢,¢) itself. The energy levels H=h are 
three-dimensional, while the invariant tori are two- 
dimensional. Thus, a trajectory that starts in a region 
between two invariant tori of the perturbed system is 
forever trapped in the region between the tori. This 
means that the values of the action variables remain 
forever near their initial values, which in turn implies 
stability. 

If, however, the number n of degrees of freedom 
is greater than two, the n-dimensional tori do not 
separate the (2n—1)-dimensional energy level manifold 
into disjoint regions, and the invariant tori do not 
prevent a phase curve from wandering far away. There 
are examples of such drift, when the action variables 
change from their original value by a quantity of 
order 1, an effect known as “Arnol’d diffusion” (See 
Arnol’d diffusion). Although in the latter case the 
system is unstable, KAM theory does guarantee “metric 
stability,” that is, stability for most initial conditions. 


Examples 


1. Assume the masses of the planets are sufficiently 
small compared with the mass of the Sun in the grav- 
itational n-body problem. Then a large portion of 
the region of phase space corresponding to unper- 
turbed motion of all planets (on identically oriented 
Keplerian ellipses having small eccentricities and in- 
clinations) is filled up by conditionally periodic mo- 
tions. KAM theory provides important estimates for 
the long-time evolution of such a system. Note that 
Henri Poincaré’s groundbreaking work Les méth- 
odes nouvelles de la mécanique céleste (1892) was 
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motivated by questions of the stability of the solar 
system. 


2. Consider the motion of a heavy rigid body fixed at a 


point. If the kinetic energy of the body is sufficiently 
large in comparison with its potential energy at the 
initial moment of time, then the length of the angular 
momentum vector and its inclination to the horizon 
remain forever near their initial values, provided 
that the initial values of the energy and the angular 
momentum differ sufficiently from values for which 
the body can rotate around its medium principal axis. 


3. For plasma confinement in toroidal chambers, the 


plasma particles tend to follow magnetic field lines. 
The equations for these magnetic field lines can be 
put into Hamiltonian form. When the system is az- 
imutally symmetric, the Hamiltonian is integrable, 
deviation from azimutal symmetry creates a pertur- 
bation, and KAM theory is applicable. 


M.V. DeRYABIN AND P.G. HyortH 


See also Hénon-Heiles system; Standard map 
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KORTEWEG-DE VRIES EQUATION 
Historical Introduction 


The Korteweg-de Vries (KdV) equation, given here in 
canonical form, 


Uz + Ouuly + Uxxx = 0, (1) 


is widely recognized as a paradigm for the description 
of weakly nonlinear long waves in many branches of 
physics and engineering. Here, u(x, t) is an appropriate 
field variable, f is the time, and x is the space coordinate 
in the relevant direction. It describes how waves 
evolve under the competing but comparable effects of 
weak nonlinearity and weak dispersion. Indeed, if it 
is supposed that x-derivatives scale as ¢ where € is 
the small parameter characterizing long waves (i.e., 
typically the ratio of a relevant background length scale 
to a wavelength scale), then the amplitude scales as ¢* 
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and the time evolution takes place ona scale of ¢~>. The 
KdV equation is characterized by its family of solitary 
wave solutions, 


u=a sech?(y (x —Vrt)), 
where V =2a=4y?. (2) 


This solution describes a family of steady isolated wave 
pulses of positive polarity, characterized by the wave 
number y; note that the speed V is proportional to the 
wave amplitude a and also to the square of the wave 
number y?. 

The KdV equation (1) owes its name to the famous 
paper of Diederik Korteweg and Hendrik de Vries, 
published in 1895, in which they showed that small- 
amplitude long waves on the free surface of water could 
be described by the equation 





ethene oe : ch? 0 3) 
+ chy 4 anes t 6 xxx = 0. ¢ 


Here, ¢(x,t) is the elevation of the free surface 
relative to the undisturbed depth h, c= (gh)!/ 2 is the 
linear long wave phase speed, and 6 = 1 — 3B, where 
B=o/gh? is the Bond number measuring the effects 
of surface tension (po is the coefficient of surface 
tension and p is the water density). Transformation to a 
reference frame moving with the speed c (i.e., (x, ft) 
is replaced by (x —ctf,t), and subsequent rescaling 
readily establishes the equivalence of (1) and (3). 
Although Equation (1) now bears the name KdV, it 
was apparently first obtained by Joseph Boussinesq 
(1877) (see Miles (1980) and Pego and Weinstein 
(1997) for historical discussions on the KdV equation). 
Korteweg and de Vries found the solitary wave 
solutions (2), and importantly, they showed that they 
are the limiting members of a two-parameter family of 
periodic traveling-wave solutions, described by elliptic 
functions and commonly called cnoidal waves, 


u=b tac (y(x —Vt)|m), 
V =6b+4(2m — ly”, a=2my”. (4) 





where 


Here, cn(x|m) is the Jacobi elliptic function of modulus 
m (0<m<1). As m— 1, cn(x|m) > sech(x), and 
then the cnoidal wave (4) becomes the solitary wave 
(2), now riding on a background level b. On the other 
hand, as m > 0, cn(x|m) — cos 2x, and so the cnoidal 
wave (4) collapses to a linear sinusoidal wave (note that 
in this limit, a > 0). 

This solitary wave solution found by Korteweg and 
de Vries had earlier been obtained directly from the 
governing equations (in the absence of surface tension) 
independently by Boussinesq (1871, 1877) and Lord 
Rayleigh (1876), who were motivated to explain the 
now very well-known observations and experiments 
of John Scott Russell (1844). Curiously, it was not 
until quite recently that it was recognized that the KdV 
equation is not strictly valid if surface tension is taken 
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into account and 0 < B < 3 as then there is a resonance 
between the solitary wave and very short capillary 
waves. 

After the ground-breaking work of Korteweg and 
de Vries, interest in solitary water waves and the 
KdV equation declined until the dramatic discovery 
of the soliton by Zabusky and Kruskal in 1965. 
Through numerical integrations of the KdV equation, 
they demonstrated that the solitary wave (2) could 
be generated from quite general initial conditions, 
and could survive intact collisions with other solitary 
waves, leading them to coin the term soliton. Their 
remarkable discovery, followed almost immediately by 
the theoretical work of Gardner et al. (1967) showing 
that the KdV equation was integrable through an 
inverse scattering transform, led to many other startling 
discoveries and marked the birth of soliton theory as 
we know it today (See Solitons, a brief history). 
The implication is that the solitary wave is the key 
component needed to describe the behavior of long, 
weakly nonlinear waves. 

An alternative to the KdV equation is the Benjamin— 
Bona—Mahony (BBM) equation in which the linear 
dispersive term cfxxx in (3) is replaced by —¢,x+. It has 
the same asymptotic validity as the KdV equation, and 
since it has rather better high wave number properties, 
it is somewhat easier to solve numerically. However, 
it is not integrable and, consequently, has not attracted 
the same interest as the KdV equation. 

Both the KdV and BBM equations are uni- 
directional. A two-dimensional version of the KdV 
equation is the KP equation (Kadomtsev & Petviashvili, 
1970), 








(u; + 6uuy + Uxxx)x EUyy = 0. (5) 


This equation includes the effects of weak diffraction in 
the y-direction, in that y-derivatives scale as e2 whereas 
x-derivatives scale as ¢. Like the KdV equation it is 
an integrable equation. When the ‘‘+’-sign holds in 
(5), this is the KP2 equation, and it can be shown 
that then the solitary wave (2) is stable to transverse 
disturbances. On the other hand, if the “—’’-sign holds, 
this is the KP1 equation for which the solitary wave 
is unstable; instead this equation supports “lump” 
solitons. Both KP1 and KP2 are integrable equations. 
To take account of stronger transverse effects and/or to 
allow for bi-directional propagation in the x-direction, 
it is customary to replace the KdV equation with a 
Boussinesq system of equations; these combine the 
long wave approximation to the dispersion relation with 
the leading-order nonlinear terms and occur in several 
asymptotically equivalent forms. 

Although the KdV equation (1) is historically 
associated with water waves, it in fact occurs in 
many other physical contexts, where it arises as an 
asymptotic multiscale reduction from the relevant 
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governing equations. Typically, the outcome is 
A; +cAy + WAA, +AAxxx = 0. (6) 


Here, c is the relevant linear long wave speed for 
the mode whose amplitude is A(x, t), while jz and A, 
the coefficients of the quadratic nonlinear and linear 
dispersive terms, respectively, are determined from 
the properties of this same linear long wave mode 
and, like c, depend on the particular physical system 
being considered. Note that the linearization of (6) has 
the linear dispersion relation w = ck — Ak? for linear 
sinusoidal waves of frequency w and wave number 
k; this expression is just the truncation of the full 
dispersion relation for the wave mode being considered, 
and immediately identifies the origin of the coefficient 
A. Similarly, the coefficient jz can be identified with the 
an amplitude-dependent correction to the linear wave 
speed. Transformation to a reference frame moving 
with a speed c and subsequent rescaling shows that (6) 
can be transformed to the canonical form (1). Equations 
of the form (6) arise in the study of internal solitary 
waves in the atmosphere and ocean, mid-latitude and 
equatorial planetary waves, plasma waves, ion-acoustic 
waves, lattice waves, waves in elastic rods, and in many 
other physical contexts (see, for instance, Ablowitz & 
Segur, 1981; Dodd et al., 1982; Drazin & Johnson, 
1989; Grimshaw, 2001). 

In some physical situations, it is necessary to 
complement the KdV equation (6) with a higher- 
order cubic nonlinear term of the form vA*A,. After 
transformation and rescaling, the amended equation (6) 
can be transformed to the so-called Gardner equation 


u; + 6uux 4 65u-uy + Uxxx = 0. (7) 


Like the KdV equation, the Gardner equation is 
integrable by the inverse scattering transform. Here 
the coefficient 5 can be either positive or negative, 
and the structure of the solutions depends crucially 
on which sign is appropriate. Again, in some 
physical situations, solitary waves propagate through a 
variable environment which means that the coefficients 
c, 4, and d in (6) are functions of x, while an additional 
term c(o,/20)A needs to be included, where o(x) 
is a magnification factor. After transforming to new 
variables, 6 =(f“ dx/c)—t,x with U =o!/2y, the 
variable-coefficient KdV equation is obtained, 


U, +.a(x)UUs + B(x) Uoo9 = 0. (8) 


Here, a =p1/co!/?, B=A/c3. In general, this is not an 
integrable equation and must be solved numerically, 
although we shall exhibit some asymptotic solutions 
below. Another modification of the KdV equation 
occurs when it is necessary to take account of 
background rotation, leading to the rotation-modified 
KP equation (see, for instance, Grimshaw, 2001), in 
which a term — f2u is added to the left-hand side of 
Equation (5), where f is a measure of the background 
rotation. 
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Solitons 


The remarkable discovery of Gardner et al. (1967) that 
the KdV equation was integrable through an inverse 
scattering transform marked the beginning of soliton 
theory. Their pioneering work was followed by the 
work of Zakharov and Shabat (1972) which showed 
that another well-known nonlinear wave equation, the 
nonlinear Schrédinger equation, was also integrable by 
an inverse scattering transform. Their demonstration 
that the integrability of the KdV equation was not 
an isolated result, was followed closely by analogous 
results for the modified KdV equation (Wadati, 1972) 
and the sine-Gordon equation (Ablowitz et al., 1973). 
In 1974, Ablowitz, Kaup, Newell, and Segur provided 
a generalization and unification of these results in the 
AKNS scheme. From this point there has been an 
explosive and rapid development of soliton theory in 
many directions (see, for instance, Ablowitz & Segur, 
1981; Dodd et al., 1982; Newell, 1985; Drazin & 
Johnson, 1989). 

For the KdV equation (1) the starting point is the 
Lax pair (Lax, 1968) for an auxiliary function (x, f), 


Lo = —bxx — ub = 9, (9) 
d = B= (Ux + C)b + (4A — 2u)dx. (10) 


Here, C(t) depends on the normalization of ¢. The 
first of these equations (9), with suitable boundary 
conditions at infinity (see below) defines a spectral 
problem for ¢ in the spatial variable x with a spectral 
parameter A, and with the time variable f as a parameter. 
The second equation (10) then describes how the 
spectral function ¢ evolves in time. If it is now assumed 
that A is independent of time (i.e., A; = 0 then the KdV 
equation (1) is just the compatibility condition for these 
two equations (9, 10); that is, itemerges as a result of the 
condition that (@,x)+ = (+). In terms of the operators 
L, B defined in the Lax pair (9,10), the KdV equation 
can be written in the symbolic form L;= BL— LB 
(Lax, 1968). This form indicates the path to further 
generalizations, in that other nonlinear wave equations 
can be obtained by choosing different operators L, B. 
The general strategy for integration of the KdV equation 
now consists of three steps. Here, we will describe the 
process under the hypothesis that we seek solutions 
u(x,t) of the KdV equation (1), which decay to 
zero sufficiently fast as x — + 00 and have the initial 
condition u(x, 0)=uo(x). First, we insert the initial 
condition into the spectral problem (9) to obtain the 
scattering data (these will be defined precisely below). 
Then (10) is used to move the scattering data forward 
in time; it transpires that is a very simple process, 
and note in particular that the spectral parameter A is 
independent of ¢ and hence is determined by the initial 
condition. The third step is to invert the scattering data 
at time t > 0 and so recover u(x, t); this is the most 
difficult step, but for the KdV equation can be reduced 
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to solution of a linear integral equation. Thus, the three 
steps constitute a linear algorithm for the solution of the 
KdV equation, and it is in this sense that it is said that 
the Lax pair (9,10) constitutes integrability of the KdV 
equation. 

The spectral problem (9) for the KdV equation 
consists of two parts. The discrete spectrum is found 
by seeking solutions such that 6-0 as x > +00, 
which requires that <0. It can be shown that 
there then exists a finite set of discrete eigenvalues 
A= «2, n=1,2,...,N, and corresponding real 
eigenfunctions @, such that 





On © Cn eXp(—kyx) as x > OH. (11) 


There is a similar condition as x — — oo, namely, 
that @) ~d, exp (kx). The real constants cy, dy 
are determined once the normalization condition is 
satisfied, that is, 


i ézdx =1. (12) 


The continuous spectrum consists of all 4 >0, and 
so we set 1 =k? where k is real. Then we define the 
scattering problem for solutions ¢(x; k) of (9) by the 
boundary conditions, 


@ ~ exp (—ikx) + R(k) exp (ikx) as x — oo, (13) 
@ ~ T(k)exp(—ikx) as x — —oo. (14) 


The scattering data then consists of the set 
(Kn, Cn, n=1,2,...,N) together with the reflection 
coefficient R(k). It is useful to note that R(k) may be 
continued into the upper half of the complex k-plane, 
has there a set of simple poles at k = ik,, and R > 1 as 
|k| > . 

The next step is to determine from (10) how 
the scattering data evolves in time (note that the 
dependence on time ¢ has been suppressed in 
the preceding paragraph). First, we recall that the 
discrete eigenvalues x, are independent of t. Next, we 
multiply (10) by @, and integrate the result over all x; 
also, on using (9), it is readily found that 


d - 2 ad 2: 
mal p;, av=, [ og; dx, 
—0oO —0o 


where the constant C in (10) here must be indexed with 
n to become C,,. But then the normalization condition 
(12) implies that C, = 0. Now substitute (11) into (10) 
to show that 


den 





eo 43 en 
so that cy(t) = cn(0) exp («3 1). (15) 


For the continuous spectrum, the asymptotic expres- 
sions (13), (14) are substituted into (10). Now it is found 
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that the constant C(k) = 4ik?, and that 
dR 

dt 

sothat R(k;t) = R(O; k)exp (8ik*t). (16) 


= 8ikPR 


Similarly, it can be shown that T (k; t) = T (k; 0). 

The final step is the inversion of the scattering data 
at time f to recover the potential u(x, t) in 9). This is 
accomplished through the Marchenko integral equation 
for the function K (x, y) 


K(x, y) + Fr +y) + K(x, 2) Fly +2) dz 
=0. (17) 


Here the function F(x) is known in terms of the 
scattering data at time f, 


N 


F(x) = Dal c(t) exp (—KyX) 


n=1 


+ =| R(k; t) exp (ikx) dk. (18) 
21 J 55) 


Here the t-dependence of K, F has been suppressed as 
the linear integral equation (17) is solved with t fixed. 
Then 


Foe aaa dem eye (19) 
ox 


where the t-dependence in K has been restored. 

The inverse scattering transform described by 
(17), (18) enables one to find the solution of the 
KdV equation (1) for an arbitrary localized initial 
condition. The most important outcome is that as 
t— ovo, the solution evolves into N rank-ordered 
solitons propagating to the right (x >0), and some 
decaying radiation propagating to the left (x < 0), 


N 
u~ > 2K? sech? (ky (x — 4K? t —Xn)) 
n=1 


+radiation. (20) 


Here the N solitons are derived directly from 
the discrete spectrum, where each eigenvalue —Ky 
generates a soliton of amplitude 2x?, while the phase 
shifts x, are determined from the constants c, (0). The 
continuous spectrum is responsible for the decaying 
radiation, which decays at each fixed x <0 as rh, 
The important special case when the reflection 
coefficient R(k)=0 leads to the N-soliton solu- 
tion, for which there is no radiation. Indeed, the 
N-soliton solution can be obtained as an explicit 
solution of the Marchenko equation (17). We illus- 
trate the procedure for N=1,2. First, for N=1, 
F(x)=c? expK(x — 4xt), where we have omitted the 
subscript n = 1 for simplicity. Then seek a solution of 
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(17) in the form K (x, y, tf) = L(x, t) exp(—ky), where 
L can be found by simple algebra. The outcome is that 


—2«c(0)? exp (—Kx + 8x21) 
2« + c(0)? exp (—2Kx + 821)" 





L(x, th = 


Finally u is found from (19), 
u= 2k? sech? (Kk (x _ 4x1) — x1). 


This is just the solitary wave (2) of amplitude 2x?; 
the phase shift x; is such that c(0)? = 2k exp (2kx1). 
The procedure for N =2 follows a similar course. 
Thus, with R=0,N=2 in F (18), seek a so- 
lution of the Marchenko equation (17) in the 
form K(x, y, t)=L1(x, t) exp (—k1y) + La(x, t) exp 
(—k2y), and again L 1,2 can be found by simple algebra. 
The outcome is the two-soliton solution. For instance, 
with x; = 1, k2 =2, this is 
3 + 4cosh(2x — 8f) + cosh(4x — 64r) 


u=12 _ (21) 
[3cosh(x — 281) + cosh(3x — 36r)]? 


It can be readily shown that 





u ~ 8sech?(2(x — 16 $F x2) + 2sech? (x — 4t x1) 
as t— +00, (22) 














where the phase shifts x;,2 = (-}, D In 3. Thus, the 


two-soliton solution describes the elastic collision of 
two solitons, in which each survives the interaction 
intact, and the only memory of the collision is the 
phase shifts; note that x; <0, x2 > 0, so that the larger 
soliton is displaced forward and the smaller soliton is 
displaced backward. The general case of an N-soliton 
is analogous and is essentially a sequence of pair-wise 
two-soliton interactions. 

The integrability of the KdV equation (1) is also 
characterized by the existence of an infinite set of 
independent conservation laws. The most transparent 
conservation laws are 


lo <) 
‘i u dx =constant, (23) 
—oO 
oO 
/ wdx = constant, (24) 
—0o 


ion) 1 
/ (« _ 3) dx = constant, (25) 
2 
—00 


which may be associated with the conservation of mass, 
momentum, and energy, resepectively. Indeed (23) is 
obtained from the KdV equation (1) by integrating 
over x, while (24), (25) are obtained in an analogous 
manner after first multiplying (1) by u, v2, respectively. 
However, it transpires that these are just the first 
three conservation laws in an infinite set, where each 
successive conservation law contains a higher power of 
u than the preceding one. This may be demonstrated 
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using the inverse scattering transform (see Ablowitz 
& Segur, 1981; Dodd et al., 1982; Newell, 1985). 
However, here we use the original method based on 
the Miura transformation as adapted by Gardner. The 
Miura transformation is 


u=—vzy —v’, (26) 
Ut — 6v2 vy + vxxx = 0. (27) 


Here (27) is the modified KdV equation. Direct 
substitution of (26) into the KdV equation shows that 
if v solves the modified KdV equation (27), then u 
solves the KdV equation (1). This discovery was the 
starting point for the discovery of the inverse scattering 
transform, since if one considers (26) as an equation 
for v and writes v=¢,/¢, followed by a Galilean 
transformation for u (i.e., uu — A,x > x — 6dr), 
one obtains the spectral problem (9). Here we follow a 
different route and write 
1 


v= — — ev, 
2e 


which (after a shift x — x+ 3t /2e2) converts the mKdV 
equation (27) into the Gardner equation (7) with 6 = 
—e?. Apart from a constant, which may be removed by a 
Galilean transformation, the corresponding expression 
for u is the Gardner transformation, 

u=wtevw;y — e?w?. (28) 
Thus, if w solves the Gardner equation 


67w> ws + Weer = 0, (29) 





wu; + 6bww x 


then u solves the KdV equation (1). 
Next, we observe that the Gardner equation (29) has 
the conservation law 


[o.<) 
/ w dx = constant. (30) 
—0o 


Since w — uas € > 0, we write the formal asymptotic 


expansion 
[o¢) 
wr > Ee Wh. 
n=0 
It follows from (30) that then 


[o.e) 
/ w, dx = constant, 
—0oO 


for eachn =0, 1,2,.... But substitution of this same 
asymptotic expansion for w into (28) generates a 
sequence of expressions for w,, in terms of u, of which 
the first few are 





wo=Uu, W~=—-uy, W2= uw 4 Uxx- 

Thus, we see that n=0,2 give the conservation 
laws (23), (24), respectively, while n = 1 is an exact 
differential. It may now be shown that all even values of 
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n yield nontrivial and independent conservation laws, 
while all odd values of n are exact differentials. 

The KdV equation belongs to a class of nonlinear 
wave equations, which have Lax pairs and are integrable 
through an inverse scattering transform. It shares with 
these equations several other remarkable features, such 
as the Hirota bilinear form, Backlund transformations, 
and the Painlevé property. Detailed descriptions of 
these and other properties of the KdV equation can be 
found in the other entries and referenced texts. 


Solitary Waves in a Variable Environment 


In a variable environment, the governing equation 
which replaces (1) is the variable-coefficient KdV 
equation (8). In general, this is not an integrable 
equation and is usually solved numerically. However, 
there are two distinct limiting situations in which some 
analytical progress can be made. First, let it be supposed 
that the coefficients a(x), B(x) in (8) vary rapidly 
with respect to the wavelength of a solitary wave, and 
then consider the case when these coefficients make a 
rapid transition from the values a_, B_- inx <0 to the 
values v4, B4 in x > 0. Then a steady solitary wave can 
propagate in the region x <0, given by 


U= asech?(y (6 —Wx)), 
We= —* = 4p_77. (1) 


where 
It will pass through the transition zone x ~ O essentially 
without change. However, on arrival into the region 
x >0, it is no longer a permissible solution of (8), 
which now has constant coefficients a+, 64. Instead, 
with x=0, expression (31) now forms an effective 
initial condition for the new constant-coefficient KdV 
equation. Using the spectral problem (9) and the 
inverse scattering transform, the solution in x > 0 can 
now be constructed; indeed, in this case, the spectral 
problem (9) has an explicit solution (e.g., Drazin & 
Johnson, 1989). The outcome is that the initial solitary 
wave fissions into N solitons and some radiation. The 
number N of solitons produced is determined by the 
ratio of coefficients R=a+;fB—/a_B,. If R>0 (ie., 
there is no change in polarity for solitary waves), 
then N=1 + [((8R + 1)!/2 — 1)/2] ({---] denotes 
the integral part); as R increases from 0, a new 
soliton (initially of zero amplitude) is produced as R 
successively passes through the values m(m + 1)/2 
for m=1,2,.... But if R <0 (ie., there is a change 
in polarity), no solitons are produced and the solitary 
wave decays into radiation. For instance, for water 
waves, c= (gh)!/2, w=3c/2h,2r ch? /6, o =c, and 
soa= 3/(2hc!/2), p= h?/(6c2), where h is the water 
depth. It can then be shown that a solitary water 
wave propagating from a depth h_ to a depth hy. 
will fission into N solitons where N is given as 
above with R=(h_/h4)?/*; if h->h4, N>2, but 
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if h_<h4 then N=1 and no further solitons are 
produced (Johnson, 1973). 

Next, consider the opposite situation when the 
coefficients w(x), B(x) in (8) vary slowly with respect 
to the wavelength of a solitary wave. In this case a multi- 
scale perturbation technique (see Grimshaw, 1979, or 
Grimshaw & Mitsudera, 1993) can be used in which 
the leading term is 


x 
U ~ Asech?y (+ -f wax), (32) 
x0 
where 


aA 2 
W= er 4By~. (33) 


Here the wave amplitude a(x) and, hence, also 
W(x), y(x) are slowly varying functions of x. Their 
variation is most readily determined by noting that 
the variable-coefficient KdV equation (8) possesses a 
conservation law, 


lo ¢) 
/ U? do = constant, (34) 
—00 


which expresses conservation of wave-action flux. 
Substitution of (32) into (34) gives 


2A? 
—— = constant, 
3y 
1/3 
so that A =constant (£) : (35) 
a 


This is an explicit equation for the variation of the 
amplitude A(x) in terms of a(x), B(x). However, 
the variable-coefficient KdV equation (8) also has a 
conservation law for mass, 


CO 
/ U dé = constant. (36) 
—0oO 

Thus, although the slowly varying solitary wave 
conserves wave-action flux, it cannot simultaneously 
conserve mass. Instead, it is accompanied by a trailing 
shelf of small amplitude but long length scale given by 
Ug, so that the conservation of mass gives 


o 2A 
U, dé + — = constant, 
—o00 Y 


where ¢= Hi W dx (6 =¢ gives the location of the 
solitary wave) and the second term is the mass of 
the solitary wave (32). Differentiation then yields the 
amplitude U_ = U;(0 = @) of the shelf at the rear of the 
solitary wave, 





3 
= 5. G7) 
ay 
This shows that if the wavelength y~! increases 


(decreases) as the solitary wave deforms, then the 
trailing shelf amplitude U_ has the opposite (same) 


510 


polarity as the solitary wave. Once U_ is known, the full 
shelf Us(9, x) is found by solving (8) with the boundary 
condition that U,(@ = @) = U_ (see El & Grimshaw, 
2002, where it is shown that the trailing shelf may 
eventually generate secondary solitary waves). 

For a solitary water wave propagating over a variable 
depth h(x), these results show that the amplitude varies 
as h—!, while the trailing shelf has positive (negative) 
polarity relative to the wave itself accordingly as 
hy <(>) 0. A situation of particular interest occurs 
if the coefficient a(x) changes sign at some particular 
location (note that in most physical systems the 
coefficient 6 of the linear dispersive term in (8) does 
not vanish for any x). This commonly arises for internal 
solitary waves in the coastal ocean, where typically in 
the deeper water, a <0, 6 > 0 so that internal solitary 
waves propagating shorewards are waves of depression. 
But in shallower water, a>0 and so only internal 
solitary waves of elevation can be supported. The issue 
then arises as to whether an internal solitary wave of 
depression can be converted into one or more solitary 
waves of elevation as the critical point, where w changes 
sign, is traversed. This problem has been intensively 
studied (see, for instance, Grimshaw et al., 1998 and 
the references therein), and the solution depends on 
how rapidly the coefficient a changes sign. If a passes 
through zero rapidly compared with the local width of 
the solitary wave, then the solitary wave is destroyed 
and converted into a radiating wave train (see the 
discussion above in the first paragraph of this section). 
On the other hand, if a changes sufficiently slowly 
for the present theory to hold (i.e., (35) applies), we 
find that as a — 0, then A — 0 in proportion to |a| 1/3, 
while U_ — oo as |a|~8/3. Thus, as the solitary wave 
amplitude decreases, the amplitude of the trailing shelf, 
which has the opposite polarity, grows indefinitely until 
a point is reached just prior to the critical point where the 
slowly varying solitary wave asymptotic theory fails. 
A combination of this trailing shelf and the distortion 
of the solitary wave itself then provide the appropriate 
“initial” condition for one or more solitary waves of 
the opposite polarity to emerge as the critical point is 
traversed. However, it is clear that in situations, as here, 
where a ~ 0, it will be necessary to include a cubic 
nonlinear term in (8), thus converting it into a variable- 
coefficient Gardner equation (cf. (7)). This case has 
been studied by Grimshaw et al. (1999), who show that 
the outcome depends on the sign of the coefficient (v) 
of the cubic nonlinear term at the critical point. If v > 0, 
so that solitary waves of either polarity can exist when 
a = 0, then the solitary wave preserves its polarity (i.e., 
remains a wave of depression) as the critical point is 
traversed. On the other hand, if v < 0, so that no solitary 
wave can exist when v = 0, then the solitary wave of 
depression may be converted into one or more solitary 
waves of elevation. 

ROGER GRIMSHAW 
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See also Inverse scattering method or transform; 
Kadomtsev-Petviashvili equation; Solitons; Water 
waves 


Further Reading 


Ablowitz, M.J., Kaup, D.J., Newell, A.C. & Segur, H. 1973. 
Method for solving the sine-Gordon equation. Physcs Letters, 
30: 1262-1264 

Ablowitz, M.J., Kaup, D.J., Newell, A.C. & Segur, H. 1974. The 
inverse scattering transform—Fourier analysis for nonlinear 
problems. Studies in Applied Mathematics, 53: 249-315 

Ablowitz, M.J. & Segur, H. 1981. Solitons and the Inverse 
Scattering Transform, Philadelphia: SIAM 

Boussinesq, M.J. 1871. Thedrie de l’intumescence liquid 
appellée onde solitaire ou de translation, se propageant dans 
un canal rectangulaire. Comptes Rendus Acad. Sci (Paris), 
72: 155-159 

Boussinesq, M.J. 1877. Essai sur la theorie des eaux courantes, 
Memoires presentees par diverse savants a l’Academie des 
Sciences Inst. France (Series 2) 23: 1-680 

Dodd, R.K., Eilbeck, J.C., Gibbon, J.D. & Morris, H.C. 
1982. Solitons and Nonlinear Wave Equations, London: 
Academic 

Drazin, P.G. & Johnson, R.S. 1989. Solitons: An Introduction, 
Cambridge and New York: Cambridge University Press 

El, G.A. & Grimshaw, R. 2002. Generation of undular bores 
in the shelves of slowly-varying solitary waves. Chaos, 12: 
1015-1026 

Gardner, C.S., Greene, J.M., Kruskal, M.D. & Miura, R.M. 1967. 
Method for solving the Korteweg—de Vries equation. Physical 
Review Letters, 19: 1095-1097 

Grimshaw, R. 1979. Slowly varying solitary waves. I Korteweg— 
de Vries equation. Proceedings of the Royal Society, 368A: 
359-375 

Grimshaw, R. 2001. Internal solitary waves. In Environmental 
Stratified Flows, edited by Boston: Kluwer, Chapter 1: 
1-28 

Grimshaw, R. & Mitsudera, H. 1993. Slowly-varying solitary 
wave solutions of the perturbed Korteweg-de Vries equation 
revisited. Studies in Applied Mathematics, 90: 75-86 

Grimshaw, R., Pelinovsky, E. & Talipova, T. 1998. Solitary wave 
transformation due to a change in polarity. Studies in Applied 
Mathematics, 101: 357-388 

Grimshaw, R., Pelinovsky, E. & Talipova, T. 1999. Solitary 
wave transformation in a medium with sign-variable 
quadratic nonlinearity and cubic nonlinearity. Physica D, 132: 
40-62 

Johnson, R.S. 1973. On the development of a solitary 
wave moving over an uneven bottom. Proceedings of the 
Cambridge Philosophical Society, 73: 183-203 

Kadomtsev, B.B. & Petviashvili, V.I. 1970. On the stability of 
solitary waves in weakly dispersive media. Soviet Physics 
Doklady, 15: 539-541 

Korteweg, D.J. & de Vries, H. 1895. On the change of form of 
long waves advancing in a rectangular canal, and on a new 
type of long stationary waves. Philosophical Magazine, 39: 
422-443 

Lax, P.D. 1968. Integrals of nonlinear equations of evolution 
and solitary waves. Communications in Pure and Applied 
Mathematics, 21: 467-490 

Miles, J.W. 1980. Solitary waves. Annual Review of Fluid 
Mechanics 12: 11-43 

Newell, A.C. 1985. Solitons in mathematics and physics. In 
CBMS-NSF Series in Applied Mathematics, Vol. 48, edited 
by Philadelphia: SIAM 





KURAMOTO-SIVASHINSKY EQUATION 


Pego, R.L. & Weinstein, M.J. 1997. Convective linear stability of 
solitary waves for Boussinesq equations. Studies in Applied 
Mathematics, 99: 311-375 

Rayleigh, Lord. 1876. On waves. Philosophical Magazine 1: 
257-279 

Russell, J.S. 1844. Report on waves, /4th Meeting of 
the British Association for the Advancement of Science, 
pp. 311-390 

Wadati, M. 1972. The exact solution of the modified Korteweg- 
de Vries equation. Journal of the Physical Society of Japan, 
32: 62-69 

Zabusky, N.J. & Kruskal, M.D. 1965. Interactions of solitons 
in a collisionless plasma and the recurrence of initial states. 
Physical Review Letters, 15: 240-243 

Zakharov, V.E. & Shabat, A.B. (1972). Exact theory of 
two-dimensional self focussing and one dimensional self- 
modulation of waves in nonlinear media. Soviet Physics 
JETP, 34: 62-69 
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See Quasilinear analyses 


KURAMOTO-SIVASHINSKY EQUATION 
Derived by Yoshiki Kuramoto and Takeo Tsuzuki in 
the context of reaction-diffusion systems (Kuramoto 
& Tsuzuki, 1975, 1976), and by Gregory Sivashinsky 
in the study of flame front propagation (Sivashinsky, 
1977), the Kuramoto-Sivashinsky equation (KS) is 
a prime example of a system that possesses a 
rich variety of spatial and temporal behaviors. The 
mathematical and statistical (thermodynamic) analyses 
and classification of both elementary solutions and 
observed complex behaviors have generated many 
advances in the understanding of the often complex 
patterns that arise in many experimental simulations. 

The KS equation in one spatial dimension may be 
written 


Up + Uy + Uxy + Uxxxx = 0, qd) 


where the subscripts denote the partial derivatives w.r.t. 
the space variable x, and the time variable t. One 
important class of solutions is defined by a periodic 
boundary condition, say, with a 27L-periodicity. Here 
we may interpret such solutions as being restricted to a 
cell of size 2nL and the cellular state size serving as the 
control (or bifurcation) parameter. For small values of 
L > 0, the solutions of (1) behave periodically; then as 
L is increased, the system passes through a wide variety 
of behavior including exhibiting spatiotemporal chaos. 
Via a simple rescaling, the parameter dependence can 
be made explicit in (1), and the solutions then satisfy 
u(x, t)=u(x + 2n,t). Equation (1) possesses both 
translation and Galilean symmetries. 

Physically, the form of Equation (1) models the 
small perturbations from a reference Poiseuille flow 
of a film layer on an inclined plane (Pumir et al., 
1983). The name KS often refers in the literature to 
the closely related equation formed by letting u= wy 
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in (1) and integrating. Higher-dimensional equivalents 
of this form are found in the independent deriva- 
tions of Kuramoto and Sivashinsky. The first is in the 
context of angular-phase turbulence for a system of 
reaction-diffusion equations modeling the Belouzov— 
Zabotinsky reaction in three spatial dimensions. Here, 
the solution is considered to be a small perturbation 
of a global periodic solution. The Sivashinsky laminar 
flame front derivation models small thermal diffusive 
instabilities, where the solution is the perturbation of 
an unstable planar front in the direction of propaga- 
tion. Further derivations of the system can be found 
in the review by Nicolaenko (1986) and references 
therein. 

The KS equation has been shown to posses an inertial 
manifold, that is, the infinite-dimensional solution 
space of the system is spanned by the solutions to a 
coupled system of ordinary differential equations with 
alow number of degrees of freedom (Foias et al., 1988). 
Hence, the system may be effectively studied by Fourier 
mode expansion, where the number of Fourier modes 
determining the dynamics is proportional to L. 

The nontrivial behavior of the KS equation stems 
from the linear instability of the laminar state 
u(x,t) =constant—the evolution of the system is 
governed by the quadratic nonlinear coupling term uu 
and a second-order instability term uv; that is balanced 
by the dissipation term u,,,,. Long-wavelength k- 
numbered modes with k < L are unstable. However, the 
linearly unstable low modes of the system are stabilized 
by the strong nonlinear coupling while the extremely 
stable high modes, with intermediate wavelengths 
with mode number k ~ L play the important role of 
maintaining a “chaotic dynamical equilibrium.” 

For L > 1, standing and traveling waves may coexist 
with solutions having complicated oscillatory behavior. 
For example, antisymmetrically pulsating standing 
waves and waves that change both form and velocity 
periodically with time are considered in Demekhin et 
al. (1991). There exist windows of the parameter L in 
which many of these cellular states are stable. Windows 
of intermittency and strange (chaotic) attractors are 
also observed. For L not too large, these complex 
motions can be reached quite suddenly after extremely 
long transients. Figure 1 displays typical evolution 
once transients have died away. The KS equation also 
possesses persistent homoclinic and heteroclinic saddle 
connections which can be effectively explained via 
symmetry arguments (Kevrekidis et al., 1990). 

The KS equation may be damped by the addition 
of the term vu on the left-hand side of (1), where v 
parameterizes the level of damping. For zero damp- 
ing the KS equation exhibits highly chaotic motions 
for large L. In the transition to these weakly turbu- 
lent motions, temporal intermittency is observed. Here, 
chaotic motions passing close to simple and weakly 
unstable states will feel regularizing effects for a 
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Figure 1. Spatiotemporally chaotic solution u(x, t), computed 
from a 64-d Fourier truncation at L=10. Coordinate x 
horizontal, amplitude u vertical, with plots of different times 
t overlapped at ¢ progresses. 


short while, for example. However, for large L and 
with damping, the intermittent behavior in the tran- 
sition to weak turbulence also has a spatial element 
(Chaté & Manneville, 1986). In this scenario, a fluc- 
tuating mixture of both regular and chaotic patches 
with well-defined boundaries are observed in the solu- 
tion surface u(x, t). Choosing the parameters so that a 
weakly turbulent solution can be reached by spatiotem- 
poral intermittency, one will observe chaotic domains 
slowly occupying the system; setting parameter val- 
ues below such a threshold one will see the domains 
recede. 

SAM GRATRIX AND JOHN N. ELGIN 


See also Belousov—Zhabotinsky reaction; Chaotic 
dynamics; Pattern formation; Turbulence 
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LABORATORY MODELS OF 
NONLINEAR WAVES 

In the decade following his 1834 discovery of the 
hydrodynamic solitary wave on Edinburgh’s Union 
Canal, John Scott Russell constructed a water tank, 
allowing nonlinear wave phenomena to be studied in a 
laboratory environment (Russell, 1844). Among other 
results of these experiments, Russell observed, first, 
that the speed (v) of a solitary wave is related to its 
height (4) by the empirical relation v= ./g(d+h), 
where d is the resting depth of the water and g is 
the acceleration of gravity. Second, two solitary waves 
pass smoothly through each other without scattering. 
Third, two or more solitary waves can be generated 
from a sufficiently large “initial heap” of water. In 
the case sketched in Figure 1, for example, a volume 
(V) of water is released (by raising a sliding panel at 
the left-hand side of the tank) that is sufficiently large 
to generate two hydrodynamic solitons but not large 
enough to generate three of them. Also the soliton of 
larger amplitude is observed to have a higher velocity, 
leading to a separation between the two components 
that increases with time. 

Since Russell’s seminal work, hydrodynamic wave 
tanks have been widely used to investigate nonlinear 
wave propagation in a variety of settings, and several 
tanks suitable for undergraduate laboratories have been 
developed and described (Bettini et al., 1983; Olsen 
et al., 1984; Remoissenet, 1999). Tank experiments 
allow students to quantitatively investigate various 
properties of the Korteweg-de Vries (KdV) equation, 
which can be written in normalized form as 
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Figure 1. A sketch of John Scott Russell’s wave tank, generating 
two solitons. 
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where u(x,t) represents the vertical displacement of 
the wave from its resting level. Such experiments 
include quantitative comparisons of the number of 
solitons produced by an initial amount of water V 
as determined by eigenvalues of the corresponding 
time-independent linear Schrodinger equation through 
the inverse scattering transform method (Olsen et al., 
1984). Similar tank experiments on deep water (where 
the depth is much larger than the lateral extent of 
the waves) allow quantitative studies of the nonlinear 
Schrédinger equation (Remoissenet, 1999). 

In addition to wave tanks, mechanical wave models 
have been constructed for other nonlinear systems, 
including mechanical models of the normalized sine- 
Gordon (SG) equation 


au 
ax? 


a2 

a = sinu. (2) 
As shown in the model of Figure 2, a number of pendula 
(dressmaker pins) are connected to a longitudinal spring 
(elastic band), whereupon u(x, t) is the angle of rotation 
of the pendulum located at position x as a function 
of time ¢. The first term in Equation (2) represents 
the elastic restoring torque between adjacent pendula, 
the second term represents their angular acceleration, 
and the right-hand term is the angular-dependent 
torque of gravity. With a bit of practice, this simple 
model allows one to observe and demonstrate kink 
propagation, kink-kink collisions, breathers, and kink- 
antikink annihilation (Scott, 1969, 1970). The latter, in 
turn, is a model for electron-positron annihilation in 
elementary-particle physics. 

More detailed mechanical models of the SG equation 
have been designed and constructed, which are suitable 
for undergraduate laboratory experiments (Scott, 1969, 
1970; Remoissenet, 1999). As is evident from Figure 3, 
such models allow quantitative studies of the Lorentz 
contraction experienced by a kink as it approaches the 
limiting speed (Mach 1) of the system. For research 
purposes, Matteo Cirillo developed a mechanical model 
of fluxon propagation on a long Josephson junction, 
including an adjustable torque on the pendula (from 
air jets) that models the bias current acting in a 
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Elastic 


Figure 2. A kink on a simple mechanical model of the 
sine-Gordon equation that can be made from dressmaker pins 
and an elastic band. 





Figure 3. Strobe photos of an SG kink propagating on a 
mechanical model that was designed for student experiments 
(Scott, 1969). The kink is traveling to the right and slowing down 
due to friction. Spacing between the pendula is 1.59 cm and the 
time between successive images is 0.6 s. 


typical experiment (Cirillo et al., 1981). Also, Michel 
Remoissenet and his colleagues have developed a 
model of the nonlinear Klein—Gordon equation with 
a double-well potential (the “phi-fourth model’) to 
study the properties of compactons and the propagation 
of domain walls in ferroelectric and ferromagnetic 
materials (Duseul, 1998). 

Complementing the family of mechanical models 
for nonlinear wave phenomena are nonlinear electri- 
cal transmission lines (Scott, 1970; Ostrovsky et al., 
1972; Lonngren, 1978; Remoissenet, 1999). In energy- 
conserving versions of these models, nonlinearity is 
usually introduced through voltage-dependent capaci- 
tors (varactor diodes), and models of the KdV equation, 
Boussinesq equations, and the Toda lattice are readily 
constructed. 

Allowing energy dissipation, it has long been known 
that the candle (or dynamite fuse or Japanese incense) 
models the leading edge of a nerve impulse as described 
by the Zeldovich—Frank-Kamenetsky (ZF) equation 


a’u au 
ax2 at 
where u(x,t) represents temperature of a candle 
flame or transmembrane voltage of a nerve impulse. 
This equation can also be modeled by a nonlinear 
electrical transmission in which the transverse (shunt) 





=u(u—a)(u—1), (3) 
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conductive element is nonlinear with a region of 
negative slope (negative differential conductance) as 
provided by an Esaki tunnel diode or by a Giaever- 
type superconductive diode (Scott, 1970; Remoissenet, 
1999). 

In the 1920s, R.S. Lilly showed that nerve impulse 
propagation can be modeled by a piece of iron 
wire immersed in a strong nitric- or sulfuric-acid 
solution (Lilly, 1925). At rest, the wire is stabilized 
(passivated) by a thin oxide layer that prevents further 
oxidation. If this passivated layer is disturbed by 
mechanical or electrical means, however, a deoxidized 
region propagates along the wire, followed by re- 
establishment of the stabilizing oxide layer. In 
this manner, the iron-wire model simulates the 
recovery property of biological nerves that is missed by 
Equation (3). 

A more complete electrical representation of impulse 
conduction along a nerve fibre was developed by 
Jin-ichi Nagumo and his colleagues in collaboration 
with Richard FitzHugh (Nagumo et al., 1962). 
Known as the FitzHugh-Nagumo equation, this model 
augments the ZF equation to allow for recovery to the 
initial resting state. Finally, the neuristor is an electronic 
device that functions like a nerve fiber and can be used 
as the basic element in a family of computing elements. 

ALwyn Scorr 


See also FitzHugh-Nagumo equation; Korteweg— 
de Vries equation; Neuristor; Sine-Gordon equa- 
tion; Solitons, a brief history; Zeldovich—-Frank- 
Kamenetsky equation 
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LANDAU-LIFSHITZ EQUATION 
The principal assumption of macroscopic ferromag- 
netism theory is that a magnetic crystal state is de- 
scribed unambiguously by the magnetization vector 
M, so the dynamics and kinetics of a ferromagnet are 
determined by variations in its magnetization. The 
magnetization of a ferromagnet as a function of space 
coordinates and time M(x,t) is a solution of the 
Landau-Lifshitz (LL) equation, which was first used by 
Soviet scientists Lev Landau and Evgeni Lifshitz for de- 
scribing the dynamics of a small velocity domain wall, 
the magnetic susceptibility of ferromagnets with a do- 
main structure, and ferromagnetic resonance (Landau 
& Lifshitz, 1935). Later, the macroscopic theory of spin 
waves as small vibrations of the magnetization vector 
was developed on the basis of the linearized LL equa- 
tion (Akhieser et al., 1968). At present, the LL equation 
is the theoretical foundation of phenomenological mag- 
netization dynamics in magnetically ordered solids, in- 
cluding ferromagnets, antiferromagnets, and ferrites. 
The LL equation in a ferromagnet has the following 
form: 
a = —*H im x Hes] — y[M x [M x Herr], (1) 
where j1o is the Bohr magneton and y is the relaxation 
constant determining the damping motion of the vector 
M. The effective magnetic field Herp is equal to the 
variational derivative of the magnetic crystal energy E 
with respect to the vector M: Her =— 5E/5M. The 
energy E is assumed to be a function of M, its spatial 
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derivatives, and depends on the external magnetic 
field H. 

In the case of a many-sublattice magnet, an LL 
equation for the magnetization of an a-sublattice M% 
coincides with Equation (1) after the replacement 
M— M*. 

Equation (1) for ferromagnets has an integral of 
motion M2 = Mo = constant and is consistent with the 
assumption that the M-vector length in a ferromagnet 
is its equilibrium parameter. In the ground state, 
the quantity Mo is equal to a so-called spontaneous 
magnetization Mp = 2u9S/a3, where S is the atomic 
spin and a is the interatomic separation. Conservation 
of the M-vector length allows one to rewrite the LL 
equation in angular variables that are convenient for 
describing the magnetization dynamics in ferromagnets 
with axial symmetry. Assuming the external magnetic 
field directed along the anisotropy axis (the z-axis), let 
us define (Figure 1) 


My, + iMy = Mosiné@ expiy, 
M, = Mocosé. (2) 


Then in a dissipativeless case (y = 0) 
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where the magnetic energy E is written as a function 
of the angular variables. 

The magnetic energy E of a ferromagnet includes 
two parts: the exchange energy E., and the magnetic 
anisotropy energy E,: 

1 aM 0M g 
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where a is the nonuniform exchange energy constant 
and £; and £3 are uniaxial anisotropy constants. (When 
all 6=0, we have an isotropic ferromagnet; when 
Bi =0, we have a uniaxial ferromagnet, the easy-axis 
anisotropy corresponds to 6 = £3 > 0 and easy-plane 
anisotropy to 6 <0; and when £; £0 and 63 £0, we 
have biaxial anisotropy.) 

Equations (3) for easy-axial ferromagnets can be 
written in the form 


I§A0 — (1 +15 (V¢y)’) sin @ cos 0 
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Figure 1. The angular variables for the magnetization M. 


where A = V? is the Laplacian, /p is the magnetic length 
(a =a/B), w is the homogeneous ferromagnetic reso- 
nance frequency (hap = 208M), and wy = 20H /h 
is the spin magnetic frequency. 

Equations (5) and (6) have two additive integrals 
of motion, namely, the total momentum of the 
magnetization field P and z-component (projection) of 
the total magnetic moment written after normalization 
as a number of spin deviations N in the excited state of 
the magnet: 


hMo ; 
P = —— | (1-cos0)Vgdx, 
20 
M 
N= a fa — cos) dx. (7) 
2140 


In a slightly excited state of ferromagnets (6 = 6) = 
constant, 99<1, w=at—kr) the magnetization 
dynamics is equivalent to a set of precessional spin 
waves that are solutions of linearized Equations (5), 
(6) with the following dispersion relation: 


o(k) = wp + wy + (Ipk)?. (8) 


The simplest static solution of Equations (5), (6) is a 
domain wall (Figure 2c) 


sin@ = sech[(x — xo)/lo], (9) 


separating two semispace ferromagnet domains at 
x < x9 and x > xo. Equation (9) presents a topological 
soliton of the LL equation. 

Interesting nontopological soliton solutions of 
Equations (5) and (6) are two-parametric dynamic 
magnetic solitons. Magnetic solitons of a general type 
are given by the following solutions 


6=0(r—Vt),g=(@+oy)t+v(r 


where the function 6 vanishes at infinity (@ =0 for 
r=oo) and Vw is limited for r=oo, V is the 
translational velocity of the soliton, and w + wy is the 
precessional frequency of the magnetization vector in 
the frame of reference moving along with the soliton. 
Typical diagrams for the function @ in the 1-d case are 
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Figure 2. Magnetization distribution in (a) a low-amplitude 
soliton, (b) a magnetic soliton for small values V and a, (c) 
a domain wall. 


presented in Figure 2. There are the following Hamilton 
equations for a dynamic soliton (Kosevich et al., 1977): 


dE : dE 
V (Fh), ho (Fr) (1) 


The 1-dimensional version of Equations (5) and 
(6) is a totally integrable nonlinear equation in both 
isotropic (Lakshmanan, 1977; Takhtajan, 1977) and 
easy-axial (Borovik, 1978) cases and possesses a set 
of multiple-soliton solutions. The total integrability of 
1-d LL equations in the case of biaxial anisotropy was 
proved by Sklyanin (1979). 

If 0 is small enough, the 1-d version of Equations (5) 
and (6) can be reduced to the nonlinear Schrédinger 
(NLS) equation for the complex function y= 
M,,+iMy (Volzhan et al., 1976) 
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which is used for description of small amplitude 
long-wave excitations in one-dimensional easy-axial 
ferromagnets. 

Another limiting case arises for a ferromagnet with 
the biaxial anisotropy (8; <0 and £3 >0) under the 
condition ¢ = — 6, /B3 >> 1. Then the plane YOZ plays 
easy-plane, the magnetization vector lies nearly in 
this plane, y =1/2—6 <1, and the LL equation is 
transformed to the following equations: 
20° 1 ao 


a2 - fn + singcos¢ = 0, 
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where the new angle variable ¢ is introduced with the 
equation M, + iMy = Mo cos x expid. 

At present, the LL equation is widely used for mod- 
els of nonlinear macroscopic dynamic phenomena such 
as spin waves in inhomogeneous or spatially limited 
magnets, magnetostatic vibrations, magnetization dy- 
namics, interaction of magnetically ordered media with 
electromagnetic and elastic waves, nonlinear magneti- 
zation waves, and magnetic solitons. 

ARNOLD KosEVICH 


See also Domain walls; Ferromagnetism and fer- 
roelectricity; Nonlinear Schrédinger equations; 
Sine-Gordon equation; Solitons 
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LANGMUIR-BLODGETT FILMS 

The calming effect of oil on water has been known for 
centuries, and one early account of the phenomenon, 
on clay tablets, dates from the 18th century BCE in 
Babylonia. In 1879, a provisional British patent was 
filed by John Shields, the proprietor of a Scottish linen 
mill, for a simple device for spreading oil from valves 
in undersea pipes to calm the waves at the entrances to 
harbors. However, the first account of an experiment to 
investigate this effect was probably that of Benjamin 
Franklin in 1773, who wrote the following in a letter to 
a colleague. 


At length being at Clapham, where there is on the 
common a large pond, which | observed one day to be 
very rough with the wind, | fetched out a cruet of oil, 
and dropped a little of it on the water, and there the 
oil, though not more than a teaspoonful, produced an 
instant calm over a space several yards square, which 
spread amazingly, and extended itself gradually till it 
reached the lee side, making all that quarter of the 
pond, perhaps half an acre as smooth as a looking- 
glass. 


A quick calculation reveals that Franklin’s oil film 
was 1-2 nm thick—about the same as the size of an oil 
molecule, but this implication was not realized for many 
years. Although Lord Rayleigh was the first to propose 
that such films were only one molecule in thickness, he 
was not able to make a direct measurement to confirm 
this. The simple equipment for monolayer studies, now 
known as a Langmuir trough, was first introduced by 
Agnes Pockels. In a letter to Lord Rayleigh in 1891, 
she described the methods that formed the foundation 
of monolayer research. 

Irving Langmuir provided most of the early scientific 
evidence for the existence of monolayer films. In 
1917, he published a substantial paper outlining the 
properties of such films on a water surface. Some years 
later, Katharine Blodgett, working with Langmuir at 
the General Electric Company Research Laboratories 
in Schenectady, New York, devised a method for 
transferring the floating monolayers onto solid surfaces. 
The resulting films now bear the name of these two 
researchers. 

Until the outbreak of World War II, research into 
the properties of monolayer films flourished, the work 
being undertaken mainly by surface chemists. However, 
few uses were found for monolayer and multilayer 
structures so activity in the area declined. Interest was 
rekindled in the 1970s following some stimulating 
experiments on energy transfer in multilayer systems 
by Hans Kuhn working in Germany. At about this time, 
organic chemists became aware of the limited range 
of monolayer forming materials that was available. 
Novel electroactive compounds were synthesized 
(dyes, semiconductors, polymers), and a new series of 
investigations began. This coincided with the birth of 
molecular electronics, a new interdisciplinary research 
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activity focused on the exploitation of organic materials 
in electronic and optoelectronic devices. Related thin 
film technologies, such as self-assembly and layer-by- 
layer electrostatic deposition, were also developed. By 
the end of the 20th century, a number of organic thin 
film deposition technologies and materials, suitable 
for fabricating organic molecular architectures, was 
available. The era of molecular nanotechnology had 
begun. 

Materials that produce organized monomolecular 
layers on the surface of water invariably consist 
of molecules possessing both water-attracting (hy- 
drophilic) and water-repelling (hydrophobic) chem- 
ical groups. Such organic compounds are called 
amphiphiles. One of the simplest materials suitable for 
forming such a monomolecular layer is stearic acid, 
C,7H35COOH. The molecule consists essentially of 16 
CH) groups forming a long hydrocarbon chain; one end 
of the chain terminates in a hydrophilic carboxylic acid 
COOH group. 

Langmuir—Blodgett (LB) films are prepared by first 
depositing a small quantity of the amphiphilic material, 
dissolved in a volatile solvent such as chloroform, 
on the surface of carefully purified water (subphase). 
When the solvent has evaporated, the organic molecules 
may be compressed to form a floating two-dimensional 
solid. The hydrophilic and hydrophobic terminations of 
the molecules ensure that the individual molecules are 
aligned in the same way during this process. During 
compression the monolayer undergoes a number of 
phase transformations. The different phases are almost 
analogues of three-dimensional gases, liquids and 
solids. The phase changes may be readily identified 
by monitoring the surface pressure I] as a function 
of the area occupied by the film. This is the two- 
dimensional equivalent of the pressure versus volume 
isotherm for a gas/liquid/solid. Figure 1 shows such a 
plot for a hypothetical long-chain organic monolayer 
material (e.g., a long-chain fatty acid). 

In the “gaseous” state (G in Figure 1), the molecules 
are far enough apart on the water surface that they 
exert little force on one another. As the surface area of 
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Figure 1. Surface pressure versus area per molecule for a 
long-chain organic compound. (The surface pressure and area 
are in arbitrary units (a.u.).) 
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the monolayer is reduced, the hydrocarbon chains will 
begin to interact. The “liquid” state that is formed is 
generally called the expanded monolayer phase (E). 
The hydrocarbon chains of the molecules in such a 
film are in a random, rather than a regular orientation, 
with their polar groups in contact with the subphase. As 
the molecular area is progressively reduced, condensed 
(C) phases may appear. There may be more than one 
of these, and the emergence of each condensed phase 
can be accompanied by constant pressure regions in the 
isotherm, as observed in the cases of a gas condensing 
to a liquid and a liquid solidifying. These regions will 
be associated with enthalpy changes in the monolayer. 
In the condensed monolayer states, the molecules are 
closely packed and are oriented with their hydrocarbon 
chains pointing away from the water surface. The area 
per molecule in such a state will be similar to the 
cross-sectional area of the hydrocarbon chain, that is, 
~0.19 nm? molecule~!. 

The LB technique requires that the surface pressure 
and temperature of the floating monolayer are 
controlled so that the organic film is in a condensed 
and stable state. Figure 2 shows the commonest form of 
LB deposition. The substrate is hydrophilic and the 
first layer is transferred, like a carpet, as the sub- 
strate is raised vertically through the water. Sub- 
sequently, a monolayer is deposited on each traversal 
of the monolayer/air interface. As shown, these 
stack in a head-to-head and tail-to-tail pattern; this 
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Figure 2. Y-type Langmuir—Blodgett film deposition. 
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deposition mode is called Y-type. Although this is 
the most frequently encountered situation, instances in 
which the monolayer is transferred to the substrate as 
it is being inserted into the subphase, or only as it is 
being removed, are often observed. These deposition 
modes are called X-type (monolayer transfer on the 
downstroke only) and Z-type (transfer on the upstroke 
only). 

It is also possible to build up thin film architectures 
containing more than one type of monomolecular layer. 
In the simplest case, alternate-layer films may be 
produced by raising the substrate through a monolayer 
of one material (consisting of molecules of compound 
A, say) and then lowering the substrate through a 
monolayer of a second substance (compound B). 
An asymmetric multilayer structure consisting of 
ABABAB... layers is produced. This control over 
the molecular architecture permits the fabrication of 
organic superlattices with precisely defined symmetry 
properties. Such molecular assemblies can exhibit 
pyroelectric, piezoelectric, and second-order nonlinear 
optical phenomena. 

Film transfer is characterized by measurement of the 
deposition ratio, t (also called the transfer ratio). This 
is the decrease in the area occupied by the monolayer 
(held at constant pressure) on the water surface divided 
by the coated area of the solid substrate, that is, 


t= AL/As, dd) 


where Ay is the area occupied by the monolayer on 
the water surface and Ag is the coated area of the solid 
substrate. Transfer ratios significantly outside the range 
0.95-1.05 suggest poor film homogeneity. 

A schematic diagram of one experimental arrange- 
ment to deposit LB films is shown in Figure 3, 
together with a photograph of the equipment. The 
Langmuir trough is made from PTFE (polytetrafluo- 
roethylene) and a working area is defined by a PTFE- 
coated glass fiber barrier, which can be moved using 
a low-geared electric motor. The barrier motor is cou- 
pled to a sensitive electronic balance, which continu- 
ously monitors, via a sensing plate (Wilhelmy plate), 
the surface pressure of the monolayer. Using a feed- 
back arrangement, this pressure can be maintained at 
a predetermined value. The physical dimensions of the 
Langmuir trough arrangement are not critical (the sys- 
tem in the photograph is approximately 30 cm in length) 
and are governed by the size of the substrate used. 

Many analytical techniques, such as X-ray and 
electron diffraction, and infrared spectroscopy may be 
used to study the orientation of molecules in an LB 
assembly. Figure 4 shows an 9 nm x 9 nm atomic force 
micrograph of the surface of a 12-layer fatty acid LB 
film. The lighter parts of the image relate to the higher 
part of the surface and the darker regions correspond 
to deeper down. Lines of individual molecules are 
evident at the magnification shown, confirming the 
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Figure 3. Langmuir—Blodgett trough (courtesy Molecular 
Photonics). 
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Figure 4. An atomic force micrograph of a fatty acid LB film. 


highly ordered arrangement of organic molecules in the 
LB film. 

The vertical dipping LB process is not the only way 
to transfer a floating molecular film to a solid substrate 
or to build-up multilayer films. Other methods are based 
on touching one edge of a hydrophilic substrate with the 
monolayer-covered subphase or lowering the substrate 
horizontally so that it contacts the hydrophobic ends of 
the floating molecules. Chemical means, for example, 
self-assembly of a thiol group onto a gold-coated 
substrate, can also be used to deposit monolayer organic 
films. In contrast, electrostatic layer-by-layer assembly 
relies on the forces between positively and negatively 
charged polyelectrolytes. 

The earliest technical application of organic mono- 
layer films is believed to be the Japanese printing art 
called sumi-nagashi. The dye comprising a suspension 
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of submicron particles and protein molecules is first 
spread on the surface of water; the application of gelatin 
to the uniform layer converts the film into a patchwork 
of colorless and dark domains. These distinctive pat- 
terns can then be transferred by lowering a sheet of 
paper onto the water surface. 

There are, of course, many methods available to 
deposit thin films of organic materials, including: 
thermal evaporation, sputtering, spaying, painting, dip- 
and spin-coating, electrodeposition, and molecular 
beam epitaxy. However, the LB technique is one of 
the few thin film technologies that actually permits 
the manipulation of materials at the molecular level. 
It should, therefore, be appropriate for exploitation 
by workers in nanotechnology wishing to fabricate 
interesting material architectures (bottom-up approach 
to nanotechnology) or to build up novel electronic 
device structures. 

A range of possible applications for LB and related 
films is evident from the literature. Many of the ideas 
exploit the physical and chemical properties of the 
ultra-thin films to provide surface coatings with partic- 
ular catalytic, adhesive, or mechanical properties (e.g., 
low friction). The availability of new polymeric am- 
phiphiles has led to an interest in semi-permeable mem- 
branes. The extreme thinness of monolayer and multi- 
layer films could provide key benefits in a variety of 
chemical sensing structures. For gas sensing, adequate 
sensitivities to some important gases and vapors have 
already been achieved using a variety of transduction 
techniques (chemiresistor, surface plasmon resonance, 
acousto-electric coupling, and so on). 

For commercial exploitation, it is imperative to 
establish those areas in which LB films offer significant 
advantages over layers produced by other (and perhaps 
cheaper) means. In the case of second-order nonlinear 
optics, the LB method offers a means of aligning 
the molecules in a film of micrometer dimensions. 
Materials with high second-order hyperpolarizabilities 
(for example, leading to significant second-harmonic 
generation) already exist. Further work is needed on 
the development of practical electro-optic structures 
with attention to important considerations such as 
encapsulation and device degradation. 

It is also interesting to note that a large number 
of biological materials form monolayers on a water 
surface. Chlorophyll a, the green pigment in higher 
plants; vitamins A, E and K; and cholesterol are all 
examples. Monomolecular films resemble naturally 
occurring biological membranes, which are based 
on a bilayer arrangement of long-chain phospholipid 
molecules. The LB technique might, therefore, be 
used as a means to fabricate artificial structures 
that emulate certain biological functions, such as 
photosynthesis, molecular recognition, or parallel 
information processing. 

MicuacL Perry 
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LASERS 


An acronym for Light Amplification by Stimulated 
Emission of Radiation, a laser involves interaction of 
light with matter at the molecular, atomic, or nuclear 
levels and requires a quantum mechanical description of 
both light and matter. According to quantum mechanics, 
when an electron decays from an excited level E+ to 
a lower energy level E_ < E, a photon of energy 
E, — E_ and frequency v = (E, — E_ )/h is emitted, 
where h = 6.672 x 10~*4Js is Planck’s constant. 

The decay of electrons from excited states and 
the consequent emission of light is stimulated by the 
interaction of photons (of the appropriate energy) with 
the electrons (Einstein’s stimulated emission). The 
emitted photons can then interact with excited electrons 
to produce a cascade of coherent photons, making up 
the familiar laser beam. 

Fora laser to work, three basic elements are required: 
(i) an energy level structure for the electrons (e.g., 
atomic or molecular fluids (gases or liquids), solids 
(crystals or glasses), or semiconducting junctures); (ii) 
a pumping mechanism (such as electrical current or 
light) to populate the upper energy level; and (iii) 
an optical cavity to partially confine the photons, 
enhancing their probability of interacting with the 
excited electrons. 

The most common laser structures are Fabry-Perot 
cavities (where light is confined between two opposite 
mirrors) and ring lasers (in which light travels in one 
direction along the border of a rectangle with mirrors 
appropriately oriented in the corners) (Siegman, 1986) 
(see Figure 1). Industrial lasers are normally of Fabry— 
Perot type while ring lasers are often preferred in 
research laboratories. 

The simplest laser model, describing only the first 
two required elements, consists of the laser rate 
equations, which model a laser medium in terms 
of the number of photons (proportional to the light 
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Figure 1. Ring and Fabry-Perot laser cavities. 


intensity, 7) and the number of excited electrons inside 
the laser cavity. Because the photon field can induce 
upward as well as downward transitions, the excited 
electrons are measured by the population inversion 
N = Ni—N_, where Nx (N_) denotes the number 
of electrons in the upper (lower) level. 

The photon population (/) is diminished due to the 
laser output as well as through other losses at a rate e/. 
Stimulated emission decreases the population inversion 
and increases the photon number at a rate aN, while 
absorption of photons produce the inverse effect at 
a rate aN_. (The equivalence between emission and 
absorption rate per electron is a quantum mechanical 
result. Note that for each photon emitted, the population 
inversion decreases by two as N decreases by one, 
while N_ increases by the same amount.) Excited 
electronic states (N+) are also produced by the pumping 
mechanism at a rate A/2 (which may be a function of 
time) and diminished by nonradiative processes at arate 
v(N — Neq) (where Neg, a negative number, derives 
from the population inversion at thermal equilibrium). 
A simple formulation of the laser rate equations is, 
therefore, 


di 





Pra [-e+aN]], dq) 
dN 
qo (A+ yNeq) — yN — 2aNI. (2) 


These laser rate equations have either one or two fixed 
points corresponding to steady operation of the laser. 
The laser-off state with J = 0 and N = No= A/y + Neq 
is always present. The stability of the laser-off solution 
depends on the sign of 1 =— ¢ + aNo. If this quantity 
is positive, small disturbances such as those produced 
by spontaneous emission are amplified and laser 
action develops. If A <0, disturbances die out, hence 
24=0 implies a threshold value for the pumping 
of A=y(e/a—Neq). Steady operation of a laser 
above threshold is represented by the laser-on state 
N=N,=6/a and I =(y/2a) (No— M1) /M. 
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These equations correspond to birth and death 
processes of photons and electrons that resemble those 
of predator and prey species in population dynamics. 
This analogy is somewhat tenuous, however, because 
quantum theory does not allow a photon or electron to 
be localized in time and energy simultaneously. Hence, 
the statistical description of a laser requires of entrained 
electron-photon states and the descriptions of quantum 
jump processes (Carmichael, 1999). 

A more detailed set of equations is obtained by 
considering a laser operating in a single longitudinal 
cavity mode (i.e., having a fixed spatial pattern within 
the optical cavity). With a simple quantum mechanical 
model for electron energy levels and a classical 
description of the electromagnetic field (i.e., a large 
number of photons), the dynamics of the laser are 
described by Maxwell—Bloch equations, which involve 
complex amplitudes of the electric and polarization 
fields in addition to the population inversion (NV) 
(Narducci & Abraham, 1988). 

An aim of laser design has long been to achieve lasers 
of higher photon energies. While ultraviolet lasers were 
developed early, X-ray lasers have only recently been 
demonstrated (Rocca, 1999), and gamma-ray lasers are 
not yet realized. 

Lasers can be classified in various ways according 
to their dynamics, the active media, the optical cavity, 
the pumping scheme, optical frequency, among others. 
Considering the active media, lasers can be grouped as 
follows. 


Solid State Lasers 

Solid state lasers, such as the ruby laser (the first laser, 
announced in 1960), which has a three-level pumping 
scheme for which Cr+ impurities are essential, 
require a high-energy source for pumping and operate 
intermittently. In contrast, Nd-YAG (neodymium- 
doped yttrium aluminum garnet) and Nd-glass lasers 
are based in a four-level scheme, operate under 
moderate pump power, and display different dynamical 
regimes. Ruby and Nd-YAG lasers represent the two 
basic pumping schemes for solid state lasers. 

In the three-level pumping scheme, the light emitting 
transition has the ground state as the final state, while in 
the four-level scheme the state reached by the electron 
after the transition is an excited state. 

There are a large number of solid state lasers ope- 
rating at different frequencies, each with particular 
features. Many of them employ a host crystal (or 
glass) doped with an impurity such as Aly03(Cr3*), 
Y203(Eu>* ), Gd303(Nd?* ), or BaFy(U?*). 


Gas Lasers 

Several active media fall in this category: helium-neon, 
argon, and the powerful CO» are among the best-known 
representatives. The standard method for the excitation 
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of the molecular states is an electric discharge in the 
gaseous medium where collisions between exited ions 
provide the pumping mechanism. However, optical 
pumping and other pumping mechanisms have been 
demonstrated for some gas lasers. 

Gas lasers can be operated in continuous wave and 
pulsed modes and are particularly important at the 
low-frequency (infrared) region of the electromagnetic 
spectrum. Other members of this class include H2O, 
HCN, CHygl, and HF lasers. 


Liquid Lasers 
The best-known representatives are dye lasers, where 
a stream of organic liquid is excited using visible 
or ultraviolet radiation from a flash lamp or a laser 
beam. The pumping mechanism involves radiative 
fluorescence at a lower frequency than that of the 
pumping source, a mechanism known as Stokes-shift. 
Other lasers in this class are based on solutions 
of rare earth elements. In contrast with gas and solid 
state lasers, dye lasers usually operate in cavities with 
relatively high losses. 


Semiconductor Lasers 

Because of their small size, semiconductor lasers play 
an important role in electronic applications. While 
earlier lasers were built as semiconductor diodes using 
p-—n junctions as in GaAs diodes (or PbS, PbSe, PbTe, 
SnTe, InSb, etc.) new generations of lasers, such as 
the Vertical Cavity Surface Emitting Laser (VCSEL) 
are produced modifying semiconductor surfaces and 
reducing the size and power requirements of the laser 
significantly. Semiconductor lasers are pumped by 
direct electrical current using the band structure of 
the semiconductor and electron-hole recomposition to 
produce the photons. 


Nuclear Magnetic Resonance 

The unique NMR laser relies on the (permanent) 
magnetic momentum of nuclei, which are pumped 
using aradio-frequency field. Optical pumping has also 
been demonstrated recently. 


For gas lasers, some liquid lasers, and solid 
state lasers, the lasing threshold is reached only 
with high reflectivity mirrors minimizing the cavity 
losses (small ¢). Such lasers operate just above 
threshold in a mode that is almost resonant with 
the frequency of the atomic transition and can be 
viewed as weakly nonlinear systems. Wide cavities, 
higher pumping levels, feedback, and other effects 
can induce multimode dynamics, where several empty 
cavity modes are required for the spatial description of 
the dynamics. 

When laser devices are based on lossy electromag- 
netic cavities, as in dye and semiconductor lasers, 
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the relation between cavity modes and monochromatic 
states (or solutions) is obscured. Nevertheless, these are 
also called multimode lasers when a description of the 
spatial extension is required. 

Despite the diversity of active media, pumping 
mechanisms, and lasing frequencies, the dynamics of 
lasers are often rather similar, the main differences 
accounted for by different parameter values in 
Maxwell-Bloch type equations. The dynamics of 
most lasers are described by simple dynamical 
attractors (fixed points) under constant pumping. There 
are, however, situations in which complex behavior 
emerges; thus, optical reinjection of the emitted 
light can destabilize a laser. Such a process might 
occur when the laser is coupled to optic fibers in a 
communication system. The Lang—Kobayasi equations 
(Lang & Kobayashi, 1980) (a modification of the 
rate equations including a delayed field) describe this 
situation for very small amounts of reinjected signal. In 
the case of semiconductor lasers, even small amounts 
of optical feedback require a spatial description of the 
laser cavity (multimode operation) (Huyet et al., 1998; 
Duarte & Solari, 1998). Attempts to control, or mode 
lock, a (usually powerful) slave laser with a (usually 
weak) master laser also generate a rich dynamical 
spectrum at the unlocking transition (Zimmermann 
et al., 2001). 

HERNAN G. SOLARI AND Mario NATIELLO 
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LATTICE GAS METHODS 


When one is interested in studying the dynamical 
behavior of fluid systems starting at the microscopic 


LATTICE GAS METHODS 


level, it is logical to begin with a molecular dynamics 
description of the interactions between the constituting 
particles. This is often a formidable task, as the 
fluid evolves into a nonlinear regime where chaos, 
turbulence, or reactive processes take place. But 
one may question whether a realistic description 
of the microscopic dynamics is necessary to gain 
insight on the underlying mechanisms of large-scale 
nonlinear phenomena. Around 1985, a considerable 
simplification was introduced (Frisch et al., 1986). 
These pioneering studies established (theoretically and 
computationally) the feasibility of simulating fluid 
dynamics via a microscopic approach based on a 
new paradigm. A virtual simplified micro-world is 
constructed as an automaton universe, based not on 
a realistic description of interacting particles but 
merely on the laws of symmetry and of invariance of 
macroscopic physics. 

Suppose we implement point-like particles on a 
regular lattice where they move from node to node 
at each time step and undergo collisions when their 
trajectories meet at the same node. As the system 
evolves, we observe its collective dynamics by looking 
at the lattice from a distance. A remarkable fact is 
that—if the collisions occur according to some simple 
logical rules (satisfying fundamental conservations) 
and if the lattice has the proper symmetry—this “lattice 
gas automaton” (LGA) shows global behavior very 
similar to that of a real fluid. So we can infer that 
despite its simplicity at the microscopic scale, the 
LGA should contain the essential features that are 
responsible for the emergence of complex behavior and, 
thereby, can help us understand the basic mechanisms 
involved. 

An LGA consists of a set of particles moving on a 
regular d-dimensional lattice £ at discrete time steps, 
t =nAt, with n an integer. The lattice is composed of 
V nodes, labeled by the d-dimensional position vectors 
r € L. Associated to each node are b channels, labeled 
by indices i, j,..., running from 1 to b. At a given 
time ¢, a channel can be either occupied by one particle 
or empty, so that the occupation variable n; (r,t) =1 
or 0. When channel i at node r is occupied, then the 
particle at the specified node r has velocity ¢;. The 
set of allowed velocities is such that the condition 
r+c;AteCL is fulfilled. The “exclusion principle” 
requirement that the maximum occupation be of one 
particle per channel allows for a representation of 
the automaton configuration in terms of a set of bits 
{nj(r,t)}; r€£,i={1,b}. The evolution rules are 
thus simply logical operations over sets of bits. 

The time evolution of the automaton takes place 
in two stages: propagation and collision. In the 
propagation phase, particles are moved according to 
their velocity vector, and in the (local) collision phase, 
the particles occupying a given node are redistributed 
among the channels associated to that node. So the 
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microscopic evolution equation of the LGA reads 
ni(r +c; At,t + At) 
= n(r,t) + Anjo), (1) 


where Aj;({nj}) represents the collision term that 
depends on all channel occupations at node r. By 
performing an ensemble average (denoted by angular 
brackets) over an arbitrary distribution of initial 
occupations, one obtains a hierarchy of coupled 
equations for the successive n-body distribution 
functions. This hierarchy can be truncated to yield 
the lattice Boltzmann equation for the single particle 
distribution function fj(r, t) = (ni(r, t)): 


fir +e; At,t+ At) — fi(r,t) 
= APM ({ f(r, 1))}). Q) 


The left-hand side is recognized as the discrete version 
of the left-hand side of the classical Boltzmann equation 
for continuous systems, and the right-hand side denotes 
the collision term, where the precollisional uncorrelated 
state ansatz has been used to factorize the b-particle 
distribution function. 

The lattice Boltzmann equation (2) is one of the 
most important results in LGA theory. It can be used 
as the starting point for the derivation (via multi-scale 
analysis) of the macroscopic equations describing the 
long wavelength behavior of the lattice gas. The LGA 
macroscopic equations are found to exhibit the same 
structure as the classical hydrodynamic equations, and 
under the incompressibility condition, one retrieves 
the Navier-Stokes equations for nonthermal fluids. 
Another important feature of the lattice Boltzmann 
equation is that it can be used as an efficient 
and powerful simulation algorithm. In practice, one 
usually prefers to use a simplified equation where the 
collision term is approximated by a single relaxation 
time process inspired by the Bhatnagar—-Gross—Krook 
model, known in its lattice version as the LBGK 
equation: 


Sir +e; At,t+ At) — fi(r,t) 
1 ; 
=-<[Ae- Feo]. @ 
T 


where the right-hand side is proportional to the 
deviation from the local equilibrium distribution 
function. 

There is a wealth of applications of the lattice 
gas methods that have established their validity 
and their usefulness. LGA simulations, based on 
Equation (1), are most valuable for fundamental 
problems in statistical mechanics, such as the study 
of fluctuation correlations in equilibrium and non- 
equilibrium systems (Rivet & Boon, 2001; Rothman 
& Zaleski, 1997). As an example, Figure 1 shows 
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Figure 1. Lattice gas simulation of the Kolmogorov flow: the 
tracer trajectories reflect the topology of the ABC flow in the 
regime beyond the critical Reynolds number (Re = 2.5 x Reg). 





Figure 2. Lattice Boltzmann (LBGK) simulation of viscous 
fingering in miscible fluids (upper panel) showing the interface 
sharpening effect of a reactive process between the two fluids 
(lower panel). 


the trajectories of tracer particles suspended in a 
Kolmogorov flow (above the critical Reynolds number) 
produced by a lattice gas automaton and from where 
turbulent diffusion was analyzed (Boon et al., 2000). 

Simulations of more direct practical interest, such 
as, for instance, profile optimization in car design or 
turbulent drag problems, are most efficiently treated 
with the lattice Boltzmann method, in particular using 
the LBGK model. The example given in Figure 2 
illustrates the method for the study of viscous fingering 
in Hele-Shaw geometry, showing the effect of reactivity 
between the two fluids as a determinant factor in the 
dynamics of the moving interface (Grosfils & Boon, 
2002). 

Applications of the LGA approach and of the lattice 
Boltzmann equation cover a wide variety of theoretical 
and practical problems ranging from the dynamics of 
thermal fluctuations and quantum lattice gas automata 
to multi-phase flow, complex fluids, reactive systems, 
and inhomogeneous turbulence. 

JEAN PIERRE BOON 


See also Cellular automata; Hele-Shaw cell; Molec- 
ular dynamics; Navier-Stokes equation 


LEVY FLIGHTS 


Further Reading 


Boghosian, B.M., Coveney, P.V. & Emerton, A.N. 1996. A lattice 
gas model of microemulsions. Proceedings of the Royal 
Society A, 452: 1221-1250 

Boon, J.P., Dab, D., Kapral, R. & Lawniczak, A. 1996. Lattice 
gas automata for reactive systems. Physics Reports, 273(2): 
55-148 

Boon, J.P., Hanon, D. & Vanden Eijnden, E. 2000. Lattice gas 
automaton approach to turbulent diffusion. Chaos, Solitons 
and Fractals, 11: 187-192 

Coveney, P.V. & Succi, S. (editors). 2002. Discrete modeling and 
simulation of fluid dynamics. Philosophical Transactions of 
the Royal Society, 360: 291-573 

Frisch, U., Hasslacher, B. & Pomeau, Y. 1986. Lattice gas 
automata for the Navier-Stokes equation. Physical Review 
Letters, 56: 1505-1508 

Grosfils, P. & Boon, J.P. 2002. Viscous fingering in miscible, 
immiscible, and reactive fluids. International Journal of 
Modern Physics B, 17: 15-20 

Meyer, D. 1996. From quantum cellular automata to quantum 
lattice gases. Journal of Statistical Physics, 85: 551-574 

Rivet, J.P. & Boon, J.P. 2001. Lattice Gas Hydrodynamics, 
Cambridge and New York: Cambridge University Press 

Rothman, D. & Zaleski, S. 1997. Lattice Gas Cellular Automata, 
Cambridge and New York: Cambridge University Press 

Succi, S. 2001. The Lattice Boltzmann Equation for Fluid 
Dynamics and Beyond, Oxford: Clarendon Press and New 
York: Oxford University Press 


LATTICE KINK 
See Solitons, types of 


LATTICE SOLITONS 
See Solitons, types of 


LAX OPERATORS 


See Inverse scattering method or transform 


LEADING EDGE DYNAMICS 


See Nerve impulses 


LEBESQUE MEASURE 


See Measures 


LEGENDRE TRANSFORMATION 


See Euler-Lagrange equations 


LENNARD-JONES POTENTIAL 


See Molecular dynamics 


LEVY FLIGHTS 
In 1937, the French mathematician Paul Lévy (1886— 
1971) introduced statistical descriptions of motion that 
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LEVY FLIGHTS 


extend beyond the more traditional Brownian motion 
discovered over one hundred years earlier. A diverse 
range of both natural and artificial phenomena is now 
being described in terms of Lévy statistics, from the 
flight of an albatross across the Antarctic skies to the 
trajectories followed by the abstract painter Jackson 
Pollock as he constructed his famous drip paintings. 

In 1828, Robert Brown published his studies of 
the random motion of soot particles in a dish of 
water as they were buffeted from random directions 
by the thermal motion of water molecules. In 1905, 
Albert Einstein provided a theoretical basis for this 
diffusion process. A particle’s Brownian motion is 
pictured as a sequence of jumps. For a single jump, the 
probability dependence on jump size x has a Gaussian 
distribution. A consequence of Gaussian statistics is that 
the size distribution for N jumps is also described by a 
Gaussian. 

Paul Lévy generalized beyond Brownian motion by 
considering other distributions for which one jump and 
N jumps share the same mathematical form. These 
Lévy distributions decrease according to the power law 
1/x!+Y for large x values, where y lies between 0 
and 2. Compared with Gaussian distributions, Lévy 
distributions do not fall off as rapidly at long distances. 
For Brownian motion, each jump is usually small and 
the variance of the distribution, (x?), is finite. For Lévy 
motion, however, the small jumps are interspersed with 
longer jumps, or “flights,” causing the variance of the 
distribution to diverge. As a consequence, Lévy jumps 
do not have a characteristic length scale. 

This scale invariance is a signature of fractal patterns. 
Indeed, Lévy’s initial question of “When does the whole 
look like its parts?” addresses the fractal property of 
self-similarity. An important parameter for assessing 
the scaling relationship of fractal patterns is dimension. 
What, then, is the dimension of the pattern traced out 
by Lévy motion? The short jumps making up Brownian 
motion build a clustered pattern that is so dense that area 
is a more appropriate measure than length—the pattern 
is actually two-dimensional. In contrast, although the 
short jumps of Lévy motion produce a clustering, the 
longer, less frequent jumps initiate new clusters. These 
clusters form a self-similar pattern with a dimension 
of less than two. Fractional dimensions are an exotic 
property of fractals. 

Today, Lévy motion is as widely explored in 
nonlinear, chaotic, turbulent, and fractal systems as 
Brownian motion is in simpler systems. Following 
Mandelbrot’s research in the 1970s demonstrating 
the prevalence of fractal patterns in nature, an 
increasing number of natural phenomena have been 
described using Lévy statistics (Mandelbrot, 1982). 
Lévy distributions are also having an impact on artificial 
systems. A recent example concerns nano-scale 
electronic devices in which chaotic electron trajectories 
produce Lévy statistics in the electrical conduction 
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properties (Micolich et al., 2001). Other examples 
include diffusion in Josephson junctions (Geisel et al., 
1985) and at liquid-solid interfaces (Stapf et al., 1995). 

It is even possible to picture relatively simple 
systems in which both Brownian and Lévy motion 
appear and a transition between the two can be induced. 
Consider, for example, dropping tracer particles into a 
container of liquid. This, of course, is Brown’s original 
experiment. In 1993, Harry Swinney extended this 
experiment by considering a rotating container of liquid 
shaped like a washer. As turbulence set in, vortices 
appeared in the liquid and Swinney’s group showed 
that the tracer particles followed Lévy flights between 
the vortices with y = 1.3 (Solomon et al., 1993). 

In addition to spatial distributions, Lévy statistics 
can also be applied to distributions measured as a 
function of time. A famous example is the dripping 
faucet (See Dripping faucet). In 1995, Thadeu Penna’s 
group showed that the fluctuations in the time inter- 
vals between drips follow a Lévy distribution with 
y = 1.66—1.85. A significant appeal of this result lies 
in a comparison with earlier medical work by Ary 
Goldberger’s group showing that fluctuations in the 
human heart beat follow y = 1.7 (Goldberger, 1996). 
This prompted Penna to ask, “Is the heart a dripping 
faucet?” 

Goldberger suggested that the Lévy statistics de- 
scribing the human heart arise from nonlinear pro- 
cesses that regulate the human nervous system. He has 
since extended his research of the fractal dynamics of 
physiology to other examples of involuntary behavior. 
This includes studies of the human gait that show that 
fluctuations in stride intervals display fractal variations 
(Hausdorff et al., 1996). Fractal variations might there- 
fore be a general signature of healthy human behavior, 
exhibited whenever conscious control is not involved. 

It is interesting to consider this speculation within 
the context of the results of the British Antarctic Survey 
in 1996, which showed that albatrosses follow Lévy 
flights. Other species of animals, such as ants and 
bees, also follow Lévy flights when foraging for food. 
Due to the diverging variance of the flight distribution, 
Lévy trajectories represent an efficient way of covering 
large regions of space, especially when compared 
with Brownian motion. Significantly, these animal 
behavioral patterns represent yet another example of 
Lévy behavior generated by actions that are devoid of 
intellectual deliberation. 

This relationship between unconscious actions and 
Lévy statistics has even touched on human creativity. 
In particular, the Surrealist art movement developed a 
technique called automatic painting, in which artists 
painted with such speed that any conscious involvement 
was thought to be eliminated. Jackson Pollock adopted 
this approach during the 1940-1950s when he dripped 
paint onto large horizontal canvases (see Autumn 
Rhythm, Figure 1). Remarkably, his paintings are fractal 
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Figure 1. Autumn Rhythm (Number 30), by Jackson Pollock, 1950. © 2003 The Pollock-Krasner Foundation / Artists Rights Society 
(ARS) New York. Courtesy The Metropolitan Museum of Art, George A. Hearn Fund, 1957. (57.92) 


and his motions have been described in terms of Lévy 
flights (Taylor et al., 1999). This work triggered visual 
perception tests that identified an aesthetic preference 
for fractal patterns with dimensions between 1.3 and 
1.5 (Taylor, 2001). 

Lévy distributions represent a truly interdisciplinary 
phenomenon that will continue to be useful as novel 
artificial and natural systems are explored. 

RICHARD TAYLOR 


See also Brownian motion; Dimensions; Dripping 
faucet; Fractals 
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LIE ALGEBRAS AND LIE GROUPS 


Lie groups were introduced by the 19th century Nor- 
wegian mathematician Sophus Lie through his studies 
in geometry and integration methods for differential 
equations (Hawkins, 1999). Further developments by 
W. Killing, E. Cartan and H. Weyl established Lie’s 
theory as a cornerstone of mathematics and its phys- 
ical applications. General references include Duister- 
maat & Kolk (1999), Sattinger & Weaver (1986), and 
Varadarajan (1984). 

An r parameter Lie group is defined as an r- 
dimensional manifold that is also a group with smooth 
multiplication and inversion maps. A key example is 
the r =n?-dimensional general linear group GL(n) of 
(either real or complex) n x n nonsingular matrices, 
det A # O, under matrix multiplication. Most Lie 
groups can be realized as matrix groups, that is, 
subgroups of GL(n). Important examples include the 


e special linear group SL(n) C GL(n) with detA = 1, 
andr =n? —1; 

e orthogonal group O(n) C GL(n, R) with A'A=I, 
and r =n(n — 1)/2; 


LIE ALGEBRAS AND LIE GROUPS 


e unitary group U(n) C GL(n, C) with At A=I,and 
2. 
ran 


e symplectic group Sp(2n) CGL(2n,R) with 
ATJA=J= ( ay and r =n(2n +1). 


A Lie algebra g is a vector space equipped with a 
skew-symmetric, bilinear bracket [-, - ]: g x g > g that 
satisfies the Jacobi identity 


[u,[v,w]]+[v,[w,u]}]+[w,[u, v]]=0. 


The Lie algebra g of left-invariant vector fields on an 
r-parameter Lie group G can be identified with the 
tangent space at the identity, and so dim g =r. The Lie 
algebra gl(n) of GL(n) consists of all n x n matrices 
under matrix commutator [A,B]=AB—BA. A 
finite-dimensional Lie algebra with basis v,,..., v; 
is specified by its structure constants Chins defined 
by the bracket relations [ v;, vg ]= wre Ch bi. Each 
finite-dimensional Lie algebra corresponds to a unique 
connected and simply connected Lie group G*; any 
other is obtained by quotienting by a discrete normal 
subgroup: G=G*/N. 

A subspace § Cg is a subalgebra if it is closed 
under the Lie bracket: [,6] Cb. Lie subalgebras 
are in one-to-one correspondence with connected Lie 
subgroups HCG. The subalgebra is an ideal if 
[9,6] cb. A Lie algebra is simple if it contains no 
nontrivial ideals, and semi-simple if it contains no 
nontrivial abelian (commutative) ideals. Semi-simple 
algebras are direct sums of simple algebras. A Lie 
algebra is solvable if the sequence of subalgebras 
g@™ =g, g&+ =[g, g] eventually terminates 
with g) = {0}. The Levi decomposition says that every 
Lie algebra is the semi-direct sum of a semi-simple 
subalgebra and its radical—the maximal solvable ideal. 

The Killing—Cartan classification of complex sim- 
ple Lie algebras contains four infinite families, de- 
noted An, Bn, Cn, Dn, corresponding to the simple 
Lie groups SL(n + 1), O(2n+ 1), Sp(2n + 1), O(2n). 
In addition, there are five exceptional simple Lie 
groups, G2, Fy, Es, E7, Eg, of respective dimensions 
14, 52, 78, 133, 248. The last plays an important role 
in modern theoretical physics. Extending the classifica- 
tion to infinite-dimensional simple Lie algebras leads 
to the Kac—Moody Lie algebras, of importance in inte- 
grable systems, theoretical physics, differential geom- 
etry, and topology (Kac, 1990). 

Lie groups typically arise as symmetry groups of 
geometric objects or differential equations. A (Lie) 
group G acts ona manifold M, for example, Euclidean 
space, provided m +> g-m for g €G,me M, defines 
a sufficiently smooth invertible map that respects the 
group multiplication. Lie classified all transformation 
groups acting on one- and two-dimensional real and 
complex manifolds (Olver, 1995). According to Klein’s 
Erlanger Program, geometric structure is prescribed by 
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an underlying transformation group; thus, Euclidean, 
affine, conformal, projective geometries are based on 
the eponymous Lie groups. If G acts transitively, then 
M=G/H is a homogeneous space, obtained by quo- 
tienting by a closed Lie subgroup. The group orbits— 
minimal invariant subsets—form a system of submani- 
folds, and the invariant functions are constant on orbits. 
The infinitesimal generators of the group action form a 
Lie algebra g of vector fields tangent to the orbits whose 
flows generate the group action. 

A linear action p:G — GL(V) on a vector space 
V is known as a representation. Representation theory 
plays a fundamental role in quantum mechanics since 
linear symmetries of the Schrédinger equation induce 
actions on the space of solutions, which decompose 
into irreducible representations. The structure of 
atoms, nuclei, and elementary particles is governed 
by the representations of particular symmetry groups 
(Hamermesh, 1962). Important special functions, for 
example, Bessel and hypergeometric, arise as matrix 
entries of representations of particular Lie groups 
(Vilenkin & Klimyk, 1991). The representation theory 
of the orthogonal group SO(2) leads to trigonometric 
functions and, hence, Fourier analysis, as the simplest 
case of harmonic analysis on semi-simple Lie groups 
(Warner, 1972). 

A Lie group acts on its Lie algebra g by the adjoint 
representation and on the dual space g* by the coadjoint 
representation. The coadjoint orbits are symplectic 
submanifolds with respect to the natural Lie—Poisson 
structure on g*, and are of importance in classifying 
representations (Kirillov, 1999), geometric mechanics, 
and geometric quantization (Woodhouse, 1992). The 
Euler equations of rigid body motion and of fluid 
mechanics are realized as the Lie—Poisson equations 
on, respectively, the Lie algebra of the Euclidean group 
and the infinite-dimensional diffeomorphism group 
(Marsden, 1992). 

A transformation group is called a symmetry group 
of a system of differential equations if it maps so- 
lutions to solutions. Symmetry groups are effectively 
computed by solving the infinitesimal symmetry con- 
ditions, which form an overdetermined linear sys- 
tem of partial differential equations, usually amenable 
to automatic solution by computer algebra packages 
(Olver, 1993, 1995). Applications include integration 
of ordinary differential equations, determination of 
explicit group-invariant (similarity) solutions of par- 
tial differential equations, Noether’s theorems relating 
symmetries of variational problems and conservation 
laws (Noether, 1918), bifurcation theory (Golubitsky 
& Schaeffer, 1985), asymptotics and blow-up (Baren- 
blatt, 1979), and the design of geometric numerical in- 
tegration schemes (Hairer et al., 2002). 

Classification of differential equations and varia- 
tional problems admitting a given symmetry group re- 
lies on its differential invariants. The simplest examples 
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are the curvature and torsion of space curves, and the 
mean and Gaussian curvatures of surfaces under the Eu- 
clidean group acting on R?. Cartan’s method of moving 
frames, and its more recent extensions to general Lie 
group and Lie pseudo-group actions (Olver, 2001), pro- 
vides a general mechanism for construction and clas- 
sification of differential invariants, with applications to 
differential geometry, the calculus of variations, soliton 
theory, computer vision, classical invariant theory, and 
numerical methods. 

Modern developments in applications of Lie group 
methods have proceeded in a variety of directions. 
General theories of infinite-dimensional Lie groups and 
algebras (Kac, 1990) and Lie pseudo-groups, arising in 
relativity, field theory, fluid mechanics, solitons, and 
geometry, remain elusive. Higher order or generalized 
symmetries, in which the infinitesimal generators also 
depend upon derivative coordinates, first proposed by 
Noether (1918), have been used to classify integrable 
(soliton) systems. Recursion operators are used to 
generate such higher order symmetries and, via 
Noether’s theorem, higher order conservation laws 
(Olver, 1993). Most recursion operators are derived 
from a pair of compatible Hamiltonian structures, 
and demonstrate the integrability of bi-Hamiltonian 
systems. The higher-order symmetries also appear in 
series expansions of Backlund transformations in the 
spectral parameter. 

Perer J. OLVER 
See also Backlund transformations; Inverse scat- 


tering method or transform; Maps; Symmetry 
groups 
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LIFETIME 


As the word implies, lifetime is a measure of the time 
that something manages to persist and properly func- 
tion. Often lifetime is a statistically defined quan- 
tity, as is evident from thinking about the failure of 
light bulbs. Clearly, one can exactly measure the life- 
time of any particular bulb at the cost of burning it 
out, but it is more interesting to know the probabil- 
ity of failure in a given interval of time for a par- 
ticular type of bulb. To obtain this information, it is 
necessary to measure the average burnout rate for a 
large number of bulbs that have been manufactured 
under identical conditions and use that information to 
characterize bulbs newly manufactured under the same 
conditions. A related approached is used by actuar- 
ies, who compute risks and premiums for human life 
insurance. 


Failure of a Nuclear Power Plant 


Statistical ideas are sometimes applied to more special 
situations, for example, a nuclear power plant, where 
neighbors ask: “What are the chances of it blowing 
up or melting down?” Engineers usually answer with 
soothing words. “It’s very safe. This reactor can’t blow 
up, and it has less than a fifty percent chance of melting 
down in the next thousand years.” But the engineers 
have only built a few dozen plants, all of which seem 
to be working fine. How do they come up with such an 
estimate? 

One procedure is to consider the various failure 
mechanisms (onset of corrosion, earthquakes, operators 
falling asleep, terrorist attacks, and so on), and assign 
a mean lifetime to each failure mechanism. Then the 
total failure probability up to time ft) is defined as 


nq 
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where t is the mean lifetime, taking all failure 
mechanisms into account. If these mechanisms are 
independent (do not influence one another), then 
1 1 1 J 
aaa eee ee (2) 
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where 71, 72,...,T\ are mean lifetimes estimated 
for N failure mechanisms. (Note that the 1; may 
be functions of time.) A key result of this simple 
formulation is that the total lifetime is less than the 
smallest constituent lifetime, making it imperative to 
consider all possible failure mechanisms. 


Lifetime of a Quantum State 


Given a quantum state y(r), where r is a spatial 
coordinate, it is interesting to know the mean time 
(t) before y makes a transition (decays) into one of 
N other states: $1 (r), @2(r), ..., dv (7). According to 
“Fermi’s Golden Rule”, the transition probability into 
gi is proportional to the square of an overlap integral 
(Slater, 1951; Dirac, 1935) 
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thus the total lifetime is 


1 

* Tylenr + Wien P+ + vio 
Although this equation is simple to write, it is 
difficult to compute because computation requires 
detailed knowledge of the wave functions of all states 
into which y can decay. Just as with a nuclear power 
plant, the total lifetime will be less than the smallest 
individual decay time, but tT is easier to measure, as it 

is often a small faction of a second. 





Soliton Lifetimes 


When John Scott Russell first observed a hydrodynamic 
soliton on the “happiest day of [his] life” in August of 
1834, he was struck by its remarkable stability, giving 
him time to follow it on horseback until it became “lost 
in the windings of the canal” (Russell, 1844). Although 
this and subsequent observations suggest that solitons 
are long-lived objects, the conclusion is somewhat 
misleading. It is the spatial localization of soliton 
energy that persists in time rather than the energy itself. 
Detailed perturbation calculations for the Korteweg— 
de Vries equation and for the nonlinear Schrédinger 
equation show that the times for energy decay under 
dissipative perturbations are less for nontopological 
solitons than for delocalized wave packets (Scott, 
2003). Solitons of the sine-Gordon (SG) equation, 
on the other hand, have infinite lifetimes, as their 
decay is prevented by a topological constraint. Thus, 
the kinetic energy of a SG kink decays (the soliton 
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slows to a stop), but its rest mass does not disappear. 
The property of topological stability is shared by 
Skyrmions, which makes these objects interesting as 
models for elementary particles. 

In studies of nontopological solitons in molecular 
crystals and of biological solitons, lifetime is a central 
issue, as the energy must remain localized long enough 
to be of technical or biological interest. When such 
solitons are also quantum objects (as is often the 
case), accurate lifetime calculations require estimates 
of the type sketched in Equation (4). This is a daunting 
theoretical task for three reasons: the wave function of 
a quantum soliton (yf) is quite complicated (Davydov, 
1991; Scott, 2003), biological molecules are often 
irregular structures for which all the possible final 
states {@;} are not known, and the temperatures at 
which biological organisms exist (ca. 300 K) introduce 
structural uncertainties that depend irregularly on time. 

Using femtosecond pump-probe spectroscopy, how- 
ever, it has recently become feasible to measure life- 
times in molecular crystals of the order of a picosecond 
or more (Elsaesser et al., 2000). Importantly, the re- 
sponse of such observations is null unless nonlinear 
effects are present, which occurs only for localized 
energy; thus the measurements focus specifically on 
soliton-like entities. From data produced by such ex- 
periments, the relevance of various theoretical propos- 
als for solitons in molecular crystals and biomolecules 
should become better understood in coming years. 

ALwyn Scorr 


See also Biomolecular solitons; Davydov soliton; 
Pump-probe measurements; Skyrmions 
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LIGHTHILL CRITERION 
See Wave stability and instability 


LINDSTEDT-POINCARE METHOD 


See Perturbation analysis 
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LINEARIZATION 

Linear systems are much easier to analyze than non- 
linear systems because they satisfy the superposition 
principle, which can be stated as follows: if R; is the 
output of a linear system to input S; and Ro is the out- 
put to input S2, then the output to the cumulative input 
aS, + bS2 is aR; + bR>. Applied iteratively, this prop- 
erty allows the inputs and outputs of a linear system to 
be decomposed in various ways to simplify analysis. 
From a more general perspective, linear systems do not 
confuse the lines of causality between the input and out- 
put (stimulation and response) of a linear system. Fully 
nonlinear systems, on the other hand, do not share this 
useful property; thus, the causal implications of each 
stimulation must be individually studied. 

Linearization is an attempt to carry some of the 
attractive properties of linear systems into the non- 
linear domain. Linearization methods can be classi- 
fied in two approaches: reductions of nonlinear sys- 
tems to linearized approximations for small perturba- 
tions and extensions of linearized approximations to 
weakly nonlinear systems. Linearization methods of 
the first approach are used for stability analyses of 
special solutions of a nonlinear system, such as crit- 
ical points, periodic orbits, solitary waves and peri- 
odic waves. In the neighborhood of such special so- 
lutions of nonlinear systems, linear equations are de- 
rived for small perturbations that are then studied us- 
ing standard methods (Fourier or Laplace transforms, 
Green functions, etc.). Linearization methods of the 
second approach are based on specific parameters of 
a linearized system, such as dominant eigenvalues 
or resonant wave numbers. Thus, linearized systems 
are extended to weakly nonlinear systems, such as 
normal forms and amplitude equations, by means of 
asymptotic multiple scale expansion methods and Fred- 
holm’s alternative theorem for linear nonhomogeneous 
equations. 

For systems of partial differential equations (PDEs), 
linearization methods can be illustrated with the 
example of a nonlinear Schrodinger (NLS) equation 
(Whitham, 1974): 


iu; + uxx — (@p + |u|?) w = 0, (1) 


where wo and w2 are parameters such that w2 >0 
and w2 <0 occur for defocusing and focusing cases, 
respectively. The NLS equation (1) has a constant wave 
solution of the form: 


ug(x,t)=a en i(eote2a)t | (2) 


where the wave frequency w= wy + wa” depends on 
the constant wave amplitude a. Linearizing the NLS 
equation (1) at the wave solution (2), one expands 
u(x,t) as 


ulx, t) =a elootere’)t 114 Vix, 1) FiW(x, OD], 
(3) 


LINEARIZATION 


where V and W are real. When the expansion is 
substituted into the NLS equation and the nonlinear 
terms in V and W are neglected, the linearized problem 
can be transformed to the linear Boussinesq equation 
(4) with constant coefficients: 


Wi — 2w a” Wx + Waxxx = 0. (4) 


The Fourier spectrum of the linear Boussinesq 
equation consists of two counter-propagating waves: 


W(x, 1) = Wye i2@r 4 elke tim (5) 


where Q(k) =k /2@2a?2+k?. When w2.>0 (the 
defocusing case), the wave spectrum is stable, that is, 
Q(k) is real for any k. When w2 < 0 (the focusing case), 
the wave spectrum is unstable, that is, Q(k) is complex 
for an interval of k, namely for 0 <k < ./2|@2|a. Thus, 
the linearization method of the first approach enables 
us to check stability of the constant wave solutions of 
the NLS equation. 

The linear Boussinesq equation (4) with w2 > 0 isa 
hyperbolic system. With dispersive effects neglected in 
a long-wave approximation, the Boussinesq equation 
reduces to the wave equation: W;; — c2W, =0, where 
c? =2@ a”. The wave equation has a solution in the 
form of two dispersionless counter-propagating waves: 
W(x, t)= W(x — ct) + W_(x+ct). Unidirectional 
long-wave, small-amplitude approximation can be 
captured by the asymptotic multi-scale expansion 
method in the perturbation series (Zakharov & 
Kuznetsov, 1986): 





u(x,t) =a e i(wotora’)t 





x +ieR(E,t) 4 & (2a ®) oe], (6) 


where € = e¢(x—crt),t =e°r, ande isasmall parameter. 
Applying the Fredholm’s alternative theorem to a linear 
nonhomogeneous equation at order O(e3), one can 
derive the Korteweg-de Vries (KdV) equation for 
Ww= Re: 


2cW, 6cW We: t Weee = 0. (7) 





With quadratic nonlinear terms neglected, the KdV 
equation (7) reproduces the dispersion relation of the 
linear Boussinesq equation, which has been reduced 
in the unidirectional long-wave approximation. Thus, 
the linearized method of the second approach enables 
us to derive the nonlinear evolution equation for wave 
propagation over the background of the constant wave 
solution of the NLS equation (1). 

Linearization methods for systems of ordinary 
differential equations (ODEs) are illustrated with the 
example of an autonomous nonlinear dynamical system 
(Glendinning, 1994): 

d 


u 
ape f(u), (8) 


LIQUID CRYSTALS 


where u=w/(t) is a vector observable and f(u) 
is a vector nonlinear function. Critical points of 
the dynamical system occur for w= ‘ug such that 
f (uo) = 0. Linearizing the nonlinear system (8) at the 
critical point uo, one expands u(t) as 


u(t) = uo + V(t). (9) 


Neglecting quadratic terms in w(t) reduces the 
linearized problem to the linear system with constant 
coefficients: 

du 


—=Jv, 


at J=Vuf , (10) 


Uu=uy 

where J is the Jacobian matrix. Solutions of the 
linearized system (10) depend on eigenvalues and 
eigenvectors of the Jacobian matrix: Jw= Aw. If 
all eigenvalues are located in the left half-plane of 
A, that is, Re(A) <0, then the critical point uo is 
asymptotically stable and the perturbation u(t) decays 
to zero exponentially in ¢. If there exists at least one 
eigenvalue in the right half-plane of 4, then the critical 
point uo is linearly unstable and the perturbation v(t) 
grows exponentially in f. 

Some or all eigenvalues may be located at the 
imaginary axis of A, that is, Re(A)=0. In such 
systems, when no other eigenvalues exist for Re(A) > 0, 
the critical point wo is neutrally (weakly) stable. 
Perturbations may however grow algebraically in 
t, if eigenvalues of A are multiple with algebraic 
multiplicity exceeding the geometric multiplicity. 
Local linearization is often insufficient for full 
description of such weak instability and the nonlinear 
stability analysis is desired. 

When eigenvalues cross or coalesce on the axis 
Re(A) =0, bifurcations may occur in the spectrum 
of a linearized system (Glendinning, 1994). Normal 
forms for bifurcations can be derived by extending 
the linearized system into the nonlinear domain. For 
example, a Hopf bifurcation occurs when two simple 
eigenvalues A=T'(e)+iQ(e) and A=T(e) — iQ(e) 
cross the imaginary axis at the bifurcation parameter 
€é=0, such that ['(0) = 0 and (0) = Qo. The normal 
form for the Hopf bifurcation can be derived by 
the asymptotic multi-scale expansion method in the 
perturbation series: 


u(t) = uo + ¢ [A(T wel! + A(T) we 1"7] 
+O(e*), a) 


where T = ¢2t and w is the eigenvector of Jw=)w 
for 4=iQ9 at ¢=0. The normal form for Hopf 
bifurcation follows from the Fredholm’s alternative 
theorem at order O(e3) in the form 

dA 

dT 
where 6 (0) is constant. A(T) bifurcates into a periodic 
orbit at the Hopf bifurcation when I’’(0)Re(B(0)) > 0. 





=[P'@+i2]A-AOIAPA, — (12) 
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Thus, linearization methods allow for linear and 
nonlinear stability analyses, resulting in simplifications 
of the nonlinear dynamical system (8). 

Dmitry PELINOVSKY 


See also Causality; Multiple scale analysis; Quasi- 
linear analysis; Stability 
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LIOUVILLE EQUATION 


See Sine-Gordon equation 


LIOUVILLE THEOREM 


See Phase space 


LIPSCHITZ CONDITION 


See Phase space 


LIQUID CRYSTALS 
Discovery and Basic Properties 


Liquid crystals do not follow the conventional classifi- 
cation of matter into three states: gas, liquid, and solid. 
In solids the orientation and position of the molecular 
building blocks are well determined, whereas in liquids 
the molecules move around in a disordered mixture. In 
liquid crystals the molecules can change their position, 
but their orientation is largely determined by neighbor- 
ing molecules. The liquid crystal phase was discovered 
by Friedrich Reinitzer in 1888, when he noticed that 
solid cholesterol benzoate melted at 145°C into a scat- 
tering liquid crystal phase which transformed into a 
clear liquid after further heating to 178°C (Priestly et 
al., 1976, Chapter 2). 

The type of ordering is related to the shape of 
the molecules or mesogens building the liquid crys- 
tal (De Gennes & Prost, 1993, Chapter 1). Calamitic 
molecules are rod-shaped and form nematic (molecules 
are aligned) or smectic phases (molecules are aligned 
and ordered in layers) as shown in Figure 1. Discotic 
molecules are disc-shaped and form nematic or stacked 
phases (with the molecules stacked on top of each 
other). The ordering of the molecules is not perfect due 
to thermal motion. With increasing temperature, order- 
ing decreases until the liquid crystal is transformed into 
an isotropic liquid. Because the phase transitions are 
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Figure 1. Different phases of liquid crystal materials. 
(a) isotropic, (b) nematic, (c) smectic-A, (d) smectic-C, 
(e) cholesteric. 


related to temperature, these materials are called ther- 
motropic liquid crystals. The organic molecules have 
low molecular weight (200-500) and can go through 
several phases from low to high temperature: solid— 
smectic-C—smectic-A—nematic—liquid (Figure 1). Chi- 
ral (handed) molecules do not have mirror symmetry 
and this may lead to a cholesteric phase in which the 
nematic orientation rotates slowly from one layer to 
the next (Figure le). Chiral phases have the property 
to reflect circularly polarized light that has the same 
handedness and periodicity as the molecule’s structure. 
In lyotropic liquid crystals which have one hydropho- 
bic and one hydrophilic part, the crystalline order- 
ing depends on the concentration of certain molecules 
in the solvent. At very low concentrations individual 
molecules move freely in the liquid, at higher con- 
centrations droplets, cylinders, or planes of attached 
molecules can be formed. Lyotropic liquid crystals are 
important in biological systems, in cell membranes, and 
dispersions (De Gennes & Prost, 1993, Chapter 1). 

The nematic and smectic-A phases have uniaxial 
symmetry with the preferential axis parallel with the 
molecules. The preferential axis is characterized by a 
vector, the director n. Other properties such as per- 
mittivity, refractive index, magnetic susceptibility, and 
conductivity are described by a tensor. The index of re- 
fraction of calamitic liquid crystals may, for example, 
vary between n | =1.5 and n\=1.6. The smectic-C phase 
has biaxial properties. The deformation of a liquid crys- 
tal leads to elastic energy. The energy in nematic liquid 
crystals is due to three types of variations in the orien- 
tation: splay, twist, and bend (see De Gennes & Prost, 
1993, Chapter 3; Blinov & Chigrinov, 1994, Chapter 4). 
The elastic energy is then expressed by the following 
equation: 


Fetastic = 3 (Ki (V+ i)? + Ky (A+ V x ni)? 
+K33 (fi x V x i)’). (1) 


Surfaces can prefer either homeotropic (perpendic- 
ular) or parallel alignment of the director. If the inter- 
face is treated by rubbing a polyimide surface layer, 
this dictates a preferential azimuth for the director. The 
minimization of the combined elastic energy and sur- 
face energy determines the orientation of the director 
between the surfaces. This can lead to a pure twist as 
shown in Figure 2. 
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Figure 2. Nematic liquid crystal between two glass plates. The 
grid represents the alignment layer and the arrow the rubbing 
direction. Left: antiparallel rubbing with all molecules parallel; 
Middle: 90° twisted nematic; Right: when a voltage is applied 
between the electrodes, the molecules tilt. 


Nonlinear Properties 


In smectic liquid crystals, linear elasticity theory and 
linear hydrodynamics no longer hold because higher 
order terms come into play in the elastic energy (De 
Gennes & Prost, 1993, Chapter 8). The elasticity con- 
stants then depend on the deformation strength and this 
can lead to undulation instabilities, buckling, or focal 
conic structures. In a similar way, hydrodynamic non- 
linearities yield frequency-dependent viscosities. If liq- 
uid crystal is illuminated with a high optical power, 
the physical properties may be modified. The processes 
leading to optical nonlinearities can be of electronic or 
non-electronic origin (Khoo, 1995). Electronic nonlin- 
ear effects involve processes in which the electronic 
wave functions of the liquid crystal molecules are per- 
turbed by the optical field. These very fast processes 
are similar to electronic nonlinearities in solid crystals. 
These processes lead to second and third harmonic gen- 
eration and optical phase conjugation (Khoo, 1995). 
Beside the electronic structure of the molecules, other 
physical properties can change because of an applied 
optical field, such as the molecular structure or orienta- 
tion, the temperature, and the density (Elston & Sam- 
bles, 1998, Chapter 6). Slow temperature effects oc- 
cur when a liquid crystal in a nematic phase is heated 
by an optical beam. The difference between the ordi- 
nary and extraordinary index of refraction decreases 
until the liquid crystal reaches the transition tempera- 
ture and becomes isotropic. Another important effect 
is the molecular reorientation by the optical field. In 
the static case, the molecules will reorient due to the 
difference in dielectric constant (¢| and ¢_ ); and in the 
optical case, due to the difference in refractive index 
(ny and n,). 


Applications 


Because of the anisotropy in the permittivity (or mag- 
netic susceptibility), calamitic molecules with ¢) > ¢1 
prefer to orient their long axis parallel with an ap- 
plied electric (or magnetic) field. By applying a volt- 
age over a cell filled with liquid crystal, it is possi- 
ble to make the molecules tilt out of the plane, as 
illustrated in Figure 2. In a uniaxial liquid crystal, 
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linearly polarized ordinary and extra-ordinary waves 
propagate with refractive indices n, and ne (with ne 
between nj and n_) (Iizuka, 2002, Ch.4). Because of 
the difference in propagation speed, the polarization 
state of the combined wave changes continuously. In a 
twisted nematic display (Figure 2), the linearly polar- 
ized light roughly follows the orientation of the director 
(Mauguin regime) and rotates over 90° (Priestly et al., 
1976, Chapter 14). If the top polarizer is also rotated 
over 90° compared to the bottom polarizer, all light will 
be transmitted. If a voltage is applied to the cell and 
the molecules orient perpendicularly, the linear polar- 
ization is unchanged, and no light passes through the 
analyser. Cholesteric liquid crystals appear in nature, 
for example, in the cuticle of insects. The result is a col- 
ored and polarized reflection, depending on the angle of 
observation. 

KrisTIAAN NEYTS AND JEROEN BEECKMAN 


See also Dislocations in crystals; Harmonic gener- 
ation; Nonlinear optics 
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LOCAL MODES IN MOLECULAR 
CRYSTALS 


Energy transfer in molecular crystals occurs through 
exciton hopping from molecule to molecule. It is 
possible, however, that nonlinear localization takes 
place due to coupling between excitonic and vibrational 
degrees of freedom, transforming the exciton into a 
local mode. Such a mode is generated by an effective 
local nonlinear potential induced by the exciton-phonon 
coupling, and it has features similar to a polaron, a 
soliton, and a breather. 

The experimental search for nonlinear local modes 
was initiated by Careri in the early 1970s in crystalline 
acetanilide (CH3CONHC¢Hs), or ACN, which has 
structure similar to a polypeptide; thus, positive 
findings in ACN could be of biological significance. 
In particular, if nonlinear local modes exist and are 
sufficiently long-lived, they could be agents of energy 
transfer in biomolecules. 
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In ACN and in proteins, one finds hydrogen-bonded 
quasi-one-dimensional polypeptide chains with the 
following structure: 


--H-N-—C=0.--H-N-—C=0.--H-N-C=O.-.. 
() 


Careri focused on the amide-I (C=O stretching) vi- 
bration and found its infrared absorption spectrum to 
have two peaks: a “normal” one at 1665cm~! and an 
“anomalous” one at 1650cm~!. The basic feature of 
the latter is its strong temperature dependence and its 
disappearance at biological temperatures, as shown in 
Figure 1. 

In 1982, Careri and Scott hypothesized that this 
anomalous peak is a spectral signature of a self- 
trapped state similar to the Davydov soliton, while 
the normal peak is the delocalized free exciton 
of the amide-I vibration. An approximate way to 
represent the ACN local mode is by assuming an 
adiabatic separation between the faster amide-I exciton 
vibration and a slower local (Einstein) oscillator with 
which the hydrogen bond interacts. The corresponding 
Hamiltonian has three terms: 


H = Hex + Aph + Hint, (2) 


where 


Hex = )~[eoa,an — I(afang1 + afan—1)], 


1 2 
Aph = = [Pe + moan? , 
n my 


Aint = X GnQ}An : (3) 
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Figure 1. Infrared absorption spectra of crystalline acetanilide 
in the region of the amide-I mode. The free exciton peak is at 
1665cm~! while the anomalous peak that is at 1650cm~ ! 
has strong temperature dependence and is associated with a 
self-trapped state (Careri et al., 1984). 
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Here a;, (an) creates (destroys) a quantum of amide- 
I excitation of energy ¢o at the nth CO unit, J is the 
energy of exciton-exciton interaction between adjacent 
CO units, py, and q, are the momentum and position, 
respectively, of the local Einstein oscillator at the nth 
location representing a low frequency optical mode, and 
x determines the strength of the interaction between the 
exciton and Einstein mode. 

One way to analyze this complex problem is 
by treating the slow (p, ~0) Einstein oscillators 
classically while evaluating the expectation value of 
the total Hamiltonian with respect to the exciton wave 
function |W) = >, cn(t)atn|O)ex, where |O)ex is the 
exciton system vacuum. Variational minimization of 
H = (W|H|W) with respect to the oscillator variable 
dn leads to gn = — xX/(may?)|Cn (t)|?, which upon 
substitution to transforms the latter to the classical 
Hamiltonian 


2 + ~ 
H= > [se —JI(C&nCn1 + C&nCn—1) 
n 


2 
capes n'| (4) 


2 
2map 





Hamilton’s equations then lead to a discrete self- 
trapping system or a discrete nonlinear Schrédinger 
(DNLS) equation: 
2 
ies, AOU es ee 2 
ihen + J (cn41 + Cn-1) 4 7 len! cn =0. (5) 
mag 





This equation admits two types of solutions: one is an 
extended plane wave corresponding to the free exciton, 
while the other is localized and corresponds to a self- 
trapped state. The difference of the energies of these 
two solutions is 


rad 


Ey = 
p 2m WO 
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corresponding to the binding energy of the self-trapped 
state. A combination of calculations and fitting to data 
suggests that J+ 4cm~ im x7/mop ~45cm~!, and 
Ey is equal to 1665 — 1650 = 15cm—!. 

This picture is in accord with the presence of the 
two peaks in the amide-I region shown in Figure 1. 
Use of these parameter values in the context of a more 
sophisticated model gives also the correct temperature 
dependence of the anomalous peak. Because in the 
present case J < x7/ mae, the local mode can also be 
viewed as a DNLS discrete breather close to the anti- 
continuous limit (where J > 0). 

Although the above proposed was furnished in the 
1980s, both the essence of Davydov’s idea as well as 
its specific application to ACN were challenged during 
this period. The possibility that the anomalous peak is 
a result of Fermi resonance of the amide-I mode with 
an overtone of an alternative ACN vibrational mode 
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was suggested as well as a possible structural source 
for the mode. These possibilities were to a large degree 
eliminated by the experimental work of Barthes and 
her collaborators. Definitive experimental information 
on the ACN local mode was furnished in 2002 by Edler 
and Hamm. 

Using time-resolved pump-probe experiments with 
infrared beams of femtosecond duration, Edler and 
Hamm were able to excite the amide-I region and follow 
the time development of the various modes in that 
region. Their experiments showed a clear difference 
in the behavior of the normal and anomalous modes 
with the latter one being strongly anharmonic. Although 
the lifetime of the anomalous mode was only about 
2 ps, return of this energy to the ground state took 
about 35 ps. Thus, the local mode initially relaxes into 
a state that is either spectroscopically dark or outside 
the spectral window of the probe. Interestingly, similar 
pump-probe experiments for the region of the NH 
stretching demonstrate the presence of nonlinear local 
mode structure in this range as well. 

The initial experiments of Careri, the subsequent 
work of Barthes, and finally the experiments of Edler 
and Hamm along with Davydov’s theory and its 
application to ACN by Scott present a convincing 30- 
year story that attributes the source of the anomalous 
ACN peak to a highly localized, relatively short-lived 
self-trapped state. 

Another molecular crystal with different struc- 
ture that is believed to form nonlinear local 
modes is the halide-bridged mixed-valence transi- 
tion metal complex {[Pt(en)2][Pt(en)2Cl2](ClO4)4}, 
where en=ethylenediamine. In PtCl, essentially one- 
dimensional chains of platinum alternating with chlo- 
rine atoms are formed, and an intra-molecular vibra- 
tional excitation of the PtCl trimer caused by energy 
transfer between Pt*+ and Pt?+ seems to become ef- 
fectively localized as a result of coupling with other 
crystal vibrational modes. Raman spectra show a clear 
red-shifted PtCl overtone spectrum induced by anhar- 
monicity that reduces in PtBr crystals due to smaller 
effective anharmonicity and disappears in PtI due to 
absence of nonlinearity. A multiquanta generalization 
of the theoretical ACN approach of Equations (1)—(4) 
demonstrates that the overtone redshifts in the PtCl Ra- 
man spectrum can be accounted for quantitatively as 
well as qualitatively by a nonlinear local mode picture. 

GP. Tsironis 





See also Breathers; Davydov soliton; Discrete 
nonlinear Schrédinger equations; Discrete self- 
trapping system; Pump-probe measurements 
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LOCAL MODES IN MOLECULES 


The local mode model was introduced in the 1970s 
to describe highly excited vibrational overtone states. 
It has been used to describe XH stretching overtone 
spectra where X is some heavier atom like C, N, or 
O. However, the genesis of the local mode model in 
molecules dates back to the work of J.W. Ellis (1929). 
Ellis measured the overtone spectrum of benzene in 
the liquid phase to Avcy =8 (a transition from the 
ground vibrational state to a state with 8 quanta 
in CH-stretching). He found that the spectra were 
pseudo-diatomic in character, in that the CH overtone 
frequencies could be fitted by a simple Birge—Sponer 
relationship that had been used to describe a diatomic 
anharmonic oscillator. Thus, if the observed overtone 
peak frequencies, Dy), are divided by v, the number 
of CH-stretching quanta in the excited overtone state, 
and plotted versus v, a straight line is obtained. The 
slope yields the local mode anharmonicity, @x, and 
the intercept can be used to determine the local mode 
frequency, @. 


Dyy/v = @— (v+ lox. dd) 


In 1968, Henry and Siebrand used the localization 
ideas of Ellis to model the overtone spectrum of 
benzene on the basis of the assumption that the six local 
CH-stretching modes were anharmonic but only weakly 
coupled (Henry & Siebrand, 1968). They derived values 
for CH-stretching anharmonicity constants expressed 
in the normal mode basis and calculated the energies of 
all of the components of the overtone bands expressed 
in terms of normal modes. At Avcy =6, there are 
462 such components of which 150 (the 75 doubly 
degenerate EF), states) are allowed. The spectra were 
then modeled on the basis of a weighted combination 
of the allowed normal modes. Subsequently, Hayward 
and Henry postulated that the radiation field selectively 
excites only the most anharmonic of the normal mode 
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components (Hayward & Henry, 1975). In such a state, 
all the vibrational energy is effectively localized in one 
XH bond (X=C, N, O, etc.) and absorption to this 
pure local mode state is said to account for the overtone 
spectra. Some of these ideas had been published in 1936 
in Germany by Mecke and his collaborators (Mecke & 
Ziegler, 1936). However, Mecke’s work seemed to have 
been largely unknown and ignored. The description 
that emerges is that XH-stretching overtone spectra 
can be described by a local mode model in which 
the local oscillators are anharmonic but only weakly 
coupled. The radiation field selectively excites a state 
whose components have all of the vibrational energy 
localized in one of a set of equivalent XH bonds. Such a 
description predicts only a single transition for a given 
type of XH oscillator in agreement with experiment. 
The local mode model is now generally accepted, and 
because of the localization of energy for spectrally 
active states in a single chemical bond, XH-stretching 
overtone spectra are very sensitive to bond properties. 
Such spectra have been used to investigate molecular 
structure, molecular conformation, intermolecular 
forces, nonbonded intramolecular interactions, and 
intramolecular vibrational energy redistribution. 


The Harmonically Coupled Anharmonic 
Oscillator Model 


In a molecule like water, the two OH bonds can 
be treated as Morse potentials. In accord with the 
local mode model, the OH oscillators are anharmonic 
but only weakly coupled. It turns out that this off- 
diagonal potential and kinetic energy coupling is well 
approximated by the rules that govern coupling of 
harmonic oscillators. 

The harmonically coupled anharmonic oscillator 
(HCAO) model was formulated independently by 
Mortensen et al. (1981) and by Child & Lawton (1981). 
Coupling is allowed only between states within a given 
vibrational manifold, that is, between states with the 
same value of the XH-stretching vibrational quantum 
number v. Coupling is restricted to the harmonic limit 
where oscillator population differs by +1. All of the 
parameters in this model are obtained either directly 
from the spectra or from ab initio calculations. 

The model has been very successful in accounting 
for the observed energies of overtone peaks in XH- 
stretching overtone spectra and, thus, has proved 
useful in the assignment of these spectra. It has been 
generalized to more than two equivalent oscillators and 
to sets of non-equivalent oscillators. No identification 
of the wave functions is needed for the HCAO model 
to calculate peak energies. However, if one uses a basis 
set consisting of products of one-dimensional Morse 
oscillators, the HCAO model can be used to generate 
vibrational wave functions. If such wave functions are 
used along with ab initio calculations of dipole moment 
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functions (expanded in local coordinates), simple but 
highly successful calculations of overtone intensities 
are possible (Kjaergaard et al., 1990). 


Overtone Intensities 


Typically, these calculations: (i) identify transitions to 
pure local mode states, whose components have all 
of the vibrational energy localized in one of a set 
of equivalent XH oscillators, as the dominant peaks 
for Avy x > 3; (ii) indicate that the intensity of these 
pure local mode peaks is determined primarily by 
second-order diagonal terms involving 0? 4/8 R? in the 
dipole-moment operator j1; (iii) account for the fall- 
off in intensity with increasing v and the intensity 
distribution within a given manifold; (iv) account 
for the intensity distribution at Avyy=2 where 
coupling between the local oscillators is important; 
and (v) account for relative intensities for different 
oscillators within a molecule. For example, calculations 
on cyclohexane (Kjaergaard & Henry, 1992) and 
naphthalene (Kjaergaard & Henry, 1995) successfully 
predict the relative intensities of the two non-equivalent 
ring hydrogens. These calculations have also been 
applied to the determination of accurate absolute 
overtone intensities for a number of species that are 
important in atmospheric photochemistry so that effects 
on the absorption of solar radiation can be estimated 
(Fono et al., 1999; Vaida et al., 2001). 

One surprising result in these intensity calculations 
is that electron correlation in the dipole moment 
function affects the calculated fundamental intensity 
but has no significant effect on overtone intensities. One 
factor in this insensitivity to correlation is likely to be 
the primary importance of nonlinear terms in the dipole 
moment operator. 

The HCAO intensity model has been generalized to 
include torsional motion in the Hamiltonian and to in- 
clude the torsional coordinate in the ab initio calcu- 
lation of the dipole moment function. As a result of 
coupling between torsion and stretching, both in the 
Hamiltonian and through the dipole-moment function, 
a very large number of transitions carry intensity and 
contribute to the overall methyl spectral profile. This 
model has successfully accounted for the methyl spec- 
tral profiles in the overtone spectra of methyl substituted 
aromatic molecules (Kjaergaard et al., 2000). 

One early interest in the local mode field was 
the possibility that these highly localized states could 
be pumped with high power lasers and the result 
would be selective bond photochemistry. To date, no 
practical example of such behavior has arisen. The 
reason probably lies in the very rapid decay of these 
highly vibrationally excited states on a subpicosecond 
timescale. The dynamics of these local mode states 
continues to be a very active research area. 

Bryan R. HENRY 
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LONG JOSEPHSON JUNCTIONS 

The long Josephson junction is an excellent example 
of an experimental solid-state system that in a 
straightforward and measurable way, supports the 
existence and propagation of solitons (Parmentier, 
1978; Pedersen, 1986; Ustinov, 1998). In this system, 
the soliton is called a fluxon, because it contains one 
quantum of magnetic flux, yj) = h/2e = 2.064 10715 
webers (/ is Planck’s constant and e is the electron 
charge), in accord with the particle nature of solitons 
(Scott, 2003). 

A Josephson junction consists of two weakly cou- 
pled superconductors separated by a thin (typically 1— 
10 nm) insulating layer. An important dynamical vari- 
able is the phase difference between the macroscopic 
quantum mechanical phases of the two superconduc- 
tors, @(x, t). Under an appropriate time normalization, 
the small Josephson junction obeys approximately the 
same equation as the damped and driven pendulum. If 
the Josephson junction is long with respect to an in- 
trinsic length scale (called the Josephson penetration 
depth, of order 1—1000 1m), the equation becomes the 
damped and driven sine-Gordon equation (often called 
the perturbed sine-Gordon equation) (McLaughlin & 
Scott, 1978): 


oxx + br + ad; + sing =i. (1) 


Here, the damping parameter a (with typical experi- 
mental values in the range 0.01 <a <0.1) is related to 
the Josephson junction parameters per unit area: con- 
ductance G, capacitance C, and supercurrent J; thus 
a=GV/h/2eC J.Alsoi = Ipias/ 10 is a bias current nor- 
malized to the maximum Josephson current, x is the 
direction of the long side of the junction normalized 
to the Josephson penetration depth, and time f is nor- 
malized to the so-called plasma frequency, which cor- 
responds to the pendulum oscillation frequency. The 
plasma frequency is of order 1-500 GHz, depending 
on fabrication parameters (composition and thickness 
of insulating layer, superconducting materials, etc.). 

A particularly interesting solution to Equation (1) 
is the sine-Gordon soliton (kink), or rather a slightly 
modified kink because of the damping and bias terms. 
Such a kink carries one quantum of magnetic flux (an 
antikink carries a flux quantum pointed in the opposite 
direction), and it has a steady state velocity determined 
as a balance between energy input from the bias current 
(i) and losses stemming from a. This solution has 
particle-like properties, behaving approximately as a 
Lorentz invariant, relativistic particle with the velocity 
of light in the system being the limiting velocity. This 
so-called Swihart velocity is determined by the junction 
fabrication parameters and is typically 1-5% of the 
velocity of light in vacuum. 

The simple form of the dynamical equation shown 
in Equation (1) refers to the so-called overlap geometry 
shown in Figure 1(a), in which the externally applied 
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Figure 1. Rectangular-shaped long Josephson junctions (not to 
scale). (a) Overlap geometry. (b) Inline geometry. 











a b 


Figure 2. Other long junction geometries (bias not shown). 
(a) Eiffel junction. (b) Annular junction. 





current is fed uniformly to the long dimension of the 
long Josephson junction. In addition to Equation (1), 
boundary constraints must be satisfied. For an overlap 
junction of length L, the longitudinal (x-directed) 
surface current (j) is zero at x=0 and x=L if no 
external magnetic field is applied. 

Because the long Josephson junction is typically 
fabricated using photolithographic and evaporation 
techniques borrowed from the semiconductor chip 
industry, it is easy to produce different geometries. 
Besides the overlap junction, inline junctions, Eiffel 
junctions, and annular junctions are of experimental 
and practical interest. 

For the inline junction shown in Figure 1(b), the 
external current is fed from the narrow ends of the 
junction. The right-hand side of Equation (1) becomes 
zero, and the bias enter through the boundary conditions 
at x=0 and L. In the Eiffel junction shown in 
Figure 2(a), the width of the junction is varied in an 
exponentially tapered shape approximating that of the 
Eiffel tower. For reasons of energy conservation, the 
propagation becomes unidirectional, with the fluxon 
tending to move in the direction of decreasing junction 
width (Benabdallah et al., 1996, 2000). The Eiffel 
junction has been proposed as a dc to ac converter and 
a microwave oscillator. 

The annular junction, shown in Figure 2(b), is 
like a long overlap junction where the two ends are 
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joined. For topological reasons connected with the 
superconducting phase quantization, periodic boundary 
conditions apply; that is, j (0, t) = j(L, t) + 2px with 
p=0,1,2,..., where j is the longitudinal surface 
current. A relatively clean soliton (fluxon) can be 
studied here since there are no collisions with 
boundaries. The total number of fluxons minus 
antifluxons is a conserved number (p) and fluxons 
can only disappear in a fluxon-antifluxon annihilation 
processes, conserving the total flux in the ring. In 
a variant of the annular junction, periodic changes 
in the junction width give rise to deceleration and 
acceleration of the fluxons, thereby producing radiation 
(McLaughlin & Scott, 1978). 

The long Josephson junction has a_ potential 
as a microwave oscillator in the hundreds of 
Gigahertz range (100-1000 GHz). This is a frequency 
range, interesting for applications such as fast 
superconducting electronics, radio astronomy, and 
satellite-to-satellite communication. In this frequency 
range, competing oscillators are often bulky, noisy, and 
expensive. Importantly, the line width of the fluxon 
oscillator with proper stabilization can become very 
narrow—of the order 50 kHz. Since the line width 
of a local oscillator sets the frequency resolution for 
a heterodyne receiver, this is an important property 
for spectroscopy and for determining the frequency of 
radio sources in the universe. 

For radio astronomy (~ 100-500 GHz), the standard 
today is a superconducting superheterodyne receiver, 
for which all components (mixer, local oscillator, filters, 
etc.) are fabricated in superconducting electronics, 
and the local oscillator is typically a long Josephson 
junction. In practice, two different schemes for a fluxon 
oscillator have been used. In one scheme, the fluxon 
propagates back and forth within the junction. At each 
collision with boundary some radiation is coupled out 
to an external circuit. The frequency of the radiation is 
given by the time of flight of the fluxon in the junction. 

In another mode—the so-called flux flow mode—a 
unidirectional stream of fluxons is created. This can be 
done either by the above mentioned Eiffel junction or 
by applying a magnetic field that breaks the symmetry, 
giving rise to energy absorption at one end of the 
junction and energy creation at the other. With proper 
parameter adjustment, fluxons will be continuously 
created at one end of the junction, propagated through 
the junction, and absorbed in an external load (mixer) 
at the other end. 

The power obtainable in such schemes is at best 
a few microwatts at 300-500 GHz with a narrow line 
width (of order 100 kHz). Nonetheless, this power level 
is sufficient for local oscillators of superconducting 
receivers. 

As a concluding remark, we mention that it has 
been known since the early days of the long Josephson 
junction research, that the fluxon has properties related 
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to a relativistic particle. Recent experiments have 
demonstrated that it also has quantum mechanical 
properties (Wallraff et al., 2003). 
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LORENTZ GAS 


The Lorentz gas is a model dynamical system generated 
by the motion of non-interacting point particles 
(“electrons”) in a field of immovable (infinitely heavy) 
spherical particles, called scatterers. The particles move 
by inertia according to Newton’s law and are reflected 
from the scatterers elastically. The scatterers may 
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overlap and are assumed to be randomly or periodically 
distributed. 

Hendrik Lorentz introduced this model as a 
simplified version of the Drude model for metallic 
conductance of electricity (Lorentz, 1905). Lorentz’s 
goal was to modify the Drude model in such a way 
that the Boltzmann equation becomes linear. This is so 
for the Lorentz gas because of the lack of interactions 
between particles, which do not influence the positions 
of the scatterers. As it is sufficient to consider just one 
moving particle, a one particle model is now usually 
called the Lorentz gas. 

The Lorentz gas appeared to be an inadequate 
model to describe a gas of electrons in metals. 
However, it became one of the most popular models 
in non-equilibrium statistical mechanics, which is used 
to study the most fundamental problems such as 
irreversibility, the existence of transport coefficients, 
and the derivation of kinetic and hydrodynamic 
equations from mechanical laws. The Lorentz gas 
with random distribution of scatterers also serves as a 
relevant model of a dilute gas in equilibrium, consisting 
of a mixture of two types of (spherical) particles with 
one much larger and heavier than the other. Almost 
all collisions are between smaller and larger particles, 
rather than among smaller particles, even though there 
are many more smaller particles than heavy particles 
(Dettmann, 2000). 

The kinetic stage of the Lorentz gas evolution is 
described by the Boltzmann equation, which refers to 
dilute gases. The appropriate limit procedure was sug- 
gested by Grad (1958) and is called the Boltzmann— 
Grad limit. In this limit, the density of a gas (den- 
sity of scatterers) tends to zero while the mean free 
path of the moving particle remains constant. For the 
Lorentz gas, the kinetic Boltzmann equation goes in the 
Boltzmann-Grad limit into the linear Fokker—Planck— 
Kolmogorov equation for the corresponding Markov 
process. It has been proven for a dilute random Lorentz 
gas in the Boltzmann-—Grad limit that the Boltzmann 
equation holds for almost any (Poisson distributed) 
configuration of scatterers (Boldrighini et al., 1983). 
This result allows a comparison of the theory with the 
results of computer experiments, because it refers to 
an individual configuration of scatterers rather than to 
characteristics averaged over the ensemble of all such 
configurations. 

Rigorous results on the hydrodynamics of the 
Lorentz gas are available only for periodic configura- 
tions of scatterers. This problem for a random Lorentz 
gas currently looks hopeless because it can be reduced 
to a problem of random walks in random environments 
that is far beyond the present abilities of this theory. 
Clearly, the hydrodynamic equation for the Lorentz gas 
must be the diffusion equation because the momen- 
tum is not preserved in this model, and the conserva- 
tion of energy is just equivalent to the conservation of 
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Figure 1. Periodic Lorentz gas: (a) With bounded free path. 
(b) With unbounded free path. 


mass. Therefore, the diffusion coefficient is also the 
only transport coefficient in the Lorentz gas. 

Consider a periodic Lorentz gas where a free 
path of the particle is uniformly bounded by 
some constant. The simplest such configuration 
of scatterers in the plane is obtained by taking 
the hexagonal lattice of sufficiently large scatterers 
(Figure 1(a)). Observe that a periodic Lorentz gas 
is just Sinai billiards (See Billiards) when restricted 
to an elementary cell of a periodic configuration of 
scatterers. Such a cell can always be chosen to be a 
rectangle B={q = (q1, q2):0< 41 <h1,0<q2 <b}, 
where (q1, g2) are planar coordinates of the moving 
particle. Let the particle initially (at t=0) have a 
random position in B and its velocity (which in a 
Lorentz gas can always be taken as equal to one) be 
also randomly distributed in the unit circle. Suppose 
that this distribution jz (in the direct product II of B 
and the unit circle) has a well-behaved density with 
respect to the volume in IT. Then x(t) = (q(t), v(t)) isa 
random vector, where g (t) = (q1(t), g2(t)) is a position 
of the particle at time ¢ and v(f) is its velocity. Rescale 
trajectories of the particle by setting q;(s) = wa q(st), 
0<s <t. The probability distribution jz on the initial 
conditions induces a probability distribution on jz; on 
the set of all possible trajectories g;(s), 0<s <t. To 
study a hydrodynamic behavior one should consider 
large times. The measures j; converge (weakly) as 
t—> co to a Wiener measure (Bunimovich & Sinai, 
1981). This result provides a rigorous derivation 
of (time non-invertible macroscopic) hydrodynamic 
diffusion equations from first principles (time invertible 
microscopic Newtonian equations). It shows that at 
large scales in space and time, trajectories of the 
periodic Lorentz gas look the same as trajectories of 
the stochastic diffusion process. Indeed, the transition 
probabilities of Wiener processes are the fundamental 
solutions of the diffusion equation. The same result 
holds for the periodic Lorentz gas with bounded free 
path in dimensions > 3 (Chernov, 1994). 

According to the Einstein formula, 


pH ioe} 
D= -{ i [u(x(0)) - v(x) du@@)] dr, (1) 
0 JM 


where d is a dimension, M is the phase space, and 
v(x(0)) is the velocity of the particle at the moment 
t=O. The Einstein formula is the first in the infinite 
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hierarchy of Green—Kubo formulas that relate transport 
coefficients with the integrals of time correlations 
of some phase functions. Therefore, the problem of 
existence of the transport coefficients is reduced to 
an estimate of the rate of time-correlations decay, 
which for the periodic Lorentz gas is fast enough 
(Chernov & Young, 2000). 

The condition that a free pass must be bounded is 
important. Periodic Lorentz gases with an unbounded 
free path (Figure 1(b)) behave super-diffusively rather 
than diffusively (Bleher, 1992) and time correlations 
there decay only according to a power law because the 
particle gets trapped for a long time in the part of the 
phase space with arbitrarily long free paths. 

Until the 1960s, it was generally believed that time 
correlations in many-body systems decay exponen- 
tially. This opinion was based on the analysis of com- 
pleting solvable models, such as Markov processes. 
Therefore, the discovery of long tails of time corre- 
lations in numerical experiments came as a surprise 
(Alder & Wainwright, 1967). It is now believed that 
time correlations in a random Lorentz gas decay ac- 
cording to a power law. This is confirmed by numerical 
experiments and physical theories but not by rigorous 
mathematical results. 

Interesting models arise by placing the Lorentz gas 
in an external field. A periodic Lorentz gas in a magnetic 
field can demonstrate ergodic as well as integrable 
behavior (Berglund & Kunz, 1996). The Lorentz gas 
in a (weak) electric field becomes a non-Hamiltonian 
system, with the energy of the moving particle 
increasing indefinitely. One can connect this system to 
a thermostat to keep the energy fixed and to make the 
dynamics time reversible, whereupon it is possible to 
establish rigorously Ohm’s law (Chernov et al., 1993). 
Presently, studies of the thermostated Lorentz gas are 
popular both in non-equilibrium statistical mechanics 
and in molecular dynamics (Dettmann, 2000). 
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LORENZ EQUATIONS 


A revolutionary development in the realms of nonlinear 
science over the past four decades has been an under- 
standing of how ubiquitously systems of determinis- 
tic equations exhibit complicated behavior. Although 
the possibility of complicated aperiodic solutions was 
known much earlier from the work of Henri Poincaré 
and George D. Birkhoff on the so-called three-body 
problem (the Earth, Sun, and Moon) in celestial me- 
chanics in the late 19th and early 20th centuries, such 
behavior was believed to be exceptional (See Poincaré 
theorems). 

Two crucial pieces of work in the 1960s, the first 
by Edward Lorenz in 1963 on a continuous model 
relating to weather prediction (See Butterfly effect) 
and the second by Stephen Smale in 1967 in the context 
of discrete mathematical maps, altered this perception 
completely, showing that complex aperiodic behavior 
is generic for most deterministic nonlinear systems. 

The basic equations introduced by Lorenz are 


x = a(y—x), 
y=orx—y—xz, 
Z = xy — bz, (1) 


which were obtained by a drastic simplification of 
the fluid dynamical equations governing convection 
currents in the atmosphere. Equations (1) resulted from 
truncating a Fourier series description after the first 
few modes (Bergé et al., 1984), and the parameters o 
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and r are physically important dimensionless numbers 
known, respectively, as the Prandtl and Rayleigh 
numbers in fluid mechanics. 

Solutions of the Lorenz equations can be organized 
around a classification of their attractors (Glendinning, 
1994; Strogatz, 1994; Nayfeh & Balachandran, 1995), 
which are regions of the space of physical variables or 
phase space (also called state space) to which solutions 
are attracted if the attractor is stable, or from whence 
they are repelled if the attractor is unstable. 

Nonlinear systems may have several different kinds 
of attractors, including point attractors (also known 
as fixed, or critical, or equilibrium, points), isolated 
periodic attractors (or limit cycles), as well as more 
complex attractors called quasi-periodic and chaotic 
attractors. The nature and number of the attractors may 
change as the parameters (o,r, and b) vary, leading 
to a qualitative change in behavior referred to as a 
bifurcation. 

A straightforward calculation showed Lorenz that 
his system contracted volumes in phase space—a 
dissipative system. This meant that any ball or volume 
of initial conditions in the phase space must shrink 
down to zero volume at large times under evolutions 
governed by the Lorenz equations. In other words, any 
attractors of the system must have zero volume. 

Also, the model has a critical point at the origin 
(x=y=z=0) and a pair of critical points C+ 
at x= y=+/b(r — 1) for r> 1. Lorenz’s stability 
analysis showed that the first fixed point at the origin of 
the phase space is always stable for r < 1 and a global 
attractor to which all initial points (or initial conditions) 
in the phase space are attracted for this parameter range. 
Forr > 1, he found that the first fixed point at the origin 
becomes linearly unstable and is longer a bona fide 
attractor. However, the new fixed points are stable for 

Lp Gean Oe. (2) 

ao—b-1 

In this parameter range, calculation shows that these 
fixed points coexist with an unstable limit cycle. At 
r =ry, this limit cycle is absorbed by the fixed point 
in a bifurcation that is known as a subcritical Hopf 
bifurcation. The fixed points C* go unstable in the 
process, being transformed into saddle points. 

Forr > ru, there are no simple stable point attractors, 
so Lorentz considered other stable limit cycles (periodic 
attractors) or solutions flying off to infinity. He showed 
that any possible limit cycles should be unstable for 
r >ry and also that all trajectories must eventually 
enter, and be confined within, a certain large ellipsoid. 

Clearly, any attractor had to be relatively complex, 
and the trajectories could not cross while evolving on 
the attractor. Together with the earlier-mentioned fact 
of volume contraction (which means that any attractor 
to which the solution trajectories or orbits are attracted 
must have zero volume asymptotically in time), Lorenz 
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Figure 1. Lorenz attractor in (x,y,z) phase space for 
o =10,r=28, b=8/3. 


was left with a perplexing question: What must such an 
attractor be like? 

He numerically studied the case o =10,r=28, 
b= 7 with the r > ry = 24.74 in Equation (2). He also 
chose initial conditions (x, y, z) = (0, 1, 0) close to the 
saddle point nearer the origin. The resulting solutions 
in (x,y,z) phase-space, and for x(t) as a function 
of time are shown in Figures 1 and 2, respectively, 
where the solution trajectory settles onto a strange 
butterfly-shaped attractor set after an initial transient. 
The clearly aperiodic dynamics on this attractor is 
emphasized in Figure 2. In addition, the attractor 
appears to be infinitesimally thin and thus satisfies 
the requirement of zero volume. Hence, all three 
requirements of aperiodicity of the dynamics on the 
attractor, zero volume, and nonself-crossing of the orbit 
were reconciled on this “strange attractor’—a term 
subsequently coined by Ruelle and Takens. Among 
other observations, Lorenz noted that this strange 
attractor has a self-similar structure at all scales, which 
is now a well-known feature of chaotic attractors. 

Subsequent work has revealed that trajectories on 
chaotic attractors exhibit sensitivity to initial conditions 
(SIC) where initially contiguous phase points diverge 
exponentially in time. Other work, some still in progress 
(Abraham & Shaw, 1983; Bergé et al., 1984), has elu- 
cidated the complex process leading to the structure of 
strange attractors and the properties of the orbits on 
them. In particular, there is convergence of orbits along 
the stable manifolds of saddle fixed points (this enables 
dissipation or volume contraction to be satisfied), diver- 
gence of trajectories along the corresponding unstable 
manifolds (this accounts for SIC), and foldings leading 
to bounded strange attractors. 

Based on a combination of topological and 
numerical ideas to reconstruct chaotic attractors from 
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Figure 2. A solution x(t) for o = 10, r= 28, b= 8/3. 
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Figure 3. A solution x(t) foro =1,b=2,r=1/9. 


time series such as that in Figure 2, numerical 
procedures have been developed to compute various 
properties such as the fractal dimension (a measure 
of the global dimension of the attractor in phase 
space), Lyapunov exponents (measures of sensitivity 
to initial conditions on the attractor), power spectra 
and autocorrelation functions, and the so-called 
Kolmogorov entropy (Nayfeh & Balachandran, 1995). 
In particular, the chaotic attractor in Figure 1 has a 
dimension of about 2.05; that is, it occupies a region 
of the phase space that has infinite area or fills up any 
area (since the dimension is greater than 2), but has zero 
volume (since the dimension is less than 3). 

The occurrence of sensitivity to initial conditions as 
indicated by at least one positive Lyapunov exponent 
or the envelope of the autocorrelation function going to 
zero in finite time signify the eventual loss of memory 
of past history (or equivalently the impossibility of 
prediction far into the future), which are integral 
features of chaotic dynamics. 

Note that the Lorenz equations also exhibit 
completely deterministic or nonchaotic behavior for 
isolated parameter sets obtained via Painlevé analysis 
that are the so-called integrable cases (Tabor & Weiss, 
1981). Figure 3 shows the completely regular dynamics 
for the parameter set o = 1,b=2,r=1/9. Note how 
much more regular and orderly, the behavior of x(t) is 
than that shown in Figure 2. 

In conclusion, two features of the Lorenz model 
continue to make it topical. First, it remains a useful 
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model in which to study essential basic features of 
chaotic systems. Second, the model has popped up in 
topical settings as diverse as atmospheric dynamos, 
lasers, and nonlinear optics, as well as the control of 
chaos (Ning & Haken, 1990; Pecora & Carroll, 1990; 
Nayfeh & Balachandran, 1995; Batchelor et al., 2000). 

S. Roy CHouDHURY 


See also Attractors; Butterfly effect; Chaotic dy- 
namics; Lyapunpov exponents; Phase space 


Further Reading 


Abraham, R.H. & Shaw, C.D. 1983. Dynamics: The Geometry 
of Behavior, Santa Cruz: Aerial Press 

Batchelor, G.K., Moffatt, H.F. & Worster, M.G. (editors). 2000. 
Perspectives in Fluid Dynamics, Cambridge and New York: 
Cambridge University Press 

Bergé, P., Pomeau, Y. & Vidal, C. 1984. Order Within Chaos, 
New York: Wiley 

Choudhury, S.R. 1992. On bifurcations and chaos in predator- 
prey models with delay. Chaos, Solitons and Fractals, 2: 
393-409 

Dodd, R.K., Eilbeck, J.C., Gibbon, J.D. & Morris, H.C. 1982. 
Solitons and Nonlinear Wave Equations, London: Academic 
Press 

Glendinning, P. 1994. Stability, Instability, and Chaos, 
Cambridge and New York: Cambridge University Press 

Lorenz, E.N. 1963. Deterministic nonperiodic flow. Journal of 
Atmospheric Science, 20: 130-141 

Nayfeh, A.H. & Balachandran, B. 1995. Applied Nonlinear 
Dynamics, New York: Wiley 

Ning, C.Z. & Haken, H, 1990. Detuned lasers and the complex 
Lorenz equations: Subcritical Hopf bifurcations. Physical 
Review A, 41: 3826-3837 

Nusse, H. & Yorke, J.A. 1992. Dynamics: Numerical Explo- 
rations, New York: Springer 

Pecora, L.M. & Carroll, T.L. 1990. Synchronization in chaotic 
systems. Physical Review Letters, 64: 821-824 

Sparrow, C. 1982. The Lorenz Equations, New York: Springer 

Strogatz, S.H. 1994. Nonlinear Dynamics and Chaos, Reading, 
MA: Addison-Wesley 

Tabor, M. & Weiss, J. 1981. Analytic structure of the Lorenz 
system. Physical Review A, 24: 2157 


LOTKA-VOLTERRA EQUATIONS 


See Population dynamics 


LYAPUNOV EXPONENTS 


The sequence of powers ak, k=1,2,..., ofa complex 
number a 40 has one of three types of asymptotic 
behavior: exponential growth, exponential decay, or 
constant, according to the modulus |a|. A similar 
situation holds for powers A‘ k=1,2,...,ofannxn 
matrix A. More precisely, for any vector v £0, the 
following limit exists: 


it. A k 
ae z og lAarvll = 4). (1) 


LYAPUNOV EXPONENTS 


The possible values of A(v), Ay < +++ <As are called 
Lyapunov exponents (LEs), and in this special case they 
are equal to log |a|, where a is an eigenvalue of A (real 
or complex). Moreover, there is a strictly increasing 
sequence of subspaces in R” 


{0}=VocVc---c Vv =R", (2) 


such that A(v) = 4; forallu € Vj\Vj-1,i=1,2,...,98. 
The difference of dimensions m; = dim V; — dim V;_ 
is called the multiplicity of the Lyapunov exponent A;. 
The rates of growth of k-dimensional volumes of k- 
dimensional parallelepipeds under the action of A are 
sums of appropriate Lyapunov exponents. For example, 
the exponential rate of growth of the n-dimensional 
volume is equal to log | det AJ =m A, +--+ +msgAsz. 

A similar situation occurs for products A‘ = 
A;Az_1...A, When the sequence of matrices 
Aj, Ag, ... is periodic (by direct reduction to the con- 
stant case we obtain so-called Floquet multipliers, and 
the LEs are logarithms of their moduli). 

In the general nonperiodic case, the key Oseledec 
Multiplicative Ergodic Theorem (OMET) states that 
the same scenario holds, when the matrices we 
multiply (Aj, A2,...) are supplied by a stationary 
stochastic process (with matrix values). In this case, 
the conclusions apply with probability one. 

In the context of dynamical systems, the difference 
equation x%,41=@(x,), where ®:M—>M is a 
diffeomorphism of a compact smooth manifold M (the 
phase space). For any ergodic invariant probability 
measure v, the Lyapunov exponents are the limits 


lim ||D,®*v|| = A(v), (3) 
k—>+00 


which exist for v almost every x € M and all nonzero 
tangent vectors v € T,M. Thus, Lyapunov exponents 
characterize the growth in linear approximation 
of infinitesimal perturbations of initial conditions. 
Positive LEs lead to instability and negative LEs to 
stability for perturbations in the respective directions. 

Applying OMET both to the future and the past (i.e., 
to ® andto 6~'), we obtain a splitting of tangent spaces 


TyM =Wi ®W2®... 0 Ws, (4) 


such that 





lim ||D,*v|| = +A; (5) 
k— +00 
for v almost every x € M and all nonzero tangent vec- 
tors v € W;(x). It is of direct interest to know if this 
infinitesimal behavior translates to the behavior of ac- 
tual orbits of the nonlinear system. We introduce the 
stable E*(x) and unstable E"(x) subspaces, which are 
the direct sums of subspaces W;(x) with negative, 
respectively positive, LEs. It is the content of Pesin 
Theory that the subspaces E* and E" can be inte- 
grated almost everywhere, that is, for v almost every 
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point x € M there are smooth submanifolds W(x) and 
W"(x), which are at every point tangent to the stable 
and unstable subspaces, respectively. 

The stable and unstable manifolds are crucial in 
understanding chaotic dynamics. Their importance 
stems from the fact that two orbits starting on one of 
these submanifolds have the same asymptotic behavior 
either in the future or in the past. 

LEs are associated with the Kolmogorov—Sinai 
entropy. They enter into the Ruelle Inequality, which 
states that for any C! diffeomorphism ® and any 
ergodic invariant probability measure v 


hy(®) < So midi, (6) 


Ai>0 


where h,(®) is the K-S entropy. This inequality 
turns into equality (the Pesin formula) for absolutely 
continuous measures v and C? diffeomorphisms. It was 
proven by Ledrappier and Young that equality holds 
if and only if v is the Sinai-Ruelle-Bowen (SRB) 
measure. 

For Hamiltonian systems (i.e., when ® is a sym- 
plectomorphism), the LEs come in pairs of oppo- 
site numbers, which is related to the symmetry of 
spectra of symplectic matrices. Furthermore the sub- 
space V; is skew-orthogonal to V;_x,k=1,2,...,8: 
a property shared with eigenspaces of symplectic 
matrices. 

Although analytic formulas for LEs are almost non- 
existent, they can be readily obtained by numerical 
methods. Analytical estimates of LEs are available 
where all the matrices in question are J-separated for 
some quadratic form (field of forms) J. A matrix A is 
J-separated, if J(Av) > 0 for all v such that J(v) > 0. 

Maciel P. WosTKowskI 


See also Chaotic dynamics; Sinai-Ruelle-—Bowen 
measures; Phase space 
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See Stability 
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MACH STEM EFFECT 


See Shock waves 


MAGNETOHYDRODYNAMICS 
Magnetohydrodynamics (MHD) is the special field of 
fluid dynamics that is concerned with the motions 
of electrically conducting fluids in the presence of 
magnetic fields. Flows of liquid metals or ionized gases 
(plasmas) are the main areas of applications of MHD. 

For the theoretical description of MHD-problems, 
the basic equations of fluid dynamics must be 
supplemented by the Lorentz force j x B where j is the 
density of electric current and B is the magnetic flux 
density. To determine these fields Maxwell’s equations 
are used in the magnetohydrodynamic approximation 
in which the displacement current is neglected. This 
represents a good approximation as long as the fluid 
velocity is small compared with the velocity of light. 
These equations together with Ohm’s law for a moving 
conductor are given by 


a 
ape VxB=npzj, 
jJ=o(uxB+E), 


V-B=0, 
qd) 


where jz is the magnetic permeability of the fluid and 
o is its electrical conductivity. These “pre-Maxwell” 
equations have the property that they are invariant with 
respect to a Galileo transformation, i.e., the equations 
remain unchanged in a new frame of reference moving 
with the constant velocity vector V relative to the 
original frame of reference. Indicating the variables of 
the new frame by a prime, we find 
v=v-—V é es V-Vv 
7 "ar at! 


B=B, E'=E+VxB, 





(2) 


This invariance is the basis for the combination in MHD 
of Equations (1) with the equations of hydrodynamics 
in their usual nonrelativistic form. The application of 
MHD to plasmas is limited to sufficiently low frequency 
and long wavelength phenomena. If these conditions 
are not satisfied, two-fluid equations may be used. 


PSS, 
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Elimination of E and j from Equation (1) yields the 
equation of magnetic induction 


1 
Vx (—v xs) 
o- 


which for a solenoidal velocity field v and a 
constant magnetic diffusivity A4=(ou)~! can be 
further simplified, 


a 
at 


This equation has the form of a heat equation with the 
magnetic field line stretching term on the right-hand 
side acting as a heat source. This interpretation is useful 
in the dynamo problem of the generation of magnetic 
fields by fluid motions (See Dynamos, homogeneous). 
In order that a magnetic field B may grow, the term 
on the right-hand side of (3) must overcome the effect 
of the magnetic diffusion term on the left-hand side. 
Using a typical velocity U and a typical length scale d, 
the ratio of the two terms can be estimated by 


2 B+V x(x B), (3) 





vv) B WB =B-V0. (4) 


Ud/d = Rn, (5) 


which is called the magnetic Reynolds number in 
analogy to the ordinary Reynolds number used in fluid 
dynamics. A necessary condition for dynamo action is 
Rm > 1, but this is by far not a sufficient condition (See 
Dynamos, homogeneous). 

A typical problem of MHD is the flow in the channel 
in the presence of an applied homogeneous magnetic 
field Bo. The equation for the plane parallel flow 
v =v,(y)i in the channel between two parallel plates 
with distance 2d is given by 


2. 


iO) + ai -(V x B)x B)=—A, 


2 (6) 


where 7 is the dynamic viscosity, i is the unit vector 
in the x-direction along the channel, and A is the 
constant pressure gradient in the opposite direction. In 
accordance with the configuration of the problem, we 
have assumed that the steady solution depends only on 
the y-coordinate perpendicular to the plates. Using the 
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Figure 1. Profile of channel flow for small and large M. 


notation B = Bo + b we find after integrating Equation 
(4) 
d 
A——bx(y) + Boyvy = —D, (7) 
dy 
where the constant of integration D represents the 
electric field directed in the z-direction; in other words, 
Equation (7) is the z-component of Ohm’s law. Insertion 
of this expression into Equation (6) yields 


d2 
Tze) — oBoyvx(y) =-A+OByD (8) 


The solution of this equation is given by 





van(- 22), 
with 
M = BoydJo/n 
and 
v9 = (A — 0 DBoy)d?/nM?, (10) 


where M is the Hartmann number named after the 
scientist who first considered this type of problem. 
The constant D depends on the boundary condition 
applied in the transverse z-direction. D can be chosen, 
for example, such that the average electric current in 
the z-direction vanishes because of the insulating side 
walls. It is worth noting that only the y-component 
of Boy enters solution (9). The flow is not affected 
by the x- and z-components of Bo as long as it does 
not depend on those coordinates. Depending on the 
Hartmann number M, the velocity profile vx (y) varies 
between the two limiting cases sketched in Figure 1. 
For M — 0, the parabolic Poiseuille profile is recovered 
from expression (9), while for M >> 1, boundary layers 
of thickness d/M develop, which are called Hartmann 
layers. In geophysical and astrophysical applications 
of MHD, the Chandrasekhar number Q = M 2 is often 
used in place of the Hartmann number. 

In many applications of MHD, it is justified to 
neglect magnetic diffusion in first approximation. Then 
the relationship 

3 pevxwxB) (11) 
at 
can be obtained from Equation (3) in the limit of large 
magnetic Reynolds numbers. This equation is the same 
as that obeyed by the vorticity of an inviscid fluid (See 
Fluid dynamics). By analogy to the vorticity laws of 


MAGNETOHYDRODYNAMICS 


Kelvin and Helmholtz it can be concluded that the field 
line that is attached to a fluid element at some initial 
time continues to be attached to that fluid element at all 
times; that is, the field lines are “frozen” into the fluid. 
This statement is known as Alfvén’s theorem. 

In highly electrically conducting fluids, it is 
appropriate to consider Equation (11) together with the 
Euler equation of hydrodynamics, 





a 
o(5° f »-vs) =—Vp+u !(V x B) x B, (12) 


where the Lorentz force has been included, but 
viscous friction has been neglected. In the case of an 
incompressible fluid with p = constant, both, v and B 
are solenoidal vector fields and an exact steady solution 
of Equations (11) and (12) is given by 
v= (pu) "B(x, y, 2) 

with = p= po+p| vi? /2, (13) 
where the relationship v- Vv =(V xv) xv+V | v ? /2 
has been used. The dependence of B on the cartesian 
coordinates x, y, z is arbitrary except for the condition 
V - B=0. Let us write B as the sum of its average 
and the remainder, B = Boi +b, where it has been 
assumed without loss of generality that the average 
magnetic field is parallel to the x-direction given by 
the unit vector i. Using a Galileo transformation with 
the constant velocity vector V4i, we obtain a time- 
dependent exact solution relative to the new frame of 
reference, 


v'(x — Vat, y,z) = (pp)? bx — Vat. y, 2), (14) 


where the choice Va = (pp) '/? Bo has been made. 
This solution describes dispersion-free waves called 
Alfvén waves. The physical interpretation of these 
waves of arbitrary amplitude is that the field lines of 
the basic magnetic field are embedded in the fluid-like 
rubber strings and provide a restoring force whenever 
a fluid parcel is displaced. The phase velocity V4 is 
called the Alfvén velocity. In compressible electrically 
conducting fluids a more complex spectrum of wave 
phenomena is found owing to combinations of Alfvén 
and acoustic modes. 

FH. Busse 


See also Alfvén waves; Dynamos, homogeneous; 
Fluid dynamics; Nonlinear plasma waves 
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MANAKOV EQUATIONS 


See Nonlinear Schrédinger equations 


MANLEY-ROWE RELATIONS 


MANDELBROT SETS 


See Fractals 


MANLEY-ROWE RELATIONS 
In lossless linear systems, a harmonic sinusoidal input 
at a frequency @ remains harmonic, the system’s 
steady-state response to a linear combination of 
individual harmonic inputs is a linear combination 
of individual responses, and an average input power 
is zero at each frequency. In lossless nonlinear 
systems, on the other hand, harmonic inputs at some 
frequencies also generate inputs at multiple and 
combination frequencies. The average input powers at 
each frequency may not be zero but they are predicted 
from the general relations found by Jack Manley and 
Harrison Rowe in 1956 (Manley & Rowe, 1956). 
Suppose the input applied to a nonlinear system con- 
sists of two harmonic signals of frequencies w; and w2. 
The nonlinear system produces an output at all frequen- 
cies m@ +nw@2, where m and n are integers. For ex- 
ample, m = 2,n=0 and m=0,n =2 are signals at the 
double frequencies 2; and 2w2, while m =n = | asig- 
nal with the combinational frequency w; + w2. Denote 
Pn the total input power at frequency ma, +n. In 
lossless systems, the total power is zero; thus 


S Pnn = 0. 
mn 


In other words, the power P,, » is negative if the signal 
at ma@ + nw is generated due to nonlinearity, and the 
power is positive if the signal is applied from input to 
the system. 

The Manley—Rowe relations are relations between 
powers Pm» and frequencies mw +nw 2 (Penfield, 
1960): 








co co mP. 
mn 
» dX 
oo 
Ds 


mo, +nw2 


NPinin 
: =), (1) 





m=— n=0 ice ala 

As an elementary example, we consider a hetero- 
dyne system, comprising an oscillator with frequency 
@ , which is mixed with the carrier incident frequency 
q@ such that a combination frequency #2=@— a, 
occurs in the spectrum of the nonlinear system (Scott, 
1970). We neglect signals at other frequencies and de- 
note powers at frequencies w;, w2 and w=a| +@2 
as P;, P2, and P=— P; — P. The Manley-Rowe 
relations between the powers and frequencies of the 
three signals are 
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Notice that these relations preserve conservation of 
powers P; + Pz + P =O at the three resonant frequen- 
cies @1, @2, and w. If w > @1, w2, the Manley-Rowe 
relations show that the power P, at the combina- 
tional frequency w2 is smaller than the input power 
P by a factor of w2/w, while the power at the het- 
erodyne frequency @ is smaller than P by a factor 
of @/w. Therefore, when an input signal of larger 
frequency transforms into output signals of smaller 
frequencies, the powers of output signals become 
smaller. 

As another application, we consider an electro- 
optical modulator that takes an input signal at fre- 
quency 1 GHz and multiplies with another signal at 
frequency 100MHz to produce a modulated output 
signal at combinational frequency 1.1GHz. If the 
power of the output signal has to be 1mW, the 
Manley—Rowe relations require powers 0.0909 mW 
at 100MHz and 0.9090mW at 1GHz. The 1 GHz 
signal is sometimes called the pump since it pro- 
vides most of the power needed in the modulation 
process. 

Manley—Rowe relations naturally describe constants 
of motion in the time evolution of the resonant non- 
linear wave interactions. If three waves with fre- 
quencies @|, w2 and w=q@ + and wavevectors 
k,, ky and k=k; + ky satisfy the phase matching 
conditions 


ok; + kz) = o(k) + @(k2), 


then their interaction is resonant in time and is 
described by the system of three-wave interaction 
equations: 


a ? 
i(—+v-V)a= yajae i, 
Caieds 

Fy ; 
i(Z +y v) a, = yaa, 


i (= +yv- v) an = yaaje™, (2) 


where A = w(k) — w(k;) — w (Kz) is the frequency de- 
tuning from exact resonance. In other words, v, v;, and 
V2 are group velocities of the three waves, for exam- 
ple, v= Vw(k); and y is a real-valued coupling coeffi- 
cient in nonlinear systems with quadratic nonlinearities. 
The system of amplitude equations (2) has integrals of 
motions: 








lay I?) dx = const, 








|a2|*) dx = const, 





|a2|") dx = const. (3) 
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The integrals of motions are the Manley—Rowe 
relations for the powers 


Pi= wr f la?ax, 
a 2 
Py = on { laa dx, 


P= of la|* dx. (4) 


The resonant interaction of three waves results in 
decay of the wave with the larger frequency w > @1, w2 
into waves of smaller frequencies w1; w2, which 
alternates with annihilation of the two waves of smaller 
frequencies 1, w2 into the wave of larger frequency w 
(Gaponov-Grekhov & Rabinovich, 1992). This process 
has a simple quantum interpretation. Conservation of 
quantum momentums and energies of wave particles 
leads to the resonant relations: 


hk = hk, + hko, ho = ha; + har, 


where fi is Planck’s constant. If the wave of smaller 
frequency a is initially larger than the waves of fre- 
quencies w and w, it cannot decay into the other 
two waves, because there are not enough wave par- 
ticles with frequencies w2 to merge into wave parti- 
cles with frequency w. On the other hand, if the wave 
of larger frequency is initially large, it can decay 
into two wave particles of smaller frequencies w; and 
a@2. Manley—Rowe relations follow from the conser- 
vation of number of particles in the quantum inter- 
petation above. For instance, when a phonon with en- 
ergy fiw is absorbed, two phonons of energies ha, and 
haz are emitted, such that the Manley—Rowe relations 
hold. 

Manley—Rowe invariants play an important role 
in studies of properties of three-wave interactions in 
system (2). In particular, optical solitons are supported 
by dispersive and diffraction effects in nonlinear three- 
wave interactions. The stability of optical solitons 
is determined by the Vakhitov—Kolokolov criterion, 
which involves derivatives of the Manley-Rowe 
invariants (3) with respect to parameters of optical 
solitons (Buryak et al., 1997). 

When the frequencies w; and w of the two resonant 
waves coincide, the three-wave interactions degenerate 
into resonant second-harmonic generation; thus the 
wave dj =a2=ao with the fundamental frequency 
@|=@2=@ generates the wave a at the double 
frequency w=2a 9. The system of equations (2) 
simplifies then to the form (Etrich et al., 2000) 


a ; 
i (F +vo- v) ay = yaage'™', 





ra) : 
i (= +Vv- v) a= yage (5) 
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System (5) for the second-harmonic generation has only 
one Manley—Rowe invariant: 





Qo= f (aol? { |a|?) dx = const. 


Dm» itry PELINOVSKY 


See also Frequency doubling; Harmonic genera- 
tion; N-wave interactions 
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MAPS 


A map is a dynamical system with discrete time. 
Such dynamical systems are defined by iterating a 
transformation @ of points x 


Xn+1 = O(Xn), (1) 


from a space M of dimension d (or a domain of 
this space) onto itself. x, and x, + 1 are thus points 
belonging to this so-called phase space M, which can 
be a Euclidean space such as the space R@ of d-tuples of 
real numbers or a manifold such as a circle, a sphere, or 
atorus T? (or a domain such as an interval or a square). 

An endomorphism is a surjective (i.e., many-to- 
one) transformation ¢ of the space M onto itself. 
Thus, the transformation @ is not invertible. Examples 
of endomorphisms are one-dimensional maps of the 
interval such as the logistic map @(x) =1— ax? on 
—1<x<1, the Bernoulli map ¢(x)=rx (modulo 
1) with integer r (also called r-adic map), or the 
Gauss map ¢(x)=1/.x (modulo 1) which generates 
continuous fractions. The last two maps are defined 
onto the unit interval 0<x<1. There also exist 
multidimensional examples such as the exact map 
o(x, y)= (3x + y, x +3y) (modulo 1) on the torus T? 
(Lasota & Mackey, 1985). 

An automorphism is a one-to-one (i.e., inver- 
tible) transformation @ of the space M_ onto 
itself. Automorphisms for which the one-to-one 


MAPS 


transformation @ is continuous on M are called 
homeomorphisms. We speak about C’ -diffeomorphisms 
if @ is r-times differentiable and 7s is continuous 
on M. Examples of automorphisms are the circle 
maps defined with a monotonously increasing function 


(x) = (x + 1) — 1 onto the circle; the baker map: 

(2x, 3) if O<x <1/2, 

(ax-1,27) if 1/2<%<1, 
(2) 





G(X, yy) = 


onto the unit square (Hopf, 1937); the cat map: 
G(x, y) = (e+ y,x+2y) (modulo 1), (3) 


onto the torus T2 (Arnol’d & Avez, 1968); the quadratic 
map: 


b(x, y) = (y+ 1 —ax*, bx), (4) 


onto R? also called the Hénon map (Hénon, 1976; 
Gumowski & Mira, 1980), among many others. 

Iterating a noninvertible transformation @ generates 
a semigroup of endomorphisms {@"(x)}n en, where N 
is the set of nonnegative integers. Iterating an invertible 
transformation @ generates a group of automorphisms 
{@"(x)}nez, where Z is the set of all the integers. 
Such groups or semigroups are deterministic dynamical 
systems with discrete time, called maps. 


Link Between Maps and Flows 


Maps naturally arise in continuous-time dynamical 
systems (i.e., flows) defined with d+ 1 ordinary 
differential equations 


dx 

eo F(X), (5) 
by considering the successive intersections of the tra- 
jectories X(t) with a codimension-one Poincaré section 
o(X)=0. If x denotes d coordinates which are intrin- 
sic to the Poincaré section, the successive intersections 
{Xp = X(t) }n ez of the trajectory correspond to a se- 
quence of points {x,},<z and return times {fp}, ez in 
the Poincaré section. According to Cauchy’s theorem 
which guarantees the unicity of the trajectory X(t) is- 
sued from a given initial condition X(0) (i-e., by the 
determinism of the flow), the successive points and re- 

turn times are related by 
| Xn+1 = (Xn), (6) 

ti = tn + T Xn), 

where (x) is the so-called Poincaré map and T (x) the 
return-time (or ceiling) function. The knowledge of the 
Poincaré map and its associated return-time function 

allows us to recover the flow and its properties. 
Consider a similar construction for ordinary differ- 

ential equations which are periodic in time 


dx 
= F(x, t) = F(x,t+T), (7) 
dt 
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in which case the return-time function reduces to the 
period T in Equation (6) and the Poincaré map becomes 
a stroboscopic map. 

Examples of Poincaré maps are the Birkhoff maps in 
the case of billiards. Billiards are systems of particles in 
free flights (or more generally following Hamiltonian 
trajectories) interrupted by elastic collisions. The 
knowledge of the collisions suffices to reconstruct 
the full trajectories. The Birkhoff map is thus the 
transformation ruling the dynamics of billiards from 
collision to collision. 


Properties 


Maps can be classified according to different properties. 
An important question is to know if a map is locally 
volume-preserving or not. If the map is differentiable, 
the volume preservation holds if the absolute value of 
its Jacobian determinant is equal to unity everywhere 
in M: 


0d _ 
det =1. (8) 








This is the case for the baker map (2), the cat map (3), 
and the quadratic map (4) ifb=+ 1. 

Maps that contract phase space volumes on average 
are said to be dissipative. In the limit b— 0, the 
two-dimensional automorphism (4) contracts the phase 
space areas so much that it becomes an endomorphism 
given by the one-dimensional logistic map. This 
explains why highly dissipative dynamical systems are 
often very well described in terms of endomorphisms 
such as the logistic map. 

A map is symplectic if its Jacobian matrix satisfies 





a@\" _ ag 
—) -r-— =f, 9 
( *) ox ) 
where 7 denotes the transpose and © is an antisymmet- 
ric constant matrix: Z' =— Y. Symplectic maps act 


onto phase spaces of even dimension. Poincaré maps of 
Hamiltonian systems as well as Birkhoff maps are sym- 
plectic in appropriate coordinates. Symplectic maps 
are volume-preserving. Area-preserving maps are sym- 
plectic, but there exist volume-preserving maps which 
are not symplectic in dimensions higher than two. 

A map is symmetric under a group G of transforma- 
tions géG if 


gop= Gog. (10) 


A map is said to be reversible if there exists an 
involution, that is, a transformation @ such that 6? = 1, 
which transforms the map into its inverse: 


00f00=¢ 1. (11) 


There exist reversible maps which are not volume- 
preserving (Roberts & Quispel, 1992). 
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Invariant Subsets 


These are subsets of the phase space that are invariant 
under the action of the map. They include the fixed 
points @(x,.) =x. (which correspond to periodic orbits 
of a corresponding flow) and the periodic orbits of 
prime period n defined as trajectories from the initial 
condition Xp such that 6” (xp) = Xp but ¢/ (Xp) F Xp for 
0 <j <n. Tori may also be invariant as in the case of 
KAM quasi-periodic motion. 

An invariant subset Z of the map is attracting if 
there exists an open neighborhood// such that éU CU 
and IZ=N yn en@"U. The open set B=U,engo~ "U is 
called the basin of attraction of Z. An attractor is an 
attracting set which cannot be decomposed into smaller 
ones. A set which is not attracting is said to be repelling. 

A closed invariant subset Z is hyperbolic if (i) 
the tangent space 7,/M of the phase space M splits 
into stable and unstable linear subspaces ES and EY) 
depending continuously on x € Z, 


TEM = ES @€@; (12) 


(ii) the linearized dynamics preserves these subspaces; 
and (iii) the vectors of the stable (resp. unstable) 
subspace are contracted (resp. expanded) by the 
linearized dynamics (Ott, 1993). Hyperbolicity implies 
sensitivity to initial conditions of exponential type, 
characterized by positive Lyapunov exponents. By 
extension, a map is said to be hyperbolic if its invariant 
subsets are hyperbolic. 

For the baker map (2), the unstable linear subspace 
is the x-direction while the stable one is the y-direction 
and the unit square is hyperbolic with a positive 
Lyapunov exponent. Moreover, the dynamics of the 
baker map can be shown to be equivalent to a so-called 
Bernoulli shift, that is, a symbolic dynamics acting as 
a simple shift on all the possible infinite sequences 
of symbols 0 and 1, so that most of its trajectories 
are random. The baker map is thus an example of a 
hyperbolic fully chaotic map. 

A diffeomorphism is said to have the Anosov 
property if its whole compact phase space M is 
hyperbolic. Examples of Anosov diffeomorphisms are 
the cat map (3) and its nonlinear perturbations: 


| Xntl =Xn+¥n+ f(ns Yn) (modulo 1), 





Yat! = Xn +1 2Yn + (Xn, Yn) (modulo 1), 2) 
with small enough periodic functions f(x,y) and 
g(x, y) defined on the torus. We notice that these 
nonlinear perturbations of the cat map are generally 
not area-preserving. 

Dissipative maps may have chaotic attractors (i.e., 
attractors with positive Lyapunov exponents) which 
are not necessarily hyperbolic. This is the case for a 
set of a>0 values of a positive Lebesgue measure 
in the logistic map (Jakobson, 1981), as well as in 
the quadratic map (4) if b>0 is sufficiently small 
(Benedicks & Carleson, 1991). 
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y= h(x) 

















Figure 1. Homeomorphisms y = h(x) eae the dyadic 
map into maps (15) with p = 0.1, 0.2, ..., 0. 


Maps may also have sensitivity to initial condi- 
tions of stretched-exponential type (with vanishing 
Lyapunov exponent) as it is the case for the intermittent 
maps @(x) =x + ax’ (modulo 1) with ¢ > 2. 


Conjugacy Between Maps 


In the study of maps, it is often important to modify 
the analytic form of the map by a change of variables 
y =h(x). Such a conjugacy would transform map (1) 
into 


You =W(Yn), with p=hogoh!. (14) 


The Kolmogorov-Sinai entropy per iteration is known 
to remain invariant if the conjugacy h is a diffeo- 
morphism, but it is only the topological entropy per 
iteration which is invariant if the conjugacy is 
a homeomorphism. For instance, the logistic map 
$(x)=1—2x? is conjugated to the tent map 
w(y)=1-2\y| by the conjugacy y=—1+ 4 arcsin 

x + 1 





, both maps having their Kolmogorov—Sinai en- 
ee equal to In 2. On the other hand, the dyadic map 
(x) = 2x (modulo 1) is conjugated to the map 

> if O<y<p, 

(15) 






w= | if peyen 





—P 
with p# 4 by a homeomorphism /(x) which is not 
differentiable (see Figure 1). These two maps have 
their topological entropy equal to In2 but different 
Kolmogorov-Sinai entropies. 

Conjugacies are also important to transform a circle 
map such as @(x) =x +a+¢e sin(2nx) with | |< a 
into a pure rotation (y) = y + @ of rotation number 


1 
@= lim —(x%, — Xo). (16) 
n>oon 


According to Denjoy theory, such a conjugacy is 
possible if the rotation number is irrational, in which 
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case the motion is quasi-periodic and nonchaotic. 
The circle map also illustrates the phenomenon of 
synchronization to the external frequency a, which 
occurs when the rotation number w takes rational values 
corresponding to periodic motions. The motion may 
become chaotic if | ¢ | > ae 


Area-preserving Maps 


Periodic, quasi-periodic, and chaotic motions are also 
the features of area-preserving maps which can be 
considered as Poincaré maps of Hamiltonian systems 
with two degrees of freedom. Area-preserving maps 
can be derived from a variational principle based on 
some Lagrangian generating function £(x, +1, X,). The 
variational principle requires that the trajectories are 
extremals of the action 


W = So lCn41.%n)- (17) 
neZ 


The vanishing of the first variation, 5W =0, leads to 
the second-order recurrence equation 


Ln t1.%n) , OCCneXn—1) 
OXn : OXn = 





0. (18) 


This recurrence can be rewritten in the form of a two- 
dimensional map by expliciting the equations for the 
momenta 


9Ln41Xn) 

Pratl = Ve 
n+l (19) 

— __ 9l(%n41,Xn) 

Pn = aXn . 


The Birkhoff map of a billiard is recovered if ¢ is the 
distance traveled by the particle in free flight between 
collisions and x, is the arc of the perimeter at which the 
collision occurs. If a free particle or rotor is periodically 
kicked by an external driving, the Lagrangian function 
takes the form 


€ = 3Cin41 — tn)” — VOn)- (20) 
A famous map is the so-called standard map 


Pn+1 = Punt K sinxn, 


21 
(modulo 27), 21) 


Xn+1 = Xn + Pn+t 


obtained for the kicked rotor with the potential 
V(x) =K cosx in Equation (20). The motivation for 
studying the standard map goes back to works on 
the origin of stochasticity in Hamiltonian systems 
(Chirikov, 1979; Lichtenberg & Lieberman, 1983, 
MacKay & Meiss, 1987). 

Phase portraits of an area-preserving map typically 
present closed curves of KAM quasi-periodic motion, 
which form elliptic islands. Hierarchical structures of 
elliptic islands develop on smaller and smaller scales. 
The elliptic islands are surrounded by chaotic zones 
extending over finite area (see Figure 2). 
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Figure 2. Phase portrait of the Fermi-Ulam area-preserving 
map, Pn+1=| Pat sin xn |, Xp +1 =n +21M/ py +1 (mod- 
ulo 277), ruling the motion of a ball bouncing between a fixed 
wall and a moving wall oscillating sinusoidally in time, in the 
limit where the amplitude of the oscillations is much smaller than 
the distance between the walls. p is the velocity of the ball in 
units proportional to the maximum velocity of the moving wall. 
x is the phase of the moving wall at the time of collision. The 
parameter M is proportional to the ratio of the distance between 
the walls to the amplitude of the oscillations of the moving wall. 
(See Lichtenberg & Lieberman, 1983, for more details.) 


Typical area-preserving maps such as the standard 
map (21) or the one of Figure 2 display a variety of mo- 
tions that interpolate between two extremes, namely, 
the fully chaotic behavior of hyperbolic area-preserving 
maps such as the baker and cat maps and the fully reg- 
ular motion of integrable maps such as the one given 
by the second-order recurrence: 


2 1 e-itn 





Mei Oe + xgope Soha © (22) 


K2 tetin 





(Faddeev & Volkov, 1994). 
Some area-preserving maps may have a repelling 


Smale horseshoe as the only invariant subset at finite 
distance. This is the case in the quadratic map (4) 
for b=—1 and large enough values of a>0. Such 
horseshoes often arise in open two-degrees-of-freedom 
Hamiltonian systems describing the chaotic scattering 
of a particle in some time-periodic potential. 


Complex Maps 


Such maps are defined with some analytic function 
o(z) of z=x+iyeC or some multidimensional 
generalizations of it. Complex maps are generally 
endomorphisms. An example is the complex logistic 
map $(z) =z? +c. Other examples are given by the 
Newton-Raphson method of finding the roots of a 
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function f(z) =0: 


_ f Gn) 
f'n)” 


Complex maps have invariant subsets called Julia 
sets which are defined as the closure of the set of 
repelling periodic orbits (Devaney, 1986). The motion 
is typically chaotic on the Julia set which is repelling 
and often separates the basins of attraction of the 
attractors. For instance, the map 





n+l = <n (23) 





; (24) 


derived from Equation (23) with f(z) = 22 — has the 
attractors z= + 1. Their respective basins of attraction 
x >0 and x <0 are separated by the line x =0 where 
the dynamics is ruled by Equation (24) with z=iy. 
This one-dimensional map is conjugated to the dyadic 
map 





2Xn > 


(25) 
2Xn + 


Xat+l = 


NIA NIA 


by the transformation y = tan x, which shows that the 
dynamics is chaotic on this Julia set. 

However, the boundaries between the basins of 
attraction are typically fractal (Ott, 1993) as is the case 
for the Newton—Raphson map (23) with f(z) =e% — 1 
(see Figure 3). 


Maps and Probability 


An important issue is to understand how maps 
evolve probability in their phase space. The time 
evolution of probability densities is ruled by the so- 
called Frobenius—Perron equation (Lasota & Mackey, 
1985). The probability density at the current point 
x comes from all the points y that are mapped 








Figure 3. Complex map z, + | = Zn — 1+ exp(— Zn): basin of 
attraction of the point at infinity in grey and of the attractors 
z=0, +2zi, + 477i, ... in white. The dot is the attractor z= 0. 
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onto x. Since the inverse of an endomorphism is not 
unique, the Frobenius—Perron equation is composed of 
the sum 


PnlY) 


a. (26) 
det $2(y)| 


Pn+i(X) = 
y: &(y)=x 





For an automorphism, the sum reduces to the single 
term corresponding to the unique inverse. An invariant 
probability measure is obtained as a solution of the 
Frobenius—Perron equation such that py + 1(X) = Pn (X). 
The study of invariant measures is the subject of 
ergodic theory (Hopf, 1937; Arnol’d & Avez, 1968; 
Cornfeld et al., 1982). The knowledge of the ergodic 
invariant measure provides us with the statistics of 
the quantities of interest: observables, correlation 
functions, Lyapunov exponents, the Kolmogorov—Sinai 
entropy, etc. With these tools, transport properties such 
as normal and anomalous diffusion can also be studied 
in maps (Lichtenberg & Lieberman, 1983). 


Some Applications 


Dissipative maps are used to study chaos in hydrody- 
namics (Lorenz, 1963), chemical kinetics (Scott, 1991), 
biology (Olsen & Degn, 1985; Murray, 1993), nonlin- 
ear optics (Ikeda et al., 1980), and more. In particular, 
systems with time delay in some feedback can be ap- 
proximated by maps, as in the nonlinear optics of a ring 
cavity (see Figure 4). 

Dissipative maps are also used to study complex 
systems composed of many interacting units. The units 
may form a lattice or a graph and interact with each 
other by diffusive or global couplings. These high- 
dimensional maps are often called coupled map lattices 
in reference to their spatial extension. 














Re E 


Figure 4. Chaotic attractor of the dissipative Ikeda map 
En 41 =a+ bEp exp(i| En ? —ic) ruling the complex ampli- 
tude E, €C of the electric field of light transmitted in a ring 
cavity containing a nonlinear dielectric medium, at each pas- 
sage along the ring (Ikeda et al., 1980). The parameters take the 
values a = 3.9, b=0.5, andc=1. 


MAPS IN THE COMPLEX PLANE 


In addition, area-preserving and symplectic maps 
have become a fundamental tool to study the long- 
term evolution of the Solar system (Murray & Dermott, 
1999). 
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See also Anosov and Axiom A systems; Attractors; 
Aubry—Mather theory; Billiards; Cat map; Chaotic 
dynamics; Coupled map lattice; Denjoy theory; 
Entropy; Ergodic theory; Hamiltonian systems; 
Horseshoes and hyperbolicity in dynamical systems; 
Kolmogorov—Arnol’d—Moser theorem; Lyapunov 
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MAPS IN THE COMPLEX PLANE 


Iterates of rational functions in the complex plane form 
a class of dynamical systems that can be characterized 
in amazing detail and completeness. Gaston Julia 
(1918) and Pierre Fatou (1919/20) proved fundamental 
theorems on the invariant sets and the relation between 
critical points and attracting cycles. In some of the 
first numerical studies of the iterates of a quadratic 
polynominal, Benoit Mandelbrot discovered the set 
now named after him (Mandelbrot, 1980). Dennis 
Sullivan (1985) proved the complete classification of 
attractors and Adrien Douady & John Hubbard (1984) 
showed that the Mandelbrot set is connected. Because 
of their aesthetic beauty, their intricate details, and 
their omnipresence in iterations of complex functions, 
Mandelbrot and Julia sets belong to the most fascinating 
and most widely studied fractal objects. The book by 
Richter & Peitgen (1986) contains a good survey of 
the results and many color plates of Julia sets and 
Mandelbrot sets, as well as personal reflections by 
Mandelbrot and Douady. 

In order to illustrate some of the ideas and concepts, 
consider the rational maps that result from Newton’s 
method for roots of polynominals (Curry et al., 1983). 
Their roots can be found using Newton’s method, where 
an initial point zo is iterated according to the rational 
map 





Znt1 = 8(Zn) = Zn — f (Zn)/f' En)- (1) 


For initial conditions sufficiently close to a root, 
the method converges faster than quadratically, hence 
its popularity in numerical mathematics. But a little 
numerical exploration shows that when the initial 
condition is further away from a root, the iterations can 
behave rather unpredictably. 

Helpful for the investigation of the global dynamics 
of the iterates is a theorem due to Fatou (1919/20), 
according to which any attracting cycle will have a 
critical point in its basin of attraction. A point xp 
on a cycle of period k returns after k iterations to 
its starting point, Zzp=eg® (Zp). At a critical point 
the derivative vanishes, g’(z.) =0. Newton’s method 
for polynominals has g’(z)= f(z) f”"(2)/(f'(2))": 
therefore, the critical points include the roots of 
the polynominal and the inflection points where 
f" (Zc) =0. Since the roots of the polynominals are 
at the same time fixed points and critical points for 
Newton’s method, each one of them is attracting. It thus 
suffices to investigate the dynamics of the inflection 
points. 

Points that do not iterate to a root or to any other 
attracting object form the Julia set. 

In 1879, Arthur Cayley solved the simplest case, 
Newton’s method for the quadratic polynominal 
z2 —1=0, where the iteration reads 





(2) 
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Figure 1. Initial conditions in Newton’s method that converge 
to the root at | for the cubic equation z3 — 1. The initial conditions 
for the other roots follow from symmetry by rotation through an 
angle of +27 //3 around the origin. 





There are no critical points besides the roots and hence 
no other attracting regions. The imaginary axis is the 
Julia set: it is mapped into itself and is the border 
between the two domains of attraction. 

At the end of his paper Cayley comments that “the 
next succeeding case of the cubic equation appears 
to present considerable difficulty”. Just how difficult 
is indicated in Figure 1 for the case f(z) =2-1. 
Evidently, not only the immediate neighborhood of 1 
but also many points further away will map into the root 
zo = 1. The critical point z, = 0 is mapped to infinity, so 
that there are no other attractors. The boundary of the 
black region is the Julia set. It has the interesting feature 
that in an arbitrarily small neighborhood of every point, 
initial conditions can be found that iterate to any one of 
the possible roots. That is to say, at a boundary point, 
the attracting regions for all roots, and not just for two 
roots, meet. It has self-similar and fractal features (for 
instance, its Hausdorff dimension is about 1.429... 
(Nauenberg & Schellnhuber, 1989)), but it is not of 
full measure. 

For more general third-order polynominals, for 
example, 


pav=zt(a—-1z-a, (3) 


it can happen that a set of initial conditions of finite 
measure will not converge to any one of the roots (Curry 
et al., 1983). Then the iterates of the critical point 
Zc = 0 remain bounded but do not approach a root. For 
instance, for the parameter values underlying Figure 
2, the critical point maps into a period-2 cycle. For 
initial conditions in the set shown, Newton’s method 
will not find a root; instead, it will converge to a cycle of 
period 2. 
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Concerning the dependence on the parameter a, one 
can map out regions in the parameter space where the 
critical point z, = 0 does not iterate toward one of the 
roots or to infinity: for parameter a inside the black 
region in Figure 3, it approaches another attracting 
set and Newton’s method fails. Besides the case of 
an attracting cycle of period 2 as in Figure 2, with 
parameters from the main cardioid of the set, one can 
find cycles of period 4 in the circular bud to the left, 
of period 8 even further to the left, and so on: the 
attracting periodic orbit undergoes period doubling. For 
parameters in other parts of the set, other sequences of 
bifurcations occur. 

The object that appears in Figure 3 was first seen by 
Benoit Mandelbrot (1980) in investigations of iterates 
of the family of quadratic polynominals 


Zn41 = za oe (4) 


This map has only one critical point, z. = 0. For points 
outside the Mandelbrot set z, iterates to infinity and 
there are no stable attracting cycles. The different 
compartments and regions inside the Mandelbrot set 
then contain parameter values where different cycles 
are stable, and transitions between regions correspond 
to various bifurcations. The cycles that are not attracting 
are dense in the Julia sets. For parameter values inside 
the Mandelbrot set, the Julia set is connected; for 
parameters outside, it dissolves into a Fatou dust. For 
c=0, the Julia set is a circle of dimension 1, and for 
small c 4 0, it becomes a fractal with dimension 





for small c. (5) 


For real parameters and real z,,, the map belongs to 
the class of unimodal maps with quadratic maxima for 
which the period doubling cascade with its universal 
scaling laws in parameter and distance between 
periodic points applies. These relations then translate 
into scalings of the diameters of the buds in the 
Mandelbrot set and of structures in the Julia set. A 
fairly complete description of the structures in both 
the Mandelbrot set and the associated Julia sets can 
be achieved using methods from conformal mappings 
(Douady & Hubbard, 1984/85). 

The previous examples already illustrate several 
kinds of behaviors of iterates. They can map to a 
fixed point of a periodic orbit, in which case the 
orbit is stable; if the derivative My = dg (xp) /dxp 
along the orbit vanishes, as in the case of the roots 
for Newton’s method, the orbit is superstable. Orbits 
that have derivatives | M,| > 1 are repelling and belong 
to the Julia set. To complete the classification of all 
possible attractors as given by Sullivan (1985), we need 
to add the marginal cases when the derivative is of 
modulus one, My, = exp(2nq@): such orbits are called 
rationally or irrationally indifferent for rational and 
irrational a, respectively. Near irrationally indifferent 
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Figure 2. Initial conditions in Newton’s method that do not converge to any one of the roots for the cubic polynominal (3) with 


parameter a = 0.32 + 1.64i. In the big blobs initial conditions converge to a period two cycle. 
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Figure 3. An example of the set of parameters a for which 
the iterates of the critical points for Newton’s method for 
polynominal (3) do not approach one of the roots. In the main 
cardioid, the iterates approach a stable period 2 orbit, and in the 
buds attached to the main cardioid other orbits of higher period 
are stable. The small speckles outside the main object are also 
part of the Mandelbrot set that are connected to it by thin hairs 
and filaments which are not resolved in this plot. 


orbits, Siegel disks, and Herman rings can appear. 
Sullivan’s classification theorem now states that there 
are countably many attracting regions and that they can 
belong to superstable orbits, stable orbits, Siegel disks, 
or Herman rings. They can be identified by following 
iterates of critical points which will bring one to the 
attracting orbit or to the boundaries for the irrationally 
indifferent regions. 


BRUNO ECKHARDT 


See also Fractals; Maps 
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MARKIN-CHIZMADZHEV MODEL 

The Hodgkin & Huxley (1952) equations provide 
a quantitatively accurate and detailed model of the 
currents generating the propagating nerve impulse in 
the squid giant axon, and as the first such model they 
formed a prototype for nerve excitation. The equations 
are nonlinear, with four dynamical variables, and are 
in the form of a reaction-diffusion partial differential 
equation. Thus, the model is analytically intractable 
and numerical solution—now a trivial task on a PC— 
in the 1960s, required mainframe facilities. Simpler 
models were needed, both for understanding the 
mechanisms of propagation, and numerical exploration 
of propagation; such simple models are still used to 
simulate propagation in the anisotropic geometry of 
cardiac muscle (Panfilov, 1997). One approach is the 
FitzHugh—Nagumo equations, in which the nonlinear 
current-voltage relation of excitable membranes is 
caricatured by a cubic function (Rinzel & Keller, 1973). 
Another approach is to directly specify the currents 
flowing during the action potential. 

Starting with the nonlinear cable equation for a 
nonmyelinated axon with axoplasmic resistance R and 
membrane capacitance C (both per unit length of axon), 
spread of membrane potential V with distance x (cm) 
and time f (ms) is described by 


av 1a’v 
ar R Ax? 
where Jin is a nonlinear function of V and t. Markin 
& Chizmadzhev (1967) assumed the following simple 
form for the membrane ionic current Jion. This current 
was assumed to be switched to a constant inward current 
J at the start of excitation and, after a time tT), switched 
to a smaller, longer constant outward current Jz for a 
time period t2. The nonlinear diffusion equation (1) is 
thus replaced by a piecewise linear diffusion equation. 
Considering a solitary traveling-wave solution with 
a velocity @ ms~!, moving to the coordinate system 
€=x — Ot reduces Equation (1) to an autonomous 
ordinary differential equation 
ev pee 
ag? | 0g 

For the Markin—Chizmadzhev model, [ion in 
Equation (2) is linear in the four regions: (i) € > 0, 
(ii) O> € > — OT, (iii) — OT, > € > —O(t, + 12), and 
(iv) € < 6(t, + 12), so the traveling-wave solution can 
be constructed analytically from four components, as 
shown in Figure 1. 

Analytic estimates for the velocities of the two trav- 
eling wave solutions, the larger being faster and stable, 
were obtained, these being analogous to earlier numer- 
ical studies on propagating activity of the Hodgkin— 
Huxley equations. This simple Markin—Chizmadzhev 
model for the membrane current generator retains the 
ratio of inward to outward current magnitudes and 
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Figure 1. (a) Assumed membrane current and (b) computed 
potential during a solitary propagating action potential for the 
Markin—Chizmadzhev model for a nonmyelinated axon, with 
propagation velocity 0. 


the relative time courses of the inward and outward 
membrane currents. A greater simplification is to con- 
sider the action potential as an event that is produced 
whenever a threshold is exceeded. Such an approach is 
widely used in modeling periodic and stochastic spike 
trains, for example, by the integrate and fire model. 

Markin et al. (1987) apply the membrane current 
generator model to provide estimates for the effects 
of branching and changes in axonal diameter on 
propagation, and the interaction between propagating 
activity in axons forming nerve trunks, where 
extracellular conduction pathways allow the possibility 
of ephaptic transmission (an action potential in one fiber 
inducing changes in potential in neighboring fibers), 
and an increased synchronization of propagating 
activity in a bundle of nerve fibers. They also applied 
the model to propagation of activity in syncytia— 
branching networks of coupled cells. The spread of 
excitation in such systems depends on the relative cell 
sizes and connections (it is easier for a large cell to 
excite a smaller adjacent cell). For systems of similar 
cells, the syncytium merges into an excitable medium 
as the cell-to-cell coupling is increased. Such excitable 
media models are widely used to model propagation in 
cardiac tissue. 

A behavior of excitable media in which a drifting 
source emits periodic waves was believed to be asso- 
ciated with macroscopic inhomogeneities. Markin & 
Chizmadzhev (1972) showed that in two homogeneous 
coupled one-dimensional fibers, activity propagating 
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along one can excite activity in the other and vice- 
versa, setting up a reverberator that acts as a drifting 
source of periodic wave trains in a homogeneous 
system whose components all have stable equilibrium 
solutions. This provides a prototype, with two coupled 
one-dimensional fibers, for re-entry, which in two- 
dimensional excitable media appears as a spiral wave. 
The basic phenomenology of propagation in 
excitable media was first studied with the Markin— 
Chizmadzhev model, as it allowed both piecewise linear 
analysis and rapid numerical solution. There is still a 
need for simple models for rapid simulation in three- 
dimensional media, but the Markin—Chizmadzhev 
model has been superceded by an efficient two-variable 
system for excitable media in general (Dowle et al., 
1997), and the Fenton—Karma (1998) three current 

model for cardiac tissue. 
AruN V. HOLDEN 


See also FitzHugh-Nagumo equation; Hodgkin- 
Huxley equations; Integrate and fire neuron; Nerve 
impulses 
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See Stochastic processes 


MARKOV PARTITIONS 


To simplify analysis of a dynamical system, we often 
study a topologically equivalent system using symbolic 
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dynamics, representing trajectories by infinite length 
sequences using a finite number of symbols. (A simple 
example of this idea is the writing of real numbers as 
sequences of digits, a finite collection of symbols.) To 
represent the state space of a dynamical system with a 
finite number of symbols, we must partition the space 
into a finite number of elements and assign a symbol to 
each one. 


Definition. A topological partition of a metric space 
M isa finite collection P = {P1, Po, ..., P,} of disjoint 
open sets whose closures cover M in the sense that 
M=P, U---U P, (Lind & Marcus, 1995). 


In probability theory, the term Markov denotes 
memorylessness. In other words, the probability of each 
outcome conditioned on all previous history is equal 
to conditioning only on the current state; no previous 
history is necessary. The same idea has been adapted to 
the dynamical systems theory to denote a partitioning 
of the state space so that all of the past information in 
the symbol sequence is contained in the current symbol, 
giving rise to the idea of a Markov transformation. 


One-dimensional Transformations 


In the special, but important case that a transformation 
of the interval is Markov, the symbolic dynamic is 
simply presented as a finite directed graph. A Markov 
transformation in R! is defined as follows (Gora & 
Boyarsky, 1997): 


Definition. Let J=[c,d] and let t:J— J. Let 
P be a partition of J given by the points c= 
co<ci<-+++<cp=d. For i=1,...,p, let 
IT; =(ci-1, ci) and denote the restriction of t to J; by 
t;. If t; is a homeomorphism from J; onto a union of 
intervals of P, then t is said to be Markov. The partition 
P is said to be a Markov partition with respect to the 
function tT. 


There are two key elements of the Markov partition 
that allow the symbol dynamics to accurately represent 
the system. First, on each interval J; of the partition, the 
map must be monotonic (a homeomorphism), which 
ensures that whenever the preimage of a point is inside 
an interval, the preimage is unique. Second, whenever 
the image of a partition element intersects another 
element, it covers that interval. Therefore, regardless 
of the trajectory before entering an interval /;, the orbit 
may follow any allowed trajectory from J;. (The future 
evolves only from the present state.) 

As a one-dimensional example, consider map 1 
(Figure 1a) which is a Markov map with the associated 
partition {1), Io, 13, 14}. The symbol dynamics are 
captured by the transition graph (Figure 1b). Although 
map 2 (Figure 1c) is piecewise linear and is logically 
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Figure 1. (a) A Markov map with partition shown. Note that 
on each interval, the map is a one-to-one and the image of the 
interval covers every interval that it intersects. (b) The transition 
graph for map 1. (c) The partition is not Markov (“Bad”): the 
image of /2 stretches into interval /3, but it does not completely 
cover that interval (and similarly for the image of /3 with /3). 





partitioned by the same intervals as map 1, the partition 
is not Markov because interval /2 does not map onto (in 
the mathematical sense) a union of any of the intervals 
of the partition. However, we are not able to say that 
map 2 is not Markov. There may be some other partition 
that satisfies the Markov condition. In general, finding 
a Markov partition or proving that such a partition does 
not exist is a difficult problem. 


Higher Dimensions 


Any topological partitioning of the state space will 
create symbol dynamics for the map. In the special case 
where the partition is Markov, the symbol dynamics 
capture the essential dynamics of the original system. 


Definition. Given a metric space M and a map f: 
M— M, a Markov partition of M is a topological 
partition of M into rectangles {R1,..., Rj} such that 
whenever x € Rj and f(x) € Rj, then (Bowen, 1975; 
Guckenheimer & Holmes, 1983) 


FLW" (x) 0 Ri] D Wal f (x)] 9 Rj 
and 
FIWS (x) N Ri] C Wel f()].N Rj. 10) 


To determine if the partition is Markov, in other 
words, we find the stable and unstable manifolds 
(WS and W") of each point x and its image f(x), 
and consider the restriction of these manifolds to 
the partition rectangles. Thus, whenever an image 
rectangle intersects a partition element, the image must 
stretch completely across that element in the expanding 
(unstable) directions, but the image must be inside that 
partition element in the contracting (stable) direction. 
(See Figure 2.) 

It is important to use a “good” partition so that 
the resulting symbolic dynamics of orbits through 
the partition well represents the dynamical system. If 
the partition is Markov, then goodness is most easily 
ensured. However, a broader notion, called generating 
partition, may be necessary to capture the dynamics. 
A Markov partition is generating, but the converse is 
not generally true. See Bollt et al. (2001) and Rudolph 
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Figure 2. In the unstable (expanding) direction, the image 


rectangle must stretch completely across any of the partition 
rectangles that it intersects. 


Pe he 


Figure 3. The cat map isa toral automorphism. (a) The operation 
of the linear map on the unit square. (b) Under the mod operation, 
the image is exactly the unit square. (c) Tessellation by rectangles 
R, and R2 forms an infinite partition on R2. However, since the 
map is defined on the toral space T, only two rectangles are 
required to cover the space. The filled gray boxes illustrate that 
Rj and R2 are mapped completely across a union of rectangles. 























(1990) for a discussion of the role of partitions in 
representing dynamical systems. 


The cat map, defined by 
x = (Ax) mod 1, (2) 
where 
De 1 
read s 


yields a map from the unit square onto itself. This map 
is said to be on the toral space T? because the mod 1 
operation causes the coordinate 1 + z to be equivalent 
to z. A Markov partition for this map is shown in 
Figure 3 (see also color plate section). The cat map 
is part of a larger class of functions called toral Anosov 
diffeomorphisms and provides a detailed description 
of how to construct Markov partitions for this class of 
maps (Robinson, 1995). 


Applications 


In addition to establishing the link to symbol dynamics, 
the Markov partition has another direct application 
in the one-dimensional case. In a dynamical system, 
we are often interested in the overall behavior of 
the map—the evolution of an ensemble of initial 
conditions. The Frobenius—Perron operator is used to 
describe this evolution. When the map is Markov, 
this operator reduces to finite-dimensional stochastic 
transition matrix. Following the same development 
as in probability theory, the stationary (invariant) 
density associated with these maps is described by 
the eigenvector for the eigenvalue A = 1. If the system 
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meets certain ergodic conditions, this density will 
describe the time average behavior of the system. 

The analysis of the ensemble behavior of a 
dynamical system via its transition matrix is such a 
powerful tool that we would like to apply it to other 
one-dimensional systems, even when they may not be 
Markov. A general technique for approximating the 
invariant density of a map is called Ulam’s method, 
conjectured by Ulam in 1960 and later proven by Li 
in 1976. The method relies upon the fact that Markov 
maps are dense in function space (Froyland, 2000). 

Erik M. Bottr ann Joe D. Skurca 


See also Cat map; Symbolic dynamics 
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MARTINGALES 


The classic setting for probability is that of independent 
random variables. An experiment is repeated many 
times, and whatever happens in one trial has no effect 
on what happens in future trials. However, many results 
of probability also hold true in a much more general 
setting, that of martingales. The word martingale is 
associated with the concept of a gambling scheme, but 
its importance in probability is quite general and goes 
far beyond gambling. The reason is that it is rather easy 
to find or construct martingales, and these give useful 
insights into probability problems. 

In roulette, the “martingale system” is to double the 
bet (on black or red) after each bet, until one finally 
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wins. (See Example 4.) The word martingale is also 
used for various arrangements of constraints: part of 
a horse’s reins, lines controlling the jib of a yacht, 
and the belt at the back of a jacket. The word has 
been traced back to Middle French before 1600 and, 
in some accounts, comes from the town of Martigues, 
presumably a center for horses and gambling. 


Definition 


The mathematical definition of a martingale involves 
conditional expectation, and this is a nonlinear concept. 
If X,,..., X, are random variables, then they generate 
a larger set F, of random variables. This set F,, is 
defined as the set of all random variables W such that 
there exists a function f (possibly very nonlinear) with 
W= f(X1,..., Xn). If Z is areal random variable with 
well-defined expectation E[Z], then the “conditional 
expectation” E[Z | F,]=h(X1,..., X,) is an element 
of F,. It is determined by the condition that for 
every bounded random variable W in F, we have 
E[E[Z|F,] W]= E[ZW]. In other words, E[Z | Fy] 
is the orthogonal projection of Z onto the nonlinearly 
generated space F,,. 

A martingale is a fair game at each step. (There is also 
aconcept of supermartingale, an unfavorable game, and 
a corresponding concept of submartingale, a favorable 
game. These are discussed in the references.) Thus, a 
martingale is a sequence of random variables S,, one 
for each time step. These represent the fortune of the 
gambler at time n. Let F,, be generated by the random 
variables that are defined by what happens up to and 
including time n. Thus, in particular S, belongs to Fn. 
However, the fortune S,,+1 at the next time step typically 
does not belong to S,,. Past history does not determine 
future performance. 

The martingale condition is that the conditional 
expectation E[S,+41 | Fn] = S,. That is, given the past 
history up to time n, the expected change in fortune at 
the next step into the future is zero. It follows easily 
that the expected fortune E[S,] does not depend on n 
and is equal to E[ So]. 

A long-held dream of gamblers was to find a 
gambling scheme to play a fair game and win on the 
average. The situation is clarified by the following 
theorems. The dream can be realized, but only if one 
ignores constraints on time and capital. 


Theorems and Examples 


Some theorems involving martingales and examples are 
as follows. 

Theorem. A martingale that is bounded above or 
bounded below must converge almost surely. Thus there 
isarandom variable Soo such that Sy, > So asn —> oo 
with probability one. 
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Theorem. A martingale that is bounded above and 
below is fair in the limit. That is, E{Soo|] = E[ So]. 


Example 1. Symmetric random walk. A symmet- 
ric random walk is obtained by starting with zero 
and then making each future step equal to +1 or 
—1, each independently with probability 7 The walk 
is the sum of the steps. This is a martingale. In 
fact, it is a sum of independent random variables. 
It is unbounded above and below, and it does not 
converge. 

Example 2. Stop when ahead. Consider an integer b 
with 0 < b. When the random walk first reaches b, make 
every future step equal to 0. Notice that these future 
steps are not independent of the past steps. This is a 
martingale. At each stage it is a fair game. There is 
no possibility of winning more than b, but one can 
be very far in debt. Since this martingale is bounded 
above, it must converge almost surely, and it can only 
converge to the constant value b. Thus, a gambler 
with unlimited credit and unlimited time can play a 
fair game and be almost sure to win a fixed specified 
amount. 

Example 3. Stop when ahead or behind. Let a <0 <b. 
When the random walk first reaches a or b, make 
every future step equal to 0. This is a martingale. It 
is bounded both above and below. This martingale 
converges almost surely to a random value that is either 
a or b. Furthermore, the expected value of the eventual 
winnings is zero. 

Example 4. Double the bet and stop when ahead. The 
first step is +1 as before. For a while, each future step 
is either positive or negative with equal probability, but 
twice the size of the previous step. After the first positive 
step, future steps are zero. Thus, for example, the first 
steps might be —1, —2, —4, —8, +16. The result is that 
the gambler is ahead by one. This is again a martingale. 
Since it is bounded above, it converges almost surely 
to 1. This is favorable to the gambler. 

Example 5. Double the bet, start again when ahead. 
The strategy is the same as in the previous example. 
However, once the gambler is ahead by one, the game 
is repeated until the gambler is ahead by two. Then it 
is repeated again, and so on. This too is a martingale. 
It has the remarkable property that it diverges almost 
surely to +00. 





The same ideas may be formulated via the concept of 
martingale difference. Let Xo, X1, X2,..., Xn,... be 
a sequence of random variables. This is a stochastic 
process with a discrete time index. (Most of the 
concepts discussed below extend to continuous time 
stochastic processes, but this generalization is left 
to the references.) Let F, be the set of all random 
variables f (Xo, X1, X2,..., Xn) that are functions of 
Xo,..., X,. A sequence of real random variables Y,, 
belonging to F;, is called a “martingale difference” if 
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for each n > 0 the conditional expectation 
E(Yn+1 | Fn] = 0. (1) 


It is easy to see that if So is in Fo and the Y, 
form a martingale difference, then the sum S, = So + 
Y, + Y2+---+Y, is a martingale. 

The advantage of martingales is that they are easy to 
create. One general method is to produce martingale 
differences by subtracting conditional expectations. 
Thus, if each Z, is in F,, then 


Yn+l = Zn+1 = E[Zn+1 | Fri (2) 


is a martingale difference. However, it is also possible 
to create martingales by other natural constructions, as 
shown by the following examples. 

Example 6. A branching process. Start with Wo 
individuals at stage 0. At each stage n there are Wy, 
individuals. The jth individual in the nth generation has 
xer) children, independently of all other individuals. 
This number of children is random with expectation 
> 0. Thus the n + Ith generation has 


Wast = XY) 4. + xy? (3) 
individuals. Since 
E[Wrst | Fn] = wWn, (4) 


the sequence S,, = W,,/jz” is a martingale. In particular, 
the expected size of the nth generation is 


E(W,] = 2" E[ Wo]. (5) 


However, this average behavior gives a rather mislead- 
ing picture of the branching process. The martingale S, 
is bounded below by zero, and so it converges to some 
random value S,, almost surely. When jz < 1, then the 
population goes extinct, and so S, = W,/j" > 0 al- 
most surely as n — oo. However, in the case yz > 1, it 
may be shown that the martingale is fair in the limit. 
Thus S, = W,/L" — Soo, where Soo >0 is random 
with expectation E[S..]= E[So] = E[Wo]. If the pop- 
ulation does not die out fairly soon, then it has expo- 
nential growth: asymptotically W, ~ Soo”. 
Example 7. Extinction of a branching process. Let 
jt > Land let p be the probability of extinction starting 
with just one member of the population. Then p™” 
is a bounded martingale. It converges to 1 when the 
population goes extinct, and it converges to zero when 
the population goes to infinity. The fact that it remains 
fair in the limit says that the probability of extinction 
starting with w individuals is o”. Each individual’s line 
must die out independently. 


Markov Chain Examples 


Let Xo, X1, X2,...,Xn,... be a Markov chain. 
(Continuous time Markov processes may also be 
treated, but that subject is also left to the references.) 
Let f be a real function of the state of the chain. 
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Then the present value f(X,) is a random variable. 
By the definition of a Markov chain, the expectation of 
a future value f(X,+41), given the past F,,, generated 
by Xo, ..., Xn, depends only on the present state X,,. 
That is, 


EL f (Xn41) | Fn] = (Pf)(Xn), (6) 


where Pf is the application of the transition probability 
operator to the function f. (One can think of f as 
a column vector and P as multiplication by a square 
matrix, so Pf is another column vector.) Thus, in the 
special case when Pf = f, the sequence f(Xy) is a 
martingale. It depends only on the current state. Such 
functions f are of particular interest when the chain 
has transient states that can lead to distinct recurrent 
classes. 
Example 8. Asymmetric random walk (gambler’s ruin). 
Let the Markov chain X,, be the random walk that starts 
at 0 and steps by +1 with probability p and steps by —1 
with probability g, where p + gq = 1. To be realistic in 
the gambling situation, take 0 < p <q <1. It is easy 
to check that the modified game S, = (q/p)*" is a 
martingale. 
Example 9. Stop when ahead. Let 0 <b. When the 
random walk X, first reaches b, future steps are 
zero. Then Sy=(q/p)*" is a bounded martingale. 
Therefore, it must converge almost surely and remain 
fair in the limit. The gambler either wins or goes 
further and further into debt. It follows from the 
fact that the modified game is fair in the limit 
that l= (q/p)’ P[Xn — b]. Thus, the probability of 
winning is P[X, > b] = (p/q)’. 
Example 10. Stop when ahead or behind. Leta <0 <b. 
When the random walk X;,, first reaches a or b, future 
steps are zero. It follows that 1 = (¢/p)* P[Xn > a] + 
(q/p)’ P[Xn — b]. From this, it is easy to work out the 
probabilities of winning or losing. The probability of 
winning is less than in the last example, but the gambler 
is protected from catastrophe. 

If f is a function of the state of a Markov chain, but 
Pf # f, then there is still an associated martingale, but 
it has a different character. Let 


Yoni = f(Xnt1) — (Pf)(Xn). (7) 


Then Y, forms a martingale difference sequence. Let 
So = f (Xo) and form the martingale S,, as before. Then 
the neighboring terms group together, and we get 





Sy = u(Xo) + u(X1) + u(X2) +--+ + u(Xn-1) 
+f(Xn), (8) 


where u = f — Pf.The martingale is a cumulative sum 
over the entire history. 

For this result to be useful, it is necessary to find an 
interesting function u for which there is a solution f 
of u= f — Pf. This often happens in the context of an 
irreducible Markov chain with only positive recurrent 
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states. Let z be the invariant probability vector for the 
Markov chain. (One can think of z as a row vector 
satisfying 7 P =7.) Then a necessary condition for a 
solution is that z7u=0. For instance, one can take a 
function h/ and define u = h — (zth)1. If f is bounded, 
then f(Xn)/n — 0, and in suitable circumstances the 
strong law of large numbers for martingales (see below) 
gives 

u(Xo0) + u(X1) +u(X2) +=: 

n 





+ U(Xn—-1) >0 (9) 





almost surely. In terms of the function h this says that 


h(Xo) + A(X1) + u(X2) +++ + A(Xn-1) 
n 





mh 
(10) 





almost surely, where zrh is the expectation computed 
with the invariant probability (the product of the 
probability row vector z with the column vector h). 
This is a strong law of large numbers for Markov chains. 
It is the idea underlying the Monte Carlo calculation of 
unknown invariant probabilities z. 


General Results 


Many classical results for sums of independent random 
variables have generalizations to the martingale setting. 
These include the strong law of large numbers and the 
central limit theorem. 

The Kolmogorov form of the strong law of large 


numbers says the following. Let Yj,..., Yn,... bea 
sequence of martingale difference random variables 
with finite variances o; ,..., o,, .... Assume that the 


variances are uniformly bounded, or more generally 
that 


oO, 
eas < (11) 


Then as n — oo the sample means 


= ¥yi+---+Y, 
| re ee (12) 
n 
almost surely (that is, with probability one). This is the 
law of averages in a very powerful and general form. 
Fluctuations about the average are described by the 
central limit theorem. The setting for this theorem is 


a sequence Yj,...,Y,,... of martingale difference 
random variables with finite variances 07 ,...,07,..+- 
Let 
2 2 2, 
S$, =Op +--+ +o, (13) 


be the variance of the sum Y; + +--+ Yn. 
The martingale differences satisfy the conditional 
variance normalization condition if 


1 n 7 
Zz 2 FLY | Frij—> 1 (14) 


in probability as n — oo. 
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Fix ¢ > 0. Consider one of the random variables Y;. 
Say that it is large if |Y;| > es). Define the large part 
of Y; to be the random variable ye that is equal to 
Y; when Y; is large and is equal to zero otherwise. The 
Lindeberg condition is that the contribution of the large 
values to the total variance is small, in the sense that 
for each ¢e > 0 


n 
5 ee >0 (15) 
" j=] 
asn —> oo. 

The central limit theorem states that if Yj,..., 
Y,,... are martingale difference random variables with 
finite variances that satisfy the conditional variance 
normalization condition and the Lindeberg condition, 
then the distribution of 


yy) 4-.-4+Y, 
ie Bla (16) 


Sn 
approaches the distribution of a standard normal 
random variable Z as n — oo. That is, the Gaussian 
distribution gives a universal description of fluctuations 
of martingales. 

WILLIAM G. Faris 


See also Random walks; Stochastic processes 
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See Surface waves 


MATTER, NONLINEAR THEORY OF 


A nonlinear theory of matter was first proposed in 1912 
by Gustav Mie in a prescient series of papers that aimed 
to derive the elementary particles of matter as localized 
umps of energy in a nonlinear field (Mie, 1912). To this 
end, Mie suggested a nonlinear augmentation of James 
Maxwell’s electromagnetic equations out of which the 
electron would arise in a natural way. 

Specifically, he defined a Lagrangian density (L) 
depending upon electric field intensity (£) and 
magnetic flux density (B) and the four components 
of the electromagnetic potential (A, ¢). Requiring 
dependence on the parameters 1 =(B* — E*) and 
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x =(¢?— A”) ensured relativistic invariance, and 
the specific choice £L=n/2 +ax3/6 led to a static, 
spherically symmetric electric potential (@) of the form 


(3r§,/a)'/4 


r2 


o(r) © (1) 









0 


Setting 4n(3r9,/a)!/4 =e (the electronic charge) 
yielded a spherically symmetric model for the electron 
with a radius of ro and electric potential 


o(r) > e/4nr 


as r — oo. The Lorentz invariance that is built into 
the theory permits this solution to travel with any speed 
up to the limiting velocity of light with an appropriate 
Lorentz contraction. 

Mie’s approach to a nonlinear theory of matter was 
supported by Albert Einstein, who offered the following 
opinion in the mid-1930s (Einstein, 1954). 


In the foundation of any consistent field theory, the 
particle concept must not appear in addition to the 
field concept. The whole theory must be based solely 
on partial differential equations and their singularity- 
free solutions. 


Empirical support for this perspective was provided 
in the early 1930s by Carl Anderson’s discovery of 
positron-electron creation from cosmic radiation. In 
other words, massive particles were observed to emerge 
from and collapse back into an electromagnetic field, 
which is not a property of the linear Maxwell equations. 

Motivated by Anderson’s observation, Max Born 
revisited Mie’s nonlinear electromagnetics. Together 
with Leopold Infeld, he eliminated the x -dependence 
in Mie’s functional formulation and chose instead the 
Lagrangian density (Born & Infeld, 1934) 


L = Ej 1+ (B2 — E?)/E3 — EG, (2) 


where £o sets the field intensities at which nonlineari- 
ties arise. At low-field amplitudes, Equation (2) reduces 
to the classical Lagrangian density for Maxwell’s equa- 
tions: L = (B? — E?)/2. (Even with the currently avail- 
able, high-intensity lasers, these vacuum nonlinearities 
would be difficult to observe, as Eg is estimated to be 
about 10° V/m in laboratory units.) 

Among the solutions of this system, Born and 
Infeld found a spherically symmetric model electron 
with E finite everywhere, although the electric 
displacement (D) exhibits a singularity at the origin. 
Erwin Schrodinger became interested in Born’s theory 
as early as 1935 and continued working on it through 
the 1940s when—as founding director of the Dublin 
Institute for Advanced Studies—he attempted to move 
research in physics toward key areas of nonlinear 
science (Schrédinger, 1935). 

Plane waves derived from Equation (2) obey the 
equation (1 UP )uxx + 2uxUpUx, — (14 u)un =0, 
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where u is a component of the vector potential. Called 
the Born—Infeld equation, this system has been studied 
as an interesting nonlinear wave equation (Barbashov 
& Chernikov, 1966). 

Einstein’s conviction that a consistent theory for 
particle physics must be based on localized solutions 
of nonlinear partial differential equations was shared 
by several of his colleagues. In addition to Mie, Born, 
Infeld, and Schrédinger, Werner Heisenberg (1966), 
Louis de Broglie (1960, 1963), and David Bohm 
(1957) have suggested nonlinear field theories that in 
their simplest representations, can be viewed as the 
augmentation of linear field equations by a nonlinear 
term of the form |u|2w, as in the nonlinear Schrédinger 
equation. This nonlinearity conserves the integral 


/ lul2dr, @) 


which can be interpreted as a mass. 

The ideas of de Broglie and Bohm are related to those 
of the inverse scattering method (ISM). In their “theory 
of the double solution,” the real particle is a localized 
solution of a nonlinear equation with the form 


yy 
u=Uel®. 


Associated with this localized nonlinear solution is the 
solution of a corresponding linear equation 


v= Ve 
with 
6=06' (4) 


except in a small region surrounding the real particle. 
The function y is taken to be a solution of Schrédinger’s 
quantum mechanical wave equation, and the phase 
condition of Equation (4) allows the particle to be 
guided by y. Similarly, in the context of the ISM, 
the nonlinear solution of a soliton equation is guided 
through space-time by the linear asymptotic solution 
of the associated linear operator. Although proposed 
almost a half century ago, the de Broglie-—Bohm 
theory continues to offer possibilities for further studies 
(Holland, 1993). 

During the 1960s, several investigators proposed 
the sine-Gordon (SG) equation as a field theory for 
elementary particles in one space dimension and 
time (Scott, 2003). This work gained momentum 
in the 1970s when it became known that special 
properties of the SG equation allow the corresponding 
quantum problem to be solved, showing that certain 
qualitative properties of the classical solution survive 
quantization (Dashen et al., 1974; Faddeev, 1975; 
Goldstone & Jakiw, 1975). In particular, the classical 
field energy was found to be a useful first approximation 
for the soliton mass, with quantum effects coming 
in as second-order corrections. More recently, this 
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approach has been developed into the concept of 
a skyrmion, which is a generalization of the SG 
kink, carrying its topological stability into three space 
dimensions. 


These examples suggest that it may be possible to 
develop a nonlinear theory of matter by proceeding 
as follows. First, guess a classical version of the 
correct nonlinear field. Second, solve this classical 
system for salient aspects of localized behavior. Third, 
analyze the corresponding quantum theory to obtain 
exact values for the mass spectrum. Finally, compare 
calculated values of mass with measured mass spectra. 
As Einstein was aware, however, this is a daunting 
program because there are no theoretical bounds on the 
range of conceivable nonlinear theories; thus, it is not 
surprising to find a proliferation of partially evaluated 
theories. In addition to the Born-Infeld, de Broglie, 
and skyrmion formulations, present candidates include 
string theory and the Yang—Mills equation. What others 
are out there? 


ALwyn Scort 


See also Born-Infeld equations; Hodograph trans- 
form; Inverse scattering method or transform; Par- 
ticles and antiparticles; Skyrmions; String theory; 
Yang-Mills theory 
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MAXWELL-BLOCH EQUATIONS 
The Maxwell—Bloch (MB) equations arise in nonlinear 
optics, where they couple “two-level atoms” to 
Maxwell’s electromagnetic field equations to model a 
nonlinear dielectric. Although the two-level atom is 
a pseudo-atom with only two nondegenerate energy 
levels, it can be realized in practice by real atoms 
excited by light close to a suitable atomic resonance, 
and it can be modeled as a two-state system: |g) 
(for ground) and |e) (for excited). Transitions between 
the two states are allowed, and there is a quantum 
mechanical matrix element p = q(g |r| e) 40 between 
them in dipole approximation, where g is the electronic 
charge and qr is the dipole transition operator. 

The outer products of |e) and |g) form a Lie algebra 


with 
S? = 5 (le) (el — |g) (gl). 
S* = |e) (g\, 
S~ =|g) (el. 








By choosing (e | e) =(g | g)=1, (e | g)=(g | e) =0 
(orthonormality), one finds that the Lie algebra is 


[S?, St] = st, 
[S*, S~] = 28°, 


[S%,SJ=—-S, 


where [,] is the Lie bracket or “commutator” 
(Bullough et al., 1995b). Constructed from |e) and 
|g), this is a two-dimensional representation of su(2), 
corresponding to a spin-5 system in which |e) 
is spin-up and |g) is spin-down. In a magnetic 
field B=(B,, By, Bz), a magnetic dipole yw has a 
Hamiltonian which can be taken in the form of a2 x 2 
Hamiltonian matrix with elements (Feynman et al., 
1966, pp. 10-14) 


Ay = —wB,, Hi2= — w(By —iBy), 
A, = — w(By +iBy), Hy = + uB,. 


There is an exact correspondence for the dipole 
p of the two-level atom in an electric field E, 
and the two-level atom is a pseudo-spin-+ system 
(Bullough et al., 1995b). As any state |y(t)) at 
time ¢ in the two-dimensional Hilbert space can be 
written |y (t)) =c1(t) |e) +c2(t)|g), the correspon- 
dence extends to the dynamics. From the Hamilto- 
nian Hj;;, Schrédinger’s equation for the amplitudes 
cj (t)(i = 1, 2) becomes 





ihe = — w[Bzc1 + (Bx — iBy)ca], 
ihe. = — wl(By + iBy)c1 — Bec2]. 


When B, = By=0, B,=constant independent of t, 
ci(t), c2(t) evolve as c(O)e*0", and wo = 2uB-h-! 
is a Larmor frequency for the spinning (precessing) 
magnet of moment jy. The free two-level atom with 
resonance frequency wo thus acts as a true spin-4 ina 
fixed magnetic field B;. 


MAXWELL-BLOCH EQUATIONS 


If we construct the Bloch vector r(t) = (11 (t), r2(t), 


r3(t)) 





ry = (cicy +. cf e2), r2= — i(e1c} — cfc2), 


2 2 
r3 = (leil” — |c2|) 


(c{ = complex conjugate of c, ), the equations of motion 
for cy(t), c2(t) become the Bloch equation 


h=dr/dt=oxr (1) 


for a spin-4 particle, where o=(—2uB,h-!, 


- 2uByh"!, —2B-h7'). (For the two-level atom in 
areal electric field E(t),@ = (—2pEh"! , 0, @o).) The 
normalization |c;|? + |c2|? =1 means |r|? =1, and 
the motion is confined to the surface of a sphere (the 
Bloch sphere) of unit radius: spin-up = (0,0,1), spin 
down = (0,0,-1) on this sphere. This description omits 
a Berry’s phase. 

Two-level atoms enter laser physics via the Jaynes— 
Cummings (JC) model, which couples one two-level 
atom to a single mode of the quantized electromagnetic 
field of frequency w. The Hamiltonian is 





H = aS‘ + wata 4 g(a’ S~ + Sta), 


where g is a (real and positive) coupling constant, 
S?, S+ satisfy the su(2) algebra given above, and a, at 
satisfy [a, at] = 1 and the Heisenberg—Wey] algebra of 
standard bosons. 

The number operator N = S¢+a‘a + 1/2 commutes 
with H. The JC model is thus quantum integrable, there 
being two degrees of freedom (spin and the quantum 
oscillator), and there are exactly two commuting 
constants H and N. The model can be solved exactly 
in terms of 2 x 2 matrices (Bullough et al., 1995a) and 
also by the quantum inverse method in Bogoliubov etal. 
(1996). By coupling the JC model to a heat-bath, one 
obtains the master equation for a micromaser. (Such 
a nonlinear quantum device is in operation at the Max 
Planck Institute, Garching, Germany, using 85Rb atoms 
which enter a cavity in their upper states |e) but may 
leave it in |e) or |g) .) 

The JC model evolves only in time and is a 
fundamental nonlinear quantum model. One obtains 
important nonlinear quantum field theories by coupling 
two-level atoms to Maxwell’s electromagnetic field 
equations 


VE —c?eB/at? = 4nnc? v2 P/at?. (2) 


Here, c is the speed of light in a vacuum, n is the number 
of two-level atoms per unit volume, and E-E (a, t) 
andnP = nP(x, t) are, respectively, the electric field 
and dipole density operators. This operator Maxwell 
equation and the operator Bloch equation for the dipole 
density constitute the quantum operator form of the MB 
equations. 
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If the electric fields are strong enough (many 
photons), both E and P can be regarded as classical 
variables, while quantum mechanics still enters through 
the atoms. The classical electric field F(a, t) acts on 
the atom at & at time ¢ through vectors w(x, ft) given at 
points x and time ¢ through 


(x, t) = (—2p- E(a, t)h!, 0, wo) 


and the Rabi frequency is |2p- E(a, t)| i-!. This form 
of w(x, t) shows the coupling between the Maxwell 
equations and the Bloch equations to form the semi- 
classical MB equations, and the coupling is nonlinear 
since E(x, t) is driven by pr (a, t) for P(a, rt) in the 
(linear) Maxwell equation. 

In one space dimension (x) one obtains the standard 
form of the semiclassical MB equations (Eilbeck et 
al., 1973). The (linear) Maxwell equations for such an 
E(x, t) and P(x, t)= pri (x, t) is 


a7 E/ax* — (1/c?)a?E/dt? = (4nnp/c*)d7r; /at? . 
(3) 


With w(x, t)=(—2pE(x,t)h7!,0, a), the Bloch 
equation (1) can be written out explicitly as 


dr, /ot = —wor2, 
dr2/dt = wor, + 2ph-! Ers, 
ar3/at = —2ph! Ero. (4) 


This system of four nonlinear partial differential 
equations (3) with (4) is not integrable, but it becomes 
an integrable field theory if the Maxwell equation is 
replaced by the unidirectional system (valid for small 
densities in the one space dimension) 


dE/dx + (1/c)\VE/dt = (—2xnp/c)ar)/dt. (5) 


Equations (4) and (5) comprise the reduced Maxwell— 
Bloch (RMB) equations, which can be explicitly 
integrated by the AKNS inverse scattering method as 
in Gibbon et al. (1973). 

Under a slowly varying envelope and phase 
approximation (SVEPA), the envelope equations 
become the self-induced transparency (SIT) equations 


a€/x + (1/c)dE/at = oP, 

aP/at =EN + Ao’Q, 

aN/at = -EP, 

aQ/at = —Aa'P. (6) 


In these SIT equations, Aw’ = wy — wo (called inho- 
mogeneous broadening), and wp is a shifted resonance 
frequency for any particular atom (induced by Doppler 
shifts, e.g.) while P, Q, N depend on (x,t, Aw’) and 
N replaces the inversion r3 of the atom in the Bloch 
vector. It is an unfortunate confusion of the literature 
that what we call the SIT equations are also called the 
Maxwell—Bloch equations. Here, we reserve MB for the 
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Maxwell equation coupled to the three Bloch equations 
which are not envelope equations. 

The SIT equations (6) must be averaged over 
inhomogeneous broadening Aa’ but remain integrable. 
The soliton solution is the 27-pulse of (McCall & Hahn, 
1969) and there are multi-soliton solutions. Under a 
sharp line resonance condition, they further reduce to 
the standard form of the sine-Gordon (SG) equation 


a°$/ax? — 0°b/dt* = sing. (7) 


Under an SVEPA, the SG equation becomes the 
attractive case of the nonlinear Schrodinger (NLS) 
equation. The RMB, SIT, SG, and attractive NLS 
equations form a hierarchy of integrable nonlinear field 
theories in which integrability is handed down by the 
SVEPA in the fashion described by Calogero in 1995 
(see Bullough, 2001). 

The two-dimensional representations of su(2) for 
two-level atoms extend to three-dimensional represen- 
tations of su(3) for three-level atoms, and the conse- 
quent appropriately generalized SIT equations are fun- 
damental to electromagnetically induced transparency 
(EIT) and the storage of quantum information (Bul- 
lough, 2001; Hau, 2001; Haroche & Raimond, 1993; 
Bullough & Gibbs, 2004). 

Rosin BULLOUGH 


See also Berry’s phase; Lie algebras and Lie 
groups; Nonlinear optics; Nonlinear Schrédinger 
equation; Sine-Gordon equation 
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MCCULLOCH-PITTS NETWORK 

In 1943, Warren McCulloch and Walter Pitts published 
a seminal paper that described the first attempt to 
provide a mathematical model of a neuron (McCulloch 
and Pitts, 1943). This work explored the properties 
of networks of such mathematical neurons in relation 
to the working of the nervous system. The model 
arose from the following assumptions based on the 
knowledge of neurophysiology at the time 


(i) The activity of the neuron is an “all-or-none” 
process. 

(i) A certain fixed number of synapses must be excited 
within the period of latent addition in order to 
excite a neuron at any time, and this number is 
independent of previous activity and position on 
the neuron. 

(iii) The only significant delay within the nervous 
system is synaptic delay. 

(iv) The activity of any inhibitory synapse absolutely 
prevents excitation of the neuron at that time. 

(v) The structure of the net does not change with time. 


The McCulloch—Pitts neuron is thus a binary 
threshold unit whose firing or activation is dependent 
on the values of its inputs. The neuron receives a 
number of excitatory (positive) or inhibitory (negative) 
inputs via “synaptic” connections. Excitatory synapses 
are equally weighted, and if the sum of these positive 
input signals exceeds some value, 0, the neuron fires. 
Otherwise, the neuron does not fire. If a signal is 
received on any of the negative inputs, the neuron 
cannot fire, regardless of the positive input values. The 
threshold value @ is a fixed threshold value unique to 
the neuron, and the model is assumed to be operating 
in discrete time steps. 

A network of McCulloch—Pitts neurons can be 
assembled by connecting the outputs of neurons to 
the inputs of other neurons in some manner. In dis- 


MCCULLOCH-PITTS NETWORK 


cussing networks of these artificial neurons,McCulloch 
and Pitts distinguish between nets with and without 
“circles.” In a network without circles, it is not pos- 
sible to follow a path of connections in the network 
from any given neuron and return to that same neuron. 
In other words, there are no closed causal loops. The 
activity in such a network will, therefore, have a feed- 
forward dynamic; any activity imposed on the network 
will propagate in a unidirectional fashion for a finite 
amount of time, terminating when neurons are encoun- 
tered with no outgoing synaptic connections. The per- 
ceptron (Rosenblatt, 1962) and multi-layer perceptron 
(see e.g., Haykin, 1999) networks are examples of this 
kind of topology. A McCulloch—Pitts network without 
circles is capable of representing any statement within 
prepositional logic (i.e., any finite logical expression). 

The dynamics of networks with circles are more 
complex. Activity in these networks may propagate 
indefinitely around the network in discrete time, so 
the firing activity of the network at any time may be 
dependent on the activity of the network at multiple 
stages in the past. 

McCulloch and Pitts were able to show that such 
nets are equivalent to a Universal Turing Machine in 
principle. It should, however, be noted that the proofs 
for McCulloch—Pitts nets are existence proofs only 
in the sense that they do not imply an algorithm for 
constructing a network, with appropriate values of 
threshold and weight parameters, to compute a given 
function. Also, they do not consider computational 
time. Interestingly, the work of McCulloch and Pitts 
was also an influence in the development of the von 
Neumann stored program computer architecture. 

Consider a McCulloch—Pitts net with circles. At any 
point in time, the state of the network can be defined 
by the current (binary) activity pattern of the neurons 
(i.e., which neurons are firing and which are not). The 
network can be thought of as a point in a configuration 
space of all possible activity patterns. Under some 
appropriately chosen scheme for updating the state 
of the network (synchronously or asynchronously), 
the activity may converge to an attractor in the 
configuration space, resulting in a stable state for 
subsequent time steps. This is the basis for attractor 
neural nets, as described by Hopfield in the context of 
simple associative memory networks (Hopfield, 1982). 

Marcus GALLAGHER 


See also Attractor neural network; Cell assemblies; 
Electroencephalogram at large scales; Electroen- 
cephalogram at mesoscopic scales; Neurons; Per- 
ceptron 
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MEAN FIELD THEORIES 


See Phase transitions 


MEASURES 


Measures provide the means to introduce probabilistic 
methods into the study of a dynamical system by 
supplying a notion of the size or content of sets that 
is additive—the measure of a union of disjoint sets is 
the sum of the measures of these sets. 

Sets correspond to events and the measure of a set 
to the probability of that event. The precursor to this 
general notion is that of the phase volume in a classical 
mechanical system, which is preserved under the phase 
flow (Liouville theorem). In other words, if a set of 
initial conditions is transported by the flow for a fixed 
time then the set of terminal conditions has the same 
volume as the set of initial conditions. Put differently, 
the phase flow consists of volume-preserving maps. 
In the general context of measures, this corresponds 
to measure-preserving transformations (see below), 
which are the subject of ergodic theory. For example, 
the Birkhoff ergodic theorem establishes a connection 
between the measure of a set and the proportion of time 
a typical orbit spends in it. The original result in ergodic 
theory is the Recurrence Theorem by Poincaré (1890) 
according to which almost every point in a volume- 
preserving system has to return arbitrarily close to its 
initial position. 

The Lebesgue measure coincides with volume, but it 
is defined on a larger collection of sets. For example, the 
one-dimensional volume (length) of the set of rational 
numbers is not defined, but this set has zero Lebesgue 
measure. Closely related to the Lebesgue measure are 
absolutely continuous measures, that is, those defined 
by integrating a nonnegative density function over the 
set to be measured. The function can be interpreted 
as a probability density if the total integral is 1. (The 
bell curve p(x) := eo bY 20” 1q./ Iq is a standard 
example.) Taking the Dirac 6-function as a (singular) 
“density,” one obtains the Dirac measure defined by 
6,)(U) =1 if p € U, 6p)(U) =0 otherwise. 

In general, a measure is a nonnegative additive set 
function. More precisely, it is a nonnegative function 
(with +-oo an allowed value) defined on a collection of 
subsets (which are then said to be measurable) of the 
space in question, such that the union of any countable 
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or finite union of disjoint measurable sets A; is measur- 
able (this is a requirement of the collection of measur- 
able sets), and its measure is the sum of the measures 
of the A;. (One cannot require an analogous property 
for unions of uncountably many sets because the real 
line is a disjoint union of points, each of which has 
zero Lebesgue measure.) One often is interested in fi- 
nite measures, that is, those for which the measure of 
the whole space is finite. These can be rescaled to a 
probability measure (the whole space has measure 1). 
A set of measure zero is referred to as a null set, and a 
property is said to hold almost everywhere if it fails for 
only a null set of points. 

If every open set is measurable and every compact 
set has finite measure, then the measure is said to be a 
Borel measure. This is a useful notion because a Borel 
measure / is regular; that is 


L(A) = inf{w(O): A C O and O is open} 
= sup{(B) : B C A and B is compact}. 


Up to a scale factor, one defines the Lebesgue measure 
[n(A) of a set A C R" by considering collections of 
balls whose union contains A and minimizing the sums 
of the volumes of these balls: 


[n(A) = inf yor :AC L) Bi, ri) 
i 


Replacing the exponent n of the radii by an arbitrary 
exponent @ that is not necessarily related to the 
dimension of the ambient space, one obtains the a- 
dimensional Hausdorff measure [y4. For example, 
for a smooth curve c of length /(c) in the plane, 
we get w1(c) =l(c) and p2(c) =0. Indeed, one can 
characterize the Hausdorff dimension of a set S via 
Hausdorff measures. It is the number a such that 
La (S) =+ 00 for a < ag and fy(S) =0 for a > ao. 

A measure is invariant under a map f and the map 
is said to be measure-preserving, if for any measur- 
able set A the set f—!(A): = {x: f (x) € A} is measur- 
able and has the same measure as A. This preimage 
definition turns out to be the proper one for nonin- 
vertible maps. For example, circle rotations z+ ze27'? 
preserve the Lebesgue measure because they preserve 
length. The doubling map z+ z? of the unit circle in 
the complex plane preserves the Lebesgue measure be- 
cause the preimage of an arc consists of two arcs of 
half the length. The density 1/(1 + x) on [0, 1] de- 
fines a measure 1, which is invariant under the Gauss 
map G:[0, 1] — [0,1] defined by xt {1/x} (frac- 
tional part): a = {1/x} if and only if 1/x =a-+n for 
some n € N, so 


u(G"'({a, b])) = at 


“btn L+x 


1 
= De (1+) 


neN 


1/a+n 1 





dx 
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1 
os( ra) 


= Yo logta +n-+ 1)—log(a +n) 
neN 
log(b+n-+ 1) + log(b+n) 


= log(b+ 1) — log(a + 1) 














a 
= | ay ot = ella, bd). 
a 1+x 


The Dirac measure 6, concentrated on a fixed point p 
is always invariant. 

The Birkhoff ergodic theorem guarantees the 
existence of time averages of orbits. If g is an 
observable (a continuous or merely measurable scalar 
function on phase space) and yw is an f-invariant 
measure, then for almost every point the time (or 
Birkhoff or ergodic) average 


n-1 


jim, Do e(F'@)/n 
i=0 


exists. A map f is said to be ergodic if the phase 
space is indecomposable in the following sense. If A 
is an invariant set (i.e., f—!(A)= A), then either A 
or its complement is a null set. This is the case for 
the Lebesgue measure and the doubling map or rota- 
tions by an irrational angle, but not for rotations by 
a rational angle. For ergodic systems, the time aver- 
age over almost every orbit equals the space average 
Jog du. 

A particularly interesting measure with respect to 
the study of hyperbolic attractors and strange attractors 
is the Sinai—Ruelle-Bowen measure. By definition it 
has a positive Lyapunov exponent almost everywhere 
and absolutely continuous conditionals (marginals) on 
unstable manifolds. If such a measure is ergodic and 
has no zero Lyapunov exponents, then it gives a natu- 
ral or physical (physically observed) measure, which 
is defined by the following property. While for any 
invariant measure jz the Birkhoff ergodic theorem im- 
plies that almost every point is j1-equidistributed, the 
physical measure reflects the asymptotic distribution of 
Lebesgue-almost every point (or at least that of a set of 
points of positive Lebesgue measure). This means that 
if one picks a point at random (with respect to Lebesgue 
measure), its orbit will be equidistributed uniformly 
with respect to the physical measure. In other words, a 
physical (or natural) measure represents the density of 
points obtained from a computed orbit. For example, 
the Dirac measure concentrated on an attracting fixed 
point is a natural measure. 

Boris HASSELBLATT 
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MECHANICS OF SOLIDS 


Two aspects may be discerned in the historical 
development of the mechanics of solids. The first of 
these was motivated by technical requirements, and the 
second was motivated by studies in theoretical physics. 
Sometimes these two aspects interacted, but each of 
them has maintained its specificity. 

From the fundamental continuum hypothesis, the 
mechanics of solids admits an introduction of vector 
and tensor fields describing the strained state of a 
solid as a result of its deformation: the displacement 
vector and tensors of stress and strain. Physical features 
are manifested by the constitutive relations (algebraic, 
differential, or integro-differential), which determine 
the coupling between stress and strain tensors, and 
Newton’s equations of motion can be constructed 
taking into account all relations mentioned above. 

There are two sources of nonlinearity in the mechan- 
ics of solids. If the constitutive relations are nonlin- 
ear, one deals with an intrinsically nonlinear problem. 
Nonlinearity also arises from purely geometric reasons 
(nonlinear dependence of the strains on displacements) 
and is called geometric nonlinearity. Four important ap- 
proximations illustrating the basic nonlinear effects in 
the mechanics of solids are as follows. 


Prerequisites of approximations: Result of 
approximation: 

(a) Rotational and translational Infinite isotropic 
invariance of infinite media 
undeformed solid 

(b) Discrete group of 
symmetry 

(c) Details of microstructure 


Anisotropic crystal 


Media with weak 
or strong 
dispersion 


(d) Smallness of one or two Bar, plate, shell 


dimensions 


Taking account of the shear, nonlinear dynamic 
equations for an infinite elastic body can be considered 
as an extension of the hydrodynamics of a compressible 
non-viscous fluid. Lagrange’s equations of motion in 
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the main nonlinear approximation are written as follows 
(Blend, 1969): 


au; a ( aU 
py ; ( ) Xi,j. 
t duj OU; j 











U= dat + 1+ To S— I, S+higher-order terms, 
i,j =1,2,3, () 


where o is the initial density of the elastic media, Xj, ; 
are components of external loading, u; are components 
of the displacement vector, U is a potential, 1) = ¢;; 
and J, = ;;€;; are the first and second invariants of 
the strain tensor, A and j are Lameé coefficients 
characterizing the elastic properties of isotropic media, 
S is entropy, « is the coefficient of heat conductivity, 
and 70 is the initial temperature. Lamé coefficients 
can be expressed via the Young’s modulus E and 
Poisson coefficient v, describing longitudinal elastic 
resistance and transversal deformation, respectively, for 
a specimen subjected to uniaxial longitudinal loading. 

In this case, geometric nonlinearity is caused 
by nonlinear dependence of ¢; on derivatives of 
displacements, and physical nonlinearity is accounted 
for by high-order terms involving strains ¢;;. A 
significant consequence of nonlinearity may be the 
possibility of shock waves manifested by discontinuity 
of the first or second derivatives of displacements 
(strong or weak discontinuities), respectively. 

The simplest and most important problem admitting 
discontinuous solutions in nonlinear theory is the 
description of plane adiabatic shock waves propagation. 
In this case, nonlinear partial differential equations (1) 
are replaced by nonlinear algebraic relations. These 
relations are determined by conservation laws for 
mechanical and thermodynamical quantities as well 
as by the second law of thermodynamics. The main 
difference from shock waves in the fluid is manifested 
in the presence of shear shock waves. 

Taking into account microstructure and intermolec- 
ular (physical) nonlinearity in the constitutive relations, 
one obtains in the lowest approximation for plane waves 
the Korteweg-de Vries (KDV) equation (Askar, 1985) 


1 aw 
24 ae3 


dw 1 ow 
t w 
ag 





ag." on. t > 
where t and ¢ are dimensionless time and space co- 
ordinates, respectively, and w(t, ¢) is a dimensionless 
deformation of the media. Due to the presence of non- 
linear (second) and dispersion (third) terms, this equa- 
tion has a stable soliton solution (compression wave) 
as well as multiple soliton solutions. 

A second new aspect, important for media with 
microstructure, is the possibility of a short wavelength 
continuum approximation. Such an approximation is 
valid for the envelopes of short waves for which the 
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wavelengths are comparable with the characteristic 
length of microstructure (Manevitch, 2001). In this 
case, equations of motion for the plane waves can be 
reduced to the dimensionless nonlinear Schrédinger 
(NLS) equation 


Igo 
OT 


a2 
ialgol?go 12% = 0, 

ag? 
where go = [expit](w — iv), u is the displacement, w 
is the velocity, a is a nonlinear parameter, and t and 
¢ are dimensionless time and space coordinates. An 
important manifestation of nonlinearity in this case is 
the existence of envelope solitons 


goll, tT) = J2S/ael—2” sech[V'S(¢ — vt)], 


where k = v/2 and w@=v?/4—S. 

Dispersion effects can be also caused by the 
presence of boundaries as in the case of a rod 
embedded in another elastic external medium. Along 
with physical and/or geometric nonlinearity, this may 
lead to formation of solitons similar to solitons in media 
with microstructure (Samsonov et al., 1999). 

Note that the formation of shock waves in three- 
dimensional elastic media requires much more energy 
than in the common case of sound waves. Contrary 
to this, geometric nonlinearity in thin elastic bodies 
described by simplified one- and two-dimensional 
models provides easy manifestation of nonlinear 
effects due to bifurcation of equilibrium states (elastic 
instability). Elastic instability may lead to localization 
of buckling and coupling of linear modes—a sign of 
strong nonlinearity (Thomson & Hupt, 1973). Thin- 
walled structures also demonstrate numerous other 
effects typical of common nonlinear systems, including 
period doubling and internal resonance, transition 
to spatial, and temporal chaos. Future developments 
in nonlinear mechanics of solids will focus on the 
study of these effects as well as the propagation of 
nonlinear waves in anisotropic and nonhomogeneous 
media and on mechanics of solids at the mesoscopic 
level (Alexander, 1998). 
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MEL’NIKOV METHOD 
In 1963, V.K. Mel’nikov developed an analytical 
method for the study of time-periodic perturbations of a 
planar autonomous system. This method permits deter- 
mination of persistence and stability of subharmonic 
motions and measurement of infinitesimal separation 
of stable and unstable manifolds of hyperbolic fixed 
points. The Mel’nikov method is one of the few ana- 
lytical tools for establishing conditions for homoclinic 
chaos, and it has been generalized to many settings, 
including Hamiltonian systems with higher degrees of 
freedom and partial differential equations. 

The main ideas can be introduced in the context of 
a periodically forced planar Hamiltonian system: 





0H 

k= +efilv, yo), 
dy 

. dH 

y=H sz teh, yt). 
ox 


H(x, y) is the Hamiltonian function of the unperturbed 
system (e=0), and f=(fi, fe? is a time-periodic 
perturbation vector field. Both H and f are assumed 
to be sufficiently smooth functions of their arguments. 

Assume that the unperturbed system possesses a 
homoclinic orbit gp(t) to a hyperbolic saddle point 
po, as shown in Figure 1. When ¢ £0, a perturba- 
tion argument guarantees persistence of a hyperbolic 
fixed point pe, and local existence of its stable and 
unstable manifolds, parametrized, respectively, by 
solutions ¢$(t)=qn(t — t) + eqj(t) 4 O(e?) and 
gi (t) =qn(t — to) + eqi(t) + Ole*). 

As the unperturbed separatrix is expected to split 
under perturbation, it is convenient to introduce the 
distance function 





(to) = (Ox H, Ay)" |gy(o) La to) — 98(t0)1 
el(Ox H, Ay H)" quo) A (ai (to) — 9} (to) 
+0(e*), 


which measures the displacement of the stable and 
unstable manifolds of p, along a direction normal to 
the unperturbed separatrix (represented by vector N in 
Figure 1). After deriving an evolution equation for the 
perturbation expansion of the distance function d(t), 
we arrive at the following expression: 


(to) = eM (to) + OC”). (1) 
The Mel’nikov function M (to) is defined by 


+00 
mco)= | grad H (qn(t — to))-f(qn(t — to), t)dr, 
(2) 


MEL’ NIKOV METHOD 






N=gradH|q,,(0) 


fa 
qe (1) 
Figure 1. Unperturbed and perturbed separatrices. 


where the integrand is the scalar product of vectorfields 
grad # and f and is evaluated along the unperturbed 
homoclinic orbit. 

As an example, consider the following planar 
system of ordinary differential equations with periodic 
perturbation: 


x 


y> 
y= —x +x? + esint. 


The unperturbed system has Hamiltonian H(x, y) = 
y?/2 + x?/2 = x3/3 and two fixed points: the 
origin (a center) and the point of coordinates 
(1,0) (a saddle point). The unperturbed homoclinic 
orbit (parametrizing the degenerate stable, unstable 
manifolds of the hyperbolic fixed point) is given by 


Gp 34 n2 t—to 1 
qh o= 3 an 5) 2 


T 
2 tanh Elo sinh? ae : 
2 2 2 


(3) 








and the corresponding Melnikov function is computed 
to be 


+00 
M(t) = ; / tanh(t/2) sinh? (t/2) sin(t + to) dt 


320 cos(to) 
2 sinh x/2 cosh /2° 





(4) 


If, as in this example, M (fo) has an infinite sequence of 
nondegenerate zeros, an infinite number of transverse 
homoclinic orbits of the hyperbolic fixed point of the 
perturbed system is guaranteed to exist for all e 40 
sufficiently small. Thus, the system exhibits homoclinic 
chaos. 

For perturbations containing dissipative or constant 
forcing terms, the Mel’nikov integral may be nonva- 
nishing. In such cases, the separatrix still splits un- 
der perturbation, but no transverse homoclinic points 
occur. 

Generalizations of the Mel’nikov method to higher- 
dimensional systems have been discussed by various 
authors (see, for example, Yagasaki (1999), Gruendler 
(1992), and the monograph by Wiggins (1988, pp. 
1-16)). 


MEL’ NIKOV METHOD 


Autonomous Perturbations in Two 
Degrees of Freedom 


Consider how this method applies to autonomous 
near-integrable Hamiltonian systems with two degrees 
of freedom. This case was first treated, and then 
generalized to integrable equations with n + 1 degrees 
of freedom, by Holmes and Marsden (1982a,b). These 
authors assume that the unperturbed Hamiltonian has 
the form Ho=F (x,y) + G(J), where F is the 
Hamiltonian of a planar system with a homoclinic 
orbit to a hyperbolic fixed point, and G is the 
Hamiltonian of a planar system in action-angle 
coordinates. By restricting to the energy surface, the 
original equations are reduced to a single-degree-of- 
freedom non-autonomous system, to which the usual 
Melnikov technique is applied. 

A more direct approach by Robinson (1996) assumes 
Hamiltonians of the general form 


He(x) = Ho(x) +eM\(x), x € RY. (5) 


The unperturbed system is assumed to be completely 
integrable, with a second constant of motion K, 
and to possess a hyperbolic periodic orbit yo. The 
stable and unstable manifolds of yo, WS (yo) = W" (yo), 
are parametrized by a two-dimensional family of 
homoclinic orbits gp(t, Xo), where Xo is a point on the 
corresponding level set Ho(yo) = ho. 

Because the perturbation is Hamiltonian, the 
perturbed hyperbolic periodic orbit y, and its stable, 
unstable manifolds W*""(y,) continue to lie within the 
same energy surface H! (ho). Thus grad Ho no longer 
provides a good measurement of their transversal 
splitting. 

Letting IIo be a two-dimensional plane transversal 
to the unperturbed separatrix at xq and denoting 
by £5" (xo, ho; ©) = Mo MN W*'"(y~) the corresponding 
points on the perturbed invariant manifolds, one 
computes the infinitesimal displacement in terms of the 
second integral K: 


a 
M (xo, ho) = aa 0 f" (xo, ho; €) 
—K 06°(x0, ho; €)]leo- (6) 


The Mel’nikov measurement can be reduced (Robin- 
son, 1996) to the following conditionally convergent 
integral: 


M (Xo, ho) 
Tj 
grad F - 7grad H,| 


joo J_ 
J Tj 


) dr, 


qh(t.x0 
(7) 


where J/gradH, is the Hamiltonian vector field of 
the perturbation, and —T;, T; are chosen so that 
qn(— T}, Xo) and qj (Tj, Xo) converge to the same point 
of the periodic orbit yo. 
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An Elastic Pendulum 


Consider the application of these ideas to the following 
four-dimensional dynamical system modelling an 
elastic pendulum (Holmes and Marsden, 1982a): 


ae ( (or. 
y = sinx +e sind—x], 
(22) 
ri 21 f [21 
l=e 2 ( = sno - +) cos 6, 
oO @ 


, 1 21 
06@=W-€ sin@ — x} sind. 
V2Ia ( @ 


The unperturbed equations are completely integrable 
with constants of motion HApo(x, y,/,0)= xy = 
cosx + wl and K(x, y, 1,0) =1. The energy surface 
Ho(x) = 1+ wI =ho contains a hyperbolic periodic 
orbit yo = (77, 0, J, ot)? and its two-dimensional stable 
and unstable manifolds, parametrized by the pair of 
homoclinic orbits 











Gi (t, 69) = (42 tan7! (sinh rt), 


hee 
+2secht, o 





1 
ot +0)". 








Asgrad K = (0, 0, 1, 0)", the quantities M* (00, ho) 
are immediately computed as the following absolutely 
convergent integrals (ho > 1): 


V2(ho — 1) ‘ie V2(ho — 1) 
o M05 o 





sin(wt + 00) 








2tan”"(inh) cos(wt + 69) dt. (8) 


The first term is odd and thus vanishes. Using 
integration by parts to simplify the second term yields 
the expression 


J/2ho — 1) 


M* (0p, ho) = = : 





w 


+00 
x / sech(t) sin(wt + 69) dt, 


—oo 


which can be evaluated using the method of residues as 


MEG = EY 
@ 








sech (>) sin(@). 


An infinite sequence of simple zeros of M* (60, ho) 
guarantees the existence of transversal homoclinic 
orbits on each energy surface hg>1, for e40 
sufficiently small. 

ANNALISA M. CALINI 
See also Chaotic dynamics; Hamiltonian systems; 
Horseshoes and hyperbolicity in dynamical systems; 
Phase space 
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METASTABILITY 
See Stability 


METEOROLOGY 


See Atmospheric and ocean sciences 


MISSING MASS (FOR KDV SOLITON) 


See Korteweg-de Vries equation 


MIURA TRANSFORMATION 


See Korteweg-de Vries equation 





MIXING 


The word mixing is used both as a general term defining 
the operation of putting two or more substances 
together in order to achieve uniformity and as a 
mathematical term defining the property of random 
processes. Mixing as an operation is widespread as 
both a natural phenomenon and an industrial process. 
Putting milk into coffee, preparing cement, and pushing 
a car accelerator pedal involve mixing liquids, granular 
materials, and gases. On a molecular scale, it is 
diffusion that provides mixing. When diffusion is 
caused solely by the gradient of concentration 0(r, ft), 
it is described by the second-order partial differential 
equation 


ee = div(k V9). qd) 
ot 


When the diffusivity « is constant, (1) is a 
linear parabolic equation which can be solved by 
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using the Green function: 0(r,t)= (4rrxt)~4/2 
x fexpl—(r — r’)?/4xt]0(r', 0) dr’. 

The diffusivity of gases in gases is of order 
10~! cm2s~| so it would take many hours for an odor 
to diffuse across the dinner table. Similarly, to diffuse 
salt to a depth of 1 km in the ocean molecular diffusion 
would take 10’ years. It is the motion of fluids that 
provides large-scale mixing in most cases. In a moving 
fluid, @ satisfies the advection-diffusion equation: 


“ + (v-V)0 = div(KV6). (2) 


If the velocity gradient is A then one can define a 
diffusion scale rg=./«/A comparing advective and 
diffusive terms in (2). Fluid motion and molecular 
diffusion provide for mixing at the scales respectively 
larger and smaller than rg. Inhomogeneous flow brings 
into contact fluid parcels with different values of @ thus 
producing large gradients that are then eliminated by 
molecular diffusivity. How fast mixing proceeds and 
how concentration variance decays in time depends on 
how inhomogeneous the flow is. 

When a velocity field fluctuates, the simplest 
quantity (and often most important) is the concentration 
averaged over velocity, (0(r, t)). The behavior of this 
quantity is determined by the properties of Lagrangian 
velocity V(t)=v[q(t),t], which is taken on the 
trajectory that satisfies dq/dt = v[q(t), t]. For times 
longer than the Lagrangian correlation time, (0(r, t)) 
also satisfies the diffusion equation 


[a — dij + DNV, (Or, 9) =O, 


with so-called eddy diffusivity 


1 [o¢) 
Dip = sf (V;(O)Vj(s) + Vj (0) Vj (s)) ds. 


If we release a single spot of, say, a pollutant, then 
its average position is given by (@(r,t)). On the 
other hand, the evolution of the spot itself depends 
on the spatial properties of the velocity field. In 
considering hydrodynamic mixing at a given scale, 
one usually distinguishes between two qualitatively 
different classes of velocity fields: spatially smooth 
and nonsmooth. Velocity can be considered spatially 
smooth on a given scale if the velocity gradient does 
not change much across the scale. Comparing the 
inertial term (v -V)v with the viscous term v Av in the 
Navier-Stokes equation for fluid motion, one defines 
the viscous scale 7 similarly to rq. Turbulent flows are 
smooth at scales smaller than 7 (viscous interval) and 
nonsmooth at larger scales (intertial interval). Fluid 
particles separate exponentially with time in smooth 
flows and according to power laws in nonsmooth flows. 

Despite the fact that the fluid viscosity v (momentum 
diffusivity) is caused by the same molecular motion 
as k (diffusivity of a substance), their ratio varies 
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widely depending on the type of material. That ratio 
is called the Schmidt number, or Prandtl number when 
6 is temperature. The Schmidt number is very high 
for viscous liquids and also for colloids and aerosols, 
since the diffusivity of, say, micron-size particles (e.g., 
cream globules in milk and smoke in the air) is six to 
seven orders of magnitude less than the viscosity of 
the ambient fluid. In those cases, ra « n. At scales less 
than 7, the flow is spatially smooth, and the velocity 
difference between two fluid particles can be presented 
as (qi, t) —U(Qo, t) =6 (t) R(t) so that the separation 
R=q — q obeys the ordinary differential equation 


RQ) =o(t) Ri), 


leading to the linear propagation R(t) = W(t) R(O). 
The main statistical properties of R(t) can be 
established at the limit when f exceeds the correlation 
time of the strain matrix G(t). The basic idea (going 
back to the works of Lyapunov, Furstenberg, Oseledec, 
and many others and developed in the theory of 
dynamical chaos) is to consider the positive symmetric 
matrix W!W which determines R. The main result 
states that in almost every realization of 6 (t), the matrix 
t-!In W'W stabilizes as t > oo. In particular, its 
eigenvectors tend to d fixed orthonormal eigenvectors 
fi. To understand that intuitively, consider some fluid 
volume, say, a sphere, which evolves into an elongated 
ellipsoid at later times. As time increases, the ellipsoid 
is more and more elongated, and it is less and less likely 
that the hierarchy of the ellipsoid axes will change. The 
limiting eigenvalues 


Ai = lim t!In|Wfi| (3) 
tc 


define the so-called Lyapunov exponents. The major 
property of the Lyapunov exponents is that they do 
not depend on the starting point if the velocity field 
is ergodic. 

Consider now a pollutant spot with size / released 
within a spatially smooth velocity and assume that the 
Peclet number //rg is large. The above consideration 
shows, in particular, that the spot will acquire an 
ellipsoid form. The direction that corresponds to the 
lowest Lyapunov exponent (necessarily negative in an 
incompressible flow) contracts until it reaches ra, and 
further contraction is stopped by molecular diffusion. 
Because the exponentially growing directions continue 
to expand, the volume grows exponentially and the 
value of @ inside the spot decays exponentially in 
time. For an arbitrary large-scale initial distribution 
of 0, the concentration variance decays exponentially 
in a spatially smooth flow because this is how 
fast velocity inhomogeneity contracts 6 “feeding” 
molecular diffusion which eventually decreases the 
variance. Even though it is diffusion that diminishes 
6 and the rate of decay is independent of x, it is usually 
of order of the typical velocity gradient. 
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If the Schmidt number is small while the Reynolds 
number of the flow is large then the velocity field at 
scales larger than rg cannot be considered spatially 
smooth. That means that the velocity difference dv(r), 
measured between two points distance r apart, scales as 
r“ witha < 1 (of course, dv is random and the statement 
pertains to the moments). For example, for the energy 
cascade in incompressible fluids, a is close to 1/3. The 
equation R=6vu(R) « R® suggests that interparticle 
distance grows by a power law: R(t) «t!/C—®, The 
volume of any spot also grows so that scalar variance 
decays by a power law: (6) « t4/(!—, Such estimates 
are supported by a rigorous theory only for a velocity 
field short-correlated in time. In this case, one can 
also show that the probability distribution P (0, t) takes 
the self-similar form t4/20-4 Q(44/20-4)9) which is 
likely to be the case for a general scale-invariant 
velocity. On the contrary, P(6,t) does not change in 
a self-similar way in a spatially smooth flow. 

In finite vessels, the long-time properties of fluid 
mixing are usually determined by slowest parts, 
namely, the walls, where the velocity gradient may 
become zero, and corners with recirculating eddies. 

In multiphase flows, not only mixing but also 
segregation can occur. The physical reason for that is 
a centrifugal force: when fluid streamlines are curved, 
heavier particles move out while lighter particles move 
in. It is a matter of everyday experience that air bubbles 
are trapped inside the sink vortex while heavy particles 
gather outside the vortices (which is used, in particular, 
for flow visualization). 

Granular mixing is strikingly different from fluid 
mixing. In a granular flow, collisions of grains are 
inelastic and friction between grains makes it possible 
for static configurations (such as arches) to support a 
load and distribute stresses. As a result, granular motion 
has nonlocal properties, and no effective hydrodynamic 
description based on average over local kinetics (such 
as Equation (2)) is available. When a container partially 
filled with grains is vertically shaken with accelerations 
larger than the gravitational acceleration, convective 
rolls are observed with grains rising at the center and 
falling along the walls. Contrary to fluid convection, 
however, the grains move faster and mix better near the 
walls. Granular flows can also demonstrate segregation. 
The most celebrated example is the so-called Brazil nut 
effect whereby large particles (Brazil nuts) rise to the 
top of shaken container of mixed nuts. 

The use of the term mixing in mathematics is based 
on the notion (introduced by Josiah Gibbs) that evo- 
lution is mixing when it leads asymptotically in time 
to some equilibrium invariant measure. Formally, one 
defines the evolution operator U; acting on some phase 
space A and denotes the measure of any subset B as 
P(B). The evolution is mixing if for any B, CEA 
one has lim;-, 5 P(A{)U;B)= P(A)P(B). One 
can also define weak mixing property where 
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lim; + 00 t~! f P(A() Us B) ds = P(A) P(B). Mixing 
of arandom process or dynamical system means ergod- 
icity, that is equality between temporal and phase space 
average. 

Grecory FALKOVICH 


See also Chaotic advection; Diffusion; Entropy; 
Granular materials; Intermittency; Kolmogorov 
cascade; Lyapunov exponents; Turbulence 
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MOBIUS STRIP 
See Topology 


MODE LOCKING 


See Coupled oscillators 





MODE MIXING AND COUPLING 


See Coupled systems of partial differential 
equations 
MODIFIED KDV EQUATION 


See Korteweg-de Vries equation 


MODULATED WAVES 


The term modulated waves implies waves in which 
some parameters vary slowly in time or in space-time 
compared with the main (carrier) variables. The term 
modulation comes from acoustics (music) and radio 
engineering, where signals of the type 


A(t) cos[wot + g(t)] (1) 


have long been used for transmitting and processing 
information. Here, the carrier frequency wo is constant 
with respect to time ¢, whereas the amplitude A 
and phase ¢ are slowly varying functions of time as 
compared with variations of the carrier oscillations 
described by the function cos(woft). If only one 
of the parameters A and @ is variable, the terms 
amplitude modulation or phase modulation are used. 
A more general form is A(t) cos[®(t)], where ® is 
the full phase, so that the frequency w(t) =d@®/dt is 
slowly varying. Although this case is called frequency 
modulation, the terms phase and frequency modulation 
describe essentially the same process. 


MODULATED WAVES 


For spatially varying signals, a natural generalization 
of that is a modulated quasiharmonic wave 


A(r,t) cos[wot + g(r,t)] or A(r,t) cos[®(r,t)], (2) 


where A, 9, and 0®/dt are slowly varying functions 
of time. In the spectral representation, the first of 
these expressions yields a narrow frequency spectrum 
as compared with the carrier frequency wo, whereas 
the spectrum of the second expression can be 
arbitrarily wide. The cause of wave modulation can be 
different: modulation in initial or boundary (signaling) 
conditions, slow variation of the medium parameters in 
time and space, attenuation, and amplification. 

A typical case is a one-dimensional traveling wave 
when functions (2) depend on time ¢ and one spatial 
coordinate x, for example, 


A(x,t) cos[wot — kox + g(x,1)], (3) 


where ko is the wave number. At constant A and 
y, this wave is a sinusoid propagating with phase 
velocity cph = @0/ko. If the envelope A and phase y 
(sometimes called phase envelope, implying all slowly 
varying parameters of a modulated wave propagate 
as envelope waves) are slowly varying in space time, 
and the medium is linear, then up to some distance, 
they propagate as a wave, with the group velocity, 
Cer = dwo/dko, where the dependence between wo and 
ko (dispersion equation) is determined by the properties 
of the medium. Phase and group velocities are equal 
only in a nondispersive media, otherwise they are 
different. At even larger times in a dispersive medium, 
the wave envelopes are deformed. In particular, a finite- 
length impulse broadens and turns into a frequency- 
modulated wave in which each group propagates at its 
local group velocity depending on its frequency. Such 
dynamics can be represented by trajectories of groups 
on the (x,t) plane which are somewhat analogous 
to spatial rays in geometrical optics or geometrical 
acoustics and are called space-time rays. 

In nonlinear dispersive media, the propagation of 
envelopes of a modulated dispersive wave is determined 
not only by its frequency but also by its amplitude 
(intensity). The interplay of these two factors— 
dispersion and nonlinearity—results in a variety of 
scenarios (Ostrovsky & Potapov, 1999; Scott, 1999; 
Whitham, 1974). 

Under definite conditions, first, a non-modulated 
quasiharmonic wave can be unstable with respect to 
small modulating perturbations of its amplitude and 
phase (modulational or Benjamin—Feir instability). In 
other cases, modulation does not grow, but the envelope 
distorts with formation of steep (at a modulation scale) 
fronts (self-steepening). Finally, a steady propagation 
of envelopes is possible in the form of envelope solitons 
and envelope shocks. 

The notion of modulation can be extended to 
significantly nonharmonic processes, such as cnoidal 
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Figure 1. An example of a quasi-harmonic modulated wave. 
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waves which are typical elliptic function solutions of 
nonlinear wave equations. Also, in these solutions, slow 
modulation of their parameters (amplitude and period) 
in space and time can occur. Let the nonmodulated wave 
have the form F (wt — kx, Aj), where F is a periodic 
function, the A; are parameters defining the solution 
(such as the wave amplitude), and w and k are effective 
frequency and wave number defined via the wave period 
T and its wavelength, A, as w=2n/T andk=2n/A. 
Then at slow modulation of these parameters, the wave 
has the form 


F[O(x,t), Ai(x, 1], (4) 


where F is a periodic function, A; are slowly varying 
functions of x and f, and the phase 6 is defined in such 
a way that w = 00/dt and k = — 06/0x are also slowly 
varying functions. Due to these slow variations, the 
wave profile can change continuously from an almost 
sinusoidal wave up to a train of pulses similar to solitary 
waves or solitons, as the modulus of the elliptic function 
increases. 

Mathematical descriptions of modulated waves are 
based on asymptotic perturbation theory (Ostrovsky 
& Gorshkov, 2000) or on more heuristic descriptions. 
A rather general approach (Whitham’s method) 
starts with a Lagrangian description of a wave 
field and employs the corresponding variational 
principle (Whitham, 1974; Ostrovsky & Potapov, 
1999; Scott, 1999). For modulated quasi-periodic 
waves, substituting an expression of type (4) into the 
Lagrangian (L) and averaging over 0, one obtains 
an averaged Lagrangian £ depending only on slowly 
varying parameters, A;, w, and k. Considering 0 and 
Aj as new canonical variables, one then obtains from 
£ variational equations describing the relation among 
Aj, w, and k, and their variations in space and time. 

This and other averaging methods can work for 
both nonharmonic nonlinear waves and for weakly 
nonlinear (or just linear) waves (2) or (3). For narrow- 
spectrum waves such as (3), a more detailed descrip- 
tion can be developed that goes beyond the framework 
of space-time geometrical optics and takes into ac- 
count time analogs of wave diffraction. In particular, 
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Figure 2. An example of a nonsinusoidal modulated wave. 


the nonlinear Shrodinger equation has been obtained 
to describe such processes. This approach is useful, 
for example, for the study of envelope solitons hav- 
ing applications in nonlinear optics and for deep water 
waves. 

Moreover, the evolution of a single soliton with 
slowly varying parameters (due to small losses or 
smooth inhomogeneities) can be represented in the 
form of Equation (4), where F is a localized func- 
tion rather than a periodic one (Ostrovsky & Gor- 
shkov, 2000; Ostrovsky & Potapov, 1999). This class 
of processes can also be referred to as modulation, 
and perturbation methods for slowly varying solitary 
waves have been constructed. Thus, such processes 
as damping, propagation in inhomogeneous media, 
and solitary-wave interactions have been analyzed. In 
the latter case, solitary waves can interact as par- 
ticles (hence the term soliton) with different types 
of interactions, including repulsion when solitons re- 
tain their parameters after interaction and attraction 
when they may form an oscillating bound state or 
breather. 

Finally, the term modulation can be extended to 
a wave that does not have a prescribed shape but a 
continuously but slowly distorting profile. A typical 
example is weakly nonlinear waves in nondispersive 
media—such as acoustic waves in fluids—where a 
cumulative steepening of a wave profile can occur up 
to the formation of weakly nonlinear shock waves. 
Provided the distortion is small at a wavelength scale, 
one can also refer to wave profile modulation. 

Lev Ostrovsky 


See also Averaging methods; Collective coordi- 
nates; Nonlinear acoustics; Nonlinear optics; Wave 
stability and instability 
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MODULATIONAL INSTABILITY 
See Wave stability and instability 


MOLECULAR CRYSTALS 


See Local modes in molecular crystals 





MOLECULAR DYNAMICS 


Molecular dynamics (MD) refers to a family of compu- 
tational methods aimed at simulating macroscopic be- 
havior (thermodynamic or hydrodynamic) through the 
numerical integration of the classical equations of mo- 
tion of a microscopic many-body system. Macroscopic 
properties are expressed as functions of particle coor- 
dinates and/or momenta, which are computed along a 
phase space trajectory generated by classical dynamics. 
At the core of the method is the assumption that over 
long times the system will reach an equilibrium state, or 
alternatively a steady state when simulating hydrody- 
namic conditions, in which temporal averages can be 
identified with statistical ensemble averages. This re- 
quires that mixing and Lyapunov instability be present 
in the phase space trajectories. 

The field of MD simulations was born in the 
1950s out of computational studies of the approach 
to equilibrium in a hard sphere system by B.J. Alder 
and T.E. Wainwright in 1957 (see Ciccotti et al. 
(1987) for a collection of seminal works illustrating the 
development and application of MD simulations). The 
first MD simulation employing continuous potentials 
was used to study radiation damage in a two- 
dimensional solid by Gibson et al. (1960). The first 
application of the methodology as it is used today, 
to an atomic fluid modeled by continuous potentials 
in three dimensions, was a study of structural and 
dynamical aspects of liquid argon by A. Rahman 
in 1964. Subsequently, MD simulations have been 
applied to the study of complex systems such as 
biomacromolecules and self-assembled systems, and to 
the elucidation of complex spatiotemporal phenomena 
in more simple systems. When performed under 
conditions corresponding to laboratory scenarios, 
molecular dynamics simulations can provide a detailed 
view of structure and dynamics at the atomic and 
mesoscopic levels that is not presently accessible by 
experimental measurements. The simulations can also 
be set to perform “computer experiments” that could not 
be carried out in the laboratory, either because they do 
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not represent natural behavior or because the necessary 
controls cannot be achieved. Lastly, MD simulations 
can be implemented as simple test systems for 
condensed matter theory. In order to realize this wide 
spectrum of applications, several issues concerning 
system modeling, dynamical generation of statistical 
ensembles, and efficient numerical integrators must be 
considered. 

To set the stage, consider the evolution of an isolated 
system of N point particles. In three dimensions, 
the canonical description of such system is given 
by a set of 6N first-order differential equations for 
the particles’ positions r(t) = {r; ... rj} and momenta 
p(t)={pi... pwn}. The dynamics of the ith particle 
can be written in Hamiltonian form as 
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with the Hamiltonian given by 
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Hr, p) =) + + Vo), (2) 


i=l 2m; 
where V(r) is the potential. The phase space 
trajectory generated is constrained to a hypershell 
parametrized by the conserved total energy of 
the system H(r, p)=£E. Microcanonical ensemble 
averages are constructed by means of the corresponding 
probability density function. For any observable A, 
either explicitly time-dependent or independent, the 
microcanonical ensemble average is given by 


(4) {du AO), PO) 6H - E) 
~ f du d(H — E) ; 


where dy is the corresponding invariant measure, in this 
case du = dp dr. The chaotic nature of the phase space 
trajectory, in the sense indicated previously, allows the 
identification of (3) with the temporal average over an 
equilibrated simulation of time-length T: 





(3) 


ae 
A= [aaco, po = (A). 4) 


MD simulations use information (positions, veloci- 
ties or momenta, and forces) at a given instant in time, 
t, to predict the positions and momenta at a later time, 
t + At, where At is the time step, usually taken to 
be constant throughout the simulation. Numerical so- 
lutions to the equations of motion are thus obtained 
by iteration of this elementary step. The most popu- 
lar algorithms for propagating the equation of motion, 
or “integrators,” are based on Taylor expansions of the 
positions (see Allen & Tildesley (1989) for a survey). 
For example, the Verlet algorithm uses the sum of third 
order expansions forward and backward in time of the 
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particle positions, rj, 


At? 
rj(t + At) = rj(t) + Ato; (t) 4 Im fi 





3 
+ Soin + O(Ar), (5) 

At? 
rj(t — At) = r;(t) — Atou;(t) 4 F;(t) 
2m; 
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where v; is the velocity, F; is the force, and b; is 
the third derivative with respect to time, to obtain an 
equation for the predicted position that is accurate to 
third order in time (because of the cancellation of the 
terms containing odd powers of time): 


ri(t + At) = 2rj(t) — ri(t — At) 
2 


-Fi(t) + O(Ar). 2) 


mi 





At 
+ 





An equation for the velocities is obtained by subtracting 
the two expansions, 


rj(t + At) —rj(t — At) 
2At 


Note that, according to Equation (7), the velocities are 
not necessary for prediction of the positions. Because 
the velocities are determined at time f¢ while the 
positions are determined at time ¢ + Af, calculation of 
velocity-dependent quantities (e.g., the kinetic energy) 
coincident with the predicted positions is awkward. 
The Verlet algorithm can be modified to synchronize 
the prediction of the positions and velocities. One 
popular modification, the “velocity Verlet” algorithm, 
is described below. 

A general approach to the development of MD 
integrators has been formulated based on the Liouville 
operator formalism of Hamiltonian mechanics, in 
which Hamilton’s equations of motion (Equations (1)) 
are recast as 


+ O(At). (8) 





y(t) = 


Tr =iLr. (9) 
Here, I is a 6N-dimensional phase vector of the N 
particle coordinates and momenta (or velocities), and 
iL is the Liouville operator 


N N F,(r) 
iL=T-Vp =) 0;- Vy, +¥ [AO]. s,. 09 


i=l i=1 
The formal solution to Equation (10) is 
T(t) = exp(iZrt)T(0). (11) 


In practice, this is not useful because the action of 
the propagator, exp(iZt), on the phase vector cannot 
be determined analytically. However, it is possible 
to derive accurate short-time approximations to the 
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propagator, whose action can be evaluated analytically, 
by factorizing the propagator. To this end, Equation (11) 
is rewritten so that the trajectory from 0 to ¢ is generated 
in a sequence of P discrete time steps, At =t/P: 


P n 
rO= TI (ITeee.an)ro, (12) 


j=l S 


Then the Trotter factorization may be used to 
decompose the propagator (Tuckerman & Martyna, 
2000): 


‘ ., At f nee AT 
exp(iLAt) = exp iis exp(iL2 At) exp ia. 
+0(Ar3) (13) 


giving an approximate, short-time evolution operator 
that is time-reversible and has the same accuracy as 
typical MD integrators. The operators iL; and iL? are 
chosen so that their action on the phase vector can 
be determined analytically, with the restriction that 
iL,+iL7 =iL. For example, applying (13) to the phase 
vector, [ =(r, v) (written here and in what follows in 
terms of velocities), with 


N 
iL -y[22|-v,, (14) 





ilo = yoo Va; (15) 


gives the velocity Verlet integrator: 





At? 
rj(t+ At) = rj(t) + Ato, (t) 4 Im FiO): (16) 
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In practice, computing meaningful time averages ac- 
cording to (4) requires sufficient sampling of an already 
equilibrated trajectory. This determines the total simu- 
lation time T. Once a model system and a dynamical 
system (i.e., an ensemble average) have been chosen, 
computational efficiency will rely on the choice of the 
numerical integrator. The total real computational time 
will depend on how many steps are required to reach 
the total time-length 7. The choice of the time step size 
depends on the rate of accumulation of numerical er- 
rors as evaluated by the tolerance A E for the conserved 
quantity E. In molecular systems, the time step is de- 
termined by the highest frequency vibrational mode in 
the system. A rule of the thumb, is that, for numerical 
stability, one vibrational period should be covered by 
roughly 20 time steps. A popular approach to increasing 
the time step in MD simulations of molecular systems is 
to use holonomic constraints to freeze the motion of the 


578 


highest frequency bonds, or all of the bonds altogether. 
This is considered acceptable practice for most applica- 
tions because the bond stretching motion is effectively 
decoupled from the other degrees of freedom that are 
typically of greater interest. To solve the equations of 
motion in the presence of constraints, the Lagrangian 
formalism of classical mechanics is used, and the con- 
straint forces are expressed in terms of undetermined 
multipliers. There are a variety of algorithms for solving 
the resulting constraint equations and integrating the 
equations of motion (see Allen & Tildesley, 1989). The 
details depend on the choice of the integrator. The most 
popular are iterative methods known as SHAKE, de- 
signed to work with the Verlet integrator, and RATTLE, 
designed to work with the velocity Verlet integrator. 

The utility of the constraint method rests on the 
fact that the fastest degrees of freedom place an upper 
bound on the time step, and the time step can therefore 
be increased if the fastest degrees of freedom are 
eliminated (constrained). A more general approach 
is based on the premise that the forces associated 
with different degrees of freedom evolve on different 
time scales, and the slower forces do not need to be 
computed as often as the faster forces. It turns out, 
for molecular systems, that the fastest forces, those 
associated with intramolecular interactions, require the 
least computational effort to evaluate (O(N)), while 
the slowest forces, those associated with nonbonded 
interactions, require the most computational effort 
(O(N2)). Thus, in the interest of computational 
efficiency, it is clearly advantageous to calculate the 
rapidly evolving forces at each elementary time step, 
and only calculate the slowly evolving forces at a larger 
time interval that is several times the elementary time 
step. This is the essence of multiple time step MD (see 
Tuckerman & Martyna (2000) for a review), which is 
briefly summarized below. 

Suppose that the total force on the particle i may be 
written 


F; = FR Bi Fsow, (18) 


where Ffast and Flow are the parts of the force 
that change rapidly and slowly, respectively. Now, 
according to Equation (13), we may write 


T(t + At) 

= {exp(iL3At/2)[exp(iL16t/2) exp(iL26rt) 
x exp(iL1t/2)]" exp(GiL3 At/2)}x(t) + O(Ar*), 
(19) 


where iL? is as before and 
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with 5t=At/n. Thus, to evolve the system from 
time ¢ to ¢ + At in one step of an MD simulation, 
the total force needs to be evaluated only once, and 
the fast component of the force n times. The small 
time step, 5t, is determined by the time scale of the 
fast forces. As the computational effort required to 
evaluate the fast component of the force is negligible 
compared with that required for the slow force, this 
scheme results in nearly a factor of n decrease 
in computational effort. The resulting algorithm is 
straightforward to implement because each action of 
the evolution operators translates directly into velocity 
Verlet-like integration steps (Tuckerman & Martyna, 
2000). 

The majority of microscopic systems modeled by 
MD simulations are collections of atoms or molecules 
in a condensed phase. The usual quantum mechanical 
treatment of molecular systems assumes that the 
problem is separable between electronic and nuclear 
(or ion-core) degrees of freedom. Within this context, 
the most common approach in MD simulations is to 
consider the classical limit for the nuclear degrees of 
freedom. Thus, the phase space trajectory describes 
the dynamics of the atomic nuclei as classical point 
particles, while the electronic degrees of freedom are 
accounted for by the interaction potential V(r). There 
is not a single prescription for choosing the form 
of the potential energy function and determining its 
parameters. In general, analytical forms for model 
systems are taken from molecular mechanics, and 
the specific parameters are dependent on the kind of 
system that is being modeled. For simple systems, the 
available information from zero-temperature electronic 
structure calculations is directly fitted to a convenient 
analytical function. For complex systems, electronic 
structure calculations for small molecular moieties 
are complemented with relevant experimental data 
pertinent to the phase being modeled. For a detailed 
overview of commonly used empirical potentials, see 
Leach (2001). 

Although the number and nature of the potential 
energy terms varies from one application to the next, the 
potential for an arbitrarily complicated molecule such 
as a polymer is generally written as the sum of “bonded” 
and “nonbonded” terms. The bonded terms include 
energy penalties, usually represented by harmonic 
potentials, for deforming chemical bonds and the angles 
between bonds from their equilibrium values, as well 
as periodic potentials to describe the energy change as a 
function of the torsion (dihedral) angle about rotatable 
bonds. The bonded terms are usually taken to be 
diagonal, that is, there are no terms describing coupling 
between deformations of bonds and angles, bonds and 
torsions, etc. These off-diagonal terms are important for 
accurate reproduction of vibrational properties, as are 
anharmonic terms (e.g., cubic, quartic). The nonbonded 
terms, as the name suggests, describe the interactions 
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between atoms in different molecules, or interactions 
within a molecule that are not completely accounted 
for by the bonded terms; that is, they are separated 
by more than two bonds. The nonbonded terms are 
typically assumed to be pairwise-additive functions of 
interatomic separation, r, and include van der Waals 
interactions and Coulomb interactions in polar or 
charged molecules in which the charge distribution is 
represented by partial charges (usually placed on the 
atoms). The van der Waals interactions include a term 
that is strongly repulsive (exponential or inverse 12th 
power of r), and a weakly attractive dispersion term 
(e.g., inverse 6th power of r, representing the induced 
dipole-induced dipole interaction). A popular form for 
the van der Waals interactions is the Lennard-Jones 
(“12-6”) potential: 


12 6 
V(r) =4e () -(2) (22) 


Here, ¢ is the depth of the minimum, and o is where 
the potential crosses zero and is a measure of the van 
der Waals diameter of the atom. 

The number of bonded interactions grows in 
proportion to N, the number of atoms in the system, 
while the number of nonbonded interactions grows 
as N2. Therefore, most of the computer time used 
for an MD simulation is spent on the evaluation of 
the nonbonded energies and forces. To reduce this 
burden, van der Waals interactions are typically ignored 
beyond some “cutoff” distance, usually around two or 
three atomic diameters. However, because the Coulomb 
potential is long-ranged, it is dangerous to truncate 
the electrostatic interactions. In condensed phase 
systems modeled using periodic boundary conditions 
(to eliminate surface effects in simulations of small 
systems that are meant to be in a bulk environment), 
the Ewald method can be used to sum all of the 
electrostatic interactions in an infinite, periodically 
replicated system. Details on the implementation of the 
Ewald sum may be found in Allen & Tildesley (1989). 

Although MD simulations are most conveniently 
carried out in the microcanonical ensemble, there 
are disadvantages to doing so. An important aspect 
of performing simulation studies is to calculate 
experimentally measurable properties for comparison 
with measurements made at particular thermodynamic 
state points. Most experiments are carried out under 
the conditions of constant N and temperature, and 
either constant pressure or constant volume, that 
is, in the isobaric-isothermal or canonical statistical 
mechanical ensembles. In microcanonical simulations, 
the temperature and pressure are computed via averages 
of the kinetic energy and virial, respectively, and 
it is not known until after the simulation has been 
completed whether it was run at the desired state point. 
Moreover, in the canonical and isobaric-isothermal 
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ensembles, the characteristic thermodynamic potentials 
are the Helmholtz free energy, F(N, V, T), and Gibbs 
free energy, G(N, P, T), respectively, and these free 
energies are easier to calculate from MD trajectories 
(see Frenkel & Smit (1996) for a discussion of 
methods for free energy calculations) than the entropy, 
S(N, V, E), whichis the characteristic thermodynamic 
potential of the microcanonical ensemble. In addition, 
constant pressure simulations are especially useful 
when the density of the system is not known 
a priori. 

Several techniques for generating trajectories in 
ensembles other than the microcanonical ensemble 
have been developed (see Allen & Tildesley (1989) 
for an overview and Ciccotti et al. (1987) for a 
collection of key papers). The most powerful techniques 
are based on the concept of an “extended system” 
(ES), in which the atomic positions and momenta 
are supplemented by additional dynamical variables 
representing the coupling of the system to an external 
reservoir. For example, in the first application of the 
extended system concept to a simulation at constant 
pressure by H.C. Andersen in 1980, the system 
volume was taken to be a dynamical variable to 
simulate coupling to a pressure reservoir. In the 
Nosé implementation of constant temperature MD, 
a time-scaling “thermostat” variable was introduced. 
M. Parrinello and A. Rahman (1981) generalized 
Andersen’s constant pressure method to allow the 
simulation cell to change shape as well as size by 
making the elements of the cell matrix dynamical 
variables. In these initial formulations of the ES 
concept, the additional dynamical variables were 
assigned fictitious kinetic and potential energies, and 
their equations of motion were derived using the 
Lagrangian formalism. Note that the choice of the 
form of the equations of motion for the additional 
degrees of freedom is not arbitrary, but rather should 
be made so that the resulting phase space distribution 
function is that of the desired ensemble. The Lagrangian 
formalism is not always the most convenient for 
handling extended systems. A more general approach is 
based on the formalism of non-Hamiltonian dynamics 
(Tuckerman & Martyna, 2000), which is sketched 
below. This approach was pioneered by W.G. Hoover, 
who rewrote the equations of motion for the Nosé 
thermostat in non-Hamiltonian form, leading to a 
much more straightforward implementation of constant 
temperature MD that was subsequently referred to as 
the Nosé—Hoover thermostat. 

In the non-Hamiltonian dynamics approach, the 
equations of motion for the ES variables and a 
conserved Hamiltonian-like quantity, H’, which in- 
cludes terms for the kinetic and potential ener- 
gies of the ES degrees of freedom, are chosen 
together such that the microcanonical distribution 
function generated by the extended system dynamics 
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is formally equivalent (within a normalization con- 
stant) to the desired phase space distribution func- 
tion of the atoms (e.g., canonical, isobaric-isothermal). 
The “non-Hamiltonian” resides in the fact that the 
necessary equations of motion cannot be derived 
from H’, as in the case of Hamilton’s equations 
(see Equations (1)). A complication that arises for 
non-Hamiltonian systems is that the phase space 
compressibility, 


ck=Vr-F, (23) 


where I’ is now the 6N +2M dimensional vector of co- 
ordinates and momenta (or velocities) of the N particles 
and M extended system variables, does not vanish as it 
does for Hamiltonian systems. Consequently, a metric 
factor must be included in the phase space measure, 


du = Je nar, (24) 


where 
Vg(0,t) = exp[—w(f, 1)], (25) 
dw 
a7” (26) 


so that the extended system phase space volume 
is conserved (i.e., Liouville’s theorem is obeyed). 
Reversible, multiple time step integrators for extended 
system (Martyna et al., 1996) and non-equilibrium 
(Mundy et al., 2000) dynamics have been derived 
based on non-Hamiltonian mechanics using the 
Liouville operator formalism illustrated above for 
microcanonical dynamics. 

In extended system MD simulations with tempera- 
ture and pressure control, the instantaneous temperature 
(kinetic energy) and pressure (virial) fluctuate, and it is 
their average values that are equal to the values imposed 
by the thermal and pressure reservoirs. There are two 
other commonly employed approaches to temperature 
and pressure control (see Allen & Tildesley (1989) for 
a survey). In one class of methods, the instantaneous 
temperature and pressure are constrained to constant 
values. For large systems, the imposition of constraints 
is reasonable because fluctuations are small. By intro- 
ducing Lagrange multipliers and applying Gauss’s prin- 
ciple of least constraint, the constraints are applied in 
such a way so as to minimize the change in dynam- 
ics. The resulting phase space distribution functions are 
equal to the desired ones, multiplied by delta functions 
that account for the constraints on the temperature and 
pressure. Another technique is referred to as “coupling 
to an external bath,” where the “bath” can be a temper- 
ature and/or pressure reservoir. This scheme drives the 
system to the desired temperature (pressure) at arate de- 
termined by a preset temperature (pressure) relaxation 
time by scaling the velocities (volume and coordinates) 
at each time step. This method has the advantage that it 
is easily implemented, and the disadvantage that it does 
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not generate states in any known statistical mechanical 
ensemble. 

To date, most MD simulations have been driven 
by forces that were derived from assumed, empirical 
potentials. About two decades ago, the scope of MD 
simulations was greatly expanded by the introduction 
of a method by Car & Parrinello (1985) that, rather 
than relying on an empirical potential, utilizes inter- 
atomic potentials computed directly from the electronic 
structure which evolves simultaneously with the nu- 
clear configuration. Thus, changes in electronic polar- 
ization and the possibility of chemical transformations 
are naturally included in the simulation. To this end, 
the wave function is expanded in a basis set, the ex- 
pansion coefficients are treated as dynamical variables 
in an extended system Lagrangian, and the resulting 
equations of motion adiabatically propagate the elec- 
tronic orbitals with respect to the nuclei, so that they 
remain on the ground state Born—Oppenheimer surface 
at each time step. Consequently, the need to solve the 
computationally burdensome electronic structure prob- 
lem (self-consistent field) is avoided, and it is feasi- 
ble to generate trajectories of sufficient length to study 
phenomena that were previously impossible to simu- 
late. For technical details on the implementation of this 
so-called “ab initio MD” method, see Marx & Hiitter 
(2000). Although the size of system (on the order of 
100 atoms) and the length of trajectory (roughly tens of 
picoseconds) that can be simulated presently by ab ini- 
tio MD are modest compared with simulations based 
on empirical potentials, it is clear that, as computa- 
tional resources continue to evolve, applications of ab 
initio MD will become more and more prevalent and 
compelling. 

Douca.as J. TosiAs AND J. ALFREDO FREITES 


See also Hamiltonian systems; Local modes in 
molecular crystals; Lorentz gas; Newton’s laws of 
motion; Protein dynamics 
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MONODROMY PRESERVING 
DEFORMATIONS 


Suppose z — A(z) is a p x p matrix valued meromor- 
phic function (analytic except for a finite number of 
poles) on the Riemann sphere (also called a “complex 
projective one space” and denoted as P!) with poles at 
the points ay, v =1, ...,. Suppose W is a fundamental 
solution for the linear system, 


dw 

—— = A(z), qd) 

dz 
defined in a neighborhood of a regular point, ao. 
Analytic continuation of the fundamental solution 
along a closed curve y which begins and ends at ao 
produces a change, 


V+ WM,, 


where My, is the monodromy associated with the 
path y and the fundamental solution VY. The constant 
matrix M, depends only on the homotopy type of 
y, and the map y> My! is a representation of 


the fundamental group 7 (P!\{a)}, ao) called the 
monodromy representation of the differential equation. 

In the 1850s, Bernhard Riemann solved the 
connection problem for solutions to the hypergeometric 
equation by exploiting the monodromy representation. 
The hypergeometric equation is the family of second- 
order equations on P! with three regular singular 
points, and the connection problem is to understand 
how the local series solutions defined near the 
singularities are related to one another by analytic 
continuation. Riemann made some further speculations 
about monodromy representations, and (inspired 
by Riemann’s work) David Hilbert asked if any 
representation of 771 (P 1 \{av}, ao) might be realized as 
the monodromy representation of a suitable differential 
equation. This is the 21st in the list of problems 
presented by Hilbert at the International Congress 
of Mathematicians in 1900. It always has a solution 
for differential equations with regular singular points 
(Plemelj, 1963), but it does not always have a solution 
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if the differential equation is required to have simple 
poles. The book by Anasov and Bolibruch (1994) has 
a careful discussion of the history of this problem and 
its solution. 

Suppose that the matrix A(z) has simple poles, 


Aw) = >> o . with }* A, =0. (2) 


The second condition guarantees that oo is either a 
simple pole or a regular point. For simplicity, we also 
suppose that for each v no pair of eigenvalues for 
A, differ by an integer. In this nonresonant case, the 
differential equation (1) is holomorphically equivalent 
to the differential equation, 


dd Ay 
dz z—a, 








®, (3) 


in a neighborhood of z=a,. In 1912, Ludwig 
Schlesinger asked how the residue matrices A, should 
depend on the pole locations a= (aj, a2,...,an) 
in order that the monodromy representation remain 
unchanged. In case oo is a regular point, he discovered 
that the matrices A, must satisfy a nonlinear differential 
equation, 








AyAy — AyA 
dA, DF _ vet day — ay). 


This equation is known as the Schlesinger equation and 
is an example of a monodromy preserving deformation. 

Schlesinger’s treatment of the existence question 
for such deformations was clarified in the work 
of Malgrange (1983b). Let Duy ={a€C” :ay, =a} 
denote the set of points in C” where the jz and v poles 
collide—evidently such points are singular points for 
the Schlesinger equations. Malgrange showed that if 
one starts with a monodromy representation that is 
realized for a differential equation with simple poles 
at a? and residues A®°, then the deformation equation 
has a solution A,(a) which is analytic on the simply 
connected covering of C"\ U Dy, except possibly for 
poles along a hypersurface in this space. He also 
showed that the hypersurface on which the solutions 
A,(a) has poles consists of those points for which a 
variant of the Riemann-Hilbert problem fails to have 
a solution. It is simplest to describe this variant in the 
nonresonant case (although Malgrange does not make 
this assumption). The point a will be a pole of A,(a) 
provided that it is not possible to find a differential 
equation with simple poles at a, for v=1,2,...,n 
which reproduces the monodromy representation of the 
original equation, 





dv AY ay 
dz z—-ao ’ 
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and is in the local holomorphic equivalence class of 
d A? 
dz Z— ay 





near z=a,. It is possible that a given monodromy 
representation can be realized by a differential equation 
with simple poles without being able to specify the 
local holomorphic equivalence classes (see Bolibruch, 
2002). 

Nonlinear differential equations in the complex 
plane have the property that solutions can develop 
singularities away from the manifest singularities 
of the equations. The location of singularities of 
this sort depends on the initial conditions for the 
differential equation; thus, such points are called 
movable singularities. Differential equations with 
solutions whose only movable singularities are poles 
are said to have the Painlevé property. Paul Painlevé 
and Bertrand Gambier classified the simplest such 
nonlinear equations and determined six new families 
of transcendental functions that arise in the integration 
of these differential equations—now referred to as 
Painlevé I-VI (see Ince, 1956). Schlesinger understood, 
and as noted above, Malgrange proved that the 
Schlesinger equation has the Painlevé property. In 
a related development, Garnier (1912) showed that 
the Painlevé transcendents arise in the deformation 
of Fuchsian equations. Later, Jimbo, & Miwa (1981) 
showed how to obtain all six of the Painlevé equations 
by suitable specialization of the Schlesinger equations 
for 2 x 2 matrix systems. Painlevé VI arises for a 
linear system with simple poles of the type considered 
by Schlesinger. The other Painlevé equations arise by 
successive scaling that introduces irregular singularities 
and requires an extension of the Schlesinger analysis 
that was accomplished by Miwa, Jimbo, and Ueno 
in Jimbo, et al. (1981). Importantly, finding such 
representations for Painlevé equations is analogous to 
finding Lax pair representations for nonlinear equations 
such as the KdV equations (see Kapaev, 2002; Deift 
et al., 1999). 

Flaschka & Newell (1980) first considered a 
generalization of the notion of monodromy preserving 
deformations to linear differential equations with 
higher rank singularities (equations with poles of order 
2 or higher are said to have irregular singularities). 
More subtle local invariants, called Stokes multipliers, 
are fixed by the deformations, and in addition to 
the location of the singularities, the deformation 
parameters include formal expansion parameters that 
characterize the local asymptotics of solutions near 
the singularities. Based on Birkhoff’s generalization 
of the Riemann-Hilbert problem (Birkhoff, 1913), 
Jimbo, Miwa, and Ueno (1981) generalized Flashka 
and Newell’s work to the consideration of nonresonant 
differential equations with irregular singular points. 
They obtained the analogue of the Schlesinger 
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equations for generalized monodromy preserving 
deformations of these equations. They also introduced 
the notion of a t-function for such deformations. 
They conjectured that the t-function is a holomorphic 
function of the deformation parameters whose 0 set 
is the set of pole locations for the solutions to the 
deformation equations. Miwa (1981) later showed 
that the t-function is holomorphic and the Painlevé 
property is satisfied for the deformation equations in 
the domain of convergence for his explicit solution 
of the Birkhoff—Riemann-—Hilbert problem. Malgrange 
(1983b) established the full conjecture for regular 
singularities without restrictions. 


Geometric Perspectives 


RGhrl (1957) formulated and solved a version of the 
Riemann-Hilbert problem on Riemann surfaces. The 
setting for the result involves vector bundles and 
holomorphic connections with singularities. Deligne 
(1970) developed a multidimensional generalization of 
the Riemann-Hilbert problem which took advantage 
of rather abstract categorical constructions. Malgrange 
(1983a) introduced Stokes’ sheaves at irregular singular 
points to describe local holomorphic equivalence 
classes. More recently, progress in analyzing the local 
structure of differential equations at irregular singular 
points has come by introducing sophisticated ideas 
from algebraic geometry (see Varadarajan, 1996). Part 
of the impetus for these developments is the effort to 
achieve clarity in a subject that is subtle enough to have 
inspired the misinterpretation of fundamental results 
and even errors in proofs by such luminaries as George 
D. Birkhoff (see Anasov and Bolibruch (1994) for an 
account). 

Among these developments, there is one geometric 
idea introduced by RGhrl and more fully realized by 
Malgrange (1983c), which provides helpful insight 
into the nature of the Birkhoff—Riemann—Hilbert 
deformation problem introduced in Jimbo et al. (1981). 
Suppose that = {a?, ad, arch a} is a collection of 
distinct points in P! and A°(z) is a rational matrix 
valued function whose principal part at z= ay is 


0 
Ay 


Za)" 


0 
Ara F AP 
(g-aytl ” (Z-ayy | 


The integer r = r, is called the rank of the singularity. 
Let 





vo = 5 _ 40%) 
dz 
denote the associated connection. We will say that the 
connection V° is nonresonant if the leading coefficient 
A? 1 has distinct eigenvalues at each of the singularities 
with the additional requirement that these eigenvalues 
do not differ by integers in case r =O. Incidentally, 


much of the machinery that has been introduced to study 
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irregular singular points is devoted to understanding 
the substantial complications that arise for resonant 
connections (Varadarajan, 1996). 

It is a result of Deligne (1970) that the holomor- 
phic equivalence class of V° on the punctured sphere 
P!\{a°} is determined by its monodromy representa- 
tion. On the other hand, in a neighborhood of each of the 
singularities, the connection V° belongs to a local holo- 
morphic equivalence class of rank r connections. For 
nonresonant connections, this local equivalence class, 
is naturally a fiber bundle whose base consists of diag- 
onal connections, 


d H, 
dz (z—a,)"t! 


whose leading coefficient, H;, has distinct eigenval- 
ues which do not differ by integers in case r = 0. For 
r=0 the form (4) determines the local equivalence 
class, but for r>1 the fibers in the bundle are es- 
sentially the Stokes multipliers, $. Each nonresonant 
connection V° has a formal reduction to a type (4) 
connection and the holomorphic equivalence class for 
V° is determined by this formal reduction together with 
the Stokes multipliers. The Stokes multipliers deter- 
mine the relations between solutions to VW =0 that 
are sectorially asymptotic to flat sections of the connec- 
tion (4) (see Sibuya, 1977; Malgrange, 1983c). 

Let t denote the collection of diagonal entries for all 
the matrices H;. The fiber bundle of local holomorphic 
equivalence classes has a natural flat connection (it is 
a so-called local system (Varadarajan, 1996)) and we 
let t->oa(t) denote the flat (locally constant) section 
of this bundle normalized to give the class of V° 
at the parameter value 1° which corresponds to V°. 
The generalized monodromy preserving deformation 
problem is to find a family of connections V (a, t) which 
reproduces the monodromy representation of V° in the 
punctured plane P!\{a,} and whose local holomorphic 
equivalence class at each a; is the equivalence class 
associated with the value of the flat section o(f) (i.e., 
locally constant Stokes multipliers). 

The version of the Birkhoff—Riemann—Hilbert 
problem relevant to this deformation problem is: Given 
a representation of m(P!\a, ao) and an assignment 
of a compatible local holomorphic equivalence class 
of a type 7, connection to each of the points a), 
find a connection on the trivial bundle over P! 
which reproduces this data (compatible means that 
the local monodromy at a, should reproduce the 
monodromy coming from the representation). Because 
noncanonical choices must be made to define the Stokes 
multipliers, this version of the Birkhoff—Riemann— 
Hilbert problem is even complicated to state if the 
connection with local holomorphic equivalence classes 
is not understood. Based on ideas of Malgrange, it has 
been shown that the t-function introduced by Miwa, 
Jimbo, and Ueno (1981) has zeros for the deformation 


Ho 


> 
Z—-ay 





(4) 


583 


problem described above precisely when the associated 
Birkhoff—Riemann-Hilbert problem fails to have a 
solution (Palmer, 1999). It should also be mentioned 
that a crucial technique used both by Jimbo et al. (1981) 
and by Malgrange (1983b,c) has the prolongation of the 
connection originally defined on P! to an integrable 
connection defined on P! x D where D is the space 
of deformation parameters. In this multidimensional 
setting, Malgrange adapts Rorhl’s technique to prove 
the existence of a prolongation for the original 
connection on a vector bundle. The solution of the 
original deformation problem depends on the triviality 
of certain restrictions of this vector bundle. 


Applications 


The Riemann-Hilbert problem and the Painlevé tran- 
scendents have generated a steady stream of papers over 
the years, but interest in monodromy preserving de- 
formations was largely dormant in the period from the 
early 1920s to the late 1970s. A rebirth of interest in the 
subject dates from the surprising discovery by Wu, Mc- 
Coy, Tracy, and Baruch (WMTB) (1976) that the two- 
point scaling function for the two-dimensional Ising 
model can be expressed in terms of a Painlevé tran- 
scendent of type III. The two-dimensional Ising model 
is a statistical model of magnetism which exhibits a 
phase transition in the infinite volume limit. It is so far 
the only model with a phase transition in which the cor- 
relation functions can be studied exactly in the infinite 
volume limit. The scaling limit that was investigated in 
Wu et al. (1976) examines the asymptotics of the spin 
correlations at the length scale of the correlation length 
(which tends to oo) as the temperature approaches the 
critical point. Not only is this analysis important for 
an understanding of critical phenomena in statistical 
physics, but it was understood at about the same time 
that the mathematics of critical phenomena in statistical 
physics was recognized as the same as the mathematics 
of renormalization for quantum field theory. 

In a remarkable series of papers (Sato et al., 1978, 
1979a,b,c, 1980) starting in 1978, Sato, Miwa, and 
Jimbo found a context for the WMTB result by showing 
that the n-point correlation for the Ising model could 
be expressed in terms of the solutions to “monodromy 
preserving deformations” of the Euclidean Dirac 
equation (with a mass term). Note that the equation 
which is the analogue of the Dirac equation in the earlier 
development is not the differential equation (1) but 
the Cauchy—Riemann equation dy = 0. The correlation 
functions in the Ising model were the inspiration for 
their introduction of the t-function in other contexts. 
See Palmer & Tracy (1983), Palmer (1993), Palmer et 
al. (1994), and Palmer (2002) for further developments 
of these ideas. In Jimbo et al. (1980), Sato, Miwa, 
Jimbo, and Mori explained the use of their techniques 
to analyze the impenetrable Bose gas and incidentally 
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remarked on a connection with an important function 
in random matrix theory. 

The analysis of correlations in integrable models 
has since been developed by Its et al. (1990), who 
also codified some of the ideas in a theory of 
completely integrable integral operators (Korepin et 
al., 1993). The connection between the random matrix 
theory and Painlevé functions has been systematically 
worked out by Tracy & Widom (1994, 1996), who 
independently developed an integral equation approach 
to the nonlinear “deformation” equations. 

Jimbo (1982) used the monodromy preserving de- 
formation representation of Painlevé functions and the 
notion of the t-function to analyze the connection prob- 
lem for Painlevé functions. The problem is to under- 
stand how different families of solutions to the Painlevé 
equations defined by local asymptotic developments 
at different singular points are related to one another. 
Somewhat earlier the connection problem for Painlevé 
III was worked out by McCoy, Tracy, and Wu (1977) 
where the answer has consequences for the short dis- 
tance behavior of the scaling function. Its and Novok- 
shenov (1986) have developed these ideas further. 

Although not quite a development in monodromy 
preserving deformation theory, a “steepest decent” 
technique based on Riemann-Hilbert ideas has 
emerged in work of Deift, Zhou and Its that is effec- 
tive for the asymptotic analysis of solutions to nonlin- 
ear equations that arise from spectral or monodromy 
preserving deformations (Its, 1981; Deift et al., 1997; 
Bleher & Its, 1999; Deift et al., 1999). 

Painlevé functions were discovered in two- 
dimensional quantum gravity and connections with 
monodromy preserving deformations are discussed in 
Moore (1990). Painelevé functions also arise in two- 
dimensional topological field theory (Dubrovin, 1999). 

Further developments are discussed in Harnad & Its 
(2002). 


JOHN PALMER 
See also Painlevé analysis; Riemann-Hilbert 
problem 
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MONTE CARLO METHODS 

Monte Carlo methods collectively refer to a set of com- 
putational tools based on random samples. These meth- 
ods have a very long history that can be traced back to 
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biblical times although a systematic foundation was es- 
tablished only in the early days of electronic computing. 
A group of mathematicians and physicists of the Los 
Alamos project during World War II, in particular, John 
von Neumann, Nick Metropolis, Jeffrey Kahn, Enrico 
Fermi, Stan Ulam, and their collaborators, developed 
Monte Carlo methods for estimating eigenvalues of the 
Schrédinger equation and for studying random neutron 
diffusion in fissile material used in atomic bombs. Since 
then, Monte Carlo methods have found applications in 
a vast number of scientific disciplines and are, becom- 
ing increasingly popular with the advent of cheap and 
powerful computers. 

Starting with a space 1, let g : X — R be function 
and z be a probability density. In essence, Monte Carlo 
methods are concerned with 


e Integration: Evaluate the expectation of y under z; 
that is, 


Ir (yg) = [own dx. (1) 


e Simulation: Simulate some random samples {X;}_ , 
distributed according to z. 


Integration and simulation are essential elements of 
many scientific problems arising, for example, in sta- 
tistical physics, statistics, engineering, and economics. 
The probability density 7 may correspond to a poste- 
rior density in the framework of Bayesian statistics or a 
Boltzmann—Gibbs distribution in equilibrium statistical 
thermodynamics. 

In most applications, it is impossible to compute the 
expectations of interest in closed-form as the dimension 
of the space 2 is large; for example, ¥ = R!0° or 
X= {-1, 179000, Moreover, z is often only known up 
to a normalizing constant, that is, 


nm (x) = cf (x), (2) 
where f : X > R is known but c is unknown. Conse- 
quently, standard deterministic numerical integration 
schemes are very inefficient. 

The basic idea of Monte Carlo methods is to compute 
the expectation(s) of interest in Equation (1) viarandom 
iy\N 4 
samples. Assume the random samples {xX}. =| dis- 
tributed according to are available, then an estimate 
of I, (y) can be given by the empirical average 


a ee 
ir (@) = = 0 (X®). 


i= 
In other words, z is approximated by 


N 


(x)= a ee a 


i=1 


where 6 (-) is the Dirac delta function. This estimate 
has “good” theoretical properties. First, it is unbiased. 
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Second, if the samples {x ® Be | are statistically inde- 
pendent, then the variance of this estimate is given by 


= In (v)P d 
Slg@ ‘ol (x) a QB) 


that is, the convergence rate of the estimation er- 
ror to zero is independent of the dimension of ¥. 
If the numerator of (3) is “small”, then only a few 
hundreds/thousands of samples might be necessary to 
achieve a good precision even if ¥ = R!0, 

Thus far, it has been shown that estimates with 
good theoretical properties can be easily obtained from 
a large set of samples distributed according to the 
probability density of interest, but how to generate 
these samples? The Monte Carlo integration problem 
then becomes that of simulation. Generating samples 
from nonstandard probability distributions/densities 
only known up to a proportionality factor is a central 
problem in Monte Carlo methods. 

In 1947, von Neumann, ina letter to Ulam, described 
an algorithm known as the Rejection Method, to 
simulate samples distributed according to a “target” 
probability density. Given a target probability density 
zr that is only known up to a normalizing constant, that 
is, w is of the form in (2) and only f is known, one 
chooses a candidate density g that is easy to sample 
from and a number M satisfying f (x) < Mg (x) for 
any x € XV. The algorithm proceeds as follows: 

(a) Sample X* ~ g (“~” is a standard notation for 
“distributed according to”) and compute 


a (xt) = FO 
Mg (X*)" 





(b) Sample a uniform random variable U on [0, 1]. 
If U <a (X*), return X* otherwise go back to (a). 

It can be easily verified that the accepted sample fol- 
lows the target distribution 7. The problem with this 
method is the difficulty in finding a candidate density g 
satisfying f (x) < Mg (x) that is easy to sample from. 
Moreover, even if such a g can be found, the acceptance 
probability is (Mc)~!, which can be extremely low 
when % is a high-dimensional space. Consequently, 
the algorithm may take a long time to generate a single 
sample. 

A more powerful class of algorithms are the Markov 
chain Monte Carlo (MCMC) techniques. Given a 
“target” density zr, the key idea of MCMC is to build a 
Markov chain { X;};>0 of transition kernel K (-| -) such 
that 


[ k(x) 2 a= 2 (0+), (4) 


ie., if X;_; ~ 7 then any sample X; ~ K (-| Xj_1) is 
also distributed according to z. The target density z in 
(4) is known as the invariant (or stationary) distribution 
of the Markov chain. Under ergodicity conditions on 
the kernel K (-| -), the samples {X;};0 are distributed 
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according to 2 asymptotically (as i > oo) regardless 
of the value of initial state Xo. 

There are an infinity of kernels with invariant 
distribution 2. However, the most frequently used 
are the Metropolis—Hastings kernels, first proposed 
by Metropolis et al. (1953), and then generalized by 
Hastings (1970). Green (1995) extended this to the case 
where % is a disjoint union of subspaces of different 
dimensions. 

Given a candidate distribution g (-| -) that is easy to 
sample from, the Metropolis—Hastings kernel can be 
constructed as follows: given X;_1 

(a) Sample a candidate X*~q(-| X;-1) and 
compute 


m(X*) q(Xi-1| X*) 
m (Xi-1) q (X*| Xi-1) 








a (Xi-1, X*) 


(b) Sample a uniform random variable U on [0, 1]. 
If U <a (X;_1, X*), then set X; = X* otherwise set 
X; = Xj_. 

It can be verified that the Markov chain {Xj};5o 
generated by the above kernel has invariant distribu- 
tion 7. Knowledge of the normalizing constant of 
is not needed as it disappears in the acceptance ratio 
a (Xj-1, X*). The major problem with such Markov 
chain techniques is that only samples from z are 
obtained as i— oo. Nevertheless, the Metropolis— 
Hastings algorithm and MCMC algorithms, in gen- 
eral, have been applied successfully in numerous ap- 
plications. MCMC methods form the basis of global 
optimization algorithms such as simulated annealing 
(Van Laarhoven & Arts 1987). For a thorough treat- 
ment of the theory and applications of MCMC al- 
gorithms, the reader is referred to Robert & Casella, 
(1999). 

Importance sampling (IS) is based on assigning 
weights (or importance) to samples generated from a 
candidate density q so as to approximate the target 
density 7. Suppose that mz (x) = w (x) q (x), where q 
is a density that is easy to sample from. Then, given 
random samples { X“ he , distributed according to q, 
the expectation J, (y) in Equation (1) can be estimated 
by the empirical average 


Fe 9 (0) W(X). 
i=] 


In other words, z is approximated by 


Tt (x) = eS p (x) 3 (« a x) 
i=l 


i= 


This strategy assumes full knowledge of mz as 
w(X) =n (X) /q (X®) needs to be determined. 
When z is only specified upto normalizing constant, 
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write 
w (x) q (x) 


foe w (x) q (x) dx 


and apply importance sampling to both numerator and 
denominator to yield the following approximation: 


(x)= 








N i 
Ftp (x) De, = (x! d! 5 (« 


i=l Daye w (Xx) 


An approximate sample from z can be obtained by 
sampling from the discrete distributions 7] or 77. 


x) 


Applications 


The range of applications of Monte Carlo methods is 
vast. Listed below are some of the more well-known 
areas. 

Integral equations: IS methods have been widely 
used to solve linear systems and integral equations 
appearing in particle transport problems. The basic idea 
is to give a probabilistic approximation of operators of 
the form (J — H)~! = °% 4 H'; see Sobol (1994) for 
details. 

Computational physics and chemistry simulation: 
Monte Carlo methods are used in physics and chemistry 
to simulate from Ising models, simulate self-avoiding 
random walks, and compute the free energy, entropy, 
and chemical potential over systems; see, for example, 
Frenkel & Smith (1996). 

Quantum physics: To compute the dominant 
eigenvalue and eigenvector of a positive operator, it 
is possible to use a stochastic version of the power 
method. This is often applied to the Schrédinger 
equation; see Melik-Alaverdian & Nightingale (1999) 
for a recent review. 

Statistics: Performing inference in complex statis- 
tical models invariably requires sampling from high 
dimensional probability distributions. See Gilks et al. 
(1996) for applications of MCMC and Doucet et al. 
(2001) for applications of IS-type methods to such 
problems. 


ARNAuD DouceT AND Ba-Ncu Vo 


See also Random walks; Stochastic processes 
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MORPHOGENESIS, BIOLOGICAL 

One of the central problems in developmental biology 
is to understand how patterns and structures are laid 
down. From the initially almost homogeneous mass of 
dividing cells in an embryo emerges the vast range of 
pattern and structure observed in animals. For example, 
the skeleton is laid down during chondrogenesis when 
chondroblast cells condense into aggregates that lead 
eventually to bone formation. The skin forms many 
specialized structures such as hair, scales, feathers, 
and glands. Butterfly wings exhibit spectacular colors 
and patterns, and many animals develop dramatic coat 
patterns. 

Although genes play a key role, genetics say nothing 
about the actual mechanisms that produce pattern and 
structure—the process known as morphogenesis—as 
an organism matures from embryo to adult. Tissue 
movement and rearrangement are the key features 
of almost all morphogenetic processes and arise as 
the result of complex mechanical, chemical, and 
electrical interactions. Despite the recent vast advances 
in molecular biology and genetics, little is understood 
of how these processes conspire to produce pattern and 
form. There is the danger of falling into the practices of 
the 19th century, when biology was steeped in the mode 
of classification and there was a tremendous amount of 
list-making activity. This was recognized by D’ Arcy 
Thompson, in his classic work first published in 1917 
(see Thompson (1992) for the abridged version). He 
was the first to develop theories for how certain forms 
arose, rather than simply cataloging different forms, as 
was the tradition at that time. 

At the heart of a number of developmental 
phenomena is the process of convergence-extension, in 
which a tissue narrows along one axis while extending 
along another. This process represents the integration 
of local cellular behavior that produces forces to 
change the shape of the cell population. In fact, 
convergence-extension is essentially responsible for the 
transformation of the spherical egg into the elongated, 
bilaterally symmetric vertebrate body axis (Keller et al., 
1992). 
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Cell fate and position within the developing embryo 
can be strongly influenced by environmental factors. 
Therefore, to investigate the process of morphogene- 
sis, one must really address the issue of how the em- 
bryo organizes the complex spatiotemporal sequence 
of signalling cues necessary to develop structure in a 
controlled and coordinated manner. Structure can form 
through tissue movement and rearrangement. Theoret- 
ical studies in this area include the early purse-string 
model (Odell et al., 1981) for tissue folding in which, 
in response to a large deformation, cells were proposed 
to actively contract and, in doing so, cause a large de- 
formation in neighboring cells which, in turn, also con- 
tract, setting up a propagating contraction wave which 
leads to tissue folding. This model was applied to a vari- 
ety of developmental problems and provided the precur- 
sor to the mechanochemical theory of developmental 
patterning developed by Oster, Murray, and coworkers 
(for review, see Murray, 2003). This approach empha- 
sized the link between tissue mechanics and chemical 
regulation and has been applied widely in both devel- 
opmental biology and medicine. 

Discrete-cell modeling approaches have subse- 
quently been developed in which morphogenesis is hy- 
pothesized to occur via mechanical rearrangement of 
neighbors in an epithelial sheet, and computational fi- 
nite elements have been developed to test various the- 
oretical explanations for morphogenesis (Weliky et al., 
1991; Davidson et al., 1995). 

In all these models, individual cell movements 
within the tissue are determined by the balance of 
mechanical forces acting on the cell. Such models 
can exhibit tissue folding, thickening, invagination, 
exogastrulation, and intercalation, and have been shown 
to capture many of the key aspects of processes such 
as gastrulation, neural tube formation, and ventral 
furrow formation in Drosophila. Cells can also sort 
out depending on their type, and this has led to the 
theory of differential adhesion and energy minimization 
(Steinberg, 1970). 

Models for tissue motion are not amenable to 
a mathematical analysis and tend to be highly 
computation based. However, models for how cells 
differentiate can be addressed mathematically. Broadly 
speaking, there are two classes of such models. In 
one class, the chemical pre-pattern models, it is 
hypothesized that a chemical signal is set up in some 
way and cells respond to this signal by differentiating. 
In the other class, the cell movement models, it is 
hypothesized that cells respond to mechanochemical 
cues and form aggregates. Cells in high density 
aggregates are then assumed to differentiate (see 
Murray, 2003, for details). 

The fact that such models can lead to the generation 
of spontaneous order was first realized by Alan Turing 
(1952), who showed that a system of chemicals, stable 
in the absence of diffusion, could be driven unstable by 
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diffusion. He proposed that such a spatial distribution 
of chemicals (which he termed morphogens) could 
set up a pre-pattern to which cells could respond 
and differentiate accordingly. He was one of the first 
to postulate the existence of such chemicals, and 
morphogens have now been discovered. It is still not 
clear that morphogen patterns in biology are set up by 
the mechanism proposed by Turing, but Turing patterns 
have been found in chemistry (see Maini et al., 1997, 
for a review). 

A variety of models based on different biology 
give rise to mathematical formulations in terms of 
coupled systems of highly nonlinear partial differential 
equations. The analysis of these models has, to date, 
yielded a number of common behaviors. This has 
led to the idea of using such models to determine 
developmental constraints. That is, independent of 
the underlying biology, such models predict that 
only certain patterns are selected at the expense 
of others and thus there is a limited variation. 
This has consequences for evolution. For example, 
application of mitotic inhibitors to developing limbs 
produces smaller limbs with reduced elements. Some 
of the resultant variants look very similar to the 
pattern of evolution in other species, suggesting that 
these species may be more closely related than 
previously thought (Oster et al., 1988). Moreover, 
the construction rules generated by a study of 
developmental constraints is another, perhaps more 
mechanistic, way of describing how different species 
are related other than the topological deformation 
approach of D’ Arcy Thompson. 

Other approaches to morphogenesis and pattern for- 
mation include cellular automata models, in which in- 
dividual entities (cells, for example) behave according 
toaset of rules. Such models allow one to include much 
more biological detail and to investigate finer grain pat- 
terns than those possible in the continuum approaches 
discussed above (see, for example, Alt et al., 1997). 
However, to date they lack a detailed mathematical un- 
derpinning. 

The recent spectacular advances in molecular genet- 
ics raise the issue of how we can combine the enormous 
amount of data now being generated at this level with 
the data available from the classical experiments at the 
cell and tissue level to provide a coherent theory for 
pattern formation and morphogenesis. This leads to the 
problem of modeling across a vast range of spatial and 
temporal scales. The mathematics for this has not yet 
been developed and is one of the challenges presently 
being addressed. 


Puiuip K. MAINI 


See also Brusselator; Cellular automata; Pat- 
tern formation; Reaction-diffusion systems; Turing 
patterns 
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MULTIDIMENSIONAL SOLITONS 


Although strict analogs of the Korteweg-de Vries 
soliton (exponentially localized solution with a specific 
relation between velocity and amplitude and particular 
scattering properties) have not been found in the 
multidimensional context, solvable equations with 
three or more independent variables exhibit a large 
variety of soliton-like solutions. 

As with the Kadomtsev—Petviashvili equation, wide 
classes of exact explicit solutions have been constructed 
for other (2+ 1)-dimensional nonlinear equations 
solvable by the inverse scattering method. We consider 
here two basic examples, the first being the Davey— 
Stewartson (DS) equation 

ig + 3 (07 dae + Hy) + lal? -— 99 = 9, 
dux — 7° yy = 2(Iq!?) 





gee AD 
where g(x, y, t) is a complex-valued function, @ is a 
real-valued function, and the parameter o? takes two 
values ¢?=+1. The DS equation describes propaga- 
tion of a two-dimensional long surface wave on water 
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of finite depth. In the one-dimensional limit gy = dy =0, 
it reduces to the nonlinear Schrodinger equation. 

The DS equation (1) has a Lax representation with 
the two-dimensional Dirac operator as the Lax operator, 
but it has quite different properties for = 1 (DS-I 
equation) and for o?2=— 1 (DS-II equation). In both 
cases, there are multi-soliton solutions which do not 
decay in certain directions on the x, y plane. Similar to 
the Kadomtsev—Petviashvili equation these solutions 
describe elastic scattering of line solitons that decay 
exponentially in the direction of propagation and do 
not decay in the orthogonal direction. The phase shift 
can be explicitly calculated. 

In addition, the DS equation possesses novel classes 
of solutions. Thus, the DS-II equation has an infinite 
set of nonsingular exponential-algebraic solutions, the 
simplest of which looks like 


I@yH= 
2v exp [ac 





iy) —A (x — iy) i(2? { ®)s| 
Ix + iy + w—2iae|? + |v/? 





> 


(2) 





where A, 4, and v are arbitrary complex constants. It 
decays like (x? + yy! asx, yoo. 

The DS-I equation also possesses solutions for which 
q decays exponentially in both space dimensions. The 
simplest of them is of the form 


q(x, yt) = 
4p./kwexp[p (x+y) +A (x—y) +i (W427) t] 
[1 + e2#@+y)] [1 + e4@-¥)] + | pl? 





(3) 


where A, 4 are arbitrary real parameters and p is 
an arbitrary complex parameter. The function ¢ has 
the nontrivial boundary values as x, y—> oo. Called 
dromions, such solutions exhibit not only a two- 
dimensional phase shift during interaction but also a 
change of the form. Basically, these solutions are driven 
by the boundary conditions on the function @. 

Our second example—the Ishimori equation—is of 
the form 





Si +S x (Srx4 a7 Syy) + br Sy + bySr = 0, 
xx — a byy =P 20°S 7 (Sx x Sy) = 0, 
(4) 


where S= (S1, 52,53) is a unit vector S?=1, 
o2=+1, and @ is a scalar real-valued func- 
tion. It represents an integrable (2+ 1)-dimensional 
generalization of the Heisenberg Ferromagnet 
model equation S=S>xS,,. An important 
feature of the Ishimori equation is that its solu- 
tions can be characterized by the topological invariant 
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Q=(1/4n) f fdx dy S- (S;x Sy), which is conserved 
in time and takes integer values N=0, +1, +2,.... 

The Ishimori equation for both signs of o7 
possesses multisoliton solutions that describe elastic 
scattering of line solitons. The Ishimori-I equation 
(o2=1) has a rich variety of the dromion-like 
solutions. An interesting feature is that the Ishimori- 
II equation (o2=—1) consists of the existence of 
the topologically nontrivial multi-vortex solutions. The 
one-vortex solution looks like 


ig lal? — 














2ape- lel? 
2 (5) 


Sy +i8; = ¥ 
lo? + |p|? 





~ lal? + 1p 


where pel? =x-+iy—(xo+iyo), @ is an arbitrary 
complex constant, and Q = 1. An anti-vortex solution 
with Q = — 1 is also given by (5) under the substitution 
x +iy— x —iy, that is, g > —g. General N-vortex 
solution has Q = N and describes the time dynamics 
of the spin-vortices and spin-anti-vortices of the form 
(5) which exhibits no phase shifts. These solutions 
are all regular and rational functions on x and y; in 
other words, they are lump solutions of the Ishimori-II 
equation. 

Both the Davey—Stewartson and the Ishimori 
equations also possess infinite sets of exact solutions 
parameterized by finite number of arbitrary functions 
of one variable. As for the NLS equation and the 
Heisenberg ferromagnet equation, the DS equation and 
the Ishimori equation are related by the so-called gauge 
transformation. 

Multidimensional nonlinear equations not solvable 
by the inverse scattering method do not possess 
multisoliton-like solutions. However, some of them, 
such as lumps, breathers, or spherical waves, have 
particular solutions which are similar to one soliton 
solution in some respects. Such solutions play roles in 
various nonlinear phenomena arising in classical and 
quantum field theories, in nonlinear theories of matter, 
and even in the theory of Jupiter’s Great Red Spot. 

Boris B. KONOPELCHENKO 


See also Dressing method; Inverse scattering 
method or transform; Kadomtsev—Petviashvili 
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MULTIFRACTAL ANALYSIS 


A fractal is a geometrical shape that shows self- 
similarity, meaning that parts appear similar to the set 
as a whole (See Fractals). A multifractal is a fractal 
with a probability measure attributed to its geometrical 
support set. A typical multifractal can have different 
fractal dimensions in different parts of its support set, 
depending on the multifractal measure chosen. Typical 
examples of multifractals are attractors of nonlinear 
mappings, where the relevant probability measure is 
given by the invariant measure of the map. Often, quite 
a complicated structure is observed, and the invariant 
density may diverge at infinitely many points in the 
phase space with different exponents, that is, an entire 
spectrum of singularities is generated. 

To statistically analyze this complex behavior, it is 
useful to evaluate the so-called Rényi dimensions D, 
(Rényi, 1970). These are generalizations of the usual 
box dimensions (or capacity) that contain information 
not only on the topological structure of the fractal but on 
the probability measure as well. The simplest definition 
of the Rényi dimensions is as follows. Cover the fractal 
with small d-dimensional cubes (“boxes”) of volume 
e@, where « is the side length of the box and d is an 
integer dimension large enough to embed the fractal. 
For each such box i we consider the probability p; that 
is associated with it: 


Pi Sy p(a) dx. a) 
ith box 


Here p(2a) is the probability density considered. The 
Rényi dimensions are defined for any real parameter q 


as 
log oy Di; (2) 


where the sum is over all i with p; 40. There are also 
more sophisticated definitions of the Rényi dimensions 
based on boxes of variable size (analogous to the 
definition of the Hausdorff dimension), see Beck & 
Schlégl (1993) for more details. 

Generally, for a complicated multifractal (with lots 
of singularities of the probability density) the Rényi 
dimensions Dg depend on q, whereas for “simple” 
multifractals all Dg are the same and equal to the 
Hausdorff dimension. By changing the parameter gq, 
one “scans” the structure of the multifractal. Large q 
values give more weight to large probabilities p;, small 
q favor small probabilities p;. Useful special cases 
of the Rényi dimensions are the box dimension (or 
capacity) Do (usually equal to the Hausdorff dimension, 
up to pathological cases), the information dimension 
D, (more precisely given by the limit lim,—,; Dj), 
and the correlation dimension D>. The correlation 
dimension can be easily extracted from experimental 
time series using the Grassberger—Procaccia algorithm 
(Grassberger & Procaccia, 1983). It is also of relevance 


Dg = lim 
7 lim opeg at 
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Figure 1. Construction of a classical Cantor set with a 
multiplicative non-uniform measure. 


for the estimation of typical period lengths that are 
generated due to computer roundoff errors in chaotic 
dynamical systems (Beck, 1989). Also important are the 
limit dimensions D+oo obtained for g > + oo. They 
describe the scaling behavior of the invariant density in 
the region of the phase space where the measure is most 
concentrated (D..) and least concentrated (D_.9). 

From the Rényi dimensions, one can proceed to 
f(a), the spectrum of local scaling exponents a of 
the measure, by a Legendre transformation. The basic 
idea is very similar to thermodynamics. In fact, many 
of the ideas of the multifractal formalism are related 
to early work by Sinai, Ruelle, and Bowen on the 
so-called “thermodynamic formalism” of dynamical 
systems (Ruelle, 1978). For multifractals, one can 
regard the function t(g)=(q—1)Dg as a kind of 
free energy, and g as a kind of inverse temperature 
(Tél, 1988; Beck & Schlégl, 1993). One then defines 
the variable a (the “internal energy”) by 0t/dq =:a@ 
and proceeds to the f(a) spectrum (the “entropy’’) by 
Legendre transformation: 


f(a) = qa —7(q). (3) 


The advantage of the f(a) spectrum is that it has a 
kind of “physical meaning.” Roughly speaking, it is 
the fractal dimension of the subset of points for which 
the probability density scales with a local exponent a, 
that is, pi ~ e% with a; € [a, a + da]. Hence, this is a 
kind of statistical mechanics of local Hélder indices. 
Let us consider a simple example of a multifractal, 
given by the classical Cantor set with a multiplicative 
(non-uniform) measure (Figure 1). The classical Cantor 
set is constructed by cutting the middle third out of 
the unit interval, then cutting out the middle third 
out of the remaining two intervals, and so on (See 
Fractals). In this way, at the kth construction step 
there are 2* intervals of length Gy. We now attribute 
a product measure to each of the intervals, according 
to the rule sketched in Figure 1, with w; + w2 = 1 but 
w1 # w2. In the limit k > oo we obtain a multifractal. 
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Figure 2. (a) Rényi dimensions and (b) f(@) spectrum of the 
Feigenbaum attractor. 


Let us calculate the corresponding Rényi dimensions. 
We cover the multifractal with small intervals of 
size €, = coe The number of boxes with probability 


pais 
Pi =W{w, J is 


aif \ 2 Sd! 
min ( 4) =agoa = 


Hence, 
k 
sn ies 
eH = Yo My, jw)! wy DI (wi + wk (5) 
i j=0 


and for the Rényi dimensions, one obtains from 
definition (2) 


= log(wf + w4) 


4 1 g)log3 - 


In particular, the box dimension Do is given by the 
value Do = log 2/log3, independent of w; and wz. 
The other dimensions depend on the probabilities w;, 
for example, for the information dimension one obtains 
D, =— (1/ log 3) ae w; log w; by considering the 
limit g > 1. The Legendre transform of (6) yields the 
f (@) spectrum. 

Another interesting example is the attractor of the 
logistic map at the critical point of period doubling 
accumulation. Figure 2a shows the corresponding 
Rényi dimensions and Figure 2b the corresponding 
f(a) spectrum. Generally, the value of a where 
the function f(a) has its maximum is equal to the 
Hausdorff dimension of the attractor. The value of 
f(a) where the function has slope 1 is equal to the 
information dimension. 

In practice, one often wants to evaluate the Rényi 
dimensions (or the f(a) spectrum) for a given time 
series (Kantz & Schreiber, 1997) of experimental data 
without explicitly knowing the underlying dynamics 
or the invariant measure. Here, various interesting 
methods are known (Grassberger—Procaccia algorithm 
(Grassberger & Procaccia, 1983), wavelet analysis 
(Arneodo et al., 1995), etc.). These algorithms can 
be implemented without explicitly knowing the 
underlying dynamics. The wavelet transform of an 
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experimental signal s(x) is defined as 


+00 BS: 
Wy (xo, a) = -/ ye (- 2) s(x) dr (7) 


—oo 





(* indicates complex conjugate), where the analyzing 
wavelet W is some localized function, often chosen to be 
the Nth derivative of a Gaussian function. For small a, 
the wavelet transform extracts local Hélder exponents 
from the signal s, and gth moments of Wy can then be 
used to define suitable partition functions which yield 
the Rényi dimensions. 

CHRISTIAN BECK 
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MULTIFRACTAL MEASURE 


See Dimensions 


MULTIPLE SCALE ANALYSIS 


For a number of problems involving differential 
equations, we know methods that can provide exact 
solutions. However, the vast majority of modeling 
problems have a complexity that forbids finding an 
exact solution by paper and pencil. It may appear that 
the only way forward is to use numerical analysis. 
However, this is not necessarily the case since we can 
resort to finding good approximate solutions by various 
methods or strategies. In applications we usually 
encounter systems with dissipation and energy input, 
where neglecting these energy exchange terms leads 
to an exact solvable problem. We can then employ a 
strategy based on the assumption that the exact solution 
of the unperturbed problem is only modified slightly 
by adding the perturbation terms and hope that the 
difference between the two solutions can be estimated 
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sufficiently accurately by assuming the perturbation is 
weak (Nayfeh, 1973, 1981, 2000). 

Let us illustrate such a strategy by considering the 
damped harmonic oscillator. Denoting the displace- 
ment from equilibrium by x(t) at time t, the dynamical 
equation reads 


X¥+x=-ex. (1) 


A dot above the dependent variable x(t) denotes 
differentiation with respect to time t. The damping 
parameter ¢ we shall vary, and accordingly it is natural 
to include ¢ in the argument list of x = x(t; ¢). The 
unperturbed oscillator corresponds to ¢ = 0, and using 
the initial conditions x(0) = 1 and x (0) =0, the solution 
of the unperturbed harmonic oscillator reads 


x(t; 0) = xo(t) = Acos(f), (2) 


where the amplitude A equals unity. For the same initial 
conditions, the damped harmonic oscillator (1) with 
€ £0 possesses the more complicated solution 


x(tre) = er cos (Vv i ei) 
aT sin (i ei) | GB) 
Jl-e 


The exact solution has features which can be used as 
a guide for developing a systematic way of finding an 
approximate solution assuming small damping, that is, 
lel<1. 

Without surprise, we recognize that the damping 
leads to a decreasing amplitude as time progresses but 
on a slow time scale of order O(e). Another result of 
the damping effect is an O(e*) change of the frequency, 
which is w=\/1 —¢2/4 ~1 — e?/8. The damping 
slows down the oscillation, and accordingly the period 
increases, hence the frequency decreases. Suitable cor- 
rections are therefore to allow for a slow variation of the 
amplitude A and for an even smaller correction of the 
frequency. In general terms, this implies that we need to 
let x(t; ¢) depend on the slower time scales et and et. 
We can formalize this by introducing (Nayfeh, 1981) 

















To=t, Ty=et, Th=e?t, 
x(t) = x(To, Ti, Tr). (4) 
Thus, the time derivatives expand as 
d a a a 
— +e +67 + O(e%), (5) 
dt dTo oT, dT) 
da a2 g2 3 Q2 92 
+ 2€ + € + 2 
dt? aT? aT) 9T| aT? dT) IT» 
+0(*), (6) 


by invoking the chain role for partial derivatives. The 
idea is to introduce slowly time-varying coefficients 
by regarding the new scaling variables in (4) as 
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independent variables. This is a somewhat mysterious 
trick, and it is not easy to understand why it works, 
since the scaling variables are all proportional to time, 
but it does. In perturbation theory, we often rely on such 
experience and tricks. 

After having introduced the scaling into our 
original problem, we can add further corrections to 
the unperturbed solution by introducing a Taylor 
expansion around ¢ = 0 with respect to the perturbation 
parameter ¢ 


x(T; €) = x9(T) +. x1 (Te + x2(T)e* + O(63), (7) 


where 





1 0”"x(T; 0) 


T= (1%, 71,7) and x,(T) = —~— | 
n! de 


Inserting the Taylor expansion into Equation (1) results 
in a polynomial in ¢ which equals zero. The coefficient 
of e” is a differential operator working on x, and as all 
these coefficients must vanish, we have a differential 
equation for each x,, which normally is simple enough 
that it can be solved analytically, at least for the first 
few equations. Inserting the Taylor expansion into 
Equation (1) and ordering according to powers of ¢ 
we obtain 








X0,ToT) + X0 = 0, (8) 

XL, TT) +X1 = —X0,T) — 2X0,%T» (9) 

X2,T oT) + X2 = —X1,T) — 2X17 — X07; 
=X0,7,T, — 2X0, T)T>- (10) 


Subscript J) means a partial derivative with respect 
to To and similarly for the analogous subscripts. The 
solution of the first equation reads 


xo = A(Ti, Tze! + B(T1, Te”. ab 


The fact that A and B depend on 7; and T> expresses 
the slow variation of these parameters with time. The 
solution of the equation for x; can now be found 
by inserting xo from (11) into the right-hand side of 
Equation (9), 


X1mm +X1 = —i(A+2Aq,)e? 
Hi(B+2Br,)e%. (12) 





Terms proportional to the exponentials e*!7 are 


resonant forcing terms, leading to a growth of x, 
proportional to time ¢. When ¢ is of order 1/e, the 
term €x;(t) has become of order unity, and our analysis 
breaks down. Such terms are called secular terms. In 
order to get a uniform and valid expansion, we need to 
avoid secular terms. However, due to the dependence 
on T; of A and B, we can demand that coefficients 
proportional to e*!” vanish thereby providing simple 
differential equations for determining A 


A+247,=0 3 A(Ti, 7) = A(T)", 
(13) 
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and similarly for B. Equation (12) now possesses the 
solution x; =0. We can proceed by solving the O(e7) 
equation (10) and invoke the initial conditions x (0) = 1 
and x (0) = 0. After rather straightforward calculations, 
we obtain the approximate solution (Scott, 2003) 


x(t) = e~*/? cos[(1 — e7/8)t] + seni? 
x sin[(1 — €7/8)t] + O(e*) (14) 


in agreement with the exact solution to the desired 
order in ¢. Carrying out the analysis to order O(e”) 
requires introduction of scaled variables up to the same 
order for the perturbation analysis to be consistent. The 
above approach is called the method of multiple scales, 
and it has been applied to many nonlinear ordinary 
differential equations as well as perturbed soliton 
equations (McLaughlin & Scott, 1978; Scott, 2003), 
including derivations of nonlinear partial differential 
equations (Dodd, 1984). An interesting extension of the 
method to nonlinear difference equations is presented 
in Broomhead & Rowlands (1983). 

Mans PETER SORENSEN 


See also Averaging methods; Damped-driven 
anharmonic oscillator; Fredholm theorem; Multi- 
soliton perturbation theory; Perturbation theory 
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Under the view that dominated neuroscience around 
the middle of the 20th century, neural information 
processing involves three components (McCulloch & 
Pitts, 1943). First, incoming signals from chemical 
synapses on the dendritic trees are gathered as a 
linear, weighted sum of input signals. Second, this 
sum is compared with a threshold level at the base 
(initial segment) of the outgoing axonal tree. Finally, 
if the threshold level is exceeded, an active (all-or- 
nothing) nerve impulse is launched on the axonal tree, 
which propagates outward without failure to all of 
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Figure 1. (a) Abrupt widening of a nerve fiber. (b) Branching 
region. 


the distal (distant) twigs of the tree, providing inputs 
to other neurons or to muscle cells. A simplifying 
feature of this “McCulloch—Pitts model” is that the 
incoming dynamics are entirely linear, governed by 
inhomogeneous diffusion processes on the dendritic 
trees. 

Before the end of the 1960s, there was no compelling 
evidence to abandon this simple view of dendritic 
dynamics, and two reasons for clinging to it. If all-or- 
nothing propagation is supposed to occur on dendrites, 
then the entire tree might be expected to ignite, 
preventing the dendrites from integrating incoming 
information. Additionally, the assumption of linear 
dendritic dynamics helps the theorist to sort out various 
causal influences, somewhat easing the difficulties of 
analyzing neural systems (Scott, 2002). 

By the 1970s, three types of evidence began to 
indicate that dendritic and axonal dynamics are more 
complex. First, impulse blockage was experimentally 
observed in the optic nerves of cats, implying that 
impulses (spikes) can be extinguished at axonal 
branchings (Chung et al., 1970). Second, experimental 
studies showed that spikes do indeed propagate on the 
dendritic trees of some vertebrate neurons (Llinds & 
Nicholson, 1971). Third, numerical studies by Boris 
Khodorov and his colleagues in the Soviet Union on 
realistic models of nerve fibers confirmed that the 
propagation of active nerve impulses can indeed be 
blocked at changes in fiber geometry such as the abrupt 
widening and branching regions shown in Figure 1 
(Khodorov, 1974). 

These considerations suggested the concept of a 
“multiplex neuron,” where the term (borrowed from 
communication engineering) implies the ability to 
handle two or more messages at the same time. As 
defined by Steven Waxman, a multiplex neuron has the 
following salient properties (Waxman, 1972). 


e Impulse blockage at the branching regions of 
dendritic trees allows the possibility of Boolean 
logic, similar to the elementary operations of a digital 
computer. If the geometry of the branch is such 
that an impulse incoming on either daughter branch 
(one “or” the other) is able to ignite an outgoing 
impulse on the parent branch, this would be OR 
logic. If, on the other hand, coincident impulses on 
both incoming branches (one “and” the other) are 
required to ignite an outgoing impulse, it would be 
an example of AND logic. Thus the computational 
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Membrane model Transmission Blockage 
H-H 5.5084 5.5126 
M-L 2.2521 2.2563 


Table 1. Widening ratios at which isolated impulses transmit 
and become blocked under Hodgkin—Huxley (H—H) and Morris— 
Lecar (M—L) membrane models (Altenberger et al., 2001). 


nature of a branching region may depend upon details 
of its geometry. 

Impulse blockage at branching regions of the 
axonal tree allows an impulse code transformation 
under which a time code on the trunk of the tree 
is transformed to space-time codes at the distal 
branches (twigs) of the tree. 

Seminal Soviet studies of the propagation of 
impulses through the abrupt widening shown in 
Figure 1(a) showed that blockage of an isolated 
Hodgkin—Huxley impulse (Hodgkin & Huxley, 1952) 
(which corresponds to the dynamics of a squid giant 
axon) was to be expected at a widening ratio (d2/d}) 
greater than about 5.5. As indicated in Table 1, recent 
numerical studies by Altenberger et al. (2001) have 
confirmed the early Soviet results for the Hodgkin— 
Huxley model and extended them to the Morris—Lecar 
model (which represents dynamics on barnacle giant 
muscle fibers and more closely models the calcium 
dominated dynamics of typical dendritic fibers) (Morris 
& Lecar, 1981). 

Although abrupt widenings of real nerve fibers are 
not observed, numerical blocking conditions in Figure 
1(a) can be related to the corresponding blocking 
conditions in Figure 1(b) through the concept of a 
“geometric ratio” (GR) (Goldstein & Rall, 1974). 
Assuming a discontinuity with several outgoing fibers 
(of diameters dou) and on which an impulse is 
incoming on a single fiber of diameter din, the GR is 
defined as )~ Be /d;! a where the “3/2 powers” enter 
because branching currents divide in proportion to the 
characteristic admittance of the outgoing fibers (Scott, 
2002). 

Assuming the Morris—Lecar (M-L) model and an 
incoming impulse on daughter branch # | in the branch 
of Figure 1(b), the AND condition is 


3/2 
dy +d; 


a? 


> 2.2563°/* = 3.389, (1) 


requiring coincident inputs on both incoming branches 
(# 1 and #2) for an impulse on the outgoing branch (#3) 
to ignite. If this geometric inequality is not satisfied, the 
branch executes OR logic, in which incoming impulse 
either on daughter # | or on daughter # 2 is able to ignite 
an outgoing impulse on the parent branch (# 3). 
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Cell type GR range 
Purkinje 2.3-3.5 
Stellate 2.4-3.5 
Granule 2.34.8 
Motoneuron 2.6-3.4 
Pyramidal (apical) 2.5-3.4 
Pyramidal (basal) 2.4-3.1 


Table2. The GR range for some typical dendrites (Scott, 2002). 


Noting the GR values for typical dendritic trees 
given in Table 2 and considering the several ways in 
which critical GRs might be lowered in real neurons 
(changes in ionic concentrations, variations in channel 
membrane density, incomplete impulse recovery from 
previous interactions, and so on), it seems prudent 
to anticipate that dendritic trees can execute logical 
operations on the incoming (synaptic) codes, as is 
assumed in the multiplex neuron model (Stuart et al., 
1999). 
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ses; Neurons 
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MULTIPLICATIVE NOISE 


See Stochastic processes 


MULTIPLICATIVE PROCESSES 


Random processes involving accumulation and/or 
reduction occur widely in nature and in mathematics. 
At the most basic level, the laws of accumulation (and 
reduction) may be represented either as the result of 
arithmetic summation (and differencing) or as the result 
of multiplications. The latter such processes are the 
subject of this article. 

Any attempt to embody all multiplicative random 
processes in a single mathematical definition would be 
futile. However, it is possible to provide large classes 
of examples for which rich mathematical theories and 
applications are possible. 

The “law of proportionate effect” provides the 
basis for the evolution of multiplicative stochas- 
tic processes Mo, Mj,..., found, for example, 
in materials science, biology, economics, and fi- 
nance, in terms of the proportionate changes rn4) = 
AMn/Mn = (Mn +1 — Mn)/Mn,n=0,1,2,.... In 
finance, M, may be the value of a unit of stock at 
the nth period of time when subjected to the hypoth- 
esis that the yields r},r2,... are stationary and in- 
dependent from time period to period. In materials 
science, on the other hand, M, may represent the 
strength of a material after n repeated independent ran- 
dom impacts Rj =1+7), Ro=1+1r2,.... Similarly, 
M,, may represent the size of a biological population 
whose subsequent growth is in (random) proportions 
r1,12,... to the amount of substance available. The 
law of proportionate effect is a widely observed sta- 
tistical law according to which the sequence of pro- 
portionate changes 741 = AM,/M,,n=0,1,2,..., 
is a sequence of independent and identically distributed 
(iid) random variables. Equivalently, one may iterate 
this law to obtain the so-called geometric random walk 
model: 


n 
Mn =Mo|[R, k=1,2,..., (a) 
k=l 
where 
Re=1lt+rp, k=1,2,.... (2) 


The special case in which R,, has two possible values, 
corresponding to upward and downward price move- 
ments, yields the binomial tree model for stock prices 
popular in the modern mathematical finance literature 
(Féllmer & Schied, 2002). 

A more general notion of “multiplicative processes”, 
whose origins may be traced back to early 19th century 
genetics, occurs by consideration of a somewhat finer 
scale growth rule. In particular, changes to the process 
occur as M;,41 evolves from a previous random number 
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M, of constituent members, each of which individually 
contributes its own growth and decay amounts (Y) to 
the whole in successive time steps. This more general 
stochastic law of evolution may be precisely expressed 
by the following iteration scheme: If M,, = 0 then define 
Mn+1 = 0, else if Mn > 0 define 


Mn 
Mati => ¥ntik n=O0,1,...5 (3) 
k=1 


where Mo is a nonnegative integer valued (counting) 
random variable representing an initial size, and for 
each n>0, the random variables Yn+1.1, Yn41,2,.-- 
Yn+1,M, are nonnegative integer valued, representing 
the respective numbers of offspring of each of the My 
elements composing the nth generation. 

Two special cases may be noted. In the case that 
the Yn414=Rn41, k>1, are the same for each k of 
the nth generation, but are independent and identically 
distributed (iid) from generation to generation n, 
Equation (3) is the law of proportionate effect. On 
the other hand, if for each n, the offspring sizes 
Yn+1,15 Yn42,2, -.. are iid and independent of M,,, then 
Equation (3) defines the classical Bieneymé—Galton— 
Watson branching process (BGW) introduced in the 
early 19th century as a model for analyzing the survival 
of family names (Kendall, 1975). 

A next generation of multiplicative processes arises 
out of these models by a still finer coding of the 
underlying phenomena. For simplicity, consider the 
BGwW branching process and assume a single progenitor 
Mo =1. Then one may code the successive offspring 
as a random tree as follows: The single progenitor is 
coded by the empty sequence §. Its respective Y; 


offspring are coded (labeled) as (1),..., (¥1,1). The 
Yo, next generation offspring of (k) can be coded 
as (k1), (k2),..., (k¥2,~), and so on. In this way, 


the successive generations may be represented as a 
sequence of random family trees 


To = {H}, tr = {H, (1),--.. Yaad} 

tT U{(1),..., Yaad}, 

Tt] U{(11),..., (1¥21),-.-, 
(Mia)... YiaYaradh 


This, in fact, suggests an alternative description of the 
BGW process as a probability distribution P on a (met- 
ric) space of tree graphs. Specifically, let T be the space 
of (possibly infinite) labeled tree graphs rooted at 4). As 
above, an element t of T may be coded as a set of finite 
sequences of positive integers (i1,i2,...,in ) € tT such 
that: 


, 
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(i) The root Y € t is coded as the empty sequence. 


ai) If (ij,.--,%e)e€T then (i1,...4j)) €T 
Viej =k. 

(iii) If (ij, %2,...,in(E€tT then )ij,...in-1, J)ET 
VI<j<in. 
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Neighboring vertices are those of the form (ij,..., 
in) and (i1,...,in-1). The last condition (iii) 
specifies a left to right labeling of vertices, and 
(ii) connects all paths to the root via neighboring 
vertices without cycles. The space T of such trees 
may be viewed as a metric space with metric 
defined by p(t, y) = (sup{n +1: y|n= t\|n})~!, and 
tln={(i1,...,ih) et : k<n} is the truncation of 
Tt to the first n generations. This metric is complete 
and the countable dense subset 7p of finite labeled tree 
graphs rooted at 4 makes T a separable metric space as 
well. 

The BGW model may now be viewed as a probability 
distribution on the space T, wherein the probability 
assigned to the ball B of radius 1/N centered at t is 
given by 


P(B)= [] pet»), (4) 


vet|N 


where p(j) = P(Y =/), j =0, 1,2, ...isaprescribed 
offspring probability distribution, and w(t; v)= 
max{j : (vl),..., (vj) €t} counts the number of 
offspring of the vertex v in the tree tT. 

A number of naturally occurring geophysical 
and biological structures admit natural tree codings, 
for example, river networks, lightning discharge 
patterns, and arterial and neural networks in human 
organs. Probabilistic models correspond to probability 
distributions on 7, leading to further generalizations 
of multiplicatively branching models; for example, 
see Barndorff-Nielsen et al. (1998) and references 
therein. 

Random multiplicative cascade models provide an- 
other class of multiplicative processes of interest for 
their intermittency, extreme variability, and multiscal- 
ing structure in applications to phenomena ranging 
from fluid turbulence and spatial oceanic rainfall dis- 
tributions to internet packet data on the world wide 
web (Barndorff-Nielsen et al., 1998; Gilbert et al., 
1999; Jouault et al., 2000). The origins of this class 
of models trace back to classic work of Lewis Fry 
Richardson (1926), Andrei N. Kolmogorov (1962), 
and A.M. Yaglom (1966) in statistical turbulence the- 
ory. A rich geometrical and scaling perspective was 
subsequently advanced by Benoit Mandelbrot, and 
a more complete mathematical treatment was initi- 
ated by J.-P. Kahane and Jacques Peyriére (Kahane, 
1985). 

In the context of turbulence, one imagines introduc- 
ing energy into the fluid by a large-scale stirring motion, 
whereby smaller-scale eddies split off and dissipate en- 
ergy in random proportions R to those available. These 
eddies in turn split off smaller-scale eddies, and so on. 
In the simplest mathematical formulation, one consid- 
ers random measures M,(A) on the one-dimensional 
unit interval [0, 1] having a piecewise constant density 
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n(x) defined by a constant value over a dyadic subin- 
terval 


n n 

DiGikiaxn JO= » Sao, YO jx 2* + | 
k=1 k=1 

je € (0, 1}, k> 1 (5) 


with constant value 
n 
Pn(x) = TI Roja jee ing) VX © Anis Jas +++ dks 
k=l 


(6) 


where the random factors Ry, v= ( ji jz... je), are 
iid nonnegative mean one random variables indexed by 
the vertices of the binary tree. The mean one condition 
provides conservation of the mass of M,, on average, 
where for any Borel subset G 


My(G)= | on(x)as. (7) 


The multiplicative cascade M,, is the random measure 
obtained by passing to the fine scale limit as n > oo. 
The random cascade is defined by the branching 
number b (=2 in this exposition), and the random 
factors R,, referred to as cascade generators. Kol- 
mogorov’s “log-normal hypothesis” refers to a choice 
of lognormal distribution for R. Tests of this hypothe- 
sis and physical arguments for alternative laws present 
significant challenges for modern statistical turbulence 
theory (e.g., She & Waymire, 1995; Jouault et al., 
2000). On the mathematical side, the special choice 
of symmetrically distributed 0-2 valued generators 
yields the BGW process with binomial offspring distri- 
bution p(j) = Ga j=0, 1,2, for the total masses 
M,((0, 1]),n=1,2,.... Refinements for which the 
branching number b may be viewed as a random pa- 
rameter are given in Burd & Waymire (2000), and as a 
continuous parameter in Barral & Mandelbrot (2002). 
Branching random walk models of the type 
illustrated by this next application may also be 
viewed within the framework of random multiplicative 
cascades. An explicit representation of the Fourier 
transform of classes of solutions to 3-d incompressible 
Navier-Stokes equations 
du 
tu:Vu=vAu 
at 
in the form of an expected value of a certain product 
of initial and forcing data evaluated at the nodes 
of a branching random walk was recently uncovered 
(LeJan & Sznitman, 1997). While probability models 
have long enjoyed important connections to partial 
differential equations, most notable being the heat 
equation and reaction-diffusion equations, this ranks 
among the most striking recent connections between 
multiplicative cascades and nonlinear equations of fluid 





Vp+g, V-u=0, (8) 
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f= 
Figure 1. A sample tree graph for the Burgers equation. 


motion. For a simple illustration of ideas made possible 
by refinements of the theory developed in Bhattacharya 
et al. (2003), consider the one-dimensional Burgers 
equation 


u(0O, x) = uo(x). (9) 


Spatial Fourier transform will be denoted by a. For 
simplicity of exposition, assume ii9(€) =0 for & <0; 
that is, the initial data belongs to a Hardy function space. 
Taking spatial Fourier transforms one obtains, with the 
aid of an exponential integrating factor and € > 0 and 
writing 


Up + Uy = VUxx, 


ME) = vé*, m= -+ (10) 


the result 
A(t, &) = e*"fig(&) 
1 


mf, ey Mes 
real A)e E 


& 
se] i(t—s,n)a(t—s,&—n) dy. (11) 
0 


Expressed in this form, Equation (11) takes on a 
probabilistic meaning. In particular, this is a recursive 
equation for the expected values of a multiplicative 
stochastic process initiated at &j=&. The first term 
on the right-hand side e~*®'fig(€) is the product of 
the initial data fio(€) times the probability e~*® that 
an “exponentially distributed clock” with parameter 
A(é) rings after time t. The second integral term 
is an expected value in the complementary event of 
probability density A(é)e~**, that the clock rings at 
time s prior to t. Given that the clock rings at a time s 
prior to ¢, a product is formed with the factor m(&) and 
a random selection of a pair of new “offspring” wave 
numbers (or Fourier frequencies) n,§ — 7 from the 
interval [0, €] with (uniform) probability density 1/& to 
complete the recursion over the remaining time ft — s. 
That is to say, the unique solution (in the appropriate 
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function space) is furnished by the expected value 
a(t,é)= EX(t,&), &>0, (12) 


for a multiplicative cascade X (t, €) defined by the fol- 
lowing stochastic recursion in Fourier wave number 
space (see Figure 1): A particle of type &=€ waits 
for an exponentially distributed time Sy with mean 
1/A(é) = ee If Sg >t then a value wio(&) is assigned 
to the initial vertex and the process terminates. On 
the other hand, if Sg <t then an independent coin flip 
is made. If the outcome is a tail then the particle dies 
and a value 0 is assigned, but if a head occurs then 
the particle branches into two particles (1), (2) of 
respective types (1) = and &(2) =& —n selected 
according to the uniform distribution on [0, €]. Two 
independent exponential clocks $(1), 5,2), with re- 
spective parameters A(&(1)), 4(&(2)), are set, and the 
process is repeated independently from each of these 
two given types for the termination time ¢ reduced 
to t — Sg. The multiplicative cascade X(t, &) is, up 
to a (random) power of m= —/—1/v, a product 
of the assigned values of ig at the selected frequen- 
cies; for example, for the sample realization depicted in 
Figure 1, one has 


X(t, €) = m? - fio(E (11) - Ho(E(12)) + fio(E(2)) «0. 
(13) 


In particular, the premature death of (2) means that 
this particular sample realization will not contribute a 
positive value to the mathematical expectation in (12). 
By presenting these models as a progression 
of modifications and extensions built on simpler 
structures, some sense of a mathematical theory 
begins to emerge, a large part of which directly 
rests on martingale theory. For example, for the 
BGW model one may observe, denoting the mean 
offspring number by jz, assumed positive and finite, 
that M,/u",n=1,2,..., is a martingale. Similarly, 
for each fixed Borel set G, the cascade measure M,(G), 
as a function of (logarithmic) scale n=1,2,..., 
is a martingale. The latter property led Kahane to 
still further natural generalizations of widespread 
significance (Kahane, 1985). Such deep mathematical 
structure has made it possible to precisely analyze many 
of the singularities, intermittencies, and other critical 
phenomena associated with these models, as well as 
to provide precise statistical error bars required for 
scientifically sound empirical estimations and tests of 
hypothesis for multiplicative cascades. On the other 
hand, the overall theory is in its relative infancy and 
many questions of practical importance remain open 
(Ossiander & Waymire, 2000). Needless to say, the 
relationship with the incompressible Navier—Stokes 
equations provides a link to one of the most outstanding 

mathematical problems of our times. 
Epwarp C. WAYMIRE 
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See also Branching laws; Burgers equation; Mar- 
tingales; Navier-Stokes equation 
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MULTISOLITON PERTURBATION 
THEORY 


Solitons appear as robust solutions of several important 
nonlinear partial differential equations and difference- 
differential equations, including the Korteweg—de 
Vries (KdV), nonlinear Schrédinger (NLS), and 
sine-Gordon (SG) equations and the Toda lattice 
(TL). It is a remarkable feature of these and other 
equations, integrable by means of the inverse scattering 
transform (IST), that one can find exact multisoliton 
solutions. Among other phenomena, multisoliton 
solutions describe collisions among several solitons and 
bound states of solitons (breathers). 

Considering systems that conserve energy but lack 
integrability, multisoliton solutions, and breathers may 
be only approximate, their dynamics accompanied by 
emission of radiation. As a result, two colliding solitons 
may merge into a breather, and the energy of a breather 
gradually decreases until it completely decays. 

The situation is yet more different from that in 
integrable models if the system is dissipative. The 
dissipative loss of energy may be offset by an external 
field (driving force). A well-known example is the 
damped-driven SG equation 


dtr — Gxx + sind = —ad; — y, qd) 


which models magnetic flux propagation on a long 
Josephson junction (LJJ) (McLaughlin & Scott, 1978). 
In this equation, 0@/0dx is the local magnetic field, a 
is a coefficient of dissipation, and y is a bias-current 
density, which is the driving force. In the absence 
of perturbations (a = y =0), (1) is the SG equation, 
whose fundamental soliton solution is the kink (it 
represents a magnetic-flux quantum, or fluxon, in LJJ), 


ox = 4tan7! [esp (8 — =] : (2) 





1-2 
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Here, o = + 1, c, and &(f) are, respectively, the polarity, 
velocity, and central coordinate of the kink (or fluxon). 
An exact breather solution to the unperturbed SG 
equation is 


(3) 





in (¢ cos 
Por = 4tan7! Sun GEER tan u|. 


cosh (x sin 2) 


where the amplitude yz takes values 0< <1 /2. In 
the limiting case w~— 1/2, (3) becomes a solution 
describing collision between two kinks with opposite 
polarities. 

In the presence of perturbations, Equation (1) still 
has kink-like solutions, but the kink’s steady-state 
velocity (co) is no longer arbitrary. It is determined 
by the condition that the power input from a constant 
driving force (y) is in balance with the dissipation 
induced by the loss term, which yields 


omy 


8, ——————————— 
Vimy)? + 1602 


According to Equation (4), kinks with opposite 
polarities move in opposite directions; hence, they may 
collide. 

If an ac driving force is applied to the system [e.g., 
y =yocos (wt) in (1)], it may compensate the loss 
and support the breather whose frequency cos y is in 
resonance with the driving frequency w. If y in (1) is 
a random function of time, and @ is small enough, the 
random force can split the breather into a free kink- 
antikink (kk) pair. 

In the general case, basic effects produced by per- 
turbations acting on two- or multi-soliton configura- 
tions may be classified as follows. Interaction between 
two solitons in the presence of conservative perturba- 
tions gives rise to emission of radiation, which appears 
at order ¢?, where ¢ is the strength of the perturba- 
tion. Adiabatic effects (those that neglect radiation) 
may be generated by conservative perturbations in a 
three-soliton system at order ¢, in the form of energy 
exchange between colliding solitons (this may also oc- 
cur in a two-soliton system if the conservative pertur- 
bation is not spatially uniform—for instance, if it is 
created by a local defect). In the case of dissipative 
perturbations, nontrivial effects are possible at order 
e for two solitons, typical examples being fusion of 
a kk pair into a breather or, inversely, breakup of a 
breather into a pair due to its collision with another 
kink. 

If the model is a perturbed version of an integrable 
one, multi-soliton processes similar to those outlined 
above can be investigated by means of perturbation 
theory (PT), a powerful version of which is based on a 
perturbed variant of IST (Kaup & Newell, 1978). As in 
the integrable case, the initial configuration is mapped 
into scattering data of the corresponding scattering 
problem, but the time evolution of the scattering data 
is no longer trivial, discrete eigenvalues being no more 


(4) 
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time-independent. Using a perturbative expansion, it 
is possible to derive ordinary differential equations 
(ODEs) for slow variations of the scattering data, which 
can be solved to obtain approximate solutions of the 
perturbed system. A comprehensive review of the IST- 
based PT for solitons in nearly integrable models was 
given by Kivshar & Malomed (1989). 

An alternative multi-soliton PT is based on 
using a Green function (GF) for the underlying 
equation linearized around the unperturbed multi- 
soliton solution (Keener & McLaughlin, 1977). If the 
zero-order approximation is integrable, this method 
is equivalent to the IST-based PT, as the GF can 
be constructed—by means of IST—around any exact 
multi-solution solution. Although this approach has 
the advantage of being directly formulated in terms 
of physical parameters (soliton speeds, collision 
delays, breather frequencies, etc.), rather than more 
abstract IST characteristics (bound-state eigenvalues 
and reflection coefficients), finding the GF can be 
computationally demanding. Methods based on the 
Backlund transformation may ease some of these 
difficulties (McLaughlin & Scott, 1978). 

The GF method often works for one-soliton prob- 
lems in non-integrable models, as a full set of eigen- 
modes can often be found for an equation linearized 
about a soliton even if the equation is not inte- 
grable. An example is the nonlinear Klein—Gordon 
equation 


bn — dxx —$+ 6° =0, (5) 


which describes ferroelectric phase transitions, among 
other applications. A comprehensive account of 
the GF method for kinks in non-integrable Klein— 
Gordon equations was given by Flesch & Trullinger 
(1987). 

Another version of PT is based on the variational 
approximation (VA), which only demands that the full 
perturbed equation be derivable from a Lagrangian 
(e.g., the system is conservative), and that a one- 
soliton solution be available in the absence of perturba- 
tions. The method applies to the description of mul- 
tisoliton effects in the adiabatic approximation, rep- 
resenting the wave field as a linear superposition of 
unperturbed solitons. Inserting this approximation into 
the model’s Lagrangian and integrating over the spa- 
tial coordinate, one arrives at an effective Lagrangian, 
which is a function of the solitons’ parameters (am- 
plitude, velocity, and central coordinate and phase) 
and their first derivatives in time. Application of the 
Euler-Lagrange variational procedure to the effective 
Lagrangian then generates a system of ODEs that gov- 
ern the evolution of the solitons’ parameters. Because 
the linear-superposition assumption underlying VA is 
not valid in the general case (when solitons strongly 
overlap in the course of the interaction), a VA is re- 
stricted to cases when the solitons interact staying 
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far apart or when they collide with a large relative 
velocity. 

An early review of results obtained for multisoliton 
interactions by means of a VA was given by Gorshkov 
and Ostrovsky (1981), and an up-to-date review, in- 
cluding the interaction problems, was given by 
Malomed (2002). There is also an intermediate version 
of PT, which is based on IST for one soliton, but treats 
the interaction between solitons, even in an integrable 
equation, as a perturbation, assuming that the solitons 
are far separated. By means of this technique, Karpman 
and Solov’ev (1981) analyzed the interaction between 
solitons in the NLS and SG equations. Their results for 
NLS solitons were later checked in a direct experiment 
with solitons in a nonlinear optical fiber. 

The approach based on the linear-superposition 
approximation for widely separated solitons makes 
it possible to calculate an effective potential of the 
interaction between solitons. To this end, one should 
isolate a part of the model’s potential energy which 
depends on the separation between the solitons. For 
instance, the potential energy corresponding to the 
unperturbed SG equation (1) is 


+00 
n= / [462 + (1 —cos¢)] dx. (6) 
—0o 

In the vicinity of the first kink, the field is approximated 
as oi (x — &;) + df (x — &2), where d¢p is a small tail 
of the second kink (both are taken with c= 0). Thus, 
in the lowest approximation, the contribution to the 
interaction potential from the vicinity of the first kink 
[which is, say, — 00 <x < © =(1/2) (€| + &2)] is 


= / ~ [Guy 62) + (in b1) dda] dx 


= [- EG@dax +sin b1] 542 dx + @1), 8621250, 
(7) 


using integration by parts. A key observation, which 
holds in much more general situations, is that the 
integral term in (7) identically vanishes, as (x) 
is an exact stationary solution of the SG equation; 
hence, all the contribution comes solely from the 
last term in (7). This yields the interaction potential, 
U =U, + U2 = 320102 exp (— |& — &2|). Noting that 
each kink is a quasi-particle with mass m= 8, this 
potential provides for full dynamical description of 
two- or multi-kink systems. 

The derivation of the interaction potential based 
on the same principles applies to several other 
cases, including two- and three-dimensional solitons 
(Malomed, 1998). In the case of NLS solitons, the 
interacting pair is characterized by distance and relative 
phase between them, a peculiarity being that an 
effective mass corresponding to the phase difference is 
negative, which strongly affects stability of two-soliton 
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Figure 1. The breather’s breakup into a kink-antikink pair as a 
result of the collision with another fast kink; shown is the field 
d/dx. Panels (a) and (b) pertain to the polarities o =— 1 and 
+ 1 of the fast kink. 


bound states induced by perturbations (Malomed, 
2002). 

The simplest nontrivial example of the two-soliton 
interaction is fusion of a kk pair as a result of 
collision. An analysis of this problem is outlined here 
for the case of small y and a in (1). Because the 
collision-induced energy loss responsible for fusion 
is proportional to the dissipation (w) and can be 
found to be AE = 8n2q, fusion occurs if the steady- 
state velocity given by (4) is small enough. This 
means that |y| <a@ whereupon Equation (4) yields 
co ~ony / (4a), the corresponding net kinetic energy 
of the pair being Exin = 8¢5. The collision results in 
pair annihilation if Exin < AE, or y < Yor = 43/2, 

As shown in Figure 1, the collision of a breather with 
a moving kink may produce another interesting result 
in the same model: the breather may be split into a kk 
pair. The final result takes a simple form if the kink is 
ultrarelavitic, that is, co is close to the limiting value 1: 
the breakup of the breather (3) into a kk pair is possible 
if (t/2) —w <2.91/a. 

Some special types of conservative perturbations 
may greatly alter the dynamics. For instance, if 
the perturbation in the SG equation is ¢ sin (@ / 2) 
(double SG equation), free 2n-kinks do not exist; 
instead, their pairs form bound states (4n-kinks), 
Pan = 4tan7! (Vv Je] /2 sinh x). It is possible to excite 
vibrations of this bound state, the eigenfrequency of 
which is ./Jé], as predicted by PT. 

A typical example of two-soliton interactions 
generating radiation loss is the collision of two kinks 
(which may have both opposite and equal polarities) 
with a relative velocity c, the perturbing term in the SG 
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equation being ¢ sin (2¢). In the ultra-relativistic case, 
it can be shown directly that the radiation loss appears 
at order ¢? and is the same for the kk and kk pairs. 
If the relative velocity of the collision is small, the kk 
pair may annihilate into a breather through the radiation 
loss, which takes place if c < Cor © 2.22 |e|. 
Numerical simulations of kk collisions in non- 
integrable models, including Equation (5), reveal 
an interesting effect. There is a (probably infinite) 
set of critical relative velocities c®, n= O21 9%. .4; 


such that the annihilation takes place in intervals 


O0<c <cO), cD <c <2, ce <c <c, ..., While 


, ahs : 0 1 
in transmission windows between them, co <c< c&, 


2 <c< 2), ..., the collision is quasi-elastic. 

An explanation for this effect is that the kink has an 
eigenmode of its internal oscillations, and the dominant 
collision-induced energy loss is caused not by the 
emission of radiation but by excitation of the internal 
mode. An ODE model of a variational type makes 
it possible to explain the alternating annihilation and 
transmission windows as a result of resonant transfer of 
kinetic energy of the colliding kinks into their internal 
modes and back (Campbell et al., 1986). 
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MUSHROOMS 


See Fairy rings of mushrooms 


MUTUAL ENTRAINMENT 


See Coupled oscillators 


MYELINATED NERVES 

While smooth nerve fibers are common to invertebrates, 
for example, the giant axon of the squid (Hodgkin 
& Huxley, 1952), myelinated nerve fibers are widely 
found in vertebrates. A myelinated fiber is mainly 
composed of amembrane—interfacing the intracellular 
space and the extracellular one—surrounded by a 
myelin sheath which acts as an insulator (Waxman et 
al., 1995; Koch, 1998; Scott, 2002). This sheath, formed 
of Schwann cells, is periodically absent in gaps called 
nodes of Ranvier, making a nerve fiber a discrete and 
periodic structure, as illustrated in Figure 1. Therefore, 
ion currents through the membrane can only occur 
at the nodes of Ranvier, which implies a “saltatory” 
conduction, under which the wave of activity leaps from 
one node to the next. 

One of the main constraints of neural processing 
is to develop robust and high-speed traveling waves. 
Compared with smooth fibers, myelinated structures 
allow an increased velocity of nerve impulses, while 
decreasing the diameter of the nerve fiber. Thus, the 
motor nerves of vertebrates may comprise several 
hundred individual saltatory fibers. For instance, the 
information transfer rate (bits/s) in a rabbit’s sciatic 
nerve is about 1500 times greater than in a squid 
axon of the same diameter. In the context of biological 
evolution, it is interesting to know the link between 
internode spacing and impulse velocity, and whether 
this link is optimized in terms of speed and robustness. 
To this end, a mathematical model can provide some 
answers. 

A single myelinated nerve can be modeled from 
Kirchhoff’s law analysis by the system of difference- 
differential equations 


Van es Vat = RIn, 
dV, 
dt 


In these equations, the index n indicates successive 
active nodes, each of which is characterized by 
a transverse (inside to outside) voltage across the 
membrane (V,). A second dynamic variable is the 
current (/,) flowing longitudinally through the fiber 
from node n to node n + 1. Also, R is the sum of the 
inside and outside resistances between two nodes and 
is inversely proportional to the internode spacing s, and 
C is the membrane capacitance of a node. 

To study the velocity of an impulse, it is sufficient 
to focus on its leading edge. Thus, we assume that 





Ih-1 —In = C + Tion,n- qd) 
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Figure 1. Sketch of a myelinated nerve fiber. 


the sodium ion (Nat) current begins without delay, 
and the potassium (Kt) permeability remains equal 
to its resting value. In this case, the expression of 
the ion currents developed by Alan Hodgkin and 
Andrew Huxley (See Hodgkin—Huxley equations) can 
be reduced to the simple and yet physically reasonable 
expression: 





Tion,n = INa.n = ( 


x Vin (Vn — 


G ) 
Vi(Vb Va) 
Va) (Vn Vb), (2) 


where V, is a threshold potential, Vj, is the Nernst 
potential, and G is the total ionic conductance near Vp. 

The parameters of this model can be related to 
experimental measurements on a real myelinated 
nerve fiber (Binczak et al., 2001). From studies 
on frogs’ motor nerves with a diameter of 14 um, 
R=28MQ, C =3.7+ IpF, G=0.57 iS, Va ~ 25 mV, 
and V)=122mV, while the distance between nodes 
equals 2 mm. 

In order to study the influence of the internode 
spacing s on the impulse velocity, s and therefore R 
become variable. A discreteness parameter D can be 
defined by setting Rp = 28 MQ, as 











2mm _ Re 
sR 
so that D=1 implies the discreteness of a standard 


frog nerve. Using dimensionless voltage variables vy = 
V,/ Vp and a = V,/ Vp, the dynamic equation becomes 


D= 





: (3) 


D(Un+1 — 2Un + Un—-1) 


dun R 
Ree pS a alte De 
dt l-a 











Equation (4) has been used to compute the wave front 
velocity, which is plotted against D in Figure 2. 

If the internodal spacing is small enough, that is, 
D> 1, the relative change in voltage between nodes 
satisfies the inequality |(Uj4+1 — Un)/Un|<«1 and the 
voltages and currents are smooth functions of distance. 
Letting ns — x in this continuum limit, the system can 
be described by the partial differential equation 





2,9 2y dv RrG 
s°D = 
ax? ar odl-a 
which is the Zeldovich-Frank-Kamenetsky (ZF) 
equation. Initially formulated as a model for flame front 


v(v—a)(v—1), (5) 
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Figure 2. Leading edge impulse velocity on a myelinated axon 
as a function of the discreteness parameter D. The dot-dashed 
line indicates the continuum limit of Equation (6). The dashed 
line indicates the saltatory limit in Equation (8). Crosses 
indicates numerical results. 


propagation, this equation is extensively used to study 
simple unmyelinated nerve models. 

In the continuum limit, the wave speed wu tends 
toward ue (Zeldovich & Frank-Kamenetsky, 1938), 


where 
1—2a G 
w=s(s5=5) V RC" ® 


corresponds to the dot-dashed line in Figure 2. As 
illustrated in this figure, the continuum approximation 
holds for D > 5. 

Propagation failure (Keener, 1987) occurs when the 
distance between the active nodes becomes too large, 
that is, when D is above acritical value D*. This critical 
value of the discreteness parameter is given to lowest 
order in a as (Erneux & Nicolis, 1993) 


Pee R¢Ga2 
4(1—a)" 
For D slightly larger than D*, the impulse velocity 
u — Us, where 





(7) 


(8) 





which 
Figure 2. 


corresponds to the dashed line in 


603 


When D = 1, the impulse velocity of a normal frog 
nerve has been calculated to be equal to 29 m/s, which 
matches the experimental results (Tasaki, 1982). The 
large dot in Figure 2 shows that the velocity is close 
to the maximum possible value, suggesting an optimal 
evolutionary design. 

Failure of an impulse is expected to occur at an 
internode spacing of 1 cm, corresponding to D=0.2, 
whereas the normal nerve is designed for D=1, 
corresponding to a spacing of 2 mm. Thus, the process 
of evolution has provided a comfortable safety margin 
against accidental failure on the frog’s motor nerve. 

Because the impulse velocity reaches its maximum 
value near D = 1, we have an explanation for the fact 
that the conduction velocity of a frog’s myelinated 
motor nerve is insensitive to the internode spacing. 
From an engineering perspective, operating in this 
region of parameter space makes the system robust. 
These observations are extendable to other myelinated 
fibers (Scott, 2002). 

Finally, it should be noted that the transmission of 
an individual impulse expends much more energy on 
a smooth fiber, suggesting an additional reason that 
myelinated nerve fibers may have played an important 
role in the course of biological evolution. 

STEPHANE BINCZAK 


See also Biological evolution; Nerve impulses; 
Zeldovich-Frank-Kamenetsky equation 
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NATURAL MEASURE 


See Measures 


NAVIER-STOKES EQUATION 

In 1822, the French engineer Claude Navier derived 
the Navier-Stokes equation, as an extension of 
Euler’s equation to include viscosity. Navier was 
initially interested in blood flow, and he used a 
molecular approach to arrive at the viscous terms. 
Navier’s equations were generalized to a compressible 
fluid by Poisson (1829), and one can find fully 
continuous derivations by De Saint-Venant (1843). A 
comprehensive treatment was given by George Stokes 
in 1845, who independently arrived at the results of 
Poisson and Saint-Venant using a continuous model. 
Stokes used the common assumption of linear relations 
between stress and strain rate and discovered ‘Stokes’ 
law” for the terminal velocity of objects descending 
in fluids, which he deduced from experiments with 
slowing pendulums in viscous media. 

The Navier-Stokes equation derives from a gen- 
eral equation for the conservation of momentum, bal- 
ancing forces per unit volume on both sides. It is 
given by 


ed Vv vu+ivy (1) 
= p+ v+- “vd, 
a eve t He 7 





p 


where v(r,t) is the velocity vector in a cartesian 
coordinate system, p(r,t) is the density, g is the 
acceleration due to external forces (for example, 
gravitational, magnetic, electro-static forces), p(r, t) 
the pressure, and jz the viscosity coefficient. The 
material derivative is given by 


Oo Vv 
ap v- v, 


where the first and second terms are the local time 
derivative of the quantity v(r, f) with spatial coordinates 
fixed, and the convective (or advective) term accounting 
for the change of the quantity v(r,t) at r due to 
the observer following the motion of the fluid with 


dv 


a= (2) 
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velocity v. Both terms together are called the material 
derivative or convective derivative and are usually 
denoted by d/dr. 

In an inertial coordinate system, the acceleration g 
originates solely from the gravitational potential of the 
Earth. Assuming a homogeneous mass at the center 
of the Earth, the acceleration g in Equation (1) is 
given by g = gk, where k is the local vertical direction, 
pointing to the center of gravity of the earth and g is 
the gravitational acceleration (982.1 cm se), which 
is assumed constant in the first approximation. In a 
rotating coordinate system, the acceleration g consists 
of the centrifugal force and Coriolis force in addition 
to the gravitational acceleration, see Lamb (1906). 
Also, for large-scale processes, it is often necessary to 
account for tidal forces of the moon and sun. The term 
— Vp is the force per unit volume due to a pressure 
gradient of the scalar pressure field p(r,t) acting 
on an infinitesimal volume of fluid with infinitesimal 
mass. 

The last two terms of Equation (1) 


ane) 

Vu+=vVV-v], 
p 3 

are the frictional terms which derive from a shear stress 
tensor for a Newtonian viscous fluid with constant 
viscosity coefficients. A fluid is called Newtonian if 
there is a linear relation between stress and rate of strain 
assuming isotropy, which is true for the most common 
conditions. Non-Newtonian fluids have more complex 
molecular structure or are mixtures of fluids. 

The frictional term V2v=VV - v—V x (V x v) 
contains effects due to compression and rotation. If the 
fluid is incompressible then the divergence terms are 
missing from Equations (1) and (3), since V - v=0. 
Often the coefficient of kinematic viscosity v = y1/p is 
used instead of the viscosity jz. The viscosity of the 
fluid depends on temperature, and a table for typical 
values of viscosity 2, kinematic viscosity v, and density 
p is shown in Table | for typical temperatures. If the 
temperature across the medium is not uniform then a 


variable viscosity may have to be accounted for (see 
Batchelor, 1970). 


us (3) 
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NAVIER-STOKES EQUATION 








T CC) Air p (gem7?) (gem! sl) v (cm2 sv!) Water p (gcm7>) (gem! sl) v (cm? sv!) 

0 1.293 x 1073 1.71 x 1074 0.132 0.999 1.787 x 1072 1.787 x 1072 
10 1.247 x 1073 1.76 x 1074 0.141 0.999 1.304 x 1072 1.304 x 107? 
20 1.205 x 1073 1.81 x 1074 0.150 0.998 1.002 x 1072 1.004 x 1072 





Table 1. Density p, viscosity jz and kinematic viscosity v of air and water. 


For an ideal (perfect) fluid without internal shear 
stress, the momentum equation reduces to Euler’s 
equation of motion for 44 = 0. Note that if the flow is 
irrotational (V x v = 0) and incompressible (V-v = 0), it 
essentially behaves as if it is inviscid (44 = 0), because of 
the incompressibility condition do/dt = — pV-v=0. 
(Note that a fluid may be incompressible yet p may not 
be constant.) 

The system of Equations (1) comprises three 
momentum equations, together with an additional 
equation for mass conservation; a thermodynamic 
equation of state; a relation of pressure, density, and 
either temperature or entropy; and an energy equation 
for the additional thermodynamic variable (temperature 
or entropy). These provide six scalar equations for 
the determination of the six independent variables, 
velocity v, density p, pressure p, and temperature or 
entropy as functions of space x and time ¢. If the 
fluid is incompressible, the equation of state becomes 
obsolete and only four equations are needed, the three 
momentum equations and the equation for conservation 
of mass. 


Numerical Problems 


As with most complicated nonlinear partial differential 
equations, the Navier-Stokes equation is solved 
numerically to model a specific fluid flow that is of 
interest experimentally and theoretically. Because there 
are many different ways to write the Navier-Stokes 
equation, the first numerical difficulty is to pick the 
formulation most suitable to the numerical technique 
that one wishes to employ and the dimensions of the 
model. One distinguishes between two-dimensional 
and three-dimensional models. For two-dimensional 
incompressible Navier-Stokes equation, for example, 
there are four different kinds of formulations: the 
primitive-variable (velocity and pressure), stream 
function-vorticity, stream function, and velocity- 
vorticity formulation. 

It is important to distinguish between the real 
dissipation (uw # 0), given by the last term of Equation 
(1) and numerical dissipation, which is introduced by an 
accumulative error due to the limited order of accuracy 
of any numerical model. As the numerical dissipation 
of a good model is often negligible, it is sometimes 
appropriate to introduce an artificial viscosity that acts 


to damp growing high wave number modes, which can 
lead to numerical instability. 

Euler’s equation conserves linear and angular 
momentum and energy, so it is necessary to verify 
that the numerical model conserves these conserved 
quantities and preserves symmetry. In cases where it is 
not possible to satisfy all these requirements, properties 
that are most essential to the physical problem are given 
priority. In order to satisfy such conserved quantities, 
it is important that the numerical scheme treats the 
nonlinear convective term 


v- Vo (4) 


in a conservative manner, where ¢ represents the scalar 
quantity that is convected and could be one of the 
three velocity components u, v, w or density p in the 
conservation of mass. Expression (4) is known as the 
convection form and is nonconservative numerically, 
since fluxes across mesh boundaries do not cancel. 
The convection form thus represents a major flaw of 
every numerical scheme. The most commonly used 
corresponding conservative formulation is 


V - (vd), (5) 


which is also known as the divergence form. Recently 
it was shown that the skewsymmetric form 


30-Vb+4V- (vd) 


has advantages, because it reduces aliasing errors (see 
below) for yet unknown reasons and is preferable to the 
popular rotational form 


(V xv) xv. 


It is important to note that although both equations 
(4) and (5) are formally equivalent, they are not in 
a corresponding numerical scheme and care must be 
taken to avoid this common pitfall when modeling 
equations that contain convective terms such as the 
Navier-Stokes equation or the equation for mass 
conservation (see Hirsch, 2000). 

Nonlinear terms such as v-Vv also generate 
aliasing errors. These are high-frequency wave number 
modes appearing or being “aliased” as low-frequency 
modes that deteriorate the wave number spectrum and 
eventually lead to numerical blow-up. 

Because a numerical model of the Navier-Stokes 
equation is coupled spatially and temporally, it is 
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helpful to approximate the spatiotemporal scales of the 
dynamics. One should determine whether the spatial 
and temporal scales are equal to, smaller, or larger 
than each other. If, for example, the temporal scale 
is larger than the spatial scale, it is sufficient to use 
low order integration in time such as finite-difference 
methods, and if smaller or equal, then higher-order 
temporal integration such as spectral methods becomes 
necessary. In a temporally extensive computation, it 
is sometimes possible to revert to finite differences, 
choosing a relatively small time-step. 

Especially difficult numerical problems arise when 
it is necessary to invert nondiagonal, nonsparse, 
nontrivial matrices, for example, in implicit time 
integrations or inverting the Laplacian. In such 
cases iterative techniques using preconditioning and 
multi-grid methods have been successfully employed. 
Complications arising from specifying the correct 
boundary conditions to use along boundaries of the 
physical domain should also be mentioned. 

Although the Navier-Stokes equation is a very good 
model for a real fluid, it is important to have an 
understanding of the process or phenomenon that one 
wishes to model as well as a sound knowledge of the 
applicability of the numerical methods that one wishes 
to employ to be able to faithfully represent the physical 
dynamics of the fluid. 


Phenomena 


A salient feature of the Navier-Stokes equation is the 
phenomenon of turbulence. Due to viscous effects the 
flow of a real fluid can be observed in two very different 
states: a laminar state and a turbulent state. 

Turbulence induces a cascade to fine scales that 
are eventually dissipated. It is important in many 
engineering applications, as a loss of energy means 
increased costs and can possibly cause damage to the 
structural body that comes in contact with the fluid or 
which moves through the fluid (e.g., optimization of 
airfoils, loss of lift force due to turbulence and boundary 
layer separation). 

Closely related to the phenomenon of turbulence is 
boundary layer theory and boundary layer separation. 
Fluid flowing past a surface at rest relative to the fluid 
will experience friction at the surface of the material, 
and for the velocity field to be continuous, it is required 
that the normal as well as tangential fluid velocity 
vanish at the material surface (v = 0). For an idealized 
fluid (44 = 0), only the normal velocity has to vanish. 

It was the problem of matching the vanishing 
flow at the surface boundary to some nonzero fluid 
flow away from the boundary that led Prandtl (1905) 
to introduce the concept of boundary layer, which 
is a small “inner” fluid layer close to the surface 
where viscous effects dominate the flow. This inner 
layer is joined to an “outer’ layer, where the 
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fluid can be considered inviscid. The concept of 
boundary layer has led to great progress in fluid 
mechanics and perturbation methods, where matched 
asymptotic expansions feature prominently, but a 
complete understanding of boundary layer separation 
and its connection to turbulence is still missing. 

A useful concept is vorticity, which can be regarded 
as a beautiful generalization of fluid motion. Formally 
vorticity is defined as 


w=Vx0, 


which simplifies to twice the angular velocity for solid 
body rotation. A fluid is called irrotational if its vorticity 
is zero and rotational if it is not. Taking the curl of 
Euler’s equation (4 =0) for an incompressible fluid 
in the absence of baroclinicity (and after some vector 
algebra) leads to the vorticity equation 


dw 

—-a-Vv=0. 

dt 
Vortex lines and vortex strength are conserved, vortex 
lines move with the fluid, and an initially irrotational 
flow remains irrotational. Associated to vortices and 
turbulence is the, still not understood, phenomenon of 
vortex breakdown (Benjamin, 1978). 

Among wave phenomena, the most striking is 
definitely the solitary wave, which appears as a 
nonlinear wave in a fluid internally as well as at 
fluid surfaces or interfaces. For free-surface wave 
phenomena, see Johnson (1997) and the references 
therein, and for a colorful overview, see Lighthill 
(1978). A beautiful picture gallery of fluid phenomena 
can be found in Van Dyke (1982). Other phenomena that 
can only be listed here include cavitation and thermal 
convection (Rayleigh-Bénard convection), sub- and 
supersonic flow, shock waves as well as most 
instability mechanisms and phenomena (Rayleigh— 
Taylor instability, Kelvin-Helmholtz instability, baro- 
tropic and baroclinic instability). 

Anpbreas A. AIGNER 
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Hydrothermal waves; Kelvin-Helmholtz instabil- 
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N-BODY PROBLEM 

The Newtonian N-body problem of celestial mechanics 
is a mathematical generalization of the solar system. 
In the Euclidean space IR?, consider N points of 
masses m; > 0,i=1,..., N, which attract each other 
by a force directly proportional to the product of the 
masses and inversely proportional to the square of the 
distance. The equations of motion are given by the 
6N-dimensional system of differential equations 


i =M"'p, 


1 
b= GU), ’ 


where the upper dot represents differentiation with 
respect to the time variable; g=(qi,...,qn) is 
the configuration of the particle system, with 
= (qj. q. q?); giving the coordinates of the point 
of mass m;, p= Mq is the momentum, where M is 
a 3N-dimensional square matrix having on the diag- 
onal the elements m,,m,,m,,...,mN,mNn, my and 
zeros in rest; G is the gravitational constant; and 
U@) = dYi<i <j<N geal is the potential function, 
— U(q) representing the potential energy. Standard re- 
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Figure 1. The Eulerian solutions of the three-body problem. 


sults of the theory of differential equations ensure the 
existence and uniqueness of an analytic solution for 
any initial value problem as long as the initial data do 
not belong to the collision set A= U; <i<j<N Ajj, 
where Ajj = {q € RY gi =q)}- 

Isaac Newton formulated this problem in his master 
work Principia, but Leonhard Euler was the first to 
write the equations as we know them today. The case 
N =2, also called the Kepler problem, is completely 
solved (see Albouy (2002) for a recent discussion of 
some early solutions). The relative motion of one body 
with respect to the other is planar and, depending on the 
initial conditions, can be a circle, an ellipse, a parabola, 
a branch of a hyperbola, or a line, in which case a 
collision takes place in the future or in the past. Kepler’s 
laws (See Celestial mechanics) can be recovered from 
Equation (1). 

For N>3, very little is known about the N- 
body problem in spite of thousands of research 
papers written over more than three centuries. The 
case N =3 was the most studied since many of the 
results obtained could be generalized to any larger 
N. The first attempts to understand the three-body 
problem were quantitative, aiming at finding explicit 
solutions. In 1767, Euler found the collinear periodic 
orbits, in which three bodies of any masses move 
such that they oscillate along a rotating line (Euler, 
1767, Figure 1) and in 1772, Joseph-Louis Lagrange 
discovered some periodic solutions that lie at the 
vertices of a rotating equilateral triangle that shrinks and 
expands periodically (Lagrange, 1772, Figure 2). Those 
solutions led to the study of central configurations, for 
which q” =kgq for some constant k > 0. Each central 
configuration provides a class of periodic orbits. 

Another idea was to reduce the order of the 
system with the help of first integrals. Ten linearly 
independent integrals are known: three for the center 
of mass, three for the momentum, three for the angular 
momentum, and one for the energy (see Wintner, 
1947). Together with a certain symmetry, these integrals 
allow the reduction of the three-body problem from 
dimension 18 to 7. But unfortunately the dimension 
of the problem cannot be further reduced. In 1887, 
Heinrich Bruns proved that there exist no more linearly 
independent integrals, algebraic with respect to q, p 
and ¢ (Bruns, 1887), thus showing the limitations of 
the quantitative methods. This led Henri Poincaré to 
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Figure 2. The Lagrangian solutions of the three-body problem. 


attempt a qualitative approach. His first prolific ideas 
appeared in a memoir published in 1890 (Poincaré, 
1890), for which he was awarded the King Oscar Prize 
(see Barrow-Green, 1997; Diacu & Holmes, 1996). 
There he laid the foundations of several branches 
of mathematics, including dynamical systems, chaos, 
KAM theory, and algebraic topology. 

Poincaré aimed to understand the geometry of the 
phase space and the relative behavior of orbits and, thus, 
to answer questions regarding stability, asymptotic 
motion at infinity, existence of periodic orbits, etc. An 
important problem in this direction was that of singular 
solutions, that is, those that tend to the collision set A. It 
took mathematicians almost a century to prove that for 
N >5, there exist singular solutions that do not end in 
collisions but in pseudocollisions, which are orbits that 
become unbounded in finite time (see Diacu & Holmes, 
1996). For N = 4, the problem is still open. 

Recently, a lot of interest has been in finding 
choreographies, that is, periodic orbits for which all the 
bodies move on the same closed curve. For more than 
two centuries the only known example was the class of 
Lagrangian solutions in the particular case that all the 
masses are equal and the ellipses are circles. With the 
help of variational methods, in 2000, a spectacular new 
class was proved to exist: three bodies of equal mass 
chase each other along a curve resembling the figure 
eight (Chenciner & Montgomery, 2000; Montgomery, 
2001, Figure 3). There is numerical evidence that this 
periodic orbit is KAM stable, that is, the solutions 
through most initial conditions in some sufficiently 
small neighborhood of the orbit stay close to it for all 
time, while the other solutions leave the neighborhood 
very slowly. Unfortunately, the stability region seems 
to be very small. Numerical experiments suggest that 
the probability of finding an eight in the universe 
is somewhere between one per galaxy and one per 
universe. Hundreds of other choreographies have been 
numerically put into the evidence. 

Still far from fully understood are the questions 
regarding various restricted three-body problems. In the 





Figure 3. The figure eight solution of the 3-body problem. 


elliptic one, for example, it is asked to determine the 
motion of one body, assumed to have zero mass, while 
the other two move on ellipses as in the Kepler problem 
with negative energy. 

Numerical methods are also of help for getting in- 
sight into the problem. But due to the apparently chaotic 
character of the motion, they must be implemented 
with care. Recently, much progress has been made 
in successfully applying scientific computation to 
various aspects of the general and restricted three-body 
problem. 

Many of the ideas of the classical N-body problem 
can be adapted to related problems for understanding 
the motion of particle systems given by other poten- 
tials, like those of Manev and Schwarzschild (also used 
in celestial mechanics), Coulomb (atomic and molec- 
ular theories), and Lennard-Jones (crystal formation). 
Based on the Coulomb potential, Niels Bohr’s model 
of the hydrogen atom led to the development of quan- 
tum mechanics. Several other branches of science have 
profited from the study of the N-body problem. 

FLorin Diacu 


See also Celestial mechanics; Poincaré theorems; 
Solar system 
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NEEL DOMAIN WALL 


See Domain walls 


NEGATIVE RESISTANCE AND 
CONDUCTANCE 


See Diodes 


NEPHRON DYNAMICS 


The kidneys play an important role in regulating the 
blood pressure and maintaining a proper environment 
for the cells of the body. The mammalian kidney 
contains a large number of functional units, the 
nephrons. For a human kidney the number of nephrons 
is of the order of 1 million, and for a rat kidney the 
number is approximately 30,000. The nephrons are 
organized in a parallel structure such that the individual 
nephron only processes a very small fraction of the total 
blood flow to the kidney. To distribute the blood that 
enters through the renal artery, the kidney makes use 
of a network of arteries and arterioles. Closest to the 
nephron, we have the afferent arteriole that leads the 
blood to the capillary network in the glomerulus where 
water, salts, and small molecules are filtered from the 
blood and into the tubular system of the nephron. On 
the other side of the glomerulus, the efferent arteriole 
leads the blood to another capillary system that receives 
the water and salts reabsorbed by the tubules. 

Figure | provides a sketch of the main structural 
components of the nephron. Note how the terminal part 
of the loop of Henle passes within cellular distances of 
the afferent arteriole. As described below, this anatom- 
ical feature allows for a special feedback regulation. 


Proximal tubule 


Afferent 
| arteriole 


/ 






Efferent 
arteriole 


Loop of Henle : 


Collecting duct 





Urine 


Figure 1. Sketch of the main structural components of the 
nephron. 


NEPHRON DYNAMICS 


In order to protect its function in the face of a varying 
blood pressure, the individual nephron disposes of a 
number of mechanisms to control the incoming blood 
flow. Most important is the tubuloglomerular feedback 
(TGF) mechanism that regulates the diameter of the 
afferent arteriole in response to variations in the NaCl 
concentration in the fluid that leaves the loop of Henle 
via the distal tubule. If the salt concentration in this 
fluid becomes too high, specialized cells (macula densa 
cells) near the terminal part of the loop of Henle elicit 
a signal that causes the smooth muscle cells at the 
downstream end of the afferent arteriole to contract. 
Hence, the incoming blood flow is reduced, and so is 
the glomerular filtration rate. 

The TGF mechanism represents a negative feedback. 
However, by virtue of a delayed action associated 
with a finite transit time through the loop of Henle, 
the flow regulation tends to become unstable and 
produce self-sustained oscillations with a period of 
30-40. While for rats with normal blood pressure, 
these oscillations have the appearance of a regular limit 
cycle with a sharply peaked power spectrum, highly 
irregular oscillations, displaying a broadband spectral 
distribution with strong subharmonic components are 
observed for spontaneously hypertensive rats. In a 
particular experiment, clear evidence of a period- 
doubling of the pressure oscillations has been found, 
indicating that the nephronic control system is 
operating close to a transition to chaos. 

Figure 2 displays examples of the tubular pressure 
oscillations observed for normotensive rats (a) and for 
spontaneously hypertensive rats (b), respectively. The 
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Figure 2. Regular (a) and irregular (b) tubular pressure oscilla- 
tions from a normotensive and a spontaneously hypertensive rat, 
respectively. 


NEPHRON DYNAMICS 


pressure oscillations can be observed by means of a 
glass pipette inserted into the proximal tubule of a 
nephron at the surface of the kidney. 

The processes involved in the nephron autoregu- 
lation are known in considerable detail. Besides the 
filtration of water and salts in the glomerulus, these 
processes include the passive (osmotic) and active (en- 
zymatically controlled) processes by which water and 
salts are reabsorbed along the loop of Henle, the enzy- 
matic processes through which the smooth muscle cells 
in the arteriolar wall are activated by the macula densa 
signal, and the dynamic response of the arteriolar wall 
to external stimulation. 

The steady-state response of the TGF mechanism 
can be obtained from open-loop experiments in which 
a block of paraffin is inserted into the middle of 
the proximal tubule and the glomerular filtration rate 
is measured as a function of an externally forced 
flow of artificial tubular fluid into the loop of Henle. 
Reflecting physiological constraints on the diameter 
of the arteriole, this response follows an S-shaped 
characteristic with a maximum at low Henle flows anda 
lower saturation level at externally forced flows beyond 
20—25 nl/min. 

Together with the delay in the TGF regulation, the 
steepness of the response plays an essential role for 
the stability of the feedback system. The length of the 
delay can be estimated from the phase shift between 
the pressure oscillations in the proximal tubule and 
the oscillations of the NaCl concentration in the distal 
tubule. A typical value is 10-15 s. In addition, there is 
a transit time of 3-5 s for the signal from the macula 
densa cells to reach the smooth muscle cells in the 
arteriolar wall. The result is a total delay of 14-18 s. The 
steepness a of the steady state response curve is found to 
be significantly higher for spontaneously hypertensive 
rats than for normal rats. 

By integrating the different physiological processes 
into a coherent, nonlinear dynamic model, it has been 
possible to show how these processes together produce 
the observed behavior, that is, the emergence of self- 
sustained oscillations as the slope of the response 
characteristic exceeds a = 11 and the transition to chaos 
via sets of overlapping period-doubling cascades as the 
feedback slope exceeds a = 20. 

Figure 3 shows a two-dimensional bifurcation 
diagram for the single-nephron model. The dashed 
curve is a Hopf bifurcation curve. Period-doubling and 
saddle-node bifurcations are indicated as fully drawn 
and dotted curves, respectively. As before, T is the total 
delay in the TGF regulation, and q@ is the (maximal) 
slope of the open-loop feedback characteristic. 

The single-nephron model can also be used to 
simulate the response to an external perturbation, for 
instance, the infusion of artificial tubular fluid into 
the loop of Henle or the administration of a drug 
to the rat. This last possibility is rapidly gaining in 
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Figure 3. Two-dimensional bifurcation diagram for the sin- 
gle-nephron model. The diagram illustrates the complicated bi- 
furcation structure in the region of 1:1, 1:2, and 1:3 resonances 
between the arteriolar dynamics and the TGF-mediated oscilla- 
tions. In the physiologically interesting regime around T = 16s, 
another set of complicated period-doubling and saddle-node bi- 
furcations occur. Here, the nephron is operating close to a 1:4 
(or 1:5) resonance. 
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Figure 4. Example of chaotic phase synchronization for a pair 
of adjacent nephrons in a hypertensive rat. 


significance as the application of simulation models in 
the development of new drugs becomes more and more 
important. 

A variety of cooperative phenomena that can 
arise from interactions among the nephrons may 
also be significant. The functional units are typically 
arranged in couples or triplets with their afferent 
arterioles branching off from a common interlobular 
artery. This structure allows neighboring nephrons to 
interact via signals that propagate along the arteriolar 
system. As experiments show, this interaction can 
lead to various forms of synchronization among 
the nephrons, including in-phase and antiphase 
synchronization for regularly oscillating nephrons, 
and chaotic phase synchronization for nephrons with 
irregular oscillations. By modeling these coupling 
phenomena in detail, one may be able to predict 
the typical size of the synchronization domains and 
to examine the role that synchronization among the 
nephrons plays in the overall regulation of the kidney. 

Figure 4 shows an example of the tubular pressure 
oscillations observed for two adjacent nephrons in 
a hypertensive rat. The transition to synchronization 
can be observed as a locking of the average periods 
of the two signals in a 1:1 relation to one another. 
Alternatively, one can define and follow the temporal 
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variation of the instantaneous phases for the two 
signals. 

E. MosekILbE, N.-H. HotsTeIN-RATHLOU, AND 

O. SOSNOVTSEVA 


See also Coupled oscillators 
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NERVE IMPULSES 


The scientific study of nerve impulses goes back to 
1791, when Luigi Galvani reported that a frog’s leg 
muscle twitches if the attached nerve is stimulated 
with a bimetallic contact (Brazier, 1961). This 
discovery was soon followed by Alessandro Volta’s 
invention of the battery, which launched the science of 
electrophysiology and raised the question: Does animal 
electricity differ from chemical electricity? 

Among attempts to answer this question was a key 
experimental study by young Hermann Helmholtz, who 
cleverly measured the speed of signal propagation on a 
frog’s sciatic nerve (Helmoltz, 1850). In making this 
measurement, he ignored the advice of his father, a 
philosopher, who believed that muscular motion was 
identical to its motivation; thus, any time delay between 
thinking and doing was theoretically impossible. To the 
contrary, Helmholtz found a velocity of about 27 m/s, 
which is much less than the speed at which an electrical 
signals propagate along conducting wires. Although 
an outstanding theoretical physicist, Helmholtz was 
unable to understand why a nerve impulse should 
move so slowly. Was it the mechanical motion of 
some molecular substance that he had observed? 
Interestingly, nonlinear diffusion was suggested as an 
answer to this puzzle by Robert Luther at the beginning 
of the 20th century (Luther, 1906). 

Among the wonders of electronics that appeared 
in the 20th century was the cathode-ray oscilloscope 
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Figure 1. Time course of the transmembrane voltage and 
membrane permeability of an impulse on a squid nerve. 
(Courtesy of Kenneth Cole.) 


(CRO), which Kenneth Cole used to take the first photo- 
graph of a nerve impulse on the giant axon of the squid 
(see Figure 1) (Cole & Curtis, 1938). Time increases 
to the right as indicated in milliseconds by the marks 
on the lower margin, showing that horizontal CRO de- 
flections were not yet uniform in the late 1930s. The 
solid line is the transmembrane voltage (V), which rises 
rapidly from a resting level, hesitates at a peak level of 
about 100 mV, and then falls back more slowly. The 
width of the band indicates the membrane permeabil- 
ity (or conductivity), which evidently increases greatly 
during passage of the nerve impulse. 

Progress toward explaining these phenomena came 
soon after the Second World War, taking advantage 
of the significant advances in electronics during those 
years. In 1952, Alan Hodgkin and Andrew Huxley 
presented a series of papers on the squid giant axon, 
which culminated in a formulation of nerve impulse 
dynamics based on an empirically determined reaction- 
diffusion system, from which all details of Figure 1 
were computed (Hodgkin & Huxley, 1952). In this 
Hodgkin—Huxley (HH) model, the initial rise of trans- 
membrane voltage is caused by an inrush of positively 
charged sodium ions, and the maximum voltage is at- 
tained when the inward diffusion of sodium ions is 
balanced by outward conduction current through the 
membrane. On a longer time scale, positively charged 
potassium ions flow out of the nerve, bringing the trans- 
membrane voltage back to its resting value, whereupon 
it is ready to conduct another impulse. Thus, the means 
by which squid nerves carry signals are explained by 
the nonlinear reaction-diffusion system 

av av ; : 

ox2 ap Pion (1) 
where r is the series resistance per unit length of the 
axon core, c is the capacitance per unit length, and jion 
is a rather complicated expression for the transmem- 
brane ionic current per unit length. 
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Figure 2. A squid giant axon and the sciatic nerve of a rabbit, 
to the same scale. (Data from Young, 1951). 


In thinking about the HH formulation, it is important 
to be aware that a squid nerve differs from the sciatic 
nerve of the frog, which Galvani and Helmholtz studied. 
A sciatic nerve is actually a bundle of smaller fibers, 
whereas the squid nerve is a single “giant” axon. The 
squid nerve is uniform along the propagation direction; 
thus, the HH system is based on the partial differential 
equation system of Equation (1). The individual fibers 
of a sciatic nerve, on the other hand, are covered 
with an insulating layer (myelin) except at rather 
widely spaced active nodes (nodes of Ranvier). Thus, 
impulse propagation on a myelinated axon is described 
by a difference-differential equation, in which the 
wave of activity jumps from node to node (saltatory 
conduction). Among other differences, this means that 
impulse conduction velocity increases as the square 
root of diameter of a squid fiber, while it is roughly 
proportional to the first power of the diameter of a 
myelinated fiber. Importantly, the energy expended 
in transmitting a nerve impulse is much less in a 
myelinated fiber than in a smooth one. 

These qualitative differences are emphasized in 
Figure 2, which compares a typical squid nerve with 
the sciatic nerve of a rabbit. The rabbit nerve contains 
about 375 small (myelinated) axons, each of which 
can conduct an impulse at up to 80 m/s, or about four 
times faster than a squid axon, leading to an increase 
in data transmission capacity of about three orders 
of magnitude. This dramatic increase in information 
carrying capacity is typical in vertebrate motor neurons, 
which are myelinated nerve bundles. 

From an analytic perspective, the HH formulation 
is rather complicated, as it involves five dynamic 
variables, each of which depends on both longitudinal 
position and time. These are transmembrane voltage, 
axial current, sodium turn-on and turn-off variables, 
and a potassium turn-on variable. Thus, it has 
been of interest to consider other formulations that 
preserve qualitative properties of the HH system while 
simplifying their structure. 

In the most simple approximation, the transmem- 
brane ionic current is assumed to be a cubic nonlinear 
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function of the transmembrane voltage; thus, 





ion © (*) V(V —Va)(V —Venax), (2) 


where Vin is a threshold voltage and Vmax is the 
amplitude of the impulse. Under this approximation, 
the HH dynamics reduce to the Zeldovich—Frank- 
Kamenetsky (ZF) equation, which describes the leading 
edge of an impulse but misses the return of the voltage 
to its resting value. From this perspective, a zero- 
order estimate of the impulse velocity is of order 
Vg/rc2. Several analytic formulas for the dependence 
of impulse velocity on axon parameters have been 
obtained under the ZF approximation (Scott, 2002). 

A simple way to represent recovery was developed 
by Vladislav Markin and Yuri Chizmadzhev in the 
1960s (Markin & Chizmadzhev, 1967). Under this 
MC approximation, a prescribed time course of 
transmembrane ionic current is assumed to be triggered 
if the membrane potential reaches a threshold variable. 
This prescribed current is a negative (inward) current 
(j1) maintained for a time t; followed by a positive 
(outward) current (j2) maintained for a time 12. (The 
condition j}T; = j2T2 then ensures that the net charge 
crossing the membrane during an impulse is zero.) 
With appropriate parameters, the MC model yields a 
recovering impulse having approximately the speed and 
threshold properties of the HH impulse. 

To bring dynamics into the picture without invoking 
the complexities of the full HH model, Jin-Ichi Nagumo 
and his colleagues used a membrane model previously 
developed by Richard FitzHugh, in which the cubic 
ionic current of Equation (2) is augmented with a single 
dynamic recovery variable that drives the membrane 
voltage back to its resting level (Nagumo et al., 1962). 
This FitzHugh-Nagumo (FN) system was developed 
as an electronic equivalent of a nerve axon, which 
can be regarded as a neuristor. In the early 1970s, 
FN became of interest to applied mathematicians, who 
were beginning to study the theoretical properties of 
nonlinear reaction-diffusion systems, and in two or 
three spatial dimensions it has been used to study the 
emergence of spiral and scroll waves. 

In addition to its inherent complexity, the HH system 
is driven by an initial inrush of sodium ions, whereas 
the exciting current in many nerve fibers, including 
dendrites of the human brain, are largely driven by 
calcium ion current. For many applications, therefore, 
it is currently of interest to use a version of the model 
developed by Catherine Morris and Harold Lecar for 
calcium ion induced membrane switching in the giant 
muscle fiber of the barnacle (Morris & Lecar, 1981). In 
this Morris—Lecar (ML) model, jion © 27a Jm1, where 
a is the axon radius and 


Jm = Gxn(V — Vx) + Gcam (V — Vea) 





+GL(V — VL) 
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Figure 3. Plots of the initial ionic current (J,) and the steady 
state current (Jss) for a typical Morris—Lecar model (Fall et al., 
2002; Scott, 2003). 


with m and n being calcium and potassium turn-on 
variables, respectively. Also Gx, Gca, and Gy are 
membrane conductances, and Vx, Vca, and Vi are equi- 
librium potentials for potassium, calcium, and “leak- 
age” ions, respectively. The turn-on variables are as- 
sumed to obey first-order dynamics as (Fall et al., 2002) 


dm _ i. i 
“Gp ee mo(V)]/tm(V), 
di 

= = —[n — n0(V)I/ta(V), 


where 


mo(V) = [1 + tanh((V — Vi)/V2)]/2, 
no(V) = [1 + tanh((V — V3)/V4)]/2 





and 


tm(V) = Tmo sech[(V — V1)/2V2], 
™T(V) = to sech[(V — V3)/2V4]. 


At times short compared with t,, Jm appears as 
the cubic function, which is plotted as a dashed line 
in Figure 3; thus the leading edge of an impulse will 
propagate as required by the ZF equation. At times long 
compared with t,, m(t) remains equal to mo(V) and 
n(t) > no(V), so 


Jm > Jss = Gxno(V)(V — Vx) 
+Gcamo(V)(V — Vea) + GL(V — VL). 


This is a steady state membrane current (plotted as the 
solid line in Figure 3), which forces the system back to 
its resting state at 


[V, m,n] = [Vr, mo(VR), no(VR)]- 


For sufficiently large values of t,9, therefore, the ML 
equation supports a nerve impulse with recovery. 

At the dawn of the 21st century, electrophysiology is 
becoming a highly sophisticated experimental science, 
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generating data on ever more intricate neural structures; 
thus, it will be of interest to consider using these five 
approaches (HH, ZF, MC, FN, and ML) to understand 
the dynamics of nerve impulse propagation on axonal 
and dendritic branching regions of real neurons. 
ALWYN SCOTT 


See also Candle; FitzHugh-Nagumo equation; 
Hodgkin—Huxley equations; Markin-Chizmadzhev 
model; Myelinated nerves; Neuristor; Reaction- 
diffusion systems; Zeldovich-Frank-Kamenetsky 
equation 
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NEUMANN BOUNDARY CONDITION 


See Partial differential equations, nonlinear 


NEURAL NETWORK MODELS 


A neural network consists of units and connections 
corresponding to neurons and synapses in biological 
neural networks. We focus here on neural network 
models as a means to better understand the working 
principles of nervous systems, in particular the human 
brain. Quantitative modeling is today accepted as a very 
important tool in neuroscience that has potential to 
enable understanding of the very complex dynamical 
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and nonlinear processes underlying the functioning 
of biological nervous systems. So-called artificial 
neural networks have been developed mainly for 
technical applications with little concern for biological 
plausibility and modeling (Haykin, 1998), and we will 
not consider them further here. 

A computational model may help to explain 
experimental findings and to make new experimentally 
testable predictions. By now, most parts of the brain 
have been modeled, and many different types of models 
exist of a system, for example, for the hippocampus, 
an evolutionary old part of cortex important for 
memory and memory consolidation. When designing 
a neural network model of a particular system, the 
constituent neurons and their synaptic connections 
have to be represented with the desired biophysical 
detail, for example, as a set of coupled ordinary 
differential equations that can be solved numerically 
on a computer (Koch & Segev, 1998; Scott, 2002). The 
level of biological detail in the models studied ranges 
from networks of very simple threshold logic units 
connected by binary weights to networks comprising 
elaborate compartmental cell models with thousands 
of compartments and parameters. In addition to the 
signal transduction and transmission processes of the 
neuron such a detailed cell model may also represent 
intracellular processes such as biochemical second 
messenger cascades and calcium dynamics including, 
for example, diffusion. 

In an accurate network model of a particular system, 
its constituent neuron types and proportions as well 
as their synaptic interactions have to be adequately 
represented. Available data about the system must 
be collected from literature and experiments and be 
entered as parameter values. A problem with this 
approach is that often some part of the information 
required by the model is lacking, such as the distribution 
of different kinds of ionic channels over the cell 
membrane or the details of synaptic plasticity dynamics 
(for example, augmentation and depression). Thus, 
some parameters may have to be indirectly inferred, 
and the models need to be tuned to fit experimental 
recordings, for example, of the shape of excitatory and 
inhibitory postsynaptic potentials or neuronal firing 
patterns at different levels of injected current. This 
introduces some uncertainty with regard to the validity 
of the model. 

The input to the network from sources outside 
the model must also be represented in some way. 
Moreover, conditions and values measured in an in vitro 
preparation like a brain slice, a cell culture, or a piece of 
isolated spinal cord may differ from those of the intact 
in vivo system, and the latter may be unaccessible. 

Nervous systems, other than the most simple ones, 
typically comprise a very large number of neurons. 
With today’s computers it is feasible to simulate 
hundreds of thousands of compartments and millions 
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of synapses at a reasonable level of biophysical detail. 
For large models the turnaround time for simulations, 
however, may be in the order of days, so parallel 
simulators are therefore useful. It is still beyond the 
capacity of today’s supercomputers to handle full scale 
models of biological networks. A common practice 
is, therefore, to work with dramatically subsampled 
network models in which the number of neurons is 
reduced to a small fraction of those actually present 
in the target system. As a consequence, the number 
of input synaptic connections on cells in the model 
is also dramatically reduced. With cell models tuned 
to single cell data, for example, with adequate input 
resistances and thresholds, it will become necessary to 
compensate by exaggerating the synaptic conductances 
in order for the model to reproduce the activity seen 
in the real system. Having few and large synaptic 
interaction events in the system may, however, distort 
network dynamics, thus, making the model a poor 
quantitative representation of the actual system. Such 
effects should be born in mind when interpreting result 
from simulations using subsampled models. 

Furthermore, one sometimes excludes from the 
model altogether neuron types known to exist in the 
actual biological system. For one reason or another 
a cell type may be considered unimportant for the 
questions addressed. One example is the neuroglia cells 
that are on average about ten times more numerous than 
neurons in the brain. They are thought to mainly serve 
the purpose of structural support and maintenance of the 
internal environment and are rarely included in network 
models. But one cannot entirely exclude that these cells 
in some situations subserve functions important for 
signal processing. 

At the other extreme from networks of complex 
multi-compartmental model neurons are neural net- 
work models in which the biophysical detail has been 
reduced to a minimum. Such abstraction serves the im- 
portant purpose of helping to pinpoint and elucidate the 
fundamental mechanisms behind the functioning of a 
complex system, which may enable further theoretical 
analysis of the phenomena under study. 

A network model may be simplified in several 
different ways. For instance, the neurons can be 
modeled as point neurons (a single isopotential 
compartment) lacking geometric extent. Network units 
may use a graded output (with, for example, a sigmoid 
transfer function) representing an instantaneous firing 
frequency, or they may be spiking as real neurons. The 
former may, in fact, represent the average population 
activity in a cortical module like a minicolumn rather 
than an individual neuron. An integrate-and-fire model 
neuron is a bit more elaborate with a simple membrane 
dynamics and a spiking threshold (Gerstner, 1999). 
Whether or not temporal timing at the millisecond range 
in the spike trains of neurons is fundamental for the 
information processing in the brain or if a rate code is 
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adequate for most purposes is presently a hotly debated 
issue. Yet another class of models is neural continuum 
field models that represent the neural structure as a 
continuous sheet of excitable neural tissue with a lattice 
connectivity (Bressloff et al., 2002). 

In simplified network models, the details of synap- 
tic transmission and plasticity may be replaced with 
weighted inputs and simple learning rules. Signal 
delays along axons are ignored, which may be rea- 
sonable at least for millimeter distances in small 
networks. Instead of an accurate representation of short- 
and long-term synaptic plasticity, one typically incor- 
porates a correlation-based learning rule, for example, 
some form of Hebbian learning (Rolls & Treves, 1997). 
The adiabatic learning hypothesis (Caianiello, 1961) 
stating that synaptic weight changes occur on a much 
slower timescale than the neurodynamics itself, sim- 
plifies the model and network dynamics considerably. 
On the other hand, this assumption is now known to be 
invalid in, for instance, the neocortex where synaptic 
properties are modulated on a millisecond timescale. 

A modeling strategy that has often proven fruitful 
is to develop a suite of models at different levels of 
abstraction for the same neuronal network. The most 
detailed model relates closely to the biological network 
under study, and the aim is to transform in a well- 
defined fashion to gradually more abstract descriptions, 
using the most abstract ones as the starting point for 
theoretical analysis. 

ANDERS LANSNER 


See also Artificial intelligence; Attractor neural 
network; Cell assemblies; Compartmental models; 
Hodgkin—Huxley equations; Integrate and fire neu- 
ron; McCulloch-Pitts network; Multiplex neuron; 
Nerve impulses; Neurons; Perceptron 
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NEURISTOR 


Coined by Hewitt Crane in 1962, the term neuristor 
implies “the whole class of lines that exhibit 
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attenuationless propagation with recovery” (Crane, 
1962). In principal, this definition was intended to 
include active nerve fibers and even forest fires, but 
Crane’s motivation was to overcome certain problems 
associated with the miniaturization of electronic 
circuits. Based upon a half-dozen reports prepared by 
Crane and his colleagues at the Stanford Research 
Institute since the late 1950s, this carefully written 
paper provides a window into the thinking of electrical 
engineers at the threshold of the integrated circuit 
revolution. 

As the dimensions of conventional (transistor) 
computing circuits are greatly reduced, Crane reasoned, 
at least two design problems must be faced. First, 
the density of interconnections increases, eventually 
requiring “a dense set of interconnections at a 
point.” Second, the resistance per unit length of 
interconnecting wires may become inconveniently 
large. (Crane pointed out that the resistance of a 1 um 
copper wire is about a 1000Q/in.) Both of these 
problems may be mitigated by basing miniaturized 
computer design upon an “active wire” in which energy 
is stored uniformly over the system and continuously 
dissipated by nonlinear traveling-wave impulses, rather 
than at discrete and isolated amplifying elements. Some 
indication that neuristor design is a promising strategy 
is offered by the fact that it was selected by evolution 
for the development of our biological brains. 

Being uniform in the direction of propagation, 
Crane’s active wire supports a traveling-wave impulse 
in which the rate of energy release is equal to its rate 
of dissipation. Upon impulse passage, the line remains 
inactive for a certain time (the refractory period), after 
which it is able to transmit a new impulse. Because an 
impulse cannot propagate through a refractory region, 
two impulses will destroy one another in a head-on 
collision, and impulses are not reflected from the end 
of a neuristor line. 

If two interconnection junctions are included— 
both of which seem feasible from an engineering 
perspective—a neuristor system is logically complete, 
meaning that it can realize all possible Boolean switch- 
ing functions. These two neuristor interconnections are 
as follows. (a) A T junction is shown in Figure 1(a). 
An impulse entering on one of the branches proceeds 
outward on the other branches. Such a junction is not 
difficult to realize, requiring merely that the strength 
of the incoming impulse divided by the number of out- 
going branches is above the threshold of the outgoing 
branches. (b) An R junction is shown in Figure 1(b). 
In an R junction, the refractory (or inhibitory) variable 
of one line is shared with an adjacent line (over the 
shaded area), while the excitatory variable is not. Thus, 
individual impulses traveling from A to B (on the upper 
line) can block individual impulses traveling from D to 
C (on the lower line) and vice versa. These two junc- 
tions can be interconnected in a variety of useful ways, 
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Figure 1. Some simple neuristor interconnections. (a) T 
junction. (b) R junction. (c) T—R junction. (d) Analog of a relay 
or transistor. 


one being the T—R junction, shown in Figure 1(c). Here 
impulses incoming on line A will proceed through to 
C but will not be transmitted to B, effectively isolating 
the input lines (A and B) from each other. 

In considering the switching possibilities of such 
neuristor systems, Boolean variables can be chosen in 
either of two ways, indicating the presence or absence 
of individual impulse or the presence or absence of im- 
pulse trains. From the latter perspective, the arrange- 
ment in Figure 1(d) can be viewed as equivalent to a 
relay or a transistor because an incoming impulse train 
on line C will block the transmission between A and B. 
As computing systems constructed from relays or tran- 
sistors are known to be logically complete, it follows 
that neuristor systems are also logically complete. 

The length of the refractory zone of an impulse is 
equal to the product of its velocity times the recovery 
interval. This is an important design parameter for a 
neuristor system, setting the scale for many functions. 
If a circular section of active line is used as a storage 
ring, for example, the circumference of this ring must 
be greater than the length of a refractory zone. Thus 
an insufficiently short refractory length is a major 
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limitation on the degree to which a particular neuristor 
system can be miniaturized. 

In his seminal paper, Crane offered several 
suggestions for neuristor realizations, taking advantage 
of the variety of interesting nonlinear diode structures 
that were being invented in the early 1960s—such 
as Esaki (tunnel) diodes and four-layer diodes. Also 
suggested was an ingenious combination of T and R 
junctions that allows two signal paths to cross without 
interference and without being lifted from a common 
substrate. 

Although neuristors have been designed and 
fabricated in various laboratories (Beretovskii, 1963; 
Yoshizawa & Nagumo, 1964; Sato & Miyamoto, 1967; 
Parmentier, 1969; Scott, 1970; Reible & Scott, 1975; 
Nakajima et al., 1976), the neuristor strategy has not 
been important for the design of modern computing 
systems. Among other reasons for this failure must 
be counted the amazing progress in miniaturization of 
silicon metal-oxide-semiconductor transistors, which 
are now far smaller than the refractory length of any 
conceivable neuristor structure. 

Beyond applications to electronic computing sys- 
tems, however, the neuristor design concept may yet 
aid in understanding the behavior of neural systems, 
as was suggested by Crane in the early 1960s (Crane, 
1964). Indeed, this possibility is more compelling today 
because dendritic fibers (in addition to axons) are now 
known to support action potentials and are, therefore, 
also neuristors in the original sense of the word (Stu- 
art et al., 1999). Thus, possibilities arise for neuristor- 
like computations in the axonal and dendritic trees of 
real neurons (Scott, 2002). Neuroscientists studying 
the intricate networks of interwoven dendro-dendritic, 
currently being revealed by electron microscopy, may 
profit from a review of Crane’s early work. 

ALwyn Scorr 
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Neurons 


Nerve impulses; 


Further Reading 


Beretovskii, G.N. 1963. Study of single electric model of 
neuristor. Radio Engineering and Electronic Physics, 18: 
1744-1751 

Crane, H.D. 1962. Neuristor—a novel device and system 
concept. Proceedings of the IRE, 50: 2048-2060 

Crane, H.D. 1964. Possibilities for signal processing in 
axon systems. In Neural Theory and Modeling, edited by 
RF Reiss. Stanford: Stanford University Press, pp. 138-153 

Nakajima, K., Onodera, Y. & Ogawa, Y. 1976. Logic design 
of Josephson network. Journal of Applied Physics, 47: 
1620-1627 

Parmentier, R.D. 1969. Recoverable neuristor propagation 
on superconductive tunnel junction strip lines. Solid-State 
Electronics, 12: 287-297 

Reible, S.A. & Scott, A.C. 1975. Pulse propagation on a 
superconductive neuristor. Journal of Applied Physics, 46: 
4935-4945 


618 


Sato, R. & Miyamoto, H. 1967. Active transmission lines. 
Electronics and Communications in Japan, 50: 131-142 
Scott, A.C. 1970. Active and Nonlinear Wave Propagation in 
Electronics, New York: Wiley 

Scott, A.C. 2002. Neuroscience: A Mathematical Primer, Berlin 
and New York: Springer 

Stuart, G., Spruston, N. & Hausser, M. (editors). 1999. Dendrites, 
Oxford and New York: Oxford University Press 

Yoshizawa, S. & Nagumo, J. 1964. A bistable distributed line. 
Proceedings of the IEEE, 52: 308 


NEURONS 


Nerve cells, or neurons, are typically comprised of a 
cell body, dendrites, and an axon. The typical cortical 
neuron depicted in Figure 1 has both an apical dendrite 
and several basal dendrites. Dendrites and the soma 
are the sites at which axon terminals from other 
neurons make contacts and provide stimulation to a 
neuron. These sites of contact between neurons are 
termed synapses. The axon emanates from the cell body 
and contacts other neurons at distances varying from 
1.0 mm up to almost 1 m, depending upon the the type 
and location of the neuron in question. The ends of 
axons terminate very close to the dendritic and cell body 
membranes of other neurons to form synpases. When 
the cell body of a neuron is sufficiently depolarized by 
its inputs, it reaches the threshold for action potential (or 
spike) generation, and one or more spikes are triggered. 
These spikes then propagate along the axon at speeds 
ranging from less than 1.0 ms~! up to almost 100 ms~!. 

Neurons receive both excitatory (depolarizing) and 
inhibitory (hyperpolarizing) stimulation from the axon 
terminals that synapse onto them, with a typical 
cortical neuron having about 10°-10* synapses. When 
an action potential reaches a synapse, it causes the 
release of neurotransmitter molecules that rapidly 
diffuse across the very small extracellular space to 
the membrane of the postsynaptic cell’s dendrite or 
soma. There they bind to receptor molecules and cause 
ion channels to open resulting in either depolarization 
(excitatory synapse) or hyperpolarization (inhibitory 
synapse). These potential changes propagate down the 
dendrites to the cell body, where they are combined 
approximately linearly. If this net potential change 
depolarizes the cell body past a threshold, the neuron 
will fire one or more spikes. These spikes in turn 
propagate along the axon of this cell, and the process 
repeats itself. 


Nonlinear Dynamics of Action 
Potential Generation 


In mathematical terms, a series of action potentials is a 
limit cycle oscillation in the neural state space. There 
are several distinct dynamical patterns of action poten- 
tial generation that have been observed, and these will 
be characterized in terms of their dynamical founda- 
tions. 
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Figure 1. Schematic diagram of a typical neuron in the 
neocortex. The longest dendrites are between 1-3 mm in length, 
while the axon can be as short as a few mm or as long as 1.0m. 


As demonstrated by Hodgkin and Huxley (1952) in 
work that led to the Nobel Prize in 1963, the dynamics 
of spike generation is based upon two ionic currents: 
a sodium (Na*) current that rapidly depolarizes the 
neuron followed by a slower potassium (Kt) current 
that repolarizes the neuron. Each current J; is described 
by Ohm’s law written as the product of a conductance 
(reciprocal of resistance) g ; and a voltage. For each ion, 
the voltage term is given by the difference between the 
membrane potential V and the equilibrium potential for 
the ion in question, E; 


Tj =gj(V — Ej) (1) 
Due to the fact that the neural cell membrane functions 


as a capacitor, the membrane potential V is described 
by a differential equation of the form 








dv 
Ce = 8na(V) (V—Ena) + 8k(V) (V—Ex) + Texts 
(2) 


where /ext is an external stimulating current (or a synap- 
tic input). For typical cortical neurons, ENg =55 mV 
and Ex = — 95 mV. This equation would be linear ex- 
cept for one crucial observation: the two conductances 
8Na(V) and gx (V) are functions of V. This biophysical 
discovery by Hodgkin & Huxley (1952) means that ion 
conductances change with the voltage, thereby generat- 
ing both positive and negative nonlinear feedback that 
produces the action potential. 

A simple set of equations with normalized variables 
(Wilson, 1999a) can be used to elucidate the essential 
dynamics of Equation (2): 








ey. 4(v? V\v +R velt)ey 

dt = 10 T T 5 T fexts 
dR 5 

5— =R+3V (3) 
dt 


The term (V2—V/10) on the right in the first 
equation represents the V dependence of the Nat 
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conductance as a quadratic function, while the variable 
R (Recovery variable) represents the K* conductance 
governed by the second equation. Note that the time 
constant for the second equation is 5 times slower 
than that in the first equation. Normalization has 
shifted the resting potential from —70 mV to zero and 
has set ENa=1 here, which corresponds to 125mV 
above the resting potential. Similarly, Ex = — a3 or 
25mV below the resting potential. Finally, the unit 
of time here corresponds to 0.10 ms to produce spike 
durations of 1.0 ms. These simplifications make the 
mathematical analysis significantly easier. A version 
of these equations with parameter values optimized to 
describe human neocortical excitatory and inhibitory 
neurons may be found elsewhere (Wilson, 1999b). 

For Jext =0, Equation (3) has three steady states at 
V =0, R = 0 (resting state); V = i, R= D andV = 2, 
k= R. In order, these are an asymptotically stable 
node, a saddle point, and an unstable spiral point. The 
spike firing threshold occurs for ex; =0.012, where 
the saddle point and node coalesce in a saddle-node 
bifurcation to a limit cycle. This permits spike firing 
at arbitrarily low rates for Jext just above threshold, 
which is characteristic of human and mammalian 
cortical neurons (Wilson, 1999a). A spike train for 
Text = 0.013 is depicted in Figure 2a. Above threshold, 
spike rate increases monotonically as a function of 
Text. Neurons that begin firing at arbitrarily low rates 
due to a saddle-node bifurcation are known as Class I 
neurons. 

A different form of dynamics characterizes Class II 
neurons. The simplest example is obtained by replacing 
the dR/dt equation above with 

sot =R+2V. (4) 

dt 

For Jex, =0, the equations now have a single steady 
state V=0, R=O. It can be shown that these 
neural equations undergo a subcritical Hopf bifurcation 
(Wilson, 1999a) to spiking at J.x;=0.062. In this 
case firing begins at a relatively high spike rate, as 
arbitrarily low rates are precluded by the nature of the 
bifurcation to spiking. The original Hodgkin—Huxley 
(1952) equations, in fact, describe a Class IT neuron 
(the giant axon of the squid). 

Neurons in the cortex of humans and other mammals 
are Class I neurons. Thus, they begin firing at arbitrarily 
low spike rates (less than one spike per second), and 
this provides a greatly expanded dynamic range for 
encoding stimulus intensity into spike frequency. In 
addition, excitatory cortical neurons (but not most 
inhibitory neurons) typically have several additional 
currents that can produce even more complex spiking 
dynamics. For example, addition of a slow Ca++ 
current and an even slower Ca?++-driven K+ current 
results in a neuron that fires bursts of spikes (Wilson, 
1999a,b), as illustrated in Figure 2b. 


619 





u 3 itt) IS 20 
a Tune (ms) 





0 5S WwW 15 2% 325 3 35 4b 
b Time (ms) 





Figure 2. Spikes generated by neural equations. (a) Periodic 
spike train generated by Equation (3). (b) Pattern of spike 
bursts generated by a more complex cortical neuron with 
additional currents. Both graphs have been transformed back 
from the normalized form described in the text to reflect the 
mV range and ms time range actually encountered with cortical 
neurons. 


Conclusions 


Action potential dynamics are governed by two 
processes. Once threshold is reached, a rapid influx of 
Nat ions results in depolarization of the neuron causing 
the upswing of the spike. This process is described 
by the first term in the dV/dt equation in (3) above. 
Following this, the variable R increases, permitting K* 
to pass out of the neuron, thus hyperpolarizing it back 
toward its resting potential. The limit cycle is generated 
because the recovery variable R operates on a slower 
time scale than the very rapid Nat depolarization. 
There is also an inactivation of the Nat ion current 
that contributes to termination of the spike (Hodgkin & 
Huxley, 1952), but it is not essential to the dynamics of 
spike generation. 

Virtually all brain function involves a dynamical 
interaction between excitatory and inhibitory neurons. 
For example, short-term memory circuits involve 
groups of neurons that are reciprocally interconnected 
by excitatory synapses, which enables them to continue 
firing following the cessation of stimulation. This 
ongoing neural activity makes up the short-term 
memory store. Inhibition is necessary both to shut 
off short-term memory activity and to prevent it from 
spreading to activate other neurons. Indeed, when 
there is too little inhibition in a brain area due to 
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an imbalance or injury, the spread of excitation may 
generate epileptic seizures. Many other examples of 
excitatory and inhibitory neural circuits may be found 
elsewhere (Wilson, 1999a; Dayan & Abbott, 2001). 
Hucu R. WILSON 


See also Hodgkin—Huxley equations; Integrate and 
fire neuron; Nerve impulses 
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NEWELL-WHITEHEAD-SEGEL 
EQUATION 


See Complex Ginzburg-Landau equation 


NEWTON’S LAWS OF MOTION 


Isaac Newton’s treatise Philosophiae Naturalis Prin- 
cipia Mathematica (Mathematical Principles of Natural 
Philosophy), often simply referred to as the Principia, 
was completed in May 1686. Publication and printing 
were overseen by the astronomer Edmund Halley, and 
the work became available to the public in 1687. In this 
work Newton sets out, in effect, a template for clas- 
sical mathematical physics, the dynamics of particles 
and rigid bodies in particular. The text starts by defin- 
ing certain basic quantities such as mass, momentum, 
inertia, force, and acceleration. Once these have been 
defined and some of their basic properties described, 
Newton states his “axioms” or “laws of motion” thus: 


Law I: Every body continues in its state of rest, or of 
uniform motion in a right line, unless it is compelled 
to change that state by forces impressed upon it; 

Law II: The change of motion is proportional to the 
motive force impressed; and is made in the direction 
of the right line in which that force is impressed; 
Law Ill: To every action there is always opposed an 
equal reaction: or, the mutual actions of two bodies 
upon each other are always equal, and directed to 
contrary parts. 


(We have quoted the established 1729 translation 
from the original Latin to English by Andrew Motte.) 


NEWTON’S LAWS OF MOTION 


In modern terms the first law, also known as the law 
of inertia, and already realized by Galileo, states that 
uniform translational motion is a “natural” state of mo- 
tion for a particle or body requiring no cause or outside 
agent to maintain it. (This was an important departure 
from Aristotelian physics, which held that all motion 
required an explanation.) Not so with accelerated mo- 
tion, according to the second law. If a change in the 
velocity of motion is to come about, it requires the ac- 
tion of a force acting on the particle or body. Finally, in 
the third law we have the requirement that if a body, A, 
is acted upon by a force due to another body, B, then 
B is subject to a force of the same magnitude but of 
opposite direction from its interaction with A. 


Forces 


Newtonian mechanics, then, operates with purely 
kinematic entities, such as position, velocity, and 
acceleration, and with a set of new, dynamical entities 
called forces. Newton’s laws of motion instruct us to 
seek the cause of acceleration, a kinematic quantity, 
in the total force acting on a particle or body. Force 
is a dynamic quantity. The mass of the particle or 
body appears as the constant of proportionality in the 
relation between force (the cause) and acceleration (the 
effect). Like accelerations, forces are vectors. If two or 
more forces act simultaneously, they add vectorially 
and their resultant gives both the correct magnitude 
and the correct direction of the net force. Many well- 
known results about levers, systems with suspended 
masses, and various simple mechanical machines were 
immediately subsumed under Newtonian mechanics 
simply by recognizing that forces behave like vectors 
upon superposition. 

Not only did Newton establish a framework for 
dynamics—and for much of physics—with his three 
laws, he provided also a new law of Nature for 
the attractive force of gravity acting between any 
two bodies. This development was, in some sense, 
extraneous to the three laws of motion but without it, 
the full force of Newton’s dynamics might not have 
been appreciated and embraced. Newton’s expression 
for the force acting on a particle, 1, of mass m; located 
at x; due to a particle, 2, of mass mz, located at x2, is 


Fi = Gmymye\2/r?. (1) 


Here r is the distance between the two particles, 
r=|x;—X2| and ej. is the unit vector pointing 
from the location of particle “1” to the location 
of particle “2”, that is, e12=(x2—.%x1)/r. The 
coefficient G, now known as Newton’s universal 
gravitational constant, has the approximate value 
G © 6.672 x 10-8 em3 g~! s~?. 

The first measurements of G were performed by 
Henry Cavendish in 1798 using a torsion balance. 
Expression (1) is fully consistent with Newton’s third 
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law, which demands that Fi2=— Fo. Force (1) 
represents action-at-a-distance in the sense that it does 
not result from direct contact between contiguous 
bodies or particles. Newton was severely criticized by 
his contemporaries for this notion, which they viewed 
as fanciful and unsubstantiated. 

In modern terminology, in the Principia Newton 
accomplished (among many other things) integration 
of the two-body problem of celestial mechanics, that 
is, the following system of differential equations, which 
result by combining Newton’s law of gravitation with 
his second law of motion: 


my x} /dt? = Gmymo(x2 — x1)/|x2 — x17, (2a) 
myd?x9/dt? = Gmymg(x1 — x2)/|x) — x2|°. (2b) 


Because of Newton’s third law, addition of Equations 
(2) yields 


my, d?x,/dt? + mp d?x/dt? = 0, G3) 

which shows that the total momentum of the system, 
given by 

P = m\dx,/dt + m2 dx2/dt, (4) 


is a constant of the motion. Thus, the center of mass of 
the two particles, 


R = (mx) + m2x2)/(m1 + m2), (5) 


moves with constant velocity P/M through space, 
where M =m, +z is the total mass of the two-body 
system. 

On the other hand, subtracting (2a) from (2b) gives 


mir /dt? = —Gmmor/r, (6) 





where r=x2—x1, r= |r|, M=m,+m™mz as before, 
and m =m m2/(m, + mz) is called the reduced mass. 
Equation (5) tells us that the problem of the relative 
motion of the two particles is equivalent to solving 
for the motion of a single (fictitious) particle of mass 
m in the same field of force centered at the origin of 
coordinates. Such a fixed force field pointing toward 
a given point in space (here chosen as the origin of 
coordinates) is called a central force. 

Once (6) is solved, the original positions of 
the two gravitationally attracting particles may be 
reconstructed from the formulae 


x, =R-—mor/M, x2»=R+mr/M. (7) 


The differential equation for the vector function r is 
nonlinear because the magnitude of the force falls off 
with the square of the distance. Many force laws of 
interest in applications have the property that they are 
nonlinear functions of the positions of the constituent 
particles of the system. The force law for small 
extensions of a high-quality spring, known as Hooke’s 
law, which states that the force is directly proportional 
to the deviation from equilibrium, is an important and 
notable exception. 
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Newton showed in the Principia that the general 
solution of (6) is that r traces out a conic section (ellipse 
or hyperbola, with a parabola as the “cross-over” 
possibility) corresponding to bounded or unbounded 
relative motions of the two original particles. The 
bounded motions apply to planets orbiting the Sun 
or the Moon orbiting the Earth. The effects of 
bodies farther away are to be treated subsequently by 
adding perturbations to the above analysis. Unbounded 
motions are realized by comets. Newton further 
considered the effects of the finite extension of the 
attracting body, for example, Earth’s finite size relative 
to the Moon’s orbit, and the effect of the deformation 
of the attracting body due to tidal forces. 

Hassan AREF 


See also Celestial mechanics; Determinism; N- 
body problem 
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NEWTON’S METHOD 


See Numerical methods 


NODES OF RANVIER 


See Myelinated nerves 


NOISE (WHITE, COLORED ETC.) 


See Stochastic processes 


NONATTRACTING CHAOTIC SETS 


See Chaotic dynamics; Invariant manifolds and sets 


NONAUTONOMOUS SYSTEMS 


See Phase space 


NONEQUILIBRIUM STATISTICAL 
MECHANICS 


Nonequilibrium statistical mechanics aims to describe 
the behavior of large systems of particles removed 
from the state of thermodynamic equilibrium, in 
terms of the properties of the individual constituents 
and their interactions, as provided by the laws of 
classical and quantum mechanics. Such systems give 
rise to irreversible behavior in the form of an 
approach to thermodynamic equilibrium in the absence 
of permanent constraints (isolated systems), or to 
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a stationary nonequilibrium state in systems under 
constraint (referred to as thermostatted systems). 

The fundamental problem of non-equilibrium statis- 
tical mechanics is to reconcile irreversible behavior at 
the macroscopic level with the reversible character of 
the underlying microscopic laws of mechanics. For a 
long time it was thought that irreversibility could not 
be understood entirely from mechanics, an idea that 
led to the systematic introduction of probabilistic ideas 
in the traditional deterministic description. As a result, 
the laws of statistical mechanics have frequently been 
regarded as analogs of the law of large numbers and 
similar universal laws of probability and statistics, in- 
dependent of any explicit reference to the nature of the 
underlying dynamics. Since the 1980s, one has wit- 
nessed a change of perspective following the realization 
that the trajectories of individual particles in an N-body 
system are typically chaotic. 


Boltzmann’s Kinetic Theory. Ergodic and 
Mixing Hypotheses 


In 1872, Ludwig Boltzmann derived by what appeared 
to be completely mechanical arguments his famous 
kinetic equation for dilute gases (Brush, 1965, 1966). 
This equation features the time-dependent probability 
distribution function f, of position r and velocity v, for 
a particle in the gas and allows one to reproduce ina very 
satisfactory way the transport and flow properties of the 
system. The kinetic theory culminates in the derivation 
of the H-theorem, whereby in a homogeneous 
system the functional H=kf f In fdvu (k being 
the Boltzmann constant) decreases monotonously 
until f reaches its equilibrium form given by 
the Maxwell—Boltzmann distribution. The H-theorem 
should provide, then, a microscopic justification of the 
second law of thermodynamics. This claim prompted 
rather negative reactions, crystallized in the famous 
reversibility (Loschmidt’s) and recurrence (Zermelo’s) 
paradoxes. Boltzmann was unable to fully refute 
these objections since, as he himself recognized, 
his derivation makes use of a heuristic probabilistic 
assumption—the Stosszahlansatz or the assumption 
of molecular chaos—which allowed him to express 
approximately the rate at which binary collisions 
are taking place only in terms of the one-particle 
probability density f. 

In trying to answer his critics Boltzmann enunciated 
the ergodic hypothesis, which eventually became a 
key concept in the entire field of statistical mechanics. 
Specifically, Boltzmann suggested that (a) in an isolated 
many-body system the overwhelming part of the 
phase space consists of regions where the macroscopic 
properties are very close to the equilibrium properties, 
(b) the system’s trajectory will spend equal times 
in phase space regions of equal extent, and (c) the 
macroscopic properties of the system will essentially 
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be constant throughout the allowable part of phase 
space and will coincide with the long-time averages 
of the corresponding microscopic quantities over the 
phase space trajectory. These statements were later 
completed by the equally ground-breaking discovery 
by Josiah W. Gibbs of the concept of mixing: the 
dynamical evolution of an isolated system initially 
occupying a limited phase space region compatible with 
some prescribed values of its macroscopic observables 
will lead it eventually to occupy uniformly (at least 
in a coarse-grained sense) the entire phase space 
available. 

In their original forms, the ergodic hypothesis 
and the stronger mixing hypothesis had the serious 
drawback of relying to a considerable extent on the 
coarse-grained way one observes the system. Modern 
ergodic theory starts with the work of Henri Poincaré 
and George Birkhoff (Arnol’d & Avez, 1968), who 
were able to relate ergodicity to certain well-defined 
properties of the underlying deterministic evolution 
laws. Two examples are provided by Birkhoff’s theorem 
on the existence of the limit 1/7 fo A(t) dt as T > co 
of an integrable phase space function A provided that 
the motion remains bounded in phase space and by 
Poincaré’s theorem that for systems satisfying suitable 
resonance conditions there exist no invariants other 
than total energy that are analytic in some parameter. 
Since the 1950s, a great deal of effort has been 
devoted to prove whether a system described by a given 
Hamiltonian will or will not fulfill these properties 
and to what extent these properties bear a clear-cut 
relationship with the type of dynamics going on in 
phase space. An early (negative) result of considerable 
historical importance was obtained by Enrico Fermi, 
John R. Pasta, and Stanislaw Ulam (1955), who showed 
that in a system of coupled nonlinear oscillators energy 
may remain localized rather than be equipartitioned 
among the individual degrees of freedom. At the other 
extreme, one finds Yakov Sinai’s result (Sinai, 1970) 
on the ergodic and mixing behavior of a system of hard 
spheres. This work signaled the beginning of a series 
of developments aimed at relating the foundations of 
non-equilibrium statistical mechanics to the instability 
of motion of large classes of non-integrable dynamical 
systems giving rise to sensitivity to initial conditions 
and to deterministic chaos, known to be generic since 
the work of Andrei Kolmogorov. 


Generalized Kinetic Theories 


In parallel, and largely independently of progress 
in ergodic theory, the need to go beyond the as- 
sumptions underlying Boltzmann’s equation became a 
central preoccupation from the mid-1940s. Three ma- 
jor attempts along this line were initiated by Niko- 
lai Bogolubov, Leon Van Hove, and Ilya Prigogine 
and his colleagues (see, e.g., Balescu, 1975). Their 
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starting point was a systematic perturbation expansion 
of the Liouville equation and its quantum counterpart 
for the N-particle probability distribution or density 
matrix, or the hierarchy of equations for the reduced 
n-particle (n=1,..., N) distribution functions ob- 
tained by integrating the Liouville equation over the 
N —n particles, known as the BBGKY hierarchy. This 
procedure led as a first step to exact, formal non- 
Markovian equations of the form 
dps 


t 
4 Kein = [ dt G(t — t)ps(t) + D(t), (1) 
0 


where py is a reduced distribution, K stands for the 
contribution of the mean field, G is a memory kernel, 
and D(t) depends on the initial correlations in the sub- 
space of phase space complementary to the one of ps. 
Closed kinetic equations for reduced probability densi- 
ties could then be obtained under certain assumptions, 
linked to first principles in a more clear-cut way than 
Boltzmann’s Stosszahlansatz: Bogolubov’s ansatz of 
higher-order distributions becoming functionals of the 
one-particle one, Prigogine’s ansatz on initial correla- 
tions, van Hove’s random phase approximation. But 
even when these conditions are satisfied, it has so far 
proved impossible to establish a general H-theorem for 
the corresponding equations. Still, generalized kinetic 
equations have been at the foundation of spectacular 
progress in such fields as the study of dense fluids and 
plasmas and the microscopic theory of transport coef- 
ficients in the linear range of irreversible phenomena 
close to equilibrium. 


Microscopic Chaos and Nonequilibrium 
Statistic Mechanics 


Generalized kinetic theories rest on approximations 
whose validity is difficult to assess. Furthermore, 
there is no explicit link between the structure of the 
kinetic equations and the nature of the microscopic 
dynamics in phase space. In view of the fundamental 
importance and the ubiquity of irreversibility in the 
natural world, it would certainly be desirable to 
arrive at a description free of both these limitations. 
This has been achieved since the 1980s by the 
cross-fertilization between dynamical systems, non- 
equilibrium statistical mechanics, and microscopic 
simulation techniques. 


Mapping to a Markov Process 

A first series of attempts pertains to the class of 
strongly unstable systems known as Kolmogorov flows, 
in which each phase space point lies at the intersection 
of stable and unstable manifolds. It takes advantage of 
the existence in such systems of special phase space 
partitions—the Markov partitions—whose boundaries 
remain invariant under the dynamics, each partition cell 
being mapped at successive time steps into a union 
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of partition cells. If the operator projecting the full 
phase space dynamics on such a partition commutes 
with the Liouville operator, then the Liouville equation 
can be mapped into an exact Markovian equation 
exhibiting an H-theorem. This provides a rigorous 
microscopic basis of coarse-graining (Penrose, 1970; 
Nicolis et al., 1991). The mapping is, however, not 
one-to-one as the projection operator is not invertible 
reflecting the loss of information associated with this 
process. Ilya Prigogine, Baidyanath Misra, and Maurice 
Courbage (Prigogine, 1980) succeeded in constructing 
a non-unitary, invertible, transformation operator A, 
which transforms the unitary evolution operator U; 
(essentially the exponential of the Liouville operator) 
into a Markov semigroup W; 


W, = AU, A7! (2) 


The idea of non-unitary transformations has also 
been extended to more general classes of systems, 
such as non-integrable systems generating Poincaré 
resonances. 


Escape Rate Formalism and Deterministic Thermostats 
A second line of approach aims to express transport 
coefficients and other macroscopic level properties in- 
cluding entropy production in terms of the quantifiers 
of the microscopic chaos prevailing at the level of indi- 
vidual particle trajectories (in a classical setting). Two 
different methodologies have been developed. 

The escape rate formalism (Gaspard, 1998; Dorf- 
man, 1999). In this formalism, transport in Lorentz gas 
type systems is linked to the escape from a fractal re- 
pellor formed by trajectories for which a certain micro- 
scopic quantity associated with the macroscopic flux 
of interest remains confined in phase space. The cor- 
responding transport coefficients are then expressed in 
terms of the Lyapunov exponents of the repellor and its 
Kolmogorov-Sinai entropy or its fractal dimension. No 
boundary conditions need to be imposed. Furthermore, 
the hydrodynamic modes associated with the process 
are computed as generalized eigenmodes of the Liou- 
villian and turn out to be fractal distributions. 

Deterministic thermostats. The question here is how 
to express in purely mechanical terms a constraint 
maintaining a system away from equilibrium. One of 
the most popular ways to achieve this is to augment 
(in a classical system) the Hamiltonian dynamics by 
dynamical friction terms preserving the time-reversal 
symmetry (Hoover, 1999). In this way, one obtains a 
dissipative dynamical system where the rate of phase 
space volume contraction and the entropy production 
are shown to be related to the sum of the Lyapunov 
exponents. The non-equilibrium steady states generated 
in this formalism are fractal attractors, contrary to the 
equilibrium states that extend over the entire phase 
space available. Furthermore, they are believed to 
satisfy an interesting fluctuation theorem (Gallavotti & 
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Cohen, 1995) expressing the probability of fluctuations 
associated with particles moving in a direction opposite 
to the applied constraint. 


Statistical Mechanics of Dynamical Systems 

Yakov Sinai, David Ruelle, and Rufus Bowen (see, for 
example, Ruelle, 1999) have shown that the long-time 
behavior of a large class of chaotic dynamical systems 
is determined by an invariant probability measure char- 
acterized by a variational principle, thereby establish- 
ing a link with ergodic theory and equilibrium statis- 
tical mechanics. A major difference is that contrary 
to equilibrium measures, Sinai-Ruelle-Bowen (SRB) 
measures are smooth only along the expanding direc- 
tions while they possess a fractal structure along the 
contracting ones. This provides a rationale for char- 
acterizing the fractal character of the non-equilibrium 
steady states generated by deterministic thermostats. 
Furthermore, it has been the starting point of a series of 
developments aimed at characterizing low-order deter- 
ministic dynamical systems showing complex behavior 
through probability densities and the spectral properties 
of their evolution operators, such as the Liouville or the 
Frobenius—Perron operators (Lasota & Mackey, 1985). 
In a different vein, the transport induced by the overlap 
of resonances arising, in particular, around a separa- 
trix has been investigated (Lichtenberg & Lieberman, 
1983; Balescu, 1997). These approaches have provided 
insights to questions motivated by non-equilibrium sta- 
tistical mechanics that had remained unsolved for a long 
time, owing to the formidable difficulties arising from 
the presence of a large number of interacting particles. 


Non-equilibrium Statistical Mechanics as a 
Tool to Understand Cooperative Behavior in 
Complex Systems 


Non-equilibrium statistical mechanics has been a 
source of inspiration providing interesting ways to 
analyze complex nonlinear systems arising in chem- 
istry, fluid mechanics, biology, or even finance and 
sociology. One of the earliest applications was a 
mesoscopic approach describing the dynamics of 
fluctuations of the macroscopic observables of such 
systems around a reference state, using master equa- 
tion or Langevin—Fokker-—Planck equation descriptions 
(Nicolis & Prigogine, 1977; Haken, 1977). It led to 
a theory of nonequilibrium phase transitions show- 
ing how macroscopic level bifurcation phenomena 
are reflected at the microscopic level through the 
anomalous behavior of the non-equilibrium fluctua- 
tions. When applied to nanoscale systems, this ap- 
proach provides interesting insights on energy trans- 
duction by non-equilibrium devices such as biological 
macromolecules, referred to as molecular motors (As- 
tumian, 1997). 
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Finally, the formalism of non-equilibrium statistical 
mechanics is well suited to studying the cooperative 
behavior of interacting multi-agent systems involved 
in, for instance, food webs and other networks of 
connected elements, finance, or social phenomena. In 
this setting, the relevance of power laws describing 
the statistical behavior of certain systems has attracted 
considerable interest, the idea being that such laws 
reflect well the ability of complex systems to show 
adaptive behavior and to optimize information flows 
(Albert & Barabasi, 2002). The dynamical origin of 
these laws and the role of non-equilibrium constraints 
remain major open questions. 

G. Nicos 


See also Chaotic dynamics; Emergence; Ergodic 
theory; Fermi—Pasta—Ulam oscillator chain; Markov 
partitions; Recurrence; Sinai-Ruelle-Bowen mea- 
sures; Synergetics 
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NONLINEAR ACOUSTICS 


As an area of physics and mechanics concerned with 
sound waves of finite amplitude, theoretical nonlinear 
acoustics stems from advances in classical fluid me- 
chanics made in the 19th century. It was developed 
originally as a weakly nonlinear limit of gas dynamics 
and included the study of simple waves, weak shock 
waves, and their interactions. Nonlinear acoustics as a 
separate branch of science was formed mainly during 
and after World War II when, on the one hand, military 
applications of underwater acoustics became important, 
and on the other, more powerful sources of sound were 
developed. 

The nature of finite-amplitude acoustic wave 
propagation in fluids depends on the value of the 
acoustic Reynolds number Re = BuoA/v, where uo is a 
characteristic amplitude of the particle velocity, A is the 
wavelength, v the kinematic viscosity (or acombination 
of viscosity and thermal conductivity), and 6 is the 
coefficient of nonlinearity (1.2 for air, 3.5 for water). 
For Re<1, the wave attenuates before significant 
nonlinear distortion accumulates. For Re > 1, higher 
harmonics are generated, and the wave profile may 
undergo radical changes. 

The physical process underlying waveform distor- 
tion for a plane (one-dimensional) traveling wave is the 
simple-wave characteristic relation dx/dt=co + Bu 
for the propagation speed of individual points on the 
waveform, where cg is the small-signal (infinitesimal- 
amplitude) sound speed. Positive values of the particle 
velocity u (or sound pressure) in the waveform advance 
on the zero crossings propagating at speed co, and neg- 
ative values recede. For Re> 1, this process leads to 
waveform steepening up to the “breaking” point, be- 
yond which this propagation law predicts a multivalued 
waveform (see Figure 1). Whereas water waves break, 
sound waves cannot, and instead an abrupt jump in the 
wave amplitude, referred to as a shock front, is formed. 
Shocks substantially increase attenuation of the wave, 
and their thickness is proportional to a combination of 
viscosity and thermal conductivity coefficients. 

The process just discussed is well described for a 
plane traveling wave by the Burgers equation 


du a2u 
at ax?’ 








du 
+ (co + Bu) 5 5 () 
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Figure 1. Schematic of the evolution of an initially sinusoidal 
nonlinear acoustic wave. Each plot corresponds to the one-period 
waveform as a function of coordinate at the successive time 
moments. 


where 6 is a dissipation coefficient that accounts for 
viscosity and thermal conductivity and equals 2v/3 
for shear viscosity alone. The left-hand side accounts 
for the finite-amplitude propagation speed given above. 
The Reynolds number, given above, characterizes the 
ratio of the nonlinear term to the dissipation term. 
Equation (1) is expressed in a form convenient for initial 
value problems, when an initial spatial waveform is 
prescribed. An alternative form of Equation (1), with the 
roles of x and ¢ reversed, is used in signaling problems, 
in which a time waveform is prescribed on a boundary. 
Similar processes occur in spherical waves, such as 
those at sufficient distances from explosions, where the 
nonlinearity is weak. 

An important role in the development of modern 
nonlinear acoustics has been played by the parametric 
array conceived by Westervelt in the USA and Zverev 
and Kalachev in Russia in the early 1960s. In the 
parametric array, two acoustic beams close in frequency 
interact nonlinearly and create a virtual antenna that ra- 
diates a secondary, low-frequency beam. Notwithstand- 
ing their low efficiency, these antennas prove useful in 
applications (such as sea bottom profiling) because of 
their high directivity and absence of side lobes. 

Describing the parametric array and nonlinear sound 
beams, in general, is a complicated problem that 
requires taking into account the effect of diffraction. 
The combined effects of nonlinearity, attenuation, 
and diffraction on a sound beam may be modeled 
with an augmented form of Equation (1) called the 
Khokhlov—Zabolotskaya—Kuznetsov (KZK) equation. 
This equation contains an additional term that accounts 
for the diffraction of narrow beams. It is widely used 
for calculations of finite-amplitude sonars, such as the 
parametric array, and focused beams of high-intensity 
ultrasound used in imaging and medicine. Further 
augmentation of Equation (1) permits investigation 
of nonlinear propagation in inhomogeneous media 
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and leads to a theoretical formalism called “nonlinear 
geometrical acoustics,” which is used to study the 
evolution of ray patterns. 

Acoustic fields in fluids can also generate time- 
averaged effects such as acoustic streaming (steady 
flow) and radiation pressure. Acoustic streaming pro- 
vides a basis for some microfluidic pumps, and in other 
applications, it influences heat transfer. Radiation pres- 
sures generated by standing waves are used to levitate 
and manipulate particles and bubbles, especially in mi- 
crogravity environments. Accurate prediction of these 
time-averaged effects requires special care when defin- 
ing the problem under consideration. 

Nonlinear acoustics of solids includes a variety 
of interactions between different wave types, such 
as longitudinal, shear, and surface waves in isotropic 
solids. Additional types of wave interactions occur in 
anisotropic media (crystals). The different propagation 
speeds of the various waves lead to selection rules 
for particular wave interactions, usually connected 
with the direction of propagation. Surface (interface) 
waves exhibit nonlinear propagation effects that differ 
fundamentally from those of bulk longitudinal and 
shear waves. Their penetration depth away from 
an interface is proportional to wavelength, and this 
frequency-dependent property gives rise to nonlocal 
nonlinearity that does not occur in bulk waves. With 
nonlocal nonlinearity, the nonlinear perturbation of the 
wave velocity at any given point on a waveform is 
influenced by the entire wave field. 

Along with “classical” homogeneous media in which 
the nonlinearity is due to anharmonicity of atomic 
forces, there exists an important class of “structurally” 
nonlinear media in which the nonlinearity is due to 
the presence of soft inclusions in a harder main body. 
Examples are small gas bubbles in liquids, pores in 
rubber-like materials, and grain contacts, microcracks, 
and dislocations in solids. Acoustic nonlinearities in 
such media can be several orders stronger than in 
homogeneous media. Moreover, the nonlinear equation 
of state (stress-strain relation) in such materials as 
metals and rock can predict irreversible behavior 
(hysteresis), which results in some unusual effects; for 
example, the third-harmonic amplitude in a strain wave 
can be proportional to the square of the primary-wave 
amplitude, rather than to its cube. 

From a physical viewpoint, classical nonlinear 
acoustics deals mainly with non- or weakly-dispersive 
media, in which cumulative waveform steepening and 
harmonic generation occurs until shocks are formed. 
Dispersion in acoustics can be introduced by waveguide 
walls (geometrical dispersion) or by inhomogeneities 
such as grains and bubbles. As a result, many effects 
known in nonlinear optics and plasma physics have 
been realized in acoustics, such as self-focusing, phase 
conjugation (wave front reversal), and parametric am- 
plification. Acoustic solitons, in which certain effects 
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of nonlinearity and dispersion offset each another, are 
also possible. Even an acoustical analog of the maser, 
in which randomly phased oscillators (such as reso- 
nant bubbles) self-synchronize and radiate coherently, 
is possible. 

Applications and manifestations of nonlinear acous- 
tics are numerous. Besides the aforementioned pro- 
cesses, acoustic nonlinearities are important in explo- 
sion waves, sonic booms, thermoacoustic engines (in 
which sound waves serve as heat pumps), therapeutic 
and diagnostic medical ultrasound, materials character- 
ization, and nondestructive testing. Shock waves also 
form inside collapsing cavitation bubbles, and they are 
thought to influence the resulting flashes of light re- 
ferred to as sonoluminescence. 
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In the early part of the 20th century, vacuum 
tube devices dominated electronics circuitry. However 
with the advent of junction transistors in 1951 
and integrated chips in 1957, semiconductor devices 
largely replaced vacuum tubes by the 1970s. Present- 
day electronic circuits make extensive use of active 
elements/devices that may behave either linearly 
or nonlinearly, depending upon their applications, 
operating currents, and voltages (as well as various 
physical effects including thermal effects, dielectric 
breakdown, and magnetic saturation). Typical modern 
nonlinear devices include semiconductor diodes, 
bipolar junction transistors (BJTs), and field effect 
transistors (FETs). For analysis and design, the 
nonlinear devices are often replaced by equivalent 
basic nonlinear circuit elements such as two-terminal, 
multiterminal, and multiport resistors, capacitors, and 
inductors. Thus, a nonlinear electronic circuit is 
an interconnection of the various circuit elements 
involving at least one nonlinear element. 

The major nonlinear two-terminal circuit elements 
are typically characterized by nonlinear functional 
representations in contrast to their linear counter- 
parts: (i) nonlinear resistor: nonlinear voltage u(t) vs. 
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Figure 1. (a) Linear resistor and its v-i characteristic (b) 
Nonlinear resistor and its v-i characteristic. 


current i(t) characteristic curve, (ii) nonlinear capaci- 
tor: nonlinear charge g(t) vs. voltage u(t) curve, and 
(iii) nonlinear inductor: nonlinear i(t) vs. magnetic 
flux ®(t) curve (for an illustrative example, see Fig- 
ure 1). More general circuit elements, such as three 
terminal transistors and multipliers, and multitermi- 
nal elements, such as operational amplifiers (opamps), 
are also frequently used (Chua et al., 1987; Schu- 
bert & Kim, 1996). An innovative nonlinear element 
is the piecewise-linear device, namely Chua’s diode 
synthesized using opamps/diodes and linear elements 
(possessing a five-segment v—i characteristic curve, in- 
cluding three negative resistance pieces, see Figure 2), 
which plays a crucial role in understanding various non- 
linear dynamical phenomena (Lakshmanan & Murali, 
1996; Lakshmanan & Rajasekar, 2003). The state equa- 
tions for the currents and voltages underlying a given 
nonlinear electronic circuit, which are deduced using 
Kirchhoff’s laws for electrical circuits, turn out to be a 
system of coupled nonlinear differential equations. In 
particular, when a given circuit includes at least two en- 
ergy storage elements such as capacitors and inductors 
and a nonlinear element (which can typically function 
as an amplifier), it behaves as an oscillator for appro- 
priate feedback and circuit parameters. The underlying 
system of nonlinear differential equations can then be 
equivalently considered as a typical nonlinear oscillator 
dynamical system of dissipative type. 

Historically, the relaxation oscillator investigated 
by the Dutch engineer Balthasar der Pol in his 
seminal paper, “Frequency Demultiplication” (van der 
Pol & van der Mark , 1927), may be considered 
as the earliest example of a nonlinear electronic 
circuit, exhibiting many of the characteristic features 
underlying bifurcations and chaos, though not fully 
understood at that time. The circuit typically consists 
of a high voltage de source E attached via a large series 
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Figure 2. (a) Chua’s diode and (b) its characteristic. 
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Figure 3. Van der Pol’s original oscillator circuit. 


resistance R to a neon bulb Np (or a triode valve) and 
a capacitor C, which are connected in parallel (see 
Figure 3) along with an external periodic signal Vs. 
As the capacitance C is increased smoothly, the current 
exhibits “discrete jumps from one whole-submultiple of 
the driving frequency to the next.” For a critical value of 
the amplitude of the driving signal, this pattern of mode- 
lockings has a self-similar fractal structure consisting 
of an infinite number of steps. In modern jargon, this 
is just the devil’s staircase (Kennedy & Chua, 1986). 
Van der Pol also noted that “often an irregular noise is 
heard in the telephone receiver [monitoring the signal 
in some way] before the frequency jumps to the next 
level value.” Now we know that this “noise” indeed 
corresponds to chaotic signals. Typically, the circuit 
is represented by the second-order non-autonomous 
nonlinear differential equation 


dx > dx 
1 + 
de Vat? 
where « is the damping coefficient and f and w 


represent the strength and frequency, respectively, of 
the periodic external forcing. 








f sinot, (1) 
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Figure 4. MLC Circuit: N is Chua’s diode and f(t) is the 
periodic signal. 


Similar circuits are useful for modeling physical and 
biological systems; examples include flow of current 
across Josephson junctions or nerve impulse propaga- 
tion in neuronal fiber in the form of Hodgkin—Huxley or 
FitzHugh—Nagumo equations (Scott, 2003). From the 
point of view of nonlinear dynamics, nonlinear elec- 
tronic circuits arise either in analog simulation of typ- 
ical nonlinear oscillators such as the Duffing oscilla- 
tor or Lorenz system or as new dynamical systems per 
se constructed using typical nonlinear devices or inge- 
niously designed elements such as Chua’s diode to act 
as black boxes to understand the various novel nonlinear 
phenomena. Examples of the latter include Chua’s cir- 
cuit/oscillator and Murali-Lakshmanan—Chua (MLC) 
circuit (Figure 4). In either case, these circuits are 
easy to build, analyse, and model, and help to scan 
the control parameter space quickly, thereby compli- 
menting numerical and analytical studies of nonlinear 
phenomena. 

Just like standard nonlinear dissipative dynamical 
systems, nonlinear electronic circuits typically exhibit 
various dynamical phenomena including bifurcations 
and chaos (Lakshmanan & Murali, 1996; Lakshmanan 
& Rajasekar, 2003; Thompson & Stewart, 1986). 


e Multistable states: These correspond to point 
attractors (nodes and spiral points) as exhibited, for 
example, by any flip-flop or Schmitt trigger. 

e Periodic oscillations: Autonomous nonlinear cir- 
cuits can typically exhibit sinusoidal time response 
for weak nonlinearity (e.g., LC oscillators) and 
nearly square wave response (relaxation oscillators) 
for strong nonlinearity (e.g., square wave gener- 
ators, Schmitt triggers). On the other hand, non- 
autonomous circuits often exhibit nonlinear resonant 
(harmonic, subharmonic, superharmonic, and dissi- 
pative) oscillations for weak nonlinearity (e.g., fer- 
roresonant circuit with ac voltage source, hysteresis 
circuits, power amplifiers). 

e Bifurcations and chaos: Almost the entire spectrum 
of bifurcations and chaos phenomena encountered 
in typical chaotic nonlinear dynamical systems is 
exhibited by numerous simple nonlinear electronic 
circuits/oscillators (e.g., Duffing oscillator, van der 


NONLINEAR OPTICS 


Pol oscillator, Chua’s circuit, MLC circuit, RL diode 
circuit, Colpitts oscillator, Buck converters in power 
electronics). 

e Synchronization and controlling: Nonlinear elec- 
tronic circuits are versatile models to study and 
understand the phenomenon of synchronization in 
all its manifestations (such as identical, phase, lag, 
and generalized synchronizations) both with peri- 
dic and chaotic oscillations between two or a chain 
oscillators. Similarly, to study various controlling 
techniques of periodic as well as chaotic oscillations, 
nonlinear circuits play a crucial role. 

e Secure communications and cryptography: Because 
of the inherent advantage of miniaturization, 
nonlinear electronic circuits are natural choices for 
chaos application studies in secure communications, 
cryptography, and signal processing. 


oO 
0. 





Nonlinear electronic circuits have become indis- 
pensable tools to understand a multitude of nonlinear 
dynamical phenomena, including chaos. In turn, non- 
linear electronics has itself been enriched greatly by the 
advances in understanding various complex nonlinear 
phenomena, leading to the potential applications men- 
tioned above. 
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See also Chaotic dynamics; Chua’s circuit; Diodes; 
Duffing equation; Van der Pol equation 
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Maxwell’s theory of electrical and magnetic fields 
and his idea that light is an electromagnetic wave 
were among the great milestones of scientific thought, 
unifying our understanding of a large and diversi- 
fied range of physical phenomena. Indeed, by the 
late 19th century, the success of the classical elec- 
tromagnetic theory of light led some to believe 
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that there were few fundamental discoveries to be 
made. 

Nonlinear properties of Maxwell’s constitutive rela- 
tions B = u.(H)H, D=e(E)E had been recognized 
from the beginning. For example, the nonlinear perme- 
ability of ferromagnetic media was of prime concern in 
the design of electrical machinery in the 19th century. 
Nonlinear properties in the optical region had to await 
the discovery of the ruby laser in 1960 by Theodore 
Maiman (Maiman, 1960). The defining experiment by 
Peter Franken and coworkers in 1961 (Franken et al., 
1961) detected ultraviolet light (1=3470A) at twice 
the frequency of a ruby laser (1=6940A) when this 
beam traversed a quartz crystal. (There is a humor- 
ous story about this discovery: the detected radiation 
was so weak that it appeared as a very faint spot on 
the photograph submitted to Physical Review Letters. 
The typesetting staff assumed that it was a glitch and 
erased it in the published document!) This experiment 
spurred a flurry of activity and many nonlinear opti- 
cal phenomena were rapidly discovered. A series of 
monographs by Nicolaas Bloembergen in the 1960s 
(see Bloembergen, 1996a,b) contain an excellent his- 
torical overview of the explosive growth of activity in 
this field in the early days (see also Marburger, 1977; 
Shen, 1977). 

For the most part, the study of nonlinear optical 
phenomena assumes a quantum material system 
coupled to a classical electromagnetic field. Within 
this approximation, noise-driven phenomena can be 
adequately described by a Langevin-type driving 
force. A proper description of quantum effects such 
as spontaneous emission or scattering requires that 
the electromagnetic field itself be quantized. Most 
nonlinear optical materials are nonmagnetic, so one sets 
the magnetic permeability (1) = 20, a constant. The 
procedure then is to expand the dielectric permeability 
é(E) as a formal power series in the electric field. 
This is most commonly done by defining an induced 
polarization field in terms of the electric displacement 
vector D=ey9E +P, where P= P, + Py, (linear 
and nonlinear contributions). The first term on the right- 
hand side of the expression for the electric displacement 
vector D is the vacuum contribution. The polarization 
P describes the coupling of the light to induced 
dipoles in the material, and this physical quantity is 
expanded in series in powers of the electric field, EF’, as 
follows. 





Lp= [i (t) E(t— 1) dt 


a [x (1, 72) E(t — 11) 


x E(t — tm) dt dtm 


+f [ [% (T1, 12, 73) E(t — 1) 
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Here, the dielectric susceptibility terms xX Hy FHT 233 
are second, third, and fourth rank tensors, respectively. 
The latter are causal functions and tensor product 
notation is assumed. The second equality is written 
in terms of Fourier transform variables. Although, 
in principle, the dielectric susceptibilities at each 
order could be obtained from fully ab initio quantum 
mechanical calculations on the relevant materials, in 
practice, such calculations are too complex and one 
usually has to rely on experimentally measured data. 
Higher order processes than those displayed explicitly 
in this equation are generally unimportant because the 
leading order accessible nonlinear effect dominates. 
(Exceptions occur when nonlinear saturation becomes 
important.) The above induced polarization term acts 
as a source for the electromagnetic field in Maxwell’s 
vector wave equation, 
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The leading order term X, above is a second rank 
tensor that describes all linear optical interactions 
involving propagating optical fields of any arbitrary 
polarization. For virtually all nonlinear optical inter- 
actions, it is appropriate to expand the electric field 
vector as a linear combination of products of envelope 
functions and optical carrier waves 


E(r,th= eA; (r, t) exp (i (+k; “Te wjt)) 
j 
+c.c. (3) 





Here Aj; are slowly varying envelope functions, 
and @; is a unit vector indicating the direction 
of polarization. Each wave vector or frequency 
pair (kj,wj;) satisfies a linear dispersion relation 
D(kj,@;) =0. A goal in nonlinear optics is to write 
down evolution equations for the complex slowly 
varying envelope functions A;. The structure of these 
equations, which describe how almost monochromatic, 
weakly nonlinear, dispersive wave trains interact, is 
universal and so many of the properties of lightwaves 


630 


can be inferred from corresponding situations in other 
fields. 

The leading nonlinear behavior in noncentrosym- 
metric crystals is due to the second order term X>, 
a third rank tensor (with 9 components). This term 
is responsible for second harmonic generation as first 
observed by Franken et al. (1961). Significant quadratic 
nonlinear interactions between wave packets take place 
when triads of wave vectors and frequencies k jp @j 
obey 


ki +k +k; 


where each k;, w; pair satisfies its own dispersion re- 
lation. Physical effects arising from this term include 
second harmonic generation (2m; — @3 ), de rectifi- 
cation (@; — @; > 0), and frequency up- and down- 
conversion (w, + w2— 3). The first two nonlinear 
interactions are termed degenerate because w| =w2 
and two photons (2/a)) in the incident laser beam are 
needed to create one second harmonic photon. For these 
three-wave interaction processes to be efficient both en- 
ergy (i.e., hw, + h@2 = he; for up-, down-conversion, 
2h, =hw3 for second harmonic generation) and 
momentum (hki(w) + hk2(w)=hk3(), for up-, 
down-conversion, 2hk\(@)=hk3(@) for harmonic 
generation) must be nearly conserved. (Here hk is the 
photon momentum.) Three-wave interactions are gen- 
erally difficult to observe in isotropic media as material 
dispersion precludes being able to satisfy the momen- 
tum conservation relation. A symmetry argument also 
shows that x?-processes are forbidden in materials pos- 
sessing a center of symmetry. Noncentrosymmetric uni- 
axial and biaxial crystals (those in which the refractive 
index is different in different directions in the crystal) 
are employed to achieve efficient phase matching. This 
is because the magnitude of the optical wave vector is 
related to the material refractive index through the re- 
lation k =n(@)qw/c, where the dispersion of the refrac- 
tive index n(w) is explicitly displayed. The complex 
envelopes A;, Az, and A3 of the three wave packets 
obey the universal three-wave interaction equations of 
universal type 
dAj ae 

with j,/,m cycled over 1,2,3, where cj is the linear 
group velocity of the jth wave packet and 6; is a 
coupling coefficient proportional to X2. 

Four-wave x3-processes are the leading order 
nonlinear optical processes in a medium possessing 
a center of symmetry. Here significant exchange of 
energy only takes place between resonant quartets 














0, a) ta2+03=0, (4) 











(kj,@j);_1> each obeying its dispersion relation. 
Contrary to the triad resonance condition, energy 
conservation and phase matching can always be 
satisfied with several trivial choices. The nonlinear 
dielectric susceptibility is now a fourth rank tensor 
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although many of its components are either identical 
or zero, depending on crystal symmetry properties. 
Degenerate four-wave interactions include self-phase 
modulation (or Kerr effect, w;+@, — @| > @}) 
and third harmonic generation (@; + @; + @1 > 3a) 
(Terhune et al., 1962). Common nondegenerate third- 
order processes include four-wave-mixing (FWM) 


interactions. 
Four-wave-mixing interactions can be used to create 


a “phase-conjugated wave.” A nonlinear interference 
grating is created within the nonlinear material 
through the interaction of two strong pump waves 
satisfying kj +k2=0 and wj=a@2=a. A weak 
third wave scatters off this grating and generates 
a time-reversed phase-conjugated replica of itself. 
The incident and scattered waves satisfy k3 + ky =0 
and w4=@3=a@. FWM interactions can also lead 
to degradation in wavelength-division-multiplexed 
(WDM) long-haul fiber transmission systems as a result 
of energy transfer between equally spaced channels. 
Another important nondegenerate interaction involves 
the phenomenon of nonlinear birefringence where 
k4, @4 =— ko, — a2, k3,@3=—k,, —@, and the 
complex slowly varying functions Aj, A2 represent 
envelope wave packets of different polarization 
direction. Coupled nonlinear Schrédinger (NLS) 
equations for the envelope fields A; (7, t) and A2(r, t) 
can be derived that describe nonlinear self- (i.e., 
|A,|2Aq in the A; equation and |A2|2 Ao in the A2 
equation) and cross-phase modulation (i.e., |A2|7Aq 
in the A; equation and |A; \2Ao in the Az equation) 
for co- and counter-propagating laser pulses. The 
relative weighting of self- and cross-phase modulation 
nonlinearities depends on the material properties 
(Marburger, 1977) and plays an important role in 
polarization switching of soliton pulses in optical fibers. 
One can write down more general universal four-wave 
interaction equations along the lines described above 


for the three-wave interaction case. 
A well-known degenerate x3-process is the optical 


Kerr effect. This self-interaction term induces a 
nonlinear phase change proportional to the intensity 
|A|* of the propagating light pulse. This phase change, 
called self-phase modulation, is an accumulative 
propagation effect that is central to applications that 
exploit the optical Kerr effect. A canonical form of the 
D-dimensional NLS equation, incorporating the Kerr 
effect, can be written as follows: 


D ‘ D 2 92 
.[ 0A > a aA a a-A 
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jel 


dw 24 
+(e) |A|°A = 0. (6) 








The first two terms combined describe the advection of 
a pulse (wave packet) with group velocity vg =@ (k). 
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The second and third terms represent the balance 
between dispersion and weak nonlinearity. Higher 
order corrections terms can be derived as an asymptotic 
expansion in a small parameter as described in Newell 
& Moloney (1992). Dispersion in nonlinear optics is 
manifested in two physically distinct ways: diffraction 
describing spatial spreading of a tightly collimated 
beam or pulse in a direction transverse to the direction 
of propagation, and dispersive spreading in time (group 
velocity dispersion w” (k)) of an ultrashort laser pulse. 
The latter mechanism plays an increasingly influential 
role as the propagating laser pulse gets shorter and 
shorter. 

In 1-d, the NLSE is integrable and the Kerr 
nonlinearity can balance group velocity dispersion to 
form temporal solitons in optical fibers. Both bright 
and dark temporal soliton pulses have been observed 
experimentally in fibers. Spatial soliton beams can be 
created in two-dimensional planar waveguides where 
there is strong confinement of the optical field in a 
single spatial dimension transverse to the propagation 
direction of the light beam. Spatial confinement in 
two (fibers) or one (planar waveguides) dimension is 
required to form stable soliton pulses or beams. In 
unconfined transparent bulk geometries, the optical 
Kerr effect is responsible for critical self-focusing, 
leading to extremely intense focused light that causes 
catastrophic damage in transparent glasses. Critical 
self-focusing was first observed experimentally by 
Chiao and coworkers in 1964 (Chiao et al., 1964). 

There are other categories of nonlinear optical 
effects that can be described in terms of envelope 
functions and that depend sensitively on the finite 
response of some material oscillation. Stimulated 
scattering is a case in point. These processes are 
essentially three-wave interactions where one of the 
optical waves is replaced by a material oscillation. 
In transparent glasses for example, there are two 
characteristic modes of oscillation of the lattice as 
shown in Figure 1. The lower frequency acoustic 
phonon mode corresponds to an oscillation of all 
atoms in unison along a fixed direction in the lattice. 
The higher frequency optical phonon mode involves 
neighboring atoms in the lattice oscillating out of phase. 
The dispersion relation for lattice vibrations, therefore, 
contains an acoustic and optical branch, both of much 
lower frequency than the optical frequency. 

Figure 1 shows a plot of the optical phonon (top 
curve) and acoustic phonon (bottom curve) dispersion 
for a diatomic crystal lattice within the first Brillouin 
zone. On the scale of this graph, the photon branch (light 
cone) is essentially vertical, making the acoustic and 
optical phonon dispersion essentially flat. An intense 
pump laser pulse at frequency wp» entering a transparent 
glass can scatter off either a fluctuating low-frequency 
acoustic phonon (Stimulated Brillouin Scattering, 
SBS) or a fluctuating optical phonon (Stimulated 
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Figure 1. Acoustic (bottom)and optical (top) phonon branches 
of the dispersion curve for a diatomic lattice. The abscissa is 
scaled to the lattice constant “a.” 


Raman Scattering, SRS) at finite temperature. Energy 
conservation ensures that the scattered optical signal 
has a frequency ws = Wp — wy, where wy is the natural 
acoustic or optical phonon frequency. Technically, SBS 
and SRS processes look like a three-wave interaction 
where phase matching is easy as the dispersion of 
the material oscillation is locally flat on an optical 
frequency scale. In fact, it can be shown that these 
processes are essentially four-wave interactions, as the 
oscillator model, representing the material oscillation, 
is driven by the square of the optical field. Typically, 
SBS is generated in the backward direction and SRS 
can to be generated in the forward and/or backward 
direction relative to the propagating pump laser pulse. 
SRS processes in liquids and gases can generate 
a cascade of frequency down-shifted (Stokes) and 
frequency up-shifted (anti-Stokes) waves. Although 
both SBS and SRS processes are essentially phase 
matched for all directions, they can only exist by 
feeding off the intense pump pulse. There also exists 
a degenerate stimulated scattering process called 
Stimulated Rayleigh Scattering—this is essentially a 
Kerr-like process with finite memory. All of these 
stimulated scattering phenomena can be observed in 
bulk transparent materials (Marburger, 1977; Shen, 
1977) and optical fibers (Agrawal, 1989). They can be 
stimulated from noise or seeded at the optical signal 
wavelength by injecting a weak laser field. 

Another important class of nonlinear optical phe- 
nomena involves direct resonant coupling to some form 
of material oscillation. The simplest physical manifes- 
tation of this category is the two-level atom. Absorb- 
ing/amplifying media that give rise to the phenomenon 
of self-induced transparency (SIT) and lasers belong 
to this category. The dielectric susceptibility is now 
complex with the real part corresponding to a refrac- 
tive index change induced by the optical field and the 
imaginary part corresponding to absorption or ampli- 
fication of light. The real and imaginary parts of the 
dielectric susceptibility are related through a Hilbert 
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transform—the Kramers—Kronig relation. Energy is di- 
rectly transferred between optical fields and material 
oscillations. Self-induced transparency (SIT) solitons 
propagate when this coherent population or energy ex- 
change can occur between the lower (L) and upper (U) 
level of a two-level atom on a timescale short relative to 
any irreversible energy decay processes such as spon- 
taneous emission from the excited state (U). This popu- 
lation cycling between two levels occurs at a frequency 
oR =|"12A|/h, where p12 is the dipole matrix be- 
tween the two levels and his Planck’s constant. The fre- 
quency wp is called the Rabi frequency, from the field 
of magnetic resonance spectroscopy. Figure 2a depicts 
this simple two-level atom scheme. For longer optical 
pulses, nonlinear saturation can occur in the presence 
of intense propagating optical fields. Population inver- 
sion, required for lasing action, cannot be achieved in a 
two-level atom (See Lasers). Optical amplification of 
light requires that a net inversion be achieved between 
the upper (U) and lower (L) atomic or molecular level 
involved in the light amplification process. Such inver- 
sion can be achieved by pumping atoms or molecules to 
energetically higher levels with a subsequent rapid non- 
radiative energy decay down to the upper excited level 
(U). Classical laser action can be described in terms of 
three-level and four-level quantum models. Figure 2b 
and c depict two classical lasing level schemes where 
the ground level population is pumped (E = hap) into 
some upper excited state followed by a rapid (nonra- 
diative) population decay (dashed arrows) to the upper 
excited lasing level (U). The original ruby laser, discov- 
ered by Maiman in 1961, is an example of a three-level 
(actually three band) system schematically shown in 
Figure 2b. Inversion is more difficult to achieve in a 
three-level laser as the upper lasing level must have a 
net population in excess of that in the ground level. This 
requires pumping of more than half of the atoms to the 
upper lasing level. In the four-level laser, the lower las- 
ing state is not the ground state and its initial population 
can be zero or very small due to finite temperature popu- 
lations. Efficient lasing is achieved by rapidly removing 
the populations from the lower lasing level (L). 

Such energy level schemes are generally gross sim- 
plifications of a real laser although they provide useful 
models of solid state and gas lasers (Siegman, 1986). 
Fiber lasers with erbium and/or ytterbium-doped cores 
belong to the category of solid state lasers. Semicon- 
ductor lasers, on the other hand, are extremely complex 
many-body systems involving many bands rather than 
levels and the above descriptions prove inadequate. 

Key current developments in the field of nonlinear 
optics have benefited from technical developments that 
have enabled experimentalists to produce ultrashort 
laser pulses and invent novel materials processing 
methodologies. We sketch some of the key areas of 
research where such effects have been exploited in 
recent years. 
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Figure 2. (a). Two-level energy level scheme. (b). Three-level 
lasing level scheme. (c). Four-level lasing level scheme. 


Nonlinear Optical Data Processing 


A cumulative intensity-induced phase shift due to the 
Kerr nonlinearity, of the order of p, provides one of 
the most useful all-optical data processing capabilities. 
High-speed optical sampling, switching, amplification 
and storage applications abound, based on this 
nonlinear mechanism. Optical switching and data 
sampling can be implemented in directional couplers 
and Mach-Zehnder interferometers in both waveguide 
and fiber arrangements. Optical amplification and 
storage of pulse trains representing digital information 
can be achieved by placing a nonlinear transparent Kerr 
medium in a ring or Fabry-Perot cavity arrangement. 
So-called optical bistable elements require an injected 
holding beam to maintain the cavity at some threshold 
level whereby an incremental input can lead to strong 
amplification or storage of the system in one of two 
stable accessible states. The latter situation is depicted 
in Figure 3. Here the system has a memory (hysteresis) 
whereby a lower (bit 0) and upper (bit 1) state can 
be switched by some external perturbation. Adjusting 
some cavity parameter can also lead to a single- 
valued but rapidly rising output transmission of the 
system. This is useful for amplifying injected pulse 
streams. 


NONLINEAR OPTICS 








Hysteresis loop 


Transmitted intensity 











Incident intensity 


Figure 3. Hysteresis loop for a bistable optical cavity. 


Such passive optical bistable cavities have also been 
shown to exhibit deterministic chaotic dynamics when 
the finite time delay of the optical signal circulating 
in the optical resonator has been taken into account. 
When transverse degrees of freedom of the external 
pump laser beam are included, so-called transverse spa- 
tial solitons have been observed. Although technology 
applications have been envisioned for both of these dy- 
namical phenomena, there are no specific implementa- 
tions to date. 


Chaotic Synchronization and Communication 
with Lasers 


Semiconductor lasers are highly susceptible to exhibit- 
ing chaotic dynamics even in the presence of extremely 
weak (10~“) feedback from an external reflecting sur- 
face. This tendency to readily exhibit deterministic 
chaos means that semiconductor laser sources require 
greater than 40 dB optical isolation, making them the 
most expensive component in an optical fiber telecom- 
munications network. Research in recent years has fo- 
cused on taking advantage of this chaos by demonstrat- 
ing that chaotic transmitter and receiver lasers can be 
synchronized and messages encoded and decoded at the 
transmitter and receiver end, respectively. Mathemati- 
cally, these chaotic lasers are described at the simplest 
level by delay differential equations. 


Quasi-phase Matching in Isotropic Media 


Quasi-phase matching (QPM) is a means of beating the 
usual triad resonance condition needed to efficiently 
transfer energy between waves in second harmonic 
generation. Figure 4 shows the ideal phase-matched 
energy transfer to second harmonic as a function 
of propagation distance in a uniaxial crystal. When 
detuned from the phase-matching condition, energy 
transfer occurs less efficiently and there is a periodic 
transfer back and forth between the fundamental 
at frequency and the second harmonic signal at 
frequency 2m. In this case, one observes the oscillatory 
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Figure 4. Comparison of energy transfer from the fundamental 
to the second harmonic for phase-matched, detuned and 
quasi-phase-matched conditions. 


nonphase-matched behavior depicted in the picture. 
This is typically the situation encountered in isotropic 
materials. 

Quasi-phase matching entails taking a crystal with a 
nonlinear coefficient and periodically reverting the sign 
of the dipoles in such a way that the phase of the wave is 
reversed every coherence length along the crystal. The 
latter is proportional to the refractive index mismatch 
at the fundamental and second harmonic frequencies. 
A practical implementation of quasi-phase-matching 
is through the process of periodic polling whereby 
a ferroelectric material such as lithium niobate, for 
example, can effectively have its dipoles reversed 
periodically with patterned electrodes. QPM soliton 
propagation is an intense area of modern research and 
has the advantage that much larger nonlinear optical 
couplings can be achieved via the x2 nonlinearity. 


Optical Breakdown in Intense Laser fields 


Optical breakdown due to critical self-focusing of 
continuous wave laser beams or long pulses has been 
observed since the 1960s. The breakdown phenomenon 
itself is very complex and can involve nonlinear 
coupling to thermal, acoustic, vibrational, rotational, 
and electronic degrees of freedom. Thermally induced 
lensing, leading to critical self-focusing, is dominant for 
long microsecond-duration laser pulses. Nanosecond- 
duration laser pulses couple strongly to hypersonic 
acoustic waves and critical self-focusing is due to the 
physical mechanism of electrostriction. Picosecond- 
duration laser pulses typically generate electron/ion 
plasmas through the process of avalanche photo- 
ionization, whereas femtosecond-duration laser pulses 
breakdown materials predominantly via the mechanism 
of multiphoton ionization. The latter process is 
essentially instantaneous and the nonlinear ionization 
process is proportional to |A|?”, where the minimum 
energy required to excite the bound electron to the 
ionization continuum is E = Nho. 
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Figure 5. Calculated white-light supercontinuum for a 
high-power femtosecond laser pulse propagating in air. 


Stimulated scattering processes usually accompany 
optical breakdown processes making it extremely 
difficult to unravel the relevant physics for longer 
duration laser pulses. Plasma, generated via avalanche 
ionization, acts as a shield, preventing the laser pulse 
from propagating further in the material. Shock waves 
generated in the nonlinear focal region can cause 
mechanical rupture for longer duration pulses. 


Extreme Nonlinear Optics 


The development of high-power femtosecond laser 
sources has led to some novel nonlinear interactions 
that exploit the optical Kerr effect. Single cycle pulses 
have been generated and very recent experimental 
evidence has been provided for the generation of 
attosecond pulses. These optical pulses are of such 
short duration that they interact with the atom or 
molecule on a timescale comparable to that taken by 
the electron to orbit the nucleus! The advantage of 
these laser sources is that many of the detrimental 
physical effects accompanying longer duration pulses 
are not operative in the femtosecond regime. Therefore, 
it is possible to achieve large local field intensities 
while maintaining low energies in the pulse. Recently, 
high-power femtosecond laser pulses, focused down to 
scales on the order of the wavelength of light, have 
been used to locally change the material properties 
of glass and write complicated integrated optics 
waveguiding structures. The actual mechanism for the 
transformation of the glass to a state with a higher 
refractive index is not yet fully understood. 
High-power femtosecond laser pulses can propagate 
over anomalously long distances in air, achieving peak 
field intensities on the order of 10!°-10!4 W/cm?. 
These huge intensities break down the air via 
multiphoton ionization in the vicinity of the nonlinear 
focus. Plasma, generated within the 100 1m diameter 
focal spot, can act as a defocusing lens, causing 
the trailing edge of the laser pulse to defocus 
and refocus multiple times as it propagates through 
the atmosphere. Accompanying the extreme self- 
focusing is white-light supercontinuum generation. 
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The relatively narrow spectral peak of the initial 
pulse blows out asymmetrically and encompasses 
wavelengths ranging from the infrared to the ultraviolet. 
Figure 5 shows the change in the calculated white- 
light supercontinuum spectrum as a function of 
increasing pulse energy for a 100 fs-duration laser pulse 
propagating in air. The experimentally measured back- 
reflected white-light supercontinuum from a 2.6TW 
100 fs-duration laser pulse launched vertically into 
the atmosphere (Rairoux et al., 2000) exhibits the 
same qualitative features. The initial pulse spectrum 
is localized around the narrow peak at 800nm. The 
mechanism, by which this high-power pulse sustains 
itself as a waveguide, is through a combination of 
recurring transverse modulational instabilities that 
create multiple intense chaotic self-focusing light 
strings and accompanying plasma filament generation 
that acts to limit the strong focusing effect (Mlejnek 
et al., 1999). 

Another important application of high-power fem- 
tosecond laser pulses is in the generation of highly tran- 
sient X-ray pulsed sources through higher harmonic 
cascades accompanying extreme pulse focusing. Hun- 
dreds of harmonics have been observed experimentally 
(Bartels et al., 2000), and novel algorithms are being 
developed to reshape the initial pulse so as to be able to 
efficiently extract a particular higher harmonic. When 
the pulse peak intensities exceed around 10!7 W/cm?, 
one enters the nonlinear regime where relativistic 
effects become important. 

The extreme conditions encountered during critical 
focusing of high-power femtosecond-duration laser 
pulses have recently spurred theorists to question 
whether envelope equation models such as the NLS 
equation, even with higher order corrections included, 
can adequately describe pulse propagation under such 
extremes. As NLS describes quasi-monochromatic 
laser pulses, it is implicitly assumed in its derivation 
that the generated spectral bandwidth satisfies the 
inequality, which is the underlying optical carrier wave 
frequency. Experimental measurements of white-light 
generation in condensed media show that the spectral 
extent of the generated supercontinuum can exceed the 
initial pulse spectral bandwidth by a factor of 5 or more. 
The picture above for air shows that the supercontinuum 
extends well beyond the optical carrier frequency. Pulse 
propagation models that explicitly include the optical 
carrier wave and consequently allow for optical carrier 
shocks are currently under active development. 


Nonlinear Optics in Photonic Bragg Structures 


Periodic modulation of a material refractive index or 
gain offers a novel means of beating the intrinsic disper- 
sion of available nonlinear optical materials. This idea 
goes back to the early days of nonlinear optics where 
1-dimensional periodic index modulation allowed one 
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to manage or engineer the dispersion of a particular ma- 
terial. This is the photonic analog of the lattice periodic- 
ity leading to so-called Bloch states describing electron 
confinement in a semiconductor material. Just as the op- 
tical properties of semiconductor materials can be en- 
gineered by modifying the underlying lattice structure 
through the introduction of quantum wells or dots, so 
too can the optical confinement of photons be controlled 
by introducing a refractive index or gain periodicity in 
a transparent glass. Distributed feedback semiconduc- 
tor lasers, based on this distributed feedback princi- 
pal, are the workhorses of modern fiber-based telecom- 
munications systems. 1-d Bragg or gap solitons have 
been experimentally generated in periodically modu- 
lated Kerr glass waveguides—these localized pulses 
have the property that they can be dramatically slowed 
down or even be nonpropagating within the nonlinear 
periodic structure. 

2-d and 3-d photonic Bragg and crystal fiber struc- 
tures have the special property that photonic bandgaps 
can be introduced in a structure consisting of a periodic 
lattice of holes or vertical columns. In principle, such 
structures can guide light around right angle bends in 
direct contrast to waveguide splitters, trap light in de- 
fects, and provide so-called omni-reflecting properties, 
that is, guide light at all angles and wavelengths. These 
properties are in marked contrast to conventional index- 
guided optical waveguides and, when combined with 
optical nonlinearity, offer many new potential technol- 
ogy applications (Mingaleev & Kivshar, 2002). 


Electromagnetically Induced Transparency 


Electromagnetically induced transparency (EIT) is a 
quantum interference effect that acts to reduce the usual 
absorption of light experienced when its frequency is 
tuned to the resonance frequency of the sample through 
which the light is propagating. The transparency is cre- 
ated by a second light (electromagnetic) source tuned to 
another resonance of the sample. Suppressing absorp- 
tion through EIT leads to several other effects, includ- 
ing the focusing of one laser beam by another and the 
production of inversionless laser sources. 

JEROME V. MOLONEY 


See also Filamentation; Kerr effect; Lasers; Non- 
linear Schrédinger equations; Optical fiber commu- 
nications; Photonic crystals; Pump-probe measure- 
ments; Rayleigh and Raman scattering and IR ab- 
sorption 
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In studying nonlinear plasma waves, one should 
recognize that there are several analytical methods, 
including single particle, fluid, and kinetic. Using the 
proper model is important, as different models can 
result in different nonlinear phenomena (Davidson, 
1972; Horton & Ichikawa, 1996). 

Because plasmas are composed of charged particles 
and are often immersed in external electric and 
magnetic fields, it is critical to determine when the 
self-consistent fields (fields produced by the charged 
particles directly) must be considered in the presence of 
externally applied fields. Typically, the self-consistent 
electric fields need to be considered, but we can often 
neglect self-consistent magnetic fields, because the 
forces produced by the self-consistent magnetic fields 
are usually much lower than those produced by external 
magnetic fields. 


Transverse Plasma Waves 


As an example of the single-particle approach, consider 
transverse electromagnetic (TEM) waves in a plasma. 
We begin with Maxwell’s equations combining them to 
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produce the wave equation below: 


dE Ee 
VxVx E=-po— — we 


at ar?” @) 
Where o, €, and pw are the conductivity, electric 
permittivity, and magnetic permeability of the plasma, 
respectively. We shall assume that all of the plasma 
effects can be collected in the permittivity and that 
the conductivity is part of the permittivity, so we 
can set o =0 in Equation (1). If we now assume 
cartesian coordinates and that we have a transverse 
electromagnetic wave propagating in the z-direction 
with the propagation behaving like 


exp(k- r — of), (2) 


then we may substitute this notation into Equation (1) 
and represent Equation (1) as the matrix shown below: 


—k? + wpe 0 0 
0 -k? + wpe 0 
0 0 -K + wpe 
Eox 
x| Eoy | =0. (3) 
Eo: 


There are three possible eigenmodes (two of which 
are identical) for this equation. The first two are 
propagating disturbances, while the third mode is a 
time-invariant nonpropagating mode. In a plasma, this 
mode represents the electrostatic oscillations generated 
when the electrons are displaced with respect to the 
ions and allowed to move under the influence of the 
self-consistent (charge separation) electrostatic field. 
Vibrations of gelatin also exhibit this same property. 
If we assume that Eo, is zero, then the remaining two 
modes look just as they would in an ordinary dielectric. 
However, the permittivity of a plasma based on single- 
particle motions with stationary ions and no external 
d.c. magnetic field is expressed as 


2 
rea(i- St). (4) 
@ (@ + ivm) 


where vp is the electron momentum transfer collision 
frequency and wp is the electron plasma frequency 
defined as 
ne 
o=—. (5) 
még 
In Equation (5), n is the electron density, e is the 
charge of an electron, m is its mass, and ¢€o is the 
permittivity of free space. Since Equation (4) now has 
both real and imaginary parts, an effective conductivity 
of the plasma can now be obtained. Figure 1 shows 
a plot of the real part of w vs. wave number k for 
two conditions: zero collision frequency and nonzero 
collision frequency. Because the relationship between 
k and @ is not a constant as frequency changes, we 
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see that a TEM wave in a plasma exhibits dispersion. 
Examination of the real part of the propagation vector 
also shows that the wave amplitude will decrease as 
long as the collision frequency is not zero. 


Nonlinear Ion-acoustic Waves 


In this example, we consider the representation of a 
plasma as a fluid. Under these conditions, it is possible 
to excite longitudinal acoustic-type oscillations. We 
assume that the plasma mass is concentrated in its ions 
but that any electric fields that are generated by charge 
separation appear because of the higher mobility of 
the electrons. In this representation, we may write the 
equation of motion of a fluid element as follows (Chen, 
1984): 


Mn = + (ay - ve = enE—Vp, (6) 


where v; refers to the ion species fluid velocity, p 
is the pressure, M is the ion mass, and n is the 
plasma density. Neglecting the electron mass (for 
simplicity), linearizing, and assuming propagating 
waves as previously, EF is the negative gradient of a 
scalar potential @. Using the equation of state gives 


Mn(iw + vm)v = —enoikd — yikT;kn1, (7) 


where no is the steady-state density and nj, is the 
perturbed density. Assuming that 


e¢/kT, = n1/no, (8) 
where T, is the electron temperature, we obtain 
1 


(@ +ivp)v = kV, 
no 


(9) 


In Equation (9) V; is the sound speed (kTo/M)!'/2. 
Applying a similar analysis to the continuity equation 
and substituting Equation (9) we obtain 





ion ikno: ion ak — eV 
es Tw" (@+ivm > no 
=0 (10) 
or 
(@? +ivmo —k?V2) = 0. (11) 


Longitudinal Plasma Oscillations 
(Langmuir Waves) 


Now consider the kinetic representation of a plasma, 
in the case where the electric field is parallel to the 
direction of propagation. Assuming propagation in the 
z-direction, an electric field in the z-direction can be 
developed from an electrostatic potential of the form 


= go expli(kz — of)]. (12) 
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Figure 1. The real part of @ versus wave number k for increasing values of collision frequency vm. 


If there are only electrostatic forces, the velocity 
distribution f of the electrons is governed by the Vlasov 
equation: 








0. (13) 


Writing a perturbation for f as f = fo+ fi in which fo 
is only a function of velocity and f| can be a function of 
both position and velocity, we may write the perturbed 
part of the Vlasov equation as 


tu-Vfi+—E- 





=0. (14) 


Writing Poisson’s equation with this ordering results in 
v-B= f pav. (15) 
€0 


Solving Equations (14) and (15) simultaneously yields 
the dispersion relation for these longitudinal plasma 
oscillations, often called Langmuir waves, as 


2. 
Noeoe k 0 fo/dv 
l= 2 {ese (16) 


Note that the form of fo affects the dispersion relation. 
Also, the denominator in the integral of Equation (16) 
can have a singularity at which nonlinear effects can 
occur. It has been shown, for example, that the velocity 
distribution can draw energy from the wave or vice 
versa depending upon its slope. As a result, solitary 
waves can appear, expressing a balance between the 
driving and dissipative conditions. 





In addition, Zakharov (1972) showed that Langmuir 
waves can evolve nonlinearly so that the electric field 
that results from the charge separation can become very 
large in a very small region. Under these “collapse” 
conditions, the field does not become infinitely large, 
but is limited by wave-particle interactions and often 
bursts of high-energy electrons are observed. 


Plasmons 


A plasmon is the resulting electrostatic oscillation 
described above when the velocity distribution can 
be neglected. For example, if it is assumed the ions 
in a plasma are stationary and the electrons are each 
uniformly displaced from their equilibrium position, 
then a Coulomb restoring force will be produced by 
the excess and deficiency of electrons at each end of 
the plasma, causing the electrons to oscillate about the 
ions. The frequency of oscillation is the electron plasma 
frequency: 


op = (“LY a7) 


If the ion motion is considered, an ion plasma frequency 
also appears in the calculations. Plasmons, especially 
in solid state materials, can interact nonlinearly with 
electromagnetic fields and other radiation. 


Plasma Turbulence 


Turbulence appears when modeling for the three 
approaches (single particle, kinetic, and fluid) does not 
satisfactorily describe the experimental observations. 
For example, in hot plasmas, such as those appearing 
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in stars and fusion reactors, fluctuations in the plasma 
produce enhanced effects on mass, momentum and 
heat transport that must be studied in the context of 
turbulence. 

If we could follow the motion of each and every 
particle in a plasma and its interactions with other 
particles and external electric and magnetic fields, we 
would be able to understand plasma turbulence. As 
that is not possible, alternative approaches must be 
undertaken. 

Turbulence is said to appear in a plasma when 
the oscillations and fluctuations exhibit a continuous 
spectrum of frequencies. As a result of this state of 
turbulence, interactions between species in the plasma 
and the fluctuations can occur. For example, electrons, 
in addition to interacting with charged particles, can 
also interact with electric fields that are generated by the 
fluctuations. In addition, turbulent motion in a plasma 
has a very interesting effect: it can generate strong 
magnetic fields, producing a dynamo. This has been 
proposed as the mechanism for the generation of earth’s 
magnetic field. 

Numerical simulation has been shown to be a very 
powerful tool. In this case, the simulation involves a 
number of assumptions in order to make the problem 
solvable. The key method for these simulations involves 
following the trajectory of many simulation particles, as 
they interact with each other, that represent the plasma 
under various assumptions which can be applied to 
particular problems. By use of large supercomputers, 
it is possible to simulate astronomical and fusion 
plasma phenomena and examine the structure of the 
turbulence. A color figure in the color plate section 
shows a cross section of the results of such a simulation 
for a toroidal magnetic confinement system called a 
Tokamak. Calculations of this scale of detail could not 
be done without numerical simulations. 


Whistlers and Helical Waves 


Whistler waves have been detected in the ionosphere 
and have been attributed to the change of phase and 
group velocities of a right circularly polarized plasma 
wave that travels along the earth’s magnetic field. The 
dispersion relation for this mode is 

05; + Ope 


KR = w woe0| 1 — (18) 


(@ + Wei) (@ — Wee) 
In the ionosphere, the frequency of the waves is lower 
than the electron cyclotron frequency. Thus, the phase 
velocity (w/k), which can be found from Equation (18) 
increases with frequency, and the group velocity also 
increases. When a lightning discharge takes place, an 
electromagnetic disturbance that has a large continuous 
spectrum of components is produced. The disturbance 
will travel to the ionosphere and then propagate 
along the Earth’s magnetic field lines. However, the 
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lower frequency components of the disturbance will 
take longer to arrive at a receiving station than the 
higher frequency components; thus, the received signal 
appears as a signal that decreases in frequency with 
time. 

In examining the behavior of the electric field vector 
for a right circularly polarized wave, we note that as 
the wave propagates along an external magnetic field 
line, the direction of the electric field rotates around 
the direction of propagation which is, in this case, the 
direction of the magnetic field. As a result, this or any 
other mode can be represented as a helical wave in 
which the rotation of the end of the electric field vector 
traces out a helical path as it propagates. 


MHD Kink Waves in Toroidally Confined 
Fusion Plasmas 


The sine-Gordon equation has been shown to describe 
the trajectory of the “slinky” mode in a reversed- 
field-pinch magnetic fusion experiment (Ebraheem et 
al., 2002). A reversed-field-pinch experiment produces 
a magnetic field in a torus in which the portion of 
the field that is in the toroidal direction (the long 
way around) is reversed in its outer regions from that 
closer to the minor axis of the torus. Experimentally, 
it has been seen that during the operation of the 
system, magnetohydrodynamic (MHD) fluctuations in 
the center of the plasma can coalesce into a rotating 
“hot spot” that travels around the torus. Under some 
circumstances, the rotating mode may lock to other 
disturbances or to particular locations on the vacuum 
chamber torus. 

As the mode may be envisaged as a helical solitary 
wave, it lends itself to being represented by the sine- 
Gordon equation. The mechanical transmission line 
analogy (Scott, 1971) can be applied here, if it is 
assumed that the MHD mode is a solenoid that wraps 
helically around the torus. The gravitational restoring 
torque can be represented as the gradient of the 
magnetic energy of the magnetic moment of the mode 
in the externally generated magnetic fields of the torus 
due to toroidal effects (the magnetic field on the inside 
of the torus is stronger than at the outside of the torus). 
The spring torque due to the adjacent pendula can 
be modeled by recognizing that the current flowing 
around the turns of the solenoid tends to make the 
solenoid align itself along its axis, so any disturbance 
from the alignment results in an equivalent spring 
torque. 


Parametric Decay Instability 


Consider two oscillators that have different resonant 
frequencies w; and w that are nonlinearly coupled 
to each other through a third oscillator of resonant 
frequency wo. We assume that the oscillators are normal 
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modes of various types in the plasma such as described 
above. If each of these waves is considered from 
the point of view of quantum theory, interactions are 
governed by conservation of energy: 


ha = ha, + ha (19) 
and conservation of momentum 
ko =ky +k, (20) 


where k represents the wave number for each mode. 
The zero subscript refers to the “pump” mode and the 
other two modes are referred to as the “daughter” modes 
(Rost et al., 2002). 

Assume that two of the oscillators obey the following 
equation of motion where each is driven by a time- 
dependent force that is proportional to the amplitude of 
a pump oscillator Eo: 





d2x1 

Taiz a1 xy = c1x2Eo, (21) 
ax 2 

"qa @7Xx2 = cx) Eo, (22) 


where c; and c2 are nonlinear coupling constants. If 
Eo is made to vary in time at frequency wo, it can be 
seen that both modes can be driven by a frequency not 
equal to their natural frequency and, in addition, each 
oscillator’s motion is coupled to the other oscillator’s 
equation of motion. 

J. LEON SHOHET 


See also Alfvén waves; Magnetohydrodynamics; 
Plasma soliton experiments; Turbulence 
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NONLINEAR RESONANCE 


See Damped-driven anharmonic oscillator 
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NONLINEAR SCHRODINGER 
EQUATIONS 


The basic nonlinear Schrédinger (NLS) equations are 





iu, + Aux, + |ul?u =0, (1) 


where u(t, x) is a complex function, the real variables 
t and x are frequently (but not always, see below) 
time and space coordinates, and the subscripts indicate 
partial derivatives. The upper and lower signs in 
front of the second term in Equation (1) correspond, 
respectively, to self-focusing and self-defocusing NLS 
equations, to be denoted below as NLS(+) and NLS(—). 

NLS equations attracted much attention after 
Zakharov & Shabat (1972) demonstrated that Equations 
(1) are integrable by means of the inverse scattering 
transform (IST) (Zakharov et al., 1984). Under this 
formulation, Equation (1) is viewed as a compatibility 
condition for a system of two auxiliary linear equations 
for a two-component function yl2) (x, t). The first of 
these equations is 


—id, u*(x) yw - yo 
ee idx \Cyo = Eh yor fae 


where A is a spectral parameter and the asterisk 
stands for the complex conjugation. The first step 
in the application of IST is to solve the direct 
scattering problem for Equations (2) (also called 
Zakharov—Shabat (ZS) equations) with a given initial 
configuration ug(x) at t = 0, that is, to map uo(x) into 
a set of scattering data. In the general case, the set 
contains continuous and discrete components, which 
correspond, respectively, to real and complex A. The 
temporal evolution of scattering data, generated by the 
temporal evolution of u(x, t) under Equation (1), turns 
out to be trivial, so that, once the scattering data is 
known at t = 0, it is also known for any ft > 0. Finally, 
at given t, one must recover the field u(t,x) from 
the known scattering data, that is, to solve the inverse 
scattering problem, which is based on the Gel’ fand— 
Levitan—Marchenko integral equation. 

The simplest solution of NLS(+) represents a soliton 
(exponentially localized pulse) 


Usol = n sech [7 (x — ct — xo)] 
X exp (icx — i@soit + ido) , (3) 


where so] = (c” — n”) /2, sech z = 2 (e7 + en), n 
and c are arbitrary amplitude and velocity of the soliton, 
and xo and @o are the coordinate of the soliton’s center 
and its phase at t =0. 

Note that frequencies of the zero-velocity (c =0) 
solitons are negative (@o1 = — 7 /2 <0), while the fre- 
quencies of radiation modes, that is, solutions to the lin- 
earized version of NLS(+), Urad = Uo Exp (IkX — i@raat), 
are positive (@ad = k2/2 > 0, where k and ug are arbi- 
trary wave number and amplitude). Thus, solitons exist 
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in a part of the frequency space where radiation modes 
are absent, exemplifying a general principle: solitons 
cannot share frequencies with radiation, as they would 
otherwise be losing energy through the emission of 
linear waves. 

In terms of the IST, the soliton corresponds to a 
case when the continuous component of the scattering 
data is absent, while the discrete component consists 
of a single eigenvalue A= (—c+in)/2. All the 
solutions corresponding to an arbitrary set of complex 
eigenvalues can be found in an explicit form, describing 
collisions between solitons unless their velocities 
coincide. The solitons reappear after the collision with 
the same amplitudes and velocities, that they had 
prior to the collision, the only change being shifts of 
the constants x9 and ¢o. If velocities coincide, the 
solution describes a bound state of solitons, which 
is dynamically unstable because its binding energy is 
zero. Thus, the simple soliton given by Equation (3) is 
the single stable solution to NLS(+) with a permanent 
wave shape. 

Besides the solitons, Equations (1) have spatially 
uniform solutions in the form of continuous waves 
(CWs), ucw(t)=7n exp (tin’2), with an arbitrary 
real amplitude 7. An important issue is stability of 
the CW solutions against small perturbations. To 
investigate the stability, one can represent a solution 
as u(t, x) =a(x, t) exp (id (t, x)), where a(t, x) and 
go(t,x) are real amplitude and phase. Rewriting 
Equation (1) as a system of real equations for a and 
¢ leads to a perturbed CW with a(t, x) =n+ a(t, x), 
and @(t,x)= + t+ 1(t, x); with infinitesimal 
perturbations a, and ¢,. Linearizing the equations with 
respect to a; and ¢j yields a solution in the form 








ai(x,t) = a exp (ot) cos (px) , $1 (x, t) 


o exp (af) cos (px), (4) 


where a” and o are infinitesimal amplitudes of 
the perturbation, p is its arbitrary wave number 
(—00 < p <+00), and o is an instability growth rate. 
The linearized equations imply the following relation 
between o and p: 
o°(p) = p(n’ = p/4). (5) 
The necessary and sufficient condition for the stabil- 
ity of CW against small perturbations is Rea(p) < 0, 
which must hold for all p. As is seen from Equation 
(5), all the CW solutions to NLS(—) are stable, but 
in NLS(+) they all are unstable for p in the range 
0 < p? <4n?. It follows from Equation (4) that grow- 
ing perturbations break the uniformity of the CW, ini- 
tiating spatial modulation. This is called modulational 
instability and also Benjamin—Feir instability, after the 
authors who discovered it in the context of water waves. 
Although NLS(—) does not support solitary-wave 
solutions, it has a stable solution in the form of a dark 
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soliton (DS), which is a region of low amplitude moving 
on top of a CW. The DS solution is 


ups = nexp (in’r) 
x {(cos 6) tanh [7 (cos @) (x — ct)] + isin 9}, 
(6) 


where 77 is the amplitude of the CW background, and 0, 
which takes values between 0 and 1/2, determines the 
minimum value of the field at the center of DS and its 
velocity (Kivshar & Luther-Davies, 1998). The solution 
of Equation (3) is sometimes called a bright soliton to 
stress its difference from the DS. 

A fundamental property of NLS equations which 
is not related to the integrability and is therefore 
more generic, being shared by a broad class of 
equations, is a possibility to represent the equations 
in the Lagrangian and Hamiltonian forms. The general 
Lagrangian representation is 6S/du*(t, x) =0, where 
S{u(t, x), u*(t, x)} is an action functional, which must 
be real, and 5/du* stands for the variational (Fréchet) 
derivative of the functional (uv and u* are treated 
as independent functional arguments). The action 
functional that generates Equation (1) is 


+00 

S= fal dx [i (u*uy — uu) F lux l? + lul4]. 
—00 

(7) 


The Hamiltonian representation of the NLS equa- 
tions is 





du dA {u, u*} 
iS —_ (8) 
dot bu* 
where the Hamiltonian (H) is pdx (+ lux |? /2- 
ju 4 / 2) . The representation in the form of Equation (8) 
is very general, applying to a large class of equations 
for complex fields. 

For real H, it follows from Equation (8) that 
the Hamiltonian is conserved. From the perspective 
of the Noether theorem, conservation of H is a 
consequence of the fact that Equation (1) is invariant 
with respect to an arbitrary time shift, t>t+ 1%. 
The invariances with respect to an arbitrary phase 
shift, u(t, x) > u(t, x) exp (igo), and to an arbitrary 
coordinate shift, x + x + xo, generate the conservation 
of the number N (alias “number of quanta”) 
and momentum P, which are given by universal 
expressions, irrespective of the particular form of the 





equation: 
+00 
N= / dx |u(x)|?, 
—0oo 
1 +00 . : 
P=-i dx (uu — u*ux) (9) 
2 Jo 


If the equation is integrable by means of IST, it 
possesses, in addition to the dynamical invariants NV, 
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P, and H, an infinite series of higher-order conserved 
quantities (Zakharov et al., 1984). 

Despite the exact integrability of Equation (1) 
by means of IST, the solution provided by this 
technique may be too cumbersome; therefore, a more 
tractable approximate method for the construction of 
solutions is often desirable. To this end, a variational 
approximation (VA), whose applicability relies solely 
on the Lagrangian representation of the equation(s), has 
been developed for solitons of NLS(+) and for several 
other equations, including those described below. This 
method approximates the full PDE by a low-order 
system of ODEs, which are derived from the same 
action functional (Malomed, 2002). 


NLS Models for Wave Envelopes in Weakly 
Nonlinear Dispersive Media 


Equations (1) also appear as universal equations 
governing the evolution of slowly varying packets 
of quasi-monochromatic waves in weakly nonlinear 
media featuring dispersion (dependence of the wave’s 
group velocity cg; on its frequency w). 

To illustrate this point, one can take the sine- 
Gordon (SG) equation, Wi, — Wy, + siny=0, for 
real w(t, x). Assuming a small-amplitude wave with 
a slowly varying complex envelope function u(t, x) 
carried by a high-frequency wave exp (—it), the solu- 
tion is w(t, x) =u(t, x) exp (—it) + u*(t, x) exp (it), 
where the slow variation implies that |u; ? < |u|. Sub- 
stituting into SG, expanding sin i up to the cubic term, 
dropping the higher-order small terms u;; and u7,, and 
separately collecting terms in front of two independent 
rapidly varying functions exp (+it) yields two equa- 
tions: NLS(+) for u(t, x), and its complex conjugate 
for u*(t, x). 

Thus, NLS equations can be derived as equations 
governing the evolution of weakly nonlinear wave 
packets in various media. An important example 
is light propagation in nonlinear optical fibers and 
planar waveguides. In the former case, NLS takes the 
normalized form iv, + (1/2)uz,+ |u|? u =O, where 
u(t, z) is the local amplitude of the electromagnetic 
wave, which is a function of the propagation distance 
z and t=? — Z/Cgr (Cgr is the group velocity of 
light in the fiber). In the context of Equation (1), 
z plays the role of the evolutionary variable, and 
t plays the role of the coordinate. The cubic term 
in the equation accounts for the Kerr effect (a 
nonlinear correction to the refractive index), while the 
upper and lower signs in front of uz, correspond to 
the anomalous and normal chromatic dispersion in 
the fiber, dceg;/dw > 0 and dcg;/dw <0, respectively 
(@ is the frequency of the electromagnetic wave). 
Only anomalous dispersion gives rise to bright 
optical solitons (also called temporal solitons) as 
they are localized in t (Agrawal, 1995). Temporal 
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solitons are important in fiber-optic telecommuni- 
cations. 

In planar waveguides, spatial bright solitons are 
possible in the form of self-confined light beams. In 
this case, the propagation coordinate z again replaces 
t in Equation (1), while the transverse coordinate 
xX appears the same way as in Equation (1), the 
term uxx accounting for diffraction of light in the 
waveguide. The corresponding NLS equation is always 
self-focusing. 

Other significant applications in which NLS 
equations arise are small-amplitude gravity waves on 
the surface of deep inviscid water and Langmuir waves 
in hot plasmas (collective oscillations of electrons 
relative to ions). However, these media are not really 
one-dimensional, which makes the corresponding 
NLS solitons unstable against transverse perturbat- 
ions. 

In plasma, NLS(+) approximates a more fundamen- 
tal model—the Zakharov system 


iu; + Ux +nu = 0, 
Nt —Nxx = — (ul?) , (10) 


where n(t,x) is a perturbation of the ion density, 
and u(t,x) is the local amplitude of the Langmuir 
waves. Although Equations (10) are not integrable, 
they generate stable solitons and reduce to NLS(+) 
in the adiabatic limit, when the term nj; may be 
neglected. 

Zakharov’s system is a universal model describing 
weakly nonlinear waves in dispersive media, where a 
dominating process is the interaction between high- 
and low-frequency waves (e.g., the Langmuir and 
ion-acoustic waves, respectively, in plasmas). Another 
example is the interaction of high-frequency (near 
infra-red) molecular vibrations and low-frequency (far 
infra-red) longitudinal deformations in a model of long 
biological molecules, which gives rise to the Davydov 
soliton. 


Generalized Forms of the Nonlinear 
Schrédinger Equations 


The NLS equation can be viewed as a paradigmatic 
representative of a large class of nonlinear PDEs, some 
of which are also integrable. Examples are the deriva- 
tive NLS equation, iv; +uxx +i (lu/?") =0 , whose 
integrability was discovered by Kaup and Newell 
(this equation applies to Alfvén waves in magnetized 
plasmas), the Hirota equation, iw; + uy, +i(Uxxx + 
6|u 7 uy), and the Sasa—Satsuma equation, iv; + uy, + 
i [uxxy +6 |u|? uy +3 (|u|?) u] =0. 

In applications to fiber optics, an important 
generalization considers two polarizations of light (or 
two different wavelengths in one fiber), leading to a 
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system of coupled NLS equations 
B\v|?) u = 0, 
B\u\?)u =0. (11) 





: 1 
iu, £ 5Urr (\u/? 














juz + 5 Ure (Iv|? 


In the case of linear polarizations, B = 7 and in the 
case of circular polarizations or different wavelengths, 
B =2 (Agrawal, 1995). As demonstrated by Manakov, 
Equations (11) are integrable if 6 = 1 (Manakov, 1974). 

Generalized NLS equations are not integrable in 
other cases of interest, including the multidimensional 
NLS equations 


iu, + 4V7u + |ul?u =0, (12) 





where V? is the two- or three-dimensional (2-d or 3-d) 
Laplacian. Equation (12) describes light propagation in 
bulk media, and Langmuir waves in plasmas. Both the 
2-d and 3-d solitons are unstable because NLS(+) gives 
rise to collapse, that is, formation of a singularity in 
finite time (Bergé, 1998) (nevertheless, the 2-d soliton, 
also called the Townes soliton, plays an important role, 
as it determines the critical power necessary for the 
collapse in the 2-d case). 

The 2-d NLS(—) gives rise to vortex solutions, with 
important implications in nonlinear optics, which take 
the form 


u = nexp(in?t + iSx) U (v2nr) (13) 


with arbitrary 1 and U(pe=oo)=1. Here, x is the 
angular coordinate in the 2-d space, and S>1 is an 
integer vorticity. Only the vortex with S = 1 is stable, 
being a 2-d counterpart of the DS solution (6) with 
0=0. 

Multidimensional bright solitons (also called light 
bullets in 3-d optical models) may be stable if the cubic 
term |u|? u in NLS(4) is replaced by a saturable one, 
|u|? (1 + ful? /u2) (uz = const), or by acombination 
of self-focusing cubic and self-defocusing quintic 
terms, (lu/? - |u|*) u. In the latter case, bright 2-d 
solitons with the embedded vorticity $>1 and 3-d 
solitons with the vorticity S = 1 may also be stable. 

Similar to Equation (12) is the Gross—Pitaevskii (GP) 
equation for the single-atom wave function y(t, 1), 
on which the mean-field description of Bose-Einstein 
condensates is based (Dalfovo et al., 1999): 


2 

nt = vy u@my+ery as) 
t 2m 

Here fh is Planck’s constant, m is the atom mass, U (r) 

is a trapping potential, and g is proportional to the 

scattering length of collisions between atoms, which 

may be both positive and negative. 

The simplest approach to GP is to seek a stationary 
solution, w(t, r) = exp (—ipt/h) U(r) (wu is called 
the chemical potential), and apply the Thomas— 
Fermi approximation to Y(7r), which amounts to 
dropping the Laplacian in Equation (14). This yields 
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Iw (r) |? =g ![w—U(r)] if it is positive, or ¥ =0 
otherwise. 

Nonlinear optics motivate examples of coupled 
NLS equations that are different from Equations (11). 
Propagation of light in an optical fiber carrying a Bragg 
grating (a lattice of defects with the period equal to 
half the wavelength of light, which gives rise to mutual 
resonant conversion of right- and left-traveling waves) 
is described by equations for the amplitudes u(t, x) and 
u(t, x) of the counterpropagating waves, 





iu, + ivy + (lul? +2|v|?) u 


2\ul?) v 


v=0, 
u=0 (15) 














ivy; — ivy (lvl? 


with the linear coupling accounting for the resonant 
Bragg scattering. The spectrum of the linearized version 
of Equations (15) is w? =k? +1, hence it has a 
radiation-free gap, —1 <w <-+ 1, where solitons may 
be expected. A family of gap solitons is generated 
by Equations (15) that can be found exactly although 
Equations (15) are not integrable and not all members 
of this family are stable (de Sterke & Sipe, 1994; 
Malomed, 2002). 

Another NLS system describes a basic process in 
nonlinear optics—second harmonic generation (SHG). 
If the nonlinearity is quadratic, the system is 


iuz+ 5 Uxx +u*v=0, 
2iv, + ZUex + 507 + qv =0, (16) 


where u(z,x) and v(z,x) are amplitudes of the 
fundamental-frequency and second harmonic waves, 
and real g is a wave number mismatch between 
the harmonics. Equations (16) are written for the 
realistic case of spatial fields in a planar waveguide. 
They give rise to a family of solitons in the 
form u= exp (ikz) U(x), v= exp (2ikz) V(x), with 
exponentially localized U(x) and V(x). Except for 
the case k=q/3, the solitons are not available in 
an analytical form, but most of them are stable 
(Etrich et al., 2000). Multidimensional generalizations 
of Equations (16) give rise to stable solitons too, as 
collapse does not take place in the SHG model. 
Ginzburg-Landau (GL) equations, which are for- 
mally similar to NLS equations, provide general models 
of nonlinear dissipative media. The simplest GL equa- 
tion is Equation (1) with all the coefficients made com- 
plex. In general, however, dynamics generated by GL 
equations is altogether different from that governed by 
NLS equations (Aranson & Kramer, 2002). 
Boris MALOMED 


See also Complex Ginzburg-Landau equation; Dis- 
crete nonlinear Schrédinger equations; Equations, 
nonlinear; Inverse scattering method or transform; 
Nonlinear optics 
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NONLINEAR SIGNAL PROCESSING 


The field of nonlinear signal processing is an active 
area of research stimulated by a combination of new 
applications, advances in technology, and fundamen- 
tal advances in mathematical theory. The breadth of 
applications has extended far beyond the original em- 
phasis on communications to disciplines such as brain 
science, financial analysis, image and voice recogni- 
tion, cryptography, virtual reality, digital photography 
and printing technology, and neural computing. Signifi- 
cant accelerations in computing speeds and the increas- 
ingly widespread availability of computer clusters have 
made more complex algorithms computationally feasi- 
ble and motivated the investigation of a much larger 
range of algorithms. Included in these new algorithms 
are techniques extracted, for example, from chaos the- 
ory, partial differential equations, computational ge- 
ometry, support vector machines, numerical analysis 
on manifolds, and optimization theory. Fundamental 
advances in nonlinear signal processing have centered 
around an increased mathematical understanding of the 
notion of information content and representation. 
Nonlinear signal processing began with the realiza- 
tion that all components of a signal are not equal. For 
example, nonlinear filters have been used for compress- 
ing signals associated with telephone voice communi- 
cations where the fidelity required depends on the fre- 
quency of the signal. In general, it is possible to retain 
fewer bits of high frequency data than lower frequency 
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data and still maintain voice clarity. Additionally, me- 
dian and min/max filters and histogram equalization 
represent traditional tools in nonlinear signal (and im- 
age) processing. In mathematical terms, the motivation 
for nonlinear signal processing techniques arises from 
the geometric structure, or organization, of the data. In 
some idealized sense, we can view data as either being 
flat, as possessing some degree of curvature, or hav- 
ing a fractal nature. The nature of this structure in the 
data dictates the best tool to be used for its analysis. 
For example, signal dimension is an important feature 
of a signal. Based on the geometry of the signal, one 
may employ, for example, basis dimension, topologi- 
cal dimension, or Hausdorff dimension. There are now 
a number of methods that have been proposed to de- 
tect nonlinear features in data including poly-spectral 
analysis, surrogate analysis, and more; see Barnett et 
al. (1997) for detailed comparisons. 

As a consequence of the inherently complicated 
geometry, modeling nonlinear signals is significantly 
more challenging than their linear counterparts. For 
example, an n-dimensional linear signal may be written 
Ff (x(t)) = Ax(t) where the model consists of the m x n 
matrix of parameters. If there are more points than 
unknowns to construct the model, then the approach 
of least squares may be used for solving over- 
determined systems. This theory, including the effect 
of perturbations on the data, is well understood. For 
nonlinear signals with n-dimensional domains, one 
encounters the well-known “curse of dimensionality” 
that suggests that the amount of data required to 
construct such nonlinear mappings is exponentially 
dependent on the dimension of the domain. However, 
the recognition that this problem is overcome by 
judiciously placing basis functions in the domain of 
the data has led to a large literature in the theory 
and applications of modeling nonlinear signals in high 
dimension. Radial basis functions (RBFs) are a popular 
choice and have the form 


N 
f@) = wot DO weg lla — cell), 


k=1 


where the vectors cx are the special sites of the basis 
functions, x the domain value and the w; the model 
parameters. The basis functions may be local, for 
example, #(r) = exp(—r?) or global, for example, 
o(r)= r>. Artificial neural networks (ANNs) have also 
been proposed for such nonlinear approximation tasks. 
These networks provide a flexible, or adaptive, tool to 
learn a function. Generally, a special type of ANN is 
employed, that is, a feed-forward sigmoidal network. 
Mathematically, this may be expressed as 


2: 1 
y= owe Ye wh x; = 6 : 
i j 
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where o is a monotonic nonlinear squashing function 
and {w ; wi ) ,6;} the model parameters. There 
exist universal approximation theorems that state 
under which conditions both the RBF and ANN 
approximations can produce models to essentially 
arbitrary accuracy. Of course, practical issues such as 
computation expense and parsimony of the model must 
be considered in the implementation of such methods. 
Further details on these issues may be found in Haykin 
(1994) and Kirby (2001). 

Dynamical systems theory has provided a new 
paradigm for the analysis of nonlinear signals. Fuelled 
by observation that complex or chaotic signals can arise 
from simple nonlinear deterministic systems, a suite 
of new tools has been developed for their empirical 
detection, characterization, and design. Briefly, a 
discrete dynamical system may be viewed as the 
iteration of a mapping, that is 


grr FON): (17) 


Often the trajectory {x, x), .} traces out a 
complicated path. Here x) is viewed as a function 
of n. However, a delay embedding that plots a point 
as a function of the previous one or more points 
may produce a picture that reveals the structure 
of the simple underlying determinisitic system. For 
example, the well-known logistic map has the 
form 


xD = a(d— x), 


It possesses a complicated, apparently random trajec- 
tory with broad Fourier spectrum for a > 4. However, 
clearly the locus of points (x, x+)) is a parabola. 
Thus, one is motivated to look for structure in a se- 
quence of observations of a signal by constructing 
the delay embeddings (x™, x@-D) (one delay) or 
(x, x@-D, x @-2)) (two delays) and so on. In prac- 
tice, it is useful to explore delays of multiples of an 
integer, that is, VN,2N,3N,.... 

This heuristic approach gains some credibility with 
the support of the Takens embedding theorem; see for 
example, Abarbanel (1996) and references therein. To 
get a flavor of the power of this theorem, consider a 
multidimensional discrete dynamical system, that is, 
the point x” being iterated is a d-tuple. Takens’s 
theorem basically says that if we are able to observe 
any one component of this system, for example {x1} 
then the delay embedding of this variable produces a 
geometrical structure that is in some sense equivalent 
to the original system. Furthermore, if only a function h 
of the first component is observed A(x”), then we can 
still replicate the structure of the original system with 
the delay embedding approach. The number of delays 
required to achieve this embedding is prescribed by 
Takens, for example if the dynamical system resides on 
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an m-dimensional manifold, then the number of delays 
need only be 2m + 1 (Abarbanel, 1996). 

The dynamical system described by Equation (17) 
or the delay mapping 


xOtD — FQ, xO) +), 


where f is unknown but observed data are available 
may also be modeled using the RBF or ANN 
approaches. Note that the domain of this mapping of 
delay coordinates may be of high enough dimension 
to preclude the use of other standard methods. A first 
look at this procedure in the context of nonlinear signal 
modeling is described in Lapedes & Farber (1987). 

Yet another promising direction of the dynamical 
systems approach is fractal image compression. Here 
a picture may be stored as an iterated function system, 
that is two or more systems of the form of Equation (17) 
where f is now an affine transformation. An image can 
be produced by iterating this system and only a small 
number of parameters need be stored. See Barnsley & 
Hurd (1993) for many interesting examples as well as 
mathematical details. 

The richness of the nonlinear signal processing field 
is in part due to technology. Optical signal processing 
is based on the application of the characteristics of 
light to process and transmit information. For example, 
in optical image processing, holograms are used to 
store data while lenses are used to compute two- 
dimensional Fourier transforms and may also perform 
edge detection and filtering tasks (Poon & Banerjee, 
2001). Most recently, the field of fiber optics has 
arisen from the observation that light emanating from 
a laser and passing through a tiny pure glass pipe 
can transmit more information than electrical signals 
transmitted along a wire. The ability to send and amplify 
multiple signals simultaneously along an optic fiber 
has give rise to data transmission rates of 10 Gbps 
with higher rates in view. This technique is referred to 
as dense wavelength division multiplexing (DWDM) 
(Ramaswami & Sivarajan, 2001). New efforts to model 
and exploit such technologies suggest that the field 
of nonlinear signal processing is at the dawn of a 
new era. For example, the emerging area of photonics 
addresses how light can be used to represent and process 
signals and the new discipline of biophotonics concerns 
how light may be used to discover the mechanisms 
by which the basic building blocks of living matter 
function. Signal processing problems such as these 
may prove to have significant impact on the human 
condition including the battle against diseases such as 
cancer. 

Micuae_ J. KIRBY 


See also Attractor neural network; Embedding 
methods; McCulloch-Pitts network; One-dimen- 
sional maps; Standard map 
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See N-solition formulas 


NONLINEAR TOYS 


Toys are ubiquitous and some are unique to particular 
cultures. Many action toys are intriguing because they 
perform in unexpected ways as a result of underlying 
nonlinear principles, yielding both amusement and 
surprises for the unwary. Here we give several examples 
of toys and devices that operate on linear and nonlinear 
physical principles. 


Frog on a Swing 


Several toys are based on the mechanism of parametric 
excitation. Although primarily a linear mechanism, 
an increase in amplitude in parametric excitation 
leads to the nonlinear range of amplitude-dependent 
phenomena. One can demonstrate parametric excitation 
by taking a string with a weight attached to its end 
and make it into a pendulum by hanging it over the 
forefinger (see Figure 1(a)). Now, force the weight into 
a small amplitude oscillation, and then move the weight 
up and down with the same phase as the oscillation 
by pulling on the string periodically. The result is 
an increase in the amplitude of the oscillation of the 
pendulum. The phase of the oscillation will vary slowly 
as the amplitude increases and the inherently nonlinear 
nature of the pendulum becomes important. The basic 
linearized equation for parametric excitation of the 
nonlinear pendulum is the Mathieu equation 


6 


gat (wo- sin 2wot) 6 = 0 
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Figure 1. Parametric excitation demonstrated by (a) a pendulum 
over a finger and (b) a frog on a swing. 


where @ is the angle of the pendulum from the vertical, 
qo is the fundamental small amplitude frequency, and w 
is the amplitude of the periodically changing pendulum 
length. 

This principle of parametric excitation is active in 
the toy called the “frog on a swing” (see Figure 1(b)). 
The frog in this toy is made of rubber and sits on 
a swing (pendulum). It can be inflated periodically 
with air using a tube and bulb. This causes the frog 
to stand up and sit down repeatedly and, hence, 
moves the center of mass of the frog up and down, 
as illustrated in Figure 1(b). With proper timing 
in inflating the bulb at the correct phase during 
each swing, the amplitude of the swing with the 
oscillating frog on it gradually increases. The same 
principle applies to the playground swing where 
children can increase the amplitude of their swing by 
“pumping” the swing in a standing position (Wirkus 
et al., 1998). 


Handstand Pendulum 


Arelated, but completely different, phenomenon occurs 
in the “handstand pendulum.” The normal pendulum 
hangs stably downwards from its fulcrum as a result 
of gravity. However, applying a high-frequency forced 
oscillation to the fulcrum can cause the pendulum to be 
inverted, so that it now “hangs” stably pointing upwards 
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Figure 2. The handstand pendulum. 


(Figure 2). Again the governing linearized equation is 
the Mathieu equation, but with the signs changed: 


d20 


Ge t (—¢ + 2asin 21) 6 =0 


where g is the acceleration due to gravity and @ is the 
length of the pendulum arm. 


Shishi-odoshi 


In some Japanese gardens, there is a device that was 
designed originally to scare deer and other animals 
away from rice fields. Now, its purpose is either to scare 
away the deer that may intrude into a garden to eat the 
plants or to serve as an aesthetic fixture in the garden for 
its novelty and silence breaking “clack.” This device, 
while not strictly a toy, is based on nonlinear principles 
and is called a shishi-odoshi (deer-scarer) or shika-oi. 
The shishi-odoshi is made from a thick bamboo culm 
with a length of three internal cells, that is, four nodes 
(the raised rings at regular intervals along the bamboo). 
At one end, the last node has been cut off and the 
end shaped to receive water (see Figure 3). From this 
open end, the internal membrane of the first node also 
has been removed so there is a cylindrical cup that is 
two cells long. A pivot rod is inserted into the bamboo 
between the two inner nodes so that when the tube is 
empty, the closed end of the bamboo rests on a stone. 
However, the position of the pivot is chosen so that as 
a steady stream of water flows into the open end of the 
tube, the center of mass of the bamboo and water shifts 
across the pivot and the open end of the tube will dip 
down, thus pouring out the water. The empty tube now 
returns quickly to its stable position on the stone with 
a loud “clack,” which is the noise that is supposed to 
scare the deer. 

The oscillatory motion of the bamboo tube caused 
by the steady flow of water is called a relaxation 
oscillation and can be regarded as an example of a 
self-induced oscillation. There are many toys that use 
this principle to change their orientation periodically, 
namely, water filling up a reservoir, and then the water 
being discharged as a result of the change of orientation 
of the toy. 


NONLINEAR TOYS 





Figure 4. A tippe top in its stable resting position and stable 
rotating position. 


a b 


Figure 5. The pecking woodpecker with a detail of the spring 
in (a). 


Tippe Top 


A fascinating toy is the tippe top, which does not act 
like a conventional top. The tippe top consists of a little 
more than a hemisphere with a short cylindrical stem 
(see Figure 4(a)). It has a low center of gravity, so when 
placed on a surface, it will simply sit like an ordinary 
top on its hemispheric side. However, if the stem is held 
between a finger and the thumb and given a spin on the 
hemispheric end, then unlike a conventional top, the 
tippe top will readily turn over and continue to spin on 
the stem (see Figure 4(b)). As it turns over, the behavior 
of the tippe top is unusual in two respects: the center of 
gravity is raised and the spinning direction with respect 
to fixed body coordinates is reversed. When the top is 
spun, the low center of gravity is centrifugally moved 
away from the vertical spin axis. Before and after the top 
turns over, the angular momentum of the top about the 
vertical axis is the dominant momentum component. 
During the inversion process, the center of gravity is 
raised and the increase in potential energy reduces the 
rotational kinetic energy. The torque needed to execute 
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Figure 6. Two other toys that use self-induced oscillations. 


this inversion comes from the sliding frictional forces 
between the top’s hemispherical surface and the surface 
on which it is rotating. The mechanics of this top are 
described by nonlinear equations of motion that are 
solvable only in special cases (Cohen, 1977; Or, 1994; 
Gray & Nickel, 2001). 


Pecking Woodpecker 


A cute toy providing entertainment for young children 
is the pecking woodpecker going down a pole. To 
make this toy, coil a soft wire loosely around a smooth 
pole to make a soft spring. Now leave several turns of 
the coil on the pole and the remaining coils extended 
outwards from the pole (see Figure 5a). The weight 
of the protruding part of the spring will tilt the spring 
coiled around the pole so that the static friction is 
sufficient to keep it fixed on the pole. If one pushes the 
extended coil downwards and releases it, the extended 
coil vibrates up and down and the spring around the 
pole descends in a staccato fashion. The reason for 
the stuttering movement down the pole is that the coil 
around the pole oscillates periodically between being 
stopped by static friction and essentially free falling 
down the pole when the coil is aligned with the pole. 
Now attach a small wooden bird to the end of the 
extended wire, and the bird will peck the pole with its 
beak as it descends the pole (see Figure 5b). 

There are many toys that move by the principle 
of self-induced excitation (see Figure 6). The basic 
equations for such oscillations are those of Duffing and 
van der Pol. 

Morikazu Toba AND Rosert M. Miura 


See also Duffing equation; Equations, nonlinear; 
Laboratory models of nonlinear waves; Parametric 
amplification; Pendulum; Relaxation oscillators; 
Van der Pol equation 


Further Reading 


Cohen, R.J. 1977. The tippe top revisited. American Journal of 
Physics, 45: 12-17 


647 








Gray, C.G. & Nickel, B.G. 2001. Constants of the motion 
for nonslipping tippe tops and other tops with round pegs. 
American Journal of Physics, 68: 821-828 

Or, A.C. 1994. The dynamics of a tippe top. SIAM Journal of 
Applied Maths, 54: 597-609 

Toda, M. 1979. Toy Seminar. Tokyo: Nihon-Hyoron-Sha (in 
Japanese) 

Toda, M. 1982. Toy Seminar (Continued). Tokyo: Nihon- 
Hyoron-Sha (In Japanese) 

Toda, M. 1983. Mobile Toys. Tokyo: Nihonkeizai-Shinbun-Sha 
(In Japanese) 

Toda, M. 1993. Science of Toys. (6 vol.), Tokyo: Nihon-Hyoron- 
Sha, 1995 (In Japanese) 

Wirkus, S., Rand, R. & Ruina, A. 1998. How to pump a swing. 
The College Mathematics Journal, 29: 266-275 


NONLINEAR TRANSPARENCY 


See Nonlinear optics 


NONLINEARITY, DEFINITION OF 
If a system’s response to an applied force is directly 
proportional to the magnitude of that force, the system 
is said to be linear, otherwise the system is nonlinear. 
Nonlinear dynamics is concerned with systems whose 
time evolution equations are nonlinear. 

As an example of a linear system, consider the one- 
dimensional motion of a point mass connected to a 
spring of force constant k, subject to a force 


Fy (x) = —kx 


in the x-direction. If k is changed, then the frequency 
and amplitude of resulting oscillations will change, but 
the qualitative nature of the behavior (simple harmonic 
oscillation in this example) remains the same. In fact, 
by appropriately rescaling the length and time axes, we 
can make the behavior for any value of k look just like 
that for some other value of k. For nonlinear systems, on 
the other hand, a small change in a parameter can lead 
to sudden and dramatic changes in both the qualitative 
and quantitative behavior of the system. 

Although almost all natural systems are nonlinear, 
many of them respond in an approximately linear 
way provided that the amplitude of the force is 
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small enough. This is one of the reasons why 
traditional linear approximations are so popular in 
science. Another reason is that the analytical solution 
of nonlinear equations is often difficult. With the 
development and availability of computers, however, 
numerical solutions of nonlinear equations became 
relatively easy in the 1970s. This focused attention on 
important nonlinear phenomena such as deterministic 
chaos, although the idea of dynamic chaos was 
first glimpsed by Henri Poincaré (Poincare, 1908). 
Nonlinearity and the phenomena that result from it have 
a strong bearing on the concept of determinism. 

Given a set of variables (position, velocity, 
acceleration, pressure, the number of species in a 
chemical reaction, etc.) or a function of two or 
more independent variables that describe the state 
of a system, the subsequent time evolution can be 
represented as causal relationship between its present 
state and its next state in the future. The existence 
of causality in such relationships is suggested by all 
our experience of experimenting with Nature, and 
it corresponds to the deterministic perception of the 
evolution of dynamical systems. 

Consider, for example, the oscillatory motion of a 
damped pendulum in the phase space of two variables, 
the angle @ and the velocity v 


d=, 
v=-yvu— we sin(9), 


where y and we are parameters that describe damping 
rate and frequency of small oscillations. These time 
evolution equations can be written in operator form as 


si ve do 

~ ae a 

Formally, the dynamics is linear if the causal 

relation between the present state and the next state is 

linear, otherwise it is nonlinear. In the above example, 

the dynamics will be linear if we replace the term 

Bsin(@) with its linear approximation BO near the 

asymptotically stable equilibrium state 0=0, v=0. 

The corresponding linear operator in this case satisfies 
the property that 





+ wa sin(0) = 0. (1) 


L"™ (ax + by) =aL "x +bL"y, 


where a and b are real numbers and x and y 
are differentiable functions. The property of linear 
superposition plays a fundamental role in the analysis 
of linear equations of motion, and represents one of 
the basic principles of quantum mechanics (Landau & 
Lifshitz, 1977). If the property of linear superposition 
does not hold the dynamics is nonlinear. 

On physical grounds, dynamical systems are in 
general nonlinear. Indeed, if we consider small 
deviations of a pendulum from its state of unstable 
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equilibrium 6 = 1, v =O and replace the nonlinear term 
by its linear approximation a sin(t +60) % — «50, 
we find unbounded growth of 50 in time. However, 
the experimentally observed motion of the pendulum 
is bounded; that is, the character of the motion 
changes when the deviation from the point of unstable 
equilibrium is large. Thus, nonlinearity corresponds 
to the situation that arises when the properties of the 
system depend directly on its state. The latter property, 
on one hand, makes a nonlinear system difficult to 
analyze but, on the other hand, gives rise to a rich 
diversity of nontrivial phenomena. We now consider 
briefly two consequences of nonlinearity. 

First, the spectrum of oscillations of a nonlinear 
system is a complex function of its state (see, e.g., 
Sagdeev et al., 1988). For example, for weakly 
nonlinear oscillations of the pendulum near the state of 
stable equilibrium, we find (Hayashi, 1964), neglecting 
damping, that the frequency w varies with the amplitude 
of the oscillations A as 


w@ © wo(1 — 3/64A°). 


The dependence of the frequency of oscillations on the 
state of the system is a key feature of many phenomena, 
including harmonic generation, synchronization, and 
the formation of solitons (See Harmonic generation; 
Solitons; Synchronization). 

Second, a prominent effect of nonlinearity is the 
onset of deterministic chaos. Linear dynamical systems 
can have only three types of invariant sets: fixed points, 
cycles, and quasi-periodic orbits. The occurrence of 
a chaotic orbit is possible only in nonlinear systems 
and can be viewed in simple terms as arising from the 
interplay between the instability and nonlinearity. The 
instability is responsible for the exponential divergence 
of two nearby trajectories, whereas the nonlinearity 
bounds trajectories within a finite volume of the 
phase space of the system. The combination of these 
two mechanisms gives rise to a high sensitivity of 
the system to the initial conditions (See Butterfly 
effect). Consequently, the onset of deterministic 
chaos is restricted to nonlinear systems and involves 
repeated stretching and folding. The simplest example 
of a nonlinear system that demonstrates chaotic 
behavior through this process is a Bernoulli shift: 
Xn41 = 2x, (mod 1). An important consequence of 
chaos is that the predictability of even simple nonlinear 
systems is limited, so that ergodic theory has to be used 
to describe their statistical properties. 

From these two brief examples it is already clear that 
in nonlinear science, the whole is more than the sum of 
its parts. 

The complexity and diversity of the possible types 
of behavior in nonlinear systems have been widely ex- 
plored in physics and chemistry, including analyses 
of solitons, nonlinear localization, pattern formation, 


NONTWIST MAPS 


and formulation of the general principles of self- 
organization. 

The formalism of nonlinear systems provides a 
framework for understanding and modeling of the 
hierarchy of complexity in the life sciences. However, 
there are many difficulties to be encountered on the 
way. In particular, Hermann Haken (in Tschacher & 
Dauwalder, 1999) notes: 


“While in physics or chemistry it is not too difficult 
to define the microscopic and macroscopic levels, 
with respect to the brain we must ask what adequate 
intermediate levels we have to choose between 
microscopic and macroscopic.” 


An example of a practical approach to the solution of 
this problem arose during the investigation of neurons 
(See Neurons). Although the ionic current through 
the axon membrane is successfully described by the 
Hodgkin—Huxley equations, heart fibrillation is more 
conveniently modeled by the continuous FitzHugh— 
Nagumo equation, which is a simplified version of 
Hodgkin—Huxley system. On passing to models of 
neural networks, the hierarchy of connections between 
neurons structured in time turn out to be of prime 
importance, but this raises new questions for nonlinear 
science related to the appearance of closed causal loops. 
Continuing this hierarchy, one may expect that the 
application to cognitive science of complexity theory 
derived from nonlinear analysis will have a major 
impact on our understanding of reasoning, thinking, 
behavior, and psychology generally (Tschacher & 
Dauwalder, 1999). 

Dmitry G. LUCHINSKY AND ANETA STEFANOVSKA 


See also Causality; Chaotic dynamics; Determin- 
ism; Equations, nonlinear; Linearization; Pendu- 
lum; Van der Pol equation 
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NON-NEWTONIAN FLUIDS 


See Fluid dynamics 


NON-TOPOLOGICAL SOLITON 
See Solitons, types of 
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Figure 1. Standard nontwist map for K = 1.5 and (a) a = 0.036, 
(b) a =0.038. 


NONTWIST MAPS 


Two-dimensional area-preserving mappings have be- 
come a standard tool for analyzing two-degrees-of- 
freedom autonomous and one-and-one-half dimen- 
sional time-periodic Hamiltonian systems (Lichtenberg 
& Lieberman, 1990). Prominent among such mappings 
are the radial twist maps 


‘= p— DU(q), 
Fe p=p (q) a) 
g= q+ fr), 


where g and p are conjugate variables, U(q) and f(p) 
are smooth functions, and D is a derivative operator. 
For example, with U=—Kcosq and f(p)=p, 
we recover the standard map, which has become a 
paradigm for chaotic Hamiltonian dynamics. 

Usually f(p) is monotonic, in which case the 
twist t=df/dp does not change sign. The twist 
condition, tT #0, is crucial for the validity of such 
linchpins of stability theory as the Moser twist theorem 
and the Kolmogorov—Arnol’d—Moser (KAM) theorem 
Arnol’d. Nevertheless, more and more instances have 
been found where the twist condition is violated, 
for example, plasma wave heating, zonal flows in 
planetary magnetospheres, beam dynamics in particle 
accelerators, and relativistic charged particle motion. 
The proliferation of such nontwist maps has challenged 
theorists to find alternatives to standard tools of 
nonlinear dynamics. 


The Standard Nontwist Map 


Many of the essential characteristics of nontwist maps 
are captured in the standard nontwist map (SNTM) 
(Howard and Hohs, 1984) 

p’ = p—Ksing, 


i 


q' =4+p'—ap”, (2) 


where K and q@ are positive constants. Thus, the twist 
vanishes along the line p = 1/2a. An equivalent version 
is discussed in del Castillo-Negrete et al. (1997). 
Generalizations employing higher order polynomial 
forms for f (p) are discussed in Howard & Humphreys 
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Figure 2. Reconnection scenario for standard nontwist map. 


(1995). Fixed points are located at q € (0, =) and 


1+ /1—- 82na 
a i 


For positive n both roots are positive real for 
0<8nna <1, merging in a saddle-node bifurcation 
when a* = (8nn)~! at p* =4nn. Figure | shows the 
SNTM for K = 1.5 and two nearby values of a. Notice 
that, in contrast to the standard map, stable and unstable 
fixed points are staggered in phase rather than vertically 
aligned. This leads to a new kind of global bifurcation, 
called reconnection of KAM curves (by analogy with 
magnetic reconnection), which occurs when 





1 re@ 
Ka) ~ 5 | Lf (; a) — 2nn] dé 
Pp (@) 


7 (1 — 8nna)3/2 
a 1202 


The entire reconnection scenario is depicted 
schematically in Figure 2. We see that for a given 
configuration of X- and O-points, there are two topo- 
logically distinct arrangements of separatrices. Thus, 
in going from Figure 2(a) to (c), the upper separatrix 
is diverted downward, looping around the lower ellip- 
tic point. In between (b) the two separatrices merge, a 


(4) 
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Figure 3. Vortex pair formation in the standard nontwist map 
for K =4.0 and (a) a = 0.0260, (b) a = 0.02634. 


process called braiding. Finally, Figure 2(d) shows the 
characteristic cusps resulting from the merging of X- 
and O-points via a saddle-node bifurcation. Naturally, 
the structure of the full mapping (Figure 1) is much 
more complicated than this approximate depiction. Of 
particular interest is the band of meandering curves seen 
in Figure 1(b), which constitute a new kind of barrier 
to chaotic transport. More complex sequences occur for 
more complex f(p). 

Higher-order fixed points also undergo reconnec- 
tion. For example, the period-two islands near p = 67 
exhibit a second kind of reconnection, vortex pair for- 
mation, as shown in Figure 3. Here the elliptic and hy- 
perbolic fixed points are vertically aligned, in contrast 
to the staggered pairs of period-one islands seen in Fig- 
ure 1. An exhaustive classification of possible recon- 
nection scenarios has not yet been accomplished. 

As in the case of monotone twist maps, the 
location of higher order fixed points is facilitated 
by writing the map as a composition of involutions, 
T=hh @ = LG = 1). Fixed points of T then lie on 
the intersections of the invariant curves of J; and Jy. 
For the general twist map (1) we have 


/ = p— DU, 
Bi ee (5) 


NORMAL FORMS THEORY 


Pp’ =p, 
Ih: 6 

7 ears @ 
Mappings with this decomposition are called re- 
versible; that is, there exists a symmetry S such that 


T~!=STS. Explicitly, § = 1, so that T~! = I, h. 


Normal Forms 


In investigating the structure of a 2-dimensional 
symplectic map near a stable fixed point (Howard & 
MacKay, 1987), it is useful to employ Birkhoff normal 
forms. Thus, the mapping T written in action-angle 
variables J and 6 takes the simple form (Meyer & Hall, 
1992) 


Ji=J 
6 = 0+4+2n7Q(J). (7) 
Here the rotation number is given by 
AN =o+ mI +4 +: (8) 
and the twist by 
ra emt, (9) 


where to and 7; are the zero and first-order twists. 
In this way it has been shown (Moeckel, 1990; Dullin 
et al., 1999) that a twistless torus is generated for 
any area-preserving map near a tripling bifurcation, 
where w= 3. 


Transition to Global Chaos 


In many physical applications of nontwist maps, the 
transition to global chaos is of paramount importance, 
as space-spanning KAM curves (invariant rotational 
circles) act as barriers to particle or energy transport 
(Meiss, 1992; Lichtenberg & Lieberman, 1990). The 
breakdown of such barriers is usually studied via 
some kind of renormalization theory, such as that 
devised by Greene et al. (1981) for area-preserving 
maps satisfying the twist condition. Greene’s method 
is based on the conjecture that the last KAM curve 
to break up with increasing perturbation strength has 
rotation number equal to the inverse of the golden mean, 
that is, wm =1/y= (/5— 1)/2. Using the involution 
decomposition to locate a sequence of periodic orbits 
whose rotation number w— 1/y, he found the critical 
value K, =0.9716.... Recently, del Castillo-Negrete 
et al. (1997) have succeeded in modifying Greene’s 
semi-analytic method to obtain an accurate estimate 
for the breakup of the w= 1/y invariant circle for the 
SNTM. This calculation is complicated by the facts that 
(i) periodic orbits come in pairs for nontwist maps and 
may even fail to exist for certain parameters (K, a for 
the SNTM), and (ii) the sequence of periodic orbits 
actually has six convergent subsequences. Preliminary 
work has also been carried out on developing a suitable 
renormalization treatment for nontwist maps. 


651 


Extension to Higher Dimension 


It is of interest to ask whether nontwist maps exist 
in higher dimension and what sort of reconnection 
processes might occur. This may be done in a 
natural way by letting p, g¢R”. The Birkhoff 
normal form then depends on the frequency map, 
Q(J)= DS(J), where S is a scalar function of J. 
The twist, in turn, becomes the n x n Jacobian matrix 
t(J)= DQ(J) = D?S(J), and the frequency map 
suffers a singularity whenever dett passes through 
zero. Dullin & Meiss (2003) have determined the 
behavior of four-dimensional symplectic maps near 
such a singularity. Again, a twistless torus appears 
near a 1 : 3 resonance but with interesting topological 
complications. In four dimensions the frequency map 
can have a fold or a cusp singularity—in higher 
dimensions other catastrophies can occur. 

James E. Howarp 


See also Hamiltonian systems; Maps; Standard 
map; Symplectic maps 
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NORMAL FORMS THEORY 


Many nonlinear systems can be modeled by ordinary, 
differential, or difference equations, and a central 
problem of dynamical systems theory is to obtain 
information on the long-time behavior of typical 
solutions. Because it is not possible, in general, to 
solve these equations explicitly, we identify particular 
solutions (such as equilibrium solutions or periodic 
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solutions) and try to infer global information from the 
behavior of nearby solutions. 

As an example, consider an equilibrium state such 
as the downward position of a pendulum. Looking at 
small perturbations of this position to identify nearby 
periodic orbits (corresponding to small oscillations of 
the pendulum) shows that the downward pendulum 
is indeed stable. Analysis of the inverted pendulum 
reveals that it is unstable, in the sense that nearby 
solutions do not stay close to the equilibrium position. 

Mathematically, an equilibrium is a fixed point of a 
dynamical system, and the stability analysis is carried 
out by linearizing the system, that is, by replacing 
(close to the fixed point) the nonlinear equations by 
linear equations for the perturbations. The resulting 
linear system can be solved exactly, and the analysis of 
these solutions may give information about the behavior 
of the solutions of the nonlinear system around the 
fixed point. This method is extremely powerful when 
it works, and is the basis of much dynamical system 
analysis. In some cases, however, the behavior of the 
linear system may be entirely different from that of the 
nonlinear system, and no information can be obtained 
from the linear analysis. This implies that there is 
crucial information contained in the nonlinear terms. 

Normal forms theory is a general method designed to 
extract this information. The basic idea is to compute 
a local change of variables to transform a nonlinear 
system into a simpler nonlinear system that contains 
only the essential nonlinear terms—those that cannot 
be neglected without drastically changing the nature of 
the system. Hopefully, the new system is either linear 
or can be solved explicitly. 

Consider the normal form analysis of the zero fixed 
point of systems of two differential equations of the 
form 














Xp = aX] + aj2x2 + fi (1, x2), 
Xp = aX] + 92x72 + fo(X1, X2), () 
where the dots denote time derivatives and f; and fy 


are nonlinear analytic functions whose Taylor expan- 
sion about the origin contains no linear term. Linear 
analysis of the fixed point at the origin is carried out 
by neglecting the nonlinear terms and considering the 
linear system x) = a11x1 +aj2x2, X2 =a21 x1 +.a22x2. 
The dynamics of this system is governed by the eigen- 
values 41, 2 of the matrix (a;;), which is assumed to 
be diagonalizable. If the eigenvalues have nonvanishing 
real parts, then the dynamics of the original nonlinear 
system is qualitatively equivalent to the dynamics of the 
linear system and the fixed point is stable if both real 
parts are negative and unstable as soon as one of the 
real parts is negative. However, if the eigenvalues are 
imaginary, the behavior of the nonlinear system cannot 
be inferred from analysis of the linear system, and the 
information on the stability of the origin is contained 
in the nonlinear terms. For example, the origin of the 
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system x1 =2x2, X2= —xy+ ax? x9 is either stable or 
unstable depending on the sign of a. 

The first step in the normal form analysis of 
system (1) is to introduce a linear change of variables 
so it reads 

yi = Ary + 101, y2), 

32 = Arya + g2(y1, y2)- (2) 
Second, look for a near-identity change of variables 
in the form of power series yj =z; + P\(Z1, 22), Y2= 
Z2 + Po2(z1, Z2) that simplifies system (2). To this end, 
expand g1, go in power series and choose the coeffi- 
cients of the series P|, P2 so that in the z1, z2 variables, 
the system Z)=Ajzithi(z1, 722), 22 =A2zat+h2 
(Z1, 22) becomes simpler than the original system. Opt- 
imally, hy = hz =0, which would provide an exact lin- 
earization of the original system. In general, however, 
some nonlinear terms remain after transformations. 

It turns out that the ability to exactly linearize 
the original system is intimately connected to the 
eigenvalues A,,A2. If either (nj — 1)A} +n2A2=0 
or njA, +(n2 — 1)A2=0 for some positive integers 
n,n, the eigenvalues are said to be resonant (or in 
resonance), and in general one of the functions (hy, 
or hz) contains resonant terms of the form z/j!z5°. In 
the absence of resonance, therefore, no nonlinear terms 
remain and exact linearization is achieved. 

If the eigenvalues are purely imaginary, z2 is the 
complex conjugate of z; =z, and there are infinitely 
many resonance conditions. The stability of the fixed 
point is then decided by the first non-vanishing coeffi- 
cient of h,. As an example, consider again the system 
Xp=xX2, X2=—xXy+ ax? xy. After the linear change of 
variable x; = yj +y2, X2 =i(y| — y2), we have 





1 =iyt + (@/2) (1792 — yi yo” — yo? + y13), 

$2 = —iy2—(@/2) (v3 — yi? y2 +192? +927). 3) 
The normal form transformation to third order reads: 

yp =z + (ia/8) (2 213 +2 21.227 — 293) +h.o.t., 

y2 = 29+ (iae/8) (213 — 2 212z2 —2 297) thot, (4) 


where h.o.t. denotes higher-order terms of degree 5 and 
higher. Finally, the normal form becomes 


Z=izit(@/2)z+hot, 22 =f, 
fo = igo + (a/2)z227 + hot. (5) 








From Equations (5), p= (a/2)p> +h.o.t. where 
p? =2122, which implies that the origin of the initial 
system is stable if w < 0 and unstable otherwise. 

If all coefficients of the normal forms vanish identi- 
cally, then the fixed point is surrounded by an open set 
of periodic orbits (a nonlinear center). The downward 
position of the frictionless pendulum is an example of 
a center. Note, however, that the convergence of the 
power series P;, P2 is not guaranteed, in general, and 
further conditions on the eigenvalues and the transfor- 
mation must be satisfied. 


N-SOLITON FORMULAS 


For a general N-dimensional system of differential 
equations, we can compute the linear eigenvalues 
A1,.-., An. If the real part of one of these eigenvalues 
vanishes, there is no guarantee that the dynamics 
of the linear system is equivalent to the dynamics 
of the nonlinear system close to the fixed point. 
Again, one can find explicit near-identity power series 
change of variables that simplify the original system. If 
nyAy +ngd2+ +++ +nyAy =A; for any i between 1 
and WN and for positive integers nj, n2,...,ny, then 
the eigenvalues are in resonance, and the ith new 
equation will contain some resonant nonlinear terms. 
This resonance relation is one of the most fundamental 
relations in nonlinear dynamics. It determines whether 
linear modes (determined by the eigenvectors of 
eigenvalues A) are coupled by the nonlinear terms. It 
is the same resonance relation that appears in different 
guises in the analysis of forced linear systems and 
in the resonance between frequencies in Hamiltonian 
and celestial mechanics. Essentially, in the absence of 
resonances, the system evolves following the linear 
modes and no interaction is possible. When resonances 
occur, the linear modes interact through the nonlinear 
terms and create complex dynamics. 

Normal forms theory provide a systematic way 
to include the effect of the nonlinear terms. At the 
practical level, the method as presented tends to 
be rather tedious because the number of monomials 
that have to be taken into account grows rapidly 
with the dimension of the system and the degree 
of the normalizing transformation. There are several 
equivalent alternatives to the computation of normal 
forms, including the method of “amplitude equation” 
for ordinary and differential equations and the 
Birkhoff—Gustavson transformation for Hamiltonian 
systems. Nevertheless, at the conceptual level, normal 
forms theory is a central tool to understand the 
rich dynamics of nonlinear systems and this general 
framework can be used to study and give a rigorous 
foundation to many other problems beside stability. 

A particularly important use of normal form theory 
is the theory of bifurcations. In order to identify generic 
bifurcations, one considers the parameters of the system 
[1,..., 4m as additional variables satisfying trivial 
differential equations 4; =0, i=1,..., M and stud- 
ies the normal forms of this extended system of dimen- 
sion N + M, revealing the nature of the bifurcation. 
Other applications of normal forms include the analy- 
sis of chaotic systems in systems of differential equa- 
tions, the formation of patterns for partial differential 
equations, exponentially small effects in the splitting 
of separatrices, and the Painlevé theory of integrable 
systems. 





ALAIN GorIELY 


See also Bifurcations; Damped-driven anharmonic 
oscillator; Painlevé analysis 
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N-SOLITON FORMULAS 

A one-soliton solution of an evolutionary nonlinear 
partial differential equation in one spatial dimension 
u; = F(u, ux, Uxx,...) iS a solitary wave (pulse) of 
finite energy and momentum. As an example, the 
Korteweg-de Vries (KdV) one-soliton is the exact 
solution 








u(x,t) au a) 
: cosh? (Ki (x — &) — 4x31)’ 
to the KdV equation 
Uy = —Uyxyxx + Ouuy. (2) 


Note that Equation (1) has the shape of a negative well, 
moving at a speed that is proportional to the depth. 

N-soliton solutions are characterized by the fact that, 
for t > — oo and t > +00, the shape of the solution is 
composed by a quasi-exact superposition of N non- 
interacting pulses of the form (1). This means that 
the shape of the solution for t—> — oo is a sequence 
of N wells, ordered according to their depth, the 
deepest being the leftmost. For t > + 00, the shape 
is also a sequence of wells, with now the deepest 
being the rightmost, each of them retaining the original 
shape. The solution pictorially describes a family of NV 
individual pulses traveling at their own characteristic 
speeds, the faster ones catching up with the slower, and, 
after an interaction, reemerging with their individual 
shapes. The overall effect of the nonlinear interaction 
is a phase shift between the pulses (that is, a difference 
in the relative distances of the dips of the wells). It can 
be proved that, in the collision process of N solitons, 
the total phase shifts are the sum of phase shifts of two- 
soliton processes. 

The presence of N-soliton solutions, for arbitrary NV, 
is often regarded as the hallmark for integrability of a 
nonlinear PDE. Three main methods have been devised 
for constructing and studying N-soliton solutions: 


e The inverse scattering method (ISM), based on the 
Gel’ fand—Levitan—Marchenko (GLM) equations 

e Hirota’s formalism 

e Backlund transformations 


Here we present formulas making explicit reference 
to the ISM. For direct ways of finding N-soliton 
solutions, we refer to the entries on Hirota’s method 
and on the Darboux and Backlund transformations. 

In the ISM, the existence of N-soliton solutions is 
associated with the following mathematical feature. 
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A nonlinear integrable evolution equation (say, for 
one dependent variable u defined on the real line), is 
presented as a Lax (isospectral) equation for a linear 
operator L(u), 


<LW) = [BW), Lw)], (3) 


where the bracket indicates a commutator ([B, L]= 
BL—LB). The spectrum of L(w), as an operator in 
L?(R), is the union of the point spectrum Aj, A2,... 
and the continuous spectrum, consisting of the intervals 
I,;Ukh....An N-soliton solution of (3) is a solution 
associated with an initial data u(x, 0) whose spectrum 
contains only a finite number N of points. Such initial 
data are often called refiectionless potentials. 

Given N-soliton initial data, the direct spec- 
tral problem for Lo = L(u(x, 0)), gives (in addition 
to the spectrum) normalization coefficients 6; of 
the eigenfunctions corresponding to the eigenvalues 
di, i=1,..., N. The evolution equations of the pa- 
rameters 6; = 6;(t) are linear equations with coeffi- 
cients that depend on the constants A;. Accordingly, an 
N-soliton solution describes 2N-dimensional families 
of solutions parametrized by the point spectrum of the 
linear operator and by the normalization coefficients ;. 


Two Soliton Solutions for Korteweg-de Vries 
and Sine-Gordon Equations 


For the KdV equation (2) let Ay=— Ke and 
= KS Ke | > |k2| be the points in the spectrum of the 
Lax operator L = — d*/dx?+u, and let & be quanti- 
ties associated with the normalization coefficients 6; (0) 
of the eigenvector of L. In other words, x;, & is the 
scattering data of the reflectionless potential u(x, 0).A 
two-soliton solution for KdV is 


u(x,t) = 
Daf (ey Kp) (1 +2) (cosh? (2) + (&2/Ke1)? cosh? (1) = 1) 
(kz cosh ($1) cosh (#2) — xy sinh (1) sinh ())* 


where @; = kj (x — &) — AKpt. 

This is an instance of the phenomenon described 
above. Indeed, for t — — oo the solution describes two 
pulses traveling in the positive x-direction, with the 
faster one (that is, the one pertaining to the data x;, &1) 
being the leftmost one. 

The solution describes the process whereby the 
fast soliton catches up to the slow one, and finally 
(for t—> +00), the two emerge. The shape of the 
individual pulses remains unchanged, the effect of 
the nonlinear interaction being a phase shift. The fast 
soliton experiences a positive phase shift of 





Ki + k2 
K| — k2 


, 


1 
Ag, = —1 
g1 iG og 








while the slow soliton loses the same phase (see 
Figure 1). 
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Figure 1. Phase shifts in two soliton collision. 


The two-soliton solution of the sine-Gordon (SG) 
equation 
au a?u i F 
= -=—tsinu=0, 
a2t 2x 


in terms of the points A;,A2 in the spectrum of the 
corresponding Lax operator and the constants cj, c2 is 
given by 


u(x,t) = 
a x—vit Lo x—v9t 
1 exp + exp 
a ( ) =e ( ) 
/l-vy /1-v5 


cen (Ay—A2)? x-vit x-v2t 
3 . exp 
4d 1A2 (Ay +2)? / 2 


2 
l-vy 1-v; 








4arctg 








where vj = (4A? —1)/(44?+1), i=1,2. The fast 
soliton undergoes a positive phase shift given by 


(a + A2)? 
Ag, = J1—v21 ; 
c 28 GP 


while the slow soliton undergoes a negative phase shift: 





Ar + Ag)? 
Ag¢2 = 1 vz log eas a 
(Ai — Aa) 





General Formulas 


General formulas for N-soliton solutions of soliton 
equations are usually expressed in terms of determi- 
nants. For certain well-known soliton equations, one 
has the following results. 


(1) Korteweg-de Vries (KdV) equation: 


d 
un(x,t) = 252 log det(A), 
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where A is a N x N matrix with elements 
i(t) 
FiO exp(—(ei + &))4), 
Ki Kj 





Aij — bij t 


where 6; (t) = B; (0) exp(8K31). 
(2) Sine-Gordon (SG) equation: 














., _ det(A+) 
,t) = 2ilog ——.,, 
un, t) ace detA_ 
where 
c: 
(Asli; = 6:7 = hi ae exp(y; (x, 1)), 
Tey eee 1 
with yj(x,t)=—i(aj4 aa” + i(aj ane 
(3) Nonlinear Schyodinger (NLS) equation: 
oy | aw 2 
—+——-2 . =, 
1a + Ry siviv., 8 


The N-soliton solutions are given by 
i detM, (x,t) 


v0 = Ve detM(x, t)’ 


where 


1+ (x, t)yj(x,t 
Mij(x, 1) = BOE 
iT Aj 


and the N+ 1 x N +1 matrix Mj (x, t) is described as 
follows: 


G 








0 


where G is the vector (y\ (x, f),... 
0 : . 
yi(x, t) = y} ) exp(idAjx — id?t). 


» YN (x, 1), with 


(4) Infinite Toda Lattice (ITL): The ITL equations are 
compactly written in the Lax form: 


db 55 
dpe ree 


where L is the infinite matrix with b; on the principal 
diagonal and a; on the first lower and upper diagonal, 
and B is the antisymmetric matrix having q; on the first 
lower diagonal; the coefficients {a;, bj} are related to 
the canonical variables {Q;, P;} by the transformation 


aj = 3 exp(—(Qi+1 — Qi)/2), 
N-soliton solutions are given by the formula: 


det B; det Bj_2 
(det Bj)? 


det Bj 
a det Bj ~ 


bj = 5 Pi. 





exp(—(Qi — Qi-1)) = 
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In this formula the B;’s are N x N matrices with 
elements given by 





(ajhyyit! 
[Bilje = 5j.k + yj Oye(t) ee, 
jk=1,...,N 


The Aj; are the N elements of the point spectrum of 
L, and the y; are normalization constants; the time 
dependence of the solution is given by 








yj(t) = yj) exp( sinh(o;)t), Aj; = Eexp(—aj). 


Further Comments 


The formulas above can be interpreted as nonlinear 
superposition formulas for soliton solutions. Indeed, 
N-soliton solutions are constructed via the definition 
of suitable matrices determined by the spectral data 
associated with individual solitons. More precisely, the 
notion of nonlinear superposition principle can be better 
understood in the framework of the theory of Darboux— 
Backlund transformations. 

In general, N-soliton solutions can be obtained 
as suitable limits of periodic solutions of the same 
system as the period tends to infinity. Periodic finite 
gap solutions are obtained by means of theta functions 
defined over Riemann surfaces. N-soliton solutions are 
obtained by letting suitable homology cycles of such 
Riemann surfaces shrink to a (degenerate) surface (with 
nodes and cusps) of genus equal to zero. 

GREGORIO FALQUI AND TAMARA GRAVA 


Seealso Backlund transformations; Darboux trans- 
formation; Hirota’s method; Inverse scattering 
method or transform; Theta functions 
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NUMERICAL METHODS 

Numerical methods are used for approximations of 
“exact” mathematical solutions, which either do not 
exist or are very complicated. With fast computer 
processors and advanced mathematical software, many 
problems become more attractive for numerical rather 
than for analytical solutions. 


Computational Errors 


Numerical computations are always uncertain because 
the results are only defined within the accuracy of a 
numerical error. Two main reasons account for errors in 
numerical approximations: finite precision in computer 
representation of numbers, and truncation of exact 
mathematical formulas in numerical algorithms. 

Finite precision defines the tolerance interval, within 
which any further improvement in a numerical solution 
is impossible. For instance, the precision accuracy of 
MATLAB on the Windows platform is order of 10~!°. 
Therefore, it is meaningless to initialize irrational 
numbers (such as 7 or e) beyond the 16th digit after 
the period while carrying computations in MATLAB. 

Round-off errors can be obstacles for accurate 
numerical approximations. Numerical differentiation 
algorithms are typically ill-posed since the round-off 
error increases with smaller step size of numerical 
discretization. Catastrophic cancellations can occur due 
to round-off errors, as in the example below when two 
large nearly identical numbers are subtracted: 


f(x) = Vx4+1- x. 


If x =1.000000000000000 x 10!°, then /x+1= 
1.000000000050000 x 10°, ./x= 1.000000000000000 
x 10° and 


f (x) =4.999994416721165 x 10~°. 


However, if the relative round-off error is order of 
10—!°, the result is identical to zero. If the precision 
accuracy cannot be extended, a modification of the 
numerical procedure is required for a more accurate 
answer, as in the equivalent representation: 


1 
vx+1t+/x 
Within the same precision accuracy, the result is now 
f (x) © 4.9999999999 x 10-°. 
Truncation errors occur due to chopping of an infinite 
series into a finite number of terms. For example, the 


Taylor series for analytical functions can be truncated 
with the Taylor polynomials, as in the example: 


fQ)= 


2 1 1 
e =ltx2?4+—x44 —x° 4 EC), 
2! 3! 








: % 2 2. 
where E(x) is the truncation error. The integral of e* 
on x €[0, 1] is given in terms of a special function, 
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called the error function. Equivalently, this integral can 
be approximated with the Taylor polynomial as 


1 
2 1 1 1 
fe dx = (x + x3 + —x° + —x7 
F 3 ' 10 | 42 


= 1.457142857142857 + Ew, 


where the truncation error is Ey, © 5.508914448636659 
x 1073. 

Numerical algorithms are classified by the rate of 
convergence and by their numerical stability (i.e., will 
a small error decay or grow through the successive 
iterations). Convergence and stability of numerical 
algorithms are studied with analysis of the truncation 
error. If the truncation error depends on the step size 
h of the finite numerical discretization and reduces as 
h”, then the numerical algorithm is said to converge 
to an exact solution as the nth-order algorithm. As an 
example, we consider a numerical computation of the 
integral, given by irrational number e: 


a=1. 





+ Etr 





x=0 


1 
e= | f(x) dx, f@)=1+e". 
0 


Using the discretization of the unit interval with N equal 
subintervals of the step size h=1/N, we can use the 
composite trapezoidal rule to approximate the integral 
as 


N-1 
c= (1 +2 > f(hn) + re) + E(h), 


n=1 


where the theoretical truncation error is E(h) = a2h 
and a2 is constant, such that limp.9a240. The 
composite trapezoidal rule converges to the integral 
as the second-order method. Indeed, computing the 
algorithm for N = 100 and 200, we have 


N= 100: e © 2.718296147450418, 
E(0.01) = 1.431899137260828 x 1075 


and 


N = 200:  e & 2.718285408211362, 
E(0.005) = 3.579752316795748 x 107°, 


and, therefore, 
E(0.01) 
E (0.005) 
as predicted by the theoretical formula. An improved 


numerical algorithm for integration is the composite 
Simpson’s rule, defined as 


N/2 


c= £0) +4)° fa@n—D) 


n=1 


= 3.999995001169598 © 27 = 4, 


N/2-1 


+2 S*° f@hn)+ f() | + Eth), 


n=1 
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where the theoretical truncation error is E(h) = a4h* 
and N is even. The composite Simpson’s rule converges 
to the integral as the fourth-order method. Indeed, 
computing the algorithm for V = 100 and 200, we have 


N = 100: e ® 2.718281828554504, 
E(0.01) = 9.545830792490051 x 107!! 


and 


N = 200: e © 2.718281828465013, 
E(0.005) = 5.967226712755291 x 107!2 


and, therefore, 


E(0.01) 


—~——__ = 15.99709756642108 ~ 24 = 16 
E (0.005) a 0 ; 


as predicted by the theoretical formula. 


Iteration Methods 


Solutions of algebraic, differential, partial differential, 
and integral equations can be approximated with iter- 
ation methods. Numerical errors in iteration methods 
may grow during iterations. When this happens, nu- 
merical approximations cannot give the exact solution 
because instabilities lead to huge numerical errors. If 
the numerical iterations are unstable, it does not matter 
how accurately the truncation error converges to zero 
with smaller discretization step size. Propagation and 
growth of numerical errors can be illustrated with the 
linear iteration map: 
Xn+1 = Xn, lq| = 1. 

The exact solution of the linear iteration map is 
Xn =q" xo, where xo is the starting value. If two iteration 
sequences are obtained from almost identical values 
xo and x , So the initial distance e9 = [x(P - x | 
is small, then the distance grows with larger n as 
én = |q\" eo. Two iteration sequences diverge from each 
other, even if the small error e9 was generated by the 
round-off error! 

Numerical instabilities and divergences often occur 
in solutions of algebraic equations, which represent 
the simplest numerical problems. A scalar algebraic 
equation f (x) =0can be reformulated as a root finding 
algorithm: 

Xe: f (Xx) = 0. 


If we plot f(x) as a function of x, the root x, can be 
immediately found from the graph y = f(x), if it exists. 
Algorithmically, we can try to approximate the root x, 
from the iteration method: 


Xn41 = Xn + f Gn). 


If the limit x45 = limy—+o9 X» exists, then the root x, is 
a fixed point of the iteration method such that xoo = Xx. 
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If the limit x59 does not exist but x, is known to exist, the 
numerical method fails and iterations {x,}?°_ , diverge 
due to numerical instabilities. Analysis of convergence 
of the iteration method can be performed with the 
linearization of the iteration method. Let e, = x, — xx 
be the small distance of x, from the fixed point x, such 
that 





Xe = en + f (Xe + en) — f Xx) 
q= 1+ f' x)s 


en41 = Xn f Xn) 
2 
= den + ne, 


where a, is constant, such that lim a, exists. If 
noo 


|q| = 1, the error e, grows with larger n and iterations 
{xn}P2, and {en}P2, diverge. In this case, the fixed 
point x, cannot be found from the iteration method. For 
example, when f(x) =3x — 6, the fixed point x, =2 
cannot be found iteratively, since gq =4> 1. 

An improved iteration algorithm is Newton’s method 
which approximates a new point x, + 1 from the root of 
the tangent line to the graph y = f(x) at the previous 
point x,. Thus 


0= Sf Gn) te f'n) On41 Xn) + OCn+1 _ Xn)’, 


such that 

f Gn) 

S' (Xn) 

Newton’s method always converges to a fixed point x,, 
if the fixed point x, exists. The rate of convergence 
depends on whether the root x =x, is simple or 
multiple. For a single root when f’(x,) 40, the rate 
of convergence is quadratic in terms of the error e,, 


since 
fOr @O>¢ 





Xn+1 = Xn — 


9 GO? 
For a multiple root when f(x) ~ (x — x.) andm > 1, 
the rate of convergence is linear in terms of ey, since 
q=(m-—1)/m. When the function f(x) is linear as 
in the example f(x) = 3x — 6, the convergence of the 
Newton-Raphson method occurs in a single iteration, 
no matter what xo is 


3x9 —6 
3 


xX,; =xo- =) = he 





Differential Equations 


Numerical algorithms are particularly attractive for 
solutions of differential equations, which are widely 
used in all areas of physics and engineering. It is 
especially important because many applied differential 
equations cannot be solved in terms of analytical 
functions. The simplest differential equation is given 
by a scalar first-order quasilinear equation: 


dy _ 
ap fy), 
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starting with the initial condition: y(0)= yo. Since 
y(0)= yo and y’(0) = f(0, yo) are known, it makes 
sense to step from t =0 along the tangent line to the 
curve y= y(t) at the point (0, yo). Using a number 
of steps from t=0 to T with small step size h, we 
define a numerical approximation of y(t,) as yn, such 
that y(t.) = yn +en, where ey is the numerical error, 
accumulated after n steps. If all steps are taken alone the 
tangent line segments to the points (¢,, yn), we have the 
Euler method (also known as the slope approximation): 


Yat! = Yn thf (th, yn). 


When the time t=T7 is reached in J _ steps, 
such that T=WNh, the global error is defined as 
Er; =|y(T)—ywn|. The global error for the Euler 
method is theoretically given by Ey = ah, such that 
the Euler method is the least accurate, first-order 
method. Figure 1 shows that oscillations of the un- 
damped pendulum in the nonlinear second-order equa- 
tion: 
y”+siny =0 


are destroyed in Euler’s method. The inaccurate Euler’s 
method introduces an effective damping due to numer- 
ical discretization. 

Numerical methods for differential equations also 
produce numerical instabilities. For example, the linear 
first-order equation for exponential decay: 

dy 


a= TAY, 


A> 0, 
dt 


has a simple solution: y(t) = yoe*". Euler’s method 
applied to this equation is equivalent to the linear 
iteration map: 


Yn41 = (L— AN) yn, 


which diverges for h > 2/2, when |1 — Ah| > 1. When 
2 — 0, the differential equation for the exponential 
decay becomes stiff for numerical solution, since the 
step size h for numerical discretization must be very 
small to preserve stability of numerical approximation. 

Advanced algorithms for numerical solutions of 
differential equations are developed with numerical 
integration methods. For example, integrating the first- 
order quasi-linear equation with the trapezoidal rule 
on the interval t €[t), t,41], we derive the implicit 
iteration method: 


h 
Ynt1 = Ya + oY [f(t Yn) + f nti, Yat] : 


The global; truncation method of the method is 
Er =anh?, that is, it is the second-order method. 
The method is also implicit since the unknown 
values of y,41 appear at the left and right sides of 
the equation. The implicit methods can be solved 
with iterations at each n, by means of root finding 
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Figure 1. Oscillations of the undamped pendulum in Euler’s 
and Heun’s numerical methods. 


algorithms. However, this modification makes the 
algorithm complicated and time-consuming. Predictor- 
corrector methods are used instead, either with 
single-step (Runge-Kutta) methods or with multi-step 
(Adams-—Bashforth—Moulton) methods. For example, 
the second-order Runge-Kutta method (also known as 
the Heun’s or improved Euler’s method) is based on the 
trapezoidal rule in the form 


Pn+1 = Yn thf (tn, yn), 





h 
Yn+l1 = Ya + oY [fn yn) + f(tr4i, pn+1)] , 


where p,, +1 is the predicted value at t = t, + 1 by using 
the slope approximation and y, + ; is the corrected value 
at f = ty +1 by using the trapezoidal rule. The predictor— 
corrector method above has the same global truncation 
error Ey =@h? with a different numerical constant 
a2. Figure 1 shows that oscillations of the undamped 
pendulum are well preserved in the Heun’s method 
based on predictions and corrections. 

The most popular and accurate method is the 
fourth-order Runge-Kutta method, which takes four 
computations of the function f(t, y) for a single step 
from t=t, to t=t,+ 1 and has the global truncation 
error Ep =agh". 

Higher-order predictor-corrector methods are still 
affected by numerical instabilities, especially in the 
case of stiff differential equations. More reliable 
methods for stiff problems are based on implicit 
integration formulas. Implicit methods can be rewritten 
as explicit methods if the function f(t, y) is linear in 
y. For example, the equation for the exponential decay 
can be integrated with the implicit second-order method 
based on the trapezoidal rule, as follows: 
2—ha 
rea ils 
Since |(2— hd)/(2+hA)| <1 for any h and A > 0, the 
implicit method is unconditionally stable, no matter 
how large the step size h is chosen. The accuracy of the 
method is still the same as in the second-order Heun’s 
method, so the step size h must not be too large, to 
preserve accuracy of numerical approximation. 


Yat = 
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Partial Differential Equations 


Partial differential equations are defined in two- 
and higher-dimensional domains. They represent 
most complicated and time-consuming problems for 
numerical methods. Initial values for partial differential 
equations at time t = 0 are supplemented by boundary 
values at the boundaries of a physical domain. A simple 
example of a linear partial differential equation is given 
by the heat equation, derived for a one-dimensional rod 
of finite length L: 


a = sae + f(x,t), 0 Ly t=0 
Apt aye EY xe Ly > 0, 
such that 


u(O,t)=uo(t), u(L,t)=uz(t), u(x,0) = (x). 


The heat equation describes temperature u(x,t) as 
function of time t > 0 and the point 0 < x < L inthe rod. 
The heat sources f(x, t), temperature values at the end 
points uo(t) and wz (t) and initial temperature (x) are 
all given as physical parameters of the problem. In the 
finite-difference methods, numerical approximations of 
u(x, t) are defined at the equally spaced numerical grid 
with points at x, =nh,n=0, 1,..., N, where h is the 
step size, such that L = Nh. Numerical approximations 
of u(x,t) are also evaluated with equal time step 
T at points t%=kt, k=0,1,.... Denoting un, as 
numerical approximation of u(x, t,), we approximate 
the second x-derivative of u(x,t) by the central 
difference, derived from Taylor series expansions: 


i 
Untijk = Unk + hy (Xn, th) + site ns th) 


1 
+ yur On, te) + O(n*), 





1 
Un-1k = Unk — hy (Xn, th) + site On, th) 








1 
= gece On, te) + O(h4), 
such that 
2 
Un+1,k — 2Un,k + Un-1,k 
aad Gin tk) = AE + OCH"). 


Using the slope approximation, we perform the time 
step from uy 4 tO Un x 41 according to the explicit finite- 
difference scheme: 





Unk+l = (1 — 2r)unke +1 Un+ik + Un-1,k) + Thnk, 


where r=t/h?, n=1,...,N—1,andk=0,1,.... 
All boundary and initial values u9,,, wy,4 and Up,o are 
incorporated in computations of the explicit method 
forn = 1, N — 1,andk =0. Numerical approximations 
of Un,x are only computed at internal points of the 
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Figure 2. Solutions of the heat equation with the explicit 
method. 


grid. The total error of the explicit method is a 
composition of the truncation error of order O(h?) for 
the central difference approximation and the truncation 
error of order O(r) for the Euler’s method. The explicit 
method is least accurate with respect to time step 
size t. It is also an unstable method for r >0.5 
when 1 >h7/2. Figure 2 shows numerical solution 
of the heat equation with the explicit method for 
f(x, t) =0,u9 =u, =0,¢= sin(zx), L=2,h=0.1, 
and r=0.55. Development of instabilities of the 
explicit method destroys validity of the numerical 
approximations. 

Implicit methods are more reliable in numerical 
computations. The implicit method, which is based 
on the trapezoidal rule of integration, is referred to as 
the Crank—Nicholson method. The method results in a 
linear system of equations: 


T 
A(r)ugy1 = A(—r)ug + 3 (fe + fro) 





hi 
+5 i + bist), k> 0, 
where 
[unk Sik 
U2,k S2k 
uy = : » k= : : 
uUN-2,k | IN-2,k | 
L UN-1.k SN-1.k 
[ “o,k 
0 
b, = : 
; | 
L uN,k 
and 
l+r —r/2 0 tee 0 
| 2 [+r —-r/2 --- 0 
A(r) = 0 -r/2 ltr --. 0 


| 


Although solving of the linear system at each time step 
is a time-consuming operation, the Crank—Nicholson 


0 0 0 
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Figure 3. Solutions of the heat equation with the 
Crank—Nicholson method. 


method is more useful compared with the explicit 
method. In particular, the method has a symmetric nu- 
merical error O(t2 + h2) and unconditional numerical 
stability for any t > 0. Figure 3 shows numerical so- 
lution of the heat equation with the Crank—Nicholson 
method for h = 0.1 and r = 1 when t = h?. The numer- 
ical solution is stable in time evolution. 

Finite-difference methods are used successfully in 
numerical solution of other boundary-value problems 
for partial differential equations. Explicit methods have 
a very straightforward form. Implicit methods are 
unconditionally stable and result in linear systems 
for linear differential equations. Implicit methods are 
usually replaced by the semi-implicit algorithms for 
nonlinear differential equations. As a drawback, finite- 
difference methods have low accuracy. More advanced 
(and also more involved) shooting, finite-element, and 
spectral methods are used for improved solutions of 
boundary-value problems. 

Shooting methods are based on transformations 
of the boundary-value problems into the initial-value 
problems, which are iterated with the root finding 
algorithms. For simplicity, we illustrate with ordinary 
differential equations, although multi-dimensional 
shooting methods are also applied to partial differential 
equations. We consider a numerical approximation 
of radially symmetrical bound states of the two- 
dimensional nonlinear Schrodinger equations, which 
satisfy the boundary-value problem: 











’o db 
+ ®+267=0, O<r<R 
dr? or dr 
such that 
©'(0)=0, (R)=0, 


where R is large length of the approximation interval. 
Using a shooting numerical method, we consider a 
solution of the initial-value problem for the same 


equation ® = ®,,,(r), such that 
(0) =m, 1,0) =0, 


where the value of m is unknown. Solving the 
differential equation on r € [0, R] with an appropriate 
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Figure 4. Bound state of the nonlinear Schrédinger equation 
with the numerical shooting method: starting (dotted) and final 
(solid) approximations. 


numerical method, such as the fourth-order Runge— 
Kutta method, we define the function of parameter m as 


E(m) = ®,,(R). 


The function E(m) has a zero atm =m, if ®m,(r) is 
the bound state of the nonlinear Schrédinger equation, 
such that ®,,, (R) = 0. Starting with any value mo, we 
can approach to the zero of E(m) with a root finding 
algorithm, such as the Newton’s method: 





E(x) 
Mk+1 = ME — BG)’ 
where the value of 
aD, (R 
E'(mx) a 'm ( ) 
am m=mt 


can be found from a linearization problem or from 
a secant method. The starting approximation ®,,, (7) 
and the final solution ®,,,(r) are shown on Figure 
4 by dotted and solid lines, respectively. The value 
of E(m,;) converges to zero, such that the sequence 
®m,(r) converges to the bound state ®(r) of the non- 
linear Schrédinger equation. 

Finite-element methods approximate solutions of 
the boundary-value problems from a_ variational 
problem, which involves minimization of the energy 
functionals. The bound state ®(r) of the nonlinear 
Schrédinger equation coincides with a minimizer of 
the energy functional: 


1 IG j 
H(u)= a (F) —u'|rdr, 
2 0 dr 


such that the variation of H(u) vanishes if and only if 
u=®(r): 
6H 
éu 








ales 
r 


2ro? = 0. 
dr 


u=(r) ~ dr 
Dividing the interval r €[0, R] into n subintervals 
(0, r,)]U[n, r2]U---U[ry —1, ry], where r, =hn and 
R=AN, we approximate ®(r) by a linear combination 
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of the finite elements u(r): 


N 
u(r) = SS Duy (r). 
n=0 
The finite elements u(r) satisfy the constraints: 
Un (Fn) = 1, and un(Fn) = 0, m #0, 


such that ®, are unknown values for the finite-element 
approximation of u(r;,). The simplest finite elements 
(also known as the simplex elements) are given by the 
piecewise linear interpolation: 


0, r<rn-1, 


r—Tn-1 
_ J) a om S17 Sm, 

unr) = Tati or <r< 
“ET In SV Sn, 


0. Fes 


When u(r) is substituted into the energy functional 
H(u) and integrated numerically over O<r<R, 
the function H(u)=H(®o, ®j,...,®y—1) with 
®y =0 can be minimized with respect to parameters 





Do, ®j,..., ®y_—1. The minimization leads to a 
system of nonlinear algebraic equations: 
GOO Gab ®y_1) =0 
a0, 0, P1,-..,Pv-1) = 9, 
n=0,1,...,N—1. 


This nonlinear system can be solved with a matrix 
root finding Newton’s method, which completes the 
finite-element approximation of the bound states ®(r). 
When the differential equations are linear and the 
exact integrations are replaced with the trapezoidal 
tule, the finite-element method with simplex elements 
recovers the finite-difference approximation. However, 
the finite-element method is more general and suitable 
for accurate numerical approximations. For example, 
the finite-element method can be used together with 
the Simpson’s rule of numerical integration. 

Spectral methods are based on Fourier series solut- 
ions of differential equations in finite intervals, 
subject to appropriate boundary conditions. Solu- 
tions of the homogeneous heat equation u;=u,, on 
x €[0, L] with zero boundary conditions at the ends: 
u(0O, t)=u(L,t)=0 are given by the Fourier sine- 
series: 

Mx 


u(x,t) = > Bm(t) sin = 


m=1 





where the set of Fourier amplitudes By, (t),m > 1 solves 
the initial-value problems: 

dBm es mm? Bm. 
dt L? 
The initial values of By, (0) are defined from u(x, 0) by 
the Fourier integrals: 





m> 1. 


2 if | mx 
Bn(O) = if u(x, 0) sin 





dx. 
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Truncating the Fourier series with the Galerkin me- 
thod and defining the Fourier approximation at grid 
points x, =nh,n=1,..., N—1, we replace the exact 
Fourier series solution with the discrete Fourier trans- 
form: 


N-1 
Win) = J Bn) sin, 


m=1 





where B,,(t) solves the same initial-value problem for 
m=1,...,N-—1 but B,,(0) is defined by the inverse 
discrete Fourier transform: 


N-1 


Bm (0) = < Dy u(Xn, 0) sin 


n=1 


mn 
N 





We notice that the inverse discrete Fourier transform 
follows from Fourier integrals by means of the nu- 
merical trapezoidal rule. Solving systems of initial- 
value problems with Runge-Kutta methods, we define 
solutions of the heat equation at time steps t =kt, 
k=0,1,.... 

Spectral methods give more accurate solutions of 
the heat equation, compared with the finite-difference 
methods. First, all initial-value problems for Fourier 
coefficients B,,(t) are uncoupled. Second, the spectral 
methods have superior accuracy, because the truncation 
error of the Galerkin approximation decays exponen- 
tially with larger number N of the Fourier amplitudes. 
Third, spectral methods can be applied to nonlinear 
differential equations. Performing time steps with the 
Runge-Kutta methods, discrete Fourier transform and 
its inverse can be employed for computations of the 
nonlinear terms. As a result, the spectral method is ef- 
fectively uncoupled for Fourier amplitudes B,(t) as an 
explicit single-step method. Split-step spectral methods 
are especially important for nonlinear evolution equa- 
tions, such as the nonlinear Schrédinger equations. 

As computational power increases, the role of nu- 
merical methods will be increasingly important in com- 
ing years for efficient solutions of many problems in 
physical and engineering sciences. Presently, computa- 
tions of three-dimensional equations for water waves, 
turbulence, and astrophysical problems can be run on 
workstations in reasonable time. Modern supercom- 
puting resources based on multiprocessor clusters are 
designed to help scientists in their theoretical studies 
of nature. It is common nowadays that many research 
groups in physics and engineering replace analysis of 
a problem by numerical methods. 
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See also Averaging methods; Compartmental 
models; Extremum principles; Lattice gas methods; 
Stability 
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N-WAVE INTERACTIONS 


Linear dispersive waves propagate according to a 
dispersion relation 


w = o(k), 


which relates the frequency w to the wave vector k. 
In linear systems, waves of different wave vectors and 
frequencies do not interact due to the superposition 
principle. In nonlinear systems, the lowest-order 
nonlinear effect (expanding in the wave amplitudes) 
is the interaction between N waves of different wave 
vectors k; and frequencies w;, which satisfy the 
spatial and temporal resonance conditions (Zaslavsky 
& Sagdeev, 1988) 


N N 
Yok =0, Salk; =0. 
joi j=l 


The simplest three-wave resonant interaction occurs if 
there are nontrivial solutions with 


k=ki+k,, ow(k)=o(ki)+o(k2). (1) 


Resonant wave interactions are governed by the 
dispersion relation. Some dispersion relations do 
not exhibit nontrivial solutions of the resonance 
conditions (1) for any k, and ko. Others may 
exhibit resonant three-wave interactions, for example 
the deep-water gravity-capillary waves satisfying the 
dispersion relation w*(k) = g|k| + 7|k|>, where g is 
the acceleration of gravity and T is the surface tension 
coefficient. When T 40, the resonant configurations 
of the three waves occur already in one spatial 
dimension, as shown on a graphical solution on 
Figure 1. The solid curve on this figure shows the 
dispersion relation w= w(k), while the dashed curve 
shows the same dispersion relation shifted relatively to 
the point (kj, @1), such that w — w) =w(k — kj) and 
@ = @(k,). The intersection of the two curves defines 
a solution of the resonance equations (1) at the point 
k=k, +k, where w(k) — w(kj) = (kp). 

When T = 0, the resonant three-wave configurations 
do not occur in space of any dimensions, but deep- 
water gravity waves satisfying the dispersion relation 
w* = g|k| exhibit the resonant four-wave interactions 
of the following type: 





ki +kp = k3 + ka, 
(ki) + o(k2) = w(k3) + w(ka). 
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Figure 1. Graphical solution of Equations (1) for three resonant 
waves. 


Given a dispersion relation w(k) with one or more 
branches, one needs to compute all lowest-order 
resonances for N = 3, 4, and so on, in order to describe 
nonlinear dynamics of resonant wave interactions with 
the normal form analysis (Craig, 1996). 

Time evolution of N resonant waves can be studied 
with an asymptotic multiscale expansion method. In 
this method, a solution of the system u=u(@, ft) 
is assumed to be close to a linear superposition of 
N resonant waves with slowly varying amplitudes, 
where x = (x, y, z). For instance, resonant interaction 
of three waves is described by the following expansion 
(Gaponov-Grekhov & Rabinovich, 1992): 


u(x,t) = [atew, ete he—olk)) 


i(k x—c(k1)t) 


+ aj(ex, et)e 





+arlex, eee oe) ; 


where ¢ is a small parameter and ¢? terms are dropped. 
The evolution equations for the wave amplitudes take 
the form 





te) ; 
if{—+v-Vla = yajae, 
Pees scsi 
(9 a eiAt 
i at tiny a, = yiaage’™, (2) 
y aera a2 = ypaaye'™*, 

at 


Here A=a@(k)—o(k,)—a(kz) is the frequency 
detuning from the exact resonance; v, vj, and v2 
are group velocities of the three waves, for example 
v= Vo (k); and y, v1, and y2 are coupling coefficients 
in systems with quadratic nonlinearities. In nonlinear 
dispersive systems with conserved energy, parameters 
Y,¥V1, and y2 are real. 

Typical dynamics of the resonant three-wave 
interaction can be studied from system (2) for space- 
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Figure 2. Two typical time evolutions of the three-wave 
resonant interaction: (a) the high-frequency wave a could not 
be generated from large low-frequency wave a; and small 
low-frequency wave a2; (b) the large high-frequency wave a 
decays into pair of low-frequency waves a, and a2. 


independent waves a(t), ai(t), and a(t) in the 
case of exact resonance, when A=QO. Without loss 
of generality, the real coupling coefficients can be 
normalized to be equal and positive: y = y; = y2 > 0. 
After these simplifications, system (2) has the following 
(Manley—Rowe) constants of motion: 


lal? + laPr=Cy, lal? +|al?=C, 


lai? — lag|? = C. (3) 


The time evolution of wave amplitudes a(t), aj(t), 
and a2(t) displays two typical scenarios shown in Fig- 
ure 2(a,b). If the wave with low frequency (w1,@2 < 
q@) is initially pumped into the system (e.g., either 
lay? > lal?, |az|? or |az|? > |al?, Jai? at = 0), then 
the other two resonant waves remain small through- 
out the whole time evolution (see Figure 2(a)). In- 
deed, it is seen from Equations (3) that when la|? 
grows, lay|? and |a2|* decay. If either lay|? or |az|" 
were initially small, their decay (and the growth of 
|a|*) is limited by a small value of C; and C>. 
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If the wave of high frequency w is initially pumped, 
however, the waves of low frequencies w; and w2 
may grow simultaneously. In this case, the resonant 
three-wave interactions display an exchange of energy 
between the high-frequency wave and the two low- 
frequency waves (see Figure 2(b)). This process is 
referred to as the “splitting” or “decaying” instability of 
the high-frequency wave. As seen from system (2) for 
small a; and az, the amplitude a(t) does not change in 
time in the first-order approximation, while amplitudes 
a(t) and aj(t) grow exponentially as ~elv4lt_ The 
high-frequency wave |a|* decays into the two low- 
frequency waves lay |" and |a2|*, but the two waves 
merge back to the high-frequency wave later in the time 
evolution (see Figure 2(b)). 

Resonant nonlinear three-wave interactions are 
known in many physical situations, such as in water 
waves, nonlinear optics, acoustics, and plasma physics. 
In nonlinear optics, resonant three-wave interactions 
are used in parametric amplifiers and oscillators, 
x© optical materials, self-induced transparency, and 
stimulated Raman scattering (Kaup et al., 1977). Four- 
wave mixing occur in optical communications and 
leads to growth of ghost pulses in an optical signal 
sequence. In water waves, resonant wave interactions 
explain effects of weak turbulence of gravity and 
gravity-capillary waves, as well as Rossby waves in 
the atmosphere (Zakharov, 1998). In plasma physics, 
nonlinear dynamics of high-temperature plasmas in 
a magnetic fields involve wave-particle and wave- 
wave interactions. Resonant three-wave interactions 
occur in ionospheric propagation, plasma heating 
with high-power electromagnetic sources, microwave 
sources, and laser sources (Kaup et al., 1977). 
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See also Dispersion relations; Frequency doubling; 
Manley-Rowe relations 
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ONE-DIMENSIONAL MAPS 

The term one-dimensional map usually indicates a 
dynamical system with discrete time, generated by 
some map f of a one-dimensional (1-d) space (the real 
line or an interval of it, a circle, or a graph) onto itself 
or, equivalently, the iterations of this map. To specify a 
1-d space, the terms interval map, circle map, or graph 
map are used. The most famous examples of a 1-d 
maps are the so-called logistic map x > Ax(1—x) of 
the interval [0, 1] and the rotation x > x+a of the 
circle. The theory of 1-d maps can also be considered as 
the qualitative theory of the difference equations of the 
form xn41 = f(xXn),n=0,1,2.... 

Being part of the general theory of dynamical 
systems, the theory of 1-d maps includes studies 
relating to topological dynamics, symbolic dynamics, 
combinatorial dynamics, differential (or smooth) 
dynamics, and ergodic theory. The theory of 1-d 
maps is well developed and contains many deep 
and beautiful results. Even the simplest non-invertible 
(for example, quadratic) 1-d maps possess orbits 
with intricate dynamics, including those behaving 
like random processes. Thus, this theory offers 
comparatively simple tools for the understanding 
of general laws that govern the progression of 
real dynamic processes from regular to chaotic 
behaviors. 

Many mathematical models, including those arising 
in population biology, can be reduced to investigations 
of 1-d maps. For organisms with non-overlapping 
generations, the population growth can be modeled 
with the difference equation xn41 = f(%n), where xy 
is the population density of the nth generation. When 
the density of the population is small and there are 
plenty of resources, the density x, increases and fol- 
lows approximately the linear law x,41 =A x,, where 
A is the reproduction coefficient. Because resources 
are bounded, density cannot increase forever; more- 
over, if the density x, is very large, that is, 
close to 1, then x,+;—the density of the next 
generation—must be close to 0. The logistic function 
f(x) =Ax(1—x) with 0<A<4 is a canonical 
example. 
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Interval Maps 


Let f:J—J be a map of the interval J 
onto itself and f” be its iterations, defined by 
fx) = fF" '(@)), n=12,..., fx) =x. The 
orbit of a point x9¢€J under the map f is 
the sequence of points x,=f"(xo), n=0, 
1 a ree 

A point 6 € J is a periodic point if f’" (6) = 6 for 
some natural m; the smallest m with this property 
is the period of 6; if m=1, B is called a fixed 
point. The points f"(8), n=0,1,...,m—1 form 
a cycle of period m. To characterize the asymptotic 
behavior of an orbit, the set of its limiting points is 
used; it is called the w-limit set of the orbit of x 
and denoted by w(x). A cycle B is attracting if there 
exists a neighborhood U of B such that for any x € U, 
f"(x) €U for all n>0 and w(x) = B. The basin of 
an attracting cycle B is the set {x € J: w(x) =B}; 
it consists of a finite or countable number of (open) 
intervals. A cycle B is repelling if there exists a 
neighborhood U of B such that for any point x « U\ 
B, there exists n such that f"(x) ¢ U. If f is 
differentiable and has a cycle B={j,..., Bm}, 
the quantity (B)=f'(B1) «~~ (Bm) is the 
multiplier of B. B is attracting if |uw(B)| <1, and B 
is repelling if |(B)| > 1. The smallest closed set that 
contains w-limit sets of orbits for almost all points 
of J (with respect to Lebesgue measure), is called 
the (global) attractor of f and denoted by A below. 

If f is a monotonic (and hence, invertible) 
continuous function, its dynamics are very simple. If 
f is monotonically increasing, the w-limit set of each 
orbit consists of only a fixed point. If f is monotonically 
decreasing, the w-limit set of each orbit is either a fixed 
point or a cycle of period 2. 

The orbits of nonmonotonic (non-invertible) maps 
can be very complicated. Maps with a single extremum 
point are called unimodal. Many properties of contin- 
uous interval maps can be demonstrated with the sim- 
plest representative of unimodal maps—the family of 
logistic maps f :xt> Ax(1—x). 
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Figure 1. This K6nigs-Lamerey diagram gives a graphic 
representation of the orbit of xo. If the graphs of two functions 
y= f(x) and y=x in the plane (x, y) are drawn, then the 
broken line consisting of vertical and horizontal segments that 
connect the points (f" (x9), (xo) and (f"(x0), f"* Hao), 
n=O, 1,2..., demonstrates the movement along the orbit. The 
orbit of XO tends to a fixed point, and the orbit of xo tends toa 
cycle of period 3. 


xX 





0.6 


Figure 2. Bifurcation diagram of the attractors for the family of 
logistic maps. 


Logistic Maps 
The bifurcation diagram in Figure 2 shows what 
attractors the logistic map has when the parameter A 
is changed. 

With increasing A up to A* © 3.5699, the consecutive 
doubling of period for attracting cycles holds and cycles 
of periods 2”, n=0, 1,2, ..., appear: when A > 3, the 
attracting fixed point 6; = 1 — 1/A becomes repelling 
and a new attracting cycle of period 2 arises; for 
A>14+/6=3.449..., this cycle becomes repelling 
and generates an attracting cycle of period 4, and so on. 
The period doubling for attracting cycles occurs with 
the speed 

Aont1 — Agn 


— 4.6692... 
Agn+2 Ts Agn+l 


(Feigenbaum—Coullet—Tresser constant), where Az” is 
the parameter value when the cycle of period 2” 
arises. The basin of each such attracting cycle is the 
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interval J = [0, 1] except fora countable set of repelling 
periodic points and their preimages. 

IfA =A*, f hascyclesofperiods 2",n=0,1,2,..., 
only, and these cycles are repelling. The set K of 
limiting points for these cycles is an invariant Cantor 
set. The orbit of each point from K is everywhere dense 
on K. K is the attractor: the w-limit set of each point 
from J, different from a periodic point or its preimages, 
coincides with K. The restriction of f2 on the interval 
Lf (Bn), Bi] is topologically conjugated to f on J, 
and hence, f is infinitely renormalizable. 

For A = 3.83, f has an attracting cycle of period 3, 
which is the attractor, and repelling cycles of all periods. 
The basin of the attracting cycle is J except for a Cantor 
set. This Cantor set is the closure of the set consisting 
of points of repelling cycles and their preimages. 

If A=4, f is topologically expanding: for any 
interval JcJ, there exists a number m =m/(J) such 
that f’"(J)=J. Therefore, f has the property of 
sensitive dependence on initial conditions (sometimes 
called the “butterfly effect’’). J is an attractor; periodic 
points lie everywhere dense on J. The map is 
topologically conjugate to the piecewise linear map 


; (x) = 2x, O0<x<1/2, 
& Xt? B=) ox), 1/2<x<1 


with the help of h(x) = (2/7) arcsin ,/x. Because the 
Lebesgue measure is invariant under g, f has the 
invariant measure v(dx) =dh(x)= tdx /JV/x(Q—x). 
This means, in particular, that for almost every 
orbit of f and for any aj, a2 €[0, 1], the frequency 
with which the orbit visits the interval (aj, a2) to 
f ie v(dx). 

The general characteristics of the logistic maps 
family are formulated as follows: for each 4 €[0, 4], 
the attractor A of f is acycle, or a Cantor set (as in the 
case A=A*), or a cycle of intervals, that is, several 
closed non-intersecting intervals J,, n=1,...,m, 
such that f (Jn) = J(n+1)modm and Um Jn contain an 
everywhere dense orbit (in case A=4, m=1). 

The parameter values for which A is a cycle form an 
open and dense (on [0, 4]) set, and from the topological 
standpoint, a map with an attracting cycle is typical for 
the logistic family. The set of A for which A is a Can- 
tor set (and the map is infinitely renormalizable) has 
Lebesgue measure zero. The set of 2. for which A is a 
cycle of intervals has positive Lebesgue measure. More- 
over, for almost all value of these A, A is the support 
of an ergodic absolutely continuous invariant measure. 

The complication of dynamics in the logistic family 
stems, first of all, from the appearance of new attracting 
cycles resulting from the period-doubling bifurcation 
or the tangent bifurcation. With increasing A, the 
multiplier of arising attracting cycle decreases from 
+1 to —1, and thereafter, this cycle becomes repelling 
and does not disappear in the sequel. If 4,, denotes 
the infinum (greatest lower bound) of the parameter 


ONE-DIMENSIONAL MAPS 


values for which f has an attracting cycle of period m, 


then Aj’ <Am for m’ <m, where “~<” is the following 
ordering of the natural numbers: 
1<2<2 <.--«< 2" q+. «7-22 «5-2" 


< 3-27 2. 49K 7 «5 <3, 


called “Sharkovsky’s ordering.” For A =A2, n > 0, the 
cycle of period 2” arises as a result of a period-doubling 
bifurcation; forA =A», mA2",n=1,2,..., the cy- 
cle of period m arises as a result of a tangent bifurcation. 
If f has an attracting cycle of period m, then 
with increasing A, the sequence of period-doubling 
bifurcations takes place until cycles of periods 
2"m, n=1,2,..., appear. For the limiting parameter 
value for this sequence of bifurcation values, the 
attractor is a Cantor set (as in the case A = 4*). 


Smooth Maps 
Analytic unimodal maps (briefly, AU-maps) and C?- 
smooth unimodal maps with negative Schwarzian 


Sf= fit —E(Fury () 
(briefly, SU-maps) are the most investigated classes 
of smooth maps. Any logistic map has negative 
Schwarzian. 

As for logistic maps, the attractor A of each AU-map 
or SU-map includes (in general, not coincides with) one 
of the previous set: an (attracting) cycle, a Cantor set, 
or a cycle of intervals and always contains the w-limit 
set of the extremum point. For an SU-map, A can have, 
in addition, only one attracting fixed point, and for an 
AU-map, A can have, in addition, any finite number of 
attracting cycles. If A is a cycle or a cycle of intervals, 
outside of A, f has only a finite number of isolated 
repelling cycles and isolated repelling invariant Cantor 
sets. 

The period-doubling and tangent bifurcations are 
typical for smooth maps. The birth order of attractive 
cycles for the logistic family is kept, for example, for 
families of convex SU-maps of the form Af (x), A > 0. 

For almost all members of a typical family of SU- 
maps, the attractor is either a cycle or a cycle of inter- 
vals; the cycle of intervals is the support of an ergodic 
absolutely continuous invariant measure; and there is 
a closed invariant interval J C J containing the ex- 
tremum point and m > 0 such that the restriction of f” 
on J is topologically conjugated to some logistic map. 

For a typical family of AU-maps, there exists an open 
and dense set of parameters for which the map attractor 
consists of a finite number of cycles, and the union of 
basins of these cycles has full Lebesgue measure. 

A smooth (at least C?) unimodal map f is 
structurally stable if an attractor consists of cycles; 
the multiplier of each cycle is not equal to +1; the 
extremum point c is nondegenerate (i.e., f”(c) 4 0); 
and f”(c) is nota periodic point for anyn=0,1,2.... 
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The class of structurally stable maps is open in the C? 
topology and dense in any smooth topology. 

Some properties of unimodal maps (possibly 
somewhat modified) hold for maps with more than two 
branches of monotonicity. For example, the number of 
attracting cycles for any C>-smooth map with negative 
Schwarzian is not greater than the number of extremum 
points plus two. 


Continuous Maps 

Due to the natural ordering of points on the real line and 
the continuity of f, the values of f on a finite set of 
points provides rich information about the behavior of 
orbits. So, if there exist points 6; < 62 < 63 such that 
f (61) = Bi, f(B2) = B3, and f(B3) < Bi, then f has 
cycles with any period. 

Each finite set B = {B, < Bz < --- <,} such that 
f(B) CB generates a permutation z on the set 
{1,2,...,m}:7@=j, if f(6;))=6;, i=1,...,m. 
If B is a cycle, such a permutation is cyclic. For 
Ji =(Bi, Bit), 1=1,2,...m—1, fi) 2 Seay U 
-+-UJSK(), where k(i) = min{z(i), t+ 1}, KM = 
max {7 (i), w(@i + 1)} — 1. This allows the construction 
of a Markov matrix of admissible transitions with 
elements aj; :ajj=0, if f(Jj) DB Jj, and aj; =1, if 
Sf (Ji) D Jj, and the corresponding Markov graph. An 
analysis of loops of Markov graph allows us to obtain 
the Sharkovsky theorem on the cycles coexistence: if 
a continuous interval map has a cycle of period m, then 
it has a cycle of any period m’ such that m’ < m. 

Research on the coexistence of combinatorial ob- 
jects, such as cycles, permutations, cyclic permutations, 
and graphs, is the subject of combinatorial dynamics. 
An important part of symbolic dynamics for 1-d maps 
is the kneading theory. 

There are different criteria for the chaotic behav- 
ior of orbits. In particular, the following properties are 
equivalent: (i) the topological entropy of f is pos- 
itive; (ii) there is a cycle with period #2”, n>0; 
(iii) there is a homoclinic orbit; (iv) there is an w- 
limit set containing a cycle, but different from it; and 
(v) there exist m and a closed invariant set Mc J 
such that the restriction of f’” on M is topolog- 
ically conjugate to the shift on the space of one- 
side sequences of two symbols. Any of these in- 
volves the following: there is a continuum of many 
orbits such that for any two orbits {x/} and {x/}, 
lim inf, 90 |x), — xf/| =0, lim sup, _, 45 |x), —x//|>0. 

If Shas a cycle of intervals {J), J2,..., Jm}, then 
f on J = U", Jj is topologically expanding and has 
the property of the sensitive dependence on initial 
conditions, and the set of periodic points is everywhere 
dense on J. 

The typical behavior of continuous maps differs 
from that of smooth maps. In particular, in the space 
of continuous maps with C°-topology, the set of maps 
that have cycles of all periods contains an open and 
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dense subset. Moreover, almost every continuous (but 
nowhere differentiable!) interval map has infinitely 
many minimal Cantor sets that attract almost all orbits. 

Discontinuous interval maps constitute another 
important class of 1-d maps, especially for applications 
including expanding interval maps and_ so-called 
interval exchange maps. 


Circle Maps 


Many of the properties of interval maps mentioned 
above are true for circle maps f : S— S. Along with 
this, there are classes of circle maps with specific 
properties, for example, circle homeomorphisms semi- 
conjugated to rotation of S$ with rotation number 
@_(corresponding to the discontinuous interval map: 
f:xtex+amod 1). If @ is a rational number, the 
attractor A consists of cycles; if @ is irrational, A is 
a minimal set and coincides with S or a Cantor set. 
Bifurcations in a family of circle homeomorphisms are 
described by Farey’s sequences. 

Circle maps, semi-conjugated to the discontinuous 
interval map f :x +> kx mod1 with an integer |k| > 1, 
are called circle maps of degree k and represent a further 
important class of circle maps, including expanding 
circle maps with | f’(x)| > 1 at x € S. Any expanding 
map is topologically conjugate to the shift on the space 
of one-sided sequences of finite number of symbols; 
it is structurally stable and possesses an absolutely 
continuous invariant measure. 


A.N. SHARKOVSKY AND V.V. FEDORENKO 


See also Anosov and Axiom-A systems; Bifurca- 
tions; Butterfly effect; Chaotic dynamics; Denjoy 
theory; Horseshoes and hyperbolicity in dynamical 
systems; Maps in the complex plane; Markov par- 
titions; Measures; Mixing; Period doubling; Pop- 
ulation dynamics; Routes to chaos; Sinai-Ruelle- 
Bowen measures; Symbolic dynamics 
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OPTICAL FIBER COMMUNICATIONS 


The existence of temporal solitons in optical fibers and 
their use for optical communications were suggested 
in 1973 (Hasegawa & Tappert, 1973), and by 1980, 
such solitons had been observed experimentally 
(Mollenauer et al., 1980; Hasegawa & Kodama, 1995). 
Since then, rapid progress has converted temporal 
solitons into a practical candidate for designing 
modern communication systems based on optical-fiber 
technology (Agrawal, 2002; Kivshar & Agrawal, 2003). 

Similar to other types of solitons, those in optical 
fibers emerge from a balance between the group- 
velocity dispersion (GVD) and self-phase modulation 
(SPM) induced by the Kerr nonlinearity. The GVD 
broadens optical pulses during their propagation inside 
an optical fiber, except when the pulse is initially 
chirped (compressed with linear frequency modulation) 
in the right way. More specifically, a chirped pulse can 
be compressed during the early stage of propagation 
whenever the GVD parameter 62 and the chirp 
parameter C happen to have opposite signs such that 
f2C is negative. The optical pulse then propagates 
undistorted in the form of an optical soliton. 

The nonlinear Schrédinger (NLS) equation govern- 
ing pulse propagation inside optical fibers can be writ- 
ten in the following form: 


: u 2 
im—+-— 4+|ul*u=0, (1) 
Zz T 
where T is a measure of time from the pulse center and 
is normalized to the input pulse width 7p, and Lp is 


the dispersion length. Noting that z =Z/Lp, the soliton 
period Zo is defined as 


Zo = —-Lp = -—. (2) 
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Figure 1. Soliton bit stream in the return-to-zero format where each soliton occupies a fraction of the bit slot representing 1 in a bit 


stream. 


Temporal solitons are attractive for optical commu- 
nications because they are able to maintain their width 
even in the presence of fiber dispersion, but their use 
requires substantial changes in the fiber system design, 
compared with conventional (nonsoliton) systems. 

The basic idea is to use a soliton in each bit slot repre- 
senting | ina bit stream. Figure 1 shows schematically 
a soliton bit stream in the return-to-zero (RZ) format. 
Typically, the spacing between two solitons exceeds a 
few times their full-width at half-maximum (FWHM), 
and individual solitons are well isolated. This require- 
ment relates the soliton width Tp to the bit rate B as 
B=1/Tg=1/(2qoTo), where Tg is the duration of 
the bit slot and 2¢0 = Tg /Tp is the separation between 
neighboring solitons in normalized units. 

The relatively large spacing necessary to avoid 
soliton interaction, limits the bit rate of soliton 
communication systems. The spacing can be reduced 
by up to a factor of two using unequal amplitudes for 
the neighboring solitons, so this scheme is feasible in 
practice and can be useful for increasing the system 
capacity. 

Temporal solitons use the nonlinear phenomenon 
of SPM to maintain their width even in the presence 
of fiber dispersion. However, this property holds 
only if fiber losses are negligible. Optical amplifiers 
can be used for compensating fiber losses. Two 
approaches used for the management of losses 
through amplification of solitons are the lumped- and 
distributed-amplification techniques. 

In the lumped-amplification scheme, optical ampli- 
fiers are placed periodically along the fiber link such 
that fiber losses between two amplifiers are exactly 
compensated by the amplifier gain. An important de- 
sign parameter is the spacing La between amplifiers, 
which should be as large as possible to minimize the 
overall cost. For nonsoliton systems, La is typically 
80-100 km. For soliton systems, L is restricted to 
smaller values because of the soliton nature of signal 
propagation. 

The physical reason behind smaller values of La is 
that optical amplifiers boost soliton energy to the input 
level over a length of a few meters without allowing 
for gradual recovery of the fundamental soliton. 
The amplified soliton adjusts its width dynamically 


in the fiber section following the amplifier, but it 
also sheds a part of its energy as dispersive waves 
during this adjustment phase. The dispersive part can 
accumulate to significant levels over a large number 
of amplification stages and must be avoided. One way 
to reduce the dispersive part is to reduce the amplifier 
spacing La such that the soliton is not perturbed 
much over this short length. Numerical simulations 
show (Hasegawa & Kodama, 1995) that this is the 
case when La is a small fraction of the dispersion 
length (La « Lp). The dispersion length Lp depends 
on both the pulse width 7) and the GVD parameter 6 
and can vary from 10 to 1000 km, depending on their 
values. 

The condition La < Lp, imposed on loss-managed 
solitons when lumped amplifiers are used, becomes 
increasingly difficult to satisfy in practice as bit 
rates exceed 10GB/s. This condition can be relaxed 
considerably when distributed amplification is used. 
The distributed-amplification scheme is inherently 
superior to lumped amplification because its use 
provides a nearly lossless fiber by compensating losses 
locally at every point along the fiber link. In fact, this 
scheme was used as early as 1985 using the distributed 
gain provided by Raman amplification (Agrawal, 2002) 
when the fiber carrying the signal was pumped at 
a wavelength of about 1.46j1m using a color-center 
laser (Hasegawa & Kodama, 1995). Alternatively, the 
transmission fiber can be doped lightly with erbium ions 
and pumped periodically to provide distributed gain. 
Several experiments have demonstrated that solitons 
can be propagated in such active fibers over relatively 
long distances. 

Early soliton experiments on loss compensation 
used the Raman-amplification scheme. The situation 
changed with the application of erbium-doped fiber 
amplifiers from around 1989 for loss-managed soliton 
systems. In a typical experiment (Agrawal, 2002), 
2.5 GB/s solitons were transmitted over 12,000 km by 
using a 75 km fiber loop containing three amplifiers, 
spaced 25km apart (Agrawal, 2002). The bit rate— 
distance product of BL=30 (TB/s)km is limited 
mainly by the timing jitter induced by amplifiers. 

Dispersion management, which consists of a 
periodic change of the dispersion 62 along the fiber 
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length, is employed commonly for modern wavelength- 
division multiplexed systems. The use of dispersion 
management forces each soliton to propagate in the 
normal-dispersion regime of a fiber during each map 
period. If the map period is a fraction of the nonlinear 
length, the nonlinear effects are relatively small, 
and the pulse evolves in a linear fashion over one 
map period. On a longer length scale, solitons can 
still form if the nonlinear effects are balanced by the 
average dispersion. As a result, solitons can survive in 
an average sense, even though not only the peak power 
but also the width and shape of such solitons oscillate 
periodically. 

Since 1996, a large number of experiments have 
shown the benefits of using dispersion-managed 
solitons for optical communication systems (Agrawal, 
2002). Presently, 10 GB/s dispersion-managed solitons 
can be transmitted over 16Mm of standard fiber 
when soliton interactions are minimized by choosing 
the location of amplifiers appropriately. An important 
application of dispersion management consists of 
upgrading the existing terrestrial networks designed 
with standard fibers and operating in the linear regime. 

Yur! KivsHaR 


See also Dispersion management; Kerr effect; 
Nonlinear optics; Nonlinear Schrédinger equations 
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OPTICAL NONLINEARITIES 


See Nonlinear optics 


ORBIT 


See Phase space 


ORDER FROM CHAOS 


At first glance, the words chaos and order seem to be 
contradictory. Indeed they are contradictory in terms 
of common definitions of the words, but not in terms 
of their mathematical usages. The definition of chaos 
in the Oxford American Dictionary (1986) is “great 
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disorder or confusion.” In contrast, the mathematical 
notion of chaos explains that data that seems to be 
random may have been generated by a deterministic 
and ordered process. In this sense, the field might 
have profitably been called “order theory” instead of 
“chaos theory.” There are two common usages of the 
phrase “order from chaos.” The first refers to seeking 
deterministic “chaotic” models to explain complex 
phenomenon, thus “order in chaos.” The second refers 
to the fact that some chaotic dynamical systems can also 
exhibit regular islands of simplicity within their phase 
space, or “order from chaos.” We will discuss each in 
turn. 


Order in Chaos 


The fact that seemingly simple and deterministic evo- 
lution rules can give rise to extremely complicated mo- 
tion dates to Henri Poincaré (1892), in the setting of 
celestial mechanics. Perhaps the most famous exam- 
ple of unpredictable behavior is due to Edward Lorenz 
(1963), who discovered that even the most simplified 
models of the weather could produce data for which it is 
impossible to make long-term forecasts. Lorenz iden- 
tified the “butterfly effect,” or “sensitive dependence to 
initial conditions,” whereby even small measurement 
errors quickly grow to swamp the signal. In 1975, Tien 
Yien Li and James A. Yorke published a paper entitled, 
“Period Three Implies Chaos,” (Li & Yorke, 1975). The 
most famous impact of this paper was that it coined the 
word chaos, the field of study describing the nonlinear 
effect in which even the simple systems of Poincaré, 
Lorenz, and others can display sensitive dependence in 
a bounded domain. The chaos theory has attracted a 
great deal of popular attention, partly, in fact, due to its 
sexy title. Part of the appeal is also due to the scien- 
tific tradition since the time of Newton of searching for 
mechanistic explanations of reality. 

The concept of phase space is useful for mapping 
the behavior of a dynamical system. Phase space 
could be described as the set of all possible relevant 
variables, which creates a closed description of the 
time evolution of the system (See Phase space). For 
example, for a simple pendulum, we need to specify 
all possible angular position and angular momentum 
states to uniquely define all solutions; the phase space 
for the periodic oscillation is a closed curve, a circle. 
For an electronic tank oscillator (LRC) circuit, we need 
to specify capacitor charge and current through the 
inductor. The dimension of the system is the dimension 
of the phase space. A billiard table’s worth of balls, 
for example, requires many variables for a complete 
description—two variables for position and two for 
momentum for each of the balls. 

As a highly interdisciplinary field, chaos theory has 
been successful in finding deterministic chaos, or order, 
in what was once thought to be mere noise, or at 
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Figure 1. This seemingly stochastic data was actually generated 
by a “simple,” low-dimensional, and deterministic process. This 
time-series plot of the state x, versus time n was actually 
generated by the dynamical system x4] =axXn(1—xpy) called 
the logistic map. (a = 4.0, x9 = 0.44). 


least an extremely high-dimensional effect. There are 
numerous explicit examples of chaos in many areas, 
including biology, electrical engineering, chemistry, 
celestial mechanics, and brain and heart physiology. 
Thus, the old idea that extremely complicated data must 
always be due to extremely complicated effects is false 
(see Figure 1). One popular misuse of these ideas is a 
belief that all complicated data must have underlying 
order in chaos. This can be phrased as “Is what seems 
complicated always really simple?” The answer, of 
course, is no; it remains true that noise and other 
high-dimensional effects can also be responsible for 
complexity. What is true is that what seems complicated 
may sometimes be simple, in the sense of having a 
low-dimensional chaotic model. To cite one popular 
question, the stock market prices unarguably constitute 
extremely complicated data, but is there underlying 
order in chaos here, or is the explanation due to 
intractably high-dimensionality? 


Order from Chaos 


Some chaotic systems have an occasional tendency 
to exhibit simple behavior. This is often described as 
regular islands in an otherwise chaotic phase space. 
The classic mathematical example of regular islands 
arises in Hamiltonian systems, which can exhibit a 
phase space of solutions in which chaotic solutions 
are both intermingled and bounded by nested islands 
around islands around islands, and so on, of KAM- 
like tori (circle-like integrable solutions) (Arrowsmith 
& Place, 1990; Meiss, 1992). 

Put differently, “order from chaos” and “regular 
islands” are terms commonly used to refer to the 
presence of an “attractor” (an imaginary point in the 
phase space about which the trajectories appear to 
orbit) in a system that one thinks should behave in a 
complicated manner. For example, consider a thought 
experiment of a game of pool in which we assume 
no friction so that the balls never stop moving (a 
two-dimensional Lorentz gas). Following the path of 
one specific ball, say the seven-ball, is an extremely 
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complicated problem displaying sensitive dependence, 
since a small change in the velocity or position of the 
ball affects the next collision with the wall or with 
the next ball, an effect that multiplies upon subsequent 
collisions. However, there are several attractors near 
which the ball’s motion becomes quite simple—the 
pocket holes. Once within the rim of a pocket (its basin 
of attraction), falling in becomes inevitable, as it would 
require a relatively large energy perturbation to prevent 
it from falling in. In this sense, we can say that the 
regions of phase space, corresponding to being stuck in 
the billiards pocket, are regular islands in a chaotic sea. 

As analogies, such descriptions of islands in 
chaotic seas have been extended by some to explain 
the emergence of a coherent phenomenon from 
complicated processes. There is perhaps no more 
intriguing question than the origins of life. Proponents 
of emergence theories suggest that life in the 
original Hadean seas (the “primordial” seas on early 
Earth) gave rise to life through a capture process 
such as the billiards game (Waldrop, 1992; Kauffman, 
1995). While randomly chosen initial conditions in 
the billiards game may each individually be unlikely 
to lead to capturing a ball in a pocket (and certainly 
any analogous attractors in chemical processes must be 
exceedingly unlikely), the way to win an unlikely bet 
is to play very quickly, over and over. This may have 
been the process that led to complex organic molecules, 
according to proponents of the emergence theory. 

Emergence and order from chaos have also been 
used to describe processes whose attractors are 
surprisingly complicated themselves, as sets, but arise 
from surprisingly simple rules. Michael Barnsley has 
called the following “The Chaos Game” (Barnsley, 
1993). First label the vertices of a triangle, 1, 2, 3. Using 
a random number generator (such as a six-sided die), 
assign probabilities to each triangle vertex, say die sides 
1-2 to vertex 1, die sides 3-4 to vertex 2, and die sides 5— 
6 to vertex 3. Roll the die to randomly select one of the 
vertices, and record its planar coordinates (x, y). Then 
roll the die again to randomly select another vertex, 
and record the point halfway between the resulting new 
vertex and the current (x, y) as the new (x, y). Repeat 
indefinitely. For each newly defined (x, y), we record 
a dot for a pictorial record. Most people guess that the 
result will uniformly fill the triangle with a smattering of 
dots, but the mathematical fact is surprising. The result 
is an extremely intricate structure, a fractal called the 
Sierpinski gasket (see Figure 2). Because this simple 
tule gives rise to such a complicated structure, the 
argument goes, perhaps many of the other intricacies 
we see around us might have emerged from other simple 
rules. 

Finally, we mention the meaning of “order from 
chaos,” as developed from theories of the Nobel prize- 
winning physicist Ilya Prigogine, whose work on 
dissipative structures of systems held from thermal 
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Figure 2. From such a simple algorithm as “The Chaos Game” 
(Barnsley, 1993) emerges the extremely intricate fractal shown, 
called the Sierpinski gasket. 


equilibrium has been used to study self-organizing 
systems (Prigogine, 1984). Prigogine has defined 
complexity as the ability to switch between different 
modes of behavior as the environmental conditions 
vary. Thus, he has described a phenomenon in which 
far-from-equilibrium systems transition “from being 
to becoming,” which some describe as order from 
chaos. 

Erik M. Bouir 


See also Chaotic dynamics; Emergence; 
Kalmogorov—Arnol’d—Moser theorem; Phase space 
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ORDER PARAMETERS 

Although the concept of an order parameter was 
introduced by Lev Landau in the 1930s, it does not yet 
have a precise definition. Broadly, an order parameter is 
a thermodynamic quantity that is invariant with respect 
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Figure 1. A typical plot of the scalar order parameter as a 
function of temperature. 


to the symmetry group of the low-temperature phase 
and zero above a critical point or transition temperature, 
T,. It is a measure of the amount of order that is 
built up in the system in the neighborhood of the 
critical point. In general, an order parameter has both an 
amplitude and a phase. To find the equation of state, a 
minimization procedure is followed for an appropriate 
thermodynamic potential. 

From the original application to second-order phase 
transitions where it changes continuously from T, to 
lower temperatures, the idea of an order parameter has 
been extended to first-order transitions involving an 
abrupt change at T, (see Figure 1). The concept of an 
order parameter has been generalized from a globally 
defined scalar to a complex time- and space-dependent 
function. Note that first-order phase transitions are as- 
sociated with discontinuities of the order parameter and 
thermal hysteresis effects. Second-order phase tran- 
sitions have a continuous order parameter and show 
field-induced hysteresis. Diverse applications of the or- 
der parameter concept to both equilibrium and non- 
equilibrium critical phenomena are listed in Table 1. 

Crystal formation is demonstrated by the existence 
of a regular diffraction pattern associated with the 
Fourier components of the mass density distribution 


p(r) 
p(r) = >> p(gye'9", (1) 
g 


where the g are vectors in the reciprocal space. The 
set of numbers o(g) can be used as order parameters 
characterizing the low-temperature (crystal) phase. The 
nonzero coefficients p(g) in Equation (1) define a 
multi-component order parameter. 

The order parameter field for a magnet is defined at 
each position z by a direction of the local magnetization 
Ma) whose length is fixed. By becoming a magnet, 
this material has broken the rotational symmetry and 
its order parameter field defines the broken symmetry 
directions chosen in the material. 

A number of metals, alloys, and ceramics below 
their critical temperature T, exhibit an ordered 
state in the conduction electron degrees of freedom 
manifested by zero resistance. The order parameter for 
superconductors is the wavefunction of the Cooper pair 
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Phenomenon Disordered phase Ordered phase Order parameter 

Equilibrium 

Condensation Gas Liquid Density difference pl, — pg 
Spontaneous Paramagnet Ferromagnet Net magnetization M 
magnetization 

Antiferromagnetism Paramagnet Antiferromagnet Staggered magnetization M; — M2 
Superconductivity Conductor Superconductor Cooper pair, wave function 7 
Alloy ordering Disordered mixture Sublattice ordered alloy Sublattice concentration 
Ferroelectricity Paraelectric Ferroelectric Polarization 

Superfluidity Fluid Superfluid Condensate wavefunction 


Nonequilibrium 
Laser action 
Super-radiant source 
Fluid convection 


Lamp (incoherent) 
Noncoherent polarization 
Turbulent flow 


Laser (coherent) 
Coherent polarization 
Bénard cells 


Electric field intensity 
Atomic polarization 
Amplitude of mode 


Table 1. Examples of order parameters (OPs). 


condensate n(7), and it exhibits a Hopf bifurcation at 
T=Tp. 

The superfluid properties in *He and He are 
manifested by the absence of viscosity. The *He 
atoms are bosons that below a transition temperature 
T,, undergo the so-called Bose condensation into a 
k=O mode. The associated order parameter is the 
condensate’s quantum wavefunction. Because *He 
atoms are fermions, below 7, they form Cooper 
pairs. 

Liquid crystals are anisotropic fluids composed of 
strongly elongated molecules. The nematic phase is 
characterized by the existence of a direction to which 
most of the molecules are parallel, so the order pa- 
rameter is a second rank tensor describing corre- 
lations along that direction. Numerous other exam- 
ples of critical phenomena, such as binary fluids, 
the metal-insulator transition, polymer transitions and 
spin- and charge-density waves, have their own order 
parameters. 

Landau deduced that second-order phase transitions 
are associated with symmetry breaking and can be 
qualitatively described by an order parameter 7. 
Assuming that the free energy F depends on V, T, and 
n, the equilibrium conditions are: 


dF (T, V,n) 


=0 
an 


n=n0 





and 


a? F(T, V,n) 


an >0, (2) 


n=N0 





where no is the equilibrium value of 7. 
The universality hypothesis states that any two phys- 
ical systems with the same spatial dimensionality, d, 





Universality System Order parameter 
class (OP) 
d=2, n=1 Absorbed Surface density 
films 
d=2, n=2 Superfluid Superfluid wave 
*He film function 
d=3, n=1 Uniaxial Magnetization 
ferromagnets 
d= 3, n= Fluids Density 
difference 
d=3, n=1 Mixtures, alloys Concentration 
difference 
d=3, n=. Planar Magnetization 
ferromagnets 
d=3, n=2 Superfluids Superfluid 
wave function 
d=3, n=3 Isotropic Magnetization 
ferromagnets 





Table 2. Examples of universality classes. 


and the same number of order parameter components, 
n, belong to the same universality class having identical 
critical exponents (see Table 2). 

Order parameters accompany broken symmetry phe- 
nomena where the new ground state of the system does 
not possess the full symmetry of the Hamiltonian. A 
classic example is the ferromagnetic-to-paramagnetic 
phase transition at T, where the full rotational sym- 
metry of the paramagnetic phase is broken by the 
axiality of the ground ferromagnetic state below Ty. 
When a symmetry that is broken is continuous, a vibra- 
tional mode appears whose frequency vanishes at long 
wavelengths. (Quanta of such modes are called “Gold- 
stone bosons.”) Examples include ferromagnetic do- 
main walls and acoustic soft modes in structural phase 
transitions. 
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There exist several different types of broken sym- 
metries: (a) translational (crystal formation, struc- 
tural transitions); (b) gauge (superfluidity, supercon- 
ductivity); (c) time reversal (ferromagnets); (d) local 
rotational (liquid crystals); (e) rotational (some struc- 
tural phase transitions); and (f) space inversion (ferro- 
electricity). Gauge symmetry is a universal property of 
Hamiltonians whenever the total number of particles is 
conserved or a generalized charge-like conserved quan- 
tity exists. Then, the order parameter 7 is complex, and 
its local density p = n*n(r) is such that a phase shift 
n — ne leaves the Hamiltonian invariant. 

Defects in the order parameter space can be topo- 
logical (i.e., kinks, also referred to as domain walls) 
and nontopological (i.e., solitons, also called nucleation 
centers). They are obtained as solutions to the equations 
of motion for the order parameter field. Also, point de- 
fects, line defects, vortices, dislocations, vacancies, and 
interstitials with attendant singularities are seen exper- 
imentally in critical systems (systems close to a phase 
transition). 

Finally, note that Haken’s separation of modes in 
synergetic systems into masters (order parameters) and 
slaves has been influenced by Landau’s theory of phase 
transitions. 

Jack A. TuszyNskI 


See also Bose-Einstein condensation; Critical phe- 
nomena; Domain walls; Ferromagnetism and fer- 
roelectricity; Hysteresis; Liquid crystals; Phase 
transitions; Solitons; Synergetics 
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ORDINARY DIFFERENTIAL 
EQUATIONS, NONLINEAR 


An ordinary differential equation (ODE) is an equation 


At, fof fis oy FOP) =0 () 


(with f =d/ f/dt/), relating a function f(t) to its 
derivatives. The order of an ODE is the size of the 
highest derivative that appears, so Equation (1) is Nth 
order. An ODE is Jinear if it can be written as a linear 


combination of f and its derivatives, that is, 


A = ay(t)f™ +ay for? +. 
tai(t)f’ +.ao(t) f + b(t) = 0, (2) 


including the possible addition of an inhomogeneous 
term b(t). All other ODEs, which are not of the form 
(2), are referred to as nonlinear. 

More generally, one can consider systems of 
ODEs relating M functions fo, fi,..., fu—1 and 


their derivatives fe ) of different orders. In fact, if 
a system of ODEs can be solved for the highest 
derivatives appearing (which generally requires the 
implicit function theorem), then it can always be 


converted to a system of first-order equations, 


fo= Folt, fo. fis..-. fu—1); 
fi=Filt, fo. fis---. fu—1)s 





(3) 


fu—1= Fu-i(t, fo, fis---» fu—1)- 
For example, suppose Equation (1) can be solved 
explicitly for the Nth derivative, as f) = F(t, f, f’, 
fl ..., f%~). In that case, the single ODE (1) may 
be rewritten as the first-order system 


fo= Si. 
fi=hr 
fn-2o= fNn-1, 


fu-1= F(t, fos fis fa, -+++ fy-1)- 


In most applications of nonlinear ODEs, such as in 
the physical sciences or biology, they appear as coupled 
systems of either first or second order. For example, 
Newton’s equations in mechanics (Arnol’d, 1989) are 
of the form 

q' = F(t.4.q), 
relating the acceleration q” of a particle (of unit mass) 
to the force F acting on it, which is a function 
of its position q and velocity q’, and possibly the 
time t. Mechanical systems are often derived from 
an action functional S = es Lit, q.q',....q) dt. 
In particular, if q’ is the highest derivative appearing 
in the Lagrangian, so that L=L(t,q,q’), then 
the corresponding Euler-Lagrange equations form a 
second-order system of ODEs, viz. 


aL _d(al) _y 
dq. dt \aq') 


In Hamiltonian mechanics, on the other hand, the 
equations of motion are given as a first-order system of 
ODEs, 


a = 70H 4) 
ae (x) (t,x), ¢ 


what do these 3 cities 
have in common? 





vit 


City of London Washington Vatican City 
@ they pay no taxes 


@ they are under no national authority 


@ they have totally Independent 
Identities from the rest of the world 
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describing the evolution of a point x in the phase 
space with Poisson tensor J and Hamiltonian H. First- 
order equations are commonly used both in population 
dynamics, for example, the Verhulst model 
dP 

7 =rP(1— P/K) (5) 
(with r, K constants), and in reaction kinetics applying 
the Law of Mass Action (Murray, 1989). The ODEs 
describing a system of N species or N chemical 
reagents typically take the form of N coupled first-order 
ODEs, but usually these are not Hamiltonian. 

Given an ODE such as (1), the main task is 
to determine the nature of the solutions, namely, 
those functions f(t) for which all the derivatives 
f exist for j=1,...,N and are related by 
Equation (1). More specifically, one may wish to 
solve an initial value problem, where the values 
f(to), f/ (to)... FY) (to) of the function f and its 
first N—1 derivatives are specified at some initial time 
t=to, and f is to be determined at subsequent times 
t > to. Alternatively, one might pose a boundary value 
problem where the values f (to) and f (t;) (and maybe 
some of the derivatives) are given at the endpoints of the 
interval [fo, t;], and f(t) is to be found for to <t <ty. 

For an Nth-order linear homogeneous ODE, of the 
form (2) with b = 0, the general solution is just a 
linear combination of N-independent solutions s ;, that 
is, f(t) = ae Aj; s;(t) with N arbitrary constants 
A,,..., Aw. Ideally, one would like to express the 
general solution of an Nth-order nonlinear ODE as 
a function of N arbitrary integration constants, but in 
general this is not possible. However, for systems (3) 
where the F; on the right-hand sides are suitably regular 
functions of all their arguments in the neighborhood 
of the initial data, the local existence of a solution 
to the initial value problem near t = fo can be proved 
by the Cauchy-Lipschitz method (Ince, 1926). In 
fact, whenever the F; are analytic functions, then the 
existence of a local solution to the initial value problem 
is guaranteed in some circle around t=fg in the 
complex ¢ plane (Hille, 1976). This means that, at least 
locally, the solution f(t) can be considered as a function 
of the initial data f(to), f’(to), -.-, FNDaty). Only 
for ODEs of Painlevé type can this local solution 
be extended globally to a single-valued, meromorphic 
function of t (Hinkkanen & Laine, 1999). In contrast, 
the solutions of other ODEs can display chaotic 
behavior, with coalescing branch points in the complex 
plane (Sachdev, 1991). 

For first-order equations (N = 1), there are various 
classes of ODEs that are amenable to exact integration 
methods. The simplest example is the class of separable 
equations, which are directly solvable by a quadrature: 


df _ re F 
= TF f). 


whence 
[rcnar= f rear + constant. 


The Verhulst model (5) is a particularly simple example 











for we have 
/ dP P 
log rt+c 
P(1— P/K) K-—P 
K Po 
P(t) 











Tte te — Po + (K — Poe” 
where the constant Po = K/(1+e~°)= P(0) is the 
initial population size. Other special classes of 
first-order equations include the Bernoulli equa- 
tions f’=P(t)f+Q(t)f" and Riccati equations 
f =A Sf? + Bf + C(0); both of these types can 
be converted to linear equations by a substitution (Ince, 
1926). 

Among higher-order ODEs, exactly solvable equa- 
tions are rare, but nevertheless some exact solution 
methods exist. In particular, if there are first integrals 
(constants of motion) or symmetries for a system, then it 
is possible to reduce the order. For autonomous Hamil- 
tonian systems of order N = 2n, Liouville’s theorem 
on integrable systems states that if there are n inde- 
pendent first integrals, in involution with respect to the 
nondegenerate Poisson bracket defined by J, then the 
ODEs (4) can be integrated by quadratures (Arnol’d, 
1989). More generally, an ODE of order N with a first 
integral can be reduced to an equation of order N—1, 
while if it has a Hamiltonian or Lagrangian structure 
invariant under a symmetry of the system, then (using 
Noether’s theorem) the order can be reduced to N—2. 
The approach to solving ODEs using their symmetries 
is originally due to Lie; for a modern treatment, see 
Olver (1993). 

As an illustration of some of these ideas, consider 
the second-order ODE 


—1 -1 
f= (u- Joys =r © 


t 
(k,n constants), which is a radial symmetry reduction 
of an n-dimensional partial differential equation 
appearing in differential geometry (Abreu, 1998). This 
can be derived from the action 





S 


t 
[ eensa, 


to 
L=t"log(f"' f') — kt". (7) 


By a Legendre transformation, setting g=f and 
p=0L/df", (6) can also be converted to the first-order 
Hamiltonian form 


(> )=(4 0) Cam ) 
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with H(t,q, p) = t"—! log(q"—!/p) — kt"q. Because 
this is a non-autonomous system, with ¢ appearing 
explicitly, the Hamiltonian H is not a constant of 
motion. However, (6) is invariant under the one- 
parameter group of scaling symmetries r— pr, 
fr as f, so by introducing the new scale-invariant 
independent variable y= ft, and the dependent 





variables v = v(y) = — logt, w =du/dy, it reduces to 
a first-order equation for w(y): 
dw 3 2 
i y(2n — ky)w> + (3n — 2ky)w 
_ 


+((n — 1)/y —k)w. 


Unfortunately, it is not possible to reduce this to a 
quadrature, since the action (7) is not invariant under 
scaling, unless k = 0 when the general solution to (6) is 
f(t)=(At" + B)!/" (with A, B arbitrary constants). 
Other important methods for ODEs include the 
Painlevé analysis of movable singularities (Kruskal & 
Clarkson, 1992), and asymptotic expansions around 
regular or irregular fixed singular points (Wasow, 1965; 
Tovbis, 1994). 
ANDREW HONE 


See also Chaotic dynamics; Constants of mo- 
tion and conservation laws; Euler-Lagrange equa- 
tions; Extremum principles; Hamiltonian systems; 
Integrability; Painlevé analysis; Partial differential 
equations, nonlinear; Riccati equations 
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See Spiral waves 
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OSCILLATOR, CLASSICAL 
NONLINEAR 


See Damped-driven anharmonic oscillator 


OVERTONES 


When a tonal sound, such as a note played on a flute, 
a human vowel sound, or a bell, is analyzed in the fre- 
quency domain by applying a Fourier transform to the 
acoustic pressure waveform, the spectrum consists of a 
large number of sharp lines. The component of lowest 
frequency is termed the “fundamental”, and the others 
are “upper partials” or “overtones.” If the frequencies of 
the overtones are all exact integer multiples of the fre- 
quency of the fundamental, then they are termed “har- 
monics.” The partial with frequency f, =nf), where 
fi is the frequency of the fundamental, is the nth har- 
monic, so that the fundamental is the first harmonic. 
A one-dimensional simple harmonic oscillator, or 
linear oscillator, in which the restoring force is 
proportional to displacement y from the equilibrium 
position, obeys the equation 
dy 
maa = —ky, (1) 
where m is the mass of the moving particle and k 
is the restoring force constant. A damping term can 
also be included, but this need not concern us here. 
Such an oscillator vibrates with a single frequency 
fi =(/2n) (k/m)!/2 that is independent of oscillation 
amplitude. It is useful to think of this oscillator in terms 
of its potential energy function, which is quadratic as 
shown in Figure 1(a). In real oscillators, the restoring 
force is not linear for large displacements, but nonlinear 


so that 


ee ee ee (2) 
Me yd+aiy+ary" 4 ‘ 





where the a, are constants. The energy curve then has a 
distorted parabolic form such as that shown as an exam- 
ple in Figure 1(b). In the absence of damping, the total 
energy must remain constant so that the magnitude of 
the velocity is a simple function of the displacement, 
and the motion repeats cyclically. This means that the 
spectrum of such a nonlinear oscillator consists of exact 
phase-locked harmonics of the fundamental frequency, 
though this fundamental frequency depends upon the 
amplitude of the motion. For a reason that is derived 
from molecular physics, as discussed below, such a 
nonlinear oscillator is often confusingly called an “an: 
harmonic oscillator.” 
A thin taut string of length L ideally obeys an 
equation of the form 
ay ay 
mop ap oi 
where x measures length along the string, m is the 
mass per unit length, and T is the string tension. 
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Figure 1. (a) Potential energy curve for a simple harmonic 
oscillator. (b) Potential energy curve for a typical nonlinear 
oscillator such as a diatomic molecule. 


If its ends are rigidly fixed, then the mode frequen- 
cies are exact harmonics of the fundamental so that 
fn =(n/2L)(T/m)'/2, It is thus a multimode har- 
monic oscillator. The nonlinear frictional action of 
the bow on a violin reinforces the harmonicity of the 
modes and locks them into rigid phase relationship 
(Fletcher, 1999). Something very similar happens with 
wind instruments, which also have precisely harmonic 
spectra. 
A thin stiff bar, on the other hand, obeys an equation 
of the form 
ay aty 
ape me gk ” 


where K is the elastic stiffness. If the ends are free 
or rigidly clamped, then the mode frequencies are 
approximately f, ~ dan + 4)? fi, and the overtones 
are very far from being harmonically related. Such an 
oscillator might be termed “inharmonic.” The modes of 
a three-dimensional object such as a bell are even more 
complex (Fletcher & Rossing, 1998). 
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While sustained-tone musical instruments depend 
upon the nonlinearity of the active generator for 
their operation (bow, reed, or lip air-flow), the linear 
resonator (string or air column) determines the os- 
cillation frequency, so that the pitch is nearly inde- 
pendent of loudness, and only the relative amplitudes 
of the harmonics change (Fletcher, 1999). Some Chi- 
nese opera gongs, however, make a virtue of nonlin- 
earity so that, after an impulsive excitation, the pitch 
either rises or falls dramatically as the vibration dies 
away (Fletcher, 1985). The frequencies and relative 
intensities of upper partials determine the tone qual- 
ity of a musical sound and have dictated the devel- 
opment of musical scales and harmonies (Sethares, 
1998). 

The human auditory system itself has some nonlinear 
aspects (Zwicker & Fastl, 1999), and, as in any forced 
nonlinear oscillator, these lead to the generation of 
harmonics (“harmonic distortion’”’) and of multiple sum 
and difference tones (‘intermodulation distortion’’). In 
the ear these are chiefly apparent in the generation 
of the difference tone | fj — f2| when loud tones of 
frequencies f; and f) are heard simultaneously. 

Optical absorption and emission spectra have many 
similarities to acoustic phenomena (Herzberg, 1950; 
Harmony, 1989). Diatomic molecules, for example, 
have interatomic potentials of the form shown in 
Figure 1(b) and thus constitute nonlinear oscillators. 
If the interatomic potentials were simply parabolic, as 
in Figure 1(a), then the quantum energy levels would 
have the form E, = (n+ sAv, where /1 is Planck’s 
constant and v is the classical vibration frequency 
labeled f; above. The wave functions describing the 
atomic vibration would then be either symmetric or 
antisymmetric, and the selection rule would dictate that 
n could change only by +1. There would thus be only 
a single absorption band consisting of the vibrational 
transition 0 — 1 surrounded by the allowed rotational 
transition lines. 

For a more realistic model of the interatomic 
potential, as in Figure 1(b), the energy levels can be 
written as 








En = (n+ 4)yhv[1 + Bin + 4) 
thntgy ted, (5) 


where f, are usually called the “coefficients of an- 
harmonicity” and f; is always negative in practice. 
The asymmetry of the potential also relaxes the se- 
lection rule so that in addition to the strong allowed 
absorption transition 0— 1, there are much weaker 
transitions from n=O to higher levels. The absorp- 
tion bands associated with these transitions have fre- 
quencies that are in approximate, but not exact, har- 
monic relationship to the fundamental, and are called 
“overtone bands.” 
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Although the quantum treatment of a nonlinear 
oscillator may seem to conflict with the classical 
treatment, and the term anharmonic certainly suggests 
this, there is not really any disagreement. The 
infrared spectrum is derived from transitions between 
two levels of different energies, and therefore different 
classical amplitudes, and the classical frequency 
depends upon amplitude, as for the Chinese opera 
gong. 

NEVILLE FLETCHER 
See also Damped-driven anharmonic oscillator; 
Harmonic generation; Molecular dynamics; 
Nonlinearity, definition of; Ordinary differential 
equations, nonlinear; Partial differential equations, 
nonlinear; Spectral analysis 
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PAINLEVE ANALYSIS 


Most problems of physics, chemistry, biology, engi- 
neering, and practically every applied science are non- 
linear, in the sense that effects are not related to their 
causes by simple proportionality. Further, in most cases, 
these problems are described by differential equations, 
which provide the rules by which the main observ- 
ables (such as displacements, velocities, fields, chemi- 
cal concentrations, or populations) vary with respect to 
changes in the continuous independent variables (space 
and/or time). If the independent variables are discrete, 
the governing rules become difference equations. 

Unfortunately, there is no general theory for inte- 
grating differential equations globally, that is, for find- 
ing their solutions analytically, over the full domain of 
the independent variables and for arbitrary initial and 
boundary data. That is why scientists often concentrate 
their analysis in regimes where the system behaves lin- 
early, for example, small vibrations of lattices and solid 
structures, Fourier’s law of heat conduction, Ohm’s and 
Kirchhoff’s laws in electrical circuits, and Laplace’s 
and Maxwell’s equations in electromagnetism. 

However, even in such problems, the theory of linear 
differential equations often meets with serious difficul- 
ties, when the solutions possess singularities, that is, 
space and/or time values at which these solutions or 
their derivatives become infinite. In linear problems, 
these singularities appear explicitly in the equations, 
and if they are of special form, the general solution can 
still be found analytically near the singularity, for ex- 
ample, in terms of convergent series expansions. The 
theory of Lazarus Fuchs and Ferdinand Frobenius was 
especially developed for this purpose in the 1860s and 
led to the remarkable discovery of special functions, 
associated with such classic second-order ordinary dif- 
ferential equations (ODEs), as those of Bessel, Hermite, 
Legendre, or the hypergeometric equation. 

By contrast, nonlinear ODEs possess singular 
points that are not evident by inspection of the 
equation itself. For example, the famous Riccati 
equation 


dx/dt =a+bx+x? (1) 
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(a, b constant parameters) known since the 1700s (See 
Riccati equations), has solutions which behave as 





cP ten, 
(2) 


where c is an arbitrary constant. Thus, this type 
of singularity, at t=c, is called movable, since its 
location depends on the choice of initial conditions. 
Furthermore, after the pioneering work of Augustin 
Cauchy in the 1830s showed the importance of complex 
variables, a new branch of mathematics developed 
in which ODEs are studied in the complex domain, 
with the independent variable taking values tf = tr + ify, 
where tp, ty € Nt are, respectively, the real and imaginary 
parts of t and i=./— 1. As is well known, in this 
t-plane, the singularity at t = c in (2) is called a pole and 
limits the convergence region of the Taylor expansion of 
the function x(t) about any nearby point t = fo (where 
x(t) is analytic), to| t—t9 | <|c—t |. 

Still, when moving around a circle centered at the 
pole t=c (and enclosing only this singularity), x(t) 
always returns to the same values, implying that it 
is a single-valued function in that region. This is not 
what happens if t =c is a branch point of x(t) of the 


type 


x(t)= : tay +a(t —c) + a(t 
t—c 





x(t) = (t (3) 


with @ not an integer. For example, if a is a rational 
number, a = p / q, it takes g turns around t = c for x(t) 
to return to its starting value, demonstrating that it is 
a multi-valued function, describing a finitely sheeted 
Riemann surface, while t=c is called an algebraic 
singularity. If, on the other hand, in (3) is irrational 
or complex, t=c is called a transcendental branch 
point and x(t) describes an infinitely sheeted Riemann 
surface. Finally, if an expansion of x(t) about t=c 
contains logarithmic terms of the form log(t —c), it 
is again an infinitely multi-valued function and t = c is 
called a logarithmic branch point. 

Paul Painlevé, the great French mathematician and 
statesman (he was Prime Minister of France in 1917 
and 1925), pursuing the idea that the problems with the 


cy +e5. astoe 
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simplest singularities would be the easiest to solve, set 
out to determine which first-order ODEs of the form 


dx/dt = f(t, x) (4) 


with f rational in x and analytic in f, are free from 
movable branch points; that is, their only movable 
singularities are poles. His remarkable discovery was 
that there is only one such equation: the Riccati equation 
(1), with the coefficients of 1, x, and x2 being arbitrary 
analytic functions of t. Then, in a remarkable series of 
papers in the late 1890s and early 1900s, Painlevé and 
his coworkers (notably Bertrand Gambier) studied the 
same question on all second-order ODEs 


d?x/dt? = f(t, x, dx/dt) (5) 


with f rational in dx/dt, algebraic in x, and analytic 
in t. After painstaking analysis, they showed that there 
are 50 such equations, 44 of which can be explicitly 
integrated and solved in terms of known functions. 
For the remaining six equations (called Painlevé I-VI), 
such reduction was not possible, and new functions had 
to be introduced called the Painlevé transcendents. The 
first two of these equations are 


Painlevél: d?x/dt? = 6x? +1, 


Painlevé II : dx /dt? =x +tx+a (6) 
with Painlevé II-VI being increasingly more compli- 
cated to write down. The interested reader will find them 
all discussed in the excellent books by Ince (1956) and 
Davis (1962), where Painlevé’s approach to their dis- 
covery is also described. 

It is important to recall, however, that independent of 
all this progress, the idea of using singularity analysis 
to solve systems of ODEs by requiring that their 
solutions have only poles was also used by the Russian 
mathematician Sophia Kovalevsky in 1888 to find one 
more solvable case of the rotating rigid body that bears 
her name (Kovalevsky’s top). Still, the requirement that 
all solutions of a system of ODEs possess only poles as 
movable singularities in the complex t-plane has come 
to be referred to date as the Painlevé property. 

Surprisingly enough, the Painlevé theory was not 
widely appreciated at first and remained largely 
unknown until it was revived, many decades later, in 
connection with exactly solvable partial differential 
equations (PDEs). More specifically, after the discovery 
that a number of PDEs are integrable by the 
inverse scattering transform (IST), Ablowitz and Segur 
observed in the mid-1970s that all ODE reductions of 
these PDEs had the Painlevé property and led, in fact, to 
some of the Painlevé I-VI equations, (6) (see Ablowitz 
& Segur, 1981, as well as Ablowitz & Clarkson, 1991). 

Thus, the famous Ablowitz, Ramani, and Segur 
conjecture was formulated as follows: If a PDE is 
solvable by IST, all its ODE reductions obey the 
Painlevé property. Clearly, this conjecture provides 
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a useful criterion to test the integrability of a given 
PDE by studying its ODE reductions—a much easier 
task than showing whether or not it is solvable 
by IST. 

This discovery had enormous consequences, as it 
attracted the attention of many researchers working 
in the rapidly expanding field of nonlinear dynamics. 
The fact that most nonlinear dynamical systems of 
ODEs possess “irregular,” “unpredictable,” or chaotic 
solutions evidently suggests that they cannot be 
integrated and solved in terms of known functions, 
whose behavior is perfectly regular and predictable. It 
would thus be extremely interesting to find, in models of 
physical, chemical, or biological dynamics, integrable 
cases whose solutions would be clearly distinguished 
from those displaying chaotic behavior. 

Such new, integrable systems could now be 
identified by means of the Painlevé property. Perhaps 
one of the most important applications occurred in 
Hamiltonian systems, like the famous Hénon—Heiles 
problem 

H= ae RY Ax By) xy cy ) 
of two degrees of freedom (dots denote differentiation 
with respect to t). For A= B=1 and C= —1, this 
problem had been extensively studied since the mid- 
1960s, as an example of a system whose chaotic regions 
grow dramatically as the total energy H = E increases 
from 0 to a Using the Painlevé analysis, it was first 
shown by Bountis et al. (1982) that (7) is completely 
integrable in exactly three cases: 





(i) C=1 and A= B (known to be separable in the 
variables s=x-+y,d=x-—y). 
(ii) C = 6 and any A and B. 
(iii) C= 16 and B= 16A. 


In each of the new cases (2) and (3), the second 
integral—besides Hamiltonian (7)—was also provided 
and their complete integrability in the sense of 
Liouville—Arnol’d was established. 

Soon, many novel and highly nontrivial examples 
of Hamiltonian systems with N degrees of freedom 
were identified by requiring that their solutions possess 
the Painlevé property. Rigorous connections between 
integrability and the Painlevé property were also 
developed, mainly by Adler and van Moerbeke in the 
early 1980s, who used algebraic geometry to establish 
that if a Liouville-Arnol’d integrable Hamiltonian 
system has rational integrals which continue to describe 
tori in the complex domain, then its solutions have only 
movable poles (the converse, though not completely 
proved, is also believed to hold). A wealth of examples 
of integrable non-Hamiltonian systems were also 
discovered, related to models of physical, chemical, or 
biological interest. Finally, the Painlevé analysis was 
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extended and applied by Weiss, Tabor, and Carnevale 
to test integrability directly on a PDE, without reference 
to its ODE reductions (see Ramani et al., 1989). 

But the importance of Painlevé analysis does 
not end here. After the early observation that any 
deviation from the Painlevé conditions generically 
introduces logarithmic terms, researchers began to 
look for connections between the violation of the 
Painlevé property and non-integrability, in the sense 
of non-existence of analytic, single-valued integrals 
such as (7). In that regard, the work of the Russian 
mathematicians V.V. Kozlov and S.L. Ziglin in the late 
1970s turned out to be extremely important (see Kozlov, 
1983). They showed, using Mel’ nikov’s theory, that one 
of the most fundamental causes of chaotic behavior, that 
is, the transverse intersection of stable and unstable 
manifolds of saddle fixed points on a Poincaré map, 
implies the presence of infinitely multi-valued solutions 
and non-existence of a second integral in a two-degree- 
of-freedom Hamiltonian systems. 

Kozlov’s and Ziglin’s results inspired a series of 
interesting papers by H. Yoshida in the 1980s, where 
he used them to study the variational equations of 
simple periodic solutions in a large class of N-degree- 
of-freedom Hamiltonians. Yoshida was able to prove 
that when these variational equations do not satisfy 
certain conditions imposed by the existence of a full set 
of global single-valued integrals, such a set of constants 
cannot exist, thus demonstrating non-integrability for 
vast parameter ranges in many Hamiltonians of physical 
interest (see Ramani et al., 1989). 

Finally, what about systems of ODEs (or PDEs) 
whose solutions possess only algebraic singularities, 
that is, points t=c, near which solutions have 
asymptotic expansions of the form 





x(t) = (t—c)?/4 4 Yo anlt oy/4 (8) 


n=0 


without any other singularities present? In the 1980s, it 
was thought that this so-called weak Painlevé property, 
under some conditions on p / qg, could also be related to 
complete integrability, in the Liouville-Arnol’d sense 
for N-degree-of-freedom Hamiltonian systems. In the 
1990s, however, it was found that the situation is 
considerably more subtle. 

First, it was shown by Goriely that many weak 
Painlevé examples could be transformed to systems 
having the usual Painlevé property after some rather 
general changes of coordinates (see Goriely, 2001). 
Then it was observed that there were weak Painlevé 
systems with chaotic solutions, which are evidently 
not integrable. Thus, the concept of globally finitely 
sheeted solutions (FSS) was introduced to distinguish 
integrable systems with algebraic singularities (8) from 
non-integrable ones, whose solutions are only locally 
finitely sheeted (see Bountis, 1992, 1995). 
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This is done as follows: every time a system of 
weak Painlevé ODEs, integrated numerically around 
arbitrarily large contours, showed evidence of “lattice” 
singularity patterns in the complex t-plane and FSS, 
it has been shown to be transformable to one that is 
completely integrable and possesses the usual Painlevé 
property. On the other hand, many such systems 
were also found which showed “dense” singularity 
patterns and evidence of globally infinitely sheeted 
solutions (ISS) for large enough contours. Although 
not solvable, such systems can still be integrable if 
they are hyperelliptically separable, that is, if they can 
be described by N holomorphic differentials on the 
Jacobian of a hyperelliptic curve of genus g < N (see 
Abenda & Fedorov, 2000; Abenda et al., 2001). 

Finally, in the 1990s, the connection between 
singularities and integrability was extended to discrete 
dynamical systems, described by difference equations. 
Here, since the methods of complex analysis for ODEs 
no longer apply, a novel criterion was introduced 
(see Grammaticos et al., 1991). It was based on the 
observation that if a difference equation such as 


Xn+1 = FOXn,Xn-1), n=0,1,2... (9) 


with F rational, possesses an integral of the form 


I (xn, Xn-1) =const., n=0,1,2... (10) 


yielding a family of curves in the xn, Xn +1 plane and 
precluding the presence of chaos, then x, is infinite 
at some n =m and becomes finite again at some later 
n=m'>™m. This so-called singularity confinement 
criterion, whose success to date remains a mystery, 
has yielded a wealth of integrable discrete systems 
and has enabled many researchers to develop Painlevé 
difference equations, analogous to the famous Painlevé 
ODEs Painlevé I-VI (see Conte, 1999). 

Tassos Bountis 


See also Hénon-Heiles system; Inverse scattering 
method or transform; Mel’nikov method; Riccati 
equations 
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PARAMETRIC AMPLIFICATION 


Parametric generation and amplification of oscillations 
are based on the phenomenon of parametric resonance, 
using the work done by an external force under periodic 
variation of the parameters of an oscillatory system. 

A simple mechanical system in which parametric 
resonance may occur is a pendulum, with the length of 
the cord (/) changing with time. If / is decreased when 
the pendulum is in the lower position and increased in 
its upper position, the average work done by an external 
force over one period is positive and oscillations of the 
pendulum build up. This phenomenon is the underlying 
principle of setting a swing into motion. When one 
stands on a swing, it is easier to rock it by squatting 
at the top position of the swing and standing up at the 
bottom position, thus shifting the center of mass of the 
person on the swing twice in one period. 

An electric analog of a pendulum of variable 
length is an oscillatory circuit of variable capacitance. 
The capacitance C can be changed, for example, by 
mechanically moving the capacitor plates together or 
apart. For the amplitude of oscillations to build up, 
energy should be fed to the circuit by performing work 
against the electrostatic field forces of the capacitor. 
This means that the plates should be moved apart when 
the charge q on the capacitor is maximal and moved 
together when the charge on the capacitor returns to 
zero (Figure 1). 

Such a periodic change in capacitance (pumping-up 
process) results in growing energy of the oscillations 
and appearance of instability in the system. The build- 
up of energy occurs at a pump frequency satisfying the 
relation 


@p = 2a9/n, (1) 
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Figure 1. Periodic variations of capacitance C of capacitor (a), 
capacitor charge q (b), and voltage u (c) at parametric resonance. 
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Figure 2. Mathieu instability zones within which parametric 
resonance may occur (solid line—without damping; dashed 
line—with damping; wo natural frequency of the oscillatory 
circuit; @p pump frequency. 


where n is an integer, wo is the natural frequency 
of circuit oscillations, and wp is the pump frequency. 
Build-up is most effective for n = 1, that is, when the 
period of capacitance variation is half the period of 
natural oscillations of the circuit. Interestingly, energy 
build-up (parametric resonance) is possible not only 
for the values of wp satisfying Equation (1) but also 
at some deviations from these values within Mathieu 
instability zones (see Figure 2). The greater the width 
of Mathieu zones, the greater the extent of parameter 
variation m = (Cmax — Cmin) / (Cmax + Cmin)- 

In oscillatory systems with several degrees of 
freedom (e.g., in a system with two coupled circuits, 
coupled pendulums, and so on), normal modes with 
different natural frequencies w; and w2 may exist. 
As parameters of such a system change, oscillations 
may build up (parametric resonance) not only at a 
frequency satisfying condition (1) for an arbitrary 
natural frequency, but also for their linear combination, 
for instance, when a parameter changes with sum 


PARTIAL DIFFERENTIAL EQUATIONS, NONLINEAR 


frequency 
Op = @| +a. (2) 


Resonance coupling is also possible at wp = @| —w2. 
In this case, however, no build-up of oscillations occurs. 
Instead, energy is periodically pumped between the 
modes w, and w. For such an oscillatory system, the 
pump power Py input to the system at frequency wp» and 
the powers P; and P) consumed at frequencies w; and 
@2 are proportional to the corresponding frequencies 
(the Manley—Rowe relation): 

P, 
P A = Pa (3) 
®p @| 2 

Parametric resonance may also provide conditions 
for excitation of normal modes in oscillatory media 
possessing an infinite number of degrees of freedom. 
In 1831, Michael Faraday had observed that standing 
waves are excited at frequency wp /2 in the liquid in a 
vessel vibrating in the vertical direction at frequency 
@p. The classic experiment staged by Franz Melde 
in 1859 revealed excitation of transverse oscillations 
(standing waves) in a string, one end of which was 
fastened to the prong of a tuning fork. When the tuning 
fork vibrates and the string is tight, the string performs 
transverse oscillations with a frequency equal to half 
the frequency of the tuning fork. 

A distinguishing feature of parametric resonance in 
systems with distributed parameters is that the build 
up of oscillations depends strongly on the relationship 
between the variation in space of the system parameters 
and the spatial structure of the forcing oscillations 
(waves). For example, if the pump that changes the 
parameters of the medium is a traveling wave with 
frequency wp and wave vector Kp, then natural waves 
with frequencies @; and w2 and wave vectors k, and 
kp are excited, provided the conditions of parametric 
resonance are fulfilled both in space and time; thus 


kp = ki + ko. (4) 


The potentialities of using parametric resonance for 
creating a parametric generator and amplifier were 
studied by Leonid I. Mandelshtam and Nikolai D. 
Papaleksi (1931-1933). They constructed capacitive 
and inductive parametric machines that transformed 
mechanical energy into electrical energy as a result 
of variation of the magnitudes of capacitance and 
inductance during shaft rotation. Parametric generators 
and amplifiers found practical application in the 1950s 
when semiconductor parametric diodes appeared, the 
capacitance of which depends on applied voltage, 
and when variable capacitors using the properties 
of ferroelectrics and variable inductors using the 
properties of ferrites and superconductors were 
developed. Low-noise variable capacitance parametric 
amplifiers based on high-frequency parametric diodes 
(varactors) are used in high-frequency receiving 





Op = 1 + @?2, 
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microwave devices employed in radar and radio 
astronomy, among other applications. Parametric 
generators are capable of generating oscillations whose 
phase can take one of two values differing by z. 
This feature of parametric generators was noted by 
Eiichi Goto who proposed in 1954 to use such 
generators, which he referred to as “parametrons,” 
as logic switching elements in computers. Parametric 
generators are widely employed in optics as tunable 
coherent generators. 

Note finally that parametric action on a nonlinear 
oscillatory system (for example, a nonlinear pendulum 
with variable-length cord or a nonlinear circuit with 
periodically varying capacitance and inductance) may 
also lead to dynamic oscillations. 

VLADIMIR SHALFEEV 
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PARAMETRIC DECAY INSTABILITY 


See Nonlinear plasma waves 


PARTIAL DIFFERENTIAL EQUATIONS, 
NONLINEAR 

A partial differential equation (PDE) is a functional 
equation of the form 





0z a2z 
# (so. Xny Els eos Sms -n aa” 
v, 1 
eM = () 
Ox, 0x27" 


with m unknown functions z 1, z2,...,Zm With n in- 
dependent variables x), x2, ..., Xn (n > 1) and at least 
one of the partial derivatives of z, (u=1,2,...,m) 
with respect to x, (v=1,2,...,n). In general, there 
can be a system of coupled PDEs. 

For a single equation, the order of the PDE is p if 
the highest derivative has order p, with an analogous 
definition for a system of equations. A PDE becomes 
an ordinary differential equation if the number of 
independent variables n is one. It is linear if the equation 
is linear with respect to z and its partial derivatives, 
meaning it is of the first degree in the unknown function 
as well as its derivatives. It is called quasilinear if 
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it is linear with respect to the highest-order partial 
derivatives which have coefficients that depend only 
on lower-order partial derivatives and the independent 
variables. In addition, a PDE is called semilinear if 
the coefficients of the highest-order derivatives depend 
on the independent variables only. A PDE is called 
nonlinear if it does not fit into any of the above 
categories. 

Initial value problems (IVPs) for evolution equations 
arise where one of the independent variables x; of 
Equation (1) represents time ¢ and an initial condition 
at time t = 0 is given. Additionally, there are boundary 
value problems (BVPs), when spatial variables are 
involved and boundary conditions are specified along 
the n-dimensional boundary of the domain (where n is 
the number of independent spatial variables). There can 
also be mixed initial value-boundary value problems 
(IVBVPs), where both types of conditions are given. 

For a single PDE, the number of initial conditions is 
generally one less than the highest temporal derivative, 
while the number of spatial boundary conditions is 
half the order of the highest spatial derivatives in the 
equation. For general nonlinear equations, there are no 
precise definitions. 

Second-order semilinear PDEs have the general 
form 








az az a? 
a—< +2b—*_ + e—5 + Lot. =0, 
ax; 9x1 0x2 Ox5 


where a,b,c are given functions of x; and x2 or 
constants and l.0.t. stands for lower order terms. The 
coefficient matrix A of the corresponding second-order 
system has the determinant 


ab 


det A = bia 


(2) 








A second-order semilinear PDE is said to be of elliptic 
type if det A (=ac — b*) > 0, of hyperbolic type if 
det A <0, and of parabolic type if det A=0 for all 
points x1, x2 of the domain D. The determinant of 
A is positive if both eigenvalues of the matrix A are 
positive or both negative. The determinant is negative 
if the eigenvalues are of opposite sign and zero if one 
of them is zero. The normal forms of the associated 
differential operators L are given by 


ag 
det A > 0: Roth a. (elliptic), 
Ox; Ox5 
ag 
det A < 0: —,~ — — _ (hyperbolic), 
ax? ax (hyp ) 
and 
a2 
det A = 0: a (parabolic). 
Ox; 


Boundary value conditions may be “Dirichlet” 
(where the value of the solution is given along the 
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boundary 0D of the domain D), “Neumann” (where 
the normal derivative dz /0n is specified along the 
boundary 0D), and “Robin” (where both the value 
and the normal derivative of the solution dz / dn + az 
satisfy an equation along the boundary of the domain 
aD). 

The archetypical example for an elliptic PDE is the 
Laplace equation 


az az 


of Of 
ax2 ay? 
for a hyperbolic PDE, it is the wave equation 


az 28z =A. 
ae ax? 


and for a parabolic PDE, it is the diffusion equation 


az a7z 
= SV = 0: 
at ax? 

The coefficient matrix A (2) can depend on first- 
order derivatives if the PDE is second-order quasilinear 
and the classes are analogous. Quasilinear and strictly 
linear second-order PDEs are classified according to 
these three classes. For a given nonlinear PDE of 
higher order or more than two variables, it is not useful 
to classify according to these three classes, instead, 
one classifies it according to the physical process it 
describes. In general, boundary value problems are 
often associated with elliptic equations and initial value 
problems with hyperbolic and parabolic equations. 

Nonlinear PDEs describe many important processes 
in nature because often an approximate linear PDE 
is not sufficient to describe the process. Examples 
are the dynamics of fluids, gases, and elastic media; 
the equations from general relativity and quantum 
electrodynamics; and population dynamics in biology 
and chemistry. 

The two main characteristics of such processes are 
the nonlinear interactions, due to the nonlinearities of 
the PDE and the possibility of self-organization into 
coherent structures. 

There are three types of processes that one can 
distinguish. Reversible processes such as waves; 
irreversible; processes such as reaction, diffusion and 
heat flow; and stationary processes. A process is 
irreversible/reversible if it is impossible/possible to 
reverse the process in time and stationary processes are 
independent of time. In general, reversible processes 
are described by hyperbolic equations, irreversible 
processes by parabolic equations, and stationary 
processes by elliptic equations. 

Most physical systems comprise a combination of 
all three types of processes, but often, some processes 
are dominant and by using a scaling argument, it 
is possible to neglect less dominant processes and 
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simplify the PDE to the degree that it describes the 
process adequately but is still easy to work with. 

The nature of irreversible processes such as 
diffusion, is that they tend to smooth the solution in 
time, whereas for reversible processes singularities can 
develop, for example, shock waves in gas dynamics. 
For stationary processes, the solutions depend on the 
smoothness of the boundary conditions and external 
forces. 

Solutions to nonlinear PDEs are often obtainable 
only by numerical integration. In integrable cases, on 
the other hand, analytic solutions can be found using 
advanced techniques such as the inverse scattering 
method, the associated Lax theory, and the Backlund 
transformation. There are other techniques that are 
helpful although not exact, such as Floquet and 
Melnikov theory. 

In general, for nonlinear PDEs common tools such 
as the linear superposition principle are not valid 
anymore, although it is sometimes possible to find 
a nonlinear superposition principle. Methods such 
as the Fourier and Laplace transforms and Green’s 
function, in general, are not applicable to nonlinear 
PDEs. Alternatively, one can attempt classical solution 
methods such as the separation of variables or 
transformation of variables to reduce the nonlinear PDE 
to a system of equations that is solvable analytically. 

AnprEAS A. AIGNER 


See also Burgers equation; Korteweg-de Vries 
equation; Nonlinear Schrédinger equations; Sepa- 
ration of variables; Sine-Gordon equation 
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Particle accelerators have been used for much of 
the 20th century to investigate the properties of 
matter. The first accelerators of charged particles used 
steady (d.c.) electric fields, such as those obtained 
from a Van de Graaff generator. These devices could 
accelerate particles to above an energy of a million 
electron volts (MeV), which was sufficient to probe 
atomic nuclei. Applications needing higher energies 
continually emerged, leading to new types of devices, 
particularly ones having the charged particles move 
in a circular orbit. In that configuration, with the 
additional concept that electric fields and particles 
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can be synchronized, such that on each crossing of 
a gap, particles encounter a field that is accelerating, 
the basic accelerator configuration was created. Such 
devices went through a series of developments from 
a fixed frequency cyclotron to a frequency modulated 
cyclotron and finally the synchrotron. In the first two 
devices, the equilibrium orbit spirals out as the energy 
increases, while in the last device, the orbit is held fixed, 
and the bending magnetic field is increased. 

To keep the particles on a prescribed essentially 
circular orbit over many traversals of the device, 
the orbit must be stable to transverse perturbations. 
Furthermore, to achieve continuous acceleration, the 
particle motion must be stable about the equilibrium 
accelerating phase of the electric field. Because the 
particles are kept close to an equilibrium orbit, 
the transverse stability can be analyzed from linear 
stability analysis, using a first-order expansion of the 
fields about the equilibrium. When the gradients of 
the magnetic guide field are chosen to give stable 
oscillations around the equilibrium orbit, they are called 
betatron oscillations, after the betatron, an early circular 
induction accelerator for which the oscillations were 
first analyzed (Kerst & Serber, 1941). For particles 
traveling in a straight line, the forces resulting from 
magnetic gradients cannot focus in both transverse 
directions simultaneously. This is not true for circular 
orbits, as the gradient in the centrifugal force supplies 
an extra focusing force to allow focusing in both 
directions. The resulting homogenous linear equations 
of motion for the simplest, assumed azimuthally 
symmetric, device are 

d2z 
402 +nz=0 (1) 
and 


dx 

qgz tas = 0, (2) 
where z is the vertical position and x the horizontal 
deviation from the equilibrium orbit ro, and 0 is the az- 
imuthal angle around the machine. Here, n is the field 
index 





n=-— @) 


with Bo the equilibrium magnetic field. From (1) and 
(2) the stability condition is 0 <n < 1. The azimuthally 
symmetric focusing of this type is now called weak 
focusing because the limitations on stability make the 
relative frequencies or tunes v, =, / wo = n'/2 and 
Vy = oy /wo=(1—- n)! /2 both less than 1. The weak 
restoring forces required large vacuum chambers, lim- 
iting the size and field strength of the devices and there- 
fore the energy to which particles could be accelerated. 

The breakthrough in developing a synchrotron in 
which particles could be closely contained around their 


686 


equilibrium orbit was the understanding that much 
stronger focusing could be achieved by alternating 
a section which strongly focused vertically while 
defocusing radially with a section that defocused 
vertically and focused radially. The net result, from 
simple lens theory, is that the pair can be strongly 
focusing. This led to the invention of the alternate 
gradient (AG) synchrotron (Courant et al., 1952). The 
simplest analysis of the linearized equations of motion 
is of the Hill equation 


dy 


do? 
with K(6 + 6,)=K(@), where 0, is the repeating 
angular period. The transformation for a period can be 
analyzed for stability from Floquet theory by setting 


yO +61) = y(@)e*” (5) 


and solving the transfer matrix, over the repeating 
period 6;, for stability. This was done in the 
original paper, for a simple transfer matrix, leading 
to a stability diagram. However, even the early AG 
synchrotrons were more complicated, with bending 
magnets, focusing quadruple magnets, and straight 
sections in which resonators supplied the acceleration 
fields. For various reasons, described in part below, 
modern machines with very large radii, operating at 
many billions of electron volts (BeV or GeV), are much 
more complicated, leading to stability calculations with 
a very large number of elements. 

However, even at the simplest level, calculating the 
linear stability of orbits is not sufficient. Nonlinear 
terms, although small, can have very important con- 
sequences. The motions given by (1) and (2), or more 
generally by (4), in each of the transverse directions are 
independent. The nonlinear terms couple the transverse 
dimensions and lead to a wide variety of resonances that 
can degrade the beam cross section. These difference 
resonances of various strengths must be avoided when 
finding a proper operating point in the vy — v, param- 
eter space. Additionally, magnet imperfections lead to 
entirely new classes of resonances. The effect of the 
increasing energy, coupled with the space charge of the 
beam of ions or electrons, leads to a movement of the 
operating point through the parameter space, such that 
all resonances cannot be avoided. 

In addition to the primarily linear transverse 
oscillations, there are fundamentally nonlinear osci- 
llations associated with the accelerating fields, called 
synchronous oscillations. For circular devices, these 
oscillations couple longitudinal and transverse motions. 
The frequencies of these electric-field-driven oscilla- 
tions are generally much lower than the transverse 
betatron oscillations so that it is usually sufficient to 
consider their radial motion as adiabatic when study- 
ing the free oscillations, that is, using averaging meth- 
ods. Depending on how relativistic the particles are, 


+K@)y =0 4) 
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the phase motion may be either primarily longitudi- 
nal or radial. To simplify the treatment, we consider 
the synchronous motion in a linear accelerator such 
that transverse motions are unimportant to lowest order. 
The fields in both linear accelerators and synchrotrons 
are generated by high-power electromagnetic sources 
which operate in structures, for example, loaded waveg- 
uides in linear accelerators and resonant cavities in syn- 
chrotrons, that have a primary traveling-wave field syn- 
chronous with the particles. Nonsynchronous harmonic 
fields also exist, but are usually not important. 

The equations of motion along the axis of a linear 
accelerator are the force equation 


oP = eE sing 6) 
— =eEsin 
dt 
and the equation for the change in phase 
d 
oH (1 - *), ) 
dt v0 


where vo is the wave velocity, w the rf. frequency, and 
E the applied field. The phase stable particle has v = vo, 
and for stable acceleration, vo must be determined 
from (6), where p and v are relativistically related. 
The motion of particles around the stable phase is 
given by trajectories in the p—@ phase plane with 
the stable fixed point at = gs, satisfying d¢ / dt =0, 
and an unstable fixed point on a separatrix orbit 
satisfying, dy = — ds. The phase diagram indicates that 
particles injected between ¢, and some limiting ¢ 
on the separatrix trajectory with velocity vp oscillate 
nonlinearly about ¢;, while those outside the phase 
interval are not stably captured. For a general account 
of the basic ideas as described above, and also the many 
types of accelerators and variants on the concepts, the 
reader is referred to basic accelerator texts. Two such 
texts, which include many useful original references are 
Livingood (1961) and Kolomensky & Lebedev (1966). 
The early dates of publication indicate the maturity of 
this field. 

As AG synchrotrons increased in size and energy, it 
became increasingly important to match the emittance 
phase space of the incoming particles to the acceptance 
phase space of the accelerator. This was to ensure 
the highest beam brightness, particularly as the long 
acceleration cycle led to low duty ratios. Phase space 
matching techniques were developed and exploited at 
the CERN high-energy physics center (Hereward et al., 
1956). The transverse acceptance of a simplified AG 
synchrotron is illustrated in Figure 1. 

The need for higher beam brightness led to the 
invention of the fixed field alternating gradient (FFAG) 
synchrotron which injected a number of pulses whose 
phase spaces were spatially separated by the energy 
increase. This phase space beam-stacking in the 
FFAG synchrotron further enhanced the usefulness of 
employing phase space matching concepts (Symon & 
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Figure 1. Phase-space transformations in an AG synchrotron. 





Figure 2. Filamentation of phase space due to nonlinear 
oscillations. 


Sessler, 1956). Phase space matching was also used 
to increase the efficiency of linear accelerators, and of 
microwave devices (See Electron beam microwave 
devices). The effect of a mismatch of emittance 
and acceptance is illustrated in Figure 2 in which 
a beam with small momentum spread (cross-hatched 
region) is injected into the acceptance phase space of 
a synchronous oscillation in a linear accelerator or 
synchrotron, leading to an increase of the effective 
phase space area by filamentation (Lichtenberg, 1969). 

The development of storage rings greatly increased 
the importance of keeping the phase space of the 
injected particles to a minimum. Conceived as a device 
to obtain high beam brightness, it rapidly became 
essential for operation of proton accelerators at energies 
many times the proton rest energy for which the energy 
in the center of mass of collisions with stationary matter 
was greatly reduced due to momentum conservation. 
This led to intersecting storage rings of particles 
traveling in opposite directions and a very severe 
requirement of high beam brightness (O’Neil, 1956). 
Storage rings, which store particles over many machine 
transits, have required the control of beam spreading. 
In electron storage rings, the synchrotron radiation 
which set a limit to electron energy is also effective in 
reducing the beam phase space (Robinson, 1958). For 
protons, which are little affected by radiation, stochastic 
cooling was invented to perform a similar function, 
a requirement that is essential for proton—antiproton 
colliders (Van der Meer, 1972). 

The development of higher energy accelerators and 
higher intensity beams has led to new methods of 
analysis and various problems to be solved. The largest 
AG synchrotrons include many correcting magnets as 
well as the bending magnets, quadrupoles, and straight 
sections. Orbit calculations have required symplectic 


687 


integrators to minimize numerical errors, which have 
involved the development of a Lie algebraic method 
(Dragt et al., 1988). Various resonances, coupled with 
machine errors, have led to exploration of resistive 
and Arnol’d diffusion explanations for beam spreading. 
Intense beams in electron linear accelerators have 
produced a pulse-shortening phenomenon that was 
analyzed as a nonlinear excitation of an electromagnetic 
mode in the accelerating structure, and methods of 
suppressing it were devised (Chao, 1993). Space- 
charge effects that become negligible at highly 
relativistic energies are again introduced by the 
beam-beam interaction in intersecting storage ring 
beams. Analysis of this subtle phenomenon within the 
environment of the very complicated beam dynamics 
has led to new exploration of simple mapping models 
(See Fermi acceleration and Fermi map), together 
with the use of averaging methods to smooth out various 
more rapid phenomena that do not play an essential 
role. In linear devices, to go beyond the 30GeV 
two-mile long accelerator at SLAC (Stanford), which 
is field-strength limited, new ideas of structureless 
acceleration of ions in the wakefields produced by 
electron beams in plasmas and of electron acceleration, 
using the wakefield of an intense laser in a plasma, 
are being actively explored (see Esarey et al. (1996) 
and other articles in the same issue). The great 
challenges that face accelerator design above 300 GeV 
and intersecting beam interactions in storage rings keep 
a sense of excitement in a mature field. Much of the 
modern research and new ideas can be reviewed, with 
references, in Chao & Tigner (1999). 

At the same time that the interaction energy has 
been increased to probe deeper into the fundamental 
properties of matter, new uses have been found for 
low-energy accelerators. On the atomic scale, materials 
are being probed with ultraviolet light and X-rays, 
using the natural radiation of electrons in circular 
devices or enhanced radiation employing undulators 
in combination with accelerators as advanced light 
sources. These latter devices typically have short 
period spatially oscillating magnetic fields with 
the accompanying electron oscillations relativistically 
doppler shifted to high frequencies (See Electron 
beam microwave devices). At still lower energies, 
accelerators are being used in various medical 
applications. Some of the technology-oriented work is 
treated by Scharf (1989). 

ALLAN J. LICHTENBERG 


See also Arnol’d diffusion; Averaging methods; 
Electron beam microwave devices; Fermi acceler- 
ation and Fermi map; Hamiltonian systems 
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For a good understanding of the physical concept of 
antiparticle and the closely related concept of charge, 
it is important to appreciate how these notions emerged. 
Therefore, we begin with a brief sketch of the associated 
history. 

In the early days of quantum mechanics, the material 
world was thought to be built from three elementary 
particles, namely, the electron, the proton, and the 
neutron. The idea that there might be associated 
particles with the same mass and opposite charge (now 
called antiparticles) first arose from the characteristics 
of the one-particle Dirac equation. Writing it in 
Hamiltonian form, the resulting Dirac Hamiltonian 
has spectrum (— oo, —m] U [m, 00), where m is the 
particle mass. The negative part of the spectrum was 
already considered unphysical by Paul Dirac himself: 
no such negative energies had been observed, and their 
presence would give rise, for example, to instability of 
the electron. 

This physical inadequacy of the “first-quantized” 
description quickly led to the introduction of “second 
quantization,” as expressed in quantum field theory. 
In the quantum field theoretic version of the Dirac 
theory, the problem of unphysical negative energies is 
cured by a prescription that goes back to Dirac’s hole 
theory. 
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Specifically, Dirac postulated that all of the negative 
energy states of his equation are filled by a sea of 
unobservable particles. In his picture, annihilating such 
a negative energy particle with a given charge yields a 
hole in the sea, which should manifest itself as a new 
type of positive energy particle with the same mass, 
but opposite charge. This intuitive idea led Dirac to 
the prediction that a charged particle should have an 
oppositely charged partner (its antiparticle). 

Ever since, this prediction has been confirmed 
by experiment, not only for all electrically charged 
particles, such as the electron and proton, but also for 
most of the electrically neutral particles, such as the 
neutron. In the latter case, one still speaks of the particle 
having a charge, whereas the remaining electrically 
neutral particles are identical to their antiparticles. 

As already mentioned, in the second-quantized Dirac 
theory no negative energies occur. In the Dirac quantum 
field, the creation/annihilation operators of negative 
energy states are replaced by annihilation/creation 
operators of positive energy holes. This hole theory 
substitution therefore leads to a physical arena with 
an arbitrary number of particles and antiparticles with 
the same positive mass, now called Fock space. (A 
mathematically precise account can be found in the 
monograph by Thaller, 1992.) 

As it soon turned out, the number of particles and 
antiparticles in a high-energy collision is not conserved, 
a phenomenon that can be naturally accommodated in 
the Fock spaces associated with interacting relativistic 
quantum field theories. The quantum field theory model 
that is the most comprehensive description of real- 
world elementary particle phenomena arose in the early 
1970s. During the last few decades, this so-called 
Standard Model has been abundantly confirmed by 
experiment. 

In spite of these successes, the problem of obtaining 
nonperturbative insights into the Standard Model 
remains daunting. This is an important reason why its 
classical version and various related, but far simpler, 
classical nonlinear field theories have been, and still 
are, widely studied. It is a striking and relatively recent 
finding that within this classical framework, there 
exist localized, smooth, finite-energy solutions with 
characteristics that are very reminiscent of particles. 
The most conspicuous examples in this respect are the 
soliton field theories, where there exist such particle- 
like solutions for any given particle number and where 
the particle numbers and their velocities are preserved 
in a scattering process. 

To be sure, the latter soliton equations arose 
independently of particle physics. They involve a lower 
space-time dimension (mostly two), and they have 
applications in a great many areas that are far removed 
from high-energy physics. (An early survey that is still 
one of the best and most comprehensive can be found 
in Scott et al., 1973.) 
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Returning briefly to the latter area, there are also 
various equations, typically within a gauge-theoretic 
context, where particle-like solutions (instantons, 
monopoles, vortices, and so on) have been found. A 
closely related field is classical gravity, where various 
previously known solutions (such as the Schwarzschild 
and Kerr black holes) came to be viewed as particle- 
like solutions, an interpretation strengthened by the 
occurrence of “many-particle” generalizations. 

It should be pointed out that within this nonlinear 
classical context, there are no explicit many-particle 
solutions where “creation” and “annihilation” occur. 
Indeed, it is not even clear how this would manifest 
itself on the classical level (as compared with the 
quantum level, where this is a clear-cut matter). 

Focusing once again on the notions of charge 
and particles vs. antiparticles, it is an even more 
striking fact that these concepts are naturally present 
within some of the above-mentioned nonlinear field 
theory models with particle-like solutions. A prime 
example for gauge theories is given by instanton 
solutions, which are accompanied by anti-instanton 
solutions. Roughly speaking, these are distinguished 
by opposite generalized winding numbers, viewed as 
charges of a topological nature. More precisely, these 
localized solutions minimize the energy in certain 
homotopy classes. This means they are stable under 
small perturbations. 

Turning to soliton field theories, it should be men- 
tioned at the outset that for most soliton equations (for 
instance, for their most well-known representative, the 
KdV equation), there exists only one type of soliton, 
hence no notion of charge. The sine-Gordon field the- 
ory is a paradigm for theories where more than one type 
of soliton occurs. We proceed by using it to exemplify 
the notions of particle, antiparticle, and charge at the 
classical level. 

The sine-Gordon equation 


xx — On = sing (1) 


can be obtained as the Euler-Lagrange equation 
associated with the Lagrangian 


L = 4(¢; — 2) — Ud — cos). (2) 


The corresponding energy functional reads 


1 
E= f [52 +43) +0 ~cos)| dx. GQ) 
R 


Obviously, the constant solutions 
de =2mk, keEZ, (4) 


yield E =0. These are the so-called vacuum solutions. 

There exist, however, two distinct classes of 
nonconstant, time-independent, finite-energy solutions, 
namely, 





b+ = 4arctan(exp(+(x — xo))), x0 € R. (5) 
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They connect the two vacuum solutions ¢o and ¢ 
for x + too. The functions exp(i@+ (x)): R= si 
have winding numbers +1 and may be viewed as 
generators of the homotopy group 7\(S!) = Z. They 
are interpreted as one-particle and one-antiparticle 
solutions (soliton and antisoliton) of the sine-Gordon 
equation, having charges + 1. (By Lorentz invariance, 
they can be boosted to constant velocity v, with |v| 
smaller than the speed of light, which is 1 for the units 
chosen in (1).) 

The analogy with electrical charge is strengthened 
by the existence of soliton—antisoliton bound states, 
the so-called breathers. More generally, there exist 
solutions with N solitons, N— antisolitons, and No 
breathers, where N+, N_, No are arbitrary integers. 
These particle numbers and the velocities are conserved 
in the collision, the nonlinear interaction showing up 
only in factorized position shifts. 

From the viewpoint of elementary particle physics, 
these findings are regarded as stepping stones for a 
better understanding of the associated quantum field 
theory. In particular, the existence of particle-like 
solutions stabilized by charges of a topological nature 
is believed to signal the existence of a corresponding 
stable quantum particle. A lucid survey in which this 
scenario is expounded is Coleman (1977). 

Returning to the sine-Gordon example (also dis- 
cussed in Coleman, 1977), the above scenario has not 
only been confirmed, but considerably enlarged: at the 
quantum level, the sine-Gordon theory yields a model 
of interacting solitons and antisolitons, whose scatter- 
ing preserves particle numbers and other characteris- 
tics (such as the set of velocities), yielding an explicitly 
known factorized S-matrix. Thus, the classical picture 
is essentially preserved under quantization (cf. the re- 
view by Zamolodchikov & Zamolodchikov (1979)). It 
should be stressed that this absence of particle creation 
and annihilation is highly nongeneric for relativistic 
quantum field theories; it occurs for only completely 
integrable soliton type field theories in two space-time 
dimensions. 

The phenomenon of oppositely charged particles 
and antiparticles with an attractive interaction between 
them has also come up in a setting quite different from 
the above field-theoretic one. Consider the classical 
Hamiltonian 











N 
1 7 
Hy = 5) i pits? Do V/sinhj— x4) ©) 
j=l 1<j<k<N 


on the phase space 
Q= (x, ple R™ |xy<--- <n}. 


By contrast to the above partial differential equations, 
most of which are wave equations at face value, the 
Hamiltonian equations resulting from (6) have, from 
the outset, a point particle interpretation. To be specific, 
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they describe N nonrelativistic particles on the line with 
a repulsive pair interaction. 

The special character of this Hamiltonian is already 
manifest from the scattering to which it leads: the 
particle velocities are conserved and the position 
shifts are factorized, just as for solitons. Indeed, 
Hamiltonian (6) is one version of the completely 
integrable nonrelativistic Calogero—Moser models. 
(These are surveyed at the classical and quantum levels 
in Olshanetsky & Perelomov (1981) and Olshanetsky 
& Perelomov (1983), respectively.) As pointed out 
first by Calogero, the substitution x, — x, + in, 
k=1,...,N_, N- €{1,...,N—1} has the effect 
of turning the repulsive 1/ sinh” interaction between 
particles 1,..., N_ and particles N_ + 1,..., N into 
an attractive — 1/ cosh? interaction. Thus, one obtains 
an integrable system that can be viewed as describing 
N_ antiparticles and Ni =N-—WN_ particles in 
interaction. 

The nonrelativistic Calogero—Moser systems have 
been generalized to a relativistic setting, both on the 
classical and on the quantum levels. Again, there are 
versions describing particles and antiparticles, with 
repulsion between like charges and attraction between 
opposite charges. These versions have been studied 
at the classical level in Ruijsenaars (1994), where 
the intimate connection to the sine-Gordon solutions 
with arbitrary numbers of solitons, antisolitons, and 
breathers is also detailed. More generally, Ruijsenaars 
(2001) is a recent survey of this relation between 
the solitons and antisolitons of the sine-Gordon field 
theory and the point particles and antiparticles of certain 
relativistic Calogero—Moser systems, covering both 
classical and quantum aspects. 

SIMON RUUSENAARS 
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PATTERN FORMATION 


Beautiful patterns and complex structures sponta- 
neously emerge in a large variety of natural systems. 
Examples can be found on all length scales, ranging in 
size from Jupiter’s red spot, to water waves, a zebra’s 
stripes, mussel shell patterns, snowflake structures, and 
down to the nanoscale patterning of the scaffolding that 
gives stability to individual cells. 

How do patterns form? The basic laws of physics 
should account for all forces driving pattern formation, 
but even with knowledge of all equations governing 
the pattern-forming process, it remains difficult to 
compute what patterns will emerge. A closer look at 
how the snowflake pattern develops illustrates the key 
challenges: 


(i) Patterns form under nonequilibrium conditions. 
In order for an initial seed crystal to form, the 
air generally has to reach temperatures below the 
dew and freezing point. Once the seed crystal 
forms, surrounding air is filled with excess water 
not in thermodynamic equilibrium. Therefore, the 
crystal grows under non-equilibrium conditions, 
which means that the shape of the whole crystal 
may not obey equilibrium thermodynamics 
principles such as minimization of free energy. 
Instead of a spherical shape with minimal 
surface free energy, complex snowflake shapes 
emerge. This observation is quite general: 
patterns form while systems are driven out 
of equilibrium. 

(ii) Patterns can emerge from the competition of 
processes on various length and/or timescales. 
What physical processes govern the pattern- 
formation process? In the snowflake example, the 
crystal grows so fast that heat and impurities, 
rejected from the growing crystal, build up ahead 
of the crystal-gas interface. They interfere with 
the growth of the initial spherical crystal and lead 
to the development of many fine fins. The length 
scale of the fins is determined by a competition 
between diffusion, which would lead to many fine 
fins (for which the diffusion distance becomes 
shortest) and surface tension, which inhibits 
very curved interfaces. In general, a variety of 
physical processes can drive pattern formation 
including diffusion, chemical reactions, and fluid 
flow. Patterns emerge from the competition 
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of processes on different length scales and 
timescales. 

(iii) Patterns are history-dependent. As a non- 
equilibrium process, pattern formation is usually 
history dependent and sensitive to the initial 
conditions, thus it is difficult to predict patterns 
accurately. Small differences in temperature 
or water concentration in the atmosphere are 
amplified in snowflakes, so each snowflake looks 
distinct, reflecting the atmospheric conditions 
along the path it traveled. The theory of pattern 
formation provides insights into how pattern- 
forming systems can be analyzed and what one 
may learn about the underlying physical processes 
from observations of patterns. 


General features of the pattern on the other hand, 
are often related to underlying symmetries in the 
system and can be predicted. For example, snowflakes 
often have six spikes, reflecting the symmetry of the 
anisotropy in the surface tension of ice. 

However, each pattern-forming system may be 
driven by a unique combination of forces: similarities 
in the patterns may thus only reflect similar symme- 
tries of the underlying equations, timescales, or length 
scales, not similarities in the underlying physics. 

Driven by new mathematical tools, digital imag- 
ing, and powerful image analysis tools, numerous 
experimental and theoretical investigations of pattern- 
forming systems have been carried out over the past two 
decades. Cross & Hohenberg (1993) provide an excel- 
lent technical introduction into the mathematical con- 
cepts of pattern formation. Ball (1999) introduces the 
field of pattern formation in a non-mathematical way 
suitable for a broad audience. An update on the field 
can be found in Gollub & Langer (1999). Below, we 
briefly describe the basic principles and mathematical 
tools. 


Model Systems of Pattern Formation 


Pattern formation implies a change in symmetry. 
Spontaneous symmetry breaking is particularly evident 
in fluids, which are structureless in equilibrium but 
exhibit a surprising variety of patterns under non- 
equilibrium conditions. Fluid systems have yielded two 
model systems for detailed studies of pattern formation: 
surface waves and convection rolls. 

Surface waves develop due to either wind or 
gravitational forces or, for example, when a stone is 
thrown into the fluid. Under vertical shaking, fluids 
can exhibit very ordered patterns, such as hexagonal 
structures as shown in Figure 1. Michael Faraday was 
the first to analyze ordered surface wave patterns more 
than a century ago (Faraday, 1831). 

Spontaneous symmetry breaking into a patterned 
state can also be observed when a fluid is driven out 
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Figure 1. Surface wave patterns in a vertically vibrated 
fluid. Spirals, stripes, squares, and hexagonal patterns are 
characteristic of surface waves (“fluid” consists of 170 micron 
bronze spheres, a few layers deep. Courtesy of D. Goldman, P. 
Umbanhowar, B. Lewis, and H. Swinney, UT Austin). 


of equilibrium through a thermal gradient. If a fluid 
is heated from below and cooled from above, the fluid 
near the bottom expands and rises to the top, while fluid 
near the top cools, contracts, and due to the increased 
density, drops back to the bottom. This leads to large- 
scale convection rolls, the so-called Rayleigh—Bénard 
convection, where streams of rising and falling fluid 
arrange into complex patterns, similar to the patterns 
found in surface waves shown in Figure 1. 

While diffusion alone tends to create uniform states, 
Alan Turing suggested that diffusion coupled with 
chemical reactions may lead to spatial patterns in chem- 
ical composition. He speculated that such mechanisms 
would be sufficient to explain natural patterns such 
as zebra stripes or the regular shape and arrangement 
of leaves. An early experimental realization was the 
Belousov—Zhabotinsky reaction, which involves sev- 
eral intermediate chemical compounds. The original 
experiments were carried out in a well-stirred container 
and generated temporal patterns in which the concen- 
tration of intermediate components oscillated. Later ex- 
periments showed spatial patterns such as stripes and 
spirals. 

Granular systems such as sand or coffee powder also 
spontaneously form patterns. Under vertical vibration, 
they form patterns resembling surface waves (see 
Figure 1). In addition, localized, stationary waves (so- 
called oscillons) are observed near the onset of surface 
waves (Umbanhowar et al., 1996). Unlike localized 
waves in fluids, oscillons do not spread out or dissipate 
over time. Mixtures of granular matter are also prone to 
pattern-forming instabilities. For example, when sand 
and sugar are mixed in a container and poured into a 
pile, the mixture spontaneously separates into bands 
under some conditions. Unlike the fleeting structure of 
surface waves or convection rolls in fluids, patterns in 
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Figure 2. Pattern formation in nature on many scales: (a) Crystal 
growth pattern (rime on a windshield). (b) Mussel shell pattern 
(Conus textile, Courtesy of P. Egerton) (c) Scaffolding of a 
cell during cell division (Spindle assembly in Xenopus extracts. 
Microtubules (long) and DNA (rings), Courtesy of R. Ohi and 
T. Mitchison, Harvard Medical School, Boston). 


granular flows can create lasting impressions such as 
bands of sugar and sand in a mixture, or sand ripples 
and sand dunes in wind-driven flows. 

In solids, snowflakes are a well-known pattern (see 
Figure 2a) which we have discussed above. Similar 
patterns can be found in alloys and polymer blends, 
though they are hidden within the material micro- or 
nanostructure. Patterns in solids are technologically 
important, because they can determine material 
strength and flexibility. 

Biological systems offer a rich variety of patterns. 
On large scales, patterns such as zebra stripes and 
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mussel shell patterns (Gierer & Meinhard, 1972) 
(see Figure 2b) help animals blend in or send 
signals of intimidation or attraction. On a small scale, 
the microscopic mechanical structure within cells 
contains ordered arrangements of microtubules and 
other filaments, which assist, for example, in cell 
division (see Figure 2c). 


Stability and Bifurcations 


The first prerequisite for the emergence of patterns 
from a spatially uniform state is a symmetry-breaking 
instability. A linear stability analysis indicates whether 
a given set of equations is prone to a symmetry-breaking 
instability. For example, we start with a set of functions 
u(t): 


du _ 1 
a f@. (1) 


To assess the stability of a state uo, we linearize 
around that state u= tuo + 6. This yields an equation 
for the perturbation 6: 

dS df(u) 
dt du 





6. (2) 
U0 
The state uo is linearly stable against perturbations 
if 6 shrinks for any shape of the initial perturbation 
and unstable if it grows. To test for all possible 
perturbations, 5 can be decomposed into Fourier modes 
5 =6qexp(igx). This indicates the range of wave 
numbers (q) that are unstable. 

Generally, pattern-forming systems become unsta- 
ble when they are driven further from equilibrium. The 
transition point toward instability is called marginal sta- 
bility. In the marginally stable state, perturbations of 
one, or a few, wave numbers neither grow nor decay; 
all other perturbations decay. 

When parameters are changed further, the system 
will become unstable for a range of wave numbers 
(sometimes including q = 0). In the example of crystal 
growth, a planar crystal growth front is stable for small 
q (due to diffusion) and for large gq (due to surface 
tension), but unstable for a range of intermediate q. 

Once the perturbations grow, the linear approxima- 
tion fails since 6 will diverge, and other approaches are 
needed to predict patterns, but the range of unstable 
wave number is often a rough indicator of the charac- 
teristic length scales of the final patterns. 


Model Equations 


Beyond linear instability, modeling of pattern-forming 
systems becomes interesting: rather than going back to 
the full equations for the pattern-forming system, which 
are often too complex to be simply studied numerically 
or analytically, model partial differential equations have 
been developed to describe the main qualitative features 
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of patterns, and to highlight the universal features of 
many pattern-forming systems. They are discussed in 
great detail, for example, in the excellent review by 
Cross & Hohenberg (1993). Here we list the main 
equations. 

The (complex) Ginzburg-Landau equation is an 
amplitude equation with an expansion in amplitudes 
and gradient terms. The equation applied, for example, 
to a two-dimensional plane can yield similar patterns as 
the vibrated fluid shown in Figure 1: squares, hexagons, 
and stripes. The equation provides insight into which 
gradient or higher-order terms must dominate in 
specific patterns. Long wavelength instabilities such as 
the Eckhaus instability are common and limit the range 
of stable patterns to a smaller range of wave numbers 
than the range of linearly stable wave numbers. 

Other equations include the Swift-Hohenberg 
equation and the Kuramoto-Sivashinsky equation, 
which have been solved in various geometries and for 
different boundary conditions and parameter ranges. 
They provide a rich set of patterns and dynamical 
instabilities. 

Experimentally and in simulations, the best model 
system has proven to be surface waves and Rayleigh— 
Bénard convection. The stability phase diagram of the 
convecting fluid—the range of stable wave numbers as 
a function of a measure of fluid convection such as the 
Rayleigh number—exhibits a region of stability, the so- 
called Busse balloon, bounded by various instabilities 
such as the Eckhaus instability, a zig-zag instability, or 
a cross roll instability. The range of stable patterns and 
the instability boundaries have been verified through 
extensive experiments. 

Slightly different are equations that describe patterns 
in excitable media, which are often used to mimic 
biological processes. Reaction-diffusion equations 
yield wave fronts or spiral waves. Again, basic 
symmetries of the underlying processes dictate what 
patterns can occur, and the stability boundaries are 
crucial. 

Finally, it should be noted that real patterns have 
boundaries and defects, which can strongly affect 
pattern selection and stability. Modeling defects and 
boundaries appropriately can be difficult, since it 
may only introduce small perturbations that change 
the system over long timescales (which are often 
beyond the reach of simulations). Recently, controlled 
experiments where defects are implanted deliberately 
into patterns have begun to allow quantitative tests of 
theories, but this work is only beginning. 

Challenges for the future include application of these 
insights to real pattern forming systems, for example, 
to suppress or exploit crystal growth instabilities 
in the semiconductor industry. General theoretical 
descriptions of pattern formation in networks such as 
neural networks remains one of the open challenges. 

WOLFGANG LosERT 
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See Synergetics 


PEIERLS BARRIER 


As a localized entity such as an electron, hole, polaron, 
soliton, or dislocation moves through a discrete lattice, 
it often experiences a potential barrier between one 
unit cell and the next. Called a Peierls barrier after 
the famed German/British physicist Rudolph Peierls, 
such potential barriers plays a key role in lattice 
dynamics. 

More precisely, a Peierls barrier characterizes the 
dependence of the energy, E(n), of a stationary 
localized entity (LE) on its position, 7, in a periodic 
lattice. The Peierls barrier, is the function E(n) — Eo, 
where Ey = min E(n) is the ground state energy of the 
LE. Because of lattice periodicity the barrier must be 
a periodic function with a period equal to the lattice 
constant a. Minima of the Peierls barrier correspond to 
stable positions and maxima to unstable positions. The 
barrier height AE = max[E(n) — Eo] is often called 
the pinning energy. To propagate along the chain, the 
LE must be activated with energy exceeding AE. 
For smaller energies, the LE vibrates near minima 
of the Peierls barrier, and for larger energies it can 
overcome the Peierls barrier and move through the 
lattice. The presence of a Peierls barrier also leads to 
the appearance of new eigenvalues corresponding to 
periodic oscillations of an LE near a minimum of the 
Peierls barrier. 
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The notion of the Peierls barrier goes back to the first 
quantitative explanation of the mechanism of plastic 
flow via the motion of dislocations in a lattice (Peierls, 
1940; Naborro, 1967). From the perspective of the 
continuum theory of elasticity, a dislocation is an 
LE that involves a discontinuity in the displacement 
field, leading to singularities in strains and stresses. 
Peierls and Naborro showed how to overcome these 
artifacts of continuum idealizations by distributing the 
sharp discontinuity over a finite region, as in the one- 
dimensional nonlinear continuum Frenkel—Kontorova 
model of dislocation. 

The dynamic influence of a Peierls barrier is greatest 
when the size of the LE is about equal to the 
lattice periodicity. Failure to include it in theoretical 
formulations can lead to erroneous calculations. When 
modeling the dynamics of protonic solitons in chains of 
hydrogen bonds, for example, inclusion of the Peierls 
barrier is necessary to find the temperature dependence 
of soliton mobility (Savin & Zolotaryuk, 1991). 

Let us consider in more detail an autolocalized state 
of a quantum particle in a lattice (or molecular chain). In 
a simplified model, the dynamics of such a quasiparticle 
is described by the system of equations 


Non = XUndn — I (Gn—1 + On41)s () 
Miin = —Kuy — lol? (2) 


where — 00 <n < + ov isan integer, {¢,} is acomplex- 
valued wave function normalized by the condition 


lel? =1, (3) 


where u,, is the intramolecular displacement of the lat- 
tice, and x, J, m, and K are parameters of the exciton— 
phonon interaction: energy of resonance or exchange 
interaction between neighboring lattice sites, reduced 
mass of the molecules, and stiffness of intermolecu- 
lar interaction. Neglecting the inertia of intramolecular 
displacements implies that uv, = — x |n |? / K, where- 
upon Equations (1) and (2) reduce to a discrete nonlin- 
ear Schrédinger equation (DNLS), which can be written 
as 

d¢, 


ae = Ont + batt + bull”, 4) 
T 


where t = Jt / fi and g= x? / KJ is a dimensionless 
parameter of nonlinearity. 

In the continuum limit, Equation (4) reduces to 
the nonlinear Schrédinger (NLS) equation, which is 
integrable. In this limit, the Peierls barrier does not 
play any role because an envelope soliton can propagate 
freely along the chain. For the discrete model, which is 
not integrable, the situation is quite different. 

A stationary autolocalized state of the quasiparticle 
can be found numerically by minimizing 





i 


H=—YGnGn41 + tags, 
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Figure 1. Stationary autolocalized state of the quantum 
quasiparticle with integer (curve 1) and half-integer (curve 2) 
centers of symmetry. Curve 3 (below) shows the Peierls barrier, 
i.e., the dependence of the energy of the stationary state E on 
the position of the center n. Nonlinear parameter g = 3. 


subject to the constraint of Equation (3), where gp 
is the real-valued amplitude of quasiparticle wave 
function on nth site. If {Oph gee es is the solution of 
the minimization problem, the energy and position of 


the LE are E = H and 
i= Ying. 
n 


respectively. 

Stationary states of quasiparticle have two types of 
symmetry. First is a solution with integer center of 
symmetry Yn +n = Pno —n- In other words, the center 
of the LE is in one of the lattice sites. Second is a 
solution with half-integer center of symmetry, where 
the center of excitation is midway between two lattice 
sites (Yay +n = Pnotl—n N=Not+ 3). The ground 
state is of the first type and corresponds to a minimum 
of the Peierls barrier. The second type is unstable and 
corresponds to a maximum of the Peierls barrier. 

Numerical solution of the minimization problem 
allows one to find the energy profile of a Peierls barrier, 
as plotted in Figure 1. This profile has a sine-like 
character with minima at integer points and maxima 
in half-integer points. The height of the Peierls barrier 
depends on the value of nonlinear parameter g. If 
the nonlinearity parameter g— 0, the size of the LE 
grows without bound, and the pinning energy AE 
goes monotonically to zero. One can calculate Peierls 
barriers analytically using the method of variational 
functions (Kuprievich, 1985). 

Note that a specific discretization of the continuum 
NLS equation (Ablowitz & Ladik, 1976) leads to a 
discrete integrable system. In this case, the ground state 
energy does not depend on the position of the LE and 
the Peierls barrier is absent. 

LEonID MANEVITCH AND ALEXANDER SAVIN 


See also Bjerrum defects; Discrete nonlinear 
Schrédinger equations; Dislocations in crystals; 
Frenkel-Kontorova model; Polarons 
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‘The English version of the Guidellnes—The ten guides for a new Age of Reason are as follows: 
1. Maintain humanity under 500,000,000 in perpetual balance with nature. 
2. Guide reproduction wisely — improving fitness and diversity. 3. Unite homanity with a living new language. 4. Rule passion 
~ faith — tradition — and all things with tempered reason: 5. Protect people and nations with fair laws and just-courts. 
é. Let all nations rule internally resolving external disputes in a world court. 7. Avoid petty laws and useless officials. 
8. Balance personal rights with social duties, 9, Prize truth — beauty - love - seeking harmony with the infinite. 
10. Be not a cancer on the earth — Leave room for nature - Leave room for nature. 
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PENDULUM 


With a history covering many centuries, the pendulum 
has been of primary importance in the development of 
physics. It is well known that in the 17th century, Dutch 
experimental physicist Christiaan Huygens discovered 
the synchronization phenomenon while studying 
pendulum clocks (Huygens, 1673). Using a pendulum 
as an example, Huygens formulated the conservation 
law for mechanical energy. In the 18th century, the 
French scientist Jean Charles Borda suggested using 
a pendulum for measuring the acceleration of gravity 
(Borda, 1792), and Wilhelm Bessel used a pendulum for 
an accurate verification of the equality of inertial and 
gravitational masses. There are many other applications 
of pendula for physical measurements; for example, a 
pendulum with a randomly vibrated suspension axis has 
turned out to be a good model for control of turbulence 
in subsonic submerged jets (Landa, 1996). 

Two models of a pendulum are well known— 
mathematical and physical. The mathematical pendu- 
lum is defined as a ball suspended by a weightless thread 
in vacuum (Figure 1a). It is described by the equation 


G+asing =0, (1) 


where g is the pendulum angle of deviation, 
a0 = Vg /1 is the angular frequency of small oscilla- 
tions, g is the acceleration due to gravity, / is the thread 
length, and dots indicate derivative with respect to time. 
The physical pendulum can be defined as a body mov- 
ing about a fixed horizontal axis O (Figure 1b). 

Taking account of air friction, the motion equation 
for such a body is 


I¢+ho+mga sing = 0, (2) 


where / is the body’s moment of inertia, h is the friction 
factor, m is the body’s mass, and a is the distance 
between the axis and the body’s center of gravity. 
Equation (1) belongs to the class of nonlinear 
conservative (Hamiltonian) systems, whereas Equation 
(2) is a dissipative system. Solutions of these equations 
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Figure 1. Schematic image of (a) mathematical pendulum and 
(b) physical pendulum. 
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Figure 2. (a) Phase portrait of pendulum oscillations in the 
phase plane; (b,c) the time dependencies of the pendulum phase 
coordinates g and ¢ at the motion of a representative point along 
a separatrix. 


can be conveniently analyzed with the phase plane 9, 
@. We illustrate this for Equation (1). 

Using the energy conservation law, we obtain an 
equation for a trajectory in the phase plane g, ¢ in the 
form 

ml2g2 

2 

where E is the total pendulum energy. For E < 2mgl, 
Equation (3) describes closed trajectories correspond- 
ing to pendulum oscillations about the stable equilib- 
rium position (g=0), and for E > 2mgl, nonclosed 
trajectories corresponding to the rotation of the pen- 
dulum (Figure 2a). These two kinds of trajectories are 
separated by peculiar trajectories passing through sin- 
gular saddle points (@ =0, @ T, £3n, ...). Such 
trajectories are said to be separatrices. Because values 
of ¢ differing from each other by 27 are physically in- 
distinguishable, the phase plane shown in Figure 2a can 
be rolled into a cylinder. 

In general, solutions of Equations (1) and (3) are 
Jacobi elliptic functions, but more simple solutions can 
be obtained in the case of small oscillations (E « mg/l) 
and in the case when E=2megl (this value of E 





+ mgl(1 —cosg)=E, (3) 
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corresponds to the motion of a representative point 
along a separatrix). In the latter case, Equation (3) is 
split into two equations: 





a(t) = +209 cos _ (4) 
By integrating (4) we find 
ge(t)= + (4 arctan eo! — n). (5) 


The time dependencies of g = g+ and @ / wo = ¢+ / wo 
are shown in Figure 2b and c. These solutions play an 
important part in soliton theory. 

In the case of sufficiently small oscillations, when 
sing~p—?/6, Equation (1) reduces to the Duffing 
equation 





¢ 
s+o3(1- £)o=o. (6) 
The general solution of Equation (6) is 
g = Asn(Qr, k), (7) 


where sn is a Jacobi elliptic function of modulus 
k=J1/12A/Q, and Q=aoy1 — A? / 12. Solution 
(7) is valid for A < 6, when k < 1. This constraint is 
certainly fulfilled because Equation (6) follows from 
(1) only for A <1. Solution (7) describes periodic 
oscillations of period 4K(k) /Q, where K(k) is the 
full elliptic integral of the first kind. It follows from 
this that the period of oscillations increases with 
increasing amplitude. Such a property inherent in 
nonlinear systems is called anisochronism. It should 
be noted that Galileo was the first to discover the 
isochronism of small pendulum oscillations. 

Ifa pendulum consisting of an iron ball suspended by 
a thread of length / is placed between the opposite poles 
of a magnet, its behavior essentially changes (Landa, 
1996, 2001). Approximating the magnetic force acting 
on the ball by F(g) =ml(aig — big?) and restricting 
ourselves to small oscillations of the ball, then the 
pendulum angular deviation g obeys the following 
approximate equation: 

§—(a—by’)p =0, (8) 
where a=a, — wo b=bh; — a, / 6, w=e/l. 
In the case that a; > oH (a>0), the equilibrium 
position x=0 becomes aperiodically unstable (the 
corresponding singular point g=0, @=0 in the 
phase plane y, @ becomes of saddle type). If, in 
addition to this, the inequality b, > ow /6 holds, 
two stable equilibrium positions with coordinates 
91,2=+ Ja / b appear. These equilibrium positions 
correspond to singular points of center type. But if 
by <a, /6 and a>O, then the ball adheres to one 
of the magnet poles. Equation (8) describes a so- 
called two-well oscillator, which is the subject of recent 
widespread interest in connection with stochastic and 
vibrational resonances (Landa, 2001). 
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If a pendulum is suspended from a uniformly 
rotating shaft, it can execute self-oscillations. Such 
a pendulum was discovered by William Froude and 
mentioned in the famous treatise by Lord Rayleigh 
(Rayleigh, 1877). Rayleigh showed that oscillations 
of such a pendulum are approximately described by 
an equation which came to be known as the Rayleigh 
equation. A controlled Froude pendulum was suggested 
by Neimark to be a model of stochastic oscillations 
(Neimark & Landa, 1992). 

Poiina LANDA 


See also Damped-driven anharmonic oscillator; 
Duffing equation; Elliptic functions; Hamiltonian 
systems; Solitons 
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PERCEPTRON 

The perceptron is one of the earliest computational 
models inspired by the human brain. Developed by 
Frank Rosenblatt from 1959-1962, the perceptron 
model is a parallel, distributed processing network 
intended to provide a means of modeling the 
capabilities and properties of the brain at a very 
simplified level (Rosenblatt, 1962). 

Artificial neurons as mathematical processing 
elements of neurological (or artificial neural) networks 
were described earlier by Warren McCulloch & Walter 
Pitts (1943). Also earlier was the work of Donald 
Hebb, which presented a principal of learning or 
self-organization in neural networks (Hebb, 1949). 
The perceptron brought these concepts together by 
providing an algorithm for adjusting the parameters 
or weights of the network to learn to perform 
mappings or predicates. This model was implemented 
in analog electrical hardware by Rosenblatt and 
colleagues as the Mark I Perceptron and as such 
was the first neurocomputer to perform useful 
functions (Block, 1962). Accepting that biological 
brains possess “natural” intelligence, developing 
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Figure 1. (a) General perceptron model. (b) Single perceptron 
unit. 


computational models inspired by the brain represents 
one approach toward artificial intelligence. 

The general perceptron model consists of a retina, 
associator units, and response units (see Figure 1a). 
The retina provides sensory inputs connected (many- 
to-many and at random) to a layer of associator units. 
The associator outputs are connected to response units. 
Connectivity can be sparse, and both associator and 
response units can be connected to other units in the 
same layer. An associator unit becomes active if its total 
input exceeds some threshold value and propagates a 
signal to the response units. This model appears to have 
the essential features to begin studying brain function 
(learning, pattern recognition, memory, generalization) 
in terms of brain structure. 

A perceptron unit computes a threshold function of 
the values presented via its input connections 


n 
1 if So wixi >, 
y= i=l ie (dd) 


0 otherwise, 


where x; is the value of the ith input signal. Each in- 
put connection is weighted by a real-valued weight 
w;, and @ determines the threshold value. Geometri- 
cally, the perceptron unit implements a hyperplane in 
n-dimensional input space, where input vectors lying on 
one side of the line will result in an output of 1, and input 
vectors on the other side of the line will result in an out- 
put of 0. The position of the hyperplane is determined by 
the values of the weights and thresholds (zero threshold 
implies a hyperplane passing through the origin). 

The simple perceptron unit provides a useful, simpli- 
fied realization of the above model which can be imple- 
mented and trained to perform useful functions (Figure 
1b). A set of inputs X = {x,,...,x,} are provided to 
a layer of associator units that compute a fixed value 
y(X). These values are then combined at the response 
unit to produce a binary output V(X). The response unit 
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is adaptive in that there is an adjustable weight param- 
eter a; associated with each of its input connections. 
The output of the response unit W is calculated as 
n 
W=1 if > aigi(X) > 6, (2) 
i=l 


v=0 otherwise, (3) 


where @ is a threshold value. The simple perceptron 
can compute any linear threshold function of the g; (X) 
given appropriate values of the weights a; and 0. 

Given a set of data points in n-dimensional input 
space, labeled with desired (0 or 1) output values, 
Rosenblatt provided a rule for iteratively learning (mod- 
ifying) the perceptron weights and thresholds, such 
that the outputs of the perceptron would match the de- 
sired output values. He also proved the convergence 
of the learning rule in a finite number of steps, pro- 
vided that the perceptron has the capacity (ability) to 
learn an adequate linear threshold function. That is, if 
the n-dimensional (0,1)-labeled data is separable by an 
(n — 1)-dimensional hyperplane in the input space, the 
perceptron can learn or be trained to find such a hyper- 
plane. 

An adaptive threshold value can be conveniently 
implemented by replacing @ with an additional input 
xo, that always takes the value 1, and an adaptive weight 
wo. Given input values and the desired (correct) value 
d for the output, the output of the model is computed 
from the inputs and the weights are adapted as follows: 

Ot; ifd = y(X), 

a= {4 ajt+x, ifd=1and y(X)=0, (4) 

aj—xj ifd=Oand y(X) =a. 

If the threshold function is changed to a continuous, 
differentiable function, it becomes possible to formu- 
late a cost function for learning that is a differentiable 
function of the weight values. For example, a sigmoidal 
function is commonly used to approximate the thresh- 
old function. The delta rule can then be used to train 
the unit via an iterative gradient descent (Widrow & 
Hoff, 1960). Widrow and Hoff developed the delta (or 
Least Mean Squared) rule in the context of ADALINEs 
(ADAptive LInear NEurons), which are equivalent to 
McCulloch-Pitts neuron models with the bias weight 
(Widrow & Lehr, 1990). A quadratic error function re- 
sulting from the sum of squared error terms is used, 
making it possible to guarantee convergence of the delta 
rule under appropriate assumptions. In contrast, the per- 
ceptron learning rule does not converge if the data is 
nonlinearly separable. 

In general, a perceptron may consist of a layer of k 
of the above perceptron units, each of which is fully 
connected to same set of inputs but has its own output. 
Both Rosenblatt’s perceptron learning rule and the delta 
rule can be straightforwardly extended to train such a 
network. 
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The inability of single-layer perceptron to imple- 
ment nonlinearly separable mappings and the lack of 
a procedure for training a multilayer perceptron model 
led to a lull in progress in the field for many years (Min- 
sky & Papert, 1990). Recently, the back-propagation 
algorithm led to a resurgence of interest in the multi- 
layer perceptrons and artificial neural network models. 
Such models have been very successfully applied to a 
wide range of data-driven learning tasks such as pattern 
recognition, classification, regression, and prediction 
(Haykin, 1999). 

Marcus GALLAGHER 


Seealso Artificial intelligence; Attractor neural net- 
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lar nonlinear networks; McCulloch-Pitts network; 
Neural network models 
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PERCOLATION THEORY 


For random site percolation, each site of a large lattice is 
randomly occupied with probability p and empty with 
probability 1 — p. A cluster is a set of neighboring oc- 
cupied sites. A spanning cluster extends from one end 
of the sample to the opposite end. Percolation theory 
(PT) deals with the number and properties of spanning 
and nonspanning clusters as a function of p and of the 
cluster size s: the number of occupied sites in the clus- 
ter. Alternative variants are bond percolation where all 
sites are occupied but bonds between neighbor sites ex- 
ist only with probability p. A cluster then is a set of sites 
connected directly or indirectly by existing bonds. One 
may also remove the lattice structure and place possibly 
overlapping circles on a piece of paper (or spheres in 
three dimensions). Instead of random variables, one can 
also study correlated percolation, such as Ising mod- 
els where up spins are identified as occupied and down 
spins as empty sites. The following results are expected 
to be also valid for these variants as long as the corre- 
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lations have a finite spatial extent (i.e., not at the Curie 
point of Ising models) (Stauffer & Aharony, 1994). 

In 1941, Paul Flory published the first percolation 
theory (ignoring cyclic links and excluded volume 
effects). Physicists call this the Bethe lattice or mean 
field approximation, and it becomes exact for very high 
dimensions but is inaccurate in its critical behavior for 
the two or three dimensions we are mostly interested 
in. Percolation theory was continued by Stockmayer 
(1943), applied to immunology at the beginning of 
the 1950s, and a few years later, put onto square 
lattices by Broadbent & Hammersley (1957). The first 
computer simulations were published around 1960, 
and in 2001, these reached 4 million times 4 million 
sites (Tiggemann, 2001) and even larger lattices in 
Maloney & Pruessner (2003), using the Hoshen— 
Kopelman algorithm (Stauffer & Aharony, 1994). Exact 
polynomials for the number ns (p) of clusters of s sites 
were found for small and intermediate s, and exact 
results for many thresholds pe and critical exponents 
are known in two dimensions. 

For small p, we have only small clusters, and for 
p near unity, nearly the whole system forms a huge 
spanning cluster coexisting with rare small clusters. 
Thus, there is a sharp critical threshold pce, where with 
increasing p for the first time, a spanning cluster ap- 
pears in a very large lattice. For random site percola- 
tion on the triangular lattice with six neighbors or for 
random bond percolation on the square lattice, we have 
Deo= ie while for the square site problem, numerical es- 
timates give pe ~ 0.5927462... and pe 0.31161... 
for simple-cubic random site percolation. (Dimensions 
much higher than two and three were recently inves- 
tigated by Grassberger (2003). Random percolation in 
one dimension has p, = 1.) Only in infinite lattices are 
these thresholds defined as infinitely sharp. 

Quantities of interest besides ns are the probability 
R(p) to have a spanning cluster, the fraction Poo of sites 
in the infinite (spanning) cluster, the mean cluster size 


2 
S= x or Songs’, (1) 


the average cluster radius R;, and the characteristic 
length & defined best through &?= )°, R2n,s? / 
yee ns s2 among other properties. (For p > p¢ in these 
sums, the spanning cluster is omitted.) Figure 1 
shows S versus p, for random site percolation on 
nearest-neighbor simple-cubic lattices. From scaling 
laws or renormalization group arguments, the critical 
phenomena for large clusters and small p — pe are 


ns xs" fl(p— pe)s?], 
Poo X (p= po)? , 
Sa|p— pel”, 
Eax|p—pel”, 

Rs(p = po) « 8°” (2) 
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Figure 1. Mean cluster size from Equation (1) for seven near- 
est-neighbor simple-cubic lattices lattices 1000 x 1000 x 1000 
(+) compared with 100 x 100 x 100 (line). 


with the critical exponents given by Greek 
letters. 

The first of these equations (Stauffer & Aharony, 
1994) leads to Fisher’s scaling laws B =(t — 2)/o, 
y =(3—T)/o, while additional hyperscaling assump- 
tions valid for dimensionality d below six givedv = y+ 
2B =(t — 1)/o. The fractal dimensionality D of clus- 
ters at the percolation threshold, defined (Bunde & 
Havlin, 1996) through s « RP, is then 


D=I1f(ov) =d—f/v=d/(t—1). (3) 


Because an infinite cluster first appears for 
increasing p at p = Pc, it is plausible that for p slightly 
below pc, we see finite but very large clusters; thus, 
the mean cluster size S diverges for p— pe in an 
infinite system. In a finite system, S remains finite but 
the position of its maximum moves towards p, and 
its height towards infinity, for system size — oo (see 
Figure 1). The relation of its critical exponent y with o 
and t can be easily derived from the above assumption 
for ns by approximating the sum for S through an 
integral over s. 

Flory’s approximate solution is valid for the critical 
exponents only above six dimensions: 6 = y =2v= 
2065S 1. = 3, D =4; the above scaling function 
f is then a Gaussian. For the more relevant case of 
d=2, we have B = 5/36, y =43/18, while in three 
dimensions B ~ 0.42, y<~1.79 with the other ex- 
ponents following from the above scaling laws. The 
scaling function f is no longer a Gaussian but has 
a maximum below pe; the cluster numbers n; away 
from pe decay as log(ns) « —s above pe and as 
«—s!-!/4 below Pc. For p < pc, the fractal dimen- 
sion in three dimensions is D = 2, one of the rare cases 
where an exact solution was found in three but not in 
two dimensions. 

Besides computer simulation, small-cell renormal- 
ization group methods also give reasonable approxima- 
tions for thresholds and critical exponents. One divides 
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the infinite lattice into cells of linear dimension b such 
that the cell centers themselves again form a lattice of 
the same type as the original lattice. A cell is occupied 
if the original occupied sites form a cluster spanning 
this cell. In this way, the original occupation probabil- 
ity p is renormalized into the cell occupation probabil- 
ity p’ = R(p). One may iterate this renormalization by 
computing p” = R(p’) and then R(p”) and so on. The 
fixed point p* of this transformation obeys p* = R(p*) 
and approaches, for large b, the true percolation thresh- 
old pc. At this fixed point, the derivative dR(p)/dp is 
related to the critical exponent v. However, in contrast 
to many renormalization group publications, R(pc) is 
not equal to pe (Ziff, 1992). 

Some mathematical theorists in the 1980s claimed 
that the infinite cluster is unique, but this is not true 
at p = Pc, where several spanning clusters can coexist 
(Aizenman, 1997). Even above p, in very elongated 
rectangles, one may find several clusters spanning in 
the short direction. 

How do these theoretical and numerical results 
compare with applications and reality? Because the 
percolation thresholds p, depend on the lattice 
structure, one should not expect them to agree 
with off-lattice experiments, but the exponents are 
more “universal” and should agree when comparing 
reality with PT. There are many applications (Sahimi, 
1994) including flow in porous media, conductor- 
insulator mixtures, elasticity of composite materials, 
and breakdown of the internet. Sputtering metal drops 
onto a plane offers a particularly accurate realization of 
percolation. 

Flory invented the percolation theory to describe the 
sol-to-gel transition of branched polymers, known from 
boiling your breakfast egg. But only half a century 
later was it experimentally confirmed that the gelation 
exponents are indeed those of three-dimensional lattice 
percolation theory. 

Another application of percolation clusters is 
to speed up computer simulations of Ising mod- 
els (ferromagnets) near their Curie point, using 
the clusters of correlated bond percolation formed 
by up spins connected by bonds with probability 
p=1-exp(—2J/kgT). Flipping whole clusters in- 
stead of single spins equilibrates the system much 
faster. (In this Fortuin—Kasteleyn—Coniglio—Klein— 
Swendsen—Wang theory (Stauffer & Aharony, 1994), 
T is the absolute temperature, kg the Boltzmann con- 
stant, and J the interaction energy such that 2J is the 
energy to change an isolated pair of parallel spins into 
antiparallel.) For example, right at the Curie point in 
a two-dimensional L x L lattice, the relaxation time 
no longer increases as L7!7 but only as log(L) if these 
percolation clusters, instead of single spins, are flipped. 

The above application stems from the relation 
between percolation clusters and the q-state Potts 
model (g =2 is the Ising model again). The partition 
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function of this Potts model is Z=(q%), where N 
is the total number of bond percolation clusters at 
the above p=1— exp(—2J/kgT) and (---) denotes 
the average over many realizations. Taking the 
limit g—> 1, we get In(Z)/ In(qg) >(N) = dons, 
recovering random percolation which is thus a g > 1 
Potts model. 

Percolation is also a convenient teaching example. 
Filling a small triangular lattice at P=Pc=5 by 
throwing coins reveals in the classroom fractals, 
statistical errors, and (in the resulting number of 
isolated sites) strong systematic errors from the lattice 
boundaries. 

DIETRICH STAUFFER 
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pile model 


Further Reading 


Aizenman, M. 1997. On the number of incipient spanning 
clusters. Nuclear Physics B, 485: 551-582 

Broadbent, S.R. & Hammersley, J.M. 1957. Percolation 
processes. Proceedings of the Cambridge Philosophical 
Society, 53: 629-645 

Bunde, A. & Havlin, S. 1996. Fractals and Disordered Systems, 
Berlin: Springer 

Flory, P.J. 1941. Thermodynamics of high polymer solutions. 
Journal of the American Chemical Society, 63: 3083-3100 

Grassberger, P. 2003. Critical percolation in high dimensions. 
Physical Review E, 67: 036101 

Maloney, N.R. & Pruessner, G. 2003. Asynchronously paral- 
lelized percolation on distributed machines. Physical Review 
E, 67: 037701 

Sahimi, M. 1994. Applications of Percolation Theory, London: 
Taylor & Francis 

Stauffer, D. & Aharony, A. 1994. Introduction to Percolation 
Theory, London: Taylor & Francis 

Stockmayer, W.H. 1943. Theory of molecular size distribution 
and gel formation in branched-chain polymers. Journal of 
Chemical Physics, 11: 45-55 

Tiggemann, D. 2001. Simulation of percolation on massively- 
parallel computers. /nternational Journal of Modern Physics 
C, 12: 871-878 

Ziff, R.M. 1992. Spanning probability in 2D percolation. 
Physical Review Letters, 69: 2670-2673 


PERIOD DOUBLING 


Like many terms used in the nonlinear sciences, period 
doubling has more than one meaning. Well known is the 
response of a system at half the driving frequency, due 
to nonlinear coupling. Probably the earliest observa- 
tion of period doubling was by Michael Faraday, in his 
investigations of shallow water waves (Faraday, 1831, 
arts. 98-101). The phenomenon was also investigated 
by Lord Rayleigh (Rayleigh, 1887). He wrote of an 
example: 


in which a fine string is maintained in transverse 
vibration by connecting one of its extremities with the 
vibrating prong of a massive tuning-fork, the direction 
of motion of the point of attachment being parallel 
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to the length of the string the string may settle down 
into a state of permanent and vigorous vibration whose 
period is double that of the point of attachment. 


A more everyday example is the fact that a child may 
set a swing into transverse motion by standing on the 
seat and moving up and down at twice the natural 
frequency. Such phenomena are in the province of 
harmonic generation and parametric amplification and 
are not treated in this entry. 

Period doubling (as discussed in this entry) is the 
most common of several routes to chaos for a nonlinear 
dynamical system. 

The dynamics of natural processes, and the nonlinear 
equations used to model them, depend on externally 
set conditions, such as environmental or physical 
factors. These take fixed values over the development 
of the system in any particular instance, but vary 
from instance to instance. Expressed as numerical 
quantities, such factors are called parameters, and their 
role is vital. Often, increasing a parameter increases the 
nonlinearity. The simplest example is the logistic model 
(May, 1976) 


Xnt1 =1XnC1 — Xn), (1) 


a discrete system with state variable x, and parameter 
r;n is the generation. (If x represents population, then 
r characterizes the underlying growth rate.) 

For period doubling, it is sufficient to vary a single 
parameter. Over some range, the system may have a 
periodic attractor, that is, a periodic orbit that attracts 
neighboring orbits. Typically, the stability (attraction) 
decreases as the parameter increases, changing to in- 
stability (repulsion) at a critical value. This is a bifur- 
cation, or change of structure, of the orbit. In period 
doubling, this change is accompanied by the “birth” 
of a new attracting period-doubled orbit, in which the 
system alternates between two states. In biological sys- 
tems, these are known as alternans (Glass & Mackey, 
1988). In the period-doubling route to chaos, each new 
periodic attractor loses its stability with increasing pa- 
rameter value, whereupon the next period-doubled at- 
tractor is born. If the original attractor was a fixed point, 
this generates orbits of period 1, 2, 22,23, ..., called 
the main period-doubling cascade. 

A surprising universality was discovered by Mitchell 
Feigenbaum. In part, it relates to the sequence of 
parameter values at which successive period doubling 
occurs. Label the first by r1, the second by rz, and 
so on, and let the cascade end at the value r.4. The 
differences (roo — rm) decrease to zero; the surprising 
fact is that the ratios (Too — rn) /(Too — Mn+1) Converge 
to a universal constant 5, which takes the same value 
56 ® 4.669202... for all maps with a quadratic 
maximum (Feigenbaum, 1978). There is a second 
universal constant, a © 2.502908 ..., measuring the 
relative spatial scale of the orbits, which also becomes 
increasingly fine. 
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Logistic Hénon 
Tnt1—Tn Gn+1—An 
i Tn (se ) an (ese, ) 
1 3.0000000000 0.3675000000 
2 3.4494897428 0.9125000000 
3 3.5440903596 4.751446 1.0258554050 4.807887 
4 3.5644072661 4.656251 1.0511256620 4.485724 
5 3.5687594195 4.668242 1.0565637582 4.646894 
6 3.56969 16098 4.668739 1.0577308396 4.659569 
Table 1. Estimates of the Feigenbaum constant 6, for the logistic and Hénon maps. 
Experiment Observed number of estimated estimated 
period doublings value of 5 value of a 
Hydrodynamic: helium 4 3:54 1.5 
mercury 4 44+0.1 
Electronic: diode 5 4340.1 2.4+0.1 
Josephson 4 4.5+0.3 2.74 0.2 
Laser: feedback 3 4340.3 
Acoustic: helium 3 48+ 0.6 
Table 2. Selected experimental data on period doubling. 


Numerical data for two main period-doubling 
sequences is given in Table 1. Columns 2-3 display 
data for the logistic map, 

Xn+1 = he ax, + Yn» JYatl = bxn. (2) 
columns 4—5 for its two-dimensional cousin, the Hénon 
map. For Table 1, the parameter b has been kept 
constant. Experimental data has also been obtained in 
quite a few systems (Cvitanovi¢, 1989); a selection 
is shown in Table 2. To appreciate the experimental 
difficulty involved, remember that for each successive 
period doubling, the significance of errors increases 
five-fold while the complexity of the dynamics doubles. 

The mechanism for period doubling is already 
implicit in the fact that it is also known as a “flip 
bifurcation.” Stability of a fixed point x* of a smooth 
one-dimensional map /f is the simplest case for theory. 
Consider a nearby point x that maps to x’. Linear 
approximation gives 

(x! = x") & fOr") — x"). (3) 
This shows (and exact analysis confirms) that the 
fixed point is stable if —1 < f’(x*) <1 and unstable 
if f’(x*) <—1 or f’(x*) > 1. Successive iterates flip 
from side to side for negative f’(x*), so period dou- 
bling occurs at f’(x*) =— 1. For higher-dimensional 
systems, stability is determined by the eigenvalues of 
a matrix of partial derivatives; the occurrence of an 











Figure 1. Mechanism: f and f> for r= 2.8 (left) and r = 3.2 
(right). 


eigenvalue 4 = — 1 leads to period doubling. Because 
Xi =X," for the new orbit, period doubling is con- 
nected with double iteration, controlled by the second 
composition map f2(x) = f(f(x)). Elementary calcu- 


lus shows that if f satisfies the two conditions 


f(x*) = x*, FG) = 1; (4) 
then f2 satisfies three conditions: 
A y=x*, AE*)=+1, fa") =0. 6) 


As a result, x — f2(x) must be approximated by a 
cubic near the bifurcation. One of its zeros is the (now 
unstable) fixed point of f, the other two constitute 
the period-doubled orbit, because they are not fixed 
points of f. 

In the case of the logistic map, the first period 
doubling occurs at r=3. Graphs of f and f2 show 
the mechanism (Figure 1). As the cascade proceeds, 
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the pictures and the analysis repeat but with increasing 
complication. The common thread is that, at each step, 
conditions (4) for a composition f, imply conditions 
(5) for fon. 

BriAN Davies 


See also Attractors; Bifurcations; Dripping faucet; 
Harmonic generation; Hénon map; Maps; One- 
dimensional maps; Parametric amplification; Routes 
to chaos; Stability; Universality 
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PERIODIC BURSTING 


Bursting systems show intervals of repetitive activity 
separated by intervals of relative quiescence, and have 
at least two different time scales; fast for the short 
period with spike-like oscillations that comprise the 
burst and slow for the longer period of the burst itself. 
Laboratory systems that exhibit bursting include the 
Belousov—Zhabotinsky reaction and neuronal systems. 
A simple conceptual model would be the bursting that is 
generated by switching between the active and inactive 
states, suggesting the coexistence of stable periodic and 
quiescent states. Bursting can be irregular, in which 
the periods between bursts are effectively random, or 
it can be strictly periodic. Some experimental bursting 
systems exhibit switching between different patterned 
periodic behaviors, suggesting two or more coexisting 
periodic states, and models have been shown to exhibit 
bi- or multi-rhythmicity. The exotic periodic dynamics 
of bursting systems—with patterning, multistability, 
and multi-rhythmicity provide a demonstrator for 
bifurcation and continuation algorithm packages. 

A simple two-variable excitable or oscillatory 
system such as the FitzHugh—Nagumo equations can 
be driven to bursting by a slow periodic forcing 
term, so bursting can be viewed as the activity of a 
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fast oscillatory system being modulated by a slower 
oscillatory system. For an autonomous bursting system, 
the fast and slow systems are coupled, and the burst is 
generated by the evolution of the slow system sweeping 
the dynamics of the fast subsystem between steady state 
and oscillatory dynamics (Chay & Rinzel, 1985). On 
the timescale of the fast system, the slow variable acts 
as acontrol parameter, so the fast variable approximates 
its attractors — its stable equilibrium during the period 
of quiescence and its oscillations during activity. 

Bursting in neurons and other electrically excitable 
secretory cells may be part of their normal pattern 
generation behavior, as in the generation of the 
respiratory rhythm, or a sign of pathology, as in 
the abnormal bursting charges during epileptic fit. 
Synchronization of bursting activity between widely 
separate cells in the cortex excited by different 
features of the same visual input has been observed 
and proposed to underlay visual binding. Neural 
central pattern generators are networks of nerve cells, 
that generate periodic bursts as a result of their 
interconnections, but some single isolated cells can 
generate bursts. Both network and isolated cell bursting 
can be modeled by systems of differential equations. 
Specific models for isolated cells—the beta-pancreatic 
cell or the parabolic burster cell R15 of Aplysia— 
are ordinary differential systems, analogous to the 
Hodgkin—Huxley equations for the action potential, 
based on experimental measurements of currents and 
concentrations (Rinzel & Lee, 1986). They reproduce 
the observed bursting behaviors and can be reduced to 
simpler systems in which the dynamical mechanisms 
producing bursting are obtained by bifurcation analysis 
of these models. 

In these models, the spiking is produced by oscil- 
lations of a fast subsystem that is modulated by the 
slower system. Bifurcation and topological analysis of 
the models has led to a classification of the types of 
bursting (Bertram et al., 1995). In type I, the fast subsys- 
tem is bistable, and the burst begins at a saddle node and 
ends at a homoclinic bifurcation. During the burst, the 
period between spikes increases illustrated by a simple 
three-variable polynomial model that retains the qual- 
itative features of neuronal bursting, the Hindmarsh— 
Rose equations (1984) in Figure 1. The stable (thick 
solid line) and unstable (dotted line) Z-shaped steady 
state curves exchange stability at a Hopf bifurcation and 
a saddle-node bifurcation, and the periodic solutions 
that emerge at the Hopf bifurcation end at a homoclinic 
point. The xy subsystem has a bistable range, with sta- 
ble steady state and limit cycle. During the burst, z is 
approximately constrained to this bistable range, each 
spike increments z, and the period between spikes in- 
creases as the homoclinic point is approached. Between 
bursts, z decreases slowly close to the lower, stable limb 
of the steady-state curve, as x increases until the orbit 
is re-injected into the spiking region. 
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Figure 1. Example of type I burst generation in the three- 
variable (x, y, z) Hindmarsh & Rose (1984) model for neuronal 
oscillations, bursting and chaos. (a) Periodic bursting in the 
fast x variable representing membrane potential; (b) and (c) 
with z scale magnified: Bifurcation diagram for the fast x — y 
subsystem with the slow variable z treated as a bifurcation 
parameter, and the periodic bursting of (a) is overlaid in the 
x —z plane. 





In type II bursting, two slow variables drive the fast 
system across a homoclinic bifurcation, so the spike 
period within the burst decreases and then increases 
parabolically, as the slow variables drive the system 
toward, and away from, the homoclinic point. This is 
illustrated by the parabolic burster R15 of Aplysia. The 
fast system has only a stable periodic limit cycle during 
the burst. 

In type III bursting, as in type I, the fast system is 
bistable, but the burst ends at a saddle node rather than 
a homoclinic bifurcation, and the spike period need not 
increase during the burst. 

Examples of all three types are seen in different 
bursting cells, and many bursting cells show more ex- 
otic, and chaotic, behaviors. An alternative approach is 
to reduce the models to interval maps, and to classify the 
bifurcations of these maps—see Fan & Holden (1993). 

AruN V. HOLDEN 
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See also FitzHugh-Nagumo equation; Hodgkin— 
Huxley equations; Nerve impulses 
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Many characteristic quantities for chaotic systems, 
such as Lyapunov exponents, correlation functions, or 
fractal dimensions, are defined as averages over the 
invariant measure (defined as a probability distribution 
on the phase space). For most chaotic systems, this 
measure is difficult to represent analytically, so it 
has to be approximated experimentally or numerically 
by averages over long trajectories. The periodic orbit 
theory rests on the idea that periodic orbits provide 
a skeleton that allows approximation of the invariant 
measure and that, therefore, ergodic averages can 
be determined from suitably weighted averages over 
periodic orbits. It combines mathematically established 
analytical expressions with well-controlled numerical 
input for highly accurate quantitative information 
about chaotic systems. It provides access to Lyapunov 
exponents, fractal dimensions, escape rates, diffusion 
constants, resonances, or even correlations between 
eigenvalues of quantum systems (Eckmann & Ruelle, 
1985; Artuso et al., 1990; Chaos Focus Issue, 1992). 

In order to motivate the basic expressions and to 
determine the weight of periodic orbits, consider the 
evolution of a density p,(a) at time n under the 
action of a discrete dynamical system, & +1 = F'(a,) 
(Cvitanovi¢ & Eckhardt, 1991). After one time step, the 
density is given by 


Pn+1(@) = fay U(a@, y) pny) (1) 


with the evolution kernel U(x, y). In the deterministic 
map, the points y at time n and x at n+1 are 
connected by a single trajectory, so that U is a 6- 
distribution, U =s5(a—F(y)). In the presence of 
noise, the evolution kernel will be more regular and 
some of the mathematical subtleties that appear when 
dealing with singular operators will disappear. Noise 
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regularization can also be used to define the “natural” 
invariant measure for a dynamical system, the Sinai— 
Ruelle—Bowen measure, as the measure obtained in the 
limit of vanishing noise (Eckmann & Ruelle, 1985). For 
an attractor, this invariant measure is the eigenvector to 
the eigenvalue | of the evolution operator. 

Periodic orbits appear when traces of U are 
calculated: the trace requires that a and y coincide, and 
this singles out a periodic orbit. With p the label for the 
different periodic orbits, n, their primitive period (the 
number of iterations need to first return to the starting 
point), and J, = dx(n,) / da (0) the Jacobian after one 
period, the trace for m iterations becomes 


tru" = [econ az) 


=> ae “ 7 d(m—rnp); (2) 
4 24 jdet (I — J})| 





powers of U are defined as multiple mappings so that 
U”™ is the evolution operator after m time steps. The 
first sum extends over the primitive, nonrepeated orbits 
p and the second over their multiple traversals r. 

The Fredholm determinant for the evolution ope- 
rator U can be related to traces of the evolution operator 
via 





det (1 — zU) = exp(tr In(1 — zU)) (3) 
= oo De eu") = Yaz. 
n=! 1=0 
(4) 


The right-hand side is then an expansion in terms of 
periodic orbits, first through the traces in the exponent 
and then through their contributions to the coefficients 
c; in the final power series. The left-hand side can 
formally be expanded in terms of eigenvalues 4, of 
the operator, det (1 — zF) = [],, (1 — zA,). It vanishes 
whenever z equals the inverse of an eigenvalue. 

The formal manipulations that lead to (4) can 
be made precise in the context of nice hyperbolic 
systems in which periodic orbits are dense (“Axiom 
A’). Simple maps and flows on surfaces of negative 
curvature belong to this class. Then the theory can be 
developed as discussed in Ruelle (1989) and Pollicott 
(2002). In particular, the eigenvalues with sufficiently 
small damping can be given an interpretation as 
experimentally accessible long-lived Ruelle—Pollicott 
resonances. 

For the calculation of averages, the relation between 
the leading eigenvalue and the invariant density is 
important. If the average of a given phase space 
observable A is to be calculated, one can extend 
the transfer operator U to include the observable, 
U=U exp(— qA), and extract the phase space average 
from the variation of the leading, zero zo(q) of the 
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Fredholm determinant with q, 


d 
(A) = aa Inzo(q)}—- (5) 
q qz=0 


The contribution to the trace is atermexp(q )- p A(a@p)) 
with the sum extending over all points P of the orbit 
p: it reflects the sampling of phase space along the 
orbit. 

The dependence of the Fredholm determinant on 
periodic orbits and their properties can be spelled out 
completely, so that it can be written as a product over 
contributions from periodic orbits. For the case of a 
one-dimensional map, we find 


det (1 — zU) = MI (:- tid 


J 
P j=0 \JplJp 


=[[5;'©. (6) 
J 





The ¢; are called dynamical zeta functions in analogy 
to the Riemann zeta function fp (s), which by the Euler 
product representation can be expressed as a product 
over prime numbers, 


oes) = (> ) 
n=1 


The analytic properties of the Fredholm determinant 
determine the decay of the coefficients cj in the power 
series expansion in (4): if the Fredholm determinant 
is analytic then the coefficients fall off faster than 
exponentially (Rugh, 1992). This is particularly useful 
in numerical calculations where highly accurate and 
quickly converging results can be obtained using the 
shortest orbits. 

For continuous flows, the discrete period z”? is 
replaced by the continuous equivalent exp sT,,, and the 
contributions of observables becomes an integral along 
the orbit. 

When the classical evolution operator is replaced 
by the quantum one, a relation between the quantum 
eigenvalues and classical periodic orbits emerges 
(Gutzwiller, 1990). For instance, the semiclassical 
periodic orbit expression for the density of states in 
a chaotic system is 


1 
=[[a-p). @ 
Py 


p(E) = > 8(E — Ej) 





1 sea Tp exp(—ifptr/2) ips (E)/h 
YR Dy ep > 


p rai y/|det(l — JI 


where the symbol ~ indicates the omission of a few 
regularizing terms, and where Sp, and jp are the 


(8) 
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classical action and the Maslov index, respectively. 
This Gutzwiller trace formula is at the heart of many 
developments in the field of quantum chaos. 

Zeta functions for the counting of periodic orbits 
already appear in Smale (1967). The mathematical 
theory was developed prominently by David Ruelle, 
Rufus Bowen, and Yasha Sinai (see Eckmann & 
Ruelle, 1985; Ruelle, 1989; Pollicott, 2002). Practical 
aspects for calculating with periodic orbits are 
discussed by Artuso et al. (1990), by Gaspard 
(1998), and by many contributions to the Chaos 
Focus Issue (1992). Applications of this formalism 
to simple maps and the period-doubling attractor 
are given by Artuso et al. (1990), to diffusion in 
Lorentz gases in Chaos Focus Issue (1992), and 
to the dimension and resonances to the Lorenz 
model in Eckhardt & Ott (1994). The relation to 
quantum mechanics is discussed in Gaspard (1998), 
Gutzwiller (1990), Eckhardt (1993), and the Chaos 
Focus Issue (1992). As demonstrated by Flepp et 
al. (1991), a comparison between periodic orbits 
extracted from experimental data and from a numerical 
model can be used to fine tune and improve the 
model. 

BruNo ECKHARDT 


See also Phase space; Quantum chaos 
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PERIODIC SPECTRAL THEORY 


The direct problem of periodic spectral theory is that of 
constructing the spectral data of certain linear operators 
with periodic coefficients, that is, the determination of 
the spectrum of this operator and of the associated 
eigenfunctions. The inverse problem of periodic 
spectral theory is the problem of the reconstruction of 
such an operator (and thus its coefficients) from given 
spectral data. Although these questions can be asked for 
linear partial differential operators, this article focuses 
on linear ordinary differential operators. 

The history of periodic spectral theory starts 
with the investigations of Sturm and Liouville on 
the eigenvalues of certain differential equations of 
second-order with given boundary conditions, now 
referred to as Sturm—Liouville theory. In 1836-1837, 
Charles Frangois Sturm and Joseph Liouville examined 
independently different aspects of this problem, such as 
the asymptotics of eigenvalues, different comparison 
theorems on the solutions of similar equations with 
different coefficients, and theorems on the zeros of 
eigenfunctions. For the class of equations Sturm and 
Liouville considered, these results imply the existence 
of an infinite sequence of real, increasing eigenvalues, 
and orthogonality of eigenfunctions corresponding to 
different eigenvalues. Although their investigations did 
not as such deal with periodic spectral theory, many of 
their results carry over to this area. 

Consider an ordinary differential operator of ordern, 








n d"-2 
L = qr y + masa t 
+ai( is + go(x) () 
anes ax qo), 
where the coefficients qj(x), j=0,...,n are pe- 


riodic functions of x, sharing a common period: 
qja+T)=4q;(x), J=0,...,m, and qn—1(x)=0. 
They are referred to as potentials. Using this operator 
L, define the differential equation 


Ly = hw. (2) 


The direct periodic spectral problem is the problem 
of (i) determining the set of all 4 ¢C for which this 
differential equation has at least one bounded solution, 
and (ii) for each such A, determining all bounded 
solutions. There are many technical issues to be dealt 
with: which function space do the potentials belong 
to? Which function space does y belong to? These 
issues will be ignored here. Sometimes one restricts 
attention to periodic solutions yr: w(x + T) = (x), or 
antiperiodic solutions w(x + T) =— w(x). These and 
other choices lead to spectra that are subsets of the 
spectrum as obtained without making these choices. 
One approach to solve the direct spectral problem is 
Floquet theory (Amann, 1990). Rewrite Equation (2) as 
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a first-order linear system: 


Y= xe. 0W, X(x+T,r4)=X(x,d) (3) 
with vw = (x). Note that from gp —1(x) =0, it fol- 
lows that tr X(x, A) =0. Thus, the flow determined by 
(3) is volume preserving. Define the monodromy ma- 
trix of this system as M(xo, A) = W(xo + T, x0, A), 
where W(x,x09,4) is a fundamental matrix of (3) 
such that W(xo, x9, 4) is the identity matrix. Thus, 
M(xo,4) is the operator of translating x by T: 
M(x, A) W(x) = W(x + T). Note that w(x) also de- 
pends on x9 and A, but this dependence is sup- 
pressed here. This operation commutes with d/dx, 
since X(x, A) is periodic in x with period T. Thus, (3) 
has a set of solutions (x) which are also eigenvectors 
of M (xo, 4). These solutions are known as Bloch func- 
tions or Floquet functions. If the eigenvalue of M (xo, 2) 
for any Bloch function has magnitude greater than one, 
then this Bloch function is unbounded as x > + 00 or 
x —> — oo. Thus, the spectrum of (3) is the set of all 4 
such that at least one eigenvalue of M (xo, 4) has mag- 
nitude one. This spectrum is independent of the choice 
of xq due to the requirement that the flow is volume 
preserving; that is, tr X(x, A) =0, or gn — 1(x) =0. 

An important class of periodic spectral problems is 
that of self-adjoint operators. These are operators whose 
spectrum is contained on the real line. For self-adjoint 
operators, the spectrum of the periodic spectral problem 
consists of the union of a (possibly infinite) sequence 
of intervals. 

For the sake of explicitness, the remainder of this 
article will discuss the equation (Magnus & Winkler, 
1979) 


ve" +q@)W =a, qa@t+T)=9Qa). 4) 


Note that many of the results stated below are true 
for general classes of periodic spectral problems. 
Depending on the literature source, (4) goes by the 
name of Hill’s equation or (after rescaling) the time- 
independent Schrédinger equation. This equation is 
self-adjoint. Its spectrum is bounded from below. It 
is a collection of intervals such that the length of 
the separating gaps between intervals — 0 as 1 > oo. 
Using Floquet theory, the condition for A to be in the 
spectrum is found to be |trM (xo, 4)| < 2. The endpoints 
of the intervals are given by |trM (xo, 4)| = 2. Because 
(4) is a second-order equation, there are two linearly 
independent Bloch functions. 

The time-independent Schrédinger equation (4) of 
course plays a fundamental role in quantum mechanics. 
In this case, q(x) is the potential of the system, and 
A plays the role of energy. The context of solid state 
physics is especially relevant here, because the potential 
q(x) is periodic. The intervals constituting the spectrum 
are known as allowed (energy) bands and the gaps 
between them as forbidden (energy) bands. 
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The inverse periodic spectral problem for (4) is 
that of the reconstruction of g(x), given a collection 
of spectral data. Various choices are possible for the 
collection of spectral data. In general, the inverse 
problem does not have a unique solution, using the 
knowledge of one spectrum. This can be resolved 
by also providing the eigenfunction. However, now 
the collection of spectral data is unnecessarily large. 
It is sufficient to provide two spectra (corresponding 
to different boundary conditions). Together with the 
known analyticity properties of the eigenfunction (x), 
this determines the potential q(x). This is similar to 
the inverse scattering method where the knowledge 
of the scattering data and the analyticity properties 
of the eigenfunction determine the potential (decaying 
as |x|—> oo) uniquely. A major difference is that in 
the inverse scattering method, the starting point is the 
asymptotic behavior as x > +00. This behavior is 
simple, because it is governed by a differential equation 
with constant coefficients. This is one reason why the 
inverse scattering method is as efficient as it is. In the 
periodic problem, the role of x + +00 is taken over 
by x = xo, but there is no simple asymptotic behavior, 
resulting in a theory which is more technical and less 
explicit (Dubrovin et al., 1976; Novikov et al., 1984). 

This lack of explicitness for solving the inverse 
periodic spectral problem is to some extent resolved 
by the consideration of so-called finite-gap potentials. 
These are potentials for which the number of intervals 
constituting the spectrum, and thus, the number of 
gaps separating these intervals, is finite. The simplest 
nontrivial example is that of the Lamé equation 


Ww" +n(n+ Dox —x)b = Ay. (5) 


Here (9 (x — xc) is the Weierstrass elliptic function, x¢ 
is a fixed complex number, and n is a positive integer. 
In this case, the number of gaps separating the intervals 
in the spectrum is n. 

This classical example is a special case of a 
more recent theory of finite-gap potentials, whose 
development started with the works of Novikov (1974) 
and Lax (1975). They show that the stationary solutions 
of the nth member of the KdV hierarchy are n- 
gap potentials of (4). Here the KdV hierarchy is the 
collection of equations of the form u; = 0x (5 An / du), 
where H, is any conserved quantity of the KdV 
equation, 5H, / du denotes the variational derivative 
of H, with respect to u (See Poisson brackets), and 
indices denote differentiation. It was soon thereafter 
shown that all finite-gap potentials of (4) were of this 
nature. For example, the Lamé potential with n=1 
is a stationary solution of the KdV equation. This 
gives a nonspectral characterization of the finite-gap 
potentials. 

To solve the direct spectral problem with an n-gap 
potential g,(x), one first considers the direct periodic 
spectral problem, as stated above. It is solved using 
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Figure 1. The main spectrum for a three-gap potential (thick 
solid line) and the auxiliary spectrum j11, 42 and 13. 


Floquet theory. The outcome is the main spectrum, 
consisting of n finite intervals and one infinite interval. 
The endpoints of these intervals are labeled 41, 2, 
etc., in increasing order, as shown in Figure 1. At the 
endpoints, only one of the eigenfunctions is bounded. 
These eigenfunctions are periodic with period T or 2T. 
There are an infinite number of isolated eigenvalues 
inside the interval of infinite length for which there 
are two bounded, periodic eigenfunctions. Next, one 
considers the Dirichlet problem 
=<" + any = A, e 
vo) =0, Wa0+T) = 0. 
The spectrum of this problem is referred to as the 
auxiliary spectrum. It is discrete, and its points 14; (x0), 
k=1,2,... depend on xg. All but n of its points 
lie inside the infinite interval of the main spectrum. 
Each remaining point lies in a different gap of the 
main spectrum. This is illustrated in Figure 1. The 
information contained in the main and auxiliary spectra 
determines the eigenfunction yf (x): it is ameromorphic 
function in the finite A plane with zeros at A = x(x) 
and poles at A = wz (x) = Lk (X0)|x9 =x (Dubrovin et al., 
1976; Novikov et al., 1984). 
Using the main and auxiliary spectra, the inverse 
periodic spectral problem is solved by (Novikov et al., 
1984) 


2n+1 n 


qn(x) = D> AG—2) > Hj). 1) 
pat 7=4. 


This is the first of the so-called trace formulae. Other 
trace formulae give relationships between the potential 
n(x) and its derivatives and the main and auxiliary 
spectra. 

The proposed solution of the inverse periodic 
spectral problem for finite-gap potentials is not 
effective. It requires the solution of the direct spectral 
problem for all xo in a period of the potential in 
order to obtain the auxiliary spectrum as a function 
of xg. It is possible to avoid this by determining 
U(x), k= 1,..., 2 asasolution of a set of differential 
equations (Novikov et al., 1984) 








du; #2iV TTT 
— 7 j=l,...,n. (8) 
dxo Meg i — pk) 


The choice of sign gives the direction in which jz ; (xo) 
is going in between its two endpoints. 

Another approach, which solves system (8), is 
the use of abelian functions and Riemann surfaces 
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(Dubrovin, 1981; Belokolos, et al., 1994). An abelian 
function of n variables is a 2n-periodic function. As 
such, abelian functions generalize elliptic functions 
to more than one variable. All abelian functions are 
expressible as ratios of homogeneous polynomials of 
Riemann’s theta function. All finite-gap potentials of 
(4) are abelian functions. For example, the Lamé 
potentials in (5) are elliptic functions, which are special 
cases of abelian functions. 

In the context of this method, the Bloch function 
(x) = ¢; (*) is often referred to as the Baker-Akhiezer 
function. One of the major results of the theory is the 
realization that the two Bloch or Baker—Akhiezer func- 
tions, regarded as a function of arbitrary complex A, are 
distinct branches of one single-valued Baker-Akhiezer 
function, defined on a two-sheeted Riemann surface 
covering the complex A plane (Krichever, 1989). This 
Riemann surface is already apparent in (8). It is 


2n+1 
7 = []a-Av), (9) 
k=1 
which defines 7) as a double-valued function of A. This 
surface has genus n. It is obtained from Figure 1 by 
choosing the intervals of the main spectrum as branch 
cuts and gluing the two resulting sheets together along 
these cuts. This Riemann surface defines a theta func- 
tion 6(z1, ..., Zn|B) through its normalized period (or 
Riemann) matrix B. In terms of this theta function 


da 
gwo= ¢-275 Ind(kix+@,...,knX +Q,|B). 
(10) 


The wave numbers ki, ..., k, are determined as inte- 
grals of certain differentials on the Riemann surface (9) 
with a pole singularity at 4 = oo. The phase constants 
Y1,---+,Qn are determined by the Riemann constants 
on (9) and the Abel transform. The constant c is de- 
termined by a differential on (9) with a double pole 
singularity at A = oo. Thus, (10) gives an explicit form 
for all finite-gap potentials of (4), providing a complete 
solution of the inverse periodic spectral problem. 
Some remarks: 


(i) The emphasis on finite-gap potentials is 
justified in the sense that any T-periodic function is 
approximated arbitrarily well by an infinite sequence 
of finite-gap potentials with period T and increasing 
number of gaps (Dubrovin, 1981). 

(ii) The periodic spectral problem (4) is the first 
half of the Lax pair for the Korteweg—de Vries (KdV) 
equation. As such, it allows the solution of the KdV 
equation with periodic initial data. The full solution of 
this problem requires the solution of both the direct and 
the inverse periodic spectral problems. The schematics 
is identical to that of the inverse scattering method. 
First, the initial condition u(x,t =0) = U(x) is used 
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as a potential in (4) to solve the direct periodic spectral 
problem. This results in the main and auxiliary spectra. 
The time evolution of these spectra is implied from 
the second half of the Lax pair: the main spectrum is 
independent of time, whereas the auxiliary spectrum 
evolves according to differential equations similar to 
(8). The spectral data for any time is used to solve 
the inverse periodic spectral problem of (4). This gives 
the solution u(x,t) of the KdV equation such that 
u(x, t)|,-0 = U(x) (Novikov et al., 1984). 

(iii) The spectral theory for the time-dependent 
Schrédinger equation is intimately connected to the 
initial-value problem for the Kadomtsev—Petviashvili 
equation. A solution of the inverse periodic spectral 
problem using Riemann’s theta function and Riemann 
surfaces also exists here. However, here there are 
no restrictions on the form of Riemann surfaces 
that appear: all compact, connected Riemann surfaces 
arise. Hence, the periodic spectral theory of the 
time-dependent Schrédinger equation has important 
consequences for the theory of Riemann surfaces. It 
has provided, for instance, a solution to the Schottky 
problem, which was posed in 1903 (Novikov et al., 
1984; Dubrovin, 1981). 

(iv)The equation 

dy 
— + (a — 2k cos(2x))y = 0 (11) 
dx? 


is Mathieu’s equation. It arises from the three- 
dimensional Helmholtz equation by separation of 
variables using elliptical coordinates. It is a special 
case of (4), using a trigonometric potential. One is only 
interested in period solutions, resulting in a discrete 
subset of the main spectrum. The periodic solutions of 
this equation are referred to as Mathieu functions. 
BERNARD DECONINCK 


See also Inverse scattering method or transform; 
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Vries equation; Theta functions 
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PERMANENT WAVE 


See Wave of translation 


PERTURBATION THEORY 


A limited number of nonlinear partial differential 
equations (PDEs) can be solved analytically for 
arbitrary initial conditions. Specific applications often 
lead to nonlinear PDEs that do not fall into the category 
that can be solved by means of the inverse scattering 
theory, Backlund transformations, or Hirota’s bilinear 
method (Dodd et al., 1984). Examples of such PDEs 
with physical relevance include soliton equations 
with added perturbative terms describing energy 
gain and losses, where the original unperturbed 
problem is energy-conserving and hence Hamiltonian. 
Other problems involve nonconservative PDEs, such 
as nerve fibers and other reaction-diffusion type 
equations in general. In fluid mechanics, boundary 
layers possess a special challenge with singular 
perturbations requiring matching solutions close to 
a boundary and solutions far from a boundary 
layer. Perturbations can be additive or parame- 
tric (multiplicative), and they can be localized, 
periodic, quasi-periodic, or random, depending on the 
nature of the problem to be solved. In the case of a PDE 
that cannot be solved analytically, we resort to appro- 
ximate analytical solutions or direct numerical ana- 
lysis. The approximate solutions can be determined by 
various perturbation techniques. For soliton equations 
one procedure is to calculate the variation of the 
spectral data in the inverse scattering method due 
to external perturbations (Karpmann, 1979; Kivshar, 
& Malomed, 1989). Another method introduces slow 
variation of the parameters entering the soliton solution. 
Variants of the latter idea include multiple scales, 
energy methods, and the Lindsted—Poincaré technique. 
Here we shall illustrate the multiscale method applied 
to a perturbed nonlinear Schrédinger (NLS) equation. 
The method follows the ideas in Kaup (1990) with an 
extension presented in Nguyen et al. (1995). A general 
perturbed NLS equation is 
du a? 


jo Eb atu tu = e R(t, u) (1) 
at ax? 7 as 


PERTURBATION THEORY 


The complex function u=u(x,t) depends on the 
spatial coordinate x and time ft. The absolute value of the 
perturbation parameter ¢ is assumed to be much smaller 
than unity, and we expect that the perturbation ¢ R on the 
right-hand side only slightly modifies soliton solutions 
of the pure NLS equation. We introduce multiple scales 


of the time variable according to 
To=t, Ti =€t. (2) 


In the simplest case, we treat the single soliton solution 
and invoke the solution ansatz 


u = qexp(ig(O — Oo) + i(o — 90)), (3) 
nsech(n(© — ©o)), 
where © = x —2X(To, 7)). (4) 


RA 
ll 


The functions X and o are defined by 0X/d7)= 
— 2&(T;) and o = (n?(T,) +€2(T,)) Tp. To proceed, we 
expand g according to g =qo + €(@ + i) and insert 
into Equation (1), finding 





n”)qo = 0, (5) 
1)¢=RelF], (6) 
-)v =In[F]. (7) 


Lqo = (dee 246 
M¢ = (doo + 645 
Lv = (800 + 246 











Here, go is assumed to be real, and F is a lengthy 
complex expression, omitted for brevity. Re[F'] and 
Im[F] denote the real and imaginary parts of F, 
respectively. First a solution for go is obtained and the 
next step is to solve the inhomogeneous Equations (6) 
and (7). In solving these, we shall invoke Fredholm’s 
solvability condition, which states that the null spaces 
of the operators M and L are orthogonal to the right- 
hand sides Re[F] and Im[F'], respectively. The null 
space of an operator L is the space spanned by the 
solutions of L+z(@)=0, where L* is the adjoint 
operator of L. This condition guarantees a solution 
without secular terms and provides evolution equations 
for the slowly varying parameters of the form 


0& = 9q0 

“| per} ae 8 
isn p el RIS 40, (8) 
a =[4 [Rigo d® (9) 
aT, oe mA }qo de. 


Fora given perturbation R, we can solve these equations 
for the slowly varying soliton amplitude n and é. 

In the previous discussion, we began with a soliton 
as the zero-order approximation and adjusted its 
parameters to achieve an approximate solution of 
the perturbed soliton equation. In nonlinear diffusion 
equations, solutions emerge from balancing sources 
of energy with diffusion and dissipative effects. The 
perturbation theory outlined above can also be applied 
to such systems. As an example let us consider 


709 


the FitzHugh-Nagumo (FN) model for nerve pulse 
propagation (FitzHugh, 1961): 


GV OV, piece (10) 
ax? at : 

ok Sah (11) 
ot 


where F(V) is the cubic-shaped function V(V — a) 
(V —1). V=V(x,t) is the voltage across the nerve 
cell membrane, and R is a recovery variable. The nerve 
pulse solution is localized in space and propagates by a 
velocity v to be determined from the model equations. 
Instead of using a multiscale approach, we invoke 
the Lindsted—Poincaré technique (Nayfeh, 1973) and 
expand the velocity parameter according to 


v=vot+ evi + O(e7). (12) 


The reason for introducing the above expansion is that 
nonlinearity will alter the propagation velocity. We also 
expand the dependent functions V and R 


V=VoteVi + Ole), (13) 
R= Ro +eR, + Ole”). (14) 


It is important to note that terms increasing to infinity 
for large times f, that is, secular terms in V; and Rj, 
are avoided by using the expansion of the velocity in 
Equation (12). Introducing a traveling wave assumption 
&€ =x — vt in the solution and substituting expressions 
(12)-(14) into the FN equations (10) and (11) and 
ordering terms in power of ¢ leads to 








FM 4240 _ crcva)— Rol =0, (15) 
ia) =0, 
de * OGE 0 0 
ako 6 (16) 
dé 
To order O(€) we have 
Vv, dV; dVo 
LY; = } F'(Vo)Vi=R ; 
a TT (Vo)Vi = Ri-v dé 
(17) 
dR v\ 
genet Sa (18) 
dé v0 


Here it turns out that we can identify “boundary 
layers” for the determination of V and R together 
with appropriate matching. In the limit of ¢ — 0, the 
nerve pulse voltage rises sharply from zero to a plateau 
value of order O(1). The rapid change is equivalent 
to a boundary layer in fluid dynamics. Similarly a 
sharp decrease of the pulse appears at its rear end 
followed by a slow recovery interval due to a fading R. 
Matching of the solutions can be done in each region. 
The correction term v, in the expansion of the velocity 
is determined from Fredholm’s solvability condition of 
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Equation (17). That is, the null space of the operator L 
should be orthogonal to the right-hand side of (17). This 
is equivalent to the requirement for the NLS equation 
in the previous section. For a < 4 the traveling wave 
velocity uo of the leading edge is vo = (1 — 2a) / /2 
and the first-order correction becomes 


Tess [ie Vo§’) dg'| (dVo/dé)e%® dé 
v9 [°° (dVo/dé)2e%8 dé 


As we have used a traveling wave ansatz, the obtained 
solution for Vo may not be stable. However, a closer 
analysis reveals that stable traveling wave solutions 
exist (Scott, 2003). Random perturbations make up 
a set of conceptually different problems that may be 
treated by methods of stochastic differential equations 
and statistics. For soliton equations, studies have 
been performed on random parameters modeling the 
stochastic variation of various physical properties, such 
as geometry or material. The influence of thermal noise 
and incoherence of amplitude and phase modulations of 
input pulses are other important examples (Abdullaev, 
1994; Abdullaev et al., 2001). 





(19) 


YUu= 


Maps PETER SORENSEN 


See also Averaging methods; FitzHugh-Nagumo 
equation; Fredholm theorem; Korteweg-de Vries 
equation; Multisoliton perturbation theory 
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PHASE DYNAMICS 

Phase as a physical term is most commonly used in 
reference to oscillatory processes. The concept of phase 
dynamics is particularly relevant to self-sustained or 


PHASE DYNAMICS 


limit-cycle oscillations. The orbital shape of a limit 
cycle is more or less rigid against perturbations, while 
the remaining degree of freedom along the closed orbit 
(the phase) lacks such rigidity. Consequently, when a 
limit-cycle oscillator is slightly perturbed, the resulting 
nontrivial dynamics could well be described in terms 
of the phase alone. This is the intuition behind the 
phase description of a variety of oscillatory phenomena, 
among others biological oscillations (Winfree, 2000). 

Mathematically, limit-cycle oscillations are de- 
scribed with a time-periodic solution of an au- 
tonomous nonlinear ordinary differential equation 
dX /dt= F(X), X € R". Let such a solution with an- 
gular frequency w be given by a 27-periodic function 
Xo(wt + 0) involving an arbitrary phase constant ¢o. 
One may also introduce a phase variable ¢(t) to repre- 
sent this one-parameter family of solutions as 


X()= Xo), = =o. a) 


Suppose the oscillator is slightly perturbed, by which F 
is slightly modified. As the resulting deformation of the 
closed orbit would be negligibly small, the first equation 
in (1) still holds approximately, while the correction to 
the instantaneous frequency d¢/dt, however small it 
may be, would give rise to a large difference in @ in the 
long run and hence is indispensable. 

Further, suppose that the perturbation represents the 
influence from another oscillator with state vector X’ 
coupled weakly to the first one. If these oscillators are 
identical in nature, one may also use the approximation 
X'(t) = X0(¢’(t)) for the second oscillator, so that the 
current state of our oscillator pair may well be specified 
only with their phases ¢(t) and $’(t). Therefore, the 
small term to be added to the phase equation in (1) 
should generally be given by some function G(¢, ¢’) 
which is 2n-periodic both in ¢@ and ¢’. Due to the 
assumed smallness of G relative to q, it turns out that 
the effect of G over one cycle of oscillation depends 
only on the phase difference ¢ — ¢’. Thus, using a 21- 
periodic function IP, one may obtain 


ae r : Z 
S =o+TG-9) 2) 


and, if we need, a similar equation for the second 
oscillator also. The function can be computed in 
principle with the knowledge of the original dynamical- 
system model. Note, however, that the formula for 
requires an extension of the definition of phase slightly 
outside the limit-cycle orbit (Kuramoto, 1984a). 

The above equation may readily be extended 
to larger assemblies of weakly coupled oscillators. 
Furthermore, the oscillators may be slightly dissimilar, 
with their effect appearing only through a small 
difference in natural frequency w. Thus, for such an 
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assembly of N oscillators, we generally have 


d¢ wy 
det LTH 9) i=1,2,...,N. () 


This is called the phase oscillator model which is 
extremely useful for the study of complex collective 
behavior of large assemblies of coupled oscillators 
appearing in large varieties of fields ranging from 
physics to brain science (Pikovsky et al., 2001). 

Phase dynamics are also useful when the oscillators 
constitute a continuous field. As a representative class 
of such continua, we will focus on oscillatory reaction- 
diffusion systems given by 


ax a) 
a = FOO + BV X, (4) 
where X(r,t) represents a space—time-dependent 
composition vector of dimension n and Disa diagonal 
matrix of n diffusion constants. If the spatial variation 
of X is of long wavelength, the diffusion term can 
be regarded as a small perturbation driving each local 
oscillator, so that the previous idea of phase dynamics 
should work. The approximation X (r, t) = Xo(@(r, t)) 
would again be valid at each spatial point. Its 
application to the diffusion term produces terms 
proportional to V2@ and (V@)*. According to a 
systematic perturbation theory, such terms actually 
appear in the phase equation. Specifically, we obtain 
a nonlinear phase diffusion equation 

- =o0tvV°$+ Wve)? (5) 
to the nontrivial lowest order approximation with 
respect to the smallness in the spatial gradient of 
@, where positive v has been assumed. If v is 
negative, the uniform oscillation is unstable. For 
small negative v, the idea of phase dynamics still 
works. Then (5) is modified to give an equation 
equivalent to the Kuramoto—Sivashinsky equation, 
whose solution describes spatiotemporal chaos called 
phase turbulence. 

In a more general context, phase is a degree 
of freedom appearing when a certain continuous 
symmetry of the system has been broken spontaneously 
(Mori & Kuramoto, 1998). For instance, the phase 
of a limit-cycle oscillator reflects the fact that the 
oscillation breaks the invariance of the governing 
evolution equation (assumed autonomous) with respect 
to temporal translations t > t+. Such symmetry- 
breaking solutions, not restricted to time-periodic 
solutions, generally involve an arbitrary phase constant, 
thus forming an infinite family recovering as a whole 
the original symmetry. This also means that phase 
has no prescribed value to which it is bound to 
relax or, equivalently, phase represents a neutrally 
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stable dynamical variable. When the system is 
weakly perturbed, such neutrality is slightly violated 
causing the phase to evolve slowly, possibly apart 
from a constant drift. In contrast, all the other 
degrees of freedom will damp quickly, thus following 
adiabatically the slow motion of the phase. This 
explains why the phase so often dominates the pattern 
dynamics in nonlinear dissipative systems. 

The general argument given above implies that 
the applicability of phase dynamics is by no means 
restricted to oscillatory systems. Two important non- 
oscillatory applications of phase dynamics, again in 
reference to reaction-diffusion systems with large 
spatial extension, will be touched upon next. 

Reaction-diffusion systems may develop a spatially 
periodic static pattern out of a uniform state through 
the Turing instability, by which the spatial translational 
symmetry has been broken. When the local phase of the 
periodic pattern is subject to a large-scale spatial mod- 
ulation, phase dynamics is applicable and describes the 
pattern dynamics through a slow evolution of the phase 
(Kuramoto, 1984b). For instance, the transient dynam- 
ics of recovery of a regular pattern can be described 
with a simple phase-diffusion equation. 

Another important class of symmetry-breaking 
patterns arising in reaction-diffusion systems is 
localized structures such as moving domain boundaries 
and solitary pulses. In these cases, phase corresponds 
to the location of a moving front. For a planar front, 
the phase forms a uniform field advancing at a constant 
speed. When the planar front is deformed slightly in 
large spatial scale, the phase becomes slightly non- 
uniform and starts to evolve slowly. Itis concluded from 
a systematic theory of phase dynamics that when the 
planar front is stable, the equation for the phase takes the 
same form as (5) with V being replaced with a gradient 
of reduced dimension (Kuramoto, 1984a). A planar 
front that is weakly unstable due to small negative v 
leads to phase turbulence described essentially by the 
Kuramoto—Sivashinsky equation. 

YosHI KURAMOTO 
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PHASE LOCKING 


See Coupled oscillators 


PHASE MATCHING 


See Nonlinear optics 


PHASE PLANE 


The term phase plane, naturally enough, refers to the 
phase space of a two-dimensional dynamical system. 
The term is worthy of consideration in its own right 
because of the various special techniques that exist 
for the analysis of two-dimensional continuous-time 
dynamical systems (i.e., flows). 

As an example, consider the two-dimensional flow 
induced by the following differential equations: 


Hy = x1 (22), 
x2 = x2 (41-1). 


qd) 


Each of these equations specifies one component of a 
two-dimensional vectorfield on the plane, tangent at 
each point to the induced flow. Equations (1) were 
first employed by Alfred Lotka (1920) to describe a 
hypothetical bimolecular chemical reaction capable of 
sustained oscillations, assuming mass action kinetics. 
At about the same time and independently, Vito Volterra 
(1926) made use of the same equations to model the 
interaction of biological predator and prey populations. 
In Equations (1), x; denotes the density of the prey 
species and x2 that of the predator. Figure 1a shows 
the relevant (positive) quadrant of the phase plane of 
Equations (1). 

The most important aspects of the dynamics of 
smooth flows are determined by their a- and w-limit 
sets. The former are those sets approached by an orbit 
as t > — 00; the latter, those approached as t > + 00. 
In smooth planar flows, these limit sets are of only 
three types: singular points (or equilibria), closed (or 
periodic) orbits, and homo- and heteroclinic chains. 
The last are made up of singular points together 
with bounded orbits, each of which has one singular 
point as qa-limit and another (possibly identical) 
singular point as w-limit. It should be noted that 
more complex behaviors such as quasi-periodicity and 
chaotic dynamics are not possible in two-dimensional 
flows. 

Singular points are determined as the solutions of a 
system of two algebraic equations and classified, on the 
basis of linear stability analysis, into six types: stable 
and unstable nodes, stable and unstable foci, centers, 
and saddles. Useful information about the simultaneous 
existence of singular points and closed orbits can be 
obtained from consideration of the Poincaré index, 
an integer associated with each singular point (See 
Winding numbers and Andronov et al., 1966). For 
example, the Poincaré index can be used to show 
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Figure 1. (a) Phase plane of the Lotka—Volterra equations (1). 
Representative orbits are shown as solid lines; the direction of 
flow is indicated by arrows. The isoclines are shown using dashed 
lines. The positive quadrant is filled with a family of closed orbits, 
corresponding to the fact that equations (1) are Hamiltonian. 
(b) Diagram showing a generic isocline analysis: many 
qualitative features of the dynamics are made plain. The isoclines 
show the loci where the vectorfield is horizontal or vertical. 
Intersections of the isoclines occur at singular points. From left 
to right, the three singular points are evidently of focus, saddle, 
and stable node types. It is not clear from the isocline analysis 
alone whether the focus is stable or unstable. 


that every closed orbit encircles at least one singular 
point. 

The method of isoclines is frequently invaluable in 
deriving qualitative information about the dynamics of 
a given smooth flow. An isocline is the locus where 
one of the vector field components vanishes. The 
two isoclines together split the phase plane into four 
divisions: within each such division each vector field 
component has a uniform sign. Figure 1b depicts a 
typical isocline analysis. 

Closed orbits which attract or repel nearby orbits 
are called limit cycles. Systems possessing stable 
limit cycles are said to exhibit auto-oscillations. The 
method of Liénard can be used to demonstrate the 
existence of limit cycles in certain systems (Hartman, 
2002). Sometimes, a limit cycle can also be found 


PHASE PLANE 








\Ve 

a <Y 

a ea 
eee 

Poe Nes 
Reais 














ae Bz 
fZ 


Figure 2. Determining a heteroclinic connection by shooting. 
Adjusting a parameter (in this case the wave speed c) causes the 
unstable manifold of the rightmost saddle point to move. For 
small positive values of c, one branch of the unstable manifold 
crosses the negative v-axis, never to return (a). At larger values of 
c, itis drawn into the stable focus point at u = a, v = 0 (c). There 
is precisely one intermediate value c=c* for which a branch 
of the unstable manifold of the rightmost saddle coincides with 
a branch of the stable manifold of the leftmost saddle, i.e., for 
which there is a heteroclinic connection (the emboldened orbit 
in b). 
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by association with a Hopf bifurcation (Arnol’d, 
1973; Hale & Kogak, 1991). The Poincaré—Bendixson 
theorem can also be used to demonstrate the existence 
of limit cycles. It states that any non-empty compact a- 
or w-limit set of a smooth planar flow which does not 
contain a singular point is a closed orbit. 

Homo- and heteroclinic chains are, in general, 
more difficult to determine than equilibria. So-called 
shooting methods may sometimes be used to prove the 
existence of homoclinic or heteroclinic connections. 
For example, consider the following planar system, 
which arises as the traveling wave reduction of the 
Zeldovich—Frank-Kamenetsky equation 


1 8s 
vo = utu—a)(u—-1)—-cv. 2) 
Here, the parameter c is a wave speed (See Wave 
of translation), and we assume (without loss of 
generality) that 0<a< o It is readily seen that there 
are precisely three singular points (at u =0, a, 1 and 
v=); the first and third are saddles; the intermediate 
is of focal type (see Figure 2). If we seek a rightward 
moving wave (c > 0), this focus is stable. For small 
values of c, the lower branch of the rightmost saddle’s 
unstable manifold crosses the negative v-axis, where 
as for sufficiently large values of c, it crosses the 
positive u-axis before winding about the stable focus. 
It follows that there is an intermediate wave speed c* 
for which a heteroclinic connection exists. It should 
be noted that this shooting argument depends on 
the fact that deleting a point from an interval in 
two-dimensional space topologically disconnects the 
interval. Shooting methods become more complicated 
in higher dimensions (see, e.g., Dunbar, 1984). 
Aaron A. KING 


See also Bifurcations; Chaotic dynamics; Chemi- 
cal kinetics; Dynamical systems; Hamiltonian sys- 
tems; Hopf bifurcation; Phase space; Poincaré 
theorems; Population dynamics; Wave of transla- 
tion; Zeldovich-Frank-Kamenetsky equation 
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PHASE SPACE 


The equations of motion of a mechanical system 
are usually of second order, and they determine the 
entire future from the initial state, which consists 
of both positions and velocities. The space of all 
states is called the phase space. For the mathematical 
pendulum (a point mass in the plane at one end 
of a massless rod whose other end is fixed), the 
configuration space is a circle, at each point of which 
one can choose any tangent vector as the velocity. 
Therefore, the phase space is a circle with a line 
attached to each point, that is, a cylinder. The pendulum 
equation for the position x and velocity v, ¥ + sinx =0 
converts to (x,v)=(v, — sinx), so the dynamics 
is described by integral curves of the vector field 
R(x, v) =(v, — sinx) on the cylinder. 

That the notion of phase space is natural is also sug- 
gested by the Liouville theorem: the skew-symmetry of 
the Hamilton equation makes the Hamiltonian vector 
field divergence-free, and accordingly, a Hamiltonian 
flow preserves the volume on phase space. 

Generally, a dynamical system consists of a phase 
space and a time-evolution of first order. The phase 
space is a set with some structure, such as differentiable 
(in the case of differential equations, this belongs 
to smooth dynamics), topological (one then speaks 
of topological dynamics), or measurable (this is the 
subject of ergodic theory, which arose from the 
Liouville theorem), and the time evolution is a one- 
parameter family of transformations that preserve this 
structure and that map initial states to states at another 
time. The time parameter may run through real numbers 
(continuous-time system) or integers (discrete-time 
system, iterations of a map and possibly its inverse). 
Specifically, a continuous-time system is given by a 
family (f");ex of maps. If f*(f*(x)) = f!*5 (a) for 
every s,t,x, then we say that this family is a flow. 
In the discrete-time case, one considers the iterates 
(f")nez, where f(x) =x, f"* Ma) = f(f"()) for 
n> 0,and f"(x) =(f ~!)"(x) forn <0, or if the map 
is not invertible, only positive iterates (f”)nen. The 
maps fa(x)=ax(1—x) are a popular example of the 
latter (the so-called logistic map). 

The long-term behavior of flows in the plane 
is well understood (See Phase plane): In the 
long run, any orbit either approaches fixed points 
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or is asymptotically periodic (Poincaré—Bendixson 
theorem). This is ultimately due to the fact that a 
closed curve, such as a periodic orbit, divides the plane 
into separate regions. Already in three-space, one gets 
chaotic behavior, such as in the Lorenz attractor. 


Qualitative Theory of Differential Equations 
and Dynamical Systems 


On the phase space of a smooth continuous-time 
dynamical system, the time evolution is given by a 
first-order differential equation x = R(x, t). Suppose 
the right-hand side R satisfies a Lipschitz condition 
in x. This means that there is a constant M such 
that d(R(x, t), R(x’, t)) < Md(x, x’) for all x, x’. The 
basic Picard theorem then guarantees existence and 
uniqueness of solutions for any initial condition. 
Otherwise solutions may not be unique (x = </x has 
infinitely many solutions with initial value 0) or may 
not exist for any uniform amount of time (the solutions 
of « =x? have singularities). 

If solutions x(t) exist for all time, as we henceforth 
assume, they define time-t-maps by f‘(x(0)) =x(t). 
Each map f*‘ is as smooth as the right-hand side R of 
the differential equation (smooth dependence on initial 
conditions). 

If R is independent of t, then the differential equation 
is said to be “autonomous,” and R gives a vector field 
on the phase space that prescribes the velocity vectors 
of solutions. The family of time-t-maps is then a flow. 
The iterates of the time-l-map of a flow produce a 
discrete-time dynamical system whose study may yield 
useful information about the flow. If R depends on f, 
the system is said to be non-autonomous. Explicit time 
dependence can, for example, arise from forcing terms 
(forced pendulum X¥ + sin x = sin wf) or from varying 
parameters (driving of a swing by parametric forcing, 
¥+ p(t) sinx =0). 

An “orbit” or trajectory of a continuous-time system 
is a parametrized curve (f‘(x))+eR. An orbit or 
trajectory of a map consists of the sequence of images 
of a point under iteration of the map: (f"(x))n ez. 

A singular point of a differential equation 
x = R(x, t) is a point x for which the right-hand side 
is zero for all ¢, that is, an equilibrium, or constant 
solution, or fixed point. Fixed points of a map f are 
those points x for which f(x) =x. A periodic point is a 
state that repeats at some positive time. For differential 
equations, this corresponds to solutions that are peri- 
odic functions of time; for maps, these are fixed points 
of an iterate. For the flow on the cylinder generated by 
xX + sin x =0, all but four orbits are periodic; the point 
(5+ J5)/8 is two-periodic for the map 4x(1— x). 

Fixed and periodic points can be anchors for the 
study of the global orbit structure, and therefore, it is 
important to understand the behavior of nearby orbits. 
A fixed point is said to be attracting if orbits of nearby 


The Georgia Guidestones, sometimes referred to as the "American Stonehenge," is a 
granite monument erected in Elbert County, Ga., in 1979, The stones are engraved in eight 
languages — English, Spanish, Swahili, Hindi, Hebrew, Arabic, Chinese and Russian — 
each relaying 10 "new" commandments for "an Age of Reason.” The stones also line up 
with certain astronomical features @conspiracystory 


Though the monument contains no encrypted messages, its purpose and origin ramain 
shrouded in mystery. They were cammissioned by a man who has yel to be properly 
identified, who went by the pseudonym of A.C, Christian 


Of the 10 commandments, the first one is perhaps the mast controversial: "Maintain 
humanity under S00. 000,004) in perpetual balance with nature.” Many havetaken ii to be a 
license to cull the human population down to the specified number, and critics of the 
stones have called for-them to be destroyed. Some conspiracy theansts-even believe they 
may have been designed by a “Lucifenan secret society” calling for a new world orcer. 
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Figure 1. Stable and unstable manifold of a hyperbolic fixed 
point. 


points stay nearby (Poisson stability) and converge to 
it for large positive time (asymptotic stability). (The 
example of a circle map like this © with a fixed point 
at the top illustrates that the second condition does not 
imply the first.) This is the case if the differential of 
the map (or time-1-map in the case of a flow) at that 
point has only eigenvalues of absolute value less than 
1. If all eigenvalues have absolute value greater than 
1 then the point is repelling: There is a neighborhood 
which every other point leaves in positive time. The 
map f2(x) =2x(1 — x) has 0 and 5 as fixed points. 0 is 
repelling and z is attracting. In fact, 5 is superattracting: 
iG) =0 and orbits near 4 approach 4 faster than 
exponentially. 

If eigenvalues of the differential are allowed to lie 
both inside the unit circle and outside it but not on it, 
then the fixed point is said to be “hyperbolic.” In this 
case the Hartman—Grobman theorem states that there is 
a continuous coordinate change that maps orbits near 
the fixed point to orbits of the linearized map. Moreover, 
tangent to the contracting and expanding subspaces 
of the linearization, there are the stable and unstable 
manifold of points positively and negatively asymptotic 
to the fixed point, respectively. These are smooth 
subspaces without self-intersections, but they may be 
packed into the phase space in a complicated way. 

For periodic points of maps, the analysis of stability 
can be carried out by studying the appropriate iterate; 
for a flow, one likewise studies Poincaré return maps as 
follows. Take a small hypersurface through the periodic 
point transverse (for example, orthogonal) to the flow. 
The orbit of every point sufficiently near the periodic 
point returns to this surface at a time close to the period, 
and this defines a map from a neighborhood of the 
periodic point in the hypersurface into the hypersurface, 
with the original periodic point as a fixed point. 

If, for example, a periodic orbit is an attracting fixed 
point for the return map, then it is a limit cycle: All 
nearby orbits are asymptotic to it. For the mathematical 
pendulum from the introduction, the circle {v= 0} is a 
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Figure 2. A section. 








Figure 3. Two attracting points. 


section of the cylinder, and the return map is defined 
for all of its points. It has two fixed points, and all other 
points are two-periodic. 

A property complementary to stability of a fixed or 
periodic point as defined in terms of the behavior of 
nearby orbits (i.e., perturbations of the initial condition) 
is that of stability under perturbations of the dynamical 
system. An easy way to guarantee this is transversality, 
which is weaker than hyperbolicity: A fixed point 
x = f(x) is said to be transverse if the derivative of f 
at x does not have 1 as an eigenvalue. (This implies that 
there are no other fixed points nearby.) In this case, any 
C!-perturbation of f (i.e., one that changes derivatives 
only a little) also has a (transverse) fixed point near x. 
The origin is a nontransverse fixed point of x(1— x), 
and indeed, it is absent for x(1 — x) + e with e <0. The 
creation of two (hyperbolic) fixed points as ¢ changes 
from negative to positive is a basic local bifurcation. 
For differential equations, transversality corresponds 
to invertibility of the differential of the right-hand side. 

An “invariant set” is a union of orbits; for example, 
(0, 1] is invariant under 4x(1 — x). It is a repeller if it 
has a neighborhood in which only orbits of points in the 
invariant set stay for all positive time. It is an “attractor” 
if there is a neighborhood that is mapped into itself and 
the intersection of whose positive-time iterates is the 
invariant set. (Usually, one also requires that there is no 
proper subset with the same property. Thus, Figure 3 
shows two attracting fixed points, and the interval with 
these as endpoints is not considered an attractor.) 

The “basin of attraction” is the set of points that are 
asymptotic to the attractor. For example, the interval 
(0, 1) is the basin of attraction of . for the map 
2x(1—~x). 


716 








Figure 4. The Birkhoff—Smale theorem. 


If two hyperbolic fixed points (saddles) in the 
plane are connected by a curve segment that lies 
in the unstable manifold of one of them and in the 
unstable manifold of the other, then this segment is 
called a “‘separatrix” (because it often separates two 
basins of attraction). More generally, the intersection 
of the stable manifold of one hyperbolic point 
with the unstable manifold of another is called a 
“heteroclinic intersection,” and the orbit of every 
intersection point is called a “heteroclinic orbit.” 
If the two fixed points coincide then one uses the 
terms “homoclinic intersection” and homoclinic orbit 
instead. The Birkhoff-Smale theorem asserts that if 
a homoclinic intersection is transverse (or if there 
is a pair of transverse heteroclinic intersections, that 
is, two hyperbolic points such that the unstable 
manifold of each of them intersects the stable 
manifold of the other point transversely), then 
there is a “horseshoe,” that is, a rectangle that 
(under an iterate) gets mapped across itself in a 
horseshoe-like fashion as illustrated in Figure 4 
and in Anosov and Axiom-A systems. This implies 
directly that there is an invariant Cantor set on 
which the dynamical system exhibits deterministic 
chaos. 

There are several ingredients that make up chaotic 
behavior. One of these is recurrence. There are several 
recurrence properties. A point is said to be recurrent if it 
returns arbitrarily near to its initial condition. For arigid 
rotation of a circle by an irrational number of degrees, 
all points have this property. By contrast, a point is said 
to be transient or wandering if it has a neighborhood 
all of whose images are pairwise disjoint. For the 
circle map © with a fixed point on top, all nonfixed 
points are wandering. The set of nonwandering points 
is called the nonwandering set. Nonwandering orbits 
can be closed by a localized C! perturbation of the 
map (Pugh closing lemma). A dynamical system is 
said to be “topologically transitive” if it has a dense 
orbit and “minimal” if every orbit is dense. Irrational 
circle rotations have both properties. Minimality does 
not reflect chaotic behavior. Existence of a dense 
orbit is equivalent to the condition that for any two 
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open sets there are arbitrarily large times at which 
the image of one of these sets overlaps the other. 
A strengthening of this property is that such overlap 
occurs for all sufficiently large times; this is called 
topological mixing and implies sensitive dependence 
on initial conditions. Following Devaney, one can say 
that a dynamical system is chaotic if it is topologically 
transitive and the set of periodic points is dense. This 
also implies sensitive dependence. A condition stronger 
than sensitive dependence is “expansivity”: There is 
a universal positive constant by which the images 
of any two points, no matter how close initially, are 
separated at some time. The cat map and horseshoes 
are good examples of dynamical systems with these 
properties. 

The Poincaré return map is not the only construction 
that produces a new dynamical system with a different 
phase space. Another straightforward one is the product 
of two dynamical systems. For example, the flow 
of rotations of the unit circle given by x} =a cost, 
x2=asint can be combined with a similar flow 
y, =@cost, y2=qsint to a flow on the two-torus 
in R* defined by all four equations. (Note that the 
plane defined by y; = yz =0 is a section on which the 
return map is a time-27/w-map of the first flow.) If 
one projects this to the x; y;-plane, one gets Lissajous 
figures. In some applications, these readily show 
whether modes in weakly nonlinear oscillators are 
locked together. 

Borts HASSELBLATT 


See also Anosov and Axiom-A systems; Attractors; 
Cat map; Hamiltonian systems; Horseshoes and 
hyperbolicity in dynamical systems; Maps; Phase 
plane; Poincaré theorems; Population dynamics; 
Stability 
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PHASE-SPACE DIFFUSION AND 
CORRELATIONS 

For problems concerned with particle acceleration and 
heating, which can be described in two degrees of free- 
dom, surfaces of section in a two-dimensional phase 
space are usually appropriate for representing the mo- 
tion (Lichtenberg & Lieberman, 1991, Chapter. 3). 
For periodically driven systems, a mapping represen- 
tation is often convenient to describe the motion (See 
Fermi acceleration and Fermi map; Standard map). 
In the surface of section there is a characteristically 
divided phase space in which regular Kolmogorov— 
Arnol’d—Moser (KAM) curves and stochastic trajec- 
tories are intermingled. In the globally stochastic re- 
gion of the phase space for a system with two degrees 
of freedom, in which KAM curves spanning the phase 
coordinate do not exist, a complete description of the 
motion is generally impractical. We can then seek to 
treat the motion in a statistical sense; that is, the evo- 
lution of certain average quantities can be determined, 
rather than the trajectory corresponding to a given set 
of initial conditions (Wang & Uhlenbeck, 1945). Such 
a formulation in terms of average quantities is also the 
basis for statistical mechanics (see Penrose, 1970, for 
example). The mathematical foundations for many of 
the results can be found in Arnol’d & Avez (1968). 

In regions in which the trajectories are stochastic, 
nearby trajectories diverge exponentially in time. The 
divergence is usually measured by calculating the 
Lyapunov characteristic exponent o of a trajectory x 
and a nearby trajectory x + w, 


= fi al uae 1 
oe ay ees ae t ™ 40)’ ee 


where d is the distance separating the trajectories. 
Analytical and numerical calculations of the o’s 
(especially the maximum value of o = 0, with respect 
to variations of w) are widely used as measures of the 
degree of stochasticity in near-integrable systems. The 
commonly used numerical procedure for calculating 
the Lyapunov exponents was developed by Benettin 
et al. (1976). 

In many problems, the density distribution in 
action space is the important quantity. Its dynamics 
is simplified by an average over phases to find the 
dynamical friction and diffusion coefficients for the 
action, which can then be used for determining its 
time evolution. If the phases are decorrelated after 
each mapping step, then a random phase approximation 
can be used which greatly simplifies the calculation. 
If the averaging over phase can be performed for 


717 


a localized value of the action, then the resulting 
evolution is a Markov process, leading to the Fokker— 
Planck equation for the evolution of the distribution 
(Wang & Uhlenbeck, 1945) 


aP a 1 a 


BP)+-~ 
mn at aR 








(DP), (2) 


where P is the probability distribution in the action 
I, B and D are the friction and diffusion coefficients, 
appropriately averaged over the phases, and n is a 
characteristic time over which the averaging can be 
performed. For example, using the standard map 


Thai = In + K sin @p, 
Oni = On + Inq, (3) 


then one step of the mapping gives 
Al, = K sin6o, (4) 


and the transport coefficients, with phases randomized 
on each step, are 


1 Qn 
Fo, = F = — Al; d@) = 0, 5 
QL =f 1d (5) 
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D 1 2" K 
ees Al)? d) = —, 6 
af (Al)° d6 Z (6) 


Do, = 
a= 5 


where the subscripts QL refer to quasilinear (phase 
randomized) values with no higher-order correlations. 
(The factor of 2 difference between Day and D is a 
convention.) 

Phase correlations, which always exist in a phase 
space with both regular and stochastic regions, 
complicate the calculation procedures. Close to the 
borders between stochastic and regular regions, the 
correlations become pronounced, requiring entirely 
different procedures for determining the diffusion. The 
existence of accelerator modes in the standard map 
also leads to nondiffusive behavior. Other phenomena 
of interest for diffusion calculations are the effect 
of noise and the effect of slow changes of system 
parameters. For weak correlations, for example, large 
K in the standard map, corrections to the single-step 
transport coefficients can be obtained. The corrections 
were obtained using Fourier techniques by Rechester 
et al. (1981). In the opposite limit for which a 
phase-spanning KAM curve (torus) has just been 
broken, resulting in a cantorus (the KAM curve 
becomes a cantor set), an approximate rate of local 
diffusion can be calculated. These techniques were 
developed to analyze the standard map, but can be 
used in various approximations to describe other 
two-degree-of-freedom systems. For a review of the 
various techniques and limitations see Lichtenberg & 
Lieberman (1991, Chapter 5). 

ALLAN J. LICHTENBERG 
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See also Diffusion; Fermi acceleration and Fermi 
map; Kolmogorov—Arnol’d—Moser theorem; Stan- 
dard map 
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PHASE SPACE RECONSTRUCTION 
See Embedding methods 


PHASE SYNCHRONISM OF CHAOS 


See Synchronization 


PHASE TRANSITIONS 


A phase transition is a change in the degree or nature 
of order in a system and/or a change in its symmetry 
caused by a change in a thermodynamic variable such 
as temperature or pressure. When water freezes as the 
temperature is lowered, it undergoes a phase transition 
from a liquid to a solid. In the liquid state, the positions 
of the water molecules are disordered and the system 
is isotropic. In the solid state, however, the molecules 
are fixed at the sites of a crystal lattice, so the system 
has positional order and the symmetry of the ice lattice. 
Other examples of phase transitions include the liquid- 
vapor transition, in which the ordering is related to 
a change in density of the material; the transition 
from paramagnet to ferromagnet, which involves the 
appearance of a net magnetization as the temperature 
is lowered through the Curie temperature; the isotropic- 
nematic transition in liquid crystals, in which the rod- 
like liquid crystal molecules all become oriented in the 
same direction; and the superfluid transition in liquid 
helium, in which a macroscopic fraction of the helium 
atoms condense into a single quantum mechanical 
energy level. There are many others. 

For any phase transition, we can define an order 
parameter. This is a quantity related to the degree of 
ordering which changes as the system goes through the 
transition. One measure of the order in a system is its 
entropy: a more ordered system has a lower entropy. 
While the entropy could be used as an order parameter, 
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itis normally difficult to measure. An order parameter is 
usually physically measurable and is typically chosen 
to be zero in the less-ordered phase and nonzero in 
the more-ordered phase. For the liquid-vapor transition, 
the order parameter is proportional to the difference 
in density between the liquid and vapor phases. The 
order parameter for the ferromagnetic transition is 
simply the magnetization. For the superfluid transition 
in liquid helium, the order parameter is a complex 
number describing the macroscopic wave function of 
the superfluid. 

Phase transitions can be classified as first order or 
second order. The terminology refers to the fact that 
certain derivatives of the free energy are discontinuous 
at a phase transition. In a first-order transition, it is the 
first derivatives (entropy, density, magnetization) that 
are discontinuous, while in a second-order transition, 
the discontinuity occurs in the second derivatives. A 
more practical classification is in terms of the behavior 
of the order parameter. At a first-order transition, 
the order parameter changes discontinuously. These 
transitions exhibit hysteresis and a latent heat resulting 
from the discontinuous change in entropy. At a 
second-order transition, the order parameter changes 
continuously; there is no hysteresis and no latent 
heat. In equilibrium, a thermodynamic system has a 
well-defined free energy and stable states correspond 
to absolute minima of this free energy. At a phase 
transition, the position of the free energy minimum 
changes, corresponding to a change in phase. 

A phase diagram for a typical liquid-vapor system 
is shown in Figure 1(a). In the pressure-temperature 
plane, there is a line of first-order phase transitions 
which ends at a point at which the transition is second 
order. The same system is shown in the temperature- 
density plane in Figure 1(b). The region under the 
coexistence curve in Figure 1(b) is forbidden; there are 
no stable states in this region. When the mean properties 
of the system would place it inside this curve, the system 
phase separates into coexisting liquid and vapor phases 
with different densities lying on the coexistence curve 
itself. In the center of this region, the high-temperature 
phase is globally unstable, while closer to the edge, it 
is metastable. A supersaturated vapor would lie in this 
metastable region. 

Points in the phase diagram at which second- 
order transitions occur are called critical points. At 
these points, the equation of state of the system 
takes on a special form, and the order parameter 
and other thermodynamic quantities show a power 
law dependence on the distance from the critical 
point. For example, if we consider a magnetic 
system with magnetization M, temperature T, and 
Curie temperature T,, then the magnetization behaves 
as M~ [(T. — T)/Te|® for T <T,. The magnetic 
susceptibility y =dM/dH, where H is an applied 
magnetic field, diverges at the critical point as 
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Figure 1. A typical liquid—vapor-phase diagram. (a) In the 
pressure—temperature plane a first-order phase transition occurs 
on crossing the solid line. The line of first-order transitions ends 
at the critical point C, at which the transition is second order. 
(b) The same phase diagram is shown in the temperature-density 
plane. The solid curve is the coexistence curve and corresponds 
to the solid line in (a). Outside the coexistence curve, the system 
exists as a single phase. In the region labeled U the one-phase 
state is unstable, and in the region labeled M it is metastable. If 
the system is cooled from the one-phase state at point 7) into 
the unstable region at 7>, it will phase separate into a liquid 
componentat the point L coexisting with a vapor componentat V. 


x~ |\(Tc-—T)/T.|-”. The quantities B and y are 
called critical exponents. Interestingly, while 7, is 
different for different materials, the exponents 6 and 
y have the same values for many different systems, 
including Ising ferromagnets and liquid-vapor systems, 
among others. This is known as “universality.” 

The simplest theoretical models used to describe 
phase transitions are called mean field theories. The 
van der Waals model for the liquid-gas transition 
and the Curie-Weiss model for the ferromagnetic 
transition are examples. Such theories assume that the 
order parameter at a particular point is determined 
by the average properties of the system—that is, by 
a mean field due to all other points of the system. 
Mean field theories are capable of describing first- 
and second-order-phase transitions qualitatively, but 
the values of the critical exponents are, in general, 
wrong. This is because mean field theories explicitly 
neglect the effects of spatial fluctuations in the order 
parameter, whereas it is these fluctuations which 
determine the behavior of the system near the critical 
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point. Renormalization group theory provides a more 
complete description of critical point behavior. 

When a system is quenched below a phase transition 
by suddenly changing a thermodynamic variable—for 
example, by suddenly dropping the temperature be- 
low the phase transition in a liquid-vapor system— 
it separates into two distinct phases. If the system is 
quenched into a region where the high-temperature 
phase is metastable (Figure 1), then macroscopic phase 
separation can only occur once large enough droplets of 
the unstable phase nucleate and grow. If it is quenched 
in the unstable region, then phase separation occurs by 
a process known as spinodal decomposition, whereby 
initially small perturbations to the local order parame- 
ter grow and coarsen with time. In a system with a con- 
served order parameter (e.g., a binary fluid mixture, in 
which the amount of each substance is fixed), the size of 
domains grows with time t as L ~ t!/3, while if there is 
no conservation law (e.g., a ferromagnet) then L ~ t!/. 

Phase transitions can also occur in systems out 
of equilibrium, for example, in the presence of a 
temperature gradient or a time-varying field. An 
important and interesting aspect of non-equilibrium 
systems is that the state of the system is no longer 
governed by the minima in the free energy, and 
indeed, a free energy functional may not even exist. 
Phase transitions can be significantly modified by non- 
equilibrium effects. In the case of a magnet in a time- 
varying field, for example, a competition between the 
time scale of the variations in the external field and 
the intrinsic relaxation time of the system itself leads to 
new behavior including spontaneous ordering that is not 
observed in the static case. Rather different phenomena, 
such as pattern-forming bifurcations in driven fluid 
systems, can also be thought of as nonequilibrium phase 
transitions. 

Joun R. DE BRUYN 


See also Critical phenomena; Ising model; Order 
parameters; Renormalization groups 
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PHASE TURBULENCE 


See Phase dynamics 


PHASE WINDING 


See Winding numbers 


PHI-FOUR EQUATION 


See Sine-Gordon equation 


PHOTONIC CRYSTALS 


Photonic crystals are periodic dielectric (and/or 
metallic) structures, with periodicity comparable to 
a wavelength i of interest, forming a designable 
optical medium where light propagation can exhibit 
unusual properties (Joannopoulos et al., 1995). The 
most important such property is a photonic band 
gap: a range of wavelengths in which there are no 
propagating modes in the crystal. Light in the band 
gap decays exponentially in the crystal, which acts like 
an optical “insulator.” Nonlinear devices can exploit 
photonic crystals for enhanced phase sensitivity as well 
as to reduce power requirements, by means of tight 
spatial and long temporal confinement using the band 
gap and/or slow-light phenomena. Below are outlined 
two archetypical devices that greatly benefit from 
these properties of photonic crystals: Mach—Zender 
interferometers and bistable switches. 

The simplest photonic crystals are one-dimensionally 
periodic multilayer films, or “Bragg mirrors,” which 
were first studied in crystalline minerals by Lord 
Rayleigh (1887) (who observed that any periodic in- 
dex variation will induce a band gap along that direc- 
tion) and have since been the basis for a wide variety of 
applications: from reflective dielectric coatings, to dis- 
tributed Bragg feedback (DFB) lasers, to fiber Bragg 
gratings for dispersion compensation and filters. It was 
not until 1987, however, that Yablonovitch (1987) and 
John (1987) applied the full principles of solid-state 
physics to electromagnetism and suggested that a three- 
dimensional (3-d) crystal could produce an omnidirec- 
tional gap. Since then, many photonic-crystal structures 
have been studied, both theoretically and experimen- 
tally, in two and three dimensions. 

As a particular example, we consider a two- 
dimensional photonic crystal consisting of a square 
lattice of dielectric cylinders in air. This structure has a 
band gap for transverse-magnetic (TM) light (electric 
field perpendicular to the plane) and can, therefore, 
confine cavity and waveguide modes in point-like and 
linear defects of the crystal, as in Figures 1 and 2. 
For example, a single “defect” rod can be increased or 
decreased in size to trap a cavity mode within a diameter 
~ 1/2, or a row of defect rods to form a waveguide. 
Bloch’s theorem from solid-state physics (Ashcroft & 
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Figure 1. (Top) Schematic of a Mach—Zender interferometer: a 
waveguide that is split and recombined, with the relative phase 
modified by an active region to control the output transmission. 
Inset: a CCW slow-light waveguide to take advantage of photonic 
crystals. (Bottom) Band diagram of the CCW waveguide 
showing typical cosine dispersion curve. Because of the low 
group velocity, a slight shift of the curve (dashed) will cause a 
large change Ak in the wave number (horizontal axis). (The units 
are in terms of the distance a, the period of the square lattice.) 


Mermin, 1976) implies that modes in such a periodic 
waveguide propagate without reflections. Moreover, 
the waveguides form an effectively one-dimensional 
system, since the gap prohibits lateral scattering— 
this property allows photonic-crystal waveguides and 
cavities to be combined into complex device networks 
by adhering to simple design rules and symmetries. 
Alternatively, one can make a periodic sequence of 
cavities to form a coupled-cavity waveguide (CCW)— 
light slowly leaks from one cavity to the next, again 
trapping a guided mode (Yariv et al., 1999). The same 
principles apply in other photonic crystals, including 
those in three dimensions, and a direct analogue 
of this 2-d crystal can be made in 3-d (with an 
omnidirectional gap) by a stack of 2-d-like layers 
(Johnson & Joannopoulos, 2002). 


Mach-Zender Interferometers 


The foundation of many optical device designs, from 
modulators to optical logic to switching, is the well- 
known Mach—Zender interferometer (Saleh & Teich, 
1991) (Figure 1, Top). 

Here, light in an incident waveguide is split into two 
branches and then recombined. If the two branches have 
the same optical path length, the recombination is in 
phase and light is transmitted; if their paths differ by half 
a period, then the recombination is out of phase and light 
is reflected. The relative optical path length is altered, 
for example, by changing the index by some An in the 
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branches with a linear electro-optic (external) or Kerr 
(self-induced) modulation, allowing the transmission 
to be switched continuously from “on” to “off.” By 
using photonic-crystal line-defect waveguides in the 
interferometer, one can take advantage of their low 
group-velocity capability to significantly lower the 
power and size requirements of the device by a factor 
of the group velocity or better (Soljaci¢ et al., 2002b). 

To attain a low group-velocity waveguide in a 
photonic crystal, one simple strategy is to employ 
a coupled-cavity waveguide (CCW) like that in 
Figure | (top). The guided band of such a waveguide 
has a characteristic cosine-curve dispersion relation 
(Figure 1, bottom) with two important properties: (i) 
the mid-band group velocity is low and decreases 
exponentially with the cavity separation, and (ii) the 
group-velocity dispersion (frequency derivative of the 
group velocity) is zero at the center of the bandwidth, 
minimizing signal distortion. 

Because the group velocity vg is low, when the 
dispersion curve w(k) (frequency vs. wave number) is 
slightly shifted by altering the index n of a waveguide 
branch, there will be a large change in k (Figure 1, 
bottom), causing a corresponding large phase shift 
Ag=AkL (where L is the propagation distance). 
Mathematically, if the curve is shifted by Aw ~ Ana, 
then the phase shift is Ap=LAw/vg, inversely 
proportional to group velocity vg = dw/dk. This means 
that the device size L to achieve a fixed phase shift 
Ag =n (with a given An) varies proportionally to vg. 
Moreover, the power required to modulate the index 
is proportional to L, so the switching power is also 
proportional to vg. Alternatively, one could keep L fixed 
and reduce An by a factor of vg; for a linear (Pockels) 
modulation, this reduces the modulation power by v2. 

If the Mach—Zender interferometer is modulated by 
the optical waveguide signal itself, say for all-optical 
logic, then there is an analogous benefit: the light is 
compressed in time by a factor of vg/c, causing a greater 
field | E|? for the same input power. Combined with the 
above mentioned power savings from length reduction, 
this means that Kerr self-modulated devices have their 
power reduced proportionally to Ug. 

Of course, the low group velocity comes at a price: 
the bandwidth of the waveguide is reduced proportional 
to ug. In optical telecommunications systems, however, 
the required bandwidth is relatively small; for example, 
a 40 Gbit/s channel has a bandwidth Aw/qw ~ 1/3000, 
meaning that the group velocity could potentially be 
lowered by several hundred times without limiting the 
bandwidth, with corresponding decreases in the device 
size and power relative to conventional waveguides. 


Optical Bistability 


Optical bistability is a dramatic nonlinear phenomenon 
that can be exploited to implement all-optical transis- 
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tors, switches, logic gates, amplifiers, and other func- 
tions (Saleh & Teich, 1991). Bistability stems from non- 
linear feedback combined with resonant transmission 
through a cavity, produces an output power that is a 
sharp nonlinear function of input power, and may even 
display a hysteresis loop (Figure 2, right). 

In this context, the ability of photonic crystals to 
minimize both cavity modal volume V and lifetime Q 
(number of temporal periods for energy to decay by 
e~?") simultaneously allows them to greatly reduce the 
power threshold for optical bistability, in principle even 
down to the milliwatt level (Soljacié et al., 2002a). 

An archetypical bistable device consists of an 
input waveguide coupled symmetrically into an output 
waveguide via a resonant cavity; this is shown in a 
photonic crystal setting of line and point defects in 
Figure 2 (left). In any such system, the transmission 
spectrum as a function of frequency will be a 
Lorentzian-like curve, peaked at 100% (in the absence 
of other loss mechanisms) at the resonant frequency 
(Figure 2, middle). In order to achieve bistability, 
one must include nonlinear feedback: the index (and 
thus the frequency) of the cavity depends on the field 
strength (e.g., via a Kerr nonlinearity An ~|E|?). 
Furthermore, one must operate at a frequency 9 
that lies below the linear resonant frequency ores. 
This combination, for continuous-wave (CW) sources, 
results in the bistable power-response curve shown in 
Figure 2 (right), which here includes a hysteresis. There 
are two stable system states for input powers in the 
bistable region (between the dashed vertical lines), and 
which one is realized depends upon whether one started 
from low or high power. (The middle, dashed, branch 
of the “S” curve is unstable.) 

Intuitively, as the input power grows, the increasing 
index due to the nonlinearity will lower the resonant 
frequency through wo, as depicted by the dashed 
line in Figure 2 (middle), causing a rise and fall in 
transmission. This simple picture, however, is modified 
by feedback: as one moves into the resonance, coupling 
to the cavity is enhanced (positive feedback), creating 
a sharper “on” transition; and as one moves out of the 
resonance, the coupling is reduced (negative feedback), 
causing a delayed “off” transition. 

The power threshold for the onset of bistability 
depends upon the power required to shift the cavity 
index sufficiently, which in turn depends upon the 
nonlinearity of the materials and the field strength | E|? 
inside the cavity for a given input power. This field 
strength is inversely proportional to the modal volume 
V and is proportional to the lifetime Q (over which time 
the field builds up in the cavity). On the other hand, 
the required index shift of the cavity is proportional 
to the frequency width 1/Q of the Lorentzian 
transmission spectrum. Ultimately, therefore, the 
threshold power is proportional to V/Q7; these simple 
arguments are confirmed by a more detailed analytical 
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Figure 2. (Left) 100% (peak) resonant transmission from an input to an output waveguide through a cavity, formed by line and point 
defects, respectively, in a photonic crystal. Shaded regions indicate alternating positive/negative fields. (Middle) Lorentzian transmission 
spectrum (solid curve) of the linear resonant system. Increasing the power will nonlinearly shift the resonance curve (dashed) towards 
the operating frequency wo. (Right) Bistable transmission curve of output vs. input power resulting from the resonant transmission plus 
nonlinear feedback. The curve is an analytical theory and the dots are numerical calculations, with the vertical dashed lines indicating 
the region of hysteresis—for open dots the power was increased from a low value, while for closed dots the power was decreased from 


a high value. 


theory that accurately predicts the bistability curve 
from the cavity characteristics (Soljaéi¢ et al., 2002a). 
Unlike traditional cavities such as ring resonators, 
photonic crystals impose no tradeoff between V and 
Q—the lifetime Q can be increased arbitrarily (up to 
the required signal bandwidth) while V is maintained 
near its minimum of ~ (A/2n)3, where n is the 
index of refraction. Indeed, in the example system 
of Figure 2, assuming reasonable material parameters 
and a Q = 4000 determined by the telecommunications 
bandwidth, one obtains a theoretical operating power of 
only a few milliwatts. 

We conclude by presenting an analytical formula, 
derived from coupled-mode theory and perturbation 
theory, for the CW bistability relation in Figure 2 
(right). The input/output power relation is given by 


Pout _ 1 
P, 1+ (Pout/Po — 8)” 





where 6 is the frequency-detuning parameter 6= 
2Q(w0— @res)/@res and Po is the characteristic power 
for bistability: 
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Here, d is the dimensionality of the system, n2 is 
the Kerr coefficient (index change per unit intensity 
of light), and « (~1/V) is a dimensionless, scale- 
invariant “nonlinear feedback parameter” quantifying 
the concentration of the cavity field E in the nonlinear 
material. 
STEVEN G. JOHNSON, MaRrIN SOLIACIC, AND 
J.D. JoANNOPOULOS 


See also Hysteresis; Nonlinear optics 
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PIECEWISE LINEARITY 
See Ratchets 


PINNING TO LATTICE 


See Peierls barrier 


PLASMA SOLITON EXPERIMENTS 


PITCHFORK BIFURCATION 


See Bifurcations 


PLASMA SOLITON EXPERIMENTS 


Comprising a very large number of charged particles 
within a confined volume, a plasma is a convenient 
laboratory facility in which both linear and nonlinear 
phenomena can be experimentally investigated. The 
overall plasma is electrically neutral in that the density 
of positive particles is equal to the density of negative 
particles. If the negative particles are electrons, this is 
called a two-component or normal plasma. If a certain 
fraction ¢ of the electrons is replaced with negative 
ions, this is called a three-component or a negative ion 
plasma. 

Washimi and Taniuti (1966) were the first to demon- 
strate that the evolution of perturbations of the charge 
density in a normal plasma can be described by the 
nonlinear fluid equations for the ions. This description 
includes a Boltzmann assumption for the electrons and 
Poisson’s equation to reflect the local charge nonneu- 
trality in a density perturbation that can be described 
with the Korteweg—de Vries (KdV) equation, 
av, nv 
ay 1 853 = 0: a) 
Here the dependent variable y represents the pertur- 
bations in the ion density, ion velocity, or the electric 
potential; 6 is a constant; and the parameter v = 1. 

In 1984, Watanabe showed that perturbations in 
a negative ion plasma can also be described by the 
same equation if the fraction ¢ has certain values. 
In particular, if this parameter is very large, then 
the negative ions predominate and rarefactive solitons 
evolve from a negative ion density perturbation. 
Because the mass of the negative ions could be 
comparable with the mass of the positive ions, he found 
that the parameter ¢ had a critical value ¢, at which 
the derivation led to a modified Korteweg-de Vries 
(mKdV) equation with the parameter v = 2. Both of 
these equations describe solitons that propagate in one 
direction. 

The first extension to include effects of higher 
dimensions was performed in 1970 by Kadomtsev and 
Petviashvili, who included weak effects in a direction 
that was perpendicular to the dominant direction of 
propagation of the ion acoustic soliton. This equation is 
now called the Kadomtsev—Petviashvili (KP) equation 
for v=1 in a normal plasma and the modified 
Kadomtsev—Petviashvili (mKP) equation for v= 2 in 
a negative ion plasma; thus 


a (av aw po _ ey 
ax Var ° " ax |” ax3) " ay? 
Both of these equations have certain predictions that 
have been experimentally verified in a plasma. 
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Figure 1. Evolution of a positive ion perturbation in a normal 
two component plasma. The pictures are taken at increasing 
distances from the source and illustrate the evolution of a burst 
of ions into a number of KdV solitons. 


Laboratory experiments require the creation of 
a large volume of uniform collisionless plasma in 
which localized density perturbations are launched 
and movable probes monitor the evolution of the 
perturbation. Collisions between the particles are 
reduced with the evacuation of the chamber to a low 
pressure. Typically, a gas such as argon is inserted 
into the chamber and ionized to create a plasma 
with a volume of approximately 1m*. The density 
perturbations are created by applying a voltage signal 
to a fine-mesh grid or by introducing a charge density 
perturbation from one plasma into a second plasma. 
This is called a double-plasma (DP) machine and 
plasma solitons were first observed in a DP machine 
(Ikezi et al., 1970). 

The spatial and temporal evolution of a compressive 
density perturbation in a normal plasma is illustrated 
in Figure 1. As this perturbation moves in the plasma, 
a number of solitary waves emerge for which the 
following KdV soliton properties have been observed: 
the product of the soliton amplitude (yy) times the 
square of its width (W) is constant, and the soliton 
velocity cs =[1+%/3]c where c is the linear ion 
acoustic velocity. In addition, the nondestructive 
collision of two solitons with different amplitudes was 
verified in the initial experiment performed in a normal 
plasma that existed in the DP machine. 

By replacing a certain fraction of the free electrons 
in the normal plasma with negative ions to which 
these free electrons become attached, it is possible 
to realize a negative ion plasma. As a gas such as 
sulfur hexafluoride has a large attachment coefficient, 
a negative ion plasma can be created that consists of 
positive argon ions and negative fluorine ions whose 
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masses are comparable. The parameter ¢ can be altered 
to have values of ¢ < &©,&=€¢, Or € > &c. In the first 
case, the positive ions are compressed and the normal 
KdV soliton is excited. KdV solitons are also excited in 
the third case due to compression of the negative ions. 
In the second case, mKdV solitons have been excited 
and their properties have been verified. In particular, 
it was observed that the product of yW7? is constant. 
The first experimental detection of solitons in a negative 
ion plasma was in a DP machine (Ludwig et al., 1984; 
Nakamura & Tsukabayashi, 1984), and both solitons 
were later detected in a negative ion plasma using the 
grid excitation mechanism (Cooney et al., 1991). 

Two solitons that propagate in a normal plasma 
or in a negative ion plasma but in directions that 
are not collinear can still interact and are described 
by the KP equation. In particular, Miles (1977) 
noted that at a particular angle, the amplitude of the 
soliton after such an interaction would be greater than 
the sum of the amplitudes of the two solitons that 
preceded the interaction. If the amplitudes of these two 
initial solitons were equal, the amplitude of the new 
soliton would be 4 times this amplitude. The critical 
amplitude and the amplitude enhancement predicted 
from this resonant interaction was first experimentally 
examined in a normal plasma (Ze et al., 1979). In the 
negative ion plasma, an amplitude enhancement of two 
was anticipated and has been experimentally verified 
(Nakamura et al., 1999). 

A laboratory plasma has been found to be a 
convenient venue in which several of the fundamental 
properties of solitons that are described with the KdV, 
mKdV, KP, or mKP equations can be experimentally 
studied and verified. A summary of other experiments 
has recently appeared (Lonngren, 1998). 

Kari E. LONNGREN AND YOSHIHARU NAKAMURA 


See also Kadomtsev—Petviashvili equation; Korte- 
weg-—de Vries equation; Multidimensional solitons; 
Nonlinear plasma waves; Nonlinear Schrédinger 
equations 


Further Reading 


Cooney, J.L., Gavin, M.T. & Lonngren, K.E. 1991. Experiments 
on Korteweg—de Vries solitons in a positive ion-negative ion 
plasma. Physics of Fluids B, 3: 2758-2766 

Ikezi, H., Taylor, R.J. & Baker, D.R. 1970. Formation and 
interaction of ion acoustic solitons. Physical Review Letters, 
25: 11-14 

Kadomtsev, B.B. & Petviashvili, V.I. 1970. On the stability of 
solitary waves in weakly dispersing media. Soviet Physics 
Doklady, 15: 539-541 

Lonngren, K.E. 1998. Ion acoustic soliton experiments in a 
plasma. Optical Quantum Electronics, 30: 615-630 

Ludwig, G.O., Ferreira, J.L. & Nakamura, Y. 1984. Observation 
of ion acoustic rarefaction solitons in a multicomponent 
plasma with negative ions. Physical Review Letters, 52: 275— 
278 


PLUME DYNAMICS 


Miles, J.W. 1977. Resonantly interacting solitary waves. Journal 
of Fluid Mechanics, 79: 171-179 

Nakamura, Y., Bailung, H. & Lonngren, K.E. 1999. Oblique 
collision of mKdV ion-acoustic solitons. Physics of Plasmas, 
6: 3466-3470 

Nakamura, Y. & Tsukabayashi, I. 1984. Observation of modified 
Korteweg-de Vries solitons in a multicomponent plasma with 
negative ions. Physical Review Letters, 52: 2356-2359 

Washimi, H. & Taniuti, T. 1966. Propagation of ion acoustic 
solitary waves of small amplitude. Physical Review Letters, 
17: 996-998 

Watanabe, S. 1984. Ion acoustic solitons in plasma with negative 
ions. Journal of the Physical Society of Japan, 53: 950-956 

Ze, F, Hershkowitz, N., Chan, C. & Lonngren, K.E. 1979. 
Inelastic collision of spherical ion acoustic solitons. Physical 
Review Letters, 42: 1747-1750 


PLASMA TURBULENCE 


See Nonlinear plasma waves 


PLASTIC DEFORMATION 


See Frenkel-Kontorova model 


PLUME DYNAMICS 


Plumes and jets are naturally and frequently occurring 
transport phenomena arising in a variety of settings, 
ranging from dry convecting atmospheric motion on hot 
days through explosive volcanic eruptions, for example, 
the 1915 eruption of Lassen Peak shown in Figure 1. 
The fluid dynamical purpose of a plume is dynamic 
equilibration of a localized unstable distortion of the 
fluid density, which results in vertical, coherent motion 
of a parcel of fluid seeking an equilibrium density. 
Viscosity couples and draws fluid along with the parcel 
on its voyage (turbulent entrainment). If the parcel is 
miscible with the ambient fluid, turbulent mixing will 
result, accelerating the equilibration process. 

A further complication is that ambient fluids 
typically develop stable stratifications in which the 
fluid density is higher at the bottom. Such is the 
case with the Earth’s atmosphere, whose density drops 
to zero in outer space, and the steady-state density 
profile is merely the thermodynamic response of an 
air layer under gravitational compression. Equally 
interesting stratification processes occur with much 
sharper gradients in convective boundary layers and 
in the thermoclines found in lakes and oceans. In 
these situations, stable transitions from a high-density 
bottom fluid layer to a low-density upper fluid layer 
may occur across a very sharp, nearly interfacial, 
layer. Typical stratifying agents include localized 
high temperature and/or concentration gradients (e.g., 
salt in the ocean). The modifications introduced 
by such layers can be both naturally dramatic and 
socio-economically challenging. The discharge of 
pollutants into the atmosphere, lakes, and oceans 
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Figure 1. May 22, 1915, eruption of Lassen Peak, taken 50 miles 
away in Anderson, California, by photographer, R.I. Meyers. 
(Thanks to Cari Kreshak and Lassen Volcanic National Park for 
providing the high quality image.) 


is frequently accompanied by trapping phenomena 
directly attributed to the formation of such stable 
density layers (thermal inversions), in which the 
discharged pollutants are confined away from mixing 
flows and may lead to hazardous air and water quality. 


Plume Mixing and Entrainment: 
Modifying the Large Scale Observables 


A light plume of fluid in a constant density environment 
is expected to rise continually until the Archimedian 
buoyancy force is reduced through mixing of the plume 
with the ambient to levels at which viscous balances 
occur. The complete evolution requires, at minimum, 
the solution of the Navier-Stokes equations, with an 
evolving density anomaly (the plume) allowed to mix 
with the ambient. The mixing is turbulent, and the 
computational simulations of these nonlinear partial 
differential equations are both difficult, and necessary 
in making first principle predictions. Modelers have 
turned to alternative, somewhat ad hoc, yet nonetheless 
fundamental attempts to describe the evolution with 
fewer degrees of freedom than the complete fluid 
equations. As discussed below, the pioneering work of 
Morton et al. (1956) utilized an entrainment hypothesis 
with a single entrainment coefficient in an attempt 
to describe jet (plume) profiles by reduced, nonlinear 
ordinary differential equations (involving only a few 
degrees of freedom). 

The plume dynamics in stratified fluids are 
dramatically different (Morton et al., 1956; Morton, 
1967; Turner, 1995). In such a situation, the buoyancy 
of a plume of light fluid is strongly height-dependent, 
and an initially (low altitude) light fluid parcel 
may well rise to a height at which a buoyancy 
reversal occurs and the parcel becomes neutrally 
buoyant. Such a situation was originally noted by 
Morton et al. to cause an arrestment of vertical 
jets of light fluid. Their experiments and modeling 
for a fluid with a linear stratification (linearly 
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decreasing density with increasing height) indeed show 
vertical jets arresting. The implications for functioning 
smokestacks, modeling of volcanic plumes (Sparks 
et al., 1997), and the mixing of oceanic pollutants 
(Fischer et al., 1979) is clear. 

When the density transitions sharply between two 
distinct values, one finds mixing between low-density 
jet (or plume) fluid and the ambient fluid, which may 
dramatically affect the large scale observables. Exper- 
iments, performed in the UNC Applied Mathematics 
Fluid Lab, further exhibit the need for improved mod- 
eling that is specifically designed to better understand 
turbulent mixing and entrainment. 

Figure 2 shows two vertical jets, fired at ap- 
proximately the same volumetric flow rate (roughly 
0.2 gal/min) into two identically stratified fluid tanks 
with a prepared sharp transition from 1.06 g/cm? at 
the bottom to 1.015 g/cm? using varying salt concen- 
trations, with a transition of approximately 1 in, thick- 
ness, centered around the 14 in. tick on the tape. The left 
jet fluid is a gauge oil, with density 0.8 g/cm? (lighter 
than all ambient tank fluid). Recall that oil and wa- 
ter do not mix. The right jet fluid is a dyed alcohol— 
water mixture, with density 0.8 g/cm?, also (initially) 
lighter than everything in the tank. In this case, the 
alcohol-water mixture may mix with the ambient 
fluid. 

Observe the striking difference in large-scale 
observables: The nonmixing case penetrates clear to 
the free surface, whereas the mixing case does not 
penetrate, but forms, at altitudes in the vicinity of 
the sharp density transition, a cloud. The alcohol jet, 
fired in nonstratified cases of either 1.06 g/cm? or 
1.015 g/cm? constant density tanks will reach the free 
surface at these flow rates and does not form a cloud, 
which demonstrates the powerful effect that an ambient 
sharp stratification can have upon plume dynamics, 
and the effect of the turbulent mixing and entrainment. 
There has been considerable work on developing plume 
models for studying the types of behavior shown with 
the alcohol jet following the original work of (Morton 
et al., 1956; Sparks et al., 1997; Caulfield & Woods, 
1998), and some attempts have been directed at the 
multi-phase aspects of the oil jet example (Asaeda & 
Imberger, 1993; Socolofsky et al., 2001). A successful 
and complete modeling approach handling a full range 
of cases in which the mixing properties between jet 
fluid and ambient fluid may be continuously varied is 
an open challenge. 


Dynamic Plumes and Solid Wall Interactions: 
Transient Levitation of Falling Bodies 


As an extreme example in which the injected quantity 
cannot mix with the ambient fluid, consider recently 
obtained experimental results concerning the motion 
of falling bodies through stratified fluids (similar to 
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Figure 2. Vertical buoyant jets through a strong stable density step: Left is oil (0.8 g/cm’), right is alcohol-water mixture (0.8 g/cm?). 
(Thanks to former UNC undergraduates Ryan McCabe and Daniel Healion for assistance with the experiment.) 


the tank setup in Figure 2) (Abaid, Adalsteinsson, 
Agyapong, McLaughlin, 2004). This study has focused 
upon the effect of self-generated plumes upon the 
falling body and has documented situations in which 
a falling body may generate a dynamic plume that 
through hydrodynamic coupling, may temporarily 
arrest the body. Of course, any body moving through 
a fluid experiences a hydrodynamic drag (which sets 
terminal velocities of falling bodies) in which the 
viscous boundary condition of vanishing fluid flow at 
the solid boundary necessarily drags a blob of ambient 
fluid along the moving body. In a constant density fluid, 
there is no potential energy cost associated with moving 
such a parcel of ambient fluid vertically. However, in 
strongly stratified fluids, a parcel of fluid moved from 
one altitude to another may develop a potential energy 
(buoyancy), as when the body falls through a sharp 
density transition layer. The momentum of the attached 
blob of fluid thrusts it into the lower (heavier) fluid, at 
which point the blob becomes a density anomaly and 
rises sharply. This motion in turn drags the falling body 
along with it. 

Figure 3 shows three montages of a descending 
sphere at uniformly spaced times. The (5 mm radius) 
sphere in this case has a density of 1.04 g/cm? and 
is falling in a stratified tank whose top is fresh 
water (0.997 g/cm?) and whose bottom is salt water 
(1.039 g/em3), again with a transition thickness of 
approximately | in. The top montage demonstrates the 
arrest and transient rise of the initially falling bead, 
and subsequent return to slow descent, each image 
uniformly spaced 1.5s apart. The bead ultimately 
comes to rest at the tank bottom. The middle montage 
is the same as the top, only uniformly spaced at 
0.1s intervals. The lower montage has the same time 
sequence as the middle row, only focusing upon the 
shadow on the back of the tank, which highlights the 
entrained, plume-forming fluid. 

The nature of this phenomenon is both nonlinear and 
dynamic. The nonlinear effect of such plumes upon 
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Figure 3. Top: Digital snapshots of bead position on uniform 
1.5s intervals, Middle: uniformly spaced on 0.1s intervals, 
Bottom: shadowgraph depicting the dynamic plume on same 
time interval as middle row (Abaid, Adalsteinsson, Agyapong, 
McLaughlin, 2004). (Thanks to David Adalsteinsson for help 
with formatting the collage in his DataTank program and thanks 
to former UNC undergraduate Nicole Abaid for assistance with 
the experimental effort.) 


the motion of solid bodies has been incorporated in 
a reduced system of ordinary differential equations in 
which the drag law for the falling body is modified 
to account for the dynamics of the plume which 
may modify the relative velocity of the falling sphere 
(Abaid, Adalsteinsson, Agyapong, McLaughlin, 2004). 
To describe the detailed dynamics of such transient 
plumes is quite difficult. Historically, there has been 
more success in the modeling of plume geometries 
under steady-state geometries. In pioneering work, 
Morton, Turner, and Taylor (Morton et al., 1956; 
Morton, 1967; Turner, 1995) were the first to model 
maintained plumes using an entrainment hypothesis 
which has become a standard in many fields (Fisher 
et al., 1979; Sparks et al., 1997). 


Steady Plume Models in Stratified 
Environments 

In 1956, Morton, Turner, and Taylor introduced what 
has become the standard maintained plume models 
for the shape of jet plumes (plumes emanating from 
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a maintained source of buoyancy and momentum) 
(Morton et al., 1956; Morton, 1967; Turner, 1995; 
Fischer et al., 1979; Sparks et al., 1997; Socolofsky et 
al., 2001). The entrainment hypothesis assumes that the 
rate of inflow of diluting, ambient fluid is proportional 
to the vertical velocity of the jet along its centerline. 
Much empirical data has been collected exploring the 
exact dependence of the constant of proportionality 
upon the various physical parameters describing the 
jet configuration (stratified profile, jet speed, jet fluid 
density). A considerable effort since the original work 
of Morton et al. has addressed the many algebraic 
fits for the entrainment coefficient as a function of 
Richardson numbers, etc. (Fischer et al., 1979; Turner, 
1995; Socolofsky et al., 2001). 

Armed with this entrainment assumption, Morton et 
al. (1956) developed the following system of nonlinear 
ordinary differential equations, the solution of which 
yields the jet (plume) profile in steady state: 








d(b2w) 
= 2abw, (1) 
dz 
232) 
dbtw) = 2¢d7b°Q, (2) 
dz 
d(b?wQ) (1+ 2)b2w\ doo 
d = 226 dz ° 3) 
Z p Z 


Here, the plume parameters are the center-line vertical 
velocity, w(z), the plume radius b(z), and the 
nondimensional plume density Q(z). All are functions 
of the height variable z. The entrainment coefficient 
is a, which in neutrally stratified cases is empirically 
seen to be approximately 0.08 (Fischer et al., 1979; 
Turner, 1995). The gravitational constant is g, 9 
denotes some constant reference density, and the 
ambient stratification is contained within the given 
profile po(z). 

This system is based on the following assump- 
tions. First, vertical derivatives of certain hori- 
zontally averaged, low-order moments (for plume 
mass, momentum, and buoyancy) are simplified 
in terms of single point, centerline field vari- 
ables. Second, radial profiles for plume vertical ve- 
locity and buoyancy are postulated in terms of 
“collective variables”: w(z) = w(z)f(r/(ab(z)) and 
QOz”Zg= O(z) f (r/(cb(z)). Through these, the integrals 
defining the moments may be directly calculated, lead- 
ing to the closed system of differential equations given 
above. For both velocity and plume density, the func- 
tional forms are taken to be Gaussians, following em- 
pirical observations (Morton, 1967; Fischer et al., 1979; 
Turner, 1995). The ratio of the velocity length scale a, 
to plume length scale c is A = c/a is taken to be approx- 
imately 1.2, but this must certainly vary considerably 
upon the mixing properties of the plume fluid with the 
ambient. Each of these steps involves numerous ap- 
proximations, an excellent list of which may be found 
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discussed in Chapter 9 of the text by Fischer et al., along 
with asymptotic solutions for limiting cases (Fischer et 
al., 1979). 

The solution of these equations gives a rough picture 
for plume shapes in the environment and typically 
shows plumes arresting at heights below their heights 
of static neutral buoyancy (in the absence of any 
mixing) in stratified environments. A more systematic 
mathematical reduction of this system from the 
complete equations, along with a numerical simulation 
of the complete fluid equations for multiphase fluid flow 
would be valuable. 

Ricuarp M. McLauGHLin 


See also Atmospheric and ocean sciences; Mixing; 
Navier-Stokes equation; Turbulence; Vortex dy- 
namics of fluids 
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POINCARE THEOREMS 

One of the greatest of all French mathematicians, Jules 
Henri Poincaré (1854-1912) graduated from the Ecole 
Polytechnique in Paris and later studied at the Ecole 
des Mines. In 1879, he became a docteur es sciences 
at the University of Paris, where he was appointed as 
a professor in 1881. Poincaré became a member of 
Académie des Sciences in 1887. 

A mathematical genius of rare power, Poincaré’s ap- 
proach to science was to solve concrete problems aris- 
ing from mathematics, mechanics, and physics, rather 
than to present his results in a “pure axiomatic form.” 
However, a complete understanding of Poincaré’s sci- 
entific works has yet to be achieved. Outside mathemat- 
ics, Poincaré is also known for his works in theoretical 
physics including his seminal contribution in the spe- 
cial theory of relativity (1904-1905) and for his works 
on the philosophy of science. 

Many of Poincaré’s papers gave birth to whole 
new branches of mathematics, a prime example being 
algebraic topology, but the matter that occupied his life 
throughout was the geometrical approach to nonlinear 
differential equations—in particular, the long-time 
behavior of orbits of the Newtonian N-body problem 
in celestial mechanics. 

The qualitative approach to nonlinear dynamics, 
introduced by Poincaré in his seminal papers “Mémoire 
sur les courbes définies par une équation différentielle” 
(1881-1886), which focuses on orbits rather than 
formulas was of a geometric and global nature. This 
is how the qualitative theory of ordinary differential 
equations was born. 

Studying smooth vector fields on the plane, he 
classified their simplest equilibria (i.e., points where the 
given vector field vanishes): foci, nodes, saddle points, 
and centers. The typical smooth planar vector field has 
only the first three types of equilibria, but those of a 
more complicated nature are not excluded. 

Poincaré outlined the proof that if a half trajectory 
y of the planar vector field v is confined in a compact 
domain K in which v is free of equilibrium points, 
but the whole trajectory y is not confined in K, 
then K contains a closed orbit of v to which y 
is asymptotically attracted (the Poincaré—Bendixson 
theorem in its simplest form). This type of closed orbit 
is called a limit cycle. 

To generalize, let v be a smooth vector field on 
a two-dimensional compact manifold M. To each 
isolated equilibrium p of v, Poincaré associated an 
integer Ind(v, p), called the index of v at p, which is 
defined as follows. Let J be a small loop surrounding 
the isolated equilibrium p, and let A@ be the total 
change of the angle @ that the vector of v makes with 
some fixed direction when one runs counterclockwise 
along the loop J. This number is independent of the 
choice of loop. The index of p is the number A0@/2n 
which is always an integer. (The index of a focus, 
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center, or node is +1, and the index of a saddle point 
is —1.) 

If v has only a finite number of equilibria py, ..., 
Pr, then Poincaré showed that 


: i 

Yo Indv, pi) = x(M), (1) 

i=l 
where x(M) is the Euler—Poincaré characteristic of 
M and no restrictions are imposed on the nature of 
equilibria p1, ..., pr. This result was generalized later 
by Heinz Hopf to the case of vector fields on compact 
manifolds of arbitrary dimension and is now called the 
Poincaré—Hopf theorem. 

For a sphere, we have x (M) = 2, that is, an arbitrary 
smooth vector field on a two-dimensional sphere must 
vanish in at least one point—one cannot evenly comb 
the hair on a sphere! Another consequence of this theo- 
rem is that, for example, on the two-dimensional sphere, 
one cannot have a smooth vector field having as equilib- 
ria only two saddle points or having only three centers. 

Poincaré’s investigations of celestial mechanics led 
him to the study of Hamiltonian systems with n degrees 
of freedom 

d qi 0H d Pi 0H 

dt Op; dt dqi’ 
with an analytic Hamiltonian function H(q, p), 
(q, pe R2". His researches in this area were summa- 
rized in his epoch-making three-volume treatise “Les 
méthodes nouvelles de la mécanique céleste” (1892, 
1893, 1899). 

The study of Hamiltonian systems close to integrable 
ones was called the “general problem of dynamics” 
by Poincaré. Specifically, he studied Hamiltonian 
equations (2) with a perturbed Hamiltonian of the form 





i=l,...,n (2) 


H(q, p,&) = Ho(p) + € M1, p) 
+e? Haq, p)t+---, 3) 


where H), Hp,... are periodic functions with respect to 
q of the same period. The system obtained by setting 
€ = (is integrable, and the phase space is foliated by n- 
dimensional invariant tori p = const. For small nonzero 
€, system (2) usually becomes non-integrable. In the 
case of two degrees of freedom, this means that the 
Hamiltonian function H is the only first integral of 
Equations (2) that is an analytic and uniform function 
of variables g, p and e. 

Poincaré’s participation in a mathematical competi- 
tion organized in 1885 by Oskar II, King of Sweden and 
Norway, led him to the discovery of homoclinic orbits 
and related phenomena explaining how a very com- 
plicated behavior now called dynamical chaos, occurs 
in nonlinear dynamical systems. In his prize-winning 
work (1889), Poincaré discusses mainly the restricted 
three-body problem, where one mass is negligible 
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compared with the other two, executing circular Ke- 
plerian motion. 

Within the three-dimensional constant-energy man- 
ifold of this problem, he considered a two-dimensional 
surface IT transversal to most of the orbits. An orbit 
starting on this surface at a point x will pierce it again 
for the first time at some point y. The map x—> y 
is the Poincaré return map induced on a surface of 
section IT. 

It was in this framework that he discovered the 
existence of homoclinic orbits, that is, orbits which are 
asymptotically attracted by some periodic orbit y when 
t—>+ooandt>—o. 

During his 1912 investigations on the restricted 
three-body problem, Poincaré conjectured that if one 
has a closed plane annulus Q bordered by two 
concentric circles T'; and 1p, then any area-preserving 
homeomorphism @ of Q, such that ¢([))=T, 
@(12)=f2 and rotating these circles in opposite 
directions, has in Q at least two different fixed points. 
This assertion, known as Poincaré’s last geometric 
theorem, was proved in 1913 by George D. Birkhoff 
and is known also as the Poincaré—Birkhoff theorem. 

Inspired by the analogy between a flow induced 
by a vector field and a flow of an incompressible 
fluid, Poincaré developed a theory of integral invariants, 
which was later refined by Elie Cartan. 

Considering time f as an independent variable, we 
can study Hamiltonian system (2) in the extended 
phase space (q, p,t). A tube of trajectories is a 
two-dimensional cylindrical surface formed by the 
segments of trajectories of the vector field defined 
by (2) and bounded by two disjoint smooth closed 
curves. According to the Poincaré—Cartan theorem, in 
the extended phase space (q, p, t), the action integral 
f,(P dq — H dt) has the same value for two different 
closed paths y; and y2 encircling the same tube of 
trajectories and lying on it. 

Poincaré also proved an important property of 
the long-time behavior of dynamical systems. In 
contemporary formulation, this proof shows that for any 
measure-preserving mapping of a measure space with a 
finite total measure, almost all trajectories starting from 
a given subset of positive measure eventually return to 
it. This is known as the Poincaré recurrence theorem, 
and it lies at the foundations of ergodic theory. 

In his works on celestial mechanics, Poincaré 
provided the first formal definition of asymptotic series: 
divergent series giving nevertheless good numerical 
approximations for functions they represent. 

Poincaré is the founder of the concept of normal 
forms in the theory of ordinary differential equations 
and of the contemporary bifurcation theory. His work 
was also at the beginning of modern variational 
methods in mathematics, in particular of the Morse 
theory which strongly links mathematical analysis to 
geometry and topology. 
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Other nonlinear problems studied by Poincaré 
include the problem of the existence of geodesics on 
convex surfaces, the problem of tides, and the stability 
of rotating fluid bodies. 

Poincaré’s impact on the theory of ordinary 
differential equations and dynamical systems is 
described in the books by Birkhoff (1927), Nemytskii 
& Stepanov (1960), Coddington & Levinson (1955), 
and Guckenheimer & Holmes (1990). 

JEAN-MARIE STRELCYN AND ALEXEI TSYGVINTSEV 


See also Celestial mechanics; N-body problem; 
Phase plane; Phase space; Recurrence 
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POISSON BRACKETS 

Let M be an n-dimensional manifold (referred to as 
the phase space), and let f, g, and h denote analytic 
functions on M. A Poisson bracket of any two analytic 
functions on the phase space is defined as an operation 
which satisfies 


@) {af +Bg, h}=a{f, h}+ B{g, h}, (linearity in the 
first component); 
(ii) {f, g}= —{g, f} (skew-symmetry); 
(iii) (f(g, A}} + {g, {h, f+ (h, (Ff, 8}} =0 Jacobi 
identity); 
(iv) {f gh} =stf. 4} +f, shh (Leibniz property), 


where a, 6 are numbers. The first two properties en- 
sure that a Poisson bracket is a bilinear operation on 
M. Properties (i)—(iii) imply that the analytic functions 
on M form a Lie algebra with respect to the Poisson 
bracket. 

If local coordinates zj, i=1,...,n are chosen 
on M, then the Poisson bracket has the coordinate 
a 


thal= Oo Ja 


jk=l 
where V f = (0f /0z1,..., 


af dg Tot 
Qzj Oze =(Vf)' JVs, () 


df / 9Zn), and the Poisson 


matrix J(z)= (Siri k=, iS a skewsymmetric 
square matrix, satisfying a technical condition enforced 
by the Jacobi identity. 


Any nonconstant function C on M that Poisson 
commutes with all other functions on M is called a 
Casimir of the Poisson bracket. From (1) it follows that 
the existence of a Casimir requires J to be singular, and 
VC is in the null space of J. Furthermore, the number 
of independent Casimirs is the corank of J. For a 
Poisson bracket with r Casimirs C1, ..., C-, Darboux’s 
theorem states that it is always possible to find 


coordinates (q1,...,9N, P1,---, PN, C1,...,C;,) on 
M such that in these coordinates 
0 ly 0 
J=j;-In 0 OF, (2) 
0 0 0 


where I is the N-dimensional identity matrix, and 0 is 
the zero matrix of the appropriate dimensions. In these 
coordinates, 


\ (af ag 
(fg) (Ze 
j=l 


qj pj 








i), és 


This representation of the Poisson bracket is called the 
canonical Poisson bracket, and the coordinates (q1,..., 
n> P1, +++ Pn) are called canonical coordinates. 

The importance of Poisson brackets is derived from 
their relationship to Hamiltonian systems: let H be a 
function on M. Hamiltonian dynamics with Hamilto- 
nian function H are defined on any function f on M by 


f=(f. A}. (4) 
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Using the coordinate representation (1), the Hamilto- 
nian dynamics for the coordinates is 


n 


0H 
= {zj, H}= Do Wika (5) 





which reduces to the standard definition of a Hamilto- 
nian system if canonical coordinates are used. From (4) 
itis clear that any function that Poisson commutes with 
the Hamiltonian is conserved for the Hamiltonian sys- 
tem defined by the Poisson bracket and the Hamiltonian 
H. In particular, H is conserved. Also, any Casimir is 
conserved. Because the conservation of the Casimirs 
is independent of the choice of H, they do not contain 
dynamical information. Rather, as is obvious from Dar- 
boux’s theorem, they foliate the phase space and repre- 
sent geometric restrictions on the possible motions in 
phase space. A Hamiltonian system can also be defined 
using the Hamiltonian function H and a symplectic 
two-form, of which J ~! (if it exists) is the coordinate 
representation (Weinstein, 1984). 

As an example, consider Euler’s equations of a 
free rigid body (Weinstein, 1984). Denote the angular 
momentum by (M;, M2, M3) and the moments of 
inertia by 1), I, 13. The Poisson matrix is 


0 M3, —M 
J-|-mM 0 Mm |. (6) 
M, -M, 0 


The Hamiltonian is H =(M? / I; + M3 / bh + M3 / 
13) / 2. The Poisson matrix has rank 2 (except at the ori- 
gin), and there is one Casimir: C) = M? + M3 + M3. 

The notion of Poisson brackets extends to infinite- 
dimensional phase spaces, so as to describe dynamics 
governed by evolution (partial differential) equations 
(Marsden & Morrison, 1984). In this case, the Poisson 
matrix J is replaced by a skew-adjoint differential 
operator B. If the evolution equation is first order in the 
dynamical variable t, this operator is scalar. Otherwise 
it is a matrix operator of the same dimension as the 
order of the evolution equation. Instead of functions on 
phase space, we consider functionals 


Flu) = f fluids. (7) 


Here w(x, ft) is an infinite-dimensional coordinate on 
the phase space, indexed by the independent variable x. 
The square brackets denote that f[u] depends not only 
on u, but possibly also on its derivatives with respect 
to x: Uy,Uyx,... . The limits of integration depend 
on the boundary conditions imposed on the evolution 
equation. In the above, the variable x is assumed to be 
one dimensional. This is extended to higher dimensions 
in obvious fashion. 

The Poisson bracket between any two functionals on 
phase space is the functional given by 


{F,G}= [Re (8) 
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where 6 F / du is the variational (or Fréchet) derivative 
of F with respect to u: 


SF af a af | & af 

bue du Ax Duy ~—— Ax? OUyy 
The Poisson bracket defined this way satisfies 
properties (i), (ii), and (iv). The operator B is chosen 
so that the Jacobi identity (iii) is also satisfied. 


A functional H on the phase space defines 
Hamiltonian dynamics on any functional by 


OF 


ot 
As an example, consider the Korteweg-de Vries 
equation u;= uu, +Uxxx (Gardner, 1971; Zakharov 
& Faddeev, 1971). This equation with — 00 <x <0o 
is Hamiltonian with B=d/dx and H= Se u?/6 
_ u2/2) dx. Thus, the Poisson bracket is 
© §F a 8G 
{F, G} -|/ ary a, (11) 
oo Ou Ox bu 


and f°. u dx is its only Casimir. 








(9) 








6H 
{F, H} {u, H} = B—. (10) 
ou 


The Poisson bracket formulation of a Hamiltonian 
system is especially significant when a quantum 
description of the dynamics is required. Dirac’s 
principle of canonical quantization postulates that 
such a quantum description is obtained by replacing 
all classical quantities by their quantum mechanical 
operator counterparts (generalized coordinates g > q, 
the operation of multiplying by g, momentum 
p—-—ihd/dq, etc., and all Poisson brackets by 
commutators/(ih)). Then, in the classical limit as 
h— 0, the quantum mechanical equations reduce to 
classical equations, as desired by the correspondence 
principle. 

Poisson brackets were introduced by Siméon- 
Denis Poisson (1809) during his investigations on 
perturbation theory in classical mechanics. Poisson’s 
Traité de mécanique (two volumes, 1811 & 1833) were 
standard texts for many years. 

BERNARD DECONINCK 


See also Constants of motion and conservation 
laws; Hamiltonian systems; Korteweg-de Vries 
equation; Lie algebras and Lie groups 
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A simple view of a dielectric material is that it is 
just an insulator made from atoms that have bound 
positive and negative charges. The ratio of an electric 
field measured in vacuum to that measured inside a 
dielectric material is called the dielectric constant. 
The opposite signs of the charges make the atoms 
electrically neutral, but these charges can be pulled 
apart by an applied electric field and they are displaced 
in opposite directions. If this happens, the material 
is said to be polarized. A metal, on the other hand, 
appears to be more complicated; it is a conductor and 
a solid-state plasma. Often called the fourth state of 
matter, a plasma is an electrically neutral assembly of 
separated electrons and positively charged ions. A metal 
is precisely like this but, unlike a gaseous plasma, it 
has a highly mobile “sea” of electrons carrying charges 
that are exactly balanced by a virtually immobile set 
of positive charges residing on the ionic background 
making up the crystal lattice. The same can be said for 
a heavily doped semiconductor. In spite of the plasma 
nature of a metal, its interaction with electromagnetic 
waves is well modeled by a dielectric function that turns 
out to be frequency-dependent (Kittel, 1995). 

To understand the physical interaction between an 
electromagnetic wave and a dielectric, it is instructive 
to look at a (deceptively) simple model of how electrons 
behave in a metal or a heavily doped semiconductor 
when exposed to an electromagnetic wave. The core, 
realistic assumption in this model is that the electrons 
are highly mobile and free to move against an immo- 
bile ionic background. Suppose that the electric field 
carried by the electromagnetic wave is E = (0, 0, E£), 
with a time variation e!’, where w is an angular fre- 
quency. For a free electron with mass m, charge — e, 
and velocity v, moving in one dimension, the equation 
of motion becomes 


iomv = —ecE. (1) 


If N is the number density of the electrons, 
this particle motion creates a current density with a 
magnitude 7, 








2 
j=-nev=i(= je ioP, (2) 
om 
where P is called the polarization. The latter should 
be thought of as being excited as a dipole moment per 
unit volume by the electromagnetic wave. Defining the 
electric displacement vector of free space as D, and the 
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magnetic field as H, the appropriate Maxwell equation 
to incorporate (2) is 











aD Ne? 
curl E + J =iwegE —i “E 
at om 
a2 
= iwey|1-+4]E (3) 
w 


in which ¢ is time and ¢9 is the permittivity of free space. 
Equation (3) shows that a metal is neatly modeled by 
the frequency-dependent relative permittivity 
2 
ow. 


e(w) =1-— (4) 


ap 
where ow = (Ve? /eom) 
frequency. For this to also be a useful description of 
a semiconductor, or to take into account that the ionic 
background of a metal may contribute a frequency- 
independent permittivity, all that is necessary is to 
replace unity in Equation (4) with a quantity ¢,, which 
can be much greater than unity for semiconductors. 
This model gives good agreement with experiment, 
and it also serves to introduce the polariton concept. 
Excitations other than those of a free-electron gas are 
easy to capture, once this basic example is accepted. In 
a one-dimensional system stretching along the x-axis, 
the electrons move a distance 7 =e E / (wm) and the 
polarization is P = — Nex. 

If a plane electromagnetic wave has a wave vector k 
and (4) is the dielectric function, then 


is called the plasma 


kx E = opoH, (5) 
kx H = —-oeve(w)E, 


where jo is the magnetic permeability of free space. As 
a specific example, let the propagation be along the x- 
axis with wave vector k = (k, 0, 0) and let the electric 
field vector be E = (Ex, 0, E,). The following modes 
are then implied (Boardman, 1982) by (5): 


Transverse : (wo _ ow, _ CRYE- =0, (6) 
Longitudinal: (w* — Op) Ex = 0, ) 


where c? = 1 / (€0/40) 1s the velocity of light in vacuum 
and there are two independent solutions. The longitudi- 
nal mode is sustained when E, 4 0 and m = wp. For this 
mode, the electrons move collectively in an oscillation 
that resembles the wobbling of a jelly. 

At this stage, it should be pointed out that physi- 
cists are prone to call things by “ons” (Walker & Slack, 
1970). All this started with the word electron. Unfor- 
tunately, the latter word does not, in itself, explain too 
much about the “on” part of the word, which is derived 
from the Greek word for “amber’,—a fact that Ben- 
jamin Franklin would readily appreciate. Nevertheless, 
the electron is recognized to have a particle nature so 
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physicists have become used to defining an “on” in as- 
sociation with an excited field, such as an electromag- 
netic wave or the jelly-like plasma oscillation. Thus, a 
photon is a particle, or quantum of energy, of light and 
the quantum of the wobbling electronic jelly, or plasma 
oscillation, is called the plasmon. The name polariton 
(Hopfield, 1958) is reserved for the quantum of an ex- 
citation in which electromagnetic waves cannot disen- 
tangle themselves from excitations such as plasmons. 

The coupling of an electromagnetic field to the po- 
larization excitations associated with electrons can be 
seen from the transverse solution (6). This shows that 
a finite value for E, requires the dispersion equation 
to be 

o =a, +0K (8) 

Furthermore, this equation shows that the excitation 
is mixed because it involves not only the plasma fre- 
quency but also the velocity of light. It is for this reason 
that the quantum of this photon-plasmon field is called a 
polariton, as indicated earlier. The total energy is shared 
over the system because the mode has both plasmon 
and photon content, as can be seen by looking at the 
low and high wave number limits of (8). As k > 0, the 
frequency tends towards the plasma frequency, and the 
plasmon content grows at the expense of the photon 
contribution. The opposite is true as k — oo, and the 
wave becomes a pure electromagnetic wave. The “on’ 
labeling is not complete, however, unless the type of po- 
lariton is identified, so, in this case, they are referred to 
as plasmon-polaritons. This labeling is a reminder that 
only plasmons have been used here to introduce the con- 
cept of polaritons. The description is generic, however, 
and there are many types of polaritons. All that is neces- 
sary to generalize the discussion given here is to decide 
which polarization excitation the photons couple with 
and capture the material polarization properties through 
an effective permittivity. Well-known examples involve 
plasmons, excitons, and phonons. 
After several decades of research, polaritons are 
still attracting attention (Baher & Cottam, 2003), in 
both guided and surface wave form, and the study 
of nonlinear polaritons in particular has opened new 
horizons (Boardman & Egan, 1985). The inclusion 
of nonlinearity means extending the permittivity to 
depend upon the amplitude of the electromagnetic wave 
through a functional dependence upon E, such as 


e(w, E) = e(w) + eX ((E]) (9) 





Here ¢(w) is the relative permittivity for the excitation 
of choice, such as phonons, plasmons, or excitons. 
To reduce (9) to a tractable form, a Kerr-type of 
optical nonlinearity can be adopted, in which the total 
permittivity is expressed as 


6(@, E) = e(@) +a|El’, (10) 


where a is a nonlinear coefficient. 
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This type of nonlinear process is not only popu- 
lar in the literature but is genuinely applicable when 
the nonlinearity is well away from resonance and satu- 
ration. Immediately an interesting feature appears be- 
cause the form of (10) permits an investigation of the 
kind of transverse electric (TE) waves that have no lin- 
ear (a — 0) limit. This dramatic conclusion culminates 
in the generation of an entirely new type of polariton. 
The TE waves can be guided or surface waves and for 
this discussion are assumed to be traveling along the 
x-axis. The field components are, therefore, 


E = (0, Ey(k, @, z), Oje*—-, 
H = [Ax (k, @, 2), 0, Hz (k, @, lel, (11) 


Substituting (11) into Maxwell’s equations produces 
the following equations (Boardman et al., 1991): 


d 
aoe @,Z) = —lwpoHy (k, @, Z), 


KE y(k, @, z) = @uoH(k, @, Z), 
d 
—H,(k, w,z) = ikHz(k, @, Z) 
dz 
+iweoe(w, | Ey |?) Ey(k, o, 2). 
(12) 


In general, Ey is complex so that Ey = E(k, o, z) 
elke.) Using E= E(k, wz), 6=b(k, @,z), and 
€ = €(@) in (12) produces the following basic nonlinear 
equations: 


a2 do\? (a? 
E-E t € 

dz? dz c2 

) = K 

dz BE? 








2 

ee + Sak? =0, 
t 

(13) 


The last equation expresses the conservation of energy 
flux along the z-axis, which is perpendicular to the 
propagation direction, and K is a constant of the 
integration process. The z-component of the time- 
averaged Poynting vector is 


1 2 
(S)z = —5Re(E5 Hx) = 720k (14) 


Hence, K = 0 implies (S), = 0. Finally, 


dE\?* wo 2 aw 4 
dy t 22) kl E+ 7aF =C, (15) 


where C is another constant of integration. For a semi- 
infinite medium, C = 0, otherwise C 4 0. 

Consider now a C=O case describing a semi- 
infinite nonlinear medium interfaced to a semi-infinite 
linear medium. As it is well known that linear surface 
plasmon-polaritons are transverse magnetic (TM) 
polarized waves, the nonlinearity has added the extra 
functionality of making it possible to have TE-polarized 
surface plasmon-polariton waves. The field profile of 
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these TE nonlinear waves is readily obtained from (15), 
since it factorizes when C = 0. The solution is 


ce [2 wo 
je (© - Sec) 

woVa c 

@ 






2 


x sech | ,/k?2 — are) (z— zo). (16) 


This is a self-focused (self-guided) beam that has a 
peak in the nonlinear medium below the interface. This 
nonlinear surface wave looks exactly like a spatial 
soliton. Furthermore, there is no linear limit for the non- 
linear TE-polarized surface plasmon-polaritons. The 
frequency dependence for guided modes is more com- 
plex and can have a linear limit. 

Polaritons are being studied in a wide variety im- 
portant of contexts. Some examples include nonlinear 
exciton-polariton dynamics in the experimental study 
of semiconductor microcavities (Savvides et al., 2000), 
two-dimensional electron systems in quantizing mag- 
netic fields (Beletskii & Bludov, 2002), and plasmon- 
polaritons in dielectric films (Baher & Cottam, 2003). 
The idea that underpins the polariton concept can be put 
to dramatic use in an unusual way. This is possible be- 
cause to create polaritons, photons must associate them- 
selves with the quanta or the quasiparticles of collec- 
tive excitations, be they plasmons, phonons, or related 
excitatons. The polariton is a genuine collaborative ef- 
fect between the photons and particles that are acting 
in a prepared organized manner, which means that the 
particles are not absorbing or emitting the photons. If 
a stream of photons (a light beam) is sent through an 
atomic gas (Lukin et al., 2000), for example, then pro- 
vided the gas atoms are not resonant with the laser 
wavelength, the atoms should swarm around the pho- 
tons rather like bees around a honey pot. In other words, 
polaritons should be formed. Furthermore, these polari- 
tons could be organized, through an appropriate choice 
of laser intensity, to travel at a speed that is much less 
than the velocity of light. The particle swarm that has as- 
sociated itself with the photon will slow down the light 
dramatically. This is an elegant idea and is a striking il- 
lustration of the character of the polariton. It is not sur- 
prising that the phrase “to catch a moonbeam” has been 
used (Sincelli, 2000) to describe the polariton-based 
possibility of slowing down light to walking speed. 

ALLAN BOARDMAN 


See also Alfvén waves; Drude model; Excitons; 


Nonlinear plasma waves; Plasma soliton experi- 
ments; Polarons 
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POLARONS 


The polaron concept goes back to 1933 when Lev 
Landau suggested the phenomenon of self-localization 
(self-trapping) of an electron (or a hole), slowly moving 
in a polar crystal (Landau, 1933). The electron locally 
polarizes and, therefore, distorts the ionic lattice in the 
region where it is located. This local lattice distortion, 
in turn, creates a potential well that traps the electron, 
lowering its energy. Therefore, the electron and the 
accompanying self-consistent polarization field can 
move in the crystal as a whole entity and may be 
considered as a quasi-particle. The term polaron was 
introduced in 1946 by Solomon Pekar, who studied 
the limiting (adiabatic) case of a sufficiently strong 
electron-lattice interaction and described the most- 
important properties of a stationary polaron, using a 
continuum model of electron motion (Pekar, 1946). 
Pekar’s theory of a polaron is based on the 
assumption that the polar coupling between electrons 
and optical phonons can be very large in ionic crystals. 
In ionic crystals, some of the ions are positively 
charged, while others are negatively charged, and an 
optical phonon has the different ions in the crystal 
vibrating out of phase. When the positive ions and 
negative ions oscillate in opposite directions (at a 
point r of the crystal), they create a polarization field 
P(r). This causes an electric field E(r), which is the 
source of the polar coupling. Polar coupling is only 
to longitudinal optical (LO) phonons, because only LO 
phonons set up a strong electric field when they vibrate. 


POLARONS 


(This electric field is in the direction of the phonon wave 
vector q.) Writing the expansion in normal modes: 


E(r) = N71/2 > Ege?” 
q 

P(r) = N71? 5* Pyeit” (1) 
q 


with N being the number of ions in the crystal and 
using the fact that there are no free charges, that is, 
V - (2+ 4nP) =0, one obtains the relation 


Eq = —4nPy. (2) 


Each Pg is proportional to the (quantized) displacement 
field 
1/2 


a oe 
P,= Uae (saan) i (aj+a4), ©) 


where the coefficient Ug is to be determined, e is the 
electron charge, M the ion mass, gq is the frequency of 





the gth mode, and ag (aq) is the annihilation (creation) 
operator of the qth mode. 

On the other hand, the electric field can be 
represented as a gradient of a potential field: 


E(r) =-V9(r)=-i)lae'*"bqg. 4) 
q 


Using Equations (1)-(4), the potential field for the 
electron is 


h 1/2 
_ iq-r 
o(r) = eae (sx) 


1 + ) 
x idl (ai +a_q)- (5) 
Because each normal mode q assumes a new 
equilibrium configuration and oscillates in the vicinity 
of these new equilibria, the coupling constant Ug can be 
evaluated from the potential energy between two fixed 
electrons. For a dispersionless polar crystal, when the 
frequency dq is nearly a constant (wg = wo), Pekar has 
derived the value 


2 
ug = 2 (—- =). (6) 


where p is the mass density of the crystal (so 
pV=NM, with V being the crystal volume). The 
dielectric constants €9 and €,, are both measurable: ¢9 
is measured by putting the crystal between the parallel 
plates of a capacitor at low frequency and & is the 
square of the refractive index. 

Thus, it is possible to write the total Hamiltonian of a 
single electron that interacts with the phonons in the 
form 


Pp + 
H= he 





a 


ee 


3 


gee tt 
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Here the unperturbed electron is taken to have free- 
particle motion with a momentum p and an effective 
mass m. Since there is only one electron in the 
problem, the results are independent of the statistics 
of the particle. The same results are obtained for 
any fermion or boson in the crystal, such as holes, 
excitons, or other particles, as long as they are free to 
move. Owing to Equations (5) and (6), the electron- 
phonon coupling constant xo in Hamiltonian (7) is 
given by 


xe = 4noch(2m)~'/? (hag)? (8) 


with the dimensionless polaron constant 


e m \'?27 1 1 
= h (sen) (— =): 


In Pekar’s analysis of this model, the method of 
calculation is basically a variational procedure using 
a Gaussian wave function. The total wave function 
is assumed to be the product of electron and phonon 
coordinates (adiabatic approximation): 


P(r; Qa) = g(r) Wn(Qq = 6Qq): 








B32 2p 

lr) = —argexp (- 5 i (10) 
where £ is a variational parameter to be determined. The 
phonon wave functions yw, are the wave functions for 
harmonic oscillators centered about new equilibrium 
displacements, which also need to be determined. 
Having carried out the variational procedure, one 
obtains the minimum value of #6 and the total 
energy E=E(f) of the coupled electron-phonon 
system: 


2a /|mawo 
Be 
aa 2 
E(Bo) = ~~ -0.106070. (11) 


This result shows the existence of a dynamically stable, 
self-localized state of an electron interacting with 
optical phonons in ionic crystals and having a finite 
binding energy, under the condition that the size of 
the self-trapped state is large compared with the lattice 
spacing constant (so the lattice discreteness becomes 
irrelevant in the theory). 

Pekar’s continuum polaron was the first model of 
a self-trapped state admitting a self-consistent theo- 
retical treatment. The importance of this problem was 
soon understood by many theoretical and mathematical 
physicists working in solid state physics and quantum 
field theory, including N.N. Bogolyubov, S.V. Tyab- 
likov, T.D. Lee, H. Frohlich, R.P. Feynman, E.I. Rashba, 
T. Holstein, Y. Toyozawa, I.G. Lang, and Yu.A. Firsov. 
As aresult, several pioneering works were published in 
the 1950s, favoring use of the methods of quantum field 
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theory in solid state physics. Thus, the “polaron” con- 
cept has lost its original meaning as an electron interact- 
ing with long-wave-length polarized optical phonons 
and has been applied to a significantly wider class of 
self-trapped states, resulting in a large body of work that 
includes exciton-phonon interactions (Rashba, 1957) 
and even applications in biology (Scott, 1992), with 
very recent important contributions to the classical po- 
laron theory (Romero et al., 1999). In this context, the 
following comments are relevant: 


(i) The strong coupling limit in Pekar’s theory is 
calculated in the adiabatic approximation, when the 
electron has a sufficient binding energy and its os- 
cillatory motion in the potential well is much faster 
than the vibrational frequency of the phonons. Thus, 
the phonons do not have time to adjust to the indi- 
vidual oscillations of the electron. Instead, they ad- 
just to the average motion of the electron. Quite a 
different picture applies to the weak coupling limit. 
In this case, the phonon energy is larger than that of 
the electron, so that the phonons (or ion polarization) 
follow the electron during its motion. The weak cou- 
pling limit was studied by Fréhlich within his polaron 
model, in which Hamiltonian (7) was generalized to 
(Frohlich, 1954) 


Ks t 
H= ap cece + 0D agg 
k q 
1/2 x0 + ? + 
tyr De gi ceeat® (44 + 4a) (12) 
gk 


where cr lh) is the annihilation (creation) operator of 
the electron with the wave number k. However, the 
most sophisticated study of the “large” (or “contin- 
uum”) polaron, using the Frohlich Hamiltonian (12), is 
due to Feynman (1955) with the path-integral method, 
substantially extended in the past decade. For an ex- 
tensive review of the large polaron studies in both 
the strong and weak coupling limits, see Mitra et al. 
(1987). 

(ii) When the electron-phonon coupling constant is 
large, all the states in the Brillouin zone are involved 
in the formation of the polaron wave function. In this 
case, the polaron radius becomes comparatible with 
the lattice constant and the continuum approximation 
is no longer valid. For a “small” polaron, the theory 
should recognize the periodicity of the crystal and 
thereby assume that the motion of the electron, or 
another particle, is no longer translationally continuous. 
Therefore, one assumes that the electron may occupy 
an orbital state #(r — Rj) centered on an atomic site 
R ';- The orbital states are identical on each site, so that 
there is periodicity. The electron may move from site 
to site as in the tight-binding model. This motion may 
be caused by the overlap of the orbitals on adjacent 
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sites. Thus, the following Hamiltonian is suitable for 
the small polaron theory: 


= + t 
H= PIC ics + > wgajjag 
jl q 


+ > xqe't i CG; (ai + aq) » (13) 
i 


where the factor J describes the overlap of the orbitals 
and C; (C}) is the annihilation (creation) operator of the 
electron on site R;. Basic features of the small polaron 
were well recognized a long time ago by Tyablikov, 
Holstein, Lang, and Firsov, among others, and are 
described in several review papers and textbooks 
(Appel, 1968; Béttger & Bryksin, 1985; Mahan, 1990; 
Alexandrov & Mott, 1995). 

(iii) Another interesting case is a problem of the 
lattice polaron with a long-range Frohlich interaction. 
This polaron has a small (atomic) size of wave 
function but a large radius of lattice deformation. As 
shown recently (Alexandrov & Kornilovitch, 1999), 
this “small Frohlich polaron” can propagate in a narrow 
band with the effective mass much smaller than that of 
the Holstein small polaron of the same binding energy. 
Alexandrov and Kornilovitch argue that small as well as 
large Frohlich (bi)polarons are relevant quasiparticles 
in the cuprates, describing holes in the CuO 2 plane 
coupled with the lattice distortion created by a long- 
range interaction. 

(iv) The polaron concept appeared so ubiquitous 
that it was used even in biology to describe a 
possible mechanism of the localization and transport 
of vibrational energy in molecular chains, particularly 
in proteins. As was suggested by Davydov, the energy 
of the C=O stretching (amide-I) vibrations, being 
localized on a peptide group of the a-helix, distorts 
the structure of the helix in this place. In its turn, 
a (contractive) distortion of the helical chain creates 
a potential well that traps the amide-I oscillation 
energy preventing its dispersion. This mobile self- 
localized (or self-trapped) state that can travel along the 
chain, carrying the energy released under the adenosine 
triphosphate (ATP) hydrolysis, is called a “Davydov 
soliton” (Scott, 1992). 

ALEXANDER V. ZOLOTARYUK 


See also Davydov soliton; Discrete self-trapping 
system; Local modes in molecular crystals 
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POLYMERIZATION 


Polymers are long molecules made from one or more 
types of repeating units, called monomers. The simplest 
synthetic polymer consists of hundreds to even millions 
of monomers that are connected end to end in a linear 
chain. Polymers are essential to our modern world and 
our very life. Biochemical systems involve polymers 
because all enzymes are proteins, a type of polymer 
composed of about 20 different amino acids. DNA 
and RNA are also polymers but formed from four 
different bases (Nelson & Cox, 2000). Goldbeter (1995) 
discusses well the type of nonlinear phenomena that can 
occur. We focus only on synthetic polymers here. 

A distribution of chain lengths always exists in a 
synthetic system. This molecular weight distribution 
can be quite broad, often spanning several orders of 
magnitude. However, biopolymers consist of a single 
molecular weight. 

Linear polymers are often thermoplastic, meaning 
that they can flow at some temperature, which depends 
on the molecular weight. Common examples are 
poly(styrene) and poly(methyl methacrylate), whose 
trade name is Plexiglass. 

Polymers need not be simple chains but can be 
branched or networked. Linear polymers are analogous 
to strings of spaghetti. Crosslinked polymers can be gels 
that swell in a solvent or thermosets, which form rigid 
three-dimensional networks. Home epoxy glue is an 
example of a crosslinked polymer. Figure 1 illustrates 
these variations. 
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Figure 1. Illustration of three types of polymers: (a) linear, 
(b) branched, (c) crosslinked. 


Polymer Kinetics and 
Mechanisms of Feedback 


The mechanism of polymerization usually falls into one 
of two categories: chain growth or step growth. In chain- 
growth polymerization, a monomer is converted into a 
reactive species by an initiating species, either an ion 
or a free radical (a molecule containing an unpaired 
electron), that rapidly reacts with other monomers 
while always maintaining the reactive character. The 
reactive chain can be broken through some termination 
process. In most cases, even though relatively little 
of the monomer has reacted, high molecular weight 
molecules are produced in a few seconds. They 
usually do not participate further in the reaction. 
Plexiglass is produced via free-radical chain-growth 
polymerization. 

For step-growth polymers, the monomers can 
usually react from both ends, and thus, all the monomers 
and polymers can react with each at any time from both 
ends. The molecular weight increases continuously 
throughout the reaction as monomers react to form 
dimers, and then dimers can react with each other or 
monomers, etc. 

The physical properties of the polymer medium 
change dramatically during reaction. For example, the 
viscosity almost always increases orders of magnitude 
as the polymer concentration and/or molecular weight 
increases. This can be understood if you consider 
stirring a pot of penne versus a pot of spaghetti: 
the longer pasta pieces intertwine and resist flowing. 
Such physical changes will often affect the kinetic 
parameters of the reaction and the transport coefficients 
of the medium. 

Synthetic polymer systems can exhibit feedback 
through several mechanisms. The simplest is thermal 
autocatalysis, which occurs in any exothermic reac- 
tion. The reaction raises the temperature of the sys- 
tem, which increases the rate of reaction through the 
Arrhenius dependence of the rate constants. Most 
chain-growth polymerizations, including free-radical 
polymerizations, are highly exothermic. Some step- 
growth polymerizations are highly exothermic (epox- 
ies), but some are not (polyesters). 

Free-radical polymerizations of certain monomers 
exhibit autoacceleration at high conversion via an 
additional mechanism, the isothermal “gel effect’ or 
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“Trommsdorff effect” (Odian, 1991). These reactions 
occur by the creation of a radical that attacks an 
unsaturated monomer, converting it to a radical, which 
can bond to another monomer, propagating the chain. 
The chain growth terminates when two radical chains 
ends encounter each other, forming a stable chemical 
bond. As the polymerization proceeds, the viscosity 
increases. The diffusion-limited termination reactions 
are thereby slowed down, leading to an increase in 
the overall polymerization rate. The increase in the 
polymerization rate induced by the increase in viscosity 
builds a positive feedback loop into the polymerizing 
system. 

Some polymer hydrogels exhibit “phase transitions” 
as the pH and/or temperature are varied. Disposable 
diapers contain hydrogels that absorb great amounts 
of water because the polymers contain charged groups 
that bind the water. These charged groups can be af- 
fected by acid or base and are also temperature sensi- 
tive. The gel can swell significantly as the conditions 
are changed and can also exhibit hysteresis (Addad, 
1996). Most polymers are immiscible, meaning that 
they will not dissolve with each other but will sepa- 
rate into different phases like oil and water. Introducing 
chemical reactions to an initially miscible polymer mix- 
ture often leads to phase separation. Autocatalytic be- 
havior driven by chemical reactions and concentration 
fluctuations in miscible polymer mixtures can occur in 
photo-crosslinked polymer mixtures (Pojman & Tran- 
Cong-Miyata, 2003, Chapter 22). Concentration fluctu- 
ations increase as the reaction proceeds, leading to the 
reaction of photoreactive groups attached to one of the 
polymer components. This leads to an increase in the 
reaction yield that, in turn, accelerates the concentration 
fluctuations. 

Finally, the polymer melts and the solutions are usu- 
ally non-Newtonian fluids (Gupta, 2000), which means 
that there is no linear relationship between the stress ap- 
plied to the fluid and strain that is measured. They often 
exhibit shear thinning, which means that the viscosity 
decreases as the shear is increased, but can also exhibit 
shear thickening. These properties make polymer addi- 
tives important in the food and cosmetic industry. 


Applications 


There are two main scenarios by which nonlinear phe- 
nomena of possible utility arise with polymers. The first 
approach is to use a nonlinear system to drive the non- 
linear behavior of a polymer or polymerization. Acry- 
lonitrile will polymerize periodically when added to 
the Belousov—Zhabotinsky (BZ) reaction (Washington 
et al., 1999). 

Yoshida et al. created a self-oscillating gel by 
coupling a pH oscillating reaction with a polymeric gel 
that expands and contracts with changes in pH (Yoshida 
et al., 1995). They have also used a gel in which the 
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ruthenium catalyst of the BZ reaction is chemically 
incorporated into polymer, causing local swelling and 
deswelling as chemical waves pass through the gel 
(Pojman & Tran-Cong-Miyata, 2003, Chapter 3). 

The second approach is to use the inherent 
nonlinearities in a polymeric system. Polymerizations 
in a continuously stirred flow tank reactor (CSTR) can 
show nonlinear phenomena through the interaction of 
thermal feedback and the gel effect. Teymour and Ray 
showed in laboratory-scale CSTR experiments on vinyl 
acetate polymerization that oscillations with periods of 
200 min could occur (Teymour & Ray, 1992). The gel 
effect causes the rate of polymerization to increase, 
but the increase in temperature lowers the viscosity, 
returning the polymerization to its lower rate. 


Frontal Polymerization 

One of the most promising applications of nonlinear 
dynamics to polymer science is the phenomenon of 
frontal polymerization. Frontal polymerization is a 
process of converting monomers into a polymer via 
a localized reaction zone that propagates through the 
monomer, much like a “liquid flame.” 

Thermal frontal polymerization involves the cou- 
pling of thermal diffusion and Arrhenius reaction ki- 
netics of an exothermic polymerization (Pojman et al., 
1996). Front temperatures are typically 200°C, and 
front velocities are from 1-20 cm/min. Because of the 
large composition and thermal gradients created in the 
front, convection can be a significant issue (Pojman 
et al., 1996). Simple convection can occur for ther- 
mosets in ascending fronts, but for thermoplastics, the 
Rayleigh-Taylor instability is a significant issue unless 
a filler is added to increase the viscosity. 

Such systems exhibit many modes of nonplanar front 
propagation. Particularly fascinating are the spin modes 
in which the front propagates as a helix, and hot spots 
can be seen on the surface with an infrared camera 
(Figure 2). Even more complicated modes can be 
observed depending on the chemical composition. 





Figure 2. Infrared image of a spin mode in_ the 
free-radical-frontal polymerization of an acrylate in a 1.5cm 
diameter tube. (Image courtesy of J. Pojman.) 
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Isothermal frontal polymerization (IFP), also called 
interfacial gel polymerization, is a slow process in 
which polymerization occurs at a constant temperature 
and a localized reaction zone propagates because of the 
gel effect (Epstein & Pojman, 1998, Chapter 11). Using 
IFP, one can control the gradient of an added material 
to generate materials for optical applications. 

Joun A. PommMaN 


See also Belousov—Zhabotinsky reaction; DNA pre- 
melting; DNA solitons; Fluid dynamics; Morpho- 
genesis, biological; Protein structure; Rayleigh— 
Taylor instability; Rheology 
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Biological populations have a propensity for exponen- 
tial growth. This Malthusian principle is expressed by 
the linear, ordinary differential equation dn/dt =rn, 
r >0, where n =n(t) is a measure of population size 
or density (e.g., individual numbers, biomass, or dry 
weight) as a function of time f. Although populations 
can, under appropriate conditions, exhibit exponential 
growth over a finite period of time, no population can 
grow indefinitely according to this law. The field of non- 
linear population dynamics involves the study of how 
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population numbers are regulated by biological and en- 
vironmental effects. The equation 


OT ti eRe 1 
ape tts —n/K) qd) 


is an example of a modification of the exponential 
growth equation. It is based on the assumption that 
per capita growth is a decreasing, linear function 
of population size. In the 1920s, many researchers, 
including Alfred J. Lotka, Lowell J. Reed, and, most 
notably, Raymond Pearl, considered Equation (1) as 
a fundamental law of population growth. It was 
later discovered that a Belgian mathematician, Pierre- 
Frangois Verhulst, had used the equation in his studies 
of population growth in the 1840s. Equation (1) is 
called the Pearl—Reed equation, the Pearl—Verhulst 
equation, or more commonly, the “logistic equation” 
(a name adapted from Verhulst’s name logistique for 
the equation). 

Equation (1) implies all population densities 
monotonically approach the equilibrium K, called 
the carrying capacity. Before leveling off at this 
carrying capacity, low population numbers initially 
grow exponentially at the inherent growth rate r, and 
the resulting S-shaped trajectory is called a logistic 
growth curve. In their studies of human population 
dynamics, Pearl and his colleagues fit logistic curves 
to census numbers from many countries and states. 
Although today considered rather simplistic as a model 
of population growth, the logistic equation nonetheless 
encapsulates the notion of density self-regulation in 
population dynamics and has inspired many basic 
notions in ecology (e.g., habitat carrying capacity, the 
classification of species as “r or K selectors”). 

The logistic equation is a first-order differential 
equation of the Kolmogorov type 

dn 

em (2) 
with per capita growth rate f(n) =r (1 —n/K). Many 
theories of population growth use the Kolmogorov 
equations with other specialized forms for f(n). One 
notable class of models arises from a modification of 
the negative feedback density regulation assumption 
of the logistic Equation (1) to include a positive 
feedback at low population numbers. This notion was 
put forth by W.C. Allee in order to account for increased 
growth rates associated with increased population size 
experienced by some (many biologists would say most) 
populations when at low numbers (although a negative 
feedback still comes into play at high numbers). An 
example is the equation 


The “Allee effect” entails a threshold aK such that 
populations go extinct unless their initial state n(0) 
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exceeds aK, in which case they equilibrate at the 
carrying capacity K. 

Ordinary differential equation models based on 
equations of form (2) neglect important factors affect- 
ing the dynamics of real biological populations. Ex- 
amples include temporal inhomogeneity (nonconstant 
vital rates and environment fluctuations), spatial inho- 
mogeneity (diffusion and dispersal), and population in- 
homogeneity (differences among individuals). The in- 
clusion of temporal inhomogeneities in Equation (2) 
produces a non-autonomous differential equation with 
f =f (t,n). For example, a periodic carrying capacity 
K inthe logistic Equation (1) reflects a seasonal habitat. 

The movement of populations in a spatially extended 
habitat can be modeled by adding a diffusion or 
dispersal term to a growth model. For example, Fisher’s 
equation 


oF ek 1l=n/K 

7 cAn+rn( n/K) 

has been used to study the spread of populations by 
means of traveling waves. Other types of diffusion op- 
erators, including integral operators described by dis- 
persal kernels, are often considered more appropriate 
for the movement of biological populations (Murray, 
2003). 

Differences in chronological age, body size, and 
other physiological characteristics of individual organ- 
isms can significantly affect birth and death rates and 
consequently, the entire population’s dynamics. The 
McKendrick equation 
dp 0p 


= =-—§ 
a de 
describes the death processes of a population in terms 
of an age-specific density p = p(t, a) and death rate 
5. This equation is accompanied by a renewal or birth 
equation 


p(t, 0) = [ 60a. 


If the age-specific birth and death rates 6 and 6 are 
independent of population density p, then these equa- 
tions are linear and imply (under suitable conditions) 
the Fundamental Theorem of Demography. This the- 
orem states that regardless of whether the population 
grows or decays exponentially, the normalized density 
approaches the positive, normalized eigensolution as- 
sociated with the dominant eigenvalue. If 6 and/or 6 are 
dependent on p, then the McKendrick model is nonlin- 
ear. This model can be used to study the effects that var- 
ious life-cycle characteristics have on population level 
dynamics, effects such as maturation delays, gestation 
periods, and nonreproductive quiescent stages (Webb, 
1985; Metz & Diekmann, 1986; Cushing, 1998). 
Populations are often modeled using discrete time 
maps in which population numbers are predicted 
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from one census time to the next. The discrete time 
exponential growth is described by the linear map (or 
difference equation) x4; =Ax;, A> 1. An analog of 
logistic equation for density regulated growth is the 
Beverton—Holt equation 


1 
Nia pepe — Re 
1+ (A—1)x,/K 
whose solutions monotonically approach K as 
t — +00. Other types of density-dependent, popula- 


tion growth models can lead to non-equilibrium asymp- 
totic states. For example, in the Ricker model 


Xp H A 


Xr+1 = Ax exp (—cxr), 


larger population numbers, of sufficient magnitude, 
produce smaller population numbers at the next census. 
This type of density-dependent “depensation” produces 
a period-doubling, bifurcation route to chaos as the 
inherent growth rate 1 increases. In the 1970s, Robert 
May stimulated the interest in complex and chaotic 
dynamics that flowered during the last decades of the 
20th century by his studies of the Ricker model and 
similar one-dimensional maps as models of population 
growth (May, 1974). 

There is a long tradition of using discrete time 
models to model structured populations (Caswell, 
2001). The Leslie matrix model 


B41 = La, (3) 


is an example. The components of the vector a, are the 
number of individuals, at time f, in a finite collection 
of age classes. The nonnegative “projection” matrix 
L contains birth and survival rates per unit time. In 
other models, the structuring classes are based on 
other categories (such as body size and life cycle 
stage). If L is a constant in time, matrix model (3) 
implies (under suitable mathematical conditions) the 
Fundamental Theorem of Demography. If the entries of 
L depend on 2;, then the model is nonlinear. Nonlinear 
matrix models can be used to study the effects of class 
specific density effects on birth and death rates. For 
example, a model of a population with three life cycle 
stages and Ricker-type negative feedback nonlinearities 
has been used in conjunction experimental studies to 
document the occurrence of a bifurcation route to chaos 
in a laboratory population of insects (Cushing et al., 
2002). 

Most populations interact with other populations 
in ways that affect each other’s vital rates. A natural 
extension of the logistic equation to the interaction of 
two species’ assumes per capita growth rates are linear 
expressions of species densities, an assumption that 
results in the Volterra—Lotka system 

dn 1 
dt 
dng 


dt 


=n (ri tc +1272), 





= ng (r2 + c21M1 + €22N2) 
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of differential equations. A fundamental classification 
of two species’ interactions can be based on the signs 
of the six coefficients in these equations. Two classical 
examples are 











d 

=m (1 ni /K)—cynino, 

d 

= = —dny + con\n2 (4) 
and 

d 

= rin nj /K1)— cing, 

dn2 

dt = rgng (1 — n2/K2) — conyng. (5) 


The Lotka—Volterra predator-prey model (4) de- 
scribes a logistically growing prey population n; that 
is preyed upon by a predator 12 that dies out exponen- 
tially in the absence of n,. In this model, the per preda- 
tor uptake rate of prey is proportional to the amount of 
prey present, a mass-action type interaction that gives 
rise to the quadratic nonlinearity in (4). If K <d/co, 
this predator-prey model predicts predator extinction; 
if K > d/c2, the model predicts coexistence (in terms of 
an asymptotically stable equilibrium state). The mass- 
action assumption is often replaced by one based on a 
predation rate that saturates (or even decreases) as the 
amount of prey increases. For example, the MacArthur— 
Rosenzweig predator-prey model, 








it (—m/K)-«1— 
=rn n n2, 
dt : : “lot 
dng 1 n\ 
= —dny+—c1 n2, 
dt a a+n, 


assumes a per predator prey uptake rate cjn1/ (a + n1) 
of the so-called Holling I (or Monod, or Michaelis— 
Menten) type. This predator-prey model predicts 
a destabilization of the coexistence equilibrium, 
accompanied by a Hopf bifurcation to a stable limit 
cycle, for K large. Thus, an enrichment of the 
habitat results, paradoxically, in a destabilization of 
the predator-prey interaction and, for this reason, this 
phenomenon is called the “paradox of enrichment.” 
The Lotka—Volterra competition model (5) describes 
two logistically growing populations that adversely 
affect each other’s growth rate through an interfer- 
ence competitive interaction measured by the quadratic 
mass—action terms. This model predicts a limited num- 
ber of competitive outcomes. If the interspecific compe- 
tition is weak compared with the intraspecific competi- 
tion (c1c2 <rir2/(K1 K2)), then the species coexist in 
an asymptotically stable equilibrium state. If interspe- 
cific competition is too strong (cjc2 > 11r2/(K1 K2)), 
then one species becomes extinct and the other sur- 
vives (in an asymptotically stable equilibrium state). 
The Lotka—Volterra competition model gave rise to the 
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many fundamental ecological notions, including com- 
petitive exclusion, ecological niche (there can be no 
more species than there are limiting resources), and 
limiting similarity of competitors. Although not univer- 
sal for theoretical competition models, these concepts 
are well supported by a large number of other competi- 
tion models. For example, the exploitative competition 




















model (the chemostat model) 
dn, 1 R 
= —dn, C1 ni, 
dt a; aj+R 
dn2 1 R 
dny C2 n2, 
dt a2 “agt+R 
dR d(Ry — R) R R 
= : n—c n 
dt 7 aR : +R 2 


describes the competition of two species for a (prey) 
resource R. This model also predicts the survival of 
only one species (Smith & Waltman, 1995). 
Large-dimensional ecosystems can be modeled 
by coupling together any number of single species 
such as those described above (May, 2001). Such 
multispecies models can include temporal, spatial, 
and/or demographic inhomogeneities. For example, the 
dispersal and diffusion of many interacting species can 
be modeled by systems of reaction-diffusion equations, 
such as Fisher’s equation, coupled together so as 
to describe predator-prey or competition interactions. 
Similarly, coupled systems of McKendrick equations 
or Leslie matrix models describe interactions among 
structured species. 
J.M. CusHinc 


See also Biological evolution; Brusselator; Epide- 
miology 
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POWER BALANCE 


As the dynamics of any real system includes dissipation, 
steady dynamic regimes are observed if energy loss is 
permanently compensated by energy input from some 
external or intrinsic source, which is a condition of 
power balance (PB). In the flame of a candle, for 
example, power input is supplied by the burning wax 
and dissipation by the emission of heat and light. 
Starting from the seminal theoretical work by Yakov 
Zeldovich & David Frank-Kamenetsky (1938), the 
modern combustion theory has developed a detailed 
mathematical analysis of the flame propagation in 
various combustible media, based on the PB concept 
(Williams, 1964). 

The PB analysis in its general form underlies a 
variety of dynamical phenomena in physics, chemistry, 
biophysics, and engineering. A simple model is the van 
der Pol oscillator, which is described by the equation 


E+oré =aé — pee. (1) 


Here, &(f) is a dynamical variable, w is the 
eigenfrequency of linear oscillations in the system, and 
the small positive coefficients a and 6 account for the 
linear intrinsic gain and nonlinear loss, respectively. 
As the energy (£) of this system is (€? + w&?)/2, 
Equation (1) implies 


dE /dt = (@ — pé*)é?. (2) 


Assuming that € = Acoswt, averaging Equation (2) 
over a cycle, and assuming that (dE/dt) = 0, one finds 
that PB is established at the amplitude A = 2./a/B. 
Another generic case is the balance between intrinsic 
loss and energy supplied from an external source. An 
example is furnished by an equation for an ac-driven 
damped pendulum with sinusoidal nonlinearity, 


&+siné = —aé + y cos (aot), (3) 


where a > 0 is a friction coefficient and y and wo 
are the amplitude and frequency of the drive. (An 
important realization of this equation is a Josephson 
junction. In this case, € is the phase difference of the 
superconducting wave function across the junction, a 
accounts for ohmic loss, and the ac drive is induced by 
bias current applied to the junction (Barone & Paternd, 
1982).) The corresponding PB equation takes the form 
(cf. Equation (2)) 


dE/dt = —a&* + yé sin (wot). (4) 


In the lowest-order approximation, a = y =0, two 
different types of exact solution are known: oscillating 
and rotating ones with zero and finite average velocity 
(é), respectively. Substitution of the rotating solution 
into Equation (4) (where a and y are treated as small 
parameters) and averaging over the period shows that 
PB is established for the solution whose frequency is 
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locked to the driving frequency wo, so that w= awo/n, 
n=1,2,---. In other words, the PB condition selects 
the solution’s frequency. Further, it follows from 
Equation (4) that the PB condition cannot be met unless 
the drive’s strength exceeds a finite threshold value, yinr. 

At y>Ynhr, the PB between the ac drive and 
loss selects a constant value of the phase shift $0 
between the ac drive and the phase of the oscillating 
part of the solution. Indeed, averaging Equation 
(4) and demanding (dE/dt) =0 yield a general 
result, cos do = Yinr/y; that is, there are two power- 
balanced solutions, ¢9=-+cos~! (yjnr/y). Further 
analysis demonstrates that one solution is stable and 
the other one is unstable. 

A similar mechanism underlies propagation of a 
magnetic-flux quantum (fluxon, or topological soliton) 
in a long weakly damped ac-driven Josephson junction 
with periodic spatial modulation, which is described by 
the following sine-Gordon (SG) equation: 





Ey — Ey + [1 + € sin (20x/A)] sin€ 
= —a& + y cos (wor) . (5) 


Here x is the coordinate along the Josephson junction, 
the subscripts stand for partial derivatives, and ¢ 
and A are the amplitude and period of the spatial 
modulation. In this case, the average velocity (v) of 
the ac-driven fluxon is determined by the condition of 
locking the frequency of the periodic passage of the 
spatially periodic relief by the fluxon to the ac-drive’s 
frequency, which yields a spectrum of PB velocities: 
(v) =Aa@o/ (2mn),n 1, £2,....Note that the sign 
of the velocity is determined by an initial push setting 
the fluxon in motion. 

The latter phenomenon was observed in a direct 
experiment, in the form of an inverse Josephson effect, 
that is, dc voltage induced by ac bias current (Ustinov 
& Malomed, 2001). The periodic spatial modulation is 
necessary for the effect, as it opens a way to establish the 
PB between the ac drive and dissipation. Nevertheless, 
in an annular (ring-shaped) Josephson junction of along 
but finite length, the same effect is possible without any 
spatial modulation, due to the interaction of the fluxon 
with its own tail (Goldobin et al., 2002). In that case, the 
average velocity is not “quantized,” as above, but may 
take any value. A noteworthy feature, specific to the ring 
system, is the dependence of the threshold value jin; on 
the ring’s length L (see Figure 1). (If the driving signal is 
slightly nonmonochromatic, progressive motion is still 
possible over a long time, but it is eventually destroyed 
by decoherence accumulating due to small fluctuations 
of the driving frequency (Filatrella et al., 2002.) PB 
for breathers in long lossy Josephson junctions is also 
possible (Lomdahl & Samuelsen, 1986). 

Another class of PB problems can be formulated 
in terms of the complex Ginzburg-Landau equation, 
which may be regarded as a perturbed version of the 
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Figure 1. The minimum (threshold) value of the ac-drive’s 
strength y, in the case e =0, w= 1.12, anda =0.1 [see Equation 
(5)], which is necessary to support progressive motion (in either 
direction) of a fluxon in a long Josephson ring, vs. the length 
(L) of the ring. In regions without data, the ac-driven motion of 
the fluxon is impossible; in particular, the effect vanishes if L 
exceeds Limax © 21. 


nonlinear Schrédinger (NLS) equation: 





i, + ZUyy + |ul?u = iu + ie uy, 
tio |u|2u — ia3|u|*u, (6) 


where all the coefficients ao,1,2,3 are assumed to be 
positive and small. In this model, linear and quintic 
nonlinear losses are accounted for by ap, a1, and 
a3, respectively, while a2 is a cubic-gain coefficient. 
Equation (6) describes transmission of soliton signals 
in nonlinear fiber-optic telecommunication links with 
loss, gain, and filtering (the last being represented by 
the term a2 term) (Iannone et al., 1998) and subcritical 
pulses observed in binary-fluid thermal convection in 
narrow channels (Kolodner, 1991). 

The energy of the optical field in the fiber is 
E= fee |u(x)|? dx, and the loss and gain terms on 
the right-hand side of Equation (6) give rise to the 
corresponding PB equation, 





+00 
azjar = 2] aE tf (—ay lux! 
—00 
—a3|u|° + a2|u\*) ax| . (7) 


Approximating solutions by the NLS soliton, u = n sech 
(nx) exp (id), where 7 is an amplitude, substituting this 
in Equation (7) and equating dE /dt to zero lead to a 
PB condition in the form 


n [8a3n4 — 5 (2a2 — 04) 1? + 15a] =0. 8) 


The trivial solution, 7 =0, is stable. The remaining 
factor in Equation (8) yields two nontrivial solutions 
if threshold conditions are satisfied: #2 >a ,/2 and 
5 (2a2 —a))? > 96a9a3. The solution with a larger 
value of 7 gives a stable SP, and the one with smaller 7 
is unstable. 
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Another manifestation of PB occurs in reaction- 
diffusion systems, such as the FitzHugh-Nagumo 
model (Cross & Hohenberg, 1993). Besides chemical 
systems—the Belousov—Zhabotinsky (BZ) reaction, 
heterogeneous catalysis, and so on—models belonging 
to this class find numerous other applications, including 
neural networks, cardiac tissue in biophysics, electron- 
hole plasmas in semiconductors, and gas-discharge 
plasmas. In this case, the PB takes place between energy 
release due to the chemical reaction, which is described 
by local terms of the model, and loss due to diffusion. 
As aresult, various patterns may be supported as stable 
dynamical equilibria, including standing or traveling 
waves, fronts (shock waves) and periodic wave trains 
in one dimension, spiral vortices and localized spots 
in the two-dimensional case, and vortex rings in three 
dimensions, among others. An interesting experimental 
finding is the observation of two drastically different 
regimes of propagation of a BZ chemical wave in 
aqueous solution, which resemble deflagration and 
detonation waves in gas dynamics: a slow wave, which 
is driven by diffusion of chemical reactants, and a fast 
“big wave” (Inomoto et al., 1997), which is coupled to 
surface deformation and flow in the solution. The two 
modes of the chemical-wave propagation realize the 
PB in different forms, the choice between them being 
determined by the initial perturbation. 

Boris MALOMED 


See also Candle; Complex Ginzburg-Landau equa- 
tion; Damped-driven anharmonic oscillator; 
FitzHugh-Nagumo equation; Flame front; Long 
Josephson junctions; Solitons; Zeldovich-Frank- 
Kamenetsky equation 
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PROTEIN DYNAMICS 


Proteins carry out structural, catalytic, and molecular 
recognition roles that require a wide variety of motions 
over a broad range of timescales, from 10-|5 to 10° s, 
as sketched in Figure 1. Motions can be as mund- 
ane as coupled vibrations or as sophisticated as gene 
transcription by an RNA polymerase protein. The 
broad range of timescales is a principal difficulty in 
understanding protein dynamics. We will focus here on 
atomic motions and conformational changes of single 
proteins. 

Although there are a wide variety of proteins display- 
ing many remarkable dynamical phenomena, photo- 
active proteins play a special role in experimental stud- 
ies of protein dynamics. This is because experiments 
can be initiated with a femtosecond laser pulse at any 
temperature from absolute zero to the unfolding tem- 
perature of the protein, allowing the wide variety of 
motions to be observed. Proteins which have been ex- 
tensively studied this way are myoglobin (Austin et al., 
1975), the photosynthetic reaction center, rhodopsin, 
photoactive yellow protein, and cytochrome coxidase. 

An essential result of such studies is that there are 
three fundamentally different processes involved in 
modeling atomic motions of proteins. This distinction 
can be seen in the temperature-dependent rates of 
various processes observed in myoglobin, sketched 
in Figure 2 and described in Fenimore et al. (2002). 
These processes are labeled as fast fluctuations, bond 
formation, and conformational motions. 

Fast fluctuations occur on the 100 picosecond 
timescale over the temperature range from 200 to 
300 K, but their amplitude (or number) diminishes by 
a factor of ten over this range. Because these motions 
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Figure 1. Types of protein motions which occur on timescales 
from femtoseconds to hours. 


occur in the absence of bulk solvent motions, they must 
involve relatively local rearrangements between the 
various possible meta-stable configurations possible 
in a protein. The network properties of water at the 
surface of the protein and the voids created by thermal 
expansion play an important role in these types of 
motion; the motions disappear when a protein sample 
contains less than about 30% water. 

It is possible to capture the essence of these motions 
with a relatively simple potential energy function and 
Newton’s law of motion, fF =ma, V= bond stretch 
+ bond angle + dihedral twist + atom-centered point 
charge electrostatics + Lennard-Jones. 

The bond stretch and bond angle terms are simple 
harmonic potentials which allow the protein to vibrate. 
The dihedral twist term is a cosine function which 
allows transitions between rotamer states of single 
and double bonds. Dihedral twist parameters of the 
backbone will also influence the relative free energy 
of alpha helixes and beta sheets, two of the common 
secondary structure motifs described in the (See 
Protein structure). Much of the subtlety in this 
potential energy function lies in the electrostatics 
and Lennard-Jones terms. Both are pairwise additive 
interactions between atoms that are not bonded to 
each other or through another atom. The electrostatic 
interaction strength falls off as 1/d, while the the 
Lennard-Jones term is of the form A/d!?— B/d®, 
where d is the distance between atoms. 

When the solvent is treated explicitly, parameters 
can be developed which reproduce important dynamic 
and thermodynamic properties that contribute to protein 
function. These include solvent properties, such as 
dielectric response time and amplitude, self-diffusion 
coefficients, and heat of vaporization. For amino acids 
and other small molecules, heats of solvation and 
heats of transfer from octanol to water are accurately 
reproduced. Heats of solvation and some aspects of the 
hydration shells of ions are also correctly modeled. 

When this potential energy function is applied to 
protein folding and dynamics, it produces a prediction 
for the ensemble of protein conformations, as well as 
rates of water penetration, motions of loops, folding 
temperature, and the ensemble of unfolded states. 
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Figure 2. Arrhenius plot, showing the temperature-dependent 
rates of three types of experimentally measured protein motions, 
compared with the rate of solvent motions. (Taken from 
Fenimore et al., 2002, and references therein.) 


In practice, it is difficult or impossible to obtain 
the necessary sampling to unambiguously quantify 
these properties. The reason is that a solvated protein 
simulation involves about 30,000 atoms; thus the 
integration time for the dynamics is limited to about 
2 fs, while many of the motions of interest occur on the 
nanosecond to microsecond timescales (see Figure 2). 
Much effort in this field over the past two decades has 
centered on methods to improve the sampling through 
efficient implementation, parallelization, and statistical 
physics. 

Covalent bond formation is the primary function 
of enzymes and involves many of the complexities 
of fast fluctuations combined with the need for a 
quantum-mechanical description of electronic polariz- 
ability, bond distortion, and bond formation. Such de- 
scriptions are available through all-electron quantum 
chemistry techniques, such as density functional the- 
ory, but calculations require approximately 1 cpu/day 
to evaluate energies and forces for 200 atoms. Calcu- 
lations can be efficiently parallelized, and when more 
than 200 protein atoms are included, computation time 
scales linearly with system size. It is also possible to 
treat the bond-formation region quantum mechanically 
and the rest of the protein and solvent classically in a 
single calculation. 

The difficulties involved in computing reaction rates 
include proper treatment of the vibrational dynamics 
of bond formation, sampling over hydration states, and 
sampling over the ensemble of protein conformations. 
One useful simplification is that many enzymes exclude 
water from their active site, considerably reducing the 
disorder. 

Conformational motions of proteins can involve 
simple shifts of helixes, repacking of amino acid side 
chains, or more extensive changes between active 
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and inactive conformations. The molecular dynamics 
model described above makes a prediction for 
conformational changes of proteins, but it is only 
recently that computer power has reached the long 
times necessary to test these predictions (Karplus & 
McCammon, 2002; Mayor et al., 2003). It is likely 
that some tuning of parameters will be necessary to 
predict protein properties with the same reliability with 
which these models currently predict small molecule 
properties. 

Because the solvent provides a cage which prevents 
the protein from moving freely, the fraction of possible 
configurations explored increases by several orders of 
magnitude when the solvent is considered implicitly 
(Takada, 1999). While it is doubtful that a single 
parameter set can be developed to treat all proteins with 
an implicit solvent, it is clear from models of protein 
folding that much can be learned from implicit solvent 
models which are explicitly, but weakly, biased toward 
a known folded conformation. 

BENJAMIN H. MCMAHON AND PauL W. FENIMORE 


See also Biomolecular solitons; Local modes in 
molecules; Molecular dynamics; Pump-probe mea- 
surements 
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A protein’s structure, flexibility, and activity depend on 
the primary sequence of amino acids encoded by DNA, 
the presence of small-molecule ligands, the presence of 
protein or nucleic acid binding partners, and its history 
of covalent modification by other enzymes. Figure 1| (in 
color plate section) shows the catalytic site of one pro- 
tein, RNA polymerase. This protein is responsible for 
transcribing an organism’s DNA into messenger RNA, 
initiating the process of protein production, an essential 
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and highly regulated cellular process. The complex ge- 
ometry of interactions which stabilize the DNA, RNA, 
and nucleotide being added to the RNA are highly con- 
served among polymerases from all organisms, from 
microbes to humans. It is typical of enzymes that they 
are precisely (within about 0.1 A) constructed near the 
catalytic site in order to exclude water and polarize and 
orient the reactants, yet still maintain the flexibility to 
allow reactants to enter and exit the active site. 

One reason proteins can adopt highly rigid active 
sites, yet still undergo the large motions necessary 
for substrate binding, is that the peptide backbone 
is stabilized by multiple interactions in particular 
structural motifs, such as helixes, sheets, and particular 
types of hairpin turns. Thus, not only are the residues 
directly responsible for catalysis highly conserved 
among organisms, but also the arrangement of helixes, 
sheets, and tightly packed hydrophobic residues which 
determine the large-scale dynamics of the protein. This 
is illustrated in page 7 of the color plate section, which 
shows the entire catalytic domain of RNA polymerase, 
color-coded according to the polarity and charge of 
the amino acids. It is useful, looking at this figure, 
to reflect on the numerous cooperative interactions 
among the 1034 amino acids of this protein which 
cause it to fold up in this shape, rather than the shape 
of any of the other 30,000 proteins, or a glob of 
tangled polymer. These interactions are predominantly 
hydrophobicity, shape, hydrogen bond formation, and 
charge complementarity. 

Protein function entails not only catalysis, but 
also the ability to be regulated by other proteins. 
This is done either by covalent modification, such 
as phosphorylation (covalent attachment of PO;) 
or acetylation (covalent attachment of C20), or by 
complex formation with other proteins. In either case, 
all the residues at the surface and the geometry of rigid 
motifs communicating the surface interactions to the 
active site become important determinants of protein 
structure. This is illustrated in the color plate section, 
showing the complex of twelve proteins, DNA, and 
RNA that is required for RNA polymerase to transcribe 
DNA to messenger RNA, as an early step in protein 
synthesis. 

We have used the polymerase protein to illustrate 
several aspects of protein structure. There are between 
10,000 and 100,000 types of protein structures used in 
various organisms, and a significant fraction of them 
have had their structure experimentally determined by 
diffraction of X-rays from a protein crystal. These 
structures are collected in a publicly accessible protein 
data bank, and several free software programs exist to 
aid in visualizing various aspects of protein structures. 

The single, most important determinant of a 
protein’s structure is the primary sequence of amino 
acids, encoded by an organism’s DNA. Advances in 
microbiology have allowed automated sequencing of 
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complete genomes of numerous organisms. While tens 
of thousands of protein structures are known, several 
million protein sequences are known, from all types of 
living creatures, from mammals to plants, microbes, 
and viruses. Proteins can be identified from their 
sequence of amino acids by searching for patterns of 
amino acids with BLAST (basic local alignment search 
tool), or tailoring a search algorithm based on numerous 
examples of a particular protein with a so-called hidden 
Markov model. Sequence analysis has been used to 
annotate both complete and partial genomes, and the 
results are available in several public databases. 

The great excess of sequence data over structural 
data, combined with the insight into protein function 
and interactions provided by knowledge of the protein 
structure, provokes the question of whether it is 
possible to predict a protein structure from its primary 
sequence of amino acids. The essential reason this 
problem is difficult is that amino acids have an 
average of four dihedral angles which are equally 
stable in any of two or three positions (0°, + 120° 
and — 120°), creating 34*!>° possible structures for 
each protein. The second reason is that when proteins 
were optimized by evolution, they exploited subtleties 
of interactions which are not necessarily captured 
by simple potential energy functions. Thus, while 
it has long been clear what forces stabilize folded 
proteins (hydrophobic interactions, hydrogen bonding, 
and Coulomb interactions), it has only recently been 
possible to relate the folding of a sequence of 20 amino 
acids to interaction potentials derived from small- 
molecule thermodynamic properties. 

When it is possible, the most reliable method to 
predict a protein’s structure is to find a protein of 
known structure which has greater than about 30% 
sequence identity. The particular conformations of most 
amino acids can then be inferred from the known 
protein structure, and resulting problems can usually 
be corrected by a Monte Carlo search algorithm 
or by hand. This process is known as homology 
modeling. Systematic efforts have produced enough 
experimentally determined structures to cover most of 
the observed sequences. 

If a suitable template protein is not available, the 
protein structure must be constructed from observed 
structural motifs. Three of the most useful rules are: 
(1) hydrophobic residues tend to occupy the interior 
of the protein; (2) beta sheets, alpha helices, and 
other types of turns have characteristic amino acid 
content; and (3) triplets of amino acids tend to make 
particular configurations. Progress in this so-called ab 
initio folding can be evaluated by observing the result of 
the CASP competition, where a dozen experimentally 
determined structures of novel proteins are held back, 
while competing research groups are given several 
months to enter predictions of their structures. 

BENJAMIN H. MCManon AND Montiaco X. LABUTE 
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PSEUDO-DIFFERENTIAL EQUATIONS 


See Equations, nonlinear 


PULSONS 
See Solitons, types of 


PUMP-PROBE MEASUREMENTS 


Figure 1 shows a prototype pump-probe experiment in 
which short pump-laser pulse excites the vibrational 
oscillator (used here as a simple example) from the 
v = 0 vibrational state into the v = | vibrational state. A 
subsequent probe-laser pulse tests the v = 1 population 
by probing the v = 1 > v =2 excited state absorption, 
the v=1—v=0 stimulated emission, and/or the 
v=0— v=1 bleach. The time resolution of such an 
experiment is given by the pulse duration of the laser 
pulses, while the detector can be slow. With recent 
progress in laser technology, one can now perform 
pump-probe experiments in almost any spectral range, 
starting from far-IR (10 cm~ ') to soft X-ray radiation 
(1 keV) with a time resolution of much less than a 
picosecond (2000). 

Pump-probe spectroscopy is a special form of third- 
order nonlinear spectroscopy. The theory of linear and 
nonlinear optical spectroscopy is generally performed 
in a perturbative expansion, where the electric fields 
of the light pulses act as weak perturbation onto the 
molecular Hamiltonian. The linear response, which 
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Figure 1. (a) A prototype pump-probe setup and (b) a prototype 
pump-probe experiment of a vibrator. 


describes linear absorption spectroscopy, is given 
by 


Pty af dtyR(t) x E@—t). () 
0 


Expressed in simple words, the electric field E of the 
probe light interacts once with the sample through 
the first-order response function R“, generating a 
first-order polarization P“), which subsequently is 
measured in the detector. The first-order response 
function R“ is a material property, which can be 
tested by this type of spectroscopy. For instance, if the 
electric field E is chosen to be a monochromatic wave, 
one can measure the absorption spectrum by tuning its 
frequency. 
Third-order spectroscopy is given by 


Co [o.@) lo.e) 
PP) = an [ an [ dt) R(t, to, (3) 
0 0 0 


x E\(t — 3) Eo(t — 3 — bh) E3(t — 3 — tp — th). 
(2) 


Again expressed in simple words, the electric fields 
E\, Ex, and £3 originating from a maximum of 
three laser pulses (in the example of Figurela, both 
E, and £3 originate from one pulse, i.e., the pump 
pulse) interact with the sample at three different time 
points t— 13, t—t3 —f2, and t—f3—t —ft through 
the third-order response function R®), generating a 
third-order polarization P®). The third-order response 
function R®) contains significantly more information 
about the molecular system than the linear response 
function. Both can, in principle, be calculated once all 
eigenstates, transition dipole moments, and relaxation 
pathways of a system are known. 

There are different types of third-order spectro- 
scopies, the most important of which being pump-probe 
and photon echo spectroscopy. Both exist in many vari- 
ations. They all measure the same third-order response 
function R®) but differ by the choice of the three field 
interactions E}, E2, and £3 (timing, frequency, beam 
direction, etc.). The different methods project differ- 
ent aspects of the complicated third-order response 
function R®), A comprehensive discussion of the prin- 
ciples of nonlinear optical spectroscopy is given by 
(Mukamel, 1995). In the context of nonlinear science, 
the following advantages of third-order spectroscopies 
should be noted. 
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e In condensed phase systems, spectroscopic transi- 
tions are often significantly broadened. The most 
common broadening mechanisms are (i) lifetime 
broadening (7|-relaxation), (ii) homogeneous broad- 
ening (7-relaxation), and (iii) inhomogeneous 
broadening. In solution phase systems, the situa- 
tion becomes even more complicated since the dis- 
tinction between homogeneous and inhomogeneous 
broadening becomes a question of the timescale 
of the fluctuating forces giving rise to dephas- 
ing. As a consequence, a continuous transfer be- 
tween both regimes does, in general, occur. It is a 
common practice to fit absorption lines to certain 
line profiles such as a Lorentzian profile (homoge- 
neous and/or lifetime broadening), a Gaussian pro- 
file (inhomogeneous broadening), a Voigt profile (a 
mixture of both), or a Kubo profile (intermediate 
regime). However, the assignment to different broad- 
ening mechanisms is model-dependent and often 
extremely questionable. Linear absorption spec- 
troscopy principally cannot distinguish between dif- 
ferent broadening mechanisms. 

The information boost of third-order nonlinear 
spectroscopy just makes that distinction possible. 
For example, pump-probe spectroscopy observes T}- 
relaxation directly by populating a spectroscopic 
state with the pump-pulse and subsequently observ- 
ing its relaxation back into the ground state with 
the probe-pulse (see Figure 1b). Photon echo ex- 
periments and transient hole burning experiments (a 
special form of pump-probe experiment with a spec- 
trally narrow pump-pulses) can distinguish between 
the homogeneous, inhomogeneous, and the interme- 
diate dephasing regime. 

e When considering nonlinear vibrational states, such 
as the Davydov soliton and/or local modes in molec- 
ular crystals, a more subtle point is the following: 
The nonlinear third-order response of a system of 
linearly coupled harmonic oscillators (i.e., a crystal 
described in the harmonic approximation) vanishes 
exactly. This is because the three contributions to 
the nonlinear response function (bleach, stimulated 
emission, and excited state absorption, see Figure 
1(b) all occur at the same frequency, and the tran- 
sition dipoles are such that they cancel completely. 
Only anharmonicity (nonlinearity) of the molecular 
potential surfaces gives rise to a nonzero pump-probe 
signal. Hence, nonlinear pump-probe spectroscopy 
is specifically sensitive to that part of the molecular 
Hamiltonian which is also responsible for collective 
nonlinear phenomena. A linear absorption spectrum 
is, of course, nonzero also in the harmonic limit. 

Using these properties, one can test predictions from 

soliton and self-trapping theories in a much more di- 

rect way than linear absorption spectroscopy can do. 

For example, Davydov has speculated about vibrational 

solitons in protein secondary structures, with the aim to 
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explain the capability of proteins to efficiently store 
small quanta of energy (Davydov, 1979). As a first ex- 
perimental attempt to verify this prediction, Austin and 
coworkers (Xie et al., 2000) have investigated the life- 
time of the amide-I band (mostly the C=O stretching 
mode of the protein backbone) of myoglobin, which 
typically relaxes on an ultrafast 1 ps timescale. Inter- 
estingly, they found a somewhat prolonged lifetime (15 
ps) in the blue wing of the absorption spectrum. Pump- 
probe experiments on crystalline acetanilide (ACN), 
a simple model system used to study nonlinear col- 
lective phenomena in protein structures (Scott, 1992), 
have revealed useful information, including the follow- 
ing (Edler et al., 2002): (i) The NH free exciton self- 
traps on an ultrafast 400 fs timescale. (ii) The phonons 
that mediate self-trapping can be identified. (iii) The 
anharmonicity of the amide-I states is a measure of 
their degree of delocalization. The free exciton is de- 
localized at a temperature of 90 K but Anderson (dis- 
order) localizes with increasing temperature. On the 
other hand, the band that has been assigned to a self- 
trapped state is localized at all temperatures. (iv) The 
lifetimes of the initially excited states are short (1-2 
ps), yet the ground state recovery is somewhat longer 
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(20-40 ps). Apparently, energy is stored in the 
meantime by mechanisms that still need to be explored. 
None of this information can be obtained from linear 
absorption spectroscopy. 

Peter HAMM 


See also Biomolecular solitons; Davydov soliton, 
Local modes in molecular crystals; Nonlinear optics 
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Q-DEFORMATION 


See Salerno equation 


QUADRATIC FAMILY 


See One-dimensional maps 


QUANTUM BILLIARDS 


See Billiards 





QUANTUM CHAOS 


Classical equations of motion can have arbitrary 
nonlinearities and thus can show a wide variety 
of chaotic behavior. The Schrédinger equation for 
quantum systems, in contrast, is a linear partial 
differential equation, and the initial value problem 
cannot show chaotic behavior in the usual sense. 
However, in the transition regions between classical 
and quantum descriptions, especially for highly excited 
systems or short de Broglie wavelengths, chaos in 
classical dynamics will have its effects on quantum 
dynamics, the eigenstates, and the eigenenergies. The 
field of quantum chaos deals with the characteristic 
properties that emerge in this transitional region. Some 
features are typical for the time evolution of wave 
functions and closely related to the classical dynamics 
of trajectories and phase space densities. Others deal 
with the properties of eigenenergies and eigenstates. 
Both aspects can nicely be illustrated for hydrogen 
atoms in external fields. 

A first example for the close relation between 
classical and quantum dynamics is provided by 
excitations of hydrogen in microwave fields. Exposed 
to a microwave field of a frequency of 9.923 GHz, a 
hydrogen atom starting from a state with main quantum 
number n= 66 needs to absorb about 75 photons in 
order to ionize. Experiments show little ionization for 
small intensities of the field and a rapid increase to 
almost complete ionization for larger fields (Figure 1a). 
A full quantum calculation is prohibitively complicated 
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because each photon adds one order of perturbation 
theory. However, an analysis of the classical dynamics 
of an electron in a Coulomb field and the external 
microwave field, with Hamiltonian 
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Figure 1. Microwave ionization of hydrogen atoms. The 
combinations now? for the frequency and ngF for the field 
strength are suggested by classical scaling. (Upper) Survival 
probability and ionization probability for different frequencies w 
and different initial states no that give the same scaled frequency 
as a function of field strengths. (Lower) Scaled threshold 
amplitude for the 10% and the 90% levels vs. scaled frequency. 
The comparison with classical simulations (dotted line) is very 
good and attests to the reliability of classical modelling of this 
process. For scaled frequencies nao larger than 1, quantum 
effects become more important. (From Koch & van Leeuwen, 
1995, with permission from Elsevier.) 
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where f(t) describes the envelope of the field, re- 
produces the observed threshold amplitudes including 
many of the structures evident in Figure 1b very accu- 
rately. 

The classical explanation for the fairly sharp onset is 
that for low field intensities, not all tori are destroyed, 
and the chaotic regions are separated by tori that 
block the transitions between them. For higher field 
intensities, the tori break up, the chaotic regions grow 
together, and electron trajectories can explore large 
regions of phase space, eventually escaping to infinity. 
This break up of tori is classically a rather dramatic 
event and can thus explain easily a fairly sharp onset of 
ionization. Many experiments since have verified the 
dependence on the initial state and the field intensities. 
Peculiar structures in the quantum ionization curves 
were also noted and could be explained as quantum 
effects due to almost degenerate quasienergy states. For 
the history of the problem and a careful analysis of the 
experiments and theories, see the review by Koch & 
van Leeuwen (1995). 

Closely related to the microwave ionization of 
hydrogen is the dynamics of cold atoms in a standing 
light field. This problem is an experimental realization 
of the quantized kicked rotator, a standard model in 
classical and quantal chaos. Many properties of the 
quantized kicked rotator are described in Casati & 
Chirikov (1995); the first experimental realization is 
described in Moore et al. (1994). 

For stationary problems, time can be separated and 
the eigenfunctions and eigenvalues of the Schrédinger 
equation can be analyzed. A good example is hydrogen 
in strong magnetic fields when the quadratic part of the 
vector potential cannot be neglected: the Hamiltonian 
then becomes 
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with the magnetic field expressed through its cyclotron 
frequency w,=eB/(2m). In order for the energy 
content in the cyclotron motion to be compatible to the 
spacing between the ground state and the first excited 
state, the magnetic field has to be of the order of 10° Ty 
values reached and exceeded on the surface of neutron 
stars only. However, if the initial state is an excited state 
with main quantum numbers of about n = 40, already a 
few Tesla suffice to bring the system way out of the 
linear Zeemann regime and to scramble the spectra 
completely (Figure 2). Many properties of the system 
are described in Friedrich & Wintgen (1989), and in the 
contribution by Delande to Giannoni et al. (1991). 

In such strong fields, there are not enough quan- 
tum numbers anymore to allow one to label the 
eigenstates uniquely. In a similar situation, nuclear 
physicists introduced statistical measures for the distri- 
bution of eigenvalues (See Random matrix theory). 
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Figure 2. Energy levels for hydrogen in a magnetic field, for 
field strengths up to 7 T and initial quantum numbers between 38 
and 45. The linear splitting within the Zeemann regime is limited 
to a region with very small fields. Most of the apparent crossings 
between eigenvalues are in fact avoided. (From Friedrich & 
Wintgen, 1989, with permission from Elsevier.) 


Many investigations have shown that the statistics of 
eigenvalues for hydrogen in sufficiently strong mag- 
netic fields, such as the level spacing distribution or 
two point correlation functions, are in very good agree- 
ment with random matrix theory (Friedrich & Wint- 
gen, 1989). The same applies to many other classically 
chaotic systems, including vibrations of molecules, par- 
ticles trapped in billiards, and model Hamiltonians with 
cubic and higher-order potentials, see the contribution 
by Bohigas to Giannoni et al. (1991) and the books by 
Brack & Bhaduri (1997), Haake (2001), and Stéckmann 
(1999). 

While the distribution of eigenvalues shows statis- 
tical features, there are also deterministic ones: the 
Gutzwiller trace formula relates in the semiclassical 
limit eigenvalues E; of the quantum system to classical 
periodic orbits and their properties (Gutzwiller, 1990; 
Chaos Focus Issue, 1992; Friedrich & Eckhardt, 1997), 


p(E) =) 3(E— Bj) ~ Re) ApeS?/", (3) 
i P 


Sp= f p dq is the classical action. The amplitude A, 
carries information about caustics (through their phase 
shifts) and the instability of the classical orbits: the 
more unstable the smaller the weight. Because the 
density of states follows from a quantum amplitude 
(rather than a probability), the quantum amplitude 
is in magnitude the square root of the classical 
probability amplitude (See Periodic orbit theory). 
Expanding linearly around some reference energy E;, 
the action becomes S(E) ¥ S(E;) + T(E;)(E — E;), 
and a Fourier transform in E will results in peaks at 
the periods of periodic orbits in the system. This was 
noted in experiments by Karl Heinz Welge and his 
group and in numerical calculations by Friedrich & 
Wintgen (1989) (see also the comparison in Figure 3). 
Thus, on energy scales larger than a mean spacing 
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Semiclassical spectrum 


Quantum spectrum 





Period (S) 


Figure 3. (Upper) The periodic orbits with periods S less than 
3 and their semiclassical amplitudes and (Lower) a Fourier 
transform of a cross section of the quantum spectra in Figure 2. 


and compatible with classical dynamics, the density of 
states is modulated by periodic orbits. Such periodic 
orbit spectroscopy can be used to extract the orbits and, 
thus, system specific properties. 

In the presence of large-scale classical chaos and the 
accessibility of large parts of phase space by a single 
trajectory, one might expect that the wave functions are 
fairly uniformly spread out over the classically ergodic 
region. For billiards, this is the content of Shnirelman’s 
theorem. However, as first discussed by Heller (1984) 
(see also Heller’s contributions to Giannoni et al., 
1991), periodic orbits leave their imprint on wave 
functions. One can find an enhanced intensity near 
a periodic orbit (a “scar”) that can be detected in 
enhanced cross sections for certain processes. 

The possibilities of quantum chaos are not limited 
to the realm of quantum phenomena proper: all that 
is needed is a wave theory, ideally with a classical 
dynamics for the propagation of wave fronts in the short 
wavelength limit. Examples outside the quantum world 
include resonances in microwave cavities, vibrations of 
solids, and acoustic waves in concert halls. In all cases 
level repulsion and other features can be found. 

Many of the general properties of chaotic wave 
systems are discussed in the review Eckhardt (1988); 
in the textbooks by Brack & Bhaduri (1997), 
Gaspard (1998), Gutzwiller (1990), Haake (2001), and 
Stéckmann (1999); and in the contributions to Casati & 
Chirikov (1995), Giannoni et al. (1991), Chaos Focus 
Issue (1992), and Friedrich & Eckhardt (1997). 

BRUNO ECKHARDT 


See also Periodic orbit theory; Random matrix 
theory I-IV; Regular and chaotic dynamics in 
atomic physics 
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QUANTUM FIELD THEORY 


As our most fundamental description of physical 
phenomena, quantum field theory (QFT) is the natural 
culmination of classical mechanics, classical field 
theory, and quantum mechanics. To understand what 
QFT is and what makes it so special, it is worthwhile 
to briefly look at each of these structures in turn. 
Classical mechanics describes the motion of objects 
in space and time in terms of well-defined positions 
and momenta that, taken together, form the phase space 
of the system. The location of an object in phase 
space can, in principle, be determined at any time, 
and once known suffices to predict its location at all 
future times given a complete enough knowledge of 
the forces at work. There are two main formulations 
of classical mechanics: the Hamiltonian formulation, 
which concentrates on how to find quantities at 
later times in terms of their known values at earlier 
times, and the Lagrangian one, which derives the 
same information from variational principles. These 
principles state that an object’s trajectory in phase space 
extremizes a certain quantity called the action, which 
is the integral over the whole phase space history of a 
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functional called a Lagrangian. The dimension of the 
phase space is usually finite, but can be enlarged beyond 
the usual 3 + 3 dimensions for the location and velocity 
of a point particle to allow for rotations of a rigid body or 
changes of shape of a deformable body. Relativity can 
be accommodated, but the ideas of quantum mechanics 
do not appear. 

The move to an infinite number of phase space 
dimensions takes one from classical mechanics to 
classical field theory. Fluid mechanics, for example, 
allows for an infinite variety of shapes that a fluid can 
take making the phase space infinite. Sums that arose in 
classical mechanics are now integrals, and the general 
problems of analysis become much more challenging. 
Nevertheless, many problems are tractable, and theories 
based on classical fields with an infinite number of 
degrees of freedom have had great success. Notable 
among these is Maxwell’s electrodynamics, which 
describes the electromagnetic field in terms of electric 
and magnetic fields that can vary in space and time and 
are present at all points of space and time. The phase 
space of classical electromagnetism is then infinite 
dimensional, and this accounts for much of the richness 
of the physics that it can describe. 

Another shift away from classical mechanics is to 
maintain a finite number of degrees of freedom but to 
allow that points in phase space cannot be arbitrarily 
well known. The Heisenberg uncertainty principle 
placed constraints on the accuracy with which position 
and momentum could be known simultaneously, and 
the points of the phase space acquired a certain 
fuzziness. For example, in place of a point with 
well-defined position x and momentum p, in the x- 
direction, one had something like a fuzzy disk of area 
roughly equal to the square of the Planck length, and 
shape determined by whether one tried to accurately 
determine x or py—one could only know one with 
a consequent sacrifice of information about the other. 
A system cannot now be thought of as a well-defined 
classical point moving around in phase space. Rather, 
information about the system is encoded in a function 
on the phase space called the wave function W, and the 
theory allows all that can be known about the system to 
be recovered by applying various linear operators to V. 

The step to QFT involves allowing an infinite number 
of degrees of freedom in quantum mechanics. Thus, 
one might say that QFT is to quantum mechanics what 
classical field theory is to classical mechanics. The 
shift is profound and carries a number of important 
implications. 

The first is that QFT takes as its phase space classical 
fields upon which an uncertainty paralleling that in 
quantum mechanics has been imposed. For example, 
the role of x could be taken by a classical field ¢, 
and the role of momentum p, by the rate of change 
of something (the Lagrangian) with respect to the time 
derivative of @. This quantity is called the momentum 
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conjugate to @, and it is impossible to know both it and 
¢ with arbitrary precision. 

Time and space are now just dummy labels 
(parameters) in the theory and are integrated over, their 
main use being to enforce the notion of locality in a 
Lagrangian. This point is often misunderstood as people 
look for the “locations” of field quanta in physical 
space. In QFT, one looks at ¢ as a dynamical quantity 
as opposed to x. An excellent discussion of this point 
can be found in Schwinger (1970). 

It turns out, perhaps somewhat tautologically, that 
one can often expand fields in Fourier series and 
identify each of the modes as a “particle” with 
momentum given by the mode numbers. It is a 
remarkable fact that experiments to detect fields in 
nature, when performed with sufficient resolution, 
always find them occurring in (or at least interacting 
as) discrete chunks or quanta. In this sense, QFT is a 
theory of particles, and the degree to which these quanta 
can be identified as isolated, discrete objects determines 
how well they can be thought of as particles. 

As a field changes in time so too do the various 
Fourier modes and this is interpreted as saying that 
particles appear and disappear; in other words, particles 
can be created and destroyed in QFT. This is something 
foreign to both quantum and classical mechanics and 
was needed with the advent of high-energy physics 
experiments in which particles are routinely created and 
destroyed. 

Two of many excellent texts describing how QFT 
is used in the calculation of physical processes are 
those by Peskin & Schroeder (1995) and by Weinberg 
(1995). The text by Itzykson and Zuber (1980) is 
also very good. A more philosophically inclined and 
less calculationally oriented reader will find much 
to think about in the book by Teller (1995). It is 
easy to suppose that QFT is intrinsically, or somehow 
must be, relativistic. In fact, the concepts can be 
very successfully applied to problems in condensed 
matter physics in nonrelativistic situations, and the 
interested reader will find the delightful introductory 
book by Mattuck (1992) and the more advanced book 
by Abrikosov et al. (1975) excellent places to start. 

Several caveats are in order. First of all, in the 
relativistic case (the real world), these quanta do not 
generally admit a localization in the sense of having 
well-defined classical-like positions. That is, they do 
not behave like billiard balls. Second, if interactions 
between them are very strong they may not act as 
intuition might suggest. For example, while electrons 
and photons are in many ways like what one might 
expect particles to be, protons and neutrons seem to be 
comprised of particles called quarks, which cannot be 
removed. One says that the interactions between quarks 
are so strong that they are “confined.” Phonons are 
quantized vibrations in crystals that can be detected in 
neutron scattering experiments and act in many ways 
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Figure 1. A Feynman diagram representing a first approxima- 
tion to the scattering of one electron from another (the two 
straight lines) via the exchange of a photon (the wiggly line). 
Each diagram like this corresponds to a physically clear picture 
as well as to a well-defined mathematical expression contribut- 
ing to the quantum mechanical amplitude for the process to take 
place. Only the topology of the diagram is important. Bending the 
lines around represents processes involving electrons and their 
antiparticles as different aspects of the same basic phenomenon, 
and connects scattering in space with scattering forward and 
backward in time, while not violating causality. 


like particles, but they are only there insofar as there 
is a crystal lattice to vibrate. Any attempt to isolate a 
phonon by pulverizing a crystal and looking for one 
among the fragments is doomed to failure. 

When it makes sense to think of weakly coupled 
particles, there is a well developed calculational 
framework called “perturbative quantum field theory” 
(pQFT), which allows one to make systematic estimates 
of physical quantities, often using sketches called 
Feynman diagrams. Figure 1 shows a Feynman diagram 
contributing to the scatting of one electron by another 
(the straight lines) via the exchange of a photon (the 
wiggly line). 

The mathematical procedures involved are fraught 
with difficulties, and the series that arise are often 
divergent on physical grounds. In addition, the 
individual terms also tend to be infinite, and several 
procedures have been developed for handling such 
problems. The general approach is to first make 
ill-defined formal expressions finite by changing 
them (“regularizing” them) in a way controlled by 
some parameter, then comparing such regularized 
expressions only to one another and linking only 
such comparisons to observations (“renormalization”). 
Despite the feelings of many of the founders that 
there might be something deeply wrong with these 
procedures, it turns out that many quantities calculated 
in this way have given answers accurate to parts per 
million or better. 

For strongly interacting theories the state of the art is 
much less well-developed. Powerful computers can be 
used to treat theories that are based on restricting fields 
to live on a grid or lattice that is meant to approximate 
space-time, but with a finite number of points. Analytic 
techniques also offer some hope, but the problems are 
formidable. 
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One of the most dramatic consequences of QFT 
is that the vacuum becomes a very complex object. 
Recalling the notion of the uncertainly principle applied 
to fields, one cannot set both a field and its conjugate 
momentum equal to zero. This, in fact is the case for 
each possible mode of a field and leads to an infinite 
energy in the vacuum due to these fluctuating, uncertain 
fields. As mentioned earlier, infinities like this are 
basically swept under the rug by insisting that only 
comparisons are meaningful, but in this case there are 
remarkable physical consequences. 

For example, there are more modes that can exist for 
the electromagnetic field between two parallel metal 
plates that are far apart than for ones that are closer to- 
gether. The infinite energies between the plates in these 
two cases can be compared and the result is finite— 
there is less energy between two plates that are close 
together than two that are far apart. This implies that 
two parallel metal plates, in order to reduce the energy 
between them (in empty space), will pull together. This 
is called the “Casimir effect” and has actually been ob- 
served in the laboratory, making it clear that QFT and 
its strange vacuum are more than theoretical fantasies. 

Although it is often not made clear, one final aspect 
of QFT that differs from quantum mechanics is that 
QFT admits an infinite number of distinct vacua, all 
of zero energy. None of these vacua can be reached 
from another by a unitary transformation, making them 
physically distinct. This richness of “empty” space is 
a critical part of what makes QFT able to describe 
so much. To do justice to this point would require 
more space than is available, but the interested reader 
would do well to start with the book by Umezawa 
(1993). One consequence of this existence of unitarily 
inequivalent vacua is the amazing fact that the vacuum 
of one observer can be devoid of particles, while that 
of another may actually have particles present. 

Joun Davip Swain 


See also Born-Infeld equations; Higgs boson; 
Quantum inverse scattering method; Skyrmions; 
String theory; Yang-Mills theory 
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QUANTUM INVERSE 
SCATTERING METHOD 
The extension of the inverse scattering method to 
quantum theory, called the quantum inverse scattering 
method (QISM), was introduced at the end of the 
1970s by the Leningrad (now St Petersburg) group and 
has been developed extensively since the 1980s. The 
QISM is significant in many respects. First, similar 
to the classical inverse scattering method, it provides 
a powerful method to solve the problem of quantum 
integrable systems. Second, it has a wide applicability 
to quantum particle systems, quantum field theoretic 
models, and quantum spin systems. Importantly, the 
QISM provides a unified view on exactly solvable 
models in physics. That is, it places completely 
integrable models in many-body theory and field theory 
and solvable models in statistical mechanics in a unified 
framework. Third, it has been the source of new 
mathematical objects and concepts such as Yangian 
algebra, quantum groups, g-deformation, and a revived 
knot theory. In these mathematical developments, the 
Yang—Baxter relation plays a central role. 

As the simplest example, we begin with the quantum 
nonlinear Schrédinger (QNLS) model, 


idy + Gxx — 2KG"HH = 0. () 


Here, (x, t) is the boson field operator, satisfying the 
equal-time commutation relation, [(x, f), oC, t)]= 
5(x — y). The Hamiltonian of the system is 


H= / dx(idy + eo'o' 9). (2) 


The QNLS model (1) is considered to be the second- 
quantized theory of boson particles interacting via the 
pair-wise, delta-function potential. Motivated by the 
Zakharov-—Shabat eigenvalue problem in the classical 
theory, we associate a linear auxiliary problem to (1), 


Vie + sin = ied "Wr, 





Vax + Sha = isang, G3) 
where a = |x|!/2 and ¢ denotes the sign of «. We further 
assume the boundary condition ¢(x) — 0 as |x| > oo, 
which is interpreted as the weak relation (a relation 
for the matrix elements). The Jost function operator 
W(x, A) is defined by 


W(x,A) = : Jooc i». 
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A(A) exp (- 4Ax) 
= 4 s x > -—O. 
B(A) exp (5Ax) 

(4) 
The coefficients A(A) and B(A), corresponding to 
the transmission coefficient a(4) and the reflection 
coefficient b(A) in the classical theory, are called 
scattering data operators. The auxiliary problem (3) 
with (4) is solved perturbatively to express A(A) and 
B(A) in terms of the operators ¢ and gt (direct 
problem). As a result, we obtain 

[H, A(Qa)] = 0, [H, BO)]=—A°BA). (5) 
The former relation proves that the QNLS model has 
an infinite number of conserved operators. The latter 
indicates that the state 

[k1. k2,+++kn) = BY (k1)B" (ka)... B'(kn)|0), (6) 
where |0) is the vacuum state $(x)|0)=0, is an 
eigenstate of the Hamiltonian. Similar to the classical 
theory, the quantum Gel’ fand—Levitan equation can be 
derived (inverse problem). 

The state |ky,k2,...,k,) in (6) is valid irrespec- 
tive of the sign of « and describes the continu- 
ous state (Bethe ansatz state). For the attractive case 
(x <0), there appear bound states. A bound state 
(n-string state) is made of the complex momenta, 
kj = P/n—i(n—2j + 1)k/2, j=1,2,...,n and the 
energy is E= )"_, ki= P?/n—«?n(n? — 1)/12. 
This bound state corresponds to the classical bright soli- 
ton in the n > oo limit and may be called a quantum 
soliton. 

To make the mathematical structure clear, it is useful 
to consider an operator version of an auxiliary linear 
problem defined on a one-dimensional lattice 








Wms = Lin Qn, dvin/dt = Mmm, (7) 


where Ly, (A) and Mp are M x M matrix operators, and 
A is the spectral parameter. For a quantum integrable 
system, it is found that direct products of two Ly, 
operators with different spectral parameters satisfy a 
similarity relation 


ROA, WlLnA@Ln(W=Ln(W@LnA)]RA, 1). (8) 


Here, the symbol @ denotes the direct product of 
matrices, and R(A, 2), called R-matrix, is an M2 x 
M? c-number matrix. Relation (8) is the Yang—Baxter 
relation for a quantum system on a lattice. If the Ly, (A) 
operators on different sites commute, (8) leads to 


ROA, WTn AST WI=(Tn WOT ARO, 1H), 
(9) 


where Ty (A) = Ly (A)Ly_1(A)- ++ Ly (A) is called the 
transition matrix or monodromy matrix. From (9), the 
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transfer matrix 


M 


Ty) = TT) = UT lis. (10) 


i=1 


satisfies the commutation relation 


[Ty (A), Ty (4)] = 0. dt) 


Relation (11) indicates the transition matrix Ty (A) 
is a generator of conserved operators. The A (or 
awl) expansion of Ty (A) gives a set of conserved 
operators {Jj}, which are involutive, [/;, /;]=0. In 
addition, commutation relations among elements of 
the monodromy matrix offer an algebraic formulation 
of the Bethe ansatz method (algebraic Bethe ansatz 
method). 

For quantum field theoretical models, the subscript 
N of the operator Ty (A) is understood as the system size 
that is to be sent to infinity. Then relation (11) proves the 
existence of an infinite number of involutive conserved 
operators. It is remarkable that we may consider L,, (A) 
and R(A, “) as vertices (local Boltzmann weights) 
of a vertex model in statistical mechanics. In this 
context, the Yang—Baxter relation (8) is a sufficient 
condition for the commutativity of the transfer matrix in 
statistical mechanics. Thus, quantum integrable models 
in (1+ 1)-dimension and solvable statistical models 
in 2-dimensions have a common property, a family of 
commuting transfer matrices. 

Further, the quantum inverse scattering method 
and the Yang—Baxter relation have produced interest- 
ing developments in mathematics. Solutions of the 
Yang-Baxter relation with the difference property 
R(A, “) = R(A— 2) are classified into three classes, 
(i) elliptic, (ii) trigonometric, and (iii) rational func- 
tions. The trigonometric (rational) model is the criti- 
cal case of the elliptic (trigonometric) model. Quantum 
groups and knot theory are due to the rich mathematical 
properties of the exactly solvable models at criticality. 
Extensive studies on the elliptic case are in progress. 

Miki WapaTI 


See also Bethe ansatz; Inverse scattering method or 
transform; Quantum field theory; Solitons 
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QUANTUM NONLINEARITY 


Although quantum mechanics is a linear theory, it 
is often used to analyze classical problems that are 
nonlinear. In the course of such analyses, it is interesting 
to consider how the nonlinear features of the classical 
dynamics are represented in the context of linear 
quantum theory, as is expected from the correspondence 
principle of Niels Bohr. In this entry, we see how the 
correspondence principle asserts itself to describe a 
variety of interesting nonlinear behaviors, including 
anharmonic oscillation, local modes, soliton binding 
energy, and soliton pinning. 


A Nonlinear Oscillator 


Consider the nonlinear mass-spring oscillator shown 
in Figure 1, where the spring potential is V(x) = 
Kx? /2—x*/4. Under quantum theory, the oscillator 
energy (E) is not a continuous variable; it takes 
only discrete values that are eigenvalues of the time- 
independent Schrédinger equation 





R\ ew 
(7) tle Vial =0, () 


where M is the oscillating mass and fi is Planck’s 
constant divided by 21 (Schiff, 1968). If w is zero, the 
restoring force of the spring is a linear function of its 
extension, and the classical oscillator of Figure | is 
linear. In this case, the energy eigenvalues are given by 


E, = (n+ 1/2)ho, (2) 


_-— nonlinear spring 


x 


Figure 1. A nonlinear oscillator. 
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where n=0, 1,2,... indicates the number of quanta 
(called bosons) in the oscillation and w=./K/M is 
the oscillation frequency of the classical oscillator. 
First derived by Erwin Schrédinger, the corresponding 
eigenfunctions (y,) in Equation (1) are nth-order 
Hermite polynomials multiplied by a Gaussian factor— 
exp(—Max? /2h)—the first few of which are shown 
in Figure 2 (Schrédinger, 1926). A restriction of the 
linear (w =0) case is that transitions are allowed only 
between adjacent quantum levels. Thus, energy can 
only enter or leave the oscillator in quantum units of 
ha, corresponding to Planck’s radiation law. 

If wa £0, the classical oscillator is nonlinear, and 
two aspects of the quantum picture change. First, the 
energy eigenvalues are no longer given by the simple 
expression of Equation (2), and second, energetic 
transitions are not restricted to jumps between adjacent 
quantum levels. Both of these new features allow 
packets of energy to enter and leave the oscillator in 
amounts that differ from fiw and, therefore, (according 
to Planck’s law) at frequencies that differ from 
@=.4/K/M, in accord with observations of classical 
nonlinear oscillators. 

In general, Equation (1) must be solved numerically 
to find its eigenvalues and eigenfunctions in the 
nonlinear case, but useful results can be obtained if the 
classical oscillator is considered in the rotating-wave 
approximation. Under this approximation, the energy 
eigenvalues are given by Scott (2003) 


Ey = (ho — y/2)(n + 1/2) — yn?/2, (3) 


where y=3ah7/4M?w*, and the corresponding 
eigenfunctions are identical to those of the linear 
oscillator (as in Figure 2). Equation (3) is an example 
of the Birge—Sponer relation, which is widely observed 
for nonlinear interatomic oscillations. 

To represent the quantum dynamics of an oscillator, 
the (linear) superposition theorem allows construction 




















Figure 2. Harmonic oscillator wave functions, where 


y=x/Mo/h. 
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of a wave packet of the form 


[oe 
Wis) = > cavae te, (4) 
n=1 
where the c, are complex constants that determine the 
initial position of the oscillator, Y (x, ft) is a solution of 
the linear, time-dependent Schrédinger equation, and 
the probability density of finding a particular position 
(x) is f |W(x, t)|? dx (Schiff, 1968). 

As the mass and spring constant become larger 
and the total energy of the oscillator is increased, the 
energy difference between adjacent levels becomes 
an ever smaller fraction of the total energy, and the 
discrete energy levels (the E;,) are better approximated 
as a continuous function. If the c, in Equation (4) 
are chosen so that W is a localized wave packet, the 
center of mass of this packet will follow the classical 
nonlinear trajectory. Thus the quantum model—which 
is necessary for describing interatomic oscillations— 
merges smoothly into the classical description that we 
use in our daily lives. 


Local Modes in Molecules 


Although empirical evidence for localization of 
vibrational energy in molecules has been available since 
the 1920s, such observations have been questioned 
because they seem to be at variance with the predictions 
of quantum theory. The benzene molecule (C¢H¢), for 
example, is invariant under a 60° rotation about its main 
axis; thus eigenfunctions of the (linear) quantum theory 
must be similarly invariant, but a local mode of CH- 
stretching vibration is not (see Figure 3). 

This seeming contradiction between theory and 
experiment can be understood by noting that a local 
mode is represented not by a single eigenfunction but 
by a wave packet of them. For a local mode of n quanta, 
it turns out that the energy levels lie within a range of 
order (Scott, 2003) 


AE~ 


ne" 


(n—I)lyr-l? 





Figure 3. The planar structure of a benzene molecule, showing 
a local mode of the CH stretching oscillation. 
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where ¢ is the coupling energy between CH oscillations 
and y is the anharmonicity as defined below Equation 
(3). For CH-stretching oscillations, «<y, so this 
energy range decreases very rapidly with increasing n, 
making the local-mode wave packet quasidegenerate 
at moderate quantum levels. This means that the wave 
packet will remain localized for times of order h/AE, 
which can be much longer than the time required to 
make an experimental observation. 


Quantum Solitons 


Consider next a chain (or one-dimensional lattice) of f 
classical nonlinear oscillators of the form 





.d 
(is 0) Aj+e(Ajyi+4j—1)+y|Ajl*Aj = 0, 
(5) 


where A; = Aj+ is a complex amplitude and j is an 
index running over periodic boundary conditions. In 
this formulation, w is the oscillation frequency at one 
of the lattice points, ¢ is the interaction energy between 
adjacent oscillators, and y is the anharmonicity of each 
oscillator in the rotating wave approximation. (With 
f =6, Equation (5) provides a model for the benzene 
oscillations of Figure 3.) 

This discrete nonlinear Schrodinger (DNLS) equa- 
tion has solitary wave solutions that approach solitons 
of the continuum nonlinear Schrédinger (NLS) 
equation as y/e— 0. (Be careful not to confuse the 
linear Schrédinger equation of quantum theory in 
Equation (1) with Equation (5), which is a nonlinear, 
classical equation. They are quite different.) Because 
Equation (5) is in the rotating wave approximation, the 
corresponding quantum problem can be formulated and 
solved (Scott et al., 1994). 

For two quanta (n=2) in the large f limit, 
energy eigenvalues are arranged as in Figure 4, where 
each eigenfunction changes by a factor of e under 
translation by one unit of j (lattice spacing); thus k 
is the “crystal momentum” of an eigenstate, (Haken, 
1976). This figure shows both a continuum band (the 
shaded area) and a soliton band given by 


E(k) = \/y? + 16e? cos? (k/2) 


E2(0) + k?/2m* + O(k*), (6) 


where m* is the “effective mass” near the band 
center. The soliton band is characterized by two 
features. First, it is displaced below the continuum band 
by a binding energy Ey = y2 + 16e2 — 4e. Second, 
inspection of the corresponding eigenfunctions shows 
that the two quanta are more likely to be on the 
same site for the soliton band than in the continuum 
band. 


TST 





En(k) 





soliton bands 











Figure 4. Energy eigenvalues of the DNLS equation at the 
second (n =2) quantum level with ¢ = 1. There is one soliton 
band for each value of y, which is plotted for several different 
values of y. 


For arbitrary n, y <e and sufficiently large f, the 
quantum binding energy is 


y 
Ey = men =a): (7) 


which corresponds to the binding energy of a classical 
NLS soliton under the identificationn = )>|A iV >1 
(Makhankov, 1990). 

In the classical DNLS system with y >> ¢, numerical 
studies show that the soliton becomes pinned to the 
lattice. Under quantum theory, this classical, nonlinear 
phenomenon is reflected by the fact that the effective 
mass, 


gS Ty 
2ne” 


, 


becomes very large. Because the classical Ablowitz— 
Ladik (AL) system is completely integrable for all 
parameter values, its soliton is not pinned for y > ¢. 
This classical fact is reflected by an effective mass 
that approaches zero under the same conditions. 
Interestingly, the Salerno equation interpolates between 
the DNLS and AL limits. 


Quantum Representation of a Classical Soliton 


Although the quantum formulation can, in principle, be 
used to represent a classical soliton (on an optical fiber, 
for example), this is a rather complex dynamical object. 
The closest quantum representation of a classical 
soliton is provided by the coherent (or Glauber) state 
(Makhankov, 1990), which is constructed so that the 
complex wave amplitude—A ; in Equation (5)—is an 
eigenfunction of the bosonic lowering operator. This 
requires a wave packet comprising components with 
all values of the principal quantum number (7) (Scott, 
2003). For a system with f degrees of freedom, a 
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component at the nth level, in turn, has 


(n+ f—D! 
(f —D!n! 


terms, each of which is a complex construction of the 
eigenfunctions shown in Figure 2. (These are all of 
the different ways that n quanta can be placed on f 
freedoms.) As the number of terms at each level grows 
very rapidly with n, it becomes difficult to construct an 
exact quantum representation. 

One way out of this computational dilemma is 
to go to the continuum approximation (f — oo) and 
employ the methods of quantum field theory (Lai & 
Haus, 1989). Another approach is to use a Hartree 
approximation (HA), which assumes that each boson 
feels the same mean-field potential as all of the 
other bosons (Scott, 2003). When this approximation 
procedure is carried through, it is found that the binding 
energy at the nth level is 

ppa 1? 8 

bo = 496" -1y, (8) 

which is less than the exact value by the factor 
(n—1)/M+1). 

ALWYN SCOTT 


See also Discrete nonlinear Schrédinger equations; 
Hartree approximation; Local modes in molecules; 
Quantum field theory; Quantum theory; Rotating 
wave approximation; Salerno equation 
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QUANTUM THEORY 


Quantum theory was born in 1900 with an important 
paper by Max Planck on black-body radiation. In this 
paper, he introduced quanta of vibrational energy E 
which are proportional to their frequency v, and his 
famous constant currently known to take the value 
(Mohr & Taylor, 2000) 


E 
= =h = 6.62606876(52) 10-4 Js. 
v 
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Ten years after its formulation, Planck’s hypothesis had 
been extraordinarily successful, explaining the light 
spectrum of black-body radiation, the photoelectric 
effect, and the low-temperature reduction of heat 
capacity in solids. 

Using Rutherford’s planetary model of atoms, Niels 
Bohr showed in 1913 that Planck’s hypothesis helps to 
understand the spectral lines of hydrogen by deriving 
their frequencies in terms of h, and the electron mass 
and charge. The success of Bohr’s atomic model led to 
the formulation of the Bohr-Sommerfeld quantization 
tule for classically integrable systems possessing as 
many invariants of motion as degrees of freedom: 


§ pjdqj =n (nj +2), 


where (qj, pj) are the canonically conjugate position- 
momentum variables in terms of which the system is 
integrable (also said separable), n ; are integers, jx; are 
the so-called Maslov indices that characterize the topol- 
ogy of the motion (e.g., 4; =0 for rotation, jw; = 2 for 
libration), and f is the number of degrees of freedom. 

In 1917, Albert Einstein pointed out that the Bohr— 
Sommerfeld quantization rule cannot be applied to 
classically non-integrable systems (such as the helium 
atom), and it slowly became apparent that radically 
new ideas were required. In 1923, Louis de Broglie 
suggested that massive particles should behave as 
waves and he completed Planck’s hypothesis by 
his famous relation, pA=h, between the particle’s 
momentum p and its wavelength 2. 

Finally in 1925 and 1926, Werner Heisenberg and 
Erwin Schrodinger established quantum mechanics in 
two equivalent formulations. The first represents the 
observable quantities as matrices and the second is 
based on the famous Schrédinger equation 


J=1,2,.f 


(1) 


for the wave function w(r, t) of a particle of mass m 
moving in the energy potential V(r, t), with h=h/2n 
and i = /—1. In 1927, Max Born proposed to interpret 
the square of the modulus of the wave function, 
|w(r, D/?, as the probability density to observe the 
particle at position r and time t if the wave function is 
normalized to unity over the whole configuration space 
according to 


[ive.nPar = 1. (2) 


In this formulation, physical observables are repre- 
sented by linear Hermitian operators A acting on the 
wave function. The expectation value of an observable 
is given by 


(A) = [von Aw(r,t) dr, 
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if the particle is in the state described by the normalized 
wave function w. The wave property prevents a 
quantum particle from having simultaneously well- 
defined position and momentum as in the classical 
world. This impossibility (which follows from Fourier 
transform theory) is expressed by Heisenberg’s 
uncertainty relation between the uncertainties on 
position Ax and momentum Ap 


Ax Ap = h/2, 


which finds its origin in the noncommutativity of 
position and momentum operators. 

The normalization condition (2) has the pivotal role 
of selecting the physically acceptable wave functions 
among all the possible solutions of the Schrédinger 
equation (1). In particular, it is the normalization 
condition that leads to the quantization of energy into 
well-defined eigenvalues associated with the stationary 
states. Without the normalization condition, the wave 
function would present spatial instabilities that are not 
physically meaningful. 

Because of their spatial extension, wave functions 
are allowed to penetrate into classically forbidden 
regions where the classical kinetic energy of the 
particle would be negative. In these regions, the 
normalization condition (2) forces the wave function to 
decrease exponentially and precludes its instability. A 
consequence is the phenomenon of quantum tunneling, 
which manifests itself in cold electronic emission or 
a radioactivity and finds technological applications 
in Leo Esaki’s semiconductor tunneling diode, Ivar 
Giaever’s superconducting tunneling diode, and the 
electron tunneling microscope. 

Together with the normalization condition, the 
Schrédinger equation shares with nonlinear systems the 
general scheme: 


instability — saturation — structure. 


In quantum mechanics, the instability mechanism 
is spatial and the saturation is provided by the 
normalization condition that selects spatially stable 
wave functions such as the electronic orbitals of atoms, 
molecules, and solids. The selection of normalizable 
wave functions generates the molecular structures of 
stereochemistry. 

However, Schrédinger’s equation is linear and thus 
obeys the principle of linear superposition (Dirac, 
1930). Accordingly, the linear combination 


v= > CnWn 


(with complex numbers c,) is a physically acceptable 
solution of Equation (1). Following studies by Steven 
Weinberg and others (Weinberg, 1989), extremely 
stringent limits have been put on hypothetical nonlinear 
corrections to quantum mechanics. These limits have 
been obtained by searching for nonlinearly induced 


759 


detuning of resonant transitions between two atomic 
levels, putting the following upper bounds on a 
hypothetical nonlinear term AE(y, w*)w supposed to 
correct the right-hand side of Schrédinger Equation (1): 


|AE| < 2.4 10-7" eV in °Bet ion 
(Bollinger et al., 1989), 

|AE| < 1.6 1077 eV in 201g atom 
(Majumder et al., 1990). 


The principle of linear superposition of quantum me- 
chanics has thus been confirmed by these investiga- 
tions. 

Nevertheless, in low-temperature many-body quan- 
tum systems, effective nonlinearities may arise if 
some wave function describing a subset of degrees 
of freedom has a feedback effect onto itself. Exam- 
ples of effectively nonlinear quantum equations include 
the Hartree-Fock equation for fermionic systems, the 
Ginzburg-Landau equation for superconductors, the 
Gross-Pitaevskii equation for Bose-Einstein conden- 
sates, and the Ginzburg—Landau equation coupled to 
a Chern—Simon gauge field for the fractional quantum 
Hall effect. 

Another problem where nonlinearities are associated 
with Schrédinger’s equation is the theory of the 
optimal control of quantum systems by an external 
electromagnetic field. The optimal external field can 
be obtained as the solution of coupled nonlinear 
Schrédinger equations, where nonlinearity arises by 
a feedback mechanism of the quantum system onto 
itself through the external field and the desired control. 
Such feedback mechanisms have been experimentally 
implemented for laser control of chemical reactions 
(Rice & Zhao, 2000). 

Nonlinear effects also emerge out of wave mechanics 
in the semiclassical limit, where the motion can 
be described in terms of classical orbits (solutions 
of nonlinear Hamiltonian equations). In the 1970s, 
starting from Schrédinger’s equation, Gutzwiller 
derived a semiclassical trace formula that expresses the 
density of energy eigenvalues in terms of periodic orbits 
(Gutzwiller, 1990). The periodic orbits are unstable 
and proliferate exponentially in chaotic systems, where 
semiclassical quantization can be performed, thanks to 
the Gutzwiller trace formula as an alternative to the 
Bohr—Sommerfeld quantization rule. 

In summary, nonlinear effects manifest themselves 
in quantum systems as phenomena emerging out of 
the linear wave mechanics in particular limits such as 
the semiclassical limit or the many-body limit at low 
temperature. 

PrERRE GASPARD 


See also Bose-Einstein condensation; Hartree ap- 
proximation; Nonlinear Schrédinger equations; 
Quantum chaos; Superconductivity; Superfluidity 


760 


Further Reading 

Bollinger, J.J., Heinzen, D.J., Itano, W.M., Gilbert, S.L., & 
Wineland, D.J. 1989. Test of the linearity of quantum 
mechanics by rf spectroscopy of the Bet ground state. 
Physical Review Letters, 63: 1031-1034 

Dirac, P.A.M. 1930. Principles of Quantum Mechanics, Oxford: 
Clarendon Press 

Gutzwiller, M.C. 1990. Chaos in Classical and Quantum 
Mechanics, New York: Springer 

Majumder, P.K., Venema, B.J., Lamoreaux, S.K., Heckel, B.R. & 
Fortson, E.N. 1990. Test of the linearity of quantum mechanics 
in optically pumped 201 Hg. Physical Review Letters, 65: 
2931-2934 

Mohr, P.J. & Taylor, B.N. 2000. CODATA recommended values 
of the fundamental physical constants: 1998. Reviews of 
Modern Physics, 72: 351-495 

Rice, S.A. & Zhao, M. 2000. Optical Control of Molecular 
Dynamics, New York: Wiley 

Weinberg, S. 1989. Precision tests of quantum mechanics. 
Physical Review Letters, 62: 485-488; and references 
therein 


QUASILINEAR ANALYSIS 


Analytical methods in the present-day theory of 
nonlinear oscillations originated in the investigations 
by Henri Poincaré, George D. Birkhoff, and Aleksandr 
Lyapunov, who laid the mathematical foundations 
for this theory. However, it should be noted that 
direct application of these mathematical methods to 
oscillation theory as such did not occur till much later, 
primarily owing to the work of Alexander Andronov 
(Andronov et al., 1966). 

An important contribution to the development of the 
quantitative theory of nonlinear oscillations, especially 
of the applied part, was made by Balthasar van der Pol 
(van der Pol, 1934), who studied the operation of an 
electronic generator and proposed his own investigative 
method, namely, the method of slowly time-varying 
amplitudes. A rigorous justification of this method was 
later given by Osip Mandelshtam and N. Papaleksi 
(Mandelshtam & Papaleksi, 1934). 

Almost independently of Mandelshtam, Andronov, 
and other physicists, the mathematical groundwork for 
nonlinear oscillation theory was laid by Nikolai Krylov, 
Nikolai Bogolyubov, Yuri Mitropol’sky (Krylov & 
Bogolyubov, 1947; Bogolyubov, 1950; Bogolyubov 
& Mitropol’sky, 1961; Mitropol’sky, 1971), and 
their disciples. They worked out the most important 
methods for the analysis of quasilinear oscillations: 
the asymptotic method, the averaging method, and the 
method of equivalent linearization. The last can serve 
as a theoretical justification of the heuristic methods of 
harmonic balance and statistical linearization (Landa, 
1980; Pervozvansky, 1962), which are well known 
in mechanical and electrical engineering. Indeed, in 
accordance with the method of equivalent linearization, 
for a nonlinear function f(x), we substitute a 
linear function Ax, where A is determined from the 
condition of minimization of the mean-square error 
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2 
e= (Fe - Ax) . Differentiating ¢ with respect to 4 
and equating the derivative to zero, we find 





pa TOR (1) 


x2 





where over-line denote the averaging operation. De- 
pending on the averaging technique, we obtain har- 
monic linearization (harmonic balance) or statisti- 
cal linearization. The former takes place if we put 
x = cos wt and average the numerator and denomina- 
tor of expression (1) over ¢ for the period T =21/w. 
The latter takes place if we suppose x to be dis- 
tributed according to a certain probability distribu- 
tion (for example, Gaussian) and find the statistical 
average. 

The van der Pol method, or the method of slowly 
time-varying amplitudes, is applicable to near-linear, 
near-conservative self-oscillatory systems. The method 
was suggested by van der Pol as applied to self- 
oscillatory systems with one degree of freedom. 
However, the method may be easily generalized to self- 
oscillatory systems with n degrees of freedom, which 
are described by equations of the form 


je bogye = eet yy.) (kK=1,2,...,0), 2) 


where yp is a small parameter, y={y1,..., yn}, 
y=({v1,.--,¥n}. For w~=0, Equations (2) are the 
equations of a linear oscillatory system with n degrees 
of freedom written in terms of normal coordinates. 

As mentioned above, a rigorous justification of the 
van der Pol method was given by Mandelshtam and 
Papaleksi (Mandelshtam & Papaleksi, 1934). They 
showed that the truncated van der Pol equations 
can be found by averaging the initial equations over 
“fast time” for the period T=2n/w. By doing so, 
Mandelshtam and Papaleksi pioneered the averaging 
method, the rigorous theory of which was worked out 
by Bogolyubov (1950) and developed by Mitropol’sky 
(1971). This theory concerns so-called equations in 
a standard form. By means of a certain change of 
variables, any equations describing oscillations in near- 
conservative systems can be reduced to equations in 
a standard form. More general theory is related to 
systems incorporating fast and slow variables (Volosov 
& Morgunov, 1971; Vasilyeva & Butuzov, 1990). In 
particular, this theory is used for analysis of relaxation 
oscillators (Mischenko & Rozov, 1975). 

The asymptotic Krylov-Bogolyubov method is 
conceptually a generalization of the van der Pol method 
that allows us to calculate the higher approximations. 
The method has two modifications, depending on the 
form of the original equations and on the problem 
in question (Landa, 1980). If we are interested in 
the calculation of multi-frequency oscillations, we 
conveniently set the equations in the form of (2). 
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Provided we are interested in the calculation of single- 
frequency oscillations, we can set the original equations 
in the following form: 


y+ By= ut, y), (3) 


where y is a vector with n components, B is a square 
matrix with elements bj, j4 is a small parameter, and 
Y(t, y) is a nonlinear vector function of time and of all 
components of the vector y. We assume that for 4 = 0, 
Equations (3) describe a linear conservative system. 

First, we consider the case when the original 
equations of a system are set in the form of (2). For 
uu # O, let us represent a solution of Equations (2) as a 
power series in j1: 


ye = YO + (A, W, Et) 
+ uu, mt) +e (4) 


where x” = Ag cos Wr, Wk = ort + Ok, Ak and gy are 
slowly time-varying functions obeying the equations 





dA 
Gm tf (A, 9, ot) + HP fia A, @, ME) +, 
(5) 

dep 2 

cde HP iK(A, @, Mt) + WF KA, g, wt) +... 
Here wix(A, mt), urx(A,w,pmt),... and fix 
(A, et), fo(A, W, wt),..., Fi(A. et), Foe 
(A, v, ut), ... are unknown functions, which should 
be found. 


Demanding the absence of resonant constituents in 
functions u),, we find the unknown functions f\, and 
Fix: 


1 
Sik = — Fp Xu, Aso), 
Ok 
1 
Fix = —>——_ Z t,A = 6 
Ik TA 1k(ut, A, g) (6) 


Thus, we obtain the equations of the first approximation 
for the amplitudes and phases: 


dA, Mh 
= —5— Xix(ut, A, 9), 
20k 


“dt- 
OPE ae petal Aap) (7) 
dt 2wz Ax if aad 


These equations coincide with those found by using 
the van der Pol method. The functions ux describe the 
higher harmonics and combination frequencies in the 
solution of the first approximation. 

Using the next terms in the expansions found above, 
we can obtain the equations of the second and higher 
approximations. 

Let us consider further the case when the original 
equations of a system are set in the form of (3) and we 
are interested in finding single-frequency oscillations 
described by 


y= A(Veilor#) + ee), (8) 
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where w is one of the system fundamental frequencies, 
Vis the eigenvector of the matrix B corresponding to 
the frequency w, and c.c. means the complex conjugate 
value. 

Using the procedure of the method described, we 
obtain the equations for the unknown vector functions 
k je 

dk, i 
o- + Bk, = fi (ve" t c.c.) 
aw 





-iAF, (ve”—ce.) +¥1, .. 9) 


Let us further expand the vector functions k;, k2,..., 
Y, Y2, ... into the Fourier series with slowly time- 
varying coefficients: 


foe) 
kA, veut) = So UY (Ag, une, 


k=-00 


[o.e) 
YA wu = Yo ¥%(A,g, ure. 10) 
k=—00 
Substituting (10) into (9) and equating the coefficients 
of the same harmonics, we obtain, for each j, a system 
of non-uniform equations for the components of the 
vector functions UW. For k #1, the determinant of 


this system is nonzero, and, hence, all of u* ise) can be 
determined uniquely. For k = 1, the system determinant 
is zero. In this case we should require, for all j, the 
fulfillment of the compatibility conditions AR; =0, 
where Rj; is the right-hand side of the jth system 
and A is the adjoint matrix. These conditions allow 
us to find fi(A, 9, ut), Fi(A,g, ut), fo(A.@, Ht), 
Fy(A,g, wt), .... 
Let us consider the first approximation. From (9) and 
(10) we obtain the following equation for the vector 
P u. 
function U;’: 


(ko€ + BUM = -(f, +iAF\)aV+ ¥, AD 


where € is an identity matrix and 5,1 is the Kronecker 
delta. For k = 1, the compatibility condition of system 
(11) is 





fiAV-iAF,AV+ AY,” = 0. (12) 


Splitting the real part and the imaginary part in Equa- 
tion (12) we find 


fi(A, @, WN=Re ) s vs YP (A, 9. ut) p . 
J 


F\(A, g, ut) 


1 
A 








I AS y¥Ora go, uths, (3 
m ALY, 1; (A, @, HE) (13) 


where Sp A is the spur of the matrix A. 
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The second and higher approximations can be found 
in much the same way. 
Po ina LANDA 


See also Averaging methods; Distributed oscilla- 
tors; Linearization; Perturbation theory; Relax- 
ation oscillators 
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QUASIPERIODICITY 
The term quasi-periodicity implies a type of motion 
that is regular (nonchaotic) but consists of a combina- 
tion of periodic motions with a trajectory that—after 
sufficient time—passes arbitrarily close to an earlier 
value. 

For flow systems, a trajectory x(t) € R” is called k- 
quasi-periodic if it can be written in the form 


x(t) = f(@it,..., okt). 


Here f is a smooth nonlinear function of period 27 
in each of its k arguments separately. The function 
f belongs to a class of almost periodic functions 
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Figure 1. Schematic diagram of motion on_ the p? 
(two-dimensional) torus and the Poincaré cross section. 


if frequencies w},...,@ are not rationally related 
(are incommensurate); that is, yk l;@; #0 when 
,..-,€Z and Y*|;|>0 (Levitan & Zhikov, 
1982). In other words, the ratio between two 
frequencies @; and w;, i € j is irrational: 


SERED per Gee: (1) 


A quasi-periodic trajectory lies on a k-dimensional 
torus (T*), which can be an attractor, a repeller, or a 
saddle of a dynamic system. The term quasi-periodicity 
describes motion on the 2-dimensional torus (T?) 
whereas k-quasi-periodicity is used for motion on tori 
of larger dimension. A two-dimensional closed surface 
in phase space corresponds to the two-dimensional 
torus 77, and asymptotically (as t > 00), the trajectory 
covers its entire surface. 

To describe quasi-periodic motion, it is convenient 
to use a Poincaré cross section (Figure 1) or a map. 
The T? torus is given by a closed invariant curve in 
Poincaré cross section. Maps are widely used in practice 
to investigate the properties of quasi-periodic motion. 
A typical map that serves for this purpose, as well as for 
investigation of the transition from quasi-periodicity to 
chaos, is the circle map: 


K 
On4+1 = On + Q— ee sin2n0,, mod 1. (2) 
T 


Here 6 is a phase angle defined in the interval [0; 1], 
while 02 €[0;1] and K>O are parameters of the 
map. Map (2) for K <1 describes the dynamics of a 
non-autonomous self-oscillating system, for example, 
the van der Pol oscillator under external periodic 
forcing. The variable 6 in this case represents the 
phase difference between the self-oscillations and 
the external force, the parameter 2 corresponds to 
the mismatch between the forcing frequency and the 
natural frequency of the oscillator, and the parameter 
K corresponds to the forcing amplitude. 

A number of problems arise during numerical sim- 
ulations and experimental investigations of attractors 
in quasi-periodic systems. First, it is impossible to 
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simulate an irrational ratio in Equation (1) because each 
number stored in a computer is limited to a finite set of 
digits. Second, as a consequence of the measurement 
error in experimental investigations, it is, in practice, 
impossible to determinate reliably whether a frequency 
ratio is rational or irrational. Third, because the pres- 
ence of noise in real systems leads to a smearing of the 
system’s characteristics, it is possible to interpret exper- 
imental results wrongly. Thus, if a calculated invariant 
curve in a Poincaré cross section is smeared (has a finite 
width), then a noisy quasi-periodic motion can become 
entangled with chaos. 

To obtain reliable information about the type of 
motion, it is necessary to use a set of characteristics 
such as the spectrum of Lyapunov exponents (SLE), a 
power spectrum, an autocorrelation function (ACF), or 
the smoothness of the invariant curve in the Poincaré 
cross section. In quasi-periodic motion, the SLE has no 
positive values, and the number of zeros is equal to the 
number of incommensurate base frequencies defined by 
the quasi-periodic motion. For example, the T? torus of 
a dissipative system is characterized by two Lyapunov 
exponents that are zero and others that are negative. 
The SLE of chaotic behavior includes at least one 
positive value. The power spectrum of quasi-periodic 
motion is discrete and consists of peaks at frequencies 
nw, +ma2, with n and m taking arbitrary integer 
values. In reality, the peaks need not be mathematically 
sharp, but can be instrumentally sharp. The spectrum of 
a chaotic motion, on the other hand, is continuous and 
consists of an infinite number of base functions and their 
combinations. The ACF of a trajectory on a torus is an 
infinitely oscillating function that does not fall to zero 
as t — oo; in contrast, the ACF of a chaotic trajectory 
tends to zero as t > oo. In Poincaré cross section, a 
smooth curve corresponds to a torus, whereas a chaotic 
regime is characterized by a fractal structure. 

Quasi-periodic motion can be observed in conser- 
vative and dissipative systems characterized by two 
or more incommensurate frequencies generated by the 
system and/or external sources (Glazier & Libchaber, 
1988). The transition from a stationary state to quasi- 
periodic motion is realized as the result of at least two 
consecutive Hopf bifurcations, which add two incom- 
mensurate frequencies to the system, hence giving rise 
toa T? torus. Further Hopf bifurcations lead to a torus of 
larger dimension. Landau (1965) conjectured that tur- 
bulence arises through an infinite series of such Hopf 
bifurcations, increasing the degree of quasi-periodicity 
step-by-step up to infinity. 

The possibility of such a scenario is problematic be- 
cause the Kolmogorov—Armol’d—Moser (KAM) theo- 
rem and the results of Newhouse et al. (1979) show 
that T* tori can be structurally unstable when k > 3. 
This instability is found to increase with nonlinearity, 
which can lead to synchronization if an irrational fre- 
quency ratio becomes rational, or can transform a low- 
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dimensional torus to chaos. However, there are also 
models (Ott, 2002) and experiments (Gollub & Benson, 
1980), which prove that the tori T* still exist for k > 3. 
The flow of blood through the cardiovascular system 
seems to be an example of dynamics characterized by 
a hypertorus, with k > 3 (Stefanovska & Bratié, 1999). 

Several scenarios of transition from quasi-periodicity 
to chaos are known. The transition from T? to a 
strange chaotic attractor has been thoroughly investi- 
gated (Afraimovich & Shilnikov, 1991; Anishchenko 
et al., 2002). First, the torus loses smoothness, and then 
stable and saddle resonances (cycles corresponding to 
a rational frequency ratio) arise on the torus. Nonlocal 
bifurcations (homoclinic tangencies of manifolds) of 
these saddles lead to chaos later on. 

A similar scenario is also observed for the T* torus 
(Anishchenko et al., 2002). The occurrence of torus 
doublings can precede the appearance of resonances 
on the torus: a finite number of bifurcations occur, 
after which the torus is destroyed as described above. 
The possible reality of an infinite series of torus 
doubling bifurcations (the Feigenbaum scenario of the 
transition to chaos) remains an open question, although 
renormalization group analysis (Feigenbaum et al., 
1982) allows such a possibility theoretically. 

Newhouse et al. (1979) have shown that small 
perturbations of the 7? torus can lead to a strange 
chaotic attractor on the torus. Bifurcations, which lead 
from the torus to chaos, have not yet been studied 
in detail, but investigations indicate that the transition 
is connected with the appearance and destruction of 
resonances on the torus. Furthermore, the transition 
from T? to chaos has been observed only in maps, and 
the possibility of its realization in flow systems remains 
unclear. 

A third scenario is the transition from quasi- 
periodicity to a nonstrange chaotic attractor (Arnol’d, 
1983). If a chaotic attractor on T? covers all the surface 
of the torus, then the capacity of the attractor is integer 
and the largest Lyapunov exponent is positive. 

Another way in which the transition from quasi- 
periodicity to chaos can occur is through the appearance 
of a strange nonchaotic attractor (SNA), which has 
a fractal structure and no positive values in the SLE 
(Grebogi et al., 1984). Such an evolution is observed 
in systems under external quasi-periodic forcing that 
drives the system with an irrational frequency ratio, 
which does not depend on parameters and properties of 
the system itself. The bifurcation mechanisms involved 
in the transition from torus to SNA, and the subsequent 
transition from SNA to chaos, are subjects of active 
investigation. 

Icor A. KHovanov, NATALYA A. KHOVANOVA, AND 
ANETA STEFANOVSKA 


Seealso Attractors; Bifurcations; Cat map; Kolmo- 
gorov—Arnol’d—Moser theorem; Lyapunov expo- 
nents; One-dimensional maps; Period doubling; 
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Phase space; Recurrence; Routes to chaos; Synchro- 
nization 
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RANDOM MATRIX THEORY I: ORIGINS 
AND PHYSICAL APPLICATIONS 
The textbook examples of quantum systems typically 
have a complete set of quantum numbers. For 
hydrogen-like atoms in a weak magnetic field, 
the set of radial, angular, and magnetic quantum 
numbers, together perhaps with the spin state, uniquely 
determines the energy levels of the atom. Nuclear 
physicists were among the first to encounter a 
situation where this is not possible. Scattering protons 
and neutrons off nuclei revealed a huge number 
of resonances that could no longer be completely 
labelled by their quantum numbers. In view of this 
fact and the uncertainty in the detailed interaction 
between the neutrons, Eugene Wigner advanced a 
statistical approach to the observed spectra: instead 
of trying to characterize each resonance individually, 
he proposed to look for a statistical description of 
their distribution and their strengths (see Wigner 
(1967) for an account of the early developments). 
Typical quantities of interest are then the mean density 
of resonances, probabilities for their spacings, the 
two- or more point correlation functions, and the 
distribution of transition strengths. The Hamiltonian 
was modeled as a random matrix, and by ingenious 
mathematical techniques a complete characterization 
of the spectral properties of certain ensembles of 
random matrices could be achieved. Wigner’s John 
von Neumann lecture (Wigner, 1967), and the 
books by Mehta (1991) and Porter (1965) survey 
many of the results and methods. These sources 
also contain references to work in mathematics 
before the widespread use of random matrices in 
physics. 

The most important ensembles are the Gaussian 
ones. Consider ensembles of N x N matrices H with 
statistically independent real or complex entries and a 
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distribution function 


Py(Hu, Mig,..., Hwn) = | pi (Aiy)- (1) 
t, 
It is natural to demand ftivdanes of the distribution 
under transformation of bases, since none of them can 
be singled out a priori. If the allowed transformations 
are orthogonal, unitary, or symplectic, the Gaussian 
orthogonal ensemble (GOE), Gaussian unitary ensem- 
ble (GUE), or the Gaussian symplectic ensemble (GSE) 
is obtained, respectively. The distribution functions are 


N/2 BN(N-1)/2 
u(x) (Z) (34) 


(2) 


with the parameters 6 = 1 for GOE, 8 =2 for GUE, 
and 6 = 4 for GSE. 

Of the many quantities that can be studied and for 
which in many cases exact results can be obtained, we 
list only two: the level spacing distribution and the 
number variance (Figure 1). For others, see Brody et 
al. (1981), Guhr et al. (1998), Haake (2001), Mehta 
(1967), and St6ckmann (1999). 

The level spacing distribution is the probability 
density to find two neighboring levels a distance s apart 
(in units of the mean level spacing). The expression that 
results from the random matrix ensembles is somewhat 
involved, but a very good approximation was given by 
Wigner: 


T é 

Poor = ue (3) 
32 _ 2 

PauE = ase eae (4) 
218 ze 2 

pe wae (64/9n)s? (5) 


The characteristic feature of these expression is that for 
small s the distribution increases like s*, so that small 
spacings are suppressed. 

The number variance measures the deviation 
between the true and the expected number of 
eigenvalues in an interval. In units of the mean spacing 


766 RANDOM MATRIX THEORY I: ORIGINS AND PHYSICAL APPLICATIONS 





*, Poisson } — 


P(s) 




















Figure 1. Level spacing distribution and number variance for 
the different ensembles. 


the expected number equals the length L of the interval, 
and with N(L) the true number, variance is 


L°(L) = ((N(L) — L)’) = ((N(L))*) — L?. ©) 


Ina Poisson process for uncorrelated levels, the number 
variance will increase linearly, y2(L)=L. In the 
random matrix ensembles, the increase is slower, 


r2(L) ~ ery +¢ (7) 
pre ‘ 


with constants cg (for complete expressions, see, for 
example, Brody et al. (1981)). The slow logarithmic 
increase reflects the interactions between levels. 
Between about 1975 and the mid-1980s, Michael 
Berry, Oriol Bohigas, and others applied such statistical 
measures to systems with a chaotic classical limit and 
observed level distributions and correlators in agree- 
ment with random matrix theory. They conjectured that 
chaotic systems will show random matrix behavior con- 
sistent with the global real symmetric, complex Her- 
mitian, or symplectic symmetry of the Hamiltonian. 
The eigenvalue distribution for integrable systems, as 
shown earlier by Berry and Tabor, should show Pois- 
sonian statistics (Haake, 2001; Stéckmann, 1999). The 
argument for the two situations is roughly as follows: 
if the classical system is integrable, the quantum eigen- 
states are localized on tori and the energies can be 
approximated by Bohr-Sommerfeld quantization of the 
appropriate actions. Different tori give independent se- 
quences of quantum eigenvalues, so that the collection 
of eigenvalues reflects a random appearance of eigen- 
values, without correlations. As a result, the distribu- 
tion of mean level spacings becomes exponential. In a 
chaotic system the eigenstates are spread over the con- 


nected chaotic components. They thus have the same 
support, but since they have to be orthogonal, they have 
to interact. This interaction then leads to level repulsion 
and the observed suppression of small spacings in P(s). 
The conjecture is supported by semiclassical arguments 
for the two-point correlation function (Berry, 1985) and 
a large body of empirical evidence from experimental 
data for nuclei, atoms, and molecules and from numer- 
ical data for various systems (Stockmann, 1999). The 
few exceptions (as, for instance, the arithmetical bil- 
liards on surfaces of negative curvature (Bogomolny et 
al., 1997)) have led to clarifications of the necessary 
requirements. But so far no proof has emerged, neither 
for integrable nor for chaotic systems. 

The connection between random matrices and the 
chaotic behavior of the underlying wave behavior 
indicates why random matrix statistics should also 
appear in many nonquantum situations. Indeed, 
acoustic resonances in irregularly shaped containers, 
electromagnetic resonances in cavities, and mechanical 
vibrations of plates and other solid blocks all 
show statistical properties in good agreement with 
random matrix theory expectations when the short 
wavelength dynamics of wave fronts is chaotic 
(Stéckmann, 1999). 

The statistical measures developed within random 
matrix theory have propagated into other fields as 
well, most notably into the theory of the Riemann zeta 
function. The Riemann zeta function as defined by 


foe) 


cr(s) = Don (8) 


n=1 


can be analytically continued into the complex plane. 
It then has a pole at s=1 and so-called trivial 
zeroes ats = —2, —4,.... Bernhard Riemann’s long- 
standing conjecture is that all its other zeroes lie 
along the line s= 7 +it. David Hilbert proposed to 
identify an eigenvalue problem that has these zeroes 
as eigenvalues. While that system is still elusive, 
analysis of the statistics suggests that it belongs to 
the universality class of the Gaussian unitary ensemble 
(see Berry & Keating (2000) for an account of the 
fascinating relations between random matrix theory, 
primes, and the statistics of the Riemann zeroes). 

While all previous examples dealt with individual 
systems having a fixed Hamiltonian, one can also 
consider disordered systems, where as an additional 
statistical element, certain variations in the Hamiltonian 
enter. For instance, in a solid the mean density of 
impurities can be controlled experimentally, but the 
detailed positions and their effects on a specific 
experiment are difficult to fix. Itis then possible to again 
set up random matrix models and to derive measurable 
quantities that are universal in that they depend on the 
global symmetry of the system only, see Beenakker 
(1997), Guhr et al. (1998), and Efetov (1997). 
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Through the connection to disordered systems, 
techniques from field theory, Grassmann algebras, 
and supersymmetry entered random matrix theory 
(Zirnbauer, 1996). Those tools allow analytical 
calculations of many quantities both in the extreme 
quantum limit and in the semiclassical limit. More 
importantly, they have indicated a link to group theory 
and homogeneous spaces. The classification into three 
universality classes (GOE, GUE, and GSE) above has to 
be extended to a total of 10 cases. The realizations of the 
other cases require additional symmetries. Three cases 
can be found by extending the three classical ensembles 
to Dirac Hamiltonians with a particle-hole symmetry. 
Examples for the remaining four can be found in certain 
normal-superconducting systems. 

As suggested in the introduction to Guhr et al. 
(1998), the field of random matrices has opened up 
a new class of stochastic systems with a wide range 
of applications in physics and elsewhere and with 
intriguing mathematical connections. The unifying 
feature is that stochasticity combined with general 
symmetries leads to universal laws not based on 
dynamical principles. Indications are that it can also 
play a role in the analysis of financial data, in wireless 
communications, or in extracting correlations in neural 
signals (see, e.g., Forrester et al., 2003). 

Bruno ECKHARDT 


See also Free probability theory; Periodic orbit 
theory; Quantum chaos 
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RANDOM MATRIX THEORY II: 
ALGEBRAIC DEVELOPMENTS 


It was hypothesized by Eugene Wigner in the 1950s 
that the highly excited states of complex nuclei would 
have the same statistical properties as the eigenvalues 
of a large random real symmetric matrix. In pure 
mathematics, one finds a random matrix hypothesis in 
the theory of the celebrated Riemann hypothesis. Thus 
the Montgomery—Odlyzko law states that the statistics 
of the large zeros of the Riemann zeta function on the 
critical line (Riemann zeros) coincide with the statistics 
of the eigenvalues of a large complex Hermitian 
matrix. To test such hypotheses (for definiteness, the 
Montgomery—Odlyzko law), one computes a large 
sequence of consecutive Riemann zeros, scales the 
sequence so that locally the mean spacing is unity, 
and then empirically computes statistical quantities. 
A typical example of the latter is the distribution 
of the spacing between consecutive zeros. This must 
be compared against the same statistical quantity for 
the eigenvalues of large random complex Hermitian 
matrices. How then does one compute the eigenvalue 
spacing distribution for random matrices? 

Hermitian random matrices with real, complex, and 
quaternion real Gaussian elements form matrix ensem- 
bles referred to as the Gaussian orthogonal ensemble 
(GOE) (f = 1), the Gaussian unitary ensemble (GUE) 
(6 = 2), and the Gaussian symplectic ensemble (GSE) 
(6B =4), respectively, where 6 is a convenient label. 
Consider the bulk eigenvalues of such large matrices, 
scaled to have unit density. Denote by pg(k; s) the 
probability density that there are exactly k eigenval- 
ues in between two eigenvalues of spacing s, and de- 
note by E(k; s) the probability that there are exactly k 
eigenvalues in an interval of size s. Define the gen- 
erating functions pg(s; §)= ppraarne! _ &)* pk; s) 
and Ep(s:&) = Deeo(1—&)*Eg(k; s). Note from 
the definitions that these quantities are related by 
pels; €) = SS Epls: €). 

Gaudin observed that the determinantal form of the 
correlations in the case B =2 allows E(s; &) to be 
written as a Fredholm determinant, 


Eo(s;&) = det(1 — € K2) 
= det(1-éK})det(l-&Ky), (1) 


where K2, KF are integral operators on (0,5) with 


kernels 
sin (x — y) 


m(x — y) 
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and 








1 a“ —y) . sina(x + >] 
2L ma@-y) m(xty) |? 


respectively. The second equality is noted in (1) because 
both factors therein are related to E,. Thus, with 
E,(— 1; s)=0, define 





E¥(s;€) = 0d = §)" (Ei Qn; s) + E\Qn¥ 1: s)). 


n=0 


Then an inter-relationship between large GOE and large 
GUE matrices due to Dyson implies 


Ex(s;&) = E}(s; €)E; (8; €). 


This factorization turns out to be the same as in (1), so 
one obtains Mehta’s result 


Ef (s; €) = det(1 — €K}). 


For the case 6 = 4, one uses Mehta’s and Dyson’s inter- 
relationship between large GSE matrices and large 
GOE matrices to conclude 

E4(n; s) = 

E,(2n; 2s)4 $(EiQn 1; 25)+E) (2n+1; 2s)). 





A new line of study of Eg was initiated by Jimbo, 
Miwa, Mori, and Sato in 1980, which related the 
Fredholm determinant in (1) to integrable systems 
theory, resulting in the formula 


ms 


: dt 
Ea(s;§) = exp | a(t; &) ra 


where o satisfies a particular example of the o-form of 
the Painlevé V equation, 





(so”)? + 4(so" 2)(so! o+ ')”) =0, 


so0 


The quantities Et can also be expressed in terms of 
Painlevé transcendents. Thus, combining results of the 
present author with results of Tracy and Widom, one has 


(as /2)° dt 
Et(s: £) = 4 Payee 

Hs: 8) exp [ wa] 
where v(t; €; a) satisfies a particular example of the 
o-form of the Painlevé III’ equation 





(tv)? — a2(v')? = v'(40' + Iv 


Eyer! 
t 35 &; ae . 
V5 @) | ~~ er@ + )F@ +2) 


tv’) =0, 





Another bulk spacing distribution with a Painlevé 
type evaluation is the nearest-neighbor spacing between 


nn(t) 


15 i) 








0 0.25 05 075 1 125 15 


Figure 1. Comparison of nn(t) for the GUE (continuous curve) 
and for 10° consecutive Riemann zeros, starting near zero 
number | (open circles), 10° (asterisks), and 1020 (filled circles). 


eigenvalues (i.e., the minimum of the distances to the 
left neighbor and the right neighbor) for large GUE 
matrices, nn(t) say. Forrester and Odlyzko (1996) have 
shown that 


2nt; mt y(Qs; 
nn(t) = ¥¢ “ a) exp | y(2s; a) ds 
0 Ss 





a=1 





where y(s; a) satisfies the differential equation 
(sy" + 4(-a" + sy’ — y) 
(0 - {a—-@—sy'+y)'?) =0 
subject to the boundary condition 
( ) 2(8/4)24t! 

(ssa) ~ : 
Woe PO/2+a)FGQ/2 +a) 
Comparison of a plot of this statistic, obtained from 
the formula in Forrester and Odlyzko (1996), against 
the same statistic computed, empirically for large 
sequences of Riemann zeros starting at three different 


positions along the critical line is given in Figure 1. 
PJ. FORRESTER 








See also Random matrix theory I, II, IV 
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RANDOM MATRIX THEORY III: 
COMBINATORICS 


As the two previous entries show, random matrix theory 
(RMT) is a field of research devoted to the statistical 
analysis of the eigenvalues of matrices selected at 
random from a given set of matrices (Mehta, 1991). 
Recently there have been surprising discoveries that 
connect RMT to a branch of mathematics called 
combinatorics. 

One fundamental topic within combinatorics is 
the study of permutations. A permutation is a 
rearrangement of the elements of a set. The set is 
usually finite, in which case it may be taken to 
be the first n positive integers, and a permutation 
may also be represented as a one-to-one invertible 
mapping from {1,2,...,”} into itself. For each 
positive integer n, the number of permutations of 
length n is n!. If permutations of length n are 
selected at random, and each permutation is equally 
likely, then the probability of selecting a particular 
permutation is 1 /n!. In thinking about permutations 
probabilistically, researchers have discovered new 
connections to random matrix theory. 


Random Matrix Theory: Gaussian Unitary 
Ensemble 


The Gaussian unitary ensemble (GUE) is a fundamental 
example of a RMT. The collection of matrices is all 
Hermitian (self-adjoint, complex) matrices of size n. 
The diagonal matrix entries Mj;, j=1,2,...,n, are 
independent normal random variables; that is, each has 
probability measure re e—” /? dm. The off-diagonal 
matrix entries M jx = My + iM\?, 1<j#k<n, are 
M® Mo 


: i jk? OY cee ; 
independent identically distributed Gaussian random 


complex, and { is acollection of 


variables with probability measure ae dm. The 
matrix entries below the diagonal are determined 
by the entries above the diagonal because the 
matrices satisfy the self-adjointness criterion M* = M, 
where (M*) jx = Mix and (-) represents the complex 
conjugate of (-). Thus, the GUE of random matrices 
is merely a probability measure defined on the 
standard Euclidean space of dimension n?. In standard 
probability terminology, the probability of finding a 
matrix in an “infinitesimal volume element” of matrices 
centered at a given matrix M = (Mix) < j,k <n IS 


(R i 
PHS MD MP P+ MQ? 
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This is often more conveniently written in the form 


en THM?) dM, (1) 
n 
where Zp = Mah, dM = []dM;; |] dM dM i 


and Tr(A) represents the trace of the matrix A, 
Tr(A) = yea Ajj- 

This is just one example of an RMT. For example, 
one may replace Tr(M2) in (1) by Tr(M"), or 
Tr(V(M)) for any reasonable function V : R> R. 

The eigenvalues Aj <A2< ... <A, of a matrix M 
selected at random according to (1) are fundamental 
random variables, and quite a lot is known about 
their statistical properties. One example is the largest 
eigenvalue Ay. Because of many different applications, 
their statistical behavior is particularly interesting when 
n goes to oo. This random variable’s behavior when 
n— oo is as follows: 


im Prob (% < V2n+ Tea =a) = F(s), 
where 
F(s)= exp (-/ G _ »)°q(x)dr) (2) 


and q is the unique solution to the Painlevé II equation 


” 


q =sqt 243 
satisfying the condition 


q(s) ~ Ai(s) ass > oo. 
This result is due to Craig Tracy and Harold Widom 
(1994), and the function F is often referred to as the 
Tracy—Widom distribution. Surprisingly, the Painlevé 
equation appears in a fundamental way in random 
matrix theory. It also appears, in an equally fundamental 
way, in combinatorics. 


Increasing Subsequences of Permutations 


A permutation, or an invertible mapping from the 
set {1,2,...,n} to itself may be represented as a 
sequence of numbers. For example, the sequence 
3,1,2 represents the permutation o(1)=3, o0(2)=1, 
o (3) =2. An increasing subsequence of a permutation 
is obtained by representing a permutation as a sequence, 
and then selecting a subsequence in which the elements 
are increasing. For example, the sequence 1, 2 is 
an increasing subsequence of the permutation o 
considered above. 

Each permutation has many increasing subse- 
quences. In combinatorics the length of the largest in- 
creasing subsequence of a permutation is an impor- 
tant object of study. For the permutation o considered 
above, that length is 2. As another example, if z is 
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the permutation 1,3,2,4,5, that is, 7(1) = 1, 7(2) =3, 
(3) = 2, 1(4) =4, 1(5) =S, the length of z’s longest 
increasing subsequence is 4. If o is a permutation of 
length n, then £,,(0) denotes the length of o’s longest 
increasing subsequence. 

If permutations of length n are selected at random, 
and each permutation has equal probability 1 /n!, 
then £,(o) is a natural random variable arising from 
combinatorics. Its statistical behavior for n large has 
been an object of study since at least the 1960s. 
Interest in €,, stems from basic connections between 
permutations and games of chance, such as “solitaire,” 
also known as “patience sorting.” In their mathematical 
review, Aldous & Diaconis (1999) give a precise 
description of such a game: 


Take a deck of cards labeled 1,2, 3,---,n. The deck 
is shuffled, cards are turned up one at a time and dealt 
into piles on the table, according to the rule 


e A low card may be placed on a higher card (e.g., 2 
may be placed on 7) or may be put into a new pile to 
the right of the existing piles. 


At each stage we see the top card on each pile. If the 
turned up card is higher than the cards showing then it 
must be put into a new pile to the right of the others. 
The object of the game is to finish with as few piles 
as possible. (Aldous & Diaconis, 1999, p. 413) 
Suppose our deck has 5 cards, numbered 1-5, and 
that they are shuffled so that they are ordered as 53 142. 
During the game, the piles might evolve as follows: 


1 1 1 
3 3 3 32 
5 5 5 54 54 


and at the end of the game, we have two piles. Another 
(non-optimal) possibility is 


4 42 


5 33 531 53.1 Ree | 


and we wind up with 3 piles. There is a simple 
algorithm (referred to as the “greedy algorithm”) which 
always yields the minimum number of piles (see 
Aldous & Diaconis, 1999). The connection between 
the “solitaire” game described above and longest 
increasing subsequences is this: for any given shuffle, 
the minimum number of piles is exactly the longest 
increasing subsequence of the shuffle (when the shuffle 
is viewed as a permutation). 

Over the past 40 years, mathematicians have studied 
the statistical behavior of the random variable ¢,(c) 
when n, the size of the permutations, tends to 
infinity. Let E(¢,) denote the mean (or average) 
value of £,(0), and let Var(£,) denote its variance, 
Var(£;,) =E (é2) — (E(é,))*. Some natural questions 
are: How does E(£,) grow with n? How fast does 
the variance grow? Is there a notion of a central 
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limit theorem, or is there a limiting distribution for 
£, that emerges when n tends to oo? Here are some 
results, both old and new, which answer these questions, 
and also demonstrate a striking connection between 
combinatorial questions and random matrix theory. 

Result 1 (Logan & Shepp, 1977, see also Diaconis, 
1995, Vershik & Kerov, 1997): 














Jim, FB ttn) =2, . 
: 1 
tim, me (€n) = 2. (4) 


Result 2 (Baik et al., 1999): 
1/2 
lim Prob = < s| = F(x), (5) 
noo n /6 

where F is the Tracy—Widom distribution function (2). 
Result 2 was established in 1999. One remarkable 
aspect of this result is that it provides a mathematically 
precise connection between random permutations and 
random matrix theory (and Painlevé equations). There 
are now several proofs of this result as well as 
generalizations (see, e.g., Borodin et al. (2002)), and 
each proof contains different interconnections between 
areas of mathematics. 


Further Developments 


There have been a number of recent results that connect 
combinatorics to random matrix theory. Interesting 
generalizations of longest increasing subsequence 
problems have appeared. For example, Baik & Rains 
(2001) considered only those permutations that are their 
own inverses (also called involutions) and established 
results analogous to those mentioned above. Further 
generalizations to the study of “random words” have 
appeared (Tracy & Widom, 2001). 

The Tracy—Widom distribution F has appeared in a 
variety of other contexts as well. For example, in the 
study of random domino tilings of the so-called Aztec 
diamond, the same distribution function appears in a 
natural scaling limit (Johansson, 2001). There is a no- 
tion of a “frozen region” of a domino tiling, and the 
boundary of this frozen region may be interpreted as 
a random variable, which is described, asymptotically, 
by the Tracy—Widom distribution function. This phe- 
nomenon is somewhat universal within random tiling 
problems as well—it has recently been established 
(Baik et al., 2004) that the same behavior appears in 
random rhombi tilings of hexagonal domains. 

KENNETH MCLAUGHLIN 


See also Random matrix theory I, II and IV 
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RANDOM MATRIX THEORY IV: 
ANALYTIC METHODS 


In this article, we address various analytical issues that 
arise in random matrix theory (RMT) using techniques 
from the theory of Riemann—Hilbert problems (RHPs). 
We refer the reader to the previous three entries for more 
information on the physical applications and various 
algebraic developments in RMT, and to the entry on 
Riemann-Hilbert problem for more information on 
RHPs. The classic text on RMT is Mehta (1991); see 
also Deift (2000) for a pedagogic presentation of some 
recent analytical results. 

We discuss only the so-called unitary ensembles 
(UEs), that is, ensembles of N x N Hermitian matri- 
ces M=M*=(Mjc= MR + iM},) with probability 
distributions 


1 
Py(M)dM = —e~ "" am 
ZN 


N 
1 
=e NY TT amy [ami TT amin 
N j=l j<k j<k 
q) 


where V : B= R grows sufficiently rapidly at oo and 
Zw is anormalization constant. The name UE refers to 
the fact that the distribution is invariant under unitary 
conjugation M—> M=UMU*%, with U unitary, that 
is, P(M) dM= P(M) dM. For information on other 
distributions such as orthogonal ensembles, see Tracy 
& Widom (1996, 1998) for some additional analytical 
developments. The special case in which V(x) =x? 
is called the Gaussian unitary ensemble (GUE), with 
Py(M)dM = je" am. 

Under (1) the eigenvalues A)(M) >A2(M) >... > 
An (M) of a matrix M in the ensemble become random 
variables with distribution given by the Wey] integration 
formula (see Mehta, 1991) 


1 ; 
Pyay da = ak UiVOOT Taji —aj)?x da, 
N i<j 2) 
where x denotes the indicator function on R™ for the 
seta, >... >Ay.A statistic of basic importance is the 
gap probability 
Py (0; E) = Prob { M has no eigenvalues in 
(E -0,E+8)} (3) 


for E € R, 6 > 0. Scaling the eigenvalues in the stan- 

dard way around the energy E, Ate d’=yn(A— E), 
so that the expected number of eigenvalues per unit A’- 
interval is 1, one considers the limit 


P(y; E)= Jim Py(y/yn; E). (4) 


In the case of GUE, a calculation of Gaudin and Mehta 
(Mehta, 1991) using classical estimates showed that 


yw ~ NIP (5) 
and that 
P(y; E = 0) = det(1 — Sy), (6) 
where Sy denotes the trace class operator with kernel 
sin n(§ — 7) 
Sy(E, 0) = ——_— (7) 
* mn —n) 


acting on L?(— y, y), the space of square integrable 
functions on the interval (— y, y). The universality 
conjecture for the gap probability is the claim that under 
the correct scaling, (6) is true with the same right- 
hand side for all suitable V and E. The only thing that 
depends on V is the scaling parameter yy. Universality 
conjectures for other statistical quantities are discussed 
briefly below. 

In this article we present a sketch of how to prove 
the universality conjecture for (6) following Deift et al. 
(1999a,b) in which the authors consider two kinds of 
potentials V 


(i) Vx) S tom" +... +10, tom > 0, 
(ii) V(x) = N Q(x), where 
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(a) Q(x) is real analytic in a neighborhood 
of 
(b) |Q(x)|/| log x| > + 00 as |x| > 00. 


In order to prove (6), one must choose E in the 
support of the so-called equilibrium measure for V (see 
Step 4 Analytical considerations (ii) below). 

The universality conjecture was first considered 
in the physics literature in Brézin & Zee (1993), in 
the mathematical literature in Pastur and Scherbina 
(1997), and in the special case V(x) = xt +tx2,t <0, 
in Bleher and Its (1999). The method in Bleher & Its 
has common elements with Deift et al. (1999a,b), but in 
addition Bleher & Its uses certain isomonodromy ideas. 


Step 1: Representation in terms of 
orthogonal polynomials 


Using an earlier calculation of Gaudin and (2), Gaudin 
and Mehta (Mehta, 1991) showed that 


Py(@, E = 0) = det(1 — Ky), (8) 


where Ky is the finite rank operator acting on 
L?(E—0, E +0) with kernel 


N-1 


Ky(x,y) = D> 6)()9)(), (9) 


j=0 


where @ ;(x)=e7 1/2)¥ p s(x) and pj(x)=kjxt +--+, 
kj; > 0, 7 = 0, are the orthonormal polynomials gener- 
ated by the measure e~ V) dx, 


[ rierrucre” dx = 83). (10) 


By the Christoffel-Darboux formula (Szego, 1975), 
Ky can be expressed in terms of py and py _—1 
and so the proof of (6) reduces to the evaluation 
of the asymptotics (so-called Plancherel-Rotach 
asymptotics) for py(E+x/yn), Pn—1(E+x/yn) 
as N — oo, for polynomials orthonormal with respect 
to a weight as in (10). For GUE, the py’s are Hermite 
polynomials and such asymptotics can be found in the 
classical literature (Plancherel & Rotach, 1929). This 
is why Gaudin and Mehta were able to derive (6) for 
GUE, but for general weights e~”@) dx the derivation 
of Plancherel—Rotach asymptotics is crucial. 


Step 2: Introduction of Riemann-Hilbert 
Problem (RHP) 


Write pj(x) =kj7j(x), so mj (x) =x/+.... Follow- 
ing Fokas et al. (1991), the orthonormal polynomials 
p; can be recovered by solving an RHP. Let the z-plane 
contour & = R be oriented from left to right so that the 
(+) side (respectively, (— ) side) lies to the left (re- 
spectively, right) as one traverses © in the direction of 


the orientation. Define the jump matrix 
1 eV 
w= (4 1 forzeéd, 


and for any nonnegative integer g, let Y=Y” = 
(Yij)1 <i,j <2 be the (unique) 2 x 2 solution of the RHP 
(X, v). 


(i) Y(z) is analytic in C \ ©, 
(ii) Y4(z) = Y_(z)v(z), z ER, where Y denotes the 
plus/minus boundary values of Y(z), normalized 


so that 
0 1 
zi} \o 


Git vo et 
Then 
mq (Z) = Yis(2)s %q—1(2) = —You(z)/2mikZ_y (11) 


') 
1 as 77> &. 


and 


kg = V—(Y21) 1/271, (12) 


where ¥>1(z) = (Yo1)1z7~!.... 

Thus, the evaluation of Plancherel-Rotach asymp- 
totics for pg, Pq—1 reduces to the asymptotics of the 
RHP (x, v) aag=N>o. 


Step 3: Steepest-descent method 
applied to the RHP 


We use the steepest-descent method for the RHPs 
introduced in Deift & Zhou (1993) and extended in 
Deift et al. (1997) to include fully nonlinear oscillations 
(See Riemann-Hilbert problem). We consider the 
case where V(x) = N Q(x) with properties (a) and (b) 
on the left above and as in Deift et al. (1999a). The case 
where V (x) = toymx2" +... +19 can be reduced to this 
case with lower-order errors by scaling (see Deift et al., 
1999b). 

Suppose there exists a union of n + | disjoint inter- 
vals J = U!_ (bj, a; 41) inR, bp <a, <... <bn < 
4n+1, a real number /, and a function g(z) with the 
following properties: 


g(z) is analytic inC \ R, (13) 

g(z) = logz+o(l)asz > ~w, (14) 

g(t e_-(2)-Vi)-1 <0 forzeR\ J, 
(15) 


where J denotes the closure of J, and where equality 
holds for at most a finite number of points, 


8+(z) — g-(z) €iR, (16) 
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for all real z and is constant in each component of R\ J, 
g(z) + e—(z)-V(z)-l=O0forze J, (17) 
i(g —g_)=Oforze J, (18) 


where equality holds for at most a finite number of 
points. As before, g+ denotes the boundary values of 
8(z). 

Now define 


M()= e NI/203 Y (ze 8@—"/2)23 | 


a=(4 ae (19) 


A simple calculation using (13) and (14) shows that 
M(z) solves a RHP normalized at infinity. 
(i) M(z) is analytic in C\R 
(ii) Mz(z) = M_(z)um(z), where vy (z) = 
eo N(8+@—8-@)  QN(+@) +8-@—V@)—D 
0 eN (8+ (2) — 8-@)) , 
zeER, 
(iii) M(z) > Lasz> oO. 


As we now show, the properties of g(z) are chosen 
carefully so that the jump matrix vy takes a specific 
form. By (17) 


eo N(8+(2)—-8-@) 1 
um(Z) = ( 0 eN(8+@)-s-@) ie 
zeJ, (20) 
and by (16) 
eTiNQ]  eN(g4(2)+8-(@)-V(@)—D 
vm (Z) = ( 0 ei; ) , 
z€ (aj,b;), j=l,...,n, (21) 


for some real constants Qj. Furthermore, if the 
inequality in (15) is strict then 


-iNQ; 1 
owe) = ( - 0 ine ) ce tajnap 


as N > o. (22) 


By (17), for z € J, 








G=g4-—g-=2g,-—V(z)-—l=—2g_4+ V(z)41 
and so has an analytic continuation to a suitable 
neighborhood U of J. If the inequality in (18) is 
strict, it follows by the Cauchy—Riemann conditions 
(make U smaller if necessary) that Re G(z) 20 for 
ze€{ImzZ20}NU, respectively. Extend X=R to a 
new contour © consisting of R together with the 
boundary of n + 1 lens-shaped regions, one region 
surrounding each interval (bj, a;) in J, as indicated 
in Figure 1. 


Dy 
x aie as vy 
b 7 a 


Bh aes soot 


v 


‘0, 
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Figure 1. The Riemann-Hilbert problem (5, 3). 


Note the factorization for vy on J 


eNo bP \ ff 41..0 0 1 
0 eNG a eNG 1 -1 0 
1 0 
( eNG 4 ) = U_U0U4. (23) 


The final algebraic step in the procedure is to define 
(@) M(z) = M(z) 
(ii) =m ( _ jie ; ) in the upper lens 

regions, 

(iii) M(z) = mo ( ue : ) in the lower lens 

regions. 

Then M solves the normalized RHP (x, vd) 

(i) M(z) is analytic in C \ 5, 


Gi) My (z) = M_(@d@), 2 € 3, 
(iti) M(z) > lasz>~, 


outside the lens-shaped regions, 


where 


(i) 0(2)=um(z) forze R\J, 
(ii) 0(z) =va(z) forze DACs, 
(iii) 0(z) =vo(z) forze J 

as indicated in Figure 1. 


Now the situation is clear. The above computations 
show that as N + oo, 0(z) > v™(z), where 


; ein; gg 

@) v™@= ( 0 eiNQ; ) for z € (aj, bj), 
j=l,...,n, 

(ii) v™(z) =I for z € (— 00, bo) U (ap, 00), 


(iii) v°(z) = ( = : forze J, 
(iv) v(z) = I for z on the boundary of any of 


the lens-shaped regions. 


Thus, we expect that as N — 00, M(z)> M~(z), 
where M™(z) solves the RHP (, v™) 


(i) M™(z) is analytic in C \ 5, : 
(ii) M$ (z) = M&(z)v™(z). 2 € B, 
(iii) M™(z) > Iasz> ow. 


It turns out that the RHP (x, v™) can be solved 
explicitly in terms of theta functions (Deift et al., 
1999a), thus yielding asymptotic formulae for 
pn(E+x/yn), py-1(E+x/yn) as N > 00, which 
then leads to the proof of the universality conjecture 
(6) as indicated above. 
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Step 4: Analytical considerations 


In order to make the above schema rigorous, many 
analytical difficulties must be addressed: 


(i) One must show that J,/, and g(z) with properties 
(13)-(18) actually exist. This can be done by 
considering the minimization problem 


Ey = inf (f frveis —1t|-! du(s)du(t) 


peM 
+ / V(t) au) ; (24) 


where MM is the space of probability measure on R. 
It turns out (Saff & Totik, 1997) that the infinum is 
achieved at a unique measure jz = Lv, the so-called 
equilibrium measure for V. For V = N Q satisfying 
(i) and (ii) above, a result of Deift, Kriecherbauer 
and McLaughlin shows that dwy(s) = wy (s) ds is 
absolutely continuous with respect to Lebesgue 
measure and is supported on a finite union of 
intervals Jy. Then quite remarkably 


g= ‘a log(z — 8) day(s) (25) 


has the desired properties (13)-(18) on J=Jy, 
provided / is chosen to be the Lagrange multiplier 
associated with the constraint f duw=1 in the 
minimization problem Ey. 

(ii) The scaling parameter yy must be determined. 
In order to obtain the universality limit (6) one 
must consider only points E in the support of wy, 
Wv(E) > 0. For such E, one takes yy = NWy(E). 
If wy(E)=0, the limit in (4) (if it exists!) is 
different from (6). In this connection, see (26) 
below. 

(iii) The convergence of v(z) to v™(z) is not uniform on 
x as N — oo, leading in particular to difficulties 
at the end points of J. 

(iv) The inequalities in (15) and (18) may not be strict. 


The analytical heart of the problem lies in addressing 
the latter three points, and we refer the reader to Deift 
et al. (1999a) for further details. 

The asymptotic behavior of P(y,E=0)= 
det(1 — Sy) as y— oo can itself be evaluated using 
Riemann-Hilbert techniques (see Deift et al., 1997). 
The work in Deift et al. (1997) follows on the earlier 
work of Widom (1994, 1995), who uses more classi- 
cal techniques. The paper by Deift et al. (1997) is the 
first application of RHP techniques to random matrix 
theory. 

Universality conjectures for other statistical quan- 
tities, such as the k-point correlation function and 
the nearest-neighbor spacing distribution, can also be 
proved using the above methods (see Deift et al., 
1999a; Deift, 2000). For GUE, Tracy & Widom (1994) 
proved the beautiful result that if A; (M) is the largest 


eigenvalue of a GUE matrix M, then 


lim , Prob((A1(M) — JV2N)2!/2N1/6 < 2) 
= F(t), (26) 


where F(t) is the so-called Tracy—Widom distribution 
F(t) =e7fe 6-OW Oy as 


where u(s) is the unique solution (Hastings & McLeod, 
1980) of the Painlevé II equation u”=2u3+su 
with asymptotics u(s) ~ Ai(s) as s — oo. Here Ai(s) 
is the classical Airy function. As long as wy(s) 
behaves “generically” near the right end point of 


J, Wv(s)~J/s —an41, S~an+1, one can use the 
methods of Deift et al. (1999a) to show that the behavior 
of 41(M) is also universal as N — oo; that is, once 
the correct scaling parameters at ay+1 are inserted, 
the same limit (26) is true for all UEs. As noted in 
the entry on Riemann-Hilbert problem, the distribution 
F(t) arises, in particular, in the solution of Ulam’s 
problem in Baik et al. (1999). 

Percy DEIFT AND XIN ZHOU 


See also Painlevé analysis; Random matrix theory 
I, II, and III; Riemann-Hilbert problem 
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Commentarii 


RANDOM PROCESSES 


See Stochastic processes 


RANDOM WALKS 


As conceptually simple stochastic processes, random 
walks have a plethora of practical modeling appli- 
cations, leading to elegant and sometimes counter- 
intuitive mathematics. Consider a particle constrained 
to move in one dimension, moving one unit to the left 
or right at each unit time step, and with the direction 
of motion for each time step chosen at random and in- 
dependently of the particle’s position or history. If the 
particle’s position after n time steps is S(m), one can 
assert 


n 
S(n) = S(0) + 9 Xi, (1) 

i=l 
where each X; is an independent identically distributed 
(ID) random variable taking values + 1 with prob- 
ability (say) p and —1 with probability 1— p. If 
p=l-p= 7 then the simple random walk (SRW) 
has no “preferred direction” and is unbiased. If p > Ys 
then the particle is more likely to move right than left at 
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each time step; the SRW is biased. The traditional ped- 
agogical example imagines a drunken student’s erratic 
progress along a street, where bias might be caused by 
the street being inclined or having a pub at one end. 


Basic Results 


The statistics of Equation (1) are simple and intuitively 
reasonable; thus 


E(S(n)) = S(O) +n@p — 1) 
Var(S(n)) = 4np(1 — p), (2) 


so the SRW moves with an average speed of 2p — 1 
and spreads about the mean as ./n (characteristic of 
diffusive processes). This spread is greatest when the 
SRW is unbiased. 

One can readily prove that the SRW is temporally 
and spatially homogeneous and Markovian (i.e., it does 
not matter where one places the origin of time or 
space, and conditional on the present, the future is 
independent of the past). Assuming without loss of 
generality $(0) =0, 


P(S(n) =a) = Chin pphlore 
x py e, (3) 


the particle moves (n + a)/2 steps right and (n — a)/2 
steps left to give a total of n steps and a net right 
displacement of a, and there are C (n +a)/2 equally 
likely paths achieving this. N.B. for a to be attainable 
in n steps one requires |a| <n and (n + a)/2 to be 
an integer i.e., only odd positions are attainable at 
odd times, hence, the mysterious factor of 2 in Equa- 
tion (5). 

Results exploiting symmetries, homogeneities, and 
combinatorics, and also applications of probability- 
and moment-generating functions, are summarized in 
Grimmett & Stirzaker (2001, Chapters 3 and 4). More 
interesting questions involving absorption or reflection 
at barriers, dealt with using linear difference equations; 
where the nature of the barriers, dictates the appropriate 
boundary conditions, are also addressed therein. 


Continuous Limit: Diffusion 


For an unbiased SRW, manipulation of Equation (3) 
reveals, for sufficiently large a and n, 


2 —a? 


resembling a normal (Gaussian) probability distribu- 
tion (Murray, 2002, Chapter 9). Indeed, if one lets the 
discrete space and time steps have sizes Ax and At, 
respectively, and forces these to zero such that 


(Ax)? 
im =D 
Ax>0,At>0 2At 





(5) 
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for some finite constant D (the diffusion coefficient), 
then one arrives at a diffusion equation, 
Lea a? P © 
at ax?’ 
where P(x, t) is the probability density function for the 
particle’s position x at time t. Solutions of Equation (6) 
take the form indicated by Equation (4): 


1 AD, 
P(x t) = exp (=). (7) 


An alternative derivation, using Taylor series 
expansions of P(x, t) (Murray, 2002, Chapter 9), lacks 
beauty and elegance but is more readily generalizable to 
the nonlinear RWs discussed below (Othmer & Stevens, 
1997). If the SRW is biased, then an advection term, 


oP 
v— 
ax 
(where v represents the average velocity in the preferred 
direction) is added to the left-hand side of (6). If one 
considers P(x,f) to represent a density of particles 
(rather than a probability density for a single particle), 
then one can incorporate local dynamics (e.g., chemical 
reactions or biological reproduction) at each point; a 
reaction term 
f(P.x,0) 


appears on the right-hand side of (6). The description 
of SRWs using diffusion (or more generally reaction- 
diffusion-advection) equations allows standard partial 
differential equation methods to be applied, often 
elucidating information concerning wave-like and 
spatially structured solutions (Murray, 2002; Okubo & 
Levin, 2001). 

The extension of the SRW into higher dimensions 
presents no great conceptual, nor mathematical, 
challenges. If the processes governing steps in 
orthogonal directions are mutually independent, then 
one applies the preceding results to each direction 
separately. More realistically, suppose that at each time 
step a unit distance is moved in a direction chosen 
randomly from the infinite number of possibilities. 
Again, one can show that the process is, on average, 
diffusive (Denny & Gaines, 2000, Chapter 6): 


E(S(n)) = S(O) and Var(S(n)) =n. (8) 


Importantly, motion in more than one spatial dimension 
allows more realistic random walk models to be 
developed, some of which are mentioned below. 


Random Walks in Biology 


Random walks have been widely applied in the 
life sciences. While ostensibly describing a particle’s 
position, the modeled quantity might equally well refer 
to the amount of food consumed by an animal, the 
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frequency of an allele in a population, or the contentious 
notion of “fitness.” Crucially, random walk models 
are developed using local rules of “motion” at the 
level of the “individual” (organism/cell/molecule, etc.) 
before any scaling-up to a population level description 
is undertaken. This encourages the modeller to adhere 
to realistic assumptions and provides a link between 
concrete experimental observation and theory. 

Several accessible applications are presented in 
Denny & Gaines (2000, Chapters 5 and 6). For example, 
Equation (6) can be solved to indicate the rate at 
which nutrients reach an idealized organism, D being 
strongly dependent on the organism’s environment. 
Such considerations help to explain relative sizes 
of aquatic and aerial organisms and underly the 
varying mechanisms of nutrient transport in plant root 
systems. More complicated applications deal with the 
distribution of receptors on cell walls, the random 
drift to fixation of alleles in finite populations, and the 
energetics of protein folding. For more mathematically 
demanding applications involving spatial patterns and 
reaction-diffusion equations, see Murray (2002) and 
Okubo & Levin (2001). 


Nonlinear Random Walks 


The basic concept of a particle “deciding” (using IID 
random variables) its next direction at every step may 
be excessively restrictive, particularly in biology. For 
example, a particle moving in two dimensions may be 
likely to choose a direction similar to that used during 
the previous time step or may have some fixed preferred 
direction toward which its trajectory is biased. The 
mathematics of such “correlated” RWs is discussed in 
Othmer et al. (1988). 

Alternatively, motion may be influenced by interac- 
tions with the local environment (reinforced RWs) lead- 
ing to nonlinear generalizations of the simple diffusion 
equation; under reasonable assumptions, Equation (6) 
may be more properly expressed 


oP yo a 1 P 9) 
dt Ox (= "W) ). ( 


where t(W) represents a transition rate dictated by the 
environment W. Such systems can exhibit properties 
not found in diffusive SRW formulations; particles may 
tend to aggregate rather than disperse and may reach 
locally infinite or zero densities in finite time (Othmer 
& Stevens, 1997). 

Numerical simulation of such systems can be 
built up from individual-level rules as in Sleeman & 
Wallis (2002) and Figure 1, where the authors model 
angiogenesis (the movement of endothelial cells to 
create a blood supply to an avascular tumor). The cells’ 
motions are dictated by chemical gradients between the 
tumor and the blood vessel; at first the attractive signal 
from the tumor is weak and the motion tortuous, but 
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Figure 1. Tumor angiogensis modeled as a reinforced random 
walk. (Used with kind permission of I.P. Wallis and B.D. 
Sleeman, Department of Mathematics, University of Leeds, 
U.K.) 


once the tumor’s signal is sufficiently strong a more 
directed motion is observed. 
Jon PrtcHFORD 


See also Brownian motion; Deterministic walks in 
random environments; Martingales 
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RATCHETS 


An essential and striking feature of living cells 
is their ability to generate mechanical motion and 
forces. Important examples are cell motility, muscle 
contraction, and active mass transport within cells, 
among other active phenomena in biology. These 
motions and forces are generated at the molecular 
level by protein molecules (called molecular motors 
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or pumps) that are driven by chemical reactions 
in situations far from equilibrium (Astumian, 1997; 
Jiilicher et al., 1997). 

Two types of molecular motors are classified as 
linear (or translational) and rotary (or rotatory). Within 
the first class, motor proteins are classified into several 
families: myosins, kinesins, and dyneins. Each of these 
interacts specifically with a certain type of filament 
along which it is able to move in the presence of 
adenosine triphosphate (ATP), which is a chemical 
fuel. The filaments serve as guides or tracks for the 
motor motion. Two types of filaments play this role: 
microtubules and actin filaments. Both are formed by 
a polymerization process from identical monomers 
(actin and tubulin monomers, respectively), resulting 
in a regular and periodic one-dimensional structure. An 
important feature is their polarity; thus the asymmetry 
of the monomers that form a polar filament structure is 
essential for motor operation as it defines the direction 
of motion. 

A typical representative of rotary molecular motors 
is ATP synthase composed of two coupled rotary 
engines: a membrane-embedded unit Fo and a water- 
surrounded part F; (Oster & Wang, 2000) ATP synthase 
works as a reversible motor-pump machine. Thus, 
the proton flow through Fo is believed to generate a 
mechanical torque driving the F; motor to synthesize 
ATP, and using the hydrolysis energy of ATP, the 
F,; motor can drive the Fg motor in reverse to 
pump protons. Direct observation of the rotation of 
the F; motor has been demonstrated in fascinating 
experiments by Japanese scientists (Noji et al., 1997). 

Thus, molecular motors are microscopic objects 
that unidirectionally move along one-dimensional 
periodic structures. Because the motor operation is 
considered on the molecular level, the motor must 
be a Brownian object, subject to random fluctuations. 
A conversion (rectification) of random fluctuations 
F(t) into useful work (i.e., a directed motion) is 
called a “ratchet effect.” (The names thermal ratchet, 
Brownian motor, Brownian rectifier, mechanical diode, 
stochastic ratchet, or simply ratchet are also in 
use.) A comprehensive review of the work on 
ratchets and their practical applications is available in 
Reimann (2002). 

Historically, the problem of converting Brownian 
motion (in general, unbiased random fluctuations) into 
useful work and its consistency with the second law 
of thermodynamics was introduced in a conference 
talk by Marian Smoluchowski in 1912 (Smoluchowski, 
1912) and later popularized and extended by Richard 
Feynman (Feynman et al., 1963), using a so-called 
“ratchet and pawl” gadget. A simple stochastic model 
of this rectifying process (called a Smoluchowski— 
Feynman’s ratchet) can be described using the 
overdamped Langevin equation for a Brownian particle 
moving in a one-dimensional viscous medium with 
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friction coefficient 7 in the presence of a constant 
force F: 


n&(t) = —V! (x(t) + F + &(0). qd) 


Here, the overdot and the prime denote differentiation 
with respect to the time ¢ and the particle coordinate 
x, respectively. The potential V(x) is a periodic 
function with period L, V(x + L) = V(x), which has a 
broken parity symmetry. More precisely, this breaking 
of symmetry means that there is no Ax such that 
V(—x)=V(«+ Ax) for all x. A typical example of 
such aratchet potential is a piecewise-linear (saw-tooth) 
function, consisting of two continuously matched linear 
pieces per period L, one with negative and one with 
positive slope, one being steeper than the other. The 
stochastic force &(t) is a Gaussian white noise of zero 
mean, (&(t)) =0, satisfying the fluctuation-dissipation 
relation (Risken, 1989) 


(E()E(8)) = 2nkgTd(t — s), (2) 


where kg is Boltzmann’s constant, 2nkgT is the noise 
intensity or strength (T is absolute temperature), and 
6(t) is Dirac’s delta function. 

The probability densities induced by the above 
equations obey a Fokker—Planck (FP) equation, which 
can be written in the form of a conservation law 
for probability, namely, a continuity equation (Risken, 
1989) 


0, P(x, t) + OJ (x,t) = 0. (3) 


Here the probability density P(x,t) satisfies the 
normalization condition 


ps P(x,t)dx = 1, (4) 


—o0oO 
whereas the probability current is defined by 
I(x, t) = —'[U'(a) +keTA P(x), (5) 


with the ratchet potential V(x) and the force F being 
incorporated into a single effective potential 


U(x) = V(x) — Fx. (6) 


The quantity of foremost interest in the context of 
transport in periodic systems is the particle current, 
defined as the time-dependent ensemble average over 
the velocities, (x(t)) (where for convenience the 
argument f is omitted). From this definition, the general 
connection between the probability current and the 
particle current is obtained as 


ioe} 

(x) = J (x, t) dx. (7) 
—oo 

Instead of solving the FP equation (3) describing 

the particle transport in periodic systems but with 

zero boundary conditions at infinity, it is convenient 

to rewrite it in terms of reduced probabilities 
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(Reimann, 2002): 
lo.e) 
P(x,t) = » P(x +nL,t), J(x,t) 
n=—0o 
[o.e) 
= Yo J@e+nl,n), (8) 
AS—0O: 


which are evidently periodic functions with period L. 
Furthermore, Equations (4) and (7) are transformed to 


L 
| P(x, t)dx = 1 (9) 
0 


and 


EB 
(x) -|/ I(x, t) dx, (10) 
0 


respectively. Indeed, because V(x) is periodic with 
period L, with P(x,t) being a solution of the FP 
equation (3), P(x +nL,t) is also a solution for any 
integer n. Next, since the FP equation is linear, 
Equations (3) and (5) are also satisfied by the reduced 
quantities (8). Therefore, it is sufficient to solve an FP 
equation with periodic boundary conditions. 

If the reduced dynamics assumes a steady state 
pst (x) in Equation (3), then the reduced probability 
current J (x, t= J** becomes independent of x and f. 
Multiplying this equation by x and integrating both its 
sides from x to x + L, one finds that the particle current 
takes the form 


(i) = LI, (11) 


as expected. Moreover, using Equations (3), (5), and 
(11), it can easily be checked that the steady-state 
solution is given by (Stratonovich, 1969; Reimann, 
2002) 


Ast 1 -U(x)/kpT Ae: U()/kpT 
P*(x) = N—~e er OIIKBE dy, 
kpT Se 


(12) 
(x) = LN [1 23 Ou : (13) 
keTT re x+L ; od 
vest f ax [ sor reNere| 
n 0 Xx 
(14) 


This solution is valid for a general potential U(x) 
provided U’(x + L) =U’ (x). For the specific form (6), 
U(L) — U(0)=—LYF, and therefore, as expected, 
the sign of the particle current (13) coincides with 
the sign of F. The absence of an average particle 
current ((x)=0) if F =O, in spite of the broken 
spatial symmetry, agrees with the second law of 
thermodynamics, like in the original ratchet and pawl 
gadget (Feynman et al., 1963). However, if the force 
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F in Equation (1) depends on time, a rectified motion 
(ratchet effect) may occur in an asymmetric system. 

For the occurrence of the ratchet effect, it is sufficient 
to show that (x) 4 0 provided (F (t)) = 0. If the changes 
of F(t) are extremely slow, then at any given instant fr, 
the particle current has practically the same value as 
the steady-state current (13) with a static tilt F’. In this 
adiabatic approximation, the time ¢ plays the role of a 
parameter and using result (13) for a periodic driving 
force F(t+ 7) = F(t), one finds the time-averaged 
particle current: 


(*) = 

: [’ LkpT [1-e LF O/ kT] 

T Jo n fe dx f2F* elVO)-V@)-FOU-—OI/kBT dy 
(15) 





For general analytical conclusions, the adiabatic 
expression (15) is still too complicated. Only in simple 
special cases may one predict the direction of the 
current. As an example, consider the case of when 
the tilting force F(t) takes only two possible values 
+ Fo with very rare deterministic or random flips 
for which (F(t)) =0, and V(x) is a piecewise linear 
potential with two continuously matched linear pieces 
per period L, the slopes of which are different (one 
steeper and one flatter). Outside this fundamental cell 
of length L, the potential is periodically continued. 
In this case, the integrals in Equation (15) can be 
calculated analytically, yielding an explicit expression 
(Magnasco, 1993), which is positive if the flatter slopes 
are arranged in the positive direction. Intuitively, this 
ratchet effect can be understood as follows. For Fo 
within a certain range, one of the two tilted asymmetric 
potentials V(x) + Fox does not exhibit any extrema 
and, therefore, supports a permanent downhill motion 
(even if T =0), while the other still exhibits extrema 
acting as motion-blocking barriers. Below this window, 
both V(x) = Fox exhibit barriers and, thus, prohibit 
deterministic motion. Because the barrier induced by 
the steeper slope of V(x) is higher than that induced 
by the flatter slope, a weak thermal noise induces the 
current in the direction of the flatter slope. 

Alternatively, the ratchet effect in a spatially periodic 
system can be achieved under a time-dependent 
variation (pulsation) of the potential shape without 
affecting its spatial periodicity. Therefore, Equation (1) 
can be generalized to include both a pulsating f(t) and 
tilting F(t) forcing as follows (Jiilicher et al., 1997; 
Reimann, 2002): 


ni() = —V' Ix), fOI+FO+EO, (16) 
where V’(x, f)=0,V(x, f). Here F(t) may contain 
a load force or torque, generally depending on 
time f. 

Thus, two fundamental classes of ratchet models 
arise from Equation (16). The first comprises models 
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with F(t) =0, which are called “pulsating” ratchets. 
Within these, the first main subclass, called “fluctuating 
potential” ratchets (Astumian & Bier, 1994; Prost 
et al., 1994), is obtained when f(t) in Equation 
(16) is additive, ie., V(x, f()) =V(x)[1+ Ff). 
This subclass contains as a special case the “on- 
off” ratchets (Ajdari & Prost, 1992) when f(t) takes 
only two values, one of them being — 1 (potential 
“off”). The on-off ratchets are suitable for experimental 
realizations and have been demonstrated (Rousselet 
et al., 1994) by means of colloidal polystyrene latex 
spheres suspended in solution and exposed to a 
dielectric ratchet potential, created by a series of 
“Christmas-tree” electrodes, which were turned on and 
off periodically. A similar experimental setup was used 
by Faucheux & Libchaber (1995) but with solutions 
containing two different species of particles at a time. 
As a result, it was demonstrated that they can be 
separated. A further experimental verification of on- 
off ratchets has been performed (Faucheux et al., 1995) 
using polystyrene spheres confined to an effective one- 
dimensional ratchet potential by laser-optical trapping 
techniques (optical tweezers). The second subclass 
of pulsating ratchets, called “traveling potential” 
ratchets, have potentials of the form V (x, f(t)) = 
Va@-f@). 

The second class are models with f(t)=0, 
called “tilting” ratchets (Magnasco, 1993), so that 
V (x, f(t)) = V(x) in Equation (16). When V(x) is 
a ratchet potential, then F(t) is mostly considered as 
a symmetric function. If F(t) is a stochastic process, 
one speaks of a “fluctuating force” ratchet. The case 
of a tilting ratchet with a periodic driving F(t) is 
of particular experimental relevance and carries the 
obvious name “rocking” ratchet. 

Clearly, there are many possible combinations 
and generalizations of these classes; for example, a 
simultaneously pulsating and tilting ratchet or the 
simultaneous breaking of more than one symmetry 
(Reimann, 2002). For various applications in physics, 
chemistry, and biology, see Astumian (1997), Jiilicher 
et al. (1997), and Reimann (2002). 
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RAYLEIGH AND RAMAN SCATTERING 
AND IR ABSORPTION 


When an electromagnetic wave, E = Eg cos2nvt, 
irradiates a molecule, a crystal, or a disordered 
substance, the energy may be scattered, absorbed, or 
transmitted. In the scattering process, the irradiated 
medium becomes polarized and the induced dipole 
moment (or electric polarization), 


P=aE+---=aEgcos2nvt+..., () 


oscillates synchronously with the electromagnetic field. 
The dipole radiates energy (the scattering), and a is the 
polarizability (usually a second-order tensor). 

Irradiating with ultraviolet or visible light of fre- 
quency v induces an electronic polarization that is mod- 
ulated by the vibrational frequencies (v;, vj, Vg, .. .) of 
the substance. Assuming a simple diatomic molecule, 
vibrating with frequency 1, the nuclear displacement 
is g =qo cos 2nvjt, and a=ag + (da/dq)oq, then 


P = aoEo cos 2nvt 


1 (fda 
nary () qoEo{cos[2n(v + v1 )t] 
2 \dq/o 
+ cos[2n(v — v1)t]}. (2) 





The emitted intensity is proportional to the square of 
the polarization J ~ P?. 
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Figure 1. Level schemes for electronic and vibrational 
transitions involved in Raman scattering, resonance Raman 
scattering, and infrared absorption. 




















Rayleigh scattering occurs if the energy, v, of the 
scattered photon is equal to that of the incident one (first 
term of Equation (2)). Rayleigh (1871) demonstrated 
that the Earth’s blue sky was due to scattering 
of light by atmospheric particles, with a scattering 
intensity proportional to the inverse fourth power 
of the wavelength (J ~ A/a‘). So, the blue (shorter 
wavelength) end of the visible spectrum is scattered 
more strongly, giving the sky its characteristic color. 

As shown in Figure 1, the process is called Raman 
scattering, if the energy of the scattered photon is 
different from that of the incident one (the process 
is referred to as Brillouin scattering when the phonon 
emitted or absorbed is acoustic, and Raman scattering 
when the phonon is optical) (inelastic scattering, second 
term of Equation (2)). As a result, light with frequencies 
(v+ vj), (V+ Vj), (V+ ve)... is emitted. In order that 
the total energy may be conserved, the vibrational 
energy of the sample is changed. If the irradiated 
molecule gains energy, the scattered lines in the Raman 
spectrum are at (v — v;) and are called “Stokes lines.” 
If the sample loses energy, then the scattered lines are at 
larger frequencies than v (at (v+ v;)...) and are called 
“anti-Stokes lines.” 

Classical theory shows that a vibration is Raman 
active if the polarizability changes during the vibration, 
and the Stokes lines are always stronger than the anti- 
Stokes lines. (This latter fact is explained by quantum 
theory as a consequence of the Maxwell—Boltzmann 
distribution law.) In crystals, the photon wave vectors 
are small compared with the dimensions of the Brillouin 
zone; thus, the momentum conservation law can be 
obeyed only if the wave vectors of the scattered phonons 
are also very small (so only the zone center phonons 
participate in the Raman scattering). It is difficult to 
determine which of the phonons are Raman active, as 
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Figure 2. Stimulated Raman scattering: depletion at the pump 
frequency, and amplification of the Stokes beam. 


changes of the components of the polarizability tensor 
are not obvious from inspection of the normal modes of 
vibration. Considering the symmetry of the molecule 
or the crystal and the polarization properties of the 
Raman lines, application of group theory gives a clear- 
cut solution to this problem (Poulet & Mathieu, 1970). 
If the polarization P contains terms of higher order 
(neglected in Equation (1)), these subsequent terms give 
hyper-Raman effects. 

When the energy of the exciting line coincides 
with that of an allowed electronic transition of the 
compound, the intensity of the Raman spectra is 
enhanced and a series of overtones is observed— 
this mechanism is referred to as “resonance Raman 
scattering.” This technique has been used in solid state 
and biophysics studies to identify intrinsic localized 
modes (Swanson et al., 1999). 

Stimulated Raman scattering (SRS) is a nonlinear 
process in which a medium is irradiated by an intense 
laser beam at vp (pump frequency) and by a weaker 
beam at v, (Stokes frequency). The frequency spacing 
Vp — Vs corresponds to a Raman frequency of the 
medium. In the simpler case, SRS amplifies the weak 
Stokes beam and depletes the pump beam (Raymer & 
Walmsley, 1991; see Figure 2). 

A Raman soliton has been predicted (Chu & Scott, 
1975) as a solution of the equations for transient SRS, 
and an experimental observation of transient SRS in 
Hp gas was reported (Driihl et al., 1983). Recently, a 
complete interpretation of the above experiment has 
been given (Claude et al., 1995). The Raman soliton is 
still to be observed. 


Picosecond time-resolved coherent anti-Stokes Ra- 
man spectroscopy (CARS) is a method for studying 
vibrational dephasing in the time domain. It is a special 
case of four-wave mixing (Levenson, 1982). Two in- 
tense simultaneous pulses at vp (pump) and vs (Stokes) 
specifically excite each Raman active mode at vp — vs. 
The third beam (probe pulse), also at the frequency 
Vp, is delayed by the variable time ¢ and stimulates 
coherent anti-Stokes emission. This technique is used 
to study the vibrational lifetime in anharmonic crys- 
tals and biomolecules to identify breathers excitations 
(Kosic et al., 1984). 

Infrared (IR) absorption occurs when a compound 
is irradiated with frequencies that match its natural 
vibrational (or rotational) modes (Nakamoto, 1986). 
Absorption spectra in the infrared region originate in 
transitions between two vibrational levels of a sample 
in the electronic ground state. The absorption intensity 
depends on the change in dipole moment that occurs 
as a result of molecular vibration. If a molecule at 
equilibrium has a center of symmetry, the vibrations 
for which the center of symmetry is shared will 
be infrared inactive. Symmetry selection rules allow 
prediction of infrared activity when the associated 
normal coordinate belongs to the same species as 
one of the components of the dipole moment. When 
internal vibrations are coupled with phonons, nonlinear 
characters are observed in the infrared absorption 
bands: splitting, corresponding to the creation of 
a vibrational polaron or breather, intensity strongly 
dependent on the temperature, or an unusual number 
of overtones (Careri et al., 1984; Barthes et al., 2002). 
Time-resolved IR spectroscopy is of crucial importance 
in this field (Hamm et al., 1998; Xie et al., 2000). 
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RAYLEIGH-BENARD CONVECTION 


See Thermal convection 


RAYLEIGH-TAYLOR INSTABILITY 

The Rayleigh-Taylor instability arises when a layer of 
heavy fluid is accelerated into a lighter one. This occurs, 
for instance, if a heavy fluid is put on top of a lighter 
one in a uniform gravity field. Under these unstable 
conditions, small disturbances of the interface between 
the two layers grow, at first exponentially with a growth 
rate proportional to /k where k is the wave number, 
as long as the perturbation is small compared with the 
wavelength. The subsequent nonlinear growth has been 
mostly investigated numerically or experimentally. The 
Rayleigh-Taylor instability was first discovered by 
Lord Rayleigh (John William Strutt) in 1883 for the 
gravitational case and then extended to the case of any 
accelerating fluid by Geoffrey Taylor in 1950. 

One of Taylor’s major observation is related to the 
Manhattan Project (September 1942 to January 1945), 
which ultimately led to the successful development 
of atomic bombs. Indeed, in May 1944, when he 
was invited to join the project, Taylor pointed out 
problems due to implosion instabilities (especially 
of the Rayleigh-Taylor type). This led to a very 
conservative design to minimize possible instabilities. 
At the same time, James Tuck brought the idea 
of explosive lenses for detonation wave shaping, 
suggesting the use of three-dimensional (3-d) lenses 
to create a spherical implosion and reduce instabilities. 

To study an example of the Rayleigh-Taylor 
instability, let us look at the interface between a heavy 
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fluid of density 2 on top of a lighter fluid of density 
p\ subject to gravity. The interface is assumed to be 
horizontal and both fluids are assumed to be at rest 
initially. For simplicity, we look at the two-dimensional 
case. We wish to show that a small disturbance of the 
interface will grow exponentially fast. Indeed, a small 
disturbance can engender small potential velocities 
vj =— Vd and v2 =— V¢z2 in the lower and upper 
fluid respectively, such that 


$y = Ae +"! cos(kx), (1) 
$1 = —Ae*+"" cos(kx). (2) 


Then the interface that is given by the equation 
y=n(t,x) satisfies 3.7 =—dy¢\(y=0)=— ay) 
(y =0). Hence, 


Ak oy, 
n = —e™ cos(kx). (3) 
n 


Neglecting the nonlinear term, the Euler equation reads 
— p20:V 2 + V p2 = — 287, which yields 


p2 = p— p2rgy +np2d2, (4) 


where p is the mean pressure at the interface. Similarly, 
the pressure in the lower fluid is given by 





Pi=Pp-— pisy+npigi. (5) 


At the interface, the pressure should be continuous, 
namely, pi = p2 and, hence, 


(62 — pi)gn = n(p2 + pi)Ae™ cos(kx). (6) 
Combining (3) and (6), we get 


Pn. ig = 02) 
(p2 + pi) 


The Atwood number is defined by At = (1 — p2)/ 
(p2 + p1). In the case p2 > p1 (heavy fluid on top of 
lighter fluid), — 1 < At <0, and 


V—At kg. (8) 


The unstable mode corresponds to n = ./— At kg and 
yields exponential growth as long as the nonlinear terms 
can be neglected, namely, as long as 7 is small compared 
with the wavelength. In experiments, surface tension 
and viscosity have a regularizing effect on the motion by 
damping the waves with large wave numbers. Indeed, 
for small Weber (and/or) large Reynolds numbers, the 
Rayleigh—Taylor instability has a short-wave character 
due to a balance between the exponential growth and the 
viscous or the surface tension effect, and hence, there 
exists a wave number that has a maximum growth rate. 
This is similar to the Rayleigh number, which represents 
the ratio of the destabilizing effect of buoyancy to the 
stabilizing effect of viscous force in the Rayleigh— 
Bénard instability. 


(7) 








n= 





REACTION-DIFFUSION SYSTEMS 


Experiments and numerical simulations have given 
much insight into the different stages of the instability 
formation. However, they have yielded few quantitative 
results. Different numerical methods have been used 
such as the 3-d front tracking and the lattice Boltzmann 
method. In all cases, the geometric complexity of 
the interface is a source of difficulties for most 
of the algorithms. As explained in Sharp (1984), 
we can divide the growth of the instability into 
four stages. In the first, we have an exponential 
growth that can be quantitatively computed using the 
linear perturbation theory, which is no longer valid 
if the amplitude is about 20% of its wavelength. 
During the second stage, the perturbation grows 
nonlinearly to form bubbles of light fluid rising into 
the heavy one and spikes of heavy fluid falling 
into the light one. This stage is strongly influenced 
by the three-dimensional effects. Experiments and 
numerical simulations have shown that the bubbles 
rise at an approximately constant velocity during 
this stage. The third stage is characterized by the 
development of additional structures on the spikes. 
Moreover, the Kelvin-Helmholtz instability begins to 
develop due to the jump in the tangential velocity 
at the interface between the two fluids. The heavy 
fluid begins to roll up along the sides of the spikes 
to form “mushrooms.” This phenomenon is more 
pronounced when the Atwood number is small and is 
a 3-d phenomenon. Eventually, the flow evolves into 
turbulent or chaotic mixing, which dominates the fourth 
stage. 

In engineering applications, the Rayleigh-Taylor in- 
stability plays an important role in inertial confinement 
fusion (ICF). Itis also present in the extraction of oil. In- 
deed, to extract oil from the Earth, water is accelerated 
into oil, and since oil is lighter, the interface presents 
the Rayleigh-Taylor instability. Some of the engineer- 
ing solutions consist in adding polymers to the water. 
Moreover, there are many astrophysical and geophysi- 
cal objects that present the Rayleigh-Taylor instability 
such as the supernova explosions, mantle convection, 
and deep convection in the ocean. 

Another instability that is similar to the Rayleigh— 
Taylor one is the Ritchtmeyer-Meshkov instability, 
which arises in the case of an impulsive or instant 
loading as opposed to a constant acceleration (such 
as gravity) in the Rayleigh-Taylor case. In many 
applications the situation is intermediate between these 
two limiting cases. 
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REACTION-DIFFUSION SYSTEMS 


How did life appear and develop on Earth? Al- 
though there is not complete agreement, a convin- 
cing answer is that given the required conditions 
(which were almost surely satisfied billions of years 
ago), life spontaneously emerged through the end- 
less battle of survival of the fittest from a primor- 
dial chemical soup. The theory of random catalytic 
networks (Kauffman, 1995) shows that autocatalytic 
reactions are likely in this context; thus, the the- 
ory of interactions between chemical reactions and 
molecular diffusion takes center stage in emergence 
of biological life from atoms and molecules in a 
system. 

Today, reaction-diffusion systems have found many 
applications ranging from chemical and biological 
phenomena to medicine (physiology, diseases, etc.), 
genetics, physics, social science, finance, economics, 
weather prediction, astrophysics, and so on (Aron- 
son & Weinberger, 1975; Grindrod, 1996; Murray, 
2002; Scott, 2003). Even for phenomena that bear 
no initial resemblance to these processes, it is some- 
times useful and productive to use the reaction- 
diffusion metaphor in order to gain insight into their 
dynamics. 

An important contribution to this subject comes 
from the theory of pattern formation in nature. Many 
physical phenomena giving rise to natural patterns 
can be understood in terms of the interaction of a 
short-range self-enhancing reaction and a long-range 
antagonistic reaction. Take a fire, for example. It 
is a self-enhancing process: more heat is released 
as more fuel is burned. In the process oxygen and 
fuel which act as antagonistic factors are consumed 
and this may lead to a fire’s extinction if fuel 
is not replenished. Also, the heat produced is 
transported from its local source through diffusion. 
Thus, we have the two main ingredients for pattern 
formation, namely, a local antagonistic interaction 
between two species (or reactions) coupled with a 
means of transport of their products. Historically, 
this is also one of the first examples of reaction- 
diffusion systems studied scientifically, for obvious 
reasons given the necessity for improved heating and 
lighting at the beginning of the industrial age. In 
his “Christmas Lectures” at the Royal Society in 
London, Michael Faraday discussed the importance 
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of understanding the candle flame and its analogy 
with the process of respiration of biological organisms 
(Faraday, 1861). The flame of the candle is an 
archetypical nonlinear reaction-diffusion system that 
today, after decades of research, provides a basis 
for the science of combustion. In this article, 
we review the essential topics in the field of 
reaction-diffusion systems from a theoretical point 
of view and also consider some of their numerous 
applications. 


Theoretical Aspects 


A reaction-diffusion (RD) equation is typically ob- 
tained by combining Fick’s law of diffusion with the 
chemical reaction rate law. Although the theory can 
be made rigorous by using the theory of stochastic 
differential equations leading to the Fokker—Planck 
equation (Oksendal, 2003), we present here a heuristic 
argument. If we consider for simplicity a small domain 
interval on the line inside which we have a concentra- 
tion c of some reacting species, then the diffusive flux 
Jin of c into one side of the small region will depend on 
the concentration gradient, dc/0x, at that boundary and 
the diffusion coefficient, D, with Jin = — D(0c/0X)in. 
The parameter D > 0 is called diffusivity with physi- 
cal units of m?/s. The diffusive flux out of the re- 
gion at the other side Joy will similarly be given by 
Jout = — D(0c/0X)out, Where the concentration gradi- 
ent is now evaluated at the other boundary. The rate 
at which the concentration grows due to diffusion then 
depends on the difference between these two fluxes— 
and so involves the second derivative 02c/dx2. If we 
add a kinetic reaction rate term r(c), then the reaction- 
diffusion equation, which gives the rate of change of 
the concentration c in time at any spatial point, has the 
general form 
dc D ac ; 1 
af Paya tre. qd) 
This can be extended to any number of spatial variables 
to read 
dc 
ap DAc+ Q(#,t,c,...), (2) 
where A denotes the n-Laplacian (1 <n <3) and Q 
accounts for other influences including sources or sink 
terms. Other more complicated formulations for the 
flux terms are possible in diffusive processes; see 
Okubo & Levin (2001) for an account of these ideas 
in biology. In many sciences, the motion of particles 
or living organisms is subjected to both internal 
and external effects often acting simultaneously. For 
example, in biology, bacteria are known to move 
randomly (akin to diffusion) but are also able to follow 
a chemical gradient (chemotaxis). Mathematically, this 
leads to a description involving reaction-diffusion- 
chemotaxis equations. For example, chemical attractant 


REACTION-DIFFUSION SYSTEMS 


signaling can give rise to spiral wave pattern formation 
at a certain life stage in colonies of the slime mold 
Dictyostelium discoideum. Other extensions include 
advection, electric and/or magnetic field effects, and so 
on. In many of these cases, the resulting mathematical 
description is far more complicated than the simple 
RD systems above and, for many situations, their exact 
formulation is still an open question. 

In writing an equation such as (2), we will consider 
that c is a vector; thus, Equation (2) will describe 
a system of RD equations. A simple archetypical 
example for a RD system is a quadratic autocatalytic 
reaction between two chemicals according to the rule 
A+B-— 2B with rate r=kab. Denoting by a the 
concentration of A and by b that of B, the two species 
satisfy (after suitable scaling) the equations: 


da 


af = D,Aa — ab, 
ab 
ae D Ab + ab. (3) 


From a mathematical point of view, systems of 
equations such as (3) must be well posed in order to 
exhibit appropriate solutions. To specify the problem, 
let the state variables c(x, ft), ... represent the density 
or concentration of some substance at time t >0 and 
position x in R”. Then Ac denotes the Laplacian of c 
with respect to the space variable a, and Equation (1) is 
an example of a parabolic equation of evolution. If (1) 
holds for all 2 in R”, then the problem is fully specified 
once appropriate initial conditions 


c(x, 0) = co(x) (4) 


are known. If (1) holds in a limited domain QC R", 
then we must impose boundary conditions on c 
at dQ (the domain boundary) compatible with the 
physical situation. Neumann (or no-flux), Dirichlet, or 
Robin conditions are usually employed in applications. 
Although these are linear conditions on the variable 
c, nonlinear conditions could also be applied. The 
above system of differential equations with specified 
initial and boundary conditions is called an initial value 
problem or IVP in short. 

For an IVP, one naturally asks whether there are 
solutions. In the case of reaction-diffusion systems, 
there are two different aspects to consider; local 
existence and global existence of the solutions. By local 
existence we mean the existence of the solutions over 
a short time interval. Global existence properties are 
exhibited by the solutions of the IVP when they are 
known to exist for all positive time. In some applications 
global existence is precluded because the solution 
exhibits blow-up in finite time. This means that there 
is (0, to) such that c(a, t) > co as (a, t) > (Xo, fo). 
These questions are difficult to deal with in general for 
RD systems although there is a well-developed body 
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of results available in the literature (Grindrod, 1996). 
Moreover, even if the existence of a particular type 
of solution is established, further important theoretical 
questions involve the uniqueness of the solution and 
the stability of this solution to small perturbations. To 
approach these questions, one usually transforms the 
given system of RD equations 

ae = DAc+ f(a,t,c, Ve) (5) 
into a differential equation in an abstract Banach space 
(for example, L?[Q]) as in 


co +Ac=f, t>0, c=co att=0. (6) 


Then, the above questions reduce the problem to 
studying the properties of the (linear) operator A, 
which are mainly resolved if one knows its spectrum. 
However, in practice this is a difficult question as A has 
an infinite-dimensional spectrum. 

For many RD systems of interest, in practice, there 
are several rather specific and powerful analytical meth- 
ods that give detailed insights into the solutions, includ- 
ing comparison principles, invariant regions, matched 
asymptotic expansions, nonlinear bifurcation, group in- 
variant symmetries, and so on (Grindrod, 1996). 


Applications of Reaction-Diffusion Systems 


Historically, some of the first applications of reaction- 
diffusion equations were in population dynamics, 
combustion, and nerve impulse conduction. Thus, one 
of the simplest reaction-diffusion equations is the 
Fisher-KPP equation 

au = DAu+ f(u), (7) 
which was proposed independently by Ronald Fisher 
(1937) and Andrei Kolmogorov, Ivan Petrovsky and 
N. Piscounoff (1937) to explain the spread of genetic 
influences. In those papers a quadratic function of the 
form 


flu) = ku —u) (8) 


was used with k > 0 a parameter. A year later, Yakov 
Zeldovich and David Frank-Kamenetsky used the 
same equation but with f being a cubic polynomial 
as a model that represented flame front propagation 
(Zeldovich & Frank-Kamenetsky, 1938). Due to its 
generic form, Equation (7) soon found new interesting 
applications, for example, as a model of impulse 
conduction along an active nerve fiber, with the solution 
u(x, t) representing the voltage across acell membrane. 

An important class of similarity solutions in the form 
of traveling waves (TW) is common to both the RD 
system (3) (and many of the type at (5)) and scalar 
equation (7). A traveling wave is a solution of the 
form u(x, tf) =u(x — vt) =u(y), where y= x — vt is 
the traveling-wave coordinate with v being the wave 
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Figure 1. Typical concentration profiles for solutions a,b 
obtained by numerically solving the RD system (3). 


speed. The problem is simplified because in the TW 
coordinate we have now to solve an ordinary differential 
equation (rather than a partial differential equation). For 
example, (7) generates the following TW equation to 
solve 


2 
ie ay (9) 


which must be supplemented with appropriate bound- 
ary conditions as | y| > oo. 

Propagating waves are an important dynamical fea- 
ture of many physical systems, hence, TW problems 
have been carefully studied. Key mathematical ques- 
tions in these cases are the existence and possibly 
uniqueness of the waves. After the existence of a 
TW solution is established, it is of physical signifi- 
cance to study its stability under perturbations. Other 
questions are the influence of the initial conditions 
on the selection of a particular type of TW solu- 
tion and the study of the shape of the TW solution. 
An extensive theory for TW solutions has been de- 
veloped that deals with many interesting classes of 
RD systems (see Volpert et al., 1994; Grindrod, 1996; 
Scott, 2003). One particularly striking property of 
TW solutions for RD equations such as (3) or (7) is 
the existence of either a unique speed or a semi-infinite 
spectrum of speeds with a positive threshold boundary. 
The first case corresponds to a cubic nonlinearity, as 
in the nerve conduction application above, whereas the 
latter applies to a quadratic nonlinearity. These features 
can be contrasted with the paradox of infinite speed be- 
havior exhibited by the classical diffusion equation. For 
example, with the quadratic form (8), Equation (7) has 
a TW solution for all v > vg =2VKD. A similar prop- 
erty applies to system (3) although in practice only fora 
limited class of RD equations is an analytical expres- 
sion known for vo. In Figure 1, we show a typical profile 
of a TW solution to system (3) obtained from numerical 
simulations on a semi-infinite one-dimensional spatial 
domain via an implicit finite-difference scheme. 

One of the oldest but still active fields of application 
is the modeling of nerve impulse conduction along a 
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Figure 2. A full-sized action potential and an unstable threshold 
impulse for the HH axon: (Courtesy of A.C. Scott.) 


responsive fiber (Scott, 2003). In 1952, Alan Hodgkin 
and Andrew Huxley formulated a detailed description 
of the dynamics of membrane ionic current for a 
dozen giant squid axons (Hodgkin & Huxley, 1952). 
They produced the following differential system 
describing the dynamics of the voltage V(x, t) across 
the nervous cell (assumed one-dimensional): 


= +rji, (10a) 
where 
ji = 2naJ;, J; = Ggn'(V — VK) 


+Gnam*h(V — Vna) + GL(V — Vz). 
(10b) 


Here, a is the radius of the fiber, r is the longitudinal 
resistance per unit length of the fiber, cy is the 
membrane capacitance per unit length, and j; is the 
total ionic current flowing across the membrane per unit 
length. The expressions appearing in Equation (10b) are 
given in terms of differential first-order rate equations 
describing the concentrations of potassium, sodium 
“turn-on” and “turn-off” variables (n, m, and h). These 
equations are determined from experimental data. The 
RD system (10a,10b) is now known as the Hodgkin— 
Huxley (HH) system. Using TW theory, one can show 
that HH is an excitable RD system for parameter ranges 
of interest that admit traveling pulse solutions called 
action potentials (see Figure 2). 

From a theoretical perspective, the HH system is 
complicated; thus, simplified theoretical models have 
been proposed to capture qualitative features. One such 
model is the system proposed by FitzHugh and Nagumo 
(FitzHugh, 1961), which reads 

ave av aR 
af a2 tF(V)+R, ry e(V — cq 








baR), 
dt) 


REACTION-DIFFUSION SYSTEMS 





Figure 3. A computer generated scroll wave. (Courtesy of 
A. Winfree.) 


where R is the slowly changing recovery variable and 
F has a cubic shape. The FitzHugh-Nagumo system 
admits periodic traveling waves and pulses both stable 
and unstable. In 2 or 3 spatial dimensions, target (ring) 
and spiral waves have been numerically produced that 
today are known to be characteristic types of TW 
solutions of an excitable system (Scott, 2003). 

The most striking illustrations of target and spiral 
waves can be seen in excitable chemical reactions. 
Historically, the first such demonstration was produced 
in the chemical medium proposed by Belousov 
and Zhabotinsky, now known as the BZ reaction 
(Zhabotinsky, 1991). A dynamical system is called 
excitable when it responds in a qualitatively different 
way to perturbations that are below and above some 
threshold value, above which it typically amplifies 
those perturbations. After a pulse has been generated, 
the system takes some time (refractory state) until it 
can again support an impulse. In two dimensions, one 
can find target (ring) and spiral waves as in a typical 
BZ experiment (See photo in Belousov—Zhabotinsky 
reaction and also in color plate section). 

To describe these solutions analytically, one can use 
a simplified model of the BZ reaction, such as the 
two-species Oregonator model developed by Field and 
Noyes (1974): 

gee = «?Aa+a(l—a) fs — 4, 
a+q 


= eAb+b—-a, (12) 





where ¢, f,g are kinetics parameters related to the 
reagents rate reactions and a, b are proportional with 
the concentrations of HBrO2 and a metal ion. Here 
the diffusion operator A denotes one-, two-, or 
three-dimensional diffusion. In the latter case, more 
complicated patterns are found such as toroidal scroll 
waves and multi-armed spiral waves. Figure 3 shows 
a computer generated scroll ring obtained in a model 
of the BZ reaction, which has also been observed 
experimentally. 

To understand such solutions a geometrical theory 
of traveling waves propagating on arbitrary two- and 
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three-dimensional manifolds was developed by Tyson, 
Keener, Grindrod, and others around the mid-1980s, 
(see Grindrod, 1996). The idea is to compare the 
problem of three-dimensional wave propagation with 
that for wave propagation in one dimension. Consider 
the equation 


Oui x (13) 
bao © u+ fu), 


which is in the Oregonator model of the BZ reaction (see 
Equation (12)). Suppose that w;, wz are two solutions 
to f(u) = 0 and that (13) has a TW solution of the form 
u=u(y) where y = (x — vt)/e, so that 


u’ +vu' + f(u) =0 (14) 


satisfying u — uy, as y—> oo and u—> u2 as y—> — 00 
for some speed v > 0. For a TW structure to exist in 
three dimensions, there should be an oriented surface 
M moving through R? such that u ~ uw; ahead of the 
surface and u ~ u2 behind it. Introducing a normal 
stretched variable depending on a curvilinear system 
of coordinates, one can show that a solution u = @(&) 
exists subject to @—> uy, as €> 00 and d¢— uz as 
&€ — — oo if and only if @ satisfies the TW equation 


gee +(N + eK be + f(b) = 9. (15) 


From (14) and (15) we find that u = @() is the inner 
solution of the problem when 


v=N+eK, (16) 


which is called the eikonal equation (Grindrod, 1996). 
Here N denotes the normal velocity, and K is twice the 
mean curvature of M. For example for circular waves, 
the speed of the curved wave v should be smaller than 
that of the planar wave vo. The eikonal equation gives 
v=vo —2D/r, where r is the radius and D is the 
diffusion coefficient. Hence we have a condition for 
the initiation of circular waves that is purely geometric, 
namely, ‘crit = 2D/vo for the critical radius of wave 
initiation. When two circular waves collide, they create 
cusp-shaped regions with positive curvature. The theory 
can also be applied to armed spirals and toroidal scroll 
waves (Grindrod, 1996). 

Spiral waves generated by reaction-diffusion pro- 
cesses also occur in surface reactions as tiny spiral 
waves, visible only through a microscope, that form 
out of catalytic nitric oxide reduction by hydrogen on 
thodium or platinum surfaces. Such pattern formation 
in surface reactions can be imaged by photoemission 
electron microscopy (PEEM). 

Flames on a spinning disk have been studied at 
NASA where it is shown that target and spiral waves 
appear in a mixture of butane in He—Op. A simple such 
model is the Salnikov RD system (Scott et al., 1997): 


a =V-at+p—af(b), (17a) 








by = LeV7b + haf® —b). (17b) 
K 
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Figure 4. A spiral galaxy in Centaurus. VLT, European Southern 
Observatory. 


Here f(b) = exp[b/(1+ yb)] and Le, uw, x, y > 0 are 
physical parameters with k < 1. 

Spiral forms are omnipresent throughout the visible 
and invisible universe in galaxies, accretion disks 
around black holes, coalescing interstellar clouds, and 
many other forms of matter and energy (see Figure 4). 
Lee Smolin (1996) has suggested that the formation of 
some spiral galaxies can be regarded as an RD process, 
and he produced a theory of cosmos as a self-sufficient 
organically developing natural system. In this scenario 
the galactic spirals (and everything inside them) are 
gargantuan relatives of the BZ waves. 

Waves of spreading depression appear as electro- 
chemical waves associated with the depolarization of 
the neuronal membrane of the brain as they spiral 
around lesions of the cortex. There is speculation that 
this wave activity is linked to epilepsy. Since Art 
Winfree’s pioneering work, scroll waves have been 
linked quite firmly with cardiac arrhythmias (Keener 
& Sneyd, 2002). In particular, the onset of fibrillation 
seems to be connected with the development of scroll 
type waves (high-frequency waves of electrical activa- 
tion that recirculate repeatedly, preventing normal func- 
tion) in the heart muscle. In this case, the heart contrac- 
tions are much smaller in amplitude than the normal 
coordinated contraction and also aperiodic, which has 
potentially fatal consequences. 

In early embryo development, circular calcium 
waves propagate and occasionally annihilate on the 
surface of a fertilized egg cell as a precursor to cell 
division. However, in frog eggs they take the form of 
spiral waves whose purpose is still unclear. 

The dynamics of biological populations can self- 
organize in propagating traveling structures akin to 
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RD waves (Okubo & Levin, 2001). This is a clas- 
sical topic in ecology with ramifications for stud- 
ies in biodiversity. Among the pioneers of the 
field were Alfred Lotka in 1910 (Lotka, 1925) and 
Vito Volterra (1926), who have shown that equa- 
tions similar to those describing reacting chemicals 
can provide a crude description of interactions between 
a predator population and its multiplying prey popula- 
tion. Thus, Lotka—Volterra RD type interactions are the 
heart of modeling in much of ecological dynamics and 
modeling of epidemics. The spatial spread of epidemics 
can be usefully approached with a “‘prey-predator” type 
dynamics involving the three species: S (the sus- 
ceptibles), J (infectives), and R (removed individu- 
als) in a population (Kermack & McKendrick 1932; 
Murray, 2002): 


S;=—-fIS, 1, =pIS—yI+DAl, 
R, = yl. (18) 





Equations (18) give a simple model of the spatial spread 
of rabies by fox, where D is the diffusion coefficient 
of the infectious foxes and 6 represents the rate of 
infection per susceptible per unit density of infectives. 
More sophisticated versions of such models that are 
used today to model epidemics (both in humans and 
in animals) can capture other effects such as secondary 
outbreaks. 

The above discussion has mainly concentrated on 
the applications of the traveling-wave solutions of the 
RD systems. However, a much richer solution struc- 
ture exists in these systems. In fact, the spectrum of 
possibilities ranges from simple stationary (or time in- 
dependent) solutions up to complicated spatiotemporal 
chaotic solutions. 

Perhaps one of the most spectacular applications 
of RD systems is in morphogenesis. The basic 
question here is to understand how the complicated 
process of shaping and patterning in an early embryo 
takes place starting from a uniform structure, the 
initial egg. In 1952, Alan Turing proposed that 
this process could be accounted for in terms of 
the underlying chemical reactions taking place in 
the embryo. In his paper Turing proposed some 
hypothetical reactions that could generate spontaneous 
symmetry breaking, leading to stable spatial patterns 
(Turing, 1952). Today this mechanism for spatial 
pattern formation is called Turing instability (or 
diffusion-driven instability) in recognition of Turing’s 
seminal work. A counterintuitive feature of Turing’s 
prediction is that diffusion can act as a destabilizing 
force. Murray (1988, 2002) showed that activator- 
inhibitor RD systems can model the beautiful array 
of patterns seen on animal skin markings. The idea 
Murray presented is that at a very early stage, 
the embryo acquires a “pre-pattern” of chemical 
morphogens (in Turing’s parlance) that is later read out 
by melanocytes (pigment producing cells). In this way, 
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spotted or striped or a combination of both patterns 
can be accounted for. Furthermore, Murray showed 
how the geometrical aspects of the RD domain can 
considerably alter the final outcome of the patterns. 
This theory explains why spotted animals (such as 
cheetah, jaguars, and leopards) can have striped tails, 
but striped animals (such as zebras and genets) 
cannot have spotted tails. An equally spectacular 
application of Turing’s theory was proposed by 
Meinhardt (1998) to account for many patterns seen on 
seashells. 

The book by Murray (2002) contains further 
references to expanding the above RD framework on 
modeling crucial processes in morphogenesis, such as 
feather germs, the initiation of teeth primordia, cartilage 
and condensation in limb, and epidermis development. 
Most of them require expansion of the RD framework to 
incorporate mechanics leading to the study of mechano- 
chemical models. 

With growing evidence of biological morphogens 
in living tissues, it is now clear that Turing’s theory 
may play a crucial role in explaining biological 
development. Furthermore, a recent extension of the 
applications of RD systems in biological pattern 
formation has strengthened considerably the theoretical 
arguments in favor of the role of RD systems in 
biological modeling. Satnoianu et al. (2001) have 
shown that coupling of diffusion by advection in 
the presence of autocatalytic reactions can lead to 
an improved recipe for pattern formation, which 
is able to account also for biological growth. The 
new mechanism of patterning, now termed flow and 
diffusion distributed structures (or FDS), produces both 
stationary and traveling structures and, thus, can be 
viewed as an unifying theoretical construct for many of 
the patterning processes described above (Satnoianu, 
2003). The FDS mechanism is a robust patterning 
process that can explain somitogenesis in vertebrates 
(Kaern et al., 2001). 

Reaction-diffusion-advection equations have been 
also used in astrophysics, geochemistry, fluid dy- 
namics, and finance, for example. Other applications 
of RD systems arise in chemotaxis, modeling bac- 
terial growth patterns, the process of wound heal- 
ing, or the spread of cancer cells in healthy tissue 
to enumerate only a few such ideas in mathematical 
biology. 


RAZVAN SATNOIANU, 


See also Belousov—Zhabotinsky reaction; Brussela- 
tor; Cardiac arrhythmias and electrocardiogram; 
Chemical kinetics; Diffusion; FitzHugh-Nagumo 
equation; Heat conduction; Morphogenesis, biologi- 
cal; Pattern formation; Population dynamics; Scroll 
waves; Spiral waves; Turing patterns; Zeldovich— 
Frank-Kamenetsky equation; Vortex dynamics in 
excitable media 
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RECURRENCE 


Recurrence means repetition, and this, in turn, implies 
the presence of two actors: the particular event that is 
coming back after having occurred in the past and the 
law prescribing how events unfold in time. 

The crossing of the vertical position by a well- 
serviced pendulum is a recurrent event. Here the 
event coincides with a particular value of the position 
coordinate, and the intervening law is Newton’s 
second law in the presence of gravity. We deal 
here with the simplest version of recurrence, namely, 
strict periodicity. But one could also say that in a 
capitalistic economy, economic growth or slow down 
are recurrent events. The event is now an attribute 
of a whole succession of outcomes interrupted by 
irregular periods where this attribute is absent, and 
the intervening laws are no longer directly reducible 
to nature’s dispassionate fundamental interactions but 
involve, rather, competing human agents each one 
of whom wishes to maximize his profit. In a still 
different vein, the need for survival has made man 
aware of the repeated appearance (recurrence) of 
weather patterns associated with different winds and/or 
precipitation patterns. The Greeks constructed an 
octagonal structure, the Tower of Winds, which can 
still be visited in Athens. It depicts the wind from 
each cardinal point and comprises bas-relief figures 
representing the typical type of weather associated with 
such a wind. The event is now a lumped, coarse-grained 
characterization of the state of the atmosphere that 
came to be known later on as Grosswetterlagen or 
“atmospheric analogs,” and the laws are those of fluid 
mechanics and thermodynamics as applied to a rotating 
frame. 

In the physical sciences, the description usually 
adopted views the system of interest as a determinis- 
tic dynamical system. At first sight this entails that an 
event is to be associated with the point that the sys- 
tem occupies in phase space at a given time. But in this 
view exact recurrence of a state is impossible except for 
the trivial case of periodic dynamics, because it would 
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Figure 1. Illustrating recurrence on a two-dimensional projec- 
tion of the Lorenz chaotic attractor. Recurrence is here reflected 
by the fact that the trajectory emanating from point P in the 
dotted square will re-enter this cell (which plays the role of a 
coarse-grained state) after some time. 


violate the basic property of uniqueness of the solutions 
of the evolution equations. To cope with this limita- 
tion, one associates the concept of recurrence with re- 
peated re-entries of the dynamical trajectory in a phase 
space region possessing finite volume (more techni- 
cally, “measure’) as indicated in Figure 1. This is, pre- 
cisely, the coarse-grained state referred to earlier, as 
opposed to the point-like states considered in many (or 
even most) nonlinear science-related problems. Prob- 
abilistic description is a typical instance in which one 
deals essentially with coarse-grained states. 


Poincaré Recurrence 


In his celebrated memoir on the three-body problem 
Henri Poincaré, a founding father of nonlinear science, 
established a result that may be considered as the 
first quantitative and rigorous statement concerning 
recurrence (Poincaré, 1890). He showed that in a 
system of point particles under the influence of forces 
depending only on the spatial coordinates, a typical 
phase space trajectory will visit infinitely often the 
neighborhood, however small, of a prescribed initial 
state, provided that the system remains in a bounded 
region of phase space. The time between two such 
consecutive visits is referred as a “Poincaré recurrence 
time.” 

In modern terms (Kac, 1959), let A be a subset 
of space Q within which the system is confined such 
that 4(A) > 0 where jz designates the measure of A, 
and T; a family of one-to-one measure preserving 
transformations in Q. Then, for almost every initial 
point P <A (i.e., except for a set of Ps of zero p- 
measure), there exists a sufficiently large t such that 
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T; P € A. Using the machinery of the proof, one may 
derive an expression for the mean recurrence time, 


(2) = t/m(A), (1) 
where T is the time resolution between the successive 
observations. Actually, as observed by Marian Smolu- 
chowski, this expression needs to be adapted, in the 
limit of continuous time, to 


(62) = tL — w(A))/(u(A) 
—u(P €A,T;P€A)), (2) 


where one has introduced the measure of the 
intersection of A and its pre-image T;! A. 

Part of the historical role of Poincaré’s theorem 
relates to the famous Wiederkehreinwand, an early 
objection by Ernst Zermelo challenging Ludwig Boltz- 
mann’s derivation of the second law of thermodynamics 
on the grounds that since states recur, the H-function 
(the microscopic analog of entropy) is bound to reverse 
its course at some stage. Boltzmann made a valiant 
attempt to respond, based essentially on the enormity 
of recurrence times in a molecular system (of the order 
of ten to the power of the Avogadro number). A more 
pertinent observation is that thermodynamic states 
are associated with a Gibbs ensemble rather than with 
single phase space points. Poincaré’s theorem does not 
apply under these conditions; hence, Poincaré recur- 
rences are not necessarily precluding a microscopic in- 
terpretation of irreversibility. 


From Ehrenfest to Fermi—Pasta—Ulam 


A first implementation of the idea that it is indeed 
possible to reconcile recurrence with irreversible 
behavior was provided by the, by now famous, 
“dog flea” model of Paul and Tatiana Ehrenfest. 
2N numbered balls are distributed in boxes A and B. 
An integer from 1 to 2N is drawn at random and the 
ball corresponding to that number is moved from the 
box in which it is found to the other one. The process 
is then repeated to any desired number of times. One 
can show (Kac, 1959) that every initial state recurs 
with probability one, although the system possesses an 
H-function. Actually, this model belongs to a general 
class of stochastic processes known as Markov chains, 
whose theory was developed intensely in the first 
part of the 20th century (Feller, 1968, 1971). These 
developments allow one to put the compatibility 
between recurrence of states and irreversible approach 
to an asymptotic regime on a firm basis for this 
very general class of processes amenable to a 
Markov chain-like description. An important insight 
is that while recurrence is a property of trajectories 
(which being now stochastic and thus coarse-grained 
are not bound to satisfy the uniqueness theorem 
stated above and can therefore recur as such), the 
approach to an asymptotic regime is a property of 
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probability distributions. The theory of stochastic 
processes has also provided a wealth of further 
information on recurrence independent of the problem 
of irreversibility, including connections with the 
important class of renewal processes. 

Despite their power, the above results overlooked the 
nature of the underlying deterministic dynamics, except 
that the last had to be complex enough to generate 
somehow a stochastic game. This shortcoming became 
clearly recognized in the 1950s, when Poincaré’s 
recurrence was viewed again as a problem of strictly 
deterministic dynamics, thanks partly to the new 
possibilities afforded by the availability of electronic 
computers. From the standpoint of nonlinear science, 
the most relevant among these early attempts is that 
by Fermi, Pasta, and Ulam (Fermi et al., 1955) who 
numerically examined a set of coupled differential 
equations modeling the motion of a linear chain of 
equimass particles connected by nonlinear springs 





de 7 (1+ BlOy41 — xj)? + j — xj-1)" 
+rjz1 — xj )xj — xj-D]} 
X(xj41 + Xj-1 — 2x;), 
j =1,2,...,N—1,x9 =xn =0. (3) 


Fermi et al. showed that with 64 particles at 
low energy there was no equipartition of energy 
among the oscillators (contrary to their expectations). 
Instead, a beat phenomenon was observed with ongoing 
recurrences of initial conditions. Recurrence seemed 
once again to be at odds with the tendency toward 
thermal equilibrium, to which is associated the stronger 
property of mixing and equipartition. A closer analysis 
shows that Fermi—Pasta-Ulam recurrence is not 
universal: for higher energies a phenomenon of overlap 
of resonances is taking place, leading to stochasticity in 
the sense that energy transfer between modes becomes 
possible. To what extent this stochasticity can invade the 
entire phase space as N and the energy are increased is 
still an unsettled question. 


Modern Nonlinear Dynamics and Recurrence 


The most significant advance on recurrence since the 
1960s has been to dissociate the concept from the 
approach to equilibrium of a many-body system (and, 
in particular, to realize that the two concepts are not to 
be opposed), to extend it to cover the class of dissipative 
dynamical systems, and to establish a link between the 
deterministic and the stochastic approaches to it. 
What made this advance possible is the realization, 
at the heart of modern nonlinear dynamics, that simple- 
looking, low-dimensional models may give rise to 
complex behavior that emulates, to a large extent, 
the behavior of real world, multivariate systems. 
Furthermore, in the presence of deterministic chaos, 
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sensitivity to initial conditions raises the problem 
of long-term prediction and prompts one to adopt 
a probabilistic approach, perfectly compatible with 
(and actually induced by) the underlying dynamics, in 
which quantities of interest are expressed as statistical 
averages. In this setting, recurrence became a powerful 
tool providing new insights along two directions. 


Recurrence as an Indicator of the 

Dynamical Complexity 

The main point here is that dynamical systems having 
different ergodic properties show different recurrence 
patterns. An interesting example is uniform quasi- 
periodic motion on a two-dimensional torus or its 
equivalent discrete-time version given by the shift map. 
It can be shown (Sés, 1958; Theunissen et al., 1999) 
that, typically, such a system (known to be ergodic) 
possesses exactly three possible values of recurrence 
times in any prescribed phase space cell. On the 
other hand, in a wide class of uniformly hyperbolic 
systems such as one-dimensional maps, one shows that 
recurrence times in a sufficiently small phase space 
cell are generically exponentially distributed, while a 
sequence of successive recurrences has a Poissonian 
limit distribution (Collet, 1991). The situation is 
different in non-uniformly hyperbolic systems. In 
particular, in systems showing intermittent behavior 
the above laws are replaced, respectively, by power 
laws and by Lévy stable distributions (Balakrishnan 
et al., 1997). Work along similar lines has also led to 
connections between recurrence patterns and Lyapunov 
exponents, unstable periodic orbits, or generalized 
dimensions. There is, however, no firm indication about 
the universality of these latter results. 


Recurrence as a Tool for Prediction 
The question whether, and if so how frequently, the 
future states of a system will come close to a certain 
initial configuration has a direct bearing on prediction, 
an issue of central importance in atmospheric sciences, 
hydrology, and other environment-related disciplines. 
A dynamical approach to the recurrence of atmospheric 
analogs, the lumped states of the atmosphere introduced 
above reveals a strong dependence of recurrence times 
on the local properties of the attractor and a pronounced 
variability around their mean (Nicolis, 1998). Of crucial 
interest is also the recurrence of extreme events such as 
natural disasters, a problem approached traditionally at 
the level of a statistical description (Gumbel, 1958). 
The extension of the statistical theory of extremes and 
their recurrences to deterministic dynamical systems is 
still in its infancy. 

G. NIcoLIs AND C. Rouvas-NICOLIs 


See also Dynamical systems; Fermi—Pasta—Ulam 
oscillator chain; Intermittancy; Nonequilibrium 
statistical mechanics 
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REGULAR AND CHAOTIC DYNAMICS 
IN ATOMIC PHYSICS 


Many important areas of atomic physics dwell in the 
intriguing world of semiclassical quantum mechanics, 
where classical concepts such as orbits and phase 
space are used to calculate purely quantal quantities 
such as quantum numbers, wave functions, and 
ionization thresholds. The past two decades have 
witnessed renewed interest in classical interpretations 
of quantum phenomena (Berry & Mount, 1988; Casati 
et al., 1987; Bliimel & Reinhardt, 1997; Jensen, 
1992), a view sometimes referred to as postmodern 
quantum mechanics (Heller & Tomsovic, 1993). This 
development has led to the much debated term quantum 
chaos (See Quantum chaos). A central issue is the 
relevance of chaotic dynamics to the quantum world, 
where the sensitivity to initial conditions characteristic 
of classical chaos is obscured by the Heisenberg 
uncertainty principle. Moreover, the Schrédinger 
equation is linear and does not normally exhibit extreme 
sensitivity to initial conditions. Nevertheless, classical 
dynamics plays an important role in the quantum 
world, even in chaotic regions. Thus, the ionization of 
hydrogen by a microwave field is often well described 
in terms of chaotic diffusion of classical electron orbits, 
while the quantum mechanical wave function exhibits 
traces of classical (unstable) periodic orbits, called 
scarring. 


When the classical dynamics are regular, semiclas- 
sical quantum numbers can be calculated according 
to the Einstein—Brillouin—Keller (EBK) prescription 
(Gutzwiller, 1990), 


ne $ pidgy = (ni + 04 /4)h, () 


where J; is the classical action, calculated from 
the loop integral over coordinate gq; and canonically 
conjugate momentum p;, nj; is the corresponding 
quantum number, / is Planck’s constant, and a; is 
the Maslov index, an integer that depends on the 
topology of the invariant torus. In this way, approximate 
semiclassical wave functions can also be constructed. 
The semiclassical description is found to work well 
under two conditions: (i) the quantum numbers are 
large, and (ii) the number of participating states is 
also large. Under chaotic conditions (when the classical 
action does not generally exist), one still has recourse 
to periodic orbits (Eckhardt, 1988), which can be used 
to organize energy levels and the form of the wave 
function (Gutzwiller, 1990). The principal tool under 
chaotic conditions is the Gutzwiller trace formula, 
based on the Feynman propagator. 

Our unifying theme is the hydrogen atom in an 
electromagnetic field, for which the motion of the 
single electron is well described by a Hamiltonian 
model. We consider first two closely related integrable 
cases (See Constants of motion and conservation 
laws; Integrability), the classical problem of two fixed 
centers as a model for the hydrogen molecule ion Hy ‘ 
and the H-atom in a homogeneous electrostatic field. 
In both cases axial symmetry implies the constancy 
of the azimuthal angular momentum, pg = mp2@ (in 
cylindrical coordinates p, ¢, z), allowing a reduction 
in dimensionality from three to two, via an effective 
potential formed by including the azimuthal part of the 
kinetic energy with the potential U(p, z): 


U%(p,z) =U + 





= @) 


Thus, in both cases the motion is described by a 
two degree of freedom autonomous (time-independent) 
Hamiltonian. 

Next we take up the non-integrable case of the H- 
atom in a homogeneous magnetostatic field, which 
has been extensively studied, both theoretically and 
experimentally (Born, 1960; Friedrich & Wintgen, 
1989), and which is also described by a two-degree- 
of-freedom Hamiltonian. Then we describe fruitful 
experiments on microwave ionization of H-atoms, 
which have yielded an abundance of information on 
quantum physics (Bliimel & Reinhardt, 1997; Koch 
& van Leeuwen, 1995). Various Hamiltonian models 
have been investigated, from one to three degrees of 
freedom. Here, we shall limit ourselves to a one- 
dimensional time-periodic model, which captures most 
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of the relevant physics. Finally, we briefly mention 
other atomic systems in which a semiclassical treatment 
sheds light on quantal behavior. 


Two Fixed Centers 


The two fixed centers model (TC) consists of a test mass 
orbiting in the gravitational field of two massive bodies 
rotating about their center of mass at a fixed distance. 
In atomic physics the attractive force is electrostatic, 
furnishing a useful model for the hydrogen molecule- 
ion (Born, 1960; Strand & Reinhardt, 1979; Howard 
& Wilkerson, 1995). It also enjoys the distinction of 
being one of the small minority of completely integrable 
systems, owing to separability in confocal elliptic 
coordinates. With the two protons fixed at z = +a, the 
nonrelativistic motion of the electron is described by 
the Hamiltonian, 











1 
H = 5 (pp + pz) + US @) 
m 
with effective potential 
2 
P 1 1 
U%(p.2) = 585 r( e (4) 
mp ror 


where q is the electronic charge, 
BaP Pere, ©) 


and pp =mp, p,=miZ, and py= mp2. All trapped 
orbits are confined by the two-dimensional effective 
potential, shown in Figure 1 for two nearby values of 
the control parameter pp = Ps Ja’. In the first case, a 
single well centered on an equatorial critical point of 
U® exists, which in the second case has bifurcated into 
a double well. Quantizable stable circular orbits exist 
at the elliptic critical points of U°. Because there is 
no chaos in this system, it might seem straightforward 
to construct quantum numbers from the two conserved 
actions, taking care to get the correct Maslov indices. 
However, there is a rub: there are two disjoint classes 
of orbits, a situation referred to as “monodromy,” 
resulting in separate actions, which need to be smoothly 
joined. This process of “uniform quantization” has been 
carried out by Strand & Reinhardt (1979), who obtained 
greatly improved values for energy levels for varying 
intermolecular separation R = 2a. 





rp =p? +(z—-a)’, 


Hydrogen Atom in a Strong Electric Field 


The behavior of the H-atom in a homogeneous 
electrostatic field is one of the oldest problems of 
quantum mechanics, the weak-field case giving rise to 
the Stark effect, traditionally treated using perturbation 
theory (Born, 1960). For larger fields, ionization 
occurs (Koch, 1978; Howard, 1995), the ionization 
threshold field F,, depending on the particle energy as 
well as a quantity called the Runge—Lenz invariant. 





























Figure 1. Contour plot of effective potential for the hydrogen 
molecule-ion before and after pitchfork bifurcation. 


This is an interesting problem for two reasons: (i) 
the required fields are too large for perturbative 
methods, and (ii) the motion is completely integrable, 
since the Hamiltonian and the Schrédinger equations 
both separate in parabolic coordinates. Spectral lines 
are then conveniently labeled by quantum numbers 
n,nj,n2, and |m|, where n =n; +n2+ |m|+ 1 is the 
principal quantum number, m is the azimuthal quantum 
number, and 1, and nz are parabolic quantum numbers. 

Field ionization may be treated either classically 
or via quantum mechanical tunneling (Gallas et al., 
1982). With the electric field along the z-axis, the 
nonrelativistic motion of the electron is again described 
by Hamiltonian (3), with effective potential 


2 
GP Pe 


[p24 22 " Imp? 








U*(p, 2) qFz, (6) 
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Figure 2. Electron orbit with energy E < E, trapped in effective 
potential for the hydrogen atom immersed in a homogeneous 
electric field. 


where pg gives the azimuthal quantum number 
m= pg/hand F is the electric field strength. Figure 2 
shows an orbit trapped in the two-dimensional potential 
well formed by the effective potential. All orbits having 
E < Eg, the saddle point energy, are classically trapped. 
If the system were non-integrable, the condition 
E > Es would constitute a necessary and sufficient con- 
dition for ionization. However, the existence of the 
Runge-—Lenz invariant allows a subclass of trapped or- 
bits with E > E,. Owing to separability in parabolic co- 
ordinates (&, 7), the actions Jz, J, and Jg = py always 
exist so that the EBK formula applies; there is no clas- 
sical chaos in the Stark problem. In laboratory exper- 
iments the electric field is usually gradually increased 
from zero until ionization occurs. For m= 0, the sad- 
dle point criterion leads to the ionization threshold 
F.~1/9n4, in excellent agreement with experiment. 


Hydrogen Atom in a Strong Magnetic field 


In contrast to the Stark problem, the electron motion in 
an H-atom immersed in a homogeneous magnetostatic 
field can be chaotic, providing a useful testing ground 
for ideas of quantum chaos (Friedrich & Wintgen, 
1989). There are two integrable limits, (i) B=0, 
for which the orbits are simple Kepler ellipses, and 
(ii) B— ov, the helical gyration of a free charged 
particle in a constant magnetic field. With B = BoZ, the 
nonrelativistic motion of a single electron is governed 
by the effective potential 


U(p,2) = P5_ a 
2p? /p? + 2 
1 22,1 
+ omw-p + zeePo> (7) 


where , =q Bo /mc is the cyclotron frequency and 
now p¢= mp-o+ 5 p’ We. The constant paramagnetic 
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Figure 3. Poincaré section for H-atom in a uniform magneto- 
static field. 


term may be removed by transforming to a rotating 
frame. For small magnetic field strength, perturbation 
theory may be used to calculate energy levels (Zeeman 
effect); for very large fields, the diamagnetic term 
proportional to p? dominates (quadratic Zeeman effect) 
and the spectrum resembles that of a free electron. 
In this case, the existence of chaotic trajectories 
means that a set of classical actions does not 
always exist, precluding EBK quantization. For small 
fields, however, canonical perturbation theory can be 
employed to calculate perturbed actions. This yields 
useful energy level curves E, = E,(B), where the 
levels are labeled in terms of the unperturbed (B = 0) 
states. Furthermore, at low fields an approximate 
constant of the motion exists, facilitating classification 
of the very complex spectrum and explaining avoided 
crossings of nearby energy level curves. This recipe 
fails for larger fields, where the classical motion 
is mainly chaotic. At very large fields, intriguing 
regularities persist, called quasi-Landau resonances, 
close to the spectrum of a free electron in a 
magnetostatic field. In this case, it is possible to derive a 
very simple formula for the ionization threshold energy. 

The degree of classical chaos is conveniently 
revealed by the Poincaré section, which is a two- 
dimensional slice in the four-dimensional phase space, 
defined by fixing the total energy and recording 
unidirectional intersections with a coordinate plane 
(Lichtenberg & Lieberman, 1990). Figure 3 shows a 
section for a moderately large B-field, generated by 
calculating particle orbits and recording (p, p,) each 
time an orbit crosses the z=0 plane with p,>0. 
Regular orbits appear as smooth closed curves, whose 
centers represent periodic orbits. A single period-one 
orbit appears near p = 1.45; all other fixed points are 
at least period-three. The scattered dots in between 
represent chaotic orbits (possibly just one), which 
ergodically fill a connected region of phase space. 
In this case, classical actions do not exist, and it is 
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not possible to assign quantum numbers to the very 
complex spectrum. 


Microwave Ionization of Rydberg Atoms 


Another fruitful source of information on connections 
between classical dynamics and quantal behavior is 
the extensive experimental program on microwave 
ionization of highly excited Rydberg (hydrogenic) 
atoms (Bliimel & Reinhardt, 1997; Koch & van 
Leeuwen, 1995). By careful control of experimental 
conditions, it has been found possible to produce 
a full range of principal quantum numbers, no = 34 
to more than 90. Ionization from such excited 
states can then be readily accomplished using a 
variety of pulsed or continuous wave sources; linearly 
polarized, circularly polarized, or elliptically polarized. 
Remarkably, classical scaling accurately describes 
much of the experimental results. Thus, the microwave 
frequency is expressed as a ratio to the Kepler 
frequency, which according to the Bohr-Sommerfeld 
model is proportional to no. a, giving the dimensionless 
parameter @ = no. The electric field strength may also 
be expressed as a ratio to the Coulomb force, giving the 
dimensionless parameter F= nF . Koch distinguishes 
several distinct frequency regimes, depending on 
O= naw; by fixing w/2n at one of several frequencies 
between 7 and 36 GHz and varying no, arange of scaled 
frequencies from ®=0.02 to 2.8 can be achieved. 
For very low ® 0.02 quantum tunneling dominates, 
significantly lowering the ionization threshold Fj. At 
somewhat higher ® the ionization curves (fraction 
ionized vs. F) are primarily classical, with occasional 
“bumps” deriving from quantum resonances. For 
0.1 S@ S 1.2 classical dynamics prevails. Above this 
value quantum mechanisms increasingly raise the 
ionization thresholds, by about a factor of two at 
@®=2.8. As for the Zeeman effect, scarring of the wave 
function occurs along classical unstable period orbits. 

Theoretical and numerical analyses range from 
crude one-dimensional (1-d) models to elaborate 3-d 
Monte Carlo simulations. The simplest case to analyze 
theoretically is linear polarization, in which a simple 
one-dimensional time-periodic Hamiltonian explains 
much of the relevant physics, 


H = Ho+ qFxsin(ot), (8) 
where 
a - r x>0 
HAy=) Im x’ , (9) 
oO, x <0. 


Physically this represents the limiting case of a pencil- 
thin orbit along the x-axis. In order to compare with 
experiment, we first transform to action-angle variables 
J= /a=./—1/2H, 6=u-— sinu, where a is the 


semimajor axis and the eccentric anomaly u is defined 
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Figure 4. Poincaré section for 1-d H-atom perturbed by a 
time-periodic microwave field of frequency fpr = 9.923 GHz 
and strength (a) F = 62 V/cm and (b) F = 66.4 V/cm. 


by x =a(1— cosu). The principal quantum number 
is then given by J =noh. Poincaré sections can be 
generated by strobing the orbit at a period t = 21/w and 
recording J and 6 att =T, 2t, .... In experiments the 
microwave field is gradually increased until ionization 
takes place. For example, for frr = 9.923 GHz, we 
obtain the two sections near the ng =51 state shown 
in Figure 4 for F = 62 and 66.4 V/cm. At the lower 
field strength all orbits initialized with no <51 are 
trapped by invariant circles; at the higher field strength 
these curves have been destroyed, allowing most of the 
same orbits to escape. The experimental result for 10% 
ionization of the no = 51 state is about 71 V/cm (Koch 
& van Leeuwen, 1995), in reasonable agreement with 
our numerical calculation. Other polarizations have 
also been investigated (Koch, 1998; Howard, 1992). 
The most general state is elliptic polarization, which 
includes circular and linear polarization as special 
cases. In all cases valuable insight into experiment has 
been obtained using classical dynamics. 


Discussion 


In addition to the above four examples, there are several 
other systems under active investigation. Combinations 
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of fields, particularly crossed and parallel fields, FE x B 
and E'||.B, offer challenging structures that can 
be partially explained by semiclassical quantization 
(Farrelly, 1991). Three-body systems, such as the 
helium atom (Tanner et al., 2000) and the hydrogen 
negative ion H~, long considered beyond semiclassical 
methods, have recently yielded important insights. 
James E. Howarp 


See also Constants of motion and conservation 
laws; Hamiltonian systems; Quantum chaos 


Further Reading 


Berry, M.V. & Mount, K.E. 1972. Semiclassical wave mechanics. 
Reports on Progress in Physics, 35: 315-800 

Bliimel, R. & Reinhardt, W.P. 1997. Chaos in Atomic Physics, 
Cambridge and New York: Cambridge University Press 

Born, M. 1960. The Mechanics of the Atom, New York: Unger 

Casati, B., Chirikov, B.V., Shepelyansky, D.L. & Guarneri, I. 
1987. Relevance of classical chaos in quantum-mechanics— 
the hydrogen atom in a monochromatic field. Physics Reports, 
154: 77-123 

Eckhardt, B. 1988. Quantum mechanics of classically non- 
integrable systems. Physics Reports, 163: 205-297 

Farrelly, D. 1991. Semiclassical mechanics of bounded and 
unbounded states of atoms and molecules, Advances in 
Molecular Vibrations, 1B, 49-79 

Friedrich, H. & Wintgen, D. 1989. The hydrogen atom in 
a uniform magnetic field—an example of chaos. Physics 
Reports, 183: 37-79 

Gallas, J.A.C., Walther, H. & Werner, E. 1982. Simple formula 
for the ionization rate of Rydberg states in static electric fields. 
Physical Review Letters, 49: 867-891 

Gutzwiller, M.C. 1990. Chaos in Classical and Quantum 
Mechanics, New York: Springer 

Heller, E.J. & Tomsovic, S. 1993. Postmodern quantum 
mechanics. Physics Today, 46: 38-46 

Howard, J.E. 1992. Stochastic ionization of hydrogen atoms in a 
circularly polarized microwave field. Physical Review A, 46: 
364-372 

Howard, J.E. 1995. Saddle point ionization and the Runge-Lenz 
invariant. Physical Review A, 51: 3934-3946 

Howard, J.E. & Wilkerson, T.W. 1995. Problem of two fixed 
centers and a finite dipole: a unified treatment. Physical 
Review A, 52: 4471-4492 

Jensen, R.V. 1992. Quantum chaos. Nature, 352: 311-315 

Koch, P.M. 1978. Resonant states in the nonperturbative regime: 
the hydrogen atom in an intense electric field, Physical Review 
Letters, 41: 99-103 

Koch, P.M. 1998. Polarization dependence of microwave 
“ionization” of excited hydrogen atoms. Acta Physica 
Polonica, 93: 105-132 

Koch, P.M. & van Leeuwen, K.A.H. 1995. The importance of 
resonances in microwave “ionization” of excited hydrogen 
atoms. Physics Reports, 255: 289-403 

Lichtenberg, A.J. & Lieberman, M.A. 1990. Regular and Chaotic 
Dynamics, 2nd edition, New York: Springer 

Strand, M.P. & Reinhardt, W.P. 1979. Semi-classical quantiza- 
tion of the low-lying electronic states of Hy . Journal of Chem- 
ical Physics, 70: 3812-3827 

Tanner, G., Richter, K. & Rost, J. 2000. The theory 
of two-electron atoms: between ground state and com- 
plete fragmentation. Reviews of Modern Physics, 72: 
497-544 


RELAXATION OSCILLATORS 


RELAXATION OSCILLATORS 

The first work related to relaxation oscillators was 
published by Balthasar van der Pol in 1926 (Van der 
Pol, 1926). Van der Pol, in collaboration with J. van 
der Mark, suggested an electrical model of the heart 
consisting of three relaxation generators (van der Pol 
& van der Mark, 1928). 

An oscillator is said to be of the relaxation type if 
its period is inversely proportional to a relaxation time 
and nearly independent of other parameters. Classical 
examples of relaxation oscillators are a thyratron 
oscillator (Teodorchik, 1952) and an alternating water 
source known as Tantal’s vessel (Panovko & Gubanova, 
1964; Strelkov, 1964). Schematic images of these 
devices are illustrated in Figures la and b. The shape 
of oscillations of the amount of water in Tantal’s vessel 
and of the voltage across the capacitor C is shown in 
Figure Ic. 

An oscillator described by the Rayleigh equation 
(Rayleigh, 1877-78) 


¥—pd—-x)e+x=0 (1) 


is also of relaxation type for jz > 1. It should be noted 
that the Rayleigh equation can be obtained from the van 
der Pol equation 


j-pd-y)y+y=0 (2) 


by the substitution y= /3 x. 

The phase portrait and the shape of oscillations for 
Equation (1) are illustrated in Figure 2 for 4. = 10. For 
this value of jz, the equilibrium state is an unstable 
node and the limit cycle has a shape close to a 
parallelogram. The time required for the representative 
point to approach the limit cycle is very short; thus the 
oscillations are almost discontinuous. For 1 <1, the 
oscillation period is practically independent of jz and 
approximately equal to the period of free oscillations of 
the oscillatory circuit To = 27. For ps > 1, on the other 
hand, the oscillation period is completely determined 
by the value of the parameter jz, namely T © 84/33 
(see below). As the relaxation time is of the order of 
1/,, it follows that for ~: > 1 the oscillation period is 
really inversely proportional to the relaxation time. 

Introducing the small parameter ¢=1/j, we can 
rewrite Equation (1) in the form of two equations of 








Figure 1. Schematic images (a) of a thyratron oscillator, 
(b) of Tantal’s vessel, and (c) the shape of oscillations of the 
amount of water in Tantal’s vessel and of the voltage across the 
capacitor C. 
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Figure 2. (a) The phase portrait for the Rayleigh equation for jz = 10, and (b) the solution of this equation for 4 = 10: curves 1 and 2 


show x(t) and x(t), respectively. 


first order as 


x=y, (3) 
ey=(1—-y*)y—ex. (4) 


To find an approximate solution of Equations (3) 
and (4) we apply the averaging method in systems 
incorporating fast and slow variables. It follows that 
the variable x is slow and the variable y is fast. 
Consequently, in solving Equation (4) the variable x 
can be considered as a constant. Stationary solutions of 
Equation (4) under this condition are real roots of the 
cubic equation 


y—ytex=0. (5) 
Over the range 
2 2 
_ 3a <x< 33 (6) 


Equation (5) has three real roots, whereas outside this 
range it has only one real root. For x = +2/(3yu/3) 
Equation (5) has two real roots, yp= + 1/V3, 
y2 =F 2/,/3. Approximate solutions of Equation (5) 
can be found analytically under the condition ex < 1. 
Expanding y sequentially about yjo = 1, yoo = — 1 and 
30 = 0 we find three solutions: 











y=l et, y=-l ex, 


It is seen that the approximate solutions (7) are close to 
the exact ones over the range (6). 

Investigation of the stability of these shows that only 
those solutions are stable that satisfy the constraint 
yz >1/ V3, which is fulfilled for the upper and the 
lower parts of the dependence y(x) and is not fulfilled 
for its middle part. 

Substituting y;,2 from (7) into Equation (3) and 
integrating the latter, we find solutions of this equation 
under the initial condition x(0) = xo: 





y3 = px. (7) 





2, 
x1 2(t) = xe @t/? + =(1 = eF/2), (8) 
E 


For et < 1 solutions (8) can be simplified as 
x1,2(t) = (xo £1) (1 — et/2). (9) 


Let the initial conditions be x» = — 2/BeV3), 
yo = y1(xo). Then, as follows from (9), x will increase 
with an approximately constant rate, and at the instant 
t =4/(3eV/3), it will attain the value 2/(3¢/3). At this 
instant, the solution y; (x) becomes unstable because it 
merges with the unstable solution y3(x). As a result, 
y will jump to the value y2(2/(3e./3)). Subsequently, 
x will decrease to the value — 2/(eV3) and then a 
jump will occur again; that is, y will take on the value 
yy (—2/(3eV3)). As the process is repeated, we obtain 
a limit cycle on the phase plane x, y close to the one 
calculated numerically (Figure 2). 

If yo A y1,2(Xo), y takes on one of these values very 
rapidly, practically for a constant x. This means that the 
corresponding phase trajectories are nearly vertical. 

An approximate expression for the oscillation period 
T can be found on the assumption that the jumps occur 
instantly and x varies with the constant velocity + 1. 
Thus 








8 4 
= —— tIn, 
36/3 aga 


where Ty = 27 is the period of natural oscillations for 
jt = 0. Thus, in the relaxation regime, the oscillation 
period is approximately 2/4 times the period of natural 
oscillations. 

Importantly, one of the characteristic features 
of relaxation oscillators is the ease of frequency 
synchronization (Landa, 2001). This phenomenon was 
apparently first studied by Teodorchik (1943, 1945). 
Relaxation oscillators have long been used in radio 
and electrical engineering, mainly as multivibrators, 
but recently interest in these oscillators has quickened 
in connection with biological and medical applications. 
As early as 1953, the German physicist Karl Bonhoeffer 
suggested that a neuron might be modeled by 
equations similar to the van der Pol equation for 
a relaxation oscillator. The Bonhoeffer—van der Pol 


~~ 





(10) 
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equations describe oscillations of the voltage across a 
neural membrane, including refractoriness (difficulty 
of refiring). These equations are 





kax—x°/3 y =e(x +a-—by), (11) 


where x is the voltage across the neural membrane; y 
is a quantity of refractoriness; a, b, ¢ are membrane 
radius, specific resistivity of the fluid inside the 
membrane, and temperature factor, respectively; and 
Ip is a direct component of the current across the 
membrane. 


y+, 


PoLina LANDA 


See also FitzHugh-Nagumo equation; Neurons; 
Nonlinear electronics; Synchronization; Van der 
Pol equation 
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RENORMALIZATION GROUPS 


Systems undergoing phase transitions at a critical 
temperature TJ; are conveniently described in terms 
of order parameters and critical exponents. Above To, 
for example, the specific heat is found experimentally 
to vary as e«-* where e=(T —T,)/T,, and below 
T., it varies as (—e)7”, Thus, a and a’ are 
called critical exponents for specific heat. Similar 
critical exponents are found for order parameters, 
isothermal susceptibility, response to an external field, 
the correlation length €, and the pair correlation 
function I(r). These are denoted as 6, y, 6, v, and 
n, respectively. 

Relations among these critical exponents can be 
derived from scaling assumptions such as the static 
scaling hypothesis, which asserts that the Gibbs 
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potential G(T, H) for magnetic systems (as an 
example) is a generalized homogeneous function 


Ga“e, AH) = AG(e, H). (1) 


With an arbitrary value of A and selecting a,, ay 
appropriately, relations among critical exponents are 
found through thermodynamic identities, for example, 
M(e, H)=— dG(e, H)/dH. Thus, Equation (1) leads 
to the following relations: 























l-ay ay 2ay — 1 
B 6 Jy! ; 
dg 1—ay de 
2ay — 1 1 
le ee (2) 
dg ag 


These can be recast as critical exponent equations: 
a+ BS+1) =2, 
a’ +2B+y'=2, 
yv6+) = 2-a6—-), 





y’ = B6-1), 
y=y', 
a=a, 


reducing the number of independent critical exponents 
to just four (az, ay, v, and 7). 

The two exponents that describe spatial correlations 
(v and 7) also involve a scaling relationship as 
was shown through dynamic scaling arguments by 
Leo Kadanoff and Michael Fisher, among others. 
In the two-dimensional (2-d) Ising model above To, 
for example, spin-spin correlations show short-range 
order, whereas below T,, the system exhibits long- 
range order. As T tends to J, from either side, 
I'(r—r’) becomes long ranged and decays slowly 
as |r —r’| >> 1, with the correlation length diverging. 
This is typical of most critical systems for which 
long-range fluctuations accompany the onset of a 
second-order phase transition. However, in the 2-d XY 
model, the correlation function exhibits an algebraic 
fall-off as P(r) ~r—"), demonstrating lack of long- 
range order in an unusual critical system—the so- 
called Kosterlitz-Thouless transition whose hallmark 
is the formation of vortex-antivortex pairs. Mermin 
and Wagner (1966) proved that any 2-d system with 
short-range interactions whose ordered phase has a 
continuous symmetry does not support long-range 
order. This is because at least one branch of collective 
excitations—called Goldstone bosons—has energy that 
tends to zero continuously as its wave vector (crystal 
momentum) vanishes. 

With the exception of such unusual systems, spa- 
tial scaling applies to criticality, which according to 
Kadanoff is to be understood as coarse graining. This 
means that the essential features of the system remain 
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unchanged as the lattice length scale is increased by a 
factor A such that | «2<« &/a, where & is the correla- 
tion length and a is the lattice spacing (see Figure 1). 
If N is the number of lattice sites and d the 
dimensionality of the system, then m=N/24 is the 
number of blocks obtained in the first rescaling 
process. Simultaneously, the lattice variables (e.g., 
spins) and the interaction parameters are redefined. The 
effective spins now represent each block and interaction 
parameters refer to the interacting blocks. Taking the 
Ising model as an example, the cell Hamiltonian is 


N N 
Het = —J Y~ SS; —h YO Sj. (3) 
(i,j) i 


Then the block Hamiltonian becomes 


m m 
Hptock = —J > SuSp —h S~ Sa, (4) 
(a, B) a 


where the tilde quantities refer to blocks. Crucial 
assumptions are that thermodynamic potentials scale 





TT 
we 
+ 


Figure 1. A schematic illustration of the Kadanoff construction. 
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with block size as 
Fotock (@, ht) = 04 Feen(€, h), (5) 


where h= Mh, €=A%e, and F is a homogeneous 
function. Hence the exponents x and y are calculated 
as y=ded and x =ayd. The Kadanoff construction 
applied to the pair correlation function, 


MG, j,€) = ((Si — (S))(Sj — (S))), (6) 


gives y= v7, and since y =da, and a, = (2—a’)"!, 
we find that: ~=a’ and dv=2—a. Using x =ayd 
with ay = 5/(6 + 1) results in (2— w)v=5. 

Thus, static and dynamic scaling hypotheses reduce 
the number of independent critical exponents to just 
two. The renormalization group (RG) theory was 
developed to calculate the values of these exponents for 
particular models by carrying out the scaling procedure 
up to €, and because & — oo as T —> Ty, scaling should 
continue “ad infinitum” as T approaches T.. 

Denoting the cell Hamiltonian by Ho and the 
Hamiltonian after the nth step of rescaling as H,, the 
chain of scaling transformations R is 


R(Ho) = Hi, RCM) = Ap, ..., RCAn) 


= Ay41,..., R(A*) = H%, (7) 
where H* denotes a fixed point Hamiltonian character- 
istic of the critical state. Each step in the RG transfor- 
mation chain reduces the number of degrees of freedom 
by a4. In statistical mechanics, we need to ensure that 
the partition function retains the same symmetry and 
ground-state, and hence we must re-scale the coupling 
constant at each step, for example, K = J/kT in the 
Ising model. We then develop a recursion relation to 
compute the partition function. 








Model a B v é n 
Classical (MFT) 0 disc.) , — 3 — 
Spherical: d = 3 7 1 5 0 
Spherical: ¢ > 0 —e/(2— 8) : 2/(2— 8) 1/(2-e«) 1+4/(2-.) 0 
Ising: d = 2 (exact) 0 (log) 3 1 15 4 
Ising: d = 3 0.12 0.33 1.25 0.64 48 0.04 
Heisenberg: d = 3 -0.12 0.36 ~1.39 0.71 48 0.04 
S4-model: d > 4 el2 h-e/4 . 3t.e 0 
S4-model: d = 4 0 ; . 3 0 
S4-model: d < 4 e/6 4-£/6 1+ 6/6 5 te/12 3+e 0 
S4-model: d = 3 0.17 0.33 1.17 0.58 4 0 
XY-model: d = 3 0.01 0.34 1.30 0.66 48 0.04 


Table 1. © Summary of critical exponents for key models. Note that ¢ = (4 — d). 
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An iterative solution of this recursion relation for 
the partition function yields “roots” or fixed points that 
correspond to resultant critical behaviors in the model. 
The partition function is preserved in the RG procedure 
via the condition 


Zn (An) = 2Zm(An+1), (8) 


where m= N/A4, 

It is conjectured that the values of critical exponents 
are characteristics not of individual Hamiltonians but 
their sets, with numerous models leading to the same 
fixed point. The universality hypothesis states that any 
two physical systems with the same dimensionality, d, 
and the same number of order parameter components, 
n, belong to the same universality class, and each fixed 
point corresponds to one universality class. Table 1 is a 
summary of the critical exponent values obtained from 
RG calculations for key theoretical models. 

RG ideas extend into many areas of physics, 
chemistry, biology, and engineering. Based on the work 
of Kadanoff, Kenneth Wilson proposed an algorithmic 
approach to the scaling problem by formulating it in 
reciprocal space. Although less intuitive than the real- 
space RG of Kadanoff, it leads to exact results for 
the removal of divergencies in theories of elementary 
particles. For this work, Wilson was awarded the 1982 


Nobel Prize in Physics. 
Jack A. TUSZYNSKI 
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RHEOLOGY 


Rheology is the study of the deformation and flow of 
materials in general, although most real applications 
relate to liquids (Barnes, 2000). Deformation and flow 
processes are linear with respect to extent and rate of 
deformation only in a limited number of circumstances, 
and most of the liquids usually considered in practical 
theology show strong nonlinear effects in typical 
deformation and flow situations. 


Newtonian Liquids 


The simplest flow behavior is that of Newtonian liquids 
where the viscosity, v, is a function only of temperature 
and pressure, and not of the flow conditions (although 
the dependencies of viscosity on the pressure and 
temperature are themselves very nonlinear). In simple 
shear flow (Barnes, 2000), the behavior at any point can 
be adequately described by the linear equation o = vy, 
where o is the shear stress and y is the shear rate, 
or velocity gradient. However, nonlinearities soon set 
in for the flow of low-viscosity liquids such as water, 
even at low flow rates. First, smooth, streamline flow 
is augmented by secondary flows, but these eventually 
give way to chaotic turbulent flow at higher flow rates. 
The governing factor for the onset of secondary and 
turbulent flows is the effect of fluid inertia, arising 
from the fluid’s density. The ratio of inertial to viscous 
forces is the Reynolds number, Re, and this parameter 
is important for all fluid flows, whether they are 
Newtonian or otherwise. 

Secondary flows often appear in simple flow 
geometries such as viscometers and are manifested as 
an apparent increase in viscosity, due to the extra energy 
dissipated in the secondary flows cells (Barnes, 2000) 
(see Figure 1). 

The resulting increased couple in the inertial case, 
T;, for a cone-and-plate instrument, compared with that 
for no inertia T, is given for Newtonian liquids by 


T; 6 (pwb?a 2 
x14 : d) 
T 104 v 





where p is the density of the liquid of viscosity v 
and a is the cone radius whose angle in radians is 0. 
From this equation it is easy to see that the correction 





Figure 1. Inertial secondary flow patterns in concentric-cylinder 
and cone-and-plate geometries. 


RHEOLOGY 






=< 
limit of [7 

Newtonian —}, 

behaviour ”* 


=: Molecular 
~ — 
20«— weight in 


10 oe 


i 


Viscosity 





— ~ 
c= 


ey 107! 
—— 


Viscosity 








10! 3 103 
10 10-! 10° 10! 102 103 10-3 -10-! 10! 103-105 
a Shear rate b Shear rate 


Figure 2. Viscosity (in pascal-seconds) vs. shear rate (1/sec- 
onds) for (a) a range of silicone oils, and (b) 3% by weight 
polystyrene in toluene. 





becomes important when pwe?a? /v—which is a form 
of Reynolds number—exceeds 10. 

Turbulent flow ensues in pipe flow when the 
Reynolds number given by pdV/v (where V is 
the average velocity in a pipe of diameter d) is well 
above 2000, and then the pressure drop is no longer 
a linear function of the flow rate but approaches a 
quadratic dependence. 


Non-Newtonian Liquids 


The independence of viscosity to flow conditions 
is no longer valid for non-Newtonian liquids, but 
because their microstructure changes with the flow 
environment, the shear stress shows a nonlinear 
dependence on the shear rate. The dependence of 
viscosity on shear rate is such that the typical behavior 
is a decrease of viscosity with increase in shear rate 
from a value vg at low shear rates, to a much lower 
value Voo at much higher shear rates. This can often be 
described by the nonlinear Cross-type function 

V = V9 1 

Vo—Voo 1+ (Ky) 
where (written in this particular way) K has the 
dimensions of time and m is dimensionless. When this 
model is used to describe non-Newtonian liquids, the 
degree to which the viscosity decreases with shear rate 
is dictated by the value of m, with m tending to zero 
describing more Newtonian liquids, while the most 
“shear-thinning” liquids have values of m tending to 
unity. Figure 2 shows the departure from linearity for a 
number of non-Newtonian liquids. 


; (2) 


Viscoelasticity 


As well as the nonlinear behavior of viscosity, non- 
Newtonian liquids also display extra forces. These arise 
either as time or frequency effects in the linear region 
of behavior and are manifested, for instance, as an 
elastic component called the storage modulus G’ in 
oscillatory flow as well as the viscous behavior as 
G”. In the simplest form of viscoelastic liquid, the 
parameters G’ and G” are related by a relaxation time, 
A, of the liquid. These parameters are only constant 
over a limited region, but for deformations greater than 
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Figure 3. Storage modulus (G’) and viscous behavior (G”) (in 
Pa) vs. Oscillatory frequency (1/s) for (a) low molecular weight 
polyethylene melt at 150°C, and (b) commercial ketchup. 
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Figure 4. The shear stress (Pa) and first normal-stress difference 
(1st NSD) Nj (Pa) as a function of shear rate (1/s) for a 0.5% 
hydroxyethyl cellulose aqueous solution. 


a few percent for most non-Newtonian liquids, we enter 
the nonlinear region. The behavior of these G’ and G” 
with frequency is shown in Figure 3, along with typical 
departure from linearity. 

For steady flows of viscoelastic liquids, the extra 
forces that become important are the so-called normal 
stresses. These arise essentially because the microstruc- 
ture has a preferred configuration, which can become 
aligned by the flow. These normal forces manifest them- 
selves in the linear region of slow flow as forces pro- 
portional to the square of the shear rate, but they also 
soon show nonlinear behavior in the region where the 
viscosity also becomes nonlinear. Figure 4 shows the 
typical behavior of both the shear stress and the first 
normal stress difference for a viscoelastic liquid. 


Rheology of Polymeric Liquids 


The microstructure that dictates the behavior of 
polymeric liquids is usually the state of entanglement 
of the polymeric chains. The chains are in incessant 
motion due to Brownian thermal energy, and their 
motions among each other give rise to viscous 
and elastic effects. However, as the shear rate 
increases, there is a gradual loss of entanglements 
and development of alignment, so that at high enough 
shear rates, linear polymer coils are transformed into 
aligned strings. The consequences of this change in 
microstructure are some very startling viscoelastic 
effects (Barnes, 2000). 
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Rheology of Suspensions 


Suspension rheology depends on the relative disposi- 
tion of particles relative to one another. Sometimes the 
particles are flocculated, and these flocs break down 
in size as the shear rate increases. This nonlinear phe- 
nomena can give rise to apparent yield stresses, where 
the viscosity is very high at low shear rates, but drops 
dramatically over a narrow range of stress. 


Theoretical Rheology 


The aim of mathematicians working in this area is 
to capture these complicated, and usually nonlinear, 
physical phenomena in constitutive equations (CEs). 
At their best, these describe nonlinear behaviour in 
viscosity—as above with the Cross-type equations— 
but also in the viscoelastic areas. CEs are written in 
the form of either differential or integral equations 
(see Barnes et al., 1989). A typical example of a 
nonlinear differential-type equation is the White— 
Metzner equation, where the rate-dependent viscosity 
vs (J Ip) and the relaxation time (J Ip); J are written as 





vO 
(Lip) = ——— __ 
aaa Bay cir 
and 
Ao 
Mb) = TT (3) 


where K, and K> are parameters with the dimensions 
of time, 7 is anumerical constant, and J /p is the second 
invariant of the deformation tensor (Barnes & Roberts, 
1992). Barnes & Roberts (1992) have shown that this 
type of equation can describe many nonlinear rheolog- 
ical situations. 

Howarp A. BARNES 


See also Cluster coagulation; Fluid dynamics; 
Granular materials; Liquid crystals; Polymers 
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RICCATI EQUATIONS 


Count Jacopo Francesco Riccati (1676-1754) was an 
Italian nobleman who spent most of his life in the 
little town of Castelfranco, Veneto. Born in Venice and 
schooled at a Jesuit college in Brescia, he proceeded to 
the University of Padua where he read law. However, 
following his natural inclination and talent, he also took 
mathematical courses at Padua, and befriended Father 
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Stefano degli Angeli, an astronomy lecturer. Angeli 
introduced him to Newton’s Principia, which they read 
and studied together. 

Dedicated to intellectual inquiry of every sort, Ric- 
cati is mostly remembered for his significant results in 
mathematics, particularly separation of variables and 
other solution methods for ordinary differential equa- 
tions. He wrote extensively on such diverse areas as 
physics, architecture, and philosophy. Preferring to re- 
main in Castelfranco, where he served as mayor for sev- 
eral years, he turned down numerous academic offers, 
including an invitation from Peter the Great to become 
President of the St. Petersburg Academy of Science. 

Throughout his life he maintained an active 
correspondence with Italian scholars such as Agnesi 
and Rizzetti, as well as with European mathematicians 
such as the Bernoullis. In a letter of 1720 addressed to 
Rizzetti, he introduced two new differential equations, 
which in modern notation would be written 

a ey =ay?+pxtyx, () 

dx x 


where a,b,m and a,f,y are constants. His first 
published results on such equations appeared four years 
later (Riccati, 1724), and this paper is reproduced in 
Bittanti (1989) along with later related work of Euler 
and Liouville. Michieli’s biographical work (Michieli, 
1943) includes a detailed bibliography of Riccati’s 
publications, letters, and manuscripts. 

The scalar first order differential equation that today 
bears Riccati’s name takes the general form 


dy 

dx 
where A £0, B, C are arbitrary functions of x. Thus, 
Equations (1) correspond to special cases of the Riccati 
equation (2) with constant A, zero B, and particular 
choices of C. There are two main solution methods 
(Ince, 1926). First, supposing that a particular solution 
y, is known, the general solution of (2) is found by the 
substitution 





= ay” + bx’, 


= A(x)y* + B(x)y + C(x), (2) 





1 
y=yit-, (3) 
u 


which yields the linear equation 


di 
“+ (Qy1A+Bu+A=0 
dx 
for u. Hence u is found by quadratures, and then y is 
obtained (3) in terms of y; and u. The second method 
involves the substitution 


1d 
=-—--—— |] : 4 
y Aaz o8¥ (4) 
which transforms the Riccati equation to a homoge- 
neous second-order linear equation for yy, namely, 
ey dy 
dx? | F@) dx 








+ g(x)w =0 (5) 
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with 
d 
f=-B-——logA, g=ACc. 
dx 


The scalar- second order Equation (5) can be 
converted to a 2 x 2 matrix linear system of the form 


df(w\)_( Mu Me v1 6) 
dx \ v2 M21 M22 vw )° 
Riccati himself considered such a system as describing 


the trajectory of a point (W1, 2) in the plane. 
Requesting the equation satisfied by the slope 


— 2 
ve 


he found the answer was precisely (2) with 


y (7) 


A=-My, B=Mx2—Miy, C=M),. 
The left action of the matrix group SL(2) on the linear 
system (6) induces a corresponding action via Mébius 
transformations on the projective coordinate y. This 
generalizes to Nth-order projective Riccati systems 
with nonlinear superposition principles (Anderson, 
1980; Shnider & Winternitz, 1984). The latter are 
solved in terms of (N + 1)th-order linear systems, with 
a projective action of SL(N + 1). 

Due to this link with linear systems, (coupled) 
Riccati equations naturally appear in the theory of 
soliton-bearing integrable partial differential equations 
(Fordy, 1990). Within the framework of the inverse 
scattering method, nonlinear soliton equations (in 1 + 1 
dimensions) arise as the compatibility condition for a 
pair of matrix linear systems, 


Ww =U, Y=VW. (8) 


Without loss of generality the matrices U,V are 
taken as s/(N + 1) valued functions of the dependent 
variables and their derivatives as well as a spectral 
parameter, A, say, and subscripts denote partial 
derivatives. 

In the simplest case, N = 1, we consider the standard 
example of the Korteweg—de Vries (KdV) equation, 
with the first matrix in (8) given by 


0 1 
BA ae 


and the spatial (x) part of pair (8) is just a2 x 2 system 
(6). The corresponding scalar equation (5) reduces to 
the Schrédinger equation with potential wu and spectral 
parameter A; that is, 


Wax tuyp = day, 


and in terms of the projective variable y this yields the 
Riccati equation 


yy =ny anu. (9) 
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In the special case of zero eigenvalue (A = 0), with y =v 
formula (9) becomes the Miura map 


u=—v,—v" 

relating a solution u of the KdV equation to a solution 
v of the modified KdV equation. Riccati equations are 
further distinguished in the theory of integrable systems 
by the fact that (for analytic A, B, C) they are the only 
first- order equations with the Painlevé property (Ince, 
1926). 

The fundamental problem of the calculus of 
variations (Gel’fand & Fomin, 1963) is to extremize 
a functional 


XI dq 
Ss =. L(x,q,g)dx, gq=zZ—., 10 
Iq] a (,9,9) de (10) 
subject to g(xo) = go, g(x1) = q1. Under an arbitrary 
small change h(x) in g(x), 

q>qth, 


with h(xo) =0=h(x1), for a scalar function g the 
requirement 5S[h]=0 leads to the Euler-Lagrange 
equation 
d dL 6d aL 
Lg L — 
dx dq 








dx 4 34 


If we further require to minimize the functional S, then 
anecessary condition is that the second variation should 
be nonnegative, that is, 


2 Lif j,2 i, 2 
5°Sthl=5 (Lggh?+2Lgghh+Lggh") dx>0. 
x0 


After an integration by parts, this takes the form 


8° S[h] = [ei + Qh?) dx, (11) 
x0 


1 1 d 
P= shag or, Laq — Gg baa : 


Since fA vanishes at the endpoints, there is the 
freedom to add any function of the form 


d 2 
—(wh 
an! ) 
to the integrand in (11). If w is chosen to satisfy the 
Riccati equation 
dw w? 
=O, 12 
oo pe (12) 
then the integrand for the second variation can be 
written in terms of a perfect square, 


a - al . wh? 
5° S[h] = P({h+—J] dx. 
x0 P 
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Thus, to ensure nonnegativity of 52S, we arrive at 
Legendre’s necessary condition 
P(x) 20, x € [xo, x1], 

for a minimum of the functional S[q]. However, some 
care is needed to make this argument rigorous, since 
the Riccati equation (12) may not have a solution on 
the whole interval [xo, x1]. 

In the case where q has n components, g= 
(q), QV. ...,q"), the analogue of (12) is the matrix 
Riccati equation 


W=we'w-a, 


where W, P, Q are symmetric matrices. Matrix Riccati 
equations are treated extensively in Reid (1972), 
and together with their discrete versions they find 
important applications in optimal filtering and control 
(Bittanti et al., 1991; Zelikin, 2000). 

An n-component example is provided by the 
geodesics on a (pseudo-)Riemannian n-manifold with 
metric gj, (Hughston & Tod, 1990), derived from the 
action 


Tt ‘ 

Siql= / gin(Qg'g' de 
T 

with affine parameter t along the geodesics. The 

Euler-Lagrange equations for the geodesics, giving the 

trajectories of free particle motion, are 


es a 
dr? Madr dr 
where ine are the Christoffel symbols. In the case of 
a Riemannian manifold, the metric tensor is positive 
definite and the Legendre condition is satisfied. The 
geodesics are the paths of minimum length. 

ANDREW HoNE 


See also Euler-Lagrange equations; Extremum 
principles; General relativity; Integrability; Inverse 
scattering method or transform; Korteweg-de Vries 
equation; Painlevé analysis 
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RIEMANN INVARIANTS 


See Characteristics 


RIEMANN SURFACES 


See Periodic spectral theory 


RIEMANN WAVE 


See Shock waves 











RIEMANN ZETA FUNCTION 


See Random matrix theory I: Origins and physical 
applications 


RIEMANN-HILBERT PROBLEM 

We begin by defining what is meant by a Riemann— 
Hilbert problem (RHP). Let © be an oriented contour 
in C. 

By convention, if we move along the contour in the 
direction of the orientation, we say that the (+ /—) 
side lies to the (left/right), as indicated in Figure 1. 
A map v from © to the space of the invertible k x k 
matrices with complex entries is called a jump matrix 
for D if v and v—! are bounded on &. We say that a 








Figure 1. The contour D. 
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“And God made the firmament, and divided the waters which were under the firmament, 
from the waters whch were above the firmament and if was so.” - Genesis i: 


“Hast thou with him spread out the sky, which is strong, and as a molten looking glass?” 
- Job 37:18 


“And the stars of heaven fell unto the earth, even as a fig tree casteth her untimely figs, 
when she is shaken of a mighty wind.” - Revelation 6:13 


“He set the earth on its foundations, so that it should never be moved." - Psalms 104:5 
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j < k matrix-valued function m = m(z) is a solution of 
the RHP (2, v) if 


e misanalytic inC\ &, 
e m4(z)=m_(z)v(z) for zExX, where m4(z)= 
lim FRET: m(z’). 
z'e(+)-side of 
If in addition j =k and 


e m(z) > I as z— Zo for some zp € CU {ov}, we say 
that the RHP is normalized at zo. 


A discussion of technical restrictions on %, and the 
precise sense in which the boundary values, as well as 
the limit at zg in the normalized case, are attained, can 
be found in many texts (see, e.g., Clancey & Gohberg 
(1981) and the references therein). Many problems 
in pure and applied mathematics, and also theoretical 
physics, can be expressed in terms of an RHP. 
Riemann-Hilbert problems are closely related to the 
Wiener—Hopf method. We refer the reader to Clancey 
& Gohberg (1981) for a history of RHPs and also to the 
classic text by Muskhelishvili (1946). The goal of this 
article is to describe some recent developments. 


Remark. Included in David Hilbert’s famous list of 
23 problems, was the following: 


Show that there always exists a linear differential 
equation of the Fuchsian class with given singularities 
and a given monodromy group. 


A Fuchsian system is an nth-order, linear system of 
the form 


dm/dz = A(z)m, 


where A is an nxn matrix with entries that are 
analytic except at a finite number of simple poles. 
Roughly speaking, the monodromy group is the group 
of transformations of solutions to the above Fuch- 
sian system under analytic continuation about these 
poles. 

The above monodromy problem turns out to be a 
special case of a Riemann—Hilbert problem with jump 
matrices that are (essentially) piece-wise constant. In 
the mathematical literature, the monodromy problem 
is sometimes identified with the Riemann—Hilbert 
problem, but this is incorrect. The work of Bernhard 
Riemann, and later of David Hilbert, on such problems, 
predates Hilbert’s monodromy problem and has very 
different origins. 

Our point of departure here is the observation of 
Alexey Shabat in 1976 that the inverse scattering 
method for the Schrédinger operator can be rephrased 
as a RHP (see Faddeev & Takhtajan, 1987). By way of 
illustration, we apply Shabat’s observation to a simpler 
case, the self-adjoint ZS-AKNS scattering problem 
(Zakharov & Shabat, 1971; Ablowitz et al., 1974) 


dy 0 q(x) 
ae (ico + ( G(x) 0 )) Ww, (1) 
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1/2 0 
0 1/2 
tion on R, which decays sufficiently fast as |x| > oo. 
For fixed z € C \ R, one seeks so-called Beals— 
Coifman solutions y=w(x,z;q) of (1) with the 
properties 


where o = and q(x) is a given func- 


peo > Iasx > -o, (2) 
we 2° is bounded as x > +00. (3) 


It turns out, conversely, that for fixed x¢€ R, 
m(z)=m(x, z; gq) = W(x, zi; qg)e **" solves the RHP 
(Z=R, v,) normalized at zo = oo, where 


2 ixz 
Ux (Z) = ( bee ae ). zeR (4) 


Fer I 
and r(z)=r(z;q) is the reflection coefficient for q. 
Define the reflection map R via R(q) =r. Given q, 
the direct scattering problem is given by 


qema,zgrPeuhr=R(q). 


On the other hand, for a given r and a fixed x ER, 
let m=m(x, z; r) be the solution of the RHP (R, v,) 
normalized at oo. Expand m(z) as z—> 00, 


mz) = T+ mi(xir)/z+ O(@), (5) 
and define 


(Q(r))@) = —i0m1 (x3 r))12. (6) 


Given r, the inverse scattering problem is given by 
rRyP mx, are mi (xr) Q(r). 


The basic analytical result in the subject is that R is 
bijective from a suitable space of qg’s onto a suitable 
space of r’s (Beals & Coifman , 1984; Zhou, 1998) and 
that Q is the inverse of R. 

In terms of the classical method of scattering 
and inverse scattering (Zakharov & Shabat, 1971; 
Ablowitz et al., 1974), r=r(z;q) is the standard 
reflection coefficient. Moreover, if m solves the RHP 
(X, v,), then the Fourier transform of the first row 

1 reixe 
0 1 
Faddeev—Marchenko equation. 

In the case of the non-self-adjoint ZS-AKNS scat- 
tering problem, the Beals—Coifman solutions w(z) 
may have singularities at points {z;} CC \ R, which 
correspond to eigenvalues with square integrable 
eigenfunctions. In addition, there may be singu- 
larities for W+(z) on the contour X=R. One 
now associates an RHP to the scattering prob- 
lem by augmenting the contour &— Zaug so as 
to enclose these singularities: information about 
the singularities is then contained in the aug- 
mented jump matrix vaug defined on Yaug \ U (see 
Zhou, 1989). The above ideas apply to very gen- 
eral first-order systems of size Nx WN and also 


of m_ — I gives the solution of the 
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to differential operators of order M. The under- 
lying contour © is now more complicated and 
may have points of self-intersection, which leads 
in turn to significant new technical complications. 
Also, the singularities of y in C\ need not 
correspond to eigenvalues with square integrable 
eigenfunctions. 

We now consider the relation of RHPs to the 
theory of integrable systems. Again by the way of 
illustration, we consider the normalized RHP (R, v,) 
associated with the self-adjoint ZS-AKNS system. 
If g(t)=q(x,t) solves the defocusing nonlinear 
Schrédinger (NLS) equation 


ig: + dex — 2Iq\"q = 0, 





q(x,t =0) =qo(x) > Oas|x|> 00, (7) 
then by Zakharov & Shabat (1971) 
r(t.z) = re, zeR. (8) 


This leads to the following solution procedure for NLS. 
Let m(x, 2; r(Q)e#O) = 1+ mi (x; (Qe )z! 
+ O(z-?) be the solution of the normalized RHP 
(R, ve), where 

1-Ir@P rel 


va(z) = ( —re—? 1 
Then 


ie 6 =xz—12’. (9) 


g(x, t) = —i(mi (x; re") 12. (10) 


Anextraordinarily broad spectrum of problems, both 
dynamical and nondynamical, can be solved via a 
RHP as in (10) above. The list includes, in particular, 
the Painlevé equations (see Flaschka & Newell, 1980; 
Jimbo et al., 1981) where the underlying contour may 
be a union of intersecting lines, and also the orthogonal 
polynomial problem as formulated by Fokas, Its, 
and Kitaev, and the theory of Hankel and Toeplitz 
determinants (see e.g., Deift, 1999). In practice, RHPs 
often arise via associated integrable operators (Its 
et al., 1990; see also Deift, 1999). Let © be an oriented 
contour in C. We say that an operator K acting in 
L?(X), 1 < p<on, is integrable if it has a kernel of 
the form 


k 
K@zy=(e—2) 1 >) fi@gi). 2 €%. 
j=l 





1 — OV FL rdZ0 = [rp te® 
—F82*(1- |r? yrte@ 1 0 1 


) 
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Special examples of integrable operators began to 
appear in field theory and in statistical mechanics in 
the late 1960s and 1970s, particularly in the work of 
Wu, McCoy, Tracy, and Baruch, and later Sato, Miwa, 
and Jimbo, but integrable operators as a distinguished 
class were first identified by Its et al. (1990) and later 
Sato-Miwa-Jimbo. Some general results on integrable 
operators were obtained by Lev A. Sakhnovich in the 
late 1960s, but the full theory of integrable operators is 
due to Its et al. (1990). 

Integrable operators have many remarkable prop- 
erties, the most important being that if (1— K)~! = 
I+ R, then R is also an integrable operator, R(z, z’) = 
z—z')7} ee F(z)Gj(z’), and F;, Gj can be con- 
structed by solving an RHP (2, veg) naturally 
associated with jj, gj. It turns out that many quan- 
tities H of physical interest can be expressed in the 
form H = det(1— K), where K is an integrable op- 
erator. For example, let K, be the operator acting on 


17(0, 1) with kernel “822, z, 2’¢ (0,1). Then 
HA, = det(1 — K,) is the probability that in the bulk 
scaling limit, a Hermitian matrix chosen from the Gaus- 
sian Unitary Ensemble has no eigenvalues in [0, x]. Dif- 
ierenuialine with respect to x, one derives an expres- 
sion for 4; log Hy in terms of Ry =(1— K,)~!=-1, 
and hence we see that the analysis of H, reduces to 
the analysis of an RHP. Similar examples arise in many 
different scientific areas, including statistical mechan- 
ics, percolation theory, combinatorics, representation 
theory of large groups, and approximation theory. Rel- 
atively recent bibliographies can be found in Deift 
et al. (1993, 1999). 

Returning to the NLS equation, one expects 
from (9) and (10) that the leading order contri- 
bution to the solution g(x,t) as t—oo should 
arise from the stationary phase point zo=x/2t, 
0’(zo) =0, as in the classical steepest-descent method 
for the asymptotic evaluation of (scalar) integrals. 
In Deift & Zhou (1993), the authors introduce 
a general noncommutative steepest-descent method 
to analyze such microlocal problems in the con- 
text of RHPs. In the case of NLS, the method 
proceeds as follows (Deift, Its & Zhou, 1997; 


Deift & Zhou, 1994). Let 6 solve the scalar 
RHP ((—«o, zo), 1— Ir|?) normalized at oo and 
set m=md~%, 03 = ; 2 . Then m solves 


the normalized RHP (IR, vg), where tg is as in 


Figure 2. 
1 rdteit 1 0 
ool —fe-7e-" 1 





Figure 2. The jump matrix vg. 
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Assuming (as we may, after suitable approximation) 
that the entries of vg have analytic extensions, define mé 
as in Figure 3. Note that, with this definition, md solves 


the normalized RHP (x4 ,u vf), where vd is shown in 


Figure 4. 
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Figure 3. The solution m4. 
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Figure 4. The jump matrix ud. 


Observe that the definition of 5 and the choice of the 
lower/upper and upper/lower factorizations of vg, were 
made precisely to take advantage of the signature table 
of Re,id = —tRei(z— z0)2 in Figure 5. 

Ast—> oo, uf — I uniformly on xd \{lz—zol = e} 
for any ¢ > 0, and the RHP localizes at zo to an RHP 
that can be solved explicitly. We obtain as t > 00 


1/2 i[x? /(4t)—v(Zo) log 21] 


q(x,t) = 1 atzoje 


+O(logt/t), (1) 
where 


1 
vz) = — 5 log(l — Ir(z)?), ler(z)? = v(z)/2 (12) 


and 


1 z 
arga(z) = ~| log(z — s)d log(1 Ir(s)I7) t 





+ arg P(iv(z)) + argr(z). (13) 


The above asymptotic form was first obtained by 
Zakharov and Manakov but without the error estimate. 
The RHP/steepest-descent method, suitably extended, 
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Reif > 6 Reié@ <0 





Rei? < 0 Rei# > 0 


Figure 5. Signature of Re, id. 


has also been used by Deift and Zhou to obtain precise 
long-time asymptotics of solutions of perturbed NLS 
equations. 

In the above problem, the leading order asymptotic 
contribution arises from the stationary phase point, 
as in the classical method of stationary phase for 
scalar integrals. In many problems, in fact in most 
problems, the leading order contribution no longer 
arises from one (or more) critical points, but is given 
instead by a “critical contour.” Such a contour arises, 
for example, in the asymptotic analysis as x — oo of 
the Painlevé equation by Deift and Zhou, and also in 
the analysis of the collisionless shock region by Deift, 
Venakides and Zhou. In Deift, Venakides and Zhou 
(1997), in the context of the zero-dispersion limit of the 
Kortweg—de Vries (KdV) equation, the method in Deift 
& Zhou (1993) was extended significantly to include 
a prescription for the determination of the critical 
contour, making it possible in turn to describe the 
asymptotic development of fully nonlinear oscillations. 
This extension of Deift & Zhou (1993) made it 
possible to obtain Plancherel—Rotach-type asymptotics 
for a general class of orthogonal polynomials, leading 
in turn to a solution of the so-called universality 
conjecture for unitary ensembles (see Deift et al., 
1999, and Random Matrix Theory IV: Analytic 
methods; see also the work of Pastur and Scherbina 
for a different approach, and also the work of Bleher 
and Its for an approach related to Deift et al. (1999), 
in the special case of a quartic potential). Many 
other long-standing problems in mathematics and in 
physics have been solved since the 1990s using RHP 
techniques and the (extended) steepest-descent method. 
For example, in combinatorics, Ulam’s problem for 
increasing subsequences in random permutations was 
solved completely by Baik, Deift, and Johansson in 
terms of the Tracy-Widom distribution of random 
matrix theory, giving rise in turn to an explosive 
growth in applications linking combinatorics, statistical 
models, and random matrix theory. Many people are 
contributing to these developments, but there is as 
yet no adequate review. Fortunately, a comprehensive 
review, by T. Kriecherbauer, is due to appear in 
Nonlinearity in early 2005. Further extensions of the 
RHP/steepest-descent method have been given recently 
in the work of Kamvissis, McLaughlin and Miller on 
the semiclassical limit for the defocusing nonlinear 
Schrodinger equation. 
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Finally, we return to the classical Faddeev— 
Marchenko approach to inverse scattering theory 
mentioned earlier and make some comparisons with 
the RHP method. First, as noted above, the Faddeev— 
Marchenko equation arises by taking a Fourier 
transform of objects arising in the RHP theory. This 
means, in particular, that the classical method only 
applies in cases where the underlying contour is a 
group such as a line or a circle; problems such as 
Painlevé II, for example, cannot be handled in general 
by the classical method. Second, even in cases where 
the underlying contour is a group, such as NLS or KdV, 
the leading order contribution to the solution as t > oo 
arises from the stationary phase points. Taking a Fourier 
transform “smears out” this feature and the microlocal 
nature of the problem is obscured. 

Beals & Coifman(1984) were the first to use RHPs 
for the rigorous analysis of scattering and inverse 
scattering theory. 

Percy DEIFT AND XIN ZHOU 


See also Gel’fand-Levitan theory; Inverse scatter- 
ing method or transform; Nonlinear Schrédinger 
equations; Random matrix theory IV: Analytic 
methods 
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RING SOLITONS 
See Solitons, types of 


ROBUSTNESS 
See Stability 


ROSSBY WAVES 


See Atmospheric and ocean sciences 


ROSSLER SYSTEMS 


Réssler systems were introduced in the 1970s as 
prototype equations with the minimum ingredients for 
continuous-time chaos. 

Since the Poincaré—Bendixson theorem precludes 
the existence of other than steady, periodic, or quasi- 
periodic attractors in autonomous systems defined in 
one- or two-dimensional manifolds such as the line, 
the circle, the plane, the sphere, or the torus (Hartman, 
1964), the minimum dimension for chaos is three. 
On this basis, Otto Réssler came up with a series of 
prototype systems of ordinary differential equations 
in three-dimensional phase spaces (Rossler, 1976a,c, 
1977a, 1979a). He also proposed four-dimensional 
systems for hyperchaos, that is, chaos with more than 
one positive Lyapunov exponent (Rossler, 1979a,b). 


ROSSLER SYSTEMS 


=< 
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Figure 1. Illustration of the reinjection principle between the 
two branches of a Z-shaped slow manifold allowing (a) periodic 
relaxation oscillations in dimension two and (b) higher types of 
relaxation behavior in dimension three. 





Rossler was inspired by the geometry of flows in 
dimension three and, in particular, by the reinjection 
principle, which is based on the feature of relaxation- 
type systems to often present a Z-shaped slow manifold 
in their phase space. On this manifold, the motion is 
slow until an edge is reached whereupon the trajectory 
jumps to the other branch of the manifold, allowing not 
only for periodic relaxation oscillations in dimension 
two (see Figure la), but also for higher types of 
relaxation behavior (see Figure 1b) as noted by Rossler 
(1979a). In dimension three, the reinjection can induce 
chaotic behavior if the motion is spiraling out on one 
branch of the slow manifold (see Figure 1b). In this way, 
Rossler invented a series of systems, the most famous 
of which is probably (Réssler 1979a): 


dx = 

a 

dy 

a + : 

ai xX ay 

en +4 (1) 
dt = Dx CZ BD i 


This system is minimal for continuous chaos for at 
least three reasons: its phase space has the minimal 
dimension three, its nonlinearity is minimal because 
there is a single quadratic term, and it generates a 
chaotic attractor with a single lobe, in contrast to the 
Lorenz attractor which has two lobes. In Equation (1), 
(x,y,z) are the three variables that evolve in the 
continuous time ft, and (a, b, c) are three parameters. 
The linear terms of the two first equations create 
oscillations in the variables x and y. These oscillations 
can be amplified if a > 0, which results into a spiraling- 
out motion. The motion in x and y is then coupled to the 
z variable ruled by the third equation, which contains 
the nonlinear term and which induces the reinjection 
back to the beginning of the spiraling-out motion. 
System (1) possesses two steady states: one at 
the origin x = y=z=0, around which the motion 
spirals out, and another one at some distance 
from the origin due to the quadratic nonlinearity. 
This system presents stationary, periodic, quasi- 
periodic, and chaotic attractors depending on the 


809 


























Figure 2. Phase portraits of the Réssler system (1) in the phase 
space of the variables (x, y, z): (a) spiral-type chaos for a = 0.32, 
b=0.3, and c = 4.5; (b) screw-type chaos for a = 0.38, b=0.3, 
and c = 4.820, in which case there also exists the Shil’ nikov-type 
homoclinic orbit (c). The ticks are separated by unity. (Adapted 
from Gaspard & Nicolis, 1983.) 


value of the parameters (a, b, c). These attractors are 
interconnected by bifurcations, in particular, a Hopf 
bifurcation from the stationary to periodic attractors 
and a period-doubling cascade from periodic to chaotic 
attractors. The resulting chaotic attractor has a single 
lobe and is referred to as spiral-type chaos, which 
mainly manifests itself in irregular amplitudes for the 
oscillations (see Figure 2a). 

A transition occurs to a screw-type chaos in which 
the oscillations are irregular not only in their amplitudes 
but also in the reinjection times (see Figure 2b). The 
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screw-type chaos is closely related to the presence of 
a Shil’nikov homoclinic orbit (see Figure 2c). This 
homoclinic orbit is attached to the origin x = y=z=0, 
which is a saddle-focus with a one-dimensional stable 
manifold for the reinjection and a two-dimensional 
unstable manifold where the motion is spiraling 
out. The Shil’nikov criterion for chaos is that the 
reinjection is faster than the spiraling-out motion 
(Shil’nikov, 1965), and it is satisfied in the attractor 
of Figure 2b. As a consequence, the homoclinic system 
contains periodic and nonperiodic orbits belonging to 
multiple horseshoes that can be described in terms 
of symbolic dynamics. Away from homoclinicity, 
the system undergoes complex bifurcation cascades 
generating successive periodic and chaotic attractors. 
Chaotic behavior and Shil’nikov homoclinic orbits 
in the Réssler system (1) can also be understood 
as originating from an oscillatory-stationary double 
instability taking place around the origin x = y= z=0 
and the parameter values b = 1, — J2<a=c<+V2. 
In his work on continuous chaos, Réssler was 
motivated by the search for chemical chaos, that 
is, chaotic behavior in far-from-equilibrium chemical 
kinetics (Ruelle, 1973; Réssler, 1976b, 1977b; Rossler 
& Wegmann, 1978). With Willamowski, Rdéssler 
proposed the following chemical reaction scheme: 


A| +X = 2X, 


ko 
X+Y = 2Y, 

ks 
As+Y = Ap, 


X4+Z = As, 





Ag+Z = 2Z, (2) 


which features two autocatalytic steps (reactions | 
and 5) involving the species X and Z coupled 
to another autocatalytic step (reaction 2) involving 
another species Y and two further steps (reactions 
3 and 4) (Willamowski & Rossler, 1980). The 
concentrations of the species Aj,...,As5 are held 
fixed by large chemical reservoirs that maintain 
the system out of thermodynamic equilibrium. The 
time evolution of the concentrations (x, y, z) of the 
three intermediate species X, Y, and Z is ruled by 
a system of three coupled differential equations 
deriving from the mass action law of chemical 
kinetics. These equations have quadratic nonlinear 
terms because of the binary reactive steps and keep 
the concentrations positive as a consequence of mass 
action kinetics. The chemical reaction scheme (2) 
leads to a chaotic attractor very similar to that of the 
abstract system (1) (see Figure 3), and thus provides a 
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Figure 3. Chaotic time evolution of the concentrations of 
the Willamowski-Réssler chemical reaction scheme (2) for 
kya, =30, kK, =0.5, kp =1, K_2 =0, k3a5 =10, k_3=0, 
kag =1,k ~4=0, k5a4 = 16.5, and k _ 5 =0.5: (a) phase portrait 
in the plane of the concentrations of species X and Y; 
(b) concentration of species X versus time f. 








mechanistic understanding of chemical chaos in terms 
of colliding and reacting particles. 

In conclusion, Réssler systems are minimal mod- 
els for continuous-time chaos. The chaotic attractors 
of Rossler systems are prototypes for a large variety 
of chaotic behavior, notably, in chemical chaos (Scott, 
1991). 

P. GASPARD 


See also Attractors; Bifurcations; Brusselator; 
Chaotic dynamics; Chemical kinetics; Hopf bifur- 
cation; Horseshoes and hyperbolicity in dynamical 
systems; Invariant manifolds and sets; Period dou- 
bling; Phase space; Poincaré theorems; Symbolic 
dynamics 
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ROTATING RIGID BODIES 

Rigid body motion about a fixed point is a classical 
mechanics problem associated with the greatest names 
in 18th-century mathematics. The basic equations 
of the motion were derived by Leonhard Euler in 
the 1750s and subsequently solved by him for two 
special cases (Euler and Lagrange tops). Development 
of the analytical theory of differential equations in 
the middle of the 19th century by Augustin Cauchy, 
Georg Riemann, and Karl Weierstrass inspired Sophia 
Kovalevsky (1889) to determine all the cases for which 
the integrals of rigid body dynamics were single- 
valued, meromorphic functions in the entire complex 
plane of the time variable. Pursuing this remarkable 
idea, she obtained a classification of all such (solvable) 
cases and found a new case, the Kovalevsky top, which 
she then integrated in quadratures. Considering time as 
a complex variable and imposing the above conditions 
upon the integrals of the equations of motion outside 
the real axis was a revolutionary approach to treating a 
mechanics problem. It appeared to be a fruitful method 
that led to a unified theory of (algebraically) completely 
integrable systems (Adler & van Moerbeke, 1989), a 
century after it was proposed. 

The dynamics of a rigid body rotating about a fixed 
point can be considered in a fixed (nonmoving) frame 
of axes or in the moving body frame that has its 
origin at the fixed point and whose axes are along 
the principal axes of the ellipsoid of inertia. In 1750, 
Euler obtained the equations of motion in a fixed 
frame, but they appeared not to be very useful. In 
a series of papers during 1758-1765, he introduced 
the body frame, derived corresponding equations of 
motion, and also used Eulerian angles to relate the 
motion of a body frame with respect to a fixed system of 
coordinates. 

Consider first a fixed frame (2’, 7’, k’). A fundamen- 
tal dynamical theorem says that the time derivative of 
the angular momentum J of a body is equal to the mo- 
ment L of the forces acting on it, 


dJ 
= aL. (1) 
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In the body frame, (2, 7, &), the tensor of inertia is 
diagonal, I = diag(A, B,C), and links the vector of 
angular velocity Q=pi+qj+rk to the angular 
momentum J through the linear relation 





J =IQ=Api+ Bgj+Crk. (2) 
The time derivative of vector (2) is 
dJI bd 
cape ae Qx J, (3) 


where tt is the relative time derivative, evaluated 


assuming that the frame (2, 7, k) is stationary. The first 
three Euler equations, therefore, are 

















A dp ” j 
77 (C — B)qr=Mg(yoy — zoy), 
dq ” 
B dt (A— C)rp=Mg(zoy — xoy'), 
dr ; 
Cc °F (B— A)pq=Meg(xoy — yoy), (4) 


where Mg=Mg(yit+y'j+y"k) is the vector of 
the gravitational force and r9 = x9 t+ yoJ + 20k is 
the vector originating in the fixed point and pointing 
at the center of mass of the body. An extra set of three 
equations follows from the fact that the vector Mg is 


stationary in the fixed frame; hence, SMa =—-Q2xMg 
and 
ae =ry'—qy" a = py"-ry 
dt ; dt ; 
dy” ' 
= _ : 5 
a dv PY (5) 


The Eulerian angles, namely, the angle of precession 
0<w <2rn, the angle of nutation 0 < 3 <n, and the 
angle of the self rotation 0 < g < 21, define the body’s 
position by fixing the moving frame with respect to the 
fixed one. We have (see Golubev, 1960) 

y = sing sind, y' = cosy sinv, 
N 


y” =cosv, (6) 


p=wsind sing + cosg, 


r=pcosd +o 
(7) 


cs w sind cosy — } sing, 


and, therefore, 


dy py+qy’' 
ae pee? (8) 





The problem of studying the motion of a rigid body 
about a fixed point is solved by integration of the system 
of differential equations (4), (5), and (8). 
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Conserved Quantities 


It is always useful to know a system’s first integrals, for 
instance for controlling numerical calculations or for 
performing integration in quadratures. There are three 
important physical integrals for an arbitrary top (an 
arbitrary set of the six parameters {A, B, C, xo, yo, Zo} 
in Equations (4)). They are the following. 


(i) Energy integral: E= x (Ap? + Bq? 4 Cr?) 
Mg(xoy + yoy’ + zo"). 
(ii) Length of the unit vector along Mg: Cj =y?+ 
yr ty?eal. 
(iii) Projection of the angular momentum J on this 
vector: C7 = Apy + Bqy’+Cry". 





These three first integrals provide three constants of 
motion (since C;=1, there are, in fact, only two 
arbitrary constants, the third one being the integration 
constant that appears when integrating (8), that is, 
the initial value of yy). In addition, an autonomous 
system always has an extra constant corresponding to 
shifting of the time variable t. A remarkable feature of 
Equations (4) and (5) is that yet another explicit 
integration can be carried out using the method of 
Jacobi’s last multiplier (Golubev, 1960), bringing in 
another explicit constant of integration. Therefore, for 
the case of a complete integration in quadratures of 
the equations of motion only one first integral is 
missing. Subsequent analysis showed that an extra 
algebraic integral exists only in the three special 
cases of Euler, Lagrange, and Kovalevsky tops. These 
integrable tops are given by specializing the parameters 
{A, B, C, xo, yo, Zo}. 


Integrable Tops 


The simpler cases of the Euler and Lagrange tops were 
studied, respectively, by Euler and Louis Poinsot and 
by Joseph-Louis Lagrange and Siméon Poisson, and 
later on by Gustav Jacobi, who expressed the general 
integrals for both systems in terms of elliptic functions 
of time. 


Euler Top 

In the Euler top x9 = yo=zo=0, and the body’s 
center of mass is at the fixed point, so that there is 
no gravitational effect, meaning a free rotation of an 
asymmetric top. The fourth integral of motion in this 
case is the square of the angular momentum J: 


J? = A2p? + Bq? + Cr. (9) 
Poinsot gave a geometric interpretation of the motion 
based on the intersection of two quadratics: (9) and 
the energy integral 2E = Ap* + Bq? + Cr?. The vector 


J is stationary in the fixed frame (2’, 7’, k’) and the 
problem is made simpler if one chooses k’ along J. 


ROTATING RIGID BODIES 
Then 
Cr Ap 
cos ¥} = — and tang = —. (10) 
|J| Bq 


As for time dependence, the variables p, g, and r 
can be expressed in terms of Jacobi’s elliptic functions 
sn, cn, and dn of time and they are periodic, so are 
0% and @ obtained from (10). The dynamics of the 
angle of precession y is determined by integration of 


3 
v=|J| pert ee, >0, derived from (8). It follows 
that after each period, the value of y, in general, 
changes, so that the body never comes back to its initial 
orientation, thereby undergoing quasi-periodic motion. 

Stationary rotations are those when the vector of 
angular velocity @ is constant. They correspond to 
uniform rotations about the principal axes of inertia. 
Rotation around the middle axis is unstable. 

A symmetric (A= B) Euler top performs regular 
precession. The body’s symmetry axis draws a circular 
conic with the axis J and the angle 20 =const. The 
symmetry axis goes around J with a constant angular 
velocity while the body rotates with a constant angular 
velocity around the symmetry axis. 


Lagrange Top 

This describes the dynamics of a symmetric body, 
A= B, with the fixed point at the symmetry axis and 
off the center of mass, that is, x9 = yo = 0, zo # 0. The 
fourth constant of motion is simply r. The integration of 
this top can again be done in terms of elliptic functions, 
leading to a variety of complicated quasi-periodic 
motions including pseudo-regular precession, double- 
asymptotic, and “sleeping” tops. Simpler motions 
correspond to degenerations of elliptic functions into 
elementary functions. 

The motion of the symmetry axis, described by 
the angles % and yw, looks like a perturbation of 
the corresponding uniform rotation of a symmetric 
Euler top in the regular precession. Illustrations of this 
familiar motion are available in many textbooks. Notice 
that now w can change sign, thereby giving three kinds 
of trajectories. 

Denote m=1-—C/A and notice that m=0 for a 
spherically symmetric body (A= B=C). Consider 
the Lagrange top with m0 and the variables 
(p,4.",y,y', vy”) and a fully symmetric Lagrange top 
with m =0 and the variables (p1, 91,11, M1, Yj, 71’). It 
is possible to show that the motions of these two bodies 
coincide when the variables are identified as follows: 


Pitqn=pe+@, tan! 2 = tan! 2+ mrt, 


P\ 
6; 
n= ir, 
- ay 
g1=9-—mMmrt, 


wW=yv. 
See Golubev (1960) for details. 
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Kovalevsky Top 

This is the third general case of complete integrability of 
the Euler equations (4) and (5), which is characterized 
by restricting A= B =2C and yo = zo = 0. Hence, the 
Kovalevsky top is a special symmetric top whose center 
of mass lies in the equatorial plane of the ellipsoid of 
inertia (xo #0). The fourth constant of motion is of 
order 4: 


2 2 
K= (>? ¢ } ex v) } (2pq } Mgxo v') 
(12) 


Kovalevsky found this case (Kovalevsky, 1889) and 
integrated it in terms of hyper-elliptic functions. Later 
on, K6tter (1893) simplified the formulae. 

There is a great difference in complexity between 
this top and the other two. This is why there was such 
a long period between the discovery and integration of 
Euler and Lagrange tops and that of Kovalevsky. The 
Paris Academy of Sciences established a special Borden 
Prize to promote major expansions of the theory. It 
was finally claimed in 1888 by Sophia Kovalevsky 
who made major progress toward solution of the 
problem. Her work required usage of theta-functions 
in two variables and provided an enormous boost to the 
creation of the modern theory of completely integrable 
systems. There is a large body of literature about the 
Kovalevsky top, of which we mention only three items. 
In Adler & van Moerbeke (1988), a detailed study 
of the algebraic geometry of the model is given. In 
Bobenko et al. (1989), the authors find alternative theta- 
function formulae by making use of the corresponding 
Lax matrix and the finite-gap integration technique. In 
Kuznetsov (2002), connections with a representation of 
the quadratic r-matrix algebra and with the method of 
separation of variables are presented. 

All other general tops corresponding to other choices 
of the six parameters (A, B,C, xo, yo, Zo) are not 
integrable, which means that they generally exhibit a 
chaotic dynamics, and it is impossible to find analytic 
solutions valid for arbitrary initial conditions. 

VapIM B. KuzNETSOV 











See also Constants of motion and conservation 
laws; Integrability; Newton’s laws of motion; 
Nonlinear toys 
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ROTATING WAVE APPROXIMATION 


Energy conserving oscillators comprise pairs of 
energetic variables (let us call them P and Q), each 
being the cause of the other. In a mechanical (spring- 
mass) oscillator shown in Figure 1, for example, 
Q would be the displacement of a mass and P 
its momentum (mass times velocity). For a radio 
engineer’s tank oscillator, Q is the voltage across a 
capacitor and P is the current through an inductor. Ina 
laser mode, Q is electric field energy and P is magnetic 
field energy. 

Consider the mechanical oscillator of Figure 1, 
assuming the spring to be linear. From Newton’s second 
law (force equals time derivative of momentum), the 
dynamic equation describing this system is 


d dx 
— | M— )=-Kx, (1) 
dt dt 


where x is the vertical displacement of the mass from 
its resting position and M is the oscillator mass. On 
the right-hand side of this equation is the vertical force 
acting on the mass caused by extension or compression 
of the spring, and on the left-hand side is the time 
derivative of the vertical momentum: p = Mdx/dt. In 
this case, a solution is evidently x =a sin(wot), where 
a is an arbitrary amplitude and w=. /K/M is the 
frequency of oscillation. 

Often the force of a spring is not quite a linear 
function of its extension but slightly sublinear. (This 


nonlinear spring 


x 


Figure 1. A spring-mass oscillator. 
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is the case, for example, in molecular vibrations, where 
the force between a pair of atoms becomes relatively 
weaker as the distance between them is increased 
because the electronic contribution to interatomic 
bonding is lessened.) In such cases, it is convenient to 
introduce anharmonicity into the formulation through 
the rotating wave picture (Louisell, 1960; Scott, 2003). 
In the rotating wave picture of a linear oscillator, the 
momentum (p) and extension (x) are combined as real 
and imaginary parts of a single, complex amplitude 


fa PS nr) Q) 
2Mao 
which obeys the first order equation 
dA a @) 
i— =a 
dr 
with the solution A(t)=A(O)e~*. Under this 
formulation, the total energy of the oscillator is 
1 p 
Ha oniah=3 (24K), (4) 


where the first term is the kinetic energy of the moving 
mass and the second is the potential energy stored in 
the spring. 

If the restoring force of the spring is slightly 
sublinear, its potential energy may depend upon x as 


potential energy = 3Kx? _ gax', (5) 


where w > 0 is an anharmonicity parameter. With a = 0, 


x =i(A— A*)/./2Ma, so 





1 
x4 = [At —4434* + 6A! 
4M? 
—4A(A*)> + (A*)‘]. (6) 


Except for the middle (6|A|*) term, each term 
in Equation (6) varies sinusoidally with time at 
frequencies + 4wo or + 29. Thus, the average of the 
energy over a cycle of oscillation is 














(H) = oolAl? — Fart, 2) 


where y = 30/4? a2. 

Under the rotating wave approximation (RWA), the 
energy H is taken as equal to its time average (H), 
whereupon the complex amplitude A is governed by 
the first order ODE 


oder A—y|APA (8) 
i—_ =a _ S 
dr 0 Y 
In this expression, the symbol “=” indicates that only 
terms of frequency wo are included. In other words, all 
nonresonant terms are neglected in the RWA. 
Since Equation (8) conserves N =|A|?, a general 

solution of this equation is 


A(t) = J Ne il@o-yN)t +4] ‘ (9) 


. 


ROUTES TO CHAOS 


where ¢ is an arbitrary phase angle. Equation (9) 
gives the frequency (w=a@o— yN) of the nonlinear 
oscillation as a function of its amplitude in the RWA. 

Thus, RWA accounts for all components generated 
by a weak nonlinearity that resonate with the fundamen- 
tal oscillator frequency. (As with your radio receiver, 
those components not in resonance are neglected.) Be- 
cause the RWA is motivated by a general oscillator for- 
mulation, it is widely employed as the initial assump- 
tion in a variety of nonlinear analyses (various versions 
of the nonlinear Schrédinger equation, the discrete self- 
trapping equation, molecular vibrations, nonlinear op- 
tics, etc.). Interestingly, odd terms in the potential func- 
tion (x3, x, and so on) do not generate resonant com- 
ponents and are, thus, neglected in the RWA. 

Finally, the RWA is a convenient formulation be- 
cause quantum theories are easy to construct and solve 
for general systems of interacting oscillators, including 
discrete nonlinear Schrodinger equations and the dis- 
crete self-trapping system (Louisell, 1962; Scott et al., 
1994; Scott, 2003). This is so for two reasons. First, un- 
der quantum theory in the RWA, the complex amplitude 
(A) becomes the lowering (annihilation) operator for 
oscillator quanta (bosons), and its complex conjugate 
(A*) becomes the raising (creation) operator. Second, 
the classical fact that N = >> |A|? is conserved implies 
that the corresponding quantum number operator com- 
mutes with the energy operator, allowing eigenfunc- 
tions of the energy operator to be constructed as sums 
of linear oscillator eigenfunctions. 

ALwyn Scorr 


See also Damped-driven anharmonic oscillator; 
Discrete nonlinear Schrédinger equations; Dis- 
crete self-trapping system; Quantum nonlinearity; 
Salerno equation 
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ROTATION-MODIFIED KORTWEG-DE 
VRIES EQUATION 


See Korteweg-de Vries equation 


ROUTES TO CHAOS 


If a nonlinear systems has chaotic dynamics, then 
it is natural to ask how this complexity develops as 








This amazing photo was given to us by a UFO researcher who prefers 
to remain anonymous. According to our informant, this huge piece of 
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ROUTES TO CHAOS 


parameters vary. For example, in the logistic map 
Xnt+1 =1Xn(1 — Xn), q) 


it is easy to show that ifr = a then there is a fixed point 
at x =0 that attracts all solutions with initial values xo 
between 0 and 1, while if r = 4, the system is chaotic. 
How, then, does the transition to chaos occur as the 
parameter r varies? Indeed, is there a clean transition 
to chaos in any well-defined sense? The identification 
and description of routes to chaos has had important 
consequences for the interpretation of experimental 
and numerical observations of nonlinear systems. If an 
experimental system appears chaotic, it can be very 
difficult to determine whether the experimental data 
comes from a truly chaotic system, or if the results of 
the experiment are unreliable because there is too much 
external noise. Chaotic time series analysis provides 
one approach to this problem, but an understanding of 
routes to chaos provides another. In many experiments 
there are parameters (ambient temperature, Raleigh 
number, etc.) that are fixed in any realization of the 
experiment, but which can be changed. If recognizable 
routes to chaos are observed when the experiment is 
repeated at different values of the parameter, then there 
is a sense in which the presence of chaotic motion has 
been explained. 

By the early 1980s, three “scenarios” or “routes 
to chaos” had been identified (e.g., Eckmann, 1981): 
Ruelle—Takens—Newhouse, period doubling, and inter- 
mittency (which has several variants). As we shall see, 
in their standard forms each of these transitions uses the 
term “route to chaos” in a different way, so care needs 
to be taken over the interpretation of experimental or 
numerical observations of these transitions. 


Ruelle-Takens—Newhouse 


In 1971, Ruelle and Takens published a mathematical 
paper with the provocative title “On the Nature 
of Turbulence.” In this paper and a subsequent 
improvement with Newhouse (1978), they discuss the 
Landau scenario for the creation of turbulence by the 
successive addition of new frequencies to the dynamics 
of the fluid. They show that if the attractor of a system 
has three independent frequencies (four in the 1971 
paper), then a small perturbation of this system has 
a hyperbolic strange attractor—a Plykin attractor (a 
solenoid in the 1971 paper). The result became known 
colloquially as “three frequencies implies chaos,” a 
serious misinterpretation of the mathematical result 
that has been the cause of a number of misleading 
statements. First, the result proves the existence of 
chaos in systems arbitrarily close to the three frequency 
system in an infinite dimensional function space but 
gives no indication of the probability of finding 
chaos in any given example. Second, I know of no 
experimental situation where a Plykin attractor has 
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Figure 1. The attractor of the logistic equation as a function of 
the parameter r. 


been shown to exist even when chaotic behavior has 
been observed close to systems with three frequency 
attractors. Numerical experiments suggest that it is 
much more likely that the system evolves by frequency 
locking. 

The Ruelle-Takens-Newhouse route to chaos 
remains somewhat of an enigma, and more work needs 
to be done to understand precisely how and when the 
strange attractors predicted by the theory come into 
being. 


Period Doubling 


Figure 1 shows the attractor of the logistic map (1) as a 
function of the parameter, r, for 3.5 <r <4. Thus, the 
set of points plotted on any vertical line of constant r 
represents the attractor of the map for that value of r, 
and if the set is finite, then the (numerically computed) 
attractor is a periodic orbit that cycles through the finite 
collection of points. Figure 1 suggests that for small r, 
the attractor is always periodic and has period 2”, with 
n increasing as r increases. Beyond some critical value 
r=Pe, with re © 3.569946, the attractor may be more 
complicated. There are clearly intervals of r for which 
the attractor is periodic, and the attractor seems to be 
contained in 2” bands that merge as r increases (the 
final band merging from 2 bands to one band with r 
just below 3.68 is particularly clear). 
As r increases, the periodic orbit of period 2” 
is created from the orbit of period 2”~! by a 
period-doubling bifurcation. If this bifurcation occurs 
with r=r,, then r, > re geometrically as n> ov, 
with 
ie 
FS ‘ntl ars Th 


= $ ~ 4.66920, (2) 
ie, m~re—Kd". 


The really surprising feature of this period-doubling 
cascade, as shown in Feigenbaum (1978), is that 
the cascade can be observed in many maps and the 
accumulation rate 6 of the period-doubling cascade (2) 
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Figure 2. (a) The quadratic map f(x) =1=—mx2 re- 


stricted to the interval [—1,1] and the second iterate, 
S(f(x)) for m=1.40115 which is just below the criti- 
cal value mc. (b) The original map, f, and the rescaled 
map, F(x) =7 f(x) =—a—!f(f(—ax)) on [—1, 1] with 
a=-— f(1)=m-—1. Note that a= 0.40115 is close to the uni- 
versal value of a ~ 0.3995. 


is the same although the constants r¢ and « depend on 
the map. In fact, the universal value of 6 depends on 
the nature of the maximum of the map: 6 ~ 4.66920 for 
maps with quadratic maximum. A complete cascade of 
band merging from 2” bands to 2"~! bands occurs at 
parameter values 7, above re, and 7) > re aS > oo at 
the same universal geometric rate 6. 

The quantitative universality in parameter space 
described by the scaling 6 has a counterpart in phase 
space. If x, denotes the point on the periodic orbit of 
period 2”! that is closest to the critical point (or turning 
point) of the map with r = ry, then 

1 
lig Sy (3) 


NO Xy — 1 


2 

where qa is another universal constant, which, for 
maps with a quadratic turning point, takes the value 
a 0.3995 = 1/2.50.... 

In families of one hump (unimodal) maps this 
universality can be explained by a renormalization 
argument. Restrict attention to families of one 
hump maps with critical point (maximum) at x =0, 
parametrized by yz and normalized so that f(0)c=1. 
As shown in Figure 2a, for parameter values near /1¢ (the 
accumulation of period doubling) the second iterate of 
the map, f(f(x)), restricted to an interval about the 
critical point is a one hump map with a minimum. So, 
after a rescaling (and flipping) of the coordinates, it is 
another one hump map with the same normalization as 
shown in Figure 2b. Mitchell Feigenbaum was able to 
show (by arguments that have been made rigorous since 
1990) that the universal properties described above are 
due to the structure of the doubling operator 7, which 
is a map on one hump maps f:[—1,1]—>[-—1, 
with critical point at x =0 and f(0)cl1, defined by 


T f(x) =-a' f(f(-ax)), (4) 


where a = — f (1) so that the normalization 7 f (0) = 1 
is preserved. This operator does the rescaling and flip- 
ping referred to above. In the appropriate universal- 
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ity class, for example, quadratic critical point together 
with some further technical conditions, there is a fixed 
point f,, of T, so fs=T fy, and the universal scaling 
of phase space is given by a = — f,(1). Furthermore, 
the universal accumulation rate 6 of (2) is an unstable 
eigenvalue of the (functional) derivative of J at f,. 
We can now consider measures of chaos such as 
the topological entropy or the Lyapunov exponents 
of the map. If {f,,} is a family of one hump maps 
that undergoes period doubling, then the parameter jx 
can be chosen so that the period-doubling cascade is 
for 4 <[c. Coullet & Tresser (1980) show that the 
universal structure described above implies that if H (jz) 
is either the topological entropy (which can be thought 
of as the growth rate of the number of periodic orbits) 
or the Lyapounov exponent of f,, with 4 > [c, then 


H(w) ~ Cw — pe)O8/982), (5) 


The Lyapunov exponent is a very poorly behaved 
function of the parameters and this scaling provides 
only an envelope for the graph of the exponent, but the 
topological entropy is continuous. Indeed, the proof of 
Sharkovsky’s theorem (See One-dimensional maps) 
shows that if a continuous map of the interval has a 
periodic orbit which is not a power of two, then there 
is a horseshoe for some iterate of the map, and hence 
the map has positive topological entropy if jz > [ec. 
The entropy is zero if jz < [4c, so if by chaos we mean 
positive topological entropy, then the period-doubling 
route is a true route to chaos. 


Intermittency 


The first stable periodic orbit of each of the windows of 
periodic motion in r >r¢, which can be seen in Figure 1, 
is created in a saddle-node (or tangent) bifurcation. 
Throughout the parameter interval for which such orbits 
are stable, there is a repelling strange invariant set, 
but most solutions tend to the stable periodic orbit. 
Just before the creation of the stable periodic orbit, 
chaotic solutions spend long periods of time near 
the points at which the stable periodic orbit will be 
created (the “laminar” phase), then move away and 
behave erratically before returning to the laminar phase. 
This behavior is called intermittency by Pomeau & 
Manneville (1980), who were the first to describe the 
scaling of the time spent in the laminar phase. They 
looked at the average time Ta spent by solutions in the 
laminar phase as a function of the parameter r close 
to the value r.,, at which the saddlenode bifurcation 
occurs. A simple argument based on the passage time 
of a trajectory of a map close to a tangency with the 
diagonal (the condition for the saddle-node bifurcation) 
establishes that the average time in the laminar phase 
diverges as a power law: 


Ta ~ |r — real 7'/?. (6) 


ROUTES TO CHAOS 


Other types of intermittency (involving period- 
doubling bifurcations, etc.) can be analyzed using the 
same ideas. Note that a strange invariant set exists 
throughout the parameter regions being considered 
here, so in this case the term “route to chaos” refers to 
the stability of the chaotic invariant set, not the creation 
of a chaotic set. Moreover, in any open neighborhood 
of rsn, there are parameters for which the map has 
other stable periodic orbits, so the full description of 
parameters with stable chaotic motion is much more 
complicated than the description above suggests. 


Other Routes to Chaos 


Since the pioneering work of the late 1970s, a num- 
ber of other routes to chaos have been identified. New 
routes to chaos are still being identified, and the list 
provided here is by no means complete. Arnéodo et al. 
(1981) show that there can be cascades of homoclinic 
bifurcations to chaos via a mechanism closely related 
to period doubling. This gives the less standard con- 
vergence rates involving nonquadratic turning points 
immediate relevance. The bifurcation that creates the 
strange invariant set of the Lorenz model is another 
type of homoclinic bifurcation, and this strange invari- 
ant set becomes stable by a “crisis” in which the strange 
invariant set collides with a pair of unstable periodic 
orbits. Ott (2002) contains a good account of such tran- 
sitions. More complicated transitions involving maps 
of the circle are detailed in MacKay & Tresser (1986), 
and Newhouse et al. (1983) give another transition. 
PAUL GLENDINNING 


See also Attractors;  Bifurcations; Chaotic 
dynamics; Intermittency; Lorenz equations; One- 
dimensional maps; Period doubling; Time series 
analysis 
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RUELLE-TAKENS-NEWHOUSE 


See Routes to chaos 


RUNGE-KUTTA METHOD 


See Numerical methods 





SADDLE POINT 


See Phase space 


SAFFMAN-TAYLOR PROBLEM 
See Hele-Shaw cell 


SALERNO EQUATION 

The Salerno equation is a g-deformed lattice model 
that includes, as particular cases, two known discrete 
versions of the continuous nonlinear Schrédinger 
equation (NLS): the non-integrable discrete NLS 
equation (DNLS) with on-site nonlinearity and the 
integrable Ablowitz—Ladik (AL) equation with intra- 
site nonlinearity. Here by g-deformed, we mean 
the existence, both in the Poisson bracket (com- 
mutator in the quantum case) and in the Hamil- 
tonian, of a free parameter g that allows “tuning” 
the nonlinearity (interaction) of the lattice model. 
From a physical point of view this equation repre- 
sents a generalization of the tight-binding Schrédinger 
model 


dAj(t) 
dt 


i 





+ QjAj() + Jj (Aj4iO + Aj-1@) 


=0, dd) 
for the propagation of a molecular excitation in a crys- 
tal. Here A; denotes the quasi-classical complex mode 
amplitude of a particular molecular vibration, Qj is 
the on-site frequency of this vibration, and J; is the 
next-neighbor resonance interaction energy. Equation 
(1) was considered by Richard Feynman as a starting 
point for an alternate formulation of quantum mechan- 
ics in terms of coupled probability amplitudes (Feyn- 
man, 1965) (also it is equivalent to the Schrodinger 
equation for the description of the wave function of 
an electron in a perfect crystal in the tight-binding 
approximation). By assuming the coupling of the mode 
amplitudes to low-frequency phonons (lattice distor- 
tions), one obtains, in the adiabatic and small field 
amplitude approximation, a dependence of the local 
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energy and intra-site interaction upon Aj; of the 
type 
Qj > Qo; + MU jlAsW, 
Jj > Joo + AyjlAjl. (2) 


The Salerno equation follows by substituting the above 
relations into Equation (1) and redefining parameters 
as 





Qy Qy 2Jo + Qo 2I, + Qy 
é= V= ,Oj7 = Y= ; 
Jo Ji Jo Jo 

thus giving 
dA j(t) 


i = (2 =a; — 8|Aj|")A; 





dt 
e 
HL+ FIAWP Ase + Aj) = 0, (3) 


where time has been rescaled by a factor Jo and equal 
local energies and intra-site resonance interactions were 
assumed (note that @; can be eliminated from Equation 
(3) by a rescale of time, so that in the following, we 
will put @; =0). With the above parametrization the 
following relationship between ¢ and 7 was introduced: 


é _ yr-é 
—— 2 


This allows interpolatation between the DNLS and the 
AL lattice as discussed below. To this end, it is worth 
noting that Equation (3) is a Hamiltonian system with 
respect to the following g-deformed Poisson bracket: 


af dg dg a 
vena (Eat - eH) 


QA; 0A" 0A; OAS 
{tara + Aj-1) + nl Aji? 





(4) 





x(1+q Aj’), (5) 


and with Hamiltonian 


#=-) 
j 
(2+n) 


= 
—~———__ log(1 + -|A,|?)}. 6 
Tog(l + §) og( a i°| (6) 
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It is easy to check that Equation (3) is obtained from 
Equations (5) and (6), as i(dA;/dt) ={Aj, H},. Two 
values of the deformation parameter are of particular 
interest. 

Case q = 0. This corresponds to the limit ¢ > y for 
which the Poisson bracket acquires canonical form and 
Hamiltonian (6) becomes 


Y 
— [Ajay t+ Aid - 214)? - F1AjP} 
j 


Equation (3) then reduces to the DNLS equation 





+ Ajgt — 2A; + Aj-1 + VAJIASI? 


=0, ) 


which conserves the number N = )> a |Aj ? and allows 
solitary wave propagation (Scott, 2003). Although 
it is non-integrable, the DNLS equation is linked 
to many physical problems, from propagation of 
self-trapped modes in biomolecules and in arrays 
of nonlinear optical fibers, to the tight-binding 
description of Bose-Einstein condensates in optical 
lattices. 

Case q = 5. This corresponds to the limit ¢e > 0 
for which Equation (3) reduces to the Ablowitz—Ladik 
equation 





dA j(t) Y 
i 7 Aj41— 2A; + Aj-14 5) 
x (Aj4+1 + Aj-1)IAjl? =0, (8) 





which is known to have exact soliton solutions, being 
integrable by the Inverse Scattering Method (Scott, 
2003). 

The property of Salerno’s equation to incorporate the 
above discrete versions of the NLS equation makes it an 
ideal general model to investigate the interplay between 
on-site and intra-site nonlinearity, discreteness and con- 
tinuum, integrability and non-integrability. Studies per- 
formed along these lines during the past decade have 
shown the existence of a rich and wide range of behav- 
iors, ranging from the existence of states localized on 
few lattice sites (intrinsic localized modes or discrete 
breathers), to the possibility of shock wave formation 
(Cai et al., 1994; Kivshar & Salerno, 1994; Konotop 
& Salerno, 1997; Mackay & Sepulchre, 2002). The 
existence of an integrable limit of the model also al- 
lowed clarification of the relation between intrinsic lo- 
calized modes and exact discrete solitons of the AL 
lattice. 

Signatures of these classical properties exist in the 
corresponding quantum model whose Hamiltonian is 
defined from Equation (6) as 


H= a Bi bjs + bj) +n bib; 


J 


SALERNO EQUATION 


al ee) 


where complex mode amplitudes A ;, Ay were replaced 


by creation and annihilation operators b js bi. Equation 
(5) implies the following deformed Heisenberg algebra: 


(bi, bi =6,j;0+¢q b bi), 


[b;, bj| = (5), 6}) =0, (10) 
with the same g as in Equation (4). Note that the on- 
site algebra in Equation (10) is the same as the algebra 
of a q-oscillator (MacFarlane, 1989), thus providing 
an example of occurrence of a quantum deformation 
algebra in a physical model. An explicit representation 
of the g-algebra associated with the Salerno equation 
can be constructed as (Salerno, 1992; Bogoliubov & 
Bullough, 1992) 


Bi |n) = Jin + qn + 1), 
b|n) = V{nlq |n - 1) (11) 


with [n]g =((1+q)" — 1)/q. From this equation, it 
follows that the number operator is given by 


r log(l + £5'6,) 
Fe ay oem Bia (12) 
log(1 + =) 


The conservation of [N 7 H J= 0, and the translational 
invariance of the system, [7;, H] =0 (7; are translation 
operators by j sites along the lattice), allows one 
to block diagonalize the Salerno Hamiltonian into 
subspaces with fixed N eigenvalues and with fixed 
crystal momentum k. As for the classical model, the 
two limiting cases «= y and ¢e =0 correspond to the 
quantum DNLS lattice and to the quantum Ablowitz— 
Ladik system, respectively, the latter being integrable 
by means of the algebraic Bethe ansatz (Scott, 2003). 
By tuning the deformation parameter, one can get 
interesting physical behaviors. Thus, for example, for 
q = — 2, the first commutator in Equation (10) becomes 
an anticommutator, so that the model describes a system 
of bosons with hard-core interactions (no more than 
one boson on a site). In this case, it was proved 
that in the mean field approximation (unconstrained 
hopping) and in the thermodynamic limit, the 
case ¢=0 displays a Bose-Einstein condensation 
(Salerno, 1994). 

Exact diagonalizations of Equation (9) have been 
performed mainly for finite size and for finite number 
of quanta. Figure la depicts a typical band structure 
of Salerno’s model in the reduced zone scheme for 
a chain of 15 sites, N=5, y=10, and e¢=5. For 
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Figure 1. (a) Band structure of Salerno’s model in the reduced 
zone scheme for a chain of 15 sites with N=5, y =10, and 
e=5. (b) Energy of the states with crystal momentum k =0, 
corresponding to the translational symmetry of the ground state, 
as a function of ¢. Other parameters are fixed as (a). 


these parameter values, the lower band corresponds 
to a bound state in which the five quanta are, with 
high probability, all on the same site. Figure 1b shows 
the energy of the states with crystal momentum k =0 
(corresponding to the translational symmetry of the 
ground state) as a function of ¢. Note that the minimum 
ground state energy is achieved for an ¢ value in 
between the AL (e = 0) and the DNLA case (¢ = 10). 
The presence of an integrable limit of the Salerno 
model gives the possibility of exploring complicated 
properties of this quantum many-body system starting 
from the exact knowledge of its integrable limit. 
An interesting open problem in this direction is the 
characterization of the quantum analogue of a discrete 
breather of the corresponding classical model (discrete 
quantum breather). Work in this direction is presently 
under investigation. 
Mario SALERNO 


See also Discrete nonlinear Schrédinger equations; 
Quantum nonlinearity 
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SANDPILE MODEL 


The concept of self-organized criticality (SOC) was 
introduced by Bak et al. (1987) using the example 
of a sandpile. If a sandpile is formed on a horizontal 
circular base with any arbitrary initial distribution of 
sand grains, a sandpile of fixed conical shape (steady 
state) is formed by slowly adding sand grains one 
after another (external drive). In the steady state, the 
surface of the sandpile makes on average a constant 
angle with the horizontal plane, known as the angle 
of repose. The addition of each sand grain results in 
some activity on the surface of the pile: an avalanche of 
sand mass follows, which propagates on the surface of 
the sandpile. In the stationary regime, avalanches are 
of many different sizes, and Bak et al. (1987) argued 
that they would have a power law distribution. If one 
starts with an initial uncritical state, initially most of 
the avalanches are small, but the range of sizes of 
avalanches grows with time. After a long time, the 
system arrives at a critical state, in which the avalanches 
extend over all length and time scales (Bak, 1996; 
Jensen, 1998; Dhar, 1999; Sornette, 2004). 

Laboratory experiments on sandpiles, however, have 
not in general shown evidence of criticality in sandpiles 
due to the effects of inertia and dilatation (moving 
grains require more space) (Nagel, 1992), except for 
small avalanches (Held et al., 1990) or with elongated 
rice grains (Malte-Sgrensen et al., 1999) where these 
effects are minimized. Small avalanches have small 
velocities (and thus negligible kinetic energy), and they 
activate only the first surface layer of the pile. Elongated 
rice grains slip at or near the surface as a result of 
their anisotropy (thus minimizing dilatational effects), 
and they also build up scaffold-like structures, which 
enhance the threshold nature of the dynamics. 

On the theoretical front, a large number of discrete 
and continuous sandpile models have been studied. 
Among them, the so-called abelian sandpile model is 
the simplest and most popular (Dhar, 1999). Other 
variants include Zhang’s model, which has modified 
rules for sandpile evolution (Zhang, 1989), a model for 
abelian distributed processors and other stochastic rule 
models (Dhar, 1999), and the Eulerian Walkers model 
(Priezzhev et al., 1996). 
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In the abelian sandpile model, each lattice site is 
characterized by its height h. Starting from an arbitrary 
initial distribution of heights, grains are added one 
at a time at randomly selected sites n: hy > hy,+1. 
The sand column at any arbitrary site i becomes 
unstable when h; exceeds a threshold value h. and 
topples to reduce its height to h; > h; — 2d, where 
d is the space dimension of the lattice. The 2d 
grains lost from the site i are redistributed on the 2d 
neighboring sites {j}, which gain a unit sand grain 
each: h; > hj; + 1. This toppling may make some of 
the neighboring sites unstable. Consequently, these 
sites will topple themselves, possibly making further 
neighbors unstable. In this way, a cascade of topplings 
propagates, which finally terminates when all sites in 
the system become stable. When this avalanche has 
stopped, the next grain is added on a site chosen 
randomly. This condition is equivalent to assuming that 
the rate of adding sand is much slower than the natural 
rate of relaxation of the system. The large separation 
of the driving and of the relaxation time scales is 
usually considered to be a defining characteristic of 
SOC. Finally, the system must be open to the outside; 
that is, it must dissipate energy or matter, for instance. 
An outcoming flux of grains must balance the incoming 
flux of grains, for a stationary state to occur. Usually, the 
outcoming flux occurs on the boundary of the system: 
even if the number of grains is conserved inside the box, 
it loses some grains at the boundaries. Even in a very 
large box, the effects of the dissipating boundaries are 
essential: increasing the box size will have the effect 
of lengthening the transient regime over which the 
SOC establishes itself; the SOC state is built from the 
long-range correlations that establish a delicate balance 
between internal avalanches and avalanches that touch 
the boundaries (Middleton & Tang, 1995). 

The simplicity of the abelian model is that the final 
stable height configuration of the system is independent 
of the sequence in which sand grains are added to the 
system to reach this stable configuration (hence the 
name “abelian” referring to the mathematical property 
of commutativity). On a stable configuration C, if two 
grains are added, first at i and then at /, the resulting 
stable configuration C’ is exactly the same as in the 
case where the grains were added first at j and then 
at i. In other sandpile models, where the stability of 
a sand column depends on the local slope or the local 
curvature, the dynamics is not abelian, since toppling 
of one unstable site may convert another unstable site 
to a stable site. Many such rules have been studied in 


the literature (Manna, 1991; Kadanoff et al., 1989). 
An avalanche is a cascade of topplings of a number 


of sites created by the addition of a sand grain. The 
strength of an avalanche can be quantified in several 
ways: 


e size (s): the total number of topplings in the 
avalanche, 
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e area (a): the number of distinct sites that toppled, 

e lifetime (t): the duration of the avalanche, and 

e radius (r): the maximum distance of a toppled site 
from the origin. 


These four different quantities are not independent and 
are related to each other by scaling laws. Between any 
two such measures x, y belonging to the set {s, a, t, r}, 
one can define a mutual dependence by the scaling of 
the expectation of one quantity y as a function of the 
other x: 


(yy ~ x, (1) 


where yxy is called a critical exponent, index, or dimen- 
sion. This equation quantifies a nonlinear generalized 
proportionality between the two observables x and y 
(In(y) is proportional to In x). The exponents yxy are 
related to one another, for example, 


Mts = VtrVrs- (2) 


For the abelian sandpile model, it can be shown that 
the avalanche clusters cannot have any holes and in 
addition that y;; =2 in two dimensions, that is, 


(s)~r?. (3) 


In words, the size (number of toppling grains) of an 
avalanche is proportional to its surface. It has also been 
shown that y,; = 3: 


(th~ r4; (4) 


that is, the average duration (t) of an avalanche grows 
with its typical radius r faster than linearly. However, 
averages reflect only a part of the rich behavior of 
sandpile models. A significant information is provided 
by the full distribution function P(x) for any measure 
x € {s,a, t, r}. Associated with the above scaling laws 
(1) and (2), one often finds the finite size scaling form 
for P(x): 





PQ) ~x~* f (52). (5) 


The exponent o, determines the variation of the cut- 
off of the tail of the distribution of the quantity x with 
the system size L. As long as x < L°*, expression (5) 
describes a power law distribution of x, reflecting a 
self-similar structure of the set of avalanches. When x 
becomes comparable with L°*, the function f,; ensures 
a fast fall-off of P (x) describing the impact of the finite 
size L of the system on the statistics of the fluctuations 
of x. Scaling relations like yy = (ty — 1)/(ty — 1) 
connect any two measures. Scaling assumptions (5) for 
the avalanche sizes have not been demonstrated and 
may be open to doubt (Kadanoff et al., 1989). This 
seems to be due to the effect of rare large avalanches 
dissipating at the border, which strongly influence the 
statistics. 

Many different sandpile models have been studied. 
However, the precise classification of various models 


SCHEIBE AGGREGATES 


into different universality classes in terms of their 
critical exponents is not yet available. Exact values 
of all the critical exponents of the most widely 
studied abelian model are still not known in two 
dimensions. Some effort has also been made toward 
the analytical calculation of avalanche size exponents 
(Ktitarev & Priezzhev, 1998). Blanchard et al. (2000) 
have developed a dynamical system theory for a 
certain class of SOC models (like Zhang’s model, 
1989), for which the whole SOC dynamics can either 
be described in terms of iterated function systems, 
or as a piecewise hyperbolic dynamical system of 
skew-product type where one coordinate encodes the 
sequence of activations. The product involves activation 
(corresponding to a kind of Bernouilli shift map) and 
relaxation (leading to contractive maps). 

In summary, the sandpile model of Bak et al. (1987) 
and its many extensions have helped found the new 
concept of self-organized criticality, which is now a 
useful item in the toolbox and set of concepts used to 
study complex systems involving triggered activities. 

Dipier SORNETTE 


See also Avalanches; Critical phenomena; Granu- 
lar materials; Fractals; Nonequilibrium statistical 
mechanics 
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SCATTERING OPERATORS 


See Inverse scattering method or transform 


SCHEIBE AGGREGATES 


Scheibe aggregates (also called J-aggregates) are 
a type of Langmuir—Blodgett thin films that were 
independently discovered in 1936 by Giinther Scheibe 
(Scheibe, 1936) in Germany and E.E. Jelly (Jelly, 
1936) in England—hence their names. They comprise 
compact and regular arrangements of dye molecules 
composed of chromophores and fatty acids that can 
be designed to pre-selected specifications. These 
molecular monolayers exhibit very efficient light 
capture followed by energy transfer to acceptor 
molecules present in the film at very low acceptor-to- 
donor ratios (as low as 1:10,000), giving the efficiency 
of energy transfer to acceptors as high as 50% 
(Moebius, 1989). 

In the late 1960s and in the 1970s, Kuhn, Moebius 
and co-workers (Czikkely et al., 1969) studied the 
effects of irradiation with ultraviolet or visible light and 
measured the strongly quenched donor fluorescence 
in these aggregates. An acceptor fluorescence line 
appeared whose amplitude was almost equal to that 
of the primary donor spectral line, but its peak was 
slightly redshifted, which was interpreted as evidence 
that the aggregate acts as a cooperative molecular array. 
After absorbing a photon, the energy moves in the form 
of an exciton traveling laterally over distances of up 
to 100 nm to a particular acceptor dye in the vicinity. 
The efficiency of this energy transfer mechanism is 
strongly linked with the rigidity of the aggregate and 
its regular order. Surprisingly, the capture of energy 
by an acceptor molecule improves with the ambient 
temperature. Optimal efficiency is achieved at fairly 
low acceptor-to-donor ratios as mentioned above. 

Numerous technological applications of these 
molecular systems have been developed, including 
photographic and photo-detection processes as well as 
solar energy cell components (Inoue, 1985). 

Several theoretical models of Scheibe aggregates 
have been developed over the years. The Frenkel ex- 
citon picture with the inclusion of diagonal disorder 
in molecular chains with nearest-neighbor interactions 
was adopted to describe the pseudo-isocyanine aggre- 
gate (Knapp, 1984) and was later extended to account 
for off-diagonal disorder. Subsequently, linear models 
of exciton propagation in the presence of shallow impu- 
rity potentials at acceptor sites showed (Bartnik et al., 
1992) close quantitative agreement with experiment. 
These impurity potentials were usually assumed to be 
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of a square-well type, and their depth and spatial extent 
were parameters subject to optimization schemes. In- 
terestingly, shallow impurity levels gave better capture 
properties than deep ones. 

There have also been a number of theoretical 
studies advocating a role played by nonlinearity in the 
propagation of excitonic modes in Scheibe aggregates. 
The main reason for this claim is due to exciton- 
phonon coupling whose strength for mero-cyanine was 
experimentally determined as approximately x = 29 
meV (Inoue, 1985) and theoretically estimated as 
xX =26 meV (Spano et al., 1990). 

In general, three types of excitonic models can be 
applied: (a) a nearly free delocalized case, (b) a small 
polaron limit, and (c) the nonlinear self-trapped exciton 
state. The applicability criterion for these models 
involves a phase diagram in terms of two characteristic 
parameters: g = 1X7/wJ and y =hw/2n J, where h is 
Planck’s constant, w is the phonon frequency, and J is 
the exciton hopping constant. With the phonon energy 
approximately 30 meV, J in the range between 50 and 
150 meV, and the exciton-phonon coupling constant 
ranging from 25 to 100meV, the outcome of this 
parameter determination is yet inconclusive (Tuszynski 
et al., 1999). 

It is important to stress that these systems 
should be modeled as two-dimensional structures. 
Continuous two-dimensional models with nonlinear 
terms have been developed that treat phonons 
classically and effectively eliminate them via an 
adiabatic approximation (Huth et al., 1989), leading to 
a 2-d radially symmetric cubic nonlinear Schrédinger 
equation, where the energy transfer takes place through 
soliton-like ring waves with a characteristic collapse 
time signifying the exciton lifetime. More recent 
models involving nonlinear equations of the cubic 
Schrédinger type also account for the presence of 
Gaussian impurity potentials (Christiansen et al., 1998). 

Finally, it is necessary to include radiative losses 
in modeling the propagation of an exciton domain. 
Formally, this can be accomplished by adding an 
imaginary term to the exciton-phonon part of the 
Hamiltonian that describes the corresponding loss of 
energy of excitons as they collide with phonons in 
the thin-film lattice. Consequently, it has been shown 
that the rate of excitonic energy loss by a coherent 
exciton domain covering an area composed of N 
molecules is proportional to its size, N, and can be 
expressed as: kyaq = N nanoseconds — ! Tthas also been 
demonstrated that the characteristic time for radiative 
losses is approximately proportional to the absolute 
temperature T divided by 3000K, and the result is 
expressed in nanoseconds (Moebius & Kuhn, 1988). In 
other words, the radiative decay time in nanoseconds 
is given by Traq = (T'/3000) K. For example, at room 
temperature, a coherent exciton domain composed of 
100 lattice sites has a decay time of 0.1 ns= 100 ps 
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compared with a flight time of only 2 ps, which means 
that radiative losses will not destroy the coherence of the 
exciton domain unless it is very large (approximately 
10,000 lattice sites). A comprehensive review of the 
key processes taking place in exciton energy transfer 
in Scheibe aggregates (time of flight, radiative losses, 
exciton-phonon interaction, and diffusion on the 2-d 
lattice) can be found in Tuszyriski et al. (1999). 

Jack A. TUSZYNSKI 


See also Excitons; Langmuir-Blodgett films; Non- 
linear Schrédinger equations 
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SCROLL WAVES 


SCHRODINGER EQUATION, LINEAR 


See Quantum nonlinearity 


SCROLL WAVES 
Introduction 


Scroll waves, which are observed in excitable media, 
can be imagined as a continuation of two-dimensional 
spiral waves to three dimensions. Spiral and scroll 
waves distribute frequency behavior to the two- 
and three-dimensional space, respectively, with the 
exception of a small subset of that space. For spiral 
waves this subset comprises the vicinity of a point and 
is called acore, whereas in three dimensions it is formed 
by the vicinity of a curve and is called a filament. In both 
cases, this exceptional subset acts as a source of waves 
that organizes the exhibited periodic or quasi-periodic 
frequency behavior; therefore, it is often referred to as 
an organizing center. 

The intersection of the three-dimensional excitable 
medium containing a scroll wave with a plane that is 
locally perpendicular to the filament corresponds to 
a sheet in which a spiral wave rotates, showing the 
close relationship between these two types of excitation 
waves. But because curves (the filaments) can have 
complex geometrical and topological properties, the 
behavior of scroll waves turns out to be much more 
complicated than that of spirals. 

Early work on rotating excitation waves was 
performed on physical rings of heart tissue (quasi- 
one-dimensional systems), where an electrical impulse 
can propagate around a hole without attenuation for 
days. The importance of this observation lies in the 
complex anatomy of the heart: in particular, the orifices 
from arteries make the surface of the heart locally 
similar to physical rings and, therefore, allow for the 
so called circus-movement reentry, that is, electrical 
excitation waves circulating around inhomogeneities. 
Modeling of this phenomenon was undertaken first 
by Norbert Wiener and Arturo Rosenblueth in 1946. 
Periodic excitation was found to be also possible in 
media without holes, that is, in quasi-two-dimensional 
media. The electrical excitation wave (see Figure 1) 
then assumes the shape of a spiral (Tyson & Keener, 
1988). The importance of the third dimension was 
recognized when performing experiments with the 
excitable Belousov—Zhabotinsky reaction system (See 
Belousov—Zhabotinsky reaction), since distortions 
and other unexpected behavior of spiral waves in 
presumed two-dimensional shallow layers could be 
readily explained when assuming a non-uniform 
excitability along the small but nonnegligible vertical 
direction (see references in Winfree, 1987). 

For the theoretical treatment of scroll waves 
there are several models that are most commonly 
used. 
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Figure 1. A scroll wave on the surface of a heart. (Image from 
Panfilov & Pertsov, 2001.) 


Since scroll waves are structures appearing in 
excitable media, it is not surprising that they have been 
investigated by using three-dimensional FitzHugh— 
Nagumo equations, that is, a two-variable model 
designed for the simulation of neural action potentials 
(See FitzHugh-Nagumo equation). It was found 
that scroll waves always undergo twist (see below) 
when entering inhomogeneous media (Mikhailov et al., 
1985). 

Another model for the investigation of scroll waves is 
the Oregonator model derived from the reaction kinetics 
of the Belousov—Zhabotinsky reaction. The temporal 
development of a scroll ring, a structure with a closed 
filament not touching the boundary (see Figure 2, and 
also Welsh et al., 1983), was investigated by Winfree 
and Jahnke in 1989. It was found that a scroll ring 
decreases its size in the course of time and eventually 
vanishes, showing that scroll waves are topologically 
distinct from spirals. 

A now very popular model is the so-called Barkley 
model, well known for its computational efficiency. 
Originally introduced for the investigation of the 
meander instability of spiral waves (Barkley, 1990), it 
is also used for investigating scroll waves. With this 
model it was possible to classify the instabilities of 
scroll waves in isotropic excitable media (Henry & 
Hakim, 2002). 

While these three models give a description of 
the full three-dimensional concentration distribution, 
a fourth one deals with the geometry of an iso- 
concentration level. Its formulation is based on the 
eikonal equation, which expresses the relationship 
between the curvature and the normal velocity of a 
surface defined by such a level. Thus, the surface is 
described in specific coordinate systems that reflect the 
topological situation of the filaments involved in the 
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Figure 2. A scroll ring in a test tube, inner diameter: 10 mm. 
(Image from Winfree, 1987.) 


wave structure. Investigating this type of model allows 
one to estimate the stability of complex, linked wave 
structures (McDermott et al., 2002). 


Complexity of Scroll Waves 


The complexity of a scroll wave becomes apparent 
when one imagines such a wave structure extending 
into a nonhomogenous excitable medium, that is, 
when in each slice along the filament the rotation 
period of the spirals is intrinsically different. Without a 
coupling mechanism, the phase of the spirals in these 
adjacent slices would evolve independently, and the 
differences between the phases would diverge. This is 
not possible, and the wave structure circumvents this 
inconvenience by tilting the wave fronts emanating 
from the organizing center. In terms of the rotation 
phases of the spirals, this corresponds to a phase shift 
along the filament, which is called twist. 

While the twist takes arbitrary values in the case 
of scroll waves (organized by filaments reaching from 
one boundary of the medium to another), it has to 
fulfill quantization conditions for scroll rings. The first 
limitation is that the twist of a scroll ring along one 
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Figure 3. An example of an impossible surface of a wave 
structure. (Image from Winfree, 1987.) 





Figure 4. Decomposition of a scroll wave due to a gradient of 
excitability. (Image from Strob et al., 2003.) 


turn along the filament has to be a multiple of 27. 
A further limitation for the possible structures arises 
from the constraint that the surface must not have any 
intersections (i.e., it has to be a Seifert-surface, see 
Figure 3 for an impossible surface). This, for example, 
excludes single scroll rings of twist 27. Instead, these 
always must appear as linked pairs, although in the 
limiting case one of them may be infinitely large or may 
reach from one boundary to the other (Winfree, 1987). 
More elaborate work on the topology and geometry of 
filaments has been summarized by Tyson and Strogatz 
(1991). 

Although the computational investigation of scroll 
waves started in the 1980s, about ten years after 
their discovery, rigorous experimental research on 
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three-dimensional wave structures did not begin before 
the 1990s. First measuring techniques were restricted 
to simple projections from one, two, or three pairwise 
orthogonal directions. 

Three-dimensional, fully resolved observations of 
scroll waves and rings have been performed by optical 
tomography since about 1995. This technique allows 
one to record and evaluate time and space resolved data 
sequences. For instance, the decomposition of a scroll 
wave due to a gradient of excitability was observed in 
satisfactory detail (see Figure 4). Thus, experimental 
and theoretical tools are now available to investigate 
the complex interaction of the organizing centers of 
scroll waves. 

ULRICH STORB AND STEFAN C. MULLER 


See also Belousov—Zhabotinsky reaction; Cardiac 
arrhythmias and electrocardiogram; Excitability; 
Geometrical optics, nonlinear; Reaction-diffusion 
systems; Spiral waves; Vortex dynamics in excitable 
media 
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SECOND HARMONIC GENERATION 


See Harmonic generation 


SELF-ORGANIZATION 


See Synergetics 


SELF-SIMILARITY 


See Fractals 


SEMICLASSICAL APPROXIMATIONS 


See Quantum theory 


SEMICONDUCTOR LASER 


The semiconductor laser is today the most important 
and widespread type of laser, being a central component 
in many common household appliances (CD and DVD 
players) as well as in major industrial areas, such as 
measurement and sensing, materials manufacturing, 
and medical surgery. Not least, the semiconductor laser 
has enabled the rapid evolution of the Internet by 
providing a means for efficient and cheap conversion 
of digital electrical signals into optical signals, which 
can be transmitted at very high data rates and over very 
long distances in hair-thin optical fibers. 

The success of the semiconductor laser to a large 
degree relies on its many similarities with electronic 
semiconductor devices such as transistors and diodes. 
The laser is manufactured by standard semiconductor 
crystal growth and processing techniques, allowing 
for small and cheap devices. Furthermore, the 
semiconductor laser distinguishes itself from other 
types of lasers by being electrically activated. Thus, 
the energy needed for pumping the laser to an excited 
state, from which the energy can be released by 
emission of photons, is achieved simply by putting 
direct electrical current through the device. Other kinds 
of lasers typically need some kind of optical pumping 
for populating the laser-active states. 

Figure 1 shows a schematic of a typical semicon- 
ductor laser. The laser is a p-i-n structure; that is, p- 
and n-doped semiconductor materials sandwich an un- 
doped intrinsic (“i”) region. The structure acts as a 
standard pn-junction diode; when forward biased (with 
a positive voltage on the metallized p-side relative to 
the n-side), an electrical current flows. This leads to 
the build-up of significant electron and hole densities 
in the intrinsic region, and by recombination of these 
excited-state (conduction-band) electrons with ground- 
state (valence-band) holes, photons can be generated. 
An incoming photon may thus stimulate the emission 
of a new photon with identical properties. This process 
of stimulated emission provides optical gain, which is 
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Figure 1. Schematic of a semiconductor laser. Light is confined 
to a waveguide of transverse dimension typically of the order 
of 0.2 um x 21m. For a quantum well structure, stimulated 
emission occurs in a narrow region of width ~ 100 A. The laser 
is pumped electrically by incorporating the active region in a 
pn-junction. 


one of the two key requirements for implementing a 
laser. 

As for any oscillator, the second requirement— 
besides gain—is the existence of feedback. For a 
laser, this is usually achieved by incorporating the 
gain medium in a mirror cavity. In the case of a 
semiconductor laser, the mirrors are particularly simple 
since cleaving along one of the crystal planes provides 
a naturally flat mirror with an intensity reflection 
coefficient of the order of 30%. Due to the large material 
gain achievable in semiconductor lasers, a laser-active 
region length of the order of a few hundred jm is 
sufficient to compensate for the corresponding 70% 
outcoupling loss, as well as other losses in the material, 
thus enabling laser oscillation. 

In addition to providing feedback, the laser cavity 
also must confine the optical laser mode in the 
transverse plane. This is achieved by establishing 
a transverse waveguide through index-guiding. The 
design thus needs to ensure a larger effective index 
in the active region of the laser as compared with 
the surrounding regions. In the growth direction, 
index guiding is provided by use of a so-called 
semiconductor heterostructure. The intrinsic, “i’- 
region is thus composed of a material with a smaller 
bandgap than the surrounding materials, which leads 
to a larger refractive index. The incorporation of a 
heterojunction structure was a major achievement in the 
early development of semiconductor lasers and earned 
the inventors, Zhores Alferov and Herbert Kroemer, the 
Nobel Prize in Physics in 2000. Besides providing index 
confinement, the heterostructure also ensures efficient 
collection of electrons and holes in the active region. 

Index guiding in the plane (lateral direction) of 
the semiconductor layers is more difficult and is 
achieved in a number of different ways, the two most 
important ones employing a ridge waveguide structure 
and a buried heterostructure. The ridge waveguide 
structure is obtained by processing a narrow ridge 
(1-2 um wide) in the doped semiconductor material 
topping the active region. The material that is etched 
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away on either side of the ridge is replaced by 
a material (e.g., polyimide) that is isolating and 
has an index of refraction less than that of the 
semiconductor (ca. 3.5). The ridge provides current 
confinement and leads to an effective refractive index 
that varies in the lateral direction along the active 
region, reaching a maximum value right below the 
high-index ridge, thus imposing lateral waveguiding. 
The refractive index contrast thus obtained is, however, 
modest, and ridge waveguide lasers belong to the 
class of weakly index-guided structures. The other 
class of strongly index-guided structures is exemplified 
by the buried heterostructure laser. By employing 
several growth steps, the active waveguide region 
can thus be surrounded, in the lateral direction, by 
materials with higher bandgap and lower refractive 
index. Furthermore, these regions, adjacent to the 
active region, are doped to block the current from 
entering. 

By analogy with a standard laser cavity (etalon), 
a semiconductor laser using cleaved facets to define 
the laser cavity is denoted a Fabry—Perot laser. Due 
to the small difference in material gain between the 
longitudinal modes of such a laser cavity, the laser 
may oscillate in several closely spaced modes and 
the single-mode suppression ratio remains modest. By 
incorporating a grating structure in the laser, either 
distributed over the entire waveguide length (distributed 
feedback or DFB laser) or localized close to the facets 
(distributed Bragg reflector or DBR laser), spectral 
selection can be achieved, resulting in high-quality 
single-mode lasers. DFB lasers, in particular, have 
been successfully applied in optical communications 
systems. A more recent type of laser is the so-called 
vertical cavity surface emitting laser (VCSEL), where 
the laser end mirrors are provided by Bragg gratings 
parallel to the semiconductor substrate and the laser 
emits out of the plane of the substrate. 

The choice of the materials for the active region 
determines the wavelength of the output optical beam. 
Two materials systems are particularly important: 
GaAlAs lasers, which cover the wavelength range of 
700-900 nm, and InGaAsP lasers, which cover the 
wavelength range of 1000-1600 nm. The latter laser 
type is the most important for long-distance optical 
communication systems due to the low loss and/or 
dispersion of optical fibers in the range of 1300- 
1550nm. An additional degree of freedom comes 
from employing a so-called quantum well structure 
of the active layer. Thus, by incorporating thin (about 
5-10nm) layers of semiconductor with a bandgap 
lower than the surrounding (barrier) material in the 
active region, quantum confinement effects change 
the allowed energy levels of electrons. This leads 
to a change in the effective bandgap of the laser 
(wavelength under lasing), as well as the number 
of electrons needed to reach population inversion. 
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Quantum well lasers have achieved low-threshold and 
high-power operation. Quantum dot lasers, employing 
three-dimensional quantum confinement of electrons, 
offer excellent electron control and have led to lasers 
with record low-threshold current density. However, 
semiconductor growth technology has not yet (in 2004) 
matured to the point of offering full control of quantum 
dot sizes. 

The laser threshold condition and the basic features 
of the laser dynamics are captured by a simple set of 
rate equations describing the temporal evolution of the 
photon density, P, and the carrier density, N (Coldren 
& Corzine, 1995): 





dP = 

z= (Tugg — tp Pp 4 T'Bsp Rep. () 
dN I N 

wee eS Ugg P. (2) 


Here, vg is the group velocity; tp is the photon lifetime, 
its inverse being the rate at which photons are lost 
from the laser cavity; Bsp is the rate of spontaneous 
emission; ending up in the lasing mode; J is the injected 
current; e is the electronic charge; V is the active region 
volume; and Tf, is the carrier lifetime. The confinement 
factor, I, expresses the fraction of the optical mode 
that overlaps with the active region; it may also be 
expressed as the ratio between the active region volume, 
V, and the effective volume of the optical mode, Vopr. 
In the form of the equations stated above, the photon 
density is normalized with respect to Vopr, whereas N is 
normalized with respect to V. Finally, g is the material 
gain. When considering a laser operating at the peak of 
the gain curve, it is, at least for lasers with bulk active 
regions, a good approximation to parameterize the gain 
as 


g = gn(N — No) (3) 


with gn being the differential gain, and No the carrier 
density at transparency. For N = No, we have g=0, 
corresponding to the case where stimulated emission 
and absorption exactly balance. For a further increase 
of the carrier density, population inversion is achieved 
and the material gain is positive. 

The rate equations (1) and (2) are basically book- 
keeping equations. Equation (2) expresses the effective 
pumping of electrons from valence to conduction 
band through the applied current. Due to spontaneous 
emission as well as nonradiative recombination (Auger 
processes are particularly important in long-wavelength 
lasers), the excited carrier density has a lifetime t; of the 
order of a nanosecond or less. Furthermore, stimulated 
emission, proportional to the product of the gain and 
the photon density, depletes the population of excited 
carriers, as expressed by the last term in Equation (2). 
That same process leads to a generation term in the rate 
equation for the photon density. Also, a certain fraction, 
Bsp, which may typically be of the order of 10> of the 
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total rate of spontaneous emission, Rsp, ends up in the 
laser mode and is accounted for by the last term in 
Equation (1). Finally, the drain term in Equation (1) 
describes all mechanisms by which photons are lost 
from the cavity, including output coupling at the mirror 
facets and internal loss (due to free-carrier absorption, 
waveguide scattering loss, etc.). 

The steady-state solution of the rate equations, with 
the gain given by Equation (3), yields the light-current 
characteristics, laser power that is, expressed in terms 
of the photon density as a function of the applied 
current. A simple solution, yet accurate except very 
close to threshold, is obtained by neglecting the rate of 
spontaneous emission into the lasing mode, that is, the 
last term in Equation (1). A small-signal analysis shows 
that the above-threshold solution is a stable focus. The 
characteristic frequency is the so-called laser relaxation 
oscillation frequency, which is the natural frequency 
at which energy is exchanged between the carrier 
population and the photon population. The relaxation 
frequency is also a measure of the order of the maximum 
bit-rate at which a laser can be efficiently current- 
modulated to produce an intensity-modulated optical 
output signal. The square of the relaxation oscillation 
is approximately proportional to the laser output power, 
although the oscillations become strongly damped 
as the frequency increases. High-speed lasers have 
relaxation frequencies of the order of 30 GHz. 

From the Kramers—Kronig relations, any change of 
the gain of a material (proportional to the imaginary part 
of the susceptibility) implies a change in the refractive 
index (proportional to the real part of the susceptibility). 
Due to the asymmetric nature of the gain spectrum of a 
semiconductor laser—with a transparent region below 
the bandgap of the material and a strongly absorbing 
region at large photon energies—the coupling between 
index and gain is particularly strong for semiconductor 
lasers, with profound consequences for the dynamics. 
This coupling is described by the so-called linewidth 
enhancement factor (or alpha-parameter) a. It was thus 
realized that the gain-index coupling gives rise to an 
enhancement of the linewidth of a semiconductor laser 
by a factor of 1 + a (Henry, 1983), and also imposes 
a chirp on the optical signal under current modulation. 
These effects are not described by the rate equation 
(1), which only governs the magnitude squared of the 
electromagnetic (optical) field and is independent of the 
phase. Rather the dynamics need to be described by an 
equation for the complex electric field amplitude, E: 

dE 1 . 

or = 3 +ia)Tugen(N —No)E+ Fe(t), (4) 
where Px |E|?. The term Fg(t) is a stochastic 
Langevin noise term accounting for the random nature 
of spontaneous emission. The amplitude and phase 
noise properties of single-mode semiconductor lasers 
can be analyzed based on Equations (3) and (2). 
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Addition of a feedback term, proportional to E(t—r), to 
the right-hand side of Equation (3) leads to the famous 
Lang—Kobyashi equations (Lang & Kobyashi, 1980), 
which govern the dynamics of a semiconductor laser 
coupled to an external mirror, t being the roundtrip 
time in the external cavity. The semiconductor laser 
with feedback displays very rich dynamics, including 
mode-hopping, various instabilities and chaos, that to a 
remarkable degree are explained by Equations (4) and 
(2) (Mork et al., 1992). 

The rate equation model outlined above is limited 
to the case of single transverse mode lasers. Wide 
aperture lasers, in contrast, have an additional degree 
of freedom in the transverse direction. It has been 
shown that a complex semiconductor Swift-Hohenberg 
equation may describe the dynamics of such lasers in 
a single longitudinal mode mean field limit (Mercier & 
Moloney, 2002). 

JESPER MORK 
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SEMICONDUCTOR OSCILLATORS 


The electric transport properties of a semiconductor 
show up most directly in its current-voltage character- 
istic. It is related to a relationship between the current 
density j and the electric field E that is determined in 
a complex way by the microscopic properties of the 
material. Although a local, static, scalar j (£) relation 
need not exist, it does in many cases. 

Close to thermodynamic equilibrium (at sufficiently 
low bias voltage), the j(£) relation is linear (Ohm’s 
law), but under practical operating conditions it 
often becomes nonlinear and may even display a 
regime of negative differential conductivity (NDC), 
where ogift =dj/dE <0. The global current-voltage 
characteristic J(U) of a semiconductor can in principle 
be calculated from the local j (£) relation by integrating 
the current density j over the cross section A of 
the current flow and the electric field E over the 
length L of the sample. Unlike the j(£) relation, 
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the /(U) characteristic is not only a property of 
the semiconductor material, but depends also on 
the geometry, the boundary conditions, and the 
contacts of the sample. Only for the idealized case 
of spatially uniform states, are the j(£) and the 
I(U) characteristics identical, up to re-scaling. The 
I(U) relation is said to display negative differential 
conductance if dJ/dU <0. 

In the case of negative differential conductance, 
the current decreases with increasing voltage, and 
vice versa, which may lead to instability. The actual 
electrical response depends upon the attached circuit, 
which in addition to resistors may comprise capacitors 
and inductors. These reactive components give rise 
to additional degrees of freedom that are described 
by ordinary differential equations for J and U. If 
a semiconductor element with NDC is operated in 
such a reactive circuit, oscillatory instabilities may be 
induced by these reactive components. Self-sustained 
semiconductor oscillations, where the semiconductor 
itself introduces an internal unstable temporal degree 
of freedom, can be distinguished from those circuit- 
induced oscillations. The self-sustained oscillations 
under time-independent external bias are discussed 
here. Examples of internal degrees of freedom are the 
charge carrier density, the electron temperature, or a 
junction capacitance within the device. 

Two important examples of NDC are described by 
an N-shaped or an S-shaped j(£) characteristic and 
denoted by NNDC and SNDC, respectively (Figure 1). 
However, more complicated forms such as Z-shaped, 
loop-shaped, or disconnected characteristics are also 
possible. NNDC and SNDC are associated with voltage 
or current-controlled instabilities, respectively. In the 
NNDC case the current density is a single-valued 
function of the field, but the field is multivalued; in 
other words, the E(j) relation has three branches in a 
certain range of j. The SNDC case is complementary 
in the sense that E and j are interchanged. 

In case of NNDC, the NDC branch is often but not 
always (depending upon external circuit and bound- 
ary conditions) unstable against the formation of non- 
uniform field profiles along the charge transport direc- 
tion (electric field domains). In the SNDC case, on the 
other hand, current filamentation generally occurs, in 
which the current density becomes non-uniform over 
the cross section of the current flow and forms a con- 
ducting channel (Ridley, 1963). These primary self- 
organized spatial patterns may themselves become un- 
stable, leading to periodically or chaotically breathing, 
rocking, moving, or spiking filaments or domains, or 
even solid-state turbulence and spatiotemporal chaos 
(Scholl, 2001). Alternatively, the spatially uniform 
steady state may already become unstable with respect 
to uniform oscillations in a Hopf bifurcation. 

Semiconductor oscillators may be classified as 
dominated by a bulk mechanism (drift instability, 
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Figure 1. Current density j versus electric field E for two 
types of negative differential conductivity (NDC): (a) NNDC; 
(b): SNDC (schematic). 


generation-recombination instability) or by heterojunc- 
tions and potential barriers and wells (resonant tun- 
neling across, or thermionic emission over, barriers in 
nanostructures). 

The first class of semiconductor oscillators includes 
drift instability. In the simplest extension of the 
Drude model, the current density is given by 
j(E) =—env(E) where e > 0 is the electron charge, 
n is the electron density, and v(E) is the field- 
dependent drift velocity, which may give rise to 
negative differential conductivity if d|v|/d|E| <0. The 
best-known example is the Gunn effect, which is based 
upon intervalley transfer of electrons in k-space from 
a state of high mobility to a state of low mobility 
under a strong electric field in direct semiconductors 
like GaAs or other II-V compounds (Gunn, 1964; 
Ridley & Watkins, 1961). This phenomenon is used 
in real devices (Gunn diodes) to generate and amplify 
microwaves at frequencies typically beyond 1 GHz. 

The class of generation-recombination (GR) insta- 
bilities is distinguished by a nonlinear dependence of 
the steady-state carrier concentration n upon the field 
E that yields a non-monotonic relation j = en(E)WE 
of either NNDC or SNDC type, where jz is the mobil- 
ity. This dependency is due to a redistribution of elec- 
trons between the conduction band and bound states 
with increasing field. The microscopic transition prob- 
abilities of the carriers between different states, and 
hence the GR coefficients, generally depend upon the 
electric field. Models of this type are relevant for a va- 
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riety of materials and in various temperature ranges 
(Scholl, 1987) and can explain SNDC and current fil- 
amentation in the regime of low-temperature impurity 
breakdown and self-generated current oscillations in- 
cluding chaotic behavior, as observed experimentally 
(Peinke et al., 1992). Two important devices are also 
based upon GR-induced bulk negative differential con- 
ductivity, but the coupling with junction effects is es- 
sential in these cases: p-i-n diodes and impact ionization 
avalanche transist-time (IMPATT) diodes. 

A variety of instabilities can arise due to the specific 
transport properties of semiconductor heterostructures. 
One mechanism for NNDC, which is the real space 
analog of the k-space intervalley transfer in the Gunn 
effect, uses electron transfer between a high-mobility 
layer and a low-mobility layer in a modulation- 
doped semiconductor heterostructure under a time- 
independent bias applied parallel to the layers 
(Gribnikov et al., 1995). In the NNDC regime, current 
oscillations of 2-200 MHz have been experimentally 
observed and theoretically explained. 

Another class of oscillatory instabilities occurs un- 
der vertical electrical transport in layered semiconduc- 
tor structures, for example, in the heterostructure hot- 
electron diode (HHED) or the double-barrier resonant 
tunneling diode (DBRT), which are associated with S- 
shaped and Z-shaped current-voltage characteristics, 
respectively (Scholl, 2001). A resonant tunneling struc- 
ture is composed of alternating layers of two differ- 
ent semiconductor materials with different bandgaps. 
The energy diagram shows a modulation of the con- 
duction band edge on a nanometer scale, forming po- 
tential barriers and quantum wells. The current density 
across the barrier between two wells is due to quantum 
mechanical tunneling and exhibits a strongly nonlinear 
dependency upon the electric field. It is maximum if 
there is maximum overlap between the occupied states 
in one well and the available unoccupied states in the 
other (the energies are in resonance). For low-fields, 
equivalent levels in adjacent wells are approximately 
in resonance. With increasing field, the energies of the 
two wells are shifted with respect to each other, and 
the available states in the collecting well are lowered 
with respect to the emitting well, and hence the cur- 
rent density drops as the overlap between the energy 
levels decreases, thereby displaying NDC. Upon fur- 
ther increase of the field, the current density rises again 
up to a sharp resonance peak when the ground energy 
level in one quantum well is aligned with the second 
level in the neighboring well. Thus, resonant tunneling 
produces NNDC. 

The simplest system of this type consists of a double- 
barrier structure with one embedded quantum well in 
between, sandwiched between a highly doped emit- 
ter and collector region. However, the situation be- 
comes more complicated if the nonlinear feedback be- 
tween space charges and transport processes is taken 
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into account. The built-up charge in the well leads 
to an electrostatic feedback mechanism that increases 
the energy of the well state supporting resonant tun- 
neling conditions for higher applied voltages. This 
may result in bistability and hysteresis where a high 
current and a low current state coexist for the same 
applied voltage, and the current-voltage characteristic 
becomes Z-shaped. Switching between the two stable 
states as well as self-sustained current oscillations may 
occur under appropriate external circuit conditions. 
The bistability also provides a basis for lateral pattern 
formation (current filamentation) and spatiotemporal 
bifurcation scenarios including chaotic breathing and 
spiking. 

Sequential resonant tunneling in a periodic structure 
of multiple quantum wells, a semiconductor superlat- 
tice, likewise displays NNDC (Esaki & Chang, 1974). 
Now, along the growth direction, the uniform field dis- 
tribution may break up into a low-field domain, where 
the field is near the first peak of the j(£) character- 
istic, and a high-field domain, where the field is close to 
the second, resonant-tunneling peak. Depending upon 
doping, the applied voltage, structural parameters, and 
the emitter contact conductivity, stationary or traveling 
domains occur—the latter leading to self-sustained cur- 
rent oscillations ranging from several hundred MHz up 
to 150 GHz at room temperature (Wacker, 2002). 

ECKEHARD SCHOLL 
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SEMI-LINEAR PDES 


See Quasilinear analysis 


SENSITIVE DEPENDENCE ON INITIAL 
CONDITIONS 


See Butterfly effect 


SEPARATION OF VARIABLES 


Separation of variables is the name of a general method 
for finding particular solutions of partial differential 
equations (PDEs) as a product of functions, where each 
factor depends on only one of the independent variables 
and satisfies an ordinary differential equation (ODE). 

In the study of linear equations, a familiar exam- 
ple of the method is eigenfunction analysis. Using the 
superposition principle, this approach leads to expan- 
sions in products of orthogonal functions. The Fourier 
transform method is a special limiting case. 

For a particular PDE, there may be a family of 
coordinate systems that admits separation of variables. 
The problem of finding such coordinate systems 
is closely connected with the group properties of 
differential equations. Methods from Lie group theory 
can be used to describe all the separable solutions of 
many equations from mathematical physics (Miller, 
1977). In Morse and Feshbach (1953), the separable 
orthogonal coordinate systems for the Laplace, 
Helmholtz, Schrédinger, heat (diffusion), and wave 
equations in two and three dimensions are listed. 

For example, Laplace’s equation 


Uxx + Uyy = 0 (1) 


has product solutions u(x, y) = X(x)Y(y), where X 
(respectively, Y) is a function of only the independent 
variable x (respectively, y). Here X and Y satisfy 
the ordinary differential equations X” + 1X =0 and 
Y”—AY=0, where A is the separation constant 
and prime denotes differentiation with respect to the 
independent variable. X and Y may thus be expressed 
in terms of trigonometric and exponential functions. 

Separability depends on the boundary conditions. As 
a second example, consider the Helmholtz equation 


Uxx + Uyy + ku =0 (2) 


in two dimensions with Dirichlet or Neumann boundary 
conditions (=O or u,=0, where subscript n 
denotes the derivative in the direction normal to the 
boundary). This boundary value problem is separable 
in rectangular, parabolic, polar, and elliptic coordinates. 
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However, with the mixed (Robin) or impedance 
boundary condition u, + cu = 0 (where the impedance 
c is a constant), the problem is only separable in 
rectangular and polar coordinates. 

For nonlinear wave equations a method for 
separation of variables is sometimes called Lamb’s 
method, stemming from an early analysis of the sine- 
Gordon (SG) equation (Lamb, 1971) 


Uxx — Uy — Sinu = 0. (3) 


This equation has solutions of the form u(x, t)= 
4tan~!(X(x)T(t)), where (X’)? =a, X4+ aX? +43 
and (T’)? = —a3T* + (ay—1)T? — ay, and aj, az, and 
a3 are separation constants. In general, therefore, X and 
T are Jacobi elliptic functions. 

In special cases simpler SG soliton solutions such 
as kinks, antikinks, colliding kinks and antikinks, 
breathers or bions, and plasma waves, are obtained. 
For example, choosing a} = a2 = 1/(1 v’) anda3=0 
yields colliding kinks, traveling with velocities v and 
—v, respectively, while ag = — a3=1/(1— v*) and 
a, =0 yields colliding kinks and antikinks. Since the 
SG equation models long Josephson junctions, fluxons 
traveling on Josephson junctions of infinite length are 
obtained as derivatives of the kinks (Scott, 2003), and 
nonlinear oscillations or standing waves on junctions of 
finite length can also be found for boundary conditions 
of Dirichlet or Neumann type (Costabile et al., 1978). 

Separation of variables provides solutions to other 
nonlinear partial differential equations such as the 
nonlinear Schrédinger equation (NLS) 


iu; + Uxy + 2|u|?u = 0. (4) 








Writing u(x, t)=¢(x, te), the amplitude func- 
tion, @(x,f), and the phase function, 0(x, ft), sat- 
isfy nonlinear coupled ordinary differential equations 
that permit traveling wave solutions of the form 
(x, t)=o(x — vt), where v is the velocity. These are 
the NLS envelope solitons (Scott, 2003). 

Standing wave solutions to the so-called improved 
Boussinesq equation 





Uxx — Utt 


(u)xx + Uren = O (5) 


of the form u(x, t) = 1/2 + X(x)T(t), where X (x) and 
T(t) satisfy uncoupled nonlinear ordinary differential 
equations, have been obtained in Rosenau and 
Schwarzmeier (1986) and Christiansen et al. (1990). 
The Hamilton-Jacobi equation is separable when 
Hamilton’s characteristic function, W, can be written as 
a sum of functions where each function depends on only 
one of the independent variables (Goldstein, 1980). Let 
us look at a particle with mass m moving in central force 
with potential V(r). Using polar coordinates (r, @) in 
the plane of the orbit, the Hamiltonian has the form 


2 
1 P. 
H= (. + “) + V(r), (6) 


~ 2m 
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and is cyclic in ¢. Consequently, Hamilton’s character- 
istic function 


W = W,(r) + Wo(b) = Wr) + aod, (7) 


where the momentum conjugated to r is p,;= 
dW,(r)/dr and the angular momentum conjugated to 
od, Pp = 9Wo(b)/0 = aug is aconstant. The Hamilton— 
Jacobi equation now becomes 








2 2: 
(a) as + 2mV(r) = 2mE, (8) 
or r 


where E is the total energy of the system. Integrating 
(8) with respect to r, W,(r) and thus W given by (7) 
are obtained. The canonical equations then yield the 
orbitals in the form r =r(t) orr=r(@). 

A new approach has been developed by Sklyanin 
(1995), who argues that separation of variables, 
understood generally enough, could be a universal tool 
to solve integrable models of classical and quantum 
mechanics. Standard construction of the action-angle 
variables for the poles of the Baker—Akhiezer function 
can be interpreted as a variant of separation of variables. 
The new approach has been applied to magnetic chains, 
the Toda lattice, the nonlinear Schrédinger equation, 
the sine-Gordon model, and other systems (Skyanin, 
1995). 
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SHAPIRO STEPS 


See Josephson junction 


SHARKOVSKY’S THEOREM 


See One-dimensional Maps 


SHEAR FLOWS 


Shear flows arise whenever two bodies of fluid move 
relative to each other, as in a jet of liquid entering 
a fluid at rest or the flow past a solid obstacle. 
When the flow speeds become too high, these flows 
undergo instabilities that are at the root of the vortical 
structures that dominate turbulent flows. For the 
Kelvin-Helmholtz; instability of two layers of fluid 
in relative motion; the instabilities of a fluid sheared 
between two concentric, rotating cylinders (Taylor— 
Couette flow); the dynamics of boundary layers; and 
viscous Hele-Shaw experiments, see the corresponding 
Encyclopedia entries. 

Energy balance: The significance of shear as a 
source of energy for perturbations follows from the 
analysis of the energy content of a perturbation to 
a shear flow. Let U be a prescribed stationary flow 
in a domain V and let w be the perturbation added 
to U. The Reynolds number is defined in terms 
of the velocity scale U of the reference flow, a 
length scale L, and the kinematic viscosity v, that is, 
Re=UL/v. For a divergence free perturbation with 
boundary conditions u = 0 on surfaces, the energy con- 
tent E(t)= Iv dV (u2/2) satisfies the Orr—Reynolds 
equation 


dE OU; 1 du; Ou; 
m [oun Yiay | Mi ti dv. (D 
dt Vv Ox; Re Jy 0x; Ox; 





Since the last term on the right-hand side is negative 
semidefinite, all the energy input has to come from 
the shear 0U;/0x;. If the shear is too small, then E(t) 
will decay monotonically. The Reynolds number up to 
which E <0 for all perturbations defines the energy 
stability limit Rez. 

Parallel flows: A necessary condition for an 
instability of parallel inviscid flows was derived 
by Lord Rayleigh (John William Strutt) in 1880; 
he found that instability requires an inflection point. 
If u = U(y)e, is the unperturbed profile, then instabil- 
ity can occur only if there is a point y, with U’(y,) =0. 
This criterion was later improved by R.Fjgrtoft, 
who found the requirement U”(y)(U(y) — U(ys)) <0. 
Necessary and sufficient conditions are more com- 
plicated, as discussed in Balmforth & Morrision 
(1999). 

For the viscous stability, it is useful to represent 
the perturbation with components (u,v, w) in terms 
of the vertical velocity component v and the vertical 
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vorticity, 7 =0,u —d,w, and to expand in terms of 
Fourier modes, 

U(X, ¥, 2, f) = Blythe), (2) 
(X,Y Zt) = Hyelorthe-o, G3) 


Then the amplitudes satisfy 








f iw +iaU)(D* — k?)—iaU” : (D? ey] 
Re 
xt =0, (4) 
2 LG 1 2 2 
[ iw + iaU) Re? k | 
xij = —ipU’. (5) 


The first equation is the Orr-Sommerfeld equation, 
the second Squire’s equation. In 1933, H.B. Squire 
showed that if there is an instability for a mode with 
spanwise wave number f # 0, then there is another one 
with 6 =0 that has a lower Reynolds number, where 
instabilities set in without spanwise modulations. 

The linearized problem can show transient growth: 
a decaying eigenstate of the Orr-Sommerfeld equation 
can drive the Squire equation and cause an amplification 
of the normal vorticity Gf 6 40). The most effective 
modes often have the form of downstream vortices, with 
only slight modulations in spanwise and downstream 
direction. They drive spanwise modulations in the 
downstream velocity component, so-called streaks. 
Fabian Waleffe (1995, 1997) pointed out that the 
streaks can undergo an instability themselves, forming 
normal vortices, which can then be fed back into 
downstream vortices to close the loop. This self- 
sustaining regeneration mechanism plays a major role 
in the turbulence of parallel flows. The results for 
the transition to turbulence in viscous planar shear 
flows are summarized in Table 1. The flows are shear 
flow between parallel plates with a linear profile in 
the laminar case (plane Couette), pressure-driven flow 
between parallel plates with a parabolic profile (plane 
Poiseuille), and pressure-driven flow down a pipe, 
also with a parabolic profile (Hagen—Poiseuille). The 
various Reynolds numbers are defined as follows: 


e Reg Energy stability: as above. 

e Reg Global stability: up to this Reynolds number 
the flow is globally stable, and any perturbation will 
decay, perhaps after a long transient during which 
the energy can grow above the initial energy. 

e Rey Reynolds number near which experiments 

indicate a transition to turbulence. 

Rey Reynolds number for linear instability. 


For sufficiently low Re, all flows are linearly stable. 
For plane Couette flow and pipe flow, we know that the 
flows cannot be globally stable at Reynolds numbers 
above the given ones because of the existence of 
3-dimensional stationary states or traveling waves 
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Flow Reg Reg Rep Rez 
Plane Couette 20.7 125 310 09 
flow 

Plane Poiseuille 49.6 ~1000 1000 5772 
flow 

Hagen-Poiseuille 81.5 1250 2250 co 
flow 


Table 1. Critical Reynolds numbers for parallel shear flows. 


(Nagata, 1990; Ehrenstein & Koch, 1991; Clever 
& Busse 1997; Faisst & Eckhardt, 2003; Wedin & 
Kerswell, 2004). Two of the flows do not show a linear 
instability, and for the third one, it appears at values 
far above the ones where the transition to turbulence 
occurs. Incidentally, plane Poiseuille flow provides 
an example of a flow profile that is inviscidly stable 
by Rayleigh’s criterion but becomes unstable when 
viscosity is included. 

In all three cases, the value for transition to 
turbulence is somewhat uncertain because of the 
absence of a sharp transition (Boberg & Brosa, 1988; 
Darbyshire & Mullin, 1995; Bottin et al., 1998). There 
is evidence that this is connected with the formation of 
a chaotic saddle in phase space (Schmiegel & Eckhardt, 
1997). Scanning an amplitude—Reynolds number plane 
for perturbations in a low-dimensional model indeed 
shows a sensitive dependence on initial conditions and 
huge variations in lifetimes for neighboring trajectories 
(see figure in color plate section). The lifetimes of 
perturbations are exponentially distributed, a clear 
signature of a chaotic saddle. 

Turbulent shear flows: The energy dissipation in 
a turbulent shear flow can be related to the velocity 
difference U and the width L of the flow as 


ey = ce(Re)U7/L (6) 


with a dissipation factor c,(Re) that depends on the 
Reynolds number Re= UL/v. For laminar parallel 
flows, ce~1/Re. For turbulent shear flows, the 
variational theories of Busse (1970), Doering & 
Constantin (1992), Kerswell (1997), and Nicodemus 
et al. (1997) show that in the limit of infinite Reynolds 
number, c, (Re) can be rigorously bounded from above. 
The theory bounds c, through a variational functional 
with a background profile ¢(y), with the constraint that 
the background profile has to be energy stable. The best 
bound is ce < 0.0109. Comparing with experiment, one 
notes that the observed values are lower and that for 
smooth boundaries, they tend to decrease for increasing 
Reynolds number. 

The presence of a large-scale shear introduces an 
anisotropy into the flow, which also affects the turbulent 
statistics. While in an isotropic turbulent flow the odd 
moments of the normal derivative of the downstream 
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component vanish, this is no longer the case in a 
turbulent shear flow. Dimensional estimates by Lumley 
(1967) suggest that the anisotropy should vanish 
like 1/Re, but experimental and numerical evidence 
indicates that the decay is much slower. Current efforts 
aim at extracting information about the relevant process 
from the dynamics of passive scalars: the scalar fields 
develop characteristic ramps and cliffs that can be 
related to the asymmetry in the distributions of the 
gradients (Schumacher & Sreenivasan, 2003). 

Other shear flows: In viscoelastic fluids, the 
interaction between shear and internal degrees of 
freedom can also give rise to much more complicated 
instabilities for which Squire’s theorem does not hold. 
The reduction of turbulent drag by small additions 
of long flexible polymers remains a fascinating 
phenomenon awaiting explanation (Lumley, 1969). 

In astrophysics a combination of differential motion 
in the plasma and the presence of a magnetic field 
can give rise to instabilities that are responsible for 
the transport of angular momentum, thus solving a 
long-standing puzzle about the angular momentum 
distribution in galaxies (Balbus & Hawley, 1998). 

Bruno ECKHARDT 


See also Boundary layers; Hele-Shaw cell; Kelvin— 
Helmholtz instability; Taylor—Couette flow; Turbu- 
lence 
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SHOCK WAVES 


In classical gas dynamics, a shock wave is a sharp, 
stepwise increase of density, pressure, and temperature 
that propagates at a supersonic speed with respect 
to the fluid ahead of it while remaining subsonic 
with respect to the fluid behind it. The fluid entropy 
increases after passing through the shock. Shock waves 
can be formed as a result of numerous processes 
such as supersonic motion of bodies (aircraft, meteors, 
bullets) in the atmosphere (see Figure 1), explosions in 
atmosphere and ocean, collapse of bubbles in the course 
of cavitation, and gas flow out of a nozzle in rockets. 
Also, the propagation of a nonlinear nondispersive 
wave (simple wave), in which each point of the profile 
propagates at its own velocity, generally results in the 
shock formation. 

The changes (jumps) of different physical (thermo- 
dynamic) quantities at a shock satisfy specific relations 
(boundary conditions) following from the conserva- 
tion of mass, momentum, and energy (mechanical plus 
thermodynamical). In the reference frame of the shock 
front, they can be presented in the form 
2: 


[pn] =0, [p+ pra] =0, E 





w| =0. (1) 


Here the square brackets denote the difference of the 
corresponding values at the shock; v, is fluid velocity 
component normal to the front; w is enthalpy; p and p 
are, respectively, pressure and density. In the reference 
frame in which the fluid before the shock is immovable, 
Un is — V where V is the shock propagation velocity. 


SHOCK WAVES 





Figure 1. Shadowgraph showing shock waves produced by a 
Winchester 0.308 caliber bullet traveling through air at about 
Mach 2.5. (With courtesy from Ruprecht Nennstiel, Wiesbaden, 
Germany.) 


The velocity of tangential fluid motion at the shock is 
continuous. 
Equations (1) give, in particular, 


w — wy = $(U2 + U1)(p2 — Pi), (2) 


where U = 1/p is the specific volume, and subscripts 1 
and 2 refer to the gas in front of and behind the shock. 
The enthalpy w can be expressed in terms of p and p via 
the thermodynamic equation of state. As a result, if the 
gas parameters p; and U; before the shock are given, 
Equation (2) determines the dependence between p2 
and U2 called the Hugoniot adiabat. It differs from the 
Poisson adiabat that relates p and p in a perfect gas in 
which entropy is constant. 

In a stable shock wave the entropy increases due to 
dissipative processes occurring inside the shock front, 
which is actually a transient layer of a finite thickness 
that grows with viscosity and thermal conductivity 
in the medium. If the transition region remains thin 
compared with the outer motion scale, it can be 
considered a discontinuity at which the boundary 
conditions (1) (which do not depend on the specific 
dissipation mechanism) remain valid. Note that if only 
thermal conductivity determines the shock front width 
(i.e., Viscosity is neglected), the shock front can contain 
a discontinuity (isothermal jump) inside it. 

General relations concerning shock waves are 
simplified in the important case of a polytropic gas 
in which p is proportional to p’, where y =cp/cy, 
and cp and c, are heat capacities at constant pressure 
and volume, respectively. For example, in a very strong 
shock when p2>> pi and the Mach number, M = 
V .c> 1 (c is the speed of sound), the ratios of gas 
densities and temperatures (TJ) behind and before the 
shock are 


op Uz y-!l hh y-lp 
po Ur y+l T% ytipr 
Note that the maximal gas compression remains finite. 


Among the dynamic problems associated with shock 
waves is that of shock reflection from a hard wall. If the 














(3) 
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incidence is normal to the wall, the pressure increases 
to more than twice that in an incident wave (for a linear 
wall the pressure is doubled). If a shock of moderate 
strength is incident obliquely under a sufficiently large 
grazing angle, the shock is reflected before reaching the 
wall (Mach stem effect). 

Another important problem is a spherical shock from 
an explosion. For very strong spherical waves, a self- 
similar solution exists, in which the shock front radius 
R increases as t?/>, whereas the pressure and particle 
velocity decrease as R~> and R~*/?, respectively. For 
a curved shock front, the solution can be found by an 
approximation: local shock curvature at each moment 
is related to the rays normal to the front, and the fluid 
flows along these ray tubes as in channels of variable 
width (Whitham, 1974). 

A more general description of nonstationary flows 
containing shocks can be achieved for one-dimensional 
motions such as the waves in a tube excited by a piston 
moving at its end. The one-dimensional equations of 
motion for an ideal gas can be rewritten in terms of two 
Riemann invariants, J+ : 





a a 
ar x C)— =0 
E + (vu oF] Je i 


d 2c 
Jesu | Py f (4) 
pc y-l1 














(the latter expressions are written for a polymonic 
gas). Here c(p)= (dp/dp)'/* = (yp/p)'/? is the 
local speed of sound. Correspondingly, there are two 
families of trajectories-characteristics, dx/dt =v +c 
on the (x, ft) plane, along which small perturbations 
that are linear sound waves propagate. In a particular 
case when one of the invariants is constant, there is 
a progressive simple (Riemann) wave that travels at a 
local velocity v +c. In such a wave, the variables are 
related by v=+ f{ dp/pc. Each point of the simple 
wave profile propagates at its own, constant velocity, 
and if the velocity decreases with x, at some moment the 
motion becomes multivalued (the wave breaks). In gas 
dynamics this is physically impossible, which means 
the formation of a shock wave at which the energy of 
the continuous part of the wave dissipates. 

An important particular case is that of small 
nonlinearity when p(p) © po + cop's where pg and cg 
refer to the equilibrium state (in the absence of the 
wave), and p’ is density variation in the wave. This 
corresponds to nonlinear acoustics where the velocity 
of a weak shock wave is approximately the average of 
the linear sound speeds in front of and behind the shock. 
In particular, an initially sinusoidal wave transforms 
into a sawtooth one. 

Simple waves may exist in different nondispersive, 
nonlinear physical systems. One example is a nonlinear 
surface wave in shallow water when the characteristic 
wavelength is much larger than the depth of the water 
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layer, h. Such a wave propagates at the local velocity of 
c(n) = /g(h +n), where g is gravitational acceleration 
and n(x,t) is the local water surface displacement 
with respect to its unperturbed level, h. In general, 
this wave breaks at a finite distance so that the long- 
wave approximation becomes invalid in the vicinity 
of the breaking point. The breaking can have different 
outcomes. Due to dispersion, the wave can generate 
oscillations that eventually become solitons, or, at larger 
steepness, the wave crest may break, possibly forming 
a turbulent front (bore), somewhat similar to a shock. 


Magnetohydrodynamic Shock Waves 


Shock waves can form in plasma. If the plasma is 
sufficiently dense, it can be treated as a compressible 
fluid that has electrical conductivity. When such a fluid 
moves in a magnetic field, the motion induces electric 
currents. Interaction between the currents and the mag- 
netic field can significantly affect the fluid motion. In- 
teraction between hydrodynamic and electromagnetic 
phenomena is the subject of magnetohydrodynamics. 
These phenomena are important in, for example, astro- 
physics, where at large-scale motions, space plasma 
typically behaves as a conducting fluid. 

In a linear approximation, magnetohydrodynamic 
(MHD) waves are classified as “slow” and “fast” 
magnetic sound in which fluid compressibility is 
significant, and Alfvén waves depending only on 
magnetic field. In these waves magnetic perturbations 
are polarized perpendicular to the basic constant 
magnetic intensity vector H and group velocity is 
directed along H. Finite-amplitude magnetic sound is 
distorted with a possible formation of MHD shocks. 

As in nonmagnetic gas dynamics, parameters of 
MHD shock waves can be determined from boundary 
conditions at the discontinuity, which differ from the 
Rankine—Hugoniot conditions in that they include 
the magnetic field at both sides of the shock. The 
corresponding generalization of the Hugoniot adiabat 
reads (in the CGS system) 





1 
(é2 — €1) 4 3 (P2 + pi)(U2 — U1) 
1 


f 2 
Te Hz) =0, (5) 





(U2 — U1) (Aro 


where H, is the component tangential to the shock 
front. In fluids with a positive thermal expansion 
coefficient, both pressure and density always increase 
at the shock, as in classical gas dynamics. 

The nonshock discontinuities in MHD _ include 
tangential discontinuities, in which the vectors of 
fluid velocity and magnetic field are parallel to the 
discontinuity plane (in the comoving reference frame), 
and rotational (Alfvén) discontinuities in which the 
normal velocity component of velocity is nonzero but 
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continuous whereas the vector H rotates around the 
normal with constant absolute value. 

In plasma, dispersion can cause an oscillating shock 
structure and solitary wave formation. If plasma is 
rarefied so that the free path of electrons exceeds 
the shock front thickness, the so-called noncollisional 
shocks may exist. 


Electromagnetic Shock Waves 


Another class of shock waves occurs in media 
that can be macroscopically immovable but have 
nonlinear electromagnetic parameters; for example, the 
dependence between the vectors of magnetic induction 
and the magnetic field, B(Z), or between their electric 
counterparts, D(£), are nonlinear. If the nonlinearity 
is relatively strong and dispersion effects are small, 
electromagnetic waves can propagate as simple waves, 
resulting in the formation of electromagnetic shocks. 

Boundary conditions at a shock can be obtained 
by integrating Maxwell’s equations over the shock 
transition layer, to give 


Un 
[n x (Ey — E))] = Gy Coe Bs (6) 


Un 
[In x (HH — M))] = 2 —D)), 


Brno = Bri, Dna = Dnt, 


where n is a normal to the discontinuity surface, co 
is the light speed in vacuum, and U, is the normal 
component of shock velocity. Typically only either 
magnetic or electric properties of the medium are 
nonlinear. In the former case, an expression for the 
shock velocity is 


eU; — Hr — Hr 
co Bry — Bri 
Electromagnetic shock waves are observed in 
ferrites, ferroelectrics, and semiconductors, and they 
have been used for construction of powerful impulse 
generators. In nonlinear dispersive systems, such as 
nonlinear transmission lines, the shock transition can 
be oscillating, and as dissipation approaches zero, it 

becomes a solitary electromagnetic wave. 
Lev Ostrovsky 
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See also Alfvén waves; Characterisitics; Cherenkov 
radiation; Dimensional analysis; Explosions; Jump 
phenomena; Magnetohydrodynamics; Nonlinear 
acoustics 
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SHOOTING METHOD 


See Phase plane 


SIERPINSKI GASKET 


See Order from chaos 


SIGNALING PROBLEM 
See Wave stability and instability 


SINAI BILLIARD 
See Billiards 


SINAI-RUELLE-BOWEN MEASURES 
What is a natural ivariant measure? In a probabilistic 
approach to dynamical systems, one seeks to under- 
stand average or almost-sure behavior, particularly in 
the limit as time tends to infinity. In these studies, it 
is often fruitful to have a stationary process, or equiv- 
alently, an invariant probability measure. Consider a 
map f ona bounded domain U of a Euclidean space 
or a manifold with f(U) CU. (We will restrict our- 
selves to the discrete-time case, but the discussion is 
equally valid for continuous-time.) In general, f admits 
infinitely many mutually singular invariant probability 
measures, and the ergodic theory of (f, 2) depends on 
the choice of jz. The purpose of this entry is to discuss 
what constitutes a “natural” invariant measure. 

Throughout this discussion, we will adopt the view 
that only properties that hold on positive Lebesgue 
measure sets are observable. A first attempt to 
characterize natural invariant measures is to require 
that they have densities. Thus for a Hamiltonian 
system, Liouville measure is regarded as natural. This 
criterion runs into difficulties with dissipative systems. 
Suppose that f is volume-decreasing with an attractor 
A=Mn>0f”"(U). Since there is no recurrence behavior 
on U\ A, by the Poincaré recurrence theorem, all 
the invariant probability measures are supported on 
A. Observe that with f decreasing volume, A must 
necessarily have Lebesgue measure zero. Thus f 
cannot have an invariant density. 

For dissipative dynamical systems, then, we must 
relax the idea of a natural invariant measure from one 
that has a density to one that reflects the properties of 
positive Lebesgue measure sets. We discuss below three 
closely related sets of ideas that go in this direction. 
In less rigorous discussions, the first two are often 
confused, even though as we will see, they are different 
substantively and mathematically. 


SINAI-RUELLE-BOWEN MEASURES 


SRB Measures 


Sinai—Ruelle-Bowen measures or SRB measures were 
first introduced for Anosov systems and Axiom A 
attractors; see Sinai (1972), Bowen (1975), and 
Ruelle (1978). The idea was later extended to the 
non-uniform hyperbolic setting (See Horseshoes and 
hyperbolicity in dynamical systems), and the name 
SRB measure was introduced in the review article by 
Eckmann-Ruelle (1985). 

The idea is as follows: SRB measures live on strange 
attractors. The situation being chaotic, there are positive 
Lyapunov exponents and unstable manifolds. In the 
same way that the next best scenario to having a 
differentiable function is to have partial derivatives, if 
the dissipative nature of a map prevents it from having 
an invariant measure that is smooth, then the closest 
approximation would be one that is smooth in certain 
directions. The expanding property of a map smoothes 
out invariant measures along unstable manifolds. 

We now give the precise definition. Consider a C? 
invertible map f and an f-invariant Borel probability 
measure jt. We assume that f has positive Lyapunov 
exponents and hence unstable manifolds j-almost 
everywhere. On each k-dimensional unstable leaf y, 
let my denote the k-dimensional Lebesgue measure. 
Then we say j is an SRB measure if the conditional 
measures of jz on unstable leaves have densities with 
respect to the measures my. 

The geometric definition of SRB measures given 
above turns out to be equivalent to the following 
“variational principle”: SRB measures are exactly those 
invariant measures for which the Kolmogorov-Sinai 
entropy of the system is equal to the sum of its positive 
Lyapunov exponents. (For other invariant measures, 
entropy is smaller.) If there are no zero Lyapunov 
exponents, there is a structure theorem that says that 
SRB measures have at most a countable number of 
ergodic components, and each ergodic component is 
mixing up to certain permutations (See Horseshoes 
and hyperbolicity in dynamical systems). Relations 
to other notions of natural invariant measures will be 
mentioned as we go along. 

We explained earlier that SRB measures is a notion 
associated with strange attractors. This does not mean 
that every strange attractor necessarily has an SRB 
measure. In practice, one often assumes that it does, 
but mathematically, this question is far from resolved. 
In fact, not many attractors have been rigorously proved 
to have SRB measures. The main examples are Axiom 
A attractors and a class of attractors with one direction 
of instability including certain Hénon attractors (see 
Young, 2002). 


Physical Measures 


Let f be a map and y an invariant probability measure. 
We say ju is a physical measure if there is a positive 
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Lebesgue measure set V in the phase space such that 
for every continuous observable y, we have 


n-1 

1 . 

s y g(fix) > [os 
i=0 


for every x € V. Thus, physical measures are those 
invariant measures that can be observed: Suppose we 
pick an initial condition x € V and plot the first n points 
of its trajectory. The resulting picture can be seen as that 
of a measure giving weight 1 /n to each one of the points 
x, f(x), f2(x), vee fl (x). Forn large, it is a good 
approximation of ju. 

One of the reasons—some would say the main 
reason—why SRB measures are important is that 
all ergodic SRB measures with no zero Lyapunov 
exponents are physical measures. 

Not all physical measures are SRB measures, 
however. For examples, point masses on attractive fixed 
points are physical measures. Unlike SRB measures, 
which are associated with chaotic behavior and have 
rich, well-defined structures, physical measures have 
no identifiable characteristics aside from the fact that 
they are observable. 


Zero-noise Limits 


If one subscribes to the view that the world is 
inherently noisy, then the following notion proposed 
by Kolmogorov is perhaps the most relevant notion of 
observability. Let f be a map on a bounded domain, 
and let P*(-|-),€>0 be a family of Markov chains 
representing random perturbations of f; that is, the 
transition probabilities P*(-|x) have the following 
interpretation: instead of jumping from x to f(x), 
P*(-|x) gives the distribution of possible images 
starting from x. We may think of it as the uniform 
distribution on an e-disk centered at f (x) or a Gaussian 
with ¢ variance. Let jz, be the marginal of the stationary 
measure of the process defined by P*(-|-), and let 
e — 0. Limit points of jw, are called zero-noise limits. 
Unlike SRB measures or physical measures, the 
existence of which leads to unresolved questions, 
systems defined on compact regions always have zero- 
noise limits. It is hoped that in most situations, they 
coincide with the other notions of natural invariant 
measures. This has been proved for Axiom A attractors 

and a handful of other examples. 
LaL-Sanc YOUNG 


See also Cat map; Horseshoes and hyperbolicity in 
dynamical systems; Measures; Phase space 
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SINE-GORDON EQUATION 


In normalized units, the classical sine-Gordon (SG) 
equation is the nonlinear partial differential equation 


Ss - ~~ =sind, (1) 


where $(x,t) is a field in two dimensions—space 
and time. Since its introduction in 1939 by Yakov 
Frenkel and Tatiana Kontorova as a model for 
the dynamics of crystal dislocations (Frenkel & 
Kontorova, 1939), this equation has found a variety 
of applications, including Bloch wall dynamics in 
ferromagnetics and ferroelectrics, fluxon propagation 
in long Josephson (superconducting) junctions, self- 
induced transparency in nonlinear optics, spin waves 
in the A-phase of liquid *He at temperatures near 
to 2.6 mK, and a simple, one-dimensional model for 
elementary particles (Bullough, 1977; Scott, 2003). The 
name stems from the linear Klein—Gordon equation 
ao / ax? — ao / dr = ¢, where the “joke” may be 
due to Martin Kruskal or it may not (Bullough & 
Caudrey, 1980). 

The SG equation can be physically modeled as a 
linear array of weakly coupled pendula, suggesting 
traveling-wave solutions of the form 


o = 4arctan exp {+ (x — vt) /V1— vl (2) 





with v < 1. These solutions are called a kink and 


an antikink, respectively, since at x =— oo, ¢— 0, 
and at x=+00, ¢— 2m for the + sign, while at 
x=—00,@— 2m and at x=+00, ¢—0 for the 


— sign. In the context of the physical model, ¢ twists 
from 0 to 27 for the kink and untwists from 27 to 0 
for the antikink. Alternatively ¢ / 27 has “topological 
charge” + 1 for each kink and — 1 for each antikink. 
Each of these is a one-soliton solution, but there are also 
N-soliton solutions for the boundary conditions ¢ > 0 
(mod 277) as x > +00. (In “light-cone coordinates” 
(see below) the N-soliton solutions were given by 
Caudrey et al. (1973); see the detailed history in 
Bullough & Caudrey (1980)). 
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Figure 1. A kink-kink solution of the SG equation plotted from 
Equation (3) with v =0.5. 


-20 -20 


Figure 2. A kink-antikink solution of the SG equation plotted 
from Equation (4) with v =0.5. 


The simplest 2-soliton solution of SG Equation (1) 
is the kink-kink collision given by Perring & Skyrme 
(1962) as 





H Fa? 
(x, t) = 4arctan ae = ] (3) 


cosh (ut//1 — v2) 


as shown in Figure 1 for v=0.5. Similarly, Figure 
2 shows a kink-antikink collision, which is plotted 
from 
inh(vt//1 — v2 
@(x, t) = 4arctan SNE (4) 
vcosh (x//1 — v2) 


also with v = 0.5. 

The kink-antikink equation takes an interesting form 
if the velocity parameter (v) is allowed to be imaginary. 
For example, setting 


v=io/Vl—o?, o<1, 


Equation (4) becomes the stationary breather (or 
“bion’”) 


J1— w2 
ots.) =a : =) 





sin wt 
@ coshV1 — w2x | 
(5) 
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(xt) 


hoo onRNUWwA 





So 


Figure 3. A stationary breather plotted from Equation (5) with 
o=m/5. 


a localized, oscillating solution that is plotted in 
Figure 3 for w = 2/5. Because Equation (1) is invariant 
under the Lorentz transformation 


x’ = (x — vt) /V1— v2 
and 
t)=(t—xv)/V1—v?, (6) 


this stationary breather can be boosted into a moving 
frame. Thus, 





@ 


JVl-v 


wesech | LTO = tet) 
JVl—v 


is an exact solution of the SG equation moving with an 
envelope velocity (ve) that is equal to the reciprocal of 
its carrier velocity vp =1/ ve. 

Because $(x,t) is defined for each value of x, 
the Hamiltonian description is infinite dimensional. 
A standard form of the Hamiltonian (or energy) is 
(Bullough & Timonen, 1995) 


=) a 
o(x, t) = 4arctan {7 an 26 ee 


a= [ [Sme.n + 306/007 


+(1 — cos 0)| dx. (7) 
Hamilton’s equations then take the form 
6H _ Hand 6H (8) 
ee 


where the és indicate functional (or Frechét) deriva- 
tives. The second of Equations (8) yields @ =I and 
the first yields — é =—-M=- odxx + sing, which is 
the SG equation. Computing H in the rest frame, one 
finds rest masses equal to 8 for both kinks and an- 
tikinks, while for stationary breathers the rest masses 
are 16./1 —?. Evidently, a stationary breather is a 
bound pair of a kink and an antikink oscillating at fre- 
quency w. 
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The SG equation is a completely integrable 
Hamiltonian system, which means that the number 
of independent constants of motion is equal to the 
number of degrees of freedom (Liouville’s theorem). 
As the number of degrees of freedom is infinite (through 
the labels x), the theorem is not obvious, but an infinite 
number of commuting and independent constant action 
variables can be found. Equivalently, solutions of the 
SG equation can be obtained through a Backlund 
transformation (BT) or by using an inverse scattering 
method (ISM). 

In BT and ISM studies, it is convenient to transform 
the independent variables as 


x>é&=(x+1)/2 and t>r=(¢—-1/2, 


whereupon Equation (1) becomes 


rp. 6 

agar em 
These new variables (€ and t) are sometimes called 
“light-cone” coordinates because they point in the 
directions of characteristics in the (x, t)-plane. 

The SG equation first appeared in light-cone 
coordinates in the mathematical study of surfaces 
of constant negative Gaussian curvature by Albert 
Backlund (Lamb, 1976). In 1883, he discovered the 
first BT, which can be written as 

b) = by + 2k sin(p + 6')/2 

$b; = —¢; + 2k! sing — ')/2 
for any real value of the parameter k. The integrabil- 
ity condition ¢/, =¢/, implies both ¢,;= sin@ and 
¢|., = sing’; thus, Equations (10) transform a known 
solution ¢ of the SG in light-cone coordinates to a sec- 
ond solution ¢’. As ¢ =0 is a solution, the single-kink 
solution is found to be ¢’ = 4arctan exp(kx — k~ 't) for 
this real value of k. 

Bullough (1980), for example, shows how the BT 
Equation (10) becomes the Lax pair for an ISM 
analysis first written down by Ablowitz et al. (1973) 
(AKNS). Independently, Takhtajan & Faddeev (1974) 
gave the corresponding expressions for the covariant 
SG Equation (1). AKNS’s Lax pair is 


Of WW )_f mia -b2/2 |] 
ae | v2 be/2 iA vo |? 
where wy and yw are components of the scattering 


solution and A is a complex scattering parameter 
together with the t-dependence 


of wu ]_ if cosd sing VI (ll) 
dt | W2 | 4al sind —cosd vw | 


It is readily checked that the cross-derivative condition 


PS Pe Se 
wae | |= seal 9 | 


(10) 
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implies Equation (9), thus providing the basis for an 
ISM analysis. 

Assuming that ¢ > 0 (mod 277) as € > +00, the 
time evolution matrix defined in Equation (11) takes 
the simple asymptotic form 


i 1 0 |. 
4,| 0 —1 |’ 
thus the reflection coefficient and the residues r,, of its 


upper-half-plane-poles (in the A plane) evolve with time 
as 





b(A, tT) = b(A, Oe, 


rm (T) = tn (O)e/?*, 


where b(A, T) is the reflection coefficient of the solution 
and n is an index that runs over the number (NV) of 
soliton components. 
The evolved solution of Equation (9) turns out to be 
ag 
pe or = AKG. S: T), (12) 
&§ 
where K(&,z;T) is a solution of the (Gel’fand— 
Levitan—Marchenko) integral equation 


K(é,z;t) = BY(E +z; 7) 
-{ [ K(é,y, DBiyt+ y's 0) 
é é 
x B*(z+ y'; t)dydy’ (13) 


with z > &, and 


1 2 Bete 
B+z:7) = =| D(A, O)el*E2)—it/24 gy 
2 Joo 


N 
= 2 Tn (0)e4n (E+2)—it/2ay (14) 


n=1 


is determined from a scattering analysis of the initial 
conditions. 

The simplest example of this ISM formulation 
is obtained by assuming that the initial potential is 
reflectionless (b(A, t) =0) and has but one bound state 
(N = 1), corresponding to a single pole at (Aj =ik) 
on the imaginary axis of the upper half A-plane with 
residue r) = + 2ix. Thus, from Equation (14) 








BE +257) = £2Ke KE 48) 1/2 





so Equation (13) takes the form 





K(é, zt) = + Wee 8 E49 -1/K 
Cro F 
_ ace i K(é,y; re KOT) 

& JE 


xe Ket) dy dy’. 
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As K(&,z;T) « exp(— xz), this integral equation is 
solved for 
2« exp[—K (€ + z) — T/2k] 

1 + exp(—4ké — t/k) 





Ké,zt1)=+ 





Thus, from Equation (12) 
ag 
— = +4K 65 
E (§,§3 7) 


= +4x sech(2ké + t/2k), 





which integrates to 





o(é, tT) = 4arctan{exp[+(2ké + 1/2k)]}. 


Finally, one can transform back to the laboratory 
(x,t) coordinates, whereupon the corresponding 
solution of Equation (1) is the kink or antikink of 
Equation (2) with its laboratory velocity identified as 


1-4? 1+ 4aF 


OT 442 ~ Tan?” 








(15) 


With an appropriate choice of the constants c, and 
c2, the kink-antikink solution of Equation (4) can be 
generated in a similar manner from the assumption that 


BéE+z0 = cye MEF) a oe 2642) (16) 


where 








These integrable properties of the SG equation are 
shared by the sinh-Gordon equation and the Liouville 
equation for which the sine function in Equation 
(1) is replaced by a hyperbolic-sine function and 
by an exponential function, respectively—although 
the Liouville equation has no inverse scattering 
solution. Perhaps the most striking property of SG 
solitons, however, is their topological stability, which is 
evidenced by their nonzero rest masses. This property 
is carried into three space dimensions by the theory of 
skyrmions. 

Equation (1) can be embedded in a more general 
framework of inverse-scattering methods, with the 
Hamiltonian expressed in terms of finite numbers 
of kinks, antikinks, and breathers, in addition to a 
continuous spectrum of radiation (Bullough, 1980). In 
the mid-1970s, Roger Dashen, Bros] Hasslacher, and 
Andre Neveu used semiclassical quantum methods to 
study this system, finding the mass (or energy) spectrum 
of the breather of Equation (5) to be 


gn 
M, = 16sin (=) ‘ 
16 
where n is a positive integer less than 82 (Dashen et 
al., 1975). They correctly conjectured this “DHN spec- 
trum” to be exact—a result of theoretical significance 
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because it shows that semiclassical analyses of nonlin- 
ear field theories can provide useful information about 
exact mass spectra. 

The statistical mechanics of the SG equation is 
carried out in both the quantum and classical cases 
in Bullough & Timonen (1995), with a further ap- 
praisal of the action-angle variables in one space 
dimension. Bullough (1977) develops the theory of 
double and multiple SG equations (with sing in 
Equation (1) replaced by +[sin@+ (sin@ / 2) /2], 
sing + (sing /3) /3+2(sin 2¢ / 3) /3, etc.) in con- 
nection with models for degenerate self-induced trans- 
parency of metal vapors and of spin waves of the B- 
phase of liquid *He near 2.6 mK. 





Rosin BULLOUGH 


See also Backlund transformations; Hamiltonian 
systems; Inverse scattering method or transform; 
Laboratory models of nonlinear waves; Long 
Josephson junctions; Maxwell-Bloch equations; 
Pendulum; Skyrmions 
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SINGULAR PERTURBATION THEORY 
See Perturbation theory 


SINGULAR POINTS 


See Phase space 


SINGULARITY THEORY 


Does the view from your window encompass a range 
of hills or mountains? If you are so blessed, you will 
see immediately both of the persistent singularities 
that can be observed generically; they are indicated 
on the mountains sketched in Figure 1, a section of 
a remote but important range called the Transversal 
Alps. The points marked “country” are known as fold 
singularities. Actually the outline of the mountains, 
which in reality is a mapping of a surface contour onto 
the retina of the eye, is composed of an infinite number 
of fold singularities. The two points marked “western” 
are known as cusp singularities. They occur where a line 
of folds along the edge of a mountain meets another line 
of folds along the gully between the mountains. 

If the view from your office is more urban 
in character—of faces in the street, say—you will 
probably see many more of these two fundamental 
singularities. You must search a lot harder to find 
other types of singularities, or purposefully create 
one, because all other singularities dissolve under the 
slightest perturbation into either a fold or a cusp. This 
remarkable fact was first proved by Whitney (1955) 
whose fundamental discoveries about singularities 
of differentiable mappings were developed into 
catastrophe theory and toolkits for treating bifurcation 
problems with parameters, by mathematicians such as 
Mather (in a series of very technical papers from 1968 
to 1971), Thom (1972), Martinet (1982), Arnol’d et al. 
(1985), and Golubitsky & Schaeffer (1985). 

Singularity theory is not secret mathematicians’ 
business though, and a more apt name for the 
whole business would be “theory and applications of 
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country 





Figure 1. The Transversal Alps. 


singularities.” It is one of the more accessible entry 
points both to highly abstract areas of mathematics 
and to applied fields such as dynamical systems and 
bifurcations, because singularities can arise in almost 
any problem. The prerequisites are standard fare in 
first- and second-year mathematics courses: knowledge 
of Taylor’s formula, the implicit function theorem, 
the theorem of existence and uniqueness, and some 
basic group theory, and willingness to learn some 
terminology. 

Naturally, we should begin with a definition of 
singularity; (after Lu, 1976): Let f be a differentiable 
mapping from M to N, where M and N are 
differentiable manifolds. A point x9 € M is a singular 
point of f if rank df(xo) < min{dim M, dim N}, 
where df(xo) is the Jacobian matrix of f at xo. 
Otherwise xo is a regular point of f. 

Singularity theory solves three key related problems: 
Given a mapping f, (i) it determines what types of 
singularities any good approximation f to f must 
have; (ii) it tells us how can we perturb f slightly to 
obtain a nicer and simpler, but in some sense equivalent, 
mapping; and (iii) it provides a taxonomy of singular 
objects and a binary key to identify them; hence, it is a 
classification science. 

At the heart of singularity theory is a concept that is 
profound and yet somehow ingenuous; it is the concept 
of transversality. The naive (but not impercipient) 
version says that two curves intersect transversally if 
a small deformation of either one would not change the 
type of intersection. It is transversality that allows us to 
boil things down to classified normal forms. 

Example 1: The mapping f from R? into R? 


u=x?, v=y (1) 


has a fold along x = 0 in the xy plane, the set of singular 

points is {(x, yle R? |y= 2x}. Points along the fold 

remain fixed as y changes, that is, under perturbation. 

Equations (1) are called the normal form for a fold. 
Example 2: The equations 


u=xy—-x7, v=y (2) 


define a mapping g from R? into R? for which the set 
of singular points is {@, y) €R?| y= 3x7}. The arms 
of the parabola are two lines of folds that come together 
and disappear at the cusp (0, 0). Equations (2) are the 
normal form for the cusp, and Whitney proved that any 
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Figure 2. Slices through the cusp manifold (top) yield the three 
possible bifurcation diagrams (bottom). 





Figure 3. An orthogonal path through that cusp opens into a 
manifold around the pitchfork. 


other mapping containing a regular point satisfying the 
conditions 








Ux =Uy =vy=0, vy = 1, ux, =0, 
Uxy 4 0, Uxxx — 3Uxy Vax #0 (3) 


can be transformed by coordinate changes into the 
normal form (2). In catastrophe theory this normal 
form becomes the universal unfolding G(x, y,u) of 
the germ g(x) = x3: 


G(x, y,u) =x? — yx +u, (4) 


where G is the gradient of a governing potential V. 

One may understand the cusp by studying the surface 
G(x, y,u) =0 shown in Figure 2. By taking slices 
of this surface at constant y we recover the three 
qualitatively different bifurcation diagrams, as shown. 
Now visualize a projection of this surface onto the 
(u, y) plane. We find that the two lines of folds meet 
at a cusp singularity, the very same that we saw in the 
Transversal Alps in Figure 1. 

An instructive and fascinating lesson on the 
properties and classification of simple singularities is 
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to parameterize the surface G(x, y, u) =0 differently. 
In a study of singular surfaces by Ball (2001), it was 
observed that although the cusp is generic in the sense 
that all other singularities may be perturbed to either a 
fold or a cusp, the surface in Figure 2 is not a unique 
manifold of the cusp. Because all paths through the 
unfolding (4) are equally valid, we may choose a path 
in the (x, y) plane. Any such path unfurls laterally into 
the u-dimension to form a different surface. It is shown 
from two points of view in Figure 3. Constant-u slices 
show up the pitchfork singularity (center bifurcation 
diagram) and two of its perturbations. From this point of 
view Equation (4) is a partial unfolding of the pitchfork 
(but it is not a universal unfolding of the pitchfork). 

In applications, the singularity theory approach 
has been most successful in qualitative studies of 
the equilibria of dynamical systems dependent on 
parameters. Given a dynamical system that can be 
reduced to a set of ordinary differential equations (by 
a procedure such as Lyapunov—Schmidt reduction), a 
general approach is to apply defining algebraic criteria 
systematically to the equilibria until one discovers 
the highest-order or most degenerate singularity, 
defined by its normal form. (The binary key given in 
Golubitsky & Schaeffer (1985, p. 201) is extremely 
useful for this task.) From a universal unfolding of 
this organizing center, one can “read off” all of the 
possible qualitatively different bifurcation behavior of 
the equilibria. A great many dynamical models of 
physical systems have been given the singularity theory 
treatment, often yielding results having important 
implications for the prediction and control of such 
systems. For a few but varied examples see Ball 
(1999) (chemical reactions), Ball et al. (2002) (plasma 
physics), and Broer et al. (2003) (periodic dynamics). 

Rowena BALL 


See also Bifurcations; Catastrophe theory; Devel- 
opment of singularities 
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See Attractors 


S-INTEGRABILITY AND 
C-INTEGRABILITY 


See Integrability 
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As described by quantum field theories, elementary 
particles are associated with the quantization of small 
fluctuations around the vacuum and have masses that 
are proportional to Planck’s constant, f; thus, in the 
classical limit (i 0), the mass goes to zero. The 
properties of a particle follow from the linearization 
of the field equations and any nonlinear terms are 
responsible for the interactions between particles, 
which are often treated perturbatively in the coupling 
constants. However, the 1960s saw the emergence of a 
new approach to quantum field theory in which the fully 
nonlinear classical field equations were investigated. 
It was found that for certain theories, the classical 
nonlinear field equations had static solutions that were 
particle-like, in the sense that they described stable, 
localized, finite energy field configurations. To describe 
elementary particles, the field theory must be Lorentz 
invariant, so such a static solution can simply be Lorentz 
boosted to describe a particle in uniform motion. These 
solutions, which are known as topological solitons 
(or sometimes just solitons for short, though they 
should not be confused with the solitons of integrable 
systems), have some novel features in comparison 
with elementary particles. Because they are classical 
solutions, then the mass of a soliton, which is identified 
with the energy of the static solution, is nonzero even in 
the limit 4 =0. Also, because the soliton is a solution 
of the full nonlinear field equation, it is automatically 
treated nonperturbatively in the coupling constants 
of the theory. Quantum corrections to the classical 
properties of a soliton can be addressed, mainly using 
semiclassical methods, but the important point is that 
these corrections are often small, so that the classical 
nonlinear equations largely determine the properties 
of a soliton. Despite the obvious differences between 
elementary particles and solitons, impressive research 
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during the last decade has revealed a great deal of 
evidence for a remarkable connection between these 
two kinds of particles, with solitons in some weakly 
coupled theories appearing to be dual to elementary 
particles in strongly coupled theories (Olive, 1996). 
These developments have led to a renewed interest in 
solitons in field theory, particularly in supersymmetric 
theories. 

As the name suggests, topological solitons arise in 
theories where there is a topological classification of 
field configurations, with the soliton being in a different 
topological sector to the vacuum and, hence, preventing 
its decay, since time evolution cannot change the 
conserved topological charge. This is perhaps most 
easily explained using a simple example. As a toy model 
we shall consider the static sine-Gordon theory in one 
space dimension, although our presentation will be 
slightly unusual in order to make the extension to three 
spatial dimensions a little more transparent. Consider 
a two-component unit vector @(x) = (¢1, ¢2), so that 
@ lies on the circle $-@=1. If we restrict to static 
fields, then the sine-Gordon model can be defined by 
the energy expression 


1d dé | 
E [.Gf-2u on Jax, (1) 


For finite energy the boundary condition is clearly 
that the field must take the constant vacuum value 
= (0, 1) at spatial infinity. The fact that the field 
takes the same value at the two points at spatial infinity 
implies a compactification of space from R to S!, 
arising from the identification of the points x =— oo 
and x =+ oo. Therefore, p isamap@: S!ts> S!, where 
the domain is compactified space and the target circle 
is the set of two-component unit vectors. Such maps 
have an associated degree, or winding number, NV, 
due to the homotopy group relation 7; (S!) = Z. This 
integer-valued winding number is simply the number 
of times (counted with orientation) that the field winds 
around the target space circle as x ranges over the 
circle obtained from the compactification of space. 
The vacuum solution, with energy E =0, is given by 
(x) = (0, 1) and clearly has N = 0. The soliton is the 
minimal energy field configuration in the N = | sector 
and has the explicit expression 


@ =(siny, cosy) with w=4tan!e**, (2) 








where a is an arbitrary real constant. The soliton has 
energy E =8 and the energy density (the integrand 
in Equation (1)) is a localized lump centered around 
the point x =a, which is the position of the soliton. 
The full time-dependent sine-Gordon theory follows 
from the Lorentz invariant Lagrangian associated with 
the energy (1). The static soliton solution (2) can be 
Lorentz boosted to provide a moving soliton solution 
(with any speed less than the speed of light) of the 
full second-order time-dependent field equations. The 
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antisoliton solution, with N = — 1, is simply obtained 
from the soliton solution by making the replacement 
(f1, 62) > (—¢1, $2). There are no static multisoliton 
solutions, that is, with N>1, but time-dependent 
multisoltion solutions can be found in closed form 
and describe the elastic scattering of several individual 
solitons (Drazin, 1983). This remarkable fact follows 
from the integrability property of the time-dependent 
sine-Gordon equation, a feature which is not shared by 
more realistic theories with topological solitons in three 
space dimensions. 

The most important aspect of the sine-Gordon 
model on the line is the topological classification 
of finite energy field configurations, which follows 
from the homotopy group relation 7(S!) =Z. This 
is the first property that needs to be generalized 
when searching for a three-dimensional theory with 
topological solitons. If we consider a theory for 
which finite energy implies that the field must be 
constant at spatial infinity, then Euclidean space R 
becomes compactified to the three-sphere S$. This is 
the analogue of the compactification of the line to 
the circle described above, and hence, we see that 
the simplest way to obtain a model with topological 
solitons is to also make the target space S*. Then the 
homotopy group relation 73(S*) = Z ensures that there 
is again an integer-valued topological charge, N, which 
divides finite energy field configurations into distinct 
topological sectors. To achieve the target space S?, 
the field can be taken to be a four-component unit 
vector, although an equivalent formulation is to take 
the field to be an SU(2)-valued matrix, since S° is 
also the manifold of the group SU(2). The Skyrme 
model (Skyrme, 1961) is such a theory and has the static 
energy 


E= [ [rawau- ~ ate (Wauyu- 
(ajU)U!) dx, (3) 


where U(x) € SU(2) is the field of the model and 
0; =0/dx; with x; (@=1,2,3) is the Cartesian 
coordinates in Euclidean space, and we have adopted 
the Einstein summation convention where repeated 
indices are summed over. Also, the square brackets 
denote the commutator, [A, B] = AB — BA. The first 
term in (3), called the sigma model energy by physicists 
and the harmonic map energy by mathematicians, is 
the higher-dimensional analog of the simple gradient 
energy given by the first term in (1) for the toy 
model. In order to provide a finite nonzero scale 
size for the soliton, the sigma model energy needs 
to be balanced against an additional term with an 
appropriate scaling behavior under spatial dilations, 
as required by the Derrick—Hobart theorem. In one 
spatial dimension, this requires a term which contains 
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Figure 1. Skyrmions with N from 7 to 22. 


no spatial derivatives of the field, such as the final 
term in (1), but in three spatial dimensions, the 
appropriate term must be at least fourth-order in the 
spatial derivatives. The final term in (3), known as the 
Skyrme term, is the unique order-four expression whose 
relativistic extension provides a Lagrangian in (3 + 1)- 
dimensions, which yields a nonlinear field equation that 
is only second order in time derivatives. The Skyrme 
model has a stable topological soliton, the solution 
with minimal energy in the N=1 sector, and this 
is known as a skyrmion. The solution is spherically 
symmetric but cannot be written in closed form and is 
only known numerically. Unlike the sine-Gordon toy 
model, the Skyrme model has static stable bound-state 
multi-solitons for all N > 0. These multi-skyrmions are 
not spherically symmetric but often have surprising 
discrete symmetries, including the symmetries of the 
Platonic solids (Battye & Sutcliffe, 2002). Figure 1 
displays skyrmions with 7<N<22 by plotting 
surfaces around which the topological charge density 
is concentrated. 

The Skyrme model was originally introduced 
(Skyrme, 1961) in the early 1960s as a model for 
the strong interactions of hadrons. It is a nonlinear 
theory of pions, with the pion particles being described 
in the usual quantum field theory approach by the 
quantization of the three degrees of freedom associated 
with the small fluctuations of the field around the 
vacuum, where U is the identity matrix, with N =0. 
Skyrme identified the conserved topological charge N 
with baryon number and, hence, within the nonlinear 
pion theory baryons appear for free as the classical 
soliton solutions. The Skyrme model was set aside 
after the advent of quantum chromodynamics (QCD), 
but much later it was revived by Witten (1983), who 


showed that it could arise from QCD as a low energy 
effective description in the limit in which the number 
of quark colors is large. Semiclassical quantization of 
the N =1 skyrmion reproduces the properties of the 
nucleon to within an accuracy of around 30% (Adkins 
et al., 1983), which is quite an achievement. There 
has been considerable recent progress in computing 
classical multi-skyrmion solutions, but it still remains 
to be seen whether their quantization provides a good 
description of nuclei. 

Finally, it should be noted that in Yang—Mills—Higgs 
gauge theories the topological classification of field 
configurations arises in a slightly different way than 
described above for skyrmions and other modified 
sigma models. In gauged theories, the Higgs field is 
not required to be constant at infinity, and indeed, 
it is a nontrivial winding at infinity that provides 
the topological charge. In two spatial dimensions 
this yields vortices, and in three-dimensional space 
it leads to magnetic monopoles. When the Higgs 
field is massless, which is the situation that arises in 
interesting supersymmetric theories with monopoles, 
then the classical field equations have a particularly 
rich mathematical structure, and many exact results on 
monopole solutions are known (for a review see, e.g., 
Sutcliffe, 1997). 

PAUL SUTCLIFFE 
See also Derrick—Hobart theorem; Quantum field 
theory; Sine-Gordon equation; Solitons, types of; 
Yang-Mills theory 
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SLAVING PRINCIPLE 


See Synergetics 


SMALE HORSESHOE 
See Horseshoes and hyperbolicity 


SNOWFLAKES 


See Pattern formation 


SOLAR SYSTEM 


The solar system shows a multitude of periodic 
phenomena: from the daily rotations of the Earth, to 
the monthly phases of the Moon, the seasonal changes 
during the course of a year, the phases of Venus and 
other planets, the regular recurrences of comets such as 
Halley’s (every 76 years), the 25,700 year precession 
of the Earth’s rotation axis, all the way up to changes 
in the parameters of the Earth’s orbit, with periods of 
40,000 years and more. Closer inspection reveals small 
modulations on top of these periods, but it is tempting to 
describe these by additional periods, as in the Ptolemaic 
theory of cycles, epicycles, and equants. However, the 
dynamics of the planets is governed by gravitational 
forces that vary as the inverse square of the distance 
and, hence, are strongly nonlinear. The question arises 
whether this nonlinearity results in some chaos. 
Johannes Kepler concluded in the early 17th century 
that an isolated planet would move along a Kepler 
ellipse (such that a line joining the planet to the Sun 
sweeps out equal areas in equal times). For several 
planets their mutual perturbations leads to perihelion 
precessions and other variations of orbital parameters. 
Taking such perturbations into account was a major 
issue in solar mechanics in the following centuries 
and led to remarkable achievements. For instance, 
observations of the orbit of Uranus (discovered in 1781 
by William Herschel) revealed significant differences 
to the orbit calculated in the presence of the known 
planets. When interpreted as due to the influence of 
another planet, the position of the missing planet 
could be predicted, and soon thereafter the efforts of 
Urbain V. LeVerrier, James C. Adams, and Johannes 
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G. Galle were rewarded with the discovery of Neptune 
in 1846. 

These results were obtained using perturbation 
theory. But does it actually converge? Advances in 
analytical mechanics in the 19th century suggested 
that an answer could be found and Gosta Mittag- 
Leffler included the issue of the stability of the solar 
system among the list of problems for a prize to be 
awarded in 1889 by King Oskar II of Sweden and 
Norway. Henri Poincaré was awarded the prize for 
his announcement that he could prove convergence, 
but in the course of revising his paper he noticed 
that there was a gap in the proof which he could not 
patch up. Instead, he discovered the intricate motions 
near a weakly perturbed hyperbolic fixed point, the 
so-called hyperbolic tangle, which effectively prevents 
quantitative continuation of trajectories that pass near 
a hyperbolic fixed point. Barrow-Green (1996) and 
Diacu & Holmes (1996) give vivid accounts of the 
events surrounding the prize. 

A practical answer to the question of the stability 
of the solar system emerged in the late 20th century 
with the advent of powerful computers that allow inte- 
gration of the equations of motions for several million 
years. It was then discovered that the inner planets are 
most susceptible to chaos, and that the Lyapunov time 
(inverse of the Lyapunov exponent) is about 5 million 
years. To illustrate the consequences of that, we quote 
from Laskar (1995): 


A 15m uncertainty in the position of the Earth will 
grow to about 150m in a time of 10 million years. But 
it will increase to 150 million km or the mean distance 
of Earth from the Sun within 100 million years. 


As a consequence, we have difficulty predicting the 
Earth’s orbit for times much larger than a few tens 
of millions of years. The consequences such an uncer- 
tainty can have are illustrated by numerical simulations 
for Mercury: by suitably selecting continuations, it is 
argued in Laskar (1995) that over a time of about 10° 
years the orbit of Mercury could change so that the 
planet collides with Venus and/or escapes from the so- 
lar system. It should be noted that this trajectory was 
especially tailored in order to show that escape is possi- 
ble in principle; it does not give a clue as to how likely 
such an event may be. 

The issue of the orbital parameters of the Earth 
is interesting because variations in the major rotation 
axis and the distance to the Sun influence our climate. 
In 1920, Milutin Milankovich calculated insolation 
data (incident solar radiation) for the Earth for long- 
term variations in the Earth’s orbit and suggested 
some relationship to the appearance of past ice 
ages. The uncertainty in orbital parameters over 
periods of more than 40 million years thus indicate 
that reconstructing paleoclimates will be problematic 
(Laskar, 1999). 
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Besides planets there are many other objects in the 
solar system. Direct evidence for a chaotic trajectory 
has been found, for example, for the tumbling motion 
of Phobos and Deimos (moons of Mars) and for 
Saturn’s moon Hyperion (Wisdom, 1987). Similarly, 
efforts to retrace the trajectory of Halley’s comet 
back to its earliest recorded sighting in 163 BC gave 
wildly diverging results. As explained by Chirikov and 
Vecheslavov (1989), the orbit of Halley is chaotic with 
an inverse Lyapunov time of about 29 returns, so that 
the earliest observation is just beyond predictability. 
The distribution of asteroids between Mars and Jupiter 
shows conspicuous gaps (named after the astronomer 
Daniel Kirkwood) near orbits with rotation periods 
rationally related to the 11.9 year period of Jupiter. Such 
resonant interactions have strong effects on the orbits 
and can easily lead to collisions and escape from the 
resonance (Laskar, 1995; Wisdom, 1987). 

The relation between the Moon, the Earth, and the 
Sun also holds surprises. The history of the problem, 
and the contributions of Babylonian, Greek, and mod- 
ern astronomers to the observations and mathemati- 
cal tools, is reviewed in Gutzwiller (1998). Gutzwiller 
also gives a quantitative example for the significance 
of small denominators: in order to calculate the dis- 
tance between the Earth and Moon with the accuracy 
of 107!° achievable within the Lunar Laser Ranging 
project, amplitudes as small as 107!7 have to be kept 
because of a significant resonance. While this does not 
result in positive Lyapunov exponents, it is a precursor 
to it, a mild form of chaos, as Gutzwiller calls it. 

More surprisingly, the presence of the Moon is very 
important for the stability of the rotation axis of Earth: 
with the Moon the obliquity stays within about +1.3° 
of 23.3°. Without it, the obliquity ends up in a resonance 
and can become as large as 60° to 90°, with catastrophic 
consequences for our climate and the evolution of life 
(Laskar et al., 1993). 

Finally, itis worthwhile to point out that the presence 
of hyperbolic orbits in the solar system was used in 
connection with the satellite GENESIS (launched in 
August 2001) to bring it along a stable orbit close 
to a Lagrange point, where it will remain for a few 
years to collect particles in the solar wind, before being 
brought back to Earth along an unstable manifold (Koon 
et al., 2000). Exploiting trajectories that exist in the 
dynamical system allows the mission to be completed 
with minimal requirements on fuel. This mission may 
thus also be considered an example of chaos control, 
where similar ideas are being investigated. 

BruNo ECKHARDT 





See also Celestial mechanics; Controlling chaos; 
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SOLIDIFICATION PATTERNS 


See Growth patterns 


SOLITON WAVE PACKET 


See Quantum nonlinearity 


SOLITONS 


A soliton is a localized nonlinear wave that maintains its 
shape and speed as it travels, even through interaction 
with other waves. Another name for a localized 
traveling wave is a solitary wave. The term soliton 
was coined (by Zabusky & Kruskal, 1965) to reflect 
both the solitary-wave-like character and the particle- 
like interaction properties. Their surprising discovery 
has had an enormous impact on the field of nonlinear 
mathematics and science. 

In many physical applications, however, the use of 
the word soliton has come to rely on observation of 
long-lived solitary waves, with little emphasis placed 
on interaction properties. Jupiter’s Great Red Spot 
is often described as a soliton due to its long-lived 
identity (observed over hundreds of years) and the 
fact that it appears to maintain its identity through 
interaction with other disturbances. However, recent 
studies indicate that such Jovian vortices do not 
keep their identity through intrazonal interactions. 
In nonlinear optics, the deduction of stable, long- 
lived solitary waves is of great physical interest for 
their application as coherent light signals propagating 
through optical fibers, while their interaction properties 
are secondary. The definition of the word soliton in 
some dictionaries has come to reflect such usage by 
physicists, omitting the requirement of interaction. 
However, for mathematicians, the many surprising 
and miraculous discoveries of soliton theory are tied 
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fundamentally to the special interaction properties so 
its definition always contains elastic interaction as an 
essential requirement. 

The preservation of identity through interaction 
would not be surprising if we were describing solutions 
of linear nondispersive wave equations. A simple 
example is the linear wave equation uy; + (og Uxx =0, 
where c is a constant (assumed positive). The general 
solution is given by u(x, t)= f(x —ct)+g(x+cr), 
where f and g are determined by initial conditions. 
The first part, f(x — cf), is a wave traveling to the 
right with speed c, while the second part, g(x + ct), 
is a wave traveling to the left with speed c. Two such 
wave profiles interact when they meet head-on but they 
both come out of the interaction with the same shape 
and speed. 

However, until the discovery of solitons, it was gen- 
erally believed that no such property could hold for 
nonlinear equations. Common understanding in math- 
ematics and physics in the 1950s suggested that nonlin- 
ear wave solutions either break, dissipate, or thermalize, 
that is, distribute initial energy between different solu- 
tions over time, and, therefore, lose their identities with 
time. Much of this understanding was based on proto- 
typical examples, such as the inviscid Burgers equation 


du du 
ry +u ax 0, qd) 

which describes the one-dimensional propagation of 
compression waves in gas or dust or automoblie traffic. 
For the initial condition u(x, 0) = uo(x), the solution is 
a wave, given implicitly by u(x, t) = uo(x —tu(x, 1). 
If the initial wave profile uo (x) has a part with negative 
slope, the wave front steepens and eventually breaks in 
finite time, just like ocean waves do at a beach. (The 
break up time is easy to find by differentiating the so- 
lution with respect to x.) 

In 1965, Zabusky and Kruskal published numerical 
studies of the solutions of the Korteweg-de Vries (KdV) 
equation 





— +u—4+0°— =0, (2) 
t x 


which changed the above-described common beliefs 
about nonlinear waves forever (See Solitons, a 
brief history). If 5— 0, the limiting equation is 
the inviscid Burgers equation. Zabusky and Kruskal 
labeled Equation (2) as (1), chose 5 =0.022 and the 
initial condition u(x,0)= cos(zx) and studied its 
periodic solutions numerically. The word soliton was 
used for the first time in their paper of 1965, in the 
following extract. 


(I) Initially, the first two terms of Eq. (1) dominate and 
the classical overtaking phenomenon occurs; that is, u 
steepens in regions where it has negative slope. (II) 
Second, after u has steepened sufficiently, the third 
term becomes important and serves to prevent the 
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formation of a discontinuity. Instead, oscillations of 
small wavelength (of order 5) develop on the left of 
the front. The amplitudes of the oscillations grow, 
and finally each oscillation achieves an almost steady 
amplitude (that increases linearly from left to right) 
and has the shape of an individual solitary-wave of 
(1). (III) Finally, each “solitary wave pulse” or soliton 
begins to move uniformly at a rate (relative to the 
background value of u from which the pulse rises) 
that is linearly proportional to its amplitude. Thus, 
the solitons spread apart. Because of the periodicity, 
two or more solitons eventually overlap spatially and 
interact nonlinearly. Shortly after the interaction they 
reappear virtually unaffected in size or shape. In other 
words, solitons “pass through” one another without 
losing their identity. 
A standard form of the KdV equation is 
du |g bu aru 
ar) ae * a8 
This is equivalent to Equation (2) under a scaling 
transformation; that is, u(x, t)t> 682/3 u(x 6727/3, t) 
maps any solution of (2) to one of (3). If we consider 
the initial value problem for the KdV equation on the 
whole real x-line and look for solutions that vanish at 
infinity, then solitons are characterized by the initial 
condition 


u(x, 0) = N(N + 1) k* sech?(k x), (4) 


=0. (3) 


where N is any nonnegative integer. The corresponding 
solutions are called N-soliton or multisoliton solutions. 
The case N = 1 gives the traveling wave solution 


u(x, t) = 2k? sech*(k (x — 4k), (5) 


often called the one-soliton solution of the KdV 
equation. It is equivalent to the solitary wave 
observed by John Scott Russell in 1834 and deduced 
mathematically by Diederik Korteweg and Hendrik de 
Vries in 1895 (See Solitons, a brief history). 

When N > 2 and time ¢ is considered to be large 
negative (a long time into the past) or large positive 
(a long time into the future), the solution separates into 
a chain of N distinct, localized one-soliton solutions 
each having the form (5) for some value of k. The 
chain is positioned far to the left if ¢ is negative or 
far to the right if ¢ is positive. Each wave in the chain 
has a distinct height related to its speed. If their phases 
are arranged so that a taller soliton is to the left of a 
shorter one at some time in the past, then the taller one 
overtakes the shorter one, and reappears to the right 
with its distinctive height, shape, and speed unchanged. 
The only explicit sign that interaction has occurred is 
a phase shift, visible asymptotically as x and t become 
large, in each soliton. As in the one-soliton case, explicit 
formulae can be found for the N-soliton solution for 
all x and t. Moreover, the phase shifts due to pairwise 
interactions can be calculated exactly (See N-soliton 
formulas). 
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The soliton solutions of the KdV equation can 
be obtained explicitly by using the inverse scattering 
method. This method associates each solution u(x, t) 
of Equation (3), that vanishes (faster than 1/x) as 
x — +00, to the stationary Schrédinger equation 


Vx + (u(x,t) +A)p =0, (6) 


where u(x, -) plays the role of the potential function 
and A is a parameter. If we let A= fag we can 
characterize the space of solutions y (x; ¢) near infinity 
(in x) in terms of linear combinations of exp(+i¢ x). 
(Since u vanishes there, the equation becomes simply 
Wex —e?w=0, which has such exponentials as 
solutions.) Quantum mechanical convention regards the 
solution with behavior exp(ié x) at x = + 00 as an 
incoming wave from +00. Part of this incoming wave 
reflects off the potential barrier u while part of it is 
transmitted through to the other side. Not all boundary 
conditions at infinity can be satisfied without imposing 
conditions on ¢. A discrete set of eigenvalues {¢;} 
arises when we demand that the solutions vanish at 
infinity. The corresponding solutions are called bound 
states and their amplitudes are usually normalized. The 
collected information about discrete eigenvalues, the 
normalization constants, the reflection coefficient, and 
the transmission coefficient is called the set of spectral 
or scattering data. A beautiful and fundamental result of 
soliton theory is that the time evolution of the spectral 
data can be obtained explicitly as the potential evolves 
according to the KdV equation. Another fundamental 
result is that such evolved spectral data can be inverted 
to give the solution u(x, t) of the KdV equation at a 
later time. 

If all waves w are transmitted, with none being 
reflected, the potential u is called a reflectionless 
potential. It is an amazing fact that the N-soliton 
solutions of the KdV equation are precisely the 
reflectionless potentials of Equation (6). 

Another way to find the WN-soliton solutions 
of the KdV is through its Backlund transform 
(See Backlund transformations) or equivalently the 
Darboux transform of the Schrédinger equation (6). 
The latter was introduced by Gaston Darboux in 
1882, and expanded in his four-volume lecture notes 
on the geometry of surfaces (Darboux, 1915). The 
Darboux transform relates the potentials of two copies 
of the Schrédinger equation whose solutions are related 
linearly. His method shows how to change a potential 
so that a new discrete eigenvalue is added to those of 
the old potential (See Darboux transformation). 

Many other nonlinear PDEs are now known to have 
soliton solutions. Solitons come in different shapes and 
many flavors (See Solitons, types of). The sine-Gordon 
equation 








au 02u 
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has N-soliton solutions that asymptote to constants as 
x —> +00. One-soliton solutions can be one of two 
types, called a “kink” or an “anti-kink,’ according 
to whether it decays to zero to the left or the right, 
respectively. The explicit expression for such solutions 
is 


u(x,t) = 4 arctan (o (: un) (8) 
vi-n 


“9 


The “+” choice gives a kink and the “—” choice 
an antikink. Multisoliton solutions decompose into a 
sequence of kinks and antikinks as x and ¢ approach 
Oo. 

There is another type of soliton admitted by 
the SG equation, which appears to make it unique 
within the class of nonlinear Klein—Gordon equations: 
Uxx — Uyt = F (u). This is the “breather” solution: 











u(x, t) 
V1 — «2 sin( t) 
= 4arctan . 
® ~~ cosh(V/1 — w2 (x — x0)) 
(9) 





This solution oscillates (or “breathes”) while stay- 
ing in the same location as time evolves. How- 
ever, because SG is invariant under the Lorentz 
transform: (x,t) (X,T), X=(«—ct)/V1—¢2, 
T =(t—cx)//1—c2, where c is constant, the 
breather can be transformed to one that moves with 
speed |c| < 1. The existence of such spatially localized, 
temporally periodic solutions is rare for nonlinear wave 
equations. 
The nonlinear Schrodinger (NLS) equation 





gra We (10) 
ap gye 


provides a third example of a nonlinear PDE with N- 
soliton solutions. Its one-soliton solution is given by 
u(x,t) = a exp (i nx + (a? = ?)t) 
xsech (a (x = 2nt — xo)). (11) 
Solitons are not confined to partial differential 


equations. A differential-difference equation such as the 
Toda equation 


au 


at? 





“= exp (—(un — Un—1)) 
— exp (—(n+1 — Un)), (12) 


also has N-soliton solutions for arbitrary positive 
integers N. See Ablowitz & Segur (1981) for inverse 
scattering theory extended to such discrete evolution 
equations. 

There also exist nonlinear PDEs that have solutions 
that can be interpreted as 2-soliton solutions, but which 
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do not have N-soliton solutions for integer N > 2. 
Hirota pointed this out after inventing a method of 
calculating solitons explicitly and directly without 
using the inverse scattering method or Backlund 
transformations. (For details, see Ablowitz & Segur 
(1981) and Hirota’s method.) An example is the two- 
dimensional version of the SG equation 

Pu ru du 

ax? > dy? ar? 
Hirota’s method shows that there is a traveling wave 
solution that can be interpreted as a two-soliton. 
However, no N-soliton solution with higher N appears 
to exist. 

There are many more equations with solitary waves 
than those with N-soliton solutions. Traveling waves 
may also be known to exist without having an exact 
expression. An example is provided by the reduced 
model of nerve transmission given by the Fitzhugh— 
Nagumo equation (See Fitz Hugh-Nagumo equation). 

It can be shown that (for a certain range of parameter 
values) this equation admits traveling waves that are 
solitary waves. However, energy is not conserved for 
nerve impulses while it is for solitons. 

Despite their rarity in the class of differential 
equations, soliton equations arise ubiquitously as 
models of nature. The KdV equation arises as 
a canonical model of water waves, under certain 
constraints. Consider the motion of surface waves in 
a fluid that is inviscid and nondispersive to leading 
order. Assume that the height of the waves is small 
compared with the depth of fluid, which in turn is much 
smaller than the length scale in one direction (x, say) 
and, moreover, that these two small ratios of scales 
balance. Then the resulting model is always given by 
the KdV equation (or its relations, such as the modified 
KdV equation). See Ablowitz & Segur (1981) for a 
detailed derivation. The soliton solutions, in the case 
when dimensionless surface tension is less than 4, are 
the waves that travel on and raise the free surface. 
The general solutions are composed of N-solitons and 
a part called radiation that decays in amplitude as it 
moves away to infinity. When the water waves are 
nearly two-dimensional, the model equation becomes 
the Kadomtsev—Petviashvili equation 


a (du du Pu a2u 
+ 6 , | 
ax ay? 


=sinu. (13) 





a Ox | ax =he OOS 
which also possesses N-soliton solutions. Since such 
models always arise in an asymptotic sense (e.g., the 
balance of small wave height to depth of fluid), stability 
of solutions under perturbation is important. Solitons 
are stable under perturbations. 

Stratified fluids are another context in which the 
KdV equation arises as a universal model. Consider 
a situation where a lower, heavier fluid rests on an 
impermeable solid with a lighter fluid on top that has a 
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free surface above. A common example is the stratified 
ocean where colder, denser water lies underneath a 
warmer, lighter layer. If the sea is contained by a 
boundary that restricts the colder layer but there are 
forces present, such as tides, that force the lighter 
layer, interface waves appear between the two layers. 
Such waves are also governed by the KdV equation 
under appropriate assumptions. The soliton solutions 
are then interface waves that thicken the upper layer. 
The KdV and its solitons also arise in collision- 
free hydromagnetic waves, ion-acoustic waves, plasma 
physics, and lattice dynamics. 

Like the KdV equation, the SG and NLS equations 
also arise as universal models in certain contexts. 
Some of the applications of the SG equation include 
the study of propagation of crystal defects, that 
of domain walls in ferromagnetic and ferroelectric 
materials, as a one-dimensional model for elementary 
particles, self-induced transparency of short optical 
pulses, and propagation of quantum units of magnetic 
flux on long Josephson (superconducting) transmission 
lines. See Scott (2003) for detailed descriptions. The 
NLS equation appears as a model of the propagation 
of packets of hydrodynamic waves on deep water, 
nonlinear pulses of light in an optical fibre, two- 
dimensional self-focusing of a plane wave, one- 
dimensional self-modulation of a monochromatic 
wave, propagation of a heat pulse in a solid, and 
Langmuir waves in plasmas. 

Na ini JosHI 


See also Backlund transformations; Inverse scat- 
tering method or transform; Solitons, types of; 
Zero-dispersion limit 
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In 1834, a young engineer named John Scott Russell 
was conducting experiments on the Union Canal 
(near Edinburgh, Scotland) to measure the relationship 
between the speed of a canal boat and its propelling 
force, with the aim of finding design parameters for 
conversion from horse power to steam. One August day, 
a rope parted in his apparatus and (Russell, 1844) 
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Figure 1. A hydrodynamic solitary wave (or soliton) in a tank 
similar to that described by John Scott Russell (1844). The wave 
is generated by suddenly releasing (or displacing) a mass of water 
at the left-hand side of the tank. 


the boat suddenly stopped—not so the mass of water 
in the channel which it had put in motion; it 
accumulated round the prow of the vessel in a state 
of violent agitation, then suddenly leaving it behind, 
rolled forward with great velocity, assuming the form 
of a large solitary elevation, a rounded, smooth 
and well-defined heap of water, which continued its 
course along the channel without change of form or 
diminution of speed. 


Russell did not ignore this serendipitous phe- 
nomenon, but “followed it on horseback, and overtook 
it still rolling on at a rate of some eight or nine miles an 
hour, preserving its original figure some thirty feet long 
and a foot to a foot and a half in height” until the wave 
became lost in the windings of the channel. He contin- 
ued to study the solitary wave in tanks and canals over 
the following decade, finding it to be an independent 
dynamic entity moving with constant shape and speed. 


Using a wave tank, he demonstrated four facts 
Russell (1844). First, solitary waves have a hyperbolic 
secant shape. Second, a sufficiently large initial mass 
of water produces two or more independent solitary 
waves. Third, solitary waves cross each other “without 
change of any kind.” Finally, a wave of height 4 and 
traveling in a channel of depth d has a velocity given by 
the expression ./g(d + h) (where g is the acceleration 
of gravity), implying that a large amplitude solitary 
wave travels faster than one of low amplitude. 

Although soon confirmed by observations on the 
Canal de Bourgogne near Dijon, most subsequent dis- 
cussions of the hydrodynamic solitary wave missed the 
physical significance of Russell’s observations. Evi- 
dence that Russell maintained a deeper appreciation 
of the importance of his discovery is provided by a 
posthumous work where—among several provocative 
ideas—he correctly estimated the height of the Earth’s 
atmosphere from the fact (well known to military en- 
gineers of the time) that “the sound of a cannon travels 
faster than the command to fire it” (Russell, 1885). 

In 1895, Diederik Korteweg and Hendrik de Vries 
published a theory of shallow water waves that reduced 
Russell’s problem to its essential features. One of their 
results was the nonlinear partial differential equation 
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(PDE) 


du | ou | Pu ; du 0 1 

ar ax ans ax 
which would play a key role in soliton theory (Korteweg 
& de Vries, 1895). In this equation, u(x, t) is the wave 
amplitude, c= ./gd is the speed of small amplitude 
waves, ¢ = c(d*/6—T/2pg) isa dispersive parameter, 
y = 3c/2d is a nonlinear parameter, and T and p 
are, respectively, the surface tension and the density of 
water. In general, Equation (1) is nonlinear with exact 
traveling-wave solutions 


u(x, t) = hsech?[k(x — vt)], (2) 


where k « h implying that higher amplitude waves 
are more narrow. With this shape, the effects of 
dispersion balance those of nonlinearity at an adjustable 
value of the pulse speed; thus, the hydrodynamic 
solitary wave is seen to be an independent dynamic 
entity. 








Backlund Transformations 


Although unrecognized at the time, such an energy 
conserving solitary wave is related to the existence 
of a transform technique that was proposed by Albert 
Backlund in 1855 (Lamb, 1976). Under this Backlund 
transformation (BT), a known solution generates a 
new solution through an integration, after which the 
new solution can be used to generate yet another new 
solution, and so on. It is straightforward to find a BT for 
any linear PDE, which introduces a new eigenfunction 
into the total solution with each application of the 
transformation. Only special nonlinear PDEs have 
BTs, but 19th century mathematicians knew that these 
include 

au 

dédT 
which arose in research on the geometry of curved 
surfaces (Steuerwald, 1936). 

In 1939, Yakov Frenkel and Tatiana Kontorova 
introduced a seemingly unrelated problem arising in 
solid state physics to model dislocation dynamics in a 
crystal (Frenkel & Kontorova, 1939). From this study, 
an equation describing dislocation motion is 


au 2u 
ax? ar? 
where u(x, t) is atomic displacement in the x-direction 
and the sine function represents periodicity of the 


crystal lattice. A traveling-wave solution of Equation 
(4), corresponding to the propagation of a dislocation, is 


x— vt 
u(x,t) = 4 arctan [es (=) : (5) 
VI-v 
with velocity v in the range (—1,+1). Because 
Equation (4) is identical to Equation (3) after an 


= sinu, (3) 


=sinu, (4) 
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independent variable transformation, exact solutions 
involving arbitrary numbers of dislocation components 
as in Equation (5) can be generated through a succession 
of Backlund transformations, but this was not known 
to Frenkel and Kontorova. 


Numerical Discoveries of the Soliton 


In the late 1940s, Enrico Fermi, John Pasta, and Stan 
Ulam (FPU) suggested one of the first scientific prob- 
lems to be assigned to the Los Alamos MANIAC com- 
puting machine: the dynamics of energy equipartition 
in a slightly nonlinear crystal lattice, which is related 
to thermal conductivity. The system they chose was 
a chain of equal mass particles connected by slightly 
nonlinear springs, and it was expected that if all the ini- 
tial energy were put into a single vibrational mode, the 
small nonlinearity would cause a gradual progress to- 
ward equal distribution of the energy among all modes 
(thermalization). But the numerical results were sur- 
prising. If all the energy is originally in the mode 
of lowest frequency, it returns almost entirely to that 
mode after a period of interaction among a few other 
low frequency modes. In the course of several nu- 
merical refinements, no thermalization was observed 
(Fermi et al., 1955). 

Pursuit of an explanation for this “FPU recurrence” 
led Zabusky and Kruskal to approximate the nonlinear 
spring-mass system by the KdV equation. In 1965, 
they reported numerical observations that KdV solitary 
waves pass through each other with no change in shape 
or speed, and coined the term soliton to suggest this 
particle-like property (Zabusky & Kruskal, 1965). 

Zabusky and Kruskal were not the first to observe 
nondestructive interactions of energy conserving soli- 
tary waves. Apart from Russell’s tank measurements, 
Perring and Skyrme had studied solutions of Equation 
(4) comprising two solutions as in Equation (5) under- 
going a collision. In 1962, they published numerical 
results showing perfect recovery of shapes and speeds 
after a collision and went on to discover an exact analyt- 
ical description of this phenomenon (Perring & Skyrme, 
1962). 

This result would not have surprised 19th-century 
mathematicians; it is merely the second member of the 
hierarchy of solutions generated by a BT. Nor would 
it have been unexpected by Seeger and his colleagues, 
who had noted in 1953 the connections between the 
19th-century work (Steuerwald, 1936) and the studies 
of Frenkel and Kontorova (Seeger et al., 1953). Because 
Perring and Skyrme were interested in Equation (4) as 
a nonlinear model for elementary particles of matter, 
however, the complete absence of scattering may have 
been disappointing. 

Throughout the 1960s, Equation (4) arose in a 
variety of problems, including the propagation of 
ferromagnetic domain walls, self-induced transparency 
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in nonlinear optics, and the propagation of magnetic 
flux quanta in long Josephson transmission lines. 
Eventually it became known as the “sine-Gordon” (SG) 
equation—a nonlinear version of the Klein—Gordon 
equation: (Ux. — Uyy =U). 

Perhaps the most important contribution made by 
Zabusky and Kruskal in their 1965 paper was to 
recognize the relation between nondestructive soliton 
collisions and the riddle of FPU recurrence. Viewing 
KdV solitons as independent and localized dynamic 
entities, they explained the FPU observations as 
follows. The initial condition generates a family of 
solitons with different speeds, moving apart in the 
x-t plane. Since the system studied was of finite 
length with perfect reflections at both ends, the solitons 
could not move infinitely far apart; instead, they 
eventually reassembled in the x—t plane, approximately 
recreating the initial condition after a surprisingly short 
“recurrence time.” 

By 1967, this insight had led Gardner, Greene, 
Kruskal, and Miura (GGKM) to devise a nonlinear 
generalization of the Fourier transform method for 
constructing solutions of the KdV emerging from 
arbitrary initial conditions (Gardner et al., 1967). 
Called the inverse scattering method (ISM), this 
approach proceeds in three steps. First, the nonlinear 
KdV dynamics are mapped onto an associated linear 
scattering problem, where each eigenvalue of the linear 
problem corresponds to the speed of a particular KdV 
soliton. Second, the time evolution of the associated 
linear scattering data is computed. Finally, an inverse 
scattering calculation determines the time evolved KdV 
dynamics from the evolved scattering data. Thus, the 
solution of a nonlinear problem is found from a series 
of linear computations. 


Toda Lattice Solitons 


Another development of the 1960s was Morikazu 
Toda’s discovery of exact two-soliton interactions on 
a nonlinear spring-mass system (Toda, 1967). As in 
the FPU system, equal masses were assumed to be 
interconnected with nonlinear springs, but Toda chose 
the potential 

(5) [es — 1] + auj, (6) 
where u(t) is the longitudinal extension of the jth 
spring from its equilibrium value and both a and b are 
adjustable parameters. (In the limit a oo and b— 0 
with ab finite, this reduces to the quadratic potential of 
a linear spring. In the limit a—> 0 and b— oo with 
ab finite, it describes the interaction between hard 
spheres.) Thus by the late 1960s, it was established that 
solitons were not limited to PDEs; local solutions of 
difference-differential equations could also exhibit the 
unexpected properties of unchanging shapes and speeds 
after collisions. 
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SOLITONS, TYPES OF 


A Seminal Workshop 


These events are only the salient features of a growing 
panorama of nonlinear wave activities that became 
gradually less parochial during the 1960s. Solid state 
physicists began to see relationships between their 
solitary waves (magnetic domain walls, self-shaping 
pulses of light, quanta of magnetic flux, polarons, 
etc.), and those from classical hydrodynamics and 
oceanography, while applied mathematicians began 
to suspect that the ISM (originally formulated by 
GGKM for the KdV equation) might be used for 
a broader class of nonlinear wave equations. It was 
amid this intellectual ferment that the first soliton 
research workshop was organized during the summer 
of 1972 (Newell, 1974). Interestingly, one of the most 
significant contributions to this conference came by 
post. From the Soviet Union arrived a paper by Vladimir 
Zakharov and Alexey Shabat formulating the ISM for 
the nonlinear PDE Zakharov & Shabat (1972) 


Ou a7u 2 

ia t aya t lulu = 0. (7) 
In contrast to KdV, SG, and the Toda lattice, the 
dependent variable in this equation is complex rather 
than real, so the evolutions of two quantities (magnitude 
and phase of uw) are governed by the equation. This 
reflects the fact that Equation (7) is a nonlinear 
generalization of a linear equation iu; + ux, +u=0, 
solutions of which comprise both an envelope and a 
carrier wave. As this linear equation is a Schrédinger 
equation for the quantum mechanical probability 
amplitude of a particle (like an electron) moving 
through a region of uniform potential, it is natural 
to call Equation (7) the nonlinear Schrédinger (NLS) 
equation. When the NLS equation is used to model 
classical wave packets in such fields as hydrodynamics, 
nonlinear acoustics, and plasma waves, however, its 
solutions are devoid of quantum character. 


Upon appreciating the Zakharov and Shabat paper, 
participants left the 1972 workshop aware that four 
nonlinear equations (KdV, SG, NLS, and the Toda 
lattice) display solitary wave behavior with the special 
properties that led Zabusky and Kruskal to coin the 
term soliton (Newell, 1974). Within two years, ISM 
formulations had been constructed for the SG equation 
and also for the Toda lattice. 


Since the mid- 1970s, the soliton concept has become 
established in several areas of applied science, and 
dozens of nonlinear systems are now known to be 
integrable through the ISM. Thus, one is no longer 
surprised to find stable spatially localized regions of 
energy, balancing the opposing effects of nonlinearity 
and dispersion and displaying the essential properties 
of objects. 


ALwyn Scott 
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See also Backlund transformations; Fermi—Pasta— 
Ulam oscillator chain; Inverse scattering method or 
transform; Laboratory models of nonlinear waves; 
Solitons 
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Solitons are localized solutions of nonlinear partial or 
difference-differential equations that preserve their in- 
tegrity under collisions with other such solutions. In 
general, energy is conserved for soliton systems; thus, 
they are a special class of Hamiltonian systems. Lo- 
calization may result from a dynamic balance between 
the effects of nonlinear and dispersion (nontopological 
solitons) or from a topological constraint. 
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Nontopological Solitons 


Perhaps the most famous example among equations 
admitting solitary wave solution is the Korteweg—de 
Vries (KdV) equation 


Uy + OU, + Uz, = 0, (1) 


which has the solitary-wave solution 


u = asech” | Vae/12Lx _ (ac/3)t]} ‘ (2) 


where a is the wave amplitude. The quadratic nonlinear 
term (auu,) is balanced by the dispersive term (uy...) 
in the solution of Equation (2). A feature of such solitary 
waves of this type is that they preserve their shapes and 
speeds under collisions (act as particles); thus they are 
called “solitons.” 

In general, Equation (1) approximates a more 
detailed physical description. When the quadratic 
nonlinear term is small, the cubic nonlinear term may be 
taken into account, leading to the following equation. 


u, + auuy + Bu uy + Uxxx = 0, (3) 


which is known as the extended Korteweg-de Vries 
(eKdV) equation. With a =0 and 6 = 6, Equation (3) 
is known as the modified Korteweg—de Vries (mKdV) 
equation with negative dispersion, 


Up + 6u7Uy + Uxxy = 0. (4) 
Equation (4) admits solitary wave solutions tending to 
uo at infinity (Grimshaw et al., 1999), 
2v? 
ug + oAcosh[2v(x — pt)] 


where A > |wo|,v = ,/A2 uo =+ 1, = 2u}, + 4)2, 


and 





(5) 


u(x,t) =uo4 








4uo 
1+ 4uz(x — 6u2t)?” 





u(x,t) = u0 (6) 
Equation (5) reduces to a soliton solution as 
ug > 0, 


u = 2oAsech{2A(x — 4471)}, ) 


which is different from the KdV soliton solution (2). 
Equation (6) shows that the wave shape (u — uo) 
vanishes algebraically as |x|—> oo. We call it an 
algebraic soliton or rational soliton. 

The eKdV equation (3) has the following solitary- 
wave solution ((Grimshaw et al., 1999), 


(6y7/a) 
1+ Bcosh{y(x — y21)}’ 





u(x,t) (8) 
where B?=1+(6By?/a7) and y is an arbitrary 
parameter, characterizing the inverse width of the 
solitary wave. In the case B <0 (0 < B <1), at small 
wave amplitudes (B — 1), Equation (8) transforms into 
the KdV soliton solution. On the other hand, as the wave 
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Figure 1. Interaction between line soliton and periodic soliton. 


amplitude increases (B — 0), it approaches the critical 
value a; = a/|B|. In the limit (B — 0), the width of the 
solitary wave increases to infinity and it becomes the 
so-called thick soliton. The thick soliton can be viewed 
as a kink-antikink combination. 

An extension of the KdV equation to motion in 
two space dimensions was given by Kadomtsev and 
Petviashvili in order to discuss the stability of the KdV 
soliton (line soliton in two-dimensional space) against 
a long transverse disturbance. This two-dimensional 
extension is known as the Kadomtsev—Petviashvili 
(KP) equation, 


(u; + 6uuly + Uxxx)x + 35Uyy = 0, (9) 





which corresponds to the case of negative and positive 
dispersion when s=+1 and s=—1, respectively 
(Kadomtsev & Petviashvili, 1970). They have shown 
that the line soliton is stable in the case of negative 
dispersion and is unstable for the positive dispersion. 
This leads to the conjecture that a localized soliton in 
two-dimensional space should be formed in the positive 
dispersion case, since the line soliton is unstable. Such 
a soliton solution has been found by Manakov et al. 
(1977) and Ablowitz & Satsuma (1978), which is no 
longer exponential in character, but a rational function 
of space variables, 


Poe 0 Mili a 
[Lt Le)? +624 92] 





(10) 


with 





& = Re{x — 2iLy — 12171} + &, 
n = Im{x — 2iLy — 12L71} + no, 





where & and no are arbitrary constants and * indicates 
the complex conjugate. This solution decays like 
(x2 + y2)7! as (x2 + y2)!?2 oo; thus, it is also 
called an algebraic soliton or rational soliton or lump. 
Another type of localized soliton appears in the positive 
dispersion case as a sequence of infinite algebraic 
solitons, called a periodic soliton or soliton chain 
(Tajiri & Murakami, 1989). Figure 1 shows a typical 
interaction between line soliton and periodic soliton. 
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The Benjamin—Ono (BO) equation, 


1 e ne 
ur + 4uuy 4 P| “ED ae 9, cay 

0 -o §€-xXx 
describes a weakly nonlinear, long internal wave in a 
stratified fluid of great depth, where P stands for the 
principal value of the integration and the third term 
is dispersive (Ono, 1975). The BO equation has an 
algebraic soliton solution, 

a 

~ a(x — at — x0)? +17 


which is called a Benjamin—Ono soliton. 











(12) 


u 


Envelope solitons 


Consider next the propagation of a modulated 
plane wave in a nonlinear and dispersive medium 
where the dispersion relation is amplitude dependent, 
w=o(k, |u|”). Expanding around the carrier wave 
number kg and frequency wo, we have 


dw 1 (Po 5 
@— wo aE (k — ko) 4+ alae (k — ko) 
0 0 


dw 2 (13) 
. (aa), we 


Replacing w — wo by id/dt and k — ko by —i0/dx and 
operating on u gives 


_ [au dw\ du 1(/#o\ du 
i pl 
at | \ak Jy ax} ° 2 \ ak? ]q ax? 
20) ul? (14) 
- u|“u = 0, 
aul?) o 


which is the nonlinear Schrodinger (NLS) equation. If 














(0?@/9k*)(9@/A|u\*)o < 0, 


the plane wave is unstable for the modulation, otherwise 
it is stable. 

Under appropriate scaling and variable transforma- 
tions, Equation (14) takes the standard form 


in; + Uxy + 2elu|?u =0, (¢ = +1). (15) 


With ¢=1, this is called the focusing NLS (FNLS) 
equation and has an envelope soliton solution, 








u= Keilkx-214+9) sech(K x —Qt+o), (16) 


where —(Q+i6)+(K+ib)?=0 and 6 and o 
are arbitrary constants. This is called a bright 
soliton in nonlinear optics (see Figure 2a). If the 
phase velocity decreases (increases) with increased 
amplitude, nonlinear effect results in a decrease 
(increase) of the wave number in the leading half of 
the envelope and a increase (decrease) in wave number 
in the trailing half. Thus, the envelope is compressed, 
and a soliton finds a balance between the effect of 
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Figure 2. (a) Bright soliton and (b) dark soliton. 


compression caused by nonlinearity and broadening 
caused by dispersion. 

The defocusing NLS (DNLS) equation (with 
¢ =— 1) has a dark soliton solution (shown in Figure 
2b) 


|u|? = wd[1 — a?sech*{uoa(x — vt)}], (17) 


which appears as an intensity dip in an infinitely 
extended constant background. The dark soliton 
solution with a = 1 


ul? = ua tanh? ug(x — vt), (18) 


is called a black soliton and the solution with a < 1 is 
sometimes referred to as a gray soliton. 

Optical communication systems are degraded by the 
spreading out of pulses as they travel along a fiber, 
which is caused by dispersion. Hasagawa and Tappert 
proposed using the nonlinear change of dielectric 
constant of the fiber to compensate for this dispersive 
effect (Hasagawa & Tappert, 1973). The optical pulse 
was shown to form a bright soliton in the case of 
anomalous dispersion (02@/dk? > 0), a prediction that 
was verified by Mollenauer et al. (1980). 

Writing k=k(o, |u|?) as the solution of the 
dispersion relation again leads to the NLS equation 
but with different variables (w and k interchanged). 
The NLS equation in these variables is important in 
nonlinear optics. 


More Space Dimensions 


Spatial dark-soliton stripes are experimentally found 
in the transverse cross section of a continuous-wave 
(cw) optical beam propagating through material with 
a self-defocusing nonlinearity. The spatial evolution of 
a monochromatic transverse electric field E(x, y, z) in 
a self-defocusing medium with Kerr nonlinearity (the 
intensity-dependent refractive index n =ng — n2|E 7) 
is described by the NLS equation 


iu, + fA Lu —|ul?u =0, (19) 


where A = 92+ ae is the transverse diffraction op- 
erator and z is the propagation coordinate. Although 
dark-soliton stripes are unstable to transverse long- 
wavelength modulation, linear analysis predicts stabil- 
ity to transverse modulation having a short period. 
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Kivshar & Yang (1994) showed that self-defocusing 
nonlinear media can support a ring soliton, which is 
a dark-solitary wave with ring symmetry. If the ring 
radius is small enough, it is not subject to the transverse 
instability characteristic of dark-stripe solitons. It has 
also been demonstrated that in the small-amplitude 
limit such solitons are governed by a cylindrical KdV 
equation. Frantzeskakis and Malomed also showed 
that anti-dark ring solitons (humps on top of the cw 
background rather than dips) can exist too but only 
for non-Kerr saturable nonlinearities (Frantzeskakis & 
Malomed, 1999). 

Spatial solitons are optical beams that are self- 
trapped in space due to a balance between the 
Kerr nonlinearity and diffraction, a well-studied 
phenomenon. A new type of spatial soliton, which 
was proposed by Segev et al. (1992), occurs in a 
photorefractive (PR) crystal biased with an external de 
electric field. The presence of optical beams in a crystal 
leads to photoexcitation of electric charges. The space 
charge screens the externally applied electric field in 
the illuminated area of the crystal. The non-uniform 
screening of the electric field modifies the refractive 
index in such a way that the beam becomes self-trapped 
and propagates in a form of a PR spatial soliton. PR 
spatial solitons can occur at microwatt power levels, 
whereas the observation of Kerr solitons requires much 
higher power. Steady solitons in PR crystals are called 
screening solitons. 

With the application of a slightly detuned driving 
field, a slightly lossy Kerr medium supports cavity 
solitons, which are then induced by writing pulses (Firth 
et al., 2002). This provides an optical means for writing 
patterns of light onto the cavity cross section and 
subsequently erasing them, in other words an optical 
memory. 

It is known that the diffusion effect of photoexcited 
charges leads to a bending of the trajectories of PR 
solitons. Krélikowski et al. (1996) showed by using 
numerical simulations that self-bending solitons in 
the presence of the diffusion processes are stable 
and withstand relatively large perturbations. They also 
showed that even a small contribution of diffusion effect 
leads to strong energy exchange between colliding 
PR solitons. In general, spatial solitons in PR media 
do not satisfy the mathematical definition of solitons, 
even when they propagate as solitary waves with an 
unchanging beam profile. 

Self-trapping has been studied in Kerr-type, PR, 
quadratic, and resonant atomic nonlinear media. All of 
these studies have investigated self-trapping of spatially 
coherent light beams only. Diffraction of a spatially 
incoherent beam is larger than that of a coherent beam 
of the same width. Therefore, a spatially incoherent 
beam diverges much faster than a coherent beam, and 
self-trapping of an incoherent beam requires stronger 
optical nonlinearities than self-trapping a coherent 
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beam. Recently, self-trapping of incoherent light beams 
has been demonstrated experimentally (Mitchell et 
al., 1996) and theoretically (Mitchell et al., 1997). In 
general, spatial incoherent solitons are multimode, self- 
trapped entities, found only in materials with non- 
instantaneous (internal) nonlinearity (Mitchell et al., 
1997). 

Another interesting phenomena is the formation 
of solitons by the mutual trapping of the interacting 
waves. Torner et al. (1996) showed that soliton-like 
propagation occurs in the presence of walk-off between 
the interacting waves. The solitons in the presence of 
walk-off are called walking solitons. Temporal walk-off 
is due to different group velocities of the waves forming 
the soliton, while spatial walk-off is due to different 
propagation directions of energy and phase fronts in 
anisotropic media. 

The possibility of creating three-dimensional 
(3-d) localized pulses in a self-focusing medium with 
anomalous group-dispersion was demonstrated by Sil- 
berberg (1990), who showed that they pulses are ro- 
bust in the sense that remain as separate solitary for- 
mations even after collisions. These 3-d-pulses propa- 
gating without changes in space or time are called light 
bullets. 


Topological Solitons 


Another mechanism leading to the emergence of 
solitons is a topological constraint, exemplified by the 
sine-Gordon (SG) equation 


Utt —uxy +m sinu = 0. (20) 


The SG equation is characterized by two properties: 
Lorentz invariance and multiple ground states of the 
energy. The presence of multiple ground states aids 
soliton formation because the field takes different 
asymptotic values on both sides of the isolated wave, 
so the wave is unable to disperse. (It cannot decay 
by spreading out for the same reason a twist sealed 
in the boundary condition at the end of a band 
cannot be removed.) Thus, wave fields can incorporate 
topological solitons if there are multiple ground states 
with an appropriate topology. Such a soliton of the SG 
equation is given by 


x — ut — x0 
u = 4arctan [esp (en) ‘ (21) 


1— v2 


The solution represents a twist in the configuration 
of the field connecting one ground state 2nz to the 
another ground state (2n + 2). The + sign and — sign 
solutions are called a kink and an antikink, respectively, 
as shown in Figure 3. They are often termed soliton and 
antisoliton instead of kink and antikink. The energy 
of the SG kink solution is given by 8m/¥V1 — v2, 
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aacikink 





Figure 3. Kink and antikink. 


which has relativistic dependence on the velocity 
v. There is an analogy between kink/antikink and 
positively/negatively charged elementary particles. The 
time evolution of an initial state consisting of two 
kinks shows that the two kinks move away from 
each other. On the other hand, the kink and antikink 
move toward each other. The twist (Q) of a kink 
(+2z:) or antikink (—27r) is known as its topological 
charge. 

Perring and Skyrme were interested in the SG 
equation as a model equation for physical elementary 
particles (Perring & Skyrme, 1962). They regarded 
the kink as nucleon and the linear wave (with Q =0) 
as a meson. The soliton solution of a nuclear model 
for which topological charge is the baryon number is 
called a skyrmion. Topological charge is a conserved 
quantity stemming from the geometric configuration of 
the field—an important feature of many field theories 
that admit kink solutions. 

Numerous attempts were made to find particle- 
like solutions of relativistically invariant nonlinear 
field equations in higher dimensions. Under radial 
symmetry, ring and spherical solitons to the SG and 
Higgs field equations have been studied numerically by 
Bogolyubskii and Makhan’kov who called such waves 
pulsons due to their pulsating behavior (Bogolyubskii 
& Makhan’kov, 1976). 


Lattice-solitons 


Solitons and kinks in discrete systems are sometimes 
called lattice-solitons and lattice-kinks, respectively. 
The Toda lattice is a one-dimensional lattice of 
equal masses, interconnected by exponetial interaction 
potentials of the form (Toda, 1981) 


or) = < exp(—br) + ar + const., (22) 


where a,b>0 and r is the change of a distance 
between adjacent masses from its equilibrium value. 
The equation of motion for Toda lattice is an integrable 
system, admitting exact N-soliton solutions, whose 
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form for N = 1 is given by 


exp(—br,) -—1= 
sinh? («)sech2 («n + t/ab/m sinh ) , (23) 





where « is an amplitude parameter and m is the mass 
of the particles. 

The theory of wave propagation in periodic struc- 
tures shows the existence of forbidden frequency bands 
or band gaps, located around the (Bragg) reflection fre- 
quencies. A wave with overtone frequencies within the 
forbidden frequency bands will have little means of in- 
teraction with the periodic structure. The solitons that 
emerge from a balance between nonlinear self-phase 
modulation and dispersion associated with the periodic 
structure are called gap solitons. 


Other Types of Solitons 


A variable coefficient KdV equation arises in the study 
of a solitary water waves as it enters a region where 
the bottom is no longer level (Johnson, 1980). A 
soliton on non-uniform background generally moves 
with variable speed. When a soliton comes from left 
(or right) and goes back to left (or right) with opposite 
velocity—sailing back like an Australian boomerang— 
it is called a boomeron. When a soliton oscillates 
without ever escaping to infinity, the soliton is referred 
to as a trappon (Calogero & Degasperis, 1982). 

The Dym equation (r; = r>rxxx) was discovered in 
unpublished work by Harry Dym and rediscovered in 
a more general form by Sabatier within the classical 
string problem. This equation belongs to a wide class of 
nonlinear equations (WKI equations) found by Wadati, 
Konno, and Ichikawa to be completely integrable 
(Wadati et al., 1979). Reciprocal links between the 
Dym and KdV and MK@dV equations provide implicit 
solutions, since they include the simultaneous change of 
both dependent and independent variables (Kawamoto, 
1985). The Dym equation has cusp soliton solutions. 
Some new approaches, which allow construction of 
multisoliton solutions almost explicitly have been 
developed for the Dym equation by (Dmitrieva, 1993). 
Recently, it was shown that the Dym equation on the 
complex plane is relevant to such physical problems 
as the Hele-Shaw problem and the Saffman—Taylor 
problem (Constantin & Kadanoff, 1991). 

The nonlinear transverse oscillation of an elastic 
beam subject to an end-thrust is described by one of 
the WKI equations. If the beam is flexible enough, 
it deforms into a loop, with the upper half portion 
having negative curvature. In this case, the nonlinear 
oscillation can be described by an equation of the 
following form (Konno et al., 1981): 


ds Vex 
xt + § =O, 24 
Yxr 7 Sgn (=) (5 =f ol ¢ ) 
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Figure 4. Loop soliton. 


where s denotes arc length measured around the loop. 
Konno et al. showed that such a loop soliton (shown 
in Figure 4) propagating along a stretched rope can be 
obtained as a one soliton solution to Equation (24). 

Solitary waves with finitely extended (compact) 
support were recently studied in various equations 
with nonlinear dispersion. Rosenau and Hyman showed 
that solitary-wave solutions may have compact support 
under the influence of nonlinear dispersion in various 
generalizations of the KdV equations with nonlinear 
dispersion (Rosenau & Hyman, 1993). The nonlinear 
dispersion is weaker for small amplitude than the 
linear dispersion in the KdV equation, leading to 
compactification. Such robust soliton-like pulses— 
characterized by the absence of the infinite tail—are 
called compactons. 


Masayosut TAsIRI 


See also Korteweg-de Vries equation; Multidi- 
mensional solitons; Nonlinear optics; Nonlinear 
Schrédinger equations; Sine-Gordon equation; 
Skyrmions; Solitons; Toda lattice 
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See Phase space 


SPATIOTEMPORAL CHAOS 


Spatiotemporal chaos is a dynamical regime developing 
in spatially distributed systems lacking long-time, 
large-distance coherence in spite of an organized 
regular behavior at the local scale. It is, so to speak, 
located in the middle of a triangle, the corners of 
which are temporal chaos, which is prevalent for a few 
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spatially frozen degrees of freedom, spatial chaos, in 
disordered time-independent patterns, and turbulence, 
with cascading processes over a wide range of space 
and time scales. 

Short-term local coherence is usually the result of 
some instability mechanism that generates dissipative 
structures of different kinds depending on whether or 
not a specific frequency (we = 0 or £ 0) and/or a spatial 
periodicity (ke =0 or £0) is introduced in the system 
(Cross & Hohenberg, 1993). Examples of spatiotempo- 
ral chaos may be found in every combination of these el- 
ementary cases: Rayleigh—Bénard convection produces 
a time-independent cellular pattern (we = 0, ke # 0), the 
Belousov—Zhabotinsky (BZ) reaction-diffusion system 
is unstable against a homogeneous oscillatory mode 
(@. £0, ke = 0), convection in binary fluid mixtures de- 
velops in the form of dissipative waves (we £ 0, ke £0), 
and the same holds for hydrothermal waves. Transitions 
to spatiotemporal chaos have been observed and stud- 
ied in many experimental systems, including parametri- 
cally excited surface waves, electro-hydrodynamic in- 
stabilities in nematic liquid crystals (Kramer & Pesch, 
1996), and liquid films flowing down inclines (Chang, 
1994). Figure 1 (left) illustrates the case of spiral defect 
chaos in convection. 

In practice, confinement effects enter and compete 
with instability mechanisms in the ordering process. 
Their intensity can be appreciated through aspect ratios, 
measuring the physical size of the system in units 
of the instability wavelength. In small aspect-ratio 
experiments, confinement effects are effective in the 
three space directions and chaos is purely temporal. 
Spatiotemporal chaos develops when confinement is 
partially relaxed. Accordingly, phenomena developing 
at surfaces or in thin layers can be understood as 
(quasi-)two-dimensional (Gollub, 1994). In the same 
way, narrow channels or oriented media along a 
specific direction exemplify the case of (quasi-)one- 
dimensional systems (Daviaud, 1994). 

A second important classification results from 
the nature of the bifurcation, either supercritical 
or subcritical (continuous or discontinuous), which 
implies either substitution or coexistence of bifurcating 
and bifurcated states. To a large extent, this feature 
dictates the type of theory most appropriate to 
understand the growth of spatiotemporal chaos. 

Consider first the supercritical case. When confine- 
ment effects are unable to maintain order everywhere, 
reduced universal descriptions are generically obtained 
as “envelope equations” (Newell, 1974). Standing 
as a paradigm, the cubic complex Ginzburg—Landau 
(CGL3), reviewed by Aranson & Kramer (2002), spa- 
tially unfolds a local supercritical Hopf bifurcation sig- 
nalling the emergence of uniform oscillations (w. 4 0, 
k, =0). In one dimension (1-d), this equation reads 





A =A+(+ia)dxA—(+if)|AP?A, (DD 
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Figure 1. Left: Spiral defect chaos near threshold in 
Rayleigh—Bénard convection at O(1) Prandtl number. (Courtesy 
Ahlers, 1998). Right: Coexistence of spirals and defect mediated 
chaos in the 2-d CGL equation for w= — 2 and B ~ 0.75 (Man- 
neville, unpublished). 


where the parameters w and 6 measure linear and 
nonlinear dispersion effects, respectively. The CGL3 
equation admits trivial exact solutions in the form 
of plane waves A= Ag expli(qx —@gt)], with am- 
plitude A,=(1 —q?)' and angular frequency 
@g = aq? + B(1—q?), which are stable or unstable 
depending on the values of a, 6, and q. Other non- 
linear solutions can exist; in one dimension, solitary 
waves called Bekki—Nozaki holes are the best known. 
In two dimensions (2-d) they take the form of spi- 
ral waves that are topological defects of the com- 
plex order parameter A. Figure 1 (right) illustrates 
the coexistence of spirals and defect-mediated chaos 
(see below) in the 2-d CGL equation. Figure 2 dis- 
plays the different possible steady-state regimes of the 
1-d CGL equation in the (1/8, —a) plane. In region 
I, plane waves attract most initial conditions. Phase 
turbulence is present in region IV slightly beyond 
the Benjamin—Feir instability (BF) line, as given by 
Newell’s criterion for “g=0” oscillations (Newell, 
1974). In the vicinity of this line, the solution can 
be written as A(x, t) = (1+ o(x, t)) exp(id (x, t)). The 
amplitude modulation 0, enslaved to the gradient of the 
phase perturbation 6, remains small, while @ is gov- 
erned at lowest order by the Kuramoto-Sivashinsky 
equation (Kuramoto, 1978) 


I,0 = Ddyx0 — Kagxxx0 + g(x)", (2) 


where D = 1+ af is an effective diffusion coefficient 
that is negative in the unstable range (Chaté & 
Manneville, 1994a). Deeper in the unstable domain, 
in region V, a “revolt” of |A| ends in the formation 
of defects (phase singularities at zeroes of |A|) and 
amplitude turbulence or defect-mediated turbulence 
sets in (Coullet et al., 1989). Defects analogous to 
Bekki—Nozaki holes are observed to evolve in a 
spatiotemporal intermittent fashion in region II. As 
suggested by its position in the diagram, the “bi-chaos” 
regime in region III presents itself as a fluctuating 
mixture of states in regions IV and V. 
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Figure 2. Bifurcation diagram of the 1-d CGL equation. (Data 
from Chaté, 1994.) 


By contrast, subcritical instabilities are character- 
ized by the possibility of finding the system in one 
of several (usually two) states at a given point in 
space. Short-range coherence then implies the forma- 
tion of homogeneous domains of each state, separated 
by fronts (Pomeau, 1986). In gradient systems, these 
fronts move regularly so as to decrease the potential, 
but in nongradient systems, they may have more com- 
plicated behaviors. A particularly interesting scenario 
develops when one of the competing local states is a 
chaotic transient while the other is regular. At a given 
time, the whole system can be divided into so-called 
laminar and turbulent domains, and at a given point in 
space, the system is alternatively laminar or turbulent, 
hence the name “spatiotemporal intermittency” (STI). 
According to Pomeau (1986), front propagation is then 
akin to a time-oriented stochastic process known as “di- 
rected percolation” (DP) used to model epidemic pro- 
cesses (Kinzel, 1983). Directed percolation defines a 
critical phenomenon, with an associated universality 
class (a specific set of scaling exponents governing the 
statistical behavior of the system as a function of the 
distance to threshold). 


The existence of separated domains and sharp fronts 
supports the idea of modeling extended systems in 
terms of identical subsystems arranged on a regular 
lattice, each with its own phase space, and coupled to 
its neighbors. In addition to space discretization, time 
discretization leads to the definition of coupled map 
lattices that have served to illustrate several transition 
scenarios such as cascades of spatial period doublings, 
defect-mediated regimes (Kaneko, 1993), or STI (Chaté 
& Manneville 1994b) that make explicit how local 
transient temporal chaos is converted into sustained 
spatiotemporal chaos. A last step can be taken by also 
discretizing the local phase space, which yields cellular 
automata (Wolfram, 1986). Further randomization of 
the dynamics then points towards an understanding 
of the transition to turbulence in statistical physics 
terms (Kinzel, 1983). Such approaches should help 
in understanding plane Couette flow, the simplest 
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shear flow produced by two parallel plates sliding in 
opposite directions. This configuration is a particularly 
intriguing example of a subcritical hydrodynamic 
system where domains of laminar flow, known to be 
stable for all flow conditions, coexist in a wide range 
of Reynolds numbers and in continuously varying 
proportions with domains of small-scale turbulence. 
Spatio-temporal chaos definitely relates to the 
process of transition to turbulence when confinement 
effects are weak. It appears to occupy a central position 
at the crossroads of nonlinear dynamics, mathematical 
stability theory, and statistical physics of many-body 
systems and non-equilibrium processes, with a wide 
potential for applications (Rabinovich et al., 2000). 
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SPECTRAL ANALYSIS 


Spectral analysis is a central method in studies 
of linear systems (which obey the superposition 
principle), and spectral representations are widely used 
in acoustics, quantum mechanics, wave propagation, 
optical spectroscopy, harmonic analysis, and signal 
processing. If f(x) is a square integrable function on 
real line, it can be represented in a dual (spectral) space 
k with the integral transforms (Hildebrand, 1976) 


it ROMs: . 
f@)= 5 / fkel dk (1) 
TJ —oo 
and 


fk) = / f(aje dx, (2) 


The Fourier transform , f (k) gives the spectral density of 
harmonic oscillations e“* between the wave numbers 
k and k+dk. The inverse Fourier transform f(x) 
corresponds to a spectral decomposition of a function 
f(x) over a continuous linear combination of the 
harmonic oscillations e**, 

For periodic functions with a period L, such that 
f(x+L)= f(x), the spectral density has peaks at 
wave numbers k=k, =2n/L; that is, the spectral 
decomposition of a function f(x) becomes a discrete 
sum of the harmonic oscillations e*: 


fs). fee (3) 
and 
= ie f(xyenrd (4) 
Jn = 57 es x)e xX, 


where f are Fourier coefficients of the complex Fourier 

series for f(x). Thus, depending on properties of a 

function f (x), itcan be decomposed over continuous or 

discrete spectrum in the Fourier spectral representation. 
As an example, the rectangular wave defined as 


1/2e, |x| <e, 


Act) = | ieee (5) 
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can be expressed in the continuous spectral representa- 
tion with the Fourier transform: 


% ® 1 [ ~ikxg sin ek 6 
=— e = ; 
f 2¢ Jie ek 

The power spectrum of a signal is defined as 
the squared amplitude of its Fourier spectrum: 
R(k) =| f (k)/?. Equivalently, the power spectrum is the 


Fourier spectrum of the autocorrelation function R(x) 
defined as 





R(x) = / f(x) FQ! = x) dx! 
oe Pays a cike 
ee [foo eo" dk 
1 ames ikx 
= al R(kye™ dk. (7) 
2m J 00 


The autocorrelation function R(x) represents similari- 
ties between the function f(x) and itself, and its Fourier 
transform can be really measured in applications. 

A power spectrum measures the energy of a signal 
between the wave numbers k and k+dk. The total 
energy of a signal is related to the power spectrum by 
the Parseval formula: 


oe iar ee ae agree 
E= f(x) dx = = | f(k)|" dk = R(O). 
(8) 


As a result, the autocorrelation function is bounded as 
IR(x)| < RO)=E. 

Linear differential equations, especially initial-value 
problems for wave equations, can be easily solved with 
the use of spectral decompositions such as Fourier 
transforms. In the linear limit, for example, small- 
amplitude long water waves are described by the 
linearized KdV equation: 


au ; au 
at ax3 
with initial data: u(x, 0) = f(x). The Fourier transform 


method represents the solution to this problem as 
(Ablowitz & Fokas, 1997) 


= 0, (9) 


L fe i 
u(x,t) = <— / i(k, tel dk, (10) 
290 J 265 
where i(k, 0) = fk). Since the Fourier transform fk) 
has the property f’(k) =ik f (k), the time evolution of 
the spectral density i(k, t) is trivial, 

ae iP a(k, t) =0 (11) 
Ti t)=0, 

7) ae 

with the solution i(k, t) = f (kei, As a result, the 
exact solution u(x, t) of the initial-value problem for 
the linearized KdV equation is a spectral superposition 


with density fk) of waves e'&*—-®9 where 
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Figure 1. Exact solution u(x, t) of the linear KdV equation in 
the Fourier spectral representation for t > 0, compared with the 
initial (Gaussian) form u(x, 0) = ent. 
w(k) = —k? is the dispersion relation. Figure 1 shows 
the exact solution u(x, ft) at a time t > 0, which evolves 
from the initial (Gaussian) form u(x, 0) = f(x) = er” 
The inverse scattering transform (IST) extends 

spectral analysis for solutions of initial-value problems 
for nonlinear differential equations. For example, a 
solution of the nonlinear KdV equation 

du au Ou - a 

oe ae vo 
such that u(x, 0) = f(x) is related to the spectrum of 
the stationary Schrédinger equation on a real line of x 
with a t-dependent potential u(x; t) (Ablowitz et al., 
1974) 


Wr) + us 1.) = Ada (x). (13) 
If f(x) is a square integrable function on real line, 
the spectral data consists of the continuous spectrum 
at 4 =k? >0 with eigenfunctions w= V(x; k) anda 
finite discrete spectrum at A= — p2 <0 with eigen- 
functions Ww, = V,,(x). The spectral decomposition of 
the potential u(x; f) over eigenfunctions of the contin- 
uous and discrete spectrum takes the form (Pelinovsky 
& Sulem, 2000) 


u(x; t) = =| pk, t)V (x; k) dk 


+ DF pnt) Un (x), (14) 


where p(k, t) and p,(t) are coefficients of the spectral 
decomposition. The time-evolution of the spectral data 
has the simple solution 


p(k,t) = plk, Oe*", 
3 
Pr(t) = Pn(OePa’, (15) 
The initial values for the spectral data are found from 
spectral analysis of the stationary Schrédinger equation 


with the initial potential u(x; 0) = f(x). 
Dwaitry PELINOVSKY 
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See also Generalized functions; Integral trans- 
forms; Inverse scattering method or transform; 
Quantum theory 
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SPIN SYSTEMS 


Spin systems generally refer to ordered magnetic 
systems. A feel for how spins behave can be obtained by 
observing the behavior of two or more small compasses 
or magnetic needles pinned close to each other but free 
to rotate in a plane (perpendicular to the north-south 
direction), so that they align in parallel corresponding 
to a minimum energy configuration. 

Even though magnetism is one of the oldest natural 
phenomena known, it took many centuries to identify 
its origin. In 1820, the Danish physicist Hans Oersted 
observed that electric current flowing through a wire 
affects a nearby magnet, and it is now known that the 
motion of an electron in an orbit around the nucleus of 
an atom is equivalent to a small electric current loop that 
behaves as an atomic magnet called a magnetic dipole 
moment. Each electron also possesses a rotation about 
its own axis, which is identified as electron spin, and is 
equivalent to a circulating electric current with its own 
dipole magnetic moment. 

More generally, spin angular momentum or spin is 
an intrinsic property, associated with quantum particles, 
which does not have a classical counterpart. The 
magnetic dipole moment due to the spinning motion 
with spin angular momentum operator S is given by 
ms = — (gip/h)S, where g is the gyromagnetic ratio, 
jp is the Bohr magneton and A =h/2rn is Planck’s 
constant. 

Macroscopically, all substances are magnetic to 
some extent and every material when placed in a 
magnetic field acquires a magnetic moment. Magnetic 
materials can be classified in terms of magnetic moment 
in the absence of an applied field. The magnetic moment 
is zero for each atom in diamagnetic materials. In 
the case of paramagnetic materials, for each atom 
the moment is nonzero but still averages to zero 
over many atoms. In ferromagnetic materials, the 
moment of each atom and even the average is not zero 
(Mattis, 1988). 
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Model Directional Coefficient 
Ising/Potts a=b=0 

XY c=0 

Easy axis exchange anisotropy c>a=b 

Easy plane exchange anisotropy c<a=b 

Heisenberg a=b=c=1 

XYZ a#béc 


Table 1. Ferromagnetic models. 


Ferromagnetic materials, which are made up of 
domains, exhibit long-range ordering that causes the 
spins of the atomic ions to line up parallel to each 
other in a domain. The underlying interaction originates 
from an exchange interaction that is caused by the 
overlapping of electronic wave functions that has no 
classical analog. The exchange interaction is a quantum 
phenomenon of electrostatic origin first proposed by 
Heisenberg, and the Hamiltonian representing spin- 
spin exchange interaction is given by 


Hex = — )~ Jij Si Sj. (1) 
(ij) 
Here §; is the total spin of all the electrons bound 
to the atom or ion at the lattice site 7. Jjj is the 
phenomenological exchange constant and is positive 
for ferromagnetic coupling. It is often sufficient 
to consider only interaction of nearest neighbors, 
represented by the bracket (ij). In the isotropic case 
Jj; is treated as a constant, J. 
Different magnetic spin models can be identified 
by generalizing the Heisenberg Hamiltonian by 
introducing directional coefficients, 


Hex = — )- [aSix Six + bSiySjy + €5j28j2]. (2) 
(ij) 

The underlying models are indicated in Table 1. Among 
these, the Ising model is the simplest, where the 
interacting spins can be either parallel or antiparallel. 
The Potts model is a generalization of the Ising model 
where the number of spin states is extended to k equally 
spaced directions in a plane. 

Other models involve additional interactions: (i) 
magnetocrystalline anisotropy is due to interaction 
between the crystal field and the spin-orbit coupling, 
either of easy axis or of easy plane. (ii) Zeeman energy: 
When a strong external magnetic field H is applied, 
the Hamiltonian is modified with the addition of a term 
Hz =— gup >_; Sj: H. (iii) One can also consider 
interactions such as biquadratic exchange, or weak 
interactions such as Dzyaloshinski—Moriya type. 

There are certain materials for which the exchange 
integrals Jj; become negative. Consequently, the 
spins align antiparallel to each other so that the 
net magnetization is zero. These materials are called 
antiferromagnets and are normally modeled to be made 
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up of two sublattices. However, if the resulting total 
magnetization, which is the difference between that 
of the two sublattices, is nonzero, the material is a 
ferrimagnet. 

A spin glass is another state of magnetism that 
is different from the long-range ordered ferro- and 
antiferromagnetic phases. A spin glass phase can be 
considered as consisting of randomly interacting spins 
with ferro- or antiferromagnetic coupling between 
them. The combination of the randomness with the 
competing or mixed interactions causes frustration. 
Consequently, the exchange integrals Jj; are normally 
distributed random variables corresponding to the so- 
called Ruderman, Kittel, Kasuya, and Yoshida (RRKY) 
interaction. The two famous models that describe spin 
glass are the Edwards—Anderson (EA) model and the 
Sherrington—Kirkpatrick (SK) mean field model. 

The spin glass theory can also be considered as 
a statistical model of neural networks. The simple 
spin glass theory based on the SK model provides a 
qualitative description of memory. In a neural network, 
the minimal structure element is a neuron whose state 
can be described by one real variable, and a simple Ising 
representation $; =+ 1 is often used. The problem of 
neural network systems can be formulated by writing 
the Hamiltonian in Ising form with the so-called 
Hebbian learning rule for J;;, which is the Hopfield 
model (Dotsenko, 1994). 

The Bethe ansatz is extremely useful in solving 
quantum spin chain models and to obtain exact results 
including ground state and excited states. A chain 
of spin one-half with spin-spin coupling has been 
solved using the Bethe ansatz method. However, the 
quantum mechanical description corresponding to the 
spin Hamiltonian with higher spin values is extremely 
complicated because it is difficult to know in which 
particular state one of the individual spins finds itself. 
Even in the ground state this is impossible. Hence in 
these cases, one looks for limiting procedures, either 
classical or semiclassical. 

Owing to the presence of the exchange interaction, 
a small disturbance in one of the spins will be 
propagated in the form of spin waves. It can also 
be regarded as oscillations in the magnetic moment 
density, propagating through a magnetically ordered 
crystal. The spin wave energy must be equal to the 
excitation energy of the crystal required to cause a 
change in the orientation of the spin. The basic entity of 
the quantized form of the spin wave is called a magnon. 

In semiclassical theories of magnetism it is common 
to approximate the unwieldy spin operators or matrices 
(which obey the standard spin commutation relations) 
by the analogous harmonic oscillator operators. 
Among the machineries established to handle the 
spin operators, namely, (1) Holstein—Primakoff (H—P) 
transformation, (ii) Schwinger—Boson representation, 
(iii) Dyson—Maleev transformation, and (iv) Jordon— 
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Wigner transformation. The H—P transformation is the 
most useful one. 

Just like photons and phonons, spin waves are 
bosons describing collective excitations that involve 
all the spins to the same degree. The operators 
S# =Sny + iSpy act on the ground state as field 
theoretical creation and annihilation operators. It is, 
thus, reasonable to change by means of a unitary 
transformation to operators a and at that satisfy 
the Bose commutation relation [a;, ay] = 6;;- In this 
way, one can obtain the H—P transformation of spin 
operators, which transforms the quantum mechanical 
spin operators into standard boson operators. In the low- 
temperature limit, one can use semiclassical expansion 
for Sj* and S,. The Heisenberg equation of motion 
for the boson operator ifda;/dt=[a;,H] when 
combined with Glauber’s coherent state representation 
for Bose operators in the long wavelength, low 
temperature limit (continuum limit) leads to nonlinear 
evolution (partial differential) equations. Specific one- 
dimensional cases correspond to integrable spin models 
exhibiting soliton type spin excitations in addition to 
linear magnons (Kosevich et al., 1991). 

Alternatively, in the large spin limit, the quantum 
description goes over to the classical vector model 
for spin, so that the spin operator can be replaced 
by an ordinary vector of length s(s+1)>s, which 
can be treated as a dynamical/canonical variable. For 
a ferromagnet described by Heisenberg Hamiltonian 
(Equation (1)) or its generalization, the classical cano- 
nical equations for the spins can be obtained in 
analogy with a spinless nonrelativistic particle, which 
is a typical nonlinear dynamical system. The resultant 
equation of motion dS,/dt={S,, H}, where { } 
represents spin Poisson bracket defined for functions 
of spins under continuum approximation, reduces to 
the appropriate Landau—Lifshitz (LL) equation. In real 
magnets, dissipative effects also play an important 
role, which is included in the LL equation via 
Gilbert damping. Thus, the LL equation with Gilbert 
damping (originally derived phenomenologically) is 
written as 





a 
9p) = Sx F+ASx (Sx F), 
S= (Sx, Sy, Sz), 


where F is the effective field and A is the 
Gilbert damping parameter. A typical form for F 
is F=JV2S+2A(S - n)n+H, where A is the 
anisotropy parameter, H is the external magnetic field, 
and n is a unit vector. 

The Landau-Lifshitz equation is a highly non- 
trivial vector nonlinear partial differential equation 
in three spatial dimensions. Several one-dimensional 
cases (without damping) corresponding to quasi-one- 
dimensional ferromagnetic spin chains (Mikesksa & 
Steiner, 1991; Kosevich et al., 1991) have been found 


S=1, (3) 
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to be completely integrable soliton systems. These in- 
clude the isotropic case, uniaxial, and biaxial as well 
as circularly symmetric cases and are related to the 
nonlinear Schrodinger equation (Lakshmanan, 1977), 
(Lakshmanan et al., 1990) and its generalizations. In 
two dimensions, instanton and vortex-type structures 
have been identified. Magnetic spatiotemporal patterns 
have also been identified in the presence of damping 
and external oscillating fields. 

The study of spin excitations in magnetic systems 
has numerous potential applications. These include 
(i) magnetic storage devices such as magnetic disks 
in computers, (ii) spintronics or spin electronics 
(microelectronic devices that function using the spin 
of the electrons), (iii) magnetic microchips (magnetic 
dots, magnetic waves, and magnetic computers), and 
(iv) magneto-optical recording. (For details, refer to the 
special issue on Magneto-electronics, Physics Today, 
April 1995). 
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SPIRAL WAVES 


Rotating spiral waves occur in a wide range of chemical, 
biological, and physical systems that can be considered 
as effectively two-dimensional excitable or oscillatory 
media in which the local nonlinear dynamics exhibits 
threshold behavior, separating an excited state from 
a recovered state (Holden et al., 1991). In such a 
medium, waves of excitation spread without decrement 
through the stationary medium, with diffusive spread 
of the excitation from a region triggering excitation of 
neighboring regions. 

A single spiral wave in a large homogeneous medium 
acts as an organizing center, imposing its pattern 
throughout the medium. It has the characteristics of 


SPIRAL WAVES 


Figure 1. Spiral wave solutions of the FitzHugh-Nagumo 
equations for an excitable medium: (a) snapshot of solitary spiral 
wave; (b) intersection of excitation and recovery isolines defining 
the tip (solid circle), which meanders biperiodically around the 
central corel; and (c) evolving field of wavebreaks. 


a field, in that it fills the medium, but it also has a 
location. The location of a spiral wave is that of its 
center, variously defined as the central core that is not 
invaded by the propagating wave, and around which the 
spiral rotates; or as a phase singularity; or by the tip, 
defined by where the wave front meets the wave back; or 
by the intersection of two isolines. For a rigidly rotating 
spiral in an isotropic medium, the tip encloses a circular 
core, but even in a homogeneous medium, the tip 
motion can be complex, meandering quasi-periodically 
within a bounded region, or hypermeandering in 
an unbounded region, and any inhomogeneities and 
boundaries interactions can produce drift (Barkley, 
1994). Along any radius far from the core, activity 
appears as a periodic wave train with a temporal 
frequency w (for a rigidly rotating spiral equal to the 
rotation frequency of the spiral) and spatial wavelength 
i. These are generally single-valued functions of the 
medium parameters. The wave front (or any other 
isoline) approximates an Archimedean spiral (the 
involute of a circle) with a pitch A, as illustrated 
in Figure 1b. The simple (one-armed) Archimedean 
rotating spiral in polar coordinates (6, r) is a periodic 
function of phase 


¢=ot+0+a(r —1ro) (1) 





with a>O giving the wavelength A and pitch 
dr / d0|g =const equals to 1 /a. 

If a stable spiral wave is subject to a parametric 
perturbation, the form of the spiral will be restored, 
but its location and phase may be changed: this allows 
periodic perturbations, at the same frequency as the 
rotation frequency of the spiral, to produce a directed, 
resonant drift. A single spiral need not be stable—even 
in a parametrically homogeneous medium, dynamical 
heterogeneities produced by the rotating spiral wave 
can lead to wave breaks, resulting in pairs of new 
phase singularities that may develop into new spirals, 
collapse, or be extinguished, giving a spiral wave 
turbulence as illustrated in Figure Ic. In such an 
evolving field of wave breaks, the singularities may 
be considered as defects; are born and annihilate on 
collision, in pairs with opposite chirality; or exit the 
medium at boundaries. 
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The best studied laboratory example of spiral waves 
is the Belousov—Zhabotinsky reaction, a chemical 
excitable or oscillatory reaction originally constructed 
as an organic chemical analogue for oscillatory 
reactions in a biochemical system, in which the 
phase of the redox oscillation is monitored by color 
changes. In a shallow layer of solution in a Petri 
dish, spirals and interacting spirals can be initiated 
(Winfree, 1972), and spatiotemporal changes in activity 
can be monitored optically and quantified (Miiller et al., 
1987). Winfree’s experimental and numerical modeling 
of simplified models and caricatures (Winfree, 1991) 
of two- and three-dimensional excitable systems 
established much of the phenomenology of spiral wave 
behavior. 

Spiral waves occur in several biological systems. In 
many cell types there are intracellular waves of calcium, 
where calcium-induced calcium release provides the 
positive feedback necessary for excitability. In the slime 
mold, where the intercellular relaying of a chemotactic 
signal—cyclic AMP—between individual amoebae by 
cAMP-induced cAMP release provides the excitability, 
the social amoebae collect together in a rotating 
spiral wave and aggregate into a slug, which can 
then metamorphose into a fruiting body. An important 
example is from cardiac patho-physiology, where the 
three-dimensional analogue of a spiral, the scroll, 
provides the re-entrant propagation that produces high 
frequency arrhythmias in cardiac muscle and provides 
the route to ventricular fibrillation and sudden cardiac 
death. 

In physics, spiral waves are found in surface 
catalysis, nonlinear optical media, and it has been 
suggested that spiral galaxies represent a rotating spiral 
wave of star formation and death. 

In all these examples, the excitable medium can be 
modeled by a reaction-diffusion equation, in which 
only the excitatory variable (as in most biological 
examples) or both excitatory and recovery variables 
(as in most chemical examples) have nonzero diffusion 
coefficients. Spiral wave solutions of mechanistically 
detailed, high order models, or simplifications, can be 
obtained by initiation from artificial initial conditions, 
or by imposing a wave break or wavebreaking 
dynamical or parametric heterogeneity. Much of the 
phenomenology can be seen in the simple, two-variable 
FitzHugh—Nagumo system, or computationally faster 
simplifications (Zykov, 1987), and reproduced by 
eikonal equations that describe the dependence of the 
propagation velocity of the wave front on its curvature 
(Mikhailov et al., 1994). 
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STABILITY 


The concept of stability lies at the heart of mathematical 
physics. Although in a perfect environment it might be 
thought possible to balance a pencil on its point, this is 
not possible in the real, noisy world—a pencil standing 
on its point is unstable. Meanwhile a hexagonal 
pencil lies easily on its side in a stable equilibrium. 
Intermediate is the pencil standing on its flat end, 
which can be achieved, albeit with difficulty, because 
this configuration is metastable, meaning stable against 
infinitesimally small disturbances, Ds, and unstable 
against large disturbances, D_. Notice that under 
Ds, the pencil has more than one stable equilibrium 
(multistability). A special case is a circular pencil on 
its side: if it rolls a little, and it will not come back and 
so is marginally stable. Generalizing these experiences, 
a state is declared stable if it is physically observable 
under Ds: otherwise, it is unstable. 

In 1892, Aleksandr Lyapunov formalized this 
intuitive idea of stability against Ds by considering 
free motions of a dynamical system in phase space. 
Although this ignores external noise, the results agree 
with more realistic stochastic criteria. Consider a 
system of n first-order differential equations, x = f (x), 
giving a stationary vector field in the phase space 
spanned by the n components of vector x. Trajectories 
fill this space with a fluid-like flow. A driven oscillator 
is put into this form by identifying velocity as a second 
phase coordinate and time as a third (with = 1). 

A fixed (equilibrium) point with f(x)=0 is 
asymptotically stable if all local trajectories flow into 
it (Figure 1). This point attractor is exemplified by the 
hanging state of a damped pendulum. The equilibrium 
of a Hamiltonian system (undamped pendulum) can 
be at most neutrally stable with all trajectories staying 
close, though not converging. A point is unstable if any 
single adjacent motion moves out of the neighborhood 
(inverted pendulum). 
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Figure 1. Potential well (a), and phase portrait (b), for 
¥+0.4%+dV(x)/dx=0, where V(x) =x4/44x3/3—x?, 
showing two asymptotically stable minima and an unstable 
maximum. In the enlarged focus (c), representing either 
minimum, we can devise a region D from which no trajectories 
leave the small region E, guaranteeing stability; in (d) we cannot 
construct a closed neighborhood around the saddle from which 
no trajectories leave E, proving instability. 


Linear Stability 


Stability analysis starts with the linearized equations 
describing small variations about the state. For a fixed 
point of a flow, stability hinges on the real parts, 
ai, of the eigenvalues. Typically, the point will be 
hyperbolic (noncritical) with no a; =0, and we then 
have (asymptotic) stability if and only if (iff) all a; <0. 
Any one a; > 0 gives instability. 

For a cycle we use an (n — 1)-dimensional Poincaré 
mapping, x;+1 =F (x;), where the cycle is a fixed 
point with x; + | =x;. Stability hinges on the moduli, ;, 
of the eigenvalues. Stability of a (hyperbolic) periodic 
orbit requires all p; < 1. 

An unstable state, attracting in some directions, 
repelling in others, is a saddle. The instability index 
(degree of instability) is the number of a; >0 (or 
pi > 1). In nonlinear dissipative systems, saddles with 
index 1 play an important role organizing basin 
boundaries. 


Nonlinear Stability 


A conservative system has zero divergence in phase 
space (Liouville’s theorem), like an incompressible 


STABILITY 


fluid. With dissipation, the negative divergence ensures 
that an ensemble of starts will shrink onto an attracting 
set of zero volume. Such a post-transient can be a 
point, periodic, quasi-periodic, or chaotic attractor. 
Generically, each attractor is surrounded by its own 
basin of attraction. All transients from a vanishingly 
small neighborhood move asymptotically back to it, 
making it asymptotically stable. 

To assess how stable an attractor is against finite 
disturbances, we estimate the size of its basin. A 
brute-force method is to make computer simulations 
from a grid of starts; more efficient is cell-to-cell 
mapping (Hsu, 1980). A refined approach is to locate 
a governing saddle and run simulations backwards in 
time to trace out the boundary formed by its stable 
manifold (inset). Boundaries can, however, be fractal, 
making their detailed location impossible (McDonald 
et al., 1985; Thompson & Stewart, 2002). Analytical 
techniques, notably Lyapunov’s second (direct) method 
(La Salle & Lefschetz, 1961), can identify contracting 
(trapping) regimes of guaranteed return, but they may 
be excessively conservative. 

Local nonlinear analysis is necessary to test the 
Lyapunov stability of a nonhyperbolic state at which 
a system is about to lose its stability. An oscillator with 
exclusively nonlinear negative damping is, for example, 
linearly (non-asymptotically) stable but nonlinearly 
unstable. In contrast to Lyapunov’s local concept, a 
point is globally stable if every trajectory tends to it. 


Loss of Stability 


When linear theory indicates a loss of stability, the 
nonlinear system exhibits a bifurcation. Consider first 
an aj passing through zero along a path. If a real 
eigenvalue becomes zero, we have a saddle-node 
bifurcation. Typically this gives a fold, at which the 
path folds smoothly back at a maximum of the control 
parameter, jz. A saddle-node coalescence at p= © 
leaves no local solution; the system jumps to a distant, 
unrelated attractor (Figure 2). With symmetry the 
saddle-node manifests itself as a pitchfork (Figure 3). 
Two a; of a complex conjugate pair passing through 
zero give the Hopf bifurcation generating stable or 
unstable cycles. 

A mapping loses stability when a ; reaches one. If 
a real eigenvalue equals + 1, we have a saddle-node 
bifurcation, typically a cyclic fold. If it equals — 1, we 
have a flip (period-doubling) bifurcation. If a complex 
conjugate pair penetrates the unit circle, we have the 
Neimark—Sacker (secondary Hopf) bifurcation. 


Structural Stability 


Because parameters of a physical system are never 
known precisely and may vary, a mathematical model 
should ideally have a phase portrait that is robust 
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Figure 2. Two phase portraits illustrating the ABC of nonlinear 
dynamics. Here A stands for attractor, an example of which 
we see in the center of (a). B stands for basin, and we see 
the circular basin of attraction in (a); its boundary defined by 
the flow into an unstable saddle point. C stands for catastrophe, 
conveniently used here to mean bifurcation. Under variation of 
a control, (a) has changed qualitatively to become the portrait 
(b); the central stable node has collided with the saddle in a fold 
bifurcation, leaving no attractor and all trajectories flowing out 
to infinity. (Figure reproduced with permission of John Wiley 
from Thompson & Stewart 2002.) 
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Figure 3. Stability of a rotating mass of a self-gravitating liquid 
is a classical problem in astrophysics, relevant to planetary 
evolution and the origin of satellites. It dates back to Poincaré 
(1899), and following the buckling studies of Euler, it gave 
fresh impetus to the development of stability and bifurcation 
theory. Stable (unstable) paths are denoted by solid (broken) 
lines. As the angular momentum parameter is slowly increased, 
the rotationally symmetric spheroids become unstable at the 
supercritical pitchfork at B. Emerging from B is a rising 
path of stable ellipsoids (with semi-axes a, b, c), which then 
exhibit a secondary instability at the subcritical pitchforks at 
C, from which unstable pear-shaped forms of “amplitude” p 
descend. (Figure reproduced with permission of John Wiley from 
Thompson, 1982.) 


against small changes in the model itself. Small changes 
of parameters and functions should not qualitatively 
change the topology. A portrait having this robustness 
is structurally stable. Structurally unstable portraits 
encountered under variation of jx signal a bifurcation. 
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If we have m controls, i, bifurcations observed 
under variation of one jz; will lie in control space on 
surfaces of dimension m — 1. A bifurcation in phase- 
control space is structurally stable if the whole event 
is topologically robust. Catastrophe theory (Poston & 
Stewart, 1978) shows how bifurcations of equilibria 
that are structurally unstable under one pj; can be 
made structurally stable (unfolded) by embedding in a 
higher-dimensional control space. The codimension is 
the number of jz; needed to achieve this. An example is 
the symmetry-breaking imperfection needed to unfolda 
pitchfork into the codimension-two cusp. The resulting 
saddle-node locus gives the imperfection-sensitivity of 
elastic stability theory (Thompson & Hunt, 1973). 

MIcHAEL THOMPSON 


See also Attractors; Equilibrium; Phase space; 
Wave stability and instability 
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STABLE AND UNSTABLE MAINFOLDS 


See Phase space 


STANDARD MAP 

The standard or Taylor—Chirikov map is a family of 
area-preserving maps: z' = f(z) where z = (x, y) is the 
original position and z’ = (x’, y’) the new position after 
application of the map, which is defined by 


k 
x’ =x+y——sin(27x), 
2n 


k 
y = y— —sin(27x). (1) 
2a 


STANDARD MAP 


Here x is a periodic configuration variable (usually 
computed modulo 1), y € R is the momentum variable, 
and the parameter k represents the strength of a 
nonlinear kick. This map was first proposed in 1968 by 
Bryan Taylor and then independently obtained by Boris 
Chirikov to describe the dynamics of magnetic field 
lines. The standard map and Hénon’s area-preserving 
quadratic map are extensively studied paradigms for 
chaotic Hamiltonian dynamics. 

The standard map is an “exact symplectic” map 
of the cylinder. Because x’(x,y) is a monotone 
function of y for each x, it is also an example 
of a monotone twist map (See Aubry—Mather the- 
ory). Every twist map has a Lagrangian generat- 
ing function, and the standard map is generated 
by F(x, x)= 30x" — x)? + (k/427) cos(27x), so that 
y=—0F/dx and y’'=0F/dx'. The map can also be 
obtained from a discrete Lagrangian variational princi- 
ple as follows. Define the discrete action for any config- 
uration sequence ..., X;1, X7, X;41,... aS the formal 
sum 
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Then an orbit is a sequence that is a critical point of A. 
This gives the discrete Euler-Lagrange equation 


k 
Xe-1 — 2x, + X11 = —>— sin(27 x1). (3) 
20 


This second difference equation is equivalent to (1) 
upon defining y; = x; — x;—1. 

The standard map is an exact or approximate de- 
scription of many physical systems, including the 
“kicked rotor.” Consider a rigid body with mo- 
ment of inertia 7 that is free to rotate in a hor- 
izontal plane about its center of mass. Suppose 
that an impulsive torque [(0)= — Asin(@) is ap- 
plied to the rotor at times nT, neéZ. Let (0;, L;) 
be angular position and angular momentum at time 
jT —e« for e>0*. At time T later, these become 
(j41, Lj4 = Oj + T/DLj41, Lj +P Oj). Scal- 
ing variables appropriately gives (1). 

The standard map also describes the relativistic 
cyclotron and is the equilibrium condition for a 
chain of masses connected by harmonic springs in 
a periodic potential—the Frenkel—Kontorova model 
introduced in 1938 (Meiss, 1992). Similar maps include 
Chirikov’s separatrix map (valid near the separatrix of 
a resonance), the Kepler map (describing the motion 
of comets under the influence of Jupiter as well as 
a classical hydrogen atom in a microwave field), 
and the Fermi map (for a ball bouncing between 
oscillating walls) (Lichtenberg & Lieberman, 1992). 
The higher-dimensional version is the Froeshlé map 
(See Symplectic maps). 


STANDARD MAP 


Symmetries 


The standard map f has a number of symmetries that 
lead to special dynamical behavior. To see these, it is 
convenient to lift the map from the cylinder to the plane 
by extending the angle variable x to R. 

Let Tinn(x, y) =(« +m, y+n) be the translation 
by an integer vector (m,n). As f is periodic, its lifthas a 
discrete translation symmetry f oTin,.9 = Tn,o° f . More 
unusually, the standard map also has a discrete vertical 
translation symmetry f o To, =To,.n 0 f. Identifying 
orbits equivalent under these symmetries implies that 
standard map can be thought of as acting on the torus 
T={-$<x,y<4). 

The standard map also commutes with the reflection 
S(x,y) =(— x, — y). This can be used to identify the 
lower half plane with the upper one and to restrict the 
map to the space S = {(x, y): — 5 <x< 4, O<y< 4} 
identifying (— 5 y= (4, y) and each half of 
the upper and lower boundaries: (x, 0)=(— x, 0), 
(x, 5) =(—-x, 4). The map on the two sphere S is sin- 





gular at the corners (+ 5 0) and (+ i, 3): 

The standard map is also reversible; it is conjugate 
to its inverse RfR~!=f~! (Lamb & Roberts, 
1998). One reversor is Ri (x, y)=(—x, y— (k/27) 
sin(27 x)); this generates a family of reversors R= f”o 
R,. These reversors are involutions, R2= id, thus f 
can be written as the composition of two involutions 
f =(foR)oR. Finally, the composition of a symmetry 
and a reversor is also a reversor, so that, for example, 
Ro = SR is also a reversor. 

Symmetric orbits are invariant under a symmetry 
or a reversor. This is particularly interesting since 
symmetric orbits must have points on the fixed sets of 
the reversor, Fix(R) = {z: z= R(z)}, or on Fix(fR). 
Because these fixed sets are curves, symmetric orbits 
are particularly easy to find. Rimmer showed that 
the bifurcations of symmetric orbits are special; for 
example, they undergo pitchfork bifurcations (See 
Bifurcations). 





Dynamics 


When k = 0, the dynamics of the standard map are in- 
tegrable: the momentum y is an invariant. On each in- 
variant circle c ={(x, y): y=o}, the angle after ¢ it- 
erates is given by x, = x9 + wt mod 1; thus, the dynam- 
ics are that of the constant rotation, R,,(0) =0 +, on 
the circle with rotation number w. When w is rational, 
every orbit on C2 is periodic; otherwise, they are quasi- 
periodic and densely cover the circle. 

When |k| < 1, Moser’s version of the KAM theorem 
implies that most of these invariant circles persist; 
that is, there is a rotational invariant circle C,, on 
which the dynamics is conjugate to the rotation R,, 
(See Hamiltonian systems). KAM theory applies to 
circles with Diophantine rotation number, that is, 
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@ €{Q:|nQ—m| > c/n*;Vm,n€ Z, n £0} for some 
t>1 and c>0. This excludes, of course, all of the 
rational rotation numbers as well as intervals about each 
rational, but still leaves a positive measure set. While it 
is difficult to obtain reasonable estimates for the interval 
of k for which all Diophantine circles (with given c and 
T) persist, in 1985 Herman showed analytically that 
there is at least one invariant circle when |k| < 0.029, 
and de la Llave & Rana (1990) used a computer-assisted 
proof to extend this result up to 0.91. 

Some of the periodic orbits on the rational circles 
CP 7 also persist for nonzero k. Indeed, the Poincaré— 
Birkhoff theorem implies that there are at least two 
period n orbits (with positive and negative Poincaré 
indices). Aubry—Mather theory implies that orbits with 
rotation number m/n can be found variationally; 
one is a global minimum of the action (2), and the 
other is a minimax point (a saddle of A with one 
downward direction). For example, when k > 0, Gs 0) 
is a minimizing fixed point, and (0,0) is a minimax 
fixed point. The reversibility of the standard map 
implies that there must be symmetric periodic orbits 
for each w=m/n as well. Indeed, it is observed that 
the minimax periodic orbits always have a point on the 
line Fix(R) = {y = 0}, the “dominant” symmetry line. 

The minimax orbits are elliptic when k is small 
enough. A convenient measure of stability of a period-n 
orbit is Greene’s residue 


n-1 


1 
R=32-Tr(M)), M= T] 2f@. 
t=0 


An orbit is elliptic when 0 < R < 1. For example, the 
fixed point (0, 0) has residue k/4. Perturbation theory 
shows that the residues of the minimizing and minimax 
orbits are O(k"). 

Each nondegenerate minimum of the action (2) 
is a hyperbolic orbit and has unstable and stable 
manifolds. For each minimizing m/n orbit, these 
intersect and enclose the minimax orbit, forming an 
island chain or resonance. The intersection of the 
manifolds is transverse, though the angle between them 
is exponentially small in k (Gelfreich & Lazutkin, 
2001). 

A number of island chains are easily visible 
in computer simulations. In the color figure (See 
Standard map: on page 8 of color plate section), we 
show a number of orbits of the standard map for k = 0.6 
on the torus 7. In the figure, each of the blue curves 
is formed from many iterates on a rotational invariant 
circle like those predicted by the KAM theorem. The 
green orbits are secondary and tertiary circles arising 
from resonances. 

When stable and unstable manifolds intersect 
transversely, some iterate of the map has a Smale 
horseshoe. This implies that there is, at least, a Cantor 
set of chaotic orbits. Umberger & Farmer (1985) 
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showed numerically that there is a fat fractal set on 
which the dynamics has a positive Lyapunov exponent. 
The proof of this statement is still illusive. The regions 
occupied by chaotic orbits appear to grow in measure as 
k increases. Numerically, it appears that a single initial 
condition densely covers each “zone of instability,” 
a chaotic zone bounded by invariant circles. Chaotic 
trajectories that were only slightly visible in the 
previous color figure (gold orbits near the stable and 
unstable manifolds of the resonances) dominate the 
dynamics when k = 2.0 (See Standard map: page 8 in 
the color plate section). At this value of k, there are no 
rotational invariant circles. In the figure, the gold region 
is filled by a single trajectory with 1.5 x 10° iterates. It 
appears to densely cover most of phase space, though 
there are still a number of secondary and tertiary islands 
visible. 

There are also many elliptic periodic orbits that 
are created for nonzero k. For example, the (0, 0) 
fixed point undergoes a period-doubling bifurcation 
at k =4, creating a period-two orbit. More generally, 
when the eigenvalues of any elliptic period-n orbit are 
AL= e +271. then new orbits are born that encircle 
the original orbit and have relative rotation number 
@. When w=m’'/n’, these correspond to a chain of 
nn’ islands. The color figure (See Standard Map: 
page 8 in the color plate section) shows red and blue 
island chains that encircle the fixed point with rotation 
number ms that there are two such chains is due to 
the reflection symmetry S. As Birkhoff realized, the 
newly created elliptic orbit also will undergo similar 
bifurcations, so that the phase space shows a structure of 
islands-around-islands, ad infinitum. This structure can 
even exhibit self-similarity (Meiss, 1992) just like the 
Feigenbaum period-doubling sequence for dissipative 
systems. 


The Last Invariant Circle 


In 1968, John Greene began studying the destruction of 
invariant circles in the standard map. He showed that se- 
quences of periodic orbits, namely, the minimizing and 
minimax m/n orbits, whose rotation numbers converge 
on a given irrational, can be used to determine the exis- 
tence of a circle with that frequency. Suppose that w has 
a continued fraction expansion [ao, a1,...] ,aj €Z ¥, 
and let m;/n; =[ao, a1, ..., aj] be the jth convergent 
of w. Greene conjectured that when the residues of these 
orbits Rj — 0, as j — oo, then the invariant circle CS 
exists—MacKay (1992) gives a proof of much of this. 

For the standard map, it appears that each rotational 
invariant circle exists only up to a critical value, 
k =k, (@); this graph was called the “fractal diagram” 
by Schmidt and Bialek in 1982. The critical k 
vanishes at every rational and appears to have local 
maxima for each noble irrational w. Percival called 
a number noble if its continued fraction expansion 
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has a tail that is eventually all ones. By this criterion 
the “most irrational” number is the golden mean 
y=(1+V5)/2=[I, 1, 1, ...]. Indeed for the standard 
map, Greene discovered that the invariant circles 
with rotation numbers y +m, m € Z appear to be the 
last circles destroyed (all such circles are destroyed 
simultaneously due the symmetries). Numerically it 
is known that the golden circle is destroyed at 
Ker (v) © 0.971635406. 

This value is most efficiently computed by renor- 
malization theory (MacKay, 1993). At the critical pa- 
rameter for the destruction of a noble invariant circle, 
the phase space exhibits a self-similar structure. The 
geometric scaling of this self-similarity can be used 
to compute k,; from the residues of the mj/nj or- 
bits. This is more accurate than iteration methods— 
pioneered by Chirikov—which rely on finding an orbit 
that crosses the region containing the circle, and fre- 
quency methods—developed by Laskar—which rely 
on the irregularity of the numerically computed rota- 
tion number. While none of these methods proves that 
ker corresponds to the last invariant circle, “converse 
KAM theory” leads to a computer proof that there are 
no rotational circles for k > 7 (MacKay & Percival, 
1985). This is based on Birkhoff’s theorem that every 
rotational invariant circle is a Lipschitz graph (Meiss, 
1992). The color figure (See Standard map: page 8 
in the color plate section) shows the dynamics on the 
sphere S at ko-(y). Here the the golden circle (purple) 
is on the threshold of destruction. Also shown in the 
figure are 1.5 x 10° iterates of two chaotic trajecto- 
ries (light blue and light green); the stable (blue) and 
unstable (red) manifolds of the (m,n) = (0, 1), (1, 2), 
and (1.3) orbits; and a number of orbits trapped in 
these island chains as well as the (2,5) and (3, 8) 
chains. 





Transport 


Transport theory studies the motion of ensembles 
of trajectories from one region of phase space to 
another. When there are invariant circles separating 
the regions, then there is no transport. A Birkhoff 
“zone of instability” is an annular region bounded by, 
but otherwise not containing any, rotational invariant 
circles. Birkhoff showed there are orbits that traverse 
each zone of instability, and Mather (1991) extended 
this to show that there are orbits future and past 
asymptotic to the upper and lower bounding rotational 
invariant circles, respectively. 

Aubry—Mather theory implies that for each irrational 
rotation number there is a minimizing trajectory that 
is dense on a circle or a cantor set. Percival proposed 
calling the latter sets “‘cantori.” Thus, for k > 3 every 
rotational invariant circle has become a cantorus, and 
vertical transport between any two momentum levels 
occurs. The color figure (in the color plate section) 
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shows two such cantori (brown) with rotation numbers 
d+y)/8+4y) and (14+ 2y)/(2+5y). The rate of 
transport is locally governed by the flux, the area that 
crosses a closed loop upon iteration. The flux across 
a cantorus or a separatrix is given by Mather’s AW, 
the difference in action between the corresponding 
minimax and minimizing orbits (MacKay et al., 1984). 
Renormalization theory shows that the flux through a 
noble cantorus goes to zero as (k — Kop)?! this can 
be very small, well beyond k,,. For example in the 
color figure 3 (page 8 in the plate color section), the 
blue chaotic trajectory is bounded below by a low 
flux cantorus even for tens of millions of iterates. 
Geometrically, the flux is the area contained in a 
“lobe” bounded by pieces of stable and unstable 
manifolds. All transport occurs through lobes in two- 
dimensional maps (Wiggins, 1992); unfortunately, the 
higher-dimensional generalization is not clear. 


James D. MEIss 


See also Aubry—Mather theory; Cat map; Chaotic 
dynamics; Ergodic theory; Fermi acceleration and 
Fermi map; Hamiltonian systems; Hénon map; 
Horseshoes and hyperbolicity in dynamical systems; 
Lyapunov exponents; Maps; Measures; Mel’nikov 
method; Phase space; Symplectic maps 
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STATE DIAGRAMS 


Consider a system comprising N elements, each of 
which can be set at one or the other of two values. 
Thinking of the elements as switches, the values 
(positions or settings) can be defined as one of the 
two Boolean variables: off (0) and on (1) (Birkhoff & 
MacLane, 1953). Now suppose that time progresses in 
discrete units and the values of the switches at time 
tn41 depend on their values at ¢,. In addition to being a 
rather general computer model (Fowler, 2004), such a 
system describes certain relay and electronic switching 
circuits used by electrical engineers, and it provides 
an approximate description of biological brains (Scott, 
2002), including the “nets with circles” of Warren 
McCulloch and Walter Pitts (McCulloch & Pitts, 1943). 
If the elements are placed in a geometrical pattern (e.g., 
a square array), one has a cellular automaton, such as 
John Conway’s famous “Game of life” (Gardner, 1970). 

To understand how the model evolves in time, it is 
sometimes instructive to sketch a state diagram, which 
displays all states of the system and shows how these 
states change from one time increment to the next. 

In Figure 1(a), for example, this is done for a system 
comprising a single switch (NV = 1), where the arrows 
indicate what will happen in the next increment of time. 
Reading from left to right, the first diagram shows a 
system in which the switch turns on if it is off and stays 
on if it is on. The second diagram shows a system that 
turns off if it is on and stays off if it is off. In the third 
diagram, the system stays off if it is off and stays on 
if it is on. (This corresponds to a typical wall switch.) 
Finally, the last diagram represents a system that turns 
off if it is on and turns on if it is off. (This models a 
“blocking oscillator” in electronic engineering.) 

The number of possible state diagrams increases 
very rapidly with the number of elements (N) in a 
system. To see this, note that the number of states of 
the system is 2% and from each of these states we must 
choose an arrow that goes to (possibly) another state. 
Thus, the total number of diagrams N is 2 raised to 
the 2th power, or 


N= 282") (1) 


A few calculations from this formula are given in 
Table 1, demonstrating a growth of N with N, which 
mathematicians term “combinatorial.” 

For a system comprising only six switches, the total 
number of state diagrams is greater than 10!!°, which in 
turn equals the atomic mass of the universe (the mass of 
the universe measured in units of the hydrogen atom) 
times the age of the universe in picoseconds. In his 
analysis of biological organisms, the physicist Walter 
Elsasser has called such a finite number “immense,” 
which implies that (although the number of them is 
finite) it is not—and never will be—physically possible 
to examine all possible diagrams (Elsasser, 1998). 
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Figure 1. (a) The four Boolean state diagrams that can be 
constructed from a single switch. (b) One of the more than 
sixteen million state diagrams that can be constructed from three 
switches. Note that several arrows can converge on each state, 
but only one arrow leaves any one state. 





N N = 2N2" 

1 Pa4 

2 4* = 256 

3 88 = 1.7 x 107 

4 1616 = 1.8 x 10!9 
5 3232 = 1.5 x 1048 
6 64% = 3.9 x 19115 


Table 1. The number of state diagrams (\V) that can be 
constructed for various numbers (V) of Boolean switches. 


In Figure 1(b) is shown one of the more than sixteen 
million state diagrams for a system of three switches. 
Here we find the following behaviors. 


e Transients: (001) + (000) — (010), (011) > (010), 
and (101) > (100). 

e Periodicities: (010) > (010) and (100) > (110) > 
(111) > (100). 

e Disjoint dynamics: States (000), (010), (011), and 
(001) are dynamically disjoint from states (100), 
(110), (111), and (101). 


The shortest transient or period is a single time unit, 
whereas the longest is 2 time units, but this is unlikely 
for larger values of NV. 

Consider how the number of state diagrams depends 
on the way that the state of a system in the next time 
increment is computed. If each switch responds to the 
present positions of all N switches (including itself), 
there are oN 

2 
possible Boolean functions that can perform the 
computations. In the most general case, any one of 
the N switches can be assigned one of these Boolean 
functions. Thus, the number of possible diagrams is 


equal to 
ey am 
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just as in Equation (1). In choosing the arrows for a 
particular diagram—as in Figure 1(b)—one defines a 
particular Boolean function. 

When state diagrams are used to model biological 
brains, we may wish to limit the computations to 
threshold functions rather than Boolean functions. The 
total number of threshold functions of n inputs is 


kn? 


where k lies between 5 and | (Yajima et al., 1968). In 
a brain model, furthermore, it is unrealistic to assume 
that each neuron receives inputs from all other neurons. 
If each of N neurons receives inputs from n neurons, 
then the total number of state diagrams is 


N 2 
Nin > (2°?) = N/2. (2) 


Taking N =10!° as a conservative estimate for the 
number of neurons in the human neocortex and n = 10+ 
as an estimate for the number of synaptic inputs to each 
neuron, implies that the number of possible brains is 
about 10!” 

ALwyn Scorr 


See also Attractor neural network; Cellular au- 
tomata; Game of life; McCulloch-Pitts network; 
Neural network models 
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STATIONARY SOLUTIONS 


See Discrete self-trapping system; Equilibria 


STEADY STATE 


See Equipartition of energy 


STEREOSCOPIC VISION AND 
BINOCULAR RIVALRY 


Most vertebrate predators, including humans, have 
their two eyes positioned in the front of the head 
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Left Eye Right Eye 





Figure 1. (a) The geometry of stereopsis. (b) The simplest two 
line stereogram. 


looking forward. In contrast, most prey species, such 
as rabbits, have eyes positioned on the sides of the 
head. This confers on prey almost panoramic vision, 
thus enabling them to see predators creeping up 
behind them. In contrast, predators receive two slightly 
different views of the scene in front of them due to the 
horizontal offset between the two eyes (approximately 
6.7cm in humans), which confers depth information. 
Stereoscopic vision may be defined as the perception of 
depth that arises when the brain compares the images 
falling on the two retinas. Indeed, there are neurons in 
the visual cortex that receive stimulation from both eyes 
and consequently are sensitive to the depth of lines and 
contours in the world. 

The geometry of stereopsis is illustrated in Figure la, 
which provides a horizontal view of two eyes viewing 
a scene containing two vertical rods at different depths 
relative to the eyes. As shown by the dashed sight lines, 
the retinal images of these two lines will be closer 
together in one eye’s view than in the other. Figure 
1b contains a simple two line stereogram, namely a 
pair of views, one for each eye, with vertical lines 
closer together in one view than in the other. If the 
viewer can either cross or diverge their eyes so that 
each eye fixates a different one of these views, the 
percept will be one in which one line lies closer to 
the viewer than the other line. (It should be noted that 
several percent of humans lack stereoscopic ability, 
usually due to amblyopia or “lazy eye” during early 
childhood.) Rather than requiring viewers to cross or 
diverge their eyes, laboratory research into stereopsis 
utilizes some version of a stereoscope, which was 





Figure 2. Random dot stereogram. 


invented by Charles Wheatstone in 1838. A stereoscope 
utilizes either prisms or mirrors in front of each eye 
to optically diverge the views so that each eye views 
a different visual stimulus. Indeed, stereoscopes and 
stereoscopic photographs were a Victorian fascination, 
and many excellent stereoscopes may still be found in 
antique shops. 

The two line stereogram in Figure 1b is the simplest 
possible, as two objects are the minimum for which 
different depths can be defined. A much more complex 
example is the random dot stereogram (RDS), which 
was developed by Bela Julesz (1971) as a tool for 
the study of stereopsis. To make an RDS, a computer 
first generates a completely random pattern of black 
and white dots (little squares), such as that depicted in 
Figure 2. This will be the stimulus for one eye. An exact 
copy of this is then made as the basis for the other eye’s 
view. To generate a stimulus for depth, a rectangular 
(or other shaped) region of dots in the middle of this 
second random pattern is now shifted horizontally left 
or right by a distance of several dots. The space vacated 
by shifting this rectangular region is then filled in with 
random black and white dots. When each eye views one 
of the two random dot patterns in an RDS, the brain 
extracts depth information and produces a percept of 
a rectangular region of random dots floating in depth 
in front of (or behind, depending on which eye views 
which half of the stereogram) arandom dot background. 
Readers who can converge or diverge their eyes while 
viewing Figure 2 can experience this. 


Neural Basis of Stereopsis 


Information originating in the two retinas remains 
segregated until it reaches primary visual cortex at the 
back of the brain. In the cortex, many individual neurons 
respond best when they are stimulated through both 
eyes at once. However, each cortical neuron receives 
stimulation only from a very small area on each retina, 
which is known as a “receptive field.” If one imagines 
there being a coordinate system affixed to each retina 
with the center of the retina (the fovea) being the origin, 
then each cortical cell receives information from a 
pair of receptive fields, one from each retina, whose 
coordinates may be the same or different. If a cortical 
neuron receives stimulation from receptive fields with 
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the same relative coordinates in each retina, it will be 
sensitive to lines and edges that lie in the plane on 
which the eyes are converged. Therefore, such a neuron 
will be sensitive to objects with zero depth relative to 
fixation. Other neurons, however, have their receptive 
fields at different points on the two retinas. For most 
of these cells, this means that the receptive field in 
one eye is shifted a short distance horizontally left or 
right relative to its receptive field in the other eye. Such 
a difference in receptive field coordinates on the two 
retinas is termed a horizontal disparity. Neurons with 
a particular horizontal disparity will respond to objects 
at a particular depth relative to the fixation plane. For 
example, if a cortical neurons has its receptive field in 
the left eye shifted left relative to that in the right eye, its 
disparity will correspond to lines and edges nearer than 
fixation. Conversely, a neuron with a left eye receptive 
field shifted to the right relative to the other eye will be 
sensitive to disparities corresponding to lines and edges 
farther away than the plane of fixation. Thus, different 
cortical neurons, in virtue of the relative placement of 
their two retinal receptive fields, signal the location of 
lines and edges in three-dimensional space, including 
their depth relative to the fixation plane. Although 
only horizontal disparities are discussed here, vertical 
disparities are now known to play a role in stereopsis 
as well, and details can be found in Howard & Rogers 
(2002). 

The RDS demonstrates dramatically the compu- 
tational problems confronted by cortical neurons in 
comparing the two retinal images to extract depth infor- 
mation. To make the point, consider a single black dot in 
one horizontal line of the pattern in one eye’s view. The 
corresponding horizontal line of dots in the other eye’s 
view will contain roughly 50% black dots, any one of 
which might be the appropriate match for the black dot 
in question. Thus, the problem has an extremely large 
number of potential depth solutions, only one of which 
is actually perceived. In other words, the existence of 
neurons sensitive to different disparities and, therefore, 
different depths only represents the initial part of the 
solution to the problem of extracting depth information 
from two retinal images. 

The types of interactions among disparity-tuned 
cortical neurons that must be involved in the extraction 
of accurate depth information may be appreciated by 
reconsidering the simple two line stereogram in Figure 
1. As shown by the dashed lines in Figure 1a, sight lines 
from the two eyes intersect not only at the locations 
of the two targets (black circles) but also at two other 
points in depth (open circles). These are known as 
“false targets,” and neural interactions in the cortex are 
required to eliminate them. The types of interactions 
believed to occur include facilitation between neurons 
tuned to similar disparities in neighboring regions plus 
inhibition between neurons tuned to very different 
disparities at adjacent points. Examination of Figure 
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Figure 3. Stereogram illustrating binocular rivalry. Try viewing 
and perceiving both images simultaneously. 


la shows that if the neurons tuned to the disparities or 
depths represented by the black circles were mutually 
excitatory, whereas both of these inhibited neurons 
tuned to the much more extreme disparities indicated 
by the open circles, the neurons representing the 
black circles would win the competition and suppress 
the responses to the false targets. Many variations 
on this theme of facilitation between neurons tuned 
to similar disparities and inhibition between neurons 
tuned to radically different disparities have been 
proposed, and these have been summarized elsewhere 
(Blake & Wilson, 1991). Such interactions may 
be conceptualized as implementing an evolutionary 
constraint that most real world objects are bounded 
by surfaces that vary smoothly in depth except at their 
edges. 


Binocular Rivalry 


The preceding discussion assumes that the two eyes are 
looking ahead and viewing the same scene, albeit from 
slightly different viewpoints that give rise to disparities. 
In the laboratory, however, it is possible to generate 
stereograms that present radically different views to 
the two eyes. A simple example of this is depicted in 
Figure 3, where one eye is presented with horizontal 
lines, while the other is presented with vertical lines. 
Readers who can converge or diverge their eyes will 
discover that these lines cannot be fused to produce 
a depth percept. Rather, one perceives an alternation 
between horizontal and vertical lines such that the two 
are almost never seen at the same point at the same time. 
This perceptual alternation, which occurs at a rate of 
about one alternation every 2-4 s, is known as binocular 
rivalry. Rivalry results when the two eyes view images 
that could not have arisen from a real three-dimensional 
world in the absence of mirrors or other optical devices. 
It appears, therefore, that rivalry must reflect neural 
interactions that evolved to process depth information 
but that default into a perceptual oscillation when the 
depth task is impossible. 

The neural basis of binocular rivalry requires two 
components. First, the different groups of rivaling 
neurons responding to orthogonal stimuli must be 
strongly and mutually inhibitory. This guarantees that 
only one set of these neurons can be active at any given 
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place and time. The second ingredient is fatigue or self- 
adaptation. Self-adaptation, which is well documented 
among excitatory cortical neurons, causes neurons that 
are firing rapidly to slowly decrease their response rate 
over the course of a second or more. As they adapt, their 
ability to inhibit other neurons weakens. Eventually, 
these previously inhibited neurons overcome the 
inhibition and begin to respond, and they then inhibit 
the adapted neurons so that the percept switches. This 
neural mechanism has been developed into nonlinear 
dynamical models that accurately explain many aspects 
of binocular rivalry (Wilson, 2004). 

A further aspect of binocular rivalry is that the 
reversals are not precisely periodic. Scientists have 
measured the duration of intervals during which the 
pattern presented to one eye is visible (e.g., the vertical 
stripes in Figure 3). The results are well described by 
a gamma distribution in which both short and long 
intervals recur in a seemingly random sequence. Recent 
research using neural network modeling suggests that 
this gamma distribution results from chaotic dynamics 
among cortical neurons (see Wilson, 2004). 

The final and most important question concerning 
binocular rivalry is how the inhibitory neural interac- 
tions underlying rivalry change their role when stimuli 
permitting depth perception are viewed. This remains 
unanswered, but it is at least clear from the discussion 
of depth perception that inhibition is a necessary neural 
component. Perhaps, future research will show that the 
inhibition involved in elimination of false targets dur- 
ing depth perception is related to the inhibition causing 
perceptual alternations in binocular rivalry. 

Hucu R. WILson 


See also Attractor neural network; Cell assemblies; 
Gestalt phenomena; Neural network models; Per- 
ceptron; Synergetics 
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STIMULATED BRILLOUIN AND RAMAN 
SCATTERING 


See Rayleigh and Raman scattering and IR 
absorption 
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STOCHASTIC ANALYSIS OF NEURAL 
SYSTEMS 


Oscillatory activity abounds in the central nervous 
systems of animals and humans (Freeman, 1975; 
Steriade et al., 1990). Single neurons may act as 
oscillators by rhythmically generating action potentials 
or bursts. Central pattern generators (Cohen et al., 
1988) are networks of neurons located in the spinal 
cord and the brain stem, which produce oscillatory 
activity intrinsically (Sherrington, 1947; von Holst, 
1954; Cohen et al., 1988). Central pattern generators 
are essential for repetitive motor behavior like walking, 
running, flying, swimming, and chewing (Sherrington, 
1947; von Holst, 1954; Cohen et al., 1988). Phase 
synchronization (PS) between different central pattern 
generators is the mechanism that controls the different 
types of locomotion such as walk, trot, or gallop (von 
Holst, 1954; Cohen et al., 1988). 

In the cortex, the well-coordinated action of 
neural oscillations is indispensable to physiological 
information processing (Freeman, 1975; Steriade et al., 
1990; Haken, 1996). In-phase synchronization might be 
one aspect of such processes (Singer & Gray, 1995). 

In several neurological diseases, brain function is 
severely perturbed by pathologically enhanced syn- 
chronization. Resting tremor in Parkinson’s disease 
(PD) appears to be caused by a cluster of neurons 
located in the thalamus and the basal ganglia, which 
fires synchronously at a frequency similar to that of 
the tremor (3-6 Hz). While under physiological condi- 
tions these neurons fire incoherently (Nini et al., 1995); 
in patients with PD, this cluster acts like a pacemaker 
and activates cortical areas, which causes the peripheral 
shaking. 

In patients with advanced Parkinson’s disease or 
with essential tremors that do not respond to drug 
therapy, depth electrodes are chronically implanted 
in target areas like the thalamic ventralis intermedius 
nucleus or the subthalamic nucleus (Benabid et 
al., 1991). Electrical deep brain stimulation (DBS) 
is performed by administering a permanent high- 
frequency (>100Hz) periodic pulse train via the 
depth electrodes. DBS suppresses the activity of the 
pacemaker-like cluster, which, in turn, suppresses 
the peripheral tremor (Benabid et al., 1991). DBS 
has been developed empirically, mainly based on 
observations during stereotaxic neurosurgery. The 
advent of nonlinear dynamics and statistical physics in 
the field of clinically oriented neuroscience has led to an 
improvement of data analysis as well as a model-based 
development of stimulation techniques. 


Stochastic Synchronization 


Phase synchronization is a type of synchroniza- 
tion where two oscillators adjust their phases, while 
their amplitudes need not be correlated. Phase 
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Figure 1. 1:2 phase difference 6; 7 (a) and its cyclic version 1,2 (b) from Equation (1) between the activity of the right flexor 
muscle of a patient with Parkinsonian resting tremor and the magnetic field measured above the corresponding left sensorimotor cortex. 
Corresponding distribution of ¢1,2 (c). (Adapted from Tass et al., 1998). 


synchronization is observed in many physical, chemi- 
cal, and neural systems (von Holst, 1954; Haken, 1996; 
Tass et al., 1998; Pikovsky et al., 2001; Tass et al., 2003). 
As neural systems are noisy, it is convenient to use the 
general concept of PS, which is valid in noisy periodic 
oscillators as well as in chaotic oscillators (Pikovsky 
et al., 2001). 

To study n:m phase synchronization (PS) we 
introduce the n : m phase difference 6, , and the cyclic 
n:m phase difference gy» with 


ne eo 


ngi(t) — mgz2(t) “a 
2a 


where ¢, and ¢p are the phases of the two oscillators. 
The time course of 6, typically exhibits horizontal 
periods intersected by 27 jumps (Figure 1a), that vanish 
when the coupling is sufficiently strong compared to 
the noise. By n: m PS is meant that the two oscillators 
maintain a stable relationship of g,, in a statistical 
sense (Figure 1b), and thus it is characterized by 
the appearance of one or more distinct peaks in the 
distribution of @n,m (Figure 1c). Absence of n:m PS 
corresponds to a uniform distribution of n,m, whereas 
perfect n:m PS is related to a Dirac-type distribution 
of n,m. To quantify the strength of n : m PS, the actual 
distribution is compared to a uniform distribution with 
synchronization indices that are based on the Shannon 
entropy or the Fourier transformation (Tass et al., 1998; 
Pikovsky et al., 2001). The phase of an oscillatory signal 
is determined with the Hilbert transform or the wavelet 
transform (Tass et al., 1998; Pikovsky et al., 2001). 
Already by the 1930s, PS was studied in coordinated 
movements using a similar, Poincaré-like approach, but 
limited phase estimation (von Holst, 1954). 

In Parkinsonian patients with resting tremor, a 1:2 
PS was found between the activity of the shaking 
muscles and brain areas such as the sensorimotor cortex 
and premotor areas (Tass et al., 1998) (Figure 1). The 
dominant frequency of the activity in the brain areas is 
approximately twice as large as that of the peripheral 
tremor. 


Ynm(t) = od 1, (1) 


Compared to PS analysis, the cross coherence 
method cannot distinguish between PS and amplitude 
modulation as well as between PS and simple linear 
superposition. Furthermore, cross coherence is not 
appropriate for the detection of n:m PS withn/m # 1 
(Tass et al., 1998; Pikovsky et al., 2001, 2003). 


Stochastic Phase Resetting 


In both single neurons and neural populations, the 
effect of a stimulus depends on the phase of the 
neural oscillation at which the stimulus is administered. 
To study phase-dependent effects of pulsing stimuli 
on neural populations and, in particular, to analyze 
desynchronizing effects of such stimuli, the concept 
of phase resetting (Winfree, 1980) has been extended 
to populations of non-interacting and interacting 
oscillators in the presence of random forces (Tass, 
1999). The single neuron is modeled by a phase 
oscillator (Kuramoto, 1984). The dynamics of a cluster 
of N interacting phase oscillators subject to a stimulus 
S and to random forces Fj is governed by 


F rp 
vj = Opry ow) 


+X) Sj) + FIO, (2) 


where w; is the phase of the jth phase oscillator, 
I is a 2z-periodic global coupling, and S is a 
2m -periodic, time-independent function modeling the 
stimulus, where X(t)=1 during stimulation and 
X (t) =0 without stimulation (Tass, 1999). The random 
forces Fj(t) are modeled by Gaussian white noise 
fulfilling (Fj(t))=0, (F(t) Fx(t’)) = Db; d(t — 1’) 
with constant noise amplitude D. 

Via the Fokker—Planck equation, one obtains an 
evolution equation for the average number density 
nh. t= fy Jo i dy AUS WSs 1), 
where f(W, t) is the the probability density with ¥ = 
(Wis... Ww) and AY; WP) =N71 YON Sh — Wy). 
n(y,t) tells us how many oscillators most probably 
have phase y at time ft. Detailed analytical studies of 


STOCHASTIC ANALYSIS OF NEURAL SYSTEMS 


that equation were performed for X =0 (Kuramoto, 
1984; Tass, 1999), whereas the transient stimulation- 
induced dynamics was analyzed numerically, mainly 
for the case when all oscillators have the same 
eigenfrequency (Tass, 1999). Since the single model 
neuron fires whenever its phase equals 0 (modulo 277) 
the average number density of firing neurons is given 
by the firing density 


p(t) =n(0,t). (3) 


It is possible to desynchronize a synchronized cluster 
of oscillators with a single pulse of the right intensity 
and duration. To this end, however, the pulse has to 
hit the cluster in a vulnerable phase range, which 
corresponds to only a small fraction (5% or even 
less) of a period of the oscillation. To compound 
matters, different stimulation parameters have to be 
used to desynchronize a cluster that is not in its 
fully synchronized state (Tass, 1999). Hence, complex 
stimulation techniques have been developed that make 
it possible to effectively desynchronize a cluster 
of phase oscillators independently of the cluster’s 
dynamical state at the beginning of the stimulation 
(Tass, 2002). These methods share one particular 
feature: the stimulus consists of two qualitatively 
different stimuli. The first stimulus is stronger and 
resets (restarts) the cluster, whereas the second, weaker 
stimulus is a single pulse that is administered after a 
constant time delay and desynchronizes by hitting the 
cluster in a vulnerable state. The goal of the reset is 
to control the dynamics of the cluster by restarting the 
cluster in a stereotypical way. The reset may be achieved 
by means of a strong single pulse, a high-frequency 
pulse train (HFPT) (with a pulse rate 20 times larger 
than the mean eigenfrequency @) or a low-frequency 
pulse train (LFPT) (with a pulse rate similar to @) 
(Tass, 2002). A strong pulse and an HFPT cause a hard 
(abrupt) reset within less than one period, whereas an 
LFPT causes a soft (slow) reset, where in the course 
of an entrainment the influence of the initial dynamic 
state fades away. 

Since the desynchronizing effect of these stimula- 
tion techniques does not depend on the initial dynam- 
ical state of the neural population, resynchronization 
can effectively be blocked by administering a desyn- 
chronizing stimulus whenever the population tends to 
resynchronize (Figure 2a). In contrast, high-frequency 
stimulation not combined with a desynchronizing sin- 
gle pulse causes only a suppression of the firing during 
stimulation but no desynchronization (Figure 2b). After 
a simple HFPT, the extent of synchronization is partic- 
ularly high, and the cluster restarts in a rebound-like 
manner. 

Transient stimulus-induced responses of coupled 
neural oscillators are a key approach not only 
for manipulating synchronization processes, but also 
for studying neural information processing in basic 
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Figure 2. (a) Firing density p from Equation (3) of a neural 
population stimulated with two subsequent identical composite 
stimuli consisting of a high-frequency pulse train followed 
by a single pulse. (b) Two successively administered identical 
high-frequency pulse trains with parameters as in (a) but without 
following single pulses. Begin and end of a single pulse are 
indicated with vertical lines connected by a shaded region ((a) 
and (b) from Tass, 2001). CT distributions from Equation (5) 
of $1 (c) and ¢2 (d) show that the post-stimulus responses of 
each oscillator split into two antiphase ensembles (0 is black 
and maximal values are white). Begin (at t=0) and end of 
stimulation are indicated by vertical lines. ((c) and (d) from Tass, 
2003). 


research as well as in diagnosis (Dawson, 1954; 
Steriade et al., 1990). To improve the signal-to-noise 
ratio, one typically averages across an ensemble of 
responses to reveal what is supposed to be the actual 
response to a stimulus (Dawson, 1954). But noise 
inherent in the neural dynamics makes coupled neural 
oscillators react to a stimulus in more than one 
way, which may be essential for sensory short-term 
adaptation (Tass, 2003). In this case, averaging causes 
severe artifacts. 

For illustration we consider Equation (2) for two 
coupled oscillators (NV = 2) undergoing an antiphase 
reset caused by stimuli S)(w1)=Jcos(w) and 
S2(wW2) =I cos(2 + 77). We use the normalized cyclic 
phases 


$j(t) = wo 


and the normalized cyclic n:m phase difference @n,m 
from Equation (1). To detect whether, in an ensemble 
of responses, there are epochs during which the 
phases $j; and/or the phase difference @,, display, 
a stereotypical, tightly stimulus-locked time course; 
the stimuli S; and S> are simultaneously administered 
at / random times 1, 1,..., 7. Time-dependent 





mod 1 (j = 1,2) (4) 
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cross-trial (CT) distributions of @; and p,m are 
calculated across trials for each time f relative to 
stimulus onset with 


{oj(t+ t)},_) 1? {@nm(t + Te) } py Tavs re (5) 


The time course of $; and @p,, is perfectly 
stimulus-locked at time ¢ if the corresponding CT 
distributions are Dirac-type distributions, whereas 
these distributions are uniform if 6; and gm are not 
stimulus-locked at all at time ¢. The extent of stimulus 
locking is quantified for each time ¢ with indices 
characterizing the corresponding CT distributions with 
Shannon entropy or Fourier transformation (Tass, 1999, 
2003). In this way, it is possible to detect stimulus- 
locked transient synchronization/desynchronization 
(n,m) as well as transient cross-trial response 
clustering (¢;). The latter is illustrated in Figures 
2c and d, where the pre-stimulus CT distribution 
of ¢; is nearly uniform because of the randomized 
stimulus application. In all of the / = 200 trials, the 
stimuli S; and Sp) reset the oscillators to the phases 
oY © 0.36 and 5% =) +0.5, so that Dirac-like 
CT distributions evolve. Each oscillator reacts in two 
qualitatively different ways: The ensemble of post- 
stimulus responses starts at ¢'°* and splits into two 
antiphase ensembles, so that two antiphase peaks 
of the corresponding CT distribution emerge. The 
mechanism that induces cross-trial response clustering 
is a stochastic resonance (Tass, 2003). 

Coordinated transient responses of neural oscillators 
such as antiphase cross-trial response clustering 
typically escape detection with standard methods like 
cross-trial averaging (Tass, 2003). 


Deep Brain Stimulation Techniques 


Permanent high-frequency DBS is an unphysiological 
type of stimulation, which in a number of patients 
leads to side effects like dysarthria and psychiatric 
sympotms. Furthermore, the therapeutic effect of DBS 
may vanish in the course of the treatment, possibly due 
to adaptation. 

Demand-controlled DBS with the stimulation tech- 
niques explained in the former section has been sug- 
gested as an alternative and milder therapeutic ap- 
proach (Tass, 2002). Instead of simply suppressing 
the neural firing of the pacemaker-like cluster, these 
novel stimulation techniques aim at desynchronizing 
the pacemaker’s pathologically synchronized firing in 
a demand-controlled way (Tass, 2002). For this, either 
the depth electrode or an epicortical electrode mea- 
sures the feedback signal, that is, the local field po- 
tential of the pacemaker population or the electrical ac- 
tivity of a cortical area that is strongly coupled to it. A 
desynchronizing stimulus is administered only when- 
ever the pacemaker-like cluster becomes synchronized 
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(Figure 2a). Repeated administration of desynchro- 
nizing stimuli may effectively maintain an uncor- 
related firing. Demand-controlled DBS should, in 
principle, be less aggressive to the brain tissue 
stimulated and is currently evaluated for clinical 
use. 

Peter A. Tass 


See also Attractor neural network; Cell assemblies; 
Coupled oscillators; Electroencephalogram at large 
scales; Electroencephalogram at mesoscopic scales; 
Stochastic processes; Synchronization 
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STOCHASTIC PROCESSES 


Complex processes in physics, chemistry, biology, 
engineering, and finance often exhibit uncertainties, 
fluctuations, or noises in their structures as a rule 
rather than as an exception. It is known that 
low-dimensional nonlinear dynamical systems can 
exhibit chaotic phenomena that appear random in 
nature. Nevertheless, stochastic processes involve an 
unmanageably large number of variables and their 
temporal fractal dimensions approach infinity. To 
interpret, analyze, model, and simulate these noises, 
several stochastic algorithms developed in the last 
century yield not only the structure or pattern of 
these processes, but also the statistical characteristics 
of the underlying uncertainties that the conventional 
deterministic models cannot offer. 

Analysis of a stochastic process usually starts with 
the assumption of a Markov property. A Markov 
process, X(t), is a stochastic process with the property 
that, given the value of X (t = t,), the values of X (t = ts) 
for ts > f, are not influenced by the values of X (t = tq) 
for tg <t,. Depending on the nature of the process 
and the method of analysis, the random variable, X (t), 
may assume continuous values or only discrete values. 
Moreover, the random variable can be analyzed with a 
continuous or a discrete time scale. 

Algorithms have been developed for analyzing two 
distinct types of noise, internal and external. Internal 
noise is caused by the fact that the system itself consists 
of discrete particles and many variables associated 
with the particles are ignored; it is inherent in the 
very mechanism by which the process evolves. Small 
discrete systems governed by a large number of 
variables often exhibit notable internal fluctuations. The 
energy state of an electron in a molecule, the spread of 
an epidemic within a population, the mutation of a gene, 
and diffusion of a molecule into a medium cannot be 
predicted precisely due to their inherent complexities; 
thus, these processes exert internal fluctuations. The 
discrete state, continuous-time stochastic processes can 
be analyzed by the master equation in the following 
general form (Oppenheim et al., 1977; Gardiner, 1985; 
van Kampen, 2001): 





dpn(t) _ 7 
a = LW aw Pel Wr'nPn(t)}, (A) 


n 
where p,,(t) denotes the probability of the system to be 
in state n at time ¢, and W,,,, the transition probability 
per unit time from state n’ to state n. The master 
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equation is a gain-loss equation for the probabilities 
of the separate state n. The first term is the gain of state 
n due to transitions from other states n’, and the second 
term is the loss due to transition from n into other states. 
For a system involving a set of random variables or a 
random vector, n is a vector and W,,’, is a matrix. 

When all elements of the transition intensity 
functions W,,,, are either constant or linear functions 
of n, Equation (1) is considered a linear master 
equation; otherwise, it is considered nonlinear. Simple 
linear master equations such as the Poisson equation 
and birth and death processes can be solved by 
induction (see, e.g., Karlin & Taylor, 1975). For 
processes involving large numbers of random variables, 
full solutions of their joint probability distribution 
function are usually difficult, if not impossible, and it 
often suffices to determine only the first and second 
moments of the resultant probability distribution. 
These moments can be found by taking the averages 
of the master equations or by the method of joint 
probability generating function (Karlin & Taylor, 
1975, 1981; Chiang, 1980). For nonlinear master 
equations, solutions can be approximated by resorting 
to the system-size expansion, a rational linearization 
approximation technique based on the power-series 
expansion (van Kampen, 1976, 2001). The system 
size, , has been proposed as an expansion parameter 
because it measures the relative importance of the 
noises. For a linear system, fluctuations or variances 
are of the order of Q'/? in a collection of Q 
entities. As a result, their effect on the macroscopic 
properties is of the order of Q!/?. It is expected that 
the joint probability for the nonlinear system, py (t), 
will have a sharp maximum around the macroscopic 
value with a noise of width of the order of Q!/?. 
Thus, when the higher-order moments are ignored, 
the approximated joint probability becomes a time- 
dependent Gaussian distribution. The technique gives 
rise to the deterministic macroscopic equations and 
the equations of noises for the master equation; the 
latter is a set of linear Fokker—Planck equations whose 
characteristics and solutions will be discussed below. 

For the interpretation of its relation with other 
stochastic algorithms, the master equation has been 
expressed in terms of a continuous random variable 
Y(t) with its realization y(t) 


aP(y,t F j 
“AO = few ysPo'n 


—Wy" | y)P(y,t)} dy’. (2) 
Taylor expansion of the above master equation yields 
the Kramers—Moyal expansion 
fo.e) 
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where a,(y) denotes the jump moments: 


avo = f r°W(y,r)dr (4) 


00 


and 
Wyly)=WO'.r), r=y-y’. (5) 


A particular important class of continuous Markov 
processes is that for which a,(y)=0 for v>3 in 
Equation (3). It is called the Fokker—Planck equation 
or the diffusion process (Risken, 1996): 
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where a; and a2/2 are called the drift and diffusion 
coefficients, respectively. Thus, the Fokker—Planck 
equation is a truncated master equation. If a; is a 
linear function of y and a2 is constant, Equation 
(6) is called a linear Fokker—Planck equation, a 
linearity definition consistent with that of the master 
equation. Linear Fokker—Planck equations have been 
used by Rayleigh, Einstein, Smoluchowski, and 
Fokker for special cases. Taking the moments of 
Equation (6) yields the equations governing the 
mean trajectory and the noise around the mean. The 
solutions of these equations are sufficient in the 
construction of the macroscopic trajectory and its time- 
dependent Gaussian noise. An Ornstein—Uhlenbeck 
process is characterized by the jump coefficients, 
a\(y)=—ky, and az2(y)=D where the constants 
satisfy k>0O and D>O (Gillespie, 1992). For an 
Ornstein—Uhlenbeck process with the initial condition 
P(y, t =0)=4(y — yo), where 5 denotes Dirac’s delta 
function, its evolution of the probability distribution 
function can be written as 


1 
[PCL — exp[—2ke])]°5 
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The evolution of an Ornstein—Uhlenbeck process and 
its statistical features are illustrated in Figure 1. 

A discrete state, discrete time stochastic process 
can be designated by X;, where X;= X(t=1;) and 
i=0, 1,2,....X; is called a Markov chain if it follows 
the Markov property. Examples of these processes 
include a random walk on a line, the number of persons 
in a waiting line at 1 minute intervals, and the number 
of catalyst particles of different sizes during attrition. 
The propagation of a Markov chain can be expressed 
in the following matrix form (Taylor & Karlin, 1998): 


P(Xn) = p(Xo)P", (8) 
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Figure 1. The evolution of an Ornstein—Uhlenbeck process, 
and its statistical features. The process starts with a given 
deterministic, initial condition, P(y,t=0)=64(y— yo), and 
its fluctuations grow over time and eventually stabilize. The 
plot is drawn for yo =20, k= 20, and D=1. The solid line 
on the (y, f)-plane, y(t) = yoexp(kt), denotes the macroscopic 
trajectory and its limiting distribution when t — oo depicts the 
Brownian motion. 


where p(X;) is a row vector representing the 
probability distribution at # and P is the one- 
step transition probability matrix with the following 
elements: 


Piz = Pr{Xey1 = j | Xe =i}. (9) 


Equation (9) suggests that the probability distribution 
at a given time ¢; can be estimated by successive matrix 
multiplication. 

External noises are the fluctuations created in an 
otherwise deterministic system by the application of 
an external random force, whose stochastic properties 
are supposed to be known. The displacement of a mass 
attached to a spring with a fluctuating external force, an 
animal population under the influence of a fluctuating 
environment, the response of an electronic circuit 
equipped with a noise generator, the random loading 
of a bridge, and the yield from a chemical reactor with 
a fluctuating feed rate are examples of external noises. 
The Langevin approach is widely used for the purpose 
of finding the effect of noise in macroscopically known 
systems. The noise is introduced by adding a random 
term, L(t), to the deterministic equation (Karlin & 
Taylor, 1981; van Kampen, 2001; @ksendal, 2003) 


d 

= AG) + COLO. (10) 
where A(y) denotes the macroscopic characteristics of 
the system and C (y) characterizes the interaction of the 
noise and the system. When A(y) is a linear function of 
y and C(y) a constant, Equation (10) is called a linear 
Langevin equation. When A(y) is a nonlinear function 
of y and C(y) a constant, Equation (10) is called a 
quasilinear Langevin equation. When C(y) is a function 
of y, Equation (10) is called a nonlinear Langevin 
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equation. These linearity definitions are consistent with 
those for the master and the Fokker—Planck equations 
after transformations. This consistency is important 
because some difficulties emerge during the integration 
of a Langevin equation that yields the Fokker—Planck 
equation (van Kampen, 2001). The treatment of the 
discontinuous stochastic noise, L(t), is the source 
of the complexity. The added external noise, or the 
Langevin force, L(t), is irregular and unpredictable, 
but its averaged properties over an ensemble of similar 
systems are simple. White noise is acommonly adopted 
simplification, which satisfies two averaged properties. 
Its ensemble has zero; that is, 


E[L()] =0. (11) 


Moreover, the individual noise takes place instanta- 
neously with strength /T, and two successive noises 
arrive uncorrelated; that is, 


E[L(OL(’)] = Pet — 1’). (12) 


The spectral distribution of white noise, or the Fourier 
transform of Equation (12), is independent of the 
frequency w. If the noise L(t) is not 6 correlated, the 
spectral density depends on the frequency and one uses 
the term colored noise. 

Taking the first and second moments of Ay 
associated with a Langevin equation yields the jump 
moments of the Fokker—Planck equation. For a linear 
Langevin equation with C(y)=1, the averaging 
process give rise to a linear Fokker—Planck equation 
(see, e.g., van Kampen, 2001) 


aP(y,t) a 7 ra é Pe 

ape (y) OOF > aR (y,t), (3) 
and it represents an Ornstein—Uhlenbeck process. For a 
quasilinear Langevin equation, the process gives rise to 
an expression identical to Equation (13). Nevertheless, 
the nonlinear nature of A(y) suggests its Fokker— 
Planck equation is also nonlinear. Analytical solutions 
of the nonlinear Fokker—Planck equation are discussed 
by Risken (1996) and Grasman and van Herwaarden 
(1999). 

Due to the discontinuous nature of L(t), integrating 
C(t)L(t) of a nonlinear Langevin equation in the 
averaging process, however, results in two different 
interpretations. If the averaged value of C(y) during 
(t, t ++ At) is used, the averaging process yields 


aP(y,t) a , 
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+ op [copICorPo.nI| (14) 


and the integration procedure is called the Stratonovich 
calculus. If the value of C(y) before the arrival of the 
delta peak during (t,t+ At) is used, the averaging 


883 
process yields 
dP(y,t) a 
ao! = ——[A(y) Ply, t 
an aye (y)P(y, 1)] 
r a 
ty lO OPO. Ol (15) 


20 


and the integration procedure is called the Ito calculus. 
For practical processes experiencing external noise, 
the noise L(t) is never infinitely sharp, and it lasts 
for a finite period of time; this consideration suggests 
that the Stratonovich interpretation is appropriate (van 
Kampen, 2001). 
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See also Averaging methods; Deterministic walks 
in random environments; Ergodic theory; Fokker- 
Planck equation; Lévy flights; Martingales; Monte 
Carlo methods; Nonlinearity, definition of; Random 
walks; Stochastic analyses of neural systems; Time 
series analysis 
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STOKES SCATTERING 


See Rayleigh and Raman scattering and IR absorp- 
tion 


STRANGE ATTRACTORS 


See Chaotic dynamics 
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STRING THEORY 

String theories (Green et al., 1987; Davies & Brown, 
1988; Polchinski, 1998; Gauntlett, 1998; Kaku, 1999) 
were developed in the 1980s and 1990s in the hope of 
finding a unified description of all forces in nature. The 
aim is to combine electroweak, strong, and gravitational 
interactions into one consistent theory. The basic idea 
is that subatomic particles are not point-like but one- 
dimensional extended objects: strings. These vibrate 
(similarly to a violin string) in various modes and 
can move in space-time. The various particle states 
that we observe in nature should then all be explained 
as suitable excitations of suitable strings. Interaction 
processes between particles are described by splitting 
and merging of strings. Due to the finite size of 
strings, many of the divergences that occur for point- 
like particles can be avoided. The size of the string 
is very small, typically of the order of a few Planck 
lengths (1.6 x 10~*° m), so that on large scales string- 
like particles look like point particles. 

Different types of boundary conditions are possible; 
there are open strings and closed strings. The simplest 
example is a bosonic string. In suitable coordinates, the 
equation of motion is simply a wave equation of the 
form 





a? X“(, tT) 70° X"(a, T) () 

ar? . doz 
Here X* is the coordinate of the string-like particle 
in d-dimensional space-time (u=0,1,...,d—1), 0 


and t denote an internal position and time variable 
parametrizing the string, and C is a constant. 

The general solution can be written as a mode 
expansion of the form 


X#(o, tT) = 
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Here x” and x” are constants independent of o and 
t that essentially represent the position and velocity 
components of a constantly moving point particle, 
whereas the sum over n describes the oscillating part 
of the dynamics. The string parameter Va’ describes 
the approximate scale where string effects become 
relevant, and L is the length of the string. Unlike a violin 
string, this string is not tied down at the end points but it 
can move freely through space-time while it oscillates. 

So far this is a classical string. First quantization 
is done by letting the coefficients wh of the above 
normal mode expansion satisfy suitable commutator 
relations. Second, quantization of strings, up to now, is 
still an active area of research with many open questions 
(Kaku, 1999). 

The quantization of bosonic strings yields unpleas- 
ant surprises, so-called ghosts. These are quantum 
states with negative norm. One wants to avoid these 
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Figure 1. A schematic diagram of M-theory with its known 
string theory limits and the 1 1-dimensional theory. Some of the 
dualities are also shown. 


unphysical states, which is only possible if the dimen- 
sion of space-time is d = 26. Consequently, it has been 
necessary to assume that the 22 extra dimensions are 
“compactified,” that is, curled up on small circles that 
are so small that we do not notice them in daily life. 

But bosonic string theories have another problem. 
The lowest excitation mode (the ground state) is a so- 
called “tachyon,” a state for which the mass squared 
is negative. To avoid this unphysical (unstable) ground 
state, one proceeds to supersymmetric string theories, 
in short “superstring theories.” In these theories, 
for each boson there is a corresponding fermionic 
partner and vice versa. Technically, one introduces 
anti-commuting coordinates in addition to commuting 
ones. For supersymmetric theories, ghost states occur 
as well, but can now be avoided if the number of 
space-time dimensions is d= 10. So to describe low- 
energy physics, again six extra dimensions have to be 
compactified. Five different superstring theories have 
been found, which are denoted as type I, IA, IIB, HET 
Eg x Eg, and HET SO(32). They differ in the degree 
of supersymmetry, the underlying gauge symmetry (if 
any), and whether the strings are closed or open. 

Nowadays the five superstring theories are regarded 
as special limit cases of a more fundamental theory, 
called M-theory. This contains the five superstring 
theories and an 11-dimensional theory as special cases. 
These special cases are marked as the edge points of 
the diagram in Figure 1. Unfortunately, it is not known 
how M-theory should be formulated in full generality 
and how it should be second quantized. It is not even 
clear what the fundamental objects are that this theory 
describes. Much work needs to be done. 

Some of the string theories contained in M-theory 
are connected by the so-called duality transformations. 
S-duality essentially means that a string theory with a 
small coupling constant a describes the same physics 
as another string theory with a large coupling given 
by 1/a. T-duality means invariance of the physics if 
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STRUCTURAL COMPLEXITY 


a compactified dimension of radius R is replaced by 
another one of radius 1/R. 

In recent years, much research emphasis has 
concentrated on higher-dimensional objects contained 
in string and M-theory, so-called D-branes. Open 
strings can end and start on D-branes. Remember that 
in electromagnetism there are point charges, which are 
the sources of the electromagnetic field. D-branes are 
in a sense higher-dimensional generalizations of these 
point charges. 

As already mentioned, to proceed to our four- 
dimensional world, six of the dimensions of superstring 
theory (or 7 of those of M-theory) have to be compacti- 
fied. The way this should be done is unclear. One needs 
to compactify on special types of compact manifolds, 
so-called Calabi-Yau manifolds, to preserve what is 
generally believed to be the right amount of supersym- 
metry. The compactification step is clearly necessary 
for string theory to make contact with the real world, 
but almost all relevant low energy predictions depend 
on the numerous possibilities of how to compactify. 
This severely undermines the predictive power of string 
theories. 

In principle, the ultimate theory should predict 
everything we want to know about particle physics, 
such as the values of the coupling constants of the 
four different forces or the masses of all fermions 
and bosons. In string theories, the numerical values of 
gauge couplings (e.g. the fine structure constant oe, 
which is about a at low energies) can be related to 
vacuum expectations of a scalar field contained in string 
theories, the dilaton field. But this vacuum expectation 
depends in an unknown way on second quantization 
effects and has not been predicted so far. As ’t Hooft 
puts it in his book (’t Hooft, 1997), string theory, at 
least in its present stage, has similarities with a very 
uncomplete piece of furniture: “Imagine that I give you 
a chair while explaining that the legs are still missing, 
and that the seat, back, and armrest will perhaps be 
delivered soon; whatever I did give you, can I still call 
it a chair?” 

While typical equations for (free) strings, such 
as Equation (1), are linear, a recent proposal is to 
amend ordinary strings (evolving in a regular way) by 
nonlinear versions of strings, so-called chaotic strings 
(Beck, 2002). These evolve in a deterministic chaotic 
way. In this approach, each ordinary string is shadowed 
by achaotic string, which yields the “noise” for second 
quantization via the so-called stochastic quantization 
method. Mathematically, chaotic strings consist of 
one-dimensionally coupled Tchebyscheff maps, a very 
nonlinear and strongly self-interacting theory, which 
describes a kind of “turbulent quantum state” on a small 
(quantum gravity) scale. It turns out that the vacuum 
energy of chaotic strings is minimized for observed 
standard model parameters; that is, in this extended 
approach to second quantization, concrete predictions 
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for vacuum expectations of dilaton-like fields and hence 
on masses and coupling constants can be given. 
CHRISTIAN BECK 


See also General relativity; Particles and antiparti- 
cles; Quantum field theory 
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STRONG COLLAPSE 


See Development of singularities 


STRUCTURAL COMPLEXITY 


By structural complexity we mean the study of morpho- 
logically complex patterns associated with many physi- 
cal entities of dynamical systems, using methods based 
on algebraic, geometric, and topological information 
(Ricca, 2001). In this respect, structural complexity of- 
fers an alternative and complementary route to study 
complex systems, based on morphological character- 
istics rather than the governing rules generating com- 
plexity. Structural complexity arises from spontaneous 
growth and self-organization of interacting components 
present in the bulk of physical systems, such as in turbu- 
lence, in biological and chemical reactions, in growth 
phenomena, across scales of space, time, and organiza- 
tional complexity (Badii & Politi, 1997). Much of our 
understanding comes from observations of natural phe- 
nomena, from simulations and computational visual- 
izations. Mathematical methods are used to extract and 
synthesize the relevant information, and to explore pos- 
sible relationships between morphological complexity, 
energy localization, and other physical properties. 
Dynamical systems are often characterized by 
the emergence and interaction of coherent structures 
(Nicolis & Prigogine, 1998; Scott, 2003). These 
latter are produced through filamentation mechanisms 
and space-time localization of characteristic physical 
properties. Examples of coherent filamentary structures 
may be as disparate as DNA macromolecules, synthetic 
polymer chains, nerve fibers, actin filaments, vortex 
filaments, magnetic flux tubes, or massive cosmic 
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Figure 1. Computational field visualization of a pattern of 
vortex filaments produced by turbulent flow in a numerical 
box: (a) low-pressure line and (b) iso-pressure surface, obtained 
by numerical extraction techniques (Courtesy of S. Kida, 
Theoretical Division, National Center for Fusion Research, Toki, 
Japan). 


strings. Dislocations and discontinuities in mesoscopic 
and solid-state physics, fronts and cell membranes in 
chemistry, fluid dynamics, and biology provide other 
examples of complex structuring. The formation and 
continuous re-arrangement of coherent structures are 
due to local interactions and recombination, governed 
by specific dynamics given by nonlinear differential 
equations &= F(x, A), with a nonlinear function F 
of the vector ©=(x1,...,%1), which depends on 
an external control parameter A. At certain critical 
values, this parameter causes phase transitions and 
pattern changes (Levin, 2002). Pattern recognition 
techniques aim at providing mathematical methods 
for diagnostics of the morphological complexity of 
the emerging pattern, regardless of the governing 
fundamental physical mechanism that is responsible for 
complexity. 

One of the great benefits of modern capability to 
perform complex three-dimensional simulations is the 
possibility to effectively analyze and visualize huge sets 
of three-dimensional data. Direct volume rendering, 
iso-surface extraction, integral convolution, and many 
other computational techniques allow sophisticated 
multi-field visualizations of complex physical patterns 
(Johnson et al., 2001). Progress in visiometrics, based 
on the exploitation of such techniques for an accurate 
identification and representation of complex three- 
dimensional structures, provides powerful tools and 
an almost inexhaustible source of information for 
analysis of structural complexity (see Figure 1; also 
see Visiometrics). 

Physical as well as computational domains are 
decomposed into tropicity domains, defined by the 
characterizing properties of nulls, tubes, sheets, and 
blobs. These are reference sets defined by the 
reference physical field distribution, that allow direct 
measurement of the degree of tubeness, sheetness, and 
bulkiness of the coherent set by analyzing the aspect 
ratio of the distribution. 

Algebraic, geometric, and topological measures are 
used to quantify structural complexity. In case of 
high filamentation, the original network of filaments is 
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Figure 2. Example of analysis of an oriented space curve L, 
based on crossing number information of the projected curve 
Lp: we can calculate the total number of un-signed crossings 
(3, in the example shown in the figure) and, according to the 
sign convention shown on the right-hand side of the diagram, the 
algebraic sum of the + signs(— 1 — 1+ 1= — 1, inthe example 
shown). By averaging these two quantities over all directions p 
of projections, we obtain estimates of, respectively, the average 
crossing number and the writhing number of L. 





reduced (by appropriate threshold filtering) to a tangle 
T of space curves (representing the filament axes), 
hence reducing the problem to the analysis of the mutual 
positioning of the system of curves in space. By using 
methods based on crossing number information, we 
can evaluate the average crossing number C of the 
tangle that provides a fundamental algebraic measure 
of structural complexity. This quantity is defined by the 





formula 
C= YO Gy. (1) 
Li, Lj3¢T 
where 
Ci={ Do lerl). er= +l (2) 


reLjnlj 


denotes the un-signed crossings between the curve L; 
and £ j of the tangle TJ, and summation is made over 
all the crossings resulting from £; 1 £;; the average 
number of crossings is then evaluated by projecting the 
tangle onto projection planes; here the angular brack- 
ets denote averaging over all directions of projections 
(in the simple case of one oriented space curve, Fig- 
ure 2 shows an application of this analysis). Geometric 
measures are based on integral measures of curvature 
and torsion of the reference curves and surfaces; for 
tangles of curves, these include total curvature, aver- 
age twist, and writhing number which give information 
on the amount of coiling and entwinement of the cor- 
responding filaments. Topological information comes 
from different types of measures: number of nulls (zero- 
value field singularities), linking numbers for open or 
closed curves, winding numbers and invariants associ- 
ated with handle-body decomposition of reference sets 
are all calculable quantities. Further information may 
come from analysis of cell-decomposition of the net- 
work. In particular situations, when a prevailing type of 
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geometry emerges, ad hoc analysis is used; for example, 
spiral spectrum analysis can be employed for scroll- 
wave reactions in Belousov—Zhabotinsky-type chem- 
ical systems and braid theory can be applied to study 
dynamics of particulates, fluid mixing, trailing vortices, 
astrophysical plasma loops, and tangle diagrams for 
polymers. Other information may come from study of 
dynamical systems, where we have information, for ex- 
ample, on Lyapunov exponents, topological entropy, 
multifractal properties, and topological scaling (see, 
for example, de Gennes, 1979; Jensen, 1998), whereas 
artificial intelligence provides us tools based on algo- 
rithmic complexity for neural-type networks. Measures 
of structural complexity are implemented computation- 
ally as time-dependent variables that change with the 
evolution of the physical system. 

Collected information on structural complexity 
is analyzed against physical information. Since the 
evolution of any physical system is driven by variational 
principles that take account of energy and entropy re- 
distributions, information on structural complexity may 
disclose some useful information on the physics and 
dynamics of the process. It is known that geometric 
properties strongly influence the dynamics: curvature 
forces (such as bending force in elastic rods or surface 
tension in liquid films) cause telephone cords to coil- 
up and foam bubbles to coalesce. We, therefore, 
expect relationships between geometry, dynamics, 
and ultimately, energy. Possible relationships between 
energy, entropy, and structural complexity in terms 
of algebraic information have, however, a more 
subtle rationale: network restructuring is due to local 
interactions and recombinations that are induced by 
acting potentials. These are associated with localized 
coherent structures, acting either on the strands of 
neighboring filaments (as in the case of reconnection 
of vortex tubes) or on the surface elements of sheet 
discontinuities (as in the formation of elastic films). In 
this context, local interaction of neighboring structures, 
resulting in the emergence of apparent crossings 
(possibly weighted by some distribution function) is 
a measure of the localization of internal energy. Hence, 
the resulting growth rate of the average crossing number 
provides an estimate of energy and entropy variations 
in the system. In absence of dissipation, topology is 
conserved; however, even in fully dissipative systems, 
topological information provides indications to detect 
preferred paths of energy depletion. In general, if 
X denotes a measure (or a family of measures) of 
structural complexity, and E the energy of the system, 
we may expect energy-complexity relations of type 
E=G(x), where G is a nonlinear function, where the 
nonlinearity is prescribed by the growth rate exponents 
of the physical process (see, e.g., Barenghi et al., 
2001). Algebraic, geometric, and topological measures 
of structural complexity are, therefore, not only useful 
for computational implementation of diagnostics and 


pattern recognition, but they can also provide new tools 
to investigate localization and transfer of energy in 
complex physical systems. 

Renzo L. Ricca 


See also Algorithmic complexity; Filamentation; 
Knot theory; Pattern formation; Topological de- 
fects; Vortex dynamics of fluids 
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SUBHARMONIC GENERATION 


See Harmonic generation 


SUPERCONDUCTING QUANTUM 
INTERFERENCE DEVICE 


The Superconducting QUantum Interference Device 
(SQUID) is the most sensitive detector for magnetic 
flux, ®. It relies on the fundamental concept of flux 
quantization in a multiply connected superconductor, 
for example, a ring (torus). Flux quantization is a clear 
demonstration of the quantum mechanical properties 
of a superconductor in which the conduction electrons 
form (Cooper) pairs and condense in the ground state: 
the so-called “Bose condensation.” Below the transition 
temperature, 7¢, all the bosonic pairs can be described 
by a single macroscopic many-body wave function 


Yr) = [ns(r)]'/7e™ , (1) 


where n, is the density of Cooper pairs. The phase 0 (r) 
is a scalar function of the position. For small fields one 
may ignore the spatial dependence of ng. 

A direct consequence of the condensation is that 
for T <T, a superconductor exhibits zero electrical 
resistance and that magnetic fields are expelled from its 
interior. However, this diamagnetism (Meissner effect) 
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Figure 1. (a) The RF-SQUID and (b) the DC-SQUID. Dashed 
line is an integration contour deep inside the superconductor. 


is not perfect as currents may penetrate into a 
thin surface layer (about 50nm) called the London 
penetration depth (A). 

Early superconductors were metals (Hg, Al, Sn, Pb, 
Nb) or alloys (NbTi, Nb3Sn) with T, below ~ 20K. 
Since 1986, a new class of ceramic materials has been 
discovered with transition temperatures in the range 
50-135 K, meaning that instead of requiring cooling by 
liquid helium (4 K), they only need cooling with liquid 
nitrogen (77 K) or by traditional cryocoolers. The terms 
low-T, (LTS) and high-T, (HTS) are used for these two 
types of superconducting materials. 

The gradient of the phase 6 of the macroscopic 
wave function describing all Cooper pairs depends on 
the pair-current density, Js, and the magnetic vector 
potential, A, as 


AVO = 2e(AJg + A), (2) 


where the pre-factor, A =2m/ n;(2e)”, reflects the 
double electron charge 2e and mass 2m of the Cooper 
pair. If Equation (2) is integrated along a closed contour 
deep inside the superconducting ring where J; = 0, the 
fact that the wave function has to be single-valued 
with phase (modulo 277) leads to quantization of the 
magnetic flux contained in the ring so that 


Peni = n®o, (3) 


where n=0, 1, 2,3, ... is an integer and ®p =h/(2e) 
=2.07 x 107!5 Wb is the “flux quantum.” ®o is very 
small, corresponding to the flux generated by the 
Earth’s magnetic field (40 pT) in a circular loop with 
radius ~4 pm. 

A SQUID is a superconducting ring including either 
one or two Josephson junctions as shown in Figure 1. 
Named after their operational modes, these are 
called the RF-SQUID and the DC-SQUID. In both 
configurations, the response to an external magnetic 
flux is periodic in the flux quantum ®o. For simplicity, 
we consider only the two-junction DC-SQUID shown 
in Figure 1b. 

Upon integrating Equation (2) along the closed 
contour, one may show that the difference between the 
phases, y; and @, of the macroscopic wave functions 
of the two Josephson junctions varies periodically with 
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Figure 2. Magnetic interference pattern of symmetric 
DC-SQUID. Total critical current versus applied magnetic flux, 
bi =0. 
the applied flux ® as 

G1 — G2 = 21 O/Op, (4) 
giving a total critical (super-)current, [7., of the SQUID 
2m@/Po). (5) 





Tye(®) = Ici sin gy + Ic2 sin(Y) 


For two identical (J, = Ic, = I,2) junctions, I7,.(®) 
varies from 2/, to zero with a period of ®o (see 
Figure 2). The first zero is at = ®o/2. We say that the 
depth of modulation, M = Ite max /t¢,min = Itc /2 1c, is 
100%. M is reduced if the two junctions are different. 

The variation in /7,.(®) reflects the fact that 
the applied flux generates a circulating shielding 
supercurrent, Jcire(®) in the SQUID ring. Given 
the loop inductance, L, it generates a_ self-flux 
Deeg = LI circ, which counteracts the applied flux. The 
effective flux in the ring is only ® = Papp — Pseig 
leading to a reduced depth of modulation. A practical 
measure for a symmetric SQUID is the inductance 
parameter 6; =2LI,/®o. For By =0, M = 100% (as 
above) while for By, > oo, M—0. Practical DC- 
SQUIDs are optimized with M ~ 50% corresponding 
to Bp ~ 1. 

In order to avoid complications caused by hysteresis 
and flux contained in finite size junctions, one usually 
keeps junctions small and nonhysteretic (i.e., with 
relatively large damping and small capacitance). DC- 
SQUIDs with such junctions can be stably biased in 
the voltage state using a fixed DC current J, > I¢¢. 
When an external flux is applied, the I-V curve is shifted 
following [7,.(®), given in Equation (5), and a sensitive 
measurement of the oscillating voltage, V(®)|;,, across 
the SQUID enables determination of ® to a small 
fraction of ®o. Generally, the flux resolution is limited 
by thermal noise. 

The use of a SQUID as a detector is complicated 
by the highly nonlinear dependence of the voltage 
response on the applied flux (see Figure 2). This may 
be overcome by operating the SQUID in the so-called 
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“flux locked mode,” where the SQUID output voltage 
via a feedback loop is returned as a current in a coil 
placed near the SQUID ring. By proper design, the coil 
produces a flux that exactly compensates the applied 
flux in the ring. The SQUID now acts as a null detector 
where the feedback current is a linear function of ® 
over a very large range of magnetic flux. 

Its impressive flux resolution does not imply that 
the SQUID can resolve such small magnetic fields, 
because the area of the SQUID ring is normally very 
small. An ingenious way to effectively increase the loop 
area without increasing L (keeping fz < 1) is to use 
a superconducting flux transformer. This is a closed 
superconducting loop consisting of a series connection 
of a pickup coil placed in the ambient magnetic field and 
an input coil inductively coupled to the SQUID ring. 
When an external magnetic field is applied to the pickup 
coils, a shielding current is set up in the loop so that 
the total flux in the flux transformer is conserved (flux 
quantization). The current generates a flux in the input 
coil, which in turn couples the flux into the SQUID. To 
increase sensitivity, the input coil often is a multiturn 
thin-film coil (Washer type) placed on top of the SQUID 
ring. Usually, the input coil and the SQUID are enclosed 
in a magnetic shield to suppress external noise. 

A well-designed LTS DC-SQUID magnetometer 
with proper pickup coil has an unsurpassed magnetic 
field sensitivity of ~ 10fT (10-!4T), about one 
billionth (10~°) of the Earth’s magnetic field. LTS RF- 
SQUIDs and HTS DC-SQUIDs reach 100 fT. Most field 
measurements, therefore, are limited by magnetic noise 
from the environment and not from the magnetometer 
itself. Magnetic noise may be dramatically reduced 
by shaping the pickup coil as two matched counter- 
wound coils, so that a uniform magnetic field (e.g., 
from a distant source) generates zero net flux in the flux 
transformer. Effectively it measures the gradient of the 
magnetic field working as a first-order gradiometer with 
baseline equal to the distance between two counter- 
wound coils. Higher order gradiometers with three 
(or more) balanced coils have also been constructed. 
Modern multi-SQUID magnetometers use first-order 
gradiometers with advanced digital noise reduction and 
background field nulling. 

Because of their high sensitivity, SQUIDs are 
now used as transducers for virtually any response 
that can be converted to magnetic flux, including 
magnetic fields, field gradients, currents, voltages, 
electromechanical positioning, and movements. A 
prominent biomedical application is three-dimensional 
magnetic source imaging, where an array of several 
hundred SQUIDs placed in a helmet fitted around 
the head can localize magnetic sources in the human 
brain to about a millimeter. This is important for 
precise location before or during brain surgery and 
for diagnosis of mental disorders. Many hospitals 
already use commercial SQUID instruments to record 
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the very weak fields generated by nerve pulses in the 
brain (MEG, magnetoencephalogram) and heart, even 
the fetal heart beat (MCG, magnetocardiogram), as 
supplements or improved alternatives to the established 
electrical counterparts, EEG (electroencephalogram) 
and ECG (electrocardiogram) using electrodes placed 
on the skin. 

Dedicated SQUID magnetometers are also used in 
geomagnetic surveying as well as for nondestructive 
testing (NDT), where defects in conducting samples 
can de detected by monitoring magnetic fields of 
induced eddy currents. For detection of the Earth’s 
magnetic field, signal frequencies are typically a 
few millihertz, but SQUIDs may also be used for 
ultra-low noise microwave amplifiers as well as 
picosecond electronics and terahertz oscillators based 
on propagation at high speed of single quanta of 
magnetic flux in SQUID arrays. 

JesPER MyGInb 


See also Josephson junctions; Superconductivity 
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SUPERCONDUCTIVITY 


The phenomenon of superconductivity was discov- 
ered in 1911 by the Dutch scientist Heike Kamerlingh 
Onnes. In connection with work on the liquefaction of 
helium (normal boiling point at 4.2 K), he measured 
the resistance of mercury and noticed that the resis- 
tance dropped gradually with temperature as was ex- 
pected. However, near 4.2 K, the resistance apparently 
dropped to a very small value consistent with zero. This, 
of course, must have been a very dramatic discovery, 
changing completely the general picture of the proper- 
ties of solid-state matter. Today, the simple and direct 
consequence of zero resistance—that a large current 
can run indefinitely in a closed wire without energy 
input—intrigues many people. Even though zero resis- 
tance may be counter-intuitive, it is not forbidden by 
the laws of nature, and it does not imply a “perpetuum 
mobile.” The second important property of a supercon- 
ductor is that it is a perfect diamagnet. This property 
also has a feature that at first may seem quite unnatu- 
ral. If a magnet is lowered towards a superconductor, 
the magnetic field of the magnet cannot penetrate into 
the superconductor. The magnetic field lines become 
compressed between the magnet and the superconduc- 
tor, and eventually the magnet will levitate. This exclu- 
sion of the magnetic field is not a consequence of the 
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Figure 1. A levitated HTS superconductor. 


induction law in connection with zero resistance of the 
superconductor, but an independent phenomenon. The 
phenomenon was discovered in 1933 by Walter Meiss- 
ner and Robert Ochsenfeld long after the discovery of 
zero resistance. It is called the Meissner effect. 

Superconductivity as discussed above occurs in 
many ordinary metallic elements from the periodic ta- 
ble. Examples are mercury, lead, tin, and niobium. The 
transition temperatures T; (i.e., the highest tempera- 
ture where superconductivity occur) are typically below 
10K. If the external magnetic field is too high, it will 
quench the superconductivity completely. This field is 
called the critical field Ho, and it is typically of order 
some hundreds of Gauss, too low for practical applica- 
tions in electric machinery. The type of superconductor 
described above is called a type I superconductor. 

Type II superconductors were discovered much 
later—in the 1950s. They are typically alloys of metals 
such as NbTi or Nb3Sn and have transition temperatures 
typically in the 10-20K range up to 23K. They 
can carry much higher currents and can withstand 
much higher magnetic fields, thus, being much more 
useful for applications. A major difference from type I 
superconductors is the way they behave in a magnetic 
field. The Meissner effect as described above exists 
up to a so-called lower critical field H.,. At He,, the 
magnetic field in the form of magnetic flux lines starts 
to penetrate the superconductor. As the external field is 
increased up to the upper critical field H.,, more and 
more flux lines penetrate the superconductor until at 
H,, the flux lines completely fill the superconductor, 
which then becomes normally conducting. 

In 1986, a new type of superconductor was found 
with a complicated structure. These superconductors 
are called High Temperature Superconductors (HTS, 
see below) and may, for lack of better understanding, be 
described as extreme type II. Examples are YBa2Cu307 
(known as YBCO) and BijSr2Ca;Cu20g (BSCCO), 
both of which have transition temperatures above the 
boiling point of liquid nitrogen at 77 K. These materials 
are quite useful for applications since liquid nitrogen— 
a cheap industrial product—may be used as a coolant. 
These important superconductors will be discussed 
separately below. 

Figure 1 shows a levitated HTS superconductor. 
Since it is an extreme type II superconductor, magnetic 
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flux lines penetrate the superconductor. These flux lines 
are “pinned” on imperfections of the crystal lattice, 
such as dislocations, and provide a stability not seen in 
type I superconductors. Thus, the HTS superconductors 
may even “levitate” below the magnet—hanging on the 
flux lines from the magnet. By symmetry a magnet can 
alsobe levitated over a superconductor. 


Ginzburg-Landau Theory 


Superconductivity is a complicated quantum mechan- 
ical phenomenon. The particles giving rise to the su- 
percurrents may be described by a quantum mechani- 
cal wave function y(r) =|W(r)|exp(iO). In a normal 
metal, the phases of all the electrons are different. In 
the superconducting state, all carriers have the same 
quantum mechanical phase of the wave function. This 
is referred to as macroscopic phase coherence. Thus, a 
simply connected macroscopic superconductor is char- 
acterized by a single-phase angle. The difference be- 
tween a normal metal and a superconductor has some 
similarity to the difference between the coherent light 
of a laser, where all the atomic oscillators oscillate in 
phase and the “white” light of an ordinary bulb, where 
all the exited atoms are incoherent. 
The interpretation of superconductivity as a macro- 
scopic quantum phenomena and the first useful theory 
of superconductivity were due to Fritz and Heinz Lon- 
don in 1935. 
A real breakthrough for applications is the still very 
often-used phenomenological theory published by the 
Russian scientists Vitaly Ginzburg and Lev Landau 
in 1950. Ginzburg and Landau introduced a position- 
dependent order parameter with a conceptual similarity 
toa quantum mechanical wave function. The Ginzburg— 
Landau theory is a masterpiece of intuition. It postulates 
that as the temperature is lowered and T, is crossed 
from above, a (complex) order parameter (wy (r)) for an 
ordered, superconducting phase appears—increasing 
from the value zero at T,. Gibbs free energy is then 
expressed as a series expansion in terms of this order 
parameter (y(r)). Finding the equilibrium value of the 
Gibbs free energy leads to two coupled differential 
equations that connect the order parameter and the 
electromagnetic fields. 

Variational methods are used and the Ginzburg— 
Landau equation is derived. It may be written 





ap(r) + BIYO)PYr) 
+1/2m((h/22i)V — g A)2(r) = 0 


Here a and # are coefficients to be determined by 
the particular system, A is the vector potential and m 
is a particle mass. The last term on the left side has 
the appearance of a kinetic energy, and we note the 
similarity to the Schrédinger equation (See Nonlinear 
Schrédinger equations). 
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As mentioned above, the nonlinear Ginzburg— 
Landau equation can be applied to other systems with 
an order parameter characterizing a phase transition. 
Examples are magnetic materials, liquid helium, and 
liquid crystals. Because of the series expansion, which 
is only good when the expansion parameter is small, 
the theory is formally only valid near the transition 
temperature. 


BCS Theory 


Although rather successful, the above theories are 
phenomenological in nature. They do not specify the 
nature of the physical system or why superconductivity 
occurs. For this, a full microscopic quantum mechanical 
theory must be derived. This was done by John Bardeen, 
Leon Cooper, and Robert Schrieffer in 1957, and their 
theory carries the name BCS theory. The derivation 
of the BCS theory is too complicated to be described 
here, but we note that in most practical cases a full 
understanding is not needed. Close to T, the BCS 
theory approaches the phenomenological Ginzburg— 
Landau theory as it should. Central to BCS theory 
is the notion that there are two types of currents. 
Normal currents are carried by normal electrons, and 
supercurrents are carried by so-called “superelectrons.” 
Just below T., there are only a few superelectrons and 
many normal electrons. At T = 0, all charge carriers are 
superelectrons. These ’superelectrons” are bound pairs 
of normal electrons called Cooper pairs. Accordingly 
they have two electron masses and two electron charges. 
Intuitively, one would think that two electrons could 
not form a pair since Coulomb repulsion would rip 
them apart. However, the pairing mechanism has its 
origin in the electron-phonon interaction, which is 
responsible for overwhelming the Coulomb repulsion 
and providing the attractive potential binding the two 
electrons together. 

The binding energy of the pair, A, is of order a 
few meV and is related to the energy scale of the 
phonons involved in the pairing process. Naturally 
in the BCS theory, there is a direct proportionality 
between the transition temperature T, and the pair 
binding energy A. In fact, this way it has been suggested 
that 7,s cannot exceed about 30K. Until recently 
the highest J, observed experimentally was 23K in 
general agreement. This is not true any more as will 
be described in the next section. 


High 7, Superconductors 


In 1986, K. Alex Muller and J. Georg Bednorz 
from the IBM Zurich research laboratory discovered 
superconductivity in a new class of materials involving 
typically the so-called rare earths. Within a few months 
after the discovery was known, researchers found a 
Te of 92K in the material YBazCu307 and related 
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compounds. YBCO is typical of the so-called HTS 
although now many other families are known, including 
the widely used BiySr2Ca2Cu30g compounds. To 
become superconducting, these materials must undergo 
a heat treatment at about 1000K in an oxygen 
atmosphere. After this baking, the materials appear 
as a ceramic and are thus hard and brittke—which 
causes some engineering problems for making the 
superconductors into wires and coils. Now, many more 
HTSs are known and the highest 7, found so far is 
about 150 K. New HTS materials are found regularly, 
and it cannot be predicted what the limit to higher T, 
will be. Maybe we will one day have room-temperature 
superconductors. 

The theory for HTSs is not known, in spite of 
the efforts of many theoreticians. Obviously, the BCS 
theory is not directly applicable since it predicts a 
maximum 7, of about 30K. An HTS typically has a 
layered structure with copper-oxide planes separated by 
isolating atoms at atomic distances, and it is speculated 
that the superconductivity somehow has its explanation 
in this structure. 

Particularly following the discovery of HTS, the 
potential for useful applications of superconductivity is 
quite large. A significant benefit of the high transition 
temperatures is that liquid nitrogen at 77K can be 
used as the coolant. Applications are both small scale 
(electronics, sensors, and communications) and large 
scale (power cables, motors, transformers, and large 
magnets.) 

Starting with small scale, we note that Josephson 
junctions (See Josephson junctions) are the main com- 
ponent in superconducting electronics. The general ad- 
vantage over semiconductors is higher speed and lower 
dissipation. Computers can be constructed that are 
much faster and much smaller than conventional com- 
puters. Sensors, in general, can be made much more 
sensitive with superconductor technology. This is be- 
cause of the quantum mechanical nature of supercon- 
ductivity and, of course, the low temperatures where 
thermal noise is reduced. A so-called super conducting 
quantum interference device (SQUID) is a commercial 
superconducting magnetic field sensor that is so sensi- 
tive that it can measure the magnetic field from nerve 
impulses in the brain. It can also be used to detect in- 
ternal cracks in the aluminum-alloy plates of aircraft 
wings. Superconducting photon detectors can detect 
single photons from space. High-frequency microwave 
detectors can detect signals down to the quantum limit 
and in some spectacular cases even lower. Filters for 
mobile telephone ground stations can be made much 
sharper than conventional ones, implying more tele- 
phones, improved quality, and lower prices. 

Large-scale applications include large magnets, 
levitated trains, power cables, motors, energy storage, 
and fault current limiters. Large magnets are, for 
example, used in the Magnetic Resonance Imaging 
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(MRI) systems at hospitals where a patient’s whole 
body is introduced into the magnet. This is a very large 
market, and it is only feasible with superconducting 
magnets. A levitated train with superconducting 
magnets has already been built in Japan (Maglev). 
Superconducting (HTS) power cables have already 
been built in several countries. In Denmark, a 35m 
section has already been installed in the Copenhagen 
grid. In general, the benefits of the superconducting 
systems is that energy savings can be obtained 
because there is no—or at least very low—dissipation. 
Thus superconducting machinery can be made much 
smaller than similar conventional machinery, which is 
important in many cases in the automotive industry. 
Energy can be stored in large superconducting coils 
or friction-free flywheels. A fault current limiter 
is an important protection device for the utility 
grid that can be made using only superconducting 
technology. 

In the coming generation, superconductivity may 
play the revolutionary role that semiconductors did in 
the previous generation. 
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SUPERFLUIDITY 


Superfluidity is the state of a quantum liquid in 
which the liquid has the ability to flow through fine 
slits and capillaries without friction or production 
of a pressure gradient. The superfluidity of liquid 
helium He* (called “He-II’) at temperatures below 
T;, = 2.17K was discovered by Peter Kapitza in 1938. 
The transformation of normal liquid helium into the 
superfluid state is a phase transition of the second order. 
Nevertheless, the superfluid He-II cannot be considered 
as a liquid without viscosity. Experiments on rotational 
vibrations of a disk suspended in He-II show that 
damping is observed at temperatures below (T < T}), 
decreasing as the temperature is lowered. 

The first qualitative explanation of superfluidity 
phenomena was proposed by Lazlo Tisza (1938), who 
introduced a two-fluid model of superfluidity. Lev 
Landau (1941) later formulated a so-called two-fluid 
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Figure 1. Dependance of the energy of elementary excitations 
on momentum. 


hydrodynamics of He-II. According to this explanation, 
He-II consists of two interpenetrating fluids, a normal 
fluid with viscosity and a superfluid fluid with zero 
viscosity. It is the superfluid that flows without friction 
through the finest of channels, while the finite viscosity 
of the normal component is responsible for the observed 
damping of the oscillating disk. Each component is 
assigned a density p, and ps, whose sum is the total 
density p = py + ps, and each is assigned its velocity 
field v, and vy. 

Landau’s theory is based on the idea of a 
possible description of physical properties of a weakly 
excited macroscopic system at low temperatures by 
means of elementary excitations or “quasiparticles.” 
The elementary excitations have energy e(p) and 
are regarded as particles of momentum p. The 
normal component represents a gas of elementary 
quasiparticles with a dispersion curve as sketched in 
Figure 1. There are two types of the quasiparticles at 
low temperatures: sound quanta or phonons of long 
wavelength (with dispersion relation ¢ = sp, wheres is 
the sound velocity) and excitations of short wavelength 
called “rotons” (near the minimum of the curve in 
Figure | their energy is e = A+ 3(p — po)” /), where 
lis the effective mass of the roton). Interactions of 
quasiparticles with each other and with the vessel’s 
walls cause the viscosity of the normal component. At 
zero temperature, the normal density p, =0 and the 
system is in the ground state. 

The remaining part of He-II is the superfluid 
component. It has zero viscosity and can move without 
friction through narrow slits and capillaries if the energy 
spectrum of the quasiparticles satisfies the following 
condition: e(p)/p > 0. At T =0, the superfluid density 
fPs=p. The quasiparticle concentration grows when 
the temperature increases and p, decreases turning into 
zero at T =T,. According to the Landau theory, the 
liquid loses the superfiuidity property if the velocity of 
its flux exceeds a critical velocity, 


ve = min(e(p)/p); @ 


this condition is called the “Landau criterion.” Real 
critical velocities are much less than (1) because 
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the superfluidity is broken by vortices arising in the 
superfluid liquid at even smaller velocities. Quantum 
vortices have been observed during experiments on the 
motion of the He-II in a rotating cylindrical container. 

In a quantum Bose gas and He-II at low 
temperatures, a large number of particles (a finite 
proportion of all particles) turns into one coherent state 
called a “condensate,” which can have a stationary 
velocity different from zero. Such a phenomenon is 
called “Bose-Einstein condensation,” and superfluidity 
is often connected with it. When the superfluidity 
component is a correlated many-particle quantum state; 
however, it may not be connected directly with Bose— 
Einstein condensation. 

The energy spectrum of excitations in a weakly 
non-ideal Bose gas with repulsive interactions between 
particles was first derived by Nikolai Bogolubov (1947) 
assuming existence of the condensate 


e(p) = [(p?/m)pov(p) + p*/(4m?)]!/7,, (2) 


where po is the density of particles in the state p=0, 
v(p) is the Fourier component of the potential of 
interparticle interaction (v(0) > 0), and m is the mass 
of the particle. Equation (2) determines a spectrum 
of small vibrations of the condensate in the non- 
ideal Bose gas. This dispersion relation is of the 
phonon type at small p, where the Landau criterion 
is satisfied. Therefore, even the weakly non-ideal Bose 
gas possesses the superfluid property. 

A macroscopic theory of the superfluid dynamics 
of the weakly non-ideal Bose gas was developed by 
Gross (1961) and Pitaevskii (1961). In this theory, 
a condensate wave function W is described by the 
nonlinear Schrédinger equation (A = 1): 


i= am AY + ¥O) (JWI — p) &. (3) 
A solution of the linearized Equation (3) has a form 
of harmonic vibrations whose frequency spectrum is 
determined by Equation (2). Thus, Equation (3) in 
a total form possesses a solution in the form of the 
straight-line vortex 


w= af (=) ef =, A) 
ro 
where r and ¢ are the distance from the vortex axis and 
the polar angle with respect to it, and the function f(r) 
has a shape sketched in Figure 2. 

Superfluidity is also possible in quantum Fermi 
liquids both in neutral (e.g., liquid He*) and charged 
(conducting electrons in metals) liquids. Then a 
generation of pairs of coupled fermions is necessary 
(pairs of He? atoms or electrons with an integer spin) 
to create bosons. Such pairing is a result of any 
attraction (either van der Waals interactions between 
the atoms or interaction of the electrons with vibrations 
of the crystal lattice). Being bosons, these “Cooper 
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Figure 2. Distribution of the condensate near the vortex. 


pairs” can form coherent superfluid condensates. The 
attractive forces between He? atoms are very small; 
therefore, conditions for generation of the Cooper pairs 
of quasiparticles and origin of the superfluidity of He? 
appear only at superlow temperatures of the order of 
10~K. Interestingly, there are two superfluid phases 
(A and B) of the He? at superlow temperatures. 

The emergence of electron Cooper pairs in a metal 
corresponds to the appearance of superconductivity. 
Concepts from superfiuidity theory have influenced 
the theory of superconductivity in metals and also 
the development of models of the superfluidity of 
the atomic nucleus. As the atomic nucleus presents a 
Fermi system with strong interparticle interaction, both 
the pair correlation effects and also manifestations of 
some superfluid properties of Bose systems should take 
place. 

Superfluid liquids possess several unusual proper- 
ties. Besides ordinary sound (i.e., vibrations of the 
liquid’s density), a so-called “second sound” can prop- 
agate in such a liquid. The second sound represents 
sound propagation in the quasiparticle gas (vibrations 
of the quasiparticle density and, therefore, vibrations of 
the temperature). Also, a thin film of superfluid He-II 
forms on a solid wall, rising easily up to a large height. 
This film can equalize liquid levels of the helium in 
vessels having a common wall. 

ARNOLD KosEVICH 
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SUPERLATTICES 


Superlattices (SLs) are solid periodic structures usually 
made artificially and having a period much larger 
than the interatomic distance. The SL is called one- 
dimensional (1-d) if it is periodic along one axis. In 
such a case, the SL has the form of alternating plane- 
parallel layers of two or several materials differing in 
their physical properties (dielectric, elastic, magnetic, 
etc., depending on the implementation of interest) (see 
Figure 1). Modern techniques of crystal growth allow 
the creation of artificial crystals with atomic smooth 
boundaries between layers, which can be arranged in 
any order. A two-dimensional SL is periodic in two 
directions and homogeneous in the third, and a three- 
dimensional SL is periodic along three axes. There 
are many types of SLs, including semiconducting and 
superconducting SLs, dielectric or optical SLs (called 
photonic crystals), and elastic or acoustic SLs (called 
phononic crystals). 

The main physical property of an SL important 
for applications is a band structure of the energy 
or frequency spectrum caused by the macroscopic 
periodicity analogous to the structure of electron energy 
or phonon frequency spectra in monocrystals. 

The physical origin of the band structure can be 
understood by analyzing a one-dimensional SL con- 
structed from two types of materials, where the alter- 
nating layers have thicknesses d) and d2 (see Figure 1). 
The SL period equals d = d| + dz, and the electromag- 
netic or elastic fields inside each layer are described by 
wave equations with phase velocities c; and c2. Thus, 
eigenfunctions of the wave equations are characterized 
by a quasiwave number k, and the energy or frequency 
of any excitation is a periodic function of k with the 
period 27/d, so values of k can be restricted to the 
one-dimensional Brillouin zone — 27/d <k <a/d. 

If the velocities cy and cz are close, one can 
assume c; =c2=c in the first approximation, so the 
dispersion relation for the wave solution is that for 


SUPERLATTICES 





Figure 1. 1D SL made of substances of two types A and B. 





Figure 2. Dispersion relations for the SL (a) in the limiting case 
c 1 =cz and (b) in the case |cy — c2| Kc) © cp. 


a homogeneous material. In the case of an elastic 
medium or a dielectric transparent for electromagnetic 
waves, w(k) =ck where is the frequency and c is 
either the sound or light velocity (the straight lines in 
Figure 2a). Because the function w(k) repeats itself 
outside the Brillouin zone, the lines fold back into 
the zone when they reach edges. A small perturbation 
provided by the small difference between c; and cz 
takes off the degenerations at the points k=0, +2/d 
and as a result, a small frequency gap appears between 
the upper and lower branches of the lines (Figure 2b). 
This is called a forbidden gap as no excitation mode 
of the SL can exist in the gap. As the difference 
c1—c2 is increased, the forbidden gap widens 
considerably. 
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mi cat-teM ahem iat-mallelamiccelelcaresmelenac-lali 
by the IGBT transistors. 
And therefore the Tesla coils have 
a few MILLIONS volts Voltage! 


> Ppl @  2:50/5:17 cc Conn 





SUPERLATTICES 


Dispersion equations for the frequencies of arbitrary 
one-dimensional SLs made of two dielectric or elastic 
materials were obtained by the Soviet scientist Sergei 
Rytov (1955, 1956) using the standard boundary 
conditions at the layer boundaries 


coskd = cosk,d cos kzdz 


(cara ee (1) 
-—~(—+—)sin sin 5 
2a ki 14] 2a2 
where ky = @ / cy and kz =m / cz. When the right-hand 
side of Equation (1) has values from —1 to + 1, the 
equation has real roots, which give the values of w. 

If one of the alternating layers is opaque for 
electromagnetic waves, the corresponding wave vector 
is imaginary: ky = ik and Equation (1) transforms to 


coskd = cosk,d cosh k2d2 


1 (2 =) ; ; 
—={— — — Jsink,d; sinhk2d2. (2) 
kg ky 

There are two limiting cases of Equations (1) and 
(2) when the roots of interest can be easily obtained 
either graphically or analytically. The first one concerns 
(2) and assumes x2 =constant > co and d)— 0 at 
k2d2 0 under the condition K3dy = constant = q 
(Kronig & Penny, 1931). The simplified version of 
Equation (2) has the form 

coskd = coskd+ M skid P u 

kid 
which can be solved graphically. In Figure 3a, z=k,d 
and the roots of the equation run over values within 
intervals marked off on the abscissa axis. These 
intervals become wider and the forbidden gaps become 
more narrow when the frequency increases. 

The second limiting case concerns Equation (1) 
and corresponds to the limit d2—>0, c2—> 0 under 
the conditions d2/c2=0 and d) /¢5 = P =constant, 
leading to (Kosevich, 2001) 








qd, (3) 


coskd = coskid — Qkidsink\d, 
Q = c{P/(2d). (4) 
Equation (4) can also be solved graphically (see Figure 
3b), and a set of permitted intervals contracting with 
increasing frequency can be obtained. However, there 


is an analytical expression for frequencies at large 
numbers m of these intervals (m? Q>1) 


sin?(kd/2), 
cos?(kd/2) , 


mac 2Q m= 2p; 


7 a (5) 


m=2p+l, 


o= 





where Q2 = c/(z Qd) and p is an integer. 

The frequencies of forbidden bands correspond to a 
solution of the wave equation inside n-th layer of the 
type exp + «nd (when k = ik) or (— 1)" exp(+x«nd) 
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Figure 3. Graphical solutions of (a) Equation (3) and (b) 
Equation (4). Eigenfrequency bands are shown in heavy lines 
on the z-axis (7 =k, d). 


(when k=ik+27), which decrease (grow) with 
increasing n. The frequency dependence of the 
parameter « for solutions of the first (second) type 
is found from Equation (1) when its right-hand side 
is larger then + 1 (then coskd = cosh«d in the left- 
hand side) or less than — | (then coskd =— coshkd). 
Such solutions have a physical meaning only in the x 
semiaxis under the condition that a solution vanishing 
at infinity and corresponding to certain boundary 
conditions at the origin is selected. The necessity 
of using exponentially decreasing solutions arises in 
describing localized states of fields under consideration 
in the vicinity of a local SL defect. Of course, a one- 
dimensional SL can have only localized states near a 
given plane. In certain circumstances, a localized mode 
can exist at the face of the SL (called a surface state). 

In the general case, the spectrum of an SL is 
complicated and contains a system of a great number 
of both eigenfrequency bands and gaps corresponding 
to forbidden frequencies of eigenmodes. No extended 
states are allowed in the gap, but there exist evanescent 
modes, decaying exponentially with increasing the 
distance from the defect. In a three-dimensional SL, 
they are localized states. 

Dependence of the physical parameters of materials 
(the velocities cj and c2, or the parameters Q and 
M in the above equations) on the field strength 
leads to nonlinear effects in SLs. In optical SLs, a 
source of nonlinear effects is the dependence of the 
refraction coefficient on the electric field of a light 
wave. In the simplest case, which corresponds to the 
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dispersion relations (5) in the linear approximation, 
an electromagnetic wave Y, in the nth layer of the 
SL is governed by the discrete NLS equations for 
m=2p 

OW, mC 


i= En = Vol Ya Yn 





22 
os (2Wn — nti — Vn-1) (6) 


and form=2p+1 


OW, mC 2 
1 at = {Ne — Uo|Pn| Wn 





22 
anor Wn + Ung + Yn, 


where Uo is a parameter of the nonlinearity. Actually, 
Equations (6) and (7) are equations for the envelope 
curve of SL vibrations taken in discrete points. Such 
equations can be used for describing nonlinear effects 
and particularly dynamics of solitons in the optical SL. 

ARNOLD KoSsEVICH 
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SUPERSYMMETRY 
See String theory 


SURFACE WAVES 


The surface of a fluid such as water lends itself most 
easily to the demonstration of wave phenomena. At 
the same time, waves on the surface of shallow water 
have played a very important role in the development of 
nonlinear science. The entries in this encyclopedia on 
water waves and solitons cover this aspect. Following 


SURFACE WAVES 


narrower definitions, the term surface waves is often 
used for standing waves that form on the surface of 
a vessel filled with a liquid and moved up and down 
periodically in the direction normal to the liquid’s 
surface. When adding the adjective acoustic (surface 
acoustic waves, SAW), one thinks of waves propagating 
on the surface of a solid elastic medium. These two 
types of surface waves will be discussed here. The 
former are called Faraday waves, and the most common 
species of the latter is named after Lord Rayleigh (John 
William Strutt). 


Faraday Waves 


In 1831, Michael Faraday reported on a series of 
experiments with various liquids that he made oscillate 
on glass plates and in a basin attached to a vibrating 
strip of wood (or lath) (Faraday, 1831). On the surface 
of the vibrating liquids, he observed the formation of 
standing wave patterns. With increasing amplitude of 
vibration, he found these standing waves to evolve into 
aregular square pattern (Figure 1). Faraday also noticed 
that the frequency of the surface waves was half of that 
of the driving force. 

A proper mathematical explanation for the instability 
of the flat fluid surface, when being accelerated 
periodically, was given more than a century later, in 
1954, by T.B. Benjamin and F. Ursell. They considered 
a sinusoidal acceleration with frequency w. Let the 
initially planar surface be parallel to the x, y-plane and 
define the two-dimensional position vector R = (x, y). 
Benjamin and Ursell expanded the local excursion 
¢(R, t) of the surface from the planar initial position 
in real eigenfunctions S,,, m=1,2,..., of the two- 
dimensional Laplace operator, satisfying Neumann 
boundary conditions at the boundary of the fluid surface 
with vanishing normal derivative, 


(Rt) = > am(t)Sm(R). (1) 
m 

Linearizing the equations of hydrodynamics, they 
arrived at the Mathieu equation for the amplitudes am, 
37am 
ar? 
with coefficients qm and pm that depend on the 
corresponding eigenvalue of the Laplace operator 
and, hence, on the shape of the surface, on the 
depth of the liquid, as well as on gravity and 
surface tension. In addition, gn is proportional to the 
amplitude of the periodic driver. The exponentially 
increasing solutions of the Mathieu equation that 
occur for certain combinations of system parameters, 
correspond to the instability. In particular, it becomes 
clear from (2) why the dominant instability is 

subharmonic. 
The Faraday instability can thus be understood 
within linear theory. However, linear theory is not 





= [Pm + dm COS(@t) ]am (2) 
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Figure 1. Sequence of surface wave patterns observed by 
Faraday on a quadrangular pool (Faraday, 1831). 


sufficient to decide on which pattern will actually 
form after the instability has occurred. This can be 
determined by application of the modern theory of 
pattern formation to this damped-driven system (Miles 
& Henderson, 1990; Zhang & Vifials, 1997). Here, 
the nonlinearity comes into play. For sufficiently large 
spatial extension of the surface, boundary conditions at 
the edge of the surface become unimportant, and we 
may expand ¢ in plane waves. Near the onset of the 
subharmonic instability, one may write 


N 
¢(R, t) = cos(wt/2) D> exp(kj -R)Aj(t) +.c.c. (3) 
j=l 
to a good approximation. (In (3) c.c. stands for the 
complex conjugate and a finite number N of wave 
vectors has been considered.) The modulus of the 
wave vectors kj; is fixed by the dispersion relation of 
linear surface waves at frequency w / 2. Vifials and his 
coworkers have shown that the slow variations of the 
amplitudes A ; are governed by a nonlinear equation of 
the form (Zhang & Vifials, 1997) 
dAj 


So = TOF 04; (4) 


with the Lyapunov function 


N 12 
FaVaPts Do senlajPlar?. ©) 
j=l ijl 
Here, t is a stretched time, cj; is the cosine of the angle 
between wave vectors k; and k ‘j’, and the function g 
depends on the system parameters. Stable stationary 
wave patterns correspond to minima of the Lyapunov 
function. For given system parameters, the pattern 
corresponding to the lowest value of F should be 
attained. Zhang and Vifials tested configurations with 
amplitudes Aj, 1, ..., M nonzero and |A ;| independent 
of j, while the remaining N — M amplitudes are zero. 
If the amplitudes corresponding to three or fewer 
different wave vectors are nonzero (M <3), regular 
periodic patterns are obtained. The square pattern, 
already observed by Faraday, corresponds to two 
orthogonal wave vectors. With amplitudes of three 
different wave vectors nonzero, hexagonal or triangular 
patterns are generated. Interestingly, the theory of 
Zhang and Vifials also predicts patterns with more than 
three different wave vectors to be stable for certain 
system parameters. These correspond to quasi-periodic 
structures analogous to two-dimensional quasicrystals 
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Figure 2. Faraday wave patterns of square (a), hexagonal (b), 
eight-fold quasi-periodic (c), and ten-fold quasi-periodic (d) 
symmetry observed by Binks & van de Water (1997). 


such as the Penrose tiling, for example. It has been a 
remarkable success of this nonlinear theory of pattern 
selection to predict the appearance of such quasi- 
periodic patterns of eight-fold (four wave vectors) and 
ten-fold (five wave vectors) symmetry, which have 
subsequently been found in experiments (Binks & van 
de Water, 1997) (see Figure 2). 

In systems with length scales such that the boundary 
of the fluid’s surface is relevant for the pattern formed, 
one has to consider the eigenfunctions S,, (#2) of the 
Laplace operator satisfying the correct conditions at 
the boundary and, hence, depending on the shape of 
the surface. This opens up the possibility of using 
Faraday waves to visualize wave-mechanical modes 
of stadium billiards and relating them to classical 
trajectories (Kudrolli et. al., 2001). At high values of 
the periodic acceleration of the fluid, spatiotemporal 
chaos has been observed. 

In addition to the wave patterns arising on the 
surface of a moving liquid, Faraday, in his 1831 report, 
describes two other types of standing waves on the 
surfaces of liquids. The first one concerns patterns that 
he observed when a wave-maker was oscillating right 
on top of the surface or partly immersed in the liquid. 
Ridges are formed that are directed away from the 
wave-maker. The second type of standing waves occurs 
on a sloping beach when wind is blowing along the 
surface against the beach. Here, the ridges are parallel 
to the direction of the wind. These waves have been 
studied in detail in theory and by further experiments 
(Miles & Henderson, 1990). They are relevant in the 
context of oceanography. 


Surface Acoustic Waves 


In his landmark paper of 1885, Lord Rayleigh showed 
that the equations of linear elasticity theory for an 
isotropic homogeneous elastic half-space with a planar 


898 


Ss 
& 
f 


Relative Amplitude 


Sy 
iv 
1 




















-0.2 = T T 
-0.5 0.0 0.5 1.0 1.5 2.0 
Depth (wavelengths) 


Figure 3. Displacements associated with a Rayleigh wave as 
function of depth. The surface wave is propagating in the 
direction of the double arrow. Displacement component normal 
(solid) and parallel (dashed) to the surface. 


stress-free surface admit solutions that correspond to 
straight-crested waves propagating along the surface 
(Rayleigh, 1885). The deformations associated with 
these waves decay exponentially with depth. Such a 
Rayleigh wave is polarized in the plane spanned by the 
propagation direction and the surface normal (sagittal 
plane). It causes the mass elements of the solid to move 
on ellipses. This motion is retrograde near the surface 
and changes to prograde at greater depth (Figure 3). 

Rayleigh himself thought of these waves in 
connection with earthquakes and their consequences, 
pointing out that surface wave amplitudes decrease 
more slowly with distance from the epicenter than those 
of bulk waves. 

Since then, surface acoustic waves have found 
important applications in many branches of science 
and technology with wavelengths ranging from the 
kilometer scale in geophysics down to micrometers in 
ultrasonic nondestructive testing, acoustic microscopy, 
sensors, and micro-electronics. They are also used for 
basic research in solid-state physics with wavelengths 
down to the nanometer scale. The advent of the 
interdigital transducer on surfaces of piezoelectric 
media led to a number of signal processing devices 
based on SAW, especially frequency filters that are 
nowadays used in television sets and cell phones. 

A distinctive feature of surface waves on solids 
as compared with ordinary liquids is the possibility 
of the medium to be anisotropic. For a long time it 
had not been known whether surface acoustic waves 
exist at all on surfaces of anisotropic media apart from 
special highly symmetric geometries. In the meantime, 
a mathematical theorem was established by Lothe and 
Barnett that guarantees their existence in most cases. 
However, generalized Rayleigh waves that occur in 
anisotropic media need no longer be polarized in the 
sagittal plane and may have more complicated depth 
profiles than the one shown in Figure 3. Their associated 
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displacement field u is a superposition of generalized 
plane waves, 


U(x, 2,1) = 


» W; explik(x — vt) — |klajz]+c.c., (6) 
j=l 


when the wave vector k =k is along the x-direction 
and the elastic medium fills the half-space z > 0. (v is 
the phase velocity.) The (often complex) coefficients 
aj; have positive real part. In isotropic media, n = 2; 
in nonpiezoelectric media, n<3. In very special 
circumstances, n may even be 1. In piezoelectric 
substrates, n < 4. 

In anisotropic media, the group velocity of a surface 
acoustic wave need no longer be parallel to its wave 
vector. This can lead to focusing of acoustic energy 
propagating away from a local excitation of the surface. 
This effect, which is well known for acoustic bulk 
waves, has been demonstrated for surface waves in a 
comparatively simple and efficient way by Kolomenskii 
and Maznev. Anisotropy also gives rise to leaky waves 
(pseudo-surface waves) with a very high degree of 
localization at the surface. 

When accounting for piezoelectricity and/or consid- 
ering an elastic substrate in contact with other media, a 
whole zoo of various species of surface waves is found 
(Maradudin, 1985; Auld, 1990), including waves 


e of shear-horizontal polarization in homogeneous 
piezoelectric substrates with or without metal 
coating (Bleustein—Gulyaev waves), 

e in layered structures with shear-horizontal (Love 
waves) or sagittal polarization (generalized Lamb 
waves, Sezawa waves), 

e atthe interface of a solid and a liquid (Scholte waves), 

e at the interface between two different solids 
(Stoneley waves). 


The power flow associated with a Rayleigh wave 
is localized at the surface within a layer of approxi- 
mately a wavelength. The high spatial localization fa- 
vors effects generated by the elastic nonlinearity of 
the medium. In particular, higher harmonics are eas- 
ily observed. Because neither the equations of nonlin- 
ear elasticity nor the geometry of a homogeneous half- 
space with a planar surface define a length scale, sur- 
face acoustic waves are nondispersive in this system. 
Therefore, shock formation can be observed. Theoret- 
ically, the evolution of nonlinear wave forms is studied 
on the basis of the following equation which follows 
from derivations by Lardner and Parker (Parker, 1988): 


a k 
i“ Bw) = ef F(q/k) B(q) Bk — 4) dq 
T 0 


42k [ (k/q) F*(k/q) Bg) BY(q Kg. (D) 
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Figure 4. Solitary pulse shapes on the coated Si(111) surface 
(propagation along the [112] direction) (a,b) and on a coated 
surface of isotropic quartz (c). Left: Experimental results by 
Lomonosov and Hess (solid) and numerical simulation (dashed). 
Right: Stationary pulse shapes. The local slope of the surface is 
shown as function of arrival time. (Compiled from data published 
in Lomonosov et al., 2002). 


Here, t is a stretched time and the function B is the 
Fourier transform of the local surface slope, 


a 0,t) = 
ay ta t= 


ike Bk, t) explik(x — vt)]dk+c.c. (8) 
0 


The complex function F depends on the second-order 
and third-order elastic moduli of the medium and 
may often be well approximated by its value at the 
argument | / 2. When transforming (7) into real space, 
the nonlinearity turns out to be strongly nonlocal. This 
is the price one has to pay for eliminating the depth 
dependence of the displacement field from the evolution 
equation. 

On the surface of homogeneous isotropic media, the 
velocity component of mass elements normal to the 
surface develops a cusp, while the component parallel 
to the surface steepens in a way similar to the pressure 
in the formation of shocks in gases and liquids. This 
behavior has been found in simulations starting with a 
sinusoidal wave form and in experiments with pulsed 
laser excitation. In order to generate acoustic pulses 
of high intensity at solid surfaces, this experimental 
technique has proven to be most effective (Lomonosov 
et al., 2001). A laser pulse focused on a line on the 
surface leads to rapid local heating and generates an 
explosive evaporation of a highly absorbing coating. 
Similar to the epicenter of an earthquake in the 
macroscopic world, the explosion leads to an acoustic 
pulse that is localized at the surface after having 
propagated some distance from the line of excitation. 

Depositing on the substrate surface a thin film of a 
material different from that of the substrate leads to a 
linear dispersion term in (7). The evolution equation 
then has solitary wave solutions that may be regarded 
as solid state analogs of the solitons on shallow 
water. They have shapes strongly influenced by the 
anisotropy of the substrate, as demonstrated by the 
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examples in Figure 4. The existence of solitary surface 
acoustic pulses has been verified by Lomonosov and 
Hess using laser excitation to generate an initial pulse 
that subsequently evolves into a solitary pulse and a 
quasilinear background (Figure 4). 

ANDREAS MAYER 


See also Billiards; Nonlinear acoustics; Pattern 
formation; Shock waves; Solitons; Tessellation; 
Water waves 
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Dynamical systems on manifolds are usually described 
by equations using local Euclidean variables. Symbolic 
dynamics has its origins in an alternative description of 
the orbits of a dynamical system by Jacques Hadamard 
at the end of the 19th century and later by Marston 
Morse, where it was shown that complex orbital 
behavior of a dynamical system could be described 
using sequences of symbols (Hadamard, 1898; Morse, 
1921). 

A simple example that shows the usefulness of this 
approach is the iteration xy +1 = f (xn) on the interval 
of real numbers I = [0, 1] defined by a piecewise linear 


map ; 
Xn» 
Xn+1 = ee 1, 


Xn < 0:5, 
Xn = 0.5. 
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This map can also be described by 
Xn +1 = 2x, mod 1 


for x, €[0, 1) together with f (1) = 1. It is easy to solve 
the modular equation formally for the orbital sequence 
Xn = f" (xo), 0< qx < 1, as 


Xn = 2”xo9 mod 1. 


However, the formal solution is no more illuminating 
than the defining iteration, because it is not at all 
clear how the repeated exponentiation of the solution 
interacts with the process of reducing mod 1. To 
overcome this problem and unlock the dynamical 
secrets held within the formula, note that any real 
number x € I can be written in the form 


where b,=0 or 1. Let X2 denote the set of all 
such binary sequences. Thus, every binary sequence 
b= {bj }P°_ | € Xp represents a point 7(b) =x eI bya 
map zz: X2> 1. 

Relative to this new representation of points in I the 
map f takes the form of a shift 0 : Ly —> Zp on binary 
sequences as 

{b1, b2,.<. +5 Day...} > {b2, 63,2... Da—1,-.-}, 
that is, 

a ({bn}r 1) — {Onan 


simply because 





It is easy to check that the map a provides a 
semi-conjugacy fm=ao for f and o. The map z 
is not a conjugacy because of the redundancy in the 
binary representation of the reals. This can be resolved 
by always choosing binary sequences representing 
reals in [0,1] that do not have infinite sequences 
of 1s. So, for example, 0.25 has the infinite binary 
representations {010} and {001}, but we choose the 
former. Nevertheless, the semi-conjugacy implies that 
for every positive integer m, f"2 =o". In particular, 
if b= {bn} € Xz is a period-m orbit of o, then 


f" (x (b)) = m0" (b) = 1(b), 


and so a maps the o-periodic point b to an f-periodic 
point z(b). Thus, we can obtain the periodic orbits of 
f by investigating the periodic orbit structure of 0. But 
this is straightforward because the period-m periodic 
points of o in X2 are precisely those binary sequences 
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that repeat after m-digits and no fewer. Thus, period-1 
points of o are given by the repeating expansions 


b ={0...} = {00000...} 


and 
b=({1...} = {11111...}, 


which both correspond by z to the fixed points x =0 
and x = 1, respectively, of the map f. 
Period-2 points of o are given by 


b; = {01...}, bo = {10...}. 

Note that 27(by) = + and (bp) = 3 and {+ 3] is the 
only period-2 orbit of f. We can immediately see that 
periodic points of all orders can be constructed for o, 
and thus also for f, in this way. Points that are on 
eventually periodic orbits of f can also be obtained 
by delaying the introduction of the binary recurrences 
in the symbol sequences. Thus, any map f defined on 
I that is described by a shift on symbol sequences has a 
rich periodic structure. We can extract further properties 
about orbits of f when we observe that z can be seen 
as a continuous function by taking the usual Euclidean 
metric on I and the metric 


foe) 


! by, — bi, 
ath, b)) =) Onn) 


n=1 


where b= {b,}°°_, and b’ = {b/}"°_| are elements of 
Xo. It is now possible to consider a topology on Xo. 

A key feature of chaos is the requirement that the 
orbits of the map f should in some sense be bound 
together, thus, making the dynamics indecomposable. 
This can be achieved by finding an orbit of f that 
densely fills out the set I. Such an orbit is given by 
constructing a sequence b obtained by listing all symbol 
sequences of length 1, then of length 2, and so on for 
all positive integers. Let b’ be any prescribed binary 
sequence. Given any positive integer n, by construction 
b has within it the symbol block b’” consisting of the 
first n symbols of b’. Suppose this block commences 
at the point by 41 of b. Then b’ and o*(b) have the 
same first n entries and thus d(b’, o*(b)) <27". The 
positive integer n was chosen arbitrarily, and so the 
orbit of b approaches arbitrarily close to b’. Thus, the 
orbit of b is dense on I_and binds the dynamical behavior 
together preventing a decomposition into closed subsets 
with simpler dynamical behavior. 

The dense orbit was, of course, produced to a special 
recipe. Obviously, the orbit is not unique as other dense 
orbits in X2 can be constructed by simple permutations 
of the ordering of the blocks used to construct the 
sequence b. What is astonishing is that “almost all” 
orbits are dense. This follows from a classical result of 
Emil Borel around 1900 (Hardy, 1983), which, when 
paraphrased, says that the set of real numbers in I, which 
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have all possible finite sequences of “O”s and “1”’s in 
their binary expansions, called normal numbers, has 
full measure. 

Thus, the doubling map can be described by a shift 
map o on the space of symbolic sequences on two 
symbols, &. The simple ideas discussed here can be 
extended to provide symbolic dynamics for various 
types of maps. The coding involving two or more 
symbols has to be carried out so that each point x 
of the map domain is given by a symbol string that 
provides the orbit of x by merely shifting the symbols 
(Devaney, 2003). Note that the binary sequence gives 
the itinerary of an orbit where if “0” represents the 
interval [0, 3] and “1” represents [Fi 1], the sequence 
gives the sequence of intervals visited by the orbit of 
the map f. This approach can be applied to a wide 
class of one-dimensional maps (Guckenheimer, 1979; 
Guckenheimer et al., 1977), but it also has much greater 
importance in dynamical systems. 

A key dynamical construction is the Smale Horse- 
shoe (Smale, 1967). The simplest example is a diffeo- 
morphism h of the square Q € R? whose image in R? 
is folded in the shape of a horseshoe to overlay the 
square. The map / has an invariant Cantor set A C Q 
such that h|A can also be coded with bi-infinite bi- 
nary sequences together with a shift map. This results 
in a complex periodic orbit structure and dense or- 
bits within A, which gives some of the ingredients of 
chaos. The key components of the set A are the homo- 
clinic points, that is, those points that asymptotically ap- 
proach a periodic orbit of h in both forward and reverse 
iterations. 

The Smale—Birkhoff Theorem proves that “folding 
maps” of this type, and the associated complex 
dynamical behavior, exist in the neighborhood of such 
homoclinic points. This is precisely stated as follows 
(Smale, 1967). 

Theorem. Let f be a Kupka—Smale diffeomorphism 
of a compact manifold M and x‘ be a transverse 
homoclinic point of a periodic point x* of f. Then there 
is a closed subset A containing x", such that (i) A isa 
Cantor set; (ii) f?(A) = A for some p € Z*; and (iii) 
f?|A is topologically conjugate to a shift on a symbol 
space. 

Note that all possible binary sequences are allowed 
in the above symbol spaces and, thus, we have been 
considering full shifts. In many practical applications 
of data storage, there are practical restrictions on 
the stored patterns of sequences. The problem of 
transferring codes that satisfy one set of constraints into 
other restricted symbol sets involve sub-shifts of finite 
type and allow applications to communications coding 
and algebra (Coornaert & Papadopoulos, 1993; Lind & 
Marcus, 1996; Kitchens, 1997). Symbolic coding has 
been directly useful in modeling in engineering and 
biology, see (Daw et al., 1997) and (Voss et al., 2000). 

Davin D. ARROWSMITH 
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See also Chaotic dynamics; Horseshoes and Hy- 
perbolicity in dynamical systems; Maps; One- 
dimensional maps; Topology 
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SYMMETRY BREAKING 


See Bifurcations 


SYMMETRY GROUPS 

Mathematically, a group is a set G together with a 
pair-wise “group multiplication” on elements of G 
that satisfies the following axioms. (i) Multiplication 
is associative, meaning that xy(z)=x(yz) for x, 


902 


y, and z any elements of G. (ii) G contains an 
identity element e for which ex =x=xe where x 
is any element of G. (iii) Each element of G 
has an inverse (x~!), satisfying x~!x=e=xx7! 
(Armstrong, 1988; Birkhoff & MacLane, 1953). 
Groups for which all of the multiplications commute 
are said to be abelian. 

Easily visualized examples of finite symmetry 
groups are provided by operations on familiar 
geometrical objects, such as squares, hexagons, cubes, 
and tetrahedrons, which carry vertices into themselves. 
In general, there will be a finite set of f linearly 
independent functions (in the space of the geometrical 
object) that are carried into linear combinations of 
themselves by the group operations. Thus, each group 
element corresponds to a matrix, and the corresponding 
set of f x f matrices is called a representation of the 
group (Landau & Lifschitz, 1958). 

For a square that is lying on the plane with its center 
at the origin, group elements are rotations about the 
origin (by 90°, 180°, and 270°) and reflections (in 
horizontal and vertical axes and in the two diagonals). 
Group multiplication is defined as performing two 
operations in order, and the identity element leaves all 
vertices unchanged. The reader may find it helpful to cut 
out a square of cardboard, number the four corners, and 
construct a group multiplication table for these eight 
elements, noting that it is not abelian. 

It has long been known that symmetries of a dynamic 
system influence the nature of possible characteristic 
solutions or natural modes of behavior (See Symme- 
try: equations vs. solutions). To appreciate this re- 
striction, consider a system with reflection symmetry, 
and note that any solution can be resolved into two com- 
ponents that are respectively symmetric and antisym- 
metric about the plane of symmetry. In a linear system, 
the symmetric and antisymmetric components do not 
interact; thus, modes must be either symmetric or anti- 
symmetric about the plane. In a nonlinear system, how- 
ever, there can also be natural modes of behavior that 
are neither symmetric nor antisymmetric. Such sym- 
metry breaking is a fundamental feature of nonlinear 
dynamic systems, leading to the formation of solitons 
on optical fibers, impulses on nerve axons, and local 
modes in chemical molecules and molecular crystals. 


Applications to Physical Chemistry 


A typical chemical molecule is a simple geometric 
structure for which a symmetry group multiplication 
table has a finite number of entries (Herzberg, 1991; 
Wilson et al., 1980). Thus, the water molecule (H20) 
has a single reflection plane; methane (CHa) is 
described by the same symmetry group as the regular 
tetrahedron, benzene (C¢H¢) by a planar hexagon, and 
so on. The physical chemist uses these finite symmetry 
groups to organize measurements of electronic and 
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vibrational spectra, using the following notations: 
reflection group (a), n-fold rotation symmetry (Cy), 
inversion symmetry (J), tetrahedral symmetry (T), 
and so on. A particularly lucid introduction to point 
symmetry notations is given by Landau & Lifschitz 
(1958). 

Because quantum theory is linear, vibrational and 
electronic wave functions have the following property. 
If n successive applications of a symmetry operation 
return a molecule to its original orientation, the 
amplitude of the corresponding quantum wave function 
must change by an nth root of unity under the same 
operation. Under reflections, in other words, amplitudes 
change by factors of either +1 or —1 (symmetric 
or antisymmetric), whereas CH-stretching modes of 
benzene (Cg) change under rotations of 60° by factors 
of exp( ima /3), where m=0, +1, +2, +3, +4, 
or +5. Physical chemists label their spectral lines with 
notations that correspond to these factors (Landau & 
Lifschitz, 1958). 

Although molecular vibrations can be quite nonlin- 
ear (especially those involving hydrogen atoms), this 
nonlinearity does not play a role in transitions from the 
ground state to first quantum levels of small molecules. 
(This is because the nonlinear operator of lowest order 
contains a product of two lowering operators, which 
annihilates first quantum states.) Thus, the excitations 
to the first quantum level are governed by linear sym- 
metry considerations, and local modes in molecules are 
observed only for transitions to higher quantum levels. 

The linear modes of a molecule with a center of 
inversion (J) appear either in infrared absorption or 
Raman scattering measurements, but not both. This 
“principle of mutual exclusion” helps to sort out the 
components of linear vibrational spectra. Local modes, 
which are nonlinear, can appear in both infrared and 
Raman measurements. 

A periodic solid (or molecular crystal) with peri- 
odic boundary conditions can be viewed as a very large 
molecule, for which the number of elements of the cor- 
responding symmetry group is also very large. Of par- 
ticular interest are translations by lattice constants (a, 
b, and c) along the crystal axes, which bring the crys- 
tal back to its original configuration. The phase shift of 
an electronic or vibrational wave function under such 
a translation is exp(ik), where k is called the crystal 
momentum. As the number of unit cells in the model 
approaches infinity, the three components of k vary, 
respectively, from —z/atona/a, —x/btom/b, 
and —z/ctoz/c. In vibrational modes of such sys- 
tems, nonlinearity can arise from local lattice distortion, 
which allows symmetry breaking (local mode forma- 
tion) to be observed at the first quantum level. 


























Applications to Field Theories 


The above definition of a group does not require the 
number of group elements to be finite, and many partial 
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differential equations provide examples of infinite- 
order symmetry groups. 


The sine-Gordon (SG) equation, for example, is 
invariant under the independent variable transformation 
(x,t) (&,t), where €=(x—vt)/V1—v2 and 
T=(t—vx) /V1 —v*. Taking this invariance as 
the property defining elements of the group, a 
symmetry group comprises all such transformations, 
parameterized by the continuous variable v with 
|v] <1. This is a one-dimensional version of the 
Lorentz transformation, which is shared by Maxwell’s 
equations. Interestingly, if u(x) is a time-independent 


solution of SG, then u [« —vt)/V1- | is also 


a solution that demonstrates Lorentz contraction 
(becomes smaller as v > 1). 


In 1915, Emmy Noether established the following 
important result on the application of symmetry groups 
to field theories (José & Saletan, 1998). 


Noether’s theorem. /f a system is described 

by a Lagrangian that remains invariant under some 
continuous symmetry transformation, then there is 
a corresponding conservation law and constant 

of the motion. 





This theorem has immediate implications. As 
fundamental descriptions of nature are assumed to be 
Lagrangian and independent of time displacements (the 
science of today is the same as it was yesterday), the 
corresponding conserved quantity is energy. In other 
words, the law of energy conservation stems from time 
invariance of scientific laws. Similarly, conservation 
of momentum and conservation of angular momentum 
arise, respectively, from the assumptions that scientific 
laws are independent of spatial displacements and 
angles of rotation. 


Nowadays, itis widely assumed that the fundamental 
fields of nature are derived from a Lorentz invariant 
Lagrangian density or more generally based on the 
Poincaré group, which incorporates independence with 
respect to displacements in time and space (Kim & Noz, 
1986). As physicists attempt to formulate a fundamental 
description of nature, they use Noether’s theorem to 
build in additional constants (charge, spin, rest mass, 
etc.) that have been empirically observed. 

The pure soliton equations (Korteweg-de Vries, 
nonlinear Schrédinger, sine-Gordon, and so on) are 
Lagrangian systems that each have a countably infinite 
number of conservation laws and constants of the 
motion. It would be interesting to better understand the 
corresponding symmetries. 


ALwyn Scott 


See also Backlund transformations; Dimensional 
analysis; Lie algebras and Lie groups; Local modes 
in molecules; Symmetry: equations vs. solutions 
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SYMMETRY: EQUATIONS VS. 
SOLUTIONS 


The importance of symmetries in various fields of 
science is well appreciated, much beyond the scope of 
this entry. Here we focus on one particular aspect— 
how knowledge about discrete symmetry operations 
allows one to conclude certain properties of solutions 
of differential equations. 

Let us start with one of the simplest examples: one 
oscillator that is governed by the equation 


dx dV (x) ; 

diz dx” ° 
where ¢ is time, x the coordinate of the oscillator, 
and V(x) its nonnegative potential with V(0)=0. 
All solutions to this equation are time-periodic. If 
an equation is invariant under a certain symmetry 
operation, then the same symmetry operation applied 
to a solution of the equation either generates a new 
solution or reproduces the same old solution it is then 
said that the solution is also invariant. 

All symmetries considered below, in fact, do not 
change the energy of the oscillator; thus, the solution 
is always invariant up to a trivial shift of the origin of 
time t > t + fo. One symmetry that leaves Equation (1) 
invariant is time reversal t > — t, which implies that 
for each solution the origin of time can be chosen in 
such a way that the solution is also invariant under time 
reversal, that is, x,(t) = x,(— t). For practical purposes, 
it means that numerical expansions of solutions into 
Fourier series may be restricted to cosine Fourier 
series. Another symmetry may hold if Vs(x) = Vs(— x). 
Then the equation is invariant under space reflection 
xx. 

In order to invert the sign of a periodic function x(t), 
we may assume either antisymmetry x(t) = — Xa(— tf) 
or shift symmetry xsh(t) =—xsn(t+T/2) where T 
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is the period. Thus, for symmetric potentials, x(t) is 
symmetric in time, antisymmetric in time (around a 
different origin), and shift symmetric. In particular, 
this implies that all even components of the Fourier 
expansion of this function vanish, including the dc 
component. 

Consider next a more sophisticated model of a parti- 
cle subject to a space-periodic force f(x) =— dV/dx 
(period 4) and a time-periodic field E(t) (period T) 
with zero mean: 

2 
STE fO+ EO. (2) 
t 
Equation (2) corresponds to a non-integrable system 
with 1.5 degrees of freedom (a three-dimensional 
phase space). The more complicated the equations 
become, the more symmetries one might consider. 
Assume symmetry operations that change the sign of 
the velocity v = dx /dt. There are two symmetries: time 
reversal t > —t if E(t) = E,(t) and a combined space 
reflection with time shift one x > —x, t>1+T7/2 
if f(x) = fa(x), E(t) =Esn(t). For both symmetries 
to be valid, certain properties of the functions f 
and E are required. In particular, the time-periodic 
field E(t) (e.g., an ac electric field) enters both 
symmetry requirements. That means that by choosing 
an E(t) dependence that is neither symmetric nor shift 
symmetric, we lose both symmetries. What are the 
consequences? 

Note first that due to the non-integrability of (2), 
the separatrix for E =O is replaced by a chaotic or 
stochastic layer in the phase space. Ergodicity inside 
the layer implies that the time average of a certain 
quantity over a trajectory, if existing, does not depend 
on the concrete trajectory choice. Returning to the 
above symmetries and choosing the time average of 
the velocity of the particle, we conclude that (i) the 
velocity average exists because the stochastic layer is 
bounded, and (ii) if the average velocity is nonzero 
for one trajectory from the stochastic layer and if any 
of the above symmetries apply, the velocity average 
will be opposite for a corresponding symmetry related 
trajectory from the same stochastic layer—with the 
only consequence that the average velocity vanishes 
exactly. However, choosing an E(t) dependence that 
violates both symmetry requirements, we may expect 
that the average velocity of any trajectory inside the 
stochastic layer will become nonzero. In other words, 
we can predict how to generate a dc current of 
many non-interacting particles by a symmetry breaking 
choice of the field E (t). This has been, indeed, predicted 
and demonstrated theoretically and numerically (Flach 
et al., 2000) and verified experimentally for directed 
diffusion of ultracold rubidium atoms in symmetric 
optical lattices (Schiavoni et al., 2003). 

Next, consider applications of the above concepts 
to systems that are characterized by the presence of 
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dissipation and fluctuations. Usual additive Gaussian 
white noise terms possess all symmetries of periodic 
functions; that is, if E(t) is a realization of a stochastic 
process, so is €(—f), &(t+1), —&(t), and so on. 
When starting with a corresponding Langevin type 
equation 
d2 
dt 
it is then possible to drop the noise term and study the 
symmetries of the deterministic yet dissipative equation 
dx 


J+ E(t a 4) 
qz = FO)4 (t) ares ( 


While the strategy of the analysis is similar to the 
one outlined above, for the case of zero dissipation 
y =0, the phase space of Equation (4) is again 
three-dimensional, but is now composed of basins 
of attraction with each basin corresponding to a 
certain attractor. Existing symmetries of the equation 
imply symmetry relationships between attractors and 
their basins of attraction. Violation of symmetries of 
the equations implies desymmetrization of basins of 
attraction of (previously symmetry related) attractors. 
Thus, adding again the stochastic noise to return to 
the starting Equation (3), intuition suggests that the 
noise when leading to an average over various basins 
of attraction will either make certain averages vanish 
(in the presence of symmetries) or not vanish (in 
the absence of symmetries). Special care is required 
due to the fact that some symmetries of (4) may 
relate attractors with repellors. Another approach 
is to consider partial differential equations for the 
probability distributions and their symmetry properties 
(see Denisov et al., 2002). 

The above approach has been successfully used 
to predict such diverse phenomena as rectification of 
heat currents (Flach et al., 2002) and induction of 
magnetizations (Flach & Ovchinnikov, 2000). Finally, 
note that it is easier to predict a nonzero average by 
breaking symmetries than to obtain an understanding 
for the concrete microscopic mechanisms of symmetry 
breaking and thus to obtain reliable estimates for the 
expected quantity of rectification and its dependence on 
essential parameters of the system (Reimann, 2002). 

SERGE] FLACH 





d. 
7 =S@)+EO-VL+EO, (3) 





See also Ratchets; Symmetry groups; Stochastic 
processes 
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SYMPLECTIC MAPS 


First used mathematically by Hermann Weyl, the 
term symplectic arises from a Greek word that means 
“twining or plaiting together.” This is apt, as symplectic 
systems always involve a pair of n-dimensional 
variables, the configuration g, and momentum p, which 
are intertwined by the symplectic two form 


@=dpaAdq. (1) 


This antisymmetric, bilinear form acts on a pair 
of tangent vectors and computes the sum of the 
areas of the parallelograms formed by projecting the 
vectors onto the planes defined by each canonical pair 
(gi, pi), i=1,...,n, giving 


— Ug; Wp;)- 


A diffeomorphism f : X — X on a 2n-dimensional 
manifold X with coordinates z= (q, p) is symplectic 
if it preserves the symplectic form, that is, if f*w=a@ 
(Arnol’d, 1989; McDuff & Salamon, 1995). If we 
write z’ = (q’, p’) = f (q, p), the symplectic condition 
becomes 


Df'JDf=J, where J= ee 0) 2 (2) 
Here Df; = 0f;/0z; is the Jacobian matrix of f, J is 
the Poisson matrix, and J is the n x n identity matrix. 
Equivalently, Stokes’ theorem can be used to show that 
the loop action, A[y] = hy pdq, is preserved by f for 
any contractible loop y on X. If f preserves the loop 
action for all loops, even those that are not contractible, 
then it is exact symplectic. 

When n = 1, the symplectic condition is equivalent 
to det(Df)=1, so that the map is area- and 
orientation-preserving. Examples include the much 
studied standard map and the area-preserving Hénon 
quadratic map f(q, p)=(p+a—4q’, —q) (Meiss, 
1992). When n > 1, the symplectic condition implies 
volume and orientation preservation, but as we will see, 
it is stronger than this. A generalization of the standard 
map to higher dimensions is the map 


gq =q+p-VV@), 
p) =p-VVQ@), (3) 
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where qéT” is an angle, p¢R"” is its conjugate 
momentum, and V(q) is a periodic potential. This 
map is exact symplectic for any V. Beginning in 
1972, Claude Froeschlé studied the case n=2 and 
V(q) =acos qi + bcos q2 + cos(qi + q2). Similarly, 
the natural generalization of the Hénon map is the 
quadratic symplectic map whose normal form has been 
given by Moser (1994). 





Applications 


Symplectic maps arise from Hamiltonian dynamics, 
because these preserve the loop action. Thus, for 
example, the time ¢ map of any Hamiltonian flow is 
symplectic, as is a Poincaré return map defined on a 
cross section. It is often easier to study the Poincaré 
map instead of the flow, because the dimension is 
reduced. Even though explicit construction of the map 
is typically impossible, approximation methods often 
suffice. 


For example, the time T map of a periodically 
forced system H(q, p,t)=H(q, p,t+T), such as a 
pendulum with an oscillating support, is symplectic 
(See Hamiltonian systems). An extreme example is 
H= 3p" —k cos(q)6(t), where 6 is the periodic Dirac 
delta function; the corresponding map is the standard 
map. 

As Birkhoff showed, an ideal billiard (a free particle 
moving inside a rigid, convex table) is naturally written 
as a symplectic map. The canonical coordinates are the 
position and the tangential momentum at a collision 
point. Symplectic maps also arise naturally in systems 
where the forces are localized in time or space. For 
example, a circular particle accelerator or storage ring 
has a sequence of accelerating and focusing elements 
that can be modeled by a composition of symplectic 
maps, providing the damping effects of radiation can 
be neglected (Forest, 1998). 


Area-preserving maps also arise in the study of the 
motion of Lagrangian tracers in incompressible fluids 
or of particles tightly gyrating around magnetic field 
lines. In particular, when one component of the field is 
particularly strong, such as in the plasma device called 
a tokamak, the transverse dynamics reduces to an area- 
preserving map. 

Autonomous canonical transformations are sym- 
plectic maps. For example, if F(q, q’) is a generating 
function for a canonical transformation, then it gener- 
ates a symplectic map. In particular, the Froeschlé map 
(3) is generated by F(q. q’) = 5(q' — 4)? — V(q). 

An algorithm that respects the symplectic nature 
of Hamiltonian dynamics is called a symplectic 
integrator. A first-order symplectic algorithm with 
time step At for the Hamiltonian H(qg, p) is 
generated by F(q, p’)=qp'+AtH(q, p’), where 
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dF =q'dp' + pdg, giving the map 
0H dH ; 

qd =4¢+At—— Gq, p'), p'=p-At—(q, p’). A) 
op oq 


Note that the map is implicit because H is evaluated 
at p’. However, for the case that H = K(p)+ V(q) 
this becomes a leap-frog Euler scheme, an example 
of a “splitting” method. Symplectic versions of many 
standard algorithms—such as Runge—Kutta—can be 
obtained (Marsden et al., 1996). While there is still 
some controversy on the utility of symplectic methods 
versus methods that, for example, conserve energy and 
other invariants or have variable time-stepping, they are 
superior for stability properties because they respect the 
spectral properties of the symplectic group. 


The Symplectic Group 


The stability of an orbit {...z-,Z41,...}, where 
Zr+1=f (Zr), is governed by the Jacobian matrix 
of f evaluated along the orbit, M=[], Df (zr). 
When f is symplectic, M obeys (2), M‘'JM=J. 
The set of all such 2n x 2n matrices form the 
symplectic group Sp(2n). This group is an n(2n + 1)- 
dimensional Lie group, whose Lie algebra is the 
set of Hamiltonian matrices—matrices of the form 
JS where S is symmetric. Thus, every near-identity 
symplectic matrix can be obtained as the exponential 
of a Hamiltonian matrix and corresponds to the 
time f-map of a linear Hamiltonian flow. There 
are symplectic matrices, however, that are not the 
exponentials of Hamiltonian matrices; for example, 
— I. As a manifold, the symplectic group has a single 
nontrivial loop (its fundamental group is the integers). 
The winding number of a loop in the symplectic 
group is called the Maslov index (McDuff & Salamon, 
1995); it is especially important for semi-classical 
quantization. 

If M is a symplectic matrix and A is an eigenvalue 
of M with multiplicity k, then so is 4~!. Moreover 
det(M) = 1, so M is volume and orientation preserving. 
A consequence of this spectral theorem is that orbits of a 
symplectic map cannot be asymptotically stable. There 
are four basic stability types for symplectic maps: an 
eigenvalue pair (A, A~!) is 


e hyperbolic, if i is real and larger than one; 

e hyperbolic with reflection, if X is real and less than 
minus one; 

elliptic, if X= e271 has magnitude one; 

part of a Krein quartet, if 4 is complex and has 
magnitude different from one, for then there is a 
quartet of related eigenvalues (A, A ~ d Poe a 1. 


Thus, a periodic orbit can be linearly stable only when 
all of its eigenvalue pairs are elliptic. For this case, 
the linearized motion corresponds to rotation with n 
rotation numbers @;. 


SYMPLECTIC MAPS 


Symplectic Geometry 


Every symplectic map is volume- and orientation- 
preserving, but the group Symp(X) of symplectic 
diffeomorphisms on X is significantly smaller than that 
of the volume-preserving ones. This was first shown in 
1985 by Gromov in his celebrated “nonsqueezing” (or 
symplectic camel) theorem. Let B(r) be the closed ball 
of radius r in R2” and C)(R) = {(q, p): qe + Pi < R?} 
be a cylinder of radius R whose circular cross section 
is a symplectic plane. Because the volume of C| is 
infinite, it is easy to construct a volume-preserving map 
that takes B(r) into C;(R) regardless of their radii. 
What Gromov showed is that it is impossible to do this 
symplectically whenever r > R. This is one example of 
a symplectic capacity, leading to a theory of symplectic 
topology (McDuff & Salamon, 1995). 

Another focus of this theory is to characterize 
the number of fixed points of a symplectic map, 
that is, to generalize the classical Poincaré—Birkhoff 
theorem for area-preserving maps on an annulus. 
Arnol’d conjectured in the 1960s that any Hamiltonian 
diffeomorphism on a compact manifold X must have 
at least as many fixed points as a function on X must 
have critical points. A Hamiltonian map is a symplectic 
map that can be written as a composition of maps of the 
form (4). Conley and Zender proved this in 1985 for the 
case that X is the 2n-torus: f must have at least 2n + 1 
fixed points (at least 2?” if they are all nondegenerate) 
(Golé, 2001). 


Dynamics 


In general, the dynamics of a symplectic map consists 
of a complicated mixture of regular and chaotic mo- 
tion (Meiss, 1992). Numerical studies indicate that the 
chaotic orbits have positive Lyapunov exponents and fill 
sets of positive measure that are fractal in nature. Reg- 
ular orbits include periodic and quasi-periodic orbits. 
The latter densely cover invariant tori whose dimen- 
sions range from | to n. Near elliptic periodic orbits, 
the phase space is foliated by a positive-measure can- 
tor set of n-dimensional invariant tori. There are chaotic 
regions in the resonant gaps between the tori, but the 
chaos becomes exponentially slow and exponentially 
small close to the periodic orbit. Some of these obser- 
vations, but not all, can be proved. 

The simplest case is that of an integrable symplectic 
map, which can be written in Birkhoff normal form: 
f@,J)=(@+VS(J), J). Here (0, /) are angle- 
action coordinates (each n-dimensional) and Q = VS is 
the rotation vector. Orbits for this system lie on invariant 
tori; thus, the structure is identical to that for integrable 
Hamiltonian systems. 

The Birkhoff normal form is also an asymptotically 
valid description of the dynamics in the neighborhood 
of a nonresonant elliptic fixed point, one for which 
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m - {(0) # n for any integer vector m and integer n. 
However, the series for the normal form is not generally 
convergent. Nevertheless, KAM theory implies that tori 
with Diophantine rotation vectors do exist near enough 
to the elliptic point, providing the map is more than 
C3 and that the twist, det DQ(0), is nonzero. Each 
of these tori is also a Lagrangian submanifold (an n- 
dimensional surface on which the restriction of the 
symplectic form (1) vanishes). The relative measure of 
these tori approaches one at the fixed point. 

Nevertheless, the stability of a generic, elliptic 
fixed point is an open question. Arnol’d showed by 
example in 1963 that lower-dimensional tori can have 
unstable manifolds that intersect the stable manifolds 
of nearby tori and thereby allow nearby trajectories to 
drift ““around" the n-dimensional tori; this phenomenon 
is called Arnol’d diffusion (Lochak, 1993). When 
the map is analytic, the intersection angles become 
exponentially small in the neighborhood of the fixed 
point, and the existence of connections becomes a 
problem in perturbation theory beyond all orders. 

Aubry—Mather theory gives a nonperturbative 
generalization of KAM theory for the case of 
monotone twist maps when n = 1. These are symplectic 
diffeomorphisms on the cylinder S x R (or on the 
annulus) such that dqg'/dp>c>0. For this case, 
Aubry—Mather theory implies that there exist orbits for 
all rotation numbers w. When w is irrational, these orbits 
lie on a Lipschitz graph, p = P(q), and their iterates are 
ordered on the graph just as the iterates of the uniform 
rotation by w. They are either dense on an invariant 
circle or an invariant Cantor set (called a cantorus when 
discovered by Percival). These orbits are found using 
a Lagrangian variational principle and turn out to be 
global minima of the action. 

Aubry—Mather theory can be partially generalized to 
higher dimensions, for example, to the case of rational 
rotation vectors, where the orbit is periodic (Golé, 
2001). Moreover, Mather (1991) has shown that action- 
minimizing invariant measures exist for each rotation 
vector, though they are not necessarily dynamically 
minimal. The existence of invariant cantor sets with any 
incommensurate rotation vector can also be proven for 
symplectic maps near an anti-integrable limit (MacKay 
& Meiss, 1992). Finally, converse KAM theory, which 
gives parameter domains where there are no invariant 
circles for the standard map, implies that, for example, 
the Froeschlé map has no Lagrangian invariant tori 
outside a closed ball in the space of its parameters 
(a, b, c) (MacKay et al., 1989). 

James D Meliss 


See also Aubry—Mather theory; Cat map; Chaotic 
dynamics; Constants of motion and conservation 
laws; Ergodic theory; Fermi acceleration and 
Fermi map; Hamiltonian systems; Hénon map; 
Horseshoes and hyperbolicity in dynamical systems; 
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Lyapunov exponents; Maps; Measures; Mel’nikov 
method; Phase space; Standard map 
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SYNAPSES 


See Neurons 


SYNCHRONIZATION 


In a classical context, synchronization means adjust- 
ment of rhythms of self-sustained periodic oscillators 
due to their weak interaction, which can be described 
in terms of phase locking and frequency entrainment. 
The modern concept also covers such objects as rota- 
tors and chaotic systems, in which one distinguishes 
between different forms of synchronization, including 
complete, phase, and master-slave. 

The history of synchronization goes back to the 17th 
century when the Dutch scientist Christiaan Huygens 
reported on his observation of synchronization of two 
pendulum clocks, which he had invented shortly before 
(Hugenii, 1673). 


... It is quite worth noting that when we suspended 
two clocks so constructed from two hooks imbedded 
in the same wooden beam, the motions of each 
pendulum in opposite swings were so much _ in 
agreement that they never receded the least bit from 
each other and the sound of each was always 
heard simultaneously. Further, if this agreement was 
disturbed by some interference, it reestablished itself 
in a short time. For a long time | was amazed at 
this unexpected result, but after a careful examination 
finally found that the cause of this is due to the motion 
of the beam, even though this is hardly perceptible. 
The cause is that the oscillations of the pendula, in 
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proportion to their weight, communicate some motion 
to the clocks. This motion, impressed onto the beam, 
necessarily has the effect of making the pendula come 
to a state of exactly contrary swings if it happened that 
they moved otherwise at first, and from this finally the 
motion of the beam completely ceases. But this cause 
is not sufficiently powerful unless the opposite motions 
of the clocks are exactly equal and uniform. 


Despite being among the oldest scientifically studied 
nonlinear effects, synchronization was understood only 
in the 1920s when Edward Appleton and Balthasar 
van der Pol theoretically and experimentally studied 
synchronization of triode oscillators. 

The synchronization properties of periodic self- 
sustained oscillators are based on the existence of a 
special variable, phase ¢. Mathematically, @ can be 
introduced as the variable parametrizing motion along 
the stable limit cycle in the state space of an autonomous 
continuous-time dynamical system. One can always 
choose phase in a way that it grows uniformly in time, 

dg 


— =a, 1 
a qd) 


where wp is the natural frequency of oscillations. The 
phase is neutrally stable, meaning that its perturbations 
neither grow nor decay. This corresponds to the 
invariance of solutions of autonomous dynamical 
systems with respect to time shifts. Thus, a small 
perturbation (for example, an external periodic forcing 
or coupling to another system) can cause large 
deviations of the phase—contrary to the amplitude, 
which is only slightly perturbed due to the transversal 
stability of the cycle. This property allows description 
of the effect of small forcing/coupling via the phase 
approximation. 

Considering the simplest case of a limit cycle 
oscillator driven by a periodic force with frequency w 
and amplitude ¢, one can write the equation for the 
perturbed phase dynamics in the form 

de 


a 7 00+ EQ, wt), (2) 


where the coupling function Q is 27-periodic in both 
its arguments and depends on the form of the limit cycle 
and the forcing. Close to the resonance w* wo, the 
function Q contains fast oscillating and slow varying 
terms, the latter can be written as q(@— ot). Upon 
averaging over a cycle, one obtains the following basic 
equation for the phase dynamics 
dAdg 
dt 
where Ad=@-—ort is the difference between the 
phases of the oscillations and of the forcing. The 
function q is 27-periodic, and in the simplest case 
q(-) = sin(-) Equation (3) is called the Adler equation. 
One can see that on the plane of parame- 
ters of the external forcing, there is a region 


= —(@— wo) + €q(A®), (3) 
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Figure 1. (a) A sketch of Arnol’d tongues. (b) Devil’s staircase 
for a fixed amplitude of the forcing (dashed line in (a)). 


(€Gmin < @ — @0 < €Gmax) Where Equation (3) has a sta- 
ble stationary solution that exactly corresponds to phase 
locking (the phase ¢ just follows the phase of the forc- 
ing, so ¢=af + constant) and frequency entrainment 
(the observed frequency of the oscillator Q = (@) ex- 
actly coincides with the forcing frequency w). Every- 
day examples of synchronization by external forcing 
are radio-controlled clocks, cardiac pacemakers, and 
circadian systems (the internal clocks of living objects 
that are synchronized to the exact 24-h periodic rhythm 
of sunlight). 

Generally, synchronization is also observed for 
higher-order resonances nw ~*~ map. In this case, 
the dynamics of the generalized phase difference 
Ad =m? — nat is described by an equation similar to 
Equation (3), namely, by d(A@) / dt = — (nw — mwo) 
+ eq(A¢). The term synchronous regime then means 
perfect entrainment of the oscillator frequency at the 
rational multiple of the forcing frequency, 2 =nw /m, 
as well as phase locking m#=nowt + constant. The 
overall picture can be shown on the (w,¢) plane, where 
a family of triangular-shaped synchronization regions 
exists touching the w-axis at the rationals of the natural 
frequency mw /n. These regions are called “Arnol’d 
tongues” (see Figure la). This picture is preserved 
for moderate forcing, although now the shape of the 
tongues generally differs from being exactly triangular. 

For a fixed amplitude of the forcing ¢ and variable 
driving frequency w, one observes different phase 
locking intervals where the motion is periodic, whereas 
in between them it is quasi-periodic. The curve Q vs. 
w, thus, consists of horizontal plateaus at all possible 
rational frequency ratios; this fractal curve is called a 
“devil’s staircase” (Figure 1b). 

An experimental example of such a curve is the 
voltage—-current plot for a Josephson junction in 
an ac electromagnetic field, where synchronization 
plateaus are called Shapiro steps. As a junction can 
be considered as a rotator (rotations are maintained 
by a dc current), this example demonstrates that 
synchronization properties of rotators are very close 
to those of oscillators. 
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Synchronization of two coupled self-sustained 
oscillators can be described in a similar way. A weak 
interaction affects only the phases of two oscillators ¢1 
and 2, and Equation (1) generalizes to 





d 

1 =o, +€Q1(1, $2), 

d 

a = o2 + €Qo(¢2, 1)- (4) 


For the phase difference Ad = ¢2 — $1, one obtains 
after averaging an equation of the type of (3). 
Synchronization now means that two non-identical 
oscillators start to oscillate with the same frequency 
(or, more generally, with rationally related frequencies). 
This common frequency usually lies between a 
and q@ 2. Note that locking of the phases and 
frequencies implies no restrictions on the amplitudes, 
in fact, the synchronized oscillators may have very 
different amplitudes and wave forms; for example, 
oscillations may be relaxation (integrate-and-fire) or 
quasiharmonic. 

The mutual synchronization in a large population of 
oscillators (the Kuramoto transition in a population of 
globally coupled phase oscillators, for example) can 
be treated as a nonequilibrium phase transition—the 
mean oscillating field serving as an order parameter. 
Examples of synchronization in large ensembles 
include rhythmic applause and simultaneous flashing 
of fireflies, adjustment of menstrual cycles in women’s 
dormitories, and so on. Synchronization in lattices of 
coupled self-sustained oscillators usually sets in via 
formation of clusters, that is, groups of oscillators 
(neighbors in a lattice) having the same frequency, and 
with increase of coupling the clusters grow and merge. 

The concept of synchronization has been extended 
to include chaotic systems. One effect, called phase 
synchronization, is mostly close to the classical locking 
phenomena. Indeed, many chaotic self-sustained 
oscillators admit determination of the instantaneous 
phase and the corresponding mean frequency. Often one 
can find a projection of the strange attractor that looks 
like a smeared limit cycle, so phase is then introduced 
as a variable that gains 27 with each rotation. These 
rotations are non-uniform due to chaos, which can be 
modeled by an effective noise in phase dynamics. If this 
noise is small (i.e., the rotations are rather uniform), 
the mean frequency of the system can be entrained 
by a periodic forcing while the chaos is preserved. If 
two or more chaotic oscillators with different natural 
frequencies interact, their mean frequencies can be 
adjusted while the amplitudes remain chaotic and only 
weakly correlated. 

Another type of chaotic synchronization—complete 
synchronization—can be observed for identical chaotic 
systems of any type (maps, autonomous or driven 
time-continuous systems). In the simplest case of 
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two diffusively coupled in all variables systems, the 
dynamics is described by 





da 

a = F(x) +e(y—2@), 

dy _ Fp 5 
ap (y) +e(x@— y), (5) 


where « is the coupling parameter. The regime when 
x(t) = y(t) for all t is called complete synchronization; 
because in this state the diffusive coupling vanishes, the 
dynamics is the same as if the systems were uncoupled. 
Although such symmetric solution exists for all ¢, it 
is stable only if the coupling is sufficiently strong. To 
find the critical value of the coupling, one linearizes 
Equations (5) near the synchronized state and obtains 
for the mismatch v(t) = y(t) — x(t), the linearized 
system 


e J 2 6 
a le — 2eu, (6) 
where J (t) is the Jacobian at the chaotic solution x(t). 
The ansatz v =e 7*'u removes the last term on the 
right-hand side of (6), and the resulting equation co- 
incides with the linearized equation for small pertur- 
bations of the solutions of an individual chaotic os- 
cillator. Thus, u grows in proportion to the maximum 
Lyapunov exponent A of a single system, and the crit- 
ical coupling is ¢g =A /2. Complete synchronization 
occurs if € > &c, that is, when the divergence of trajec- 
tories of interacting systems due to chaos is suppressed 
by the diffusive coupling. For weak coupling ¢ < &¢, the 
states of two systems are different, x(t) 4 y(t). Some 
other forms of synchronization in chaotic systems (gen- 
eralized, master-slave) are similar to the complete one, 
and in all these cases synchronization appears if the 
coupling is strong enough. 
MIcHAEL ROSENBLUM AND ARKADY PIKOVSKY 


See also Commensurate-incommensurate transi- 
tion; Coupled oscillators; Phase dynamics; Van der 
Pol equation 
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SYNERGETICS 

Synergetics deals with the spontaneous formation of 
spatiotemporal or functional structures in complex 
open systems by means of self-organization. The word 
synergetics is taken from Greek and means “science 
of cooperation.” The central aim of synergetics, 
comprising both theoretical and experimental studies, 
is the search for basic principles that govern self- 
organization in both the physical and life sciences. 
To this end, a comprehensive mathematical theory has 
been developed that comprises both deterministic and 
stochastic processes. 


Historical Background 

Synergetics was initiated by Hermann Haken in 1969 
in lectures at Stuttgart University (see also Haken & 
Graham, 1971). It originated from laser physics, where 
a pronounced transition from the disordered light of a 
lamp to the highly ordered light of a laser takes place. 
This transition can be interpreted as a nonequilibrium 
phase transition, on the one hand (Graham & Haken, 
1968, 1970), and as a typical event of self-organization, 
on the other. Synergetics shows common features with 
and differences from a variety of interdisciplinary 
research fields: 


1. In common with cybernetics as introduced by 
Norbert Wiener (1948), synergetics looks for general 
laws common to physical and biological systems. While 
cybernetics focuses on the control of a system in order 
to achieve its specific performance, synergetics studies 
the various dynamical structures a complex system can 
acquire. 

2. Synergetics shares with general system theory 
as introduced by Ludwig von Bertalanffy (1968) the 
aim of finding general laws, in particular by seeking 
analogies. But while von Bertalanffy was seeking 
such analogies between otherwise different systems 
at the level of their individual elements, synergetics 
establishes close analogies at the level of order 
parameters (macroscopic field variables; see below). 

3. Synergetics has used and developed methods 
belonging to dynamical systems theory (see, e.g., 
Guckenheimer & Holmes, 1983; Haken, 1983). Here in 
particular, emphasis is laid on the qualitative changes of 
the behavior of dynamical systems close to their points 
of instability (singular points, bifurcation points). In 
contrast to, for example, bifurcation theory, synergetics 
takes into account the pivotal role of random processes 
(Haken, 1983). 

4. Synergetics has used and developed methods from 
statistical physics, such as various types of (general- 
ized) Fokker—Planck equations, Langevin equations, 
and master equations (see, e.g., Stratonovich, 1963, 
1967). 

5. Synergetics shares with the theory of dissipative 
structures as introduced by Ilya Prigogine the goal of 
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general laws (Nicolis & Prigogine, 1977). But while 
Prigogine’s theory of dissipative structures is mainly 
based on thermodynamic principles, such as the entropy 
production principle or excess entropy production 
principle, synergetics is based on an approach that is 
close to statistical physics. 

6. The concepts of synergetics have similarities with 
ideas developed in Gestalt theory founded by Max 
Wertheimer and Wolfgang KGhler (1924, 1969). 


Theoretical Approach 

All systems are considered subject to fixed internal 
or external conditions that are described by control 
parameters a. At particular values of a the behavior 
of the system may change macroscopically and 
qualitatively (“instability” of the previous state). As 
synergetics shows, close to such instability points 
the behavior of the system is determined by a small 
number of dynamical quantities, the order parameters. 
According to the “slaving principle” of synergetics, 
the order parameters determine the behavior of 
the individual parts of the system. In turn, the 
individual parts generate the order parameters by 
their cooperation (circular causality). Close to the 
instability points, nonequilibrium phase transitions 
occur that are characterized by symmetry breaking, 
critical fluctuations, and critical slowing down of the 
order parameters. This approach requires knowledge of 
the microscopic dynamics (microscopic synergetics). 
If this knowledge is absent, in phenomenological 
synergetics an order parameter dynamics is postulated. 


Outline of Micoscopic Synergetics 


The multi-component system is described by its state 
vector gq, whose components are labeled by the 
subsystem ¢ and the state or component j of each 
of them, qj, €=1,...,N; j=1,..., J. In continuous 
media, q becomes a function of a spatial coordinate x, 
q(x). The state vector obeys an evolution equation 


dq(t)/dt = N(q(t), V,@,0) + F(q,2,t). (1) 


NN is a nonlinear vector-valued, nonlinear function of 
q. V indicates spatial derivatives, w control parameters, 
and F fluctuating forces. F' is mostly assumed to be 5- 
correlated in time (“white noise’). 

It is assumed that for a value a =apo, the solution 
to (1) is known and the stability of ag : qo(t) is studied 
by linear stability analysis, putting q(t) = qo(t) + &(t) 
and F'=0. This leads to 


d§(t)/dt = L(qo(t), «)&, (2) 


where the linear operator L depends on qo(t). The 
solutions to (2) are of the form 


&,(t) = expQet)ur(t), k=1,.. (3) 
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If Ax has a discrete spectrum, then (Haken, 1983): 


(a) go is time-independent (fixed point); vx is 
time-independent and contains powers of ft if Ax is 
degenerate; 

(b) go is time-periodic (limit cycle); vg, is time- 
periodic with the same period and contains powers of t 
if Ax is degenerate and 

(c) go(t) is on torus, or arbitrary; |v;,(t)| increases 
in time more slowly than exponential. 

Close to instability points, where Rea; > 0 for some 
k, we distinguish between unstable modes, v,, and 
stable modes, v,. In the case of (a), the wanted solution 
is assumed in the form 


a(t) = Got Do kultou+ Dieses, A) 
u S 
where the amplitudes &,, and &, are still to be determined 


by inserting (4) into the complete Equations (1) and 
projecting onto the modes v,;. This yields the equations 


d&,,/dt = Auéy + Nu (Ey. 5) + Fur (5) 
dé, /dt = Asé, + No(é,,€,) + Bs. (6) 








In the cases, (b) and (c), the hypothesis (4) must 
be extended to include phase angles, @. In such a 
case, Equations (5) and (6) must be supplemented by 
equations for 


do/dt = Ny (Ey, &5,6) + Fy. M 


where No is 2z-periodic in @. In this case, the 
nonlinear functions on the right-hand side of (5) and 
(6) become also @-dependent with periodicity 27. The 
slaving principle of synergetics allows us to express 
the enslaved amplitudes &, by means of the order 
parameters &,,, @ at the same time 


§.() =£E, 0), 0), 1). (8) 


The explicit time dependence stems from the action of 
the fluctuating forces F’. By means of (8), the originally 
high-dimensional system (5)—(7) can be reduced to a 
low-dimensional system 


dé, /dt = NG&,) + Fu, (9) 


where &,, comprises both &,,, @. In continuous media, 
where 


E(t) > §(%. 0), (10) 


the order parameter equations (9) are replaced by 
generalized Ginzburg—Landau equations 


d&,,(x, t)/dt = Au(W)u(@, t) 
+N(E,(@,t))+F,, CU) 


where the matrix of eigenvalues A, depends on 
differential operators. In higher approximation, N also 
depends on differential operators, N (é,,, 7). 
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While Equations (1), (9), and (11) are of Langevin 
type, the stochastic problems can also be formulated 
by means of the Fokker—Planck equation, where the 
distribution function depends on the vector [&, f(&, t)] 
and f obeys the Fokker—Planck equation 


af/at = Lf, 
fae 
L=-)>—WWjf) 
es if 
+S Qij9° /d8 98; f. (12) 


ij 


Furthermore, another approach is based on the master 
equation for the distribution function P obeying 


dP(m, t)/dt = yo wm, m’)P(m’,t) 


—P(m,t) > w(m',m), (13) 


where w(m, m’) are the transition probabilities from 
state m’ > m. 


Phenomenological Synergetics 

In the case where microscopic dynamics of the 
system are not known, the analysis is based on 
phenomenological equations of the type (9), where 
the order parameters are characterized by those 
experimentally determined macroscopic quantities that 
change qualitatively when the control parameters are 
changed. 


Applications of Concepts and 

Methods of Synergetics 

Physics and Chemistry 

Synergetics approaches are used to study stochastic 

properties and spatiotemporal patterns of laser light 

and of fluids and plasmas, current distributions in 

semiconductors, crystal growth, and meteorological 

structures, for example, baroclinic instability. 
Synergetics is also used to study the formation 

of spatiotemporal patterns at macroscopic scales 

in chemical reactions, for example the Belousov— 

Zhabotinsky reaction. 


Biology 
Based on Turing’s ideas of morphogenesis, synerget- 
ics calculates spatial density distributions, in particu- 
lar gradients, stripes, hexagons, etc., in dependence on 
boundary and initial conditions. In initially undifferen- 
tiated omnipotent cells, molecules are produced as acti- 
vators or inhibitors that diffuse between cells and react 
with each other and thus can be transformed. At places 
of high concentration, the activator molecules switch 
on genes that, eventually, lead to cell differentiation. 
By means of synergetics, new kinds of analogies 
between evolution in biological and physical systems 
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have been unearthed. For instance, the equations 
established by Manfred Eigen (1971) for prebiotic, that 
is, molecular evolution, turn out to be isomorphic to 
specific rate equations for laser light (photons), where 
a specific kind of photon wins the competition between 
different kinds. 

In population dynamics, the resources, such as food, 
nesting places for birds, or light intensity for plants, 
serve as control parameters for synergetic analyses 
of self-organization. The numbers or densities of 
the individuals of species serve as order parameters. 
Specific examples are provided by the Verhulst equation 
or the predator-prey relation of the Lotka—Volterra 
equations. Of particular interest are dramatic changes, 
for instance the dying out of species under specific 
control parameter values. This has influences on 
environmental policy. If specific control parameters 
exceed critical values, the system’s behavior can change 
dramatically. For instance, beyond a specific degree of 
evolution, the fish population of a lake may die out. 

Nearly all biological systems show more or less 
regular rhythms—periodic oscillations or fluctuations. 
These can be imposed on the system from the 
outside, for instance, by the day/night cycle or 
seasons (exogen), or produced by the system itself 
(endogen). Endogenous rhythms that may proceed 
on quite different spatial and temporal scales are 
widely researched in synergetics. Examples are cell 
metabolism, circadian rhythms, brain waves in different 
frequency bands (see below), menstrual cycles, and 
cardiovascular rhythms. For instance, in the last, 
Stefanovska et al. (2000) were able to identify five 
order parameters. For certain time intervals, these order 
parameters can show phase and frequency couplings. 

Rhythmical movements of humans and animals 
show well-defined patterns of coordination of the 
limbs, for instance, walking or running in humans 
or gaits of quadrupeds. Synergetics studies especially 
transitions between movement patterns, for instance 
the paradigmatic experiment by Kelso (1995). If 
subjects move their index fingers in parallel at a 
low frequency; increasing the frequency results in 
an abrupt involuntary transition to a new symmetric 
movement. The control parameter is the prescribed 
finger movement frequency, the order parameter is 
the relative phase between the index fingers. The 
experimentally proven properties of a nonequilibrium 
phase transition (critical fluctuations, critical slowing 
down, hysteresis) substantiate the concept of self- 
organization and exclude that of a fixed motor program. 
Numerous further coordination experiments between 
different limbs can be represented by the Haken—Kelso— 
Bunz model (Haken et al., 1985). Gaits of quadrupeds 
and transitions between them have been modeled in 
detail (Schéner et al., 1990). 

In visual perception, the recognition of patterns, 
for example, faces, is interpreted as the action of 
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an associative memory in accordance with usual 
approaches. Here incomplete data (features) with 
which the system is provided from the outside are 
complemented by means of data stored in the memory. 
A particular aspect of the synergetic approach is the 
idea that pattern recognition can be conceived as pattern 
formation. This is not only meant as a metaphor, but 
means also that specific activity patterns in the brain 
are established. In pattern formation, a partly ordered 
pattern is provided to ths system whereby several 
order parameters are evoked that compete with each 
other dynamically. The control parameters are so-called 
attention parameters that in cases without bias are 
assumed to be equal. The winning order parameter 
imposes a total pattern on the system according to 
the slaving principle. This process is the basis of the 
synergetic computer for pattern recognition (Haken, 
1991). By means of appropriate preprocessing an 
invariance of the recognition process against scales, 
displacements and rotations, and even deformations can 
be achieved. 


Gestalt Psychology 

As is shown in Gestalt psychology (Wertheimer, Koh- 
ler), Gestalt is conceived as a specific organized en- 
tity to which in synergetics an order parameter with 
its synergetic properties (slaving principle) can be at- 
tached. The cognition or perception process of Gestalt 
proceeds in principle according to the synergetic pro- 
cess of pattern recognition. The winning order param- 
eter generates, according to the slaving principle, an 
ideal percept that is the corresponding Gestalt. In am- 
biguous patterns, an order parameter is attached to each 
percept of an object. Because in ambiguous figures two 
or more possible interpretations are contained, several 
order parameters participate in the dynamics whereby 
the attention parameters become dynamical quantities. 
As already assumed by Kohler and as is shown by the 
synergetic equations, the corresponding attention pa- 
rameter saturates; that is, it becomes zero if the cor- 
responding object has been recognized and the other 
interpretation now becomes possible, where again the 
corresponding saturation process starts, etc. The model 
equations allow us also to take into account bias. (See 
the article on Gestalt phenomena.) 


Psychology 

According to the concept of synergetics, psychological 
behavioral patterns are generated by self-organization 
of neuronal activities under specific control parameter 
conditions and are represented by order parameters. 
In important special cases, the order parameter 
dynamic can be represented as the overdamped motion 
of a ball in mountainous terrain. By means of 
changes in the control parameters, this landscape is 
deformed and allows new equilibrium positions (stable 
behavioral patterns). This leads to new approaches to 
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psychotherapy: destabilization of unwanted behavioral 
patterns by means, for example, of new external 
conditions or new cognitive influences and measures 
that support the self-organization of desired behavioral 
patterns. The insights of synergetics have been applied 
in the new field of psychosynergetics with essential 
contributions by Schiepek, Tschacher, Hansch, and 
others (Tschacher et al., 1992; Hansch, 1997; Ciompi, 
1998, 1999). 


Brain Theory 

According to a proposal by Haken (1983), the brain 
of humans and animals is conceived as a synergetic, 
that is, a self-organizing system. This concept is sup- 
ported by experiments and models on movement co- 
ordination, visual perception, and Gestalt psychology 
and by EEG and MEG analysis (see below). The hu- 
man brain with its 10!! neurons (and glia cells) is a 
highly interconnected system with numerous feedback 
loops. In order to treat it as a synergetic system, con- 
trol parameters and order parameters must be identified. 
While in synergetic systems of physics, chemistry, and 
partly biology the control parameters are fixed from 
the outside, for instance, by the experimenter, in the 
brain and in other biological systems, the control pa- 
rameters can be fixed by the system itself. In model- 
ing them it is assumed, however, that they are prac- 
tically time-independent during the self-organization 
process. Such control parameters can be, among oth- 
ers, the synaptic strengths between neurons that can be 
changed by learning according to Hebb (1949), neu- 
rotransmitters, such as Dopamin, Serotonin, and drugs 
that block the corresponding receptors (e.g., Haloperi- 
dol, Coffein), and hormones (influencing the atten- 
tion parameters). Furthermore, the control parameters 
may be more or less permanent external or internal 
stimuli. 

In the frame of the given control parameters, self- 
organization takes place in neuronal activity whereby 
the activity patterns are connected with the correspond- 
ing order parameters by means of circular causality. The 
order parameters move for a short time in an attrac- 
tor landscape whereby the attractor and also the order 
parameter disappear (concept of quasi-attractors). An 
example is the disappearance of a percept in watch- 
ing ambiguous figures. The origin and disappearance 
of quasi-attractors and the corresponding order param- 
eters can happen on quite different time scales, so that 
some of them can act as attractors practically all the 
time or are hard to be removed (psychotherapy in the 
case of behavioral disturbances). The activity patterns 
can be stimulated by external stimuli (exogenous activ- 
ity) but can also be created spontaneously (endogenous 
activity), for instance in dreams, hallucinations, and, of 
course, thinking. 

Synergetics throws a new light on the mind-body 
problem, for instance the percepts are conceived as 
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order parameters, whereas the parts of a system 
are represented by electrochemical activities of the 
individual neurons. Because of circular causality, the 
percepts as order parameters and the neural activity (the 
“enslaved parts”) condition each other. Beyond that, the 
behavior of a system can be described at the level of 
order parameters (information compression) or at the 
level of the activities of individual parts (large amount 
of information). 


Analysis of Electroencephalograms 

(EEG) and Magnetoencephalograms (MEG) 

Neuronal activity is accompanied by electromagnetic 
brain waves that cover the brain over large areas. 
The corresponding electric and magnetic fields are 
measured by the EEG and MEG, respectively. 
According to the ideas of synergetics, at least in 
situations where the macroscopic behavior changes 
qualitatively, the activity patterns should be connected 
with few order parameters. Typical experiments are 
the above-described finger coordination experiments by 
Kelso and closely related experiments, for instance, the 
coordination between the movement of a finger and a 
sequence of acoustic signals. In a typical experiment, 
parts of the brain or the whole brain are measured 
by an array of SQUIDS (superconducting quantum 
interference devices) that allows the determination of 
spatiotemporal field patterns. By means of appropriate 
procedures, these patterns are decomposed into 
fundamental patterns. As the analysis shows, two 
dominant basic patterns appear, whose amplitudes are 
the order parameters. If the coordination between 
finger movement and the acoustic signal changes 
dramatically, the dynamics of the order parameters also 
does so. 


Sociology 

Here we may distinguish between the more psycholog- 
ical and the more systems theoretical schools, where 
synergtics belongs to the second approach. We can dis- 
tinguish between a qualitative and a quantitative syner- 
getics (for a quantitative approach, see Weidlich, 2000). 
In the latter case, a number of sociologically relevant 
order parameters are identified. One example is the lan- 
guage of a nation. After his/her birth, a baby is exposed 
to the corresponding language and learns it (in techni- 
cal terms of synergetics: the baby is enslaved) and then 
carries on this language as an adult (circular causal- 
ity). These language order parameters may compete, 
where one wins (e.g., in the United States, the English 
language), they may coexist (e.g., in Switzerland), or 
they may cooperate (for instance, popular language and 
technical language). Whereas in this case the action of 
the slaving principle is evident, in the following exam- 
ples its applicability is critically discussed by sociolo- 
gists so that instead of slaving, some sociologists like to 
speak of binding or consensualization. Corresponding 
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order parameters are type of state (e.g., democracy, dic- 
tatorship), public law, rituals, corporate identity, social 
climate in a company, and ethics. The latter example is 
particularly interesting, because order parameters are 
not prescribed from the outside or ab initio, but origi- 
nate through self-organization and need not be uniquely 
determined. 


Ethics 

Conceived as order parameter means that it originates 
from the formation of a consensus so that the slaving 
principle becomes valid and also that there may exist 
several ethics. 


Epistemology 

An example for order parameters is provided by the 
scientific paradigms in the sense of Thomas S. Kuhn 
(1970), where a change of paradigms has the properties 
of a nonequilibrium phase transition, such as critical 
fluctuations and critical slowing down. Synergetics as 
a new scientific paradigm is evidently self-referential. 
It explains its own origin. 


Management 

The concept of self-organization is increasingly used in 
management theory and management praxis. Instead 
of fixed order structures with many _ hierarchical 
levels, now flat organizational structures with new 
hierarchical levels are introduced. In the latter case, 
a hierarchical level makes its decisions by means of 
its distributed intelligence. For an indirect steering 
of these levels by means of a higher level, specific 
control parameters in the sense of synergetics must 
be fixed, for instance, by fixing special conditions 
and goals. The order parameters are, for instance, 
the self-organized collective labor processes. In this 
context, the slaving principle—according to which 
the order parameters change slowly, whereas the 
enslaved parts react quickly (adaptability)—gains a 
new interpretation. For instance, the employees that 
are employed for a longer time determine the climate 
of labor and the style of work whereby it can also be 
possible that undesired cliques are established. This 
trend can be counteracted by job rotation. 


Development of Cities 
So far the development of cities was based on the 
concept of city planning with detailed plans for areas, 
but new approaches use concepts of self-organization 
according to synergetic principles. Instead of a detailed 
plan, now specific control parameters, such as a general 
infrastructure (streets, communication centers, and so 
on), are fixed. For details consider the book by Portugali 
(1999). 

HERMANN HAKEN 
See also Dynamical systems; Emergence; Gestalt 
phenomena; Lasers; Turing patterns 
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Called the rescue stone, Rhodonite carries a 
powerful healing vibration that helps with 
relationship problems. It brings emotional 
healing, forgiveness, compassion and helps to 

release fear. 
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TACHYONS AND SUPERLUMINAL 
MOTION 

With a name derived from the Greek tachys (for swift), 
the tachyon is a hypothetical elementary particle that 
travels at speeds exceeding that of light (superluminal 
speed). In his 1905 paper on special relativity, Albert 
Einstein showed that the light speed in vacuum (c) 
is invariant with respect to all inertial observers, 
constituting a limiting value for the speed (v) of a 
moving mass. Consequently, tachyon research was 
delayed until the 1950s and 1960s, in particular till the 
appearance of the papers by Sudarshan and coworkers 
(Bilaniuk et al., 1962), and later by Recami and 
coworkers, among others. 

If the special relativity theory is not a priori 
restricted to subluminal speeds, however, it seems able 
to accommodate tachyons. Such an extended relativity 
(ER) is based on the ordinary postulates of special 
relativity, and, therefore, does not appear to imply 
violations of causality (Recami, 1986). Just as photons 
are born, live, and die, always at the speed of light 
(without any need of accelerating from rest to the light 
speed), particles or waves may exist endowed always 
with speeds v larger than c. 

Several areas of experimental physics suggest 
superluminal group velocities and energy propagation 
although it is not yet clear whether these phenomena 
imply signal and information transmissions with faster- 
than-light speeds (Recami, 2001). 


Evanescent Waves and Tunneling Photons 


In quantum mechanics, the tunneling time does not de- 
pend on the potential barrier width, implying arbitrarily 
large group velocities inside long barriers (Olkhovsky 
et al., 1992). Analogously, evanescent electromagnetic 
waves that travel with superluminal speeds have been 
predicted by extended relativity, confirmed by com- 
puter simulations based on Maxwell equations, and em- 
pirically observed (Chiao et al., 1993). 

The most interesting experiment of this series 
was performed in 1994 by Giinter Nimtz and his 
colleagues using two classical barriers separated by 
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an intermediate region of width R. For nonresonant 
tunneling of microwaves, it was claimed that the 
total crossing time did not depend on R, implying 
the speed of transmission to be therein practically 
infinite. This result agrees with theoretical predictions 
for nonresonant tunneling through two successive 
opaque barriers (Olkhovsky et al., 2002) that were 
experimentally confirmed and have been verified by 
an experiment with two gratings in an optical fiber, 
suggesting potentially important applications. 


Superluminal Localized Solutions (SLS) to the 
Wave Equation 


Although the simplest subluminal object is a small 
sphere (or a point), a result of ER is that the simplest su- 
perluminal objects appear as “X-shaped” waves (dou- 
ble cones), rigidly moving in a homogeneous medium. 
Beams of this sort have been constructed (as superpo- 
sitions of Bessel beams) in experiments with acous- 
tic waves (Lu and Greenleaf, 1992), electromagnetic 
waves, and visible light (Saari & Reivelt, 1997). A 
single Bessel beam is the following solution of the 





Figure 1. Illustration of the real part of a classical X-shaped 
wave (as a function of ¢=z-—vt and the radial coordinate 
p), evaluated for v=Sc and a=5~x 10-7 m, plotted from 
Equation (3). 
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Figure 2. A spring—mass system with nonlinear springs. (Upper) Masses at rest. (Lower) A supersonic compression wave. 


Maxwell equations in vacuum: 


W (0,6) = Jol(wp/c) sin @] exp [i(wt/c) cos 6], 
qd) 


where Jo is a Bessel function of the first kind of order 
zero, €=z—vt, v=c/cos@, and 6 is the axicone 
angle (angle between the direction of propagation and 
the propagating cone). This solution depends on z 
and t only through the quantity ¢; thus, it propagates 
without dispersion along the z-axis with speed v > c. 
By superposition of Bessel beams, for example, 
with variable angular frequency w but constant 0 
and, therefore, constant v, one can obtain additional 
solutions to the Maxwell equations with any degree of 
transverse and longitudinal localization and centered 
at the desired angular frequency w with the desired 
bandwidth (Zamboni-Rached et al., 2002); thus 


foe) 
Y(p, 6) =| S(w) Jo[(@p/c) sin 8] 
x exp [i(wg/c) cos 0] dw. (2) 
By choosing the exponential spectrum S(w)= 


exp[—aqw], one gets the ordinary X-wave (with 
v=c/cosé >c) 








-1 
vip.) =| yan if)? + p?(v?/c? | ' 
(3) 


which is a superluminal localized solution (SLS) to the 
wave equation. The plot of Equation (3) in Figure 1 
can be understood as follows. For ¢ <0, one has the 
familiar bow wave of a moving boat or shock wave of 
a supersonic aircraft. The branches for ¢ > 0, on the 
other hand, prepare the medium for the superluminal 
disturbance. 

SLSs have also been constructed which travel with- 
out distortion along cylindrical waveguides and coax- 
ial cables (Zamboni et al., 2002). X-shaped waves keep 
their localization and superluminality properties only 
to a certain depth of field (whose length can be de- 
termined a priori), decaying abruptly thereafter. As 


suggested by extended relativity, the simplest means 
for experimentally producing SLSs employs dynamic 
antennas consisting of a set of circular rings (or axi- 
cons or holographic elements). Acoustic localized su- 
personic beams have been used in a 3-dimensional ul- 
trasound scanner for medical purposes: high-resolution 
scanning of the heart (Lu & Greenleaf, 1992). 


Tachyons and SLSs in Nonlinear Media 


Localized solutions for nonlinear partial differential 
equations that travel faster than the limiting speed 
for small amplitude waves are not uncommon (Conti 
et al., 2003). The sine-Gordon equation, for example, 
is Lorentz invariant and has tachyonic soliton solutions 
(Scott, 2003). Although dynamically unstable over long 
distances, these solutions may influence dynamics over 
shorter spans. 

Another well-known example of a SLS goes back 
to the birth of nonlinear science, when John Scott 
Russell measured the speed of a hydrodynamic solitary 
wave in a wave tank to be ./g(d +h), where g is the 
acceleration of gravity, d the depth of the channel, and 
h the wave height. Clearly, the solitary wave speed is 
larger than the speed ./gd of low-amplitude waves. 

Similar phenomena are observed for lattice solitary 
waves on spring-mass ladders (see Figure 2), which 
include the Fermi—Pasta—Ulam system, the Toda lattice, 
and various generalizations: Existence of supersonic 
compression-wave solutions has been mathematically 
proven for a general class of nonlinear intermass 
potentials (Friesecke & Wattis, 1994). As an example 
of superluminal propagation that was well known to 
military engineers in the early 19th century, Russell 
cited the fact that “the sound of a cannon travels faster 
than the command to fire it’. 

ERASMO RECAMI AND ALWYN SCOTT 


See also Cherenkov radiation; Sine-Gordon equa- 
tion; Skyrmions; Solitons, a brief history 
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TACOMA NARROWS BRIDGE 
COLLAPSE 

The Tacoma Narrows suspension bridge in Washington 
state was opened to traffic on July 1, 1940. At the 
time, it was the latest in a trend in suspension bridge 
design toward building ever longer, lighter, and more 
flexible bridges. At least two other suspension bridges 
in America, the Golden Gate bridge in San Francisco 
and the Bronx—Whitestone bridge in New York, had 
at that time, already experienced some problems with 
unwanted oscillations; these bridges were stabilized 
by adding dampers, stiffening girders, and additional 
cables. The Tacoma Narrows bridge was far lighter and 
more flexible than its predecessors. 

From its opening, the bridge experienced relatively 
small vertical oscillations. These were observed, and 
carefully recorded and the record survives in Amann 
et al. (1941), which is our primary source for what 
follows. 

These oscillations were purely vertical, with no 
torsional component. They could be anything from 
no-noded (with a comparatively low frequency of 
about 8 cycles/min) to as many as seven-noded (with 
a frequency of 30 cycles/min). Amplitudes were as 
much as 5f from top to bottom. Motions as large 
as 4f with a frequency of 16 min~! were observed 
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Figure 1. The Tacoma Narrows Bridge twisting, November 7, 
1940. (Courtesy, Manuscripts, Special Collections, University 
Archives, University of Washington Libraries, UW2143.) 


in winds of 3 mi/h, while at other times, the bridge 
remained stationary in winds of 35 mi/h. The structure 
had already survived winds of 48 mi/h. 

These motions were not considered grounds for 
alarm, and it was apparently expected that with some 
modifications, they would eventually be eliminated. 
By October, hold-down cables had been installed in 
the side-spans, and these had effectively stopped the 
oscillations in these spans although, of course, they did 
not effect the center span. Hold-down cables for the 
center span had already been ordered. 

On the morning of November 7, 1940, a qualitatively 
different phenomenon occurred. The wind was about 
42 mi/h. The bridge began oscillating with somewhat 
more violence than usual in the vertical direction. The 
motion appears to have been eight- or nine-noded, with 
an amplitude of 4—Sf and a frequency of about 36- 
38 cycles/min. Although this seems rather violent, it 
was not initially viewed as cause for alarm. People and 
cars were on the bridge. 

Suddenly, without warning, and virtually instanta- 
neously, the bridge switched from the vertical motion 
to the famous torsional motion most often associated 
with the bridge (see Figure 1). 

This new motion was one-noded, with an angle of 
rotation of nearly 45° each way, and a frequency of 
about 14/min. The sides of the bridge were moving with 
a double amplitude of 28 f, with accelerations in excess 
of gravity. Amazingly, this motion continued for about 
45 min, after which the bridge finally began to break up. 
Occasionally, it would switch from one-noded to no- 
noded and back, but it remained primarily one-noded. 
The side-spans remained motionless, until the collapse 
of the center span, after which a torsional oscillation 
built up and then died down. 
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Thus, we are presented with at least three distinct 
nonlinear phenomena. 


(i) The vertical oscillations: why so many and under 
such widely different wind conditions? 

(ii) The instantaneous transition from vertical to 
torsional motion. 

(ili) The persistence of large torsional periodic oscilla- 
tion for 45 min under comparatively small aerody- 
namic forcing. 

(iv) The peculiar shifting from one-noded torsional 
motion to no-noded and back. 


A commission, including Othmar Amann and 
Theodore von Karman, tried to investigate the cause of 
the collapse. They made some preliminary conclusions, 
including “it is very improbable that resonance with 
alternating vortices plays an important role in the 
oscillations of suspension bridges.” However, the main 
recommendation was simply to avoid designs that 
were light and flexible, This advice has largely been 
followed since that time, with the notable exception 
of the Millennium Bridge over the Thames in London. 
Moreover, other light, flexible, long-span bridges such 
as the Golden Gate were substantially re-engineered at 
great cost in the 1950s to eliminate similar unwanted 
oscillations. 

Recent advances in nonlinear science have cast light 
on some of the phenomena mentioned above. The 
vertical oscillations may have been the result of the 
existence of multiple periodic solutions of a nonlinearly 
supported beam equation (Lazer & McKenna, 1990). 
They may also have been the result of some sort 
of negative damping induced by the aerodynamic 
interaction of the wind and the structure. Wind tunnel 
experiments on scale models (Scanlan & Tomko, 1971), 
predict the existence of small torsional oscillations 
(e.g., in torsion 0 <a@ <+3°). However, this type of 
motion was never observed on the Tacoma Narrows. 

The violent transition from vertical to torsional 
motion is now well understood. In McKenna (1999), 
a two-degree-of-freedom oscillator with physical 
constants chosen to match the bridge exhibits exactly 
this type of instability, as soon as the cables start 
alternately slackening. Also in McKenna (1999), this 
oscillator shows how small torsional forcing can induce 
large torsional periodic solutions, once one takes into 
account the pendulum-like nonlinearity of the torsional 
oscillator. The solutions are remarkably similar, in 
terms of amplitude and frequency, to the behavior 
observed on the Tacoma Narrows. 

The transition from one-noded to no-noded and back 
has been observed in Moore (2002), where the torsional 
oscillations in a nonlinear beam are shown to obey a 
sine-Gordon equation whose long-term solutions are 
investigated. One can also see a numerical simulation 
of the bridge at www.math.lsa.umich.edu/ksmoore. 





TAYLOR-COUETTE FLOW 


A good source of interesting behavior of early 
suspension bridges is Bleich et al. (1950). 
Jor McKENNA 


See also Bifurcations; Distributed oscillators; 
Stability 
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TANGENT SPACE 


See Differential geometry 


TAYLOR-COUETTE FLOW 

Taylor—Couette flow is generated in the gap between a 
pair of concentric cylinders by the rotary motion of one 
or both of the cylinders. If the outer cylinder alone is 
rotated, the torque induced by viscous drag on the inner 
one can be used to measure the viscosity of the fluid in 
the gap. This technique (studied by Arnulph Mallock 
in 1888 and independently by M.M. Couette in 1890) 
is still in use today as the basis of some commercial 
viscometers. 

In 1916, Lord Rayleigh (John William Strutt) 
proposed general arguments on the stability of rotating 
fluids, showing that when the centrifugal force gradient 
decreases outwards in a rotating body of fluid, this 
will be an unstable situation for an inviscid fluid. In 
the case of Mallock’s viscometer, the flow will be 
stable. But suppose the inner cylinder is rotated and 
the outer is held fixed. Here the flow will be unstable 
according to Rayleigh’s criterion, and this question 
intrigued Geoffrey Taylor. In 1923, he published a 
brilliant theoretical and experimental investigation of a 
viscous version of the Rayleigh criterion, using rotating 
cylinders to generate what has come to be called Taylor— 
Couette flow. Taylor’s work forms the cornerstone 
of much modern research on hydrodynamic stability 


TAYLOR-COUETTE FLOW 
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Figure 1. (a) Front view of steady Taylor—Couette cells 
(G. Pfister). (b) Front view of turbulent spiral flow (O. Dauchot). 


and contains important ideas such as the exchange of 
stability between states. 

In the simplest case, the outer cylinder is sta- 
tionary and the inner cylinder alone rotates. When a 
critical Reynolds number is exceeded, the initially fea- 
tureless rotary Couette flow has secondary vortices su- 
perposed on it. An example of such a Taylor vortex state 
is shown in Figure 1(a) where a front view of a Taylor 
vortex state is shown. The pattern is repeated along the 
length of the cylinder and has the appearance of a set of 
doughnuts stacked along the length the inner cylinder. 

Increasing the speed of the inner cylinder leads to an 
instability (Davey et al., 1968) in the form of traveling 
waves that move at a fixed fraction of the speed of 
the inner cylinder (Coles, 1965). Yet, further increases 
in rotation rate give rise to more complicated quasi- 
periodic motion until low-dimensional temporal chaos 
ensues within each Taylor cell (Gollub & Swinney, 
1975). Nowadays, it is recognized that many routes to 
chaos exist within this flow (Tagg, 1994), which has 
proved to be arich research field for dynamical systems 
and bifurcation theory. 

Taylor considered the general case with both cylin- 
ders rotating in co- and counter-directions, obtain- 
ing remarkable agreement between theory and experi- 
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ment for the stability boundary. When the cylinders are 
rotated in opposite directions, new states of spiraling 
turbulence are sometimes found (Coles, 1965). An ex- 
ample of such a flow from a more recent study (Prigent 
et al., 2002) is shown in Figure 1(b). The general case 
of co- and counter-rotation produces a plethora of in- 
teresting dynamical states (Andereck et al., 1986) that 
can now be classified in terms of equivariant bifurcation 
theory (Tagg, 1994). 

Coles also demonstrated dynamical non-uniqueness 
when the outer cylinder is stationary, finding more 
than 20 states at a particular Reynolds number. This 
multiplicity of solutions has also been observed in the 
steady vortex states (Burkhalter & Koschmieder, 1973; 
Benjamin & Mullin, 1982) where evidence was found 
for 42 different solutions at a single point in parameter 
space in the latter study. 

Most of the above work is based on the notion of 
a theoretical model where the cylinders are considered 
to be infinitely long. This permits the use of periodic 
boundary conditions which allows analytical and nu- 
merical progress to be made in the nonlinear regime. 
However, the importance of end effects and their in- 
fluence on global aspects of the steady flows was first 
recognized by Benjamin in 1978. He showed their im- 
portance in the selection process for steady flows and 
discovered the so called “anomalous modes” where all 
cells rotate in the opposite direction. These modes form 
an essential part of the solution set. The ideas have been 
developed and the role of end effects in determining the 
dynamics is now understood in some detail (Abshagen 
et al., 2001). 

One clear advantage of studying fluid dynamical 
systems such as Taylor—Couette flow is that quantitative 
comparisons can be made between the results of 
controlled laboratory experiments and numerical 
calculations of the governing equations of motion— 
the Navier-Stokes equations (Cliffe et al., 2000). This 
is so not only for steady flows but also for time- 
dependent states, although disordered motion remains 
an outstanding challenge. 

Tom MULLIN 
See also Bifurcations; Catastrophe theory; Chaos 
vs. turbulence; Hopf bifurcation; Stability 


Further Reading 


Abshagen, J., Pfister, G. & Mullin, T. 2001. Gluing bifurcations 
in a dynamically complicated extended fluid flow. Physical 
Review Letters, 87: 4501-4505 

Andereck, C.D., Liu, S.S. & Swinney, H.L. 1986. Flow regimes 
in a circular Couette system with independently rotating 
cylinders. Journal of Fluid Mechanics, 164: 155-183 

Benjamin, T.B. & Mullin, T. 1982. Notes on the multiplicity of 
flows in the Taylor experiment. Journal of Fluid Mechanics, 
121: 219-230 

Benjamin, T.B. 1978. Bifurcation phenomena in steady flows of 
a viscous fluid. Proceedings of the Royal Society of London, 
A359, 1-43 


920 


Burkhalter, J.E. & Koschmieder, E.L. 1973. Steady supercritical 
Taylor vortex flow. Journal of Fluid Mechanics, 58: 547-560 

Cliffe, K.A., Spence, A. & Tavener, S.J. 2000. The numerical 
analysis of bifurcation problems with application to fluid 
mechanics. Acta Numerica, 9: 39-131 

Coles, D. 1965. Transition in circular Couette flow. Journal of 
Fluid Mechanics, 21: 385-425 

Couette, M.M. 1890. Etudes sur le frottement des liquides. 
Annales de Chimie et de Physique, 6: 433-510 

Davey, A., diPrima, R.C. & Stuart, J.T. 1968. On the instability 
of Taylor vortices. Journal of Fluid Mechanics, 31: 17-52 

Gollub, J. & Swinney, H.L. 1975. Onset of turbulence in a 
rotating fluid. Physical Review Letters, 35: 927-930 

Mallock, A. 1888. Determination of the viscosity of water. 
Proceedings of the Royal Society of London, A45: 126-132 

Prigent, A., Gregoire, G., Chate, H., Dauchot, O. & van Saarloos, 
W. 2002. Large-scale finite-wavelength modulation within 
turbulent shear flows. Physical Review Letters, 89: 1501-1504 

Rayleigh, Lord. 1916. On the dynamics of revolving fluids. 
Proceedings of the Royal Society of London, A93: 148-154 

Tagg, R. 1994. The Couette-Taylor problem. Nonlinear Science 
Today, 4: 2-25 

Taylor, G.I. 1923. Stability of a viscous liquid contained between 
two rotating cylinders. Philosophical Transactions of the 
Royal Society of London, 223: 289-343 


TENSORS 


Tensors are mathematical representations of objects 
that have intrinsic, geometric significances. This is a 
rather wider definition than many which can be found 
in textbooks, often referring to “sets of quantities” that 
“transform according to hideous formulae.” The best 
way to understanding is likely to follow a few examples. 

Readers interested in learning more will find the 
books of Simmon (1994) and Dodson & Poston (1991) 
helpful, as well as that of Bishop & Goldberg (1968). 
The main caveat, at the risk of repetition, is to beware 
of books that define tensors as some set of quantities 
tied to a coordinate system and then describe how they 
transform—tensors are there whether or not you have 
coordinates. 

Suppose you have some apples on a table. The 
quantity of apples present is described completely 
by one number, and that number is well defined 
and meaningful no matter how you might orient 
any coordinate axes in the room. The fact that it is 
meaningful independent of the coordinates makes it a 
tensor, and the fact that it is the same no matter what 
coordinates might be introduced makes it a scalar or 
zeroth-rank tensor—the simplest kind of tensor. 

Now, consider the weight of one of the apples. This 
weight is a force, equal to the mass of the apple, m, times 
the gravitational acceleration (g = 9.8 m/s”), and it is 
directed downwards. That is, its weight is mg directed 
downwards towards the table top. Let us call this weight 
W, which has a clear physical meaning independent of 
coordinates, although it is helpful to describe its direc- 
tion as “downwards.” The fact that W is well defined 
even in the absence of coordinates makes it a tensor, and 
because it has a direction, it is called a vector, or first- 
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rank tensor. If I introduce a set of coordinates x, y, z, I 
may place these axes in any way I choose. If I put the 
z-axis pointing downwards, the vector will have com- 
ponents relative to that coordinate system, with only 
the z component nonzero, and I might describe it as 
“the vector (0, 0, mg).” This (old) point of view is le- 
gitimate but carries with it the need to understand that 
the components are referred to as a coordinate system 
and as such have no intrinsic meaning. 

More complicated objects can be easily imagined. 
For example, there could be a wind blowing across the 
table, and that could be described by another vector 
V describing its velocity. Referred to a coordinate 
system, it would be described by three components, and 
the presence of these two vectors is clearly something 
of intrinsic geometric significance. We can think of 
a product of the two vectors, meaning simply all 
the information needed to describe them. In terms of 
coordinates, if the weight is described by components 
wi; with i ranging from | to 3 and the wind velocity by 
vj; with j ranging from | to 3, we can think of a single 
geometric object V ®) W called the tensor product of 
V and W with 9 components (V @ wy =vwi. 
The object (V @ W) is called a second-rank tensor, 
and this construction can be repeated to create more 
and more complex objects. (The reason for the upper 
placement of indices will be made clear shortly.) 

The example given above was chosen to make 
it clear that tensors can turn up anytime one has 
vectors, but it is easy to find more physically motivated 
examples. Suppose one has a perfect fluid of density p 
moving with velocity V with components v!. Density 
is a scalar if we allow only “proper” rotations which 
cannot change the signs of volumes. The flux or 
mass per unit volume per unit area perpendicular to 
direction i flows has components pv’. The flux of 
momentum in direction j is pv'v/. This motivates 
defining the second-rank “momentum tensor” tensor 
T=pV ®V with components T'/ = pv'v/. 

All the tensors of a given rank have the structure of 
a vector space which they inherit from the operations 
allowed on vectors: they can be added, or multiplied 
by scalars. In fact, all the machinery of linear algebra 
carries over directly to them. 

There has been an implicit indication that tensors 
here have something to do with symmetry or a concept 
of allowed transformation of the coordinates. The 
class of acceptable coordinate systems defines the 
geometry in any given situation, and we can speak 
then of tensors with respect to a symmetry group. 
For example, if we allow arbitrary rotations of a 
given orthogonal coordinate system, we can speak 
of “Cartesian tensors” or tensors under the group of 
orthogonal transformations in three dimensions. This 
means that one can pass from a representation of a 
tensor in terms of components with respect to one 
coordinate system to another by making the coordinates 
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transform according to a matrix which represents that 
coordinate change. 

This final step in thinking clarifies the notion of what 
a tensor must be. Given some space, one considers the 
geometry to be defined by the group of transformations 
which leave it invariant. For example, in flat Euclidean 
three-dimensional space, one might take the group of 
rotations, which are orthogonal matrices of determinant 
one, or SO(3). The vectors and tensors we have been 
talking about so far are then elements of spaces in which 
SO(3) acts linearly, i.e., they lie in representation spaces 
of SO(3). 

Depending on the space in question and the 
structures imposed upon it, special tensors and 
operations can be defined. For example, in three- 
dimensional flat space, we have an operation that takes 
two vectors and produces from them a (coordinate- 
independent!) scalar called the “dot product,” “inner 
product,” or “scalar product.” This is defined using 
the Kronecker delta 6;; which is defined to have the 
value 1 when i = j and 0 otherwise. It is a geometric 
object with a well-defined meaning independent of 
coordinates and is, thus, a tensor but of a different 
kind. One says that while v'w/ are components of 
a “contravariant tensor,’ 6;; are the components of 
a “covariant tensor.” The expression )); )); 5ij viws 
is the scalar product of v and w and is a scalar. 
The terms covariant and contravariant are historical 
and come from the idea that for a quantity such as 
Di oj ij v'w/ to be invariant, the components with 
upper and lower indices should transform differently 
under a change of coordinates. The summation signs are 
often omitted, with a summation over repeated indices 
implied following the so-called “Einstein summation 
convention.” An inner product automatically provides 
a dual space to that of the tensors, and one can write 
U; = $v! and speak of “covariant” as opposed to 
“contravariant” components of v, and of the use of 4); 
to “lower indices.” 

The concept of a tensor is independent of any 
notion of a dot product, but many spaces of interest 
have such a product naturally present. In special 
relativity, for example, we consider “four-vectors” 
labeling differences in space and time and requiring 
four components. In units where the speed of light is 
unity, the dot product is provided by the Minkowski 
metric tensor gp: (a,b running from 0 to 3) where 
Nab is 1 whena=b=0, — 1 whena=b <0, and zero 
otherwise. This dot product is preserved by a larger 
group than just rotations, and this group is the Lorentz 
group of rotations and boosts, also called SO(3,1). Note 
that itis not positive-definite, so itis not an inner product 
in the strict sense of the word, and it defines a pseudo- 
Euclidean metric. In this case, we have SO(3,1) vectors 
as opposed to SO(3) vectors. 

The most general (pseudo-)Riemannian geometry 
provides a dot product in terms of a metric tensor 
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Zab Which is similar to nap but unrestricted other than 
to be nonsingular. In general relativity, we allow all 
invertible linear transformations in four dimensions, the 
symmetry group is GL(4), and we have GL(4) tensors 
for physical quantities. 

Joun Davip SWAIN 


See also Einstein equations; Symmetry groups 
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TESSELLATION 


A tessellation (or tiling) is a covering of a surface 
with tiles so that there are no gaps or overlaps. The 
tile shapes can be all different, as in the chips used 
to produce a complex Byzantine mosaic, or they may 
consist of a limited number of shapes, each con- 
gruent to one or more “prototiles” which serve as 
templates. Since ancient times, almost every culture 
has produced tessellations for utilitarian or decorative 
purposes—on walls, ceilings, and roofs of buildings, 
for pavements and plazas, and for designs to be wo- 
ven, painted, printed, incised, or inlaid on every va- 
riety of surface. Tessellations adorn many churches, 
temples, palaces, and mosques; perhaps the most cel- 
ebrated geometric tessellations are found in the Al- 
hambra, in Granada, Spain. Tessellations also occur in 
nature, in the designs formed by scales or packed cells 
on a living surface. 

Although artisans have produced tessellations for 
thousands of years, only recently have mathematicians 
undertaken a methodical study of the subject. Griin- 
baum and Shephard’s book is the most complete ref- 
erence. Intuitively, a shape “tiles” (is a prototile for a 
tessellation) if congruent copies of that shape can be fit- 
ted together exactly to fill a surface. Every triangle and 
every quadrilateral can tile the plane, and convex poly- 
gons with seven or more sides can never tile the plane. 
All convex hexagons that tile the plane have been de- 
termined, and 14 classes of convex pentagons that tile 
have been discovered, but it is not known if there are 
others. Tessellations by regular polygons appear fre- 
quently; those known as Archimedean tessellations are 
composed of regular polygons with edges matched, and 
have the same arrangement of tiles occurring at every 
vertex of the tiling (Figure 1). 

An infinite variety of shapes tile the plane, many of 
them classified by special properties. Given an arbitrary 
set of shapes, many tests can attempt to answer the 
question: Will these tile the plane? But there is no 
guarantee of an answer. The question is mathematically 
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Figure 1. The 11 Archimedean tessellations. The three with only 
one prototile are called regular tessellations; the others are often 
called semiregular. 


undecidable; that is, there is no algorithm that can 
deliver an answer of yes or no for every possible set 
of shapes. 

M.C. Escher, a Dutch graphic artist (1898-1972), is 
the best-known creator of tessellations using whimsical 
figures as tiles (Figure 2). Inspired by the geometric 
tessellations in the Alhambra, he sought to answer the 
question: What shapes can tile the plane so that every 
tile is surrounded in the same way? As he discovered 
some answers, he developed a system of tile types 
that enabled him to create imaginative shapes that 
fit together in a prescribed manner. In his lifetime, 
he produced more than 150 finished tessellations; 
many have been used by scientists, particularly 
crystallographers, to illustrate their theories. 

Almost all tessellations with repetition (including 
those in Figures | and 2) are periodic, that is, there 
is a smallest patch of the tiling that can be translated 
repeatedly by two independent vectors to fill out the 
whole tiling. It is natural to want repetition in a 
predictable manner to lay tile, to print, or to weave 
a pattern. Symmetry groups of periodic tilings are 
known as two-dimensional crystallographic groups, 
because crystals, by definition (until very recently), 
were defined by their periodic molecular structure. 
These groups consist of the translations, rotations, 
reflections, and glide-reflections that can act on the 
tiling in such a way that each tile moves to fit exactly 
onto another, leaving the tiling invariant. There are 
only 17 distinct symmetry groups for periodic tilings 
in the Euclidean plane; these are frequently used to 
classify tilings. Colored tilings (such as an extended 
checkerboard or Escher’s tilings) can be analyzed 
according to color symmetries, which permute colors 
of tiles as well as positions of tiles in the tiling. 

Nonperiodic tessellations have no translation sym- 
metry. Although a regular tiling by squares can be made 
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Figure 2. An Escher tessellation covers a column in a school 
in Baarn, Holland. (All M.C. Escher works © Cordon Art B.V., 
Baarn, The Netherlands.) 














Figure 3. A Penrose tiling by kites and darts requires matching 
vertices of the same color. 


nonperiodic by shifting a few rows a small distance, the 
most interesting nonperiodic tessellations are produced 
by an aperiodic set of prototiles—every tiling formed 
by such a set is nonperiodic. It is not known if there 
is a single aperiodic tile, but there are several known 
aperiodic sets of two or more prototiles. The most well- 
known pairs were discovered by Roger Penrose in the 
1970s: a kite and a dart (or a thick and a thin rhombus). 
In each Penrose tiling formed by these pairs (Figure 3), 
every patch of the tiling repeats infinitely often, but 
never by a translation that leaves the tiling invariant. 
Some properties of Penrose tilings are similar to those 
exhibited by unusual alloys discovered in the 1980s. 
These were named quasicrystals because their X-ray 
diffraction patterns displayed a crystal-like orderly rep- 
etition of bright spots, but also exhibited rotation sym- 
metry forbidden in a periodic structure. Many unusual 
properties of Penrose and other aperiodic tilings have 
been discovered, and various techniques have been de- 
veloped to study their structure (Senechal, 1995). Yet 
the study of aperiodic tilings and of quasicrystals is in 
its infancy, and it remains to be seen if the connections 
between them are more than superficial. 
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A Voronoi (or Dirichlet) tessellation is determined by 
a given discrete set S of points in a surface. Each point x 
of S is surrounded by the region of points that are closer 
to x than to any others in S. The boundaries of these re- 
gions consist of those points that lie equidistant between 
at least two points of S. These regions with their bound- 
aries (called Voronoi polygons or Dirichlet domains) 
are the tiles of the Voronoi tessellation determined by 
S. Such tessellations arise naturally in a wide variety of 
applications in physics (Wigner-—Seitz regions); crys- 
tallography (Wirkungsbereich); physiology (capillary 
domains); urban planning (regions of service for 
schools or fire stations); biology (modeling cell ar- 
rangement); statistical spatial data analysis; and many 
other areas. Such tilings are almost always nonperiodic 
with many differently shaped tiles. Mathematical prop- 
erties of such tilings and various algorithms to construct 
them are vigorous areas of research (Okabe et al., 1992). 
Tessellations on surfaces such as spheres or the 
hyperbolic plane and tessellations of space of three 
or higher dimensions are equally important. Which 
shapes can fill space, and in what manner, is of great 
interest to scientists (and manufacturers). Little is 
known in this area; there is not even a complete list 
of space-filling tetrahedra. Other topics of investigation 
are tessellations with special tiles (e.g., polyominoes, 
or fractal tiles), relationships between local and 
global properties, classification, and construction of 
tessellations with special properties. 
Doris SCHATTSCHNEIDER 


See also Symmetry groups 
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THERMAL CONVECTION 


Thermal convection is the transfer of heat by flow. 
In general, heat can be transported by convection, 
conduction, or radiation. In all cases, heat transfer 
requires the presence of a temperature gradient, and 
heat is transported from high to low temperature. 
Conduction is a diffusive process that involves the 
exchange of energy via collisions between molecules in 
a gas or a liquid, or interactions between lattice waves or 
electrons in a solid. Heat transport by radiation results 
from the emission and absorption of electromagnetic 
waves. Convection, finally, involves the transport of 
heat by the bulk physical motion of a fluid medium. The 
flow can arise naturally, due to thermal expansion—hot 
fluid is less dense than cold fluid and so tends to rise, 
while cold fluid is more dense and tends to fall—or it 
can be forced by some externally applied means. 

In a layer of fluid heated from below, thermal 
convection is known as Rayleigh—Bénard convection, 
which is one of the most important systems for the 
study of pattern formation. This is because precise, 
well-controlled experiments are possible and because 
the equations describing the system (the Navier-Stokes 
equations coupled with an equation for heat transport 
and the appropriate boundary conditions) are well 
known, allowing close contact among experiment, 
theory, and simulations. 

Figure 1(a) shows schematically an experiment for 
the study of Rayleigh—Bénard convection. The top plate 
is maintained at a temperature 7;, while the bottom plate 
is at a higher temperature 7, = T, + AT. The separa- 
tion between the plates is d. For AT small, there is 
no flow and heat transport across the fluid layer is by 
conduction. Because of thermal expansion, however, 
the hotter fluid near the bottom plate is less dense than 
the cooler fluid above it. This is gravitationally unsta- 
ble, but initiating flow costs energy due to viscous dis- 
sipation. As a result, convection does not begin until 
AT is large enough that the energy gained by starting 
flow offsets the cost due to dissipation. It is convenient 
to write AT in dimensionless form as the Rayleigh 
number, given by Ra= gad? AT/vk, where g is the 
acceleration due to gravity, w is the thermal expan- 
sion coefficient of the fluid, v is the fluid’s viscosity, 
and « is its thermal diffusivity. The onset of convec- 
tion occurs when Ra reaches a critical value Rag which 
depends on the nature of the top and bottom bound- 
aries. For rigid, isothermal boundaries, Rac = 1708. 
For a rectangular cell with the same boundaries, the 
flow appears as a pattern of straight convection rolls 
oriented parallel to the short side of the cell, with a 
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Figure 1. A schematic illustration of Rayleigh—Bénard convec- 
tion. A fluid layer is bounded above and below by plates separated 
by a distance d, with the bottom plate at a temperature higher 
by AT than the top plate. When AT is below a critical value, 
there is no flow (a), but when AT is higher than the critical value, 
convective flow develops in the form of parallel, counter-rotating 
convection rolls (b). 


wavelength equal to 2.016d. This situation is shown in 
Figure 1(b). 

Heat transport in a convecting fluid is measured by 
the Nusselt number Nu, defined as Nu = Aegr/A, where 
A is the thermal conductivity of the fluid and Aegf is 
the effective thermal conductivity taking into account 
the heat transported by the flow. The Prandtl number, 
Pr=v/k, affects the dynamics of the flow pattern above 
onset. 

The onset of Rayleigh—Bénard convection is an 
example of a bifurcation from a uniform (no-flow) 
state to one characterized by a spatial pattern. It can 
be described by the Ginzburg—Landau equation, which 
can be derived from the full equations describing 
the system. For the case of two rigid, isothermal 
boundaries, the system is up-down symmetric and the 
bifurcation is a supercritical pitchfork bifurcation. If we 
define ¢ = (Ra — Rac) /Rag, then the bifurcation occurs 
at ¢ =0. The Ginzburg-Landau equation predicts that 
close to onset, the amplitude of the convective flow 
field will grow as ¢!/?, while the correlation length of 
the pattern (the length scale over which the amplitude 
changes) behaves as ¢~!/?. These predictions have 
been confirmed experimentally. 

If the up-down symmetry of the system is broken, 
either by making top and bottom boundaries different 
or due to a variation in the fluid properties with temper- 
ature across the cell (non-Boussinesq effects), then the 
symmetry of the bifurcation is also broken and convec- 
tion appears via a subcritical bifurcation. In this case, 
the convection pattern at onset takes the form of an array 
of hexagonal cells (see photo of atmospheric hexagonal 
convection cells on page 3 of color plate section). 

Above onset, the straight-roll pattern is stable within 
a range of wave numbers and Rayleigh numbers. The 
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Figure 2. Spiral defect chaos visualized in a convection 
experiment in a pressurized gas. Spiral defect chaos is a 
time-dependent steady state that appears near onset at low 
Prandtl number. Here dark regions indicate upflow and light 
regions indicate downflow. (Image courtesy of S.W. Morris.) 


range of stability (known as the “Busse balloon”) is 
limited by a variety of secondary instabilities which de- 
pend on Pr. The original straight—roll pattern becomes 
unstable to perturbations in phase or amplitude which 
lead to new flow patterns, which can have different wave 
numbers, orientations, and symmetries. Certain of these 
secondary instabilities can make the flow pattern two- 
or three-dimensional or time dependent. 

In larger systems, when the size of the system 
becomes much greater than the correlation length of the 
pattern, the convection patterns are more complex than 
ideal straight rolls. The tendency of the rolls to orient 
perpendicular to the sidewalls results in patterns with 
curved rolls and a spatially varying wave number. Even 
close to onset, defects and localized instabilities can 
lead to time-dependent patterns. At low Pr, a transition 
to a complex, spatiotemporally chaotic state known 
as spiral defect chaos occurs (Figure 2). Interestingly, 
spiral defect chaos exists in exactly the regime where 
ideal straight rolls are expected to be stable, and 
experiments have shown that the two states can coexist. 
This suggests that there are two stable states in this 
regime, with different basins of attraction. Spiral defect 
chaos is obtained for most conditions, while specially 
chosen initial or boundary conditions are required to 
obtain ideal straight rolls. 

At high Ra, the convective flow becomes turbulent. 
In this case, most of the temperature drop occurs 
in boundary layers near the top and bottom plates 
of the cell. Coherent plumes of hot and cold fluid 
can form at the lower and upper boundary layers, 
respectively, and a coherent large scale flow can exist 
in the convection cell. Simple theories based on the 
stability of the boundary layers predict that heat flow for 
turbulent convection should scale as Nu ~ Ra!/3, while 
more sophisticated models give different values of the 
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exponent. Recent research indicates that the exponent 
is itself a function of Ra. 

There are many variants of Rayleigh—Bénard 
convection that have been studied in an effort to 
elucidate particular aspects of nonlinear dynamics. 
In appropriately chosen binary mixtures, one can 
obtain traveling-wave convection patterns. Thermal 
convection in anisotropic materials (e.g., liquid 
crystals) also leads to complex dynamics. Convection 
with an imposed mean flow has been used to study 
the transition from convective to absolute instability. 
Convection with rotation exhibits spatiotemporally 
chaotic patterns close to onset. 

Joun R. DE BRUYN 


See also Bifurcations; Pattern formation; Turbu- 
lence 
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THERMO-DIFFUSION EFFECTS 

In fluid mixtures, a temperature gradient can drive 
a concentration current or generate a concentration 
gradient depending on boundary conditions. This 
thermo-diffusion effect—nowadays referred to as the 
Soret effect or Ludwig—Soret effect—was first reported 
by Carl Ludwig in 1856 and by Charles Soret in 
1879. They observed an increase (decrease) of salt 
concentration at the cold (hot) end of a tube filled 
with salty water (Ludwig, 1856; Soret, 1879). The 
reciprocal effect that a concentration gradient drives a 
heat flow or generates a temperature gradient was first 
reported by Louis Dufour in 1872 for gas mixtures ina 
porous medium. Theoretically, these and similar effects 
are most conveniently captured within the Onsager 
theory of irreversible macroscopic processes, in which 
generalized thermodynamic forces and resulting fluxes 
are linearly related to each other (de Groot & Mazur, 
1962; Landau & Lifshitz, 1959). 

In the last 20 years or so, it has become clear that 
the linear Soret effect plays a dominant role in the 
nonlinear behavior of convective pattern formation in 
binary fluid mixtures (Platten & Legros, 1984; Cross 
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& Hohenberg, 1993; Liicke et al., 1998). Consider 
the typical Bénard configuration of a horizontal fluid 
layer of height d that is heated from below in a 
homogeneous gravitational field, g = — g e,. Strongly 
heat-conducting impermeable horizontal plates impose 
a vertical temperature difference (AT >0) such 
that T=Tp+AT/2 at z=4d/2. To is the mean 
temperature of the fluid layer. At small AT, the laterally 
homogeneous quiescent conductive state is stable with 
the linear temperature profile Teona(z) = To — AT z/d. 
In a mixture like, for example, ethanol dissolved in 
water, this conductive temperature gradient generates 
as a consequence of the Soret effect a concentration 
gradient, so that 








Ccond(z) = Co + SrCo(l — Co)ATz/d. (1) 


Here, C=p;/(p; +2) is the mass concentra- 
tion of the solute which is in our example the 
lighter component. Co is its mean, Sy the Soret 
coefficient, and kr =T)Co(1—Co)Sr the thermo- 
diffusion ratio. The Soret coupling between tem- 
perature and concentration fields (cf. below) is 
most conveniently measured in terms of the separa- 
tion ratio W = — SrCo(1 — Co) B/a = — (kr/To)B/a. 
Here, a and # are the thermal and solutal ex- 
pansion coefficients of the total mass density 
pit p2=p= poll —a(T — To) — B(C — Co)] of the 
mixture for small deviations of T and C from their 
means. Positive Sy corresponding to negative y (for 
mixtures such as ethanol-water where a and £ are pos- 
itive) implies a concentration increase (of the lighter 
component) near the cold upper plate and a decrease 
near the warmer lower plate and vice versa for Sr <0 
(wv > 0). Note that in experiments, y can easily be var- 
ied, say, between — 0.6 and 0.25, by varying Tp and Co. 
Convection is described by the balance equations 








V-u=0, (2a) 
(0, +u-V)u= 

oV°ut Ro (65T +5C)e,—Vp, (2b) 
(a, tu-V)T = V°T, (2c) 





( fu-V)C = LV?C—LYV?T (2d) 


for mass (2a), momentum (2b), heat (2c), and concen- 
tration (2d) in the Oberbeck—Boussinesq approxima- 
tion. 5T and 5C in (2b) denote deviations from the mean 
To and Co, respectively. Lengths are scaled with d, time 
with the vertical thermal diffusion time d2 /k, and the 
velocity field w= (u,v, w) with «/d, where x is the 
thermal diffusivity of the mixture. Temperatures are re- 
duced by AT, concentration by ATa/f, and pressure 
p by po(k/d)?. 

The Dufour effect that provides a coupling of 
concentration gradients into the heat balance is 
discarded because it is relevant only in a few gas 
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mixtures and possibly in liquid mixtures near the 
liquid—vapor critical point. 

Besides the Rayleigh number R = (agd?/vx)AT 
measuring the thermal driving force, three additional 
numbers enter into the field equations: the Prandtl 
number o = v/k, which is of order 10 for ethanol— 
water mixtures at room temperature, the Lewis number 
L=D/k ~0.01, and the separation ratio y. Here, v 
denotes the kinematic viscosity and D the concentration 
diffusivity. 

The concentration field is responsible for the 
significantly larger complexity of binary mixture 
convection compared with pure fluids. It causes 
the richness of spatiotemporal properties of the 
convective structures, of the bifurcation behavior, and 
of the transient growth of convection. The Soret- 
generated concentration variations 5C influence the 
buoyancy, that is, the driving force for convective 
flow in (2b). The flow in turn mixes by advectively 
redistributing concentration. This nonlinear advective 
mixing in developed convective flow is typically much 
larger than the smoothing by linear diffusion—the 
Péclet number measuring the strength of advective 
concentration transport relative to diffusion is easily 
of the order of a few thousand. Thus, the concentration 
balance is strongly nonlinear giving rise to boundary 
layer behavior and strongly anharmonic concentration 
field profiles in the horizontal direction, as in 
Figure 1. In contrast, the momentum and heat balances 
remain weakly nonlinear close to onset as in pure 
fluids, implying only smooth and basically harmonic 
variations, ~ e'**”, as the critical modes (cf. Figure 1). 

To summarize, the feedback interplay among 
(i) the Soret-generated concentration variations that are 
sustained against mixing and diffusion by externally 
imposed and internal temperature gradients, (ii) the 
resulting changes in the buoyancy, and (iii) the strongly 
nonlinear advective transport and mixing causes binary 
mixture convection to be rather complex not only 
with respect to its spatiotemporal properties but also 
concerning its bifurcation behavior. 

Take, for example, y <0, where the Soret-induced 
separation requires higher heating to destabilize the 
conductive state than for a pure fluid characterized by 
w =0 (for a review of the multitude of convection 
states appearing for destabilizing positive y see, for 
example, Huke et al., 2000). Then the off-diagonal 
coupling between solutal buoyancy and advection 
of Soret-induced concentration variations described 
above generates oscillations—traveling waves (TWs) 
of horizontally propagating rolls occur via a subcritical 
Hopf bifurcation whenever w is sufficiently negative. 
The bifurcation properties of such oscillatory TW states 
are shown in Figure 2 for different y as a function 
of the reduced Rayleigh number r=R/R9, where 
R° = 1707.76 marks the convective onset in pure fluids. 
With increasing flow intensity (Figure 2a), the fluid gets 
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Figure 1. Evolution of convection after perturbing the quiescent 
conductive state. The concentration distribution in a vertical 
cross section of the fluid layer is displayed by color-coded 
plots where highest concentration was initially at the top, and 
lowest at the bottom. Wave profiles at midheight, z=0, are 
shown for the fields of vertical velocity w (thin lines), 405T 
(lines with triangles), and 4006C (lines with squares). The final 
TW propagates to the left. Parameters are L=0.01, o = 10, 
w =— 0.25, r = 1.42, and wavelength A = 2. For better visibility 
two wavelengths are shown. (This figure is also reproduced on 
page 3 of the color plate section.) 


more mixed while simultaneously the TW frequency 
decreases (Figure 2b) as the flow intensity and the 
Nusselt number (Figure 2d) approach the pure fluid 
reference values. Here the mixing is measured by the 


reduced spatial variance M =,/ (6C?) /(6C2,,,) of 
the concentration. 

Figure 1 shows the complex spatiotemporal con- 
centration redistribution during the growth of oscilla- 
tory convection at slightly supercritical heating. The 
growth starts generically from perturbations of the con- 
ductive state that contain the two critical Hopf modes 
for counterpropagating TWs with roughly equal ampli- 
tudes. First, they linearly superimpose to form SW-like 
oscillations of growing amplitude with the large Hopf 
frequency. But then they compete via nonlinear advec- 
tion with each other; at a critical SW amplitude, ad- 
vective breaking of the concentration wave triggers a 
very fast flow-induced transition from SW to TW con- 
vection with anharmonic profile, large phase velocity, 
and large amplitude of the concentration wave. Finally, 
advective mixing and diffusive homogenization slow 
down the TW as the concentration differences between 
left and right turning rolls slowly decrease. 

In mixtures with sufficiently negative wy, there 
are also uniquely selected stable LTW states of 
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Figure 2. TW bifurcation diagrams for different Soret coup- 
ling strength yw: (a) squared maximal vertical flow Wrrax 
(b) frequency @, (c) degree of mixing 1 — M, and (d) convective 
contribution to the Nusselt number N — | vs reduced Rayleigh 
number r. Stable (unstable) TW states are marked by filled (open) 
symbols. Arrows mark Hopf thresholds rosc for onset of TW 
convection. The y = 0 pure fluid limit is included in (a) and (d) 
by the dashed line. TW states on the vertical line are discussed in 
more detail in Hollinger et al. (1997). Only states in the shaded 
region of (a) are weakly nonlinear. Parameters are L = 0.01, 
o=10, anda =2. 


localized, that is, spatially confined, TWs. They occur 
at small subcritical heating where extended TWs 
cannot exist and where the conductive state is strongly 
stabilized by the Soret effect. Such a strongly nonlinear 
LTW (Figure 3) is robustly sustained by a complex 
concentration redistribution process. Therein flow- 
induced mixing locally reduces the Soret separation and 
thereby increases the buoyancy to levels that suffice to 
drive well-mixed fluid flow there. In Figure 3, positive 
(negative) 5C is sucked from the top (bottom) boundary 
layer into right (left) turning rolls as soon as they 
become nonlinear under the trailing LTW front. This 
happens when the vertical velocity w roughly exceeds 
the local phase velocity vp (left arrow in Figure 3b) so 
that regions with closed streamlines appear (Hollinger 
et al., 1997; Liicke et al., 1998). Within them “dark” 
(“gray”) concentration is transported predominantly in 
the upper (lower) part of the layer to the right. Mean 
concentration, on the other hand, migrates mostly to 
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Figure 3. Broad LTW of length /=17.4: (a) Concentration 
deviation 5C from global mean (pale gray) in a vertical 
cross section of the layer. (b) Lateral wave profiles at 
midheight, z=0, of 5C (gray), vertical velocity w (black), 
and its envelope. At the arrows, Wmax=Up. (c) Mixing 
number M (gray) and phase velocity vp (black). The variation 
of the wavelength A(x)=27vp(x)/w is the same because 
the LTW frequency w is a global constant. (d) Time 
averaged deviations from the conductive state at z=— 0.25 
for concentration (upper), temperature (lower), and their 
sum ((b)) measuring the convective contribution to the 
buoyancy. (e) Streamlines of time averaged concentration current 
(J) = (udC—LV(6C—wéT)) (gray) and velocity field 
(wu) (black). The latter results from (b) and documents roll 
shaped contributions of (uw) (5C) to (J) under the fronts 
and the associated (5C) redistribution. Thick black and gray 
arrows indicate (u) and transport of positive 5C (alcohol 
surplus), respectively. Thus, in the lower half of the layer, 
negative 5C (water surplus) is transported to the right. Parameters 
are L=0.01, 0 = 10, w=— 0.35, r = 1.346. (This figure is also 
reproduced on page 3 of the color plate section.) 


the left along open streamlines that meander between 
the closed roll regions and that follow the global mean 
in Figure 3a. The time-averaged current of 5C (gray 
lines in Figure 3e) reflects the mean properties of this 
transport. Since positive and negative (zero) 5C is 
transported away from (towards) the left trailing front, 
mean concentration accumulates there and causes a 
strong drop of M(x). In the same way, the leading 
front’s concentration varies and with it, M(x) are 
strongly increased even beyond the conductive state’s 
values. Thus, unlike TWs, LTWs do not reach a balance 
among 6C injection, advective mixing, and diffusive 
homogenization on a constant level of small M. Rather 
LTW rolls collapse under the leading front when vp has 
grown up to w (right arrow in Figure 3b). Thereafter, 
concentration is discharged and sustains ahead of the 
leading front a barrier of (SC) that prevents the 
expansion of the conductive state into the LTW. 

M. Licke 
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See also Thermal convection 
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THETA FUNCTIONS 

The n-dimensional theta function is a function of 
n+n(n+ 1)/2 complex variables, 0(z|t). The first n 
coordinates form a vector in an n-dimensional complex 
space Z = (Z1,..., Zn) while the remaining n(n + 1)/2 
variables are entries in a symmetric n-dimensional 
matrix tx; (i,k=1,...,n). The theta function is 
defined by a Fourier series as 


A(z|t) = ¥: elim! +2inzm'} 
meZ" 


where the n-tuple summation runs over the whole n- 
dimensional set of integers Z”, and the imaginary part 
of the matrix t is supposed to be positive definite 
to provide convergence of the series. The defining 
properties of the theta function are its periodicity and 
modular properties. The periodicity property is given 
by the relation 


O(z+ex|t) = O(z|t), O(z+ext|t) 


=e -2iMO(z]7), k= 1,...,N, 


THETA FUNCTIONS 


where only the kth component of the vector ex is non- 
zero and equal to unity. 

Consider the modular group I’ the group of all 
2n x 2n integer matrices y such that y Jy’ = J where 


_ (0 In 
i= (i 0 ) 
and 1, is the unit n-dimensional matrix. Under 


the action of the modular group, the theta-function 
transforms as 


€ 
oe J/detM (tr) 


in a 
exp) 5 u 2th detM (x) 6 (z'|t’), 
ik= 


where 


M(t) = ct +d,2z' = (at +d)"!z, 


_ (ab 
Y= c dj)’ 
t= (at+b)(cr +d), 


a,b,c,d aren x n matrices and 8 = 1. 

The theta functions are introduced to construct 
modular functions in t-variables of order k defined 
to satisfy f(y o t)=det(ct +d) f(t) and abelian 
functions in z-variables. Abelian functions F(z) 
are functions of n complex variables with 2n 
complex periods, 7;,i=1,...,2n, F(z+7;) = F(z). 
The advantage of using theta functions to define 
modular and abelian functions comes from the rapid 
convergence of the theta-series. 

The most important class of abelian functions are 
abelian functions whose t-variables are constructed 
from an algebraic curve X of genus n, given by a 
polynomial equation P(A, ~)=0. The introduction 
of local coordinates turns X into a one-dimensional 
complex analytical variety called the Riemann surface 
of the curve X. The Riemann surface of genus 
n can be topologically described as a sphere with 
n handles. It is always possible to draw, on such 
a torus, a basis of 2n-cycles aj,...,dn3b1,...,bn 
with intersection numbers aj 0aj=bj;obj; =0 and 
aj 0 bj = — bj 0 a; = 4;;, where o means intersection of 
corresponding cycles. 

Differential and integral calculus can also be de- 
veloped on X. In contrast to the case of an extended 
complex plane, or Riemann sphere, which can be con- 
sidered as a Riemann surface of genus zero, there ex- 
ists n linearly independent holomorphic differentials 
dw ,...,dw, which can be normalized by the condi- 
tions bg dw; =45;x. The period matrix t of the curve 
is then given by tj, = G4 dw;. Meromorphic differen- 
tials dw x, that is, differentials with poles of order k, 


THRESHOLD PHENOMENA 


can be also defined on X; usually these differentials are 
normalized by the condition bay da, =0,/= 1,...,n. 

The abelian function u(t)=u(t,...,t) of n 
complex variables associated with the curve X of genus 
n is then defined as 


a? “ 
tl,...,tm) = —2—~ logdé Uxtk + Uolt ) +, 
u(t n) an g » tk | c 


qd) 


where the vector Ux is the vector of b-periods of 
the normalized meromorphic differential dw;,, Up is a 
vector through which initial data are introduced and c 
is a constant. 

The most developed case is the case of hyperelliptic 
curves, when the polynomial P is given by 


2n+1 


PQ,mw) =n —- TT A-rw), 
k=1 


where n is the genus and the branching points 
dp, kK=1,...,2n+1 are supposed to be distinct. 
The holomorphic differentials described above are 
given in this case by the formula du; =)k- lda/p, 
k=1,...,n.In the case n = 1, the abelian function of 
the curve is the well-known elliptic function. 

The remarkable role of @ functions in the spectral 
theory of the Schrédinger equation was discovered by 
Its & Matveev (1975). Consider the spectral problem 


2 
{aa - uc] Was A, w) = AWC A Ww), 
ax? 

where u(x) is smooth and real potential, Y(x; A, 1) is 
an eigenfunction, and A is the spectral parameter. Sup- 
pose that the spectrum consists of n + | continuous seg- 
ments [A,, Az], ..., [Aan +1, 00 ]. Then the potential is 
given by the formula (1) with t; = x and % = const for 
k > 1, while the eigenfunction V(x; A, 1) is given by 
the formula 


OM dw + Usx + Uol) 


(00,00) 


0 (Uzx + Uo|t) 








W(x; A, WL) a 


QA.) 


x exp 4.x dan(A,H)¢, (2) 


(40,0) 


where C is a normalizing constant, dw (A, 2) is the 
second kind abelian differential with second-order pole 
at infinity and zero aj-periods, U2 is a vector of b;- 
periods of dw2(A, jz), and the constant vector Up and 
point (Ao, 40) are defined by initial conditions. The 
isospectral deformation of the potential u(x) when 
the second variable t2 =+¢ in formula (1) is switched 
on, while other variables t,,k >2 remain constant, 
turns the function u(x,t) into the n-gap solution of 
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the Korteweg-de Vries equation. Equations (1) and 
(2) form the foundation of the theory of finite-gap 
solutions of soliton equations. In the limit when 
the branch points collide in pairs, Ao, ~ 1 > Arg 
k=1,...,n, these formulae become N-soliton formu- 
lae. Krichever (1977) generalized the whole theory to 
other soliton equations and nonhyperelliptic curves. 
Introductions to the subject are given in Farkas & Kra 
(1998) for the theory of Riemann surfaces, Novikov, 
Chapter 11 in Zakharov et al. (1980), Dubrovin 
(1981). Mumford (1983, 1984) for theta functions and 
completely integrable equations, and Belokolos et al. 
(1994) for algebro-geometric methods of integration of 
nonlinear equations. 
Victor ENOLSKII 


See also Elliptic functions; Inverse scattering 
method or transform; N-soliton formulas 
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THREE-BODY PROBLEM 
See N-body problem 


THREE-WAVE INTERACTION 


See N-wave interactions 


THRESHOLD PHENOMENA 


Defined in the dictionary as an “intensity below which a 
mental or physical stimulus cannot be perceived and can 
produce no response,” the term threshold has deep roots 
in our language, representing a collective awareness 
of strong nonlinearity. Above threshold, the effect of 
a stimulus changes dramatically from that below, as 
is indicated by such common phrases as the “tipping 
point” and the “last straw.” Examples of threshold 
phenomena abound in physics, engineering, nonlinear 
mathematics, chemistry, biology, and neuroscience. 
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Applications of the Threshold Concept 

In nonlinear optics, the threshold for laser oscillation 
specifies a level of pump power below which only a 
small amount of incoherent light is emitted from the 
laser, while above threshold a brilliant, highly directed 
beam of output light is observed. Beginning with the 
wall switch, electrical engineers have devised many va- 
rieties of threshold circuits that change rapidly from 
one voltage level to another when an input variable ex- 
ceeds a certain value; indeed, a digital computer can be 
viewed as a large collection of interacting threshold de- 
vices. Also the threshold logic unit (TLU), comprising 
a switch with input channels having adjustable weights, 
is a useful component of learning systems for pattern 
recognition (Nilsson, 1990). 


H(x - Xo) 


Xo x 


Figure 1. A Heaviside step function. 


THRESHOLD PHENOMENA 


Mathematical representations of switching devices 
often involve the Heaviside step function, 


H(x — xo), 


a generalized function that is zero for x < xo and one for 
x > xo, Where xo is the threshold as shown in Figure 1. 
In phase space models of nonlinear dynamic systems, 
one often finds a separatrix, or critical surface across 
which solution trajectories have very different behav- 
iors. Noting this, mathematician cum meteorologist 
Edward Lorenz famously asked: “Does the flap of a but- 
terfly’s wings in Brazil set off a tornado in Texas?”—not 
only coining a dramatic metaphor for threshold phe- 
nomena and launching modern studies of chaos, but 
also leading philosophers to examine what is meant by 
causality. Is it only the /ast straw that should be blamed 
for breaking the camel’s back? Or are ail the straws that 
were loaded onto the beast to some degree complicit? 

In the realms of physical chemistry, a reaction- 
diffusion (excitable) system rests quietly until stimu- 
lated above its threshold for self-supporting activity, 
whereupon traveling waves, spirals, and scroll waves 
are typically observed to emerge. In biology, examples 
of threshold phenomena include the germination of a 
seed at a critical (threshold) level of ambient moisture 
and the insemination of an ovum, in addition to the 
birth of life itself from the chemical components of the 
Hadean oceans some 3.5 billion years ago. 
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Figure 2. Threshold action in a branching region of a squid giant axon. The interpulse interval is slightly longer in (c) than in (b). 
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Threshold Effects in Neuroscience 

As one would suppose from introspection, the field of 
neuroscience offers many examples of threshold phe- 
nomena which have become known since the obser- 
vation of “all-or-none” response of a neuron was pro- 
posed by Edgar Adrian in 1914 (Adrian, 1914). This 
threshold behavior of a neuron was used by psychi- 
atrist Warren McCulloch and mathematician Walter 
Pitts in 1943 to formulate the first computer model 
of the human brain McCulloch & Pitts (1943). Their 
model assumes each neuron to be represented by a sin- 
gle Heaviside step function, which jumps from the off 
(zero) to the on (one) state when a linear sum of input 
(dendritic) signals exceeds a threshold value. In 1958, 
Frank Rosenblatt introduced the “perceptron” which 
employs TLUs as the basic emenents of a brain model 
(Rosenblatt, 1958). 

Recent studies of dendritic dynamics suggest far 
greater complexity, with the possibility of threshold 
effects occurring at the branching regions of incoming 
fibers (Stuart et al., 1999). In Figure 2 are displayed 
some experimental measurements of nerve impulse 
transmission through a branching region in the giant 
axon of a squid (Scott, 2002). Figure 2(a) shows 
the geometry of the preparation (not to scale), indi- 
cating the electrode positions where upstream (B) 
and downstream (A) recordings were made. The 
preparation was stimulated with two pulses, which 
are seen in the upper traces of both Figures 2(b) 
and 2(c). In these experiments, the spacing between 
the two incoming impulses was under experimental 
control, and below a certain threshold value of 
this impulse interval—that shown in Figures 2(b) 
and 2(c)—it is seen that the second impulse no 
longer makes it through. Besides interpulse interval, 
several other neural parameters can result in such 
a threshold effect, including branch geometry, ionic 
concentrations, fatigue, and narcotization level. 

As the dendrites of many neurons are known to carry 
active impulses (action potentials) (Stuart et al., 1999), 
it appears that the branching regions of dendrites can 
act as threshold devices (switches), greatly increasing 
our estimates of the ability of a neuron to process 
information (Scott, 2002). 

ALWYN Scott 


See also Butterfly effect; Excitability; Flip-flop cir- 
cuit; Lasers; McCulloch-Pitts network; Multiplex 
neuron; Nerve impulses; Phase space; Reaction- 
diffusion systems 
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TIME-SERIES ANALYSIS 


Predicting total eclipses of the moon or the sun is an 
art that dates back to mankind’s oldest civilizations. 
Nonetheless, it represents a class of very modern 
analytic tools: the analysis of time-series data. A time- 
series is a set of measurements s,, 2 =1,..., T, whose 
index n refers to the time t when the measurement 
is recorded by nt =¢, Tt is the sampling interval. For 
time-dependent phenomena, this index carries part of 
the information which is destroyed, for example, by 
a random reshuffling of the temporal order of the 
measurements. If one wishes to make use of this 
property in data analysis, particular statistical methods 
are required which are able to characterize temporal 
correlations inside the data. Typical goals in time-series 
analysis are predictions, data classification, signal 
manipulation, and system identification. 

Today’s technical facilities for data acquisition and 
data storage call for efficient time-series tools. To 
mention a few examples, in medicine (particularly 
cardiology and neurology), there is a need for 
automated diagnostics (i.e., data classification). In 
finance or weather and climate research, data- 
driven prediction methods are relevant, since model 
equations are either lacking (economy) or expensive 
to solve (weather). In modern telecommunications 
and automatic speech recognition, noise reduction is 
an essential issue, where time-series analysis should 
supply the background for signal separation. 

The above examples show that unlike data of 
the positions of the planets, whose analysis enabled 
Johannes Kepler to derive the laws of planetary 
motion, modern time-series problems are concerned 
with data that have a complicated, strong aperiodic 
component. All data analysis methods start from some 
paradigm about the origin of the observed signatures 
and irregularities. This background is indispensable 
for a sound interpretation of the statistical quantities 
thus obtained, or for an estimate of the validity of 
the consequences drawn from the results. However, 
the large number of different approaches in time-series 
modeling supplies a corresponding diverse set of time- 
series analysis methods. We focus here on the two most 
general approaches, both of which represent a whole 
theoretical framework and not just a particular aspect. 

Linear stochastic models are a well-developed class 
of time-series models. Being linear, their properties 
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can be fully and rigorously derived from their model 
equations. However, in order to generate aperiodic 
time-series data, such models require stochastic inputs. 
Auto regressive models AR(M), 


M-1 


Sn41= > akSn —k + En, 


k=0 


where &, is Gaussian distributed white noise 
((&1&m) = 61,m) with unit variance, represent the time 
discretized motion of the superposition of M/2 damped 
harmonic oscillators driven by noise, if the coefficients 
a; fulfill certain stability conditions. The output is 
therefore characterized by M/2 frequencies and the 
corresponding damping coefficients, such that a spec- 
tral analysis is the most suitable analysis tool (See Spec- 
tral analysis). Thus, AR-models are suitable for data 
sets that have a few pronounced peaks in their power 
spectrum. If the observed power spectrum instead is 
broad band, another linear model, the moving average 
model MA(N), can be more reasonable: 


oA 
sezt= So brbanks 
k=0 


where &, is again white Gaussian noise. Notice that 
there is no feedback of the observable s, so that 
this model just averages over the independent noise 
inputs and hence creates colored noise. In the limits 
N,M-— ov, both model classes are equivalent. For 
practical purposes where a small number of coefficients 
is desirable, a combination of both, the ARMA(M,N)- 
model, is often used. The coefficients of such models 
can be fit to observed data, for example, by solving 
least-squares problems (Box & Jenkins, 1976). 

The well-known sunspot number time series of 
solar activity with its pronounced 11-year period 
can be well captured by an AR-model. ARMA 
models are also rather suited to describe many noise- 
dominated signals such as sound emission signals 
in technical environments, and they are used to 
model single phonemes of human speech in automatic 
speech recognition systems. ARMA-models are hence 
employed for data-driven predictions and signal 
classification tasks. They are often useful if the signal is 
either dominated by some few frequencies or when it is 
really noisy. However, the linearity of the model behind 
translates into the fact that the observables should be 
Gaussian random variables themselves, and that all 
higher-order statistics beyond the power spectrum and 
the auto-correlation function are fully determined by 
either of these two. 

From many model systems and physical laboratory 
experiments arises a different class of sources for 
aperiodic time-series data: so-called chaotic dynamical 
systems. Aperiodicity here comes from intrinsic 
instabilities without random inputs, and nonlinearity 
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Figure 1. Sketch of the time-delay embedding procedure: The 
time series sy (plotted in the frontal plane) combined with its 
time shifted version (in the bottom plane) forms a sequence of 
vectors (the curve in space), whose projection along the time 
axis accumulates to a set of points representing (in this particular 
case) a strange attractor together with an invariant measure on it. 
The data are voltages measured in a chaotic electric resonance 
circuit. 


destroys the superposition principle, such that a Fourier 
decomposition of the signal is not useful. Higher- 
order statistics is not trivially related to second-order 
statistics. Instead of a statistical characterization, one 
would here try to reconstruct the deterministic and 
dynamic origin of the signal. 

If one assumes that a given experimental observable 
represents the deterministic dynamics in some non- 
observed and even unknown phase space, the concept 
of phase space reconstruction by embedding is needed: 
As proven by Takens (1981), the set of delay vectors 
obtained from a scalar time series by joining successive 
observations, Sy = (Sn, Sn—1, 8n—2, +--+; Sn—m-+1), iS 
equivalent to a set of phase space vectors of 
the underlying dynamical system, provided that 
the embedding dimension m fulfills m>2Dy (see 
Figure 1). Here, Dy is the attractor dimension of 
the underlying dynamical system (See Attractors; 
Dimensions; Fractals). Hence, successive vectors 
Sn are deterministically related to each other by an 
unknown function s, 4; = F'(s,,), which reduces to an 
unknown scalar function s, +1 = f (S,), since the other 
components of s, +1 are just copied from s,. 

In a practical analysis, one represents the time-series 
data in embedding spaces with increasing dimension 
m and searches for signatures of determinism. One 
model free approach for this is the estimation of 
the fractal dimension of the set of delay vectors in 
the embedding space, which should saturate at the 
value Dy for m> Dr. Of interest is predictability: 
one can try to extract the unknown function f (Sy) 
from the time series, by selecting a suitable model 
for f and then solving the least-squares problem 
YGn41- f(Sn))? = min, where the minimization is 
done with respect to parameters in f. In the simplest 
case, f is approximated by aconstant ina neighborhood 
of the actual observation s,. Then, the predictor is the 
average over the future values of all neighboring vectors 


TODA LATTICE 


Sk Of Sn, $n41=(Se41), Where ||8% — $,|| <e with 
some suitable norm and some suitably small ¢ (also 
called the “Lorenz method of analogues”). Regardless 
of how the function f is represented, the relation 
$n 41 = f (Sq) will yield only good predictions for s,, + 1 
if the embedding dimension m is large enough for the 
delay vectors to be equivalent to the unknown phase 
space vectors of the underlying dynamical system. 
In such an embedding space, the delay vectors form 
a finite sample according to the underlying invariant 
measure of the dynamical system, so that, in principle, 
all characteristics of the latter (Lyapunov exponents, 
entropies) can be determined (See Chaotic dynamics). 
Such methods have been successfully applied 
to many physical laboratory experiments, but more 
recently successful applications to real-world data have 
been reported, such as noise reduction for human voice, 
wind speed prediction for wind farms, diagnostics on 
human heart rate data, epilepsy prediction, and machine 
wear detection in technical production systems. The 
extension of the theory to noise-driven nonlinear 
systems and to nonstationary data has recently been 
tackled, but highly nonrecurrent data such as economics 
data will probably remain untractable. 
HOLGER KanTz 


See also Attractors; Chaotic dynamics; Dimen- 
sions; Fractals; Spectral analysis 
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The Hamiltonian system governing the longitudinal 
oscillations of a chain of unit point masses connected 
by identical springs is 

Gn = Pn, 

Pn = V'(dn41 qn) VW'Gn 





qn-1)s 

qd) 
where — V’ is the restoring force of the springs and gy, 
is the displacement of the nth mass from equilibrium. 
Morikazu Toda (Toda, 1981) introduced the potential 
(scaled here so that two physical parameters disappear) 


Vir)=e'’+r-1, (2) 
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and discovered explicit solutions of (1). He obtained 
periodic traveling waves, in terms of elliptic functions, 
and two-soliton solutions in terms of sech?. (The term 
(r — 1) makes V(r) ~ r2/2 for small r; it cancels out 
in the problems considered below.) 

This mass-spring chain is the Toda lattice. It is 
valuable as a solvable model of one-dimensional 
lattice dynamics; it is frequently used to illustrate 
fundamental constructions common to many integrable 
systems; and it appears, sometimes in surprising 
ways, in a variety of physical and mathematical 
problems. 


The Infinite and Periodic Lattices 


All the special properties of the Toda lattice flow 
from a Lax representation, L=[B, L], which implies 
that eigenvalues and certain other spectral data of L 
are independent of time. For many purposes, it is 
convenient to write L and B in new coordinates. With the 
definition 


—(n+1—In)/2 — 
ay = eM by =F Py, 3) 


the exponential nonlinearity in (2) becomes polyno- 
mial: 

Gn = An(bn — bn+1), bn =2 (a2_ = a?). (4) 
The standard Poisson bracket on gn, Py induces a 
(nonstandard) Poisson bracket on a,, b,, in which the 
only nonzero relations are 


{an, bn} = a 


1 
{an, bn+1} = Fan. (5) 
4 
The Lax operators are discretized Schrodinger op- 
erators with potentials a,,b,, acting on sequences 


Y=(.--,¥-1, 0, M,-- +)! 


(Lyn = Gn—1¥n—1 + On Yn + GnYn41, 
(BY)n = Gn—1Yn-1 — 4nYn+1- (6) 


A (finite or infinite) tridiagonal symmetric matrix, 
such as L, is called a “Jacobi matrix.” In terms of 
the shift operator Az, =Z,+41, which is a convenient 
abbreviation, 


L=Ala+b+ad, (7) 


where a and b are the diagonal matrices diag(a,), 
diag(b,). Constants of motion derived from the Jacobi 
operator L will be in involution, that is, they have zero 
Poisson bracket. 

Thanks to its Lax representation, methods used in 
the study of other soliton equations also apply to the 
Toda lattice. 


934 


The Bi-infinite Lattice with Decaying Initial Condition 
(Toda, 1981) 

According to (3), (¢n+1—4n) > 0 and p, — 0 trans- 
lates to ay > = b, — 0. The initial value problem is 
studied by a discrete version of the inverse scattering 
method. The unperturbed eigenvalue operator at n = 
+ o is Lo= 3(A7! + A), which has the bounded 
“plane wave” eigenfunctions y, = zg" |z|=1, forA= 
(z+z7!)/2€[-—1,1]. This relation between “en- 
ergy” A and “momentum” z is the analog of A =k? 
in the Schrodinger equation. The scattering matrix is a 
function of momentum and is defined on |z| = 1. Bound 
states may occur for 1 < — 1 and A > 1; these corre- 
spond to solitons moving to the left and to the right, re- 
spectively. In the absence of solitons (and with a certain 
condition on the reflection coefficient), the large-time 
behavior consists of a decaying wave train for |n/t| < 1, 
vanishingly small motion when |n/t| > 1, and a con- 
necting regime described by a Painlevé transcendent 
(Kamvissis, 1993). 

Constants of motion of the infinite lattice can 
be computed explicitly as Ik := Trace } (L* = Lt) (Lh 
removes a divergent term). The Hamiltonian equations 
generated by the J; are found by use of the Poisson 
bracket (5). 








The Periodic Lattice (Toda, 1981) 

The potential in the Lax operator is periodic, say, period 
N.As in the theory of Hill’s equation, one introduces a 
Floquet multiplier and Floquet solutions by imposing 
the condition 


YN-+n = PYn- (8) 


L and B then reduce to matrices: 


by a 0 aks po! an 
a 8 -@y ass 0 
L(p)=} 0 a » 
: an-1 
pan an-1 bn 
0 -a 0 p | ay 
a 0 —da2 0 
B(p) = 0 a2 
: —an-1 
—pan ... ... AN-| 0 


(10) 


The parameter p cancels from the Lax equation. The 
characteristic polynomial det(L(p) — AI) is a rational 
function whose coefficients are independent of time. 
The function p (A) obtained by solving the characteristic 
equation for p is defined on the A—plane with branch 
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cuts, and determines a compact Riemann surface. For 
Toda’s traveling wave, there are only two branch cuts; 
this fact is responsible for the occurrence of elliptic 
functions in his solution formula. 

Every energy surface is compact, so that the solution 
curves lie on tori; abstractly, these are the (real) 
Jacobian varieties associated with the Riemann surface. 
Action variables can be written explicitly as loop 
integrals. The solution of the periodic Toda lattice is 
expressed in terms of theta functions. 


The Free Toda Lattice and Lie Theory 


Many features common to integrable systems are 
illustrated by an example due to Jiirgen Moser. 


The Free Toda Lattice (Toda, 1981) 

Particles number 0 and (N+ 1) are pulled to —oo 
and-+ oo, respectively. (3) implies that aj7 =ay =0, 
and the corner entries in L(p) and B(p) disappear. The 
resulting matrices will be written simply as L, B. 

Springs governed by potential (2) resist compression 
and are encouraged to expand. Therefore, there 
will now be no confining force on the remaining 
springs. The masses move apart as t—> +o0, and 
behave asymptotically like free particles. As t > +00, 
(dn+1—4n) > ©, whence a, > 0, the matrix L(+) 
becomes diagonal, and the entries b, = p,/2 approach 
the eigenvalues of L(0). Thus, the eigenvalues are 
the momenta of the free particles. As t—>—o, 
these are arranged with the slowest particle farthest 
to the right; after interaction and a phase shift, the 
particles emerge as t—> +00 with the fastest to 
the right. This is soliton interaction reduced to bare 
essentials. The diagonalization of L(t) as t— +00, 
with the eigenvalues (momenta) ordered, is called the 
“sorting property,” and points to a connection between 
isospectral flows and numerical linear algebra. 

For tridiagonal L, the number of eigenvalues is 
exactly half the number of entries, and they suffice for 
integrability. Remarkably, the Lax equation L=[B, L] 
(with appropriate B), is completely integrable even 
when L is a generic symmetric matrix. The additional 
constants of motion required are constructed in 
Deift et al. (1986). The sorting property again holds; 
it is related to the QR diagonalization algorithm in 
numerical linear algebra. 

The free Toda lattice is perhaps the simplest in- 
tegrable system with a clear Lie-algebraic general- 
ization. If one sets Trace L=0 in (9), that is, total 
momentum = 0, then L belongs to s/y, the Lie algebra 
of N x N matrices with trace zero. Let {h;} be a ba- 
sis for the diagonal matrices in s/,y. The matrices e +; 
with a single 1 in the (i,i+1), resp, (+1, i) entry, 
and zeros elsewhere, are called “raising and lowering 
operators.” There are analogs of e+;, fj in the class of 
split real semisimple Lie algebras, such as the algebra 
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of symplectic matrices. The Lax pair, written as 
N-1 
L= )o[pihi + ai(e: + e-i)], 


i=l 
N-1 

B= >) ae +e), 
i=l 


makes sense in those algebras. In the correspond- 
ing generalized mass—spring systems, some parti- 
cles will be governed by modifications of (2) (Ol- 
shanetsky & Perelomov, 1994; Guest, 1997; Rey- 
man & Semenov-Tyan-Shansky, 1994; Semenov- 
Tyan-Shansky, 1994 a,b). 

The extension to Lie algebras is not just general- 
ization for sake of generalization. It illuminates con- 
crete matrix calculations. There is an abstractly de- 
fined Poisson bracket, the Kostant—Kirillov bracket, of 
which (5) is a special case. Hamiltonian equations with 
respect to this Poisson bracket always have the Lax 
form, X=[Y, X]. One of the fundamental properties 
of Lax equations, the representation of the solution by 
means of a factorization in the Lie group, is a general 
Lie-theoretic phenomenon that specializes to many dif- 
ferent integrable systems and, in particular, yields in- 
volutivity of the constants of motion TraceL* (Guest, 
1997; Semenov-Tyan-Shansky, 1994 a,b) 

For the free Toda lattice, the factorization method is 
simple linear algebra, but it already conveys the basic 
idea. 

Here, as well as later, it is convenient to redefine 


Gn+1)s On =—Pn- (11) 





An = exp(Gn 
In terms of the shift operator (7), L and B then become 
L=A‘a+b+A, B=-A™la. (12) 
(L=b+AorB=b+A will give the same L) Given 
the initial value L(0), write 
exp(tL(0)) = n_(t)”!d(t)ng.t) = n—(t) ba.) 
(13) 





with ni) upper/lower triangular having 1’s on the 
diagonal and d(t) diagonal; this is just Gaussian 
elimination. Then 


L(t) = D(t)L(O)b(t)~! satisfies L(t) = [B(), L@)], 
(14) 


where B(t) = L(t) is the upper triangular part of L(t). 
Similarly, one finds the solutions of the Hamiltonian 
equations generated by the constants of motion [x +1 
(referred to as “higher Toda flows”). One introduces a 
separate time variable t; for each of these systems and 
now factors exp(t,L(0)* ). The resulting L(t,) satisfies 
2 \peth 


with By = (L‘),. (15) 
ote 
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(L* arises because Vik41= L‘y. The simultane- 
ous solution of (15) is a multi-parameter flow, 
L(t),...,tw—1), on phase space (t; is the original 
t). Compatibility of these equations, that is, equal- 
ity of mixed partial derivatives of L, is equivalent 
to the involutivity of the J. For an infinite lattice, 
there are infinitely many equations (15), and infinitely 
many time variables t = (t), f2,...). Many soliton hi- 
erarchies have the same general form; for the higher 
KdV equations, for example, L= d?/dx? +u(x) and 
By = (LOK# D2) 

In Gaussian elimination, as in (13), dyy is known 
to be t/T—1, where t, is the upper left nxn 
minor determinant of exp[¢L(0)]. Tracing through the 
factorization steps, one finds the Hirota formula 


Tl (t)Tr—1(t) 


Gn(t) = an (0) , (16) 





T(t)? 
which implies 
a dst 
a, = qz nm by = apt a 


These t, are prototypes of a fundamental object in the 
theory of soliton hierarchies, the “t-function,’ which 
elsewhere occurs in far more complex settings. 

The t-functions have a representation-theoretic 
meaning. They are the matrix elements 


T(t) = (exp(tL(0)) e1 AerA-+-Aen | €1Ae2A- ++ Aen) 
(17) 


in the representation of the Lie group SLy on the n'® 
exterior power of R (totally antisymmetric covariant 
tensors of order n). This formula gives precisely the 
n X n minor determinant of exp(t(0)). The skew-vector 
e; A... Ae, is the highest weight vector of the 
representation; it is annihilated by all raising operators. 
One may think of it as a vacuum vector and of (17) as 
a vacuum expectation value. 


Loop Algebras and Affine Lie Algebras 


The lower/upper factorization (13), solution (14), the 
t-functions arising from the diagonal part in this 
factorization, and their interpretation in terms of group 
representations are fundamental features of integrable 
systems. The free Toda lattice affords a transparent 
illustration; more sophisticated versions of these ideas, 
set in other Lie algebras and groups, apply to a wide 
variety of equations. “Loop algebras” and “affine Lie 
algebras” are particularly useful in the theory of the 
periodic Toda lattice. 

The loop algebra, s/y, is an infinite-dimensional 
Lie algebra whose elements are trace zero matrices 
X(e) with entries that are polynomials in p and p7!. 
Such X(p) are called “loops,” because the mapping X : 
{|p| = 1} sly gives aclosed curve, that is, “loop,” of 
matrices. The Lie bracket is still the matrix commutator. 
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The Lax operators (9) and (10), for the periodic Toda 
lattice, belong to s/v. To solve the periodic Toda lattice 
by factorization, one prescribes the initial value A(p) 
of L(p) and seeks matrix functions g(t, 0) for which 


exp(tA(p)) = g_(t,p)'g4(t,p). (18) 


These gi(-,) are required to be analytic inside 
(resp. outside) the circle |p|=1; this is the analog 
of lower/upper in (13). The eigenvector v(A, p(A)) of 
A(p), which is a function on the Riemann surface 
det(A(p) — All) =0, determines g+(t, 0). The former 
is expressed in terms of theta functions; hence, so are 
g+ and alsoL= g+Agy! (Reyman & Semenov-Tyan- 
Shansky, 1994). 

To obtain the t-functions from a Lie algebra 
representation, one must introduce an extension of the 
loop algebra, the “affine” Lie algebra s/y. (Affine Lie 
algebras give the name to affine Toda field theory, 
described below.) 

The affine algebra has one extra element fi, which, in 
some respects, acts like an identity matrix. It has zero 
bracket with all loops; however, the ordinary matrix 
commutator in $/y is modified so that h can arise as 
a Lie bracket of loops. This would not be possible if 
h were truly the identity, since a matrix commutator 
[X(e), Y(e)] must have trace zero. The extended 
algebra contains loops that behave as annihilation and 
creation operators: they satisfy [af, ax] =h. Thanks 
to this modification, the familiar realization of the 
Heisenberg commutation relations by multiplication 
and differentiation operators becomes available in the 
study of representations of sly. 

The t-functions for the periodic Toda lattice are 
obtained as vacuum expectation values, analogous to 
(17), in certain representations of the affine Lie algebra; 
they turn out to be theta functions and again satisfy 
the Hirota equations (16). For the free Toda lattice, 
t-functions also arose from the diagonal factor in 
n_—dn. There is a similar factorization in the affine 
group SLy. This group and the diagonal factor in 
the lower/upper factorization are rather complicated 
objects. In particular, the determinant of d will be an 
infinite determinant. 

The matrices eo (resp. fo) with the corner elements 
pen, resp. plein in (9), (10) have an intrinsic 
meaning (they are raising resp. lowering operators 
in sly). Therefore, the periodic Toda lattice will 
generalize to the algebra of loops with values in a 
semisimple Lie algebra. 

An affine Lie algebra also provides the setting for a 
remarkable unification of two of the most important 
soliton systems, the Toda lattice and the Ablowitz— 
Kaup—Newell-Segur (AKNS) equations. From the 
solution a,(t), b,(t) of the Lax equations (15) for the 
infinite lattice, one can build functions g,(t), r,(t), 
which, for every n, satisfy the general AKNS 
hierarchy, with t; playing the role of x. For example, 
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the simultaneous solution a(t), £3), bn(t1, #3) of the 
Toda equations and the higher Toda flow generated 
by Trace L* will be transformed into solutions 
Gn(X, 03), n(x, t3) of the modified KdV (MKdV) 
equation. A kind of Backlund transformation (precisely, 
a Schlesinger transformation) connects gn, and 
Qn +1. Pn+1. AS a special case, solutions of the free 
Toda lattice correspond to soliton-like potentials for 
AKNS. 

This result can be obtained by operations on 
formal series, but the Lie-theoretic explanation is more 
illuminating (Bergvelt & ten Kroode, 1988). The 2 x 2 
matrix in the AKNS scattering problem depends on a 
(spectral) parameter and so belongs to the loop algebra 
sl. There is a representation of the affine extension 
sl in which the Heisenberg subalgebra, mentioned 
above, has infinitely many vacuum vectors killed by 
the af. The vacuum expectation values are the Toda r- 
functions t,, and the AKNS variables are determined 
by dn = —%+1/Ta. ln =Tn-1/Th- 


The Two-dimensional Toda Lattice 


The Toda-AKNS family has a sweeping generalization 
related to the Kadomtsev—Petviashvili equation (KP). 
It consists of four Lax equations which involve two 
infinite families of time variables, t, x,. A continuum 
limit of this system was encountered in the study of 
deformations of a two-dimensional oil—water interface 
(Hele-Shaw flow) and has revealed an integrable 
structure of conformal mappings. This is sketched in 
the next section. 

The operator L in (12) is replaced by a formal series, 
and a second operator M is introduced: 


L=A+ugptmA!+umA7+---, (19) 
M=A7!+ + Av, + Av. +--:. (20) 








The ux, vg are infinite diagonal matrices. Two of the 
Lax equations are 


aL k 
ae (Bx, L], Be = (L")4, 

aL 

Fae = [Ce Ul Ce = (M‘)_. (21) 
Xk 





The subscripts denote projections on the posi- 
tive/negative powers of A (analog of upper/lower trian- 
gular). In the other two equations, L is replaced by M 
(Ueno & Takasaki, 1984). 

Equations (21) specialize to the usual Toda lattice, 
the equations L = [B, L] for banded matrices L, and an 
extension of the Toda lattice in which the gq, depend 
on two variables. This is the “two-dimensional Toda 
lattice” (2DTL). 

The 2DTL is obtained as follows. The compatibility 
conditions of the two systems in (21) are “zero curva- 
ture equations.” With the abbreviations xj =x, t) =f, 
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the first of these is 
dB Oat 
—-——+4[B =0. 22 
Ay ag (22) 


Following the one-dimensional case (12), let B= 
— Ata and C=b + A. ay, by, still given by (11), 
are now functions of t and x. (22) becomes 


(Gn)x = Gn (On+1 — bn), (bn)t = an — An-1 


or 





Qn+1)- (23) 


A standard change of variables converts (q,)x; to the 
wave operator (gn )e~ — (Gn) rr- 

The free and periodic boundary conditions on the 
2DTL are of primary interest. The free boundary 
condition for 2 x 2 matrices B, C yields the Liouville 
equation 


(Gn) xt = eXP(Gn—1 Qn) exp(Gn 


axt + expg = 0. (24) 


Under the periodic boundary condition go = q2, q1 = 43, 
system (23) becomes the sinh-Gordon equation for 
O=Q-4H1, 

Ox, = —4sinh0, 


or, if g1, gz are taken to be imaginary, the sine-Gordon 
equation 
Oy = —4sin®O. 


Since the sine-Gordon equation is solved by the 
inverse scattering method, it is natural to introduce a 
spectral parameter ¢ and an eigenvalue problem for the 
N-component free 2DTL: 


YW =BO)Y, Wy =C(e)W. (25) 


Sine-Gordon theory, in which ¢—! appears, further 
suggests that for the free 2DTL 

Bo) =—-¢'Ata, Ci) =b+EA. (26) 
Compatibility of the two equations in (25) implies (22). 
The free 2DTL is referred to as “Toda field theory.” 

Periodic boundary conditions are handled by an 
adaptation of (26). ¢ is put in the lower left corner of 
C(c¢) and (71 an in the upper right corner of B(¢). 
The inverse scattering method can be applied to (25). 
Indeed, under two-periodic boundary condition, (25) 
is precisely the AKNS system used to solve the sine- 
Gordon equation. 

The periodic 2DTL is called “affine Toda field 
theory” (ATFT), because, as is the case for the one- 
dimensional periodic lattice, it is set in the context of 
loop and affine Lie algebras and groups. The structure 
of ATFT, however, is richer because of the new x— 
dependence. 

In complex coordinates t= w,x=W, ATFT is a 
system of elliptic partial differential equations which is 


937 


encountered in the theory of harmonic maps. Solutions 
of the sinh-Gordon equation define Riemannian metrics 
on surfaces z= f(x, y), (x, y) € U, of constant mean 
curvature 2. The Gauss map, which sends the unit 
normal vector to the unit sphere S?, is a harmonic 
map, meaning that it is a critical point of the “energy” 
cate Voll? dx dy of maps ¢: U > S?. (For real- 
valued maps, a critical @ is an ordinary harmonic 
function.) Solutions of the multi-component elliptic 
ATFT define harmonic maps into other symmetric 
spaces. A certain group of loops is the infinite— 
dimensional symmetry group of this 2DTL: given a 
solution of 2DTL and a loop, one can construct a 
new solution via a factorization problem (Guest, 1997; 
Fordy & Woods, 1994). 

In wave equation form, (gn )z¢ — (Gn)rr, the 2DTL 
equations are hyperbolic; they describe fields on 
two-dimensional Minkowski space. As a first step 
toward a quantum theory of these fields, one can ask 
whether they are conformally invariant. Conformal 
transformations scale the (indefinite) metric. In 
light cone coordinates x, =&+t1, they are given 
by (t4,2_) (f(s), f-@)) = (EF). Then 
(Gn)x,x_» the left side of (23), becomes 





Ok+ OX- ()z.3 ,abbrevieted J - qn)z,2 
aE, OF. qn)i,.%_ , abbreviate Qn)z,z_- 
(27) 


The 2DTL equations will be conformally invariant 
under a transformation of the fields, gn(x+) > Gn(X+), 
for which the right-hand side of (23) is also multiplied 
by J. 

The Liouville equation (24) is conformally in- 
variant if q transforms according to gre q+ InJ. 
The sinh-Gordon equation, whose right side is 
—2(exp(@) + exp(—©)), admits no such transforma- 
tion of © and is not conformally invariant. A particle 
described by sinh-Gordon theory has “mass”: if sinhO 
is linearized about the vaccuum state © = 0, one obtains 
O©x,.x_ = —40; the mass is 4/4. The sinh-Gordon equa- 
tion is a perturbation of the conformal Liouville field 
equation. For example, under the change of variables 
qt> O+ Ine, the equation 


2 
Qryx, = et tere, 


becomes the sinh-Gordon equation with mass /2¢. As 
¢ — 0, which recovers the Liouville equation, the mass 
tends to zero. Similarly, Toda field theory is confor- 
mally invariant, while affine Toda field theory is not. 
Affine Toda field theory is massive in the sense de- 
scribed. The actual fields of interest are linear combi- 
nations of the q, that are suitable for generalization 
to affine Lie algebras. This generalization is important, 
because the quantizations of ATFTs associated to differ- 
ent types of affine Lie algebras can have very different 
properties (Corrigan, 1999). 
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Continuum Limits 


There are two natural continuum limits of the Toda 
mass-—spring chain. Keeping both nonlinearity and 
dispersion to first order, one gets the KdV equation. The 
“zero dispersion limit” results in a hyperbolic system, 
called the “dispersionless Toda lattice.” 

The approximation leading to the KdV equation 
is taken in a right-moving coordinate system, so 
that the left-moving solitons of the Toda lattice 
disappear. The difference operator (6) becomes the 
Schrédinger operator, and the discrete Gel’ fand— 
Levitan—Marchenko inverse theory limits to the inverse 
scattering formalism for KdV (Toda, 1981). 

The zero dispersion limit retains only the quadratic 
nonlinearity. In the Toda equations dy) =4dn(bn — 
bn+1), bn =2 (a2_, = az), take g=ne and T =te. 
These are slow scales. With b,(T)~b(qg,T), the 
difference (by — bn +1) is approximately —e b,. The 
inconvenient minus signs are removed by redefining 
an, b,. One then finds the DTL equations 

ar =abyg, br = 2(a*)q. (28) 
There are again Lax equations. In the Toda eigenvalue 
problem (6), write exp(+ ¢0/dn) for the shift by + ¢, 
and assume a WKB ansatz for y,(T) ~ y(q, T), 








y(q. T) = exple~'S(q, T)]. 


In the WKB approximation to the Schrédinger wave 
function, Sg is the inverse wavelength, which is 
proportional to momentum, by the deBroglie relation. 
Set p=S,. Thus, p and q are canonically conjugate 
variables. As ¢ > 0, the eigenvalue problem Ly = Ay 
reduces to an eikonal equation, and y; = By becomes 
the time-evolution of the momentum Sq: 


L(p,q): = ale? +e") +b =A, 
a a 

PIES [a(e?—-e”)] := — B(p,q). (29) 
q aq 








The commutator [L,B] is replaced by the Poisson 
bracket with respect to p and q, and then 


L=({B,L} 


yields Equations (28). Their solutions may develop 
shocks, but as long as they are smooth, the dispersion- 
less limits of the Toda lattice constants of motion, J;, 
are constants of motion, say Hx, for (28). For example, 
Ya? +b?) > Ho(a, b) = f (2a? +b?) dq. 

For smooth solutions, the eigenvalue sorting 
property of the free Toda lattice remains valid. 
The “free” boundary conditions are a(q, T)=0 for 
q=0,q=1. Let ao(q), bo(qg) be the initial values. 
As T— 00, a(q,T)— 0, while b(g, T) tends to a 
decreasing function b*(q). The conserved quantities 
Hy have the same values for b* as for ao, bo, for 
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example, H2(ao, bo) = H2(0, b*). In this sense, the 
initial “matrix” ao, bo becomes diagonal, and the 
“eigenvalues” are sorted (Brockett & Bloch, 1990). 

The two-dimensional dispersionless Toda lattice 
hierarchy arises in an idealized model of viscous 
fingering in a Hele-Shaw cell. This sketch follows 
Kostov et al. 2001 and references therein. Two plates 
confine water (zero viscosity) and oil (viscous) in 
the complex z-plane. The water occupies a bounded 
region D, which is surrounded by oil in the exterior 
domain D_. There is a source of water at z=0 and 
a compensating sink for the oil at z= oo. The object 
is to find the motion of the interface I(t). Under 
some simplifying assumptions, the time development 
of I’ is governed by the “Laplacean growth equation” 
(LGE), so called because the velocity potential satisfies 
Ag=0. 

The shape of I’ is determined by the harmonic 
moments 


1 


th=—-— | z*dxdy, k>1, 
kw Jp_ 


1 
to = — x areaof D,. (30) 
1 


It is known that the t, are constant under the LGE, 
while the area fo changes linearly. One, therefore, takes 
to as time variable. Finding (fo) amounts to finding 
the time-dependent conformal map L(fo) from {w | 
|w| > 1} to {z | ze D_}. The dispersionless limit of the 
two-dimensional Toda hierarchy (21) enters when one 
allows the moments t = (ft), .. .) to vary and considers 
a family L(to, t) of conformal maps; the LGE is then 
recovered as a constraint on this family. 

The time-like variables t,x, in (21) are taken 
to be the moments f and their conjugates ft. The 
area fg plays the role of the spatial coordinate qg in 
(28); also set w= exp p. The conformal map L(w, t) 
and its conjugate £(w~!,#) are the dispersionless 
limits of L and M. The expansion of L in powers of 
A! becomes the Laurent expansion £(w) = const - 
wtuotujw !+.... The dependence of £, £ on 
the deformation parameters t, t is given by 


aL aL =< 
rae {Bx, L}, ran {Bx £}, GB) 


plus similar equations for £. As in (21), By is (LS) 4. 
The Poisson bracket is still {p,g}=1 or in the new 
notation, {In w, to} = 1. The Laplacean growth equation 
can be written in the form 


{L(w, to), L(w7!, t)} = 1, 


with all t,, % fixed. The constraint {-,-}= 1 is known 
as the “dispersionless string equation.” 
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Other Topics 


The topics chosen give only a hint of the importance of 
the Toda lattice and its generalizations. Other aspects 
and applications that deserve an expanded description 
include the following. 

The Toda mass-spring chain can model dispersive 
lattice shocks. Two unstretched halves of the lattice 
move toward each other at constant speed 2c. In 
the scattering problem, the boundary condition is not 
Din| +0, but by > Fc forn 2 0. The spectrum changes 
with c, and this is reflected in the shockwave behavior, 
which is analyzed by means of the powerful steepest 
descent method for Riemann-Hilbert problems (Deift 
et al., 1995). 

The quantized Toda lattice is solvable; the eigen- 
states of the multi-particle Toda Hamiltonian are matrix 
elements of infinite-dimensional group representations. 
The construction generalizes the one-dimensional 
case, —d?/dq? + exp(—2q), whose eigenfunctions are 
Whittaker functions (Semenov-Tyan-Shansky, 1994a). 

Orthogonal polynomials satisfy a three-term recur- 
rence relation such as (6). For this reason, the Toda 
lattice arises in random matrix theory. A probability 
measure 





dun (H) = Ze Ne) dH 


on Hermitean matrices is given. It determines a 
family pj(x) of orthogonal monic polynomials, 
S pix) pj (x) dun (x)=0 if i#/. In this basis, the 
shift operator Lp(x)=xp(x) acting on polynomials 
p(x) has the Jacobi form (12). If V(x) depends on 
parameters ¢,, for example, V(x) =x? +1t4x4, then 
djzy and the p; depend on the t,. The change of L in 
the moving basis {pj} is described by a Lax equation 
(Witten, 1991). 
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See Sine-Gordon equation 


TOPOLOGICAL CONJUGACY 
See Maps 


TOPOLOGICAL DEFECTS 


A topological defect (or topological soliton) represents 
a spatially non-uniform configuration of an order 
parameter field that offers topological stability and 
cannot be transformed into the ground state of a system 
under finite deformation of a field (Mermin, 1979). The 
structure and properties of a topological defect (TD) 
depend essentially on the dimensionality of a system, 
its symmetry, and degeneration of the ground state. 
Historically, vortices in liquid were the first example 
of a TD to be investigated (Lugt, 1996). In a two- 
dimensional (2-d) incompressible liquid, the equation 
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Ag =0 for the velocity potential g (velocity v = Vg) 
has the evident solution y = « x for the vortex, where x 
is an arbitrary parameter and x is the azimuthal angle 
in cylindrical coordinates (p, x) in the x, y plane with 
its origin in the vortex center. 

Pitaevskii vortices in superfluidity theory (Lifshitz 
& Pitaevskii, 1980), magnetic vortices in easy- 
plane ferro- and anti-ferromagnets (FMs and AFMS) 
(Mertens & Bishop, 2000), magnetic disclinations, and 
disclinations in nematic liquid crystals (de Gennes, 
1974) exemplify the similar one-dimensional TD in 
3-d continuous media with continuous degeneration of 
the ground state. The order parameters in the above 
examples are of the two-component type: the complex 
thermodynamical wave function y(r, t) = Wo exp(id) 
of a Bose condensate for the superfluid liquid, which, 
within the approach of a weakly nonideal Bose gas, 
satisfies the Gross—Pitaevskii equation 





aw, : 
ih + — Aw +U{W—lWPv}=0, (1) 


ot 2m 
and two angle variables (6, ¢) in polar coordinates in 
magnetic space (associated with the hard axis z) of a 
magnetization vector M = Mo(sin@ cos @, sin@ sing, 
cos @), which satisfies the Landau—Lifshitz equation 
(similar in structure to (1)), or the director vector Z in 
antiferromagnets and liquid crystals. These parameters 
are continuously degenerate in the phase of wave 
function y or in the direction of spins (or elongated 
molecules), defined by the angle ¢ in the easy-plane. 
The solutions for the discussed TD map a plane 
(x, y), perpendicular to the defect line in coordinate 
space, onto the 2-d manifold of the order parameter 
(complex plane of w, half-sphere of radius |M|, 
or sphere of radius |Z|). For example, the solution 
of (1) has the form w=wo(p)exp(inx), where 
n 1, +2,--- and (+) correspond to the vortex 
and antivortex. The density of a Bose gas tends 
to zero in the center of the vortex, w2(0)=0, and 
the solution has no singularity. A magnetic vortex 
has the same properties: ¢=nx(n 1, +2---), 
6(p =0)=0orz, 0(p > &©) > 2/2 (Kosevich et al., 
1990). In AFM- and nematic disclinations ¢ = kx /2, 
where k 1, +2---, is called the Frank index. 
The mapping degree of TD is usually characterized 
by some integral topological invariant (or topological 
charge) related to the solution under consideration. 
The hydrodynamic vortex in an incompressible liquid 
is defined by its total vorticity (1/27) ¢ v dl, where 
integration is performed over the contour enclosing the 
vortex center. This value coincides with « and can be 
arbitrary. Other types of vortices can be characterized 
by the same integral ¢ V@dl. (Since a contour can 
be chosen with an infinite radius, these topological 
solitons are nonlocalized.) But in some cases, the 
topological charge is more conveniently defined as the 
2-d integral over the coordinate plane. For example, in 
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a ferromagnet, this invariant is 


0 1 / dm om #’ 
m x é x 
An Oxy xB ae 


1 
= =z | sinoavag, (2) 
2a 








where m= M//Mp. For a magnetic vortex Q= pn, 
where p =m,(p = 0), is the polarity of the vortex. 
Another situation appears in systems with discrete 
degeneracy of the ground state. For instance, a localized 
magnetic 2-d topological soliton (TS) (magnetic 
skyrmion) of the type @=nx, 0 =0(p), and 6(0) =0, 
6(oo) = can exist in the easy-axis ferromagnet with 
two equivalent ground states m, = + 1. At fixed n, the 
topological charge for this skyrmion is twice that for the 
vortex. Moreover, in such a system, TDs can exist in the 
1-d and 3-d cases. In 3-d easy-axis FM, the TS, localized 
in all 3 dimensions, corresponds to the solution with 
the nonzero integer Hopf invariant. The 1-d TS can 
exist in 1-d and quasi-1-d systems or in 2-d and 3-d 
media as solutions depending on one spatial coordinate. 
Such a TD describes the domain wall in ferromagnets. 
In the framework of the Landau—Lifshitz equation, the 
corresponding kink solution is written as 





6(x) = arccos(tanh(x/lo)), o = const., (3) 
where /g is the magnetic length. The domain 
boundary (kink) separates two half-spaces in different 
ground states. The topological charge, analogous 
to (2), can be defined in this case as follows: 
Q= (1/27) f sin 6 (x) dO (x) d(x). If an additional 
anisotropy in the plane perpendicular to the easy axis 
is taken into account (in orthorhombic ferromagnets), 
more complicated TDs can exist inside the domain 
walls: Bloch lines and Bloch points. Similar to (3), the 
kink-like TD can exist in other systems with discrete 
degenerate ground states: kinks in antiferromagnets, 
kinks of incommensurate surface structures, fluxons 
in a long Josephson junction, phase boundaries in 
the problem of structural phase transitions, solitons in 
polyacetylene, in 1-d metals in the Peierls—Fréhlich 
phase, and so on. Usually these TDs are investigated 
within the framework of the y*-model or sine-Gordon 
equation 


aw 9 0°w 2. 
a2 Ss x2 + wo sinw = 0, (4) 





where the field variable w and coefficients have 
different physical meanings for various systems. 
The topological solution to this equation is well 
known: w = 4 arctan exp((x — vt)/1/1 — v?/s2) with 
l=s / wo- 

A crystal dislocation represents one of the most 
important examples of a TD in a crystal lattice. 
Dislocations exist due to the translational symmetry 
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of the lattice: it transforms into itself under the 
translation by the interatomic distance a. (Rotational 
symmetry of the crystal lattice leads to the existence 
of another TD—crystal disclination.) A dislocation 
represents a one-dimensional TD with the following 
properties: the regular lattice structure is distorted 
only in the core of the dislocation line and the total 
displacement, as a closed contour goes around the 
dislocation line, is equal to the translation period. (In 
two-sublattice antiferromagnets, this translation period 
is twice as small as that for a magnetic lattice.) This fact 
leads to the appearance of the magnetic disclination 
and formation of the complex magnet-structural TD 
(Kovalev & Kosevich, 1977). In the simplest case 
of a screw dislocation or in a scalar model, the 
deformation is characterized solely by one component 
of displacement, u. Then, within the elasticity theory 
approximation, the deformation of a crystal is governed 
by the equation Au =0 with the dislocation solution 
u=ax /2m. (Here, a plays the role of the topological 
charge of the dislocation: ¢ du =a.) The above solution 
is singular and does not describe the discrete structure of 
the dislocation core. It can be investigated in the simple 
one-dimensional model proposed by Yakov Frenkel 
and Tatiana Kontorova (1938) (See also Frenkel- 
Kontorova model). The FK model was the first 1-d 
model for 2-d topological defects. Within this model, 
the relative displacements u of the atoms from two 
atomic rows above and below the dislocation center 
are described by Equation (4), where w=2zu/a, 
@o = (211/a)./U/m, m is the atomic mass, s is the 
velocity of sound, U is the energy of the interaction 
between the rows, and / is the width of the dislocation 
core. The energy of a stationary dislocation (kink) 
is Eo = (4/2)Vms?U. The integral f du/dx dx now 
plays the role of the topological charge. The FK model 
describes more adequately other TDs in the crystal 
lattice: crowdions, kinks of incommensurate surface 
structures, and dislocation kinks. 

The dynamics of TDs are of great variety and 
depend strongly on the nature of the TD. The 
dynamics of dislocations, dislocation kinks, crowdions, 
domain walls, and phase boundaries are very simple 
within the framework of the Lorentz-invariant 1-d FK 
model: the kink can move with velocities below the 
velocity of sound in a system and its effective mass 
can be considerably smaller than the atomic mass. 
Actually, the dynamics of TDs in a lattice is much 
more complicated. Dislocations move mainly in some 
preferred direction (in slip planes), and crowdions 
propagate in closely packed atomic rows in a “relay 
race” manner. The discreteness of a lattice gives rise to 
Peierls relief for TP, and its dynamics assume diffusive 
features. Dislocation creeps over this relief, producing 
the dislocation kinks. The dynamics of vortices in 
media with distributed parameters has some interesting 
peculiarities. An isolated vortex in an infinite ideal 
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medium cannot move: it is frozen in a liquid or 
superfluid flow or spin flux. The vortex can move in 
a bounded area or in the presence of other defects 
but these dynamics are non-Newtonian. Within the 
collective coordinates approach, the effective equation 
of motion for the center of a vortex X(t) is (Thiele, 
1973) 

= G=F 5 

ap Se? (5) 
where the force Fg is formally equivalent to the Magnus 
force in fluid dynamics and the gyrocoupling vector G 
is parallel to the line of a vortex and depends on its 
topological charge. 

In all the examples above, topological defects with 
the opposite sign of the topological charge exist (vortex- 
antivortex, kink-antikink, dislocations with opposite 
signs, etc). This implies that TDs can emerge from 
the ground state of a medium in pairs with zero total 
topological charge. At a nonzero temperature, these 
pairs dissociate and the finite density of TDs can be 
observed. Seeger & Schiller (1966) were the first to 
develop the thermodynamics of topological solitons in 
the framework of the 1-d FK model. As they showed, 
the equilibrium density of kinks and antikinks at a 
temperature T is 


/ 2 1 
ne se fa exp (-:) ; (6) 
LV at T 


where t =kp/Eo, Eo is the soliton energy, and / is 
the width of this kink. The situation with a TD in the 
2-d case (vortices and 2-d dislocations) is essentially 
different. The energy of vortices and dislocations in 
infinite 2-d systems is infinite, but in systems of size 
R, it is of the order of E, ~ E,In(R/a), where E, 
is a characteristic energy, being specific for different 
TDs. The contribution from a vortex or dislocation to 
configuration entropy in a 2-d crystal is 6S = In(R/a)*, 
and hence, the change in free energy, if one TD is 
added, is 6F = (E,, — 2T) In(R/a). At the temperature 
T, = E,/2, the value 5F becomes negative and a 
Berezinskii—Kosterlitz—Thouless phase transition takes 
place: the crystal melts or magnetic ordering is broken 
(Berezinskii, 1971). 

As indicated above, topological defects play an 
important role in the kinetic and thermodynamic 
properties of condensed matter. Dislocations and 
dislocation kinks cause plasticity and strengthening of 
a crystal, and their behavior under radiation depends 
to a large extent on the crowdions. Recently, the 
influence of dislocations on the concentration and 
mobility of current carriers has been widely studied 
experimentally in pure semiconductor and alkali-halide 
crystals (Osip’yan et al., 2000). Topological defects 
(charge-density-wave solitons) make an essential 
contribution to the conductivity and electrodynamics of 
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quasi-1-d conductors such as (CH),, TaS2, and NbSe2 
(Krive et al., 1986). 
ALEXANDER S. KOVALEV 


See also Collective coordinates; Dislocations in 
crystals; Domain walls; Frenkel-Kontorova model; 
Landau-Lifshitz equation; Liquid crystals; Long 
Josephson junctions; Multidimensional solitons; 
Nonlinear Schrédinger equations; Sine-Gordon 
equation; Spin systems; Superfluidity; Topology; 
Vortex dynamics of fluids 
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Continuity is conventionally associated with functions 
defined on the real line or higher-dimensional 
Euclidean spaces. Topology is concerned with the 
abstraction of continuity to maps between more 
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general sets. The subject is vast and its study can 
take many forms depending on the nature of the 
structures considered. They include the areas of point- 
set, combinatorial, algebraic, and differential topology. 

A topological space has a distinguished collection 
of subsets known as open sets. An open subset U of 
the real line R is one for which every point of U is 
a subset of some real interval wholly contained in U. 
Thus, every point of U is the interior of U. Openness 
of a set U can also be expressed using the Euclidean 
distance, or metric, by saying that for every point x € U, 
all points within a sufficiently small distance of x also 
lie in U. Thus, metrics can be used to create open sets. 
Complements of open sets are said to be closed. The 
simplest examples of open and closed sets in R are, 
respectively, the “open interval” (a,b) of all points 
between the numbers a and b excluding the end points, 
and the “closed interval” [a, b] = (a, b) U {a, b}. Also, 
sets can be neither open nor closed, for example 
[a, b) = (a, b) U {a}. 

A topology on a set X is defined by its collection 
of open subsets, t, which then makes X a topological 
space (X,t). The collection of open subsets must 
include both X and the empty set ¢, any union 
of elements of t, and the intersection of any finite 
collection of elements of t. The conditions for a 
topology can equally well be cast in terms of closed 
sets. Also, a set can have many different topologies. 

In any sophisticated mathematical structure, there is 
usually a way of relating two objects. For example, 
if we are only considering sets, say X and Y, we 
consider maps f : X — Y. The natural equivalence for 
sets X,Y would be the existence of a map f: X > Y 
which is both one-one and onto, that is, a bijection. 
When topologies are placed on X and Y, it is natural 
to consider maps f : X — Y that are continuous. The 
metric definition of continuity for maps f:R—R, 
or more generally f :R’” — R", can be shown to be 
equivalent to the topological definition: f:X — Y is 
continuous if V is an open subset of Y; the set fol) 
is an open subset of X. 

This alternative definition of continuity is the one 
that makes topology a key mathematical discipline of 
widespread importance. 

The corresponding equivalence for topological 
spaces X and Y requires a map h: X — Y, which is 
both (i) a bijection, and (ii) bicontinuous; that is, both 
h and its inverse h~! are continuous. Such a map is 
called a homeomorphism. The spaces X and Y are said 
to be topologically equivalent or homeomorphs. Any 
subset S of a topological space X can be made into 
a topological space by declaring the intersections of 
open sets of X with S to be open sets of S. In fact, this 
collection of subsets of S forms a topology on S, called 
the subspace topology. Thus, important geometrical 
objects which are subsets of Euclidean spaces such 
as the circle, the sphere (and therefore all classical 
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polyhedra), the torus, the pretzel, and the Klein bottle 
(see Figure 1) can all be seen as topological spaces 
when endowed with the subspace topology. 

An important property of continuous functions 
defined on the real numbers is that a continuous function 
defined on a bounded closed interval attains its bounds; 
that is, there exist points at which the function takes its 
maximum and minimum value. This is not true if the 
“closed, bounded” condition is relaxed. For example, 
J (x) =x is not bounded on the real line R which is a 
closed (but not bounded) set. Also, f(x) =x does not 
attain its bounds on the bounded (but not closed) set 
(0, 1). The bounded closed interval on R is called a 
compact set. Again, such a set can be defined solely in 
terms of open sets, and so we can define the concept of 
a compact topological space (Munkres, 2000). 

Another key result in elementary analysis is that 
the continuous image of an interval of real numbers 
is also an interval. This property is often used to find 
roots of a continuous function f: R— R by finding 
values a, b € R for which f (a)- f(b) <0, the so-called 
“intermediate value” theorem. In the generalization 
of this result to topological spaces, the key property 
of the interval is its connectedness. The analogous 
result for topological spaces is that the continuous 
image of a connected set is also a connected set. The 
characterization of connectedness in the real numbers 
can be described purely in terms of the properties of 
the open sets on the real line, that is, in terms of the 
Euclidean topology on R. 

Thus, both compactness and connectedness are 
topological properties in the sense that they can be 
described purely in terms of properties of the open sets 
of a topological space (Munkres, 2000). 

In some areas of topology, the importance of the open 
sets is not so apparent and other features of the topo- 
logical space are considered. For example, polyhedra 
such as the cube, tetrahedron, and dodecahedron are 
finite ways of building homeomorphic images of the 
standard sphere. We note that for all such constructs, 
the number of vertices (V), edges (E), and faces (F’) 
satisfy the condition V — E+ F =2, the Euler char- 
acteristic of the sphere. The torus, when built up in 
terms of faces, edges, and vertices, has the property 
that its Euler characteristic is zero. Given that the num- 
bers V, E, and F are conserved by homeomorphism, 
we see that the torus and sphere having different Euler 
characteristics not only makes them look “different,” 
but ensures that they are not homeomorphic; that is, 
they are topologically distinct. 

Note that not all spaces can be easily distinguished 
using topology. For example, the subsets of rational 
numbers, Q, and the irrationals, J, of the real line R, 
are both topologically dense sets in R; that is, for both 
sets, the smallest closed superset is the whole interval 
R. Also, both are neither open nor closed. However, 
note that there is no bijection between the sets Q and 
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Figure 1. Four distinct topological spaces: (a) sphere; (b) torus; 
(c) cylinder; (d) Mobius band. See http://library.wolfram.com/ 
graphics/ 


I because they have different cardinalities and, thus, 
cannot be homeomorphs. 

The topological spaces mentioned above, such as 
the torus, sphere, and pretzel, can be easily visualized 
within the three-dimensional Euclidean space R? in 
which we locally live. However, it is not difficult to 
see how we can start to construct spaces in R? which 
are more geometrically demanding. The simplest is the 
Mobius strip, M, which is derived from the rectangle 
by pasting together one opposite pair of edges of a band 
with a half-twist, see Figure 1(d). Note that the Mébius 
band has only one “side”; just draw a pen line along the 
spine of the band and the line arrives on the opposite 
side of the paper from its initial point. Continuing the 
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line brings a return to the initial point of the curve. By 
comparison, one cannot get from one side of a cylinder 
to the other without passing across one of its edges. 
The Mobius band is topologically different from the 
cylinder for several reasons. For instance, the boundary 
of the cylinder consists of two disjoint circles whereas 
that of the Mobius band is a single circle. 

Davip ARROWSMITH 
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TRAFFIC FLOW 


Most automobile drivers have encountered the 
widespread phenomenon of so-called “phantom traffic 
jams,” for which there is no visible reason such as an 
accident or a bottleneck. Why are vehicles sometimes 
stopped although everyone likes to drive fast? Due to 
the finite adaptation time (= reaction time + accelera- 
tion time), a small disturbance in the traffic flow Qx 
can cause an overreaction (overbraking) of a driver, if 
the safe vehicle speed V,.() drops too rapidly with in- 
creasing vehicle density p. At high enough densities p, 
this will give rise to a chain reaction of the followers, as 
other vehicles will have approached before the original 
speed can be regained. This feedback can eventually 
cause the unexpected standstill of vehicles known as 
traffic jam. 

Lighthill & Whitham (1955) described traffic flow 
as a function of space x and time ¢ by means of a fluid- 
dynamic conservation law of vehicles, reflecting the 
fact that vehicles are not generated or lost in the absence 
of ramps, intersections, or accidents. The traffic flow 
Q(x, t) (= vehicle density p(x, ft) x average velocity 
V(x, t)) was specified as a function of the density 
p(x,t). The corresponding “fundamental diagram” 
Q..(p) = pV(p) is obtained as a fit to empirical data. 
The conservation law dp/dt + 0Q/dx =0 leads to the 
nonlinear wave equation 


ap 


ap 
C(p)— =0, 1 
apt (oe) () 
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according to which the propagation velocity 


dV,.(p) 





C(p) = Va(p) + p < Vs(p) (2) 
of kinematic waves depends on the vehicle density. 
Thus, while a density profile on a ring road keeps its 
amplitude, its shape is changing until shock waves (i.e., 
discontinuous changes in the density) have developed. 
The densities p; and p_ immediately upstream and 
downstream of a shock front determine its propagation 
speed 


= O.(p+) — Q,(p_) 
P+ — p- : 


S(p+, p-) (3) 
As discontinuous density changes are not fully 
consistent with empirical observations and a problem 
for efficient numerical integration, Whitham (1974) 
has suggested adding a diffusion term D 0?/0x? 
with D> 0 to the right-hand side of the Lighthill— 
Whitham equation. For the linear velocity-density 
relation V,(p) suggested by Greenshields (1935), 
the resulting equation is equivalent with the Burgers 
equation and can be transformed into the linear heat or 
diffusion equation; that is, it is analytically solvable. 

Experimental observations of traffic patterns show 
some additional features that cannot be reproduced 
by the above models. While traffic flow appears to 
be stable with respect to perturbations at small and 
large densities, there is a linearly unstable range at 
medium densities, where already small disturbances 
of uniform traffic flow give rise to traffic jams. 
Between these three density ranges, one finds meta- 
or multistable ranges, since there exists a density- 
dependent, critical amplitude A(,), so that the resulting 
traffic pattern is path- or history-dependent (Kerner 
et al., 1994-1997). While subcritical perturbations fade 
away, supercritical perturbations cause a breakdown of 
traffic flow (nucleation effect). Consequently, traffic 
flows display critical points, nonequilibrium phase 
transitions, noise-induced transitions, and fluctuation- 
induced ordering phenomena. 

One may view this situation as nonequilibrium 
analogue of the phase transitions between vapor, 
water, and ice. However, the breakdown and structure 
formation phenomena, when the “temperature” (i.e., 
the fluctuation strength) is increased, are sometimes 
counterintuitive due to the repulsive nature of vehicular 
interactions. From classical many-particle systems with 
attractive interactions, we are rather used to the idea 
that increasing temperature breaks up structures and 
destroys patterns (fluid structures are replaced by 
gaseous ones, not by solid ones). 

The above observations in freeway traffic can be 
described by microscopic, mesoscopic, or macroscopic 
models, which are theoretically connected by means of 
a micro-macro link. Microscopic models are usually 
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follow-the-leader models specifying the acceleration 
dv; /dt of the single vehicles i as a function of their 
distance headway d; = x; — ; — x;, their speed v;, and/or 
their relative velocity Avj = vj — vj-1: 

dv; 

oie Sf (di, vi, Av;j). (4) 


A typical example is the non-integer car-following 
model: 


duj(t + At) Av; (t) [uj(t + At)” 

dt T [d;(t)]! 
with the reaction time At ~ 1.3 s and the parameters 
T © At/0.55,m ~ 0.8, and / ~ 2.8 (Gazis et al., 1961). 


Ithas a linearly unstable range for At/T > 3A simpler 
model is the optimal velocity model 





(5) 





dv; (t) 1 
= ~[ (dito) = v(], (6) 





where v(dj) is the “optimal” velocity-distance re- 
lation and t the adaptation time (Bando et al., 
1994, 1995). This model has an unstable range for 
du(d;)/dd; > 1/(2t). The respective nonlinearly cou- 
pled differential equations (or stochastic differential 
equations, if fluctuations are taken into account) are 
numerically solved as in molecular dynamics. An alter- 
native approach is rule-based cellular automata, which 
discretize space and time in favor of numerical effi- 
ciency:t =iAt,x = jAx,d dAx,v b Ax/At.The 
Nagel—Schreckenberg model (1992), for example, can 
be written in the form 








dj41 = max (0, min(Omax. d) — 1, 0; + 1) — a”); 
(7) 


where tmaxAx/At is the maximum velocity and gf? ) 
a Boolean random variable which is 1 with probability 
p and 0 otherwise. Typical parameters are At=1 s, 
Ax =7.5 m, dmax =5, and 0.2 < p < 0.5. 
Mesoscopic models describe the spatiotemporal 
change of the phase space density (= vehicle density 
x velocity distribution). This approach has been 
introduced by Prigogine et al. (1960, 1961, 1971) 
and is inspired by kinetic gas theory. The related 
equations are either of Boltzmann type (for point- 
like vehicles or low densities) or of Enskog type, if 
vehicular space requirements at moderate and high 
densities are taken into account (Helbing et al., 1995— 
1999). The equations allow a systematic derivation of 
a hierarchy of macroscopic equations for the vehicle 
density p(x,t), the average velocity V(x,t), the 
velocity variance O(x), etc. This hierarchy is usually 
closed after the velocity or variance equation, although 
the separation of time scales assumed by the underlying 
approximations is weak. Nevertheless, the observed 
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traffic dynamics are rather well reproduced by the 
resulting coupled partial differential equations. The 
density equation is just the continuity equation 


ap. a(pV) 
eee AEs yey, 8 
ie ay 
where v, and v_ denote on- and off-ramp flows, 
respectively. The velocity equation can be cast into the 
form 

av av 1d0P 1 


+ V t *_y). 
or ax p Ox md ) ©) 








In theoretically consistent macroscopic traffic models 
such as the gas-kinetic-based traffic model, the “traffic 
pressure” P and the velocity V* are nonlocal functions 
of the density p, the average velocity V, and the 
variance © (Helbing et al., 1998, 1999). The Lighthill— 
Whitham model (1955) results in the unrealistic 
limit t + 0 of vanishing adaptation times t. Payne’s 
macroscopic traffic model (1971, 1979) is obtained 
for P(e) =[Vo — Vx(p)]/(2t) and V* = V,.(p), where 
Vo denotes the (average) desired velocity (the 
average velocity at very low densities). Kerner and 
Konhiuser’s model (1993) is a variant of Kiihne’s 
model (1984) and corresponds to the specifications 
P=p@o-—m0dV/dx, and V*=V,(o), where Oo 
and no are positive constants. The corresponding 
equation is a Navier-Stokes equation with a viscosity 
term 7992V/dx? and an additional relaxation term 
[V,.(e) — V]/t describing the delayed adaptation to 
the velocity—density relation V,,(o). The condition for 
linear instability reads 


ie dP(p) | (10) 


> ; 
dp dp 





that is, the Payne model and the Kerner—Konhauser 
model have linearly unstable ranges, if dV,.(e)/dp 
is large, while the Lighthill-Whitham model is 
marginally stable. The Burgers equation, by the way, 
is always stable. 

According to KrauB (1998), traffic models show 
the observed hysteretic phase transition related with 
metastable traffic and high flows only, if the typical 
maximal acceleration is not too large and the 
deceleration strength is moderate. In such models, 
the outflow Qou from traffic jams is a self-organized 
constant of traffic flow (Kerner et al., 1994, 1996). It 
corresponds approximately to the intersection point of 
the linear jam line 


1 p ) 
J = —{1-— — 11 
(p) = ( aa dd) 


with the free branch of the flow-density diagram, where 
T denotes the time headway in congested traffic and 
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Pjam the density inside traffic jams. The jam line 
corresponds to the flow-density relation for moving 
traffic patterns with a self-organized, stationary profile 
(Kerner & Konhauser, 1994). These propagate with 
the velocity C =—1/(Tpjam) © — 15 km/h, which is 
another traffic constant. (Once a traffic jam is fully 
developed, it moves upstream with constant velocity, as 
vehicles leave the downstream jam front at a constant 
rate, while new ones join it at the upstream front.) 
With this knowledge, one can understand the 
various congested traffic states observed on freeway 
sections with bottlenecks (Helbing et al., 1998— 
2002). Let us assume a bottleneck due to ramp 
flows v4 = Qrmp/(nL), where L is the used length 
of the on-ramp and n the number of freeway 
lanes. The corresponding bottleneck strength is, then, 
AQ= Qymp/1- If Qup denotes the traffic flow upstream 
of the bottleneck and Qiot = (Qup + AQ) is the total 
capacity required downstream of the ramp, we will 
eventually find a growing vehicle queue upstream of the 
bottleneck, if Qjot is greater than the dynamic capacity 
Qout- The traffic flow Qcong resulting in the congested 
area plus the inflow or bottleneck; strength AQ are 


Intersection 
Bad Homburg 


Intersection Intersection 
Frankfurt West Frankfurt Northwest 
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normally given by the outflow Qout; that is, 
Qcong = Qout oe AQ 


(if vehicles cannot enter the freeway downstream of 
the congestion front). One can distinguish the following 
cases: If the density Pcong associated with the congested 
flow 


(12) 


Qcong = Qx(Pcong) (13) 


lies in the stable range, we find homogeneous congested 
traffic (HCT) such as typical traffic jams during holiday 
seasons or after serious accidents. For a smaller on- 
ramp flow or bottleneck strength AQ, the congested 
flow Qcong is linearly unstable, and we either find 
oscillating congested traffic (OCT) or triggered stop- 
and-go traffic (TSG). In contrast to OCT, stop-and-go 
traffic is characterized by a sequence of moving jams, 
between which traffic flows freely. This state can either 
emerge from a spatial sequence of homogeneous and 
oscillating congested traffic (Koshi et al., 1983; called 
“pinch effect” by Kerner, 1998), or it can be caused 
by the inhomogeneity at the ramp. In the latter case, 
each traffic jam triggers another one by inducing a small 
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perturbation in the inhomogeneous freeway section (see 
Figure 1), which propagates downstream as long as 
it is small, but turns back when it has grown large 
enough (boomerang effect). This, however, requires the 
downstream traffic flow to be linearly unstable. If it is 
(meta-)stable instead (when the traffic volume Qtot is 
further reduced), a traffic jam will usually not trigger 
a growing perturbation. In that case, one finds either 
a single moving localized cluster (MLC) or a pinned 
localized cluster (PLC) at the location of the ramp. The 
latter requires the traffic flow in the upstream section 
to be stable, so that no traffic jam can survive there. 
Finally, for sufficiently small traffic volumes Qtot, we 
find free traffic (FT), as expected. For freeways with a 
single bottleneck and a large perturbation of traffic flow, 
these facts can be summarized by the phase diagram 
in Figure 1, which is universal for all microscopic 
and macroscopic, stochastic and deterministic traffic 
models with the same instability diagram (stable, 
metastable, and unstable density ranges). Results for 
more complex freeway geometries, other initial or 
boundary conditions, and other instability diagrams are 
available as well. 

Current research focuses on the following open 
questions: Are fluctuations and psychological concepts 
necessary to understand the empirical observations in 
traffic flows? Can the large individual variation of 
time headways fully account for the large scattering 
of flow-density data in synchronized flow? (In 
congested traffic flow, the velocities in neighboring 
lanes are usually synchronized, as different speeds are 
balanced by lane changes.) What are the site- and 
country-dependent differences in traffic dynamics, and 
can they be adequately reflected by different model 
parameters for the driver-vehicle units? How can the 
insights regarding the laws of traffic dynamics be 
used for traffic optimization by variable speed limits, 
intelligent on-ramp controls, dynamic re-routing, and 
driver assistance systems? How can they be transferred 
to the explanation of breakdown and obstruction 
phenomena in socioeconomic systems? 

Dirk HELBING 


Seealso Burgers equation; Constants of motion and 
conservation laws; Phase transitions; Shock waves 
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TRAJECTORIES 


See Phase space 


TRANSITION TO CHAOS 


See Chaotic dynamics 


TRAVELING WAVE 


See Wave of translation 


TRIAD INTERACTION 


See N-wave interactions 


TUNNEL DIODE ARRAYS 


See Distributed oscillators 


TURBULENCE 


Turbulence is a state of a nonlinear physical system that 
has energy distribution over many degrees of freedom 
strongly deviated from equilibrium. Turbulence is 
irregular both in time and in space. Turbulence can 
be maintained by some external influence or it can 
decay on the way to relaxation to equilibrium. The 
term first appeared in fluid mechanics and was later 
generalized to include far-from-equilibrium states in 
solids and plasmas. 

Ifan obstacle of size L is placed ina fluid of viscosity 
v that is moving with velocity V, a turbulent wake 
emerges for sufficiently large values of the Reynolds 
number 

Re = VL/v. 


At large Re, flow perturbations produced at scale 
L experience a viscous dissipation that is small 
compared with nonlinear effects. Nonlinearity then 
induces motions at smaller and smaller scales until 
viscous dissipation terminates the process at a scale 
much smaller than L, leading to a wide (so-called 
inertial) interval of scales where viscosity is negligible 
and nonlinearity plays a dominant role. 

Examples of this phenomenon include waves excited 
on a fluid surface by wind or moving bodies and waves 
in plasmas and solids that are excited by external 
electromagnetic fields. The state of such a system is 
called turbulent when the wavelength of the waves 
excited greatly differs from the wavelength of the waves 
that dissipate. Nonlinear interactions excite waves in 
the interval of wavelengths (called the transparency 
window or inertial interval as in fluid turbulence) 
between the injection and dissipation scales. 

The ensuing complicated and irregular dynamics 
require a statistical description based on averaging 
over regions of space or intervals of time. Because 
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nonlinearity dominates in the inertial interval, it is 
natural to ask to what extent the statistics are universal, 
in the sense of being independent of the details of 
excitation and dissipation. The answer to this question 
is far from evident for nonequilibrium systems. A 
fundamental physical problem is to establish which 
statistical properties are universal in the inertial interval 
of scales and which are features of different turbulent 
systems. 

Constraints on dynamics are imposed by conserva- 
tion laws, and therefore, conserved quantities must play 
an essential role in turbulence. Although the conserva- 
tion laws are broken by pumping and dissipation, these 
factors do not act in the inertial interval. Under incom- 
pressible turbulence, for example, the kinetic energy is 
pumped by external forcing and is dissipated by vis- 
cosity. As suggested by Lewis Fry Richardson in 1921, 
kinetic energy flows throughout the inertial interval of 
scales in a cascade-like process. The cascade idea ex- 
plains the basic macroscopic manifestation of turbu- 
lence: the rate of dissipation of the dynamical integral 
of motion has a finite limit when the dissipation co- 
efficient tends to zero. In other words, the mean rate 
of the viscous energy dissipation does not depend on 
viscosity at large Reynolds numbers. That means that 
symmetry of the inviscid equation (here, time-reversal 
invariance) is broken by the presence of the viscous 
term, even though the latter might have been expected 
to become negligible in the limit Re > oo. 

The cascade idea fixes only the mean flux of the 
respective integral of motion, requiring it to be constant 
across the inertial interval of scales. To describe an 
entire turbulence statistics, one has to solve problems 
on a case-by-case basis with most cases still unsolved. 


Weak Wave Turbulence 


From a theoretical point of view, the simplest case is 
the turbulence of weakly interacting waves. Examples 
include waves on the water surface, waves in plasma 
with and without a magnetic field, and spin waves in 
magnetics. We assume spatial homogeneity and denote 
by a,x the amplitude of the wave with the wave vector 
k. When the amplitude is small, it satisfies the linear 
equation 


Odx 
ot 


Here, the dispersion law w; describes wave propaga- 
tion, yz is the decrement of linear damping, and fx 
describes pumping. For the linear system, ax is differ- 
ent from zero only in the regions of k-space where fx 
is nonzero. To describe wave turbulence that involves 
wave numbers outside the pumping region, one must 
account for the interactions among different waves. 
Considering the wave system to be closed (no exter- 
nal pumping or dissipation), one can describe it as a 
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Hamiltonian system using wave amplitudes as normal 
canonical variables (Zakharov et al., 1992). At small 
amplitudes, the Hamiltonian can be written as an ex- 
pansion over ax, where the second-order term describes 
noninteracting waves and high-order terms determine 
the interaction 


H = [ exiasl? ak + [ (Viaraasas +c.) 
5(k, — ko — k3) dk, dky dk3 + O(a’). (2) 


Here, Vj23 = V (k, kz, k3) is the interaction vertex, 
and c.c. denotes complex conjugate. In this expansion, 
we presume every subsequent term smaller than the 
previous one, in particular, & = |Vickar lk? /aog <i. 
Wave turbulence that satisfies that condition is called 
weak turbulence. Also, space dimensionality d can be 
1, 2, or 3. 

A dynamic equation that accounts for pumping, 
damping, wave propagation, and interaction thus has 
the following form: 


Oak 
at 








OH 
iat Skt) = Year: (3) 
a 


It is likely that the statistics of the weak turbulence 
at k>>ky is close to Gaussian for wide classes of 
pumping statistics (this has not been shown rigorously). 
It is definitely the case for a random force with the 
statistics close to Gaussian. We consider here and below 
a pumping by a Gaussian random force statistically 
isotropic and homogeneous in space and white in time. 
Thus, 


(AOAC) = FROSR+RISG—1), (4) 


where angular brackets imply spatial averages, and 
F(k) is assumed nonzero only around some k ¢. For 
waves to be well defined, we assume py, K wx. 

Because the dynamic equation (3) contains a 
quadratic nonlinearity, the statistical description in 
terms of moments encounters the closure problem: the 
time derivative of the second moment is expressed via 
the third one, the time derivative of the third moment 
is expressed via the fourth one, and so on. Fortunately, 
weak turbulence in the inertial interval is expected to 
have the statistics close to Gaussian, so one can express 
the fourth momentas the product of two second ones. As 
aresult, one gets aclosed kinetic equation for the single- 
time pair correlation function (azay’) =nd(k+ k’) 
(Zakharov et al., 1992): 
“nk = Fe yenk + if? : 

(3) 
LoS [en — U1k2 — Urx1) dky dk, 
= 2; 

Uy23 = m[non3 — ny (n2 +:3)]|Vi23| 


x5 (ki — kz — k3)5(@1 — @2 — 3). 
(5) 
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This is called the kinetic equation for waves. 
The collision integral 1 describes three-wave 
interactions: the first term in the integral corresponds 
to a decay of a given wave while the second and third 
terms correspond to a confluence with other waves. 

One can estimate from (5) the inverse time of nonlin- 
ear interaction ata givenk as |V(k, k, kK) ?n(k)k4 /w(k). 
We define kg as the wave number where this inverse 
time is comparable with y(k) and assume nonlinea- 
rity to dominate over dissipation at k < kg. As has been 
noted, wave turbulence appears when there is a wide 
(inertial) interval of scales where both pumping and 
damping are negligible, which requires kg >> ky, the 
condition analogous to Re> 1. 

The presence of the frequency delta-function in / 2) 
means that wave interaction conserves the quadratic 
part of the energy E= f ayng dk = f Ex dk. For the 
cascade picture to be valid, the collision integral 
has to converge in the inertial interval which means 
that energy exchange is small between motions of 
vastly different scales, a property called interaction 
locality in k-space. Consider now a statistical steady 
state established under the action of pumping and 
dissipation. Let us multiply (5) by w, and integrate it 
over either interior or exterior of the ball with radius 
k. Taking kj <k <ka, one sees that the energy flux 
through any spherical surface (Q is a solid angle), 


k 
Py =i kak f aden,” 
0 


is constant in the inertial interval and is equal to the 
energy production/dissipation rate: 


Po=e= f oxFeak= f mB dk. (6) 


Let us assume now that the medium (characterized 
by ag and Vj23) can be considered isotropic at 
the scales in the inertial interval. In addition, for 
scales much larger or much smaller than a typical 
scale in the medium (like the Debye radius in 
plasma or the depth of the water), the Hamiltonian 
coefficients are usually scale invariant: w(k) = ck® and 
IV (k, ky, ko)? = Vek?" x (ky /k, ko/k) with x ~ 1. 
Remember that we presumed statistically isotropic 
force. In this case, the pair correlation function that 
describes a steady cascade is also isotropic and scale 
invariant: 

np rel@yo lpm 4, (7) 


One can show that (7) reduces ie to zero (see 
Zakharov et al., 1992). 

If the dispersion relation w(k) does not allow for 
the resonance condition w(k;)+@ (kz) = @(|ki + ko|), 
then the three-wave collision integral is zero and 
one has to account for four-wave scattering which 
is always resonant; that is, whatever w(k) one can 
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always find four wave vectors that satisfy w(k,)+ 
w(k2) = (k3) + w(k4) and kj + ky2=k3+kg. The 
collision integral that describes scattering, 
1 == | \niasl? 
k= 5 K123|" [n2n3(n1 + nk) 
nyng(ny +3)]5(k + ky — ka — ke) 
xb(@p + @ — @2 — @2) dk, dkp dks, 





(8) 


conserves the energy and also the wave action N = 
f nx dk (which can also be called the number of waves). 
Pumping generally provides for an input of both E and 
N. If there are two inertial intervals (at k >> ky and 
k <ky), then there should be two cascades. Indeed, if 
w(k) grows with k, then absorbing finite amount of E 
at kg —> oo corresponds to an absorption of an infinitely 
small N. It is thus clear that the flux of N has to go in 
the opposite direction, that is, to small wave numbers. 
A so-called inverse cascade with a constant flux of V 
can thus be realized at k<<ky. A sink at small k can 
be provided by wall friction in the container or by long 
waves leaving the turbulent region in open spaces (as 
in sea storms). 

The collision integral J, ) involves products of two 
ng, so that flux constancy requires Ex xe!/? while 
for the four-wave case, one has Ex «e!/3. In many 
cases (when there is complete self-similarity), that 
knowledge is sufficient to obtain the scaling of E; from 
a dimensional reasoning without actually calculating 
V and T. For example, short waves in deep water 
are characterized by the surface tension o and density 
p, so the dispersion relation must be a, ~ Jok3/p, 
which allows for the three-wave resonance and thus 
Ex~ e!/2(pa)'/4k —7/4 For long waves in deep water, 
the surface-restoring force is dominated by gravity, so 
that the gravitational acceleration g replaces o as a 
defining parameter and w, ~ ./gk. Such a dispersion 
law does not allow for three-wave resonance, so 
that the dominant interaction is four-wave scattering 
which permits two cascades. The direct energy cascade 
corresponds to Ex ~ 6!/3 92/3 gl/24-5/2_ The inverse 
cascade carries the flux of N which we denote Q; it has 
the dimensionality [Q] =[¢]/[@;] and corresponds to 
Ex ~ "32/3 2/3 1/3, 

Because the statistics of weak turbulence is near 
Gaussian, it is completely determined by the pair 
correlation function, which is in turn determined by the 
respective flux. We thus conclude that weak turbulence 
is universal in the inertial interval. 


Strong Wave Turbulence 


One cannot treat wave turbulence as a set of weakly 
interacting waves when the wave amplitudes are large 
(& =>1) and also in the particular case of linear 
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(acoustic) dispersion where w(k)=ck for arbitrarily 
small amplitudes. Indeed, there is no dispersion of wave 
velocity for acoustic waves, so waves moving in the 
same direction interact strongly and produce shock 
waves when viscosity is small. Formally, there is a 
singularity due to the coinciding arguments of delta- 
functions in (5) (and in the higher terms of perturbation 
expansion for dn; /dt), which is thus invalid at however 
small amplitudes. Still, some features of the statistics 
of acoustic turbulence can be understood even without 
a closed description. 

Consider a one-dimensional case which pertains, for 
instance, to sound propagating in long pipes. Because 
weak shocks are stable with respect to transverse 
perturbations (Landau & Lifshitz, 1987), quasi-one- 
dimensional perturbations may propagate in two and 
three dimensions as well. In a reference frame that 
moves with the sound velocity, weakly compressible 
1-d flows (u < c) are described by the Burgers equation 
(Landau & Lifshitz, 1987) 


u, + uuy — Vuyy, = 0. (9) 


The Burgers equation has a propagating shock- 
wave solution u=2v{1+ exp[v(x — vt)/v]}— ! with 
the energy dissipation rate v f u2dx independent 
of v. The shock width v/v is a dissipative scale, 
and we consider acoustic turbulence produced by 
a pumping correlated on much larger scales (i.e., 
pumping a pipe from one end by frequencies 
much less than cuv/v). After some time, the sys- 
tem will develop shocks at random positions. Here 
we consider the single-time statistics of the Galilean 
invariant velocity difference du(x,t)=u(x,t)— 
u(0, t). The moments of du are called structure func- 
tions Sp (x, t) = ([u(x, t) — u(0, t)]” ) . Quadratic non- 
linearity allows the time derivative of the second mo- 
ment to be expressed via the third one: 


aS. -AS3 a? S2 
4e+v ; 
at 3ax ax? 








(10) 


Here ¢= v (uz) is the mean energy dissipation rate. 
Equation (10) describes both a free decay (then 
é depends on ¢) and the case of a permanently 
acting pumping which generates turbulence statistically 
steady at scales less than the pumping length. 

In the first case, 95S2/dt~ Spu/L Ke~u3/L 
(where L is a typical distance between shocks); 
while in the second case, 052/dt=0 so_ that 
S3 = 12ex + vdS2/dx. Consider now the limit v > 0 
at fixed x (and ¢ for decaying turbulence). Shock 
dissipation provides for a finite limit of ¢ at v > 0, 
then 

S3 = —12ex. (11) 


This formula is a direct analog of (6). Indeed, the 
Fourier transform of (10) describes the energy density 
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Ex = (\uxl?) /2: (8; — vk?) Ex = — 0 Px/dk where the 
k-space flux 


k co 
Py = [ an’ [ dx S3(x)k’ sin(k’x) /24. 
0 —00 


It is thus the flux constancy that fixes 53(x) which is 
universal (determined solely by ¢) and depends neither 
on the initial statistics for decay nor on the pumping 
for steady turbulence. On the contrary, other structure 
functions S,(x) are not given by (ex)"/3, Indeed, 
the scaling of the structure functions can be readily 
understood for any dilute set of shocks (that is, when 
shocks do not cluster in space) which seems to be the 
case for both smooth initial conditions and large-scale 
pumping in Burgers turbulence. In this case, Sn(x) ~ 
C,|x|" + C/|x|, where the first term comes from the 
regular (smooth) parts of the velocity while the second 
comes from O(x) probability to have a shock in the 
interval x. The scaling exponents, &, =dIn S,/dInx, 
thus behave as follows: &) =n for n < 1 and &, = 1 for 
n > 1. That means that the probability density function 
(PDF) of the velocity difference in the inertial interval 
P(6u,x) is not scale-invariant; that is, the function 
of the rescaled velocity difference du/x“ cannot be 
made scale-independent for any a. As one goes to 
smaller scales, the lower-order moments decrease faster 
than the higher-order ones, that means that the smaller 
the scale the more probable are large fluctuations. In 
other words, the level of fluctuations increases with the 
resolution. When the scaling exponents &, do not lie on 
a straight line, this is called an anomalous scaling since 
it is related again to the symmetry (scale invariance) of 
the PDF broken by pumping and not restored even when 
x/L — 0. As an alternative to the description in terms 
of structures (shocks), one can relate the anomalous 
scaling in Burgers turbulence to the additional integrals 
of motion. Indeed, the integrals E, = f u2" dx /2areall 
conserved by the inviscid Burgers equation. Any shock 
dissipates the finite amount of E,, at the limit v + 0, so 
that similar to (11), one denotes ( E,, ) = €, and obtains 
Son 4.1 = — 4(2n + le, x/(2n — 1) for integer n. 

Note that S2(x) «|x| corresponds to E(k) xk, 
which is natural since every shock gives uz « 1/k at 
k<v/v; that is, the energy spectrum is determined 
by the type of structures (shocks) rather than by 
energy flux constancy. Similar ideas were suggested 
for other types of strong wave turbulence assuming 
them to be dominated by different structures. Weak 
wave turbulence, being a set of weakly interacting 
plane waves, can be studied uniformly for different 
systems (Zakharov et al., 1992). On the contrary, 
when nonlinearity is comparable with or exceeds 
dispersion, different structures appear in different 
systems. Identifying structures and the role they play 
in determining different statistical characteristics of 
strong wave turbulence remains to be investigated for 
most cases. Broadly, one distinguishes conservative 
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structures (like solitons and vortices) from dissipative 
structures which usually appear as a result of finite-time 
singularity of the nondissipative equations (like shocks, 
light self-focusing, or wave collapse). For example, 
nonlinear wave packets are described by the nonlinear 
Schrédinger equation, 


iV, AW +7/U/?W =0. (12) 


Weak wave turbulence is determined by |T |? and is the 
same for both T < 0 (wave repulsion) and T > 0 (wave 
attraction). At high levels of nonlinearity, different 
signs of T correspond to dramatically different physics: 
At T <0, one has a stable condensate, solitons, and 
vortices, while at T >0, instabilities dominate and 
wave collapse is possible at d = 2, 3. No analytic theory 
is yet available for strong turbulence described by (12). 

Because the parameter of nonlinearity €(k) generally 
depends on k, then there may exist a weakly turbulent 
cascade until some k, where &(k,) ~ 1, and strong 
turbulence beyond this, wave number; thus weak and 
strong turbulence can coexist in the same system. 
Presuming that some mechanism (for instance, wave 
breaking) prevents the appearance of wave amplitudes 
that correspond to & >> 1, one may hypothetize that 
some cases of strong turbulence correspond to the 
balance between dispersion and nonlinearity local in 
k-space so that €(k) is constant throughout its domain 
in k-space. That would correspond to the spectrum 
Ex ~ wk ~4/| Vice? which is ultimately universal, 
that is, independent even of the flux (only the boundary 
k, depends on the flux). For gravity waves, this 
gives Ex = pgk->, the same spectrum one obtains 
presuming the wave profile to have cusps (another type 
of dissipative structure leading to whitecaps in stormy 
seas—see Phillips, 1977). It is unclear if such flux- 
independent spectra are realized. 


Incompressible Turbulence 


Incompressible fluid flow is described by the Navier— 
Stokes equation 


0,v(7r, t) + u(r, t)- Vu(r, t) — vV2v(r, t) 
=-Vp(r,t), divv=0. 


We are again interested in the structure functions 
Sn(r, t) = (L(v(r, t) — v(0, t))- r/r]" ) and treat first 
the three-dimensional case. Similar to (10), one 
considers distance r smaller than the force correlation 
scale for a steady case and smaller than the size of the 
turbulent region for a decay case. For such r, one can 
derive the Karman—Howarth relation between S2 and 
S3 (see Landau & Lifshitz, 1987): 


aSp 1B ak, Ad ig of as 
Lo eee 3 
of  arkar Dt 3 =(r Fr as 
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Here ¢=v((Vv)?) is the mean energy dissipation 
rate. Neglecting the time derivative (which is zero in 
a steady state and small compared with ¢ for decaying 
turbulence), one can multiply (13) by r* and integrate 
S3(r) = — 4er/5 + 6v dS2(r)/dr. Andrei Kolmogorov 
in 1941 considered the limit v + 0 for fixed r and 
assumed nonzero limit for ¢, which gives the so-called 
4 law (see Landau & Lifshitz, 1987; Frisch, 1995): 


53 = —ter. (14) 


This relation is a direct analog of (6) and (11). It also 
means that the kinetic energy has a constant flux in 
the inertial interval of scales (the viscous scale 7 is 
defined by vS2(n) en). Law (14) implies that the 
third-order moment is universal; that is, it does not de- 
pend on the details of the turbulence production but is 
determined solely by the mean energy dissipation rate. 
The rest of the structure functions have not yet been 
derived. Kolmogorov (and also Werner Heisenberg, 
Karl von Weizsacker, and Lars Onsager) presumed the 
pair correlation function to be determined only by ¢ 
and r which would give S2(r) ~ (er)?/3 and the en- 
ergy spectrum E, ~ ¢2/3k—>/3, Experiments suggest 
that ¢, =d1n S,,/d1nr lie on a smooth concave curve 
sketched in Figure 1. While 2 is close to 2/3, it has 
to be a bit larger because experiments show that the 
slope at zero dé,/dn is larger than 4 while ¢(3)=1 
in agreement with (14). As in Burgers turbulence, the 
PDF of velocity differences in the inertial interval is 
not scale-invariant in 3-d incompressible turbulence. 
No one has yet found an explicit relation between the 
anomalous scaling for 3-d Navier-Stokes turbulence 
and either structures or additional integrals of motion. 

While not exact, the Kolomogorov approximation 
S2(n) = (en)? can be used to estimate the viscous 
scale: n ~LRe~ 3/4, The number of degrees of freedom 
involved in 3-d incompressible turbulence can thus be 
roughly estimated as N ~ (L/n)> ~ Re?/*. That means, 
in particular, that detailed computer simulation of water 
or oil pipe flows (Re ~ 10* — 10) or turbulent clouds 
(Re ~ 10° — 10°) is out of question for the foreseeable 
future. To calculate correctly at least the large-scale 
part of the flow, it is desirable to have some theoretical 
model to parametrize the small-scale motions, the main 
obstacle being our lack of qualitative understanding 
and quantitative description of how turbulence statistics 
changes as one goes downscale. 

Large-scale motions in a shallow fluid can be 
approximately considered two dimensional. When 
the velocities of such motions are much smaller 
than the velocities of the surface waves and the 
velocity of sound, such flows can be considered 
incompressible. Their description is important for 
understanding atmospheric and oceanic turbulence at 
the scales larger than atmosphere height and ocean 
depth. 
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Figure 1. The scaling, exponents of the structure functions €) for Burgers, ¢; for Navier-Stokes, and oy for the passive scalar. The 


dotted straight line is the Kolmogorov hypothesis n/3. 


Vorticity w = curl v is a scalar in a two-dimensional 
flow. It is advected by the velocity field and dissipated 
by viscosity. Taking the curl of the Navier-Stokes 
equation, one gets 


jo+(v-V)o =vVo. (15) 


Two-dimensional incompressible inviscid flow just 
transports vorticity from place to place and thus 
conserves spatial averages of any function of vorticity. 
In particular, we now have the second quadratic 
inviscid invariant (in addition to energy) which is 
called enstrophy: w? dr. Since the spectral density 
of the energy is |v,|?/2 while that of the enstrophy is 
|k x v,|*, Robert Kraichnan suggested in 1967 that 
the direct cascade (towards large k) is that of enstrophy 
while the inverse cascade is that of energy. Again, for 
the inverse energy cascade, there is no consistent theory 
except for the flux relation that can be derived similar 
to (14): 

S3(r) = 4er/3. (16) 


The inverse cascade is observed in the atmosphere (at 
scales of 30-500 km) and in laboratory experiments. 
Experimental data suggest that there is no anomalous 
scaling; thus, S, « "3 Tn particular, S2 « r2/3 which 
corresponds to Ex «k~>/3. It is ironic that probabl 
the most widely known statement on turbulence, the 3 
spectrum suggested by Kolmogorov for the 3-d case, is 
not correct in this case (even though the true scaling 
is close), while it is probably exact in Kraichnan’s 
inverse 2-d cascade. Qualitatively, it is likely that the 
absence of anomalous scaling in the inverse cascade is 
associated with the growth of the typical turnover time 
(estimated, say, as r/./'S) with the scale. As the inverse 
cascade proceeds, the fluctuations have enough time to 
get smoothed out as opposed to the direct cascade in 
three dimensions, where the turnover time decreases in 
the direction of the cascade. 


Before discussing the direct (enstrophy) cascade, we 
describe a similar yet somewhat simpler problem of 
passive scalar turbulence, which allows one to introduce 
the necessary notions of Lagrangian description of the 
fluid flow. Consider a scalar quantity 0(7r, tf) that is 
subject to molecular diffusion and advection by the fluid 
flow but has no back influence on the velocity (i.e., is 
passive): 


0+(v-V)O=KVO+¢9. (17) 


Here x is molecular diffusivity. In the same 2-d flow, w 
and @ behave in the same way, but vorticity is related 
to velocity while the passive scalar is not. Examples of 
passive scalar are smoke in air, salinity in water, and 
temperature when one neglects thermal convection. If 
the source ¢ produces fluctuations of 6 on some scale 
L, then the inhomogeneous velocity field stretches, 
contracts, and folds the field 6 producing progressively 
smaller and smaller scales. If the rms velocity gradient 
is A, then molecular diffusion is substantial at scales 
less than the diffusion scale rg = ./« /A. The ratio 


Pe = L/rg 


is called the Péclet number. It is an analog of the 
Reynolds number for passive scalar turbulence. When 
Pe > 1, there is a long inertial interval where the flux 
constancy relation derived by A.M. Yaglom in 1949 
holds, 


(vy Vi + U2 - V2)0102) = 2P, (18) 


where P =x ((V@)?) and subscripts denote the spatial 
points. In considering the passive scalar problem, the 
velocity statistics is presumed to be given. Still, the 
correlation function (18) mixes v and 6 and does 
not generally allow one to make a statement on any 
correlation function of 6. The proper way to describe the 
correlation functions of the scalar at scales much larger 
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than the diffusion scale is to employ the Lagrangian 
description, that is, to follow fluid trajectories. Indeed, 
if we neglect diffusion, then Equation (17) can be 
solved along the characteristics R(t) which are called 
Lagrangian trajectories and satisfy dR/dt = v(R, t). 
Presuming zero initial conditions at t > — oo, we write 


o(Rw.r)=[ o(RO’),1’) dr’. (19) 


In that way, the correlation functions of the scalar 
Fy =(0(1r1,t)...9(1n,t)) can be obtained by in- 
tegrating the correlation functions of the pumping 
along the trajectories that satisfy the final conditions 
R(t) =7;. 

Consider first, the case of pumping which is Gaus- 
sian, statistically homogeneous, and isotropic in space 
and white in time: ( 9(11, t1)@(T2, f2)) = ®(|r1 — r2]) 
6(t; —t2) where the function ® is constant at r< L 
and goes to zero at r >> L. The pumping provides for 
symmetry 6 — — 6 which makes only even correlation 
functions F2, nonzero. The pair correlation function is 


t 
Fy(r,t) = / (Ri2("’)) dt’. (20) 


Here R(t’) =|R,(t') — Ro(t’)| is the distance be- 
tween two trajectories and R}2(t) =r. The function ® 
essentially restricts the integration to the time interval 
when the distance R12(t’) < L. Simply speaking, the 
stationary pair correlation function of a tracer is ®(0) 
(which is twice the injection rate of 67) times the aver- 
age time T(r, L) that two fluid particles spend within 
the correlation scale of the pumping. The larger r, the 
less time it takes for the particles to separate from r to L 
and the smaller is F2(r). Of course, T\2(r, L) depends 
on the properties of the velocity field. A general the- 
ory is available only when the velocity field is spatially 
smooth at the scale of scalar pumping L. This so-called 
Batchelor regime happens, in particular, when the scalar 
cascade occurs at the scales less than the viscous scale 
of fluid turbulence. This requires the Schmidt number 
v/k« (called the Prandtl number when 6 is temperature) 
to be large, which is the case for very viscous liquids. 
In this case, one can approximate the velocity differ- 
ence v(Rj, t) — v(Ro, t) © &(t)Ri2(t) with the La- 
grangian strain matrix 0;;(t) = V;v;. In this regime, the 
distance obeys the linear differential equation 


Row) =é OR). (21) 


The theory of such equations is well developed and 
related to what is called Lagrangian chaos, as fluid 
trajectories separate exponentially as is typical for 
systems with dynamical chaos (see, e.g., Falkovich et 
al., 2001): At tf much larger than the correlation time 
of the random process G(t), all moments of Rj. grow 
exponentially with time and ( In[R12(t)R12(0)]) =At, 
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where A is called a senior Lyapunov exponent of the 
flow (note that for the description of the scalar we need 
the flow taken backwards in time which is different from 
that taken forward because turbulence is irreversible). 
Dimensionally, A= Af (Re) where the limit of the 
function f at Re > oo is unknown. We thus obtain 


Fo(r) = ®(0)A7! In(L/r) =2PA7! In(L/r). (22) 


In a similar way, one shows that for n < In(L/r), all 
Fy, are expressed via Fy and the structure functions 
Son = ([0(r, 1) -—0(0, 1) P") x In"(r/rg) for n« 
In(r/rq). This can be generalized for an arbitrary statis- 
tics of pumping as long as it is finite-correlated in time 
(Falkovich et al., 2001). 

One can use the analogy between passive scalar 
and vorticity in two dimensions as has been shown 
by Falkovich and Lebedev in 1994 following the line 
suggested by Kraichnan in 1967. For the enstrophy 
cascade, one derives the flux relation analogous to (18): 


((v,-Vi + ¥2- V2)@1@2) = 2D, (23) 


where D=(v(Vw)?). The flux relation along with 
w=curl v suggests the scaling du(r) xr, that is, ve- 
locity being close to spatially smooth (of course, 
it cannot be perfectly smooth to provide for a 
nonzero vorticity dissipation in the inviscid limit, 
but the possible singularitites are indeed shown to 
be no stronger than logarithmic). That makes the 
vorticity cascade similar to the Batchelor regime 
of passive scalar cascade with a notable change 
in that the rate of stretching A acting on a given 
scale is not a constant but is logarithmically grow- 
ing when the scale decreases. Since 4 scales as 
vorticity, the law of renormalization can be estab- 
lished from dimensional reasoning, and one gets 
(@(r, t)o(0,t))~[D In(L/r) 2/3 which corresponds 
to the energy spectrum Ey « D?/3k-~3In7!/3(kL). 
Higher-order correlation functions of vorticity are 
also logarithmic, for instance, (w"(r, t)w”(0,t)) ~ 
[DIn(L/r) "3. Note that both passive scalar in the 
Batchelor regime and vorticity cascade in two dimen- 
sions are universal, that is, determined by the single 
flux (P and D, respectively) despite the existence of 
higher-order conserved quantities. Experimental data 
and numeric simulations support these conclusions. 


Zero Modes and Anomalous Scaling 


Let us now return to the Lagrangian description and 
discuss it when velocity is not spatially smooth, for 
example, that of the energy cascades in the inertial 
interval. One can assume that it is Lagrangian statistics 
that are determined by the energy flux when the 
distances between fluid trajectories are in the inertial 
interval. That assumption leads, in particular, to the 
Richardson law for the asymptotic growth of the 
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interparticle distance: 
(Rip) ~ et, (24) 


which was first established from atmospheric observa- 
tions (in 1926) and later confirmed experimentally for 
energy cascades both in 3-d and in 2-d. There is no con- 
sistent theoretical derivation of (24), and it is unclear 
whether it is exact (likely to be in 2-d) or just approx- 
imate (possible in 3-d). The semi-heuristic argument 
usually presented in textbooks is based on the mean- 
field estimate: Ryy =dv(Ry2, t) ~ (eRy2)!/3, which 
upon integration gives RS _ Ri (0) ~e!/34, 
For the passive scalar it gives, by virtue of (20), 
Fo(r) ~ ®(O)e 7 !/9[L2/3 — +2/3] which was suggested 
by S. Corrsin and A.M. Oboukhov. The structure 
function is then S2(r) ~ ®(O)e~ 1/3,2/3 | Experiments 
measuring the scaling exponents o, =d1n S,(r)/dInr 
generally give o close to 2/3 but higher exponents de- 
viating from the straight line are even stronger than the 
exponents of the velocity in 3-d. Moreover, the scalar 
exponents 0, are anomalous even when advecting ve- 
locity has a normal scaling like in the 2-d energy cas- 
cade. 

To better understand the Lagrangian dynamics (and 
passive scalar statistics) in a spatially nonsmooth 
velocity, Kraichnan suggested considering the model 
of a velocity field as having the simplest statistical and 
temporal properties, namely Gaussian velocity which 
is white in time: 


(vir, Nv! 0, 0)) = 6) Dodi; — dP) 


dij = Dir*[(d + = yy 84 + = Deirdre], 
(25) 


Here the exponent y €[0,2] is a measure of the 
velocity nonsmoothness with y = 0 corresponding to a 
smooth velocity and y = 2 corresponding to a velocity 
very rough in space (distributional). Richardson— 
Kolmogorov scaling of the energy cascade corresponds 
to y=2/3. Lagrangian flow is a Markov random 
process for the Kraichnan ensemble (25). Every fluid 
particle undergoes a Brownian random walk with the 
so-called eddy diffusivity Do. The PDF for two particles 
to be separated by r after time f satisfies the diffusion 
equation (see, e.g., Falkovich et al., 2001) 


OP (r,t) = LoP(r,t), 
Ly = di(r)V'V = Dy(d — Vr!~48, 7441-7 9,, 
(26) 


with the scale-dependent diffusivity D\(d—1)r?~’. 
The asymptotic solution of (26) is lognormal for the 
Batchelor case while for y > 0 


P(r, t) = r¢! 44/7 exp(—constr’/t). (27) 
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For y = 2/3, itreproduces, in particular, the Richardson 
law. Multiparticle probability distributions also satisfy 
diffusion equations in the Kraichnan model as well as 
all the correlation functions of 6. Multiplying equation 
(17) by 62...02, and averaging over the Gaussian 
statistics of v and ¢, one derives 

0; Fon = L2n Fon + ye Fon-2P (Tim) , 


I,m 

Lan = Y>dij(Vim)VjVin- (28) 
This equation enables one, in principle, to derive 
inductively all steady-state F2, starting from F). 
The equation 0,Fo(r,t)=L2F2(r,t) + P(r) has a 
steady solution F2(r) = 2[®(0)/yd(d — 1)D,][dL”/ 
(d — y) —r”], which has the Corrsin—Oboukhov form 
for y = 2/3. Further, F4 contains the so-called forced 
solution having the normal scaling 2y but also, 
remarkably, a zero mode Z4 of the operator La: 
L4Z4=0. Such zero modes necessarily appear (to 
satisfy the boundary conditions at r ~ L) for alln > 1, 
and the scaling exponents of Z2, are generally different 
from ny that is anomalous. In calculating the scalar 
structure functions, all terms cancel out except a single 
zero mode (called irreducible because it involves all 
distances between 2n points). Calculations of Z, and 
their scaling exponents o,, were carried out analytically 
aty <1,2—y «1 andd > 1, and numerically for all 
y and d = 2, 3 (Falkovich et al., 2001). 

That gives o, lying on aconvex curve (as in Figure 1) 
which saturates to a constant at large n. Such saturation 
(confirmed by experiments) is a signature that most 
singular structures in a scalar field are shocks (as in 
Burgers turbulence), the value o, at n— oo is the 
fractal codimension of fronts in space. Interestingly, the 
Kraichnan model enables one to establish the relation 
between the anomalous scaling and conservation laws 
of a new type. Thus, the combinations of distances 
between points that constitute zero modes are the 
statistical integrals of Lagrangian evolution. To give 
a simple example, in a Brownian walk, the mean 
distance between every two particles grows with 
time, (Rj, (t)) = Rj, (0) + «t, while (Rj, — R?,) and 
(2(d +2) R?, Rey —d(Ri, + Ri) (and an infinity of 
similarly built harmonic polynomials) are conserved. 
Note that the integrals are not dynamical, they are 
conserved only in average. In a turbulent flow, the 
form of such conserved quantities is more complicated, 
but the essence is the same: the increase of averaged 
distances between fluid particles is compensated by 
the decrease in shape fluctuations. The existence 
of statistical conserved quantities breaks the scale 
invariance of scalar statistics in the inertial interval 
and explains why scalar turbulence knows more about 
pumping than just the value of the flux. Note that both 
symmetries, one broken by pumping (scale invariance) 
and another by damping (time reversibility) are not 
restored even when r/L — 0 and rg/r > 0. 
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For the vector field (like velocity or magnetic field 
in magnetohydrodynamics), the Lagrangian statistical 
integrals of motion may involve both the coordinate 
of the fluid particle and the vector it carries. Such 
integrals of motion were built explicitly and related 
to the anomalous scaling for the passively advected 
magnetic field in the Kraichnan ensemble of velocities 
(Falkovich et al., 2001). Doing the same for velocity 
that satisfies the Navier-Stokes equation remains a task 
for the future. 

Grecory FALKovIcH 


See also Burgers equation; Chaos vs. turbulence; 
Development of singularities; Intermittency; Kol- 
mogorov cascade; Lagrangian chaos; Magneto- 
hydrodynamics; Mixing; Navier-Stokes equation; 
Nonlinear Schrédinger equations; Water waves; 
Wave packets, linear and nonlinear 
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TURBULENCE, IDEAL 

Ideal turbulence (IT) is a mathematical phenomenon 
that occurs in certain infinite-dimensional deterministic 
dynamical systems. The attractor of an IT system lies 
off the phase space, and among the attractor points there 
are fractal or even random functions. IT is observed 
in various idealized models of real distributed systems 
(electrodynamics, acoustics, radiophysics, etc.), and 
it helps to understand the mathematical scenarios for 
features of real turbulence. Cascade processes in IT 
are capable of giving birth to structures of arbitrarily 
small scale and even causing stochastization of 
the systems. 

A mathematically rigorous definition of ideal 
turbulence is based on notions of dynamical systems 
theory and chaos theory. Spatiotemporal chaotization 
in dynamical systems on spaces of smooth or piecewise 
smooth functions is perceived as a cascading evolution 
of such functions with the result that their behavior 
becomes more and more intricate (see Figure 1), 
whereupon the limiting states cannot be described with 
smooth functions. This implies that the attractor of 
the dynamical system is not contained entirely in the 
phase space; thus, the dynamical system needs to be 
extended on a wider functional space so that this new 
space contains whole “w-limit” sets of all or almost all 
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Figure 1. Start of ideal turbulence: Typical instantaneous 
distributions of current in a lossless transmission line described 
by the boundary-value problem iy =— Cv;, vx =— Lit, and 
v(0, t)=0, i(1,t)= G(w(, t)), where i and v are the current 
and voltage along the line, and G specifies the v-i characteristic 
of an Esaki (tunnel) diode fixing the boundary condition atx = 1. 


trajectories. (The w-limit set of a trajectory is defined 
as the attractor of the trajectory or, more precisely, as 
the set of limit points of the trajectory.) The spaces of 
fractal and random functions are particularly appealing 
for use as a wider space. 

If, with such an extension, the w-limit set of the 
trajectory corresponding to some initial state contains 
a “point” that is a fractal function, then this initial 
state is said to generate IT. Similarly, if a dynamical 
system can be extended on a space containing both 
deterministic and random functions and for some initial 
state its associated w-limit set contains a “point” that 
is a random function, then this initial state is said to 
generate stochastic ideal turbulence (SIT). If initial 
states generate IT or SIT, then IT or SIT is said to occur 
in the dynamical system. 

For a space containing fractal functions, one may 
take the space of multivalued functions with the metric 
p (f1, &) =disty (grt, gt), where disty (+) is 
the Hausdorff distance between sets and gr ¢ denotes 
the graph of ¢. As any function (deterministic or 
random) can be interpreted as the collection of all 
its finite-dimensional distributions, a metric for spaces 
containing random and deterministic functions is 
conveniently chosen to compare the distributions of 
functions (Sharkovsky & Romanenko, 1992). 

This classification can be deepened. For instance, an 
initial state is said to generate weak ideal turbulence 
(WIT) if it does not generate IT but its associated 
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q-limit set contains a function that is multivalued at 
an infinite number of points. 

A simple example of a system with turbulence is 
the discrete dynamical system acting on the space of 
smooth functions g: D — E according to the rule 


Sioa) F¢@)), qd) 


where f : E> E is a smooth function, and D and E 
are regions of Euclidean spaces. The trajectory through 
a point g is the sequence f”(y(x)), n=O, 1, 2,..., 
where the superscript n denotes the nth iteration. Thus, 
the dynamics of the trajectory can be treated as the 
dynamics of a continuum of uncoupled oscillators. At 
every point x € D, there is a “pendulum,” oscillating 
under the law z, +> Zn 4.1 = f (Zn) with zo = g(x) and 
independently of the pendula at other points of D. 
The independence of the oscillators causes IT in the 
dynamical systems (1), and moreover, when f has the 
property of sensitive dependence on initial data on some 
open set E’ Cc E, those g such that g(D) D> E’ often 
generate SIT. In more general situations that occur 
in applied problems, the oscillation law depends on 
initial data g and/or a point x € D; it can also be time- 
dependent. 

A description of long-term properties for the 
dynamical systems (1) is most advantageous when f 
is a one-dimensional map, and D and E are intervals, 
whereupon one has the following result: 


Theorem. There occur (i) weak ideal turbulence, if 
f has periodic trajectories of periods 2',0 <i <1, 
with some | > 1, and no other periodic trajectories; 
(ii) ideal turbulence, if f has a periodic trajectory 
of period # 2',i=0,1,...; and (iii) stochastic 
turbulence, if f possesses an ergodic smooth 
invariant measure. 


The map f :z+> 4z(1—z), z€[0, 1], has an invari- 
ant measure with the density p(z)=1/2/z(1 — z), 
and almost each y:[0,1] — (0,1) generates SIT. 
Its associated w-limit set consists of a single point 
which is the random function with the distribution 
F(x, 2) = fy p(z) dz = (2/m) arcsin /Z. Thus the at- 
tractor of the dynamical system (1) consists of just this 
one point. For f = fx: zt Az(1—z),0<A<4, there 
exists a set of positive Lebesgue measure A C (3, 4] 
such that f, with A € A has an ergodic smooth invariant 
measure on [0, 1]; hence SIT in the dynamical systems 
(1) is a non-exclusive phenomenon. 

Many evolutionary boundary-value problems (BVPs) 
for partial differential equations induce dynamical sys- 
tems of shifts along solutions. It is natural to say that 
there arises IT or SIT ina BVP if such turbulence occurs 
in the corresponding dynamical system. The simplest 
example is the BVP 


w;—- wy = 0,0 <x <1,t>0, (2) 


wl, t) = f(w@,t)), (3) 
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Figure 2. Towards stochastic turbulence: Typical evo- 
lution of flow lines for the vector field (w!, w2) given by 
wi=u!+u!I, w? =—w? —v?, —0o<x<+o,0<y<l, 
and wi= wy =0 wis f(w)ly =1 with f(z) =1—22?. 
The attractor of the BVP consists of one point—the 
random vector field wi, w) whose components 
have the same (x, y)-independent distribution density 


l/2nJ1—z2, -l<z<l. 





where f is a smooth function from some interval E into 
itself. On the space of smooth functions g : [0, 1] > E, 
the BVP induces the dynamical system of shifts 
S':9(x) wy(x,t),t>0, where wy(x,t) is the 
solution meeting the initial condition w(x, 0) =¢@(x). 
For the BVP considered, the shift operator S‘ is 
represented as 


S'ig@)re f° {x + 1))) (4) 


with ( - ) and {-} being the integer and fractional part 
of a number, respectively. Thus the dynamical system 
(4) is a continuous analog of the dynamical system (1), 
and one can formulate conditions for turbulence in the 
BVP according to the above theorem. 
Replacing (3) with w;(1, t)=g(w(0, t)) w;(0, t)) 
leads to the dynamical system (4) where f is replaced 
with fy[yj=f+yvl¢], f is an antiderivative of g 
and y[y] = f (g(O)) — g(1). The type of the turbulence 
arising in a solution wy(x, t) follows the theorem, as 
applied to fy[y]- 

BVPs for the wave equation (and related systems) 
provide examples of ideal turbulence. For the BVP 





Wi — Wry =0, O<x<l, (5) 


w(0,t)=0, w(,t) = A(wx(1, £)), (6) 
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its associated shift operator S‘ is expressed through 
a one-dimensional map f :Zn+> Zn+1, defined im- 
plicitly by Zn41—Zn=h (Zn +2Zn+1). This allows 
one to find conditions for IT or SIT for par- 
ticular functions h (Sharkovsky, 1994; Sharkovsky 
et al., 1995). When the conditions of (6) are re- 
placed with w(0,t) = 0, wy(1,t)=h(wy(0, 1)), 
there arises a two-dimensional map defined by 
Zn+1—2Zn—-1=A(Zn)- 

There are many other one- and many-dimensional 
BVPs whose dynamics are described in terms of low- 
dimensional maps, as in the above examples. In these 
cases, the theory of maps suggests why and how 
turbulence occurs in the BVP and presents scenarios for 
self-structuring and self-stochastization. Of importance 
here are the following properties of maps: the intricate 
dynamical structure of the basins of attracting cycles, 
the local self-similarity of the set of points with unstable 
trajectories, and the occurrence of a smooth invariant 
measure. Figure 2 is an example of how processes of 
self-structuring lead to stochastic turbulence. 

AN. SHARKOVSKY AND E. Yu. ROMANENKO 


See also Attractors; Butterfly effect; Chaotic dy- 
namics; Dimensions; Dynamical systems; Ergodic 
theory; Maps; Measures; Mixing; One-dimensional 
maps; Phase space; Routes to chaos; Sinai-Ruelle- 
Bowen measures; Turbulence 
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TURING PATTERNS 

As noted by D’ Arcy Wentworth Thompson (1917) peo- 
ple in the early 1900s (when the study of symmetry- 
breaking instabilities was still in its infancy) had 
already considered the possibility of generating station- 
ary regular concentration patterns through the interplay 
of diffusion and chemistry. At mid-century, the British 
mathematician and computing pioneer, Alan Turing, 
was the first to formulate necessary conditions for the 
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Figure 1. (a)-(d) Turing structures of different symmetries 
obtained with the chlorite-iodide-malonic acid reaction. Dark 
and light regions, respectively, correspond to high and low iodide 
concentration. The wavelength, a function of kinetic parameters 
and diffusion coefficients, is of the order of 0.2 mm. All patterns 
are at the same scale: view size 1.7mm x 1.7mm (Courtesy P. 
De Kepper, CRPP). 


occurrence of space symmetry breaking in the context 
of biological morphogenesis (Turing, 1952). Follow- 
ing the emergence of the self-oscillating Belousov— 
Zhabotinsky reaction (Epstein & Pojman, 1998) in 
the mid-1960s, Ilya Prigogine and coworkers revived 
Turing’s concept, put it on sound thermodynamic and 
kinetic grounds, and showed that it could only be sus- 
tained in continuously fed reactors at a finite distance 
from equilibrium (Nicolis & Prigogine, 1977). 

This work opened up a whole new field of physical 
chemistry. Many theoretical studies followed, and the 
diffusive instability that generates such dissipative 
structures has popped up in other domains of physics 
and chemistry (Ball, 1999). However, experiments in 
the chemical realm lagged behind, and it was only in 
1989 that the first experimental evidence was obtained 
by De Kepper and his group (Castets et al., 1990) us- 
ing the chlorite-iodide-malonic acid reactive system in 
so-called gel reactors. A recent detailed status of Tur- 
ing patterns and other symmetry-breaking instabilities 
in solution chemistry is presented in Borckmans et al. 
(2002). 

The Turing—Prigogine mechanism consists in the 
spontaneous instability of a homogeneous mixture of 
chemically reacting species, when some parameter 
threshold is crossed as one moves away from 
equilibrium conditions. It leads to stationary, space- 
periodic patterns for the concentrations of reactants (see 
Figure 1). In its minimal form, the description of all 
the systems that exhibit such diffusive instability can 
formally be cast in the common language of reaction- 
diffusion systems governed by the set of equations 


dc(r, t) 


ar f(c,b)+V-DVc(r,t), (1) 
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where c(r, t)=(..., Cj, .-.) is the local concentration 
vector, f(c, b) is a vector function representing the 
reaction kinetics wherein lies the source of nonlinearity, 
b stands for a set of control parameters, and D is the 
matrix of diffusive transport coefficients. Appropriate 
initial and boundary conditions, in relation with 
the experimental setup are added to complete the 
mathematical formulation. 

To support such symmetry-breaking instability, the 
chemical kinetics must involve some type of positive 
feedback loop controlled at least by an activator 
species that reinforces its own changes, the latter 
being counterbalanced by an inhibitory process. Spatial 
structures can form when the inhibitory effects are 
transported by diffusion over a larger space range 
than that of the activating mechanism. An intuitive 
picture may be obtained when a single activator 
(A) and inhibitor (H) are present. A autocatalytically 
promotes its own production and that of H, while 
the latter opposes the production of A. Consider such 
system in a nonequilibrium homogeneous steady state 
(hss) and quench it beyond the instability threshold. 
The hss then becomes very sensitive. A slight local 
fluctuation of the concentration of A will increase while 
it also spreads to the surroundings through diffusion. It 
will also start producing some H that, however, will 
diffuse away much faster from the point where the 
fluctuation occurred as Dy > Da. H thereby hinders 
the propagation of A. A localized peak of activator 
surrounded by a barrier of H is thus created. In extended 
systems, such peaks tend to emerge everywhere, 
randomly distributed, and their interactions lead to the 
periodic concentration patterns. The beauty of Turing’s 
idea lies in the counterintuitive organization role of 
diffusive processes when they compete with the proper 
autocatalytic chemistry, while diffusion still locally 
strives to erase any concentration of inhomogeneity. 

Theoretical work uses nonlinear kinetic models for 
f (c, b) with a limited number of chemical species, typ- 
ically two or three (Brusselator, Oregonator, CDIMA, 
etc.). These models stand as a compromise between 
a minimum of chemical realism and mathematical 
tractability. For their part, the experimental kinetic 
schemes usually involve many species, often not fully 
determined (Epstein & Pojman, 1998). 

Analytical work that relies heavily on bifurcation 
theory (Nicolis & Prigogine, 1977; Manneville, 1990) 
allows one to determine, through the solution of am- 
plitude equations, which structures of given symme- 
try are stable for specific conditions (pattern selection). 
The calculated bifurcation diagrams help to organize 
the results obtained by straightforward numerical inte- 
gration of the reaction-diffusion equations. Both types 
of information may be used to interpret the experimen- 
tal results. This pattern selection problem was already 
on Turing’s mind when he stated (Turing, 1952): “Most 
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Figure 2. Schematic representation of a disc-shaped one side 
fed reactor (OSFR): CSTR (continuous stirred tank reactor), 
Membrane (mineral disc, pore size 0.02 mm) often placed to 
protect the gel from mechanical stress produced by the stirrer of 
the CSTR, Gel, In and Out (input and output ports of chemicals), 
L (light source), CCD camera. 


of an organism, most of the time, is developing from 
one pattern into another, rather than from homogeneity 
into a pattern. One would like to be able to follow this 
more general process mathematically also.” 

The experimental work takes place in so-called 
open spatial reactors (Borckmans et al., 2002) which 
are specifically designed to control the reaction and 
the structures that eventually develop at a fixed 
distance from equilibrium and allow probing of the 
true asymptotic states of the reaction-diffusion systems. 
Experiments are now usually performed in a one- 
side fed reactor (OSFR) sketched in Figure 2. The 
core consists of a piece of soft hydrogel fed by 
diffusion through one of its faces with chemicals 
contained in a continuous stirred tank reactor (CSTR), 
the contents of which are continuously renewed by 
pumps. The other faces of the gel are pressed against 
impermeable transparent walls (Plexiglas). Viewing 
can be practiced both along the feeding axis or 
orthogonal to it (Ball, 1999; Ouyang & Swinney, 1991). 
The gel is used to avoid all perturbations induced by 
the hydrodynamic flows as those associated with the 
constant supply of fresh reactants, so that only reactive 
and diffusive processes compete. The necessary 
diffusion differential between activator and inhibitor 
species is obtained through the reversible binding of 
the activator molecules to the large molecular weight 
color indicator species that is included for visualization 
purposes. An advantage of such reactors is that they 
allow for direct correlations to be made between the 
dynamics of the CSTR, the bifurcation behaviors of 
which have been extensively studied in the past (Epstein 
& Pojman, 1998), and that of the gel. 

Although scores of papers have been devoted to the 
application of Turing’s idea to biological problems, 
this speculation remains to be confirmed (Epstein & 
Pojman, 1998; Borckmans et al., 2002). 

PIERRE BORCKMANS AND Guy DEWEL 


See also Belousov—Zhabotinsky reaction; Brussela- 
tor; Morphogenesis, biological; Pattern formation; 
Reaction-diffusion systems 
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See Nontwist maps 


TWISTOR THEORY 


Introduced by Roger Penrose as a geometrical frame- 
work for the unification of quantum theory and general 
relativity (gravity), twistor theory brings out the com- 
plex (holomorphic) geometry that underlies real space- 
time. In general relativity, space-time is a four mani- 
fold with metric g. When g = dt? — dx? — dy? —dz?, 
where (f, x, y, z) are coordinates on R4, g is said to be 
flat with signature (1,3) and is called Minkowski space. 

The first appearance of a complex structure arises 
from the fact that at a given event, the celestial 
sphere of light rays (null directions with respect to 
g) naturally has the structure of the Riemann sphere, 
cr! , in such a way that Lorentz transformations (linear 
transformations of the tangent space preserving the 
metric) act on this sphere by Mébius transformations. 
Twistor space extends this idea to the whole of 
Minkowski space. Denoted PT, the twistor space for 
Minkowski space is complex projective three space, 
CP°, the space of one-dimensional subspaces of Cc; 
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it is a three-dimensional complex manifold obtained 
by adding a “plane at infinity” to C3. Physically, 
points of twistor space correspond to spinning massless 
particles in Minkowski space. Mathematically, the 
correspondence can be understood as the Klein 
correspondence. 


The Klein Correspondence 


The correspondence between PT and Minkowski space 
can be extended first to complexified Minkowski space, 
so that the coordinates are allowed to take on values 
in C, and then to its conformal compactification by 
including some points at infinity. It then coincides 
with the classical complex Klein correspondence. The 
Klein correspondence is the one-to-one correspondence 
between lines in CP? and points of a four complex- 
dimensional quadric, CM, in CP>. The four-quadric 
CM can be understood as conformally compactified 
complexified Minkowski space. Introducing affine 
coordinates (A, z;,Z2) on PT, we find that a line in 
PT corresponds to a point (t, x, y, z) by 


zi) _ (t-z xtiy\/1 
za) \x-iy tt+z aA} 


Alternatively, fixing (A, z1, Z2) in these equations gives 
a two-plane in complex Minkowski space correspond- 
ing to all the lines in PT through (A, z1, z2). Such two- 
planes are called aw-planes. They are totally null (i.e., 
the tangent vectors not only have zero length but are 
also mutually orthogonal) and also self-dual (under the 
differential geometer’s notion of Hodge duality). 

This complex correspondence can also be restricted 
to give correspondences for R* with metrics of positive 
definite signature or ultra-hyperbolic (2, 2) signature. 


The Penrose Transform 


A basic task of twistor theory is to transform solutions to 
the field equations of mathematical physics into objects 
on twistor space. This works well for linear massless 
fields such as the Weyl neutrino equation, Maxwell’s 
equations for electromagnetism, and linearized gravity. 
In its general form, this transform has become known 
as the Penrose transform. Such fields correspond to 
freely prescribable holomorphic functions f(A, z1, Z2) 
(or, more precisely, analytic cohomology classes) on 
regions of twistor space. The field can be obtained 
from this function by means of a contour integral. The 
simplest of these integral formulae is 


g(x") = 
$s QA,t 





Z+AC +iy),x —iy +A(t+ z)) da, 
(1) 
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and differentiation under the integral sign leads to the 
fact that @ satisfies the wave equation 


ao Fp ah dO 


0. 
at2 ax? = ay? Az 





Equation (1) was originally discovered by Bateman 
(1910). 

The Penrose transform has found important appli- 
cations in representation theory and integral geometry. 
For a review, the reader is referred to Baston and East- 
wood (1989), the relevant survey articles in Bailey & 
Baston (1990) or Chapter 1 of Mason et al. (1990). 


Twistor Theory and Nonlinear Equations 


The Penrose transform for the Maxwell equations 
and linearized gravity turns out to be linearizations 
of correspondences for nonlinear versions of these 
equations, the Einstein vacuum equations and the 
Yang-Mills equations, but only in the case that these 
fields are anti-self-dual. This is the condition that 
the curvature two-forms satisfy F*=—iF where x 
denotes the Hodge dual (which, up to a change of sign, 
has the effect of interchanging electric and magnetic 
fields); it is a nonlinear generalization of the right- 
handed circular polarization condition. In Minkowski 
signature, the i factor in the anti-self-duality condition 
implies that real fields cannot be anti-self-dual. Thus, 
these extensions are not sufficient to fulfill twistor 
theory’s aim of incorporating real basic physics in 
Minkowski space. However, the factor of iis not present 
in Euclidean and ultrahyperbolic signature, so the anti- 
self-duality condition is consistent with real fields in 
these signatures, and this is where the main applications 
of these constructions have been. 


The Nonlinear Graviton Construction and 
Its Generalizations 


The first nonlinear twistor construction was due 
to Penrose (1976) and was inspired by Newman’s 
construction of “heavens” from the infinities of 
asymptotically flat space-times in general relativity 
(Newman, 1976). 

The nonlinear graviton construction proceeds from 
the definition of twistors in flat space-time as a- 
planes in complexified Minkowski space. It is natural 
to ask which complexified metrics admit a full 
family of w-surfaces, that is, two surfaces that are totally 
null and self-dual. The answer is that a full family 
of a-surfaces exists if and only if the conformally 
invariant part of the curvature tensor, the Weyl tensor, 
is anti-self-dual. In this case, twistor space can be 
defined to be the (necessarily three-dimensional) space 
of such a-surfaces. A remarkable fact is that the twistor 
space (together with its complex structure) is sufficient 
to determine the original space-time, and that the 
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data defining the twistor space is effectively freely 
prescribable, see Penrose (1976) or Atiyah et al. (1978), 
for a discussion specialized to Euclidean signature. 

There are now large families of extensions, 
generalizations and reductions of this construction. 
They are all based on the idea of realizing a space 
with a given complexified geometric structure as 
the parameter space of a family of holomorphically 
embedded submanifolds inside a twistor space. In 
general, the most useful of these constructions are those 
in which the “space-time” is obtained as the space of 
rational curves in a twistor space. This is because the 
equations that are solved on the corresponding space- 
time can be thought of as a completely integrable 
system. See Chapter 13 of Mason & Woodhouse 
(1996) for a more detailed discussion from this point 
of view. 


The Anti-self-dual Yang-Mills Equations and 
Its Twistor Correspondence 


The anti-self-dual Yang-Mills equations extend 
Maxwell’s equations for electromagnetism in the right 
circularly polarized case. They are really a family of 
equations depending on a choice of Lie group G, usu- 
ally taken to be a group of complex matrices, and 
Maxwell’s equations arise from the case in which 
G=U(I). 

Introduce coordinates x“, a=0,1,2,3, on R? 
with metric ds? =dx° dx? + dx! dx?. The dependent 
variables are the components A, of a connection 
Dg =0q — Ag, Where 0g =0/dx% and Ag = A(x") € 
Lie G, the Lie algebra of G. This connection defines 
a method of differentiating vector valued functions 
s in some representation of G. The freedom in 
changing bases for the vector bundle induce the gauge 
transformations A, > g~!Agg—g~!dug, g(x)EG 
on Ag, and two connections that are related by a gauge 
transformation are deemed to be the same. 

The self-dual Yang—Mills equations are the condition 





[Do, D2] = [Di, D3] = [Do, D3] + [ D1, D2] = 0. 


They are the compatibility conditions [Dp +AD1, 
D2 +4D3]=0 for the linear system of equations 


(Do + AD1)s = (D2 + AD3)s = 0, (2) 





where 2 €C and s is an n-component column vector. 
These last equations form a Lax pair for the system. 
The Ward construction (Ward, 1977) provides a 
one-to-one correspondence between gauge equivalence 
classes of solutions of the self-dual Yang-Mills 
equations and holomorphic vector bundles on regions 
in twistor space. The key point here is that Equation 
(2) defines parallel propagation along a-planes. To 
each point Z in twistor space, we can associate the 
vector space Ez of solutions to Equation (2) along 
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the corresponding a-plane. These vector spaces vary 
holomorphically with Z, and that is what one means 
by a vector bundle E — PT. A remarkable fact is that 
the anti-self-dual Yang—Mills field can be reconstructed 
up to gauge from E, and E is effectively freely 
prescribable. See Penrose (1984, 1986); Ward & Wells 
(1990), or Mason & Woodhouse (1996) for a full 
discussion, and Atiyah (1979) for a discussion in 
Euclidean signature. 


The Connection with Completely 
Integrable Systems 


In effect, the twistor constructions amount to providing 
a geometric general local solution to the anti-self- 
duality equations in the sense that the twistor data is 
(for a local solution) freely prescribable. Thus, they 
demonstrate complete integrability of the anti-self- 
duality equations. The reconstruction of a solution on 
space-time from twistor data can be hard. In the anti- 
self-dual Yang—Mills case, it involves the solutions of 
a Riemann—Hilbert problem, and in the case of the 
anti-self-dual Einstein equations, the construction of 
a family of rational curves inside a complex manifold. 
Nevertheless, such constructions are a familiar part of 
the apparatus of the theory of integrable systems. 

In Ward (1985), this connection with integrable 
systems was developed further, and the anti-self- 
dual Yang-Mills equations were shown to yield 
many important integrable systems under symmetry 
reduction. Ward’s list has been extended and now 
includes many of the most famous examples of 
integrable systems such as the Painlevé equations, the 
Korteweg—de Vries equation, the nonlinear Schrédinger 
equation, the N-wave equations, among others (see 
Ablowitz & Clarkson (1992) and Mason & Woodhouse 
(1996) for a review). There are some notable omissions 
from the list such as the Kadomtsev—Petviashvili and 
Davey-—Stewartson equations (at least if one restricts 
oneself to finite-dimensional gauge groups), but the list 
remains impressive. 

One can impose symmetries on the twistor construc- 
tions for the anti-self-duality equations to obtain a re- 
duced twistor correspondence for solutions to any of 
these integrable equations (see Mason & Woodhouse 
(1996) and Chapter 1 of Mason et al. (1995)), so there 
are many many twistor correspondences. 


Applications 


Twistor constructions have the effect of reducing prob- 
lems in nonlinear differential equations to problems 
in complex holomorphic geometry, where there are 
many powerful tools. Twistor theory underlies the many 
appearances of algebraic geometry, loop groups, and 
Riemann-Hilbert problems in the theory of integrable 
systems, even though these structures were, for sys- 
tems in one and two dimensions, usually discovered 
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without knowledge of the twistor theory, see Mason & 
Woodhouse (1996). The most impressive applications 
of twistor theory have been in three and four dimen- 
sions, where it is difficult to imagine making such sig- 
nificant progress without the twistor theory. 

The Ward construction was used by Atiyah, Drinfeld, 
Hitchin, and Manin to construct the Yang-Mills 
instantons on S*; see Atiyah (1979). Its symmetry 
reduction was also used by both to obtain monopoles 
on R? and to study the hyperkihler metric on their 
moduli spaces, see Ward & Wells (1990) and Atiyah 
and Hitchin (1988) (see Mason & Woodhouse (1996) 
for further applications). 

The nonlinear graviton construction and its general- 
izations have been used for many constructions of Ein- 
stein manifolds and more general anti-self-dual mani- 
folds (see Hitchin (1979) for the construction of asymp- 
totically locally Euclidean hyperkéhler spaces in four 
dimensions). The twistor constructions have also been 
an important tool in studying general properties, for 
a twistor construction of an anti-self-dual conformal 
structure on any manifold that is aconnected sum of two 
other such manifolds (Donaldson & Friedman, 1989). 
Further applications and developments can be found in 
Mason et al. (2001). 

An application that goes beyond complete inte- 
grability is the twistor framework of Merkulov for 
studying arbitrary geometric structures. This has led 
to the remarkable classification of all possible irre- 
ducible holonomies of torsion-free affine connections 
(Merkulov & Schwachhofer, 1999). 

It is to be hoped that these many applications will 
one day feed back into Penrose’s original program 
and provide a unification between quantum theory and 
gravity. 





LionEL Mason 


See also Einstein equations; General relativity; 
Instantons; Integrability; Integral transforms; 
Inverse scattering method or transform; Riemann- 
Hilbert problem; Yang-Mills theory 
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UEDA EQUATION 
See Duffing equation 


UNIVERSALITY 

The concept of universality serves to emphasize like 
behavior in seemingly unrelated systems. It became 
popular in the context of phase transitions when it 
was noted that after a suitable mapping between the 
thermodynamic variables, the scaling behavior of spin 
systems near the critical point depends on the number 
of spin directions, the dimensionality of the system, 
and the type and range of interactions only (Griffiths, 
1970; Binney et al., 1992). Thus, there is no “universal” 
universality, but only a restricted one among systems 
that belong to the same universality class. 

A deeper understanding of the empirically estab- 
lished relations emerged within the renormalization 
group treatment of phase transitions, which allowed 
identification of the parts of the interactions that are 
relevant for an assignment to a universality class 
(Wilson, 1983; Binney et al., 1992). 

An elementary example of thermodynamic univer- 
sality is provided by the law of corresponding states for 
interacting gases. They can be described over a wide 
range of temperature T, pressure p, and volume V by 
the van der Waals equation of state. For one mole of the 
gas it is 


(p ta/V7)(V —b) = RT () 


with R being the gas constant and a and b parameters 
characteristic of the gas. This equation of state has a 
critical point where both dp/dV = 0 and a2 p/aV2 =0, 
given by 
8a a 
27b ~ 27b? 
Because of the dependence on the material 
parameters a and b, these quantities differ from gas to 
gas. However, when p, T, and V are expressed in terms 
of the critical values, the material constants disappear. 
With p = p/Pc, V=V/Ve, and T = T/Ty the reduced 
quantities, the van der Waals equation of state 


RT, = 





Pc andVe = 3b. (2) 
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becomes 


(p +3/V7)BV — 1) =8T. (3) 


Interestingly, this mapping between states of 
different gases remains useful even when the gases do 
not follow the predictions from van der Waals theory, 
for example, near the critical point and in the liquid-gas 
coexistence region (Stanley, 1971; Binney et al., 1992). 

Universality in thermodynamic systems is often 
characterized quantitatively by the exponents in the 
power laws with which quantities, such as the 
specific heats, susceptibilities, and spatial or temporal 
correlation functions, diverge near a critical point (if 
the exponent vanishes, then there can be logarithmic 
variations or discontinuities). The ideal behavior in the 
thermodynamic limit is often clouded by corrections 
because of the finite size of the sample, and these very 
often show power law dependencies too. The search for 
universality in other systems and situations is, hence, 
often accompanied by investigations of scaling laws 
and comparisons of exponents. 

The success of universality considerations in 
thermodynamics has triggered many investigations in 
nonlinear dynamical systems. Universality arguments 
can help to link behavior in one-dimensional maps, 
in chemical reactions, in electrical circuits, or in 
hydrodynamic systems, for instance. Here are some 
situations where universality and scaling appear in 
nonlinear systems. 

Period-doubling cascade. Grossmann & Thomae 
(1977), Feigenbaum (1978), and Coullet & Tresser 
(1978) noted that the sequence of parameters i», 
in quadratic maps, like xj; =A,(1 — 2x?) where 
bifurcations from orbits of period 2” to 2"+1 occur, 
that is, 4; =0.70716, 42=0.80953, A3=0.83112, 
A4= 0.83574, etc., form a geometric sequence, 
An =hoo — ad~" (a is a constant). The ratio 





An — An- 
sat (4) 
Anti —n 
converges to a value 
5 = 4.669201609... . (5) 
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This values appears for all maps with a single 
quadratic maximum and negative Schwartzian deriva- 
tive (f’”"/f! — BSL) <0), as a renormalization 
of the map due to Cvitanovic (1984), Feigenbaum 
(1979), Coullet & Tresser (1978), and Lanford (1982) 
shows. It also appears in higher-dimensional dissipative 
maps, in continuous differential equations, and even 
in partial differential equations. Experimental evidence 
was first found in experiments on thermal convection 
(Libchaber & Maurer, 1980) and in acoustical, electri- 
cal, chemical, and many other cases since. Examples 
are given in Schuster (1988) and Cvitanovic (1984). 

Further universal scaling laws have been established 
for period n-tupling, for period doubling with other 
forms of the maximum, for the scaling of the splitting of 
iterates in period doubling, for the amplitudes of higher 
harmonics in Fourier spectra, and for the influence 
of noise on period-doubling bifurcations (Cvitanovic, 
1984; Schuster, 1988). Period-doubling in conservative 
systems has different scaling exponents (MacKay & 
Meiss, 1987). 

Other situations with universal scaling laws arise 
in the case of intermittency (saddle-node bifurcations) 
and near the break-up of tori in conservative systems 
(Cvitanovic, 1984; Schuster, 1988). 

Pattern formation. In many pattern forming 
systems, the equation for the amplitude of the pattern 
is of Ginzburg—Landau type, with the interactions dic- 
tated by continuous and discrete symmetries of the sys- 
tem (Golubitsky & Schaeffer, 1985; Golubitsky et al., 
1988). A simple example for a system with a real am- 
plitude A and invariance under A > —A is 


aA =eA— A+ AA, (6) 


If the control parameter ¢ is negative, there is no 
pattern. For positive ¢ the amplitude increases like ¢!/?. 
This behavior is widely observed (Cross & Hohenberg, 
1993). 

Singularity formation. The final stages during the 
formation of singularities often show asymptotic 
scaling behavior. For instance, two gravitating bodies 
starting at rest will collide with distance vanishing like 
1?/3 and velocities diverging like t~!/3. The formation 
of the pinching off of a cylindrical column of liquid 
is an example of a process that is universal not only 
in its scaling behavior but also in the prefactors. The 
formation of the pinch is due to surface tension and 
is counteracted by viscous effects. From the relevant 
material parameters surface tension y (of dimension 
kg/s?), viscosity 1 (kg/(m s)), and density p (kg/m?), 
one can form a scale of length /, = /(oy) and one of 
time tp = n° /(y2p). The behavior of an axisymmetric 
column is universal in the sense that the minimal 
diameter dmin(t) and the maximal velocity Umax (t) at a 
time ¢ before pinch off are given by (Eggers, 1993) 


dmin(t) 


= 0.0608 () ‘ 
lp tp 
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1\-l2 
= 3.07 (+) : (7) 
Ip/ ty tp 


Random matrix theories. The Hamiltonian operator 
that describes a given quantum system has a specific 
form that may be poorly known, as in the case 
of impurities in a solid or the interactions between 
nucleons in an atomic nucleus, but it certainly is 
not arbitrary or random. Nevertheless, for very many 
systems, the statistical properties of eigenvectors 
or the statistics of neighboring eigenvalues behave 
in a universal way that does not depend on the 
specific system anymore. When rescaled by the mean 
distance, neighboring energy eigenvalues of hydrogen 
in strong magnetic fields, electrons in quantum dots, 
scattering resonances in nuclei such as 26a, resonance 
frequencies in microwave resonators, and vibrating 
quartz blocks can all show the same spacing distribution 
(Stéckmann, 1999). The only requirement is that the 
systems are disordered or classically chaotic. The 
specific form of the distributions then depends on the 
global symmetry properties of the Hamiltonian, that is, 
on whether it is real symmetric, complex Hermitian, 
or symplectic (Guhr et al., 1998; Stéckmann, 1999). 
System-specific properties appear on much larger 
scales of separation between eigenvalues; they can be 
understood within semiclassical periodic orbit theory. 

Universality in turbulence. Lewis Fry Richardson 
described a turbulent flow as a hierarchical arrangement 
of vortices of different sizes that appear and disappear in 
an unpredictable fashion. The famous scaling laws of 
Kolmogorov, Obhukov, Weizicker, and Onsager hold 
that in homogeneous, isotropic turbulence, the square 
of the velocity difference between two points a distance 
r apart scales like (er)?/3, where ¢ is now the energy 
dissipation (Frisch, 1995). The expectation is that this 
is independent of the precise mechanism of stirring, as 
long as it is confined to large scales and becomes exact 
as the Reynolds number of the flow approaches infinity. 
Turbulent fluctuations behind grids in wind or water 
tunnels or in turbulent jets support this observation. 

Bruno ECKHARDT 





See also Critical phenomena; Dimensional analy- 
sis; Fractals; Free probability theory; Kolmogorov 
cascade; Period doubling; Periodic orbit theory; 
Random matrix theories: I, II, II, IV; Renormal- 
ization groups; Turbulence 
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« What (exactly) do | want to achieve? 
* What are the facts? 


® What would happen if no decision was made or 
solution found? 


® What do | need in order to find a solution? 


«Why do | want to achieve a solution? 

«Why did the problem or opportunity arise? 

® Why dof need to find a solution or way forward 
at all? 

* Ask S Whys 


# How will the situation be different? 

® How relevant is the information | am gathering? 
* How can I find out more? 

* How can | involve relevant people? 


«Where did the issue arise? 
* Where does it impact? 

eis the “where” important? 
® lf so, why? 


* Who am | trying to please? 
* Who cares about this situation? Who is affected? 
® Whois involved (information, help, action}? 


* Who needs to be informed? 


« When did the issue arise? 
* When do we need to act? 
® By when must it be resolved? 
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UNSTABLE MANIFOLD 


See Phase space 





VAN DER POL EQUATION 
In 1926, Balthasar van der Pol derived the equation 
(now named after him) to describe self-sustained 
oscillations in a triode circuit. To solve the equation, 
he developed a method that is based on the 
separation of fast and slow time dependencies and 
on averaging, an idea that provides the basis of 
various analytic approaches to nonlinear problems 
(van der Pol, 1926). 
In dimensionless variables, the van der Pol (VDP) 

equation reads 

d?x dx | 0 1 

dt? Qn a) 
The variable x represents the triode plate voltage in 
the oscillating circuit, and the frequency of the cir- 
cuit is normalized to 1 by the appropriate change 
of the time scale. The parameter z4>0 gives the 
growth rate of small linear oscillatory perturbations, 
and the nonlinear term, approximating the nonlinear 
current-voltage characteristic of the triode, is norma- 
lized by scaling x. Physically, the VDP equation 
describes growth and saturation of oscillatory pertur- 
bations with eventual onset of periodic self-sustained 
oscillations. With a change of variables x =dy/dt, 
the VDP equation transforms to the Rayleigh 





ml — x*) 








equation 
dy Ae 7) dy | 5 
ae | 3a) far 7 


In the case of weak instability and nonlinearity 
(wu <1), the VDP equation can be treated analytically. 
Here the oscillations are nearly sinusoidal with slowly 
(on the time scale of order 1/~) varying amplitude 
and phase. This key observation constitutes the 
essence of the method of averaging developed by 
van der Pol. 

The first step in the solution is a transformation 
from (x, x) to new variables: the amplitudes A, B; 
thus, 


x(t) = A(t) cost + B(t)sint, 


x(t) = —A(t) sint + B(t) cost. (2) 
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In these variables, Equation (1) reads 


dA 

— = —px(1 — x”) sine, 

ti Ux ( x“) sin 

dB 

—— = wk — x? t, 3 
ti ux(1 — x*) cos (3) 


where x, x on the right-hand side are to be expressed 
through A, B. One can see that the time variations 
of A, B are slow, and the major contribution to them 
is given by non-oscillating terms on the right-hand 
side of (3). Keeping only the non-oscillating terms is 
equivalent to averaging over the oscillation period 27, 
and under the averaging procedure, the slowly varying 
amplitudes A(t) and B(t) are considered as constants. 
Having performed the averaging, van der Pol obtained 
the approximate equations in the form 

















dA 24 p2 
w A(1 A B 
dt 2 4 
dB A? + B? 
Ket ; (4) 
dt 2 4 
This equation can be readily solved by means of 


a transformation to the slow amplitude and phase 
A=Rcos¢, B=Rsing: 


(1 


For any initial condition RO, the stationary 
amplitude Ro=2 is established as t— oo. In the 
original variables of Equation (1), the correspond- 
ing periodic solution reads x(t)=2cos(t—@) (see 
Figure 1). In terms of the dynamical systems theory, 
the van der Pol equation (1) possesses a limit cycle; 
for small jx, the cycle is approximately circular with 
radius 2. Physically, it corresponds to periodic weakly 
nonlinear, self-sustained oscillations. 

The solution of the VDP equation can be treated 
analytically also in the limiting case jz >> 1, when the 
equation describes relaxation oscillations. Introducing 
new time t =f/j1, we can rewrite Equation (1) as a 


R2 
4 


dR 
dt 


oP el 
2 
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Figure 1. A solution of the van der Pol equation for 4 =0.1. 
(a) The time dependence of x. (b) The limit cycle on the phase 
plane (x, dx /df) attracts other trajectories; its form for this small 
value of jz is nearly circular. 


system 
dx x3 
—2 
ee et ae 5 
de YE (5) 
dy 
=x. 6 
a (6) 
This system has a small parameter j~* at the 


derivative, and it belongs to the class of singularly 
perturbed equations. All motions in the phase space 
(x, y) are divided into fast motions, when variable x 
jumps with the rate ~ 2 while variable y remains 
nearly constant, and slow motions, when both variables 
x and y vary with rates of ~ 1. The slow motions are 
restricted to the slow manifold, where the right-hand 
side of Equation (5) vanishes (the curve y =x — x3/3 
shown as a dotted line in Figure 2b). More precisely, 
they are restricted to the stable branches of the curve, 
where d(x — x3/3)/dx <0. The direction of motion on 
these stable branches is determined by Equation (6) and 
is depicted in Figure 2b by arrows. When the phase point 
moving along a stable branch arrives at its border, it 
jumps to the other branch. Thus, the limit cycle consists 
of two pieces of slow motion connected by two pieces 
of fast motion (solid line in Figure 2b). 

The VDP equation serves as a prototype for different 
dynamical models with a limit cycle. For example, an 
equation with a more complex nonlinearity and yp > 0, 


dx 
dt? 





dx 
4 


tx =0, 
dt 


u(-14 x? Bx 
describes the so-called “hard excitation” of self- 
sustained oscillations. (This equation was derived by 
van der Pol and Appleton for the description of a triode 
generator, whose operating point is shifted from the 
inflection point of the current-voltage characteristics of 























VAN DER POL EQUATION 
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Figure 2. A solution of the van der Pol equation for pz = 20. 
(a) The time dependence of x. (b) The limit cycle on the phase 
plane (x, y) consists of pieces of the slow manifold (shown with 
a dotted line) and fast jumps of x. 


the triode.) In this case, the averaging method above 
described leads to the following amplitude equation: 


dR R2 R* d 
Er(-14 ). ¢ 











0. 
dt 2 B 8 dt 


For uw > 0 and 0<B< a this equation possesses 
coexisting stable steady state R =0, an unstable limit 
cycle at Run= B70 -J/1- BB)!/2, and a stable 
limit cycle at Rg. = B—!/2(1 +. /T— 8B)!/?. The basin 
of attraction of the stable limit cycle is R > Ryn, while 
the circle R < Run is the basin of the stable fixed point. 
For the triode generator this means that self-sustained 
oscillations cannot develop from small fluctuations, 
but appear only if a relatively large (larger than Run) 
perturbation is applied. 

Another generalization of the van der Pol equation 
is often called the van der Pol—Duffing oscillator: 

d?x dx 


qe HU) Stetye=0 


This model combines the dissipative nonlinearity of 
the van der Pol equation (term proportional to 4.) with 
the conservative nonlinearity of the Duffing equation 
(term proportional to y). For w~<1 and y <1, the 
equations for the slowly varying amplitude and phase 
can be obtained by the method of averaging as 


2. 
dR Lp 1 R dd 3y RE 
dt 2 4 dt 4 











The difference to the van der Pol case is in the phase 
dynamics. Now the oscillations are non-isochronous, 
because the dynamics of the slow phase depends on 
the amplitude. In particular, the frequency of the self- 
sustained oscillations differs from the frequency of 
linear oscillations by 3y. In the VDP equation (1), 
such a frequency shift appears only in the second 
approximation (by taking into account the terms ~ 1”). 
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Another model related to Equation (1) is the 
Bonhoeffer-van der Pol (BVDP) oscillator, with 
equations 





dx caine 
eee as ty hl ‘ 
“ao ge 
dy 
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Writing this system as one second-order equation, one 
gets a model similar to Equation (7), but with additional 
terms; thus, 





ax l—be aay ee 
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In the case b = Jp =0, the BVDP model reduces 
to the FitzHugh-Nagumo model of neuron spiking. 
Depending on the parameters, both these models 
demonstrate self-sustained oscillations, excitability (a 
stable steady state that responses to a finite perturbation 
by generating a spike), or bistability. 

A periodically forced VDP equation, 


dx 
dr? 








d. 
wd x?) i + wx Esinowt, 


dt 

displays the phenomenon of frequency locking. For 
@ close to the natural frequency of the autonomous 
system wo, the forced systems starts to oscillate 
with the frequency of the forcing term or becomes 
entrained. Entrainment occurs even for relatively small 
E, especially when jz > 1. For large E, the forced VDP 
equation can demonstrate chaotic regimes. 

ARKADY PIKOVSKY AND MICHAEL ROSENBLUM 


See also Attractors; Averaging methods; Duffing 
equation; FitzHugh-Nagumo equation; Nonlinear 
electronics; Relaxation oscillators; Synchronization 
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See Phase space 
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VIRIAL THEOREM 
First established by Rudolf Clausius in 1870, the virial 
theorem relates the average potential energy (V) to the 
average kinetic energy (T) of a system of particles. 
The particles can have arbitrary potential interactions, 
and the theorem holds both in classical and quantum 
mechanics. 

For a single classical nonrelativistic particle, the 
theorem can be derived as a consequence of Newton’s 
second law: F'= mda /dt?. Thus, 


d(ma - da/dt) coy ree (F) : (S). (1) 
dt dt dt 


which in terms of the momentum p=m/(da/dt) and 
the kinetic energy T = m(da/dt) /2 reads 
d(@- p) 

dt 
In taking the average over time, the first term on the 
right-hand side of the equation does not contribute; 
thus, one obtains 


—(ka- Fyay = (T)av, (3) 


which is the classical virial theorem. The expression 
on the left-hand side of this equation (called the virial 
by Clausius) is a measure of the net attractiveness of a 
system. 

In the special case when the force is derivable from 
a potential #’=— VV and the potential varies as the 
nth power of the distance to the origin V=C|z|", 
the term x2-F'=—nV, and the virial theorem 
reduces to 








-g-F=-— +27. (2) 





nV ay = 2(T Jay - (4) 


The theorem can also be obtained from a variational 
derivation. 


Applications 


e For the harmonic oscillator, V (a) = zm? |x|? then 
n=2and E =(V) + (T) =2(T) =2(V). 
e For a bouncing ball, V(@) =mg|a| and n= 1, then 
E =3(T) =3/2(V). 
e If the forces vary inversely as the square of the 
distance (as in atomic and planetary systems), then 
V(x) =e*/|x| and n=—1. The average kinetic 
energy is then numerically equal to the total energy 
E =— (T) but of opposite sign. 
In astrophysics, the virial theorem is a valuable 
tool for studying static, non-evolving (relaxed) 
systems such as stars (systems of gas particles), gas 
clouds, star clusters, galaxies, and galaxy clusters. 
This theorem can be used to estimate the mass 
of a given system since for the gravitational case 
(T) =— 4(V) and 


1 da\* 1GM2 
5M (= =+4 jot 
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Thus, the virial mass of the system can be estimated 
as 

(Riot) (dae/dt)? 
[ee 


e Another application of this theorem is in the classical 
calculation of the state equation of gases. The system 
considered is that of a large number N of particles 
with coordinates x; acted on by external and internal 
forces F; = Fj ext + Fj,int and confined within a box 
of volume V. As the contribution from the external 
forces can be related to the pressure of the gas on the 
walls of the box, the virial theorem takes the form 


N 
1 
pv =nigt+5(Soai- Fu) , 


av 


Mir © 2 


where kg is the Boltzmann constant. This was the 
application originally considered by Clausius. 

e The virial theorem can be extended to a quantum 
system described by the linear dimensionless 
Schrodinger equation 


if, =—-Av+V@)y. 


In this case, 27, =nVj,, where T,, and V,, are the 
kinetic and potential energy of the mth eigenstate, 
respectively. 

e The virial theorem can also be applied to the study 
of the solitary waves. As an illustration, consider 
the one-dimensional nonlinear Schrédinger (NLS) 
equation 


iu; + Ux, +2(u*u)u =0, (5) 


which has solitary wave solutions that preserve their 
shape after collision with other solitary waves. The 
general form of a solitary wave is 


af Ver. 2 Ve \2 
u(x,t) aexpi] Ss | (« (F) )e 60] 


xsech [a(x — vet — x0)], (6) 








where a is the wave amplitude and ve the envelope 
velocity, while ¢9 and xg are the initial phase and 
position. 

One of the infinite conservation laws associated to 
(5) is the energy 


E= [utucars f -arw? ax, 


where the first term is the kinetic energy (T) and the 
second term is the potential energy (V). 

The NLS equation is derived from the Lagrangian 
density £L= 5(uuf — u;u*) + utuy (u*u)? and 
the corresponding action is S = f dt dx £. Consider 
a stationary localized solution u = exp (Qt) u(x), 
which is the case of solution (6) with ve =0 and 
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Q =a’. As the Lagrangian density is static, we can 
apply a dilation transformation to get the global 
condition f |u,|?dx = f(Q\u|? — |ul+) dx. From 
Equation (5), f(Q\u|?+|u|?—2|u|*) dx = 0, which 
in turn implies that f |u,|? dx = 4 f |u|4dx. Thus 
the total energy is E= —T= AV, and in the case 
of the stationary soliton, E= — 2a3/3. 

Thus, the virial theorem provides nontrivial relations 
between quantities of physical interest, which can be 
used to test the accuracy of numerical simulations and 
to find variational solutions. 

Luts VAZQUEZ AND M.P. ZoRZANO 


See also Damped-driven anharmonic oscillator; 
Nonlinear Schrédinger equations; Rotating wave 
approximation 
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With the advent of robust and rapid sensing devices 
and increasing computer speeds, memories and transfer 
rates, the technology for observation, measurement, 
and computer simulation of nonlinear processes in 
physical and biological systems has improved rapidly, 
allowing massive experimental and simulated data sets 
to be produced. In order to gain physical insight 
into the evolving phenomena and construct reduced 
mathematical models, the mathematical essences in this 
sea of data need to be determined. 

This can be accomplished through the process of 
visiometrics, which involves visualization, projection, 
identification and classification, extraction, tracking, 
quantification, and juxtaposition of evolving amor- 
phous coherent structures and statistical backgrounds 
in massive multidimensional data sets. The goal is to 
produce cogent images and specific, parameter-scaled 
(normalized) graphs for intuitive understanding and 
mathematical analyses (Bitz & Zabusky, 1990; Zabusky 
et al., 1993; Feher & Zabusky, 1996; Fernandez et al., 
1996; Zabusky, 1999). 

Consider the process of dealing with evolving simu- 
lation data. Most simulations use continuum partial or 
integro-differential equations or discrete particle de- 
scriptions and produce numerous fields, particle lo- 
cations, and trajectories. (In hybrid codes both are 
present.) Examples of continuum fields mainly from the 
compressible Euler equations of fluid motion are pre- 
sented here. For particle data (e.g., from Monte Carlo 
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or plasma simulations), appropriate local averages can 
be used to convert to continuum quantities. 

In fluid flows, we deal with scalars such as density, 
pressure, and temperature, vectors such as velocity u 
and vorticity w, and tensors such as the rate of strain ten- 
sor Vu. Very thin high-gradient regions such as shock 
waves and diffusing interfacial transition layers (ITLs) 
(Zabusky et al., 2003) between species with different 
properties may be embedded in the flows. To quantify 
the ITLs, we may extract a medial axis (i.e., some cen- 
ter line) or surface, so we can determine tangents and 
normals to these curves in two-dimensions (2-d) and 
surfaces (in 3-d), respectively. In 3-d, the curvatures of 
these medial surfaces may be important tensors. The vi- 
siometrics operations of visualization, projection, iden- 
tification and classification, extraction, tracking, quan- 
tification, and juxtaposition are each considered below. 

Visualization: Numerical fields are displayed in a 
variety of 2-d and 3-d images. The data are first pre- 
processed or filtered to make them more accessible 
visually. High wave number incoherent modes are 
removed with a filter (e.g., the wavelet process of 
Farge et al., 2001). The choice of appropriate color 
maps (palettes) (Farge, 2000) is a nontrivial opera- 
tion. Farge (1992) represented the vorticity scalar with 
a grayscale format for lower magnitudes, a yellow 
intermediate contour for the region near zero, and 
a few graded colors for the higher magnitudes. In 
DAVID (see http://www.caip.rutgers.edu/~ nzabusky/ 
vizlab_cfd/david/david.html), an interactive color do- 
main system has been developed with colors chosen, 
for example, with hue, saturation, and value (HSV), 
and with optional black/white grading superimposed in 
each color domain. The user sees the image automati- 
cally colored as the color map is modified. Simultane- 
ously, at each color transition, the numerical value of 
the function and between neighboring color transitions, 
the integrated content, and the corresponding underly- 
ing pixel-area of the image are seen. (This gives the 
user a qualitative feeling about the magnitudes of the 
objects that the color renders.) 

Standard visualization techniques include contin- 
uous or discrete contour maps in 2-d; volume ren- 
dering a function in 3-d as it would appear when 
radiating or reflecting light from various sources 
(Upson & Keeler, 1988); and displaying isosurfaces 
(contours) from connected polygons that bound regions 
of functions extracted by thresholding (Lorensen & 
Cline, 1987). There are many excellent computer vi- 
sion and scientific visualization contemporary texts in 
the literature (both web and printed). 

Projection: A general process produces abstract im- 
ages and graphical information in lower dimensions, for 
example, the projection to 2-d from 3-d by integration 
with respect to a kernel. If it is a planar delta function, 
one extracts 2-d surfaces or curves from 3-d or 2-d spa- 
tial data, respectively. Also, integration of an appropri- 
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ately weighted field variable transverse to some initial 
axis or flow direction (like that behind a planar shock in 
a shock tube) will produce a space-time diagram from 
a 2d+1 data set (see color plate section; Figure 2 of 
Hawley & Zabusky, 1989; see also Zabusky, 1999). 

Identification and classification: The geometry, 
topology, content, moments, and distribution functions 
of an extracted region are examined. Are the domains in 
3-d layer-like or tube-like? Are the tube-like domains 
right- or left- handed helices? 

Extraction and setting of thresholds: Complex data 
sets may have a hierarchy of embedded coherent struc- 
tures in a sea of incoherent very small-scale structures. 
Farge and colleagues (Farge et al., 2001) have applied a 
threshold prescription to wavelet amplitude coefficients 
and have developed high-compression techniques to 
systematically extract coherent vortex objects. Sam- 
taney and Zabusky (2000) have examined the extrac- 
tion of shocks and species ITLs in 2-d. For ITLs, one 
looks at absolute values of gradients and Laplacians 
of the density, temperature, and so on. Various heuris- 
tic and analytical methodologies have been presented 
by Villasenor & Vincent (1992), Melander & Hussain 
(1994), Jeong & Hussain (1995), Kida & Miura (1998), 
and Miura (2002). The results of Melander, Jeong, and 
Hussain are particularly noteworthy. 

Tracking: Structures in space-time that have been 
extracted and identified are followed. One must allow 
for objects to collide and amalgamate, split, be created, 
and disappear (Samtaney et al., 1994). Post et al. (2002) 
and colleagues (e.g., Vrolijk et al., 2003) have carried 
this work further. With this information, we may be able 
to formulate kinematic and dynamical models. 

Quantification: Graphs of projected and tracked 
structures are plotted and underlying physical, math- 
ematical, and numerical parameters are varied. In the 
vicinity of extrema (e.g., magnitude of vorticity w), 
second- and third-order moments are useful (e.g., el- 
lipsoids in 3-d). Distribution functions of one or more 
variables are evaluated, and statistical characterizations 
of incoherent domains, after structures have been ex- 
tracted, are examined. 

Juxtaposition: These comparisons are of similar or 
different functions at the same or different times from 
simulations of the same or linked mathematical mod- 
els in a relevant domain of parameters. Coherent struc- 
tures of different functions (e.g., density or vorticity) 
and their quantifications with runs from different res- 
olutions (validation) and parameters (scaling physical 
behavior) are compared. One often has to remove a 
background translation or rotation. 

As nonlinear phenomena are simulated at increas- 
ingly high resolution and for longer times on adaptive 
meshes across parallel processors, the validity of results 
becomes an important issue. Numerical errors accumu- 
late from round-off, truncation (e.g., higher-order and 
nonlinear dissipative and dispersive regularizations), 
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spatially and temporally adjusting meshes, and ad-hoc 
filters. The visiometric process will help find these de- 
fects and provide a more rigorous basis for model build- 
ing and prediction. Visiometrics will also produce new 
art forms (Zabusky, 2000). 

N.J. ZABUSKY 


See also Contour dynamics; Fluid dynamics; Vor- 
tex dynamics of fluids; Wavelets 
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See Geomorphology and tectonics 


VOLTERRA SERIES AND OPERATORS 


In addition to playing an important role in the devel- 
opment of theoretical biology, the Italian mathemati- 
cian Vito Volterra (1860-1940) also strongly influenced 
the development of modern calculus. We deal here 
with the Volterra functional series (VFS) and associated 
Volterra differential operators (VDO) which provide a 
consistent mathematical framework for stating material 
properties in nonlinear wave propagation systems, for 
example, in nonlinear optics (Censor & Melamed, 
2002; Censor, 2000; Sonnenschein & Censor, 1998). 
For simplicity, the present introduction is restricted to 
the temporal domain, adequate for time signals. Waves 
require a spatiotemporal domain. 


Linear Systems 


Modeling of physical systems requires material (or 
constitutive) relations. In electromagnetics, we have 
relations like D=eE, B=H; in acoustics, the 
compressibility (relation of pressure to volume) is 
needed; in elastodynamics, we include Hooke’s law 
(relation of stress to strain). Here D=eE and its 
nonlinear extensions are treated as prototypes. 

Materials are dispersive, depending (in the restricted 
sense of temporal dispersion discussed here) on 
frequency f. Consider the linear case first: 


D(w) = &(-iw)E(o), w= 2rf, (1) 


where w is the angular frequency, and defining 
€(—iw) instead of ¢(@) is convenient for subsequent 
applications. 


VOLTERRA SERIES AND OPERATORS 
The Fourier transform pair 


kf , 
Fi). = — / dwF (we, 
2n 


00 


F(@) = / dt F(t) (2) 


relates the spectral and temporal domains. We use the 
same symbol F, although F(t) and F(@) are different 
functions. Accordingly, (1) becomes a convolution 
integral 


lo. ¢) 

p= | drye()E( =), G3) 
—-CO 

where D(t), e(t), E(t), are related to D(w), e(— i), 

E(q), respectively, according to (2). Note that (3) can 

be viewed as an integral operation, acting on E(t). Also 

(3) is the simplest form of a VFS. 

Formally we can start with (1), transform according 
to (2), and note that in the integral E ( — iw) (if it can be 
represented or approximated by a polynomial in — iw) 
can be considered as a polynomial operator ¢(0;) acting 
on the exponential, in which every time derivative 9; 
replaces a term — iw in ¢(—iq). Note that e(t) and 
€(0;) are different functions, but e(—iw) and &(d;) 
possess the same functional structure. Thus, instead of 
(3), we now have the VDO representation 


D(t) = €(0;)E(t) = €(07)E(T) |r - (4) 


The last expression in (4) with the instruction 
Tt—> ft is superfluous here but will be important for 
the nonlinear case below. The possibility of using 
this technique for ¢(0;) a rational function (ratio of 
polynomials) is discussed elsewhere (Censor, 2001). 

As a trivial example for (3) and (4), consider a 
harmonic signal 


E(t) = Ege, 
* °° a 
D(t) = Ege / dty e(t))el@ 


—00 


= €(—iw) Ege = €(a,) Ege ~— (5) 


clarifying the role of the VDO in (4). 


Nonlinear Systems and the Volterra 
Series and Operators 


In nonlinear systems, the material relations involve 
powers and products of fields. Can we simply re- 
place (1) by a series involving powers of E(w)? 
A cursory analysis reveals that this leads to in- 
consistencies. Instead, we ask if (3) can be re- 
placed by a “super convolution” and what form that 
should take. Indeed, the Volterra series provides a 
consistent mathematical answer to these questions. 
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DQ) = DIDO, 


CO [o.e) 
D™(t) = / dt | dt, 
—0o —0o 


Ly tm) E(t — ty)... E(t — ty). 
(6) 


xe (th, .. 


Typically, the VFS (6) contains the products of fields 
expected for nonlinear systems, combined with the 
convolution structure (3). Various orders of nonlinear 
interaction are indicated by m. 

Theoretically, all the orders co-exist (in practice, 
the series will have to be truncated within some 
approximation), and therefore, we cannot inject a time 
harmonic signal as in (5). If instead, we start with 
a periodic signal, E(t)= >>, E,e~"@" and substitute 
in (6), we find 


D™ a) = > 6") (—injo, ..., —inm@) 
Aj S805) Am 
xEny ahs Begeriet = SS Dye'N”, 
N 
N= 711+... lms (7) 


with (7) displaying the essential features of a nonlinear 
system, namely, the dependence on a product of 
amplitudes, and the creation of new frequencies as sums 
(including differences and harmonic multiples) of the 
interacting signals frequencies. In addition, (7) contains 
the weighting function e™)(—injw,..., —ing@) for 
each interaction mode. 

The extension of (4) to the nonlinear VDO is given 
by 


Dt) = Ey... Dry) 
x E(t)... E(tm) ltt,..,tm—t - (8) 


In (8), the instruction ft), ..., t, — ¢ guarantees the 
separation of the differential operators, and finally 
renders both sides of the equation to become functions 
of t. 

The VFS (6), including the convolution integral 
(3), is a global expression describing D(t) as affected 
by integration times extending from —oo to w. 
Physically, this raises questions about causality, that 
is, how future times can affect past events. In the 
full-fledged four-dimensional generalization, causality 
is associated with the so-called “light cone” (Bohm, 
1965). It is noted that the VDO representation (4, 8) 
is local, with the various time variables just serving 
for bookkeeping of the operators, and where this 
representation is justified, causality problems are not 
invoked. 
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In general, the frequency constraint of (7) is obtained 
from the Fourier transform of (6), having the form 


m 
D 0) = Gop fe don f dom 


xe (iw, ..., —iwm)E(@1) ... E(@m), 


-+Om. (9) 


It is noted that in (9), we have m — | integrations, one 
less than in (6). This tallies with the linear case where (1) 
and (3) involve zero and one integration, respectively. 
Consequently, the left- and right-hand sides of (9) are 
functions of w and @m, respectively. The additional 
constraint w= @, + --- +@, completes the equation 
and renders (9) self-consistent. 


Summary 


The modeling of nonlinear media using the VFS and 
VDO provides a mathematically consistent framework 
which includes linear media as a limiting case. The 
model displays the typical ingredients of nonlinear cir- 
cuits and wave systems, where the nonlinear terms are 
proportional to the product of the amplitudes of the 
interacting fields, and the newly created frequencies 
are sums (or differences, or harmonic multiples) of the 
interaction frequencies, given by a=@,+ --- + @m.- 
In the quantum-mechanical context this is an ex- 
pression of the conservation of energy. Not shown 
here is the associated wave propagation vector 
constraint k = k, + --- + Km, which in the quantum- 
mechanical context expresses conservation of momen- 
tum. Schetzen (1980) is an excellent source of further 
reading on VFS in nonlinear systems and has many 
early references. 

Dan CENSOR 


See also Harmonic generation; Manley—Rowe rela- 
tions; Nonlinear acoustics; Nonlinear optics 


Further Reading 


Bohm, D. 1965. The Special Theory of Relativity, New York: 
Benjamin 

Censor, D. 2000, A quest for systematic constitutive formulations 
for general field and wave systems based on the Volterra dif- 
ferential operators. Progress in Electromagnetics Research, 
25: 261-284 

Censor, D. 2001, Constitutive relations in inhomogeneous 
systems and the particle—field conundrum. Progress in 
Electromagnetics Research, 30: 305-335 

Censor, D. & Melamed, T. 2002. Volterra differential constitutive 
operators and locality considerations in electromagnetic 
theory. Progress in Electromagnetic Research, 36: 121-137 

Schetzen, M. 1980. The Volterra and Wiener Theorems of 
Nonlinear Systems, Chichester and New York: Wiley 

Sonnenschein, M. & Censor, D. 1998. Simulation of Hamiltonian 
light beam propagation in nonlinear media. Journal of the 
Optical Society of America B, 15: 1335-1345 


VORTEX DYNAMICS IN EXCITABLE MEDIA 


VOLTERRA-LOTKA EQUATIONS 


See Population dynamics 


VOLUME-PRESERVING MAPS 


See Measures 


VORONOI DIAGRAMS 


See Tessellation 


VORTEX DYNAMICS IN 
EXCITABLE MEDIA 


Vortices in excitable media include spiral waves in two 
spatial dimensions and scroll waves in three spatial 
dimensions. They are described by reaction-diffusion 
systems of equations, 


du = f(u)+DV-u+ eh, 

u,fheR, DeR™, e>2, (1) 
where u(r, t) = (uy, u2,...)', is a column-vector of 
the reagent concentrations, f(a) is a column vector 
of the reaction rates, D is the matrix of diffusion co- 
efficients, eh(u, 7, t) is some small perturbation, and 
r € R? or R? is the vector of coordinates on the plane 
or in space. 

In an unbounded two-dimensional medium with 

eh=0, a spiral wave solution rotating with angular 
velocity w has the form 


u = U(r,t)=Ul[p(r), 0(r) + of] 


xr 
ie Plo(r) — 5_O(r) + ot)] » (2) 


p>+oo 


where p(r) and #(r) are the polar coordinates corre- 
sponding to the cartesian coordinates r. P(&; w, A) is 
a periodic wave solution with frequency w and spatial 
period 2, so the p — + oo asymptotic means that iso- 
lines are approximately Archimedian spirals with pitch 
A. Solutions (2) are typically possible for isolated val- 
ues of w and corresponding 2. 

Note that system (1) with eh = 0 is invariant with 
respect to the Euclidean group of motions of the plane 
{r}. Solution (2) is a relative equilibrium, meaning 
that the states of the wave at all moments of time 
are equivalent to each other up to a Euclidean motion, 
namely, a rotation around the origin. If (2) is a solution, 
then from symmetry 


U =U(p(r — Ro), 0(r — Ro) +ot — 9) (3) 


is another solution for any constant displacement vector 
Ro = (Xo, Yo)! and initial rotation phase ®g. Thus, 
we have a three-dimensional manifold, parameterized 
by coordinates Xo, Yo, Po, of spiral wave solutions 
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VORTEX DYNAMICS IN EXCITABLE MEDIA 


neutrally stable with respect to each other. By “dynam- 
ics” of the vortices, we understand any deviation of the 
solutions from the stationary rotation (2). 


Meander 


A nonstationary rotation of a spiral wave accompanied 
by constant change of its shape is called meander. It 
is convenient to describe this phenomenon in terms of 
the spiral tip, which can be defined as an intersection 
of selected isolines of two components of the nonlinear 
field w, 


Uj, (Xo, Vet) =i, Uj, (Xe, Ye, t) = v2, 
, = arg(dy +i9y)u j, (Xe, Yost), (4) 


ji # jz, where X.(t), Y.(t) are the coordinates of the 
tip and ®,(f) is its orientation angle. Typically, a spiral 
wave in a given system develops the same kind of 
meander pattern X,(t), Y(t) independent of the initial 
conditions. Changes of parameters in the same system 
change the meander pattern, and types of patterns can 
be qualitatively similar in very different excitable media 
models. 

Possible types of meander can be classified using an 
orbit manifold decomposition of (1) by the Euclidean 
group. Evolution of the shape of the wave can be 
described in coordinates (€, 7) in a moving frame of 
reference attached to the spiral tip, 





a, = Daz +O; )ut [C1 (td + C2(0)d, 


+eo(t) (8, — nde) u+ fu) 
uj,,(0,0) =0, dnuj,; = 0, (5) 





and the movement of the tip is described by ordinary 
differential equations 








d®, ‘5 

dt awe), 

dX. .d¥. ; 

7 tig? = (C1 + ice P (6) 


Equations (5) define a dynamic system with the phase 
space {(w(E, 7), C1, C2, w)}, devoid of the Euclidean 
symmetry of the original system (1). Knowing the 
attractor in (5), one can deduce the properties of the 
meander patterns by integrating the ODE system (6) 
(see Figure 1). 


Forced Drift 


Another kind of deviation from (2) is drift of spirals 
due to perturbations eh 4 0. As solutions of family (3) 
are neutrally stable with respect to each other, a small 
perturbation of a spiral wave caused by an eh limited 
in time will die out, but it will typically result in a small 
change in the spiral wave coordinates Xo, Yo and Do. 


975 





« d 


Figure 1. Typical meander patterns. Shown are snapshots of the 
excitation field with pieces of preceding tip paths superimposed. 
(a) Stationary (rigid) rotation: equilibrium in the base system (5). 
(b) Classical biperiodic “flower” meander: limit cycle in the base 
system (5). (c) Quasi-periodic hypermeander: invariant torus 
in the base system (5). (d) Pseudorandom walk hypermeander: 
chaotic attractor in the base system (5) (only the tip path shown). 


If similar perturbations are applied repeatedly with a 
period equal to the period of the spiral, then small shifts 
of Xo and Yo accumulate, which is called a resonant 
drift. Another type of slow drift is inhomogeneity- 
induced drift, occurring when eh depends explicitly 
on spatial coordinates (medium properties are slightly 
inhomogeneous, as in Figure 2(b)). In the first order 
of perturbation theory, this is equivalent to a time- 
dependent perturbation synchronized with the spiral 
rotation and is therefore resonant. A third type of drift 
occurs if the medium is bounded, and the boundary 
influence on the spiral wave is not negligible. Although 
a boundary is not a slight perturbation, the effects 
of passive (nonflux) on the spiral wave can be small 
and similar to that of small spatial inhomogeneity 
(Figure 2(c)). Other kinds of perturbations breaking the 
Euclidean symmetry of (1) can also cause drift. 

Being a first-order effect, the slow drift of a spiral due 
to small forces of different types obeys a superposition 
principle. It leads to motion equations 


(Xo + Yo) = C(Xo, Yo) + v(Xo, Yo)e’®, 

a0 = Q(t) — w(Xo, Yo), (7) 
where C(X@, Yo) is the velocity of the inhomogeneity 
and boundary induced drift, v(X@, Yo) is the velocity 


of the resonant drift, © is the phase difference between 
the spiral and the resonant forcing, Q(t) is the 
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Figure 2. Different drifts of spiral waves. Shown are snapshots 
of the excitation field with pieces of preceding tip paths 
superimposed. The right half of the medium is slightly “stronger” 
than the left half; (a)-(c) are consecutive stages of the same 
numeric experiment. (a) Two close oppositely charged spirals 
attract with each other and form a pair drifting in SE direction. 
(b) The spirals have reached the inhomogeneity and are being 
driven apart by it. (c) The spirals have reached the medium 
boundary and now drift along it. (d) In a bigger medium: the 
right spiral has subdued the left spiral into an induced drift. 





perturbation frequency, and w(Xo, Yo) is the own 
spiral angular frequency possibly depending on the 
current spiral location. 

These are motion equations for rigidly rotating 
spirals, and Xo and Yo are sliding period averages 
of X,, Y.. Dynamics of forced meandering spirals are 
more complicated because of possible resonances. 


Spiral Waves as Particles 


Motion equations (7) are obtained by summation of 
the effects of elementary perturbations of different 
modalities localized in different sites and occurring at 
different moments of time, onto the spiral’s location 
and phase. These elementary responses are described by 
response functions, which are critical eigenfunctions of 
the adjoint linearized operator. An interesting property 
of the response function is their localization in the 
vicinity of the spiral core (see Figure 3). The spiral 
will only drift if the perturbation is applied not too far 
from its core. 

A paradox is thus created. Although a spiral wave 
appears as a significantly nonlocal process, involving 
in its rhythm all of the excitable medium, it behaves 
as a localized, particle-like object in its response to 
perturbations. 
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Figure 3. A spiral wave solution (a) and its temporal (b) and 
spatial (c,d) response functions, as density plots. Monotone gray 
periphery on (b—d) corresponds to zero. Thus the spiral wave is a 
non-local process, but its response functions are well localized. 


A spatial response function, defining the proportion- 
ality between drift velocity and inhomogeneity mag- 
nitude, typically has scalar (drift along the parameter 
gradient or toward the boundary) and pseudo-scalar 
(across the parameter gradient or along the boundary) 
components. The sign of the latter depends on the di- 
rection of the spiral rotation. 


Bending and Twisting of Scroll Waves 


As a scroll wave is a three-dimensional analogue 
of a spiral wave, all comments about spiral wave 
dynamics remain valid for the scrolls, but there are new 
aspects arising from the third dimension. The simplest 
3-d vortex is the straight scroll wave, a spiral wave 
continued unchanged in the third dimension. The spiral 
tip, a point in the plane, becomes the edge of the scroll, 
a line in space, and the spiral core, a circle in the 
plane, becomes the scroll filament, a tube. The term 
filament also sometimes denotes the center line of the 
tube filament. 

More interesting regimes are scrolls with bent 
filaments (Figure 4(a)), and with rotation phase varying 
along the filament (twisted scrolls, as in Figure 4(b)). 
Both bending and twist of scrolls are factors of their 
dynamics. A vortex ring will collapse or expand and, 
at the same time, drift along its symmetry axis, and 
twisted vortex will usually spread the twist evenly along 
its filament or, if possible, untwist. 

The asymptotic motion equation for the scroll waves 
can be derived using response functions. If the twist is 
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Figure 4. Scroll waves. (a) Scroll with a curved filament. (b) 
Twisted scroll with straight filament. (c) Scroll with a knotted 
filament. (d) “Turbulent regime”: many scrolls developed from 
one via negative filament tension multiplication mechanism. On 
panels (c) and (d), part of the wavefronts is cut out, to make the 
filaments (white lines) visible. 


not too strong, then the dynamics of the scroll due to 
bending and due to twist are decoupled. The motion 
equation of the filament is 


0,Re = b282 Rr +03 [d:Re x a Ry] ; (8) 


where Rp =R;(p,t)€R> is the position of the 
filament as function of a length parameter p and time, 
and ds is arclength differentiation, 0, = \apRr| dp. 
At b) =0, Equation (8) is completely integrable; in 
particular, the total length of the filament is conserved. 
Otherwise, the total filament length decreases if bz > 0 
and increases if bz < 0, and in the latter case, a straight 
filament is unstable. 

If twist is high, it changes the filament tension 
and may make it negative. This causes an instability 
of the straight filament shape, leading to “sproing”: a 
sudden transition from a strongly twisted scroll with 
straight filament to a less twisted scroll with a helical 
filament. 


Competition and Interaction (Divide et impera) 


Normally, two colliding excitation waves annihilate 
each other. Thus, if there are many periodic sources 
of waves (e.g., vortices), then the medium splits into 
domains, or regions of influence, each domain receiving 
waves from its source. The domains are separated 
by shock structures where the waves collide (see 
Figure 2(a—c)). 
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The domain boundaries work like non-flux bound- 
aries. Thus, two spiral waves can interact with each 
other (cause each other’s drift and frequency shift), 
whereas each of them actually interacts with the bound- 
ary between their domains. Such interaction between 
spirals may lead to the formation of linked pairs (see 
Figure 2(a)). 

Different scroll filaments or different parts of the 
same filament can also interact with each other. If this 
interaction is repulsive, it may compensate positive 
tension normally causing closed filaments to contract 
and collapse, leading to stable “particle-like” 3-d scrolls 
with compact filaments (see Figure 4(c)). 


Induced Drift 


If colliding waves annihilate in a ratio of one-to- 
one, continuity of phase applies. If two vortices 
have different frequencies (e.g., because of a spatial 
inhomogeneity of the medium), then by continuity 
of phase the domain boundary between them moves 
toward the slower vortex. When it reaches its core, 
the slower vortex loses its identity and turns into a 
dislocation in the wave field emitted by the faster vortex. 
This dislocation, appearing as a free end of an excitation 
wave, periodically rejoins from one wave to another 
with some overall drift depending on the frequency 
and direction of the incident waves (see Figure 2(d)). 
If the incident wave packet ceases, the dislocation can 
develop into a vortex again. 

As a dislocation is very different from a vortex, this 
induced drift is an example of hard, non-perturbative 
dynamics. 


Hard Dynamics: Births, Deaths, and 
Multiplication of Vortices 


Another kind of hard dynamics involves complete 
elimination of a vortex. This may happen if the wave 
propagation around the vortex becomes impossible, for 
example, if the vortex has been driven too close to a 
medium boundary. Alternatively, two spiral waves with 
opposite topological charges may annihilate if driven 
too close to each other. For a scroll wave, annihilation 
may happen to a piece of its filament, which then 
appears as splitting of a scroll wave into two. 

Birth of a vortex may occur as a result of a temporary 
local block of excitation propagation. Unless this 
happens near the medium boundary, this means birth 
of a pair of oppositely rotating spirals in the plane, or 
a scroll with a closed filament around the perimeter 
of the propagation block. The block may occur as a 
result of external forcing or special initial conditions, or 
develop as a result of an instability of an existing vortex. 
Such instability can underlie a chain reaction of the 
vortex multiplication, which may lead to a turbulence 
of excitation vortices—a spatiotemporal chaotic state 
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where generation of new vortices is balanced by their 
annihilation when they get close to each other due to 
overcrowding. 

Several mechanisms of such instabilities have been 
identified, including those working in two or three 
dimensions, such as Eckhaus instability, zigzag/lateral 
instability or imposed mechanical movement of the 
medium, and those possible only in three dimensions. 
The latter include instability due to the negative 
“tension” by of the vortex filament (see Figure 4(d)), 
or caused by spatially inhomogeneous anisotropy of the 
medium such as that observed heart ventricular muscle. 
Some of these types of instabilities may be responsible 
for the phenomenon of fibrillation of the heart (See 
Cardiac arrhythmias). 

VapIM N. BIKTASHEV 


See also Complex Ginzburg-Landau equation; 
Framed space curves; Reaction-diffusion systems; 
Scroll waves; Spiral waves 
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VORTEX DYNAMICS OF FLUIDS 


The swirling and chaotic behavior of vortex-dominated 
fluid flows has inspired philosophers, poets, and artists 
from antiquity to the present, including Leonardo da 
Vinci, the 15th-century artist, scientist, and engineer 
who captured complex fluid motions as part of his 
applied and creative work (van Dyke, 1982; Lugt, 
1983; Minahen, 1992). The traditional woodblock 
prints (Ukioy-e) of Hiroshige and Hokusai also show 
spiral motion produced by a vortex and “curls” on 
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breaking ocean waves in various locations around Japan 
(Zabusky, 2000). 

Vorticity is a measure of the “spin” or rotation of the 
fluid and is usually represented by a continuous vector 
variable w(x, t). Regions of flow that do not contain 
vorticity are called irrotational. Vorticity can be defined 
in two equivalent ways. First, as the curl of the velocity 
u, @=V x u. Second, and more geometrically, as a 
limit (when it is finite) of a closed circuit integral over a 
domain boundary D’ (or equivalently the integral over 
domain D within boundary D’) whose enclosed area 
A— 0, or @ = Etan[lim | 4-0 ('/A)] where for finite 
A, T is the circulation or line integral of velocity around 
the domain, 


r= was=f o-as (1) 
DI D 


and @tan is the tangent to the vorticity vector at the point 
where A — 0. Note that the scalars 50 - @ (enstrophy) 
and @ - u (helicity) arise frequently in discussions of 
turbulence. 

Leonhard Euler derived continuum mathematical 
equations for an ideal (non-dissipative) fluid. In the 
19th century, Claude Navier, George Stokes, and oth- 
ers included dissipative processes for a realistic vis- 
cous fluid (Lamb, 1932; Batchelor, 1967; Kiselev et 
al., 1999). These equations provide models of fluids 
under usual (for example nonrelativistic) conditions. 
Asymptotic (reduced) mathematical equations, partic- 
ularly those emphasizing inviscid vortex-dominated 
flows (Saffman, 1992) were derived in the 19th cen- 
tury with works of William Thomson (Lord Kelvin) and 
Hermann von Helmholtz, among others (See Kelvin— 
Helmholtz instability). Vortex models are used today 
to predict the behavior of geophysical and astrophysical 
fluids (Nezlin, 1993), and in engineering applications 
(Green, 1995). 

If w(x, t) is modeled by one or more line filaments 
in three dimensions (3-d) on which the vorticity 
is concentrated, then the velocity produced by this 
vorticity can be calculated from a (Biot-Savart) line 
integral over the filaments. With this velocity, one can 
obtain the trajectories of points in the fluid merely 
by solving dx/dt =u(z, t). In 2-d planar flows, the 
vorticity vector has one component perpendicular to 
the plane, (w = 0,v — dyu), and it may be modeled by 
one or more points of strength Ij. 

With these definitions, one can prove some fun- 
damental theorems, including the following (Kiselev 
et al., 1999): 


e Thomson’s theorem: In an ideal barotropic moving 
fluid, for any closed contour does not depend on 
time. 

e Helmholtz’s theorem: If the particles of a liquid 
satisfy Thomson’s theorem and form a vortex 
filament at some moment of time, then these particles 
form a vortex filament at all subsequent and previous 
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moments of time and the vortex tube of circulation T° 
will be time invariant and constant along its length. 


For 2-d, the simplicity of the kinematic description 
for homogeneous incompressible fluids allows for 
simple computer models and valuable insights into the 
motion of ideal fluids. For example, point circulations 
I; are usually positive and negative constants; vortex 
sheets along a line described by the circulation per 
unit length y(s,f); or vorticity w(a,t) is constant 
in a domain (See Contour dynamics). (Note that 
for points and sheets, the equations are ill-posed 
mathematically, and regularization techniques must 
be used when computing numerically long times.) 
Interesting effects observed in 2-d include the merger 
of like-signed vortex domains if initially placed 
sufficiently close, binding of opposite-signed domains 
into “vortex projectiles” (a generic translating form 
whose simplest example is the dipole composed of 
two opposite-signed points). For vortex sheets, a 
linear (Kelvin-Helmholtz) stability analysis shows 
growth of a perturbation for all wavelengths of the 
disturbance. These evolve into finite-amplitude rolls 
with a characteristic spiral depending on their sign 
(see photo of an atmospheric vortex sheet on page | 
of color plate section). If one relaxes the sheet to a 
very thin layer then small wavelength perturbations 
are stabilized whereas wavelengths larger than the 
initial thickness remain unstable. Placing more than one 
harmonic perturbation on the thin layer, one observes 
roll-up and merger (energy cascade to large scales) as 
well as entrophy cascade to smaller scales; that is, the 
process becomes turbulent. Many details are found in 
the references below. 

In 3-d, w may be concentrated on one or more 
filamentary lines or in finite area tubes, for example, 
the well-known vortex ring which translates at uniform 
speed and is unstable (Shariff & Leonard, 1992). If 
the ring is perturbed, this can lead to collapse and 
reconnection (Kida & Takaoka, 1994; Fernandez et 
al., 1995). In a dramatic experiment, Lim and Nickels 
(1992, 1995) fired a blue and red vortex ring toward 
each other in water and observed them interact and split 
into many blue-red smaller vortex ringlets. 

The vorticity evolution equation is obtained if one 
applies the curl operation to the fluid momentum 
equation. This shows clearly many fundamental and 
interesting results on vorticity creation, modification, 
and dissipation. For the zero viscosity (ideal or Euler 
equation) limit, we have 

d@ 
a te Veto») 
=@-Vutp(VpxVp). (2) 


On the right-hand side the terms are: (1) vorticity 
“stretching” by the rate of strain tensor, which is 
only present in 2-d-axisymmetric and 3-d motions 
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and is essential for turbulence seen in 3-d; and (2) 
baroclinic terms, which stem from the misalignment 
between the gradient of density and either the grav- 
itation vector or the gradient of pressure. Both are 
important in incompressible inhomogeneous multi- 
species fluids (e.g., the Rayleigh-Taylor instability) and 
the latter term is important when shock waves inter- 
act with density inhomogeneities in compressible flu- 
ids (known as the Richtmyer—Meshkov (RM) instability 
environment). Recently, Ghoneim and colleagues (e.g., 
Soteriu & Ghoneim, 1995; Reinaud et al., 2000) used 
a point vortex model to represent inhomogeneous flu- 
ids where T; and Vp vary in time and Zabusky and 
colleagues have quantified the vortex-accelerated vor- 
ticity deposition in the compressible RM environment 
(Peng et al., 2003) relevant to laser fusion and super- 
sonic combustion. 

For real fluids with small dissipation or at high 
Reynolds number, 


UL velocity x length 
Re= 





(3) 


v kinematic viscosity’ 


these insights are for short times. Vorticity is generated 
in a thin boundary layer in the vicinity of rigid or 
compliant objects in the flow—for example, cylinders 
(Williamson, 1996), spheres, or airfoils—or within 
channels because of viscosity (non-slip boundaries). 
Note, that the larger the Reynolds number, the more 
“unstable” is the fluid motion and the more likely that 
one finds it in a turbulent state. Cogent discussions of 
realistic turbulent effects including vortex phenomena 
are given in recent books (Pope, 2000; Tsinober, 2001). 

Vortices are audible. When we hear the wind howling 
or the crack of a whip, we are sensing vortices in action. 
Aeroacoustics, the branch of fluid dynamics concerned 
with sound generated from vortices, is being applied 
to noise from jet engines, sounds in music and speech, 
and so on. 

Currently, active fields of study include separating 
turbulent flows into their coherent and incoherent 
vortex structures (thereby simplifying prediction and 
control of flows) (See Visiometrics). These studies arise 
in geophysics (e.g., hurricanes, the Gulf stream, and 
Jupiter’s red spot) and astrophysics (planetary nebulae, 
supernova, and galaxy collisions). 

N.J. ZABUSKY 


See also Chaotic advection; Contour dynamics; 
Fluid dynamics; Turbulence; Visiometrics; Vortex 
dynamics in excitable media 
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WATER WAVES 


Water waves have attracted the attention of scientists 
for many centuries. Although much is now understood, 
they are a continuing source of fascination, as many 
aspects of their often-complicated nonlinear behavior 
remain to be fully elucidated. We describe first the 
linear theory, much of which was developed in the 
19th century, before discussing the more modern 
developments concerning weakly nonlinear waves. 
Throughout, the theory is based on the traditional 
assumptions that water is inviscid, incompressible with 
a constant density p, and in irrotational flow; that is, 
it has zero vorticity. It follows that for water waves, 
the governing equation is Laplace’s equation, which 
is linear, and so all the nonlinearity in the problem 
resides in the free-surface boundary conditions. There 
is the kinematic condition that the free surface is a 
material surface at all times and the dynamic condition 
that the free surface has constant pressure at all 
times. The weakly nonlinear theory for water waves is 
described, which employs some of the basic paradigms 
for nonlinear waves. The special features that emerge 
when one considers finite-amplitude water waves are 
described in the review articles of Schwarz & Fenton 
(1982) and Dias & Kharif (1999). 


Linear Waves 


When the governing equations of motion are linearized 
about the rest state, it is customary to make a Fourier 
decomposition and seek solutions in which the wave 
elevation (deviation of the water surface from its rest 
position) is given by 


¢ =aexp(i(k- x —at)) + c.c., (1) 


where x = (x, y) denotes the horizontal coordinates, 
and ¢ is the time variable, while kK=(k,/) is the 
wave number, w is the wave frequency, and a is 
the wave amplitude. Here, c.c. denotes the complex 
conjugate. This elementary disturbance represents a 
sinusoidal wave propagating in the direction k/« where 
k=|k|=Ve+27, with a phase speed c=w/k, a 
wavelength A=21/k, and a period T=21n/w. The 
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corresponding fluid velocity is w=(u,v) and is 
obtained from a velocity potential (so that u = grad @), 
where 
. coshk(z+h) 
ica - 

sinhkh 





’ 





exp (i(k-a—ot))+c.c. 
(2) 


Here, z is the vertical coordinate, and h is the total depth 
of water in the rest state (that is, the water occupies the 
region —h <z <0). Note that the horizontal velocity 
u is then in phase with the surface elevation, but that 
the vertical velocity w is 1/2 out of phase, while both 
velocity components decrease with depth away from 
the free surface. 

Equations (1) and (2) provide a kinematic descrip- 
tion of water waves, which to this point means that 
the conditions of incompressibility and irrotational flow 
have been satisfied, that the vertical velocity is zero at 
the bottom, and that the (linearized) kinematic bound- 
ary condition that the free surface remains a material 
surface for all time has been satisfied. To obtain the 
dynamics, these expressions are substituted into the re- 
maining boundary condition that the free surface is one 
of constant pressure. This linearized formulation then 
yields the dispersion relation determining the wave fre- 
quency in terms of the wave number, 


2 


wo = (gk + ox>)tanh(kh), (3) 


where po is the coefficient of surface tension, which 
has a value of 74 dyn/cm at 20°C (See Dispersion 
relations). Detailed derivations of (3) and discussions 
of the consequences for the properties of water waves 
can be found in many classical and modern texts, see 
for instance, Lamb (1932), Whitham (1974), Lighthill 
(1978), or Mei (1983). Indeed, water waves have 
formed the paradigm for much of our present-day 
understanding of linear dispersive waves. 

There are two branches of the dispersion relation 
(3), corresponding to waves running to either the right 
or the left. Note that (3) is isotropic, in that the wave 
frequency, and hence the phase speed, depend only on 
the magnitude of the wave number and not its direction. 
It is apparent from (3) that the effect of surface tension 
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is significant only when « > (g/c)!/2; using the above 


value for o this corresponds to A < 1.73 cm. Such waves 
are then usually called capillary waves, while waves 
with x <(g/o)!/* are called gravity waves. Another 
useful measure of the effect of surface tension is the 
Bond number B = o/gh?. When B < 1/3, the phase 
speed c=w/k decreases from its long wave value 
co= (gh)!/2, achieved at k =O, to a minimum value 
of Cm at a wave number k = km, and then increases 
without limit as « increases to infinity. For the case 
when the Bond number B > 1/3, the phase speed 
increases monotonically from the long wave value co 
as k increases from zero. However, the critical depth 
below which this regime is realized occurs when the 
Bond number B = 1/3, which corresponds to h = 0.48 
cm. In practice, this is too shallow to ignore the effects 
of friction and, hence, is usually not regarded as being 
of any practical interest. 

From expressions (2) for the velocity potential and 
the dispersion relation (3), we see that water waves 
do not feel the effect of the bottom if «h>> 1. More 
precisely, if kh > 2.65 (or A/h < 2.37), then there is 
less than 1% error in supposing that h — oo and that 
tanh(«h) — 1. This case describes deep water waves, 
for which the dispersion relation (3) collapses to 


wo = get ok. (4) 


In this deep water limit, the Bond number B— 0 
(<1/3), so that the dispersion relation for the phase 
speed c=@/k has a minimum value at k=km 
(= (g/o)!/2 here) or cm= (4go)1/4 =23.2 cm/s. 
There are no sinusoidal waves of the form (1) for any 
phase speed c < cm, while for any c > cm there are two 
classes of deep water waves, gravity waves with k < Km 
and capillary waves with k > kp. 

Long waves are characterized by the limit kh > 0, 
that is, the limit when 2/h — oo. In this limit, the wave 
frequency tends to zero, and the wave phase speed tends 
toco= (gh)!/2, In this case, for the reasons discussed 
above, it is customary to ignore the effects of surface 
tension, so that there is only one class of waves, namely, 
gravity waves, which in this limit of «i — 0 are often 
referred to as shallow water waves. The fluid velocity 
is then approximately horizontal and independent of 
the vertical coordinate z, while at O(«h), the vertical 
component of the fluid velocity is a linear function of 
(z+h). 

In this linearized system, more general solutions can 
be built up by Fourier superposition of the elementary 
solutions (1) over the wave number k in which 
the dispersion relation (3) is satisfied and the wave 
amplitude a is allowed to be a function of k. From this 
process, it can readily be established that a localized 
initial state will typically evolve into wave packets, 
with a dominant wave number k and corresponding 
frequency w given by (3), within which each wave phase 
propagates with the phase speed c, but whose envelope 
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propagates with the group velocity, given by 
Cy = VEO. (5) 


The group velocity is the velocity of energy 
propagation, where the wave energy density is 
2p(g+ox)la\*, being composed of equal parts of 
potential and kinetic energy. Because water waves are 
isotropic, the group velocity is in the direction of the 
wave number k, and has a magnitude 


c{st3en _ 2Kh 


‘3 = IM/dk = — t . 6 
Cs As 2| gto? siexa| (6) 





Assuming that the Bond number B < 7 it can be shown 
for gravity waves (defined by the wave number range 
0 < k < km) that cg <c, with equality in the long 
wave limit, « > 0 when cg and c tend to co, and at the 
value k = Km, Cg = C = Cm. For capillary waves (defined 
by the wave number range k > km), on the other hand, 
Cg > c. In the absence of surface tension (i.e., B > 0), 
Cg < c forall wave numbers « > 0, and in the deep water 
limit cg © c/2. 


Weakly Nonlinear Waves 


The theory of linearized waves described in the previous 
section is valid when initial conditions are such that 
the waves have sufficiently small amplitudes. However, 
after a sufficiently long time (or if the initial conditions 
describe waves of moderate or large amplitudes), the 
effects of the nonlinear terms in the free surface 
boundary conditions need to be taken into account. 
There are three different areas where weak nonlinearity 
needs to be taken into account, namely, long waves, 
wave packets, and wave resonances. 


Long Waves: Korteweg-de Vries Equation 
Initially, we consider unidirectional waves propagating 
in the positive x-direction, so that the wave number 
is k=(k,0). In the long wave limit, kh— 0, the 
dispersion relation (3) can be approximated by 
coh? 3 
@ = ook — — bk Peas G 6 =1-3B, 
where we recall that B is the Bond number measuring 
the effect of surface tension. To leading order, the 
waves propagate with the linear long wave phase speed 
co= (gh)!/2, But, after a long time the cumulative 
effects of weak nonlinearity must be taken into account. 
When these are balanced against the leading order linear 
dispersive terms (the O(k*h3) terms above), the result 
is the well-known Korteweg-de Vries (KdV) equation 
for the wave elevation 
ho ‘ 3c9 ; coh 

& + cotx 4 on oe r 6 
This equation was derived by Diederik Korteweg and 
Hendrik de Vries in a now very famous paper published 





2 
Soxxx = 0. (7) 
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in 1895 (Korteweg & de Vries, 1895), although in 
fact Joseph Boussinesq had obtained it earlier in 1877 
(Boussinesq, 1877; See Korteweg-de Vries equation). 
Relative to the leading order propagation with the speed 
co, the time evolution occurs on the nondimensional 
scale e~3, where the wave amplitude ¢/h scales with 
¢2 and the wave dispersion kh scales with ¢ (that is, 
spatial derivatives scale with ¢). 

Korteweg and de Vries found a family of traveling- 
wave solutions, periodic waves described by elliptic 
functions and commonly called cnoidal waves, and the 
solitary wave solution 


C=a sech?(y (x — Vr), 

coa 2coh 2 

7) a ca 
The solitary wave has a free parameter, for instance, 
the amplitude a. When 6 > 0 (that is, B < 1/3), then 
the amplitude a is always positive and V > co. Further, 
as a increases, the wave speed V and the wave number 
y also increase. Although the case when B > 3 has 
little practical application, it is interesting to note 
that these conclusions are all reversed as then 5 <0, 
now, a <0 and V <cp. This solitary wave had earlier 
been obtained directly from the governing equations 
independently by Boussinesq (1871) and Rayleigh 
(1876), who were motivated to explain the now very 
well-known observations and experiments of John 
Scott Russell (1844). Curiously, it was not until quite 
recently that it was recognized that the KdV equation is 
not strictly valid if surface tension is taken into account 
and0Q<B< a as there is then a resonance between the 
solitary wave and very short capillary waves. 

After this ground-breaking work of Korteweg and 
de Vries, interest in solitary water waves declined until 
the dramatic discovery of the “soliton” by Zabusky 
and Kruskal in 1965 (See Solitons, a brief history). 
Through numerical integrations of the KdV equation, 
they demonstrated that the solitary wave (8) could 
be generated from quite general initial conditions, 
and could survive intact collisions with other solitary 
waves, leading them to coin the term soliton. Their 
remarkable discovery, followed almost immediately by 
the theoretical work of Gardner, Greene, Kruskal, and 
Miura (Gardener et al., 1967) showing that the KdV 
equation was integrable through an inverse scattering 
transform, led to many other startling discoveries and 
marked the birth of the soliton theory as we know 
it today. The implication for water waves is that the 
solitary wave is the key component needed to describe 
the behavior of long, weakly nonlinear waves. 

An alternative to the KdV equation is the Benjamin— 
Bona—Mahony (BBM) equation in which the linear 
dispersive term cof, xx in (7) is replaced by —,,+. Ithas 
the same asymptotic validity as the KdV equation and, 
since it has rather better high wave number properties, 
is somewhat easier to solve numerically. However, it is 


where V—co= (8) 
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not integrable and, consequently, has not attracted the 
same interest as the KdV equation. 

Both the KdV and BBM equations are unidirec- 
tional. A two-dimensional version of the KdV equation 
is the KP equation (Kadomtsev & Petviashvili, 1970; 
See also Kadomtsev—Petviashvili equation), 


coh? co 
S Bteee) + 5 byy = 0. 
(9) 


This equation includes the effects of weak diffraction in 
the y-direction, in that y-derivatives scale as e2 whereas 
x-derivatives scale as e«. When d>0 (0< B< i this 
is the KPII equation, and it can be shown that then the 
solitary wave is stable to transverse disturbances. On 
the other hand, if 5 <0(B > +) this is the KPI equation 
for which the solitary wave (8) is unstable; instead this 
equation supports “lump” solitons. Both KPI and KPII 
are integrable equations. To take account of stronger 
transverse effects and/or to allow for bi-directional 
propagation in the x-direction, it is customary to 
replace the KdV equation with a Boussinesq system of 
equations. These combine the long wave approximation 
to the dispersion relation with the leading order 
nonlinear terms and occur in several asymptotically 
equivalent forms. 





1 1 3¢0 1 
ot + cosx + rh eee 


Wave Packets: Nonlinear Schrédinger Equation 

The linear theory of water waves predicts that 
a localized initial state will typically evolve into 
wave packets, with a dominant wave number k 
and corresponding frequency w given by (3), within 
which each wave phase propagates with the phase 
speed c, but whose envelope propagates with the 
group velocity c, (5, 6). After a long time, the 
packet tends to disperse around the dominant wave 
number, which tendency may be opposed by cumulative 
nonlinear effects. In the absence of surface tension, 
the outcome for unidirectional waves is described by 
the nonlinear Schrédinger (NLS) equation, for the 
wave amplitude A(x, t); that is, the wave elevation is 
¢ = Aexpi(kx — wt)+ c.c. to leading order, 


(Ar + cgAy) + ZAAxy + WIAA = 0, (10) 





and the coefficients are given by 








~~ ak a 
ok Did | 2 
E= 1654 8C S*+9-2T*) 
© (20C* + keg)? 
"80282 gh — C3 
where 
C = cosh(kh), S = sinh(kh), T = tanh(kh). 


For water waves, the NLS equation was first derived 
by Zakharov (1968) for the case of deep water, and 
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then by Hasimoto and Ono (1972) for finite depth. An 
analogous equation can be derived for nonzero surface 
tension in which the nonlinear coefficient jz will take 
a different value, but for reasons discussed below, it is 
not so useful in that case. In deep water (kh — oo) the 
coefficient p> — wk?/2 <0. In general, 4 < 0(> 0) 
according as kh > (<) 1.36). 

Like the KdV equation, the NLS equation is in- 
tegrable with an associated inverse scattering trans- 
form, a result first shown by Zakharov and Shabat 
(1972). There are two cases, the so-called focusing NLS 
equation when Ay > 0 and the defocusing NLS equa- 
tion when Aw <0. For water waves, 4 = dcg/dk <0, 
and so we have the focusing (defocusing) NLS equa- 
tion according as kh > (<)1.36. The focusing NLS 
equation has solitary wave solutions (bright solitons), 
given by 


A = asech(y (x — Cgt)) exp (—iQ?), 
where pa? = ay?, Q= —hpa’. (11) 


On the other hand, the defocusing NLS equation 
has no such solitary wave solutions which decay to 
zero at infinity. Instead, it has solitary waves riding 
on a nonzero background (dark solitons). A key 
property of the NLS equations is that plane waves 
are modulationally unstable (stable) in the focusing 
(defocusing) case. That is, the NLS equation has the 
exact plane wave solution, 


A = Agexp(iu|A/*t), (12) 


which is then perturbed with a small-amplitude 
modulation proportional to exp (iK x — of). Itis readily 
found that the growth rate o is given by 


2 K2 
o = K? (ana5 - ) : (13) 


Thus, in the focusing NLS case when Ax > 0, there is 
a positive growth rate for modulation wave numbers 
K such that K <2(A/)!/2|Ao|. On the other hand, 
o is purely imaginary for all K in the defocusing 
case when Aju < 0. The implication for water waves is 
that plane Stokes waves in deep water (kh > 1.36) are 
unstable. This remarkable result was first discovered 
by Benjamin and Feir in 1967, by a different 
theoretical approach, and has since been confirmed 
in experiments. The maximum growth rate occurs for 
K =Km=(A/u)'/*|Aol, and the instability is due to 
the generation of side bands with wave numbers k+ Ky. 
As the instability grows, the full NLS equation (10) 
is needed to describe the long-time outcome of the 
collapse of the uniform plane wave into several soliton 
wave packets, each described by (11). 

When the effects of modulation in the transverse 
y-direction are taken into account, so that the wave 
amplitude is now given by A(x, y, t), the NLS equation 
is replaced by the Benney—Roskes system (Benney 








WATER WAVES 


& Roskes, 1969), also widely known as the Davey— 
Stewartson equations (Davey & Stewartson, 1974), 


i(A; + cgAy) + FAAre + F5Ayy 
+pJA’?A + UA = 0, (14) 
aUxy + Uyy + BUAP)yy = 0, (15) 


where the coefficients jz and A are those defined in (10), 
while 


hB = —?— 20C? + keg)? 
SHE = aaa eo Ee 


Here, the surface tension has been set to zero. If surface 
tension effects are included, a similar equation holds but 
with different values for the coefficients (Djordjevic 
& Redekopp, 1977). Note that 46 <0 and a> 0, so 
that the equation for A is hyperbolic, but that for U 
it is parabolic. The variable U which appears here is 
a wave-induced mean flow, which tends to zero in the 
limit of deep-water waves, kh — oo. This system (14) 
again has the plane wave solution (12), whose stability 
can be analyzed in a manner similar to that described 
above in the context of the NLS equation. The outcome 
is that now instability can occur for all values of kh 
and occurs in a band in the k — / plane where k and 
1 are the modulation wave numbers. The instability 
is purely two-dimensional when kh < 1.36, and the 
band becomes narrower and the growth rate weaker 
as kh — 0. For more details, see Benney and Roskes 
(1969) or Mei (1983). 


Wave Resonant Interactions 

A superposition of weakly nonlinear waves, each 
of which is given by (1) with a wave number 
kn,n=1,2,...,N, and a corresponding frequency 
@n(k),n=1,2,..., N, each satisfying the dispersion 
relation (3), interact resonantly whenever 





ki +k ky = 0, 


and 














@, +@2 ayn = Q. 


Here, is a detuning term, so that exact resonance 
is achieved whenever Q=0. The most prominent 
interactions are triad interactions; that is, N =3, 
followed by the quartet interactions when N =4, and 
so on. In a resonant interaction, energy is exchanged 
between the Fourier components in a periodic manner, 
assuming that dissipation is absent. For instance, the 
set of equations describing a triad interaction is (Craik, 
1985) 


aD ag : 
Air + €g1 > VA = ep) A243 exp(—iQt),..., 
1 


Ee) ii 


<y) Ff 
<M) 
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where Ay,(x,t) is the amplitude of the nth mode, 
D(w,k)=0 is the dispersion relation, is a 
coefficient, and the superscript “*” denotes the complex 
conjugate. Remarkably, these equations are integrable 
for exact resonance (Q2=0) (Zakharov & Manakov, 
1973). 

For water waves in the absence of surface tension, the 
dispersion relation does not allow for triad interactions. 
Hence, the dominant resonance is a quartet interaction, 
as first shown by Phillips (1960). The four wave 
numbers making up the quartet are two-dimensional 
(i.e., the y-wave number components are generally 
not zero), and the allowed wave number vectors 
can be determined graphically from Phillips’ “figure- 
of-eight” diagram. The interaction equations for a 
discrete quartet of waves is analogous to that displayed 
above for a triad interaction. Further, in deep water 
(kh — oo), Craig and Worfolk (1995) have shown 
that in the Birkhoff normal form for these interaction 
equations, the coefficients vanish for all nongeneric 
resonant terms and the remaining system is then 
integrable. However, the same is not the case for quintet 
interactions. 

When considering a continuous spectrum of grav- 
ity waves, the resulting evolution of a spectral compo- 
nent is described by Zakharov’s integral equation, first 
derived in the deep water limit by Zakharov (1968). 
Krasistskii (1994) later employed canonical transfor- 
mations to obtain a more desirable Hamiltonian form 
(see also the review by Dias & Kharif, 1999). In 
this equation, usually truncated at the third order in 
wave amplitude, the evolution of the spectral compo- 
nent A(k,t), which is the spatial Fourier transform 
of 7(x, t), is determined essentially by quartet inter- 
actions, since the nonresonant triad interactions are 
removed by a canonical transformation. This integral 
evolution equation contains much of the previous 
weakly nonlinear theory, in that the discrete interaction 
equations and the NLS equation can be derived from 
it. It also forms the basis for a statistical description of 
water waves and can then be used to describe the ocean 
wave spectrum. 

When surface tension is taken into account, then 
triad interactions are possible (i.e. N =3 in (??)). 
The most well-known example occurs when ky; = ky = 
— k3/2, and is a second harmonic resonance in that 
then w| =@2 = — 3/2. It was first noted by Wilton 
(1915) and leads to a phenomenon known as Wilton’s 
ripples. In general, the existence of triad resonances 
implies that capillary-gravity waves undergo wave— 
wave interactions on a faster time scale than pure 
gravity waves. 

RoGER GRIMSHAW 


See also Dispersion relations; Group velocity; 
Korteweg-de Vries equation; Modulated waves; 
Nonlinear Schrédinger equations; Solitons, a brief 
history; Wave packets, linear and nonlinear 
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WAVE OF TRANSLATION 


Translational invariance is one of the fundamental 
symmetries of continuum nonlinear partial differential 
equations (PDEs). Such a symmetry is present 
when the equation of interest remains unchanged 
under the transformation x — x + ¢. Typically, partial 
differential equations that contain only derivatives 
with respect to the spatial variable x (but no explicit 
dependence on x) possess this symmetry. 

The topic of symmetries and their role in bifurcation 
theory is a very large subject, a detailed discussion of 
which can be found, for example in Golubitsky & Scha- 
effer (1995) and Golubitsky (1988). Here, our scope is 
much narrower in giving a perspective of translational 
symmetry and its role in the existence, bifurcation, or 
absence of traveling wave solutions in some Hamilto- 
nian and dissipative classes of PDEs. 

To make our discussion of this subject more 
definitive, we will introduce a rather general class of 
dissipative or Hamiltonian PDEs of the form 


{ur, Urt} = Uxx + flu). qd) 


The paradigm of Equation (1) is dissipative (that is, 
of the reaction-diffusion type), if a one-time derivative 
of the field uw is used in the left-hand side. On the 
other hand, the model is Hamiltonian if the second 
time derivative is used on the left-hand side. While 
the model is written as a single component model in a 
one-dimensional setting, it can be easily generalized in 
multiple components/dimensions. In the former case, 
u becomes a vector, while in the latter, the spatial 
second partial derivative is substituted by the Laplacian 
operator. We should note in passing that while here we 
consider the Hamiltonian and dissipative cases, there 
are many models which lie between the conservative 
and diffusion limits. Numerous examples of this type 
can be found in Kivshar & Malomed (1989). 

It can be immediately observed that the translational 
symmetry mentioned above is present in the model of 
Equation (1). A straightforward example of its absence 
would be the case of a “reaction term” f(u, x), i.e., 
one explicitly dependent on x. Let us now explore the 
implications of this symmetry for the static problem of 
Equation (1) and then for the corresponding dynamic 
problem. 

For the static problem (i.e., for solutions u = g(x) 
that satisfy u,, + f(u)=0), the presence of the 
invariant direction signifies that the solution can be 
translated along the group orbit of this invariance. 
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Otherwise stated, there is a one parameter infinity of 
solutions (alternatively, a degeneracy of solutions) due 
to the available freedom to select solutions along the 
symmetry direction. In practical terms, this means that 
if u= g(x) is a solution, then u = g(x — xo) is also 
a solution and arbitrary translations of the solution 
satisfy the original equation. Furthermore, this feature 
bears consequences on the linear stability around the 
solution. In particular, looking for the linear stability 
of the solution u= g(x), we use the linearization 
u=g(x)+eexp(At)w(x), which to O(e), yields the 
eigenvalue problem: 


(A, 7 }w = wre + f’(g(x))w. (2) 


Given that g(x) satisfies the ux, + f(u) =0, differen- 
tiation of the latter immediately yields that (due to the 
absence of the explicit spatial dependence and hence 
due to the symmetry) w =u, = g’(x) satisfies Equation 
(2), with 2 =0 (for the dissipative system) or 2=0 
(for the Hamiltonian system). Hence, the existence of 
the symmetry generates a single (for the dissipative) or 
a pair (for the Hamiltonian) of eigenvalues at the origin 
of the spectral plane (i.e., with A = 0). This is the neu- 
tral eigendirection connected with the symmetry that is 
often referred to as a Goldstone mode. 

Furthermore, in the Hamiltonian version of the 
system, the presence of such eigenmodes, and of their 
corresponding symmetries, is intimately connected 
with conservation laws (through Noether’s theorem; 
see for example the discussion in Arnol’d (1989); 
Sulem & Sulem (1999)). The invariance with respect 
to translations is directly related with the conservation 
of linear momentum, which in the case of Equation (1) 
is of the form 





[o.e} 
P= / UrUx dx. (3) 
—0O 

We now turn to the dynamic consequences of 
the symmetry. The translational symmetry is directly 
related to the traveling of solutions. In the case of 
Hamiltonian (especially continuum) systems, there 
may be extra symmetries that may allow the 
construction of traveling solutions from stationary 
ones. In the case of Equation (1), such a symmetry is 
the Lorentz invariance [x > x’/=y(x—vt),t>t/=y 
(t—vx/c?), y =1/./1—v2/c?], which allows one to 
boost the solutions to any “subsonic” speed. In other 
cases, such as the one of the nonlinear Schrédinger 
equation, the corresponding symmetry, is the Galilean 
invariance. Hence, in Hamiltonian systems, due to the 
additional symmetry, traveling and standing solutions 
are often, in some sense, equivalent. On the other hand, 
for dissipative systems, such equivalence is typically 
absent. In the latter case, we look for traveling wave 
solutions in the form u = u(€), where € = x — ct is the 
traveling wave variable. This transformation leads to 
the so-called traveling wave frame (TWF) equation of 
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motion (i.e., we travel together with the solution and, 
hence, observe it as a steady one) of the form 


Uy = Uge + cug + f (u). (4) 


By solving the steady-state problem of Equation 
(4) (notice: an ordinary differential equation (ODE) 
problem to find special solutions of the PDE), we 
can identify the traveling-wave solutions of Equation 
(1). In dissipative systems, the absence of additional 
symmetries typically allows for isolated solutions of 
the TWF ODE rather than monoparametric families 
of such solutions. Notice that here we have in mind 
fixed model parameter values (but not fixed initial 
condition parameters, such as, for example, energy). 
Furthermore, we do not discuss the mechanisms (in 
dissipative systems) of selection of a given speed 
(which is related to issues of stability). Such examples 
and a detailed discussion can be found in Xin (2000). 
A typical example is the bistable nonlinearity where 
f(u) = 2u(u — 1)(u —u), for which a front solution of 
the form 


u(x,t) = ; tanh ( =) ; (5) 


exists, where x. = xin + ct and xin is the original 
position of the center, while the speed c is connected to 
the parameter jz through 





c=1—2p. (6) 


In view of the above comments, in energy conserving 
systems, typically standing and traveling solutions co- 
exist, while in dissipative systems one can (locally) 
have solutions either of the former or of the latter type. 
In fact, as parameters are varied in dissipative settings, 
traveling solutions may bifurcate from standing ones, 
through the so-called drift pitchfork bifurcation (Kness 
et al., 1992, see also Malomed & Tribelsky (1984) and 
Coullet & Iooss, 1990). It is worth noting that recently, 
a template-based technique has been proposed that 
dynamically factors out translational invariance (and 
other continuous symmetries) (Rowley & Marsden, 
2000; Rowley et al., 2003). 


Discrete Systems and Symmetry Breaking 


An interesting variation of the above presented scenario 
occurs in (spatially) discrete systems. In this case, 
generic discretizations of the original problem of 
Equation (1) no longer preserve the symmetry with 
respect to continuum translations. Instead, only an 
integer shift invariance persists in this discrete limit of 
the equation: 


{tn, un} = Aguy + fn), (7) 


where Aguy = (Un41 +Un—1 — 2un)/h? is the discrete 
Laplacian for a lattice of spacing h. In this case, from 
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the informative Taylor expansion of the form 
2n2i-? du 
Arun = ye Q;)! di’ (8) 


we deduce the following conclusions: 


e discreteness is a singular higher-order derivative 
perturbation to the continuum limit; 

to all orders in this asymptotic expansion, the right- 
hand side is translationally invariant. Hence, the 
breaking of the translational symmetry can only 
occur beyond all algebraic orders and thus has to 
be an exponentially small effect. 


A manifestation of this exponentially small symme- 
try breaking effect is given by the fact that there are 
now two (lattice shift invariant) stationary wave states 
in the lattice context. One of these solutions is cen- 
tered on a lattice site and one is centered between two 
consecutive lattice sites (instead of a single translation- 
ally invariant steady state in the continuum limit). One 
of these solutions is stable and one is unstable. The 
energy difference between the two (which mirrors the 
amount of symmetry breaking and hence should be ex- 
ponentially small, that is, AE ~ exp(—n?/h)) is the 
celebrated Peierls—Nabarro barrier. For a detailed dis- 
cussion of these issues, see, for example, the review by 
Kevrekidis et al. (2001). 

From the above, we can infer that the generic effect 
of discreteness in breaking translational invariance is to 
generate an exponentially small (in the natural lattice 
spacing parameter) shift periodic (in fact approximately 
trigonometric) potential. The center of mass of the 
waves propagates inside the Peierls—Nabarro barrier. 
There is considerable interest in shearing this potential 
with an external (constant) field. 

A constant external force F introduces a term in 
the potential energy ~ Fu, generating a washboard 
potential for the motion of the wave. If the external 
field becomes sufficiently strong, then one can infer 
that a saddle-node (in fact, infinite period; the so- 
called SNIPER) bifurcation will occur in which the 
stationary states (the maxima and minima of the 
potential, that is, the saddles and nodes) will disappear 
and traveling waves will arise. Scaling analysis predicts 
and numerical results verify (Kaldko et al., 2000; 
Keverkidis et al., 2001; Carpio & Bonilla, 2001) that 
the relevant bifurcation will yield waves of speed 


c~ (F- F.)'?, (9) 


where F is the constant external field and Fy is its 
critical value. The energy landscapes for the cases of 
F =0, F < Fy, and F > F, are shown in Figure 1. This 
scenario happens in the dissipative case, but one can 
also analyze the Hamiltonian case in the same manner. 

Finally, it should be noted that while the above 
scenario will be the generically relevant one, there 
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Figure 1. The (potential) energy (P) landscape for generic DDE 
models in the case of F = 0 (top panel), F < Fe (middle panel) 
and F > Fg (bottom panel), as a function of the position of the 
kink center. 


are exceptions to the rule of absence of a continuum- 
like symmetry in the lattice setting. Let us consider, 
for example, the discretization of the Hamiltonian 
PDE: 


F(uns1) — FUn-1) 


Un+1 — Un-1 





lin = Azuy 4 (10) 





It can be seen that the equation of motion has a 
conservation law of the form 


P= YO tin (ng ~ Unt) (11) 


which is the discrete analog of Equation (3). In this 
case, the discrete equation preserves a “ghost” of the 
continuum symmetry and maintains the multiplicity 
of Goldstone modes of the continuum problem 
(Kevrekidis, 2003). 

In conclusion, translational invariance is a symmetry 
that plays a significant role in the context of both 
partial-differential as well as differential-difference 
(i.e., lattice) equations. In the former, it is typically 
present (unless an explicit spatial dependence occurs) 
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and has both static as well as kinematic consequences 
on the solutions of the problem and their stability. In 
the discrete setting, the symmetry is generically absent 
and its absence plays a critical role in diversifying 
kinematic and dynamic phenomena on the lattice (see, 
for example, Kevrekidis, et al. (2001)) from their 
continuum siblings. However, it is possible to construct 
discretizations that respect a discrete conservation law 
reminiscent of the one imposed by the continuum 
symmetry group. In the nongeneric case, the lattice 
dynamics can be significantly closer to their continuum 
counterparts. 

P.G. KEvREKIDIS AND I.G. KEVREKIDIS 


See also Partial differential equations, nonlinear; 
Peierls barrier; Sine-Gordon equation; Zeldovich- 
Frank-Kamenetsky equation 
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WAVE PACKETS, LINEAR AND 
NONLINEAR 


Because linear wave systems have elementary solutions 
of the form e!*—*) | it is often convenient to write 
the general solution of an initial value problem as an 
integral of Fourier components. Thus, 


1 se 
uon= = f F(k)el*— dk, (1) 


—oo 


where F(k) is the Fourier transform of u(x, 0). 
Initial conditions thus determine the Fourier transform, 
each component of which evolves independently with 
frequency w related to wave number k through the 
dispersion relation 


@ = o(k). (2) 


Unless w=k, different components in Equation (1) 
travel at different speeds (w/k), and an_ initially 
localized wave spreads out or “disperses,” hence the 
name. 

A wave packet is a special form of Equation (1) with 
the largest Fourier components lying close to some 
wave number (ko) and the corresponding frequency 
(0). In other words, the initial conditions u(x, 0) are 
selected so that F(k) has its maximum value at k = ko, 
falling rapidly with increasing |k — ko|. This suggests 
writing the dispersion relation as a power series about 
ko. With the notation 





@ = a + bi (k — ko) + ba(k — ko)? (3) 


(which assumes that the system has no higher than 
second derivatives with respect to x), Equation (1) 
becomes 

1 


u(x,t) = ei(kox—aot) 
2n 


. , * (kell ko) —bilk—ko)t—bak—ko)PA gg, 
—oO 
(4) 


where the factor e'(4o*—©0!) is a carrier wave with 
a velocity ve =wo/ko, shown in Figure 1(a). Riding 
over (or multiplying) the carrier is an envelope 
wave 


foo) 


1 : 
bx, 1) = =| F (kc + ko eter Piet “P20°0) dic, (5) 
—0o 


where the variable of integration has been changed from 
ktox=k—ko. 
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Figure 1. (a) The real part of a linear wave packet, showing the 
envelope (dashed lines) and the carrier (full line), as in Equation 
(4). (b) The real part of a soliton solution of Equation (7). 


Taking the time derivative of Equation (5), one finds 





og =a i(biK + bok”) F (k + ko) 
ag i(d\k + bok K 0 
or 2 Joo 
yc eilex bit —b2471) dk 
ag ao 
= —bi— + ibo—, 
1 Ox et 2 9x2 


which can be written as 


(96, Ib), 0° 
(+ T by =) T boa 0. (6) 


Equation (6) is a partial differential equation that 
governs time evolution of the envelope for a linear wave 
packet solution of a second-order equation. Assuming 
b2 is not too large (weak dispersion), the envelope 
moves with the velocity ve = bj =dw/dk|x=ky, as in 
Figure 1(a). 

Up to this point, the discussion has remained within 
the realm of linear theory, but now assume that 
nonlinear effects alter Equation (6) to 


° 2 
i($ tb *) tb a0 ralol?¢=0, (7) 


a Ox) | Ox? 
with the nonlinear (amplitude-dependent) dispersion 
relation w= bi« + box? —al|g/?. Equation (7) is the 
nonlinear Schrédinger (NLS) equation, for which the 
following comments are relevant: 











e If ¢ is assumed independent of x, Equation (7) has 
the plane wave solution 


$ = doeialtor 8) 


which may or may not be stable. 

e With ab2 <0, this plane wave is stable (Whitham, 
1974). If ab2 > 0, on the other hand, the plane wave 
experiences Benjamin—Feir instability, out of which 
emerge stable NLS solitons (Benjamin & Feir, 1967; 
Ostrovsky, 1967). 
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e The term b2(02¢/dx2) introduces wave dispersion 
into the problem at the lowest order of approxima- 
tion. Similarly, the term a|¢|2@ introduces nonlin- 
earity at the lowest order of approximation. Thus, 
the NLS equation is generic, arising whenever one 
wishes to consider lowest order effects of dispersion 
and nonlinearity on a wave packet, including non- 
linear optics (Kelley, 1965), deep water waves (Ben- 
ney & Newell, 1967), and acoustics (Ostrovsky & 
Potapov, 1999). 

e Unstable NLS wave packets decay into one or more 
solitons. Choosing b) =0, by=1, and a=2 in 
Equation (7), for example, a family of NLS solitons 
is (Zakharov & Shabat, 1972) 


2 
u(x,t) = aexp|itpx t i(« au 


xsech [a(x — vet — xo)], (9) 





one of which is sketched in Figure 1(b). 


Beyond the superficial similarities between Figures 
1(a) and (b), the differences are profound. In the linear 
wave packet of Figure 1(a), the shape of the envelope 
is determined by initial conditions and their subsequent 
time evolution, as in Equation (6). In the NLS soliton 
of Figure 1(b), on the other hand, the envelope shape 
is determined through a dynamic balance between the 
influences of dispersion and nonlinearity, as expressed 
by the last two terms of Equation (7). 

ALWYN Scorr 


See also Dispersion relations; Modulated waves; 
Nonlinear Schrédinger equations; Wave stability 
and instability 
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WAVE PROPAGATION IN 
DISORDERED MEDIA 


Although nonlinear partial differential equations with 
constant coefficients well describe main features of 
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numerous nonlinear systems, understanding of many 
natural phenomena or experimental data requires 
taking into account the imperfectness of media 
which often have random character of two main 
types: time-dependent fluctuations and random spatial 
inhomogeneities (both may appear simultaneously). 
A thermal bath and quantum laser fluctuations are 
examples of the first type while impurities in crystal 
lattices, irregular variations of dielectric permittivity, 
and imperfectness of optical fibers are of the second 
type. Modeling of such phenomena requires nonlinear 
evolution equations with stochastic terms. 

If a physical process is described by a field 
u(t,r) that in an idealized situation is governed 
by a nonlinear equation N[u]=0, then including 
irregularities (fluctuations) of the medium in the 
consideration will result in an equation of the type 
N[{u]=e(t, r)R[u], where e(t, 7) is a random field 
and a (possibly nonlinear) operator R[u] depends 
on physical nature of randomness. Such problems 
are difficult and still not well understood. The 
main difficulty arises because nonlinearity invalidates 
powerful methods of the linear theory (such as the 
Fourier transform) which allow one to relate stationary 
and nonstationary problems or introduce a Gaussian 
approach, allowing decoupling of high-order moments. 

From the physical point of view, we can distinguish 
several important factors that must be taken into 
account, including generation of high harmonics 
resulting in nontrivial changes of the field statistics, 
creation of rather stable localized excitations (which 
have no analogy in the linear theory), and the 
multistability phenomenon. 

Let us illustrate these issues with two examples: 
the nonlinear Schrédinger equation for a complex field 
u(t, x): 

ou Ou > 

ig + aya lel u = eé(t, x)R[u] (1) 
and the nonlinear Klein—Gordon equation for a real 
scalar field u(t, x) 

au eu 

at2 ax? 
These models represent some essential differences. 
First, at ¢ =0 Equations (1) and (2) are, respectively, 
integrable and nonintegrable. Second, the former model 
allows a solution in a form of a monochromatic 
wave and hence admits formulation of a stationary 
problem while harmonic generation is an indispensable 
property of the second model. Finally, their solitary 
wave solutions at e(t,x)=0 are of different types: 
a dynamical soliton (in the restricted mathematical 
sense) in case (1) and a topological kink in 
case (2). 

The random field u(t,x), being a functional of 
e(t, x), is completely determined by a set of all (n + m)- 


+u—w =e(t,x)R[ul. (2) 
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order moments 


(u(t1, X1) +++ Uta, Xn)UEn41, Xng 1) +++ 
U(th4ms Xn+m))> (3) 


where averaging is designated by the angular brackets 
and is provided over all realizations of e(t, x), when 
they are known. Because a Gaussian approximation 
is not applicable in nonlinear theory, the generic 
situation is that an (n + m)-order momentum cannot 
be expressed only through lower-order correlation 
functions. Moreover, temporal evolution of the mean 
field may drastically differ from the evolution of the 
field itself. 

This is illustrated by Equation (1) with e(t, x) R[u] = 
— f(t)xu(t, x), f(t) being a Gaussian random process 
with 


(f@)=0 and (f(t) f(t’))=076(t-1'), (4) 


where o is the dispersion of the fluctuations (Besieris, 
1980). This equation is exactly solvable with the one- 
soliton solution 


exp {i[w(n)x + nt — B(O)]} 
cosh{n[x — 28 (t)]} ; 

where ji(t)= f(t), w(t)=§(), and B=p? (a dot 

indicates a time derivative). Being interested in the 


evolution of the soliton intensity, which depends on 
&(t) only, one can calculate the distribution 





u(t,x) =n (5) 





pen = | (8(v — E(t))5(E — E(t) dv 


3 3@2 
~ V 26243 exo ( om ; 6) 


Although the solution undergoes Brownian motion 
without any distortion, it follows from Equations (5) 
and (6) that its mean intensity is described by the 
Gaussian asymptotics 


: a 3 3x? 
(u(t, x)u(t, x)) © n ape P| 95373 


at [> 





1 
(on)? - 


In a general situation when exact solutions are not 
available, the problem becomes dependent on its 
statement and on the physical characteristics to be 
determined. The main statements of the problem are 
listed below. 


Stationary Wave Scattering 


This is a generalization of the problem of a wave 
transmission through a random slab to the non- 
linear case. In the linear theory, the wave in- 
tensity decays exponentially with the slab width 
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(Anderson localization). In the nonlinear case, 
one considers a monochromatic solution of Equa- 
tion (1): u(t, x)= (k/V2) exp(—ik?1)@(x), where 
e(t, x) = k(x), €0(x) being a random function in the 
interval 0 <x < L and zero outside this interval, and 
R[u]=u(t, x). Then @() satisfies the equation 
2 

SSHPA te +i9PO=0. OD 
In order to describe an incidence of a plane wave on the 
random layer from the right, one imposes 


ale*4Z-94R(L, wekO-)] x 
ga | aler ERe 
T(L, wye ; x< 





(8) 


and the conditions of the continuity of the field ¢(x) 
and of its derivative dd (x)/dx at the boundaries of the 
layer, x =O and x = L (see Figure 1). 

The coefficients a, R(L,w) and T(L,w) are 
amplitudes of the incident wave, reflection and 
transmission coefficients. The last two quantities 
depend on the slab width L and on the intensity of the 
incident wave w=a?. Using the imbedding method 
(Klyatskin, 1988), one can obtain a nonlinear partial 
differential equation for the reflection coefficient as 
a function of L and w, which (upon applying the 
method of characteristics) results in a system (Doucot 
& Rammal, 1987) 








dR, ; 
FE 7 2k R2— KROL) +WIL+RI?), ©) 
dRo ; k : 2 ) 
== = 2kR 4 s[a + Ri) R3] 
x(e(L) + wll + RI), (10) 
where R1(L) = N(R(L, w)), Ro(L) = 3(R(L, w)), 
ya cae) 11) 
MO = TORE 





and the initial conditions are R ,(0)= R2(0) =0. 
Formula (11) allows us to understand two essentially 
different statements of the scattering problem. Indeed, 
(9) and (10) are dynamical equations for the 
characteristics that pass either through the point 
(L =0, w(0) = wo), if the output intensity of the wave 
wo, is given, or through the point (L, w(L)) if the 
input intensity is given (called fixed input and fixed 
output problems). In the former case, while increasing 
L, one follows the characteristic starting with its 
initial position. To solve a fixed output problem, 
one must determine a characteristic or characteristics 
which cross the point (L,w(L)) (having different 
starting points). As there may be more than one 
characteristic, multistability occurs (for another way 
of understanding the multistability phenomenon, see 
Knapp et al. (1991)). 

Consider the fixed output problem (wo is given) 
in the case of weak Gaussian fluctuations, when 
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WAVE PROPAGATION IN DISORDERED MEDIA 
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Figure 1. To the statement of the stationary scattering problem. 


(eo(x)) = 0, (eo(x)eo(x")) = Dd (x — x’), and Lge > 
A, Ly where Ligg = 1/(Dk?) is the Anderson localiza- 
tion length of the underlying linear system, 4 = 217/k is 
the incident wavelength, and Ly| = 1/(wok) is the ef- 
fective nonlinear length characterizing change of the 
reflection coefficient due to the nonlinearity. Start- 
ing with the region of a relatively strong nonlin- 
earity, Lyi<A, one can define a period of motion 
Ly= Jo" (d0/dL)~'d0~ Ly (here @= arg R) and 
study weak drift of trajectories of “dynamical system” 
(9), (10) due to the random perturbations over one pe- 
riod Lp (providing averaging over @). The main result 
can be formulated as (1/7?) = O(L”) and decay of the 
fluctuations of (In T2) at L + oo (Doucot & Rammal, 
1987). Similar results, obtained for a step-like random 
function ¢0(x) (Frohlich et al., 1986). Thus, compared 
with the linear theory, the nonlinearity does not change 
the property of In T? to be a self-averaging value, but 
results in change of the decay law for the decay of the 
transmission coefficient from the exponential one to a 
power one. However, when the intensity of the wave be- 
comes small enough and the effect of back-scattering 
becomes dominating, one can recover the exponential 
decay law T ~ exp(—L/Lioc). The transition between 
two regions with the different laws of the decay of the 
reflection coefficient happens at Lo ~ Ligc IN(1/wo): 
the law is power at L>Lo and is exponential 
at L < Lo. 


Interaction of a Wave Packet with a 
Random Layer 


As this case cannot be reduced to the study of a 
stationary problem, the statement of the problem 
and physical characteristics describing wave scattering 
must be redefined (compared with the previous 
case of stationary scattering). Consider the Cauchy 
problem with a given initial field distribution that 
decays sufficiently rapidly at infinity. The main 
task can be formulated as a description of the 
evolution of the wave-packet characteristics during 
its propagation. Such a statement acquires a special 


meaning in systems that possess stable solitary wave 
solutions in the unperturbed (e=0) limit and in 
which the randomness is weak enough. For relatively 
large temporal intervals, the nonlinear field can be 
represented in the form u(t, x) © waa (t, X) + Uyaa(t, x), 
where uap(t,x) is a function having the same form 
as the unperturbed solitary wave but now with 
slowly varying parameters (adiabatic approximation) 
and Urad(t, x) is a small component compared with 
Uab(t, x) describing deformation of the soliton shape 
and radiative losses. 

An advantage of the adiabatic approximation is that 
it reduces a stochastic partial differential equation to 
a system of ordinary differential equations for the 
soliton parameters. For Equation (1), the adiabatic 
approximation corresponds to the substitution (5) with 
time-dependent coefficients y(t), E(t), w(t), and B(t). 
If R[u] =u(t, x), the standard perturbation theory for 
solitons shows that (Karpman, 1979) 











d °° tanh 
u / dans e(r, a4 28) dz, (12) 
dt —oo cosh? z n 
Be ai = const (13) 
Go 7 = const, 
d °° 1 —ztanhz 
Pata ee (1.2 +28) ae 
dt =eg Cosh” Z n 

(14) 


If e(t, x)= f(t)x, one recovers the exact solution. 
As the perturbation is random, this is a system of 
stochastic equations; it allows rather complete analysis 
when ¢(f, x) = V;(x) is an ergodic process with a finite 
support localized on the interval [0, L /e*| (Garnier, 
1998). The soliton dynamics are then governed by 
deterministic equations for almost every realization 
of Ve(x). For a soliton of small amplitude (weak 
nonlinearity), one can define vo < jz such that decay 
of the soliton amplitude follows either an exponential, 
for v < vo, or a power, for vyv < 4, law. When the 
soliton has large amplitude and small velocity, w7<« v, 
its amplitude experiences rather weak changes, while 
the velocity decreases. 
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Solitary Wave Propagation in Media with 
Fluctuating Parameters 


Consider e(t, x) = f(t) to be a stationary Gaussian 
process (4). Then the adiabatic approximation allows us 
to obtain a Fokker—Planck equation for the distribution 
function of the soliton parameters, similar to Equation 
(6), where typical behavior is a kind of Brownian 
motion (Konotop & Vazquez, 1994). At large times, the 
adiabatic approximation fails and fluctuations of the 
medium may result in resonant parametrical processes. 
Such processes are especially interesting in systems 
having topological solitons which cannot be destroyed 
by fluctuations. If, for example, R[u]= u—u> in 
Equation (2), long-time numerical simulations of the 
kink dynamics show anomalous diffusion, and the 
dispersion of the fluctuation of its center grows as 17°87 
while the energy of the system increases exponentially. 
This phenomenon is a manifestation of the stochastic 
parametrical resonance of linear modes. 
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Seealso Brownian motion; Characteristics; Nonlin- 
ear Schrédinger equations; Stochastic processes 
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WAVE STABILITY AND INSTABILITY 


As with other dynamic entities, a solution of a wave 
system is considered to be stable if it does not deviate 
greatly under small perturbations, and unstable if it 
does. 

Consider first the stability of the null solution of a 
partial differential equation (PDE) system in an infinite 
and uniform medium. Small perturbations of the null 
solution can be taken in the form A exp[i(kx — of)]. 
To satisfy the PDE, k and @ are related by a 
dispersion relation, which is denoted as D(k, w) =0. 
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The dispersion relation may be solved in the form 


(n=1,2,...). (1) 


@ = an(k), 


Thus, there may be several solutions (or modes), with 
different functions w,(k), which are referred to as 
different modes. In general, w may be complex for real 
k, leading to real solutions of the form 


Aexpli(kx — wt)] + ¢.c. 
= {Aexpli(kx — w,t)] +. .c.}exp(@jt), (2) 


where w = w, + i@;. Therefore, if @; > 0 for any mode, 
that mode will grow with time, indicating instability. If 
all @; are negative, all modes damp away, indicating 
stability. 


Convective and Absolute Instability 


In practice, an initial perturbation is often localized and 
can be represented as a (Fourier) wave packet of various 
normal modes, in which each component propagates 
with its own phase velocity (vp = w/k). The collective 
motion of a wave packet, on the other hand, is governed 
by its group velocity (vg =dw/dk). If a perturbative 
wave packet is localized and moving with a certain 
group velocity, its amplitude at a certain point will 
at first begin to rise and then eventually fall back to 
zero. This leads to two distinct concepts: convective and 
absolute instability, which originally arose in studies of 
wave instabilities in plasmas (Briggs, 1964). 

A wave system is convectively unstable if the 
maximum amplitude of a perturbing wave packet grows 
without bound, but at any fixed point of the system, the 
disturbance eventually relaxes back to zero as the wave 
packet propagates away. Such behavior is useful for the 
design of distributed amplifiers, such as the traveling- 
wave tube or optical (laser) amplifiers. 

If the dispersion equation contains unstable modes 
with zero group velocity, however, a more robust 
instability arises. In this case, called absolute instability, 
perturbations grow without bound at every point of the 
system. Absolutely unstable dynamics can be employed 
for the design of distributed oscillators (backward-wave 
oscillators, for example) but not distributed amplifiers. 


Modulational Instability 


Consider next the stability of a small amplitude 
component of a wave system, which is stable at 
infinitesimal amplitude. At finite amplitude, however, 
the wave is not necessarily stable against wave 
modulation, because the finite intensity of wave 
modifies the propagation properties of medium. In this 
case, a nonlinear dispersion relation that takes into 
account the finite intensity of wave may be written as 
@=a(k,a), where a is the amplitude of wave. For 
a slowly modulated plane wave having a small but 
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finite amplitude, the frequency w may be expressed 
approximately as 


w(k, a) = wo(k) + a(k)a® + O(a4). (G3) 


(Odd terms in a are excluded from this formulation 
because they would imply different values of w when 
a merely changes its algebraic sign.) Modulations on a 
linear and weakly nonlinear wave train can be described 
by the equations (Whitham, 1974) 


dk Ow , 
a oe @) 
da? - oO (Fee) =0 (5) 
at ax \ ak 
Equation (4) follows from the relations w= — 06/dt 


and k=00/dx, where 0(x,f) is the phase. (This 
equation can also be viewed as a conservation law for 
wave crests.) As a? is proportional to energy density 
and a*dw/dk =a" v¢ is proportional to power flow, 
Equation (5) is the law of energy conservation. 

Substituting Equation (3) into these equations and 
assuming a to be sufficiently small leads to the 
following equations: 





ok da, 
+ + a(ko)<— = 0, (6) 
Xx x 





a 
at sax 
Here vg = dwo (ko) /dko, the group velocity of the linear 


wave with wave number kg, and Uy = d?wo(ko) /dk2. 
Linearizing k and a by 


k=kot+ Kexp{i(Kx — vt)}, 
a=ado + aexp{i(Kx — vt)}, 


yields the modulational dispersion relation 


v= K (+ fangs). (8) 


If av, <0, v becomes complex, which implies 
that the modulation becomes unstable and grows 
(Lighthill, 1965; Whitham, 1974). Equation (8) is 
called Lighthill’s theorem, and the corresponding 
modulational instability (which has been studied 
analytically and experimentally in the context of deep 
water waves by Benjamin & Feir (1967)) is called 
the Benjamin—-Feir (BF) instability. The nonlinear 
evolution of modulated envelopes is described by the 
nonlinear Schrédinger equation. Interestingly, the BF 
instability can lead to formation of stable traveling 
waves of modulation—envelope solitons. For further 
discussions, see Whitham (1974), Infeld & Rowlands 
(2000), Longuet-Higgins (1978), and McLean (1982). 





Soliton Stability 


The stability problem of traveling-wave solutions with 
respect to small perturbations has been studied by 
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various methods, including the normal-mode approach 
(Infeld and Rowlands, 2000). Consider the solution 
u(x, t) of anonlinear PDE to be the stationary traveling 
wave us(€) plus a small perturbation p(é, t) 


u(x,t) = us(&) + p,t), (9) 


where =x — vst and vs is a propagation velocity. 
Transforming the original nonlinear PDE to a coordi- 
nate system moving at v, and linearizing, the resulting 
equation has parameters that are functions of €. This 
equation can then be solved for the time development 
of the perturbation subject to an appropriate boundary 
condition. 

When such problems are uniform in time (as they 
often are), it is convenient to express p(&,t) as 
product solution in the form p(é,t) = f (&) exp(ot) 
(separation of variables). Traveling-wave solutions are 
linearly unstable if any product solution has Re(a) > 0 
and asymptotically stable if all product solutions 
have Re(o) <0. A stationary solution that is neither 
unstable nor asymptotically stable is said to be neutrally 
stable, and there is always such a case because o =0 
corresponds to a simple displacement of the traveling 
wave in the direction of propagation. 

As examples, consider the stability of solitons 
of the Korteweg-de Vries (KdV) and its two- 
dimensional generalization. Writing the KdV equation 
as uy + 6(U?)x + Uyxx =0, a solitary wave solution is 
given by 


us = A+ ksech?{k(x — vst) + 6} = 0, (10) 


where vs = 4k? +12A and A and k are both arbitrary. 
Using the method of normal modes, Jeffrey and 
Kakutani (1972) and also Berryman (1976) have 
investigated the stability of this soliton, showing that 
small localized perturbations do not grow without 
bound; thus, the KdV soliton is linearly stable. 
Benjamin formulated a nonlinear stability theory for 
the KdV soliton and also showed that the KdV soliton is 
stable against small but finite perturbations (Benjamin, 
1972). 

A soliton in a two-dimensional (2-d) space 
often appears as a line soliton (LS). Kadomtsev 
and Petviashvili studied a 2-d-generalization of the 
KdV equation in order to discuss the stability of 
the line soliton with respect to long and small 
transverse perturbations. They obtained the KP 
equation (Kadomtsev & Petviashvili, 1970) 


(up + 6(u7) x +Uxxx)x + SUyy =0,(s = +1), UD 


which corresponds to the case of negative and positive 
dispersion when s = + | and — 1, respectively. The line 
soliton is unstable in the case of positive dispersion and 
is stable for negative dispersion. The KP equation with 
positive dispersion also has a periodic soliton (PS) so- 
lution. A spatially periodic resonance exist between the 
LS and PS solutions, as indicated in Figure 1. From this 
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Figure 1. The sequence of snapshots of quasiresonant solution. 


figure, we see how a transversely perturbed LS decays 
into a small LS and a PS, where the instability of the 
LS may be relaxed by the emission of a PS (Infeld and 
Rowlands, 2000, Chapter 10). Importantly, the nonlin- 
ear stage of instability of soliton is, in general, different 
from the conclusion of the linear stability theory. For 
more detailed studies of 2-d soliton stability, see Infeld 
& Rowlands (2000) and Zakharov et al. (1986). 


Eckhaus Instability 


In the neighborhood of a bifurcation (the appearance 
of a new solution as a parameter 1 is changed), the 
description of a dynamical system can be greatly 
reduced, where the only relevant variable is a complex 
normalized amplitude: Z. Studies of the dissipative 
structures that emerge beyond the instability is often 
facilitated by using amplitude equations, such as 
the Newell—Whithead (NW) equation (Newell & 
Whitehead, 1969) 





a2 Q=-2A Zs as oe |ZPZ 
ar Oo" \ax ke dy? . 

(12) 
This is the normal form of a symmetry-breaking 
bifurcation leading to roll or stripe patterns with wave 
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vector parallel to the x-axis, where A¢ is the critical 
control parameter and k, is the critical wave number. In 
the supercritical region, (A — Ac) > 0, the NW equation 
has the two parameter (5k, 09) family of solutions: 


Zp = Apeidhr +60), (13) 


where Aj = /(A — Ac) — (6k)?, 5k is a small wave 
number describing the modulation of the basic 
dissipative structure at the critical wave number ke, 
and 0 is an arbitrary phase. This solution expresses 
a Stationary roll pattern with wave number k =k, + 6k. 

Introducing a solution that is perturbed by small 
changes in amplitude and phase leads to the instability 
criterion (Eckhaus, 1965) 


A— Ke 





\dk| > (14) 
If perturbations transverse to the basic structure are 
allowed, a zig-zag instability emerges (Nicolis, 1995; 
Mori & Kuramoto, 1998). 


Nerve Impulse Stability 


The stability of nerve impulses can be studied by the 
reduced version of the Hodgkin—Huxley system called 
the FitzHugh—Nagumo (FN) equation (FitzHugh, 1961; 
Nagumo et al., 1962): 


av. av 

ee 
oR 
ap = EV — OR), 


where V is the nerve membrane potential, f(V)= 
V(V —1)(V —a), and ¢ is a temperature parameter 
which controls the rate of change of the recovery 
variable R. 

If 0<eé<€ , the FN equation has slow and fast 
impulse solutions with propagation speeds cs(¢) and 
ce(é): O<cs<cr. The relation between these two 
speeds and the temperature parameter is sketched in 
Figure 2, where the fast solution is stable and the slow 
solution is unstable (Rinzel & Keller, 1973). Thus, 
small positive perturbations of the slow solution will 
eventually grow into the fast solution, whereas small 
negative perturbations will cause the slow solution to 
collapse to zero (Scott, 2003). 

At each value of ¢, the FN equation has also 
two periodic traveling-wave solutions with the same 
wavelength but different propagation speeds. Viewed 
as a traveling wave, the fast periodic solution is stable 
and the slow solution is unstable, just as for a single 
impulse. 

Suppose that a time-periodic boundary condition is 
imposed at x =0 (where V(0,t)=V(0,t+T7)) and 
periodic solutions are sought (for x > 0) of the form 
V(x, th =V(xt+A, t) =V(x,t+T). In this “signaling 
problem,” an important question is whether (or not) 
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Figure 2. The typical relation between the pulse speed c and the 
temperature parameter e. 


small perturbations grow with x. Because c(A) =1/T, 
the dependence of the nonlinear frequency (1/7) upon 
the nonlinear wave number (1/A) is readily calculated, 
and Rinzel has shown that the condition for solutions 
not to grow with increasing x is (Rinzel, 1975) 


d(1/T) 
—— > 
d(/a) 
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See also Equilibrium; Kelvin-Helmholtz instabil- 
ity; Modulated waves; Rayleigh-Taylor instability; 
Stability 
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See Laboratory models of nonlinear waves 


WAVELETS 


The wavelet transform is a tool that divides up 
data, functions, or operators into different frequency 
components and then studies each component with 
a resolution matched to its scale. The idea emerged 
independently in many different fields, including 
mathematics, quantum physics, electrical engineering, 
and seismology. By the end of the 1980s, French 
researchers Grossmann & Morlet (1984), Meyer 
(1990), and later Daubeschies (1992) had laid the 
mathematical foundations of the wavelet transform 
technique. Their work was motivated by the problem 
Morlet (a geophysicist) was facing while analyzing 
seismic data which comprised different features in time 
and frequency. 

The frequency content of a signal can be obtained by 
taking its Fourier transform. However, in transforming 
to the frequency domain, time information is lost and it 
is impossible to tell when a particular event took place. 
To correct this deficiency, the Fourier transform was 
adapted to analyze only a small section (or window) of 
the signal at a time. Such a short-time Fourier transform 
(STFT) maps a signal into a two-dimensional function 
of time and frequency and provides information about 
both when and at what frequencies a signal event 
occurs. This information can only be obtained with 
limited precision, and that precision is determined by 
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the size of the time window. The main drawback of 
STFT is that once a particular size for the time window 
is chosen, that window is the same for all frequencies. 
With Morlet’s data, this approach failed either to follow 
the time evolution of rapid events or to estimate the 
frequency content in the low-frequency band. 

Wavelet analysis represents the next logical step: 
signal cutting is performed by a window of variable 
length. Short windows are used at high frequencies 
and long windows at low frequencies. Thus, the time- 
frequency resolution is no longer constant but changes 
with frequency, allowing good time resolution for high 
frequencies and good frequency resolution for low 
frequencies to be achieved. 

In Fourier analysis, the signal is decomposed into 
sine waves of various frequencies. Similarly, wavelet 
analysis is a decomposition of a signal into a set of 
basis functions V, ,(t) called wavelets 


fs,n= / f(s, de, (1) 


where f (s,T) is the wavelet transform of f(t) and 
* denotes complex conjugation. The wavelets are 
generated from a single basic wavelet y(t) called the 
mother wavelet, by scaling and translation: 


Wr = vislv(—). (2) 


Ss 





As the scaling parameter s changes, the wavelets cover 
different frequency ranges: large values of s correspond 
to low frequencies, small values of s correspond to 
high frequencies. Changing the translation parameter 
tT allows the time localization center to be moved: each 
Ws, z(t) is localized around t = t. The factor 4/|s| is for 
energy normalization across different scales. 

An important difference between wavelet and 
Fourier transforms is that wavelet basis functions are 
not specified. The theory deals with general properties 
of wavelets and defines a framework within which 
different wavelets can be designed. Numerous families 
of wavelets have been proposed and proven to be 
useful in different applications. In order for a function 
to be used as the mother wavelet, it must allow for 
analysis and reconstruction of the signal without loss 
of information. This so-called admissibility condition 
implies that the average value of a wavelet in the 
time domain must be zero and it must, therefore, 
be oscillatory, a wave. The other important property 
of wavelets (the regularity condition) states that 
wavelets are smooth and concentrated both in time and 
frequency. This makes them suitable for capturing local 
features of a signal. Figure 1 presents an example of 
a wavelet, the Morlet wavelet, in time and frequency 
domains for two scales. 

We can distinguish between the continuous and 


discrete wavelet transform. In a continuous transform, 
the parameters s and t vary continuously. It maps 
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a one-dimensional signal to a two-dimensional time- 
scale joint representation that is highly redundant. This 
redundancy can be either exploited or removed. To 
reduce the redundancy, discrete wavelets have been 
introduced, which can only be scaled and translated in 
discrete steps. For the scale, we choose integer powers 
of fixed dilation parameter so > 1, s = So> and j is an 
integer. The discretization of the translation parameter 
t depends on j: narrow wavelets are translated by small 
steps, while wider wavelets are translated by larger 
steps, T =nt8, with j and n integers and to > 0 is 
fixed. For some special choices of mother wavelets, 
the discrete wavelets can be made orthogonal to their 
own translations and dilations. In this case, they behave 
exactly like an orthonormal basis and redundancy is 
removed. 

Wavelets have a bandpass-like spectrum and can 
be viewed as bandpass filters. Compression in time 
stretches the spectrum and shifts it upwards, while 
stretching in time compresses the bandwidth and shifts 
it toward zero (Figure 1). The series of dilated wavelets 
can be used to cover the spectrum of a signal. However, 
an infinite number of wavelets is needed to reach zero 
frequency. This problem was solved by introducing 
a low-pass or averaging filter with a spectrum that 
belongs to the scaling function @(t). If we analyze 
the signal using a combination of scaling functions and 
wavelets, the scaling function takes care of the spectrum 
otherwise covered by all the wavelets up to a chosen 
scale, while the rest is done by wavelets. The family 
of scaling functions and wavelets allows for wavelet 
multiresolution analysis. In multiresolution analysis, 
the signal is split into an approximation on a coarser 
scale, obtained using the scaling function, and details 
on a current scale, obtained by wavelets. This process 
is repeated, giving a sequence of approximations and 
details removed at every scale. After N iterations, the 
original signal can be reconstructed by summing up 
the last approximations and details on all previous 
scales. 

Interactions between the fields where wavelets were 
first introduced have led to many wavelet applications. 
Wavelets are of particular interest for the analysis of 
nonstationary signals with broad spectra because they 
permit time-frequency presentation with logarithmic 
resolution. Wavelet analysis is capable of revealing 
aspects of signals that other signal analysis techniques 
miss, such as trends, breakdown points, discontinuities 
in higher derivatives, and self-similarity. Furthermore, 
wavelet analysis can often compress (or reduce noise in) 
a signal without appreciable degradation. The above- 
described one-dimensional aspect can be generalized 
to more dimensions, for example, to handle image 
analysis. Wavelets are a very powerful tool for image 
compression, since wavelet transform clearly separates 
high-pass and low-pass information on a pixel-by-pixel 
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Figure 1. Morlet wavelet in time and frequency domain for scales s 


basis. Among the successes of wavelet representation 
are the compression of digitized fingerprints by the US 
Federal Bureau of Investigation and image compression 
using the JPEG 2000 standard (the older JPEG standard 
uses a non-wavelet compression). 

Maia Bracié Lorri¢ AND ANETA STEFANOVSKA 


See also Integral transforms; Nonlinear signal 
processing 
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WAVE NUMBER SELECTION 


See Pattern formation 


WEAK COLLAPSE 


See Development of singularities 


WEAK TURBULENCE 


See Turbulence 


= | (a,b) and s = 2 (c,d). 


WEAKLY NONLINEAR ANALYSIS 


See Quasilinear analysis 


WEATHER FRONTS 


See Atmospheric and ocean sciences 


WEIERSTRASS ELLIPTIC FUNCTIONS 


See Elliptic functions 


WESTERVELT EQUATION 


See Nonlinear acoustics 


WHISTLERS 


See Nonlinear plasma waves 


WHITHAM’S METHOD 


See Modulated waves 


WIGNER STATISTICS 


See Random matrix theory I, IT 


WINDING NUMBERS 

If you wrap a rubber ring (rubber band) around a pencil, 
the intuitive idea of an integer invariant for the wrapping 
process arises. The number of oriented turns around the 
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pencil is an integer, and it is independent of how tight or 
creased the ring is. The only way to change this integer 
is to wrap/unwrap one loop of the ring at the endpoints 
of the pencil. Using a rubber string, the number of turns 
could be some real number instead. 

How does this fact connect with dynamics? Consider 
a three-dimensional (3-d) dynamical system having 
a torus as phase space. Let the hole in the torus 
represent the pencil and the rubber ring represent a 
closed trajectory within the torus. Small modifications 
to the trajectory will not alter the wrapping property. 

The underlying feature in the above examples is the 
forbidden region given by the pencil or the hole of the 
torus. To further analyze its structure, decompose 3-d 
space (IR3) as the product of the pencil direction times a 
perpendicular plane (equivalent to R*). The role of the 
pencil is to identify a special point on that plane given 
by the projection along the pencil direction. 

Similarly, consider a periodic orbit in R, as the 
forbidden region. Since the points in the periodic orbit 
are regular points in a small tube around the periodic 
orbit, the flow can be decomposed in a component 
parallel to the periodic orbit and a projected flow 
onto a perpendicular section. Hence, any other closed 
trajectory sufficiently near to the orbit will wind around 
it. A similar situation arises around a period-one orbit 
of a periodically forced flow in R?. 

The winding number characterizes the topological 
properties of “the plane minus one point.” Moreover, 
the topology of the plane minus n points gives a deeper 
characterization of the periodic orbit structure of 3-d 
dynamical systems admitting a Poincaré section. 


Definition 


Consider a simple continuous closed curve y in the 
complex plane (C) anda point zo € C—y. The winding 
number n is defined as 


1 d 
n(y, 20) = aa < (1) 
y 





2ni Jy, Z—Z0 


We may regard our wrapped rubber ring as a suitable 
complex function y of the unit circle, thus connecting 
our motivating idea with the formal definition (similarly 
for the second example if we project the torus along 
the direction perpendicular to the hole when seen as 
a disc). Where appropriate in the sequel, we will let 
zo =0 for simplicity and recast y as a map of the unit 
circle y : S! — S!. It follows from Equation (1) that 
n(y, 0) is a real integer given by 


y'@) 
,0)= | —ae, 2 
n(y, 0) ie 7) (2) 


which is called the degree of y (Rotman, 1988, p. 50). 


999 


Applications 


Homotopy classes of the circle. A loop is a continuous 
map g of the circle to itself such that g(0) = g(2m) = 2n. 
Two loops a@ and f are homotopic if there exists 
a continuous map H : S! x [0,1] S! such that 
H(-,0)=a, H(-,1)=6 and for each t, A(-,f) is 
a loop. In other words, two loops are homotopic if 
one can continuously deform one of them into the 
other, keeping it as a loop all the way throughout 
the deformation. The winding number classifies the 
homotopy classes of loops, namely, if o is homotopic 
to y, then n(o, 0) =n(y, 0) (Rotman, 1988, p. 52). 

Braids and periodic orbits. While the plane minus 
one point produces the winding number as a class 
invariant under homotopies, the homotopy classes 
of the plane with n special points requires a more 
elaborated structure which connects nicely with the 
dynamical properties of 3-d flows admitting a Poincaré 
section. In fact, periodic orbits of such flows can be 
regarded as imbeddings of the unit disk in phase space 
parametrized with time in units of 21/T where T is the 
minimal period. On the Poincaré section, these special 
trajectories appear as an invariant set of n periodic 
points. The homotopy classes of loops on the plane with 
an invariant set of n points are classified by elements 
of the Braid group on n strands (Thurston, 1988; Hall, 
1994; Natiello & Solari; 1994). 

Linking number. In the same lines, given a pair 
of periodic orbits in phase space, we may think of 
the number of turns that one orbit does around the 
other when completing one excursion along itself. 
Such number is a link invariant which has a natural 
interpretation in terms of winding number, and it is 
called linking number (Uezu & Aizawa, 1982; Solari 
et al., 1996). 

For 3-d flows admitting a Poincaré section, the 
periods of the orbits are commensurate and one may 
compute the average rotation per period of one orbit 
around another. This is called the relative rotation rate 
(Solari et al., 1996) and helps in understanding the orbit 
organization of such flows. 

Poincaré index (PI). Consider a planar dynamical 
system x= f(x, y), y= g(x, y) and a simple closed 
counterclockwise curve C not passing through any 
equilibrium points. The PI k computed along C is 
defined as 


aA ae) 
k = — | dyarctan | — 
2n Jo dx 
_ 1 f fdg—gdf 
~ ante f? +9? 
(See below for a discussion of the PI in terms of 
complex analysis and winding number.) 
In the context of planar dynamics, the PI of a node 
or a center is + 1, of a hyperbolic saddle point is —1, 
and of a closed orbit is + 1. Also the PI of a closed 


(3) 
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curve not containing fixed points is zero, and the PI of 
a closed curve equals the sum of the indices of the fixed 
points within (Guckenheimer & Holmes, 1983, p. 51). 

Fixed point theorems. The degree of a map can 
be generalized to higher dimensions. In fact, this 
property (or the winding number when adequate) is a 
basic ingredient in the proof of Brouwer’s fixed point 
theorem. An interesting discussion of this fact along 
with some philosophical considerations can be found 
in www.mathpages.com. 

Complex analysis. The computation of the winding 
number is a standard tool in the proof of the 
Fundamental Theorem of Algebra. 

Also, let C be a closed contour on the complex plane 
not passing through any singularities or zeroes of the 
complex function f, which is analytic inside C except 
at most at a finite number of poles. Then 


1 f’(@) 
— | “a=n-—p, 4 
mide flO ~ ~ 


where N is the number of zeroes of f and P the 
number of poles inside C. This is called the Principle 
of the Argument in standard textbooks (Wunsch, 1994, 
p. 458). 

This result is related to Equation 2 and to the PI. 
Concerning Equation (2), taking the special point of 
the plane to be the origin (or any point inside the 
unit circle), n counts how many turns y performs 
around this point when running along the unit cir- 
cle. Assume now that f has only one zero inside C 
with multiplicity n and no poles. Then f restricted 
to C is exactly the same as y with a suitable choice 
of parametrization for C and S!. Concerning the PI, 
letz=x +iyand F(z) = f(x, y) +ig(x, y), regarding 
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the xy-plane as the complex plane. If the vector field 
(f. g) is continuous, F will not have poles within C 
and the Poincaré index reduces to the Principle of the 
Argument calculation for F. 

Mario NarIELLO AND HERNAN SOLARI 


See also Conley index; Phase space; Poincaré 
theorems 
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YANG-BAXTER EQUATION 


See Quantum inverse scattering method 


YANG-MILLS THEORY 

Modern particle theories, such as the Standard Model, 
are quantum Yang-Mills theories. In a quantum field 
theory, space-time fields with relativistic field equations 
are quantized and, in many calculations, the quanta of 
the fields are interpreted as particles. In a Yang—Mills 
theory, these fields have an internal symmetry: they are 
acted on by space-time-dependent non-abelian group 
transformations in a way that leaves physical quantities, 
such as the action, invariant. These transformations are 
known as local gauge transformations, and Yang—Mills 
theories are also known as non-abelian gauge theories. 

Yang-Mills theories, and especially quantum Yang— 
Mills theories, have many subtle and surprising 
properties and are still not fully understood, either in 
terms of their mathematical foundations or in terms 
of their physical predictions. However, the importance 
of Yang-Mills theory is clear; the Standard Model 
has produced calculations of amazing accuracy in 
particle physics, and in mathematics, ideas arising 
from Yang—Mills theory and from quantum field theory 
are increasingly important in geometry, algebra, and 
analysis. 

Consider a complex doublet scalar field ¢g; a 
scalar field is one that has no Lorentz index, but, as 
a doublet, ¢, transforms under a representation of 
SU(2), the group represented by special unitary 2 x 2 
matrices: 


a(x) > Sabho(x), qd) 


where g € SU(2) and the repeated index are summed 
over. If this is a global transformation; that is, 
if g is independent of x, then derivatives of 
ga have the same transformation property as ¢, 
itself: 


dba 7 O8abhd 
OX OX 








(2) 
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However, this is not true for a local, or space-time- 
dependent, transformations where 
Iga, abby Ign | 


OXp Oxy a Oxy 


O8ab 
OXp 








dp. (3) 
In order to construct an action that includes derivatives 
and that is invariant under local transformations, a 
new derivative is defined that transforms the same way 
as ba: 
Iga 
Duda = ax, 


sf (Ap)aboo, 
Xu 


(4) 
where A,, is anew two-indexed space-time field, called 
a gauge field or gauge potential, defined to have the 
transformation property 





= O8ac — 
(Awab za Bacl(Ap)ed8ap = 3 - Sa (5) 
Xu 
Now, under a local transformation 
Dua ari 8abD yb (6) 


and so, D,,@q transforms in the same way as ¢. This 
derivative is called a covariant derivative. 

A physical theory that includes the gauge field A, 
should treat A,, as a dynamical field, and so the action 
should have a kinetic term for A,,. In other words, the 
action should include derivative terms for A,,. These 
terms are found in the field strength 





dAy OA 
pv Oxl = ax” a [An, Ay] (7) 
that has the covariant transformation property 
(Fu )ab md 8ac(Fuv)ed Sgn» (8) 


where [A,,, A,,] is the normal matrix commutator. In 
fact, the simplest Yang—Mills theory is pure Yang—Mills 
theory with action 





1 
S[A] = a5 , d‘x trace Fyy FR (9) 
and corresponding field equation 
OF, 
HY =0. (10) 
OXp 


Solutions to this equation are known as instantons (See 
Instantons). 
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More generally, Yang—Mills theories contain gauge 
fields and matter fields like @ and fields with both 
group and Lorentz or spinor indices. Also, the group 
action described here can be generalized to other 
groups and to other representations. In the case of the 
Standard Model of particle physics, the gauge group is 
SU(3) x SU(2) x U(1), and the group representation 
structure is quite intricate. 

Yang-Mills theory was first discovered in the 
1950s. At that time, quantum electrodynamics (QED) 
was known to describe electromagnetism. Quantum 
electrodynamics is a local gauge theory but with an 
abelian gauge group. It was also known that there is 
an approximate global non-abelian symmetry called 
isospin symmetry that acts on the proton and neutron 
fields as a doublet and on the pion fields as a triplet. This 
suggested that a local version of the isospin symmetry 
might give a quantum field theory for the strong force 
with the pion’s fields as gauge fields (O’Raifeartaigh, 
1997). This did not work because pion fields are 
massive whereas gauge fields are massless, and the 
main thrust of theoretical effort in the 1950s and 1960s 
was directed at other models of particle physics. 

However, it is now known that the proton, neutron, 
and pion are not fundamental particles, but are 
composed of quarks and that there is, in fact, a quantum 
Yang-Mills theory of the strong force with quark fields 
and gauge particles called gluons. Furthermore, it is 
now known that it is possible to introduce a particle, 
called a Higgs boson, to break the non-abelian gauge 
symmetry in the physics of a symmetric action and give 
mass terms for gauge fields. This mechanism is part 
of the Weinberg—Salam model, a quantum Yang-Mills 
theory of the electroweak force, that is a component of 
the Standard Model and that includes both massive and 
massless gauge particles. 

These theories were only discovered after several 
key experimental and theoretical breakthroughs in the 
late 1960s and early 1970s. After it became clear from 
collider experiments that protons have a substructure, 
theoretical study of the distance-dependent properties 
of quantum Yang-Mills theory led to the discovery 
that Yang—Mills fields are asymptotically free (Gross, 
1999). This means that the high-energy behavior of 
Yang-Mills fields includes the particle-like properties 
seen in experiments, but the low-energy behavior may 
be quite different, and in fact, the quantum behavior 
might not be easily deduced from the classical action. 
Confinement and the mass gap are examples of this. 
The strong force is a local gauge theory with quark 
fields. The quark structure of particles is observed in 
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collider experiments; but free quarks are never detected, 
instead, at low energies, they appear to bind together to 
form composite particles, such as neutrons, protons, 
and pions. This is called confinement. It is possible to 
observe this behavior in simulations of the quantum 
gauge theory of the strong force, but it has not been 
possible to prove mathematically that confinement is a 
consequence of the theory. The same is true of the mass 
gap; it is known that particles have nonzero mass, and 
this is observed in simulations, but there is no known 
way of deriving the mass gap mathematically from the 
original theory (Clay, 2002). 

The symmetries of Yang-Mills theory can be ex- 
tended to include a global symmetry between the 
bosonic and fermionic fields called supersymmetry. 
While there is no direct evidence for supersym- 
metry in physics, the indirect case is very per- 
suasive, and it is commonly believed that direct 
evidence will be found in the future. Often, super- 
symmetric theories are more tractable; for example, 
Seiberg and Witten have found an exact formula 
for many quantum properties in N =2 super-Yang— 
Mills theory (Seiberg & Witten, 1994). It is also 
commonly believed by theoretical physicists that 
the quantum Yang—Mills theories in particle physics 
are in fact a limit of a more fundamental string 
theory. 

Conor HouGHTON 


See also Higgs boson; Instantons; Matter, nonlinear 
theory of; Particles and antiparticles; Quantum 
field theory; String theory; Tensors 
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ZAKHAROV-SHABAT EQUATION 


See Nonlinear Schrédinger equations 


ZELDOVICH-FRANK-KAMENETSKY 
EQUATION 

In 1938, Yakov Zeldovich and David Frank- 
Kamenetsky published a brief theoretical paper de- 
voted to flame propagation, presenting one of the first 
nonlinear traveling-wave front solutions (Zeldovich 
& Frank-Kamenetsky, 1938). Although both scientists 
later played outstanding roles in Soviet H-bomb and 
nuclear projects (and then both performed remarkable 
works in different fields of physics, including the theory 
of elementary particles, plasma physics, astrophysics, 
and cosmology), in the third decade of the last century, 
they were engaged with the theory of combustion and 
detonation and attendant problems of chemical kinetics. 
Their paper was intended for experts and had a rather 
specialized character, but one of the problems that they 
examined can be presented as follows. 

Consider the autocatalytic production, destruction, 
and diffusion transfer of a substance proceeding in a 
homogeneous active chemical medium that occupies 
some region of physical space. Such processes obey two 
fundamental macroscopic relationships, the continuity 
equation 


u;+div J = f(u) 


and the phenomenological Fick diffusion law 


J = —D gradu (D = const). 

Here, u = u(r, t) is the concentration of the substance 
at the point r={x, y,z} and moment of time f; the 
literal subscripts symbolize the derivatives with respect 
to the corresponding variables; the symbols div and 
grad designate the spatial divergence and gradient 
operators; J = J(r,t) is the vector of diffusion flux 
density of the substance; the function f(u) is the 
kinetic function of th active medium, which determines 
the dependence of the production/destruction rate of 
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substance per unit volume on the concentration uw; and 
D is diffusivity. 

Generally speaking, in a medium of this type, 
self-sustaining nonlinear concentration waves can 
propagate, and their velocities will not be arbitrary 
but will be determined by the balance between 
two types of processes: the active processes of 
production/destruction of a substance at each local 
patch of medium and the passive processes of diffusion 
transfer between the patches. With the diffusivity taken 
as unity (this can always be achieved by a proper 
choice of units of measurements), the wave velocity will 
depend only on the parameters of the function f(u). 
The problem consists in finding both the profile of a 
propagating wave and the wave velocity. 

Zeldovich and Frank-Kamenetsky solved the last 
problem for the case of a one-dimensional infinite 
medium extending along the x-axis, whose kinetic 
function is described by a cubic polynomial with three 
zeros (see below). In this case, the diffusion flux density 
J has only one nonzero component, the x-component 
J, and the two equations written above look (at D = 1) 
like 


up t+ Je = fu), 
J=-ux, 
or, equivalently, 
Uy = Uxx + fu), d) 
where f(u) is given as 
fu) =—Kutu— b)u— 1), (2) 


where K is a positive constant and b is a constant 
(0 < b < 1). The reaction-diffusion equation (1) en- 
dowed with the kinetic function (2) is referred today to 
as the Zeldovich—Frank-Kamenetsky (ZF) equation. As 
its authors have noted, the cubic polynomial structure 
of (2) corresponds to autocatalysis of the second 
order. 

The active chemical medium described by the ZF 
equation is bistable: it has two homogeneous stable 
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states described by two trivial solutions u(x, t)=0, 
u(x,t) =1 of Equation (1), which are determined by 
zeros u=O,1 of the kinetic function (2). Its third 
homogeneous state u(x,t) =b, which is determined 
by intermediate zero b of f(u) and located between 
0 and 1, is unstable; it plays the role of a threshold. 
Testing the stability of these states proceeds as 
follows. 

Let u=uy,, ux € {0, b, 1} be a coordinate of one of 
three zeros of the kinetic function, and k, = fi, (ux), 
k,. € {ko, kp, ky} be the slope of the kinetic function 
at this zero; note that the values of k, satisfy the 
inequalities 

ko = fu(O) = —Kb <0, 

kp = fulb) = Kb(1 — b) > 0, 

ki = fu) =—-K(U —)) <0. 

Next, find the solution to Equation (1) in form of 
u(x, t) =u, + w(x, t), where 


w(x, t) = w(x, t) exp(kyt) 
w(x, 0) = w(x, 0) = wo), 
|wo(x)| «1 


is the perturbation, supposed to be small at moments of 
time close to t = 0. Substituting these expressions into 
(1) and linearizing the kinetic function, one comes to 
the usual diffusion equation w; = @,,. The solution of 
the latter, defining on the infinite x-axis and satisfying 
the initial condition w(x, 0) = wo(x) is well known to 
be given by Poisson’s formula. Recopying this solution 
and multiplying it by the factor exp(k,t) yields the 
expression 


w(x,t) = 27! (nt) !/? exp(k,t) 


+00 
x / exp [- (x- x) /4t] wo(x’) dx’, 
—0o 

which describes the time evolution of perturbation. 
Examination of this expression indicates that w(x, ft) 
decreases with time at the values k,= ko <0 and 
k,= k, <0, that is, near the states determined by 
zeros 0, 1 of function f(u). At k, = k, >0 (near the 
state determined by intermediate zero b of function 
J (u)), the perturbation increases because the exponent 
before the integral rises with time faster than the 
preexponential factor 2~! (mt)~!/? falls. 

For physical reasons, a bistable medium obeying the 
ZF equation must maintain the propagation of nonlinear 
wave fronts, which switch the medium from one of its 
two stable states to the other. For example, a wave of this 
type can be obtained numerically by setting the initial 
conditions u(x,0)=1 at x <0, u(x,0)=0 at x >0. 
In the steady-state regime, which is established after 
some transition time, the switching wave moves along 
x with constant velocity v and possesses a steady spatial 
profile, which is described by the traveling-wave front 
solution of a ZF equation of the kind 


u=u§), §=x—vt, (3) 
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u(—co) = 1, u(+o0) = 0, (4) 
|u(E)| < 00. (5) 


Obtaining this solution is a principal goal of the ZF 
analysis. It includes both the problem of derivation of 
u(&) and the relevant problem of determination of v. 
Of course, the latter problem is a central one: as a 
tule, it appears every time when one deals with wave 
propagation in nonlinear reaction-diffusion systems. 
Zeldovich and Frank-Kamenetsky found the expression 
for v in the case of (1), (2) to be 


v = J/K/2( — 2b) = V2K (1/2—b). (6) 


This beautiful formula connects the wave front 
velocity v with the position b of intermediate zero of the 
cubic kinetic function. In particular, it indicates that v is 
proportional to the deviation of b from the middle value 
of u, which is equal to 1/2. If b < 1/2 (b > 1/2), then v 
is positive (negative), and the wave front, which obeys 
the boundary conditions (4), (5), moves in the positive 
(negative) direction of the x-axis. If b is exactly equal 
to 1/2, then the front does not move: it is stationary. 

A short derivation of (6) along with the expression 
for u(&) proceeds as follows. First, substituting (3) 
directly into two equations written immediately before 
(1) (they are evidently equivalent to (1)) and allowing 
for the relations 0/dt=—v(d/dé), 0/dx =d/dé, 
which follow from (3), one obtains 


up =—J, (7a) 
eT eI. (7b) 


Second, dividing (7b) by (7a), one excludes the 
independent variable (thereupon, the evident equality 
J: /ug = J, is used) and reduces Equation (7) to the 
single equation 


JJ, = vs — fw. (8) 


To be integrated correctly, this differential equation 
must be provided with the proper boundary conditions 
at the points w=0, 1, that is, in the equilibrium 
states that are achieved by the traveling wave front 
solution at € —> + oo. To set these conditions, one 
should know the asymptotic behavior of diffusion 
flux J =ug(&) generated by the traveling wave near 
the states u=0, 1. To recognize it, one represents 
the unknown solution near these states in the form 
of u(é)=u,+wé), ux € {0,1}, where w(é) is a 
small perturbation necessarily satisfying the conditions 
w(+00) = 0. Substituting this expression directly into 
(1) and linearizing the kinetic function yields 











lkx[w=0, (kx = fu), 


ky € {ko, ki}, ko < 0,k1 < 0), 


Wee + UWE 


where the negative parameter k, is presented as the 
positive constant |k,,| taken with the sign “minus.” The 
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ZELDOVICH-FRANK-KAMENETSKY EQUATION 


solutions of the last linear ordinary equation, singled 
out by the conditions w(-00) = 0 look like 





w = Ayexp(A1é), Ay = const, 


Ay = — (0/2) + (0/2)? + lkel > 0 


(at € —> —oo), 





w = Azdexp(A2é), Az = const, 


Ao = — (v/2) = y (v/2)" + [kul < 0 


(at —> +00). 





Thus, irrespective of the unknown value of velocity 
v, the traveling-wave front solution u(&) approaches 
its limit values 0, 1 exponentially and therefore, the 
diffusion flux J = — ug = — we tends to zero near these 
values. Hence, the correct boundary conditions to the 
solution J(u) of Equation (8), which are compatible 
with the desired traveling wave front solution (3)-(5), 
look like 


J(0) = J(1) = 0. (9) 


Next, Zeldovich and Frank-Kamenetsky assumed 
the solution to Equation (8) to have the form of a 
quadratic parabola J =—au(u—1) (q@ is a positive 
constant to be determined), which satisfies conditions 
(9) automatically. Substituting this expression into (8) 
and performing the cancellation yields an equation of 
the sort P(a, v)u+ Q(a, v)=0, where P(q, v) and 
Q(a,v) are set by calculations. Here, u can take 
any value belonging to the segment [0, 1]. Fixing 
the variable u on its limit value u=O yields the 
equation O(a, v) = 0; taking into account the latter and 
setting u = 1 yields the equation P(a, v) =0. Solving 
these two equations with respect to a and v leads 
directly to Equation (6) and to the desired expression 
J =—./K/2u(u — 1). Substituting the latter into (7a) 
and taking the integral (at the condition u(0)= 3) 
yields the desired profile of the traveling-wave 
front: 


= 
ll 


yf + exp (VK728)| 
= (1/2) [1 — tanh (VK788)]. (10) 


To appreciate the significance of this result in the 
context of current knowledge, we should stress that 
the problem of finding a traveling-wave solution to the 
parabolic reaction-diffusion equations dramatically dif- 
fers from that arising in the case of nonlinear hyperbolic 
equations. The latter correspond to conservative physi- 
cal systems and usually possess the first integrals of the 
kind of integrals describing energy conservation. Such 
equations have a Hamiltonian structure, which helps 
to integrate them analytically using different power- 
ful methods (for example, by methods based on the 
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inverse scattering problem). But the ZF equation 

is dissipative rather than conservative. Thus it is 

not Hamiltonian: it describes a gradient physical 
system that shows the dissipation of its free energy 
during its time evolution. In these circumstances, the 

analytical integration of reaction-diffusion equation (1) 

with the arbitrary kinetic function was a challenge. 

Zeldovich and Frank-Kamenetsky were the first to have 

recognized the integrable case of this equation and 

presented its nontrivial solution. 

We should emphasize a distinction of the ZF 
equation from Fisher’s equation, which was investi- 
gated in 1937, one year before Zeldovich and Frank- 
Kamenetsky’s work. 

The form of the Fisher equation is identical to (1), 
but the corresponding kinetic function is a quadratic 
polynomial, which possesses only two zeros. Of course, 
these zeros correspond to two stationary states of an 
active medium, but only one of them is a stable one, 
whereas the second is unstable. As a consequence, 
the Fisher equation admits not only one traveling- 
wave front solution, but also a continuum of such 
waves, and either of them is very responsive to the 
initial conditions. This equation is applicable only to 
those media in which the processes of spontaneous 
production of substances occur against the unstable 
background state. 

In contrast to the Fisher equation, the ZF equation 
describes active media, which possess two stable states, 
separated by a third, unstable, state playing the role 
of a threshold of excitation. The natural field of 
application of the ZF equation covers the class of 
bistable active media displaying threshold properties. 
The linear stability analysis, which was first carried out 
by Zeldovich and Barenblatt in 1959, and subsequent 
nonlinear stability analyses performed independently 
by Lingren and Buratti and by Maginu show that 
traveling-wave fronts propagating in such media are 
stable (Scott, 2002). 

After Zeldovich and Frank-Kamenetsky’s work, 
decades passed before new analytical traveling- 
wave front solutions to the ZF-like reaction-diffusion 
equations appeared. They were constructed with 
the use of different representations of three-zero 
kinetic function including the piecewise linear and 
sinusoidal approximations (Scott, 2002, 2003). The 
significance of these solutions is predetermined by 
the fact that all of them describe various physical, 
chemical, and biological phenomena, which, at first 
glance, have no common ground. Among these 
are: 

e Electric signals propagating along bistable transmis- 
sion lines of nerve fibers and neuristors (Scott, 2002, 
2003); 

e Thermal waves switching boiling regimes from 
nucleate to film boiling near one-dimensional fuel 
elements (Zhukov et al., 1980); 
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e Waves of resistance modification in normal metals 
(Barelko et al., 1983) and superconductors (Gurevich 
& Mints, 1984), caused by thermal change; 

e Gene flows and population waves in spatially dis- 
tributed biological populations (Svirezev & Pasekov, 
1990) and 

e Nonlinear processes arising in synergetics (Loskutov 
& Mikhailov, 1996). 


In view of these applications, the importance 
of Zeldovich and Frank-Kamenetsky’s result is 
established, yet the destiny of their paper of 1938 
is strange. The result obtained in it was used in the 
Soviet Union for processing experimental data on 
chemical kinetics even before World War II. After 
the war, when rapid development of research in the 
field of physiology of nervous impulses and nonlinear 
physical chemistry took place, Equation (6) for the 
velocity of a traveling-wave front became familiar to a 
broad audience of researchers and appeared frequently 
in papers and monographs. But the manuscript 
from which this formula was derived for the first time 
seemed to have been forgotten: the paper has not been 
cited until recently! Surprisingly, it is absent even in 
the two-volume edition of Zeldovich’s selected works 
issued in Russia in 1984, in the lifetime of their author. 
However, as Mikhail Bulgakov has written (in his 
classic Master and Margarita): “manuscripts do not 
burn.” One could add: even if they are devoted to the 
theory of combustion. 

O.A. Mornev 


See also Diffusion; Flame front; Gradient system; 
Nerve impulses; Reaction-diffusion systems 
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ZENER DIODE 
See Diodes 


ZERO FIELD STEPS 


See Josephson junctions 


ZERO-DISPERSION LIMITS 
The Korteweg-de Vries (KdV) equation with small 


dispersion 


ur — UU + xxx =0, t,xER, 


(1) 


u(x,t = 0; €) = u(x), 


is a model for the formation and propagation of 
dispersive shock waves in one dimension. Let u(x, t; €) 
denote the solution of Cauchy problem (1), where the 
initial data uo(x) is smooth and decreases at infinity 
sufficiently fast. It is known that for ¢ > 0, no matter 
how small, the solution of (1) remains smooth for all 
t > 0. For e =0, (1) becomes the Cauchy problem for 
the Hopf equation 
u; — uuy = 0, 
| u(x,t = 0) = uo(x). (2) 


The solution of the Hopf equation can be obtained by 
the method of characteristics. If the initial data uo (x) is 
somewhere increasing, the solution u(x, t) of Equation 
(2) always has a point (xc, t-) of gradient catastrophe 
where an infinite derivative develops. 

After the time of gradient catastrophe fc, the solution 
u(x,t,€) of (1) develops in the neighborhood of 
X, an expanding region filled with rapid modulated 
oscillations of wavelength of order 1/e. These 
oscillations are called dispersive shock waves. 

Lax and Levermore (1998), performing the zero- 
dispersion asymptotics for the inverse-scattering prob- 
lem for the KdV equation, showed that as ¢ tends to 
zero, u(x, t; €) tends uniformly to the smooth solution 
u(x, t) of (2) as long as t < fg. For t > fg, the solution 
u(x,t; €) converges weakly in the oscillation region 
to a limit a(x, ft) that is not a solution of conservation 
law (2). 

The first example describing dispersive shock waves 
was proposed by Gurevich and Pitaevski (1973). Their 
description was rigorously proved by Venakides (1990) 
who derived the general form of the rapid oscillations. 
The oscillation zone is approximately described for a 
short time t > fe by a modulated periodic wave solution 


ZERO-DISPERSION LIMITS 


of the KdV equation: 


u(x,t,e) ~ V(x, t)+ pee, t) 
+0 oe 2 *#) . 


E 





Vox. t) = u(x, 1) + n(x, t) +03(x, 0). 


In the above formula, the term V(x, t) + 5a(x, t) is 
the weak limit u(x,t) of u(x,t,e) as e>0, while 
the remaining term describes the rapid oscillations. 
The function © is 27-periodic with zero average, and 
it can be expressed in terms of elliptic functions. 
The quantity a defined below and the phase ¢ de- 
pend on some functions u;(x, t), i= 1,2, 3. The func- 
tions u1(x, t) > u2(x, t) > u3(x, t) solve the Whitham 
(1974) modulation equations 


O,uj (x,t) — Ai(U1, U2, U3) Oru; (x, t) = 0, 
i=1,2,3, (4) 
where 
1 
Ai(ui1, u2,u3) = zl +u2 +u3) 


3 
4 2 Tigi jai — uj) 





3 uj +a % ®) 
E(s 
woHi Wee (6) 


and K(s) and E(s) are the complete elliptic in- 
tegrals of the first and second kind with modulus 
S=(u2 — u4)/(U3 — 4). 

The solution u(x, t) > u2(x, t) > u3(x,t) of the 
Whitham equations can be plotted in the (x, u) plane 
as branches of a multivalued function. The solutions 
of the Hopf equation and the Whitham equations are 
connected to one another as illustrated in Figure 1(a). 
The function u2(x,t) can vary from u3(x,t) to 
uj(x, t). On the (x, t > 0) plane, the oscillation region 
is bounded on one side by the curve x~(t) where 
u2(x, t) =u1(x, t), and on the other side by the curve 
x*(t) where u2(x, t) =u3(x, t) (see Figure 1(a)). For 
x7(t) <x <x+(t), the solution of (1) for small ¢ is 
approximately given by (3) while outside the interval 
[x7 (t), xt (t)] is given by the solution u(x,t) of 
the Hopf equation (2). At edge x =x (t) of the 
oscillation region, the amplitude of the oscillations 
vanishes and (3) goes to u(x, f, €)|u,; =u. ~ U3 (x, ft). 
When x =x7(t), solution (3) goes to the one-soliton 
solution of the KdV equation. In general, the oscillation 
zone grows with time. For generic analytic initial 
data with a cubic inflection point, the growth in the 
(x,t) plane of the oscillation zone near the point of 
gradient catastrophe (x¢, t-) is described, up to shifts 
and rescaling, by the semi-cubic law 


x*(t) = xe at(t _ te)?/?, 
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; x(t) x*(t) 
Figure 1. (a) The dashed line represents the formal so- 
lution of the Hopf equation; the continuous line repre- 
sents the solution of the Whitham equations. The solution 
(uy (x,t), u2(x, t),u3(x,t)) of the Whitham equations and 
the position of the boundaries x~(t) and xt(t) are to be 
determined from the conditions u(x (t), f)=u3(x (¢),¢), 
u(xt(t),t.)=uy(xt(t),t), where u(x,t) is the solution 
of the Hopf equation. (b) The oscillations in the region 
x (ty) <x <xt(t). 


where a* are two positive numbers. A completely 


different behavior appears in the zero-diffusion case. 
The simplest equation that combines nonlinearity and 
diffusion is the Burgers equation 


Uy — Uy = Ex , (7) 


where ¢ > 0. For smooth initial data uo (x), the Burgers 
equation can be integrated through the Cole—Hopf 
transformation to 





w ye GE) 
f[ =e er ds 





u(x,t,e)=— ~ - ; (8) 
f e- Fe dé 
where 
§ END 
Ge) == [woman + 
0 t 


The behavior of the exact solution (8) as e—0 can be 
obtained by observing that the dominant contributions 
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to the integrals in (8) come from the neighborhood of 
the stationary points of G where 


aG x-€ 
a uo(&) F =0. (9) 


If (9) has only one stationary point, by the application 
of the steepest descent method, the asymptotic solution 
u(x, t; €) as e>0* converges strongly to 


u(x,t) =uo(§), x =§ —uo(é)t. (10) 


The above is exactly the solution of the Cauchy problem 
for the Hopf equation (2). The stationary point &(x, ft) 
of (9) becomes the characteristic variable in (10). For 
bump-like initial data the solution of the Hopf equation 
(2) has a point of gradient catastrophe (xc, f¢). After 
the time t=f, of gradient catastrophe, (10) gives a 
multivalued solution: the characteristics of the Hopf 
equation begin to intersect. For a typical initial pulse, 
there are usually three characteristics that intersect at 
each point of the multivalued region; that is, (9) has 
three solutions & (x, t), €o(x, t), (x, t), &1 > & > &. 
The dominant behavior of the solution of the Burgers 
equation will be given by the following contributions: 





GE) 
Dh SEIG"E) te 
ur 5 em (11) 
iar IG (Ei) 207 
Let us suppose that for xe <x <xs and t>fe, the 
function G(é;(x,t)) is less than G(&(x,t)) and 
G(&3(x, t)). Then the above expression for u in the limit 
e—0 reads 
wT 41 
a ee ae 
t 


while assuming that for x> x, 
G(E1(x, t)), G(& (x, t)), we have 

~~ 478 

i a 

In each case, (10) applies to both &; and &2. Therefore, 
the solution of the Burgers equation converges as 
é—>0* to the solution of the Hopf equation (2) 
almost everywhere except at the points (x,t) where 
G(&i(x,1))=GEj(x,0), iAJj, i, 7=1,2,3. For 
example, in the case treated above, the change over 
from &; to €) occurs when x = x, where G(&,) = G(&). 
Near x =x, the solution of the Burgers equation as 
é—0* has a transition from (12) to (13) which is 
called a shock wave. In other words, the solution of 
the Burgers equation in the zero viscosity limit is given 
by two different branches of the solution of the Hopf 
equation joined by a jump at the point x,. The condition 


G(&1) = G(é2) reads 





Xe <x < Xs, (12) 


G(E2(x, t)) < 


(13) 


(x — 81)" 
2t 

(x — &)? 
or * 


& 
- | uo(n) dn + 
0 


& 
= -| uo(7) dn + 
0 


ZERO-DISPERSION LIMITS 


Because of (10), the above relation is equivalent to 


& 

1 1 

zo) + uo (&2)) = aE, oe (14) 
2 


which describes the shock wave. Since the shock occurs 
at x = x,(t), f > te, we also have 


Xs(t) = &1 — uoEi)t, — xs(t) = &2 — uo (Eat. 


The above three equations determine the functions 
Xs(t), &(t), and (+t). The values of u(x,t) on the 
two sides of the shock are u~ (x,t) =uo(& (x, f)) 
and u* (x, t) =uo(é2(x, t)). The shock speed can be 
derived by taking the time derivative of the above two 
equations and reads 


dxs(t) 
dt 





1 
= — 7 uo) + uo(&2)). 


Comparison of the above relation with (14) shows that 
the modulus of the shock speed is equal to the average 
value of the characteristics velocity uo(7) over the 
interval [&, &2]. 

While the zero-dispersion limits have been studied 
only for integrable equations such as the KdV or 
the nonlinear Schrédinger equation, the zero-viscosity 
limits have been studied for the parabolic equation of 
the form 


ur t+([f@)lx = euxx, we R", (t,x)eE RXR”. 


The scalar case in several spatial dimensions was inves- 
tigated by Kruzhkov (1970). The two-component case 
in one spatial dimension has been studied by DiPerna 
(1983), while the n-component case in one spatial di- 


mension has been investigated by Bressan (2002). 
TAMARA GRAVA 


See also Burgers equation; Constants of motion 
and conservation laws; Inverse scattering method 
or transform; Jump phenomena; Modulated waves; 
Shock waves 
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Synoptic view of surface winds over the 
Atlantic Ocean on September 13, 1999. The 
background colors indicate wind speeds and the 
white arrows show the direction of the wind. 
The high winds of Hurricane Floyd can be seen 
east of the Bahamas. The images are obtained 
from the NASA/NOAA sponsored data system 
Seaflux, at JPL through the courtesy of W. 
Timothy Liu and Wenqing Tang. (See 
Atmospheric and ocean sciences; Hurricanes 
and tornadoes; Vortex dynamics in fluids.) 
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Overhead view of 
Hurricane Andrew 
on 25 August 1992 
at 20:20 Universal 
Time (UT). 
Different wave- 
lengths are 
assigned to the red, 
green, and blue 
channels to make 
the hurricane 
appear red. 
Courtesy of 
National Oceanic 
and Atmospheric 
Administration. 
(See Atmospheric 
and ocean sci- 
ences; Hurricanes 
and tornadoes; 
Vortex dynamics 
of fluids.) 


Aircraft wake vortex 
visualized by colored 
smoke. NASA’s 
Wake Vortex Study at 
Wallops Island, 1990. 
Courtesy of NASA 
Langley Research 
Center. (See Fluid 
dynamics; Vortex 


ss41990 image # EL-1996-00130 dynamics in fluids.) 


The planet Jupiter showing the Great 
Red spot, photographed by the NASA 
Cassini satellite on December 29, 2000. 
Courtesy NASA/JPL/ Space Science 
Institute. (See Fluid dynamics; 
Jupiter’s Great Red spot; Vortex 
dynamics of fluids.) 


An atmospheric flow pattern 
known as the von Karman vor- 
tex street—a linear chain of 
spiral eddies. The vortex pat- 
tern is made visible by the 
marine stratocumulus clouds 
around Guadalupe Island, 
which is about 22 miles long 
and lies about 250 miles south- 
west of San Diego. Multi-angle 
Imaging Spectroradiometer 
(MISR) images from June 11, 
2000: NASA/ GSFC/JPL, 
MISR Team. (See Fluid 
dynamics; Turbulence; 
Vortex dynamics of fluids.) 


Close-up view of coherent vortex structure from direct numerical simulation 
of homogeneous isotropic turbulence: (a) streamlines, and (b) vortex 
lines—color-coded according to intensity—forming a tangle of space curves 
in a reference box (tropicity domain). Courtesy of Z.-S. She, E. Jackson and 
S.A. Orszag, Princeton University, Princeton, NJ, USA. (See Structural 
complexity; Turbulence.) 





The Sun, imaged in three color-coded wavelengths (171, 195 
and 284 angstrom), showing solar flares (sun spots) compri- 
sing coronal mass ejections which launch solar winds. 
Courtesy of SOHO/Extreme Ultraviolet Imaging Telescope 
(EIT) consortium. SOHO is a project of international coopera- 
tion between ESA and NASA. (See Alfvén waves; Nonlinear 
plasma waves.) 





Pumice and ash erupting from Mount St. Helens on May 18, 
1980 is a powerful example of turbulent dispersion of small par- 
ticles. The plume eventually reached 12 to 15 miles (20-25 km) 
above sea level. Photograph by Donald A. Swanson, 
USGS/CVO. (See Evaporation waves; Plume dynamics.) 
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Lifetimes of perturbations in a 
planar shear flow for different 
values of initial energy (E) and 
Reynolds number (Re). In the 
transition region the lifetimes 
show a sensitive dependence on 
initial conditions and huge fluctu- 
ations. Similar behavior has been 
observed in plane Couette flow 
and in pipe flow. (See Fluid 
dynamics; Shear flow.) 
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Red and green colors predominate in this view of the Aurora 
Australis photographed from the Space Shuttle in May 1991. 
Long a source of myth, auroras are known from late nine- 
teenth-century studies by Kristian Birkeland to be driven by 
solar wind and stabilized by Earth’s magnetosphere. 
Photograph by the STS-39 Crew, courtesy of Earth Sciences 
and Image Analysis Laboratory, NASA Johnson Space Center. 
(See Alfvén waves; Nonlinear plasma waves.) 





Turbulent clouds of hydrogen gas mix with small amounts of 
oxygen, sulfur, and other elements in this Hubble Space 
Telescope image of a region of M17, a nebula about 5,500 
light-years away that is giving birth to new stars. Ultraviolet 
energy from hot, young stars in the nebula causes the gas to 
glow, and the intense heat and pressure cause turbulence. The 
different colors represent different gases. Courtesy of 
NASA/ESA/J. Hester (ASU). (See Galaxies.) 


A slice from a three-dimensional numerical simulation of tur- 
bulent flow around a square cylinder (visible at the bottom of 
the image). The data is visualized using the spot noise tech- 
nique to show flow structure, color shows the pressure. 
Simulation by R. Verstappen and A. Veldman of the 
University of Groningen in the Netherlands, and visualization 
by W. de Leeuw and R. van Liere of the Center of 
Mathematics and Computer Science in Amsterdam. (See 
Fluid dynamics; Turbulence.) 


Snapshot of the results of a 
simulation for a toroidal mag- 
netic confinement system 
called a tokamak. Contours of 
EXgB reveal ballooning turbu- 
lence. Turbulence is on a rela- 
tively short scale 
perpendicular to the magnetic 
field and very extended along 
the magnetic field lines. The 
eddies tend to point preferen- 
tially in the direction of positive (bad) magnetic curvature. 
Photograph courtesy of Gary Kerbel, National Energy Research 
Supercomputer Center. (See Nonlinear plasma waves.) 





Electrically driven convection in a smectic (the most ordered phase) 
liquid crystal film. (a) A nonuniformly thick film is freely suspend- 
ed between two wires about Imm apart. The film itself is less than 
1 micron thick, and shows bright interference colors under reflected 
white light, like a soap bubble. The film convects when a DC volt- 
age of a few volts is applied to the wires. The vortex flow is visual- 
ized as it advects the thickness variations. The driving mechanism 
involves the field coupling to the surface charge which develops on 
the film’s two free surfaces. This system forms a simple one- 
dimensional nonlinear pattern which has been quantitatively studied 
in films with perfectly uniform thickness, for which no color varia- 
tion is visible. (b) As in the previous figure, now with annular electrodes and a radial driving 
force. One can also rotate the inner electrode and thus study convection superposed on a 
two-dimensional circular Couette flow. Images courtesy of Stephen W. Morris, University of 
Toronto. (See Liquid crystals; Spatiotemporal chaos; Thermal convection.) 





Closed Rayleigh—Bénard convection cells 
in clouds over the South Atlantic Ocean. 
NASA/GSEC. (See Atmospheric and 
ocean sciences; Fluid dynamics; Pattern 
formation; Thermal convection.) 








Evolution of oscillatory con- 
vection in a binary fluid layer 
heated from below. The con- 
centration distribution in a 
vertical cross section of the 
fluid layer is displayed by 
color coded plots with blue 
and red denoting high and 
low concentration, respective- 
ly. Wave profiles at midheight 
are shown for the fields of 
vertical velocity (thin lines), 
temperature (lines with trian- 
gles), and concentration (lines 
with squares). Initially a 
standing wave grows (t= 6.3). 
It breaks at t= 10.3 and is 
thereby transformed into a 
fast traveling wave propagat- 
ing to the left which then slows down. For better visibility two 
wavelengths are shown. (See Fluid dynamics; Rayleigh-Taylor 
instability; Thermo-diffusion effects.) 
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Spatially confined convection in binary fluid mixtures in the 
form of a localized traveling wave. (a) Concentration devia- 
tion (6 C) from global mean (light green/yellow) in a vertical 
cross section of the layer. (b) Lateral wave profiles at mid- 
height, z=0, of 6 C (green), vertical velocity w (blue), and 
its envelope. (c) Phase velocity vw, (black) and mixing num- 





Numerical results from a coupled atmosphere-ocean model of the 
North Atlantic circulation including bottom topography (a) now and 
(b) the prediction for 100 years from now. Noticeable are the diver- 
gence of the Gulf Stream in the North Atlantic, reduction in the pro- 
duction of deep cold water masses near Greenland, and slowing of 
part of the global conveyor belt. Relevant streamlines of the general 
circulation are colored according to their temperature (red=warm, 
blue=cold). Courtesy of the Deutsches Klimarechenzentrum 
(Michael Béttinger, DKRZ, Hamburg, Germany). (See Atmospheric 
and ocean sciences.) 


ber M (green) measuring rms deviations of concentration. (d) 
Time averaged deviations from the conductive state at 
z=—0.25 for concentration (green), temperature (red), and 
their sum ((b)) measuring the convective contribution to the 
buoyancy. (e) Streamlines of time averaged concentration 
current (J) (green) and velocity field (w) (blue). Thick blue 
and green arrows indicate (w) and transport of positive 6 C 
(alcohol surplus), respectively. Thus, in the lower half of the 
layer negative 6 C (water surplus) is transported to the right. 
(See Fluid dynamics; Thermo-diffusion effects.) 





Snowflakes on a window pane. Ice crystals are now recog- 
nized as examples of nonlinear pattern formation. (See 
Growth patterns; Pattern formation.) 


Self similarity of a fern frond. There is a limit to the range of 
scales at which the self similarity is maintained, and it occurs 
at only a few discrete scales. Courtesy of Paul Bourke. (See 





Fractals; Turing patterns.) 





Computer simulation of growth in three 
dimensions by diffusion-limited aggre- 
gation. Such growth patterns are natural 
fractals. Courtesy of Paul Bourke. (See 
Cluster coagulation; Fractals; 
Growth patterns.) 












Dune fields with a 
regular pattern, 
Lengoéis Maranhenses 
National Park, on 
Brazil’s north coast. 
Image courtesy of 
Earth Sciences and 
Image Analysis 
Laboratory, NASA 
Johnson Space Center, 
ISS007-E-15177. (See 
Dune Formation; 
Geomorphology and 
tectonics; Pattern 
formation.) 


Bacterial colonies 
develop complex spa- 
tiotemporal patterns in 
response to adverse 
conditions such as 
nutrient starvation. 

(a) Branching pattern 
in a Petri dish of 
Paenibacillus dendriti- 
formis. Growth rate is 
limited by diffusion of 
nutrients towards the 
colony, giving a 
branching or fractal 
pattern. (b) Vortex 
branching exhibited by 
Paenibacillus vortex 
bacteria. At the dark 
dot at the tip of each of 
the branches, millions 
of bacteria rotate in a 
ighly organized vor- 
tex. Chemorepellents 
push the vortices out- 
wards, allowing the 
colony to expand. 
Images courtesy of 
Eshel Ben Jacob, Tel 
Aviv University. (See 
Cluster coagulation; 
Growth patterns.) 





Approximate self similarity in 
the Mandelbrot set. The 
Mandelbrot set is the set of all 
c for which the iteration 
z>2’+e, starting from z=0, 
does not diverge to infinity. 
This set is named after the 
mathematician Benoit 
Mandelbrot, who discovered 
their fractal and self replicat- 
ing structure. Three successive 
magnifications are shown, and 
at each level a structure simi- 
lar, but not exactly the same, 
as the entire set is observed. 
Courtesy of Paul Bourke. 

(See Fractals; Multifractal 
analysis.) 


Drainage networks have scale-invariant (fractal) symmetry. Top: Color image of eleva- 
tion (white/yellow = high elevation black/red = low elevation) and drainage network 
(black lines) for a river basin in the Loess Plateau region of the Shanxi Province, 
P.R.C. River basins in homogeneous material such as loess (a silty soil deposited by 
wind storms) form particularly symmetric and ordered networks. Bottom: Color image 
of elevation for a fluvial landscape evolution simulation. Courtesy of Jon Pelletier, 
University of Arizona. (See Geomorphology and tectonics.) 











The elephants image is a Julia set with an unusual initialization scheme. The 
image plane is mapped to the 3rd power of the pixel coordinate. This has the 
effect of increasing symmetrical order. Maximim iterations/ pixel = 1024, 
center coordinates = (+3.4861 X10", —4.88498 x 10~'5), magnifica- 

tion = 0.9662319. The Julia set coordinate, pl = (0.28767393, 0.01500042), 
z=pixel*: z=z+pl, (Izl < 4.) Image courtesy of Noel Giffin. (See Maps in 
the complex plane.) 


A classic Mandelbrot image created with 
high iteration limits. Maximum 
iterations/pixel = 300,000, minimum itera- 
tions/pixel = 9587, center coordi- 

nates = (+0.378739048875 13700, 
+0.22838619041160610), magnification = 
8.279722 10". High iteration fractals can 
reveal striking fractal detail as the iteration 
count and zoom depth increase. A logarith- 
mic coloring algorithm is used to distribute 
the color pallette over the large iterative 
range. Image courtesy of Noel Giffin. (See 
Maps in the complex plane.) 
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Spiral wave patterns in a BZ reac- 
tion, confined to a thin layer in a 
petri dish. Early on in the reaction, 
the fronts of the target pattern are far 
apart, but as the reaction proceeds 
they become closer and additional 
wave sources appear, producing a 
complicated pattern. Courtesy of 
S.K. Scott, University of Leeds. (See 
Belousov—Zhabotinsky reaction; 
Chaotic dynamics; Reaction- 
diffusion systems.) 





Simulation of spiral 
defect chaos in Rayleigh— 
Bénard convection. Color 
corresponds to tempera- 
ture, increasing from vio- 
let to red. Local spirals 
are erratic in 
time—changing position 
and size. Courtesy of 
James D. Gunton, Lehigh 
University. (See 
Spatiotemporal chaos; 
Spiral waves; Thermal 
convection.) 


















Turing structures of different symmetries obtained with the 
chlorite-iodide-malonic acid reaction. Dark and light regions 
respectively correspond to high and low iodide concentration. 
The wavelength (a function of kinetic parameters and diffusion 
coefficients) is of the order of 0.2 mm. All patterns in (a)—(d) 
are at the same scale: view size 1.7 mm X 1.7 mm. Courtesy 
P. De Kepper, CRPP. (See Turing patterns.) 


Re-creation of the 
famous 1834 first 
sighting of a soliton or 
solitary wave on the 
Union Canal near 
Edinburgh, 12 July 
1995. Copyright 
Heriot-Watt 
University, used with 
permission. (See 
Solitons, a brief 
history.) 


A montage of planetary images taken by spacecraft managed 
by the Jet Propulsion Laboratory in Pasadena, CA. (Pluto is not 
shown.) The emergence of our planets from a cloud of gas and 
dust about 4.5 billion years ago was a highly nonlinear event. 
In his work to solve the three-body problem of planetary 
motion, Henri Poincaré first formulated the basic concepts of 
chaotic dynamics. Courtesy of NASA. (See N-body problem; 
Solar system.) 


The baryon density iso- 
surface of a 17- 
Skyrmion (topological 
charge of 17). The color 
represents the value of 
the third component of 
the pion field. (See 
Skyrmions.) 








Visualization of chaos generated by the one-dimensional map 

= 2x, (left panel), and a similar image for a truly random 
process (right panel). The “random walk trajectories” are plotted in 
the complex plane using steps of the same length but the direction is 
defined by x,, i.e., Z,,; =Z,+exp(27 i x,). Initial conditions for red 
and blue chaotic trajectories in the equation for the one-dimensional 


Ant 


map differ only by a distance 2X 10~°. (See Chaotic dynamics.) 





Infrared image of a spin mode in the free- 
radical-frontal polymerization of an acrylate 
in a 1.5 cm diameter tube. Image courtesy 
of J. Pojman. (See Polymerization.) 





RNA polymerase active site. The DNA 
template and growing RNA strands are 
shown in purple with gold phosphorous 
atoms; the protein backbone is shown in 
blue; protein atoms are colored red for 
oxygen, blue-green for carbon, and blue 
for nitrogen. The green sphere is a mag- 
nesium ion, which coordinates both the 
protein and the nucleotide tri-phosphate 
which is being added to the growing 
DNA strand. Atomic coordinates are 
available using the protein data bank 
accession code 1I6H. Produced with 
VMD. (See Protein structure.) 
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RNA polymerase catalytic subunit with 
DNA bound at the catalytic site. The 
nucleic acids are shown in purple, as in 
active site figure. The protein backbone is 
shown in red, with amino acid side chains 
colored according to charge and polarity; 
negatively charged amino acids are red, 
positively charged amino acids are blue, 
non-polar amino acids are white, and 
polar but uncharged amino acids are 
green. The patterns of charge, hydrogen 
bonds, and shape are recognized by other 
proteins in order to regulate activity of 
this protein. (See Protein dynamics.) 








Numerical simulations of a drip- 
ping water faucet. The dripping 
faucet is a familiar example of 
chaotic dynamics. (See Chaotic 
dynamics; Dripping faucet.) 


Dripping patterns of water drops falling 
from a nozzle (7 mm inner diameter and 
10 mm outer diameter) into a transparent 
cylindrical container of salad oil, which 
sensitively depends on the flow rate. The 
salad oil was used only to decrease the 
acceleration of the drops to obtain succes- 
sive pictures. Examples of period-one 
(left), period-two (middle) and chaos 
(right) are presented. (See Dripping 
faucet.) 





RNA polymerase transcription initiation 
complex, shown with several of the addi- 
tional proteins necessary for it to func- 
tion. Different colors represent different 
proteins interacting with the catalytic 
subunit. The interactions are quite spe- 
cific. (See Protein dynamics.) 
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Smale’s solenoid, 
an Axiom-A attrac- 
tor. At each itera- 
tion, the fat torus is 


thin torus which is 
then put back into 
the original torus, 
winding around 
twice. Reprinted 
from A First Course in Dynamics, Hasselblatt & Katok 
with the permission of Cambridge University Press. 
(See Anosov and Axiom A systems.) 








Three chaotic attractors arising 
from numerical solutions of a 
spatially homogeneous model of 
the mammalian electroen- 
cephalogram. Each attractor was 
constructed by delay-embedding 
a single state variable correspon- 
ding to the electroencephalo- 
graphic observable. Attractors 
were rendered from two different 
viewpoints (left and right 
images), from 100,000 point 
time series of 10 seconds total 
duration and colored by velocity. 
All attractors have a dominant 
frequency of oscillation in the 
electroencephalographic alpha 
band (8-13 Hz). The top attrac- 
tor has a Lyapunov dimension of 
2.086 + 0.003, representing an 
upper bound for the correlation 
(D,) dimension. Graphics by 
Paul Bourke, Centre for 
Astronomy and Supercomputing, 
Swinburne University of 
Technology, Melbourne, 
Australia. (See 
Electroencephalogram at 
mesoscopic scales.) 


mapped into a long, 





A periodically forced damped pendulum has com- 
plex behavior. These computer-generated images 
show initial positions that map to one of several 
different behaviors (one color for each). For 
example, orbits starting at points in the blue 
region would yield a different type of asymptotic 
motion than orbits starting in the red region. The 
brighter the shade of color, the longer it takes to 
settle into the corresponding motion. The different 
regions are separated by fractal basin boundaries. 
The pictures are made at increasing magnification 
levels. Courtesy, University of Maryland Chaos 
Group. (See Attractors; Damped-driven anhar- 
monic oscillator; Pendulum.) 








Chaos in a spatially homogeneous version of 
Liley et al.’s theory of the mammalian elec- 
troencephalogram. The two independent axes 
represent neuronal population input parame- 
ters, whereas the dependent variable (indicated 
by height and color) represents the largest 
Lyapunov exponent (LLE) of the system 
dynamics. Each point in this plane can be 
thought of as indexing a particular attractor 
(see previous figure). Green represents limit 
cycle (LLE = 0) activity, whereas points above 
and below this plane correspond to chaos 
(LLE > 0) and point attractor dynamics 

(LLE < 0) respectively. (See Electro- 
encephalogram at mesoscopic scales.) 


Standard Map (a): Dynamics of the 
standard map for k= 0.6; 

(b). Dynamics of the standard map for 
k= 2.0; (c). Dynamics of the standard 
map for k=k,,(y) = 0.971635406. (See 
Standard map.) 


Second harmonic gen- 
eration in lithium nio- 
bate: (a) Experimental 
setup; (b) Closeup view 
of the observation 
screen showing the fun- 
damental and second- 
harmonic light; (c) Side 
view showing the par- 
tial conversion of the 
red 800-nm incident 
beam into the blue 400-nm beam; the separation of the colors by the 
prism is relatively small in the plane of this photograph. (See 
Frequency doubling.) 
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Mathematics is not a careful march down a 
well-cleared highway, but a journey into a strange 
wilderness, where the explorers often get lost. Rigor 
should be a signal to the historian that the maps have 
been made, and the real explorers have gone elsewhere. 
—William S. Anglin 


But leaving those of the Body, I shall proceed to such 
Recreation as adorn the Mind; of which those of the 
Mathematicks are inferior to none. 

—William Leybourn (1626-1700) 


The last thing one knows when writing a book 1s what 
to put first. 
—Blaise Pascal (1623-1662) 
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Introduction 


ou are lost in a maze: How do you find your way out? 

You want to build a time machine, but is time travel 
logically possible? How can one infinity be bigger than 
another? Why can’t you drink from a Klein bottle? What 
is the biggest number in the world to have a proper 
name, and how can you write it? Who claimed he could 
see in the fourth dimension? And what does “iteration” 
mean? And what does “iteration” mean? 

Mathematics was never my strong point in school, but 
because I wanted to become an astronomer, I was told 
to stick with it. Fortunately, in my last two years be- 
fore heading off to university, I had a wonderful old- 
fashioned, eccentric teacher (he actually wore a black 
gown when teaching), called Mr. Kay (known to one and 
all as “Danny”), who would suddenly divert from the 
chalk and blackboard to ask, “But how did the universe 
come to be asymmetric—that’s what I want to know,” or 
“These imaginary numbers are very interesting; in part, 
because they are so remarkably real.” During lunch- 
break, Danny and the senior chemistry teacher, Mr. Erp 
(whose nickname I need hardly spell out), would always 
meet in the chemistry prep room for a game of chess. 
They looked and acted very much like characters from a 
Wellsian science fiction tale, and I sometimes imagined 
them musing on formulas for invisibility or doorways to 
higher dimensions. At any rate, though I was never a 


shining student, I realize what a profound effect those 
two deeply imaginative, thoughtful men had on my 
future career. I did become an astronomer. I did perse- 
vere with math to a certain level of competence. But, 
much more than that, my curiosity was fired by the won- 
derful and weird possibilities of these subjects: curved 
space, Mébius bands, parallel universes, patterns in the 
heart of chaos, alternative realities. These strange possi- 
bilities, and a thousand others, make up the stuffing of 
this book. If you want a comprehensive, academic dictio- 
nary of mathematics, look elsewhere. If you want rigor 
and proof, try the next shelf. Herein you will find only 
the unusual and the outrageous, the fanciful and the fan- 
tastic: a compendium of the mathematics they didn’t 
teach you in school. 

Entries range from short definitions to lengthy articles 
on topics of major importance or unusual interest. These 
are arranged alphabetically according to the first word of 
the entry name and are extensively cross-referenced. 
Terms that appear in bold type have their own entries. A 
number of puzzles are included for the reader to try; the 
answers to these can be found at the back of the book. 
Also at the back are a comprehensive list of references 
and a category index. Readers are invited to visit the 
author’s Web site at www.daviddarling.info for the latest 
news in mathematics and related subjects. 





abacus 
A counting frame that started out, several thousand years 
ago, as rows of pebbles in the desert sands of the Middle 
East. The word appears to come from the Hebrew dbdq 
(dust) or the Phoenician abak (sand) via the Greek abax, 
which refers to a small tray covered with sand to hold the 
pebbles steady. The familiar frame-supporting rods or 
wires, threaded with smoothly running beads, gradually 
emerged in a variety of places and mathematical forms. 
In Europe, there was a strange state of affairs for more 
than 1,500 years. The Greeks and the Romans, and then 
the medieval Europeans, calculated on devices with a 
place-value system in which zero was represented by an 
empty line or wire. Yet the written notations didn’t have 
a symbol for zero until it was introduced in Europe in 
1202 by Fibonacci, via the Arabs and the Hindus. 





abacus A special form of the Chinese abacus (c. 1958) consist- 
ing of two abaci stacked one on top of the other. Luis Fernandes 





The Chinese suan pan differs from the European aba- 
cus in that the board is split into two decks, with two 
beads on each rod in the upper deck and five beads, rep- 
resenting the digits 0 through 4, on each rod in the bot- 
tom. When all five beads on a rod in the lower deck are 
moved up, they’re reset to the original position, and one 
bead in the top deck is moved down as a carry. When 
both beads in the upper deck are moved down, they’re 
reset and a bead on the adjacent rod on the left is moved 
up as a carry. The result of the computation is read off 
from the beads clustered near the separator beam 
between the upper and lower decks. In a sense, the aba- 
cus works as a 5-2-5-2-5-2...-based number system in 
which carries and shifts are similar to those in the deci- 
mal system. Since each rod represents a digit in a deci- 
mal number, the capacity of the abacus is limited only 
by the number of rods on the abacus. When a user runs 
out of rods, she simply adds another abacus to the left of 
the row. 

The Japanese soroban does away with the dual repre- 
sentations of fives and tens by having only four counters 
in the lower portion, known as “earth,” and only one 
counter in the upper portion, known as “heaven.” The 
world’s largest abacus is in the Science Museum in Lon- 
don and measures 4.7 meters by 2.2 meters. 


Abbott, Edwin Abbott (1838-1926) 

An English clergyman and author who wrote several the- 
ological works and a biography (1885) of Francis Bacon, 
but is best known for his standard Shakespearian Grammar 
(1870) and the pseudonymously written Flatland: A 
Romance of Many Dimensions (by A Square, 1884)."" 


ABC conjecture 

A remarkable conjecture, first put forward in 1980 by 
Joseph Oesterle of the University of Paris and David 
Masser of the Mathematics Institute of the University of 
Basel in Switzerland, that is now considered one of the 
most important unsolved problems in number theory. If 
it were proved correct, the proofs of many other famous 
conjectures and theorems would follow immediately—in 
some cases in just a few lines. The vastly complex current 
proof of Fermat’s last theorem, for example, would 
reduce to less than a page of mathematical reasoning. 
The ABC conjecture is disarmingly simple compared 
to most of the deep questions in number theory and, 


4 Abel, Niels Henrik 





moreover, turns out to be equivalent to all the main 
problems that involve Diophantine equations (equa- 
tions with integer coefficients and integer solutions). 

Only a couple of concepts need to be understood to 
grasp the ABC conjecture. A square-free number is an inte- 
ger that isn’t divisible by the square of any number. For 
example, 15 and 17 are square-free, but 16 (divisible by 
4’) and 18 (divisible by 3’) are not. The square-free part of 
an integer 7, denoted sqp(w), is the largest square-free 
number that can be formed by multiplying the prime fac- 
tors of 2. For 2 = 15, the prime factors are 5 and 3, and 
3 x 5 = 15, a square-free number, so that sqp(15) = 15. 
On the other hand, for 7 = 16, the prime factors are all 2, 
which means that sqp(16) = 2. In general, if 7 is square- 
free, the square-free part of is just 2; otherwise, sqp(z) 
represents what is left over after all the factors that create 
a square have been eliminated. In other words, sqp() is 
the product of the distinct prime numbers that divide x. 
For example, sqp(9) = sqp(3 x 3) = 3 and sqp(1,400) = 
sqp(2x2x2x5x5x7)=2x5x7=70. 

The ABC conjecture deals with pairs of numbers that 
have no common factors. Suppose A and B are two such 
numbers that add to give C. For example, if 4 = 3 and 
B=7, then C=3 +7 = 10. Now, consider the square-free 
part of the product A x B x C: sqp(ABC) = sqp(3 x 7 x 
10) = 210. For most values of A and B, sqp(ABC) > C, as 
in the prior example. In other words, sqp(ABC)/C > 1. 
Occasionally, however, this isn’t true. For instance, 
if A = 1 and B = 8, then C=1+ 8 =9, sqp(ABC) = 
sqp(1 x 8 x 9)=sqp(1x2x2x2x3x3)=1x2x3=6, 
and sqp(ABC)/C = % = %s. Similarly, if 4 = 3 and 
B= 125, the ratio is 64. 

David Masser proved that the ratio sqp(ABC)/C can 
get arbitrarily small. In other words, given any number 
greater than zero, no matter how small, it’s possible to find 
integers A and B for which sqp(ABC)/C is smaller than 
this number. In contrast, the ABC conjecture says that 
[sqp(ABC)]"/C reaches a minimum value if 7 is any num- 
ber greater than 1—even a number such as 1.0000000001, 
which is only barely larger than 1. The tiny change in the 
expression results in a huge difference in its mathematical 
behavior. The ABC conjecture in effect translates an infi- 
nite number of Diophantine equations (including the 
equation of Fermat’s last theorem) into a single mathe- 
matical statement!“ 


Abel, Niels Henrik (1802-1829) 


The divergent series are the invention of the devil, 
and it is a shame to base on them any demonstra- 
tion whatsoever. By using them, one may draw 
any conclusion he pleases and that is why these 


series have produced so many fallacies and so 
many paradoxes. 


A Norwegian mathematician who, independently of his 
contemporary Evariste Galois, pioneered group theory 
and proved that there are no algebraic solutions of the 
general quintic equation. Both Abel and Galois died 
tragically young—Abel of tuberculosis, Galois in a sword 
fight. 

While a student in Christiania (now Oslo), Abel 
thought he had discovered how to solve the general quin- 
tic algebraically, but soon corrected himself in a famous 
pamphlet published in 1824. In this early paper, Abel 
showed the impossibility of solving the general quintic by 
means of radicals, thus laying to rest a problem that had 
perplexed mathematicians since the mid-sixteenth cen- 
tury. Abel, chronically poor throughout his life, was 
granted a small stipend by the Norwegian government that 
allowed him to go on a mathematical tour of Germany 
and France. In Berlin he met Leopold Crelle (1780-1856) 
and in 1826 helped him found the first journal in the 
world devoted to mathematical research. Its first three vol- 
umes contained 22 of Abel’s papers, ensuring lasting fame 
for both Abel and Crelle. Abel revolutionized the impor- 
tant area of elliptic integrals with his theory of elliptic 
functions, contributed to the theory of infinite series, and 
founded the theory of commutative groups, known today 
as Abelian groups. Yet his work was never properly appre- 
ciated during his life, and, impoverished and ill, he 
returned to Norway unable to obtain a teaching position. 
Two days after his death, a delayed letter was delivered in 
which Abel was offered a post at the University of Berlin. 


Abelian group 

A group that is commutative, that is, in which the result 
of multiplying one member of the group by another is 
independent of the order of multiplication. Abelian 
groups, named after Niels Abel, are of central impor- 
tance in modern mathematics, most notably in algebraic 
topology. Examples of Abelian groups include the real 
numbers (with addition), the nonzero real numbers 
(with multiplication), and all cyclic groups, such as the 
integers (with addition). 


abracadabra 

A word famously used by magicians but which started 
out as a cabalistic or mystical charm for curing various 
ailments, including toothache and fever. It was first men- 
tioned in a poem called “Praecepta de Medicina” by the 
Gnostic physician Quintus Severus Sammonicus in the 
second century A.D. Sammonicus instructed that the let- 
ters be written on parchment in the form of a triangle: 
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ABRACADABRA 
ABRACADABR 
ABRACADAB 
ABRACADA 
ABRACAD 
ABRACA 
ABRAC 
ABRA 
ABR 
AB 
A 


This was to be folded into the shape of a cross, worn for 
nine days suspended from the neck, and, before sunrise, 
cast behind the patient into a stream running eastward. It 
was also a popular remedy in the Middle Ages. During 
the Great Plague, around 1665, large numbers of these 
amulets were worn as safeguards against infection. The 
origin of the word itself is uncertain. One theory is that it 
is based on Abrasax, the name of an Egyptian deity. 


PUZZLE 

A well-known puzzle, proposed by George Polya 
(1887-1985), asks how many different ways there are 
to spell abracadabra in this diamond-shaped arrange- 
ment of letters: 


Solutions begin on page 369. 


abscissa 
The x-coordinate, or horizontal distance from the y-axis, 
in a system of Cartesian coordinates. Compare with 
ordinate. 


absolute 

Not limited by exceptions or conditions. The term is 
used in many different ways in mathematics, physics, 
philosophy, and everyday speech. Absolute space and 
absolute time, which, in Newton’s universe, form a 
unique, immutable frame of reference, blend and be- 
come deformable in the space-time of Einstein. See also 


absolute zero. In some philosophies, the absolute stands 
behind the reality we see—independent, transcendent, 
unconditional, and all-encompassing. The American phi- 
losopher Josiah Royce (1855-1916) took the absolute to 
be a spiritual entity whose self-consciousness is imper- 
fectly reflected in the totality of human thought. Mathe- 
matics, too, reaches beyond imagination with its absolute 
infinity. See also absolute value. 


absolute value 

The value of a number without regard to its sign. The 
absolute value, or modulus, of a real number, 7, is the dis- 
tance of the number from zero measured along the real 
number line, and is denoted |7|. Being a distance, it can’t 
be negative; so, for example, |3| = |-3| = 3. The same 
idea applies to the absolute value of a complex number 
a+ ib, except that, in this case, the complex number is 
represented by a point on an Argand diagram. The 
absolute value, |a + ib], is the length of the line from the 
origin to the given point, and is equal to V (a? +b’). 


absolute zero 

The lowest possible temperature of a substance, equal to 0 
Kelvin (K), -273.15°C, or —459.67°F. In classical physics, 
it is the temperature at which all molecular motion ceases. 
However, in the “real” world of quantum mechanics it 
isn’t possible to stop all motion of the particles making up 
a substance as this would violate the Heisenberg uncer- 
tainty principle. So, at 0 K, particles would still vibrate 
with a certain small but nonzero energy known as the zero- 
point energy. Temperatures within a few billionths of a 
degree of absolute zero have been achieved in the labora- 
tory. At such low temperatures, substances have been seen 
to enter a peculiar state, known as the Bose-Einstein con- 
densate, in which their quantum wave functions merge 
and particles lose their individual identities. Although it is 
possible to approach ever closer to absolute zero, the 
third law of thermodynamics asserts that it’s impossible to 
ever attain it. In a deep sense, absolute zero lies at the 
asymptotic limit of low energy just as the speed of light 
lies, for particles with mass, at the asymptotic limit of high 
energy. In both cases, energy of motion (kinetic energy) is 
the key quantity involved. At the high energy end, as the 
average speed of the particles of a substance approaches 
the speed of light, the temperature rises without limit, 
heading for an unreachable o K. 


abstract algebra 


To a mathematician, real life is a special case. 
—Anonymous 


Algebra that is not confined to familiar number systems, 
such as the real numbers, but seeks to solve equations 


—p— 


Glolalsjiableiiielamelam icles 





Dietetic tsisililese| 
(ole) t-le[-me)| 
Camp Century, 
a lop secrel 

AN Coiilom @\-toi-F 


aka Project 
"ICEWORM" 


6 Abu'l Wafa 





that may involve many other kinds of systems. One of 
its aims, in fact, is to ask: What other number systems 
are there? The term abstract refers to the perspective 
taken on the subject, which is very different from that of 
high school algebra. Rather than looking for the solu- 
tions to a particular problem, abstract algebra is inter- 
ested in such questions as: When does a solution exist? 
If a solution does exist, is it unique? What general prop- 
erties does a solution possess? Among the structures it 
deals with are groups, rings, and fields. Historically, 
examples of such structures often arose first in some 
other field of mathematics, were specified rigorously 
(axiomatically), and were then studied in their own right 
in abstract algebra. 


Abu’l Wafa (a.p. 940-998) 

A Persian mathematician and astronomer who was the 
first to describe geometrical constructions (see con- 
structible) possible only with a straightedge and a fixed 
compass, later dubbed a “rusty compass,” that never al- 
ters its radius. He pioneered the use of the tangent func- 
tion (see trigonometric function), apparently discovered 
the secant and cosecant functions, and compiled tables 
of sines and tangents at 15’ intervals—work done as part 
of an investigation into the orbit of the Moon. 


abundant number 

A number that is smaller than the sum of its aliquot parts 
(proper divisors). Twelve is the smallest abundant num- 
ber; the sum of its aliquot parts is 1+2+3+4+6=16, 
followed by 18, 20, 24, and 30. A weird number is an abun- 
dant number that is not semiperfect; in other words, 7 is 
weird if the sum of its divisors is greater than x, but z is 
not equal to the sum of any subset of its divisors. The 
first few weird numbers are 70, 836, 4,030, 5,830, and 
7,192. It isn’t known if there are any odd weird numbers. 
A deficient number is one that is greater than the sum of its 
aliquot parts. The first few deficient numbers are 1, 2, 3, 
4, 5, 8, and 9. Any divisor of a deficient (or perfect) 
number is deficient. A number that is not abundant or 
deficient is known as a perfect number. 


Achilles and the Tortoise paradox 
See Zeno’s paradoxes. 


Ackermann function 

One of the most important functions in computer sci- 
ence. Its most outstanding property is that it grows aston- 
ishingly fast. In fact, it gives rise to large numbers so 
quickly that these numbers, called Ackermann numbers, 
are written in a special way known as Knuth’s up-arrow 
notation. The Ackermann function was discovered and 
studied by Wilhelm Ackermann (1896-1962) in 1928. 


Ackermann worked as a high school teacher from 1927 
to 1961 but was also a student of the great mathemati- 
cian David Hilbert in Gottingen and, from 1953, served 
as an honorary professor in the university there. 
Together with Hilbert he published the first modern 
textbook on mathematical logic. The function he dis- 
covered, and that now bears his name, is the simplest 
example of a well-defined and total function that is also 
computable but not primitive recursive (PR). “Well- 
defined and total” means that the function is internally 
consistent and doesn’t break any of the rules laid down 
to define it. “Computable” means that it can, in prin- 
ciple, be evaluated for all possible input values of its 
variables. “Primitive recursive” means that it can be 
computed using only for Joops—repeated application of a 
single operation a predetermined number of times. The 
recursion, or feedback loop, in the Ackermann function 
overruns the capacity of any for loop because the number 
of loop repetitions isn’t known in advance. Instead, this 
number is itself part of the computation, and grows as 
the calculation proceeds. The Ackermann function can 
only be calculated using a while loop, which keeps repeat- 
ing an action until an associated test returns false. Such 
loops are essential when the programmer doesn’t know 
at the outset how many times the loop will be traversed. 
(It’s now known that everything computable can be pro- 
grammed using while loops.) 
The Ackermann function can be defined as follows: 


A(0, n)=n+1 forn=0 
A(m, 0) = A(m - 1, 1) form=1 
A(m, n) = A(m — 1, A(m, n-1)) for m, n=1. 


Two positive integers, m and n, are the input and A(m, 7) 
is the output in the form of another positive integer. The 
function can be programmed easily in just a few lines of 
code. The problem isn’t the complexity of the function 
but the awesome rate at which it grows. For example, the 
innocuous-looking (4,2) already has 19,729 digits! The 
use of a powerful large-number shorthand system, such 
as the up-arrow notation, is indispensable as the follow- 
ing examples show: 


A(1, n)=2+ (n+3)-3 

A(2,n)=2 x (n+3)-3 

A(3, n) =2T(n +3) -3 

A(A, n) = 27 (2T (27 (... 12))) — 3 (2 + 3 twos) 
=2TT(n + 3)-3 

A(5, n) =2T TT (2 + 3) — 3, ete. 





Intuitively, the Ackermann function defines generaliza- 
tions of multiplication by 2 (iterated additions) and 
exponentiation with base 2 (iterated multiplications) to 
iterated exponentiation, iteration of this operation, and 
so on.) 
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acre 

An old unit of area, equal to 160 square rods, 4,840 
square yards, 43,560 square feet, or 4,046.856 square 
meters. 


acute 

From the Latin acus for “needle” (which also forms the 
root for acid, acupuncture, and acumen). An acute angle is 
less than 90°. An acute triangle is one in which all three 
angles are acute. Compare with obtuse. 


adjacent 
Next to. Adjacent angles are next to each other, and thus 
share one side. Adjacent sides of a polygon share a vertex. 


affine geometry 

The study of properties of geometric objects that remain 
unchanged after parallel projection from one plane to 
another. During such a projection, first studied by Leon- 
hard Euler, each point (x, y) is mapped to a new point 
(ax+cy+e, bx+dy+f). Circles, angles, and distances are 
altered by affine transformations and so are of no inter- 
est in affine geometry. Affine transformations do, how- 
ever, preserve collinearity of points: if three points 
belong to the same straight line, their images (the points 
that correspond to them) under affine transformations 
also belong to the same line and, in addition, the middle 
point remains between the other two points. Similarly, 
under affine transformations, parallel lines remain par- 
allel; concurrent lines remain concurrent (images of in- 
tersecting lines intersect); the ratio of lengths of line 
segments of a given line remains constant; the ratio of 
areas of two triangles remains constant; and ellipses, par- 
abolas, and hyperbolas continue to be ellipses, parabo- 
las, and hyperbolas. 


age puzzles and tricks 

Problems that ask for a person’s age or, alternatively, 
when a person was a certain age, given several round- 
about facts. They go back at least 1,500 years to the time 
of Metrodorus and Diophantus’s riddle. A number of 
distinct types of age puzzles sprang up between the six- 
teenth and early twentieth centuries, in most cases best 
solved by a little algebra. One form asks: if X is now a 
years old and Y is now BD years old, when will X be c 
times as old as Y? The single unknown, call it x, can be 
found from the equation a+ x =c(b + x). Another type 
of problem takes the form: if X is now a times as old as 
Y and after b years X will be c times as old as ¥, how old 
are X and Y now? In this case the trick is to set up and 
solve two simultaneous equations: X= aY and X+ b= 


c(Y +0). 


PUZZLES 
Around 1900, two more variants on the age puzzle 
became popular. Here is an example of each for the 
reader to try. 
1. Bob is 24. He is twice as old as Alice was when 
Bob was as old as Alice is now. How old is Alice? 
2. The combined ages of Mary and Ann are 44 years. 
Mary is twice as old as Ann was when Mary was 
half as old as Ann will be when Ann is three times 
as old as Mary was when Mary was three times as 
old as Ann. How old is Ann?” 
Solutions begin on page 369. 


Various mathematical sleights of hand can seem to 
conjure up a person’s age as if by magic. For example, ask 
a person to multiply the first number of his or her age by 
5, add 3, double this figure, add the second number of 
his or her age to the figure, and tell you the answer. 
Deduct 6 from this and you will have their age. 

Alternatively, ask the person to pick a number, multi- 
ply this by 2, add 5, and multiply by 50. If the person 
has already had a birthday this year and it’s the year 
2004, she should add 1,754, otherwise she should add 
1,753. Each year after 2004 these numbers need to be 
increased by 1. Finally, the person should subtract the 
year they were born. The first digits of the answer are the 
original number, while the last two digits are the per- 
son’s age. 

Here is one more trick. Take your age, multiply it by 7, 
then multiply again by 1,443. The result is your age 
repeated three times. (What you have actually done is 
multiplied by 10,101; if you multiply by 1,010,101, the 
repetition is fourfold, and so on.) 


Agnesi, Maria Gaetana (1718-1799) 

An Italian mathematician and scholar whose name is 
associated with the curve known as the Witch of Agnesi. 
Born in Milan, Maria was one of 24 children of a pro- 
fessor of mathematics at the University of Bologna. A 
child prodigy, she could speak seven languages, includ- 
ing Latin, Greek, and Hebrew, by the age of 11 and was 
solving difficult problems in geometry and ballistics by 
her early teens. Her father encouraged her studies and 
her appearance at public debates. However, Maria de- 
veloped a chronic illness, marked by convulsions and 
headaches, and, from the age of about 20, withdrew 
socially and devoted herself to mathematics. Her Insti- 
tuzioni analitiche ad uso della gioventu italiana, published 
in 1748, became a standard teaching manual, and in 
1750, she was appointed to the chair of mathema- 
tics and natural philosophy at Bologna. Yet she never 
fulfilled her early promise in terms of making new 


—p— 


8 Ahmes papyrus 











Agnesi, Maria Gaetana_ The Witch of Agnesi curve. John H. Lienhard 


breakthroughs. After the death of her father in 1752, 
she moved into theology and, after serving for some 
years as the directress of the Hospice Trivulzio for Blue 
Nuns at Milan, joined the sisterhood herself and ended 
her days in this austere order. 

The famous curve that bears her name had been 
studied earlier, in 1703, by Pierre de Fermat and the 
Italian mathematician Guido Grandi (1671-1742). 
Maria wrote about it in her teaching manual and re- 
ferred to it as the aversiera, which simply means “to 
turn.” But in translating this, the British mathema- 
tician John Colson (1680-1760), the fifth Lucasian 
professor of mathematics at Cambridge University, 
confused aversiera with avversiere which means “witch,” 
or “wife of the devil.” And so the name of the curve 
came down to us as the Witch of Agnesi. To draw it, 
start with a circle of diameter a, centered at the point 
(0, a/2) on the y-axis. Choose a point A on the line 
y =aand connect it to the origin with a line segment. 
Call the point where the segment crosses the circle B. 
Let P be the point where the vertical line through 4 
crosses the horizontal line through B. The Witch is the 
curve traced by Pas A moves along the line y =a. By a 
happy coincidence, it does look a bit like a witch’s hat! 
In Cartesian coordinates, its equation is 


y=al(x? +a’). 
Ahmes papyrus 


See Rhind papyrus. 


Ahrens, Wilhelm Ernst Martin Georg (1872-1927) 
A great German exponent of recreational mathematics 


THE WiTcH of AGNESI 


whose Mathematische Unterhaltungen und Spiele is one of 
the most scholarly of all books on the subject. 


Alcuin (735-804) 

A leading intellectual of his time and the probable 
compiler of Propositiones ad Acuendos Juvenes (Problems to 
sharpen the young), one of the earliest collections of rec- 
reational math problems. According to David Singmaster 
and John Hadley: “The text contains 56 problems, includ- 
ing 9 to 11 major types of problem which appear for the 
first time, 2 major types which appear in the West for the 
first time and 3 novel variations of known problems. ... 
It has recently been realized that the river-crossing prob- 
lems and the crossing-a-desert problem, which appear 
here for the first time, are probably the earliest known 
combinatorial problems.” 

Alcuin was born into a prominent family near the east 
coast of England. He was sent to York, where he became a 
pupil and, eventually, in 778, the headmaster, of Arch- 
bishop Ecgberht’s School. (Ecgberht was the last person to 
have known the Venerable Bede.) Alcuin built up a superb 
library and made the school one of the chief centers of 
learning in Europe. Its reputation became such that, in 
781, Alcuin was invited to become master of Charle- 
magne’s Palace School at Aachen and, effectively, minister 
of education for Charlemagne’s empire. He accepted and 
traveled to Aachen to a meeting of the leading scholars. 
Subsequently, he was made head of Charlemagne’s Palace 
School and there developed the Carolingian minuscule, a 
clear, legible script that became the basis of how letters of 
the present Roman alphabet are written. 

Before leaving Aachen, Alcuin was responsible for the 
most prized of the Carolingian codices, now called the 
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Golden Gospels: a series of illuminated masterpieces writ- 
ten largely in gold, on white or purple vellum. The develop- 
ment of Carolingian minuscule had, indirectly, a major 
impact on the history of mathematics. Because it was a far 
more easily readable script than the older unspaced capital, 
it led to many mathematical works being newly copied into 
this new style in the ninth century. Most of the works of the 
ancient Greek mathematicians that have survived did so 
because of this transcription. Alcuin lived in Aachen from 
782 to 790 and again from 793 to 796. In 796, he retired 
from Charlemagne’s Palace School and became abbot of 
the Abbey of St. Martin at Tours, where he and his monks 
continued to work with the Carolingian minuscule script. 


aleph 

The first letter of the Hebrew alphabet, 8. It was first used 
in mathematics by Georg Cantor to denote the various 
orders, or sizes, of infinity: 8) (aleph-null), 8, (aleph- 
one), etc. An earlier (and still used) symbol for infinity, ©, 
was introduced in 1655 by John Wallis in his Arithmetica 
infinitorum but didn’t appear in print until the Ars con- 
jectandi by Jakob Bernoulli, published posthumously in 
1713 by his nephew Nikolaus Bernoulli (see Bernoulli 
Family). 





Alexander's horned sphere A sculpture of a five-level 
Alexander's horned sphere. Gideon Weisz, wwwgideonweisz.com 


Alexander's horned sphere 

In topology, an example of what is called a “wild” struc- 
ture; it is named after the Princeton mathematician James 
Waddell Alexander (1888-1971) who first described it in 
the early 1920s. The horned sphere is topologically equiv- 
alent to the simply connected surface of an ordinary hol- 
low sphere but bounds a region that is not simply 
connected. The horns-within-horns consist of a recursive 
set—a fractal—of interlocking pairs of orthogonal rings 
(rings set at right angles) of decreasing radius. A rubber 
band around the base of any horn couldn’t be removed 
from the structure even after infinitely many steps. The 
horned sphere can be embedded in the plane by reducing 
the interlock angle between ring pairs from 90° to 0°, then 
weaving the rings together in an over-under pattern. The 
sculptor Gideon Weisz has modeled a number of approx- 
imations to the structure, one of which is shown in the 
photograph. 


algebra 

A major branch of mathematics that, at an elementary 
level, involves applying the rules of arithmetic to num- 
bers, and to letters that stand for unknown numbers, with 
the main aim of solving equations. Beyond the algebra 
learned in high school is the much vaster and more pro- 
found subject of abstract algebra. The word itself comes 
from the Arabic alyebr, meaning “the reunion of broken 
parts.” It first appeared in the title of a book, Alyebr w’al- 
mugabalah (The science of reduction and comparison), 
by the ninth-century Persian scholar al-Khowarizmi— 
probably the greatest mathematician of his age, and as 
famous among Arabs as Euclid and Aristotle are to the 
Western world. 


algebraic curve 

A curve whose equation involves only algebraic functions. 
These are functions that, in their most general form, can 
be written as a sum of polynomials in x multiplied by 
powers of y, equal to zero. Among the simplest examples 
are straight lines and conic sections. 


algebraic fallacies 
Misuse of algebra can have some surprising and absurd 
results. Here, for example, is a famous “proof” that 1 = 2: 


Let a=b. 
Then a? = ab 
a+a’=a’+ab 
2a’ =a’ +ab 
2a’ —2ab= a’ + ab—2ab 
2a’ —2ab=a — ab 
2(a’ — ab) = 1(a’ — ab). 
Dividing both sides by a* — ab 
2= |e 
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Where’s the mistake? The problem lies with the seem- 
ingly innocuous final division. Since a = J, dividing by 
a’ — abis the same as dividing by zero—the great taboo of 
mathematics. 

Another false argument runs as follows: 


(n+ 1P=n?+2n4+1 
(n+ 1) — (2n+ 1) =n’. 





Subtracting m(2z + 1) from both sides and factorizing 
gives 





(n+ 1? — (n+ 1)(2n+ 1) =n? -n(2n +1). 
Adding '4(2n + 1) to both sides yields 


(n+ 1)? — (n+ 1)(2n+ 1) + (2n + 1P 
=n? —n(2n+1)+ (Qn 41). 











This may be written: 
[(2 + 1) —(2n 4+ 1)P = [(n — 2(2n + 1)’. 
Taking square roots of both sides, 


(Qn + 1)=n—'h(2n + 1). 





n+1 
Therefore, 
n=n+1. 


The problem here is that there are fwo square roots for 
any positive number, one positive and one negative: the 
square roots of 4 are 2 and —2, which can be written as 
+2. So the penultimate step should properly read: 


+(n+1 -'b(2n+ 1))= +(n-'2(2n + 1)) 


algebraic geometry 

Originally, the geometry of complex number solutions 
to polynomial equations. Modern algebraic geometry is 
also concerned with algebraic varieties, which are a gen- 
eralization of the solution sets found in the traditional 
subject, as well as solutions in fields other than complex 
numbers, for example finite fields. 


algebraic number 

A real number that is a root of a polynomial equation 
with integer coefficients. For example, any rational num- 
ber a/b, where a and 2 are nonzero integers, is an alge- 
braic number of degree one, because it is a root of the 
linear equation bx — a = 0. The square root of two is an 
algebraic number of degree two because it is a root of the 
quadratic equation x? — 2 = 0. If a real number is not alge- 
braic, then it is a transcendental number. Almost all real 
numbers are transcendental because, whereas the set of 
algebraic numbers is countably infinite (see countable 


set), the set of transcendental numbers is uncountably 
infinite. 


algebraic number theory 

The branch of number theory that is studied without 
using methods such as infinite series and convergence 
taken from analysis. It contrasts with analytical number 
theory. 


algebraic topology 

A branch of topology that deals with invariants of 
a topological space that are algebraic structures, often 
groups. 


algorithm 

A systematic method for solving a problem. The word 
comes from the name of the Persian mathematician, al- 
Khowarizmi, and may have been first used by Gottfried 
Liebniz in the late 1600s. It remained little known in 
Western mathematics, however, until the Russian mathe- 
matician Andrei Markov (1903-1987) reintroduced it. 
The term became especially popular in the areas of math 
focused on computing and computation. 


algorithmic complexity 

A measure of complexity developed by Gregory Chaitin 
and others, based on Claude Shannon’s information 
theory and earlier work by the Russian mathematicians 
Andrei Kolmogorov and Ray Solomonoff. Algorithmic 
complexity quantifies how complex a system is in terms 
of the shortest computer program, or set of algorithms, 
needed to completely describe the system. In other 
words, it is the smallest model of a given system that is 
necessary and sufficient to capture the essential patterns 
of that system. Algorithmic complexity has to do with 
the mixture of repetition and innovation in a complex 
system. At one extreme, a highly regular system can be 
described by a very short program or algorithm. For 
example, the bit string 01010101010101010101 . . . fol- 
lows from just three commands: print a zero, print a one, 
and repeat the last two commands indefinitely. The com- 
plexity of such a system is very low. At the other extreme, 
a totally random system has a very high algorithmic 
complexity since the random patterns can’t be con- 
densed into a smaller set of algorithms: the program is 
effectively as large as the system itself: See also com- 
pressible. 


Alhambra 

The former palace and citadel of the Moorish kings of 
Granada, and perhaps the greatest monument to Islamic 
mathematical art on Earth. Because the Qur’an consid- 
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Alhambra Computer-generated tilings based on Islamic tile 
designs such as those found in the Alhambra. Xah Lee, 
www.xahlee.org 


ers the depiction of living beings in religious settings 
blasphemous, Islamic artists created intricate patterns to 
symbolize the wonders of creation: the repetitive nature 
of these complex geometric designs suggests the limitless 
power of God. The sprawling citadel, looming high 
above the Andalusian plain, boasts a remarkable array of 
mosaics with tiles arranged in intricate patterns. The 
Alhambra tilings are periodic; in other words, they con- 


sist of some basic unit that is repeated in all directions to 
fill up the available space. All 17 different groups of 
isometries—the possible ways of repeatedly tiling the 
plane—are used at the palace. The designs left a deep 
impression on Maurits Escher, who came here in 1936. 
Subsequently, Escher’s art took on a much more mathe- 
matical nature, and over the next six years he produced 
43 colored drawings of periodic tilings with a wide vari- 
ety of symmetry types. 


aliquot part 

Also known as a proper divisor, any divisor of a number 
that isn’t equal to the number itself. For instance, the 
aliquot parts of 12 are 1, 2, 3, 4, and 6. The word comes 
from the Latin aii (“other”) and quot (“how many”). An 
aliquot sequence is formed by taking the sum of the 
aliquot parts of a number, adding them to form a new 
number, then repeating this process on the next num- 
ber and so on. For example, starting with 20, we get 
1+2+4+4+5+410= 22, then 1+2+ 11 = 14, then 
1+2+7=10, then 1+2+5=8, thenl1+2+4=7, 
then 1, after which the sequence doesn’t change. For 
some numbers, the result loops back immediately to 
the original number; in such cases the two numbers are 
called amicable numbers. In other cases, where a 
sequence repeats a pattern after more than one step, 
the result is known as an aliquot cycle or a sociable chain. 
An example of this is the sequence 12496, 14288, 
15472, 14536, 14264,...The aliquot parts of 14264 
add to give 12496, so that the whole cycle begins again. 
Do all aliquot sequences end either in 1 or in an 
aliquot cycle (of which amicable numbers are a special 
case)? In 1888, the Belgian mathematician Eugéne 
Catalan (1814-1894) conjectured that they do, but this 
remains an open question. 





al-Khowarizmi (c. 780-850) 

An Arabic mathematician, born in Baghdad, who is 
widely considered to be the founder of modern day alge- 
bra. He believed that any math problem, no matter how 
difficult, could be solved if broken down into a series of 
smaller steps. The word algorithm may have derived from 
his name. 


Allais paradox 

A paradox that stems from questions asked in 1951 by 
the French economist Maurice Allais (1911-)."! Which 
of these would you choose: (A) an 89% chance of receiv- 
ing an unknown amount and 11% chance of $1 million; 
or (B) an 89% chance of an unknown amount (the same 
amount as in A), a 10% chance of $2.5 million, and a 1% 
chance of nothing? Would your choice be the same if the 
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unknown amount was $1 million? What if the unknown 
amount was zero? 

Most people don’t like risk and so prefer the better 
chance of winning $1 million in option A. This choice 
is firm when the unknown amount is $1 million, but 
seems to waver as the amount falls to nothing. In the lat- 
ter case, the risk-averse person favors B because there 
isn’t much difference between 10% and 11%, but there’s 
a big difference between $1 million and $2.5 million. 
Thus the choice between A and B depends on the un- 
known amount, even though it is the same unknown 
amount independent of the choice. This flies in the face 
of the so-called independence axiom, that rational choice 
between two alternatives should depend only on how 
those two alternatives differ. Yet, if the amounts involved 
in the problem are reduced to tens of dollars instead of 
millions of dollars, people’s behavior tends to fall back in 
line with the axioms of rational choice. In this case, peo- 
ple tend to choose option B regardless of the unknown 
amount. Perhaps when presented with such huge num- 
bers, people begin to calculate qualitatively. For example, 
if the unknown amount is $1 million the options are 
essentially (A) a fortune guaranteed or (B) a fortune 
almost guaranteed with a small chance of a bigger for- 
tune and a tiny chance of nothing. Choice A is then 
rational. However, if the unknown amount is nothing, 
the options are (A) a small chance of a fortune ($1 mil- 
lion) and a large chance of nothing, and (B) a small 
chance of a larger fortune ($2.5 million) and a large 
chance of nothing. In this case, the choice of B is ratio- 
nal. Thus, the Allais paradox stems from our limited abil- 
ity to calculate rationally with such unusual quantities. 


almost perfect number 

A description sometimes applied to the powers of 2 
because the aliquot parts (proper divisors) of 2” sum to 
2” — 1. So a power of 2 is a deficient number (one that is 
less than the sum of its proper divisors), but only just. It 
isn’t known whether there is an odd number 2 whose 
divisors (excluding itself) sum to ” — 1. 


alphamagic square 

A form of magic square, introduced by Lee Sallows,' 
in which the number of letters in the word for each number, 
in whatever language is being used, gives rise to another 
magic square. In English, for example, the alphamagic 
square: 


5 (five) 22 (twenty-two) 18 (eighteen) 
28 (twenty-eight) 15 (fifteen) 2 (two) 
12 (twelve) 8 (eight) 25 (twenty-five) 


278-280] 


generates the square: 


4 9 8 
ll 7 3 
6 5 10 


A surprisingly large number of 3 x 3 alphamagic squares 
exist—in English and in other languages. French allows just 
one 3 x 3 alphamagic square involving numbers up to 200, 
but a further 255 squares if the size of the entries is 
increased to 300. For entries less than 100, none occurs in 
Danish or in Latin, but there are 6 in Dutch, 13 in Finnish, 
and an incredible 221 in German. Yet to be determined is 
whether a 3 x 3 square exists from which a magic square 
can be derived that, in turn, yields a third magic square—a 
magic triplet. Also unknown is the number of 4 x 4 and 
5 x 5 language-dependent alphamagic squares. Here, for 
example, is a four-by-four English alphamagic square: 


26 37 48 59 
49 58 27 36 
57 46 39 28 
38 29 56 47 


alphametic 

A type of cryptarithm in which a set of words is written 
down in the form of a long addition sum or some other 
mathematical problem. The object is to replace the let- 
ters of the alphabet with decimal digits to make a valid 
arithmetic sum. The word alphametic was coined in 1955 
by James Hunter. However, the first modern alphametic, 
published by Henry Dudeney in the July 1924 issue of 
Strand Magazine, was “Send more money,” or, setting it 
out in the form of a long addition: 


SEND 


PUZZLES 
The reader is invited to try to solve the following ele- 
gant examples: 

1. Earth, air, fire, water: nature. (Herman Nijon) 

2. Saturn, Uranus, Neptune, Pluto: planets. (Peter J. 

Martin) 
3. Martin Gardner retires. (H. Everett Moore) 
Solutions begin on page 369. 


== 
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Two rules are obeyed by every alphametic. First, the 
mapping of letters to numbers is one-to-one; that is, 
the same letter always stands for the same digit, and the 
same digit is always represented by the same letter. Sec- 
ond, the digit zero isn’t allowed as the left-most digit in 
any of the numbers being added or in their sum. The 
best alphametics are reckoned to be those with only one 
correct answer. 


Altekruse puzzle 

A symmetrical 12-piece burr puzzle for which a patent 
was granted to William Altekruse in 1890. The Alte- 
kruse family is of Austrian-German origin and, curi- 
ously, the name means “old cross” in German, which 
has led some authors to incorrectly assume that it was a 
pseudonym. William Altekruse came to the United 
States as a young man in 1844 with his three brothers to 
escape being drafted into the German army. The 
Altekruse puzzle has an unusual mechanical action in 
the first step of disassembly by which two halves move 
in opposition to each other, unlike the more familiar 
burr types that have a key piece or pieces. Depending 
on how it is assembled, this action can take place along 
one, two, or all three axes independently but not simul- 
taneously. 


alternate 

A mathematical term with several different meanings: (1) 
Alternate angles are angles on opposite sides and opposite 
ends of a line that cuts two parallel lines. (2) A well-known 
theorem called the alternate segment theorem involves the 
segment on the opposite side of a given chord of a circle. 
(3) An alternate hypothesis in statistics is the alternative 
offered to the null hypothesis. (4) To alternate is to cycle 
backward and forward between two different values, for 
example, 0, 1,0, 1,0,1,.... 


altitude 

A perpendicular line segment from one vertex of a figure 
or solid to an edge or face opposite to that vertex. Also 
the length of such a line segment. 


ambiguous figure 

An optical illusion in which the subject or the perspec- 
tive of a picture or shape may suddenly switch in the 
mind of the observer to another, equally valid possibil- 
ity. Often the ambiguity stems from the fact that the 
figure and ground can be reversed. An example of this is 
the vase/profile illusion, made famous by the Danish 
psychologist Edgar John Rubin (1886-1951) in 1915, 
though earlier versions of the same illusion can be 





ambiguous figure The Rubin vase illusion: one moment a 
vase, the next two people face to face. 


found in many eighteenth-century French prints depict- 
ing a variety of vases, usually in a naturalistic setting, 
and profiles of particular people. The same effect can be 
created in three dimensions with a suitably shaped solid 
vase. In some ambiguous figures, the features of a per- 
son or of an animal can suddenly be seen as different 
features of another individual. Classic examples include 
the old woman—young woman illusion and the duck- 
rabbit illusion. Upside-down pictures involve a special 
case of dual-purpose features in which the reversal is 
accomplished not mentally, by suddenly “seeing” the 
alternative, but physically, by turning the picture 180°. 
Ambiguity can also occur, particularly in some geomet- 
ric drawings, when there is confusion as to which are 
the front and the back faces of a figure, as in the Necker 
cube, the Thiery figure, and Schréder’s reversible 
staircase. 


ambiguous connectivity 
See impossible figure. 


Ames room 

The famous distorted room illusion, named after the 
American ophthalmologist Adelbert Ames Jr. (1880- 
1955), who first constructed such a room in 1946 based 
on a concept by the German physicist Hermann Helm- 
holtz in the late nineteenth century. The Ames room 
looks cubic when seen with one eye through a specially 
positioned peephole; however, the room’s true shape is 
trapezoidal. The floor, ceiling, some walls, and the far 
windows are trapezoidal surfaces; the floor appears level 
but is actually at an incline (one of the far corners being 
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Ames room Misleading geometry makes these identical 
twins appear totally different in size. Technische Universitat, 
Dresden 


much lower than the other); and the walls are slanted 
outward, though they seem perpendicular to the floor. 
This shape makes it look as if people or objects grow or 
shrink as they move from one corner of the room to 
another. See also distortion illusion.!” 178! 


amicable numbers 

A pair of numbers, also known as friendly numbers, each 
of whose aliquot parts add to give the other number. 
(An aliquot part is any divisor that doesn’t include the 
number itself.) The smallest amicable numbers are 220 
(aliquot parts 1, 2, 4, 5, 10, 11, 20, 22, 44, 55, and 110, 
with a sum of 284) and 284 (aliquot parts 1, 2, 4, 71, 
and 142, with a sum of 220). This pair was known to the 
ancient Greeks, and the Arabs found several more. In 
1636, Pierre de Fermat rediscovered the amicable pair 
17,296 and 18,416; two years later René Descartes 
rediscovered a third pair, 9,363,584 and 9,437,056. In 
the eighteenth century, Leonhard Euler drew up a list 
of more than 60. Then, in 1866, B. Nicolo Paganini 
(not the violinist), a 16-year-old Italian, startled the 
mathematical world by announcing that the numbers 
1,184 and 1,210 were amicable. This second-lowest pair 
of all had been completely overlooked! Today, the tally 
of known amicable numbers has grown to about 2.5 
million. No amicable pair is known in which one of the 
two numbers is a square. An unusually high proportion 
of the numbers in amicable pairs ends in either 0 or 5. 
A happy amicable pair is an amicable pair in which both 
numbers are happy numbers; an example is 10,572,550 
and 10,854,650. See also Harshad number. 


amplitude 

Size or magnitude. The origin of the word is the same 
Indo-European ple root that gives us plus and comple- 
ment. The more immediate Latin source is amplus for 
“wide.” Today, amplitude is used to describe, among 
other things, the distance a periodic function varies 
from its central value, and the magnitude of a complex 
number. 


anagram 

The rearrangement of the letters of a word or phrase into 
another word or phrase, using all the letters only once. 
The best anagrams are meaningful and relate in some way 
to the original subject; for example, “stone age” and 
“stage one.” There are also many remarkable examples of 
long anagrams. “ “That’s one small step for a man; one 
giant leap for mankind.’ Neil Armstrong” becomes “An 
‘Eagle’ lands on Earth’s Moon, making a first small per- 
manent footprint.” 


PUZZLES 
The reader is invited to untangle the following ana- 
grams that give clues to famous people: 
1. A famous German waltz god. 
2. Aha! lons made volts! 
3. I'll make a wise phrase. 
Solutions begin on page 369. 


An antonymous anagram, or antigram, has a meaning 
opposite to that of the subject text; for example, “within 
earshot” and “I won’t hear this.” Transposed couplets, or 
pairagrams, are single word anagrams that, when placed 
together, create a short meaningful phrase, such as “best 
bets” and “lovely volley.” A rare transposed triplet, or tri- 
anagram, is “discounter introduces reductions.” See also 
pangram. 


anallagmatic curve 

A curve that is invariant under inversion (see in- 
verse). Examples include the cardioid, Cassinian ovals, 
limacon of Pascal, strophoid, and Maclaurin tri- 
sectrix. 


analysis 

A major branch of mathematics that has to do with 
approximating certain mathematical objects, such as 
numbers or functions, in terms of other objects that are 
easier to understand or to handle. A simple example of 
analysis is the calculation of the first few decimal places 
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of pi by writing it as the limit of an infinite series. The 
origins of analysis go back to the seventeenth century, 
when people such as Isaac Newton began investigating 
how to approximate locally—in the neighborhood of a 
point—the behavior of quantities that vary continuously. 
This led to an intense study of limits, which form the 
basis of understanding infinite series, differentiation, 
and integration. 

Modern analysis is subdivided into several areas: real 
analysis (the study of derivatives and integrals of real- 
valued functions); functional analysis (the study of spaces 
of functions); harmonic analysis (the study of Fourier 
series and their abstractions); complex analysis (the study 
of functions from the complex plane to the complex plane 
that are complex differentiable); and nonstandard analy- 
sis (the study of hyperreal numbers and their functions, 
which leads to a rigorous treatment of infinitesimals and of 
infinitely large numbers). 


analytical geometry 

Also known as coordinate geometry or Cartesian geometry, 
the type of geometry that describes points, lines, and 
shapes in terms of coordinates, and that uses algebra to 
prove things about these objects by considering their 


coordinates. René Descartes laid down the foundations 
for analytical geometry in 1637 in his Discourse on the 
Method of Rightly Conducting the Reason in the Search for 
Truth in the Sciences, commonly referred to as Discourse on 
Method. This work provided the basis for calculus, 
which was introduced later by Isaac Newton and Gott- 
fried Leibniz. 


analytical number theory 

The branch of number theory that uses methods taken 
from analysis, especially complex analysis. It contrasts 
with algebraic number theory. 


anamorphosis 

The process of distorting the perspective of an image to 
such an extent that its normal appearance can only be 
restored by the observer completely changing the way he 
looks at the image. In catoptric anamorphosis, a curved 
mirror, usually of cylindrical or conical shape, is used to 
restore an anamorphic picture to its undistorted form. In 
other kinds of anamorphism, the observer has to change 
her viewing position—for example, by looking at the pic- 
ture almost along its surface. Some anamorphic art 
adds deception by concealing the distorted image in an 





anamorphosis “Self-portrait with Albert” is a clever example of anamorphic art by the Hungarian artist Istvan Orosz. The artist's 
hands over his desk and a small round mirror in which the artist's face is reflected can be seen in the etching. Istvan Orosz 


(continued) 


> pl  29:21/1:18:13 





16 anamorphosis 








anamorphosis (continued) A cylindrical mirror is placed over the circle. /stvan Orosz 





The mirror reveals a previously unsuspected aspect of the picture. The distorting effect of the curved mirror is to undistort a face 
hidden amid the shapes on the desk: the face of Albert Einstein. Orosz created this etching for an exhibition in Princeton, where 
the great scientist lived. istvan Orosz 
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otherwise normal looking picture. At one time, artists 
who had the mathematical knowledge to create ana- 
morphic pictures kept their calculations and grids well- 
guarded secrets. Now it is relatively easy to create such 
images by computer. 


angle 


My geometry teacher was sometimes acute, and 
sometimes obtuse, but he was always right. 
—Anonymous 


The opening between two lines or two planes that meet; 
the word comes from the Latin angulus for “sharp 
bend.” Angles are measured in degrees. A right angle 
has 90°, an acute angle less than 90°, and an obtuse 
angle has between 90° and 180°. If an angle exceeds the 
straight angle of 180°, it is said to be convex. Comple- 
mentary angles add to 90°, and supplementary angles make 
a total of 180°. 


angle bisection 
See bisecting an angle. 


angle trisection 
See trisecting an angle. 


animals’ mathematical ability 

Many different species, including rats, parrots, pigeons, 
raccoons, and chimpanzees, are capable of doing simple 
calculations. Tests on dogs have shown that they have a 
basic grasp of cardinality—the number of things on offer. 
If they’re shown a pile of treats and then shown the pile 
again after it has been concealed and the number of 
treats changed slightly, they will react differently than if 
there’s been no change. However, not all purported ani- 
mal math talents stand the test of time. At the turn of 
the century, a horse named Clever Hans wowed audi- 
ences with his counting skills. His trainer would pose a 
problem, and the horse would tap out the answer. In the 
end, though, it was found that Hans couldn’t really add 
or subtract but was instead responding to subtle, unin- 
tended clues from its trainer, who would visibly relax 
when the horse reached the correct number. 


annulus 
The region between the smaller and the larger of two cir- 
cles that share a common center. 


antigravity houses and hills 

The House of Mystery in the Oregon Vortex, Gold Hill, 
Oregon, built during the Great Depression in the 1930s, 
can claim to be the first “antigravity house.” It spawned 


antigravity houses and hills Visitors to a “house of mystery,” 
believing that the floor of the house is horizontal, may be 
astonished by the apparent gravity-defying effects (right). All 
these effects are easily understood, however, when it is real- 
ized that the entire house tilts at the same angle as a hill on 
which it is built. 


many imitators around the United States and in other 
parts of the world. Such buildings give rise to some 
spectacular visual effects, which seem bewildering until 
the underlying cause is revealed. Of course, the visitor 
guides are not forthcoming about what is really going 
on and make fantastic claims about magnetic or gravita- 
tional anomalies, UFOs, or other weird and wonderful 
phenomena. The fact is that all the stunning effects 
stem from clever construction and concealment that 
make an incline seem like a horizontal in the mind of 
the visitor. All antigravity houses are built on hills, with 
a typical incline of about 25°. But unlike a normal 
house on the side of a hill, an antigravity house is built 
so that its walls are perpendicular to the (inclined) 
ground. In addition, the area around the house is sur- 
rounded by a tall fence that prevents the visitor from 
establishing a true horizontal. Thus compelled to fall 
back on experience, the visitor assumes that the floor of 
the house is horizontal and that the walls are vertical 
with respect to Earth’s gravity. All the stunning visual 
shenanigans follow from this. 

In addition to man-made antigravity illusions, there 
are also a number of remarkable natural locations 
around the world where gravity seems to be out of kilter. 
One example is the “Electric Brae,” known locally as 
Croy Brae, in Ayrshire, Scotland. This runs the quarter- 
mile from the bend overlooking the Croy railway 
viaduct in the west (86 meters above sea level) to the 
wooded Craigencroy Glen (92 meters above sea level) to 
the east. While there is actually a slope of 1 in 86 (a rise 
of 1 meter for every 86 meters horizontally) upward 
from the bend at the Glen, the configuration of the land 
on either side of the road creates the illusion that the 
slope runs the other way. The author is among countless 
folk who have parked their cars with the brakes off on 
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this stretch of road and been amazed to see it roll appar- 
ently uphill. See also distortion illusion. 


antimagic square 

An 2X square arrangement of the numbers 1 to 2? such 
that the totals of the ” rows and ” columns and two long 
diagonals form a sequence of (27 + 2) consecutive integers. 
There are no antimagic squares of size 2 x 2 and 3 x 3 but 
plenty of them for larger sizes. Here is a 4 x 4 example: 


1 13 3 12 
15 9 4 10 
7 2 16 8 
14 6 115 


See also magic square. 


antiprism 

A semi-regular polyhedron constructed from two n-sided 
polygons and 27 triangles. An antiprism is like a prism in 
that it contains two copies of any chosen regular polygon, 
but is unlike a prism in that one of the copies is given a 


slight twist relative to the other. The polygons are con- 
nected by a band of triangles pointing alternately up and 
down. At each vertex, three triangles and one of the chosen 
polygons meet. By spacing the two polygons at the proper 
distance, all the triangles become equilateral. Antiprisms 
are named square antiprisms, pentagonal antiprisms, and 
so on. The simplest, the triangular antiprism, is better 
known as the octahedron. 


aperiodic tiling 

A tiling made from the same basic elements or tiles that 
can cover an arbitrarily large surface without ever 
exactly repeating itself. For a long time it was thought 
that whenever tiles could be used to make an aperiodic 
tiling, those same tiles could also be fitted together in a 
different way to make a periodic tiling. Then, in the 
1960s, mathematicians began finding sets of tiles that 
were uniquely aperiodic. In 1966, Robert Berger pro- 
duced the first set of 20,426 aperiodic tiles, and soon 
lowered this number to 104. Over the next few years, 
other mathematicians reduced the number still further. 





antiprism A pentagonal antiprism. Robert Webb, wwwsoftware3d.com; created using Webb’s Stella program 
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In 1971, Raphael Robinson found a set of six aperiodic 
tiles based on notched squares; then, in 1974, Roger 
Penrose found a set of two colored aperiodic tiles (see 
Penrose tilings). The coloring can be dispensed with if 
the pieces are notched. There is a set of three convex 
(meaning no notches) aperiodic tiles, but it isn’t known 
if there is a set of two such tiles or even a single tile (see 
Einstein problem). In three dimensions, Robert Am- 
mann found two aperiodic polyhedra, and Ludwig 
Danzer found four aperiodic tetrahedra. 


Apéry’s constant 

The number defined by the formula C/(3) = S.,-; 1/7’, 
where ¢ is the Riemann zeta function: It has the value 
1.202056... and gives the odds (1 in 1.202056...) of 
any three positive integers, picked at random, having no 
common divisor. In 1979, the French mathematician 
Roger Apéry (1916-1994) stunned the mathematical 
world with a proof that this number is irrational. 
Whether it is a transcendental number remains an open 
question. 


apex 
The vertex of a cone or a pyramid. 


apocalypse number 
See beast number. 


Apollonius of Perga (c. 255-170 B.c.) 

A highly influential Greek mathematician (born in a 
region of what is now Turkey), known as the “Great 
Geometer,” whose eight-part work On Conics introduced 
such terms as ellipse, parabola, and hyperbola. Euclid and 
others had written earlier about the basic properties of 
conic sections but Apollonius added many new results, 
particularly related to normals and tangents to the vari- 
ous conic curves. One of the most famous questions 
he raised is known as the Apollonius problem. He 
also wrote widely on other subjects including science, 
medicine, and philosophy. In Ox the Burning Mirror he 
showed that parallel rays of light are not brought to a 
focus by a spherical mirror (as had been previously 
thought), and he discussed the focal properties of a para- 
bolic mirror. A few decades after his death, Emperor 
Hadrian collected Apollonius’s works and ensured their 
publication throughout his realm. 


Apollonius problem 

A problem first recorded in Yangencies, written around 
200 B.c. by Apollonius of Perga. Given three objects in 
the plane, each of which may be a circle C, a point P (a 
degenerate circle), or a line L (part of a circle with infinite 
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Apollonius problem The Apollonian gasket. 


radius), find another circle that is tangent to (just 
touches) each of the three. There are ten cases: PPP, PPL, 
PLL, LLL, PPC, PLC, LLC, LCC, PCC, CCC. The two 
easiest involve three points or three straight lines and 
were first solved by Euclid. Solutions to the eight other 
cases, with the exception of the three-circle problem, 
appeared in Tangencies; however, this work was lost. The 
most difficult case, to find a tangent circle to any three 
other circles, was first solved by the French mathemati- 
cian Francois Viéte (1540-1603) and involves the simul- 
taneous solution of three quadratic equations, although, 
in principle, a solution could be found using just a com- 
pass and a straightedge. Any of the eight circles that is a 
solution to the general three-circle problem is called an 
Apollonius circle. If the three circles are mutually tangent 
then the eight solutions collapse to just two, which are 
known as Soddy circles. A fractal is produced by starting 
with three mutually tangent circles and creating a 
fourth—the inner Soddy circle—that is nested between the 
original three. The process is repeated to yield three more 
circles nested between sets of three of these, and then 
repeated again indefinitely. The points that are never 
inside a circle form a fractal set called the Apollonian gas- 
ket, which has a fractional dimension of about 1.30568. 


apothem 

Also known as a short radius, the perpendicular distance 
from the center of a regular polygon to one of its sides. 
It is the same as the radius of a circle inscribed in the 


polygon. 
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apotome 

One of Euclid’s categories of irrational numbers. An 
apotome has the form V(VA — VB). The corresponding 
number with a “+” sign is called a binomial in Euclid’s 
scheme. 


applied mathematics 
Mathematics for the sake of its use to science or society. 


Arabic numeral 
A numeral written with an Arabic digit alone: 0, 1, 2, 3, 4, 
5, 6, 7, 8, 9, or in combination: 10, 11, 12,...594,.... 


arbelos 

A figure bounded by three semicircles AB, BC, and AC, 
where ABC is a straight line. Archimedes (about 250 B.C.) 
called it an arbelos—the Greek word for a knife of the same 
shape used by shoemakers to cut and trim leather—and 
wrote about it in his Liber assumptorum (Book of lemmas). 
Among its properties are that the sum of the two smaller 
arc lengths is equal to the larger; the area of the arbelos is 
m/4 times the product of the two smaller diameters (AB 
and BC); and the area of the arbelos is equal to the area of 
a circle whose diameter is the length of a perpendicular 
segment drawn from the tangent point B of the two 
smaller semicircles to the point D, where it meets the larger 
semicircle. The circles inscribed on each half of BD of the 
arbelos (called Archimedes’s circles) each have a diameter of 
(AB)(BC)/(AC). Furthermore, the smallest circumcircle 
of these two circles has an area equal to that of the arbelos. 
Pappus of Alexandria wrote on the relations of the chain 
of circles, Ci, C), C3,... (called a Pappus chain or an arbelos 
train) that are mutually tangent to the two largest semicir- 
cles and to each other. The centers of these circles lie on an 
ellipse and the diameter of the th circle is (1/7) times the 
base of the perpendicular distance to the base of the semi- 
circle. 





A - a Cc 


arbelos A Pappus chain of circles, C,, C,, C;,..., inside an 


arbelos (shaded region). 


arc 

Any part of a curved line or part of the circumference of 
a circle; the word comes from the Latin arcus for a bow, 
which also gives rise to arch. Arc length is the distance 
along part of a curve. 


arch 

A strong, curved structure, traditionally made from 
wedge-shaped elements, that may take many different 
forms and that provides both an opening and a support 
for overlying material. Two common forms are the semi- 
circular arch, first used by the Romans, and the pointed 
Gothic arch. The semicircular arch is the weaker of the 
two because it supports all the weight on the top and 
tends to flatten at its midpoint. It also requires massive 
supporting walls since all the stress on the arch acts purely 
downward. The pointed arch, by contrast, directs stresses 
both vertically and horizontally, so that the walls can be 
thinner, though buttressing may be required to prevent 
the walls from collapsing sideways. See also Vesica Piscis. 


Archimedean dual 
See Catalan solid. 


Archimedean solid 

A convex semi-regular polyhedron; a solid made from 
regular polygonal sides of two or more types that meet in 
a uniform pattern around each comer. (A regular poly- 
hedron, or Platonic solid, has only one type of polygo- 
nal side.) There are 13 Archimedean solids (see table 
“Archimedian Solids”). Although they are named after 
their discoverer, the first surviving record of them is in 
the fifth book of the Mathematical Collection of Pappus of 
Alexandria. The duals of the Archimedean solids (made 
by replacing each face with a vertex, and each vertex with 
a face) are commonly known as Catalan solids. Apart 
from the Platonic and Archimedean solids, the only 
other convex uniform polyhedra with regular faces are 
prisms and antiprisms. This was shown by Johannes 
Kepler, who also gave the names generally used for the 
Archimedean solids. See also Johnson solid. 


Archimedean spiral 

A spiral, like that of the groove in a phonograph record, 
in which the distance between adjacent coils, measured 
radially out from the center, is constant. Archimedes was 
the first to study it and it was the main subject of his trea- 
tise On Spirals. The Archimedean spiral has a very simple 
equation in polar coordinates (j, 8): 


r=a+b0 


where a and 2 can be any real numbers. Changing the 
parameter a turns the spiral, while J controls the distance 
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Archimedean Solids 





















































Number of 
Name Vertices Faces Edges 
Truncated tetrahedron 8=4+4 12 18 
Truncated cube 14=8+6 24 36 
Truncated octahedron 14=6+8 24 36 
Truncated dodecahedron 32 =20+ 12 60 90 
Truncated icosahedron 32 =12+20 60 90 
Cuboctahedron 14=8+6 12 24 
Icosidodecahedron 32 =20+ 12 30 60 
Snub dodecahedron 92 = 80+ 12 60 150 
Rhombicuboctahedron 26=8+18 24 48 
Great rhombicosidodecahedron 62 =30+20+ 12 120 180 
Rhombicosidodecahedron 62 = 20+30+12 60 120 
Great rhombicuboctahedron 26=8+12+6 48 72 
Snub cube 38 =32+6 24 60 





Archimedean solid The complete set of Archimedean solids, starting far left and going clockwise: truncated cube, small rhom- 
bicuboctahedron, great rhombicuboctahedron, snub cube, snub dodecahedron, great rhombicosidodecahedron, small rhombi- 
cosidodecahedron, truncated dodecahedron, truncated icosahedron (soccer ball), icosidodecahedron, truncated tetrahedron, 
cuboctahedron, and truncated octahedron. Robert Webb, www.software3d.com; created using Webb's Stella program 
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between the arms. The Archimedean spiral is distin- 
guished from the logarithmic spiral by the fact that suc- 
cessive arms have a fixed distance (equal to 27b if 0 is 
measured in radians), whereas in a logarithmic spiral 
these distances form a geometric sequence. Note that 
the Archimedean spiral has two possible arms that coil in 
opposite directions, one for 8 > 0 and the other for 6 < 0. 
Many examples of spirals in the man-made world, such 
as a watch spring or the end of a rolled carpet, are either 
Archimedean spirals or another curve that is very much 
like it, the circle involute. 


Archimedean tessellation 

Also known as a semiregular tessellation, a tiling that uses 
only regular polygons arranged so that two or more differ- 
ent polygons are around each vertex and each vertex 
involves the same pattern of polygons. There are eight 
such tessellations, two involving triangles and squares, two 
involving triangles and hexagons, and one each involving 
squares and octagons; triangles and dodecagons; squares, 
hexagons, and dodecagons; and triangles, squares, and 
hexagons. 


Archimedes of Syracuse (c. 287-212 B.c.) 

One of the greatest mathematicians and scientists of all 
time. He became a popular figure because of his involve- 
ment in the defense of Syracuse against the Roman siege 
in the first and second Punic Wars when his war ma- 
chines helped keep the Romans at bay. He also devised a 
scheme to move a full-size ship, complete with crew and 
cargo, by pulling a single rope, and invented the irriga- 
tion device known as the Archimedean screw. According 
to one of many legends about him, he is said to have dis- 
covered the principle of buoyancy while taking a bath 
and then ran into the street naked shouting “eureka” (“I 
found it!”). 

In his book The Sand-Reckoner, he described a posi- 
tional number system and used it to write the equiva- 
lent of numbers up to 8 x 10%—the number of grains of 
sand he thought it would take to fill the universe. He 
devised a rule-of-thumb method to do private calcula- 
tions that closely resembles integral calculus (2,000 
years before its “discovery”), but then switched to geo- 
metric proof for his results. He demonstrated that the 
ratio of a circle’s perimeter to its diameter is the same as 
the ratio of the circle’s area to the square of the radius. 
Although he didn’t call this ratio “pi,” he showed how 
to work it out to arbitrary accuracy and gave an approx- 
imation of it as “exceeding 3 in less than 7 but more 
than 1%.” 

Archimedes was the first, and possibly the only, 
Greek mathematician to introduce mechanical curves 


(those traced by a moving point) as legitimate objects 
of study, and he used the Archimedean spiral to 
square the circle. He proved that the area and volume 
of the sphere are in the same ratio to the area and vol- 
ume of a circumscribed straight cylinder, a result that 
pleased him so much that he made it his epitaph. 
Archimedes is probably also the first mathematical 
physicist on record, and the best before Galileo and 
Isaac Newton. He invented the field of statics, enunci- 
ated the law of the lever, the law of equilibrium of flu- 
ids, and the law of buoyancy, and was the first to 
identify the concept of center of gravity. He is also, 
perhaps erroneously, credited with the invention of 
a square dissection puzzle known as the loculus of 
Archimedes. Many of his original works were lost 
when the library at Alexandria burned down and they 
survive only in Latin or Arabic translations. Plutarch 
wrote of him: “Being perpetually charmed by his famil- 
iar siren, that is, by his geometry, he neglected to eat 
and drink and took no care of his person; that he was 
often carried by force to the baths, and when there he 
would trace geometrical figures in the ashes of the fire, 
and with his finger draws lines upon his body when it 
was anointed with oil, being in a state of great ecstasy 
and divinely possessed by his science.” 


Archimedes’s cattle problem 

A fiendishly hard problem involving very large num- 
bers that Archimedes presented in a 44-line letter to 
Eratosthenes, the chief librarian at Alexandria. It ran as 
follows: 


If thou art diligent and wise, O stranger, compute 
the number of cattle of the Sun, who once upon a 
time grazed on the fields of the Thrinacian isle of 
Sicily, divided into four herds of different colors, 
one milk white, another a glossy black, a third yel- 
low and the last dappled. In each herd were bulls, 
mighty in number according to these proportions: 
Understand, stranger, that the white bulls were 
equal to a half and a third of the black together 
with the whole of the yellow, while the black were 
equal to the fourth part of the dappled and a fifth, 
together with, once more, the whole of the yellow. 
Observe further that the remaining bulls, the dap- 
pled, were equal to a sixth part of the white and a 
seventh, together with all of the yellow. These were 
the proportions of the cows: The white were pre- 
cisely equal to the third part and a fourth of the 
whole herd of the black; while the black were equal 
to the fourth part once more of the dappled and 
with it a fifth part, when all, including the bulls, 
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went to pasture together. Now the dappled in four 
parts were equal in number to a fifth part and a 
sixth of the yellow herd. Finally the yellow were in 
number equal to a sixth part and a seventh of 
the white herd. If thou canst accurately tell, O 
stranger, the number of cattle of the Sun, giving 
separately the number of well-fed bulls and again 
the number of females according to each color, 
thou wouldst not be called unskilled or ignorant of 
numbers, but not yet shalt thou be numbered 
among the wise. 

But come, understand also all these conditions 
regarding the cattle of the Sun. When the white 
bulls mingled their number with the black, they 
stood firm, equal in depth and breadth, and the 
plains of Thrinacia, stretching far in all ways, were 
filled with their multitude. Again, when the yellow 
and the dappled bulls were gathered into one herd 
they stood in such a manner that their number, 
beginning from one, grew slowly greater till it com- 
pleted a triangular figure, there being no bulls of 
other colors in their midst nor none of them lack- 
ing. If thou art able, O stranger, to find out all these 
things and gather them together in your mind, giv- 
ing all the relations, thou shalt depart crowned with 
glory and knowing that thou hast been adjudged 
perfect in this species of wisdom. 


The answer to the first part of the problem—the smallest 
solution for the total number of cattle—turns out to be 
50,389,082. But when the extra two constraints in the 
second part are factored in, the solution is vastly larger. 
The approximate answer of 7.76 x 10°“ was found in 
1880 by A. Amthor, having reduced the problem to a 
form called a Pell equation.”! His calculations were con- 
tinued by an ad hoc group called the Hillsboro Mathe- 
matical Club, of Hillsboro, Illinois, between 1889 and 
1893. The club’s three members (Edmund Fish, George 
Richards, and A. H. Bell) calculated the first 31 digits 
and the last 12 digits of the smallest total number of cat- 
tle to be 


7760271406486818269530232833209 ... 719455081800 


though the two digits in bold should be 13."" In 1931, a 
correspondent to the New York Times wrote: “Since it has 
been calculated that it would take the work of a thou- 
sand men for a thousand years to determine the com- 
plete [exact] number [of cattle], it is obvious that the 
world will never have a complete solution.” But obvious 
and never are words designed to make fools of prognosti- 
cators. Enter the computer. In 1965, with the help of an 
IBM 7040, H. C. Williams, R. A. German, and 


C. R. Zarnke reported a complete solution to the cattle 
problem, though it was 1981 before all 202,545 digits 
were published, by Harry Nelson, who used a Cray-1 
supercomputer to generate the answer, which begins: 
7.76027 1406486818269530232833213... x 1074 64 


Archimedes’s square 
See loculus of Archimedes. 


area 

A measure of surface extension in two-dimensional 
space. Area is the Latin word for a vacant piece of level 
ground and still carries this common meaning. The 
French shortened form are denotes a square of land with 
a side length of 10 meters, that is, an area of 100 square 
meters. A hectare is a hundred are. 


area codes 

North American telephone area codes seem to have 
been chosen at random. But there was a method to their 
selection. In the mid-1950s when direct dialing of long- 
distance calls first became possible, it made sense to 
assign area codes that took the shortest time to dial to 
the larger cities. Almost all calls were from rotary dials. 
Area codes such as 212, 213, 312, and 313 took very lit- 
tle time for the dial to return to its starting position 
compared, for example, to numbers such as 809, 908, 
709. The quickest-to-dial area codes were assigned to the 
places expected to receive the most direct-dialed calls. 
New York City got 212, Chicago 312, Los Angeles 213, 
and Washington, D.C., 202, which is a little longer to 
dial than 212, but much shorter than others. In order of 
decreasing size and estimated amount of telephone traf- 
fic, the numbers grew larger: San Francisco got 415, 
Miami 305, and so on. At the other end of the spectrum 
came places like Hawaii (the last state annexed in 1959) 
with 808, Puerto Rico with 809, and Newfoundland with 
709. The original plan (still in use until about 1993) was 
that area codes had a certain construction to the num- 
bers: the first digit is 2 through 9, the second digit is 0 or 
1, and the third digit is 1 through 9. Three-digit numbers 
with two zeros are special codes, that is, 700, 800, or 900. 
Three-digit numbers with two ones are for special local 
codes such as 411 for local directory assistance, 611 for 
repairs, and so forth. 


Argand diagram 

A way of representing complex numbers as points on 
a coordinate plane, also known as the Argand plane or 
the complex plane, using the x-axis as the real axis and 
the y-axis as the imaginary axis. It is named for the 
French amateur mathematician Jean Robert Argand 
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(1768-1822) who described it in a paper in 1806.'") 
John Wallis suggested a similar method 120 years ear- 
lier and Casper Wessel extensively developed it. But 
Wessel’s paper was published in Danish and wasn’t cir- 
culated in the languages more common to mathemat- 
ics at that time. In fact, it wasn’t until 1895 that his 
paper came to the attention of the mathematical com- 
munity—long after the name “Argand diagram” had 
stuck. 


argument 

(1) The input for a function. (2) The angle between ZO, 
where Z is the point representing a complex number on 
an Argand diagram and O is the origin, and the real 
axis. (3) A mathematical proof, possibly an informal 
one. 


Aristotle’s wheel 

A paradox mentioned in the ancient Greek text Mechan- 
ica, whose author is unknown but is suspected by some 
to have been Aristotle. The paradox concerns two 
concentric circles on a wheel, as shown in the diagram. A 
one-to-one correspondence exists between points on the 
larger circle and those on the smaller circle. Therefore, 
the wheel should travel the same distance regardless of 
whether it is rolled from left to right on the top straight 
line or on the bottom one. This seems to imply that the 
two circumferences of the different-sized circles are 
equal, which is impossible. How can this apparent con- 
tradiction be resolved? The key lies in the (false) assump- 
tion that a one-to-one correspondence of points means 
that two curves must have the same length. In fact, the 
cardinalities of points in a line segment of any length 
(or even an infinitely long line or an infinitely large 
n-dimensional Euclidean space) are all the same. See also 


infinity. 








Aristotle’s wheel The outer circle turns once when going 
from A to B, as does the inner circle when going from C to D. 
Yet AB is the same length as CD. How can this be, since the 
circles are a different size? 


arithmetic 

A branch of mathematics concerned with doing calcula- 
tions with numbers using addition, subtraction, multipli- 
cation, and division. 


arithmetic mean 
The sum of 7 given numbers divided by x. See also geo- 
metric mean and harmonic mean. 


arithmetic sequence 
Also known as an arithmetic progression, a finite sequence 
of at least three numbers, or an infinite sequence, whose 
terms differ by a constant, known as the common differ- 
ence. For example, starting with 1 and using a com- 
mon difference of 4 we can get the finite arithmetic 
sequence: 1, 5, 9, 13, 17, 21, and also the infinite 
sequence 1, 5, 9, 13, 17, 21, 25, 29,...,4”+1,....In 
general, the terms of an arithmetic sequence with the 
first term a and common difference d, have the form 
a, = dn + a (n = 1, 2, 3,...). Does every increasing 
sequence of integers have to contain an arithmetic pro- 
gression? Surprisingly, the answer is no. To construct a 
counterexample, start with 0. Then for the next term in 
the sequence, take the smallest possible integer that doesn’t 
cause an arithmetic progression to form in the sequence 
constructed thus far. (There must be such an integer 
because there are infinitely many integers beyond the 
last term, and only finitely many possible progressions 
that the new term could complete.) This gives the nonar- 
ithmetic sequence 0, 1, 3, 4, 9, 10, 12, 13, 27, 28,.... 
If the terms of an arithmetic sequence are added 
together the result is an arithmetic series, dy + (a+ d)+...+ 
(a + (x — 1)d), the sum of which is given by: 


S, = n/2 (2a) + (n—1)d) = n/2 (ay + 4,). 


See also geometric sequence. 


around the world game 
See Icosian game. 


array 
A set of numbers presented in a particular pattern, usu- 
ally a grid. Matrices (see matrix) and vectors are exam- 
ples of arrays. 


Arrow paradox 

The oldest and best-known paradox related to vot- 
ing. The American economist Kenneth Arrow (1921-) 
showed that it is impossible to devise a perfect demo- 
cratic voting system. In his book Social Choice and Indi- 
vidual Values,"*! Arrow identified five conditions that 
are universally regarded as essential for any system in 
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which social decisions are based on individual voting 
preferences. The Arrow paradox is that these five condi- 
tions are logically inconsistent: under certain condi- 
tions, at least one of the essential conditions will be 
violated. 


arrowhead 
See dart. 


artificial intelligence (Al) 

The subject of “making a machine behave in ways that 
would be called intelligent if human were so behaving,” 
according John McCarthy, who coined the term in 1955. 
How can we tell if a computer has acquired AI at a 
human level? One way would be to apply the Turing 
test, though not everyone agrees that this test is fool- 
proof (see Chinese room). Certainly, AI has not devel- 
oped at nearly the rate many of its pioneers expected 
back in the 1950s and 1960s. Meanwhile, progress in 
fields such as neural networks and fuzzy logic continues 
to be made, and most computer scientists have no doubt 
that it is only a matter of time before computers are out- 
performing their biological masters in a wide variety of 
tasks beyond those that call for mere number-crunching 


ability. 


artificial life 

A lifelike pattern that may emerge from a cellular 
automaton and appear organic in the way it moves, 
grows, changes shape, reproduces, aggregates, and dies. 
Artificial life was pioneered by the computer scientist 
Chris Langton, and has been researched extensively at 
the Santa Fe Institute. It is being used to model various 
complex systems such as ecosystems, the economy, 
societies and cultures, and the immune system. The 
study of artificial life, though controversial, promises 
insights into natural processes that lead to the buildup 
of structure in self-organizing (see self-organization) 
systems. 


associative 
Three numbers, x, y, and z, are said to be associative under 


addition if 
x+(ytz)= (x+y) +z, 
and to be associative under multiplication if 
xX (yXz) = (xXxy) Xz. 


In general, three elements a, 2, and c of a set S are asso- 
ciative under the binary operation (an operation that 
works on two elements at a time) * if 


a* (b* c)=(a*b)*c. 


The word incorporates the Greek root soci, from which 
we also get social, and may have been first used in the 
modern mathematical sense by William Hamilton 
around 1850. Compare with distributive and commu- 
tative. 


astroid 

A hypocycloid—the path of a point on a circle rolling 
inside another circle—for which the radius of the inner cir- 
cle is four times smaller than that of the larger circle; this 
ratio results in the astroid having four cusps. The astroid 
was first studied by the Danish astronomer Ole Rémer in 
1674, in his search for better shapes for gear teeth, and 
later by Johann Bernoulli (1691) (see Bernoulli family), 
Gottfried Leibniz (1715), and Jean d’Alembert (1748). Its 
modern name comes from the Greek aster for “star” and 
was introduced in a book by Karl Ludwig von Littrow 
published in Vienna in 1836; before this, the curve had a 
variety of names, including tetracuspid (still used), cubo- 
cycloid, and paracycle. The astroid has the Cartesian 
equation 


2/3 


x +78 = 23 


where r is the radius of the fixed outer circle, and 7/4 is 
the radius of the rolling circle. Its area is 37?/8, or *2 
times that of the rolling circle, and its length is 67. The 
astroid is a sextic curve and also a special form of a 
Lamé curve. It has a remarkable relationship with the 
quadrifolium (see rose curve): the radial, pedal, and 
orthoptic of the astroid are the quadrifolium, while 
the catacaustic of the quadrifolium is the astroid. The 


astroid As asmall circle rolls around the inside of a larger 
one with exactly four times its circumference, a point on the 
rim of the small circle traces out an astroid. © Jan Wassenaar, 
www.2dcurves.com 
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astroid is also the catacaustic of the deltoid and the 
evolute of the ellipse. 


asymptote 

A curve that gets closer and closer to a fixed straight line 
without ever actually touching it. Imagine facing along 
the direction of a great wall that is just a meter to your 
left. Every second, you walk forward a meter and at the 
same time move sideways slightly so that you halve the 
distance between you and the wall. The path you follow 
is an asymptote. The word comes from the Greek roots a 
(not), sum (together), and piptein (to fall), so that it liter- 
ally means “not falling together” and was originally used 
in a wider sense to describe any two curves that don’t 
intersect. Proclus writes about both asymptotic lines and 
symptotic lines (those that do cross). Nowadays, “symp- 
totic” is almost never heard, and “asymptote” is used 
mainly to denote lines that serve as a limiting barrier for 
some curve as one of its parameters approaches plus or 
minus infinity. The “~” symbol is often used to show that 
one function is asymptotic to another. For example, 
F(x) ~ g(x) indicates that the ratio of the functions f(x) to 
g(x) approaches 1 as x tends to infinity. Asymptotes are 
not always parallel to the x- and y-axes, as shown by the 
graph of x + 1/x, which is asymptotic to both the y-axis 
and the diagonal line y =x. 


Atiyah, Michael Francis (1929-) 

An English mathematician who has contributed to 
many topics in mathematics, notably dealing with the 
relationships between geometry and analysis. In topol- 
ogy, he developed K-theory. He proved the index theorem 
on the number of solutions of elliptic differential equa- 
tions, linking differential geometry, topology, and 
analysis—a theorem that has been usefully applied to 
quantum theory. Atiyah was influential in initiating work 
on gauge theories and applications to nonlinear differen- 
tial equations, and in making links between topology and 
quantum field theory. Theories of superspace and super- 
gravity, and string theory, were all developed using ideas 
introduced by him. 


Atomium, the 

A giant steel monument in Heysel Park, Brussels, Bel- 
gium, consisting of 9 spheres that represent the body- 
centered cubic structure of an iron crystal magnified 150 
billion times. Designed by the architect André Waterkeyn 
and built for the 1958 World’s Fair, the 103-meter-high 
Atomium was originally meant to stand for only 6 
months. It may be the world’s largest cube. Each of its 
spheres have a diameter of 18 meters and are connected 
by escalators. Three of the upper spheres have no vertical 


support, and so for safety reasons are not open to the pub- 
lic. However, the top sphere offers a panoramic view of 
Brussels through its windows, and the lower spheres con- 
tain various exhibitions. 


attractor 

A trajectory, or set of points in phase space, toward 
which nearby orbits converge, and which is stable. Spe- 
cific types of attractor include fixed-point attractor, peri- 
odic attractor, and chaotic attractor. 


Aubel’s theorem 

Given a quadrilateral and a square drawn on each side of 
it, the two lines connecting the centers of the squares on 
opposite sides are perpendicular and of equal length. 


autogram 
See self-enumerating sentence. 


automorphic number 

Also known as an automorph, a number n whose square 
ends in w. For instance 5 is automorphic, because 
5’ = 25, which ends in 5. A number z is called trimorphic 
if 2° ends in m. For example 49° = 117,649, is trimor- 
phic. Not all trimorphic numbers are automorphic. A 
number z is called éri-automorphic if 3n’ ends in n; for 
example 6,667 is tri-automorphic because 3 x 667? = 
133,346,667 ends in 7. 


automorphism 

An isomorphism from a set onto itself. An automorphism 
group of a group G is the group formed by the automor- 
phisms of G (byections from G to itself that preserve the 
multiplication). Similarly, one can consider the auto- 
morphism groups of other structures such as rings and 
graphs, by looking at bijections that preserve their math- 
ematical structure. 


Avagadro constant 

One of the best known examples of a large number in 
science. It is named after the Italian physicist Amedio 
Avagadro (1776-1856) and is defined as the number of 
carbon atoms in 12 grams of pure carbon, or, more gen- 
erally as the number of atoms of 7 grams in an element 
with atomic weight z. It has the value 6.02214199 x 10”. 


average 

A vague term that usually refers to the arithmetic mean 
but can also signify the median, mode, geometric mean, 
or weighted mean. The word stems from a commercial 
practice of the shipping age. The root aver means to 
declare, and the shippers of goods would declare the 
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value of their goods. When the goods were sold, a deduc- 
tion was made from each person’s share, based on their 
declared value, for a portion of the loss or “average.” 


axiom 

A statement that is considered to be true without need 
of proof. The term axiom comes from the Greek axios 
meaning “worthy” and was used by many Greek philoso- 
phers and mathematicians, including Aristotle. Curi- 
ously, Euclid, whose axioms are best known of all, seems 
to have favored a more general phrase meaning “com- 
mon notion.” 


axiom of choice 
An axiom in set theory that is one of the most controver- 
sial axioms in mathematics; it was formulated in 1904 by 
the German mathematician Ernst Zermelo (1871-1953) 
and, at first, seems obvious and trivial. Imagine there are 
many-—possibly an unlimited number of—boxes in front of 
you, each of which has at least one thing in it. The axiom 
of choice (AC) says simply that you can always choose one 
item out of each box. More formally, if Sis a collection of 
nonempty sets, then there exists a set that has exactly one 
element in common with every set S of S. Put another 
way, there exists a function f with the property that, for 
each set Sin the collection, f(S) is a member of S. Bertrand 
Russell summed it up neatly: “To choose one sock from 
each of infinitely many pairs of socks requires the Axiom 
of Choice, but for shoes the Axiom is not needed.” His 
point is that the two socks in a pair are identical in 
appearance, so, to pick one of them, we have to make an 
arbitrary choice. For shoes, we can use an explicit rule, 
such as “always choose the left shoe.” Russell specifically 
mentions infinitely many pairs, because if the number is 
finite then AC is superfluous: we can pick one member 
of each pair using the definition of “nonempty” and then 
repeat the operation finitely many times using the rules 
of formal logic. 

AC lies at the heart of a number of important mathe- 
matical arguments and results. For example, it is equiv- 


alent to the well-ordering principle, to the statement that 
for any two cardinal numbers m and n, then m <n or 
m=norm>n, and to Tychonoff’s theorem (the product of 
any collection of compact spaces in topology is com- 
pact). Other results hinge upon it, such as the assertion 
that every infinite set has a denumerable subset. Yet AC 
was strongly attacked when it was first suggested, and 
still makes some mathematicians uneasy. The central 
issue is what it means to choose something from the sets 
in question and what it means for the choosing func- 
tion to exist. This problem is brought into sharp focus 
when S happens to be the collection of all nonempty 
subsets of the real numbers. No one has ever found a 
suitable choosing function for this collection, and there 
are good reasons to suspect that no one ever will. AC 
just mandates that there zs such function. Because AC 
conjures up sets without offering workable procedures, 
it is said to be monconstructive, as are any theorems whose 
proofs involve AC. Another reason that some mathe- 
maticians aren’t greatly enamored with AC is that it 
implies the existence of some bizarre counterintuitive 
objects, the most famous and notorious example of 
which is the Banach-Tarski paradox. The main reason 
for accepting AC, as the majority of mathematicians do 
(albeit often reluctantly), is that it is useful. However, as 
a result of work by Kurt Gédel and, later, by Paul 
Cohen, it has been proven to be independent of the 
remaining axioms of set theory. Thus there are no con- 
tradictions in choosing to reject it; among the alterna- 
tives are to adopt a contradictory axiom or to use a 
completely different framework for mathematics, such 
as category theory. 


axis 

A line with respect to which a curve or figure is drawn, 
measured, rotated, and so forth. The word comes from 
the Greek root aks for a point of turning or rotation and 
seems to have first been used in English by Thomas 
Digges around 1570 in reference to the rotational axis of 
a right circular cone. 





Babbage, Charles (1791-1871) 


On two occasions I have been asked [by members of 
Parliament], “Pray, Mr. Babbage, if you put into 
the machine wrong figures, will the right answers 
come out?” I am not able rightly to apprehend the 
kind of confusion of ideas that could provoke such a 
question. 


An English mathematician who served as Lucasian Pro- 
fessor of Mathematics at Cambridge (1828-1839) and 
became the most important figure in the prehistory of 
computers. Babbage noted that astronomical and other 
mathematical tables of the period were riddled with 
errors because all the calculations had to be done by 
hand. This gave him the idea of building a machine that 
would do the tedious work of computation more accu- 
rately, faster, and without ever getting tired. 
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In 1822, Babbage wrote a letter to one of the top 
British scientists of the day, Humphrey Davy, in which 
he talked about the design of an automatic calculator. 
Shortly after, he was given a grant by the British govern- 
ment to build this device—an elaborate symphony of 
rods and interlocking gear teeth—which Babbage called 
the Difference Engine. Construction started but never 
finished. Despite heroic efforts to construct a working 
model, the critical tolerances were beyond what engi- 
neers could provide in the first half of the eighteenth cen- 
tury (though the resultant gear-making skills gave Britain 
an edge in precision machinery for several decades and 
even contributed to the qualitative superiority of the 
British navy in World War I). The government had spent 
£17,000, and Babbage contributed a similar amount of 
his own money, on the project, when Babbage set his 
sights on something even more ambitious. He grasped 
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Babbage, Charles The realization of Babbage’s dream: the Manchester Mark 1 computer at Manchester University, England, in 
1948. This was the first computer that could store both data and programs electronically. Ferranti Electronics Ltd. 
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that the basic mechanisms of the Difference Engine 
could be generalized to an all-purpose calculating ma- 
chine, programmable by a punched-card mechanism like 
that of a Jacquard loom. This vastly more powerful 
machine was called the Analytical Engine and would 
have been the world’s first true computer. But it never 
got off the ground. “He was ill-judged enough,” wrote the 
secretary of the Royal Astronomical Society, “to press the 
consideration of this new machine upon the members of 
Government, who were already sick of the old one.” 
Prime Minister Robert Peel was less than enthusiastic: “I 
would like a little previous consideration before I move 
in a thin house of country gentlemen a large vote for the 
creation of a wooden man to calculate tables from the 
formula x’ + x + 41.” The government’s eventual with- 
drawal of support for his schemes left Babbage a dis- 
appointed and embittered man. However, his ideas 
survived and proved to be the forerunner of modern 
computers. Parts of his uncompleted mechanisms are on 
display in the London Science Museum. In 1991, work- 
ing from Babbage’s original plans, a Difference Engine 
was completed—and functioned perfectly. Among Bab- 
bage’s many lesser known accomplishments was _ his 
cracking of the Vigenére cipher, a discovery that helped 
English military campaigns but wasn’t published for sev- 
eral years, by which time the credit had gone instead to 
Friedrich Kasiski, who broke the code some years after 
Babbage." See also Byron, Ada. 


Bachet de Méziriac, Claude-Gaspar (1581-1638) 
A poet and early mathematician of the French Academy, 
best known for his 1621 translation of Diophantus’s 
Arithmetica, the book that Pierre de Fermat was reading 
when he inscribed the margin with his famous last theo- 
rem. Bachet is also remembered as a collector of mathe- 
matical puzzles, many of which he published in Problémes 
plaisans et délectables qui font par les nombres (1612) (Pleasant 
and delightful problems that involve numbers), including 
river-crossing problems, measuring and weighing puz- 
zles, number tricks, and magic squares. One of the puz- 
zles is to find the least number of weights that can be used 
on a scale pan to weigh any integral number of pounds 
from 1 to 40 inclusive, if the weights can be placed in 
either of the scale pans. The answer is four: 1, 3, 9, and 27 
pounds. On a slightly more serious note, Bachet observed 
that apparently every positive number can be expressed as 
a sum of at most four squares; for example, 5 = 2’ + 1’, 
6=24P4P,7=2407 4124+ 1’, 8 =2? 4+ 27, and 
9 = 3’. The case of 7 shows that sometimes three squares 
wouldn’t be enough. Bachet said he had checked this for 
more than 300 numbers but didn’t know how to prove it. 
It wasn’t until the late eighteenth century that Joseph 
Lagrange supplied a complete proof.?*”! 


backgammon 

A gambling game for two in which each player seeks to 
get a set of pieces from one side of the board to the other, 
while trying to prevent the other player from doing the 
same. The distance that a piece can be moved at each 
turn is determined by the throw of dice. 

Backgammon has roots stretching back 5,000 years. 
From Mesopotamia, versions of it spread to Greece and 
Rome as well as to India and China. The rules of the 
modern form of the game were largely established in 
England in 1743 by Edmond Hoyle but benefited from 
a crucial modification that emerged in American gam- 
bling clubs in the 1920s. This final innovation, which 
added a new level of subtlety, is known as the doubling 
cube. 

Backgammon is played with two sets of 15 checkers: 
one player has black, the other white. The players’ check- 
ers move in opposite directions on a board with 24 spaces 
or points. Each player’s goal is to be the first to bring all 
their own checkers “home” (into their own quarter of the 
board) and then “bear them off” (remove them from the 
board altogether). The movement of the checkers follows 
the outcome of a roll of two dice, the numbers on the 
two dice constituting separate moves. 

The actual amount that changes hands at the end of 
the game can be more than the initial stake. For instance, 
in certain winning positions called gammon and backgam- 
mon, the stake is doubled or trebled, respectively. The 
other way the stake can change is by means of the dou- 
bling cube. If one of the players thinks that she is in a 
winning position, she can turn the doubling cube and 
announce a double, which means that the total stake will 
be doubled. If her opponent refuses the double, he imme- 
diately loses his (undoubled) stake and the game is fin- 
ished. If he accepts the double, the stakes are doubled and, 
as a compensation, the doubling cube is handed over to 
him and he gets the exclusive right to announce the next 
double. (He is now said to own the cube.) If the luck of the 
game changes so that he later judges that he is now win- 
ning, he’ll be in a position to announce a redouble, which 
means that the stake is doubled again. If the first player 
refuses the double, she now loses the doubled stake; if 
she accepts, the game goes on with a redoubled stake, 
four times the original value. There’s no limit to how 
many times the stake can be doubled, but the right to 
announce a double switches from one player to the other 
every time it’s exercised. (Initially either player can 
double—no one owns the cube.) This aspect of the game 
adds greatly to the variety of tactical possibilities and 
problems. 


baker's dozen 
See thirteen. 
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Bakhshali manuscript 

An early mathematical manuscript, written on birch bark 
and found in the summer of 1881 near the village of 
Bakhshali in the Yusufzai subdivision of the Peshawar 
district (now in Pakistan). A large part of the manuscript 
had been destroyed and only about 70 leaves of birch 
bark, of which a few were mere scraps, survived to the 
time of its discovery. Although its date is uncertain, it is 
most commonly put at about the third or fourth century 
A.D. and appears to be a commentary on an earlier math- 
ematical work. Among the rules and techniques it sets 
out for solving problems, mostly in arithmetic and alge- 
bra, but also to a lesser extent in geometry and mensura- 
tion, is this formula (stated here in modern terms) for 
calculating the square root of a nonsquare number Q: 


V0=V(4 +b) = A+b/2A4 — (b/2AY/[2(A + b/2A)| 


If O = 41 (so that A = 6 and b = 5) this gives VO= 
6.403138528, which compares very favorably with the 
correct result of 6.403124237. 


ball 
Mathematicians, unlike the rest of the human race, draw 
a sharp distinction between a sphere and a ball. A sphere 
(in mathematics) is only a surface, whereas a ball is every- 
thing inside, and possibly including, that surface—the fill- 
ing of the sphere. An open ball consists of all the points 
that are less than a given distance (the radius) away from 
a given point (the center); a closed ball consists of all the 
points that are less than or equal to the radius. 
Mathematical balls can also exist in any number of 
dimensions. A one-dimensional ball of radius r is just a 
line segment. It consists of all the points on a line 
between —r and », or, in the case of a one-dimensional uit 
ball (a ball with a radius of 1), between -1 and 1.A1-d 
unit ball thus has a length, or “1 — d volume,” of 2. A2-—d 
unit ball, which is the filling of a unit circle, has an area, 
or 2—d volume, of n. The volume of a unit ball in 3 -d 
is 4/3n. In 4 — d it is m’/2. Apparently, as the number of 
dimensions increases, so does the volume of the unit 
ball. What does this volume tend to do as the dimension 
tends to infinity? Intuitively, it might seem that in higher 
and higher dimensions there’s more and more “room” in 
the unit ball, allowing its volume to become larger and 
larger. Does the volume become infinite, or does it 
approach a sufficiently large constant as the dimension 
increases? The answer is surprising and shows how our 
intuition is often misleading. Using a technique called 
multivariable calculus the volume of the unit ball in 2 
dimensions, V(z), can be shown to be 2””/ T'(n/2 + 1), 
where I’ is the gamma function that generalizes the fac- 
torial function (i.e., [(z + 1) =z/). For even, say 7 = 2k, 
the volume of the unit ball is thus given by V(z) = 1" / kl. 


Ball, Walter William Rouse (1850-1925) 

A British mathematician who lectured at Trinity College, 
Cambridge University, from 1878 to 1905, but is best 
known as a historian and as the author of the timeless clas- 
sic Mathematical Recreations and Essays.""| It was first pub- 
lished in 1892 and ran to fourteen editions, the last four 
with revisions by the great geometer Harold Coxeter. 


Banach, Stefan (1892-1945) 

A great Polish mathematician who founded functional 
analysis and also made important contributions to the 
understanding of vector spaces, measure theory, and set 
theory. His name is associated with Banach space, Banach 
algebra, the Hahn-Banach theorem, and the remarkable 
Banach-Tarski paradox. Largely self-taught in mathemat- 
ics, Banach was “discovered” by Hugo Steinhaus and 
when World War II began was president of the Polish 
Mathematical Society and a full professor at Lvov Uni- 
versity. Being on good terms with Soviet mathematicians, 
he was allowed to hold his chair during the Soviet occu- 
pation of Lvov. The German occupation of the city in 
1941 resulted in the mass murder of Polish academics. 
Banach survived, but the only way he could earn a living 
was by feeding lice with his blood in a German institute 
where typhoid fever research was conducted. His health 
declined during the occupation, and Banach died before 
he could be repatriated from Lvov, which was incorpo- 
rated into the Soviet Union and returned to Poland after 
the war. Théorie des opérations linéaires (The theory of linear 
operations) is regarded as his most influential work. 


Banach-Tarski paradox 


There are more things in heaven and earth, Horatio, 
than are dreamt of in your philosophy. 
—William Shakespeare 


A seemingly bizarre and outrageous claim that it is possi- 
ble to take a ball, break it into a number of pieces, and 
then reassemble those pieces to make two identical 
copies of the ball. The claim can be made even stronger: 
it is possible to decompose a ball the size of a marble and 
then reassemble the pieces to make another ball the size 
of Earth, or, indeed, the size of the known universe! 
Before writing off Banach and Tarski as being either 
very bad mathematicians or very good practical jokers, it’s 
important to understand that this is not a claim about 
what can actually be done with a real ball, a sharp knife, 
and some dabs of glue. Nor is there any chance of some 
entrepreneur being able to slice up a gold ingot and 
assemble in its place two new ones like the original. The 
Banach-Tarski paradox tells us nothing new about the 
physics of the world around us but a great deal about how 
volume, space, and other familiar-sounding things can 
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assume unfamiliar guises in the strange abstract world of 
mathematics. 

Stefan Banach and Alfred Tarski announced their 
startling conclusion in 1924, having built on earlier 
work by Felix Hausdorff, who proved that it’s possible 
to chop up the unit interval (the line segment from 0 to 
1) into countably many pieces, slide these bits around, 
and fit them together to make an interval of length 2. 
The Banach-Tarski paradox, which mathematicians 
often refer to as the Banach-Tarski decomposition because 
it’s really a proof not a paradox, highlights the fact that 
among the infinite set of points that make up a mathe- 
matical ball, the concepts of volume and measure can’t 
be defined for all possible subsets. What this boils 
down to is that quantities that can be measured in any 
familiar sense are not necessarily preserved when a ball 
is broken down into subsets and then those subsets 
reassembled in a different way using just translations 
(slides) and rotations (turns). These unmeasurable sub- 
sets are extremely complex, lacking reasonable bound- 
aries and volume in the ordinary sense, and thus are 
not attainable in the real world of matter and energy. In 
any case, the Banach-Tarski paradox doesn’t give a pre- 
scription for bow to produce the subsets: it only proves 
their existence and that there must be at least five of 
them to produce a second copy of the original ball. The 
fact that the Banach-Tarski paradox depends on the 
axiom of choice (AC), yet is so strongly counterintu- 
itive, has been used by some mathematics to suggest 
that the AC must be wrong; however, the benefits of 
adopting the AC are so great that such black sheep of 
the mathematical family as the paradox are generally 
tolerated.!?* *°! 


Bang’s theorem 
If all the faces of a tetrahedron have the same perimeter, 
then the faces are all congruent triangles. 


banker's rounding 

For banking or scientific purposes it’s often considered 
correct to round something 0.5 to the nearest even num- 
ber (not always upward). For instance, 5.5 rounds to 6, 
but 12.5 rounds to 12. This method avoids introducing a 
bias to a large set of numbers, by rounding up more or 
less as often as rounding down. Unfortunately, at a lower 
level, it is often taught to round something 0.5 upward all 
the time. See also round-off error. 


Barbaro, Daniele (1513-1570) 

A Venetian geometer whose book, La Practica della Per- 
spectiva (1568-9), presents the techniques of perspective, 
illustrated in part with a range of polyhedra. Partly based 
on the methods and writings of the great artist Piero della 


Francesca (1416-1492), but written in a more readable 
and humanistic style, it includes the earliest drawing of 
the truncated icosidodecahedron and one of the earliest rep- 
resentations, along with that of the German goldsmith 
Wenzel Jamnitzer (1508-1585), of a rhombicosidodecahe- 
dron. La Practica was one of the most respected texts on 
perspective in the sixteenth century, comparable to 
Albrecht Diirer’s Painter’s Manual. 


barber paradox 
See Russell’s paradox. 


Barbier’s theorem 
See curve of constant width. 


Barlow, Peter (1776-1862) 

A self-educated English mathematician who wrote sev- 
eral important books on the subject but is best known for 
New Mathematical Tables (generally known as Barlow’s 
Tables), a compendium of factors, squares, cubes, square 
roots, reciprocals, and hyperbolic logarithms of all num- 
bers from 1 to 10,000, and his invention of a special tele- 
scope lens. “Barlows” are popularly used by amateur 
astronomers to this day to multiply the power of other 
lenses. Barlow also worked on the design of bridges and 
was appointed as royal commissioner for railways, con- 
ducting experiments to see if the limitation on gradients 
and radius of curvature proposed by George Stephenson 
was correct. 


Barnsley’s fern 

A fractal shape, first explored by Michael F. Barnsley at 
the Georgia Institute of Technology in the 1980s, that has 
many geometric features in common with a natural fern, 
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most notably the appearance of frondlike forms at differ- 
ent scales. As in the case of real ferns, Barnsley’s fern 
reveals smaller prominences along the edge of each frond 
that are miniature versions of the overall figure. Along 
these small prominences are still smaller protuberances, 
and so on. Barnsley’s fern is created by the repetitive 
application of four relatively simple mathematical rules 
and is a type of fractal, introduced by Barnsley, known as 
an iterated function system (IFS)."*! 


base 

(1) The flat plane or straight line upon which a shape or a 
solid rests. (2) The number upon which a number system 
is based; this is also the number of different characters or 
figures needed by the number system. The base, or radix, of 
our familiar decimal system is 10. Thus, there are ten sym- 
bols, 0, 1, 2, 3, 4, 5, 6, 7, 8, and 9, and a decimal number is 
written right to left in terms of units, tens, hundreds, and 
so on. Each move to the left represents a jump by a power 
of 10. The decimal number 375, for example, equals 
(3 x 10°) + (7 x 10) + (5 x 1). This can easily be written to 
another base. Decimal 375,) becomes in octal (base 8) 
567, = (5 x 8’) + (6 x 8) + (7 x 1), or in binary (base 2) 
101111001). 


basin of attraction 

The set of all points in phase space that are under the 
influence of an attractor, or, more generally, the initial 
conditions of a system that evolve into the range of 
behavior allowed by the attractor. If one imagines a com- 
plex system as a sink, then the attractor can be consid- 
ered the drain at the bottom, and the basin of attraction 
is the sink’s basin. 


basis 
In mathematics, usually associated with linear algebra; a 
minimal set of vectors that spans a vector space. 


Bayes, Thomas (1702-1761) 

An English mathematician and theologian, remembered 
chiefly for the theorem named after him (see Bayes’s the- 
orem), and the technique of Bayesian inference that 
arises from it. Bayes wrote on probability theory, the log- 
ical basis of calculus, and asymptotic series. 


Bayesian inference 

Statistical inference in which probabilities are interpreted 
not as frequencies or proportions, but rather as degrees of 
belief. A prior distribution for a certain random variable 
is assumed; then this is modified, in the light of experi- 
mentation, using Bayes’s theorem. Pierre Laplace ap- 
plied Bayesian inference to estimate the mass of Saturn 
and in a variety of other problems. 


Bayes’s theorem 

Also known as Bayes’s rule, a result in probability theory, 
named after Thomas Bayes, who proved a special case of 
it. It is used in statistical inference to update estimates of 
the probability that different hypotheses are true, based 
on observations and a knowledge of how likely those 
observations are, given each hypothesis. In fact, it is 
habitually used by scientists in preference to the princi- 
ple of induction. Bayes’s theorem says that if an instance 
X is actually observed, then the probability of a hypoth- 
esis H must be multiplied by the following ratio: 


probability of observing X if H is true 
probability of observing X 





In other words, the probability of a hypothesis H condi- 
tional on a given body of data X is equal to the ratio of 
the unconditional probability of the conjunction of the 
hypothesis with the data to the unconditional probabil- 
ity of the data alone. 


Beale cipher 

One of the greatest unsolved puzzles in cryptography— 
or a mere hoax. About a century ago, a fellow by the 
name of Thomas Beale supposedly buried two wagon- 
loads of pots filled with silver coins in Bedford County, 
near Roanoke, Virginia. Local rumors claim the treasure 
was buried near Bedford Lake. Beale wrote three encoded 
letters telling what was buried, where it was buried, and 
to whom it belonged. He entrusted these three letters to 
a friend, went west, and was never heard from again. Sev- 
eral years later, someone examined the letters and was 
able to crack the code in the second one, which turned 
out to be based on the text from the Declaration of Inde- 
pendence. A number in the letter indicated which word 
in the document was to be used. The first letter of that 
word replaced the number. For example, if the first four 
words of the document were “We hold these truths,” the 
number 3 in the letter would represent the letter ¢. The 
second letter translated as follows: 


I have deposited in the county of Bedford about four 
miles from Bufords in an excavation or vault six feet 
below the surface of the ground the following articles 
belonging jointly to the parties whose names are given 
in number three herewith. The first deposit consisted 
of ten hundred and fourteen pounds of gold and thirty 
eight hundred and twelve pounds of silver deposited 
Nov eighteen nineteen. The second was made Dec 
eighteen twenty one and consisted of nineteen hun- 
dred and seven pounds of gold and twelve hundred 
and eighty eight of silver, also jewels obtained in St. 
Louis in exchange to save transportation and valued at 
thirteen [t]housand dollars. The above is securely 
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packed i[n] [iJron pots with iron cov[e]rs. Th[e] vault 
is roughly lined with stone and the vessels rest on solid 
stone and are covered [w]ith others. Paper number 
one describes th[e] exact locality of the va[u]lt so that 
no difficulty will be had in finding it. 


One of the remaining letters supposedly contains direc- 
tions on how to find the treasure but, to date, no one has 
solved the code. One theory is that both the remaining let- 
ters are encoded using either the same document in a dif- 
ferent way, or another very public document. Or, of 
course, this could all be an elaborate, but entertaining, 
wheeze. Those interested may wish to contact the Beale 
Cypher Association, P.O. Box 975, Beaver Falls, PA 15010. 


Beal's conjecture 

In 1997, the Texan financier Andrew Beal offered 
$75,000, later increased to $100,000, to the first person 
who could prove or provide a counterexample to the fol- 
lowing conjecture: 


If x” + y" =z’, where x, y, zm, n, and rare all positive 
integers, and m, m and rare greater than two, then «, 
y, and z have a common factor (greater than one). 


Fermat’s last theorem, which was proved in 1994, is a 
special case of Beal’s conjecture. However, no one has yet 
been able to use this fact to prove or disprove the con- 
jecture, nor has anyone been able to come up with a 
counterexample as a disproof. It is known that for any set 
of three exponents m, , and 7, each greater than two, 
there can be at most finitely many solutions. But is this 
finite number zero? The prize remains unclaimed. 


beast number (666) 

Also known as the Apocalypse number, the “number of the 
beast” mentioned in the Bible’s book of Revelation, the 
relevant verse of which (Rev. 13:18) is often quoted as: 


Here is wisdom. Let him that hath understanding 
count the number of the beast: for it is the number 
of a man; and his number is six hundred threescore 
and six. 


Leaving aside the thorny issue of what this actually 
means, the number 666 does have some interesting math- 
ematical properties. Most notably, it is the sum of the first 
36 natural numbers (all the numbers on a roulette wheel): 
1+2+3+...+36, which makes it the thirty-sixth trian- 
gular number. It is also the sum of the squares of the first 
seven prime numbers, 2? + 3° + 5°+ 7° + 11? + 13’+ 17. 
Other curious representations of “the beast” include: 
4274344454645 44439427 +71 
3° 26 + 18 
64+64+6+64+64+6'. 





Furthermore, 666 is one member of a Pythagorean 
triplet (216, 630, 666), which can be written in the 
remarkable form: 


(6 x 6 x 6) + (666 — 6 x 6)? = 6662. 


In Roman numerals, 666 represents all the numbers from 
500 in descending order, namely D (500) + C (100) +L 
(50) + X (10) + V (5) +I (1), or DCLXVI. In fact, it’s been 
suggested that the Roman representation of 666 may have 
something to do with the biblical reference. DCLXVI was 
often used as a generic way of referring to any unspecified 
or unknown large number—the Roman equivalent of our 
“zillion.” Thus, the writer of Revelation might simply 
have been using “666” to mean “big but unspecified.” 


Beatty sequences 

Suppose R is an irrational number greater than 1, and let 
S be the number satisfying the equation 1/R + 1/S=1. Let 
[x] denote the floor function of x, that is, the greatest inte- 
ger less than or equal to x. Then the sequences [”R] and 
[zS], where 2 ranges through the set N of positive inte- 
gers, are the Beatty sequences determined by R. The inter- 
esting thing about them is that they partition N; in other 
words, every positive integer occurs exactly once in one 
sequence or the other. For example, when R is the golden 
ratio (about 1.618), the two sequences begin with 


1, 3, 4, 6, 8, 9, 11, 12, 14, 16, 17, 19, 21,..., and 
2,5, 7, 10, 13, 15, 18, 20, 23, 26, 28, 31, 34.... 


Beatty sequences are named after the American mathe- 
matician Samuel Beatty (1881-1970), who introduced 
them in 1926 in a problem in the American Mathematical 
Monthly. Beatty was the first person to receive a Ph.D. in 
mathematics from a Canadian university, and later 
became the chairman of the mathematics department 
and chancellor of the University of Toronto. 


beauty and mathematics 

Many mathematicians and scientists have commented 
on the beauty they find in the structure and symmetry of 
the equations that underpin their work, and that beauty 
is often the first sign of truth. In A Mathematician’s Apol- 
ogy, G. H. Hardy wrote: 


The mathematician’s patterns, like the painter’s or 
the poet’s must be beautiful; the ideas, like the col- 
ors or the words must fit together in a harmonious 
way. Beauty is the first test: there is no permanent 
place in this world for ugly mathematics. 


The physicist Paul Dirac went even further: 


I think that there is a moral to this story, namely 
that it is more important to have beauty in one’s 
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equations than to have them fit experiment. If 
[Erwin] Schrédinger had been more confident of his 
work, he could have published it some months earlier, 
and he could have published a more accurate equa- 
tion. It seems that if one is working from the point of 
view of getting beauty in one’s equations, and if one 
has really a sound insight, one is on a sure line of pro- 
gress. If there is not complete agreement between the 
results of one’s work and experiment, one should not 
allow oneself to be too discouraged, because the dis- 
crepancy may well be due to minor features that are 
not properly taken into account and that will get 
cleared up with further development of the theory." 


The architect Richard Buckminster Fuller also saw beauty 
as an acid test of truth: “When I’m working on a prob- 
lem, I never think about beauty. I think only how to 
solve the problem. But when I have finished, if the solu- 
tion is not beautiful, I know it is wrong.” 


Bell, Eric Temple (1883-1960) 

A Scottish-born mathematician and writer who, from 
1903, spent most of his life in the United States, teaching 
at the University of Washington from 1912 until 1926, 
then serving as professor of mathematics at the Califor- 
nia Institute of Technology. He did work in number the- 
ory but is best remembered for his books, including 
Algebraic Arithmetic (1927) and The Development of Mathe- 
matics (1940), which became classics, and, at a more pop- 
ular level, Men of Mathematics (1937)! and Mathematics, 
Queen and Servant of Science (1951). He was also a prolific 
writer of science fiction under the penname John Taine. 


bell curve 
The characteristic shape of the graph of a normal (Gauss- 
ian) distribution. 


Bell number 

Named after Eric Bell, one of the first to analyze them in 
depth, the number of ways that distinguishable objects 
(such as differently colored balls) can be grouped into 
sets (such as buckets) if no set can be empty. For example, 
if there are three balls, colored red (R), green (G), and 
blue (B), they can be grouped in five different ways: 
(RGB), (RG)(B), (RB)(G), (BG)(R), and (R)(G)(B), so 
that the third Bell number is 5. The sequence of Bell 
numbers, 1, 2, 5, 15, 52, 203, 877, 4,140, 21,147,..., can 
be built up in the form of a triangle, as follows. The first 
row has just the number one. Each successive row begins 
with the last number of the previous row and continues 
by adding the number just written down to the number 
immediately above and to the right of it. 


1 
ie 
23°55 
5 7 10 15 
15 20 27 37 52 
D285 


The Bell numbers appear down the left-hand side of the 
triangle. These normal Bell numbers contrast with ordered 
Bell numbers, which count the number of ways of placing 
n distinguishable objects (balls) into one or more distin- 
guishable sets (buckets). The ordered Bell numbers are 1, 
3, 13, 75, 541, 4,683, 47,293, 545,835, .... Bell numbers 
are related to the Catalan numbers. 


Benford’s law 

If a number is chosen at random from a large table of data 
or statistics, such as stock quotations, populations of towns 
in Germany, or half-lives of radioactive atoms, the chance 
that the first digit is 1 is about 30.1%, that the first digit is 
2 is about 17.6%, that it is 3 is 12.4%, ..., and that it is 9 
is 4.5%. These figures fit the rule that the probability that 
the first digit is dis logio(1 + 1/d). This rule is called Ben- 
ford’s law after the American physicist Frank Benford, who 
publicized his findings in 1938." The same discovery had 
been made 57 years earlier by the astronomer and mathe- 
matician Simon Newcomb, who noticed that the front 
pages of logarithm tables tended to be more dog-eared 
than pages later on.?*”! 

Benford tested thousands of different collections of 
data, including the surface areas of 335 rivers, specific 
heats and molecular weights of thousands of chemicals, 
baseball statistics, and the street addresses of the first 342 
people listed in the book American Men of Science. All 
these seemingly unrelated sets of numbers followed the 
same first-digit probability pattern as the worn pages of 
logarithm tables suggested. In all cases, the number 1 
showed up as the first digit about 30% of the time, more 
often than any other, and seven times more often than 
the number 9. 

It seems extraordinary. Why shouldn’t the numbers 1 to 
9 take equal turns to be the first digit? Benford’s findings 
have been verified by other researchers. The larger and 
more varied the sampling of numbers from different data 
sets, it has been found, the more closely the distribution of 
numbers approaches what Benford’s law predicts. More- 
over these probabilities are scale invariant and base invari- 
ant. For example, it doesn’t matter whether the numbers 
are based on the dollar prices of stocks or their prices in 
yen or euros, nor does it matter if the numbers are in terms 
of stocks per dollar; provided there are enough numbers in 
the sample, Benford’s law will hold." 7! 
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Benham’s disk 


Benham’s disk 

A disk, marked with a black and white pattern, which, 
when spun around, causes people to see colors. Benham’s 
disk, also known as Benham’s wheel and Benham’s top, was 
invented in 1894 by the toy maker C. E. Benham and orig- 
inally sold through Messrs. Newton and Co. as the Artifi- 
cial Spectrum Top. It is one of a number of spinning disk 
color illusions first described by Gustav Fechner in 1838. 
For this reason, the illusory colors are known as Fechner col- 
ors. From the beginning, it was realized that the root of the 
illusion probably lay in the variation of retinal response 
time with wavelength. An online animated version of 
the disk can be seen at http://www.michaelbach.de/ot/ 
col_benham/index.html. 


Bernoulli family 
An extraordinary Swiss family from Basle that produced 
eight outstanding mathematicians within three genera- 
tions. Together with Isaac Newton, Gottfried Leibniz, 
Leonhard Euler, and Joseph Lagrange, the Bernoulli 
family dominated mathematics and physics in the seven- 
teenth and eighteenth centuries, making important con- 
tributions to differential calculus, geometry, mechanics, 
ballistics, thermodynamics, hydrodynamics, optics, elas- 
ticity, magnetism, astronomy, and probability theory. 
Unfortunately, the Bernoullis were as conceited and arro- 
gant as they were brilliant, and engaged in bitter rivalries 
and rows with one another. 

The patriarchs of this mathematical dynasty were Jakob 
I (1654-1705) and his brother Johann I (1667-1748). (The 


Roman numerals are used to tell fathers, brothers, sons, 
and cousins apart, as the same Christian names were used 
repeatedly.) Next came Jakob’s son, Nikolaus I, and 
Johann’s three sons, Nikolaus II, Daniel (1700-1772), and 
Johann II. Finally, came Johann II’s mathematical off- 
spring, Johann III and Jakob IL. 

Jakob I developed a passion for science and mathe- 
matics after meeting Robert Boyle during a trip to En- 
gland in 1676. He largely taught himself in these subjects 
and went on to lecture in experimental physics at the 
University of Basle. He also secretly introduced his 
younger brother to mathematics, against the wishes of his 
parents who wanted the younger brother to go into com- 
merce. The cooperation between the two brothers soon 
degenerated, however, into vitriolic argument. Irked by 
Johann’s bragging, Jakob publicly claimed that his 
younger brother had copied his own results. Later, having 
been appointed to the chair of mathematics at Basle, 
Jakob succeeded in blocking his brother’s appointment 
to the same department, forcing Johann to take a teach- 
ing job at the University of Groningen instead. Johann 
proposed the so-called brachistrochrone problem and, 
along with Newton, Leibniz, |’Hospital, and Jakob, man- 
aged to solve it—but only after he first came up with a 
faulty proof and then tried to substitute one of Jakob’s in 
its place! Eventually, Johann was offered a post at Basle 
as, of all things, the department head of Ancient Greek. 
But, en route to Basle, Johann learned that Jakob had 
died of tuberculosis. Upon his arrival he set about lobby- 
ing for the vacant position and, in less than two months, 
got his way. Jakob’s most important work, his Ars Con- 
jectandi (The art of conjecture), was published posthu- 
mously and formed the basis of probability theory. 

Sadly, Johann I repeated his father’s mistake and tried 
to force the most mathematically talented of his three 
sons, Daniel, into an unwanted career as a merchant. 
When the attempt failed, Johann let Daniel study medi- 
cine, in order to prevent his son from becoming a com- 
petitor. But all three sons followed their father’s path, 
and Daniel, while studying medicine, was tutored in 
math by his older brother Nikolaus I. In 1720, Daniel 
went to Venice to work as a physician but won such a big 
reputation for his work in physics and mathematics that 
Peter the Great of Russia offered him a chair at the Acad- 
emy of Science in St. Petersburg. Daniel went, along 
with Nikolaus IJ, who was also offered a position at the 
Academy. However, after just eight months, Nikolaus 
came down with a fever and died. Upset, Daniel wanted 
to return to Basle, but Johann I didn’t want his son—a 
potential rival—back home. Instead he sent one of his 
pupils, none other than the great Leonhard Euler, to 
St. Petersburg to keep Daniel company. The two Swiss 
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mathematicians became good friends, and the six years 
they spent together in St. Petersburg were the most pro- 
ductive of Daniel’s life. 

When Daniel finally returned to Basle, quarrels 
within the family flared up again after he won the prize 
of the Parisian Academy of Science with a paper, co- 
authored with his father, on astronomy. Jealous of 
Daniel’s success, Johann threw him out of the family 
house. And worse was to come. In 1738 Daniel pub- 
lished his magnum opus, Hydrodynamica. Johann | 
read the book, hastily wrote one of his own called 
Hydraulica, back-dated it to 1732, and claimed to be the 
inventor of fluid dynamics! The plagiarism was soon 
uncovered, and Johann was ridiculed by his colleagues, 
but his son never recovered from the blow. See also 
St. Petersburg paradox. 


Bernoulli number 

A number of the type defined by Jakob Bernoulli in 
connection with evaluating sums of the form >“. The se- 
quence By, B,, B,,...can be generated using the formula 


x/(e*—1) = >\(B,x")/n! 


though various different notations are used for them. The 
first few Bernoulli numbers are: By = 1, B, = —'2, B, = 6, 
B, = —'50, B, = '42,.... They crop up in many diverse 
areas of mathematics including the series expansions of 
tan(x) and Fermat’s last theorem. 


Berry's paradox 

A paradox, devised by G. G. Berry of the Bodleian 
Library at Oxford University in 1906, that involves state- 
ments of the form: “The smallest number not nameable 
in under ten words.” At first sight, there doesn’t seem 
anything particularly mysterious about this sentence. 
After all, there are only so many sentences that have less 
than ten words, and only a set S of these specify unique 
numbers; so there is clearly some number WN that is the 
smallest integer not in S. The trouble is, the Berry sen- 
tence itself is a specification for that number in only nine 
words! Berry’s paradox shows that the concept of name- 
ability is inherently ambiguous and a dangerous concept 
to be used without qualification. A similar air of the 
paradoxical swirls around the notion of interesting 
numbers. 


Bertrand’s box paradox 

A problem, similar to the Monty Hall problem, that was 
published by the French mathematician Joseph Bertrand 
(1822-1900) in his 1889 text Calcul des Probabitités. Sup- 
pose there are three desks, each with two drawers. One 
desk contains a gold medal in each drawer, one contains a 
silver medal in each drawer, and one contains one of each, 


but you don’t know which desk is which. If you open a 
drawer and find a gold medal, what are the chances that 
the other drawer in that desk also contains gold? This 
comes down, then, to figuring out the probability that 
you've picked the gold-gold desk instead of the gold-silver 
desk. Many people quickly jump to the conclusion that 
there are two possibilities, and since the selection was ran- 
dom, it must be 50-50. But this is wrong. Think of the ini- 
tial selection as picking from among six drawers: 


Before After 
S$ S$ G GG 
S$ GG G 
1 2 3 12 3 


So, we have it narrowed down to three drawers, with an 
equal probability of each one being the one that was 
picked. One of the drawers is in desk 2, so there’s a one- 
third chance that desk 2 was picked. Two of the drawers 
are in desk 3, so there are two one-third chances (i.e., a 
two-third chance) that desk 3 was picked. 


Bertrand’s postulate 

Also known as Betrand’s conjecture, if n is an integer greater 
than 3, then there is at least one prime number between 
nand 2n — 2. This postulate (which should now be called 
a theorem) is named after the French mathematician 
Joseph Bertrand (1822-1900) who, in 1845, showed it 
was true for values of 2 up to 3 million. The Russian 
Pafnuty Chebyshev (1821-1894) gave the first complete 
proof in 1850, so that it is sometimes called Chebyshev’s 
theorem (although another theorem also goes by this 
name). In 1932, Paul Erdés gave a more elegant proof, 
using the binomial coefficients, which is the one that 
appears in most modern textbooks. Bertrand’s postulate 
implies that the wth prime p, is at most 2”. 


Bessel, Friedrich Wilhelm (1784-1846) 

A German astronomer and mathematician who became 
director of the observatory at Konigsberg (see bridges of 
K6nigsberg). Much of Bessel’s work dealt with perturba- 
tions (wobbles) in the motion of planets and stars caused 
by the gravitational influence of other bodies. To help 
analyze these perturbations he developed certain mathe- 
matical functions that are now known as Bessel functions 
and are used widely in physics. 


beta function 
The function 


B(m, n) = [ a” (1-2)! de. 


It can be defined in terms of the gamma function by 
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_ Tr) 
By n= T(m+n) ° 


Many integrals can be reduced to the evaluation of beta 
functions. 


Betti number 

An important topological property of a surface, named 
after the Italian mathematician Enrico Betti (1823-1892). 
The Betti number is the maximum number of cuts that 
can be made without dividing the surface into two sepa- 
rate pieces. If the surface has edges, each cut must be a 
“crosscut,” one that goes from a point on an edge to 
another point on an edge. If the surface is closed, like a 
sphere, so that it has no edges, each cut must be a “loop 
cut,” a cut in the form of a simple closed curve. The Betti 
number of a square is 0 because it is impossible to cross- 
cut without leaving two pieces. However, if the square is 
folded into a tube, its topology changes—it now has two 
disconnected edges—and its Betti number changes to 1. A 
torus, or donut shape, has a Betti number of 2. See also 
chromatic number. 


bicorn 

Also known as the cocked-hat, any of a collection of quar- 
tic curves studied by James Sylvester in 1864 and by 
Arthur Cayley in 1867. The bicorn has the Cartesian 
equation 


yy? (a? — x’) = (x? + 2ay- a)’. 








bicorn§ The bicorn curve © Jan Wassenaar, www.2dcurves.com 


bicuspid curve 
The quartic curve given by the equation 


(x* — a’)(x- a) + (y?- ay =0. 


Bieberbach conjecture 

A celebrated conjecture made by the German mathemati- 
cian Ludwig Bieberbach (1886-1982) in 1916, that was 
finally proved, after many partial results by others, by 
Louis de Branges of Purdue University in 1984.'! Bierber- 
bach is infamous in the history of mathematics because of 
his outspoken anti-Semitism during the Nazi era. Follow- 
ing the dismissal of Edmund Landau (1877-1938) from 
the University of Gottingen, Bierberbach wrote: “This 
should be seen as a prime example of the fact that repre- 
sentatives of overly different races do not mix as students 
and teachers. ... The instincts of the Géttingen students 
felt that Landau was a type who handled things in an un- 
German manner.” 

Bieberbach’s conjecture (BC) stemmed from the Rie- 
mann mapping theorem (RMT), which makes a claim 
about any region of a plane that is simply connected (in 
other words, any region, however complicated, that 
doesn’t have any holes). The RMT says there must be 
some function, or mapping, such that every point in the 
arbitrary region is associated with one and only one point 
inside a circle with unit radius. Complex functions are 
best suited to plane-to-plane mappings and are often eas- 
ier to work with if they can be represented as a power 
series. For example, given the complex number z, the 
function e’ can be expressed as the infinite series 1 + z+ 
27/2!+2°/3!+....Bieberbach guessed that there is a link 
between the conditions imposed on a function by RMT 
and the numerical coefficients of the terms in a power 
series that represents the function. The BC says that if a 
function gives a one-to-one association between points in 
the unit circle and points in a simply connected region of 
the plane, the coefficients of the power series that repre- 
sents the function are never larger than the correspond- 
ing power. In other words, given that f(z) = a + az + 
az’ +a;z°+..., then |a,|< n|a,| for each x. 


bifurcation 

The value of a smoothly varying control parameter, or 
the point in parameter space, at which the behavior of a 
dynamical system undergoes a qualitative change. For 
example, a simple equilibrium, or a fixed-point attrac- 
tor, might give way to a periodic oscillation as the stress 
on a system increases. Similarly, a periodic attractor 
might become unstable and be replaced by a chaotic 
attractor. To give a real-world example, drops fall indi- 
vidually at equal intervals, from a dripping faucet at 
low pressure. As the pressure is increased, however, the 
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pattern of dripping abruptly changes so that two drops 
fall close together, with a longer interval before the next 
pair fall. In this case, a simple periodic process has given 
way to a periodic process with twice the period, a process 
described as “period doubling.” If the flow rate of water 
through the faucet is increased still further, beyond the 
bifurcation point, often an irregular dripping is found 
and the behavior can become chaotic. See also chaos. 


bilateral 

Having two sides, or relating to the right and left sides of an 
object. Bilateral symmetry is a symmetrical arrangement, as 
of an organism or a body part, along a central axis, so that 
the body is divided into equivalent right and left halves by 
only one plane. See also mirror reversal problem. 


bilateral diagram 

A device invented by Lewis Carroll to represent the dif- 
ferent logical states that two objects with two properties 
can take. Each cell in a four-square array represents one 
of the four possible object/property states and is covered 
by a red counter if the state is present and by a gray 
counter if it is absent. 


billion 
See large numbers. 


bimagic square 

A magic square that becomes a new magic square when 
each integer is squared. If, in addition to being bimagic, 
the integers in the square can be cubed and the resulting 
square is still magic, the square is said to be trimagic. To 
date the smallest bimagic square seems to be of order 8, 
while the smallest trimagic square is of order 32. 


binary 


There are 10 kinds of people in the world, those who 
understand binary math, and those who don't. 
—Anonymous 


The simplest positional number system and the natural 
one to use when dealing with computers; it employs just 
two symbols, 0 and 1, which correspond to the possible 
states of an off-on switch. Each place to the left in a binary 
number represents the next highest power of two. The 
binary number 10110,, for example, means 1 x 2‘ + 0 x 
2+41x2?4+1x2!+0 x 2° or 22, in the familiar decimal 
notation. Nonintegers can be represented by using negative 
powers, which are set off from the other digits by means of 
a radix point (called a decimal point in base 10). The binary 
number 11.01, thus means 1 x 2'+ 1x 2°+0x21'14+1«x 
2? which equals 3.25,). A number that terminates in a dec- 
imal doesn’t necessarily do so in binary (e.g., 0.310 = 


0.0100110011001 . . . ,), and vice versa. An irrational num- 
ber, however, is nonperiodic in both systems (e.g., pi, = 
3.1415926 ... 1») =11.001001000011111...;). Binary arith- 
metic was first investigated by Gottfried Leibniz in 1672, 
though he didn’t publish anything about it until 1701. 


binary operation 
An operation that involves two operands. For example, 
addition and subtraction are binary operations. 


binomial 

An expression containing two terms, joined by + or -. 
The binomial theorem gives the result of raising a bino- 
mial expression to a power; the expansion and the series 
it leads to are called the Dinomial expansion and the bino- 
mial series. A binomial distribution is described by a for- 
mula related to the binomial expansion. A binomial 
equation is a particular kind of equation that contains 
two terms. 


binomial coefficient 

A coefficient of x in the expansion of (x + _y)". The 
binomial coefficient ,C,, or (%) gives the number of 
ways of picking m unordered outcomes from x possi- 
bilities, and is also known as a combination. It has the 
value 2//( — m)!m! The binomial coefficients form the 
rows of Pascal’s triangle. 


binomial theorem 
The result that allows the expansion of a binomial 
expression: 


n 


(x+y) =x" + a,x" y+ a,x" +... Hy 


where the coefficients a; are called binomial coefficients. 


Birkhoff, George David (1884-1944) 

The foremost American mathematician of the early twen- 
tieth century and the first prominent dynamicist in the 
New World. He is known for his work on linear differen- 
tial equations and difference equations, and was also 
deeply interested in and made contributions to the analy- 
sis of dynamical systems, celestial mechanics, the four- 
color map problem, and function spaces. Although a 
geometer at heart, he discovered new symbolic solution 
methods. He saw beyond the theory of oscillations, cre- 
ated a rigorous theory of ergodic behavior, and foresaw 
dynamical models for chaos. In addition he wrote on the 
foundations of relativity and quantum mechanics and, in 
Aesthetic Measure (1933), on art and music. 


birthday paradox 
The fact—not really a paradox—that you need a group of 
only 23 people for there to be a better than 50/50 
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chance that two of these people will have the same 
birthday. This seems surprising because we are used to 
comparing our particular birthday with others and only 
rarely finding a perfect match. The probability of any 
two individuals having the same birthday is just 146s. 
Even if you were to ask 20 people, the probability of 
finding someone with your birthday is still less than 0. 
But the odds improve dramatically when a group of peo- 
ple ask each other about their birthdays because then there 
are many more opportunities for a matchup. One way to 
calculate the probability of a birthday match is to count 
the pairs of people involved. In a room of 23 people, 
there are (23 x 22)/2, or 253, possible pairs. Each pair has 
a probability of success of 1465 = 0.00274 (0.274%), and 
thus a probability of failure of (1 — 0.00274) = 0.99726 
(99.726%). The probability of no match among any of 
the pairs of people is 0.99726 to the 253rd power, which 
is 0.499 (49.9%). So the probability of a successful match 
is (1 — 0.499), or slightly better than even (50/50). With 
42 people, the probability of a birthday match climbs 
to 90%. 


birthday surprise 

Here is a way to learn someone’s birthday by doing a lit- 
tle simple math. Ask a person to take the month number 
(January = 1, February = 2, and so forth) of their birth- 
day, multiply by 5, add 6, multiply the total by 4, add 9, 
and multiply the new total by 5 again. Finally, have her 
add the number of the day on which she was born and 
give you the total. In your head, subtract 165 and you 
will have the month and day of her birth. How does this 
work? If Mf is the month number and D the day number, 
then after the seven steps the expression for their calcula- 
tion is: 5(4(5M + 6) + 9) + D=100M+D + 165. Thus, if 
you subtract the 165, what will remain will be the month 
in hundreds plus the day. 


bisect 
To cut in half. 


bisecting an angle 

Splitting an angle exactly in two. The ancient Greeks 
knew how to easily do it using only a pair of compasses 
and a straightedge. Here’s how: Put the point of the com- 
pass at a point O and draw a circle so that it cuts the two 
lines coming out from the angle. Call these intersection 
points A and B. Now put the point of the compass at 4 
and draw an arc that follows within the opening of the 
angle. Without changing the radius at which the compass 
is set, move its point to B and draw another arc. Join the 
point where the two arcs cross, P, to O using the straight 
edge: angle POB is half of angle AOB. See also trisecting 
an angle. 


bishops problem 

To find the maximum number of bishops (chess pieces 
capable of moving any number of spaces along diagonals 
of their own color) that can be placed on an x n chess- 
board in such a way that no two are attacking each other. 
The answer is 2” — 2, which gives the solution 14 for a 
standard (8 x 8) chessboard. The numbers of distinct 
maximal arrangements for 7 = 1, 2,... bishops are 1, 4, 
26, 260, 3,368,.... 


bistromathics 

The revolutionary new (and totally fictitious) field of 
mathematics in restaurants, as described by Douglas 
Adams in his book Life, the Universe and Everything: 


Numbers written on restaurant bills within the con- 
fines of restaurants do not follow the same mathe- 
matical laws as numbers written on any other pieces 
of paper in any other parts of the Universe. This sin- 
gle statement took the scientific world by storm. ... 
So many mathematical conferences got held in such 
good restaurants that many of the finest minds of a 
generation died of obesity and heart failure and the 
science of math was put back by years. 


Adams explains that just as Einstein found that space and 
time are not an absolute but depend on the observer’s 
movement, so numbers are not absolute, but depend on 
the observer’s movement in restaurants: 


The first non-absolute number is the number of 
people for whom the table is reserved. This will vary 
during the course of the first three telephone calls to 
the restaurant, and then bear no apparent relation 
to the number of people who actually turn up, or to 
the number of people who subsequently join them 
after the show/match/party/gig, or to the number of 
people who leave when they see who else has turned 
up. The second non-absolute number is the given 
time of arrival, which is now known to be one of the 
most bizarre of mathematical concepts, a recipriver- 
sexcluson, a number whose existence can only be 
defined as being anything other than itself: In other 
words, the given time of arrival is the one moment 
of time at which it is impossible that any member of 
the party will arrive. ... The third and most mysteri- 
ous piece of nonabsoluteness of all lies in the rela- 
tionship between the number of items on the bill, 
the cost of each item, the number of people at the 
table and what they are each prepared to pay for. 


See also large numbers. 


bit 
A binary digit, either 0 or 1. See also byte. 
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blackjack 
Also known as twenty-one, the most popular casino game 
in the world and the only such game with a fluctuating 
probability: the odds of winning change with the makeup 
of the deck. The cards two to nine have a numerical value 
equal to the number printed on the card. Tens and all face 
cards (jack [J], queen [Q ], and king [K]) have the value 
of 10. Aces may be counted as either 11 or one. A dealer 
plays against one to seven players. Every player and the 
dealer initially receive two cards each, dealt by the dealer. 
Each player’s hand is played against the dealer’s hand 
only. If a player’s hand has a value closer to 21 (without 
going over) than the dealer’s hand, the player wins. The 
best possible hand is known as a blackjack (21 in the first 
two cards) and consists of an ace and a ten-valued card 
(10, J, Q, K). The payout for a blackjack is 3-to-2: the 
player is paid three chips for every two chips bet. When 
both the player and the dealer have blackjacks, it is a nor- 
mal we (push) situation and the player retains the initial 
bet. The player has several choices after receiving the first 
two cards: (1) Hit or draw: take one or more cards to add- 
up to a better hand. (2) Stand: stop taking more cards. (3) 
Double down: double the initial amount (in cases consid- 
ered more favorable). (4) Split pairs: if the two cards are 
equal in value they may be played in two separate hands. 
The dealer must draw until his hand adds up to 17 or 
more. Both the player and the dealer can go over 21, a sit- 
uation known as bust; the player loses the bet immedi- 
ately. The dealer plays his hand last, after all the players at 
the table. This rule creates the so-called house edge. John 
Scarne”*! was the first to calculate the house advantage at 
blackjack as 5.9%. However, the house edge can be cut to 
around 1% if the player follows certain rules. The set of 
rules known as basic strategy make blackjack one of the 
fairest games of any kind, almost as fair as coin tossing. 
In 1962 Edward O. Thorp, an IBM computer scientist, 
published Beat the Dealer,**! which introduced a winning 
method called card counting. This method considered the 
10-valued cards and the aces as positive, and the cards 2 
to 6 as negative. If the net value of the remaining deck 
was positive, the player must increase the bet accord- 
ingly. The method had visible results when only one deck 
was used and very few cards remained in the deck. Casi- 
nos responded by changing the rules dramatically. The 
penetration was introduced: not all the cards in the deck 
are played. Shuffling is done unexpectedly. Also, most 
casinos introduced multiple-deck blackjack. 


Blanche’s dissection 

The simplest dissection of a square into rectangles of the 
same areas but different shapes. It is composed of seven 
pieces; the square is 210 units on a side, and each rectan- 
gle has area of 210’/7 = 6,300. 


Bolyai, Janos (1802-1860) 

A Hungarian mathematician who was one of the 
founders of non-Euclidean geometry, independently 
coming to almost the same conclusions as Nikolai Loba- 
chevsky. He was initially taught by his father, Farkas, 
also a mathematician, then he studied at the Royal 
Engineering College in Vienna from 1818 to 1822. 
Between 1820 and 1823 he prepared his treatise on a 
complete system of non-Euclidean geometry, com- 
menting, “Out of nothing I have created a strange new 
universe.” It was published in 1832 as an appendix to an 
essay by his father. Carl Gauss, on reading the appen- 
dix, wrote to a friend saying, “I regard this young 
geometer Bolyai as a genius of the first order.” It was not 
until 1848 that Bélyai learned that Lobachevsky had 
produced a similar piece of work in 1829. Although he 
never published more than the 24 pages of the appen- 
dix, Bélyai left more than 20,000 pages of manuscript of 
mathematical work when he died. He was an accom- 
plished linguist, speaking nine foreign languages includ- 
ing Chinese and Tibetan. 


book-stacking problem 

How much of an overhang can be achieved by stacking 
books on a table before the books overbalance and fall 
off? Assume each book is one unit long. To balance one 
book on a table, the center of gravity of the book must 
be somewhere over the table; to achieve the maximum 
overhang, the center of gravity should be just over the 
table’s edge. The maximum overhang with one book is 
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book-stacking problem The solution to the book-stacking 
problem. 
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obviously '2 unit. For two books, the center of gravity of 
the first should be directly over the edge of the second, 
and the center of gravity of the stack of two books 
should be directly above the edge of the table. The cen- 
ter of gravity of the stack of two books is at the midpoint 
of the books’ overlap, or (1 + '2)/2, which is *4 unit from 
the far end of the top book. It turns out that the over- 
hangs are related to the harmonic numbers H,, (see har- 
monic sequence), which are defined as 1 + 2 + 4 
+...+1/n: the maximum overhang possible for 2 books 
is H,/2. With four books, the overhang (1 + 2 + 4 + 
%4)/2 exceeds 1, so that no part of the top book is 
directly over the table. With 31 books, the overhang is 
2.0136 book lengths. 


Boole (Stott), Alicia (1860-1940) 

The third daughter of George Boole and an important 
mathematician in her own right. At the age of 18, she was 
introduced to a set of wooden cubes devised by her 
brother-in-law Charles Hinton as an aid to visualization 
of the fourth dimension. Despite having had no formal 
education, she surprised everyone by becoming adept 
with the cubes and developing an amazing feel for four- 
dimensional geometry. She introduced the word polytope 
to describe a four-dimensional convex solid, and went on 
to explore the properties of the six regular polytopes 
and to make 12 beautiful card models of their three- 
dimensional central cross sections. She sent photographs 
of these models to the Dutch mathematician Pieter 
Schoute (1846-1923), who had done similar work and 
with whom she subsequently published two papers. The 
models themselves are now housed in the Department of 
Pure Mathematics and Mathematical Statistics at Cam- 


bridge University. 


Boole, George (1815-1864) 

An English mathematician and philosopher who is 
regarded as one of the founders of computer science. 
His great contribution was to approach logic in a new 
way, reducing it to a simple algebra and thus incorpo- 
rating logic into mathematics. He pointed out the anal- 
ogy between algebraic symbols and those that represent 
logical forms; his algebra of logic became known as 
Boolean algebra and is now used in designing comput- 
ers and analyzing logic circuits. Although he never stud- 
ied for a degree, Boole was appointed to the chair of 
mathematics at Queens College, Cork, Ireland, in 1849. 
One day in 1864 he walked the two miles in pouring 
rain from his home to the college and then lectured in 
wet clothes. A fever followed but whether this alone 
would have caused his demise is unknown. Certainly 
his condition wasn’t helped by his wife, Mary (a niece 
of Sir George Everest, after whom the mountain is 


named), who, following the principle that remedy 
should resemble cause, put Boole to bed and threw 
buckets of water over him. He expired shortly after. See 
also Boole (Stott), Alicia. 


Boolean 
Taking only 0/1, true/false, yes/no values. 


Boolean algebra 

An algebra in which the binary operations are chosen to 
model the union and intersection operations in set the- 
ory. For any set A, the subsets of A form a Boolean alge- 
bra under the operations of union, intersection, and 
complement. 


Borel, Emile (1871-1956) 

A French mathematician who worked on divergent series, 
the theory of functions, probability, and game theory, 
and was the first to define games of strategy. He also 
founded measure theory, which applies the theory of 
sets to the theory of functions, and thus became an orig- 
inator, with Henri Lebesgue and René Louis Baire 
(1874-1932), of the modern theory of functions of a real 
variable. 


Borges, Jorge Luis (1899-1986) 

An Argentinian author, essayist, and poet, many of 
whose short stories explore paradoxes and other strange 
avenues of mathematics, logic, philosophy, and time. For 
example, the possibility of branches in time is dealt with 
in “The Garden of Forking Paths,” while the strange 
notion of the Universal Library is the subject of “The 
Library of Babel.” Borges was profoundly influenced by 
European culture, English literature, and such thinkers as 
George Berkeley. 


Borromean rings 

Three rings linked in such a way that although they can’t 
be separated, no two rings are linked; remove any one 
ring, however, and the other two fall apart. Named after 
the Italian family of Borromeo whose family crest has 
borne the rings since the fifteenth century, the design has 
been used in many places and times as a symbol of 
strength in unity. A form of the Borromean link known 
as Odin’s triangle or the walknot (“knot of the slain”) was 
used by the Norse folk of Scandinavia in two variants: a 
set of Borromean triangles and a unicursal curve that 
makes a trefoil knot. A motif of three interlaced crescent 
moons, similar to the Borromean rings, can be seen at the 
Palace of Fontainebleau. Designed by the architect 
Philibert de l’Orme, it is based on the moon emblem 
used by Diane de Poitiers (1499-1566), mistress of King 
Henry II of France. A similar pattern, but with three 
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Borromean rings A flowerpot on Isola Bella, an island on Lake Maggiore, near Arona in northern Italy, that bears the Borromeo fam- 


ily crest. Peter Cromwell 


interlaced snakes in place of the crescent moons, occurs 
at various sites in Wales, including Bangor Cathedral. 
The Borromean rings are commonly used to symbolize 
the Christianity Trinity. An early source for this was a 
thirteenth-century French manuscript, now lost, in which 
the word unitas appears in the center, inside all the cir- 
cles, and the three syllables of “tri-ni-tas” are distributed 
in the outer sectors. Borromean rings can also be found 
on Japanese family emblems, at a Japanese Shinto shrine 
north of Sakurai in the province of Nara, and in the 
sculptures of the Australian artist John Robinson. In 
North America, the design is known as the Ballantine 
rings after the New Jersey brewing company P. Ballantine 
and Sons who use it as a trademark with the rings labeled 
Purity, Body, and Flavor. 

The rings first appeared in mathematics in the earliest 
work on knots by Peter Tait in 1876. The pattern of cir- 
cles can be interlaced by replacing each of the six vertices 


by a crossing that shows how the circles pass over and 
under one another. Since there are two choices for each 
crossing, there are 2° = 64 possible interlaced patterns. 
However, after taking symmetry into account, these 64 
reduce to only 10 geometrically distinct patterns. Two 
patterns are considered to be the same if one can be 
obtained from the other by applying one or more of the 
following operations: rotation by 120°, reflection, and 
reflection in the plane of the pattern. The last symmetry 
operation means that the sense of all the crossings is 
switched. The rings can also be analyzed from the view- 
point of topology, which means that the designs are 
thought of as links made from a flexible and elastic 
material. If two links can be manipulated and deformed 
to look like one another (without breaking and joining 
the rings) then they are topologically equivalent. The 10 
geometrically distinct patterns boil down to only five 
distinct topological types. 
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Borromean rings Three alternating rings carved in a panel in 
a walnut door of the church of San Sigismondo in Cremona, 
Italy. The emblem is one of several belonging to the Sforza 
family. Peter Cromwell 


Borsuk-Ulam theorem 

One of the most important and profound statements 
in topology: if there are ” regions in v-dimensional 
space, then there is some hyperplane that cuts each 
region exactly in half, measured by volume. All kinds 
of interesting results follow from this. For example, at 
any given moment on Earth’s surface, there must exist 
two antipodal points—points on exactly opposite sides 
of Earth—with the same temperature and barometric 
pressure! One way to see that this must be true is to 
think of two opposite points 4 and B on the equator. 
Suppose 4 starts out warmer than B. Now move 4 
and B together around the equator until 4 moves 
into B’s original position, and simultaneously B into 
A’s original position. A is now cooler than B, so 
somewhere in between they must have been the same 
temperature. The Borsuk-Ulam theorem implies the 
Brouwer fixed-point theorem and also the ham sand- 
wich theorem. 


bottle sizes 

Wine and champagne come in various standard bottle 
sizes, as shown in the table “Wine Bottle Sizes.” These fol- 
low a geometric sequence, doubling in size with each 
step, up to the double-magnum, but thereafter increase in 
a more complicated way. There are also regional varia- 
tions (for example, a Nebuchadnezzar may hold from 12 
to 15 liters) and differences depending on the type of 
drink held. 


Wine Bottle Sizes 









































Name of Size Region Capacity (liters) Standard Bottle Equivalents 
Baby/split All 0.1875 0.25 
Half-bottle All 0.375 0.5 
Bottle All 0.75 1 
Magnum All 1.5 2 
Double-magnum All 3 4 
Jeroboam Burgundy, Champagne 5 6.67 
Jeroboam Bordeaux, Cabernet S. 4.5 6 
Rehoboam Burgundy, Champagne 4.5 6 
Imperial Bordeaux, Cabernet S. 6 8 
Methuselah Burgundy, Champagne 6 8 
Salmanazar Burgundy, Champagne 9 12 
Balthazar Burgundy, Champagne 12 16 
Nebuchadnezzar Burgundy, Champagne 15 20 
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boundary condition 

The value of a function at the edge of the range of some 
of its variables. Recognizing the boundary conditions of 
an unknown function helps in its identification since 
other unknowns, such as variables in integrations, can 
then be eliminated. 


boundary value problem 
An ordinary differential equation or a partial differen- 
tial equation given together with boundary conditions 
to ensure a unique solution. 


Bourbaki, Nicholas 

Not an individual but a collective mathematician. In the 
1930s, the Bourbaki group, made up of some of the bright- 
est mathematicians in France, began as a club, holding 
secret meetings in Strasbourg to update university lectures 
and texts in the wake of World War I, which had essentially 
wiped out a generation of young talent. In time, Bourbaki 
authored encyclopedic accounts of all areas of mathemat- 
ics, and its influence became widespread. 

Its origins can be traced to 1934 and to André Weil and 
Henri Cartan who were maitres de conférences (the equiv- 
alent of assistant professors) at the University of Stras- 
bourg. One of their duties was to teach differential and 
integral calculus but they found the standard text on this 
subject, TraitédAnalyse by E. Goursat, wanting. Following a 
suggestion by Weil to write a new “Treatise on Analysis,” a 
group of about 10 mathematicians began to meet regularly 
to plan the new work. Quickly, it was decided that the work 
should be collective, without any acknowledgment of indi- 
vidual contributions, and this became a feature of Bour- 
baki’s output. In the summer of 1935, the pen name 
Nicholas Bourbaki was chosen, and the initial membership 
consisted of Weil, Cartan, Claude Chevalley, Jean Delsarte, 
and Jean Dieudonné—all former students at the Ecole Nor- 
male Supérieure in Paris. Over the years, the membership 
varied; some people in the first group dropped out quickly, 
others were added, and later there was a regular process of 
addition and retirement (mandatory by the age of 50). 

Bourbaki adopted rules and procedures that to outsiders 
often seemed eccentric and even bizarre. For example, dur- 
ing meetings to review and revise drafts for the various 
books the group developed, anyone could express his 
opinion as loudly as he wanted at any time, so it was not 
uncommon for several distinguished mathematicians to be 
on their feet at the same time shouting monologues at the 
top of their voices. Somehow out of this mayhem emerged 
work of extreme precision, to the point of pedantry and 
dryness. Bourbaki would have nothing to do with geome- 
try or any attempt at visualization, and believed that math- 
ematics should distance itself from the sciences. However, 
despite its tendency to be boring and long-winded, Bour- 


baki did achieve its goal: to set down in writing what was 
no longer in doubt in modern mathematics. 


brachistochrone problem 

A problem with which Johann Bernoulli (see Bernoulli 
Family) challenged his contemporaries in Acta Erudito- 
rum in June 1696: 


Following the example set by Pascal, Fermat, etc., I 
hope to gain the gratitude of the whole scientific com- 
munity by placing before the finest mathematicians of 
our time a problem which will test their methods and 
the strength of their intellect. If someone communi- 
cates to me the solution of the proposed problem, I 
shall publicly declare him worthy of praise... . Given 
two points A and B in a vertical plane, what is the 
curve traced out by a point acted on only by gravity, 
which starts at A and reaches B in the shortest time? 


Isaac Newton reportedly solved the problem between 
four in the evening and four in the morning after a hard 
day at the Royal Mint, later commenting: “I do not love 
to be dunned [pestered] and teased by foreigners about 
mathematical things. ...” Other correct solutions came 
from Gottfried Leibniz, the Frenchman Guillaume de 
LH6pital, and Johann’s brother Jakob. They, like 
Johann, realized that the solution to the brachistochrone 
problem, as it was also to the tautochrone problem, was 
a curve known as the cycloid. 


Brahmagupta (a.p. 598-after 665) 

A Hindu astronomer and mathematician who became 
the head of the observatory at Ujjain—the foremost math- 
ematical center of ancient India. His main work, Brab- 
masphutasiddbanta (The opening of the universe), written 
in 628, contains some remarkably advanced ideas, 
including a good understanding of the mathematical role 
of zero, rules for manipulating both positive and nega- 
tive numbers, a method for computing square roots, 
methods of solving linear and some quadratic equations, 
and rules for summing series. His contributions to 
astronomy were equally ahead of their time. Brab- 
magupta’s theorem states that in a cyclic quadrilateral (a 
four-sided shape whose corners lie on a circle) having per- 
pendicular diagonals, the perpendicular to a side from 
the point of intersection of the diagonals always bisects 
the opposite side. Brahmagupta’s formula for the area of 
a cyclic quadrilateral with sides of length a, J, c, and d is 
V(S—a)(S—b)(S—0(S—d), where S= (a+ b+c+d)/2. As 


d goes to zero, this reduces to Heron’s formula. 
8g 





braid 
A collection of lines or strings that are plaited together 
and whose ends are attached to two parallel straight lines. 
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Braid theory was pioneered by the Austrian mathemati- 
cian Emil Artin (1898-1962) and is related to knot the- 
ory. It also has other applications: for instance, if we 
consider the way the roots of a polynomial move as one 
of the polynomial’s coefficients changes, this motion can 
be thought of as a braid. 


Brianchon’s theorem 

Given a conic section, if we circumscribe a hexagon 
about it, then the major diagonals of the hexagon are 
concurrent. 


bridges of Kénigsberg 

A famous routing problem that was analyzed and solved 
by Leonhard Euler in 1736, and that helped spur the 
development of graph theory. The old city of Kénigs- 
berg, once the capital of East Prussia, is now called Kalin- 
ingrad. It falls within a tiny part of Russia known as the 
Western Russian Enclave, between Poland and Lithuania, 
which (to the surprise even of many modern Russians) is 
not connected with the rest of the country! Kénigsberg 
lay some four miles from the Baltic Sea on rising ground 
on both sides of the river Pregel (now the Pregolya), 
which flowed through the town in two branches before 
uniting below the Grune Brocke (Green Bridge). Seven 
bridges (numbered in the diagram) crossed the Pregel and 
connected various parts of the city (letters A to D), 
including Kneiphof Island (B), the site of Konigsberg 
University and the grave of its most famous son, the great 
philosopher Emmanuel Kant (1724-1804). 

A question arose among the town’s curious citizens: 
Was it possible to make a journey across all seven bridges 
without having to cross any bridge more than once? No one 
had been able to do it, but was there a solution? Euler, 
who was in St. Petersburg, Russia, at the time, heard 
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bridges of Kénigsberg An old map of the city showing the 
seven bridges. 





bridges of K6nigsberg The essential layout of the bridges. B 
represents Kneiphof Island. 


about this puzzle and looked into it. In 1736, he pub- 
lished a paper called Solutio problematis ad geometriam situs 
pertinentis (The solution of a problem relating to the 
geometry of position) in which he gave his answer. Euler 
reasoned that, for such a journey to be possible, each 
land mass would need to have an even number of bridges 
connected to it, or, if the journey began at one land mass 
and ended at another then those two land masses alone 
could have an odd number of connecting bridges while 
all the other land masses would have to have an even 
number of connecting bridges. Since the K6énigsberg 
bridges violated this layout, a grand tour that involved 
only one crossing per bridge was impossible. Euler’s 
paper was important because it solved not just the 
K6nigsberg conundrum but the much more general case 
of any network of points, or vertices, that are connected 
by lines, or arcs. What is more, the words geometry of posi- 
tion in the title show that Euler realized that he was deal- 
ing with a different type of geometry where distance is 
irrelevant. So this work can be seen as a prelude to the 
subject of topology. See also Euler path. 


Briggs, Henry (1561-1630) 

An English mathematician who introduced common 
logarithms (to base 10) and was largely responsible for 
getting scientists to use them. Although a well-regarded 
mathematician in his own right, holding the Savilian 
chair of geometry at Oxford, Briggs was most important 
as a contact and as a public relations man for his field. 


Brocard problem 
The problem of finding the integer solutions of the 
equation 


ni+1l=m’. 


These solutions are called Brown numbers, and only three 
of them are known: (5, 4), (11, 5), and (71, 7). Paul Erdés 
conjectured that there are no others. 


broken chessboard 
See polyomino. 
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Bronowski, Jacob (1908-1974) 

A Polish mathematician who worked first on operation 
theory and its application to military strategy, but later on 
the ethics of science. He is remembered for writing and 
narrating the television series The Ascent of Man in 1973. 


Brouwer, Luitzen Egbertus Jan (1881-1966) 

A Dutch mathematician who opposed the logicist school 
of Bertrand Russell and established the intuitionist 
school of mathematical thought. He was also one of the 
founders of topology, doing most of his work in this 
field between 1909 and 1913. 


Brouwer fixed-point theorem 

An amazing result in topology and one of the most useful 
theorems in mathematics. Suppose there are two sheets of 
paper, one lying directly on top of the other. Take the top 
sheet, crumple it up, and put it back on top of the other 
sheet. Brouwer’s theorem says that there must be at least 
one point on the top sheet that is in exactly the same posi- 
tion relative to the bottom sheet as it was originally. The 
same idea works in three dimensions. Take a cup of coffee 
and stir it as much as you like. Brouwer’s theorem insists 
that there must be some point in the coffee that is in 
exactly the same spot as it was before you started stirring 
(though it might have moved around in between). More- 
over, if you stir again to move that point out of its original 
position, you can’t help but move another point back into 
its original position! Not surprisingly, the formal defini- 
tion of Brouwer’s theorem makes no mention of sheets of 
paper or cups of coffee. It states that a continuous function 
from an 7-ball into an x-ball (that is, any way of mapping 
points in one object that is topologically the same as the 
filling of an -dimensional sphere to another such object) 
must have a fixed point. Continuity of the function is 
essential: for example, if you rip the paper in the previous 
example then there may not be a fixed point. 


Brownian motion 

The most common type of continuous random motion 
of a particle, one in which the particle’s vibrations have 
more energy at short length and time scales. It models 
the motion of a particle in a fluid, fluctuation of stock 
prices, and many other processes. Brownian motion is 
named after the Scottish botanist Robert Brown 
(1773-1858) who first studied it. 


Brun’s constant 
See twin primes. 


bubbles 
Whether alone or in groups joined together, bubbles get 
their shape by following one simple rule: soap film 


always tries to form a minimal surface. The mathemati- 
cal study of bubbles and films began in earnest in the 
1830s with the experiments of Joseph Plateau. A single 
bubble will always try to form a sphere because this 
shape, as proposed by Archimedes and proved by Her- 
mann Amandus Schwarz (1843-1921) in 1884, is the 
minimal surface enclosing a single volume. For a long 
time, mathematicians believed that the minimal surface 
for enclosing two separate volumes of air is a double bub- 
ble separated by a third surface, which meets the other 
two along a circle at 120° and is flat if the bubbles enclose 
the same volume and, otherwise, is a spherical surface 
that bulges a little into the larger of the two. The double 
bubble conjecture was finally confirmed by a team of four 
mathematicians in 2000. 

Another great bubble mystery that has recently been 
solved is why the bubbles in a glass of Guinness appear 
to sink rather than rise. Bubbles that rise, like those in a 
saucepan or those breathed out by a diver, are a familiar 
sight and easy to explain: gas bubbles are lighter than 
liquid and experience a buoyancy force that drives them 
up toward the liquid surface. But many of the bubbles 
in a glass of Guinness can be seen heading downward. 
Researchers have found that large bubbles in the center 
of the glass move upward relatively quickly and drag 
liquid with them. Since the amount of liquid in the glass 
stays the same (unless someone drinks it!) the liquid 
moving upward near the center must eventually move 
back down near the walls of the glass. This downward- 





bubbles A honeycomb-like arrangement of tightly packed 
bubbles. 


Australian National University 
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moving liquid has a dragging effect on the bubbles. 
Larger bubbles are more buoyant than smaller bubbles, 
and continue to move upward. Smaller bubbles (less 
than 0.05 mm in diameter) aren’t buoyant enough to 
resist this drag force, and move downward with the liq- 
uid near the sides of the glass. Since Guinness is quite 
opaque, and these downward-moving small bubbles are 
close to the side of the glass, it often looks as if almost 
all the bubbles are moving down. See also Plateau 
problem. 


buckyball 

Also known as a fullerene, a large molecule made of carbon 
atoms arranged in the form of a convex polyhedral cage. 
Buckyballs are named after the architect Richard Buckmin- 
ster Fuller because they look like the geodesic domes that 
he invented. The first buckyball to be discovered (by acci- 
dent) was Cy, in which 60 carbon atoms are arranged at 
each of the vertices of a truncated icosahedron. This shape, 
which looks like a soccer ball, has 32 faces, of which 20 are 
regular hexagons and 12 are regular pentagons. Many 





buckyball A molecule of Buckminster fullerene—a buckyball. Nick Wilson 
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different types of buckyballs are known. Common ones 
have 70, 76, and 84 carbon atoms, but all are built up exclu- 
sively from hexagonal and pentagonal faces in arrangements 
that follow Euler’s formula. This formula ensures that while 
the number of hexagons can vary from one type of fullerene 
to another, every fullerene has exactly 12 pentagons. (In fact, 
buckyballs with heptagonal faces have been seen, but these 
faces are concave and are regarded as defects.) 


Buffon’s needle 

An early problem in geometrical probability (see proba- 
bility theory) that was investigated experimentally in 
1777 by the French naturalist and mathematician Comte 
Georges Louis de Buffon (1707-1788). It involves drop- 
ping a needle repeatedly onto a lined sheet of paper and 
finding the probability of the needle crossing one of the 
lines on the page. The result, surprisingly, is directly 
related to the value of pi. 

Consider a simple case in which the lines are 1 cm apart 
and the needle is 1 cm in length. After many drops the 
probability of the needle lying across a line is found to be 
very close to 2/m. Why? There are two variables: the dis- 
tance from the center of the needle to the closest line, 4 


_ 


y 


Buffon’s needle Needles are dropped randomly onto a lined 
surface. 


which can vary between 0 and 0.5 cm, and the angle, 0, at 
which the needle falls with respect to the lines, which can 
vary between 0 and 180°. The needle will hit a line if d< 
1 sin®. Ina plot of d against ' sinO, the values on or below 
the curve represent a hit; thus, the probability of a success 
is the ratio of the area below the curve to the area of entire 
rectangle. The area below the curve is given by the integral 
of '4 sin® from 0 to 1, which is 1. The area of the rectangle 
is 1/2. So, the probability of a hit is 1/(n/2) or 2/m (about 
0.637). Dropping a needle many times onto lined paper 
gives an interesting (but slow) way to find nm. This kind of 
probabilistic means of performing calculations is the basis 
of a technique known as the Monte Carlo method. 


bundle 

A map between two topological spaces 4 and B, where 
the sets f' (4) for elements 4 of B (known as fibers), are all 
homeomorphic to a single space. The simplest example 
is the Mobius band, for which 4 is the Mébius band, B 
is a circle, and the fibers are homeomorphic to an inter- 
val on the real number line. 


Burali-Forti paradox 

An argument that shows that the collection of ordinal 
numbers (numbers that give the position of objects) do not, 
unlike the natural numbers, form a set. Each ordinal num- 
ber can be defined as the set of all its predecessors. Thus: 


0 is defined as {}, the empty set 
1 is defined as {0} which can be written as {{}} 
2 is defined as {0, 1} which can be written as {{}, {{}}} 


3 is defined as {0, 1, 2} which can be written as {{}, {{}}, 
{0s (O00... 


in general, z is defined as {0, 1, 2,...2—- 1} 


If the ordinal numbers formed a set, this set would then be 
an ordinal number greater than any number in the set. 
This contradicts the assertion that the set contains all ordi- 
nal numbers. Although the ordinal numbers don’t form a 
set, they can be regarded as a collection called a class. 


Buridan’s ass 

A paradox of medieval logic concerning the behavior of an 
ass that is placed equidistantly from two piles of food of 
equal size and quality. Assuming that the behavior of the 
ass is entirely rational, it has no reason to prefer one pile to 
the other. Thus lacking a basis to decide which pile to eat 
first, it remains in its original position and starves. With 
one pile it would have lived; having two identical piles it 
dies. How can this make sense? The paradox is named after 
the French philosopher Jean Buridan (c. 1295-1356). 
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burr puzzle 

An interlocking wooden puzzle that, when put together, 
typically looks like three rectangular blocks crossing one 
another at right-angles. Little is known about its early his- 
tory, but it was certainly produced both in Asia and 
Europe in the eighteenth century. It acquired the name 
Chinese puzzle, probably because so many were produced 
in the Orient from the early 1900s. In 1928, Edwin Wyatt 
published Puzzles in Wood,"*”! the first book devoted to 
the subject, and introduced the term burr puzzle because 
of the likeness of the assembled toy to a seed burr. 

Burr puzzles consist of three (the smallest number), six 
(the most common number), twelve, or other numbers 
of pieces that are notched in various ways so as to pose a 
challenge to the would-be assembler. The earliest known 
reference to the popular six-piece burr appears in a Berlin 
catalog of 1790, but not until 1917 was a patent taken out 
on a particular design. In 1977, William Cutler proved 
that 25 possible notchable pieces can be used to make 
solid six-piece burrs and that they can be put together in 
314 ways. (Pieces are considered notchable if they can be 
made by a sequence of notches that are produced by chis- 
eling out the space between two saw cuts.) Cutler also 
proved there are 369 general pieces from which solid 
burrs can be made and that these can be assembled in 
119,979 ways. One particular form of burr has six identi- 
cal pieces, all of which move outward or inward together. 
Another form, with flat notched pieces, has one piece 
with an extra notch or an extended notch that allows it to 
fit in last, either by sliding or twisting, although this isn’t 
initially obvious. This form is sometimes made with 
equal pieces so that it can only be assembled by force, 
perhaps after steaming. 


butterfly effect 

One of the more sensational and loudly touted claims of 
chaos theory: a butterfly beating its wings could, by an 
intricate chain of causes and effects, give rise to a hurri- 
cane. The gist of the argument is that minuscule distur- 
bances can be amplified unpredictably into major 
phenomena. However, the overwhelming likelihood is 
that any effect as small as the beating of a butterfly’s wing 
would be quickly dampened out and play no significant 
part in future events. See also causality. 


butterfly theorem 

Let M be the midpoint of a chord PQ of a circle, through 
which two other chords AB and CD are drawn. If AD 
intersects PQ at X and CB intersects PQ at Y¥, then / is 
also the midpoint of XY. The theorem gets its name from 
the shape of the resulting figure. 


Byron, (Augusta) Ada (1815-1852) 
Also known as Lady Lovelace, the daughter of Lord 
Byron and one of the most picturesque characters in 
computer prehistory. Her parents separated five weeks 
after her birth and she was raised by her mother (neé 
Annabella Milbanke), whom Lord Byron had called his 
“Princess of Parallelograms” because of her interest in 
mathematics. She was determined that Ada would be- 
come a mathematician and scientist, not a poet like her 
father. Ada, however, managed to combine both worlds, 
blending her science with poetical vision and her mathe- 
matics with metaphor. 

At the age of 17 she was introduced to Mary Somerville, 
a remarkable woman who translated Laplace’s works into 
English, and whose texts were used at Cambridge (where a 





burr puzzle A difficult six-piece burr with 19 false assemblies and a final piece that requires 10 directional moves. Mr. Puzzle Aus- 
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women’s college is now named after her). It was at one of 
Mary Somerville’s dinner parties, in November 1834, 
that Ada first heard of Charles Babbage’s ideas for a new 
calculating machine, the Analytical Engine, and was 
immediately intrigued. In 1843, Ada, married and the 
mother of three children, translated a French article 
about the Engine and showed it to Babbage. He sug- 
gested that she add her own notes, which turned out to be 
three times the length of the original piece and included 
prescient comments about how such a machine might be 
used to compose complex music, produce graphics, and 


solve scientific problems. A regular correspondence 
ensued between Ada and Babbage, during which Ada sug- 
gested to Babbage a plan for how the engine might calcu- 
late Bernoulli numbers—a plan now regarded as the first 
computer program. In recognition of this, a software lan- 
guage developed by the U.S. Department of Defense was 
named “Ada” in 1979. Like her father, she died at the age 
of 36, following a series of illnesses." 


byte 


A string of 8 bits, used to represent a character. 





caduceus 

In mathematics, a pair of curves in space, each of which is 
a helix and which twist in opposite directions around one 
another. In mythology, the caduceus is the wing-topped 
staff, wound about by two snakes, carried by Hermes, 
the Greek messenger of the gods. The snakes became 
entwined after Hermes threw his staff at them to stop their 
fighting. A caduceus was carried by Greek officials and 
became a Roman symbol for truce and neutrality. Since 
the sixteenth century it has also served as a symbol of 
medicine. Before modern medicine, people infected by 
parasitic worms were treated by physicians using a stick 
and a knife. A slit would be cut in the patient’s skin in 
front of the worm, and as the parasite crawled out of the 
incision, the worm would be wound around a stick until 
it was totally removed. The medical treatment of parasitic 
worm infection by knife and stick is believed to be the 
inspiration for the original caduceus. It was used as a pro- 
motional sign for physicians of that period. 


Cage, John (1912-1992) 

The American avant-garde composer perhaps best known 
for the quietest piece of music ever written. His piano 
composition 4’33” calls for the player to sit in silence for 
273 seconds—this being the number of degrees below 
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zero on the centigrade scale of absolute zero at which 
molecular motion stops. 4’33” was inspired by Cage’s 
visit to Harvard University’s anechoic chamber about 
which he wrote: 


There is no such thing as empty space or empty 
time. There is always something to hear or some- 
thing to see. In fact, try as we might to make a 
silence, we cannot. For certain engineering pur- 
poses, it is desirable to have as silent a situation as 
possible. Such a room is called an anechoic cham- 
ber, its walls made of special materials, a room with- 
out echoes. I entered one at Harvard University ... 
and heard two sounds, one a high and one a low. 
When I described them to the engineer in charge, he 
informed me that the high one was my nervous sys- 
tem and the low one was my blood circulation. 


Cage’s 4’33” breaks traditional boundaries by shifting 
attention from the stage to the audience and even beyond 
the concert hall. The listener becomes aware of all sorts of 
sound, from the mundane to the profound, from the 
expected to the surprising, from the intimate to the cosmic: 
shifting in seats, riffling programs, breathing, a creaking 
door, passing traffic, a recaptured memory. Is sitting quietly 
alone for 273 seconds equivalent to a private performance 
(and audience) of the piece? Or, in the final analysis, is it all 
pretentious nonsense? In his essay on “Nothing” Martin 
Gardner wrote: “I have not heard 4’33” performed, but 
friends who have tell me it is Cage’s finest composition.” 


Caesar cipher 

The simplest and oldest known type of substitution 
cipher, attributed to Julius Caesar, who used it to send 
government messages. In it, each letter in the alphabet is 
replaced by another letter using a predefined rule that 
shifts the alphabet a uniform amount to the right or left. 
For example, a shift of three units to the right, would turn 
the “This is secret” into “Wklv lv vhfuhw.” 


cake-cutting 

How can a group of people cut up a cake so that each gets 
what they consider to be a fair share? In its modern math- 
ematical form, this classic problem of fair division dates 
from World War I, when Hugo Steinhaus tackled it using 
a game theory approach.""*! Any number of “players” are 
allowed. They agree on rules for dividing the cake, and 
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then everyone follows those rules. In the end, each player 
must get what he or she perceives to be a fair share. In the 
simplest case, involving just two people, there is an easy, 
well-known strategy: one cuts, the other chooses. Can this 
method be extended to three people? Can it be extended 
so that each person, according to his own judgment, 
receives the biggest piece? Steinhaus was able to prove that 
a so-called envy-free division, where everyone believes they 
got the best deal exists in every case, for any number of 
players. However, it was left for others to find actual algo- 
rithms that worked for three or more players. 

A three-person envy-free method was first devised by 
John Selfridge and John Conway. Suppose the players are 
called Alice, Bob, and Carol. The method goes like this: 
(1) Alice cuts the cake into what she thinks are thirds. (2) 
Bob trims one piece to create a two-way tie for largest, and 
sets the trimmings aside. (3) Carol picks a piece, then Bob, 
then Alice. Bob has to take a trimmed piece if Carol does 
not. Call the person who took the trimmed piece T, and 
the other (of Bob and Carol) NT. (4) To deal with the 
trimmings, NT cuts them into what she thinks are thirds. 
(5) The players pick pieces in this order: T, Alice, NT. The 
key to the success of the Selfridge-Conway strategy is that 
for the trimmings, Alice has an “irrevocable advantage” 
with respect to T, since Alice will never envy T even if T 
gets all the trimmings. Thus Alice can pick after T and 
allow the method to end in a finite number of steps. 

For four or more cake-cutters, envy-free solutions are 
very complex and can take arbitrarily long to resolve. How- 
ever, a general solution of the problem of fair, envy-free 
division was eventually found in 1992 by the Americans 
Steven Brams, a political scientist at New York University, 
and Alan Taylor, a mathematician at Union College in 
Schenectady, New York.°! ”! With two players, the first 
player cuts the cake in half. With three players, the first 
player cuts the cake into thirds. With four players, Brams 
and Taylor showed, the first player, say Bob, cuts the cake 
into five equal-looking pieces. He passes them to Carol, 
who trims two at most to create a three-way tie for largest in 
her eyes. She sets the trimmings aside and gives the five 
pieces to Don, who trims one at most to create a two-way tie 
for largest in his eyes. Alice, the fourth player, now selects 
the piece she likes best. Choosing proceeds in the reverse 
order from cutting, with the proviso that anyone who 
trimmed one or more pieces must take one of them if any 
are still available when it’s his or her turn to choose. The 
extra piece to begin with assures that no player gets second- 
best. Ifsomeone takes a piece she likes before it’s her turn to 
choose, an equivalent piece or better always remains on the 
table. According to a formula Brams and Taylor developed, 
Bob must cut the cake into at least 2”~”*' pieces at the start. 
This amounts to nine pieces for five players, 17 pieces for 
six, and so on. Bob has to cut all these extra pieces to make 


sure that, when he finally gets to choose at the end, there 
will be a piece left that hasn’t been either trimmed or cho- 
sen by one of the many other players. With 22 players, Bob 
has to divide the cake into over a million pieces—small 
crumbs of comfort in the quest for a fairer world.?*! 


Calabi-Yau space 

A type of mathematical space that enters into string the- 
ory, where the geometry of the universe is held to consist 
of at least 10 dimensions—the four familiar dimensions of 
space-time and six compact dimensions of Calabi-Yau 
space. These extra dimensions are so tightly curled up 
that they aren’t noticed. Although the main application 
of Calabi-Yau spaces is in theoretical physics, they are 
also interesting from a purely mathematical standpoint. 


calculus 


The calculus 1s the greatest aid we have to the applica- 
tion of physical truth in the broadest sense of the word. 
—William Fogg Osgood (1864-1943) 


The branch of mathematics that deals with (1) the rate of 
change of quantities (which can be interpreted as the 
slopes of curves), known as differential calculus, and (2) the 
length, area, and volume of objects, known as integral 
calculus. Calculus was one of the most important de- 
velopments in mathematics and also in physics, much 
of which involves studying how quickly one quantity 
changes with respect to another. It is no coincidence that 
one of the founders of calculus was the brilliant English 
physicist Isaac Newton; another was Gottfried Leibniz. 
Although students nowadays learn differential calculus 
first, integral calculus has older roots. 


calculus of variations 

Calculus problems, especially differentiation and maxi- 
mization, that involve functions on a set of functions of 
a real variable. An example is to find the shape of a cable 
suspended from both ends. 


calendar curiosities 
The earliest event in human history for which a definite 
date is known is a battle between the Lydians (allies of the 
Greek Spartans) and the Medes (ruled by the Persian king 
Cyrus) who had been locked in a war for five years. As the 
two sides faced each other for a crucial daytime con- 
frontation, a solar eclipse occurred. This was taken as a 
sign of the gods’ disapproval and the Lydians and Medes 
agreed to end the fighting then and there. The dates of 
solar eclipses can be figured out with great accuracy, and 
this one is known to have taken place on May 28, 586 B.c. 
Much less certain is the birth date of Christ. It was not 
until A.D. 440 that Christmas was celebrated on Decem- 
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ber 25. This date was chosen because it coincided with 
the birth date of Mithras, the Persian sun-god, and was 
close to the pagan festival of Yule. In A.D. 534, Dionysius 
Exiguus (also known as Dennis the Little) created the sys- 
tem, still used today, of counting the years from the birth 
of Christ. Unfortunately, he slipped up in his calcula- 
tions. No one knows exactly when Jesus was born, but it 
was probably around 6 B.c. and certainly before the 
death of Herod the Great in 4 B.c. 

As for the future, there’s no shortage of predictions 
about the end of the world. According to the Mayan 
“long count” linear calendar, it will happen on June 5, 
2012. Other calendric curiosities: February 1865 is the 
only month in recorded history not to have a full moon, 
and months that begin on a Sunday will always have a 
Friday the 13th. 


Caliban 
A pseudonym of Hubert Phillips. 





Caliban puzzle 
A logic puzzle in which one is asked to infer one or more 
facts from a set of given facts. 


cannonball problem 

The mathematical analysis of stacks of cannonballs (or of 
spheres in general) that has its roots in a question posed 
by Sir Walter Raleigh, explorer, introducer of the potato 
and tobacco to Britain, and part-time pirate on the high 
seas. Raleigh asked his mathematical assistant, Thomas 
Harriot, how he could quickly figure out the number of 
cannonballs in a square pyramidal stack without having 
to count them individually. Harriot solved this problem 
without difficulty. If & is the number of cannonballs 
along the side of the bottom layer, the number of can- 
nonballs in the pyramid x is equal to % k(1 + A)(1 + 28). 
For example, if k = 7, m= 420. A more specific form of the 
cannonball problem asks what is the smallest number of 
balls that can first be laid out on the ground as an 7 x 


" 


6) a 


4 


cannonball problem Cannonballs stacked in Narbonne, France. Australia National University 
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square, then piled into a square pyramid & balls high? In 
other words, what is the smallest square number that is 
also a square pyramidal number? This answer is the 
smallest solution to the Diophantine equation 


Ye k(1+h)(14+2k) =n? 


and turns out to be k= 24, 2 =70, corresponding to 4,900 
cannonballs. The ultimate form of the cannonball prob- 
lem is to ask if there are any other, larger solutions. In 
1875 Edouard Lucas conjectured that there weren’t, and 
in 1918 G. N. Watson proved that Lucas was right. 

Returning to Elizabethan times, Thomas Harriot’s in- 
terest in spheres extended far beyond piles of cannon- 
balls. Harriot was an atomist, in the classical Greek sense, 
and believed that understanding how spheres pack 
together was crucial to understanding how the basic con- 
stituents of nature are arranged. Harriot also carried out 
numerous experiments in optics and was far ahead of his 
time in this field. So when, in 1909, Johannes Kepler 
wanted some advice on how to give his own theories on 
optics a stronger scientific underpinning who better to 
turn to than the Englishman? Harriot supplied Kepler 
with important data on the behavior of light rays passing 
through glass, but he also stimulated the German’s inter- 
est in the sphere-packing problem. In response, Kepler 
published a little booklet titled The Six- Cornered Snowflake 
(1611) that would influence the science of crystallogra- 
phy for the next two centuries and that contained what 
has come to be known as Kepler’s conjecture about the 
most efficient way to pack spheres. 


canonical form 

A form of any given polyhedron distorted so that every 
edge is tangent to the unit sphere and the center of grav- 
ity of the tangent points is the origin. 


Cantor, Georg Ferdinand Ludwig 
Philipp (1845-1918) 
A Russian-born German mathematician who founded set 
theory and introduced the concept of transfinite num- 
bers. His shocking and counterintuitive ideas about 
infinity drew widespread criticism before being accepted 
as a cornerstone of modern mathematical theory. 
Cantor was 11 when his family moved from St. Peters- 
burg to Germany. Despite attempts to push him into the 
more lucrative field of engineering, he eventually won his 
father’s approval to study math at the Polytechnic of 
Zurich. The following year, 1863, his father died and Can- 
tor switched to the University of Berlin where he studied 
under some of the greats of the day, including Karl Weier- 
strass and Leopold Kronecker. After receiving his doc- 
torate in 1867, he had trouble finding a good job and was 
forced to accept a position as an unpaid lecturer and later 


as an assistant professor at the backwater University of 
Halle. In 1872, he achieved his first breakthrough—and a 
promotion—by proving that if a function is continuous 
(in other words, its graph is smooth) throughout an inter- 
val, it can be represented by a unique trigonometric series. 
This work, suggested to him by his colleague Heinrich 
Heine, was crucial because it led Cantor to think about 
the relations between points, represented by real num- 
bers, that make up an unbroken line—the so-called contin- 
uum. Cantor realized that irrational numbers can be 
represented as infinite sequences of rational numbers, so 
that they can be understood as geometric points on the 
real-number line, just as rational numbers can. He was 
now in uncharted territory and at odds with mathematical 
orthodoxy, which frowned on the idea of actual infinity; 
however, he found like-minded friends in Richard 
Dedekind and, later, Gosta Mittag-Leffler. 

In 1873 to 1874 Cantor proved that the rational num- 
bers could be paired off, one by one, with the natural 
numbers and were therefore countable, but that there was 
no such one-to-one correspondence with the real num- 
bers. He then went on to show, incredibly, that there are 
exactly the same number of points on a short line as there 
are on an indefinitely long line, or on a plane, or in any 
mathematical space of higher dimensions. On this, he 
wrote to Dedekind: “I see it, but I don’t believe it!” 

By 1883, Cantor had abandoned his earlier reticence 
about dealing with irrationals only as sequences of ratio- 
nals and started to think in terms of a new type of 
number-the transfinite numbers. The sets of natural 
numbers and of real numbers were, he reasoned, just two 
elements of a series of different kinds of infinity. This dra- 
matic extension of the number system to allow for legiti- 
mate mathematics of the infinite was violently opposed. 
Henri Poincaré said that Cantor’s theory of infinite sets 
would be regarded by future generations as “a disease 
from which one has recovered.” Kronecker went further 
and did all he could to ridicule Cantor’s ideas, suppress 
publication of his results, and block Cantor’s ambition of 
gaining a position at the prestigious University of Berlin. 
In the spring of 1884 Cantor suffered the first of several 
attacks of depression, exacerbated if not induced by the 
negative reaction of his contemporaries. In between these 
attacks, he published further results but was increasingly 
troubled by his failure to prove the continuum hypoth- 
esis—his belief that the order of infinity of the real num- 
bers came next after that of the natural numbers. 
Although his later years were spent in and out of a sana- 
toria, he lived long enough to see his ideas on set theory 
vindicated and be described by David Hilbert as “the 
finest product of mathematical genius and one of the 
supreme achievements of purely intellectual human 
activity.” 
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Cantor dust. 


Cantor dust 

Also known as the Cantor set, possibly the first pure frac- 
tal ever found. It was detected by Georg Cantor around 
1872. To produce Cantor dust, start with a line segment, 
divide it in three equal smaller segments, take out the 
middle one, and repeat this process indefinitely. Al- 
though Cantor dust is riddled with infinitely many gaps, 
it still contains uncountably many points. It has a fractal 
dimension of log 2/log 3, or approximately 0.631. See 
also Sierpinski carpet. 


cap 
The symbol MN used to denote the union between two sets. 


Cardano, Girolamo (1501-1570) 

A celebrated Renaissance mathematician, physician, as- 
trologer, and gambler, whose writings on the use of neg- 
ative numbers are the earliest known in Europe. As a 
physician, he gave one of the first clinical descriptions of 
typhoid fever. The illegitimate child of a mathematically 
gifted lawyer who was a friend of Leonardo da Vinci, he 
entered the University of Pavia in 1520 and later studied 
medicine at Padua. His eccentric and confrontational 
style earned him few friends, and he had trouble finding 
work. Eventually, he won a reputation as a physician and 
his services were highly valued at the courts. 

Today, Cardano is remembered mostly for his achieve- 
ments in algebra. He published the solutions to the quartic 
and cubic equations in his book Ars magna (1545). The 
solution to the cubic was communicated to him by Nic- 
cold Tartaglia (who later claimed that Cardano had sworn 
not to reveal it, and became embroiled with Cardano in a 
decade-long fight), and the quartic was solved by Cardano’s 
student Lodovico Ferrari. Both were acknowledged in the 
foreword of the book. Cardano was notoriously short of 
money and kept himself afloat by being an accomplished 
gambler and chess player. A book by him about games of 
chance, Liber de Ludo Aleae (Book on games of chance), 
written in the 1560s but published posthumously in 1663, 


contains the first systematic treatment of probability the- 
ory, as well as a section on effective cheating methods. 
Cardano invented several mechanical devices including the 
combination lock, the Cardano suspension (consisting of 
three concentric circles that allow a supported compass to 
rotate freely), and the Cardan shaft, which allows the trans- 
mission of rotary motion at various angles and is used in 
vehicles to this day. He made several contributions to 
hydrodynamics and claimed that perpetual motion is 
impossible, except in celestial bodies. He published two 
encyclopedias of natural science that contain a wide variety 
of inventions, facts, and occult superstitions. 

Cardano led a beleaguered life. His elder and favorite 
son was executed in 1560 after he confessed to having poi- 
soned his mercenary, cuckolding wife. Cardano’s daughter 
was allegedly a prostitute who died from syphilis, prompt- 
ing him to write a treatise about the disease. His younger 
son was a gambler who stole money from him. And Car- 
dano himself was accused of heresy in 1570 because he 
computed the horoscope of Jesus Christ. Apparently, his 
own son contributed to the prosecution. Cardano was 
arrested and had to spend several months in prison, then 
was forced to abjure and had to give up his professorship. 
He moved to Rome, received a lifetime annuity from Pope 
Gregory XIII, and finished his not-uneventful autobiogra- 
phy. He died on the day he had (supposedly) astrologically 
predicted. See also Chinese rings. 


Cardan’s rings 
See Chinese rings. 


cardinal number 

A number, often called simply a cardinal, that is used to 
count the objects or ideas in a set or collection: 0, 1, 
2,..., 83, and so on. The cardinality of a set is just the 
number of elements the set contains. For finite sets this is 
always a natural number. To compare the sizes of two sets, 
X and Y, all that’s necessary is to pair off the elements of X 
with those of Y and see if there are any left over. This con- 
cept is obvious in the case of finite sets but leads to some 
strange conclusions when dealing with infinite sets (see 
infinity). For example, it is possible to pair off all the nat- 
ural numbers with all the even numbers, with none left 
over; thus the set of natural numbers and the set of even 
numbers have the same cardinality. In fact, an infinite set 
can be defined as any set that has a proper subset of the 
same cardinality. Every countable set that is infinite has a 
cardinality of aleph-null; the set of real numbers has car- 
dinality aleph-one. See also ordinal number. 


cardioid 
A heart-shaped curve first studied in 1674 by the Dan- 
ish astronomer Ole Rémer who was trying to find the 
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cardioid A cardioid curve spun by thread on a computer 
loom. Jos Leys wwwjosleys.com 


best shape for gear teeth; the curve appears to have 
been named by Giovanni Salvemini de Castillon 
(1708-1791). When a circle rolls around another circle 
of the same size, any point on the moving circle traces 
out a cardioid. The Greeks used this fact when attempt- 
ing to describe the motions of the planets. The car- 
dioid is also the envelope of all circles with centers 
on a fixed circle, passing through one point on the 
fixed circle. In polar coordinates, it has the equation 
r = 2a(1 — cos6). It can also be described as an epi- 
cycloid with one cusp. 


cards 

The standard deck of 52 cards can be ordered in 52! (see 
factorial), or 8.065817517094 x 10” ways. There are var- 
ious ways to shuffle cards in order to randomize them 
or to perform tricks with them. Each of the four kings in 
a deck represents a great leader from history: Charle- 
magne (hearts), Alexander the Great (clubs), Julius Cae- 
sar (diamonds), King David (spades). The king of hearts 
is the only one without a moustache. See also black- 
jack. 


Carmichael number 

Also known as an absolute pseudoprime, a number n that 
is a Fermat pseudoprime to any base, that is, it divides 
(a" — a) for any a. Another way of saying this is that a 
Carmichael number is actually a composite number 
even though Fermat’s little theorem suggests it is 
probably a prime number. (Fermat’s little theorem says 





that if P is a prime number, then for any number a, 
(a’ — a) must be divisible by P. Carmichael numbers sat- 
isfy this condition to any base despite being compos- 
ite.) There are only seven Carmichael numbers under 
10,000 (they are 561, 1,105, 1,729, 2,465, 2,821, 6,601, 
and 8,911), and less than a quarter of a million of them 
under 10'%. Nevertheless, in 1994 it was proved that 
there are infinitely many of them. All Carmichael num- 
bers are the product of at least three distinct primes, for 
example, 561 =3 x 11 x 17. 


Carroll, Lewis (1832-1898) 
The pen name of Charles Lutwidge Dodgson (obtained 
by anglicizing the Latin translation, “Carolus Lodovi- 
cus,” of his first two names), an English mathematician, 
logician, and writer. Carroll was born at the Old Parson- 
age, Newton-by-Daresbury, Cheshire, his father being 
the vicar of All Saints Church, Daresbury. There is a 
commemorative window in the church, and a “Wonder- 
land” weathervane, showing the Mad Hatter, the White 
Rabbit, and Alice, on the local primary school. Carroll 
was educated at Rugby School (the student mathematics 
society there is still called the Dodgson Society in his 
honor) and then at Christ Church, Oxford, at which col- 
lege he was to spend the rest of his life, employed mainly 
as a lecturer. 

Carroll’s most famous book, Alice’s Adventures in 
Wonderland (1865), grew out of a story he told on the 
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Martin Gardner. Kadon Enterprises, Inc, www.gamepuzzles.com 
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hot summer afternoon of July 4, 1862, when out rowing 
with the three young daughters of the Greek scholar 
H. G. Liddell, dean of Christ Church. Alice, named 
after Alice Liddell (later Hargreaves, 1852-1934), con- 
tinued her adventures in Through the Looking-Glass 
(1871). Carroll wrote other books for children, includ- 
ing a long poem, “The Hunting of the Snark” (1876) 
and published several mathematical works, but was not 
distinguished academically. He stammered badly, never 
married, and seemed to find greatest pleasure in the 
company of little girls, with whom he lost his shyness. 
He was also an amateur pioneer in photography and an 
inventor of puzzles, games, ciphers, and mnemon- 
ics." Carroll was a master of fantasy and his stories 
have their own logic. Carroll used puns and coined 
neologisms, including what he called “portmanteau 
words” like chortle (combining chuckle and snort). He 
played games with idioms, using such expressions as 
“beating time” (to music) in a literal sense. He reshaped 
such animals of fable or rhetoric as the Gryphon, the 
March Hare (said to have been inspired by a carved hare 
carrying a satchel located at St. Mary’s Church, Beverly, 
Humberside, where Carroll visited), and the Cheshire 
Cat, and invented new ones, including the Bander- 
snatch and the Boojum. 


PUZZLES 
Here are a few examples of puzzles invented by 
Carroll: 

1. You are given two glasses. One contains 50 
tablespoons of milk, the other 50 tablespoons 
of water. Take one tablespoon of milk and mix it 
with the water. Now take one tablespoon of the 
water/milk mixture and mix it with the pure milk 
to obtain a milk/water mixture. Is there more 
water in the milk/water mixture or more milk in 
the water/milk mixture? 

2. If you paint the faces of a cube with six different 
colors, how many ways are there to do this if 
each face is painted a different color and two col- 
orings of the cube are considered equivalent if 
you can rotate one to get the other? What if we 
drop the restriction that the faces be painted dif- 
ferent colors? 

3. Make a word-ladder from FOUR to FIVE. (Every 
step in a word ladder differs from the previous 
step in exactly one letter and each step in the lad- 
der is an English word.) 

4. Why is a raven like a writing desk? 

Solutions begin on page 369. 


CARROLLIAN QUOTES 
From Alice’s Adventures in Wonderland: 

¢ “The different branches of Arithmetic—Ambition, 
Distraction, Uglification, and Derision.’ 

* “Then you should say what you mean,” the March 
Hare went on. 

“| do,” Alice hastily replied; “at least | mean 
what | say, that's the same thing, you know.’ 

“Not the same thing a bit!” said the Hatter. 
“Why, you might just as well say that ‘I see what | 
eat’ is the same thing as ‘I eat what I see!’” 

« “Take some more tea,” the March Hare said to 
Alice, very earnestly. 

“I've had nothing yet,” Alice replied in an 
offended tone, “so | can’t take more.” 

“You mean you can't take /ess,” said the Hatter. 
“It's very easy to take more than nothing.” 

From The Hunting of the Snark: 
+ “What | tell you three times is true.” 
From Alice through the Looking Glass 

* “Can you do addition?” the White Queen asked. 

“What's one and one and one and one and one 
and one and one and one and one and one?" 

“| don't know,” said Alice. “I lost count.” 

+ “It's very good jam,” said the Queen. 

“Well, | don’t want any to-day, at any rate.” 

“You couldn't have it if you did want it,” the 
Queen said. “The rule is jam tomorrow and jam 
yesterday but never jam to-day.” 

“It must come sometimes to “jam to-day,” Alice 
objected. 

“No it can't,” said the Queen. “It's jam every 
other day; to-day isn’t any other day, you know.’ 

“| don't understand you,” said Alice. “It's dread- 
fully confusing” 

* “When I use a word,” Humpty Dumpty said, in a 
rather scornful tone, “it means just what | choose it 
to mean—neither more nor less.” 

“The question is,” said Alice, “whether you can 
make words mean so many different things.” 

“The question is,” said Humpty Dumpty, “which 
is to be master—that's all.” 


Cartesian geometry 
See analytical geometry. 


Cartesian coordinates 

An ordered set of real numbers that defines the position 
of a point in terms of its projection onto mutually per- 
pendicular number lines. In the plane, each point is 
defined by two such projections, one onto the x-axis and 
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one onto the y-axis, and is written as an ordered pair of 
real numbers (x, y). The same system works equally in 
spaces of three or more dimensions. 


Cartesian oval 

A curve that actually consists of two ovals, one inside the 
other. It is the locus of a point whose distances s and ¢ from 
two fixed points S and T satisfy the equation s + mt = a. 
When c is the distance between S and 7 then the curve can 
be expressed in the form: 


((1 — m’)(x? +.y?) + 2m?cx + a& — m*c’) = 4a? (x? +’) 





The curves were first studied by René Descartes in 1637 
and are sometimes called the ovals of Descartes; they were 
also investigated by Isaac Newton in his classification of 
cubic curves. If m= +1, then the Cartesian oval is a cen- 
tral conic. If m = a/c, then it becomes a limacon of Pas- 
cal, in which case the inside oval touches the outside one. 
Cartesian ovals are anallagmatic curves. 


Cassinian ovals 

Also known as Cuassini’s ovals, a family of curves, each 
member of which is defined as follows: given two points 
A and B and a constant c’, the locus of points P with 
PA x PB =c’. The locus has the equation (x? + y’)? — 
2a*(x* — 9’? — a4 +c’ =0, where a= AB. Equivalently, 
Cassinian ovals can be thought of as the set of curves 
produced when a circular torus is sliced at every possi- 
ble point parallel to its axis. If c=, then the curve is 
a special case known as the lemniscate of Bernoulli 
(a figure-eight type curve). The ovals are named after 
the Italian-born astronomer Giovanni Cassini (1625- 
1712) who first investigated them in 1680 while study- 
ing the relative motions of Earth and the Sun. Cassini 


Cassinian ovals The many different ways to slice a dough- 
nut. Xah Lee, www.xahlee.org 


thought that the Sun traveled round Earth on one of 
these curves (rather than the ellipse, as correctly pro- 
posed in Kepler’s heliocentric scheme), with Earth at 
one focus. 


casting out nines 

A method for checking arithmetic that uses the idea of 
the digital root of a number. Let the digital root of a 
number x be r(m); for example, 7(7,586) = 8. For any two 
numbers a and Db: r(a + b) = r(r(a) + r(0)) and r(a x D) = 
r(r(a) x r(b)). These rules allow checks on addition and 
multiplication as the following examples show. Does 
7,586 + 9,492 = 16,978? r(r(7,586) + r(9,492)) = 7(8 + 6) = 
5; r(16,978) = 4; so the sum given is incorrect. Does 
7,586 x 9,492 = 72,006,312. r(r(7,586) x 7(9,492)) = 
r(8 X 6) = r(48) = 3; r(72,006,312) = r(21) = 3; which sug- 
gests that the product given is likely to be correct. The 
name “casting out nines” comes from the fact that nines 
need not be included in the calculation of the digital 
roots, since they have no effect on the final result. This a 
direct outcome of the fact that we use a decimal number 
system. If we calculated instead in octal (base eight), say, 
then the process would be one of “casting out sevens.” 
This kind of checking will pick up most errors, but not 
all. For example, an interchange of two digits will not be 
detected, nor will replacing a nine by a zero or vice versa. 
The method appears in the work of ninth-century Arab 
mathematicians but may have originated earlier with the 
Greeks and, possibly, the Hindus. 


Catalan number 
Any number, w,, from the Catalan sequence defined by 


u, = (2n)! / (a + 1)!n!. 


It begins: 1, 2, 5, 14, 42, 132, 429, 1,430, 4,862, 16,796, 
58,786, 208,012, 742,900, .... The values of u, represent 
the number of ways a polygon with x + 2 sides can be cut 
into m triangles using straight lines joining vertices (see 
vertex). Catalan numbers are named after the Belgian 
mathematician Eugéne Catalan (1814-1894). They also 
arise in other counting problems, for example in deter- 
mining how many ways 2m beans can be divided into two 
containers if one container can never have less than the 
second. 


Catalan solid 

A polyhedron that is a dual of an Archimedean solid. 
(A dual of a polyhedron is obtained by replacing each 
face with a vertex, and each vertex with a face.) Catalan 
solids are named after the Belgian mathematician Eugéne 
Catalan (1814-1894) who first described them in 1865. 
See also Platonic solid and Johnson solid. (See table, 
“Catalan solids.”) 
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Catalan Solids 


Name 


Corresponding 
Archimedean Solid 





Triakis tetrahedron 


Truncated tetrahedron 





Rhombic dodecahedron 


Cuboctahedron 





Triakis octahedron 


Truncated cube 





Tetrakis hexahedron 


Truncated octahedron 





Deltoidal icositetrahedron 


Small rhombicubocta- 
hedron 





Disdyakis dodecahedron 


Great rhombicubocta- 
hedron 





Pentagonal icositetrahedron 


Snub cube 





Rhombic triacontahedron 


Icosidodecahedron 





Triakis icosahedron 


Truncated dodecahedron 





Pentakis dodecahedron 


Truncated icosahedron 





Deltoidal hexecontahedron 


Rhombicosidodeca- 
hedron 





Disdyakis triacontahedron 


Great rhombicosidodeca- 
hedron 





Pentagonal 
hexecontahedron 


Snub dodecahedron 





Catalan solid Two of the Catalan solids: the rhombic tricontahedron (right) and the disdyakistriacontahedron (left). Robert Webb, 
www.software3d.com; created using Webb's Stella program 


Catalan’s conjecture 

The hypothesis, put forward by the Belgian mathemati- 
cian Eugéne Catalan (1814-1894) in 1844, that 8 (= 2°) 
and 9 (= 3”) are the only pair of consecutive powers. In 
other words, the Catalan equation for prime numbers p 
and q and positive integers x and y 


x?—yt=1 
has only the one solution 
P-2=1, 


In 1976 R. Tijdeman took the first major step toward 
showing this is true by proving that for any solution, y‘ is 
less than e to the power ¢ to the power ¢ to the power e to 
the power 730 (a huge number!). Since then, this bound 
has been reduced many times, and it is now know that the 
larger of p and q is at most 7.78 x 10’ and the smaller is at 
least 10’. On April 18, 2002, the Romanian number theo- 
rist Preda Mihailescu sent a manuscript to several mathe- 
maticians with a proof of the entire conjecture together 
with an analysis by Yuri Bilu. It is expected that as soon as 
this work is completely reviewed by other mathematicians 
that Catalan’s conjecture will have been proved.?! 
Solutions to Catalan’s conjecture and Fermat’s last 
theorem are special cases of the Fermat-Catalan equation: 
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xP +yf=zy 


where x, y, and z are positive, coprime integers and the 
exponents are all primes with 


1/p+ 1/q+1/rs. 


The Fermat-Catalan conjecture is that there are only finitely 
many solutions to this system. These solutions include: 
V +29 =3? (p>2); 847° =38 
137+ 7 =2'; 
33° + 1,549,034’ = 15,613? 
and 43° + 96,222? = 30,042,907’. 





Catalan’s constant 

A constant that crops up regularly in combinatorial prob- 
lems, especially in the evaluation of certain infinite series 
and integrals. For example, it is equal to 


J ; arctan(x) / x dx, and 


1— 447 + 5? — V7? +? 





It is also the solution to the following problem as x 
becomes arbitrarily large: If you have a 2” x 2 checker- 
board and a supply of 2”? dominoes that are just large 
enough to cover two squares of the checkerboard, how 
many ways are there to cover the whole board with the 
dominoes? Catalan’s constant has the value 0.915965 ... ; 
it is not known if it’s an irrational number. 


catastrophe theory 

A theory, developed by the French mathematician René 
Thom (1923-2003), that attempts to explain the behav- 
ior of complex dynamical systems by relating it to topol- 
ogy. The evolution of such systems consists of steady 
continuous change interspersed with sudden major 
jumps, or “catastrophes,” when the topology of the set 
changes. Catastrophe theory has been applied, with vary- 
ing degrees of success, to phenomena as diverse as earth- 
quakes, stock market crashes, prison riots, and human 
conflicts, at the personal, group, and societal level. The 
theory was first developed by Thom in a paper published 
in 1968 but became well known through his book Struc- 
tural Stability and Morphogenesis (1972).?'! Many mathe- 
maticians took up the study of catastrophe theory and 
it was in tremendous vogue for a while, yet it never 
achieved the success that its younger cousin chaos theory 
has because it failed to live up to its promise of useful 
predictions. Late in his career, the surrealist Salvador Dali 
painted Topological Abduction of Europe: Homage to René 
Thom (1983), an aerial view of a seismically fractured 
landscape juxtaposed with the equation that strives to 
explain it. 


catch-22 

A situation in which a person is frustrated by a paradoxical 
rule or set of circumstances that preclude any attempt to 
escape from them. The name comes from the title of a 
novel by Joseph Heller (1923-1999), based on his personal 
experiences, about an American airman’s attempts to sur- 
vive the madness of World War IL. Heller wrote: 


There was only one catch and that was Catch-22, 
which specified that concern for one’s own safety in 
the face of dangers that were real and immediate was 
the process of a rational mind. Orr was crazy and 
could be grounded. All he had to do was ask; and as 
soon as he did, he would no longer be crazy and 
would have to fly more missions. Orr would be 
crazy to fly more missions and sane if he didn’t, but 
if he was sane he had to fly them. If he flew them he 
was crazy and didn’t have to; but if he didn’t want 
to he was sane and had to. 


category theory 

The study of abstracted collections of mathematical 
objects, such as the category of sets or the category of 
vector spaces, together with abstracted operations send- 
ing one object to another, such as the collection of func- 
tions from one set to another or linear transformations 
from one vector space to another. 


catenary 

The shape that a rope or telephone cable makes, under the 
influence of gravity, when suspended between two points. 
The word comes from the Latin catena, meaning “chain,” 
and was first used by Christiaan Huygens while studying 
the form of suspended chains. Galileo thought the shape 
would be a parabola. In fact, near the vertex, a parabola 
and a catenary do look very similar. When x is slightly 
greater than three, however, the catenary begins to rapidly 
outgrow the value of the parabola. The two shapes are 
related in another way. If a parabola is rolled along a 
straight line, the focus of the parabola moves along a cate- 
nary curve. Surprisingly, too, if a bicycle with square (or 
any polygon-shaped) wheels is ridden along a road made 
of upturned catenaries the wheels will roll smoothly and 
the rider will stay at the same height! The St. Louis Arch, 
which is 192 meters wide at the base and 192 meters tall, 
follows the form of a catenary, the exact formula for which 
is displayed inside the arch: y = 68.8 cosh (0.01x — 1), 
where cosh is the hyperbolic cosine function. 

The general equation of a catenary can be written 


y=k cosh(x/k), 


where & is a constant, or, in terms of the exponential 
function, 
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catenary The catenary curve. © Jan Wassenaar, www.2dcurves.com 


yoke + e")/2. 
In the special case where k = 1, these reduce to 
y =cosh(x) = (e* + &*)/2. 
In terms of a polynomial series 


y=05 (L+xt 07/2! 427/38! 4 x7/4l +...41-—x4+%7/2! 
= 207/314 x4/4!—...) 
=14+4x7/2!4x/4l4+x°/6!4+.... 


For small values of x the terms beyond x’/2! are very 
small, so that the equation closely approximates that of a 
parabola, as we have already seen. 


catenoid 

The surface of revolution produced when a catenary 
rotates about its central axis. The catenoid was first 
described by Leonhard Euler in 1740 and is the oldest 
known minimal surface (a shape of least area when 
bounded by a given closed space). It is the minimal sur- 
face connecting two parallel circles of unequal diameter 
on the same axis; soap film between two circular rings 
takes this form (see also bubbles). The catenoid is the 


only known minimal surface that is also a surface of rev- 
olution, and is one of only four minimal surfaces that 
have the topological properties of being unbounded, 
embedded, and non-periodic; the others are the simple 
plane, the helicoid, and Costa’s surface. 


cathetus 

A line that is perpendicular to another line. Usually, it 
refers to one of the lines in a right triangle that is not the 
hypotenuse. 


Cauchy, Augustin Louis, Baron (1789-1857) 

A French mathematician who founded complex analysis 
by discovering the Cauchy-Riemann equations and wrote 
789 papers—an output surpassed only by Leonhard 
Euler, George Cayley, and Paul Erdés. He coined the 
name for the determinant and systematized its study and 
gave nearly modern definitions of limit, continuity, and 
convergence. 


causality 

The relationship between causes and effects. An event or 
state of affairs A is the cause of an event B if A is the 
reason that brings about the effect B. For instance, one 
might say, “my pushing the gas pedal caused the car to 
go faster.” An important question in philosophy and 
other fields is how (and if) causes can bring about 
effects. In a strict reading, if 4 causes B, then A must 
always be followed by B. In this sense, for example, 
smoking doesn’t cause cancer. In everyday usage, we 
therefore often take “4 causes B” to mean “A causes an 
increase in the probability of B.” The establishment of 
cause and effect, even with this relaxed reading, is noto- 
riously difficult. The Scottish philosopher David Hume 
held that causes and effects are not real, but instead are 
imagined by our minds to make sense of the observation 
that A often occurs together with or slightly before B. 
All we can actually observe are correlations, not causa- 
tions. This is also expressed in the logical fallacy, “corre- 
lation implies causation.” For instance, the observation 
that smokers have a dramatically increased lung cancer 
rate doesn’t establish that smoking must be the cause of 
that increased cancer rate: maybe there exists a certain 
genetic defect which both causes cancer and a yearning 
for nicotine.!"4 


caustic 

The envelope of rays of light reflected (or refracted) by a 
given curve from a given point source of light; a catacaus- 
tic results from reflection, a diacaustic from refraction. 
Among the caustic curves of a circle are a lima, if the light 
source is nearby, a nephroid, if the source is at infinity, 
and a cardioid, if the source is on the circle. 
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Cavalieri’s principle 

If two solids have the same height and the same cross- 
sectional area at every level, then they have the same 
volume. This principle is named after the Italian mathe- 
matician Bonaventura Cavalieri (1598-1647). 


Cayley, Arthur (1821-1895) 

A British mathematician who made important contribu- 
tions to non-Euclidean geometry and the algebra of 
matrices (see matrix). The former eventually found its way 
into the study of the space-time continuum, the latter into 
a formulation of quantum mechanics by the German 
physicist Werner Heisenberg. Cayley was also far ahead of 
his time in pioneering the idea of abstract groups. 


Cayley number 
See octonion. 


Cayley’s mousetrap 

A permutation problem invented by Arthur Cayley. 
Write the numbers 1, 2,..., 2 ona set of cards and shuf- 
fle the deck. Start counting using the top card. If the card 
chosen does not equal the count, move it to the bottom 
of the deck and continue counting forward. If the card 
chosen does equal the count, discard the chosen card and 
begin counting again at 1. The game is won if all cards are 
discarded, and lost if the count reaches 7 + 1. The num- 
ber of ways the cards can be arranged such that at least 
one card is in the proper place for =1,2,..., are 1, 1, 
4, 15, 76, 455,.... 


Cayley’s sextic 
A sinusoidal spiral curve described by the Cartesian 
equation 


4(x? +.y* — ax) = 27a? (x? +’). 


It was discovered by Colin Maclaurin but was first stud- 
ied in detail by Arthur Cayley and named after him by 
R. C. Archibald in 1900. 


ceiling 

The largest value that something can take. The ceiling 
function of a number x is the smallest integer that is not 
smaller than x. 


cell 

(1) A three-dimensional object that is part of a higher- 
dimensional object, such as a polychoron. A cell is 
related to higher-dimensional objects in the way that a 
face, or (two-dimensional) polygon, is related to higher- 
dimensional objects. For example, a cell is to a Four- 
dimensional polytope, or polychoron, what a face is to a 
three-dimensional polytope, or polyhedron. Often poly- 


topes are classified simply by how many cells they have. 
For example, the tesseract has eight cells, each one of 
which is a cube. (2) The fundamental spatial unit oper- 
ated on by the rules of a cellular automaton during one 
generation. 


cellular automaton 

An array of cells that evolves according to a set of rules 
based on the states of surrounding cells; for example, a 
cell might be “on” if its four neighbor cells (east, west, 
north, and south) are also on. The entire array can self 
organize into global patterns that may move around the 
screen. These patterns can be quite complex even though 
they emerge from just a few very simple rules governing 
the connections among the cells. Cellular automata are 
the simplest models of spatially distributed processes. 
They were first investigated by John von Neumann in 
about 1952. Von Neumann incorporated a cellular model 
into his “universal constructor” and also proved that an 
automaton consisting of cells with four orthogonal 
neighbors and 29 possible states would be capable of 
simulating a Turing machine for some configuration of 
about 200,000 cells. The best-known cellular automaton 
is Life (see Life, Conway’s game of ). Another example is 
Langton’s ant. The study of cellular automata and their 
patterns has led to insights into the way structure is built 
up in biological and other complex systems, and for this 
reason forms part of the subject of artificial life. 


celt 

Also known as a rattleback, a simple ancient toy that 
behaves in a very counterintuitive way. When spun one 
way about its vertical axis, the celt spins for a long time. 
When spun the other way, however, a wobble quickly sets 
in that halts the rotation and then, incredibly, reverses it. 
In his 1986 paper on the subject, the British physicist 
Hermann Bondi wrote: “Many people, even trained sci- 
entists, find it hard to understand that the behaviour of 
the toy doesn’t violate the principle of conservation of 
angular momentum.”'” The celt’s remarkable antics stem 
from three factors: a curved base that has two different 
radii—one long radius for the lengthwise curve and one 
shorter radius for the tighter curve across the width; axes 
of symmetry that are skewed slightly from the principal 
axes of inertia; and a different distribution of mass about 
each of the two horizontal axes of inertia. To understand 
how the celt can switch direction halfway through its per- 
formance, think of the frictional force that acts at the 
point of contact between the celt and the surface. One 
component of the friction creates a torque (twisting 
force) that tends to rotate the celt about its vertical axis. 
The point of contact is moving all the time and the 
torque changes. If the inertial and symmetrical axes coin- 
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cided, the average torque over a single oscillation would 
be zero. But for the celt, there’s a net torque in one direc- 
tion, which reverses the angular momentum. See also 
Tippee Top. 


center of perspective 
The point where the lines joining corresponding points 
of two figures that are in perspective meet. 


centillion 
See large number. 


central angle 
The angle subtended at the center of a circle by an arc or 
a chord; in other words, the angle between two radii. 


centroid 

For a triangle, the point of intersection of the medians. 
For any other shape, the point where coordinates are the 
average of the coordinates of the shape’s vertices (see ver- 
tex). The centroid is the center of mass of a figure. 


century 

A period of 100 years. The original Latin centuria means 
simply “one hundred” and was used to describe any col- 
lection of 100 items. In the Roman army, a century was a 
group of 100 men, each known as a centurion. One of the 
few modern examples of “century” being used other than 
to denote a period of time is in the game of cricket where 
a batsman who scores 100 runs in an inning is said to 
have “made a century.” 


Ceva, Giovanni (1647-1734) 

A Jesuit-trained Italian mathematician who specialized in 
geometry. His greatest discovery, now known as Ceva’s 
theorem, can be stated as follows. Given a triangle with 
vertices (corners), A, B, and Cand points D, E, and F on 
the opposite sides, the lines AD, BE, and CF will inter- 
sect at a single point if BD x CEx AF=DCx EA x FB. 
The term cevian line was coined by French geometers 
around the end of the eighteenth century to honor Ceva. 
It is defined as any line joining a vertex of a triangle to a 
point on the opposite side. The median, altitude, and 
angle bisector are all examples of cevians. The perpen- 
dicular bisector, however, in most cases, is not a cevian 
because it doesn’t usually pass through a vertex. 


chained arrow notation 
See Conway’s chained arrow notation. 


Chaitin, Gregory (1947-) 
An American mathematician and computer scientist at 
IBM’s T. J. Watson Research Center who is the chief 


architect of a new subject known as algorithmic information 
theory, which has profound consequences for our ideas 
about randomness. In particular, because of the limita- 
tions of computers and the programs they run, Chaitin 
has shown that there is an inherent uncertainty or 
unknowability in mathematics that is similar to the 
uncertainty principle in physics. Although there are an 
infinite number of mathematical facts, they are, for the 
most part, unrelated to each other and impossible to tie 
together with unifying theorems. His powerful message is 
that most of mathematics is true for no particular reason; 
math is true by accident. See Chaitin’s constant. 


Chaitin’s constant 

A real number, represented by capital omega (Q) and also 
known as the Halting probability, whose digits are distrib- 
uted so randomly that no rule can be found to predict 
them. Discovered by Gregory Chaitin, Q is definable but 
not computable. It has no pattern or structure to it what- 
soever, but consists instead of an infinitely long string of 
zeros and ones in which each digit is as unrelated to its pre- 
decessor as one coin toss is to the next. Although called a 
constant, it is not a constant in the sense that, for example, 
pi is, since its definition depends on the arbitrary choice of 
computation model and programming language. For each 
such model or language, Q is the probability that a ran- 
domly produced string will represent a program that, when 
run, will eventually halt. To derive it, Chaitin considered 
all the possible programs that a hypothetical computer 
known as a Turing machine could run, and then looked 
for the probability that a program, chosen at random from 
among all the possible programs, will halt. He eventually 
showed that this halting probability turns Turing’s ques- 
tion of whether a program ever stops into a real number, 
somewhere between zero and one. He further showed that, 
just as there are no computable instructions for deciding in 
advance whether a computer will halt, there are also no 
instructions for determining the digits of Q. Omega is 
uncomputable and unknowable: we don’t know its value 
for any programming language and we never will. This is 
extraordinary enough in itself, but Chaitin has found that 
Q permeates the whole of mathematics, placing funda- 
mental limits on what we can know. 

And Q is just the beginning. There are more disturbing 
numbers called Super-Omegas, whose degree of random- 
ness is vastly greater even than that of Q. If there were an 
omnipotent computer that could solve the halting prob- 
lem and evaluate Q, this mega-brain would have its own 
unknowable halting probability called Q’. And if there 
were a still more godlike machine that could find , its 
halting probability would be 2”. These higher Omegas, it 
has been recently discovered, are not meaningless 
abstractions. Q’, for instance, gives the probability that 
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an infinite computation produces only a finite amount of 
output. Q” is equivalent to the probability that, during 
an infinite computation, a computer will fail to produce 
an output—for example, get no result from a computa- 
tion and move on to the next one—and that it will do this 
only a finite number of times. Omega and the Omega 
hierarchy are revealing to mathematicians an unsettling 
truth: the problems that we can hope ever to solve form 
a tiny archipelago in a vast ocean of undecidability." 


Champernowne’s number 

The first known normal number. It was discovered in 
1933 by the English mathematician David G. Champer- 
nowne and consists of a decimal fraction in which the 
decimal integers are written down in increasing order: 
0.12345678910111213 ... . Champernowne’s number has 
been proven to be a normal number in base 10 and also 
to be an irrational number. However, although its digits 
appear with equal frequency, the sequence of its digits are 
not unpredictable. An example of a number whose se- 
quence of digits zs unpredictable is Chaitin’s constant. 


chance 
See probability theory. 


change ringing 


The art of change ringing is peculiar to the English, 
and, like most English peculiarities, unintelligible 
to the rest of the world. To the musical Belgian, for 
example, it appears that the proper thing to do with 
a carefully tuned ring of bells is to play a tune upon 
it. By the English campanologist . . . the proper use 
of the bells is to work out mathematical permuta- 
tions and combinations. 

—Dorothy L. Sayers, The Nine Tailors 


The ringing of a set of bells in a precise relationship to 
one another to produce a pleasing sound. Bells are num- 
bered 1, 2, 3, 4,5... from lightest (highest-pitched) to 
heaviest. After each sequence, or round, the order of the 
bells is changed slightly in a predetermined way. With 5 
bells, there are 5 x 4 x 3 x 2 x 1, or 120, possible changes, 
which take about 4 minutes to ring. With 6, 7, or 8 bells, 
the number of unique changes is 720, 5,040, and 40,320, 
respectively. To produce pleasing variations in the sound, 
bells are made to change places with adjacent bells in the 
row, for example: 

123 45 67 8 

2143 65 8 7 
These rows are the musical notation of change ringing. 
No bell moves more than one place in the row at a time, 


although more than one pair may change in the same 





change ringing The “Plain Hunt Minimus” for four bells. The 
sequences for bells 1 and 3 are shown by lines. 


row. In order to ring a different row with each pull of the 
rope, ringers have devised methods for changing pairs in 
orderly ways. In ringing a method, the bells begin in 
rounds, ring changes according to the method, and 
return to rounds without repeating any row along the 
way. These place changes produce musical patterns, with 
the sounds of the bells weaving in and out. For example, 
a “Plain Hunt Minimus” with four bells is rung as shown 
in the diagram. 
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Experienced ringers test and extend their abilities by 
ringing peals: 5,000 or more changes without breaks or 
repeating a row. Peals customarily last about three hours. 
The first peal was rung in England in 1715. Chiming bells 
(swinging them through a short arc using a rope and a 
lever) goes well back into the Middle Ages, but it wasn’t 
until the seventeenth century that ringers developed the 
full wheel, which allowed enough control for orderly 
ringing. In 1668 Fabian Stedman published Tintinnalogia 
(The art of change ringing), containing all the available 
information on systematic ringing. The theory of change 
ringing set forth by Stedman has been refined in later 
years but remains essentially unchanged today. Bells for 
change ringing are hung in stout frames that allow the 
bells to swing through 360°. Each bell is attached to a 
wooden wheel with a handmade rope running around it 
and takes about 2 seconds to rotate. The bells are 
arranged in the frame so their ropes hang in a circle in the 
ringing chamber below. Into each rope is woven a tuft of 
brightly colored wool (a sally), which marks where the 
ringer must catch the rope while ringing. Bells are rung 
from the “mouth up” position. With a pull of the rope, 
the bell swings through a full circle to the up position 
again. With the next pull it swings back in the other 
direction. The plot of Dorothy Sayers’s The Nine Tailors 
(1934), considered one of her best works, revolves 
around the art of change ringing. 


chaos 


We adore chaos because we love to produce order. 
—M. C. Escher 


A phenomenon shown by some dynamical systems, 
which consists of a curious, infinitely complex pattern of 
behavior that lies just beyond the edge of total order. A 
system is chaotic if it is predictable in principle and yet is 
unpredictable in practice over long periods because its 
behavior depends very sensitively on initial conditions. 
Despite this unpredictability, however, there are certain 
constants, such as Feigenbaum’s constant, and certain 
structures, such as chaotic attractors, that are fixed and 
susceptible to analysis. The weather, the movements of a 
metal pendulum moving over fixed magnets, and the 
orbits of closely spaced moons are all examples of chaotic 
systems. Although the ideas behind modern chaos theory 
were actively studied at some level throughout most of 
the twentieth century, the word as a mathematical term 
dates only from an article in American Mathematical 
Monthly in 1975 called “Period Three Implies Chaos.” 

In everyday language, chaos has come to mean the 
exact opposite of order. But the Greek root khaox means 
“empty space” and this meaning still persists in archaic 
usage where it refers to a canyon or abyss. The evolution 


of the word to mean disorder seems to come from refer- 
ence to the time before God created the universe. Empty 
space was formless and the creation filled the emptiness 
and established order. Mathematical chaos represents an 
unexpected third state: a deterministic system subject to 
simple rules that nevertheless displays infinitely complex 
behavior.'*”! 


chaos tiles 
See Penrose tiling. 


chaotic attractor 

Also known as a strange attractor, a type of attractor (Le., 
an attracting set of states) in a complex dynamical sys- 
tem’s phase space that shows sensitivity to initial condi- 
tions. Because of this property, once the system is on the 
attractor, nearby states diverge from each other exponen- 
tially fast. Consequently, small amounts of noise are 
amplified. Once sufficiently amplified the noise deter- 
mines the system’s large-scale behavior and the system is 
then unpredictable. Chaotic attractors themselves are 
markedly patterned, often having elegant, fixed geometric 
structures, despite the fact that the trajectories moving 
within them appear unpredictable. The chaotic attractor’s 
geometric shape is the order underlying the apparent 
chaos. It functions in much the same way as someone 
kneading dough. The local separation of trajectories cor- 
responds to stretching the dough and the global attraction 
property corresponds to folding the stretched dough back 
onto itself. One result of the stretch-and-fold aspect of 
chaotic attractors is that they are fractals; that is, some 
cross section of them reveals similar structure on all scales. 


character theory 

The study of the traces (sums of the diagonal elements) 
of the matrix representations of a group. The informa- 
tion gained is listed in character tables, the properties of 
which give insight into the group’s properties. 


chess 

A game of strategy for two players that probably origi- 
nated in India, though the earliest documentary refer- 
ences are in Chinese and Persian texts in about A.D. 600. 
Each player has 16 pieces, either black or white, consist- 
ing of eight pawns, two rooks (also known as castles), two 
knights, two bishops, a queen, and a king. The object is 
to lay siege to the opposing king in such a way that it can- 
not escape attack—a position known as checkmate (from 
the Persian phrase Shab Mat, meaning “the king is dead”). 
There are 400 first-move combinations—20 for white x 20 
for black (though only 64 of these are regarded as strong), 
318,979,564,000 ways of playing the first four moves, and 
169,518,829,100,544,000 trillion ways of playing the first 
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chess An illumination from the Cantigas de Santa Maria (a thirteenth-century collection of songs) showing a chess game in 
progress. 


10 moves. The total number of possible board configura- 
tions is estimated at 10'”°; for comparison, that of Go is 
generally put at about 10. 

A standard chessboard is a square plane divided into 
64 smaller squares by straight lines at right angles. Origi- 
nally, it wasn’t checkered (that is, made with its rows and 
columns alternately of dark and light colors), and this 
feature was introduced merely to help the eye in actual 
play. In many puzzles based on chess the utility of check- 
ering is questionable, and the board may be generalized 
to any 7 Xn size. 

One of the first puzzles to use a chessboard was the 
wheat and chessboard problem, posed in 1256 by the 
Arabic mathematician Ibn Kallikan. Among the earliest 
problems to involve chess pieces, proposed by Guarini di 
Forli in 1512, asks how two white and two black knights 
can be interchanged, using normal knight’s moves, if they 
are placed at the corners of a 3 x 3 board. The unusual 
L-shaped movement of the knight is what makes one of 
the best known chess puzzles, the knight’s tour, such a 
challenge. Other standard puzzles, often called simply the 
kings problem, the queens puzzle, the rooks problem, 


the bishops problem, and the knights problem, ask for 
the greatest number of each of these pieces that can be 
placed on an 8 x 8 board or on a generalized ” x board 
without attacking each other, and/or the smallest number 
of each of these pieces that are needed to occupy or attack 
every square. Fairy chess is any variant on the standard 
game, which may involve a change in the form of the 
board, the rules of play, or the pieces used. For example, 
the normal rules of chess can be used but with a cylindri- 
cal or Mébius band connection of the edges. 


Chinese cross 
See burr puzzle. 


Chinese remainder theorem 

If there are 2 numbers, a, to a,, that have no factors in 
common (i.e., are pairwise relatively prime), then any 
integer greater than or equal to 0 and less than the prod- 
uct of all the numbers z can be uniquely represented by 
a series consisting of the remainders of division by the 
numbers 7. For example, if a, = 3 and a, = 5, the Chinese 
remainder theorem (CRI) says that every integer from 0 
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to 14 will have a unique set of remainders when divided 
separately by (modulo) 3 and 5. Listing out all the possi- 
bilities shows that this is true: 


0 has a remainder of 0 modulo 3 and a remainder of 0 
modulo 5. 

1 has a remainder of 1 modulo 3 and a remainder of 1 
modulo 5. 

2 has a remainder of 2 modulo 3 and a remainder of 2 
modulo 5. 

3 has a remainder of 0 modulo 3 and a remainder of 3 
modulo 5. 

4 has a remainder of 1 modulo 3 and a remainder of 4 
modulo 5. 

5 has a remainder of 2 modulo 3 and a remainder of 0 
modulo 5. 

6 has a remainder of 0 modulo 3 and a remainder of 1 
modulo 5. 

7 has a remainder of 1 modulo 3 and a remainder of 2 
modulo 5. 

8 has a remainder of 2 modulo 3 and a remainder of 3 
modulo 5. 

9 has a remainder of 0 modulo 3 and a remainder of 4 
modulo 5. 

10 has a remainder of 1 modulo 3 and a remainder of 
0 modulo 5. 

11 has a remainder of 2 modulo 3 and a remainder of 
1 modulo 5. 

12 has a remainder of 0 modulo 3 and a remainder of 
2 modulo 5. 


13 has a remainder of 1 modulo 3 and a remainder of 
3 modulo 5. 


14 has a remainder of 2 modulo 3 and a remainder of 
4 modulo 5. 


CRT enables problems such as the following to be solved: 
Find the two smallest counting numbers that will each 
have the remainders 2, 3, and 2 when divided by 3, 5, and 





7, respectively. It is said that the ancient Chinese used a 
variant of this theorem to count their soldiers by having 
them line up in rectangles of 7 by 7, 11 by 11, and so forth. 
After counting only the remainders, they solved the associ- 
ated system of equations for the smallest positive solution. 


Chinese rings 

One of the oldest known mechanical puzzles, the object 
of which is to remove all 2 rings from a horizontal loop 
of stiff wire, and/or put them back on the loop. On the 
first move it is possible to take up to two rings off the left 
end of the wire. One or both of those can then be slipped 
through the wire loop (from top to bottom). If both are 
removed then the fourth ring can be slipped over the 
end. If just one of the first two is removed, then the next 
step is to slip the third ring over the end. Subsequently, 
rings must be put back on to the wire loop in order to 
remove other rings, and this procedure is repeated over 
and over again. In general, the minimum number of 
moves needed is (2”*! — 2)/3 if wis even and (2”*' — 1)/3 
if m is odd. For example, with seven rings the solution 
takes 85 moves. Most of the solution is easy, as each 
move normally involves going forward or back to the pre- 
vious state. The key to a correct solution is the first step: 
if m is even, you must remove two rings; if 7 is odd, you 
must remove only one. The solution is similar to that of 
the Tower of Hanoi. In fact, Edouard Lucas, who in- 
vented the Tower of Hanoi, gave an elegant solution to 
the Chinese rings that uses binary arithmetic. 

Stewart Cullin, the noted nineteenth-century ethnolo- 
gist, relates that the puzzle was invented by the famous 
Chinese general Chu-ko Liang (A.D. 181-234), in the sec- 
ond century, as a present to his wife so that, in trying to 
solve it, she would have something to do while he was 
away at the wars. However, this is anecdotal and its ori- 
gins remain obscure. The earliest reference to it in Europe 
may be in about 1500 in the form of Problem 107 of the 
manuscript De Viribus Quantitatis by Luca Pacioli in 
which the description appears: “Do Cavare et Mettere una 
Strenghetta Salda in al Quanti Anelli Saldi, Difficil Caso” 
(Remove and put a little bar joined in some joined rings, 


Chinese rings An unusual 
example of Chinese rings in 
ivory, dating from the mid- 
nineteenth century. Sue & Brian 
Young/Mr. Puzzle Australia, 
www.mrpuzzle.com.au 
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difficult case). It was also mentioned by Girolamo Car- 
dan in the 1550 edition of his book De Subtililate from 
which comes the name Cardan’s rings, and was treated at 
length in mathematical terms by John Wallis in about 
1685. By the end of the seventeenth century, it had 
become popular in many European countries. French 
peasants used it to lock chests and called it baguenaudier, 
or “time-waster.” 


Chinese room 

An argument first put forward by the American philoso- 
pher John Searle (1932-) in 1980 in an attempt to show 
that the human mind is not a computer and that the 
Turing test is not adequate to prove that a machine can 
have strong artificial intelligence (strong AI)—in other 
words, can think in a humanlike way.”"7! In the Chinese 
room scenario, a person who understands no Chinese 
sits in a room into which written Chinese characters are 
passed. The person uses a complex set of rules, estab- 
lished ahead of time, to manipulate these characters, and 
pass other characters out of the room. The idea is that a 
Chinese-speaking interviewer would pass questions writ- 
ten in Chinese into the room, and the corresponding 
answers would come out of the room in Chinese. Searle 
maintains that if such a system could indeed pass a Tur- 
ing test, the person who manipulated the symbols would 
obviously not understand Chinese any better than he 
did before entering the room. 

Searle proceeds systematically to refute the claims of 
strong Al by positioning himself as the one who manip- 
ulates the Chinese symbols. The first claim is that a sys- 
tem able to pass the Turing test understands the input 
and output. Searle replies that as the “computer” in the 
Chinese room, he gains no understanding of Chinese by 
simply manipulating the symbols according to the for- 
mal program (the complex translation rules). The opera- 
tor in the room need not have any understanding of what 
the interviewer is asking, or of the replies that he is pro- 
ducing. He may not even know that there is a question- 
and-answer session going on outside the room. 

The second claim of strong AI to which Searle objects 
is the claim that the system explains human understand- 
ing. Searle asserts that since the system is functioning—in 
this case passing the Turing Test—and yet there is no 
understanding on the part of the operator, then the sys- 
tem does not understand and therefore could not explain 
human understanding. 


chiral 

Having different left-hand and right-hand forms; not 
mirror symmetric. For example, the swub cube (one of the 
Archimedean solids) is chiral, where as the ordinary 
cube is not. 


Chladni, Ernst Florens Friedrich (1756-1827) 

A German lawyer, musician (he was born in Leipzig in 
the same year as Mozart and died in the same year as 
Beethoven), and amateur scientist who founded the sci- 
ence of acoustics. While investigating musical tones, he 
had the inspired idea of making the sounds visible in a 
solid material. He spread fine sand over a glass or metal 
plate and set it into vibration with the bow of a violin by 
scraping the bow along one edge of the plate. The bow 
alternately stuck and slipped in rapid succession on the 
edge of the plate creating waves that moved across the 
plate and were reflected from the edges. These reflected 
waves became superimposed on the new waves coming 
from the bow edge, resulting in symmetrical patterns of 
nodal lines where the plate wasn’t moving. The type of 
pattern produced on a Chladni plate depends on a vari- 
ety of factors, including the point or points of support 
and their location; the point where the bow touches the 
plate; the frequency of the vibration, which is influenced 
by the speed the bow; and the shape and other properties 
of the plate itself. 


chord 
A straight line that joins two points on a curve. Most 
commonly, chord is used to mean a straight line segment 
joining, and included between, two points on a circle. In 
this more restricted sense it first appears in English in 
1551 in Robert Recorde’s The Pathwaie to Knowledge: 
“Defin., If the line goe crosse the circle, and passe beside 
the centre, then is it called a corde, or a stryngline.” 
Some surprising results emerge from moving chords. 
For example, take a chord in a circle C, and slide the 
chord around the circle so that the midpoint of the chord 
traces out a smaller concentric circle. Call the area 
between the two circles A(C). Now do the same thing 
with a larger circle C’ but with the same length chord. Is 
A(C’”) larger or smaller than A(C)? Surprisingly, they are 
the same. In other words A(C) doesn’t depend on what 
circle you start with, only the length of the chord. An 
even more amazing fact is that if you slide a chord of 
fixed length around any convex shape C so that the chord’s 
midpoint traces out another figure D, the area between C 
and D doesn’t depend on what shape you started with. 


chromatic number 

(1) In graph theory, the minimum number of colors 
needed to color (the vertices of) a connected graph so 
that no two adjacent vertices are colored the same. In the 
case of simple graphs, this so-called coloring problem can 
be solved by inspection. In general, however, finding the 
chromatic number of a large graph (and, similarly, an 
optimal coloring) is an NP-hard problem. (2) In topol- 
ogy, the maximum number of regions that can be drawn 


—p— 


circular cone 69 





on a surface in such a way that each region has a border 
in common with every other region. If each region is 
given a different color, each color will border on every 
other color. The chromatic number of a square, tube, or 
sphere, for example, is 4; in other words, it is impossible 
to place more than four differently colored regions on 
one of these figures so that any pair has a common 
boundary. “Chromatic number” also indicates the least 
number of colors needed to color any finite map on a 
given surface. Again, this is 4 in the case of the plane, 
tube, and sphere, as was proved quite recently in the solu- 
tion to the four-color map problem. The chromatic 
number, in both senses just described, is 7 for the torus, 
6 for the Mébius band, and 2 for the Klein bottle. See 
also Betti number. 


chronogram 

A phrase or sentence in which certain letters represent, 
cryptically, a date, epoch, or, in rare cases, a non-date 
number. For example, the chronogram “My Day Is 
Closed In Immortality” commemorates the death of 
Queen Elizabeth the First of England: the capital letters 
can be rearranged to give MDCIII, or 1603, the year in 
which she died. 


Church, Alonzo (1903-1995) 

An American logician and professor at Princeton Univer- 
sity who was an early pioneer of theoretical computer sci- 
ence. He is best known for his development, in 1934, of 
the so-called lambda calculus, a model of computation, 
and his discovery, in 1936, of an “undecidable problem” 
within it. This result preceded Alan Turing’s famous 
work on the halting problem, which also pointed out the 
existence of a problem unsolvable by mechanical means. 
Church and Turing then showed that the lambda calculus 
and the Turing machine, which is used in the halting 
problem, are equivalent in capability. They also demon- 
strated a variety of alternative “mechanical processes for 
computation” with equivalent computational abilities. 
See also Church-Turing thesis. 


Church-Turing thesis 

A logical/mathematical postulate, independently arrived 
at by Alan Turing and Alonzo Church, which asserts that 
as long as a procedure is sufficiently clear-cut and 
mechanical, there is some algorithmic way of solving it 
(such as via computation on a Turing machine). Thus, 
there are some processes or problems that are com- 
putable according to some set of algorithms, and other 
processes or problems that are not. A strong form of the 
Church-Turing thesis claims that all neural and psycho- 
logical processes can be simulated as computational 
processes on a computer. 


cipher 

(1) A cryptographic system (see cryptography) in which 
units of plain text of regular length, usually letters, are 
arbitrarily transposed (see transposition cipher) or sub- 
stituted (see substitution cipher) according to a prede- 
termined code, or a message written or transmitted in 
such a system. See also Caesar cipher and Beal cipher. 
(2) The mathematical symbol (0) for zero. 


circle 

The set of all points in a plane at a given distance, called 
the radius, from a fixed point, called the center. A circle is 
a simple closed curve that divides the plane into an inte- 
rior and exterior. It has a perimeter, called a circumference, 
of length 2zr and encloses an area of mr’. In coordinate 
geometry a circle with center (%p, yo) and radius 7 is the set 
of all points (x,y) such that: 


(x-x) + Q-yh =r? 


“Circle” comes from the Latin circus, which refers to a 
large round or rounded oblong enclosure in which the 
famous Roman chariot races were held. 

A line cutting a circle in two places is called a secant. The 
segment of a secant bound by the circle is called a chord, and 
the longest chord is that which passes through the center 
and is known as a diameter. The ratio of the circumference to 
the diameter of a circle is pi. The length of a circle between 
two radit is called an arc; the ratio between the length of an 
arc and the radius defines the angle between two radii in 
radians. The area bounded by two radii and an arc is known 
as a sector. A line touching a circle in one place is called a tan- 
gent. Tangent lines are perpendicular to radii. In affine 
geometry all circles and ellipses become congruent, and in 
projective geometry the other conic sections join them. A 
circle is a conic section with eccentricity zero. In topology 
all simple closed curves are homeomorphic to circles, and 
the word circle is often applied to them as a result. The three- 
dimensional analog of the circle is the sphere, and the four- 
dimensional analog is the hypersphere. 


circle involute 

The simplest kind of spiral to draw and understand. It is 
the path that a goat, tethered to a post, would follow if it 
walked around and around in the same direction, keep- 
ing its tether taught until it wound its way to the center. 
The radial distance between adjacent loops of the spiral is 
equal to the circumference of the central circle. Except 
for the innermost loop, the circle involute is hard to dis- 
tinguish from the Archimedean spiral, though the two 
curves are never identical. 


circular cone 
A cone whose base is a circle. 
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circular helix 
See helix. 


circular prime 

A prime number that remains prime on any cyclic rota- 
tion of its digits. An example (in the decimal system) is 
1,193 because 1,931, 9,311, and 3,119 are also prime. 
Any one-digit prime is circular by default. In base ten, 
any circular prime with two or more digits can only con- 
tain the digits 1, 3, 7, and 9; otherwise when 0, 2, 4, 5, 6, 
or 8 is rotated into the units place, the result can be 
divided by 2 or 5. The only circular primes known, listing 
just the smallest representative from each cycle, are: 2, 3, 
5, 7% 11, 13, 17, 37, 79, 113, 197, 199, 337, 1,193, 3,779, 
11,939, 19,937, 193,939, 199,933, Rio, Ros, Rsi7, Rios: and 
possibly Ryoos;. These last five are the known rep-unit 
primes and probable primes. It’s generally believed that 
there are infinitely many rep-unit primes, so there should 
be infinitely many circular primes. But it’s very likely that 
all circular primes not on the list above are rep-units. 


circumcenter 

The center of a circle that passes through the vertices (see 
vertex) of a given polygon, usually a triangle. For a trian- 
gle, it is the same as the point of intersection of the per- 
pendicular bisectors of the three sides. 


circumcircle 

The circle that passes through all three vertices (see 
vertex) of a given triangle. It is said to circumscribe the 
triangle. 


circumference 

The distance around the outside of a circle. The word 
comes the Latin circus (“circle”) and ferre (“to carry”), thus 
means “to carry around.” 


cissoid 

Given a fixed point A and two curves C and D, the cis- 
soid of the two curves with respect to A is constructed as 
follows: pick a point P on C, and draw a line / through P 
and A. This cuts D at Q, Let R be the point on /such that 
AP= QR. The locus of R as P moves on C is the cissoid. 
The name cissoid, meaning “ivy-shaped,” first appears in 
the work of Geminus in the first century B.C. 

A special case of this curve, now known as the cissoid of 
Diocles, was first explored by Diocles in his attempt to 
solve the classical problem of duplicating the cube. 
Later investigators of the same curve include Pierre de 
Fermat, Christiaan Huygens, John Wallis, and Isaac 
Newton. The cissoid of Diocles is traced out by the ver- 
tex of a parabola as it rolls, without slipping, on a second 
parabola of the same size. It has the Cartesian equation 


cissoid The cissoid of Diocles. © Jan Wassenaar, 
www.2dcurves.com 


yy? =x?/(2a- x). 


Interestingly, Diocles investigated the properties of the 
focal point of a parabola in On Burning Mirrors (a similar 
title appears in the works of Archimedes). The problem, 
then as now, is to find a mirror surface such that when it 
is placed facing the Sun, it focuses the maximum amount 
of heat. 


classification 

The goal in a branch of mathematics of providing an 
exhaustive list of some type of mathematical object 
with no repetitions. For example, the classification of 
3-manifolds is one of the outstanding problems in topol- 
ogy. With the advent of computers, one weak but precise 
way to state a classification problem is to ask whether 
there is an algorithm to determine whether two given 
objects are equivalent. 


clelia 

Also known as a clele curve, the locus of a point P that 
moves on the surface of a sphere in such a way that /0 
is constant, where @ and 8 are the longitude and colati- 
tude (the angular distance from a pole). 
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Clifford, William Kingdon (1845-1879) 

An English mathematician who studied non-Euclidean 
geometry and topology. In 1870, he wrote On the Space 
Theory of Matter in which he argued that energy and mat- 
ter are simply different types of curvature of space—a 
remarkably advanced idea that would come to fruition in 
Einstein’s general relativity theory. Although small of 
build Clifford was remarkably strong and able to do one- 
armed chin-ups. His death at an early age was the result 
of overwork and exhaustion. 


clock puzzles 
The earliest known clock problem was posed in 1694 
by Jacques Ozanam in his Récréations mathématiques et 


physiques. 


PUZZLES 
Here are two clock puzzles invented by Lewis Carroll: 

1. A clock has hour and minute hands of the same 
length and no numerals on its face. At what time 
between 6 and 7 o'clock will the time on the 
clock appear to be the same as the time read on 
the reflection of the clock in a mirror? 

2. Which has a better chance of giving the right time: 
a clock that has stopped or one that loses a 
minute every day? 

And here is another from Henry Dudeney’s Amuse- 
ments in Mathematics called “The Club Clock”: 

3. One of the big clocks in the Cogitators’ Club was 
found the other night to have stopped just when 
the second hand was exactly midway between 
the other two hands. One of the members pro- 
posed to some of his friends that they should tell 
him the exact time when (if the clock had not 
stopped) the second hand would next again have 
been midway between the minute hand and the 
hour hand. Can you find the correct time that it 
would happen? 

Solutions begin on page 369. 


closed 

A closed curve is one that has no endpoints so that it com- 
pletely encloses a certain area. A closed interval, which cor- 
responds to a closed set, is an interval that includes its 
endpoints. 


cochleoid 

A spiral curve that was first studied by J. Peck in 1700 and 
Bernoulli in 1726. Its name, meaning “snail-form” 
(kochlias is Greek for “snail”), was coined by Benthan and 
Falkenburg in 1884. It can be constructed starting from a 
point O on the y-axis. For all circles through O (tangent 


cochleoid A cochleoid inside the circle used to construct it. 
© Jan Wassenaar, www.2dcurves.com 


to the y-axis), pace a constant distance on the circle. The 
collection of those points is the cochleoid. In Cartesian 
coordinates, it is given by the formula 


(x? +.y’) tan (y/x) = ay 
and in polar coordinates by 
r=asin0/ 0. 


The points of contact of parallel tangents to the cochleoid 
lie on a strophoid. 


code 
See cipher. 


codimension 

In general, if a mathematical object sits inside or is asso- 
ciated with another object of dimension », then it is said 
to have codimension & if it has dimension x — k. 


coding theory 

The branch of mathematics concerned with sending data 
across noisy channels and recovering the message. Whereas 
cryptography is about making messages hard to read, cod- 
ing theory focuses on making messages easy to read. The 
basic problem is that messages, in the form of binary digits 
or bits (strings of 0 or 1) have to be sent along a channel 
(such as a phone line) in which errors occur randomly, but 
at a predictable overall rate. To compensate for the errors, 
more bits have to be sent than are contained in the original 
message. The easiest way to detect errors in binary data is 


72. codomain 





the parity code, which inserts an extra parity bit after every 
7 bits from the source message. To correct as well as detect 
errors, the data has to be retransmitted. A simple way to do 
this is to repeat each bit a set number of times. The recipi- 
ent sees which value, 0 or 1, occurs more often and 
assumes that to be the intended bit. This method can cope 
with error rates up to 1 error in every 2 bits transmitted but 
it means that an awful lot of extra bits have to be sent. 

In 1948, Claude Shannon at Bell Labs began the sub- 
ject of coding theory by proving the minimum number 
of extra bits that had to be transmitted to encode mes- 
sages but without showing ways to find these optimal 
codes. Two years later, Richard Hamming, also at Bell 
Labs, gave details of error-correcting codes with informa- 
tion transmission rates more efficient than simple repeti- 
tion. His first code, in which four data bits were followed 
by three check bits, allowed not only the detection but 
the correction of a single error. 

While Shannon and Hamming were involved with 
information transmission in the United States, John 
Leech devised similar codes while working on group the- 
ory at Cambridge University. This research also took in 
the sphere packing problem and culminated in the amaz- 
ing, 24-dimensional Leech lattice, the study of which 
proved crucial to understanding and classifying finite 
symmetry groups. The value of error-correcting codes for 
information transmission, both on Earth and from space, 
was immediately grasped, and a variety of codes were 
constructed that boosted both economy of transmission 
and error-correction capacity. Between 1969 and 1973 the 
NASA Mariner probes used a powerful Reed-Muller code 
capable of correcting 7 errors out of 32 bits transmitted. 
A less obvious application of error-correcting codes came 
with the development of the compact disk on which the 
signal is encoded digitally. To guard against scratches and 
other damage, two interleaved codes that can correct up 
to 4,000 consecutive errors are used. By the late 1990s the 
goal of finding explicit codes that reach the limits pre- 
dicted by Shannon’s original work had been achieved. 


codomain 

For a given function or mapping, a set within which the 
values of the function lie. This is different from the set of 
values, known as the range, that the function actually takes. 


coefficient 

A number or other factor that multiplies a variable. For 
example, in the equation 3x — 4ky = 8, the 3 and 4k are 
coefficients of the variables x and_y. The word combines 
three elements, the Latin facere (“to do”), and the prefixes 
ex (“out”) and co (“with”), to give the overall meaning of 
joining two things together to bring about a result. The 
sixteenth-century mathematician Francois Vieta may 


have coined the word, but it was not commonly used 
until around the beginning of the eighteenth century. 


Coffin, Stewart T. 

A leading designer of mechanical puzzles. He is also 
the author of The Puzzling World of Polyhedral Dissec- 
tions," one of the most significant works produced on 
this subject. 


cohomology 

A subject that involves calculating algebraic invariants of 
topological spaces that are formally dual to homology. 
The invariants obtained are in general more powerful than 
those given by homology and usually have more algebraic 
structure. Generalized cohomology theories, both for topologi- 
cal spaces and for purely algebraic structures, have been 
developed that have some of the formal properties of 
cohomology but which don’t have the same geometric 
background. 


coin paradox 

Consider two round coins of equal size. Imagine holding 
one still and then rolling the other coin around it, mak- 
ing sure that it doesn’t slip and that the rims are touching 
at all times. How many times will the moving coin have 
rotated after it has completed one revolution of the sta- 
tionary coin? Most people believe that the answer will be 
once and are therefore surprised to discover that the 
truth is in fact twice. 


coincidence 

What an amazing coincidence! Well, not really. Coinci- 
dences are bound to happen. In a world where there are 
a great many potential coincidences each with a small 
probability of happening, someone, somewhere is going 
to see one—and be amazed by it. The fact that there are 
countless numbers of noncoincidences and many people 
who don’t see a significant coincidence in the same 
period of time is overlooked. Also, we tend to underesti- 
mate the probabilities of coincidences in certain situa- 
tions and are therefore more surprised than we should be 
when coincidences happen. A classic example of this is 
the birthday paradox. 

Obviously some things are extraordinarily unlikely. 
What are the chances, for example, of a meteorite hitting 
your car? Next to nothing, but not quite nothing. There 
are a lot of cars and there are dozens of meteorites that 
strike Earth every day. Sooner or later, it’s bound to hap- 
pen. In fact, it did happen to Michelle Knapp’s Chevy 
Malibu parked outside her home in Peekskill, New York, 
on the evening of October 9, 1992. A 12-kilogram space 
rock smashed through the car’s trunk and ended up on 
the driveway below. 
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Does coincidence completely explain away all events 
that might otherwise be put down to precognition? On 
April 15, 1912, the SS Titanic sunk on her maiden voyage, 
having been holed by an iceberg, and over 1,500 people 
died. Fourteen years earlier a novel had been published by 
Morgan Robertson that seemed to foretell the disaster. 
The book described a ship the same size as Titanic that 
struck an iceberg on its maiden voyage on a misty April 
night. The name of Robertson’s fictional ship was the 
Titan. Mere happenstance or evidence of something 
deeper? Numerologists often spot matchups that would 
go unnoticed by the rest of us. Is it so strange that there are 
almost exactly 500 million inches in the pole-to-pole 
diameter of Earth? Not if you work in centimeters. And 
should we make such a fuss over the fact that the speed of 
light is within 0.1% of 300,000 kilometers per second 
when we give no attention to the miles-per-second value 
of 186,282? Yet, surely, there can be no doubt that Shake- 
speare wrote the Bible. The King James Version was pub- 
lished in 1611, when Shakespeare was 46 years old. Look 
up Psalm 46. Count 46 words from the beginning of the 
Psalm. You will find the word “Shake.” Count 46 words 
from the end of the Psalm. You will find the word “Spear.” 
To some, an obvious coded message. See also thirteen. 


Collatz problem 

A problem first posed by the German mathematician 
Lothar Collatz (1910-1990) in 1937, that is also known var- 
iously as the 32+ 1 problem, Kakutani’s problem, the Syracuse 
problem, Thwaites’ conjecture, and Ulam’s conjecture. It rans as 
follows. Let 2 be any integer. (1) If 2 is odd, put 2 equal to 
3n+ 1; otherwise, put 2 equal to 2/2. (2) Ifz = 1, stop; oth- 
erwise go back to step 1. Does this process always terminate 
(.e., end in 1) for any value of 2? To date, this question 
remains unanswered, though the process has been found to 
stop for all z up to 5.6 x 10”. British mathematician Bryan 
Thwaites (1996) has offered a £1,000 reward for a resolu- 
tion of the problem. However, John Conway has shown 
that Collatz-type problems can be formally undecidable, 
so it not known ifa solution is even possible. The members 
of sequences produced by the Collatz problem are some- 
times known as hailstone sequences.'“ 


combination 

A set of objects selected without reference to the order in 
which they are arranged. Compare with permutation. 
See also binomial coefficient. 


combinatorics 

The study of the ways of choosing and arranging objects 
from given collections and the study of other kinds of 
problems relating to counting the number of ways to do 
something. 


commensurable 

Two lines or distances are commensurable if the ratio of 
their lengths is a rational number. If the ratio is an irra- 
tional number, they are called incommensurable. 


common fraction 
A fraction that consists of the quotient of two integers. 


communication theory 
See information theory. 


commutative 
Two numbers, x and z, are said to be commutative under 


addition if 
x+y=ytx 
and to be commutative under multiplication if 


xxXy=yXy. 
In general, two elements a and b of a set S are commuta- 


tive under the binary operation (an operation that works 
on two elements at a time) * if 


a*b=b* b. 


Compare with associative and distributive. 


complement 

That which is needed to complete something. For in- 
stance, the complement of a number is what needs to be 
added to it to make a specified value; the complement of 
an angle is the angle required to turn it into a right angle. 
The complement of a set is composed of all the elements 
that are not members of that set. 


complete 

Describes a formal system in which all statements can be 
proved as being true or false. Most interesting formal sys- 
tems are not complete, as demonstrated by Gédel’s in- 
completeness theorem. 


complete graph 

A connected graph in which exactly one edge connects 
each pair of vertices (see vertex). A complete graph with 
n vertices, denoted K,, has m(z — 1)/2 edges (i-e., the wth 
triangular number), (7 — 1)! Hamilton circuits, and a 
chromatic number of z. Every vertex in K, has degree 
n — 1; therefore K, has an Euler circuit if and only if 
n is odd. In a weighted complete graph, each edge has a 
number called a weight attached to it. Each path then 
has a total weight, which is the sum of the weights of 
the edges in the path. See also traveling salesman 
problem. 
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complex adaptive system (CAS) 

A nonlinear, interactive, complex system with the ability 
to adapt to a changing environment. CASs evolve by ran- 
dom mutation, self-organization, the transformation of 
their internal models of the environment, and natural 
selection. Examples include living organisms, the nervous 
system, the immune system, the economy, corporations, 
and societies. In a CAS, semiautonomous agents interact 
according to certain rules of interaction, evolving to maxi- 
mize some measure like fitness. The agents are diverse in 
form and capability and they adapt by changing their rules 
and, hence, behavior, as they gain experience. CASs evolve 
historically—their experience determines their future tra- 
jectory. Their adaptability can either be increased or de- 
creased by the rules shaping their interaction. Moreover, 
unanticipated, emergent structures can play a determining 
role in the evolution of such systems, which is why they are 
highly unpredictable. On the other hand, CASs have the 
potential of a great deal of creativity that was not pro- 
grammed into them from the beginning. 


complex analysis 

The study of functions of a complex variable. Often, the 
most natural proofs for statements in real analysis or 
even number theory use techniques from complex anal- 
ysis. Unlike real functions, which are commonly repre- 
sented as two-dimensional graphs, complex functions 
have four-dimensional graphs and may usefully be illus- 
trated by color-coding a three-dimensional graph to sug- 
gest four dimensions. 


complex number 

A real number plus a real number times the square root 
of —1; in other words, a number of the form z= a+ 1, 
where a and bare real and i= V1. The term ib is known 
as an imaginary number or the zmaginary part of the com- 
plex number a + ib; a is called the real part. The names 
“complex,” “real,” and “imaginary,” which came about 
historically, are totally misleading because complex num- 
bers are not particularly complex and imaginary numbers 
are no less real than real numbers! Another way to repre- 
sent a complex number is as an ordered pair of real num- 
bers (a, 4) together with the operations: (a, b) + (¢ d) = 
(a+c,b+d) and (a, b) x (6 d) = (ac— bd, bc + ad). Alter- 
natively, complex numbers can be shown as points on an 
Argand diagram (a representation of the complex plane) in 
which the horizontal axis is the real number line and the 
vertical axis represents all possible purely imaginary num- 
bers. Any point that appears on the complex plane off 
axis has both real and imaginary parts. On an Argand 
diagram a complex number can also be shown as a vector, 
or directed line segment (a line of a certain length with an 
arrow), extending from the origin (0 + 02) to the number 


(a+ bi). The absolute value or magnitude of a complex num- 
ber z, thought of as a point on a plane, is its Euclidean dis- 
tance from the origin, and is denoted |z|; this is always a 
nonnegative real number. Algebraically, if z= a+ ib, we 
can define |z| = V(a’ + 3’). If the complex number z is 
written in polar coordinates z=re’*, then |z| = r. 

Complex numbers are a natural extension of real num- 
bers and form what is called an algebraically closed field. 
Because of this, mathematicians sometimes consider the 
complex numbers to be more “natural” than the real 
numbers: all polynomial equations have solutions 
among the complex numbers, which is not true for the 
real numbers. Complex numbers are used in electrical 
engineering and other branches of physics as a conve- 
nient description for periodically varying signals. In an 
expression z = re? one may think of r as the amplitude 
and @ as the phase of a sine wave of given frequency. In 
special and general relativity theory, some formulas for 
the metric on space-time become simpler if the time 
variable is taken to be imaginary. 


complex plane 
See Argand diagram. 


complex system 

A collection of many simple nonlinear units that operate 
in parallel and interact locally with each other so as to 
produce emergent (see emergence) behavior. 


complexity 
A phenomenon that has two distinct and almost opposite 
meanings. The first, and probably the oldest mathemati- 
cally, goes back to Andrei Kolmogorov’s attempt to give 
an algorithmic foundation to notions of randomness and 
probability and to Claude Shannon’s study of communica- 
tion channels via his notion of information. In both cases, 
complexity is synonymous with disorder and a lack of struc- 
ture. The more random a process, the greater its complexity. 
An ideal gas, for example, with its numerous molecules 
bouncing around in complete disarray, is complex as far as 
Kolmogorov and Shannon are concerned. Thus, in this 
sense, complexity equates to the degree of complication. 
The second, and more recent notion of complexity 
refers instead to how structured, intricate, hierarchical, 
and sophisticated a natural process is. In particular, it’s a 
property associated with dynamical systems in which 
new, unpredictable behavior arises on scales above the 
level of the constituent components. The distinction 
between these two meanings can be revealed by answer- 
ing a simple question about a system: Is it complex or is 
it merely complicated? Measures of complexity include 
algorithmic complexity, fractal dimensionality; Lya- 
punovy fractals, and logical depth. 
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complexity theory 

A part of the theory of computation that has to do with 
the resources needed to solve a given problem. The most 
common resources are time (how many steps it takes to 
solve a problem) and space (how much memory it takes to 
solve a problem). Complexity theory differs from com- 
putability theory, which deals with whether a problem 
can be solved at all, regardless of the resources required. 


composite number 

A positive integer that can be factored into smaller posi- 
tive integers, neither of which is one. If a positive integer 
is not composite (4, 6, 8, 9, 10, 12, ...) or one, then it is 
a prime number (2, 3, 5, 7, 11, 13, 17, . . .). As Karl Gauss 
put it in his Disquisitiones Arithmeticae (1801): “The prob- 
lem of distinguishing prime numbers from composite 
numbers and of resolving the latter into their prime fac- 
tors is known to be one of the most important and useful 
in arithmetic.” One reason for its importance today is 
that many secret codes and much of the security of the 


Internet depends in part on the relative difficulty of fac- 
toring large numbers. But more basic to a mathematician 
is that this problem has always been central to number 
theory. Numbers that, for their size, have a lot of factors 
are sometimes referred to as highly composite numbers. 
Examples include 12, 24, 36, 48, 60, and 120. 


compound polyhedron 

An assemblage of two or more polyhedra, usually inter- 
penetrating and having a common center. There are two 
types: a combination of a solid with its dual and an inter- 
penetrating set of several copies of the same polyhedron. 
The simplest example of a compound polyhedron is the 
compound of two tetrahedra, known as the stella octan- 
gula and first described by Johannes Kepler. This shape is 
unique in that it falls under both of the above classes, 
because the tetrahedron is the only self-dual uniform 
polyhedron; the edges of the two tetrahedra form the 
diagonals of the faces of a cube in which the stella octan- 
gula can be inscribed. 





compound polyhedron A compound of duals: the cube and the octahedron. Robert Webb, www.software3d.com; created using Webb's Stella 
program 

















The. Zulu shaman Credo Mutwa 
painted the image of this “Nordic” 
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compound polyhedron A compound polyhedron of three cubes (left), such as that used in Escher’s picture “Waterfall.” The 
compound of four cubes (right) is also known as Bakos’s compound. Robert Webb, wwwsoftware3d.com; created using Webb’s Stella program 


Another example of a compound follows from an 
important Platonic relationship: a cube can be inscribed 
within a dodecahedron. There are five different posi- 
tions for a cube within a dodecahedron; superimposing 
all five gives the compound known as the rhombic triacon- 
tabedron. 


compressible 
Having a description that is smaller than itself; not ran- 
dom; possessing regularity. 


computability theory 

The part of the theory of computation that deals with 
problems that are solvable by algorithms or—what 
amounts to the same thing—by Turing machines. Com- 
putability theory is concerned with four main questions: 
What problems can Turing machines solve? What other 
systems are equivalent to Turing machines? What prob- 
lems require more powerful machines? What problems can 


be solved by less powerful machines? Not all problems can 
be solved computationally. An undecidable problem is one 
that can’t be solved by any algorithm, no matter how much 
time, processing speed, or memory is available. Many 
examples are known, one of the most famous of which is 
the Halting problem. See also cellular automaton. 


computable number 

A real number for which there is an algorithm that, 
given 7, calculates the mth digit. Alan Turing was the first 
to define a computable number and the first to prove 
that almost all numbers are uncomputable. An example 
of a number that, even though well-defined, is uncom- 
putable is Chaitin’s constant. 


concave 

Curved inward, like the inner surface of a sphere; the word 
comes from the Latin concavus for “hollow.” A figure, such 
as a polygon or polyhedron, is said to be concave if a line 
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segment joining any points inside the figure goes outside 
the figure. Similarly, a set is concave if it doesn’t contain 
all the line segments connecting any pair of its points. 


conchoid 

A shell-shaped curve. Given a point A and a curve C, if we 
pick a point O on C and draw a line L through A and Q 
and mark points P and P’ on L at some fixed distance in 
either direction from Q, then the locus of P and P’ as 0. 
moves on C is a conchoid. The conchoid of Nichomedes is a 
conchoid in which the given line is a straight line; that is, 
given a line Cand a point A we pick a point O on C, draw 
a line L through A and Q, and mark P and P’ on L at 
some fixed distance from Q, The conchoid of Nicomedes 
is the locus of P and P’ as O moves along C. It has the 
polar equation R=a sec + k. The conchoid of de Sluze is the 
curve with the Cartesian equation a(x — a)(x? +.y”) = k’x’. 


cone 

A shape (its name comes from the Greek konos for 
pinecone) that has a circular or elliptical base and a ver- 
tex, also known as an apex, lying outside the plane of the 
base and that is formed from all the line segments joining 
points on the edge of the base to the vertex. If the base is 
a circle, the shape is a circular cone; if the line, or axis, from 
the center of the base to the vertex is perpendicular to the 
base, then it is a right cone (an ice-cream cone is a right cir- 
cular cone); otherwise it’s an oblique cone. The curved lat- 
eral surface of the cone is called a mappe. If the cone is 
extended in both directions from the vertex, the result is a 
double cone or bicone. A section through a double cone that 
has been extended indefinitely in both directions to form 
a conic surface is known as a conic section. Another way to 
think of a cone is as a surface of revolution generated by 
a line that rotates around a fixed point, at a fixed angle 
from another line (the axis), both lines passing through 
that fixed point. The volume of a cone, of perpendicular 
height 4 and circular base of radius x is 5 m7r7h. 

Take a solid cylinder of radius 7 and height 27, Remove 
the right double cone that passes through the center of 
the cylinder and extends to meet the circular disks on the 
cylinder’s top and bottom. Interestingly, the volume of 
the remaining object and the volume of a sphere of 
radius r are the same. 


PUZZLE 
The Cone Puzzle (no. 202) from Henry Dudeney’s 
Amusements in Mathematics® runs as follows: “I have 
a wooden cone. How am | to cut out of it the greatest 
possible cylinder?” 

Solutions begin on page 369. 


conformal mapping 

A map from the plane to itself that preserves angles. Con- 
formal mapping results in the angle between any two 
curves being the same as the angle between their images. 
The Mercator map is a conformal map of Earth’s surface. 


congruent 
In the case of geometric figures, having exactly the same 
shape and size. 


congruum problem 

Find a square number x’ such that, when a given number 
h is added or subtracted, new square numbers are 
obtained, so that x* + h=a and x’ - =D’. This problem 
was posed by the mathematicians Théodore and Jean de 
Palerma in a mathematical tournament organized by 
Frederick II in Pisa in 1225. The solution is x = m7 + n? 
and 4 = 4mn(m? — n’), where m and n are integers. 


conic section 

An important, familiar, and ubiquitous family of curves 
obtained by slicing a right circular double cone, extended 
indefinitely in both directions, with a plane. Depending 
on the angle of the slice to the axis of the cone, the result- 
ing curve may be a circle, an ellipse, a parabola, or a 
hyperbola. The circle is a limiting case of the ellipse, 
when the slice is made at right angles to the axis, while the 
parabola is the limiting case of both the ellipse and the 
hyperbola, when the slice is made parallel to the side of 
the cone. The name conic sections comes from the eight- 
volume work Conics (Kwvika) by Apollonius, who also 
gave us the names ellipse, parabola, and hyperbola. 

Another geometric way to define the conics is as the 
locus of all points in the plane whose distances, 7, from a 
fixed point called the focus, and a, from a given straight 
line called the directrix, have a constant ratio. This ratio, 
r/a, is known as the eccentricity, e. The circle has an eccen- 
tricity of zero. As the eccentricity increases from near 
zero, corresponding to a nearly circular ellipse, the ellipse 
stretches until the right-hand side of it disappears to 
infinity, e becomes 1, and the ellipse turns into a 
parabola, with just one open branch. Like the circle, the 
parabola has only one shape, though it may look differ- 
ent depending on how much it is enlarged or diminished. 
As the eccentricity increases beyond 1, the “lost” right- 
hand end of the ellipse reappears from the other side of 
infinity, so to speak, and turns into the left-hand branch 
of a hyperbola. 

Because a hyperbola is effectively an ellipse split in two 
by infinity, it comes as no surprise that these curves 
are related in an inverse way. An ellipse consists of all 
points whose distances from two foci have a constant 
sum, while a hyperbola is made from all points whose 
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conic section The circle, ellipse, parabola, and hyperbola, 
obtained by slicing a right double cone in various ways. 








distances from two foci have a constant difference. These 
definitions also apply to the circle and the parabola, if 
the two foci are considered to coincide in the case of the 
circle and to be separated by an infinite distance in the 
case of the parabola. 

In terms of algebra, the family of conics represents all 
the possible real number solutions to the general qua- 
dratic equation ax’ + bxy + oy + dx + ey + f= 0. In other 
words, the graph of any quadratic with real solutions is 
always a conic section. The key quantity is the difference 
b’ — 4ac. If this is less than zero, the graph is an ellipse, a 
circle, a point, or no curve. If b’ — 4ac = 0, the graph is a 
parabola, two parallel lines, one line, or no curve; if it is 
greater than zero, the graph is a hyperbola or two inter- 
secting lines. 


conical helix 
See helix. 


conjecture 

A mathematical statement that has been put forward as a 
true statement, but that no one has yet been able to 
prove or disprove; in mathematics, a conjecture and a 
hypothesis are essentially the same thing. When a con- 
jecture has been proven to be true, it becomes known as 
a theorem. Famous conjectures include the Riemann 
hypothesis, the Poincaré conjecture, the Goldbach 
conjecture, and the twin primes conjecture. Just to show 
how terminology can be used inconsistently, however, 
the most famous of all conjectures, for centuries before 
its proof in 1995, was always known as Fermat’s last the- 
orem! 


conjugate 

(1) Conjugate angles add up to 360°. (2) The complex conju- 
gate of a complex number a + Ui is a — bi. (3) Conjugate 
lines of a conic section have the property that each con- 
tains the pole point of the other, while conjugate points of 
a conic have the property that each lies on the polar line 
of the other. In general, conjugate indicates that there is 
a symmetrical relationship between two objects A and B; 
in other words, there is an operation that will turn 4 into 
Band B into A. 


connected 

A space S is said to be connected if any two points in S 
can be connected by a curve lying wholly within S. Two 
spaces can be added by what is called a connected sum. 
Roughly speaking, this involves pulling out a disk from 
each surface, creating holes, and then sewing the two sur- 
faces together along the boundaries of the holes. In this 
way, a one-holed torus can be added to a two-holed torus 
to give a three-holed torus; alternatively, a projective 
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plane can be added to a projective plane to give a Klein 
bottle. The operation is commutative and associative 
and there is even an identity element: for example, 
adding a sphere to any surface simply returns the same 
surface. See also simply connected. 


connected graph 

A graph in which a path exists between all pairs of ver- 
tices (see vertex). If the graph is also a directed graph, 
and there exists a path from each vertex to every other 
vertex, then it is a strongly connected graph. \f a connected 
graph is such that exactly one edge connects each pair of 
vertices, then it is said to be a complete graph. See also 
Euler path and Hamilton path. 


connectionism 

A computational approach to modeling the brain that 
relies on the interconnection of many simple units to 
produce complex behavior. 


connectivity 

The amount of interaction in a system, the structure of 
the weights in a neural network, or the relative number 
of edges in a graph. 


consistency 

An axiomatic theory is said to be consistent if it’s 
impossible (within the confines of the theory) to prove 
simultaneously a statement and its negation. Godel’s 
incompleteness theorem states that any (sufficiently 
powerful) consistent axiomatic theory is incomplete. 


constructible 

In classical geometry, a figure or length that can be drawn 
using only an unmarked straightedge and a compass. The 
Greeks were adept at constructing polygons, but the 
question of proving which regular polygons are con- 
structible and which are not had to wait for the genius of 
Carl Gauss. At the age of only 19, Gauss found that a 
regular polygon with z sides is constructible if and only if 
m is a prime Fermat number. The only known such 
primes are 3, 5, 17, 257, 65,537. It is also possible to con- 
struct certain numbers, known as constructible numbers, 
that correspond to line segments, including rational 
numbers and some irrational numbers, but no tran- 
scendental numbers. It turns out that all constructions 
possible with a compass and straightedge can be done 
with a compass alone, as long as a line is considered con- 
structed when its two endpoints are located. The reverse 
is also true, since Jakob Steiner showed that all construc- 
tions possible with straightedge and compass can be 
done using only a straightedge, as long as a fixed circle 
and its center (or two intersecting circles without their 


centers, or three nonintersecting circles) have been drawn 
beforehand. Such a construction is known as a Steiner con- 
struction. The Greeks were unable to achieve certain con- 
structions, such as squaring the circle, duplicating the 
cube, and trisecting an angle, despite numerous at- 
tempts, but it wasn’t until hundreds of years later that the 
problems were proved to be actually impossible under 
the limitations imposed. 


continued fraction 
A representation of a real number in the form 


1 


X= ay + ——— 


a,+— 


Ot... 


which, mercifully for typesetters, can be written in com- 
pact notation as 


x = [40; a, a, 43, is J; 


where the integers a; are called partial quotients. Although 
rarely encountered in school and even college math 
courses, continued fractions (CFs) provide one of the 
most powerful and revealing forms of numerical expres- 
sion. Numbers whose decimal expansions look unre- 
markable turn out, when unfolded as CFs, to have 
extraordinary symmetries and patterns. CFs also offer a 
way of constructing rational approximations to irrational 
numbers and of discovering the most irrational num- 
bers. 

CFs first appeared in the sixth century in the works of 
the Indian mathematician Aryabhata, who used them to 
solve linear equations. They surfaced in Europe in the fif- 
teenth and sixteenth centuries and Fibonacci attempted 
to define them in a general way. The term “continued 
fraction” first appeared in 1653 in an edition of Arith- 
metica Infinitorum by John Wallis. Their properties were 
also studied by one of Wallis’s English contemporaries, 
William Brouncker, who, along with Wallis, was one of 
the founders of the Royal Society. At about the same 
time, in Holland, Christiaan Huygens made practical use 
of CFs in his designs of scientific instruments. Later, in 
the eighteenth and early nineteenth centuries, Carl 
Gauss and Leonhard Euler delved into many of their 
deeper properties. 

CFs can be finite or infinite in length. Finite CFs can 
be evaluated level by level (starting at the bottom) and 
will always reduce to a rational fraction; for example, the 
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CF [1; 3, 2, 4] = 40/31. By contrast, infinitely long CFs 
produce representations of irrational numbers. Here are 
the leading terms from a few notable examples of infinite 


CFs: 


e= (2; 1,2, 1,1,4, 1,1, 6, 1, 1,8, 1,1, 10,.. J 

V2 = [15 2, 2, 2, 2, 2,2, 2, 2, 2, 2,2, 2,2,2,...] 

V2 =[1;2, 1,2, 1, 2, 1,2, 1,2, 1,2, 1,2, 1,..] 

n = [3; 7, 15, 1, 292, 1, 1, 1, 2, 1, 3, 1, 14, 2, 1, 1,2, 2, 
2:21:84. 2.4.3] 


Each of these expansions has a simple pattern except 
that for 7 (see pi), which has no obvious pattern at all. 
There’s also a preference for the quotients to be small 
numbers. 

If an infinite CF is truncated after a finite number of 
steps, the result is a rational approximation to the original 
irrational. In the case of m, chopping the CF at [3; 7] gives 
the familiar approximation for m of 22/7 = 3.1428571.... 
Keeping two more terms leads to [3; 7, 15, 1] = 353/113 = 
3.1415929 ..., which is an even better approximation to 
the true value of m (3.14159265...). The more terms 
retained in the CF, the better the rational approximation 
becomes. In fact, the CF gives yields the best possible 
rational approximations to a general irrational number. 
Notice also that if a large number occurs in the expansion 
of quotients, then truncating the CF after that will produce 
an especially good rational approximation. Most CF quo- 
tients are small numbers (1 or 2), so the appearance in the 
CF of m of a number as large as 292 so early in the expan- 
sion is unusual. It also leads to an extremely good rational 
approximation to m = [3; 7, 15, 1, 292] = 103,993/33,102. 


continuity 

A mathematical property that has to do with how 
smooth or “well-behaved” a function or curve is. If two 
adjacent points on a graph, for example, are not con- 
nected or are separated by a jump, this marks a break- 
down of continuity. At such a discontinuity it is 
impossible to obtain a derivative, or slope, of the curve. 
Usually if a curve does misbehave like this, it is only at 
one or two isolated places; elsewhere the curve is likely to 
be both continuous and differentiable. However, it is 
possible to construct a continuous function that has 
“problem points” everywhere and, therefore, is nowhere 
differentiable! The first example was found by Karl 
Weierstrass in 1872 and came as a total surprise. It is 
defined as an infinite series 


S(x)= 5 B" cos (A’nx), 


where A and B can be any numbers such that B is 
between 0 and 1, and A x B is bigger than 1 + (37/2). 


continuum 

Any set that can be brought into one-to-one correspon- 
dence with the set of real numbers. Examples include a 
finite line segment, a square, a circle, and a disk. 


continuum hypothesis 

In 1874 Georg Cantor discovered that there is more than 
one level of infinity. The lowest level is called countable 
infinity; higher levels are known as uncountable infinities. 
The natural numbers are an example of a countably infi- 
nite set and the real numbers are an example of an 
uncountably infinite set. The continuum hypothesis, put 
forward by Cantor in 1877, says that the number of real 
numbers is the next level of infinity above countable infin- 
ity. It is called the continuum hypothesis (CH) because 
the real numbers are used to represent a linear continuum. 
Let ¢ be the cardinality of (i.e., number of points in) a con- 
tinuum, aleph-null (xy) be the cardinality of any count- 
ably infinite set, and x, be the next level of infinity above 
Xo. CH is equivalent to saying that there is no cardinal 
number between Y and ¢, and that c = y;. CH has been, 
and continues to be, one of the most hotly pursued prob- 
lems in mathematics. 


convergence 

A property of some sequences. A sequence 4; is said to 
be convergent if there exists a value u with the property 
that by choosing a large enough value of 7, we can make 
u; as close as we wish to u. 


convex 

Curved outward, like the exterior surface of a sphere; the 
word comes from the Latin convexus for “vaulted.” A figure, 
such as a polygon or a polyhedron, is said to be convex if 
every line segment that joins two interior points remains 
inside the figure. Similarly, a set is convex if it contains all 
the line segments connecting any pair of its points. 


Conway, John Horton (1937-) 

A British-born (Liverpool) mathematician, who studied 
and taught at Cambridge University and is now a professor 
at Princeton University. Conway has been an extraordinar- 
ily fertile source of new ideas in mathematics and of math- 
ematical games. His most significant contribution was the 
discovery of surreal numbers, to which he was led after 
watching the British Go champion play at Cambridge. In 
1967, he found a cluster of three new sporadic groups, now 
sometimes called Conway’s constellation, building on an ear- 
lier discovery by John Leech of an extremely dense packing 
of unit spheres in a space of 24 dimensions. He has also 
been active in the field of knots and in coding theory. 
Among amateur mathematicians, Conway is best known as 
the inventor of the games of Life, Sprouts, and Phutball, 
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Conway, John Horton = Princeton University 


as well as for his detailed analyses of many other games and 
puzzles, such as the Soma Cube. 


Conway's chained-arrow notation 

One of various methods that have been devised recently for 
representing extremely large numbers. Developed by John 
Conway, it is based on Knuth’s up-arrow notation but is 
even more powerful. The two systems are related thus: 


a>boi=ath 

aabo2=atth 
arb—>3=aTtth 
a>b—c=atlt... 11h (cup arrows) 


Longer chains are evaluated by the following general rules: 














a>...29b>cF1=a5...9b5¢ 

a>...9b>15d+1=aR5...3)b 
and a>... 2b>c+1—>d+1 

=a>...9b5 (4a5...9b5¢c3aOd 





It’s important to recognize that the Conway arrow isn’t an 
ordinary dyadic operator. Where three or more numbers 
are joined by arrows, the arrows don’t act separately but 
rather the whole chain has to be considered as a unit. The 
chain might be thought of as a function with a variable 
number of arguments, or as a function whose single argu- 
ment is an ordered list or vector. The Ackermann func- 
tion is equivalent to a three-element chain: A(m, m) = 
(2 > (2 + 3)  (m — 2)) - 3. It can also be shown that 
Graham’s number is bigger than 3 > 3 > 64 > 2 and 
smaller than 3 > 3 > 65 > 2. 


coordinate 

One of a set of variables that specifies the location of a 
point in space. If the coordinates are distances measured 
along perpendicular axes, they are known as Cartesian 
coordinates. See also polar coordinates. 


coordinate geometry 
See analytical geometry. 


coprime 
Two or more numbers are coprime if they have no fac- 
tors in common other than 1. 


cosine 
See trigonometric function. 


countable set 

A set that is either finite or countably infinite. A countably 
infinite set is one that can be put in one-to-one corre- 
spondence with the natural numbers and thus has a car- 
dinal number (“size”) of aleph-null (s,). Examples of 
countable sets include the set of all people on Earth and 
the set of all fractions. See also infinity. 


counterfeit coin problem 

Among x coins, identical in size, shape, and appearance, 
one is a counterfeit and has a slightly different weight 
than the others. Using only a two-pan balance, what is 
the smallest number of weighings that would guarantee 
finding the fake coin? The problem of the counterfeit 
coin (or some other object), especially involving 8, 10, 
12, or 13 coins, has cropped up in many guises over the 
years. Typically, the problem also involves finding 
whether the counterfeit coin is lighter or heavier than the 
rest. The answer depends on the specific problem and 
can involve quite a number of steps. 


covariance 

The tendency of two random variables to move in tandem. 
This is important in applications such as survey-taking and 
sociology, as well as in many branches of science, because if 
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two things tend to vary together, there is a good chance they 
may be causally linked. See also causality. 


Coxeter, Harold Scott MacDonald (1907-2003) 

A British-born, Cambridge-educated mathematician who 
spent most of his career (from 1936 on) at the University 
of Toronto and was regarded as the greatest classical 
geometer of his generation. Always known as “Donald,” 
he is best known for his work on hyperdimensional 
geometries and regular polytopes. 

In 1926, at the age of 19, Coxeter discovered a new 
regular polyhedron, having six hexagonal faces at each 
vertex. He went on to study the mathematics of kaleido- 
scopes and, by 1933, had enumerated the 7-dimensional 
kaleidoscopes. His algebraic equations expressing how 
many images of an object may be seen in a kaleidoscope 
are now known as Coxeter groups. His research on icosa- 
hedral symmetries played an important role in the dis- 
covery by scientists at Rice University, Texas, of the 
carbon-60 molecule (see buckyball), for which they won 
the 1996 Nobel Prize in Chemistry. 

Coxeter was a close friend of the artist M. C. Escher, 
whom he met in 1954, and also of Buckminster Fuller, 
who used Coxeter’s ideas in his architecture. Indeed Cox- 
eter’s work was motivated by a strong artistic tempera- 
ment and a sense of what is beautiful. He had originally 
intended to be a composer but fascination for symmetry 
took him toward mathematics and a career about which 
he said “I am extremely fortunate for being paid for what 
I would have done anyway.” 

Several of Coxeter’s books are considered classics, 
including The Real Projective Plane (1955), Introduction to 
Geometry (1961),'" Regular Polytopes (1963),'”! Non- 


Euclidean Geometry (1965)! and, written jointly with S. L. 
Greitzer, Geometry Revisited (1967). In 1938, he revised 
and updated Rouse Ball’s Mathematical Recreations and 
Essays." 


cross 

A shape that consists in its most basic form of an upright 
section and a transverse section. The Latin cross has the 
shape of an irregular dodecahedron with a single (vertical) 
line of symmetry, and can be folded up to make a cube. 
The Greek cross has the shape of a plus sign, has four lines 
of symmetry, and is used as the emblem of the Red Cross 
organization. A version of the Greek cross that has flared 
ends is also known as the crux immissa or cross patée. A cross 
of Saint Andrew is an ordinary Greek cross rotated through 
45°, and is also called the crux decussata; it served as the 
basis for the multiplication sign. A cross of Saint Anthony 
takes the form of a capital T. The Maltese cross is an irregu- 
lar dodecahedron whose cross pieces flange out from the 
center. 


crunode 
A point where a curve intersects itself so that two 
branches of the curve have distinct tangent lines. 


cryptarithm 

A number puzzle in which a group of arithmetical oper- 
ations has some or all of its digits replaced by letters or 
symbols, and where the original digits must be found. In 
such a puzzle, each letter or symbol represents a unique 
digit. The first example appeared in American Agriculturist 
in 1864. Specific types of cryptarithm include the 
alphametic, the digimetic, and the skeletal division. 


cross From left to right: a Latin cross; a crux immissa (a Greek cross with flared ends), also sometimes called a Latin cross; and a 


Maltese cross. 
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Csaszar polyhedron 


cryptography 
The science and mathematics of encoding and decoding 
information. See also cipher and cryptarithm. 


Csaszar polyhedron 

A polyhedron, first described in 1949 by the Hungarian 
mathematician Akos Csdsz4r,™! that is a solution to an 
interesting problem, namely: How many polyhedra exist 
such that every pair of vertices is joined by an edge? The 
first clear example is the well known tetrahedron (trian- 
gular pyramid). Some simple combinatorics specify how 
many vertices, edges, faces, and holes such polyhedra 
must have. It turns out that, other than the tetrahedron, 
any such polyhedron must have at least one hole. The 


first possible polyhedron beyond the tetrahedron has 
exactly one hole; this is the Csaszar polyhedron, which is 
thus topologically equivalent to a torus (donut). The 
Csaszar polyhedron has 7 vertices, 14 faces, and 21 edges, 
and is the dual of the Szilassi polyhedron. It isn’t 
known if there are any other polyhedra in which every 
pair of vertices is joined by an edge. The next possible fig- 
ure would have 12 faces, 66 edges, 44 vertices, and 6 
holes, but this seems an unlikely configuration—as, 
indeed, to an even greater extent, does any more complex 
member of this curious family. 


cube 

(1) The Platonic solid that has a square for every one of its 
6 faces; it also has 12 edges and 8 vertices (corners). The 
60’ x 30’ x 30’ Double Cube Room of Wilton House (the 
seat of the Earl of Pembroke), near Salisbury, is considered, 
together with the Single Cube Room of the same domicile, 
among the finest surviving rooms in England from the 
mid-seventeenth century. A favorite with filmmakers, it has 
provided locations for Barry Lyndon by Stanley Kubrick, 
The Madness of King George, and Sense and Sensibility. See also 
Atomium, the. (2) To cube something is to raise it to the 
power of three. The result of cubing is a cube number: 1’ = 1, 
2? = 8, 3° =27, and so on. To take the cube root is the reverse 
process; thus, 4 cubed (4°) is 64 and the cube root of 64 
(\/64) is 4. For cube dissection problems, see Hadwiger 
problem, Slothouber-Graatsma puzzle and Soma cube. 
See also tesseract and Prince Rupert’s problem. 


cubic curve 
An algebraic curve described by a polynomial equation 
of the general form 





act bey + cxy + dp tert fytg’t+hxt+i+j=0, 


where a, J, ¢, d, ¢, fg, b, i, andj are constants, such that at 
least one of a, b, c, and dis nonzero, and x and y are vari- 
ables. One of Isaac Newton’s many accomplishments 
was the classification of the cubic curves. Newton found 
72 different species of curve; later investigators found six 
more, and it is now known that there are precisely 78 dif- 
ferent types of cubic curves. Interesting examples include 
the folium of Decartes and the Witch of Agnesi. 


cubic equation 
A polynomial equation of the third degree, the general 
form of which is 


axt+ be +cx+d=0, 


where a, 5, c, and d are constants. There was a great con- 
troversy in sixteenth-century Italy between Girolamo 
Cardano and Niccolé Tartaglia about who should get 
credit for solving the cubic. At this time symbolic algebra 
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hadn’t been developed, so all the equations were written 
in words instead of symbols. Early studies of cubics 
helped legitimize negative numbers, give a deeper in- 
sight into equations in general, and stimulate work that 
eventually led to the discovery and acceptance of com- 
plex numbers. Cardano, in his Ars Magna, found nega- 
tive solutions to equations, but called them “fictitious.” 
He also noted an important fact connecting solutions of 
a cubic equation to its coefficients, namely, that the sum 
of the solutions is the negation of J, the coefficient of the 
x’ term. At one other point, he mentions that the prob- 
lem of dividing 10 into two parts so that their product is 
40 would have to be 5 + w(-15) and 5 — w(-15). Cardano 
didn’t go further than this observation of what later came 
to be called complex numbers, but a few years later 
Rafael Bombelli (1526-1672) gave several examples that 
involved these strange new mathematical beasts. 


cubit 

A measure of length used in the ancient world. It is 
approximately equal to the length of a person’s forearm, 
that is, the part of the arm from the elbow to the fingers. 
The Romans used a cubit equal to 17.4 modern inches; 
the Egyptians used one of 20.64 inches. 


cuboctahedron 

A polygon obtained by cutting the corners off a cube or 
an octahedron. It has eight faces that are equilateral tri- 
angles and six faces that are squares. 


cuboid 

Also called a rectangular prism, a hexahedron of which all 
of the faces are rectangles and all of the opposite faces are 
identical. It is not known whether a perfect cuboid, whose 
sides, face diagonals, and space diagonals are all integers, 
exists. The general suspicion is that it doesn’t, although 
several near misses have been found, including one in 
which a = 240, b= 117, c= 44, dab = 267, dac = 244, and 
dbc = 125. If there is a perfect cuboid, it has been shown 
that the smallest side must be at least 2” = 4,294,967,296. 








Cullen number 

A number of the form (z x 2”) + 1, denoted C,, and 
named after the Reverend James Cullen (1867-1933), an 
Irish Jesuit priest and schoolmaster. Cullen noticed that 
the first, C,; = 3, was a prime number, but with the pos- 
sible exception of the fifty-third, the next 99 were all 
composite. Soon afterward, Cunningham discovered 
that 5,591 divides C,3, and noted that all the Cullen num- 
bers are composite numbers for 7 in the range 2 <2 < 
200, with the possible exception of 141. Five decades 
later Robinson showed that C,,, is a prime. Currently, the 
only known Cullen primes are those with ~ = 1, 141, 


4,713, 5,795, 6,611, 18,496, 32,292, 32,469, 59,656, 
90,825, 262,419, 361,275, and 481,899. Although the vast 
majority of Cullen numbers are composite, it has been 
conjectured that there are infinitely many Cullen primes. 
Whether 2 and C, can simultaneously be prime isn’t 
known. Sometimes, the name “Cullen number” is ex- 
tended to include the Woodall numbers, W,, = (7 x 2”) - 1. 
Finally, a few authors have defined a number of the form 
(x x b”) + 1, with 2 + 2 > B, to be a generalized Cullen 
number. 


Cunningham chain 

A sequence of prime numbers in which each member is 
twice the previous one plus one. For example, {2, 5, 11, 
23, 47} is the first Cunningham chain of length 5 and {89, 
179, 359, 719, 1,439, 2,879} is the first of length 6. In gen- 
eral, a Cunningham chain of length k of the first kind is a 
sequence of & prime numbers, each of which is twice the 
preceding one plus one. A Cunningham chain of length k of 
the second kind is a sequence of k primes, each of which is 
twice the preceding one minus one. For example, {2, 3, 5} 
is a Cunningham chain of length 3 of the second kind 
and {1,531, 3,061, 6,121, 12,241, 24,481} is a Cunning- 
ham chain of length 5 of the second kind. Prime chains 
of both these forms are said to be complete if they can’t 
be extended by adding either the next larger or the next 
smaller terms. See also Sophie Germain prime. 


cup 
The symbol U, which is used to denote the union of two 
sets. 


curvature 
A measure of the amount by which a curve, a surface, or 
any other manifold deviates from a straight line, a plane, 
or a hyperplane (the multidimensional equivalent of a 
plane). For a plane curve, the curvature at a given point has 
a magnitude equal to one over the radius of an osculating 
circle (a circle that “kisses,” or just touches, the curve at the 
given point) and is a vector pointing in the direction of 
that circle’s center. The smaller the radius r of the osculat- 
ing circle, the greater the magnitude of the curvature (1/7) 
will be. A straight line has zero curvature everywhere; a cir- 
cle of radius 7 has a curvature of magnitude 1/r everywhere. 
For a two-dimensional surface, there are two kinds of 
curvature: a Gaussian (or scalar) curvature and a mean cur- 
vature. To compute these at a given point, consider the 
intersection of the surface with a plane containing a fixed 
normal vector (an arrow sticking out perpendicularly) at 
the point. This intersection is a plane and has a curva- 
ture; if the plane is varied, this curvature also changes, 
and there are two extreme values—the maximal and the 
minimal curvature—which are known as the main curva- 
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tures, 1/R, and 1/R,. (By convention, a curvature is taken 
to be positive if its vector points in the same direction as 
the surface’s chosen normal, otherwise it is negative.) The 
Gaussian curvature is equal to the product 1/R,R,. It is 
everywhere positive for a sphere, everywhere negative for 
a hyperboloid and pseudosphere, and everywhere zero 
for a plane. It determines whether a surface has elliptic 
(when it is positive) or hyperbolic (when it is negative) 
geometry at a point. The integral of the Gaussian curva- 
ture over the whole surface is closely related to the sur- 
face’s Euler characteristic. The mean curvature is equal 
to the sum of the main curvatures, 1/R; + 1/R). 

A minimal surface, like that of a soap film, has a mean 
curvature of zero. In the case of higher-dimensional man- 
ifolds, curvature is defined in terms of a curvature tensor, 
which describes what happens to a vector that is trans- 
ported around a small loop of the manifold. 


curve 

A continuous mapping from a one-dimensional space to 
an n-dimensional space. The most familiar mathematical 
curves are two- and three-dimensional graphs. A curve, 
such as a circle, that lies entirely in a plane is called a 
plane curve; by contrast, a curve that may pass through 
any region of three-dimensional space is called a space 
curve. See also space-filling curve. 


curve of constant width 

A curve that, when rotated in a square, makes continuous 
contact with all four sides. It may seem, at first sight, as if 
there is only one such curve—a circle. But, in fact, there 
are infinitely many different curves of constant width. 
The circle is the one with the largest area. The simplest 
noncircular one, and the one with the smallest area, is the 
Reuleaux triangle. Others can be constructed starting 
with equilateral (but not necessarily equiangular) stars. 
Every curve of constant width is convex. Moreover, Bar- 
bier’s theorem states that every curve of constant width w 
has the same perimeter, tw. (The width of a convex figure 
is defined as the distance between parallel lines—known as 
supporting lines—that bound it.) A curve of constant width 
can be used in a special drill chuck to cut square holes. A 
generalization gives solids of constant width. These do 
not have the same surface area for a given width, but their 
shadows are curves of constant width with the same width. 


cusp 
In mathematics, a point on a curve where two branches, 
coming from different directions, meet and have a com- 
mon tangent. If the two branches of the curve approach 
the tangent from opposite sides the cusp is called a keratoid 
(from the Greek kera for “horn”) or first-order cusp. This is 
the case, for example, with the curve given by the equation 


y’ =x’y + °. If the two branches of the curve approach the 
tangent from the same side the result is a ramphoid or 
second-order cusp. “Cusp” derives from the Latin cuspis for 
“sharp.” Outside of mathematics, the points of a crescent 
moon are called cusps and the sharp pointed premolar 
teeth of children are known as bicuspids. 


cute number 
A number x such that a square can be cut into squares 
of, at most, two different sizes. For example, 4 and 10 are 
cute numbers. 


Cutler, William (Bill) 

An Australian puzzle maker and solver who, in 1977, 
became the first to completely analyze, using a com- 
puter, six-piece burrs used to make solid six-piece burr 
puzzles. Martin Gardner devoted his January 1978 
“Mathematical Games” column in Scientific American to 
this and other of Cutler’s discoveries. In 2003, Cutler 
used a computer to enumerate all solutions of the Locu- 
lus of Archimedes. 


cybernetics 

The theoretical study of communication and control 
processes in biological, mechanical, and electronic systems, 
especially the comparison of these processes in biological 
and artificial systems. It was pioneered by Norbert Wiener. 


cyclic number 

A number with x digits, which, when multiplied by 1, 2, 
3,..., produces the same digits in a different order. For 
example, 142,857 is a cyclic number: 142,857 x 2 = 
285,714; 142,857 x 3 = 428,571; 142,857 x 4 = 571,428; 
142,857 x 5 = 714,285; 142,857 x 6 = 857,142, and so on. 
It has been conjectured, but not yet proven, that an infi- 
nite number of cyclic numbers exist. 


cyclic polygon 

A polygon with vertices (see vertex) that all lie on the 
same circle. All triangles are cyclic (but not all of any other 
kind of polygon) because any set of three points, not lying 
on a single line, can have a circle drawn through it. 


cycloid 

The shape defined by a fixed point on a wheel as it rolls; 
more precisely, it is the locus of a point on the rim of a 
circle rolling along a perfectly straight line. The cy- 
cloid was named by Galileo in 1599. It is the solution to 
both the tautochrone problem and the brachistochrone 
problem. In 1634, the French mathematician Gilles de 
Roberval (1610-1675) showed that the area under a 
cycloid is three times the area of its generating circle. In 
1658, the English architect Christopher Wren showed 
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cycloid An ordinary cycloid is traced out by a point ona 
wheel as it rolls along a flat surface (a). A curtate cycloid is 
traveled by a point on the wheel that is inside the circumfer- 
ence (b). If the point lies outside the circumference of the 
wheel, the result is a prolate cycloid (c). 


that the length of a cycloid is four times the diameter of 
its generating circle. But there was a lot of bickering and 
a lack of public sharing of information around this time 
that led to much duplication of effort, particularly over 
questions related to the cycloid. In fact, the confusion 


was so bad that the curve was nicknamed the Helen of 
Geometers, and Jean Montucla referred to it as “/a pomme 
de discorde” (the apple of discord). 

As well as the ordinary cycloid there is the curtate 
cycloid, which is the path traced out by a point on the 
inside of a rolling circle, and the prolate cycloid, which is 
followed by a point on the outside of the circle. A prolate 
cycloid is traced out, for example, by points on the flange 
of the wheels of a locomotive, which extends below the 
top of the tracks. This leads to the surprising conclusion 
that even as the locomotive is moving forward there are 
always parts of its wheels that are going backward for 
a moment before moving forward again. See also epi- 
cycloid and hypocycloid. 


cylinder 

A three-dimensional surface described by the Cartesian 
equation (x/a)’ + (y/by = 1. If a= 5 then the surface is a 
circular cylinder, otherwise it is an elliptic cylinder. The cylin- 
der is a degenerate quadric because at least one of the coor- 
dinates (in this case z) doesn’t appear in the equation, 
though by some definitions the cylinder isn’t considered 
to be a quadric at all. In common usage, a cylinder is taken 
to mean a finite section of a right circular cylinder with 
its ends closed to form two circular surfaces. If the cylin- 
der has a radius 7 and a length 4, then its volume is 
V = m7’h and its surface area is A = 2nr’? + 2nrh. For a 
given volume, the cylinder with the smallest surface area 
has 4 = 2r. For a given surface area, the cylinder with the 
largest volume has 4 = 27. More unusual types of cylinder 
include the imaginary elliptic cylinder: (x/a) + (y/bY = -1, 
the hyperbolic cylinder: (x/ay’ — (y/bY = 1, and the parabolic 
cylinder: x° + 2y = 0. 





d‘Alembert, Jean Le Rond (1717-1783) 

A French mathematician named for the church of St. 
Jean Baptiste de Rond upon whose steps he was aban- 
doned as a baby, the illegitimate son of a Parisian society 
hostess. He clarified the concept of a limit in calculus, 
discovered the Cauchy-Riemann equations decades before 
Augustin Cauchy or Bernhard Riemann, was the first to 
find and solve the wave equation, and recast Newton’s 
third law in a new and powerful form through what has 
become known as dAlembert’s principle. 


Dandelin spheres 

If a cone is sliced through by a plane, the two spheres 
that just fit inside the cone, one on each side of the plane 
and both tangent to it and touching the cone, are known 
as Dandelin spheres. They are named after the Belgian 
mathematician and military engineer Germinal Pierre 
Dandelin (1794-1847) who gave an elegant proof that 
the two spheres touch the conic section at its foci. In 
1826, Dandelin showed that the same result applies to 
the plane sections of a hyperboloid of revolution. 


dart 
Also known as an arrowhead, a special kind of quadrilat- 
eral that has one reflex angle. See also Penrose tiling. 


de L'H6pital, Guillaume Francois Antoine, 
Marquis de (1661-1704) 

A French mathematician who wrote the first textbook 
on differential calculus, Analyse des infiniment petits pour 
Vintelligence des lignes courbes (1696). This contains the 
rule, now known as L’Hépital’s rule, for finding the limit 
of a rational function whose numerator and denomina- 
tor tend to zero at a point. Along with Isaac Newton, 
Gottfried Leibniz, and Jacob Bernoulli (see Bernoulli 
family), de LHopital was among the first to solve the 
brachistochrone problem. 


de L'H6pital’s cubic 
See Tschirnhaus’s cubic. 


de Malves’s theorem 

Given a tetrahedron in which the edges meeting at one 
vertex, X, form three right angles (i.e., the tetrahedron is 
the result of chopping off the corner of a cuboid), the 
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square of the face opposite X is equal to the sum of the 
squares of the other three faces. 


de Méré’s problem 

A question posed in the mid-seventeenth century to 
Blaise Pascal by a French nobleman and inveterate gam- 
bler, the Chevalier de Méré, which marked the birth of 
probability theory. One of de Méré’s favorite bets was 
that at least one six would appear during a total of 
four rolls of a die. From past experience, he knew that 
this gamble paid off more often than not. Then, for a 
change, he started betting that he would get a double-six 
on 24 rolls of two dice. However, he soon realized that 
his old approach to the game was more profitable. He 
asked his friend Pascal why. Pascal showed that the prob- 
ability of getting at least one six in four rolls of a die is 
1 — (%6)* = 0.5177, which is slightly higher than the prob- 
ability of at least one double-six in 24 throws of two 
dice, 1 — (46)* = 0.4914. This problem and others 
posed by de Méré are thought to have been the original 
inspiration for a fruitful exchange of letters on probabil- 
ity between Pascal and Pierre de Fermat. To tackle these 
problems, Fermat used combinatorial analysis (find- 
ing the number of possible outcomes in ideal games of 
chance by computing permutation and combination 
numbers), while Pascal reasoned by recursion (an itera- 
tive process that determines the result of the next case by 
the present case). Their combined work laid the founda- 
tions for probability theory as we know it today. 


de Moivre, Abraham (1667-1754) 

A French-British mathematician who founded analytical 
trigonometry and stated what has become known as de 
Moivre’s theorem. He also worked on probability theory 
and the normal distribution, and was a good friend of 
Isaac Newton. In 1698 he wrote that the theorem had 
been known to Newton as early as 1676. 


de Moivre’s theorem 

A theorem, named after Abraham de Moivre, that links 
complex numbers and trigonometry. It states that for 
any real number x and any integer 1, 


(cosx + isinx)” = cos(nx) + isin(nx). 


By expanding the left-hand side and then comparing 
real and imaginary parts, it is possible to derive useful 
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expressions for cos(zx) and sin(zx) in terms of sin(x) and 
cos(x). Furthermore, the formula can be used to find 
explicit expressions for the mth root of unity: complex 
numbers z such that z” = 1. It can be derived from (but 
historically preceded) Euler’s formula e* = cos x+/ sin x 
and the exponential law (e")” =e”. 


de Morgan, Augustus (1806-1871) 

A British mathematician, born in India, who was an 
important innovator in the field of mathematical logic. 
The system he devised to express such notions as the con- 
tradictory, the converse, and the transitivity of a relation, 
as well as the union of two relations, laid some of the 
groundwork for his friend George Boole. De Morgan lost 
the sight of his right eye shortly after birth, entered Trin- 
ity College, Cambridge, at the age of 16, and received his 
B.A. However, he objected to a theological test required 
for the M.A. and returned to London to study for the bar. 
In 1827, he applied for the chair of mathematics in the 
newly founded University College, London and, despite 
having no mathematical publications, he was appointed. 
In 1831, he resigned on principle (after another professor 
was fired without explanation) but regained his job five 
years later when his replacement died in an accident. He 
resigned again in 1861. 

His most important published work, Formal Logic, 
included the concept of the quantification of the predicate, 
an idea that solved problems that were impossible under 
the classic Aristotelian logic. De Morgan coined the 
phrase “universe of discourse,” was the first person to 
define and name mathematical induction, and devel- 
oped a set of rules to determine the convergence of a 
mathematical series. In addition, he devised a decimal 
coinage system, an almanac of all full moons from 2000 
B.C. to A.D. 2000, and a theory on the probability of life 
events that is still used by insurance companies. De Mor- 
gan was also deeply interested in the history of mathe- 
matics. In Arithmetical Books (1847) he describes the work 
of over fifteen hundred mathematicians and discusses 
subjects such as the history of the length of a foot, while 
in A Budget of Paradoxes he gives a marvelous compen- 
dium of eccentric mathematics including the poem 


Great fleas have little fleas upon their backs to bite 
em, 

And little fleas have lesser fleas, and so ad infini- 
tum, 

And the great fleas themselves, in turn, have greater 
fleas to go on, 

While these again have greater still, and greater 


still, and so on. 


The first lines of this poem paraphrase a similar rhyme by 
Jonathan Swift. 


PUZZLE 
On one occasion, when asked his age, de Morgan 
replied: “I was x years old in the year x.” How old must 
he have been at the time? 

Solutions begin on page 369. 


decagon 
A polygon with 10 sides. 


decimal 

The commonly used number system, also known as 
denary, in which each place has a value 10 times the value 
of the place at its right. For example, 4,327 in the decimal 
(base 10) system is shorthand for (4 x 10°) + (3 x 10”) + 
(2 x 10') + (7 x 10°), where 10° = 1. “Decimal” comes 
from the Latin decimus for “tenth.” The verb decimare, lit- 
erally “to take a tenth of,” was used to describe a form of 
punishment applied to mutinous units in the Roman 
army. The men were lined up and every tenth soldier was 
killed as a lesson to the rest. From this custom comes our 
word decimate, which we use more loosely—in fact, incor- 
rectly—to indicate near-total destruction. The Latin deci- 
mare was also used in a less ferocious sense to mean “to 
tax to the amount of one tenth.” However, the usual 
word describing a one-tenth tax in English is “the, which 
comes from the Old English teogotha, a form of tenth. 


decimal fraction 

A number consisting of an integer part, which may be 
zero, and a decimal part less than unity that follows the 
decimal marker (which may be a point or a comma). A 
finite or terminating decimal fraction has a sequence of deci- 
mals with a definite break-off point after which all the 
places are zeros. Other fractions produce endless sequences 
of decimals that are periodic nonterminating. 


Dedekind, (Julius Wilhelm) Richard (1831-1916) 
A German mathematician whose most important contri- 
bution was the discovery of what became known as the 
Dedekind cut. He realized that every real number r divides 
the rational numbers into two subsets: those greater 
than 7 and those less than z Dedekind’s brilliant idea was 
to represent the real numbers by such divisions of the 
rationals. He also provided important support for Georg 
Cantor’s set theory, which was highly controversial at the 
time. 


Dee, John (1527-1609) 

A notable English alchemist, mathematician, and astron- 
omer, sometimes referred to as the “last magician” be- 
cause of his astrological services to Queen Elizabeth J; 
Dee may also have influenced the writings of Shake- 
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speare. He enrolled at St. Johns College, Cambridge, at 
age 15, but found the atmosphere there stifling and later 
went to the Continent to study and lecture. Upon his 
return to England, Dee cast the horoscope for Queen 
Mary and later visited Mary’s half-sister Elizabeth in jail 
to determine when Mary would die. Accused of black 
magic, he was jailed and then released in 1555, three 
years before Mary’s death. When Elizabeth came to the 
throne she consulted Dee on many matters, including 
the geography of newly discovered lands, and paid him 
well. Some of his income he spent on extensive traveling, 
which may have involved some spying on behalf of his 
sponsor. 

Dee had a large library of books on witchcraft, the 
occult, and magic, and he wrote 79 manuscripts, only a 
few of which were published. He married three times and 
fathered eight children. He also struck up an uneasy part- 
nership with Edward Kelly, a bad-tempered Irishman 
who claimed to have discovered the alchemical secret of 
transmuting base metal into gold but had lost his ears for 
forgery. In 1585 Dee and Kelly went on a four-year trek 
across the Continent conducting astrological readings for 
nobility and royalty. But Dee and Kelly had many argu- 
ments and eventually parted company. Back in England 
Dee found his house ransacked and many of his posses- 
sions stolen or destroyed. Elizabeth helped pay for the 
damage and made him warden of Christ’s College in 
Manchester in 1595. However, Elizabeth died in 1603 
and her successor James I opposed magic. Dee was forced 
to retire, his life ending in poverty. 


deficient number 
See abundant number. 


degree 

(1) The unit of measurement for angles; one degree is 560 
of a circle. (2) The exponent of a variable. For example, 
the degree of 7x° is 5. See also degree of freedom. 


degree of freedom 
A positive integer that gives the number of pieces of data 
that are independent. 


deletable prime 
See truncatable prime. 


delta curve 

A curve that can be turned inside an equilateral triangle 
while continuously making contact with all three sides. 
There are an infinite number of delta curves, but the sim- 
plest are the circle and lens-shaped delta-biangle. All the 
delta curves of height 4 have the same perimeter 2714/3. 
See also Reuleaux triangle and rotor. 


deltahedron 

A polyhedron whose faces consist of equilateral triangles 
that are all the same size. Although there are an infinite 
number of different deltahedra, only eight of them are 
convex, as O. Rausenberger first showed in 1915. Among 
this group of eight, faces made of coplanar equilateral tri- 
angles sharing an edge (such as the rhombic dodecahe- 
dron) aren’t allowed. The eight convex deltahedra have 
4, 6, 8, 10, 12, 14, 16, and 20 faces. 


deltoid 

A hypocycloid with three cusps, also known as a fricus- 
poid or Steiner’s hypocycloid after the Swiss mathematician 
Jakob Steiner who investigated the curve in 1856. The 
deltoid, so-named because it looks like an uppercase 
Greek delta, A, is formed by a point on the circumference 
of a circle rolling inside another circle with a radius three 
times as large. While working on a problem in optics in 
1745, Leonhard Euler was among the first to study its 
properties. The parametric equations of the cycloid with 
inner circle of radius r are: 


x(t) = 2rcost+ rcos2t 
y(t) = 2rsint— rsin2¢t 


The length of the path of the deltoid is 167/3, and the 
area inside the deltoid is 27”. If a tangent is drawn to the 
deltoid at some point, P and the points where the tan- 
gent crosses the deltoids other two branches are called 
points A and B, then the length of AB equals 47. If the 
deltoid’s tangents are drawn at points A and B, they will 








deltoid The deltoid curve. © Jan Wassenaar, www.2dcurves.com 
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be perpendicular, and they will intersect at a point inside 
the deltoid that is the 180° rotation of point P about the 
center of the fixed circle. 


denominator 
In a rational number, the number below the fraction 
bar; it indicates into how many parts the whole is 


divided. 


derivative 
The result of differentiating a function; that is, the infin- 
itesimal change in a function caused by an infinitesimal 
change in the variable(s) upon which it depends. The 
derivative gives the rate of change of a function (the 
slope of its curve) at a particular point. Second and third 
derivatives give the rate at which the rate of change is 
changing and the rate at which the rate of rate of change 
is changing, respectively. In an article in 1996, Hugo 
Rossi wrote: “In the fall of 1972 President Nixon an- 
nounced that the rate of increase of inflation was decreas- 
ing. This was the first time a sitting president used the 
third derivative to advance his case for reelection.” 
Here is a fallacious “proof” that x = 2x based on deriv- 
atives. Consider the function f(x) = x’, the derivative of 
which is 2x. What is wrong with the following? 


x?=x+x+...+ x (repeated x times) 
Taking the derivative of both sides gives 
(xe? =14+14+...41=x. 


But we have already said that the derivative of x’ is 2x. 
Therefore, x = 2x. The error stems from taking the deriv- 
ative of x different x’s. Each of the terms depends not 
only on x, which was accounted for in taking the deriva- 
tive, but also on the number of terms (which could be 
fractional) which depends on x, too, and this was not 
accounted for. Put another way, the derivative measures 
the rate of change of x’ as x changes, but as x changes, the 
number of terms on the right, as well as the terms them- 
selves, increases. For positive x, the correct answer must 
be larger than x—as indeed it is. 


Desargues, Girard (1591-1661) 

A French mathematician who is regarded as the chief 
founder of perspective geometry. His 12-page treatise La 
perspective (1636) consists of a single worked example in 
which Desargues sets out a method for constructing a per- 
spective image without using any point lying outside the 
picture field. He considers the representation in the pic- 
ture of a plane of lines that meet at a point and also of 
lines that are parallel to each another. In the last paragraph 
of the work he considers the problem of finding the per- 
spective image of a conic section. Three years later, he 


wrote his treatise on projective geometry Brouillon project 
dune atteinte aux evenemens des rencontres du cone avec un plan 
(Rough draft for an essay on the results of taking plane 
sections of a cone). The first part of this deals with the 
properties of sets of straight lines meeting at a point and 
of ranges of points lying on a straight line. In the second 
part, the properties of conics are investigated in terms of 
properties of ranges of points on straight lines and the 
modern term “point at infinity” appears for the first time. 
Desargues shows that he has completely grasped the con- 
nection between conics and perspective; in fact he treats 
the fact that any conic can be projected into any other 
conic as obvious. Given such innovative work it may 
seem surprising that the subject didn’t develop rapidly in 
the following years. That may be partly due to mathe- 
maticians failing to recognize the power of what had been 
put forward. On the other hand, the algebraic approach 
to geometry put forward by René Descartes at almost 
exactly the same time (1637) may have diverted attention 
from Desargues’s projective methods. 


Descartes, René (1596-1650) 


If you would be a real seeker after truth, it is neces- 
sary that at least once in your life you doubt, as far 
as possible, all things. 


A hugely influential philosopher and mathematician, 
born in La Haye (now named Descartes after its most 
famous son), Indre-et-Loire, France, who is often referred 
to as the father of modern philosophy and one of the 
founders of modern mathematics. He studied law at the 
University of Poitiers but never practiced it, served in 
the military for a while, and then lived in Holland for 20 
years where he did the bulk of his great work. In his Med- 
itations on First Philosophy, he tried to establish what can 
be known as true beyond doubt. His tool was method- 
ological skepticism: the assumption that any idea that 
can be doubted is false. He gives the example of dream- 
ing: in a dream, one senses things that seem to be real, 
but that don’t actually exist. Thus, the data of the senses 
can’t be fully trusted. Then again, he mused, perhaps 
there is an “evil genius”—a supremely powerful and devi- 
ous being who sets out to prevent anyone from knowing 
the true nature of reality. Given these possibilities, what 
is it that one can know for certain? Descartes argues that 
if “I” am being deceived, then surely “I” must exist—the 
statement famously referred to as cogito ergo sum (“I think, 
therefore I am”), though these words don’t actually 
appear anywhere in the Meditations. Descartes concludes 
that he can be certain that he exists. But in what form? If 
the senses are unreliable, Descartes reasons, all he can say 
for sure is that he is a thinking thing. He then proceeds to 
build a system of knowledge, discarding perception as 
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unreliable and instead admitting only deduction as a 
method. Halfway through the Meditations he also claims 
to prove the existence of a benevolent God who has pro- 
vided him with a working mind and sensory system, and 
who cannot desire to deceive him, and thus, finally, he 
establishes the possibility of acquiring knowledge about 
the world based on deduction and perception. 

In mathematics, Descartes is important for his discovery 
of analytical geometry. Up to Descartes’s time, geometry, 
dealing with lines and shapes, and algebra, dealing with 
numbers, were regarded as completely independent aspects 
of mathematics. Descartes showed how almost all prob- 
lems in geometry can be translated into problems in alge- 
bra, by regarding them as questions asking for the length of 
a line segment, and using a coordinate system to describe 
the problem. Descartes’s theory provided the basis for cal- 
culus, developed by Isaac Newton and Gottfried Leibniz, 
and thus for much of modern mathematics. This is partic- 
ularly amazing when you consider that Descartes intended 
it merely as an example to support his Discours de la méthode 
pour bien conduire sa raison, et chercher la verité dans les sciences 
(Discourse on the method to rightly conduct the reason 
and search for the truth in sciences), better known under 
the shortened title Discours de la méthode. 

Descartes died of pneumonia in Stockholm, where he 
had been invited to serve as tutor to the energetic 19-year- 
old Queen Christina of Sweden. Accustomed to working 
in a warm bed till noon, he was shocked into a rapid 
decline by having to teach philosophy at 5 A.M. in a freez- 
ing library. Seventeen years after his death, the Roman 
Catholic Church placed his works on the Index of Pro- 
hibited Books. 


Descartes’s circle theorem 
See Soddy’s formula. 


determinant 

A quantity obtained from a square (” x ) array of num- 
bers that can be useful, among other things, in solv- 
ing systems of linear equations (equations in which the 
unknowns are raised to at most the first power). More 
generally, a determinant transforms a square matrix into 
a scalar—an operation that has many important proper- 
ties. Two-by-two determinants were considered by Giro- 
lamo Cardano at the end of the sixteenth century and 
ones of arbitrary size by Gottfried Leibniz about a cen- 
tury later. Determinants are so named because, when 
applied to systems of linear equations, they “determine” 
if the systems are singular—that is, have multiple solu- 
tions. They also have important geometric applications, 
because they describe the area of a parallelogram and, 
more generally, the volume of a parallelepiped. A three- 
rowed determinant is defined by: 








4 Az a; My X Ay2 X Az3 + Ayr X Ay X As) 
42, Ay ays = + a3 X Ay X Ax, — Ay3 X Ay X Az 
43; 432 433 — 2 X Ay, X G33 — Ay X Ay; X Ay. 


deterministic system 
A system in which the later states of the system follow 
from, or are determined by, the earlier ones. Such a sys- 
tem contrasts with a stochastic or random system in which 
future states are not determined from previous ones. An 
example of a stochastic system would be the sequence of 
heads or tails of an unbiased coin, or radioactive decay. 
If a system is deterministic, this doesn’t necessarily 
imply that later states of the system are predictable from 
a knowledge of the earlier ones. In this way, chaos is sim- 
ilar to a random system. Chaos has been termed “deter- 
ministic chaos” since, although it is determined by 
simple rules, its property of sensitive dependence on ini- 
tial conditions makes a chaotic system, in practice, 
largely unpredictable. 


devil's curve 
Also known as the devil on two sticks, a curve with the 
Cartesian equation 


yt = ays xt— Px 
and the polar equation 
r’ (sin’® — cos’@) = a’sin’® — b’cos’O). 


Early studies of it were carried out in 1750 by the Swiss 
mathematician Gabriel Cramer (1704-1752), who is 
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most famous for his work on determinants, and in 
1810 by Lacroix. For a = 7a, the curve is called the elec- 
tric motor curve. 


Dewdney, Alexander Keewatin (1941-) 

A Canadian computer scientist and mathematician at the 
University of Western Ontario, Canada, best known for his 
popular books and articles, most notably The Planiverse: 
Computer Contact with a Two-dimensional World, first pub- 
lished in 1984.8" For several years, Dewdney wrote the 
“Mathematical Recreations” column for Scientific American. 


diagonal 

A line that joins any two vertices of a polygon, if the ver- 
tices are not next to each other; or a line that joins two 
vertices of a polyhedron that are not on the same face. 


diagonal matrix 

A matrix that has zero entries along all nondiagonal 
entries, that is, only the main diagonal may have nonzero 
values. 


diameter 
The distance across a circle through the center. 


dice 

Small polyhedra (see polyhedron), usually cubes, whose 
faces are numbered from one to six by patterns of dots, 
with opposite sides totaling seven. They are thrown, 
singly or in groups, from the hand or from a cup, onto a 
flat surface, to provide random numbers for gambling 
and other games. The face of each die that is uppermost 
when it comes to rest provides the value of the throw. 
Typical of their use today is the game of craps, in which 
two dice are thrown together, and bets placed on the total 
face-up value. Dice probably evolved from knuckle- 
bones, which are approximately tetrahedral. Even today, 
dice are sometimes colloquially referred to as “bones.” 
Ivory, bone, wood, metal, and stone materials have been 
commonly used to make dice, though the use of plastics 
is now nearly universal. 

Dice found in ancient tombs in the Orient point to an 
Asiatic origin and dicing is mentioned as an Indian game 
in the Rig-veda. In its primitive form, knucklebones was 
essentially a game of skill, played by women and chil- 
dren; gradually, a derivative form evolved for gambling 
in which four sides of the bones received different values 
and were counted like dice. Gambling with three, some- 
times two, dice was a popular form of amusement in 
Greece, especially with the upper classes, and was an 
almost invariable accompaniment to the symposium, or 
drinking banquet. The Romans were passionate gam- 
blers, and dicing was a favorite form, though it was for- 


bidden except during the festival of Saturnalia (Decem- 
ber 17). Throwing dice for money led to many special 
laws in Rome, one of which decreed that no suit could be 
brought by a person who allowed gambling in his house, 
even if he’d been cheated or assaulted! Professional gam- 
blers were common, and some of their loaded dice are 
preserved in museums. 

The Roman historian Tacitus states that the Germans 
also were passionately fond of dicing—so much so, that, 
having lost everything, they would even stake their per- 
sonal liberty. Centuries later, in medieval times, dicing 
became the favorite pastime of knights, and both dicing 
schools and guilds of dicers flourished. 

Dice are frequently used to randomize allowable 
moves in board games such as backgammon. Loaded 
dice can be made in many ways to cheat at such games. 
Weights can be added, or some edges made round while 
others are sharp, or some faces made slightly off-square, 
to make some outcomes more likely than would be pre- 
dicted by pure chance. Dice with non-cubical shapes 
were once almost exclusively used by fortune-tellers and 
in other occult practices, but they have become popular 
lately among players of role-playing and war-games. 


difference equation 

An equation that describes how something changes in 
discrete time steps. Numerical solutions to integrals are 
usually realized as difference equations. 


differential 

A term such as dx used in an expression such as ydx — xdy 
to denote first-order small changes in the variable. Differ- 
entiation is the method by which a differential is found. 


differential equation 

A description of how something continuously changes 
over time (see continuity). Some differential equations 
have an exact analytical solution such that all future states 
can be known without simulating the time evolution of 
the system. However, most have a numerical solution with 
only limited accuracy. A differential equation involves 
the first or higher derivatives of the function to be solved 
for. If the equation only involves first derivatives, it is 
known as an equation of order one, and so on. If only zth 
powers of the derivatives are involved, the equation is 
said to have degree n. Equations of degree one are called 
linear. Equations in only one variable are called ordinary 
differential equations to distinguish them from partial 
differential equations, which have two or more. 


differential geometry 
The study of geometry using calculus; it has many appli- 
cations in physics, especially in relativity theory. The 
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objects studied by differential geometry are known as Rie- 
mannian manifolds. These are geometrical objects, such 
as surfaces, that locally look like Euclidean space and 
therefore allow the definition of analytical concepts such 
as tangent vectors and tangent space, differentiability 
(see differential), and vector and tensor fields. Rieman- 
nian manifolds have a metric, which opens the door to 
measurement because it allows distances and angles to be 
evaluated locally and concepts such as geodesics, curva- 
ture, and torsion to be defined. 


differential topology 

A branch of topology concerned with those properties of 
differential geometry that are preserved by continuous 
transformation. 


differentiation 
The method by which the derivative of a function is 
found. 


digimetic 
A cryptarithm in which digits are used to represent other 
digits. 


digit 

A symbol or numeral that is used to represent an integer 
ina positional number system. Examples of digits include 
the decimal characters 0 through 9, the binary characters 
0 or 1, and the hexadecimal digits 0...9, A...F. The 
word comes from the Latin digitus for “finger” or “toe,” 
and retains this meaning, reminding us of the origins of 
our base 10 number system. The earlier Indo-European 
root dezk is related to many other words that hark back to 
the use of the hands and fingers to “point” out objects, 
including index, indicate, token, and teach. 


digital root 

Take a number, ~, add its digits, then add the digits of 
numbers derived from it, and so on, until the remaining 
number has only one digit. This single digit result is 
called the digital root of z. For example, in the case of 
5381:5+34+8+1=19;1+9=10; 1+0=1; thus, the 
digital root of 5381 is 1. See also casting out nines. 


digraph 
A graph in which each edge has a direction associated 
with it. 


dihedral angle 
The angle defined by two given faces meeting at an edge; 
for example, all the dihedral angles of a cube are 90°. An 
almost-spherical polyhedron (with many faces) has small 
dihedral angles. 


dimension 

An extension in some unique direction or sense; the word 
comes from the Latin dimetiri for “measured out.” The 
most common way to think of a dimension is as one of 
the three spatial dimensions (up-down, left-right, back- 
forth) in which we live. Mathematicians and science fic- 
tion writers alike have long imagined what it would be like 
in a world with a different number of spatial dimensions. 
Speculation has particularly focused on two-dimensional 
worlds and, to an even greater extent, on the fourth 
dimension. Time is also thought of as a dimension; in- 
deed, in relativity theory and as a component of space- 
time, it is treated almost exactly the same as a dimension 
of space. The universe may have additional spatial dimen- 
sions—a total of 10, 11, or 26 are especially favored— 
according to some theories of the subatomic world (see 
string theory and Kaluza-Klein theory), though the 
additional ones are “curled up” incredibly small and only 
become important at scales far smaller than those that can 
be experimentally probed today. 

In mathematics, the term dimension is used in many dif- 
ferent ways. Some of these correspond to the everyday 
idea of an extension in physical space or to some of the 
more esoteric meanings in physics. Others are purely 
abstract and exist only in certain types of theoretical, 
mathematical space. There are, for example, Hamel dimen- 
sions, Lebesgue covering dimensions, and Hilbert spaces. So- 
called Hausdorff dimensions are used to characterize 
fractals—mathematical objects that have fractional dimen- 
sions—by giving a precise meaning to the idea of how well 
something, such as an extremely “wriggly” curve or sur- 
face, fills up the space in which it is embedded. 


dinner party problem 
See Ramsey theory. 


Diocles (c. 240-c. 180 B.c.) 

A Greek mathematician and contemporary of Apollo- 
nius who studied the cissoid as part of an attempt to 
duplicate the cube and also was the first to prove the 
focal property of a parabolic mirror. 


Diophantine approximation 
The approximation of a real number by a rational 
number. 


Diophantine equation 

An equation that has integer coefficients and for which 
integer solutions are required. Such equations are named 
after Diophantus. The best known examples are those 
from Pythagoras’s theorem, a’ = b’ + c’, when a, b, and 
c are all required to be whole numbers—a Pythagorean 
triplet. Despite their simple appearance Diophantine 
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equations can be fantastically difficult to solve. A no- 
torious example comes from Fermat’s last theorem 
(recently solved), a” = b” + c" for 2 > 2. To give a specific 
example, suppose we want to find integer values for x and 
y such that 


x? = 1620y* + 1. 


A trial-and-error approach using a computer would 
quickly find the solution: y = 4, x = 161. However, just a 
slight change to the equation to make it 


x?=1621y*+1 


would leave the trial-and-error method floundering, even 
with the resources of the most powerful computers on 
Earth. The smallest integer solution to this innocent look- 
ing formula involves a y-value that is on the order of a 
thousand trillion trillion trillion trillion trillion trillion! 
One of the challenges (the tenth one) that David Hilbert 
threw down to twentieth-century mathematicians in his 
famous list was to find a general method for solving equa- 
tions of this type. In 1970, however, the Russian mathe- 
matician Yu Matijasevic showed that there is no general 
algorithm for determining whether a particular Diophan- 
tine equation is soluble: the problem is undecidable.”"* 7" 


Diophantus of Alexandria (a.p. c. 200-c. 284) 

A Greek mathematician who developed his own alge- 
braic notation and is sometimes called “the father of 
algebra.” His works were preserved by the Arabs and 
translated into Latin in the sixteenth century, when they 
served to inspire momentous new advances. Diophan- 
tine equations are named in his honor. It was in the 
margin of a French translation of Diophantus’s work 
Aritmetike from c. 250 that Pierre de Fermat scribbled his 
famous comment that became known as Fermat’s last 
theorem. 


Diophantus’s riddle 

One of the oldest known age problems (see age puzzles 
and tricks). It comes from the Greek Anthology, a collec- 
tion of puzzles compiled by Metrodorus in about A.D. 
500, and purports to tell how long Diophantus lived in 
the form of a riddle engraved on his tombstone: 


God vouchsafed that he should be a boy for the sixth 
part of his life; when a twelfth was added, his cheeks 
acquired a beard; He kindled for him the light of 
marriage after a seventh, and in the fifth year after his 
marriage He granted him a son. Alas! late-begotten 
and miserable child, when he had reached the mea- 
sure of half his father’s life, the chill grave took him. 
After consoling his grief by this science of numbers 
for four years, he reached the end of his life. 


If d and s are the ages of Diophantus and his son when 
they died, then the epitaph boils down to these two equa- 
tions, 


d= (+ "24+ V)d+54+5+4 
s=’bd 


which can be solved simultaneously to give s = 42 years 
and d= 84 years. 


Dirac, Paul Adrien Maurice (1902-1984) 

A British theoretical physicist who played a major role 
in the development of quantum mechanics and pre- 
dicted the existence of antiparticles. He made his first 
great breakthrough at Cambridge University in 1928, 
when he found a wave equation for the electron. This 
explained aspects of the electron that had previously 
been observed but not understood, and, incidentally, is 
the only equation to appear in Westminster Abbey, 
where it is engraved on Dirac’s commemorative plaque. 
Dirac’s electron equation also made the remarkable pre- 
diction that there exists a previously unseen type of 
matter—a particle like the electron, but with the oppo- 
site charge. This was startling at the time because only 
two subatomic particles, the electron and the proton, 
were known, and there was no suspicion that 
others might be waiting in the wings. The prediction 
was fulfilled four years later when the positron, as it is 
now called, was first seen. A central theme of Dirac’s 
work was his belief that beauty and mathematics go 
hand in hand. When a journalist once asked him to 
explain the concept of mathematical beauty, Dirac 
asked the journalist “Do you know mathematics?” and 
when the journalist replied “No,” Dirac said, “Then you 
can’t understand the concept of mathematical beauty.” 
A shy, retiring person, Dirac is not as famous as his 
achievements warrant. 


Dirac string trick 

Take a cardboard square and tie the four corners to 
another larger square by loose string. Rotate the small 
square by 360° about a vertical axis, that is, in a horizon- 
tal plane. The strings will become somewhat tangled, and 
it is not possible to untangle them without rotating the 
square. Turn the square through another 360°, for a total 
of 720°. Contrary to all expectations, it is now possible to 
untangle the string, without further rotation of the 
square, simply by allowing enough space for the strings 
to be looped over the top of the square! 

Another version of the Dirac string trick has been 
called the Philippine wineglass trick. A glass of water held 
in the hand can be rotated continuously through 720° 
without spilling any water. Surprisingly, these geometri- 
cal demonstrations are related to the physical fact that an 
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Dirac string trick The equipment needed to simulate an 
electron’s spin property. 


electron has spin '2. A particle with spin 42 is something 
like a ball attached to its surroundings with string. Its 
amplitude changes under a 360° (2m) rotation and is 
restored on rotation to 720° (47). 


direct proportion 

The relationship two quantities have if the graph of one 
against the other is a straight line through the origin; so 
if one doubles then the other doubles, and so forth. 


directed graph 

Also known as a digraph, a graph in which each edge is 
replaced by a directed edge, indicated by an arrow. A 
directed graph having no multiple edges or loops is 
called a simple directed graph. A complete graph in which 
each edge is bidirected is called a complete directed 
graph. A directed graph having no symmetric pair of 
directed edges (ie., no bidirected edges) is known as 
an oriented graph. A complete oriented graph (i.e., a 
directed graph in which each pair of vertices is joined by 
a single edge having a unique direction) is called a tour- 
nament. 


directrix 
The line that, together with a point called the focus, 
serves to define a conic section as the locus of points 


whose distance from the focus is proportional to the hor- 
izontal distance from the directrix. If the ratio r = 1, the 
conic is a parabola, if r< 1, it is an ellipse, and if7> 1, it 
is a hyperbola. 


Dirichlet, Peter Gustav Lejeune (1805-1859) 

A German mathematician who made significant contri- 
butions to number theory, analysis, and mechanics, and 
who is credited with the modern formal definition of a 
function. He taught at the universities of Breslau (1827) 
and Berlin (1828-1855) and in 1855 succeeded Carl 
Gauss at the University of Géttingen but died of a heart 
attack only three years later. Dirichlet continued Gauss’s 
great work on number theory, publishing on Diophan- 
tine equations of the form x° +.y° = kz’. His book Lectures 
on Number Theory (published posthumously in 1863) is 
similar in stature to Gauss’s earlier Disquisitiones and 
founded modern algebraic number theory. In 1829 he 
gave the conditions sufficient for a Fourier series to con- 
verge (though the conditions mecessary for it to converge 
are still undiscovered). 


Dirichlet’s theorem 

For any two positive coprime integers, a and J, there are 
infinitely many prime numbers of the form an + b, where 
n> 0. This theorem was first conjectured by Karl Gauss 
and proved by Peter Dirichlet in 1835. 


discontinuity 
Also called a jump, a point at which a function is not 
continuous. 


discrete 
Taking only noncontinuous values, for example, Boolean 
or natural numbers. 


discriminant 

A quantity that gives valuable information about the 
solutions of an equation. In the case of the quadratic 
equation ax’ + bx + c = 0, the discriminant is given by 
d= — 4ac. If d>0, the roots of the equation are two dif- 
ferent real numbers; if d= 0, the roots are real and equal; 
if d< 0, the roots are complex numbers. The concept of 
discriminant can also be applied in the case of polyno- 
mials, elliptic curves, and metrics. 


disk 

Roughly speaking, the “filling” of a circle. A flat (two- 
dimensional) disk of radius r consists of all the points 
that are at a distance < r (closed disk) or < r (open disk) 
from a fixed point in the plane. More generally, an x 
dimensional disk of radius r is the set of all points at a 
distance < r (closed) or < r (open) from a fixed point in 
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Euclidean m-space. A disk is the two-dimensional analog 


of a ball. 


disme 

An old word for “tenth.” A notation for decimal frac- 
tions was introduced for the first time in 1585 in a pam- 
phlet called La Disme by Simon Stevin of Holland. 


dissection 

Cutting apart one or more figures and rearranging the 
pieces to make another figure. Dissection puzzles have 
been around for thousands of years. The problem of dis- 
secting two equal squares to form one larger square using 
four pieces dates back to at least the time of Plato 
(427-347 B.c.). In the tenth century, Arabian mathe- 
maticians described several dissections in their com- 
mentaries on Euclid’s Elements. The eighteenth-century 
Chinese scholar Tai Chen presented an elegant dissec- 
tion for approximating the value of pi. Others worked 
out dissection proofs of the Pythagoras’s theorem. In 
the nineteenth century, dissection puzzles by Sam Loyd, 
Henry Dudeney, and others became tremendously pop- 
ular in magazine and newspaper columns. A classic 
example is the Haberdasher’s puzzle. Dissections can 
get quite elaborate: an eight-piece octahedron becomes a 
hexagon, a nine-piece five-pointed star becomes a penta- 
gon, and so on. See also tangrams and Loculus of 
Archimedes.°) 7”! 


dissipative system 

A dynamical system that contains internal friction 
that deforms the structure of its attractor. Dissipative 
systems often have internal structure despite being 
far from equilibrium, like a whirlpool that preserves 
its basic form despite being in the midst of constant 
change. 


distortion illusion 

An illusion that distorts an image’s shape and/or size. 
Famous examples include Poggendorff illusion, Zéllner 
illusion, Titchener illusion, irradiation illusion, Fraser 
spiral, Miiller-Lyer illusion, Orbison’s illusion, verti- 
cal-horizontal illusion, and Ames room. 


distributive 
Three numbers x, y, and z are said to be distributive over 
the operation + if they obey the identity 


x(y +2) = xy + xz. 


Compare with associative and commutative. 


diverge 

If a sequence doesn’t converge it is said to diverge (see 
convergence). This can be if it goes to infinity, or if it 
simply cycles between two or more values without ever 
staying on one of them. For example, the sequences: 1, 2, 
4, 8, 16,32,...and1,0, 1,0, 1,0,...are both divergent. 


division 

A counterpart to multiplication defined so that if 
axb=c 

where b is nonzero, then 


a=c/b. 


In this equation, a is the quotient, b is the divisor, and c is 
the dividend. A skeletal division is a long division in 
which most or all of the digits are replaced by a symbol 
(usually asterisks) to form a cryptarithm. 


dodecagon 
A polygon with 12 sides. 


dodecahedron 

A polyhedron with 12 faces. A regular dodecahedron is 
made from faces that are identical regular pentagons and 
is one of the Platonic solids. 





dodecahedron A mechanical puzzle in the form of a dodeca- 
hedron. Mr. Puzzle Australia, www.mrpuzzle.com.au 
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Dodgson, Charles Lutwidge 
See Carroll, Lewis. 


dollar 

The elaborate designs on the various denominations of 
American dollar bills can be used for some amusing 
games of the “Can you find... 2” variety. On a $1 bill, 
there is an owl in the upper left-hand corner of the “1” 
encased in the shield, and a spider hidden in the front 
upper right-hand corner. There are also at least nine 
occurrences of thirteen things: 13 steps on the pyramid, 
13 letters in the Latin above the pyramid, 13 letters in “E 
Pluribus Unum,” 13 stars above the eagle, 13 plumes of 
feathers on each span of the eagle’s wing, 13 bars on the 
shield, 13 leaves on the olive branch, 13 fruits, and 13 
arrows. On the back of a $5 bill the number 172 can be 
found in the bushes at the base of the Lincoln Memorial, 
while on the back of the old $10 bill are four cars and 
eleven light posts. On the new $100 dollar bill the time 
on the clock tower of Independence Hall reads 4:10. 


domain 
The set of numbers x for which the function f(x) is 
defined. See also codomain and range. 


domino 

A small rectangular tile, marked with spots, that is used 
to play games. There are many varieties of dominoes 
and games based on them. Most domino tiles, however, 
have roughly 2-to-1 proportions and each half of each 
domino has spots arranged as on a six-sided die; the set 
generally contains tiles with all possible combinations 
of two numbers. A tile is identified by the number of 
spots on each half: for example, “1-6” or “3-3.” Eng- 
lish/American dominoes include blank sides; Chinese 
dominoes don’t but do duplicate some whole tiles. Eng- 
lish/American dominoes can also be bought in larger 
sets with numbers of spots up to nine or twelve per side. 
Other than games of strategy, there are many mathe- 
matical puzzles that involve dominoes. Some of these 
puzzles involve tiling variations on the standard 8 x 8 
chessboard. 


PUZZLE 
A standard chessboard can easily be tiled by using four 
dominos in each row. But what if two squares are 
removed, one each from diagonally opposite corners of 
the chessboard? Can this reduced board be completely 
tiled by nonoverlapping dominoes? 

Solutions begin on page 369. 


Another common pastime using domino tiles is to 
stand them on edge in long lines, then topple the first 
tile, which falls on and topples the second, and so forth, 
resulting in all of the tiles falling. Arrangements of thou- 
sands of tiles have been made that take several minutes to 
fall. By analogy, phenomena of chains of small events 
each causing similar events leading to eventual catastro- 
phe are called domino effects. The word domino was first 
used to refer to the hooded black cape worn by priests, 
and later to black masks (of the Lone Ranger type) worn 
at masquerade balls. The domino is the simplest form of 
polyomino. 


domino problem 

Is there an algorithm (a set of instructions) that, when 
given a particular shape as an input, decides if the shape 
can be used to tile the entire plane? The solution to this 
unresolved problem is tied up with Heesch numbers. 
The domino problem in turn has a deep connection with 
the Einstein problem. 


dozen 
See twelve. 


dragon curve 

A classic example of a recursively generated fractal shape. 
Benoit Mandelbrot called it the “Harter-Heighway” 
dragon curve and it formed the subject of one of Martin 
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Gardner’s Mathematical Games columns in Scientific Amer- 
ican in 1967."""" The dragon curve fills out an “island” of 
positive area with a fractal boundary. 


dual 

(1) The dual of a solid is formed by joining the centers of 
adjacent faces with straight lines. In the resulting dual 
solid, each vertex of the dual corresponds to a face on 
the original, each face on the dual to an original vertex, 
while the edges match, one for one. (2) The dual of a tes- 
sellation is obtained by replacing each tile with a point at 
its center, and each edge between tiles with an edge join- 
ing vertices. The dual of a regular tessellation is a regular 
tessellation; the dual of a semi-regular tessellation is not 
semi-regular. 


Dudeney, Henry Ernest (1857-1930) 

An English writer and puzzle-maker who became one of 
the greatest exponents of recreational mathematics of 
his time. Chess and chess problems captivated him 
from an early age and he was only 9 when he started 
contributing puzzles to a local newspaper. His educa- 
tion was limited and he started work as a clerk in the 
civil service at the age of 13. However, he kept up his 
interest in math and chess, wrote articles for magazines 
under the pseudonym “Sphinx,” and joined a literary 
circle that included Arthur Conan Doyle. In 1893 he 
struck up a correspondence with the American puzzle- 
maker Sam Loyd, the other leading mathematical recre- 
ationist of the day, and the two shared many ideas. 
However, a rift developed after Dudeney accused Loyd 
of publishing many of Dudeney’s puzzles under his 
own name. One of Dudeney’s daughters “recalled her 
father raging and seething with anger to such an extent 
that she was very frightened and, thereafter, equated 
Sam Loyd with the devil.” Dudeney was a columnist for 
the Strand Magazine for over 30 years and wrote six 
books. The first of these, The Canterbury Puzzles," pub- 
lished in 1907, purports to include a collection of prob- 
lems posed by the characters in Chaucer’s The Canterbury 
Tales. The answer to the so-called Haberdasher’s puzzle 
is Dudeney’s best known geometrical discovery. His 
other books include Amusements in Mathematics 
(1917)®*! and The World’s Best Word Puzzles (1929). See 
also spider-and-fly problem and polyomino.”*! 


Dunsany, Lord Edward Plunkett (1878-1957) 

An Irish writer who was one of the founders of the fan- 
tasy genre of literature. Edward John Moreton Drax Plun- 
kett was born in London to a family whose roots in 
Ireland predate the Norman invasion. He inherited his 
father’s title in 1899, fought in the Boer War, and 





Dunsany, Lord Edward Plunkett = The Dunsany Estate 


returned to the ancestral home, Dunsany Castle, in 1901. 
Lord Dunsany was a keen marksman and hunter, a fine 
player of cricket (Dunsany had its own cricket ground 
near the village), tennis (there is a court beside the Cas- 
tle), and chess (he was an amateur champion and once 
drew with Grand Master Capablanca. He also wrote chess 
puzzles for the 7imes over many years and invented his 
own variant of the game. His first of many books, The 
Gods of Pegana, was published in 1905. In writings that 
spanned fantasy, drama, poetry, and science fiction, he 
was an early explorer of such ideas as chess-playing com- 
puters (in “The Three Sailors’ Gambit” from The Last 
Book of Wonder and, again, in his 1951 novel The Last Rev- 
olution) and paradoxes in time travel (e.g., in “Lost” from 
The Fourth Book of Jorkens and “The King That Was Not” 
from Time and the Gods). 


Dupin cyclide 

The envelope of all spheres touching three given fixed 
spheres. (Each of the fixed spheres is to be touched in an 
assigned manner, either externally or internally.) Equiva- 
lently, the envelope of all spheres whose centers lie on a 
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given conic section and which touch a given sphere. 
Also equivalently, the inverse of a torus. 


duplicating the cube 

A classical mathematical challenge of antiquity: using 
only a straightedge and compass, construct a cube whose 
volume is exactly twice that of a given cube. It is often 
called the “Delian” problem because of a legend that sur- 
rounds its origin. The citizens of Athens were being dev- 
astated by a plague so that, in 430 B.c., they sought 
advice from the oracle at Delos on how to rid their com- 
munity of this pestilence. The oracle replied that the altar 
of Apollo, which was in the form of a cube, had to be 
doubled in size. Thoughtless builders merely doubled the 
edges of the cube, failing to appreciate that this increased 
the volume of the altar eightfold. The oracle said the 
gods had been angered; the plague grew worse. Other del- 
egations consulted Plato. When informed of the oracle’s 
admonition, Plato told the citizens “the god has given 
this oracle, not because he wanted an altar of double the 
size, but because he wished in setting this task before 
them, to reproach the Greeks for their neglect of mathe- 
matics and their contempt of geometry.” Many Greek 
mathematicians attacked the problem. All failed, because 
the so-called Delian constant, V2 (the required ratio of 
sides of the original cube and that to be constructed), 
needed for the duplication can’t be constructed as pre- 
scribed. Cube duplication is possible, however, using a 
Neusis construction. See also cissoid of Diocles. 


Diirer, Albrecht (1471-1528) 


Sane judgment abhors nothing so much as a picture 
perpetrated with no technical knowledge, although 
with plenty of care and diligence. Now the sole rea- 
son why painters of this sort are not aware of their 
own error 1s that they have not learnt Geometry, 
without which no one can either be or become an 
absolute artist. 

—from The Art of Measurement, 1525 


A German printmaker who, through applying mathemat- 
ics to art, brought important ideas to mathematics itself 
especially in the area of perspective geometry. Durer was 
born in Niiremberg, one of 18 children, and showed an 
early talent for art. After a four-year apprenticeship in 
painting and woodcutting, he began traveling Europe, 
especially Italy, in search of new styles and ideas. Back in 
Niiremberg, he began a serious study of mathematics, 
absorbing Elements by Euclid and De architectura by the 
great Roman architect Vitrivius, and studying the work of 
Leone Alberti (1404-1472) and Luca Pacioli on mathe- 
matics and art, in particular their work on proportion. His 
mastery of perspective is clear in woodcuts Life of a Virgin 


(1502-1505). In about 1508, Diirer began to collect mate- 
rial for a major work on mathematics and its applications 
to the arts. This work was never finished but Diirer did use 
parts of the material in later published work. One of his 
most famous engravings Melancholia, produced in 1514, 
contains the first magic square to be seen in Europe, 
cleverly including the date 1514 as two entries in the mid- 
dle of the bottom row. Also of mathematical interest in 
Melancholia is the polyhedron in the picture, the faces of 
which appear to consist of two equilateral triangles and six 
somewhat irregular pentagons. In 1825 Diirer published a 
four-volume treatise, Underweysung der Messung (available 
in English translation as Painter’s Manual), which dealt 
with, among other things, the construction of various 
curves, polygons, and other solid bodies. One of the first 
books to teach the methods of perspective, it was highly 
regarded throughout the sixteenth century and presents 
the earliest known examples of polyhedral nets, that is, 
polyhedra unfolded to lie flat for printing. 

Diirer traveled to Italy to learn about perspective and 
was keen to publish the methods so they weren’t kept 
secret among a few artists. Who he learned from is not 
known, but Luca Pacioli is a likely possibility. Some of 





Diirer, Albrecht The famous woodcut Melancholia, by Albrecht 
Diirer, features a magic square and an unusual polyhedron. 
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the techniques and illustrations also follow closely the 
work of Piero della Francesca. 

Diirer’s final work, his Treatise on Proportion, was pub- 
lished posthumously and laid the groundwork for descrip- 
tive geometry and its rigorous mathematical treatment by 
Gaspard Monge. 


Diirer’s shell curve 

Given a parabola and a line that is tangent to the 
parabola, the glissette of a point on a line sliding 
between the parabola and the tangent. It has the equa- 
tion (x? + xy + ax — b’) = (b’ — x’)\(x-y tay. 


dynamical system 

A nonlinear, interactive system that evolves over time, 
showing transformations of behavior and an increase in 
complexity. Key to this evolution is the presence and 
emergence of attractors, most notably chaotic attractors. 


The changes in the system’s organization and behavior are 
known as bifurcations. Dynamical systems are determin- 
istic systems, although they can be influenced by random 
events. Times series data of dynamical systems can be 
graphed as phase portraits in phase space in order to indi- 
cate the qualitative or topological properties of the system 
and its attractors. For example, various physiological sys- 
tems, such as the heart, can be conceptualized as dynami- 
cal systems. Seeing physiological systems as dynamical 
systems opens up the possibility of studying various 
attractor regimes. Moreover, certain diseases can be 
understood now as “dynamical diseases,” meaning that 
their temporal phasing can be a key to understanding 
pathological conditions. 


dynamics 
Pertaining to the change in behavior of a system over 
time. 





Pi goes on and on andon... 
And ¢ is just as cursed. 
I wonder: Which is larger 
When their digits are reversed? 
—Martin Gardner 


Possibly the most important number in mathematics. 
Although pi is more familiar to the layperson, e is far 
more significant and ubiquitous in the higher reaches of 
the subject. One way to think of e is as the number of 
dollars you would have in the bank at the end of a year 
if you invested $1 at the start of the year and the bank 
paid an annual interest rate of 100% compounded con- 
tinuously. Compound interest doesn’t behave in quite 
the way intuition suggests. Because more frequent com- 
pounding causes the principal to grow faster, it might 
seem that continuous compounding would make the 
investor very rich in short order. But the effect tails off. 
At the end of one year, the $1 would have grown to a 
mere $2.72, rounded to the nearest cent. To a better 
approximation, ¢ is 2.718281828459045 . . ., its decimal 
expansion stretching out forever, never repeating in any 
permanent pattern, because e¢ is a transcendental num- 
ber. It is the base of natural logarithms, which is equiv- 
alent to the fact that the area under the curve (the 
integral of) y = 1/x between x = 1 and x =e is exactly 
equal to one unit. It also features in the exponential 
function y = e*, which is unique in that its value (y) is 
exactly equal to its growth rate (dy/dx in calculus no- 
tation) at every point. As well as showing up in prob- 
lems involving growth or decay (including compound 
interest) or in calculus, whenever logarithmic or expo- 
nential functions are involved, ¢ is at the heart of the 
statistical bell curve; the shape of a hanging cable, 
known as a catenary; the study of the distribution of 
prime numbers; and Stirling’s formula for approximat- 
ing factorials. 

Like 1, e pops up as the limit of many continued frac- 
tions and infinite series. Leonhard Euler, who was the 
first to study and to use the symbol ¢ (in 1727), found it 
could be expressed as the curious fraction: 
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No less remarkable is this infinite series of which ¢ is the 
sum: 


14 1/1! 4 1/2!4+ 1/3!4+ 1/414... 


But of all the places that e appears in mathematics none 
is more extraordinary than Euler’s formula from which 
comes the most profound relationship in mathematics: 
e” + 1=0, linking e and x with complex numbers.”""! 


Earthshapes 

A series of 12 hypothetical Earths as conceived by Amer- 
ican airman Joseph Portney in 1968 during a flight to the 
North Pole onboard a U.S. Air Force KC-135. As the 
North Pole was reached, Portney looked on the icy ter- 
rain below and asked himself, “What if the Earth 
were... ?” The hypothetical Earths, cylindrical, conic, 
donut-shaped, and so forth, were sketched and cap- 
tioned by Portney and given to the Litton Guidance & 
Control Systems graphic arts group to create models. 
These models were then photographed and became 
the theme of a Litton publication entitled Pilots and 


= 
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Navigators Calendar for 1969. Each month was intro- 
duced with a different one of the 12 hypothetical Earths. 
The result was an international sensation, attracting 
awards and heavy fan mail. 


eccentricity 
See conic section. 


economical number 

A number that has no more digits than there are digits in 
its prime factorization (including powers). If a number 
has fewer digits than are in its prime factorization it is 
known as a frugal number. The smallest frugal is 125, 
which has three digits, but can be written as 5°, which 
has only two. The next few frugals are 128 (2’), 243 (3°), 
256 (2°), 343 (7°), 512 (2°), 625 (5"), and 729 (3%). An 
equidigital number is an economical number that has the 
same number of digits as make up its prime factoriza- 
tion. The smallest equidigitals are 1, 2, 3, 5, 7, and 10 
(= 2 x5). All prime numbers are equidigital. An extrav- 
agant number is one that has fewer digits than are in its 
prime factorization. The smallest extravagant number is 
4 2’), followed by 6, 8, and 9. There are infinitely 
many of each of these kinds of numbers. Are there also 
arbitrarily long sequences of consecutive ones? Seven- 
member strings of consecutive economical numbers 
start at each of 157; 108,749; 109,997; 121,981; and 
143,421. On the other hand, the longest string of con- 
secutive frugal numbers up to 1 million is just two (for 
example, 4374 and 4375). Even so, it has been proved 
that if a certain conjecture about prime numbers known 
as Dickson’s conjecture is true, then there are arbitrarily 
long strings of frugals. 


Eddington number 

“I believe there are 15,747,724,136,275,002,577,605,653, 
961,181,555,468,044,717,914,527,116,709,366,231,425, 
076,185,631,031,296 protons in the universe and the 
same number of electrons.” So wrote the English astro- 
physicist Sir Arthur Eddington (1882-1944) in his book 
Mathematical Theory of Relativity (1923). Eddington ar- 
rived at this outrageous conclusion after a series of 
convoluted (and wrong!) calculations in which he first 
“proved” that the value of the so-called fine-structure 
constant was exactly 436. This value appears as a factor in 
his prescription for the number of particles (protons + 
electrons; neutrons were not discovered until 1930) in 
the universe: 2 x 136 x 27° = 17 x 27 = 3.149544 ...x 
10” (double the number written out in full in the quote 
above). This is the Eddington number, notable for being 
the largest specific integer (as opposed to an estimate or 


approximation) ever thought to have a unique and tan- 
gible relationship to the physical world. Unfortunately, 
experimental data gave a slightly lower value for the fine- 
structure constant, closer to 437. Unfazed, Eddington 
simply amended his “proof” to show that the value had 
to be exactly ‘437, prompting the satirical magazine 
Punch to dub him “Sir Arthur Adding-One.” See also 
large number. 


edge 
A line segment where two faces meet. A cube, for exam- 
ple, has 12 edges. 


edge coloring theorem 
See Tait’s conjecture. 


edge of chaos 

The hypothesis that many natural systems tend toward 
dynamical behavior that borders static patterns and the 
chaotic regime. See also chaos. 


ess 

Specifically, a chicken’s egg and its mathematical equiva- 
lent. Eggs are often described as being oval in shape, 
which is effectively tautological since “oval” comes from 
the Latin ovus for “egg.” Strictly speaking, an oval is a flat 
two-dimensional curve, so it is more accurate to say that 
an egg is shaped like the surface of revolution of an oval. 
In real life, eggs, like ovals, come in a variety of forms all 
of which can be loosely described as “like an ellipsoid 
but with one end more pointed than the other.” Because 
eggs vary in shape, so too do their mathematical descrip- 
tions. Having said this, there are a variety of ways to 
approximate the shape of a hen’s egg by modifying the 
equation of an ellipsoid, «’/a’ +.y’/b’ + z’/c? = 1, so as to 





egg A good egg shape is obtained by drawing four circle arcs 
of different radii. © Jan Wassenaar, www.2dcurves.com 
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introduce an asymmetry about the long (say, z-) axis. 
These involve multiplying z’/c? by a suitable term, so 
that y becomes larger on the right side of the y-axis and 
smaller on the left side. For example, x’/a* +.y’/b? + 27/c? 
(1 — kx) = 1 gives a good egg. Other useful egg approxi- 
mations come from surfaces of revolution of Cartesian 
ovals, Cassinian ovals, and sections through cones and 
cylinders. In France, where tennis first became popular, a 
zero on the scoreboard looked like an egg and was called 
Poeuf, which is French for “egg.” When tennis was intro- 
duced in the United States, Americans pronounced it 
“love.” 

Why is a hen’s, or other bird’s, egg shaped as it is? 
Because it gives strength even though the eggshell is thin 
enough to allow the young bird to peck its way out when 
ready. To demonstrate this strength, try balancing a pile 
of books on four half egg shells. It is even possible for a 
person’s weight to be supported in this way. 

Another trick with eggs is to distinguish between a 
raw egg and a hardboiled one without cracking them 
open to see which is which. Lay both eggs on their sides 
on a table, and spin them as you would a spinning top. 
With a bit of practice, the cooked egg will be made to 
rise up for a few seconds, while the raw one will remain 
on its side. The physics of this odd behavior was finally 
cracked by two mathematicians, Keith Moffat of Cam- 
bridge University and Yutaka Shimomura of Keio Uni- 
versity, who reported their findings in 2002. They 
concluded that friction between the egg and the surface 
produces a gyroscopic effect, which causes some of the 
kinetic energy of the object to be translated into poten- 
tial energy, raising its center of gravity (see also Tippee 
Top). As the hardboiled egg spins, its curved surface 
causes it to touch the tabletop at only one point. The 
contact point changes and traces out a little circle. If the 
texture of the tabletop is just right (neither too slippery 
nor too sticky) the egg will slide a bit as it spins. This 
sliding slows the spin a bit and causes a wobble. This in 
turn tilts the egg, lifting one end off the table more than 
the other, at which point the gyroscopic effect kicks in 
and swaps some of the kinetic energy of the spinning 
egg into potential energy and raises its center of gravity 
in a seemingly paradoxical way. This effect is height- 
ened by the fact that as the end of the egg rises, the egg 
draws in closer to the axis of spin, causing it to spin 
more quickly—just as figure-skaters can make themselves 
pirouette faster by raising their arms above their heads. 
Why doesn’t the effect occur with a raw egg? Because 
the inside of the egg is runny and it lags behind the 
shell. This lag serves as a drag, which reduces the spin 
rate and dissipates the egg’s kinetic energy. This in turn 
reduces the friction between the egg and tabletop, and 


means that not enough energy is available to be turned 
into potential energy to raise the egg’s center of gravity. 
As well as solving the mystery of the balancing egg, 
Moffat also found time to write a limerick to commem- 
orate the event: 


Place a hard-boiled egg on a table, 

And spin it as fast as you’re able; 

It will stand on one end 

With vectorial blend 

Of precession and spin that’s quite stable. 


See also superegg. 


Egyptian fraction 

A unit fraction; in other words, a fraction in which the 
numerator (the number on top) is one. This type of frac- 
tion was the only kind used by the ancient Egyptians and 
appears extensively in the Rhind papyrus. Other fractions 
can be obtained by adding Egyptian fractions together; for 
example, 7/7 = + % + ‘1. In 1201 Fibonacci proved that 
every rational number can be written as a sum of Egypt- 
ian fractions. 


eigenvalue 

A complex number, A, that satisfies the equation Ax = Xx, 
where A is an ” Xm matrix and x is some vector. In this 
case, x is called an eigenvector. 


eight 

The second smallest cube number (after 1*): 8 = 27 = 2 x 
2 x 2. A queen or king in chess can move in eight differ- 
ent directions, in the same way that a compass has eight 
principal points: north, northeast, east, southeast, south, 
southwest, west, and northwest. In three dimensions, 
there are eight diagonal ways to move, corresponding to 
the eight octants into which three-dimensional space is 
divided by three mutually perpendicular planes. Add a 
fourth dimension and movement becomes possible 
back and forth along four directions at right angles to 
each other: up and down, left and right, forward and 
back, and to one other! The Spanish dollar was a gold 
coin with a value of eight reales, and was sometimes ac- 
tually cut into eight wedge-shaped pieces—“pieces of 
eight”—to make change. 


eight curve 
A curve, also known as the /emniscate of Gerono, that has 
the Cartesian equation 


hic a(x? —y) 


and the appearance of a figure eight lying on its side. 
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Einstein problem 

(1) Is there a single shape that will tile a plane aperiodi- 
cally (see aperiodic tiling)? An answer of “no” would 
imply the existence of a decision method for the domino 
problem. This problem, which is named because of the 
German translation (e = “one,” stein = “stone”) and 
was not an invention of the famous scientist, remains 
unsolved. (2) A logic problem, invented by Albert Ein- 
stein, who claimed that 98% of the people in the world 
couldn’t solve it. 


PUZZLES 

1. There are 5 houses (along a street) in 5 different 
colors: blue, green, red, white, and yellow. 

2. In each house lives a person of a different nation- 
ality: Briton, Dane, German, Norwegian, and 
Swede. 

3. These 5 owners drink a certain beverage: beer, 
coffee, milk, tea, or water; smoke a certain brand 
of cigar: Blue Master, Dunhill, Pall Mall, Prince, or 
blend; and keep a certain type of pet: cat, bird, 
dog, fish, or horse. 

4. No owners have the same pet, smoke the same 
brand of cigar, or drink the same beverage. 

5. The Briton lives in a red house. The Swede keeps 
dogs as pets. The Dane drinks tea. The green 
house is on the left of the white house (next to 
it). The green house owner drinks coffee. The per- 
son who smokes Pall Mall rears birds. The owner 
of the yellow house smokes Dunhill. The man liv- 
ing in the house right in the center drinks milk. 
The Norwegian lives in the first house. The man 
who smokes blend lives next to the one who 
keeps cats. The man who keeps horses lives next 
to the man who smokes Dunhill. The owner who 
smokes Blue Master drinks beer. The German 
smokes Prince. The Norwegian lives next to the 
blue house. The man who smokes blend has a 
neighbor who drinks water. 

The question is: Who keeps the fish? 
Solutions begin on page 369. 


elementary function 
Any real-value algebraic function or transcendental func- 
tion (trigonometric, hyperbolic, exponential, logarithmic). 


eleven 

A palindromic number, the smallest integer that is not a 
Harshad number, a prime number that is a member of 
a twin prime (11 and 13), and the largest integer that is 
not the sum of two or more distinct primes. There are 11 


players on a soccer team and on a cricket team. Strange 
but true: the youngest pope was 11 years old. 


ellipse 

A shape that looks like a squashed circle. It is one of the 
conic sections and can be defined as the locus of all 
points in a plane that have the same sum of distances 
from two given fixed points known as foci. If the two foci 
coincide then the ellipse is a circle. The line segment 
connecting the foci is called the major axis of the ellipse; 
half this is the semimajor axis, a. The line passing through 
the center of the ellipse (the midpoint of the foci) at right 
angles to the major axis is called the minor axis, half of 
which is the semiminor axis, b. An ellipse centered at the 
origin of an x-y coordinate system with its major axis 
along the x-axis is defined by the equation 


la? t+y7/b? = 1. 


The shape of an ellipse is expressed by a number called 
the eccentricity, e, which is related to a and 5 by the for- 
mula b? = a*(1 —e’). The eccentricity is a positive number 
less than 1, or 0 in the case of a circle. The greater the 
eccentricity, the larger the ratio of a to J, and therefore 
the more elongated the ellipse. The distance between the 
foci is 2ae. The area enclosed by an ellipse is mab. The cir- 
cumference of an ellipse is 4aE(e), where the function E 
is the complete elliptical integral of the second kind. 


ellipse Nails mark the foci, F, and F,, of an ellipse that is 
drawn by pencil whose moving tip, P. keeps the string 
threaded around the nails taut. 
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ellipsoid 

A quadratic surface that is the three-dimensional analog 
of an ellipse. The general equation of an ellipsoid in 
Cartesian coordinates is 


Pa +/+ 27/c =1, 


where a, b, and c are positive real numbers determining 
the shape. If two of these numbers are equal, the ellipsoid 
is a spheroid; if all three are equal, it is a sphere. The 
intersection of an ellipsoid with a plane is a single point 
or an ellipse. Ellipsoids can also be defined in higher 
dimensions. 


elliptic curve 

The set of solutions to a type of cubic equation whose 
solutions lie on a torus (a donut-shaped surface). The 
particular type of cubic equation whose solutions lead to 
elliptic curves takes the form 


ytaytbax+cet+dxcte. 


Elliptic curves, which are said to have a genus of 1, have 
an unusually rich theory and structure, and their study is 
linked to many other important areas of mathematics 
and their applications. For example, it was work done on 
elliptic curves by Andrew Wiles that finally led to a proof 
of Fermat’s last theorem. 


elliptic function 

In complex analysis, a function defined on the com- 
plex plane that is periodic in two directions. The elliptic 
functions can be thought of as analogs of the trigono- 
metric functions (which have only a single period). 
Leading eighteenth-century mathematicians, including 
Leonhard Euler and Joseph Lagrange, had studied ellip- 
tic integrals, such as the integral that gives the arc length 
of an ellipse; however, these cannot be expressed in 
terms of the elementary functions (polynomials, expo- 
nentials, and trigonometric functions). It was the insight 
of Karl Jacobi, and also of Karl Gauss and Niels Abel, 
that the inverse functions of elliptic integrals are much 
easier to study. They turn out to be doubly periodic 
functions of a complex variable. While a singly periodic 
function like sine has a number a (specifically a = 2m) so 
that sin(x + a) = sin(x), a doubly periodic function fhas 
the property that there are two numbers a, J, not rational 
multiples of each other, so that f(x + a) = f(x + J) = f(x). 
As Jacobi proved in 1834, the ratio a/b is necessarily an 
imaginary number. 


elliptical geometry 
One of the two most important types of non-Euclidean 
geometry: the other is hyperbolic geometry. In ellipti- 


cal geometry, Euclid’s parallel postulate is broken 
because no line is parallel to any other line. The original 
form of elliptical geometry, known as spherical geometry 
or Riemannian geometry, was pioneered by Bernhard Rie- 
mann and Ludwig Schlafli and treats lines as great 
circles on the surface of a sphere. The most familiar 
example of such circles, which are geodesics (shortest 
routes) on a spherical surface, are the lines of longitude 
on Earth. In spherical geometry any two great circles 
always intersect at exactly two points. Two lines of lon- 
gitude, for example, meet at the North and South Poles. 
Working in spherical geometry produces some surpris- 
ing, nonintuitive results. For instance, it turns out that 
the shortest flying distance from Florida to the Philip- 
pine Islands is a path across Alaska—even though the 
Philippines are at a more southerly latitude than Florida! 
The reason is that Florida, Alaska, and the Philippines lie 
on the same great circle and so are collinear in spherical 
geometry. Another odd property of spherical geometry 
is that the sum of the angles of a triangle is greater than 
180°. This is always the case on a surface that bulges out 
or, in mathematical parlance, has positive curvature. It 
was Felix Klein who first saw clearly how to rid spherical 
geometry of its one blemish: the fact that two lines have 
not one but two common points. He redefined the 
notion of a point as a set of antipodal points. With this 
definition, any two points determine a unique line so 
that the traditional form of Euclid’s first postulate is 
restored. Thus modified, spherical geometry became 
what Klein called elliptical geometry. 


embedding 

Putting one mathematical object inside another, such as a 
subgroup within a group or one topological space inside 
another, while preserving all topological properties. 


emergence 

The arising of new, unexpected structures, patterns, 
or processes in a self-organizing system (see self- 
organization). These emergents have their own rules, laws, 
and possibilities, and can be understood as existing on a 
higher level than that of the components from which 
they came. The term was first used by the nineteenth- 
century philosopher G. H. Lewes and came into greater 
currency in the scientific and philosophical movement 
known as emergent evolutionism in the 1920s and 1930s. 


emirp 

A prime number that becomes a different prime number 
when its digits are reversed (“emirp” is “prime” spelled 
backward). The first twenty emirps are 13, 17, 31, 37, 71, 
73, 79, 97, 107, 113, 149, 157, 167, 179, 199, 311, 337, 347, 


—p— 





106 empty set 





359, and 389. Compare with a palindromic prime (see 
palindromic number), which gives the same prime when 
reversed. 


empty set 

The set, denoted by © or {}, that has no members; also 
known as the zull set. This is not the same as zero, which 
is the number of members of ©. Nor is © the same as 
nothing because a set with nothing in it is still a set, and 
a set is something. The empty set, for example, is the set 
of all triangles with four sides, the set of all numbers 
that are bigger than nine but smaller than eight, and the 
set of all opening moves in chess that involve a king. 
Applying the concept of the empty set helps distinguish 
between the different ways that “nothing” is used in 
everyday language. In his book What Is the Name of This 
Book? (1978), Raymond Smullyan wrote:°! “Which is 
better, eternal happiness or a ham sandwich? It would 
appear that eternal happiness is better, but this is really 
not so! After all, nothing is better than eternal happi- 
ness, and a ham sandwich is certainly better than noth- 
ing. Therefore a ham sandwich is better than eternal 
happiness.” 

What is wrong with this declaration? The first state- 
ment is equivalent to “The set of things that are better 
than eternal happiness is ©.” The second statement is 
equivalent to “The set {ham sandwich} is better than the 
set ©.” The confusion arises because the first is compar- 
ing individual things, while the second is comparing sets 
of things, and @ plays a different role in each. 


enantiomorph 
The mirror image of a given chiral polyhedron or other 
figure. 


enormous theorem 

The largest theorem in mathematics; it concerns the clas- 
sification of finite simple groups and encapsulates the 
work of hundreds of mathematicians over many years. 


entropy 
A measure of a system’s degree of randomness or disorder. 


envelope 
A curve or a surface that touches every member of a fam- 
ily of lines, curves, planes, or surfaces. 


epicycloid 

The path traced out by a point on the circumference of a 
circle of radius b rolling on the outside of a circle of 
radius a. It is described by the parametric equations: 


x = (a+b) cos(d) — b cos((a/b + 10) 
y= (a+b) sin(d) — b sin((a/b + 1d). 


An epicycloid is like a cycloid on the circumference of a 
circle and is closely related to the epitrochoid, hypocy- 
cloid, and hypotrochoid. An epicycloid with one cusp is 
called a cardioid, one with two cusps is called a nephroid, 
and one with five cusps is called a ranunculoid (after the 
buttercup genus Ranunculus). 


Epimenides paradox 
See liar paradox. 


epitrochoid 

A curve traced out by a point that is a distance c from the 
center of a circle of radius 2, where c < J, that is rolling 
around the outside of another circle of radius a. It is 
described by the parametric equations 


x = (a+b) cos(d — ¢ cos((a/b — 1)d) 
y= (a+b) sin(d — c sin((a/b + 1d). 





Closely related to the epitrochoid are the epicycloid, 
hypocycloid, and the hypotrochoid. An example of an 
epitrochoid appears in Albrecht Diirer’s work Instruction 
in Measurement with Compasses and Straightedge (1525). 


EPORN 

An equal product of reversible numbers; defined by the 
Indian recreational mathematician Shyam Sunder Gupta 
as a number that can be expressed as the product of two 
reversible numbers (numbers whose digits are reversed) 
in two different ways. For example: 4,030 = 130 x 031 = 
310 x 013 and 144,648 = 861 x 168 = 492 x 294. The 
smallest EPORN, 2,520 = 120 x 021 = 210 x 012, is also 
the least common multiple of all single digit natural 
numbers in decimal system. The digital root, i.e. the ulti- 
mate sum of digits, of all EPORNs is always 1, 4, 7, or 9. 
For example, 2,520 =2+5+2+0=9; 4,030=4+0+ 
3+0=7; 9,949,716=94+94+4494+741+46=36 and 
3+6=9. 


equichordal point 
A point inside a closed convex curve in the plane, all the 
chords through which have the same length. 


equilateral 

Having sides of equal length, as in the case of an equilat- 
eral polygon. The equilateral triangle, with its three 
equal angles of 60°, is widely found in historic buildings 
and structures across Europe. See Triangular Lodge. 
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equilibrium 

A term indicating a rest state of a system, for example, 
when a dynamical system is under the sway of a fixed- 
point attractor or periodic attractor. The concept origi- 
nated in ancient Greece when Archimedes experimented 
with levers in balance, literally “equilibrium.” The idea 
was elaborated through the Middle Ages, the Renaissance, 
and the birth of modern mathematics and physics in the 
seventeenth and eighteenth centuries. “Equilibrium” has 
come to mean pretty much the same thing as stability, that 
is, a system that is largely unaffected by internal or exter- 
nal changes since it easily returns to its original condition 
after being perturbed. 


equivalent numbers 

Numbers such that the sums of their aliquot parts 
(proper divisors) are the same. For example, 159, 559, 
and 703 are equivalent numbers because their aliquot 
parts all sum to 57. 


Eratosthenes of Cyrene (c. 276-194 B.c.) 

A Greek mathematician, astronomer, and geographer 
who was born in Cyrene, a Greek colony to the west of 
Egypt. He studied at Plato’s school in Athens and even- 
tually became the chief librarian of the great Library at 
Alexandria. He wrote works on geography, philosophy, 
history, astronomy, mathematics, and literary criticism. 
One of Eratosthenes’ contributions to mathematics 
was his measurement of Earth’s circumference, which 
he calculated to be about 252,000 stadii, or 24,700 
miles (about one-tenth the actual value, but still a big 
improvement on earlier estimates). Eratosthenes is also 
known in number theory for his sieve of Eratos- 
thenes, which finds all prime numbers less than a 
given integer x. 


Eratosthenes’s sieve 
See sieve of Eratosthenes. 


Erdés, Paul (1913-1996) 

A Hungarian mathematician (his name is pronounced 
“AIR-dosh”), one of the greatest mathematicians of the 
twentieth century and, in terms of the number of papers 
published (more than 1,500), the most prolific in his- 
tory—beating out even Leonhard Euler and inspiring 
the term “Erdés number.” A mathematician has an 
Erdés number of 1 if he or she has published a paper 
with Erdos, of 2 if he or she has published with some- 
one who published a paper with Erdés, and so on. 
Erdés worked almost nonstop, 19 hours a day, 7 days a 
week. “A mathematician,” he quipped, “is a machine for 
turning coffee into theorems.” At age 20, Erdés discov- 


ered an elegant proof of a famous theorem in number 
theory, known as Chebyshev’s theorem, which says that for 
each number greater than one, there is always at least 
one prime number between it and its double. Number 
theory remained one of his chief interests, though his 
work spread across many fields, and he became re- 
nowned for posing and solving problems that were 
often simple to state but notoriously difficult to solve. 
He did groundbreaking work in a branch of mathemat- 
ics known as Ramsey theory long before it became 
fashionable in the late 1950s. Bent and slight, often 
wearing sandals, Erdés had no time for the material side 
of life. “Property is nuisance,” he said. Focused totally 
on mathematics, Erdés traveled from meeting to meet- 
ing, carrying a half-empty suitcase and staying with 
mathematicians wherever he went. His colleagues took 
care of him, lent him money, fed him, bought him 
clothes, and even did his taxes. In return, he showered 
them with ideas and challenges—with problems to be 
solved and brilliant ways of attacking them. Ernst 
Straus, who worked with both Albert Einstein and 
Erdés, wrote a tribute to Erdés shortly before his own 
death in 1983. He said of Erdés: “In our century, in 
which mathematics is so strongly dominated by ‘theory 
doctors,’ he has remained the prince of problem solvers 
and the absolute monarch of problem posers.”!""”! 


ergodic 

The property of a dynamical system such that all regions 
of a phase space are visited with similar frequency and 
that all regions will be revisited (within a small proxim- 
ity) if given enough time. 


Escher, Maurits Cornelius (1898-1972) 
My work is a game, a very serious game. 


A Dutch artist whose graphic explorations of tiling, figure- 
ground ambiguities, impossible figures, and regression 
has attracted the interest of mathematicians and scien- 
tists. His experiences of Moorish art (see Alhambra) and 
his contact with mathematicians, most notably Harold 
Coxeter, led him to explore the way repetitive shapes can 
be used to tile the plane, and from this to ideas about 
duality and transformation. Escher’s preoccupation with 
dualities is a constant presence in his work in the form of 
foreground/background, light and dark, flatness and 
dimensionality, representation and decoration, frame 
and scene, large and small, viewpoint and vanishing 
point, form and negative space, positive and negative, 
observer and observed, as well as the metaphysical 
aspects of good and evil. Self-referential images (see 
self-referential sentence) resonate throughout Escher’s 
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works—reflections of the artist, hands that draw them- 
selves, the visitor in a picture gallery who looks at a print 
that contains him. It was for this reason that Douglas 
Hofstadter wove Escher, along with Kurt Gédel and 
Bach, into the “eternal golden braid” at the heart of his 
Pulitzer Prize-winning book."”! Having seen some of 
Escher’s art, Roger Penrose was inspired to devise impos- 
sible figures, including the Penrose triangle, which 
Escher then incorporated into several of his later works. 
After the artist’s death Penrose regretted that Escher had 
not lived long enough to take advantage of the discovery 
of Penrose tiling. 


escribed circle 
A circle that is tangent to one side of a triangle and to the 
extensions of the other sides. 


Eternity Puzzle 

An enormously difficult jigsaw consisting of 209 pieces, 
each one different and each made from a unique con- 
figuration of equilateral triangles and half-triangles with 
the same total area as six triangles. The puzzle was to 
fit them together into an almost-regular 12-sided fig- 
ure aligned to a triangular grid. The puzzle’s inventor, 
Christopher Monckton, announced a prize of $1 mil- 
lion when the puzzle was released commercially in June 


1999, for the first correct solution submitted, assuming 
there was one, when all the solutions were opened in 
September 2000. Monckton had run computer searches 
on much smaller versions of the puzzle, which had con- 
vinced him that the sheer size of Eternity would make it 
intractable. However, the prize was won by two British 
mathematicians, Alex Selby and Oliver Riordan, with 
the help of a couple of computers, who sent in a correct 
tiling on May 15, six weeks ahead of the only other puz- 
zler known to have found a correct solution. Early on, 
Selby and Riordan made a surprising discovery. As the 
number of pieces in an Eternity-like puzzle increased, 
so did the difficulty—but only up to a point. The critical 
size is about 70 pieces, which would be almost impossi- 
ble to solve. For larger puzzles, however, the number of 
possible correct solutions increases. In the case of Eter- 
nity itself, with its 209 pieces, there are thought to be at 
least 10” solutions—far more than the number of sub- 
atomic particles in the universe but far, far less than the 
number of nonsolutions. The puzzle itself is much too 
large to solve by an exhaustive search but not, as it turns 
out, by more savvy methods that take into account 
what shaped regions are easiest to tile and what shaped 
pieces are easiest to fit. By steadily refining their search 
algorithm, Selby and Riordan were able to prune out 
the vast majority of nonsolutions and, with a bit of 







TSE 
SRC 
ear, 


7 
SERIES 


Coens 









Eternity Puzzle The solution to the Eternity 
Puzzle that was awarded a $1 million prize. Eter- 
nity pieces are copyright © 1999 by Christopher Monckton 
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good fortune, to hit upon a correct solution and claim 
the prize. 


Euclid of Alexandria (c. 330-270 B.c.) 

A Greek mathematician who compiled and systemati- 
cally arranged the geometry and number theory of his 
day into the famous text Elements. This text, used in 
schools for about 2,000 years, earned him the name 
“the father of geometry.” Even today, the geometries 
that don’t satisfy the fifth of Euclid’s “common no- 
tions” (now called axioms or postulates) are called non- 
Euclidean geometries. When, according to the Greek 
philosopher Proclus, the Egyptian ruler Ptolemy asked if 
there was a shorter way to the study of geometry than the 
Elements, Euclid told the pharaoh that “there is no royal 
road to geometry.” Little is known of Euclid’s life. Pro- 
clus wrote (c. A.D. 350) that Euclid lived during the reign 
of Ptolemy and founded the first school of mathematics 
in Alexandria—the site of the most impressive library of 
ancient times with perhaps as many as 700,000 volumes. 
He wrote books on other subjects such as optics and 
conic sections, but most of them are now lost. See also 
Euclidean geometry. 


Euclidean geometry 

Geometry of the type described originally by Euclid in 
his book Elements and based on five axioms (see Euclid’s 
postulates), one of which is the controversial parallel 
postulate. Various forms of non-Euclidean geometry 
began to emerge in the nineteenth century, with enor- 
mous implications for science and philosophy. See also 
Euclidean space. 


Euclidean space 

Any z-dimensional mathematical space that is a general- 
ization of the familiar two- and three-dimensional spaces 
described by the axioms of Euclidean geometry. The 
term “w-dimensional Euclidean space” (where x is any 
positive whole number) is usually abbreviated to 
“Euclidean -space”, or even just “n-space”. Formally, 
Euclidean m-space is the set R” (where R is the set of real 
numbers) together with the distance function, which is 
obtained by defining the distance between two points 
(%1,.--, X,) and (y1,..., 9) to be the square root of 
x(x; —y)’, where the sum is over7=1,..., 2. This dis- 
tance function is based on Pythagoras’s theorem and is 
called the Euclidean metric. 


Euclid’s postulates 

The five postulates, which together with 23 definitions 
and five “common notions,” form the basis of Euclid’s 
great work on geometry, Elements. The postulates are: 


1. A straight line may be drawn from any one point to 
any other point. 


2. A finite straight line may be produced to any length 
in a straight line. 


3. A circle may be described with any center at any dis- 
tance from that center. 


4. All right angles are equal. 


5. Ifa straight line meets two other lines, so as to make 
the two interior angles on one side of it together less 
than two right angles, the other straight lines will 
meet if produced on that side on which the angles 
are less than two right angles. 


The last postulate is not as obvious as the other four, and 
Euclid himself was reluctant to use it. Later mathemati- 
cians, finding the fifth postulate to be complicated, 
thought it might be possible to derive it from the other 
four. However, they only succeeded in replacing it with 
equivalent statements. The most common of these is the 
parallel postulate. 


Eudoxus of Cnidus (c. 408-c. 355 B.c.) 

A Greek astronomer, mathematician, and physician whose 
work on ratios formed the basis for Book V of Euclid’s 
Elements and anticipated some aspects of algebra, such as 
cross multiplying, which is otherwise absent from ancient 
Greek mathematics. Eudoxus constructed many geometric 
proofs, found formulas for measuring pyramids, cones, 
and cylinders, and developed the method of exhaustion, 
a forerunner of integration, later extended by Archimedes. 
He also studied the kampyle curve, often known as the 
kampyle of Eudoxus, in connection with the classical 
problem of duplicating the cube. 


Euler, Leonhard (1707-1783) 

A great Swiss mathematician; the second most prolific 
mathematician in history, after Paul Erdés. His greatest 
contributions were to number theory, but Euler also did 
important work in calculus, geometry, algebra, probabil- 
ity, acoustics, optics, mechanics, astronomy, artillery, nav- 
igation, and finance. He had a knack for coming up with 
important results by intuition, he cast calculus and 
trigonometry in their modern forms, and he showed the 
importance of the number e. Even the amusing puzzles 
he invented and, in some cases, solved have opened up 
new mathematical fields. The bridges of K6nigsberg 
problem, for example, heralded the beginning of graph 
theory and topology, while his thirty-six officers prob- 
lem stimulated important work in combinatorics. Euler 
also worked on magic squares and the problem of the 
knight’s tour. Having learned some math from his father, 
a Calvinist preacher, Euler studied at the University of 
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Basle where he became close friends with members of the 
Bernoulli family. In 1727, he moved to St. Petersburg, to 
the court of Catherine the Great, becoming professor of 
physics (1730) and of mathematics (1733). While in Rus- 
sia, Euler, a devout Christian, met the encyclopedist and 
philosopher René Diderot, a notorious atheist. When 
Diderot heard that Euler had a mathematical proof of the 
existence of God, he asked for it and was quoted the equa- 
tion now often referred to as Euler’s formula. 

Upon losing the use of his right eye, Euler said “Now I 
will have less distraction.” Indeed, the quantity of his 
output seemed to be inversely proportional to the quality 
of his sight, because his rate of publication increased after 
he became almost totally blind in 1766. Euler died 
moments after calculating the orbit of Uranus on Sep- 
tember 18, 1783. 


Euler characteristic 

An important kind of number, known as a ‘opological 
invariant, that describes a closed surface. In the case of 
polyhedra, the Euler characteristic is the number of ver- 
tices and faces minus the number of edges (see Euler’s 
formula for polyhedra). 


Euler circuit 

A connected graph such that starting at a vertex a, one 
can traverse every edge of the graph once to each of the 
other vertices and return to vertex a. In other words a 
Euler circuit is a Euler path that is a circuit. Thus, using 
the properties of odd and even degree vertices given in 
the definition of a Euler path, a Euler circuit exists if and 
only if every vertex of the graph has an even degree. See 
also mazes. 


Euler line 
A line that connects the centroid and the circumcenter 
of a triangle. 


Euler path 

A path along a connected graph that connects all the 
vertices (see vertex) and that traverses every edge of the 
graph only once. Note that a vertex with an odd degree 
allows one to travel through it and return by another 
path at least once, while a vertex with an even degree 
only allows a number of traversals through, but one can- 
not end a Euler path at a vertex with even degree. Thus, a 
connected graph has a Euler path which is a circuit (a 
Euler circuit) if all of its vertices have even degree. A 
connected graph has a Euler path which is non-circuitous 
if it has exactly two vertices with odd degree. See also 
Hamilton path. 


Euler square 

A square array made by combining z objects of two types 
such that the first and second elements form a Latin 
square. Euler squares are also known as Graeco-Latin 
squares, Graeco-Roman squares, or Latin-Graeco squares. For 
many years, Euler squares were known to exist for 7 = 
3, 4, and for every odd x except ” = 3k. Euler’s Graeco- 
Roman squares conjecture maintained that there are no 
Euler squares of order n = 4k + 2 for k=1,2,.... How- 
ever, such squares were found to exist in 1959 by Bose 
and Shrikande, refuting the conjecture. 


Euler-Mascheroni constant (y) 
Also known as Euler’s constant or Mascheront’s constant, the 
limit (as 2 goes to infinity) of 


14+%4+'+44+'%+...4+1/n-logn 


It is often denoted by a lowercase gamma, y, and is ap- 
proximately 0.5772156649.... Even though over one 
million digits of this number have been calculated, it 
isn’t yet known if it is a rational number (the ratio of two 
integers a/b). If it is rational, the denominator (J) must 
have more than 244,663 digits. The constant Y crops up 
in many places in number theory. For example, in 1898, 
the French mathematician Charles de la Vallée Poussin 
(who proved the prime number theorem) proved the 
following: Take any positive integer ” and divide it by 
each positive integer m less than v. Calculate the average 
(mean) fraction by which the quotient ”/m falls short of 
the next integer. The larger gets, the closer the average 
gets to gamma. 


Euler's conjecture 

It always takes ” terms to sum to an mth power: two 
squares, three cubes, four fourth powers, and so on. This 
hypothesis is now known to be wrong. In 1966, L. J. Lan- 
der and T. R. Parkin found the first counterexample: four 
fifth powers that sum to a fifth power. They showed that 
27° + 84° + 110° + 133° = 144°. In 1988, Noam Elkies of 
Harvard University found a counterexample for fourth 
powers: 2,682,440* + 15,365,639' + 187,960* = 20,615,673°. 
Subsequently, Roger Frye of Thinking Machines Corpora- 
tion did a computer search to find the smallest example: 
95,800* + 217,519 + 414,560* = 422,481*. 


Euler's constant 
See Euler-Mascheroni constant. 


Euler's formula 
For any real number «x, Euler’s formula is 


e“=cosx+isinx 
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where e is a fundamental constant (the base of natural 
logarithms) and i= V-1. If we now put x = 7, we get 


e™=cos t+ sin 7, 
and since cos(m) =—1 and sin(m) = 0, this reduces to 
em=-1 
so that 
e™+1=0. 


This most extraordinary equation first emerged in 
Leonhard Euler’s Introductio, published in 1748. It is 
remarkable because it links the most important math- 
ematical constants, e and 7, the imaginary unit 7, and 
the basic numbers used in counting, 0 and 1. In 
describing the equation to students, the Harvard math- 
ematician Benjamin Peirce said: “Gentlemen, that is 
surely true, it is absolutely paradoxical; we cannot 
understand it, and we don’t know what it means, but 
we have proved it, and therefore, we know it must be 
the truth.” 


Euler's formula for polyhedra 

The earliest known equation in topology. If F is the 
number of faces of a polygon, E the number of edges, 
and V the number of vertices, Euler’s formula can be 
written as 


F-E+V=2 


where F — E + V is known as the Euler characteristic. 
For example, the surface of a cube has six (square) 
faces, twelve edges, and eight vertices and, sure enough, 
6-124+8=2. 


even function 
A function f(x) such that f(x) =/(-x) for all x. 


evolute 

The locus of the centers of curvature (the envelope) of a 
plane curve’s normals. The original curve is then said to 
be the involute of its evolute. For example, the evolute of 
an ellipse is a Lamé curve and the evolute of a tractrix is 
a catenary. 


excluded middle law 

A law in (two-valued) logic which states that there is no 
third alternative to truth or falsehood. In other words, for 
any statement A, either A or not-A must be true and the 
other must be false. This law no longer holds in three- 


valued logic, in which “undecided” is a valid state, nor 
does it hold in fuzzy logic. 


existence 

A term that has several different meanings within 
mathematics. In the broadest sense there is the ques- 
tion of what it means for certain concepts, such as pi, 
to exist. Was m, for example, invented or discovered? In 
other words, does 7 exist only as an intellectual con- 
struct or was it somehow already “out there” waiting 
for people to find it. If it does exist independently of 
the human mind, when did its existence start? Does 
predate the physical universe? Such ontological ques- 
tions become even more difficult when applied to 
more complex or abstract mathematical concepts such 
as the Mandelbrot set, surreal numbers, or infinity. A 
narrower and more technical type of “existence” in 
math is implied by an existence theorem. Such a theorem 
is used to prove that a number or other object with par- 
ticular properties definitely exists, but does not neces- 
sarily give a specific example. Finally, there is existence 
in the sense of particular solutions to problems. If at 
least one solution can be determined for a given prob- 
lem, a solution to that problem is said to exist. Some- 
thing of the flavor of all three types of mathematical 
existence mentioned here are captured in the following 
anecdote: 


An engineer, a chemist, and a mathematician are 
staying in three adjoining cabins at an old motel. 
First the engineer’s coffee-maker catches fire. He 
smells the smoke, wakes up, unplugs the coffee 
maker, throws it out the window, and goes back to 
sleep. Later that night the chemist smells smoke, 
too. He wakes up and sees that a cigarette butt has 
set the trash can on fire. He thinks to himself, “How 
does one put out a fire? One can reduce the temper- 
ature of the fuel below the flash point, isolate the 
burning material from oxygen, or both. This could 
be accomplished by applying water.” So he picks up 
the trash can, puts it in the shower stall, turns on the 
water, and, when the fire is out, goes back to sleep. 
The mathematician has been watching all this out 
the window. So later, when he finds that his pipe 
ashes have set the bed sheet on fire, he’s not in the 
least taken aback. “Aha!” he says, “A solution exists!” 
and goes back to sleep. 


exponent 

A number that gives the power to which a base is 
raised. For example, in 3” the base is 3 and the exponent 
is 2. 
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exponential 


Who has not been amazed to learn that the function 
y =e, like a phoenix rising again from its own 
ashes, 1s its own derivative? 

—Francois le Lionnais 


Anything that grows at a rate proportional to its size is 
said to grow exponentially. The simplest form of the 
exponential function is just y = e*, where e is about 


2.712 ... The exponential function to base a can be writ- 
ten as f(x) = a’. 


extrapolate 
See interpolate. 


extravagant number 
See economical number. 





face 
A polygon bounding a polyhedron. A cube, for exam- 
ple, has six square faces. The plane angle formed by adja- 
cent edges of a polygonal angle in space is called a face 
angle. 


factor 

Also known as a divisor, a number or variable that divides 
evenly into another number or algebraic expression. For 
example, the factors of 28 are 1, 2, 4, 7, 14, and 28. 
Although it is true that 28 is also divisible by the negative 
of each of these, “factors” is usually taken to mean only the 
positive divisors. Factorization, or factoring, is the decompo- 
sition of an object into a product of factors. For example, 
the number 15 factorizes into prime numbers as 3 x 5; 
and the polynomial x’ — 4 factorizes as (x — 2)(x + 2). The 
aim of factoring is usually to reduce something to basic 
building blocks, such as numbers to prime numbers, or 
polynomials to linear expressions. Factoring integers is 
covered by the fundamental theorem of arithmetic and 
factoring polynomials by the fundamental theorem of 
algebra. Integer factorization for large integers appears to be 
a difficult problem; there are no known methods for solv- 
ing it quickly, and, for this reason, it has formed the basis 
of some public key cryptography algorithms. 


factorial 

The function, denoted z/, that is the product of the posi- 
tive integers less than or equal to z. For example, 1! = 1; 
5!=5x4x3x2x1=120;10!=10x9x8x7x6~x 
5x4x3x2x 1 = 3,628,800. 0! is defined to be 1, by 
working the relationship 2! = x (m — 1)! backward. An 
interesting equality is 1! 10! 22! 1!=11!0! 2! 21! in which 
the same digits are broken up two different ways into fac- 
torials. This may be the smallest such example. Factorials 
are important in combinatorics because there are m! dif- 
ferent ways (permutations) of arranging x distinct objects 
in a sequence. They also turn up in formulas in calculus, 
for instance in Taylor’s theorem, because the nth derivative 
of the function x” is m!. 


factorion 

A natural number that equals of the sums of the facto- 
rials of its digits in a given base. The only known deci- 
mal factorions are 1 = 1!, 2 =2!, 145 = 1! + 4!45!, and 
40,585 = 4!+0!4+5!4+8!45!. 
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Fadiman, Clifton (1904-1999) 

An American essayist, literary critic, and noted intellec- 
tual who, among many other works, edited Fantasia 
Mathematica”! and The Mathematical Magpie." He 
became well known for the encyclopedic knowledge he 
displayed on the Information Please radio programs in the 
1930s and ’40s. 


Fagnano’s problem 

In a given acute triangle ABC, find the inscribed triangle 
whose perimeter is as small as possible. The answer is the 
orthic triangle of ABC, that is, the triangle whose vertices 
are endpoints of the altitudes from each of the vertices of 
ABC. The problem was proposed and solved using cal- 
culus by Giovanni Fagnano (1715-1797) in 1775. Once 
the answer became known, several purely geometric solu- 
tions were also discovered. 


fair division 
See cake-cutting. 


Farey sequence 

A sequence of numbers named after the English geologist 
John Farey (1766-1826) who wrote about such sequences 
in an article called “On a curious property of vulgar frac- 
tions” in the Philosophical Magazine in 1816. Farey says 
that he noted the “curious property” while examining the 
tables of Complete decimal quotients produced by Henry 
Goodwin. To obtain the Farey sequence for a fixed num- 
ber , consider all rational numbers between 0 and 1 
which, when expressed in their lowest terms, have a 
denominator (the number on the bottom of a fraction) 
not exceeding m. Write the sequence in ascending order 
of magnitude beginning with the smallest. The “curious 
property” is that each member of the sequence is equal to 
the rational number whose numerator (the number on 
top of a fraction) is the sum of the numerators of the frac- 
tions on either side, and whose denominator is the sum 
of the denominators of the fractions on either side. For 
example, the Farey sequence for 2 = 5 is (A, 4%, '4, 1, 75, 
hy, 36, 75, 44, 45, 4), from which it can be seen that 75 = 
(1+ 1)//(3 + 2), 4 = (1+ 2)/(4 +5), = (2 + 3)/(5 +5), 
78 = (3 + 3)/(5 + 4), and so forth. Farey wrote: “I am 
not acquainted whether this curious property of vulgar 
fractions has been before pointed out?; or whether it may 
admit of some easy or general demonstration?; which are 
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points on which I should be glad to learn the sentiments 
of some of your mathematical readers.” 

One “mathematical reader” was Augustin Cauchy, 
who gave the necessary proof in his Exercises de mathé- 
matique, published in the same year as Farey’s article. 
Farey was not the first to notice the property. C. Haros, 
in 1802, wrote a paper on the approximation of decimal 
fractions by common fractions. He explains how to 
construct what is in fact the Farey sequence for ” = 99 
and Farey’s “curious property” is built into his con- 
struction. 


Fechner, Gustav Theodor (1801-1887) 

A German physicist and psychologist who studied aes- 
thetic aspects of the golden ratio and published his find- 
ings in Vorschule der Aesthetik (Introduction to aesthetics) 
(1876), arguing that this ratio turns up commonly in 
human-made rectangular objects and is judged by people 
to be the most pleasing to the eye (though some later 
researchers have called his results into question). 


Federov, E. S. (1853-1919) 

A Russian geologist and crystallographer who helped lay 
the theoretical foundations for modern crystallography. 
In his famous two-part paper “Symmetry of Regular Sys- 
tems of Figures” published in 1891, he proved that there 
are exactly 17 distinct symmetries in the wallpaper 


group. 


feedback 

The mutually reciprocal effect of one system or subsys- 
tem on another. Negative feedback is when two subsystems 
act to dampen the output of the other. For example, the 
relation of predators and prey can be described by a neg- 
ative feedback loop since more predators lead to a 
decline in the population of prey, but when prey decrease 
too much so does the population of predators since they 
don’t have enough food. Positive feedback means that two 
subsystems are amplifying each other’s outputs, e.g., the 
screech heard in a public address system when the mike is 
too close to the speaker. The microphone amplifies the 
sound from the speaker which in turn amplifies the signal 
from the microphone, and so on. Feedback is a way of 
talking about the nonlinear interaction among the ele- 
ments or components in a system and can be modeled by 
nonlinear differential or difference equations as well as 
by the activity of cells in a cellular automaton array. 


Feigenbaum’s constant 

A universal constant, denoted 4, that governs the behay- 
ior of systems that are approaching chaos; it was discov- 
ered by the American mathematical physicist Mitchell 
Feigenbaum (1944-) in 1975 and has the value 6 = 


4.6692 .... All one-dimensional chaotic systems have a 
behavior, as they approach instability, known as period 
doubling. The Feigenbaum constant gives the rate at 
which the period of the system doubles. 


Fermat, Pierre de (1601-1665) 

A French lawyer, magistrate, and gentleman scholar, 
often called the “Prince of Amateurs,” who is best known 
for the conjecture, now proved, known as Fermat’s last 
theorem. Although employed as a senior government 
official, Fermat somehow managed to find time to do an 
astonishing amount of math, for which he sought little 
acclaim or acknowledgment. In fact, he published only 
one important manuscript in his entire lifetime and even 
then used fake initials. When his fellow French mathe- 
matician Gilles Roberval offered to edit and publish 
some of his works, Fermat replied, “Whatever of my 
works is judged worthy of publication, I do not want my 
name to appear there.” Most of his results are known 
through letters to friends, notes in book margins, and 
challenges to other mathematicians to find proofs for 
theorems he had devised. 

Fermat was one of the founders, with René Decartes, 
of analytical geometry and, with Blaise Pascal, of prob- 
ability theory. His work on the maxima and minima of 
curves and tangents to them was seen, by Isaac Newton, 
as a starting point for calculus. Yet his greatest love was 
for number theory. In 1640, while studying perfect 
numbers, Fermat wrote to Mersenne that if p is prime, 
then 2p divides 2’ — 2. Shortly after he expanded this into 
what is now called Fermat’s little theorem. As usual, Fer- 
mat stated “I would send you a proof, if I did not fear its 
being too long.” His most famous statement of this form 
accompanied his hasty notes on the “last theorem.” See 
also Fermat number. 


Fermat number 

A number defined by the formula F, = 2?" + 1 and 
named after Pierre Fermat who conjectured, wrongly, 
that all such numbers would be prime. The first five Fer- 
mat numbers, Fy = 3, F, = 5, F) = 17, F; = 257, and F, = 
65,537, are prime. However, in 1732, Leonhard Euler 
discovered that 641 divides F;. It takes only two trial 
divisions to find this factor because Euler showed that 
every factor of a Fermat number F, with greater than 2 
has the form & x 2"*? + 1. In the case of F, this is 128% + 
1, so we would try 257 and 641 (129, 385, and 513 are 
not prime). It is likely that there are only finitely many 
Fermat primes. Gauss proved that a regular polygon of 
n sides can be inscribed in a circle with Euclidean meth- 
ods (e.g., by straightedge and compass) if and only if 7 is 
a power of two times a product of distinct Fermat 
primes. 
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Fermat, Pierre de 


Fermat's last theorem 


A challenge for many long ages 
Had baffled the savants and sages. 
Yet at last came the light: 
Seems old Fermat was right— 
To the margin add 200 pages. 
—Paul Chernoff 


A conjecture put forward by Pierre de Fermat in 1637 in 
the form of a note scribbled in the margin of his copy of 
the ancient Greek text Arithmetica by Diophantus. The 
note was found after his death, and the original is now 
lost. However, a copy was included in the appendix to a 
book published by Fermat’s son. Fermat’s note read: “It 
is impossible to write a cube as a sum of two cubes, a 


fourth power as a sum of fourth powers, and, in general, 
any power beyond the second as a sum of two similar 
powers. For this, I have found a truly wonderful proof, 
but the margin is too small to contain it.” 

Fermat claimed that the Diophantine equation x” + 
y" =z" has no integer solutions for z > 2. It turns out he 
was right. But the proof had to wait 350 years and 
involved such advanced techniques, virtually none of 
which existed in the seventeenth century, that is seems 
very unlikely that Fermat really had found an elementary 
proof. Fermat’s last theorem—now truly a theorem—was 
finally proved correct by Andrew Wiles in 1994.°°! In 
order to reach that dizzy height, however, Wiles had to 
draw on and extend several ideas at the core of modern 
mathematics. In particular, he tackled the Shimura- 
Tantyama-Weil conjecture, which provides links between 
the branches of mathematics known as algebraic geome- 
try and complex analysis. This conjecture dates back to 
1955, when it was published in Japanese as a research 
problem by the late Yutaka Taniyama. Goro Shimura of 
Princeton and Andre Weil of the Institute for Advanced 
Study provided key insights in formulating the conjec- 
ture, which proposes a special kind of equivalence 
between the mathematics of objects called elliptic curves 
and the mathematics of certain motions in space. Inter- 
estingly, the Wiles proof of Fermat’s last theorem was a 
byproduct of his deep inroads into proving the Shimura- 
Taniyama-Weil conjecture. Now, the Wiles effort could 
help point the way to a general theory of three variable 
Diophantine equations. Historically, mathematicians 
have always had to state and solve such problems on a 
case-by-case basis. An overarching theory would repre- 
sent a tremendous advance. See also ABC conjecture. 


Fermat's little theorem 

If P is a prime number then for any number a, (a” — a) 
must be divisible by P. This theorem is useful for testing 
if a number is wot prime, though it can’t tell if a number 
is prime. As usual, Pierre de Fermat didn’t provide a 
proof (this time saying “I would send you the demon- 
stration, if I did not fear its being too long”). Leonhard 
Euler first published a proof in 1736, but Gottfried Leib- 
niz left virtually the same proof in an unpublished man- 
uscript from sometime before 1683. 


Fermat's spiral 
A parabolic spiral. 


Fibonacci (c. 1175-1250) 

The pen name of Leonardo of Pisa, one of the greatest 
mathematicians of the Middle Ages. The son of a Pisan 
merchant who also served as a customs officer in North 
Africa, he traveled widely in Barbary (Algeria) and was 
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later sent on business trips to Egypt, Syria, Greece, Sicily, 
and Provence. In 1200 he returned to Pisa and used the 
knowledge gained on his travels to write Liber Abaci (The 
book of the abacus), published in 1202, which intro- 
duced to western Europe the Hindu-Arabic numerals and 
decimal number system that remain in use today. The 
first chapter of Part 1 begins: “These are the nine figures 
of the Indians: 9 8 7 6 5 43 2 1. With these nine figures, 
and with this sign 0 which in Arabic is called zephirum, 
any number can be written, as will be demonstrated.” 

Fibonacci also showed he was capable of some amaz- 
ing feats of calculation. For example, he found the posi- 
tive solution of the cubic equation x? + 2x” + 10x = 20 
using the Babylonian number system with base 60 (a 
strange choice, in view of his public advocacy of the dec- 
imal system!). He gave the result as 1, 22, 7, 42, 33, 4, 40 
which is equivalent to 
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How on Earth he obtained this, nobody knows; it was 
300 years before anyone else could obtain such accurate 
results. As well as serious mathematics, Liber Abaci con- 
tains many playful passages and it is for one of these, 
concerning a problem about counting the offspring of a 
pair of rabbits, that Fibonacci became best known after 
Edouard Lucas called the sequence of numbers discussed 
by the rabbit problem the Fibonacci sequence. 


Fibonacci sequence 

The sequence that arises in answer to this problem posed 
in Fibonacci’s great work Liber Abaci: “A certain man put 
a pair of rabbits in a place surrounded on all sides by a 
wall. How many pairs of rabbits can be produced from 
that pair in a year if it is supposed that every month each 
pair begins a new pair which from the second month on 
becomes productive?” 

The number of pairs of rabbits in the wth month 
begins 1, 1, 2, 3, 5, 8, 13, 21, 34, 55, 89,..., where each 
term is the sum of the two terms preceding it. This 
sequence can be defined recursively as follows: F(1) = 
F(2) = 1, Fv + 1) = F(a) + F(n - 1) for 2 > 2, where F(n) 
is the wth Fibonacci number. Johannes Kepler was the 
first to point out that the growth rate of the Fibonacci 
numbers, that is, F(z + 1) / F(z), converges to the golden 
ratio, (phi). 

In the nineteenth century Fibonacci numbers were dis- 
covered in many natural forms. For example, many types 
of flower have a Fibonacci number of petals: certain types 
of daisies tend to have 34 or 55 petals, while sunflowers 
have 89 or, in some cases, 144. The seeds of sunflowers 
spiral outward both to the left and the right in a Fibonacci 


number of spirals. Similarly, the whorls on a pinecone, 
the numbers of rings on the trunks of palm trees, the pat- 
terns of snail shells, and the genealogy of the male bee all 
follow a sequence of Fibonacci numbers. The arrange- 
ment of plant leaves, or phyllotaxis, unfolds to the same 
pattern because this results in an optimal solution in 
terms of the spacing of the leaves or the amount of light 
that can reach them. A familiar spiral form, known as the 
logarithmic spiral, emerges when seeds on a plant grow 
and space themselves according the Fibonacci sequence. 
The logarithmic spiral is approximated by the rule: start at 
the origin of the Cartesian coordinate system, move F(1) 
units to the right, move F(2) units up, move F(3) units to 
the left, move F(4) units down, move F(5) units to the 
right, and so on. By growing in this way, on structures 
such as sunflowers, pinecones, and pineapples, seeds are 
able to pack themselves together most efficiently. 
Fibonacci numbers have so many interesting mathe- 
matical properties that an entire journal, The Fibonacci 
Quarterly, is devoted to them. The sequence of final digits 
in Fibonacci numbers repeats in cycles of 60. The last two 
digits repeat in 300, the last three in 1,500, the last four in 
15,000, etc. The product of any four consecutive Fibonacci 
numbers is the area of a Pythagorean triangle. The shal- 
low (least steep) diagonals of Pascal’s triangle sum to 
Fibonacci numbers. Let m and z be positive integers, then 


F(n) divides F(mn) 


gcd (F(z), F(m)) = F(gcd(m, n)), where “gcd” stands for 
“greatest common divisor.” 


(F(n))? — F(n + 1)F(n — 1) = (11. 
F(1) + F(3) + F(5) +... + F(2n — 1) = F(2n). 





For every , there are ” consecutive composite Fibo- 
nacci numbers. 

An interesting use of the Fibonacci sequence is for 
converting miles to kilometers. For instance, if you want 
to know about how many kilometers 5 miles is, take the 
Fibonacci number (5) and look at the next one (8) (5 
miles is about 8 kilometers). This works because it hap- 
pens that the conversion factor between miles and kilo- 
meters is roughly equal to the Golden Ratio. 

The first few Fibonacci numbers that are also prime 
numbers are 3; 5; 13; 89; 233; 1,597; 28,657; 514,229;.... 
It seems likely that there are infinitely many Fibonacci 
primes, but this has yet to be proven. However, it is rela- 
tively easy to show that for 2 2 4, u, + 1 is never prime. The 
Fibonacci sequence is a special case of the Lucas 
sequence. 

The ¢ribonacci series is made by adding the last two 
digits: 1, 1, 2, 4, 7, 13, 24, 44, 81,...and from this the 
quadbonacci series, the pentbonacci series, and the 
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Fibonacci sequence The number of spirals of seeds on a sunflower is always a Fibonacci number—an arrangement that keeps 
the seeds uniformly packed no matter how large the seed head. Thomas Stromberg 


hexbonacci series, all the way up to the -bonacci series. 
Each ratio of successive terms forms a special constant, 
analogous to 0. 


field 

A number system in which addition, subtraction, multi- 
plication, and division (except by zero) are always 
defined, and the associative and distributive laws are 
valid. For example, the set of rational numbers is a field, 
whereas the set of integers is not a field, because the 
result of dividing one integer by another is not necessar- 
ily an integer. The real numbers also constitute a field, as 
do the complex numbers. Compare with ring. 


Fields Medal 

By convention, the most prestigious award for research in 
mathematics. It is awarded every four years to between 
two and four mathematicians under the age of 40. 


Fifteen Puzzle 

A sliding-tile puzzle invented by Sam Loyd in the 1870s 
that became a worldwide obsession, much as Rubik’s 
cube did a century later. Fifteen little tiles, numbered 1 to 
15, were placed in a four by four frame in serial order 
except for tiles 14 and 15, which were swapped around; 
the lower right-hand square was left empty. The object of 
the puzzle was to get all the tiles in the correct order; the 
only allowed moves were sliding counters into the empty 
square. Everyone it seemed was caught up with the 
craze—playing the game in horse-drawn trams, during 
their lunch breaks, or when they were supposed to be 
working. The game even made its way into the solemn 
halls of the German parliament. “I can still visualize 
quite clearly the gray-haired people in the Reichstag 
intent on a square small box in their hands,” recalled the 
geographer and mathematician Sigmund Gunter who 
was a deputy during the puzzle epidemic. “In Paris the 


118 figurate number 





She hs of the Age - 
CAN YOU SOLVE it? 





Fifteen Puzzle A version of the Fifteen Puzzle produced in England by Fairylite. Sue & Brian Young/Mr. Puzzle Australia, 


www.mrpuzzle.com.au 


puzzle flourished in the open air, in the boulevards, and 
proliferated speedily from the capital all over the 
provinces,” wrote a contemporary French author. “There 
was hardly one country cottage where this spider hadn’t 
made its nest lying in wait for a victim to flounder in its 
web.” Loyd offered a $1,000 reward for the first correct 
solution. But, although many claimed it, none were able 
to reproduce a winning series of moves under close 
scrutiny. There is a simple reason for this, which is also 
the reason that Loyd was unable to obtain a U.S. patent 
for his invention. According to regulations, Loyd had to 
submit a working model so that a prototype batch could 
be manufactured from it. Having shown the game to a 
patent official, he was asked if it were solvable. “No,” he 
replied. “It’s mathematically impossible.” Upon which 
the official reasoned there could be no working model 
and thus no patent! 

The puzzle’s theory reveals that the more than 20 bil- 


lion possible starting arrangements of the tiles fall into 
Just two groups: one in which all the tiles can be maneu- 
vered into ascending numerical order (call this group I), 
and one in which tiles 14 and 15 will be inverted (group 
IJ). It’s impossible to combine arrangements from these 
two groups and impossible to turn a group I arrangement 
into a group II, or vice versa, using the normal rules of 
the game. Given a random arrangement of tiles, can we 
know in advance if we have the unsolvable kind? Very 
easily. Simply count how many instances there are of a 
tile numbered x appearing after the tile numbered x + 1. 
If there are an even number of such inversions, the puz- 
zle is solvable, otherwise you are wasting your time! 


figurate number 

A number sequence found by creating consecutive geo- 
metrical figures from arrangements of equally spaced 
points. Here is an example: 
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The points can be arranged in one, two, three, or more 
dimensions. There are many different kinds of figurate 
numbers, such as polygonal numbers and tetrahedral 
numbers. 


films and plays involving mathematics 
Mathematicians and mathematics rarely make an 
entrance on the silver screen or the stage, unless as paro- 
dies in the form of mad professors and meaningless 
scrawled equations. A notable exception is A Beautiful 
Mind (2001), directed by Ron Howard and starring Rus- 
sell Crowe as the brilliant but mentally troubled mathe- 
matician John Nash. Although a fine love story and a 
well-crafted film, which won four Oscars, A Beautiful 
Mind is weak on math and inaccurate in many of its 
details of Nash’s life and his battle with schizophrenia. 
Rain Man (1988), also based on a true story, costars 
Dustin Hoffman as an autistic savant with a photo- 
graphic memory and a genius for mental arithmetic. 
Good Will Hunting (1997), written by and starring Matt 
Damon and Ben Affleck, and also starring Robin 
Williams, is about a young man who has led a troubled 
life but has an amazing talent for mathematics. His abili- 
ties are discovered when he comes into conflict with the 
law, and he soon has to decide if he should pursue his 
mathematical future and leave his family and friends 
behind. In Darren Aronofsky’s disturbing independent 
film Pi (1998), the main character is a mathematician 
obsessed with his search for patterns within pi’s infinite 
decimal places. He believes they can be used to predict 
chaotic behaviors, including that of the stock market. 
Throughout the film he is pursued by ruthless stock mar- 
ket players and by rabbis trying to find a mathematical 
way to communicate with God. In the science fiction film 
Cube (1997), six people awake to find themselves trapped 
in a deadly maze, and one of the characters uses mathe- 
matical skills to solve the puzzle and find a way to escape. 
Lesser known films with strong mathematical themes 
include Mario Martone’s Death of a Neapolitan Mathe- 
matician; Peter Greenaway’s Drowning by Numbers; 
George Csicsery’s N Is a Number; and Moebius, made by 
students and faculty at the Universidad del Cine of 
Buenos Aires. Mathematics has also found its way onto 
the stage. The musical Fermat’s Last Tango (2000), a fic- 
tionalized account of Andrew Wiles’s struggle to prove 
Fermat’s last theorem, was performed in New York by 
the York Theatre company. It followed the Pulitzer 


prize-winning play Proof by David Aubern, about the 
death of a brilliant mathematician and the repercussions 
for his daughters and his student. 


finite 

Limited in extent or scope. In mathematics, a finite set is 
such that the number of elements it contains can be 
described by a natural number. For instance, the set of 
integers between —18 and 5 is finite, because it has a nat- 
ural number (17) of elements. The set of all prime num- 
bers, on the other hand, is not finite. In physics, “finite” 
is used to mean both “not infinite” and “nonzero.” 


finite-state automaton (FSA) 

The simplest computing device. Although it is not nearly 
powerful enough to perform universal computation, it 
can recognize regular expressions. FSAs are defined by a 
state transition table that specifies how the FSA moves 
from one state to another when presented with a particu- 
lar input. FSAs can be drawn as graphs. 


Fisher, Adrian 

A British professional designer and constructor of mazes; 
his company, Adrian Fisher Maze Design, has built a 
huge variety of mazes in Britain, continental Europe, the 
United States, and elsewhere. These include the formal 
hedge maze at Leeds Castle and the largest brick pave- 
ment maze in the world at Kentwell Hall in Long 
Melford. The latter is based on a Tudor rose and has 15 
sepals used as locations for a board game in which live 
players take part in Tudor costume.!! 


Fitchneal 

An Irish version of the Viking game Hnefa-Tafl; played 
on a7 X 7 board (as was the Scottish equivalent, known 
as Ard-Ri, “High King”), it is mentioned in the Mabino- 
gion and Cormac’s Glossary of the ninth century. 


five 

The length of the hypotenuse of the smallest 
Pythagorean triangle (a right triangle having integral 
sides). Five is the only prime number that is a member of 
two pairs of twin primes. Every integer is the sum of five 
positive or negative cubes in an infinite number of ways. 
Five is the smallest degree of a polynomial equation for 
which there is no general formula for the solutions (see 
quintic). 


fixed-point attractor 

An attractor that is represented by a particular point in 
phase space, sometimes called an equilibrium point. As a 
point it corresponds to a very limited range of possible 
behaviors of the system. For example, in the case of a 
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pendulum, the fixed-point attractor represents the pen- 
dulum when the bob is at rest. This state of rest attracts 
the system because of gravity and friction. 


Flatland: A Romance of Many Dimensions 

A satirical novel by Edwin A. Abbott," first published in 
1884, that portrays a two-dimensional world, like the 
surface of a map, over which its inhabitants move. Flat- 
landers have no concept of up and down, and appear to 
each other as mere points or lines. From our three- 
dimensional perspective we can look down on Flatland 
and see that its people are “really” a variety of shapes, 
including straight lines (females), narrow isosceles trian- 
gles (soldiers and workmen), equilateral triangles (lower 
middle-class men), squares and pentagons (professional 
men, including the pseudonymous author of the tale, A. 
Square), hexagons and other regular polygons with still 
more sides (the nobility), and circles (priests). Abbott 
uses these geometrical distinctions, especially the appear- 
ance of Flatland females and the working class, as a com- 
mentary on the discrimination against women, the rigid 
class stratification, and the lack of tolerance for “irregu- 
larity” that was prevalent in Victorian Britain. 

In a dream, A. Square visits the one-dimensional world 
of Lineland where he tries, unsuccessfully, to persuade 
the king that there is such a thing as a second dimension. 
In turn, the narrator is told of three-dimensional space by 
a sphere who moves slowly through the plane of Flat- 
land, growing and shrinking as his cross-section changes 
in size. (If a hypersphere were to move through our 
three-dimensional world, we would see a sphere appear, 
grow to a maximum size, and then shrink again before 
disappearing.) Abbott is aware that he cheats a little in his 
description of what the inhabitants of Flatland actually 
see. In his preface to the second edition, he gives a 
lengthy but not-too-convincing reply to the objection, 
raised by some readers, that a Flatlander, “seeing a Line, 
sees something that must be thick to the eye as well as long 
to the eye (otherwise it would not be visible. . .).” The 
curious and often-neglected fact is that we are just as 
unable to imagine what it would truly be like to see in 
two dimensions as we are to conceive of four dimen- 
sions! No matter how hard we try we cannot imagine 
being able to see a line of zero thickness. 


flexagon 

A flat model constructed from a folded strip of paper, 
which, when flexed, can be made to reveal a number of 
hidden faces. Flexagons are amusing toys but they have 
also caught the interest of mathematicians. They are usu- 
ally square or rectangular (tetraflexagons) or hexagonal 
(hexaflexagons). A prefix can be added to the name to 
indicate the number of faces that the model can display, 


including the two faces (back and front) that are visible 
before flexing. For example, a hexaflexagon with a total 
of six faces is called a hexahexaflexagon. The discovery of 
the first flexagon, a trihexaflexagon, is credited to the 
British student Arthur H. Stone who was studying at 


flexagon Two nets for folding into hexaflexagons: the 
4-flexagon (top) and the 6-flexagon (bottom). To use the nets, 
photocopy and enlarge them, and label each side with these 
numbers: 
4-flexagon leap 2231 ak 
3144 3144 3144, 
é4lexagon ears 662554 re): 
231431 231431 231431 


Start at A using the top row of numbers. Number the other 
side of the net with the bottom row of numbers so that the 
top and bottom numbers appear on either side of the first tri- 
angle, and so on. Jill Russell 
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Princeton University in 1939. Stone’s colleagues Bryant 
Tuckermann, Richard P. Feynman, and John W. Tukey 
became interested in the idea. Tuckerman worked out a 
topological method, called the Tuckerman traverse, for 
revealing all the faces of a flexagon. Tukey and Feynman 
developed a complete mathematical theory that has not 
been published. Flexagons were introduced to the gen- 
eral public by Martin Gardner writing in Scientific Ameri- 
can."101 


floor function 
The greatest integer in x, that is, the largest integer less 
than or equal to x. 


Flower of Life 

One of the beautiful arrangements of circles found at the 
Temple of Osiris at Abydos, Egypt. The pattern also 
appears in Phoenician art from the ninth century B.c. 
The circles are placed with six-fold symmetry, forming a 
mesmerizing pattern of circles and lenses. A related 
design from the same temple, which recurs in Italian art 
from the thirteen century, is called the Seed of Life. 


fly between trains problem 

Two trains are approaching each another and a fly is 
buzzing back and forth between the two trains. Given the 
(constant) speed of the trains and their initial separation 
distance, and the (constant) speed of the fly, calculate 
how far the fly will travel before the trains collide. This 
problem appears to have been first posed by Charles 
Ange Laisant (1840-1921) in his Initiation Mathématique. 
There is a long-winded method of getting the answer and 
a much shorter way. Suppose the trains start out 200 
miles apart and are each traveling at 50 miles per hour, 
and the fly—a speedster of its kind—is moving at 75 miles 
per hour. The long method involves considering the 
length of the back-and-forth path that the fly takes and 
evaluating this as the sum of an infinite series. The quick 
solution is to notice that the trains will collide in 2 hours 
and that in this time the fly will travel 2 x 75 = 150 miles! 
When this problem was put to John von Neumann, he 
immediately gave the correct answer. The poser, assum- 
ing he had spotted the shortcut, said: “It is very strange, 
but nearly everyone tries to sum the infinite series.” Von 
Neumann replied: “What do you mean, strange? That’s 
how I did it!” 


focal chord 
A chord of a conic section that passes through a focus. 


focal radius 
A line segment from the focus of an ellipse to a point on 
the perimeter of the ellipse. 


focus 

A defining point in the construction of a conic section. 
The word comes from the Latin for hearth or fireplace 
and appears to have been first used in mathematics, in 
describing an ellipse, by Johannes Kepler. 


foliation 

A decoration of a manifold in which the manifold is par- 
titioned into sheets of some lower dimension, and the 
sheets are locally parallel. More technically, the foliated 
manifold is locally homeomorphic to a vector space 
decorated by cosets of a subspace. 


folium 
A curve, first described by Johannes Kepler in 1609, that 
corresponds to the general equation 


(x? +.y’)(y? + x(x + b)) = 4axy’, in Cartesian form, or 
r= —b cos6 + 4a cosO sin’®, in polar coordinates. 


The Latin folium means “leaf-shaped.” Three types, 
known as the simple folium, the bifolium (or double 
folium), and the trifolium, correspond to the cases when 
b=4a, b=0, and b=a, respectively. The folium of Descartes 
is given by the Cartesian equation x’ +.y’ = 3axy and was 
first discussed by René Descartes in 1638. Although he 
found the correct shape of the curve in the positive quad- 
rant, he wrongly thought that this leaf shape was repeated 
in each quadrant like the four petals of a flower. The 
problem to determine the tangent to the curve was pro- 
posed to Gilles de Roberval who, having made the same 
incorrect assumption, called the curve fleur de jasmin after 
the four-petal jasmine bloom, a name that was later 
dropped. The folium of Descartes has an asymptote x + 
yta=0. 


formal system 

A mathematical formalism in which statements can be 
constructed and manipulated with logical rules. Some 
formal systems, such as Euclidean geometry, are built 
around a few basic axioms and can be expanded with 
theorems that can be deduced through proofs. 


formalism 

A mathematical school of thought that was headed by 
the German mathematician David Hilbert. Formalists 
argue that mathematics must be developed through 
axiomatic systems. Formalists agree with Platonism on 
the principles of mathematical proof, but Hilbert’s fol- 
lowers don’t recognize an external world of mathematics. 
Formalists argue that mathematical objects don’t exist 
until we define them. Humans create the real number 
system, for example, by establishing axioms to describe 
it. All that mathematics needs are inference rules to 
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progress from one step to the next. Formalists tried to 
prove that within the framework of established axioms, 
theorems, and definitions, a mathematical system is con- 
sistent and, in the mid-twentieth century, formalism 
became the predominant philosophical attitude in math 
textbooks. However, it was undermined by Gédel’s 
incompleteness theorem and also the general recogni- 
tion that results can be usefully applied without having 
to be proved or derived axiomatically. 


Fortune’s conjecture 

A conjecture about prime numbers made by the New 
Zealander social anthropologist Reo Fortune (1903-1979), 
who had a reputation for unstable behavior bordering on 
the psychotic. He once attempted to settle an academic 
dispute with a colleague, Thomas Mcllwraith, at the Uni- 
versity of Ontario, by challenging him to a duel with any 
weapon of his choice from the collections of the Royal 
Ontario Museum. Fortune proposed that if ¢ is the small- 
est prime greater than P+ 1, where P is the product of the 
first 2 primes, then q¢— P is prime. For example, if 7 is 3, 
then P is 2 x 3 x 5 = 30, q = 37, and q— P is the prime 7. 
These numbers, ¢— P, are now known as Fortunate numbers. 
The conjecture remains unproven but is generally thought 
to be true. The sequence of Fortunate numbers begins 


3,5, 7, 13, 23, 17, 19, 23, 37, 61, 67,... 


four 

The smallest composite number, the second smallest 
square number, the first non-Fibonacci number (see 
Fibonacci sequence), the smallest Smith number, and 
the smallest number that can be written as the sum of 
two prime numbers. Four is the number of dimensions 
that make up space-time (three of space and one of 
time). It is the most number of colors needed to color 
any map so that no two neighboring areas are the same 
color (see four-color map problem). There are four car- 
dinal points on the compass, four Riders of the Apoca- 
lypse, and four Gospels. 


four-color map problem 

A long-standing problem that dates back to 1852 when 
Francis Guthrie, while trying to color a map of the coun- 
ties of England noticed that four colors were enough to 
ensure that no adjacent counties were colored the same. 
He asked his brother Frederick if it was true that any map 
could be colored using four colors in such a way that 
adjacent regions (i.e., those sharing a common boundary 
segment, not just a point) receive different colors. Freder- 
ick Guthrie then passed on the conjecture to Augustus de 
Morgan. The first printed reference is due to Arthur Cay- 
ley in 1878. A year later the false “proof,” by the English 


barrister Alfred Kempe, appeared; zfs incorrectness was 
pointed out by Percy Heawood 11 years later. Another 
failed proof is due to Peter Tait in 1880, a gap in Ais argu- 
ment being pointed out by Julius Petersen in 1891. Both 
false proofs did have some value, though. Kempe discov- 
ered what became known as Kempe chains, and Tait found 
an equivalent formulation of the four-color theorem in 
terms of three-edge coloring. 

The next major contribution came from George Birk- 
hoff whose work allowed Philip Franklin in 1922 to prove 
that the four-color conjecture is true for maps with at most 
25 regions. It was also used by other mathematicians to 
make various forms of progress on the four-color problem. 
In the 1970s, the German mathematician Heinrich Heesch 
developed the two main ingredients needed for the ulti- 
mate proof—reducibility and discharging. While the con- 
cept of reducibility was studied by other researchers as 
well, it seems that the idea of discharging, crucial for the 
unavoidability part of the proof, is due to Heesch, and that 
it was he who conjectured that a suitable development of 
this method would solve the four-color problem. This was 
confirmed by Kenneth Appel and Wolfgang Haken of the 
University of Illinois in 1977, when they published their 
proof of the four-color theorem.” Their controversial 
proof challenges the basic assumptions of what mathemat- 
ical proof is. They used more than 1,200 hours of super- 
computer time to analyze 1,478 different configurations 
that in turn can produce every possible map on a plane. 
Not everyone was happy with the method of the break- 
through, as Appel himself pointed out: 


For almost a century and a half, a Holy Grail of 
graph theory has been a simple incisive proof of the 
Four Color Theorem. It has troubled our profession 
that a problem that can be understood by a school 
child has yet to be solved in a way that better illu- 
minates the reason that only four colors are needed 
for planar maps. The feelings of many mathemati- 
clans were summed up for me by Herb Wilf’s 
response to being told that it appeared that one 
could prove the theorem by a long reducibility argu- 
ment which used computers to test the reducibility 
of a large number of configurations. He simply said, 
“God would not allow such a beautiful theorem to 
have such an ugly proof.” 


Martin Gardner commented, “Whether a simple, elegant 
proof not requiring a computer will ever be found, is still 
an open question.” It’s interesting that such a simple, 
intuitive puzzle can be so difficult to settle! The four- 
color theorem is true for maps on a plane or on a sphere. 
The answer is different for geographic maps on a torus: 
in this case, seven colors are necessary and sufficient.?””! 
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four-color map problem Martin Gardner's spoof counterexample to the four-color theorem (left) and a solution using four 
colors (right). The different colors are represented here in black, white, and gray. 


four coins problem 

Given three coins of possibly different sizes, which are 
arranged so that each is tangent to the other two, find the 
coin that is tangent to the other three coins. The solution 
is the inner Soddy circle. 


four fours problem 

Using arithmetic combinations of four 4’s, express all the 
numbers from 1 to 100. For example, 1 = 44/44 and 2 = 
(4 x 4)/(4 + 4). The problem was first presented in The 
Schoolmaster’s Assistant: Being a Compendium of Arithmetic 
Both Practical and Theoretical (first edition c. 1744), a pop- 
ular textbook by the English schoolteacher and cleric 
Thomas Dilworth (d. 1780). Operations and symbols 
that are allowed include the four arithmetic operations 
(+, x, -, /), concatenation (e.g., the use of 44), decimal 
points (e.g., 4.4), powers (e.g., 4"), square roots, factorials 
(e.g., 4!), and overbars for repeating digits (e.g., .4 with an 
overbar to express ‘/s). Ordinary use of parentheses are 
allowed. One of the trickiest numbers to represent in this 
way is 73, which calls for something as contorted as 


VV) 44/4 


(where .4’ is shorthand for .444 . . .). Of course, the prob- 
lem can be extended to represent integers greater than 


100. The highest value achievable in the four four’s puz- 
zle is 1. Q%.0728047260281 x 10153 = 4s 


four knights puzzle 

On a 3 x 3 chessboard are two white knights at the top 
left-hand and top right-hand squares and two black 
knights at the bottom left-hand and bottom right-hand 
squares. The problem is to exchange the black knights 
with the white knights in the minimum possible number 
of moves. One move is a normal knight’s move on any 
vacant cell of the board, which renders the center square 
inaccessible. 


Fourier, (Jean Baptiste) Joseph, Baron 
(1768-1830) 

A French mathematician known chiefly for his contribu- 
tion to the mathematical analysis of heat flow. Although 
he trained for the priesthood, Fourier didn’t take his 
vows but instead turned toward mathematics. He first 
studied and later taught mathematics at the newly created 
Ecole Normale. In 1798 he joined Napoleon’s army in its 
invasion of Egypt as scientific advisor, to help establish 
educational facilities there and to carry out archaeologi- 
cal explorations. After his return to France in 1801 he was 
appointed prefect of the department of Isere. Fourier 
became famous for his Theorie analytique de la Chaleur 
(1822), a mathematical treatment of how heat conducts 
in solid bodies. He established the partial differential 
equation governing heat flow and solved it by using an 


124 Fourier series 





infinite series of trigonometric functions, now known as 
Fourier series. Though these series had been used 
before, Fourier investigated them in much greater detail 
and prepared the way for later work on trigonometric 
series and the theory of functions of a real variable. 
Fourier’s belief that his health would be improved by 
wrapping himself up in blankets proved fatal: thus 
encumbered he tripped down the stairs of his house and 
died. 


Fourier series 

Named after Joseph Fourier, the expansion of a periodic 
function as an infinite sum of sines and cosines of vari- 
ous frequencies and amplitudes. This is similar to the 
approximation of an irrational number by a sum of a 
series of rational numbers (or a decimal expansion). 
Human ears effectively produce Fourier series automati- 
cally from complex sounds. Tiny hairs, known as cilia, 
vibrate at different specific frequencies. When a wave 
enters the ear, the cilia vibrate if the wave function con- 
tains any component of the corresponding frequency. 
This enables the hearer to distinguish sounds of various 
pitches. Fourier series are used a great deal in science and 
engineering to find solutions to partial differential equa- 
tions, such as those in problems involving heat flow. 
They can also be used to construct some pathological 
functions such as ones that are continuous but nowhere 
differentiable. The study and computation of Fourier 
series is known as harmonic analysis. 


fourth dimension 
“Do you think that there are things which you cannot 
understand, and yet which are; that some people see 
things that others cannot?” said Dr. Van Helsing in Bram 
Stoker’s Dracula. Instead of vampires, he may just as eas- 
ily have been talking about the fourth dimension—an 
extension at right-angles to the three familiar directions 
of up-down, forward-backward, and _ side-to-side. In 
physics, especially relativity theory, time is often 
regarded as the fourth dimension of the space-time con- 
tinuum in which we live. But what meaning can be 
attached to a fourth spatial dimension? The mathematics 
of the fourth dimension (4-d) can be approached 
through a simple extension of either the algebra or the 
geometry of one, two, and three dimensions. 
Algebraically, each point in a multidimensional space 
can be represented by a unique sequence of real num- 
bers. One-dimensional space is just the number line of 
real numbers. Two-dimensional space, the plane, corre- 
sponds to the set of all ordered pairs (x, y) of real num- 
bers, and three-dimensional space to the set of all ordered 
triplets (x, y, z). By extrapolation, four-dimensional space 
corresponds to the set of all ordered quadruplets (x, », 


z, w). Linked to this concept is that of quaternions, which 
can also be viewed as points in the fourth dimension. 

Geometric facts about the fourth dimension are just as 
easy to state. The fourth dimension can be thought of as 
a direction perpendicular to every direction in three- 
dimensional space; in other words, it stretches out along 
an axis, say the w-axis, that is mutually perpendicular to 
the familiar x-, y-, and z-axes. Analogous to the cube is a 
hypercube or tesseract, and to the sphere is a 4-d hyper- 
sphere. Just as there are five regular polygons, known as 
the Platonic solids, so there are six four-dimensional reg- 
ular polytopes. They are: the 4-simplex (constructed 
from five tetrahedra, with three tetrahedra meeting at an 
edge); the tesseract (made from eight cubes, meeting 
three per edge); the 16-cell (made from 16 tetrahedra, 
meeting four per edge); the 24-cell (made from 24 octa- 
hedra, meeting three per edge); the 120-cell (made from 
120 dodecahedra, meeting three per edge); and the mon- 
strous 600-cell (made from 600 tetrahedra, meeting five 
per edge). 

Geometers have no difficulty in analyzing, describing, 
and cataloging the properties of all sorts of 4-d figures. 
The problem starts when we try to visualize the fourth 
dimension. This is a bit like trying to form a mental pic- 
ture of a color different from any of those in the known 
rainbow from red to violet, or a “lost chord,” different 
from any that has ever been played. The best that most of 
us can hope for is to understand by analogy. For example, 
just as a sketch of a cube is a 2-d perspective of a real 
cube, so a real cube can be thought of as a perspective of 
a tesseract. At a movie, a 2-d picture represents a 3-d 
world, whereas if you were to watch the action live, in 
three-dimensions, this would be like a screen projection 
in four dimensions. 

Many books have been written and schemes devised 
to nudge our imaginations into thinking four- 
dimensionally. One of the oldest and best is Edwin 
Abbott’s Flatland"! written more than a century ago, 
around the time that mathematical discussion of higher 
dimensions was becoming popular. H. G. Wells also 
dabbled in the fourth dimension, most notably in The 
Time Machine (1895), but also in The Invisible Man (1897), 
in which the central character drinks a potion “involving 
four dimensions,” and in “The Plattner Story” (1896), in 
which the hero of the tale, Gottfried Plattner, is hurled 
into a four-spatial dimension by a school chemistry 
experiment that goes wrong and comes back with all his 
internal organs switched around from right to left. 
The most extraordinary and protracted attack on the 
problem, however, came from Charles Hinton, who 
believed that, through appropriate mental practice 
involving a complicated set of colored blocks, a higher 
reality would reveal itself, “bring[ing] forward a complete 
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system of four-dimensional thought [in] mechanics, sci- 
ence, and art.” 

Victorian-age spiritualists and mystics also latched on 
to the idea of the fourth dimension as a home for the 
spirits of the departed. This would explain, they argued, 
how ghosts could pass through walls, disappear and reap- 
pear at will, and see what was invisible to mere three- 
dimensional mortals. Some distinguished scientists lent 
their weight to these spiritualist claims, often after being 
duped by clever conjuring tricks. One such unfortunate 
was the astronomer Karl Friedrich Zéllner who wrote 
about the four-dimensional spirit world in his Transcen- 
dental Physics (1881) after attending séances by Henry 
Slade, the fraudulent American medium. 

Art, too, became enraptured with the fourth dimen- 
sion in the early twentieth century. When the Cubist 
painter and theorist Albert Gleizes said, “Beyond the 
three dimensions of Euclid we have added another, the 
fourth dimension, which is to say, the figuration of space, 
the measure of the infinite,” he united math and art and 
brought together two major characteristics of the fourth 
dimension in early Modern Art theory—the geometric 
orientation as a higher spatial dimension and the 


metaphorical association with infinity." See also Klein 
bottle [25, 156, 163, 212, 213, 231, 254, 267 271, 273, 340] 


Fox and Geese 

An English board game that dates back to the Middle 
Ages and is unusual in that the two sides are unequal, 
thus making this an example of a Tafl game. The lone fox 
attempts to capture 13 (or, in later versions, 17) geese, 
while the geese try to hem the fox in so that it can’t 
move. The geese start out by filling up all the points on 
one side of the cross-shaped grid on the board. The fox— 
the one counter of a different color—begins on any 
vacant point remaining. The fox moves first. Each side, in 
its turn, may move one counter. Both fox and geese can 
move along a line, forwards, backwards, or sideways, to 
the next contiguous point. The fox may move along a 
line or jump over a goose to an empty point, capturing 
the goose and removing it from the board. Two or more 
geese may be captured by the fox in one turn, provided 
that he is able to jump to an empty point after each one. 
The fox wins if he depletes the gaggle of geese to a num- 
ber that makes it impossible for them to trap him. The 
geese can’t jump over the fox or capture the fox but 
instead must try to mob him and trap him in a corner. 
The geese win if they make it impossible for the fox to 
move. A modification of this game spread with the 
British to India, where during the Great Mutiny the game 
became known as “Officers and Sepoys.” In this variant, 
two officers in a fort attempt to hold off 24 sepoys, who 
must storm the fort. 


fractal 

A geometric shape that can be subdivided at any scale 
into parts that are, at least approximately, reduced-size 
copies of the whole. The name “fractal,” from the Latin 
fractus meaning a broken surface, was coined by Benoit 
Mandelbrot in 1975. The key property of fractals is self- 
similarity, which means that zooming in or zooming out 
of a fractal produces no overall change in appearance. 

One of several technical definitions of a fractal is “a set 
of points whose topological dimension is less than its 
Hausdorff dimension.” The topological dimension is an 
object’s ordinary dimensionality—one in the case of a 
curve, two in the case of a surface, and so forth—and is 
always a whole number. The Hausdorff dimension, on 
the other hand, measures how much space an object fills, 
and can take non-integer values if the object is very com- 
plex and twisty. 

Some fractals show a strong regularity and rigid self- 
similarity and are produced by the repeated application 
of a set of rules that may be quite simple. Among the best 
known of these “iterated function” systems are the Koch 
snowflake, the Peano curves, the Sierpinski carpet, and 
the Sierpinski gasket. Other fractals, defined by a recur- 
rence relation at each point in space, are among the most 
complex, beautiful, and beguiling mathematical struc- 
tures known. They include the well-known Mandelbrot 
set and Lyapunov fractals. Finally, there are random 
fractals generated by stochastic rather than deterministic 
processes, for example fractal landscapes. Random frac- 
tals have the greatest practical use, and can be used to 
describe many highly irregular real-world objects, includ- 
ing clouds, mountains, coastlines, and trees. See also 
fractal dimension. 


fractal dimension 

A non-integer measure of the irregularity or complexity 
of a system; it is an extension of the notion of dimension 
found in Euclidean geometry. Knowing the fractal 
dimension helps one determine the degree of irregularity 
and pinpoint the number of variables that are key to 
determining the dynamics of the system. 


fraction 

A number that represents a part, or several equal parts, of 
a whole; examples include one-half, two-thirds, and 
three-fifths. The word comes from the Latin frangere, 
meaning “to break.” A simple, common, or vulgar fraction is 
of the form a/b, where a may be any integer and J may be 
any integer greater than 0. If a< J, the fraction is said to 
be proper (“bottom heavy”); otherwise it is zmproper (“top 
heavy”). A decimal fraction has a denominator (number 
on the bottom) of 10, 100, 1000, and so forth. See also 
continued fraction. 
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fractal A deep zoom of part of the Mandelbrot set. Christopher Rowley 


Fraser spiral 

A distortion illusion in which overlapping black arc seg- 
ments appear to form a spiral but are in reality a series of 
overlapping concentric circles. This is easily demon- 
strated by following one of the curves with your finger. 
The illusion is named after the British psychologist James 
Fraser (1863-1936) who first published it in 1908." 


Fredholm, Erik Ivar (1866-1927) 

A Swedish mathematician who founded the modern the- 
ory of integral equations. This became a major research 
topic in the first quarter of the twentieth century and 
underpinned important theoretical developments in 
physics; David Hilbert, in particular, extended Fred- 
holm’s work to arrive at the concept of Hilbert space. 
Fredholm also devoted time to actuarial science and 
made a particularly important contribution by proposing 


an elegant formula to determine the surrender value of a 
life insurance policy. He earned his Ph.D. from the Uni- 
versity of Uppsala but then spent the rest of his academic 
career at the University of Stockholm. 


Freemish crate 
See impossible figure. 


Freeth’s nephroid 
See nephroid. 


Frege, Friedrich Ludwig Gottlob (1848-1925) 

A German mathematician and philosopher who virtually 
founded the modern discipline of mathematical logic. In 
Die Grundlagen der Arithmetik (The foundations of arith- 
metic, 1884), he used set theory to define the cardinal 
number of a given class as the class of all classes that are 
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similar (i.e. can be placed in a one-to-one correspon- 
dence) to the given class. In Grundgesetze der Arithmetik 
(The basic laws of arithmetic, 2 vols., 1893 and 1903), 
Frege began attempting to build up mathematics from 
arithmetic and symbolic logic on a rigorous and contra- 
diction-free basis. When the second volume was in the 
process of being printed, Bernard Russell pointed out a 
paradox in Frege’s work. The paradox, which became 
known as Russell’s paradox, stems from the question: 
“Ts the class of all classes that are not members of itself a 
member of itself or not?” The question leads to a contra- 
diction and cannot be resolved. Frege was thus forced to 
admit that the foundation of his reasoning was worthless. 
As he stated at the end of his work, “A scientist can 
hardly encounter anything more undesirable than to 
have the foundation collapse just as the work is finished. 
I was put in this position by a letter from Mr. Bertrand 
Russell when the work was almost through the press.” 


Frénicle de Bessy, Bernard (1602-1675) 

An eminent French amateur mathematician who exten- 
sively researched magic squares; his Des quassez ou tables 
magiques, published posthumously in 1693, first identi- 
fied all 880 magic squares of the fourth order. Frénicle 
also corresponded with Descartes, Fermat, Huygens, 
and Mersenne, mostly on number theory, the work for 


which he is best known. 


frequency 
The number of times a value occurs in some time interval. 


friendly number 
See amicable numbers. 


Frogs and Toads 

A puzzle in which three counters or pegs representing 
frogs are placed on three successive positions on the left 
of a string of seven squares, and three different tokens 
representing toads are placed on the three rightmost 
squares. Frogs only move to the right, toads only to the 
left. Every move is either a slide to the adjacent square or 
a jump over one position, which is allowed only if the lat- 
ter is occupied by a member of the other species. No two 
animals are ever allowed on the same square. The goal is 
to move the toads into the three leftmost positions and 
the frogs into three rightmost positions in the fewest pos- 
sible moves. Many different versions of this puzzle have 
appeared over the centuries and it may be Arabic in ori- 
gin. The number of pieces on each side may vary, as may 
the number of empty starting places in the middle; other 
names for the puzzle have included Sheep and Goats and 
Sphinxes and Pyramids. 


frugal number 
See economical number. 


frustum 

Part of a solid cut off between two parallel planes; in par- 
ticular, for a cone or a pyramid, a frustum is determined 
by the plane of the base and a plane parallel to the base. 
Frustum is Latin for “a piece broken off.” 


function 


Old mathematicians never die; they just lose some of 
their functions. 
—Anonymous 


A way of expressing the dependence of one quantity on 
another quantity or quantities. Traditionally, functions 
were specified as explicit rules or formulas that converted 
some input value (or values) into an output value. If fis 
the name of the function and «x is a name for an input 
value, then f(x) denotes the output value corresponding 
to x under the rule f An input value is also called an 
argument of the function, and an output value is called a 
value of the function. The graph of the function fis the 
collection of all pairs (x, f(x)), where x is an argument of 
fi For example, the circumference C of a circle depends 
on its diameter d according to the formula C = rd; there- 
fore, one can say that the circumference is a function of 
the diameter, and the functional relationship is given by 
C(d) = nd. Equally well, the diameter can be considered 
a function of the circumference, with the relationship 
given by d(C) = d/n. In modern mathematics, the insis- 
tence on specifying an explicit effective rule has been 
abandoned; all that is required is that a function fassoci- 
ate with every element of some set X a unique element of 
some set ¥. This makes it possible to prove the existence 
of a function without necessarily being able to calculate 
its values explicitly. Also, it enables general properties of 
functions to be proved independently of their form. The 
set X of all admissible arguments is called the domain of 
ff the set Y of all admissible values is called the codomain 
of f We write ff X > Y. 


fundamental group 

A group of a topological space X that is constructed by 
looking at how closed paths in X can be combined to get 
new paths. Under a suitable way of identifying paths 
(known as homotopy) one can get a group structure on 
the set which gives an algebraic invariant of the space X. 


fundamental theorem of algebra 
The result that any polynomial with real or complex 
coefficients has a root in the complex plane. 
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fundamental theorem of arithmetic 

Every positive integer greater than 1 is a prime number 
or can be expressed as a unique product of primes and 
powers of primes. 


fuzzy logic 

A departure from classical two-valued logic in which 
something is either true or false, to allow a continuous 
range of truth values. Fuzzy logic was introduced by Lotfi 
Zadeh of the University of California at Berkeley in the 
1960s as a means to model the uncertainty of natural lan- 


guage. 





Gabriel's horn 
The surface of revolution of 


y=l/x 


for x greater than 1. Surprisingly this has a finite volume 
of pi cubic units but an finitely large surface area! 
Gabriel’s horn is also known as Torricelli’s trumpet because 
it was investigated by the Italian Evangelista Torricelli 
(1608-1647). As a young man Torricelli studied in 
Galileo’s home at Arcetri, near Florence, and then, upon 
Galileo’s death, succeeded his teacher as mathematician 
and philosopher for their good friend and patron, the 
grand duke of Tuscany. Torricelli was amazed by the 
strange property of his mathematical trumpet and tried 
various ways to avoid the conclusion that a finite vol- 
ume could be enclosed by a vessel with an infinite sur- 
face area. Unfortunately, he lived before calculus came 
along to explain the apparent paradox in terms of infin- 
itesimals. 


Gabriel’s horn The horn for x values between 1 and 10. 
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Galois, Evariste (1811-1832) 

A French mathematician who led a short, dramatic life 
and is often credited with founding modern group the- 
ory, though the Italian Paolo Ruffini (1765-1822) came 
up with many of the ideas first. Galois’s work wasn’t 
widely acknowledged by his contemporaries, partly be- 
cause he didn’t present his material very well and partly 
because he held unpopular political views. In fact, he was 
a republican revolutionary who was twice imprisoned 
because of his activities. During his second incarceration 
he fell in love with the daughter of the prison physician, 
Stephanie-Felice du Motel, and after being released, was 
killed in a duel over her with Perscheux d’Herbinville. 
His death started republican riots and rallies which lasted 
for several days. See also Galois theory. 


Galois theory 
The study of certain groups, known as Galois groups, that 
can be associated with polynomial equations. Whether 
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or not the solutions to an equation can be written down 
using rational functions and square roots, cube roots, and 
so forth depends on certain group-theoretic properties of 
Galois groups. 


game 
A conflict, with formal rules and a finite number of 
choices of what to do at each stage, between two or more 
players. The study of games belongs to a branch of math- 
ematics and logic known as game theory. If a game is sim- 
ple enough, it can be solved for all possible outcomes. 
This is the case, for example, with tic-tac-toe and Nim. By 
harnessing the power of computers to check through vast 
numbers of moves, even more complicated games are suc- 
cumbing to a complete analysis. In the 1990s, nine men’s 
morris was shown, by searching through billions of possi- 
ble endgames, to be a certain draw if both players work to 
an optimal strategy. Checkers may be the next to be fully 
determined: its roughly 500 million trillion possible posi- 
tions may soon be within reach of the most powerful 
supercomputers. See also blackjack, chess, Frogs and 
Toads, Ovid’s game, TacTix, and Wythoff’s game. 


game theory 

A mathematical formalism used to study human games, 
economics, military conflicts, and biology. The goal of 
game theory is to find the optimal strategy for one player 
to use when his opponent also plays optimally. A strategy 
may incorporate randomness, in which case it is referred 
to as a mixed strategy. 

Early ideas of game theory can be found in writings 
throughout history as diverse as the Bible and works by 
René Descartes, Sun Tzu (author of the 2,400-year-old 
The Art of War), and Charles Darwin. The basis of mod- 
ern game theory is an outgrowth of several books that 
deal with related subjects such as economics and proba- 
bility. These include Augustin Cournot’s Researches into 
the Mathematical Principles of the Theory of Wealth (1838), 
which gives an intuitive explanation of what would 
eventually be formalized by John Nash as Nash equilib- 
rium; Francis Edgeworth’s Mathematical Psychics, which 
explored the notion of competitive equilibria in a two- 
type (or two-person) economy; and Emile Borel’s Alge- 
bre et calcul des probabilites (1927), which gave the first 
insight into so-called mixed strategies.! Game theory 
finally came of age through the efforts of two European 
immigrants to the United States working at the Institute 
of Advanced Studies in Princeton. Around 1940, the 
idea of the utility function was taken up by John von 
Neumann, who had been forced to flee his native Hun- 
gary when the Nazis invaded, and the economist Oskar 
Morgenstern (1902-1976), who had left Austria because 
he loathed the National Socialists. In Princeton the 


two immigrants worked together on what they initially 
thought would be a short paper on the theory of games, 
but that kept growing until it finally appeared in 1944 as 
an opus of 600 pages with the title Theory of Games and 
Economic Behavior." 


GLOSSARY OF GAME THEORY 
categorical game A game in which a tie is impossi- 
ble. 


finite game A game in which each player has a 
finite number of moves and a 
finite number of choices at each 
move. 

futile game A game that allows a tie when 


played properly by both players. 

A game in which the possible 
moves are the same for each 
player in any position. 

A collection of moves together 
with a corresponding set of 
weights which are followed proba- 
bilistically in the playing of a game. 
A game for which each player has 
a different set of moves in any 
position. 

An m xn matrix that gives the pos- 
sible outcome of a two-person 
zero-sum game when player A has 
m possible moves and player B 
has n moves. 

A set of moves that a player plans 
to follow while playing a game. 

A game in which players make 
payments only to each other. One 
player's loss is the other player's 
gain, so the total amount of 
“money” available is constant. 


impartial game 


mixed strategy 


partisan game 


payoff matrix 


strategy 


zero-sum game 


gamma 
See Euler-Mascheroni constant. 


gamma function 
A generalization of the factorial function to the real line 
and to the complex plane. It is defined by: 


T(av+1)= iG x” &* dx 
0 
If 7 is an integer, then '(z + 1) =! See also beta function. 
Gardner, Martin (1914-) 


An American recreational mathematician best known for 
his “Mathematical Games” column, which ran in Scien- 
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tific American for 25 years. Through this column he intro- 
duced many subjects, including flexagons, polyominos, 
Piet Hein’s Soma Cube, and John Conway’s Game of 
Life, to a wider audience. He is also an accomplished 
amateur magician and an active member of the skeptical 
movement associated with James Randi. Gardner is the 
author of more than 60 books, including various collec- 
tions of his Scientific American columns, The Ambidextrous 
Universe, and The Annotated Alice." 3! 


gauge theory 

A force field in nature, or an analogous vector field in 
mathematics with an enormous amount of symmetry that 
expresses the redundancy or ambiguity of many param- 
eters. The simplest example is the electromagnetic field. 


Gauss, Carl Friedrich (1777-1855) 

A German mathematician, often called the “Prince of 
Mathematics,” whose stature and range of interests rivaled 
those of Aristotle and Isaac Newton. Some inkling of 
what was in store came when, as a 3-year-old, he corrected 
a mistake in one of his father’s lengthy payroll calcula- 
tions. In school, at age 10, when his teacher gave the class 
the task of adding all the integers from 1 to 100, Gauss 
immediately wrote down the correct answer, 5050, on his 
slate. He had spotted that the numbers can be paired off 
as (100 + 1), (99 + 2), (98 + 3),..., (51 + 50) so that the 
problem reduces to multiplying 101 by 50. At age 19, 
Gauss found a way to construct a heptadecagon (a regular 
polygon with 17 sides) using only a straightedge and com- 
pass—a feat that had eluded the Greeks. Then Gauss 
entered the mathematical stratosphere of his time by 
proving what is now called the fundamental theorem of alge- 
bra, namely, that every polynomial has at last one root 
that is a complex number; in fact, he gave four different 
proofs, the first of which appeared in his dissertation. In 
1801, he proved the fundamental theorem of arithmetic (that 
every natural number can be represented as the product of 
prime numbers in only one way); published a brilliant 
tour de force on the properties of integers in his Disquisi- 
tiones Arithmeticae, which systematized the study of num- 
ber theory; and showed that every number is the sum of 
at most three triangular numbers. In the same year, he 
also developed the method of least squares fitting and, 
though he didn’t publish it, used it to calculate the orbit 
of the asteroid Ceres, that had recently been discovered 
by Piazzi, from only three observations. Gauss published 
his monumental treatise on celestial mechanics Theoria 
Motus in 1806. He became interested in the compass 
through surveying, and developed the magnetometer, an 
instrument with which, together with Wilhelm Weber, he 
measured the intensity of magnetic forces. With Weber, 
he also built the first successful telegraph. 


Unfortunately for mathematics, Gauss reworked and 
improved papers incessantly, and, in keeping with his 
motto “pauca sed matura” (few but ripe), he published 
only a fraction of his work. Many of his results were 
subsequently repeated by and attributed to others, since 
his terse diary remained unpublished for years after his 
death. Only 19 pages long, this diary later confirmed his 
priority on many breakthroughs, including work on an 
alternative to the parallel postulate, which really makes 
him the earliest pioneer of non-Euclidean geometry 
despite the fact that Janos Bélyai and Nikolai Loba- 
chevsky are normally given this accolade. Gauss did, 
however, publish his seminal treatment on differen- 
tial geometry in Disquisitiones circa superticies curvas, and 
Gaussian curvature is named for him. Gauss wanted a 
heptadecagon placed on his gravestone, but the carver 
refused, saying it would be indistinguishable from a cir- 
cle. The heptadecagon appears in the shape of a pedestal 
with a statue erected in his honor in his hometown of 
Braunschweig. 


Gaussian 

Normally distributed (with a bell-shaped curve) and hav- 
ing a mean at the center of the curve with tail widths pro- 
portional to the standard deviation of the data about the 
mean. 


Gelfond’s theorem 

Also known as the Gelfond-Schneider theorem: a’ is a tran- 
scendental number if (1) a is an algebraic number and 
not equal to either 0 or 1, and (2) b is algebraic and 
also an irrational number. Gelfond’s theorem enables 
the seventh of David Hilbert’s famous problems to be 
solved. 


general relativity 
See relativity theory. 


general topology 
See point-set topology. 


genetic algorithm 

A type of evolving computer program, developed by the 
computer scientist John Holland, whose strategy of ar- 
riving at solutions is based on principles taken from 
genetics. Basically, the genetic algorithm utilizes the 
mixing of genetic information in sexual reproduction, 
random mutations, and natural selection at arriving at 
solutions. 


genus 
In topology, roughly speaking, the number of holes in a 
surface. Spheres, bowling balls (the finger holes aren’t 
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true holes because they don’t go all the way through), 
and wine glasses have a genus of 0 and can be represented 
by quadratic equations. Bagels, inner tubes, and teacups 
have a genus of 1 and can be described by cubic equa- 
tions. Humans are more difficult to specify. However, 
you will certainly increase your genus by one if you have 
your ear pierced! Different definitions of genus apply to 
other types of mathematical objects such as a curve, a 
knot, or a set. 


geoboard 

A device commonly used in elementary schools to aid in 
the teaching of basic geometric concepts. A simple geo- 
board can be made from a square piece of wood and 25 
nails arranged in an evenly spaced grid of 5 vertical lines 
and 5 horizontal lines. These nails represent the lattice 
points in the plane. Figures are made on the geoboard by 
stretching rubber bands from one nail to another until the 
desired shape is formed. 


geodesic 

A path on a given surface that is as straight as possible; in 
other words, a path that doesn’t deviate either to the left 
or to the right, and only bends when forced to do so by 
the curvature (if any) of the surface. If the surface is an 
ordinary plane, the geodesics are straight lines; on a 
sphere the geodesics are great circles. 


geometric magic square 

A square array of 2 x” cells each occupied by a distinct 
geometrical figure (or piece or tile), such that the x 
pieces contained in every row, column, and diagonal 
can be fitted together to produce (i.e., tile or pack) a 
constant shape known as the target. The figures may be 
of any dimension, but are normally planar (topological 
disks). In tessellating the target, which may be of any 
shape, planar pieces are allowed to be flipped. Pieces of 
three or more dimensions are considered distinct from 
their mirror images. Geometric magic squares using 
one-dimensional entries have been known for centuries; 
they are the traditional magic squares in which straight 
lines pave a constant length, as usually represented by 
numbers adding to a constant total. The properties of 
generalized geometric magic squares were first investi- 
gated by Lee Sallows. 


geometric mean 
The geometric mean of z numbers is the th root of the 
product of the numbers. 


geometric sequence 
Also known as a geometric progression, a finite sequence of 
at least three numbers, or an infinite sequence, whose 


terms differ by a constant multiple, known as the common 
ratio. For example, starting with 3 and using a common 
ratio of 2 leads to the finite geometric sequence: 3, 6, 12, 
24, 48, and also to the infinite sequence 3, 6, 12, 24, 
48,..., (3 x 2”).... In general, the terms of a geometric 
sequence have the form a, = ar’ (n=0, 1, 2, . . .) for fixed 
numbers a and r. If the terms of a geometric sequence are 
added together the result is a geometric series. If it is a 
finite series, then we add its terms to get the series sum, 
S,=atart+art+...t+ar=(a-ar'*')/(1—7n. In the case 
of an infinite series, if |r| < 1, the sum is a/(1 — 7). If 
|7| = 1, however, the series diverges and thus has no sum. 
See also arithmetic sequence. 


geometry 
The study of the properties of shapes and of spaces. See 
also Euclidean geometry and non-Euclidean geometry. 


geometry puzzles 

One of the attractions of puzzles involving shapes, espe- 
cially dissection problems, is that they appeal to the eye 
and very often don’t call for much ability in solving equa- 
tions and the like. Anyone can try to assemble the pieces 
of a jigsaw, whether it be of a picture or of a geometric 
shape, so a mathematical game such as tangrams or the 
Soma cube is within everyone’s reach. On the other 
hand, some geometric puzzles call for a basic knowledge 
of more abstract fields such as algebra and calculus. They 
may also exploit our sometimes faulty intuition about 
how different quantities vary in one, two, and three 
dimensions and about how much information is needed 
to solve a problem. 

As an example of faulty intuition, imagine that Earth, 
taken to be a perfect sphere with a radius r of 6,378 km, is 
completely covered by a thin membrane. Now suppose 
that 1 square meter is added to the area of this membrane 
to form a larger sphere. By how much does the radius and 
the volume of this membrane increase? This can be 
worked out from the formulae for the volume of a sphere 
(V= (4/3)nr’) and the area of a sphere (A = 4n7”), respec- 
tively. It turns out that if the area of the cover is increased 
by 1 square meter, then the volume it contains is 
increased by about 3.25 million cubic meters. This seems 
like a huge amount. However, the new cover wouldn’t be 
very high above the surface of the planet—only about 6 
nanometers! As an example of a problem that is both 
counterintuitive and seems to lack sufficient data for its 
solution see hole-through-a-sphere problem. 


Gergonne point 

In a triangle, the point at which the lines from the ver- 
tices (see vertex) to the points of contact of the opposite 
sides with the inscribed circle meet. 
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Germain, Sophie (1776-1831) 

A French mathematician who made notable contributions 
to number theory and to mathematical physics despite a 
lack of formal training and the social prejudices of her day. 
She taught herself} against her parents’ wishes, often at 
night, during the Reign of Terror following the French Rev- 
olution, with books from her father’s library. When 
deprived of heat and light, she would wrap herself in quilts 
and use candles. Finally her parents acquiesced to her 
“incurable” passion for mathematics and let her study. 
Through Joseph Lagrange, to whom she had originally 
submitted work under a pseudonym, she gained access to 
a circle of distinguished mathematicians, including Carl 
Gauss. Among her most important work was an analysis 
of Ernst Chladni’s studies of vibrating surfaces, and her 
proof that if x, y, and z are integers and if x° + y* =z° then 
at least one of x, y, or z must be divisible by 5 (a result now 
known as Germain’s theorem); this was an important early 
step towards proving Fermat’s last theorem. 


Get Off the Earth 

A famous vanishment puzzle by Sam Loyd. The picture 
is made from a rectangular background topped with a cir- 
cular card, representing the world, that can be rotated. 
Parts of a number of Chinese men are on each piece. With 
the world orientated so that the large arrow on it points to 








THE DISAPPEARING BICYCLIST! 
Tarn the disc so the arrow points to A — and count 13 boys. 
Then move arrow to B — and there are only 12 boys in view. 
Which boy has vanished? Where does he go? 





Get Off the Earth An unusual variant of Loyd’s Get Off the 
Earth puzzle called “The Disappearing Bicyclist.” From the collec- 
tion of William Waite 


the N.E. point on the background, 13 Chinamen can be 
counted. But when the earth is turned slightly, so that the 
arrow points N.W., there are only 12 characters. Where 
did the thirteenth Chinaman go? The cleverness of the 
puzzle is that there are many bits of Chinamen—arms, 
legs, bodies, heads, and swords—and each has tiny slivers 
missing. When the earth is turned, these pieces get slightly 
rearranged. In particular, each of the 12 Chinamen gains a 
sliver of a Chinaman from his neighbor. 


Gettier problem 

A thought experiment in philosophy that throws into 
question the long-held supposition that to know some- 
thing is equivalent to holding a belief about something 
that is both true and for which there is justification. Con- 
sider a case in which a lecturer has two students in her class 
called Mr. Havenot and Mr. Havegot. Mr. Havenot claims 
to own a Ferrari, drives one around, and has papers that 
state that the car is his. But in fact he does not actually own 
the car. Mr. Havegot, on the other hand, who shows no 
sign of Ferrari ownership, secretly has one of these rare 
cars. On the basis of the evidence, the teacher concludes 
that one of her students owns a Ferrari—and is correct in 
this belief. However, there is something wrong. Despite 
the combination of truth, justification, and belief, it seems 
that there is no real knowledge. The first examples of such 
problems were published in 1963 by the American 
philosopher Edmund Gettier (1927-). 


Giant’s Causeway 

A natural structure that occurs on the coast in County 
Antrim, Ireland; it is one of the few places in the world 
where volcanic basalt has cooled in a columnar forma- 
tion. The columns approximately form a hexagonal tes- 
sellation (see tiling) and tend to break off to produce a 
pavement with this pattern. The full length of the 
columns can’t be seen, but it is estimated that they may 
be 20 feet (about 6 meters) high before merging into the 
underlying irregular basaltic mass. About 99% of the 
columns are believed to be hexagonal and only one tri- 
angular column is known. Though many of the hexa- 
gons are fairly regular, some have a side twice as long as 
their smallest side. Side lengths vary from 8 to 18 inches 
(20 to 46 cm) and the pillars break up into sections 6 to 
36 inches (15 to 90 cm) long, with a concavo-convex 
junction rather than a plane junction. Other examples of 
such formations occur at Kirkjubaejarklaustri, in Iceland, 
and the Devil’s Postpile, in California. 


Gilbreath’s conjecture 

A strange hypothesis concerning prime numbers that was 
first suggested in 1958 by the American mathematician 
and amateur magician Norman L. Gilbreath following 
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Giant's causeway Hexagonal paving on the Giant's Causeway. Martin Melaugh, University of Ulster 


some doodlings on a napkin. Gilbreath started by writing 
down the first few primes: 


2, 3,5, 7, 11, 13, 17, 19, 23, 29, 31,... 
Under these he put their differences: 
1, 2, 2,4, 2,4, 2,4,6,2,... 


Under these he put the unsigned difference of the differ- 
ences: 


1; 03-2;,2,:2;.2) 2223435... 


And he continued this process of finding iterated differ- 
ences: 


1, 2, 0, 0, 0, 0, 0, 2,... 
1, 2,0, 0, 0,0, 2,... 
1, 2,0, 0,0, 2,... 

1, 2503:05-2 5:00 

1, 2,0, 2,... 

12 25 

1,0): 

deg ae 


Gilbreath’s conjecture is that, after the initial two rows, 
the numbers in the first column are all one. No exception 
has been found to date, despite searches out to several 
hundred billion rows, and the conjecture is generally 
assumed to be true. However, it may have nothing to do 
with primes as such. The English mathematician Hallard 
Croft has suggested the conjecture may apply to any 
sequence that begins with 2 and is followed by odd num- 
bers that increase at a “reasonable” rate and with gaps of 
“reasonable” size. If this is the case, Gilbreath’s conjec- 
ture may not be as mysterious as it first seems, though it 
may be very difficult to prove. 


glissette 

If there are two fixed curves, and a curve S of fixed shape 
and length that slides with its ends on the fixed curves, 
then the locus of a point moving with S is called a glis- 
sette. An example is the locus of the midpoint of a line 
segment sliding with its ends on two perpendicular lines; 
this locus is a circle. 


gnomon magic square 
A 3 x 3 array in which the elements in each 2 x 2 corner 
have the same sum. See also magic square. 
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Go 

A two-player board game that originated in China in 
about 2000 B.c. It is often compared and contrasted with 
chess. Go is played on a board marked with 19 x 19 lines. 
Round, lens-shaped pieces called stones are placed, one 
per move, on the intersections of this grid, of which there 
are 361. As in chess, the pieces are colored black and 
white, but in Go black plays first. The board starts blank 
and pieces once played are not thereafter moved except 
to be taken off as prisoners. Pieces are captured singly or 
en masse by being surrounded so that they are not con- 
nected to any adjacent open intersection. The player with 
highest score at the end of the game, or following resig- 
nation or time expiry, wins. Go is considered to be a 
deeply strategic game, unlike chess, which is largely tacti- 
cal. There are 32,940 opening moves, after symmetry is 
taken into account, 992 of which are deemed strong. Esti- 
mates of the number of possible board configurations 
vary but are typically on the order of 10’. 


God 


I’m still an atheist, thank God. 
—Luis Bufiuel (Spanish film director, 1900-1983) 


Mathematicians, logicians, and scientists have long de- 
bated the nature, existence, and dice-playing ability of a 
Higher Power. The pre-Renaissance French philosopher 
Jean Buridan (c. 1295-1358) used a version of the lar 
paradox to “prove” the existence of God. He wrote these 
two sentences: 


God exists. 


None of the sentences in this pair is true. 


The only consistent way to have these two sentences be 
either true or false is for “God exists” to be true. (How- 
ever, there is nothing to say that such consistency is 
necessary.) Blaise Pascal gave a more persuasive argu- 
ment, not for the existence of God but for why we 
should believe in that existence: “If I believe in God 
and life after death and you do not, and if there is 
no God, we both lose when we die. However, if there 
is a God, you still lose and I gain everything.” Pierre 
Laplace, on the other hand, replying to Napoleon 
Bonaparte, who had asked why his celestial mechanics 
made no mention of God, said: “Sir, I have no need of 
this hypothesis.” The German mathematician Leopold 
Kronecker thought that “God made the Integers, all the 
rest is the work of man.” In The City of God, however, 
Saint Augustine seems to imply that the integers were 
independent of God. He wrote: “Six is a number perfect 
in itself, and not because God created the world in six 
days; rather the contrary is true. God created the world 





in six days because this number is perfect, and it would 
remain perfect, even if the work of the six days did not 
exist.” Augustine’s statement can be taken to suggest 
that six would be a perfect number not only if the uni- 
verse didn’t exist, but even if God didn’t exist. As to 
God’s mathematical specialty, Plato said, “God ever 
geometrizes” while Charles Jacobi insisted that “God 
ever arithmetizes.” James Jeans thought, “The Great 
Architect of the Universe now begins to appear as a pure 
mathematician,” and Einstein (“God does not play 
dice”) was sure He wasn’t a probabilist. 


Gédel, Kurt (1906-1978) 

An Austrian-American mathematician and logician who, 
in 1931, proved that within a formal system questions 
exist that are neither provable nor disprovable on the 
basis of the axioms that define the system. This is known 
as Gédel’s undecidability theorem. He also showed that 
in a sufficiently rich formal system in which decidability 
of all questions is required, there will be contradictory 
statements. This is called Gédel’s incompleteness theo- 
rem. In establishing these theorems Gédel showed that 
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there are problems that can’t be solved by any set of rules 
or procedures; instead, for these problems one must 
always extend the set of axioms. This disproved a com- 
mon belief at the time that the different branches of 
mathematics could be integrated and placed on a single 
logical foundation. Gédel was a close friend of Albert 
Einstein at Princeton and contributed to his general rela- 
tivity theory and cosmology. The so-called Gédel universe 
is a rotating model of the universe in which it is theoreti- 
cally possible to travel into the past (see time travel). 


Gédel’s incompleteness theorem 
In a nutshell: All consistent axiomatic systems contain 
undecidable propositions. What does this mean? An 
axiomatic system consists of some undefined terms, a 
number of axioms that refer to those terms and partially 
describe their properties, and a rule or rules for deriving 
new propositions from already existing propositions. 
Axiomatic systems are powerful because they reduce 
large bodies of math to a simple description. Also, 
because they’re very abstract, they allow all, and only, 
the results that follow from things having the formal 
properties specified by the axioms to be derived. An 
axiomatic system is consistent if, given the axioms and the 
derivation rules, it doesn’t lead to any contradictions. 
One of the first modern axiomatic systems was a formal- 
ization of simple arithmetic (adding and multiplying 
whole numbers) by Giuseppe Peano and now known as 
Peano arithmetic. Kurt G6del showed that every syntacti- 
cally correct proposition in Peano arithmetic can be rep- 
resented by a unique integer, called its Gédel number. The 
trick is to replace each symbol in the proposition, includ- 
ing numerals, by a different string of digits. If we represent 
“1” by 01, “2” by 02, “+” by 10, and “=” by 11, then the 
Godel number of “1 + 1 = 2” is 0110011102. This al- 
lowed Gédel to write down, unambiguously, proposi- 
tions about propositions. In particular, he was able to 
write down self-referential (see self-referential sentence) 
propositions—ones that include their own Godel num- 
ber. Gédel was then able to prove that, either the system 
of Peano arithmetic is inconsistent, or there are true 
propositions that can’t be reached from the axioms by 
applying the derivation rules. The system is thus zzcom- 
plete, and the truth of those propositions is undecidable 
(within that system). Such undecidable propositions are 
known as Gédel propositions or Gédel sentences. Nobody 
knows what the Gédel sentences for Peano arithmetic 
are, though people have their suspicions about the 
Goldbach conjecture (every even number is the sum of 
two prime numbers). 

The results of an axiomatic system pertain to more 
than just Peano arithmetic, they apply to all kinds of 


things that satisfy the axioms. There are an immense 
number of other axiomatic systems, which either include 
Peano numbers among their basic entities or can be con- 
structed from them. It follows that these systems, too, 
contain undecidable propositions, and are incomplete. 

A common misconception is that Gédel’s theorem 
imposes some profound limitation on knowledge, sci- 
ence, and mathematics. In the case of science, this ig- 
nores that Gédel’s theorem applies to deduction from 
axioms, which is only one source of knowledge and not 
even a very common mode of reasoning in science. More 
generally, Gédel’s incompleteness result doesn’t touch 
directly on the most important sense of completeness 
and incompleteness, namely, descriptive completeness 
and incompleteness—the sense in which an axiom system 
describes a given field. In particular, the result represents 
no threat to the notion of truth. 


Goldbach conjecture 

One of the oldest and easiest-to-understand hypotheses 
in mathematics that remains unproven. In its original 
form, now known as the weak Goldbach conjecture, it was 
put forward by the Prussian amateur mathematician and 
historian Christian Goldbach (1690-1764) in a letter 
dated June 7, 1742, to Leonhard Euler. In this guise it 
says that every whole number greater than five is the sum 
of three prime numbers. Euler restated this, in an equiv- 
alent form, as what is now called the strong Goldbach con- 
jecture or, simply, the Goldbach conjecture: every even 
number greater than two is the sum of two primes. 
Thus, 4=24+2,6=34+3,8=3+5,10=34+7..., 
100 = 53 + 47,.... In fact René Descartes knew about 
the two-prime version of Goldbach’s conjecture before 
either Goldbach or Euler did. So, is it misnamed? Paul 
Erd6s said, “It is better that the conjecture be named 
after Goldbach because, mathematically speaking, Des- 
cartes was infinitely rich and Goldbach was very poor.” In 
any event, there is a much more important question, 
namely, is the conjecture true? The general assumption is 
that it is, but no one knows for sure. The most significant 
step toward a proof came in 1966 when the Chinese 
mathematician Chen Jing-Run showed that every suffi- 
ciently large even integer is the sum of a prime and a 
number that has at most two prime factors. Using power- 
ful computers, the Goldbach conjecture has been checked 
out to about 400 trillion. But there is no great optimism 
among mathematicians that a final breakthrough is on 
the horizon. Even a reward of $1 million dollars for a 
proof offered by the publishing house Faber & Faber in 
2000, to help publicize the novel Uncle Petros and Gold- 
bach’s Conjecture by the Greek mathematician and author 
Apostolos Doxiadis, went unclaimed. 
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golden ratio A golden rectangle and a logarithmic spiral 
emerge from a whirling pattern of squares built up from two 
small squares of equal size at the spiral’s center. 


golden ratio (phi, 0) 

A remarkable number that, like pi and e, pops up all over 
the place in mathematics but, in some ways, has a more 
“human” connection, in that it seems to be linked to aes- 
thetics. Its name, which is also given as the golden mean, 
the golden section, the golden number, and the divine propor- 
tion, reflects this sense of a harmonious or pleasing ideal. 
The golden ratio is an irrational number of the type 
known as an algebraic number (in contrast with 7 and e, 
which are transcendental) and is represented by the 
Greek letter (phi). It can be defined in various ways. For 
example, it is the only number equal to its own recipro- 
cal plus 1, that is, 6 = (1/6) + 1, so that 6? = @ + 1. From 
this comes the quadratic equation o’ — @ — 1 = 0 of which 
the golden ratio is the positive solution, (1 + V5) / 2 ~ 
1.6180339887 .... The golden ratio is also approximated 
by the ratio of successive terms in the Fibonacci se- 
quence; in fact, F(z + 1) / F(m) gets closer and closer to 
as n tends to infinity. Because 1/(1 — ©) = 6, the contin- 
ued fraction representation of is 


o=14+1/14+1/14+1/01 + 1/0 4+1/... 
=[1;1,1,1,1,...]. 


Two quantities are said to be in the golden ratio, if the 
ratio of the larger one, a, to the smaller one, J, is the same 
as the ratio of the smaller one to their difference, that is, 
a/b = b/(a— b). The so-called golden rectangle is one whose 
sides a and b stand in the golden ratio. It is famously said 
to have great aesthetic appeal and is closely approxi- 
mated by the dimensions of the front of the Parthenon in 
Rome. Leonardo da Vinci’s masterpiece the Mona Lisa is 
said to have a face that is framed by a golden rectangle; 
what is certain is that Leonardo was a close personal 
friend of Luca Pacioli, who published a three-volume 





golden ratio The corners of an icosahedron meet the 
corners of three orthogonal golden rectangles. 


treatise on the golden ratio, Divina Proportione, in 1509. 
The Swiss-French architect and painter Le Corbusier 
designed an entire proportional system called the “Mod- 
ulor,” that was based on the golden ratio. The Modulor 
was supposed to provide a standardized system that 
would automatically confer harmonious proportions to 
everything, from door handles to high-rise buildings. 
Another artist who deliberately used the golden ratio is 
the surrealist Salvador Dali. The ratio of the dimensions 
of Dali’s Sacrament of the Last Supper is equal to the golden 
ratio. Dali also incorporated in the painting a huge 
dodecahedron (a twelve-faced Platonic solid in which 
each side is a pentagon) engulfing the supper table. The 
dodecahedron, which according to Plato is the solid 
“which the god used for embroidering the constellations 
on the whole heaven,” is intimately related to the golden 
ratio—both the surface area and the volume of a dodeca- 
hedron of unit edge length are simple functions of the 
golden ratio. In fact, @ turns up frequently in figures 
that have pentagonal symmetry. For instance the ratio 
of a regular pentagon’s side and diagonal is equal to 
, and the vertices of a regular icosahedron are located 
on three orthogonal golden rectangles. The golden 
ratio is also related to Penrose tiling and to the plastic 
number.” 
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Golomb, Solomon W. (1932-) 

A mathematician and electrical engineer at the Univer- 
sity of Southern California who is best known for his 
seminal studies of polyominos. His article “Checker 
Boards and Polyominos,” published in the American 
Mathematical Monthly in 1954 when Golomb was a 22- 
year-old graduate student at Harvard, defined a poly- 
omino as a simply connected set of squares (i.e., a set of 
squares joined along their edges). Golomb also originated 
the idea of graceful graphs."*7 


golygon 

A series of straight-line segments that have lengths of 
one, two, three, and so on, up to some finite number of 
units, with the property that every segment connects at a 
right angle to the segment that is one unit larger, except 
the longest segment, which meets the shortest segment at 
a right angle. The name “golygon” was invented by Lee 
Sallows. Golygons have inspired some interesting puz- 
zles as well as some intriguing research problems. 


googol 
A named coined in 1938 by Milton Sirotta, the 9-year- 
old nephew of the mathematician Edward Kasner, when 
the child was asked by his uncle to come up with a name 
for a very large number; at the same time, googolplex was 
suggested for a still larger number. Kasner defined these 
numbers as follows: 

1 googol = 10’ (i.e., 1 followed by 100 zeros); 

1 googolplex = 10%"! = 10°” 
googol number of zeros) 


(i.e., 1 followed by a 


A googol is very roughly the number of years thought to 
be needed for all the black holes in the universe to evap- 
orate by a process known as Hawking radiation. It is 
much larger than the number of protons and neutrons in 
the known universe (about 10*°), but much smaller than 
the number of protons and neutrons needed to pack 
every cubic centimeter of the known universe (about 
10’). The googolplex is the largest number with a proper 
name of which many people have heard. It is dwarfed, 
however, by such esoterica as Graham’s number. 


Gordian knot 

The earliest reference to a string puzzle. In Greek 
mythology, a Phrygian peasant called Gordius, the father 
of Minos (see maze), became king because he was first to 
arrive in town after an oracle commanded the Phrygians 
to select as ruler the first person to drive into the public 
square in a wagon. In gratitude, Gordius dedicated his 
wagon to Zeus and placed it in the temple grove, tying 
the wagon pole to the yoke with a rope of bark. The knot 
was so intricately entwined that no one could undo it. A 


saying developed that whoever succeeded in untying the 
knot would become ruler of all Asia. Many tried, but all 
failed. According to legend, even Alexander the Great 
was unable to untie the Gordian knot, so he drew his 
sword and cut it through with a stroke. The expression 
“to cut the Gordian knot” is used to refer to a situation in 
which a difficult problem is solved by a quick and deci- 
sive action. 


graceful graph 

A graph of points and connecting lines that can be num- 
bered in a certain way. Say the graph has p points and e 
lines (“e” for edges) connecting them. Each of the points 
is assigned an integer; the lowest integer (by convention) 
is taken to be 0, and no two integers may be alike. Each 
of the lines is labeled with the difference between the two 
integers of the points that it connects. Then, if the num- 
bers corresponding with the lines run from 0 through e, 
the graph is said to be graceful. Graceful graphs were orig- 
inally defined and developed by Solomon Golomb. 


gradient 

A vector of partial derivatives of a function that oper- 
ates on vectors. Intuitively, the gradient represents the 
slope of a high-dimensional surface. 


Graham, Ronald L. (1936-) 

An American mathematician and leading combinatorialist 
after whom Graham’s number is named. Graham is also 
one of the country’s best jugglers and former president of 
the International Juggler’s Association. In his youth, he and 
two friends were professional trampolinists who performed 
with a circus as the Bouncing Baers. His office ceiling is 
covered with a large net that he can lower and attach to his 
waist so that when he practices juggling with six or seven 
balls, any that are dropped will roll back to him. Graham is 
a professor in the department of computer science and 
engineering at the University of California at San Diego. 


Graham's number 

A stupendously large number that found its way in to the 
Guinness Book of Records as the biggest number ever ob- 
tained as part of a mathematical proof; it is named after 
its discoverer, Ronald Graham. Graham’s number is the 
upper bound solution to a very exotic problem in Ramsey 
theory, namely: What is the smallest dimension ” of a 
hypercube such that if the lines joining all pairs of corners 
are two-colored, a planar complete graph K, of one color 
will be forced? This is exactly equivalent to a problem that 
can be stated in plain language: Take any number of peo- 
ple, list every possible committee that can be formed from 
them, and consider every possible pair of committees. 
How many people must be in the original group so that no 
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matter how the assignments are made, there will be four 
committees in which all the pairs fall in the same group, 
and all the people belong to an even number of commit- 
tees. Graham’s number is the greatest value that the answer 
could take. It is so large that it can only be written using 
special big-number notation, such as Knuth’s up-arrow 
notation. Even then, it must be built up in stages. First, 
construct the number G, = 3TT... 113, where there are 
3TTTT3 up-arrows. This, in itself, is a number far, far 
beyond anyone’s ability to even remotely comprehend. 
Next, construct G, = 3TT... T13, where there are G, up- 
arrows; then construct G; = 3TT... 113, where there are 
G, up-arrows; then continue this pattern until the number 
Go has been made. Graham’s number G = 3TT... T73, 
where there are Gx up-arrows. While the unthinkably large 
upper boundary to the problem described earlier is given 
by Graham’s number, nobody, including Graham himself, 
believes the solution is nearly so large. In fact, it is thought 
that the actual answer is probably 6!" 


grandfather paradox 

One of the most powerful and commonly used arguments 
against time travel. It points out that if you were able to 
travel into the past you could (if you were so inclined) kill 
your grandfather when he was very young and thus render 
your own birth impossible. A simpler version is that you 
could kill a younger version of yourself so that you would 
not be alive in the future to travel back in time. The grand- 
father paradox shows how one form of time travel could 
violate causality by eliminating the cause of a phenome- 
non that has already taken place in the present. 

The most bizarre adaptation of the grandfather para- 
dox is found in Robert Heinlein’s classic short story “All 
You Zombies.” A baby girl is mysteriously left at an 
orphanage in Cleveland in 1945. “Jane” grows up lonely 
and dejected, not knowing who her parents are, until one 
day in 1963 she is strangely attracted to a drifter. She falls 
in love with him. But just when things are finally looking 
up for Jane, a series of disasters strike. First, she becomes 
pregnant by the drifter, who then disappears. Second, 
during the complicated delivery, doctors find that Jane 
has both sets of sex organs, and to save her life, they are 
forced to surgically convert “her” to a “him.” Finally, a 
mysterious stranger kidnaps her baby from the delivery 
room. Reeling from these disasters, rejected by society, 
scorned by fate, “he” becomes a drunkard and drifter. 
Not only has Jane lost her parents and her lover, but he 
has lost his only child as well. Years later, in 1970, he 
stumbles into a lonely bar, called Pop’s Place, and spills 
out his pathetic story to an elderly bartender. The bar- 
tender offers the drifter the chance to avenge the stranger 
who left her pregnant and abandoned, on the condition 
that he (Jane) join the “time travelers corps.” Both of 


them enter a time machine, and the bartender drops 
off the drifter in 1963. The drifter is strangely attracted to 
a young orphan woman, who subsequently becomes 
pregnant. The bartender then goes forward nine months, 
kidnaps the baby girl from the hospital, and drops off the 
baby in an orphanage back in 1945. Then the bartender 
drops off the thoroughly confused drifter in 1985, to 
enlist in the time travelers corps. The drifter eventually 
gets his life together, becomes a respected and elderly 
member of the time travelers corps, and then disguises 
himself as a bartender and has his most difficult mission: 
a date with destiny, meeting a certain drifter at Pop’s 
Place in 1970. The question is: who is Jane’s mother, 
father, grandfather, grandmother, son, daughter, grand- 
daughter, and grandson? The girl, the drifter, and the bar- 
tender, of course, are all the same person. As an exercise 
(on the road to insanity) try drawing Jane’s family tree. 
You will find that not only is she her own mother and 
father, she is an entire family tree unto herself! 


graph 


Ill do algebra, I'll do trig, and I'll even do statistics, 
but graphing is where I draw the line! 


—Anonymous 


(1) In common usage, a plot of x values (the domain) 
against y values (the codomain) for a given function, y = 
Jlx). Such a graph is also known as a function graph or the 
graph of a function. (2) In strict mathematical usage, any 
set of dots, known as nodes or vertices, in which at least 
some pairs are joined by lines known as edges or arcs. 
What follows applies only to this second definition. 
Often the lines on a graph are used to represent rela- 
tionships between objects (represented by dots). Depend- 
ing on the application, edges may or may not have a 
direction, as indicated by an arrow (see directed graph); 
edges joining a node to itself may or may not be allowed, 
and nodes and/or edges may be assigned weights. A path 
is a series of nodes such that each node is adjacent to 
both the preceding and succeeding node. A path is con- 
sidered simple if none of the nodes in the path is repeated. 
The length of a path is the number of edges that the path 
uses, counting multiple edges multiple times. If it’s possi- 
ble to establish a path from any node to any other node 
of a graph, the graph is said to be a connected graph. A 
circuit or cycle is a path that begins and ends with the same 
node and has a length of at least two. A free is a connected 
acyclic graph, that is, a graph without any circuits. A 
complete graph is one in which every node is adjacent to 
every other node. An Euler path in a graph is a path that 
uses each edge precisely once. If such a path exists, the 
graph is said to be ¢traversable. An Euler circuit is a path 
that traverses each edge precisely once. A Hamilton path 
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Great Monad 


in a graph is a path that visits each node once and only 
once; a Hamilton circuit is a circuit that visits each node 
once and only once. Well known problems whose solu- 
tion involves graphs and graph theory include the four- 
color problem and the traveling salesman problem. 


graph theory 

The study of graphs, either for their own sake, or as mod- 
els of such diverse things as groups (in pure mathematics) 
or computer networks. 


great circle 
A circle that goes all the way around a sphere and is cen- 
tered at the center of the sphere. The shortest route 
between two points on a sphere, such as Earth, is along 
the great circle that connects these points. A great circle 
is a geodesic. 


Great Monad 

Also known as T’ai-Chi, an important and ubiquitous 
symbol in traditional Chinese philosophy and cosmol- 
ogy. It represents the underlying harmony of the universe 
when its opposites or dualities—male and female (yang 
and yin), hard and soft, sun and moon, and so forth—are 
in balance. It occurs everywhere in Chinese art: in books, 
on walls, porcelain, tablets, and stitched into brocade. 


greatest common divisor 
The largest integer that divides each of a sequence of inte- 
gers exactly. Also called the greatest common factor. 


greatest lower bound 
The largest real number that is smaller than each of the 
numbers in a set of real numbers. 


Green, George (1793-1841) 

An English mathematician who published work in the 
fields of hydrodynamics, electricity, and magnetism, but 
is best known for his theorem (see Green’s theorem), 
which is the basis of potential theory. Green took over a 
bakery and adjoining windmill after the death of his 
father, but studied mathematics in his spare time. In 
1828, he wrote his most important paper, “An Essay on 
the Application of Mathematical Analysis to the Theo- 
ries of Electricity and Magnetism,” which, though gener- 
ally overlooked at the time, is now regarded as the 
beginning of mathematical physics in England. 


Green’s theorem 

A connection between path integrals over a well-connected 
region in the plane and the area of the region bounded in 
the plane. Green’s theorem is a form of the fundamental the- 
orem of calculus, and is used today in almost all computer 
codes that solve partial differential equations. 


Grelling’s paradox 

An equivalent, from the world of words and grammar, of 
Russell’s paradox. Grelling’s paradox involves dividing 
all adjectives into two sets: self-applicable and not self 
applicable. Words like “English,” “written,” and “short” 
are self-applicable, while “Russian,” “spoken,” and “long” 
are not self-applicable. Now, define the adjective heterolog- 
ical to mean “not self-applicable.” To which set of adjec- 
tives does “heterological” belong? This strange quandry 
was devised by the logician and philosopher Kurt Grelling 
(1886-1941/2), who was persecuted by the Nazis; it is not 
certain whether he died with his wife in the Auschwitz 
concentration camp in 1942, or whether he was killed in 
1941 in the Pyrenees while trying to escape into Spain. 


gross 
A group of 144 items. The word comes from the Latin 
grossus, for “thick” or “large,” via the Old French gross 
douzaine or “large dozen” (12 dozen), though this group- 
ing may have started out in Germany. “Grocer” has the 
same origins as “gross” because a grocer is someone who 
deals in large quantities of food. A great gross, or a dozen 
gross, is 1728. See also twelve. 


group 


Wherever groups disclosed themselves, or could be 
introduced, simplicity crystallized out of compara- 
tive chaos. 

—Eric Temple Bell 
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An abstract and crucially important way of representing 
symmetry and one of the most fundamental concepts in 
modern algebra. Groups were brought into mathematics 
in the early nineteenth century by the radical young 
French student Evariste Galois as a tool to help solve 
one of the outstanding problems of his day: to find a 
formula for solving polynomial equations of order five— 
quintics—and higher. Galois showed, in notes scribbled 
down the night before he died in a duel, that no such 
formula exists. The reason for this is that the possible 
symmetries, or permutations, of the roots of fifth-degree 
polynomial equations are more complex than are the 
symmetries that can be represented by arithmetical for- 
mulas. This fact emerged from the development of the 
idea of a permutation group by Galois and, independently 
at about the same time, by Niels Abel. Half a century 
later, another Norwegian, Sophus Lie, showed how 
important groups are to the whole of mathematics. The 
theory of what became known as Lie groups links the 
discrete structure of permutations with the continuous 
variation of differential equations. Not surprisingly, 
because group theory forms a common underpinning to 
algebra and to geometric features such as rotation, reflec- 
tion, and symmetry, it crops up routinely in modern 
physics, from the classification of elementary particles to 
crystallography. 

A group is a set whose elements are defined by a single 
operation. The group is called additive if the symbol for 
the operation is “+” and is called multiplicative if the sym- 
bol is “-” for multiplication. But any other symbol can be 
substituted for these. There is always a unique element 
(1, for multiplicative, and 0, for additive, groups) that 
leaves elements unchanged under the defined operation, 
like a + 0 = a. Also, for every element a there exists a 
unique inverse J such that, for example, in the case of the 
additive symbol, a+ b=0 and b+.a=0. Most often, how- 
ever, the inverse is denoted as a”. Lastly, the group oper- 
ation must be associative as ina: (b-c)=(a-b)-ca A 
group is commutative or Abelian if its operation is sym- 
metric, asina+b=b+a. 

Groups come in two types: finite and infinite. The sym- 
metry group of the roots of a polynomial equation is a 


finite group, because there is only a limited number of 
permutations possible among the roots of a given poly- 
nomial. In contrast, the Lie groups that represent symme- 
tries of solutions of differential equations are infinite 
because they represent continuous transformations, and 
continuity carries the potential of an infinite number of 
changes. Finite groups can be built up from combinations 
of smaller groups by a process analogous to multiplica- 
tion. In the same way that a whole number can be written 
as a product of prime numbers, a finite group can be 
expressed as a combination of certain factors known as 
simple groups. Most simple groups belong to one of three 
families: the cyclic groups, the alternating groups, or the 
groups of Lie type. Cyclic groups consist of cyclic permuta- 
tions of a prime number of objects. Alternating groups 
consist of even permutations—those formed by inter- 
changing the positions of two objects an even number of 
times. Sixteen subfamilies make up the simple groups of 
Lie type, each associated with a family of infinite Lie 
groups. (Confusingly, a Lie group is not a group of Lie 
type, since the former is infinite and the latter is finite!) 
Altogether, there are 18 specific families of finite simple 
groups. There are also 26 simple groups, known as sporadic 
groups, that are highly irregular and fall outside these fam- 
ilies. Five sporadic groups were found in the nineteenth 
century by Emile Mathieu. Then came a hiatus until the 
1960s, when suddenly a rush of new sporadics came to 
light. The most remarkable of these is the so-called mon- 
ster group, which appears to be intimately related to the 
structure of the universe at the subatomic level. 


Grundy’s game 
See Nim. 


Guy, Richard Kenneth (1916-) 

A British-born mathematician who is professor emeritus 
of mathematics at the University of Calgary, Canada, 
and an expert in combinatorics and in number theory. 
Guy is the author of more than 250 papers and 10 books, 
including (as a coauthor) the game theory classic Win- 
ning Ways. He has been an editor of the “Problems” sec- 
tion of the American Mathematical Monthly since 1971. 





Haberdasher’s puzzle 

The greatest mathematical discovery of Henry Dudeney, 
it was first published in the Weekly Dispatch in 1902 and 
then as problem no. 26 in his The Canterbury Puzzles 
(1907)."” One must decide how to cut an equilateral tri- 
angle into four pieces that can be rearranged to make a 
square. The accompanying diagram shows the solution, 
which Dudeney describes as follows: 


Bisect AB in D and BC in E; produce the line AE to 
F making EF equal to EB; bisect AF in G and 
describe arc AHF; produce EB to H, and EH is the 
length of the side of the required square; from E 
with distance EH, describe the arc HJ, and make JK 
equal to BE; now from the points D and K drop per- 
pendiculars on EJ at L and M. 


A remarkable feature of the solution is that each of the 
pieces can be hinged at one vertex, forming a chain that 
can be folded into the square or the original triangle. Two 
of the hinges bisect sides of the triangle, while the third 
hinge and the corner of the large piece on the base cut 


Haberdasher’s puzzle The puzzle and its solution as 
illustrated by Henry Dudeney. 


the base in the approximate ratio 0.982:2:1.018. Dude- 
ney showed just such a model of the solution, made of 
polished mahogany with brass hinges, at a meeting of the 
Royal Society on May 17, 1905. 


Hadwiger problem 

In ddimensions, define L(d) to be the largest integer for 
which a cube cannot be cut into ” cubes (not necessarily 
different). The Hadwiger problem is to find L(d). Defi- 
nite solutions are only known in two and three dimen- 
sions: L(2) = 5 and L(3) = 47. However, it is known that 
L(4) < 853 and L(5) < 1,890, and it is considered likely 
that L(d) is odd for all values of d. See also dissection. 


hailstone sequence 

A sequence of numbers produced by the rules of the Col- 
latz problem; in other words, a sequence formed in the 
following way: Start with any positive integer . (1) If is 
even, divide it by 2; if 7 is odd, multiply it by 3 and add 
1. (2) If the result is not 1, repeat step (1) with the new 
number. For 2 = 5, this produces the sequence 5, 16, 8, 4, 
2,1,4,2,1,....For=11, the resulting sequence is 11, 
34, 17, 52, 26, 13, 40, 20, 10, 5, 16, 8,4, 2,1,4,2,1,.... 
The name “hailstone” comes from the fact that the num- 
bers in these sequences rise and fall like hailstones in a 
cloud before finally falling to Earth. It seems from exper- 
iment that such a sequence will always eventually end in 
the repeating cycle 4, 2, 1, 4, 2, 1,..., but some values 
for m generate many values before the repeating cycle 
begins. An unsolved mystery is whether all such 
sequences eventually hit 1 (and then 4, 2, 1, 4, 2, 1,...) 
or whether there are some sequences that never settle 
down to a repeating cycle. 


hairy ball theorem 

Ifa sphere is covered with hair or fur, like a tennis ball, the 
hair cannot be brushed so that it lies flat at every point. In 
mathematical terms: any continuous tangent vector field 
on the sphere must have a point where the vector is zero. 
This theorem also means that somewhere on Earth’s sur- 
face there has to be a point where the horizontal wind 
speed is zero, even if it’s windy everywhere else. Does the 
same apply to a torus? Is there a hairy donut theorem? 
No! The number of “problem points,” where the hair 
would stick up on a surface, is related to a quantity called 
the Euler characteristic of that surface. Basically, every 
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point on a surface has an index that describes how many 
times the vector field rotates in a neighborhood of the 
problem point. The sum of the indices of all the vector 
fields is the Euler characteristic. Since the torus has Euler 
number 0, it is possible to have a covering of hair—a vec- 
tor field—on it that lies flat at every point. 


half-line 
A ray. 


half-plane 


The part of a plane that lies on one side of a given line. 


halting problem 

Given a program and inputs for it, decide whether it will 
run forever or will eventually stop. This is not the same 
thing as actually running a given program and seeing 
what happens. The halting problem asks whether there is 
any general prescription for deciding how long to run an 
arbitrary program so that its halting or non-halting will 
be revealed. In a celebrated 1936 paper,” Alan Turing 
proved that the halting problem is undecidable: there’s 
no way to construct an algorithm that is always able to 
determine whether another algorithm halts or not. From 
this it follows that there can’t be an algorithm that de- 
cides whether a given statement about natural numbers 
is true or not. The undecidability of the halting problem 
provides an alternative proof of Gédel’s incompleteness 
theorem. This is because if there were a complete and 
consistent axiomatization of all true statements about 
natural numbers, then we would be able to create a set of 
rules that decides whether such a statement is true or not. 
Another amazing consequence of the undecidability of 
the halting problem is Rice’s theorem, which states that the 
truth of any nontrivial statement about the function that 
is defined by an algorithm is undecidable. So, for exam- 
ple, the decision problem “will this algorithm halt for the 
empty string” is already undecidable. Note that this the- 
orem holds for the function defined by the algorithm and not 
the algorithm itself. It is, for example, quite possible to 
decide if an algorithm will halt within 100 steps, but this 
isn’t a statement about the function that is defined by the 
algorithm. Many problems can be shown to be undecid- 
able by reducing them to the halting problem. However, 
Gregory Chaitin has given an undecidable problem in 
algorithmic information theory that doesn’t depend on 
the halting problem. 

While Turing’s proof shows that there can be no gen- 
eral method or algorithm to determine whether algo- 
rithms halt, individual instances of that problem may very 
well be susceptible to attack. Given a specific algorithm, 
one can often show that it must halt, and in fact computer 
scientists often do just that as part of a correctness proof. 


But every such proof requires new arguments: there is no 
mechanical, general way to determine whether algorithms 
halt. And there’s another caveat. The undecidability of 
the halting problem relies on the fact that computers are 
assumed to have a memory of potentially infinite size. If 
the memory and external storage of a machine is limited, 
as it is for any real computer, then the halting problem for 
programs running on that machine can be solved with a 
general algorithm (albeit an extremely inefficient one). 


ham sandwich theorem 

Given a sandwich in which bread, ham, and cheese (three 
finite volumes) are mixed up, in any way at all, there is 
always a flat slice of a knife (a plane) that bisects each of 
the ham, bread, and cheese. In other words, however 
messed up the sandwich—even if it’s been in a blender— 
you can always slice through it in such a way that the two 
halves have exactly equal amounts, by volume, of the 
three ingredients. This theorem generalizes to higher- 
dimensional ham sandwiches, when it essentially becomes 
the Borsuk-Ulam theorem: in 7-dimensional space in 
which there are x globs of positive volume, there is always 
a hyperplane that cuts all the globs exactly in half. 


Hamilton, William Rowan (1805-1865) 
An Irish mathematician who, among other things, in- 
vented quaternions and a new theory of dynamics. Hav- 
ing excelled in Greek and mathematical physics at Trinity 
College, Cambridge, Hamilton was appointed Astron- 
omer Royal of Ireland; in this position he served from 
1827 to his death and, during all that time, lived in Dun- 
sink Observatory, Dunsink Lane, to the northwest of 
Dublin. However, he quickly lost interest in staying up at 
nights to make observations—he hired three of his sisters 
to help run the place—and preferred instead to write 
poetry (badly). He was friends with Samuel Coleridge, 
who introduced him to the philosophy of Kant, which 
had a great influence on him, and with William Words- 
worth, who advised him against writing any more poems. 
Hamilton did early work on caustic curves and was led 
from this to his discovery of the /aw of least action, which 
enabled many physical problems to be expressed more ele- 
gantly. One of his greatest triumphs was his treatment of 
complex numbers as pairs of real numbers, an approach 
that finally exorcised long-standing suspicions about the 
reality of imaginary numbers, and helped clear the way 
for other algebras. From this he was led to consider 
ordered quartets of numbers, which he called quaternions. 
The idea for quaternions came to Hamilton suddenly on 
October 16, 1843, while he was standing on Brougham 
(“Broom”) Bridge, where Broombridge Street crosses the 
Royal Canal, Dublin. A commemorative plaque under the 
bridge, on the towpath, was unveiled by the Taoiseach 
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(head of the Irish parliament), Eamon De Valera, on No- 
vember 13, 1958. Of his invention, Hamilton wrote: 


The quaternion was born, as a curious offspring of a 
quaternion of parents, say of geometry, algebra, 
metaphysics, and poetry. .. . I have never been able 
to give a clearer statement of their nature and their 
aim than I have done in two lines of a sonnet 
addressed to Sir John Herschel: 

“And how the One of Time, of Space the Three 

Might in the Chain of Symbols girdled be.” 


Hamilton’s interest in complex numbers was stimulated 
by his friend and compatriot John Graves, who pointed 
Hamilton in the direction of John Warren’s A Treatise on 
the Geometrical Representation of the Square Root of Negative 
Quantities. This book explained the concept of the com- 
plex plane, which Hamilton turned from geometry into 
algebra. One of Hamilton’s last inventions was a curios- 
ity called the icosian calculus, which was another outcome 
of his friendship with Graves. After a visit to the latter’s 
house, Hamilton wrote: “Conceive me shut up and rev- 
elling for a fortnight in John Graves’ Paradise of Books! 
of which he has really an astonishingly extensive collec- 
tion, especially in the curious and mathematical kinds. 
Such new works from the Continent he has picked up! 
and such rare old ones too!” Graves posed some puzzles 
to Hamilton, and either Graves or his books got Hamil- 
ton to thinking about regular polyhedra. When Hamil- 
ton returned to Dublin he thought about the symmetry 
group of the icosahedron, and used it to invent an alge- 
bra he called the “icosians” and also a game called the 
Icosian game. The only complete example of this game, 
inscribed to Graves, is now in the keeping of the Royal 
Irish Academy, of which Hamilton was the president 
from 1837 to 1847. (In early 1996, a second example of 
the Icosian game came to light but only included the 
board.) 

In some ways, Hamilton was too far ahead of his 
time. The operator now referred to as the Hamiltonian 
and the so-called Hamilton-Jacobi equation that relates 
waves and particles only became important when quan- 
tum mechanics came along, and Felix Klein introduced 
Wernher Schrédinger, the father of wave mechanics, to 
Hamilton’s work. 

Hamilton’s personal life was not always happy. He fell 
deeply in love with a woman named Catherine Disney, 
who was forced by her parents to marry a wealthy man 15 
years older than her. Hamilton remained hopelessly in 
love with her the rest of his life, though he eventually 
married someone else. He became an alcoholic, then 
foreswore drink, then relapsed. Many years after their 
early romance, Catherine began a secret correspondence 
with Hamilton. Her husband became suspicious, and she 


attempted suicide by taking laudanum. Five years later, 
she became seriously ill. Hamilton visited her and gave 
her a copy of his Lectures on Quaternions. They kissed at 
last, and she died two weeks later. He carried her picture 
with him ever afterward and talked about her to anyone 
who would listen.""”! 


Hamilton circuit 
A Hamilton path that starts and ends at the same vertex. 
See also traveling salesman problem. 


Hamilton path 

Named after William Hamilton, a path that traverses 
every vertex of a connected graph once and only once. 
The problem of the knight’s tour is equivalent to finding 
a Hamilton path (or, in the case of a reentrant tour, a 
Hamilton circuit) that corresponds to the legal moves of 
the knight. Compare with Euler path. 


Hankel matrix 
A matrix in which all the elements are the same along 
any diagonal that slopes from northeast to southwest. 


happy number 

If you iterate the process of summing the squares of the 
decimal digits of a number and if this process terminates 
in 1, then the original number is called a happy number. 
For example 7 — (7°) 49 > (4 + 9) 97 > (7 +7”) 130 
— (1? + 3) 10 1. See also amicable number. 








Hardy, Godfrey Harold (1877-1947) 

One of the most prominent English mathematicians of 
the twentieth century; his legendary collaboration with 
John Littlewood lasted 35 years and produced nearly 100 
papers. Hardy was a precocious child, whose tricks in- 
cluded factorizing hymn numbers during sermons. In 
1919, he became Savilian Professor of Geometry at 
Oxford but returned to Cambridge in 1931 as professor 
of pure mathematics. His work was mainly in analysis 
and number theory. 

Hardy had only one other passion in his life—the game 
of cricket. His daily routine would begin with reading The 
Times and studying the cricket scores over breakfast. Then 
he would do mathematical research from 9 o’clock till 1 
o’clock. After a light lunch, he would walk down to the 
university cricket ground to watch a game. In the late 
afternoon he would walk slowly back to his rooms at the 
college, and take dinner followed by a glass of wine. 
Hardy was known for his eccentricities. He couldn’t 
stand having his photo taken and only five snapshots of 
him are known to exist. He also hated mirrors and his 
first action on entering any hotel room was to cover any 
mirror with a towel. 
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Hardy’s book A Mathematician’s Apology (1940)"*"! is 
one of the most vivid descriptions of how a mathemati- 
cian thinks and the pleasure of mathematics. But the 
book is more, as C. P. Snow writes: 


A Mathematician’s Apology is... a book of haunting 
sadness. Yes, it is witty and sharp with intellectual 
high spirits: yes, the crystalline clarity and candor are 
still there: yes, it is the testament of a creative artist. 
But it is also, in an understated stoical fashion, a pas- 
sionate lament for creative powers that used to be 
and that will never come again. I know nothing like 
it in the language: partly because most people with 
the literary gift to express such a lament don’t come 
to feel it: it is very rare for a writer to realise, with the 
finality of truth, that he is absolutely finished. 


See also Ramanujan. 


harmonic analysis 
The method of expressing periodic functions as sums of 
sines and cosines. 


harmonic division 
The division of a line segment by two points such that it 
is divided externally and internally in the same ratio. 


harmonic mean 
The harmonic mean of two numbers a and bis 2ab/(a+ D). 


harmonic sequence 

The sequence: 1, 4, 14, 14, 5.... Added together, these 
become the terms of the harmonic series: 1+ 2+ "3+ M+ 
%+.... This series diverges (has no finite sum), though 
very slowly—a result first proved by the French philoso- 
pher and theologian, Nichole d’ Oresme (c. 1325-1382). 
In fact, it still diverges if you take away every other term, 
and even if you take away nine out of every ten terms. 
However, if you take the sum of reciprocals of all natural 
numbers that do not contain the number nine (when 
written in decimal expansion) the series converges! To 
show this, group the terms based on the number of digits 
in their denominator. There are eight terms in (A +...+ 
1), each of which is no larger than 1. Consider the next 
group (4o+...+ 48). The number of terms is at most the 
number of ways to choose two ordered digits out of the 
digits 0... 8, and each such term is clearly no larger than 
No. So this group’s sum is no larger than 9°/10. Similarly, 
the sum of the terms in (‘400 +...+ 1499) is at most 
9°/10°, etc. So the entire sum is no larger than 


9x1+9%x (0) +9 x (97/10?) +...4+9x (9/10) +... 


This is a geometric series that converges. Thus by the 
comparison test, the original sum (which is smaller term- 
by-term) must converge. 


Harshad number 

A number that is divisible by the sum of its own digits; 
also known as a Niven number. For example, 1,729 is a 
Harshad number because 1 + 7 +2 +9 = 19 and 1,729 = 
19 x 91. A Harshad amicable pair is an amicable pair (m, 1) 
such that both m and z are Harshad numbers (see amica- 
ble numbers). For example, 2,620 and 2,924 are a Har- 
shad amicable pair because 2,620 is divisible by 2 + 6 + 
2+0=10 and 2,924 is divisible by2+9+2+4=17 
(2,924/17 = 172). There are 192 Harshad amicable pairs 
in the first 5,000 amicable pairs. 


hat problem 

A team of three contestants, Alice, Bob, and Cedric, 
enter a room and a hat is placed on each one’s head so 
that he or she can’t see it. The color of each hat is based 
on a coin toss—blue (B) for heads, red (R) for tails. After 
all the contestants enter the room, they look at the colors 
of one anothers’ hats and, based on this information, 
they guess the color of their own hat. Each can guess red 
or blue, or, if she can’t make up her mind, she can pass. 
No communication is allowed during the competition, 
but the players are allowed to agree on a strategy before 
play begins. The team wins if at least one of them guesses 
correctly, and none of them guesses incorrectly. What is 
the team’s best strategy? At first sight, it may seem as if 
no effective strategy is possible beyond each contestant 
guessing his or her own hat color. In fact, this is the very 
worst approach since, to succeed, it requires that every- 
one guess correctly and the probability of this is only 
x \»x b=". A far better plan is for the contestants to 
agree that two of them will pass while the third takes a 
stab at the color of his own hat. Then the odds improve 
to one in two. Beyond this it’s hard to see any way that 
the probability of success could be increased. Yet there is 
an even better strategy. The key is to realize that there are 
only two cases (RRR and BBB) where everyone’s hat is 
the same color but six cases where two hats are the same 
color and the other hat is a different color (RRB, RBR, 
BRR, BBR, BRB, and RBB). This suggests the following 
strategy for members of the team: if you see two hats of 
opposite colors, pass. If you see two hats of one color, guess that 
your hat is the other color. \f everyone’s hat is the same 
color, all players on the team will guess wrong and the 
team will lose. But the chance of this happening is only 
7k (= Ya). In every other possible case, the odd person out 
will guess correctly and their teammates will pass, so the 
team will win. This strategy wins % (= +4) of the time, and 
can’t be improved upon. Since half of each player’s 
guesses will be wrong, it’s impossible to do better than a 
strategy in which each player in turn guesses correctly 
alone three times out of four, and the fourth time all 
guess wrong. 


—p— 





146 Hausdorff, Felix 





What if there are more players in the team? Say the 
number of players is 7. By the reasoning described previ- 
ously, it’s clear that the team can’t hope to win more than 
n/(n + 1) of the time. Yet it isn’t obvious that it can do 
this well. Having more people, it seems, might make it 
harder for them to synchronize their wrong guesses. 
However, it turns out that, if the number of people in the 
team is ome less than a power of 2, this best-possible value 
can be achieved. For example, with a team of 7, the team 
can win “& of the time, and with a team of 15, they can 
win 'A6 of the time. The strategy involved is complicated 
but is closely linked to Hamming codes (see coding the- 
ory), which are a method of encoding and transmitting 
information so that even if a small number of errors 
occur during transmission, the original information can 
be entirely recovered. For teams of other sizes, such as 9, 
10, or 13, mathematicians have yet to find an optimal 
strategy or establish what proportion of the time the 
team can be expected to win. 


Hausdorff, Felix (1868-1942) 

A German mathematician who is considered to be one of 
the founders of modern topology and who also did sig- 
nificant work in set theory and functional analysis. 
Among several concepts named after him is the Haus- 
dorff dimension, which gives a way of assigning a frac- 
tional dimension to a curve or shape. Hausdorff also 
published philosophical and literary works under the 
pseudonym “Paul Mongré.” He studied at Leipzig and 
taught mathematics there until 1910, when he became 
professor of mathematics at Bonn. When the Nazis came 
to power, Hausdorff, a Jew, felt that as a respected uni- 
versity professor he would be safe from persecution. 
However, his abstract mathematics was denounced as 
useless and “un-German” and he lost his position in 
1935. He sent his daughter to Britain but stayed with his 
wife in Germany. In 1942, when he could no longer 
avoid being sent to a concentration camp, he committed 
suicide together with his wife and sister-in-law. 


Hausdorff dimension 

A way to accurately measure the dimension of compli- 
cated sets such as fractals. The Hausdorff dimension, 
named after Felix Hausdorff, coincides with the more 
familiar notion of dimension in the case of well-behaved 
sets. For example, a straight line or an ordinary curve, 
such as a circle, has a Hausdorff dimension of 1; any 
countable set has a Hausdorff dimension of 0; and an 
n-dimensional Euclidean space has a Hausdorff dimen- 
sion of z. But a Hausdorff dimension is not always a nat- 
ural number. Think about a line that twists in such a 
complicated way that it starts to fill up the plane. Its 
Hausdorff dimension increases beyond 1 and takes on 


values that get closer and closer to 2. The same idea of 
ascribing a fractional dimension applies to a plane that 
contorts more and more in the third dimension: its 
Hausdorff dimension gets closer and closer to 3. As a spe- 
cific example, the fractal known as the Sierpinski carpet 
has a Hausdorff dimension of just over 1.89. 


Heesch number 

The maximum number of times that a closed plane 
figure—a tile—can be completely surrounded by copies of 
itself. The Heesch number of a triangle, quadrilateral, reg- 
ular hexagon, or any other single shape that can com- 
pletely tile the plane (see tiling), is infinity. Heesch’s 
problem is to find the largest possible finite Heesch num- 
ber, or, more generally, what values other than zero and 
infinity can Heesch numbers take. In considering this 
problem, it’s helpful to define the Heesch number more 
precisely. In a tiling, the first corona of a tile is the set of all 
tiles that have a common boundary point with the tile, 
including the original tile itself. The second corona is the 
set of tiles that share a point with anything in the first 
corona; and so on. The Heesch number is the maximum 
value of coronas (f) that can surround a shape. For a long 
time the record holder for the largest finite value of k 
was a shape found by the American computer scientist 





Heesch number A tiling in which copies of the same shape 
are used out to the fourth surrounding layer, or corona. David 
Eppstein 
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Robert Ammann, which consists of a regular hexagon 
with small bumps on two sides and matching notches on 
three sides. This was thought to have a Heesch number of 
three; however, in 2000, Alex Day argued that the 
Ammann hexagon actually has a Heesch number of four, 
though it isn’t clear whether the difference has to do with 
a definition of tiling. In any event, it has since been 
shown by Casey Mann, of the University of Arkansas 
that there exists an infinite family of tiles (consisting of 
indented and outdented pentahex) with Heesch number 
five (or six by Day’s reckoning)—the largest finite value 
currently known. Are there any polygons that have 
higher Heesch numbers? The answer is unknown but 
Mann thinks that more rounded polyominos than the 
long skinny ones he’s been using may have a better 
chance of giving unbounded Heesch numbers. 

The Heesch number question is connected to two 
other famous unsolved tiling problems: the domino 
problem and the Einstein problem. Aperiodic tiling 
seems to act as a barrier to the existence of tiling algo- 
rithms, so it isn’t expected that both of these problems 
have the same answer. On the other hand, if there’s a 
maximum finite Heesch number &, then it seems that 
this could be used as the basis of an algorithm to test 
whether a shape tiles: simply attempt to fill out a tiling 
to the ( + 1)st corona; if successful, the shape must tile 
the plane, and if not, the shape will not tile. Similar 
questions can be asked about Heesch numbers for tilings 
in higher dimensions. 


Hein, Piet (1905-1996) 

An extraordinarily creative Danish mathematician, scien- 
tist, inventor, and poet who often wrote under the Old 
Norse pseudonym Kumbel, meaning “tombstone.” A 
direct descendant of the Dutch naval hero of the six- 
teenth century who had the same name, Piet Hein was 
born in Copenhagen and studied at the Institute for The- 
oretical Physics of the University of Copenhagen (later 
the Niels Bohr Institute), the Technical University of 
Denmark, and the Royal Swedish Academy of Fine Art. 
He was later awarded an honorary doctorate by Yale Uni- 
versity. A good friend of Albert Einstein, he is famed for 
his many mathematical games, including Hex, Tang- 
loids, Polytaire, TacTix, and the Soma cube. These 
games were featured in numerous columns of Martin 
Gardner’s “Mathematical Recreations” column in Scien- 
tific American and often achieved worldwide attention in 
this way. As an artist and constructor, Hein gave form, in 
the 1950s and 1960s, to elegant pieces of furniture that 
helped “Scandinavian design” attract international recog- 
nition. These pieces, including a dining-room table cre- 
ated in cooperation with the Swedish designer Bruno 
Mathsson, were based on the superellipse curve—a shape 


that Hein also brought to bear in applications as varied as 
city planning (it’s the basis for Sergel’s Square in the cen- 
ter of Stockholm) and toy making (see superegg). Hein 
was a prolific and excellent writer of light verse, produc- 
ing thousands of short, aphoristic poems known as 
Grooks. For him there was no unbridgeable gap between 
the subjectivity of fine art and the objective world of sci- 
ence. “Art,” he said, “is a solution to problems which can- 
not be formulated clearly before they have been solved.” 
His philosophy of life was summed up by his aphorism 
“co-existence or no existence.” 


helicoid 

The second oldest known minimal surface; it was dis- 
covered by Jean-Baptiste Meusnier in 1776, thirty years 
after the catenoid. It is the only minimal surface, apart 
from the simple plane, that is also a ruled surface. The 
helicoid is the surface swept out by a line that always 
intersects a fixed axis at right angles and that rotates uni- 
formly as its point of intersection moves uniformly along 
the axis. This line intersects any cylinder concentric with 
the axis in a helix. The helicoid has a wide variety of 
shapes and is a familiar sight in everyday life, taking the 
form of many things from spiraling parking ramps to 
screw threads. 


helix 

A curve in three dimensions, the tangent to which makes 
a constant angle with a fixed line. A circular helix is 
formed by winding a line around a cylinder so the radius 
is always the same. A conical helix is formed by winding a 
line around a cone, so that, consequently, its radius con- 
stantly changes. Springs often take the form of various 
kinds of helices. In nature, the DNA molecule is in the 
shape of a double helix. 





helicoid Richard Palais 
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Henon, Michele 

An astronomer at the Nice Observatory in southern 
France. For a number of years, particularly during the 
1960s, he studied the dynamics of stars moving within 
galaxies, using computers as a way to understand the 
stability of their motions. His work was very much in 
the spirit of Henri Poincaré’s approach to the classical 
three-body problem: What important geometric struc- 
tures govern their behavior? The main property of these 
systems is that the energy of their motion is constant to a 
very good approximation. Consequently, their chaotic 
dynamics are not described by simple attractors, but 
by objects that are markedly more difficult to analyze 
and visualize, existing on energy “surfaces” in three and 
higher dimensions. During the 1970s, Henon discovered 
a very simple iterated mapping that showed a chaotic 
attractor, now called Henon’s attractor, that allowed him 
to make a direct connection between deterministic data 
and fractals. The Henon attractor is self-similar (see self- 
similarity): if you zoom in on the attractor in its state 
space you find more and more layers, much like filo 
dough or a croissant. 


Henstock integration 
See integration. 


heptagon 
A polygon with 7 sides. 


Hermann grid illusion 

An illusion first described by the German physiologist 
Ludimar Hermann (1838-1914) in 1870. While reading a 
book on sound by the Irish physicist John Tyndall, Her- 
mann saw gray spots in the intersections of spaces among 
the figures that Tyndall had arranged in a matrix. Despite 
the fact that the same intensity of light is reflected all the 
way along the white spaces in the Hermann Grid, the 
intersections appear gray. To explain this, consider two 
regions of the retina. One region views an intersection of 
a white horizontal and vertical band, while the other 
views a white band between two intersections (the region 
going away from the intersection). Although the two 
regions themselves receive the same amount of light, the 
situation in their neighboring regions is different. At 
the intersection, light comes in from all four sides, but 
the white band that lies between the two intersections is 
surrounded by two dark sides. This leads to an effect 
called lateral inhibition, which causes a bright surround to 
an area appear darker and, conversely, a dark surround to 
an area appear lighter. A similar but more powerful illu- 
sion, known as the Lingelbach illusion or the Scintillating 
grid illusion, was discovered in 1994 by Elke Lingelbach, 
the wife of a German mathematics professor, and has not 


Hermann grid illusion The original illusion, in which the 
viewer sees gray spots at the intersections. 


Hermann grid illusion The more striking and recently dis- 
covered “scintillating” version of the illusion. 
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yet been fully explained.”* Curiously, the effect of the 
scintillation is lessened by tilting the head through 45°! 


Hermite, Charles (1822-1901) 

A French mathematician whose work in the theory of 
functions includes the application of elliptic functions 
to provide the first solution to the general equation of 
the fifth degree, the quintic equation. He also showed 
that e is a transcendental number, studied a class of dif- 
ferential equations now known as Hermite polynomials, 
which later proved to be of importance in some applica- 
tions of quantum mechanics, and discovered the proper- 
ties of Hermitian matrices. 


Heron of Alexandria (c. a.p. 60) 

Also called Hero, a Greek geometer and inventor whose 
writings have helped preserve a knowledge of the mathe- 
matics and engineering of Babylonia, ancient Egypt, and 
the Greco-Roman world. His most important geometric 
work, Metrica, was lost until a fragment was discovered in 
1894, followed by a complete copy in 1896. It is a com- 
pendium, in three books, of geometric rules and formu- 
las, the best known of which is Proposition 1.8, now 
known as Heron’s formula. He invented many devices 
operated by water, steam, or compressed air, including a 
fountain, a fire engine, siphons, and an engine in which 
the recoil of steam revolves a ball or a wheel. 


Heron’s formula 

An important formula in plane geometry that allows the 
area of any triangle to be calculated without knowing the 
altitude (perpendicular height) of any of its sides. Let a, b, 
and c be the side lengths of a triangle and A its area. 
Heron’s formula states that 


A’ = s(s—a)(s—b)(s—0), 


where s = (a+ b+0)/2. The origin of this formula is his- 
torically obscure. A medieval Arab source, for example, 
ascribes it to Archimedes. However, the first definite ref- 
erence we have to it is by Heron of Alexandria. His 
proof is extremely convoluted, and it seems clear that it 
must have been determined by an entirely different 
thought process, and then dressed up in the usual syn- 
thetic form that the classical Greeks preferred for their 
presentations. Heron’s formula contains Pythagoras’s 
theorem as a degenerate case. A Heronian triangle is one 
with integer sides and integer area. 


Herring illusion 

A distortion illusion first published in 1861 by the Ger- 
man psychologist Ewald Herring (1834-1918), and now 
named after him. As in the case of the Zéllner illusion 
and others, it shows how geometrical relationships can 


Herring illusion 


seem to be distorted by their background (a lined back- 
ground can make circles, squares, and triangles seem 
distorted, too). The straight horizontal lines in the illu- 
sion appear to bow out in the center. This can be 
explained if the brain interprets the radiating lines in 
terms of depth, making the central spot in the Herring 
diagram, and thus also the heavy black lines near the 
center of the diagram, appear to be farther away than 
the edges. Because the heavy black lines are the same 
thickness at the center as at the edges but are assumed to 
be farther away, the brain thinks they must be more 
widely spaced at the center. 


heuristic argument 
An educated guess: something that helps in finding the 
solution to a problem but is otherwise unjustified or inca- 
pable of justification. 


Hex 

A board game played by two players on a hexagonal grid, 
usually in the shape of an 11 x 11 rhombus. It was 
invented by Piet Hein in 1942 and independently by John 
Nash in 1948. Hein said that the game occurred to him 
while contemplating the four-color problem and it soon 
became popular in Denmark under the name Polygon. 
Nash’s version was played by math students at Princeton 
and a number of other American campuses. Players use 
differently colored pieces—say, red and blue. They take 
alternate turns placing a piece of their color inside a hexa- 
gon, filling in that hexagon with their color. Red’s goal is 
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Hex A position in a game of Hex. 


to form a red path connecting the top and bottom sides of 
the parallelogram; Blue’s goal is to form a path connect- 
ing the left and right sides. The game can never end in a 
tie, a fact found by Nash. The only way to prevent your 
opponent from forming a connecting path is to form a 
path yourself. When the sides of the grid are equal, the 
game favors the first player and the first player has a win- 
ning strategy. There are two ways to make the game fairer. 
One is to make the second player’s sides closer together, 
playing on a parallelogram rather than a rhombus; how- 
ever, this has been proven to result in a win for the second 
player, so it theoretically doesn’t improve matters. A bet- 
ter way is to allow the second player to choose his color 
after the first player makes the first move or to make the 
first three moves, which encourages the first player to 
intentionally even out the game. 


hexa- 

The Greek prefix meaning “six.” A hexagon is a six-sided 
polygon. A hexahedron is a six-sided polyhedron, other- 
wise known as a cube if it is regular. Hexadecimal is the 
number system with base 16 (i.e., six more than the dec- 
imal system) and is used mostly in computing (because 


four binary digits can represent 16 different numbers). 
Hexagonal numbers are figurate numbers (numbers that 
can be represented by a regular geometric arrangement 
of equally spaced points) of the form (2 — 1); the first 
few are 1, 6, 15, 28, 45,.... For hexaflexagon see 
flexagon. For hexomino see polyomino. See also Giant’s 
Causeway. 


higher dimensions 

Dimensions beyond the familiar three spatial dimensions 
(up-down, left-right, back-forth) of which we are aware in 
every-day life. Intense speculation, both scientific and fic- 
tional, has naturally been directed toward the possibility of 
a fourth dimension. One way to think of points in four- 
dimensional space is as ordered sets of four numbers. 
Clearly, this algebraic representation can be extended to 
many arbitrary dimensions: 7-dimensional space is defined 
as the set of the set of points (4,, a, ..., 4,) where a, to a, 
can take any real number value. There has been much 
conjecture that the universe in which we live contains 
many more than three spatial dimensions. This specula- 
tion began with the Kaluza-Klein theory but is now 
firmly embedded in modern string theory.” *! 
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Hilbert, David (1862-1943) 


One can measure the importance of a scientific work 
by the number of earlier publications rendered super- 
fluous by it. 


A great German mathematician who was one of the colossi 
in the field in the twentieth century. His most important 
discovery was of what is now called Hilbert space. He was 
also a master of mathematical organization. During the 
early phase of his career, Hilbert reorganized number the- 
ory, crystallizing his conclusions in the classic book Der 
Zablbericht (The theory of algebraic number fields, 1897). 
He then moved into geometry and performed a similar ser- 
vice by setting forth the first rigorous set of geometrical 
axioms in his Grundlagen der Geometrie (Foundations of 
geometry, 1899). He invented a simple space-filling curve 
now known as the Hilbert curve and also proved Waring’s 
conjecture. At the Paris International Congress of 1900, 
Hilbert proposed 23 outstanding problems in mathemat- 
ics to whose solutions he believed twentieth-century math- 
ematicians should devote themselves. These problems 
have come to be known as Hilbert’s problems, and a number 
still remain unsolved today. Hilbert’s mathematical phi- 
losophy is partly re-vealed by a couple of remarks, one of 
which he made after learning that a student in his class had 
dropped the subject in order to become a poet. “Good,” 
he said. “He did not have enough imagination to become 
a mathematician.” Whether he really believed the second 
is open to question: “Mathematics is a game played 
according to certain simple rules with meaningless marks 
on paper.” 


Hilbert space 

A space of infinite dimensions, named after David Hil- 
bert, in which distance is preserved by making the sum of 
squares of coordinates a convergent sequence; it is of cru- 
cial importance in the mathematical formulation of 
quantum mechanics. See also Fredholm, Erik Ivar. 


Hinton, Charles Howard (1853-1907) 

An English-born mathematician best known for his writ- 
ings and inventions aimed at helping to visualize the 
fourth dimension; he may also have coined the name 
tesseract for the four-dimensional analogue of a cube. Hin- 
ton matriculated at Oxford and continued to study there, 
earning a B.A. (1877) and an M.A. (1886), while he also 
taught, first at Cheltenham Ladies’ School and then, from 
1880 to 1886, at Uppingham School. At this time, another 
teacher at Uppingham was Howard Candler, who was a 
friend of Edwin Abbott and thus provides a possible link 
between these two explorers of other dimensions. In the 
early 1880s, Hinton published a series of pamphlets start- 


ing with “What Is the Fourth Dimension?” and “A Plane 
World” (a contemporary of Abbott’s Flatland: A Romance 
of Many Dimensions), which were reprinted in the two- 
volume Scientific Romances (1884). Hinton’s descriptions 
owed much to the mathematical models of William Clif 
ford, whose theories about four-dimensional spaces were 
then in vogue. But Hinton went much further in his 
attempts to break free of three-dimensional thought. He 
devised an elaborate set of small colored cubes to represent 
the various cross sections of a tesseract and then memo- 
rized the cubes and their many possible orientations in 
order to gain a window on the fourth dimension. 

At the time he was teaching in England, Hinton mar- 
ried Mary Everest Boole, the eldest daughter of George 
Boole, the founder of mathematical logic. Regrettably, 
he also married a Maud Wheldon and was tried at the 
Old Bailey in London for bigamy. After serving a day in 
prison for the offence, he fled with his (first) family to 
Japan, where he taught for some years, before taking up a 
post at Princeton University. There, in 1897, he designed 
a species of baseball gun which, with the help of gun- 
powder charges, would shoot out balls at speeds of 40 to 
70 miles per hour. It was used by the Princeton team for 
several seasons before being abandoned by the players in 
fear of their lives. 

After a brief spell at the University of Minnesota, Hin- 
ton joined the Naval Observatory in Washington, D.C. 
At the same time, he more rigorously developed his 
ideas on the fourth dimension and presented his results 
before the Washington Philosophical Society in 1902. 
Hinton asked: What would prove the existence of a real 
fourth spatial dimension? He offered three possibilities, 
two of which involved a specific molecular structure and 
a particular case of electrical induction, and have since 
been explained by science in more mundane ways. How- 
ever, Hinton’s other case, pertaining to right- and left- 
handedness remains open because there are instances of 
right- and left-handedness in nature, such as the spin of 
elementary particles, to which his example could be 
applied. In any event, Hinton’s final assessment that we 
can only regard a four-dimensional space as possible if 
three-dimensional mechanics fails to explain known 
physical phenomena still rings true today.!* ' 7”! See 
also Boole (Stott), Alicia. 


Hippias of Elis (c. 5th century B.c.) 

An itinerant Greek philosopher who contributed signifi- 
cantly to mathematics by discovering the quadratrix, a 
special curve he may have used to trisect an angle (see 
quadratrix of Hippias). Hippias is one of the first mathe- 
maticians about whom a good deal is known. He came 
from a state in the northwest corner of Peloponnesia that 
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was the home of the Olympic games. According to Plato, 
Hippias boasted, during one of his visits to the Olympics, 
that everything he wore—his clothing, sandals, ring, and 
oil flask—he’d made himself. Later, in Athens, Hippias 
became one of the first to teach for money, a practice for- 
bidden by the Pythagoreans and scorned by Plato. He and 
other paid teachers became known as “sophists,” which 
was a derogatory term at the time but has since come to 
mean “wise man.” 


hippopede 
A quartic curve described by the equation 


(x? +.’ + 4b(b — a)(x? +.y”) — 4b’x? = 0, 


where a and J are positive constants. Hippopede means 
“foot of a horse.” It is often known as the Aippopede of Pro- 
clus, after Proclus who was the first to study it (together 
with Eudoxus, who used it in his theory of how the planets 
move), and also the horse fetter and the curve of Booth because 
of work done on it by J. Booth (1810-1878). Any hip- 
popede is the intersection of a torus (donut) with one of its 
tangent planes—that is, a plane parallel to its axis of rota- 
tional symmetry. The curve takes any of a variety of forms 
depending on where the donut is sliced. It may be a simple 
oval; an indented oval or elliptical lemniscate of Booth (0 < b< 
a); two isolated circles; a figure-eight curve or lemniscate 
of Bernoulli (the only hippopede that is also a Cassinian 
oval); or a hyperbolic lemniscate of Booth (0 < a<)). 


Hi-Q 


See peg solitaire. 


Hnefa-Tafl 

The Viking equivalent of chess and a particular form of a 
Tafl game. It effectively models the kind of internal con- 
flict familiar to the Vikings and recounted in Nyal’s Saga, 
the best known of the Icelandic sagas. The king or chief- 
tain sits in his hall, surrounded by his thanes. His enemies 
gather in secret, and in numbers sufficient to overwhelm 
the king’s standing forces in a lightning raid. They gather 
around the king’s hall and set it alight, forcing the defend- 
ers to fight in the open or burn in the hall. If the king can, 
by some desperate stratagem, break free and escape the 
trap, he can rally his people and strike back at his enemies. 
If not, he dies. Hnefa-Tafl reflects this mode of contest. 
The board has 19 x 19 grid lines (though sometimes has 
as few as 7 x 7 grid lines), and the pieces are placed at the 
points of the intersections (curiously analogous to the ori- 
ental game of Go, which also uses 19 x 19 lines and where 
play occurs at the intersections). The opposing forces are 
unequal in size, and have different objectives: the attack- 
ers attempt to trap the king in his hall, while the defend- 
ers try to open an escape route for him. 


Hoffmann, Louis “Professor” (1839-1919) 

The pseudonym of Angelo John Lewis, an English barris- 
ter who was the leading writer on magic, cards, and “par- 
lor amusements” at the turn of the twentieth century. His 
Puzzles Old and New!'”) (1893) is a major source of infor- 
mation about mathematical recreations. 


Hofstadter, Douglas R. (1945-) 

A physicist and philosopher best known for his 1980 
Pulitzer Prize-winning book Gédel, Escher, Bach: An Eternal 
Golden Braid."”! He is currently a professor of cognitive 
science and computer science at Indiana University, Bloom- 
ington, and has particular interests in themes of the mind, 
consciousness, self-reference, translation, and mathemati- 
cal games. He is the son of the Nobel Prize-winning physi- 
cist Robert Hofstadter. 


Hofstadter’s law 
It always takes longer than you think, even when you take 
Hofstadter’s law into account. 


Hogben, Lancelot Thomas (1895-1975) 

An English zoologist and geneticist famed for his best- 
selling Mathematics for the Million (1933)""! of which 
Albert Einstein said, “It makes alive the contents of the 
elements of mathematics” and H. G. Wells said, “A great 
book, a book of first class importance.” Hogben was born 
in Southsea, Hampshire, and studied at Cambridge and 
London. Imprisoned in 1916 as a conscientious objector 
during World War I, he was released only when his health 
went into serious decline. He held various academic 
posts in Britain, Canada, and South Africa, becoming 
professor of social biology at London University in 1930. 
During World War II he was put in charge of the medical 
statistics records for the British Army. After the war he 
became professor of medical statistics at the University of 
Birmingham, where he remained until his retirement in 
1961. Hogben first began to apply mathematical princi- 
ples to the study of genetics in the 1930s, focusing on the 
study of generations of the fruit fly Drosophila and how it 
related to research on heredity in humans. In addition to 
Mathematics for the Million, he authored half a dozen 
other books, including the popular Science for the Citizen. 
Though trained as a scientist, Hogben was passionately 
interested in linguistics. In The Loom of Language, which 
he edited, he set out the principles of his own invented 
language, “Interglossa,” based on Greek and Latin roots 
but with a syntax resembling that of Chinese. 


hole 

A topological structure (see topology) that prevents any 
object in which it occurs from being continuously shrunk 
to a point. A sphere has no holes; a torus and a teacup 
each have one hole. See also genus. 
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hole-in-a-postcard problem Photocopy the diagram, cut 
along the lines, and step through the postcard! 


hole-in-a-postcard problem 

With a pair of scissors, make cuts in a regular-sized post- 
card to create a hole large enough for a person to step 
through it. The solution is shown in the diagram. The 
number of lines determines the size of the resulting aper- 
ture. With enough cuts you could literally drive a horse 
and cart through the card! 


hole-through-a-sphere problem 

A number of geometry puzzles hinge on a surprising 
fact about spheres that have had holes bored through 
them. Imagine you have a round bead that is 1 inch 
(about 2.5 cm) in diameter and that you drill a hole 
exactly through the middle of this so that the remaining 
part of the sphere is only half an inch thick. Now imagine 
that an enormously large drill has been used to bore a 
hole though Earth so large that the part of Earth that is 
left behind is only half an inch thick. Amazingly, the 
residual volumes of these two holey spheres, the drilled 
bead and the drilled Earth, are exactly the same! It just 
happens that even though Earth is vastly larger than the 
bead, the drill has to take out proportionately more in 
order to make the thickness of the hole the same, so that 
the volume left doesn’t depend separately on the initial 
size of the sphere or of the hole, but only on their re/a- 
tion, which is forced by requiring the hole to be half an 
inch long. This fact enables the following poem-problem 
to have a solution even though its seems as if not enough 
information has been provided: 


Old Boniface he took his cheer, 

Then he bored a hole through a solid sphere, 
Clear through the center, straight and strong, 
And the hole was just six inches long. 

Now tell me, when the end was gained, 
What volume in the sphere remained? 


Sounds like I haven’t told enough, 
But I have, and the answer isn’t tough. 


Having already learned the secret that the volume that 
remains of a drilled sphere doesn’t depend on the initial 
size of the sphere, we can cheat and give a kind of meta- 
argument that is much shorter than the geometric proof. 
The volume left behind of any sphere with a 6-inch-long 
hole through it must be the same as the volume left 
behind of a 6-inch-diameter sphere with a hole of 0 diam- 
eter drilled through it. This is equal to 44(16’), or approx- 
imately 905 cubic inches. 


hole-through-the-earth problem 


I wonder if I shall fall right through the earth! 
—Alice in Alice in Wonderland 


Imagine there is a hole going from one point on Earth’s 
surface, all the way through the center of Earth, to the 
exact opposite (antipodal) point on the other side. What 
would happen if you dropped something into this hole? 
The Greek historian Plutarch considered the problem 
some 2,000 years ago. In 1624, van Etten argued that a 
millstone dropped down such a hole at 1 mile per minute 
would take more than 2'4 days to reach the center, where 
“it would hang in the air.” The first correct answer was 
given by Galileo is his Dialogue Concerning the Two Chief 
World Systems (1632). Galileo realized a dropped object 
would accelerate until it reached the center of Earth, travel 
through to the other side, then oscillate back and forth. 


holism 

The idea that the whole is greater than the sum of the 
parts. Holism is credible on the basis of emergence alone, 
since reductionism and bottom-up descriptions of nature 
often fail to predict complex higher-level patterns. 


homeomorphic 

In topology, two objects are said to be homeomorphic if 
they can be smoothly deformed into each other. See also 
homeomorphism. 


homeomorphism 
A one-to-one continuous transformation that preserves 
open and closed sets. 


homology 

A way of attaching Abelian groups, or more elaborate 
algebraic objects, to a topological space so as to obtain 
algebraic invariants. In a sense, it detects the presence of 
“holes” of various dimensions in the space. The methods 
developed to handle this led to what is now called bomo- 
logical algebra, a subject in which homological invariants 
are calculated for many purely algebraic structures. 
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homomorphism 
A function that preserves the operators associated with 
the specified structure. 


homotopy 

A continuous transformation from one path in a topo- 
logical space to another, or more generally, of one func- 
tion to another (see continuity). Paths connected by a 
homotopy are called homotopic and are said to be in the 
same homotopy class. Properties left unchanged by such 
homotopies are known as homotopy invariants. Homotopy 
classes of paths can be composed to form the fundamen- 
tal group, or first homotopy group. Other maps can be used 
to form higher homotopy groups. 


Hordern, L. Edward (d. 2000) 
An English puzzlist and leading authority and writer on 
sliding-piece puzzles."”! 


hundred 

The smallest three-digit number in the decimal system 
and the smallest square of a two-digit number (10). A 
hundred today means 100 but, over the years and in dif- 
ferent places, it has stood for different values including 
112, 120, 124, and 132. The remnants of these old mea- 
sures still persist in the hundredweight of some countries 
representing 112 or 120 pounds. A hundred is also a mea- 
sure of land area, frequently used in colonial America 
and in England to signify a division of a county or a shire 
having its own court. A strange custom is invoked if a 
member of the English Parliament’s lower house, the 
House of Commons, wishes to resign his seat (something 
that is technically illegal). That member accepts steward- 
ship of the “Chiltern Hundreds,” an area of chalk hills 
near Oxford and Buckingham, which effects his release 
from Parliament. The “Hundred Years’ War” between the 
English and the French actually lasted 116 years. 


hundred fowls problem 

A Chinese puzzle found in the sixth-century work of the 
mathematician Zhang Qiujian. Similar problems involv- 
ing two constraints and three unknowns are found in 
early European and Arabic mathematics from about the 
eighth century A.D. on. 


PUZZLE 

If a rooster is worth five coins, a hen three coins, and 
three chicks together are worth one coin, how many 
roosters, hens, and chicks totaling 100 can be bought 
for 100 coins? It turns out that there are three different 
solutions. These can be found the long way, by trial 
and error, or by using algebra. Call the number of 
roosters R, the number of hens H, and the number of 


chicks C. The problem gives two constraints. First, the 
total number of fowl must be 100, so R + H + C= 100. 
Second, the total cost of the fowl must be 100. The 
cost of roosters is 5R, the cost of hens is 3H, and the 
cost of chicks is (5)C, so 5R + 3H + (%5)C = 100. These 
two equations can be used to get rid of one of the 
unknowns; then it’s a question of guess and check. 
Solutions begin on page 369. 


Hunter, James Alston Hope 

An American mathematician and puzzlist who has writ- 
ten numerous articles and several books on recreational 
mathematics (two in partnership with Joseph Madachy), 
and was the author of a syndicated puzzle column read 
throughout the United States and Canada. In 1955, he 
coined the name “alphametic” and is probably the most 
prolific producer of cryptarithms. 


Huygens, Christiaan (1629-1695) 

A Dutch scientist and mathematician who solved the tau- 
tochrone problem, proposed a new wave theory of light, 
designed a new pendulum clock, discovered Saturn’s 
largest moon (Titan), and sketched the first feature on the 
surface of another planet (Syrtis Major on Mars). In his 
final years Huygens composed one of the earliest discus- 
sions of extraterrestrial life, published after his death as 
the Cosmotheoros (1698). 


Hypatia of Alexandria (c. a.v. 370-417) 

The first woman known to have made a significant con- 
tribution to mathematics. Although there is no evidence 
that Hypatia did any original research, she assisted her 
father, Theon of Alexandria, in writing his 11-part com- 
mentary on Ptolemy’s great work on astronomy and 
mathematics, the Almagest. It’s thought that she also 
helped in producing a new version of Euclid’s Elements, 
which formed the basis for all later editions of Euclid. 
Hypatia became head of the Platonist school at Alexan- 
dria in about A.D. 400 and, as a pagan, represented a men- 
ace to some Christian sects who felt threatened by her 
learning and depth of scientific knowledge. In the end, 
although the exact circumstances are unclear, she was 
murdered by a mob. The event served as a trigger for the 
departure of many scholars and the beginning of the 
decline of Alexandria as a major academic center. 


hyperbola 

One of the conic section family of curves, which also 
includes the circle, the ellipse, and the parabola; it is 
obtained if a double cone is cut by a plane inclined to the 
axis of the cone such that it meets both branches of the 
cone. Of the four conic curves, the hyperbola is the one 
least encountered in everyday life. A rare chance to see 
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the complete shape is when a lamp with a cylindrical or 
conical shade throws shadows on a nearby wall. Part of a 
hyperbola is produced by the liquid that climbs by capil- 
lary action between two microscope slides held vertically 
and almost touching. 

A hyperbola is the path followed by a smaller object 
that is traveling fast enough to escape completely from 
the gravitational pull of a larger object. Some comets, for 
example, have hyperbolic or “open” orbits so that, after 
one swing around the Sun, they head off into interstellar 
space never to return. It can be difficult to tell, in some 
cases, whether a comet’s orbit is hyperbolic or is highly 
elliptical and, therefore, closed. In fact, one way to think 
of a hyperbola is as a kind of ellipse that is split in half by 
infinity. Not surprisingly, the hyperbola and the ellipse 
share many inverse relationships. For example, whereas 
the eclipse is the locus of all points whose distances from 
two fixed points, called foci, have a constant sum, the 
hyperbola is the locus of all points whose distances, 7, and 
», from two fixed points, F, and F,, is a constant differ- 
ence, % — 7 =. If a is the distance from the origin to 
either of the x intercepts of the hyperbola, then & = 2a. 
Also, let the distance between the foci, F; — F, = 2c. Then 
the eccentricity, a measure of the flatness of the hyperbola, 
is given by e=c/a. For all hyperbolas, e > 1; the larger the 
value of e, the more the hyperbola resembles two parallel 
lines. Just as the circle (for which e = 0) is the limiting case 
of the ellipse (for which 0 < e < 1), so the parabola (e = 1) 
is the limiting case of both the ellipse and the hyperbola. 

A hyperbola has two asymptotes: the never-quite- 
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attainable limits of the curve’s branches as they run away 
to infinity. The transverse axis of the hyperbola is the line 
on which both foci lie and that also intersects both ver- 
tices (turning points); the conjugate axis goes through the 
center and is perpendicular to the transverse axis. 

A rectangular hyperbola has an eccentricity of V2, 
asymptotes that are mutually perpendicular, and the 
property that when stretched along one or both of its 
asymptotes remains unchanged. This special case of the 
hyperbola was first studied by Menaechmus. Euclid and 
Aristaeus wrote about the general hyperbola but only 
studied one branch of it, while Apollonius was the first 
to study the two branches of the curve of the hyperbola 
and is generally thought to have given it its present name. 

The pedal curve of a hyperbola with one focus as the 
pedal point is a circle. The pedal of a rectangular hyper- 
bola with its center as pedal point is a lemniscate of 
Bernoulli. The evolute of a hyperbola is a Lamé curve. If 
the center of a rectangular hyperbola is taken as the center 
of inversion, the rectangular hyperbola inverts to a lem- 
niscate. If the vertex is used as the center of inversion, the 
rectangular hyperbola inverts to a right strophoid. If the 
focus of a hyperbola is taken as the center of inversion, 
the hyperbola inverts to a limacon (see limagon of Pas- 
cal). In this last case if the asymptotes of the hyperbola 
make an angle of 1/3 with the axis that cuts the hyper- 
bola, then it inverts to the Maclaurin trisectrix. See also 
hyperboloid. 


hyperbolic geometry 

One of the two main types of non-Euclidean geometry 
and the first to be discovered. It is concerned with saddle- 
surfaces, which have negative curvature and on which 
the geodesics are hyperbolas. In hyperbolic geometry, 
contrary to the parallel postulate, there exists a line m 
and a point p not on m such that at least two distinct lines 
parallel to m pass through p. As a result, the sum of the 
angles of a triangle is less than 180° and, for a right trian- 
gle, the square of the hypotenuse is greater than the sum 
of the squares of the other two sides. See also elliptical 
geometry. 


hyperbolic spiral 


The curve whose equation in polar coordinates is 76 = a. 


hyperboloid 

A quadratic surface of which there are two basic forms: a 
hyperboloid of one sheet, generated by spinning a hyperbola 
around its conjugate axis, and a Ayperboloid of two sheets 
produced by rotating a hyperbola about its transverse 
axis. The hyperboloid of one sheet, first described by 
Archimedes, has some particularly remarkable proper- 
ties. In 1669 Christopher Wren, the architect who de- 
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hyperboloid The McDonnell Planetarium in St. Louis is an 
example of a hyperboloid. Courtesy of the St. Louis Science Center 


signed St. Paul’s Cathedral in London, showed that this 
kind if hyperboloid is what mathematicians now call a 
ruled surface—a surface composed of infinitely many 
straight lines. This fact enables a close approximation to 
a hyperboloid to be made in the form of a string model. 
Two circular disks, of the same size, are held parallel, one 
exactly above the other, by a framework. Strings are then 
run through holes near the circumference of one circle to 
corresponding holes in the other circle that are a fixed 
distance farther around the circumference. Each string is 
perfectly straight but the surface that emerges takes the 
curved form of a hyperboloid. For the same reason, a 
cube spun rapidly on one of its corners will appear to 
describe a hyperbolic curve when viewed side-on. 

Prominent examples of hyperboloids can be seen in 
the form of cooling towers at power stations and, most 
strikingly, in the shape of the McDonnell Planetarium in 
St. Louis, Missouri. The designer of this building, Gyo 
Obata, chose the design because the hyperbolic paths of 
some comets suggest “the drama and excitement of space 
exploration.” 


hypercube 
A higher dimensional analog of a cube. A four- 
dimensional hypercube is known as a tesseract. 


hyperellipse 


See superellipse. 


hyperfactorial 
A number such as 108, which is equal to 3° x 2? x 1’. In 
general, the mth hyperfactorial H(m) is given by 


H(n) =n" (n- 1"! ...3°2? 1. 


The first eight hyperfactorials are 1, 4, 108, 27,648, 
86,400,000, 4,03 1,078,400,000, 3,319,766,398,771,200,000, 
and 55,696,437,941,726,556,979,200,000. See also large 
numbers and superfactorials. 


hypergeometric function 
The sum of the hypergeometric series: 


ab : a(a+ 1)b(b +1) 
le tees) 


24 


F(a; b; c; x) =14 





Many common functions can be written as hypergeo- 
metric functions. 


hyperreal number 
Any of a colossal set of numbers, also known as onstan- 
dard reals, that includes not only all the real numbers but 
also certain classes of infinitely large (see infinity) and 
infinitesimal numbers as well. Hyperreals emerged in the 
1960s from the work of Abraham Robinson who showed 
how infinitely large and infinitesimal numbers can be rig- 
orously defined and developed in what is called nonstan- 
dard analysis. Because hyperreals represent an extension 
of the real numbers, R, they are usually denoted by *R. 
Hyperreals include all the reals (in the technical sense 
that they form an ordered field containing the reals as a 
subfield) and they also contain infinitely many other 
numbers that are either infinitely large (numbers whose 
absolute value is greater than any positive real number) 
or infinitely small (numbers whose absolute value is less 
than any positive real number). No infinitely large num- 
ber exists in the real number system and the only real 
infinitesimal is zero. But in the hyperreal system, it turns 
out that each real number is surrounded by a cloud of 
hyperreals that are infinitely close to it; the cloud around 
zero consists of the infinitesimals themselves. Con- 
versely, every (finite) hyperreal number «x is infinitely 
close to exactly one real number, which is called its stan- 
dard part, st(x). In other words, there exists one and only 
one real number st(x) such that x — st(x) is infinitesimal. 


hypersphere 

A four-dimensional analog of a sphere; also known as a 
4-sphere. Just as the shadow cast by a sphere is a circle, the 
shadow cast by a hypersphere is a sphere, and just as the 
intersection of a sphere with a plane is a circle, the inter- 
section of a hypersphere with a hyperplane is a sphere. 
These analogies are reflected in the underlying mathe- 
matics. 


x? + y’ =r’ is the Cartesian equation of a circle of 
radius r; 


x? +y? +z? =r’ is the corresponding equation of a 


sphere; 
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hyperboloid A hyperboloidal sculpture at the Fermi National Accelerator Laboratory. FIVAL 
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x’ +y° +z? + w’ =?’ is the equation of a hypersphere, 
where w is measured along a fourth dimension at 
right angles to the x-, y-, and z-axes. 


The hypersphere has a hypervolume (analogous to the vol- 
ume of a sphere) of m’r*/2, and a surface volume (analo- 
gous to the sphere’s surface area) of 2n’r*. A solid angle 
of a hypersphere is measured in Aypersteradians, of which 
the hypersphere contains a total of 2x’. The apparent 
pattern of 27m radians in a circle and 4m steradians in a 
sphere does not continue with 8 hypersteradians be- 
cause the n-volume, n-area, and number of n-radians of an 
n-sphere are all related to the gamma function and the 
way it can cancel out powers of m halfway between inte- 
gers. In general, the term “hypersphere” may be used to 
refer to any -sphere. 


hypocycloid 

A curve formed by the path of a point attached to a cir- 
cle of radius 4 that rolls around the inside of a larger 
circle of radius a. The parametric equations for a hypo- 
cycloid can be written as: 


x = (a— bd) cos(t) +  cos((a/b — 1)d) 
y = (a—-D) sin(f — b sin((a/b - 1)d) 


The type of hypocloid depends on where the point 
whose path is being traced is located on the rolling circle. 
If it lies on the circumference of the circle, the curve gen- 
erated is an ordinary hypocycloid. If it lies elsewhere the 
result is a hypotrochoid. A hypocycloid has a closed 
form—that is, the moving point eventually retraces its 
steps—when the ratio of the rolling circle and the larger 
circle, fixed, is equal to a rational number. When this 
ratio is in its simplest form, the numerator is the number 


of revolutions covered inside the fixed circle before the 
curve closes. In the same family of curves as the hypocy- 
cloid (and hypotrochoid) are the epicycloid and epitro- 
choid. 


hypoellipse 


See superellipse. 


hypotenuse 

The longest side of a right triangle—the one opposite the 
right angle. The word comes from the Greek roots hypo 
meaning “under” (which also appears, for example, in 
hypodermic, “under the skin”) and éeim or ten, for stretch. 
Thus hypotenuse is the line segment “stretched under” 
the right angle. 


hypothesis 


See conjecture. 


hypotrochoid 

A curve formed by the path of a point attached to a point 
c, which is not on the circumference, of a circle of radius 
b that rolls around the inside of a larger circle of radius a. 
The parametric equations for a hypotrochoid can be writ- 
ten as: 


x = (a— bd) cos(d) + ¢ cos((a/b — 1)d) 
y = (a—-5D) sin(d) — c sin((a/b - 1)d) 


The hypotrochoid is a generalized hypocycloid and comes 
in two varieties: a prolate hypocycloid if the starting point 
is outside the circumference of the rolling circle and a cur- 
tate hypocycloid if the starting point is inside the rolling 
circle. In the same family of curves as the hypotrochoid 
(and hypocycloid) are the epicycloid and epitrochoid. 





I 

The square root of minus one; 7 is also known as the 
imaginary unit number, V-1. The product of 7 and a real 
number is known as an imaginary number. For details, see 
complex number. 


I-Ching 

A system of Chinese divination based on 64 hexagrams, 
each consisting of six horizontal lines each of which may 
be solid (representing the male principle, or yang) or 
have a break in the middle (representing the female prin- 
ciple, or yin). The first three lines of the hexagram, from 
the bottom up, constitute the lower trigram and symbol- 
ize the inner world. The fourth, fifth, and sixth lines con- 
stitute the upper trigram and symbolize the outer world. 
One of the first Europeans to see the hexagram structure 
when it was brought out of China in the early 1700s was 
Gottfried Leibniz, the first mathematician to work with 
base two, or binary, arithmetic. 


icosahedron 

A polyhedron with 20 faces. A regular icosahedron has 
faces that are all equilateral triangles, and is one of the 
five Platonic solids. The length from vertex to opposing 
vertex of a regular icosahedron is 54 x o'? x d where is 
the golden ratio and d is the length of the side of one of 
the triangular faces. Chopping off each vertex (corner) of 
a regular icosahedron reveals the 12 pentagonal and 20 
hexagonal faces of the truncated icosahedron, which is one 
of the 13 Archimedean solids (shapes made from trun- 
cating Platonic solids in certain ways). See also bucky- 


ball. 


Icosian game 

A game devised by William Hamilton and first described 
by him in 1857 at a meeting of the British Association for 
the Advancement of Science in Dublin. The object of the 
game is to find a way around the edges of a dodecahe- 
dron so that every vertex (corner) is visited once and only 
once. A path such as this became known as a Hamilton 
circuit, though the task of finding a circuit that passes 
just once through every vertex of a shape seems to have 
arisen first in connection with Leonhard Euler’s study of 
the knight’s tour. Two years before Hamilton introduced 
his game, Thomas Kirkman posed the problem explicitly 
in a paper that he submitted to the Royal Society: Given 
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a graph of a polyhedron, does there exist a cycle passing 
through every vertex? 

The Icosian game stemmed from Hamilton’s inven- 
tion of a curious kind of algebra that he called icosians, 
based on the symmetry properties of the icosahedron. 
Hamilton connected the mathematics of his icosians 
with the problem of traveling along the edges of a dodec- 
ahedron, hitting each vertex just once, and coming back 
to the starting point. His friend and fellow Irishman John 
Graves (1806-1870) suggested turning the problem into a 
commercial game and put Hamilton in contact with the 
London company of John Jacques and Sons, toy-makers 
and manufacturer of high quality chess sets. Jacques 
bought the rights to the game for £25 and marketed two 
versions of it, under the name Around the World. One 
version, for the parlor, was played on a flat board; 
another, for the “traveler,” consisted of an actual dodeca- 
hedron. In both cases, nails at each vertex stood for a 
major city of the world and the player wrapped a piece of 
string around these nails as they went. The game was a 





icosahedron The most multifaceted of the Platonic solids. 
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complete sales flop, mainly because it was too easy, even 
for children—but not for Hamilton himself who always 
used the icosian calculus to figure out his moves, instead 
of just trying different paths like everyone else! See also 
traveling salesman problem. 


idempotent 
The element x in some algebraic structures is called idem- 
potent if xx x=x. 


identity 
A statement that two expressions are always equal, for 
any values of their variables. 


imaginary number 

A number whose square is negative. Every imaginary 
number can be written in the form i where / is a real 
number and i the zmaginary unit with the property that 
i’ = —1, Imaginary numbers are complex numbers in 
which the real part is zero. The term “imaginary” is unfor- 
tunate because it suggests something that has less reality 
than a “real” number, which isn’t the case. 


impossibilities in mathematics 


Alice laughed: “There’s no use trying,” she said; 
“one can’t believe impossible things.” “I daresay you 
haven't had much practice,” said the Queen. “When 
I was younger, I always did it for half an hour a 
day. Why, sometimes I’ve believed as many as six 
impossible things before breakfast.” 

—Lewis Carroll, Alice in Wonderland 


Mathematicians are used to believing things that most 
people would consider impossible or, at least, too outra- 
geous to contemplate, such as the Banach-Tarski para- 
dox. However, there are some genuine impossibilities, 
even in mathematics, including trisecting an angle, 
duplicating the cube, and squaring the circle using only 
a straightedge and compass; finding the center of a given 
circle with a straightedge alone; deriving Euclid’s parallel 
postulate from the other four; and representing the 
square root of 2 as a rational fraction a/b. Less well 
known is this little gem from Gustave Flaubert 
(1821-1880), who sounds as if he had seen too much of 
this type of problem in school: 


Since you are now studying geometry and 
trigonometry, I will give you a problem. A ship sails 
the ocean. It left Boston with a cargo of wool. It 
grosses 200 tons. It is bound for Le Havre. The 
mainmast is broken, the cabin boy is on deck, there 
are 12 passengers aboard, the wind is blowing East- 
North-East, the clock points to a quarter past three 


in the afternoon. It is the month of May. How old is 
the captain? 


impossible figure 

An image in two dimensions of an object that, because of 
spatial inconsistencies, is impossible to realize fully in 
three dimensions. Among the best known impossible fig- 
ures are the Penrose triangle, the Penrose stairway, the 
Impossible trident, and the Freemish crate. Notable pio- 
neers of this peculiar form of representation have been 
Ocar Reutersvard, Roger Penrose (and his father), and 
M. C. Escher. See also optical illusion. 


impossible tribar 
See Penrose triangle. 


impossible trident 
One of the most notorious impossible figures. It was 
first seen by many when it appeared on the cover of the 
March 1965 issue of Mad magazine. The two halves of 
the figure seem perfectly reasonable in themselves. When 
the top part is covered, the bottom part is taken to be 
three separate cylinders or tubes. With the bottom part 
hidden, the foreground figure is interpreted as being built 
of flat faces making two rectangular prongs. The trouble 
is that these two aspects of the figure are totally incom- 
patible. Somewhere in the middle, the foreground and 
background swap places and give rise to an irreconcilable 
paradox. Over the years, countless adaptations of the tri- 
dent have appeared with names such as the devil’s fork, 
the three-stick clevis, the blivit, the impossible colum- 
nade, the trichotometric indicator support, and, most 
extravagantly, the triple encabulator tuned manifold. 
Swedish artist Oscar Reutersvard’s mastery of such fig- 
ures has led him to draw thousands of variations on the 
theme. When the figure is drawn long, it is easy to 
perceive locally as a three-dimensional object and to 
overlook its inherent inconsistency, because the contra- 
dictory clues are too well separated. When the figure is of 
medium length, the figure is easily interpreted as a three- 
dimensional object, and its impossibility is quickly per- 
ceived. If the prongs are very short, the two different 
interpretations vie for acceptance within the same local 
area; thus there is no consistent interpretation and the 
illusion breaks down. Some early writers commented that 
the impossible trident couldn’t be built in any form in 
three dimensions. However, this has been shown to be 
false. In 1985, the Japanese artist Shigeo Fukuda made a 
three-dimensional model of the trident in the form of 
classical columns in which the illusion works—from one 
critical angle. 

The origins of the figure are uncertain. It turns out that 
Mad magazine bought the illustration rights from a con- 
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impossible figure “The Rollercoaster,” a rendering in two 
dimensions of a structure impossible to build in three dimen- 
sions. Jos Leys, wwwjosleys.com 





impossible trident 


tributor who claimed that it was original; however, the 
magazine’s management soon found out to their embar- 
rassment that the figure had been previously published. It 
began to surface in several popular engineering, aviation, 
and science-fiction periodicals in May and June of 1964. 
D. H. Schuster published an article that same year in the 
American Journal of Psychology, which first brought the fig- 
ure to the attention of the psychological community. 


incircle 
The inscribed circle of a triangle. 


incomputable number 

A real number with an infinite decimal (or binary) 
expansion that cannot be enumerated by any universal 
computer. 


induction 

A method of reasoning by which one infers a generaliza- 
tion from a series of instances. Say there is a hypothesis 
H that contains the variable 2, which is a whole number. 
To prove by induction that H is true for every value of ” 
is a two-step process: (1) prove that His true for 7 = 1; (2) 
prove that H being true for =k implies that His true for 
n=k +1. This is sufficient because (1) and (2) together 
imply that H is true for ” = 2, which, from (2), then 
implies H is true for 2 = 3, which implies H is true for 
n=4, and so on. His called an inductive hypothesis. Some 
philosophers don’t accept this kind of proof, because it 
may take infinitely many steps to prove something; how- 
ever, most mathematicians are happy to use it. 


inequality 
The statement that one quantity is less than or greater 
than another. 


infinite dimensions 

In mathematics, the concept of an infinite-dimensional 
space considered literally. It is a vector space with an 
infinite basis or a space with infinitely many coordinates. 
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infinite series 
An infinite sum of the form 


A t+atat...=)> d& 
k=1 


Such series crop up in many areas of modern mathemat- 
ics. Their development began in the seventeenth century 
and was continued by Leonhard Euler, who, in the 
process, solved many important problems. 


infinitesimal 

A number that is greater than zero yet smaller than any 
positive real number. In a sense, infinitesimals are to 
small what infinity is to large. They were first introduced 
by Isaac Newton and Gottfried Leibniz in their early ver- 
sions of calculus; however, the lack of a rigorous defini- 
tion for them stood in the way of calculus being fully 
accepted. As Bertrand Russell later put it: “Calculus 
required continuity, and continuity was supposed to 
require the infinitely little; but nobody could discover 
what the infinitely little might be.” In the 1800s, calculus 
was put on a firmer footing by Augustin Cauchy, Karl 
Weierstrass, and others, who clarified and redefined the 
notion of a limit without reference to infinitesimals. 
When a function f(x) can be made as close as desired to 
L by taking x close enough to a, then L is the limit of f(x) 
as x approaches a. This is the classical or epsilon-delta for- 
mulation of calculus, named for the common use of 6 for 
|x — al and € for | f(x) — L]. For a long time, this was the 
only rigorous foundation for calculus, and it is still the 
one taught in most calculus classes. But in 1960, Abra- 
ham Robinson discovered nonstandard analysis, which 
provides a rigorous formulation of infinitesimals, confers 
on them a new significance, and brings them closer to the 
vision of Newton and Leibniz. 


infinity 
Mystery has its own mysteries, and there are gods 
above gods. We have ours, they have theirs. That is 
what’s known as infinity. 


—Jean Cocteau (1889-1963), 
French author and filmmaker 


A concept that has always fascinated philosophers and 
theologians, linked as it is to the notions of unending dis- 
tance or space, eternity, and God, but that was avoided or 
met with open hostility throughout most of the history 
of mathematics. Only within the past century or so have 
mathematicians dealt with it head on and accepted infin- 
ity as a number—albeit the strangest one we know. 

An early glimpse of the perils of the infinite came to 
Zeno of Elae through his paradoxes, the best known of 
which pits Achilles in a race against a tortoise (see Zeno’s 


paradoxes). Confident of victory, Achilles gives the tor- 
toise a head start. But then how can he ever overtake the 
sluggish reptile? First he must catch up to the point where 
it began, by which time the tortoise will have moved on. 
When he makes up the new distance that separated them, 
he finds his adversary has advanced again. And so it goes 
on, indefinitely. No matter how many times Achilles 
reaches the point where his competitor was, the tortoise 
has progressed a bit farther. So perplexed was Zeno by 
this problem that he decided not only was it best to avoid 
thinking about the infinite but also that motion was 
impossible! 

A similar shock lay in store for Pythagoras and his fol- 
lowers who were convinced that everything in the uni- 
verse could ultimately be understood in terms of whole 
numbers (even common fractions being just one whole 
number divided by another). The square root of 2—the 
length of the diagonal of a right-angled triangle whose 
shorter sides are both one unit long—refused to fit into 
this neat cosmic scheme. It was an irrational number, 
inexpressible as the ratio of two integers. Put another 
way, its decimal expansion goes on forever without ever 
settling into a recurring pattern. 

These two examples highlight the basic problem in 
coming to grips with infinity. Our imaginations can cope 
with something that hasn’t yet reached an end: we can 
always picture taking another step, adding one more to a 
total, or visualizing another term in a long series. But 
infinity, taken as a whole, boggles the mind. For mathe- 
maticians this was a particularly serious problem because 
mathematics deals with precise quantities and meticu- 
lously well-defined concepts. How could they work with 
things that clearly existed and went on indefinitely—a 
number like V2 or a curve that approached a line ever 
more closely—while avoiding a confrontation with infin- 
ity itself? Aristotle provided the key by arguing that there 
were two kinds of infinity. Actual infinity, or completed infin- 
ity, which he believed could not exist, is endlessness fully 
realized at some point in time. Potential infinity, which 
Aristotle insisted was manifest in nature—for example, in 
the unending cycle of the seasons or the indefinite divisi- 
bility of a piece of gold—is infinitude spread over unlim- 
ited time. This fundamental distinction persisted in 
mathematics for more than 2,000 years. In 1831, no less a 
figure than Karl Gauss expressed his “horror of the actual 
infinitude,” saying: “I protest against the use of infinite 
magnitude as something completed, which is never per- 
missible in mathematics. Infinity is merely a way of speak- 
ing, the true meaning being a limit which certain ratios 
approach indefinitely close, while others are permitted to 
increase without restriction.” 

By confining their attention to potential infinity, 
mathematicians were able to address and develop crucial 
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concepts such as those of infinite series, limit, and infin- 
itesimals, and so arrive at calculus, without having to 
grant that infinity itself was a mathematical object. Yet as 
early as the Middle Ages certain paradoxes and puzzles 
arose, which suggested that actual infinity was not an 
issue to be easily dismissed. These puzzles stem from the 
principle that it is possible to pair off, or put in ove-to-one 
correspondence, all the members of one collection of 
objects with all those of another of equal size. Applied to 
indefinitely large collections, however, this principle 
seemed to flout a commonsense idea first expressed by 
Euclid: the whole is always greater than any of its parts. 
For instance, it appeared possible to pair off all the posi- 
tive integers with only those that are even: 1 with 2, 2 with 
4, 3 with 6, and so on, despite the fact that positive inte- 
gers also include odd numbers. Galileo, in considering 
such a problem, was the first to show a more enlightened 
attitude toward the infinite when he proposed that 
“infinity should obey a different arithmetic than finite 
numbers.” Much later, David Hilbert offered a striking 
illustration of how weird the arithmetic of the endless 
can get. 

Imagine, said Hilbert, a hotel with an infinite number 
of rooms. In the usual kind of hotel, with finite accom- 
modation, no more guests can be squeezed in once all 
the rooms are full. But “Hilbert’s Grand Hotel” is dra- 
matically different. If the guest occupying room 1 moves 
to room 2, the occupant of room 2 moves to room 3, and 
so on, all the way down the line, a newcomer can be 
placed in room 1. In fact, space can be made for an infi- 
nite number of new clients by moving the occupants of 
rooms 1, 2, 3, etc, to rooms 2, 4, 6, etc, thus freeing up all 
the odd-numbered rooms. Even if an infinite number of 
coaches were to arrive each carrying an infinite number 
of passengers, no one would have to be turned away: first 
the odd-numbered rooms would be emptied as above, 
then the first coach’s load would be put in rooms 3x for 
n=1,2,3,..., the second coach’s load in rooms 5z for 
n=1,2,..., and so on; in general, the people aboard 
coach number 7 would empty into rooms p, where p is the 
(7+ 1)th prime number. 

Such is the looking-glass world that opens up once the 
reality of sets of numbers with infinitely many elements 
is accepted. That was a crucial issue facing mathemati- 
cians in the late nineteenth century: Were they prepared 
to embrace actual infinity as a number? Most were still 
aligned with Aristotle and Gauss in opposing the idea. 
But a few, including Richard Dedekind and, above all, 
Georg Cantor, realized that the time had come to put the 
concept of infinite sets on a firm logical foundation. 

Cantor accepted that the well-known pairing-off prin- 
ciple, used to determine if two finite sets are equal, is just 
as applicable to infinite sets. It followed that there really 


are just as many even positive integers as there are posi- 
tive integers altogether. This was no paradox, he realized, 
but the defining property of infinite sets: the whole is no 
bigger than some of its parts. He went on to show that 
the set of all positive integers, 1, 2, 3,..., contains pre- 
cisely as many members—that is, has the same cardinal 
number or cardinality—as the set of all rational numbers 
(numbers that can be written in the form p/g, where p 
and q are integers). He called this infinite cardinal num- 
ber aleph-null, 8, (“aleph” being the first letter of the 
Hebrew alphabet). He then demonstrated, using what has 
become known as Cantor’s theorem, that there is a hierar- 
chy of infinities of which &, is the smallest. Essentially, 
he proved that the cardinal number of all the subsets—the 
different ways of arranging the elements—of a set of size 
8, is a bigger form of infinity, which he called &,. Simi- 
larly, the cardinality of the set of subsets of &; is a still 
bigger infinity, known as 8). And so on, indefinitely, 
leading to an infinite number of different infinities. 

Cantor believed that 8, was identical with the total 
number of mathematical points on a line, which, aston- 
ishingly, he found was the same as the number of points 
on a plane or in any higher w-dimensional space. This 
infinity of spatial points, known as the power of the contin- 
uum, ¢, is the set of all real numbers (all rational numbers 
plus all irrational numbers). Cantor’s continuum 
hypothesis asserts that c = 8,, which is equivalent to say- 
ing that there is no infinite set with a cardinality between 
that of the integers and the reals. Yet, despite much effort, 
Cantor was never able to prove or disprove his contin- 
uum hypothesis. We now know why—and it strikes to the 
very foundations of mathematics. 

In the 1930s, Kurt Gédel showed that it is impossible 
to disprove the continuum hypothesis from the standard 
axioms of set theory. Three decades later, Paul Cohen 
showed that it cannot be proven from those same axioms 
either. Such a situation had been in the cards ever since 
the emergence of Gédel’s incompleteness theorem. But 
the independence of the continuum hypothesis was still 
unsettling because it was the first concrete example of an 
important question that could not be proven either way 
from the universally accepted system of axioms on which 
most of mathematics is built. 

Currently, the preference among mathematicians is to 
regard the continuum hypothesis as being false, simply 
because of the usefulness of the results that can be 
derived this way. As for the nature of the various types of 
infinities and the very existence of infinite sets, these 
depend crucially on what number theory is being used. 
Different axioms and rules lead to different answers 
to the question what lies beyond all the integers? This can 
make it difficult or even meaningless to compare the var- 
ious types of infinities that arise and to determine their 
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relative size, although within any given number system 
the infinities can usually be put into a clear order. Certain 
extended number systems, such as the surreal numbers, 
incorporate both the ordinary (finite) numbers and a 
diversity of infinite numbers. However, whatever number 
system is chosen, there will inevitably be inaccessible 
infinities—infinities that are larger than any of those the 
system is capable of producing."'*7!* 7”) 


inflection 

A point of inflection of a plane curve is a point where the 
curve has a stationary tangent, at which the tangent is 
changing from rotating in one direction to rotating in the 
opposite direction. 


information theory 

A mathematical theory of information born in 1948 with 
the publication of Claude Shannon’s landmark paper, “A 
Mathematical Theory of Communication.” Its main goal 
is to discover the laws governing systems designed to 
communicate or manipulate information, and to set up 
quantitative measures of information and of the capacity 
of various systems to transmit, store, and otherwise 
process information. Among the problems it treats are 
finding the best methods of using various communica- 
tion systems and the best methods for separating the 
wanted information, or signal, from the noise. Another 
of its concerns is setting upper bounds on what it is pos- 
sible to achieve with a given information-carrying 
medium (often called an information channel). The the- 
ory overlaps heavily with communication theory but is 
more oriented toward the fundamental limitations on 
the processing and communication of information and 
less oriented toward the detailed operation of the devices 
used. 


injection 
A one-to-one mapping. 


inscribed angle 
The angle formed by two chords of a curve that meet at 
the same point on the curve. 


inscribed circle 

A circle inside a triangle or other polygon whose edges 
are tangents to the circle. Such a polygon is said to be cir- 
cumscribed to the circle. The (unique) circle inscribed to a 
triangle is called the cucircle. 


instability 
The condition of a system when it is easily disturbed by 
internal or external forces or events, in contrast to a stable 


system, which will return to its previous condition when 
disturbed. A pencil resting vertically on its eraser or a 
coin standing on edge are examples of systems that have 
the property of instability since they easily fall over at the 
slightest breeze or movement of the surface they are rest- 
ing on. An unstable system is one whose attractors can 
change; thus, instability is a characteristic of a system that 
is far from equilibrium or at bifurcation. 


integer 
Any positive or negative whole number or zero: . . ., -3, 
-2, -1, 0, 1, 2, 3,.... Integer is Latin for “whole” or 


“intact.” The set of all integers is denoted by Z, which 
stands for zahlen (German for “numbers”). The integers 
are an extension of the natural numbers to include neg- 
ative numbers and so make possible the solution of all 
equations of the form a+ x=), where a and bare natural 
numbers. Integers can be added and subtracted, multi- 
plied, and compared. Like the natural numbers, the inte- 
gers form a countably infinite set. However, the integers 
don’t form a field since, for instance, there is no integer 
x such that 2x = 1; the smallest field containing the inte- 
gers is that of the rational numbers. An important 
property of the integers is division with remainder: given 
two integers a and b with b # 0, it is always possible to 
find integers q and r such that a = bg +7 and such that 
0<r<|Q]. q is called the quotient and r is called the remain- 
der resulting from division of a by b. The numbers g and 
r are uniquely determined by a and J. From this follows 
the fundamental theorem of arithmetic, which states that 
integers can be written as products of prime numbers in 
an essentially unique way. 


integral 

The area, or a generalization of area, under any section of 
a graph that is described by a function; in other words, 
the continuous cumulative sum of a function (see conti- 
nuity). Not all functions have an exact formula that 
allows an integral to be found. In such cases, numerical 
integration has to be used, in which the area is found using 
approximate numerical techniques. Integrals, together 
with derivatives, are the fundamental objects of calcu- 
lus. 


integral equation 
An equation that involves an integral of the function 
which is to be solved for. 


integration 

An operation that corresponds to the informal idea of 
finding the area under the graph of a function. The first 
theory of integration was developed by Archimedes with 
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his method of guadratures, but this could be applied only 
in circumstances where there was a high degree of geo- 
metric symmetry. In the seventeenth century, Isaac New- 
ton and Gottfried Leibniz independently discovered the 
idea that integration was a sort of opposite of differenti- 
ation (which they had just invented); this allowed math- 
ematicians to calculate a broad class of integrals for the 
first time. However, unlike Archimedes’s method, which 
was based on Euclidean geometry, Newton’s and Leib- 
niz’s integral calculus lacked a secure foundation. 

In the nineteenth century, Augustin Cauchy finally 
developed a rigorous theory of limits, and Bernhard Rie- 
mann followed this up by formalizing what is now called 
the Riemann integral. To define this integral, one fills the 
area under the graph with smaller and smaller rectangles 
and takes the limit of the sums of the areas of the rectan- 
gles at each stage. Unfortunately, some functions don’t 
have well-defined limits to these sums, so they have no 
Riemann integral. Henri Lesbesgue invented another 
method of integration to solve this problem. He first pre- 
sented his ideas in Intégrale, Longueur, Aire (Integral, length, 
area) in 1902. Instead of using the areas of rectangles, a 
method that puts the focus on the domain of the func- 
tion, Lebesgue turned to the codomain of the function for 
his fundamental unit of area. Lesbesgue’s idea was to build 
first the integral for what he called simple functions— 
functions that take only finitely many values. Then he 
defined it for more complicated functions as the upper 
bound of all the integrals of simple functions smaller than 
the function in question. Lesbesgue integration has the beau- 
tiful property that every function with a Riemann integral 
also has a Lebesgue integral, and the two integrals agree. 
But there are many functions with a Lebesgue integral that 
don’t have a Riemann integral. As part of the development 
of Lebesgue integration, Lebesgue introduced the concept 
of Lebesgue measure, which measures lengths rather than 
areas. Lebesgue’s technique for turning a measure into an 
integral generalizes easily to many other situations, leading 
to the modern field of measure theory. 

The Lebesgue integral was deficient in one respect. The 
Riemann integral had been generalized to the improper 
Riemann integral to measure functions whose domain of 
definition was not a closed interval. The Lebesgue inte- 
gral integrated many of these functions (always repro- 
ducing the same answer when it did), but not all of them. 
The Henstock integral is an even more general notion of 
integral (based on Riemann’s theory rather than 
Lebesgue’s) that subsumes both Lebesgue integration and 
improper Riemann integration. However, the Henstock 
integral depends on specific features of the real number 
line and so doesn’t generalize as well as the Lebesgue 
integral does. 


interesting numbers 

Clearly some numbers are of greater interest (at least to 
mathematicians) than are others. The number pi, for 
instance, is far more interesting than 1.283-—or virtually 
any other number for that matter. Confining our atten- 
tion to integers, can there be such a thing as an uninter- 
esting number? It is easy to show that the answer must be 
“no.” Suppose there were a set U of uninteresting inte- 
gers. Then it must contain a least member, w. But the 
property of being the smallest uninteresting integer 
makes u interesting! As soon as uw is removed from U, 
there is a new smallest uninteresting integer, which must 
then also be excluded. And so the argument could be 
continued until U was empty. Given that all integers are 
interesting, can they be ranked from least to most inter- 
esting? Again, no. To be ranked as “least interesting” is an 
extremely interesting property, and thus leads to another 
logical contradiction! 

When Srinivasa Ramanujan, the great Indian mathe- 
matician, was ill with tuberculosis in a London hospital, 
his colleague G. H. Hardy went to visit him. Hardy 
opened the conversation with: “I came here in taxicab 
number 1729. That number seems dull to me which I 
hope isn’t a bad omen.” Ramanujan replied, without hes- 
itation: “Nonsense, the number isn’t dull at all. It’s quite 
interesting. It’s the smallest number that can be expressed 
as the sum of two cubes in two different ways.” (1729 = 
LP +123 and 9 + 10°.) 


International Date Line 

Is it possible to assign a time to every longitude on Earth, 
so that each longitude has a different time but the times at 
nearby longitudes are always close? The answer is no, 
which is mathematically equivalent to saying that there’s 
no way to continuously map points on a real number 
line onto a circle. This explains why an International 
Date Line is needed. It allows most regions on Earth to 
have times similar to their neighbors, though, by con- 
vention, time changes are (usually) made in chunks of 
one hour between adjacent time zones. Then it takes care 
of the inevitable discontinuity by having it happen all at 
once, as a jump by one whole day, on a longitude that 
passes mostly through open water in the Pacific. The 
fact that there doesn’t exist any continuous one-to-one 
function from the circle onto the line follows from the 
Borsuk-Ulam theorem in one dimension. 


interpolate 

To estimate the value of a point that lies between two 
known values of a function. This is often done by 
approximating a line or a smooth curve between the val- 
ues, which is the literal meaning of the word. Inter is the 
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Latin prefix for “between,” polire translates as “to adorn 
or polish,” so together they mean “to smooth between.” 
Extrapolate was created as an extension of interpolate to 
suggest the smoothing of a line outside the known points. 
This operation is often done in statistics when patterns 
are studied over time to predict future events. 


intersection 

A place where two or more things meet or overlap. Two 
lines intersect at a point, two planes can intersect in a 
line, and so forth. The intersection of two or more sets, 
represented by the symbol N, is the set of elements that 
all the sets have in common; in other words, all the ele- 
ments contained in every one of the sets. 


invariant 

(1) Something that stays the same when a particular 
transformation is carried out. (2) A value that is 
unchanged when a particular function is applied. (3) In 
topology, a number, polynomial, or other quantity asso- 
ciated with a topological object such as a knot or 
3-manifold, which depends only on the underlying 
object and not on its specific description or presentation. 


invariant theory 

The study of quantities that are associated with polyno- 
mial equations and that are left invariant under transfor- 
mations of the variables. For example, the discriminant 


b’ — 4ac is an invariant of the quadratic form ax’ + bxy + 
2: 


cy. 
inverse 

(1) The inverse of a number, or a reciprocal, is 1 divided 
by the number; for example, the inverse of 8 is and the 
inverse of %5 is *5. (2) The inverse of a function or a trans- 
formation is the function or transformation that reverses 
the effect of the function or transformation. For example, 
the inverse of addition is subtraction, and of clockwise 
rotation is anticlockwise rotation. (3) The inverse of an 
element of a set, or a number, with respect to a particular 
operation, is what has to be combined with the element 
or number in order to obtain that operation’s identity 
element. 


involute 

Attach a string to a point on a curve. Extend the string so 
that it is tangent to the curve at the point of attachment. 
Then wind the string up, always keeping it taut. The 
locus of points traced out by the end of the string is 
called the involute of the original curve, and the original 
curve is called the evolute of its involute. Although a 
curve has a unique evolute, it has infinitely many invo- 
lutes corresponding to different choices of initial point. 


irradiation illusion Despite appearances, the inner squares 
are the same size. 


An involute can also be thought of as any curve orthog- 
onal to all the tangents to a given curve. See also circle 
involute. 


irradiation illusion 

A distortion illusion discovered by Hermann von 
Helmholtz in the nineteenth century. Despite the fact 
that the two figures are identical in size, the white hole 
looks bigger than the black one. 


irrational number 

A real number that can’t be written as one whole num- 
ber divided by another; in other words, a real number 
that isn’t a rational number. The decimal expansion of 
an irrational number doesn’t come to an end or repeat 
itself (in equal length blocks), though it may have a pat- 
tern such as 0.101001000100001000001 .... The vast 
majority of real numbers are irrational, so that if you were 
to pick a single point on the real number line at random 
the chances are overwhelmingly high that it would be 
irrational. Put another way, whereas the set of all rationals 
is countable, the irrationals form an uncountable set and 
therefore represent a larger kind of infinity. Indeed, as 
the Harvard logician Willard Van Orman Quine pointed 
out: “The irrationals exist in such variety... that no 
notation whatever is capable of providing a separate 
name for each of them.” 

There are two types of irrational number: algebraic 
numbers, such as the square root of 2, which are the 
roots of algebraic equations, and the transcendental 
numbers, such as pi and e, which aren’t. In some cases it 
isn’t known if a number is irrational or not; undecided 
cases include 2°, n’, x’, and the Euler-Mascheroni con- 
stant, y. An irrational number raised to a rational power 
can be rational; for instance, V2 to the power 2 is 2. 
Also, an irrational number to an irrational power can be 
rational. What kind of number is V2? The answer is 
irrational. This follows from Gelfond’s theorem, which 
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says that if a and bare roots of polynomials, and a is not 
0 or 1 and Ais irrational, then a’ must be irrational (in 
fact, transcendental). 


irreptile 
See rep-tile. 


Ishango bone 

A bone tool handle discovered around 1960 in the 
African area of Ishango, near Lake Edward. It has been 
dated to about 9000 B.c. and was at first thought to have 
been a tally stick. At one end of the bone is a piece of 
quartz for writing, and the bone has a series of notches 
carved in groups on three rows running the length of the 
bone. The markings on two of these rows each add to 60. 
The first row is consistent with a number system based on 
10, since the notches are grouped as 20 + 1, 20-1, 10+ 
1, and 10 — 1, while the second row contains the prime 
numbers between 10 and 20! A third seems to show a 
method for multiplying by 2 that was used in later times 
by the Egyptians. Additional markings suggest that the 
bone was also used as a lunar phase counter. The Ishango 


a 





Bone is kept at the Royal Institute for Natural Sciences of 
Belgium in Brussels. See also Lebombo bone." 7 


isochrone 

A set of points with the property that a given process or 
trajectory will take the same length of time to complete 
starting from any of the points. The curve formed by 
such a set of points is called an isochronous curve. See also 
tautochrone problem. 


isogonal conjugate 

Isogonal lines of a triangle are cevians (see Ceva, Giovanni) 
that are symmetric with respect to the angle bisector. Two 
points are isogonal conjugates if the corresponding lines 
to the vertices are isogonal (see vertex). 


isometry 

A symmetry operation, which may involve translation, 
rotation, and reflection, that preserves the distance of 
any two points. Each isometry of a wallpaper group, for 
example, can be represented by a 3 x 3 matrix. 


Ishango bone The marks on this 11,000-year-old bone speak of a surprisingly sophisticated mathematical knowledge. Museum of 


Natural Sciences (Brussels) 
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isomorphism 

In geometry, a transformation that doesn’t alter the 
side lengths and the angle sizes of the figure involved. 
Examples of such transformations include reflections, 
rotations, translations, or transformations by a glide. In 
set theory, an isomorphism is a one-to-one correspon- 
dence between the elements of two sets such that the 
result of an operation on elements of one set corresponds 
to the result of the analogous operation on their images 
in the other set. 


isoperimetric inequality 
For any closed, three-dimensional body with volume V 
and surface area A, the following inequality always holds: 


36nV? < A 


isoperimetric problem 

Among all shapes of a given perimeter, which encloses 
the greatest area? This ancient conundrum is alluded to 
in the tale of Queen Dido in Virgil’s Aeneid. Threatened 
by her brother, who had already murdered her father, the 
queen was obliged to hastily gather her valuables and flee 
her native city of Tyria in ancient Phoenicia. In due 
course, her ship landed in North Africa, where she made 
the following offer to a local chieftain: in return for her 
fortune he would give as much land as she could isolate 
with the skin of an ox. This was readily agreed to, where- 
upon the crafty queen sliced the skin into very fine 
threads, which she tied together and made into a giant 
semicircle. Combined with the natural boundary pro- 
vided by the sea, this enclosed such a large area that a 
city—Carthage—was eventually built upon it. Two millen- 
nia later, Karl Weierstrass was the first to prove rigor- 
ously, using analysis and calculus, that the solution to the 
isoperimetric problem is a circle (something the Greeks 
suspected but were not able to prove geometrically). 
When the same question is asked in one dimension 
higher it becomes the isovolume problem. 


isosceles 

Having two sides of the same length, as in the case of an 
isosceles triangle. An isosceles trapezoid in the United 
States is the equivalent of a trapezium in Britain. Lsosceles 
comes from the Greek iso (“same or equal”) and skelos 


(“legs”). 


isotomic conjugate 

Two points on the side of a triangle are isotomic if they are 
equidistant from the midpoint of that side. Two points 
inside a triangle are isotomic conjugates if the corre- 
sponding cevians (see Ceva, Giovanni) through these 
points meet the opposite sides in isotomic points. 


isovolume problem 
What surface encloses the maximum volume per unit 
surface? The answer is a sphere, for which 


volume/surface area = (“8nr*)/(4nr’) = "Sr, 


where r is the sphere’s radius. Proof of the solution to the 
isovolume problem came as recently as 1882 from Her- 
mann Schwarz. See also bubbles and isoperimetric prob- 
lem. 


iterate 
Do something repeatedly. Do something repeatedly. . . . 


iteration 


If at first you don’t succeed, try, try, again. Then 
quit. There’s no use being a damn fool about it. 
-W. C. Fields 


A feedback process that repeats 2 number of times. Iter- 
ation refers to the act of performing the calculation of a 
certain function and then picking the result, or output, 
as the starting value, or input, for the next calculation of 
the same function. The operation repeats on and on— 
even infinitely, despite Fields’s comment! 





Jacobi, Karl Gustav Jacob (1804-1851) 

A German mathematician who did important work on 
elliptic functions, partial differential equations, and 
mechanics. Although he was preceded in many of his 
discoveries about elliptic functions by Carl Gauss (who 
didn’t publish) and Niels Abel, Jacobi is nevertheless 
considered one of the founders of the subject. His name 
is probably best known from the Jacobian, an n x n 
determinant formed from a set of ” functions in x 
unknowns. He wasn’t the first to use it—the “Jacobian” 
appears in an 1815 paper of Agustin Cauchy—but 
Jacobi did write a long memoir about it in 1841, and 
proved that the Jacobian of z functions vanishes if and 
only if the functions are related (Cauchy had proved 
the “if” part). He also did important work on partial dif- 
ferential equations and their application to physics. 
Along with William Hamilton, he developed an ap- 
proach to mechanics based on generalized coordinates. 
In this method, the total energy of a mechanical system 
is represented as a function of generalized coordinates 
and corresponding generalized momenta; for example, 
in a double pendulum the two generalized coordinates 
could be two angles. Hamilton-Jacobi theory is the tech- 
nique of solving the system by transforming coordi- 
nates so that the transformed coordinates and momenta 
are constants. 

Jacobi was appointed to a position at the University of 
K6nigsberg in 1826. He gained a reputation as a gifted 
teacher and is credited with introducing the seminar 
method (giving lectures on his own ongoing research) 
into the university. After a collapse from overwork in 
1843, Jacobi was allowed to stay in Berlin with a gener- 
ous allowance from the king of Prussia. Five years later, 
revolution swept Europe and Jacobi was persuaded to 
run for parliament. This proved a disaster; not only did 
he loose the election, but his foray into politics annoyed 
his royal patron, who cut off his pension. Jacobi, with a 
large family to support, was faced with destitution. Only 
his reputation as the greatest German mathematician 
besides Gauss saved him; faced with the prospect of los- 
ing Jacobi to the University of Vienna, the king was pre- 
vailed upon to restore the pension. Jacobi was a 
notoriously hard worker (indeed, he had several break- 
downs due to overwork), but his death in 1851 was the 
result of smallpox. 


Johnson solid 

Any convex polyhedron with regular faces that is not a 
Platonic solid, an Archimedean solid, or a prism (or an 
antiprism). There are 92 Johnson solids, which are named 
after Norman W. Johnson who was the first to catalog 
them in 1966. They include equilateral deltahedra and 
dipyramids (two pyramids placed symmetrically base to 
base) and any irregular convex solid that can be made by 
sticking together triangles, squares, pentagons, and so on, 
in a way that happens to close. Some of the simpler John- 
son solids are assemblages of pyramids, prisms, and 
antiprisms; for example, a gyrobifastigium is two triangu- 
lar prisms glued together with a twist. Others are frag- 
ments of Archimedean solids; for example, a pentagonal 
rotunda is half an icosidodecahedron. When stretched 
out with a prism this makes the marvelously named elon- 
gated pentagonal orthocupolarotunda. 


Johnson’s theorem 

If three congruent circles all intersect in a single point, 
then the other three points of intersection will lie on 
another circle of the same radius. This simple little theo- 
rem was discovered by Roger Johnson in 1916. 


Jordan, (Marie-Ennemond) Camille (1838-1922) 
A French mathematician who made important contribu- 
tions to group theory. He was the first to draw attention 
to the work of Evariste Galois, which had until then been 
almost entirely ignored. He built on Galois’s study by 
grasping the intimate connection between groups of per- 
mutations and the solvability of polynomial equations. 
Jordan also introduced the idea of an infinite group. He 
passed on his interest in group theory to two of his most 
outstanding pupils, Felix Klein and Sophus Lie, both of 
whom went on to develop the subject in new and impor- 
tant ways. 


Jordan curve 
A simple, closed curve. 


Jordan matrix 

A matrix whose diagonal elements are all equal (and 
nonzero) and whose elements above the principal diago- 
nal are equal to 1, but all other elements are 0. 
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Johnson solid Two of the 92 Johnson solids: the bilunabirotunda (J91, right) and the snub disphenoid (J84, left). Robert Webb, 


www.software3d.com; created using Webb's Stella program 


Journal of Recreational Mathematics 
The only international journal devoted to the lighter side 


of mathematics. It was started in 1968 and is currently 
edited by Charles Ashbacher. 


Julia set 

Any of any infinite number of fractal sets of points on 
an Argand diagram (the complex plane) defined by a 
simple rule. Given two complex numbers z and ¢, and 
the recursion z,,, =z,’ +c, the Julia set for any given 
value of ¢, consists of all values of z for which z, when 
iterated in the equation above, does not “blow up” or 
tend to infinity. Julia sets are closely related to the 
Mandelbrot set, which is, in a way, an index of all Julia 
sets. For any point on the complex plane (which repre- 
sents a value of c) a corresponding Julia set can be 
drawn. We can imagine a movie of a point moving 
about the complex plane with its corresponding Julia 
set. When the point lies inside the Mandelbrot set the 
corresponding Julia set is topologically unified or con- 
nected. As the point crosses the boundary of the Man- 
delbrot set, the Julia set explodes into a cloud of 
disconnected points called Fatou dust. If c is on the 
boundary of the Mandelbrot set, but not a waist point 
(where two large regions of the Mandelbrot set are con- 
nected by a narrow bridge), the Julia set of ¢ looks like 
the Mandelbrot set in sufficiently small neighborhoods 
of c. 





Julia set A fractal image based on a Julia set. Jos Leys, 
wwwyosleys.com 
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Julia sets are named after the French mathematician 
Gaston Julia (1893-1978), whose most famous work, 
Memoire sur Viteration des fonctions rationnelles, provides the 
theory for Julia sets before computers were available. In 
1918, at the age of 25 Julia was severely wounded in 
World War I and lost his nose. He wrote his greatest trea- 


tise in a hospital between the painful operations necessi- 
tated by his wounds. 


jump discontinuity 
A discontinuity in a function where the left- and right- 
hand limits exist but are not equal to each other. 





Kaczynski, Theodore John (1942-) 

Known as the Unabomber before his true identity was 
discovered, a Harvard graduate with a genius IQ who 
abandoned a promising career as a mathematician for a 
life of social isolation and intermittent terrorist attacks. 
Kaczynski eluded the FBI for 17 years, during which time 
he orchestrated 16 explosions that killed 3 people and 
injured 23 others. He avoided execution following his 
arrest in 1996 through a plea bargain and was given 
instead 4 life sentences plus 30 years in prison. During his 
mathematical career in the late 1960s, Kaczynski pub- 
lished a doctoral dissertation and several papers in acade- 
mic journals and served as an assistant math professor at 
the University of California, Berkeley (1967-1969). 


Kakeya needle problem 

A famous problem named after the Japanese mathemati- 
cian Sdichi Kakeya, who first posed it in 1917. It asks: 
What is the smallest-area plane figure inside which a unit 
straight-line segment can be rotated through 180°? For 
some years, the answer was thought to be a deltoid. How- 
ever, in 1928, the Russian mathematician Abram Besico- 
vitch shocked the mathematical world by showing that 
the problem had no answer or, to be more precise, that 
there was no minimum area." In 1917 Besicovitch had 
been working on a problem in Riemann integration, and 
had reduced it to the question of existence of planar sets 
of measure 0, which contain a line segment in each direc- 
tion. He then constructed such a set, and published his 
construction in a Russian journal in 1920. Due to the civil 
war and the blockade, there was hardly any communica- 
tion between Russia and the rest of the world at the time, 
so Besicovitch hadn’t heard about the challenge posed by 
Kakeya. Several years later, after he left Russia and learned 
about the needle problem, Besicovitch modified his orig- 
inal construction and was able to give the startling an- 
swer that the area in question may be made arbitrarily 
small. 


Kaluza-Klein theory 

A model that seeks to unite classical gravity and electro- 
magnetism by resorting to higher dimensions. In 1919 
the German mathematician Theodor Kaluza (1885-1954) 
pointed out that if general relativity theory is extended to 
a five-dimensional space-time, the equations can be sepa- 
rated out into ordinary four-dimensional gravitation plus 


an extra set (which is equivalent to Maxwell’s equations 
for the electromagnetic field) plus an extra field known as 
the dilaton). Thus, electromagnetism is explained as a 
manifestation of curvature in a fourth dimension of 
physical space, in the same way that gravitation is ex- 
plained in Einstein’s theory as a manifestation of curva- 
ture in the first three. In 1926 the Swedish physicist Oskar 
Klein (1894-1977) proposed that the reason the extra spa- 
tial dimension goes unseen is that it is compact—curled up 
like a ball with a fantastically small radius. In the 1980s 
and 1990s, Kaluza-Klein theory experienced a big revival 
and can now be seen as a precursor of string theory. 


Kampyle of Eudoxus 

An hourglass-shaped curve that was first studied by 
Eudoxus in an attempt to solve the classical problem of 
duplicating the cube. It is described by the Cartesian 
equation 


ax' =i (x? +y’). 


It is also the radial curve of the catenary. 








Kampyle of Eudoxus © Jan Wassenaar, www.2dcurves.com 
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kappa curve 

Also known as Gutschoven’s curve, named after Gérard van 
Gutschoven (1615-1668), who first studied it around 
1662. The kappa curve, which resembles the Greek letter 
k, was also investigated by Isaac Newton and, some years 
later, by Johann Bernoulli (see Bernoulli family). It is 
given by the Cartesian equation 


yy? (x? +y’) = ax’. 


Kaprekar constant 

Take any four-digit number whose digits are not all 
identical. Rearrange the digits to make the largest and 
smallest 4-digit numbers possible. Subtract the smaller 
number from the larger. Use the resulting number and 
repeat the process. For example, starting with 4,731: 
7,431 — 1,347 = 6,084; 8,640 — 468 = 8,172; 8,721 — 
1,278 = 7,443; 7,443 — 3,447 = 3,996; 9,963 — 3,699 = 
6,264; 6,642 — 2,466 = 4,176; 7,641 — 1,467 = 6,174. 
After this, the result is always 6174. Remarkably, every 
four-digit number whose digits are not all the same will 
eventually reach 6,174, in at most seven steps, and then 
stay there. This is called the Kaprekar constant for four- 
digit numbers, after the Indian mathematician Dat- 
tathreya Ramachandra Kaprekar who made the discovery 
in 1949. The Kaprekar constant for three-digit numbers is 
495, which is arrived at for any three-digit number in no 
more than six iterations. The same process, or algorithm, 
can be applied to numbers of m-digits, where ” is any 
whole number. Depending on the value of , the algo- 
rithm will result in a nonzero constant, zero (the degen- 
erate case), or a cycle. 


Kaprekar number 

Take a positive whole number z that has d number of dig- 
its. Take the square of 7 and separate the result into two 
pieces: a right-hand piece that has d digits and a left-hand 
piece that has either d or d — 1 digits. Add these two 
pieces together. If the result is 7, then m is a Kaprekar 
number. Examples are 9 (9 = 81, 8+ 1 = 9), 45 (45° = 
2,025; 20 + 25 = 45), and 297 (297 = 88,209; 88 + 209 = 
297). The first 10 Kaprekar numbers according to this 
definition are 1; 9; 45; 55; 99; 297; 703; 999; 2,223; and 
2,728. Kaprekar numbers can also be defined by higher 
powers. For example, 45° = 91,125; and 9+ 11+25=45. 
The first 10 numbers with this property are: 1; 8; 10; 45; 
297; 2,322; 2,728; 4,445; 4,544; and 4,949. For fourth 
powers, the sequence begins 1; 7; 45; 55; 67; 100; 433; 
4,950; 5,050; 38,212. Notice that 45 is a Kaprekar num- 
ber for second, third, and fourth powers (45* = 
4,100,625; and 4 + 10 + 06 + 25 = 45)—-the only number 
in all three Kaprekar sequences, up to at least 400,000. 
See also unique number. 


Kasner, Edward (1876-1955) 

An American mathematician at Columbia University 
best remembered for introducing the words googol and 
googolplex into the popular mathematical lexicon. He is 
also well known as the coauthor, with James Newman, 
of Mathematics and the Imagination, first published in 
1940."*" In a later edition (1967), he spoke about the 
term mathescope, which was coined by the science reporter 
Wilson Davis after listening to one of Kasner’s public lec- 
tures. In Kasner’s words: “It is not a physical instrument; 
it is a purely intellectual instrument, the ever-increasing 
insight which mathematics gives into the fairyland which 
lies beyond intuition and beyond imagination.” His 
main field of research was differential geometry, which 
he studied in its applications to mechanics, cartography, 
and stereographic projections, though he also wrote 
papers on circle packing and on the horn angle and stud- 
ied an extension of right triangles to the complex plane. 


Kepler, Johannes (1571-1630) 

A German astronomer and mathematician best remem- 
bered for his three laws of planetary motion. He also did 
important work in optics, discovered two new regular 
polyhedra (1619), gave the first mathematical treatment 
of close packing of equal spheres (in 1611, leading to an 
explanation of the shape of the cells of a honeycomb), 
gave the first proof of how logarithms work (1624), and 
devised a method of finding the volumes of solids of rev- 
olution that (with hindsight) can be seen as contributing 
to the development of calculus (1615-1616). Although 
his work eventually led to our modern view of the solar 
system, he himself held beliefs about the arrangement of 
the planets that smack of Pythagorean mysticism, though 
ultimately they stemmed from his belief that mathemati- 
cal harmony was a reflection of God’s perfection. In his 
first cosmological model (Mysterium cosmographicum, 
1596) he suggested that if a sphere were drawn to touch 
the inside of the path of Saturn, and a cube were in- 
scribed in the sphere, then the sphere inscribed in that 
cube would be the sphere circumscribing the path of 
Jupiter. Then if a regular tetrahedron were drawn in the 
sphere inscribing the path of Jupiter, the insphere of the 
tetrahedron would be the sphere circumscribing the path 
of Mars, and so inward, putting the regular dodecahe- 
dron between Mars and Earth, the regular icosahedron 
between Earth and Venus, and the regular octahedron 
between Venus and Mercury. Thus the number of (then- 
known) planets is explained perfectly in terms of the five 
convex regular solids—the Platonic solids. 

Kepler’s second work on cosmology (Harmonices mundi 
[Harmony of the world], book V, 1619) offers a more elab- 
orate mathematical model but still with the polyhedra in 
place. The mathematics in this work includes the first 
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systematic treatment of tessellations, a proof that there are 
only 13 convex uniform polyhedra (the Archimedean 
solids) and the first account of two non-convex regular 
polyhedra (see Kepler-Poinsot solids). 

Kepler’s mathematical work was full time and contin- 
ued even during the wedding to his second wife in 1613. 
The dedicatory letter to a book he wrote shortly after 
explains that at the wedding celebration he noticed that 
the volumes of wine barrels were estimated by means of 
a rod slipped in diagonally through the bunghole, which 
prompted him to wonder how that could work. The 
result was a study of the volumes of solids of revolution, 
Nova Stereometria Doliorum (New stereometry of wine 
barrels, 1615). 


Kepler-Poinsot solids 

The four regular nonconvex polyhedra that exist in addi- 
tion to the five regular convex polyhedra known as the 
Platonic solids. As with the Platonic solids, the Kepler- 


Poinsot solids have identical regular polygons for all their 
faces, and the same number of faces meet at each vertex. 
What is new is that we allow for a notion of “going around 
twice,” which results in faces that intersect each other. In 
the great stellated dodecahedron and the small stellated dodeca- 
hedron, the faces are pentagrams (five-pointed stars). The 
center of each pentagram is hidden inside the polyhedron. 
These two polyhedra were described by Johannes Kepler 
in 1619, and he deserves credit for first understanding 
them mathematically, though a sixteenth-century drawing 
by the Nuremberg goldsmith Wentzel Jamnitzer (1508- 
1585) is very similar to the former and a fifteenth-century 
mosaic attributed to the Florentine artist Paolo Uccello 
(1397-1475) illustrates the latter. The great icosahedron and 
great dodecahedron were described by Louis Poinsot in 
1809, though Jamnitzer made a picture of the great dodec- 
ahedron in 1568. In these two, the faces (20 triangles and 
12 pentagons, respectively) that meet at each vertex “go 
around twice” and intersect each other, in a manner that is 





Kepler-Poinsot solids From left to right: the small stellated dodecahedron, great stellated dodecahedron, great icosahedron, 
and great dodecahedron. Robert Webb, www.software3d.com; created using Webb's Stella program 
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the three-dimensional analog to what happens in two 
dimensions with a pentagram. Together, the Platonic sol- 
ids and the Kepler-Poinsot polyhedra form the set of nine 
regular polyhedra. Augustin Cauchy first proved that no 
other polyhedra can exist with identical regular faces and 
identical regular vertices. 


Kepler's conjecture 

No packing of spheres of the same radius in three dimen- 
sions has a density greater than the face-centered (hexago- 
nal) cubic packing. This claim was first published by 
Johannes Kepler in his monograph The Six-Cornered 
Snowflake (1611), a treatise inspired by his correspondence 
with Thomas Harriot (see cannonball problem). In his 
slender essay, Kepler asserted that face-centered cubic 
packing—the kind greengrocers use to stack oranges—is 
“the tightest possible, so that in no other arrangement 
could more pellets be stuffed into the same container.” 
The question of whether Kepler’s conjecture is right or 
not has became known, not surprisingly, as Kepler’s prob- 
lem. In the nineteenth century, Carl Gauss proved that 
face-centered cubic packing is the densest arrangement in 
which the centers of the spheres form a regular lattice, but 
he left open the question of whether an irregular stacking 
of spheres might be still denser. In 1953, Laszl6 Toth 
reduced the Kepler conjecture to an enormous calculation 
that involved specific cases, and later suggested that com- 
puters might be helpful for solving the problem. This was 
the approach taken by Thomas Hales, a mathematician at 
the University of Michigan at Ann Arbor, and which led 
him, in 1998, to claim that he had proved Kepler was right 
all along. Hales’s proof of Kepler’s conjecture remains 
controversial simply because of the length of the com- 
puter calculations involved and the difficulty of verifying 
them. The casebook on this mystery remains open. See 
also monster group. 


Khayyam, Omar (1044-1123) 

An outstanding Persian mathematician and astronomer, 
whose full name was Abu al-Fath Omar ben Ibrahim al- 
Khayyam, or “tent-maker’—possibly his father’s profes- 
sion. His work on algebra was known throughout Europe 
in the Middle Ages. He made several important contribu- 
tions: he discovered a geometrical method to solve cubic 
equations by intersecting a parabola with a circle, dis- 
cussed what would become known as Pascal’s triangle, 
and asked if a ratio could be regarded as a number. He is 
best known, however, as a poet. In 1859, Edward Fitzger- 
ald (1809-1883) translated Khayyam’s Rubaiyat—a popu- 
lar collection 600 short four-line poems. Rosehips from 
Khayyam’s tomb were germinated at Kew Gardens, Lon- 
don, and planted on Fitzgerald’s tomb in St. Michael’s 


Churchyard, Boulge, Suffolk, in 1893; the original plant 
has died, but its descendents continue to bloom. 


Khintchine’s constant 

One of the most remarkable, yet poorly understood, 
constants in mathematics, which captures, in a fascinat- 
ing way, the behavior of almost all real numbers. Pick a 
real number at random and write it down as a continued 
fraction. Almost certainly, the geometric mean of the 
terms in this continued fraction will be Khintchine’s 
constant, which has the value 2.685452 . .. . It is impor- 
tant to say “almost certainly” because there are some real 
numbers including all rational numbers, roots of third- 
order polynomials, and certain other classes of number, 
whose continued fractions would give a different result. 
These exceptions, however, form a tiny minority of all 
real numbers. 


kings problem 

The problem of determining how many nonattacking 
kings, K(z), can be placed on an ” Xx chessboard. For 
n = 8, the solution is 16. The general solution is K(x) = 
‘an? if nis even and K() = '4(n + 1) if 2 is odd. The min- 
imum number of kings needed to attack or occupy all 
squares on an 8 x 8 chessboard is nine. 


kinship puzzles 

Like age puzzles and tricks, problems to do with how 
family members are related go back many centuries. 
Some of these can be fiendishly convoluted, especially if 
incestual pairings are allowed (in the puzzle!). Sketching 
a genealogical tree is sometimes helpful. The following 
all involve legitimate ties. 


PUZZLES 

1. Brothers and sisters have | none, but that man’s 
father is my father’s son. Who is that man? (This is 
one of the oldest problems of the kinship variety.) 

2. What is the simplest way in which two people can 
be an uncle to each other? (From Dudeney’s A 
Puzzle-Mine.) 

3. A certain family party consisted of 1 grandfather, 1 
grandmother, 2 fathers, 2 mothers, 4 children, 3 
grandchildren, 1 brother, 2 sisters, 2 sons, 2 
daughters, 1 father-in-law, 1 mother-in-law, and 1 
daughter-in-law. Twenty-three people, you will 
say. No; there were only seven people present. 
Can you show how this might be? (From Amuse- 
ments in Mathematics.) 

Solutions begin on page 369. 


—p— 
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Kirkman, Thomas Penyngton (1806-1895) 

An English rector and mathematician who did important 
work in combinatorics. His schoolgirls problem, which 
he posed in 1850, led to a more general study of certain 
ways of combining objects. He also explored the possi- 
bility of finding a route around the edges of a given poly- 
hedron that passes through each vertex (corner) of the 
shape once and only once. His rather complex and ulti- 
mately unprovable ideas were later picked up and refined 
successfully by William Hamilton, but not be-fore Kirk- 
man had managed to supply a general proof of the fact 
that “if a polyhedron has an odd number of vertices and 
each face has an even number of edges, then there is no 
circuit which passes through all the vertices.” This result 
introduces the concept of a bipartite graph—a graph that 
can be divided into two separate sets of vertices such that 
every edge in one set joins a vertex. 


kite 

A quadrilateral, with two pairs of congruent adjacent 
sides, that is named after one of the traditional forms of 
toy kite. The toy itself probably draws its name from the 
bird commonly called a kite, or kyte, in England. The old 
English form of the word, cyte, may in turn derive from 
an early German name for an owl. A nonconvex kite is 
often called a dart, a term used by Roger Penrose in his 
proof on a nonperiodic tiling of the plane (see also Pen- 
rose tiling). Proclus referred to this shape as a “four- 
sided triangle” and spoke of it as a geometric paradox. 
John Conway pointed out that there is no special name 
for a quadrilateral that has two pairs of equal sides that, 
unlike in the case of a kite, are not parallel sides. He pro- 
posed the name strombus for such a figure, from the 
Greek for a spinning top. 


Klein, Christian Felix (1849-1925) 

A German mathematician noted for his work on non- 
Euclidean geometry, the connections between geometry 
and group theory, and the theory of functions. His Er- 
langen Programm (1872) for unifying the diverse forms 
of geometry through the study of equivalence in trans- 
formation groups was profoundly influential, especially 
in the United States, for over 50 years. In his Lectures on 
the Icosabedron and the Solution of Equations of the Fifth 
Degree (1884, tr. 1888) he showed how the rotation 
groups of regular solids could be applied to the solution 
of difficult algebraic problems. Klein was a professor of 
mathematics successively at the University of Erlangen, 
the Technical Institute in Munich, and the universities of 
Leipzig and Gottingen, and was a prolific writer and lec- 
turer on the theory, history, and teaching of mathemat- 
ics. See also Klein bottle. 





Klein bottle The famous container, with zero volume, ren- 
dered in the improbable form of a soap bubble. © John ™. Sulli- 
van, University of Illinois and TU Berlin 


Klein bottle 


A mathematician named Klein, 
Thought the Mobius band was divine, 
He said, “If you glue, 
The edges of two, 
You'll get a weird bottle like mine.” 
—Leo Moser 


Take a rectangle and join one pair of opposite sides to 
make a cylinder. Now join the other pair with a half-twist. 
The result is a Klein bottle. Sound easy? It is if you have 
access to a fourth dimension because that’s what is 
needed to carry out the second step and to allow the sur- 
face to pass through itself without a hole. A true Klein 
bottle is a four-dimensional object. It was discovered in 
1882 by Felix Klein when he imagined, as in the limerick, 
joining two Mobius bands together to create a single- 
sided bottle with no boundary. 

An ordinary (three-dimensional) bottle has a crease or 
fold around the opening where the inside and outside of 
the bottle meet. A sphere doesn’t have this crease or fold, 
but it has no opening. A Klein bottle has an opening but 
no crease: like a Mébius band, it is a continuous one- 
sided structure. Because it has no crease or fold, there’s 
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no verifiable definition of where its inside and outside 
begin. Therefore, the volume of a Klein bottle is consid- 
ered to be zero, and the bottle has no real contents— 
except itself! As the joke goes: “In topological hell the 
beer is packed in Klein bottles.” Take a coin, slide it 
across the surface of a Klein bottle until it returns to its 
starting point, and the coin, as if by magic, will be flipped 
over. This is because, unlike a sphere or a regular bottle, a 
Nein bottle is nonorientable. 

Although a Klein bottle can’t be “embedded” (that is, 
fully realized) in three dimensions, it can be “immersed” 
in three dimensions. Immersion is what happens when a 
higher dimensional object cuts through a lower dimen- 
sional one, producing a cross section. When a sphere is 
immersed in a plane, for example, it produces a circle. 
The computer-generated soap bubble structure shown 
here could be created by stretching the neck of a bottle 
through its side and joining its end to a hole in the base. 
Except at the side-connection (the nexus), this properly 
shows the shape of a four-dimensional Klein bottle. Just 
as the picture here is of a three-dimensional Klein bottle 
immersion, so an immersion in real life is like a drawing 
of the true four-dimensional bottle. 


knights problem 

To find the maximum number of knights that can be 
placed on an 2 x n chessboard in such a way that no two 
pieces are attacking each other. For a standard 8 x 8 chess- 
board, the answer is 32 (all on white squares or all on 
black). In the general, the solution is 12 n? if is even and 
» (n? + 1) if mis odd, giving the sequence 1, 4, 5, 8, 13, 
18,.... 


knight's tour 
A classic chess puzzle: to find a sequence of moves by 
which a knight can visit each square of a chessboard 
exactly once. If the final position is a knight’s move away 
from the first position, the tour is said to be closed or reen- 
trant. The earliest recorded solution for a standard 8 x 8 
chessboard was given by Abraham de Moivre; the earliest 
known reentrant solution came from the French mathe- 
matician Adrien-Marie Legendre (1752-1833). Not to be 
outdone Leonhard Euler found a reentrant tour that visits 
two halves of the board in turn. The problem can be gen- 
eralized to an 2 x board, with some surprising results; for 
example, a reentrant tour is not possible on a 4 x 4 board. 
A knight’s tour is called a magic tour if the resulting 
arrangement of numbers forms a magic square, and a 
semimagic tour if the resulting arrangement of numbers is 
a semi-magic square. It has long been known that magic 
knight’s tours aren’t possible on 2 x m boards if m is odd. 
It was also known that such tours are possible for all 





knight's tour After visiting every square of the chessboard 
exactly once, the knight returns to its starting point. 


boards of size 4k x 4k for k > 2. However, while a number 
of semi-magic knight’s tours were known on the usual 
8 x 8 chessboard, it was not known if any fully magic 
tours existed on the 8 x 8 board. This longstanding open 
problem was finally settled in the negative by an exhaus- 
tive computer enumeration of all possibilities. The soft- 
ware for the computation was written by J. C. Meyrignac, 
and a Web site was established by Guenter Stertenbrink 
to distribute and collect results for all possible tours. 
After 61.40 CPU-days, corresponding to 138.25 days of 
computation at 1 GHz, the project was completed on 
August 5, 2003. As well as netting a total of 140 distinct 
semi-magic knight’s tours, the computation showed for 
the first time that no 8 x 8 magic knight’s tour is possible. 

More magical and mysterious tours can be conducted 
on boards on the surfaces of cubes, cylinders, toruses, 
and multidimensional shapes, such as hypercubes. See 
also Hamilton path. 


knot 


Never cut what you can untie. 
—Joseph Joubert 


A closed curve in three dimensions. The two simplest non- 
trivial knots are the trefoil knot, whose picture has three 
crossings, and the figure-eight knot, whose picture has four. 
To date, more than 1.7 million nonequivalent knots with 
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pictures of 16 or fewer crossings have been identified. The 
mathematical theory of knots was born out of attempts to 
model the atom. Near the end of the nineteenth century, 
William Thomson (Lord Kelvin) suggested that different 
atoms were actually different knots tied in the ether that 
was believed to permeate all of space. Physicists and math- 
ematicians set to work making a table of distinct knots, 
believing they were making a table of the elements. A pio- 
neer in this effort, alongside Thomson, was Peter Tait. By 
the time the theory of the ether vanished into thin air, knot 
theory was firmly tied into mainstream mathematics. It blos- 
somed with the development of topology and eventually 
led to important applications in DNA research and molec- 
ular biology. Today it is one of the most active areas of 
mathematical research. See also tie knot, loop, and braid. 


Knuth’s up-arrow notation 

A notation for large numbers developed by the Ameri- 
can mathematician Donald Knuth in 1976. A single up- 
arrow (7) is the same as exponentiation: 


mT n=mxmx...Xm (terms) =m". 


Two up-arrows together represent a power tower: 
™n 
m TT n=m" : 
(a tower of height 2), which is the same as the operation 
known as Ayper4 or tetration. This can very rapidly gener- 
ate huge numbers. For example: 


27TT2=2T2=4 
2773=2T27T2=27T4=16 

277 4=2T2T2T2=27 16 = 65,536 

377 2=373=27 

377 3=373 733 T 27 =7,625,597,484,987 
3179 4=3737373=3 737 27 = 3702957484987 


Three up-arrows together represent a still more vastly 
powerful operator, equivalent to byper5 or pentation, or a 
power tower of power towers: 


mitt n=mTT mt... TT m (x terms) 


For example: 


271 2=27TT2=4 
2797 3=27727722=2 77 4= 65,536 

2797 4=2 77277277 2=2TT 65,536 =2T2 
T...1 2 (65,536 terms) 

3 TTT 2 =3 TT 3 = 7,625,597,484,987 
3 TTT 3 =3 TT3 TT 3 =3 TT 7,625,597,484,987 = 3 
T37...13 (a power tower 7,625,597,484,987 
layers high) 
3 TTT 4=3 TT3 773 TT 3=3 773 7T 
,625,597,484,987 = 3 TT 37... 13 (a tower 


AN 


3 TT 7,625,597,484,987 layers high) 
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Similarly, 
mttttnamttt mttt...Ttt m (x terms) 
so that, for example: 
2TTTT2=2 711 2=4 
2TTTT3=2 TTT 2TIT2=27TT4H=2T2T...T 
2 (65,536 terms) 
2TTTT 4=2 T7172 TIT 2 TTT 2=2T1T2T2 
T...1 2 (65,536 terms) 
3 7TTTT2=3 T1T3=3T3T...73 
(7,625,597,484,987 terms) 
3 TTTT3=3 TIT3 TIT3=3 T7173 T3T...73 
(7,625,597,484,987 terms) 
=3TT3T3T...T3 BT3T...73 
(7,625,597,484,987 terms) 














Even up-arrow notation becomes cumbersome, how- 
ever, when one is faced with staggeringly large numbers 
such as Graham’s number. For such cases, more exten- 
sive systems such as Conway’s chained arrow notation 
or Steinbaus-Moser notation are better suited. See also the 
Ackermann function, to which up-arrow notation is 
closely related. 


Koch snowflake 

One of the most symmetric and easy to understand frac- 
tals; it is named after the Swedish mathematician Helge 
von Koch (1870-1924), who first described it in 1906. To 
make the snowflake, start with a straight line and split it 
into three equal parts. Replace the middle part with two 
lines, both of the same length as the first three, creating an 


Koch snowflake This fractal shape emerges from continually 
sprouting equilateral triangles. Xah Lee, www.xahlee.org 
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equilateral triangle missing the bottom line. The shape now 
consists of four straight lines with the same length. For 
each of these lines, repeat this process, then continue the 
transformation indefinitely. The Koch snowflake has infi- 
nite length because each iteration increases the length of a 
line segment one-third, and the iterations go on forever. 

The same kind of process can be applied to a tetrahe- 
dron. Take a regular tetrahedron (all side lengths the 
same) and glue to each of its faces a smaller regular tetra- 
hedron. (Each smaller tetrahedron is scaled down by a 
factor of '2 from the larger one, and placed on each face 
in an inverted fashion, so that it divides the face into four 
equilateral triangles and covers the center one.) Then iter- 
ate this process. Intuition suggests that the end product 
might be a very strange-looking jagged object. But in fact, 
in the limit, as the number of iterations tends to infinity, 
the result is a perfect cube! The cube has side length 
t/\/2, where tis the length of one of the edges of the reg- 
ular tetrahedron you started with. Variations on the flat 
Koch snowflake include the exterior snowflake, the Koch 
antisnowflake, and the flowsnake curves. 


Kolmogorov, Andrei Nikolaievich (1903-1987) 

A Russian mathematician and physicist who advanced 
the foundations of probability theory, the algorithmic 
theory of randomness, and made crucial contributions 
to the foundations of statistical mechanics, stochastic 
processes, information theory, fluid mechanics, and 
nonlinear dynamics. All of these areas, and their interre- 
lationships, underlie complex systems as they are stud- 
ied today. His work on reformulating probability started 
with a 1933 paper in which he built up probability theory 
in a rigorous way from fundamental axioms, similar to 
Euclid’s treatment of geometry. Kolmogorov went on to 
study the motion of the planets and turbulent fluid 


flows, publishing two papers in 1941 on turbulence that 
even today are of fundamental importance. 

In 1954 he developed his work on dynamical systems 
in relation to planetary motion, thus demonstrating the 
vital role of probability theory in physics and reopening 
the study of apparent randomness in deterministic sys- 
tems, along the lines originally conceived by Henri Poin- 
caré. In 1965 he introduced the algorithmic theory of 
randomness via a measure of complexity, now referred to 
as Kolmogorov complexity. According to Kolmogorov, the 
complexity of an object is the length of the shortest com- 
puter program that can reproduce the object. Random 
objects, in his view, were their own shortest description, 
whereas periodic sequences have low Kolmogorov com- 
plexity, given by the length of the smallest repeating 
“template” sequence they contain. Kolmogorov’s notion 
of complexity is a measure of randomness, one that is 
closely related to Claude Shannon’s entropy rate of an 
information source. 


K6nigsberg bridge problem 
See bridges of K6nigsberg. 


Kronecker, Leopold (1823-1891) 

A German mathematician and pioneer in the field of alge- 
braic numbers who formulated the relationship between 
the theory of numbers, the theory of equations, and ellip- 
tic functions. He acquired a passion for number theory 
from Ernst Kummer, his instructor at the Liegnitz Gymna- 
sium. Kronecker, who made a fortune in business before 
returning to his academic studies, claimed that mathemat- 
ical argumentation should be based only on integers and 
finite procedures. He was one of Georg Cantor’s sternest 
critics and refused to accept the validity of Weierstrass’s 
nondifferentiable function. 





labyrinth 


See maze. 


Lagrange, Joseph Louis (1736-1813) 

An Italian-born French mathematician who made impor- 
tant contributions to number theory and to classical and 
celestial mechanics. By his mid-twenties he was recog- 
nized as one of the greatest living mathematicians 
because of his papers on wave propagation and the max- 
ima and minima of curves. His prodigious output in- 
cluded his textbook Mécanique Analytique (Analytical 
mechanics, 1788), the basis for all later work in this field. 
His remarkable discoveries include the Lagrangian, a dif- 
ferential operator characterizing a system’s physical state, 
and the Lagrangian points, points in space where a small 
body in the gravitational fields of two large ones remains 
relatively stable. Under Napoleon, Lagrange was made 
both a senator and a count; he is buried in the Panthéon. 


lambda calculus 

A model of computation that is capable of universal 
computation. The Lisp programming language was in- 
spired by lambda calculus. 


Lamé curve 

Any of a family of curves related to the ellipse and that 
was first recognized and studied in 1818 by the French 
physicist and mathematician Gabriel Lamé (1795-1870). 
The formula for the Lamé curve family is a generalization 
of the equation for an ellipse (|x/a|’ + |y/d)’ = 1), namely: 


|x/a|" + | y/d|” = 1, 


where z is any real number. When x = 0, the curve 
reduces to a pair of crossed lines. As z increases, the curve 
changes from a curved star shape to a rectangle, with 
diagonals a and b, when n = 1. The special case when 
n=" corresponds to the astroid. Between m= 1 and = 
2 the curve turns from a curved rectangle to an ellipse (or 
a circle when both a and b are 1). For values of 7 greater 
than 2, Lamé curves are known as superellipses. 


lamination 

A decoration of a manifold in which some subset is par- 
titioned into sheets of some lower dimension, and the 
sheets are locally parallel. It may or may not be possible 
to fill the gaps in a lamination to make a foliation. 


Langley’s adventitious angles 

A seemingly simple problem first posed in 1922 by E. M. 
Langley"! in connection with an isosceles triangle. In its 
original form, it is stated as follows: ABC is an isosceles 
triangle. B = C = 80°. CF at 30° to AC cuts AB in F. BE 
at 20° to AB cuts AC in E. Prove angle BEF = 30°. (No 
mention is made of D. Perhaps it is at the intersection of 
BE and CF) A number of solutions appeared shortly 
after, including this one given by J. W. Mercer: Draw BG 
at 20° to BC, cutting CA in G. Then angle GBF = 60° 
and angles BGC and BCG are 80°. So BC = BG. Also 
angle BCF = angle BFC = 50°, so BF = BG and triangle 
BFG is equilateral. But angle GBE = 40° = angle BEG, so 
BG = GE= GF. And angle FGE = 40°, hence GEF = 70° 
and BEF = 30°. 


Langton’s ant 

A type of cellular automaton, or a simple form of artifi- 
cial life, named after its designer, Christopher Langton. 
The ant lives on an infinitely large chessboard, each 
square of which can be either black or white. Two pieces 
of information are associated with this digital insect: the 








Lamé curve One example from the family of Lamé curves. © 
Jan Wassenaar, www.2dcurves.com 
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Langton’s ant After 368 steps, a symmetrical pattern 
emerges. 


direction that it’s facing, and the state of the square that 
it currently occupies. Three simple rules govern the ant’s 
behavior: (1) If it’s on a black square, it turns left. (2) If 
it’s on a white square, it turns right. (3) As it moves to the 
next square, the one it was on reverses color. Interest in 
Langton’s ant stems from the fact that despite being a 
completely determined system governed by extremely 
simple rules, the patterns it produces are fantastically rich 
and complex. For the first 10,000 moves or so, the ant 
meanders around, building and then unbuilding struc- 
tures with little pattern to them. Then, near the end of 


Langton’s ant After 10,647 steps the “highway” is under 
construction. 


this chaotic phase, the ant begins to construct a diagonal 
highway off toward one edge of the board. In fact, this 
pattern stems from a sequence of 104 moves that, once 
started, will go on forever. In the language of chaos the- 
ory, the pattern is a stable attractor for the system. Remark- 
ably, no matter what the initial arrangement of squares— 
even if the white and black squares are set up randomly— 
the ant will end up building a highway. The ant can be 
allowed to wrap around the edges of a finite board, thus 
allowing it to intersect its own path, and it will send up 
building the highway. Are there any initial states that 
don’t lead to the diagonal-road-building loop? No excep- 
tions have been found from experiments—but proving it 
is another matter. Most mathematicians believe there is 
no general analytical method of predicting the position 
of the ant, or of any such chaotic system, after any given 
number of moves. Its behavior can’t be reduced to the 
rules that govern it. In this sense, Langton’s ant is a sim- 
ple demonstration of the undecidability of the halting 
problem. The British mathematician Jan Stewart and 
biologist Jack Cohen, in their book Figments of Reality,”?" 
go a step further and use Langton’s ant as an analog of an 
essential stage in the evolution of complex systems such 
as life: a stage in which the existence of chaotic behavior 
contains the potential for the spontaneous emergence of 
unpredictable forms of order. 


Laplace, Pierre Simon (1749-1827) 

A French mathematician and astronomer who was heay- 
ily involved with the development of celestial mechanics. 
He made an early impact by solving a complex problem 
of mutual gravitation that had eluded both Leonhard 
Euler and Joseph Lagrange. Laplace was among the most 
influential scientists of his time and was called the New- 
ton of France for his study of and contributions to the 
understanding of the stability of the solar system. Laplace 
generalized the laws of mechanics for their application to 
the motion and properties of the heavenly bodies. He is 
also famous for his great treatises Mécanique céleste (Celes- 
tial mechanics, 1799-1825) and Théorie analytique des prob- 
abilités (Analytical theory of probabilities, 1812) which 
were advanced in large part by the mathematical tech- 
niques that Laplace developed early in his life. 


large number 


Bigger than the biggest thing ever and then some. 
Much bigger than that in fact, really amazingly 
immense, a totally stunning size, real “wow, that’s 
big!” time. ... Gigantic multiplied by colossal mul- 
tiplied by staggeringly huge is the sort of concept 
we're trying to get across here. 

—Douglas Adams, The Restaurant at the End of the Universe 
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Making, naming, and representing very large numbers is 
itself a big problem. A simple way to start is by adding 
zeros: 10; 100; 1,000; 10,000;..., 1,000,000;.... But 
this quickly gets tedious and exponentiation becomes a 
more attractive option: 10’, 10’, 10°,..., 10°,.... Nam- 
ing the various powers of 10 follows a regular pattern of 
prefixes. In the United States, 10’ is one thousand, 10° is 
one million, 10° is one billion, 10” is one trillion, 10° is 
one quadrillion, and so on. The “-illion” root kicks in at 
the sixth power of 10 prefixed by “m” for “mono”; then, 
every jump of three powers (factor of a thousand) comes 
the next prefix. Put another way, the U.S. name for 10°” 
uses the Latinized prefix for 2 — 1. One centillion, which 
is the largest number with a single-word name in English, 
is 10°°. Elsewhere in the world, “billion,” “trillion,” and 
so on, can mean things other than they do in the U.S. 
system. A British billion, for example, is one million mil- 
lion, or 10”, while the now largely obsolete term mzlliard 
was used for a thousand million. However, the American 
forms have become fairly standard internationally and 
are used without qualification in this book. It’s also 
worth noting that, while “quadrillion,” “quintillion,” and 
so forth, are perfectly valid terms, “one thousand tril- 
lion,” “one million trillion,” and so forth, are generally 
preferred. 

Exponentiating quite small numbers seems at first to 
be a pretty economical way of making and writing large 
numbers: 10°, for example, is a highly effective short- 
hand for 1,000,000,000,000,000,000,000,000,000,000. 
But this method runs out of steam as the numbers get 
bigger and bigger. Take, for instance, the googol and the 
googolplex. One googol is the unofficial name for 10’, 
or 1 followed by 100 zeros. This innocuous-looking 
number is larger than the number of atoms in the uni- 
verse. What happens, therefore, if we want to represent 
the number that is 1 followed by a googol number of zeros? 
One way would be to write “1 followed by a googol 
number of zeroes”! But this is cheating because it 
couldn’t be generalized without first giving a proper 
name to a fantastically large number of numbers. A bet- 
ter solution is to exponentiate using large numbers. 
Thus, 1 googolplex = 1088 = 10’. This is the begin- 
ning of a power tower. 

Are numbers as large as the googol, not to mention the 
googolplex, of any practical importance? Science has 
given us such colossi as the Avogadro constant (the num- 
ber of molecules in a sample whose weight in grams 
equals its molecular weight) = 6.023 x 10”, the Eddington 
number (astrophysicist Arthur Eddington’s best estimate 
of the number of protons in the universe) = 1.575 x 10”, 
and the Supermassive Black Hole Evaporation Time = 
10'” years (or thereabouts)—which brings us to the level of 


the googol. But there’s nothing known or that can be rea- 
sonably conjectured in the “real” world of physics that 
goes much beyond this. 

Science fiction can carry us a bit further. In The Hitch- 
biker’s Guide to the Galaxy”! by Douglas Adams appears 
one of the largest numbers ever used in a work of fiction: 
271 These are the odds quoted against the characters 
Arthur Dent and Ford Prefect being rescued by a passing 
spaceship just after having been thrown out of an airlock. 
As it happens, they are rescued by a spaceship powered 
by the “infinite improbability drive.” By contrast, some 
special numbers in mathematics make even the googol- 
plex look tiny. Skewes’ number, 10'°"’, was long held 
up as an example of a googolplex-dwarfing number that 
nevertheless served a bonafide purpose in mathematics. 
However, even this seemingly immense integer is made 
to look ridiculously small by the likes of more recently 
described numbers, such as Graham’s number, the 
Mega, and the Moser, which are so utterly vast that it takes 
a page or two simply to describe the various special nota- 
tions used to represent them. 

Just as writing out a number in full, or in place-value 
notation, becomes unwieldy with numbers as big as a 
googol, so exponentiation, in turn, endangers the world’s 
forests if it tries to take on seriously large numbers. 
A more effective shorthand is tetration—tetra (from the 
Greek meaning “four”) because it is the fourth dyadic 
operation in the series: addition, multiplication, ex- 
ponentiation, tetration. Dyadic means that two num- 
bers, or arguments, are involved in the operation. 
Multiplication is repeated addition (e.g.,2x3=2+2+ 
2), exponentiation is repeated multiplication (e.g., 2’ = 
2x2 x 2), and tetration is repeated exponentiation. For 
example, 2 tetrated to 3, represented as °2, is 2” = 24 = 
16; 2 tetrated to 4, or ‘2, is 2” = 2" = 65,536; and 2 
tetrated to 5, or *2, is 2” = 2° = something too big 
to write out in full. Tetration goes by various other 
names including superpower, superdegree, and, the one 
used most commonly in mathematical circles and also 
here, Ayperd4. 

Just as the exponentiation of two numbers, a and 4, is 
represented as a’ and defined as ax ax... Xa (b terms), 
the hyper4 of a and b is represented as ab and defined 
as a“ (a power tower with D levels). Alternatively, the 
hyper4 operator can be represented in Knuth’s up-arrow 
notation as a TT b. Continuing this pattern: 


hyper5 of aand b= a= a%a®...a% =a TIT b 
hyper6 of a and b= a®b=a%a®...a% =aTITT b 
hyper7 of a and b=a%b=a%a®...a% =a TTTTT b 


To get some idea of the potency of this kind of represen- 
tation, consider the sequence 
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1 
10 
10,000,000,000 


10,000,000,000,000,000,000,000,000,000,000,000,000, 
000,000,000,000,000,000,000,000,000,000,000,000, 
000,000,000,000,000,000,000,000,000 (100 zeroes) 


Notice how big even the fourth term is? The seemingly 
innocuous-looking number 5 TTTTT 5 (or 5%5) is so huge 
that it would be around the 100,000,000,000,000,000th 
(one hundred thousand trillionth) term of this sequence! 
Since the dyadic operators discussed previously form a 
pattern, they can be telescoped into a single triadic oper- 
ator that has three arguments. This can be defined as: 


1+bforn=0 
at+bforn=1 
axbforn=2 


hy(a,,b)=< a? bforn=3 

aT hy(a, 4, b- 1) forn=4 
hy(a, 2 - 1, hy(a, , b- 1)) forn>4 
aforn>1,b=1 





Beyond hyper are other triadic operators capable of gen- 
erating large numbers even faster. The Ackermann func- 
tion and the Steinhaus-Moser notation are both equivalent 
to a triadic operator that is somewhat more powerful 
than hy(a, 2, 4). Similarly, Conway’s chained-arrow 
notation marks an evolution of Knuth’s symbolism. 
These various techniques and notations can produce 
immense fizite numbers. But beyond any of these lie the 
many different kinds of infinity. 


lateral inhibition illusion 
See Hermann grid illusion. 


Latin square 

An 2X square grid, or matrix, whose entries consist of 7 
symbols such that each symbol appears exactly once in 
each row and each column. The following are some 
examples: 


12 123 1234 1234 MA GI C 
21 231 2341 2143 GIeCGCMA 
312 3412 3412 CMA GI 
4123 4321 A GIeCM 

I CMAG 


Latin squares have a long history, stretching back at least 
as far as medieval Islam (c. 1200), when they were used 
on amulets. Abu I’Abbas al Buni wrote about them and 
constructed, for example, 4 x 4 Latin squares using let- 


ters from a name of God. In his famous etching Melan- 
cholia, the fifteenth-century artist Albrecht Diirer por- 
trays a 4 x 4 magic square, a relative of Latin squares, in 
the background. Other early references to them concern 
the problem of placing the 16 face cards of an ordinary 
deck of cards in the form of a square so that no row, col- 
umn, or diagonal contains more than one card of each 
suit and each rank. Leonhard Euler began the systematic 
treatment of Latin squares in 1779 and posed a problem 
connected with them, known as the thirty-six officers 
problem, that wasn’t solved until the beginning of the 
twentieth century. Arthur Cayley continued work on 
Latin squares, and in the 1930s the concept arose again 
in the guise of multiplication tables when the theory of 
quasigroups and loops began to be developed as a gen- 
eralization of the group concept. Latin squares played 
an important role in the foundations of finite geome- 
tries, a subject that was also in development at that time. 
Also in the 1930s, a large application area for Latin 
squares was opened by R. A. Fisher who used them and 
other combinatorial structures in the design of statistical 
experiments. 


lattice 

A periodic arrangement of points such as the vertices (see 
vertex) of a tiling of space by cubes or the positions of 
atoms in a crystal. More technically, a discrete Abelian 
subgroup (see Abelian group) of an 7-dimensional vec- 
tor space that is not contained in an (z — 1)-dimensional 
vector space. Lattices play a central role in the theory of 
Lie groups, in number theory, in error-correcting codes, 
and many other areas of mathematics. See also geo- 


board. 


lattice path 

A sequence of points in a lattice such that each point dif- 
fers from its predecessor by a finite list of allowed steps. 
Random lattice paths are an interesting model for the 
random motion of a particle and lattice paths are also 
important in enumerative combinatorics. 


lattice point 
A point with integer coordinates. 


latus rectum 

A chord of an ellipse that passes through a focus and is 
perpendicular to the major axis of the ellipse. Its plural is 
latera recta. 


league 
An archaic unit of traveling distance. The precise value 
varied, but was usually around 3 miles (4.8 kilometers). 
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least common multiple 
The smallest integer that is an exact multiple of every 
number in a set of integers. 


least upper bound 
The smallest number that is larger than every member of 
a set of numbers. 


Lebesgue, Henri Leon (1875-1941) 

A French mathematician who introduced the modern 
definition of an integral. Lebesgue graduated from the 
Ecole Normale Supériere and, from 1921, taught at 
the College de France. He and Emile Borel founded the 
modern theory of functions of a real variable, Lebesgue’s 
great contribution being his new general definition of an 
integral (1902), which became known as the Lebesgue inte- 
gral (see integration). This led to important advances in 
calculus, curve rectification, and trigonometric series, 
and, in Borel’s hands, marked the start of measure the- 
ory. Although the Lebesgue integral was an example of 
the power of generalization, Lebesgue himself wasn’t a 
fan of generalization and spent the rest of his life working 
on very specific problems, mostly in analysis. 


Lebombo bone 

One of the oldest mathematical artifacts known, a small 
piece of the fibula of a baboon, found near Border Cave 
in the Lebombo Mountains between South Africa and 
Swaziland. Discovered in the 1970s during excavations of 
Border Cave and dated about 35,000 B.c., the Lebombo 
bone is marked with 29 clearly defined notches. This sug- 
gests it may have been used as a lunar phase counter, in 
which case African women may have been the first math- 
ematicians, because keeping track of menstrual cycles 
requires a lunar calendar. Certainly, the Lebombo bone 
resembles calendar sticks still used by Bushmen in 
Namibia. See also Ishango bone. 


left-right reversal 
See mirror reversal problem. 


Leibniz, Gottfried Wilhelm (1646-1716) 

A German philosopher, mathematician, and statesman 
who developed differential and integral calculus inde- 
pendently of Isaac Newton. He also invented a calculat- 
ing machine, is considered a pioneer in mathematical 
logic, and proposed the metaphysical theory that we live 
in “the best of all possible worlds.” In Leibniz’s philo- 
sophical view, the universe is composed of countless 
conscious centers of spiritual force or energy known as 
monads. Leibniz talks about the “compossible” elements 
of any possible world—elements that allow a logically 


consistent structure. Though one of the finest minds 
of his age, Leibniz was not immune to blunders: he 
thought it just as easy to throw 12 with a pair of dice as 
to throw 11. 


Leibniz harmonic triangle 

A triangle of fractions that is related to the more famous 
Pascal triangle in a very simple way. Each row of the 
Leibniz harmonic triangle starts with the reciprocal of 
the row number (or the row number plus one depending 
on whether one starts counting from 1 or 0). Every entry 
is the sum of the two numbers just below it. The entries 
can thus be computed sequentially left to right and top 
to bottom using subtraction instead of addition. 


1/1 
1/2 1/2 
1/3 1/6 1/3 


1/4 1/12 1/12 1/4 
1/5 1/20 1/30 1/20 1/5 


lemma 
A short auxiliary proposition used in the proof of a larger 
theorem. 


lemniscate of Bernoulli 

A curve “shaped like a figure 8, or a knot, or the bow of a 
ribbon” in the words of Jacob Bernoulli (see Bernoulli 
family) in an article published in 1694. Bernoulli named 
the curve “lemniscate” after the Greek /emniskus for a pen- 
dant ribbon (the type fastened to a victor’s garland). It 
has the Cartesian equation 

(x+y = a(x? -y?), 

At the time he wrote his article, Bernoulli wasn’t aware 
that the curve he was talking about was a special case of a 
Cassinian oval, which had been described by Cassini in 
1680. The general properties of the lemniscate were 
established by Giovanni Fagnano (1715-1797) in 1750; 
Leonhard Euler’s investigations of the length of arc of 
the curve (1751) led to later work on elliptic functions. 
There is a relationship between the lemniscate and the 
rectangular hyperbola. If a tangent is drawn to the 
hyperbola and the perpendicular to the tangent is drawn 
through the origin, the point where the perpendicular 
meets the tangent is on the lemniscate. See also hip- 
popede. 


Leurechon, Jean (c. 1591-1670) 

A French Jesuit priest and mathematician who wrote 
Recreations mathématiques (1624) under the pseudonym 
Henrik van Etten. Much of the mathematical content 
centers around Claude Bachet’s problems and may have 
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been copied from it or some common source. The book 
also gives the earliest known description of the operation 
of an ear trumpet. 


liar paradox 

“This statement is false.” What do we make of this state- 
ment (call it S)? If S is true, then S is false. On the other 
hand, if S is false, then it is true to say S is false; but, 
because the liar sentence is saying precisely that (namely 
that it is false), S is true. So S is true if and only if it is 
false. Since S is one or the other, it is both! Debate about 
sentences like S has been going on among philosophers 
and logicians for more than 2,000 years without any clear 
resolution. 

The roots of the liar paradox stretch back to the 
philosopher Epimenides in the sixth century B.c. He 
said: “All Cretans are liars.... One of their own poets 
has said so.” Another version of this can be found in the 
Bible, Titus 1:12-13, “Even one of their own prophets 
has said, ‘Cretans are always liars, evil brutes, lazy glut- 
tons.’ This testimony is true.” The poet’s (or prophet’s) 
statement is sometimes wrongly considered to be para- 
doxical because he himself is a Cretan. But actually 
there’s no paradox here. A “liar,” in everyday language, 
is someone who on occasion knowingly gives false 
answers. This isn’t problematic: the poet, while lying 
occasionally, this time spoke the truth. However, most 
formulations of logic define a “liar” as an entity that 
always produces the negation of the true answer, that is, 
someone who does nothing but lie. Thus, the poet’s 
statement can’t be true: if it were, then he himself 
would be a liar who just spoke the truth, but liars don’t 
do that. However, no contradiction arises if the poet’s 
statement is taken to be false: the negation of “All Cre- 
tans are liars” is “Some Cretans aren’t liars,” in other 
words: some Cretans sometimes speak the truth. This 
doesn’t contradict the fact that our Cretan poet just 
lied. Therefore, the statement “All Cretans are liars,” if 
uttered by a Cretan, is necessarily false, but not para- 
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doxical. Even the statement “I am a liar” is not para- 
doxical; depending on the definition of “liar” it may be 
true or false. However, the statement “I am lying now,” 
first attributed to Eubulides of Miletus in the fourth 
century B.C., definitely is paradoxical. It is exactly 
equivalent to the sentence, we started with: “This state- 
ment is false.” 

Various elaborations of the basic Eubulides liar para- 
dox have appeared over the ages. In the fourteenth cen- 
tury, the French philosopher Jean Buridan applied it in 
his argument for the existence of God. In 1913, the Eng- 
lish mathematician Philip Jourdain (1879-1921) offered a 
version that is sometimes referred to as “Jourdain’s card 
paradox.” On one side of a card is written: 


The sentence on the other side of this card is true. 
On the other side is written: 
The sentence on the other side of this card is false. 


Yet another popular version of the liar paradox, guaran- 
teed to perplex, is given by the following three sentences 
written on a card: 


1. This sentence contains five words. 
2. This sentence contains eight words. 


3. Exactly one sentence on this card is true. 


Lie, Marius Sophus (1842-1899) 

A Norwegian mathematician who, along with his close 
friend Felix Klein, introduced group theory into geome- 
try and used it to classify geometries. Lie discovered the 
contact transformation, which maps curves into surfaces 
(1870), and Lie groups, which use continuous or infini- 
tesimal transformations. He used these groups to classify 
partial differential equations, making the traditional 
methods of solution all reduce to a single principle. Lie 
groups also provided a basis for the growth of modern 
topology. See also Lie algebra. 
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Life, Conway's game of A “glider” advances one cell down and one cell to the right. 


Lie algebra 

An algebra, named after M. Sophus Lie, in which multi- 
plication satisfies properties similar to the bracket operation 
on matrices given by [A, B] = AB - BA, where the oper- 
ation on the right-hand side involves ordinary multipli- 
cation and subtraction of matrices. The operation is not 
associative. 


Lie group 

A group, named after M. Sophus Lie, that is also a man- 
ifold. Groups of a real matrix, such as occur in quantum 
field theory, give naturally occurring examples of Lie 
groups. The tangent space at the identity element of a Lie 
group forms a Lie algebra in a natural way. 


Life, Conway's game of 

The best known example of a cellular automaton; it was 
invented by John Conway and first brought to public 
attention in Martin Gardner’s Scientific American column 
in October 1970."”" Conway’s goal in creating Life was to 
devise a universal Turing machine—a sort of infinitely 
programmable computer. John von Neumann had de- 
scribed such a system in the 1950s, but it had very com- 
plex rules; Conway wanted to find one that was much 
simpler to describe and to operate. Life is played on a 
grid of squares on which each cell is either alive (occu- 
pied) or dead (empty). The game starts from an arbitrary 
initial configuration of live cells, and then progresses 
through generations as the life and death rules are 
applied. These rules are very simple: (1) A live cell sur- 
vives to the next generation if it has two or three neigh- 
bors. (2) A live cell dies if it has four or more neighbors 
(overcrowding) or if it has only one neighbor or none 
(isolation). (3) A dead cell becomes a live cell in the next 
generation if it has exactly three neighbors (birth). The 
rules of Life were developed over a two-year-period dur- 
ing tea and coffee breaks by Conway and a group of grad- 
uate students and colleagues. Because Go boards and 
counters were used at this stage, instead of computers, it 
was important to have a death rule so that populations 
didn’t tend to explode and quickly race off the board. On 


the other hand, to enable sufficiently interesting behav- 
ior so the game had a chance of being a universal system, 
it was equally important to have a birth rule that pre- 
vented populations from dying out. The rules eventually 
chosen provided a balance between birth and death so 
that the system tended to be fairly stable yet interesting 
enough to study. An early sign of success was the discov- 
ery of patterns, known as “gliders,” that kept their shape 
while drifting across the plane. This was a hopeful step 
toward proving universality because it showed that the 
system had a way to transmit information from one place 
to another. Conway and his group went on to build 
nearly all the necessary configurations for arbitrary com- 
putations: AND gates, OR gates, and so on, just like the 
components of an ordinary computer. What they needed 
next was a way of producing gliders at will—a “glider 
gun.” At this point, Conway sent a letter describing Life 
and the early findings to Martin Gardner, offering a prize 
of $50 for a configuration whose population tended 
toward infinity. The resulting Scientific American column 
sparked the public’s imagination and very quickly a glider 
gun was discovered by a group at the Massachusetts Insti- 
tute of Technology led by R. W. Gosper. Within two 
weeks of the discovery of the glider gun, both Conway’s 
group and the group at MIT had shown that the system 
was indeed universal. 


limacon of Pascal 

A snail-shaped curve (macon is French for “snail”) named 
by the French mathematician Gilles Roberval after Eti- 
enne Pascal, the father of Blaise Pascal. It had been dis- 
covered earlier, however; Albrecht Diirer gave a method 
for drawing it as early as 1525 in his Underweysung der Mes- 
sung. The limagon of Pascal is a special case of an epitro- 
choid in which the rolling circle and the rolled circle have 
the same radius, and is also the catacaustic and the pedal 
curve of the circle. It has the quartic Cartesian equation 


(x? +.y? — 2rxy? = k(x? +), 


where r is the radius of the rolling circle or the rolled cir- 
cle and & is a constant. 
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Sometimes the term ordinary limagon is used to de- 
scribe the curve when the value of & is greater than 0 and 
less than 1. When k = 0 the curve is a circle and when 
k=1 the curve is a cardioid, so the ordinary limacon is a 
transitional form between these two. The ordinary lima- 
con is also the inverse of the ellipse. For values of k > 1, 
a loop or noose appears in the curve. The inverse of a 
limacgon with a noose is a hyperbola. In fact, the con- 
stant & is the same as the eccentricity for a conic section. 
When k = 2, the limacon is also called a trisectrix. 


limerick 
Why is this a limerick?: 


((12 + 144 + 20) + 3V/4/7) +5 x 11=9°+0 
Because, as its inventor, Jon Saxton, has pointed out: 


A dozen, a gross, and a score, 

Plus three times the square root of four, 
Divided by seven, 

Plus five times eleven, 

Is nine squared and not a bit more. 


limit 

The target value that terms in a sequence of numbers get 
closer and closer to. This limit is not necessarily ever 
reached but can be approached arbitrarily close if the 
sequence is taken far enough. 


limping triangle 

A right triangle with two shorter sides (i.e., those other 
than the hypotenuse) that differ in length by one unit. 
An example is the 20-21-29 triangle (20° + 21? = 29”). 


line 

The shortest distance between any two points in Euclid- 
ean space. A line is implicitly a straight line; the alterna- 
tive is a curve. Mathematically, a line may be determined 
by the presence of any two points in an n-dimensional 
space (where z is two or more). A dine segment is a piece of 
a line with definite endpoints. 


linear 
Having only a multiplicative factor. Iff( x) is a linear func- 
tion, then f(a+b) =f(a)+/(d and c f(x) =f(cx) must 


both be true for all values of a, b, c, and x. 


linear algebra 

The study of vectors and vector spaces. Linear algebra 
has a central place in modern mathematics, is used 
widely in both abstract algebra and functional analysis, 
and finds a concrete representation in the form of ana- 
lytical geometry. Linear algebra began as the study of 
vectors in two- and three-dimensions but has now been 
extended to a generalized m-space. 


linear group 
A group of matrices under matrix multiplication. 


linear programming 

The problem, and associated area of mathematics, of max- 
imizing or minimizing a linear function on a convex set, 
especially a polytope. Equivalently, maximizing a linear 
expression in some number of variables subject to linear 
equalities and inequalities. 


linear system 

Any system whose change of values of its variables can be 
represented as a series of points suggesting a straight line 
on a coordinate; hence, linear for “line.” More generally, 
a linear system is one in which small changes result in 
small effects, and large changes in large effects. In a linear 
system, the components are isolated and noninteractive. 
Real linear systems are rare in nature since living organ- 
isms and their components are not isolated and do inter- 
act. Compare with nonlinear system. 


Liouville number 

A transcendental number that can be approximated 
very closely by a rational number. Normally, proving 
that any given number is transcendental is difficult. 
However, the French mathematician Joseph Liouville 
(1809-1882) showed the existence of a large (in fact, 
infinitely large) class of transcendentals whose nature is 
easy to ascertain. An example of a Liouville number is 
0.10100100000010000000000000000000000001 .. . in 
which the successive groups of zeros are of length 1!, 2!, 
3!, 4!, and so on. 
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Lissajous figure 

A figure or graph of the type most often seen on an oscil- 
loscope. The simplest Lissajous figures are circles or 
ellipses, but they can also take the form of lemniscates 
and other, more complex shapes. They are named for the 
French scientist Jules Antoine Lissajous (1822-1880), 
who experimented with them in the 1850s, and are also 
known as Bowditch curves, because they had been written 
about earlier by the American astronomer and mathe- 
matician Nathanial Bowditch (1773-1838). 


lituus 

A spiral curve that was discovered by the English mathe- 
matician Roger Cotes (1682-1716) and named by the 
Scottish mathematician Colin Maclaurin (1698-1746) in 
1722. The Latin lituus refers to a staff shaped like a 
bishop’s crosier. The lituus is the locus of a point that 
moves in such a manner that the area of a circular sector 
remains constant; it has the polar equation 


r=a’/e. 


See polar coordinates. 


Lobachevsky, Nikolai Ivanovich (1793-1856) 

A Russian mathematician who was one of the pioneers of 
non-Euclidean geometry. He developed, independently 
of Janos Bolyai, the self-consistent system of hyperbolic 
geometry in which Euclid’s parallel postulate is replaced 
by one allowing more than one parallel through the fixed 
point. Lobachevsky first announced his system in 1826 
and subsequently wrote several expositions of it, in- 
cluding Geometrical Researches on the Theory of Parallels 
(originally published in 1840 in German). Lobachevsky 
studied and taught at the University of Kazan and even- 
tually became rector of this institution in 1826. However, 
for some reason, despite serving his country and univer- 
sity well, he fell from favor and in 1846 was relieved by 
the government of his posts as professor and rector. 


localized solution 

A solution of a differential equation, or a similar math- 
ematical object, that is confined to a small region even 
though it has the freedom to spread out. 


loculus of Archimedes 

A dissection game, similar to tangrams, which consists 
of 14 polygonal shapes that fit together to make a square. 
These pieces can be rearranged to make pictures of peo- 
ple, animals, and objects, or reassembled into their origi- 
nal form. There are many references to the game in 
ancient literature, including a description by the Roman 
poet and statesman Magnus Ausonius (A.D. 310-395). 


Only two fragmentary manuscripts, one an Arabic trans- 
lation and the other a Greek manuscript dating from the 
tenth century discovered in Constantinople in 1899, 
connect the puzzle to Archimedes by calling it Joculus 
Archimedius (“Archimedes’s box”). More generally, but 
for unclear reasons, it is known as the ostomachion (Greek 
for “stomach”), or, in Latin texts, as the syztemachion. In 
2003, William Cutler used a computer program to enu- 
merate all 536 distinct ways (barring rotations and reflec- 
tions) in which the pieces can be arranged into a square. 


locus 

The set of all points (usually forming a curve or surface) 
that satisfy some condition. For example, the locus of 
points in the plane equidistant from a given point is a cir- 
cle. The Latin word locus simply means “place.” (The 
Greek equivalent is topos, which crops up in “topology”.) 


logarithm 

The logarithm of a number or variable x to base J, log ,x, 
is the exponent of b needed to give x. The bases most 
commonly used in mathematics are e and 10. A loga- 
rithm to base e, written as log x or In x, is known as a nat- 
ural logarithm. A logarithm to base 10 is written as logiox 
and is known as a common logarithm. 


logarithmic spiral 
A type of spiral, also known as an equiangular spiral, that 
is very common in the natural world. Wonderful exam- 
ples are found in the shells of some mollusks, such as that 
of the nautilus, and in spider webs. The angle any tan- 
gent to the curve makes with a tangent to a circle at the 
same radius, known as the pitch angle, is constant and 
results in a logarithmic spiral being se/f-similar: in other 
words, any part of it looks like any other part (though 
possibly rotated). Hawks approach their prey in the form 
of a logarithmic spiral and their sharpest view is at an 
angle to their flight direction that is the same as the spi- 
ral’s pitch. On an altogether different scale, the arms of 
spiral galaxies are roughly logarithmic spirals. Our own 
galaxy, the Milky Way, is believed to have four major 
arms, each of which is a logarithmic spiral with pitch of 
about 12°. Approximate logarithmic spirals with a pitch 
of about 17° can be generated using the Fibonacci 
sequence or the golden ratio. 

In polar coordinates (7, 6) the equation of the loga- 
rithmic spiral is 


r=ab’, 


with positive real numbers a and b. Changing a rotates 
the spiral while 4 controls how tightly and in which direc- 
tion it is wrapped. It can be distinguished from the 


—p— 


logic 189 





Archimedean spiral by the fact that the distance be- 
tween the arms of a logarithmic spiral increase in a geo- 
metric sequence while in an Archimedean spiral this 
distance is constant. Starting at a point P and moving 
inward along the spiral, one has to circle the origin infi- 
nitely often before reaching it; yet, the total distance 
covered is finite. This was first realized by the Italian 
physicist Evangelista Torricelli (1608-1647) even before 
calculus had been invented. The total distance covered is 
r/sin 8 where 0 is the pitch angle and r is the straight-line 
distance from P to the origin. 

The logarithmic spiral was first described by René 
Descartes and later studied in depth by Jakob Bernoulli 
(see Bernoulli family), who called it Spiralis mirabilis (the 
wonderful spiral) and wanted one engraved on his tomb- 
stone. He did get a spiral, but unfortunately it was a 
rather crudely cut Archimedean type. 


logic 
The branch of mathematics concerned with how one 
statement can imply others, or how sets of statements can 





logarithmic spiral © Jan Wassenaar, www.2dcurves.com 








loculus of Archimedes The loculus of Archimedes is one of the most ancient dissection puzzles. Kadon Enterprises, Inc, 
www.gamepuzzles.com 
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be connected by chains of implication. Such relation- 
ships can be written down using special symbols, and dif- 
ferent sets of rules can be studied to see how they give 
rise to different sorts of structures. 


logical depth 

A measure of the complexity of a system, developed in 
1988 by the American computer scientist and mathe- 
matician Charles Bennett. It contrasts with another such 
measure, algorithmic complexity, but, like it, is a mea- 
sure of the algorithms needed to generate the data from a 
system. 


loop 

(1) A knot or hitch that holds its form. (2) A degenerate 
edge of a graph that joins a vertex to itself. (3) A se- 
quence of instructions that is repeated either a specified 
number of times or until a particular condition prevails. 
Loops lie at the heart of most computer programs. The 
most common type is the zferative loop, signified by key- 
words such as for, while, do, and repeat, or their equivalent, 
in which a given set of instructions is repeated a specified 
number of times. The recursive loop is a more powerful 
construct that carries out a given set of instructions, typ- 
ically including recursive calls with modified parameters 
back to the instruction set itself, until a terminating con- 
dition is met. Recursive algorithms solve problems by 
reducing them to smaller and smaller subproblems until 
a solution is found, reusing the same set of instructions as 
often as needed. 


Lorenz, Edward Norton (1917-) 

A research meteorologist at the Massachusetts Institute of 
Technology who, in the early 1960s, using a simple sys- 
tem of equations to model convection in the atmos- 
phere, ran headlong into the phenomenon of “sensitivity 
to initial conditions.” In the process he sketched the out- 
lines of one of the first recognized chaotic attractors. In 
Lorenz’s meteorological computer modeling, he discov- 
ered the underlying mechanism of deterministic chaos: 
simply formulated systems with only a few variables can 
display highly complicated behavior that is unpredict- 
able. Using his digital computer, culling through reams 
of printed numbers and simple strip chart plots of the 
variables, he saw that slight differences in one variable 
had profound effects on the outcome of the whole sys- 
tem. This was one of the first clear demonstrations of 
sensitive dependence on initial conditions. Equally im- 
portant, Lorenz showed that this occurred in a simple, 
but physically relevant model. He also appreciated that 
in real weather situations, this sensitivity could mean the 
development of a front or pressure-system where there 


never would have been one in previous models. In his 
famous 1963 paper, Lorenz picturesquely explained that 
a butterfly flapping its wings in Beijing could affect the 
weather thousands of miles away some days later. This 
sensitivity is now called the butterfly effect. 


Lorenz system 

A system of three differential equations, named after its 
discoverer Edward Lorenz, that was the first concrete 
example of chaos and a chaotic attractor. 


Lovelace, Lady 
See Byron, Ada. 


loxodrome 

A path on Earth’s surface that is followed when a compass 
is kept pointing in the same direction. It is a straight line 
on a Mercator projection of the globe precisely because 
such a projection is designed to have the property that all 
paths along Earth’s surface that preserve the same direc- 
tional bearing appear as straight lines. The loxodrome 
isn’t the shortest distance between two points on a sphere. 
The shortest distance is an arc of a great circle. But, in the 
past, it was hard for a ship’s navigator to follow a great cir- 
cle because this required constant changes of compass 
heading. The solution was to follow a loxodrome (from 


loxodrome Following a constant-compass heading between 
Earth’s poles produces the winding path shown. 
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the Greek /oxos for “slanted” and drome for “course”), also 
known as a rhumb line, by navigating along a constant 
direction. In middle latitudes, at least, this didn’t lengthen 
the journey unduly. If a loxodrome is continued indefi- 
nitely around a sphere it will produce a spherical spiral, or 
a logarithmic spiral on a polar projection. 


Loyd, Sam (1841-1911) 

A great American inventor of puzzles among whose best- 
known creations are the Hoop-Snake Puzzle, Get Off the 
Earth, the Pony Puzzle, and, most famous of all, the Fif- 
teen Puzzle. By age 17 he was already hailed as one of 
the world’s leading writers of chess problems and had 
also just invented his deceptively simple-looking trick 
mules puzzle. The object of this is to cut apart three 
pieces that show two mules and two jockeys and then 
reassemble the pieces so that the jockeys are riding the 
mules. Loyd sold the puzzle to the showman Phineas T. 
Barnum (of Barnum & Bailey Circus fame) for some 
$10,000. This was to become his forte: devising puzzles 
that looked so simple to solve that people felt compelled 
to try them, only to find, hours later, that they were still 
trying to figure them out. Loyd became a full-time pro- 
fessional puzzlemaker only in the 1890s. He corre- 
sponded with his English counterpart Henry Dudeney 
and worked alongside his son Sam Loyd Jr. After the 
death of his father, Sam Loyd Jr. continued publishing 
puzzles that were mainly compilations of his father’s 
work and in 1914 issued a now out-of-print and much 
sought-after mammoth collection of his father’s puz- 
zles called Cyclopedia of 5,000 Puzzles, Tricks, and Conun- 


drums, 1": 207, 208] 


lozenge 
A rhombus with a 60° angle. 


L-system 

A method of constructing a fractal that is also a model 
for plant growth. L-systems use an axiom as a starting 
string and iteratively apply a set of parallel string substi- 
tution rules to yield one long string that can be used as 
instructions for drawing the fractal. Many fractals, in- 
cluding Cantor dust, the Koch snowflake, and the 
Peano curve, can be expressed as an L-system. 


Lucas, (Francois) Edouard (Anatole) (1842-1891) 

A French mathematician well known for his study of the 
Fibonacci sequence and the related Lucas sequences 
named after him. He devised methods of testing for 
prime numbers—work that was later refined by D. H. 
Lehmer to yield the Lucas-Lehmer test for checking 
Mersenne numbers to see if they are prime. Lucas was 


also interested in recreational mathematics, the Tower of 
Hanoi being his best known puzzle game. He worked at 
the Paris Observatory and later became a professor of 
mathematics in Paris. 


Lucas sequences 

Generalizations of the Fibonacci sequence first investi- 
gated by Edouard Lucas. One kind can be defined as fol- 
lows: L(0) = 0, L(1) = 1, L(+ 2) = PL(w + 1) + OL(n), 
where the normal Fibonacci sequence is the special case 
of P= Q=1. Another kind of Lucas sequence begins with 
L(0) = 2, L(1) = P. Such sequences are used in number 
theory and in testing for prime numbers. 


lucky number 
A number in a sequence, first identified and named 
around 1955 by Stanislaw Ulam, that evades a particular 
type of number “sieve” (similar to the famous sieve of 
Eratosthenes), which works as follows. Start with a list of 
integers, including 1, and cross out every second num- 
ber: 2, 4, 6, 8,....The second surviving integer is 3. 
Cross out every third number not yet eliminated. This 
removes 5, 11, 17, 23,.... The third surviving number 
from the left is 7; cross out every seventh integer not yet 
eliminated: 19, 39,.... Repeat this process indefinitely 
and the numbers that survive are the “lucky” ones: 1, 3, 7, 
9, 13, 15, 21, 25, 31, 33, 37, 43, 49, 51, 63, 67.... 
Amazingly, though produced by a sieve based solely 
on a number’s position in an ordered list, the luckies 
have many properties in common with prime numbers. 
For example, there are 25 primes less than 100 and 23 
luckies less than 100. In fact, primes and luckies crop up 
about equally often between any two given integers. 
Also, the gaps between successive primes and the gaps 
between successive luckies widen at roughly the same rate 
as the numbers increase, and the number of twin primes 
(primes that differ by 2) is close to the number of twin 
luckies. The luckies even have their own equivalent of the 
famous (still unsolved) Goldbach conjecture, which 
states that every even number greater than 2 is the sum of 
two primes. In the case of luckies, it’s conjectured that 
every even number is the sum of two luckies; no excep- 
tion has yet been found. Another unresolved problem is 
whether there are an infinite number of lucky primes. See 
also Ulam spiral. 


Ludolph’s number 

Also known as Ludolphine, a name by which the number 
pi was known in Germany for many years following its 
evaluation to 35 digits by Ludolph von Ceulen (1540- 
1610). 
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Lyapunov fractal A computer-generated image using Lyapunov exponents. Radek Novak/Infojet 


lune cal model of population growth in which the degree of 
The portion of a sphere between two great semicircles the growth of the population can periodically alter be- 
(see great circle) having common endpoints (including tween two values a and b. 

the semicircles). 


Lyapunov fractal 
A particularly photogenic type of fractal that is popular 
with computer artists. It also represents a simple biologi- 





Maclaurin, Colin (1698-1746) 

A Scottish mathematician who developed and extended 
Isaac Newton’s work on calculus and gravitation, and 
did notable work on higher plane curves (see Maclaurin 
trisectrix). In his Treatise of Fluxions (1742), he gave the 
first systematic formulation of Newton’s methods and set 
out a method for expanding functions about the origin in 
terms of series now known as Maclaurin series. Maclaurin 
also invented several devices, made astronomical obser- 
vations, wrote on the structure of bees’ honeycombs, and 
improved maps of the Scottish isles. 


Maclaurin trisectrix 


A curve first studied by Colin Maclaurin in 1742 with a 
view to solving one of the great geometric problems of 


Maclaurin trisectrix Jan Wassenaar, www.2dcurves.com 
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antiquity: trisecting an angle. The Maclaurin trisectrix 
results from the Cartesian equation 


yy (atx) =x?(3a-~). 


It is an anallagmatic curve that intersects itself at the 
origin. 


MacMahon, Percy Alexander (1854-1929) 

A British mathematician, physicist, and naval officer, born 
into a military family, whose leanings were evident early 
on when as a young child he showed a fascination with the 
way artillery was stacked. MacMahon later did work on 
missile trajectories, taking resistance into account, and on 
symmetric functions in the field of combinatorics, build- 
ing on the results of James Sylvester and Arthur Cayley. 
His studies in symmetry led him to investigate partitions 
and to become a world authority on Latin squares. He 
wrote a two-volume treatise Combinatory Analysis (1915- 
1916), which became a classic, and a book on mathemati- 
cal recreations called New Mathematical Pastimes (1921).”"°! 
The latter shows another of the topics that intrigued 
MacMahon: the construction of patterns that can be 
repeated to fill the plane. However, much to his regret, as 
he wrote in the preface, “It has not been found possible to 
produce the book in colour.” See also MacMahon 
squares and thirty colored cubes puzzle. 


MacMahon squares 

The concept of color-matching tiles based on all the per- 
mutations of colors on their edges dates from 1926, when 
Percy MacMahon invented and introduced three-color 
squares and four-color triangles as mathematical pas- 
times. MacMahon divided squares and triangles into tri- 
angles to give each edge of a piece its own color, in all 
possible combinations. Each set contains 24 different 
tiles, and MacMahon discovered that they could form a 
single figure with all adjacent edges matching and just 
one color all around the outside border. The most exten- 
sive research into these sets, over three decades, was done 
by the American engineer Wade Philpott (1918-1985), of 
Lima, Ohio, who identified all the possible symmetrical 
shapes that MacMahon squares and triangles could solve 
with both matching edge colors and uniform border 
color, and who calculated all the numbers of solutions 
for the MacMahon squares’ 4 x 6 rectangle. See also 
thirty colored cubes puzzle. 
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Madachy, Joseph S. 
An American mathematician, founder of Recreational 
Mathematics Magazine, editor of the Journal of Recre- 
ational Mathematics for nearly 30 years (now editor emer- 
itus), the author of articles and books on the subject, and 
a well-known puzzlist. 


magic cube 

Similar to a magic square but having three dimensions 
instead of two. It contains the integers from 1 to 2° and 
has 3? + 4 lines that sum correctly. All rows, columns, 
pillars, and the four triagonals (three-dimensional diago- 
nals) must sum to the constant ‘n(n? + 1). A cross sec- 
tion through a magic cube is a magic square. 


magic square 

Annxun square of the distinct whole numbers 1, 2,..., 2”, 
such that the sum of the numbers along any row, column, 
or main diagonal is the same. This sum is known as the 





magic constant and is equal to 12 n(n + 1). There is only one 
3 x 3 magic square (not counting reflections and rota- 
tions), which was known to the Chinese as long ago as 650 
B.C. as lo-shu and is bound up with a variety of myths. 
Associations between magic squares and the supernatural 
are also evident in early Indian and Arabian mathematics. 
The 3 x 3 square can be written as: 


816 
357 
492 


Each row, column, and main diagonal sums to 15. If the 
rows are read as three-digit numbers, forward and back- 
ward, and then squared, we find the interesting relation 


816? + 357° + 492 = 618" + 753? + 294’. 


The reader may wish to see if the same rule holds for the 
columns and main diagonals. 


magic square A 4 x 4 magic square carved on the side of the Sagrada Familia cathedral in Barcelona. 
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magic square A replica of a cast iron 6 x 6 magic square 
(vertical, horizontal, and main diagonal lines add to 111) from 
the Chinese Yuan dynasty (1271-1368), used as a sacred 
object to ward off evil spirits. Sue & Brian Young/Mr. Puzzle Australia, 
www.mrpuzzle.com.au 


In the early sixteenth century Cornelius Agrippa con- 
structed squares for 7 = 3, 4, 5, 6, 7, 8, and 9, which he 
associated with the seven “planets” then known (includ- 
ing the Sun and the Moon). Albrecht Diirer’s famous 
engraving of Melancholia (1514) includes a picture of an 
order-4 (4 x 4) magic square. There are 880 distinct 
squares of order-4 and 275,305,224 squares of order-5, 
but the number of larger squares is unknown. A square 
that fails to be magic only because one or both of the 
main diagonal sums don’t equal the magic constant is 
called a semi-magic square. If all diagonals (including those 
obtained by wrapping around) of a magic square sum to 
the magic constant, the square is said to be a pandiagonal 
square (also known as a panmagic or diabolical square). Pan- 
diagonal squares exist for all orders except 6, 10, 14,..., 
2(2i + 1). There are 48 pandiagonal 4 x 4 squares. If 
replacing each number x; by its square »;? produces 
another magic square, the square is said to be a bimagic or 
doubly magic square. If a square is magic for n;, m7, and n;, 
it is known as a trebly magic square. 

A little trial and improvement is all it takes to con- 
struct the 3 x 3 magic square, but for building 4 x 4 
squares and larger, a systematic method, or algorithm, is 
important. Interestingly, different algorithms are needed 
depending on whether the square is of an even order or 
an odd order. Odd order squares are the easier variety to 
make and there are several standard techniques, includ- 


ing the Siamese (sometimes called de la Loubere’s or the 
Staircase), the Lozenge, and de Meziriac’s methods. Here 
is yet another approach, known as the Pyramid or ex- 
tended diagonals method: (1) Draw a pyramid of same 
size squares as the magic square’s squares, on each side of 
the magic square; the number of squares on the pyra- 
mid’s base should be two less than the number of squares 
on the side of the magic square. (2) Sequentially place 
the numbers 1 to 7’ of the 7 x m magic square in the diag- 
onals. (3) Relocate any number not in the x 2 square to 
the opposite hole inside the square. 

An antimagic square is an n Xn array of integers from 1 
to 2? in which each row, column, and main diagonal gives 
a different sum such that these sums form a sequence of 
consecutive integers. A 4 x 4 antimagic square is a square 
arrangement of the numbers 1 to 16 so that the totals of 
the four rows, four columns, and two main diagonals 
form a sequence of 10 consecutive integers, for example: 


1 12 3 12 
15 9 4 10 
7 2 16 8 
14 6 11 5 


The principle of magic squares can be extrapolated from 
two dimensions to any number of higher dimensions, 
including magic cubes and magic tesseracts, whose cross 
sections consist of magic cubes, and so forth." '*] See 
also Latin squares and magic tour. 


magic tour 

A tour by a chess piece on an ” x n chessboard, whose 
squares are numbered from 1 to n’ along the path of the 
piece, such that the resulting arrangement of numbers is 
a magic square. The tour is a semi-magic tour if the result- 
ing arrangement of numbers is a semi-magic square. 
Magic knight’s tours aren’t possible on 7 x 2 boards if 2 
is odd. They are possible for all boards of size 4k x 4k for 
k > 3, but are believed to be impossible for x = 8. 


main diagonal 
In the 2 xm matrix [a,], the elements a1, dy, . . . 5 din Se 
also diagonal. 


major axis 
The longest chord of an ellipse. 


Malfatti circles 

In 1803 the Italian mathematician Giovanni Malfatti 
(1731-1807) posed the following problem: Given a trian- 
gle, find three nonoverlapping circles inside it such that 
the sum of their areas is maximal. Malfatti and many 
other mathematicians thought that the solution is given 
by the three circles, each of which is tangent to the other 
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two and also to two sides of the triangle. Malfatti com- 
puted the radii of these circles, and they are now known 
as Malfatti’s circles. Later it became clear that Malfatti’s 
conjecture isn’t true. In particular, Goldberg proved, in 
1969, that the Malfatti circles never give a solution of the 
Malfatti problem! In other words, for any triangle there 
are three nonintersecting circles inside it, whose areas are 
bigger than the area of the Malfatti circles. So far as is 
known, the Malfatti problem hasn’t been solved yet in 
the general case although it seems reasonable to suppose 
that the solution is given by what is called the greedy algo- 
rithm: First inscribe a circle in the given triangle; then 
inscribe a circle in the smallest angle of the triangle that 
is tangent to the first circle. The third circle is inscribed 
either in the same angle or in the middle angle of the tri- 
angle, depending on which of them has the bigger area. 


Mancala 

What is today almost universally called Mancala is, cor- 
rectly speaking, the game of Wari. Mancala refers to a 
type of counting game of which Wari is a specific exam- 
ple, dating back to ancient times, known in Egypt and 
throughout Africa and Asia, and probably brought to 
Europe by sailors returning from those lands. Wari is 
played with a board and 48 markers or playing pieces, 
which are usually small colored stones or shells. The 
board consists of a piece of wood with two rows of six 
hollowed-out circular spaces, called cups, on each side, 
and one larger oval space at each end called a reservoir. 
The game is set up by placing four markers in each of the 
twelve cups. The first player picks up the markers in one 
of the cups on his side, then distributes the markers by 
placing one (and only one) in the other cups, going 
counterclockwise around the board. Markers are not 
placed in the reservoirs, which are for holding captured 
pieces only. Should there be enough markers that a com- 
plete circle of the board is made, the cup just emptied is 
skipped over. If the last marker put down goes into a cup 
on the opponent’s side, and ends there with a total of two 
or three markers in that cup, then the markers in that cup 
are captured, and go into the reservoir at the player’s 
right. Also, if the next cup clockwise from the captured 
cup has only two or three markers in it, that cup is like- 
wise captured and the markers taken. This continues so 
long as the cup is clockwise to the last captured cup, has 
only two or three markers in it, and is an opponent’s cup. 
However, a player can’t capture all of an opponent’s 
remaining pieces in a move, leaving him nothing to play. 
In capturing cups, if there’s only one opponent cup left 
with markers in it, it can’t be captured. Also, you cannot 
leave your opponent with all empty cups if you have a 
move that would put some pieces in one or more of his 


cups. When one side of the board is empty, play is ended. 
This happens when a player has to move his last markers 
onto his opponent’s side. At the end of play each player 
takes any markers left on his side of the board and adds 
them to his reservoir. The winner is the person with the 
most markers in his reservoir. 


Mandelbrot, Benoit B. (1924-) 

A Polish-born French mathematician, largely responsible 
for the present interest in fractal geometry. A native of 
Warsaw, he spent most of his early life in France. Man- 
delbrot was born into a family with a strong academic tra- 
dition: his mother was a doctor and his uncle Szolem 
Mandelbrot was a famous Parisian mathematician. His 
family left Poland for Paris in the 1930s to escape Hitler’s 
regime. There, Mandelbrot was introduced to mathemat- 
ics by his two uncles. Educated in France, he developed 
the mathematics of Gaston Julia, and began the (now 
common) graphing of equations on a computer. Mandel- 
brot originated what became known as fractal geometry 
and the object known as the Mandelbrot set is named 
after him. His work on fractals as a mathematician at 
IBM earned him an emeritus fellowship at the Thomas J. 
Watson Research Laboratories. In addition to his study of 
fractals in mathematics, he showed that fractals can be 
found in many places in nature, leading to entire new 
fields of exploration in chaos theory. He joined the fac- 
ulty of Yale in 1987. 


Mandelbrot set 

The best known fractal and one of the most complex and 
beautiful mathematical objects known. It was discovered 
by Benoit Mandelbrot in 1980 and named after him by 
Adrien Douady and J. Hubbard in 1982. The set is pro- 
duced by the incredibly simple iteration formula 


52 
Zn+1 = Zy TG 


where z and c are complex numbers and z = 0. This can 
be written without complex numbers as 


Xue =X, — J, + a, and 
Invi = 2xyy, +, 


where z= (x,y) and c= (a, J). The Mandelbrot set consists 
of all the points on the Argand diagram for which the 
function z’ + ¢ doesn’t diverge under iteration. A com- 
puter is essential for carrying out the necessary calcula- 
tions and for producing pictures of this remarkable 
structure. For the purposes of computation, the Argand 
diagram is broken down into pixels (picture elements), 
and the coordinates of each supply the constant ¢ in z? + 
c. For each pixel (value of c) the function is iterated. If the 
function either rapidly diverges (blows up) or rapidly 
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Mandelbrot set A general view of the Mandelbrot set. 


converges (collapses), the pixel is left black. If the func- 
tion is more indecisive about which way it is heading, it 
is allowed to iterate longer. In some cases the iterations 
could go on for a very long time before it became clear 
that the function would ultimately diverge, so a limit is 
established, known as the depth, beyond which iterations 
are stopped. If the depth is reached without divergence, 
the corresponding pixel is left black as though it were in 





Mandelbrot set A zoom view of the Mandelbrot set reveals 
some of the infinite variety of remarkable patterns that inhabit it. 


the set. At locations where divergence becomes clear 
prior to hitting the limit, the pixel is displayed according 
to a scale that represents how many iterations are needed 
to show divergence. The whole Mandelbrot set lies 
within a circle of radius 2.5 centered at the origin of the 
Argand diagram. Although finite in area, the set has a 
boundary that is infinitely long and has a Hausdorff 
dimension of 2. 

The overall appearance of the Mandelbrot set is that of 
a series of disks. These disks have irregular borders and 
decrease in size heading out along the negative real axis; 
moreover, the ratio of the diameter of one disk to the next 
approaches a constant. More complex shapes branch out 
from the disks. One region of the Mandelbrot set con- 
taining spiral shapes is known as Seahorse Valley because it 
resembles a seahorse’s tail. A computer can be used, like a 
microscope, to zoom in on different parts of the set. This 
reveals that, although the shape is infinitely complex, it 
also displays self-similarity with regions that look like the 
outline of the entire set. The Mandelbrot set also reveals 
symmetry on different levels. It is identically symmetrical 
about the real axis, and almost symmetrical at smaller 
scales. This kind of “near-but-not-quite” symmetry is one 
of the most unexpected properties to find in an object 
generated from such a simple formula and process. The 
Mandelbrot set was created by Mandelbrot as an index to 
the Julia sets. Each point in the Argand diagram corre- 
sponds to a different Julia set, and those points within the 
Mandelbrot set correspond precisely to the connected 
Julia sets. 


manifold 

A mathematical object that, in geometrical terms, is nearly 
“flat” on a small scale (though on a larger scale it may 
bend and twist into exotic and intricate forms). More pre- 
cisely, a manifold is a topological space that looks locally 
like ordinary Euclidean space. Every manifold has a 
dimension, which is the number of coordinates needed to 
specify it in the local coordinate system. A circle, al- 
though curved through two dimensions, is an example of 
a one-dimensional manifold, or one-manifold. A close-up 
view reveals that any small segment of the circle is 
practically indistinguishable from a straight line. Simi- 
larly, a sphere’s two-dimensional surface, even though it 
curves through three dimensions, is an example of a two- 
manifold. Seen locally, the surface, like that of a small 
portion of Earth, appears flat. A manifold that is smooth 
enough to have locally well-defined directions is said 
to be differentiable. If it has enough structure to enable 
lengths and angles to be measured, then it is called a Rie- 
mannian manifold. Differentiable manifolds are used in 
mathematics to describe geometrical objects, and are also 
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the most natural and general settings in which to study 
differentiability. In physics, differentiable manifolds serve 
as the phase space in classical mechanics, while four- 
dimensional pseudo-Riemannian manifolds are used to 
model space-time in general relativity. 


mantissa 

The positive fractional part of the representation of a log- 
arithm. For example, in the expression log 3,300 = 
3.5185 ..., 0.5185 is the mantissa. 


many worlds hypothesis 


Do you not think it a matter worthy of lamentation 

that when there is such a vast multitude of them 

[worlds], we have not yet conquered one? 
—Alexander the Great 


An interpretation of quantum mechanics, first proposed 
by the American physicist Hugh Everett HI in 1957, 
according to which, whenever numerous viable possibili- 
ties exist, the world splits into many worlds, one world for 
each different possibility (in this context, the term worlds 
refers to what most people call “universes”). In each of 
these worlds, everything starts out identical, except for the 
one initial difference; but from this point on, they develop 
independently. No communication is possible between 
the separate universes, so the people living in them (and 
splitting along with them) would have no idea what was 
really going on. Thus, according to this view, the world 
branches endlessly. What is “the present” to us, lies in the 
pasts of an uncountably huge number of different futures. 
Everything that can happen does happen, somewhere. 
Until the many worlds interpretation, the generally ac- 
cepted interpretation of quantum mechanics was (and per- 
haps still is) the Copenbagen interpretation. The Copenhagen 
interpretation makes a distinction between the observer 
and the observed; when no one is watching, a system 
evolves deterministically according to a wave equation, 
but when someone zs watching, the wave function of the 
system “collapses” to the observed state, which is why the 
act of observing changes the system. The Copenhagen 
interpretation gives the observer special status, not ac- 
corded to any other object in quantum theory, and cannot 
explain the observer itself, while the many worlds hypoth- 
esis models the entire observer-observee system. 


map 
(1) A synonym for function, in which context it is also 
known as a mapping. More generally, the correspondence of 
elements in one set to elements in the same set or another 
set. (2) A representation, usually on a plane surface, of geo- 
graphical regions. See four-color map problem. 


Markov chain 

A sequence of random variables in which the future vari- 
able is determined by the present variable but is indepen- 
dent of the way in which the present state arose from its 
predecessors. In other words, a Markov chain describes 
a chance process in which the future state can be pre- 
dicted from its present state as accurately as if its entire 
earlier history was known. Markov chains are named after 
the Russian mathematician Andrei Andrevich Markov 
(1856-1922) who first studied them in a literary context, 
applying the idea to an analysis of vowels and consonants 
in a text by Pushkin. But his work launched the theory of 
stochastic processes and has since been applied in quan- 
tum theory, particle physics, and genetics. 


Martingale system 

A simple, popular, and ultimately disastrous gambling 
system that, on the face of it, seems like a dream come 
true. In the short run the player has a good chance of 
making a few dollars using this method. But, in the long 
run, two things conspire to defeat him—the table betting 
limits and the player’s available funds. The Martingale 
system calls for an initial bet of, say, $2. If the player 
loses, he doubles his bet to $4. Another loss puts the net 
loss at $6 and requires a doubling of the bet to $8 to 
recoup the losses and show a profit. Assume the player 
loses five hands in a row. The sixth bet requires $64. Let’s 
say this wins—the gambler has now won $128 but has lost 
$124—a net win of $4. Of course, any win, however small, 
if repeated over and over, could produce a fortune. The 
trouble is that many losing streaks run longer than 6 or 8 
or 10 in a row. The Martingale quickly runs into the table 
limits. For example, if the player is at a $2 blackjack table 
with a $500 upper limit, he has to retire after 9 losses in a 
row and is down over $1,000. It would take another 500 
winning hands to make up this loss! Basically, one losing 
streak will put the Martingale gambler in a hole he is 
unlikely ever to climb back out of. 


Mascheroni construction 

A construction done using a moveable compass alone, 
named after the Italian geometer Lorenzo Mascheroni 
(1750-1800), who, in his Geometria del compasso (1797), 
astonished the mathematical world by showing how every 
compass-and-straightedge construction can be done in this 
minimalist way. (Since straight lines can’t be drawn with 
just a compass, it’s assumed that two points, obtained by 
arc intersections, define a straight line.) It is now known 
that Georg Mohr (1640-1697) proved the same results ear- 
lier in his obscure Euclides danicus (1672). Mascheroni, or 
Mohr-Mascheroni, constructions are today primarily of 
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interest to puzzle enthusiasts who try to improve on the 
older solutions by finding ones with fewer steps. 


matchstick puzzle 

A form of mechanical puzzle that involves rearranging a 
pattern of ordinary matches, according to a given instruc- 
tion, to make a new shape or solve some other mathe- 
matical problem. 


mathematical lifespan 

“The mathematical life of a mathematician is short. Work 
rarely improves after the age of twenty-five or thirty. If lit- 
tle has been accomplished by then, little will ever be 
accomplished.” Thus wrote Alfred Adler in an article 
titled “Mathematics and Creativity” in the New Yorker 
magazine (1972), echoing a common belief that mathe- 
maticians tend to do their best work before the age of 30, 
physicists before the age of 40, and biologists before the 
age of 50 (though there are exceptions!). The mathemati- 
cal physicist Freeman Dyson put it more succinctly: 
“Young men should prove theorems, old men should 
write books.” On the other hand, there are compensa- 
tions for early burnout, as G. H. Hardy pointed out (in 
A Mathematician’s Apology): “Archimedes will be remem- 
bered when Aeschylus is forgotten, because languages die 
and mathematical ideas do not. ‘Immortality’ may be a 
silly word, but probably a mathematician has the best 
chance of whatever it may mean.” 


mathematics 


Pure mathematics consists entirely of assertions to 
the effect that if such and such a proposition is true 
of anything, then such and such another proposition 
is true of that thing. It is essential not to discuss 
whether the first proposition is really true, and not to 
mention what the anything is of which it is supposed 
to be true... . Thus mathematics may be defined as 
the subject in which we never know what we are 
talking about, nor whether what we are saying is 
true. 

—Bertrand Russell 


The science of patterns, real or imagined; mathematics 
comes from the Greek mathema for “knowledge” or “that 
which is learned.” Its roots lie in the practical need to 
carry out commercial calculations, to measure land, and 
to forecast astronomical events. These activities corre- 
spond roughly to the mathematics of structure, space, 
and change. The investigation of structure begins with 
numbers—initially the natural numbers and integers. 
The rules governing arithmetical operations are dealt 
with in elementary algebra, while the deeper properties 


of whole numbers are the province of number theory. 
The study of methods to solve equations leads to 
abstract algebra, which deals with structures that gener- 
alize the properties of familiar numbers. The physically 
important concept of vector, generalized to vector 
spaces and studied in linear algebra, embraces both 
structure and space. The mathematics of space stems 
from geometry, first the Euclidean geometry and 
trigonometry of the everyday world, and later the vari- 
ous forms of non-Euclidean geometry. The modern 
fields of differential geometry and algebraic geometry 
generalize geometry in different ways. Differential geom- 
etry builds upon the concepts of coordinate system, 
smoothness, and direction, while algebraic geometry 
treats geometrical objects as sets of solutions to polyno- 
mial equations. Group theory places the concept of sym- 
metry on an abstract footing and provides a bridge 
between space and structure. Topology links space and 
change through its emphasis on continuity. Analyzing 
and describing change in the physical world is a perennial 
theme of the natural sciences, and calculus was devel- 
oped as a tool for doing this. The central concept used to 
describe a changing variable is that of a function. Many 
problems lead to relations between a quantity and its rate 
of change, and the methods to solve these are studied in 
the field of differential equations. The numbers used to 
represent continuous quantities are real numbers, and 
the study of their properties and the properties of real- 
valued functions is known as real analysis. For various 
reasons, it’s convenient to generalize to complex num- 
bers, which are dealt with in complex analysis. Func- 
tional analysis focuses attention on (typically infinite- 
dimensional) spaces of functions, laying the groundwork 
for quantum mechanics among many other things. In 
order to probe the foundations of mathematics, the fields 
of set theory, mathematical logic, and model theory were 
developed. 

Since the time of the ancient Greeks, thought has been 
given to the ultimate nature of mathematics. What is its 
role and status in reality? Most crucially, is it invented or 
discovered? Leopold Kronecker was on the side of inven- 
tion: “God made the integers; all the rest is the work of 
Man.” Charles Hermite, by contrast, was clearly a Platon- 
ist: “There exists . .. an entire world, which is the totality 
of mathematical truths, to which we have access only with 
our mind, just as a world of physical reality exists, the one 
like the other independent of ourselves, both of divine 
creation.” The German physicist Heinrich Hertz went 
even further: “One cannot escape the feeling that these 
mathematical formulas have an independent existence 
and an intelligence of their own, that they are wiser than 
we are, wiser even than their discoverers, that we get more 
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out of them than was originally put into them.” G. H. 
Hardy summed up what many mathematicians today 
have a tendency to believe:'*" “that mathematical reality 
lies outside us, that our function is to discover or observe 
it, and that the theorems which we prove, and which we 
describe grandiloquently as our ‘creations,’ are simply the 
notes of our observations.” In another passage, he made 
this point more precisely: “317 is a prime, not because we 
think so, or because our minds are shaped in one way 
rather than another, but because it is so, because mathe- 
matical reality is built that way.” We are struck by how 
well mathematics describes the behavior of the world in 
which we live. The universe, in fact, appears to have a 
deep mathematical infrastructure. Martin Gardner makes 
the bold claim that: “Mathematics is not only real, but it 
is the only reality. [The] ... entire universe is made of 
matter. ... And matter is made of particles. .. . Now what 
are the particles made out of? They’re not made out of 
anything. The only thing you can say about the reality of 
an electron is to cite its mathematical properties. So 
there’s a sense in which matter has completely dissolved 
and what is left is just a mathematical structure.” 


matrix 
A square or rectangular array of numbers, usually written 
enclosed in a large pair of parentheses. Matrices, which 
are added and multiplied using a special set of rules, are 
extremely useful for representing quantities, particularly 
in some branches of physics. A matrix can be thought of 
as a linear operator on vectors. Matrix-vector multiplica- 
tion can be used to carry out geometric transformations 
such as scaling, rotation, reflection, and translation. 
Matrix comes from the same Latin root that gives us 
mother, and was used to refer to the womb and to pregnant 
animals. It became generalized to mean any situation or 
substance that contributes to the origin of something. The 
first mathematical use of the word matrix was around 1850 
by James Sylvester who saw a matrix as a way of obtaining 
determinants, but didn’t fully appreciate its potential. 
Within a year of his first mention of the term, he intro- 
duced the idea to Arthur Cayley who was the first to pub- 
lish the inverse of a matrix and to treat matrices as purely 
abstract mathematical forms. The use of mathematical 
arrays to solve problems predates the application of the 
name by about 2,000 years. Around 200 B.c. in the Chi- 
nese text Juizhang Suanshu (Nine Chapters on the Mathe- 
matical Arts) the author solves a system of three equations 
in three unknowns by placing the coefficients on a count- 
ing board and solving by a process that today would be 
called Gaussian elimination. 


maximum 
The largest of a set of values. 





maze 
A network of winding and interconnected passageways 
that a traveler must negotiate in order to reach some goal. 
The terms maze and labyrinth are often used interchange- 
ably, though sometimes a distinction is made based on 
the layout. A labyrinth is then defined as a construction 
that leads from a starting point to a goal by a single path, 
with no branches or dead ends. No matter how long and 
twisting the route, it is predetermined by the builder: a 
labyrinth, according to this definition, is umicursal. A 
maze, by contrast, is multicursal and calls for the traveler 
to make a series of decisions that affect how quickly the 
goal is reached. In this book, maze and labyrinth mean the 
same thing, and refer to unicursal and multicursal mazes. 
The most famous of legendary mazes was the lair (or 
prison) of the Minotaur at Knossos on Crete. According 
to Greek mythology, King Minos of Crete had his chief 
engineer, Daedalus, build the labyrinth in order to keep 
the half-human half-bovine offspring of his wife Pasiphae 
and a bull out of the public eye. King Aegeus of Athens 
was forced to pay a periodic tribute to Minos (the Athe- 
nians having earlier murdered Minos’s son) in the form 
of seven young men and seven maidens. These unfortu- 
nates were forced to enter the maze below Minos’s palace 
where they would get hopelessly lost and eventually be 
eaten by the monster. King Aegeus’ son, Theseus, 
decided to put a stop to this and offered to take the place 


ee 
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maze Possibly the world’s oldest surviving labyrinth: a seven- 
ring labyrinth rock carving inside the Tomba del Labirinto, a 
Neolithic tomb at Luzzanas, Sardinia, dating somewhere 
between 2500 and 2000 B.c. National University of Singapore 
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maze _ A plan of the maze in Chartres Cathedral as drawn by 
Henry Dudeney. 


of one of the sacrificial virgins. He fell in love with Ari- 
adne, one of Minos’s daughters, who gave him a clew, or 
ball of yarn, to unravel as he entered the labyrinth so that 
he would be able to find his way back out. (Originally, 
clue and clew were alternative spellings of the same word. 
The modern sense of clue as a guide to solving a problem 
comes from the legend of the Minotaur, while clew 
retains its ancient meaning.) In true heroic style, Theseus 
slew the Minotaur but then spoiled the fairytale ending 
by abandoning Ariadne on the voyage home. Did this 
labyrinth really exist? In Roman times some writers sug- 
gested that a set of winding caves at Gortyan, in southern 
Crete, might have formed the basis for the tale. Although 
this complex of natural passages sounds similar to the 
maze in the myth, the story definitely places the 
labyrinth at the ancient Cretan capital. Archaeologists 
have found no evidence of a labyrinth structure at Knos- 
sos, but it has been suggested that the palace was so com- 
plicated, with its many levels, stairs, and rooms, that it 
may itself have inspired the story. 

Minoan coins from about 300 B.c. bear a round, wind- 
ing design, thought to be a representation of the lab- 
yrinth. A very similar geometric pattern recurs across 
many different cultures and times—scratched into caves 
in Cornwall (possibly by visiting Phoenician seafarers), 
on Roman coins, and in pictures drawn by native Ameri- 
can Indians. Almost all these designs, including the one 
on the Minoan coins, are unicursal. Quite why Theseus 
would have needed a clew to navigate a maze that had 


only one way in and out is anybody’s guess. But the 
underlying reason for the early unicursal design isn’t hard 
to find. These mazes were intended not as intellectual 
puzzles but as symbolic representations of destiny as a 
matter of fate, beyond personal control. The world’s old- 
est known maze-like designs, dating back about 3,500 
years, have been found carved on rocks in northwest 
Spain and around the shores of the Mediterranean, and 
according to legend, were walked by fishermen before 
setting sail to ensure favorable winds and a good catch. In 
medieval times, mazes started to appear in churches, as 
art painted on walls or inlaid as “pavement mazes” on the 
floor. Some of the larger floor versions were traversed by 
people on their knees as a form of repentance or tra- 
versed as a substitute for an actual pilgrimage to the holy 
city, earning them the name “Chemin de Jerusalem,” or 
Road of Jerusalem. The oldest-known church labyrinth, 
at the Basilica of Reparatus at Orleansville, Algeria, dates 
from the fourth century A.D. and measures about 8 feet in 
diameter. One of the largest, built in 1288, formed part of 
the floor in the nave of Amiens Cathedral in France and 
spanned about 42 feet, but was destroyed in 1825. A 
splendid surviving example, however, is in Chartres 
Cathedral near Paris. Laid down in about 1200, this is an 
11-circuit design (11 concentric windings) divided into 
quadrants, of the type often found in Gothic cathedrals. 
The only cathedral maze in Britain is at Ely, 16 miles 
north of Cambridge; when the Cathedral was restored 
around 1870, the architect, Gilbert Scott, installed a pave- 
ment maze of his own design under the west tower. 

Mazes built primarily as puzzles or for recreation repre- 
sent a different type of structure. For one thing, they are 
multicursal, offering those who enter a series of choices 
about which way to proceed. In his Natural History, the 
Roman historian Pliny comments that the classical type of 
labyrinth is quite distinct from “the mazes formed in the 
fields for the entertainment of children,” suggesting that 
these diversions may have a long history. But it was in Eng- 
land that they really came of age. Church mazes never 
caught on in England, but turf mazes became tremen- 
dously popular. Ranging from 25 feet to over 80 feet 
across, they were constructed in or just outside villages 
across the countryside and were given names such as “Miz- 
maze,” “Troy Town,” “Shepherd’s Race,” and “Julian’s 
Bower.” A Welsh history book Drych y Prif Oesoedd (Mirror 
of the first age) published in 1740 notes the curious cus- 
tom shepherds had of cutting the turf in the form of a 
labyrinth, which would seem to account for the origin of 
“Shepherd’s Race.” “Troy Town” probably refers to a leg- 
end that the city of Troy had seven exterior walls arranged 
as a maze to frustrate an attacking force. 

From the turf maze it was no great leap to perhaps the 
most famous form of full-size maze—the topiary or hedge 
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maze. While the use of hedges in gardens dates back to 
Roman times, the earliest references to a topiary maze 
appears in thirteenth-century Belgium. By the sixteenth 
century the hedge maze had spread to England, as a land- 
scape painting by Tintoretto attests. In the later part of 
the seventeenth century, Louis XIV had a labyrinth built 
as a part of the gardens at Versailles, which included 39 
groups of hydraulic statuary representing the fables of 
Aesop. The most famous surviving historic hedge maze 
is that on the grounds of Hampton Court Palace in 
England, designed by George London and Henry Wise 
for William of Orange, planted between 1689 and 1694, 
and occupying about a third of an acre. The finest turf 
maze in England may be that at Bridge End Gardens in 
Saffron Walden, Essex, which was replanted with yew in 
1838-1840, abandoned and lost by 1949, then restored 
in 1983. A second maze, an imitation of that at Hampton 
Court, is on the Common. 

In August 1997, Adrian Fisher opened the “World’s 
Largest Maze” at Millets Farm Centre, Frilford, Oxford- 
shire, England, cut from about six acres of grain. How- 
ever, his 1995 effort in Shippensburg, Pennsylvania, was 


in a 30-acre field and the 1997 maze in Reignac sur Indre 
covers 37 acres." 

When faced with a maze, what is the best way of 
reaching the goal, whether this is a point in the middle 
of the maze or an exit that forms a second opening to 
the structure? A unicursal maze calls for no brainwork, 
only footwork, since it consists of a single winding pas- 
sage with no offshoots. Multicursal mazes are a differ- 
ent story. The easiest solution is to place a hand on one 
wall at the outset and follow that wall, come what may. 
Each blind alley will be traversed one time in and out 
until the whole maze is completed, or the goal is found. 
This simple method isn’t the most efficient and it will 
fail altogether if the goal lies within an island in the 
maze—that is, a section detached from any of the exte- 
rior walls. A classic general method of “threading a 
maze” is: (1) never traverse a path more than twice; (2) 
when arriving at a new branch point or node, select 
either path; (3) when arriving at an old node or at a 
dead end by a new path, return by the same path; and 
(4) when arriving at an old node by an old path, select 
a new path, if possible; otherwise, an old path. An 





maze A handheld maze, the object of 
which is to get the silver ball from the 
starting rectangle on the left to the fin- 
ishing rectangle on the right. Crafted 
from Tasmanian blackheart sassafrass 
by Kym Anderson. Mr. Puzzle Australia, 
www.mrpuzzle.com.au 
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explorer who follows these rules, using marks on the 
ground, as a record, can be assured of visiting every part 
of the maze. #8 21% 240.2941 


See also Rosamund’s bower. 


When she told me I was average, she was just being 
mean. 
—Anonymous 


A precisely calculated “typical” value of a group of num- 
bers. There are several kinds of means. The arithmetic 
mean, which is usually what is meant when people talk 
about an average, is the sum of a set of values divided 
by the number of values. For example, the arithmetic 
mean of 3, 4, 7, and 10 is (3 +4 +7 + 10)/4 =6. The geo- 
metric mean of n values is the nth root of the product of the 
values. For example, the geometric mean of 3, 8, and 10 is 
(3 x 8 x 10)!” or the cube root of 240. The harmonic mean 
is the reciprocal of, or one over, the mean of the recipro- 
cals of the values. For example, the harmonic mean of 3, 
8, and 10 is 1/[(% + %& + to)/3]. A different kind of aver- 
age is median, which is generally the center term when a 
group of numbers are ordered by size. If there are an even 
number of values then the arithmetic mean of the center 
two is the median. The words mean and median both come 
from the Indo-European root medhyo meaning “middle.” 


measure 

A way of gauging how big something is in terms of length, 
volume, or some other quality. One of the strangest facts 
in mathematics is that some objects exist that can’t be 
measured. In the language of sets, the basic rules (some- 
what simplified) of mathematical measures are as follows: 
(1) the measure of any set is a real number; (2) the empty 
set has measure zero; (3) if 4 and B are two sets with no 
elements in common then the measure of A U B (the 
union of A and B) is equal to the measure of A plus the 
measure of B. The second of these rules can be very use- 
ful, for example, when integrating a function, since it 
allows us to ignore any points where the function jumps 
around, provided that such points are isolated. A slightly 
jittery function is one thing; a nonmeasurable set is a very 
different animal. Imagine a three-dimensional shape so 
fantastically intricate, so jagged and crinkled, that it is 
impossible to measure its volume and this gives some idea 
of the concept of nonmeasurability. From it flow such 
bizarre conclusions as the Banach-Tarski paradox. 


measure theory 
The part of mathematics that investigates the conditions 
under which integration can be carried out. It focuses 


mainly on the various ways in which the size, or mea- 
sure, of a set can be estimated. 


measuring and weighing puzzles 

Problems that involve measuring a given quantity of liquid 
by pouring from one vessel into others of known capacity 
go back to medieval times. One of the earliest to appear in 
print was given by Niccold Tartaglia and asks for 24 
ounces of balsam to be divided into three equal portions 
using vessels that hold 5, 11, and 13 ounces, respectively. 
A similar problem was posed by a fellow traveler to the 
young Siméon Poisson while on a journey. Poisson’s fam- 
ily had tried to steer him into careers ranging from a sur- 
geon to a lawyer, the last on the theory that he was fit for 
nothing better. He seemed inept at everything he did. 
However, he saw the solution to the measuring problem 
immediately and realized his true calling. Thereafter, he 
threw himself into mathematics and became one of the 
greatest mathematicians of the nineteenth century. 

The classic weighing problem was proposed by 
Claude-Gaspar Bachet and entails finding the least num- 
ber of weights needed to weigh any integral number of 
pounds from 1 to 40 pounds inclusive, when no weights 
are allowed in either of the two pans. The answer is 1, 3, 
9, and 27 pounds. Tartaglia had previously stated the 
same puzzle with the condition that the weights may 
only be placed in one pan, in which case the solution is 
1, 2, 4, 8, 16, and 32 pounds. 


PUZZLE 
The following is a measuring problem from Henry 
Dudeney's Canterbury Puzzles, which Dudeney 
claimed was the most popular of the whole collection 
and which the reader may like to try: 
Here be a cask of fine London ale, and in my hands 
do | hold two measures—one of five pints, and the 
other of three pints. Pray show how it is possible for 
me to put a true pint into each of the measures. 
Solutions begin on page 369. 


mechanical puzzle 

A puzzle, involving several objects or a single object 
composed of one or more movable parts, whose solu- 
tion requires moving from an initial state to a predefined 
final state. Mechanical puzzles were first classified by 
Louis Hoffmann in Puzzles Old and New''"! (1893). A 
modified form of his scheme is shown in the table “Me- 
chanical Puzzles” on the following page. 


medial triangle 
The triangle whose vertices are the midpoints of the sides 
of a given triangle (see vertex). 
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Mechanical Puzzles 





























Type Subtype Examples 
Assembly 2-dimensional assembly Tangrams, T-puzzle, jigsaw 
3-dimensional assembly (noninterlocking) Soma cube 
Matchstick puzzles 
Miscellaneous Puzzle rings 
Disassembly Trick or secret opening Puzzle jug 
Miscellaneous Trick locks, keys, etc. 
Interlocking solid Burr puzzle 
3-dimensional jigsaws 
Miscellaneous Cubes, other objects 
Disentanglement and entanglement Wire puzzles Chinese rings 
String puzzles Cat's cradle 
Miscellaneous 
Sequential movement Peg solitaire (peg removal) 
Other counter (peg rearrangement) 
Sliding-piece puzzles Fifteen Puzzle 
Miscellaneous Tower of Hanoi 
Puzzle vessels Puzzle jug 
Miscellaneous Bottom-fill teapots, pitchers 
Vanishment puzzle Get Off the Earth 
Folding Origami 
Flexagon 
Impossible figure Penrose stairway 
Penrose triangle 
Impossible trident 
median 





1. The line from a vertex of a triangle to the midpoint of 
the opposite side. 2. See mean. 





Menaechmus (c. 380-c. 320 B.c.) 

A Greek mathematician, thought to have been a pupil of 
Eudoxus, who is famed for his discovery of the conic 
sections and for being the first to show that ellipses, 
parabolas, and hyperbolas are formed by cutting a cone 
in a plane that is not parallel to the base. Menaechmus 
made his discoveries on conic sections while attempting, 
unsuccessfully, to solve the problem of duplicating the 
cube. It has also been suggested that he served as a tutor 
to Alexander the Great. 


MMM eh EN 
- - -m- e- m e e 


Menger sponge 
A famous fractal solid that is the three-dimensional Menger sponge 
equivalent of the Sierpinski carpet (which, in turn, is the 
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two-dimensional equivalent of Cantor dust). To make a 
Menger sponge, take a cube, divide it into 27 (=3 x 3 x 3) 
smaller cubes of the same size and remove the cube in the 
center and the six cubes that share faces with it. What’s 
left are the eight small corner cubes and twelve small edge 
cubes holding them together. Now, imagine repeating this 
process on each of the remaining 20 cubes. Repeat it 
again. And again...ad infinitum. The Menger sponge 
was invented in 1926 by the Austrian mathematician Karl 
Menger (1902-1985). 


Mersenne, Marin (1588-1648) 

A French monk, philosopher, and mathematician best 
remembered for his work to find a formula to generate 
prime numbers based on what are now known as 
Mersenne numbers. However, in addition to being a 
mathematician, he wrote about music theory and other 
subjects; edited works of Euclid, Archimedes, and other 
Greek mathematicians; but most importantly, corre- 
sponded extensively with mathematicians and other sci- 
entists in many countries. At a time before scientific 
journals existed, Mersenne was at the heart of a network 
for information exchange. 


Mersenne number 

A number of the form 2” — 1 (one less than a power of 
2), where 7 is a positive integer. Mersenne numbers are 
named after Marin Mersenne who wrote about them 
in his Cogita Physico-Mathematica (Physical Mathemat- 
ics Knowledge 1644) and wrongly conjectured that 
they were prime for = 2, 3, 5, 7, 13, 17, 19, 31, 67, and 
257, and composite for ” < 257. See also Mersenne 
prime. 


Mersenne prime 

A prime number of the form 2’ — 1, where p is prime. A 
prime exponent is necessary for a Mersenne number to 
be prime but is not sufficient; for example, 2" — 1 = 2,047 
= 23 x 89. In fact, after an early clustering of Mersenne 
primes for fairly small values of p, further occurrences 
become increasingly rare. At the time of writing there 
are 40 known Mersenne primes, corresponding to values 
for p of 2; 3; 5; 7; 13; 17; 19; 31; 61; 89; 107; 127; 521; 
607; 1,279; 2,203; 2,281; 3,217; 4,253; 4,423; 9,689; 
9,941; 11,213; 19,937; 21,701; 23,209; 44,497; 86,243; 
110,503; 132,049; 216,091; 756,839; 859,433; 1,257,787; 
1,398,269; 2,976,221; 3,021,377; 6,972,593; 13,466,917; 
and 20,996,011. However, it isn’t known if the current 
largest Mersenne prime is the fortieth in order of size 
because not all lower exponents have been checked. 
Mersenne primes rank among the largest of all known 


primes because they have a particularly simple test for pri- 
mality, called the Lucas-Lehmer test. 

The search for Mersenne primes has been going on for 
centuries. They are named after Marin Mersenne who, in 
1644, helped the search gain wide recognition by writing 
to many mathematicians of his conjecture about which 
small exponents yield primes. Around the time that 
Mersenne’s conjecture was finally settled, in 1947, digital 
computers gave a new impetus to the hunt for Mersenne 
primes. As time went on, larger and larger computers 
found many more Mersennes and, for a while the search 
belonged exclusively to those with the fastest computers. 
This changed in 1995 when the American computer sci- 
entist George Woltman began the Great Internet Mersenne 
Prime Search (GIMPS) by providing a database of what 
exponents had been checked, an efficient program based 
on the Lucas-Lehmer test that could check these numbers, 
and a way of reserving exponents to minimize the dupli- 
cation of effort. Today GIMPS pools the combined 
efforts of dozens of experts and thousands of amateurs. 
This coordination has yielded several important results, 
including the discovery of the Mersennes M3o91377, Moo762015 
and Mboos96011 and the proof that Mys6g30, Mgsoa33, and 
Mgo21377 are the thirty-second, thirty-third, and thirty- 
fourth Mersennes. 


meter 

The basic unit of length adopted under the System Inter- 
national d’Unites (SI units). Over the years the definition 
of the meter has changed several times. Throughout all 
these definition changes the length of the meter hasn’t 
changed, but the precision by which it is measured was 
improved. In 1793, the meter was defined to be 
1/10,000,000 of the distance from the pole to the equa- 
tor. During the nineteenth century, the definition was in 
terms of the length of standard bars of platinum kept 
under controlled conditions. In 1983, the current defini- 
tion was adopted of the distance traveled by light in a 
vacuum in 1/299,792,458 of a second. 


method of exhaustion 

Finding an area by approximating it by the areas of a 
sequence of polygons; for example, filling up the interior 
of a circle by inscribing polygons with more and more 
sides. 


metric 

Any function d(x, y) that describes the distance between 
two points. Distance is formally defined as a single num- 
ber with the following properties: (1) d(x, y) = 0 ifand only 
ifx=y; (2) d(x) = d(y, x); (3) d(x») + d(y, z) = d(x, z) (the 
triangle inequality). 
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metric space 

A set that has a metric; in other words, a kind of space in 
which the concept of distance has meaning. Compare 
with topological space. 


metrizable 

For a topological space, the property that there exists a 
metric compatible with the topology. To say that a topo- 
logical space is metrizable is to treat it as a metric space, 
but without distinguishing any specific or preferred dis- 
tance function. 


Michell, John (1724-1793) 

An English natural philosopher and clergyman, educated 
at Queen’s College, Cambridge, who discovered that the 
force between magnetic poles varies as 1/r?. In 1767, 
Michell became rector of Thornhill, now a suburb of 
Dewsbury, Yorkshire. Sometime in the early 1770s, he 
played music with the great astronomer William Her- 
schel and gave Herschel his first telescope. In 1784, 
Michell deduced the existence of what are now called 
black holes from Newton’s corpuscular theory of light, 
and suggested that some stars might have dark compan- 
ions. He also devised and built the torsion balance for 
determining the universal gravitational constant G, but 
died before having the chance to use it. The balance was 
passed to the Cambridge physicist F. J. H. Wollaston, and 
from him to Henry Cavendish, who used it at his house 
in London and is often, mistakenly, identified as its 
inventor. 


midpoint 
The point M is the midpoint of line segment AB if AM= 
MB. That is, M is halfway between A and B. 


mile 

A measure of distance, the name of which is an abbre- 
viation of the Latin mille passes or “one thousand 
paces.” Since the paces (one step with each foot) of the 
Roman Army were supposed to be two steps, each 2.5 
feet long, 1,000 paces is very close to the length now 
called a statute mile (5,280 feet). A nautical mile was 
developed to be a distance equal to 1 minute of arc (‘0 
of a degree) distance along a great circle and is equal to 
6,076 feet. 


million 

A thousand thousand, 1,000,000, or 10°. The word comes 
from the Latin mille for “thousand” (which is also the root 
for mile and millennium) and the suffix ion that implies 
“large” or “great;” thus a million is literally a “great thou- 
sand.” Although million seems to have come into use as early 
as the middle of the fourteenth century, most mathemati- 


cians would use the phrase “thousand thousands” to avoid 
confusion and it was not until the 1700s that “million” 
caught on. It appears in the King James Version of the Bible 
(Genesis 24:60) and in Shakespeare (Hamlet act II scene II)— 
“for the play, I remember, pleased not the million.” 


minimal prime 

A prime number that is a substring of another prime 
when written in base 10. A string a is a substring of 
another string J, if a can be obtained from b by deleting 
zero or more of the characters in b. For example, 392 is a 
substring of 639,802. The minimal primes are: 


2; 3; 5; 7; 11; 19; 41; 61; 89; 409; 449; 499; 881; 991; 
6,469; 6,949; 9,001; 9,049; 9,649; 9,949; 60,649; 
666,649; 946,669; 60,000,049; 66,000,049; 66,600,049 


minimal surface 

A surface that, bounded by a given closed curve or curves, 
has the smallest possible area. A minimal surface has a 
mean curvature of zero. Finding and classifying minimal 
surfaces and proving that certain surfaces are minimal have 
been major mathematical problems for over 200 years. If 
the closed curve is planar then the solution is trivial; for 
example, the minimal surface bounded by a circle is just a 
disk. But the problem becomes much more difficult if the 
bounding curve is nonplanar—in other words, is allowed to 
move up and down in the third dimension. The first non- 
trivial examples of minimal surfaces, the catenoid and the 
helicoid, were discovered by the French geometer and 
engineer Jean Meusnier (1754-1793) in 1776, but there was 
then a gap of almost 60 years before the German Heinrich 
Scherk found some more. In 1873 the Belgian physicist 
Joseph Plateau carried out experiments that led him to con- 
jecture that soap bubbles and soap films always form min- 
imal surfaces. Proving mathematically this was true became 
known as the Plateau problem. Most minimal surfaces are 
extremely hard to construct and visualize, in part because 
the majority of them are self-intersecting. However, the 
development of high-performance computer graphics has 
provided mathematicians with a powerful tool and the last 
couple of decades have seen a huge increase in the number 
of such surfaces that have been defined and investigated. 


minimax theorem 

A theorem that says there is always a rational solution to 
a precisely defined conflict between two people whose 
interests are completely opposite. It is rational in that 
both parties can convince themselves that they can’t 
expect to do any better, given the nature of the conflict. 


minimum 
The smallest of a set of values. 
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Minkowski, Hermann (1864-1909) 

A German mathematician, born in Lithuania, who 
played an important part in the early development of rel- 
ativity theory. Minkowski was the first to realize that the 
work of Hendrik Lorentz and Albert Einstein could be 
best understood if space and time, formerly thought to 
be separate entities, were treated as part of a four- 
dimensional space-time with a non-Euclidean geome- 
try. The concept of the space-time continuum, which 
provided a framework for all later mathematical work in 
relativity, appeared in Minkowski’s book Raum und Zeit 
(Space and Time 1907). From 1896 to 1902, Minkowski 
taught at the Zurich Federal Institute of Technology when 
Einstein was a student. In fact, Einstein attended several 
of the courses he gave but didn’t create a good impres- 
sion at the time. Minkowski described him as a “lazy 
dog” who “never bothered about mathematics at all.” In 
1902, Minkowski accepted a chair at the University of 
Gottingen, where he stayed for the rest of his life. His 
main interest was in pure mathematics, including num- 
ber theory and geometry, and it was through his under- 
standing of the more abstract side of mathematics and 
geometry in more than three dimensions that he devel- 
oped the idea of four-dimensional space-time. 


Minkowski space 

A finite-dimensional vector space, especially a four- 
dimensional one, together with an indefinite inner product 
with one positive or timelike direction and many negative 
or spacelike directions. In particular, Minkowski space is 
ordinary space-time in the special relativity theory. 


minimal surface A Scherk Surface—a type 
of minimal surface—portrayed as a mem- 
brane. Anders Sandberg 


minor axis 
The smallest chord of an ellipse. 


minute 

(1) One sixtieth of an hour or of a degree of arc or angle. 
(2) One sixtieth of an hour. As a measure of both time 
and angle, it equals 60 seconds. 


mirror reversal problem 

Why does a mirror reverse right and left, but not up and 
down? This question crops up perennially in the letter 
and query columns of magazines and newspapers. It was 
the inspiration for Lewis Carroll’s Alice through the Look- 
ing Glass. Alice Raikes (not to be confused with Alice Lid- 
dell, after whom the fictional Alice was modeled) was 
another of Carroll’s young friends. On one occasion, in 
1868, Carroll put an orange in her right hand and then 
asked her to stand in front of a mirror and say which 
hand showed the reflection of the orange. She said the 
left hand and Carroll asked her to explain. She finally 
replied “If I was on the other side of the glass, wouldn’t 
the orange still be in my right hand?” Carroll said this 
was the best answer he’d had and later said it gave him 
the idea for his book. 

Others have struggled harder but not always convinc- 
ingly to explain the phenomenon, appealing variously to 
gravity, the psychology of perception, and philosophy. 
Why does a mirror reverse right and left, but not up and 
down? A frequently given answer is that a mirror doesn’t 
reverse right and left. It reverses front and back. This is cer- 
tainly true: the looking glass you is facing in the opposite 
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mirror reversal problem A looking-glass world beckons the 
curious Alice in Lewis Carroll's book Alice through the Looking 
Glass. 


direction to the “real” you. But this short, crisp explanation 
doesn’t completely dispel the mystery. If you imagine that 
the mirror is not there and that instead you are looking at a 
flesh-and-blood twin of yourself, that twin is differently 
handed. If you have a watch on your left wrist, the person 
you are facing has his/her watch on the right wrist. The mir- 
ror has done a left-right swap, surely! At any rate, some- 
thing has happened to left and right that hasn’t happened 
to up and down. To be more convinced of this, hold this 
book up to the mirror and try to read it. Ifno left-right swap 
has happened, why is the reflected writing so hard to read? 
First, remember that you are only looking at an image! The 
mirror hasn’t (Carrollian fantasies aside) created something 
of opposite handedness. Secondly, appreciate how the 
writing appears in the mirror’s frame of reference. This is 
easy to do by looking at the writing from the other side of 
the page (i.e., back to front, thus undoing the back to front 
reversal caused by the reflection). From the mirror’s point 
of view the writing looks perfectly normal. 


missing dollar problem 

A version of this problem first appeared in R. M. Abra- 
ham’s Diversions and Pastimes in 1933.”! See also nine 
nooms paradox. 


PUZZLE 
Three people dine at a restaurant and receive a total bill 
for $30. They agree to split the amount equally and pay 
$10 each. The waiter hands the bill and the $30 to the 
manager, who realizes there has been a mistake and 
the correct charge should be only $25. He gives the 
waiter five $1 bills to return to the customers, with the 
restaurant's apologies. However, the waiter is dishonest. 
He pockets $2, and gives back only $3 to the customers. 
So, each of the three customers has paid $9 and the 
waiter has stolen $2 making a total of $29. But the origi- 
nal bill was for $30. Where has the missing dollar gone? 
Solutions begin on page 369. 


Mittag-Leffler, (Magnus) Gésta (1846-1927) 

A Swedish mathematician who, in 1882, founded the 
international journal Acta Mathematica, and was its chief 
editor for 45 years. He studied in Paris under Charles 
Hermite and in Berlin under Karl Weierstrass, and made 
significant contributions to analysis. His best known 
work concerned the analytic representation of a one- 
valued functions and culminated in the Muittag-Leffler the- 
orem. Since he took a special interest in Georg Cantor’s 
discoveries, much of Cantor’s work was published in 
Acta Mathematica. Inscribed on the mantlepiece of 
Mittag-Leffler’s home—now a research institute—in Dyur- 
sholm is the epitaph: “Number is the beginning and end 
of thought. Thought gave birth to number but reaches 
not beyond. ML 1903” 


mixed strategy 

In game theory, a strategy that uses randomness by em- 
ploying different actions in identical circumstances with 
different probabilities. 


Mobius band 

A simple and wonderfully entertaining two-dimensional 
object, also known as the Mobius strip, that has only one 
surface and one edge. It is named after the German math- 
ematician and theoretical astronomer August Ferdinand 
Mobius (1790-1868), who discovered it in September 
1858, although his compatriot and fellow mathematician 
Johann Benedict Listing (1808-1882) independently 
devised the same object in July 1858. Making a Mébius 
band is simple: take an ordinary sheet of typing paper, cut 
an 11” x 1” rectangle, bring the two long ends together, 
twist one of the ends 180°, and tape the two ends together. 
To prove that the band is single-sided, take a pen and start 
drawing a line around the band’s circumference. When 
drawing the line, never take the pen off the paper; just 
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MGbius band A sculpture of a Mébius band outside the Fermi National Accelerator Laboratory. FIVAL 


210 mode 





keep drawing the line until the starting point is reached. 
Once you are finished, look at both sides: there should be 
a line on both sides, thus proving that it is all the same side 
because you never took the pen off the paper. 

The Mobius band has a lot of curious properties. If 
you cut down the middle of the band, instead of getting 
two separate strips, it becomes one long strip with two 
half-twists in it. If you cut this one down the middle, you 
get two strips wound around each other. Alternatively, if 
you cut along the band, about a third of the way in from 
the edge, you will get two strips; one is a thinner Mobius 
band, the other is a long strip with two half-twists in it. 
Other interesting combinations of strips can be obtained 
by making Mobius bands with two or more flips in them 
instead of one. Cutting a Mobius band, giving it extra 
twists, and reconnecting the ends produces unexpected 
figures called paradromic rings. 

The Mobius band has provided inspiration both for 
sculptures and for graphical art. M. C. Escher was espe- 
cially fond of it and based many of his lithographs on it. 
It is also a recurrent feature in science fiction stories, such 
as Arthur C. Clarke’s The Wall of Darkness. A common fic- 
tional theme is that our universe might be some kind of 
generalized Mobius band. There have been technical 
applications; giant Mobius bands have been used as con- 
veyor belts (to make them last longer, since “each side” 
gets the same amount of wear) and as continuous-loop 
recording tapes (to double the playing time). 

A closely related strange geometrical object is the Klein 
bottle, which can be produced by gluing two Mobius 
bands together along their edges; however, this can’t be 
done in ordinary three-dimensional Euclidean space with- 
out creating self-intersections.""" 


mode 
The most frequently occurring value in a sequence of 
numbers. 


model of computation 

An idealized version of a computing device that usually 
has some simplifications such as infinite memory. A Tur- 
ing machine and the lambda calculus are models of 
computation. 


model theory 
The study of mathematical structures that satisfy a partic- 
ular set of axioms, especially in the field of logic. 


modulo 
The integers a and bare said to be congruent modulo m 
if a— is divisible by m. 


Moiré pattern 

A radiating curved pattern created when two repetitive 
patterns overlap and interfere with one another. A Moiré 
pattern is seen, for example, when someone on TV wears 
a herringbone jacket. Moiré is the French word for “silk”, 
and silk moiré, introduced from China to France in 1754, 
is the fabric that shows the familiar shifting patterns. 


Moivre, Abraham de 
See de Moivre, Abraham. 


monad 

A central concept in the Pythagorean worldview (see 
Pythagoras of Samos), in which it is regarded as the 
first thing that came into existence. Following the mo- 
nad came, in order: the dyad, numbers, lines, two- 
dimensional entities, three-dimensional entities, bodies, 
the four elements (earth, air, fire, and water), and the rest 
of the world. The monad plays a similarly fundamental 
role in the metaphysics of Leibnitz as an indivisible, 
impenetrable unit of mental experience. It also has sev- 
eral different technical meanings in modern mathemat- 
ics. For example, in nonstandard analysis, a monad 
consists of all those numbers infinitesimally closer to a 
given number. The word comes from the Latin monas 
(single) and Greek monos (unit). 


Monge, Gaspard (1746-1818) 

A French mathematician and physicist who put descrip- 
tive geometry, introduced by Albrecht Diirer, on a firm 
mathematical footing. He became professor of mathe- 
matics at Méziéres (1768) and of hydraulics at the Lycée 
in Paris (1780), and published his groundbreaking treatise 
on the application of geometry to the arts of construc- 
tion in 1795. 


monkeys and typewriters 

Six monkeys pounding away on typewriters would, by 
pure chance, if given enough time, be bound to write out 
all the works held in the British Library (or in all other 
libraries, for that matter). This idea was first suggested by 
the biologist Julian Huxley (1887-1975); it was discussed 
by the physicist James Jeans (1877-1946) in his Mysterious 
Universe (1930); and it has been restated in various forms 
over the years, in terms of chimpanzees, Shakespeare’s 
sonnets, and the like. It was also the subject of Russell 
Maloney’s short story “Inflexible Logic,” first published 
in the New Yorker magazine (1940) and reprinted in 
Clifton Fadiman’s Fantasia Mathematica,” which tells 
the tragic tale of what happens when the fantastically 
improbable comes true. See also Universal Library. 
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monochromatic triangle 
A triangle whose vertices are all colored the same (see 
vertex). 


monomial 
An algebraic expression that consists of just one term. 


monotonic 
The property of a function that is always strictly increas- 
ing or strictly decreasing, but never both. 


Monster curve 
See Peano curve. 


Monster group 

The largest, most fascinating, and most mysterious of the 
so-called sporadic groups; it was constructed by Robert 
Griess at Princeton in 1982, having been predicted to 
exist by him and Bernd Fischer in 1973, and was named 
the Monster by John Conway. Think of the Monster 
group as a preposterous snowflake with more than 1,050 
symmetries that exists in a space of 196,883 dimensions. 
It contains the following number of elements: 


2" x 3° x 5? x 7° x 11? x 13° x 17 x 19 x 23 x 29 x 31 
x 41 x 47x 59x 71 
= 808,017,424,794,512,875,886,459,904,961,710,757, 
005,754,368,000,000,000 
= 8 x 10° (more than the number of quarks in the Sun). 


Despite these impressive credentials, however, it is still 
classified as a simple group, meaning that it doesn’t have 
any normal subgroups other than the identity element 
and itself. All 26 simple groups have now been classified 
and the Monster is far and away the biggest. At first, it 
seemed that the Monster was just a curiosity—a Guinness 
Book record of pure math. Its only “useful” application 
seemed to be to give the best way for packing spheres in 
24 dimensions! In ordinary three-dimensional space (and 
also four and five dimensions), the grocer’s way of stack- 
ing oranges in a hexagonal lattice is thought to be the 
tightest possible (see Kepler’s conjecture). But as the 
number of dimensions increases, the optimal packing 
method changes. A 24-dimensional grocer would get 
the most efficient arrangement of his 24-dimensional 
oranges by using the same symmetry as that of the Mon- 
ster. This is unlikely to be immediately useful. Much 
more interesting, however, is the connection that has 
been found between the symmetry of the Monster and 
one of the most promising unifying theories in physics— 
string theory—which has been revealed by the Mon- 
strous Moonshine conjecture.'” 


Monstrous Moonshine conjecture 

An outrageous idea that stemmed from an observation 
made by John McKay of Concordia University in 1978. 
McKay was leafing through a table of abstruse mathemati- 
cal data, giving possible values for coefficients of the 
yfunction of certain elliptic curves, when he noticed the 
number 196,884 in the expression j(¢) = q— 1+ 1968844 + 
21493760q° + .... In a moment of inspiration, he recog- 
nized this number as being one more than the number of 
dimensions in which the Monster group can be most sim- 
ply represented. Looking into this “coincidence” more 
closely, he found that it was no coincidence at all. In fact, 
all the coefficients of the 7-function were simple combina- 
tions of the degrees of possible representations of the 
Monster. This pointed to some deep connection between 
two seemingly unrelated areas of mathematics. On the one 
hand were the coefficients of what is called an elliptic 
modular function—exactly the kind of function that would 
play a key role in the proof of Fermat’s last theorem. On 
the other was the number of dimensions, and combina- 
tions of degrees, of a crystal lattice whose symmetry rota- 
tions and reflections formed the Monster. Subsequently, 
McKay and a few other mathematicians, including John 
Conway and Simon Norton, drew out the link between 
elliptic modular functions and the Monster in a proposi- 
tion christened, because of its fantastic nature, the Mon- 
strous Moonshine. In 1998, this conjecture was proved 
by Richard Borcherds (a former student of Conway’s) at 
the University of California at Berkeley. Astonishingly, 
Borcherds’s proof reveals a deep relationship between 
elliptic curves, the Monster Group, and string theory— 
the most promising theory on offer to unify our under- 
standing of nature at the subatomic level. Borcherds 
showed that the Monster is the group of symmetries of 
26-dimensional strings expressed in a form known as vertex 
algebra. Some people believe the connection may run even 
deeper and that Monstrous Moonshine may hold clues to 
the very existence of the reality in which we live.'™! 


Monte Carlo method 

A method of estimating the true value of a quantity by car- 
rying out a lot of random samples. For example, suppose 
we want to know the probability of getting a double six 
when we roll two dice. We could roll a pair of dice a thou- 
sand times, and count how many times, #, a double six 
came up; the estimated probability would then be #/1,000. 
A famous example of using the Monte Carlo method is to 
calculate pi. Get a computer to generate two random num- 
bers x and _y, each in the range —1 to 1, so that the point 
(x, y) lies somewhere randomly inside a square of side 2 
units. Do this thousands of times, and count up what pro- 
portion of the points also lie inside the circle that inscribes 
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Morley’s miracle The trisectors of the angles of triangle ABC meet the corners of a inner equilateral 


triangle FED known as Morley’s triangle. 


the square (you can tell whether a point does or not by 
working out whether x? +_y’ < 1). The proportion inside 
the circle is an approximation to 7/4 (because the circle 
has area 1 but the square has area 4); millions of points are 
needed to obtain a good estimate. 

This method was developed by researchers working on 
the Manhattan Project during World War II. To answer 
some of their scientific questions, they would repeatedly 
sample from their best estimates of the partial results, 
then apply the math they knew to the interactions and 
study the range of results. This process, which they 
named after the famous Monaco casino town of Monte 
Carlo, was created by John von Neumann and Stanislaw 
Ulam. The term and a description of the method seems 
not to have been published until some time after the war. 


Montucla, Jean Etienne (1725-1799) 

A French writer, mathematician, and scientist, who wrote 
several important early works on the history of mathe- 
matics. His Histoire des mathématiques (1758) was pub- 
lished in two volumes, the first of which covers the 
subject from ancient times to 1700, while the second is 
entirely devoted to seventeenth-century mathematics. It 
is considered the first attempt at a history of mathemati- 
cal ideas and problems, in contrast to earlier works that 
were mostly lists of names, titles, and dates. Montucla 
had intended to produce a third volume covering the 
first half of the eighteenth century but the amount of 
new developments that had appeared during this time, 


and the difficulties of putting recent work into its histor- 
ical context, led him to abandon this aim. A few years 
later he published another text for which he is famed—a 
new, greatly expanded and improved edition of Jacques 
Ozanam’s Récréations mathématiques et physiques (1778). 
Montucla’s edition was particularly influential in popu- 
larizing geometric dissection problems. Charles Hutton 
translated it into English in 1803 and Riddle’s edition 
was published in 1844, called Recreations in science and nat- 


ural philosophy. 


Monty Hall problem 
A puzzle in probability that was inspired by the American 
game show Let’s Make a Deal, hosted by Monty Hall. In its 
original form it goes like this: at the end of the show, you, 
the player, are shown three doors. Behind one of them is a 
new car, behind the other two are goats. Monty knows 
where the car is, but you don’t. You choose a door. Before 
that door is opened however, Monty opens one of the two 
other doors with a goat behind it. He then gives you the 
option of switching to the other closed door. Should you 
switch or stick? At first glance, it seems as if it shouldn’t 
make any difference. But the answer is surprising. 
Suppose you stick. Your original choice made when all 
three doors were equally likely gives you a probability of 
winning the car of '4. Now suppose you switch. In other 
words, you choose a door, wait for Monty to expose a 
goat, then switch to the other remaining door. This 
means that you win if the door you chose to begin with 
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had a goat behind it. The odds that your initial choice 
had a goat is two thirds, so you are twice as likely to win 
the car if you switch! This can be hard to grasp. To make 
it easier, suppose there are 100 doors to choose from, but 
still only one car. You pick a door, Monty opens 98 that 
have goats behind them, then he gives you the option of 
switching to the other remaining closed door. Should 
you? Of course—it’s almost certain that the car is behind 
the other door, and very unlikely that it’s behind your 
original choice. 

In a generalization of the original problem there are 
doors. In the first step, you choose a door. Monty then 
opens some other door that’s a loser. If you want, you 
may then switch your choice to another door. Monty will 
then open an as yet unopened losing door, different from 
your current preference. Then you may switch again, and 
so on. This carries on until there are only two unopened 
doors left: your current choice and another one. How 
many times should you switch, and when, if at all? The 
answer is: stick all the way through with your first choice 
but then switch at the very end. 

In another variation of the problem, consider that in 
the actual game show there were two contestants. Both of 
them were allowed to pick a door but not the same one. 
Monty then eliminated a player with a goat behind his 
door (if both players had a goat, one was eliminated ran- 
domly, without letting either player know about it), 
opened the loser’s door, and then offered the remaining 
player a chance to switch. Should the remaining player 
switch? The answer is zo. The reason: a switcher in this 
game will lose if and only if either of two initial choices 
of the two contestants was correct. How likely is that? 
Two-thirds. A sticker will win in those 7 of the cases. So 
stickers will win twice as often as switchers. 


Morley’s miracle 

A remarkable theorem, discovered in 1899, by Frank 
Morley, then professor of Mathematics at Haverford Col- 
lege. Take any triangle. Mark the three points that are the 
intersections of adjacent angle trisectors. Then, no matter 
what triangle you start with, these three points will form 
an equilateral triangle. That such a simple and elegant 
result was not known to the ancient Greeks may be 
because it is quite hard to prove. 

One of the interesting auxiliary results of some of the 
proofs is that the side of the equilateral triangle is equal 
to 87 sin(A/3) sin(B/3) sin(C/3), where A, B, and C are 
the angles of the larger triangle, and r is the radius of the 
circumcircle. A surprise awaits anyone who takes the 
intersections of the exterior, as well as the interior, angle 
trisectors. In addition to the interior equilateral triangle, 
four exterior equilateral triangles appear, three of which 
have sides that are extensions of a central triangle. 


Moscow papyrus 
See Rhind papyrus. 


mousetrap 
See Cayley’s mousetrap. 


moving sofa problem 

In Douglas Adams’s book Dirk Gently’s Holistic Detective 
Agency, the character Richard MacDuff says at one point, 
“It would be really useful to know before you buy a piece 
of furniture whether it’s actually going to fit up the stairs 
or around the corner.” Mathematicians call this the mov- 
ing sofa problem and it has been tackled in various forms 
over the past few decades. One version of it, formulated 
by Leo Moser in 1966, asks: What is the largest sofa (in 
terms of area) that can be moved around a right-angled 
comer in a hallway of unit width? The sofa can be any 
shape and doesn’t even have to resemble a piece of fur- 
niture! The question simply asks for the biggest, unbend- 
able area that can be maneuvered around the corner. 
Several different approaches suggest that the answer is 
about 2.21 square units. Variations on the problem in- 
volve negotiating pianos and other items around differ- 
ent types of bends and passageways.'?"! 


Mrs. Perkins’s quilt 
A square dissection problem first posed by Henry 
Dudeney in his Amusements in Mathematics (1917):'*! 


PUZZLE 
It will be seen that in this case the square patchwork 
quilt is built up of 169 pieces. The puzzle is to find the 
smallest possible number of square portions of which 
the quilt could be composed and show how they 
might be joined together. Or, to put it the reverse way, 
divide the quilt into as few square portions as possible 
by merely cutting the stitches. 

Solutions begin on page 369. 


Dudeney’s problem can be generalized to the dissec- 
tion of a square of side z into a number S, of smaller 
squares. Unlike a perfect squaring the square problem, 
the smaller squares needn’t be all different sizes. In addi- 
tion, only prime dissections are considered so that pat- 
terns that can be dissected on lower order squares aren’t 
allowed. The smallest number of relatively prime dissec- 
tions of an wx m quilt for 7=1,2,..., are 1, 4, 6, 7, 8, 9, 
9, 10, 10, 11, 11, 11, 11, 12,... .!® 


Miiller-Lyer illusion 
A distortion illusion in which the orientation of arrow- 
heads makes one line segment look longer than another. 
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Mrs. Perkins’s quilt Dudeney’s drawing of one of 
his most famous puzzles. 


multigrade 

A set of equations in which the sums of powers of two 
different sets of numbers are the same for several differ- 
ent exponents. The simplest example is: 


14+6+8=2+4+9 
V4+648=274+44+9 
Another multigrade is: 


14+84+104+17=36=2+5+13416 
174+ 8?4+10?4+17 = 454 =274 574 13°+ 16’ 
134+ 8° 4 10° 4+ 179 = 6426 = 27+ 5° + 13° + 16 





Remarkably, if any integer is added to all the terms of 
a multigrade it will still hold. Adding 1 to the example 
above, gives the multigrade (2, 9, 11, 18); (3, 6, 14, 17) 
(n= 1, 2, 3). Some high-order multigrades include: (1, 50, 
57, 15, 22, 71); (2, 45, 61, 11, 27, 70); (5, 37, 66, 6, 35, 67) 
(n= 1, 2, 3, 4, 5), and (1, 9, 25, 51, 75, 79, 107, 129, 131, 
157, 159, 173); (3, 15, 19, 43, 89, 93, 97, 137, 139, 141, 167, 
171) (n=1, 3, 5,79, 11, 13). 
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Miiller-Lyer illusion Which of the horizontal lines is longer? 


multiple 
The integer d is a multiple of the integer a if there is an 
integer d such that b = da. 


multiplication 
A binary operation that is the equivalent of repeated 
addition and the inverse of division. 
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Mydorge, Claude (1585-1647) 

A French mathematician who trained as a lawyer but was 
wealthy enough that he didn’t have to work for a living. 
He was interested in mathematical puzzles and his book 
Examen du livre des récréations mathématiques (Study of the 
book of recreational mathematics, 1630) formed the basis 
for later works such as that by Denis Henrion (1659). 
Mydorge edited Récréations mathématique and left an un- 
published manuscript of over 1,000 geometric problems 
and their solutions. He was also interested in optics and 
made a large number of instruments for his close friend 
René Descartes; the two shared a strong interest in 


explaining vision and the instruments and lenses were 
designed to help test their theories. 


myriad 

A term which today is normally synonymous with “very 
large number.” Its origins go back to the Greek word 
murious, meaning “uncountable”. The plural of this, 
murioi, evolved into the Latin myriad, which the Romans 
used to represent ten thousand. Myriapod is a general 
name for any many-legged anthropod, such as a milli- 
pede or a centipede 


== 
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Nagel point 

A point in a triangle where the lines from the vertices (see 
vertex) to the points of contact of the opposite sides with 
the excircles to those sides meet. (An excircle touches 
one side of a triangle and also touches the lines extended 
from the other two sides.) 


nhano- 


Prefix for billionth (10°), from the Greek manos, meaning 
“dwarf.” 


Napier, John (1550-1617) 

A Scottish mathematician and theological writer who 
invented logarithms and wrote Mirifici logarithmorum 
canonis descriptio (The description of the wonderful canon 
of logarithms, 1614), which contains the first logarithmic 
table and the first use of the word logarithm. He also 
introduced the decimal point in writing numbers. His 
Rabdologiae (1617) describes various shortcuts for carry- 
ing out arithmetical calculations. One method of multi- 
plication uses a system of numbered rods called Napier’s 
rods, or Napier’s bones—a major improvement on the 
ancient system of counters then in use. In 1619, after 
Napier’s death, his Mirifici logarithmorum canonis construc- 
tio, which gave the method of construction of his loga- 
rithms, was published by his son Robert and edited by 
Henry Briggs. 


Napoleon Bonaparte (1769-1821) 


The advancement and perfection of mathematics are 
intimately connected with the prosperity of the state. 


Emperor of France and a very good amateur mathe- 
matician, having excelled in this subject as a student at 
school and at military college. Even after becoming first 
consul he was proud of his membership in the Institute 
de France (the nation’s leading scientific society), and 
was close friends with several mathematicians and sci- 
entists, including Joseph Fourier, Gaspard Monge, 
Pierre Simon Laplace, Chaptal, and Berthollet. Indeed, 
in his grand expedition to Egypt in 1798 Napoleon 
brought along (in addition to 35,000 troops) over 150 
experts in various fields, among them Monge, Fourier, 
and Berthollet, not to mention a complete encyclopedie 
vivante with libraries and instruments. One result of the 
expedition was that Fourier served for a time as the gov- 
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ernor of lower Egypt. Likewise Laplace (who inter- 
viewed the young Napoleon for admission to the 
artillery) received titles and high office as a result of 
his friendship with Bonaparte. However, Laplace was 
relieved of his duties as the minister of the interior after 
only six weeks, and Napoleon later commented that 
Laplace had “sought subtleties everywhere, had only 
doubtful ideas, and carried the spirit of the infinitely 
small into administration.” The most famous exchange 
between these two men occurred after Laplace had 
given Napoleon a copy of his great work, Mecanique 
Celeste. Napoleon looked it over, and remarked that in 
this massive volume about the universe there was not a 
single mention of God. Laplace replied “Sire, I had 
no need of that hypothesis.” Regarding the idea that 
Napoleon might have discovered what is now called 
Napoleon’s theorem (if equilateral triangles are con- 
structed on the sides of any triangle (all outward or all 
inward), the centers of these equilateral triangles them- 
selves form an equilateral triangle), Harold Coxeter 
and Samuel Greitzer have said that “The possibility of 
[Napoleon] knowing enough geometry for this feat is as 
questionable as the possibility of his knowing enough 
English to compose the famous palindrome, ABLE 
WAS I ERE I SAW ELBA.” 


nappe 

Either of the two parts into which a cone is divided by 
the vertex. “Nappe” is the French for “tablecloth,” which 
in turn comes from the Latin mappa (napkin). 


narcissistic number 

Also known as an Armstrong number or a plus perfect 
number, an n-digit number equal to the sum of its dig- 
its raised to the mth power. For instance, 371 is narcis- 
sistic because 3° + 7° + 1° = 371, and 9474 is narcissistic 
because 94 + 4* + 7* + 4° = 9474. The smallest nar- 
cissistic number of more than one digit is 153 = 1° + 
5? + 3°. The largest narcissistic number (in base 10) is 
115,132,219,018,763,992,565,095,597,973,971,522,401, 
which is the sum of the thirty-ninth powers of its digits. 
The reason there are no larger numbers is related to the 
fact that, as the number of digits increases, more and 
more nines are required to get a sum that has » digits. 
For example, 10” — 1 is a number consisting of 70 nines 
in a row, and the sum of the seventieth powers of its 
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digits is 70 x 9” = 4.386051 x 10°, which is only 69 
digits long. So there is no way any 70-digit number can 
be equal to the sum of the seventieth powers of its dig- 
its. The reason we see the last number occur at 39 dig- 
its is because, as the limit is approached, the number of 
big digits like eights and nines has to increase to make 
sure the sum will be big enough, but this means that 
there are a lot fewer combinations of digits to choose 
from. 


Nash, John Forbes Jr. (1928-) 

An American mathematician not very accurately por- 
trayed in the Oscar-winning film A Beautiful Mind 
(2001), loosely based on the biography of the same name 
by Sylvia Nasar (1998).'’?! Nash, who worked in game 
theory and differential geometry, shared the 1994 
Nobel prize for economics with two other game theo- 
rists, Reinhard Selten and John Harsanyi. After a promis- 
ing start to his mathematical career, Nash began to suffer 
from schizophrenia around the age of 30 and battled 
with the illness for the next quarter of a century. His 
Ph.D. dissertation, entitled “Non-cooperative Games,” 
contained the definition and properties of what would 
later be called Nash equilibrium and the basis of the 
work that, 44 years later, would make him a Nobelist. 
Between 1966 and 1996, Nash published nothing. How- 
ever, as his mental health slowly began to improve in the 
mid-1990s, his ability to tackle mathematical problems 
returned, and he also became interested in computer pro- 
gramming. 


Nash equilibrium 

In game theory, a pair of strategies (see strategy) for a 
game such that neither player can improve his outcome 
by changing his strategy. A Nash equilibrium sometimes 
takes the form of a saddle structure. In other cases, when 
a strategy is at a Nash equilibrium with itself, the strategy 
resembles an evolutionary stable strategy. 


natural logarithm 

Also called a Naperian logarith, a logarithm to base e. For 
example, log,10 (also written as 1” 10) is approximately 
2.30258. 


natural number 

A number used for counting: 1, 2, 3,.... The debate 
about whether zero should also be included as a natural 
number has been going on for hundreds of years, and 
there’s no general agreement even today. To avoid confu- 
sion, 0, 1, 2, 3,..., are often referred to as nonnegative 
integers or whole numbers, while 1, 2,3,..., are called pos- 
itive integers. Adding or multiplying natural numbers 
always produces other natural numbers. However, sub- 


Necker cube Is the circle on the front face of the cube or 


the back? 


tracting them can produce zero or negative integers, 
while dividing them produces rational numbers. An 
important property of the natural numbers is that they 
are well-ordered, in other words, every set of natural num- 
bers has a smallest element. The deeper properties of the 
natural numbers, such as the distribution of prime num- 
bers, are studied in number theory. Natural numbers 
can be used for two purposes: to describe the position of 
an element in an ordered sequence, which is generalized 
by the concept of ordinal number, and to specify the 
size of a finite set, which is generalized by the concept of 
cardinal number. In the finite world, these two concepts 
coincide; however, they differ when it comes to infinite 
sets (see infinity). 


Necker cube 

A classic example of an ambiguous figure. In 1832, the 
Swiss crystallographer Louis Necker noticed, while exam- 
ining crystals, that three-dimensional objects can fluctu- 
ate in appearance. He published pictures of an unusual 
cube that appeared to assume different orientations as 
one looked at it. The effect works because the drawing of 
the cube (an orthographic projection) carefully elimi- 
nates all depth cues. In attempting to fit the expected 
model of a cube to the picture, our brain must resolve the 
ambiguity as to which corner of the cube is closer. 


negative base 
The use of a negative base to represent numbers gives rise 
to some intriguing possibilities. Consider “negadecimal,” 
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for example, in which the base is minus 10 instead of the 
familiar positive 10. In this system, the number 365 is 
equivalent to the decimal number 5 + (6 x —10) + (3 x 
—10 x -10), = 245, while 35 in negadecimal is equivalent 
to 5 + (3 x -10), =-25, in ordinary decimal. This points 
to an interesting fact: the negadecimal equivalent of any 
positive or negative decimal number is always positive 
and therefore doesn’t need to be accompanied by a sign. 
The Polish UMC-1, of which a few dozen were built in 
the late 1950s and earlier 1960s, is the only computer 
ever to use “negabinary” (base 2 arithmetic). 


negative number 

Long denied legitimacy in mathematics, negative num- 
bers are nowhere to be found in the writings of the Baby- 
lonians, Greeks, or other ancient cultures. On the 
contrary, because Greek mathematics was grounded in 
geometry, and the concept of a negative distance is mean- 
ingless, negative numbers seemed to make no sense. They 
surface for the first time in bookkeeping records in 
seventh-century India and in a chapter of a work by the 
Hindu astronomer Brahmagupta. Their earliest docu- 
mented use in Europe is in 1545 in the Ars magna of 
Girolamo Cardano. By the early seventeenth century, 
Renaissance mathematicians were explicitly using nega- 
tive numbers but also meeting with heavy opposition. 
René Descartes called negative roots “false roots,” and 
Blaise Pascal was convinced that numbers “less than 
zero” couldn’t exist. Gottfried Leibniz admitted that 
they could lead to some absurd conclusions, but de- 
fended them as useful aids in calculation. By the eigh- 
teenth century, negative numbers had become an 
indispensable part of algebra. 


Neile’s parabola 

Also known as the semi-cubical parabola, a curve discov- 
ered by the English mathematician William Neile (1637- 
1670) in 1657; it is the first algebraic curve to have its arc 
length calculated. (Before this, only the arc lengths of 
transcendental curves such as the cycloid and the loga- 
rithmic spiral had been calculated.) Neile’s parabola is 
described in Cartesian coordinates by the formula 


paar. 


Christiaan Huygens showed that this curve satisfies the 
requirement requested by Gottfried Leibniz in 1687, 
namely, the curve along which a particle may descend 
under gravity so that it moves equal vertical distances in 
equal times. Neile’s parabola is the evolute of a parabola. 


nephroid 
A type of curve often seen on the surface of a cup of cof- 
fee in the sunshine—a crescent of light formed by sun- 





nephroid A nephroid curve spun by thread on a computer 
loom. Jos Leys, wwwjosleys.com 


light reflecting off the inside of the cup onto the surface 
of the drink. More generally, it is the shape made by par- 
allel rays of light reflecting from the inside of any semi- 
circle. In mathematical terms, this means that the 
nephroid is the catacaustic of a circle when the light 
source is at infinity, a fact first demonstrated by Christi- 
aan Huygens in 1678 and published by him in his Traité 
de la Lumiere (Treatise on light, 1690). A physical expla- 
nation wasn’t forthcoming, however, until 1838 when 
George Airy gave a proof in terms of the wave theory of 
light. The name xephroid (from the Latin for “kidney- 
shaped”) was introduced in 1878 by the English mathe- 
matician Richard Proctor in his book The Geometry of 
Cycloids. Prior to that it was known as a two-cusped epicy- 
cloid. Specifically, the nephroid is the epicycloid formed 
by a circle of radius a rolling around the outside on a 
fixed circle of radius 2a. It has a length of 24a, an area of 
121’, and is given by the parametric equations: 


x = a(3cos(é) — 3cos(32)) 
y = a(3sin(A — sin(3A). 


The nephroid is the involute of Cayley’s sextic and is 
also the envelope of circles with their centers on a given 
circle, touching a given diameter of that circle. The 
nephroid has been described as the perfect shape for a 
multiseat dining table. Freeth’s nephroid, not to be mis- 
taken for the ordinary nephroid just described, is named 
after the English mathematician T. J. Freeth (1819-1904) 
who first wrote about it in a paper published by the Lon- 
don Mathematical Society in 1879. Freeth’s nephroid is 
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the strophoid of a circle and has the polar equation r= 
a(1 + 2sin(6/2)). Freeth’s nephroid is also the name of a 
group of mathematicians, mostly from Royal Holloway 
College, London, who gather weekly in a pub called the 
Beehive and compete in games of trivial pursuit. 


net 

A drawing of a polyhedron unfolded along its edges, so 
as to lie flat in a plane. The earliest known examples of 
nets to represent polyhedra are by Albrecht Diirer. 


neural network 

An electronic automaton, similar in some ways to a cellu- 
lar automaton, that offers a highly simplified model of a 
brain. As such, a neural network is a device for machine 
learning that is based on associative theories of human 
cognition. Using various algorithms and weightings of dif- 
ferent connections between “neurons,” neural networks 
are set up to learn how to recognize a pattern in applica- 
tions such as voice recognition, visual pattern recognition, 
robotic control, symbol manipulation, and decision mak- 
ing. Generally, they consist of three layers: input neurons, 
output neurons, and a layer in between where information 
from input to output is processed. Initially the network 
is loaded with a random program, then the output is 
measured against a desired output which prompts an 
adjustment in the weights assigned to the connections in 
response to the discrepancy between the actual and 
desired output. This is repeated many times so that the 
network effectively learns as a child does: in a sense, the 
net discovers its own rules. Changing the rules of interac- 
tion between the “neurons” in the net can lead to inter- 
esting emergent behavior, so that neural networks have 
become another tool for investigating emergence and 
self-organization. 


Neusis construction 

A geometric construction that breaks the strict rules of 
classical Greek straightedge-and-compass construction 
(see constructible) by allowing a marked ruler to be slid 
into different positions. Neusis construction makes pos- 
sible duplicating the cube and trisecting an angle. John 
Conway and Richard Guy have also shown how Neusis 
constructions, based on angle trisection, can be used to 
draw regular polygons with 7, 9, and 13 sides. 


Newcomb’s paradox 

One of the most simply stated but astonishing of the so- 
called prediction paradoxes that bear on the problem of 
free will. It was devised in 1960 by William Newcomb, a 
theoretical physicist at the Lawrence Livermore Labora- 
tory, while contemplating the prisoner’s dilemma. A 
superior being, with super-predictive powers that have 


never been known to fail, has put $1,000 in box 4 and 
either nothing or $1 million in box B. The being presents 
you with a choice: (1) open box B only, or (2) open both 
box A and B. The being has put money in box B only if 
it predicted you will choose option (1). The being put 
nothing in box B if it predicted you will do anything 
other than choose option (1) (including choosing option 
(2), flipping a coin, etc.). The question is, what should 
you do to maximize your winnings? You might argue that 
since your choice now can’t alter the contents of the 
boxes you may as well open them both and take what- 
ever’s there. This seems reasonable until you bear in 
mind that the being has never been known to have made 
an incorrect prediction. In other words, in some peculiar 
way, your mental state is highly correlated with the con- 
tents of the box: your choice is linked to the probability 
that there’s money in box B. These arguments and many 
others have been put forward in favor of either choice. 
The fact is there is no known “right” answer, despite the 
concerted attentions of many philosophers and mathe- 
maticians over several decades.!””! 


Newton, Isaac (1642-1727) 

One of the great intellectual giants in human history; an 
English mathematician, physicist, and sometime head of 
the Royal Mint, Newton was one of the chief architects of 
calculus (though not in its modern form), discovered the 
binomial theorem, established the principles of univer- 
sal gravitation, and saw through numerous other devel- 
opments, any one of which would have brought a lesser 
person fame. Interestingly, his most productive period 
was 1665-1666, his so-called “miraculous year,” when 
Cambridge University was closed because of the plague 
and Newton had to work at home. He was born in the 
same year that Galileo died. After publishing his Principia 
(1687), the most important and influential scientific 
book ever written, his interests drifted toward theology, 
politics, and, for a while, alchemy. His last two decades 
were largely spent in acrimonious debate with Gottfried 
Leibniz, over priority in the discovery of calculus, and 
with the astronomer John Flamsteed. 


Newton’s method 
An iterative method for finding the zeros of a function. 


n-gon 
A polygon with x sides. 


Nim 

A game, of which there are many different versions, that 
involves two players alternately removing at least one 
item from one of two or more piles or rows. The person 
who picks up the last item wins. In one form of the game, 
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five rows of matches are laid out in such a way that there 
is one match in the first row, two matches in the second, 
and so on, down to five matches in the bottom row. Play- 
ers take turns to remove any nonzero number of matches 
from any one row. The game may have originated in 
China. The name “Nim” was coined by Charles Bouton, 
an associate professor of mathematics at Harvard at the 
turn of the twentieth century, who took it from an 
archaic English word meaning to steal or to take away. In 
1901 he published a full analysis of Nim and proof of a 
winning strategy." The first Nim-playing computer, the 
Nimatron, a 1-ton behemoth, was built in 1940 by the 
Westinghouse Electrical Corporation and was exhibited 
at the New York World’s Fair. It played 100,000 games 
against spectators and attendants, and won an impressive 
90% of the time; most of its losses came at the hands of 
attendants who were instructed to reassure incredulous 
onlookers that the machine could be beaten! In 1951 a 
Nim-playing robot, the Nimrod, was shown at the Festi- 
val of Britain, and later at the Berlin trade fair. It was so 
popular that spectators entirely ignored a bar at the other 
end of the room where free drinks were being offered. 
Eventually the local police had to be called in to control 
the crowds.'""! 


hine 

A number long considered to have strange, mystic prop- 
erties. A phrase in a book written during the Dark Ages 
gave rise to the superstition that cats have nine lives. Eng- 
lish author and satirist William Baldwin wrote in his 
Beware the Cat, “It is permitted for a witch to take her cat’s 
body nine times.” There were nine Muses, nine rivers of 
Hades, and nine heads on the Hydra. It took nine days 
for Vulcan to fall from the heavens. The phrase “nine 
days’ wonder” comes from the proverb “a wonder lasts 
nine days and then the puppy’s eyes are open.” A cat-o’- 
nine-tails is a whip, usually made of nine knotted lines or 
cords fastened to a handle that produces scars like the 
scratches of a cat. Being on “cloud nine” may have its ori- 
gin in Dante’s ninth heaven of Paradise, whose inhabi- 
tants are blissful because they are closest to God. 

The term “the whole 9 yards” came from World War II 
fighter pilots in the Pacific. When arming their planes on 
the ground, the .50-caliber machine gun ammo belts mea- 
sured exactly 27 feet, before being loaded into the fuse- 
lage. If the pilots fired all their ammo at a target, it got “the 
whole 9 yards.” Less certain—though there is no shortage 
of theories—is the source of the expression “dressed to the 
nines.” 

Nine is the largest single-digit number and the one that 
occurs least frequently in most situations; an exception is 
the tendency of businesses to set prices that end with one 
or more nines. Because nine is one less than the base of 





nine men’s morris A modern version of the playing board. 
Kadon Enterprises, Inc., www.puzzlegames.com 


our number system, it is easy to see if a number is divisi- 
ble by 9 by adding the digits (and repeating on the result 
if necessary: the result should be nine). This process is 
sometimes called casting out nines. Similar processes 
can be developed for divisibility by 99, 999, etc. or any 
number that divides one of these numbers. Nine has 
many other interesting properties. For example, write 
down a number containing as many digits as you like, 
add these digits together, and deduct the sum from the 
first number. The sum of the digits of this new number 
will always be a multiple of nine. 


nine holes 
See three men’s morris. 


nine men’s morris 


The nine-men’s morris is filled up with mud; 
And the quaint mazes in the wanton green, 
For lack of tread, are indistinguishable. 
—Midsummer Night’s Dream (Act 2, scene 1), 
Shakespeare 


One of the oldest of board games, known by different 
names and played with variations of rules in different 
places and periods. In France it is Marelle, in Austria it 
is Muhle, and in England it was known as Peg Meryll, 
Meg Marrylegs, and other names, all referring to a 
“mill” because that is the name of a run of three coun- 
ters in the game. Versions of it have been found etched 
into the roof of the Temple of Kurna in Egypt (dated to 
about 1400 B.c.), cut into the oak planks that form the 
deck of the great Viking ship discovered at Gokstad in 
1880, and carved in the choir stalls of several English 
cathedrals. A typical board layout is shown in the 
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accompanying figure; diagonal lines may or may not 
be included. Joseph Strutt in The Sports and Pastimes of 
the People of England (1801) described the rules in this 
way: 


Two persons, having each of them nine pieces, or 
men, lay them down alternately, one by one upon 
the spots; and the business of either party is to pre- 
vent his antagonist from placing three of his pieces 
so as to form a row of three, without the interven- 
tion of an opponent piece. If a row be formed, he 
that made it is at liberty to take up one of his com- 
petitor’s pieces from any part he thinks most to his 
advantage; excepting he has made a row, which must 
not be touched if he have another piece upon the 
board that is not a component part of that row. 
When all the pieces are laid down, they are played 
backwards and forwards, in any direction that the 
lines run, but only can move from one spot to 
another (next to it) at one time. He that takes off all 
his antagonist’s pieces is the conqueror. 


In 1996, the German mathematician Ralph Gasser 
used a computer to prove that nine men’s morris is a 
guaranteed draw if both players make optimal moves 
from the outset. He programmed the computer to fig- 
ure out and tabulate 10 billion positions that were 
known to be a win for one side or the other, then 
worked forward 18 moves from the beginning of the 
game until his opening analysis met his endgame analy- 
sis. As a result he showed that every potentially winning 
position could be countered by the opponent in the 
early stages of the game. See also three men’s mor- 
ris." 


nine rooms paradox 

A puzzle that was first published in Current Literature vol. 
2, April 1889. It takes the form of a poem and is similar 
to that of the missing dollar. 


PUZZLE 
Ten weary, footsore travellers, 
All in a woeful plight, 
Sought shelter at a wayside inn 
One dark and stormy night. 


‘Nine rooms, no more,’ the landlord said 
‘Have | to offer you. 

To each of eight a single bed, 

But the ninth must serve for two! 

A din arose. The troubled host 

Could only scratch his head, 

For of those tired men not two 

Would occupy one bed. 


The puzzled host was soon at ease— 
He was a clever man— 

And so to please his guests devised 
This most ingenious plan. 


In a room marked A two men were placed, 
The third was lodged in B, 

The fourth to C was then assigned, 

The fifth retired to D. 


In E the sixth he tucked away, 

In F the seventh man. 

The eighth and ninth in G and H, 
And then to A he ran, 


Wherein the host, as | have said, 

Had laid two travellers by; 

Then taking one—the tenth and last— 
He logged him safe in I. 


Nine single rooms—a room for each— 
Were made to serve for ten; 

And this it is that puzzles me 

And many wiser men. 


How has the host managed to bamboozle his patrons? 
Solutions begin on page 369. 


nine-point circle 

Draw a triangle, any triangle (although it may be best to 
start with an acute triangle). Mark the midpoints of each 
side. Drop an altitude from each vertex to the opposite 
side, and mark the points where the altitudes intersect the 
opposite side. (If the triangle is obtuse, an altitude will be 
outside the triangle, so extend the opposite side until it 
intersects.) Notice that the altitudes intersect at a com- 
mon point. Mark the midpoint between each vertex and 
this common point. No matter what triangle you start 
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with, these nine points all lie on a perfect circle! This 
result was known to Leonhard Euler in 1765, but was 
rediscovered by the German mathematician Karl Feuer- 
bach (1800-1834) in 1822. 


node 
See crunode. 


Noether, Emmy (Amalie) (1882-1935) 

A German mathematician, one of the most talented of 
the early twentieth century. The crucial result now known 
as Noether’s theorem, which is important in other symme- 
tries in natural systems, is of great importance in physics. 
She received her doctorate in 1907 and rapidly built an 
international reputation, but the University of Gottingen 
refused to let her teach, and her colleague David Hilbert 
had to advertise her courses in the university’s catalog 
under his own name. A long controversy ensued, with 
her opponents asking what the country’s soldiers would 
think when they returned home and were expected to 
learn at the feet of a woman. Allowing her on the faculty 
would also mean letting her vote in the academic senate. 
Said Hilbert, “I do not see that the sex of the candidate is 
against her admission as a privatdozent. After all, the uni- 
versity senate is not a bathhouse.” She was finally admit- 
ted to the faculty in 1919. A Jew, Noether was forced to 
flee Nazi Germany in 1933 and joined the faculty at Bryn 
Mawr in the United States. 


non-Abelian 

Noncommutative or order-dependent. For example, the 
group of manipulations of Rubik’s cube is non-Abelian 
because the state of the cube depends greatly on the order 
of the moves performed on it. See also Abelian group. 


honagon 
A polygon with nine sides. A nonagonal number is a num- 
ber of the form (7m — 5)/2. 


nonconvex uniform polyhedron 

A uniform polyhedron of a type obtained by relaxing 
the conditions used to produce the Archimedean solids 
(which have regular convex faces and identical convex 
vertices) to allow both nonconvex faces and vertex types, 
as in the case of the Kepler-Poinsot solids. The con- 
dition that every vertex must be identical, but the 
faces need not be, gives rise to 53 nonconvex uniform 
polyhedra. An example is the great truncated dodecahedron, 
obtained by truncating the corners of the great dodeca- 
hedron at a depth which gives regular decagons. 


non-Euclidean geometry 

Any geometry in which Euclid’s parallel postulate 
doesn’t hold. (One way to state the parallel postulate is: 
given a straight line and a point A not on that line, there 
is only one exactly straight line through A that never 
intersects the original line.) The two most important 
types of non-Euclidean geometry are hyperbolic geome- 
try and elliptical geometry. The different models of 
non-Euclidean geometry can have positive or negative 
curvature. The sign of curvature of a surface is indicated 
by drawing a straight line on the surface and then draw- 
ing another straight line perpendicular to it: both these 
lines are geodesics. If the two lines curve in the same 
direction, the surface has a positive curvature; if they 
curve in opposite directions, the surface has negative cur- 
vature. Elliptical (and spherical) geometry has positive 
curvature whereas hyperbolic geometry has negative cur- 
vature. 

The discovery of non-Euclidean geometry had immense 
consequences. For more than 2,000 years, people had 
thought that Euclidean geometry was the only geometric 
system possible. Non-Euclidean geometry showed that 
there are other conceivable descriptions of space—a real- 
ization that transforms mathematics into an altogether 
more abstract science. Thereafter, it was clear that in math- 
ematics, one could start out with any set of self-consistent 

















Types of Geometry 
Euclidean Elliptical Hyperbolic 

Curvature Zero Positive Negative 
Given a line m and a point P not on m, 1 0 Many 
the number of lines passing through P 
and parallel to m 
Sum of interior angles of a triangle 180° > 180° < 180° 
Square of hypotenuse of a right triangle a’?+b? <a’?+b? >a?+b? 
with sides a and b 
Circumference of a circle with diameter 1 T <t >T 
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postulates and follow through their ramifications. The dis- 
covery of non-Euclidean geometry has been compared 
with Copernicus’s theory and Einstein’s relativity theory, 
the analogy being that each freed people from long-held 
models of thought. In fact, Einstein said about non- 
Euclidean geometry: “To this interpretation of geometry, 
I attach great importance, for should I have not been 
acquainted with it, I never would have been able to de- 
velop the theory of relativity.” 

It’s important to realize that both Euclidean and 
non-Euclidean geometry are consistent in that the as- 
sumptions on which they rest don’t involve any contra- 
dictions. In response to a question as to which geometry 
is true, Henri Poincaré said: “One geometry cannot be 
more true than the other; it can only be more conve- 
nient.” Which geometry is valid in the physical space in 
which we live? On a small scale, and for all practical pur- 
poses on Earth, Euclidean geometry works just fine. But 
on larger scales this is no longer true. Einstein’s general 
theory of relativity uses non-Euclidean geometry as a 
description of space-time. According to this idea, space- 
time has a positive curvature near gravitating matter and 
the geometry is non-Euclidean. When a body revolves 
around another body, it appears to move in a curved path 
due to some force exerted by the central body, but it is 
actually moving along a geodesic, without any force act- 
ing on it. Whether all of space-time contains enough 
matter to give itself an overall positive curvature is one of 
the many unanswered question in physics today, but it is 
generally accepted that the geometry of space-time is 
more non-Euclidean than Euclidean. It is proposed that 
if space-time does happen to have an overall positive 
curvature, then the universe will stop expanding after a 
fixed amount of time and start to shrink resulting in a 
“big crunch,” as opposed to the “big bang” that resulted 
in its creation. At the moment, astronomical observa- 
tions seem to favor a universe that is “open” and has a 
hyperbolic geometry. Another consequence of non- 
Euclidean geometry is the possibility of the existence of a 
fourth dimension. Just as the surface of the sphere 
curves in the direction of the third dimension, i.e., per- 
pendicular to its surface, it is believed that space-time 
curves in the direction of the fourth dimension. Non- 
Euclidean geometry has applications in other areas of 
mathematics, including the theory of elliptic curves, 
which was important in the proof of Fermat’s last theo- 
rem.'” '*l (See table, “Types of Geometry.”) 


nonlinear system 

Any system in which the data points coming from the 
measurement of the values of its variables can be repre- 
sented as a curvilinear pattern on a coordinate plane; 


hence, “nonlinear” for “not-a-line.” More generally, a sys- 
tem in which small changes can result in large effects, and 
large changes in small effects. Thus, sensitive dependence 
on initial conditions (see butterfly effect) in chaotic sys- 
tems illustrates the extreme nonlinearity of these systems. 
In a nonlinear system the components are interactive, 
interdependent, and exhibit feedback effects. 


nonstandard analysis 

In a broad sense, the study of the infinitely small; more 
specifically, the study of hyperreal numbers, their func- 
tions and properties. Nonstandard analysis, which was 
pioneered by Abraham Robinson in the 1960s, puts the 
concept of infinitesimals on a firm mathematical footing 
and is, for many mathematicians, more intuitive than 
real analysis. 


normal 
A line that is perpendicular to a given line or plane. 


normal number 

A number in which digit sequences of the same length 
occur with the same frequency. A constant is considered 
normal to base 10 if any single digit in its decimal expan- 
sion appears one-tenth of the time, any two-digit combi- 
nation one-hundredth of the time, any three-digit 
combination one-thousandth of the time, and so on. In 
the case of pi, the digit 7 is expected to appear 1 million 
times among the first 10 million digits of its decimal 
expansion. It actually occurs 1,000,207 times—very close 
to the expected value. Each of the other digits also turns 
up with approximately the same frequency, showing no 
significant departure from predictions. A number is said 
to be absolutely normal if its digits are normal not only to 
base 10 but also to every integer base greater than or 
equal to 2. In base 2, for example, the digits 1 and 0 
would appear equally often. Emile Borel introduced the 
concept of normal numbers in 1909 as a way to charac- 
terize the resemblance between the digits of a mathemat- 
ical constant such as m and a sequence of random 
numbers. He quickly established that there are lots of 
normal numbers, though finding a specific example of 
one proved to be a major challenge. The first to be found 
was Champernowne’s number, which is normal to base 
10. Analogous normal numbers can be created for other 
bases. To date, no specific “naturally occurring” real 
number has been proved to be absolutely normal, even 
though it is known that almost all real numbers are 
absolutely normal! However, in 2001, Greg Martin of the 
University of Toronto found some examples of the op- 
posite extreme—real numbers that are normal to no 
base whatsoever. To start with, he noted that every 
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rational number is absolutely abnormal. For example, 
the fraction 7 can be written in decimal form as 
0.1428571428571.... The digits 142857 just repeat 
themselves. Indeed, an expansion of a rational number to 
any base b or b* eventually repeats. Martin then focused 
on constructing a specific irrational absolutely abnormal 
number. He nominated the following candidate, ex- 
pressed in decimal form, for the honor: 


a = 0.6562499999956991999999 . . . 9999998528404201690728 ... 


The middle portion (underlined) of the given fragment 
of & consists of 23,747,291,559 nines. Martin’s formula- 
tion of this number and proof of its absolute abnormal- 
ity involved so-called Liouville numbers.”"“! 


nothing 

The absence of anything; nonexistence. Nothing is not 
the same as the empty set, which exists as the set that 
mathematically denotes nothing, nor is it the same as 
zero, which exists as the number that denotes how 
many members the empty set contains. In physics, 
nothing is not a vacuum, because a vacuum not only 
contains energy but exists in space and time; nor is it a 
singularity, which contains a great deal of concentrated 
matter and energy. So, can there be nothing? No. “To 
be” implies existence of some sort: the one thing we can 
be absolutely sure has never existed, or will exist, is 
nothing. 


noughts and crosses 
See tic-tac-toe. 


NP-hard problem 

A mathematical problem for which, even in theory, no 
shortcut or smart algorithm is possible that would lead 
to a simple or rapid solution. Instead, the only way to 
find an optimal solution is a computationally intensive, 
exhaustive analysis in which all possible outcomes are 
tested. Examples of NP-hard problems include the trav- 
eling salesman problem and the popular game Tetris. 
NP stands for “non-deterministic polynomial-time.” 


nucleation 

A process in a physical system, or a mathematical model 
such as a cellular automaton or a statistical model, 
whereby a bubble or other structure appears sponta- 
neously at a random or unpredictable spot. 


null hypothesis 
The hypothesis that is being tested in a hypothesis- 
testing situation. 


null set 
See empty set. 


number 

An abstract measure of quantity. The most familiar 
numbers are the natural numbers, 0, 1, 2,..., used for 
counting. If negative numbers are included, the result is 
the integers. Ratios of integers are called rational num- 
bers, which can be expressed as terminating or repeating 
decimals. If all infinite and nonrepeating decimal 
expansions are thrown in as well, the scope of numbers 
extends to all real numbers, which can be extended to 
the complex numbers in order to include all possible 
solutions to algebraic equations. More recent develop- 
ments are the hyperreal numbers and the surreal num- 
bers, which extend the real numbers by adding 
infinitesimal and infinitely large numbers. For measur- 
ing the size of infinite sets, the natural numbers have 
been generalized to the ordinal numbers and to the 
cardinal numbers. See also numeral and number sys- 
tem. 


number line 
A way of representing numbers by thinking of them as 
the positions of points on a line. 


number system 

A way of counting using a particular base. The familiar 
decimal number system is a base 10 system, because it 
uses 10 different digits, 0, 1, 2, 3, 4, 5, 6, 7, 8, 9, and com- 
binations of these. Other number systems, used for spe- 
cial purposes or by certain cultures, are the binary (base 
2), trinary (base 3), hexadecimal (base 16), vigesimal 
(base 20), and sexagesimal (base 60). In a positional num- 
ber system of base b, b basic symbols (or digits) corre- 
sponding to the first b natural numbers, including zero, 
are used. To generate the rest of the numbers, the posi- 
tion of the symbol in the figure is used. The symbol in 
the last position has its own value, and as it moves to the 
left its value is multiplied by 4. In this way, with only 
finitely many different symbols, every number can be 
expressed. This is unlike systems, such as that of Roman 
numerals, which use different symbols for different 
orders of magnitude. 


number theory 

The study of the whole numbers and their properties and 
relationships. Often, a problem in number theory can be 
restated in terms of finding the solution, or showing that 
there is no solution, to a Diophantine equation. A Dio- 
phantine equation is one where the coefficients are 
whole numbers and where the solution is also con- 
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strained to be a whole number. Sometimes, what appears 
to be a simple Diophantine equation can lead to an ellip- 
tic curve." 


numeral 
A symbol, or combination of symbols, that describes a 
number. See Arabic numeral and Roman numeral. 


numerator 
The number above the fraction bar that indicates the num- 
ber of parts of the whole there are in a rational number. 


numerical analysis 

The study of methods for approximating the solutions of 
various classes of mathematical problems including error 
analysis. 








obelus 

The name of the symbol “+”, used as a sign for division. It 
comes from the Greek obelos meaning a pointed stick (a 
spit) used for cooking. This root word also gave rise to 
obelisk for a pointed stone pillar. The “+” symbol was origi- 
nally used as an editing mark in early manuscripts, some- 
times only as a line without the two dots, to point out 
material that the editor thought needed cutting. It was also 
used occasionally as a symbol for subtraction. As a division 
symbol it was first employed by the Swiss mathematician 
Johann Rahn (1622-1676) in his Zutsche Algebra in 1659. 
By a misunderstanding of a credit to John Pell about other 
material in the book, many English writers started using the 
symbol and calling it “Pell’s notation.” Although it appears 
regularly in literature produced in Britain and the United 
States, it is virtually unknown in the rest of the world. 


oblate spheroid 
An ellipsoid produced by rotating an ellipse through 
360° about its minor axis. 


oblique 

Slanted or not perpendicular. Oblique coordinates are mea- 
sured on a plane coordinate system whose axes are not per- 
pendicular. An oblique angle is any angle except a right angle 
and an oblique triangle is any triangle that doesn’t contain a 
right angle. The first reference to “oblique angled triangles” 
may have been by Thomas Blundevil in his Exercises in 1594. 


oblong 

An alternate name for any rectangle that is not a square. 
The word comes from the Latin ob (“excessive”) and 
longus (“long”). 


oblong number 
Any positive integer that is not a perfect square. 


obtuse 

An obtuse angle is an angle greater than 90° but less than 
180°. An obtuse triangle is a triangle that contains an 
obtuse angle. The word comes from the Latin ob 
(“against”) and tundere (“to beat”) and thus refers to 
things that are blunt, dull, or rounded. 


octa- 
The Greek prefix meaning “eight.” 





octa- An aerial view of Castel del Monte in Italy's Apulien 
region. 


octagon 

An eight-sided polygon. One of the most remarkable 
examples of octagonal design in architecture is the Castel 
del Monte, in southern Italy, which consists of a central 
octagonal core containing an inner octagonal courtyard 
that is surrounded by eight tall, perfectly octagonal towers. 
Another famous octagon is Oxford University’s Radcliffe 
Observatory tower, built from 1772 to 1794, vaguely based 
on the Tower of the Winds in Athens, and considered 
architecturally the finest observatory in Europe.” 


octahedron 

A polyhedron with eight faces, each of which is an equi- 
lateral triangle. A regular octahedron, whose sides are all 
equilateral triangles, is one of the Platonic solids; it looks 
like two square pyramids with their square bases stuck 
together. See also octa-. 


octant 
Any one of the eight portions of space determined by the 
three coordinate planes. 
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octahedron One of the Platonic solids. 


octonion 

Also known as a Cayley number. Octonions are a nonasso- 
ciative generalization of the quaternions and the complex 
numbers involving numbers with one real coefficient and 
seven imaginary coefficients. 


odd 

Not divisible by two. An odd function is a function f(x) 
with the property that f(—x) =—f(x) for any value of x; an 
example is sin (x). 


officer problem 
See thirty-six officers problem. 


omega 
See Chaitin’s constant. 


one 

The first positive integer and the first odd number; it is 
also known as unity. From the time of Euclid to the late 
1500s, one wasn’t generally considered to be a number 
but instead was thought of as the unit of which bonafide 
numbers were composed. The Old English (c. 550- 
c. 1100) ane served both for counting and as the indefi- 
nite article. Toward the end of the Old English period 
and the beginning of Middle English (c. 1100-c. 1500), 
ane developed two pronunciations, the first being used 
for 1 and the other for the indefinite article an, a. The 


existence of different words for the number one and the 
indefinite article seems to be unique to the English lan- 
guage. “One” can be traced back to the Latin wus and 
the Greek oine but probably came into English from the 
German eine. 


153 

A number with some very curious properties. It is the 
smallest number that can be expressed as the sum of 
the cubes of its digits: 153 = 1° + 5* + 3°. It is equal to 
the sum of the factorials of 1 to 5: 153 = 1!+2!+3!+ 
4! +5! The sum of the digits of 153 is a perfect square: 
1+5+3=9=3’. The sum of the aliquot parts of 153 
is also a perfect square: 1+3+9+174+51=81=9%. 
On adding the number 153 to its reverse (351), the 
result is 504 whose square is the smallest square that 
can be expressed as the product of two different num- 
bers that are the reverse of one another: 153 + 351 = 
504; 504’ = 288 x 882. It can be expressed as the sum of 
all integers from 1 to 17. In other words, 153 is the sev- 
enteenth triangular number; its reverse is also a triangu- 
lar number. In addition, 153 and its reverse are 
Harshad numbers. It can be expressed as the product 
of two numbers formed from its own digits: 153 = 3 x 
51. A reference to 153 occurs in the New Testament: 
the net that Simon Peter drew from the Sea of Tiberias 
held 153 fishes. 


one-to-one 

A function or map that for every possible output has 
only one input that yields that particular output; if f(a) = 
Ff(O), then a=b. 


open 
An open interval is a piece of a straight line that doesn’t 
contain its endpoints; a balfopen interval contains one 
endpoint. An open set is one in which every point in the 
set has a neighborhood lying in the set. 


operator 
Something that acts on a function to give another func- 
tion. 


optical illusion 

A picture or figure that deceives or confuses the eye 
and/or brain. Categorization of optical illusions is diffi- 
cult because several underlying mechanisms may con- 
tribute to an effect, or the cause of the illusions may not 
be completely understood. For the purposes of this book 
illusions are grouped as shown in the table “Some Types 
and Examples of Optical Illusions.” See individual 
entries for details. See also anamorphosis. 
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Some Types and Examples of Optical Illusions 


Type 


Examples 





Distortion illusion 


Fraser spiral 
Miller-Lyer illusion 
Orbison’s illusion 
Poggendorff illusion 
Titchener illusion 
Zllner illusion 





Impossible figures 
and objects 


Freemish crate 
Penrose triangle 
Penrose stairway 
Tribar illusion 





Ambiguous figure 


Ames room 
Necker cube 
Schréder’s reversible staircase 
Thiery figure 





Lateral inhibition 
illusion 


Hermann grid illusion 





Antigravity houses and 
hills 


Orbison’s illusion 


Is the square really a square? 


Orbison’s illusion 

A distortion illusion in which a background of radiating 
lines appears to distort the shape of a superimposed fig- 
ure, such as a square or circle. 


orbit 

(1) The path, in the form of a conic section, that an 
object takes when under the gravitational influence of 
another body. (2) More generally, the trajectory of a dif 
ferential equation. 


order 

A word with many different meanings in mathematics. 
Among these are: (1) the sequence in which a set of objects 
or numbers is placed; (2) the number of elements in a set; 
(3) the number of times a shape can be fitted back onto its 
own outline during a complete turn (order of symmetry); (4) 
the highest order power in a one-variable polynomial 
(order of a polynomial, also known as its degree); (5) the type 
of curve described by such a polynomial (order of a curve). 
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ordered pair 

A collection of two objects such that one can be distin- 
guished as the first element and the other as the second ele- 
ment. An ordered pair with first element a and second 
element J is usually written as (a, 4). Two such ordered 
pairs (a,, 9,) and (a, &,) are equal if and only if a, = a, and 
b, = b,. Ordered triples and ordered n-tuples (ordered lists of n 
terms) are defined in the same way. An ordered triple (a, 
b, c) can be defined as (a, (8, 0)), that is, as two nested pairs. 


ordinal number 

A number used to give the position in an ordered 
sequence: first, second, third, fourth, ... Ordinal num- 
bers are distinct from cardinal numbers (one, two, three, 
four,...), which describe the size of a collection. The 
mathematician Georg Cantor showed in 1897 how to 
extend the concept of ordinals beyond the natural num- 
bers to the infinite and how to do arithmetic with the 
resulting transfinite ordinals (see infinity). 


ordinary differential equation 
Any equation relating a function of one variable to its 
derivatives. Compare with partial differential equation. 


ordinate 

The y-coordinate, or vertical distance from the x-axis, in 
a system of Cartesian coordinates. Compare with ab- 
scissa. 


origami 
The Japanese art of the paper-folding, without cutting 
and joining, to form definite objects. 


origin 
The point (0, 0) on the coordinate axes. 


orthic triangle 
The triangle whose vertices (see vertex) are the feet of the 
altitudes of a given triangle. 


orthocenter 
The point of intersection of the altitudes of a triangle. 


orthogonal 
At right angles to; independent of. Orthogonal curves are 
two families of curves with the property that each mem- 
ber of one family meets members of the other family at 
right angles. 


osculating 

To share the same tangent and curvature and at a given 
point, as in the case of two osculating curves. For example 
the curve y= and the x-axis osculate at the origin. 


Oughtred, William (1574-1660) 

An English clergyman and mathematician who invented 
the slide rule and who, in the first English edition of his 
Clavis Mathematicae in 1647, first used the name “pi” for 
the number 3.141... . He wrote it 1.6, where 2 stood for 
the English word periphery (what we would call circum- 
ference), the dot was his symbol for division, and 6 stood 
for the English word diameter. The use of 1 to represent 
words starting with the letter p, like periphery, was not 
uncommon. Before m = 3.14... caught on, = was vari- 
ously used to indicate a point, a polygon, a positive 
number, a power, a proportion, the number of primes in 
a series, and a factorial (which is a product). Oughtred 
used the same notation in all later English and Latin edi- 
tions of his book, but not in the earlier first Latin edition. 
He was a prodigious inventor of mathematical symbols, 
though most of them have not survived. He did, how- 
ever, introduce a couple of other symbols we still use: x 
for multiplication (as distinct from the letter x, which he 
also used for this purpose) and + for “plus or minus.” 
Oughtred served as rector of Albury from 1608 or 1610 
until his death. There he tutored many young mathe- 
maticians of the time, including John Wallis, Seth Ward, 
Charles Scarburgh, and Christopher Wren. Moreover, all 
English mathematicians for the next century, including 
Isaac Newton, learned algebra from Clavis Mathematicae 
(first published in 1631). 


oval 

A curve that looks like a squashed circle but, in contrast 
with the ellipse, doesn’t have a precise mathematical def- 
inition. The word oval comes from the Latin ovus for 
“egg.” Unlike ellipses, ovals sometimes have only a single 
axis of reflection symmetry (instead of two). 


Ovid’s game 

A board game, described by the Roman poet Ovid in 
Book III of his Art of Love, that was popular in ancient 
Greece, Rome, and China. Each player has three coun- 
ters, which they place alternately on to nine points laid 
out in a 3 x 3 grid, with the object of getting three in a 
line and so winning. This may sound like tic-tac-toe, and 
there is no doubt that both Ovid’s game and nine men’s 
morris are antecedents of the familiar noughts and 
crosses. But in Ovid’s game play continues after the six 
counters are down, if no one has yet won, by moving a 
single counter on each turn, though not diagonally, to 
any adjacent square. As in the case of tic-tac-toe, two 
experts (i.e., “rational” players) will always draw. Because 
the first player is ensured a win by covering the center 
square, this move is usually not allowed. Ovid advised 
women to master the game in order to gain the attention 
of men! 
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Ozanam, Jacques (1640-1717) 

A French mathematician, scientist, and writer best remem- 
bered for his book on mathematical and scientific puzzles 
Récréations Mathématiques et Physiques (four volumes, 1694), 
which later went through 10 editions. Based on earlier 
works by Claude Bachet, Claude Mydorge, Jean Leure- 
chon, and Daniel Schwenter (1585-1636), it was later 
revised and enlarged by Jean Montucla, then translated 
into English by Charles Hutton (1803, 1814). Edward Rid- 


dle edited a new edition, which was published in 1844, 
removing some old material and adding new material so 
that “[T]he work might continue to be to the present gen- 
eration a useful manual of scientific recreation, as its pre- 
decessors have been to the generation which has passed.” 
Ozanam’s original edition contained an early example of a 
problem about orthogonal Latin squares: “Arrange the 16 
court cards so that each row and each column contains 
one of each suit and one of each value.” 





Pacioli, Luca (1445-1517) 

An Italian mathematician and Franciscan monk who 
wrote several influential books. His encyclopedic Summa 
de Arithmetica, Geometria, Proportioni et Proportionalita 
(Summary of arithmetic, geometry, proportion and pro- 
portionality, 1494) summarized what was known about 
contemporary arithmetic, algebra, geometry, and trigo- 
nometry and gave a basis for the major progress in math- 
ematics which subsequently took place in Europe. Divina 
proportione (1509), with drawings by none other than 
Leonardo da Vinci (surely no mathematical text was 
more impressively illustrated!), deals with the golden 
ratio, a subject that Pacioli treats from an architectural 
standpoint in a second volume. At his death, he left a 
major book unpublished, De Viribus Amanuensis, on 
recreational problems, geometrical problems, and prov- 
erbs. It makes frequent reference to Leonardo, who 
assisted him with the project: many of the problems in 
this treatise are also in Leonardo’s notebooks. Again it is 
a work for which Pacioli claimed no originality, describ- 
ing it as a compendium. 


packing 

A way to place objects of the same kind so that they 
touch in some specified way, often inside a container 
with specified properties. The objects to be packed 
may be polyhedra, polygons, spheres, ellipsoids, hyper- 
spheres, or any other type of shape, and the number 
of dimensions involved may range upward from two. 
The fraction of a space filled by a given collection of 
objects is called the packing density. The densest pack- 
ing of circles in the plane is the hexagonal lattice of 
the bee’s honeycomb, which has a packing density 
of 0.9069.... In 1611, Johannes Kepler proposed 
that hexagonal, or face-centered cubic, packing is also 
the densest possible way to arrange spheres in three 
dimensions—an assertion known as Kepler’s conjec- 
ture. Currently, the worst known convex packer in 
two-dimensions is the smoothed octagon, with a pack- 
ing density of about 0.902. Stanislaw Ulam conjectured 
that the sphere was the worst packing object in three- 
dimensional space. 


Padovan sequence 
See plastic number. 
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palindrome 

A word, verse, sentence, or passage that reads the same 
forward or backward; the term comes from the Greek 
palindromos for “running back again.” Well-known exam- 
ples include: “Madam, I’m Adam;” “A man, a plan, a 
canal—Panama!;” and “Able was I ere I saw Elba.” A 
slightly longer one, devised by Peter Hilton, a code- 
breaker on the British team that cracked the German 
Enigma, is “Doc, note. I dissent. A fast never prevents a 
fatness. I diet on cod.” Credit for inventing the palin- 
drome is often given to Sotades the Obscene of Maronea 
(third century B.C.). Though only eleven lines of his work 
have survived, he is thought to have recast the entire Iliad 
in palindromic verse. Sotades also wrote lines (now 
sometimes called Sotadic verses) that, when read back- 
ward, had the opposite meaning. His acid tongue even- 
tually landed him in jail by order of Ptolemy II, though 
worse was to follow. Sotades escaped but was captured by 
Ptolemy’s admiral Patroclus, who sealed him in a leaden 
chest and tossed him into the sea. A musical palindrome 
is formed by Haydn’s Symphony No. 47 in G, sometimes 
referred to as The Palindrome, because in both the minuet 
and the trio the orchestra plays the music twice forward 
and then twice backward to arrive at the beginning. See 
also palindromic number. 


palindromic number 

A number such as 1,234,321 that reads the same forward 
and backward; more generally, a symmetrical number 
written in some base a as a; a) d;...|... a3 a) a). In the 
familiar base 10 system, there are nine two-digit palin- 
dromic numbers: 11, 22, 33, 44, 55, 66, 77, 88, 99; there 
are 90 palindromics with three digits: 101, 111, 121, 131, 
141,..., 959, 969, 979, 989, 999; and there are 90 
palindromics with four digits: 1,001; 1,111; 1,221; 
1,331; 1,441; ..., 9,559; 9,669; 9,779; 9,889; 9,999, giv- 
ing a total of 199 palindromic numbers below 10*. 
Below 10° there are 1,099 palindromics and for other 
exponents of 10” there are 1,999; 10,999; 19,999; 
109,999; 199,999; 1,099,999; .... It is conjectured, but 
has not been proven, that there are an infinite number 
of palindromic prime numbers. With the exception of 
11, palindromic primes must have an odd number of 
digits. A normally quick way to produce a palindromic 
number is to pick a positive integer of two or more 


= 
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digits, reverse the digits, and add to the original, then 
repeat this process with the new number, and so on. For 
example, 3,462 gives the sequence 3,462; 6,105; 11,121; 
23,232. Does the series formed by adding a number to 
its reverse always end in a palindrome? It used to be 
thought so. However, this conjecture has been proven 
false for bases 2, 4, 8, and other powers of 2, and seems 
to be false for base 10 as well. Among the first 100,000 
numbers, 5,996 numbers are known that have not pro- 
duced palindromic numbers by the add-and-reverse 
method in calculations carried out to date. The first few 
of these are 196; 887; 1,675; 7,436; 13,783; 52,514;.... 
A proof that these numbers never produce palindromes, 
however, has yet to be found. The largest known palin- 
dromic prime, containing 30,913 digits, was found by 
David Broadhurst in 2003. 


pandiagonal magic square 
A magic square in which all the broken diagonals as well 
as the main diagonals add up to the magic constant. 


pandigital number 

An integer that contains each of the digits from zero to 
nine exactly once and whose leading digit is nonzero. 
The smallest pandigital numbers are 1,023,456,789; 
1,023,456,798; 1,023,456,879; 1,023,456,897; and 
1,023,456,978. Like all pandigitals these are divisible by 
nine. The first few “zeroless” pandigitals are 123,456,789; 
123,456,798; 123,456,879; 123,456,897; 123,456,978; and 
123,456,987; and the first few zeroless pandigital 
primes are 1,123,465,789; 1,123,465,879; 1,123,468,597; 
1,123,469,587; and 1,123,478,659. The sum of the first 
32,423 (a palindromic number) consecutive primes is 
5,897,230,146, which is pandigital. No other palindromic 
number shares this property. Examples of palindromic 
numbers that are the product of pandigital numbers 
are 2,970,408,257,528,040,792 (= 1,023,687,954 x 
2,901,673,548) and 5,550,518,471,748,150,555 
(= 1,023,746,895 x 5,421,768,309), both found in 2001. 
See also pandigital product. 


pandigital product 

A product in which the digits of the multiplicand, multi- 
plier, and product, taken together, form a pandigital 
number. 


pangram 
A phrase or sentence that contains every letter of the 
alphabet at least once. The best known example in Eng- 
lish and a familiar typing test is “The quick brown fox 
jumps over the lazy dog.” One of the shortest known that 
still makes some kind of sense is “The five boxing wizards 
jump quickly.” 


Pappus of Alexandria (c. a.p. 300) 

The last of the great Greek geometers whose eight- 
volume Mathematical Collection summarized the bulk of 
mathematics known at that time. In this compendium, 
Pappus added a considerable number of his own expla- 
nations and amplifications of the earlier work of Euclid, 
Archimedes, Apollonius, and others. 


parabola 
One of the conic sections and one of the most studied 
curves in the history of mathematics. A parabola is the 
outline of the figure obtained if a right circular cone is 
cut by a plane that is exactly parallel to the cone’s side. 
Just as the circle is a limiting case of the ellipse when the 
two foci coincide, the parabola is a limiting case of the 
ellipse when one of the foci is moved to infinity. As 
the French mathematician Henri Fabre eloquently put it, 
the parabola is an ellipse that “seeks in vain for its sec- 
ond, lost center.” Johannes Kepler drew this further con- 
nection between the parabola and other conic sections: 
“Because of its intermediate nature the parabola occupies 
a middle position [between the ellipse and the hyper- 
bola]. As it is produced it does not spread out its arms 
like the hyperbola but contracts them and brings them 
nearer to parallel, always encompassing more, yet always 
striving for less—whereas the hyperbola, the more it 
encompasses, the more it tries to obtain.” 

A parabola is the locus of all points in a plane that are 
equidistant from a given line, known as the directric, and 
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a given point not on the line, known as the focus. The 
Cartesian equation of a parabola that opens upward and 
has its vertex (turning point) at the origin is y = 4ax’, 
where a is the distance from the vertex to the focus, and 
the quantity 4a is known as the /atus rectum. More gener- 
ally, any quadratic equation of the form y = ax’ + bx +c, 
where a is not zero, graphs a parabola. The simplest form 
of this, when a = 1, and both J and ¢ are zero, is y = x’. 
Like the circle, but unlike the ellipse and the hyperbola, 
the parabola has only one distinct shape. In other words, 
any parabola can be superimposed exactly on any other 
parabola simply by rotating, translating (sliding), and/or 
enlarging or shrinking it. 

Euclid dealt with the parabola in his Conic Sections, and, 
although this treatise was lost, it provided a foundation 
for the first four books by Apollonius of the same name. 
Galileo (1564-1642) discovered that a cannonball, or any 
other projectile launched at an angle to ground, follows a 
parabolic path: a result that immediately grabbed the 
attention of not only scientists but of monarchs and mili- 
tary leaders. René Descartes, in writing La Géométrie 
(1637), chose the parabola to illustrate his innovative ana- 
lytical geometry. In 1992, Rudolph Marcus of the Cali- 
fornia Institute of Technology won the Nobel Prize in 
Chemistry for his work showing that parabolic reaction 
surfaces can be used to calculate how fast electrons travel 
in molecules. His most famous theoretical result, an 
inverted rate-energy parabola, predicts electron transfer 
will slow down at very high-reaction free energies. 


paraboloid 
The surface of revolution of the parabola. It is a qua- 
dratic surface described by the equation z= a(x’ +.y’). 


paradox 


Please accept my resignation. I don’t want to belong 
to any club that will accept me as a member. 
—Groucho Marx (1895-1977) 


A statement that seems to lead to a logical self- 
contradiction, or to a situation that contradicts common 
intuition. The word paradox comes from the Greek para 
(“beyond”) and doxa (“opinion” or “belief”). The identi- 
fication of a paradox based on seemingly simple and rea- 
sonable concepts has often led to significant advances in 
science, philosophy, and mathematics. See Allais para- 
dox, Arrow paradox, Banach-Tarski paradox, Berry’s 
Paradox, birthday paradox, Burali-Forti paradox, coin 
paradox, grandfather paradox, Grelling’s paradox, 
liar paradox, Newcomb’s paradox, nine rooms para- 
dox, Parrondo’s paradox, raven paradox, Russell’s 
paradox, St. Petersburg paradox, Siegel’s paradox, 
unexpected hanging, and Zeno’s paradoxes. 


parallel 
Said of two or more things, such as lines or planes, that 
are equally distant from one another at all points. 


parallel postulate 

The fifth and most controversial of Euclid’s postulates 
set forth in the Greek geometer’s great work, Elements. To 
later mathematicians, the parallel postulate seemed less 
obvious than the other four and many attempts were 
made to derive it from them, but without success. In 
1823, Janos Bolyai and Nikolai Lobachevsky indepen- 
dently realized that entirely self-consistent types of non- 
Euclidean geometry could be created in which the 
parallel postulate doesn’t hold. Carl Gauss had made the 
same discovery earlier but kept the fact secret. 


parallelepiped 

A polyhedron with six faces bounded by three pairs of 
parallel planes, so that all its faces are parallelograms. It 
is also a prism with a parallelogram for a base. A rectan- 
gular parallelepiped has the shape of a shoebox. The word 
comes from the Greek parallelepipedon for the same shape, 
which in turn comes from the roots para (“beside”), allel 
(“other”), epi (“on”), and pedon (“ground”). Paral- 
lelepipedon may have been first used in English by 
Billingsley in his 1570 translation of Euclid. It seems to 
have then given way to parallelepiped in the last quarter of 
the nineteenth century. 


parallelogram 

A quadrilateral (four-sided figure) whose opposite sides 
are parallel, and whose opposite angles, therefore, are 
equal. The diagonals of a parallelogram bisect each other. 
A parallelogram of base / and height / has an area 


bh = ab sinA = absinB. 


The height of a parallelogram is 4 = a sinA =a sinB. The 
sides a, b, c, and d and diagonals p and q of a parallelo- 
gram satisfy the equality 


P+PaCtVrce+a. 


parallelogram The two lines drawn inside this parallelogram 
have the same length. 
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Special cases of a parallelogram are a rhombus, which 
has sides of equal length; a rectangle, which has two sets 
of parallel sides that are perpendicular to each other; and 
a square, which meets the conditions of both a rectangle 
and a rhombus. 

In the parallelogram illusion shown, despite appearances 
to the contrary, the interior diagonal lines are of equal 
length. 


parameter 

An independent variable; one of the inputs for a func- 
tion. Parametric equations are equations in which the vari- 
ables of interest are given in terms of another variable. 


parity 

(1) The sum of the digits in a binary representation of a 
number. (2) An indication of whether two numbers are 
both even or both odd (same parity), or are such that one 
is even and one is odd (opposite parity). This concept, of 
same or opposite parity, can be applied to any things that 
can have two different states—the sense in which a knot is 
tied, the color of a chessboard square, and so on. 


Parrondo’s paradox 

Two losing gambling games can be set up so that when 
they are played one after the other, they become win- 
ning. This paradox is named after the Spanish physicist 
Juan Parrondo who, in the late 1990s, discovered how 
to construct such a scenario. The simplest way is to use 
three biased coins. Imagine you are standing on stair 
zero, in the middle of a long staircase with 1001 stairs 
numbered from —500 to 500. You win if you can get to 
the top of the staircase, and the way you move depends 
on the outcome of flipping one of two coins. Heads you 
move up a stair, tails you move down a stair. In game 1, 
you use coin A, which is slightly biased and comes up 
heads 49.5% of the time and tails 50.5%. Obviously, 
these are losing odds. In game 2, you use two coins, B 
and C. Coin B comes up heads only 9.5% of the time, 
tails 90.5%. Coin C comes up heads 74.5% of the time, 
tails 25.5%. In game 2 if the number of the stair you are 
on at the time is a multiple of 3 (that is,..., —9, -6, 
—3, 0, 3, 6, 9, 12,...), then you flip coin B; otherwise 
you flip coin C. Game 2, it turns out, is also a losing 
game and would eventually take you to the bottom of 
the stairs. What Parrondo found, however, is that if you 
play these two games in succession in random order, 
keeping your place on the staircase as you switch 
between games, you will steadily rise to the top of the 
staircase! This kind of process has been called a Brown- 
ian motion." 


partial differential equation 

An equation that involves derivatives with respect to 
more than one variable. Many of the equations used to 
model the physics of the real world are partial differential 
equations. 


partition number 

A number that gives the number of ways of placing x 
indistinguishable balls into 2 indistinguishable urns. For 
example: 


1: (*) 
rea Be |) 
7) HE COC 
VAMC HOO OOOO 
AOAC CIA ACO 












NO Ww 





fa) (2 *)(**) (CC) 
*) IOOE) 
CYC ICI OEY CIO) 
MOOOMOC 


The sequence runs: 1, 2, 3, 5, 7, 11, 15, 22, 30, 42, 56, 77, 
101, 135, 176, 231, 297, 385,.... If the urns are distin- 
guishable, the number of ways is 2”. If the balls are dis- 
tinguishable, the number of ways is given by the mth Bell 
number. 








Pascal, Blaise (1623-1662) 

A French mathematician, philosopher, and pioneer of 
probability theory whose short life was rich with mathe- 
matical invention but whose name, ironically, is most 
familiar from its association with an array of numbers 
known as Pascal’s triangle (which he didn’t discover, 
though he did important work on it). Educated by his 
father (after whom the limagon of Pascal is named), Pas- 
cal showed his intellectual prowess early on by proving 
one of the most important theorems in projective geom- 
etry at the age of 16. Three years later he devised the 
world’s second mechanical calculating machine (the first 
was made by Wilhelm Schickard in 1623) to help with his 
father’s business; he sold about 50 of these “Pascalines,” 
several of which survive. In 1654, he and Pierre de Fer- 
mat, in an exchange of correspondence, laid the founda- 
tion for probability theory. They considered the dice 
problem, already studied by Girolamo Cardano, and the 
problem of points also considered by Cardano and, 
around the same time, by Luca Pacioli and Niccold 
Tartaglia. The dice problem asks how many times one 
can expect to throw a pair of dice before getting a double 
six; the problem of points asks how to divide the stakes if 
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a game of dice is incomplete. Pascal and Fermat solved 
the problem of points for a two-player game but didn’t 
develop powerful enough methods to solve it for three or 
more players. In the same year, Pascal was almost killed 
in an incident in which the horses pulling his carriage 
bolted and the carriage was left hanging over a bridge 
above the river Seine. Though rescued unharmed, he 
shortly after converted to the rigorous Jansenist sect of 
the Catholic Church. His philosophical work Pensées, 
written between 1656 and 1658 contains his famous argu- 
ment, often called Pascal’s wager, for belief in God. Hav- 
ing suffered poor health for most of his adult life, he died 
in great pain of cancer at the age of 39. 


Pascal’s mystic hexagon 

If a hexagon ADBFCE (not necessarily convex) is 
inscribed in a conic section (in particular a circle), then 
the points of intersections of opposite sides (AD with 
FC, DB with CE and BF with EA) are collinear. This line 
is called the Pascal line of the hexagon. A special case is 
when the conic degenerates into two lines; the theorem 
still holds but is then usually called Pappus’s theorem. 


Pascal's triangle 

A triangular pattern of numbers in which each number is 
equal to the sum of the two numbers immediately above 
it: 


1 6 15 20 15 6 1 
1 7 21 35 35 21 7 1 
1 8 28 56 70 56 28 8 1 


Although named after Blaise Pascal, who studied it, this 
arithmetic triangle has been recognized since the twelfth 
century and has a variety of other names. In Italy it is 
called Tartaglia’s triangle and in many parts of Asia it is 
referred to as Yang Huz’s triangle. Yang Hui was a minor 
Chinese official who wrote two books, dated 1261 and 
1275, that use decimal fractions (long before they 
appeared in the West) and contain one of the earliest 
accounts of the triangle. At about the same time, Omar 
Khayyam also wrote about it. The Chinese triangle 
appears again in 1303 on the front of Chu Shi-Chieh’s 
Ssu Yuan Yu Chien (Precious mirror of the four elements), 
a book in which Chu says the triangle was known in 
China more than two centuries before his time. 


The numbers in Pascal’s triangle give the number of 
ways of picking 7 unordered outcomes from x possibilities. 
This is equivalent to saying that the numbers in each row 
are the binomial coefficients in the expansion of (x +)": 








(x+y) = 1 

(e+y)= Int Ly 

(x+y) = 1x? + 2xy + ly’ 

(x+y) = 1x? + 3x’y + 3xy’ + Ly? 

(x ty) = 1x4 + 4x39 + 6x?y? + 4xy? + Ly? 


and so on. In addition, the shallow diagonals of the tri- 
angle sum to give the Fibonacci sequence. 


path 
See trajectory. 


pathological curve 

A curve often specifically devised to show the falseness of 
certain intuitive concepts. In particular, the image of con- 
tinuity as a smooth curve in our mind’s eye severely 
misrepresents the situation and is the result of a bias 
stemming from an overexposure to the much smaller 
class of differentiable functions (see differentiation). A 
chief lesson of pathological curves is that continuity is a 
weaker notion than differentiability. Many pathological 
curves are fractals, such as Cantor dust, including space- 
filling curves, such as the Peano curve. The earliest 
known example is the graph of Weierstrass’ nondiffer- 
entiable function. 


payoff 
In game theory, the amount that a player wins, given the 
player’s and his opponent’s actions. 


Peano, Guiseppe (1858-1932) 

An Italian pioneer of mathematical logic and the axi- 
omatization of mathematics. In 1889, he published his 
first version of a system of mathematical logic in Arith- 
metics Principia, which included his famous axioms of nat- 
ural numbers, now known as Peano’s axioms. Two years 
later, he established a journal, the Rivista, in which he pro- 
posed the symbolizing of all mathematical propositions 
into his system. The project, which became known as the 
Formulario, was his chief focus for the next fifteen years. 


Peano curve 

The first known example of a space-filling curve. Discov- 
ered by Guiseppe Peano in 1890, its effect was like that of 
an earthquake on the traditional structure of mathemat- 
ics. Commenting in 1965 on the impact of the curve in 
Peano’s day, N. Ya Vilenkin said: “Everything has come 
unstrung! It’s difficult to put into words the effect that 
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Peano curve A simple iterative process produces a remark- 
able space-filling shape. 


Peano’s result had on the mathematical world. It seemed 
that everything was in ruins, that all the basic mathemati- 
cal concepts had lost their meaning.” Today, the Peano 
curve is recognized as just one of an infinite class of fa- 
miliar objects known as fractals. But at the end of the 
nineteenth century it was an extravagant, completely 
counterintuitive thing; indeed, it was something that had 
been believed impossible. Writing of Peano’s result in 
Grundztige der Mengenlebre (Basic features of set theory) in 
1914, Felix Hausdorff said: “This is one of the most 
remarkable facts of set theory.” Originally, the Peano 
curve was derived purely analytically, without any kind of 
drawing or attempt at visualization. But the first few steps 
in drawing it, as shown in the diagrams, are easy enough, 
even though the finished product is unattainable in this 
way—and totally unimaginable. To fill the unit square, as 
the Peano curve does, without leaving any holes, the 
curve has to be both continuous and self-intersecting. 


pearls of Sluze 
Curves that are generated by the Cartesian equation 


yy =k(a— x)? x", 





pearls of Sluze Jan Wassenaar, www.2dcurves.com 


where x, m, and p are integers. They were first studied by 
the French mathematician René de Sluze (1622-1685) 
and named the pearls of Sluze by Blaise Pascal. 


pedal curve 

The locus of the feet of the perpendiculars from a given 
point to the tangents to the given figure. The “given 
point” is known as the pedal point. 


pedal triangle 

The pedal triangle of a point P with respect to a triangle 
ABC is the triangle whose vertices (see vertex) are the 
feet of the perpendiculars dropped from P to the sides of 
triangle ABC. 


peg solitaire 

Also known as Hi-Q, a game that, in its commonest 
form, is played with 32 pegs or marbles on a rectangular 
grid, the middle position of which starts out empty. A 
peg may jump horizontally or vertically, but not diago- 
nally, over a peg in an adjacent hole into a vacant hole 
immediately beyond. The peg that was jumped over is 
then removed. The object is to be left with a single peg in 
the center position. 

The quickest solution of peg solitaire was found by 
Ernest Bergholt in 1912 and was proved to be minimal 
by John Beasley in 1964. Suppose the rows and columns 
of the board are each labeled 1 to 7 so that, for example, 
a peg on the fourth row and the third column is in posi- 
tion 43. The quickest solution is: (1) 4644. (2) 65-345. 
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1 LEFT Taken 
cece bow 





PERFECT SCORE 


| LEFT > cceatre 
hole 


peg solitaire A version of peg solitaire made of tin with marbles by the British firm MAR Toys in the 1950s. Sue & Brian Young/Mr. 


Puzzle Australia, www.mrpuzzle.com.au 


(3) 57-355. (4) 54-956. (5) 52354. (6) 73-353. (7) 
43-363. (8) 75->73-953. (9) 35-355. (10) 15-935. (11) 
23-343-363-365-345-325. (12) 37357-55353. (13) 
31-933. (14) 34-932. (15) 51331333. (16) 13315935. 
(17) 36334332-352-354-934. (18) 24344. 








Pell equation 

An equation of the form_y’ = ax’ + 1, where a is any pos- 
itive whole number except a square number. The name 
comes from the English mathematician John Pell 
(1611-1685); however, he was wrongly credited. In writ- 
ing about some of the work done on this type of equa- 
tion, Leonhard Euler gave priority to Pell whereas, in 
fact, Pell had done no more than copy it in his papers 
from some of Pierre de Fermat’s letters. Fermat had been 
the first to state that an equation of this form always has 
an unlimited number of integer solutions. For example, 
the equation y* = 92x’ + 1, has the solutions x = 0, y = 1; 
x= 120, y = 1,151; x = 276,240, y = 2,649,601; and so on. 
Each successive solution is about 2,300 times the previ- 
ous solution. In fact, the solutions are every eighth partial 
fraction (where x is the numerator and y is the denomi- 
nator) of the continued fraction for 92. A Pell equa- 
tion was used in finding the solution to Archimedes’s 
cattle problem. 


Pell numbers 

Numbers, named after John Pell (1611-1685), that are 
similar to the Fibonacci sequence and are generated by 
the formula A, =2 A,_; + A,_2. The sequence runs: 1; 2; 


5; 12; 29; 70; 169; 408; 985; 2,378; 5,741; 13,860; 33,461; 
80,782; 195,025;.... The ratio of successive terms 
approaches 1 plus the square root of 2. 


Penrose, Roger (1931-) 

An English mathematical physicist famous for his impor- 
tant contributions to cosmology and the physics of black 
holes, for his controversial views on the nature of human 
consciousness and its relationship to quantum mechan- 
ics, and for his work in the field of recreational mathemat- 
ics. The Penrose tiling and the Penrose triangle are 
named after him (but not the Penrose stairway, which is 
named after his father). In his book The Emperor’s New 
Mind he argues that there must be errors in the known laws 
of physics, notably in quantum mechanics, and that true 
artificial intelligence is impossible.” The latter claim is 
based on his assertion that humans can do things outside 
the power of formal logic systems, such as knowing the 
truth of unprovable statements, or solving the halting 
problem (claims that were originally made by the philoso- 
pher John Lucas of Merton College, Oxford). These are 
controversial views, with which most of the mathematical 
and computer science communities disagree. 


Penrose stairway 

An impossible figure named after the British geneticist 
Lionel Penrose (1898-1972), father of Roger Penrose. It 
served as an inspiration for the staircase in M. C. 
Escher’s famous print “Ascending and Descending.” 
Although the Penrose stairway cannot be realized in 
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Penrose stairway Steps that ascend and descend simulta- 
neously. Jos Leys, wwwyosleys.com 


three dimensions, this impossibility is not immediately 
perceived and, in fact, the paradox is not even apparent 
to many people at a quick glance. Although Escher and 
the Penroses made the Stairway famous, it was, unbe- 
knownst to them, independently discovered and refined 
years before by the Swedish artist Oscar Reutersvard. In 
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the 1960s the Stanford psychologist Roger Shepard cre- 
ated an auditory analogue of the Stairway. See also Pen- 
rose triangle. 


Penrose tiling 

A kind of aperiodic tiling discovered by Roger Penrose. 
In 1973 he announced a tiling made from a set of six tiles 
and then, by slicing and re-gluing, was able to reduce the 
number of tiles to just two. The most elegant of Penrose 
tilings use two rhombi (see rhombus), a thick one called 
a “kite” and a thin one called a “dart,” which are fitted 
together so that no two tiles are aligned to form a single 
parallelogram (otherwise, a single rhombus could be used 
to make a periodic tiling). All angles are multiples of 2/5 
radians (36°, or one-tenth of a circle). Each tile has four 
sides with a length of one unit. One tile has four corners 
with the angles 72°, 72°, 108°, and 108° (2, 2, 3, and 3 
multiples of 36°); the other has angles of 36°, 36°, 144°, 
and 144° (1, 1, 4, and 4 multiples of 36°). On each tile 
one of the vertices (corners) is colored black and two of 
the sides are marked with arrows. The only rules for 
assembling the tiles to ensure an aperiodic tiling are that 
two adjacent vertices must be of the same color, and two 
adjacent edges must have arrows pointing in the same 
direction or have no arrows at all. These rules ensure that, 
taken over a large enough area of the plane, the pattern of 
tiles doesn’t repeat. In a correct Penrose tiling, the ratio 
of kites to darts is always the same and is equal to the 
golden ratio. Although Penrose tilings started out as 
nothing more than an interesting mathematical diver- 





Penrose tiling Two of an infinite variety of nonperiodic patterns possible using Penrose tiles. Jos Leys, wwwjosleys.com 
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sion, they have turned out to mimic the arrangements of 
atoms in some newly discovered materials, known as 
quasicrystals,"'”7 


Penrose triangle 

The most famous and one of the simplest impossible fig- 
ures. Its roots go back to 1934 when Oscar Reutersvard 
made the first recognizable impossible triangle out of a 
strange two-dimensional representation of cubes; this art- 
work appeared on a Swedish postage stamp issued in 
1982. In 1954, Roger Penrose, after attending a lecture by 
the artist M. C. Escher, rediscovered the impossible trian- 
gle and drew it in its most familiar form, which he pub- 
lished in a 1958 article in the British Journal of Psychology, 
coauthored with his father Lionel.”*" Penrose was unfa- 
miliar with the work of Reutersvard, Giovanni Piranesi, 
and others who had previously created impossible figures. 
Penrose’s impossible triangle, unlike Reutersvard’s earlier 
version, was drawn in perspective, which added an addi- 
tional size paradox to the object. In 1961, Escher, inspired 
by Penrose’s version of the impossible triangle (he was 
sent a copy of the article by the Penroses), incorporated it 
into his famous lithograph Waterfall. 


penta- 

The Greek prefix meaning “five.” A pentagon is a five- 
sided polygon and a pentahedron, such as the Great Pyra- 
mid of Gisa, is a five-sided polyhedron. A pentagram, or 
pentacle, is a five-pointed star formed by the pairwise 
extension of the sides of a regular polygon so that each 
side meets not with the next side but with the one after 
that. The Pythagoreans (see Pythagoras of Samos) used 
the pentagram as a secret identification emblem; later it 
became a trademark of alchemists and, perhaps because 


of its repeating properties, a sign of the occult. According 
to legend, a pentagram was used by Doctor Faustus to 
exorcise Mephistopheles. Pentagonal numbers are figurate 
numbers (numbers that can be represented by a regular 
geometric arrangement of equally spaced points) of the 
form n(3z — 1)/2; the first few are 1,5, 12, 22,.... 


pentomino 
A five-square polyomino. 


Perelman, Yakov Isidorovitch (1882-1942) 

A Russian scientist and exponent of recreational mathe- 
matics whose stature in his own country was, and 
remains, similar to that of Martin Gardner in the United 
States. Between 1913 and his death, Perelman authored a 
dozen books and scores of articles covering many differ- 
ent aspects of popular mathematics, physics, and astron- 
omy. His books have been republished so often in Russia 
that Perelman is universally known among both amateur 
and professional mathematicians across several genera- 
tions. He was also a leading proponent of the ideas of the 
spaceflight visionary Konstantin Tsiolkovsky. 


perfect cube 
An integer of the form z’ where x is an integer. 


perfect cuboid problem 
See cuboid. 


perfect number 

A whole number that is equal to the sum of all its factors 
except itself. For example, 6 is a perfect number because 
its factors, 1, 2, and 3 add to give 6. The next smallest is 
28 (the sum of 1+ 2+4+7+ 14). Augustine (354-430) 
argued that God could have created the world in an 
instant but chose to do it in a perfect number of days, 6. 
Early Jewish commentators saw the perfection of the 
universe in the Moon’s period of 28 days. The next in 
line are 496, 8,128, and 33,550,336. As René Descartes 
pointed out: “Perfect numbers like perfect men are very 
rare.” All end in six or eight, though what seems to be an 
alternating pattern of sixes and eights for the first few 
perfect numbers doesn’t continue. All are of the form 
2"-1(2" — 1), where 2” — 1 is a Mersenne prime, so 
that the search for perfect numbers is the search 
for Mersenne primes. The largest one found is 2°71 
(23°87 _ 1). It isn’t known if there are infinitely many 
perfect numbers or if there are any odd perfect numbers. 
A pseudoperfect number or semi-perfect number is a number 
equal to the sum of some of its divisors, for example, 12 = 
2+4+6,20=14+4+5+4 10. An irreducible semi-perfect 
number is a semi-perfect number, none of whose factors 
is semi-perfect, for example, 104. A quasi-perfect number 
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would be a number xz whose divisors (excluding itself) 
sum to z+ 1, but it isn’t known if such a number exists. 
A multiply perfect number is a number 2 whose divisors 
sum to a multiple of z. An example is 120, whose divi- 
sors (including itself) sum to 360 = 3 x 120. If the divi- 
sors sum to 3x, 2 is called multiply perfect of order 3, or 
tri-perfect. Ordinary perfect numbers are multiply perfect 
of order 2. Multiply perfect numbers are known of order 
up to 8. See also abundant number. 


perfect power 
An integer of the form m” where m and are integers and 
n> 1. 


perfect square 

A number that is the product of two equal whole num- 
bers; for example, 1 =1x1,4=2x2,9=3x3,16= 
4x4. 


Perigal, Henry (1801-1898) 

An English amateur mathematician best known for his 
elegant dissection proof of Pythagoras’s theorem, a dia- 
gram of which is carved on his gravestone. Perigal also 
discovered a number of other interesting geometrical dis- 
sections and, though employed modestly for much of his 
life as a stockbroker’s clerk, was well known in British sci- 
entific society. 


perimeter 
The distance around a two-dimensional shape. 


period, of a decimal expansion 

The length of the smallest block of repeating digits in the 
decimal expansion of a rational number that does not 
terminate. For example: 


4; = 0.333333333333 ... 

repeating block = 3, period = 1 
V7 = 0.71428571428571 ... 

repeating block = 714285, period = 6 
8h = 3.4230769230769 ... 

repeating block = 230769, period = 6 


periodic 

Refers to motion or to an entity that goes through a finite 
number of regions, returns to a previous state, and 
repeats the same fixed pattern forever. 


periodic attractor 

Also called a Limit cycle attractor, an attractor that consists 
of a periodic movement back and forth between two or 
more values. The periodic attractor represents more pos- 
sibilities for system behavior than does the fixed-point 


attractor. An example of a period two attractor is the 
oscillating movement of a metronome or, in psychiatry, a 
bipolar disorder that causes a person’s mood to shift back 
and forth from elation to depression. 


periodic tiling 

A tiling in which a region can be outlined that tiles the 
plane by translation, that is, by shifting the position of 
the region without rotating or reflecting it. M. C. Escher 
is famous for his many pictures of periodic tilings with 
shapes that resemble living things. An infinity of shapes— 
for instance, the regular hexagon-tile only periodically, 
though all these fall into 17 distinct wallpaper groups. 
An infinity of other shapes tile both periodically and ape- 
riodically. But it was only quite recently that the first 
aperiodic tilings were discovered. 


periphery 


A curved perimeter. 


permutable prime 

Also known as an absolute prime, a prime number with at 
least two distinct digits, which remains prime on every 
rearrangement (permutation) of the digits. For example, 
337 is a permutable prime because 337, 373, and 733 are 
all prime. Most likely, in base 10, the only permutable 
primes are 13, 17, 37, 79, 113, 199, 337, and their permu- 
tations. Permutable primes can’t have any of the digits 2, 
4, 6, 8 or 5, nor can they have all four of the digits 1, 3, 7, 
and 9 simultaneously. 


permutation 

A particular ordering of a collection of objects. For exam- 
ple, if an athlete has won three medals, a bronze one (B), 
a silver one (S), and a gold one (G), there are six ways 
they can be permuted or lined up: BSG, BGS, SBG, 
SGB, GBS, and GSB. If six people want to sit on the 
same park bench, there are 720 ways in which they can 
organize themselves. In general, ” things can be per- 
muted in 2 x (w — 1) x (2-2) x...x2 x 1 =x! ways 
(where “!” is the symbol for factorial). How about if 
there are distinct objects but we want to permute them 
in groups of & (where k < 2): how many ways can that be 
done? The first member of the group can be picked in z 
ways because there are 2 objects to pick from. The second 
member can be filled in (7 — 1) ways since one of the 
elements has already been taken. The third member can 
be filled in (7 — 2) ways since 2 elements have already 
been used, and so on. This pattern continues until & 
things have been chosen. This means that the last mem- 
ber can be filled in (7— + 1) ways. Therefore a total of z 
(2 -— 1)(n - 2)... (n—k + 1) different permutations of k 
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objects, taken from a pool of objects, exist. If we denote 
this number by P(x, &), we can write P(x, k) = 2! / (n—k)! 


perpendicular 
At right angles. Two lines, planes, etc., are said to be per- 
pendicular if they are 90° apart. 


Perrin sequence 

The sequence of integers defined by the recurrence rela- 
tion P() = P(z — 2) + P(x — 3), with the initial conditions 
P(0) = 3, P(1) = 0, P(2) = 2. Although the sequence is 
named after R. Perrin who studied it in 1899, it had been 
explored earlier, in 1876, by Edouard Lucas. As in the 
case of the similar Padovan sequence, the ratio of consecu- 
tive Perrin numbers tends toward the plastic number. 
More importantly, it appears that 2 divides P() exactly if 
and only if ~ is a prime number. For example, 19 is 
prime, P(19) = 209 and 7°%9 = 11; on the other hand, 18 
is composite, P(18) = 158 and 88 = 8.777, which is not 
a whole number. Lucas conjectured that this is true for all 
values of so that the Perrin sequence can be used as a 
test for non-primality: any number z that does not divide 
P(n) is composite. Whether this conjecture is correct 
remains an open question. No one has ever found a com- 
posite m that divides A(z), nor has anyone been able to 
prove that such numbers, known as Perrin pseudoprimes, 
don’t exist. In 1991 Steven Arno of the Supercomputing 
Research Center in Bowie, Maryland, proved that Perrin 
pseudoprimes must have at least 15 digits."°! The conjec- 
ture that no Perrin pseudoprimes exist is important, 
because the remainder on dividing P(x) by x can be cal- 
culated very rapidly. 








perturbation 
A slight nudge that, temporarily or permanently, dis- 
places an object or system out of equilibrium. 


peta- 
Prefix for 10", from the Greek pentakis, meaning “five 
times.” 


phase space 

The mathematical space of all possibilities in a given sit- 
uation. A motion is then described by a path, trajectory, or 
orbit in this space. This is not the usual kind of path laid 
out on the ground, but a series of locations in phase 
space, describing motion or change over a period of time. 
The terms do, however, recall the origins of qualitative 
dynamics in Henri Poincareé’s study of planetary motion. 
The dimension of the phase space is the number of initial 
conditions needed to uniquely specify a path and is equal 
to the number of variables in the dynamical system. The 
temporal behavior of the system is viewed as the succes- 
sion of states in the system’s state space. In the case of a 


simple pendulum, for example, the instantaneous config- 
uration is given by just two numbers—the position of the 
pendulum bob and its velocity—which completely 
describe the system’s state. For more complex systems, 
such as a chain of 2 pendulums coupled together, the 
state of the system is much larger. It requires, in this case, 
2n numbers to specify the state of the entire system. This 
collection of all possible configurations is the phase 
space. 


phase transition 

In physics, a change from one state of matter to another. 
In dynamical systems theory, a change from one mode 
of behavior to another. 


phi 


See golden ratio. 


Phillips, Hubert (1891-1964) 

An English compiler of crosswords and word puzzles 
who wrote under the pseudonyms “Dogberry” in the 
News Chronicle magazine and “Caliban” in the New States- 
man. He was also a prolific writer of epigrams, parodies, 
and satirical verse, and appeared on many radio quizzes. 
Phillips earned a first class degree in history at Oxford, 
served in the army throughout World War I, taught eco- 
nomics at Bristol University, and was active in the British 
Liberal Party. He was an accomplished player of contract 
bridge, captaining England in 1937 and 1938. Among his 
many publications are Caliban’s Problem Book, The Com- 
plete Book of Card Games, Brush Up Your Wits, My Best Puz- 
zles in Mathematics, over a hundred crime-problem stories, 
and a novel, Charteris Royal." 


Phutball 

Also known as philosopher’s football, a two-player board 
game first described by Elwyn Berlekamp, John Conway, 
and Richard Guy, in their book Winning Ways for your 
Mathematical Plays. Phutball is played on the intersec- 
tions of a 19 x 15 grid using one white piece and as many 
black pieces as necessary. The objective is to score goals 
by using the men (black pieces) to move the football 
(white piece) onto or over the opponent’s goal line, that 
is, either rows 1 or 0 or rows 19 and 20 (rows 0 and 20 
being off the board). At the start of the game the football 
is placed on the central point, although a handicapping 
scheme exists where the ball can start nearer to the 
stronger player’s goal line. Players alternate making 
moves, which consist either of adding a man to any 
vacant point on the board or of moving the ball. There is 
no difference between men played by the two oppo- 
nents. The football is moved by a series of jumps over 
adjacent men. One jump is from the football’s current 
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point to the first vacant point in a straight line orthogo- 
nally or diagonally over one or more men. The jumped 
men are then removed from the board (before any sub- 
sequent jump occurs). Jumping is optional and can be 
repeated for as long as there are men available to be 
jumped and the player desires to do so. In contrast to 
checkers, multiple men in a row are jumped and removed 
as a group. If the football ends the move on or over the 
opponent’s goal line then a goal has been scored. If the 
football passes through a goal line, but ends up elsewhere 
due to further jumps, the game continues. The game is 
sufficiently complex that, although theoretically one of 
the players has a winning strategy, this strategy is not 
known. 


pi (x) 

The ratio of the circumference to the diameter of a circle. 
Pi, sometimes known as Archimedes’ constant, is one of the 
most important and ubiquitous numbers in mathemat- 
ics, popping up in all kinds of seemingly unrelated areas. 
Its approximate value is 3.1419 but, being an irrational 
number, it can’t be written as a terminating or recurring 
decimal. The fact that 2 can’t be expressed as the ratio of 
two integers was proved by Johann Lambert in 1761. 
Then, in 1881, Ferdinand Lindemann showed that it is a 
transcendental number, meaning that there is no poly- 
nomial with integer or rational coefficients of which 7 is 
a root. Because of this, it’s impossible to write m in terms 
of any finite number of integers or fractions or their 
roots. From the outset, this dooms any attempt at squar- 
ing the circle, that is, constructing a square whose area is 
equal to the area of a given circle, using straightedge and 
compass alone. 

The association of the Greek letter x with the number 
3.141... started with William Oughtred in 1647 who 
used 7.6 as a stand-in for “periphery-diameter” in his 
Clavis mathematicae. The Welsh mathematician William 
Jones was the first to use 1 as a symbol on its own in his 
1706 Synopsis palmariorum matheseos. But it fell to the 
great Leonhard Euler to popularize the notation 30 years 
later. 

Calculating m with greater and greater precision be- 
came a popular pursuit. Around 1600, Ludolph van 
Ceulen computed the first 35 decimals and was so proud 
of his accomplishment that he had the number inscribed 
on his tombstone. In 1789, the Slovene mathematician 
Juriy Vega extended known 7m to 140 places (of which only 
137 were correct), while, in 1873, William Shanks pushed 
back the frontier to 707 places—a record that stood until 
1949 when the first electronic computers appeared on 
the scene. In September 2002, Yasumasa Kanada and his 
colleagues at Tokyo University used 400 hours of super- 
computer time to calculate m to 1.24 trillion places, beat- 


ing their previous best, set in 1999, of 206 billion places. 
Although such an exercise may seem pointless, it serves 
as a benchmark for new high-speed computers and algo- 
rithms, and also to test the long-standing, but still 
unproven assertion that the distribution of digits in 7 is 
completely random. 

For the record, the first 100 digits of wm are: 
3.1415926535 8979323846 2643383279 5028841971 
6939937510 5820974944 5923078164 0628620899 
8628034825 3421170679. The wonderfully pointless pas- 
time of “piphilology” is concerned with devising mne- 
monics for remembering some of these: the number of 
letters in each word of the mnemonic gives the corre- 
sponding digit. A famous example is Isaac Asimov’s 
“How I want a drink, alcoholic of course, after the heavy 
lectures involving quantum mechanics!” For the more 
ambitious, there is Michael Keith’s 1995 poem that sup- 
plies the first 42 digits: 


Poe, E. Near A Raven 

Midnights so dreary, tired and weary, 

Silently pondering volumes extolling all by-now 
obsolete lore. 

During my rather long nap, the weirdest tap! 

An ominous vibrating sound disturbing my cham- 
ber’s antedoor. 

“This,” I whispered quietly, “I ignore.” 


There are some reasonably good approximations to 7 in 
the form of ordinary (rational) fractions. The best known 
is 7/7, but this is only accurate to two decimal places. A 
fraction with a larger denominator offers a better chance of 
getting a more refined estimate. There is also +7406, which 
is good to 5 places. But an outstanding approximation is 
355413 which is accurate to 6 places; in fact, there is no bet- 
ter approximation among all fractions with denominators 
less than 30,000. See also continued fraction. 

In 1897 the General Assembly of the state of Indiana 
tried to pass legislation to the effect that the exact value 
of m is 3.2. The bill was referred, for some bizarre reason, 
to the House Committee on Canals. But then the true 
motive for the attempted change to the law became clear. 
By chance a professor of mathematics happened to be 
present during a debate and heard an ex-teacher saying 
“The case is perfectly simple. If we pass this bill, which 
establishes a new and correct value for m, the author 
offers to our state without cost the use of his discovery 
and its free publication in our school textbooks, while 
everyone else must pay him a royalty.” Fortunately, the 
professor was able to teach the senators a little math and 
the bill was stopped in its tracks. 

Any formulas to do with circles or spheres, not sur- 
prisingly, have m in them. For example, the circumference 
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of a circle of radius 7 is 2m, the area of a circle is mr’, the 
volume of a sphere is (44)nr?, and the surface area of a 
sphere is 4nr’. But 7 also has a strange habit of appearing 
in the most unexpected places. In the eighteenth century, 
the French naturalist Comte de Buffon showed that you 
could estimate m by experiment using the unlikely appa- 
ratus of a repeatedly dropped needle and a shove- 
halfpenny board (see Buffon’s needle). Two of the most 
important, but (as far as is known) unrelated, equations 
in modern physics, Heisenberg’s uncertainty principle 
(Ax Ap = h/4n) in quantum mechanics and Einstein’s 
field equation (Ry — 12 g, R+ A g = 8nG/c* T;) in gen- 
eral relativity theory include n. The ever-present con- 
stant also emerges as a result of various remarkable 
infinite series. These include: 


Wet te tet... = 17/6 
(found by Leonhard Euler) 
4-4 —-W4+h-...=n/4 

(found by Gottfried Leibniz) 


xxx x 5 x x 8x fox... = 1/2 
(found by John Wallis) 





Among many other formulas that give rise to or contain 
Tt are 
the integral 
| e* dx= Vr, 
Stirling’s formula, ! ~ V2 mn (n/e)’ and, the most 
intriguing equation in mathematics, e” + 1 = 0. 

In number theory, the probability that two randomly 
chosen integers have no common divisors (in other 
words, that they’re relatively prime) is 6/n’ or 1 in 
1.644934 ..., and the average number of ways to write a 
positive integer as the sum of two perfect squares is 1/4. 
Both of these facts are astonishing because it is hard to 
see how a basically geometric constant to do with circles 
has any bearing at all on how various types of numbers 
are distributed. Deep truths are buried here! 

In 1995, David Bailey, Peter Borwein, and Simon 
Plouffe of the University of Quebec at Montreal discov- 
ered a new formula for 7 as an infinite series:”" 








Es 1, 4 ) 1 1 
"2, 76 | 8k+1  8k+4  B8k+5  BE+6 


What is so remarkable about this is that it enables the cal- 
culation of isolated digits of m—say, the trillionth digit— 
without computing and keeping track of all the preceding 
digits. How such a formula could possibly arise consti- 
tutes a mystery in itself. The only catch is that the for- 
mula works for base 2 (binary) and 16 (hexadecimal) but 
not base 10. So, it’s possible to use the formula to deter- 


mine, for example, that the five-trillionth binary digit of 
mt is 0, but there’s no way to convert the result into its 
decimal equivalent without knowing all the binary digits 
that come before the one of interest. The new formula 
allows the calculation of the mth base 2 or base 16 digit of 
T in a time that is essentially linear in 2, with memory 
requirements that grow logarithmically (very slowly) in x. 
One possible use of the Bailey-Borwein-Plouffe formula 
is to help shed light on whether the distribution of 1’s 
digits are truly random, as most mathematicians sup- 
pose.” ” 141 See also pyramid. 


Pick’s theorem 

First published in 1899, a theorem that was brought to 
broad attention as recently as 1969 through Hugo Stein- 
haus’s popular book Mathematical Snapshots.”'* Pick’s 
theorem gives an elegant formula for the area of /attice 
polygons—polygons that have vertices located at the inte- 
gral nodes of a square grid or lattice that are spaced a unit 
distance from their immediate neighbors. Pick’s theorem 
says that the area of such a polygon can be found simply 
by counting the lattice points on the interior and bound- 
ary of the polygon. The area is given by 


i+ (b/2)-1, 


where 7 is the number of interior lattice points and J is 
the number of boundary lattice points. The Austrian 
mathematician Georg Pick (1859-1942) after whom the 
result is named, was born in Vienna and perished during 
World War II in the Theresienstadt concentration camp. 
Over the past few decades, beginning with a paper by 
J. E. Reeve in 1957, various generalizations of Pick’s 
theorem have been made to more general polygons, to 
higher-dimensional polyhedra, and to lattices other than 
square lattices. Most recently, mathematicians have 
become interested in the theorem because it provides a 
link between traditional Euclidean geometry and the 
modern subject of digital (discrete) geometry. 


pico- 
Prefix meaning a trillionth (107), from the Italian piccolo, 
meaning “small.” 


pitch drop experiment 

The world’s longest running experiment. It started in 
1927 when Thomas Parnell, the first professor of physics 
at the University of Queensland in Brisbane, Australia, 
heated a sample of pitch (a derivative of tar) and poured 
it into a glass funnel with a sealed stem. Three years were 
allowed for the pitch to settle, then, in 1930, the sealed 
stem was cut. From that date on the pitch has slowly 
dripped out of the funnel—so slowly that, up to the pre- 
sent time, only eight drops have fallen! The experiment 
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pitch drop experiment Professor John Mainstone alongside 
the world’s longest-running experiment. John Mainstone, University 
of Queensland 


stands in a display cabinet in the foyer of the Department 
of Physics at the University of Queensland demonstrat- 
ing for all to see the fact that pitch, though it feels like a 
solid and is brittle enough to smash with a hammer, is 
really a fluid of very high viscosity (about 100 billion 
times as viscous as water).!”!! 


pizza 

Order a pizza, pick an arbitrary point in it, and cut the 
pizza into eight slices by slicing at 45° angles through 
the chosen point. Color the alternate pieces red, with 
ketchup, and yellow, with mustard. Measure the area of 
the red slices and the yellow slices. Surprisingly, it will be 
found that these areas are the same! This fact holds true 
for any multiple of four slices cut by using equal angles 
through a fixed arbitrary point in the pizza. See also tau- 
tology. 


place-value system 

A number system in which the value of a number sym- 
bol depends not only on the symbol itself but also on the 
position where it occurs. 


Planck time 

In quantum mechanics, the shortest meaningful period 
of time; any two events that are separated by less than 
this amount of time can be considered simultaneous. It 


has the value 5.390 x 10™ second. Related to this is the 
Planck length of 6.160 x 10-* meters, which is the distance 
that light can travel in the Planck time. 


plane 
A flat surface such that a straight line joining any two 
points on it will also lie entirely on the surface. 


plane partition 

A stack of unit cubes in a rectangular box or in the posi- 
tive octant in space such that to the left, behind, and 
below every cube lies either another cube or a wall. A 
plane partition in a box is equivalent to a lozenge tiling 
of a hexagon in the plane. 


plastic number 

A little-known number that has much in common with 
the golden ratio in that it is closely linked to architecture 
and to aesthetics. The concept of the plastic number was 
first described by the Dutchman Hans van der Laan 
(1904-1991) in 1928, shortly after he had abandoned his 





plastic number Spiraling systems illustrate the Fibonacci 
numbers (top) and the Padovan sequence. 
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architectural studies and become a novice monk, and has 
subsequently been explored by the English architect 
Richard Padovan (1935-). It is derived from a cubic 
equation, rather than a quadratic in the case of the 
golden ratio, and is intimately linked to two ratios, 
approximately 3:4 and 1:7, which van der Laan consid- 
ered fundamental in the relationship between human 
perception and shape and form. These ratios, he 
believed, express the lower and upper limits of our nor- 
mal ability to perceive differences of size among three- 
dimensional objects. The lower limit is that at which 
things differ just enough to be of distinct types of size. 
The upper limit is that beyond which they differ too 
much to relate to each other; they then belong to differ- 
ent orders of size. According to van der Laan, these lim- 
its are precisely definable. The mutual proportion of 
three-dimensional things first becomes perceptible when 
the largest dimension of one thing equals the sum of the 
two smaller dimensions of the other. This initial propor- 
tion determines, in turn, the limit beyond which things 
cease to have any perceptible mutual relation. 

In mathematical terms, the plastic number is the 
unique real number solution to the equation x’ — x - 
1 =O and has the approximate value 1.324718 .. . . Just as 
the golden ratio is approximated better and better by suc- 
cessive terms of the Fibonacci sequence, F(z + 1) = 
F(n) + F(z — 1), where F(0) = F(1) = 1, so the plastic num- 
ber arises as the limit of the ratio of successive numbers 
in the sequence P(z + 1) = P(w — 1) + P(w — 2) where 
P(0) = P(1) = P(2) = 1. This sequence has been called the 
Padovan sequence, and its members the Padovan numbers. 
The Padovan sequence increases much more slowly than 
does the Fibonacci sequence. Some numbers, such as 3, 
5, and 21, are common to both sequences; however, it is 
not known if there are finitely many or infinitely many 
such pairs. Some Padovan numbers, such as 9, 16, and 
49, are perfect squares; the square roots of these (3, 4, 
and 7) are also Padovan numbers, but it is not known if 
this is a coincidence or a general rule. Another way to 
generate the Padovan numbers is to mimic the use of 
squares for Fibonacci numbers, but with cuboid struc- 
tures—boxes with rectangular faces. A kind of three- 
dimensional spiral of boxes emerges. Start with a cube of 
side 1 and place another adjacent to it: the result is a 1 x 
1 x2 cuboid. On the 1 x 2 face, add another 1 x 1 x 2 box 
to produce a 1 x 2 x 2 cuboid. Then on a 2 x 2 face, add 
a2 x2 x2 cube to form a2 x 2 x 3 cuboid overall. To a 
2x3 face, add a2 x2 x3 to get a2 x 3 x 4 box overall, 
and so on. Continue this process, always adding cuboids 
in the sequence east, south, down, west, north, and up. 
At each stage the new cuboid formed will have three con- 
secutive Padovan numbers as its sides. Moreover, if suc- 
cessive square faces of the added cuboids are connected 


by straight lines, the result is a spiral that lies in a plane. 
The Padovan sequence is very similar to the Perrin 
sequence."”! 


Plateau, Joseph Antoine Ferdinand (1801-1883) 
A Belgian physicist who did pioneering experimental 
work on soap bubbles and soap films, which stimulated 
the mathematical study of bubbles as minimal surfaces. 
In 1829 Plateau carried out an optical experiment that 
involved looking at the Sun for 25 seconds: this damaged 
his eyes, and he eventually became blind. 


Plateau curves 
A set of curves, named after Joseph Plateau, that are 
described by the parametric equations: 


x=asin(m+n)t/ sin(m—n)t 
y =2a sin(mt) sin(nt) / sin(m—n)t 


If m = 2n the Plateau curves become a circle with a center 
at (1, 0) and a radius of 2. 


Plateau problem 

The general problem of determining the shape of the 
minimal surface constrained by a given boundary. It is 
named after Joseph Plateau who noticed that a handful 
of simple patterns seemed to completely describe the 
geometry of how soap bubbles fit together. Plateau 
claimed that soap bubble surfaces always make contact 
in one of two ways: either three surfaces meet at 120° 
angles along a curve; or six surfaces meet at a vertex, 
forming angles of about 109°. For instance, in a cluster 
of bubbles, two intersecting bubbles (of possibly differ- 
ent sizes) will have a common dividing wall (the third 
surface) that meets the outer surfaces of the bubbles in 
120° angles. On the other hand, the edges of the six 
soap-film faces that emerge within a tetrahedral wire 
frame, when dipped in a soapy solution, form angles of 
roughly 109° at a central vertex. Until the American 
mathematician Jean Taylor came along in the mid-1970s, 
Plateau’s patterns were just a set of empirical rules. How- 
ever, as a follow-up to her doctoral thesis, Taylor was 
able to prove that Plateau’s rules were a necessary conse- 
quence of the energy-minimizing principle—no other yet 
unobserved configurations were possible—thus settling a 
question that had been open for more than a century. 
The forces acting along the surface of a soap bubble all 
have the same magnitude in all directions. In crystals 
this is not the case (magnitudes of surface forces differ in 
different directions, though they may exhibit a grain, 
analogous to that in a piece of wood), but they still 
require the least energy to enclose a given volume. Min- 
imal surfaces that model these conditions, like a cube 
with its corners chopped off or the bottom half of a cone 
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Platonic solid Clockwise from the extreme right: the cube, tetrahedron, octahedron, icosahedron, and dodecahedron. Robert 
Webb, www:software3d.com; created using Webb's Stella program 


mounted on a cylinder, are known as Wullf Shapes, and 
provide fertile ground for mathematical study today.?”! 


Platonic solid 

Any of the five regular polyhedrons—solids with regular 
polygon faces and the same number of faces meeting at 
each corner—that are possible in three dimensions. They 
are the tetrahedron (a pyramid with triangular faces), the 
octahedron (an eight-sided figure with triangular faces), 


the dodecahedron (a 12-sided figure with pentagonal 
faces), the icosahedron (a 20-sided figure with triangular 
faces), and the cube (see table, “The Platonic Solids”). 
They are named after Plato who described them in one of 
his books, though it was Euclid who proved that there 
are only five regular polyhedra. A regular solid with 
hexagonal faces cannot exist because if it did, the sum of 
the angles of any three hexagonal corners that meet 
would already equal 360°, so such an object would be 


The Platonic Solids 




















Number of 
Name Faces Edges Vertices Schlafi Symbol 
Tetrahedron 4 6 4 {3,3} 
Cube 6 12 8 {4,3} 
Octagon 8 12 6 {3,4} 
Dodecahedron 12 30 20 {5,3} 
Icosahedron 20 30 12 {3,5} 
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planar. See also Archimedean solid, Catalan solid, and 
Johnson solid. 


Platonism 

The belief that mathematical objects exist independent 
of physical models. It is, at the very least, a useful pre- 
tense in mathematics, especially in geometry. 


pleated surface 

A surface in Euclidean space or hyperbolic space (see 
hyperbolic geometry) that resembles a polyhedron in 
the sense that it has flat faces that meet along edges. 
Unlike a polyhedron, a pleated surface has no corners, 
but it may have infinitely many edges that form a lami- 
nation. 


Poggendorff illusion 

A distortion illusion in which the two ends of a straight 
line passing behind a rectangle appear offset when, in 
fact, they are aligned. It was discovered in 1860 by the 
physicist J. C. Poggendorff, editor of Annalen der Physik 
und Chemie (Annals of physics and chemistry), after 
receiving a letter from the astronomer Friedrich Zéllner. 
In this letter, Zéllner described an illusion (see Z6llner 
illusion) he had noticed on a fabric design in which par- 
allel lines intersected by a pattern of short diagonal lines 
appear to diverge!) 


Poincaré, (Jules) Henri (1854-1912) 

A French theoretical physicist and mathematician who 
almost discovered relativity theory before Einstein and 
who is most famous in mathematics because of his 
hypothesis known as the Poincaré conjecture. Poincaré, 
who taught for most of his life at the University of Paris, 
was sometimes referred to as “the last universalist,” 
because of his huge published output on a wide variety of 
mathematics and mathematical physics. Strangely, he 
was also clumsy, absent-minded, and inept at simple 


Poggendorff illusion 


arithmetic. In order to translate problems in topology 
into questions in algebra, he devised (or discovered) 
homotopy groups—quantities that capture the essence of 
multidimensional spaces in algebraic terms, and have the 
power to reveal similarities between them. 


Poincaré conjecture 

A proposition in topology put forward by Henri Poin- 
caré in 1904. Poincaré was led to make his conjecture 
during his pioneering work in topology, the mathemati- 
cal study of the properties of objects that stay unchanged 
when the objects are stretched or bent. In loose terms, the 
conjecture is that every three-dimensional object that has 
a set of spherelike properties (i.e., is topologically equiv- 
alent to a sphere) can be stretched or squeezed until it is 
a three-dimensional sphere (a 3-sphere) without tearing 
(i.e., making a hole in) it. Strictly speaking, the conjec- 
ture says that every closed, simply connected three- 
manifold is homeomorphic to the 3-sphere. 

Poincaré proved the two-dimensional case and he 
guessed that the principle would hold in three dimen- 
sions. Determining if the Poincaré conjecture is correct 
has been widely judged the most important outstanding 
problem in topology—so important that, in 2000, the Clay 
Mathematics Institute in Boston named it as one of seven 
Millennium Prize Problems and offered a $1 million prize 
for its solution. Since the 1960s, mathematicians have 
shown by various means that the generalized conjecture is 
true for all dimensions higher than three—the four- 
dimensional case finally falling in 1982. But none of these 
strategies work in three dimensions. On April 7, 2002, 
came reports that the Poincaré conjecture might have 
been proved by Martin Dunwoody of Southampton Uni- 
versity, but within a few days a fatal flaw was found in his 
proof. Then, in April 2003, what appears to be a genuine 
breakthrough emerged during a series of lectures delivered 
at the Massachusetts Institute of Technology by the Russ- 
ian mathematician Grigori Perelman of the Steklov Insti- 
tute of Mathematics (part of the Russian Academy of 
Sciences in St. Petersburg). His lectures, entitled “Ricci 
Flow and Geometrization of Three-Manifolds,” consti- 
tuted Perelman’s first public discussion of important 
results contained in two earlier preprints. Mathematicians 
will now scrutinize the validity of Perelman’s work (which 
does not actually mention the Poincaré conjecture by 
name). In any event, the Clay Institute requires a two-year 
cooling-off period before the prize can be awarded. 


Poincaré disk 

The region inside (but not including) a bounding circle, 
where straight lines are defined to be either diameters of 
the bounding circle, or arcs of circles that are perpendic- 
ular to the bounding circle. The Poincaré disk is a model 
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Poincaré disk A pattern on a hyperbolic surface. Jos Leys, 
wwwyosleys.com 


of hyperbolic geometry. The great flexibility it allows in 
specifying the angles of a triangle leads to an infinite 
variety of ways in which the disk can be tiled. 


Poinsot, Louis (1777-1859) 

A French mathematician who invented geometrical me- 
chanics while investigating how a system of forces acting 
on a rigid body can be resolved into a single force and a 
couple (a pair of equal and oppositely directed forces, as 
when you try to unscrew a bottle cap). Together with Gas- 
pard Monge, he helped geometry regain its leading role 
in mathematical research in France in the eighteenth cen- 
tury. He wrote an important work on polyhedra in 1809, 
discovering four new regular polyhedra, which are now 
known as the Kepler-Poinsot solids. Two of these had 
been found by Johannes Kepler in 1619 but Poinsot was 
unaware of this; the two additional ones that Poinsot dis- 
covered were the great dodecahedron and the great icosahe- 
dron. In 1810 Augustin Cauchy proved that, with this 
definition of regular, the enumeration of regular polyhe- 
dra is complete (although a mistake was discovered in 
Poinsot’s, and hence Cauchy’s, definition in 1990 when 
an internal inconsistency became apparent). Poinsot also 
worked in number theory, studying Diophantine equa- 
tions with a view to expressing numbers as the difference 
of two squares and primitive roots. 


point 

A dimensionless geometric object having no properties 
other than location or place. More generally, an element 
in a geometrically described set. 


point-set topology 

Also known as general topology, a branch of topology con- 
cerned with how to put a structure on a set in such a way 
as to generalize the idea of continuity for maps from the 
real numbers to itself. A topology on a set X is a certain 
set of open subsets of the set X which satisfy various 
axioms. The set X together with this topology is called a 
topological space. 


Poisson, Siméon Denis (1781-1840) 

A French mathematician whose main interest lay in the 
application of mathematics to physics, especially in elec- 
trostatics and magnetism. He developed a two-fluid the- 
ory of electricity and provided theoretical support for the 
experimental results of others, notably Charles de 
Coulomb. Poisson also made important contributions to 
mechanics, especially the theory of elasticity; optics; cal- 
culus, especially definite integrals; differential geometry; 
and probability theory. In all, he wrote more than 300 
papers on mathematics, physics, and astronomy, and his 
Traité de Mécanique (1811) was long a standard work. 


polar coordinates 

A coordinate system in which distances are measured 
from a fixed reference point (the pole) and angles from a 
fixed reference line. A polar equation is one that uses polar 
coordinates. 


pole 

(1) The origin of a system of polar coordinates. (2) In 
complex analysis, a function of a certain simple type of 
singularity. (3) One of the two points, where the axis of 
rotation of a rotating body, such as Earth, passes through 
the surface. (4) An old unit of length, also called a rod, 
equal to 5.5 yards. 


Pélya’s conjecture 

A hypothesis put forward by the Hungarian mathemati- 
cian George Pélya (1887-1985) in 1919. A positive integer 
is said to be of even type if it factorizes into an even number 
of prime numbers; otherwise it is said to be of odd type. 
For example, 4, = 2 x 2, is of even type, whereas 18, = 2 x 
3 x 3, is of odd type. Let O(m) be the number of odd type 
and E(x) be the number of even type integers in the first 
n integers. Pélya’s conjecture says that O(z) > E(x) for all 
n> 2. After the conjecture had been checked for all values 
of 2 up to 1 million, many mathematicians assumed it was 
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probably true. However, in 1942 A. E. Ingham came up 
with an ingenious method to show how a counterexample 
could be constructed, even though there wasn’t enough 
computing power around at the time to do the necessary 
calculations.” Twenty years later, R. S. Lehman ran Ing- 
ham’s method on a computer to find a counterexample to 
Pélya’s conjecture at 2 = 906180359." 


polychoron 

An unofficial name (from the Greek poly meaning 
“many” and choros meaning “room” or “space”) for a 
four-dimensional polytope; it was first advocated by 
George Olshevsky. 


polycube 

A polyhedron formed by joining unit cubes by their 
faces. Examples of puzzles that involve polycubes are the 
Soma cube and Rubik’s cube. 


polygon 

A plane closed figure whose sides are straight lines. The 
term polygon (from the Greek poly for “many” and gwnos 
for “angle”) sometimes also refers to the interior of the 
polygon (the open area that this path encloses) or to the 
union of both. A polygon is simple if it is described by a 
single, nonintersecting boundary; otherwise it is said to be 
complex. A simple polygon is called convex if it has no inter- 
nal angles greater than 180°; otherwise it is called concave. 
A polygon is called regular if all its sides are of equal length 
and all its angles are equal (see table, “Regular Polygons”). 
Any polygon, regular or irregular, has as many angles as it 
has sides. See constructible (for constructible polygons). 



































Regular Polygons 
Angle 
Name Sides (= 180°-360°/sides) 
Equilateral triangle 3 60° 
Square 4 90° 
Regular pentagon 5 108° 
Regular hexagon 6 120° 
Regular heptagon 7 128.57° (approx.) 
Regular octagon 8 135° 
Regular nonagon 9 140° 
Regular decagon 10 144° 
Regular hectagon 100 176.4° 
Regular megagon 10° 179.99964° 
Regular googolgon 10’ 180° (approx.) 


polygonal number 

The number of equally spaced dots needed to draw a 
polygon. Polygonal numbers, which are a type of figu- 
rate number, include square numbers, triangular num- 
bers, and hexagonal numbers. 


polyhedron 

A three-dimensional object whose faces are all polygons 
and whose edges are shared by exactly two polygons. 
Polyhedron comes from the Greek poly for “many” and - 
hedron meaning “base,” “seat,” or “face.” Every polyhe- 
dron in three-dimensional space consists of 
(two-dimensional) faces, (one-dimensional) edges, and 
(zero-dimensional) vertices. Sometimes the term polyhe- 
dron is used to apply to figures in more than three 
dimensions; however, analogs of polyhedra in the 
fourth dimension or higher are also referred to as poly- 
topes. Polyhedrons, like polygons, may be convex or 
nonconvex. If a line that connects any two points on the 
surface of a polyhedron is completely inside or on the 
polyhedron, the figure is convex. Otherwise, it is non- 
convex or concave. A polygon is regular if all of its faces 
are exactly the same size and shape and if the same 
number of faces meet at each vertex. There are only five 
regular convex polyhedra—the Platonic solids. Another 
four regular nonconvex polyhedra are called Kepler- 
Poinsot solids. However, the term regular polyhedra is 
sometimes used to describe only the Platonic solids. A 
convex polyhedron is said to be semi-regular if its faces 
have a similar arrangement of nonintersecting regular 
plane convex polygons of two or more different types 
about each vertex. These solids, of which there are 13 
different kinds, are commonly called the Archimedean 
solids. A dual of a polyhedron is another polyhedron in 
which faces and vertices occupy complementary loca- 
tions. The duals of the Archimedean solids are known as 
the Catalan solids. A quasi-regular polyhedron is the 
solid region interior to two dual regular polyhedra; only 
two exist: the cuboctahedron and the icoidodecahe- 
dron. There are also infinite families of prisms and 
antiprisms. In total there are 92 convex polyhedra with 
regular polygonal faces (and not necessarily equivalent 
vertices); these are the Johnson solids. 

The oldest known examples of man-made polyhedra 
were found on the islands of northeastern Scotland and 
date back to Neolithic times, between 2000 and 3000 B.c. 
These stone figures are about 2 inches in diameter and 
many are carved into rounded forms of regular polyhe- 
dra. Examples including cubical, tetrahedral, octahedral, 
and dodecahedral forms, one which is the dual of the 
pentagonal prism, are on display in the Museum of Scot- 
land and in Oxford’s Ashmolean Museum. 
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polyiamond 
A shape made from identical equilateral triangles that 
have been joined at their edges. 


polynomial 

An expression in which whole-numbered powers of a 
variable multiplied by numerical coefficients are added 
together. The powers of the variable must be positive 
integers, or zero. An example of a polynomial is 3x? + 
7x — 2. A polynomial equation has a polynomial expres- 
sion, or zero, on each side of the equal sign: for example, 
4a’ — 5.6a + 1.7 = 0 or 5x? — 1 = 8x + 2x4. The type of 
polynomial expression or equation is determined by the 
highest power present of the variable. A quadratic, for 
example, has nothing higher than a squared term. 
Cubics, quartics, and quintics have maximum powers of 
three, four, and five, respectively. Mathematicians who 
have done pioneering work on each of these higher types 
of polynomial equations tended, for some reason, to 
have had colorful and star-crossed lives. Niccolo Tar- 
taglia, who first solved the cubic, failed miserably as a 
mathematician for the rest of his life, largely because he 
spent it trying to discredit Girolamo Cardano. Tartaglia 


told Cardano his method of solution and swore him to 
secrecy but Cardano went ahead and published the solu- 
tion anyway. Cardono himself lived a long unhappy life 
and his only son was executed for murder. Lodovico Fer- 
rara, Cardano’s student, who solved the general quartic, 
was poisoned, probably by his sister, over an inheritance 
dispute. Finally, Evariste Galois, who showed that the 
general quintic was unsolvable, died in a duel at the age 
of 20. 


polyomino 

A two-dimensional shape made by connecting squares 
of the same size along their edges. The polyomino is a 
generalization of the domino, which can be thought of 
as a polyomino with m = 2. Several puzzles involving 
polyominoes made from three or more squares stuck 
together became popular around the beginning of 
the twentieth century. The best-known of these is the 
Broken Chessboard, presented as problem no. 74 in 
Henry Dudeney’s book The Canterbury Puzzles (1907).'*” 
Dudeney gives an amusing introduction to the problem, 
first quoting from Hayward’s Life of William the Con- 
queror (1613) about an incident in which Prince Henry, 





polyomino A complete set of 12 solid pentominos, also known as planar pentacubes. Kadon Enterprises, Inc, www.gamepuzzles.com 





polytope 251 





one of William’s sons, smashes a chessboard over the 
head of his brother, Prince Robert, and then adding his 
own mathematical appendix. By a curious quirk, 
Dudeney reveals, the board breaks into 13 pieces, 12 of 
which are the different possible ways in which five 
squares can be arranged and one square 2 x 2 piece. 
The puzzle is to reconstitute the board from these 
fragments. This is the earliest example of a mathemati- 
cal recreation that involves pentominoes, a name that 
wasn’t coined until 1953 when Solomon Golomb first 
used it in a talk to the Harvard Math Club. Golomb not 
only invented the nomenclature for polyominoes but 
did much of the pioneering research on them; his work 
was brought to a wide audience and popularized by 
Martin Gardner in his Scientific American column, be- 
ginning in 1957.14 8 87 

Golomb was particularly interested in the pentomino, 
for a reason that becomes clear (see table, “Types of 
Polyomino”). The familiar domino comes in just one 
configuration as, obviously, does the trivial monomino. 
A triomino can have two different shapes—three squares 
in a line or in an L shape. The tetromino (or tetramino) 
has five distinct arrangements and is used in the popular 
video game Tetris. Thus for 2 < 4 the number of distinct 
pieces is < 5, which restricts the variety of combinations 
possible. On the other hand, for 2 > 5, the number of 
different pieces is large, making analysis of problems dif- 
ficult and games based on such polyominoes difficult 
and unwieldy. However, pentominoes, for which ” = 5, 
come in 12 unique configurations, which is just about an 
ideal balance between tractability and combinatorial 
richness, hence the high level of interest in this particu- 
lar type of polyomino. The problem of tiling an 8 x 8 
chessboard with a square hole in the center using pen- 
tominoes was first solved in 1935 and found, by com- 
puter in 1958, to have exactly 65 solutions. Another 
standard pentomino puzzle is to arrange the set of 
12 possible shapes into rectangles without holes: 3 x 20, 
4x 15,5 x 12, and 6 x 10. Pentominoes are prominently 
featured in a subplot of the novel Imperial Earth by 
Arthur C. Clarke. 

Hexominoes and heptominoes come in 35 and 108 
unique arrangements, respectively. One of the 108 hep- 
tomino configurations, however, has a hole—a region that 
is not tiled with squares but that is unconnected to the 
exterior of the polyomino—and may or may not be 
counted as a valid piece depending on the rules of a par- 
ticular game. All polyominoes made of seven or more 
squares may contain holes. There is no known algorithm 
or formula for calculating how many distinct polyomi- 
noes of each order there are. 

Related to polyominoes are polyiamonds (formed 
from equilateral triangles) and polyhexes (formed from 


regular hexagons). The three-dimensional analog of poly- 
ominoes uses cubes instead of squares; an example is the 
Soma cube. 


Types of Polyomino 























Number of Number of Distinct 

Name Unit Squares Configurations 
Monomino 1 1 

Domino 2 1 

Triomino 3 

Tetromino 4 

Pentomino 5 12 
Hexomino 6 35 
Heptomino 7 108 

polytope 


A higher-dimensional analogue of a polygon or polyhe- 
dron. The number of possible regular polytopes depends 
on the number of dimensions. In two dimensions there 





In descending order: a straight line, a square, a 


polytope 
cube, a tesseract (four-dimensional cube), and a regular, 
multidimensional polytope. 
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are infinitely many possible regular polygons; in three 
dimensions there are five possible regular polyhedra; in 
four dimensions there are six possible regular polytopes; 
and in each number of dimensions higher than four, 
there are just three possible regular polytopes, analogous 
to the three-dimensional tetrahedron, cube, and octahe- 
dron. A four-dimensional polytope is also sometimes 
called a polyhedroid or a polychoron. Just as a polygon 
has vertices and edges, and a polyhedron has vertices, 
edges, and faces, a four-dimensional polytope has vertices, 
edges, faces, and cells, where a cell is a three-dimensional 
figure.'®! See also Boole (Stott), Alicia. 


Poncelet, Jean Victor (1788-1867) 

A French mathematician who substantially advanced 
projective geometry. With Brianchon, he proved Feuer- 
bach’s theorem on the nine-point circle in 1820-1821, and 
also suggested the theorem proved by Jakob Steiner and 
now called the Poncelot-Steiner theorem that Euclidean con- 
structions (see constructible) can be done with a straight- 
edge alone. As a soldier in Napoleon’s army, he was 
captured and imprisoned in Russia. While in prison from 
1813-1814, he organized and wrote down his discover- 
ies, and the result was published as Trazté des Propriétés Pro- 
jectives des Figures (Treatise on the properties of the 
projections of shapes, 1822). To serve as an introduction 
to this work, he also wrote Applications D’analyse et de 
Géométrie (Applications of analysis and geometry, 2 vols., 
1862-1864). 


Poncelet’s theorem 

Given an ellipse, and a smaller ellipse entirely inside it, 
start at a point on the outer ellipse, and, moving clock- 
wise, follow a line that is tangent to the inner ellipse until 
you hit the outer ellipse again. Repeat this over and over 
again. It may be that this path will never hit the same 
points on the outer ellipse twice. However, if it does close 
up in a certain number of steps, then something amazing 
is true: all such paths, starting at any poimt on the outer 
ellipse, close up in the same number of steps. This fact is 
Poncelet’s theorem, also known as Poncelet’s closure theo- 
rem, and is named after the Jean Poncelet. 


Pony Puzzle 

One of Sam Loyd’s best known and commercially suc- 
cessful puzzles. It consists of just six pieces of the silhou- 
ette of a horse that have to be assembled in the most 
sensible way. Loyd got the idea for the puzzle from the 
governor of Philadelphia, Andrew Curtin, when the two 
were on a steamer returning from Europe and talking 
about the White Horse of Uffington—a famous chalk fig- 
ure carved on a hillside in Berkshire, England. 


A 





Pony Puzzle One of Sam Loyd’s best known brain-teasers. 


postage stamp problems 

Mathematical puzzles that involve postage stamps have 
been around almost as long as postage stamps them- 
selves, the first of which, the Penny Black, was issued by 
Great Britain on May 6, 1840. Some such puzzles ask 
what postage amounts can or can’t be made with stamps 
of certain values. Others are based on the ways that a 
block of stamps can be folded or torn along the perfora- 
tions. 


PUZZLE 
One of this type appears as problem no. 285 in Henry 
Dudeney’s Amusements in Mathematics (1917).*! It 
starts by saying you have just bought 12 stamps in a rec- 
tangular block of three rows with four stamps in each. 
(In Dudeney’s diagram, they are labeled 1, 2, 3, 4 across 
the top row, and so on.) He goes on: “[A] friend asks you 
to oblige him with four stamps, all joined together—no 
stamp hanging on by a mere corner. In how many differ- 
ent ways is it possible for you to tear off those four 
stamps? You see, you can give him 1, 2, 3, 4, or 2, 3, 6, 
7,..., and so on. Can you count the number of different 
ways in which those four stamps might be delivered?” 
This can be thought of as a problem involving tetromi- 
noes, which are a type of polyomino. 

Solutions begin on page 369. 


The postage stamp problem, also known as the Frobe- 
nius problem, is a long-standing challenge in number the- 
ory and in computer science. Suppose a country issues 
different denominations of stamps but allows no more 
than m stamps to be put on a single letter. The postage 
stamp problem is to write and implement an algorithm (a 
stepwise set of rules) that, for any given values of m and 
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n, computes the greatest consecutive range of postage val- 
ues, from one on up, and all possible sets of denomina- 
tions that realize that range. For example, for 2 = 4 and 
m = 5, the stamps with values (1, 4, 12, 21) allow the 
postage values 1 through 71. If the values of the stamps 
are constant and not part of the input, algorithms can be, 
and have been, devised that give a short-cut solution. 
However, in the general case where the number of stamp 
values is part of the input, the postage stamp problem has 
been shown to be an NP-hard problem, and thus not 
susceptible to an efficient algorithmic approach. 


potato paradox 

Fred brings home 100 pounds of potatoes, which (being 
purely mathematical potatoes) consist of 99 percent 
water. He then leaves them outside overnight so that they 
consist of 98 percent water. What is their new weight? 
The surprising answer is 50 pounds! 


potential theory 

The study of harmonic functions. These functions satisfy 
Laplace’s equation, a certain type of partial differential 
equation that commonly arises in physics in problems to 
do with gravity and electromagnetism. 


power 
A word that is almost never used in its correct, original 
sense any more. Strictly speaking, if we write 8 = 2°, then 
2 is the base, 3 is the exponent, and 8 is the power. But 
almost everyone, including most mathematicians, would 
say that 3 is the power, and that “power” and “exponent” 
mean the same thing. The misuse has probably come 
about from a misunderstanding of statements such “eight 
is the third power of two.” 


power law 

A type of mathematical pattern in which the frequency of 
an occurrence of a given size is inversely proportional to 
some power (or exponent) of its size. For example, in the 
case of avalanches or earthquakes, large ones are fairly 
rare, smaller ones are much more frequent, and in be- 
tween are cascades of different sizes and frequencies. 
Power laws define the distribution of catastrophic events 
in self-organized critical systems (see self-organization). 


power series 
An infinite sum of the form 
At axtaxr’t+axret..., 


where a is a number of any type and «x is the variable. 
Power series are commonly used to define functions. For 
example, the sine function can be written 


sin x=x—20°/3!44°/5!—x/7!4+..., 


“ype 


where stands for factorial. Although the series has 
infinitely many terms, these get small so quickly that 
only the first few terms make much of a contribution. 


power set 

The set of all subsets of a given set, including the empty 
set and the original set. For example, if the original set is 
{a, b, c} then the power set is {{O, {a}, {0}, {c}, {a D}, {a, 
ch, {B, ch, {a & ch}. 


power tower 
A way of representing very large numbers in terms of 
stacks of exponents. For example: 


10°" = 10°” = 10328828? = enormous 


In general, and especially if the number at the top of the 
tower is fairly large, adding another exponent to the bot- 
tom of a tower will make the value of the tower much 
larger than will increasing the size of the bottom expo- 
nent. This leads to the (somewhat counterintuitive) result 
that to know which of two towers is the larger, you can 
look at how many exponents are in the tower and know 
right away which is larger. For example: 


1.1" is much larger than 1,000°"” 


In the case of an infinite power tower of the form 


xt 


xs 


the maximum value that x can take and still cause the 
tower to converge to a finite value is e"”? = 1.444667.... 
The minimum value of x that will produce convergence 
is 1/e = 0.065988 .... 


powerful number 

Also known as a squarefull number, a positive whole num- 
ber z such that for every prime number p dividing x, p’ 
also divides 7. Every powerful number can be written as 
a’b’, where a and b are positive integers. The first few 
powerful numbers are 1, 4, 8, 9, 16, 25, 27, 32, 36, 49, 64, 
72, 81, 100, and 108. Pairs of consecutive powerful num- 
bers exist, such as (8,9), (288,289), and (675,676). How- 
ever, no three consecutive powerful numbers are known 
and, in 1978, Paul Erdés conjectured that none exist. 


practical number 

A number ~ such that every positive integer less than is 
either a divisor or a sum of distinct divisors of 2. The first 
few practical numbers are 1, 2, 4, 6, 8, 12, 16, 18, 20, and 
24. All perfect numbers are practical. 
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prime number 


[U]pon looking at prime numbers one has the feeling 
of being in the presence of one of the inexplicable 
secrets of creation. 

—Don Zagier 


An integer greater than 1 that is divisible only by 1 and 
itself. Prime numbers have fascinated mathematicians for 
centuries, in large part because of how they are distrib- 
uted. At first sight, their occurrence looks random; yet, 
on closer inspection, they reveal a subtle order or pattern, 
that seems to hold deep truths about the nature of math- 
ematics and of the world in which we live. The German- 
born American mathematician Don Zagier (1951-), in 
his inaugural lecture at Bonn University, put it this way: 


There are two facts about the distribution of prime 
numbers which I hope to convince you. . . . The first 
is that despite their simple definition and role as the 
building blocks of the natural numbers, the prime 
numbers... grow like weeds among the natural 
numbers, seeming to obey no other law than that of 
chance, and nobody can predict where the next one 
will sprout. The second fact is even more astonish- 
ing, for it states just the opposite: that the prime 
numbers exhibit stunning regularity, that there are 
laws governing their behavior, and that they obey 
these laws with almost military precision. 





prime number A remarkable pattern generated by the distri- 
bution of the first few billion primes. Jean-Francois Colonna/Ecole 
Polytechnique 


The prime numbers are 2, 3, 5, 7, 11, 13, 17, 19, 23, 29, 
31, 37, 41, 43, 47, 53, 59,.... The fundamental theorem of 
arithmetic declares that the primes are the building blocks 
of the positive integers: every positive integer is a product 
of prime numbers in one and only one way, except for the 
order of the factors. This is the key to their importance: 
the prime factors of an integer determine its properties. 
The ancient Greeks proved (c. 300 B.c.) that there are infi- 
nitely many primes and that they are irregularly spaced; in 
fact, there can be arbitrarily large gaps between successive 
primes. On the other hand, in the nineteenth century it 
was shown that the number of primes less than or equal to 
n approaches m/log m, as 7 gets very large (a result known as 
the prime number theorem), so that a rough estimate for the 
nth prime is ” log n. In his Disquisitiones Arithmeticae 
(1801), Carl Gauss wrote: “The problem of distinguishing 
prime numbers from composite numbers and of resolving 
the latter into their prime factors is known to be one of the 
most important and useful in arithmetic. It has engaged 
the industry and wisdom of ancient and modern geome- 
ters to such an extent that it would be superfluous to dis- 
cuss the problem at length. . . . Further, the dignity of the 
science itself seems to require that every possible means be 
explored for the solution of a problem so elegant and so 
celebrated.” The earliest known primality test is the sieve 
of Eratosthenes, which dates from around 240 B.c. How- 
ever, high-speed computers and fast algorithms are needed 
to identify large primes. New record-breaking primes tend 
to be of the variety known as Mersenne primes, since 
these are the easiest to find. About 6,000 prime numbers 
are known of which the largest is 27°" — 1. 

Much remains unknown about the primes. As Martin 
Gardner said:""! “No branch of number theory is more 
saturated with mystery....Some problems concerning 
primes are so simple that a child can understand them 
and yet so deep and far from solved that many mathe- 
maticians now suspect they have no solution. Perhaps 
they are ‘undecideable.’? Perhaps number theory, like 
quantum mechanics, has its own uncertainty principle 
that makes it necessary, in certain areas, to abandon 
exactness for probabilistic formulations.” One of the 
greatest unsolved problems in mathematics is the Rie- 
mann hypothesis concerning the distribution of prime 
numbers. See also Goldbach’s conjecture, twin primes, 
Ulam spiral, and Ishango bone. 


primitive root 

A primitive root for a prime number p is one whose pow- 
ers generate all the nonzero integers modulo (or mod) p. 
For example, 3 is a primitive root modulo 7 since 3 = 3', 
2 = 3° mod 7, 6 = 3° mod 7, 4 = 3' mod 7, 5 = 3° mod 7, 
1=3° mod 7, 
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prism A pentagonal prism. Robert Webb, wwwsoftware3d.com; created using Webb's Stella program 


primitive root of unity 
The complex number z such that z’ = 1 but z‘ is not 
equal to 1 for any positive integer & less than n. 


primorial 

Also known as a prime factorial, the product of all prime 
numbers that are less than or equal to a given prime p; it 
is denoted p#. For example 3# = 2 x 3 =6, 5#=2x3x 
5 = 30, and 13#=2x3x5x7x 11x 13 = 30,030. 


Prince Rupert's problem 

The problem of pushing a cube through a hole in another 
cube of equal or less size; it is named after Prince Rupert 
(1619-1682), a nephew of England’s King Charles I, who 
won a wager that a hole could be made in one of two equal 
cubes large enough for the other cube to slide through. 
The mathematics of cubes passing through cubes was con- 
sidered by John Wallis. Later, in 1816, a solution was pub- 
lished posthumously by the Dutch mathematician Pieter 
Nieuwland (1764-1794) to the question: What is the 
largest cube that can be passed through a unit cube (a cube 
of which each side is one unit long)? Nieuwland answered 
this by finding the largest square that fits inside a unit 


cube. When viewed from directly above one apex, a unit 
cube has the outline of a regular hexagon of side V3/V2. 
The largest square that will go into a cube has a face that 
can be inscribed within this hexagon; the length of its edge 
is V6 — V2 = 1.03527618. 


prism 

A semi-regular polyhedron constructed from two con- 
gruent 7-sided polygons and x parallelograms. The word 
comes from the Greek prizma, which relates to cutting 
or sawing. A prismoid resembles a prism but has bases 
that are similar rather than congruent, and sides that are 
trapezoids rather than parallelograms. An example of a 
prismoid is the frustum of a pyramid. A prismatoid is a 
polyhedron with all its vertices lying in two parallel planes. 


prisoner's dilemma 

A problem in game theory first described by the 
Canadian-born Princeton mathematician Albert Tucker 
(1905-1995) in 1950, while addressing an audience of 
psychologists at Stanford University, where he was a vis- 
iting professor. It runs along these lines: Al and Bob have 
been arrested for holding up the Anyapolis State Bank 
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and have been put in separate cells. Each cares a lot more 
about his personal freedom than he does about his 
accomplice’s welfare. A clever prosecutor makes the fol- 
lowing offer to each. “You may choose to confess or 
remain silent. If you confess and your accomplice 
remains silent, I'll drop all charges against you and use 
your testimony to ensure that your accomplice does seri- 
ous time. Likewise, if your accomplice confesses while 
you remain silent, he’ll go free while you do the time. If 
you both confess I get two convictions, but I’ll see to it 
that you both get early parole. If you both remain silent, 
Pll have to settle for token sentences on firearms posses- 
sion charges. If you wish to confess, you must leave a 
note with the jailer before I come back tomorrow morn- 
ing.” The dilemma faced by the prisoners is that, what- 
ever the other does, each is better off confessing than 
remaining silent. But the outcome when both confess is 
worse for each than the outcome if both stay silent! 

Tucker’s paradox was based on puzzles with a similar 
structure that had been devised in 1950 by Merrill Flood 
and Melvin Dresher as part of the Rand Corporation’s 
investigations into game theory (which Rand pursued 
because of possible applications to global nuclear strat- 
egy). Flood and Dresher hadn’t published much about 
their work, but the prisoner’s dilemma attracted an enor- 
mous amount of attention in subjects as diverse philoso- 
phy, biology, sociology, political science, and economics, 
as well as game theory itself. A common view is that the 
puzzle illustrates a conflict between individual and group 
rationality. A group whose members pursue rational self- 
interest may all end up worse off than a group whose 
members act contrary to rational self-interest. More gen- 
erally, if the payoffs aren’t assumed to represent self- 
interest, a group whose members rationally pursue any 
goals may all meet less success than if they hadn’t ratio- 
nally pursued their goals individually. 


probability 

A measure of how likely it is that some event will occur, 
given as a number between 0 (impossible) and 1 (certain). 
Usually, probability is expressed as a ratio: the number of 
experimental results that would produce the event 
divided by the number of experimental results consid- 
ered possible. For example, the probability of drawing 
the five of hearts from an ordinary deck of cards is one in 


fifty-two (1:52). 


probability theory 

The branch of mathematics that deals with the possi- 
ble outcomes of events and their relative likelihoods. 
While mathematicians agree on how to calculate the 
probability of certain events and how to use those 


calculations in certain ways, there’s plenty of disagree- 
ment as to what the numbers actually mean. Probabil- 
ity divides into two main concepts: aleatory probability, 
which represents the likelihood of future events whose 
occurrence is governed by some random physical phe- 
nomenon like tossing dice or spinning a wheel; and 
epistemic probability, which represents our uncertainty 
of belief about past events that either did or didn’t 
occur, or uncertainty about the causes of future events. 
An example of the latter is when we say that it’s “prob- 
able” that a certain suspect committed a crime based 
on the available evidence. It is an open question 
whether aleatory probability is reducible to epistemic 
probability based on our inability to precisely pre- 
dict every force that might affect the roll of a die, 
or whether such uncertainties exist in the nature of 
reality itself, particularly at the level of quantum 
mechanics. One of the earliest mathematical studies on 
probability was written by Girolamo Cardano. Among 
other important contributions to the development of the 
subject were those by Blaise Pascal, Pierre de Fermat, 
Jakob Bernouilli (see Bernouilli family), Joseph 
Lagrange, Pierre Laplace, Carl Gauss, Siméon Poisson, 
Abraham de Moivre, Pafnuty Chebyshev, Andrei 
Markov (see Markov chain), and Andrei Kolmogorov. 


PUZZLES 

The following are two problems in probability. Both are 
easier to solve if the various possible outcomes are 
written down in the form of a table. 

1. You meet a stranger on the street, and ask how 
many children he has. He truthfully says two. You 
ask “Is the older one a girl?” He truthfully says yes. 
What is the probability that both children are girls? 
What would the probability be if your second 
question had been “Is at least one of them a girl?”, 
with the other conditions unchanged? 

2. You are in a game of Russian roulette, but this 
time the gun (a six-shooter revolver) has three 
bullets in a row in three of the chambers. The bar- 
rel is spun only once. Each player then points the 
gun at his head and pulls the trigger. If he is still 
alive, the gun is passed to the other player who 
then points it at his own head and pulls the trig- 
ger. The game stops when one player dies. Would 
you stand a better chance of surviving if you shoot 
first or second, or does it make any difference? 

Solutions begin on page 369. 


See also Buffon’s needle, birthday problem, Monty 
Hall problem, and St. Petersburg paradox. 
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Proclus Diadochus (c. a.p. 410-485) 

The last major Greek philosopher; his Commentary on 
Euclid is the main original source we have on the early 
history of Greek geometry. He also wrote Hypotyposis, 
which gives a detailed account of the Earth-centered 
astronomical theories of Hipparchus and Ptolemy. 


product 
The result of one or more multiplications. 


projectile 

An object, such as a baseball, spear, or cannonball, that is 
thrown, fired, or otherwise propelled but that can’t pro- 
pel itself. For centuries, philosophers and mathemati- 
cians debated what path a projectile follows under 
gravity. Galilei Galileo was the first to establish that (in 
the absence of air resistance) this path is a parabola. 


projective geometry 

The branch of geometry that deals with properties of 
geometric figures that remain unchanged under projec- 
tion. A mathematical theory of perspective grew out of 
the studies of Renaissance architects and painters 
who asked themselves how to best represent a three- 
dimensional object on a two-dimensional surface. The 
Greeks had done some early work on perspective, and the 
great geometer Pappus of Alexandria is credited with 
the first theorem in projective geometry. However, the 
subject reached mathematical maturity through the 
efforts first of Girard Desargues, and then, much later 
through the work of Jean Poncelet and by Karl von 
Staudt (1798-1867). 

The basic elements of projective geometry are points, 
lines, and planes. These elements retain their characteris- 
tics under projection; for example, the projection of a 
line is another line, and the point of intersection of two 
lines is projected into another point that is the intersec- 
tion of the projections of the two original lines. However, 
lengths and ratios of lengths are not invariant under pro- 
jection, nor are angles or the shapes of figures. The con- 
cept of parallelism doesn’t appear at all in projective 
geometry; any pair of distinct lines intersects in a point, 
and if these lines are parallel in the sense of Euclidean 
geometry, then their point of intersection is at infinity. 
The plane that includes the ideal line, or line at infinity, 
consisting of all such ideal points, is called the projective 
plane. Two properties that are invariant under projection 
are the order of three or more points on a line and the 
harmonic relationship, or cross-ratio, among four points, 
A, B, C, D, that is, AC/BC : AD/BD. The most remark- 
able concept in projective geometry is that of duality. In 
the plane, the terms point and line are dual and can be 


interchanged in any valid statement to yield another 
valid statement; in space, the terms plane, line, and point 
are interchanged with poznt, line, and plane, respectively, 
to yield dual statements. Entire theorems also occur in 
dual pairs, so that one can be instantly transformed into 
the other. For example, Pascal’s theorem (given a hexagon 
inscribed in a conic section, the three pairs of the con- 
tinuations of opposite sides meet on a straight line) is the 
dual of Brianchon’s theorem (given a hexagon circum- 
scribed on a conic section, the lines joining opposite 
diagonals meet in a single point). In fact, all the proposi- 
tions in projective geometry occur in dual pairs. 


projective plane 

The surface you would get if you glued the edge of a disk 
to the edge of a Mébius band. This sounds easy to do, 
since a disk and a Mébius band each have one edge. But 
the process becomes hopelessly tangled and is, in fact, 
impossible. The projective plane needs a fourth dimen- 
sion, in addition to the three we live in (up-down, left- 
right, and back-forth), to be fully realized. The idea of 
the projective plane arose from the study of perspec- 
tive by mathematicians and painters in the Renaissance. 
In trying to represent parallel lines in space on the two- 
dimensional surface of a painting, it was found useful to 
introduce the notion of a line at infinity on which parallel 
lines met. The study of the geometry that adds this extra 
line of ideal points to the ordinary familiar plane came to 
be known as projective geometry, because of its use in 
studying projections of figures onto different lines. This 
idea was even more important in three dimensions, since 
projections are used for representing three-dimensional 
figures on planes. An interesting property of the projec- 
tive plane is that any “straight” line on it, followed far 
enough, comes back to the starting point. (The old arcade 
version of the game of Asteroids was played on a virtual 
projective plane: the screen was a disk, and when an aster- 
oid went off one edge of the screen it emerged on the 
opposite side.) The projective plane is also nonorientable, as 
a result of which any two-dimensional object pushed 
along a path back to its starting point would be reversed. 


prolate 
(1) Rounded like an egg. (2) Having a polar diameter 
greater than the equatorial diameter. See also spheroid. 


pronic number 

Also known as a rectangular or oblong number, a number 
that is the product of two consecutive integers: 2 (1 x 2), 
6 (2 x 3), 12 (3 x 4), 20 (4x 5),.... The pronic numbers 
are twice the triangular numbers, and represent the 
lengths that produce the musical intervals: octave (1:2), 
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fifth (2:3), fourth (3:4), major third (4:5).... Pronic 
seems to be a misspelling of promic, from the Greek 
promekes, for “rectangular” or “oblong”; however, the “n” 
form goes back at least as far as Leonhard Euler who used 
it in series one, volume fifteen of his Opera. 


proof 

A sequence of statements in which each subsequent state- 
ment is derivable from one of the previous statements or 
from an axiom of a formal system. The final statement of 
a proof is usually the theorem that one has set out to prove. 


proper divisor 
See aliquot part. 


proportional 

A variable a is said to be directly proportional to b if a/b is 
a constant. The relationship is written a « b, which 
implies that a= kb, where & is a constant. If a is inversely 
proportional to b, this is written a 1/b. 


pseudoprime 

A number that passes the test of Fermat’s little theorem 
(FLT) for prime numbers but actually isn’t a prime. FLT 
says that if p is prime and a is coprime to p, then a?~'- 1 
is divisible by p. If a number x is not prime, a is coprime 
to x, and x divides a*~' — 1, then «x is called a psendoprime 
to base a. A number x that is a pseudoprime for all values 
of a that are coprime to x is called a Carmichael num- 
ber. The smallest pseudoprime in base 2 is 341. This isn’t 
prime because 341 = 11 x 31; however, it satisfies FLT: 
2*° — 1 is divisible by 341. 


pseudosphere 

A saddle-shaped surface that is produced by rotating a 
tractrix about its asymptote. The name pseudosphere, 
which means “false sphere,” is misleading because it sug- 
gests something that is spherelike; however, a pseudo- 
sphere is almost exactly the opposite of a sphere. Whereas 
a sphere has a constant positive curvature (equal to +//, 
where r is the radius) at every point on its surface, a pseu- 
dosphere has a constant negative curvature (equal to —//r) 
everywhere. As a result, a sphere has a closed surface and 
a finite area, while a pseudosphere has an open surface 
and an infinite area. In fact, although both the two- 
dimensional plane and a pseudosphere are infinite, the 
pseudosphere manages to have more room! One way to 
think of this is that a pseudosphere is more intensely infi- 
nite than the plane. Another result of the pseudosphere’s 
negative curvature is that the angles of a triangle drawn on 
its surface add up to less than 180°. The geometry on the 
surfaces of both the sphere and the pseudosphere is a two- 





pseudosphere 


dimensional non-Euclidean geometry—spherical (or 
elliptical) geometry in the case of the sphere and hyper- 
bolic geometry in the case of the pseudosphere. Astron- 
omers currently suspect that the universe we live in may 
have a hyperbolic geometry and thus have properties 
analogous to those of a pseudosphere. 


Ptolemy's theorem 

The sum of the products of the two pairs of opposite 
sides of a convex cyclic quadrilateral (see cyclic poly- 
gon) is equal to the product of the lengths of the diago- 
nals. The theorem is named after the mathematician, 
astronomer, and geographer Ptolemy of Alexandria. 


pure mathematics 
Mathematics for the sake of its internal beauty or logical 
strength. Compare with applied mathematics. 


pursuit curve 

The path an object takes when chasing after another 
object in the most effective way. Pursuit curves can arise 
in a variety of situations, for example when a lion is chas- 
ing after a gazelle or a heat-seeking missile is homing in 
on a moving target. Suppose that four ants are at the cor- 
ners of a square. They start to crawl clockwise at a constant 
rate, each moving toward its neighbor. At any instant, 
they mark the corners of a square. As the ants get closer to 
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pursuit curve A set of superimposed snapshots shows the 
lines of sight at regular intervals of four bugs chasing one 
another, all moving at the same speed after starting at the cor- 
ners of a square. John Sharp 


the original square’s center, the new square they define 
rotates and diminishes in size. In reaching the center, each 
ant travels on a logarithmic spiral with a length equal to 
the side of the original square. Superimposed snapshots 
of the ants’ progress give rise to an intriguing pattern. 


puzzle jug 

A practical joke in the form of a drinking vessel that, 
unless the trick is known, spills all over the user when he 
tries to take a sip. As the jug is tilted, liquid pours out 
from the pierced decoration surrounding the pot. The 
puzzle is to learn the secret of how to successfully drink 
without getting wet. Puzzle jugs are the oldest known 
mechanical puzzles. Several Phoenician examples are in 
New York’s Metropolitan Museum of Art, and in ninth- 
century Turkey they were especially popular. Puzzle jugs 
have been manufactured in Germany, Holland, France, 
and several other European countries since the end of the 
thirteenth century. The Exeter puzzle jug, on display in 
the Royal Albert Museum in Exeter, Devon, was probably 
made in the Saintonge region of western France, around 
1300, and is one of the finest examples of medieval pot- 
tery imported to England. Puzzle jugs came back into 
vogue in the eighteenth and nineteenth centuries and are 
still manufactured by ceramicists in France, Germany, and 
Britain. And the secret? That is really quite open, and can 
be handled by anyone prepared to get to the bottom of it. 


puzzle rings 

A mechanical puzzle consisting of a group of interlock- 
ing rings that fit together to form an intricate design; 
when apart, the rings remain interconnected and pose a 
challenging puzzle. The puzzle itself has ancient origins 
in Egypt, though many stories have been told of its use 
throughout the Middle East. According to one, a person 
would give the ring to their lover telling them of the 
magical qualities of the ring. If the ring was ever worn 
while being amorous to another, it would tell the giver 
of the ring about the unfaithfulness of the ring wearer. 
The wearer, wishing to avoid the watchfulness of the 
ring, might remove it from their finger so that it 
wouldn’t witness an unfaithful act. But once removed, 
the ring would fall into its separate pieces and so the 
giver would know their lover had been cheating. 


pyramid 
A polyhedron whose base is a polygon and whose other 
faces are triangles that meet at a common vertex, some- 
times called the apex. A right pyramid has its apex directly 
above the center of its base. A square-based pyramid, like 
the pyramids in Egypt, has a square base and four trian- 
gular sides. A triangular pyramid, or tetrahedron, is made 
from four triangular sides; if regular, it is one of the Pla- 
tonic solids. The volume of a pyramid is ‘5.4,h, where A, 
is the area of the base and 4 is the perpendicular height of 
the apex above the base; the surface area is ps, where p is 
the base perimeter and s is the slant height. 
Pyramidology, which (in its original form) claims links 
between biblical prophesy and the construction of the 
Egyptian pyramids, stemmed from the publication in 1859 
of The Great Pyramid: Why Was It Built? And Who Built It? by 





pyramid The Great Pyramid of Cheops at Giza. 
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John Taylor, a British amateur mathematician and 
astronomer who was editor of the London Observer. Taylor 
became convinced that the Great Pyramid of Cheops, in its 
architectural proportions, embodied various remarkable 
and deeply meaningful geometric and mathematical prop- 
erties. Chief among these, Taylor noted, was that the ratio 
of the perimeter of the pyramid’s base to twice its height 
closely approximates the universal constant pi. The said 
ratio of the Great Pyramid gives a better value for pi than 
any found in written Egyptian records. The Rhind papyrus 
contains several problems that involve a multistep method 
for finding the area of a circle from its diameter. This 
method implies a value of x equal to 7°%1, or 3.1605, which 
is less than 1% larger than the true value of 3.14159.... 
The values Taylor used for the Great Pyramid’s base and 
height gave him a value of x correct to two decimal places. 
Further analysis of the pyramid’s dimensions and various 
manipulations of numbers led him to conclude that the 
builders of the edifice had used a unit that he called “pyra- 
mid inch” (equal to about 1.01 times a standard inch). 
Twenty-five pyramid inches made a “pyramid cubit,” and 
10 million pyramid cubits, Taylor pointed out, approxi- 
mate the length of Earth’s polar radius. These and a series 
of similar calculations provided what Taylor considered to 
be adequate evidence that the Great Pyramid had been 
built as a model of Earth. Taylor’s fantastic claims may 
never have become popular had not Charles Piazzi Smyth, 
the Astronomer Royal of Scotland taken up the cause of 
pyramidology. He popularized it in Britain, the rest of 
Europe, and the United States, through a number of books 
including Our Inheritance in the Great Pyramid (1864) and 
Life and Work at the Great Pyramid (1867). (In the churchyard 
in Sharow, North Yorkshire, Smyth has a pyramidal grave 
marker.) Others who espoused pyramid numerology have 
included Helena Blavatsky, the theosophist; Charles Taze 
Russell, founder of the Watchtower Bible and Tract Soci- 
ety; and Edgar Cayce, the American psychic; not to men- 
tion a variety of more recent pseudohistorians who have 
linked the Great Pyramid to everything from lost civiliza- 
tions to UFOs. Yet Taylor himself was well aware of other, 
less dramatic explanations for the pyramid’s dimensions, 
including the possibility that the pyramid had been con- 
structed so that the area of one of its faces would equal the 
square of its height. The mathematical sophistication 
required to achieve this is not great and would have 
resulted in a ratio of the perimeter of the base to twice the 
height of 3.145—about as close as the approximation of pi 
used by Smyth in his studies. So, the ratio could have 
occurred as a completely coincidental byproduct of a 
design that had nothing to do with the ratio of the circum- 
ference of a circle to its diameter. The pyramid is a rich 
source of the kind of data that Taylor and Smyth worked 


with, and it would be surprising if they’d been unable to 
come up with some interesting number combinations 
given the extent of their efforts. 


pyramidal number 
The number of dots that may be arranged in a pyramid 
with a regular polygon as a base. 


Pythagoras of Samos (c. 580-500 B.c.) 

A Greek philosopher and mathematician, a native of 
the Aegean island of Samos, and the founder of a se- 
cretive pseudoreligious community in Croton, southern 
Italy. Pythagoras left no writings and virtually nothing is 
known about him as an individual, so it is almost im- 
possible to disentangle the beliefs and discoveries of 
the “Pythagoreans” from those of their leader. To the 
Pythagoreans, “everything is number” and every number 
was supposed to be a quantity that could be expressed as 
the ratio of two integers. We now call such a number a 
rational number. The Pythagoreans used music as an 
example of the perfection and harmony of numbers that 
can be expressed as ratios. They showed that pitch could 
be represented as a simple ratio that came from the 
length of equally tight strings that could be plucked. Per- 
haps the most famous of the Pythagoreans’ mathematical 
results is Pythagoras’s theorem. Then the sky fell in on 
the Pythagoreans’ worldview. Using their very own theo- 
rems they showed that not all numbers are rational. Their 
discovery that the square root of 2 (the length of the 
hypotenuse of a triangle with sides 1 and 1) can’t be 
expressed as ratio of two whole numbers was to have 
been kept a closely guarded a secret, but was later re- 
vealed by one of the cult’s members. 


Pythagoras’s lute 

The kite-shaped figure that forms the enclosing shape for 
a progression of diminishing pentagons and pentagrams, 
linking the vertices together. The resulting diagram is 
replete with lines in the golden ratio. 


Pythagoras’s theorem 

The square of the length of the hypotenuse of a right tri- 
angle is the sum of the squares of the lengths of the two 
sides. This is usually expressed as a* + b* = c’. See also 
Pythagorean triplet. 


Pythagorean square puzzle 

A deceptively hard assembly puzzle in which a small 
square piece must be combined with four pieces forming 
a larger square to make an even larger square. 
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PUZZLE 


Rearrange the pieces in the Pythagorean square puzzle, 
including the small square, to make a single larger square. 


Solutions begin on page 369. 


Pythagorean triangle 
A right triangle whose sides are integers. A primitive 
Pythagorean triangle is one whose sides are coprime. 


Pythagorean triplet 

Also called a Pythagorean triple, a set of three whole num- 
bers that satisfies Pythagoras’s theorem, that is, the 
squares of two of the numbers add up to the square of the 
third number. Examples include (3, 4, 5), (5, 12, 13), and 
(7, 24, 25). These are called primitive triplets because they 
have no common divisors. If the members of a primitive 
triplet are multiplied by the same integer, the result is a new 
(but not primitive) triplet. In any primitive Pythagorean 
triplet, one, and only one, of the three numbers must be 
even (but can’t equal 2); the other two numbers are 
coprime. There are infinitely many such triplets, and they 
are easy to generate using a classic formula, known since 
ancient times. If the numbers in the triplet are a, b, and c, 
then: a= 7” — m’, b= 2mn, c= m’ + n’, where m and n are 
two integers and m is less than z. Because the square root 
of 2 is irrational, there can’t be any Pythagorean triplets (a, 
a, c). However, there are an infinite number of triplets (a, a 
+ 1, 0), the first three of which (apart from the trivial (0, 1, 
1)) are (3, 4, 5), (20, 21, 29), and (119, 120, 169). 

There are also an infinite number of Pythagorean quar- 
tets (a, b, c, d) such that a* + b? +c’ = a’. This is simply the 
three-dimensional form of Pythagoras’s theorem and can 
be interpreted as the fact that the point in three- 
dimensions with Cartesian coordinates (a, J, 0) lies an 
integer distance d from the origin. A formula that gener- 
ates Pythagorean quartets is: a= m’, b= 2mn, c= 2n’, d= 
(m? + 2n*)=a+c. Also note that b? = 2ac. When m= 1 and 
n= 1, we get the quartet (1, 2, 2, 3)—the simplest example. 

Although there are an infinite number of Pythagorean 
triplets, Fermat’s last theorem, which is now know to be 
true, ensures that there are no triplets for higher powers. 
See also Euler’s conjecture and multigrade. 








QED 
Abbreviation for quod erat demonstrandum (“that which 
was to be shown”), used to denote the end of a proof. 


quadrangle 

A plane figure consisting of four points, each of which is 
joined to two other points by a line segment. A quadran- 
gle may be concave or convex depending on whether 
the line segments do or don’t intersect. A convex quad- 
rangle is a quadrilateral. The word is from the Latin 
quadrangulum for “four-cornered” and is also used to 
describe a rectangular area surrounded on all four sides 
by buildings, or to such buildings themselves. 


quadrant 
Any one of the four portions of the plane into which the 
plane is divided by the Cartesian coordinate axes. 


quadratic 

An expression or an equation that contains the variable 
squared, but not raised to any higher power. For 
instance a quadratic equation in x contains x’ but not x°. 
Similarly a quadratic expression, or a quadratic form, con- 
tains its variable(s) squared but not raised to any higher 
power. If there is more than one variable (say, x and_y), 
quadratic can mean that they are multiplied together in 
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quadrangle The sixteenth-century quadrangle of Oxford Uni- 
versity’s Oriel College. Orie! College, Oxford 
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pairs (xy) but not in threes (such as x’y). The graph of a 
quadratic equation is known as a quadratic curve; the 
curve of the general quadratic equation y = ax’ + bx +c 
is a parabola. 


quadratrix of Hippias 

The first curve in recorded history that was not part of a 
line or a circle, and the first curve known that is not 
constructible in the classical sense; in other words, it 
can’t be drawn using a straightedge and a compass 
alone, but instead has to be plotted point by point. The 
quadratrix can be thought of as the intersection of two 
lines moving with constant velocity: the first line 
rotates (e.g., counterclockwise) while the second line 
moves along (say, in the direction of the positive y-axis). 
It has the Cartesian equation y = x cot(mx/2a). The 
quadratrix was discovered by Hippias of Elis in about 
430 B.c. and was used by him in his work on trisecting 
an angle and squaring the circle. In fact, its name refers 
to its use in turning curvilinear space into a rectangular 
area. 


quadrature 
The determination of the area of a geometric figure. 


quadric 

A surface in three dimensions that is described by equa- 
tions containing the squares of x, y, and z, but no higher 
powers of them. Examples of such surfaces include the 
sphere, ellipsoid, cone, and cylinder. 


quadrifolium 
See rose curve. 


quadrilateral 

A polygon that has four sides and four vertices (cor- 
ners). Quadrilaterals, and polygons in general, may be 
convex or concave. A convex quadrilateral may be fur- 
ther classified as a trapezoid or a British trapezium 
(one pair of opposite sides are parallel), a trapezium (no 
sides parallel); an isosceles trapezoid (United States) or 
an isosceles trapezium (United Kingdom) (two of the 
opposite sides parallel, the two other sides equal, and 
the two ends of each parallel side of equal angles); a par- 
allelogram (opposite sides are parallel); a kite (two 
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adjacent sides of equal length, the other two sides of 
equal length); a rhombus (four sides of equal length); a 
rectangle (each angle is a right angle); or a square (four 
sides of equal length, each angle a right angle). Quad- 
rangular prisms and quadrangular pyramids are ones 
whose bases are quadrilateral. 


quantifier 

In symbolic logic, the universal quantifier V indicates “for 
every” or “for all.” For example, V x A, p(x) means for all 
x belonging to A, the proposition p(x) is valid. The exis- 
tential quantifier 4 indicates “there exists.” So, for 
instance, 4 x A, p(x) means there exists at least one x, 
belonging in A, for which the proposition p(x) is valid. 


quantum field theory 

The study of force fields such as the electromagnetic field 
in the context of quantum mechanics, and often special 
relativity theory. The mainstay of modern high-energy 
physics. 


quantum mechanics 

The science and mathematics that describe the behav- 
ior of nature at the atomic and subatomic level. At the 
heart of quantum mechanics are two basic concepts: 
(1) that every small bit of matter or energy can behave 
as if it were either a particle or a wave; and (2) that cer- 
tain combinations of properties such as position and 
velocity, and energy and time, can’t be known with 
arbitrary precision. The latter idea is encapsulated in 
Hreisenberg’s uncertainty principle. See also many worlds 
hypothesis. 


quartic 

A polynomial or polynomial equation that contains the 
fourth power of the variable, but no higher power. Many 
famous curves are described by such equations, including 
the bicorn, Cartesian oval, conchoid, deltoid, devil’s 
curve, folium, kampyle of Eudoxus, and limacon of 
Pascal. 


quartile 

The first quartile of a sequence of numbers is the num- 
ber such that one quarter of the numbers in the sequence 
are less than this number. 


quasicrystal 

A strange type of solid whose atomic structure is very reg- 
ular but never quite repeats. Quasicrystalline structures 
don’t have a simple unit cell that can be repeated period- 
ically in all directions to fill space, although they do have 
local patterns that repeat almost periodically. They also 


have local rotational symmetries, such as those of a pen- 
tagon, that can’t exist in ordinary crystals. Prior to the 
discovery of quasicrystals, it was thought that five-fold 
crystal symmetry was impossible, because there are no 
space-filling periodic tilings of this kind. The best known 
examples of quasicrystals resemble Penrose tilings, which 
use repeated copies of two different rhombi to cover an 
infinite plane in intricate, interlocking patterns. In fact, 
some quasicrystals can be sliced in such a way that the 
atoms on the surface follow the exact pattern of the Pen- 
rose tiling.” 


quasiperiodic 

Refers to a form of motion that is regular but never 
exactly repeating. Quasiperiodic motion is always com- 
posed of multiple but simpler periodic motions. In the 
general case for motion that is the sum of simpler peri- 
odic motions, if there exists a length of time that evenly 
divides the frequencies of the underlying motions, then 
the composite motion will also be periodic; however, if 
no such length of time exists, then the motion will be 
quasiperiodic. 


quasiregular polyhedron 

A polyhedron that consists of two sets of regular poly- 
gons, m-sided and m-sided respectively, and is constructed 
so that each polygon in one set is surrounded by mem- 
bers of the other set. There are three convex quasiregular 
solids: the cuboctabedron (m = 3, n = 4), the icosidodecahe- 
dron (m = 3, n = 5), and the octahedron (m =» = 3). In 
each case four faces meet at each vertex in the cyclic order 
(m, n, m, n). Because of this, these polyhedra have some 
special properties, one of which is that their edges form a 
system of great circles. The edges of the octahedron form 
three squares; the edges of the cuboctahedron form four 
hexagons, and the edges of the icosidodecahedron form 
six decagons. Among the nonconvex polyhedra are two 
examples of type (m, n, m, n): the dodecadodecahedron (m= 
5, 2 =f) and the great icosidodecahedron (m = 3, n = *), 
which can be made by truncating the Kepler-Poinsot 
polyhedra at their edge midpoints. There are also three 
nonconvex examples of type (m, 2, m, n, m, n): the small 
triambic icosidodecahedron (m = 3, n = *h), the triambic 
dodecadodecahedron (m = *h, n = 5), and the great triambic 
icosidodecabedron (m = 3, n = 5). Finally, there is a group of 
nine hemibedra, in which some faces pass through the 
polyhedron’s center. These hemifaces each cut a sphere 
into two hemispheres. 


quaternion 
An ordered set of four numbers. Quaternions, first intro- 
duced by William Hamilton, can also be written in the 
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quaternion = An Irish stamp showing the quaternion equa- 
tions in Hamilton’s own hand. 


form a+ bi+ co + dk, where a, b, c, and d are real numbers 
and 7, 7, and & are imaginary numbers, which is similar to 
that of complex numbers. Whereas complex numbers 
can be represented by points of a two-dimensional plane, 
quaternions can be viewed as points in the fourth 
dimension. For a while, quaternions were very influen- 
tial: they were taught in many mathematics departments 
in the United States in the late 1800s, and were a manda- 
tory topic of study at Dublin, where Hamilton ran the 
observatory. But then they were driven out by the vector 
notation of William Gibbs and Oliver Heaviside. Had 
quaternions come along later, when theoretical physicists 
were trying to understand patterns among subatomic par- 
ticles, they may have found a place in modern science; 
after all, the unit quaternions form the group SU(2), 
which is perfect for studying spin-'2 particles. But the 
way things turned out, quaternions had fallen from favor 
by the twentieth century and Wolfgang Pauli used 2 x 2 
complex matrices instead to describe the generators of 


SU(2). 


queens puzzle 

A famous chess problem that asks in how many ways 
eight queens can be placed on a chessboard so that no 
two attack each other. The generalized problem, to find 
how many ways queens can be placed on an 2 xz board 
so that no two attack each other, was first posed by Franz 
Nauck in 1850. In 1874 Giinther and Glaisher described 
methods for solving this problem based on determi- 
nants. The number of distinct solutions, not counting 
rotations and reflections, for board sizes ranging from 
1x1 to 10 x 10 is 1, 0, 0, 1, 2, 1, 6, 12, 46, and 92, respec- 
tively. The 6 x 6 puzzle, for which there is a solitary 


unique solution, was sold for one penny in Victorian 
London in the form of a wooden board with 36 holes 
into which pins were placed. 


quine 


Before we put the motion “that the motion be now 

put,” should we not first put the motion “that the 

motion ‘that the motion be now put’ be now put?” 
—Chairman of the meeting of the Society of Logicians 


A term named by Douglas Hofstadter after the Harvard 
logician Willard van Orman Quine. It can be used either 
as a noun or a verb. (1) Quine (noun). A computer pro- 
gram that produces an exact copy of itself (or, alterna- 
tively, that prints its own listing.) This means that when 
the program is run, it must duplicate (or print out) pre- 
cisely those instructions that the programmer wrote as 
part of the program, including the instructions that do 
the copying (or printing) and the data used in the copy- 
ing (or printing.) A respectable quine—one that doesn’t 
cheat—is not allowed to do anything as underhand or 
trivial as seeking the source file on the disk, opening it, 
and copying (or printing) its contents. Although writing 
a quine is not always easy, and in fact may seem impossi- 
ble, it can always be done in any programming language 
that is Turing complete (see Turing machine), which 
includes every programming language actually in use. (2) 
Quine (verb). To write a sentence fragment a first time, 
and then to write it a second time, but with quotation 
marks around it. For example, if we quine “say,” we get 
“say ‘say’”). Thus, if we quine “quine”, we get “quine 
‘quine,’ ” so that the sentence “quine ‘quine’ ” is a quine. 
In this linguistic analogy, the verb “to quine,” plays the 
role of the code, and “quine” in quotation marks plays 
the role of the data. 


quintic 

A polynomial or polynomial equation that contains the 
fifth power of the variable, but no higher power. Niels 
Abel and Evariste Galois independently proved that 
although there exist formulas for the general solution of 
quadratic, cubic, and quartic equations, no such formula 
exists for quintic equations. 


quipu 

A recording device generally associated with the Incas, 
who ruled Peru before the Spanish conquest. Quipu 
consisted of a number of color-coded cords; knots of 
various kinds were tied on these cords to represent a vari- 
ety of information. An important use of quipu was to 
record numbers for use in trade, keeping accounts, and 
calendars, but the knotted strings might also have served 
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as mnemonics for important historical events, astro- 
nomical data, and mythology (the Incas had no written 
language). Some evidence supports the idea that the 
knots and cords followed in a decimal system. Similar 
devices were used by several other Indian tribes and also 
described in Chinese and Persian documents from the 


fifth and sixth centuries B.c., and are still used by shep- 
herds in the Andes for keeping accounts of their herds. 


quotient 
The number of times that one number can be divided 
exactly into another. 








radian 

A unit of angular measurement such that there are 27 
radians in a complete circle. One radian = 180/n degrees. 
One radian is approximately 57.3°. 


radical 

The symbol that indicates a root, "V. It seems to have 
been first used in 1525 by Christoff Rudolff (1499-1545) 
in his Die Coss. 


radical axis 

The locus of points of equal power with respect to two 
circles. The radical center of three circles is the common 
point of intersection of the radical axes of each pair of 
circles. 


radius 

The distance from the center of a circle to its circumfer- 
ence, or from the center of a regular polygon to any one 
of its vertices. The radius of curvature, r, at any point of a 
curve is r= 1/«, where x is the curvature. 


radix 
See base. 


railroad problems 
See shunting puzzles. 


Ramanujan, Srinivasa Aaiyangar (1887-1920) 

An extraordinary, largely self-taught, Indian mathemati- 
cian who, in the most unorthodox way, made significant 
contributions to number theory, including the subject 
of elliptic functions, continued fractions, and infinite 
series. During much of his early work, he was unaware 
that he was rediscovering results that had taken other 
mathematicians centuries to achieve. But even in cases 
where he arrived at conclusions already known, he’d often 
travel an original route, and, in many cases, almost purely 
by intuition. Ramanujan was employed in a lowly clerk’s 
position in Madras, when, in 1913, he wrote letters to 
three eminent mathematicians in England describing 
some of his results. Two of the three letters were returned 
unopened. However, G. H. Hardy recognized Ramanu- 
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jan’s abilities and arranged for him to come to Cam- 
bridge. Because of his lack of formal training, Ramanujan 
sometimes failed to distinguish between formal proof and 
apparent truth based on intuition or numerical evidence. 
His extraordinary innate familiarity with numbers was 
revealed by an incident recalled by Hardy: “I remem- 
ber once going to see him when he was lying ill at Putney. 
I had ridden in taxi cab number 1729 and remarked that 
the number seemed to me rather a dull one, and that I 
hoped it was not an unfavorable omen. ‘No,’ he replied, 
‘it is a very interesting number; it is the smallest number 
expressible as the sum of two cubes in two different ways 
[1729 = P +127 =9 + 10°)” 

Unfortunately, Ramanujan’s health deteriorated rap- 
idly in England, perhaps due to the unfamiliar climate 
and food, and to the isolation which Ramanujan felt as 
the sole Indian and a devout Hindu in a culture which 
was alien to him. Ramanujan was sent home to recuper- 
ate in 1919, but tragically died the following year at the 
age of only 32. Although he published some of his results 
in journals, much of his work and conclusions have only 
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Ramanyjan, Srinivasa Aaiyangar The enigmatic mathemati- 
cian on an Indian commemorative stamp. 
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come to light more recently, from a scrutiny of his disor- 
ganized but fascinating notebooks.'™! 


Ramsey theory 

A branch of mathematics that asks questions such as: 
Can order always be found in what appears to be disor- 
der? If so, how much can be found and how big a chunk 
of disorder is needed to find a particular amount of order 
in it? Ramsey theory is named after the English mathe- 
matician Frank P. Ramsey (1904-1930) who started the 
field in 1928 while wrestling with a problem in logic. 
(Frank’s one-year-younger brother, Arthur, served as 
Archbishop of Canterbury from 1961 to 1974.) His life 
was cut short at the age of 26, following a bout of jaun- 
dice. Ramsey suspected that if a system was big enough, 
even if it seemed to be disorderly to an arbitrary degree, 
it was bound to contain pockets of order from which 
information about the system could be gleaned. 
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random 
Without cause; not compressible; obeying the statistics 
of a fair coin toss. 


random number 

A number generated by a process that is fundamentally 
nondeterministic and unpredictable. Computer-generated 
“random numbers,” which are calculated through a deter- 
ministic process, cannot, by definition, be random. Given 
knowledge of the algorithm used to create the numbers 
and its internal state, it’s possible to predict all of the num- 
bers returned by subsequent calls to the algorithm. For this 
reason the numbers produced by computer-based “ran- 
dom number generators” are often referred to as pseudo- 
random numbers. In the case of genuinely random numbers, 
knowledge of one number or an arbitrarily long sequence 
of numbers offers no clue of the next number to be gener- 
ated. Humans are among the worst random number gen- 
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ranunculoid A ranunculoid curve spun by thread on a computer loom. Jos Leys, wwwjosleys.com 
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erators. Ask someone to pick a number “at random” 
between 1 and 20, and the number they’re most likely to 
choose is 17. Psychologically random numbers, such as 17, are 
usually odd and don’t end in 5, so that they frequently 
tend to be prime numbers. See also Chaitin’s constant. 


random walk 

A process in which the position of a particle changes by 
discrete steps of fixed length, and the direction of each 
step is chosen randomly. Random walks have interesting 
mathematical properties that vary greatly depending on 
the number of dimensions in which the walk takes place 
and whether it is confined to a lattice. For a random 
walk in one dimension there are only two directions to 
choose from. Imagine a drunken person wandering on 
the number line who starts at 0, and then moves left or 
right (+/-1) with probability 12. The probability that the 
walker will eventually return to his starting point is 1; in 
other words, it is certain to happen. The same is true for 
a random walk in the plane, moving on the integer lat- 
tice points, with probability 4 in each of the coordinate 
directions: the probability of ending up back at the start- 
ing point is 1. However, the situation changes in three 
dimensions. Suppose a drunken fly moves randomly 
from one point to another in a three-dimensional lattice 
with a probability of 1 in 6 of arriving at any of the six 
adjacent lattice points on each move. No matter how 
long the fly roams, it has only a 0.34054 . . . probability 
of ever getting back to where it started. Probabilists say 
that random walks on the line and plane are recurrent, 
whereas random walks in three dimensions or more are 
transient. Effectively, this is because there is so much 
more “space” in three or more dimensions. The numbers 
giving the probability of eventually returning to the 
starting point are known as random walk constants. The 
random thermal perturbations in a liquid are responsible 
for a random walk phenomenon known as Brownian 
motion, and the collisions of molecules in a gas are a ran- 
dom walk responsible for diffusion. 


range 
(1) The set of possible values in which a function’s out- 
put can be. See also codomain. (2) The set of all points 
on a line segment. 


rank 

(1) Any of the rows of squares running crosswise to the 
files on a playing board in chess or checkers. (2) The rank 
of a matrix is equal to the dimension of the largest sub- 
matrix that can be obtained by deleting rows and 
columns of the parent matrix and that has a nonzero 
determinant. See also tensor. 


ranunculoid 
An epicycloid with five cusps (7 = 5), named after the 
buttercup genus Ranunculus. 


ratio 

A rational number of the form a/b where a is called the 
numerator and b is called the denominator. It may be writ- 
ten with a colon (:), as a fraction, or with the word Zo. 


rational number 

A number that can be written as an ordinary fraction—a 
ratio, a/b, of two integers, a and b, where b isn’t zero—or 
as a decimal expansion that either stops (like 4.58) or is 
periodic (like 1.315315 ...). Other examples include 1, 
1.2, 385.66, and '4. Rational numbers are countable, 
which means that, although there are infinitely many of 
them, they can always be put in a definite order, from 
smallest to largest, and can thus be counted. They also 
form what’s called a densely ordered set; in other words, 
between any two rationals there always sits another one— 
in fact infinitely many others. The rational numbers are 
a subset of the real numbers; real numbers that aren’t 
rational are called, rationally enough, irrational num- 
bers. Although rationals are dense on the real number 
line, in the sense that any open set contains a rational, 
they’re pretty sparse in comparison with the irrationals. 
One way to think of this is that the infinity of rationals 
(which, strangely enough, is exactly the same size as the 
infinity of whole numbers) is smaller than the infinity of 
irrational numbers. Another way to grasp the scarcity 
versus density issue, is to realize that the rationals can be 
covered by a set whose “length” is arbitrarily small. In 
other words, given a string of any positive length, no 
matter how short, it will still be long enough to cover all 
the rationals. In mathematical parlance, the rationals are 
a measure zero set. The irrationals, by contrast, are a 
measure one set. This difference in measure means that 
the rationals and irrationals are quite different even 
though a rational can always be found between any two 
irrationals, and an irrational exists between any two 
rationals. 


raven paradox 

A paradox put forward by the German logician Carl 
Hempel (1905-1997) in the 1940s to highlight a situation 
where the logic of induction seems to fly in the face of 
intuition. According to the principle of induction, the more 
that a theory is supported by observation, the greater 
the probability that the theory is true. Consider, said 
Hempel, the theory that all ravens are black. After each 
observation of a black raven, our belief in the theory “all 
ravens are black” increases. But here’s the rub. The state- 
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ment “all ravens are black” is logically equivalent to the 
statement “all nonblack things are nonravens.” The 
observation of a white swan is consistent with this state- 
ment. A white swan is a nonblack thing, and when we 
examine it, we observe that it is a nonraven. So by the 
principle of induction, observing a white swan should 
increase our belief that all ravens are black! 

Many solutions have been offered to this enigma. The 
American logician Nelson Goodman (1906-1998) sug- 
gested imposing restrictions to our reasoning, such as 
never considering an instance as support for “All P are 
Q” if it would also support “No P are Q.” Others have 
questioned the principle of equivalence. Perhaps seeing a 
white swan should strengthen our belief in the theory 
“all nonblack things are nonravens,” without increasing 
our conviction that “all ravens are black.” Yet others 
have argued that our intuition is flawed. Observing a 
white swan really does increase the probability that all 
ravens are black! After all, if you were shown all the non- 
black things in existence, and you noticed that none was 
a raven, then you could properly conclude that all 
ravens were black. The example only seems counterintu- 
itive because the set of nonblack things is vastly larger 
than the set of ravens. Thus observing one more non- 
black thing that is not a raven should make a tiny differ- 
ence to our degree of belief in the proposition compared 
to the difference made by observing one more raven that 
is black. 

A way to sidestep the paradox is by using Bayes’s the- 
orem. According to this the probability of a hypothesis 
HT must be multiplied by the ratio: 


probability of observing X if H is true 
probability of observing X 





If a swan is picked at random, the probability of it being 
white is independent of the colors of ravens. The numer- 
ator in the above ratio will equal the denominator, the 
ratio will equal one, and the probability will remain 
unchanged. Seeing a white swan doesn’t affect our belief 
about whether all ravens are black. If a nonblack thing is 
chosen at random, and a white swan is shown, then the 
numerator will be bigger than the denominator by a tiny 
amount. Seeing the white swan will only slightly increase 
our belief that all ravens are black. We’d have to see 
almost every nonblack thing in the universe (and see that 
they’re all nonravens) before our belief in “all ravens are 
black” would increase appreciably. In both cases, these 
results are in line with intuition. 


ray 
A straight path of points that begins at one point and 
continues in one direction. 


real number 

Any number that can be represented as a decimal, possi- 
bly infinitely long and nonrepeating. Real numbers stand 
in one-to-one correspondence with the points on a con- 
tinuous line, known as the real number line, that stretches 
from zero to infinity in both directions. The set of real 
numbers contains the set of all rational numbers and the 
set of all irrational numbers. The name “real number” is 
a retronym, coined by René Descartes in response to the 
concept of imaginary numbers. Number systems that 
are even more general than the real numbers include the 
complex numbers and, of much more recent discovery, 
hyperreal numbers and surreal numbers. 


realm 
A term advocated for a three-dimensional version of the 
two-dimensional plane. 


reciprocal 
One over a given number; for example, the reciprocal of 
4 is lA. 


Recorde, Robert (c. 1510-1558) 

A Welsh physician and mathematician, born in Tenby, 
Pembrokeshire, and trained at Oxford and Cambridge, 
who held various positions, including master of the mint in 
Bristol and later in Ireland, and wrote a number of influen- 
tial math textbooks. These books formed a complete course 
and were written in English, rather than the usual Latin or 
Greek, so that they could be read by anyone. In one of 
them Recorde introduces the “=” sign for “equals.” 


rectangle 

A quadrilateral whose interior angles are all 90°. If all of 
its sides are the same length, it is a square. The smallest 
square that can be cut into m xm rectangles, such that all 
mand n are different integers, is the 11 x 11 square, and 
the tiling uses five rectangles. The smallest rectangle that 
can be cut into m Xx m rectangles, such that all m and 7 are 
different integers, is the 9 x 13 rectangle; this tiling also 
uses five rectangles. 


rectangular coordinates 
See Cartesian coordinates. 


rectangular hyperbola 
See hyperbola. 


recursion 

See recursion. 

No, seriously. Recursion is a process that wraps back on 
itself and feeds the output of a process or function back 
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in as the input. Using some sort of recurrence relation, an 
entire class of objects can be built up from a few initial 
values and a small number of rules. The Fibonacci 
sequence, for example, is defined recursively, as are 
many fractal figures. Se/frecursion, of which the first two 
lines of this entry are an example, leads to an endless 
feedback loop. One, somewhat disturbing, notion of 
reality is that we live in a recursive universe in which nature 
resembles an infinite nest of Russian dolls. One day, we 
will simulate the big bang in one of our supercomputers. 
Inside this artificial universe (rather like an immense Star 
Trek “holodeck” simulation) will evolve new star systems 
and new life forms. They too will evolve intelligence one 
day and invent computers. And they too may one day 
simulate the big bang inside one of their supercomput- 
ers. This chain of existence will continue as long as we 
continue to run our simulation. Our universe will con- 
tinue to exist as long as our parent universes’ continue to 
run their simulations. And therein lies madness. 


recursive function 

Strictly speaking, a function that is computable; however, 
in the usual sense of the word, a function is said to be 
recursive if its definition makes reference to itself (see 
recursion). For example, factorial can be defined as x! = 
x(x — 1)! with the base case of 1! equal to 1. See also self- 
referential sentence. 


recursively enumerable set 

A potentially infinite set whose members can be enu- 
merated by a universal computer; however, a universal 
computer may not be able to determine that something 
is not a member of a recursively enumerable set. The halt- 
ing set, a concept related to the halting problem, is recur- 
sively enumerable but not recursive. 


reductio ad absurdum 

“Reduction to the absurd”; the process of demonstrat- 
ing that an idea is probably false by first assuming its 
truth, and then showing how that truth leads to conclu- 
sions that can’t possibly be true. In A Mathematician’s 
Apology (1941),"°" G. H. Hardy said: “Reductio ad 
absurdum, which Euclid loved so much, is one of a 
mathematician’s finest weapons. It is a far finer gambit 
than any chess play: a chess player may offer the sacri- 
fice of a pawn or even a piece, but a mathematician 
offers the game.” 


reductionism 

The idea that nature can be understood by taking it apart. 
In other words, knowing the lowest-level details of how 
things work (at, say, the level of subatomic physics) 


reveals how higher-level phenomena come about. This is 
a bottom-up way of looking at the universe, and is the 
exact opposite of holism. 


redundancy 

The existence of repetitive patterns or structures. In an 
important sense, redundancy refers to order in a complex 
system since order is defined as the existence of struc- 
tures that maintain themselves over time. In information 
theory, redundancy refers to repetition in patterns of 
messages in a communication channel. If the message 
contains these redundancies, they can be compressed fur- 
ther; for example, a message containing a series of 250 
ones, could be compressed into a command that effec- 
tively says “and then repeat one 250 times,” instead of 
writing out all 250 ones. 


reentrant angle 
An inward-pointing angle of a concave polygon. 


reflection 

A way of transforming a shape in the same way that a 
mirror does. The reflection of a shape in a mirror line is 
an identical shape that has been flipped over. When an 
object is placed a certain distance in front of a mirror, its 
image in the mirror appears the same distance away from 
the edge of the mirror. Likewise, all the points on a shape 
and all the points on its image are the same distance away 
from the mirror line. 


reflex angle 
An angle between 180° and 360°. 


reflexible 
Having a plane of mirror symmetry. Compare with chiral. 


regular polygon 
A polygon in which all the sides are equal and all the 
angles are equal. 


regular polyhedron 

A polyhedron in which every face and vertex figure is reg- 
ular. There are nine regular polyhedra: the five Platonic 
solids and the four Kepler-Poinsot solids. However, oth- 
ers are sometimes allowed, depending on the definition of 
polyhedron. 


relativity theory 

The physical and mathematical theory due to Albert 
Einstein (1879-1955) that revolutionized our under- 
standing of space, time, and gravity. In it, space and 
time are seen as a unified and inseparable whole—the 
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four-dimensional continuum of space-time. The curva- 
ture of space-time due to the presence of matter 
becomes the extraordinary new explanation and inter- 
pretation of gravity. Einstein’s theory of relativity was 
published by him in two great parts. Special relativity, 
published in 1905, deals exclusively with imertial frames 
of reference, that is, reference frames that don’t acceler- 
ate with respect to one another. Its two central premises 
are that the laws of physics are the same in all reference 
frames and that the speed of light (in a vacuum) is con- 
stant in all reference frames. General relativity, pub- 
lished in 1915, centers on the equivalence principle, the 
idea that acceleration and gravity are equivalent. See 
also non-Euclidean space. 


renormalization 
A mathematical technique for looking at a physical sys- 
tem at different levels of magnification. 


repdigit 

A number composed of repetition of a single digit in a 
given base, generally taken as base 10 unless otherwise 
specified. For example, the beast number 666 is a (base- 
10) repdigit. 


representation theory 
A theory that seeks to understand an abstract algebraic 
system such as a group by obtaining it in a more concrete 
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way as a permutation group or as a group of matrixes (see 
matrix). 


rep-tile 

A repetitive tiling: a shape with the property that it tiles 
a larger version of itself, using identical copies of itself. A 
simple example is a square because four copies of any 
square tile a larger square. Any triangle also is a rep-tile, 
because four copies of it tile a larger version of this trian- 
gle. Rep-tiles that require x tiles to build a larger version 
of themselves are said to be rep-n; thus a square is rep-4. 
Since any of these larger replicas can be combined to give 
an even larger, second-generation copy, a rep-7 tile is also 
rep-v’, rep-v’, and so on. Often tiles have several rep- 
numbers. If a tile is rep-7 and rep-m, it is also rep-mn, 
since replicas can be built with » tiles, then combined, m 
at a time, to give a yet larger version. 

The set of rep-tiles is a subset of the set of zrreptiles. An 
irreptile is any shape that tiles a larger version of itself 
using either differently sized or identical copies of itself. 
The problem to find all irreptiles in the Euclidean plane 
has been studied but not yet completely solved. A 
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Reutersvard, Oscar A Swedish stamp depicting one of 
Reutersvard’s impossible figures. 


272 rep-unit 





re-lated set of problems is to find for each irreptile the 
minimum number of smaller copies needed to tile the 
original shape; in many cases it is difficult to prove such 
a minimality. The name “rep-tile” was coined by Simon 


Golomb. 


rep-unit 

A number whose digits are all units; the rep-unit 
(repeated unit) with x digits is denoted R,. For example, 
R,=1, R,=11, R; = 111, and R, = (10”— 1)/9. R, divides 
R,, whenever z divides m. No rep-unit can be a square, 
but it is not known if one can be a cube. Rep-unit primes 
are rep-units that are prime numbers. The only known 
rep-unit primes are R, (11), Ry, Ro3, R37, and Rjo31, 
though Ryo; and Rgg4s3 are suspected primes. 


resultant 
A vector that is the sum of a given set of vectors. 


Reuleaux polytope 
A convex body in the plane or in higher dimensions 
that, like the Reuleaux triangle, consists of pieces of 
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round spheres, each centered at one of the corners of the 
convex body. 


Reuleaux triangle 

The simplest noncircular curve of constant width; also 
known as the Reuleaux wheel, it is named after the German 
engineer and mathematician Franz Reuleaux (1829-1905). 
Although it was known to earlier mathematicians, Reu- 
leaux was the first to show its constant-width properties. To 
form a Reuleaux triangle, take the three points at the cor- 
ners of an equilateral triangle and connect each pair of 
points by a circular arc centered at the remaining point. 
The ratio of the circumference to the width of the triangle 
is, remarkably, pi. By rotating the centroid of a Reuleaux 
triangle appropriately, the figure can be made to trace out 
a square, perfect except for slightly rounded corners. This 
idea has formed the basis of a drill that will carve out 
squares, first patented by Harry Watts in 1914. Bits for 
square, pentagonal, hexagonal, and octagonal holes are 
still sold by the Watts Brothers Tool Works in Wilmerding, 
Pennsylvania. The actual drill bit for the square is a 
Reuleaux triangle made concave in three spots to allow for 
unobstructed corner-cutting and the discharge of shavings. 
The Reuleaux triangle may also form the shape of the pis- 
ton in a rotary, or Wankel, engine, in which gasoline burns 
in crescent-shaped chambers, turning a rotating piston that 
drives an axle through its center. 


Reutersvard, Oscar (1915-) 

A Swedish artist who pioneered the creation and design of 
impossible figures. His work in this area goes back to one 
day in 1934 when, as a young student in Stockholm, he 
started doodling in the margins of a textbook during a long 
lecture. Reutersvard’s doodle began with an outline of a 
perfect six-pointed star. Once the star was complete he 
added cubes around the star, nestled into the spaces 
between the points. He soon realized that what he’d drawn 
was paradoxical: something that couldn’t be built in the 
real world. A different version of this figure, independently 
created by Roger Penrose, would later be called the Pen- 
rose triangle. Thus began a lifelong fascination with such 
objects, which later included work on the impossible stair- 
case (a design he sketched in 1950 while on a cross-country 
train ride), which is known as the Penrose stairway, and 
the discovery of the tribar illusion. In the early 1980s the 
Swedish government honored Reutersvard’s achievements 
by issuing a set of three stamps depicting impossible fig- 
ures, including a version of his 1934 weird cubes design. 


Rhind papyrus 

A papyrus scroll, 33 cm high and 565 cm wide, found in 
a tomb in Thebes, that is the most valuable source of 
information we have about Egyptian mathematics. The 


Riemann hypothesis 273 





scroll was bought at a market in Luxor in 1858 by a 25- 
year-old Scotsman, Henry Rhind, who went to Egypt for 
health reasons and became interested in archeology. After 
his early death at the age of 30, the scroll found its way to 
the British Museum in London in 1864 and has remained 
there ever since. It is often referred to as the Rhind mathe- 
matical papyrus, or RMP for short. The hieroglyphs on the 
papyrus were deciphered in 1842, while the Babylonian 
clay-tablet cuneiform writing was deciphered later in the 
nineteenth century. The text begins by stating that the 
scribe “Ahmes” is writing it (in about 1600 B.c., and he is 
thus the earliest named individual in the history of math- 
ematics) but that he has copied it from “ancient writings,” 
which probably go back to at least 2000 B.c. Although 
there is some strictly practical mathematics on the papy- 
rus, including calculations needed for surveying, building, 
and accounting, some of which involve Egyptian frac- 
tions, many of the problems in the RMP take the form of 
arithmetic puzzles. One of these is: Seven houses contain 
seven cats. Each cat kills seven mice. Each mouse had 
eaten seven ears of grain. Each ear of grain would have 
produced seven hekats of wheat. What is the total of all of 
these? This is very similar to the St. Ives problem. 

There are also four lesser documents preserving Egyp- 
tian arithmetic: the Moscow papyrus and the Berlin 
papyrus (named for the places they are kept), the Kahun 
papyrus (named for where it was found), and the Leather 
Roll (named for its composition). The Moscow papyrus 
is sometimes called the Golenischev papyrus after the 
Russian V. S. Golenischev, who purchased it in 1893 from 
two Egyptian brothers who found it in a tomb at Deir el- 
Bahri. It measures 8 cm high and 540 cm wide and con- 
tains 25 problems and their solutions. The most unusual 
are the tenth, which seems to give the area of the surface 
of a hemisphere or perhaps a cylinder, and the four- 
teenth, which gives the formula for the volume of the 
frustum of a pyramid. 


rhombus 

A quadrilateral in which both pairs of opposite sides are 
parallel and all sides are the same length, that is, an equi- 
lateral parallelogram. A rhombus is also sometimes 
called a rhomb or a diamond. A rhombus whose acute 
angles are 45° is called a lozenge. The diagonals p and g of 
a rhombus are perpendicular and satisfy the relationship 
p’+¢q° =4a’. The area of a rhombus is given by A = 12 pg. 


Richard's paradox 
See Berry’s paradox. 


Riemann, (Georg Friedrich) Bernhard (1826-1866) 
A German mathematician who was the first person to 
provide a thorough treatment of non-Euclidean geome- 


try and to see how it might be applied in physics; he thus 
helped pave the way for the general relativity theory. 
Among several profound aspects of mathematics now 
named after him are the Riemann hypothesis and the 
related Riemann zeta function. His father, a Lutheran 
pastor, encouraged him to study theology at Gottingen. 
But even as a child Riemann had shown a tremendous 
aptitude for mathematics and, in 1847, he persuaded his 
father to let him go to Berlin to learn mathematics from 
the likes of Karl Jacobi, Peter Dirichlet, and Jakob 
Steiner. Two years later, he returned to Gottingen to 
study for his Ph.D. and begin his climb up the professor- 
ial ladder. In 1854, his inaugural lecture, “Concerning the 
hypotheses which underlie geometry,” covered a breath- 
taking array of topics, including a workable definition of 
the curvature of space and how it could be measured, the 
first description of elliptical geometry, and, most impor- 
tant of all, the extension of geometry into more than 
three dimensions with the aid of algebra. 


Riemann hypothesis 


If I were to awaken after having slept for a thousand 
years, my first question would be: Has the Riemann 
Hypothesis been proven? 

—David Hilbert 


The most important open question in number theory 
and, possibly, in the whole of mathematics. A $1 million 
prize has been offered by the Clay Mathematics Institute 
for a proof. The hypothesis was first formulated by Bern- 
hard Riemann in 1859, was included in David Hilbert’s 
list of challenging problems for twentieth-century mathe- 
maticians, and is widely believed to be true. Yet a proof 
remains tantalizingly out of reach. What the Riemann 
hypothesis says is that the nontrivial zeros of the Riemann 
zeta function all have real parts equal to 12. In plain lan- 
guage, the hypothesis asserts that there is an underlying 
order, akin to musical harmonics, in the way prime num- 
bers are distributed. It’s known that for any given number 
n there are approximately /log ” prime numbers that are 
less than . The formula is not exact: sometimes it is a lit- 
tle high and sometimes it is a little low. Riemann looked at 
these deviations and found that they contain periodicities. 
His hypothesis quantifies and formalizes this discovery, 
positing that the zeros of the zeta function can be regarded 
as the harmonic frequencies in the distribution of primes. 
If the Riemann hypothesis turns out to be true, what do 
these harmonics in the “music” of the primes mean? 
Remarkably, it is been found by the English physicist 
Michael Berry and his colleagues that there is a deep con- 
nection between the harmonics—the Riemann zeros—and 
the allowable energy states of physical systems that are on 
the border between the quantum world (see quantum 
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mechanics) and the everyday world of classical physics. 
The Riemann harmonics, or “magic numbers,” behave 
exactly like the energy levels in quantum systems that clas- 
sically would be chaotic. This deep connection between 
number theory and the physics of the real universe, if 
upheld, is utterly astonishing. If the Riemann hypothesis is 
proved true, it could open an entirely new window on the 
nature of reality and the relationship between the abstract 
world of mathematics and the behavior of matter and 
energy. On the other hand, if it is disproven, there will be 
an even deeper mystery to explore: How can the Riemann 
zeta function so convincingly mimic a quantum system 
without actually being one?!” 


Riemann integral 

The kind of integral familiar from calculus texts and nor- 
mally used by scientists and engineers, in which the pro- 
cess of integration of function on an interval amounts to 
finding the area under the curve. 


Riemann sphere 
A topological sphere consisting of the complex plane and 
the point at infinity; an example of a Riemann surface. 


Riemann surface 

Also known as a complex curve, a complex manifold with 
one complex dimension. The Riemann surface is a con- 
formal structure (see conformal mapping). 


Riemann zeta function C(s) 


We may—paraphrasing the famous sentence of 
George Orwell—say that “all mathematics 1s beauti- 
ful, yet some is more beautiful than the other.” But 
the most beautiful in all mathematics is the zeta 
function. There is no doubt about it. 
—Krzysztof Maslanka, Polish cosmologist 


One of the most profound and mysterious objects in 
moder mathematics; from it has sprung the Riemann 
hypothesis and all that this conjecture seems to imply. 
The Riemann zeta function is closely tied to the distribu- 
tion of prime numbers. It is an extension of the Euler zeta 
function, first studied by Leonhard Euler, which is the sum 
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Euler found that this function is linked to the occurrence 
of prime numbers by the following fundamental rela- 
tionship: 

C(s) = 14 1/2°+ 1/3° + 1/4° +... =27/(2” - 1) 

x 3"/(3” — 1) x 5°/(5"— 1) x 7°/(7" - 1) x... 
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The Riemann zeta function extends the definition of 
Euler’s zeta function to all complex numbers. 


Riemannian geometry 
See elliptical geometry. 


right 
A right angle is an angle of 90°. A right triangle is a triangle 
that contains a right angle. 


ring 

(1) Another name for an annulus. (2) A number system 
in which addition, subtraction, and multiplication are 
always defined and the associative and distributive laws 
are valid. Compare with field. 


Rithmomachia 

A medieval, chesslike board game for two players that is 
based on the number theories of Pythagoras and 
Boethius. Rithmomachia or “battle of numbers” (rithmo, 
“arithmetic, numbers”; machia “battle”) dates back to 
about A.D. 1150 although the earliest publication of the 
rules was by Jean de Boissiere in the sixteenth century. 
Used as an educational tool (the only game allowed in 
medieval schools and universities) and as an intellectual 
exercise, it enjoyed a last wave of popularity during the 
Renaissance before the early Scientific Revolution led to 
its disappearance. 

The game is played on an 8 x 16 board. Each player 
starts with either 24 black or white pieces: 8 circles, 8 tri- 
angles, 7 squares, and 1 pyramid. Each of these has a 
number, which is how many places it can move. A square 
can move 4 spaces, a triangle 3, a circle 1, and the pyra- 
mid as many spaces as the player chooses. Opponent 
pieces can be captured in a variety of ways: siege capture 
(surrounding the opponent piece on all four sides; meet- 
ing capture (attacking a piece with the same type of 
piece); assault capture (achieved if the piece’s number 
times the number of spaces it moved lands it next to an 
opposing piece that equals the product); ambuscade 
(achieved if two pieces of a player that are on either 
sides of a piece sum to equal the opponent’s piece). 
There are also a number of different ways to win, 
including: de corpore (players agree on a number of 
pieces to be captured); de bonis (players agree on a num- 
ber value target); de lite (the winner is determined by the 
sum of the pieces as well as the number of digits on all 
those pieces); victoria magna (if there is a common dif- 
ference between the pieces a player has captured, or the 
squares of three consecutive integers are captured; or 
there is a difference of 2, 4, and 6 in even pieces, or 3, 5, 
and 7 in odd pieces). 
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river-crossing problem 

A puzzle in which a variety of objects and living things, 
some of them mutually incompatible, must be conveyed 
in small groups from one side of a river to another with- 
out any loss along the way. The earliest known examples 
are in Propositiones ad Acuendos Juvenes (Propositions for 
sharpening youths), which is generally attributed to 
Abbott Alcuin. They are: the problem of three jealous 
husbands (each of whom won’t let another man be 
alone with his wife), the problem of the two adults and 
two children where the children weigh half as much as 
the adults (and the boat has a limited weight capacity), 
and the problem of the wolf, the goat, and the cabbage. 
In the last case, the difficulty is that only one item can 
be ferried across at once but, if left unattended, the 
sheep will eat the cabbage and the wolf will eat the 
sheep. The solution, which involves a stratagem com- 
mon to all these types of problems, is to bring back to 
the starting bank of the river an item that has already 
been taken across. In this case, the sheep must be taken 
across first, followed by either the cabbage or the wolf, 
but then the sheep must be brought back before the next 
item is taken across to avoid the sheep becoming either 
a diner or a dinner. 

These medieval puzzles were considered and elabo- 
rated on by Niccoldé Tartaglia, Luca Pacioli, and 
Claude-Gaspar Bachet, and even more so by later math- 
ematicians such as Edouard Lucas and Gaston Tarry. 
Ways of complicating river-crossing problems include 
adding more people and objects, using a bigger boat, 
and inserting an island in the river. The reader may care 
to try the problem of the missionaries and the canni- 


bals. 


PUZZLE 
Three missionaries and three cannibals must cross a 
river in a boat that holds a maximum of two people. If 
the cannibals outnumber the missionaries, on either 
side of the river, the missionaries are in trouble. Each 
missionary and each cannibal is capable of rowing the 
boat. How can all six get across the river safely? 
Solutions begin on page 369. 


Robinson, Abraham (1918-1974) 

A German-born mathematician who founded nonstan- 
dard analysis and did important work in a wide diversity 
of fields from aerodynamics to mathematical logic. A 
modern counterpart to Gottfried Leibniz in his range of 
interests and the significance of his research on infinites- 
imals, Robinson (he changed his name from Robinsohn) 
taught at various universities in Israel, England, Canada, 
and the United States. 


Rolle’s theorem 

Suppose a continuous function (see continuity) crosses 
the x-axis at two points a and b and is differentiable at all 
points between a and J; that is, it has a tangent at all 
points on the curve between a and b. Then there’s at least 
one point between a and J where the derivative is 0, and 
the tangent is parallel to the x-axis. 


Roman numerals 

A number system in which each symbol represents a 
fixed value regardless of its position; this differs from 
the place-value system of Arabic numerals. The earliest 
form of the Roman system was, however, decimal. In 
this primitive version a series of I’s represented any 
number from 1 to 9, and a new symbol was introduced 
for each higher power of 10: X for 10, C for 100, and M 
for 1,000. The symbols V, L, and D, which stand for 5, 
50, and 500, are thought to have been introduced by 
the Etruscans. A common remark is that multiplication 
and division using Roman numerals is so awkward that 
it is totally impractical. However, an article by James G. 
Kennedy in The American Mathematical Monthly in 1980 
gives algorithms for these operations that are actually 
more straightforward in the Roman system than in the 
Arabic. In multiplication the first step is to rewrite the 
numbers in a simple place-value notation. Seven 
columns are set up, headed by the symbols M, D, C, L, 
X, V, and I, and tallies are marked in each column cor- 
responding to the number of times that symbol appears 
in the multiplicand. For example, if the multiplicand is 
XIII (13), one tally is marked in the X column and three 
tallies are marked in the I column. The multiplier is 
written in the same way. The multiplication itself is 
done by forming partial products according to two sim- 
ple rules. In most cases the partial product given by any 
one tally in the multiplier is simply the set of tallies that 
represents the multiplicand, shifted to the left an appro- 
priate number of columns. If the multiplier digit is I, 
the multiplicand is not shifted at all; the multiplicand is 
shifted one place to the left for V, two places for X, three 
places for L, and so on. The second rule is applied only 
when one Etruscan character is multiplied by another. 
In such cases the tallies representing the multiplicand 
digit are written twice in the appropriately shifted col- 
umn and an additional tally is written one column to 
the right. Once a partial product has been formed for 
every tally in the multiplier, the tallies in each column 
are accumulated and replaced by the Roman symbol at 
the head of the column, giving the final answer. Only a 
slight change in the method is needed for Roman 
numerals in “subtractive notation,” where 10 is written 
as IX, and so on. If all this sounds not quite so simple, 
the method for multiplying Arabic numbers is just as 
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involved if they are written in explicit form. Further- 
more, Arabic operations require a multiplication table 
giving the 100 products of all the possible pairs of Ara- 
bic digits. No comparable table is needed with Roman 
numerals, where all arithmetical operations can be 
defined in terms of shifting rules, addition, and subtrac- 
tion. 


rooks problem 
To find the maximum number of rooks that can be 
placed on an 2 x n chessboard such that no rook attacks 


another. Since each rook attacks all squares in the rank 
and file upon which it rests, this number is 2: the rooks 
may be placed along the main diagonal. The total num- 
ber of ways of placing z nonattacking rooks is  factor- 


ial (n!). 


root 

(1) A number used to build up another number by 
repeated multiplication. For example, since 2 x 2 x 2 = 8, 
two is said to be the third root or cube root of eight. (2) A 
solution of an equation. For example, 3 is a root of the 
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Rubik’s cube Peter Knoppers, www.buttonius.com 


equation x* = 9. A root is also called a zero of a function 
because it is a value that will make the function zero (x =3 
will make the function f(x) = x’ — 9 zero. The word comes 
from the Indo-European werad, which originally meant the 
roots of a plant but was later generalized to mean the ori- 
gins or beginnings of something, whether it was physical 
or mental. 


root of unity 
A solution of the equation x" = 1, where z is a positive 
integer. 


rope around the earth puzzle 

Imagine a rope that fits snugly all the way around Earth 
like a ring on a person’s finger. Now imagine the rope is 
made just 1 meter longer and lifted uniformly off the sur- 
face until it is once again taught. What will its height be 
above the surface? This puzzle, or one very like it, 
appeared in a students’ book on Euclid written in 1702 by 


the English clergyman, mathematician, and natural 
philosopher William Whiston (1667-1752). The answer 
in the form just given is remarkable: about 16 cm. It 
comes simply from the formula for the circumference of 
a circle. If the extra radius of the rope is r and Earth’s 
radius is R, then 


2n(R+7) =2nR + 100 
so that r= 100/2n = 15.9. 


Rosamund’s bower 

A legendary maze, located in Woodstock Park, Oxford- 
shire, whose purported site is marked today by a well 
and fountain. It was supposedly intended to conceal 
Rosamund Clifford, the mistress of King Henry II 
(1133-1189), from the queen, Eleanor of Aquitaine. 
Legend has it that about 1176, Eleanor managed to solve 
the maze and confronted Rosamund with the choice of 
a dagger or poison; she drank the poison and Henry 
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never smiled again. Historically, Henry had imprisoned 
Eleanor for fomenting rebellion by her sons, and Rosa- 
mund was his acknowledged mistress. Rosamund proba- 
bly spent her last days at a nunnery in Godstow, near 
Oxford. The legend of the bower dates from the four- 
teenth century and her murder is a later addition. In the 
nineteenth century, many puzzle collections had a maze 
called Rosamund’s bower. 


rose curve 

A curve that has the shape of a flower with petals; it was 
named rhodonea (“rose”) by the Italian mathematician 
Guido Grandi in the 1720s. It is given by the polar 
equation 


r=asin (76). 


If 2 is odd the rose has » petals, if 7 is even the rose has 
2n petals, and if 2 = 2 the rose becomes the quadri- 
folium. If 7 is an irrational number, then there are an 
infinite number of petals. 


rotation 

A transformation in which a figure turns through a spe- 
cific angle about a fixed point, called the center of rota- 
tion. The center of rotation may be inside or outside the 
figure that is being transformed. If the figure is turned 
anticlockwise, the rotation is considered positive, while a 
negative rotation turns the figure clockwise. 


rotor 

A convex figure that can be rotated inside a polygon (or 
polyhedron) while always touching every side (or face). 
The least area rotor in a square is the Reuleaux triangle. 
The least area rotor in an equilateral triangle is a lens 
with two 60° arcs of circles and a radius equal to the tri- 
angle’s altitude. There exist nonspherical rotors for the 
tetrahedron, octahedron, and cube, but not for the 
dodecahedron and icosahedron. See also curve of con- 
stant width. 


roulette 

(1) The curve traced by a fixed point on a closed convex 
curve as that curve rolls without slipping along a second 
curve. (2) A gambling game in which players bet on 
which slot of a rotating disk a small ball will come to rest 
in. On August 18, 1913, on an unbiased roulette wheel at 
Monte Carlo, evens came up 26 times in a row. The prob- 
ability of this occurring is 1 in 136,823,184. 


round 
In topology, the terms circle and sphere refer to topologi- 
cal objects and not geometric ones, so that the surface of 


an egg shape is a sphere. A round sphere is, topologically 
speaking, not a tautology, but a sphere with constant cur- 
vature; that is, a sphere in the sense of geometry. 


rounding 

Replacing a number by another number having fewer sig- 
nificant digits or, for integer numbers, fewer value- 
carrying (nonzero digits). For example, 386.804 may be 
rounded successively to 386.80, 386.8, 387, 390, and 400. 
Rounding may be carried out in two ways: by rounding 
down, which is equivalent to truncation, and by rounding 
up the last digit to be retained by one unit. See also 
banker’s rounding. 


round-off error 
The error accumulated during a calculation due to round- 
ing intermediate results. See also banker’s rounding. 


Rubik's cube 

A 3 x 3 x 3 cube in which the 26 subcubes on the out- 
side are internally hinged in such a way that rotation (by 
a quarter turn in either direction or a half turn) is possi- 
ble in any plane of cubes. Each of the six sides is painted 
a distinct color, and the goal of the puzzle is to return 
the cube to a state in which each side has a single color 
after it has been randomized by repeated rotations. 
Invented in 1974 by the Hungarian Erné Rubik, 
patented in 1975, and put on the market in Hungary in 
1977, it went on to sell some 100 million copies world- 
wide over the next decade. Since there are over 43 mil- 
lion trillion different arrangements of the small cubes, 
only one of which corresponds to the desired goal, to 
solve Rubik’s cube in a time significantly less than the 
current age of the universe (let alone the world record, 
which stands at around 20 seconds) calls for some kind 
of methodical approach. Algorithms exist for solving a 
cube from an arbitrary initial position, but they are not 
necessarily optimal (i.e., requiring a minimum number 
of turns).2” 777 


Rucker, Rudy (Rudolf von Bitter) (1946-) 

An American mathematician best known for his enter- 
taining popular mathematics, science, and science fiction 
books, including Infinity and the Mind,””! The Fourth 
Dimension,”™! and Mind Tools.” Rucker has a doctorate 
in mathematical logic from Rutgers and teaches at San 
José State University. His great-great-great-grandfather 
was the famous German philosopher Georg Hegel. 


ruled surface 
A surface that is built up from an infinite number of per- 
fectly straight lines. A cylinder, for example, is a ruled 
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surface of parallel straight lines. A cone is a ruled surface 
of straight lines that meet at the apex of the cone. Also 
known as scrolls, ruled surfaces have been studied for cen- 
turies by geometers such as the Jesuits Roger Boscovich 
and Andre Tacquet as well as by their famous students, 
including Gaspar Monge and Phillippe de Lahire. Exam- 
ples that stand out because of both their striking shape 
and their relative ease of construction include hy- 
perboloids, helicoids and MGbius bands. Most ruled 
surfaces, however, are so complicated that, before the com- 
puter age, they were almost impossible to construct. 


ruler-and-compass construction 
See Mascheroni construction. 


Russell, Bertrand Arthur William (1872-1970) 

A British philosopher, mathematician, and logician who 
rose to prominence with his first major work, The Princi- 
ples of Mathematics (1902), in which he attempted to 
remove mathematics from the realm of abstract philo- 
sophical notions and to give it a precise scientific frame- 
work. Russell then collaborated for eight years with the 
British philosopher and mathematician Alfred North 
Whitehead (1861-1947) to produce the monumental 
work Principia Mathematica (3 volumes, 1910-1913). This 
work showed that mathematics can be stated in terms of 
the concepts of general logic, such as class and member- 
ship in a class. It became a masterpiece of rational 
thought. Russell and Whitehead proved that numbers 
can be defined as classes of a certain type, and in the 
process they developed logic concepts and a logic nota- 
tion that established symbolic logic as an important spe- 
cialization within the field of philosophy. In his next 
major work, The Problems of Philosophy (1912), Russell bor- 
rowed from the fields of sociology, psychology, physics, 
and mathematics to refute the tenets of idealism, the 
dominant philosophical school of the period, which held 
that all objects and experiences are the product of the 
intellect. Russell, a realist, believed that objects perceived 
by the senses have an inherent reality independent of the 
mind. 

Russell condemned both sides in World War I, and for 
his uncompromising stand he was fined, imprisoned, and 
deprived of his teaching post at Cambridge. In prison he 
wrote Introduction to Mathematical Philosophy (1919). After 
the war he visited the Soviet Union, and in his book Prac- 
tice and Theory of Bolshevism (1920) he expressed his disap- 
pointment with the form of socialism practiced there. He 
felt that the methods used to achieve a Communist sys- 
tem were intolerable and that the results obtained were 
not worth the price paid. Russell taught at Beijing Uni- 
versity during 1921 and 1922, and in the United States 


from 1938 to 1944, though he was barred from teaching 
at the College of the City of New York (now City College 
of the City University of New York) by the state supreme 
court because of his attacks on religion and his advo- 
cacy of sexual freedom. Russell returned to England in 
1944 and was reinstated as a fellow of Trinity College. 
Although he abandoned pacifism to support the Allied 
cause in World War II, he became an ardent opponent of 
nuclear weapons. Russell received the 1950 Nobel Prize 
for Literature and was cited as “the champion of human- 
ity and freedom of thought.” He led a movement in the 
late 1950s advocating unilateral nuclear disarmament by 
Britain, and at the age of 89 he was imprisoned after an 
antinuclear demonstration.” 


Russell's paradox 

A paradox uncovered by Bertrand Russell in 1901 that 
forced a reformulation of set theory. One version of Rus- 
sell’s paradox, known as the barber paradox, considers a 
town with a male barber who, every day, shaves every 
man who doesn’t shave himself, and no one else. Does 
the barber shave himself? The scenario as described 
requires that the barber shave himself if and only if he 
does not! Russell’s paradox, in its original form considers 
the set of all sets that aren’t members of themselves. Most 
sets, it would seem, aren’t members of themselves—for 
example, the set of elephants is not an elephant—and so 
could be said to be “run-of-the-mill.” However, some 
“self-swallowing” sets do contain themselves as members, 
such as the set of all sets, or the set of all things except 
Julius Caesar, and so on. Clearly, every set is either run- 
of-the-mill or self-swallowing, and no set can be both. 
But then, asked Russell, what about the set S of all sets 
that aren’t members of themselves? Somehow, S is nei- 
ther a member of itself nor not a member of itself. Rus- 
sell discovered this strange situation while studying a 
foundational work in symbolic logic by Gottlob Frege. 
After he described it, set theory had to be reformulated 
axiomatically in a way that avoided such problems. Rus- 
sell himself, together with Alfred North Whitehead 
(1861-1947), developed a comprehensive system of types 
in Principia Mathematica. Although this system does 
avoid troublesome paradoxes and allows for the con- 
struction of all of mathematics, it never became widely 
accepted. Instead, the most common version of axio- 
matic set theory in use today is the Zermelo-Fraenkel set the- 
ory, which avoids the notion of types and restricts the 
universe of sets to those that can be built up from given 
sets using certain axioms. Russell’s paradox underlies the 
proof of Gédel’s incompleteness theorem as well as 
Alan Turing’s proof of the undecidability of the halting 
problem. 


—p— 


280 Russian multiplication 





Russian multiplication 

Multiplication by repeated doubling, also known as 
peasant multiplication. For example to multiply 17 by 13, 
double the 17 and halve the 13 rounding down to the 
next whole number where necessary; then add the dou- 
bles that correspond to an odd number in the other 
column. 


So 17 x 13 
doubled and halved 34x6 
doubled and halved 68 x 3 


doubled and halved 136 x1 
adding up the numbers in the first column that 


correspond to an odd number in the second 
(17 + 68 + 136) = 221 =17x 13. 





Saccheri, Giovanni Girolamo (1667-1733) 

A Jesuit priest, philosopher, and mathematician who did 
early work on non-Euclidean geometry, although he 
didn’t see it as such. His Euclides ab Omni Naevo Vindica- 
tus (1733) was actually an attempt to prove Euclid’s par- 
allel postulate but ended up laying the groundwork for 
both hyperbolic geometry and elliptical geometry. 


saddle 

A type of surface that is neither a peak nor a valley but 
still has a zero gradient. Saddle points are situated such 
that moving in one direction takes one uphill, while 
moving in another direction would be downhill. A saddle 
function is a function f(x,y) of two vectors x and y (which 
typically lie in different vector spaces) that is concave up 
in x and concave down in y. See also pseudosphere. 


St. Ives problem 
A well-known and simple puzzle in arithmetic set by 
Mother Goose in the rhyme “As I Was Going to St. Ives”: 


As I was going to St. Ives, I met a man with seven 
wives. Every wife had seven sacks, and every sack 
had seven cats, every cat had seven kittens. Kittens, 
cats, sacks, and wives, how many were going to 
St. Ives? 


The various individuals and items make up a geometric 
sequence: 7 wives + 7’ sacks + 7° cats + 7* kittens = 7 + 
49 + 343 + 2,401. This gives a total of 2,800 (or 2,801 if 
the narrator also happens to be a wife). It’s been said that 
the real answer to this rhyme is 1, since “I met a man with 
seven wives” means the 2,800 were going in the opposite 
direction! 

A similar problem, and solution, is contained in the 
Rhind papyrus by Ahmose, written about 1650 B.c. 
(some of which is copied from an older document of 
about 1800 B.c.). Here the geometric series has one more 
power of 7: 7 houses + 49 cats + 343 mice + 2,401 ears of 
grain + 16,807 hekats (a measure) of grains, giving a total 
of 19,607. 


St. Petersburg paradox 

A strange state of affairs that arises from a game proposed 
by Nikolaus (I) Bernoulli (see Bernoulli family) in 1713. 
It is named after the fact that a treatise on the paradox 
was written by Nikolaus’ cousin, Daniel, and published 
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(1738) in the Commentaries of the Imperial Academy of Sci- 
ence of St. Petersburg. The game goes as follows. You toss a 
coin. If it shows heads, you win whatever is in the pot 
and the game is over. If it shows tails, the pot is doubled 
and you get to toss the coin again. If the coin shows 
heads on the first toss you win $2; if it shows tails, you 
toss again. If the coin now shows heads you win $4, and 
so on. After 2 tosses you get $2” if heads appear for the 
first time. The only catch is you have to pay to play the 
game. How much should you be willing to pay? Classical 
decision theory says that you should be willing to pay 
any amount up to the expected prize, the value of which 
is obtained by multiplying all the possible prizes by the 
probability that they are obtained and adding the result- 
ing numbers. The chance of winning $2 is 12 (heads on 
the first toss); the chance of winning $4 is '4 (tails fol- 
lowed by heads); the chance of winning $8 is (tails fol- 
lowed by tails followed by heads); and so on. Since the 
expected payoff of each possible consequence is $1 ($2 x 
'», $4 x \, etc.) and there are an infinite number of them, 
the total expected payoff is an infinite sum of money. A 
rational gambler would enter a game if and only if the 
price of entry was less than the expected value. In the St. 
Petersburg game, any finite price of entry is smaller than 
the expected value of the game. Thus, the rational gam- 
bler would play no matter how large the entry price was! 
But there’s clearly something wrong with this. Most peo- 
ple would offer between $5 and $20 on the grounds that 
the chance of winning more than $4 is only 25% and the 
odds of winning a fortune are very small. And therein lies 
the paradox: If the expected payoff is infinite, why is no 
one willing to pay a huge amount to play? 

The classical solution to this mystery, provided by 
Daniel Bernoulli and another Swiss mathematician, 
Gabriel Cremer, goes beyond probability theory to 
touch areas of psychology and economics. Bernoulli and 
Cremer pointed out that a given amount of money isn’t 
always of the same use to its owner. For example, to a 
millionaire $1 is nothing, whereas to a beggar it can 
mean not going hungry. In a similar way, the utility of $2 
million is not twice the utility of $1 million. Thus, the 
important quantity in the St. Petersburg game is the 
expected utility of the game (the utility of the prize multi- 
plied by its probability) which is far less than the expected 
prize. This explanation forms the theoretical basis of the 
insurance business. The existence of a utility function 


= 
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means that most people prefer, for example, having $98 
in cash to gambling in a lottery where they could win 
$70 or $130 each with a chance of 50%, even though the 
lottery has the higher expected prize of $100. The differ- 
ence of $2 is the premium most of us would be willing 
to pay for insurance. That many people pay for insur- 
ance to avoid any risk, yet at the same time spend 
money on lottery tickets in order to take a risk of a dif- 
ferent kind, is another paradox, which is still waiting to 
be explained. 


salient 

At a salient point, two branches of a curve meet and stop, 
and have different tangents. A salient angle is an outward- 
pointing angle of a polygon; compare with reentrant 
angle. 


salinon 

A figure formed from four connected semicircles. The 
word salinon is Greek for “salt cellar,” which the figure 
resembles. In his Book of Lemmas, Archimedes proved 
that the salinon has an area equal to the circle having the 
line segment joining the top and bottom points as its 
diameter. See also arbelos. 


salinon © Jan Wassenaar, www.2dcurves.com 


Sallows, Lee C. F. (1944-) 

A British electronics engineer and puzzle enthusiast at the 
University of Nijmegen in the Netherlands. Among his 
many accomplishments in recreational mathematics, he 
devised the first self-enumerating sentence (published in 
1982), introduced alphamagic squares in 1986, coined 
the word golygon in 1990, invented reflexicons (minimal 
self-enumerating phrases) in 1992, demonstrated the par- 
allelogram theorem for 3 x 3 magic squares in 1997, and 
discovered geometric magic squares in 2001. 


scalar 

A quantity specified by a single number or value (as 
opposed to a vector, matrix, or array) that contains mul- 
tiple values. Examples of scalars include mass, volume, 
and temperature. A scalar field is an arrangement of scalar 
values distributed in a space. 


scalene triangle 
A triangle whose sides are all unequal. 


schizophrenic number 
An informal name for an irrational number that displays 
such persistent patterns in its decimal expansion, that it 
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has the appearance of a rational number. A schizo- 
phrenic number can be obtained as follows. For any pos- 
itive integer 7 let f(m) denote the integer given by the 
recurrence f() = 10 f(” — 1) + ” with the initial value 
f(0)=0. Thus, f( 1) = 1, f(2) = 12, f(3) = 123, and so on. 
The square roots of f() for odd integers m give rise to a 
curious mixture appearing to be rational for periods, and 
then disintegrating into irrationality. This is illustrated by 
the first 500 digits of Vf(49): 


1102222221212121111111111.1111111111111111111111 0860 
555555555555555555555555555555555555555555555 2730541 
66666666666666666666666666666666666666666 0296260347 
2222222222222222222222222222222222222 0426563940928819 
4444444444444444444444444444444 38775551250401171874 
9999999999999999999999999999 808249687711486305338541 
66666666666666666666666 5987185738621440638655598958 








33333333333333333333 0843460407627608206940277099609374 
99999999999999 0642227587555983066639430321587456597 
222222222 1863492016791180833081844 .... 


The repeating strings become progressively shorter and 
the scrabbled strings become larger until eventually the 
repeating strings disappear. However, by increasing 7 we 
can forestall the disappearance of the repeating strings as 
long as we like. The repeating digits are always 1, 5, 6, 2, 
4,9, 6, 3,9,2,.... 


Schlafli, Ludwig (1814-1895) 

A German mathematician whose work centered on 
geometry, arithmetic, and the theory of functions. He 
made an important contribution to non-Euclidean 
geometry when he proposed that spherical three- 
dimensional space could be thought of as the surface of a 
hypersphere in Euclidean four-dimensional space. 
Schlafli started out as a schoolteacher and amateur math- 
ematician. He was also an expert linguist and spoke many 
languages, including Sanskrit. In 1843 he served as a 
translator for the great mathematicians Jakob Steiner, 
Karl Jacobi, and Peter Dirichlet during their visit to 
Rome and learned a great deal from them. Ten years later 
he became professor of mathematics at Bern. However, 
his true importance was only appreciated following the 
publication of his magnum opus Theory of Continuous 
Manifolds in 1901, several years after his death. 


Schlafli symbol 

A notation, devised by Ludwig Schlafli, which describes 
the number of edges of each polygon meeting at a vertex 
of a regular or semi-regular tessellation or solid. For a 
Platonic solid, it is written {p, q}, where p is the number 
of sides each face has, and q is the number of faces that 
touch at each vertex. 


schoolgirls problem 

A problem in combinatorics posed by the Rev. Thomas 
Kirkman in a letter in 1850 following a paper he wrote 
on the same subject in 1847:"'**! A school mistress has fif- 
teen girl pupils and she wishes to take them on a daily 
walk. The girls are to walk in five rows of three girls each. 
It is required that no two girls should walk in the same 
row more than once per week. Can this be done? 

In fact, provided x is divisible by 3, we can ask the 
more general question about m schoolgirls walking for 
(2 — 1)/2 days so that no girl walks with any other girl in 
the same triplet more than once. Solutions for z = 9, 15, 
and 27 were given in 1850 and much work was done on 
the problem thereafter. The general problem of how 
many triads can be made out of n symbols, so that no 
pair of symbols is comprised more than once among 
them gave rise to the study of Steiner triple systems. 
However, Jakob Steiner had little to do with them and 
they should rightfully be named after Kirkman. They are 
important in the modern theory of combinatorics. 


Schréder’s reversible staircase 

A classic example of an ambiguous figure, first drawn by 
Schréder in 1858. Not to be confused with the Penrose 
stairway. 


Schubert, Hermann Casar Hannibal (1848-1911) 


A German mathematician who worked mainly in enu- 
merative geometry—the parts of algebraic geometry that 
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involve a finite number of solutions. He also wrote exten- 
sively on recreational math. 


Schuh, Frederick (1875-1966) 

A Dutch mathematician who wrote many textbooks and 
a number of books on recreational mathematics, includ- 
ing The Master Book of Mathematical Recreations (1943), the 
English edition of which appeared in 1968 (Dover Publi- 
cations).”""! Schuh was professor of mathematics at the 
Technische Hoogeschool at Delft (1907-1909 and 
1916-1945) and professor of mathematics at Groningen 
(1909-1916). 


scientific notation 

A number of the form a x 10”, where 7 is an integer, pos- 
itive or negative, and a is a real number larger than or 
equal to 1, but less than 10. Scientific notation provides 
a compact way of writing large numbers. 


scintillating grid illusion 
See Hermann grid illusion. 


score 

A group of 20 items. The word comes from the Old 
Norse skor for a heavy mark used to indicate a string of 20 
smaller marks; skor, in turn, is descended from the Indo- 
European sker, for “cutting” or “slicing.” From about 
1400, score was also the word for a record or an amount 
due-the total of the score marks on a tally. It became 
a common word for the total of a tradesman’s or inn- 
keeper’s account. So, éo settle the score originally meant just 
to pay one’s bill. But it acquired the figurative sense of 
taking revenge on somebody, and that’s usually what is 
meant by the expression now. The more general meaning 
of score, as a tally, is used daily when the results of sports 
competitions are reported. 


search space 
A characterization of every possible solution to a prob- 
lem instance. 


secant 
A straight line that meets a curve in two or more points. 


second 

One-sixtieth of a minute in both time and angle. Liter- 
ally, the second division of the hour or the circle, the 
minute being the first; from the Latin secundus. In the 
System International d’Unites (SI units) one second is 
defined as the duration of 9,192,631,770 periods of radi- 
ation corresponding to the transition between two hyper- 
fine levels of cesium-133 in a ground state at a 
temperature of 0°K (Kelvin). 


secretary problem 
See sultan’s dowry. 


sector 
Part of a circle bounded by two radii and the included 
arc. 


segment 
Part of a circle bounded by a chord and the arc subtend- 
ing the chord. 


self-enumerating sentence 

Also known as an autogram, a self-referential sentence 
whose text consists solely of the enumeration of its letter 
content. The answer to the question whether such a sen- 
tence exists in English was given by Lee Sallows, and was 
first published in Scientific American in January 1982: 


Only the fool would take trouble to verify that his 
sentence was composed of ten a’s, three b’s, four 
c’s, four d’s, forty-six e’s, sixteen f’s, four g’s, thir- 
teen h’s, fifteen i’s, two k’s, nine l’s, four m’s, 
twenty-five n’s, twenty-four 0’s, five p’s, sixteen r’s, 
forty-one s’s, thirty-seven t’s, ten u’s, eight v’s, eight 
w’s, four x’s, eleven y’s, twenty-seven commas, 
twenty-three apostrophes, seven hyphens and, last 
but not least, a single ! 


This remarkable sentence counts not only its own let- 
ters, but also its punctuation marks, although it fails to 
enumerate three letters of the alphabet (j, q, and z). Sal- 
lows went on to devise a “pangram machine”—a com- 
puter purposely built to search for sentences of this type. 
Among its many successes is: 


This pangram lists four a’s, one b, one c, two d’s, 
twenty-nine e’s, eight f’s, three g’s, five h’s, eleven 
i’s, one j, one k, three |’s, two m’s, twenty-two n’s, 
fifteen o’s, two p’s, one q, seven 1’s, twenty-six s’s, 
nineteen t’s, four u’s, five v’s, nine w’s, two x’s, four 
y’s, and one z. 


self-intersecting 

A self-intersecting polygon is a polygon with edges that cross 
other edges. A selfintersecting polyhedron is a polyhedron 
with faces that cross other faces. 


self-organization 

A process in a complex system whereby new emergent 
structures, patterns, and properties arise without being 
externally imposed on the system. Not controlled by a 
centralized, hierarchical “command and control” center, 
self-organization is usually distributed throughout a sys- 
tem. It requires a complex, nonlinear system under 


—p— 


Senet 285 





appropriate conditions, variously described as “far-from- 
equilibrium,” critical values of control parameters lead- 
ing to “bifurcation,” or the “edge of chaos.” First 
investigated in the 1960s in physical systems by Ilya Pri- 
gogine and his followers, as well as the Synergetics 
School founded by Hermann Haken, self-organization is 
now studied mainly through computer simulations (see 
cellular automaton), Boolean networks, and other phe- 
nomena of artificial life. However, self-organization is 
now recognized as a crucial way of understanding emer- 
gent, collective behavior in a large variety of systems 
including the economy, the brain and nervous system, 
the immune system, and ecosystems. The buildup of sys- 
tem order via self-organization is now conceived as a pri- 
mary tendency of complex systems in contrast to the 
past emphasis on the degrading of order in association 
with the principle of entropy (Second Law of Thermo- 
dynamics). However, rather than denying entropy, self- 
organization can be understood as a way that entropy 
increases in complex, nonlinear systems. 


self-organized criticality 

A mathematical theory that describes how systems com- 
posed of many interacting parts can tune themselves 
toward dynamical behavior that is critical in the sense 
that it is neither stable nor unstable but at a region near 
a phase transition. See also edge of chaos and self- 
organization. 


self-referential sentence 
A sentence that refers to itself and nothing else. Here are 
some examples: 


This statement is short. 

This sentence has five words. 

The last word of this sentence is “wrong.” 
“Pentasyllabic” is pentasyllabic. 

How long is the answer to this question? Ten letters. 


Some self-referential statements take the form of jokes. 
For example: 


The two rules for success are: Never tell them every- 
thing you know. 


There are three kinds of people in the world: those 
who can count and those who can’t. 


Finally, some take the form of maxims, as in this case by 
Thomas Macaulay (1800-1859): 


Nothing is so useless as a general maxim. 


See also Hofstadter’s law. 


self-similarity 

The property an object has when a part of itself looks the 
same or similar to the whole. Many objects in the real 
world, such as coastlines, are statistically self-similar: 
parts of them show the same statistical properties at 
many scales. Self-similarity is a defining characteristic of 
fractals. 


semigroup 

A set together with a method of combining elements, 
such as addition or multiplication, to get new ones, 
which satisfies only some of the properties required to get 
a group. In particular, a semigroup need not have an 
identity element and elements need not have inverses. 


semi-magic square 

A square array of 2 numbers such that sum of the 7 num- 
bers in any row or column is a constant (known as the 
magic sum). See also magic square. 


semi-regular polyhedron 

A polyhedron that consists of two or more types of reg- 
ular polygons, all of whose vertices are identical. This 
category includes the Archimedean solids, prisms and 
antiprisms, and the nonconvex uniform polyhedra (see 
nonconvex uniform polyhedron). 


Senet 

A popular two-player board game in ancient Egypt, 
enjoyed by both commoners and nobility, that may be 
an ancestor of modern backgammon. The rules are not 
known, though about 40 sets have been found in tombs, 
some in very good condition, together with paintings of 
games on tomb walls, dating back to the reign of Hesy 
(c. 2686-2613 B.C.). Senet, or the “game of passing,” was 
played on a rectangular board consisting of three rows of 
10 squares called “houses” that represented good or bad 
fortune. The board could be a grid drawn on a smooth 
surface or an elaborate box of wood and other precious 
materials. A perfectly preserved traveling version of Senet 
was found in Tutankhamen’s tomb. The pieces, called 
ibau (“dancers” in Egyptian), varied in number from five 
to ten per player—five and seven being commonest. 
Cone-shaped pieces were pitted against reel-shaped 
pieces. The object was to get one’s pieces on the board, 
then around the board in an S-shaped pattern, and finally 
off again at the far end. Strategy was mixed with chance 
(as it is in backgammon), introduced by the throw of 
four, two-sided sticks (as depicted in the Hesy painting) 
or, in later times, of knucklebones. Later depictions of 
the game, in the New Kingdom period, often showed just 
one player in competition—the opponent being a spirit 
from the afterlife. This has been interpreted as a change 
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Senet A modern version of the ancient Egyptian board game. Fundex Games Ltd. 


in the significance of Senet, from a simple amusement to 
a symbolic representation of the deceased’s journey 
through the underworld. See also nine men’s morris. 


sensitivity 
The tendency ofa system, which may be chaotic (see chaos) 
to change dramatically with only small perturbations. 


sequence 

An ordered list of values that may be finite or infinite in 
length. Among the different types of sequence are arith- 
metic sequences, geometric sequences, and the har- 
monic sequence. 


series 

A sum of all or some of the terms of a sequence. A series 
may or may not converge to a particular value as more and 
more terms are included. A series is said to be absolutely 
convergent if the sum of the absolute values of the terms 
converges; in this case the series converges no matter 
how the terms of the sum are arranged. Series that are 
conditionally convergent only converge for some arrange- 
ments of the terms and, even then, converge to different 
values for different arrangements. 


serpentine 

A curve named and studied by Isaac Newton in 1701 and 
contained in his classification of cubic curves. It had 
been studied earlier by de L’Hépital and Christiaan 


Huygens in 1692. The curve is given by the Cartesian 
equation 


(x) = abx! (x? — a’). 


set 

A finite or infinite collection of objects known as eéle- 
ments. Sets are one of the most basic and important con- 
cepts in mathematics. An example of a finite set is the set 
of whole numbers from 1 to 58; an example of an infinite 
set is the set of all the rational numbers. Two sets are 
equal if, and only if, they contain the same objects. Stan- 
dard notation uses braces around the list of elements, as 
in: {red, green, blue}. If A and B are two sets and every x 
in A is also contained in B, then A is said to be a subset of 
B. Every set has as subsets itself, known as the improper 
subset, and the empty set. The umion of a collection of sets 
S = {S, S,, S3,...} is the set of all elements contained in 
at least one of the sets S,, S;, S;,.... The intersection of a 
collection of sets T= {T;, 75, Ts, . . .} is the set of all ele- 
ments contained in all of the sets. The union and inter- 
section of sets, say A, and A,, is denoted 4, U A, and 
A, M A;, respectively. The set of all subsets of X is called 
its power set and is denoted 2* or P(X). See also set the- 
ory, Venn diagram, and Russell’s paradox. 


set of all sets 
See Russell’s paradox. 
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serpentine The serpentine curve. © Jan Wassenaar, www.2dcurves.com 


set theory 

A branch of mathematics created by Georg Cantor at 
the end of the nineteenth century. Initially controver- 
sial, set theory has come to play a foundational role in 
modern mathematics, in that it is used to justify assump- 
tions made concerning the existence of mathematical 
objects (such as numbers or functions) and their proper- 
ties. Formal versions of set theory also figure centrally in 
specifying a theoretical ideal of mathematical rigor in 
proofs. Cantor’s basic discovery was that if we define 
two sets A and B to have the same number of members 
(the same cardinality), then there is a way of pairing off 
members of A exhaustively with members of B. The 
appearance around the turn of the century of set- 
theoretical paradoxes, such as Russell’s paradox, 
prompted the formulation in 1908 by Ernst Zermelo of 
an axiomatic theory of sets. The axioms for set theory 
now most often studied and used are those called the 
Zermelo-Fraenkel axioms, usually together with the axiom 
of choice. The Zermelo-Fraenkel axioms are commonly 
abbreviated to ZF, or ZFC if the axiom of choice is 
included. An important feature of ZFC is that every 
object that it deals with is a set. In particular, every ele- 
ment of a set is itself a set. Other familiar mathematical 
objects, such as numbers, must be subsequently defined 
in terms of sets. 


seven 

A lucky number in the eyes of many people and one that 
has been given much spiritual significance. The early reli- 
gious and cultural use of the seven-day week almost cer- 
tainly stems from the fact that the Moon goes through its 
four phases in a bit over 28 days, which divides nicely 
into seven days per phase. There are seven moving 
objects in the sky visible to the naked eye (the Sun, 
Moon, Mercury, Venus, Mars, Jupiter, and Saturn), seven 
seas, seven orders of architecture, seven deadly sins, seven 
liberal arts and sciences, and seven dwarfs. The seventh 
son of a seventh son is supposed to be born gifted 
(Donny Osmond was such a person). In the Bible, there 
were seven years of famine and seven years of plenty, and 
seven years were taken to construct King Solomon’s Tem- 
ple. The Pythagoreans were especially intrigued by the 
number as it is the sum of three and four, which are the 
number of sides of a triangle and a square—shapes of 
enormous importance to the sect. These links with 
Solomon’s Temple and the Pythagoreans help explain the 
importance of seven in freemasonry. Seven is the smallest 
positive integer whose reciprocal has a pattern of more 
than one repeating digit: /7 = 0.142857142857 .. . and is 
the smallest number for which the digit sequence of 1/n 
is of length 7 — 1 (the longest such a sequence can be). 
The next such numbers are 17, 19, 23, 29, 47, 59, 61, 97, 


288 seventeen 





109, 113,.... Other curios: the citrus soda 7-UP, created 
in 1929, was so called because the original containers 
were 7 ounces and “up” was the direction of the bubbles, 
and seven is the maximum number of times you can fold 
any sheet of paper (try it!). 


seventeen 

The number most often picked in response to the request 
“Pick a random number from 1 to 20.” Seventeen is a Fer- 
mat prime (a prime number of the form 2” + 1, where ” 
is a positive integer), the exponent of a Mersenne prime (a 
prime p for which 2’ — 1 is prime), and the only prime 
that is the sum of four consecutive primes (2 +3 +5 +7). 
Seventeen is also the smallest number for which the sum 
of the digits of its cube is equal to the number: 17° = 
4913,4+9+1+3=17, and the smallest number that can 
be written as a’ + b° in two different ways: 17 = 3° + 2° = 
4 + 1°. The pair (8, 9), whose sum is 17, is the only pair 
of consecutive numbers where one is a square and the 
other is a cube (a result proved by Leonhard Euler.) 
There are 17 planar crystallographic groups, called wall- 
paper groups. The minimum number of faces on a con- 
vex polyhedron that has only one stable face is 17. (A 
stable face is one that the figure can rest on without 
falling over; most polygons have more than one such 
face.) Seventeen is also the answer to the following prob- 
lem: At a party where any two people have previously 
met each other in one of three other places, what is the 
least number of people who must be at the party to guar- 
antee that there is at least one group of three people who 
have met each other before in the same place? 


sexagesimal 

Of, relating to, or based on the number 60. Sexagesimal 
refers especially to the number system with base 60. The 
Babylonians began using such a scheme around the 
beginning of the second millennium B.c. in what was the 
first example of a place-value system. Our degree of 60 
minutes, minute of 60 seconds (in both time and angle 
measure), and hour of 60 minutes hark back to this 
ancient method of numeration. Why the Babylonians 
counted using sexagesimal isn’t known, but 60 certainly 
has more factors than any other number of comparable 
size. 


Shannon, Claude Elwood (1916-2001) 

An American mathematician and a pioneer of informa- 
tion theory. Shannon was the first to realize that any sort 
of message can be transmitted as a series of 0’s and 1’s, 
regardless of whether it consists of words, numbers, pic- 
tures, or sound. In his master’s thesis, he explained how 
electrical switches could represent binary digits—a 1 
when the switch is on and 0 when it is off. He also used 


Boolean algebra to show that complex operations could 
be carried out automatically on these electrical circuits, 
thus manipulating the data they were storing. It was in 
one of his papers, “A Mathematical Theory of Commu- 
nication” published in 1948, that the word “bit” (short 
for binary digit) was used for the first time. In fact the 
framework and terminology for information theory he 
developed remains standard today. Shannon was driven 
by curiosity, and in his own words he “just wondered 
how things were put together.” Among his inventions 
were rocket-powered Frisbees, motorized Pogo sticks, a 
device that could solve the Rubik’s cube puzzle, and a 
juggling machine. (He could ride a unicycle while jug- 
gling three balls.) He was involved in pioneering artificial 
intelligence research, which included building the 
electromechanical mouse called “Theseus” that could 
navigate a metal maze using magnetic signals. Shannon 
also built a chess-playing computer, many years before 
IBM’s Deep Blue, that played well against the world 
champion of the time, Mikhail Botvinnik (the computer 
lost only after 42 moves). 


shell curve 
See Diirer’s shell curve. 


shuffle 

How many shuffles does it take to randomize a deck of 
cards—in other words, to mix up the cards about as thor- 
oughly as dropping them all on the table and stirring 
them around for several minutes (the author’s usual 
method). The answer depends on the kind of shuffle used. 
The beginner’s overband shuffle, for example, is a really bad 
way to mix cards: about 2,500 such shuffles are need to 
randomize a deck of 52 cards. A magician’s perfect shuffle, 
on the other hand, in which the cards are cut exactly in 
half and then perfectly interlaced, ever produces ran- 
domization (see below). One of the most effective ways to 
get a random deck is the riffle shuffle in which the deck is 
cut in half and imperfectly interlaced by dropping cards 
one by one from either half of the deck with a probability 
proportional to the current sizes of the deck splits. In 
1992 Persi Diaconis (then at Harvard) and David Bayer 
demonstrated that, starting with a completely ordered 
deck, it takes seven riffle shuffles to produce randomiza- 
tion.”7 Any more than this and there’s no significant 
increase in the randomness; any less and the shuffle is far 
from random. In fact, not only are five or six riffles not 
enough to randomize, there are some configurations of 
cards that are impossible to reach in this number of shuf- 
fles! To understand this, suppose the starting order of the 
cards is marked 1 to 52, top to bottom. After one shuffle, 
only configurations with two or fewer rising sequences are 
possible. A rising sequence is a maximal increasing 
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sequential ordering of cards that appear in the deck (with 
other cards possibly interspersed) as it is run through from 
top to bottom. For instance, in an eight-card deck, 
12345678 is the ordered deck and it has one rising 
sequence. After one shuffle, 16237845 is a possible con- 
figuration, and there are two rising sequences (the under- 
lined numerals form one, the nonunderlined numerals 
form the other). Clearly the rising sequences are formed 
when the deck is cut before the cards are interleaved in the 
shuffle. After two shuffles, there can be at most four rising 
sequences, since each of the two rising sequences from the 
first shuffle has a chance of being cut in the second. This 
pattern continues: the number of rising sequences can at 
most double during each shuffle. After five shuffles, there 
are at most 32 rising sequences. But the reversed deck, 
numbered 52 down to 1, has 52 rising sequences. Thus, 
this is one (of many) arrangements that are unattainable 
in five riffle shuffles. Interestingly, Diaconis and other 
researchers have also found that decks can undergo sud- 
den changes in their degree of randomness; after six riffle 
shuffles, a deck is still visibly ordered, but this order van- 
ishes one shuffle later. 

Perfect shuffles do the exact opposite of randomizing: 
they preserve order at every stage. There are two kinds of 
perfect shuffles. The out-shuffle is one in which the top 
card stays on top; the z-shuffle is one in which the top 
card moves to the second position of the deck. Amaz- 
ingly, eight perfect out-shuffles restore the deck to its 
original order! Magicians use combinations of out and in 
shuffles to perform a variety of baffling tricks and to con- 
trol the position of any given card in a deck. How could 
you make the top card (call it position 0) go to position 
né Easy: write 2 in binary (base 2), read the 0’s and 1’s 
from left to right, perform an out-shuffle for a 0 and an 
in-shuffle for a 1, and, as if by magic, the top card will 
have materialized at position z. 


shunting puzzles 

Railroad modelers, especially those with limited space 
available for their layouts, often enjoy setting up track 
that allows interesting shunting problems to be tried out 
and solved. The most famous mathematical puzzle of 
this type, called the railroad shunting puzzle, comes in a 


number of variations, but basically the problem is that 
there are two trains (4 and B in the diagram) facing each 
other on a single line with just one short siding, which 
will only hold one item of rolling stock at a time. In order 
to enable the two trains to pass each other and to con- 
tinue their journey, a series of movements using the sid- 
ing is required. First time around it’s quite a brain-teaser, 
which probably explains why railroad companies all over 
the world took the more costly but easier way out and 
built passing sidings! 


Siegel’s paradox 

If a fixed fraction x of a given amount of money P is lost, 
and then the same fraction x of the remaining amount is 
gained, the result is less than the original and equal to the 
final amount if a fraction x is first gained, then lost. 


Sierpinski, Waclaw Franciszek (1882-1969) 

A Polish mathematician who made outstanding contri- 
butions to set theory, which included research on the 
axiom of choice and the continuum hypothesis, num- 
ber theory, and topology. Two well-known fractals, the 
Sierpinski carpet and the Sierpinski gasket, are named 
after him. 


Sierpinski carpet 

A fractal, named after Waclaw Sierpinski, that is derived 
from a square by cutting it into nine equal squares with a 
3 x 3 grid, removing the central piece, and then applying 
the same procedure ad infinitum to the remaining eight 
squares. It is one of two generalizations of the Cantor set 
to two dimensions; the other is the Cantor dust. The 
carpet’s Hausdorff dimension is log 8/log 3 = 
1.8928.... 


Sierpinski gasket 

A fractal, also known as the Sierpinski triangle or Sierpinski 
sieve after its inventor Waclaw Sierpinski. It is produced 
by the following set of rules: (1) start with any triangle in 
a plane; (2) shrink the triangle by 12, make three copies, 
and translate them so that each triangle touches the two 
other triangles at a corner; (3) repeat step 2 ad infinitum. 
The gasket can also be made by starting with Pascal’s 





shunting puzzles How can two trains, traveling in opposite directions on a single track, get past each other by using a siding 
that can only accommodate a single item of rolling stock at a time? 
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Sierpinski carpet 


triangle, then coloring the even numbers white and the 
odd numbers black. Most curiously, it can be generated 
by a game of chance. Begin with three points, labeled 1, 
2, and 3, and any starting point, S. Then select randomly 
1, 2, or 3, using a die or some other method. Each ran- 
dom number defines a new point halfway between the 
latest point and the labeled point that the random num- 
ber indicates. When the game has gone on long enough 


the pattern produced is the Sierpinski gasket. The gasket 
has a Hausdorff dimension of log 3/log 2 = 1.585..., 
which follows from the fact that it is a union of three 
copies of itself, each scaled by a factor of '2. Adding 
rounded corners to the defining curve gives a noninter- 
secting curve that traverses the gasket from one corner to 
another and which Benoit Mandelbrot called the Sier- 
pinski arrowhead. 
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Sierpinski gasket 


Sierpinski number 

A positive, odd integer & such that & times 2” + 1 is never 
a prime number for any value of . In 1960 Waclaw Sier- 
pinski showed that there were infinitely many such num- 
bers (though he didn’t give a specific example). This is a 
strange result. Why should it be that while the vast major- 
ity of expressions of the form m times 2” + 1 eventually 
produce a prime, some don’t? For now, mathematicians 
are focused on a more manageable problem posed by 
Sierpinski: What is the smallest Sierpinski number? In 
1962, John Selfridge discovered the smallest known Sier- 
pinski number, & = 78,557. The next largest is 271,129. Is 
there a smaller Sierpinski number? No one yet knows. 
However, to establish that 78,557 is really the smallest, it 
would be sufficient to find a prime of the form k(2” + 1) 


for every value of & less than 78,557. In early 2001, there 
were only 17 candidate values of k left to check: 4,847; 
5,359; 10,223; 19,249; 21,181; 22,699; 24,737; 27,653; 
28,433; 33,661; 44,131; 46,157; 54,767; 55,459; 65,567; 
67,607; and 69,109. In March 2002, Louis Helm of the 
University of Michigan and David Norris of the Univer- 
sity of Illinois started a project called “Seventeen or 
Bust,” the goal of which is to harness the computing 
power of a worldwide network of hundreds of personal 
computers to check for primes among the remaining can- 
didates. The team’s effort have so far eliminated six can- 
didates—5,359; 44,131; 46,157; 54,767; 65,567; and 
69,109. Despite this encouraging start, it may take as long 
as a decade, with many additional participants, to check 
the eleven remaining candidates. 
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sieve of Eratosthenes 

The most efficient way to find all of the smallest prime 
numbers. First described by Eratosthenes of Cyrene, it 
involves making a list of all the integers less than or equal 
to m (and greater than one), then striking out the multi- 
ples of all primes less than or equal to the square root of 
n. The numbers that are left are the primes. For example, 
to find all the primes less than or equal to 30, we list the 
numbers from 2 to 30: 


2, 3, 4, 5, 6, 7, 8, 9, 10, 11, 12, 13, 14, 15, 16, 17, 18, 19, 
20, 21, 22, 23, 24, 25, 26, 27, 28, 29, 30 


The first number, 2, is prime, so we keep it and strike out 
all of its multiples, leaving 


2, 3,5, 7, 9, 11, 13, 15, 17, 19, 21, 23, 25, 27, 29 


The next number left, 3, is prime, so again we retain it 
and delete all of its multiples, leaving 


2, 3,5, 7, 11, 13, 17, 19, 23, 25, 29 
Now we do the same thing for 5, another prime, to give 
2, 3,5, 7, 11, 13, 17, 19, 23, 29 


The next number, 7, is larger than the square root of 30, 
so all of the numbers left are primes. 


significant digits 

The digits that define a numerical value. The significant 
digits of a given number begin with the first nonzero 
integer digit or, if this number is less than unity, with the 
first (zero or nonzero) decimal digit. They end with the 
final (zero or nonzero) decimal digit; the final zero or 
zeros of an integer may or may not be significant. 


similar 

Having the same shape but not necessarily the same size. 
Two triangles are similar if they have equal angles and 
their corresponding sides, say, a, 1, ¢, and a, b2, ©, have 
a common ratio, 1: ;/da) = b,/by = ¢)/. In general, a simi- 
larity is a transformation under which the distance 
between any corresponding pair of points changes by the 
same factor. 


simple group 

A group that has no nontrivial proper normal sub- 
groups. Simple groups are important because they can be 
thought of as the blocks out of which other groups can be 
built. Much activity has been expended in the classifica- 
tion of all finite simple groups. 


simplex 

The z-dimensional generalization of the triangle and the 
tetrahedron; in other words, a polytope in dimensions 
with 2 + 1 vertices. 


simply connected 

The condition of a geometrical object if it consists of 
one piece and doesn’t have any holes or “handles.” For 
example, a line, disk, and sphere are simply connected, 
but a torus (doughnut) and teapot are not. See also 
connected. 


simulation 

Experimentation in the space of theories, or a combi- 
nation of experimentation and theorization. Some 
numerical simulations are programs that represent a 
model for how nature works. Usually, the outcome of 
a simulation is as much a surprise as the outcome of a 
natural event, due to the richness and uncertainty of 
computation. 


sine 

The trigonometric function of an angle of a right-angled 
triangle other than the right angle that is equal to the 
length of the side adjacent to the angle divided by the 
length of the hypotenuse. The curve of y = sin x is called 
the sine curve, or sinusoid. 


Singmaster, David 

A professor at the school of computing, information sys- 
tems, and mathematics at South Bank University, Lon- 
don, who is one of the world’s leading compilers and 
historians of mathematical puzzles. 


singularity 

(1) A point at which the derivative does not exist for a 
given function but every neighborhood of which con- 
tains points for which the derivative exists. (2) A point in 
space-time at which gravitational forces cause matter to 
have infinite density and infinitesimal volume, and space 
and time to become infinitely distorted. 


SIX 

The smallest perfect number, the number of faces of a 
cube, and the number of sides of a hexagon. There are 
six players on a volleyball team, six kinds of chessmen, 
and six types of quark (not including antiquarks). A 
touchdown in American football earns six points and a 
hit across the boundary rope of a cricket field without 
bouncing scores six runs. Long ago people indicated a 
number by pointing to a part of their body; this is echoed 
in the New Guinea word for six, which is the same as that 
for “wrist.” 


six circles theorem 

Given a triangle and a circle inside it that touches two of 
the triangle’s sides, draw a second circle touching another 
two sides and touching the first circle. Draw a third circle 
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touching two sides and the second circle, and so on. This 
chain ends with the sixth circle, which will touch the first. 


sixty 


See sexagesimal. 


skeletal division 

A long division in which most or all of the digits are 
replaced by symbols (usually asterisks) to form a 
cryptarithm. 


skew lines 
Also known as crossing lines, lines that lie in different 
planes and do not intersect one another. 


Skewes’ number 

A famous large number, commonly given as 10”, that 
was first derived in 1933 by the South African mathe- 
matician Samuel Skewes in a proof involving prime 
numbers.””! G. H. Hardy once described Skewes’ num- 
ber as “the largest number which has ever served any def- 
inite purpose in mathematics,” though it has long since 
lost that distinction. Skewes’ numbers—there are actually 
two of them—came about from a study of the frequency 
with which prime numbers occur. Gauss’s well-known 
estimate of the number of prime numbers less than or 
equal to x, pi(m), is the integral from u = 0 to u=n of 
1/(log x); this integral is called Li(z). In 1914 the English 
mathematician John Littlewood proved that pi(x) — Li(x) 
assumes both positive and negative values infinitely 
often. For all values of 7 up to 10”, which is as far as com- 
putations have gone so far, Li(z) has turned out to be an 
overestimate. But Littlewood’s result showed that above 
some value of it becomes an underestimate, then at an 
even higher value of it becomes an overestimate again, 
and so on. This is where Skewes’ number comes in. 
Skewes showed that, if the Riemann hypothesis is true, 
the first crossing can’t be greater than e“”. This is called 
the first or Riemann true Skewes’ number. Converted to 
base 10, the value can be approximated as 10'°"’, or more 
accurately as 101°" or 1 QLseeunnmennmemes® In 
1987, the Dutch mathematician Herman te Riele'**”! 
reduced dramatically the upper bound of the first cross- 
ing to e®, or approximately 8.185 x 10°”, while John 
Conway and Richard Guy'*! have made the contradic- 
tory claim that the lower bound is 10". In any event, 
Skewes’ number is now only of historical interest. Skewes 
also defined the limit if the Riemann hypothesis is false: 
10°". This is known as the second Skewes’ number. 


slide rule 
A calculating device consisting of two sliding logarithmic 
scales. 


sliding-piece puzzle 

A type of sequential-movement puzzle, within the larger cat- 
egory of mechanical puzzles, that involves sliding one 
piece at a time into a single vacant opening in order to 
advance toward the solution—a certain orderly arrange- 
ment of the pieces. The best known is Loyd’s Fifteen 
Puzzle. 


Slocum, Jerry 
An American historian of and writer on mechanical puz- 
zles. 


slope 

“Rise over run.” For a straight line in the plane, the slope 
is the tangent of the angle it forms with the positive «- 
axis. For a curve, the slope is, by definition, the slope of 
the tangent line. Therefore, if the slope is constant, a line 
is straight. 


Slothouber-Graatsma puzzle 

A packing puzzle in which six 1 x 2 x 2 blocks and three 
1x 1x 1 blocks must be fitted together to make a 3 x 3 x 
3 cube. There is only one solution. A similar but much 
more difficult puzzle, named after its inventor, John 
Conway, calls for packing three 1 x 1 x 3 blocks, one 1 x 
2 x 2 block, one 2 x 2 x 2 block, and thirteen 1 x 2 x 4 
blocks into a5 x 5 x 5 box. 


Smith number 

A composite number, the sum of whose digits equals 
the sum of the digits of its prime factors (its factors that 
are prime numbers). The name stems from a phone call 
in 1984 by the mathematician Albert Wilansky to his 
brother-in-law Smith, during which Wilansky noticed 
that the phone number, 493-7775, obeyed the condition 
just mentioned. Specifically: 


4,937,775 =3 x5 x 5 x 65,837 
44+94+3474747452=3454+54+6454+8+4+3+7 





Trivially, all prime numbers have this property, so they 
are excluded. The first few Smith numbers are: 4, 22, 27, 
58, 85, 94, 121, 166, 202, 265, 274, 319, 346,.... In 1987, 
Wayne McDaniel proved that there are infinitely many 
Smiths. 


smooth 

(1) Infinitely differentiable; possessing infinitely many 
derivatives. For example, sin(x) is a smooth function, 
while |x|’ is not. More complicated mathematical objects 
such as manifolds are called smooth if they are defined 
or described by smooth functions. (2) Continuously dif- 
ferentiable (see continuity); possessing a continuous tan- 
gent or derivative. 
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Smullyan, Raymond (1919-) 

An American mathematical logician, puzzle-maker, and 
magician, who has taught in various colleges but is best 
known for his books on recreational mathematics. 
Among these are What Is the Name of This Book?, The Lady 
or the Tiger, The Tao is Silent, and This Book Needs No Title: 
A Budget of Living Paradoxes.°*°*"" Smullyan is an inven- 
tive maker of logic paradoxes and a pioneer of chess 
problems that involve “retrograde analysis,” in which the 
object is to deduce the past history of a game from some 
given present position. 


snow 

It is often said that no two snowflakes are alike. While 
this is hard to prove, individual samples can be captured 
on a chilled glass microscope slide and preserved with 
artist’s spray fixative. All are six-sided and the more 
ornate kind, called dendritic snowflakes, form when the air 
temperature is between —12°C and —16°C (10°F and 
3°F). Typical snowflakes fall at a rate of a meter or two per 
second; assuming 1.5 m/s and a cloud base of 3,000 m 
(roughly the height of nimbostratus clouds) gives a 
descent time of 20 minutes. One of the great urban leg- 
ends is that the Inuit have 2 words for “snow,” where z is 
a large number. This story may have started in 1911 when 
anthropologist Franz Boaz casually mentioned that the 
Inuit—he called them “Eskimos,” using the derogatory 
term of a tribe to the south of them for eaters of raw 
meat—had four different words for snow. With each suc- 
ceeding reference in textbooks and the popular press the 
number grew to as many as 400 words. A problem with 
trying to pin down exactly how many Inuit words there 
are for snow and/or ice, or for anything else, is that the 
various dialects of Inuit are polysynthetic, which means 
that words can effectively be made up on the spot by 
concatenating various particles to the root word. For 
example, the suffix -tluk, for “bad,” might be added to 
kaniktshagq, for “snow,” to give kaniktshartluk, “bad snow.” 
This can give rise to any number of snow terms, from 
akelrorak (“newly drifting snow”) to mitailak (“soft snow 
over an opening in an ice floe”). 


snowball prime 

Also known as a right-truncatable prime, a prime number 
whose digits can be chopped off, one by one, from the 
right-hand side, yet still leave a prime number. This 
means that even if you stop writing before you finish the 
number, you will still have written a prime. The largest 
snowball prime is 73,939,133 (7, 73, 739, ..., 73,939,133 
are all prime). 


snowflake curve 
See Koch snowflake. 


soap film 
See bubbles. 


Soddy circle 

A solution to the three-circle form of the Apollonius 
problem in which each of the given circles is tangent to 
(just touches) the other two."”! There are two Soddy cir- 
cles: the outer Soddy circle, which surrounds the three 
given circles, and the inner Soddy circle, which is interior to 
them. The inner Soddy circle is the solution to the four 
coins problem. 


Soddy’s formula 

If four circles A, B, C, and D, of radii 7, 7, 73, and 7, are 
drawn so that they do not overlap but each touches the 
other three, and if we let b, = 1/7, etc., then 


(h, +b, + b3 + yy =2(b? + b + by + b7). 


solid 
Of or relating to three-dimensional geometric figures or 


bodies. 


solid angle 
An angle formed by three or more planes intersecting at a 
common point. Solid angles are measured in steradians. 


solid geometry 
The geometry of three-dimensional space. 


solidus 
The slanted line in a fraction such as a/b dividing the 
numerator from the denominator. 


solitaire 
See peg solitaire. 


solitary number 

A number that is not one of a pair of amicable numbers. 
Examples include all prime numbers, all integer powers 
or primes, and other numbers such as 9, 16, 18, 52, and 
160. 


soliton 

A solitary wave that can travel for long distances without 
changing its shape or losing energy. Mathematically, a 
soliton is a solution to a partial differential equation 
that is localized in some directions but not localized in 
time, and which does not change its shape. The first soli- 
ton to be described was a water wave seen by the engineer 
and shipbuilder John Scott Russell (1808-1882) in 1834 
when he was riding by the Grand Union Canal at Her- 
miston, Glasgow. He observed that when a canal boat 
stopped, its bow wave continued onward as a well- 
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defined elevation of the water at constant speed. 
(Another account says Scott Russell observed it on the 
Glasgow and Ardrossan Canal when a horse bolted with 
a light canal boat in tow.) The phenomenon was largely 
forgotten until the 1960s, when the American physicist 
Martin Kruskal rediscovered it and called it a soliton 
wave. On July 12, 1995, a viaduct at Hermiston was 
renamed the John Scott Russell viaduct, with Kruskal 
unveiling plaques and attempting to re-create a soliton 
wave. A classic soliton occurs on the River Severn in En- 
gland, which starts at the head of the triangular Bristol 
Channel and narrows rapidly upstream. When the tide 
comes in, it is greatly compressed and produces the Sev- 
ern Bore, a tidal wave up to 6 feet (2 m) high which 
rushes about 20 miles (32 km) up the river to Gloucester 
at a speed of up to 10 mph (16 km/hr). It is strongest at 
the spring tides, i.e. at full and new moons, and is now 
popular with surfers and canoeists. 


solution 
A value that satisfies the requirements of an equation. 
See also lost solutions. 


Soma cube 

A mathematical puzzle devised by Piet Hein in 1936 dur- 
ing a lecture on quantum mechanics by Werner Heisen- 
berg in which the great German physicist was describing 
a space sliced into cubes. In a moment of genius, Hein 
grasped that the result of combining all seven of the irreg- 
ular shapes that can be made from no more than four 
unit cubes joined at their faces is a single larger (3 x 3 x 
3) cube. The Soma cube was first brought to popular 
attention by Martin Gardner in his “Mathematical 
Games” column in Scientific American in 1958. All 240 
possible solutions were first identified by John Conway 
and Mickael Guy in 1961. The pieces can also be used to 
make a variety of other interesting three-dimensional 





Soma cube How the pieces of the cube fit together. Mr. Puzzle Australia, www.mrpuzzle.com.au 


The top of that “cube magnet” was drawn in another crop picture, where it 
now resembles a toy magnet made from 216 round magnetic balls 
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Soma cube One of many animals into which the cube pieces can be arranged. Mr. Puzzle Australia, www.mrpuzzle.com.au 


shapes so that the Soma cube is often regarded as a three- 
dimensional analog of tangrams. It is possible that the 
puzzle is named after the fictitious drug “soma” in 
Aldous Huxley’s novel Brave New World. See also poly- 
omino.!"””! 


Sophie Germain prime 

Any prime number p such that 2p + 1 is also prime; the 
smallest examples are 2, 3, 5, 11, 23, 29, 41, 53, 83, 89, 
113, and 131. Around 1825 Sophie Germain proved that 
the first case of Fermat’s last theorem (FLT) is true for 
such primes. Soon after, Adrien-Marie Legendre began to 
generalize this by showing the first case of FLT also holds 
for odd primes p such that kp + 1 is prime, k= 4, 8, 10, 14, 
and 16. In 1991 Fee and Granville extended this to k < 
100, where & is not a multiple of three. Many similar 
results were also shown, but now that FLT has been 
proven correct, they are of less interest. 


soroban 
See abacus. 


space 

(1) The three-dimensional theater in which things as we 
know them can exist or in which events can take place. In 
the Einsteinian worldview, space and time are united 
inextricably in a space-time continuum and there is also 
the possibility of higher dimensions. (See also fourth 
dimension.) (2) In mathematics, there are additionally 
many other types of space, most of them too abstract to 
imagine or to describe accurately in a few sentences. 
Generally, a mathematical space is a set of points with 
additional features. In a topological space (see topology) 
every point has a collection of neighborhoods to which it 
belongs. In an affine space, which is a generalization of the 
familiar concepts of a straight line, a plane, and ordinary 
three-dimensional space, a defining feature is the ability 
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to fix a point and a set of coordinate axes through it so 
that every point in the space can be represented as a 
“tuple,” or ordered set, of coordinates. Other examples of 
mathematical spaces include vector spaces, measure spaces, 
and metric spaces. 


space-filling curve 

A curve that passes through every point of a finite region 
(such as a unit square or unit cube) of an 2-dimensional 
space, where > 2. A well-known example is the Peano 
curve. 


space-time 

The inseparable four-dimensional manifold, or combina- 
tion, which space and time are considered to form in the 
special and general theories of relativity (see relativity 
theory). A point in space-time is known as an event. Each 
event has four coordinates (x, y, z, #). Just as the x, y, z 
coordinates of a point depend on the axes being used, so 
distances and time intervals, (which are invariant in New- 
tonian physics) may depend (in relativistic physics) on 
the reference frame of an observer; this can lead to 
bizarre effects such as length contraction and time dilation. A 
space-time interval between two events is the invariant 
quantity analogous to distance in Euclidean space. The 


space-time interval s along a curve is defined by the 
quantity 


ds? = dx? + dy? + dz’ — c’d?’, 


where c is the speed of light. A basic assumption of rela- 
tivity theory is that coordinate transformations leave 
intervals invariant. However, note that whereas distances 
are always positive, intervals may be positive, zero, or 
negative. Events with a space-time interval of zero are 
separated by the propagation of a light signal. Events 
with a positive space-time interval are in each other’s 
future or past, and the value of the interval defines the 
proper time measured by an observer traveling between 
them. 


special function 

A function, often named after the person who intro- 
duced it, that has a particular use in physics or some 
branch of mathematics. Examples include Bessel functions, 
Lagrange polynomials, beta functions, gamma functions, 
and hypergeometric functions. 


special relativity 
See relativity theory. 





space-time Gravity seen as a curvature of the fabric of space and time. 
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Sperner’s lemma _A triangular lattice that can be used for demonstrating Sperner's 
lemma. To understand how, see the accompanying entry. 


spectrum 

(1) In quantum mechanics, the set of allowable energy 
levels of a particle or system. It is directly related to bright 
or dark lines in a spectrum of light produced by a prism. 
(2) In mathematics, the set of eigenvalues of a linear 
transformation. By historical coincidence, it is equivalent 
to the notion of a spectrum in quantum mechanics. 


Sperner’s lemma 

Take a triangle ABC, labeled counterclockwise, and sub- 
divide it into lots of smaller triangles in any arbitrary way. 
Then label all the new vertices as follows: (1) vertices 
along AB may be labeled either A or B, but not C; (2) 
vertices along BC may be labeled either B or C, but not 
A; (3) vertices along CA may be labeled either C or A, 
but not B; (4) vertices inside triangle ABC may be 
labeled A or B or C. Now shade in every small triangle 
that has three different labels. Use two different shadings 
to distinguish the triangles that have been labeled coun- 
terclockwise (ie., in the same sense as triangle ABC) 
from the triangles that have been labeled clockwise (i.e., 
in the sense opposite to that of triangle ABC). Then 


there will be exactly one more counterclockwise triangle 
than clockwise triangles. In particular, the number of 
shaded triangles will be odd. This is Sperner’s lemma, 
named after its discoverer, the German mathematician 
Emanuel Sperner (1905-1980). Sperner’s lemma is equiv- 
alent to the Brouwer fixed-point theorem; a version of it 
holds in all dimensions. 


sphere 

Roughly speaking, a ball-shaped object. In everyday 
usage a sphere is often considered to be solid; mathe- 
maticians call this the imterior of the sphere. In mathe- 
matics, a sphere is a quadric consisting only of a surface 
and is therefore hollow. More precisely, a sphere is the set 
of all points in three-dimensional Euclidean space that 
lie at distance 7, the radius, from a fixed point. In analyt- 
ical geometry a sphere with center (Xp, yo, Zo) and radius r 
is the set of all points (x, y, z) such that 





(x= x) + (y—y) + (2- HY =r’. 


A sphere can also be defined as the surface of revolution 
formed by rotating a circle about its diameter. If the cir- 
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cle is replaced by an ellipse, the shape becomes a spher- 
oid. The surface area of a sphere is 427’ and its volume is 
Anr*/3. The sphere has the smallest surface area among 
all surfaces enclosing a given volume and it encloses the 
largest volume among all closed surfaces with a given sur- 
face area. In nature, bubbles and water drops tend to 
form spheres because surface tension always tries to min- 
imize surface area. The circumscribed cylinder for a given 
sphere has a volume which is 3/2 times the volume of the 
sphere. If a spherical egg were cut up by an egg-slicer with 
evenly spaced wires, the bands between the cuts (on the 
surface of the sphere) would have exactly the same area. 
Spheres can be generalized to other dimensions. For any 
natural number x, an z-sphere is the set of points in 
(2 + 1)-dimensional Euclidean space that lie at distance 
r from a fixed point of that space. A 2-sphere is therefore 
an ordinary sphere, while a 1-sphere is a circle and a 
0-sphere is a pair of points. An #-sphere for which n = 3 
or more is often called a hypersphere. 


sphere packing 
See packing, Kepler’s conjecture, and cannonball prob- 
lem. 


spherical geometry 
See elliptical geometry. 


sphericon 

A curious and mathematically delightful _ three- 
dimensional object made from a right double-cone—two 
identical, 90° cones joined base to base—and an added 
twist. To create a sphericon, a right double-cone is sliced 
along a plane that includes both vertices. The resulting 
cross section is a square, which enables one of the halves to 
be rotated through a right angle and the two halves to be 
glued back together without any overlap. This final twist 
enables the sphericon to roll in an unusual way. An ordi- 
nary cone placed on a flat surface rolls around in circles. A 
double-cone can roll in a clockwise circle or a counter- 
clockwise one. A sphericon, in contrast, performs a con- 
trolled wiggle, with first one conical sector in contact with 
the flat surface, then the other. Two sphericons placed next 
to each other can roll on each other’s surfaces. Four spheri- 
cons arranged in a square block can all roll around one 
another simultaneously. And eight sphericons can fit on 
the surface of one sphericon so that any one of the outer 
solids can roll on the surface of the central one. The spheri- 
con was first found by the En-glishman Colin Roberts in 
1969, while he was still in school. In 1999 he brought his 
discovery to the attention of Ian Stewart who subse- 
quently wrote about the new object in his “Mathematical 
Recreations” column in Scientific American.?”! 





sphericon A model in oak of this remarkable shape. Paul and 
Colin Roberts 


spheroid 

A surface in three dimensions obtained by rotating an 
ellipse about one of its principal axes. If the ellipse is 
rotated about its major axis, the surface is called a prolate 
spheroid (similar to the shape of a rugby ball). If the minor 
axis is chosen, the surface is called an oblate spheroid (sim- 
ilar to the shape of Earth). The sphere is a special case of 
the spheroid in which the generating ellipse is a circle. A 
spheroid is a special case of an ellipsoid where two of the 
three major axes are equal. 


Sphinx riddle 

In Greek mythology, the Sphinx sat outside Thebes and 
asked this riddle of all travelers who passed by. If the trav- 
eler failed to solve the riddle, then the Sphinx killed 
him/her. And if the traveler answered the riddle correctly, 
then the Sphinx would destroy herself. The riddle: what 
goes on four legs in the morning, on two legs at noon, 
and on three legs in the evening? Oedipus solved the rid- 
dle, and the Sphinx destroyed herself. The solution: a 
man, who crawls on all fours as a baby, walks on two legs 
as an adult, and walks with a cane in old age. Of course 
morning, noon, and night are metaphors for the times in 
a person’s life. Such metaphors are common in riddles. 
There were two Thebes; apparently the Thebes in this 
myth was the one in Greece, and the Sphinx was differ- 
ent from the one that stands at Giza, in Egypt. 
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spider-and-fly problem 

A puzzle that was originally posed in the Weekly Dispatch, 
an English newspaper, on June 14, 1903, by Henry 
Dudeney, and that appears as one of the problems in The 
Canterbury Puzzles (1907). A simple but elegant exercise 
in geodesics, it is Dudeney’s best-known brain-teaser. In 
a cuboidal (shoebox-shaped) room measuring 30’ x 12’ x 
12’, a spider is in the middle of one 12’ x 12’ wall, 1 foot 
away from the ceiling. A fly is in the middle of the oppo- 
site wall 1 foot away from the floor. If the fly remains sta- 
tionary, what is the shortest total distance (the geodesic) 
the spider must crawl along the walls, ceiling, and floor in 
order to get to the fly? The answer, 40’, can be obtained 
by flattening out the walls. Note that this distance is 
shorter than the 42’ the spider would have to travel if it 
first crawled along the wall to the floor, then across the 
floor, then up 1’ to get to the fly. A twist to the problem 
can be obtained by a spider that suspends himself from a 
strand of cobweb and thus takes a shortcut by not being 
forced to remain glued to a surface of the room. If the 
spider attaches a strand of cobweb to the wall at his start- 
ing position and lowers himself down to the floor (thus 
not crawling a single inch), he can then walk across the 
length of the room (30’) and ascend a single foot, thus 
reaching his prey after a total crawl of 31’ (although the 
total distance traveled is of course 42’). If the spider is not 
proficient with fastening strands to vertical walls, he must 
first ascend 1’ to the ceiling, from where it can lower him- 
self to the floor, traverse the length of the room, and 
climb one foot to get to the fly, for a total distance 
crawled of 32’. 


Dudeney and Sam Loyd offered several versions of 
the problem in a rectangular room. In 1926 Dudeney 
gave a version on a cylindrical glass with the source and 
the target on opposite sides. 


spinor 

A mathematical object similar to a vector, but which 
changes sign when rotated through 360°. Spinors were 
invented by Wolfgang Pauli and Paul Dirac (they were 
named by Paul Ehrenfest) to represent the spin of a sub- 
atomic particle. In the early 1930s, Dirac, Piet Hein, and 
others at the Niels Bohr Institute created games such as 
Tangloids to teach and model the calculus of spinors. 


Spiral 

A curve that turns around some central point, getting 
progressively closer to it or progressively farther from it, 
depending on which way the curve is followed. Among 
the best known types are the Archimedean spiral, the 
logarithmic spiral, the circle involute, and the lituus. 
Like their space-curve cousin the helix, all spirals are 
asymmetric and each come in two forms that are mirror 
reflections of one another. 


spirograph curve 
See roulette. 


Sprague-Grundy theory 
A theory of certain classes of games called impartial 


games, discovered independently by Roland Percival 
Sprague (in 1936) and Patrick Michael Grundy (in 1939) 





Spider-and-fly problem What is the shortest route for the spider to catch its prey? 
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and originally applied to Nim. In simple terms, they 
showed that one could take any impartial game and ana- 
lyze it in terms of Nim heaps that could grow or decrease 
in size. The theory was developed further by E. R. 
Berlekamp, John Conway, and others, and presented 
comprehensively in the books Winning Ways for Your 
Mathematical Plays and On Numbers. Sprague-Grundy the- 
ory has been applied to other combinatorial games, 
including kayles. 


Sprouts 

A pencil-and-paper game invented by John Conway and 
Michael S. Paterson at Cambridge University in 1967. 
Sprouts is played by two players, starting with a few dots 
(called spots) drawn on a sheet of paper. To make a move, 
a player draws a curve between two spots or a loop from 
a spot to itself; the curve may not cross any other curve. 
The player marks a new spot on the curve, dividing it in 
two. Each spot can have at most three curves connected 
to it. The player who makes the last move wins. Sprouts 
has been studied from the perspectives of graph theory 
and of topology. It can be proven that a game started 
with spots will last at least 2x moves and at most 37 — 1 
moves. By enumerating all possible moves, one can show 
that the first player is guaranteed a win in games involv- 
ing three, four, or five spots, while the second player can 
always win a game that starts with one, two, or six spots. 
Following a 1990 computer analysis of the game at Bell 
Labs out to 11 spots, David Applegate, Guy Jacobsen, 
and Daniel Sleator conjectured that the first player has a 
winning strategy when the number of spots divided by 
six leaves a remainder of three, four, or five. Sprouts was 
featured in the plot of the first part of the science fiction 
novel Macroscope by Piers Anthony. 


square 
(1) A quadrilateral with four equal sides that meet at 
right angles. (2) To square something is to multiply it by 
itself. To take the square root is the reverse process. A 
square number is the square of a whole number (see also 
figurate number). A well-known formula for the differ- 
ence of squares is a’ — b’ = (a + b)(a — 5). This formula 
enables some otherwise difficult calculations to be done 
easily in the head. For example, 43 x 37 = (40 + 3)(40 - 
3) = 40’ — 3? = 1600 —9 = 1591. 


square free 
An integer that is not divisible by a perfect square, 7’, for 
n>. 


square pyramid problem 
See cannonball problem. 


square root of 2 (\/2) 

The first number shown to be what is now known as an 
irrational number (a number that can’t be written in the 
form a/b, where both a and bare integers). This discovery 
was made by Pythagoras or, at any rate, by the Pytha- 
gorean group that he founded. The square root of 2 is the 
length of the hypotenuse (longest side) of a right triangle 
whose other two sides are each one unit long. A reductio 
ad absurdum proof that V2 is irrational is straightfor- 
ward. Suppose that V2 is rational, in other words that 

2 = a/b, where a and b are coprime integers (that is, 
they have no common factors other than 1) and b> 0. It 
follows that a’/b’ = 2, so that a” = 2b”. Since a’ is even 
(because it has a factor of 2), a must be even, so that a= 
2c, say. Therefore, (2c)’ = 2b’, or 2c’ = b’, so b must also 
be even. Thus, in a/b, both a and b are even. But we 
started out by assuming that we’d reduced the fraction to 
its lowest terms. So there is a contradiction and therefore 
V2 must not be irrational. This type of proof can be gen- 
eralized to show that any root of any natural number is 
either a natural number or irrational. 

Asa continued fraction, V2 can be written 1 + 1/(2 + 
1/(2 + 1/(2 +...))), which yields the series of rational 
approximations: 1/1, 3/2, 7/5, 17/12, 41/29, 99/70, 
239/169, .... Multiplying each numerator (number on 
the top) by its denominator (number on the bottom) 
gives the series 1; 6; 35; 204; 1,189; 6,930; 40,391; 
235,416; ... which follows the pattern: A, = 64,_, - 
A, 2. Squaring each of these numbers gives 1; 36; 1,225; 
41,616; 1,413,721; 48,024,900; 1,631,432,881;...each 
of which is also a triangular number. The numbers in 
this sequence are the only numbers that are both square 
and triangular. 


squarefull number 
See powerful number. 


squaring the circle 

The problem to find a construction (see constructible), 
using only a straightedge and compass, that would give a 
square of the same area as a given circle. It is now known 
that this is impossible because, as the German mathe- 
matician Ferdinand von Lindemann showed in 1882, it 
would amount to finding a polynomial expression for pi, 
which can’t be done as 7 is a transcendental number. 
(All the coordinates of all points that can be constructed 
with ruler and compass are algebraic numbers.) This 
minor inconvenience, however, hasn’t prevented some 
amateur mathematicians from continuing to claim they 
have found proofs that the circle can be squared. Some 
of the most bizarre attempts have involved proposing a 
different and rational value for m. In 1897, the Indiana 
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State Legislature came within a hair’s breadth of intro- 
ducing a bill to set the value of m equal to 3.2! In fact, 
long before m was finally proved to be transcendental, 
most learned societies had conjectured that a proof was 
impossible and had stopped considering circle-squaring 
arguments sent to them. 


squaring the square 

The problem of how to tile a square with imtegral squares 
(squares of integral side-length). Of course squaring the 
square is a trivial task unless additional conditions are set. 
The most studied restriction is the perfect squared square: a 
square such that each of the smaller squares has a differ- 
ent size. The name was coined in humorous analogy with 
squaring the circle and is first recorded as being studied 
by R. L. Brooks, C. A. B. Smith, A. H. Stone, and W. T. 
Tutte at Cambridge University. The first perfect squared 
square was found by Roland Sprague in 1939. If such a 
tiling is enlarged so that the formerly smallest tile 
becomes as big as the original square, it becomes clear 
that the whole plane can be tiled with integral squares, 
each having a different size. It is still an unsolved prob- 
lem, however, whether the plane can be tiled with a set of 
integral square tiles such that each natural number is used 
exactly once as the size of a tile. A simple squared square is 
one where no subset of the squares forms a rectangle. The 
smallest simple perfect squared square was discovered by 
A. J. W. Duijvestin using a computer search. His tiling 
uses 21 squares, and has been proved to be minimal. 
Other possible conditions that lead to interesting results 
are nowhere-neat squared squares and no-touch squared 
squares. Developments leading to squaring the square 
can be traced back to 1902 and the first appearance of 
Henry Dudeney’s Lady Isabel’s casket, later published as 
problem #40 in The Canterbury Puzzles,” 


standard deviation 

A measure of the spread of a set of data. For a Gaussian 
distribution, the standard deviation hints at the width of 
the tails of the distribution function. 


Stanhope, Earl 

A line of English earls, several of whom were notable 
mathematicians and polymaths. The third earl, Charles 
Stanhope (1753-1816), invented the process of stereo- 
typing and, in 1777, devised the first mechanical logical 
calculator. The fourth earl, Philip Henry Stanhope 
(1781-1855) was a mathematician who applied his know!l- 
edge to mapmaking and maze design. From 1818 to 1830 
he planted a maze according to a basic plan laid down by 
the second earl (1714-1786) that was probably the first to 
incorporate islands that defeat the familiar “hand-on- 


wall” method. (There are islands in the famous Hampton 
Court maze, yet the hand-on-wall method solves it.) His 
designs often had a number of islands, or just isolated 
lengths of hedge. 


Star of David 
Also known as a hexagram, the six-pointed star obtained 
by extending the sides of a regular hexagon to the points 
of intersection. 


star of Lakshmi 

An eight-pointed star design often used in architecture, 
particularly as a tiling or other decoration on the floor of 
a room that has four- or eight-fold symmetry. A notable 
example is in the octagonal central lobby in the Houses 
of Parliament in London. It was used by Hindus to sym- 
bolize Ashtalakshmi, the eight forms of wealth. 


state space 
See phase space. 


stationary point 

A point on the graph of a function where the tangent to 
the graph is parallel to the x-axis or, equivalently, where 
the derivative of the function is 0. There are four kinds 
of stationary points: (1) a local minimum, where the deriv- 
ative of the function changes from negative to positive; 
(2) a local maximum, where the derivative changes from 
positive to negative; (3) a rising point of inflection, where 
the derivative is positive on both sides of the stationary 
point; and (4) a falling point of inflection, where the deriva- 
tive is negative on both sides of the stationary point. 


statistical mechanics 
The study of statistical and thermal properties of physical 
materials and their idealized mathematical models. 


statistics 

The study of ways that lots of data can be represented 
using a few numbers and the study of how such numbers 
can be chosen and used to draw reasonable conclusions 
about the data. The word statistics comes from the Latin 
statis for “political state”; one of the main tasks of the 
subject involves analyzing facts and figures about gov- 
ernments, resources, and populations. Although a power- 
ful tool, statistics is open to abuse, both intentional and 
unintentional. Benjamin Disraeli (1804-1881) may have 
gone a little over the top when he said, “There are lies, 
damned lies, and statistics,” but Scottish author Andrew 
Lang (1844-1912) could have been describing many a 
politician when he remarked, “He uses statistics as a 
drunken man uses lamp posts—for support rather than 
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illumination.” The branch of statistics most commonly 
used in recreational mathematics is probability theory. 


Steiner, Jakob (1796-1863) 

A Swiss mathematician, considered by many to be the 
greatest geometer since Apollonius of Perga. Largely self- 
taught, he became a professor at the University of Berlin, 
and was a pioneer in the field of projective geometry. He 
had an important influence on his students, including 
Bernhard Riemann. 


Steiner-Lehmus theorem 

Any triangle that has two equal angle bisectors (each 
measured from a vertex to the opposite sides) is an 
isosceles triangle. In 1840, a Berlin professor Ludolph 
Lehmus wondered if this statement is true, given that it is 
the inverse of the already proven rule: If a triangle is 
isosceles then two of its internal bisectors are equal. He 
put the problem to Jakob Steiner who was quickly able 
to show its validity. Shortly after, Lehmus himself found 
a neater proof and it is has since become a favorite pas- 


star of Lakshmi 


time of geometry hobbyists to search for still simpler 
proofs of the theorem. 


Steinhaus, Hugo Dyonizy (1887-1972) 

A Polish mathematician who was an influential member 
of the Lvov school, based at the Jan Kazimierz University 
in Lvov, which also included Stefan Banach and which 
focused on problems in functional analysis, real func- 
tions, and probability in the 1920s and ’30s. Early on, 
Steinhaus’s work revolved around applications of the 
Lebesque measure and integral. In 1923 he published 
the first rigorous account of the theory of tossing coins 
based on measure theory, and in 1925 was the first to 
define and discuss the concept of strategy in game the- 
ory. During World War II, as a Jew he was compelled to 
hide from persecution by the Nazis, yet continued his 
mathematical work despite great hardship. In 1944, 
Steinhaus proposed the problem of dividing a cake into 
n pieces so that it is proportional and envy free (see cake- 
cutting). He is also well known as the author of the 
widely read Mathematical Snapshots.°"*! 
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stellation The final stellation of the icosahedron. Robert Webb, www.software3d.com; created using Webb's Stella program 


stellation 

(1) The process of constructing a new polyhedron by 
extending the face planes of a given polyhedron past 
their edges. (2) The new polyhedron thus obtained. Start- 
ing with the icosahedron, for example, there are 59 pos- 
sible stellations, including the great icosahedron, which is 
one of the Kepler-Poinsot solids. 


steradian 

The international (SI) unit in which solid angles are mea- 
sured. The steradian (sr) is a solid angle with its vertex in 
the center of a sphere and which cuts off from the spher- 
ical surface an area equal to the square of the radius of 
the sphere. The full sphere represents a spherical angle of 
4n steradians. 


Stewart, lan (1945-) 
A British mathematician at Warwick University who has 
written many books and articles on recreational math 


and popular science. From 1990 to 2001 he wrote the 
“Mathematical Recreations” column in Scientific Ameri- 
can. His books include Flatterland: Like Flatland Only More 
So (a modern version of Edwin Abbott’s classic Flatland: 
A Romance of Many Dimensions); Does God Play Dice: The 
New Mathematics of Chaos, and Evolving the Alien (with 
Jack Cohen)."" 318, 321, 323] 


Stewart toroid 

A polygon with a hole through it that meets some or all 
of the criteria specified by Bonnie Madison Stewart in his 
1980 book Adventures among the Toroids. These criteria are 
as follows: all faces must be regular; faces that meet 
mustn’t lie in the same plane; the polygon must be quasi- 
convex; the hole through the polygon must change its 
genus; and, the faces aren’t allowed to intersect with 
themselves or each other. Stewart toroids, pierced rela- 
tives of the familiar Platonic solids, combine dazzling 
complexity with attractive symmetry. 


strategy 305 








stellation A stellation of the small stellated truncated dodecahedron, a uniform polyhedron. Robert Webb, www.software3d.com; cre- 
ated using Webb's Stella program 


stochastic 
Something that is random. 


stochastic process 

A dynamical system with random fluctuations at each 
iteration or that is influenced by random noise. A ran- 
dom variable that, at each stage in time, depends on its 
previous values and on further random choices. For 
example, the price of a stock is often modeled as a sto- 
chastic process. 


Stomachion 
See Loculus of Archimedes. 


straight 
Having no deviations. A straight line is usually simply 
called a line. A straight angle, or flat angle, is exactly 180°. 


strange attractor 
See chaotic attractor. 


strange loop 

A phenomenon in which, whenever movement is made 
upward or downward through the levels of some hierar- 
chical system, the system unexpectedly arrives back 
where it started. Douglas Hofstadter has used the strange 
loop as a paradigm in which to interpret paradoxes in 
logic, such as Grelling’s paradox and Russell’s paradox, 
and has called a system in which a strange loop appears a 
tangled hierarchy. 


strategy 

In game theory, a policy for playing a game. A strategy is 
a complete recipe for how a player should act in a game 
under all circumstances. A policy may employ random- 
ness, in which case it is referred to as a mixed strategy. 


A possible physical artefact from our distant past shows a 
modern crop picture from 19917 
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Stewart toroid A drilled truncated dodecahedron. Robert Webb, wwwsoftware3d.com; created using Webb's Stella program 


string 
Any sequence of letters, numbers, digits, bits, or sym- 
bols. 


string puzzle 

The origins of puzzles using string, a form of disentangle- 
ment puzzle, are lost in antiquity but one of the earliest 
stories involving this type of problem is that of the Gor- 
dian knot. Today many kinds of string puzzles are avail- 
able, most of which involve removing a ring from loops 
of string that are threaded through a solid (typically 
wooden) body. See also mechanical puzzles and knot. 


string theory 

An important theory in modern physics in which the 
fundamental particles in nature are thought of as the 
“musical notes” or excitation modes of vibrating ele- 
mentary strings. These strings have the shortest mean- 


ingful physical length, the so-called Planck length (equal 
to about 10° cm), and no thickness. Even more bizarre, 
for the theory to make sense, the universe must have 
nine space dimensions and one time dimension, for a 
total of 10 dimensions. This idea of a 10-dimensional 
universe first appeared in the Kaluza-Klein theory. 
We’re familiar with time and three of the space dimen- 
sions: the other six together are known as Calabi-Yau 
spaces. In string theory, as in the case of a stringed 
instrument, the string must be stretched under tension 
in order to vibrate. This tension is fantastically high— 
equivalent to a weight of about 10°” tons. String theories 
are classified according to whether or not the strings are 
required to be closed loops, and whether or not the par- 
ticle spectrum includes fermions. In order to include 
fermions in string theory, there must be a special kind of 
symmetry called supersymmetry, which means that for 
every boson (a particle, of integral spin, that transmits a 
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force) there is a corresponding fermion (a particle, of 
half-integral spin, that makes up matter). So supersym- 
metry relates the particles that transmit forces to the par- 
ticles that make up matter. Supersymmetric partners to 
currently known particles have not been observed in par- 
ticle experiments, but theorists believe this is because 
supersymmetric particles are too massive to be produced 
by present-day high-energy accelerators. Particle acceler- 
ators could be on the verge of finding evidence for high 
energy supersymmetry in the next decade. Evidence for 
supersymmetry at high energy would be compelling evi- 
dence that string theory was a good mathematical model 
for nature at the smallest distance scales. In string the- 
ory, all of the properties of elementary particles—charge, 
mass, spin, and so forth—come from the vibration of the 
string. The easiest of these to understand is mass. The 
more frantic the vibration, the more energy; and since 
mass and energy are the same thing, higher mass comes 
from faster vibration. 


strobogrammatic prime 

A prime number that remains unchanged when rotated 
through 180°. An example is 619, which looks the same 
when read upside-down. To be strobogrammatic, a prime 
cannot contain digits other than 0, 1, and 8, which have 
a horizontal line of symmetry (ignoring font variations), 
and 6 and 9, which are vertical reflections of each other. 
An invertible prime is one that yields a different prime 
when the digits are inverted. Of course, these definitions 
are not taken seriously by mathematicians! 


strophoid 

A looping curve, first studied in 1670 by Isaac Barrow 
(1630-1677), the first Lucasian Professor of Mathematics 
at Cambridge and the immediate predecessor of Isaac 
Newton in this job. The strophoid, which is a special case 
of the general cissoid, was named by Enrico Montucci in 
1846 from the Latin for “twisted belt shape.” The elabo- 
rate rules for drawing a strophoid are as follows. Let C be 
a curve, let O be a fixed point called the pole, and let O’ 
be a second fixed point. Let P and P’ be points on a line 
through O meeting C at O such that P’Q= QP= QO’. The 
locus of Pand P’ is the strophoid of C with respect to the 
pole O and fixed point O’. If the curve Cis a straight line, 
the pole P is not on C, and the second point O’ is on C, 
the resulting strophoid is called an oblique stropboid. If 
these same conditions apply except that O’ is the point 
where the perpendicular from O to C cuts C, then the 
strophoid produced is called a right strophoid. On the 
other hand if C is a circle, O is the center of the circle, 
and O’ a point on its circumference, then the strophoid 
that results is known as Freeth’s nepbroid. The French 
mathematician Gilles Roberval (1602-1675) found the 


strophoid in a different way—as the result of planes cut- 
ting a cone. When the plane rotates (about the tangent at 
its vertex) the collection of foci of the obtained conics 
gives the strophoid. 


subgroup 
A subset of a group that is a group under the same oper- 
ation. 


sublime number 

A number such that both the swm of its divisors and the 
number of its divisors are perfect numbers. The smallest 
sublime number is 12. There are 6 divisors of 12—1, 2, 3, 
4, 6, and 12—the sum of which is 28. Both 6 and 28 are 
perfect. The second sublime number begins 60,865 ..., 
ends... 91,264, and has a total of 76 digits! It is not 
known if there are larger even sublime numbers, nor if 
there are any odd sublime numbers. 


subset 
A set whose members are members of another set; a set 
contained within another set. 


substitution cipher 

A cipher that replaces each plaintext (original message) 
symbol with a ciphertext (coded text) symbol. The 
receiver decodes using the inverse substitution. A simple 
example is the Caesar cipher. 


subtraction 
The binary operation of finding the difference between 
two quantities or numbers. 


sultan’s dowry 
A sticky problem in probability that first came to light in 
Martin Gardner’s “Mathematical Recreations” column 
in the February 1960 issue of Scientific American. Gard- 
ner’s original version has become known as the secretary 
problem. In the exactly equivalent form called the sul- 
tan’s dowry problem, a sultan has granted a commoner 
the chance to marry one of his hundred daughters. The 
commoner will be shown the daughters one at a time and 
will be told each daughter’s dowry. The commoner has 
only one chance to accept or reject each daughter; he 
can’t go back and choose one that he has previously 
rejected. The sultan’s catch is that the commoner may 
only marry the daughter with the highest dowry. What is 
the commoner’s best strategy, assuming that he knows 
nothing in advance about the way the dowries are dis- 
tributed? 

Many mathematicians have tackled this question and 
numerous papers have been written on the subject. It has 
even spawned its own area of study within the field of 
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management science. The consensus among those who 
have worked on the problem is that the commoner’s best 
strategy is to let a certain fraction of the daughters pass 
and then choose the next one who has a dowry higher 
than any of the ones seen up to that point. The exact 
number to skip is determined by the condition that the 
odds that the highest dowry has already been seen is just 
greater than the odds that it remains to be seen and that if 
it is seen it will be picked. This amounts to finding the small- 
est x such that: 


x/n > x/n x [I/(«+ 1) +...4+1/(n- 1)] 


Substituting z = 100 leads to the conclusion that the 
commoner should wait until he has seen 37 of the daugh- 
ters, then pick the first daughter with a dowry that is big- 
ger than any that have already been revealed. With this 
strategy, his odds of choosing the daughter with the high- 
est dowry are surprisingly high: about 37%." 


supercomputer 

A computer that, in its day, is faster than any contempo- 
rary conventional computer. Supercomputers are typi- 
cally used for enormous number-crunching tasks such as 
weather-forecasting, simulations of fusion experiments or 
galaxy evolution, design of cars and planes, and code- 
cracking. At the start of 2004, the world’s most powerful 
computer, by a long way, is the Earth Simulator in Japan, 
which is capable of a maximum of 40,960 gigaflops, that 
is, 40.96 trillion “floating point operations” per second. 
The top 500 supercomputers are listed at the following 
Web site: http://www.top500.org. 


superegg 
The surface of revolution of a superellipse given by the 
formula |x/a|’? + |y/b)’? = 1, where a/b = 4/3. The super- 
egg was named by Piet Hein and singled out by him 
because of an unusual property: stood on either end it 
has a peculiar and surprising stability. Supereggs, made of 
metal, wood, and other materials, were sold as novelties 
in the 1960s; small, solid-steel ones were marketed as an 
“executive toy.” The world’s largest superegg, made of 
steel and aluminum and weighing 1 ton, was placed out- 
side Kelvin Hall in Glasgow in 1971 to honor Hein’s 
appearance there as a speaker. 


superellipse 

A Lamé curve, described by the formula |x/a|" + | y/b|" = 
1, for which x > 2. Superellipses have a form partway 
between an ellipse and a rounded rectangle (or, if a= 4, 
partway between a circle and a rounded square). The 
Danish poet and architect Piet Hein decided that the 
superellipse with ” = 5/2 and a/b = 6/5 is the most pleas- 





superegg 


ing to the eye. This so-called Piet Hein ellipse was quickly 
adopted as the basic motif for planning an open space at 
the center of Stockholm and was also incorporated into 
Scandinavian designs for office tables, desks, beds, and 
even roundabouts in roads. The surface of revolution of 
a superellipse is a superellipsoid, one special form of which 
has been nicknamed the superegg. 


superfactorial 
A function based on the factorial that produces large 
numbers very quickly. It is a recent creation that has not 
yet entered the mathematical mainstream, and has been 
defined in a couple of different ways. In 1995, in his 
book Keys to Infinity, Clifford Pickover gave the superfac- 
torial as 
n$ =n!" 
—— 
n! terms 


In the same year, Sloane and Plouffe offered an alterna- 
tive definition: 


ng =I! 
Pickover’s superfactorial grows with extraordinary speed. 
The first two terms are 1 and 4, but the third term 3$, 
already has more digits than could be written down on 
this page. Sloan and Plouffe’s factorial grows sedately by 


comparison—the first few values are 1, 1, 2, 12, 288, and 
345,690—and is related to Bell numbers. 
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supersymmetry 

A theory in physics that postulates a counterintuitive 
symmetric relationship between fermions, which are par- 
ticles such as electrons that obey the Pauli exclusion 
principle and thus cannot occupy the same quantum 
state, and bosons, which are particles such as photons 
that can coexist in the same state. 


supertetrahedral number 

A type of figurate number in four dimensions (see 
fourth dimension). Supertetrahedral numbers are 
obtained by piling up the tetrahedral numbers 1, 4, 10, 
20, 35, etc., as in: 




















1 =1 
1+4 =5 
1 10 =15 
1+4+10+20 =35 
1 10 + 20 + 35 = 70 
etc. 


supplementary angles 
Two angles that add up to 180°. 


surd 

A radical that expresses an irrational number. Surds 
may be quadratic (e.g., V2), cubic (e.g., 3/2), quartic (e.g., 
“\/2), and so on. (The term is sometimes used as a syn- 
onym for irrational number.) A pure surd, or entire surd, 
contains no rational number; that, is, all its factors or 
terms are surds (e.g., ee V3). A mixed surd contains at 
least one rational number (e.g., 2 + V3 or 3V2). 


surface 

In mathematics, any object that locally Gf you zoom in 
close enough to it) looks like a piece of a flat plane. A 
sphere, a torus, a pseudosphere, and a Klein bottle are 
examples of different types of surfaces. 


surface of revolution 

A surface produced by rotating a line or a curve about 
some axis. For example, a sphere is the surface of revolu- 
tion generated when a circle spins about its diameter. 


surreal number 

A member of a mind-boggling vast class of numbers that 
includes all of the real numbers, all of Georg Cantor’s 
infinite ordinal numbers (different kinds of infinity), a 
set of infinitesimals (infinitely small numbers) produced 
from these ordinals, and strange numbers that previously 
lived outside the known realm of mathematics. Each real 


number, it turns out, is surrounded by a “cloud” of surre- 
als that lie closer to it than do any other real numbers. 
One of these surreal clouds occupies the curious space 
between zero and the smallest real number greater than 
zero and is made up of the infinitesimals. 

Surreal numbers were invented or discovered (depend- 
ing on your philosophy) by John Conway to help with 
his analysis of certain kinds of games. The idea came to 
him after watching the British Go champion playing in 
the mathematics department at Cambridge. Conway 
noticed that endgames in Go tend to break up into a sum 
of games, and that some positions behave like numbers. 
He then found that, in the case of infinite games, some 
positions behaved like a new kind of number-the surre- 
als. The name “surreal” was introduced by Donald Knuth 
in his 1974 book Surreal Numbers: How Two Ex-Students 
Turned on to Pure Mathematics and Found Total Happi- 
ness."°"! This novelette is notable as being the only 
instance where a major mathematical idea has been first 
presented in a work of fiction. Conway went on to 
describe the surreal numbers and their use in analyzing 
games in his 1976 book Ox Numbers and Games.'” The 
surreals are similar to the hyperreal numbers, but they 
are constructed in a very different way and the class of 
surreals is larger and contains the hyperreals as a subset. 


swastika 

An ancient ideogram, signs of which have been found in 
the Euphrates-Tigris Valley, and in some areas of the Indus 
Valley, dating back 3,000 years; it became commonly used 


swastika 


—p— 


310 = syllogism 





around 1000 B.c., possibly first in ancient Troy, in the 
northwest of modern Turkey. The swastika is an irregular 
icosagon (a 20-sided polygon), which in Arabic and 
Indian culture originally represented good luck. Of 
course, in more recent times, it was adopted as the sym- 
bol of the Nazi Party in Hitler’s Germany and thus came 
to stand for anti-Semitism. 


syllogism 

An argument composed of three parts—a major premise, 
a minor premise, and a conclusion. For example: All men 
are mortal (major premise). Socrates is a man (minor 
premise). Therefore, Socrates is mortal (conclusion). The 
syllogism forms the basis of Aristotle’s system of logic, 
which went unchallenged for over 2,000 years. Aristotle 
believed that by setting out any argument in syllogistic 
form, it should be possible to avoid fallacies. However, 
Bertrand Russell discovered several formal errors in the 
doctrine of syllogism. 


Sylvester, James Joseph (1814-1897) 

An English mathematician and lawyer who, in 1850, first 
used the term matrix in mathematics and gave it its pre- 
sent meaning of a rectangular array of numbers from 
which determinants may be formed. Together with 
Arthur Cayley, he founded the theory of invariants. Hot- 
headed and vociferous in opposition of anti-Semitism, 
he was thrown out of the University of London for 
threatening another student with a table knife. Later he 
studied at Cambridge, emerging as Second Wrangler but 
without a degree (though in 1871 he earned an MA) 
because, as a Jew, he refused to accept the articles of the 
Church of England. After a spell working as an actuary 
and a barrister, and also taking private pupils (one of 
whom was Flor-ence Nightingale), he met Cayley, with 
whom he forged a lifelong friendship and collaboration, 
and returned to mathematics. He became professor of 
mathematics at the Royal Military Academy at Woolwich 
(1855-1870) and at the newly established Johns Hopkins 
University at Baltimore (1877-1883), founding the Amer- 
ican Journal of Mathematics, before accepting the Savilian 
chair at Oxford (1883-1894). Remarkably, especially in 
the field of mathematics, he produced an extraordinary 
flood of ideas well into his old age. At 82, he worked out 
the theory of compound partitions. He also published on 
the roots of quintic equations and on number theory. 
His partnership with Cayley worked perfectly, since Cay- 
ley supplied the rigor which the brilliantly creative 
Sylvester lacked. 


Sylvester's problem of collinear points 
A problem posed in 1893 by James Sylvester who wrote: 
“Prove that it is not possible to arrange any finite number 


of real points so that a right line through every two of 
them shall pass through a third, unless they all lie in the 
same right line.” No correct proof was forthcoming at the 
time, but the problem was revived by Paul Erdés in 1943 
and correctly solved by T. Griinwald in 1944. 


symmedian 
Reflection of a median of a triangle about the corre- 
sponding angle bisector. 


symmetric group 

The group of all permutations of a finite set. The sym- 
metric group of a set of size 7 is denoted S, and has z! ele- 
ments. 


symmetry 

An intrinsic property of a mathematical object that 
allows it to remain unchanged under certain types of 
transformation, such as rotation, reflection, or more 
abstract operations. The mathematical study of symme- 
try is systematized and formalized in the extremely pow- 
erful subject known as group theory. Symmetries and 
apparent symmetries in the laws of nature have played a 
part in the construction of physical theories since the 
time of Galileo and Newton. The most familiar symme- 
tries are spatial or geometric ones. In a snowflake, for 
example, the presence of a symmetrical pattern can be 
detected at a glance. One of the most remarkable devel- 
opments of the past half century has been the emergence 
of symmetry as a central theme of subatomic physics. 
This came about through a series of subtle evolutions in 
the concept of symmetry itself. Many researchers believe 
that this evolutionary process has not come to an end, 
and that further meaning of the concept of symmetry, 
with perhaps new mathematical structures, will develop 
in the coming years. 


symmetry group 

The group formed by the set of all rigid motions (trans- 
lations, rotations, reflections, etc.) of Euclidean space 
that map all points of a subset F into F 


system 

Something that can be studied as a whole. Systems may 
consist of subsystems that are interesting in their own 
right. Or they may exist in an environment that consists 
of other similar systems. Systems are generally under- 
stood to have an internal state, inputs from an environ- 
ment, and methods for manipulating the environment or 
themselves. Since cause and effect can flow in both direc- 
tions of a system and environment, interesting systems 
often possess feedback, which is self-referential in the 
strongest case. 
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Szilassi polyhedron 

A toroidal heptahedron (seven-sided polyhedron) first 
described in 1977 by the Hungarian mathematician Lajos 
Szilassi. It has 7 faces, 14 vertices, 21 edges, and 1 hole. 
The Szilassi polyhedron is the dual of the Csaszar poly- 
hedron and, like it, shares with the tetrahedron the 


property that each of its faces touches all the other faces. 
Whereas a tetrahedron demonstrates that four colors are 
necessary for a map on a surface topologically equivalent 
to a sphere, the Szilassi and Csaszar polyhedra show that 
seven colors are necessary for a map on a surface topo- 
logically equivalent to a torus. 





tachyon 

A hypothetical particle that travels faster than the speed 
of light. Tachyons were first proposed in prerelativistic 
times by the physicist Arnold Sommerfeld and named in 
the 1960s by Gerald Feinberg from the Greek tachys 
meaning “swift.” By extension of this terminology, parti- 
cles that travel slower than light are called tardyons (or 
bradyons in more modern usage) and particles, such as 
photons, that travel exactly at the speed of light are called 
luxons. The existence of tachyons is allowed by the math- 
ematics of special relativity theory, one of the basic 
equations of which is 


E=m/V (1 -0/c’) 


where E is the mass-energy of a particle, m its rest mass, 
v its velocity, and c the speed of light. This shows that 
for tardyons (particles of ordinary matter), E increases 
as v increases and becomes infinite when v =<, thus pre- 
venting an initially slower-than-light particle from being 
accelerated up to the speed of light and beyond. What 
about a particle for which v is always greater than c? In 
this case, v?/c? > 1, so that the denominator in the equa- 
tion above is an imaginary number-the square root of 
a negative real number. If m has a real value, E is imagi- 
nary, which is hard for physicists to swallow because E 
is a measurable quantity. If m takes an imaginary value, 
however (because one imaginary number divided by 
another is real), then E is real. Tachyons are allowed, 
therefore, providing (a) they never cross from one side 
of the light-barrier to the other, and (b) they have an 
imaginary rest mass (which is physically more accept- 
able, since the rest mass of an object that never stops 
isn’t directly measurable). Tachyons would slow down if 
they lost energy, and accelerate if they gained energy. 
This leads to a problem in the case of charged tachyons 
because charged particles that move faster than the 
speed of light in the surrounding medium give off 
energy in the form of Cherenkov radiation. Charged 
tachyons would continuously lose energy, even in a vac- 
uum, through Cherenkov emission. This would cause 
them to gain speed, thus lose energy at an even greater 
rate, thus accelerate even more, and so on, leading to a 
runaway reaction and the release of an arbitrarily large 
amount of energy. 

More worrisome, as the physicist Gregory Benford 
and his colleagues first pointed out in their 1970 paper 
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“The Tachyonic Antitelephone,” tachyons seem to lead 
to a time travel paradox because of their ability to send 
messages into the past. Suppose Alice on Earth and 
Boole on a planet circling around Sirius can communi- 
cate using what has been called a tachyon “antitele- 
phone.” They agree in advance that when Boole receives 
a message from Alice, he will reply immediately. Alice 
promises to send a message to Boole at noon her time, if 
and only if she has not received a message from Boole 
by 10 A.M. The snag is that both messages, being super- 
luminal, travel back in time. If Alice sends her message 
at noon, Boole’s reply could reach her before 10 A.M. 
“Then,” as Benford and colleagues wrote, “the exchange 
of messages will take place if and only if it does not take 
place. ...” Perhaps not surprisingly, despite numerous 
searches, no tachyon detection has so far been con- 
firmed. The same is true of another hypothetical faster- 
than-light particle called a dybbuk (Hebrew for a “roving 
spirit”), which would have imaginary mass, energy, and 
momentum. Dybbuks, proposed by Raymond Fox of 
the Israel Institute of Technology, have properties even 
stranger than those of tachyons yet, interestingly, they 
avoid the causality problem that affects their superlumi- 
nal cousins. 


TacTix 

A two-player game of strategy, devised by Piet Hein, that 
is essentially a two-dimensional version of Nim. Though 
the game is nontrivial, the first player can always win, at 
least in the 5 x 5 matrix version by choosing the center 
piece and symmetrically mirroring the second player’s 
moves. On a 5 x 5 grid, players alternate taking away as 
many contiguous pieces as desired from a single row or 
column. 


Tafl game 

A type of board game in which the contest is between 
two forces of unequal number or strength. The earliest 
form of Tafl (old Norse for “table”), known as Hnefa- 
Tafl (“king’s table”), originated in Scandinavia before 
A.D. 400 and was then exported by the Vikings to Green- 
land, Iceland (where it is mentioned in the Grettis Saga 
dating back to A.D. 1300), Ireland, England, Wales, and 
as far east as the Ukraine. Several boards unearthed 
in both Viking and Anglo-Saxon contexts, including 
the board found at the Gokstad ship burial, have had 
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Hnefa-Tafl on one side and nine men’s morris on the 
other. Later variants of Tafl include Tabula (the medi- 
eval ancestor of backgammon, introduced from the 
French as Quatre and thus Kvatru-Tafl), fox and geese 
(Ref-Skak, “fox chess”, Hala-Tafl or Freys-Tafl), three 
men’s morris (Hre-Ta/l, “Quick-Tafl”), and nine men’s 
morris. 


Tait, Peter Guthrie (1831-1901) 

A Scottish scientist and mathematician who carried out 
the world’s first systematic investigation of knot theory. 
Early in his career he formed a friendship with William 
Hamilton and became fascinated in the application of 
Hamilton’s quaternions to problems in physics. In 
1857, he also took an interest in Hermann Helmholtz’s 
theories on the behavior of vortex rings, and began 
experimenting with smoke rings and their interactions. 
These experiments greatly impressed William Thomson 
(Lord Kelvin) who saw in them a possible way (wrong, 
as we now know) to explain atomic structure and the 
buildup of different elements. This idea, in turn, led 
Tait, Thomson, and James Maxwell to do seminal work 
on knot theory, since the basic building blocks in 
Thomson’s vortex atom model were rings knotted in 
three dimensions. Without any rigorous theory, which 
would have been well beyond nineteenth-century math- 
ematics, Tait began to classify knots using his geometric 
intuition. By 1877 he had classified all knots with seven 
crossings. He then went on to consider the coloring of 
graphs and put forward a hypothesis (see Tait’s conjec- 
ture) that, if true (which it wasn’t), would have proved 
the four-color map problem. Among his many other 
accomplishments, Tait wrote a classic paper on the tra- 
jectory of golf balls (1896). This was a subject close to 
his heart because the third of his four sons was Freder- 
ick Gutherie Tait, the leading amateur golfer in 1893 
and winner of the Open Golf Championship in 1896 
and 1898. 


Tait’s conjecture 

A hypothesis put forward by Peter Tait in 1884, which 
says that every polyhedron has a Hamilton circuit 
through its vertices. In other words, it is possible to travel 
around all the edges of a polyhedron, passing through 
each vertex (corner) exactly once and arriving back at 
the starting point. If true, Tait’s conjecture would have 
provided an immediate proof of the four color map 
problem. However, in 1946, the British mathematician 
William Tutte (1917-2002), whose work at Bletchley Park 
on cracking the German FISH cipher played an important 
role in World War I, found a counterexample to the con- 
jecture in the form of a polygon with 25 faces, 69 edges, 
and 46 vertices. 


tally 

To count or keep score. In the past this was often done by 
making marks on a stick; the word comes from the Latin 
talea meaning “one who cuts,” which is also the root of 
tailor. The oldest known tally stick is thought to be the 
Lebombo bone dating back about 37,000 years. Until 
around 1828 British tax records were kept on wooden 
tally sticks. When the system was finally abandoned, the 
government was left with a mountain of wood which, in 
1834, it decided to dispose of by having a giant bonfire. 
So successful was that blaze that it also burned down the 
parliament buildings. What Guy Fawkes had failed to do 
with dynamite, the Exchequer did with tally sticks! 


tangent 

(1) A straight line that touches a given curve exactly once, 
at a given point. (2) In a right triangle, if one of the angles 
is 0, then the tangent of 0 is the ratio of lengths of the 
side opposite 8 to the side next to 0. See also trigono- 
metric function. 


tangle 
A system in which a strange loop appears. 


tangled graph 

A graph in 3-dimensional space; equivalently, a graph 
drawn in the plane so that when edges cross, one edge 
goes over the other. 


Tangloids 

A mathematical game for two players devised by Piet Hein 
to model the calculus of spinors. Two flat blocks of wood 
each pierced with three tiny holes are joined with three 
parallel strings. Each player holds one of the blocks of 
wood. The first player holds one block of wood still, while 
the other player rotates the other block of wood around 
any axis for 4 radians (two full revolutions). Then the first 
player tries to untangle the strings without rotating either 
piece of wood. Only translations (sliding the pieces) are 
allowed. Afterward, the players reverse roles; whoever can 
untangle the strings fastest is the winner. 


tangrams 

A puzzle of Chinese origin, the objective of which is to 
form given shapes using a set of seven pieces (five trian- 
gles of various sizes, one square, and one parallelogram) 
that come from slicing up a square. The produced shape 
has to contain all the pieces, which mustn’t overlap. Tan- 
grams became popular in England around the middle of 
the nineteenth century, having been brought back by 
sailors from Hong Kong. It received a further boost when 
Lewis Carroll used the pieces to create illustrations of the 
characters in the Alice books. The origin of the name 
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tangrams The seven tangrams. Kadon Enterprises, Inc, www.gamepuzzles.com 








tangrams A tangram menagerie built up from the seven simple shapes. 
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isn’t certain. One theory is that it comes from the Can- 
tonese word for chin. A second is that it stems from a 
mispronunciation of a Chinese term that the sailors used 
for the ladies of the night from whom they learned the 
game! A third suggestion is that it is from the archaic 
Chinese root for seven, which still persists in the Tan- 
abata festival held on July 7 in Japan. The first definitive 
appearance of tangrams in the Far East seems to be in 
Japan in the early eighteenth century; by around 1805 it 
had become a fad in both China and Europe. The locu- 
lus of Archimedes is a similar game and it has been sug- 
gested, though without evidence, that this was a direct 
precursor of tangrams, having been transmitted to the 
East via Arab sources.» 7! 


Tarry, Gaston (1843-1913) 

A French civil servant and amateur mathematician who 
spent the whole of his working career in Algeria. He pub- 
lished numerous articles on geometry, number theory, 
and magic squares from 1882 until his death, and is best 
known for his contribution to Euler’s thirty-six officers 
problem. He also published an algorithm for exploring 
mazes that is named after him. 


Tarski, Alfred (1902-1983) 

A Polish-American mathematician who, along with Aris- 
totle, Friedrich Frege, and Kurt Gédel is considered one 
of the greatest logicians of all time and certainly the 
most prolific: his collected works, excluding books, runs 
to 2,500 pages. Tarski made important contributions in 
many areas of mathematics, including set theory, topol- 
ogy, algebraic logic, and metamathematics. His most 
important contribution to logic is the semantic method—a 
technique that allows a more exacting study of formal 
scientific languages. 


Tartaglia, Niccolé Fontana (1499-1557) 

An Italian mathematician who, along with Girolamo 
Cardano, discovered the algebraic solution of the cubic. 
He was also a well-known inventor of mathematical 
recreations. He devised many arithmetical problems, and 
contributed especially to measuring and weighing puz- 
zles and to river-crossing problems. Although his real 
name was Niccolé Fontana, he is always referred to as 
Tartaglia, “the stammerer.” 


tautochrone problem 

Find the curve down which an object can slide from any 
point to the bottom (accelerated by gravity and ignoring 
friction), always in the same length of time. Zautochrone 
comes from the Greek ¢auto for “the same” (which also 
gives us fautology) and chronos for “time.” The solution, 
first found by Christiaan Huygens and published in his 


Horologium oscillatorium (1673), is a cycloid. Thus, if you 
were to upturn a cycloid, in the manner of an inverted 
arch, and then release a marble from any point on it, it 
would take exactly the same time to reach the bottom, no 
matter where on the curve you started. Huygens used his 
discovery to design a more accurate pendulum—one with 
curved jaws from the point of support that forced the 
string to follow the right curve no matter how large or 
small the swing. The cycloid’s unique property is men- 
tioned in the following passage from Herman Melville’s 
Moby Dick: “[The try-pot] is also a place for profound 
mathematical meditation. It was in the left-hand try-pot 
of the Peguod, with the soapstone diligently circling 
round me, that I was first indirectly struck by the remark- 
able fact, that in geometry all bodies gliding along a 
cycloid, my soapstone, for example, will descend from 
any point in precisely the same time.” The cycloid is also 
the curve that answers the brachistochrone problem. 


tautology 

In mathematics, a logical statement in which the conclu- 
sion is equivalent to the premise. According to the school 
of thought known as /ogicism, all of mathematics is 
derived from logic and is thus inherently tautological. 
Tautology is also the needless, pointless, meaningless, 
and unwarranted repetition of words and phrases that 
mean the same thing. Examples are to be found in the 
previous sentence and the next one. Have a slice of pizza 
(pizza is Italian for “slice”) and spin the roulette wheel 
(roulette is French for “little wheel”). 


ten 

The base of our familiar number system, which stems 
directly from the fact that we have 10 fingers on which to 
count. Ten is the only triangular number that is a sum of 
consecutive odd squares (10 = 1” + 3’) and the only com- 
posite integer such that all of its positive integer divisors 
other than 1 are of the form x? + 1 (2=17+1,5=2? +1, 
10 = 3’ + 1). Strange but true: the life span of a taste bud 
is 10 days. 


tensor 

A generalization of the concept of a vector. A scalar is a 
tensor of rank zero and a vector is a tensor of rank one. 
There are tensors of rank two, three, and so on, used 
mainly in manipulating and transforming sets of equa- 
tions within and between different coordinate systems. A 
tensor of order has m? components and is often best 
thought of as an array of values that can be manipulated 
like a matrix. To illustrate a tensor of rank two, imagine a 
plane surface area with a force acting on it. The total effect 
depends on two things: the magnitude and direction of 
the force, and the size of the area and its orientation. In 
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Tesia’s “radiant energy receiver” of 1901 The crop artist device seems to use a dipole 
used a metal plate P and a capacitor C to antenna to collect electromagnetic waves or 
collect charged particles from space, which particles from space, which then induce weak 
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fact this latter property can be represented uniquely by a 
vector of magnitude proportional to the size of the area, 
and in a direction normal to the area. So the effect of the 
force upon the surface depends on two vectors and is 
equivalent to a tensor of rank two. Tensors were used by 
Einstein in deriving his law of gravitation in general rela- 
tivity theory. 


tera- 
Prefix for 10’, from the Greek pentakis for “five times.” 


terminating decimal 

A decimal fraction that comes to an end, as in 0.3 or 
0.7194. All terminating decimals are rational numbers, 
but not all rational numbers have terminating decimal 
expansions. For example, 14 is rational, but its decimal 
expansion goes on forever. 


ternary 
(1) Having the base three. (2) Involving three variables. 
From the Latin ternarius (“three each”). 


tessellation 
See tiling. 


tesseract 

The four-dimensional analogue of a cube, also known as 
a 4-space hypercube or an 8-cell. The name, possibly 
coined by Charles Hinton, comes from éesser, meaning 
“four,” and akiis, meaning “ray,” thus “four rays.” Just as 
a cube is obtained by “thickening” a square in the third 
dimension, which can be imagined as stacking infinitely 
many infinitely thin sheets of paper, a tesseract is a cube 
thickened in the fourth dimension. We can’t imagine 
this because we can’t think four dimensionally but it is 
possible to appreciate that just as perspectives of cubes 
can be drawn on a 2-d surface, so real cubes can serve as 
perspectives of tesseracts. A square drawn inside a larger 
square with the vertices connected by lines is one way to 
provide a perspective of a cube. Similarly, a hypercube is 
sometimes portrayed as a small cube within a larger cube 
with lines drawn from the vertices of the smaller cube to 
the vertices of the larger cube. This kind of representa- 
tion is a bit misleading, however, and reveals very little 
of the nature of a tesseract. It doesn’t show, for instance, 
how a tesseract can be subdivided into smaller 4-d blocks 
in the same way that a cube can be divided into smaller 
cubes, or a square into smaller squares. A more useful 
way to think of a tesseract is as a folding, in the fourth 
dimension, of a 3-d net of eight cubes, just as a cube is a 
folding in the third dimension of a 2-d net of six squares. 
Start with a stack of four cubes, with four more cubes 


arranged in a cross around the second cube from the 
top. A tesseract is made by folding (in the fourth dimen- 
sion) so that the top face of the cube at the top of the 
stack merges with the bottom face of the bottom cube, 
and so that the adjacent edges of the cubes in the cross 
join. (See table, “A Comparison of the Square, Cube, 
and Tesseract.”) 


A Comparison of the Square, Cube, and Tesseract 











Vertices Edges Squares Cubes 
Square 4 4 1 - 
Cube 8 12 6 1 
Tesseract 16 32 24 8 


A tesseract is bounded by eight hyperplanes, each of 
which intersects it to form a cube. Two cubes, and so 
three squares, intersect at each edge. There are three 
cubes meeting at every vertex, the vertex polyhedron of 
which is a regular tetrahedron, leading to the Schlafli 
symbol {4,3,3}. The distance between opposite corners 
of a hypercube is twice the length of a side—much tidier 
than the corresponding values of V2 for a square and 
V3 for a cube. 

If a cube is hung from one of its vertices and sliced 
horizontally through its center, the result is a hexagon. 
What if the same is done to a tesseract? The slice will 
yield a 3-dimensional object—but what kind? The answer 
is an octahedron. By analogy with the slice of the 3-cube, 
the slice of the 4-cube must cut every “face.” The number 
of faces of a 4-cube is eight and the only regular eight- 
sided solid is an octahedron. 

Tesseracts turn up in both art and literature. Salvador 
Dali’s Christus Hypercubus shows Christ being crucified 
on a tesseract. In Robert Heinlein’s short story “And He 
Built a Crooked House” (1940), a house built as a three- 
dimensional projection of a tesseract collapses, or folds 
up, to become a real tesseract—with unusual consequences 
for the person trapped inside. The tesseract is also men- 
tioned in Madeleine l’Engles children’s fantasy A Wrinkle 
in Time as a way of introducing the concept of higher 
dimensions.'6" ***! 


tetragon 
The less familiar name for what’s normally called a 
quadrilateral. 


tetrahedral number 
A number that can be made by considering a tetrahedral 
pattern of beads in three dimensions. For example, if a tri- 
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tetrahedron Rosie's pyramid puzzle, a vintage game that calls for four pieces to be assembled into a tetrahedron. Sue & Brian 


Young/Mr. Puzzle Australia, www.mrpuzzle.com.au 


angle of beads is made with three beads to a side, and on 
top of this is placed a triangle with two beads to a side, 
and on top of that a triangle with one bead to a side, the 
result is a tetrahedron of beads. In this case the total num- 
ber of beads is (third triangular number) + (second trian- 
gular number) + (first triangular number) = 6 + 3 + 1=10. 
In general the mth tetrahedral number is equal to the sum 
of the first 2 triangular numbers. This is the same as the 
fourth number from the left in the (7 + 3)th row of Pas- 
cal’s triangle. We can use the binomial formula for num- 
bers in Pascal’s triangle to show that the wth tetrahedral 
number is ”*?C;, or (7 + 2)(n + 1)n/6. The only numbers 
that are both tetrahedral and square are 4 (= 2? = T,) and 
19,600 (= 140° = Ty). 


tetrahedron 

A four-sided polyhedron. A regular tetrahedron, one of 
the Platonic solids, is a regular three-sided pyramid in 
which the base-edges and side-edges are of equal length. 
The projection of a regular tetrahedron can be an equi- 
lateral triangle or a square. The centers of the faces of a 
tetrahedron form another tetrahedron. 


tetraktys 

The sum 1+2+3+4=10 (the fourth triangular number), 
held in reverence by the Pythagoreans (see Pythagoras of 
Samos). The tetraktus, or “holy fourfoldness,” was taken 
to represent the four elements: fire, water, air, and earth. 


Tetris 

A video and computer game, invented in 1985 by the 
Russian Alexey Pajitnov, that has become one of the most 
widely played games of all time. In 2002, computer scien- 
tists Erik Demaine, Susan Hohenberger, and David Liben- 
Nowell of the Massachusetts Institute of Technology 
(MIT) analyzed the game to determine its computational 
complexity and found it to be an NP-hard problem (one 
that is immune to simple solution and instead demands 
exhaustive analysis to work out the best way to be com- 
pleted). Many people first played Tetris on the Nintendo 
Gameboy handheld console but it has since become avail- 
able for virtually every personal computer-based device. 
The game gives the player the task of creating complete 
lines from a series of regularly shaped blocks—tetrominos, 
which are a type of polyomino-that advance steadily 
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down a narrow grid. The blocks can be spun to make them 
fit together better and complete lines. The game gets faster 
as levels are completed, making it harder to spin and fit 
blocks together fast enough to form lines. The MIT team 
found that, subject to certain conditions, Tetris has much 
in common with some of the knottiest mathematical 
conundrums, including the traveling salesman problem. 
Because Tetris is NP-hard, there is no easy way to maxi- 
mize a score for the game, even when the sequence of 
blocks is known in advance. 


tetromino 
A four-square polyomino. 


theorem 

A major mathematical proposition that has been proved 
correct. More precisely, a statement in a formal system for 
which there exists a proof. See also conjecture and lemma. 


Thiery figure 


theory of everything 

A unified theory of all fundamental forces and interac- 
tions in nature; a grand unified theory that also includes 
gravity or general relativity (see relativity theory). 


Thiery figure 
A classic ambiguous figure devised by the psychologist 
A. Thiery in the late nineteenth century. 


thirteen 

The unluckiest of numbers if you happen to be supersti- 
tious. This belief has a couple of historical roots. Accord- 
ing to biblical tradition, there were 13 people at Christ’s 
Last Supper, and Christ was crucified on a Friday the thir- 
teenth. Further back in time, Alexander the Great decided 
he wanted to be the thirteenth god alongside the 12 that 
already stood for each month of the year, so he had a thir- 
teenth statue built on the place of his capital. His death 
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shortly after gave the number a bad name. Many build- 
ings don’t have a floor labeled 13 and many hotels will 
have a room numbered 12A instead of 13. There is even a 
name for a morbid fear of 13: triskaidekaphobia. 

Fresh disasters involving the number hardly help 
triskaidekaphobics overcome their affliction. The most 
notorious of these involved the Apollo 13 Moon mis- 
sion, which was launched on April 11, 1970 (the sum of 
4, 11, and 70 equals 85, the digital sum of which is 13), 
from Pad 39 (3 x 13) at 13:13 local time, and suffered an 
explosion on April 13. (The astronauts did, however, 
make it home safely, which could be considered good 
luck.) There is always at least one Friday the thirteenth in 
each year; in some years there are two, and rarely three 
(e.g., 1998 and 2009). There were 13 original U.S. 
colonies (hence the 13 stripes on the American flag) and 
13 signers of the Declaration of Independence. In Japan, 
the numbers 4 and 9 are considered unlucky, not because 
13 can be represented as sum of these two perfect squares 
but because of their pronunciation. In Japanese, four is 
shi, which is pronounced the same as the word for death; 
nine is ku, which sounds like the word for torture. And 
speaking of torture, it was not unusual in times past for 
bakers to come in for stiff punishment if they short- 
changed their customers. In ancient Egypt, someone 
found selling light loaves might end up with his ear 
nailed to a doorpost, while in medieval Britain the pun- 
ishment was likely to be a spell in the pillory. This led to 
the custom of adding a thirteenth loaf to every batch of 
12 to be on the safe side, and hence the expression “a 
baker’s dozen.” 

Mathematically, the reverse of the square of 13 is the 
same as the square of the reverse of 13: 13’ = 169; the 
reverse of 169 is 961 and the reverse of 13 is 31; 31? = 
961. Thirteen is the smallest prime number that can be 
expressed as the sum of the squares of two prime num- 
bers: 13 = 2’ + 3”. Also the sum of all prime numbers up 
to 13 (2+34+5+7+411 +4 13) is equal to the thirteenth 
prime number (41), and this is the largest such number. 
On the anagrammatical front is this nice equation: 


ELEVEN + TWO = TWELVE + ONE 


See also dollar. 


thirty colored cubes puzzle 

A game devised in 1921 by Percy MacMahon, which 
was marketed under the name “Mayblox.” It is played 
with 30 cubes that have all possible permutations of six 
different colors on their faces. A number of different 
games can be played with the blocks. One is to choose 
a cube at random and then choose seven other cubes to 
make a2 x 2 x 2 cube with the same arrangement of col- 
ors for its faces as the first chosen cube. Each face of the 


2 x 2 x 2 cube has to be a single color and the interior 
faces have to match in color. After building one such 
cube, only one other with the same properties can by 
made from the remaining 22 cubes—the mirror image of 
the first. 


thirty-six officers problem 

Arrange 36 officers in a 6 X 6 square so that one officer 
from each of six regiments appears in each row and one 
from each of six ranks appears in each column. This prob- 
lem, first posed by Leonhard Euler in 1779, is equivalent 
to finding two mutually orthogonal Latin squares of 
order six. Euler correctly conjectured that there was no 
solution; the search for a proof led to important devel- 
opments in combinatorics. 


Thompson, D’Arcy Wentworth (1860-1948) 

A Scottish naturalist and polymath. Thompson held a 
professorial chair at St. Andrews and Dundee, Scotland, 
for the amazing period of 64 years, a record for tenure 
unlikely ever to be broken. Although he wrote more than 
300 scientific articles and books, his reputation is based 
primarily on his efforts to reduce biological phenomena 
to mathematics in his magnum opus On Growth and Form 
(1917). In this book, full of marvelous sketches of 
such things as nautilus shells and honeycombs, Thomp- 
son claimed that much about animals and plants could 
be understood by the laws of physics, as mirrored in the 





Thompson, D‘Arcy Wentworth An illustration from Thomp- 
son’s On Growth and Form: the shell of the radiolarian 
Aulastrum triceros. 
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structures and patterns of mathematics. His most novel 
idea was to show how mathematical functions could be 
applied to the shape of one organism to continuously 
transform it into other, physically similar organisms. One 
memorable example is the squeezing and stretching of a 
rectangular Cartesian grid that transforms the fish species 
Scarus sp. to the species Pomacanthus. Thompson used the 
same principle to transform skulls of baboons into those 
of other primates, and to show how corresponding bones 
like the shoulder blade are related in different species. 
Doubtless, if he were alive today, he would be heavily 
into “morphing”—the digital technique that allows a 
computer to do exactly the same kind of transformation 
of one object to another, but vastly more efficiently. 
Thompson acquired a local reputation as a mild eccen- 
tric; indeed, older inhabitants of St. Andrews still recall 
seeing him strolling about town with a parrot on his 
shoulder. 


thousand 

A number that, linguistically, comes from an extension 
of “hundred” and has roots in the Germanic fewe and 
hundt. Teue refers to a thickening or swelling, and hundt is 
the source of our present-day hundred. A thousand, 
then, literally means a swollen or large hundred. The root 
teue is the basis of such common words today as thigh, 
thumb, tumor, and tuber. One thousand is the answer to 
the question: If you were to spell out numbers, how far 
would you have to go until you would find the letter “A”? 
While Americans may say “Thanks a million” to express 
gratitude, Norwegians offer “Thanks a thousand” (“tusen 
takk”). 


three 


1+ 1=3, for large values of 1. 


—Anonymous 


The number of dimensions of space in which we live; three 
is also the smallest odd prime number, the second trian- 
gular number, and member of the Fibonacci sequence. 
Three is often the number of repetitions in jokes and 
children’s stories (for example, the tale of the Three Little 
Pigs and of the number of chairs, beds, and porridge- 
eating bears in Goldilocks), because it is the minimum 
number needed to establish a pattern (such as a regular 
tempo) or to convey the impression of an ongoing 
sequence or succession. In the Christian tradition, three 
plays a crucial role: Christ represents one third of the 
Trinity (the Father, Son, and Holy Spirit), was visited by 
the three wise men and, 33 years later, when Peter dis- 
owned him three times, rose on the third day after the 
crucifixion, having died at 3 p.M. Other things that come 


in threes: musketeers, primary colors, wishes, blind mice, 
bad luck, and London buses. See also Triangular Lodge 
and tinner’s rabbits. 


three-hat problem 
See hat problem. 


three men’s morris 

An old game played on a 3 x 3 board that is thought to 
be a direct ancestor of tic-tac-toe; it is known by many 
other names, including nine holes, and is related to six 
men’s morris and nine men’s morris. The game involves 
two differently colored sets of four pieces (one set for 
each player). Players take turns placing pieces on inter- 
section points, and the first person to place three along a 
line wins the game. The earliest known board for three 
men’s morris was found on the roof of the temple in 
Kurna, Egypt, dating back almost three and a half thou- 
sand years. Its earliest known appearance in literature is 
in Ovid’s Ars Amatoria. The Chinese are believed to have 
played it under the name Luk tsut K7 during the time of 
Confucius (c. 500 B.c.). Boards for three men’s morris 
dating back to the thirteenth century can be found 
carved into the cloister seats at the cathedrals at Canter- 
bury, Gloucester, Norwich, and Salisbury, and at West- 
minster Abbey. 


three-body problem 

The problem of determining the future positions and 
velocities of three gravitational bodies. The problem was 
proved unsolvable in the general case by Henri Poincaré, 
which foreshadowed the importance of chaos. Although 
no analytical solutions are possible in the worst case, a 
numerical solution is sometimes sufficient for many tasks. 


Thue-Morse constant 

Also known as the parity constant, the number defined as 
follows: Take a string of 1’s and 0’s and follow it by its 
complement (the same string with 1’s switched to 0’s and 
vice versa) to give a string twice as long. Repeat this 
process forever (starting with 0 as the initial string) to get 
the sequence 011010011001011010010110.... Make 
this a binary fraction, 0.0110100110010110....,, and re- 
write it in base 10. The resulting transcendental number, 
0.41245403364 ..., is the Thue-Morse constant. 


tic-tac-toe 

Also known as noughts and crosses, and spelled in a vari- 
ety of ways (such as ticktacktoe), this well-known pas- 
time is not as ancient as popularly believed, though it 
certainly has roots in older games. The earliest clear 
description of the rules, but without a name, comes 
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from Charles Babbage around 1820. Later on, Babbage 
started to call the game tit tat to and by slight variants on 
this, gave the first detailed analysis of it, and designed 
the first robot to play it! He speculated that “[T]he 
machine might consist of the figures of two children 
playing against each other, accompanied by a lamb and 
a cock. That the child who won the game might clap his 
hands whilst the cock was crowing, after which, that the 
child who was beaten might cry and wring his hands 
whilst the lamb was bleating.” 

His plan was to exhibit the machine in London to raise 
money for his more serious projects, including the fabu- 
lous Analytical Engine. However, on hearing that similar 
devices, such as a mechanical composer of Latin verse, 
had flopped financially he abandoned the scheme. 

Two expert players of tic-tac-toe will always draw. In 
other words, there is no winning strategy against an oppo- 
nent who knows the game well. Nor is it difficult to 
become unbeatable. Despite the fact that there are 9 x 8 x 
7x 6x5 ( 15,120) possible layouts of noughts and 
crosses for the first five moves alone, these reduce to just 
a few basic patterns of play and counterplay that ensure 
the canny contestant never loses. The game is only inter- 
esting when at least one novice is involved. The strongest 
opening play is in a corner because an unwary opponent 
will be trapped unless her countermove is in the center. 
By the same token, a center opening must be countered 
by a corner response or the first player has an easy win. Of 
course, a master player will not only never lose but will 
learn his opponent’s weaknesses and exploit them in the 
most devastating way. 

The game also becomes more interesting when played 
on a larger board and/or in more dimensions. An excep- 
tion to this is the 3 x 3 x 3 cube which gives an easy win 
to the first player; in fact, it cannot end in a draw because 
the first player has 14 plays and it is impossible to make 
all of these without scoring. The 4 x 4 x 4 cube is much 
more interesting and is sold commercially as the well- 
known Score Four game. For the ambitious, tic-tac-toe 
can be played in four dimensions on a tesseract by sec- 
tioning it into two-dimensional squares. Older, similar, 
and mathematically more interesting relatives of tic-tac- 
toe include nine men’s morris and Ovid’s game. 


tie knots 

How many ways can you tie a tie? For many years there 
were just three styles of knot: the Four-in-Hand, the 
Windsor, and the Half-Windsor. Then the Pratt was intro- 
duced to the world on the cover of the New York Times in 
1989. Intrigued that only one new knot had been added 
to the tie-tying repertoire in more than half a century, 
two researchers from the University of Cambridge’s 


physics department, Thomas Fink and Yong Mao, de- 
cided to see how many tie knots were actually possible. 
To this end, they applied random walk theory—a tech- 
nique useful for describing movement which, although 
unpredictable in detail, reveals large-scale patterns. Such 
patterns, the researchers realized, were essential to a suc- 
cessfully accomplished tie-knot. For example, if the end 
of the tie is moved to the right, its next move can’t be to 
the right again—it has to be either to the left or to the cen- 
ter. This means that each move made in tying a tie can 
only be followed by one of two alternatives. Fink and 
Mao found that the simplest possible knot involves just 
three moves. They went on to discover 85 possible tie- 
knots, including the four popular knots, six new knots 
that they consider aesthetically pleasing, and two com- 
plicated nine-move knots." 


tiling 

Also called a tesselation, a collection of smaller shapes that 
precisely covers a larger shape, without any gaps or over- 
laps. Usually, the shape to be tiled is a flat plane but other 
shapes and three-dimensional objects can be tiled, too. In 
a game that involves tiling, certain conditions are applied; 
for example, all the tiles may have to be identical, or they 
may all have to be squares but every one of a different 
size. It’s been known for some time that all simple regular 
tilings in the plane belong to one of the 17 plane symme- 
try groups known as wallpaper groups. All 17 of these 
patterns are known to exist in the Alhambra palace. This 
doesn’t exhaust the apparently simple problem of tiling 
the plane: adding extra constraints or removing the 
requirement for regularity leads to a large number of inter- 
esting problems. These include alternating tilings, for exam- 
ples of squares or dominoes, such that two tiles have a 
side or a part of a side in common, or colored tilings, in 
which no two adjacent tiles have the same color. Colored 
tilings are also called colored maps. The most famous prob- 
lem relating to colored tilings is the four-color map prob- 
lem, which has been solved. Other problems involve 
n-tesselations, in which each tile has an integral area and 
for each natural number z there is exactly one tile with 
area n. See also Penrose tiling, rep-tile, rectangle, squar- 
ing the square, dissection, and packing. 


time 


Time 1s a great teacher. Unfortunately, it kills all its 
pupils. 
—Hector Berlioz (1803-1869) 
One of the most familiar and yet mysterious proper- 
ties of the universe. The “flow” of time is one of the 
strongest impressions we have, yet it may simply be 
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tie knots The “St. Andrew”: one of several new tie knots recently discovered. Thomas Fink 


an illusion or a product of the conscious mind. The 
very notion that time somehow moves leads to a logical 
paradox because, as the Australian philosopher J. J. C. 
Smart asked: “In what units is the rate of time flow to be 
measured? Seconds per ___?” John Dunne in his clas- 
sic book An Experiment with Time, argued that the 
human mind has the ability to rove back and forth 
along the time line so that precognition is a physical 
possibility. However his theory involves an infinite 
regress of time and of the observer that is philosophi- 
cally hard to swallow. All the same, it may be that the 
apparent movement from past to present to future has 
less to do with the universe at large than it has to do 
with our individual subjective experience. In some way, 
still to be fathomed, time, consciousness, free will, and 
the individual are intimately entwined. In physics, by 
contrast, time is treated no differently (with one impor- 
tant exception, noted below) than space. It is simply 
another dimension—another axis, or extension, of phys- 
ical reality. Just as the various spatial dimensions pre- 


vent everything from happening at a single point, so 
time prevents everything from happening all at once. 
As one wag put it, “Time is just one damned thing 
after another!” In Einstein’s relativity theory, time is 
effectively “spatialized” so that, instead of speaking 
of an absolute three-dimensional space and a separate 
one-dimensional time, there is a four-dimensional 
space-time continuum. So closely related are time and 
space in relativity theory that time can be converted 
into space and vice versa. In particular, different 
observers may not agree on the distance or the duration 
between any two events in space-time, but they will 
always agree on the space-time interval. If the two points 
events occur at (4, x, y, z) and (¢+ dt, x + dx, y + dy, z+ dz), 
then the (constant) space-time interval between them is 
given by 





5 a c(t? t’) (x,° x/’) (y2 yr) (z,’ zy). 


But the time of relativity, like that of classical physics, 
remains reversible. 
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tiling A computer-generated periodic tiling. Jos Leys, 
wwwyosleys.com 


time complexity 

A function that describes the amount of time required 
for a program to run on a computer to perform a partic- 
ular task. The function is parameterized by the length of 
the program’s input. 


time dilation 
See relativity theory. 


time-reversible 

A property of dynamical systems that can be run unam- 
biguously both forward and backward in time. The 
Lorenz system, for example, is time-reversible. 


time travel 

Can we travel through time? Of course, we do it all the 
time! But can we do it at a different rate than normal? 
Again, the answer is “yes” because of the phenomenon 
known as time dilation in Einstein’s relativity theory. 
However, time dilation enables, even in principle, only 
a limited kind of leap into the future—one from which 
we cannot return to the present. Genuine time travel is 


time travel The game of Chrononauts, in which players must 
resolve a series of paradoxes that threaten the time line. Looney 
Labs, www.LooneyLabs.com 


the ability to jump forward or backward through time at 
a rate other than that of the ordinary progression of 
events or that enabled by the relativistic time dilation 
effect. 

The possibility of traveling through time poses such a 
threat to causality and opens the door to so many disturb- 
ing paradoxes that many scientists feel inclined to dismiss 
it out of hand. However, it has been a favorite theme of sci- 
ence fiction since the 1880s. In The Time Machine (1895), 
H. G. Wells gives a pleasant preamble about the nature of 
the fourth dimension before whisking his hero 802,000 
years into the future. Says the Time Traveller (we never 
learn his real name), “[A]ny real body must have extension 
in four directions: it must have Length, Breadth, Thick- 
ness, and—Duration. There are really four dimensions, 
three of which we call the three planes of Space, and a 
fourth, Time. There is, however, a tendency to draw an 
unreal distinction between the former three dimensions 
and the latter, because it happens that our consciousness 
moves intermittently in one direction along the latter from 
the beginning to the end of our lives.” 

Unfortunately for would-be chrononauts (an early ver- 
sion of The Time Machine was called The Chronic Astro- 
nauts), Wells is not specific about how his time traveling 
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device works, though we know that “Parts were of nickel, 
parts of ivory, parts had certainly been filed or sawn out of 
rock crystal.” In more recent times, physicists, speculating 
on some of the more esoteric byways of relativity and 
quantum mechanics, have been a little more forthcom- 
ing about how time travel might be achieved in practice. 
These speculations have variously involved wormholes 
(shortcuts outside of normal space and time), faster-than- 
light particles known as tachyons, and unusual cosmolog- 
ical models, such as the Gédel universe, which allow 
movement to any point in the future or the past. Let us 
leave aside the practical aspects, however, and focus on 
the logic of breaking the time barrier. 

The various time travel possibilities dealt with in sci- 
ence fiction fall into two broad categories. In the first the 
timeline, from deepest past to darkest future, is frozen 
and immutable, like a filmstrip. Any time traveling that 
takes place is constrained by this preordained structure— 
effectively, already written into the narrative of the 
world (the “block universe” of Einsteinian physics)—and 
is thus prevented from leading to paradoxes. In one vari- 
ant of this scenario, the Novikov self-consistency principle 
applies. Named after Igor Novikov, an astrophysicist at 
Copenhagen University, this asserts that any attempt at 
time travel that would lead to a paradox, such as the 
grandfather paradox, is bound to fail even if the cause 
of failure is an extremely improbable event. In other 
words, try as you might to introduce a contradiction 
into the timeline, like killing yourself or one of your 
ancestors in the past, circumstances will always conspire 
to prevent you. An excellent example of this type of uni- 
verse is found in Robert L. Forward’s novel Timemaster. 
Another variant on the fixed timeline concept is that any 
event that appears to have caused a paradox has, in fact, 
created a new timeline. The old timeline remains unal- 
tered, and the time traveler becomes part of a new tem- 
poral branch line. One difficulty with this arrangement 
is that it might violate the principle of conservation of 
mass-energy, unless the mechanics of time travel 
demand that mass-energy be exchanged in precise bal- 
ance between past and future at the moment of travel. 
However, the concept of branching universes and alter- 
native histories is not outrageous in physics where the 
many worlds hypothesis and of Feynmann’s sum-over- 
histories are routinely debated. 

The second main type of time travel entertained in sci- 
ence fiction assumes that the timeline is flexible and 
changeable. This can lead to all sorts of mind-boggling 
difficulties and contradictions. A way to offset some of 
these problems is to stipulate that the timeline is very 
resistant to change. In the extreme case, as writer Larry 
Niven has argued, it may be a fundamental rule that in 


any universe where time travel is allowed, no actual time 
machine is ever invented. The English physicist and 
mathematician Stephen Hawking put this idea on a more 
formal footing with his chronology protection conjecture. On 
the other hand if the timeline is presumed to be easily 
changed, paradoxes threaten to spring up at every turn. 
One of the most remarkable of these is the closed causal 
curve paradox in which, it seems, something can be gotten 
for nothing. Samuel Mines summarized the plot of his 
1946 short story as follows: 


A scientist builds a time machine, goes 500 years 
into the future. He finds a statue of himself com- 
memorating the first time traveler. He brings it back 
to his own time and it is subsequently set up in his 
honor. You see the catch here? It had to be set up in 
his own time so that it would be there waiting for 
him when he went into the future to find it. He had 
to go into the future to bring it back so it could be 
set up in his own time. Somewhere a piece of the 
cycle is missing. When was the statue made? 


Closed loops in time can also conjure knowledge out 
of thin air. A man builds a time machine and travels into 
the past to give the plans for the device to his younger 
self who then builds the machine, travels into the past, 
and so on. Where did the plans originate? A curious 
thing about time loops is that they have no easily dis- 
cernible future or past because all the events taking place 
in them affect one another in a circular way. Time loops 
also put a question mark over free will. What happens if 
the younger man, given the time machine plans by his 
older self, decides not to build the device? Can he make 
that choice given that, in some sense, he has already built 
it? Perhaps the apparent absence of time travelers and 
time machines in the real world is a sign that we do not 
have to worry about such issues—at least, for the present. 


tinner’s rabbits 

A name that has emerged recently to describe a pattern of 
three rabbits or hares that has been found in many parts 
of the world, including England and Wales, mainland 
Europe, China, and Russia. It occurs, for example, on the 
medieval roof bosses of some churches in Devon and 
Cornwall and is thought to be connected with the local 
tin-mining industry. One theory suggests the following 
link: Tin is alloyed with copper to make bronze, copper 
came from Cyprus (the words Cyprus and copper have the 
same root), Cyprus is the island of the goddess Venus or 
Aphrodite (she was born there), rabbits are symbols of 
Venus. Three intertwined fishes are a common Christian 
symbol, so the three rabbits may also have stood for the 
Trinity. 
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Tippee Top 

Also known as a Tippy Top, a type of top, patented in 
Britain in 1953, that consists of a peg with a ball-shaped 
body. If the top is spun quickly on the rounded body, 
with the peg pointing upward, it flips itself over and spins 
on its peg. Crucial to this counterintuitive behavior is the 
shape of the body, which is smooth and spheroidal with 
no sharp point. After release, the top, like tops of every 
description, begins to show precession, that is, its axis of 
rotation moves in a small circle. After a while, the contact 
point of the top with the table no longer coincides with 
the rotation axis but instead moves to other points of the 
top’s head. Due to frictional forces and precession, the 
top seeks a more stable position, which it finds by flip- 
ping on to its stalk. See also celt. 


Titchener illusion 

Also known as the Ebbinghaus size illusion, a well-known 
distortion illusion. Two circles are surrounded by either 
six big circles or six small circles. Despite appearances, 
the two center circles are exactly the same size. 


Toeplitz matrix 
A matrix in which all the elements are the same along 
any diagonal that slopes from northwest to southeast. 


topological group 

Also called a continuous group, a set that has both the 
structure of a group and of a topological space in such a 
way that the operations defining the group structure give 
continuous maps in the topological structure. Many 
groups of matrices (see matrix) give topological groups. 


topological dimension 

An integer that defines the number of coordinates 
needed to specify a given point of an object of set X. A 
single point, therefore, has a topological dimension equal 
to zero; a curve has dimension one, a surface has dimen- 
sion two, and so on. 


topological space 

A type of generalized mathematical space in which the 
idea of closeness, or limits, is described in terms of rela- 
tionships between sets rather than in terms of distance. 
Every topological space consists of: (1) a set of points; (2) 
a class of subsets defined axiomatically as open sets; and 
(3) the set operations of union and intersection. 


topology 

The study of those properties of mathematical objects 
that remain unaffected by smooth deformations, such as 
stretching and squeezing, but that don’t involve tearing. 





Titchener illusion The center circles are the same size. 


The word comes from the Greek topos for “place,” and 
was introduced into English by Solomon Lefschetz in the 
late 1920s. A topologist has been described as someone 
who doesn’t know the difference between a doughnut 
and a coffee cup. Substitute “care about” for “know” and 
this becomes more accurate. Imagine a donut made of 
soft clay. A potter can easily shape this into a cup with a 
handle without removing or creating any new holes. 
Both shapes, in topology, are said to be genus 1—objects 
with a single hole. A sphere, by contrast, is genus 0 (no 
holes), while an eyeglass frame, with the lenses removed, 
is genus 2. For more on topologically intriguing struc- 
tures, see M6bius band and Klein bottle. 
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torus 

A doughnut, bagel, or inner-tube shape; the word comes 
from the Latin for “bulge” and was first used to describe 
the molding around the base of a column. One way to 
think of a torus is as a surface of revolution obtained by 
rotating a circle around an axis that lies in the plane of 
the circle but doesn’t intersect the circle. In the general 
case, where the shape being so rotated is any closed plane 
curve, the resulting surface is called a toroid. Although the 
usual torus in three-dimensional space is shaped like a 
doughnut, the concept of the torus is extremely useful in 
higher dimensional space as well. 


tour 

A sequence of moves by a chess piece on a chessboard in 
which each square of the board is visited exactly once. 
See also knight’s tour and magic tour. 


Inside the torus of an experimental nuclear fusion reactor. Joint European Torus 


Tower of Brahma 

A romantic legend manufactured by Edouard Lucas as 
an accompaniment to the popular game he invented, the 
Tower of Hanoi. According to the tale of the Tower of 
Brahma, in the Indian city of Benares, beneath a dome 
that marked the center of the world, is to be found a brass 
plate in which are set three diamond needles, “each a 
cubit high and as thick as the body of a bee.” Brahma 
placed 64 disks of pure gold on one of these needles at 
the time of Creation. Each disk is a different size, and 
each is placed so that it rests on top of another disk of 
greater size, with the largest resting on the brass plate at 
the bottom and the smallest at the top. Within the tem- 
ple are priests whose job it is to transfer all the gold disks 
from their original needle to one of the others, without 
ever moving more than one disk at a time. No priest can 
ever place any disk on top of a smaller one, or anywhere 
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Tower of Hanoi A vintage version of the game called Pyramids, manufactured by Knapp Electric, Inc., of New York. Sue & Brian 


Young/Mr. Puzzle Australia, www.mrpuzzle.com.au 


else except on one of the needles. When the task is done, 
and all 64 disks have been successfully transferred to 
another needle, “tower, temple, and Brahmins alike will 
crumble into dust, and with a thunder-clap the world will 
vanish.” The prediction (thunder-clap aside) seems fairly 
safe given that the number of steps required to transfer all 
the disks is 2 — 1, which is approximately 1.8447 x 10”. 
Assuming one second per move, this would take about 
five times longer than the current age of the universe! 
Interestingly, 2“ — 1 is also the answer to the wheat and 
chessboard problem. 


Tower of Hanoi 

A game invented by Edouard Lucas and sold as a toy in 
1883. Early versions of it carried the name “Prof. Claus” 
of the College of “Li-Sou-Stain,” but these were quickly 
discovered to be anagrams for “Prof. Lucas” of the Col- 
lege of “Saint Louis.” The game, in its usual form, con- 
sists of three pegs on one of which are eight disks, stacked 
from largest to smallest. The problem is to transfer the 
tower to either of the vacant pegs in the fewest possible 
moves, by moving one disk at a time and never placing 


any disk on top of a smaller one. The minimum number 
of moves turns out to be 2” — 1, where is the number of 
disks; this equals 255 in the case of eight disks. The orig- 
inal toy came with a description saying that it was a small 
version of the great Tower of Brahma.””! 


T-puzzle 

A surprisingly difficult puzzle, given that there are only 
four pieces; it dates back to the start of the twentieth cen- 
tury. Photocopy and cut out the four pieces shown in the 
figure on the following page, and then try to arrange 
them to make the symmetric capital T. You are allowed to 
rotate the pieces as you wish and even turn them over, 
but they mustn’t overlap in the final letter. In fact two dif- 
ferent symmetric capital T letters can be made from the 
pieces. Also, two other symmetric shapes can be formed 


from the set, including an isosceles trapezoid. Can you 
find all of these? 


trace 
The sum of the terms along the main diagonal of a 
matrix. 
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T-puzzle The pieces of the T-puzzle. Kadon Enterprises, Inc, www.puzzlegames.com 


tractrix 

A curve, sometimes called the trajectory curve or equitan- 
gential curve, that is the answer to a question asked by the 
Frenchman Claude Perrault (1613-1688). Perrault is not a 
giant in the annals of mathematics; in fact, he trained as 
a doctor and gained a minor reputation as an architect 
and an anatomist before dying in unusual style as a result 
of an infection he caught while dissecting a camel. His 
greatest claim to fame, aside from his connection with 








tractrix © Jan Wassenaar, www.2dcurves.com 


the tractrix, is that he was the brother of the author of 
“Cinderella” and “Puss-in-Boots.” 

In 1676, at about the time Gottfried Leibniz was doing 
groundbreaking work on the calculus, Perrault placed his 
pocket watch on the middle of a table, pulled the end of 
its chain along the edge of the table, and asked: What is 
the shape of the curve traced by the watch? The first 
known solution was given in a letter to a friend in 1693 
by Christiaan Huygens, who also coined the name “trac- 
trix” from the Latin fractus for something that is pulled 
along. (The corresponding German name is hundkurve, or 
“hound curve,” which makes sense if you imagine the 
path a dog might follow on its leash as its master walks 
away.) The tractrix can also be found by taking the invo- 
lute of a catenary. (Imagine a horizontal bar held at the 
vertex of the catenary and the point of contact marked as 
P. When the bar is rolled against the catenary without 
slipping, the path of P is a tractrix.) It is described by the 
parametric equations: x = 1/cosh(A), y =¢ — tanh(). The 
surface of revolution of the tractrix is the pseudo- 
sphere, which is the classic model for hyperbolic geom- 
etry and one possible three-dimensional analog for the 
shape of the four-dimensional space-time in which we 
live. 
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trajectory 

(1) The path of a projectile or other moving body 
through space. (2) A curve that intersects all curves of a 
given family at the same angles; if the intersection is at a 
right angle, this is an orthogonal trajectory. (3) The path 
through phase space taken by a system. 


transcendental number 

A number that can’t be expressed as the root of a poly- 
nomial equation with integer coefficients. Transcenden- 
tal numbers are one of the two types of irrational 
number, the other being algebraic numbers. Their exis- 
tence was proved in 1844 by the French mathematician 
Joseph Liouville (1809-1882). Although transcenden- 
tals make up the vast majority of real numbers, it is 
often surprisingly hard, and may even be impossible, to 
tell whether a certain number is transcendental or alge- 
braic. For example it is known that both pi (zm) and e are 
transcendental and also that at least one of m+ e and 7 
x e must be transcendental, but it is not known which. 
It is also known that e” is transcendental. This follows 
from the Gelfond-Schneider theorem, which says that if a 
and bare algebraic, ais not 0 or 1, and is not rational, 
then a’ is transcendental. Using Euler’s formula, e* = — 
1, and taking both sides to the power -7 gives (-1)‘ = 
(e")’ = e". Since the theorem tells us that the left-hand 
side is transcendental, it follows that the right-hand side 
is too. (It also follows that e x m and e+ 7 are not both 
algebraic, because if they were, then the equation x? + 
x(e +m) + em = 0 would have roots e and m, making both 
numbers algebraic.) But although it is known that e” is 
transcendental, the status of e’, n‘, and n* remains uncer- 
tain. 


transfinite number 
Any of the infinite ordinal numbers first described by 
Georg Cantor. 


transformation 

In geometry, a change to an object due to a process such 
as rotation, reflection, enlargement, or translation. In 
algebra, a transformation is the action of a function; in 
other words, what happens when there is a one-to-one 
mapping between sets of objects. 


translation 
Any transformation that takes the form of a constant 
offset with no rotation or distortion. 


transpose 
An operation that flips a matrix about the main diagonal. 


transposition cipher 

A cipher that encodes a message by reordering the 
plaintext. The receiver decodes the message using the 
inverse transposition. A simple kind of transposition 
cipher writes the message in a rectangle by rows, for 
example: 


Asimplekin 
doftranspo 
sitionciph 
erwritesth 
emessagein 
toarectang 
lebyrowsan 
dreadsitou 


tbycolumns 


and reads it by columns: 


Adsee tldts oirmo erbif tweab eymti rsrya cproi 
serdo lanta cosle ncegt wiuks iseas tmipp tinao 
nnohh ngnus. 


This type of cipher can be made more difficult to crack 
by permuting the rows and columns. See also substitu- 
tion cipher. 


transversal 
A line that cuts across parallel lines, intersecting each of 
them. 


trapezoid 

A quadrilateral with one pair of parallel sides; in Britain 
this shape is known as a trapezium. If the parallel sides 
are of length a and J, and 4 is the perpendicular distance 


between them, then the area of the trapezoid is given by 
A='b(at+ Dh. 


trapezium 

The American definition of a trapezium is a quadrilat- 
eral with no parallel sides. The British definition is equiv- 
alent to that of a trapezoid. 


traveling salesman problem 

Given a number x of cities, along with the cost of travel 
between each pair of them, find the cheapest way of visit- 
ing all the cities and returning to the starting point. This is 
equivalent to finding the Hamilton circuit of minimum 
weight in a weighted complete graph. Mathematical 
problems related to the traveling salesman problem (TSP) 
were treated in the nineteenth century by William Hamil- 
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ton, for example in his Icosian game, and by Thomas 
Kirkman. The general form of the TSP appears to be have 
been first studied by mathematicians in the 1930s, 
notably by Karl Menger in Vienna and Harvard, and later 
promoted by Hassler Whitney and Merrill Flood at 
Princeton. It has become a classic challenge to computer 
scientists seeking fast algorithms to complex problems. 
An approximate solution to the TSP for 15,112 cities, 
towns, and villages in Germany was found in 2001 by 
Princeton researchers using 110 computer processors and 
the equivalent of more than five years computer time on 
a 2 GHz machine. 


tree 

A graph with the property that there is a unique path 
from any vertex to any other vertex traveling along the 
edges. 


trefoil curve 
The plane curve given by the equation 


x4 xy? +y4 = x(x? —y’). 


triangle 

A three-sided polygon. The sum of the interior angles of 
a triangle is always 180°, unless the triangle is drawn in a 
non-Euclidean geometry. Triangles can be classified 
either by their angles, as acute, obtuse, or right; or by 
their sides, as scalene (all different), isosceles (two the 
same), or equilateral (all equal). 


Triangular Lodge 

One of the few triangular buildings in England; it was 
built by Sir Thomas Tresham in about 1595 at Rushton, 
Northamptonshire. Tresham was a Catholic (spending 
some 15 years in prison because of this) and also a mys- 
tic numerologist. The whole design of the Lodge is 
based on the number three, which Tresham saw con- 
nected with his own surname and as an expression of 
his faith in the Christian Trinity. The Lodge’s ground 
plan is a perfect equilateral triangle, each side 33 feet 
long—by tradition, the age of Christ at his death. The 
building has three floors, each floor has three windows, 
and each window is a three-fold trefoil. There are three 
gables and three gargoyles on each side. Even the cen- 
tral chimney is three-sided. The inscriptions all have 33 
letters. Other buildings with a three-sided equilateral 
theme in Europe include a triangular castle at Grip- 
sholm in Sweden and part of the Chateau de Chantilly 
in France, which is based on an equilateral plan of 
gigantic scale. 


triangular number 

Any number that can be represented by a triangular 
array of dots: 1, 3, 6, 10,.... The mth triangular num- 
ber is (7 + 1)/2. Every integer is the sum of at most 
three triangular numbers. Every triangular number is a 
perfect number. If 7 is a triangular number, 87 + 1 is 
a perfect square and 97+ 1 is another triangular num- 
ber. The square of the wth triangular number is equal to 
the sum of the first 2 cubes. Certain triangular numbers 
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are also squares, but no triangular number can be a 
third, fourth, or fifth power, nor can one end in 2, 4, 7, 
or 9. 


triangulation 
A tiling of some object such as a manifold by simplices 
(see simplex). 


tribar illusion 
See Penrose triangle. 


tricuspoid 
See deltoid. 


trident of Newton 

A curve investigated and named “trident” by Isaac New- 
ton as part of his systematic study of cubic equations. 
René Descartes also studied it and it is sometimes called 
the parabola of Descartes, although it isn’t a parabola. It 
has the Cartesian equation 


asy=cxe + de + ext f 


trifolium 
See rose curve. 


trigonometric curve 
Any of the curves produced when a trigonometric func- 
tion is graphed. 


trigonometric function 

Any of the functions sine (sin), cosine (cos), tangent (tan), 
secant (sec), cosecant (cosec), or cotangent (cot), or their 
inverses, sia', etc, which deal with certain proportions in 
right triangles. For example, the sine of an angle 9, sin 0, 
in a right triangle, is equal to the side opposite the angle 
divided by the hypotenuse (the longest side). Similarly cos 
is adjacent over hypotenuse and tan is opposite over adja- 
cent. Sec, cosec, and cot are the multiplicative inverses of 
cos, sin, and tan, respectively: sec 6 = 1/cos 9, and so forth. 
These are not the same as the inverse functions cos", sin, 
and tan”, which are also known as arccos, arcsin, and arc- 
tan. Graphs of trigonometric functions produce trigono- 
metric curves. 


trigonometry 

The branch of mathematics that deals with the relation- 
ships between the sides and the angles of triangles and 
the calculations based on them, particularly the trigono- 
metric functions. Sherlock Holmes relies on a little 
trigonometry to solve a 250-year-old mystery known as 
the Musgrave Ritual (in a short story of the same name)— 
an enigmatic series of clues that refers to the shadow of 


an elm tree when the sun is just visible at the top of a 
nearby oak to point toward buried treasure. The great 
detective recalls to Watson his conversation with Regi- 
nald Musgrave: 


“Have you any old elms?” ... 

“There used to be a very old one over yonder, but 
it was struck by lightening ten years ago, and we cut 
down the stump.” 

“You can see where it used to be?” 

“Oh, yes.” ... 

“I suppose it is impossible to find out how high 
the elm was?” 

“I can give it to you at once. It was sixty-four 
feet... . When my old tutor used to give me an exer- 
cise in trigonometry, it always took the shape of 
measuring heights.” . . . 

I went with Musgrave to his study and whittled 
myself this peg, to which I tied this long string with 
a knot at each yard. Then I took two lengths of a 
fishing-rod, which came to just six feet... . The sun 
was just grazing the top of the oak. I fastened the rod 
on end, marked out the direction of the shadow. ... 
It was nine feet in length. Of course, the calculation 
was now a simple one. If a rod of six feet threw a 
shadow of nine, a tree of sixty-four feet would throw 
one of ninety-six. .. . I measured out the distance... 
and I thrust a peg into the spot. 


trillion 

In American and general usage, a million million— 
1,000,000,000,000 or 10”. A European trillion is a mil- 
lion times larger than this, or 10’. Counting one number 
every second, 24 hours a day, it would take 31,688 years 
to reach one (American) trillion. The first trillion-dollar 
lawsuit ($116 trillion) was filed in August 2002 by 600 
family members against a company run by Osama bin 
Laden’s family, Saudi Arabian princes, and Sudan. See 
also large number. 


trimorphic number 
See automorphic number. 


trinomial 
An algebraic expression consisting of three terms. 


triomino 
Also called a tromino, a three-square polyomino. 


triple 
A multiple of three. A ‘riple integral is one in which the 
integrand is integrated three times. See also Pythagorean 
triplet. 
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trisecting an angle 

Whereas bisecting an angle could hardly be simpler, 
splitting an angle in three equal parts with compass and 
straightedge alone is impossible, except in a few special 
cases such as when the angle happens to be 90°. Tri- 
secting an arbitrary angle can be done if you cheat by 
using a measuring ruler instead of a plain straightedge, 
or even if you draw just two marks on the straightedge, 
but not if you play by the rules and the straightedge is 
completely blank. The Greeks put a huge effort into the 
problem but couldn’t crack it. In fact, the question of 
whether trisection could ever be done in the general 
case remained open until 1837, when it was finally 
shown to be impossible by Pierre Wantzel, a 23-year-old 
French mathematician. Why is it impossible? Wantzel 
showed that the two problems of trisecting an angle 
and of solving a cubic equation are equivalent. More- 
over, he showed that only a very few cubic equations 
can be solved using the straightedge-and-compass 
method. He thus deduced that most angles cannot be 
trisected. 


trisector theorem 
See Morley’s miracle. 


trisectrix 

A general name for curves that can be used in trisect- 
ing an angle. The name “trisectrix,” on its own, is often 
applied specifically to the limagon of Pascal. Other fa- 
mous trisectrix curves include the Maclaurin trisectrix 
and the conchoid of Nicomedes. 


triskaidekaphobia 


See thirteen. 


trochoid 

The curve formed by the path of a point on the extension 
of a radius of a circle as it rolls along a curve or line. It is 
also the curve formed by the path of a point on a per- 
pendicular to a straight line as the straight line rolls along 
the convex side of a base curve. By the first definition, 
the trochoid is derived from the cycloid; by the second 
definition it is derived from the involute. See also 
roulette. 


truel 

A three-cornered gunfight or its logical equivalent. Imag- 
ine a truel between Arnie, Bullseye, and Clint, who are 
standing at the corners of an equilateral triangle. All 
know that Arnie’s chance of hitting a target is 0.3 and 
Clint’s is 0.5, while Bullseye never misses. They have to 
fire at their choice of target in the order Arnie then Bulls- 


eye then Clint until only one man is left. A man who’s 
been hit is out of the fight and can no longer be shot at. 
What should Arnie’s strategy be? 

Truels, like this one, have become a significant topic in 
game theory because they’re analogs of various real-life 
situations, from rivalry among animals to competition 
between television networks. Small changes in the rules 
can lead to strikingly different, sometimes counterintu- 
itive outcomes. Different firing rules are possible: se- 
quential in fixed order (players fire one at a time in a 
predetermined, repeating sequence), sequential in ran- 
dom order (the first player to fire and each subsequent 
player is chosen at random from among the survivors), or 
simultaneous (all surviving players fire at the same time 
in every round). In certain truels, a participant is allowed 
to shoot at the ground rather than try to eliminate an 
opponent (an optimal strategy if the firing order is fixed 
and each player has only one bullet and is a perfect shot). 
If the first shooter misses on purpose, he eliminates him- 
self as a threat, and the other two fight it out, leaving two 
survivors in the end. Any other course of action would 
lead to the first shooter’s own demise, with only one sur- 
vivor. Even if the players have an unlimited supply of 
bullets, the truel may still end with more than one sur- 
vivor because no player wants to be the first to shoot. 
Indeed, under the fixed firing order rule, no player has an 
incentive to eliminate another player. Only in the case of 
simultaneous firing is there a chance that nobody will 
survive. 

Most of the mathematical research on truels con- 
cerns the relationship between a player’s marksmanship 
(probability of hitting a target) and his or her survival 
probability. It’s possible to show, for example, that bet- 
ter marksmanship can hurt in many situations. In a 
sequential truel in which contendors aren’t allowed to 
shoot in the air, a player maximizes his probability of 
survival by firing at the opponent against whom he’d 
less prefer to fight in a duel—regardless of what the other 
players do. If his shot misses, it makes no difference 
who the target was. If the shot hits the target, the 
shooter is better off because his opponent in the next 
duel is weaker. Thus, the first shooter fires at the oppo- 
nent who’s the better marksman. In general, depending 
on the marksmanship values, the survival probabilities 
of the truelists could end up in any order, including one 
that is the reverse order of shooting skill. Optimal play 
can be very sensitive to slight changes in the rules, such 
as the number of rounds of play allowed. On the other 
hand, some factors are fairly constant: the disadvantage 
of being the best marksman, the weakness of pacts, the 
possibility that an endless supply of ammunition may 
stabilize rather than undermine cooperation, and the 
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deterrent effect of an indefinite number of rounds of 
play (which can prevent players from trying to get the 
last shot). Some of these findings are counterintuitive, 
even paradoxical. An understanding of them might well 
dampen the desire of aggressive players to score quick 
but temporary wins, rendering them more cautious. In 
particular, contemplating the consequences of a long, 
drawn-out conflict, truelists may come to realize that 
their own actions, while immediately beneficial, may 
trigger forces that ultimately lead to their own destruc- 
tion. 


truncate 
To slice off a corner of a polyhedron around a vertex. 


truncatable prime 

A prime number z that remains a prime when digits are 
deleted from it one at a time. For example 410,256,793 
is a truncatable prime because each number created by 
the removal of the digit underlined produces a new 
prime: 410,256,793; 41,256,793; 4,125,673; 415,673; 
45,673; 4,567; 467; 67; 7. It is conjectured that there are 
infinitely many of these primes. If the digits from a 
prime can be deleted only from the right, to leave a 
prime, then x is called a right truncatable prime. If they 
can be deleted only from the left, to leave a prime, then 
nis a left truncatable prime. The list of primes from which 
any digit can be deleted at each step to leave a prime is 
very short indeed, because it demands that each digit be 
a prime and also that no digit occurs twice. Only these 
numbers satisfy this requirement: 2, 3, 5, 7, 23, 37, 53, 
and 73. 


Tschirnhaus’s cubic 
A curve with the Cartesian equation 3ay’ = x(x - ay’. 


Turing, Alan Mathison (1912-1954) 

An English mathematician considered to be one of the 
fathers of modern digital computing. At an early age, 
Turing showed signs of the genius and eccentricity that 
became hallmarks of his adult personality. He taught 
himself to read in three weeks and made a habit of stop- 
ping at street corners to read the serial numbers of traffic 
lights. Later, he became a near-Olympic-class runner and 
ran long distances with an alarm clock tied to his waist to 
time himself. 

At Cambridge, Turing studied under G. H. Hardy 
and got involved with problems that David Hilbert and 
Kurt Gédel had proposed to do with completeness and 
decidability in mathematics. In 1936, he introduced the 
idea of what became known as Turing machines—for- 
mal devices capable of solving any conceivable mathe- 





Turing, Alan Mathison 


matical problem that could be represented by an algo- 
rithm. However, the Turing machine was only a theo- 
retical possibility at that time and not a working 
implementation. It would remain for later researchers to 
solve the various practical difficulties required to make 
the computer a reality. Turing also showed that there 
were mathematical problems that a Turing machine 
could never solve. One of these is the halting problem. 
While his proof was published after that of Alonzo 
Church, Turing’s work is more accessible and intuitive. 
During World War II, Turing was a major player at 
Bletchley Park, near present-day Milton-Keynes (a town 
built after the war), in the successful efforts to crack the 
Nazi Enigma ciphers. While serving at Bletchley Park 
(1939-1944), he stayed at the Crown Inn, Shenley 
Brook End, and somewhere near here he buried two sil- 
ver bars, carefully recording the site with respect to local 
landmarks. When he returned to recover them, the area 
had been rebuilt and all his landmarks were gone. 
Despite several attempts with metal detectors, he never 
recovered them and no one else is known to have found 
them. The Crown is now a private house and the area 
where he buried the bars is a housing estate. 

Turing’s interest in computing continued after the war, 
when he worked at the National Physical Laboratory on 
the development of a stored-program computer (the 
ACE or Automatic Computing Engine). In 1948 he 
moved to the University of Manchester, where the first 
stored-program digital computer ran later that year (see 
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Babbage, Charles for a photo of this machine). In 1950, 
in the article “Computing Machinery and Intelligence,” 
Turing tackled the problem of artificial intelligence, and 
proposed an experiment now known as the Turing test. 
In 1952 his lover helped a compatriot to break into Tur- 
ing’s house and commit larceny. Turing went to the police 
to report the crime. As a result of the police investigation, 
he was charged with homosexuality (formerly a crime), 
offered no defense, and was convicted. Following the well- 
publicized trial, he was given a choice between incarcera- 
tion and libido-reducing hormone injections. He chose 
the latter, which lasted for a year and had side effects 
including the development of breasts during that period. 
In 1954 he died of poisoning after eating a cyanide-laced 
apple. Most (though not his mother) believed that his 
death was intentional, and the death was ruled a suicide. 
According to one urban legend the Apple company’s logo 
is symbolic of this event: an apple with two bites (or pos- 
sibly bytes) out of it and rainbow colors that code for 
homosexuality. See also Church-Turing thesis."'“*! 


Turing machine 

An abstract model of computer execution and storage 
introduced in 1936 by Alan Turing to give a mathemat- 
ically precise definition of algorithm. A Turing machine 
can be thought of as a black box that carries out a calcu- 
lation of some kind on an input number. If the calcula- 
tion reaches a conclusion, or halts, then an output 
number is returned. Otherwise, the machine theoreti- 
cally carries on forever (see halting problem). There are 
an infinite number of Turing machines, as there are an 
infinite number of calculations that can be done with a 
finite list of rules. A Turing machine that can simulate 
any other Turing machine is called a universal Turing 
machine or a universal computer. The concept of Turing 
machines is still widely used in theoretical computer sci- 
ence, especially in complexity theory and the theory of 
computation. 


Turing test 

A proposed way of deciding if a machine has human- 
level intelligence. First described by Alan Turing in 1950, 
it goes like this: A human judge engages in a natural lan- 
guage conversation with other parties; if the judge can’t 
reliably tell whether the other party is human or ma- 
chine, then the machine is said to pass the test. It is 
assumed that both the human and the machine try to 
appear human. The origin of the test is a party game in 
which guests try to guess the gender of a person in 
another room by writing a series of questions on notes 
and reading the answers sent back. In Turing’s original 
proposal, the human participants had to pretend to be 


the other gender, and the test was limited to a 5-minute 
conversation. These features are nowadays not consid- 
ered to be essential and are generally not included in the 
specification of the Turing test. Turing proposed the test 
in order to replace the emotionally charged and, for him, 
meaningless question “Can machines think?” with a 
more well-defined one. Turing predicted that machines 
would eventually be able to pass the test. In fact, he esti- 
mated that by the year 2000, machines with 10° bits 
(about 119MB) of memory would be able to fool 30% of 
human judges during a 5-minute test. He also predicted 
that people would then no longer consider the phrase 
“thinking machine” contradictory. 

It has been argued that the Turing test can’t serve as a 
valid definition of artificial intelligence for at least two 
reasons: (1) A machine passing the Turing test might be 
able to simulate human conversational behavior, but this 
could be much weaker than true intelligence. The ma- 
chine might just follow some cleverly devised rules. (2) A 
machine might well be intelligent without being able to 
chat like a human. Simple conversational programs, such 
as ELIZA, have fooled people into believing they are 
talking to another human being; however, such limited 
successes don’t amount to passing the Turing test. Most 
obviously, the human party in the conversation has no 
reason to suspect he is talking to anything other than a 
human, whereas in a real Turing test the questioner is 
actively trying to determine the nature of the entity he is 
chatting with. The Loebner Prize is an annual competi- 
tion to determine the best Turing test competitors. See 
also Chinese room. 


twelve 

A number heavily used for grouping things (inches, 
hours, 12-packs), partly because it can be divided evenly 
in several different ways (by 2, 3, 4, and 6) and partly 
because there are roughly 12 cycles of the Moon 
for every one of the Sun. The Latin duodecim (two + 
ten) for 12 forms the root of dodecagon (originally 
duodecagon), meaning a 12-sided shape, and duode- 
num, the first part of the intestine that is about 12 
inches long. Contracted and modified over the years, 
duodecim became “dozen.” Multiples of 12 have also 
been used by many cultures for various units and mea- 
sures. A “shock” was 60 or five dozen (a dozen for each 
finger on one hand), and many cultures had a “great 
hundred” of 120 or 10 dozen (a dozen for each finger 
on both hands). The Romans used a fraction system 
based on 12 and the smallest part, an wucil, became our 
word for “ounce.” The French emperor Charlemagne 
established a monetary system that had a base of 12 and 
20, the remnants of which persist. Until 1970, the En- 
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glish pound sterling consisted of 20 shillings, and each 
shilling contained 12 pence. In 1944, The Duodecimal 
Society was formed in New York with the purpose of 
proposing a switch to base 12 for all scientific work. 
There are 12 signs of the zodiac and there were 12 
apostles of Christ. Twelve is the smallest abundant 
number, a Harshad number, and a semiperfect num- 
ber (because 12 = 1+2 +3 + 6; see perfect number). 
See also gross. 


twelve-color map problem 

If on a plane or sphere each country has at the most one 
colony, requiring the same color as its parent country, at 
most 12 different colors are needed to distinguish the 
political regions on a map. The problem of determining 
if this is true or not remains open. See also four-color 
map problem. 


twenty 

Many early cultures, including some in Europe; the 
Mayans of Central America; and the Ainu, the indige- 
nous people of the Japanese islands, used a base of 20 for 
counting. The base 20 system was retained until about 
1970 in the British monetary system, in which there were 
20 shillings to the pound. A group of 20 is often called a 
score. Two of the five Platonic solids involve 20: the 
icosahedron has 20 triangular faces and the dodecahe- 
dron has 20 vertices. Twenty is a Harshad number, a 
semiperfect number (see perfect number), and a practi- 
cal number. It is also a tetratrahedral number—the sum 
of consecutive triangular numbers (1 + 3 + 6 + 10). 


twin primes 

Pairs of prime numbers that differ by two, the first of 
which are 3 and 5, 5 and 7, 11 and 13, and 17 and 19. The 
largest example known, as of February 2003, is a pair of 
51,090-digit primes discovered by Yves Gallot and Daniel 
Papp, with the value 33,218,925 x 2'°°+1. Other than 
the first, all twin primes have the form {6 — 1, 6” + 1}; 
also, the integers z and z + 2 form twin primes if and only 
if 4[(z — 1)! + 1] =-» (mod n(n + 2)). In 1919 the Nor- 
wegian mathematician Viggo Brun (1885-1978) showed 
that the sum of the reciprocals of the twin primes con- 
verges to a sum now known as Brun’s constant: 


(1/3 + 1/5) + (1/5 + 1/7) + (1/11 + 1/13) + 
(1/17 + 1/19) +... 


In 1994, by calculating the twin primes up to 10" (and 
discovering the infamous Pentium bug in the process), 
Thomas Nicely of Lynchburg College estimated Brun’s 
constant to be 1.902160578. According to the (un- 
solved) twin-prime conjecture there are infinitely many 


twin primes. The twin-prime conjecture generalizes to 
prime pairs that differ by any even number x, and 
generalizes even further to certain finite patterns of 
numbers separated by specified even differences. For ex- 
ample, the following triplets of primes all fit the pattern 
k,k+2, and k+ 6:5, 7, and 11; 11, 13, and 17; 17, 19, 
and 23; 41, 43, and 47. It is believed that for any such 
pattern not outlawed by divisibility considerations 
there are infinitely many examples. (The pattern &, k + 
2, and k + 4 has only one solution in primes, 3, 5, and 7, 
because any larger such triplet would contain a number 
divisible by 3.) Quartets of the form k, k + 2, k + 6, and 
k + 8 (the smallest example is 5, 7, 11, and 13) are 
thought to be infinite. For some patterns no example is 
known, or only one. 


twins paradox 
See relativity theory. 


twisted cubic 

A curve in three-dimensional space or projective space 
whose points are given by (x(A), y(d), z()) for a parameter 
t and where x, y, z are polynomials of at most degree 3. 


two 

The first even number and the only even prime number. 
The word comes from the Greek dyo and the Latin duo 
through the Old English twa. Early languages often had 
both feminine and masculine forms for two and so there 
are a lot of diverse roots related to “two-ness.” Many 
“two” words use the Greek root Ji such as biannual, 
binary, biscuit, and biceps. Others come from the Old 
English twa, such as between, twilight, twist, and twin. 
From duo we get dual, duet, dubious (of two minds), 
duplex (two layers), and double. The Latin d gives us 
diploma (two papers) and dihedral. The earlier Greek dyo 
produces dyad, composed of two parts. Two is the only 
positive real number that gives the same result when 
added to itself as when multiplied by itself. It is conjec- 
tured that 2 is the only even integer that cannot be writ- 
ten as the sum of two primes (see Goldbach conjecture) 
and it has recently been proven that 2 is the largest value 
of 2 for which the equation x" + y" =z” has nonzero inte- 
ger solutions (see Fermat’s last theorem). Two is the base 
of the binary number system. 


two-dimensional world 

Life in three dimensions is familiar and there is a huge 
body of literature on the fourth dimension. But what 
would a universe of just two dimensions be like? The first 
and the most charming book on the subject is Ed- 
win Abbott’s Flatland: A Romance of Many Dimensions 
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(1884)."! This was followed by Charles Hinton’s length- 
ier An Episode of Flatland (1907)! in which the 2-d world 
is not a plane, as in Abbott’s yarn, but the rim of a large 
circular world called Astria. Hinton was the first to 
explore in some depth what science and technology 


might be like in two dimensions; in fact, an earlier pam- 
phlet of his called “A Plane World,” (reprinted in Scientific 
Romances in 1884) may have helped inspire Abbott’s 
novel. Hinton’s speculations were taken much further by 
Alexander Dewdney in Planiverse (1984). 





Ulam, Stanislaw Marcin (1909-1984) 

A Polish-born American mathematician and physicist 
who solved the problem of how to initiate fusion in the 
hydrogen bomb and also devised the Monte Carlo 
method of solving mathematical problems using statisti- 
cal sampling. He first came to the United States in 1935 
following an invitation from John von Neumann. One 
moming in 1946 an event happened that changed 
Ulam’s life, as colleague Gian-Carlo Rota recalled: 


Ulam, a newly appointed professor at the University 
of Southern California, awoke to find himself 
unable to speak. A few hours later, he underwent a 
dangerous surgical operation after the diagnosis of 
encephalitis. ... In time, however, some changes in 
his personality became obvious to those who knew 
him ...[H]is ideas, which he spouted out at odd 
intervals, were fascinating beyond anything I have 
witnessed before or since. However, he seemed to 
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studiously avoid going into details ....[H]e came 
to lean on his unimpaired imagination for his ideas, 
and on... others for technical support .... A crip- 
pling technical weakness coupled with an extraordi- 
narily creative imagination is the drama of Stan 


Ulam. 


Ulam spiral 

A remarkable geometric pattern accidentally found 
among the prime numbers by Stanislaw Ulam;'"! it is 
also known as the Prime Spiral. During a boring meeting 
one day in 1963, Ulam drew a square, marked the num- 
ber 1 at the center, and then wrote the increasing whole 
numbers as a spiral that wound its way out to the edge of 
the paper. He then circled all the prime numbers and was 
immediately struck by how they tended to fall on diago- 
nal lines radiating from the central 1. In Ulam’s words 
the arrangement of primes “appears to exhibit a strongly 
nonrandom appearance.” Ulam rushed home and 


Ulam spiral Patterns amid the primes. 
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expanded the spiral to cover a much larger portion of the 
number sequence. The strange pattern persisted. Primes 
had a tendency to occur in clusters and all clusters tended 
to make a beautiful image that couldn’t be predicted. 
With the help of computers this pattern can now be 
explored almost indefinitely and it reveals a wonderfully 
rich combination of symmetry and surprise—very remi- 
niscent of some fractals. 

The Ulam spiral should perhaps be known as the 
“Clarke spiral” in view of the fact that Arthur C. Clarke 
described the phenomenon in his novel The City and the 
Stars (1956, ch. 6, p. 54),'%"! predating Ulam’s discovery 
by several years. Clarke wrote: 


Jeserac sat motionless within a whirlpool of num- 
bers. The first thousand primes... . Jeserac was no 
mathematician, though sometimes he liked to 
believe he was. All he could do was to search among 
the infinite array of primes for special relationships 
and rules which more talented men might incorpo- 
rate in general laws. He could find how numbers 
behaved, but he could not explain why. It was his 
pleasure to hack his way through the arithmetical 
jungle, and sometimes he discovered wonders that 
more skillful explorers had missed. He set up the 
matrix of all possible integers, and started his com- 
puter stringing the primes across its surface as beads 
might be arranged at the intersections of a mesh. 


Ulam’s conjecture 
See Collatz problem. 


uncountable set 

A set of numbers that can’t be put in a definite order 
from smallest to largest and so can’t be counted. All 
uncountable sets are infinite, but not all infinite sets are 
uncountable. The best known uncountable set is the set 
of all real numbers. By contrast the set of all natural 
numbers, which represents the “smallest” type of infin- 
ity, is countable. 


undulating number 

An integer whose digits, in a given base, alternate—that is, 
one written in the form ababab..., where a and J are 
digits. For example, 434,343 and 101,010,101 are undu- 
lating numbers. 


unduloid 

A member of a family curves that is formed by films or 
liquid drops suspended between certain boundaries. 
Examples of unduloids are seen on a spider web when 
viewed through a microscope. They consist of blobs of 
viscous liquid that make up the sticky part of the web and 


are mostly gathered into a lemon shape. The family of 
unduloids includes shapes ranging from very thin to 
almost spherical, depending on the diameter of the 
thread and the volume of liquid in the blob. The shape of 
the curve is a result of the equality of pressure through- 
out the blob, which means that the total curvature at all 
points on the surface must be the same. The total curva- 
ture is the sum as the curvatures in two planes at right 
angles, and so varies from one blob to the next. A com- 
mon property of all unduloids, however, is that they have 
a constant nonzero main curvature. 


unexpected hanging 

A remarkable logical paradox that appears to have 
begun circulating by word of mouth in the 1940s, often 
in the form of a puzzle about a man condemned to be 
hanged. A judge, with a reputation for reliability, tells a 
prisoner on Saturday that he will be hung on one of the 
next seven days but that he will not know which day 
until he is informed on the morning of the execution. 
Back in his cell, the prisoner reasons that the judge must 
be wrong. The hanging cannot be left until Saturday, 
because the prisoner would certainly know, if this day 
dawned, that it was his last. But if Saturday is eliminated, 
the hanging cannot take place on Friday either, because 
if the prisoner survived Thursday he would know that 
the hanging was scheduled for the next day. By the same 
argument, Thursday can be crossed off, then Wednes- 
day, and so forth, all the way back to Sunday. But with 
every other day ruled out for a possible unexpected 
hanging, the hangman cannot arrive on Sunday without 
the prisoner knowing in advance. Thus, the condemned 
man reasons, the sentence can’t be carried out as the 
judged decreed. But then Wednesday morning comes 
around and, with it, the hangman—unexpectedly! The 
judge was right after all and something was awry with the 
prisoner’s seemingly impeccable logic. But what? More 
than half a century of attack by numerous logicians and 
mathematicians has failed to produce a resolution that is 
universally accepted. The paradox seems to stem from 
the fact that whereas the judge knows beyond doubt that 
his words are true (the hanging will occur on a day 
unknown in advance to the prisoner), the prisoner does 
not have this same degree of certainty. Even if the pris- 
oner is alive on Saturday morning, can he be certain that 
the hangman will arrive?!) 6"! 


uniform polyhedron 

A polyhedron in which each face is regular and each ver- 
tex is equivalently arranged. Uniform polyhedra include 
the Platonic solids, the Archimedean solids, the prisms 
and antiprisms, and the nonconvex uniform polyhedra 
(see nonconvex uniform polyhedron). 
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uniform polyhedron The great icosicosidodecahedron, a uniform polyhedron. Robert Webb, wwwsoftware3d.com; created using Webb's 
Stella program 


unilluminable room problem 

Imagine an L-shaped room in which Amy is standing 
near one corner holding a match. If Bob stands round the 
comer, he can see light from the match because a light 
ray can bounce off the two opposite walls. This is true 
wherever Bob stands in the room: the whole room is illu- 
minated by the one match. Would this be true for a room 
of any shape, or is there at least one room that is so com- 
plicated that there’s somewhere inside it that light from 
the match never reaches. This problem was first asked by 
Ernst Strauss in the 1950s. Nobody knew the answer 
until 1995, when George Tokarsky of the University of 
Alberta showed that the answer is “yes,” there is a room 
that is not completely illuminable. His published floor 
plan showed a room with 26 sides—the smallest such 
room currently known. But a mystery remains. The room 
Tokarsky found contains one particular place where the 
match can be held which leaves part of the room dark. 
But if the match is moved slightly, the whole room is lit 


up again. Is there a room so fiendishly complicated that 
wherever the match is held there are some places that its 
light can never reach? For the moment we remain in the 
dark, {820.3341 


unique number 

The constant U, that results if a number A, consisting of 
n consecutive digits, in ascending order, is subtracted 
from the number J,’ obtained by reversing the digits of 
A, For example, a three-digit number 345, if subtracted 
from its reverse 543, yields a difference of 198. Any other 
three-digit number subtracted from its reverse gives the 
same difference. Thus U; = 198. Similarly for a number 
with four consecutive digits, the unique number U, = 
3,087. The first ten unique numbers are: U, = 0, U; = 9, 
U; = 198, U, = 3,087, U; = 41,976, U, = 530,865, U; = 
6,419,754, U; = 75,308,643, U, = 864,197,532, and Uy) = 
9,753,086,421. Unique numbers are related to Kaprekar 
numbers, K,, by the formula 
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unilluminable room problem No single light source can 
light up every corner of a room with this shape. 


U,+ U’.=K,+K%.. 


For example, when x = 4, K, = 6,174, K,/= 4,716, U, = 
3,087, U,’= 7,803, and 


3,087 + 7,803 = 10,890 = 6,174 + 4,716. 


unimodal sequence 
A sequence that first increases and then decreases. 


unimodular matrix 
A square matrix whose determinant is 1. 


union 
The set of all elements that belong to at least one of two 
or more given sets. It is denoted by the symbol U. 


unit circle 
A circle with radius 1. 


unit cube 
A cube with edge length 1. A umit square has a side length 
of 1. 


unit fraction 
A fraction whose numerator (number on top) is 1. 


universal approximation 

Having the ability to approximate any function to an 
arbitrary degree of accuracy. Neural networks are univer- 
sal approximators. 


universal computation 

Capable of computing anything that can in principle be 
computed; being equivalent in computing power to a 
Turing machine or the lambda calculus. 


universal computer 

A computer that is capable of universal computation, 
which means that given a description of any other com- 
puter or program and some data, it can perfectly emulate 
this second computer or program. Strictly speaking, 
home PCs are not universal computers because they have 
only a finite amount of memory. However, in practice, 
this is usually ignored. 


Universal Library 

A library that contains not just one copy of every book 
that has ever been printed but one copy of every book 
that it is possible to print. A version of such a fantastic 
place is described by Jorge Luis Borges in his melan- 
cholic short story “Library of Babel” from The Garden of 
Forking Paths (1941). It begins: “The universe (which oth- 
ers call the Library) is composed of an indefinite, perhaps 
infinite number of hexagonal galleries.” Each gallery is 
identical to all the others and contains 800 books identi- 
cal in format. “[E]ach book contains four hundred ten 
pages; each page, forty lines, each line, approximately 
eighty black letters... .” There are 25 symbols—22 letters, 
the comma, the period, and the space. Because the 
library contains every possible combination of these 
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Universal Library Inside the library that goes on forever. 
Joseph Formoso 


symbols it contains, in addition to vast tracts of gibber- 
ish, every truth, falsehood, idea, novel, thought, and 
description of events, past and future, that are possible. It 
contains, writes Borges, 


All-the detailed history of the future, the autobi- 
ographies of the archangels, the faithful catalog of 
the Library, thousands and thousands of false cata- 
logs, the proof of the falsity of those catalogs, a 
proof of the falsity of the true catalog, the gnostic 
gospel of Basilides, the commentary upon that 
gospel, the commentary on the commentary of 
that gospel, the true story of your death, the trans- 
lation of every book into every language, the inter- 
polations of every book into all books, the treatise 
Bede could have written (but did not) on the 
mythology of the Saxon people, the lost books of 
Tacitus. 


The name “Universal Library” was first used by the 
German philosopher and science fiction writer Kurt 
Lasswitz (1848-1910) as the title of a short story pub- 
lished in 1901. He, in turn, borrowed the concept from 
the German psychologist Theodor Fechner. But to get 
to the root of speculation about listing all possible com- 
binations of words and meanings, we have to go back 
much further, to Ramon Lully (1235-1315), a Spaniard 
who was a missionary and a mystic philosopher and who 
had an idea that later became known as Lully’s Great 
Art. His idea was simply this: if one property of a thing 
is chosen, say the color of blood, and all the possibilities 
for that property are listed—blood is green, blood is yel- 
low, etc.-then one of them must be true. One list alone 
might not be enough to point out the truth. However, 
other lists could be made that would eliminate some of 


the possible colors. Done in the right way, the one and 
only true answer should emerge. Lully even tried to 
build a device that used a series of concentric rings to 
bring different combinations of words into alignment. 
Eventually, the idea came down to Fechner who rumi- 
nated on the idea of permuting all combinations of let- 
ters to express all possible statements and concepts. 
There are, however, two barriers to this dream of ulti- 
mate truth. The first is that there isn’t enough matter or 
space in the universe to represent all the different ways 
that book-length sequences of letters can expressed. Sec- 
ond, even if there were, it would take an all-seeing, all- 
knowing intelligence to sort the rare grain of meaningful 
wheat from the vast quantities of vapid chaff. See also 
monkeys and typewriters. 


universal set 

The set that contains all elements capable of being 
accepted to the problem. Also known as the universe, as 
in the universe of discourse, it is usually denoted U. 


universe of discourse 

The part of the world under discussion; more precisely, 
the set of all objects presumed or hypothesized to exist 
for some specific purpose. Objects may be concrete (e.g., 
a specific carbon atom, Confucius, the Sun) or abstract 
(e.g., the number 2, the set of all integers, the concept of 
justice). Objects may be primitive or composite (e.g., a 
circuit that consists of many subcircuits). Objects may 
even be fictional (e.g., a unicorn, Sherlock Holmes). The 
universe of discourse is a familiar concept in logic, lin- 
guistics, and mathematics. 


unknown 
A quantity, denoted by a letter, that is to be found by 
solving one or more equations. 


untouchable number 

A number that is not the sum of the aliquot parts of any 
other number. The first few untouchable numbers are 2, 
5, 52, 88. 


up-arrow notation 
See Knuth’s up-arrow notation. 


upside-down picture 

A picture (or figure) that, when inverted, looks the same 
or changes into the picture of a different subject. Possibly 
the most remarkable examples of upside-down art were 
the cartoons drawn by Gustave Verbeek for the Sunday 
New York Herald in the early 1900s. The first part of the 
cartoon is read normally; then the newspaper is turned 
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upside-down picture An upside-down figure from China. 
Sue & Brian Young/Mr. Puzzle Australia, www.mrpuzzle.com.au 


through 180° and the second part read from the same 
boxes in reverse order. As if by magic, Little Lady 
Lovekins transforms into Old Man Muffaroo, a giant fish 


becomes a giant bird, and a pouncing tiger turns into a 
tiger buried under a pile of stones. 


Ussher, James (1581-1656) 

An Irish clergyman, born in Fishamble Street, Dublin, 
who studied at Trinity College, Dublin, and later became 
a fellow there. He entered the Church and eventually 
became Archbishop of Armagh. In 1650 he published his 
famous assertion that the Creation had taken place 
“upon the entrance of the night preceding” Sunday, 
October 23, 4004 B.c. 


utility function 

The lesson of the St. Petersburg paradox is that people 
do not play games as if they are maximizing the 
expected monetary value they receive. However, certain 
rationality assumptions about the way people behave, 
known as the von Neumann and Morganstern axioms, 
imply that people do act as though they are maximizing 
something. This “something” is often referred to as a util- 
ity function. 





vampire number 

A natural number x that can be factorized as y x z in such 
a way that the number of occurrences of a particular digit 
in the representation of x in a given base (say 10) appears 
the same number of times in the representations in that 
same base of y and z together. For example, 2,187 is a 
vampire number since 2,187 = 21 x 87; similarly 136,948 
is a vampire because 136,948 = 146 x 938. Vampire num- 
bers are a whimsical idea that was introduced by Clifford 
Pickover in 1995.29) 


van der Pol, Balthazar (1889-1959) 

A Dutch electrical engineer who began the modern exper- 
imental study of dynamical systems in the 1920s and ’30s. 
Van der Pol discovered that electrical circuits employing 
vacuum tubes display stable oscillations, now called limit 
cycles, but that when these circuits are driven with a signal 
whose frequency is near that of the limit cycle, the periodic 
response shifts its frequency to that of the driving signal. 
The resulting waveform, however, can be quite compli- 
cated and contain a rich structure of harmonics and sub- 
harmonics. In 1927, van der Pol and his colleague van der 
Mark reported that an “irregular noise” was heard at certain 
driving frequencies between the natural entrainment fre- 
quencies. It’s now clear that, without realizing it, they had 
described one of the first experimental instances of chaos. 


vanishment puzzle 

A mechanical puzzle in which the total area of a collec- 
tion of pieces, or the number of items in a picture, appear 
to change following some manipulation. A well-known 
puzzle, first seen in 1868, involves an 8 x 8 square that is 
divided up into two triangles and two trapezoids. The 
pieces are reassembled into an oblong shape that mea- 
sures 5 x 13. Where did the extra bit of area come from? 
The answer is that final shape is not perfectly rectangular 
but instead has a narrow gap that runs the length of one 
of the diagonals. Most famous of all vanishment puzzles 
is Get off the Earth. 


variable 
An unknown that has no fixed quantitative value. 


vector 
A quantity that is specified by a number, indicating size 
or “magnitude,” and a direction; for example, “80 kilo- 
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meters per hour, heading due south.” More generally, a 
vector is any element of a vector space and is also a type 
of tensor. A vector is usually shown in a graph or other 
diagram as an arrow whose length and direction represent 
the vector’s magnitude and direction, respectively. In 
n-dimensional space, it is easy to deal with vectors alge- 
braically in the form of z-tuples, which are ordered lists 
(one-dimensional arrays) of m components. 


vector space 

Also known as a linear space, the most fundamental con- 
cept in linear algebra. It is a generalization of the set of 
all geometric vectors and is used throughout modern 
mathematics. Like the concepts of group, ring, and field, 
that of a vector space is entirely abstract. 


Venn diagram 

A simple way of representing sets and subsets, which 
makes use of overlapping circles. Venn diagrams are 
named after the Englishman John Venn (1834-1923), a 
fellow of Cambridge University. Venn was a cleric in the 
Anglican Church, an authority on what was then called 
“moral science,” the compiler of a massive index of all 
Cambridge alumni, and a rather mundane mathemati- 
cian who worked in logic and probability theory. The dia- 
grams he used for representing syllogisms appear to have 
been first called “Venn diagrams” by Clarence Irving in 
his book A Survey of Symbolic Logic in 1918. However, 
Venn was lucky to be so immortalized. Both Gottfried 
Leibniz and Leonhard Euler used very similar forms of 
representation many years earlier. 


vertex 

The point where two sides of a closed figure, or two sides 
of an angle, meet; otherwise known as a corner. A cube, 
for example, has eight vertices. 


vertex figure 

The polygon that appears if a polyhedron is truncated at 
a vertex. The vertex figure of a cube, for example, is an 
equilateral triangle. To ensure consistency, the truncation 
may be done at the midpoints of the edges. 


vertical-horizontal illusion 
Vertical lines looks considerably longer than horizontal 
ones of the same length. For centuries, it has been known 
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vertical-horizontal illusion 


that the height of trees and buildings is perceived to be 
greater than the horizontal distance between them. This 
may be because we live in gravity. Rotate the book and 
you will see that the vertical line in the diagram appears 
to shrink in relation to what was originally the horizontal 
line. See also distortion illusion. 


Vesica Piscis 

Literally “fish’s bladder,” the almond shape formed when 
two identical circles overlap so that the outside edge of 
each just touches the center of the other. The Vesica Piscis 
appears as the Christian fish symbol and also frequently 
in medieval art and architecture. Most significantly, it pro- 
vides the template for the pointed Gothic arch. 


Vickrey auction 

A silent auction in which the object being sold goes to 
the second-highest bidder. In a normal silent auction pro- 
spective buyers place their bids in sealed envelopes and 
the highest bid wins. This makes it risky for the seller 
because if the object is highly valuable and all buyers 
think they are the only ones who recognize this fact, they 
may offer much less than they think the object is actually 
worth. However, a Vickrey auction induces people to bid 
truthfully. Why? Because when all other bids are fixed 
and unknown to a given bidder, that bidder’s optimal 
strategy is to bid what she thinks the object is worth. Sup- 
pose Alice places a bid for an antique vase. Let V be the 
amount that Alice thinks the vase is actually worth, and 


B the bid that she actually makes. Let / be the maxi- 
mum of all other bids. If 17 is more than V, then Alice 
should set her bid B less than or equal to V, so that she 
does not get the vase for more than she thinks it is worth. 
If M is less than V, then Alice should set B= V, because if 
she bids any less, she will not get the vase any cheaper, 
and she may lose it altogether. 


vigesimal 

Of, relating to, or based on the number 20; the term 
comes from the Latin vigesimus for “twentieth.” Mayan 
arithmetic, which took account of all the toes as well as 
the fingers, used a vigesimal system. In place of the mul- 
tiples of 10 used in the decimal system: 1; 10; 100; 1,000; 
10,000, ..., the Mayans dealt in multiples of 20: 1; 20; 
400; 8,000; 160,000;.... 


vinculum 

The bar that is placed over repeating decimal fractions to 
indicate the portion of the pattern that repeats. In the 
original Latin, vinculum referred to a small cord for bind- 
ing the hands or feet. The symbol was once used in the 
same way that parentheses and brackets are now used to 
bind together a group of numbers or symbols. Originally 
the line was placed under the items to be grouped. What 
today might be written 7(3x + 4) the early users of the 
vinculum would write 3x + 4 7. Sometimes the horizon- 
tal fraction bar is called a vinculum as it binds the numer- 
ator and denominator into a single value. 


Vinogradov's theorem 

Every sufficiently large odd number can be expressed as 
the sum of three prime numbers. The theorem was 
named after the Russian mathematician Ivan Vinogradov 
(1891-1983) who proved it in 1937. This is a partial solu- 
tion of the Goldbach conjecture and is related to War- 
ing’s conjecture. 


Viviani’s curve 

The space curve that marks the intersection of the cylin- 
der (x— a)’ +.y? = a’ and the sphere x? +.’ +z’ = a’. It is 
given by the parametric equations: 


x=a(1+cos 2) 
yrasint 
z=2asin('2 s) 


Viviani’s theorem 

For a given point inside an equilateral triangle, the sum 
of the perpendicular distances from the point to the 
sides is equal to the height of the triangle. If the point is 
outside the triangle, the relationship still holds if one or 
more of the perpendiculars is treated as a negative value. 
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Viviani’s theorem generalizes to a regular -sided poly- 
gon: the sum of the perpendicular distances from an 
interior point to the x sides being ” times the apothem 
of the figure. The theorem is named for Vincenzo 
Viviani (1622-1703), a pupil of Galileo and Torricelli, 
who is also remembered for a reconstruction of a book 
on the conic sections of Apollonius and for finding a 
way of trisecting an angle through the use of an equi- 
lateral hyperbola. 


volume 
The measure of space occupied by a solid body. 


Volvox fractal 

A fractal that is similar in appearance to Volvox—a uni- 
cellular life form that lives in spherical colonies with 
thousands of members. 
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von Neumann, John (1903-1957) 


Young man, in mathematics you don’t understand 
things, you just get used to them. 


A Hungarian-American mathematician who made impor- 
tant contributions to set theory, computer science, eco- 
nomics, and quantum mechanics. He received a Ph.D. in 
mathematics from the University of Budapest and later he 
worked at the Institute for Advanced Study in Princeton. 
Theory of Games and Economic Behavior," which he co- 
authored with Oskar Morgenstern in 1944, is considered 
a seminal work in the field of game theory. Von Neu- 
mann devised the von Neumann architecture used in all 
modern computers and studied cellular automata (see cel- 
lular automaton) in order to construct the first examples 
of self-replicating automata, now known as von Neu- 
mann machines. Von Neumann had a mind of great 
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Voronoi diagram Top (left to right): Start from a grid of points. Draw lines that limit areas closest to the points of the grid. 

Bottom (left to right): Color the areas in some fashion. An infinite variety of patterns is possible. Jos Leys, wwwzosleys.com 













NE 


y, 


wt 
LE 





\7. 
TS 
S 


C1 
oS, 
mR 
ai 
iv 






A 
B 
SY 
H 
& 
S 
zs 
S 





LY 
ag 
eS 
ee 
ay) 
CS 
(h 
LY 
Cf: 
4) 
& 
i] 
as 







OY 
a 
IE 
za 
LA 






LX 
ae, 
/BeS 










2 
CS 
Wh) 

VX 
IS 
x) 
CaN 
> 
SS 
Cf) 
VA 
IS 
saeh 
ene 








CDS TITTLE 
Rontenetans 
XO 


TS 








RY 


ry 
OS 














ingenuity, nearly total recall of what he’d learned, immense 
arrogance, and a great love of jokes and humor.?*7! 


von Neumann machine 

(1) A model for a computing machine that uses a single 
storage structure to hold both the set of instructions 
on how to perform the computation and the data 


required or generated by the computation. John von 
Neumann helped to create the model as an example of 
a general-purpose computing machine. By treating the 
instructions in the same way as the data, the machine 
could easily change the instructions. In other words the 
machine was reprogrammable. (2) A self-replicating 
machine. In principle, if a machine (e.g., an industrial 
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robot) could be given enough capability, raw material, 
and instructions, then that robot could make an exact 
physical copy of itself. The copy would need to be pro- 
grammed in order to do anything. If both robots were 
reprogrammable, then the original robot could be 
instructed to copy its program to the new robot. Both 
robots would now have the capability of building copies 
of themselves. Since such a machine is capable of repro- 
duction, it could arguably qualify as a simple form of life. 


Voronoi diagram 

Also known as a Dirichlet tesselation, a partitioning of 
space into cells, each of which consists of the points 
closer to one particular object than to any others. More 
specifically, in two dimensions a Voronoi diagram con- 


sists of breaking up a plane containing points into 
convex polygons in such a way that each polygon con- 
tains exactly one point and every point in a given poly- 
gon is closer to its central point than to any other. 
Voronoi diagrams, their boundaries (known as medial 
axes), and their duals (called Delaunay triangulations) have 
been reinvented, given different names, generalized, 
studied, and applied many times over in many different 
fields. Voronoi diagrams tend to be involved in situations 
where a space should be partitioned into “spheres of 
influence”; examples include models of crystal and cell 
growth and protein molecule volume analysis. 


vulgar fraction 
See common fraction. 





walking in the rain problem 

The question is whether you get wetter by walking or run- 
ning a given distance through rain that is falling at a con- 
stant rate. An early appearance of this problem was in 
Bagley’s Paradox Pie (1944). A simple answer is that mov- 
ing faster is better. If the rain falls vertically and the den- 
sity of water in the air is assumed constant, then, no 
matter what your speed, you'll sweep out the same vol- 
ume and will always get the same amount of water hitting 
your front. However, running rather than walking will 
reduce the amount of water landing on your head. 


Wallis, John (1616-1703) 

The most influential English mathematician before Isaac 
Newton and an important contributor to the origins of 
calculus. He was a skilled linguist, was one of the first to 
proclaim in public Harvey’s discovery of the circulation 
of the blood, and had an extraordinary memory for 
figures. His Arithmetica Infinitorum was described as “the 
most stimulating mathematical work so far published in 
England” and introduced the symbol for infinity (see 
also aleph). It contained the germs of the differential cal- 
culus, and it suggested to Newton, who was delighted by 
it, the binomial theorem. 


Wallis formula 
See pi. 


wallpaper group 

Also known as a crystallographic group, a distinct way to 
tile the plane that repeats indefinitely in two dimen- 
sions; that is, a collection of two-dimensional symmetric 
patterns on a plane surface, containing two nonparal- 
lel translations (see periodic tiling). There are only 17 
kinds of these patterns, known as isometries (see isome- 
try), each uniquely identified by its translation and rota- 
tion symmetries, as discovered in the late nineteenth 
century by E. S. Fedorov and, independently, by the 
German A. M. Schoenflies and the Englishman William 
Barlow. Thirteen of the isometries include some kind of 
rotational symmetry, while four do not; twelve show rec- 
tangular symmetries, while five involve hexagonal sym- 
metries. Every two-dimensional repetitive pattern in 
wallpaper, textiles, brickwork, or the arrangement of 
atoms in a plane of a crystal is just a minor variation on 
one of these 17 patterns. 
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Wari 
See Mancala. 


Waring’s conjecture 

A hypothesis given, without proof, by the English math- 
ematician Edward Waring (1734-1798) in his Medita- 
tiones algebraicae (1770). It states that for every number k, 
there is another number s such that every natural number 
can be represented as the sum of s Ath powers. For exam- 
ple, every natural number can be written as a sum of 4 
squares, 9 cubes and so on. Waring’s conjecture was first 
proven in full by David Hilbert in 1909. 


weak inequality 
An inequality that permits the equality case. For exam- 
ple, a is less than or equal to (S) . 


Weierstrass, Karl Wilhelm Theodor (1815-1897) 

A German mathematician who is considered the father of 
modern analysis. Compelled by his father to study law, he 
instead spent four years at the University of Bonn, fencing, 
drinking, and reading math. He left under a cloud and 
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wallpaper group A pattern made from one of the wallpaper 
groups. Jos Leys, wwwjosleys.com 
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ended up teaching in secondary schools for many years. In 
1854 he published a paper, written 14 years earlier when 
he was fresh out of college, in Crelle’s Journal, on Abelian 
functions which completed work that Niels Abel and Karl 
Jacobi had begun. Its importance was immediately recog- 
nized and Weierstrass was appointed a professor at the 
Royal Polytechnic School and a lecturer at the University 
of Berlin. He went on to give the first rigorous definitions 
of limit, derivative, differentiability, and convergence, 
and investigated under what conditions a power series will 
converge. 


Weierstrass’s nondifferentiable function 

The earliest known example of a pathological function—a 
function that gives rise to a pathological curve. It was 
investigated by Karl Weierstrass, but had been first dis- 
covered by Bernhard Riemann, and is defined as: 


f@= » Ea oes 


The Weierstrass function is everywhere continuous (see 
continuity) but nowhere differentiable; in other words, 
no tangent exists to its curve at any point. Constructed 
from an infinite sum of trigonometric functions, it is the 
densely nested oscillating structure that makes the defin- 
ition of a tangent line impossible. 


weighing puzzles 
See measuring and weighing puzzles. 


weird number 
See abundant number. 


Wessel, Caspar (1745-1818) 

A Norwegian surveyor whose mathematical fame rests on 
a single paper, published in 1799, that gave the first geo- 
metrical interpretation of complex numbers. His prior- 
ity in this discovery, however, went unrecognized for 
many years. Thus what should really be called a Wessel 
diagram is known instead as an Argand diagram after the 
man whose work on the same subject, published in 1806, 
first came to the attention of the mathematical world. 
Wessel’s paper, by contrast, wasn’t noticed by the mathe- 
matical community until 1895 when the Danish mathe- 
matician Sophus Juel drew attention to it and, in the 
same year, Sophus Lie republished Wessel’s paper. Aston- 
ishingly, Wessel’s remarkable work was not translated 
into English until 1999—its bicentenary! 


Weyl, Hermann Klaus Hugo (1885-1955) 

A German mathematician (known as “Peter” to his close 
friends) whose work involved symmetry theory, topology, 
and non-Euclidean geometry. Weyl studied under David 


Hilbert at Géttingen. Then, as a colleague of Albert Ein- 
stein at Zurich 1913, he got involved with relativity theory 
and came to believe (erroneously) that he had found a way 
to unite gravity and electromagnetism. From 1923 to 1938 
he concentrated on group theory and made some impor- 
tant contributions to quantum mechanics. As the Nazi 
tide swept over Europe, Weyl came to the United States 
and spent the rest of his career at the Institute for 
Advanced Studies at Princeton. He said: “My work always 
tried to unite the truth with the beautiful, but when I had 
to choose one or the other, I usually chose the beautiful.” 
See also beauty and mathematics. 


wff 


A well-formed formula. 


what color was the bear? 

A hunter walks one mile due south, then one mile due 
east, then one mile north and arrives back at his starting 
point. He shoots a bear. What color was it? Such a trip is 
possible if the hunter starts from one of the geographical 
poles, then circumnavigates the sides of a spherical trian- 
gle (see elliptical geometry). Since there are no bears in 
Antarctica, the trip is assumed to have taken place in the 
Arctic where there are polar bears and thus the answer is 
“white.” Versions of this problem began to appear in the 
1940s. A closer examination reveals that there are many 
more points on the globe, other than an exact pole, from 
which the hunter could have begun his trek. One exam- 
ple is any point (of which there are an infinite number) 
on a circle drawn at a distance of slightly more than 1 + 
‘ox mile (about 1.16 miles) from a pole—“slightly more” 
because of Earth’s curvature. But this is not all. The 
hunter could also satisfy the conditions by starting at 
points closer to the pole, so that the walk east would 
carry him exactly twice around the pole, or three times, 
and so on. Of course, the bear would still be white 
(except that polar bears don’t live that far north!). 


wheat and chessboard problem 

According to one myth, chess was invented by Grand 
Vizier Sissa Ben Dahir and then given to King Shirham of 
India. The king was so pleased that he offered his subject 
a great reward in gold, but the wily vizier said that he 
would be happy merely to have some wheat: one grain for 
the first square of the chessboard, two grains for the sec- 
ond square, four for the third, and so on, doubling each 
time. The king thought this was a very modest request, 
granted it, and asked for a bag of wheat to be brought in. 
However the bag was emptied by the twentieth square. 
The king asked for another bag, but then realized that this 
entire bag was needed for the next square. In 20 more 
squares, as many bags would have been exhausted as there 
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Whitney's umbrella = Takashi Nishimura 


were grains in the first bag! The number of grains on the 
sixty-fourth square would have been 2°, and the total for 
the whole board 2“ — 1 = 18,446,744,073,709,551,615. 
This is more wheat than in the entire whole world; in fact, 
it would fill a building 40 km long, 40 km wide, and 300 
meters tall. See also Tower of Brahma. 


Whitney's umbrella 

A strange-looking, whimsically named geometrical object 
first studied by Hassler Whitney in the 1940s. It can be 
pictured as a self-intersecting rectangle in three dimen- 
sions. A pinch point, also known as a Whitney singularity or 
a branch point occurs at the top endpoint of the segment 
of self-intersection: every neighborhood of the pinch 
point intersects itself. 


Wiener, Norbert (1894-1964) 

An American mathematician who established the sub- 
ject of cybernetics. As a precocious youngster, Wiener 
hopped from subject to subject at college, finally earn- 
ing a Ph.D. in mathematics from Harvard at 19, before 
embarking on an even more erratic early career that took 
him into a variety of activities, including journalism. 
Having settled upon mathematical research, obtaining 
a post at the Massachusetts Institute of Technology in 
1919, he nevertheless continued to range across fields, 
from random processes, including ergodic theory (con- 
cerned with the onset of chaos in a system), to integral 
equations, quantum mechanics, and potential theory. 
Wartime work that involved applying statistical methods 
to control and communication engineering, led to him 
extending these studies into control and communication 
in complex electronic systems and in animals, especially 
humans-the science of cybernetics. 


Wiles, Andrew (1953-) 

The English mathematician who, in 1994, finally proved 
Fermat’s last theorem. Wiles studied at Oxford (B.A. 
1974) and Cambridge (Ph.D. 1977) and has held posts at 
Cambridge, Oxford, and Princeton. From the mid-1980s 
his work was focused on proving a proposition known as 
the Shimura-Taniyama conjecture, since from this, it had 
been shown, Fermat’s last theorem would follow. In 1993 
he gave a series of lectures at Cambridge University end- 
ing on June 23, 1993. At the end of the final lecture he 
announced he had a proof of Fermat’s last theorem. 
However, when the results were written up for publica- 
tion, a subtle error was found. Wiles worked hard for 
about a year, helped in particular by a colleague, R. Tay- 
lor, and by September 19, 1994, having almost given up, 
he decided to have one last try. As he recalled, “suddenly, 
totally unexpectedly, I had this incredible revelation. It 
was the most important moment of my working life... . 
[I]t was so indescribably beautiful, it was so simple and 
so elegant... [that] I just stared in disbelief for twenty 
minutes, then during the day I walked round the depart- 
ment. I’d keep coming back to my desk to see it was still 
there—it was still there.” 

In 1994 Wiles was appointed Eugene Higgins Professor 
of Mathematics at Princeton. His paper that proves Fer- 
mat’s last theorem is called “Modular elliptic curves and 
Fermat’s Last Theorem” and appeared in the Annals of 
Mathematics in 1995." 


Wilson's theorem 

Any number p is a prime number if, and only if, (p — 1)! 
+ 1 is divisible by p. We can easily check this for some 
small numbers: (2 — 1)! + 1 = 2, which is divisible by 2; 
(5 — 1)! + 1 = 25, which is divisible by 5; 9 - 1)!+1= 
40,321, which is not divisible by 9. The theorem is 
named for Sir John Wilson (1741-1793), who came 
across it (but left no formal proof) while he was a student 
at Peterhouse College, Cambridge. Wilson went on to 
become a judge and seems to have done little else in 
mathematics. The theorem was first published and 
named after Wilson by Edward Waring (1734-1798) 
around 1770. However, it is now clear that the result was 
known to Gottfried Leibniz and perhaps, much earlier to 
Ibn al-Haytham (965-1040). The first known proof was 
provided by Joseph Lagrange. 


winding number 
The number of times a closed curve in the plane passes 
around a given point in the counterclockwise direction. 


wine 
The creation of a fine wine may be a complex business, but 
it is not mathematically intractable according to a Cali- 
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fornian winemaker and businessman, Leo McCloskey, 
who runs a consulting firm. McCloskey’s formula takes 
into account color, fragrance, and flavor and attempts to 
predict wine quality two to three years in advance. The for- 
mula stems from a comparison of key chemical character- 
istics for a range of wines with what experts made of the 
final product. Putting this information into a database, 
McCloskey has claimed, enables the math of wine flavor 
to be derived. More than 50,000 wines were analyzed for 
the database but, in each case, only a handful of the 400 to 
500 constituent chemicals were considered crucial flags to 
future color, taste, and bouquet. The proportion of tan- 
nins and phenols is particularly crucial in determining a 
wine’s future, thus reducing the number of essential flags 
for an accurate mathematical model to just 10 or 20. With 
this system, McCloskey believes, he can predict what a 
wine will be like before it is bottled, giving winemakers the 
opportunity to modify the flavor if necessary. However, 
whether any wine formula can effectively take into ac- 
count the subjective impressions of the end user remains 
to be seen. See also bottle sizes. 


Witch of Agnesi curve 
See Agnesi. 


word puzzles 


— 


. What positive integer, when spelled out, has a 
Scrabble score equal to that integer? 

2. What is the only English word that ends in “mt?” 

3. Only four words in the English language end in 
“-dous.’ What are they? 

4. What is the shortest complete sentence in the 
English language? 

5. Name the only word (not including proper 
names) in the English language that has two “i” ’s 
together. 

6. Name a one-syllable word that becomes a three- 
syllable word by adding one letter to the end of it. 

7. What word begins and ends with “und?” 

Solutions begin on page 369. 


word trivia 


+ The hardest word to define briefly is thought to be the 
word mamihlapinatopai from the Fuegian language spo- 
ken by the natives of the Andaman Islands. Its simplest 
definition is “two people looking at each other without 
speaking hoping that the other will offer to do some- 
thing which both parties desire but neither are willing 
to do.” 


* No word in the English language rhymes with orange, 
silver, purple, or month. 


*The only 15-letter word that can be written without 
repeating a letter is uncopyrightable. 


* The combination “ough” can be pronounced in nine 
different ways. The following sentence contains them 
all: “A rough-coated, dough-faced, thoughtful plough- 
man strode through the streets of Scarborough; after 
falling into a slough, he coughed and hiccoughed.” 


Facetious and abstemious contain all the vowels in the 
correct order, as does arsenious, meaning “containing 
arsenic.” 


The longest word in the English language, according to 
the Oxford English Dictionary, is pneumonoultramicro- 
scopicsilicovolcanoconiosis. The only other word with the 
same amount of letters is its plural: puewmonoultrami- 
croscopicsilicovolcanoconioses. It means an infection of 
the lungs. 


The longest English word with one vowel is strengths. 


The “sixth sick sheik’s sixth sheep’s sick” is said to be 
the toughest tongue twister in the English language. 
Richard Millhouse Nixon was the first U.S. president 
whose name contains all the letters from the word 
criminal. 


In Scotland, a new game was invented. It was called 
Gentlemen Only Ladies Forbidden and thus the word 
GOLF entered the vocabulary. 


The longest English words that don’t use any of vowels 
a, €, i, 0, or u are “rhythm” and “syzygy.” 


The verb cleave is one of many English words with two 
synonyms which are antonyms of each other: adhere 
and separate. 


There is a seven letter word in the English language 
that contains ten words without rearranging any of its 
letters, therein: the, there, he, in, rein, her, here, ere, 
therein, herein. 


The longest English word that consists entirely of con- 
sonants is crwth, which is from the fourteenth century 
and means crowd. 


The word trivia comes from the Latin fi- + via, and 
means “three streets.” This is because in ancient times, 
at an intersection of three streets in Rome, they would 
have a type of kiosk where ancillary information was 
listed. You might be interested in it, you might not, 
hence they were bits of “trivia.” 


worldline 


The path of an object through space-time. On a Minkow- 
ski diagram, in which the three dimensions of space 
are represented by the horizontal axis and time is rep- 
resented by the vertical axis, worldlines appear as wig- 
gly curves extending from the past into the future. My 
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Worldline is the title of the autobiography of George 
Gamow, the Ukrainian-American physicist. 


Wundt illusion 

A distortion illusion devised by the German “father of 
experimental psychology,” and one-time assistant to the 
physicist Hermann von Helmholtz at Heidelberg, Wil- 
helm Wundt (1832-1920). In the figure, two horizontal 
lines are both straight, although they look as if they bow 
in at the middle. The distortion is induced by crooked 


lines on the background, as in Orbison’s illusion. The 
simplest of all distortion illusions—the vertical-horizontal 
illusion—was also discovered by Wundt. 


Wythoff's game 
A variation on the game of Nim suggested by W. A. 
Wythoff in 1907. It is played with two heaps of counters 
in which a player may take any number from either heap 
or the same number from both. The player who takes the 
last counter wins. 





x X-pentomino 
The most frequently used symbol for an unknown in an _—A pentomino, a five-square polyomino, in the shape of 
expression or equation. the letter X. 


X-axis 


The horizontal axis of a two-dimensional plot in Carte- 
sian coordinates. 
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yard 

A unit of distance equal to 3 feet (36 inches) or 0.9144 
meters. The name originates with the old German word 
gazdaz for a staff or stick, which could be used for mea- 
surement. This changed to gierd in Old English and even- 
tually to yard. The yard-arm of a sailing ship—a tapered 
spar used to support a square sail—harkens back to the 
earlier meaning. In France, the equivalent of the yard 
measure is called a “verge,” from the Latin virga for a stick 
or rod. 
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y-axis 
The vertical axis of a two-dimensional plot in Cartesian 
coordinates. 


yin-yang symbol 
See Great Monad. 


yocto-/yotta- 

The prefix yocto-, for 10™, derives from the Greek oktakis 
(“eight times”). The prefix yotta-, for 10%, comes from 
the same source. 





Zeller’s formula 

A formula invented by the German clergyman Christian 
Zeller (1824-1899) for figuring out the day of the week of 
a given date, without the need of tables. Let 


J be the century-number, 

K the last two digits in the year, 

e the residue, which remains when J is divided by 4, 
m the number of the month, 

q the day of the month, 

4 the number of the day of the week. 


Then A is the remainder that results when 
hb=q+26(m+1)/10+ K+ K/4 -2e 


is divided by 7. For the formula to work, January and Feb- 
ruary have to be taken as months 13 and 14 of the pre- 
ceding year. For example, Frederick the Great was born 
on 24 January 1712, so J = 17,e = 1, K = 11 (not 12 
because of the special way of numbering the months), 
m= 13, and q=24. Plugging these values into the formula, 
we get 


244+ 26(13 + 1)/104+ 11+11/4-2x1 
=71=70x1+1. 


The remainder 4 is 1, so Frederick the Great was born on 
the first day of the week, Sunday. 


Zenodorus (c. 180 B.c.) 

The Greek mathematician and philosopher who pro- 
posed in On Isometric Figures that the circle has the maxi- 
mum area of all isoperimetric figures in a plane, and that 
the sphere has the maximum volume of all bodies with 
equal surface. 


Zeno’s paradoxes 

A series of paradoxes posed by the philosopher Zeno of 
Elea (c. 490-c. 425 B.c.). Little is known about Zeno’s 
life. He was born in Elea (now Lucania) in southern Italy 
and was a friend and student of Parmenides. None of his 
writings survive but he is known to have written a book, 
which Proclus says contained 40 paradoxes. Four of 
these, which all concern motion, have had a profound 
influence on the development of mathematics. They are 
described in Aristotle’s great work Physics and are called 
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the Dichotomy, Achilles (and the Tortoise), the Arrow, 
and the Stadium. 

The Dichotomy argues that “there is no motion 
because that which is moved must arrive at the middle of 
its course before it arrives at the end.” In order to traverse 
a line segment it’s necessary to reach the halfway point, 
but this requires first reaching the quarter-way point, 
which first requires reaching the eighth-way point, and so 
on without end. Hence motion can never begin. This 
problem isn’t alleviated by the well-known infinite sum 
h+%+4e+...=1 because Zeno is effectively insisting 
that the sum be tackled in the reverse direction. What is 
the first term in such a series? 

Zeno’s paradox of Achilles is told by Aristotle in this 
way: “The slower when running will never be overtaken 
by the quicker; for that which is pursuing must first reach 
the point from which that which is fleeing started, so that 
the slower must necessarily always be some distance 
ahead.” Thus, Achilles, however fast he runs, will never 
catch the plodding Tortoise who started first. And yet, of 
course, in the real world, faster things do overtake slower 
ones. So how is the paradox to be solved? The German 
set theorist Adolf Frankel (1891-1965) is one of many 
modern mathematicians (Bertrand Russell is another) 
who have pointed out that 2,000 years of attempted 
explanations have not cleared away the mysteries of 
Zeno’s paradoxes: “Although they have often been dis- 
missed as logical nonsense, many attempts have also 
been made to dispose of them by means of mathematical 
theorems, such as the theory of convergent series or the 
theory of sets. In the end, however, the difficulties inher- 
ent in his arguments have always come back with a ven- 
geance, for the human mind is so constructed that it can 
look at a continuum in two ways that are not quite rec- 
oncilable.” 


zepto-/zetta- 

The prefix zepto-, for 10-', derives from the Greek hep- 
takis (“seven times”). The prefix zetta-, for 10”, comes 
from the same source. 


zero 

The integer, denoted 0, which, when used as a counting 
number, indicates that no objects are present. It is the 
only integer that is neither negative nor positive. Zero is 
both a number and a numeral. The number zero is the 
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size of the empty set but it is not the empty set itself, 
nor is it the same thing as nothing. The numeral or digit 
zero is used in positional number systems, where the 
position of a digit signifies its value, with successive 
positions having higher values, and the digit zero is used 
to skip a position. The earliest roots of the numeral 
zero stretch back 5,000 years to the Sumerians in 
Mesopotamia, who inserted a slanted double wedge 
between cuneiform characters for numbers, written posi- 
tionally, to indicate a number’s absence. The symbol 
changed over time as positional notation made its way to 
India, via the Greeks (in whose own culture zero made a 
late and only occasional appearance). Our word zero 


Zéllner illusion 


derives from the Hindi sunya for “void” or “emptiness,” 
through the Arabic sifr (which also gives us cipher), and 
the Italian zevero. As a number in its own right, aside 
from its use as a position marker, zero took a much 
longer time to become established, and even now is not 
equal in status to other numbers: division by zero is not 
allowed. 


zero divisors 
Nonzero elements of a ring whose product is 0. 


zero of a function 
See root. 
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zero-sum game 
In game theory, a game in which a win for one player 
results in an equal but opposite loss for the other players. 


zeta function 

A function that has certain properties and is calculated as 
an infinite sum of negative powers. The most commonly 
encountered zeta function is the Riemann zeta function. 


zigzag 

A general word for a type of curve that consists of several 
straight lines joined at points. A zigzag usually goes alter- 
nately from side to side. 


Z6llner illusion 

A line distortion illusion first published by the as- 
tronomer Johann Zéllner in 1860. The diagonal lines, 
although parallel, appear not to be. The illusion was one 
of a series specifically designed to cause errors in optical 


equipment of that time. They did cause errors, and also 
great concern among scientists over the validity of all 
human observations. See also Poggendorff illusion. 


zombie 

A hypothetical being that behaves like us and may share 
our functional organization and even, perhaps, our neu- 
rophysiological makeup, but lacks consciousness or any 
form of subjective awareness. The concept is used in dis- 
cussions of artificial intelligence. 


zone 
The portion of a sphere between two parallel planes. 


zonohedron 

A polyhedron in which the faces are all parallelograms 
or parallel-sided. The faces of a zonohedron can be 
grouped into zomes—encircling bands of faces which share 
a common edge direction (and length). 





References 


1. Abbott, Edwin A. Flatland: A Romance of Many 
Dimensions. London: Seely and Co., 1884. Reprint, Mine- 
ola, N.Y.: Dover, 1992. 

2. Abraham, R. M. Diversions and Pastimes. London: 
Constable & Co., 1933. Reprinted, 1964. 

3. Ackermann, A. S. E. Scientific Paradoxes and Problems. 
London, 1925. 

4. Adams, Douglas. Life, the Universe and Everything. 
New York: Harmony Books, 1982. 

5. Adams, Douglas. The Hitchhiker’s Guide to the Galaxy. 
New York: Ballantine, 1995. 

6. Ahrens, W. Mathematische Unterhaltungen und Spiele. 
Leipzig, Germany: Teubner, 1910. 

7. Ainley, Stephen. Mathematical Puzzles. London: Bell, 
1977. 

8. Allais, M. “Le comportement de homme rationnel 
devant le risque: Critique des postulats et axiomes de 
Pécole américaine.” Econometrica, 21: 503-546 (1953). 

9. Amthor, A., and B. Krumbiegel. “Das Problema 
bovinum des Archimedes.” Zeitschrift fiir Mathematik und 
Physik, 25: 121-171 (1880). 

10. Andrews, William S. Magic Squares and Cubes, 2nd 
ed. Mineola, N.Y.: Dover, 1960. 

11. Apéry, R. “Irrationalité de €(2) et €(3).” Astérisque, 
61: 11-13 (1979). 

12. Appel, K., and W. Haken. “The Solution of the 
Four-Color Map Problem.” Scientific American, 237: 108- 
121 (1977). 

13. ApSimon, Hugh. Mathematical Byways in Ayling, 
Beeling, and Ceiling. New York: Oxford University Press, 
1984. 

14. Argand, R. Essai sur une maniere de représenter les quan- 
tités imaginaires dans les constructions géométriques. Paris: 
Albert Blanchard, 1971. Reprint of the 2nd ed., published 
by G. J. Hoel in 1874. First published in 1806 in Paris. 

15. Arno, Steven. “A Note on Perrin Pseudoprimes.” 
Mathematics of Computation, 56(193): 371-376 (1991). 

16. Arrow, Kenneth. Social Choice and Individual Values. 
New York: John Wiley & Sons, 1951. 

17. Ascher, Marcia. Ethnomathematics: A Multicultural 
View of Mathematical Ideas. Pacific Grove, Calif.: Brooks/ 
Cole Publishing Co., 1991. 


359 


18. Avedon, Elliot M., and Brian Sutton-Smith. The 
Study of Games. New York: John Wiley & Sons, 1971. 

19. Averbach, Bonnie, and Orin Chein. Mathematics: 
Problem Solving through Recreational Mathematics. New York: 
W. H. Freeman, 1980. 

20. Bagley, William A. Puzzle Pie: A Unique Collection of 
Scientific Paradoxes, Posers and Oddities. London: Vawser 
and Wiles, 1944. 

21. Bailey, D. H., P. B. Borwein, and S. Plouffe. “On 
the Rapid Computation of Various Polylogarithmic Con- 
stants.” Mathematics of Computation, 66(218): 903-913 
(1997). 

22. Bakst, Aaron. Mathematical Puzzles and Pastimes. 
New York: Van Nostrand, 1954. 

23. Bakst, Aaron. Mathematics: Its Magic and Mystery, 
3rd ed. Princeton, N.J.: Van Nostrand, 1967. 

24. Ball, Walter William Rouse. Mathematical Recre- 
ations and Problems. London: Macmillan, 1892. (Ball, 
W. W. Rouse and H. S. M. Coxeter. Mathematical Recre- 
ations and Essays, 13th ed. Mineola, N.Y.: Dover, 1987.) 

25. Banchoff, Thomas F. Beyond the Third Dimension: 
Geometry, Computer Graphics, and Higher Dimensions. New 
York: W. H. Freeman, 1990. 

26. Barnsley, Michael. Fractals Everywhere, 2nd edition. 
San Francisco: Morgan Kaufmann, 1993. 

27. Bayer, D., and P. Diaconis. “Trailing the Dovetail 
Shuffle to Its Lair.” Annals of Applied Probability, 2(2): 
294-313 (1992). 

28. Beasley, John D. The Ins and Outs of Peg Solitaire. 
New York: Oxford University Press, 1985. 

29. Beckmann, P. A History of Pi, 3rd ed. New York: 
Dorset Press, 1989. 

30. Beiler, Albert H. Recreations in the Theory of Numbers. 
Mineola, N.Y.: Dover, 1964. 

31. Bell, A. H. “ ‘Cattle Problem.’ By Archimedes 251 
B.C.” American Mathematical Monthly, 2: 140 (1895). 

32. Bell, E. T. Men of Mathematics. New York: Simon & 
Schuster, 1937. 

33. Bell, Robbie, and Michael Cornelius. Board Games 
Round the World: A Resource Book for Mathematical Investi- 
gations. New York: Cambridge University Press, 1990. 

34. Benford, F. “The Law of Anomalous Numbers.” 


= 


360 References 





Proceedings of the American Philosophical Society, 78: 
551-572 (1938). 

35. Bergholt, E. Complete Handbook to the Game of Soli- 
taire on the English Board of Thirty-Three Holes. Routledge: 
London, 1920. 

36. Berlekamp, Elwyn R., John Horton Conway, and 
Richard K. Guy. Winning Ways for Your Mathematical 
Plays, 2 vols. New York: Academic Press, 1982. 

37. Berloquin, Pierre. Le Jardin du Sphinx. Paris: Dunod, 
1981. 

38. Berrondo, Marie. Mathematical Games. Englewood 
Cliffs, N.J.: Prentice Hall, 1983. 

39. Besicovitch, A. S. “On Kakeya’s Problem and a 
Similar One.” Mathematische Zeitschrift, 27: 312-320, 
(1928). 

40. Berry, Michael. “Quantum Physics on the Edge of 
Chaos.” New Scientist, 116: 44-47 (1987). 

41. Birtwistle, Claude. The Calculator Puzzle Book. New 
York: Bell Publishing Co., 1978. 

42. Blatner, David. The Joy of Pi. New York: Walker, 
1997. 

43. Blocksma, Mary. Reading the Numbers: A Survival 
Guide to the Measurements, Numbers, and Sizes Encountered 
in Everyday Life. New York: Viking Penguin, 1989. 

44. Blyth, Will. Match-Stick Magic, Puzzles, Games and 
Conjuring Tricks. London: C. A. Pearson Ltd., 1921. 

45. Bogoshi, J., Naidoo, K., and Webb, J. “The Oldest 
Mathematical Artifact.” Mathematical Gazette, 71: 458 
(1987). 

46. Bond, Raymond T. Famous Stories of Code and 
Cipher. New York: Rinehart & Co., 1947. 

47. Bondi, Hermann. “The Rigid Body Dynamics of 
Unidirectional Spin.” Proceedings of the Royal Society, 
A405: 265-274, 1986. 

48. Bord, Janet. Mazes and Labyrinths of the World. Lon- 
don: Latimer, 1976. 

49. Borel, Emile. Algebre et Calcul des Probabilites, vol. 
184. Paris: Comptes Rendus Academie des Sciences, 1927. 

50. Bouton, Charles L. “Nim, a Game with a Complete 
Mathematical Theory.” Annals of Mathematics, Series 2. 3: 
35-39, (1901-1902). 

51. Brams, S.J., and A. D. Taylor. “An Envy-Free Cake 
Division Protocol.” American Mathematical Monthly, 102: 
9-19 (1995). 

52. Brams, S. J., and A. D. Taylor. Fair Division: From 
Cake-Cutting to Dispute Resolution. New York: Cambridge 
University Press, 1996. 

53. Brandreth, Gyles. Numberplay. New York: Rawson, 
1984. 

54. Branges, L., de, “A Proof of the Bieberbach Con- 
jecture.” Acta Mathematica, 154: 137-152 (1985). 

55. Burger, Dionys. Sphereland: A Fantasy about Curved 


Spaces and an Expanding Universe. New York: Barnes & 
Noble, 1983. 

56. Cadwell, J. H. Yopics in Recreational Mathematics. 
New York: Cambridge University Press, 1966. 

57. Carroll, Lewis. Mathematical Recreations of Lewis Car- 
roll. 2 vols. Mineola, N.Y.: Dover, 1958. 

58. Carroll, Lewis. Symbolic Logic and the Game of Logic. 
2 vols. Mineola, N.Y.: Dover, 1958. 

59. Carroll, Lewis. Pillow Problems and A Tangles Tale. 
New York: Dover, 1958. 

60. Chaitin, G. J. “The Berry Paradox.” Complexity, 1: 
26-30 (1995). 

61. Chow, T. Y. “The Surprise Examination or Un- 
expected Hanging Paradox.” American Mathematical 
Monthly, 105: 41-51 (1998). 

62. Church, Alonzo. Introduction to Mathematical Logic. 
Princeton, N.J.: Princeton University Press, 1956. 

63. Clarke, Arthur C. The City and the Stars. New York: 
Harcourt, Brace, 1956. 

64. Coffin, Stewart T. The Puzzling World of Polyhedral 
Dissections. New York: Oxford University Press, 1990. 

65. Collins, A. Frederick. Fun with Figures. New York: 
D. Appleton & Co., 1928. 

66. Conway, J. H. “Mrs. Perkins’s Quilt.” Proceedings of 
the Cambridge Philosophical Society, 60: 363-368, 1964. 

67. Conway, John Horton. On Numbers and Games. 
New York: Academic Press, 1976. 

68. Conway, John Horton, and Richard K. Guy. The 
Book of Numbers. New York: Springer-Verlag, 1996. 

69. Conway, J. H., and S. P. Norton. “Monstrous 
Moonshine.” Bulletin London Mathematical Society, 11: 
308-339 (1979). 

70. Conway, J. H., and N. J. A. Sloane. “The Monster 
Group and its 196884-Dimensional Space” and “A Mon- 
ster Lie Algebra?” Chs. 29-30 in Sphere Packings Lattices, 
and Groups, 2nd ed. New York: Springer-Verlag, pp. 
554-571, 1993. 

71. Cooper, Necia Grant (ed.). From Cardinals to Chaos: 
Reflections on the Life and Legacy of Stanislaw Ulam. Cam- 
bridge: Cambridge University Press, 1989. 

72. Coxeter, H. S. M. Non-Euclidean Geometry. Toronto: 
The University of Toronto Press, 1942. 

73. Coxeter, H. S. M., M. S. Longuet-Higgins, and 
J.C. P. Miller. “Uniform Polyhedra.” Philosophical Transac- 
tions of the Royal Society of London, Series, A 246: 401-450, 
1954. 

74. Coxeter, H. S. M. Introduction to Geometry, 2nd ed. 
New York: John Wiley & Sons, 1969. 

75. Coxeter, H. S. M. Regular Polytopes, 3rd ed. New 
York: Dover, 1973. 

76. Coxeter, H. S. M., P. DuVal, H. T. Flather, and J. F. 
Petrie. The Fifty-Nine Icosabedra. Toronto: University of 


—p— 


References 361 





Toronto Press, 1938. Reprint, New York: Springer-Verlag, 
1982. 

77. Coxeter, H. S. M., M. Emmer, R. Penrose, and 
M. L. Teuber, (eds). M. C. Escher: Art and Science. New 
York: North-Holland, 1986. 

78. Cromwell, Peter R. Polyhedra. Cambridge: Cam- 
bridge University Press, 1997. 

79. Csaszar, Akos. “A polyhedron without diagonals.” 
Acta Univ Szegendiensis, Acta Scientia Math, 13: 140-142, 
1949. 

80. Cundy, H. Martyn, and A. P. Rollett. Mathematical 
Models, 3rd ed. Oxford: Clarendon Press, 1961; Diss, 
England: Tarquin Publications, 1981. 

81. Dewdney, A. K. The Planiverse: Computer Contact 
with a Two-dimensional World. New York: Simon & Schus- 
ter, 1984. 

82. Dickson, Leonard E. History of the Theory of Num- 
bers. 3 vol. London: Chelsea Pub. Co., 1919-23. Reprint, 
Providence, R.I.: American Mathematical Society, 1999. 

83. Domoryad, A. P. Mathematical Games and Pastimes. 
Elmsford, N.Y.: Pergamon Press, 1963. 

84. Dotzel, Gunter. “A Function to End All Functions.” 
Algorithm: Recreational Programming 2.4, 16-17 (1991). 

85. Doxiadis, Apostolos K. Uncle Petros and Goldbach’s 
Conjecture. New York: Bloomsbury, 2000. 

86. Dresner, Simon (ed.). Science World Book of Brain 
Teasers. New York: Scholastic Book Services, 1962. 

87. Dudeney, H. E. The Canterbury Puzzles. London: 
Nelson, 1907. Reprinted Mineola, N.Y.: Dover, 1958. 

88. Dudeney, H. E. Amusements in Mathematics. New 
York: Dover, 1917. Reprinted Mineola, N.Y.: Dover, 1958. 

89. Dudeney, Henry E. The World’s Best Word Puzzles. 
London: Daily News, 1925. 

90. Dudeney, H. E. 536 Puzzles and Curious Problems, 
ed. by Martin Gardner. New York: Charles Scribner, 1967. 

91. Edgeworth, R., Dalton, B. J., and Parnell, T. “The 
Pitch Drop Experiment.” European Journal of Physics, 5: 
198-200 (1984). 

92. Eiss, Harry Edwin. Dictionary of Mathematical 
Games, Puzzles, and Amusements. Westport, Conn.: Green- 
wood Press, 1988. 

93. Elffers, J. Tangram—The Ancient Chinese Puzzle. New 
York: Harry N. Abrams, 1979. 

94. Escher, M. C. The Graphic Work of M. C. Escher, New 
York: Ballantine, 1971. 

95. Ewing, John, and Kosniowski, Czes. Puzzle It Out: 
Cubes, Groups and Puzzles. New York: Cambridge Univer- 
sity Press, 1982. 

96. Fadiman, Clifton. Fantasia Mathematica: Being a set 
of stories, together with a group of oddments and diversions, all 
drawn from the universe of mathematics. New York: Simon 
and Schuster, 1958. 


97. Fadiman, Clifton. The Mathematical Magpie: Being 
more stories, mainly transcendental, plus subsets of essays, rhymes, 
music, anecdotes, epigrams and other prime oddments and diver- 
sions, rational or irrational, all derived from the infinite domain 
of mathematics. New York: Simon and Schuster, 1962. 

Federico, P. J. “The Melancholy Octahedron.” Mathe- 
matics Magazine, 45: 30-36, 1972. 

98. Filipiak, Anthony S. 100 Puzzles: How to Make and 
Solve Them. New York: A. S. Barnes, 1942. 

99. Filipiak, Anthony S. Mathematical Puzzles and Other 
Brain Twisters. New York: A. S. Barnes, 1964. 

100. Fink, Thomas M., and Yong Mao Mao. “Designing 
Tie Knots Using Random Walks.” Nature, 398: 31 (1999). 

101. Fisher, Adrian. Arian Fisher Maze Design Web 
site: http://www.mazemaker.com. 

102. Fisher, John (ed.). The Magic of Lewis Carroll. New 
York: Simon and Schuster, 1973. 

103. Foster, James E. Mathematics as Diversion. Astoria, 
IL: Fulton County Press, 1978. 

104. Fraser, James. “A new visual illusion of direction.” 
British Journal of Psychology, 2: 307-337 (1908). 

105. Frederickson, Greg N. Dissections: Plane and Fancy. 
Cambridge: Cambridge University Press, 1997. 

106. Frey, Alexander H., Jr., and David Singmaster. 
Handbook of Cubik Math. Hillside, N.J.: Enslow, 1982. 

107. Gamow, G., and M. Stern. Puzzle-Math. New York: 
Viking, 1958. 

108. Gardiner, M. Mathematical Puzzling. New York: 
Oxford University Press, 1987. 

109. Gardner, Martin. Mathematics, Magic and Mystery. 
Mineola, N.Y.: Dover, 1956. 

110. Gardner, M. Mathematical Puzzles and Diversions. 
New York: Simon and Schuster, 1959. 

111. Gardner, Martin, ed. The Mathematical Puzzles of 
Sam Loyd, 2 vols. Mineola, N.Y.: Dover, 1959. 

112. Gardner, M. The Second Scientific American Book of 
Mathematical Puzzles ¢~ Diversions. New York: Simon and 
Schuster, 1961. 

113. Gardner, Martin. “The Remarkable Lore of the 
Prime Numbers,” Scientific American, March 1964. 

114. Gardner, M. New Mathematical Diversions from Sci- 
entific American. New York: Simon and Schuster, 1966. 

115. Gardner, M. “Mathematical Games.” Scientific 
American, 237, 18-28, Nov. 1977. 

116. Gardner, Martin. Mathematical Magic Show: More 
Puzzles, Games, Diversions, Illusions and Other Mathematical 
Sleights-of-Mind from Scientific American. New York: Vin- 
tage, 1978. 

117. Gardner, Martin. The Ambidextrous Universe. New 
York: Charles Scribner’s Sons, 1978. 

118. Gardner, Martin. Mathematical Circus: More 
Games, Puzzles, Paradoxes, and Other Mathematical 


—p— 


362 References 





Entertainments from Scientific American. New York: Alfred 
A. Knopf, 1979. 

119. Gardner, Martin. Science Fiction Puzzle Tales. New 
York: Clarkson N. Potter, 1981. 

120. Gardner, Martin. Wheels, Life, and other Mathemat- 
ical Amusements. New York: W. H. Freeman, 1983. 

121. Gardner, Martin. Martin Gardner’s Sixth Book of 
Mathematical Diversions from Scientific American. Chicago: 
University of Chicago Press, 1983. 

122. Gardner, Martin. The Magic Numbers of Dr. Matrix. 
Buffalo, N.Y.: Prometheus Books, 1985. 

123. Gardner, M. Knotted Doughnuts and Other Mathe- 
matical Entertainments. New York: W. H. Freeman, 1986. 

124. Gardner, Martin. Riddles of the Sphinx And Other 
Mathematical Puzzle Tales. Washington, DC: Mathemati- 
cal Association of America, 1987. 

125. Gardner, Martin. Time Travel and Other Mathematt- 
cal Bewilderments. New York: W. H. Freeman, 1987. 

126. Gardner, Martin. Hexaflexagons and Other Mathe- 
matical Diversions. Chicago: University of Chicago Press, 
1988. 

127. Gardner, Martin. Penrose Tiles and Trapdoor 
Ciphers... and the Return of Dr. Matrix. New York: W. H. 
Freeman, 1989. 

128. Gardner, Martin. Mathematical Carnival. Washing- 
ton, D.C.: Mathematical Association of America, 1989. 

129. Gardner, Martin. Mathematical Magic Show. Wash- 
ington, D.C.: Mathematical Association of America, 1990. 

130. Gardner, M. Fractal Music, Hypercards, and More 
Mathematical Recreations from Scientific American Magazine. 
New York: W. H. Freeman, 1992. 

131. Gardner, Martin (introduction and notes). The 
Annotated Alice: Alice’s Adventures in Wonderland and 
Through the Looking Glass. New York: Random House, 
1998. 

132. Gasser, Ralph. “Solving Nine Men’s Morris.” 
Computational Intelligence, 12: 24-41 (1996). 

133. Gerver, J. L. “On Moving a Sofa Around a Cor- 
ner.” Geometriae Dedicata, 42: 267-283 (1992). 

134. Gillam, B. “Geometrical Illusions.” Scientific 
American, 242: 102-111 (Jan. 1980). 

135. Gleick, James. Chaos: Making a New Science. New 
York: Penguin, 1988. 

136. Golomb, S. W. “Checker Boards and Polyomi- 
noes.” American Mathematical Monthly, 61: 675-682 
(1954). 

137. Golomb, Solomon W. Polyominoes: Puzzles, Pat- 
terns, Problems, and Packings. New York: Charles Scrib- 
ners, 1965. Reprint, Princeton, NJ.: Princeton 
University Press, 1995. 

138. Gomme, Alice Bertha. Traditional Games of Eng- 
land, Scotland and Ireland. 2 vols. London: Thames and 
Hudson, 1894-1898. 


139. Gotze, Heinz. Castel del Monte, Geometric Marvel of 
the Middle Ages. New York: Prestel, 1998. 

140. Greenberg, Marvin J. Euclidean and non-Euclidean 
Geometries: Development and History. San Francisco: W. H. 
Freeman, 1974. 

141. Greenblatt, M. H. Mathematical Entertainments. 
London: George Allen and Unwin, 1968. 

142. Gregory, R. L. “Analogue Transactions with Adel- 
bert Ames.” Perception, 16: 277-282 (1987). 

143. Grunbaum, B., and G. C. Shephard. Tilings and 
Patterns. New York: W. H. Freeman, 1987. 

144. Guy, Richard K. Unsolved Problems in Number The- 
ory, 2nd ed. New York: Springer-Verlag, 1994. 

145. Guy, Richard K., and Robert E. Woodrow (eds). 
The Lighter Side of Mathematics: Proceedings of the Eugene 
Strens Memorial Conference on Recreational Mathematics and 
its History. Washington, D.C.: Mathematical Association 
of America, 1994. 

146. Haeckel, Ernst. Kunstformen der Natur (Art 
Forms in Nature). Leipzig, Wien: Bibliographisches Insti- 
tut 1899-1904. Reprinted Mineola, N.Y.: Dover, 1974. 

147. Haldeman-Julius, E. Problems, Puzzles and Brain- 
Teasers. Girard, KS: Appeal to Reason, 1937. 

148. Hall, Trevor H. Old Conjuring Books. London: 
Duckworth, 1972. 

149. Hankins, Thomas L. Sir William Rowan Hamilton. 
Baltimore: Johns Hopkins University Press, 1980. 

150. Hardy, G. H. Ramanujan: Twelve Lectures on Sub- 
jects Suggested by His Life and Work. London: Cambridge 
University Press, 1940. 

151. Hardy, G. H. A Mathematician’s Apology. London: 
Cambridge University Press, 1940. 

152. Hargrave, Catherine Perry. A History of Playing 
Cards and a Bibliography of Cards and Gaming. New York: 
Houghton Mifflin, 1930. Reprint, New York: Dover, 
1966. 

153. Harmer, G. P., and D. Abbott. “Losing Strategies 
Can Win by Parrondo’s Paradox.” Nature, 402: 864 
(1999). 

154. Hartley, Miles C. Patterns of Polyhedra. Ann Arbor, 
MI: Edwards Brothers, 1957. 

155. Heafford, Philip. The Math Entertainer. New York: 
Vintage Press, 1983. 

156. Heinlein, Robert. “And He Built a Crooked 
House,” in Isaac Asimov (ed.) Where Do We Go From Here? 
New York: Doubleday, 1971. 

157. Heinzelin, J., de, “Ishango.” Scientific American, 
206(6): 105-116 (Jun. 1962). 

158. Held, Richard (ed.). Image, Olject and Illusion. San 
Francisco: W. H. Freeman, 1974. 

159. Henderson, Linda Dalrymple. The Fourth Dimen- 
sion and Non-Euclidean Geometry in Modern Art. Princeton, 
N,J.: Princeton University Press, 1983. 


—p— 


References 363 





160. Hendricks, John R. “Magic Tesseracts and N- 
Dimensional Magic Hypercubes.” Journal of Recreational 
Mathematics. 6(3) (Summer 1973). 

161. Hendricks, John R. “Black and White Vertices of a 
Hypercube.” Journal of Recreational Mathematics, 11(4), 
1978-1979. 

162. Hendricks, John R. “Magic Hypercubes.” Win- 
nipeg, Canada: self-published pamphlet, 1988. 

163. Hendricks, John R. “Images from the Fourth 
Dimension.” Winnipeg, Canada: self-published pam- 
phlet, 1993. 

164. Hill, T. P. “The First Digit Phenomenon.” Ameri- 
can Scientist, 86: 358-363 (1998). 

165. Hilton, Peter, and Jean Pedersen. Build Your Own 
Polyhedra. New York: Addison Wesley, 1988. 

166. Hinton, Charles Howard. A New Era of Thought. 
London: Swan Sonnenschein, 1888. 

167. Hinton, Charles Howard. The Fourth Dimension. 
London: Allen & Unwin, 1904. 

168. Hodges, Andrew, and Douglas Hofstadter. Alan 
Turing: The Enigma. New York: Walker & Co., 2000. 

169. Hoffman, Paul. Archimedes’ Revenge: The Joys and 
Perils of Mathematics. New York: W. W. Norton, 1988. 

170. Hoffman, Paul. The Man Who Loved Only Num- 
bers: The Story of Paul Erdos and the Search for Mathematical 
Truth. New York: Hyperion, 1998. 

171. Hoffmann, Professor (Angelo Louis). Puzzles Old 
and New. London: Frederick Warne, 1893. Reprint, L. 
Edward Hordern, 1993. 

172. Hofstadter, Douglas R. Gédel. Escher, Bach: An 
Eternal Golden Braid. New York: Basic Books, 1999. 

173. Hogben, Lancelot. Mathematics for the Million. 
New York: W. W. Norton, 1933. 

174. Holden, Alan. Shapes, Spaces and Symmetry. New 
York: Columbia University Press, 1971. Reprint, Mine- 
ola, N.Y.: Dover, 1991. 

175. Hordern, Edward. Shiding Piece Puzzles. New York: 
Oxford University Press, 1986. 

176. Hovis, R. Corby, and Helge Kragh. “P. A. M. 
Dirac and the Beauty of Physics.” Scientific American, 
268(5): 104-109, May 1993. 

177. Ingham, A. E. “On Two Conjectures in the Theory 
of Numbers.” American Journal of Mathematics, 64: 
313-319 (1942). 

178. Ittelson, W. H., and F. P. Kilpatrick. “Experiments in 
Perception.” Scientific American, 185(2), 50-55, August 1951. 

179. Jackson, John. Rational Amusement for Winter 
Evenings. London: Longmans & Co., 1821. 

180. Jayne, Caroline Furness. String Figures and How to 
Make Them: A Study of Cat’s-Cradle in Many Lands. New 
York: Dover, 1975. 

181. Jones, John Winter. Riddles, Charades, and Conun- 
drums. London, 1821. 


182. Jones, Samuel Isaac. Mathematical Nuts for Lovers 
of Mathematics. Nashville, 1932. 

183. Kadesch, Robert R. Math Menagerie. New York: 
Harper & Row, 1970. 

184. Kanigal, Robert. The Man Who Knew Infinity: A 
Life of the Genius Ramanujan. New York: Scribner, 1991. 

185. Kapur, J. N. The Fascinating World of Mathematics. 3 
vols. New Delhi, India: Mathematical Sciences Trust 
Society, 1989. 

186. Kasner, Edward, and James R. Newman, Mathe- 
matics and the Imagination. New York: Simon and Schus- 
ter, 1940. 

187. King, T. The Best 100 Puzzles Solved and Answered. 
Slough, England: W. Foulsham & Co., 1927. 

188. Kirkman, T. P. “On a Problem in Combinatorics.” 
Cambridge and Dublin Math. J., 2: 191-204 (1847). 

189. Klarner, David A., ed. The Mathematical Gardner. 
Boston: Prindle, Weber and Schmidt, 1981. 

190. Klarner, David A., ed. Mathematical Recreations: A 
Collection in Honor of Martin Gardner. New York: Dover, 1998. 

191. Knuth, Donald. Surreal Numbers: How Two Ex- 
Students Turned On to Pure Mathematics and Found Total 
Happiness. Reading, Mass.: Addison-Wesley, 1974. 

192. Korner, T. W. The Pleasures of Counting. Cam- 
bridge: Cambridge University Press, 1997. 

193. Kraitchik, Maurice. Mathematical Recreations. New 
York: Norton, 1942. 

194. Krasnikov, S. V. “Causality Violations and Para- 
doxes.” Physical Review D, 55(6): 3427-30 (1997). 

195. Langley, E. M. “Problem 644.” Mathematical 
Gazette, 11: 173, 1922. 

196. Langman, H. Play Mathematics. New York: Hafner, 
1962. 

197. Lausmann, Raymond F. Fun With Figures. New 
York: McGraw-Hill, 1965. 

198. Lavine, S. Understanding the Infinite. Cambridge, 
Mass.: Harvard University Press, 1994. 

199. Lehman, R. S. “On Liouville’s Function.” Mathe- 
matics of Computation, 14: 311-320, 1960. 

200. Licks, H. E. Recreations in Mathematics. New York: 
D. Van Nostrand, 1921. 

201. Lindgren, Harry. Geometric Dissections. New York: 
Van Nostrand Reinhold, 1964. 

202. Lindgren, Harry. Recreational Problems in Geometri- 
cal Dissections and How to Solve Them. New York: Dover 
Publications, 1972. 

203. Lines, Malcolm. Think of a Number. New York: 
Adam Hilger, 1990. 

204. Littlewood, J. E. A Mathematician’s Miscellany. 
London: Methuen and Co., 1953. 

205. Livio, Mario. The Golden Ratio: The Story of Phi, the 
World’s Most Astonishing Number. New York: Broadway 
Books, 2002. 


—p— 


364 References 





206. Locher J. L., ed. M. C. Esher: His Life and Complete 
Graphic Work. New York: Abradale Press, 1982. 

207. Loyd, Sam. Sam Loyd’s Cyclopedia of 5000 Puzzles, 
Tricks, and Conundrums. 1914. Reprint, New York: Pinna- 
cle, 1976. 

208. Loyd, Sam. Sam Loyd’s Picture Puzzles with An- 
swers. Brooklyn: S. Loyd, 1924. Reprint, Ontario, Canada: 
Algrove, 2000. 

209. Lucas, Edouard. Récréations Mathématiques, 4 vols. 
Paris: Gauthier-Villars et fils, 1881-1894. Reprinted by 
Paris: A. Blanchard, 1960-1974. 

210. MacMahon, Alexander: New Mathematical Pas- 
times. Cambridge: Cambridge University Press, 1921. 

211. Madachy, Joseph S$. Mathematics on Vacation. New 
York: Charles Scribner’s, 1966. Republished as Madachy’s 
Mathematical Recreations. New York: Dover, 1979. 

212. Manning, H. P. Geometry of Four Dimensions. New 
York: Dover, 1956. 

213. Manning, H. P. The Fourth Dimension Simply Ex- 
plained. New York: Dover, 1960. 

214. Maor, E. To Infinity and Beyond: A Cultural History 
of the Infinite. Boston, Mass.: Birkhauser, 1987. 

215. Maor, E. e: The Story of a Number. Princeton, N)J.: 
Princeton University Press, 1994. 

216. Martin, G. “Absolutely abnormal numbers.” 
American Mathematical Monthly, 108: 746-754, 2001. 

217. Matijasevic, Yu. V. “Solution of the Tenth Problem 
of Hilbert.” Matematikai Lapok, 21: 83-87 (1970). 

218. Matijasevic, Yu. V. Hilbert’s Tenth Problem. Cam- 
bridge, Mass.: MIT Press, 1993. 

219. Matthews, W. H. Mazes ¢ Labyrinths: A General 
Account of Their History and Development. London: Long- 
mans, Green and Co., 1922. Reprint, New York: Dover, 
1970. 

220. Maxwell, E. A. Fallacies in Mathematics. New York: 
Cambridge University Press, 1959. 

221. Meeus, J., and P. J. Torbijn. Polycubes. Paris: Cedic, 
1977. 

222. Melzak, Z. A. Companion to Concrete Mathematics. 
2 vols. New York: John Wiley, 1973, 1976. 

223. Mercer, J. W., et al. “Solutions to Langley’s 
Adventitious Angles Problem.” Mathematical Gazette, 11: 
321-323, 1923. 

224. Mosteller, F. Fifty Challenging Problems in Probabil- 
ity with Solutions, Reading, Mass.: Addison-Wesley, 1965, 
#47; “Mathematical Plums,” edited by Ross Honsberger, 
pp. 104-110. 

225. Mott-Smith, Geoffrey. Mathematical Puzzles for 
Beginners and Enthusiasts, 2nd rev. ed. New York: Dover, 1954. 

226. Moyer, Ann E. The Philosophers’ Game: Rithmo- 
machia in Medieval and Renaissance Europe. Ann Arbor, 
Mich.: University of Michigan Press, 2001. 


227. Murray, H. J. R. History of Chess. Oxford: Claren- 
don Press, 1913. 

228. Murray, H. J. R. A History of Board-Games Other 
than Chess. Oxford: Clarendon Press, 1952. 

229. Nasar, Sylvia. A Beautiful Mind: A Biography of 
John Forbes Nash, Jr. New York: Simon & Schuster, 1998. 

230. Neumann, J. von, and Morgenstern, O. Theory of 
Games and Economic Behavior. New York: Wiley, 1964. 

231. Neville, E. H. The Fourth Dimension. Cambridge: 
Cambridge University Press, 1921. 

232. Newcomb, S. “Note on the Frequency of the Use 
of Digits in Natural Numbers.” American Journal of Math- 
ematics, 4: 39-40, 1881. 

233. Newing, Angela. “The Life and Work of H. E. 
Dudeney.” Mathematical Spectrum, 21: 37-44 (1988- 
1989). 

234. Northrop, Eugene P. Riddles in Mathematics. A 
Book of Paradoxes. Princeton, N.J.: Van Nostrand, 1944. 

235. O’Beirne, T. H. Puzzles and Paradoxes: Fascinating 
Excursions in Recreational Mathematics. Mineola, N.Y.: 
Dover, 1984. 

236. Ogilvy, C. Stanley. Zomorrow’s Math: Unsolved 
Problems for the Amateur, 2nd ed. New York: Oxford Uni- 
versity Press, 1972. 

237. Olivastro, Dominic. Ancient Puzzles. New York: 
Bantam, 1993. 

238. Panofsky, Erwin. The Life and Art of Albrecht Durer, 
Princeton, N.J.: Princeton University Press, 1955. 

239. Pardon, G. F. Parlour Pastimes: A Repertoire of Act- 
ing Charades, Fire-Side Games, Enigmas, Riddles, Etc. Lon- 
don, 1868. 

240. Pennick, Nigel. Mazes and Labyrinths. London: 
Robert Hale, 1990. 

241. Penrose, L. S., and R. Penrose. “Impossible Ob- 
jects: A Special Type of Illusion,” British Journal of Psy- 
chology, 49: 31, 1958. 

242. Penrose Roger. The Emperor’s New Mind. New 
York: Oxford University Press, 1989. 

243. Péter, Rozsa. Playing with Infinity: Mathematical 
Explorations and Excursions. Mineola, N.Y.: Dover, 1976. 

244. Peterson, Ivars. The Mathematical Tourist: Snapshots 
of Modern Mathematics. New York: W. H. Freeman, 1988. 

245. Peterson, Ivars. Islands of Truth: A Mathematical 
Mystery Cruise. New York: W. H. Freeman, 1990. 

246. Peterson, Ivars. The Jungles of Randomness: A Math- 
ematical Safari. New York: Wiley, 1997. 

247. Peterson, Ivars. The Mathematical Tourist: New and 
Updated Snapshots of Modern Mathematics. New York: 
W. H. Freeman, 1998. 

248. Peterson, Ivars. Mathematical Treks: From Surreal 
Numbers to Magic Circles. Washington, D.C.: Mathemati- 
cal Association of America, 2001. 


—p— 


References 365 





249. Phillips, Hubert. Journey to Nowhere: A Discursive 
Autobiography. London: Macgibbon & Kee, 1960. 

250. Phillips, Hubert. My Best Puzzles in Mathematics. 
Mineola, N.Y.: Dover, 1961. 

251. Phillips, Hubert. My Best Puzzles in Logic and Rea- 
soning. Mineola, N.Y.: Dover, 1961. 

252. Picciotto, Henri. Pentomino Activities. Mountain 
View, Calif: Creative Publications, 1986. 

253. Pickover, Clifford. Keys to Infinity. New York: 
W. H. Freeman, 1995. 

254. Pickover, Clifford. Surfing Through Hyperspace. 
New York: Oxford University Press, 1999. 

255. Pickover, Clifford A. Wonders of Numbers: Adven- 
tures in Mathematics, Mind, and Meaning. Oxford: Oxford 
University Press, 2001. 

256. Pickover, C. A. The Zen of Magic Squares, Circles, 
and Stars: An Exhibition of Surprising Structures across 
Dimensions. Princeton, N.J.: Princeton University Press, 
2002. 

257. Poole, D. G. “The Towers and Triangles of Profes- 
sor Claus (or, Pascal Knows Hanoi).” Mathematics Maga- 
zine, 67: 323-344 (1994). 

258. Poundstone, William. The Recursive Universe. New 
York: William Morrow, 1984. 

259. Poundstone, William. Prisoner’s Dilemma: John Von 
Neumann, Game Theory and the Puzzle of the Bomb. New 
York: Doubleday, 1992. 

260. Quine, W. V. O. “On a So-Called Paradox.” 
Mind, 62: 65-67 (1953). 

261. Rabinowitz, Stanley. Index to Mathematical Prob- 
lems 1980-1984. Westford, Mass.: Mathpro Press, 1992. 

262. Rademacher, Hans, and Otto Toeplitz. The Enjoy- 
ment of Mathematics: Selections from Mathematics for the Ama- 
teur. Princeton, N,J.: Princeton University Press, 1957. 

263. Raimi, R. A. “The Peculiar Distribution of First 
Digits.” Scientific American, 221: 109-119 (Dec. 1969). 

264. Ransom, William R. One Hundred Mathematical 
Curiosities. Portland, Maine: Weston Walch, 1955. 

265. Read, Ronald C. Tangrams: 330 Puzzles. Mineola, 
N.Y.: Dover, 1965. 

266. Ribenboim, P. Catalan’s Conjecture. Boston, Mass.: 
Academic Press, 1994. 

267. Robbin, Tony. Fourfield: Computers, Art, and the 
Fourth Dimension. Boston: Little, Brown, 1992. 

268. Robertson, J., and Webb, W. Cake-cutting Algo- 
rithms. Natick, Mass.: A. K. Peters, 1998. 

269. Rossi, Hugo. “Mathematics Is an Edifice, Not a 
Toolbox.” Notices of the AMS, 43(10) (Oct. 1996). 

270. Rubik, Erno, et al. Rubik’s Cubic Compendium. New 
York: Oxford University Press, 1987. 

271. Rucker, Rudolf v.B. Geometry, Relativity, and the 
Fourth Dimension. New York: Dover, 1977. 


272. Rucker, R. (ed). Speculations on the Fourth Dimension: 
Selected Writings of C. H. Hinton. New York: Dover, 1980. 

273. Rucker, Rudy. The Fourth Dimension. Boston: 
Houghton Mifflin, 1984. 

274. Rucker, Rudy. Mind Tools. Boston: Houghton Mif- 
flin, 1987. 

275. Rucker, Rudy. Infinity and the Mind. Princeton, 
N,J.: Princeton University Press, 1995. 

276. Russell, Bertrand. Bertrand Russell Autobiography. 
New York: Routledge, 1992. 

277. Saaty, T. L., and P. C. Kainen. The Four-Color Prob- 
lem: Assaults and Conquest. New York: Dover, 1986. 

278. Sallows, L. C. F. “Alphamagic squares.” Abacus 4 
(No. 1): 28-45, 1986. 

279. Sallows, L. C. F. “Alphamagic squares, part II”. 
Abacus 4 (No. 2): 20-29, 43, 1987. 

280. Sallows, L. C. FE. “Alphamagic squares.” In The 
Lighter Side of Mathematics: Proceedings of the Eugene Strens 
Memorial Conference on Recreational Mathematics and Its 
History, R. K. Guy and R. E. Woodrow, eds. Washington, 
D.C.: Mathematical Association of America, 1994. 

281. Sanford, Vera. A Short History of Mathematics. 
Boston, Mass.: Houghton Mifflin, 1930. 

282. Scarne, John. Scarne’s New Complete Guide to Gam- 
bling. New York: Simon and Schuster, 1986. 

283. Schaaf, William Leonard. A Bibliography of Recre- 
ational Mathematics. 4 vols. Washington, D.C.: National 
Council of Teachers of Mathematics, 1955-78. 

284. Schattschneider, Doris. M. C. Escher: Visions of 
Symmetry. New York: W. H. Freeman, 1990. 

285. Scheick, William J. “The Fourth Dimension in 
Wells’s Novels of the 1920s.” Criticism, 20: 167-190, 1978. 

286. Schrauf, M., B. Lingelbach, E. Lingelbach, and 
E. R. Wist. “The Hermann Grid and the Scintillation 
Effect.” Perception, 24, suppl. A: 88-89, 1995. 

287. Schreiber, P. “A New Hypothesis on Durer’s Enig- 
matic Polyhedron in His Copper Engraving ‘Melencholia 
l’,” Historia Mathematica, 26: 369-377, 1999. 

288. Schubert, Hermann. Mathematical Essays and 
Recreations. Thomas J. McCormack, trans. Chicago: Open 
Court, 1899. 

289. Schubert, Hermann. Mathematische Mussestunden. 
Walter de Gruyter, 1940. First published 1900? (German). 

290. Schubert, Hermann. Mathematische Mussestunden 
IT. Berlin: G. J. Goshen’sche, 1909. 

291. Schuh, Fred. The Master Book of Mathematical 
Recreations. Mineola, N.Y.: Dover, 1968. 

292. Searle, John R. “Minds, Brains and Programs” in 
The Brain and Behavioral Sciences, vol. 3. Cambridge: 
Cambridge University Press, 1980. 

293. Senechal, M. Quasicrystals and Geometry. New 
York: Cambridge University Press, 1995. 


—p— 





366 References 





294. Shepherd, Walter. For Amazement Only. New York: 
Penguin, 1942. Reprinted as Mazes and Labyrinths: A Book 
of Puzzles. New York: Dover, 1961. 

295. Simon, William. Mathematical Magic. New York: 
Charles Scribner’s, 1964. 

296. Singh, Simon. Fermat’s Enigma: The Epic Quest to 
Solve the World’s Greatest Mathematical Problem. New York: 
Walker & Co., 1997. 

297. Singmaster, David. Notes on Rubik’s ‘Magic Cube. 
Hillside, N.J.: Enslow, 1981. 

298. Singmaster, David. Sources in Recreational Mathe- 
matics: An Annotated Bibliography, 7th prelim, ed. Unpub- 
lished. 

299. Skewes, S. “On the difference m(x) — li(x).” Journal 
of the London Mathematical Society, 8: 277-283 (1933). 

300. Slocum, Jerry. Compendium of Mechanical Puzzles. 
3rd ed. Slocum and Haubrich, 1977. 

301. Slocum, Jerry. The Tangram Book: The Story of the 
Chinese Puzzle with Over 2000 Puzzles to Solve. New York: 
Sterling, 2003. 

302. Smith, David Eugene. Number Stories of Long Ago. 
Washington, D.C.: National Council of Teachers of 
Mathematics, 1919. 

303. Smith, David Eugene. A Source Book in Mathemat- 
ics. 2 vols. New York: McGraw-Hill, 1929. 

304. Smullyan, Raymond M. What Is the Name of This 
Book? The Riddle of Dracula and Other Logical Puzzles. 
Englewood Cliffs, N.J.: Prentice Hall, 1978. 

305. Smullyan, Raymond M. The Chess Mysteries of 
Sherlock Holmes. New York: Alfred A. Knopf, 1979. 

306. Smullyan, Raymond. This Book Needs No Title: 
A Budget of Living Paradoxes. Englewood Cliffs, N.J.: 
Prentice-Hall, 1980. 

307. Smullyan, Raymond M. The Lady or the Tiger? And 
Other Logic Puzzles. New York: Alfred A. Knopf, 1982. 

308. Smullyan, Raymond M. Alice in Puzzleland. New 
York: William Morrow, 1982. 

309. Smullyan, Raymond M. Yo Mock a Mockingbird. 
New York: Alfred A. Knopf, 1985. 

310. Smullyan, Raymond M. Forever Undecided: A Puz- 
zle Guide to Godel. New York: Alfred A. Knopf, 1987. 

311. Smullyan, Raymond. The Tao is Silent. New York: 
HarperCollins, 1992. 

312. Soddy, F. “The Kiss Precise.” Nature, 137: 1021, 
1936. 

313. Sprague, Roland. Recreation in Mathematics. Mine- 
ola, N.Y.: Dover, 1963. 

314. Stein, M. L., S. M. Ulam, and M. B. Wells. “A 
Visual Display of Some Properties of the Distribution of 
Primes.” American Mathematical Monthly, 71: 516-520, 
1964. 

315. Steinhaus, H. “Sur la division pragmatique.” 
Ekonometrika (Supp.), 17: 315-319, 1949. 


316. Steinhaus, Hugo. Mathematical Snapshots. 3rd rev. 
ed. New York: Dover, 1983. 

317. Stewart, Ian. Does God Play Dice: The New Mathe- 
matics of Chaos. Cambridge, Mass.: Basil Blackwell, 1989. 

318. Stewart, Ian. Game, Set, and Math: Enigmas and 
Conundrums. Cambridge, Mass.: Basil Blackwell, 1989. 

319. Stewart, Ian. “Tales of a Neglected Number.” Sci- 
entific American, 274: 102-103 (Jun. 1996). 

320. Stewart, Ian. “Unilluminable Rooms.” Scientific 
American, 275(2), 100-103 (Aug. 1996). 

321. Stewart, Ian and Cohen, Jack Cohen. Figments of 
Reality. Cambridge: Cambridge University Press, 1997. 

322. Stewart, Ian. “Cone with a Twist.” Scientific Amer- 
ican, 281: 116-117 (Oct. 1999). 

323. Stewart, Ian. Flatterland: Like Flatland Only More 
So. New York: Perseus, 2001. 

324. Stromberg, K. “The Banach-Tarski Paradox.” 
American Mathematical Monthly, 86: 3, 1979. 

325. Stubbs, A. Duncan. Miscellaneous Puzzles. Lon- 
don: Frederick Warne, 1931. 

326. Struik, Dirk Jan, ed. A Source Book in Mathematics 
1200-1800. Princeton, NJ.: Princeton University Press, 
1969. 

327. Strutt, Joseph. The Sports and Pastimes of the People of 
England. London: J. White, 1801. 

328. Stuwe, M. Plateau’s Problem and the Calculus of Vari- 
ations. Princeton, N.J.: Princeton University Press, 1989. 

329. Swade, Doron. The Difference Engine: Charles Bab- 
bage and the Quest to Build the First Computer. New York: 
Viking, 2000. 

330. te Riele, H. J. J. “On the Sign of the Difference 
T(x) — Li(x).” Mathematics of Computation, 48: 323-328 
(1987). 

331. Thom, R. Structural Stability and Morphogenesis: An 
Outline of a General Theory of Models. Reading, Mass.: 
Addison-Wesley, 1972. 

332. Thompson, d’Arcy W. On Growth and Form. Cam- 
bridge: Cambridge University Press, 1917. (Reprint, New 
York: Dover, 1992.) 

333. Thorpe, Edward O. Beat the Dealer, rev. ed. New 
York: Random House, 1966. 

334. Tokarsky, George W. “Polygonal Rooms Not Illu- 
minable from Every Point.” American Mathematical 
Monthly, 102(10): 867-879, 1995. 

335. Toole, Betty A. (ed.). Ada, the Enchantress of Num- 
bers: A Selection from the Letters of Lord Byron’s Daughter and 
Her Description of the First Computer. Mill Valley, Calif: 
Strawberry Press, 1998. 

336. Tormey, Alan and Tormey, Judith Farr. “Renais- 
sance Intarsia: The Art of Geometry.” Scientific American, 
247: 136-143, July 1982. 

337. Turing, A. M. “On Computable Numbers, with an 
Application to the Entscheidungsproblem.” Proceedings 


—p— 


References 367 





of the London Mathematical Society, Series 2, 42: 230-265, 
1937. 

338. Turney, P, “Unfolding the Tesseract.” Journal of 
Recreational Mathematics, 17(1): 1-16, 1984-1985. 

339. Underwood, Dudley. “The First Recreational 
Mathematics Book.” Journal of Recreational Mathematics, 
3, 164-169, 1970. 

340. Van Cleve, James. “Right, Left, and the Fourth 
Dimension.” The Philosophical Review, 96: 33-68 (1987). 

341. Vardi, I. “Archimedes” Cattle Problem.” American 
Mathematical Monthly, 105: 305-319 (1998). 

342. Vardi, Ilan. Computational Recreations in Mathemat- 
ica. Redwood City, Calif:: Addison-Wesley, 1991. 

343. Wagon, S. The Banach-Tarski Paradox. New York: 
Cambridge University Press, 1993. 

344. Waller, Mary D. Chladni Figures: A Study in Sym- 
metry. London: G. Bell & Sons, 1961. 

345. Watson, G. N. “The Problem of the Square Pyra- 
mid.” Messenger of Mathematics, 48: 1-22 (1918-1919). 

346. Weisstein, Eric W. The CRC Concise Encyclopedia of 
Mathematics. Boca Raton, Fla.: CRC Press, 1998. 

347. Wells, David Graham. Hidden Connections, Double 


Meanings: A Mathematical Exploration. Cambridge: Cam- 
bridge University Press, 1988. 

348. Wells, David. The Penguin Dictionary of Curious and 
Interesting Geometry. London: Penguin Books, 1991. 

349. Wells, David. The Penguin Book of Curious and Inter- 
esting Mathematics. New York: Penguin, 1997. 

350. Wells, Kenneth. Wooden Puzzles and Games. New 
York: Sterling Publications, 1983. 

351. Weyl, Hermann. Symmetry. Princeton, N).: 
Princeton University Press, 1952. 

352. White, Alain C. Sam Loyd and His Chess Problems. 
Leeds, England: Whitehead & Miller, 1913. 

353. Wiles, A. “Modular Elliptic-Curves and Fermat’s 
Last Theorem.” Annals of Mathematics, 141: 443-551, 1995. 

354. Williams, W. T., and Savage, G. H. The First Pen- 
guin Problems Book. New York: Penguin Books, 1940. 

355. Wyatt, Edwin Mather. Puzzles in Wood. Milwau- 
kee, Wis.: Bruce Publishing Company, 1928. 

356. Yan, Li, and Du, Shiran. Chinese Mathematics: A 
Concise History. Oxford: Oxford University Press, 1988. 

357. Zaslavsky, Claudia. Africa Counts. Brooklyn, N.Y:: 
Lawrence Hill Books, 1973. 





Solutions to Puzzles 


abracadabra 

To solve this problem, redraw the diamond and replace 
every letter on the outside top half of the diamond with 
a 1 and every other point in the diamond with a dot. This 
gives 


Next, replace each of the dots, starting at the top, with 
the sum of the two numbers in the northwest and north- 
east positions, so that the pyramid now starts 


13 3 1 


After you have worked your way down to the very bot- 
tom, the bottom number in the diamond is the answer to 
Polya’s problem: 252. 


age puzzles and tricks 
1. 18. 
2. 162 (Mary is 2714). 


alphametic 
L. 67432 (EARTH) 
704 (AIR) 
8046 (FIRE) 


+ 97364 (WATER) 


173546 (NATURE) 
A=7,E=6, F=8,H=2,1=0,R=4,T=3, W=9 
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127503 (SATURN) 
502351 (URANUS) 
3947539 (NEPTUNE) 

+ 46578 (PLUTO) 


4623971 (PLANETS) 
,L=6,N=3,0=8, P=4,R=0,8 





1, 





Ul ‘oO 


862903 (MARTIN) 
+ 1627342 (GARDNER) 


2490245 (RETIRES) 
,D=7,E=4,G=1,1=0,M=8, N=3, R=2, 





anagram 
1. Wolfgang Amadeus Mozart. 
2. Thomas Alva Edison. 
3. William Shakespeare. 


Carroll, Lewis 


1. There is as much water in the milk/water mixture as 
milk in the water/milk mixture. 


2. There are 30 ways of painting the cube. If the restric- 
tion that each face be painted a different color is 
dropped, there are 2,226 ways of painting the cube. 


3. FOUR > FOUL > FOOL => FOOT => FORT 
FORE — FIRE > FIVE 
Alternatively: 
FOUR > POUR > POUT > ROUT > ROUE 
ROVE > DOVE = DIVE —> FIVE 
(Thanks to my editor, Stephen Power, for this one.) 





> 





> 


. Carroll didn’t have an answer in mind when he 
wrote the riddle, though he later came up with: 
“Because it can produce a few notes, though they 
are very flat; and it is nevar put wrong end in front!” 
(Note the variant spelling of “never.”) Other authors 
have come up with: “Because Poe wrote on both” 


= 
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(Sam Loyd); “Because it slopes with a flap” (Cyril 
Pearson); and “Because both have quills dipped in 
ink” (David Jodrey). 


clock puzzles 


1. Approximately 27 minutes and 42 seconds (exactly 
360/13 minutes) after 6. 


2. The stopped clock, because it will give the right time 
twice a day, whereas the other is only correct approx- 
imately every two years. 


3. The positions of the hands shown in the illustration 
could only indicate that the clock stopped at 44 min. 
51 1,143/1,427 sec. after eleven o’clock. The second 
hand would next be “exactly midway between the 
other two hands” at 45 min. 52 496/1,427 sec. after 
eleven o’clock. If we had been dealing with the 
points on the circle to which the three hands are 
directed, the answer would be 45 min. 22 106/1,427 
sec. after eleven; but the question applied to the 
hands, and the second hand would not be between 
the others at that time, but outside them. 


cone 
The simple rule is that the cone must be cut at one-third 
of its height. 


de Morgan, Augustus 
43 (the only number that, when squared, gives a number 
between the years of de Morgan’s birth and death). 


domino 

No! Suppose it were possible to totally cover the modi- 
fied chessboard with nonoverlapping dominos. In any 
complete tiling, every domino must cover exactly one 
white square and one black square. Thus the modified 
board must have exactly the same number of black and 
white squares. But the two removed squares, from diago- 
nally opposite corners of a chessboard, must be same 
color. Since there can’t be the same number of white 
squares and black squares on the modified board it must 
be impossible to tile the modified board with nonover- 
lapping dominos. 


hundred fowls problem 

Using the two equations to eliminate C, gives the equa- 
tion 7R + 4H= 100. R must be less than 15 (since 7 x 15 = 
105). Trial-and-error shows that values of R that allow 
whole number values of H are 4, 8, and 12, from which it 
follows that the three possible solutions to the problem 
are 4 roosters, 18 hens, and 78 chicks; 8 roosters, 11 hens, 
and 81 chicks; and 12 roosters, 4 hens, and 84 chicks. 


kinship puzzles 
1. Your son. 
2. Sons of two men who married each other’s mothers. 


3. The party consisted of two girls and a boy, their father 
and mother, and their father’s father and mother. 


measuring and weighing puzzles 

The innkeeper first filled the 5-pint and 3-pint measures, 
then turned the tap on the barrel and allowed the rest of 
its contents to run to waste. He closed the tap and emp- 
tied the 3-pint into the barrel; filled the 3-pint from the 5- 
pint; emptied the 3-pint into the barrel; transferred the 2 
pints from the 5-pint to the 3-pint; filled the 5-pint from 
the barrel, leaving 1 pint now in the barrel; filled the 3- 
pint from the 5-pint; allowed the company to drink the 
contents of the 3-pint; filled the 3-pint from the 5-pint, 
leaving 1 pint now in the 5-pint; drank the contents of the 
3-pint; and finally drew off 1 pint from the barrel into the 
3-pint. He now had 1 pint of ale in each measure! 


missing dollar problem 

There is no missing dollar (of course!). Adding $27 and 
$2 (to get $29) is a bogus operation. They paid $27, $2 
went to the dishonest waiter, and $25 went to the restau- 
rant. You have to subtract $27 minus $2 to get $25. There 
never was a $29; it has nothing to do with anything. 


Mrs. Perkins’s quilt 
The following diagram shows how the quilt should be 
made. 





























The solution of Mrs. Perkins’s quilt. 
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In Amusements in Mathematics, Dudeney writes: “There is, 
I believe, only one solution to this puzzle. The fewest 
separate squares must be eleven. The portions must be of 
the sizes given, the three largest pieces must be arranged 
as shown, and the remaining group of eight squares may 
be ‘reflected, but cannot be differently arranged.” 


nine rooms paradox 

One of the two customers who is initially placed in room 
A, whom we refer to as the “first” customer, is later trans- 
ferred to room I and treated as if he were also the tenth 
customer! 


postage stamp problems 

Dudeney gives the solution to his “The Four Postage 
Stamps” problem as follows: “[T]he four stamps may be 
given in the shape 1, 2, 3, 4, in three ways; in the shape 1, 
2, 5, 6, in six ways; in the shape 1, 2, 3, 5, or 1, 2, 3, 7, or 
1, 5, 6, 7, or 3, 5, 6, 7, in twenty-eight ways; in shape 1, 2, 
3, 6, or 2, 5, 6, 7, in fourteen ways; in shape 1, 2, 6, 7, or 
2, 3, 5, 6, or 1, 5, 6, 10, or 2, 5, 6, 9, in fourteen ways. 
Thus there are sixty-five ways in all.” 


probability theory 
1. There are four possibilities: 
Oldest Child Youngest Child 
1. Gurl Gul 
2. Girl Boy 
3. Boy Girl 
4. Boy Boy 


If your friend says “My oldest child is a girl,” he has elim- 
inated cases 3 and 4, and in the remaining cases both are 
girls 14 of the time. If your friend says “At least one of my 
children is a girl,” he has eliminated case 4 only, and in 
the remaining cases both are girls 44 of the time. 


2. There are six possible bullet configurations (B = bul- 
let, E = empty): 


BBBEEE ~ player 1 dies 
EBBBEE - player 2 dies 
EEBBBE ~ player 1 dies 
EEEBBB - player 2 dies 
BEEEBB  ~ player 1 dies 
BBEEEB ~ player 1 dies 


One therefore has a *4 probability of winning (and a 
probability of dying) by shooting second. 


Pythagorean square puzzle 


Pythagorean puzzle solution. 


river-crossing problem 

The missionaries (M) can avoid being eaten by the canni- 
bals (C) if the crossings of the river and the returns are 
arranged as follows. Crossing #1: 1M + 1C; return #1: 
1M; crossing #2: 2C; return #2: 1C; crossing #3: 2M; 
return #3: 1M + 1C; crossing #4: 2M; return #4: 1C; 
crossing #5: 2C; return #5: 1C; crossing #6: 2C. 


word puzzles 
(1) T,W,E,L,V.E:. 
(2) Dreamt. 


(3) Tremendous, horrendous, stupendous, and haz- 
ardous. 


(4) lam. 
(5) skiing 
(6) “Are” by an adding an “a” becomes “area.” 


(7) underground. 
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9:1 Magnetic Longwire Balun / Unun 


Completed 9:1 UnUn 
These are sometimes known as a Magnetic Longwire Balun. |ts really an impedance transformer (9:1) to 
feed a high impedance, end fed (unbalanced) random wire which is likely to be a few hundred ohms, and 
transform it into something closer to a 50Q (unbalanced) coaxial input, hence UnUn. It can however also be 
used as a balun by not grounding the other half of the balanced output. The toroid is a T130-2 lron Powder 
core, with 3 x 9 turns of 18SWG enammeled copper wire, and the connections can be seen below. 
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4500 
To Wire Antenna 












500 
To Radio 
or Tuner 


Ground Rod or 
9:1 UnUn - John M@UKD Counterpoise 


The triple winding connections. 8 turns is shown here, but more turns is preferred. 10 would be ideal. 


End Fed 
Antenna 







Al 


Pri: 1 turn 

AQ Sec: 3 turn 

B1 1:3 turns ratio 

1:9 impedance ratio 
502 to 4502 


Ground 9:1 UnUn - MoUKD.com 


9:1 UnUn Schematic 
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Completed windings 





Ground 


The completed unit. 
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1:1 Voltage Balun for HF wire dipoles 


Heres a neat 1:1 50 ohm balun for use on HEF horizontal wire dipoles. It uses an AM radio ferrite rod, with 
3x14 turns of wire. 10-14 turns should be good for 2-30MHz. | used 18SWG enammeled copper wire. It all 
fits in a small project box. Great for setting up portable. For 20 metres, | started with 6 metres of wire per 
element, and trimmed each down until it has minimum S.W.R. | managed to get a 1:1.1 S.W.R. on my 
desired frequency. Bandwidth from the resonant frequency is about 200KHz either way, any more needs an 
ATU. The wire and ferrite core | had already, the box, terminal plugs and SO-239 came to about £6. The 
balun can also be built on a ferrite toroid such as an FT140-43 or FT240-43. 





1:1 ferrite rod voltage balun 
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S00. 
Unbalanced 


S50 
Balanced 


1:1 Voltage Balun on Ferrite Rod - MOUKD 


Bandwidth may be increased by more spacing between each trifilar turn. | didn’t have room on this tiny ferrite rod, but it 
performs OK. 
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[0-15 kribiler kurns on ferrite rod. 
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SO] ® 
Unbalanced 


S02. 
, Balanced 


1:1. voltage balun ("Ruthroff") 


Schematic Diagram 
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End Fed Half Wave Antenna Coupler (EFHW) 
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The finished End Fed Half Wave antenna coupler. 


Centre fed half wave dipoles make great, simple and effective antennas for the HF bands. Sometimes 
however, the centre feed is not ideal, for example when you want to use it as a vertical. Being able to feed 
the dipole from one end gives you more options on how to erect an antenna and makes portable operation 


easier. A vertical, a Sloper, a piece of wire hung in a hedge are all good examples. A ground mounted half 
wave vertical has a peak radiation angle of 20°, so it makes a good choice for DX 


| have been experimenting with feeding end fed half wave antennas matched by a parallel tuned circuit 
coupler. This article will explain my findings and reasons for constructing it the way | did 


A dipole can be fed anywhere along its length. A centre feed gives around 70Q. A ‘Windom’ type off centre 
fed dipole (fed 38% along its length) provides around a 200Q feed. The feed impedance at the very end of a 
half wave is thousands of ohms, usually somewhere between 20000 to 5000Q, which we need to match to 
our 50Q transceiver. The problem with end feeding a half wave Is also its advantage. The high impedance 
means that the feedpoint has a very high voltage but low current, therefore very little ground is required. A 


very small counterpoise should be adequate from 7 to 30MHz, or you can even use the coax and transceiver 
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Below is the schematic of the final build. | 


End Fed 
Half Wave T1 
Pri: 2t 
Sec: 16t (1.5) 
1:8 turns ratio 
1:64 impedance ratio 
50Q to 32009 
T1 
15-350pf : 500 
® Counterpoise / 
Coax Ground 
Switch 
Counterpoise 


7-30MHz End Fed Haif Wave Coupler - MOUKD.com 


End Fed Half Wave Antenna Coupler Schematic — 7-30MHz 


For calculating the length of a half wave in metres, | use 141+f (MHz) for wire elements. These dimensions 
were derived from modelling the antenna in EZNEC. | have found this calculation to work well, however it 
depends on many factors such as wire used, location etc. | have made a javascript calculator below for 
simplicity with a 15m half wave ready to go! 


Enter the frequency: 21.25 MHz 


Calculate 
LIAIF AVATAR AWntARWAA iA | RAAteAR 
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21.2 MHz 


1.062 


Freq 
SWR 
Z 


3015 at 0.11 deg. 


3015 + j 5.808 ohms 


ReflCoeff 0.02984 at 178.15 deg. 


-0.02983 + j 0.0009624 


RetLoss 30.5dB 
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will be much narrower 
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Current along the half wave. Notice how the feedpoint is not quite 
as high impedance as the top of the antenna. 


First off, construction will be a juggle between available components and the desired band coverage. | had a 
capacitor that | wanted to use, which is a Johnson 154-2 air variable capacitor, with a range of 15-353pf. | 
would like to cover 7 to 30MHz with my coupler if possibe, so the next thing | needed to design was an 
inductor that would resonate in a parallel LC circuit at just above 30MHz when the capacitor is at 

minimum. Using this Resonant LC Calculator, | worked out that an inductance of 1.5uH will resonate at 
about 33MHz when the capacitor is at 15pf and 6.9MHz when the capacitor is at its maximum of 353pf. 
Sounds perfect to me! If you have a smaller value capacitor, for example 200pf maximum, it should still 
cover 1OMHZ to 30MHz. A switch could be added to add a further capacitance of 150-200pf to 

include 7MHz operation. 


So, lets build the secondary transformer inductor first. | wanted to transform 50Q to around 3000Q. This 
would require a 1:8 turns ratio. Impedance transformation is calculated by squaring the secondary turns ratio 
(note ratio, not actual turns) 8? is 64. 50x64=32000 (our input impedance x 87). | looked at using a T200- 





6 iron powder toroid, but the problem was 1.5uH required on/y 12 turns. As | wanted a 1:8 turns ratio (fora 
1:64 impedance ratio), | needed a primary of 1.33 turns, which was going to be impossible. | could have 
made it 16 turns and a 2 turn primary, but then the inductance would be too large for 30MHz. 


So, | decided to use an air wound transformer. This way, | can build it with a 16 turn secondary, and at the 
inductance | wanted by altering the diameter and/or length of the coil. Using this Air Inductance Calculator, 
| worked out that a 19mm diameter, 52mm long, 16 turn inductor should give an inductance of 1.5uH, so this 


tn vailat TF Av ilt 
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Winding the secondary inductor 


Once it was wound, | tested it on an LC meter, which confirmed it was around 1.5uH. You can expand or 
contract the inductor to fine tune the impedance to suit. The importance is that it remains 16 turns to match 
with the 2 turn primary. | then wound the primary coil, which had to be a slightly larger diameter so that it 


could fit over the secondary coil and provide inductive coupling. You can see the finished 2 turn primary and 
16 turn secondary below. 





The completed inductors. They have their differences, but | will make them a happy ‘couple’! 
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secondary and a terminal block glued to a small block of MDF for the primary. The coax is soldered to the 
primary, the terminal block is just to hold it in place. There is a counterpoise connection on the side, the 
antenna connection on the front and the capacitor, SO239 and counterpoise/coax ground switch on the rear. 
Some photos of the completed unit are below. 





The completed End Fed Half Wave Coupler 
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The tuning control, SO239, ground switch and on the right, the counterpoise connection. 


i. 
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this is due to extra stray capacitance. | tuned the coupler to resonance into a resistor (in my case 3.2kQ) so 
a 1:1 SWR was obtained on my chosen frequency of 21.25MHz, then | removed the resistor and attached 
the half wave antenna (6.65m) and counterpoise (66cm) from the above calculator. Without adjusting the 
variable capacitor, | had a 1:1 SWR. This confirmed that | had a resonant half wave and that | was feeding it 
at or very close to the peak voltage point and the feed impedance was around 32002. | found that a small 
counterpoise was required. Sometimes, the stray capacitance to ground was good enough on its own, 
especially on the higher bands and if the coupler was laying on the ground. If its all away from ground, | get 
consistent results using the above setup. | have had good success also by using the coax as the return, by 
connecting the ‘bottom’ of the primary and secondary together via a switch to use the coax shield and 
transceiver as a counterpoise. 


You may be able to adjust the capacitor to match the antenna if its not a perfect half wave, but then it will be 
a higher current feed and the simple ground system will be inadequate. The coupler will also not be working 
as it was designed and will be inefficient, generating heat. The coupler is a tuned impedance transformer, 
not an antenna ‘tuning’ unit. Stick to the above, and it should be a sure thing! 
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A half wave vertical for 21MHz. 6.65 metres of wire on a 9 metre fibreglass pole. The coupler is mounted 2 





metres up and attached to the top of the fence. The 67cm counterpoise just hangs down in free air. 


Below is a short video from my second test with the coupler, here on 17m. 
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END FED 6—40 Meter Multiband HF Antenna 


Introduction 


This EARC project produces an inexpensive, multiband, end fed HF antenna matchbox that is 
quick and easy to setup and use. The end fed feature adds portable convenience, but does 
present another issue. The problem with an end fed half wave antenna is that the antenna 
presents high impedance, creating a significant miss match with the usual transceiver 
impedance of 50 ohms. This miss match is significantly greater than typical tuners can 
accommodate without a matching transformer. 


This project creates a trifilar wound, 9:1 UNUN (unbalance to unbalance) toroid matching 
transformer that will match the high input impedance of an end fed antenna into the range where 
most antenna tuners can produce good performance. The matchbox handles 100 watts of 
power. This project requires an antenna tuner to achieve satisfactory SWR. lf you need an 
auto tuner, we recommend the LDG line of auto tuners, shown to work well with these matchbox 
antennas, and highly rated by users. They are reasonably priced and available at most ham 
stores. 


The matchbox project uses readily available common hardware and materials listed below. 


Matchbox Parts List 


small plastic enclosure (shown right) 

powdered iron toroid T130-2 

20” pieces of 18 AWG solid insulated copper wire in red, green, and black 

# 8-32 x 3/4” hex head machine screws 

# 8 lock washers 

# 8 ring wire lugs 

# 8 flat washers 

# 8 lock washer/nut combination 

# 8 wing nut 

SO-239 panel mount connector to fit keyed enclosure opening 
1 
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30’ # 18 AWG insulated stranded wire antenna with ring lug attached Small 
amount of clear silicone caulk to secure toroid in place 


Preparing the MATCHBOX Plastic Enclosure 


The enclosure needs one 5/8” hole for the SO-239 
connector, and one 11/64” hole for the counterpoise wing 
nut on the lower side of the enclosure. An 11/64” hole on 
the upper right side of the box facilitates antenna connector 
mounting. 


TOROID WINDING 


First, wind the three 20” pieces of insulated solid wire onto 
the toroid. Place the wires as shown green-black-red, and 
wrap the toroid 9 turns so that it looks like the photo on the 
right. Notice there are three wires extending from the left 
winding and three wires extending from the right winding. 
As the connections are completed, the steps refer to the 
specific wires by left or right and color. 





NOTE: Count turns by counting the number of times the 
wire goes thru the toroid center. 


Crimp together and solder the left black wire with the 
right red wire When the step is completed, it will look 
like the right photo. 


The next three steps should appear as shown in the first 
photo on page 3. Crimp and solder a_ #8 lug to the Jeft 
red wire about 2” from the toroid. The completed lug will 
later connect to the antenna connection bolt on the 
upper inside of the enclosure. 


Twist the left green wire with the right black wire. Strip 
the ends of the two wires and twist together at about 2”. 
This twisted pair will solder to the center connection of 
the SO-239 connector in a later step. 





Trim and strip the remaining right green wire at about 2”. Cut an additional 2” piece of green 
wire, and crimp and solder both wires to a # 8 lug. The 2” green wire will connect to the ground 
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connector on the SO-239 already installed in the enclosure. Strip remaining green wire end 
3/8” and bend into a hook for 
connection to the SO-239 
ground connector. 


The SO-239 connector and 
ground lug should be installed 
through the keyed hole in the 
lower right with the mounting 
nut securely tightened. 


Solder the green and black 
twisted pair to the SO-239 
center connector. Solder the 
green wire hook to the ground 
lug on the SO-239 connector. 





From inside the box, place an 
8-32 machine screw through 
a lock washer, the # 8 lug on 
the green wire, then through 
the lower 11/64” mounting 
hole. Place a flat washer on 
the outside protruding 
machine screw followed by # 
8 lock washer/nut and tighten 
securely. Place a # 8 wing 
nut on the machine screw to 
finish the counterpoise 
connector. 





Position the toroid inside the box to allow connection of the red 
antenna wire lug to an 832 machine screw and lock- washer on the 
upper box side. Place a flat washer on the outside of the box followed 
with a # 8 lock washer/nut. Tighten the nut securely. Next, place the 
wing nut on the antenna connector and your project appears as 
shown above. 


A small spot of clear silicone compound is used to secure the toroid from movement in the 
enclosure. The final assembly step is to secure the box cover in place with four screws. 


Preparing the Antenna Wire 


Matchbox performance will be determined by two factors: The length of the antenna wire, and 
the capability of the tuner. The length of the antenna wire should be between 24 and 60 feet for 
best performance. Additional counterpoise is not normally required, as the coax shield provides 
the counterpoise function. Wires longer than 60 feet may have excessive impedance for some 
tuners to properly match. Wires shorter than 24 feet may not radiate as effectively. A 30 foot 
insulated 18 gauge stranded wire antenna and connecting lug is included with the project and 
should meet most requirements without need for any counterpoise. 


Experience has shown that most external tuners and some internal tuners will tune 80-6 meters 
with an antenna length of 24’ to 30’. If a longer antenna is desired, the provided antenna can be 
lengthened. 


Some tuners, in particular internal tuners, may not tune the full 80-6 meter range. You may 
need to try different wire lengths to optimize your antenna configuration. If you are having 
difficulty getting your rig to tune, start with a 26’ wire. This should produce good results on at 
least 40-6 meters using the narrowest performance range of internal tuners. 


Best performance is achieved with a coax of 16’ or longer, with the coax shield providing the 
counterpoise function. Additional counterpoise is usually not required in this design, although 
the lower wing nut provides a convenient counterpoise connector if needed. The end fed 
antenna system works well in horizontal, sloper, and vertical configurations. 


Observe established safety practices when working with antennas, and avoid proximity to power 
or utility wires. Permanent installations should be equipped with appropriate static and lighting 
protection. 


Keep amateur radio safe and fun! 





Toroid Wiring Schematic 


ANTENNA CONNECTION 


Red wire 


Black wire 


Coax center 


INPUT Green wire 


Coax Shield 


Feedback on 6-40 End Fed Matchbox Antennas 


The antenna is amazing. | receive fantastic signal report from DX stations as well as hams around the 
country. | previously used a short version GR5V that was in an inverted V configuration on the roof of our 
house. This antenna was noisy but worked. Your antenna out performs the prior antenna and is much 
quieter. Thanks again for the fine product that your club offers. May 2012 


It took me 10 minutes to install and WOW - within 10 minutes | made my first HF contact (from CT to GA). 
And in the span of 4 hours made 3 more !!_ | was transmitting just 5 Watts from Yaesu 857ND using this 
antenna. This antenna rocks ! Thanks a ton! 73 May 2012 


The 6 - 40 Matchbox antenna works great! Easily tunes with the Z100 tuner - very low SWR's on 20m thru 
10m. Antenna was up about 45 feet on tree branch - wire length was about 52.5 feet, slight slope, 55 feet 
of coax, line isolator at radio. Work Hawaii for the very first time. Guess the antenna wanted to call 
home :-) 57 report, 100 watts, 15 Meter band, Icom 718. A great portable antenna that | will use often 
at Montrose Harbor along the lakefront in Chicago. Thank you for a fine, well made product. April 2012 


It arrived today in fine shape. | got is up in the air this afternoon using a 31 foot radiator. Top is at 45 feet. 
Loads on all bands 80-10M with my LDG auto-tuner absolutely no problem, My first QO was KH7X in 
the ARRL SS contest with 100W. Amazing. This thing rocks! It’s a great antenna! Nice job and a great 
buy. November 2011 


| set-up my jackite pole today and tried a 68' wire with the 9:1 unun matchbox. | set it up as an inverted L 
with about 26 feet vertical and 42 feet horizontal. With my IC-703 it tuned 80 through 6 all well below 
1.5:1. 1am going to leave the antenna up a few days and make a few contacts. | think the matchbox is 
terrific. October 2011 


My 6 — 40 meter end fed arrived through the UK holiday mail and | departed from my norm of a sloper and 
mounted it vertically on a 10m fishing pole. It is surprisingly effective and rewarded me with a surprise 
contact on 17m into the Falkland Islands at 20:30UT last night. January 2012 

When | attached it to a 10m fiberglass fishing pole and went vertical - wow! Easy 5/9 contacts out to 
6,000+ miles when propagation was anything better than the worst. My simple ATU easily matches the 
antenna with SWR never greater than about 1.4 on any band it is built for. December 2012 


You can dither and procrastinate, but with this antenna, you'll be talking to the world in no time on any 
band that happens to be hot - and with your hard-earned cash hardly touched! January 2012 


Just wanted to report back that | have tossed the antenna into a tree about 20' up in an inverted vee 
shape and | am pleased to report that | can tune anywhere | need on 40-10M using the TS-590 internal 
tuner!! My first contact was on 40M within 10 minutes of erecting the antenna and was all the way to TX 
from my condo here in MI using just 10 watts. This is by far the best HAM related investment | have made 
in a long time. Living in a condo with strict association rules, | am able to conceal this wire in a tree out 
my bedroom window and talk all over. I'm very happy and would recommend this antenna to anyone in a 
similar situation. March 2013 


| have had your multiband end fed antenna installed here in Singapore for a few weeks now and am very 
pleased. | used the wire from my previous antenna which is 66 feet long. It works beautifully! | have it 
hanging vertically outside my 15th story apartment window on a 5 foot horizontal pole (to get it away 
from the reinforced concrete building). A couple of fish weights on the end keep it from blowing around 
too much. | would recommend this antenna to anyone who is facing a challenging QTH. April 2013 | 
received my antenna yesterday, a quick 4 days since | ordered it. | attached it to a 31 foot pole and my 
IC-706MK2. Within minutes, | made my first contact with 9A4KW in Zagreb, Croatia on 20 meters. Being 
able to reach out over 4,000 miles gives me real confidence that | have found my portable antenna. 
Thanks for your rapid response and fine product. May 2013 


In only 2 weeks of casual on-air time. If you could see how | had to zig-zag it through a big tree above the 
roof of my RV, you'd be saying like | am, "how the heck can that work? | worked 90% of the stations | 
called, and just added Mexico City on 15m that gave me a 5x9. September 2013 


Just wanted to let you know how pleased | am with my ERAC matchbox antenna. | put the EARC 
antenna in the backyard with the feed point at 4 feet and the wire sloping up to 35 feet. | have 125 feet of 
coax feed line. My transceiver’s built-in antenna tuner will adjust the SWR to below 1.2 to 1 on all bands 
80-6 meters. Last weekend | worked 65 countries on 5 continents. | live in an antenna restricted 
community and this antenna has allowed me to enjoy ham radio again. February 2014 


| used the EARC Matchbox today. It works GREAT on 20m with a 30 ft radiator in vertical positioning, fed 
with 25ft of RG175/u coax. I've been talking up and down the east coast with 3W on SSB all afternoon! 
People ask me to repeat my power output again and again. | can't wait until | get the chance to use it at 
night, where | think it'll really shine! This has a permanent place in my portable kit. Thanks for the great 
product! April 2014 


| performed a simple install in Virginia making it vertical by using a 28 foot fiber glass kite pole. Within 30 
minutes (NO KIDDING) | was receiving Lebanon on 17 meters! | also worked Russia and Eastern Europe 
that night on 20 meters. | love this antenna and | give ita 100% (5 STAR) rating. May 2014 


This little box is magic. NY, [A and NM from GA with ease on 100w June 2014 


Just wanted to let you guys know, this matchbox is wonderful. | built the matchbox, connected it to 55 
feet of solid #14 about 20 feet in the air. My rig is a Yaesu FT-817ND connected to a MFJ-971 tuner with 
coax running between the tuner and the matchbox. So far | have worked Slovenia twice, Morocco, St. 
Helena Island, Cuba, Cost Rica, Vermont, Wyoming, Florida, North Dakota, Brazil, and Colombia. This 
setup works really well on the higher bands. Thank you for putting this design on the internet. | like it so 
much its become permanent here. September 2014 


This antenna continues to amaze me. It worked well U-shaped "indoors" with 50 watts, and now outdoors 
as asloper. It easily loads 10-40m with my TS-570s internal tuner. I'm sold on it and own two of them 
now. I'm working at least 90% of the DX | chase. | have no RFI in the shack either. November 2014 


EARC Antennas are operating in virtually every state, these countries and 
more! 


Argentina Australia Belgium Brazil Canada Chile Denmark Greece 


Hong Kong India Ireland Israel Italy Mexico Mozambique New Zealand Russia Singapore 
Sweden Tasmania United Kingdom 


ORDERING A MATCHBOX ANTENNA FROM EARC 


Volunteers of the Honolulu Emergency Amateur Radio Club (EARC) carefully assemble the 6- 
40 End Fed matchbox antennas for those who prefer not to build one. For a donation of $56 
(Including USPS priority mail shipping) club volunteers will build and deliver a 6-40 matchbox 
with a 30 foot antenna wire anywhere in the U.S., we do not ship internationally. Note that coax 
cable is not included. 


Payment by PayPal 


To pay via PayPal, make your payment to paypal@earchi.org using any major credit card. 
Include your name, mailing address, and email address with the order. 


We will ship promptly and you will likely receive the order in the US in 7 days or less. If you 
have any questions about your order, please email webmaster@earchi.org 


Thank you for your interest in the activities of Honolulu Emergency Amateur Radio Club and 
amateur radio. 


EMERGENCY 
Amateur Radio Club 








GPS coordinates for 20 of the Top HAARP facilities 


GPS coordinates for 20 of the Top HAARP facilities: 


1- High Frequency Active Auroral Research Programn (HAARP) 
Gakona Alaska 
+62° 23’ 30.00”, -145° 8 48.00” 


2- High Power Auroral Stimulation Observatory (HIPAS) 
Fairbanks Alaska 
64° 52’ 19” N 146° 50’ 33” W 


3- Poker Flat Research Range 
Near Chatanika, Alaska 
65°" “1 23590",. =14T° - 28° 7.05" 


4— Platteville Atmospheric Observatory 
Platteville, Colorado 
+40° 10’ 54”, -104° 43’ 30” 


5- Millstone Hill Radio Observatory 
Westford, Massachusetts 
+42° 37’ 09.25”, -71° 29’ 28.49” 


6- The Arecibo Observatory radio telescope 
Arecibo Puerto Rico. 
18° 20’ 38.97°N 66° 45° 9. 77°W 


7- Jicamarca Radio Observatory 
Lima, Peru 
11? 5) 08.25 *S° 76". 52" B0L67 Ww 


8- Sao Luiz Space Observatory 
Cruzeiro Santa Barbara, Sao Luis-MA, Brasil 
=2" 35" A047", —44°° 12° 35.90° 


9- Nerc MST Radar Facility 
Capel Dewi, Carmarthenshire, Wales, United Kingdom 
52” 25" 28:26", 4" 00" 19.59" 


10- European Incoherent Scatter Scientific Association EISCAT 
Ramf jordmoen, Near Tromsg, Norway 


+69° 35° 10.94", +19° 13’ 20.89° 


ll- Sura Facility 
Nizhniy Novgorod, Russia 
+56° 7 9.70”, +46° 2’ 3.66” 


12— The Russian Woodpecker 
Duga Radar Array, Chenobyl, Ukraine 
51° 18’ 20.17°N, 30° 04’ 02. 60’E 


13- National MST Radar Facility NMRF 
Gadanki, India 
$132 27 26, 6875 R19" - 10" 30074" 


14- China Research Institute of Radiowave Propagation (CRIRP) 
Xinjiang (Sinkiang) Region 
40° 24’ 15.91”’N, 93° 38’ 09. 74”E 


15- Sheshan, Shanghai, 
China 
S12 5 AL 9B IN, T2T > PY 29-72" E 


16- Mu Radar 
in Japan 
34° 51’ 14. 80’N 136° 67° 19.45”E 


17— Jindalee Operational Radar Network (JORN) 
Laverton, West Australia 
-28° 19 36.29”, +122° 0’ 18.84” 


18- Jindalee Operational Radar Network (JORN) 
Longreach, Queensland, Australia 
-23° 39 29.53”, +144° 8 49.58” 


19- Australia Naval Communications Station Harold E Holt (NCS HEH) 
Exmouth, Western Australia. 21° 48 59.47”%s, 114° 09’ 55.60” 


20- Zhong Shan Antarctic Polar Station (China) 
69° 22’ 43.69” S 76° 23’ 15.07” E 


” 
e 


Southera Ocean 





The Future of the High frequency Active Auroral Research 
Program (HAARP) 


Robert P. McCoy 
Geophysical Institute, University of Alaska Fairbanks 
903 Koyukuk Drive, P. O. Box 757320 
Fairbanks, Alaska 99775 


ABSTRACT 


The HAARP facility, located in Gakona Alaska, is the world’s premier laboratory for active 
experimentation in the ionosphere and upper atmosphere. Understanding the ionosphere is particularly 
important because it affects long-distance communication, navigation, and radar applications relying upon 
radio propagation through this ionized atmospheric region. The primary component of HAARP, the 
Ionospheric Research Instrument (IRI), is a phased array of 180 HF tower antennas spread across 33 acres 
and capable of radiating 3.6 MW into the upper atmosphere and ionosphere. The array is fed by five 
2500 kW generators, each driven by a 3600 hp diesel engine (4 + 1 spare). Transmit frequencies are 
selectable in the range 2.8 to 10 MHz. HAARP is owned by the Space Vehicles Directorate of the Air 
Force Research Laboratory (AFRL/RV) in Albuquerque, NM. In 2013 AFRL/RV decided that they no 
longer needed the facility, and by prior arrangement, were prepared to remediate the site. In response to a 
letter writing campaign and petition by the scientific community, the Secretary of the Air Force directed 
that the demolition be postponed until May, 2015 to allow time for another federal agency, a consortium 
of academic or research institutions, or the University of Alaska, to build a plan to sustain the facility and 
preserve its capability to enable fundamental ionospheric research. For the past year the Geophysical 
Institute of the University of Alaska Fairbanks has been in active negotiations with the Air Force and a 
sustainment plan for HAARP, using a pay per use model may soon be approved and implemented 
preserving HAARP for future upper atmospheric investigations. 


OVERVIEW 


The HAARP facility, located in Gakona Alaska, is the world’s premier laboratory for active 
experimentation in the ionosphere and upper atmosphere. Scientists at HAARP use high 
frequency (HF) radio transmitters to heat - 
selected regions of the ionosphere and 
observe the effects. With a facility like 
HAARP, the ionosphere becomes a 
laboratory to study a range of physics 
phenomena. For traditional space research 
using ground-based observations or 
experiments on sounding rockets, it can 
take an extremely long time (days, weeks, 
years) to get the desired natural overhead 
conditions. Satellites can amass much 
larger databases but it is difficult to 
coordinate the satellite with the desired 
phenomena. With a facility like HAARP, 


it is possible to perform an experiment at — Figure 1 Overhead Photo of HAARP Courtesy of M. McCarrick 





will to create plasma structures and irregularities; use the ionosphere like an antenna to excite 
low frequency waves; create weak luminous aurora-like glows; and a variety of other 
experiments. Ground-based instruments or satellite overflights are used to collect the necessary 
data for the investigation. 


The primary component of HAARP is the Ionospheric Research Instrument (IRD), a phased array 
of 180 HEF tower antennas spread across 33 acres and capable of radiating 3.6 MW into the upper 
atmosphere and ionosphere. The array is fed by five 2500 kW generators, each driven by a 3600 
hp diesel engine (4 + 1 spare). Transmit frequencies can be chosen anywhere in the range 2.8 to 
10 MHz and since the antennas are part of an array, the transmitted beam can take many shapes, 
can be scanned over a wide angular range (down to 30° deg. elevation angle) and multiple beams 
can be formed and steered. The facility employs 30 transmitter shelters each with six pairs of 10 
KW transmitters (6 x 2 x 30 x 10) to achieve the 3.6 MW transmit power. 


The facility is located at 62.39° N, 145.15° W in the subarctic which is an ideal location for a 
wide range of scientific experiments. The location is just south of the auroral region which 
allows active experiments outside of the aurora. During substorms HAARP’s location is under 
the aurora or inside the auroral oval. The high latitude location is also ideal for experiments 
generating low frequency waves which propagate along magnetic field lines high into the 
magnetosphere. 





Figure 2 HAARP Antennas Courtesy USRA 





Figure 3 HAARP Antennas and Transmitter Shelters Courtesy 
USRA 


Initiated in 1989 with congressional earmarks (~$180M), HAARP was completed around 2009 
with additional investments of $110M from the Air Force Research Laboratory (AFRL), the 
Office of Naval Research (ONR) and Defense Advanced Research Program Agency (DARPA) 
and represents a total investment of ~$290M. HAARP is currently owned by the AFRL Space 
Vehicles Directorate (AFRL/RV) in Albuquerque NM. 


There are two other ionospheric heaters in the world, EISCAT in Norway and Sura in Russia. 
The National Science Foundation is currently building a fourth hearter in Arecibo Puerto Rico. 
HAARP is by far the most powerful and capable heater in the world. 


HAARP SCIENCE 


A full discussion of the science capabilities, accomplishments and future science potential of 
HAARP is not practical here but the 2013 National Research Council Workshop Report: 
Opportunities for High-Power, High-Frequency 

Transmitters to Advance | AARP Compared to EISCAT, Sura & Arecibo 
Tonospheric/Thermospheric Research (see below) 
is an excellent resource. As a scientific tool for 
active experimentation in the ionosphere HAARP 
has a number of characteristics that make it 
unsurpassed in the world including: 
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e Effective radiated power (ERP) = power x 
antenna gain; 

e Steerability of the beam and ability to create 
multiple beams; 

e Frequency range and ability to select frequency; 

e Polarization control; 

e Modulation control; 


s 





e Location — relative to the aurora and on high Figure 1 Comparison of Existing lonospheric Heaters 
latitude magnetic field lines; (Kennedy, 1998) 

e Accessibility of the site from either Anchorage or 
Fairbanks Alaska. 


A short summary of HAARP science highlights in a few topic areas includes: 


RADIO SCIENCE: Production of artificial plasma layers to study radio frequency propagation at a 
range of frequencies from a few Hz to a few GHz (including GPS frequencies). Studies include 
guidance, redirection, enhancement and degradation and loss of signals. 


MESOSPHERE-THERMOSPHERE DIAGNOSTICS: Production of artificial periodic irregularities; 
neutral density and temperature measurements and generation of optical emissions. Upper 
atmospheric heating has been used to change density, composition, neutral diffusion, 
thermospheric winds and potentially — drag on orbiting debris or satellites. HAARP can be used 
in studies of polar mesospheric clouds. 


SPACE WEATHER: The use of HAARP to make comparisons quiet ionospheric conditions to 
substorms and mapping up into the plasmasphere. Use of the facility to study a variety of 
transient phenomena including subauroral polarization stream (SAPS); subauroral ion drift 
(SAID), high electron temperature regions and troughs, and ion-outflow-created atmospheric 
gravity waves. 


MAGNETOSPHERE-RADIATION BELTS: This line of investigation primarily involves using the 
ionosphere in a variety of modes as a “virtual antenna” to inject a variety of waves including 
whistler waves, shear Alfvén, and magnetosonic waves and waves at frequencies down to a few 
Hz and study resonance and amplification effects. There are a wide range investigations of 
wave/particle interactions in the magnetosphere enabled by HAARP (Rietveld et al., 1989; Barr, 
1998; Papadopoulos et al., 1990, 2005). 


FUTURE SCIENCE POSSIBILITIES 


Recent experiments at HAARP (Fallen et al., 2011) demonstrated experimental techniques to 
continuously generate artificial plasma ducts that extend from the upper ionosphere into the 
earth’s magnetosphere. These plasma structures facilitate the ducting of VLF waves generated 
artificially either by, HAARP signals interacting with the ionosphere, from other ground based 
sources, or generated in space. This new discovery is relevant to the efforts to reduce high energy 
electrons in the radiation belts (see below). 


Continued basic science efforts on this topic should reveal how this technique may be optimized 
for a variety of geophysical conditions. Measurements of duct geometry may then be used in 
conjunction with numerical models and simulation to estimate levels of VLF power density that 
may be deposited in the equatorial region of the earth’s magnetosphere within the radiation belts. 
This efficient injection of artificially created VLF waves into the radiation belts acts to scatter 
and remove high levels of energetic electrons injected from high-altitude nuclear burst. 


DOD APPLICATIONS 


Interest by the DoD (AFRL, ONR and DARPA) in HAARP is obvious by the $105M they 
invested to complete and upgrade the facility. Historically, most of the applications of interest 
stem from the ability of HAARP to generate low frequency waves that propagate both within the 
Earth — atmosphere waveguide around the globe and which propagate upward along magnetic 
field lines into the magnetosphere. More recently the focus has been on using HAARP to 
stimulate artificial glows in the shai a 
upper atmosphere and creating a a Se 

artificial plasma clouds. ee Ra 















REDUCTION OF ELECTRONS IN 
THE SPACE RADIATION BELTS: 
The highest priority application 
for HAARP and the one 
stimulating most of _ the 
investment involves using low Figure 2 Radiation Belts and Trapped Electrons in Magnetic Flux Tubes 
frequency waves to cause high 

energy million-electron-volt “killer” electrons in the magnetosphere to precipitate out. The 
Earth’s natural radiation belts contain high energy electrons trapped in magnetic bottles (flux 
tubes) and propagating for extended periods from pole to pole spiraling along magnetic field 
lines. The density of these trapped particles can go up dramatically from a solar coronal mass 
ejection (SME) or from a manmade event like a high altitude nuclear burst. A 1000 fold electron 
density increase can easily be obtained from the latter and these electrons can persist for months 
or years in the radiation belts. These killer electrons can damage and destroy electronics in low 
Earth orbiting satellites and there is an estimated $100B of non-DoD satellites at risk. 





MAGNETIC CONJUGATE POINT 


Experiments with HAARP and other radio frequency transmitters have shown that a variety of 
low frequency waves can be generated in the ionosphere which propagate along magnetic field 
lines to interact with these trapped electrons. Wave-particle interaction occur which modify the 
angle between the trapped electron and the magnetic field line, the pitch angle. On subsequent 
reflections near either pole these electrons penetrate deeper into the upper atmosphere colliding 
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TRAPPED PARTICLE Electrom agnetic 


with neutral atoms and molecules and are lost. This process reduces the density of electrons 
trapped in the radiation belts. 


There have been a number of HAARP investigations on this topic sponsored by several agencies. 
Based on results observations and models, AFRL/RV built the DSX satellite to investigate the 
effect of emitting low frequency waves directly in space and will soon launch this vehicle soon 
to test the effect. Neither HAARP nor DSX provide a comprehensive solution for this problem 
but both provide valuable insights into the science of wave-particle interactions on the radiation 
belts. 


SUBMARINE COMMUNICATION: The Navy’s interest in HAARP was frequently related to using 
the ionosphere as a large antenna to excite extremely long wavelength (ELF) waves to propagate 
long distances and penetrate the oceans to communicate with submarines. 


DETECTION OF CAVITIES IN THE EARTH: The same ELF waves that penetrate the oceans can 
also penetrate into the Earth’s lithosphere and experiments with HAARP have been used to 
detect cavities; mines and caves underground. 


OVER THE HORIZON RADAR: The current HAARP site was originally an over the horizon (OTH) 
radar site. OTH radar depends on reflecting HF waves off the ionosphere. Solar and 
geomagnetic activity produce problems for HF radar propagation in the Arctic. Auroral activity 
creates irregularities and bubbles in the ionosphere causing scintillation and loss of HF signals. 
Recent HAARP experiments (Pedersen et al., 2010) demonstrate the ability to create sustainable 
artificial plasma clouds or plasma balls at altitudes below the natural ionosphere which may be 
useable as an artificial mirror to reflect HF radar and other RF communication signals. 


RAY PATH 





0 500 1000 1500 2000 2500 300 
XRange 


Figure 3 lonospheric propagation of 8MHz rays and potential OTH footprint from HAARP 
Courtesy of Bill Bristow 


As the sea ice in the Arctic continues to melt opening up polar navigation routes, there is 
increasing interest by the US Northern Command and NORAD in the possibility of deploying a 
system of OTH radars across North America for increased Arctic maritime domain awareness. 
HAARP may play an important role as an OTH test bed and demonstration platform for this new 
capability. 


TRANSIONOSPHERIC RF PROPAGATION: As HAARP heats the ionosphere it can create bubbles 
and irregularities. These irregularities can then interfere with a wide range of space to ground 
RF propagation at frequencies up to 10 GHz. A facility like HAARP could be used to cause 
interference with communication signals, GPS navigation or blur space-based synthetic aperture 
radar. 


LASER FUSION APPLICATIONS: Another application of an ionospheric heater is to use the 
natural ionosphere to perform nonlinear plasma experiments in unbounded plasma. The power 
levels of HAARP are small compared to those in fusion experiments but the lack of walls in the 
ionosphere, combined with HAARP’s tunability and phase array transmissions allow a wide 
range of experimentation in parametric instabilities and nonlinear plasma physics. 


THERMOSPHERIC HEATING EXPERIMENTS: Through coupling between the ionosphere and 
thermosphere it is possible to heat the neutral atmosphere above HAARP. This heating can be 
used to create density plumes and drive neutral waves over HAARP to test applications to 
increase drag on selected orbiting satellites or orbital debris. 


HAARP GROUND-BASED DIAGNOSTICS 


The IRI at HAARP creates the effects in the ionosphere but it is the diagnostic ground-based 
instruments which allow scientific investigations. The state of the diagnostic instruments at 
HAARP is in flux and many of the sensors have been temporarily removed. Most of the sensors 
are slated to be returned and restored to service during the spring/summer 2015. The discussion 
that follows lists the instruments that were traditionally resident at HAARP and used to support 
science and may represent the set of diagnostics later in 2015. 


The primary diagnostic tool at HAARP is the digisonde. This instrument, basically a swept 
frequency HF radar, measures the bottom side of the electron layer in the ionosphere. Additional 
sensors at the facility include: 


All-sky Riometer 
Imaging Riometer (8 X 8 Array) 
Fluxgate Magnetometer 
Induction Magnetometer 
Optics 

-  All-sky imager 

- Telescopic imager 

- Photometers 

- 14 ft Optical Dome 
Tomography Chain (Cordova -> Kaktovik) 
VHF Radar (139 MHz) 
MUIR (Modular UHF Ionospheric Radar 
Ionospheric Scintillation Receivers 

e SATSIN (offsite) 

e GPS-NOVATEL 

e =Total Electron Content 
HF 2-30 MHz High Angle Receiving Antenna Figure 5 MUIR Radar 
Scanning Doppler Interferometer (SDI) 






e Radio Background Receivers 
- Broadband ELF / VLF Receiver network. 
- SEE Receiver string. 
- HF to UHF Spectrum Monitor 





Figure 6 HF High Angle Receive Array 


NATIONAL ACADEMY OF SCIENCE INPUT 


The National Research Council (NRC), the operating arm of the National Academy of Sciences 
has taken up the issue of HAARP twice over the past two years. In 2013 the NRC completed a 
Decadal Survey in Solar and Space Physics. One of the priority 
recommendations of that study included: 


Priority - Fully realize the potential of ionospheric modification 
techniques through collocation of modern heating facilities with a full 
complement of diagnostic instruments including incoherent scatter 
radars. This effort requires coordination between NSF and DOD 
agencies in planning and operation of existing and future ionospheric 
modification facilities. 


In March 2013 in response to a request by AFRL and NSF the NRC conducted a 
workshop _ entitled: Opportunities for High-Power, High-Frequency 
Transmitters to Advance Ionospheric/Thermospheric Research focused 
primarily on HAARP. Topics addressed in that three day workshop included: 





Figure 7 2013 Space Physics 
Geospace and space weather; Decadal Study 


Stimulated emission and radiation belts; 
Radio science; and 
Communications. 


NRC Workshops do not produce recommendations, but the NRC published a report containing 72 pages 
by 40+ scientists documenting past science results from HAARP and a wealth of prospects for future 
science from the facility. 


The report reiterated the importance of co-locating an incoherent 
scatter radar to HAARP to maximize the science potential of the Ee enert 
facility. The NRC report can be obtained at: Report ofa Workshop 


http://www.nap.edu/booksearch.php ?booksearch=1 &term=sale&rec 
ord_id=18620 





Figure 8 2013 NRC Workshop Report 





NEED FOR AN INCOHERENT SCATTER RADAR 


A diagnostic instrument noticeably missing from HAARP is an incoherent scatter radar (ISR). 
An ISR is one of the most powerful tools for studying the ionosphere from the ground. An ISR 
can routinely measure vertical profiles of electron density, electron and ion temperatures, bulk 
ion motion, ion masses, ion-neutral collision frequencies. Over the years there have been several 
plans to build an ISR at HAARP but because of funding variability for the facility it was never 
completed. There have been several studies, workshops and panels which made 
recommendations to install an ISR at HAARP, most notably the two NRC studies mentioned 
above but also a DoD sponsored panel in 2001 entitled HAARP “Future Directions” but usually 
called the “Tether Panel” after the chairman Dr. Tony Tether. 


The NSF owns and operates a chain of ISRs from near the north magnetic pole to the magnetic 
equator at such sites as: Resolute Bay Canada; Sondrestrom Greenland; Millstone Hill 
Massachusetts; Arecibo Puerto Rico and Jicamarca Peru. Additionally, they own one more 
outside of that chain at Poker Flat Alaska about 300 miles north of HAARP. Older ISRs have a 
conventional radiating transmitter and dish reflector design, but two of the newer ISRs in Canada 
and Alaska are built with phased array transmitters and are far more flexible and capable. Both 
of these ISRs are called Advanced Modular Incoherent Scatter Radar (AMISR) and for 
distinction the Resolute Bay is commonly referred to as RISR and the Alaskan ISR is called the 
PFISR. 


The NSF PFISR is located on the property of the 
University of Alaska owned Poker Flat Research Range 
(PFRR) which is used by NASA to launch sounding 
rockets to study space physics in the arctic. The PFISR 
is employed for routine and campaign ionospheric 
science and frequently supports NASA sounding rocket 
launches. The radar consists of 128 identical panels 
which constitute the phased array. The MUIR radar at 
HAARP (Figure 9) is built with the same technology 
but with only 16 panels. That radar has some capability Figure 9 PFISR Incoherent Scatter Radar 
to sound the ionosphere but it does not have ISR 

capability. Expanding the MUIR to a total of 96 panels should give it ISR capability. There 
have been discussions of temporarily relocating PFISR to HAARP for a year, or two, to test out 
the heater/ISR combination to enable space research. Other options which have been discussed 
include reducing PFISR to 96 panels by transferring panels to HAARP and expanding the 
(adding panels) to the MURI array with a potential of ending up with two ISRs in Alaska. 


EDUCATIONAL OPPORTUNITIES AT HAARP 





With sponsorship from NSF and AFRL HAARP has provided numerous opportunities for 
graduate and undergraduate research projects and there are several ionospheric scientists 
working in the field who got degree in heater science with experiments at HAARP. For several 
years NSF and AFRL sponsored the Polar Aeronomy and Radio Science (PARS) summer school 
which gave undergraduates and graduate students opportunities to work with their advisors to 
perform science experiments at HAARP. This summer school also included tours and classes at 
the Geophysical Institute at the University of Alaska Fairbanks (UAF-GI) and tours of PFRR. 
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RECENT DEVELOPMENTS WITH HAARP 


In 2012, anticipating budget cuts, AFRL/RV contacted the University Space Research Associates 
(USRA) and the UAF-GI to see if we could help them find a way to lower operating costs and/or 
divest themselves of management/operation of HAARP. USRA and UAF-GI formed a team 
and submitted a proposal to operate HAARP under an extended use lease arrangement which 
was not funded. 


In 2013, after the release of the NRC workshop report and after a workshop sponsored by the 
Office of Science Technology Policy (OSTP), the UAF-GI proposed the creation of a Federal 
Facility Partnership for HAARP spreading the operating costs across five federal agencies 
(AFRL, ONR, DARPA, NSF and DOE), selling each a two-week campaign with an operating 
cost similar to what EISCAT charges customers. That proposal was not successful. 


In July 2013, in response to a letter writing campaign by the scientific community; letters of 
support from leadership of the American Meteorological Society (AMS) and the Space Physics 
and Aeronomy Section of the American Geophysical Union (AGU/SPA); and a letter from U. S. 
Senator Lisa Murkowski; Air Force Secretary Deborah Lee James decided to postpone 
decommissioning plans for HAARP which had been scheduled for June 2014. She allowed time 
(May, 2015) for the “University of Alaska or a consortium of academic or research institutions” 
to develop a plan to take ownership of HAARP for the purpose of keeping the facility open 
covering operating costs from the user base. 


In June 2014, DARPA completed a phase of the Basic Research on Ionospheric Characteristics 
and Effects (BRIOCHE) campaign and soon after the facility was placed in cold-storage. 
Transmitter tubes were removed from the transmitter shelters and moved into the heated main 
building to minimize heating costs for the winter. The diesel generators were winterized and 
many of the diagnostics were transported to AFRL at Kirtland AFB. 


Since then negotiations have progressed well and the UAF-GI is working with AFRL/RV on a 
cooperative research and development agreement (CRADA) to transition ownership of the 
facility to the University of Alaska to allow the UAF-GI to bring it back on line for continued 
ionospheric, thermospheric and magnetospheric research. Current projections are that the UAF- 
GI will take ownership in the fall of 2015. Plans are being finalized to return the diagnostics to 
HAARP in the spring 2015. The UAF-GI is working to develop a plan to reduce the operating 
costs of the facility and is actively seeking customers, both domestically and internationally, to 
come to HAARP to do active experiments at the world’s premier upper atmospheric active 
research facility. 
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Every One Speaks about HAARP, but did you know... 
Post by zorgon on Sept 21, 2010, 6:46pm 


Every One Speaks about HAARP... 


It gets blames for everything, it has magical abilities etc... 


While it is true that it does indeed have some interesting abilities, there are many threads and documents on HAARP. | have been collecting material for years BUT, though its been hinted at from 
time to time that other countries also have a version of HAARP and that incoherent scatter sites have a similar function as HAARP and EISCAT has been mentioned... 


Very few people have taken the time to follow the leads in the various documents and threads and put together the GLOBAL NETWORK 

While HAARP itself may not have the power to create a planetary shield (for missile defense and solar radiation) the world wide network certainly does. 

So for this thread | will leave the much discussed Alaskan HAARP in the side lines for now and lets do a tour of the other facilities around the world. 

First a little bit on connections to other facilities. In reports like the NAVY Press Release of Dr Paul A. Bernhard... we see some terms already... 

Dr. Bernhardt used the high-power HF facility near Arecibo, Puerto Rico, and Nizhny Novgorod, Russia, from 1985 to 1999... 

Dr. Bernhardt has conducted over eight experiments from 1985 to the present, using the Space Shuttle Orbital Maneuver Subsystem (OMS) engines, to modify the ionosphere with high-speed exhaust 
injections into the upper atmosphere. The results of these dedicated engine burns have been recorded using the VHF and UHF radars at Arecibo, Puerto Rico; Kwajalein, Marshall Islands; Millstone Hill, 
Massachusetts; and Jicamarca, Peru. Currently, Dr. Bernhardt is the principal investigator for the Charged Aerosol Release Experiment (CARE) program, designed to study the scattering of radar from 


electrons in the vicinity of charged particulates that form artificial "dusty plasmas." 


...Coherent Electromagnetic Radio Tomography (CERTO) 
...Computerized lonospheric Tomography Receiver in Space (CITRIS) 


http: //www.nrl.navy.mil/pao/pressRelease.php?¥=2006&R=17-06r 





So from this single press release we have three search terms. J ust ignore the facts about the chemical releases and the shuttle spewing fumes, we already have a thread on that @ ) 
...[ncoherent Scatter Radar (ISR) (Like EISCAT for European Incoherent Scatter Radar) 
...Coherent Electromagnetic Radio Tomography (CERTO) 

...Computerized lonospheric Tomography Receiver in Space (CITRIS) 

and these locations mentioned directly 

Arecibo, Puerto Rico 

Nizhny Novgorod, Russia 

Kwajalein, Marshall Islands 

Millstone Hill, Massachusetts 

Jicamarca, Peru 

From our research collected at Pegasus we can add these... 


HIPAS - High Power Auroral Stimulation Observatory 
IRIS - Imaging Riometer for lonospheric Studies 


The problem is | have gathered so much material on these sites and still have more to do... that it may get lost in a single thread... 


So lets start with the best HAARP like arrays and Incoherent Scatter facilities. 


Now this will take me a while to pull up all my pages so | won't be answering any posts for a while @ 


continued... 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 6:50pm 


Sura Facility 
HAARP Like Facility 

Nizhniy Novgorod, Russia 
+56° 7'9.70", +46° 2' 3.66" 
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cou rtesy http: //sura. nirfi.sci-nnov. ru/Photogalery/Photogalery.htm| 
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SURA Official Site Russian 
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http: //en.wikipedia.org/wiki/Sura_lonospheric_ Heating Facility 








http: //www.thelivingmoon.com/45jack_files/O3files/SURA Radar _Facility.html 





Artificial lonospheric Turbulence and Radio Wave Propagation (Sura/HAARP) 


PDF File 


e HAARP 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 6:52pm 


HAARP Like Facility 
Cruzeiro Santa Barbara, Sao Luis-MA, Brasil 
-2° 35' 40.47", -44° 12' 35.90" 
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Coherent Back-Scatter Radar 50 MHz (RESCO) 


The Coherent Back-Scatter Radar of 50 MHz (RESCO) was installed at the Space Observatory of Sao Luis / INPE, whose operation begun in August of 1998, is capable to accomplish measures of 
dynamics of the plasma of the electrojet and of bubbles equatorial ionospheric. This radar was projected to map the turbulence and the electromagnetic drift of the irregularities of short length scale (3 
meters) in a height range that extends from ~90 km to ~1000 km of the equatorial ionosphere. Such plasma irregularities have big influence in the propagation trans- ionosphere of waves in a great 
frequency range, VHF to UHF, and, therefore, it influence all of the activities of space communications of the Brazilian tropical area. The formation, the development and the space distribution of these 
irregularities are highly sensitive to the space climatic change (in other words, "Space Weather") besides the convection processes and of the storms of the troposphere. 


This radar resulted of the development and construction begun in INPE there are several years. It transmits signs pulse of high potency through an network antenna with 768 dipoles which allow to 
concentrate all the energy transmitted in only narrow beam radiation. The same antenna also captures the echo signs spread by the irregularities ionosphere. The transmitted maximum power (120 
kW) it is reached through the use of a modular system of 8 transmitters in phase to maximize the transmitted energy. The operational control of the radar is made by a computer, which also 
accomplishes the acquisition, the treatment and processing 'on line' of the received data of the ionosphere. The data recorded are available also for the processing and analyze subsequent. This radar 
was already operated in several campaigns since 1998 and now it is collecting in a routine way data of the dynamics of the equatorial electrojet. 


This radar, with the FCI radar of 30 MHz together offers great opportunities to the researchers of studying the peculiar phenomenon of the equatorial area. These, beside the radars of Peru 
(Jicamarca), of the India (Thumba) and of the Indonesia, are some of the few radars of this type that exist in the world around of the magnetic equator. Due to the peculiar configuration of the 
geomagnetic field, the Brazilian equatorial area have characteristics very different from the other areas. It was for this reason that NASA of the USA, in collaboration of INPE, accomplished in Alcantara 
in 1994 the campaign GUARA when 26 rockets were thrown (in the period of September-October) to study the equatorial electrojet and the bubbles ionosphere. In this campaign were used another 
radar similar to the radar RESCO (which was brought of the USA), Digissonde (which provided the diagnoses of the ionosphere) and of the magnetometers operated by INPE in the Space Observatory 
of Sao Luis. The radar RESCO, that is now in a phase of technological improvement, offers great potential to promote researches of the environment of the Brazilian equatorial area. 


Rua Horto Florestal, 100, Cruzeiro Santa Barbara, Sao Luis-MA - Brasil 


SOURCE: Sao Luiz Space Observatory 
http: //www.dae. inpe.br/slz/english/resco.htm| 
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Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 6:54pm 


EISCAT Like Facility 
Westford, Massachusetts 
+42° 37' 09.25", -71° 29' 28.49" 
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Millstone Hill 


Millstone Hill, Westford, Massachusetts, USA (Longitude: W Latitude: N) 


The Millstone Hill Steerable Antenna, or MISA, is a fully steerable dish antenna, 46 meters in diameter, designed by the Stanford Research Institute (SRI) in 1959. It is currently located at MIT 
Haystack Observatory in Westford, Massachusetts. It was originally installed at the Sagamore Hill Radio Observatory in Hamilton, Massachusetts in 1963. The antenna operated at that location until 
1978, at which time it was relocated to Millstone Hill. Since that time it has been primarily used as a UHF radar antenna to provide measurements of the near space environment using the incoherent 
scatter radar technique. It is one of two surviving dish antennas of this type in the world with the other antenna being located at the Stanford University radio science field site in Stanford, California. 
MISA is used to provide wide radar coverage in latitude and longitude. 


MISA is a broad-based observatory capable of addressing a wide range of atmospheric science investigations. The incoherent scatter radar facility at Millstone Hill has been supported by the National 
Science Foundation since 1974 for studies of the earth's upper atmosphere and ionosphere. During this time the facility has evolved from a part-time research operation sharing radar cooling and 
power supply elements with the M.1.T. Lincoln Laboratory Millstone satellite tracking radar, to a separately funded, operationally independent system dedicated to upper atmospheric research. The 
scientific capability of the Millstone Hill facility was greatly expanded in 1978 with the installation of a fully-steerable 46 meter antenna to complement the 67 meter fixed zenith pointing dish. 





The favorable location of Millstone Hill at sub- auroral latitudes combined with the great operational range afforded by the steerable antenna permit observations over a latitude span encompassing the 
region between the polar cap and the near-equatorial ionosphere. Since 1982 the Haystack Observatory Atmospheric Sciences Group has been supported for operating the Millstone Hill research radar 
as a part of the incoherent scatter radar chain and for associated studies of the auroral and sub-auroral ionosphere and thermosphere. The meridional radar chain extends from Sondre Stromfjord, 
Greenland through Millstone Hill at mid-latitudes, beyond Arecibo at low latitudes, to the Jicamarca facility at the magnetic equator in Peru. The radar chain forms an integral part of the NSF-supported 
CEDAR (Coupling, Energetics, and Dynamics of Atmospheric Regions) observing network and Millstone Hill observations and analysis have contributed extensively to the successes of the CEDAR 
initiative. 


The Millstone Hill Radar uses Thomson backscatter from ionospheric electrons to deduce height- and time-resolved plasma drift velocities, electron and ion temperatures, electron densities, ion 
composition, and ion-neutral collision frequencies. These parameters provide further information about the neutral gas, neutral temperatures and winds, and electric fields present in the medium. The 
incoherent scatter technique provides observations of many of these parameters over an altitude range extending from less than 100 km to a thousand kilometers or more. Methods have been 
developed that allow these measurements to be made with an altitude resolution of hundreds of meters. The complete steerability of the radar allows horizontal gradients and structure to be examined 
along with vertical variations. 


The Observatory is the premier scientific facility in the world for studying the equatorial ionosphere. It has a 2-MW transmitter and a main antenna with 18,432 dipoles covering an area of nearly 
85,000 square meters. 


SOURCE: Wikipedia Millstone Hill 
http: //en.wikipedia.org/wiki/Millstone_Hill 





Related Links: 
MIT Haystack Observatory 
http://www. haystack.mit.edu/ 
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Credit: Haystack Observatory 


http: //www.thelivingmoon.com/ 45jack_file....bservatory.htm| 








Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 6:56pm 


The first American 'HAARP 





HAARP Like Facility 
+40° 10' 54", -104° 43' 30" 


Image courtesy Colorado University 


The Platteville Atmospheric Observatory was envisioned in 1962 by what is now the Institute of Telecommunication Sciences (ITS), a part of the National Telecommunications and Information 
Administration (NTIA), as a site for high-powered radio experiments. While the initial experiment, that took place in 1968, studied over-the-horizon radar, the majority of later experiments used high 
power radio waves to modify the ionosphere in a process that is sometimes called ionospheric heating because it raises the electron temperature in the ionosphere. 


The ionospheric heater was still used until 1984, when the last ionospheric experiments were performed. In the same year, the transmitters were loaned to the Office of Naval Research and sent to 
HIPAS in Alaska where they are still used. 


With the removal of the transmitters, the focus of the facility changed to smaller- powered observation of the atmosphere rather than modifying it. 1n 1988 the 404 MHz RASS was installed and the 
ownership of the facility was transferred from NTIA to NOAA-ERL. 


SOURCE: Platteville Atmospheric Observatory 
http: //grison.colorado.edu/Radar_Stations/Platteville/Platteville.html 
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Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 6:58pm 


High Power Auroral Stimulation Observatory 
HIPAS 

Fairbanks Alaska 

64° 52' 19" N 146° 50' 33" W 
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HIPAS is located 30 miles Northeast of Fairbanks Alaska; in the small community of Two Rivers. It occupies 120 acres of land and has six buildings. The facility is located at: latitude and longitude. 
The facility operates year-round. 


The HIPAS facility is engaged in the study of the | onosphere through the use of high power radio transmission as well as a state-of-the-art LIDAR (LIght Detection And Ranging ) facility. 


The Heater system consists of 8 transmitters capable of conducting amplitude modulation of 100 Hz - 20 kHz and phase modulation of 0 -20 kHz. Each transmitter can transmit up to 150kW at 2.85 or 
4.53 MHz on CW mode. 


The Heater antenna system consists of a circular array of 8 crossed dipoles, copper wire ground-planes and resonant triaxial baluns. 

The LIDAR facility consists of a 2.7 meter LMT (Liquid Mirror Telescope) with a 4.5 meter focal length as well as 6 state-of-the-art lasers. 
SOURCE: HIPAS Home Page 

http://www. hipas.alaska.edu/hipasweb/hipas.htm 


Link invalid... Internet Archive Page 
http: //web. archive. org/web/20080212193205/http: //www.hipas.alaska. edu/hipasweb/hipas. htm 








HIPAS Observatory Satellite 
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Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 6:59pm 


European Incoherent Scatter Scientific Association 
EISCAT 

Ramfjordmoen, Near Tromsg, Norway 

+69° 35' 10.94", +19° 13' 20.89" 
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The EISCAT Scientific Association is an international research organisation operating three incoherent scatter radar systems, at 931 MHz, 224 MHz and 500 MHz, in Northern Scandinavia. It is funded 
and operated by the research councils of Norway, Sweden, Finland, Japan, France, the United Kingdom and Germany (collectively, the EISCAT Associates). 


EISCAT (European Incoherent Scattter) studies the interaction between the Sun and the Earth as revealed by disturbances in the magnetosphere and the ionised parts of the atmosphere (these 
interactions also give rise to the spectacular aurora, or Northern Lights). The radars are operated in both Common and Special Programme modes, depending on the particular research objective, and 
Special Programme time is accounted and distributed between the Associates according to rules which are published from time to time. 


One EISCAT transmitter site is located close to the city of Tromsg, in Norway, and additional receiver stations are located in Sodankyla, Finland, and Kiruna, Sweden. See an animation that shows the 
basic operation. The EISCAT Headquarters are also located in Kiruna. 1996 the EISCAT Scientific Association constructed a second incoherent scatter radar facility, the EISCAT Svalbard Radar, near 
Longyearbyen on the island of Spitsbergen, far to the North of the Norwegian mainland. 


The Incoherent Scatter Radar technique requires sophisticated technology and EISCAT engineers are constantly involved in upgrading the systems. 


In addition to the incoherent scatter radars, EISCAT also operates an | onospheric Heater facility at Ramfjordmoen (including a Dynasonde) to support various active plasma physics experiments in the 
high latitude ionosphere. 


SOURCE ARTICLE 
http://www. eiscat.se: 8080/about.html 
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Troms@ 931 MHz Ultra High Frequency Radar [facts] 
These signals are also received at Kiruna and Sodankyla 


Troms@ 224 MHz Very High Frequency Radar [facts] 
We have also a heating facility and a Dynasonde 


AY, gan 
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Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:01pm 


Nerc MST Radar Facility 

NMRF 

HAARP Like Facility 

+52° 25' 28.26", -4° 00' 19.59" 

Capel Dewi, Carmarthenshire, Wales, United Kingdom 
near Aberystwyth, Wales, UK 
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This one is different but included anyway 


The Natural Environment Research Council (NERC) Mesosphere-Stratosphere-Troposphere (MST) 
Radar at Aberystwyth 


SOURCE: NERC 
http: //mst.nerc.ac.uk/index.html 


92°25'28.26" N 4°00'19.59" W 
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Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:03pm 


National MST 
NMRF 
HAARP Like Facility 


+13° 27' 26.68", +79° 10' 30.74" 
Gadanki, near Tirupati, in southern Andra Pradesh, India 


4 
| found this one on Google Earth so Pegasus has first find on that one CT] 
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isiting 


the National MST Radar Facility in Gadanki, near Tirupati, in southern Andra Pradesh, India 


ABOUT NATIONAL MST RADAR FACILITY 


Indian scientists have carried out pioneering research work in the fields of astronomy and astrophysics, solar/interplanetary medium, earth's upper atmosphere/ionosphere, aeronomy/middle 
atmosphere and weather/climate phenomena. The nationally coordinated Indian Middle Atmosphere Programme (IMAP) was implemented during the period 1982-89 with well focussed campaign 
experiments with ground based, balloon, rocket and satellite based techniques. The IMAP programme led to the decision to conduct in-depth studies of atmosphericdynamical phenomena by 
developing a versatile ground based radar technique... 


... The MST Radar is a state of the art instrument capable of providing estimates of atmospheric parameters with very high resolution on a continuous basis which are essential in the study of different 
dynamical processes in the atmosphere. It is an important research tool in the investigation of prevailing winds, waves ( including gravity waves) turbulence, and atmospheric stability & other 
mesoscale phenomena . A reliable three dimensional model of the atmosphere over the low latitudes improves our understanding of the climatic and weather variations... 


Establishment of NMRF 


Attaching great importance to the scientific utilisation of the Indian MST Radar, the Government of India decided to create an autonomous Scientific Society called the National MST Radar Facility 
(NMRF). This society is affliated to the Department Of Space. The NMRF was registered on January 11, 1993 under the Indian Societies Act 1860. 

This society is administered by a Governing Council under the chairmanship of Dr. K. Kasturirangan, Secretary DOS with, Director , NMRF as the member secretary . The present Director of NMRF is 
Prof D. Narayan Rao .The Governing Council consists of other eminent scientists, representatives of the National Laboratories and some of the funding agencies.The Governing Council sets broad policy 
guidelines to ensure the effective scientific utilisation of the facility, supported by a Scientific Advisory Commitee & a Finance Commitee. 


Location Of NMRF 


The scientific requirements dictated that the Indian MST Radar should be located preferably below 15 degrees North latitude. Hence after careful consideration of the various constraints, a site at 
Gadanki Village, near the temple town of Tirupati in the Chitoor district of Andhra Pradesh was selected for locating the Indian MST Radar . NMRF is located off the Chitoor -Tirupati main road in a 
picturesque landscape spreading over an area of about 42 acres. Regular train and bus services are operated between Tirupati and Bangalore/Madras. On request NMRF may provide transport between 
Tirupati and Gadanki. 


SOURCE: The National MST Radar Facility (NMRF) 
http: //www.isro.org/nmrf/default.htm 
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Cherenkov Radiation around Antennas 





Image courtesy ISRO 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:05pm 


HAARP Like Facility 
Lima, Peru 
11° 57' 04.82" S 78° 52' 27.43" W 





Introduction 


The J icamarca Radio Observatory is the equatorial anchor of the Western Hemisphere chain of incoherent scatter radar (ISR) observatories extending from Lima, Peru, to Sondre Stromfjord, 
Greenland. It is part of the Geophysical Institute of Peru (Instituto Geofisico del Peru, or IGP) and receives the majority of its financial support from the National Science Foundation of the U.S. through 
a Cooperative Agreement with Cornell University. 


The Observatory is the premier scientific facility in the world for studying the equatorial ionosphere. It has a 2-MW transmitter and a main antenna with 18,432 dipoles covering an area of nearly 
85,000 square meters. 


SOURCE: Jicamarca Radio Observatory 
http: //jicamarca.ece. cornell.edu/overview.htm! 





Piura facility: Jicamarca Radio Observatory 


The Observatory is about a half-hour drive inland (east) from Lima, Peru at a geographic latitude of 11.95° south and a longitude of 76.87° west. The altitude of the Observatory is about 500 m ASL. 
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It is about 10 km from the Carretera Central, the main highway east in Peru. 
The J icamarca Radio Observatory was built in 1960-61 by the Central Radio Propagation Laboratory (CRPL) of the National Bureau of Standards (NBS). 


Station Database 
http: //jro.igp.qob.pe/english/database/database_en.htm 








Image Courtesy Cornell University 


The J icamarca Radio Observatory - Cornell University 
http: //jicamarca.ece. cornell.edu/ 





The 49.92 MHz ISR is the principal facility of the Observatory. The radar antenna consists of a large square array of 18,432 half-wave dipoles arranged into 64 separate modules of 12 x 12 crossed 
dipoles. Each linear polarization of each module can be separately phased (by hand, changing cable lengths), and the modules can be fed separately or connected in almost any desired fashion. There 
is great flexibility, but changes cannot be made rapidly. The individual modules have a beam width of about 7 deg, and the array can be steered within this region by proper phasing. The one way half 
power beam width of the full array is about 1.1 deg; the two way (radar) half power width is about 0.8 deg. The frequency bandwidth is about 1 MHz. The isolation between the linear polarizations is 
very good, at least 50 dB, which is important for certain measurements. Since the array is on the ground and the Observatory is the only sign of man in a desert region completely surrounded by 
mountains, there is no RF interference. The transmitter consists of four completely independent modules which can be operated together or separately. Only two of these modules are currently in 
operation. Each can deliver ~1.5 MW peak power, with a maximum duty cycle of 6%, and pulses as short as 0.8-1.0 us. Pulses as long as 2 ms show little power droop; considerably longer pulses are 
probably possible. Two additional modules with the same properties will eventually be available. The third is more than 90% complete; the fourth is well advanced but its completion will require 
additional funding. The drivers of the main transmitter can also be used as transmitters for applications requiring only 50- 100 KW of peak power... 


SOURCE: Jicamarca Radio Observatoryhttp: //www.kurasc.kyoto-u.ac.jp/radar-group/local/isr/jicamarca/overview.html 


MUCH BIGGER THAN HAARP 
Main Array 


me 





Visit the Jicamarca Radio Observatory homepage 
http: //jro.igp.qob.pe, 
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Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:07pm 


Jindalee Operational Radar Network 


Laverton, West Australia 
-28° 19' 36.29", +122° 0' 18.84" 


Two Part System 





CANO09&,0153-03 
JORN PROJECT RECEIVER SITE. LAVERTON W.A 
PIC BY CPL DAVE BROOS, DEFENCE PUBLIC AFFAIRS. 


Projects 
JP 2025 - Jindalee Operational Radar Network (J ORN) 


The J ORN project arose out of extensive research undertaken by the Defence Science and Technology Organisation (DSTO) into over-the horizon radar (OTHR) beginning in the early 1970s. As part of 
the 1987 Defence White Paper, the Government placed a high priority on wide area surveillance of the north and north western approaches to Australia and OTHR was seen to be the most cost 
effective solution. As a consequence, in December 1990, the Government approved the design and construction of JORN. 


The J indalee Operational Radar Network (J ORN) consists of two OTHR, one near Longreach, Qld. and the other near Laverton, WA, jointly operated from the J ORN Coordination Centre (JCC) at RAAF 
Base Edinburgh, SA by No 1 Radar Surveillance Unit. The radars are an advanced development of the Australian designed Jindalee radar at Alice Receiver Site, Laverton WA - click on image to 
enlargeSprings which is in operational use as well as being a research and development facility used by DSTO for ongoing OTHR improvement. JORN radars are capable of all weather detection of air 
and surface targets inside an arc of up to 3,000 km range extending from Geraldton in the west around to Cairns in the east. JORN makes a crucial contribution to broad area surveillance of Australia's 
strategically important northern approaches. 


SOURCE: 

Australian Department of Defence 

Defence Materiel Organization 

http: //www.defence. gov.au/dmo/esd/jp2025/jp2025.cfm 





Electronic Warfare & Radar Division - DSTO, Australia 
http: //www.dsto. defence. gov.au/page/3603/ 
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NUS Tosms 
JORN PROJECT RECEIVER SITE ANTENNA ARRAY, LAVERTON W.A. 
Pic BY CPL DAVE BROOS. DEFENCE PUBLIC AFFAIRS. 

Courtesy Australian Department of Defence 








Courtesy Australian Department of Defence 
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Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:09pm 


Jindalee Operational Radar Network 
JORN 

Longreach, Queensland, Australia 

-23° 39' 29.53", +144° 8' 49.58" 


JORN Part Two 
Communications '92: Communications Technology, Services and Systems; Getting It All Together 


The J indalee Operational Radar Network Communications and the Operational Concept 
Nicholson, P1; Cameron, A2 


Abstract: The operational concept of the Jindalee over-the-horizon operational radar network (JORN) is the centralised control and co-ordination of remote sensors. The radar sites are in Laverton, WA 
and Longreach, Queensland, while the co-ordination centre is situated in Adelaide, South Australia. An extensive communications network is needed to control the radars and their associated 
frequency management systems, transfer partly processed data for final analysis at the co-ordination centre, and pass track information to the command support systems of the Australian Defence 
Force and other users. The principle of operation, configuration and concept of the J indalee project are briefly outlined to provide the context of the communications requirement. The communications 
infrastructure to support this operational concept is then described together with the main factors which have influenced the design of JORN communications. 


Papers Available Here 
http: //search.informit.com.au/documentS ummary; dn=563982181256363; res=| ELENG 








Consultancy Projects 

Jindalee Operational Radar Network 

RayTec Consulting has since its inception offered sub-contract services on the JORN project across a broad spectrum of Systems Engineering disciplines from Requirements Analysis and Design, 
Verification and Validation to 


Integration and Test. 


SOURCE: http://www. raytec.com.au/wp/projects 





Electronic Warfare & Radar Division 
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Electronic Warfare & Radar Division 


Electronic Warfare & Radar Division provides scientific leadership and support to the Australian Defence Organisation on the exploitation of the electromagnetic spectrum to enhance the performance of 
our own sensors, weapons, platforms and command systems, together with the ability to destroy the effectiveness of adversarial systems. 


Weapons Systems Division 


Weapons Systems Division provides scientific leadership and support covering all aspects of weapon systems - including sensors, guidance, propulsion and warheads, and their integration into combat 
platforms and command and control systems. 


Command, Control, Communications & Intelligence Division 

Command, Control, Communications & Intelligence Division provides scientific leadership and support for Defence command, intelligence, communications, and business processes, at both the 
operational and theatre levels of command. Support to the Australian Defence Organisation includes Information Operations with special capabilities in Information Security and Digital Forensics; 
Communications with special capabilities in Satellite Communications, Mobile Networks and Network Management; Intelligence Processing and Analysis with special capabilities in signals analysis, 
communications analysis, automated fact extraction, and speech processing. The Division has organised its work program to have a strong emphasis on support achieving the goals as outlined in the 
Network Centric Warfare roadmap. 

Intelligence, Surveillance & Reconnaissance Division 


Intelligence, Surveillance & Reconnaissance Division provides scientific leadership and support for strategic intelligence, surveillance and reconnaissance systems, with a focus on the needs of the 
intelligence community. 


Land Operations Division 
Land Operations Division provides scientific leadership and support to the Land Force through structured and analytical approaches to capability development. 


SOURCE: DSTO 
http: //www.dsto.defence. gov.au/page/3603/ 








http: //www.thelivingmoon.com/45jack_file.... Longreach. htm] 








Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:12pm 


[quote] Originally posted by zorgon 


Poker Flat Research Range 

Near Chatanika, Alaska 

+65° 7' 23.90", -147° 28' 7.05" 

Still looking for the actual array in this area but Poker Flats covers a wide terrain and the array is most likely hidden in the trees 


Gate sign says NASA is lurking about and they mention the Aurora studies... 
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THE BEST EQUIPPED SOUNDING ROCKET LAUNCH 
FACILITY IN THE NORTH, ESTABLISHED BY THE 
GEOPHYSICAL INSTITUTE OF THE UNIVERSITY OF 
ALASKA, FAIRBANKS. THIS FACILITY IS UNIQUELY 
DEDICATED 10 STUDIES OF THE AURORA BOREALIS 
AND OTHER ATMOSPHERIC RESEARCH STUDIES FOR 


THE PAYING CUSTOMER SUCH AS THE NATIONAL 
ee eee AERONAUTICS AND SPACE ADMINISTRATION, THE 
sues ncadees UNITED STATES AIR FORCE, THE UNITED STATES ARMY, 
POKER FLAT THE NATIONAL SCIENCE FOUNDATION, AND OTHERS. 
RESEARCH RANGE FIRST LAUNCH FROM THIS FACILITY MARCH 1969 


errors rs were cae Y o 
(907) 474-7015 LATITUDE 65°07 NORTH LONGITUDE we WEST 





HAARP likely not Primary |onospheric array in Alaska by Guy Cramer 
http: //www.superforce.com/haarp/index.htm 





How to hide a HAARP by Guy Cramer 


This first photo shows HAARP- 


Power Generation Building 
and Future Operations Center 


Temporary 
Operations Center 


Temporary 
Riometor Pad 


Airtraft Alert Radar ————— 





The second photo shows HAARP with a camouflaged Array 


Power Generation Building 
and Future Operations Center 


48 pent 
HF Antetina Array 


Tenponry ——* 
Operations Center 


Temporary 
Riometer Pad 


Aircraft Alert Radar ————— 





The third image shows a completely concealed array, road and power generation center, to show how easy it is to hide a large facility in a location like Alaska. 


Power Generation Building 
und Future Operations Center 


48 ent 
HF Antetina Array 


Trmpty 
Operations Center 


Temporary 
Ridmeter Pad 


Aircraft Alert Radar ————> 





"The above illustrations demonstrate the capability to effectively conceal large land areas containing hardware and buildings. In a similar initiative comprising the the most comprehensive 
infrastructure concealment program since World War II, the design team of Dr. Resnick, Lt. Col. Timothy R. O'Neill, PhD (U.S. Army, Ret.) and Mr. Guy Cramer have produced remarkable results. 
Using specially designed "Fractal Based" camouflage patterns in projects related to concealment of critical infrastructure under the auspices of the US Department of the Interior's Bureau of Land 
Management, the team continues to achieve desired objectives such as those shown below." 


SOURCE: Guy Cramer Hyperstealth Tech 
http: //www.superforce.com/haarp/index.htm 





We have found this one... 


Chatanika Incoherent Scatter Facility 
EISCAT Like Facility 

Poker Flats 

+65° 7' 1.34", -147° 27' 37.23" 
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Also found one small Array... 
+65° 7' 55.61", -147° 27' 14.98" 





And several 'suspicious' areas like this one 
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But Poker Flats is still a work in progress 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:20pm 


Baikal-1 and IGR sites 

Semipalatinsk-21, Kazakhstan 

This one is a direct tie in with Remote Viewing success and Tesla technology. 

It is said Russia has several HAARP like facilities, bt so far | have only found SURA 

Back in the scalar weapon and Tesla research days there are several objects left in Russia that are very impressive. As they deal with antennas and as they are cool | will add them here as well... 
You will also have to visit my pages at the bottom of each post as | am only using a few of the images and a little of the text... the full collection is on each page as | get new data... 


First one is... 


URDF- 3 (Unidentified Research and Development Facility- 3) 


Baikal-1, Semipalatinsk, Kazakhstan 
50°10'12.69"N, 78°22'36.84"W 


This first appeared as a CIA satellite image 





U.S. satellite reconnaissance photo of suspected Soviet beam weapon installation near Semipalatinsk. 
Published J uly 28, 1980. (Courtesy Aviation Week & Space Technology) 


Much has been written about the CIA search for Russia's Tesla Beam Weapon facility and it is even one of the biggest cases for the Remote Viewing Project Stargate that the CIA ran. One of the things 
that was a positive hit from the RV Team was the huge crane at the site... 


Well that crane is STILL THERE... 


file:///C:/Users/V ince/Desktop/fLASHrADAR/Every %200ne%20Speaks%20about%20... 5/5/2011 


Every One Speaks about HAARP, but did you know... Page 21 of 47 


50°10'12.68" N 78°22'36.84" E 





Space Nuclear Facility test capability at the Baikal-1 and IGR sites 
Semipalatinsk-21, Kazakhstan 


Hill, T. J.; Stanley, M. L.; Martinell, J. S. 
Presented at the Nuclear Power Engineering in Space Nuclear Rocket Engines, Kazakhstan, Russia, 22-26 Sep. 1992 


The International Space Technology Assessment Program was established 1/19/92 to take advantage of the availability of Russian space technology and hardware. DOE had two delegations visit CIS 
and assess its space nuclear power and propulsion technologies. The visit coincided with the Conference on Nuclear Power Engineering in Space Nuclear Rocket Engines at Semipalatinsk-21 
(Kurchatov, Kazakhstan) on Sept. 22-25, 1992. Reactor facilities assessed in Semipalatinski-21 included the 1VG-1 reactor (a nuclear furnace, which has been modified and now called |VG-1M), the RA 
reactor, and the Impulse Graphite Reactor (IGR), the CIS version of TREAT. Although the reactor facilities are being maintained satisfactorily, the support infrastructure appears to be degrading. The 
group assessment is based on two half-day tours of the Baikals-1 test facility and a brief (2 hr) tour of |GR; because of limited time and the large size of the tour group, it was impossible to obtain 
answers to all prepared questions. Potential benefit is that CIS fuels and facilities may permit USA to conduct a lower priced space nuclear propulsion program while achieving higher performance 
capability faster, and immediate access to test facilities that cannot be available in this country for 5 years. Information needs to be obtained about available data acquisition capability, accuracy, 
frequency response, and number of channels. Potential areas of interest with broad application in the U.S. nuclear industry are listed. 


SOURCE: Harvard Abstracts 
http: //adsabs. harvard.edu/abs/1993STIN...9416773H 





Here is the crane sketch from the CIA RV Team members 





tb) CRANE COMnARICON 


Figure 1: Comparison of Target Site and Drawing by Remote Viewer 


aria 378.01 Satake 
inert 
SEGRET 


Here is the large crane on Google Earth 
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Credit for the find and info gathering goes to 
admiraltogo 

Fort Smith, AR 

Google Earth poster 


This base was also the spot where the Russians tested their version of a Nuclear Rocket 





http: //www.thelivingmoon.com/45jack_file....Kazakhstan.html [/ quote] 








Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:26pm 


Strange Towers in a Russian Forest 


Tesla Generators 
Sychévka, Moskovskaya Oblast' (Russia) 
+55°55'26.15"N,36°49'10.97" 


Yet another old Russian project tied into Tesla research... | have included these because they are related, and just plain cool =] 
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Update 2007-12-02 09:59:49 


“These were part of the experiments do by the SU with Teslas work towards power transmission and communication. Pictures all over the place on the internet. Nothing mysterious or new about it. Or 
perhaps its a secret installation for taking over the world. Take you pick." 


Below is the entry gate from Google Earth images... the caption translates to... 
"Isled. the center of the high energies" 


Vicneg. WeHTp BbICOKMX 3HEprMii 





near Sychévke, Moskovskaya Oblast’ (Russia) by Dark Raven Google Earth -1D; 4314798 


Test benches VNITS - ALL-UNION SCIENTIFIC RESEARCH INSTITUTE OF CEMENT VEI 
(high-voltage scientific research center of All-Russian electrotechnical institute) . 


Satellite View of the Installation near Sychévka, Moskovskaya Oblast’ (Russia) 





http: //www.thelivingmoon.com/47john_lear....ian_Forest. html 








Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:29pm 


The Russian Woodpecker 
Duga Radar Array, Chenobyl, Ukraine 
51°18'20.17"N, 30°04'02.60"E 
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PJIC Ayra-1 YepHo6pinb-2 (Radar arch-1 Chernobyl-2) by DM.HANTER 

History 

The Soviets had been working on early warning radars for their anti- ballistic missile systems through the 1960s, but most of these had been line-of-sight systems that were useful for raid analysis and 
interception only. None of these systems had the capability to provide early- warning of a launch, which would give the defenses time to study the attack and plan a response. At the time the Soviet 
early-warning satellite network was not well developed, so work started on over-the-horizon radar systems for this associated role in the late 1960s. 

The first experimental system, Duga-1, was built outside Mykolaiv in the Ukraine, successfully detecting rocket launches from Baikonur Cosmodrome at 2,500 kilometers. This was followed by the 


prototype Duga-2, built on the same site, which was able to track launches from the far east and submarines in the Pacific Ocean as the missiles flew towards Novaya Zemlya. Both of these radars 
were aimed east and were fairly low power, but with the concept proven work began on an operational system. The new Duga-3 systems used a transmitter and receiver separated by about 60 km.[2] 


http: //en.wikipedia.orgq/wiki/Russian_Woodpecker 
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YopHo6unb-2. NpuiimanbHi adTeHu (Chernobyl-2. Receiving Antenna) by djcrok 


51°18'20.17" N 30°04'02.60" E 





MANY more pictures 


http: //www.thelivingmoon.com/45jack_file....ar_Ukraine.html 





Main Stream Media coverage.. 


The Missing Secrets Of Nikola Tesla - Woodpecker Signal 
Russia makes Aurora's with Woodpecker Array 
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Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:33pm 


China Research Institute of Radiowave Propagation (CRIRP) 


HAARP Like Facility 
lonospheric Laboratory 


lonospheric Laboratory, Xinjiang (Sinkiang) Region 
40°24'15.91"N, 93°38'09.74"E 


So far | have only found ONE of China's Arrays and one EISCAT type dish. 
Not much data to go on either but the name... 


CRIRP 
China Research Institute of Radiowave Propagation 





This facility is closest to Urumchi (Urumai), Xinjiang Region, China. Actually the whole region is filled with odd markings and will be a whole thread on its own but not related to radio waves... 
lonospheric sounding network and data in China 


Wu Jian Jiao Peinan Xiao Zuo Wan Weixing Liu Ruiyuan Zhao Zhengyu 
LEME, China Res. inst. of Radiowave Propagation, Beijing; 


This paper appears in: Antennas, Propagation and EM Theory, 2000. Proceedings. ISAPE 2000. 5th International Symposium on 
Publication Date: 2000 

On page(s): 688-691 

Meeting Date: 08/15/2000 - 08/18/2000 

Location: Beijing, China 

ISBN: 0-7803-6377-9 

References Cited: 10 

INSPEC Accession Number: 6963766 

Digital Object Identifier: 10.1109/1SAPE.2000.894880 

Current Version Published: 2002-08-06 





Abstract 

lonospheric sounding has been conducted routinely for more than 60 years in China. A complete network of ground-based sounding sites covers the Chinese subcontinent, including vertical and 
oblique sounding, GPS measurement of ionospheric TEC and scintillation, VLF receivers measuring the lower ionosphere etc. In this paper, we give a picture of the sounding network, equipment 
situation and data acquired with emphasis on vertical ionosonde network 


SOURCE: IEEE 
http: //ieeexplore.ieee.org/xpl/freeabs_a....&isnumber=19345 





The lonospheric Sounding in China 


The ionospheric sounding in China has a long history and has a well spread network, which is still keeping routine operation, providing a good background to do the ionospheric long-term prediction 
and short-term forecasting. The ionospheric sounding in China started in early 1940s (Wu et al., 2002). Fig.1 shows the ionospheric sounding network in China. The sounding equipments and 
operation periods are listed in Table 1. Among them 11 ionosonde stations are still in operation in China mainland. The data at integer UT hours are sent to forecasting center in Beijing twice a day 
through Internet. 


There is also a daily exchange of ionospheric data with Russian (for 4 stations) and with Australia (for 4 stations) respectively. A method of predicting the ionospheric F2 layer in the Asia and Oceania 


Region (AOR Method [Sun X.R., 1987]) was adopted as a regional ionospheric long-term prediction method in China and its surrounding area. Then this was cooperated with the International 
Reference lonosphere and became the Reference |onosphere in China (CRI) [Liu et al., 1994]. 
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http://www. irf.se/~christer/China_1ONO.doc 








Preliminary studies on ionospheric forecasting in China and its surrounding area 


R. Liua, Corresponding Author Contact Information 
E-mail The Corresponding Author, Z. Xua, J. Wub, S. Liua, B. Zhanga and G. Wangb 


Polar Research Institute of China, 451 Jingiao Road., Shanghai 200136, 
China bChina Research Institute of Radiowave Propagation, Xinxiang 453003, China 


Abstract 

The ionospheric sounding in China has a long history and has a well spread network, which is still keeping routine operation. The autocorrelation method is adopted for the short-term forecasting of 
ionospheric characteristics. The performances of the forecasts at Chongqing have been examined for different combination of parameters and algorithms by estimating the prediction errors. 
Preliminary results show that for predictions of more than 10 h ahead the “at once” method with fOF2 is preferable. For predictions of less than 10 h ahead the “iterations” method with View the 
MathML source is the best. A corrected method of the International Reference | onosphere used in China region (the CRI model) is described in this paper. By introducing an effective ionospheric index 
Ice into the CRI model the regional forecasting could be realized. 

SOURCE: Science Direst 


Home Address: 
National Key Lab of Electromagnetic Environment, China Research Institute of Radiowave Propagation (CRIRP), P.O. Box 6301, Beijing 102206, China, 
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Fig 1 Ionospheric Sounding Network in China 


Table 1 Ionospheric sounding equipments and operating periods in China 





+ 
GPS , , Polarimeter 
Site Tonosonde nme scintillation — _ = TEC and 
receiver receiver receiver g 
receiver scintillation 
Manzhouli 1954—now 1982—1991 
Changchun 1956—now 
Ummchi 1957—now 1982—1992 
Beijing 1953—now 1998—now 1994—1996 1980—1992 
Lanzhou 1956—now 
Qingdao 1999—now 1994—now 1997—now 1994—1996 
Xinxiang 1988—now 1994—now 1978—now 1982—1992 1981—1992 
Sheshan 1957—1966 
Wuhan 1957—now 1994—now 1988—now 1980—1990 
Lhasa 1970—now 
Chongqing 1944—now 1981—1992 
Guangzhou 1955—now 1985—i989 
Haikou 1956—now 1994—now 1998—now 1999—now 1982—1987 1986—1989 
Great wall 1986—now 1998—now 1998—now 1989—1996 
Zhongshan 1990—now 1998—now 1998—now 


a 


http: //www.thelivingmoon.com/45jack_file....ropagation.htm! 





Zhong Shan Antarctic Polar Station (China) 
692 22' 23.63" S 762 22' 19.11" E 


Introduction 


Of the two Chinese scientific stations in Antarctic, the one in Zhong Shan is closely conjugated with the Svalbard area in the northern hemisphere. This makes it a valuable place for coordinated 
measurements both with the EISCAT Svalbard Radar (ESR) and the Polar satellite. 1n 1991 a cooperation agreement was signed between the | onospheric Laboratory of the China Research Institute of 
Radiowave Propagation (CRIRP) in Xinxiang, China, and the Department of Physical Sciences, University of Oulu, Finland, to build an auroral photometer system for the Zhong Shan station (Kaila et al, 
1997). The multichannel scanning photometer agreed upon was constructed in Oulu by April 1995, and delivered to China in May. Measurements were supposed to start in March 1997, to be continued 
during the local winter time until October (the same schedule of measurements is planned for every year). However, due to problems mentioned above, the current status of the system is unknown! 


The Zhong Shan Station, Antarctica 
http://www. thelivingmoon.com/45jack_file....Zhong_Shan.html 








Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:36pm 


Sheshan, Shanghai, China 


EISCAT Like Facility 
31°5'41.98"N, 121°11'29.72"E 
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The Sheshan 25m radio telescope is an alt-az antenna run by SHAO. 
The telescope is located in the Sheshan area, about 40km west of Shanghai. 


This one is in the middle of the Old J esuit Cathedral lot. They have an observatory there as well 


— 
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http: //www.thelivingmoon.com/45jack_files/03files/China_Sheshan. htm] 





Been a lot of rumors around that the Jesuits still have a lot of control in the world... 


Look up Wheeling J esuit University... search for NASA grants and ask why is NASA giving money to a Church organization? 
http://www. wju.edu, 


Look up the National Technology Transfer Center (NTTC) These guys are in charge of who gets new technology 

The National Technology Transfer Center (NTTC) has entered its 20th year of providing technology transfer services for federal facilities of our nation. Our work has provided clients with technical and 
market research expertise dedicated to meeting the complex needs of technology transfer organizations, while providing close support focusing on customer service. NTTC is inspired by the 
technologies developed at our federal R&D institutions, and is proud of our work commercializing and disseminating federal innovation for the betterment of our nation's economy. 


Ask why do the J esuits control technology transfer? 


©2009 National Technology Transfer Center, Wheeling J esuit University 
http://www. nttc.edu/ 


But that is a whole new story He] 


Back to HAARP/EISCAT like stuff... 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 7:51pm 


HAARP High Frequency Active Auroral Research Program 


Gacona, Alaska 


There are more but that is all | have cataloged so far 2 


But each one of those sites links to documents that link to other cogs in the wheel... 


| am sure | have missed a few @ 
| will add more as | have time to create the webpages. Feel free to add anything that you find from those links... 


| will finish with some of the original HAARP images. You can also go to Jack Arnesons page and look under HAARP and Similar Facilities 
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HAARP cam image... 
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2009/09/21 19:40 AKDT 





http: //www.thelivingmoon.com/45jack_file....ona_Alaska.html 





This is the HAARP ‘home page' 
http://www. haarp.alaska.edu/ 





But remember that the real HAARP project is run by the US NAVY NRL (Naval Research Laboratory 


High Frequency Active Auroral Research Program 
http://www. nrl.navy.mil/content.php?P=04REVIEW106 





HAARP Photo Gallery and web cam access links 





http://www. thelivingmoon.com/45jack _file....Gallery_01.htm! 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 8:00pm 


Going through my old thread for relevant posts... here is one... 


Quote: 


Originally posted by TheWretched 
Many of the ones you have listed are nothing but observatories for looking into the stars. Some are nothing but radar stations. 


If you believe THAT then you haven't read anything about them. So much for your ‘expertise’ Most of the ones listed came from EISCAT and HAARP OFFICIAL websites 


| haven't even listed all yet..but the antennas at 
Kiruna, Sweden 

Longyearbyen, Svalbard (Spitsbergen), Norway 
Sodankyla, Finland 

Sgndre Stremfjord, Greenland 

Ramfjordmoen, near Tromsg, Norway 


Are most certainly used for lonosphere manipulation and research which is after all THE POINT of these facilities and hence the thread 
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3 
Why do these skeptics always have nasty names? es) 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 21, 2010, 8:10pm 


Lot of weird stuff happening lately... Ocker has noticed it too, he said so in an ATS thread... 


Stuff | have been looking for for years is suddenly posted on Wikipedia, Buzz Aldrin now posts the confirming data on his site about Aquila and the very day | made that HAARP thread at ATS... 


Quote: 

Originally posted by autowrench 

Great post, starred and flagged. Did anyone happen to watch the History Channel last night? They had as show called "That's 
Impossible," and the show as all about HAARP, and the different facilities around the world, and how they use it as a weather weapon. | 
too have researched this thing, but the show had all of the tech, plus computer animation, and was fabulously presented. 


Now how is that for coincidence? Same dang thing happened with PBS NOVA... A week before | was going to post all the original Secret Astronaut material we had collected, NOVA does :Astrospies" 


{{{insert score to 'Twilight Zone’ here} }} 





Re: Every One Speaks about HAARP, but did you know 
Post by dragar on Sept 21, 2010, 10:09pm 


Zorgon im going to add this in please feel free to delete this post. 

Take alook at it see if this is a bit strange. 

HAARP= High Frequency Active Auroral Research Program 

The Prince Albert Radar Laboratory (PARL):The original study that led to PARL came about as the side effect of questions about the effects of the aurora on radar systems. 
Work on the HAARP Station began in 1993 

Prince Albert Radar Laboratory limited operations started in 1959. 

Could this be what sparked HAARP? 


The Prince Albert Radar Laboratory 


A satellite is any smaller object traveling around a larger one. This means that the moon is a satellite to the Earth. However, the term satellite often refers to a human-made spacecraft placed in space 
to orbit another body. 


The first "communicatons satellite" was the moon. The USA started using the moon for communications trials in the early 1950's. Signals beamed towards the moon were reflected and received back 
on Earth. It was a very inefficient means of communication requiring high power and large antennas to produce a detectable system. In addition, communication was only possible while the moon was 
above the horizon. 


DRTE staff participated in the trials starting in 1959 using a large radar station at the newly-built Prince Albert Radar Laboratory (PARL) in Saskatchewan. The first demonstration was given when 
Prime Minister John Diefenbaker inaugurated the station on J une 6, 1959. Here are some photos of the inauguration. A pre-taped greeting* from President Eisenhower was transmitted from a station 
at Millstone Hill near Boston and received by the PARL station. Each station was equipped with a 26-m dish antenna. Diefenbaker used the occasion to announce that Canada would initiate its own 
satellite program. Here* is part of Mr. Diefenbaker's speech. 


http://www. friendsofcrc.ca/Projects/PARL/PARL. htm! 





As a side note :MY family and | have been there twice. It is very active many upgrades including a new security fence around it. 
You may have to dig around in the link | gave for further info . ty 


At the beginning, the work of the laboratory was focused on high frequency radio and the problem of forecasting the ionospheric conditions which determined the availability of any given frequency 
and transmission path. To this end, a new ionospheric sounder was designed by a team led by Bill McLeish. These sounders were constructed at RPL and were installed in a number of stations 
established across Canada. Most of the components were those which had been removed from surplus military equipment. The stations were manned by DOT personnel who were trained in their 
operation by Bob Stevens in a small building below the main laboratory by the shore of the Rideau Canal. 


Asecond project arose from some of the HFDF work during the war. It had been noted that transmissions passing through the auroral zone had been deflected by as much as 20 degrees. To 
investigate this phenomenon further. Jack Meek proposed what became known as the "Mobile" experiment. A railroad car was equipped with a laboratory, diesel generators, accommodation, and 
cooking and eating facilities. |onospheric sounders were installed, a crew was chosen and the car was hauled up to The Pas in Manitoba. From there, it was attached to the train which ran to Churchill 
and was shunted onto sidings at various points along the route. Antennas would be erected, and a series of ionospheric soundings taken. The car would then be hauled to the next siding and the 
process repeated. A line of soundings was thus obtained crossing the auroral zone. J ack Meek was in charge of the operation for the first period from the autumn of 1947 to January 1948 when Claire 
McKerrow took over. With Claire were Harold Serson, Cam Baker, and Sgt. Len Hagg on loan from the Canadian Army. The cook, provided by CNR, had an unfortunate habit of disappearing whenever 
the expedition arrived in The Pas. He was usually found in one of the local bars shortly before the train left. On one occasion, the town was searched from end to end to no avail. He was finally located 
in the local hospital, and they had to carry on without him. Claire called for volunteers to do the cooking with no success until Harold Serson finally admitted that he could cook a little. (In fact, Harold 
could have competed with most professional chefs.) Claire and Harold then shared the task until the cook's return. Food was supplied by the CNR from Winnipeg. Both Claire and Harold were 
inordinately fond of Winnipeg goldeye, and they ordered several cases of this delicacy.. The rest of the crew ate smoked goldeye, like it or not. 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Sept 22, 2010, 6:14am 


Nice addition @ Did not have that one yet 
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Location, Location, Location 


The requirements for the radar’s site were twofold. 

1. The site should permit the radar beam to illuminate the ionosphere over the Churchill, Manitoba region at the height at which the Aurora Borealis (Northern Lights) normally occurs. This would 
enable the comparison of auroral radar returns with simultaneous geophysical measurements made from Churchill. 

2. The site should be accessible to scientists from the Physics department of the University of Saskatchewan, Saskatoon, where considerable expertise in auroral studies existed. 


So it seems the location was specifically chosen to mess with the Aurora's.. so yeah... not only the predecessor for HAARP but proof that all big EISCAT and other huge radar dishes can effect the 
ionosphere 


Nice catch ®@ 


Re: Every One Speaks about HAARP, but did you know 
Post by dragar on Sept 22, 2010, 3:58pm 





University of Saskatchewan 
Auroral Radar - Saskatchewan 


Early 1948 

Peter Forsyth was preparing for medical school when Balfour Currie, returning from meeting in Ottawa, asked if he would help modify a radar to be borrowed from the Navy to seek radar echoes from 
aurora. 

This turned out to be a 3000 MHz surveillance radar. It was modified and operated, but no auroral echoes were detected. 


Auroral Radar - Saskatchewan 


1948-49 

With the aid of Nate Gerson, the USAF provided two huge 106 MHz early-warning radars. One went to Saskatoon, the other to NRC (McKinley), where it was to be modified to 56 MHz 
First Canadian auroral echoes were detected with this radar in 1949 (paper in Nature, April, 1950). 

As a result, Peter Forsyth decided to do his PhD on auroral echoes, rather than go into medicine. 


Auroral Radar - Saskatchewan 


1948-49 - Postscript 

Around 1990 a phone call came to the Department of Physics at the University of Saskatchewan asking if they had an SCR-270 radar with a particular serial number 
They did! It was the original radar which detected the incoming Japanese planes arriving to bomb Pearl Harbor (that information was ignored). 

For over 40 years that radar had been sitting “buried” in Saskatoon. It is now at the Historical Electronics Museum near Baltimore. 


Auroral Radar - Saskatchewan 


1951-52 

The modified radar came to Saskatoon from Ottawa, and a combined dual-frequency antenna was constructed. 

Simultaneous observations of auroral echoes were observed at 56 and 106 MHz (1953 paper) 

In 1951, Peter Forsyth finished his PhD and was hired to work at the Defence Research Telecommunications Establishment(DRTE) at Shirley Bay, near Ottawa, but since the facility didn't exist yet, he 
continued at Saskatoon for another year. It was a year later when he moved to DRTE, where he remained until 1958, rising to the position of Superintendent of the Radio Physics Lab. 


Pre-History 


1931 - NRC Radio Section established 

1932 - Dr. John Henderson (PhD with Appleton) 

1935 - Maj.-Gen. A.G.L. McNaughton new NRC President helped invent a cathode-ray tube direction-finder in the 1920s 
1936-38 - Henderson developed direction-finder for marine and air use, installed in Nova Scotia in 1938 

1938 - McNaughton was consulting with DND re detection of aircraft by electrical means 

1939 - Henderson sent to UK to be briefed on radar developments 


World War I| 


McNaughton contacted by Sir Charles Wright 

you have expertise, get into this radar development 

send physics graduates to UK Navy - badly needed 

Peter Forsyth developed air-borne radar in UK, 1942-45 

NRC became centre of radar development in Canada 

McGill, Queens, Toronto, Western also involved in radar research 

REL (Crown corporation) established to manufacture optical equipment, radar 

During course of war, NRC designed more than a dozen different radars at many frequencies: 75, 95, 150, 200, 215, 2,800, 3,000, 10,000 and 24,000 MHz. 
REL manufactured over 2000 radar sets, mostly for Navy, Army 


Post-war 


NRC 

microwave experience --> Covington's 10.7cm solar radio-telescope (1946) 

McKinley --> meteor radar program (1947) 

DRB 

established 1947 to take over defence research role which NRC refused to continue with after the war. 

took over labs from services (e.g. Naval Research Establishment, CARDE), and started new ones (DRTE, DRNL, Ft. Churchill) 
Weather radar 

started in 1943 as a Canadian Army project in Ottawa, led by Stewart Marshall. 

Post-war, at DRB & McGill, until 1950, then McGill alone. (Stormy Weather) 





Re: Every One Speaks about HAARP, but did you know 
Post by dragar on Sept 22, 2010, 4:09pm 


EISCAT 


In addition to the incoherent scatter radars, EISCAT also operates an | onospheric Heater facility at Ramfjordmoen (including a Dynasonde) to support various active plasma physics experiments in the 
high latitude ionosphere. 
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Description of the EISCAT heating facility: 


The Heating facility is situated next to the UHF and VHF incoherent scatter radars. 

The Heater is used for ionospheric modification experiments applying high-power transmissions of high-frequency electro-magnetic waves to study plasma parameters in the ionosphere. The name 
Heating stems from the fact that these high power electromagnetic waves, which are transmitted into the ionosphre with high-gain antennas, heat the electrons and thus modify the plasma state. To 
create plasma turbulence, the transmitted frequencies have to be close to the plasma resonances, which are 4 to 8 MHz. 





Re: Every One Speaks about HAARP, but did you know 
Post by gigas on Sept 23, 2010, 9:32am 


Here in wisconsin up north of me, we have clam lake and they run an ELF facility there to communicate with subs deep under the sea. This ELF transmitter is connected by another facility 128 miles 
east in michigan. | would guess this also holds true for the underground communications of other secret facilities regular radio communications cannot be linked up with. 


This facility was said to be shut down some years ago but according to the dot mil link below, it still operates. 


http:/ / enterprise.spawar.navy.mil/ UploadedFiles/ fs_clam_lake_elf2003.pdf 








Re: Every One Speaks about HAARP, but did you know 
Post by pman35 on Sept 27, 2010, 11:46am 


Hi guys have'nt read any of this but i have to say i'm pretty impressed zorgon with what u've posted to me it looks like if all these were connected they would indeed create a shield around the globe 
and because there are so many if one was to fail it might not affect the rest. 


| will read this post as i have an interest in haarp. 


Respect And May Disclosure Keep Moving Forwards 





Re: Every One Speaks about HAARP, but did you know 
Post by magooollo on Oct 5, 2010, 11:25am 


buzz aldrin and edgar mitchell ( apollo astronauts) are involved in the UFO community, perhaps as information conduits tho that isnt offically acknolwedged , would make good intermediatries in the 
disclosure race 





Re: Every One Speaks about HAARP, but did you know 
Post by somamech on Oct 5, 2010, 4:14pm 


Interesting pdf Gigas! 
EDIT 


For anyone curious as to when Zorgon mentioned that sometimes documents coming from us mil sites cannot be accessed by folk abroad, this is what you may see showing in your browser. Obviously 


I'm in Australia... and this is how our allie treats us? 


__ You are not authorized to view th... x g 











You are not authorized to view this page 


You do not have permission to view this directory or page using the credentials 
that you supplied. 





Please try the following: 


* Contact the Web site administrator if you believe you should be able to view 
this directory or page. 
* Click the Refresh button to try again with different credentials. 


HTTP Error 401.1 - Unauthorized: Access is denied due to invalid credentials. 
Intemet Information Services (11S) 
Technical Information (for support personnel) 


* Goto Microsoft Product Support Services and perform a title search for the 
words HTTP and 401. 

* Open ITS Help, which is accessible in 11S Manager (inetmgr), and search 
for topics tited Authentication, Access Control, and About Custom 
Error Messages. 


EDIT: PDF in question which Gigas posted is this link below: 


http: //enterprise. spawar. navy.mil/UploadedFiles/fs_clam_lake_ elf2003.pdf 








Re: Every One Speaks about HAARP, but did you know 
Post by winniethepooh4102 on Oct 5, 2010, 4:47pm 


| found a torrent for it, but the downloading is very slow: 


http: //extratorrent.com/torrent_download....s+HAARP.torrent 





But there is something more to HAARP if one 
could believe in some claims. 





Re: Every One Speaks about HAARP, but did you know 
Post by gigas on Oct 5, 2010, 5:37pm 


Oct 5, 2010, 4:14pm, somamech wrote: 


Interesting pdf Gigas! 
EDIT 


For anyone curious as to when Zorgon mentioned that sometimes documents coming from us mil sites cannot be accessed by folk abroad, this is what you may see showing in your browser. Obviously I'm in 


Australia... and this is how our allie treats us? 
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__ You are not authorized to view th... x go 











You are not authorized to view this page 


You do not have permission to view this directory or page using the credentials 
that you supplied. 





Please try the following: 


* Contact the Web site administrator if you believe you should be able to view 
this directory or page. 
* Click the Refresh button to try again with different credentials. 


HTTP Error 401.1 - Unauthorized: Access is denied due to invalid credertials. 
Intemet Information Services (IIS) 


Technical Information (for support personnel) 


* Go to Microsoft Product Support Services and perform a title search for the 
words HTTP and 401. 

* Open ITS Help, which is accessible in 11S Manager (inetmgr), and search 
for topics tited Authentication, Access Control, and About Custom 
Error Messages. 


EDIT: PDF in question which Gigas posted is this link below: 


http://enterprise.spawar.navy.mil/UploadedFiles/fs_clam lake _elf2003.paf 





| can no longer access that pdf as well with | am not authorized to access that page. It appears they locked it from web access. | tried to navigate to the pdf with a proxy web service and it says | am 
not authorized to see the pdf. 


Looks like they don't like this information being out there for all to see. 





Re: Every One Speaks about HAARP, but did you know 
Post by somamech on Oct 5, 2010, 5:41pm 


| saved a copy @ 


EDIT 


Re-reading that PDF | can clearly see why they don't like that info in the public domain @ 





x [image] 














Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Oct 5, 2010, 5:56pm 


Oct 5, 2010, 4:14pm, somamech wrote: 





For anyone curious as to when Zorgon mentioned that sometimes documents coming from us mil sites cannot be accessed by folk abroad, this is what you may see showing in your browser. 


FAS.org has a copy @ 


http://www. fas. org/nuke/quide/usa/c3i/fs_clam_lake_elf2003. pdf 








Re: Every One Speaks about HAARP, but did you know 
Post by winniethepooh4102 on Oct 5, 2010, 6:02pm 


The ELF cannot conquer the Elves. 





Re: Every One Speaks about HAARP, but did you know 
Post by gigas on Oct 5, 2010, 6:04pm 


Oct 5, 2010, 5:41pm, somamech wrote: 


I saved a copy @ 


EDIT 





Re-reading that PDF | can clearly see why they don't like that info in the public domain Se 





x [image] 











Reading that pdf, it looks like the facility is still operating when it was supposed to be closed sept 30 2004. 
Read the following link to see whats happening in the wisc land of dot mil. 


http: //www.zcommunications.orq/project-elf-rip- by-site-administrator 








Re: Every One Speaks about HAARP, but did you know 
Post by gigas on Oct 5, 2010, 6:13pm 


Thanks zorgon and somamech. 
| thought | had saved it when found but maybe not since | looked and could not find it on this pc. Maybe on my other machine. | did save it from zorgons link though. really | did. 


| tried to use the cache way back machines and it is scrubbed from the web as is the link to http: //enterprise.spawar.navy.mil. | can't access that link as well. 








Re: Every One Speaks about HAARP, but did you know 
Post by winniethepooh4102 on Oct 5, 2010, 6:13pm 


My favourite movie was "The Mad Max", the day after 
tomorrow. 





Re: Every One Speaks about HAARP, but did you know 
Post by somamech on Oct 5, 2010, 6:31pm 


Oct 5, 2010, 6:13pm, gigas wrote: 


Thanks zorgon and somamech. 
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| thought | had saved it when found but maybe not since | looked and could not find it on this pc. Maybe on my other machine. | did save it from zorgons link though. really | did. 


| tried to use the cache way back machines and it is scrubbed from the web as is the link to http://enterprise.spawar.navy.mil. | can't access that link as well. 


Me neither i] 


| was always able to view that previously 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Oct 5, 2010, 6:34pm 


One thing | need to mention.... 

Normally | will NEVER post a direct link to a file at a .mil site... 
Why? 

1) Many cannot get access from overseas 


2) Many .mil sites that | visit require a certificate acceptance, which means you give them permission to monitor you. Some are several levels deep. This scares off the looky loos 
3) Some ,mil sites like Maxwell AFB Archives will 'ping' back on the IP... happened once at ATS... everyone simply opening the page on that thread with the direct link got a warning pop up... | believe 


that contributed to ATS getting the rep of being government owned 
4) This is the most important FILES GET MOVED because of the sudden traffic 


Look at it this way An obscure document from 2003 has been idle for years... then suddenly | post a link say at ATS where several thousand viewers suddenly look at that file... well that sends up a 
red flag real fast 


| have over 16,000 files | have saved... haven't even read them all yet but a friendly spook at ATS once told me that my posts generate unique hits on sites that they would rather remain quiet 


8 


So best bet is download the file and save it then post it somewhere else to share 


One time | found a link to NASA Apollo photos... the FULL RS TIFF copies... | d/led a few posted something on a thread and while ArMaP was in the middle of a d/| the directory vanished. | never got 
all of them and | never found them again yet... 


Another case | had a link to all the Rover images in full true color... that directory also moved... but fortunately | found that one again... 


Because there are 40,000 pics on each Rover, | cannot d/I them all so | keep that link to myself now 8 





Keith Laney has some of them on his site 
http://www. keithlaney.net 
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Re: Every One Speaks about HAARP, but did you know 
Post by somamech on Oct 5, 2010, 6:48pm 


Good advice! @ 


But in my case | don't mind clicking on those sites that require accepting a security certificate. In this case the whole site is offline... 


Code: 
http://enterprise.spawar.navy.mil./ 





Re: Every One Speaks about HAARP, but did you know 
Post by somamech on Oct 5, 2010, 6:50pm 


BTW..the moon boggy better not look like that POS LOL 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Oct 5, 2010, 6:51pm 


Oct 5, 2010, 6:31pm, somamech wrote: 


Me neither =] 


| was always able to view that previously =] 





Well see? You have just witnessed the system in action... | posted that link mainly because the word ‘enterprise’ was in that url. A similar one before was 'hyperspace.nrl.navy.mil/TiPS/' That was the 
info on the other tether satellite that flew at the same time the NASA one did (STS75) 


It is still available on wayback machine & 


LINK 


But this is what happens and that is why | have stopped posting direct links to sites like that because it means that | lose my sources when they plug the ‘leaks’ @ 


Grab this one quick... it offers a 'public' access portal to the enterprise link, though | doubt the really cool stuff will be found there... but you never know =] 


http: //nesipublic.spawar.navy.mil/docs/misc/PEO_C4!_NESI_Memo. pdf 








Re: Every One Speaks about HAARP, but did you know 
Post by somamech on Oct 5, 2010, 7:13pm 


Thanks Zorg! 


That pesky system... Arrgh. When | get time after the weeks break i will show you my own instance of posting a link in an email that had way too many coincindes to be called so. a 


| don't mind posting DSTO links though... USA gets way too much attention... and lets face it, a good idea is as simple as placing some magnets and concrete together ala Ed. It does not need wads of 


cash thrown at it. Heck any country can come up with THE right idea 





Re: Every One Speaks about HAARP, but did you know 
Post by gigas on Oct 5, 2010, 8:30pm 


Oct 5, 2010, 6:34pm, zorgon wrote: 
One thing | need to mention... 


Normally | will NEVER post a direct link to a file at a .mil site... 

Why? 

1) Many cannot get access from overseas 

2) Many -mil sites that | visit require a certificate acceptance, which means you give them permission to monitor you. Some are several levels deep. This scares off the looky loos 


3) Some ,mil sites like Maxwell AFB Archives will ‘ping’ back on the IP... happened once at ATS... everyone simply opening the page on that thread with the direct link got a warning pop up... | believe that contributed to 


ATS getting the rep of being government owned 
4) This is the most important FILES GET MOVED because of the sudden traffic 


Who knew, cept master =) zorgon. Ok my friend, the lesson has surely been learned and in the future, | will follow your proven advice and keep dot mil links on the low. 
Thanks again exalted i=] one for sharing that important bit of information on dot mil. We have seen it in action and know it to be true OF 


Now, all hail zorgon 8. 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Oct 5, 2010, 8:38pm 


Oct 5, 2010, 6:02pm, winniethepooh4102 wrote: 
The ELF cannot conquer the Elves. 





B. hope not | like Elves... have a few myself 8 





Re: Every One Speaks about HAARP, but did you know 
Post by winniethepooh4102 on Oct 6, 2010, 7:38am 


Observing those very strange clouds and chemtrails 

in the sky above me I’m inclined to believe, as though 
the atmosphere is growing wiser and overripe. Do you 
admit the claims about the HAARP and the elves? 

P.S. | meant exactly this and some claims surrounding it: 


http: //www.educate- yourself. org/cn/sylphandchemtrailindex.shtml 





http: //educate- yourself. org/zsl/sylphessayindex.shtml 
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If the elves and the sylphs really exist they have to 
be in one category. Considering the UFO problem 
every possible information has to be processed. 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Oct 7, 2010, 9:00am 


Elves and Sprites Play above huge thunderstorms 


ALTITUDE (km) 
g 





100 
DISTANCE (km) 


The Sylphs on the other hand only reveal themselves to those who can see them. | have a magnificent collections of Dragons... perhaps | may do a thread @ 
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They have little to do with HAARP as the Sylphs play in the atmosphere while HAARP messes several miles higher in the ionosphere, home of the Aurora... 


The Dragons will come though... all you need to do is ask them to appear 








Re: Every One Speaks about HAARP, but did you know 
Post by winniethepooh4102 on Oct 7, 2010, 11:21am 


| would leave the theme in this ouroboros style 
not knowing how exactly the matrix is structured. 
Anyway those creatures from under the ground 
and under the water flying also everywhere in 
the air and into the space cannot be unknown 
for The Big Brother. The question is why they are 
so big secret and what is their relation to us 
indepedently of those massive space ships 

and the ETs. 





Re: Every One Speaks about HAARP, but did you know 
Post by dragar on Nov 4, 2010, 5:51pm 
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The AN/FLR-9, operated by the Air Intelligence Agency, is part of the DOD World Wide High Frequency Direction Finding System. High-frequency radio communication signals travel to receivers over 
the horizon by bouncing off the ionosphere. The shell of ionised particles which surrounds the earth refracts the signals so that they return to earth rather than disappear out into space. The clarity of 
the signal received depends on atmospheric and topographical conditions. HF-DF stations detect radio signals from aircraft or ships, and calculate the direction, or line of bearing, of the radio 
transmitter from the direction finding antenna. When the same signal is received by two or more antennae, the intersection of the lines of bearing mark the transmitter's location, using either precision 
single station location (SSL) capability, or in a network of DF stations using both multi-station azimuth triangulation and SSL. High Frequency Acquisition (AQ) and Direction Finding (DF) operations are 
performed with the Narrowband System (NBS) and Wideband Direction Finding (WBDF) Subsystem in support of normal and degraded communications modes, using both adaptive reception and 
super- resolution direction finding techniques. 





Re: Every One Speaks about HAARP, but did you know 
Post by ivalen on Nov 9, 2010, 7:50pm 


Sept 21, 2010, 7:03pm, zorgon wrote: 


http:/Avww.thelivingmoon.com/45jack file....r_ Facility.html 





Cherenkov Radiation around Antennas 





Image courtesy ISRO. 


http: //en.wikipedia.org/wiki/Cherenkov_radiation 





Cherenkov radiation (also spelled Cerenkov or Cerenkov) is electromagnetic radiation emitted when a charged particle (such as an electron) passes through an insulator at a constant 
speed greater than the speed of light in that medium. The charged particles polarize the molecules of that medium, which then turn back rapidly to their ground state, emitting radiation 
in the process. 


For this to be the case in the above photograph - what is the insulating medium? 
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Re: Every One Speaks about HAARP, but did you know 
Post by sarentack on Nov 11, 2010, 4:10am 


one would think some of these facilities was like ginormous computer chip. 
or signals or landmarks for ET like that Triangle look from above. 


Wonder if their any relation to what we see in Peru? 





Re: Every One Speaks about HAARP, but did you know 
Post by somamech on Dec 5, 2010, 5:26pm 


Hey HAARP is old news to the mountain people = i) 


The uncanny resemblance to a mil array 8 


r = 





“compare that... 


To this: 








Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Dec 7, 2010, 8:55am 


Nov 9, 2010, 7:50pm, ivalen wrote: 


For this to be the case in the above photograph - what is the insulating medium? 


Good question... | might have said 'plasma' but that would require even more explanation. | do need to pinpoint exactly what these glows are... related to another glowing object on the Moon =) 
St. Elmo's fire (also St. Elmo's light) is an electrical weather phenomenon in which luminous plasma is created by a coronal discharge originating from a grounded object in an atmospheric electric field 


Physically, St. Elmo's fire is a bright blue or violet glow, appearing like fire in some circumstances, from tall, sharply pointed structures 


Working on it =) 





Re: Every One Speaks about HAARP, but did you know 
Post by zorgon on Dec 7, 2010, 9:12am 


Nov 4, 2010, 5:51pm, dragar wrote: 
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We have one of those in Japan too 
Misawa, Japan 
Misawa NSA Echelon Station 


Code Name: Ladylove 
+40° 43' 22.91", +141° 19' 43.57" 


Antenna Array | 
+40° 43' 22.91", +1449°19' 43.57" 





Quite a NAVY and AF presence there as well as an ECHELON station. We have nukes in storage in that area as well 


http: //www.thelivingmoon.com/45jack_files/03files/ ECHELON _Misawa.html 
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Re: Every One Speaks about HAARP, but did you know 
Post by zaggan on Dec 7, 2010, 3:31pm 


I'm late in the game on this discussion, but it surfaced in J une of last year in one of Dan's threads (think Reality 101). Someone had brought up one of the antenna arrays, along with a picture, and | 
commented back in late June. Dan got snippy and deleted all references to it, but want to add it back in here: 


Received a reply to an inquiry to POA Elmendorf AFB, listed as follows: 


Good Afternoon Sir, 
My name is SrA Xxxxxx Xxxxxxxxx from the 3rd Wing Public Affairs on Elmendorf and | contacting you in regards to the question about the structure you saw on Google Earth. 


It is a HF Antenna. If you would like more information you can go to the following link. http://www. fas. org/irp/program/collect/an-fir-9.htm 





If you have any other questions, comments or concerns please do not hesitate to contact me at 552-8915 or by email. 
Hope this helps! 
Thank You and have a nice day! 


XXXXXX XXXXXXXXX, SRA, USAF 
COMMUNITY RELATIONS 
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3WG PUBLIC AFFAIRS 
DSN: 552-8915 COMM: 552-8915 


The link is pretty interesting. 





Re: Every One Speaks about HAARP, but did you know 
Post by gigas on Dec 7, 2010, 8:22pm 


Dec 7, 2010, 9:12am, zorgon wrote: 


Nov 4, 2010, 5:51pm, dragar wrote: 





We have one of those in Japan too 
Misawa, Japan 
Misawa NSA Echelon Station 


Code Name: Ladylove 
+40° 43' 22.91", +141° 19' 43.57" 


Antenna Array 
+40° 43' 22.91", +1449°19' 43.57" 





Looks like they had one back 5,000 years ago in the UK around salisbury called stonehenge as well. 
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1. High Frequency Active Auroral Research Programn (HAARP) 
Gakona Alaska 
+62° 23’ 30.00”, -145° 8’ 48.00” 
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3. Poker Flat Research Range 
Near Chatanika, Alaska 
+65° 7’ 23.90", -147° 28" 7.05" 
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2. High Power Auroral Stimulation Observatory (HIPAS) 
Fairbanks Alaska 
64° 52' 19” N 146° 50’ 33” W 
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A. Platteville Atmospheric Observatory 
Platteville, Colorado 
+40° 10’ 54”, -104° 43’ 30” 
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5. Haarp - Westford, Massachusetts, USA (EISCAT-like) 
42°37'6.89"N 71°29'25.72"W 
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7. Nerc MST Radar Facility 
Capel Dewi, Carmarthenshire, Wales, United Kingdom 
52°25'25.95"N 4° 0'19.48"W 
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6. Haarp - Westford, Massachusetts, USA (EISCAT-like) 
Construction 
42°37'26.36"N 71°29'16.10"W 
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8. The Russian Woodpecker 
Duga Radar Array, Chenobyl, Ukraine 
51°18'20.17"N, 30°04'02.60"E 
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9. The Arecibo Observatory radio telescope 
Arecibo Puerto Rico. 
18°20'38.97"N 66°45'9.77"W 
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11. Jicamarca Radio Observatory 
Lima, Peru 
11° 57' 08.25" S 76° 52’ 30.67" W 
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10. National MST Radar Facility NMRF 
Gadanki, India 
+13° 27' 26.68", +79° 10’ 30.74” 
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12. Sdo Luiz Space Observatory 
Cruzeiro Santa Barbara, Sao Luis-MA, Brasil 
-2° 35' 40.47", -44° 12' 35.90” 










Google -2° 35° 40,47", 44° 12° 35.90" 


Getitrectons My places @ co f 


R da Secretaria 
‘Si Luis - MA 65052290, Broil 1 


(/uploads/2/3/1/7/23175228/7926199_orig.jpg) 








4/7 


3/16/2018 


13. European Incoherent Scatter Scientific Association EISCAT 
Ramfjordmoen, Near Tromsg, Norway 
+69° 35’ 10.94", +19° 13° 20.89” 
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15. China Research Institute of Radiowave Propagation (CRIRP) 
Xinjiang (Sinkiang) Region 
40°24'15.91"N, 93°38'09.74"E 
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14. Sura Facility 
Nizhniy Novgorod, Russia 
+56° 7' 9.70", +46° 2' 3.66” 
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16. Sheshan, Shanghai, 
China 
31°5'41.98"N, 121°11'29.72"E 
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17. Mu Radar 
in Japan 
34°51'14.80"N 136° 6'19.45"E 
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19. Jindalee Operational Radar Network JORN) 
Longreach, Queensland, Australia 
-23° 39’ 29.53", +144° 8' 49.58" 
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18. Jindalee Operational Radar Network JORN) 
Laverton, West Australia 
-28° 19’ 36.29", +122° 0’ 18.84” 
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20. Australia Naval Communications Station Harold E Holt (NCS 
HEH) 
Exmouth, Western Australia. 





” [REmouth WA Auta Google Mags = [PUGS Cooedirate for ol the Tap H | + | 
© toe rr qovgtent m= 
Google Exmouth wa, Austrata 


Getirectons My places @ co + 


@ Hotels in Exmouth Austraia 
Exmouth Australia 
No reseraton costs. Gres rates: 
bucking cae 


9 Exmouth WA 6707 
Australia 


Deachons Seatchinewby Serta map more~ 


8 engaion & Legare WA 


9. tours, 
bean, foxy 8 s om 


(/uploads/2/3/1/7/23175228/3863477. orig.jpg) 











6/7 


3/16/2018 HAARP Locaties - THE CHEMTRAIL DIARY 








Dey am se ir te = [VesGodnem ew alieteph 1] Teas UALR eae isons amon pa | Weep vate beueen geraseth. | Bars Isnareasase Geos = (+ | le SM 
€ i feos rem qoeatent emia > §- -o- + & ¢ @ am mogent mn = > &- ’o- +f 


30091e — ax 27 49.69" s 76°23 15 07°E - tom HO Share Oogle — 43°0451.75°W92"4828 BSE - ram 3 0 aiwe 
G fe Googl 


Get drecsome ty stares @ co 4 


Progress Station 
Actanctica 6 


q Seach nesitry See to Map mores 
Directions Searchnesby Savete mag more ~ 


Goad Macs - 80013 Gocgie Terme of lbw Preece 








é ‘ 
i 
E eyreir: a * 
Se) a)o) @ } 


; : So lbeay =. 
(/uploads/2/3/1/7/23175228/8315126_orig.jpg) 


(/uploads/2/3/1/7/23175228/4903180_orig.jpg) 


21. Zhong Shan Antarctic Polar Station (China) 22. 43°04'51.75"N/92°48'26.85"E 
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MFJ-971 Antenna Tuner Mod 
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http://www.m0ukd.com/mods/MFJ-971/ 
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MF] -971 Portable Antenna Tuner Modifications 





Ran bas Cannan 


The MFJ-971 has the potential to be a great portable tuner. It is a small, compact tuner that has a sensitive SWR circuit 
allowing precise tuning with low power thanks to its 6w FSD setting and it has outputs for coax, wire and balanced 
feeder (although I won't talk about the MFJ 'heavy duty' 1:4 voltage baluns here!). To make it the almost perfect 

portable / QRP tuner, there were a couple of things that needed to be solved... 


__ JUMPER WIRE 


MFJ ENTERPRISES, INC. | 
STARKVILLE, MS USA 
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MFJ-971 Antenna Tuner Mod http://www.m0ukd.com/mods/MFJ-971/ 





The problems I had with this tuner are: Constructed by Original SiC-MOS/SBD 
Suited for replacemet of IGBT 
1) No bypass switch www.rohm.com 


2) Not enough inductance to tune on 1.8MHz 
The first thing that I would want in any tuner, is a bypass alae eae aca 
switch. Its nice to flick a switch and be able to receive on | www.milesplatts.co.uk 

all bands and the lack of a bypass switch is frustrating. 
This was easily added by mounting a DPDT switch to the 
front panel, and connecting it appropriately, as seen in the | 39Q9MHz to 20GHz: Coax, Drop-in & WG 


pictures below. Fast Delivery, Manufactured in UK. 
www.mcsmicrowave.co.uk A 














> 


Sb 
J 
4 


VARNEY 





Usually, the signal comes off the PCB and straight into the 'transmitter’ capacitor and the output of the 'antenna’ 
capacitor goes to the coax/wire connection on the rear. The switch has been added to provide a way to bypass the 
tuner section. A drawing of the DPDT switch wiring is below. 


Ant enna capa cibor- Transmitter capacitor 






Antenna coax socket ‘ANT’ ine pom PCB 


MPUKD Connect 
MFI97) bypass switch. Cogebher 


OK, now that annoyance is out of the way, lets fix the top band issue. MFJ say 'The [MFJ-971] T-match tuner covers 
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MFJ-971 Antenna Tuner Mod http://www.m0ukd.com/mods/MFJ-971/ 


1.8-30 MHz’. It may well do, if you want to match a perfect 5092 load on 1.8MHz! The inductor inside this tuner, 
although adequate for 80-10m, does not have enough inductance to be useful on 160m. 


To overcome this problem, I included extra inductance by winding 29 turns of enamelled copper wire (any suitable 
insulated wire will do) on a T130-2 iron powder toroid, so when the tuner is on the 'L' inductance setting, the whole 
original inductor is used plus the extra inductance provided by the toroid. This does not affect any of the other settings 
from A-K. 


SS 
SS 


—— 





The MFJ-949E inductor has 27 turns, 75mm long and 75mm diameter which is about 37H. 

The MFJ-971 inductor has 17 turns, 43mm long and 66mm diameter which is about 17H. 

‘Adding on the extra inductance means we have a max inductance of around 27yH which allows matching on 1.8MHz. 
Air inductance coils can be calculated and the T130-2 toroid 





15W single frequency with low noise 1064 and 1550 nm ranges www.nktphotonics.com/high_power 





Mfr of flight worthy, 1 to 8 stub, 4-hole mount bus couplers. www.databusproducts.com 





Design and Manufacturing of Chokes, Inductors, Transformers, Coils, CTs www.coilw: A 











3di5 13/05/2012 15.45 


MFJ-971 Antenna Tuner Mod http://www.m0ukd.com/mods/MFJ-971/ 


he inductor switch picks up its ground from the bottom of the inductor and this is also the 'L' setting, meaning the 
whole coil is in use when 'L' is selected. The 'K' inductance setting is 2 turns up from this point. I cut the wire just after 
he 'L' tap and inserted the extra inductance. Now, when 'L' is selected, the whole original inductor is in use, plus the 
extra inductance of the toroid, making it suitable for use on 160m! Of course, the 'K' setting still uses the whole original 
coil (less 2 turns) so nothing is really lost. The wires cross to keep any magnetic fields circulating the same way 
between the 2 inductors. The toroid is then fixed with a nut & bolt and suitable insulation washers either side of the 
oroid. 
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MFJ-971 Antenna Tuner Mod 
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| The completed, modified, much improved MFJ-971 is seen below. Please let me know if you 


perform any of these modifications, I'd be interested to know what you think. 


There is one small problem remaining and that is RF BURNS! The nuts that hold the 
variable capacitors in place on many MFJ tuners are at RF potential. Most of the time they 
are hard to come into contact with being tucked away behind the control knobs, however, 
on the MFJ-971 the knobs must be pulled forward a little otherwise the metal inside the 
knob comes into contact with the metal shaft causing the grub screws that hold the two 
control knobs on to be at a high RF voltage. This can give you RF burns whilst you are 
tuning, even at 5 watts. I hate to imagine what the result would be if you put the 'rated' 
200w into this thing and touched a control! One problem with pulling the knobs forward a 
little is that then the nuts themselves are more visible, although anything is better than an 
RF burn! 73 de MOUKD. 
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MFJ-971 
May give you 
RF Burns! 
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Ugly/Ground Plane Construction 


The Method | Use in Building My Simple Receivers 


Oct. 7, 2006 by Rick Andersen, KE3IJ 


Occasionally | get emails from readers who want to know how | build these simple radio receiver circuits on an "L-shaped 
chassis" without cutting and scoring the copper, what | mean by "L-shaped chassis," or "what's all this about 10 megohm 
resistors?", etc. | tend to forget that not everybody has done this before, and | usually take it for granted that the reader is 
an accomplished "basement-tinkerer" and should therefore be able to just look at a schematic diagram and then come up 
with his own layout and method of construction. Sorry if | have annoyed anyone -- that wasn't my intention. 


When | first design a circuit, | make what a friend of mine used to refer to as a "spider" (or, "spider-web")-- basically just 
construct the circuit by soldering the components together, lead by lead, into a reasonable facsimile of the schematic (no 
chassis or pc board necessary-- the stiffness of the soldered leads themselves hold the "spider" circuit together). This 
method is quick, and allows me to modify things fairly easily. It also grows rather quickly into a "haywire monstrosity" if | 
allow it. 


Sometimes | do use a piece of copper-clad pc board as a ground plane, even during the "spider" stage, as the photo 


‘a 


below illustrates: 





Sa SN SS a ie 
A "haywire" mess of my "AGC-80" Regen receiver in its early, experimental stage 


To make things a bit clearer to you who have never built projects in this way before, | have attempted a free-hand diagram 
using Microsoft "Paint", which | converted to a .gif file and which you see below. 


In the top-center of the diagram is the schematic for a simple common-emitter audio amplifier stage. The left side of the 
diagram illustrates how one might translate that schematic into an actual circuit on the copper-clad pc board. At right is a 
diagram of the "L-shaped Chassis." This is the style in which | build most of my circuits. 


Basically, | use 2 pieces of 5x7 inch copper-clad pc board, available in the USA at Radio Shack [free plug]. One piece lies 
flat (the bottom piece), which is what | have shown in the diagram. | build my circuit on this bottom piece, using the copper 
floor as my ground connections ("ground plane"). Any resistors, caps, etc., that go to ground in the schematic, are literally 
soldered to this bottom ground plane and stood upright. At their top ends, the rest of the circuit is soldered, suspended up 
above the ground plane. Anywhere that | think | need some mechanical stability, | use a vertical 10 Megohm resistor, 
which acts to prop up and support the rest of the wiring above the ground plane. For most of the circuits | build, 10 
Megohms is much higher a resistance value than any of the resistors in the circuit itself; therefore, the circuit pretty much 
ignores the 10M "posts", electrically, and they remain simply a mechanical "standoff insulator". The 2nd piece of copper 
clad board is drilled for switches, potentiometers, tuning caps, and earphone jacks, etc., and then is soldered at right 
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Ground Plane Construction of Simple Radios 


angles to the flat bottom piece, making an "L-shaped chassis". It also helps to solder triangular pieces of copper-clad 
board as mechanical braces, at the corners where the front panel is soldered to the bottom ground plane. 





Example Circuit: + Iv 
Use 10 Meg Se 
wherever a sturdy 
“nost" is needed P 
Battery Front Panel 
IS 
(ams IN 
ne BYES “t 
We CD ee 
Sy yD | a KS aK me 
teas | e 
NS a 
| 





1. Solder to "ground plane" Bottom Ti | 
es riangular 
Ground Plane Reinforcement 
Copper-clad pc board 


a Copper surface 








Below is a photo of my 2006 creation, the "AGC-80", a Regen receiver for the 80 Meter ham band with audio-derived 
AGC. There's an article on this receiver elsewhere on this website; meanwhile, notice that it is built in the same way 
outlined above-- an "L-shaped" chassis made of a bottom piece of copper-clad board, soldered to a vertical piece of the 
same kind of board which is the front panel. [I also added a back wall to hold the antenna jack, and a right wall to hold the 
audio output jack, as well as a triangular reinforcement piece of copper-clad, at bottom-left between the front panel and 
bottom piece, although you can't see it in this photo.] 


To the right of the AGC-80 is the infamous Radio Shack/Archer little beige Amplified Speaker that I'm always mentioning. | 
may knock Radio Shack for other reasons [for example, that they have pretty much left us hobbyists behind, and have 
become just another consumer electronics store] but | will always say good things about their little $12.95 beige-colored 
Amplified Speaker. It works like a charm for the kind of projects | build. | also run an audio cable out of the Radio Shack 
amp to a bigger speaker, for better-quality sound-- in the photo you can see a white "Optimus" computer speaker pressed 
into this service. While the Radio Shack's speaker does a fine job, the Optimus sounds quite a bit louder and way nicer. Of 
course, you may argue that a real Electronics Geek rolls his own audio amp rather than rely on a commercially-made, 
external one. Well, I'm often too impatient to build the audio power amp myself, after having spent hours or days getting 
the RF part of the radio to work the way | want. Also, homemade audio amps tend to oscillate (squeal, motorboat, howl) in 
mysterious ways once lovingly installed on the same circuit board as the RF circuitry.... After a while one grows tired of 
trying 50 ways to make it happy, and would rather just hook up an Amplified Speaker and be done with it. 


To each his own. 
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..§ Please realize that you don't have to follow this method of construction (usually called "Ugly Construction" by hams), but | 
__@ would advise you to make sure there is some equivalent of a copper ground plane in most of your radio projects... it helps 
to shield the circuit from outside influence (particularly when connected to earth ground) and contributes to stability. 





— 9 

__1y | hope this has helped to give you a little better idea of the methods | use! 
s 73 de Rick, KE3IJ 

— 9 

— 
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ON6MU's "Vipormutant" Antenna 





RE-AHFV14P 





Versatile Inexpensive Portable Multi-band Tunable Antenna 


de ON6MU 
revision 2 
[> AdChoices RF Antenna Design 2M 70CM Antenna 


Features 


Only 3 meters high fully extended (effective radiating element height) 

Less then one meter inserted (no element is larger then one meter including the tunable section) 
Tunable without the use of an extra tuner (just switch till you get the best SWR) 
Covers all frequencies from UHF to 7 MHz without a tuner 

UHF (tuned by de- or increasing the length of the antenna) 3/4 2*5/8 4*5/8 
VHF (tuned by de- or increasing the length of the antenna) 1/4 5/8 2*5/8 

HF (tuned by switching) 

6 meters (1/4 1/2) 

10 meters (1/4) 

12 meters 

15 meters 
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17 meters 
20 meters 
30 meters 
40 meters: with large counterpoise and/or with longer radiating element, or extra tuner 
80 meters: if radiating element is > 5 meters, or with large counterpoise and/or with extra tuner 
e Works with or without cointerpoise 
e Ideal as portable or balcony antenna 
e Compact and extremly portable 
e Not too critical on the material or sizes of the elements 
e +- 50 watt input 
e SWL's Note: tunable on all frequencies between the bands mentioned above 


What you need to build the "Vipormutant" 


e 5 (or more depending on how high you want your boom) alu tubes 
e piece of hard insulating tube (+- 7 cm), examples: plastic, nylon, bamboo... 


e some low loss RG174 50 Ohm coax 
e carbon/ferrite bead or toroid (to act as a choke) 
e afew meters of 0,75mm enamelled copper wire to make the coil 


e SO239 (PL259 female) 

e Paint, silicon, glue etc. to seal things up 

e Plastic box to mount over the coil and where we'll put the switch and SO239 connector 
e 12 position rotary switch 

e a few innox hose clamps 


About the "Vipormutant" antenna: 


Well yes, one must have a name HI...It is nothing more then a base coil loaded antenna, but with a selector 
direct on the base to tune the antenna. 

Most of us don't have the luxury of building a 1/4, 1/2 or even a 5/8 wavelength vertical antenna for HF. We 
have to settle for something a little shorter. (A lot shorter, in the case of people following the FCC's Part 15 
rules, which limit them to 3 meters in size.) Shorter vertical antennas can give acceptable (but not 
spectacular) performance. 

I needed a highly (HF) portable antenna to use with my FT-817 which should have the highest possible 
frequency range (also VHF) and still compact enough to take along almost anywhere! The antenna should be 
versatile enough to allow further experimenting, to allow being mounted on a balcony, caravan, outdoors 
etc... So I came up with a compact vertical (dismounted no higher then 1 meter) with a "tuner" directly 
connected to the antenna radiating element (the best possible place a tuner can be). 

The "Vipormutant" tuning principle gets energy into the antenna on a wide range of frequencies, but the 
design of an antenna is what controls what happens to the RF energy from there. For some antennas, the 
antenna is simply not complete without a radial system, or at least a counterpoise. Other types of antennas 
need no RF ground system at all. Most reference books on antennas provide solid guidance on radials and 
counterpoises, but only for antennas cut to a specific frequency. When using the "Vipormutant" it will also act 
like tuner and at the best place a tuner should be: directly beneeth the antenna! So the rules have to change 
somewhat because the "Vipormutant" almost operates across the full range of HF frequencies unto UHF. It 
doesn't need a counterpoise to work, but the efficiency will increase when you do use it. 


Considerations: 


e If the length of the conductor is very short compared to a wavelength (< wave/4), the electric and 
magnetic fields will decrease dramatically within a distance of one or two wavelengths. 

e It is impossible to make a small antenna to radiate as efficient like a big antenna. 

e Ground losses affect radiation patterns and cause high signal losses for some frequencies. Such losses 
can be greatly reduced if a good conducting ground is provided in the vicinity of the antenna. 
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The coil/tuner 


Wind 0,8mm enamelled copper wire around the isolator (+- 16mm diamter) and make a tap every xx turns 
(see fig. 2 and 3) 


Fig.1 





The coil 
dimensions isn't too critical. 


Relatively short antennas behave like lossy capacitors and present a high impedance load to the transmitter 
due to the large amount of capacitive reactance that is present. The loading coil helps to tune out that 
reactance. Tuning out the reactance is important because a tuned antenna will accept and radiate much more 
power than a mismatched antenna. 


When the loading coil is installed at the bottom of the vertical radiator, we call it a "base loaded" antenna. 
Base loading requires the smallest amount of inductance to achieve resonance. 


The shoke 


Is made out of miniature 50 Ohm coax (rgi74) that goes a few turns through the carbon/ferrite bead or 
toroid. You can also use a Snap-Together Ferrite Choke Core. 

If a ferrite is put over a cable which includes both signal and return lines, it will have no effect on the signal 
(differential-mode) current but it will increase the impedance to common-mode currents. This is because the 
differential currents, by definition, sum to zero in each wire pair and therefore there is no net magnetic field. 
If there is no field, the ferrite is invisible. But the common mode currents do produce a net magnetic flux and 
this flux is concentrated in the bulk of the ferrite, leading to an increased impedance for these currents only. 
The choke should prevent any mantle currents flowing and should decrease RFI. 


The effectiveness can be increased by looping the cable several times through the core, but the benefit is 
limited at higher frequencies by the stray capacitance between the turns of the cable. 
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Fig 3 
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The base insulator 





The vertical radiator "driver" element and tuning box 

I used a plastic box of 130x70x40mm. On top and bottom I drilled a hole to fit the driver element (radiator of 
+/- 40cm length)and boom (also +/- 40cm length). 

On the side I drilled a hole for the rotary switch and the SO239 connector, whilest on the opposite side I 
drilled a hole to fit a "ground" bolt where I can easily connect the counterpoise and/or ground to if needed. 





Fig 4 





Fig 5 
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This is how things are connected inside the box: 


Fig. 6 





Example 

The rotary switch is used for tuning the antenna on each band. The first position allows UHF/VHF ranges. 
Tuning is done by sliding in/out of the elements. 

The "lower" the switch (higher inductance) the lower the resonance frequency of the antenna. 
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Remember, and this is important too, to seal everything up so no moisture can penetrate the antenna! 
Because the radiating vertical antenna elements are made out of separate pieces that fits inside each other 
and are tightened by hose clamps, the construction isn't waterproof. 

If you use a hollow isolating piece you need to to prevent moisture from getting inside the box (via the places 
where the elements are hold together). I've used a rubber "stopper" that fits snugly on the bottom of the 
driver element and glued tight. 


Black paint finishes the job: 





= _using a round box 
In my first d design I used a plastic box of 50mm diameter and 9 cm heigh. On top I drilled two holes: one for 
the driver element (radiator of 40cm) and a hole for the rotary switch (as was used in the first prototype). 


fig.8: The main driver element and tuning unit finished 





This allows it to be used on almost any boom or can be extended to use with or without vertical elements! 
Ideal for experimenting! 


Featuring Today 


The antenna construction specs 


All elements are made out of aluminum. 
Fig. 9 
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40cm 








Ocm 











40 cm 








This makes the antenna effective radiating elements a total length of 3 meters. The boom elements can be 
chosen freely and on your needs. A short one (one element of a meter), a medium sized one of several 1 
meter tubes or none at all! The bottom piece where the boom is "connected" too is 40 cm and can/could be 


put directly in the ground (if made pointed for sure). Or you could fix it in a umbrella stand. Use your 
imagination HI. 


Examples of "Vipormutant's" utilization 
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Used it on a balcony: 
| 





random length 
wire 







4 This could cover even the 
lowest HF-bands! 


Use it outdoors without grounding: 


Brick or wooden pole 





Use it outdoors as a shortened "dipole" balanced antenna 
(rotary switch set approx. in the middle): 
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Frequencies below 7 MHz could easily be match 1:1 SWR if total length of the "dipole" > 4 meters 
Further tuning can be done with selecting a different impedance using the rotary switch. 
Different lengths of wire can be used (an example: one part 3 meter, the other 5 meter or more) 


Use it outdoors with ground or counterpoise: 





Radials and Counterpoises basic purposes: 


1. To improve the RF ground conductivity for the ground current return path. Unless you live in a salt-water 
swamp, your ground conductivity makes a very poor path for the return of ground currents. This increases 
the ground losses and reduces the efficiency of an antenna that needs a good RF ground. 


2. To provide a counterbalance for the feed point of the antenna to reduce RF radiation back to the radio 
room. The "Vipormutant" changes the rules because there is no single frequency that you will be operating 
on, so all of the thumb rules for 1/4 and 1/2 wavelength radials don’t apply. It is possible to be either a purist 
or a pragmatist in deciding what radials to put in place. 


3. Number of radials: More is better, up to a point. In carefully controlled experiments, it has been proved 
that increasing the number of radials from 2 to 15, or from 4 to 16, produces significant increases in signal 
strength. Further increasing the number of radials to 60 only produces 1 to 2 dB of increase in field strength. 
Follow this link to see some of the empirical data. 


4. Where to put the radials: For a semi-permanent installation, it is customary to bury the radials a few 
inches down in the soil. This makes it much easier to mow and walk in the area around the antenna. 
However, some experimenters have gotten an improvement in performance by raising the radials and the 
antenna base a few inches above the soil. Raising the antenna and ground system several meters above the 
earth, for example by installing the base of the antenna on a roof-top, can improve the antenna's 
performance by reducing capacitive earth losses. 


While the "Vipormutant" will provide a good match with a poor RF ground system which will will able you to 
transmit, your antenna efficiency will be low. Nevertheless, by using a tuning circuit directly at the antenna 
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radiating element losses are kept to a miminum. Getting the greatest efficiency out of your antenna system 
needs a proper RF ground unless you’re using a balanced antenna system 


The efficiency of the antenna increases by using a counterpoise. However, the antenna can be tuned perfectly 


—= 


without! 





Don't forget to check these out: 


ON6MU Homebrew projects 
Radioamateur related projects 








ON6MU Ham mods 
Modifications of transceivers 


“i” 
ALLIED # Allied Doesn't Take lx! 
pd aat"s Lighting Lightly ==" DeAlog 


73" 
Have fun and my best 73" 


Guy, ON6MU 
http://www.qsl.net/on6mu 


Comments, pictures or experiences with my antenna are always welcome! 


ON6MU 
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Abstract. The Large Hadron Collider (LHC), now close to completion at 
CERN will provide proton—proton collisions with unprecedented luminosity and 
energy. It will allow the Standard Model of physics to be explored in an energy 
range where new phenomena can be studied. This includes the validity of the 
Higgs mechanism, supersymmetry and CP violation. The machine presents a 
number of novel features discussed in detail below. 
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1. Introduction 


The Large Hadron Collider (LHC) at CERN is now in its final installation and commissioning 
phase. It is a two-ring superconducting proton—proton collider housed in the 27 km tunnel 
previously constructed for the large electron positron collider (LEP). It is designed to provide 
proton-proton collisions with unprecedented luminosity (10°4 cm~? s~!) and a centre-of-mass 
energy of 14 TeV for the study of rare events such as the production of the Higgs particle if it 
exists. In order to reach the required energy in the existing tunnel, the dipoles must operate at 
1.9K in superfluid helium. In addition to p—p operation, the LHC will be able to collide heavy 
nuclei (Pb—Pb) with a centre-of-mass energy of 1150 TeV (2.76 TeV u ‘and 7 TeV per charge). 
By modifying the existing obsolete antiproton ring (LEAR) into an ion accumulator (LEIR) in 
which electron cooling is applied, the luminosity can reach 107’ cm~? s~!. 

The LHC presents many innovative features and a number of challenges which push the 
art of safely manipulating intense proton beams to extreme limits. The beams are injected into 
the LHC from the existing super proton synchrotron (SPS) at an energy of 450 GeV. After the 
two rings are filled, the machine is ramped to its nominal energy of 7 TeV over about 28 min. 
In order to reach this energy, the dipole field must reach the unprecedented level for accelerator 
magnets of 8.3 T. This high field can only be achieved using ‘conventional’ and affordable 
superconducting material (NbTi), by cooling the magnets in superfluid helium at 1.9K. The 
cryogenic equipment needed to produce the 100 tons or so of superfluid helium is unprecedented 
in scale and complexity. 

The tunnel diameter in the regular arc is only 3.8 m, insufficient for the installation of two 
separate rings. The two rings are therefore incorporated into a single magnetic structure with 
two sets of coils ina common yoke and cryostat. 


2. Machine design 


At nominal luminosity, the energy stored in each beam is more than 350 MJ (equivalent to 
80 kg of TNT). This is more than two orders of magnitude in stored energy, and three orders of 
magnitude in energy density (due to the very small beam emittance) than in any other previous 
machine (figure 1). It imposes unprecedented conditions on the reliability of the safety systems 
which must abort the beams cleanly if necessary as well as on the collimation systems which 
protect the machine and detectors from halo particles. 

The number of events per second generated by beam—beam collisions for a given process 
is given by: 


N=Lo, 


where ois the cross-section for the process in question and L is the luminosity. For the study 
of very rare events the luminosity must be as high as possible. The luminosity depends only on 
beam parameters and can be written for a Gaussian beam profile as: 


_Nenfry 
An e, B* 


where N, is the number of particles per bunch, n the number of bunches per beam, f, the 
revolution frequency (11.245kHz), y the relativistic y factor, ¢, the normalized transverse 
emittance and £* the 6 function at the collision point. As well as the rare hard collisions between 
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Figure 1. (a) Energy stored in the accelerator beam, as a function of beam 
momentum. At less than 1% of nominal intensity LHC enters new territory. 
(b) Stored energy density as a function of beam momentum. Transverse energy 
density is a measure of damage potential and is proportional to luminosity. 


particles, the particles in one beam experience the global electromagnetic field of the other beam 
(the beam—beam interaction). This force is very nonlinear and gives rise to unwanted effects if 
not limited to as small a value as possible. Therefore, the bunches must have a crossing angle 
in order to limit the beam—beam force to the colliding bunches. This produces a geometrical 
luminosity reduction factor F given by: 


Pei7 tt (5), 
20* 
where @, is the full crossing angle at the interaction point (IP), o, the rms bunch length and o* 
the transverse rms beam size at the crossing point. 

Table 1 shows the main parameters required to reach a peak luminosity of 10°4 cm~? s~! for 
proton—proton collisions at 14 TeV centre-of-mass. It can be seen from the table that for the first 
time in a hadron machine, the synchrotron radiation at top energy is not negligible. At 3.6 kW 
per beam it is still very small compared with lepton storage rings and has no influence on the 
design of the radio frequency system, but this power is radiated into a cryogenic environment 
and strongly influences the design of the vacuum and cryogenic systems. 
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Table 1. Performance parameters. 


Circumference 26.7 km 
Beam energy at collision 7TeV 
Beam energy at injection 0.45 TeV 
Dipole field at 7 TeV 8.33 T 
Luminosity 10 em-*s7? 
Beam current 0.56A 
Protons per bunch 11x10" 
Number of bunches 2808 
Nominal bunch spacing 24.95 ns 
Normalized emittance 3.75 wm 
Total crossing angle 300 jrad 
Energy loss per turn 6.7 keV 
Critical synchrotron energy 44.1eV 
Radiated power per beam 3.8kW 
Stored energy per beam 350 MJ 
Stored energy in magnets 11GJ 
Operating temperature 1.9K 


2.1. Machine layout 


The basic layout of the LHC follows the LEP tunnel geometry and is shown in figure 2. The 
machine has eight arcs and straight sections. Each straight section is approximately 528 m long. 
Four of the straight sections house the LHC detectors whilst the other four are used for machine 
utilities, radio frequency, collimation and beam abort. The two high luminosity detectors are 
located at diametrically opposite straight sections. The ATLAS detector is located at point 1 and 
CMS at point 5, which also incorporates the small angle scattering experiment TOTEM. Two 
more detectors are located at point 2 (ALICE) and at point 8 (LHCb), which also contain the 
injection systems for the two rings. The beams only cross from one ring to the other at these 
four locations. 

In order to leave enough space for the LHCb spectrometer magnet in the already existing 
experimental cavern at point 8, the IP at this location is shifted by 11.25m towards point 7. 
Bunches with the nominal 25 ns separation collide at all four crossing points simultaneously. 
However, because of this displacement, the only other bunch separation with simultaneous 
collisions in all four detectors is 75 ns. For early commissioning, this bunch separation is 
interesting because there is no possibility of electron cloud buildup (see below) and the number 
of long-range beam—beam interactions is reduced, simplifying early machine operation. The 
25 GeV proton synchrotron (the first circular machine in the injector chain), where the LHC 
bunch structure is generated, has therefore been equipped with the means to provide either of 
these two bunch separations. 

Straight sections at points 3 and 7 contain two collimation systems for capturing stray 
particles. Point 3 is designed to capture off-momentum particles (momentum collimation) and 
point 7 for removing the beam halo (betatron collimation). Point 4 contains the two radio 
frequency systems, one independent system for each beam operating at 400 MHz, twice the 
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Figure 2. LHC layout. 


frequency of the LHC injector. Finally, point 6 contains the two beam abort systems which will 
allow the beams to be extracted safely and dumped onto external absorbers. 

The regular LHC lattice was designed to maximize the amount of bending power in 
the arc by making the dipoles as long as reasonably possible. This minimizes the amount 
of dead space between interconnects as well as the number of dipoles to be manufactured, 
tested and interconnected. After careful optimization, the dipole length was chosen to be 14.2 m 
(magnetic), 15 m overall with 23 regular lattice periods per arc. Each period is 106.9 m long and 
is made up of six dipoles and two short straight sections (SSSs) each of 6.6 m length containing 
the main quadrupoles and lattice correctors. The two apertures of rings 1 and 2 are separated 
by 194mm. Both dipole apertures are connected in series whereas the quadrupoles are powered 
in two families, all focusing quadrupoles of rings one and two in series and likewise for the 
defocusing quadrupoles. 

The transition from the regular arc contains a dispersion suppressor consisting of two 
perturbed lattice periods. The purpose of the dispersion suppressor is threefold: 


1. adapt the LHC reference orbit to the geometry of the tunnel, 


2. cancel the horizontal dispersion generated in the arc and by the separation and 
recombination dipoles, 


3. help with the matching of the beams between the arcs and straight sections. 
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A generic design of a dispersion suppressor can be made using standard arc cells with 
missing dipoles and dipoles of different length to those in the arc. However, due to the 
constraints imposed by the geometry of the existing tunnel and the economy of having only 
one standard dipole length, the dispersion can only be fully cancelled by individual powering of 
the quadrupoles in the dispersion suppressor cells. These quadrupoles also provide additional 
parameters for matching the insertion optics. 

The SSSs in the arcs contain the main quadrupoles and also the correction sextupoles for 
chromaticity control and the orbit correction dipoles. Depending on their location, they can also 
contain trim normal or skew quadrupoles or Landau damping octupoles. 

The optics of the long straight sections differ according to their functionality. At points 1 
and 5 in the high luminosity insertions the small 6 (0.5 m) at the collision point is generated 
with the help of a quadrupole triplet assembly. At points 2 and 8, the optics at the 450 GeV 
injection level must allow beam injection whereas at top field the beams must be focused to a 
moderate f. At the utility insertions the optics is tailored to their functionality. Details of the 
optics in the various insertions can be found elsewhere [1]. 


2.2. Main hardware systems 


The main hardware systems include magnets, vacuum, cryogenics, radio frequency, power 
converters, injection and extraction equipment, beam instrumentation, collimation and controls, 
far too numerous for an article of this size. Details can be found in the LHC design report [1]. 
Only a few selected systems of general interest will be treated here. 


2.3. Magnets 


The LHC contains more than 7000 superconducting magnets ranging from the 15 m long main 
dipoles to the 10 cm long octupole/decapole correctors inside the dipole cold masses as well as 
more than 100 conventional warm magnets not counting the 500 or so conventional magnets in 
the two 2.6 km long transfer lines between the SPS and the LHC. The most challenging are the 
superconducting dipoles and the quadrupoles in the arcs, dispersion suppressor and matching 
regions. 

The three large superconducting accelerators operating today, the Tevatron (FNAL), HERA 
(DESY) and RHIC (BNL) all use magnets made with classical Nb-Ti superconductor cooled 
with supercritical helium at a temperature slightly above 4.2 K. In each case, the nominal field 
is below or around 5 T. In order to increase the field to above 8 T, two possibilities exist today. 

Figure 3 shows the critical current density of two superconductors available commercially 
today. The Nb-Ti conductor at 4.5 K has a critical current density that is too low to reach the 
LHC objective. The other commercially available conductor made from Nb3Sn gives a shift of 
about 3 T upwards at 4.5K and could be used for such high field magnets. However, Nb3Sn 
superconductor is a very brittle material and cannot be used to wind magnet coils. Instead, 
the coils have to be wound before the heat treatment needed to produce the superconducting 
state, which requires them to be heated to over 600 for many tens of hours. Whilst this may be 
reasonable for a small number of specialized magnets, it is clearly not feasible for a large series. 

The other way to high fields is to cool conventional superconductor to lower temperature. 
It can be seen from figure 3 that Nb-Ti cooled to 1.8 K gives the same 3 T shift as Nb3Sn. This 
is a much more economical way to getting the high fields needed. However, it does not come 
without difficulties. First of all, there is a phase transition in helium at 2.17 K when the liquid 
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Figure 3. Critical current density of superconductors. 


becomes superfluid. The advantages and disadvantages of this are discussed below. In addition, 
the heat capacity of the superconductor decreases by an order of magnitude between 4.5 and 
1.8K, so for a given heat inleak into the cable, for example due to small movement under the 
very high electromagnetic force or heating due to beam loss, the temperature rise is much higher, 
making the magnets much more sensitive to quenches. However, the superfluid helium can help 
if the coils are properly engineered. 

A twin aperture dipole consists of two dipoles in a common iron yoke (figure 4). The two 
coils are clamped with austenitic steel collars with very low permeability surrounded by a yoke 
of low carbon steel which carries the magnetic flux. Figure 5 shows the flux plot as computed 
for the whole structure of the main dipole. 

The requirement that the field must be in the opposite directions in the two apertures (for 
a proton-proton collider) ensures that there is no saturation of the central part of the yoke. The 
stored energy of 500kJ m™! in the magnet at nominal field requires active quench protection. If 
a quench is detected, the whole coil is made resistive by firing a capacitor bank into resistive 
strips (quench heaters) built into the coil. The current is then diverted through a diode until the 
power supply can be switched off. 

The cross-section of a coil is shown in figure 6. The coil is wound in two layers in six blocks 
separated with copper wedges. The geometry of the conductor distribution has been carefully 
optimized to achieve as pure a dipole field as possible. The optimum geometry, which minimizes 
the higher harmonics of the field distribution, has been computed using a genetic algorithm [2]. 
Once the coil geometry has been fixed, then it is very important to keep it constant during the 
whole series production. 

Equipment has been provided to the magnet manufacturers to allow the measurement of 
the field harmonics in the collared coil before assembly into the yoke. In this way, a tight quality 
control can be kept throughout the manufacturing run. Figure 7 shows the sextupole component 
of the field in about 1000 produced magnets. At the beginning of production it was necessary to 
make two small iterations on the geometry of the copper wedges in order to bring the harmonics 
inside the required control limits. 

Apart from the field quality, it is also important to keep the integrated transfer function 
(effectively the bending angle for a given current) inside tight limits and identical for all three 
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Figure 4. Dipole cross-section. 


manufacturers. Too large dispersion in bending angle would result in very large orbit distortion 
which would be difficult to correct and variation in the mean for the three manufacturers would 
require that they are sorted into different octants depending on the manufacturer. Figure 8 
shows what has been achieved for 1000 dipoles produced. The dispersion is much smaller than 
specified and the variation in the mean is so small that magnets from the three manufacturers 
can freely be mixed, simplifying enormously the logistics. 

The main arc quadrupoles, 3.25 m long, are made with the same superconducting cable as 
the outer layer of the dipoles. Since the electromagnetic forces are much less and the geometry 
is more suited, the coils have separate austenitic steel collars instead of the combined collar 
structure of the dipoles. Each quadrupole is integrated into a SSS, each containing a sextupole 
for chromaticity correction and a closed orbit correction dipole. Depending on its position in 
the arc, a SSS can also contain a trim quadrupole or a Landau octupole. 

In addition to the main arc magnets, the LHC contains many more elements for correction 
of dipole imperfections, matching of the optics and in the final focus. Table 2 gives a full list of 
all superconducting magnets, their number and function. 


2.4. Cryogenics 


The LHC magnets are cooled with pressurized superfluid helium, which has some interesting 
properties that make it a unique engineering material. Best known is its very low bulk viscosity 
which allows it to permeate the smallest cracks. This is used to advantage in the magnet 
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Figure 5. Flux plot in dipole. 


design by making the coil insulation porous and enabling the fluid to be in contact with the 
strands of the superconductor. It also has a very large specific heat, 100000 times that of the 
superconductor per unit mass and 2000 times per unit volume. Finally the thermal conductivity 
peaks at 1.9 K (figure 9) and is approximately 1000 times higher than that of cryogenic grade 
OFHC copper. The helium in the coil can therefore make up for the very low specific heat of 
the conductor at this temperature by helping to absorb unwanted thermal loads and transporting 
them efficiently outside the coil. 

The most usual method of making superfluid helium in the laboratory is by pumping on the 
helium bath. Figure 10 shows the phase diagram of helium in the region of the point of the phase 
transition (the lambda point). Pumping on the bath reduces the pressure and at around 50 mbar 
and at a temperature of 2.17 K it crosses the lambda point. Further reduction of the pressure to 
15 mbar lowers the temperature to 1.9 K. 

The magnets themselves are cooled in a bath of superfluid at atmospheric pressure. This is 
achieved through a linear heat exchanger traversing each 107m period of magnets (figure 11) 
containing superfluid at 15 mbar pressure, cooling the helium in the magnets at 1 bar to the 
same temperature as the saturated superfluid inside the heat exchanger. One big advantage of 
this system is that there is no problem with the bad dielectric strength of gaseous helium since 
the coil is permanently in liquid. 

The machine is cooled using 8 cryogenic plants, each of 18 kW capacity at 4.5 K, located 
in pairs at the even points except for one singularity at point 2. Figure 12 shows the cryogenic 
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Figure 6. Distribution of conductors in dipole coil. The coil blocks are separated 
by copper wedges. 
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dipoles. 


architecture at an even point. Four of the refrigerators are recuperated and upgraded from LEP, 
the other four are new. 

The LEP refrigerators have their cold box split between surface and tunnel level whereas 
the new plants are located on the surface. At the tunnel level, the conventional refrigerators are 
supplemented by cold compressors. These multi-stage axial centrifugal compressors (figure 13) 
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Figure 8. Integrated bending strength measured over 1000 dipoles from three 
manufacturers. 


Table 2. List of superconducting magnets and their function. 





Type Number Function 

MB 1232 Main dipoles 

MQ 392 Arc quadrupoles 

MBX/MBR 16 Separation and recombination dipoles 

MSCB 376 Combined chromaticity and closed orbit correctors 

MCS 2464 Sextupole correctors for persistent currents at injection 
MCDO 1232 Octupole/decapole correctors for persistent currents at injection 
MO 336 Landau damping octupoles 

MQT/MQTL 248 Tuning quadrupoles 

MCB 190 Orbit correction dipoles 

MQM 86 Dispersion suppressor and matching section quadrupoles 
MQY 24 Enlarged-aperture quadrupoles in insertions 

MQX 32 Low-f insertion quadrupoles 





pump the cold helium gas, producing the 15 mbar pressure in the linear heat exchangers inside 
the magnets in order to produce the primary superfluid. The connection to the magnets is 
made through a cryogenic distribution line running in the tunnel parallel to the machine. An 
interconnect box allows the plants to be used in the arc either side of the even point or if needed, 
for the full power of both plants to be used in one arc. 

Using a single cryogenic plant boosted with a liquid nitrogen precooler, a sector can be 
cooled down in less than 15 days. By coupling two plants to the same octant, this time can be 
reduced by a factor of two. Warming of a sector takes about the same time. 


2.5. The radiofrequency acceleration system 


The RF system is located at point 4. Two independent sets of cavities operating at 400 MHz 
(twice the frequency of the SPS injector) allow independent control of the two beams. The 
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Figure 13. Cold compressor impeller stages. 


superconducting cavities are made from copper on which a thin film of a few microns of 
niobium is sputtered on to the internal surface. In order to allow for the lateral space, the beam 
separation must be increased from 194 mm in the arcs to 420 mm. In order to combat intrabeam 
scattering (see below), each RF system must provide 16 MV during coast while at injection 
8 MV is needed. For each beam there are 8 single cell cavities, each providing 2 MV, with a 
conservative gradient of 5.5MVm_~!. The cavities are grouped into two modules per beam, 
each containing four cells (figure 14). Each cavity is driven by an independent RF system, with 
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Figure 14. Four-cavity module during assembly. 


independent klystron, circulator and load. Although the RF hardware required is much smaller 
than LEP due to the very small synchrotron radiation power loss, the real challenges are in 
controlling beam loading and RF noise. 


2.6. The vacuum system 


The LHC presents several original requirements compared with classical vacuum systems. It has 
to ensure adequate beam lifetime in a cryogenic system where heat input to the 1.9K helium 
circuit must be minimized and where significant quantities of gas can be condensed on the 
vacuum chamber. The main heat sources are: 


1. synchrotron light radiated by the beam at high energy (0.2 W m7 'per beam), with a critical 
energy of about 44 eV; 


2. image currents (0.2 W m™! per beam); 


Oo 


. energy dissipated by the development of electron clouds (see below); 
4. energy loss by nuclear scattering (30 mW m“'per beam). 


In order to remove the heat from all these processes but the last with high thermodynamic 
efficiency, the 1.9 K cold bore of the magnets is shielded with a beam screen cooled to between 
5 and 20K (figure 15). This beam screen is perforated with about 4% of the surface area to 
allow the cold bore of the magnets at 1.9K to act as a distributed cryopump, allowing gas 
to be condensed on the cold bore surface protected against desorption by bombardment with 
synchrotron radiation photons. 

For roughly 3km of the 27km circumference, mainly in the long straight sections, the 
vacuum chambers are at room temperature, requiring a low residual pressure without the benefit 
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Figure 15. LHC beam screen. 


of the distributed cryopumping. As a spin-off of the development of sputtering technology 
for superconducting cavities a new getter material (TiZrV) has been developed which can be 
sputtered on the internal surface of the copper vacuum chambers and can be activated at the 
very low temperature of 200° (conventional getters require activation at 600°). When activated, 
the chamber wall itself becomes a distributed pump, producing very low residual pressure and at 
the same time a very low secondary emission yield (SEY), preventing the buildup of an electron 
cloud. All warm chambers, including those inside the detectors, are treated in this way. 


3. Accelerator physics issues 


More than 30 years of accumulated experience from the first hadron collider, the intersecting 
storage rings as well as the proton—antiproton colliders at CERN and FNAL and the 
superconducting storage rings at BNL and DESY has gone into the LHC design. In the following 
chapters, the different effects that could limit machine performance and the remedies adopted 
are described. 


3.1. Dynamic aperture 


In superconducting magnets of the type used in the LHC, the field quality is determined 
by the precision of the positioning of the superconductor and not by the geometry of the 
iron yoke, so it can never be as good as in conventional magnets. It has been shown by 
experience in the different superconducting machines and by particle tracking that the aperture 
inside which particle orbits are stable is much smaller than the physical aperture of the beam 
pipe. This is called the dynamic aperture and is limited by a complex interplay between the 
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unwanted higher field harmonics due to magnet imperfections. Sophisticated computer codes 
have been developed to track particle orbits around virtual machines with distributed random 
and systematic imperfections [3]. And these results are used to define maximum systematic 
and random deviations of each field multipole. It was from this work that the control limits 
for the sextupole component of the dipole field shown in figure 7 were derived. Even with 
present day computers it is not possible to perform full scale simulation over a large number 
of virtual machines over 4 x 10’ turns, which corresponds to 1h of storage time. The dynamic 
aperture obtained from tracking of existing machines is always too optimistic when compared 
to experiment by 20% or more. For the LHC, in order to insure a dynamic aperture of 6 sigmas it 
has been decided that the tracked dynamic aperture over 10° turns should be a factor of 2 larger. 
These results have been used to supply the tables of allowed multipole errors to the magnet 
builders. 

Since the dynamic aperture depends strongly on the horizontal and vertical tunes, the 
tracking studies are also used to find the best working points. 


3.2. The beam—beam interaction 


When the beams are brought into collision, a much stronger nonlinearity than the magnet 
imperfections comes into play. It is called the beam—beam interaction and is caused by the force 
due to the electromagnetic field of one beam on the particles in the other beam. It produces two 
main effects. 

The first is to cause a variation of the tune with amplitude. This means that the beam 
does not occupy a point on the Qh, Qv tune diagram but produces an extended ‘footprint’. 
The second effect is that because of the periodic nature of the force (particles experience a 
delta function kick on each revolution) it excites nonlinear resonances which can strongly limit 
the beam lifetime. Figure 16 is an example of a tune scan made many years ago on the SPS 
proton—antiproton collider [4]. The lower figure shows the tune diagram with nests of 10th, 7th 
and 11th order resonances. The beams are scanned across these resonances in steps, the lines 
corresponding to each scan position being intended to indicate approximately the size of the 
footprint. The upper diagram shows a chart recorder output of the intensity decay of the beams 
for each position in tune space. In this experiment, the antiproton intensity was very low so 
that the effect of the beam—beam interaction of the antiprotons on the protons is very small. 
Consequently, as observed, the decay rate of the protons is completely insensitive to the tune. 
On the other hand, the strong proton beam affects the antiprotons much more, producing a clear 
effect as the beams are scanned across the resonances. Experiments like this indicate that the 
total tune spread due to the sum of the tune spreads from each IP should not exceed 0.015. 
With three proton detectors requiring almost head-on collisions this implies that the tune shift 
per experiment should not exceed 0.005, a value routinely achieved in previous and existing 
colliders. 

The long-range beam—beam interaction between successive bunches must also be avoided 
by colliding the beams with a small crossing angle of about 400 jrad. 


3.3. Intrabeam scattering 


As particles perform their betatron and synchrotron oscillations, they exchange energy due to 
multiple Coulomb scattering. The correct frame of reference to understand the phenomenon 
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Figure 16. A beam—beam resonance scan at the SPS collider. 


is the rest frame of the beam [5]. The transverse rms momenta o, , are unchanged by this 
transformation whereas the longitudinal momentum o, is transformed into o,/y. In a highly 
relativistic beam like the LHC, the longitudinal plane is therefore very ‘cold’ compared with 
the transverse planes and one would expect a damping of the transverse dimensions and an 
increase in the energy spread, which would be good for luminosity preservation. This indeed 
does occur in the vertical plane although the damping time is very long. Unfortunately, in the 
regions where the dispersion is not zero (most of the machine), a particle changes its energy 
by Coulomb scattering but does not change its position and therefore finds itself on the wrong 
orbit for its momentum. It can only make a betatron oscillation around its new equilibrium orbit, 
adding a heating term that completely swamps the slow damping in the radial plane. 

Intrabeam scattering has been clearly observed in the SPS proton—antiproton collider 
(figure 17) [6] and the growth rate is in quite good agreement with the theory. In the LHC, 
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Figure 17. Intrabeam scattering in the SPS. Top bunch lengthening with time 
for a strong proton bunch (left) and a weak antiproton bunch (right) bottom. IBS 
growth rate compared with theory. 


if no action is taken, the beam would blow up so fast that the luminosity lifetime would be 
reduced to a few hours. 

The growth rate depends strongly on the six-dimensional phase space density. The 
longitudinal emittance of the beam arriving from the SPS is about 1eVs. During the 
acceleration, the emittance is increased to 2.5 eV s using RF noise to blow up the energy spread 
and bunch length. This reduction in phase space density is sufficient to increase the transverse 
emittance growth time to about 80h, making its effect on luminosity lifetime negligible 
compared to other processes. A consequence of this is that the RF voltage during coast must 
be increased to 16 MV to provide a big enough bucket for the large emittance beam. 
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Figure 18. A vacuum interconnect. 


3.4. Coherent instabilities 


The interaction of the beam with its environment generates electromagnetic fields which can 
react back on it and drive it unstable. The first remedial action is to design the vacuum chamber 
to reduce this coupling as much as possible. The chamber should be as smooth as possible 
without discontinuities. As an example, figure 18 shows an interconnect module between two 
dipoles. When the magnets are cold, the bellows is stretched and the RF ‘fingers’ ensure a 
smooth transition from one beam screen to the other. The material of the beam screen is stainless 
steel to give it structural strength in case of quench co-laminated with a 75 wm layer of copper 
on its inner surface. The resistivity of the copper layer is reduced by cooling it to between 5 
and 20K. In the room temperature regions the vacuum chamber is made of 2mm thick high 
conductivity copper. 

Reducing the impedance of the environment can reduce the growth rate of the instabilities 
but cannot eliminate them all together. In the LHC, the two instabilities that must be controlled 
are the transverse coupled bunch instability (resistive wall) and the single bunch head-tail 
instability. 

The resistive wall instability is driven mainly by the long-range wake fields due to image 
currents in the beam screen. The instability can occur at the frequencies of the so-called slow 
waves: 


fr=(— O)ft, 


where f, is the revolution frequency (11.245 kHz), Q is the tune and n is the mode number. 
Only modes with n > Q are unstable. The other modes drive backward waves which are stable. 

The lowest and fastest growing mode is around 8 kHz (Q = 59.3) with arise time of around 
300 turns (26 ms). It must be damped with active feedback. A signal from a transverse pickup 
is delayed by one turn, amplified and fed back into a pair of electrostatic deflectors placed at a 
betatron phase of 90° with respect to the pickup. The bandwidth of the system is around 20 MHz, 
allowing many modes to be damped simultaneously. Very high frequency modes have such slow 
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Figure 19. The electron cloud effect. 


growth rates that they will be damped by Landau damping (see below). The transverse feedback 
system is also useful for damping injection errors to avoid filamentation and emittance growth. 

The head-tail instability is a well-known single bunch effect driven by short-range 
wakefields where the tail of the bunch is driven by the head and half a synchrotron period later 
the roles are reversed, driving the bunch unstable. For the lowest head-tail mode this can only 
happen if the chromaticity is negative. The chromatic aberrations must anyway be corrected 
by the sextupoles integrated into the short straight sections. To control the head-tail instability 
it is sufficient to keep the chromaticity slightly positive at all times. This will be particularly 
critical at the start of acceleration where persistent currents in the superconducting magnets can 
produce a large and rapid change in the chromaticity. 

The ultimate panacea for beam instabilities is Landau damping where the tune spread in 
the beam is large enough to stop it from oscillating coherently. To provide Landau damping, 
two families of strong octupoles are integrated into the lattice in selected short straight sections. 
Octupoles give a variation of tune with betatron amplitude and will allow instability control 
at high energy without active feedback. This will be particularly important if the transverse 
feedback system has noise problems. During collisions, the tune spread due to the beam—beam 
footprint should be enough to keep the beams stable. 


3.5. Electron cloud effects 


A significant number of electrons can accumulate in the LHC vacuum chamber through 
ionization of residual gas molecules or by the impact of synchrotron radiation on the beam 
screen. When a proton bunch passes, these electrons will be given an impulse and can hit the 
beam screen with energies of several hundred electron volts. The primary electrons produce 
secondaries (figure 19) and if the transit time of the electrons across the chamber is resonant 
with the 25ns bunch separation, the electron cloud can grow exponentially. This process is 
called beam-induced multipacting and is known to limit the performance of storage rings with 
small bunch separation, notably the two B factories, PEP-II and KEKB. 

The threshold for the buildup of the electron cloud depends on the bunch current, the 
geometry of the beam screen and the SEY of the surface of the beam screen. It has been shown 
that it can occur in the LHC under some conditions with the nominal bunch separation and has 
already been observed in the SPS with LHC-like beams. The main effect is an additional heat 
load in the cryogenic system and can also lead to instabilities. 
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Figure 20. Heat load on the beam screen for different values of SEY. 


A considerable amount of work has been done in order to understand the phenomenon, both 
experimentally and through the development of simulation codes which have been calibrated on 
experimental data from the SPS [7]. Figure 20 shows the predicted heat load on the beam screen 
as a function of bunch intensity for the nominal 25 ns bunch separation with different values of 
the SEY of the beam screen surface. The available cooling capacity of the cryogenic system is 
also shown. At zero intensity, all of the capacity is available for the electron cloud but as the 
intensity increases, part of the capacity is used for image currents and synchrotron radiation. 
The main conclusions are the following. 

For the raw surface of the beam screen with a SEY of around 1.7, the electron cloud will 
limit the intensity to about half nominal. It has been shown experimentally that the presence 
of the cloud ‘scrubs’ the surface and the SEY reduces quickly to below 1.3, where this effect 
should no longer be a problem up to and beyond nominal intensity. Simulations also show 
that for larger bunch separations, above 50 ns, the threshold is well above nominal intensity. 
For this reason, the LHC injector chain has been equipped to provide beam a beam of 75 ns 
as well as the nominal one, so that early commissioning can be done without the need for a 
scrubbing run. 


4. Conclusions 


The LHC is now in its final stage of installation and commissioning. A beam has already been 
extracted from the SPS with the parameters needed to achieve design luminosity and has been 
transported along the 2.6km tunnel TI8 to the LHC injection point. The stored energy in this 
beam at 7 TeV is two orders of magnitude higher than in any previous machine and one of the 
biggest challenges will be to ensure that the machine protection systems work with an extremely 
high degree of reliability in order to protect both machine and detectors. 

The accelerator physics is well understood and the appropriate means to combat the various 
effects have been integrated into the machine design. The one new effect not seen in hadron 
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machines before is the electron cloud. Simulations and experiments on the SPS have shown that 
a moderate scrubbing of the surface of the beam screen by electron bombardment will quickly 
reduce the SEY to a low enough value to allow design luminosity to be reached. 
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Full size top band antennas are big, far too big for my small plot, so | have tried a few different shortened 160m 
aerials. | really would prefer to use a balanced dipole not only for the radiation efficiency, but just as importantly for 
the lower noise on receive - like a ground mounted vertical aerial an inverted L can be rather noisy on RX. However 
| have to settle for a compromise, so shown in the drawings and photographs below is my current top band aerial, 


anything approaching full size. A full size dipole would be about 65 metres long and would need to be mounted at a 
very good height to be at its most effective. A full size vertical 1/4 wave would be about 37.5 meters tall. Impossible! 
Bending a 1/4 wave wire into an inverted L would still result in a very long wire - say 10 metres vertically and 27.5 
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My first experiments were with a base loaded sloper which worked ok-ish for local ground wave, but could have 
been better. The first weak link that | wanted to change was moving the base loading coil further up the aerial wire 
so that it would be positioned on the more horizontal section. 


It was also very low, so could surely benefit from some additional vertical height. However | could not realistically 
erect another permanent pole in the garden for fear of upsetting the XYL! 


Therefore | decided that | needed a design that could be semi-permanent and offer two slightly different 
configurations: The idea is that, as a sloping wire, the aerial can be left in place at all times for RX and still be 
operable on TX. Since it is essentially just a wire sloping from fence height (2m) up to the roof apex it has fairly 
minimal visual impact. Alternatively, when required - at night - the telescopic pole can be extended to transform the 
aerial into the larger Inverted L. 


The Earth and Radials: The aerial is fed against ground, so the ground needs to be as good as possible. At the 
base of the aerial a copper earth rod is driven into the ground. Additional ground radial wires are also added to 
provide a counterpoise and help reduce earth loss. The more the merrier. 


The Support: A 10 metre long telescopic fibreglass fishing pole is used as part of the support. A wooden post was 
driven into the ground, adjacent to the earth rod. The connector box is screwed on to the post and the fishing pole 
was fixed to the post using nylon straps. 


Since the top sections of a fishing pole are too thin to support the aerial wire, the last four sections were removed, 
leaving the pole 6 metres in length, which is a respectable height in a small back garden, though being even taller 
would be better. 


A small lightweight pulley is fixed to the top of the fibreglass pole using two nylon ties - as seen in the photograph. 
As a sloping wire, the fishing pole is collapsed to 2m in height while being extended to 6 metres when being used as 
the ‘full’ Inverted L. The pole is quite flexible and so will tend to bend quite noticeably when 6 metres long with the 
wire attached to the top. This could be remedied by adding a back guy rope of required. 


The far end of the aerial wire is tied to a egg type insulator and nylon halyard which is suspended through a pulley 
on a pole attached near the apex of the roof. The nylon halyard is tied off on a cleat hook near ground level to 
enable easy raising and lowering of the aerial wire. 


The Wire: Aerial wire is PVC covered stranded wire of about 16/18 swg http:/Awww.whwestlake.co.uk. The wires 
were cut for the maximum length that could be fitted into the available space - so as much wire was in the air as 
possible. This was about 3.5 metres from the feed point to inductor and around 12 to 13 metres from the inductor to 
the far end. 





(If you make one of these get the vertical portion as high as possible and the horizontal section as long as possible 
and reduce the coil's inductance accordingly). 


The Inductor and Resonance: 


The resonance of the aerial system was adjusted not by altering the length of the wires, but by changing the 
inductance of the loading coil. 


| had some 0.9mm (20 s.w.g.) enamelled copper wire on a reel, so | used that to wind the coil. The coil former is 
5cm in diameter and about 15 cm long, cut from an empty tube of silicone bath sealant (the ‘gun’ type). Two holes 
are drilled in the former for the fixing bolts and wing nuts that secure the aerial and coil wires. 


| used an MFJ antenna analyzer to check resonance and adjust the number of turns. Initially the coil was wound 
with 60 turns, but the resonance was well below 1800 kHz. Turns were gradually removed until resonance was 
around 1940 kHz, leaving 39 turns on the coil. (Thicker e.c.wire might have been better, | would have preferred to 
use something like 18.swg 1.2mm diameter and this may possibly get changed in the future) 


Enamelled copper wire: 
http://www.esr.co.uk/electronics/cable-copper.htm 


When the adjustments were finished the aerial wires and coil wires are terminated with lugs and fixed in place with 
the bolts and wing nuts. The winding was also covered in duck tape. All exposed connections should be suitably 
protected against the weather for a permanent installation. 


When setting up any aerial an antenna analyzer is extremely useful - allowing all the measurements to be done in 
the garden or back yard thereby simplifying and speeding up the process considerably. These simple 
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measurements can be made using the transceiver and VSWR meter, though that is obviously less convenient and 
will involve transmitting regular short burst of carrier, so it's very important to ensure that the power used is the 
absolute minimum and that the frequency being used is clear. 


. Pulley Telescopic fibreglass 













Egg insulator fishing pole - 6m high 
Aerial wire 


Aluminium pole l fixed to wooden post 


Inductor Pulley 






Counterpoise 
ground radials 


Connection box 


Coax to shack 


Wooden post 


Top Band Aerial by MOMT] 

Earth rod 

General layout of Top Band Aerial with a fibreglass pole extended to a height of 6 metres 
Wire lengths are approximate: Inductor 5cm dia with approx 39 turns of 0.9mm e.c.w. 


To transform the aerial to the Inverted L format (shown in the above diagram) | envisaged that changing the first 
length of wire, from a 3.5 metre length to 6.5 metre length, and the inductor would be necessary. | had assumed that 
a coil with less inductance (fewer turns) would be required due to the longer length of aerial wire used in the 
Inverted L arrangement. 


| was, however, proved wrong. On first attempt | left the original coil in place, just adding the longer wire section 
(from connection box to coil) and raising the pole to its full 6 metres. The point of resonance was only about 20 kHz 
away from where it was as a sloper. 


This, | think, can be explained by the fact that in the sloper configuration, the wire is close to the ground, other 
objects and vegetation which will in effect add loading to the aerial, Consequently a loading coil with less inductance 
than might otherwise be expected is required. So, by happy coincidence, the same coil is also suitable for the 
longer wire that is at a greater height (and therefore is influenced less by ground loading). 


This, quite by chance, made the swap from Sloper to Inverted L a little easier since there was no need to wind a 
second coil - the change being made by merely adding the longer first wire section and pushing up the pole to its full 
6 metre height. 


If there are no concerns or objections to installing a tall pole at the bottom of the garden, then the Inverted L 
arrangement could be left as a permanent installation. In that case the pole need not be a fibreglass fishing pole, 
although it is still an attractive lightweight method, instead a couple of 3 metre long sections of treated timber could 
be joined together to form a 6 metre high post - the higher and longer the better though! 


These links may be useful in helping to calculate loading coils: 


Antenna Loading Coil Calculator : http://eweb.chemeng.ed.ac.uk/jack/radio/software/loading.html 





Coil winding design program : http://ecosse.org/jack/radio/software/newcoil3. html 





Loaded dipole calculator by K7MEM : http:/Avww.k7mem.com/Electronic_Notebook/antennas/shortant.html 








Ring Core Calculato r: http://www.dl5swb.de/html/mini_ring_core_calculator.htm 
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3 wn 4 - e : 
Top Band Inverted L - photograph showing the wooden support post with 
telescopic pole attached with connection box, cables and earth rod. 
The cable entering from the left is the earthing strap which is connected 
to ground rods and radial wires. The coaxial feeder cable exits from the 
bottom right of the box and is wound around a length of white plastic pipe 
to form a simple RF Choke. 
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Box 


y, ‘Choc Block’ 
connectors 





RG213 coax 
Earth Cable 


ToTXVR_ To Earth Spike 


My original implementation which used ‘choc block’ 
connectors. The final design has all soldered joints 


with a stainless steel bolt and wing not at the top 
of the connecting box. 
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Top Band Inverted L - pulley on top of the 6m telescopic pole 





Top Band Inverted L - loading inductor. 


This is the unfinished coil, the connections on the left are properly finished off using lugs, but the connections on 
the right are unfinished to allow adjustment of the number of turns. When that is settled the final lug is soldered to 
the end of the enamelled copper wire and held in place with the bolt and wing nut. The coil is 39 turns of 0.9mm 
e.c.w., wound on a 5cm diameter former made out of an empty silicone bathroom sealant tube. (| would have 
preferred to use slightly thicker e.c.w. of about 18 swg 1.2mm diameter, so that may get changed in the future) 


Enamelled copper wire: 





Egg insulator 


MOMT] 


Top Band Inverted L - pulley, rope and insulator supporting the wire at the far end 
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Top Band Inverted L - supported by a 6m long fibrelass (roach) pole 
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MOMT],* 
oking up! 





Top Band Inverted L - lo 


The photo exaggerates the bend a little, but it's not enough to worry about. The bend could easily be corrected by 
adding a back guy to pull the pole back towards the vertical position, but for this job it's fine as it is. 


DOES IT WORK? 
Yes! This aerial does work, | am glad to say! 
It works better than my initial short sloping wire shown further down this page, which is what one would expect! 


Rather than merely settling for a local ground wave signal | was very pleased to contact Top Band enthusiast Steve 
G7KLJ on my first attempt. Steve is 170 miles distant from me and the night time sky wave provided a pretty good 
result. G7KLJ gave me a 5/8 with my 100 watts on 1843kcs using my small aerial. | gave G7KLJ 5 / 9+10 with 
Steve's large doublet and 400 watts (lovely audio too Steve!). 


Admittedly that's potentially a 16dB difference, which is pretty huge, but G7KLJ had the benefit of 300 more watts - 
that's a 6dB advantage. It also depends on how the individual S meters compare. Steve seemed to indicate that his 
S meter was a bit on the lazy side - 1 S Point pessimistic? But maybe my S meter similarly pessimistic? 


Compared to a full size inverted L my loaded aerial is less than half the size and is obviously going to lose out, but 
by how much? Half the size, half the effective power - 3dB down? Probably a lot more - 6dB? There's one S point 
lost already (Who wants to bet that it's a lot more than that?). Since | have a ground system that is far from ideal 
there's another few dB's lost - another 6dB? That would be 2 S Points lost before taking into account anything else. 
This is all pure guesswork and speculation admittedly and probably quite groundless (almost literally in my case), 
and might best be described as pointless ramblings! (Where did the delete key go?) The pessimist? The realist? 


The only thing proved by this single event is that my aerial radiates at least something useful - and that G7KLJ has a 
great station! www.qg/7klj.com 


Droitwich 
OK so it's not Droitwich, but it does work and gets me on Top Band when otherwise there would be no chance. 


| am happy - but as with anything improvements can always be made. The aerial could be taller perhaps, though | 
cannot make it any longer. The earth system could be far far better, though | would struggle to accommodate any 
improvements at the present QTH. | could use better coaxial cable and also (importantly) attempt to lower the 
received noise by experimenting with chokes or burying the feeder to reduce common mode currents. 
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Plenty to think about and plenty to play with! 





Important notes on effective Grounding by Jim K8OZ 


Mike - | was reading about your work on the 160 meter Inverted L, and it makes me want to go out and build some 
more antennas! Congratulations. Your story is fascinating, and very well documented. 


The only thing | can offer as a suggestion is to get as much radial wire along the edge of your property as possible 
(assuming your XYL will not allow you to bury radial wire all over your yard). Even if you can only run multiple 
wires 1/8th of a meter apart from each other, and parallel to each other, your losses will be reduced. The ground 
losses have quite an impact on your transmitted signal, so any wire you can "hide" along the edge of your property 
will help improve your signal strength - little, by little...! { It may also affect your resonant frequency slightly, but 
that's easy to deal with by adjusting with an antenna tuner or slightly changing the loading coil. } 


Good luck OM, and keep up the refinements on your antenna system. You're doing great! 73, 


Jim, K8OZ 
Albuquerque, NM 


Top Band Antenna by Mark, GOMGX and Vince GOORC 





Mike, I've been reading with interest your musings on top band antennas and have tried to build a replica of yours 
today with a fellow ham GOORC. Thanks very much for the information and the link. You can see the results of my 
attempts here: 


Construction: http://gOmgx.blogspot.co.uk/2012/08/top-band-what-happens-there-then.html 





It Works!: http://gOmgx.blogspot.co.uk/2012/08/well-this-top-band-twig-does-it-work.html 





Mark. GOMGX 


Mike, 


| know you have been in contact with my good friend Mark GOMGxX but | felt | needed to say thanks and 
acknowledge your work on a 160m sloper. 


It works very well here and, thanks to Mark who built several inductors until one gave us an SWR of 1.1 on the CW 
end of the band and also braised several copper rods together for form a reasonable earth under a large pine 

tree. He has passed on to me details of the website of K7MEM which may well inspire me to try a sloper for 80m 
as well. 


I've always wanted a top band antenna but felt that | didn't have the room - but thanks to your idea and Mark's 
enthusiasm for the project | now have what | wanted - I'm being heard (and can hear) into European Russia with it 
so it certainly works! 

Thanks again - | enjoyed your website very much. (Just heard A65BP as well!) 


73, Vince GOORC __http:/Awww.qrz.com/db/GOORC 





Further Developments of this antenna... 





Another Top Band Aerial by MOMTJ 


After reading the article "Top Band in a Small Garden" in the August 2012 edition of Practical Wireless Magazine 
(‘PW’), | investigated further development of my Top Band Sloper / Inverted L Antenna (shown above). 


The article by Stuart Craigen G4GTX described a compact wire antenna for top band that could be accommodated 
in small gardens. The antenna is shunt fed at the base, the coax being connected across a 7 turn coil (wound on an 
off-cut of an empty silicone sealant cartridge), with the braid connected to the earth stake and radial ground wires. 
The centre conductor is connected to the aerial wire. 


| could not quite accommodate the shape that Stuart suggested for the aerial wire, but it is very similar: For my 
version the feed point is at the bottom of the garden near the fence immediately adjacent the earth stake. The first 
section of aerial is about 9.14 metres long - the wire rises 3.5 metres vertically up the 6.5 metre tall telescopic pole, 
at the 3.5 metre point the wire is held in place on the mast by a small bungee and then folds over almost horizontally 
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and runs for a further 5.64 metres where it connects to the loading inductor. 


The inductor consists of 36 turns of 18 swg (1.2mm diameter) enamelled copper wire on a 50mm diameter, 
lightweight plastic former (again made from an off-cut of an empty silicone sealant cartridge). After the inductor there 
is a further 6 metres (approx) of wire rising to a dog-bone insulator, fixed to the end of a length of para cord that 
runs up to the pulley shown in a previous photograph. From the dog-bone insulator the aerial wire runs back, in the 
opposite direction, for about 12 metres, returning to the top of the 6.5 metre tall mast at the bottom of the garden, 
tied off to an egg insulator which is itself fixed to the top of the mast by a very short length of para-cord fixed to the 
mast by a thick nylon cable tie. 


If the wire dimensions are changed, the number of turns on the inductor will have to be changed accordingly. 
Similarly my antenna is located quite near the 80m/40m Inverted L and the interaction of the antenna affects the 
tuning and hence the number of turns required on the loading coil. 


Pulley Telescopic fibreglass 











fishing pole fixed to 


Aluminium pole Dogbone insulator Aerial wire a wooden post 


/ 


12 metres 65 mirs 


Egg insulator 


5.64 metres 






Counterpoise 
ground radials 









Shunt coil and 


Connection box 
Halyard 


Coax to shack 







Dimensions shown are approximate 
Wooden post 


Another compact Top Band Aerial by MOMT] Earth nia 


Another Top Band Aerial (drawing not to scale) 
The inductor is 36 turns of 1.2mm diameter (18 swg) enamelled copper wire on a 2 inch former 


With that arrangement there is about 27 metres of wire in the air. The point of resonance is 1900 kHz, but this can 
be adjusted by altering the number of turns on the inductor. As expected bandwidth is quite narrow. As with any 
antenna fed against ground the earthing needs to as extensive as possible - as noted previously, above. | suspect 
that it may be better that the top wire should be horizontal, or sloping slightly upwards, however with the available 
space and materials available the best that | could achieve had the top wire sloping slightly downwards to the post. 
Lowering the position of the dog-bone insulator or using a taller post could overcome this. 
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ASE Pe 5 pos res y ‘ 1 Sp rn 
Photograph of the feed-point of the compact, folded, Top Band antenna showing the 
7 turn shunt fed coil in the weatherproof housing. Nuts and bolts are stainless steel. 


Oiy 
a) 





First Test: A brief on air test on 8th September 2012 between 2100 and 2130 UTC on 1.933 MHz brought in two 
prizes: Peter EI7JM near Malin Head and Tony M3LTD in Naseby, Leicestershire. EI7JM was a true 5/9 to me and 
he gave me a report of a true 5/9. M3LTD was 5/7. Many thanks to both stations for the useful contacts. 


For different sized gardens the best idea might be to get as much aerial wire into the air and then make adjustments 
to the point of resonance by simply adjusting the number of turns on the inductor. 


Obtain the article "Top Band in a Small Garden" by Stuart Craigen G4GTX from 


Stuart Craigen G4GTX comments: 
Hi Mike, | have just been looking at your fascinating antenna page on top band antennas! Glad to see that you had a 
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go at building my shunt fed wire vertical that | did for Practical Wireless! | found it tremendous. A few weeks ago | 
was talking to G3YFN in Newcastle at about 4pm when | was called by G4BIM in the Isle of Wight! | also got a QSL 
5/9 from Luxembourg!. Have fun.with it! 


Thanks for the nice comments about my shunt fed 160m aerial. | enclose some QSL cards which you might find 
interesting to look at! Note the times of the QSO's and the reports! At night | have been told that | sound like the 
BBC from some European stations!! 


Note G4BIM Isle of Wight 5/7 from Sunderland at 4.30 pm and Aberdeen at night. It certainly works for me. | think 
that the shunt feeding is the answer as it taps into the aerial at the 50 ohm point. Putting the loading coil away from 
the base should increase efficiency hence approx midway. A chap near Newcastle built one of these a few years 
ago and his groundwave signal was 5/9+20 here in Sunderland 12 miles away!!! 

73 

Stuart G4GTX 


More ideas.... 


Adding Top Band to the 40m / 80m Inverted L antenna using a switchable loading coil: 


Due to an aborted house move in 2010 | had removed all the antennas. While re-establishing the aerials in 2011, 
and considering space limitations, | decided to experiment with adding a loading coil to the 40m / 80m Inverted L 
aerial. The loading coil has a link wire to short it out of circuit when using the aerial for 80 metres and 40 metres. 
The link wire is removed when Top Band is required. The coil consists of approximately 37 turns wound on a piece 
of 68mm (2.8 inch approx) diameter PVC pipe: 
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The loading coil has a link wire to short it out of circuit when using the aerial for 80 metres and 40 metres. 
The link wire is removed when Top Band is required. 
The coil consists of approximately 37 turns wound on a piece of 68mm (2.7 inch approx) diameter PVC pipe. 


More about the 80 / 40 metre Inverted L Aerial on Antennas Page 1 > 





Simple Vertical Top Band Aerial Using A Fibreglass Telescopic Fishing Pole (Roach Pole)? 





If there really is no space to accommodate a top band dipole, inverted V or even the inverted L above, then another 
option could be a simple vertical. Again based on a 10 metre long fibreglass roach pole, this could be installed as a 
13/21 
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permanent aerial, or only deployed as and when required on a temporary and stealthy basis. 


The 10 metre long fishing pole would be erected by standing it on the ground, using three or four nylon guy ropes as 
support, or tying it to a wooden ground stake driven into the ground. The vertical radiator would consist of about 9.5 
metres of PVC covered wire fixed at the top of the pole and with a loading coil at the centre. As with the design 
above, the loading coil could be wound on a 5 cm diameter using 1.2 mm diameter enamelled copper wire. To make 
the former as light weight as possible, once again, the tube from an empty bathroom sealant (or silicone sealer etc) 
gun could be used. They are, conveniently, 50mm in diameter. 


| have not experimented with the number of turns required for the centre loading coil, but from experience with the 
above aerial, the figure may lie somewhere between 50 and 100 turns. 


The aerial would be fed with coaxial cable and would need a good earth rod at its base and a good number of 
ground radials, as along as possible. 


Previous Top Band Aerial Experiments: 


Top Band Inverted V 


This is a considerably shortened dipole for 160 metres, using loading coils to reduce the length of each leg to about 
7.5 metres length. Each coil is wound on a 5 cm diameter former and consists of approximately 120 turns of 1.2mm 
diameter enamelled copper wire. The dipole was arranged in an inverted V configuration. 


Being as a dipole is a balanced aerial, it was fed at its centre using balanced twin feeder for lowest loss and, being 
balanced, lowest noise. 


In this configuration it was very quiet, but did also appear to receive very well. At my QTH the noise on top band 
generally ranges from S7 to SQ, on this inverted V the noise was S4 to S6. However it did not transmit well at all - | 
believe this to be not only because the dipole is very short (only 15m) but because the angle at which the wires at 
the top of the V was far too acute - only about 45 degrees. The angle at the top of the V really should be over well 
90 degrees - maybe something like 110 degrees would be best. Clearly this seems to be a problem. 


| had not got the space to separate the wires any further, but it was an interesting experiment that appeared to 


demonstrate that a balanced dipole fed with balanced twin feeder could help reduce noise. If more space was 
available this is an antenna that | would wish to pursue further. 
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MOMT] 


20n1/10m Dipole \ 


'80m/40m Inverted L. 





Top Band Shortened (loaded) Inverted V 


Short Base Loaded Sloper - a first attempt at a top band antenna 





160m metres is probably the noisiest band, but | wanted to give it a go anyway even though space at my QTH is at 
a premium and fitting in a suitable antenna is quite challenging. The most promising candidate that | initially found, 
apart from small commercially available antennas, was the "Practical Antenna For 160 metres" described by Frank 
G3YCC and featured on the website of IW5EDI and linked to on the pages of www.dxzone.com 





70 f€ 
70 fC of pve covered 
stranded wire 
wound ov i 1/4 inv 
fibre glass tubing- 
enn om geen 
mas 4 


Antenna for 160 meters band 


G3YCC Top Band Antenna 
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This Top Band antenna consists of 140 feet of wire, 70 feet space wound around a non-conductive (fibreglass) pole 
or tube about 6 feet long, with remainder forming a sloping wire falling back to near ground level. The antenna is 
UN-Balanced and is therefore fed with unbalanced coaxial cable, with the braid connected to a ground stake at the 
base of the aerial. 


The above design is intended to have the coil section mounted on top of a mast or pole with the wire running 


downwards. | could not accommodate that arrangement, so | adapted the design to produce the antenna shown 
below: 







Nylon halyard & pulley 


Egg insulator 


Fence or wall 


Antenna wire 






Nylon 
halyard 


Radial Wires 


The drawing above shows the loaded Top-Band Antenna - a first attempt at an aerial for 160m - consisting of the 
radiating top wire, a base loading coil, earth stake and additional earth radials that act as a counterpoise: The top 
wire is about 10 metres long and slopes down to the loading coil which consists of 64 turns of the aerial cable 
wound around a 4" diameter PVC pipe and then falls vertically for about 1 metre where it enters the connection box. 
The halyard arrangement allows the antenna wire to be quickly dropped for adjustment and then raised back into 
position. There is an earth rod at the base of the antenna connected to several ground radials and a second earth 
rod a few metres away.After performing some tests | find that it does work reasonably well for local contacts ground 
wave contacts around the town, but it could be better and is certainly very disappointing for longer distance work. 


Antenna Wire 
Box 


‘Choc Block' 
y connectors 


RG213 coax 


=, 


To TXVR_ To Earth Spike 


-— Earth Cable 


Above: The Connection Box 
Read more developments here> 
Efficiency 


The aerial shown above is obviously very much shortened and therefore is very inefficient when compared to a full 
size resonant quater wave aerial. A shortened aerial still needs to make best use of the space - so the antenna wire 
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needs to be as long as possible. Resonance is adjusted by varying the inductance of the loading coil. Also it is 
necessary to use the largest earth system as is practicable to obtain the best possible efficiency. 


Performance 


In my configuration described above it is admittedly a very low efficiency antenna - but at least it gets one on Top 
Band! It's ok for local working around a town or a city, but it's certainly not a DX aerial by any stretch of the 
imagination. | could hear many stations 100 to 200 miles away, but they could not read my signals. For local ground 
wave work it was adequate. 


| suspect that if the original design by G3YCC was employed, i.e. the coil mounted at the top of a pole and the 
loading wire running down, that it may work rather better than my implementation. The problem that my 
implementation has is that the loading coil is at the bottom of the aerial, near the ground. Better efficiency may be 
acheived with centre loading. The longer the radiating wire the better too. 


More Details 


The antenna was fed by coaxial cable from the shack in the bedroom at the front of the house to the feed point at 
the base of the fence at the bottom of the back garden. The coaxial cable enters a small plastic box, screwed to the 
fence post, where it is terminated: The outer conductor of the coax is connected to the earth cable with a 'chock 
block’ connecter, the earth cable going to a four foot long earth rod hammered into the ground near by. The centre 
conductor of the coax is connected to the antenna cable also using a ‘choc block’ connector. 


The antenna wire runs vertically up the fence for about 1 metre to the loading coil which consists of 64 turns of the 
antenna wire wound around a piece of 4 inch diameter PVC pipe. About 32 turns a close wound and the other 32 
turns space wound; The inductance, and therefore the point of resonance could be easily adjusted by altering the 
spacing of the windings. Once set at the required point of resonance the windings can be held in place with duck 
tape. 


The antenna wire exits the coil at the top and passes through a pully secured to the top of the fence and then slopes 
upwards for about 10 metres to the fixing point at a convenient point on the house, in this case the eaves. The end 
of the wire is tied off to a plastic ‘egg insulator’. The egg insulator is tied to a nylon halyard wich passes through a 
second pully at the fixing point. This allows the antenna wire to be quickly dropped for adjustment and then raised 
back into position. 


The earth system should be as extensive as possible for better efficiency; e.g. earth stake and a number earth 
radials, as long as possible around the garden to provide a counterpoise. 


Link: 


Visit www.g7klj.com - the website of 160 metre entusiast Steve G7KLJ 


OTHER THINGS 
Antennas for HF 


There are dozens, if not hundreds, of antenna designs from which to choose. All have their own proponents. Some 
are genuinely good while others might be considered as nothing more than glorified dummy loads! The key thing for 
me was to choose the most effective an antenna that could fit within the constrains of my small back garden and 
also one that would not be too ugly. 


| decided that wire antennas, made from PVC covered stranded wire, would be least objectionable on visual 
grounds. After all they look like glorified washing lines and almost everyone has a washing line! 


Knots to use when fixing Wire Antennas 


It's important to use the correct knot for the job. | find that the Bowline is very useful for fixing end, egg and dog- 
bone insulators to the ends of the wire and/or ropes. The Round Turn & Two Hitches, Anchor Bend and Buntline 
Hitch knots are very good for tying a rope to a pole or a mast. A Double Sheet Bend can join two pieces of rope 
together - even if they are of unequal size. 'Animated Knots’ will show you how to do them: 


http://www.animatedknots.com 


The antenna or antennas really are the key to an effective amateur radio station. The most expensive radio will be of 
little value unless it is used with the best possible and most effective antenna; so | had to set about finding the best 
antennas that | could accommodate for HF and VHF work. 


The dilemma facing most radio amateurs is that antennas for HF are often large and difficult to accommodate in 
modern small back gardens. Additionally there may be objections on the grounds of visual impact. Some people do 
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not regard antennas as the beautiful creations that radio enthusiasts do! 


Cables and Feeders 





As | have learned by experience and from the tutorials | have studied as part of the licensing exam process, a very 
important consideration concerning the antenna system is the loss incurred in the cable that connects the radio to 
the antenna. A loss of 3dB sounds like a small amount when you Say it quickly, but that equates to only HALF of 
your transmitter power reaching the aerial! We'd soon complain if our new 100 watt transceiver only produced 50 
watts - so why stand the chance of losing this much power in the feed line? 


Starting off as an M3 licensee | could only use 10dBw (10 watts) power at the antenna termination, so if | hada 
feeder with a loss of 3dB | would have to run the transmitter at 20 Watts to get 10 watts to the aerial! 


Coaxial Cables 


For HF using a single band resonant antenna, a dipole for example, Mini 8 or even RGS58 is probably fine since the 
SWR should be between 1:1 and 2:1. However if one was to consider using the antenna on non resonant 
frequencies the VSWR will be higher, maybe very much higher, and the consequential losses in coaxial cable will be 
greatly magnified and power losses very significant. | did not want to run such an inefficient station. 


For this reason | chose to use low loss RG213 coaxial cable for my Inverted L since | may need to use it on bands 
other than the 40 metre and 80 metres that it is intended for and where the SWR may be 4:1 or 5:1. RG213 will help 
keep feedline losses to a minimum. No lossy RG58 on Mini8 for me! Westflex 103 would be even better, of course. 


For VHF and UHF | now consider Westflex103 as the minimum standard of cable to use, it's half the loss of even 
RG213. Losses at VHF are much higher than HF and at UHF they are even higher, so Westflex 103 helps preserve 
as much of that precious transmitter power as possible. 


See more about Coaxial Cable Losses here > 


Balanced Feeders = Low Noise 


It's difficult to feed a centre fed wire dipole with RG213 or Westflex 103, both cables are really too thick and heavy. 
RG58 or Mini 8 are lighter and therefore more suitable for suspended wire dipoles, but to match the unbalanced 
coaxial cable to the balanced dipole would need a 1:1 ‘choke balun’ at its centre, as | have learned. However, as 
mentioned above, when attempting to use the dipole at non-resonant frequencies the VSWR will be higher and the 
losses in the coaxial cable will be very much larger too, and hence much less of the precious transmitter power will 
be actually radiated by the antenna. Not an ideal situation 


| have learned that the only really sensible way to feed dipole type antennas, which are ‘balanced’, is to use a 
balanced feeder such as 300 ohm ribbon cable, 450 ohm ladder line or the best option, it seems, might be 75 ohm 
Twin Feeder. All such twin feeders are extremely low loss, much much lower than any coaxial cable, so low that it 
could almost be considered lossless by comparison. Of course nothing is lossless, but twin feeder is as near as 
you'll get, so that's how | will feed my dipoles from now on! See the note on Doublet antennas below. 


Tony Nailer of Spectrum Communications notes that: "75 ohm twin feeder is lower loss than coax. It allows the 
aerial to be properly balanced and the very close spacing of the wires prevents pickup or radiation from the feeder. 
It does not need to be spaced off, unlike ribbon feeder. Use of twin feeder makes this aerial much lower noise than 
one fed with coax. Also importantly it generates less TVI !! Note that the [trapped dipole] aerial is generally 72 
ohms, and will need to be used with an ATU with transistorised rigs which are unforgiving about SWR mismatches." 





Spectrum Communications are now supplying a new design of top quality, very low loss, twin feeder. It is rated at 
2kW at 100 ohms. It can be supplied by 100 metre reel or by the meter, or in various lengths with the ends expertly 
terminated and made off. | can confirm the superior quality of this product and its low noise properties. 





Spectrum Communications also supply a very high quality, well made 1:1 Balun that is perfect for connecting the 
twin feeder to the unbalanced input of an A.T.U. of transceiver. 


Doublet or Dipole (Horizontal or Sloper) 


| have also experimented with a second HF antenna - the ‘doublet' style antenna. | fed this with low loss twin feeder 
and cut it for the lowest frequency of operation, in my case 20 metres (14 MHz). 


Some initial experiments have shown that it is very effective on 20 metres, better than my Inverted L - which is 
designed essentially for 80m and 40m. 


In theory a doublet antenna, when fed by twin feeder (NOT coaxial cable) and matched at the transmitter end via a 
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1:1 balun and an ATU (or to use a more correct term, Antenna Matching Unit) at the transceiver should be able to 
work on all bands with a higher frequency than the band that it is cut for. 


On other bands such as 17m (18 MHz), 15m (21 MHz), 12m (24 MHz) and 10m 28 MHz) the doublet showed 
generally lower VSWR than the Inverted L ......... however (and here is a nice lesson) it is actually not quite as 
effective as the Inverted L! | think that size may matter here - the overall length of the Inverted L is much longer. 


This short 14 MHz doublet is only about 10 metres in total length and was suspended at about 25 feet high at one 


end from the same fibreglass pole fixed at the apex of the roof and taken down to another 16 foot high wooden pole 
installed on the other side of the back garden in somewhat of a 'sloper' style. 


Trapped Horizontal Dipole or Vertical Antenna for 20m / 10m 





| also experimented with a trapped wire dipole cut to be resonant for 20 metres and 10 metres, again fed with twin 
feeder and matched at the radio end via a 1:1 balun and the ATU ( AMU }). 


| may also try an antenna for 20m / 15m and 10m in a Vertical ‘ground plane’ arrangement which should give a lower 
angle of radiation than a horizontal dipole - therefore better for longer distance DX. 


At the moment | am using the 20m / 10m trapped dipole in a rather unorthodox arrangement. | have installed a 
fibreglass fishing pole, mounted vertically on a stake on one side of the garden. Most of the wire dipole is fixed to 
the vertical pole, but being as the dipole is somewhat longer than 7 metres, a portion of the wire runs away from the 
pole horizontally along a fence panel about 1.5 meters above ground level. It's vaguely L shaped, but mostly vertical 
which should help with the angle of radiation. It seems to work very well indeed - | like the mostly vertical idea. 

The antenna can be seen on this page > 


Other Dipoles: 


Spectrum Communications can supply a full size W3DZZ style antenna with a 7MHz trap for use on 40m and 80m 
and usable on 20m, 15m and 10m. A half size version with a 14 MHz trap for use on 40m and 20 metres, plus 15m 
and 10m is also available. As a special order an even shorter version using a 28 MHz trap is available for 20 metres 
and 10 metres. http://www.spectrumcomms.co.uk/G2DYM.htm Al versions designed to be used with balanced line 
feeder - lince they are balanced aerials - for low noise and lowest loss. 





PDF Document - The W3DZZ Antenna - 
http://Awww.users.icscotland.net/~len.paget/GMOONX%20trap%20dipole.pdf (But rather than using coaxial cable 
with a 'choke balun’ at the centre of the dipole, try using twin feeder with the Choke Balun at the radio end for less 
power loss!) 





Links 


Enamelled copper wire supply: http://www.esr.co.uk/electronics/cable-copper.htm 





Loading coil calculators: http:/Awww.k7mem.com/Electronic_Notebook/antennas/shortant.html 





Ring Core Calculator: http://www.dl5swb.de/html/mini_ring_core_calculator.htm 





Vertical Antenna For 50 MHz, 144 MHz and 430 MHz 
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Watson W-2000 on Telescopic Mast at the lowest position 
more on this page 


OTHER ANTENNAS 





Our good friend in Australia Felix Scerri, VK4FUQ, uses Inverted V antennas but also highly recommends the Quad 
Loop style antenna for HF work. These are well worth investigating, and you can read more here: Antennas 3 see 
the antennas at the MOMTJ QTH here with many more antenna ideas on Antennas 4 and the Links Page here 
and here 


Antennas 1 | Antennas 3 | Antennas 4 | Antennas 5 | Antennas6 | Antennas 7 








ai 
Geoff G4ICD offers a multitude of high quality solutions for portable, mobile and permenant base installations 
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MOMTJ | Operating Conditions | Antennas / Aerials | /P Portable Operating | Accessories | Projects & Kits | Useful Information 


Contact M@MTJ | Contact M6ORS | Links to Amateur Radio Sites 


MDS975 Home 


Feedback 
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Amateur Radio — wom 


35Vd SWOH 
N00" S/ESCi 





My Home Page MOMTJ | Operating Conditions | Antennas / Aerials | /P Portable Operating | Accessories | Projects & Kits | 
Useful Information 
Amateur Contact M@MTJ | Contact M6ORS | Links to Amateur Radio Sites | RSGB | QSL | TheAmateur Radio 
Radio Mini Site Map 
Operating News, Developments, Events, Photographs and other 'Bits 'n' Bobs! | WSPR Weak Signal Propagation Reporter 


Conditions "Everything should be made as simple as possible, but not simpler." - Albert Einstein 
Antennas 


Neste AERIALS (ANTENNAS) 4 - Notes and Queries 


Projects Antennas 1 | Antennas 2 | Antennas 3 | Antennas 5 | Antennas 6 | Antennas 7 


& Kits 
Index To Other Antenna Pages: 
Data Modes Antennas 1 : Aerials used by MOMTJ 
Antennas 2 : Including ideas for compact aerials for Top Band /160 metres 
Mieysutpetal Antennas 3 : Felix Scerri VK4FUQ discusses Loop Antennas, baluns, masts & other antenna related topics 
Antennas 4 : Many antenna ideas from various sources particularly for Multi-Band operation & also gives information 


Portable about... 
antenna trimming, knots for wire antennas and useful antenna rigging accessory ideas. 


QSL Antennas 5 : Half Wave End Fed antennas for 144 MHz VHF / 430 MHz UHF and 50 MHz 6 Metre band & J-Pole 
Aerials 


Antennas 6 : Simple and effective H.F. Antenna ideas - Ground Plane and All Band Doublet 
RSGB Ltd Antennas 7 : Omni-Directional - Circularly (Mixed) Polarized Antenna for VHF / 2 Meters. 


Links 
Multi Band Aerial Options | Useful Aerial Rigging Accessories | Aerial Trimming Chart | Useful Knots | A few 
QRM antenna related Links 

















53) <n =<¢]*- ~~As G4/LO notes: An antenna may have two of the attributes: Small; Efficient or Broadband (works over a 
wide frequency range without retuning) but never all three. 





Contact 
Marconi spins in his grave every time a ham buys an aerial instead of building it ! (w1cFH) 
WSPR 
Weak Signal = TE QUEST FOR MULTI - BAND OPERATION - In A Limited Space 
Propagation 
Reporter The aerial is arguably the most important part of any station. No matter what transceiver is being used it is the aerial 
that is the last and most vital link in the chain and needs to be efficient and effective to radiate the signal to best best 
effect. Some amateurs are quite content to operate on one or two bands while others might want to be able to 
PORTABLE operate on many or even all of the amateur HF bands. When | gained my licence | definitely fell into the latter camp! 
Site Map It seems, then, that the holy grail of many amateurs is the perfect multi-band aerial! 


MDS975 Home 
Luckily N4UJW has designed a new limited space 160m through to 70cm marvel antenna the plans of which 


can be found here: 
http:/Awww.hamuniverse.com/antwish.html 


Feedback 





QRM from PLT 


Having experimented with various types of antenna | am of the opinion that, perhaps along with many other 
amateurs, for simplicity a resonant dipole is the most efficient and effective of aerial. A resonant dipole it is only a 
single band aerial of course, but it is extremely cheap and very simple to make - and it's a very efficient radiator. So 
one could make a dipole for every band of interest and simply swap aerials to work different individual bands. 
Unfortunately the aerial described by N4UJW does not exist and compromises, such as lack of bandwidth or poor 
radiation efficiency, have to be made. 


The principal of lowering a dipole cut for one band, removing it and hoisting another dipole cut for a different band 


in to place sounds pretty straightforward, but would the process become frustrating after a while. | think it could, so 
what about an antenna that will allow operation on several bands? 
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The Quest For A Multi - Band Aerial 


Here is a collection of commercial and 'home brew' (DIY) antenna ideas that will allow multi-band operation, many of 
which could also be used in a location that offers limited space. Perhaps this only scratches the surface, but 
hopefully will provide a good starting point and fuel the mind in a quest for a good multi-band HF aerial. Do check 
out the manufacturer and supplier websites given on this page for lots more options and details. 


Home Brew! It has been said that no radio amateur should ever buy an aerial - especially a wire aerial! Joe 
Tyburczy WB1GFH also comments about suitable antenna installing weather on his web pages: 


"When you put up your antenna is also crucial. | must mention here the importance of what many early hams called 
"antenna weather". That is, snow, sleet, freezing rain, or combination of all the above. It has been proven time and 
time again that any antenna installed in conditions better than abysmal will not function worth a darn. Or, put another 
way, it takes bad weather to put up a decent antenna. Dark and cold New England winter days are ideal for this 
activity. Any antenna erected on such a day will inevitably produce miracles." Joe Tyburczy WB1GFH 


Most of what is available commercially could be 'home-brewed' if one has 
the time and a few suitable mechanical skills. 


It's worth bearing in mind that Joe Tyburczy's $4.00 Special may well be 
more effective than a commercial antenna costing $400.00. Perhaps the 
equally inexpensive Zepp Antenna could produce far greater Value For 
Money than shelling out £$hundreds on a commercial antenna? 


| give no particular recommendation here, but a good rule of thumb is not 
to believe the marketing hype of any commercial company supplying 
antennas. 





A good place to start is, | think, the classic All Band Doublet Antenna, which is mentioned several times below. 
Plenty of links are also provide further down this page. 


As important as not believing any of the marketing hype is remembering the words of the Star Ship Enterprise's 
Chief Engineer Mongomery Scott; (paraphrasing) You cannae change the laws of physics! - Size matters. A coil 
loaded 5 foot long aerial probably won't be that much good on the H.F. bands. Indeed, a a 5 meter long antenna 
may be perfect for the 10 metre band but it won't be a great antenna on 20m, and certainly even less effective on 
40m and 80m 


So, before falling for all the marketing hyperbole its wise to read up on a little antenna theory and do some lengthy 
research into the antennas being considered before making an expensive decision. 


Below are a few clues and ideas listed in no particular order - some of the antennas will be great while some of the 
commercial designs shown below may promise great things but fail to meet high expectations. 


There is no "miracle antenna". If one understands the theory and the compromises made with shortened, under- 
sized, multi-band (and often very expensive) antennas there may not be so much disappointment. However most 
will be compromised in one way or another, so if one is happy to live with those compromises, understand what they 
mean, and are happy to have a lighter bank balance then that's fine! 


Low SWR across all the bands does not indicate a good antenna. My dummy load has very low SWR across all the 
bands but it is most certainly not a good antenna! 


Someone telling you that the antenna that they're using is great and that they've worked the world doesn't mean it 
really is a good antenna - it's just ‘hearsay’. One could quite possibly work around the globe on a coat hanger in the 
right conditions - it doesn't suddenly make a coat hanger the great antenna that should be widely heralded! 

The best way to learn about antennas is to go out and make some - well actually go out and make many antennas. 
Here are a few ideas. Some that are easily 'home brewed' and some commercial ideas that could be adapted to 
‘home brewing’. | don't have any particular recommendation, but | hope that this list will provide some good food for 
thought. (Some of the commercial antennas may be okay, some may be awful). 


Remember; Marconi spins in his grave every time a radio amateur buys an aerial instead of building it ! 


The Doublet Antenna - the classic all band / multi-band Aerial 


The Doublet Antenna is my favourite Multi-Band aerial. The main benefits of a Doublet Antenna are that it can be 
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used on whatever frequency it is cut for, and higher frequencies. Usefully, there can be some useful gain on higher 
frequencies, although there will be some petal shaped lobes on the higher frequency bands. 


In fact my 20 meter long Doublet for the 40meter band to the 6 metre band also works quite well on 80 meters! Not 
only a very good starter antenna for those looking to work as many bands as possible, but also an aerial that would 
be useful and efficient for years and years to come. 


Ladder line or open wire feeder must be used (NOT coaxial cable). Ladder Line or open wire ensures low loss at 
High Frequencies so that as much of your precious transmitter power as possible will be radiated. Likewise receive 
efficiency should be maximized. Assuming that the aerial is successfully balanced, the feeder should not radiate, 
even when there is (inevitably) high SWR 


High SWR is not an especially bad thing and will not reduce the aerial's performance, but note that high SWR on the 
balanced feeder does increase feeder loss compared to a when matched - but the losses will be a lot less significant 
then if coaxial cable were to be used. This ensures that efficiency should be better so that all the power that reaches 
the antenna wires will be radiated - save for any losses in the antenna tuning unit (AMU) or the balanced feeder 
cable. 


Remember: Ladder Line = Lower Loss - Read more about my MOMTJ Doublet Antenna HERE >> and more 
notes on this page here >> 








M@MT]J Doublet Antenna 





















Pull 
7Pulley _——T op Wires = 
\ se) 
ee 
. | 
Insulator 
\ Ladder Line A 
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Pole Fibreglass support pole 
Halyard 
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bi enclosure 
Coaxial Cable \} Sayan \ _ ‘ATU Building Tie off 
o Shae! NTie off —~“e.g. shed Support stake 





(Not to scale) 
The Classic All Band DOUBLET ANTENNA - Read More about my MOMTJ All Band Doublet Aerial Here >>> 





The G5RV and more about Doublets & Dipoles 
The G5RV - (Even Louis Varney himself said that a Doublet would be better!) 


Why the GS5RV continues to remain popular is a mystery. The ‘legendary’ name, perhaps? That it can be ‘thrown up' 
without too much thought? The fact that it' cheap and cheerful? Well, cheap anyway. There has been much written 
about the GS5RV and the overall conclusion is that it's not a very good multi-band antenna. Certainly it will work quite 
well on, perhaps, a couple of bands, but there are better alternatives, especially when one considers the wide 
availability of remote automatic antenna matching units (remote auto 'a.t.u.'s) that will greatly assist in minimizing 
antenna feeder losses. 


Perhaps the best thing that can be done with a G5RV is cut off the coax, re-size the top wires and turn it into a true 
Doublet Antenna - or, better than that, don't buy a G5RV in the first place and simply make (home brew) a true All 
Band HF Balanced Doublet Antenna. 


The G5RV and its derivatives such as the Western HF-10 and the ZS6BKW are a bodge. In fact, Louis Varney 
G5VA himseld stated that a much better alternative to any of these 'G5RV' designs is to run the open-wire line from 
the center of a dipole all the way to a balanced antenna tuner!! This aerial arrangement will work on ANY band from 
80 metres through to 10 meters. 
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The G5RV is, therefore, not the most efficient aerial and, as users report, may not always be the easiest to use, but 
because it is coax fed, it remains an ever popular choice because it's easy to feed the coax cable from the antenna's 
location back to the shack. Unfortunately this easy (lazy?) approach means lots of loss due to high SWR on the 
coaxial cable. 


One may say, Oh well, there's perhaps only 2 or 3 S points in it. (Cough!). A difference of 3 S points is the 
difference between radiating 100 watts or only radiating 1.6 watts. Um, - I'm sure we'd soon complain if our shiny, 
new 100 watt transceiver only produced 1.6 waitts!! 


QRP and lower power portable operators should be especially keen to minimize antenna system losses so that as 
much power as possible is radiated. Losing 3 S points from a 5 watt FT-817 results in only 0.08 watts. QRP 
operators may likely favour resonant, single band antennas for greatest efficiency. 


Coaxial Cable is only ‘low loss' when the antenna impedance is similar to the cable's designed impedance of 50 
Ohms, or near 1:1 SWR (or at least less than 2:1). Coax cable is therefore fine for a Dipole antenna that is 
designed to be resonant on one band of choice, which will have a reasonably low SWR across that band, but coax' 
is entirely unsuitable when one wants to use the aerial on several bands. The G5RV will be used an multiple bands 
and will therefore present widely varying impedance values (and SWR) depending on the band of operation and so 
the power losses will be significant. 


Note: The antenna's true impedance (SWR) must be measured at the antenna’'s feed point (i.e outside and up in the 
air) not at the radio end of the cable, in the shack, where the coaxial cable's losses will mask the true SWR reading. 
Unfortunately 50 Ohms, or a near 1:1 match, will not be encountered on any band on a G5RV. The best band will be 
20 metres at typically 2:1 (100 Ohms), but on any other band the impedance will be very much higher. One might 
expect rersults like these: 80 metres 3:1 to 5:1, 40 meters 5:1, 30 metres 20:1 or more, 17 metres 15:1 or more, 
15 metres 6:1 to 12:1, 12 meters 3:1, 10 meters 10:1 to 20:1. 


1000 Ohms into 50 Ohm coaxial cable will result ina massive dumping of your power - lost as heat in the coaxial 
cable instead of being radiated as a useful signal. However, high SWR is not in itself a bad thing - it's just that the 
correct type of feeder and impedance transformation method needs to be used. The incorrect feeder is coaxial cable 
- the correct type of feeder is balanced Line or Ladder Line feeder. This can be the typical slotted 300 Ohm type or 
the 450 Ohm ‘window line’ which are commercially available. Even better, make your own open wire, balanced line 
feeder. Spacers can be bought commercially or 'home brewed’. The spacing for this parallel line should be about 2 
to 3 inches (50 to 80 mm) - the width of the spacing is not particularly critical, but whatever width is chosen should 
be maintained as accurately as possible along the length of the feeder - i.e. it should be parallel. 


The Doublet can take more time and effort to tune, prune and adjust. It will also need a good antenna matching unit 
(so-called "ATU") and low loss balun, but the reward will be more effective performance due to the much reduced 
loss in the balanced line feeder system. 

Doublet Aerials - a better alternative to a GSRV 

Check out the The classic All Band Doublet and the NorCal Doublet for very simple, effective and versatile antennas 
for multi band operation: 

The ALL BAND Doublet Antenna 


This could very well be the first antenna that one should try in order to get on at least one band very efficiently but 
also several other bands with the use of a good ATU. 


2 - 14 Gauge stranded 
otal length, insulator to insulator, about | harddrawn wire 


30 feet. Hot Critical! 
eed with 600, 450, or 300 ohm 
open wire, (ladder or window type) 
any length to shack to tuner. NOT COAX! 
jount in any configeration as high as 
possible. NOTE: 130 foot length can be 
doubled for 160 meter operation. 
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All Band Doublet - http:/Avww.hamuniverse.com 
See My All Band Doublet Antenna here 





The all band Doublet antenna is nothing more than a 1/2 wave dipole cut for your lowest operating frequency and 
fed with twin lead, ladder line, open wire, etc to a tuner that will accept a balanced line connection. IT MUST NOT 
BE FED WITH COAXIAL CABLE ! 


It can be designed for use from 160 through to 10 meters very easily using the standard 1/2 wave dipole formula: 


468/freq MHz = total length (ft) 
The exact length is not critical! 


If there is insufficient room for a lower frequency version (160m or 80m), then the Doublet can be designed to the 
shorter wavelength of the 40 metre band and used up to the 10 metre band. (Do not attempt to operate on a lower 
frequency than 7 MHz in that case since this could damage the a.t.u.) It may be possible to connect the ends 
together and tune it against earth - if you have a good enough earth - and use lower frequency bands. For best 
results a doublet should be mounted as high as possible (as with many aerials) and can be erected as a flat top or 
inverted V. 


A Doublet Antenna needs a good antenna matching unit with a wide impedance matching range (obviously not the 
one in the radio!). Preferably this should be a balanced antenna matching unit, but an unbalanced matching unit can 
also be used together with a good low loss current / Guanella balun, such as the extremely high quality items 
available from G-Whip Antennas. | use a 4:1 G-Whip guanella current balun with my Doublet, but many users 
recommend using a 1:1 ratio current balun - again, this is a case for individual experimentation. 


A more detailed description of the Doublet Antenna can be found here >> 


External Links 
The All Band HF Doublet can also be found on Ham Universe: http://www.hamuniverse.com/hfdoublet.html| 


Introducing The All Band Doublet by the late L.B. Cebik W4RNL: http://www.cebik.com/content/edu/edu6.html 
N.B. Create a free account at http:/Awww.cebik.com 





The Norcal Doublet 


Snap Swivel 


22 Ft. 22 Ft. 











Feed Line 28 Ft. 
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The Norcal Doublet Antenna: http://www.norcalqrp.org/norcaldoublet.htm 





The Norcal Doublet is a simple antenna that is 44 feet (13.4 metres) long, 22 feet (6.7 metres) per side. The Norcal 
pages report "...that the antenna would have basically the same radiation patterns on all bands from 40 - 10 meters. 
This would be very handy to have for field operation..... You will need the following materials: 50 feet of 4 core 
stranded computer cable; 1 #0 Fishing Swivel; 1 Cable tie; 2 pieces of fishing cord." 


The antenna can be hung from trees or cheap telescopic 'roach' / Sota poles. Doubling the size would allow 
operation on 80 metres and even 160 metres by shorting the twin feed together at the transmitter end and feeding it 
against a good earth as a 'Marconi’ type antenna. 


An effective multi-band "4 Dollar Special" by Joe Tyburcy - W1GFH (An Inverted Vee Doublet Antenna - super 
cheap - super effective - multi-band) 


Joe Tyburczy, W1GFH provides some sensible insight and advice, he writes: "! am a big fan of "balanced line" (twin 
lead, open wire line, etc.) vs. coax. By using balanced line and a tuner you can have one, single-element antenna 
that works well on all bands. You can't do that as easily with coax. The basic "W1GFH $4 SPECIAL" shown below is 
a variation on the type of versatile skyhook I've been using for years......Now at this point, some of you may be 
looking at the diagram and muttering, "Jeez Joe, that's just a dipole fed with twin lead and used with a tuner". Well of 
course it is. Virtually all antennas are "di-poles" (i.e. "two sides") in some form or another. This one just happens to 
be made from low-cost materials......1 won't go into the theory here, but trust me: balanced feed line, properly used, 
does not "leak" RF and is less lossy than coax. I've tried the commercial 450-ohm ladder line, but prefer 300-ohm 
TV twin lead, and the cheaper the better. Radio Shack TV twin lead is ideal. Home Depot has some good stuff, too. 
Forget all the obsessive junk about standing waves, impedance and velocity factor. What you really need to 
concentrate on is getting an interesting set of antenna insulators." 


Read Joe's excellent article in its entirety here: http:/Awww.qsl.net/wb1 gfh/antenna.html 
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Center and end Insulators: 
Hacksaw 3" sections from ~ 
acrylic adjusting rod used 
on mini-blinds. Drill two 1/6" 
holes for wire. (Cost: $0) 


Support ~ 


33 to 65 ft. of junk wire on 
each leg. (A 500 foot roll 
of #18 insulated cost me $3 
at a local surplus store) 





300 ohm twinlead. Cheap, brown 
indoor-type. 30 foot hunk bought 
at a local yard sale. (Cost: $1) 


Balanced line output 
{4&1 balun) 


3 feet of coax ore | 






Stake Tuner GND 


Groundwire to a lousy 
4 foot ground rod. 


4 Dollar Special by W1GFH 
http://Awww.qsl.net/wb1 gfh/antenna.html 





Inverted L - 80 metres to 10 metres 


A typical Inverted L antenna will be trapped for 40m/80m using a 7.1 MHz trap. It is essentially one half of a W3DZZ 
dipole so can be accommodated very much more easily into a small plot or garden - especially as part of the 
antenna is running vertically up a wooden or fibreglass (non conductive) pole. This should allow it to be fitted into 
quite a small garden such as mine. It's a very useful antenna in this respect, and because there is a good length of 
wire in the air, it radiates quite well. 


The Inverted L is also a very effective aerial because it has the benefit of both vertical and horizontal radiation. 
While Inverted L's might make good TX aerials, like ground mounted vertical aerials they do have the potential to be 
a little noisy on RX. This will depend upon local circumstances and noise sources. However the fact that the feed 
point will generally at the bottom of the garden, well away from the house may help to keep QRM to a minimum. 


The Inverted L is extremely easy to 'home brew'. Spectrum Communications can also supply the complete aerial as 
shown below. It should give excellent performance on 80m and 40 metres, with 20 metres also being good but also 
allowing use on 15m and 10m and possibly one or two of the WARC bands. 


If you fancy home-brewing the complete antenna, except for the 7 MHz trap, traps are available to buy commercially 
from suppliers such as Spectrum Communications and Sotabeams who supply very neat and lightweight devices, 


Use a Remote Automatic Antenna Coupler : The use of a good Automatic Antenna Coupler, such as the CG 
Antennas CG-3000, at the feed-point with a simple inverted L wire will provide a very good Multi-Band aerial that 
could be used on all bands between 160m and 10m and should be very simple to deploy. 
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TRAPPED INVERTED L ANTENNA 


19°77” 7 IMHz 


COUPLING 
Box 





SvuPpPoRT 
4 EARTH 


20-10 males, Ul a emalll qerdun. STAKE 


Spectrum Communications Inverted L - benefits from both vertical and horizontal radiation 
http:/Avww.spectrumcomms.co.uk 





More about Inverted L Aerials: 


The Inverted L for 40m/80m is shown below is essentially one half of a W3DZZ dipole fed against ground using one 
7.1 MHz trap. It's a very compact antenna and is simple to construct. It is most efficient, of course, on 80 metres and 
40 metres, but can also be used, with an a.t.u., on 20m, 15m and 10m. 


Find out how to make one here: http:/Awww.users.icscotland.net/~len.paget/5%20band%20Inverted%20L.pdf 





Monofilament 


7MHz trap 





Timber of non-metallic support 


Earth tod 
The basic layout of the Inverted L Antenna by Len Paget GMOONX (Practical Wireless) 


Adding 160m / Top Band to an Inverted L 


The 160 metre Top Band can be added to this aerial by connecting a 3.5 MHz trap at the end of the 80 metre wire 
(where to monofilament joins the 6.55m section of wire below) with another length of wire on the other side, 
increasing the overall length of the antenna. 


Find out how to do it here: http:/Awww.users.icscotland.net/~len.paget/Inverted%20L%20adding%20top%20band.pdf 
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SSim 40m / 80m / 160m Inverted L 
» a ie 3.6Mete trap Rylan Peart BION 
ss a Practical Wireless Magazine 


> a : ‘ Insiesletect ee 


- Stappeoel pole aes ema 







Insulator 





Insulated 
SupeKar pole 







Connection to earth and to — 
Tha antenna conductor 
(ame taxt for more detail) 






Coaxial cable teeder 


Adding Top Band to an Inverted L by Len Paget GMOONX (Practical Wireless magazine) 


160m Top Band ‘Inverted L' Wire Antenna 


At the time of writing | am using a 40m/80m Inverted L aerial and in an attempt to get on Top Band | have also been 
experimenting with a shortened 160m antenna in an inverted L configuration that uses a wire about 19 metres long 


- about half the size of a full size inverted L for 160 Metres. 


A Top Band aerial of this type also needs a very good ground / counterpoise and can suffer the disadvantage, like 
ground mounted vertical aerials, of being rather noisy on RX . The drawing below shows the general idea. Read 


more here > 


Pulley Telescopic fibreglass 


Egg insulator fishing pole -6m high 
Aerial wire 






Aluminium pole fixed to wooden post 







Inductor Pulley 










Counterpoise 
ground radials 







Connection box 






Halyard 








Coax to shack 


Wooden post 


Top Band Aerial by MOMT] 


Earth rod 


General layout of Top Band Aerial with fibreglass pole retracted to a height of 2 metres 
Wire lengths are approximate: Inductor 5cm dia with approx 40 turns of enamelled copper wire 






Full Wave Loops and Delta Loops - An easy to install and effective antenna for multi band 


operation 


Easy and low visual impact - a full wave loop: With a larger garden a full wave loop could be easily 
accommodated horizontally without the neighbours even noticing. A garden with a perimeter of 40 metres would 
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easily accommodate a full wave loop for the 40 metre band and would work up to 10 metres or even 6 metres with 
an 'ATU'. A garden with a perimeter of 80 meters would accommodate a full wave loop for the 80 metre band and 
would work up to 10 metres. 


Small Loop for 20 metres to 10 metres: A loop for 20 metres or 17 meters is relatively compact and could easily 
be installed in small 'postage stamp' sized gardens. A loop antenna could be triangular, square (Quad) or circular, 
but a square loop (and indeed a circular loop) would need more supporting points than a delta (triangular) loop, so a 
Delta loop is likely to be the easier option. 


The loop is really a single band antenna cut for one wavelength on the band of interest, however it can also work 
quite well as a cheap and easy to install multi-band H.F. aerial. A loop consisting of a 17 metre length of thin 
antenna wire, for example, will work well on 17 metres but may also give 15m, 12m and 10m with an ATU. My own 
loop is made from an 16 metre length of wire, tuned for the 17m band, but can work on higher bands. A 40 metre 
loop will be considerably larger, but it might still possible to accommodate in many fairly compact gardens. 
Performance will depend on height and orientation. 


Feeding the loop at the top or bottom will give horizontal polarisation, while placing the feed point on the side will 
give vertical polarisation. The apex can be at the top or the bottom, but performance should be better with the apex 
at the bottom with the flat wire across the top - however for ease it may be more convenient to support a Delta Loop 
on a single pole, meaning that the apex would be at the top. 


Ideally a loop should be fed with balanced line back to the shack, connected to a balanced line ATU or other ATU via 
a 4:1 balun. Alternatively use a 4:1 balun at the antenna end and run 50 ohm coax back to the ATU / txvr - though 
losses will be greater doing it by this method if the coaxial cable is quite long. 


If one can install a separate antenna for the lower frequency bands of say 160m, 80m and 40m, then a Loop 
Antenna could be a good partner to allow operation on the higher bands of 20 metres to 10 meters or even 6 
metres. 


A loop should be really very easy to install using a single support pole and very cheap too! All that's needed is the 
supporting pole, some cheap wire, a 4:1 balun which can be 'home brewed' and some thin cord and insulators which 
should not be an eyesore either. 







W2aAU 4:1 Balun 
6-8 turn coil of i ----22 ft 
feedline choke oH 
at feedpoint 





50 ohm coax 
to shack 12-14 AWG antenna wire 


insulators and tie off ropes 


Diagram from the excellent article by W5SDC 
http://Aw5sdc.net/delta_loop_for_hf.htm 
































Length of antenna wire at 
Band mid band in metres 
10 10.617 
12 12.282 
15 14.432 
17 16.90 
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| 20 | 21.502 
[ 30 | 29.622 
[ 40 | 42.842 
[ 80 | 82.234 
[ 160 | 161.223 











Delta or Quad Loop Antenna - An ideal multi band antenna solution? 






SUPPORT ROPES 


SUPPORT ROPES 


RANDOM DELTA LOOP 

CIRCUMFERENCE COVERAGE GREAT FOR DX! 
75° 20 METERS & UP 
150° 40 METERS & UP 
280° 80 METERS & UP 





THIS ANTENNA MUST BE USED WITH 450 OHM BALANCED LINE 


A TUNER ! IF YOU HAVE A TRUE BALANCED ANY LENGTH NEEDED 
TUNER, YOU CAN ELIMINATE THE 4:1 BALUN 
AND RUN BALANCED LINE ALL THE WAY TO WORKS WELL AT LOW HEIGHTS ! 


CAN BE INSTALLED HORIZONTAL 
FOR OMNI DIRECTIONAL COVERAGE 
OR MOUNTED LOW AND HORIZONTAL 
FOR NVIS WORK 


THE TUNER. 


THE RANDOM DELTA LOOP 
IS A DIRECTIONAL ANTENNA 
WITH RADIATION BROADSIDE 
TO THE LOOP, ORIENT FOR 
DESIRED DIRECTION OF 
COVERAGE 


4:1 BALUN 
COAX - 25" OR SHORTER KCBAON 2001 


A Multi Band Wire DX Loop Antenna by KC8AON 
http://Awww.iiwarlinkradio.com/antype/ch10/chiave1827.htm 








Delta Loop by Arthur MOPLK (SQ2PLK) 
Details at http://pdxa.one.pl/articles.php?article_id=17 
Available at http://ham-radio.urbasket.eu and _ http://www.vpa-systems.pl/ 








http://;www.mds975.co.uk/Content/amateur_radio_antennas_04.html 


11/52 


10/30/2017 ANTENNAS & AERIALS 4 - Notes and Queries - Amateur Radio by MOMTJ, Antenna Designs, Multi-Band 


Using fibreglass fishing poles (Sota Poles) two 7 metre long poles can be erected in an inverted V shape and used 
to support a 20 metre delta loop which will be usable on 20m to 10m and also adaptable for use on the 40 metre 
band. 


The two aerial wires used are connected directly to a 4:1 balun which is, in turn, connected to an ATU such as the Z- 
11 Pro or Z-100 via coaxial cable. See this page which shows the W6ZO delta loop to get for the general idea of 
what will be achieved. The finished aerial will be very much like the commercially available ProAntennas DMV-Pro. 








= ze Rea 
W6ZO Delta Loop - fed with 4:1 Balun - 40m to 10m 
http:/Awww.fros.com/KIOGU/w6zodelta.htm 


The Loop Antenna. Ideal - cheap, easy, multi-band, simples! - 
Lots of links to other Loop Antenna information on the links page here 





Omni Directional Multi-Band Horizontally Polarized Delta Loop 

If all that can be erected is a single pole, masts or telescopic pole, here is an option that will provide a horizontally 
polarized signal on 20/17/15/12/10 metres - the Sandpiper Aerial Technology GM3 (designed by GM3VLB). A 
similar idea, providing omni-directional horizontally polarized signals, is the G3TPW Cobwebb Antenna from Steve 
Webb. 


These look like good ideas, though | have yet to make one to test. 
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Antenna Products 


Top Quality 
British Manufacture 





Sandpiper GM3 














Site Search 
- | Sandpiper GM3VLB Antenna 
http://www.sandpiperaerials.co.uk/ 
powered by FreeFind 





G3TPW Cobwebb Antenna from Steve Webb - photo by G3TXQ 
http:/Awww.g3tpw.co.uk http://www. karinya.net/g3txq 


Resonant Vertical Antennas 


Low SWR: Having a low v.s.w.r. across the whole of HF may seem, at first glance, to be a good thing - but my 
dummy load has a very low v.s.w.r. from HF to UHF, it does not make it a good antenna! As far as aerial systems are 
concerned, having a low v.s.w.r. across the whole of HF is probably not the best way to judge an antenna - a wide 
band low v.s.w.r. could indicate a fault with the aerial or feeder system - or just that lossy matching transformer that 
is gently heated up by the power applied from the transmitter! 


A low v.s.w.r. is a good thing in a resonant antenna. It will help demonstrate the antenna's point of resonance - but 
the v.s.w.r. will rise either side of resonance. So: 
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The next commercial option is an antenna that is truly resonant on a number, but perhaps not all, 
bands. The Hustler and Butternut varieties are very well known and offer well reported good 
performance. 


Some vertical antennas use traps to achieve multi-band performance and as such are essentially 

one half of a trap dipole, fed against ground. A consideration is that the traps themselves, 

particularly if multiple traps are used, will introduce losses to the antenna system. It should also be 
noted as an additional consequence of using traps on a ground mounted vertical antenna, is that 

the highest frequency element will inevitably be positioned at the lowest position on the aerial - not 

a good position to be, especially for local ground wave radiation where signals will more easily be ~™ 
screened by local structures. Ground conductivity also needs to be good for verticals to operate 
efficiently. =] 





The Hustler 4-BTV, 5-BTV & 6-BTV aerials are examples of multi-band verticals that use traps; - aT 
many amateurs report great success with Hustler aerials - and it is very low profile too, indeed an 

amateur friend of mine uses a Hustler with great success and has even modified an additional top 
resonator so that the aerial can be used on 160 metres.. | 





Other manufacturers of resonant vertical antennas, using varying design methods, include GAP, 
Cushcraft, Diamond, HyGain, and the well known British names Moonraker and Sandpiper. 1 














Advisory: These are perhaps a good idea for limited space situations, but the shorter versions will 
not work well on the lower HF bands. A 6 metre tall antenna cannot possibly work terribly well on | 
40m or 80m, but may work well on the 20 metre band and above. However one could easily 'home 

brew’ an equally effective antenna for a fraction of the cost of a commercial antenna. ae 


Sandpiper Aerials 


Sandpiper Aerial Technology offer an enormous range of amateur radio antennas from HF to UHF. For HF working 
Sandpiper offer numerous options including simple multi band resonant antennas supported on fibreglass telescopic 
poles using either changeable or plug-in coils for different bands to the famous V range and shorter and more 
compact MV range and the Portable MV antenna on its own tripod base. The V and MV ranges use a rather 
innovative design, seen above right. The V and MV antennas are available in versions that cover all the HF bands - 
or as cheaper versions that just cover the particular bands of interest. http:/Awww.sandpiperaerials.co.uk/ 





Vertical antennas will be quite short when compared to the wavelengths of some of the longer wavelength bands 
(particularly 40m, 80m and 160m) and so will not radiate as efficiently as a full size resonant aerial. The bandwidth 
will also be quite narrow. Setting up a multi band antenna to be resonant at the required portion of each band can 
sometimes be a little time consuming, but for the convenience it might be a price worth paying. A vertical antenna 
will generally have a low angle of radiation which is a good thing for long distance DX but verticals can be very noisy 
on RX compared to a balanced dipole and as previously alluded to, radiation efficiency will be very low when 
compared to a full size single band resonant antenna. Attractive options? 


Alternatives: My favourite way of experimenting with aerials is using a 10 metre long fibreglass telescopic fishing 
pole as the support. These fibreglass poles are lightweight and easy to carry, put up and take down, ideal for 
supporting lightweight v.h.f. and u.h.f. yagis, wire dipoles and doublets and also for supporting vertical wire aerials. 


The telescopic pole must be made from fibreglass, not carbon fibre which is electrically conductive. 


One great design is by Dave G4AON who writes on his web page: "There seems to be a myth among many newly 
licensed radio amateurs that an antenna works better if it costs a lot of money..... The antenna shown here costs 
around one tenth the price of a commercial vertical, yet it will perform as well as (and in many cases better than) a 
trapped vertical antenna. This antenna is based on a 10 Metre long fibreglass fishing pole.....the poles will collapse 
inside the sections unless each joint is secured with PVC tape, for more permanent installations glue could be used. 


... The wire lengths are calculated from the formula L = 234/F, where F is the frequency in MHz and L is the wire 
length in feet. These lengths work out to around 33' 3", 23' 2" and 16' 7" for the 7, 10 and 14 MHz bands. The 
lengths for 7 and 10 MHz were more or less correct, however probably due to interaction between the wires the 14 
MHz wire needed lengthening by around 4" for minimum SWR. Wire size is not critical, but it is probably better to 
avoid the thinnest "hookup" wire. Note, ground conductivity/loss and elevated/buried radials make a significant 
impact on both the performance and tuning of a ground mounted vertical. In the case of buried radials the vertical 
may resonate significantly lower in frequency than expected." 


The antenna shown on the right is made for triple band operation on 7 MHz, 10 MHz and 14 MHz by the use of 
parallel wires, but an aerial based on a fibreglass pole could be single, dual, triple or even - at a push - quadruple 
band. 


The more bands included the more difficult it will be able to trim to tune for resonance (as with a fan dipole) so to 
keep interaction to a minimum the wires should be quite well spaced. Like all quarter wave verticals aerials a good 
ground plane will be needed. 
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See G4AON's excellent full article here: http://Awww.gsl.net/g4aon/vertical/ 


Horizontal Resonant Wire Aerials 


The great advantage of a vertical antenna is that they have a very small footprint, i.e. they 
can be installed in the corner of many small plots and gardens. True resonant verticals 
can properly cover many, if not all, the HF bands. However to be reasonably effective a 
vertical needs a very good ground and also must be quite tall, in the order of 6 to 9 meters 
in many cases (about 19 to 30 feet). This may cause objections from the XYL. Another 
disadvantage might be that a vertical has little near vertical incidence skywave radiation 
(NVIS), a consideration for the lower HF bands, so after the local ground wave coverage 
there will be little or no signal until after about 500 miles, not good for inter G working. (ref. 
G8JNuJ) - So try some Dipole Antennas: 


Dipole Antennas 


The dipole antenna is possibly the simplest and cheapest antenna to make. It it cut for 
single band operation where it should make a very efficient radiator. The simple wire 

dipole should be quite discrete, though not entirely invisible, but should not raise too many 
objections from the XYL or neighbours. 






For some dipole ideas see this page: 
http:/Awww.qgsl.net/ta1dx/amator/practical_dipole_antenna.htm 


How to make a basic dipole by Marshall N1FN : http:/Avww.morsex.com/dipole/index.htm 


Also see this detailed and useful page: http://www.dxzone.com/cqi-bin/dir/jump2.cgi? 
ID=7499 


Calculator: 
http:/Awww.sean1226.pwp.blueyonder.co.uk/design_your_own_antennas%201.htm 


TRAP Dipoles: 


The next type of antenna to consider might, then, be a horizontal or sloping wire antenna. 
Perhaps the most familiar multi band wire aerial is the trap dipole. The traps, in simplest 
terms, divide a wire dipole into two or more resonant sections so that two or more bands can be covered. 


As far as commercial options go then there are quite a number. Tony Nailer of Spectrum Communications produces 
a great deal of useful equipment and accessories including some well designed and well made trapped dipole 
aerials based on the very effective W3DZZ design. In particular the Full Size G4CFY resonant on 80m and 40m and 
also allowing operation on 20m, 15m and 10m, also the Half Size G4CFY resonant on 40m and 20m and 
additionally allowing operation on 15m and 10m. 





Visit http://www.spectrumcomms.co.uk/G2DYM.htm for more information. 


G4CFY Trap Dipole 80 - 10 metres 
Based on W3DZZ design. Side view. 


104% 





jae by rat tat T PIECE P ai 





70, or 90, or 108, 
or 128, or 140 ft 
75Q twin feeder. 


Spectrum Communications G4CFY Trapped Dipole 
http:/Awww.spectrumcomms.co.uk 
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Spectrum Communications G4CFY Trapped Dipole 
http:/Awww.spectrumcomms.co.uk 





More about Coaxial Trapped Dipoles 


A trapped dipole for 40m and 80m offers the advantage of being somewhat shorter than a full size single band 80m 
resonant dipole plus it offers 40m as a resonant band plus the possibility of working on 20m, 15m and 10m. There 
are several designs available on the web for this type of aerial so Google W3DZZ. One of the most comprehensive 
sets of instructions is by Len Paget GOONX. Fine out more here: 
http://www.users.icscotland.net/~len.paget/GMOONX%20trap%20dipole.pdf 





This would be my choice if | had the space, though since a dipole is a balanced aerial it would make more sense to 
use balanced twin feeder (as in the Spectrum Communications implementation of this design) rather than coaxial 
cable which is an un-balanced and more lossy feeder. 


A B c DE F G H 
- 6.7m + Trap 3.8m - §2m ~ Trap = 6.3m - 
WT Te Chake 
balun 


Fig 1: The overall layout of the 
W3DZZ antenna. 


The W3DZZ Trapped Dipole - a balanced aerial, so use balanced twin feeder! 


Here is a variation on the W3DZZ antenna by the Maidstone Amateur Radio Society that adds a dedicated 10 meter 
(28MHz) resonant element as a ‘fan’. 
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W3DZZ MkII 


ee, 
32.9M Top 














16.45m 






7Mhz Trap 


Several dozen 6mm ferrite ae 


beads 


7Mhz Trap 


28 Mhz Twigs (2.7) ~ 1mm 
wire & fishing line supports 


5 


L6.77m 75 ohm Sat TY coax 


50 ohm coax ta tx 


W3DZZ Dipole Aerial design by the Maidstone Amateur Radio Society 
http://www. btinternet.com/~shaun.scannell/club/w3dzz.htm 





Moonraker supply a whole range of wire trap dipoles covering from 2 to 5 HF bands (MTD1; MTD2; MTD3; MTD4; 
MTD5; MTD6). Diamond also produce trapped wire antennas, the W-721, W-728 and W735. Comet and Diamond 
each produce similar interesting 5 band wire dipoles that utilize both traps and a fan arrangement - the Diamond 
W8010 and the Comet CWA-1000. If space really is limited then look out for KZJ Communications (dongo1950 on 
ebay) - he produces 'Limited Space Inductive Dipoles'. These are inductively loaded and shortened dipoles so they 
will have reduced efficiency, of course, but are very nicely made, so might be very useful in a tight spot. 


Alpha Delta Communications produce a couple of substantial parallel dipole models: http://www.alphadeltacom.com 





To obtain good efficiency and achieve a low angle of radiation, desirable for longer distance DX, a horizontal dipole 
needs to be installed at a good height - over 20 feet would be desirable and it is quite common to install horizontal 
dipoles at around 30 to 40 feet above ground level. This might be a problem at some QTH's, it certainly is at mine! 


Allan Copland, GM1SXX comments: "The dipole will operate well on the band it has been sized for , if placed ata 
suitable height, but will also operate as a’ three-half-wave’ aerial at three times the frequency and so on, so it’s not 
strictly a single band aerial. An 80M dipole (132 feet typical) will work nicely on 30 metres (three half waves) but 
not on 40m (two half waves)... because on 40M the feed-point is at a voltage node and not at a current node, for 
easy feeding. Most aerials are current fed. 


The radiation pattern changes when a dipole is not used on its design frequency. The pattern will break up into 
multiple ‘petals’. This can be either a disadvantage or an advantage depending on what you expect from it. Since 
most of us use co-ax, an UN-BAL should really be used to connect the unbalanced feeder to the balanced aerial, 
but how many people actually bother? Not many | suspect. It’s possible of course to use a balanced feed-line 
system instead with a dipole and just have a delta match (no centre insulator... none needed). There are many 
choices and permutations, but in general, dipoles are centre fed at a point of current maximum (and minimum 
voltage). 


A normal dipole is current fed but of course can be voltage fed instead. This is what’s done in the EFHWA or Fuchs 


aerial where a resonant half wave wire is fed at one end (max voltage / min current) from an L/C tank, against a very 
short counterpoise wire. 


Fan Dipoles (a.k.a. Parallel) Dipoles: 


Another design of multi band wire dipole is the fan dipole, or parallel dipole. A fan (or parallel) dipole will have, 
perhaps, two, three or four individual resonant dipoles with the arms arranged in a fan shape. 


A fan dipole is a very handy way of using a dipole that will be resonant on several bands - typically three or four. The 
fan dipole (a.k.a. Parallel Dipole) 


See MOWYM's page for a QRP Fan Dipole design: http://www.radiowymsey.org/FanDipole/fandiploe.htm 
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See this page for construction details: http:/Awww.hamunivers 


Nylon rope! 


or monofilament 


Tension ropes each side 
<_ . 





Tension rope is not tied to pully rope in picture. It is tied near location of 
pully rope down on supports within easy reach. It is tied last after final SWR 
adjustment and the antenna is in it's final position. 


Suggested total lengths: 
80 meters - 120 feet 
40 meters - 65 to 66 feet 
20 meters - 34 feet 
10 meters - 17 feet 
These lengths are not exact. Some tuning may be required. Use the 
standard formula 468 / freqmhz for total feet for each band (freq) of 
interest. Adjust each length longer or shorter as needed. 
Fan Dipole shown on Ham Universe 


KI4NRH built a really neat fan dipole shown in the photograph below: 





Fan Dipole by ki4nrh 
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Fan Dipole by ki4nrh 
http://forums.qrz.com/showthread.php?t=159953 





Link Dipoles 


Link Dipoles (a.k.a Jumpered Dipoles) facilitate multi band operation by simply connecting the jumpers (one on each 
side of the aerial) to achieve the desired resonant band. Perhaps a bit bothersome for frequent band changes, but a 
very simple and effective aerial and very handy for portable operation, not to mention efficient for QRP. 


Band 3 


{Lowest Frequency} 
_ Bang 2 
‘ee — 







to to 
Support Support 
Inner Jumpers Closed (Outer Open) Nencenductlve 
fer Operotion en Band 2 Support Line 
(Typleat) 
Coax {A} 
Link Dipole - ref ARRL 
Sloper Aerials 


Alternatively a dipole can be installed as a sloper; one end fixed to a high point on the house or building, or a tall 
post maybe 8 to 10 metres high, with the other end attached to a lower point such as a post maybe 3 or 4 metres 
high. This will give the aerial some directivity. 
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Inverted V Aerials 


Another option maybe to support the dipole at its centre on a tall pole, or roof apex, with each end sloping 






“Forward 
Direction* 


‘y 
the, 


Sloper configuration of a wire dipole 


downwards to lower fixing points. This will give the aerial an upside down V shape. As with a sloper, the Inverted V 


arrangement will give the aerial some directivity - a different radiation pattern compared to a straight horizontal 


dipole. 


G4CFY Inverted V 


Side view. 





70, or 90, or 108, 
or 128, or 140 ft 
75Q twin feeder. 





Spectrum Communications G4CFY Trapped Dipole in "Inverted V" configuration 


http:/Awww.spectrumcomms.co.uk 





The Classic Doublet Antenna Again. This time in an Inverted V formation: 


Using an Inverted V can help fit a dipole into a slightly restricted space. The Inverted V arrangement can be used for 
single band resonant dipoles, trapped dipoles and fan dipoles. The Doublet must be fed with Ladder Line or Open 


Wire balanced feeder for efficient Mul 


http://Awww.mds975.co.uk/Content/amateur_radio_antennas_04.html 


ti-Band operation. 


20/52 


10/30/2017 ANTENNAS & AERIALS 4 - Notes and Queries - Amateur Radio by MOMTJ, Antenna Designs, Multi-Band 


Wacden Mast 
(or Tree Limb) 






Insulating 
Tt] Le «Block 
iW) 
I 















Feeder 
{300-600 0} 
7 to Transmatch 


Multiband “Inverted ¥" 
(a} 


to 
Feed Line 






150 pF | 150 pF 


Tronsmatch 


At A, details for an inverted V fed with open-wire line for multi-band HF operation. A Transmatch is shown at B, 
suitable for matching the antenna to the transmitter over a wide frequency range. The included angle between the 
two legs should be greater than 90° for best performance. [ref: QSL.net] 


Vee Configuration 


Comet and Diamond produce Vee antennas that can be mounted on the side of a building at roof height, or ona 
pole, telescopic pole or other suitable support. These are trapped dipoles in an upright V configuration, not made of 
wire but of aluminium tubing for solid construction. Typically covering 40m, 20m, 15m and 10m. The Comet model is 
H-422V. The Diamond Model is HFV5 which also covers 6m. 


These are shortened antennas so cannot be expected to have high performance on the lower HF bands, but if 
space is restricted the RF compromise may one that has to be taken. 





Comet H-422V 
http:/Awww.cometantenna.com 
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Diamond HFV5 Antenna 


Diamond HFV5 Antenna 


Thoughts from Martin G8JNJ on multi-band wire antennas: 


Apprax 2 x 14.25m of wire out fo being antenna ta resonance ot 14, 1MHz 


7 


5 


i 











Apprax ?m wire attached 
ta side of pole resonant 
ie on 10.4MHz 
Approx 12.6m of 450 ohm 
ladder line cut to be a 
wavelength tong at =) 
22.SAMHZ — 
* 
Approx 20 turns of SO chm 
oan wound on 0.1m 
diameter pipe al botiom of 
450 ohm feeder. Adjust for 
resonance on 1.SiMiHz when 
when feeders are strapped panes 
by switching box Also acts Hace, Pig 
a5 choke balun for HF bands 


when used in normal Switching unit & 1:1 balun Piarelerchy startet 
configuration 











Tuned groundplanes for 160 & Gm approx 0.6 x 4 Wavelength slapted to fence al 2m height of 2m spaced 0.5en apart 


ZSESKW / GOGSY arkenna configuration with swaching unit for 160m operation © M. Ehrenfried ~ GRINS 4/1/208 V1.0 


Multiband Wire Antenna by Martin G8JNJ 
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THIRTY-TWO (32) -YEARS-~JANUARY~1980-TO-~JULY~2012. 


CLOSURES . 

<3 FOR THE 

-4 FOR THIS C.-S.-S.-C.-P.-S.~G.-FLAG OF THE DOCUMENT-CONTRACT-CORPORATION- 
or 





c.-8.- 





rue 60,000-HOURS WITH THESE 
———— 
ee ARE WITH THE NOW-TIME —COMMUNI CATIONS -SYNTAX~GRAMMAR-CLAIMS 
WITH THE TERRITORY-CLAIMS OF THE FIRST-ORIGINAL- 


vers DATE-~25-~AUGUST—~1 999, 
c.-s.-s.-Cc -P.-S.-G.-VESSEL-COUNTRY IN THE C.-S.-S.-C.-P.-S.-G.~-TERRITORI- 
WRITTEN-HISTORY OF THE 


DRYDOCK-COURT~ PAPER- DOCUMENT ~CONTRACT~-VESSEL WITHIN THE 
Er cm rr A 
-5 FOR THIS C.-S.~S.-C.-P.~S.-G.-FLAG OF THE CONTRACT-STATES-CORPORATION— 


PLANET-EARTE . 
WITH THE CLAIMS OF THE 1-X-1.9-DIMENSION WITH THE THIRTEEN- 


PLANET-EARTH 
VESSEL 1S 

HORIZONTAL-STRIPS OF THE SEVEN-HORIZONAL-RED AND: SIX-HORIZONAL-WHITE WITH THE 
RED-WHITE-RED-WHITE-ALTERATION AND WITH THE BLUE-FIELD OF THE 3X4: DIMENSION 
WITH THE 408 OF THE TOP-LENGTH AND .538461% OF THE SIDE-HEIGHT~TOP & .461539% 


TO-BOTTOM WITH THE 50-WHITE-5-POINT-STARS ON THE 3X4-DIMENTIONAL-BLUE-FIELD BY 


THIS COPYCLAIM-COPYRIGHT. 
~6 FOR THIS C.-S.-S.-C.~P.-S.-G.-FLAG OF THIS HONOR-POSITION ARE WITH THE 
TOP-LEFT-LOCATION-CLAIM ON THE DOCUMENT-CONTRACT-POSTAL-VESSEL-COURT WITH THE 
DOCUMENT -CONTRACT~STATES~CORPORATION-VESSEL . 

OF THE C.-8.-8.-C.-P.-8.-G.- 


~7 FOR THE CONSTITUTIONAL-CONTRACT-LAW-TERMS 
CONTRACT-COURT ARE WITH THE C.-S.-S.-C.-P.-S.-G.-OATH WITH THE TERMS OF THE 


COMPLAINT-CAUSE WITH A C.-S.-S.-C.-P.-S.-G.-JURISDICTIONAL-FLAG-VENUE-COURT. 
4-—9-SHALL 1-BE 2- 


~@ FOR AN OATH OF THE FICTIONAL-WORDS: “1-NO 2-LAW OR 2-FACT, 
8-TRIED 1-IN 2-COURT (DPV) :ADVERB-VERV-FICTIONAL-COURT-OATH . 

~9 FOR THIS JUDGE: David- :_Miller’s-KNOWLEDGE OF OUR SEE-TREATY, SEA-PASS, 
HEAR-TREATY, DROGUE-LAW, MUSTER-MASTER-TREATY, POSTMASTER-TREATY AND. BANKING- 
TREATY ARE WITH THESE SYNTAX-GRAMMAR-CORRECTION-CLAIMS OF THE FICTIONAL 
LANGUAGE-FORMATS WITH THE C.-S.-S.-C.-P.-S.-G.-POSITION-LODIAL-FACT=PHRASE OF 


THE C.~S.~-S.-C.~-P.-S.-G.-DOCUMENT-CONTRACT-POSTAL-VESSEL-COURT WITH THESE 


UNITED-STATES—POSTAL- YELLOW-FRINGE-FLAG-DI-STRICT-—COURT-BUILDINGS. 
~10 FOR THIS ORIGINAL-KNOWLEDGE OF THIS COPYCLAIMS/COPYRIGHTS ARE WITH THE 


CLAIM OF THESE 


SYNTAX-OPERATI 


> 20 ° 
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Linear Loading 
Linear loading a dipole can reduce the length to help fit a ling dipole into a shorted space by essentially folding back 


some of the dipole elements. Here is a design by K4VX for a 7MHz Linear Loaded Dipole: 
http:/Awww.arrl.org/files/file/Technology/tis/info/pdf/0207040.pdf 





End Loaded Dipole 


End loading can also help reduce the size of antennas, particularly useful for dipoles used on the 80m and 160m 
bands. 


An end loaded dipole will produce an antenna that is H shaped. There are several commercial designs available 
produced in designs that cover a single band and others that cover multiple bands. The version shown below is only 
3 metres tall so will be suitable for very unobtrusive, low profile use. It is the ProAntennas Multi-band I|-PRO: 20m 
17m 15m 12m 11m & 10m which uses a capacity hat with some loading at the centre. 
http:/Awww.proantennas.co.uk/ 





Other similar antennas were available from Force12 Antennas in the form of, amongst others, the Sigma 5 and 
Sigma GT5. The Sigma design used T-bars at each end of the vertical dipole for loading technique and off-center 
loading coils. http:/Avww.force12inc.com This was supplied supplied in the UK by Vine Antennas at one time 
http:/Awww.vinecom.co.uk . Transworld Antennas also have produce antennaa using a similar concept - the TW2010 
Adventurer and Backpacker http://transworldantennas.com 








K9AY Notes that: "| have come to the conclusion from my experiments, readings and observations, that a capacity 
hatted vertical dipole, a few feet over ground, is less compromised than a 1/4 w/l vertical of the same height fed 
against a less than perfect ground. Let's face it, most amateur's ground systems are mediocre at best. Also, the 
dipole is easier and cheaper to rig, and is two dimensional..Very important in my situation, as | cannot run out radials 
on my neighbours property. Or, to quote W4RNL.."Since only a handful of hams can ever have 160-meter antennas 
high enough to yield a low angle DX signal, more practical are vertical arrays such as yours. Vertical dipoles with 
hats (or Tees) save a plethora of wire needed by monopoles." http://www.dxzone.com/cgi-bin/dir/jump2.cgi? 
ID=7466 





Dipole 


End loaded dipole 








Off centre fed End loaded dipole 


Vertical 
Off centre fed End loaded dipole 


Information by K9AY 
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ome=e = resonant length 


i ee, 
< 5 = 468/f 


lr =i | = 468/f 
| uh The smaller the radiating 


element, and the larger 
= Less than 468/f the capacity hat, the 
smaller will be the 
resonant length . 
(compared to 468/f) 


| | = Less again than 468/f 


Information by K9AY 











Top Capacity Hat wire 


Ss 





60 ft Timber Mast © = insulators 


Top & bottom capacity hat wires are 66 ft for 
80m and 130 ft for 160m approximately. 
Vertical wire connects to the centre point 
of both Capacity hats 











45ft Vertical Wire ~~) 


Choke Balun at Feedpoint 


Bottom Capacity Hat wire 


Coax to 
Shack 








Interesting concepts from K9AY 


End Fed Half Wave Antenna 


The End Fed Half Wave Antenna (EFHWA) is fed at a voltage node via a parallel resonant circuit against a ‘short 


counterpoise’, it is a favourite of backpackers and outdoor types. It can be considered as a half wave dipole that’s 


end-fed at a voltage node rather than the current node, as is more usual. This is a very handy arrangement for 
portable QRP work. 
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EFHWA Link: http:/Awww.aadtb.com/efha.html 


0.052 
| C + End Fed Half Wavelength Antenna + 












509 
Coaxial 
Cable 


AA5TB Ideal End Fed Half Wave Length Antenna 


End Fed Half Wave Antenna by AA5TB 
http://Awww.aa5tb.com/efha.html 





"| suspect that nothing new or radical has happened in the field of radio aerials in a VERY long time, like at least 
many tens of decades. Most of the new wonder aerials are really a con. Choke off the feed-line and then see how 
good they really are. Prime among the baddies is the CFA. It doesn’t really work, at least if you place a choke in 
the feed-line. With any real aerial, there should be minimal radiation from the feed system... so a choke should 
really make no difference at all, but for the CFA it does! The CFA is not alone, there are others. The popular GSRV 
is another design with a radiating feed, deliberately so, but of course G5RV planned it that way. He wasn’t 
cheating... merely being a bit devious, to make it multi-band". 


"Lots of stuff to pass on to my fellow radio club members, most of whom are of the ‘if it’s not expensive, it can’t be 
any good’ school of thought when it comes to aerials. Nothing of course could be further from the truth! Aerials are 
one area where it makes a lot of sense to build our own." : Website of GM1SXX - www.observations.biz 





Thanks for your email Allan. It's a good idea to point out that an antenna could be pressed into use on odd multiples 
of its resonant frequency, hence a 3.6MHz antenna for 80m could be useful near the 30 metre, 10.1MHz, band - 
near to the third harmonic of 3.5 MHz although, as you observe, the radiation pattern may be quite distorted from 
the traditionally expected dipole pattern and be more petal shaped. The same goes for a 7.1 MHz antenna for 40m 
being usable on its third harmonic of 21.3 MHz for the 15m band - a 40m dipole being three half waves an the 21 
MHz band. 


| have not experimented with a full size 80m dipole, but | would guess that it might be useful at 5 times 3.6Mhz in the 
18 MHz/ 17m band? 


The point made about feeding a familiar dipole at the current node rather than the voltage node is obviously very 
important and, | imagine, sometimes overlooked. 


PLANS: Download the pdf plans produced by GOKYA here > More from GOKYA here: 
http://gOkya.blogspot.com 








W3EDP Antenna 





64 ft 


rig _3 c . 


counterpoise 


Frank, G3YCC comments on his website: The W3EDP needs a simple matching unit is needed to couple the wire 
to the rig and a counterpoise is required for some bands, however there is room for experimentation. It has been 
shown that different lengths or removal of the counterpoise altogether, can improve performance, as described in 
RadCom, August 1996 by G3LCK. 
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The Tuning capacitor in the AMU can be a 365 - 500pF broadcast type or a miniature version is OK for QRP use. 
Counterpoise lengths: 3.5 & 7.0Mhz - 17ft ; 14Mhz - 6.5ft ; 28Mhz - none 


Tuning Unit: Values for coils in the unit, based on a 2 inch former and 16 swg wire: 
3.5Mhz 21 turns ; 7.0Mhz 7 turns ; 14.0Mhz - 5 turns. 


K3HRN Notes: "Some folks have told me the modifications below make the antenna something other than a 
WS3EDP. | can tell you that it works very well with 5 watts. Create a "bundle" of counterpoise wires, 1/4 wave length 
for each band you will use. Attach the bundle to the tuner in place of the counterpoise pictured above. Be cautious, 
1/4 wave length elements can have high RF voltages present, even at QRP power levels. I've been able to work 
160-10, including WARC bands with this type of antenna". 


W3EDP or Zepp ? 
It's the antenna favoured by VA3QV for all band Portable QRP operating! 


VA3QV uses this home-brewed antenna with a small LDG Z100 antenna tuner for portable QRP work. 


The “W3EDP” Antenna 
As Homebrewed by VA3QV 


Http: www.va3qv.wordpress.com 





Nore 


This is not drawn to amy sert of scale buc it 
you follow the plans shown it should work 
Lhave built ome asing 300 ohm twin lead, 1 
have built one asing 420 ohm Ladder Line 
and my last one was built using 
“Spreaders” (open Ladder Line Stvle) 


Using my FT 847 and a LDG 2200 Auto- 
tuner this has Loaded up and made contacts 
om 10m te 160m SSB (including 12m and 
17m) To be honest never tried it on 30m, 


Spreaders” (vour choice) 





72beb October 17 2009 


17 Foor “Counterpoise 








Homebrew antenna by VA3QV 
http://va3qv.wordpress.com 





Ye Olde Zepp 


Marconi spins in his grave every time a ham buys an aerial instead of building it! (w1GFH ) 
Here is a wonderful olde worlde style cartoon from WB1GFH that certainly inspires antenna experimentation with 
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antenna designs: 


Ye Olde W BIGFH 
FOUR-DOLLAR SPECKAL. 


APPROVED BY BOARD OF FIRE UNDE 
——— | 
V; per AERIAL WIRE 


“ss..NAIL? ON KNOB 


JUNKY 300 OHM 
TWINLEAD 


—-~-NAIL- ON KNOB 


JT REALLY 
WORKS!" 


A er ew 


fC) 
~s-+~--:---- DAMN GOOD GROUND 





Superb. | love it! 


See more inspiration from Joe Tyburczy, W1GFH, here: http:/Avww.hamuniverse.com/fourdollarspecialw1gfh.html 





End Fed Zepp "Zepp"” 


The End Fed Zepp consists of a 1/2 wavelength horizontal radiator wire connected to one conductor of a length of 
parallel open wire feeder, 300 ohm or 450 ohm twin feeder. The feeder is often quoted as being 1/4 wavelength 
long. 


Half Waoyelength 
from Formula 










oll 


Spacer 


Open- Wire 
Feeder 


Basic design of an end fed Zepp 
G Whip Antenna Products manufacture and supply a version of the Zepp antenna. Geoff G4ICD explains: "The end 


fed Zepp shown below has no counterpoise, just a tuned circuit in the feedpoint plus a half wave radiator. This is a 
most interesting antenna and can be used on other bands with the use of an Antenna Matching Unit." 
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GS Whip New Products. 
Antenna 
News 


More prosducts have been aided to thie 


WWW.GWHIP.COLUK 


G Whip Antenna 







A high quality End Fed Zepp style antenna: This variation uses a 
tuned circuit rather than a tuned twin feeder. 
Supplied by G Whip Antenna Products of the UK 


www.gwhip.co.uk 


The end fed zepp is a popular antenna often used to save space and gets its name from the fact that it was used as 
an end fed wire trailing out from the rear of Zeppelin airships. It consists of a 1/2 wavelength horizontal radiator wire 
connected to one conductor of a length of parallel 300 ohm or 450 ohm twin feeder, often quoted as being 1/4 
wavelength long. 


Half Wavelength 
from Formula 


ell 


Spacer 


Open- Wire 
Feeder 
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1i2 wave 





— 1/4 wave 





50 fi. feed point 


shorted 


— 50 fi, coax 


drawing by kiefw 


Zepp Antenna by K4EFW 
http:/Awww.hamuniverse.com/n4jaantennabook.html 





K4EFW notes: "...A half-wave resonant antenna can be fed from its end. When fed this way, it is also known as an 
end-fed zepp. An end-fed zepp will work on its fundamental frequency and on odd and even harmonic frequencies. 
The end of a half-wave antenna has very high impedance, and an antenna fed this way is said to be voltage fed. 
Feeding a half-wave resonant dipole in the center means it is current fed. The normal way of feeding the end-fed 
antenna is with ladder-line. One side of the ladder-line is connected to one end of the antenna and the other side of 
the ladder-line is connected to nothing. To secure the unconnected side of the ladder-line, it is connected to a short 
wire running between two insulators. Since the antenna is connected at its high impedance point, no current flows 
into an antenna, but there will be a large current in the center of this antenna. No current flows from the open side of 
the feed-line because it is at a zero current point. The end-fed zepp can be matched by cutting the ladder-line to a 
quarter wavelength with the bottom end of the ladder-line shorted. A certain distance above the short is a 50-ohm 
feet-point and it can be fed directly with coax. You will have to find the 50-ohm point by trial and error. This method 
of feed makes it a single band antenna". Quoted from K4EFW. 


Here is a commercial product made by G-Whip Antennas of the UK offering their version of a Zepp antenna design: 
http:/Awww.gwhip.co.uk/ 





Martin G8JNJ highlights a very interesting antenna designed by Mike G7FEK here:- 


The G7FEK antenna goes several stages further than the simple single band End Fed Zepp. G7FEK has produced 
a design for Multi-Band operation claimed to offer much improved performance over a half sized G5SRV or 'Windom 
antenna while additionally providing access to the 80 Metre Band. 
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G7FEK Limited Space Antenna 


G7FEK Multi-band “Nested Marconi” Antenna - 2008 Version (rev 5) 


A 46 ft multi band antenna for small gardens that works well on 80 meters 
Main bands (@~50 ohm) are 80m /40m /30m/17m/ 15m / 12m 
Other bands (see text): 20m / 10m 


36 ft_(11.7m 8 ft (2.5m 












Tune this end for resonance on 3.7 MHz Tune this end for resonance just below 7.1 MHz 
Support the antenna only at the ends if possible. 
Avoid using a metal mast directly alongside the vertical. 
If you need support at the feeder, use a fibreglass mast. 


24 ft (7.4m) 


(The Shack End) (Bottom of Garden) 


Twin feeder or ladder line. 
Impedance is not important. Spacing 
should not be too small. (>20mm) 


Short both ends of vertical elements together 
and connect to coax inner 


50 Ohm Coaxial 


ug i Counterpoise or earth connected to coax outer - see text 


G7FEK Limited Space Multi-Band Antenna 


Te) 
nylon sting 





16.5 ft optional wire for 14 MHz 
see text. 


High Z High Z 
Low Z 


Difficult match to main antenna as Hi-Z but energy is easily 
coupled at 14 MHz with additional Low Z optionai element 


Adding 14MHz to the G7FEK Limited Space Multi-Band Antenna 


The G7FEK design will allow operation on 80m / 40m / 30m /17m/ 15m/ 12m with the possibility to add the 20m 
band. 


G7FEK Plans: Download the plans for the G7FEK antenna from G7FEK's website here or from this website here 


Tuner Design For Half Wave Vertical and Similar Length End Fed Antennas by G4FGQ 


http://www. radioaficion.com/HamNews/articles/82 18-tuner-design-for-half-wave-vertical-a-similar-length-end-fed- 
antennas.html 





Off Centre Fed Dipole (OCFD) - so called ‘Windom’ Antenna 


The "Windom Antenna" was described by Loren G. Windom W8GZ. It could be an ideal wire aerial for use in 
restricted spaces for multi-band operation. It may also be an good candidate for portable work. 


It is a wire antenna, similar to a dipole, but unlike a dipole or doublet which is fed at the exact centre, a Windom or 
Off Centre Fed Dipole, as the name suggests, has the feed point off center. 


Current versions of the Windom are not actually Windom antennas at all - instead they are fed with coaxial cable 
and have a balun placed at the feed point. These are Off Centre Fed Dipole antennas - OCFD. They are similar in 
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appearance to a true wire Windom, but they are different. 


As with all aerials the aerial should be as high as possible. With the feed point at between 20 and 40 feet above 
ground the typical claimed impedance will be somewhere in the region of 200 Ohms so a 4:1 balun will typically be 
required. At greater heights, and depending upon the exact position of the feed point, the impedance may be higher 
and a 5:1 or 6:1 balun might be a better choice although balun losses will be greater. 


The point at which a Windom is fed in the original design, which used an open wire to feed the aerial, was 15 
percent off-centre. The current designs, which are fed with coaxial cable, are typically fed about 33 percent off 
centre, so one leg is 67 percent of the total length and the other leg is 33 percent of the overall length of the aerial. 


The bands that are covered depends upon the overall length of the aerial: 

11 metres long (approx) should cover 20m, 15m and 10m and the WARC bands with a tuner. 

21 metres long (approx) should cover 40m, 20m, 15m and the 10m bands and WARC with a tuner. 
41 metres long (approx) should cover 80m, 40m, 20m, 15m and 10m and WARC with a tuner. 

80 metres long (approx) should cover 160m, 80m, 40m, 20m, 15m and 10m and WARC with a tuner. 


Cut the aerial for the lowest band to be used. In imperial measurements using a familiar formula: 
The longer leg will be 468 divided by the frequency and multiplied by .67 = length in feet 
The shorter leg will be 468 divided by the frequency and multiplied by .33 = length in feet 


OCFD Formulas: 


The offset proportions differ according to which sources one refers. Some sources suggest 33% / 67% but other 
dimensions are also to be found: 


62.2% for one side and 37.8% for the other leg. So: 

The longer leg will be 468 divided by the frequency and multiplied by .622 = length in feet 
The shorter leg will be 468 divided by the frequency and multiplied by .378 = length in feet 
[Source: New Caroline Windom - http://www.hamuniverse.com/k4iwinewwindom.html ] 


Other ideas: 


The proportions of 69% / 37% are used by Buxcomm who say that "One third plus two thirds will not work. Use 
the formula below, as is: Do not be concerned with the off-set of the feed point, as this formula takes into 
consideration, the correct off-set for feeding the (BUXCOMM) Windom. for the other leg." So: 

The longer leg will be 468 divided by the frequency and multiplied by .69 = length in feet 

The shorter leg will be 468 divided by the frequency and multiplied by .37 = length in feet 

[Source Buxcom: http:/Awww.buxcomm.com/windom_files/WINDOM.htm ] 


Given the fairly simple formula it should be quite easy to make an OCFD Windom - however a Windom can be 
purchased at very reasonable cost commercially, for example from MOCVO at http://mOcvoantennas.webs.com 
alternatively G-Whip Antennas of the UK supply extremely high quality, high efficiency 4:1 baluns (and other baluns) 
that could be used at the centre of any Off Centre Fed Dipole - just add the correct wire lengths to each side. 





Geoff G4ICD / GJ4ICD of GWhip highlighted his website which has an interesting page with comments concerning 
the quality and construction of balun products. This feature on the G-Whip site can be seen here: 


http:/Awww.g4icd.co.uk/baluns.htm 
Here is a photograph of the very high quality G-Whip OCFD antenna product www.gwhip.co.uk : 
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An 'Off Set Centre Dipole’ - OSCD - Fed made by G Whip Antennas 
G-Whip Antennas_- www.gwhip.co.uk 








HW-20HP Off Centre Fed Dipole - produced by MOCVO 
6.76 metres long one side and 3.38 metres on the other side. 
http://mOcvoantennas.webs.com 





MOCVO produces a couple of off centre fed dipoles, the HW-40HP and the HW-20HP. Both antennas handle 400 
watts - the HP designation refers to high power. 


The MOCVO HW-20HP is 10.14m in length and covers 6 bands - 20, 17, 15, 12, 10 & 6m, no ATU, and is said to 
also work on 30m & 40m with an ATU. Can be mounted as a horizontal, inverted vee or a sloper. VSWR is said to 
be 1.4 on 20m, 2.8 on 17m, 1.1 on 15m, 1.0 on 12m, 1.0 on 10m and 1.5 on 6m. The antenna is6.76 metres long on 
one side and 3.38 metres long on the other side. This uses a 66.6% / 33.3% formula. 


The HW-20P was reviewed by Steve Nichols, GOKYA, in the January 2012 edition of RadCom. 
The HW-40HP is 20.28m in length and will operate on 40, 20 and 10m without an ATU and 80, 60, 15, 6 and WARC 


Bands with an ATU. (Presuably one leg is 13.52 metres long and the other 6.76 metres if it follows the same 66.6% / 
33.3% formula as the HW-20HP). 
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Here is a graphic of an Off Centre Fed Dipole typical of those available in the USA: 


e——— es 






BUX COMM, "WINDOM" _8ux 


BUXCOMM 3/16" or off-center fed flat-top BUXCOMM 3/16" 
UV resistant wire antenna UY resistant 
Oacron Rope 


Dacron Rope 
Fact: Antenna feed-point impedance increases 
as antenna heigth above ground increases; 


overs Ten (10) Ham bands 
without an antenna tuner. 


BUXCOMM Model 802134 


Given the above fact, a windom at 

20 to 40 feet above ground Z=200 ohms, use 241 BALUN 
40 to 55 feet above ground 7=250 ohms, use a & 1 BALUN 
55 to 7D feet sbove ground Z=300 ohms, use a 61 BALUN 


When ordering, please specify BALUN ratio. 


Visit: www.WindomAntenna.com 


RG8X 
or www.HamRadioExpress.com 


RG=50 ohm coaxial cable 


10 band BUXCOMM Windom installed as an "Inverted V" 


Typical BUXCOMM 802134 or 802134 "HP" 
Windom installed as an Inverted V. 


8 ft 
(C) 1992 BUXCOMM 
Windom total length is 134 ft, when installed as an Inverted V, distance required is 118 ft. 


http:/Avww.buxcomm.com 














Matching Unit 


10’ Vertical Radiator 


Line Isolator 


RG-8X to 


Transmatch 
Carolina Windom for 20 metres to 10 metres 


http://www.radioworks.com/ccwcover.html 
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MOUKD Line isolator turns RG8 on a half inch ferrite rod 
http://Awww.mOukd.com/Carolina_Windom/index.php 
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i 








NEW CAROLINA WINDOM 


By Len Carlson, K4IWL 
~——_—_—_———__ 66 Feet ——————_ 


| e's :1 Balun | 
—— -——— 


|«——25 Feet —~+>]e—— 41 Feet ——+| 


<—— 10 Feet RG58 
<— Line lsolator (Choke) 
<— Coax To Transceiver 


Not to scale 
Windom design for 40m 20m 15m and 10m by K4IWL 
http://www.hamuniverse.com/k4iwInewwindom.html 


More information on this general subject at BucksCom: _http:/Awww.packetradio.com/windom.htm or 
http:/Awww.buckscom.com/pdfzips/windom.pdf 
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Commercial Suppliers: 


G-WHIP Antennas (UK) : http://Awww.gwhip.co.uk 
MOCVO OCEFD Antennas (UK) : http://mOcvoantennas.webs.com 





In the U.S.A: 
Bux Comm Windom Antennas : http:/Awww.buxcomm.com 
Buck Master OFC Dipole Antennas : http://namcall.net/ 


Alpha Delta : http:/Avww.alphadeltacom.com 
Carolina Windom : http:/Avww.radioworks.com/ccwcover.html 





See some Windom - Off Centre Fed Dipole - designs at these links: 


http://users.erols.com/k3mt/windom/windom.htm 
http:/Awww.dxzone.com/cgi-bin/dir/jump2.cgi?ID=7478 


http:/Awww.radioelectronicschool.net/files/downloads/ocfdipole.pdf 
http:/Avww.hamuniverse.com/k4iwInewwindom.html 


http:/Awww.g4nsj.co.uk/windom.shtml 
http:/Avwww.mOukd.com/Carolina_Windom/index.php 











Semi-Permanent Antenna Installations 


If it impossible to install a permanent aerial, then another option is to use an antenna designed for portable or mobile 
work deploying it only as and when necessary in the back yard or garden - perhaps supported with a portable tripod 
and/or guy ropes. 


From the ideas above it should be possible to rig up a semi-permanent or removable antenna for low visual impact. 


There are also very many portable antennas produced commercially that might be very useful to utilize on a semi- 
permanent basis. Commercially bought antennas can be very expensive indeed, especially when compared to 
‘home brew’ aerials, but examples that immediately spring to mind for consideration include: The DMV-Pro, I-Pro, G 
Whip or G Whip Backpacker, the TW2010 from Transworld Antennas, the Sigma5d from Force 12 and aerials from 
SuperAntennas. Sandpiper Aerial Technology offer a very good choice of aerials such as the MV and MV-Portable, 
Buttie or Walkabout mk11 at very attractive prices. http:/Avww.sandpiperaerials.co.uk There are very many other 
compact and portable antenna systems that are widely available. Check out all the amateur radio dealers for more 
ideas. 





ProAntennas DMV Pro 
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The DMV-Pro Antenna from ProAntennas (shown above) could be used in a back garden whenever required as 
could the company's I-Pro antenna. The DMV-Pro uses two fibreglass arms that allow the wire aerial to be 
supported in a number of different configurations such a "V" shaped, "L" shaped, "M" shaped and Delta. The aerial 
elements are fed to a 4:1 balun using low loss twin feeder, the balun is then connected to an auto ATU, such as the 
LDG Z-11 Pro, which is connected to the transceiver using coaxial cable. A versatile idea that could also be 
implemented on a DIY basis with a little experimentation! http://www.proantennas.co.uk 





Geoff G4ICD / GJ4ICD mentions the original design, the JJ1VKL published in CQ ham radio Sep’ 2000 in Japan. 
"This one goes back to 2000 and is now copied by several antenna manufacturers in the UK" It is an HF multi-band 
Delta loop antenna for 3.5-50MHz 

http:/Awww.geocities.jp/yoshiki_ja/deltae.htm 





os | 
os 





ginal Delta Loop desig by JJIVKL 
Read more here: http://www.geocities.jp/yoshiki_ja/deltae.htm 
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Delta Loop by Arthur MOPLK (SQ2PLK) 
Details at http://pdxa.one.pl/articles.php?article_id=17 
Available at http://ham-radio.urbasket.eu and _ http://www.vpa-systems.pl/ 








STEALTH / COVERT / HIDDEN or DISGUISED ANTENNAS: 


Ideas from G4ILO - Stealth Antennas: http://www.g4ilo.com/stealth.html 





VK2ZOI - "Flowerpot" Antennas 


Some ideas by VK2ZOI about producing inconspicuous antennas - perhaps disguised as a plant in a flower pot! 
There are ideas for 6 metre, 2metre and 70cm antennas including a dual band 2,/70cm design. 





http://vk2zoi.com 


All Band HF Vertical Antennas (non resonant) - 'Untennas' 
So this is where the search for a multi-band antenna begins. It's a difficult task especially if space is limited. First 


considerations might lie with the commercially available options that are available. Commercially manufactured 
aerials are available at widely varying price points - perhaps from under £100 to many many £100's 
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One of the first commercial multi-band antennas that many keen new amateurs come across is 
something like the Comet CHA250B, or the Diamond BB7V or Moonraker GP2500 (pictured right). 
These are broad-band antennas and look like large CB antennas with a matching network at the 
base. Such antennas claim to allow operation of all bands between 80 metres and 6 metres with 
acceptably low v.s.w.r. Sounds like the perfect multi-band solution, especially as Comet and 
Moonraker are well known names that make excellent products. 


These multi-band antennas have their critics though: Sure enough, they exhibit a seemingly 
acceptably low v.s.w.r. across the whole of HF, but low v.s.w.r. isn't everything. Ctitics do, in fact, call 
these types of broadband antennas glorified dummy loads - a bit unfair possibly, but maybe they 
have a point when most of your transmitter's precious power is wasted as heat rather than radiated 
as a useful RF signal! 


The only way a simple, single vertical radiator can be made to work on across such a wide range of 
frequencies is by having a broad band matching transformer at the base of the radiator. This will 
inevitably result in the absorption of some - or much of the transmitter's power - the power loss 
represented by the heating up of the coils/transformer rather than actually being radiated as a useful 
signal by the antenna's vertical element. 


Such antennas could present a loss of around 6 - 12 dB compared to a resonant antenna - how do 
do fancy putting all 100 of your precious watts in to the antenna and only getting 6.31 watts of 
effective power radiated? 


Maybe that's a bit simplistic, so Martin GBJNJ has many superb articles analyzing the CHA250B and 
similar antenna designs here: http://g8jnj.webs.com/cometcha250b.htm 


The article Anatomy Of The Comet CHA250B by VK5ZBD can be found here: 
http:/Awww.radiomanual.info/schemi/ACC_antenna/Comet_CHA-250BX2_anatomy.pdf 
(Formerly found at this site http:/Awww.vk5zdb.com/CHA250BxXIl.htm) 





G8JNJ is also developing a better version of this type of antenna here: 
http://g8jnj.webs.com/broadbandhfvertical.htm 





| admit that, due to limited space, | considered this type of antenna when first starting out - but in the 
end dismissed them due to the extreme inefficiency and power loss problems. They should not be 
entirely discounted however, because if this really is all that can be accommodated at one's QTH 
then at least such an aerial will at get you on the air - and on all bands - at least in some sort of 
fashion. Many amateurs use these aerials with success, so they do have a place. Have a look and 
decide for yourself. 





Other similar types of broad-band antenna: 


There are a number of very similar designs (i.e. longish vertical radiator, with a transformer / unun at the base) 
available from some other British suppliers: 


The G Pro-Whip 'Widebander' antenna (see http://www.gwhip.co.uk/); 

The ProWhip Portable Antenna (see http:/Awww.prowhipantennas.co.uk/ ); 

Snowdonia Radio Company (SRC) - various types of wideband antennas (see http:/Awww.snowdonia-radio- 
company.co.uk ) 








All these antennas appear to be based around an UNUN (typically 9:1) matching transformer at the base of the 
aerial. These aerials cost considerably less than those previously mentioned. The G Pro Whip and Pro Whip 
Portable offer particularly convenient portable operating opportunities as they are based on one of my favourite 
methods of antenna support - a long telescopic fibreglass (fishing) pole. Really neat! 


For the ‘fishing pole' types, essentially there is a vertical radiating wire of about 7 to 10 meters long, a 10m long 
horizontal counterpoise wire and the 9:1 unun at the base. This makes for a simple and attractive installation 
proposition (but remember the penalty of power losses) - all these aerials will be easy to install for permanent, semi- 
permanent use and easily removable or portable operating. 


Considering the 10 meter vertical type, the performance on 40 meters (1/4 wave) should be quite reasonable, with 
reduced performance on other bands. 
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G-WHIP G Pro Whip antennas (now discontinued) 
by Geoff Brown G4ICD 
2011/2 - See G-WHIP'S WideBander Antenna as an alternative 
http:/Awww.gwhip.co.uk/ 





Buy (or build) a 9:1 UNUN and Make Your Own: 


If you already have a 10m telescopic fibreglass fishing pole and some wire, then you could easily wind a 9:1 unun, 
or even buy one from suppliers such as G WHip Antenna products for a reasonable cost. So, you could make your 
own aerial with 10m vertical radiator working against the 10m counterpoise and fed to the ATU via the 9:1 unun at 
the aerial's base - just for fun, for experimentation, analysis or for permanent installation or portable work. (The 
telescopic pole must be fibreglass not carbon fibre) 


Martin G8JNJ, suggests that a slightly better way to home-brew a broadband HF aerial might be to cut a vertical 
aerial for about 8.5 MHz, i.e. not a resonant 1/4 wave on any amateur band, but optimised to present a moderate 
impedance on as many bands as possible. In which case the vertical wire would be about 8.8 metres long, working 
against the counterpoise, and fed to the a.t.u. via an unun - perhaps 6:1 or 9:1 - this is all open to further research 
and experimentation! See http://g8jnj.webs.com/currentprojects.htm 





GOKYA has also written lots of interesting articles about antennas and several pieces about using a 9:1 unun and a 
length of wire. He found that a wire length of 19.8 metres offered a good compromise for a multi band aerial. Read 
GOKYA's blog here: http://gOkya.blogspot.com/search/label/antennas 





More : http://gOkya.blogspot.co.uk/search/label/antennas 





Interestingly 2WOSAK of Snowdonia Radio Company recommended an antenna wire length of 7.13 metres with 
their 9:1 unun - or for better efficiency a wire that is 19.8 metres long which would be run out horizontally. Both the 
7.13 m and 19.8 metre lengths should cover the 80m to 10m bands. 









































| Freq Coverage Wire Length | or try 
| 7 - 29 (50) MHz 2.74m | 6m 
3.5 - 29 (50) Mhz 7.13 m 9.8m or 16.1m 
| 3.5 - 29 (50) MHz 19.8 m | 21.9 m or 26.8 m 
[| -1.8-29MHz | 9.0m | 9.9m 
| 1.8 - 29 (50) MHz 39.6 m | 36.6 m 











High Quality Baluns and UnUns Available From www.gwhip.co.uk - either boxed and ready to use or just the core 
and quality windings suitable to put into own box or project. 
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MULTIBAND RANDOM WIRE UNUN (UNBALANCED TO UNBALANCED) 
FOR USE WITH RIGS WITH BUILT IN AUTOTUNERS 


RANDOM WIRE ANTENNA 
77 23 LONG FOR 10 THRU 40M COVERAGE 
50° LONG FOR 10 THRU 80 METER COVERAGE 










GROUND CONNECTION 


SHORT COAX TO CONNECT UNUN 
ye $0239 CONNECTOR 


\ $0239, 50 OHM 


TO RADIO 
“7430.2 CORE 
15 TO 19 BIFILAR 
MOUNT IN A WEATHERPROOF 
TURNS INSULATED PLASTIC ENCLOSURE 


WIRE 


Above is a neat design for an "Untenna" KC8AON - Link: http://www.angelfire.com/electronic2/qrp/unun.htm| 





For a jack of all trades try a high quality GWhip "Widebander Antenna" 





GOKYA writes a very useful piece in his blog: 


http://gOkya.blogspot.com/search/label/antennas 





In the next round of tests | used the same 9:1 Un-Un wound using PVC 
covered cable and a T200-2 toroid. Note in the photograph that the PVC tape 
is only used to keep the turns neatly arranged. 


If you want to build your own follow these instructions: 


Building a 9:1 unun 
To understand how to construct an unun lets build a 9:1 version. You will need | 
a T-200 (red) toroid and three pieces of wire, each 24 inches (60cm) long . It 
will also help if you a small plastic box with an SO239 socket mounted at one 
end and with two wing nuts or mounting posts at the other. In the UK you can 
buy a small plastic box from Maplin which is watertight with a rubber seal, yet 
inexpensive. 

It will help if the wires are different colours, although that isn't critical if you 
have a multimeter available. It just makes it a lot easier to follow these 
instructions. 

For the sake of this explanation I'll assume that you are using green, red and 
black pieces of wire. 

Put the three pieces of wire together and wind them carefully onto the T130-2 
toroid. Place the wires (left to right) green-black-red, and wrap nine turns on to 
the toroid. 

Try not to let the wires overlap. 

You should end up with a toroid with three wires extending from the left winding and three wires extending from the right. 

Now twist and solder the left black wire with the right red wire. This can be covered with PVC tape once complete. 

Now twist the left green wire with the right black wire. Strip the ends of the two wires, twist and solder them together leaving the length 
about 2” long from the toroid. 

Finally trim and strip the remaining right green wire and solder another 5” piece of green solid wire to it. 

Now take the left green wire and right black wires that you twisted together and connect them to the centre pin of the SO239 socket — this 
is the input side and will connect to your radio via a length of coax. 

One of the green wires is now soldered to the ground connection of the SO239 socket. The other end of the wire you soldered on (which 
is connected to it) becomes the earth connection for the unun and typically goes to a ground stake and ground radials. 

This leaves the remaining red wire which connects to the other wingnut and will become the connection for the antenna. 

If you are worried about the wires unravelling you can either use PVC tape to hold them in place or plastic cable ties. 

So how do we use an unun? Lets look at a typical example. 





This time | erected a 10m high fishing pole and attached a 65ft quarter wave antenna for 80m in an inverted L fashion. That is, 10m up 
and then 9.8m out to the nearby summerhouse. 


This was arranged away from the house and fed with 12m of RG8 coax, a single earth stake and two 20ft radials at the feed point.. 


Here are the SWR readings at the end of the coax: 
3.5MHz — SWR 3:1 

3.65MHz — SWR 4.2 

3.8MHz — SWR 5.9 

7.10MHz - SWR 13.6:1 

10.1MHz — SWR 2.5:1 

14.2MHz — SWR 3.3:1 
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18.14MHz — SWR 1.8:1 
21.2MHz — SWR 2.4: 
24.9MHz — SWR 1.9:1 
28.5MHz — SWR 1.2:1 


From this you can see that by shortening the wire to 65ft from the original 85ft you gain 80m, but lose 40m. The rig (FT2000) would quite 
happily tune seven bands with its internal ATU. Here are the quick comparison results against my 80m Windom and parallel-fed dipoles in 
the loft for 40m, 20m, 17, and 10m. 


ce good around the UK as the Windom - probably due to the maximum current being in the vertical section. Modelling shows the 
antenna to be down about 10dB on a low dipole. 

inane similar. Other EU and Italy similar. Bulgaria down 2 S points 

co — inverted L has slight edge at times. Slightly noisier 

ate than Windom by about 1 S point. 

te better than Windom, dipole and mag loop around Europe via Es, by about 2 S points. Slightly more noise (+ 1 S point). 


From this | can see that | need to do more tests, especially on 20m, but for an all-in cost for the antenna of about £15-£20 it shows 
promise. If you have a tree then the up and out idea with a 65ft wire looks quite good. A way to get 40m back would be to put a 40m trap 
in the wire at the 10m mark. If you don’t fancy making your own UnUn you can buy the whole antenna from the Snowdonia Radio 
Company for £35 inc P&P — see http://www.snowdonia-radio-company.co.uk/srcproducts.html [ From a collection of excellent articles 


from GOKYA] Link to SRC: http:/Avww.snowdonia-radio-company.co.uk 


GWhip Antennas, and ProWhip Antennas all supply this type of antenna as a commercial item. 





CONCLUSIONS? 


Arguably the most effective, simplest and, indeed, cheapest way to attain multi-band operation is by using a full size 
resonant dipole for each band of interest - perhaps having a couple suspended at any one time and swapping 
aerials when other bands are needed. 


As mentioned in the introduction this is a little inconvenient which is why the holy grail of so many amateurs is one 
antenna that that will do everything - perfectly. As we have seen such an aerial does not exist, and never will due to 
those pesky laws of physics. Compromises will always have to be made; compromises of efficiency, size, number of 
bands and bandwidth per band etc - nevertheless there are enough options available to be able to choose a 
configuration of antenna or antennas that should be able to make the best use of precious transmitter power for a 
particular circumstance. 


My two key criteria are that the antenna should be truly resonant on the band(s) of interest and that the radiating 
elements should be as near to full size as possible, relative to the wavelength(s) being used, to ensure the best 
possible efficiency (i.e. lowest loss of power). This means full size quarter wave vertical or full size half wavelength 
long trapped dipole. 


| don't especially like aerials that are shortened by using a loading coil, but accept that such an arrangement is 
sometimes necessary for the longer wavelength bands. Top Band is a real problem in average size gardens. Where 
the is a coil, a trap, or transformer there will be some loss or reduced efficiency introduced into the antenna system. 
| do find that using a trap is an excellent compromise - the 80m / 40m Inverted L and the 20m / 10m trapped dipole 
work especially well. If | could not use the Inverted L, my next favourite option is the Loop or a fan (Parallel) dipole. 


All the pros and cons have to be weighed up to find the best compromise for particular operating circumstances. | 
hope that this page has given new operators some ideas to take away and mull over, but remember those words 
from Joe Tyburczy WB1GFH that this page started with: 


"When you put up your antenna is also crucial. | must mention here the importance of what many early hams called 
"antenna weather". That is, snow, sleet, freezing rain, or combination of all the above. It has been proven time and 
time again that any antenna installed in conditions better than abysmal will not function worth a darn. Or, put another 
way, it takes bad weather to put up a decent antenna. Dark and cold New England winter days are ideal for this 
activity. Any antenna erected on such a day will inevitably produce miracles." 


Some Further Reading: 
Understanding Antennas For The Non-Technical Ham 


A Book By Jim Abercrombie, N4JA 
basicantennas.pdf 











More Antenna Ideas by other amateurs (.doc) 





ARRL document Multi Band Dipoles Compared (.pdf) 
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High Quality Baluns and UnUns Available From www.gwhip.co.uk 





Useful Aerial Rigging Accessories 








Line-Lok guy runners from ClamCleats - fantastic for guying antenna masts quickly and successfully 
http://www.cleats.co.uk http://www.clamcleat.com 
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Reusable Nylon Hose Clip / Reusable Circular Clamps 
Useful for securing telescopic fibreglass poles - e.g. holding each 
section in place in windy weather or to use as a guying ring (spider) 
(Herbie Clips) (Kaf-flex Nylon Clamps) 
http:/Awww.malpasonline.co.uk 
http://news.thomasnet.com 
http://Awww.hclfasteners.co.uk/acatalog/Herbie-Clip.html 
http:/Awww.cheapham.com/products/S9V31-Replacement-Clamps.html 
http://rotocon.homestead.com/shoponline2.html 








OTHER THINGS THAT MAY BE NEEDED: 

POLE(S) Aluminium, fibreglass or wood ; POLE TO POLE CLAMPS ; MET POST(S) ; 
NYLON CORD or PARA CORD ; SPIDERS / 3 or 4 WAY GUY RINGS ; PULLEYS ; SNAP HOOKS ; 
DEE SHACKELS ; GROUND STAKES for anchoring guy ropes ; DOG BONE or EGG INSULATORS ; 
DIPOLE CENTRES ; EARTHING STAKE ; V BOLTS ; ROPE GRIPS ; THIMBLES ; 

SLEEVE JOINER(S) ; T&K BRACKETS ; TRIPOD or other GROUND MOUNTING HARDWARE ; 
STAINLESS STEEL M6 Nuts Bolts and Washers ; SPADE and / LUG TERMINALS ; 

SELF AMALGAMATING TAPE ; HEATSHRINK ; WEATHERPROOFING SEALANT ; 
STAINLESS STEEL JUBILEE CLIPS. 


TRIMMING AERIALS 


Antenna Trimming Chart 


This following information below could be very useful indeed when constructing aerials and is compiled by DX Zone 
/ Radio Works from the web page at: http://www.dxzone.com/cgi-bin/dir/jump2.cgi?ID=13444 





Use this chart as an aid in trimming the length of your antenna. It gives you an idea of the change in wire length 
needed to move antenna resonance a specific number of KHz. 


* Dimensions are for each leg of a half-wave dipole 

* For quarter-wave antennas (i.e. verticals ) use the dimensions directly from this chart 

* Full-wavelength antennas (loops) - multiply the chart dimensions by four (4) and change the overall length of the 
antenna by that amount. 


Lengths are estimates. Many factors will affect their exact value. 




























































































Tomove | 80/75m | 40m 20m 15m 10m 
-500 kHz | +8'4" +2' +8" =o" ey 
400 kHz | +6'8" +19" +6.5" +2.5" +1.25' 
-300kHz | +5! +1' 4" +5" ees al 

-200 kHz | +3'4" +10" +3.25" +1.25 +5/8" 
-100kHz | +1'7" +5" ew +1/2" +3/8 

00 kHz 0 0 0 0 0 

+100 kHz [| -1'7" -5" -1.5" -1/2" -3/8" 
+200 kHz [| -3' 4" -10" -3,25" -1.25 -5/8" 
+300 kHz -5' -1' 4" -5" -1.75" -1" 

+400 kHz | -6'8" -1' 9" 6.5" -2.5° -1.25' 
+500 kHz | -8' 4" -2' -8" -3" -1.5" 





Example: 


You have measured the SWR of your 40 meter dipole at various frequencies across the band. You have determined 
that the SWR is lowest at 7.00 MHz. You actually want the lowest SWR to occur up in the sideband portion of the 
band, so you need to move resonance up in frequency about 200 KHz. 


According to the chart, to move +200 KHz on 40 meters, you will have to shorten each leg of the dipole 10" (-10"). 
The overall length of the antenna is shortened a total of 20 inches. 


Lengthening or shortening the antenna is done at the end insulators. To shorten the antenna, unwind the antenna 
wire as it wraps around itself at the end insulator. Move the insulator several inches toward the center of the 
antenna. Re wrap the antenna wire to secure the end insulator. Do not cut the wire. Wrap it back around the 
antenna wire. You may need to increase the antenna later. [From Radio Works / DXZone] 
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KNOTS FOR SECURING WIRE ANTENNAS 


| have found the Bowline to be one of the most useful, it is strong and easy to tie. A Bowline will not slip in any 
circumstances and, usefully, the more load that is put on it, the tighter it gets. 


a 


The Bowline Knot - 





A Bowline can be used to tie two ropes together and should be used to tie a support rope to a pulley, dipole centre 
and other antenna items. 


It's important to use the correct knot for the job when fixing up wire antennas. | find the Bowline is a very useful for 
fixing end, egg and dog-bone insulators to the ends of the wire and/or ropes. 


The Buntline Hitch is an excellent knot as is the Round Turn & Two Hitches, Anchor Bend (Anchor Hitch) knots 
which are very good for tying a rope to a pole or a mast. 


The Bowline is most useful for fixing end, egg and dog-bone insulators to the ends of the wire and/or ropes. 
A Double Sheet Bend can join two pieces of rope together - even if they are of unequal size. 
‘Animated Knots’ will show you how to do them. Visit http:/Avwww.animatedknots.com 


More websites with knot information : http://www.netknots.com/ http://www.southee.com/Knots/Index.htm 


The correct knot will ensure that the antenna will be as strong as possible. 


LINKS 


Understanding Antennas For The Non-Technical Ham - A Book By Jim Abercrombie, N4JA : 
PDF Book: http:/Awww.hamuniverse.com/basicantennas.pdf 
HTML page: http:/Avww.hamuniverse.com/n4jaantennabook.html 





G4ILO - Stealth Antennas: http://www.g4ilo.com/stealth.html 


All Band Doublet Antenna by MOMT\ : 
http:/Awww.mds975.co.uk/Content/amateur_radio_antennas_06.html#All_ Band Doublet_Antenna 





All Band Doublet Antenna : http:/Awww.hamuniverse.com/hfdoublet.html 





All Band Doublet Antenna by Al4JI: http:/Awww.ai4ji.com/Projects/antennas/doublet.htm 
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AERIALS ( ANTENNAS ) 1 


"Success is 90% antenna and 10% rig. Hobby is 90% listening 10% transmitting" - MMOHDW. 


AERIALS used by MOMTJ 


This page shows some the antennas that | have used over the course of time. 


Index To Other Antenna Pages: 

Antennas 1 : Aerials used by MOMTJ 

Antennas 2 : Including ideas for compact aerials for Top Band /160 metres 

Antennas 3 : Felix Scerri VK4FUQ discusses Loop Aerials, baluns, masts & other antenna related topics 
Antennas 4 : Many antenna ideas from various sources particularly for multi-band operation & also gives 
information about 

antenna trimming, knots for wire antennas and useful aerial rigging accessory ideas. 

Antennas 5 : Half Wave (physically end fed) aerials for 144 MHz VHF / 430 MHz UHF and 50 MHz 6 Metre band & 
J-Pole Aerials 

Antennas 6 : Simple and effective H.F. Aerial ideas: The All Band Doublet, an All Band Sloper & a Ground Plane 
Aerial 

Antennas 7 : Omni-Directional - Circularly (Mixed) Polarized Aerial for VHF / 2 Meters. 





2014 : Current Set Up - as at September 2014: 


The Summer of 2014 has seen a few changes of aerials. The 
80m/40m Inverted L was removed and replaced with a newly 
constructed Doublet Antenna fed with ladder line via a 4:1 G-Whip 
current balun and an LDG "ATU". The Tecadi support pole originally 
used for the Inverted L is now used to support one end of the 
Doublet. You have probably read this elsewhere, but | can confirm 
that the All Band Doublet (fed with ladder line not coax) is a superb 
all round HF aerial. Highly recommended. 


MOMT} 


The SGC-230 Automatic Antenna Coupler was moved from the 
original feedpoint of the Inverted L antenna to the second feed-point 
on the other side of the garden. This now feeds a sloping wire of 
approximately 20 meters length to ensure that the 80 Meter Band 
and Top Band (160 meters) remain available. This antenna will also 
‘tune’ on most other bands, so remains a very useful second 
antenna, though the All Band Doublet is often considerably better, particularly on the higher frequencies. The old 
SGC-230 was also faulty and | replaced it with a new CG-3000 auto coupler from Martin Lynch and Sons. 





The J-Pole for 4 Meters (70 MHz) was removed since it wasn't used much, being only connected to a 4m hand- 
held radio - it seemed to be a waste of precious antenna space. This was replaced with a newly constructed Half 
Wave "CFR" Antenna (Coaxial Dipole) for 6 Meters (50 MHz) connected to the main HF radio via Westflex 103 
coax. The DK7ZB dual band Yagi antenna remains, as does the 10m / 6m Fan Dipole in the loft space. Also 
remaining in place at the apex of the house is the home-brew 2m / 70cm "CFR" Antenna (Coaxial Dipole) for 
VHF/UHF FM operation - this has been a particularly effective antenna. 


To sumarise: 

1) A 20 meter long doublet antenna fed with balanced ladder line for 40 meters to 6 meters. The 'old timers’ really 
knew their stuff, this an excellent all round antenna that is easy and cheap to make and should be quite easy to 
accommodate and install. See photograph below and read more here 


2) A Sloper Antenna consisting of two parallel wires - one wire being 20 meters long with a second parallel wire 
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Get on the air with that is 10 meters in length. The first 2.5 meters (approx) of wire MOMT] 
TOP QUALITY runs vertically up a non metallic post, then the remainder slopes ; ; 
BRITISH back towards the house being finished off with an insulator which fc as eee 
G-WHIP is attached to a Para-Cord lanyard that runs through a pulley on ae 
ANTENNAS a pole at the apex of the roof. The antenna wire can therefore RR 

easily be let down for maintenance or adjustment whenever ee ge 3.5 metre tal 
required. For lowest possible loss, the antenna is fed via a Pole i a RS 
GC3000 automatic antenna coupler located at the bottom of the atime fe 
garden. The antenna is primarily for lower HF bands including RMR es : 
160 meters, 80 meters and and 40 meters, but it also works very Halyard excitwon ©o.g990 Bate 
well on some higher bands. The GC3000 itself is mounted in a tlc 


waterproof IP56 rated enclosure near ground level at the Dottom 67%" esis messi! sloving wis & wimote gute arkerns cove 
of the garden. Grounding is achieved from two 4 foot long copper ground stakes and several radial grounding 
wires. 





Read more about the Sloper Antenna and the CG3000 here. 





3) A 'home-brew' omnidirectional, vertical dual band, end fed antenna for 2 metres and 70cm. This is of the 
Controlled Feeder Radiation design (CFR) by VK2ZOl; effectively an end fed half wave dipole on 2m with an 
aluminium sleeve dipole section to achieve 70cms with a few extra dB's of gain. It is mounted on an aluminium 
mast. It's feed-point is about 11 metres a.g.]. read more here 


4) A DK7ZB design dual band Yagi antenna, with 5 elements for 2 metres and 8 elements for 7Ocms, mounted 
horizontally for SSB. A lightweight antenna rotator is employed and uses a push-up telescopic mast. Height above 
ground level is again approximately 7 metres. The DK7ZB is an excellent twin band Yagi antenna. read more here 


5) A Half Wave End Fed / Controlled Feeder Radiation (CFR) antenna for 6 meters / 50 MHz. Supported by a 3 
meter long telescopic fibreglass fishing pole attached to the top of the aluminium push up mast that supports the 
DK7ZB dual band yagi and rotator. 


6) Dual Band Fan Dipole, made from thick loudspeaker wire, mounted horizontally in the loft space for 10 meters 
an 6 metres. Cheap & quite effective. 





SOTA Beams , 
Lightweight 2 metre & Other Options that can be deployed on an ‘as required basis’ : 


70cms Yagis, Dipole, . . ie ae : 
Accessories & Poles”) A half wave Wire J-Pole fixed to a telescopic fibreglass fishing pole for 10m. Cheap and effective. more about J- 


www.sotabeams.co.uk Poles here and also here on Antenna page 5 











8) Compact Loaded Top Band Antenna, based on a design idea by Stuart Craigen G4GTX more 


9 & 10) G Whip End Fed Zepps (EFZ's) for either 20m, 15m or 17m or the G-Whip "WideBander" which is an 
‘UnTenna' style antenna that can be used for 20m through to 10m using good quality G Whip 9:1 UnUn; useful 
additions for antenna flexibility. more 


11) N9TAX Dual Band Slim Jim (J-Pole) antenna mounted in the loft as a back-up antenna for 2m and 7Ocms. Very 
good. more 


12) Delta Loop Antenna - 16 metre loop of wire in triangular Delta shape, hung from the top of the pole supporting 
the inverted L antenna and fed via RG213 coaxial cable via a 4:1 balun. The loop is really a single band antenna 
cut for one wavelength on the band of interest, however it also can be pressed into service for some higher bands - 
a good, cheap and easy to install aerial; Often works better than the inverted L on the higher bands, but on 10 
metres the tuned 10 metre dipole in the loft is sometimes better. more 


Knots: Knots for securing wire aerials and other things more here 


H.F. ANTENNAS used by MOMTJ 


All Band Doublet Antenna 


The Doublet Antenna consists of two 10 meter long top wires to form the 20 meter long ‘dipole’ section. The centre 
is fed with Ladder Line rather than coaxial cable. A dipole fed with coaxial cable is essentially a single band (mono 
band) antenna. Feeding such an aerial with ladder line, or open wire twin feeder makes a much more effective 
multi-band antenna. 


The ladder line runs down to a high efficiency 4:1 Current Balun (G-Whip) which is connected to an LDG AT-200 
automatic antenna matching unit via a very short RG213 patch lead to ensure lowest losses. The Antenna tuner 
and balun are housed in a box which is itself contained in a small garden shed to protect it from the weather. The 
LDG antenna matching unit is then connected back to the 'shack' via a run of RG-213 coaxial cable. Read more 
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about the All Band Doublet Antenna here. 





A view of part of the MOMTJ All Band Doublet Antenna 
Read more here 


ANTENNAS FOR VHF and UHF - 2 m & 70 cms 


The main antennas are as follows: 


Home-Brew dual band end (physically end fed) half wave "Coaxial Dipole" for 2m & 70cm 


For 2m and 70cm FM | use a mounted on a lightweight aluminium telescopic pole on the apex of the hose. The 
base of the antenna (the bottom of the radiating element) is approximately 11 metres above ground level. This 
antenna is based on the Controlled Feeder Radiation principle (CFR) and is described by VK2ZOI. Read more 
about its construction here. Also seen in the photograph below are the ropes that support the H.F. wire aerials. 
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MOMT] 





Home brew dual band vertical antenna for 2 metres and 70 cms 
Read more about its construction here 





Dual Band Yagi for 2m & 70cm 


For 2 metres and 70cms SSB there is a horizontal DK7ZB design dual band Yagi antenna. This has 5 elements for 
2 metres and 8 elements for 70 cms. A lightweight antenna rotator is employed and uses the same push-up 
telescopic mast that the Home-Brew 70MHz J-Pole is mounted on. Height above ground level is again 
approximately 7 metres. The DK7ZB is an excellent twin band Yagi antenna. 
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Push up aluminium mast with rotator, 2m / 70cm DK7ZB Yagi and a 4m J-Pole at the top 
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The DK7ZB 5 + 8 element dual band yagi for 2m and 70 cm - designed by Martin Steyer DK7ZB 
Available from Arthur MOPLK (SQ2PLK) at Ham Radio Shop: 
http://stores.ebay.co.uk/urbasket-eu 
http://ham-radio.urbasket.eu 
Also available from VPA SYSTEMS by SQ9VPA http://www.vpa-systems.pl 


Kits available from NUXCOM.de : http://shop.nuxcom.de 











2 Meter J-Pole Antenna for the garden shed - and other J-Pole antennas for 6 metres and 
10 metres : 


While experimenting with antennas in the garden in the summer of 2012 | thought that it would be good to have a 
hand-held radio in the shed to do some monitoring and make a few contacts. To improve upon the performance of 
the 'rubber duck’ antenna | quickly made a J-Pole antenna for the 2 metre band. 


It is made from a 47cm length of 450 ohm Wireman ladder line as the 1/4 wave matching section, plus a 97cm 
length of stranded wire as the 1/2 wave radiator. It is fed with 3 metres of Mil spec RG58 c/u coaxial cable that is 
soldered to the 1/4 wave matching section's impedance matching point at 3.5 cm from the bottom. The coax feeder 
is wound around some PVC tube to form a choke. The completed antenna is taped to a 2.2 metre long fibreglass 
fishing pole that | purchased from Poundland (for £1.00). It took about 20 minutes to make followed by some 
testing and adjustment with the antenna analyser. The fishing pole is lashed to the shed with some cable ties. 


This simple antenna works pretty well, but being so low down signal strengths are not huge, but it's pleasing to get 
on the air with something so simple and cheap! 


Find out how easy it is to construct J-Pole Antennas here 





Now, if it was at the top of my 10 metre long fishing pole... .. (!) 
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The Shed Antenna - a 2m J-Pole by MOMTJ 
Note the simple choke balun at its base made by winding 8 turns 
of the coaxial cable around a small off cut of white PVC water pipe. 
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The feed point of a J-Pole antenna made from Wireman 450 ohm ladder line. 
More here 


More Antennas... 


Inverted L Antenna for 80m and 40m (and some other HF Bands from 80m to 10m) 


Monofilament 


7MHz trap 





Timber or non-metallic support 


Earth tod 


The basic layout of the Inverted L Antenna (Practical Wireless) 


The first antenna that | installed was for HF. | decided on an Inverted L that incorporates a 7MHz trap so that it can 
be used on both 7MHz (40 metres) and 3.5 MHz (80 metres). 


The design of this Inverted L is well known and a good design has been published previously in Practical Wireless 
by Len Paget GMOONX. It is based on one half of the famous W3DZZ trapped dipole antenna. 


It can be made entirely from scratch as a DIY project, or the 7MHz trap could be purchased commercially as a 
ready made item, or whole antenna can bought as a complete kit from Tony Nailer, G4CFY, at Spectrum 
Communications. | opted to buy the 7MHz trap from Spectrum Communications, as | already had most of the other 
materials required - rope, egg insulator, plastic box, and some good aerial wire. The Spectrum Communications 
trap is solid and well made and 'potted' to protect against the elements. 


This antenna is tuned for 40 metres and 80 metres, but the VSWR is acceptable on several other bands being in 
the region of 2:1 to 5:1. The designer anticipated that this antenna would be usable on five of the H.F. bands 
between 80m and 10m. 


| have found that with the use of the Antenna Tuning Unit it can be used on all of the H.F. bands. However the 
polar radiation pattern may very well be less predictable on bands other than the intended 40 and 80 metres, and it 
may well be less effective than might be desirable - but it does work! 


The antenna is in the back garden, while the shack (radio room) is in a bedroom at the front of the house. It is fed 
by a 30 metre length of RG213 coaxial cable (it is not possible to use twin feeder for this type of antenna as the 
Inverted L is an UN-Balanced aerial, whereas twin feeder is balanced). With this length of cable | estimate the loss 
in the feeder alone to be about 1dB at 7MHz. The feed point of the aerial is located at the base of a 16 foot high 
wooden pole near the bottom of the garden. The horizontal top wire returns to a fibreglass pole installed at the 
apex of the roof. 


+17 +160: | have since added a separate sloping wire element for the 17 Metre Band and a switchable loading 
coil for Top Band - see notes below... 
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Photograph showing the wooden support post and termination point of the Inverted L antenna 
The post is coloured green with green fence treatment to mast it somewhat. | have also placed 
it near the bush to provide further camouflage. 
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The low loss RG213 coaxial cable runs from the shack at the front of the house up into the loft and 

exits into the back garden down the rear wall, through some garden hose to offer some protection 

along the flower bed to the bottom of the garden where it is connected to the base of the Inverted L 
antenna. 
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The suspended Inverted L aerial with 7 MHz trap. 
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The Inverted L antenna - lower section now nicely camouflaged. The wooden 
support post is some 6 metres long. 
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The photograph above shows the Dacron ropes supporting the ends of the Inverted L and Dipole antennas are 
held in place at the top of the fibreglass support mast by a pulley - one pulley for each support rope. This facilitates 
rapid lowering of either antenna for adjustment or replacement. This photograph also shows a second rope and 
pulley system that was originally used to support the 20m dipole and is now used for the top band inverted L wire 


http://www.mds975.co.uk/Content/amateur_radio_antennas.html 13/40 


10/30/2017 ANTENNAS & AERIALS 1 - The Aerials Used by M@MTJ - MOMTJ 
aerial. 


| needed a good reliable knot for securing ropes when installing wire antennas and have found the Bowline to be 
one of the most useful, it is strong and easy to tie. A Bowline will not slip in any circumstances and, usefully, the 
more load that is put on it, the tighter it gets. 


a 


The Bowline Knot : 





A Bowline can be used to tie two ropes together and should be used to tie a support rope to a pulley, dipole centre 
and other antenna items. 


It's important to use the correct knot for the job when fixing up wire antennas. | find the Bowline is a very useful for 
fixing end, egg and dog-bone insulators to the ends of the wire and/or ropes. The Round Turn & Two Hitches, 
Anchor Bend (Anchor Hitch) and Buntline Hitch knots are very good for tying a rope to a pole or a mast. A Double 
Sheet Bend can join two pieces of rope together - even if they are of unequal size. ‘Animated Knots' will show you 
how to do them: http:/Awww.animatedknots.com 
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Photo showing pulley fixed to the top of the wooden support post and the aerial support 
rope that it holds in place. 





The Spectrum Communications Trap 


http://www.mds975.co.uk/Content/amateur_radio_antennas.html 15/40 


10/30/2017 ANTENNAS & AERIALS 1 - The Aerials Used by M@MTJ - MOMTJ 





— = rT ae > i 
View of trap showing that the joints have been thoroughly sealed against the weather with 
self amalgamating tape and silicone sealant. 





Just for good measure | sealed the internal side of the machine screw that forms the connection 
terminal against the weather with Watson sealant putty. 


Adding Top Band to the 80 / 40 metre Inverted L Antenna: 


Due to an aborted house move in 2010 | had removed all the antennas. While re-establishing the aerials in 2011, 
and considering space limitations, | decided to experiment with adding a loading coil to the 40m / 80m Inverted L 
aerial. The loading coil has a link wire to short it out of circuit when using the aerial for 80 metres and 40 metres. 
The link wire is removed when Top Band is required. 


| also took the opportunity to replace the original wooden post with a strong 6 metre tall fibreglass pole. 
The coil consists of approximately 37 turns of PVC covered antenna wire wound on a short piece of PVC pipe. 
Once the required points of resonance were set for 40 metres and 80 metres, the link wire was removed and 


number of turns on the coil were adjusted until the required point of resonance was found on the 160 metre band. | 
set it to around 1900 kHz - the bandwidth is quite narrow. 
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Once the work was done, the joints and connections were sealed with either Liquid Electrical Tape or self 
amalgamating tape, then the connecting box, V bolts and white PVC pipe were sprayed with green paint to help it 
all blend in with the surroundings a little better. 


Adding the 17 Metre (18 MHz) Band to the 80 / 40 metre Inverted L Antenna: 


The Inverted L is not too good for the 'WARC' bands so to obtain better performance on the 17 Metre band | added 
a single slightly sloping wire element cut for that band. The lower end of the wire is permanently connected to the 
feed terminal on the junction box, the other end is tied to a small dog bone insulator. This dog bone is then 
supported by a length of thin para-cord which is tied to the horizontal wire of the main Inverted L element. (N.B. 
The 17 metre modification is not currently shown in the photographs below.) 
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Work In Progress! - September 2011 
Reconfiguring Inverted L with additional Top Band Loading Coil for 160 metres. 
A strong 6 metre tall fibreglass pole replaces the original heavy wooden post. 
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PRLS Le PONG OED \ ts 
Adding 160 metre loading coil to the 80m / 40m Inverted L Aerial. 

The loading coil has a link wire to short it out of circuit when using the aerial for 80 metres and 40 metres. 
The link wire is removed when Top Band is required. 


The coil consists of approximately 37 turns wound on a piece of PVC pipe. 
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Adding 160 metre loading coil to the 80m / 40m Inverted L Aerial. 
The loading coil has a link wire to short it out of circuit when using the aerial for 80 metres and 40 metres. 
The link wire is removed when Top Band is required. 

The coil consists of approximately 37 turns wound on a piece of PVC pipe. 
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Photograph showing the Inverted L antenna with additional vertical wire element and position of Delta 
Loop 





TRAPPES INVERTED L ANTENNA 


1977” TP IMHz 
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The commercial version of the basic 80m - 10m Inverted L is 
available from Tony Nailer at Soectrum Communications 
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Important notes on effective Grounding by Jim K8OZ 


Mike - | was reading about your work on the 160 meter Inverted L, and it makes me want to go out and build 
some more antennas! Congratulations. Your story is fascinating, and very well documented. 


The only thing | can offer as a suggestion is to get as much radial wire along the edge of your property as 
possible (assuming your XYL will not allow you to bury radial wire all over your yard). Even if you can only run 
multiple wires 1/8th of a meter apart from each other, and parallel to each other, your losses will be reduced. 
The ground lossses have quite an impact on your transmitted signal, so any wire you can "hide" along the edge 
of your property will help improve your signal strentgh - little, by little...! { It may also affect your resonant 
frequency slightly, but that's easy to deal with by adjusting with an antenna tuner or slightly changing the loading 
coil. } 


Good luck OM, and keep up the refinements on your antenna system. You're doing great! 73, 


Jim, K8OZ 
Albuquerque, NM 


Delta Loop Antenna - Tuned for the 17 metre band but also usable as a multi-band 
operation 











W2AU 4:1 Balun 
6-8 turn coil of i: ----2? ft 
feedline choke Er) 
at feedpoint 





50 ohm coax 


to shack 12-14 AWG antenna wire 








insulators and tie off ropes 


A typical Delta Loop antenna - diagram by W5SDC - gives multi-band operation with minimal cost. 
My Delta Loop is fed near the bottom corner - it cannot be fed at the top, as in the diagram 
above, due to unwanted interaction with the antenna wire of the Inverted L antenna 
which is supported on the same pole. 


My Delta Loop is fed near the bottom at one corner - it cannot be fed at the top, as in the diagram above, due to 
unwanted interaction with the antenna wire of the Inverted L antenna which is supported on the same pole. 


It consists of a 16 metre long loop of wire in triangular Delta shape, hung from the top of the pole supporting the 
inverted L antenna and fed via RG213 coaxial cable via a home-brew 4:1 balun. A loop is really a single band 


antenna cut for one wavelength on the band of interest, however it can also work on higher bands with an ATU - as 


a good, cheap and easy to install multi-band H.F. aerial. Performance is a little better than the inverted L on the 
higher bands, but on 10 metres the tuned 10 / 6 metre wire ‘fan’ dipole in the loft can still be better. 
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InvertedL wire 


Delta Loop wire 





Apex of Delta Loop by MOMTJ 


Titel Melero melelal-mlarciel (oie), nels Loop wire 
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Ladder line ofa 
different antenna 


Delta Loop wires 


4:1 Balun | 


Short timber support post ——__ 
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The Feed Point of the Delta Loop Antenna is at the bottom right hand corner 
The Antenna is fed via a ‘home brew’ 4:1 balun by MOMTJ 


Below are the VSWR measurements for the 16 metre long loop which has been measured an cut for resonance in 
the 17 metre band. For comparison are the measurements for the 12 metre long loop (which has not been 
optimised) and an 18 metre long loop which is of arbitrary length: 








16 metre long loop of wire for the 17 Metre Band (optimised for 17m band) 




















BAND | VSWR VSWR 
20m | 14.0 MHz =6.5 14.35 MHz = 4.9 
17m | 18.07 MHz = 1.2 18.16 MHz = 1.2 





15m 21.0 MHz = 3.1 21.45 MHz = 3.7 
12m 24.8 MHz = 5.9 25.9 MHz = 6.1 
10m 28.0 MHz = 4.1 29.5 MHz = 4.4 





























12 metre long loop of wire for the 12 Metre Band (NOT optimised) 


[ BAND |  vswR ss ]|——i‘i‘it VSWR 
15m 21.0 MHz = 5.0 21.45 MHz = 4.6 


























18 metre long loop of wire (An arbitary length between 20m & 17m) 


BAND VSWR VSWR 
20m 14.0 MHz = 2.1 14.35 MHz = 1.4 
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17m | 18.07 MHz = 2.6 18.16 MHz = 2.5 
15m | 21.0 MHz = 6.8 21.45 MHz = 8.4 
12m | 24.8 MHz = 6.3 25.9 MHz = 6.5 
10m | 28.0 MHz = 2.9 29.5 MHz = 2.5 























Many users claim that loop aerials are quieter than typical vertical antennas. There are many plans available in the 
internet and given a suitable support or pole and a 4:1 balun it can take only a few minutes to install a loop 
antenna. 


Arthur MOPLK (SQ2PLK) at Ham Radio Shop supplies an interesting lightweight self supporting Delta Loop 
antenna: http://ham-radio.urbasket.eu - see the review on the Polonia DX Award here: 
http://pdxa.one.pl/articles.php?article_id=17 








LOOP ANTENNA LINKS: See lots more links to Loop Antennas on my links page here 





Dipole or Doublet Antenna for 20m and 10m 


This is an antenna trapped dipole for 20m and 10m. Currently it is fed by 75 ohm twin feeder to a 1:1 balun in the 
loft, then on to the ATU (AMU) via a short RG213 coaxial cable. Although it was initially installed horizontally, it is 
now installed with one leg supported vertically on a 7 metre fibreglass 'Sota' pole with the other leg supported 
horizontally about 2 metres above the ground. This is a rather unorthodox arrangement for a balanced dipole, but it 
seems to work ok and was inspired by another radio amateur's idea - although | don't recommend balanced feeder 
for this arrangement! 


It looks much neater than the horizontally strung dipole and offers a more omnidirectional radiation pattern too. 






Dipole Centre with PVC covered wire and 75 ohm twin feeder attached. 


Removable end support method for wire dipole using a plastic antenna insulator, 
snap-hook and Dacron rope. 
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~ : > \ 
Photo showing how the wooden support posts are held in the ground by the steel Met Post. 
This Met Post and wooden pole now supports the 7 metre high fibreglass Sota Pole (fishing pole). 


The ‘deformed dipole’. 
A Dipole for 20m and 10m. 


One leg is vertical, giving a more omnidirectional pattern and supported by the 7 metre long fibreglass fishing pole, 
while the other leg runs off horizontally at about 2 metres above the ground. 


This antenna is fed by 75 ohm twin feeder. 
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The Deformed Dipole 
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Compact Antenna for Top Band 


A Shortened Inverted L for 160 Metres 


Despite the dreadful noise on top band caused by modern electronic gadgets and the difficulty in accommodating a 


necessarily large aerial in a small garden, | was keen to try to get on to top band. | experimented with some 
different ideas during 2009, some of which are shown on this page. 


Eventually | settled on the design shown below. It is an Inverted L type aerial, shortened by the use of a loading 


coil. It uses a fibreglass telescopic fishing pole to allow it to be easily lowered out of sight when not in use. Read 


more on Antennas page 2 here> 





Pulley Telescopic fibreglass 


__— Egg insulator 











fishing pole - 6m high 
Aerial wire 


Aluminium pole | fixed to wooden post 


Inductor Pulley 






Counterpoise 
ground radials 


Connection box 


Coax to shack 


Wooden post 


Top Band Aerial by MOMTJ 5 
Earth rod 
Shortened Base Loaded Top Band Antenna For Small Gardens 


uses a fibreglass telescopic fishing pole to allow it to be easily lowered out of sight when not in use. 


Read more about Top Band Antennas on Antennas page 2 > 





Other Antennas: 


End Fed Zepp Antennas for 20m / 17m and 15m : 
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High quality commercially built Zepp antenna from G Whip Antenna Products. 
http://www.gwhip.co.uk/ 


Above is a high efficiency, high quality commercially built Zepp style antenna using a half wave radiator. However 
there is a difference - unlike the traditional Zepp antennas, G4ICD's design dispenses with the long trailing 1/4 
wave twin feeder matching section and counterpoise and, instead, uses a G-Whip's helical tuned unit. 


The end fed Zepp is extremely versatile - it can simply be hung from the fascia board or guttering just outside one's 
window: The 1/2 wave wire radiator made of high strength Kevlar is easily sloped down the garden and is a 
camouflage green in colour so as to be almost invisible. The G-Whip Zepp is supplied with a fascia board insulator, 
a throwing line with plus cable strain relief and fittings, the P65 waterproof resin potted box fitted with UHF 
connectors (SO239) for coax feeder. The Zepp can be mounted vertically (e.g. using a telescopic fibreglass pole), 
horizontally or sloping and can be ready in a matter of minutes. 


| then decided to try an excellent new design developed by Geoff G4ICD - an End Fed Zepp antenna with a 
difference. The G-Whip End Fed Zepps are high efficiency, resonant mono band antennas utilising a half wave 
radiator, however this new G-Whip design by G4ICD dispenses with the long trailing 1/4 wave twin feeder 
matching section and counterpoise and, instead, uses a helical tuned unit. Using versions for 20m, 17m and 15m 
will enable me to get on the air with the minimum of fuss since the G-Whip end fed Zepp can simply be hung from 
the facia board or guttering just outside one's window. The high-strength Kevlar, camouflage green 1/2 wave wire 
radiator is easily sloped down the garden to be almost invisible. 


G-Whip Widebander : 
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GWhip Widebander antenna. 
Using the popular idea of feeding a large but non resonant antenna with an impedance converting 9:1 unun. 


The G Whip wideband antenna consists of a 9:1 unun of GWhip's customary high quality for best efficiency, two 
20metre lengths of kevlar wire for the radiator and counterpoise which provide operation from 3.6MHz to 50MHz. 
Feed with good quality low loss coax and use an ATU to match. The 20 metre radiator wire can be used as a 
sloper, or supported by convenient supports such as poles or trees in a straight line or 'dog legged’. | use a shorter 
radiator wire run up a telescopic fibreglass pole for operation on 20 metres an above. 


Dual Band J-Pole : 


There is a dual band vertical J-Pole antenna in the loft as a back up for the 2m and 70cm bands. 


The excellent Dual Band N9TAX Slim Jim antenna that | use in the loft as a reserve antenna. 
More information from Joe N9TAX at: www.n9tax.com 


www.ebay.co.uk/itm/VHF-UHF-Slim-Jim-J-Pole-Dual-Band-2m-70cm-Antenna-jpole 
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Previous Antenna installations: 


(2011 - 2013) 


1) A trapped Inverted L for 80m and 40m with an SGC-230 auto antenna coupler at its feed-point at the bottom of 
the garden. RG213 coaxial cable is used to feed the output of the auto-coupler back to the shack. This can be 
used on all bands from 160 through to 10 metres. The support post is installed at the bottom of the garden with the 
end of the antenna wire being supported by Dacron rope that is attached to a pulley on a pole at the apex of the 
roof. A simple, single sloping wire element provides use on the 17 metre band. Although too short to be really 
effective on 160 metres, Top Band can be tuned by the SGC coupler. A pretty good all-round antenna. more 


2) A half wave Wire J-Pole fixed to a telescopic fibreglass fishing pole for 10m. Cheap and effective. more about J- 
Poles 





3) A 'home-brew' omnidirectional, vertical dual band, end fed antenna for 2 metres and 70cm. This is of the 
Controlled Feeder Radiation design (CFR) by VK2ZOlI; effectively an end fed half wave dipole on 2m with an 
aluminium sleeve to achieve 70cms with a few extra dB's of gain. It is mounted on an aluminium mast 10 metres 
a.g.l. more 


4) A DK7ZB design dual band Yagi antenna, with 5 elements for 2 metres and 8 elements for 70cms, mounted 
horizontally for SSB. A lightweight antenna rotator is employed and uses a push-up telescopic mast. Height above 
ground level is again approximately 7 metres. The DK7ZB is an excellent twin band Yagi antenna. more 


5) Dual Band Fan Dipole, made from thick loudspeaker wire, mounted horizontally in the loft space for 10 meters 
an 6 metres. Cheap & effective. 


6) (Installed late September 2013) Wire J-Pole antenna for 4 Metres (70 MHz) supported on a 3 metre long 
telescopic fibreglass pole to be attached to the top of the aluminium push up mast that supports the DK7ZB dual 
band yagi and rotator, 

Other Options that can be deployed on an ‘as required basis’: 

7) Compact Loaded Top Band Antenna, based on a design idea by Stuart Craigen G4GTX more 

8 & 9) G Whip End Fed Zepps (EFZ's) for either 20m, 15m or 17m or the G-Whip "WideBander" which is an 


‘UnTenna' style antenna that can be used for 20m through to 10m using good quality G Whip 9:1 UnUn; useful 
additions for antenna flexibility. more 





10) N9TAX Dual Band Slim Jim (J-Pole) antenna mounted in the loft as a back-up antenna for 2m and 7Ocms. Very 
good. more 


11) Delta Loop Antenna - 16 metre loop of wire in triangular Delta shape, hung from the top of the pole supporting 
the inverted L antenna and fed via RG213 coaxial cable via a 4:1 balun. The loop is really a single band antenna 
cut for one wavelength on the band of interest, however it also can be pressed into service for some higher bands - 
a good, cheap and easy to install aerial; Often works better than the inverted L on the higher bands, but on 10 
metres the tuned 10 metre dipole in the loft is sometimes better. more 


(2011) 


In mid 2011 | experimented with an excellent N9TAX designed dual band Slim-Jim (J-Pole) antenna for 2m and 
70cms. This is made from lightweight 450 Ohm ladder line which can be fixed to the top of a 10m tall fibreglass, 
telescopic, fishing pole. The N9TAX works extremely well indeed. More information from Joe NOTAX at: 

www.n9tax.com and buy at: www.ebay.co.uk/itm/VHF-UHEF-Slim-Jim-J-Pole-Dual-Band-2m-70cm-Antenna-jpole 





N.B. | tried to home-brew the DJB-1 dual band J-Pole antenna using plans published by the ARRL in QST 
magazine. | wanted a neat antenna that could be enclosed in a protective tube to minimise weathering effects. 
However trying to tune this antenna at UHF frequencies proved to be frustratingly difficult to do and after two full 
days work | could not get the thing resonate accurately at the correct frequency. Sadly, for this reason, | cannot 
recommend the Dual Band J-Pole as a home-brew project. 


The N9TAX antenna on the other hand works very well. However it cannot be enclosed in a tube due to the 
velocity factor effect de-tuning the antenna's resonant frequencies. 

(Late 2011) 

Due to difficulties with the stability of a lightweight fishing pole as a support | moved back to using the lightweight 


aluminium telescopic mast, with stays, to support a Watson W-50 vertical dual band collinear for 2 metres and 70 
cms FM. 
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The excellent N9TAX dual band Slim Jim is now installed in the loft. 


(Antennas used up until 2010) 


1) A trapped Inverted L for 80m and 40m fed by RG213 coaxial cable to the LDG Z-11 Pro antenna matching unit 
in the shack. This can be used on all bands from 80 through to 10 metres. The support post is installed at the 
bottom of the garden with the end of the antenna wire being supported by Dacron rope that is attached to a pulley 
on a pole at the apex of the roof. This excellent antenna is still use. more 


2) A trapped dipole for 20m and 10m. This was fed by 75 ohm twin feeder to a 1:1 balun then on to the AMU via 
RG213 coaxial cable. It was initially installed horizontally, but more latterly installed with one leg supported 
vertically on a 7 metre fibreglass 'Sota' pole with the other leg supported horizontally about 2 metres above the 
ground. A rather unorthodox arrangement for a balanced dipole, but it seemed to work ok, it looked much neater 
than a horizontally slung dipole and also offered a more omnidirectional radiation pattern. more 

4) A compact Inverted L for the 160 metre band - Top Band - shortened with a loading coil. more 


5) As N9TAX Dual Band Slim Jim (J-Pole) antenna for 2m and 70cms. This was fixed near the top of a 10m 
telescopic fibreglass fishing pole that | pushed up whenever it was required. more 


(2008) 


W-2000 - Vertical Collinear mounted on a temporary 10m telescopic pole: 





| no longer have the Watson W-2000 but this is how it was used previously: 


The Watson W-2000 covered VHF (2 metres / 144 MHz) and UHF (70 cms / 430 MHz) and also, rather usefully, 6 
metres (50 MHz) too. The W-2000 is 2.5 metres long and enclosed in white fibreglass with three radial elements at 
the base. 


Unfortunately | had nowhere practical to install a separate mast for the VHF / UHF antenna, so this was mounted 
on top of a 30 foot (10 metre) high telescopic aluminium mast in the back garden. The base of the mast was 
placed in a handy metal sleeved hole that was already present in a small wall in the garden. Very fortunate indeed! 


The antenna is connected to the radio via the very low loss Westflex 103 coaxial cable. The cable was left in place 
permanently, running from the shack in the front bedroom, up into the loft and out of a small hole in the back of the 
house, down a drain pipe into the back garden. From there the aerial can be connected as an when required: 


When VHF or UHF operation is required | have to connect the coaxial cable to the Watson W-2000, fix it to the top 
of the telescopic mast, which is very quick using two V bolts and 4 wing nuts, put the mast in the hole and raise it 
to a good height. | tend to extend it so that the bottom of the antenna is at about 24 feet in the air, the height of the 
apex of the house, so it is in fairly clear space. 


A VHF and UHF aerial needs to be as high as possible since at these frequencies communication is essentially 
local and ‘line of sight' - unless heightened propagation conditions, such as Sporadic E or a Temperature Inversion 
is prevailing at the time. 


Even at 24 feet the mast is rather wobbly, so it was tied down using three nylon guy ropes. 
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The Watson W-2000 on to of the extended telescopic pole - about 8 or 9 metres high. 
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Photograph of a Watson W-2000 on Telescopic Mast at the lowest position. 


MORE ANTENNAS 
Our good friend in Australia Felix Scerri, VK4FUQ, uses Inverted V antennas but also highly recommends 


the Quad Loop style antenna for HF work. These are well worth investigating, and you can read more 
here: Antennas 3 with more antenna ideas on Antennas 2 and Antennas 4 and the Links Page here and here 


KNOTS FOR SECURING WIRE ANTENNAS 





| have found the Bowline to be one of the most useful, it is strong and easy to tie. A Bowline will not slip in any 
circumstances and, usefully, the more load that is put on it, the tighter it gets. Read more about good knots for 
amateur radio aerials here... 





http://www.mds975.co.uk/Content/amateur_radio_antennas.html 36/40 


10/30/2017 ANTENNAS & AERIALS 1 - The Aerials Used by MOMTJ - MOMTJ 


The Bowline Knot - Read more about knots here ... 








Antenna Trimming Chart and useful Antenna Rigging Accessory ideas 





On Antennas 4 | have included a helpful Antenna Trimming Chart and some useful ideas for Antenna Rigging 
Accessories 





More project ideas here> 
73 
Mike, MOMTJ 2011 / 2012 


Antennas 2 | Antennas 3 | Antennas 4 | Antennas 5 | Antennas 6 





Links to further reading: 





Introducing The All Band Doublet: http:/Avww.cebik.com/content/edu/edu6.html N.B. Create a free account at 
http://Awww.cebik.com 





The All Band Doublet - http://www.cebik.com/wire/abd. html 





The ALL Band HF Doublet on Ham Universe - http:/Awww.hamuniverse.com/hfdoublet.html 





Multi Band Dipoles Compared - by ARRL on QST and DX Zone: 
http://www.arrl.org/tis/info/pdf/9611073.pdf http://Awww.dxzone.com/cgi-bin/dir/jump2.cgi?ID=7499 


PDF Document - The W3DZZ Antenna - 
http://www.users.icscotland.net/~len.paget/GMOONX%20trap%20dipole.pdf (**!!! But don't use coaxial cable with 
a 'choke balun’ at the centre of the dipole! Use twin feeder with the Choke Balun at the other end. Less power 
loss. !!!***) 








See Practical Dipole Antennas Compared: http:/Awww.gsl.net/ta1dx/amator/practical_dipole_antenna.htm 


Practical Antenna For 160 Metres - http:/Avww.iw5edi.com/ham-radio/?a-practical-antenna-for-160-metres,32 
http://Awww.ik1mnj.net/id202.htm 





More: 


The website of GMOONX http:/Awww.gm0onx.co.uk/ 
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The Inverted L - PDF document: http://www.users.icscotland.net/~len.paget/5%20band%20Inverted%20L.pdf 


Adding Top Band To The Inverted L - PDF Document: 
http:/Awww.users.icscotland.net/~len. paget/Inverted%20L%20adding%20top%20band. pdf 





The All Band Inverted L - http://www.antennex.com/preview/archive3/Itv.htm 





Q.T.H. Move in 2010 !%*?"*!?! 





We decided that we'd like to move house in 2009, we found a new property in early 2010. My amateur radio aerials 
were duly taken down and the ham shack packed away. However after months of delays we still had not moved by 
August 2010, but we were still hoping to move. However after months of messing about and stringing us along our 
buyer pulled out the very day before we were to exchange contracts later in August 2010. 


This cost us a lot of time and a great deal of wasted money. Thank you Mrs xxxxxx_ :-( 


After a wasted year we decided to stay where we were and take the house of the market. Instead we spent the 
next eight months remodelling and redecorating. No time for playing radio of course and besides everything was 
still all packed away in boxes! 


In mid 2011 | was getting frustrated that | had no radio. So | suppose it's time to think about re-establishing the 
station and to start planning the installation of some antennas. Of course Jules, my XYL, understandably questions 
my antennas and experiments! 


Due to time constraints | will probably start again with a somewhat temporary antenna. | was thinking along the 
lines of an "Untenna" - so | installed a 7.2 ish long wire supported on a vertical fibreglass pole with a horizontal 
‘counterpoise’ connected via a 9:1 balun to the coax back to the shack. Of course it is a fairly low efficiency multi- 
band (wideband) antenna, but easy to get going quickly. The GWhip Widebander antenna by Geoff Brown G4ICD 
is possibly the highest quality antenna of this type available, using a very high efficiency, top quality 9:1 UnUn with 
a 17 meter wire radiator and 10 metre long counterpoise - a very useful, versatile ‘all situations’ antenna. 





As time progressed | re-established my full size trapped Inverted L antenna for 80metres and 40 metres and added 
a switchable loading coil at its base for use on 160 meters, as described above. 





Then | gradually re-established the 2 metres and 70 cms antennas with the vertical W-50 and horizontal dual band 
DK7ZB Yagi - as detailed above. 


Index To Other Antenna Pages: 
Antennas 1 : Aerials used at MOMTJ 


Antennas 2 : Including ..... Ideas for compact aerials for Top Band /160 metres 
Antennas 3 : Felix Scerri VK4FUQ discusses Loop Antennas, baluns, masts & other antenna related topics 
Antennas 4 : Including ...... Many antenna ideas from various sources particularly for multi-band operation & also 


gives information about 

antenna trimming, knots for wire antennas and useful antenna rigging accessory ideas. 

Antennas 5 : Including ..... Half Wave End Fed aerials for 144 MHz VHF / 430 MHz UHF and 50 MHz 6 Metre 
band & J-Pole Aerials 

Antennas 6 : Including .... Simple and effective H.F. Antenna ideas - Ground Plane and All Band Doublet 


_Prodviets~ 
G-Whip Antenna Products 
Geoff Brown G4ICD offers a multitude of high quality solutions for portable, mobile and permanent base 
installations 
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G-WHIP G Pro Whip antennas 
http://www.gwhip.co.uk/ 





G Whip New Products. 
ANFONNG ie! ierircsas en 
News 


http://www.gwhip.co.uk/ 





Just For Fun: 


A tower that we may like to have to attach our antennas to - but! don't think that Health And Safety was taken 
into account here: 
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Amateur Radio — won 
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Antennas 3 : Felix Scerri VK4FUQ discusses Loop Antennas, baluns, masts & other antenna related topics 

i Antennas 4 : Many antenna ideas from various sources particularly for multi-band operation & also gives information 
Medeurtacya) about 
antenna trimming, knots for wire antennas and useful antenna rigging accessory ideas. 
Portable Antennas 5 : Half Wave End Fed antennas for 144 MHz VHF / 430 MHz UHF and 50 MHz 6 Metre band & J-Pole 





Aerials 
SL Antennas 6 : Simple and effective H.F. Antenna ideas - Ground Plane and All Band Doublet 
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SSC]: tem The VK2ZOI "Flowerpot Antenna" - A physically end fed Half Wave "Coaxial Dipole" for 2 metres and 70 
centimetres 
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For 2m and 70cm FM | use a mounted on a lightweight aluminium telescopic pole on the apex of the hose. The base 
of the antenna (the bottom of its radiating element) is approximately 11 metres above ground level. This antenna is 
based on the Controlled Feeder Radiation principle (CFR) and is described by VK2ZOI on his website. Also known 
as a "Coaxial Dipole". My version is described below. 


Also seen in the photograph are the ropes that support the H.F. wire aerials. 
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MOMT] 





Home brew dual band vertical antenna for 2 metres and 70 cms 
(Coaxial Dipole / Controlled Feeder Radiation Antenna / 'Flowerpot Antenna’) 


VK2ZOI has produced some extremely interesting and potentially very useful dipole antenna designs. The designs 
could form the basis for a great home-brew antenna project since it is physically end fed and can also be made into 
a dual band aerial for 2 metres and 70 centimetres, so forming the basis of a viable alternative to buying an 
expensive commercially manufactured ‘white stick’ antenna. 


The final dual band version works very well and can form the basis of a viable alternative to commercially made 
‘white stick' antennas, because there's nothing better than using your own home-brew antenna! 


Physically, the feeder cable enters the antenna at the bottom end, so it looks like an end fed aerial. VA3TWO / 
VK6TWO describes it as a "Coaxial Dipole". ‘Electrically’ it is a simple dipole. The RF is travelling ‘inside’ the bottom 
‘element’ and doesn't ‘feed’ the antenna until where the coax is cut - in the centre of the antenna, as shown in the 
diagram below. Where the outer braid is cut (electrically the centre feed point), the RF then radiates like a simple 
dipole, via the top radiator (coax core), and via the outside of the coax - the bottom half of the dipole. The top 
radiator is thinner than the lower radiator (hence why the lower radiator is slightly shorter than the upper radiator). 
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The coiling of the coax is simply forming an RF choke (high impedance point), to stop the RF continuing down the 
outside of the braid, thus electrically it 'appears' to be the end of the radiating element. 





Top of radiator element 
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http://vk2zoi.com/articles/half-wave-flower-pot/ 





| purchased a 3 metre length of 25mm diameter conduit from B&Q, our local DIY centre and ordered some 25mm 
end caps and heatshrink from ebay. | already had some good quality RG58 for the feeder and main 2 metre 
radiating element and some aluminium foil for the 70cm sleeve dipole. 


First of all | cut the RG58 cable to form the 2m radiating section and choke coil. Because the UK's 2m allocation of 
144 to 146 MHz is narrower than the 144 to 148 MHz available in Australia, | varied slightly from the design shown. 
The centre of the UK's 2m band is about 1% longer in wavelength, so | decided to make both the top and bottom 
measurements 1% longer. 


| therefore stripped 460 mm of the outer sheath and braid from the cable to form the top 1/4 wave element of the 
dipole. | then measured down 450 mm and marked the point where the lower 1/4 wave element would finish and the 
choke coil would start. 


Next | attached a thin nylon cord to the top of the top radiator, the coax inner. 


I then cut the 3 meter length of 25 mm conduit down to about 2.3 metres and drilled a hole where the coil would 
start, wound 9 turns of RG58 cable from that hole and marked the position of the lower hole. | then removed the 
coaxial cable and drilled the second, lower, hole. 


| then pushed the radiating section of RG58 into the top hole and fed it up towards the top of the tube, stopping 
when the marker tape reached the hole. | then wound the coil and pushed the remainder of the RG58 through to 
lower hole and fitted a PL259 plug on the end. 


| pulled the top of the radiator wire tight using the nylon cord and pushed the end cap on. The antenna was then 
ready to be tested on the 2 metre band. | found that the resonant frequency was rather too high, just above 146 
MHz, so | pushed an additional 10 mm of coaxial cable into the upper section of the tube - therefore making the 
lower 1/4 wave section of the dipole 460 mm long - the same as the top section. | tightened up the choke coil 
winding again and performed another test. 


This time the resonant point was just over 145.000 MHz - near enough the centre if the UK's 2 metre band. That 
was perfect, so the 70 cm sleeve element was then added - this is a 235 mm long tube of kitchen foil positioned 
exactly at the centre (feed) point of the 2 meter dipole within the tube. 


The SWR was tested and found to be acceptable across both the 2m and 70cm bands. 
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| then fitted the end cap, applied the heatshrink to the coil and to the aluminium foil sleeve. | noticed that when the 
antenna tube was moved around the cable inside rattled around making a noise that may be rather annoying to 
anyone near its final location. 


To help hold prevent the cable from rattling | pushed up 4 or 5 small pieces of foam material up the tube from the 
bottom to rest at various positions along its length. With these pieces in place the cable was certainly silenced, 
however it may have had a deleterious effect on the SWR. 


With the antenna now in its finished physical state | naturally checked the SWR again to compare against the 
performance in its semi-complete state. | was pleased to find that the SWR was still fine across the 2m band, in fact 
the SWR was a little lower. However the SWR at the edges of the 70cm band was considerably higher - 1.8 at 440 
MHz and about 2.2 at 430 MHz. 


| conjectured that the heatshrink covering the foil sleeve dipole may have caused the change in response so | 
removed it, but the SWR was little different and the bandwidth on 70cm was now disappointingly narrower than 
expected and hoped for. 


Although | cannot say for certain, because they cannot now be easily removed, but it may be possible that the 
pieces of foam may be the culprits for the difference. 


While the bandwidth could not be improved, | decided to move the centre point of resonance down a little by 
increasing the length of the sleeve element from 235 mm to 245 mm. With that adjustment the SWR was now 
approximately 1.6 at 430 MHz but rising to 2.0 at 440 MHz. (Unfortunately | forgot to note the exact figures down in 
all cases). 


When the antenna was connected to the 20 meter length of Westflex-103 back to the shack, the SWR reading were 
as follows: 


2 Metres -SWR 70cms - SWR 





The SWR readings in the shack for 2 meters are lower than at the feed point, which is presumably due the losses in 
the feeder. The SWR readings for 70 cms look rather erratic, with a strange peak at 435 MHz, while the 430 MHz 
figure is lower than at the feed point of the antenna, and the 439 and 440 MHz figures are disappointingly higher 
than hoped for. The peculiar readings are likely due to feeder effects. 


However the SWR at 433.4, in the FM simplex portion of the band, is very low. 


The completed antenna was mounted to the aluminium mast by utilising brackets of the Watson W50 antenna. The 
brackets had to be reversed so that the narrower diameter of the 25mm tube could be held in place by the V Bolt, 
while the circular section that previously fitted over the base of the W50 now slid over the mast, which was 
coincidentally a similar diameter. 


| made a small addition to the design in the form of a second small 150mm length of of the 25 mm conduit glued to a 
coupler section. This is slid into place at the bottom of the antenna to provide additional weather protection to the 
joint between the W-103 feeder and the RG58 of the antenna - which itself is covered in self amalgamating tape. 


Shown in the table below are some signal comparisons with the Watson W-50 antenna; both were mounted on the 
same mast in the same position and at a height of approximately 7 metres above ground level. Becuase the S-Meter 
of the transceiver is not calibrated in absolute values, the figres are for relative comparison only - also bear in mind 
that a typical S Point represents 6dB - therefore the accuracy of these readings will be coarse and might be 
considered to be +/- 3dB - that's a rather wide variation. 


Despite the relative crudeness of these comparisons, the results do seem to indiacte that the VK2ZOI antenna is 
marginally or slightly better than the W-50 on 2 metres and marginally worse on 70cms. | am quite pleased with this 
result and beleive that this antenna really could replace the need to buy an expensive commercially manufactured 
antenna. 
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My only concern with this type of antenna is that there is no path to ground from the top element, as there would be 
with a folded dipole or a J-Pole type antenna. This may be a cause for concern as far as static build up is 
concerned. 


Signal comparisons 


Watson W-50 "Flowerpot Antenna" 

2 Metres 

Station A S7 s9 
Station B $5 S6 
Station C S4 S4 
Station D Ss9 Ss9 
Station E S6 S6 
Station F So $1 
Station G $2 $2 
Station H $2 $3 
Station | S6 S6 
70 cms 

Station J So $1 
StationK $5 S5 
StationL — $5 S4 
Station M so so 
StationN sg sg 
StationO _ S6 S6 
StationP S7 S6 


Please see the photographs below for a visual explanation of this project. Mike, MOMTJ. 05/03/2013 


M@MT] 





First stage of construction of the 2m / 70cm dual band antenna 
Cutting the 25mm diameter conduit to the desired length and drilling 
the two holes allowing the coil to be wound. M@MTJ 
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nan te + VHT xm sn " mm 
MOMT] 


Heatshrink applied to the centre of the dipole section and red insulation 
tape added to mark the bottom of the dipole where the coil starts. M@MTJ 


* VRE GUNNERY brow —e nine Inner [o) mevoy- t= 8 cable 


Thin nylon cord 
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Palle ie Avene : 
Thin cord attached to top of the i inner conductor of the coaxial cable, which forms the 
top 1/4 wave section of the dipole with a piece of heatshrink and a blob of glue. MOMTJ 


"Edge of red marker tape just, st visible through hole 
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The line isolator choke is formed by winding 9 turns of the RG58 
coaxial cable around the 25mm diameter conduit tubing. M@MTJ 





The thin cord that holds the 1/4 wave radiator in place is located in the 
notch and will be trapped in place when the end cap is fitted. MOMTJ 








The foil sleeve dipole for 70cms is covered in heatshrink. 
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Oops. Lesson learned. When applying heat to the heatshrink | held the tube above the ground and the plastic of the 
tube started to go soft and bend out of shape. The buckle in the tube can be seen in this photograph. 
Lesson: When applying heat, keep the tube flat on the ground or work bench and roll the tube along as the 
heatshrink shrinks into place ensuring that the tube does not distort or bend. 





25 mm end cap sealed in place by heatshrink. 
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Completed antenna 





The completed antenna in place, mounted at the top of my aluminium push-up mast. The fixings used are the 
brackets from the Watson W-50 antenna which have been reversed so that the smaller diameter PVC tube 
is held in place by the V Bolts. 


Bracket re-used from Watson antenna 
N.B. position reversed to fit conduit tubing 





Short additional length of conduit tube 
pushed on to main antenna tube with joiner ; 
to protect PL259 coaxial connectors \ \ 


. Aluminium mast 
Westflex 103 coax 


Photograph detailing the the fixings. The brackets are brackets are from the Watson W-50 antenna which 
have been reversed so that the smaller diameter PVC tube is held in place by the V Bolts. 


For further detailed information and reading, please visit the excellent website of John Bishop VK2ZOI here: 
http://vk2zoi.com/articles/half-wave-flower-pot/ 
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6 Metre Half Wave Coaxial Dipole - An end fed CFR Dipole antenna supported by a 3 metre long fibreglass 
fishing pole for 50 MHz 


In 2014 | decided to remove the 4 Metre J-Pole antenna from my push-up mast due to the fact that the band is 
relatively quiet and that | only have the 5 watt Wouxon handheld transceiver for 70 MHz. 


| decided that having a good, full size antenna, for the 6 Metre band would be more useful and potentially more 
rewarding since it can be used with a 100watt HF radio that covers 50 MHz. 


The choice of antenna was an easy one. With the great success of the "flowerpot antenna", | decided to build a 
version for 6 Metres. 


Similar designs of Coaxial Dipole antennas had also been featured in recent editions of the RSGB publication 
RadCom during 2012 and 2013. The antennas in RadCom are described as Controlled Feeder Radiation (C.F.R.) 
Dipole antennas - the tuned choke at the feed-point controlling, or choking off, the common mode current that would 
otherwise flow down the outside of the coaxial feeder cable causing E.M.C. issues on transmit, high S.W.R. reduced 
efficiency and noise on receive. See references below 


The advantage of this design is that it can be physically end fed, so there is no feeder cable to route away from the 
centre of the dipole. Electrically, however, the feed point is at the centre of this dipole aerial, as explained earlier. 


Rather than fit the antenna inside a PVC pipe, as with the previous dual band 2m / 70cm antenna described above, | 
decided to use a lighter weight and less conspicuous 3 metre long fibreglass fishing pole as the support. The 
completed radiating element simply being taped to the fishing pole. 


I cut a length of MIL spec RG58 cable, about 4.5 metres long, to form the bottom half of the radiating section and 
the choke coil, leaving enough to form a short length (about 30 cm) of cable below the choke coil on to which is 
soldered a PL259 plug. 


The choke consists of 15 turns of the RG58 coaxial cable wound on a 50mm diameter plastic former cut from the 
empty tube of a cartridge gun that previously contained silicone sealant - allowing a 30cm tail on to which the PL259 
plug is fixed on one side and and about 1.31 metre length on the other side that will form part of the radiating 
element. 


The half wave radiator therefore consists of a quarter wave bottom section of the RG58 cable and a quarter wave 
top section consisting of a length of multi-strand (single conductor) P.V.C. covered antenna wire. 


A quarter wavelength at the mid point of the 6 Metre band is: 300 + 51 MHz = 5.88 metres + 4 = 1.47 metres 


Due to velocity factor the actual length of the quarter wave sections will be shorter. With the materials that | used, | 
found that a factor of about 87% was about right, the 1/4 wave length being 1.29 metres. 


The top tip of the bottom 1/4 wave section of the coaxial cable is stripped of about 2 cm of outer sheath and braid 
leaving the length of braided section, measured from where it exits the coil, 129 cm long. The inner conductor is 
then stripped of 1cm of insulation. This is effectively the centre point of the dipole. To this point is soldered the 129 
cm length of the P.V.C. covered aerial wire to form the top half of the antenna. In practice, use a slightly longer 
length of wire, and then fold over the excess to for the 129 cm length - this can then be used to adjust for lowest 
SWR at 51 MHz. 


The length of the radiating section was therefore about 260 centimetres, plus about 13 centimeters for the coil 
former giving a total length of 273 cm. This allows about 27 cm of the bottom section of a 3 metre fishing pole to be 
used to fix to a supporting pole or mount - e.g. to the top of an aluminium mast. 


Drill four small holes in the choke former so that when the fishing pole is placed through the centre of the former it 
can be fixed to the pole using two cable ties. 


The radiating section (coax and PVC covered wire) is fixed to the top section of the fishing pole with good quality 
insulating tape. 


The aerial can now be temporarily fixed to the mounting pole using suitable brackets - taking care not to crush the 
delicate fibreglass! Connect the PL259 plug to the antenna feeder cable using an SO239 back-to-back coupler and 
test the SWR with an antenna analyzer or SWR bridge. The lowest SWR should be centred on 51MHz and be low - 
less than 1.5. My reading was 1.2. 


If the point of lowest SWR is significantly away from 51 MHz and/or the SWR at the band edges is too high (i.e. over 
2) then length of the radiator will need to be adjusted. If the point is too low in frequency, the antenna is too long and 
will need to be shortened. If the point is too high in frequency, the antenna is too short and will need to be 
lengthened. 

Adjustment can be achieved by pulling the coax through the coil to make it longer, or pushing the coaxial cable back 
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into the coil to make it shorter. Also ensure that the coil winding are adjusted to that they remain tight and neat. The 
top PVC covered wire section will also need to be lengthened or shortened accordingly by adjusting the folded over 
section. 


Note that in practice, to obtain the very lowest SWR, the top PVC covered wire section may need to be slightly 
longer by perhaps 1 or 2 centimetres. This is probably due to the fact that the velocity factor of the PVC covered 
antenna wire is a little greater than the coaxial cable. 


Once the antenna is adjusted correctly, ensure that the wires are securely taped to the fishing pole. Connect the 
permanent antenna feeder to the aerial using the SO239 coupler and weatherproof the joint thoroughly using self 
amalgamating tape. Use the very best quality coaxial cable possible to ensure lowest loss. | use Westflex 103, but 
consider MIL Spec RG8 or RG213 as the minimum standard. 





50 MHz Coaxial Dipole / Controlled Feeder Radiation Antenna / 'Flowerpot Antenna 
A physically end fed fed half wave dipole antenna for 6 Metres 
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Choke Coil - 15 turns of the RG58 coaxial cable on a 50mm diameter former 


VHF Band II Broadcast Band antenna for 88 to 108MHz - 
Physically end fed, Coaxial Dipole / Controlled Feeder Radiation Antenna (CFR Dipole) for VHF broadcasts 


| used a 2 metre long length of 25mm white plastic pipe, strengthened with with a 2 metre length of 21.5mm 
overflow pipe pushed up the inside. 


The radiating element is made from good quality 75 Ohm coaxial cable. Since VHF/FM broadcast tuners are 
designed to be fed with 75 Ohm coaxial cable, use high quality, low loss double shielded satellite grade coaxial 
cable for the feed between the aerial and the radio tuner. Use satellite F type connectors and joiners for lowest loss. 


The top half of the radiating section is 670mm of the centre conductor (or a length of multi-strand PVC covered 
wire). The bottom half of the dipole is 650mm of the complete coaxial cable - choked off at the bottom by the coil 
section. The top part is held in place by a a short length of thin nylon cord, trapped in place by the top PVC cap. 
The cap itself is sealed on the outside by some self amalgamating tape. 


The choke coil is 22 turns of the 75 Ohm coax wound around the 25mm pipe. Tightly spacing the windings of the coil 
will minimize the bandwidth covered but provide the lowest SWR at the centre point. A looser winding of the coil will 
widen the bandwidth covered, but lowest SWR achived will be a little higher. 


Once the tuning of the radiating elements, coil winding and band coverage has been checked with an Antenna 
Analyzer, the coil section should be covered with heat shrink, taking great care not to overheat and deform the 
plastic pipe. 


The actual final dimensions (as shown below) may well need some adjustment in length due to differences in cable 
and type of pipe used. However, with the dimensions shown, | achieved a minimum SWR of 1.3 at 97.4 MHz. The 
band edges at 88MHz and 108MHz were at an SWR of around 3.8 to 4.0 - which is probably OK for broadcast band 
reception. The frequency of lowest SWR can can be changed, if desired, by changing the lengths of the radiating 
sections - slightly longer for a lower frequency and slightly shorter for a higher frequency. 
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Coaxial Dipole for the 88 to 108 MHz Band II Broadcast Band 
An effective, cheap and simple vertical antenna that is fed at its base 


RSGB RadCom Articles: 

The Controlled Feeder Radiation Dipole. Peter Dodd. RadCom, September 2012, page 22. 

More On The CFR Dipole and Coax Chokes. Peter Dodd. RadCom, October 2012, page 54. 

VHF CFR Dipoles and More on Common Modes Chokes. Peter Dodd. RadCom, January 2013, page 24. 


The HAK Chokes Coaxial Dipole. Encouraging results from 2m to 20m. Peter Grant. RadCom, April 2013, page 22. 


Join the RSGB to receive your monthly RadCom magazine: http://rsgb.org/main/publications-archives/radcom/ 





VK3TWO / VK6TWO Comments: 


Many years ago when | was working for a Service Centre, by accident we broke a commercial white stick antenna 
whilst using it for a task it wasn't intended for. | found that inside the fairly expensive commercial antenna the basis 
for the design was very similar to the coaxial dipole (as | call them). 


Our local repeater club calls them "pogo sticks", which | can only assume is due to the coax coil resembling the 
spring of a pogo stick. This design had RG213 being fed inside an aluminium tube (the bottom radiator), and the 
outer braid was then terminated to this. The inner of the coax, then terminated to an identical aluminium tube which 
was of course the top radiator. Where this design largely differs, is that there was also a 1/4 wave stub of coax 
running parrallel with the bottom radiator (note that this was for single band operation, not dual band). The whole lot 
then slid inside the typical white tapered fibreglass housing. | didn't cut open the bottom mounting section to see 
how it was choking the RF, but | assume it had a handful of ferrites inside the metal base (an alternative way of 
making the RF choke). 


The repeater group has built probably hundreds of these and sells them for $40 at local hamfests. We had a ‘Jig' 
made so that all of the measurements were 'pre-marked' etc, and allowed us to mass manufacture them. Last year, 
we had planned the typical 'working bee' to make about 30 of them, but this time we had a very expensive Anritsu 
Sitemaster at our disposal. We discovered that the whilst the design we'd used for decades had a good SWR, it 
actually was far from optimal. With a heap of 'trial and error’ (and with excellent visibility of what was really going on 
via the Anritsu - not just SWR) we were able to fine tune the design. 
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From memory, we actually needed more turns of the coax than we had been using (10.5 turns from memory), and 
our cutting measurements altered slightly. As to be expected, the number of turns was largely dependent on the size 
of the conduit being used, even changing from 25mm to 30mm etc. 


We took several screenshots of the final SWR plots etc. These showed that the bandwidth of this antenna as VERY 
wide from an SWR point of view. I'll see if | can dig some of them up for you if you'd like. 


73, Heath, VK3TWO / VKETWO 
MEngSc, GDipCompSc, DipEE 
www.spooktech.net 


http:/Awww.warg.org.au - The West Australian Repeater Group Inc (WARG) is the largest amateur radio club in 
Western Australia (VK6). 


D.I.Y. J-Pole Antennas - A really simple, quick and very cheap 'home brew' project J-Pole 
Antennas 


J-Pole antennas for 2 meters, 4 metres, 6 metres and 10 metres : 


While experimenting with antennas in the garden in the summer of 2012 | thought that it would be good to have a 
hand-held radio in the shed to do some monitoring and make a few contacts. To improve upon the performance of 
the 'rubber duck’ antenna | quickly made a J-Pole antenna for the 2 metre band. 


It is made from a 47cm length of 450 ohm Wireman ladder line as the 1/4 wave matching section, plus a 97cm 
length of stranded wire as the 1/2 wave radiator. It is fed with 3 metres of Mil spec RG58 c/u coaxial cable that is 
soldered to the 1/4 wave matching section's impedance matching point at 3.5 cm from the bottom. The coax feeder 
is wound around some PVC tube to form a choke. The completed antenna is taped to a 2.2 metre long fibreglass 
fishing pole that | purchased from Poundland (for £1.00). It took about 20 minutes to make followed by some testing 
and adjustment with the antenna analyser. The fishing pole is lashed to the shed with some cable ties. 


This simple antenna works pretty well, but being so low down signal strengths are not huge, but it's pleasing to get 
on the air with something so simple and cheap! 
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The Shed Antenna - a 2m J-Pole by MOMTJ 
Note the simple choke balun at its base made by winding 8 turns 
of the coaxial cable around a small off cut of white PVC water pipe. 
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The feed point of a J-Pole antenna made from Wireman 450 ohm ladder line. 
For the 145 MHz antenna this feed point is 3.5 cm from the bottom of the ladder line section which 
is on the right hand side in this photograph. The coaxial cable used in this case was Mil spec 
RG58 c/u. But any good quality, low loss 50 ohm coaxial cable could be used. The wire 
radiator section is connected to the same conductor of the ladder line as the coaxial cable's 
centre conductor. For my antenna, fixed to a fibreglass fishing pole, the radiator wire was 

97cm in length. 


Top of 1/4 wave matching section 


Wire radiator section 


450 ohm ladder line 
Soldered joint WZ 


Photograph showing the point where the PVC covered wire that forms the half wave radiator section 
is soldered onto the top of the 450 ohm ladder line that forms the quarter wave matching section. 


Inspired by DK7ZB. The J-Pole is a very effective antenna and being made of wire it is very light weight making it 
quite easy to fix in different positions. If you have problems installing a permanent antenna then making a wire 
antenna that can be easily supported on a lightweight push up telescopic fishing pole can make an ideal alternative. 


The formulas to make a J-Pole antenna from 450 Ohm Wireman ladder line in this way are: 


Length of 1/4 wave impedance matching section (450 ohm ladder line) Wavelength x 0.223 

Length of 1/2 wave radiator (any reasonably strong PVC covered stranded wire) Wavelength x 0.471 

The point at which the coax is connected to the 450 ohm ladder line will be about 5 to 10% of the length of the 
ladder line section up from the bottom. 


The wavelength at mid point of the 2 metre band (145.00 MHz) is found by the quick calculation 300 + 145 = 2.068 
metres 


So, to make a practical antenna: 


The 1/4 wave section of 450 ladder line will be 2.07 x 0.223 = 0.47 metres long 

The 1/2 wave wire radiator will be worked out as 2.07 x .471 = 0.975 metres long 

The connecting point of the coax will be about 3.5 cm from the bottom of the 1/4 wave section. The optimal point 
may have to be found by some experimentation - as will the best length for the wire radiator. 


The length of the wire radiator will be affected by surroundings. For example | fixed the wire to a fishing pole. The 
proximity of the fishing pole has the effect of electrically lengthening the wire; so using a 97.5cm length of wire fixed 
to a pole | found that it resonated (as expected) at a lower frequency, it therefore had to be shortened until the point 
of resonance (indicated by lowest SWR) was around 145.00 MHz. This should be done in the antenna's expected 
final position since the J-Pole is quite sensitive to its surroundings, so if these checks are done near the ground, 
once it is raised into its final position the SWR will have changed and the adjustments will have to be done again. 


| found that 3.5 cm was good for the 2 metre band antenna, but for the 10 metre band version of the antenna a little 
more experimentation was required: 


The VSWR reading may not be especially low, even though the point of resonance for the wire radiator may have 
been found. For the 10 metre band antenna at this this stage was about 1.7 indicating that the connection point of 
the coaxial cable to the 450 ladder line needs to be adjusted. The ladder line is used as an impedance transformer, 
transforming the very high impedance (hundreds of ohms) of the half wave wire radiator down to the 50 ohms 
required by the transceiver and the coaxial feeder cable. This connection point therefore affects the impedance of 
the antenna, the higher up the matching section it is the higher the impedance will be, and visa versa. 


http://www.mds975.co.uk/Content/amateur_radio_antennas_05.html 16/19 


10/30/2017 


Antennas and Aerials 5 by MOMTJ, CFR Flowerpot Antennas, J-Pole Antennas 


Once the length of the wire radiator has been set, the connection point can be moved up and down the ladder line 
until lowest SWR is achieved. A few centimetres of the PVC insulation has to be carefully scraped away from the 
copper conductor on each side of the ladder line using a craft knife. The inner conductor of the coaxial cable is 
quickly tack soldered on the side that is connected to the 1/2 wave wire radiator. The coaxial cable's braid is quickly 
tack soldered to the opposite side of the ladder line at this point, ensuring that both points are equal distance from 
the bottom. At this point temporary croc clips could be used, but | preferred a quick solder joint. 


With radiator trimmed for resonance, the connection point of the coaxial cable can then be moved up or down the 
ladder line little by little; un-soldering and re-soldering the coax to the ladder line until a lowest possible SWR is 
achieved, indicating that the antenna is near the ideal 50 ohm impedance. 


Once the ideal point is found the coaxial cable can be properly and permanently soldered to the ladder line. 


MFJ HF/VHF SWR ANALYZER 
MODEL MFJ-259B 











MOMT] 





6 Metre Band J Pole on the antenna analyser - it's getting close! 


Each J-Pole took about 20 minutes to physically make out of the wire components. However the testing and 
adjusting took a bit more time. | used an antenna analyser which saved having to key the mike every time when 
using a basic VSWR bridge and causing unnecessary QRM, but even so, hoisting the fishing pole up and down 
numerous times took a little more time: 


10 Meter J-Pole. For the 10 metre band J-Pole antenna this took perhaps another 20 or 30 minutes until | was 
satisfied with the adjustments. It may take a little longer if using an SWR meter. 


6 Meter J-Pole. For the 6 metre band antenna the radiator wire had to be trimmed a little and the feed point 
adjusted to 6 cm, taking about 10 additional minutes to complete. 


4 Metre J-Pole. For the 4 metre band, centred on 70.37 MHz 

2 Meter J-Pole. For the 2 metre band antenna the wire radiator took a couple of attempts to get it to the correct 
length when attached to a fishing pole, but the feed point was spot on first time at 3.0 cm, again taking about 10 
additional minutes to complete. 


Here are some suggested dimensions for the 2 metre, 6 metre and 10 metre band versions, when supported by a 
fibreglass fishing pole: 


Wire J-Pole Antennas 1/2 Wave Radiator 1/4 Wave Section Feed Point 


| 2 Metre Band Antenna | 0.975 m 0.47m 3.0 cm 
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4 Metre Band Anten 








| 6 Metre Band Antenna 








| 10 Metre Band Antenna 





























N.B. The 1/2 wave wire radiator section will be shorter than calculated when fixed to a fibreglass pole or other 


object. 


To re-cap, the 1/2 wave section should be adjusted for resonance and the feed point position adjusted for minimum 


VSWR. 


Sealing and waterproofing. Once the antenna is complete and has been checked and tested all the bare joints 





should be sealed against the weather with liquid electrical tape and self amalgamating tape. The coax should also 


be secured against the ladder line with a nylon cable tie as a strain relief to prevent the soldered feed point joints 


from breaking. 


These J-Pole Antennas were inspired by DK7ZB - http:/Avww.gsl.net/dk7zb/J_Pole/wiremanjpole.htm 
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Amateur Radio — wow 
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"Everything should be made as simple as possible, but not simpler." - Albert Einstein 


eG M@MTJ - Experimental (Almost) Omni-Directional - Circularly (Mixed) Polarized Antenna 
for 144 MHz / VHF / 2 Meters. 
QRM 


Bits 'n' Bobs Introduction and Background 


This is an experimental project that may lead to further development in the 
Contact future, but even as presented below, it does work and may prove very useful. 





WSPR | have therefore included this page of information so that you may can construct 
Weak Signal the aerial and develop these ideas further - either just out of interest and for the 


sake good old traditional Amateur Radio experimentation or for more permanent 


Propagation ; 
and practical uses! 


Reporter 





The idea was sparked by the fact that | had been toying with the idea of removing the rotator and dual-band 

horizontal Yagi from my lightweight push-up aluminium mast to reduce mass and visual impact. | certainly did not 
PORTABLE want to lose access to the horizontally polarized portions of the 2 Metre (144 MHz) or 70cms (432 MHz) bands, so 
Se decided upon trying an Omni-Directional, horizontally polarized aerial. 


Ais The question was which antenna would | use to replace the rotatable dual-band Yagi? 


MDS975 Home Due to the weight of the rotator, the lightweight aluminium mast could not safely be pushed up higher than about 6 


Feedback meters. Therefore, the Yagi on the stub mast was never much higher than 6 or 7 metres above the ground. A lighter 
areal weight omnidirectional aerial, without the heavy rotator, would allow the past to be pushed up to, perhaps, 8 or 9 
PLT QRM meters. Maybe even to its full 10 meters on a fine day! 


My thinking is that this additional height may compensate slightly for the loss of gain from the Yagi. The additional 
height would also benefit my vertical Coaxial Dipole for 6 Meters (50 MHz) which sits at the top of this mast. A small 


bonus. 
= | decided that | would try simple Halo antennas (HAIf wave LOop) and Big Wheel antennas for 2 Meters and 70cms. 


Circularly Polarized, Omnidirectional Antenna for VHF 2 Meters / 144 MHz 


However, before embarking on those particular experiments and possible future changes, | wanted to experiment 
with mixed polarization, or more correctly in this case, Circular Polarization - the subject of this project and article. 


Why? - Well, when the IBA (Independent Broadcasting Authority) began building transmitters for their Independent 
Local Radio (ILR) in 1973, they specified that mixed polarized aerials should be used used at each of their VHF/FM 
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transmitter sites, starting with Croydon for LBC and Capital Radio in London, then Black Hill for Radio Clyde in 
Glasgow and Lichfield for BRMB in Birmingham and the many other sites that followed. The aerial systems were 
either described as "Mixed", "Slant" or "Circular". 


The reason that mixed polarization was chosen was to improve reception on car radios and portable radios that 
generally used a vertical or slanted telescopic rod aerial. The BBC, at the time, used horizontal polarization for 
VHF/FM radio which was good for permanently installed roof-top receiving aerials, but provided poorer reception for 
listeners with portable sets and car radios. Some years later the BBC followed the IBA and began converting that 
majority of their transmitter sites to mixed polarization to improve reception and reduce mobile ‘flutter’ effects. 





| thought that | would like to experiment with mixed polarisation and took some inspiration from some of the more 
recent, and simpler, antennas that have been installed at commercial radio ("ILR") transmitter sites. Two examples 
are shown below, both from the Radio Wave transmitter site at Blackpool Tower. The original aerial and its more 
recent replacement. 





Prod aN 
Get on the air with 
TOP QUALITY 
BRITISH 
G-WHIP 
ANTENNAS 


Eee we ; “at: 

Original SBS transmitting aerial for 

Radio Wave Blackpool 96.5 MHz 
Photo from MB21.co.uk 








The newer antenna viewed from below 
Photo from MB21.co.uk 





What's Needed 


4 x 500mm lengths of 4mm diameter aluminium rod 
2 x Dipole Centres 
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6 x Solder Tags with 3mm diameter hole 

2 x Dipole Mounting Boxes - e.g. IP54 85 x 45 x 40mm 

2 x Stainless Steel Nuts, Bolts and Washers M4 x 20mm 

2 x Stainless Steel Nuts, Bolts and Washers M4 x 14mm 

4 x Stainless Steel Self Tapping Screws No. 4 (2.9mm) diameter by 9.5mm long 
1 meter of 20mm or 25mm Diameter PVC Pipe 

8 x Pipe Clamps to suit diameter of boom and diameter of supporting mast 

4 x Stainless Steel Nuts, Bolts and Washers 

2 x End Caps to suit diameter of PVC boom (i.e. either 20mm or 25mm) 

1 x SO239 Chassis Mount Socket 

500mm length of small diameter coaxial cable, e.g. RG188 A / U - 50 Ohms PTFE coaxial cable 
1 x piece of PVC tube for choke balun - 16mm diameter x 30mm long 

1 x length of coaxial cable for phasing section 

Some small self tapping screws to fix the pipe clamps to the boom 


These items will be available from many and various sources, but Nuxcom is a good supplier - 
http://shop.nuxcom.de/ 


The antennas essentially comprise of two Crossed Dipoles, set a 90 degrees from each other. In the first photo, the 
antenna can be seen to have one dipole positioned vertically and the other horizontally. The second photograph 
shows that the to dipoles are again set at right angles, but one slopes 45 / 225 degrees and the other at 315/135 
degrees. 


The two dipoles are connected to each other, but have to be fed with the current to each dipole 90 degrees out of 
phase. This is called phase quadrature. It is a very common method used for other types of antenna, such as the 
Turnstile which is often used for communication with satellites where circular polarization must be used. 


One dipole is connected directly to the coaxial cable. (| used Westflex 103 coaxial cable, for lowest loss, to feed the 
antenna). The second dipole has to be fed via a 1/4 wave (90 degrees) matching section. | had an off-cut of RG58, 
so used this for my initial experiment. 


A quarter wave at 145.00 MHz is 300 / 145 = 2.068m / 4 = 51.7 cm. However the Velocity Factor (VF) of the cable 
has to be taken into account because radio waves travel more slowly through transmission lines than the do through 
free space. 


Ideally | should have measured the VF with my antenna analyzer, however | took the typical VF of RG58 as being 
0.66. So 51.7cm x 0.66 = 34.1cm. | cut the cable to 34.1 cm and used this to connect the two dipoles together. 


Initially | cut the 4mm diameter aluminium rod into four 50cm long pieces and mounted them into the two dipole 
mounting boxes using the Nuxcom Dipole Centres. A small hole has to be very carefully drilled into the end of each 
rod to align with the fixing hole of the dipole centre. Then very carefully screw the 2.9mm stainless steel self tapping 
screws into each hole being sure not break off the head of the screws. When tapping these holes it is best to ease 
back and forth until the hole is successfully tapped. 


The dipole centres and pipe clamps are fixed to the box with the 20mm diameter M4 hex bolts, washers and nuts. 
The second pipe clamp is fixed to the box with the 14mm long M4 stainless steel hex bolt, washer and nut. 


Each mounting box is fixed to the boom by clipping on the pipe clamp. The two dipoles are mounted at right angles 
(90 degrees) to each other, approximately 335mm apart. Once the final adjustments have been made and the 
positions along the boom are decided, the clamps are held firmly in place by screwing them to the boom, as can be 
seen in the photographs below. 


Each dipole is then carefully bent into a semi-circle. 


The SO239 socket is then fitted to the box and the choke balun is wound and one end of the coaxial cable soldered 
to the socket and the other end fitted with the solder tags. The small 2.9mm x 9.5mm stainless steel self tapping 
screws are then used to fix the tags to the dipole centre. 


Now connect this dipole to an antenna analyzer (or SWR meter) and check the point of resonance. | decided to 
centre the aerial on 144.3 MHz. Almost certainly the dipole will be too long. | had to cut off 1mm of rod from each 
end. 


Once complete, do the same for the other dipole so that they are exactly the same size. 

Next, the phasing cable is prepared, as mentioned above. A suitable diameter hole is drilled in the end of the box 
opposite the SO239 socket and the phasing cable passed through this and soldered on to the two tags, as can be 
seen in the photograph below. 

A similar small hole is then drilled into the other dipole mounting box and the other end of the phasing coaxial cable 
is passed through this, two solder tags are soldered on to the end and then fixed into place on the dipole centre 
using the small self tapping screws. 
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Now connect the antenna analyzer again, using a few metres of low loss coaxial cable, and mount the antenna in 
some free space, preferably outside on a pole about two or three metres above the ground a. It will almost certainly 
be found that the point of resonance is now two low, so each dipole will now need to be carefully trimmed, cutting 
small and equal amounts off each of the four ends until the point of resonance is around 144.3 MHz. 


It should be possible to obtain an SWR of 1.5:1 or less across the 2 Meter band - to achieve this it may be 
necessary to move one of the dipole mounting boxes further away, or closer together to the other. Also, it may be 
necessary to bend the dipole rod of each dipole element inwards, or outwards slightly. | was able to achieve an 
SWR of 1:1 with an impedance of 50 Ohms according to the antenna analyzer. 


Once the adjustment were complete, | used 20 meters of Westflex 103 to connect the antenna to the Icom IC-706 
mk2g. A similar length of the same cable is used to connect the 5 element horizontal Yagi to the radio. A low loss 
coaxial switch was used to make instand comparisons between each antenna. 


| raised the experimental antenna to 8 meters above ground level on the telescopic pole and began to make some 
comparisons. 


My guess was that the experimental omni-directional circular polarized antenna would be noticeably inferior to the 
much higher gain, horizontal, directional Yagi. 


The Yagi has a quoted gain of 8.4dDBd (i.e. gain with reference to a standard dipole - not dBi). 


A standard straight dipole has a gain of 0 dBd. However if it used horizontally and is bent into a circle to produce a 
roughly omni-directional radiation pattern, then the gain must be reduced, so | assumed that the 'gain' must now be 
negative, perhaps -1 or -2 dBd. 


Additionally, being as this is a circularly (mixed) polarised antenna, the power is essentially divided in half across the 
horizontal plane and the vertical plane. i.e. another ‘loss' of 3dBd. 


Therefore the gain of the antenna may be assumed to be -5dBd (minus 5 dBd), i.e. about 1 S point down ona 
simple straight linearly polarized aerial and about 13 dBd down compared to the Yagi - i.e. about 2 or 3 S points 
worse. 


Here, at my QTH in Staffordshire, the Kent beacon on 144.430MHz on my 5 element Yagi is just audible, although 
there is no S Meter reading. | therefore did not expect to be able to hear it on the experimental antenna as it is so 
weak, but to my surprise, the beacon was still there - obviously a bit weaker, but still audible. That was an 
encouraging start! 


| therefore went ahead and made some QSO's with other stations who were using both vertical and horizontal 
polarization and also made some comparisons purely on receive. 


| therefore went ahead and made some QSO's with other stations who were using both vertical and horizontal 
polarization and also made some comparisons purely on receive. 


| haven't recorded enough data to draw truly meaningful conclusions. It's not scientific either. However, my 
impression from what | have recorded and from other general use is that the performance is broadly in line with my 
expectations - i.e. about 2 or 3 S points, or around 12dB, down on the Yagi. 


















































Fa (aaa (5 [cal (> ima (al sla (al 
or RX Aerial (Yagi) (Yagi) (Omni) (Omni) 
G3XEV [Sedgley [aso_|[ssB_|[v2000 Vertical $2-3 $7 S6-7 S7 

2WOJYN [Rhos [aso |[ssB [3 Ele Horiz Yagi S6 $9 $5 S7 

2WOJYN [Rhos [aso_|[ssB _ [Vertical Colinear S11 S1 $0 $0 

G8WEG [SWB'Ham |[RX [FM [Unknown (Vert?) _ ||N/A N/A $9+20 N/A 
MWOWML/p |[GWNwo012 |[QSO |[FM __||Vertical Dipole N/A N/A $9+10 $8 

G7HEM [Stourbridge |[QSO |[SSB_ [6 Ele Horiz Yagi S7 $9 $2 $3 

N/K [Burton [RX __|[SSB_ [Unknown (Horiz?) _|[S9 N/A $5 N/A 

| | | 



























































With particular thanks for John G3XEV and Steven 2WOJYN for their assistance with these initial tests! 


| hope this information is useful and may encourage you to experiment further and make some much better scientific 
comparisons! 


Oo, 
If you have any comments, please do email them to me via the contact page here. o 
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Detail showing the inside of the first dipole mounting box with SO239 socket and choke balun 


Nuxcom Dipole Centre for 4 mm dipole rods 
10 mm space between dipole rods 
Three holes: One in the middle for fixing the box on the boom. The other two for connecting the cable to the dipole 
rods. 
Length: 36 mm 

Space in the between rods: 10 mm 
Outer diameter: 8.4 mm 
Inner diameter: 4,1 mm 

Material: Polyamid 

http://shop.nuxcom.de/ 
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Detail showing the inside of the second dipole mounting box 


Detail showing how the dipole mounting box is fixed to the plastic pipe with pipe clamps and 
firmly secured in place with small self tapping screws. 
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Right angled mast to boom clamp made from four plastic pipe clamps 


Right angled mast to boom clamp made from four plastic pipe clamps 
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The coaxial cable is low loss Westflex 103 
(My HF Doublet antenna, fed with open wire balanced line can be seen in the background on the left) 
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IMPEDANCE 


a 27-70 0-27 
4, f-10 


biti” & a _ha4 


FREQUENCY 
MHz i 
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TROODON AND DINOSAUROID 
In the early 1980s, the American palacontologist Dale Russell 
bipedal, bird-like Troodon with grasping hands (left), might 
have given rise to an intelligent and human-looking 
descendant like the “dinosauroid* (right). 

Long fueaed 


Rounded head 
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a 


The Test 'Rig' comprised of a heavy duty Spiderbeam 12m fibreglass 


Circularly (Mixed) Polarized Antenna for VHF / ... 





telescopic pole with the antenna mounted approximately 8 meters a.g.l. 


If you have any comments, please do email them to me via the 


Antennas 1 | Antennas 2 | Antennas 3 | Antennas 4 | Antennas 5 | Antennas 6 | Antennas 7 


GWhip 


_Antenna_ 
Ato duets ~ 
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Wire Antennas for Ham Radio 


http://www. gsl.net/va3iul 





lulian Rosu YO3DAC / VA3IUL, 


Note: Dimensions of the antennas presented below are either in: feet ('), inch ("), meters (m), or centimeters (cm) 





01 - Tee Antenna 
02 - Half-Lamda Tee Antenna 





03 - Twin-Led Marconi Antenna 

04 - Swallow-Tail Antenna 

05 - Random Length Radiator Wire Antenna 
06 - Windom Antenna 

07 - Windom Antenna - Feed with coax cable 
08 - Quarter Wavelength Vertical Antenna 
09 - Folded Marconi Tee Antenna 

10 - Zeppelin Antenna 

11 - EWE Antenna 

12 - Dipole Antenna - Balun 

13 - Multiband Dipole Antenna 

14 - Inverted-Vee Antenna 

15 - Sloping Dipole Antenna 

16 - Vertical Dipole 

17 - Delta Fed Dipole Antenna 

18 - Bow-Tie Dipole Antenna 

19 - Bow-Tie Folded Dipole Antenna for RX 
20 - Multiband Tuned Doublet Antenna 

21 - GSRV Antenna 

22 - Wideband Dipole Antenna 

23 - Wideband Dipole for Receiving 

24 - Tilted Folded Dipole Antenna 

25 - Right Angle Marconi Antenna 

26 - Linearly Loaded Tee Antenna 

2/ - Reduced Size Dipole Antenna 

28 - Doublet Dipole Antenna 

29 - Delta Loop Antenna 

30 - Half Delta Loop Antenna 

31 - Collinear Franklin Antenna 

32 - Four Element Broadside Antenna 

33 - The Lazy-H Array Antenna 

34 - Sterba Curtain Array Antenna 

35 - T-L DX Antenna 

36 - 1.9 MHz Full-wave Loop Antenna 

37 - Multi-Band Portable Antenna 

38 - Off-center-fed Full-wave Doublet Antenna 
39 - Terminated Sloper Antenna 

40 - Double Extended Zepp Antenna 

41 - TCFTED Dipole Antenna 

42 - Vee-Sloper Antenna 

43 - Rhombic Inverted-Vee Antenna 

44 - Counterpoise Longwire 

45 - Bisquare Loop Antenna 

46 - Piggyback Antenna for 10m 

47 - Vertical Sleeve Antenna for 10m 

48 - Double Windom Antenna 

49 - Double Windom for 9 Bands 

50 - Collinear Trap Antenna 

51 - Short Dipole Antenna for 40m - 80m - 160m 





















































































































































52 - Center Fed-Zepp Antenna for 80m - 40m 
53 - All Bands Antenna 
54 - All-Bands Dipole Antenna 











147 - KE4PT OCEF All-Band Dipole 

148 - Wire Quad Antenna for 40m 

149 - Inclined Dipole Antenna for 80m, 40m 

150 - Pyramidal Wire Antenna for 80m 

151 - Random Wire Antenna All Bands 

152 - Multiband Dipole Antenna for 80m, 40m,15m, 10m 

153 - Slim Jim Wire Antenna for 4m 

154 - Delta Loop for 6m 

155 - Re-Configurable Antenna for 160m and 80m 

156 - Very Low Frequency Inverted-L Antenna 

157 - Reduced Size Half Sloper Antenna for 160m 

158 - Tree-Mounted HF Antenna 

159 - Multiband Vertical Antenna for 80m, 40m, 20m 

160 - Marconi Antenna for 136 kHz 

161 - Simple Killer Antenna for 40m 

162 - Stub-Directed V Antenna for 80m 

163 - KTONY Over-and-Under DX Antenna for 20m 

164 - Horizontal Loop Antennas 

165 - Ribbon J-Pole for 2m 

166 - Dual Band Ribbon J-Pole for 2m, 70cm 

167 - Square Vertical Loop Antenna for 40m 

168 - Tri-Band Quad Antenna for 20m, 15m, 10m 

169 - 3D Quad Antenna for 80m, 40m, 20m, 15m, 10m 

170 - Sloping Wire Antenna for 30m, 20m, 17m, 15m, 12m, 10m 
171 - Broadband Dipole Antenna with Coaxial Resonator for 80m 
172 - Resonant Feedline Dipole Antenna for 80m 

173 - Dual-Band Loading Wire Antenna for 80m, 30m 

174 - Stub Matching Antennas 

175 - J-Style Vertical Wire Antenna for 10m 

176 - Dual Band Vertical with Zepp Feeders for 40m, 20m 
177 - RCA Double Doublet for 40m to 12m 

178 - RCA Spiderweb Antenna for 40m to 6m 

179 - Folded Dipole with Shorted Straps 

180 - Twin-Lead Marconi Antenna for 160m, 80m 

181 - Broadband Antenna Quarter-Wave Balun for 80m 

182 - Three-Quarter-Wave Folded Doublet for Dual-Band 
183 - Three-Quarter-Wave Folded Doublet No-Switch for Dual- 
Band 

184 - Wideband Omni-Directional Discone Antenna 

185 - Wideband Rhombic Antenna for 40m to 10m 

186 - Pre-Cut Linear Array Antenna 3dB-Gain for 40m 

187 - X-Array Antenna 6dB-Gain for 20m, 15m, 10m 

188 - Double-Bruce Array Antenna 5dB-Gain for 20m, 10m 
189 - Bi-Square Broadside Array 4dB-Gain for 20m, 15m, 10m 
190 - Six-Shooter Broadside Array 7.5dB-Gain for 20m, 15m, 
(10m 

191 - Triplex Flat-Top Beam 4.5dB-Gain for 20m, 15m, 10m 
192 - Dual-Band Tilt Antenna for 20m, 10m 

193 - Super Space Multiband Dipole Antenna for 80m to 10m 
194 - Bi-Square Beam Antenna Gain=5.5dB for 10m 

195 - Cousin of GSRV Multiband Antenna for 40m to 10m 
196 - Cayman Quad Antenna for 20m 

197 - Hentenna Gain=3dB with Bazooka Match for 6m 






























































































































































198 - X-Beam Antenna Gain=3dB for 20m 
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55 - Multiband Z Antenna 199 - Twin Delta Loop Antenna Gain=6dB for 160m, 80m, 40m 
56 - Multiband Dipole Antenna 200 - Inverted-V Beam Antenna for 30m 

57 - Five-Bands No-Tuner Antenna 201 - FD4 Windom Antenna for 80m, 40m, 20m, 10m 

58 - Dualband Full-wave Loop Antenna for 80m-40m 202 - Two Elements Phased Delta Loop for 40m 

59 - Loop Antenna for 10m 203 - Three Elements Wire Yagi for 10m 

60 - Lazy Quad Antenna for 10m 204 - Low Radiation Angle Full-Wave Loop Antenna for 80m 
61 - Tri-band Delta Loop Antenna for 80m - 40m - 30m 205 - Collinear Antenna Gain=3dB for 2m 

62 - Dual-band Loop Antenna for 30m - 40m 206 - X-Ray Monoband Antenna Gain=6.5dBd 

63 - Wire-Beam Antenna for 80m 207 - Broadside Collinear Curtain Array for 20m 

64 - Dual-Band Sloper Antenna 208 - Shrunk Loop Antenna for 80m, 40m 

65 - Inverted-V Beam Antenna for 30m 209 - A/3 Multiband Dipole for 40m, 20m, 17m, 15m, 13m, 10m 
66 - ZL-Special Beam Antenna for 15m 210 - K3LR Sloper Antenna Gain=3dB for 160m 

67 - Half-Sloper Antenna for 160m 211 - Mini Folded Vertical Monopole Antenna for 160m, 80m, 40m 
68 - Two-Bands Half Sloper for 80m - 40m 212 - Three Band Dipole for 80m, 40m, 20m 

69 - Linear Loaded Sloper Antenna for 160m 213 - Stub Matched Dipole Antenna 

70 - Super-Sloper Antenna 214 - Inverted-Vee Antenna with Bazooka Match 

71 - Tower Pole as a Vertical Antenna for 80m 215 - Multiband Long Wire Antenna for 40m, 20m, 15m, 10m 
72 - Clothesline Antenna 216 - Converted Vee Antenna for 80m, 40m 

73 - Curtain Zepp Antenna for 160m, 80m, 40m 217 - Swiss Quad Antenna for 20m, 15m, 10m 

74 - Collinear Array Antenna for 40m, 30m, 20m 218 - Japanese Quad Antenna for 20m, 15m, 10m 

75 - 160m Inverted Delta Loop 219 - Seven-Elements Triangle Beam Antenna for 20m 
76 - Half Rnombic Unidirectional Vertical for 20m to 6m 220 - Log Periodic Wire Antenna for 40m 

77 - Capacitance Loaded Vertical Antenna for 160m 221 - Three-Elements 90-degrees Wire Beam for 20m 

78 - Fan Dipole Antenna for 80m to 6m 222 - Two-Elements Wire Beam for 20m 

79 - Wire Ground Plane Antenna 223 - Suitcase-Fit Dipole Antenna for 80m, 40m, 20m 

80 - Inverted Delta Loop Antenna for 160m 224 - Multiband Coaxial Dipole for 80m, 40m 

81 - Inverted-L for 160m 225 - Vertical Log Periodic Antenna for 80m, 40m 

82 - 3000hm-Ribbon Dual Band Dipole 226 - Inverted Vertical Log Periodic Antenna for 40m 

83 - Tri-Band Beam for 20m, 15m, 10m 227 - Double Extended Zepp Antenna Gain=7dB for 15m 
84 - Mini-Horse Yagi Antenna 228 - Double Lazy-H Antenna G=10dB for 70cm 

85 - Backpack J-Pole Antenna for 10m, 6m, 2m 229 - Wire Log Periodic Antenna G=12dB for 15m, 20m 
86 - Fan-Dipole Antenna for 80m, 40m, 20m 230 - Five-Elements Vertical Log Periodic for 80m, 40m, 20m 
87 - Capacity Tuned Folded Loop Antenna for 20m 231 - Sloping Delta Loop Antenna for 40m 

88 - Indoor Loop Antenna for 80m to 30m 232 - Doublet Antenna for 160m 

89 - Indoor Loop Antenna for 80m 233 - Log Periodic Wire Beam for 40m 

90 - Double-Delta Antenna 80m and 40m 234 - G3LDO Wire Beam Antenna for 20m, 15m, 10m 

91 - Inductance-Loaded Shortened Dipole for 160m 235 - Phased Delta Loop Array for 20m 

92 - V-Beam Antenna for 15m 236 - Dual Band V-dipole for 80m, 40m 

93 - Picnic Vertical Wire Antenna 237 - Collinear Array 5dB-Gain for 15m 

94 - Laid-Back Quad Antenna for 80m 238 - Two-Band Quad Loop Antenna 80m, 40m 

95 - Phased Loop Antenna 239 - K7CW Quad Antenna 

96 - Loop Antenna for TX for 160m 240 - Broadband Short Dipole for 80m 

97 - Morgain-Dipole Antenna for 160m and 80m 241 - Off-Center Fed Dipole for 40m, 20m, 10m 

98 - ZL-Special for 20m, 15m, 10m 242 - Broadband Sloper Antenna for 80m 

99 - Biconical Antenna 243 - Two-Frequency Dipole Antenna for 80m 

100 - Directive Delta-Birdcage Antenna for 20m to 10m 244 - Top Loaded Vertical Antenna for 160m 

101 - Dual Polarization Antenna for 80m and 40m 245 - Two Loop Beam Antenna for 20m, 15m 

102 - Directive 300-ohm-Ribbon Folded Dipole for 15m 246 - Corner-Fed Delta Loop Antenna for 80m, 40m, 20m 
103 - Miniature Directive Antenna for 10m 247 - Loaded Delta Loop Antenna for 40m, 20m 

104 - Biquad Antenna 12dBi-Gain for 2.4GHz 248 - Compact Size Dipole for 80m 

105 - Dual-Rhomboid Antenna for 435MHz to 870OMHz 249 - JAWS 3dB Gain Antenna for 40m 

106 - Double-Bazooka Antenna for 80m 250 - Inverted-V Antenna for 160m 

107 - J-Style Antenna 251 - Lazy-U Antenna for 160m 

108 - Vertical / Horizontal / Circular Polarization Antenna | 252 - AF3V Compact Antenna for 160m 

109 - Coax Inverted-L Antenna for 80m 253 - Hot Beam Wire Antenna for 40m 

110 - Indoor Compact Loop Antenna for 80m 254 - Sloping Delta Loop for 40m 

111 - Helix Antenna 255 - K6FD Multiband Antenna with T-tuner 

112 - Novice Vertical Antenna for 80m, 40m, 15m, 10m 256 - Dual Band Dipole Antenna for 17m, 10m 

113 - Stub-Loaded Shortened Dipole for 80m 257 - Compact Travel Dipole Antenna for 10m, 15m, 20m 
114 - Six-Band Wire-Stub Trap Antenna for 40m-10m 258 - End-Fire Antenna for 160m, 80m, 40m, 20m 

115 - Multiband Half-Wave Delta-Loop Antenna 259 - Four Band Loop for 40m, 20m, 15m, 10m 
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116 - Hybrid Vee for 20m, 17m 

117 - Six-Shooter Array Antenna, Gain=7.5dB 

118 - Multiband Ground-Plane Antenna for 10m, 15m 
Om 

119 - Wire Superbeam Antenna for 10m, 15m, 20m 
120 - Two Elements Delta-Loop Antenna 

121 - Sterba Curtain Antenna 

122 - Half-Wave Vertical Zepp Antenna 

123 - Lazy-Loop Antenna for 40m 


124 - Terminated Folded Dipole for 80m, 40m 
125 - Short-Fat Antenna for 15m 


126 - Cobra Antenna for 80m 
127 - Log-Periodic Wire Antenna for 20m, 15m, 10m 


128 - 5-Element Log-Periodic Vertical Antenna for 80m, 
Om, 20m 


129 - 2m Vertical Wire Antennas 

130 - Earth-Mover Inverted-V Antenna for 40m 
131 - Coax-Cable Collinear Antennas 

132 - Double Bobtail Antenna for 20m 

133 - Collinear Zepp Antenna 

134 - Taylor Vee Antenna for 20m 

135 - Collinear Vertical Antenna 6dB-Gain for 2m, 1.3m 
73cm 

136 - Bi-Loop Antenna for 20m 

137 - Wire Beam 6dBd-Gain for 10m 

138 - Sloping Diamond Antenna 4dB-Gain for 40m 
139 - Twisted Loop Antenna for 160m 


140 - DX RX Loop Antenna for 160m 
141 - Hentenna 3dB-Gain for 10m, 6m, 2m 











142 - VK2AAR Wire Antenna for 20m 
143 - 2-Elements Quad Antenna for 6m 
144 - Hula-Loop Bidirectional 6dB-Gain Antenna for 17m 


145 - Moxon Rectangle Beam for 15m-10m 
146 - Double-D Beam 4dB-Gain 
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260 - Carolina Windom Antenna for 80 to 10m 

261 - Shortened Loaded Dipole for 40m 

262 - Shortened Loaded Dipole for 80m 

263 - Low Radiation Angle Inverted Delta Loop for 80m 
264 - Compact Dipole Antenna for 40m, 15m 

265 - Vertical Delta Loop for 40m to 10m 

266 - Delta Loop Antenna for 17m 

267 - Bi-Square Beam Gain=3dBd for 17m 

268 -Trap Dipole Antenna for 17m,13m 

269 - Hanging Unipole Antenna for 160m, 80m 
270 - Wideband Sloping Vee Antenna - 30m to 6m 


2/1 - 5/8 Wavelength Antenna 
272 - C-Pole Vertical Antenna 


273 - Bobtail Antenna for 30m 

274 - Bobtail Antenna for 40m 

275 - Two Elements Vertical Loop Antenna for 40m 
2/6 - Double Extended Zepp Antenna for 40m 

2/7 - Reversible Moxon Flip Beam for 40m 


278 - Spitwire Antenna for 40m 
279 - Fork Antenna for 40m 


280 - Veebeam Antenna 3dB-Gain for All Bands 
281 - Vertical Moxon Antenna for 10m 

282 - Half-Square Antenna for 30m 

283 - Rotatable Vertical Delta Loop for 20m 

284 - Mini-Horse Antenna 10dB-Gain for 40m-to-2m 
285 - Compact Moxon Antenna 5dB-Gain for 40m 


286 - Two Elements Sloping Delta Loop 8dB-Gain for 10m 
287 - Two Elements Phased Vertical Antenna 3dB-Gain for 40m 





01 - Tee Antenna 
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WIRE RADIATOR ELEMENT 
(TYPICALLY 10 TO 40 METERS) 


END INSULATOR ROPE 


_ a 
! 


END INSULATOR 





DOWNLEAD~ 


he LIGHTNING 


ARRESTOR 
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02 - Half-Lamda Tee Antenna 


$< 


meters 


MHz 


meters 
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04 - Swallow-Tail Antenna 
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WIRES: 




















GARTH ——“ 
CONNECTION 





05 - Random Length Radiator Wire Antenna 


RANDOM LENGTH pee 
RADIATOR WIRE TN _— 
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06 - Windom Antenna 
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07 - Windom Antenna - Feed with coax cable 
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[]* 4:1 BALUN 


END oR TRANSFORMER | 
END 
http://www.qsl.net/va3iul a Coe INSULATOR 





08 - Quarter Wavelength Vertical Antenna 
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10 - Zeppelin Antenna 


http://www.qgsl.net/va3iul/Antenna/Wire%20Antennas%20for%20Ham%20Radio/Wire_antennas_for_ham_radio.htm 


6/127 


1/10/2018 


Wire_Antennas_for_Ham_Radio 


END 
INSULATORS RADIATOR WIRE 
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11 - EWE Antenna 








Bw 
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u 
Tt 
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12 - Dipole Antenna - Balun 











——n ia 





TRANSFORMER 


_-— COAXTO RECEIVER 
it OR TRANSMITTER 
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13 - Multiband Dipole Antenna 







1:1 BALUN ——” i 
TRANSFORMER 


COAX TO RECEIVER 
«~  ORTRANSMITTER 
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26 FEET {7.93 M) 26 FEET (7.93 M) 
22.25 FEET (6.78 M) { 22.25 FEET (6.78 M) 
; P 19.5 FEET (5.94 M 





14 - Inverted-Vee Antenna 
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http://www. qsl.net/va3iul MAST 
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15 - Sloping Dipole Antenna 
Ke http://www.qsl.net/va3iul 
« f — ROE 
SY 
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STRUCTURE 
— 
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16 - Vertical Dipole 
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OVERHEAD SUPPORT http://www.gqsi.net/va3iul 
EEN FI SEL 
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I END 
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END 
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17 - Delta Fed Dipole Antenna 
l~— A 
« B al l, _ B 





A= 142/Frau, 
B = 54/Fryay, 
C = 45/Funyz 
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18 - Bow-Tie Dipole Antenna 











we 
“44 BALUN 
| TRANSFORMER 


W=049L 
L = 415 line. http://www.qsl.net/va3iul 





19 - Bow-Tie Folded Dipole Antenna for RX 
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20 -'Multiband Tuned Doublet' Antenna 
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21-- G5SRV.Antenna 
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22 - Wideband Dipole Antenna 
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TWIN-LEAD 
4 (ANY LENGTH) 
| 9:1 BALUN XFMR 
_— COAX TO 
http://Awww.qsl.net/va3iul RECEIVER 





23 - Wideband Dipole for Receiving 


l, 67m | l. 122m Heel 122m sl le 67m | 
- ae sia ai — 1 . 











LEGEND | 
i RL i 390 OHMS 
H NETWORK | : Et COAX TO RECEIVER ew 
} i ot —_ 
H ; END i | 
| C1 wsutator } “wee 
i uH 


| INSULATING 


SPREADER AL 
ee http://www. qsl.net/va3iul NETWORK 


24 - Tilted Folded Dipole Antenna 


L i L 
R1 
390 OHM 
| RESISTOR 
An. C 
2.99 

















W== 
Fyre 
i 54.3 4:1 cn 
== XFMR 
Pye 75-OHM COAX 


http://www.qsl.net/va3iul TO RECEIVER 





25 - Right Angle Marconi-Antenna 
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i, 
8 





http://www.qsl.net/va3iul 





26 - Linearly Loaded Tee Antenna 


ie ——_— 


(A/3) 


























A=— meters 

Pyar 

B=25cm 

= 75 

C= 4 C= = meters 

Py 

PARALLEL LINE 
| ANTENNA 


TUNING 
UNIT 


http://www.qsl.net/va3iul 





27 - Reduced Size Dipole Antenna 


ae ey 


mar 
<r 


ANTENNA 
TUNING 
UNIT 






http://www.qsl.net/va3iul 
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28 - Doublet Dipole-Antenna 


1/10/2018 



















http://www.qsl.net/va3iul 








B=— meters 
Pry 
32 

C=— meters 
Fynz 


4:1 BALUN 
8.8 


= meters e 
Pytr t 





75 OHM COAX TO 
RIG OR RECEIVER 





29 - Delta Loop Antenna 


L2 . 
http://www.qsl.net/va3iul 





L1=L2=L3= NS 








Vv 






QUARTER WAVELENGTH 
MATCHING SECTION 52 OHM COAX TO RIG OR 
(75 OHM COAX) RECEIVER (ANY LENGTH) 





30 - Half Delta Loop Antenna 


http://www.qsl.net/va3iul 


ae & 








. A ig: A iL -————»| | ___,___. 








TO RECEIVER 





http:/Awww.gqsl.net/va3iul 
a) 
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N |» 


600-OHM OPEN 
PARALLEL LINE 


http://www.qsl.net/va3iul 





32 - Four Element Broadside Antenna 


HALF-WAVELENGTH 
VERTICAL ELEMENTS (4) 
nN XR 
2 2 
1 a 
|_| BALUN 
COAX TO RIG 
OR RECEIVER 


N |» 





33 - The Lazy-H Array Antenna 





























| 
| 
| 
re ah i 
j + 2 2 >it 2 
4% 
+———... 
——< 
ee 
_- 
=, 


http:/Awww.gqsl.net/va3iul 


COAX TO 
RECEIVER 














34 - Sterba Curtain Array Antenna 
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pf pa] a 























A 
AEMR 75-OHM COAX 
Yn TO RECEIVER 
http://www.qsl.net/va3iul 
35 - T-L DX Antenna 
Ll = 53.2 meters : http://www.qsl.net/va3iul 
fanz ‘+ — Li- > 
39.8 : 
L2 = meters _ 
fMuz A 
L3 = S65 meters 
fz 
21.3 
l4=- 
!MHz 
Te 108. 
fz 
ihm 94.2 
fMuz 
L7 = 136. 
fMHz 


Ground Rods 
age” 









36 - 1.9 MHz Full-wave Loop Antenna 
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http://www.qsl.net/va3iul 132' 2-3/4" 







No. 14 wire 







132’ 2-3/4" 





132' 2-3/4" 









132' 2-3/4" 
Open-—wire 

or ladder line 

(any length) 








37 - Multi-Band Portable Antenna 
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22 /2 IN. SOLDER 4 WIRES TO ONE 
NYLON ROPE APPROX, COMMON LUG [ATTACH TO 
TIN, DIA. SEE V6 IN, DIA, SPACING BALUN WITH WING-NUT) 
METAL RING DETAIL B 








bp 

















NYLON ROPE = 
30 FEET 
V8 IN. DIA, 15 METER 10 METER Ste 
ANTENNA ANTENNA ANTENNA DETAIL A 
16 FT. TIN, TFT, V2 IN. 8 FT, 2 IN, 


ONE HALF OF INVERTED VEE ANTENNA (NOT DRAWN To SCALE) 
USE NO. 14 INSULATED BRAIDED ANTENNA WIRE 















V4 IN, 
Wooo oR 
PLASTIC 
OOWEL 
13/4 IN! S$ 3/4 IN.X 
(TYPICAL) 5/16 IN. 


OA. 40 METER 
ANT. WIRE 









V2 IN. WIRE 


DETAIL 
RIL BRAD NAIL 


HOLE tT THROUGH . 
an ANT. WIRE V8 IN. DIA. 
Re PREORILL 


NYLON 
TIGHT HOLE ROPE 
FOR NAIL) 


CUT AND 
FILE OFF 
PROTRUOING DETAIL A 
WAIL, TYPICAL 
SPACER 
ak 


oe 
TO 1 BALUN (1 KW) <¢ ~ “~BiRos 
DO NOT PUT METAL 

AROUND BALUN (USE 







ONE MAN 
PLASTIC CLAMPS) q SET-UP jf 
ae AMBCO OR PROCEDURE 
WOOO SECTION = ef | 


CUT TOP POLE 


SECTION HERE [apo sTOP scREW 





DO NOT 
6O THIS 
ode SECTION TO NEAR 
‘ PREVENT BINDING Steere ‘ 
. WHEN ASSEMBLED re] 
i Ado 3 cues 
aT 20 FOCT 
HEIGHT 
MALL QUICK \ SET AKT. 
DISCONNECT GUYS AFTER 
HOOKS (3 POLE IS UP } 
REQUIRED) 
COAX 
LEAD -IN 





Es TO 30 FT. POLE 
fe SECTIONS) SEE TEXT 















24 FT. X V6 IN, OIA, 
NYLON ROPE 
(3 REQUIRED) 










LARCE CHEAP PHILLIPS 
SCREWDRIVERS FOR ANCHOR 
POSTS AND | INCH CIA. METAL RING 
4 OW ENO OF EACH GUY ROPE 
(3 PLACES) 







http://www.qsl.net/va3iul sree 





38 - Off-center-fed Full-wave Doublet Antenna 


bo) 
to|> 


Rope _El 


EI Rope 







1:1 BALUN 


75-Q coaxial cable 





http://www.qsl.net/va3iul =~ 
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39 - Terminated Sloper Antenna 

























Rope http://www.gqsl.net/va3iul 
te El Wire antenna element (= YA at lowest frequency) 
q radial 
——» _ Direction of 
ft reception 
Coax to 
receiver 
if 
Ground 20 Goud 
— connection 
a 
1 _——_. as ie 
40 - Double Extended Zepp Antenna 
L;——— x; 
Rope EI El Rope 
= 
Ly 
600 103 
L “oo ¥ di, = = 
ee Pe lone) aco a 
http://www.gqsl.net/va3iul (4, = 150 0) 





41 - TCFTFD Dipole Antenna 


http://Awww.gqsl.net/va3iul 






: 1 
£3 3900 (noninductive) 











42 - Vee-Sloper Antenna 
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http://www.qsl.net/va3iul 










Coax 





R= 2700 
Lor 
R 








43 - Rhombic-Inverted-Vee Antenna 


http://www.qsl.net/va3iul 
A>h ——, 


A 


Direction of 
reception 


— 











al 
Vv 
i 
> 

> 





Rope EI Ri El_ Rope 





4:1 balun 


transformer Radiator 


Coax to 
transmitter 
EI = end insulator 


R = rope 
R, = termination resistor 
(noninductive) 


http://www.qsl.net/va3iul 





45 - Bisquare Loop Antenna 
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Each side is : 





480 
Fyn 












L site = 


- Matching section 


1:1 BALUN 
transformer 


52.0 Coaxial 
cable to receiver 


http://www. qsl.net/va3iul 





46 - Piggyback Antenna for 10m 


_— Existing Dipole __ 











Center 
Insulator 









insulator * 





Twisted Soft Copper Wire 


Wire 


1/2% 
_ 468 
f (MHz) 





*Should be Long Enough to 
Prevent Tangling 


http:/Avww.qsl.net/va3iul Existing Feed Line 


47 - Vertical Sleeve Antenna for 10m 
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1/4—) Whip 
(Approx. 8 ft) 





ice 1/4 
Sleeve of Copper 
Shielding Braid 
(Approx. 8 ft) 





http://www.qsl.net/va3iul 





48 - Double Windom Antenna 


to 
support f = 





to ~ 
support 50—2 Coax ¥ to 


http://www.qsl.net/va3iul 


De 
2 Do 
° ip 
5 22 
a a3 
= 





49 - Double Windom for 9 Bands 






si 4 http://www.gqsl.net/va3iul 
anchor 
at 
to 
— ~/ ground 
(169.85 ft) q anchor 
8.0m 
i (26.25 ft) 
to 
ies 
ground s 50—2 Coax 7 os 
anchor to TX y 


anchor groun d 
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50 - Collinear Trap Antenna 









Trap Trap 









12" ~ 12" 28.5" 1 21.2-MHz 14.2—MHz 





Lg 4 
14,.2—MHz 21.2—MHz 
Trop Trap 


3/4% ot 14.2 MHz ———_——»| 


—_—_————_ 1/4” at 3.7 MHz 





http://www.qsl.net/va3iul 


RG-8/U 
C1, C2—25-pf. 6000-volt disk ceramic. See text. . L,—Approx. 5 wH.—8 turns No. 18, 2‘/<-inch dia., °/s inch long, or 
L,;—Approx, 2 .H—4°%/« turns No. 18, 2'/«-inches diam., /e inch 9 turns No. 18, 2-inch diam. 16 tpi. See text. 
long, or 5 turns No. 18, 2-inch diam., 16 tpi. See text. Z;—1 to 1 balun. 





51 = Short Dipole Antenna for 40m = 80m - 160m 


4:1 Bolun or 


Center Insulator i 


18.3 Feet 11 Feet 32.2 Feet 32.2 Feet 11 Feet 18.3 Feet 





3.8—MHz 7—-MHz 7—MHz 3.8—MHz ~ 
Trap Trap Trap Trap 
3 Feed Line 
http:/Awww.qsl.net/va3iul to Radio 


j aN EY aN ES 





5 r 5 52 - Center Fed-Zepp Antenna for 80m - 40m 


http://www.qsl.net/va3iul 


ININD 


hi 


cisco is 1s fs eS) 


30° TV Mast 


A A SR SS SRS > SRS SR + 
ee 


9: Oe ee 





Me 


To Transmatch 








53 - All-Bands Antenna 
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http://www.qsl.net/va3iul 







65' 


"TV" Standoff 
Lag 


Ne. 14 Wire 


To bg 
Stub Stub 
Pole Pole 


Large Spike 


Concrete 
a ee | 




















Coexial Transmission Line 
http://www.qsl.netiva3iul (Any Length) 





55 - Multiband Z Antenna 
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http://www.qsl.net/va3iul 







AE A A a A a Aaa, 


et 


160-10 Meter 
& Tronsmatch 


56 - Multiband Dipole Antenna 





44’2” Insulated and 
Stranded Copper Wire 
44'°2" 


36'8" Twin Lead 


Run Twin—Lead (300 2) 


to a Point Near 
Transmitter 


A B 
Load Here (see text) 


72 £2" Of 
RG-58/U Cable 
Wound inte a 
3” Dia. Roll and 
Taped in Three 
Pisces 


RF Choke 


http://www. qsl.net/va3iul 


To Transmitter 





57 - Five-Bands No-Tuner Antenna 
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¢-—auims 


End Insulator 








End Insulator 


450-2 Ladder Line (41') 


1:1 Bolun 


Frequency SWR 
j 3.56 7.6:1 j 
Ei 2.4:1 
z 14.2 1.5321 
50-2 Coaxial Cable 18.1 2-4 
http://www.qsl.net/va3iul 24.9 1.521 
29 2.471 





“58 - Dualband Full-wave Loop Antenna for 80m-40m 


http://www.qsl.net/va3iul 





m= Feet (‘) x .03048 











e 75- Q RG- 58 Coaxial Cable 
r to Station 1/4% Transformer - 
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mas See 








3 turns, ! 
1' diameter http://www.gqsl.net/va3iul 





60 - Lazy Quad Antenna for 10m 


a 








SS Saas 


16' to Ground http:/Awww.qsl.net/va3iul 
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61-- Tri-band Delta-Loop Antenna for 80m - 40m - 30m 












Support 


Close-Up of Supports (see inset) 


Sereem Door 


Support Spring 


Rope 






ts 
Rv 






Insulator 


Strain Limit 
Loop 









Center 


Support insulator 


(see inset) 


Support 
(see inset) 


RG-58/U Quorter—Wave 
Matching Section for 
75 Meters 
(40.1 ft, including choke coil) 







Choke. Coil (5 turns 
approx, 1 ft diometer) 






RG-BX 


http://www.qsl.net/va3iul (ony length) 
to shack 





62 - Dual-band Loop Antenna for 30m - 40m 
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Weatherproof 


, insulator Block Connection 


Supported by 
Tree or Pole 


23' RG-11 
(Solid Dielectric) 
47’ Long 
Each Side 





Pt 


PL~- 258 and 
Two PL- 259s 
(Weatherproofed) 


Ceramic 
Knife 
Switch 





<? Insulator Insulator 


“Gp, y 
18" Tuning Wires to 


12’ Resonate Open Loop to Anchor 
- ot 10.125 MHz J 


http://www.qsl.net/va3iul 


a a eee 


005 
F (MHz) 





| he Total Length (in Feet) of Loop (at 40M) = or 141’ ; 2a 





63 - Wire-Beam Antenna for 80m 


of Fj \ http://www.qsl.net/va3iul 


ert, ‘ 
7 Guy Radius 
Guy Wire 4 to Anchor \ 















Back Truss 
Support 











16 Copper Wire \ 

1/4" Delrin ane oe \ 

Rod Spacers - I 

Paya i] Switch Box ot = 
Fy «Ground Level 
a 
\ ; 
Gronsrm Oe ed ee eS 
/ 
. #14 Wire beMad Rag if 





J ae } aN “ aN 


64. - Dual-Band Sloper Antenna 
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} http://www.qsl.net/va3iul 


RG- 8/U 


Transmission 


Line he 


INNNANNNAANANINO 












*= Insulotors 





65 - Inverted-V Beam Antenna for 30m 


Coaxial 1/4 
bs i RG-59/U — 
Nylon Rope Connectors 
4/2" PVC 
Pipe Boom 
1:1 Bolun 7 
75-2 1/4—2. Stub 
Coaxial 2 Pieces 
Cabie RG-59/U 


50-0 Bey 


Coaxial Cable 


to Shack http://www.gqsl.net/va3iul 


tay 





66 - ZL-Special Beam Antenna for 15m 


J ~ aS ES aS aS 
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http://www. qsl.net/va3iul a ae ——> 






Twin—Lead 
Stub ~_ 
Ne 


10° (see text) 





Coax to Rig 
100 oF 





/ ~ * 67 = Half-Sloper Antenna for 160m read 







http://www.qsl.net/va3iul 


Two Wires, Each 


130’ Long ~~ 





50—N to Xmtr 


Twin Leod = 





68 - Two-Bands Half Sloper for 80m - 40m 
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Center Conductor 


to Wire, Shieid ~~~. 
to Mast + 
















Any Length 509 


5 7 Coax to Shack 5 - : 
8.2 pH 
m2 eH < 
i {bh orn. 
: 80 pF raed : rae 


(R ont ot 7.2MHz) http://Awww.qsl.net/va3iul 


69 - Linear Loaded Sloper Antenna for 160m 


Connect Shield to 


http://www.qsi.net/va3iul Tower Leg with j 


, Strain __ 


; ; insulator Hose ‘Camp ; 
~ Slight Directivity ' 
——— 
Ae = ——“_ A = 
Ties 
8-1/2" | 
: Conductor 
6=1/2" 


eae, oS 





Coax Toped 
te Tower Leg 








\ 
No, 14 to 18 AWG 
Insulated, Stranded 
Wire 

















Electrical 
j Sail Connection 7 
Loops \ 
Soider and Tape 
= to Dowel : 
Monofilament 
j | No Electrical Fishing Line ( 
| Connection | 
| ——— 
Monofilament 
f ; Fishing Line 50-1 Coax to Radio bed ie ih : 
nm 
All Dimensions Approximete a= Teeter 
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70/- Super-Sloper Antenna 


1/4 Offset Shown 
Feedpoint 


http:/Awww.qsl.net/va3iul 








maximum 
Radiation 


Porositic Element 
Nonconductive 


Pole Spacing —’ 
a 


m0.02 to 0.042 Driven A 
Element ‘Tilt Angle / mn 


} a } a } ; j 





71.- Tower Pole as.a Vertical Antenna for 80m 









65—ft Radials 






75-9 
1/2-in. 
CATV Line 
to Shock 


(A) 
http://www. qsl.net/va3iul 
Matching Section 


RG-S9, 75 2 


RG-59, 75 0 


— 46 ft — 





72 - Clothesline Antenna 
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132 ft. for Base Frequency of 80 meters (3.5 MHz). 264 ft. for 160 








Midpoint 


Plastic Pulley 










Insulator Plastic Pulley 


300 2 Feed Line (ony length) 


6:1 Balun 


http://www.qsl.net/va3iul Coax to Transceiver (any length) 


, ; , 2 , ; , ; ; 





73 - Curtain Zepp Antenna for 160m, 80m, 40m 


ne Insulator Insulator —_— 
rap F rap 
42! with jumper 42! 42! with jumper 42" 
Cc > c 


Window Line Bird House 
SEM Detail 


Window Line 
to Shack 


I 

I 

i 

I 

I 

I 

U 

i 
80" 
ij] Ladder 
I Line 
i] 
| 
I 
I 
I 
I 
| 
i] 
I 
I 
a 


80’ 80' 


Single wire to 
160/80 meter Tuners 





70' Horizontal 70' Horizontal 
loading line loading Ene 
10' off ground 10° off ground 
= ee ee j 
SE ~ 
S 
ay 
Vertical ladder IIne shorted, — ~~ = Ladder Ilne to shack 
Single wire feed to tuning house 40 meter feed 
—————— RG8 to shack, 160/80 rneters 


http://www. qsl.net/va3iul 





74 A Collinear Array Antenna for 40m, 30m, 20m 
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j 40 meter Trap 40 meter Trap SAMA 
Open Insulator Insulator Insulator Open : 


Ladder Ine, equal lengths. 
Watch for phasing 
In-phase! 





http://(www.qsl.net/va3iul Relay Ladder Ine to 
shack 








Feed-thru Insulators 


= "Dog House" = 


50/75 Q UNUN avallable from 
Amldon Assoclates In elther kit form 
or completely wlred and tested. 


Radial System 


~*— Coax to Shack ¥ 
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76 - Half Rhombic Unidirectional Vertical for 20m to 6m 
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http://www.qsl.net/va3iul Tr 200 feet _ 4 ee 
216 feet 


Whe = 






50 2 Coax 
to Radlo 


3or4 3or4 
Short Radllals Short Radlals 





77 - Capacitance Loaded Vertical Antenna for 160m 


http://www.qsl.net/va3iul 





C1 — Variable capacitor, 0-1500 pF, 7 kV. of baa ei A and B trom segments 

A, B — Sloping segments of 66 foot, 4 inch C and D, 51 feet. 
pieces of #16 AWG enameled copper H — Any length of 50 © coaxial cable 

i wire soldered to the top of segments C (RG-213 in this case). The central j 

and D and forming a 45° angle. conductor must be soldered to C1, and 

C, D — 59 feet of 450 9 open wire or the braid to the ground radials. 
window line or, alternatively, two parallel | — Approximately 16 feet from ground to 
lengths of #16 AWG enameled copper lower ends of sloping segments A 
wire with a 1 inch separation. and B. 


E — 1 inch triangle formed by the bottom J — 60 feet from antenna top to bottom. 
ends of the open wire line. Solder them K — Ground radials, 60 ‘4 4 (the more 
tightly at the vertex and connect to C1. the better — 32 will form a reasonable 

F, G — Distance between the lower ends ground). 


J : j Se } - } . J 





78 - Fan Dipole Antenna for 80m to 6m 
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Mast 
Eye Bolt {Schedule 60 PVC) 


Spllt Bolt 
Connectors Center 


t Conductor 





Vents 


(j---— = 








i __ 


10 M, 8-4/4 ft 


Fence 


http://www.qsl.net/va3iul 








79 - Wire Ground Plane Antenna 


The lengths of all 3 sides 
is determined by the 


formula of a 1/4 wave Length (in feet)=, 234. ‘es 
ante: requency in Zz 


This antenna configuration 
will work for all 


frequencies from 160 meters 3 
to VHF. The vertical side uses the inner 


conductor of the coax. On the 
Budwig the is the side the shows 
a"“+" (plus sign). The outer 
(lower) legs use the outer braid 
or the "-" (minus sign). 


Generic Insulator Connection 


nner Conductor 


Transrnizion Line 
frorn Transrnitter 





http:/www.qsl.net/va3iul , . 
Coax to ZCVR or YMTR 
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80 - Inverted Delta Loop Antenna for 160m 





























= i fn J aos fx 
filled 3 HY EZ Ee et SY. 
pe 50/75 O UNUN available from “4 ; pie 
? Amidon Assoclates In ether kt form 
— wed od = —- or completely wled and tested. —- eS 4 =I 
| Eiihes | fie [ L1is 17 turns. 2.5 inches in diameter, ehh g Ey weve 
eae raid re: if Radial System A ies a ren: 
2 - 2 —<— Coax to Shack g 2 
ours http://www.qsl.net/va3iul pe ie 
lets Fe OW aie led OF dled iF Gilles 1 EE 
j i ES SB pie — 84 - Inverted-L for 160m. rt Ee SEZ i ES Spa 
= ? - p 
Pere. iar i Es fe 
ak =F iB a an =A eal Pare Nat pe at ally Dipole ole re = ad re a 
fs Wis : “134 ft Se vi Es af 
j uate) 26 Re See | ; 67i{t | Sp ju ue SE 
, ee ath , 1 30082 ribbon | es 
ie Giicggeiae tn Openend | Openend fit 
, j Shorting tink Shorting link 
f ; Prd SES fae | ‘ as fae 
if ; i z A } Any | : A i A 
g: U http://www.gqsl.net/va3iul 4c balun : U 
== = ‘- as is = = as tat - = rt = ‘- og = = = 
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'83 - Tri-Band Beam for 20m, 15m, 10m 


Mt Gin Approx position of smal! 
Sft 3in screw hooks — adjust to 
#— ert ches 


$ 4 
a ——=5 Centre-eng of bamboo spreader 


Retiector elements http://www.qsl.net/va3iul 
Loop around wires 


Small perspex 
insulator 


Voltage feedback 

and retiector —— tS - 
drive via light 

insulators 

90° phase-snift 

produces 

cardoid beam 

pattern 





Maximum signal 
Oriven elements N 


Total loop lengths... 
20m... 69ft 

ISM. 40ft Gin 
10M... 341 Bin 
Piastic-covered 
Stranded-wire used 
tor elements 






Oriven 
elements 


75Q coaxial 
i teeder 


Alternative construction 
Of Spreader 


Btt long dowel Sftot Yaindia 
or bantbeo alurminium tube ® 
= 16 x 16in thick ply- 


en fh deg wood centre piece 


No metal-work should be bonded 
should be left floating Sogether orto metal mast but 
84 - Mini-Horse Yagi- Antenna 


http://www. qsl.net/va3iul Zs Direction of 
| Forward Galn 


Director 2A 








z., mm Insulated Wi 





oO 


o 








Reflector a 


~ 1mm Insulated Wire Q51003-Hedmand1 
MHz A B Cc D E F G H L 
144 12.2" 04.7" O35" 01.8" O7.1" O47" O65" 145" 1°43" 
28 «65'11.6" 1110.8" 169" 09.4" 211.8" 71°108" 28.3" 611.4" 611.0" 
21 711.6 2°63" 2°12" 106 311.6 2°63" 369" 930° 926" 
140 «1717.3? 39.7" 318" 169" 517.2" 39.7" 546° 13'10.9" 13'9.7" 
7.1 23°10.5" 77.3" 63.6" 31.8" 17°10.5" 7°73" 10°9.1" 27'9.8" 27°74" 





85 - Half-Rhombic Directive Antenna for 20m to 6m 
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REMOVE SHADED AREA — 






5540 MZ WZ WAVE RADIATOR 
UNCKES) 





3005 FIBRON -——— 2880 /4 WAVE MATCHING 
STUB 





SHIELD 
: —— SOR COAX 
Frequency (MHz) 28.0 285 29.0 50.8 51.0 52.0 144 145 146 147 
Radiator (inches) 
% wave 197.8 194.3 191.9 1108 108.6 106.5 38.4 38.2 373 37.7 
Stub (inches) 
% wave 702.8 101.0 99.3 57.6 564 55.3 20.0 19.8 19.7 19.6 





86 - Fan-Dipole Antenna for 80m, 40m, 20m 


http://www.qsl.net/va3iul 

















a 


Insulators 


Coox fed thru P¥C 








87 - Capacity Tuned Folded Loop Antenna for 20m 
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Shrink Tubing 
And Rope 
(SS 










Capacity 
Stub 
24" 


Feedline 


27' 10" 


http://www. qsl.net/va3iul To Balun 


88 - Indoor Loop Antenna for 80m to 30m 





62. 5° — 











http://www.qsl.net/va3iul 





89 - Indoor Loop Antenna for 80m 
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+ 1s) ———_> 
+ 4 > http://www.gqsl.net/va3iul 






[SS Gamma Tap _ SS 






1/16" Wood 
(see text) ——? 


1/4" x 1/4" x 6" 
gS Corner Bracers 







9" x 1/4" x 1/4" 


Strip 
Front View Wire 
Ends 
a o" -—P 
18" 6X Loop Turns 
j a Spaced .6" Apart meee aan 
Coupling 
Turn 


Pe yee 


End View 9” x 1/4" x 1/4" 
Strips 





90 - Double-Delta Antenna 80m and 40m 


LIMB ON TREE ~ http://www.qsl.net/va3iul 





PLASTIC INSULATOR 
WITH LOADING 
RESISTOR 


WIRE JUMPERS 





34 in SO PLEXIGLASS 
144-72 THICK 





wo! 
STAKES 





91 - Inductance-Loaded Shortened Dipole for 160m 


} - } : J - } ; } 
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com 
—A ee .—=> tate Overall Element A Number Of Element 8 
Aa = Length (ft.) Length Coil Tums Length ic 
246.3 full-size 
antenna 
J 221.3 65 10 44.3 
197.1 59.1 2 30.4 
FRED, CINE 172.4 517 33 M45 
Zz te 1g 478 44.3 48 20.6 = F, 
123.2 36.9 66 24.6 
id “3 98.5 296 86 19.7 = 
. COML WOUND HERE a 
AND ATTACHED TO 
a THE BRIDLES — WINDINGS: ARE 
= CLOSE SPACE - 
ALL DIMENSIONS COPPER WITH 600 
IN INCHES VOLT INSULATION, 
x 
~ 7 END -OF COs. : 7 
SoLoER TO OS 
BRIDLE — 2 
-_ _ Pad - 
; ie Be 
BRIDLE aie 
2 Pay: wiRE — iy 
2 
4 OVERALL LENGTH SS ATTACH AND SOLOER 
OF TRE COIL FORM ANTENNA ELEMENTS 
— J TOTAL NUMBER . F 
OF TURNS http://www.qsl.net/va3iul 
E e , i — . 92 -\V-Beam Antenna for 15m a = 1 . 
DIRECTIONS OF MAXIMUM RADIATION 
“zs (BIDIRECTIONAL 6-708 OVER D)POLE) - 
GAIN FIGURE (S CONSERVATIVE - SEE TEXT 
4 4 
al — _4 a _ TO SuPPORT FO SUPPORT — 4s _ — — 
3/8in. NYLON ROPE (STRETCH TauT) / } 
4in INSULATOR: 
- (EREOD! | - - 
fe a: i fv $$$ EDS a ie iP 
x TN PATTERN OF 
{| \ wasow Loses 
x \ re (BIDIRECTIONAL) 
\ 
7 axireo) 7Ts 7 
\ eisecror Sift 410 
. } CINE 4 
Sif 
- - ~ - —- X t HEIGHT ABOVE ~~ - = ed 
Se GROUND = 23 FEET : 
we j OR HIGHER a < ve 
ior TO SUPPORT TS SUuPPoRT ”- ” 
Aa e. - 14 in HYLON ——_vwewnon .~% — - - 
nore 
PULLEY “Web 
(5 REO'O) S800) 
a. ‘ a 
4 4 
PULL OPEN - WIRE 
3 sf 5 A = LINE TAUT. acy tar he -geoa 5, 3 e ag 
SY EM salar COLLINEAR ; 
ag we = APPROX 2.868 2a £55 ae 
“ti ~ TERT ONT Be GAIN-ANT. #1 ¢ ANT €2 . 
Bit Gin. * APPROX. 6-768 
Cid 4 b— 
~ LEADS NOT OVER in, Ve ~ 
WEATHERPROOF fe 
g ENCLOSURE Rone £ st 
_.  http://www.qsl.net/va3iul 
Fs “ FEE aE is BLLy even) EEL Soe “ 
mr 93 - Picnic Vertical Wire Antenna - 


= b. 3 aN = - z 


Os fens Haak TI 
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3.5 MHz 63 to 66 feot - 4 
7 MHz 924/20 33 pen http://Awww.qsl.net/va3iul 
; 10 MHz 21 to 2-1/2 feet - 
14 MHz 16 to 17 feet 
21 MHz 1910-12 feet 





8 to 8-1/2 feet by END OF WIRE 





NYLON STRING 


POLE PICNIC. TABLE PICNIC TAGLE POLE STAKE 
WITH RIG AND. WITH RIG AND 
ANTENNA TUNER ANTENNA TUNER 





_ 94 - Laid-Back Quad Antenna for 80m 


http://www. gqsl.net/va3iul Gort (ivan) 

DRIVEN 
ELEMENT oy 

6ofi : 

tw4a) 







y---—--—---- 
| 
500 COAX TO TRANSMITTER 
, , 
Se2tt twaaes 
REFLECTOR 
= 60 j 
ABOVE GROUND 62tt 
tveae) 
Se hen a Se ' 
Tv Twiatab—> SHORTING PIN oa 
; ABOVE j 
GROUND 
£ i 





Max gain: 11.095 dBi @ 18.1 MHz 


3002 Ribbon 4502 Ladderline 
53.3 ft. 62.2 ft. 

8.8 ft. 27.0 ft. 31.2 ft. 

6.9 ft 21.2 ft. 25.2 ft 

5.9 ft. 48.1 ft. 21.97 ft. 

4.33 ft. 13.2 ft. 15.33 ft. 








J ° j : J ° J ° j 
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96 - Loop Antenna for TX for 160m 








Loading/Matching Coll £2 
© <4—ToningMatching Unit 














<4 Wood Base 
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(Glue) 


Nylon Bolts 
Thru Frame 








97 - Morgain-Dipole Antenna for 160m and 80m 


http://www.qsl.net/va3iul 





90 18,80 












alle MaBe in mm, 
auBer Langen der 
Dipolaste 





Kurzschiussbligel 


7 Koaxiaikabel 502 





Mittelstiick 2...4 dick 


Drahte mit 
HeiBkieber 
fixieren 


110 
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98 - ZL-Special for 20m, 15m, 10m 


emo sinc 


‘l ; 
a Peed 
|__| 


5 
s R A 

509m 539m 129m 
417m 44im 1-06m 
635m T-24m 172m 
562m 5-94 I4im 
10-30m 10-85m 258m 
45m 890m 212m 








99 - Biconical Antenna 
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be § | http://www. qsl.net/va3iul 


SPACE 
HEXAGONAL 
SPREADER 
FORMED BY 
METAL ARMS 








ere Pe | i i 
3'5 = 1S Mc/s 17'-3" 1 2'-2" 


T= 26Me/s | 237 [96%] 9° | 12" [32] 2 [WARIO | 
(4 -S6Mels | 12° | 5 [4-9] 8° [F-8] 17 [WAIe | 















100 - Directive Delta-Birdcage Antenna for 20m to 10m 





Reflector 
(a) 1-03-1022 


Stub 
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102 - Directive 300-ohm-Ribbon Folded Dipole for 15m 
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# V4 approx 
+305] + [er gap 










14f{t of 300 onm ribbon, 
folded dipole, resonates 
at 3OMHz 

* When cut as shown, 
resonates at 21MHz 


—~4 x Gft dowel spreaders 


y —12to ii * http://www. qsl.net/va3iul 
wel be approx ga 








103 - Miniature Directive Antenna for 10m 











Phase-shift and 
voltage-drive to 
resonant reflect. 
or via insulator 


coaxial 
cable 
feeder 










Small insulator | 
withgapof , ; 
approx 3/16 2 













Light 7-strand 
plastic covered 
wire 


vA 


XQ 
Lm ys. 
wf 
4 
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104 - Biquad Antenna 12dBi-Gain for 2.4GHz 


http://www.qsl.net/va3iul 


30.5mm 








105 - Dual-Rhomboid Antenna_for 435MHz to 870MHz 
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http://www. qsl.net/va3iul avi6* POLYPROPYLENE aa | See 
CORD, 2) case - 





(i __ ' 10° Hx 6 V. Gain over DP © 26 dB. Boom length: AB = 
19’6”. Support spacing Al =7'; 1] =5'6"; /B= 7’. 

Support length: CD = 7’'3"; EF = 10’3"; GH = 30”. 

f Rhomboid sides: AC, AD, EG, FH = 7°9.5"; AE, AF, CH, DG 

_y _. =13'5.5”. Feedline: Wire needed: 14 AWG formvar, 

-~.  86'0”. Boom material: Al, JB = wood; I] = metal. Cross 

~ ~~ support: CD, EF, GH = wood. Terminators: R1, R2 = 600 
Ohms; Watts 


_ 5, = ~, 106 - Double-Bazooka Antenna for 80m 


http://www.qsl.net/va3iul ELECTRICAL, 468 
: a NEUTRAL POINT Antenna Length = = a 
ENO SECTION See. 


24.8" eee 


43.3' ene 


EACH STUB 






SHIELD. AND. INNER yA 
CONDUCTOR SHORTED 
TOGETHER AT THIS 
POINT FOR BOTH 

STUBS 


— = re. INNER 
CONDUCTOR —— 


sas oly 


COQO-AXIAL FEED LINE 
=e 5, a et _. (246)( Velocity fector of coaxial cable) 
TO TRANSMITTER Stub length Secteensg ag 


a = ee . es = ae 


Dual rhomboid antenna for 435-870 MHz. Beamwidth : 





~ 4107 - J-Style Antenna ~ 


—— . es —_ es . — 
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ie : ? 


CAN BE TACKED IN PLACE http://www.qsl.net/va3iul 
[CUTAWAY PORTION OF TWINLEAD 






WOOR TWIN-LEAD (CAN ALSO SE OPEN-WIRE LINE, SUT ars 
SECTION WOULD THEN BE APPROXIMATELY & TRUE “FREE- 
QUARTER-WAVELENGTH OUE TO VELOCITY FACTOR). 


4/2 SECTION 
in #SS80stuns™ 








4 


MAY BE GROUNDED FOR LIGHTNING PROTECTION d A = 
iF INSTALLED OUTDOORS 


SOR COAX TO TRANSCEIVER OR TRANSMITTER — KEEP SHORT 
RG-8/U OR AG-S6/U 


ae | oT 7 7 7 


108 - Vertical / Horizontal / Circular Polarization Antenna 


A MS ALD 


Nie 


A’ = 1/4R-780 
ok ae I Looe 










LOOP 
Av t/4X-758 


http://www.gqsl.net/va3iul c RELAY 

P oe ms Foam peste 

E eae al Sas arse eave ‘5 ae 
TRANSMITTER 





ee ES , J J 
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: http://www.qsl.net/va3iul 5 cs 
4 a £0e | foe Pd 2 
: fee Le ’ 
orn -— CENTER CONDUCTOR hfe 
é ; aS, v =) SS Bee a ee ee “BRAID Ls y = 
‘ Sa fone | Sone rd op 
e oa $Ge | fae e ep 
NES 5, ; eS __.110 - Indoor Compact Loop Antenna for 80m 5, NES ag 
pe sy U a) : : ¥ : ae wow = ~ ar f 
‘ 7) SS ees 
XN 8 , WYLOM FISseeG. wt—»” 
\e e, 
- = LooP _ - 
A*BrC (14'O" EACH) 
(HORIZONTAL) 
ae ep Bet ep Bees 
HORIZONTAL ‘4 
3° DROP DOWN 190°) 
> WERTICAL a. 
: (DROP DOWN) ‘ 
Uy Bet srileat a OA fae 
NOTE 4 
SHELVES ae ’ 
b = Cl=1SOpe HV CERAMIC BOOKS (WOT SHOWN) = = 
C2.CS* 330F 7S0V 
€3*C4 «210 * 210pF VARIABLE 
7 eg WITH INTEGRAL 7 
; tie RG-58 TO TR = se - 
somo http://www.qsl.netiva3iul . som FH 
- . — FLOOR Levet —~tL—_4. -.. —-— — — - 
: : i 111 - Helix Antenna ; ites ; : 
3 Wee , ie Wa , le MY FE , ; Cn Wa , 
4 Sa £05 is a foe ; oh Bess A oS fd a £a5F 
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$s 

Rr 

a AXIS 
tne ‘ za C=#D L 
IMAGINARY 
ie CYLINDER 

D = Diameter of the helix 
S = Spacing between turns Ss | Dp)? + §? Toa sR > 8 6 
a= Pitch angle = Arctan (4) ca sean aa ea cour 
L = Length of 1 turn D = 0.32 Cit $7890 2 6 ww RO DB Ww BAS 
n= Number of turns $= 0.22% Number of tres (for Gat endanis* 
A= Axial length = nS G > 0.80 (22S eee 
d= Diameter of conductor g= 3 = 0.12% Cr { nSy 


g = Distance of ground plane to first turn 
G = Ground plane diameter 


http://www.qsl.net/va3iul 





112 - Novice Vertical Antenna for 80m, 40m, 15m, 10m 


http://www.qsl.net/va3iul TV_AMTENNA 










=O 


37FT. TOWER 


3.725 MHz 









34FT. 
26.075 MHz 


j 





--113 - Stub-Loaded Shortened Dipole for.80m 


J : j : J 
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LISHINING SPIKE 
fF METAL WAST 
OR TOWER 


















© http://www.qsl.net/va3iul 


PULLEY AND ——« 
HALYARO | PN 







/ Ay LEAST 70 
| POLE, TREE 
f | sacs dt STUB CUTTING 
/ CHART — APPROXIMATE 
‘ 722 FEEDER 






720 YWINLESD FEECER 


OR 1:1 BALUN AND GOAX | STUB LOADER 


26.5! 
FOR 3.8MHz 


LOADING STUB 


|.GADING STUB 
3OOR TV LINE “A 
26.0" FOR 0.eMMa ee 
SEE FIG. 16 






CONNECT 


~~ ANO SOLDER ——~———+ 








AT LEAST (0 
CLEAHANSE 
OWE TS HY RF 









114 - Six-Band Wire-Stub Trap Antenna for 40m-10m 


—— 33.4211, ————_____—_ 33.42 ft 












we tet —25.9 1. ~ 
22.28 14 22.2811 — 
18,8 

167th = 














Point Length (feet) 


A 8,37 40m 
B 9.40 20m 
: 17m 
Cc 11.14 15m 
http://Awww.qsl.net/va3iul D 12.95 12m : AN 
E 16.72 10m 





115 - Multiband Half-Wave Delta-Loop Antenna 


http://www. qsl.net/va3iul 







41° 
300 Ohm Twin Lead 





j To Balun } ; os 
And Tuner 


116 - Hybrid Vee for 20m, 17m 
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2M = 4S 165° 


17M 12.9 









TV RABBIT EAR 
ELEMENT 
(NOT USED IN , 
17M VERSION) paps 
) TV RABBIT 
EAR 
WAM 
TRIMMER 
RG-58 
elise FEED LINE 
TEE i ane 2" x2" ROTATOR 
WOODEN 
CROSS ARM 
2" METAL 
FENCE POST 
6ORBFT 


http://www.qsl.net/va3iul 





417 - Six-Shooter Array Antenna, Gain=7.5dB 


eae — oe are ——— a 





http://www.qsl.net/va3iul 50 OHM COAX 





118 - Multiband Ground-Plane Antenna for 10m, 15m, 20m 
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i = http://www.qsl.netiva3iul 


119 - Wire Superbeam Antenna for 10m, 15m, 20m ‘ 


WRAP WITH STRIPS EXCESS. WIRE m 
CUT_FROM OLD TIRE CROOPS OVER FRAME ALE ECE MENTS 
ee i 20M REFLECTOR NOG COPPER 
: WIRE 


INNER TUBE & TAPE 


TO MAKE TIGHT FIT ee ~S 
». WITH U-BOLT (TO & MIROLS Ie ISM REFLECTOR 
PREVENT CRUSHING 
POLE) —_ | 10M REFLECTOR 
eee fil Me raat 











U-BOLTS 
IQEACH 










_-— MOUNTING PLATE 
(Gin _X17in, MIN - 
VW4in ALUMINUM OR 
THICK PIECE EXTERIOR 
TYPE PLYWOOD 





MOUNTING PLATE IS ft Tin. (SPACING 
| BETWEEN 20M 


(SIDE ViEW) 
DETAIL 1 - HOW TO MOUNT } ELEMENTS) 
BAMBOO SUPPORT ARMS 


4ERCH BAMBOO POLES 
a IS#t LONG MIN 
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; 120 - Two Elements Delta-Loop Antenna ag 
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CLAMP PLATES (2) 
BOLT TOGETHER 


MOUNTING PLATE 
~ 1/4 ON, AL. PLATE 
2/2 im X10 


TO PLATE AND 


oraio TO 6COM 


JAF CAPACITOR 
TUNABLE (MOUNT im 
WEATHER PROOF BOX) 


ORIVEN ELEMENT DETAIL 


374 (NAL TUBING 


16.1 FY, EACH SOE 


DRIVEN ELEMENT 


U-BOLT ELEMENTS 
800M 


Element spacing = 
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MOUNTING PLATE 
216% 6 INK 1/4 IN 
U-BSOLT TO 500M AND 
TO ANTENNA MAST 





SIDE VIEW 


1030 


Refiector total length = Fieay 


1005 


t i} Fa ee 
Driven total lenot Tans 






A oY 
a7 om 





NO 12 COPPER WIRE 


3/4 1M BL. TUBING 7 FT Eactn SE 


REFLECTOR 





- , . - , 
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_ 121 - Sterba Curtain Antenna 


£ a 
2 


SSE ee 





ee OnMS 
Gain=6dB 
LENGTH “L* FEET 


ss -< 
6° - 7° 





122)- Half-Wave Vertical Zepp'Antenna 


/ 
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= 172 WAVE VERTICAL = = 
RADIATOR 








123 - Lazy-Loop Antenna for 40m 


1005/fumH,) = total wire length in feet; 
2 


j | | ‘ 





= - DIRECTION OF i i 
RADIATION Sig owe 
NYLON SUPPORT iy 8 
CORDS TO POLES OR : 
TREES AT EACH } 
CORNER { : 






#14 WIRE LOO {SUL ATOR 


CENTER bs ad 

CONDUCTOR ee. http://www.qsl.netiva3iul i 
SHIELD 
174% 75-OHM COAX 
j i CONNECTORS sa IMPEDANCE TRANSFORMER Saeed 
ee ——< 
fh i é ih i 
Sack OHM COAX 246vE/fimiiz) = Coax lenotb fact 


vf is the coax ve locity 





_.124 - Terminated Folded Dipole for 80m, 40m 


a i 
(INSULATOR (7) http://www. qsl.net/va3iul 
: 1/2 in, DOWEL ROD (ONE EACH END) 
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amet nm 


aw] - of face! Bes eit 


WEA PONIZED WEATHER ‘CONTROL 
Wifey e-le)t= quotes from patent: 


- "A means and method is provided to cause interference with or even total 
disruption of communications over a very large portion of the earth” 


- "Weather modification is possible by, for example, altering upper atmosphere 
wind patterns or altering solar absorption patterns by constructing one or more 
plumes of atmospheric particles which will act as a lens or focusing device.” 


- "The earth's magnetic field could be decreased or disrupted at appropriate 
altitudes to modify or eliminate the magnetic field.” 
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425 = Short-Fat Antenna for 15m 





i 
, 
A-—-r-= 





























i is cz ; 
£ is 
17 Vex - 
- £ a 
ere as prar  remet pee nora Age Pcoucs pertacal for 80m_ ee aan age oom 
P= = oe http:/www.qsl.net/va3iul 70 feet 70 feet ety aa 
Dy. os OY Fae 
g ih 75-120 Feet Small Plexiglas plate, iesig 
ales 3 Adjust as needed cut and drilled ee 
fay for ame 
See ee Low S.W.R ToTuner 490 Ohm Ladder Line ae 
ily laa faa PLE = iar gaa | iy lea fara Bp eee Var: 
. £ ne -427- Log Periodic Wire Antenna for 20m, 45m, 10m “ “ 
: > el ee ~ —-BYIGIN, NYLON 1 EGG INSULATORS H == een 
ree MAST A ——s ones 
# rede UE } eee | rede BE 
a ins eee EE eam i 
SEES 7 Er {724 AT 20 —Sem-- er Zs mae 
Sms PTs FEB Is ie WIRE FOR ELEMENTS j ee Une Zt | 5 eis 
CO EW ae tlie Sot. sme ae Wee 
Ce ter +CENTER FEED 160 err er 
ae | z V2h AT IS ——~ TOTAL AL WIRE SOlfn Ope: 
Fe. : ra Ace. : Fe ; 6 EGG INSULATORS Ae. hae: 
mae | cage useo ror eno INSULATORS ies 
é INSULATORS IW PLACE 4 MASTS (OR TREES) 
zs dooms ele 1 SPOOL MONOFILAS dro 
sens ies fe Swgis wERr (ous Testy fy as Se x 
Keli se, Fea 2% AT 10—~ 6514. 3/6in, NYLON Ve ae" 
i ois 17544. (78 in. NYLON a 
a rea EE x \reeo pes ree TS 
re ote SHOULD GIVE ABOU ia ere Cat Pee 
j Sr TR, eee i Ac i208 GA T BEAM ny Sipe piesa Min face i | faeeeth 
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128 - 5-Element Log-Periodic Vertical Antenna for 80m, 40m, 20m 





or i/@ in, NYLON 


| CATENARY 











drenk 







NOTE 1- ESTIMATED (NOT TESTED) 


NOTE 2- CONSTRUCTED @ TESTED. 
SWR LESS THAN 15:1 OVER 
FREQUENCY SPECIFIED 


5-ELEMENT VERTICAL, 
MONOPOLE LOG PERIODIC 


1172"6" 
FEEDER 
SPACING 


— 






} not | 
OVER COAX 
| - sar 
+174 } FEED ———+ 

j}-_——~--—- BOOM LENGTH 





129°= 2m Vertical Wire Antennas 








y~ tive TURNS 
Ta? aT ti TURNS 


———— 4800 404 THamMEM CAPACITOR 


mn BADALS 
4 manus 


oO We 
Simple V4h 2-meter J j 


ground-plane antenna. 
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Experimental 5/8, vertical with 141i ground plane. 





130 - Earth-Mover Inverted-V Antenna for 40m 
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j #40" COAK TO TRANSMITTER ht 


oR 


INSET AT 
STATION END ry 
OF “A” LINE 
4 
—— ee 
SWITCH OPEN Switch cLostD 
NG REFLECTOR REFLECTOR 
/2 WAVE HEIGHT ACTIVE 
/& WAVE 


HEIGHT ity 





- — 431 -Coax-Cable Collinear Antennas = = 









1/4 WAVE 
ELEMERT 
WHIP 


TOP 1S SHORTED 


i/4 WAVE ELEMENT 


/2 WAVE ELEMERT 


1/2 WAVE ELEMENT 


JOR ANSON 
TRIMMER: 





8 elements =6 dB. 16 elements =9 dB 





} aN } ae aN 


132 - Double Bobtail Antenna for 20m 
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c me a we 7 







ft. Gin 


8 
SPST SwiTcH 


zp http://www.qsl.net/va3iul 2 apa 
TUNEO TO i4.2MHz - 
is * “2 * s 
, WITCH @ OPEN (CLOSES 4) SWITCH ® CLOSED (OPENS A) FULL WAVE SPACING 
Os foe HALF WAVE SPACING HALF WAVE SPACING NO DELAY cy 


WO O£LaY HALF wave DELAY 





, 133 - Collinear Zepp Antenna 


160° 1eo* 
OR OR 
= ~ ff " —— 160" 230° ay 230° oo 'BO* —_— . = 








3008 LINE 


Li-€2 *1BO*-—468/1 WHERE f + Mp: 
Li-L2*=230*-600/t WHERE ft «Miz 


S1-82+246X0.82/1 WHERE f+ Mi: 
tie 1) Si-52 MADE FROM 300 TV RIBBON, 
aa a MAKE ABOUT Ginches LONGER THAN 

CALCULATE VALUES. TRIM IF NECESSARY. 2 





134 - Taylor Vee Antenna for 20m 












3/4" PYC TEE 
FEED POINT 
12 AWG WikE 
TV RABBIT EAR =15 FT EACH SIDE 
ELEMENT 
r= SOLDER WIRE TO ELEMENT 


CONDUIT 


¥ P¥C CONDUIT 
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a = a = a = a = pon 


135 - Collinear Vertical Antenna 6dB-Gain for 2m, 1.3m, 73cm 
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SOLDER TO 
BRAID 





DIMENSIONS inch 
MHz A eee 
147 19" = 13.3" 26.6" 
220 1266' 8.88" 17.76" 
j 2 440 633" 4.44" 8875" j 
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136 - Bi-Loop Antenna for 20m 


NYLON HOPE 


S ~ : ‘ NYLON ROPE 
= cs } 


a> 














OLDER 
Na Pee WIRE WOUND 

WIRE —TIGRT BROUND 
LOOP WIRE TO 
be KEEP INSULS~ 

\. TOR FROM 

ae | \ SLIDING 
\ SIDEWAYS 
i i | We" BAKELITE INSULATOR 
OR PLASTIC pope 
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137 - Wire Beam 6dBd-Gain for10m 


/ 
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INPUT SOR 
UNBALANCED 








Capacitive 
Stub 
LC = 48" 
@ 1.8 MHz 


Loop 
LL = 51° 6" 
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Shorted Stub 


300 Ohm Line To LZ= 16' 11° 
Balun & Tuner; 
Any Length Dimensions in Feet 


140 - DX RX Loop Antenna for 160m 
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Li = 11 Turn Loop 
Approx. 30° Diameter 


Ends of Loop Taken 


C1. C2 = 150 pF Through Grommet 


C3. C4 = Dual 500 pF 
Variable 
C5 =470pF 


Skt? = 50 Ohm to Revr 
Skt2 = Optional Ground 
Socket 
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141 - Hentenna 3dB-Gain for 10m, 6m, 2m 


_ 1/6 wave 








Lt = = Dimensions in Feet 
; | 1/2 wave” ae ae 
| Fs 4.28 http://www.qsl.net/va3iul 





142. - VK2AAR Wire Antenna for 20m 
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6— 15! 


PPROX. 15° OUT 
OF SQUARE 

















J 
j 750. CO-AX an an 
http://www.qsl.net/va3iul ; 
_ 143 - 2-Elements Quad Antenna for 6m 
eee meh Se http://www.qsl.net/va3iul 


FORWEAD LOSE ta 


LOADING WIRE ALONG SPREADER, 
fEacH END) 


‘Bh REFLECTOR LOOP 
# 


} 
PEED Point —/ 
EGR VESTICAL 

, POLARIZATION 


—UDADENG WIRE 
te, OSE 
LOor 
‘\ 
REFLECTOR 
SCHEMATIC 
, 
oa ibe) 
< 

DRIVEN 
ELEMENT 
Someweric 


144 - Hula-Loop Bidirectional 6dB-Gain Antenna for 17m 


CAPACITOR MOUNTED INSIDE 
EACH END 











ee END OF SLEEVE OPEN 


gi RGSS RECEIVER 


espana Ses Sr 
27 22° _ ONLY AT THIS CONT 
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Diflector Element 
(Outer)19" 1/2" Each Side 
(inner) 17' 11" Each Side 






Driven Element 
18'6" Each Side 







Space 
Between 
Corners Is 
7-13/16" 


8'a" 


27’ Above 1: ie as 
a , All Wire 


#12 Stranded Copper 
PYC Covered 
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145 - Moxon Rectangle Beam for 15m-10m 


=< A _ 


Driven element 
feedpoint 





Detail of 
insulators 








A = 98.26/f = (m); 322/f = (ft) 56.09/f = length of diagonal in metres 
E = 53.96/f = (m); 177/f = (ft) 184/f = diagonal length in ft. 
C = 560mm (22in) for 14MHz, 380mm (15in) for 21MHz and 


250mm (10in) for 28MHz http://www. qsl.net/va3iul 





146 - Double-D Beam 4dB-Gain 
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Top view Driven 


element Reflector 
Oriven at as 
element re % Reflector 


insulator 
JN 


amboo or 
in lll glassfibre 
_l[eeepons 













Nylon 
cord 


Coaxial 
cable 
feeder 






Side view 
Design data, (lengthin metres) 


A&B = 79-00/t (MHz) 
c = 55-89/f (MHz) 


0 = 16-41] (MHz) . 

E = 31-41/t (MHz) 

Total 

element length = 1417-83/t (MHz) http:/Awww.qsl.net/va3iul B A | 


147 - KE4PT OCEF All-Band Dipole 





KE4PT OCEF All-band Dipole http://www.qsl.net/va3iul connector, to 


antenna tuner 
y— Egg insulator 11.5 ft (3.5m) coax cable : 


30 ft (9.1m) dipole leg _f feed-oind S ferrite —2* 


(#20 or 22 stranded Teflon covered wire, current chokes 
extends from coax cable center conductor) 


KE4PT Off center end fed (OCEF) All-band Dipole 





Lengths are not critical, as long as they are not near a half wavelength on any frequency used. 
Dipole radiating length is 30+11.5=41.5 ft, or 12.6 m. 

Coax cable may be 50 or 75 ohm on left side of connector, short 50 ohm coax to antenna tuner. 
Use antenna tuner for operation on any ham band 40m — 6m. 

May be hung by Egg insulator at one end, or draped and drooped over a fiberglass pole. 





148 - Wire Quad Antenna for 40m 
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SBX-1/Mobile HAARP 
(X-Band aka "The Golf Ball") 


High-Frequency Active Auroral Research Program 
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7050 kHz, 

cw 
Length A, Reflector 31"6" 
Length B, Reflector 28"2-14" 
Length C, Reflector 15°7-%" 
Total, Half Reflector 75"3-e" 
Resonant Frequency 7030 kHz 
Length A, Driven 30"7-%4" 
Length B, Driven 27°3-¥5" 
Length C, Driven 
Length, Half Driven 








y my 
FOS es ha, cope Hae: TF ee i sco se amos sr opr anent: Has — het 
), 
—Napre tpea sap 


a sia Sy eb -F__., - Nin: eva falas 
rei nF caterer pata ell cree Ae nee RE rit 
ba { - Aa ite 1 ? aw, ~ FF 


47 
7 
Be ae ae er oe ei wert peat. paras 
bere. “ 7 if ane sy 
= Sy atta 2" AC guinea coi oe et a a 
3 Sane c 7 - 
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aconnectedtoc 
band d = feeding point 
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151 - Random Wire Antenna All Bands 









INSULATOR INSULATOR —- PIPE " 


INSULATED 
LEAD-IN WIRE 





BASEMENT WINDOW \i 
Ca ex 
tc | ST | PR | Oc alll 
m 


inde 
. 


TRANSMATCH 





152 - Multiband Dipole Antenna for 80m, 40m,15m, 10m 
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—15-M RADIATOR ——~ 
ee tes 
a_F 
— 










40M 


RG~Sa/U 
COAXIAL 
CABLE 






ELEMENT LENGTHS 


BOM: 109° 
40M: 59' 
: 15 Ms 22° 


| fom: 47'6" 





153 -Slim Jim Wire Antenna for 4m 
10CM 














? spreader 
Fiberglass _| 
Fishing pole 
spreader 
2.1m 
3.224m | gth— spreader 
—_— a 
| 19m 
—_____ 
spreader 
1.030m 
-— 
Approx 125 mm spreader 
eS —— 
Adjust for best 
SWR 
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154 - Delta Loop for 6m 





Boon 2 metres of plastic conduit 









WHY 


21.5 mm (3/4") pipe clip pop riveted to the boon 









Total length of Wire 6.10 metres 


99 cm of 75 ohm coax 
matching section 


Block connectors 


100 mm of 40 mm white 


50 ohm coax to TX/RX PVC drain pipe 





155 - Re-Configurable Antenna for 160m and 80m 








Manne 
Ineuilator ineuisior © Grade 
2590m Pulley 
Jumper aires 
with in tine 
connector 
insulator 
Approx 15m of 45D ohm 
ladder line 
Nylon Fishing Nylon Fishing Ine Nyton Fishing 
line: used to pull down ine 
Used sulaior to axd Used to 
configure as configuration as configure as 
inverted Vee Ocro inverted Vee 
Weight (] 
Ferrite Chokes 














Tuned ground planes for 160 & 80m approx 0.6 x % Wavelength stanked to fence at 2m height of 2m spaced 0.Sr apart 





156 - Very-Low Frequency Inverted-L Antenna 
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ALCULATED Ise CONDUCTORS 

tke) X(ohms) | CAG anes ee an 

45 0.49 ¥ 

50 0.60 

60 0.85 

70 1.20 

80 1/55 

90 2:00 
100 240 
120 3.6 
140 5.2 F 
iso 33 (3-WIRES) GROUNDED; 
195 12.8 SELF-SUPPORTING 





at 


1/8 © sloping wire 







2 Se Coa 
7 bes 


Cogs bolun 
(16 turns) 


Vertical wire XK RG-S8/U coox 


\ Coax balun 
(16 turns) 
























aN 
= To station 
__RG-58/u 
fi RES / tree Rodicis 
1/8 & sloping wire 
(68.3 feet) 
Insulator + . 
—® To station 
~ 26" ~ 

5 1/8" 5/8" 
tower, See a ; 

i 1 ry if 

Rodiais 3/4" PVC Pipe a WN oping wire 
Pa ta ot 
@ ¥ 
\ 
90 Turn 
Clamp to Coit 
tower leg 
RG - 58/U 


coax 








158 - Tree-Mounted HF Antenna 
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Insuletor — : 








« 
gi insulator 








Symmetrico 
, edout 
44° 
~ Cross Arm Cross emidiidver 
20.5" P Arm P. 
20.5 ~ 
i 
y-Rope * 
Sm ope 
Pg Wire , 
OX 4 4 -» insulators (3) S 
Trap 
x Wire 
73.5 
a a | 
" Mast (Rohn 50) 
Rope * 
* Dac 
Cross Arm 
Bottom insulator 
Side View End View 
pan #10- 24% 1-1/4 inch 
jo 72 "7 Screws 


1-7/8" 








160°= Marconi Antenna for 136° kHz 


http://www.qsl.net/va3iul/Antenna/Wire%20Antennas%20for%20Ham%20Radio/Wire_antennas_for_ham_radio.htm 71/127 


1/10/2018 


Wire_Antennas_for_Ham_Radio 


Detail of Matching and Looding Coils 


Shorting Links 
—7 for 136 kHz 
Matching Coil Mounted 7 -f Operation 


rt to Antenna 
in Corner of Shack 

















Vacuum 
Capacitor 


__ Antenna Looding 
ff Topping Point 








Loading 
Mounted o 





Spreoder 


= Connections from 
Eorth Power Amplifier 





Antenna Wres——__—~ 


i 


] Insulator 











161 - Simple Killer Antenna for 40m 


WS 








Insulator 


450-1 
Lodder Line 
to Antenna 
Tuner 













insulators 
Elevated — 


Radials 
33' each 






y 





162 - Stub-Directed V Antenna for 80m 
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When K1 Is open and K2 Is closed, the 
dlrectlon polnts from wire 4-3 to wire 6-5. 


When K7 is closed and K2 is open, the 


Glrectlon polnts from wire 6-5 to wire 4-3, 
23 ft Open Stub 


10.5 ft 
RG-213 


Shorted Stub 


Control Line 








To Shack 
60 ft 
2 Shorted Stub 
163 - KTONY Over-and-Under DX Antenna for 20m 
Rope to front-yard tree Pulley to back-yard tree 








Top wire |s 98.5 feet long, fed 13.5 feet from end 
13.5 fee 







28 feet 


BABABABABABAARs @ 


0 Ohm Feed Line 600 Ohm Feed Line Down Haul Rope 









Insulators 





164 - Horizontal Loop Antennas 
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L=L1+L2+L3+L4 


Ground 


corner of angle-fed (AF) configuration 










u1 


Helght 


L2 


A 
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L3 


4 


L (feet 





= 1005 /F (MHz) 


cente 


L1 


L2 


t-fed (CF) configuration 


L3 













Ground 








} Loop Performance by Shape and Feed Point 
Circular Loop Square Loop AF Triangle Loop AF Square Loop CF Triangle Loop CF 
Gain (dBi) Elev Gain (dBi) Elev Gain (dBi) Elev Gain (dBi) Elev Gain (dBi) Elev 
1.9 MHz 3.93 90° 3.46 90° 2.88 90° 3.70 90° 2.67 90° 
3.9 MHz 8.47 90° 8.13 90° 7.76 90° 8.23 90° 8.04 90° 
7.2 MHz 7.76 50° 7.35 50° 7.98 45° 7.64 45° 7.30 45° 
10.1 MHz 8.34 35° 10.68 35° 7.35 30° 8.17 35° 7.24 30° 
14.2 MHz 10.44 25° 12.50 25° 11.27 25° 10.25 25° 8.50 25° 
18.1 MHz 11.18 20° 14.03 20° 12.32 20° 11.40 20° 8.84 20° 
21.2 MHz 10.16 15° 14.55 18° 12.42 15° 411.28 15° 8.29 15° 
24.9 MHz 10.77 15° 13.69 18° 14.09 15° 10,58 15° 10.10 15° 
28.5 MHz 11.39 15° 12.85 10° 13.84 10° 11.19 10° 12.66 10° 
165 - Ribbon J-Pole for 2m 
300 Q Twin Lead 
, 7 
% inch 
PVC pipe 37-1/4" 


Cut Out 1/4" Notch —21_ 


' RG=174A Coax 










Splice and Short Together 





166 - Dual Band Ribbon J-Pole for 2m, 70cm 
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4" Nylon Tlewrap 
<< ________—_—. a 
% inch e for Hanging 
PVC pipe | Short Top Side 
f ‘i of RG-174A 
1B Decoupling Stub 








A 


4-1/4" RG-174A 


Lb} Cover these 
Cut Out 1/4" Notch —- sections with Heat 
f Shrink Tubing 


16-1/4" 












le 


27 
(8 






METERS) | GUYED 


PIPE 











ar 
75-OHM RG-59/U var 
1 wave 

TRANSFORMER 


KC iy DN <TES 
$0-OHM COAX 





168 - Tri-Band Quad Antenna for 20m, 15m; 10m 
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Band 


20 
Meters 
15 
Meters 
10 
Meters 


Reflector 


(A)72° 8” 


(D) 48° 6%" 


{H} 36° 2%” 


Driven 
Element 


(8) 71° 3” 


(E) 47° 7%" 


(1) 35° 6" 





First 
Director 


(C) 69° 6” 
{F) 46° 5" 


(J) 34° 7” 


Wire_Antennas_for_Ham_Radio 


1S-METER 
FIRST DIRECTOR 


‘Secbrw vinec tor 20-15-METER 
DRIVEN ELE 







FIBER-OLASS 
} marcnins section oF- eee 
RG-1/U 


ELECTREAL TAPE 


SOLDER IN PLACE 





Second me oot 

Director Director aS, eo_| 
(G) 46’ 5" - 

(K)34°7" = (L) 34" 7” 





169 - 3D Quad Antenna for 80m, 40m, 20m, 15m, 10m 








170.- Sloping Wire Antenna for 30m, 20m, 17m, 15m, 12m, 10m 
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MAXIMUM 
INSULATOR OFF WIRE rl - 






LENGTH 234-foot SF Wire, 











172 - Resonant Feedline Dipole Antenna for 80m 


T Choke 
Cooxial Cable 
Coiled on Coil Form 
13 Turns, 8" Diam 


: Antenna Wire 
1/2 ee — -8 Pol (No. 12 Stranded or Copperweld) 
oaxiai Cable Pete 





(approx, 118") ia VY 
\ if \\ 
\ \t ty 
AN tl 
to | 
Station a 1/4 (approx. 59°) = 1/4 (approx. 59°) 
Choke Dimensions for RFD Antenna j Center of Dipote 
Distance Adjusted (potted in Epoxy) 
Freq RG-213, RG-8 RG-58 for Resonance 
3.5 22 ft, 8 turns 20 ft, 6-8 turns (approx. 25" } 


7 22 ft, 10 turns 15 ft, 6 turns 
10 12 ft, 10 turns 10 ft, 7 turns 
14 10 ft, 4 turns 8 ft, 8 turns 
21 8 ft, 6-8 turns 6 ft. 8 turns 
28 6 ft, 6-8 turns 4 ft, 6-8 turns 
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173 - Dual-Band Loading Wire Antenna for 80m, 30m 





Feeding 742m 
point 


174 - Stub Matching Antennas 


A F 
a > ANTENNA ————4 aa 





A ANTENNA ——-.-——___» 
2 






sani INSULATORS 


A 










A srve 
2 
NONRESONANT FEEDERS 
7 NONRESONANT 
SHORTING BAR FEEDERS 
OR LINK 
A ANTENNA 
2 SHORTING BAR 
OR LINK 
anc ens C @) 





FEECER TAPS NEAR 
ANTENNA END OF STUB 


ty 


NONRESONANT FEEDERS 





2 OPEN 


NONRESONANT FEEDERS 








175 -J-Style Vertical Wire Antenna for 10m 
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NO.12 WIRE 








BAR, ABOUT 


i 
SHORTING ! 
i] 
ONE FOOT ! 





NNA MAST SECURED 
OOF OR SIDE OF HOUSE 


+ 
Pm 


176 - Dual Band Vertical with Zepp Feeders for 40m, 20m 


ANT COM 


i ES Se 
i 


LINK TO TANK 





177.-RCA Double Doublet for 40m to 12m 
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CROSS OVER 
INSULATOR 


AS HIGH 
AS POSSIBLE 
PREFERABLY 
OVER 30FT 


TRANSMISSION 
LINE 





% ye, we 


178 - RCA Spiderweb Antenna for 40m to 6m 


— APPROX 37 —— ny 
. ' 


HANGER 


TRANSMISSION 


INSULATORS at mes 





179 - Folded-Dipole with Shorted-Straps 





— 300-OHmM RIBBON 





180 - Twin-Lead Marconi Antenna for 160m, 80m 
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WIRES SHORTED TO- 
GETHER AT END 


s 
FEED LINE 


















THE TWO WIRES MAY BE 
SPREAD EITHER HORIZ— 
ONTALLY OR VERTICALLY. 


FIGURE A 


cur rie SHIELD ey rea 
JACKET AS SHOWN. 
DIELECTRIC TO CRTEND Py PART 
WAY TO OTHER CABLE. COVER 
ALL EXPOSED SHIELD AND 
DIELECTRIC ON BOTM CABLES 
pirat A CONTINUOUS WRAP- 
NG OF SCOTCH ELECTRICAL 

Tare TO EXCLUDE MOISTURE. 


REMOVE OUTER JACKET 
FROM A SHORT LENGTH OF 
CABLE AS SHOWN HERE. 
UNBRAID THE SHIELD OF 
COAX C, CUT OFF THE Di- 
ELECTRIC Swit tHe 
SUFER NACKET, DO NOT CUT 
THE SHIELD. WRAP SHIELD 
OF COAX C AROUND SHIELD 
OF COAX _D. SOLDER THE 
CONNECTION, BEING WERY 
CAREFUL NOT 
THE DIELECTRIC TUURTERIAL. 
HOLO CABLE D STRAIGHT 
WHILE SOLDERING. COVER 
THE Minar, A CONTIN] 
Ni 
eceera NO GON 
NECTION 70 TO INNER CONDUC- 
TORS. 


KEEP BALUN AT LEAST 6* CLEAR 
OF GROUND AND OTHER OBJeSTs. 


FOR DETAIL SEE FIGURE 6 


$2 OHM RG-B/U, ANY LENGTH 


DIMENSIONS SHOWN HERE ARE FOR THE 80 METER BAND. THIS ANT— 
ENNA MAY BE BUILT FOR OTHER BANOS BY USING DIMENSIONS THAT 
ARE MULTIPLES OR SUBMULTIPLES OF THE DIMENSIONS SHOWN. 
BALUN SPACING [$ 1.5" OM ALL BANOS, 


182 - Three-Quarter-Wave Folded Doublet for Dual-Band 
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< 
“\p* FEEDER SPREADERS 


L= 195" FOR 3550 KC, AND 7150 KC, 
L= 98 FOR 7100 KC, AND 14250 KC. 
L > 49.6' FOR 14200 KC. AND 28 MC. 


600 OHM LINE 
TO TRANSMITTER 


183 - Three-Quarter-Wave Folded Doublet No-Switch for Dual-Band 


600 OHM LINE 
TO TRANSMITTER 





L.= 67 FT. WHEN ANTENNA [5 195 FT, 
L23arr 4 “ “ 98 FT. 
L=16.5FT # ” 4 A9.6 FT. 


184 -Wideband Omni-Directional Discone Antenna 
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SWR (STANDING WAVE RATIO) 





FREQUENCY (mc) 





52 OHM COAXIAL 


FEEO LINE 
DIMENSIONS 
20, 15,11, 10,6 METERS 15,11, 10,6 METERS 11,10, 6,2 METERS 
D=12° Leia’ Dee Lie D-6 L=9e" 
S210” R=18’ S=6” RFi2° Ss4* Reever 
Heis'7« H=10° 5 H=8'3v 


185 - Wideband Rhombic Antenna for 40m to 10m 


LINE TO TX 
N* 14 SPACED 6” 


SPACING BETWEEN S!DES S,* 244 FEET ; | TERMINATING LINE 





OF 250¢ OF N® 26 
NICHROME SPACED 6” 
AND 800-OCHM 16-WATT 
H=s0° CARBON RESISTOR AT 
END. 6 2-WATT 100-OHM 
RESISTORS IN SERIES 


TOTAL LENGTH 7802 FEET 


186 - Pre-Cut Linear Array Antenna 3dB-Gain for 40m 


656" he esrev——ol_ fo ——._ 65” a 





E. 300f. RIBBON TO 
6 TRANSMITTER, ANY LENGTH 


GAIN APPROX. 3DB 
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187 - X-Array Antenna 6dB-Gain for 20m, 15m, 10m 


[4 ——+ 0-4 1 —_4 





1D | ae] 83*) 770% | 75M TRANSMISSION LINE 


The entire array (with the exception of the 

75-ohm feed line) is constructed of 300-ohm 

ribbon Jine. Be sure phasing lines (P) are 
poled correctly, as shown. 


188 - Double-Bruce Array Antenna 5dB-Gain for 20m, 10m 


a a a 





GAIN APPROX, 5 DB. 


DIMENSION L 
See 


189 - Bi-Square Broadside Array 4dB-Gain for 20m, 15m, 10m 
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INTS OF MAXIMUM 
RRENT 


DIMENSIONS 
1OM._}5M._ 20M. 


(L [16'6*|ae-o*| 33° | 
[Dyes] [ee] 





Q SECTION 
WISE. WIRE 
SPACED 4 


GAIN APPROX, 408 


150. LINE TO TRANSMITTER 


190 - Six-Shooter Broadside Array 7.5dB-Gain for 20m, 15m, 10m 


pty pt fp 





DIMENSIONS 300 © RIBBON LINE 
10M. 15M. 20M, 
(LT tr [aaa] aaa GAIN APPROX. 7.5 08 





[D [17-6 [22/0] aren 


191 - Triplex Flat-Top Beam 4.5dB-Gain for 20m, 15m, 10m 
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US, Patent do00608 earth's atmosphere, ionosphere, and/or magnetosphere” 


High Frequency Active Auroral 
Research Program 


HAARP 


Gakona, Alaska 


_pe ete 


ee 


is 
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MAXIMUM 
RADIATION 


a 
4.508 


MAX. RADIATION 


300 D LINE TO 
TRANSMITTER 
se ANY LENGTH 












LIGHT 
cuY 
ROPE 











2"ourac pipe 


LIGHT GUY ROPE 


33FT LONG 









6” 
STANDOFF 
INSULATOR 


ROPE 


TWO BAND (410-20 METER) TILT ANTENNA ~— 


VERTICAL FOR 20METERS—TILT 54° FROM HORIZON 
FOR 10 METERS 





193 - Super Space Multiband Dipole Antenna for 80m to 10m 
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Pnommeeininicme ni aumsnete eis cnr seememmicastitn ctr sree 





Nylon Roppe, Diameter = 6mm 
2 x 20.5m Copper Wire 2mm 


RG8/U 





194 - Bi-Square Beam Antenna Gain=5.5dB for 10m 


Feed at AF = Horizontal Polarization 
Feed at E = Vertical Polarization a8 





—PULLEY ; FEEDLINE CONNECTS yPuecey 
o- Sine re. |, NO CONNECTIONS TOPOINTS A-F J TRC me 
Hi AT THIS POINT VIA MATCHING 
TRANSFORMER 
t 
| 
| ! 
: SIDE —=, 
| suprorT | 
i Z | 








| Gain = 5.5dB 





195 - Cousin of G5SRV Multiband-Antenna for 40m to 10m 


44°2" INSULATED AND 
STRANDED COPPER 






WIRE 
44 ot - 
—_ e, 
some “hs, 
- 36* a! we 
TWIN Lead 
RUN TWIN [EAD (306 OHM) 
1S A POINT 
NEAR TRANSMITTER ‘thes 
\ LOAD HERE 
(SEE TEXT) 


vette" oF Ro-sa7U 
CABLE WOUND INTO 

A 3° DIA ROLL 

AND T4PEQ IN 
THREE PLACES 











196 - Cayman Quad Antenna,for 20m 
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THE ENDS OF THE SKYLINE GO OVER 
THE CROWNS OF TREES AND DOWN 
TO EARTH ANCHORS so 


WICDLE SPACER POLE 









ALGMINUN STRAP 
a 


. _ SKY 
YHROUGH TREE TT oo LINE seal — 
AND DOWN <—— Bae 
TO GLeet 





4 
MAST ROPE ie 


E TOP SPACER PYLE 
PULLEY 


a 
an TIED TO MAST ROPE 
MAST ROPE GOES THROUGH 


PULLEY AND IS USED Ta LW 
RAISE AND LOWER THE # fle °% ) WOOD DRILLED FOR SNUS 
ANTENNA / \ Weezer QUAD LoUPS # yassnwe OF COPPER PIPE 
ee ae é 
i FON, f 
MIDDLE SPACER POLE /.€  \, f : 
Ff \ y 3 NY 3 WOOD SAME THICKNESS 
/ \ a. \ Tos4.. STEERING ROPES TIED TO ss oe 
y, , x MIDDLE SPACER POLES 
‘ 
/ \ 
f CLEAR PLEXIGLAS PANEL 
STEERING ROPE ! ; \ 
x / j \ ; 
3 f . SHORT STANG-OFF 
& ? ; He” INSULATORS 


B pu-zse QUARTER~ WAVE 
BCOAK PLUG 7S “OHM 





a if 
ae BOTTOM SPACER 












/ TIED TO MAST ROPE MAST ROPE \ BATCHING SECTION 
/ \ 
jf \ 
/ CORAL \, 
/ 7" ANCHOR \ 
a be “= = ROTIOM SPACE! 
te PACER 

Length of one side of driven radiator: 250/f = 17.86 ft. pea che HOTTOM BPackR Firs 
Length of one side of closed reflector: 258/f = 18.43 ft, IN PLAGE FuROva: SNS MOLE: IN 


Spacing between loops: 118/f = 2.43 ft. PEERS SORES 





197 - Hentenna Gain=3dB with Bazooka Match for 6m 


fag A a 





| SOLDER AND TAPE 
\ 


! 


Al2 





(30mm) 


40.6" (1,03 m} | 





MATCHING SECTION 





198 - X-Beam Antenna Gain=3dB for 20m 
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¢' a" 
DIR. 
TAIL 


NYLON 


CORD 





t 
I : 
{ ei “ a ~ “ee I. 
—" SROUND ™ 
b RADIALS ~,| 
Twin- Delta Loop, with the Image in the ground plane. 


Band Tower Height Length of Sloping 


(ft) Wires (ft) 
womt 192.03 204.08 
80m 49,86 99,72 
40m 25.92 6184 


200 - Inverted-V Beam Antenna for 30m 
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COARIAL ~~ 
“T" CONNECTORS 





Wah 
AG Ae7 













sn 1? 
fe rise” PY. 
4 Ba PIPE BOOM NYLON ROPE 
~ Ne fd hy (er 
m + FEET)” 0.5048 di ie 
th; | dal ue 
Rete el viral CORRAL 2 PIECES RG-R9/U 





INSULATOR ‘, 
aN 
- 90° OR N, 
” 7 a ee, G 
ive pyeseme \ GREATER ‘ gees 
Be 2 hg 
sie 
COAXIAL CABLE as a 
NYLON ROPE if saline i 
Loo” EY DB. dength = 476/fygg, SS. sy. 
\Y/ i i ’. Dir. length = 450/tsanie 5 
RAL i = 
f Phi he Mon 
1 { 7 . : ‘ * 
pt Se kre cat fe, alin i a oe cementite A a : ee 
Bye eid = 





INS; 





it BALUN Bet 


‘FD4 Windom 


F5n COAK 











202 - Two Elements Phased Delta’Loop for 40m 
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OIREGTION 
OF BEAM 







SAPWAVE, THR 
_GOARIAL men 
A” YEANS FORMERS | 


DOUBLE FEMALE 
CONNECTOR 


ui 
T : Ser. LINE 
CONNECTOR 


te ANY LENGTH) 





DETAIL A 
nee Gain = 3B names 
Ce 


203 - Three Elements Wire Yagi for 10m 





DIRECTOR 







DRIVEN ELEMENT 
3O0VL TWIN-LEAD 













“. a 
ay 
— ie “ 
BAMBOO me, 
ba a SUPPORTS 
sO", 
ine 
~ \ 
REFLECTOR 


go" >. BAMBOO SPREADER LENGTHS 
ELEMENT LENGTHS <n e Logins ARE 112" FROM THE CENTER 
DIRECTOR 184" ig COAXIAL CABLE 
DRIVEN ELEMENT 203" * 
REFLECTOR 212" * 
* INCLUDING 
OVERHANG 





204 - Low Radiation Angle Full-Wave Loop Antenna for 80m 
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TRIBANO RESONANCE = 3550 Hr A, 






YAGI 
WIFE SYSTEM A 
404 450° Ay LINE \ 
BALUN 
cacao 2 - 190 1 
> d 
INSULATOR ere 
TO STR. 
~~ 
eo Ss NO.t2 WIRE 
\. ™. 
% “Reg 
i $908 
a VER, 1 Seite FEET 
i ‘c. LIOVERALLI® iMHs! 





ANE a ert ert 


(ms FEET) 2 0.3046 | 





205 -Collinear Antenna Gain=3dB for 2m 









174 A IN AIR { APPROX, 19%) 
~~ SHORT 


1/4 A IN SOAK | APPROX. 43") 









HAIRPIN DETAIL 


USE NO.14 COPPER 
WIRE 


(APPROX. 
26" EacH) 


4 
“ | 
tia” IN 


CORK 


i APPROX, 18°) 
(B81 
HAIRPIN 
Se | ms I CHES Cs 25.4 
| . 
il FEEO LINE 
_ $2 0b 





206 - X-Ray Monoband Antenna Gain=6.5dBd 
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INSULATOR 
1TYP) f i 
ut \ oe ~~ 
x, P aside a” a 
20° Tye ese 
Lt \ Le 
ie %; 
ut 
7 - 
PLAN VIEW ELEVATION Vitw 
el 
Element Center 
Band Length Mast i 
40m 172 ft 67 ft 
ie 3m 122 tt 46 ft 
A sa my 20m 87 ft 34 ft 
F FLEXIBLE LEADS 15m 58 ft 22 ft 
Pa eee ” 10 m (28.0-28.5 MH2) 43 ft@in 17 ft 
Y ~, 10 m (28,5-29.0 MHz) 42 ft Sin 
CABLES CENTRAL MAST 10 m{29.0-29.5 MHz} 42 ft 








207 - Broadside Collinear Curtain Array for 20m 


Catenary Antenna Wire 
43! 5" 
ae (4 places) Twine Support 
to (3 places) to 
Tree Se Z Tree 
™~ 











Insulator 


(6 places} ~ Lightweight 


—_—" Twintsad 
43°5" 






Support Rope L, 
45°56" as 
(Zpinees) — all Feed Line 






ta Shack 


nn erent 





Anchor 
Gain = 12dB Rope 





208 - Shrunk Loop Antenna for 80m, 40m 
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nt 








350- to=580—() Ladder Line 
(See text) 

39’ 8-1/2" long to (A), below 10' 10-3/4" 480-9 
# Ladder Line 

{impedance Transformer 

for 15 Meters) 


ppoT 
Knife Switch = “>~. 


1:1 Bead Balun 
——— (See text} 


50-Q Cooxial Cable 
to Shack 





210 - K3LR Sloper Antenna Gain=3dB for 160m 
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Anchor Pint at 
190 Feet Above 
Ground 
: 3 to 4 Fest 
~~ of Rope 









Wire Length = i351‘ 8” 
{noch lag) 
F 


Z 









~“ 
Faad Point 
wv ot G7 Feet 
‘ 
‘ 
% 
hy 
= to + Feat Ne 
of Rope ‘ 
P \ 
f ~ 
? x 
- Be 
{ \ 
a i 
Ve a 
¢ Anchor Point at s 
—t—...... 5 Feat Above Anchor Point ot rt 


Ground 198 Feet from Tower 

























= 0.075: MINI oe 
FREO.(me) | HEIGHT (H) [TUNING COiL (L} FREQ ime/d| HEIGHT IR) 
1.925 36’ | 
| to pee | 1 zs ‘ 
a Ht ' 









7 f*T s2F‘rT 
€00009-4— i. 
[ taf / 


NUMBER 12 OR 14 COPPER“ —»/ 


OR COPPER-CLAD 7%! / 
STEEL WIRE / 
Ce 60 pF / | 
le 8 2en J | 
| 50-75 onm 
| TRANSMISSION 
) LINE, ANY 
© J REASONABLE e 
LENGTH 





213 - Stub Matched Dipole Antenna 
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Mass secret torture by Antenna Technolo 
("VOG - Voice of God Weapons") 


S, | GWEN tower emergency system 
1 ee )  Betemeromer tet jcucsccmtelemerrcemes 
fw broadcast the signals to cause 
A painful effects on the people: 
- burning/prickly sensations 
- dizziness 
-nausea 
- pain 
- buzzing sound 
- vibrations 
sleeplessness 
aeLOLeLemalinuwilele)ar 
- hearing tones or tinnitus 
- hearing human voices 


ws FY fs! b } 
EXPOSING SATANIC WORLD GOVERNMENT 


— 
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1/42 (20) 174.4 (20) 4/40 (10,5 MHz) 1/42 (10.5 MHz) 1/44 (40) 744140) 










30/70 OM 
LINE TO 
TRANSMITTER 


20710 METERS 45,10 METERS 40, 20,15 METEAS 


ID) AG-8/u BALUN 


246v/f, where v = 0.659 


RG-6/U COAX TO 
TRANSMITTER 








JUMPER 
(1 OF 


(10, (8) 
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Dimensions for the Swiss quad (in inches). 


reflector radiator gamma gamma 
frequency horizontal horizonal vertical spacing length spacing 
(MHz) (R) (D) (4) (Ss) (tL) {A) 
14.05 248 223% 236 84 188Ve 4% 
14.2 245 221 233 83 186\2 ave 
21.05 165 149 187 56 126 2M2 
21.2 162% 148 155% SS 124\2 2% 
28.05 124 112 118 42 9442 2 
23.5 122 110 116 atv 33 2 








218 - Japanese Quad Antenna for 20m, 15m, 10m 


http://www.qgsl.net/va3iul/Antenna/Wire%20Antennas%20for%20Ham%20Radio/Wire_antennas_for_ham_radio.htm 97/127 


1/10/2018 Wire_Antennas_for_Ham_Radio 


coil 
frequency quadside spacing location 


(MHz) (A) {B) 
4 152 101 38 
21 38 67 24Ne 
28 77 50 19% 





coll 
(uH) 


3.0 


2.0 


Construction details of the Japanese quad (in inches). 


winding 
info 


17¥Ve turns no. 14, 
1%2"" diameter, 
S” long 


tt turns no. 14, 
1%" diameter, 
3%" long 


9¥2 turns no. 14, 
1¥2"" diameter, 
3%" long 








26 
FIRST DIRECTOR ot" 
DRIVEN ELEMENT OTHER DIRECTORS 20'6* 












220 - Log Periodic Wire Antenna for 40m 


4 27 39 48 


(2 ¢ Str 














13 tt 





RADIATOR) 


“| es 2in 
/ 
j 


loz Hi Zz 
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221 - Three-Elements.90-degrees Wire. Beam for 20m 


ORIVEN ELEMENT 
6 


SIGNAL 
DIRECTION 


REFLECTOR 





222 - Two-Elements Wire Beam for 20m 


SIGNAL 
DIRECTION 


NYLON BRIDLE t 


_DIRECTOR St ft-4 in. NO. 14 AWG 









16 tt 
DRIVEN ELEMENT 


DRIVEN ELEMENT 


(2)-16 ff LENGTHS HARDWALL 
ALUMINUM TUBING-I72 in. O.D. RG -8/U COAX 





223 - Suitcase-Fit Dipole Antenna for 80m, 40m, 20m 
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70. COAX 





224 - Multiband Coaxial Dipole for 80m, 40m 


20 ~~ 






COAXIAL 


Trap coil L1 is 21% turns of B&W FEEDLINE 


coil stock, 2” diameter, 8 turns per inch. 





225 - Vertical Log Periodic Antenna for 80m, 40m 
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(74° CATENARY LINE 


Mh. FEEO POINT 





226 - Inverted Vertical Log Periodic Antenna for 40m 
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10-d8 gain 






SOE MAST 


SIDE MAST 






dimensions (feet) 
for 40 meters 









35 $1 
€2 32 $2 13 
Es 28 $3 12 
E4 24.5 s4 9 
€5 20 
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227 - Double, Extended Zepp Antenna Gain=7dB for 15m 
ro [~ “eT ‘ —T ro — 
S % 4 Q “ 5 4 S 4 © 5) 
768! 768" | 
_ 


















OPEN WIRE 
FEEOLINE 
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228 - Double Lazy-H Antenna G=10dB for 70cm 


10.8 dBd 21dB F/B 

xx - 50 Ohm, distance ~Smm 
SWR = 1 @ 435 MHz 

Material 3-5 mm dia aluminium 
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229 - Wire Log Periodic Antenna G=12dB for 15m, 20m 
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rl 


4 AT 20 METERS http://www.gqsl.net/va3iul 






4 AT (5 METERS 


| 
| 






























ar 7 
sg Pe f* 
a ; ry = 
= . ec] Soi a, 
“ 2 @ s ~ 
Bs] 
= ke is” 
RS (+ 8) 
7 ws! 75° 7.0' ; ; COAX OR 
(3.5m) (2.29m3| (214m) Fe 





Zz HIGH Low HIGH Low Z 


72" 
(22m) 





230 - Five-Elements Vertical Log Periodic for 80m, 40m, 20m 

















—=S3 so 
BEAM 
4 > 
= 
S 
= OR, 
5 
2 - ~ 
a ar ~. 
* 
3 $ Bare 
Dt z P 
s 
fs £2, £4 oS] oes 
— 415 GALUN 
pa hi/2" 176mm) a 
i FEEGER SPACING r f 
o or a coax 
€2, SWORT EARTH GROUND 
| 
| ee on, bie — — 
$i a OPAL LENGTH ———_ - 
element 3.5-4.0! 3.8-4.0? 7.0-7.32 14,0-14.351) 
El 70° (21.4 m} 65' (19.8 m) 35' (10.7 m)} 17.5' (5.3 m} 
E2 67' (20.4 m) 62! (18.9 m) 33° (10.0 m) 16.5' (5.0 m)} 
e3 58’ (17.7 m) 55° (16.8 m) 28" ( 8.5m) 14.0° (4.3 m) 
E4 50° (15.3 m) 45" (13.7 mp 24.5'( 7.5m) 12.2" (3.7 m) 
eS 43° (13.1. m) 40" (12.2 m) 20’ ( 6.1m) 10.0" (3.0 m) 
si 30° ( 9.2m) 26'( 7.9m) 14° ( 4.3m) 7.0° (2.1m) 
s2 27" { 8.2m) 24° ( 7.3m) 13'( 2.0m) 6.5" (2.0 m) 
$3 24° ( 7.3m) 23°( 7.0m) 12° ( 3.7m) 6.0" (1,8 m) 
s4 19° ( 5.8m) 18" 5.5m) 97 ( 2.7m) 4.5" (1.4 m) 
total nN a Fi 
Tacaihl 100" (30.5 m) 91" (27.8 m) 48° (14.6 m) 24* (7.3m) 
man 80' (24.4 m) 75° (22.9 m) 50’ (15.3 m) 30° (9.2 m) 
height tea (22. : 0. 
cite 45" (13.7 m) 40° (12.2 m) 25"{ 7.6m) 20° (6.1 
height (13: . : (6.1 m) 
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231 - Sloping Delta Loop Antenna for 40m 
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Total length 43-48m 





69 turns, 1+25india, 
we J outer ie 
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233 - Log Periodic Wire Beam for 40m 
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| Li 2! METERS (+3,75em) rs T5em (1, 51N.) | 
(69.5 FT. WIS IN) | | 











st 
7.7 METERS | 
(25.2 FT) H 










L2 20 METERS 
\ (66 FT.) 


s2 
7.3 METERS | 
(23.9 FT.) 


19 METERS 
(62.7 FT.) 







$3 
7 METERS i 
(22.7 FT) 















L@ #8 METERS 
\ (59.6 FT.) 


TOTAL BOOM LENGTH ef 
22 METERS (71.6 FT.) SEED 


TO 471 BALUN 
oR 
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TWO WIRE TUNED FEEDER 





234 - G3LDO Wire Beam Antenna for 20m, 15m, 10m 


Data for the G3L00 wire-beam antenna. All dimensions are in inches and are 


http://www.qsl.net/va3iul for insulated wire; multiply by 1.04 for uninsulated wire. Dimension C is approximate. 
driven 
band reflector element A 8 c 
28 NYLON CORD 20 482 417 a en es 
DRIVEN 15 302 279 154 166 113 22 
ELEMENT REFLECTOR 10 225 208 144 122 85 15 






x DRIVEN 
ELEMENT 


REFLECTOR 





L samgoo or GLass- 


FIBER SUPPORTS 
GENERAL CONSTRUCTION DETAILS 
8 WITH DIMENSION REFERENCES 





235 - Phased Delta Loop Array for 20m 
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, | 

35° \ TV maat | 
{107 

METERS) | 

. {i 

iH | 

| i 7 

| || 

al to ! 

| transceiver ~ | 

| 

| | 

; 4 {| 
?' 7 ee OR aes ae 


spacing gain 
wavelength feet (meters) (dB) 
0.33 23 (7) 2.0 
0.40 27 {8) 28 
0.50 4 (10) 4.0 http://www.qsl.net/va3iul 
0.65 fA {13) 48 





\ 
| |\¢7 merERsh, 
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6.93, \ 

— —» (20 meter sand) ——— 

j 7 METERS. 
= - -_—- 23° {7 E ERS) 


20° 
MOMETERS) i 


















236 - Dual Band V-dipole for 80m, 40m 





INSULATOR 
70 SUPPORT INSULATOR (TYPICAL) 
1 -. "coax ia 
t 
| WIRE STUB 
3° LONG 
i 8! POLE 
I WITH STEPS 
| 
{ 
i 
| 
! 
8 POLE THREE 
, WITH STEPS WIRE END 
Rss Mast een 
JACK (TYP) 
7 FT = 0,305 METER 
TIN, = 254M 
& 
S| 
a 
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237 - Collinear Array 5dB-Gain for 15m 


INSULATOR (TYPICAL) | 





ROPE A 
arene Oo oO 
8 
USE 
450-0HM 
LENGTHS “LADDERLINE” 
A= 22'11° FOR B STUBS 
= 11'2° TO AND MAIN LINE 
TUNER 
http://www.qsl.net/va3iul TFT = 0.305 METER 


TIN. = 254C0M 





http://www.gsl.net/va3iul/Antenna/Wire%20Antennas%20for%20Ham%20Radio/Wire_antennas_for_ham_radio.htm 


105/127 





1/10/2018 


Wire_Antennas_for_Ham_Radio 


238 - Two-Band Quad Loop Antenna 80m, 40m 





““. SUPPORT 







TFY = 0.305 METER 


40-METER STUB 
(4° LONG) 
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239 - K7CW Quad Antenna 





antenna design frequencies lin mete 














3.575 MHz 3.8 MHz 7.05 MHz 7.2 MHz 14, 
Where — = design frequency of x 29.2722 27, 5389 14.8437 14.5344 
antenna 13X = total distance Y 87.8165 82.6168 44.5311 43.6033 2 
around reflector loop). A 28.5617 26,8705 14.4834 14.1817 
8 85.685 80.6176 43,4502 42.5450 2 
3A = total distance around 4 14.6361 13.7695 7.42184 7.26722 
driven element loop. D 16.7832 15.7895 8.51064 8.33333 
= ifieearicetioen ria Nabe ER E 10.7144 10.0800 §.43317 § 31998 
of antenna (the imaginary plane € = 2v0124 saan m 
which contains the tips of all four 
saoraaitoral. 21.3 MHz 28.15 MHz 28.6 MHz 29 MHz 50 
x 4.91305 3.71751 3.63902 3.60855 
Where = wavelenatrabeengn oy 14.7392 11.1525 10.9771 10.8257 
frequency. ys 
D = element spacing A ites — F cate paras 
= length of bottom spreader. 8 1 4 10.8818 9.7106 0.5629 
H 2.45653 1.85876 1,82951 1.80428 
= distance from bottom spreader 5 2.81690 2.13144 2.09790 2.06897 
to main bub E 1.79830 1.36070 1.33929 1.32082 
c 3.74870 2.83649 2.79186 2.75335 
= distance from hub to where Note. X = length of reflector loop side D = bottom spreader length 
loop is attached to main ¥ = distance around reflector loop — element spacing 
spreader A = length of driven element E - distance from bottom spreader 
loop sce to main hub 
B ~ total distance around driven C= distance from hub to where loop 
element loop ¥$ attached to main spreader, 
http://www. qsl.net/va3iul H - distance fram hub to top thet is, spreader length 
of antenna 
240 - Broadband Short-Dipole for 80m 
http://www.qsl.net/va3iul Z 
4 
7 / 
‘7’ 
(5.18) 
[ ae 
+ COAXIAL 
ROPE ABLE 
eo i7’ ame | 
{5.18m) 
‘ (OBLIQUE VIEW) \ 
\ 
4 
‘ \ 
\ 
241 - Off-Center Fed Dipole for 40m, 20m, 10m 
106/127 
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“tral 44'-3" 
ir! (135M) 


Nor emcunwoveah BALUN — 


1/10/2018 







— 


@— COAX LINE 
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242 - Broadband Sloper Antenna for 80m 


- ROPE ANG INSULATOR {10 INCHES OR LESS) http://www.qsl.net/va3iul 


20 FOOT | Ri te, 


se obs SON. By. 
TOWER s . 


SPREADER 
ASSEMBLY 
fTyPicac? 


GROUND ~ TIE POINT 
a TIVTITITIVTT 
| 


(NUTS RY RS —+ 


80-meter WO4FAB broadband sloper. Spreader assemblies are made of 36-inch 
long fiberglass tubes. The four antenna wires are tied together about 24 inches past 
each spreader assembly. A nyion line may be required from the crossover point of the 
spreader to the outer insulator to prevent bowing. The SWR plot of the antenna falls 
below 1.4-to-1 at 3.5 MHz; 1.25-to-1 at 3.8 MHz and 1.4-to-1 at 4.0 MHz. Feedpoint re- 
sistance of the antenna may be changed by altering the slope angle. The resonant fre- 
quency is adjusted by changing length — no climbing necessary! 








243 - Two-Frequency Dipole Antenna for 80m 


INSULATOR 


625" je ea 62'5" _ alt 


le 
een —--—— kz —~ <> S  - 


. 
| 








BALUN 
EIGHT TURNS OF LINE 
= PASSED THROUGH TOROID 


| aG-58/U 
1/24 * 066° 916". 
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TO SWR METER AND TRANSMITTER 


The W6TC two-frequency dipole for 80 meters. Antenna is cut for resonance at 
high frequency end of band. A single loading coil for operation at the low frequency 
and of the band is piaced an electrical half-wavelength down the transmission line. 
The line is decoupled from the antenna by a simpte balun placed directly at the anten- 
na insulator. Toroid is powdered iron material T-200 (2” OD) (1.25” ID), 2-mix (red, 


= 10 (Amidon T-200-2), or equivalent. 





244 - Top Loaded Vertical Antenna for 160m 


http://www.qsl.net/va3iul/Antenna/Wire%20Antennas%20for%20Ham%20Radio/Wire_antennas_for_ham_radio.htm 


107/127 


1/10/2018 


Wire_Antennas_for_Ham_Radio 


http://www.qsl.net/va3iul CONTINUOUS WIRE- 

NO INSULATOR 
LOOP CONSTRUCTED 
FROM NO, 14 AWG 
HARD DRAWN COPPER 


‘ 










a Je— JUMPER 
Y 


\ 
12" (30cm) 
INSULATOR 










LEG 4 









JUMPER FROM 
FEEDER TO LOOP 






2” (30cm) 
INSULATORS 


SPACERS WITH 3 NO. i@Awe 


+— 3/8"(95mm} WOOD OCOWEL | 





@— FEED POINT 


= POLE TO POLE DISTANCE - 95’ (29m) SS 





| 
| 
| 





INSULATOR (TYP,) 


— 40° (12.2m) SUPPORT 


L 





245 - Two Loop Beam Antenna for 20m, 15m 


WIRE OR NYLON ROPE 


WIRE OR NYLON ROPE 





40° (12.2m) SUPPORT —> 
ia——~ 50 OHM COAX 


TO SHACK 
OVERALL LENGTH OF LOOPS = et (IN FEET--iN METERS, DIVIDE RESULT BY 3,28) | | 
Mite 
DIMENSION "A" EQUAL TO ONE SIDE OF LOOP. 4.5 dB over a dipole 


The W2TBZ loop beam. The phasing lines are made of 300-ohm TV line. Length 


of phasing line = oS x velocity factor of 300-ohm line. Balun is supported at center 
MHz 


of lower nylon rope. 
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246 - Corner-Fed Delta Loop Antenna for 80m, 40m, 20m 
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(8.84) i ’ 
50/75 OHM \ 


coax ||! 
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Tx 
DIMENSIONS FOR FULL-SIZE CORNER-FED DELTA LOOPS 
total loop length of 
frequency circumference bach side length of base 
(MHz) {feet) {meters) (feet) (meters) (feet) (meters) 


3.600 279%. 2in. (85.09) 82tt. (24.99) 195%. 2in. (95.10, 
7.075 142ft.0in. (43.28) 42ft. (12.80) 581. 0in. (17.68) 
14.150 71 ft.Oin. (21.64) 21ff. (6.40) 29ff.0in. { 8.84} 





247 - Loaded Delta-Loop Antenna for 40m, 20m 


http://www.qsl.net/va3iul 3°,01.06M) BIAS 













3" 
(2,81) 





(3.04) 


The final loaded loop for 14 MHz. All dimensions 
are doubled for operation on 7 MHz. Base loading wires 
are each 18 feet 4 inches (5.59 meters). The top loading 
wire is made taut by securing to base with thin light 
nylon cord. 





248 - Compact Size Dipole for 80m 
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oe 


INSULATOR (TYP.) 






design COAX TO STATION 
y a a dy, by ay 

(MPtz) feet meters foet moters (wh) (utd) 

35 66 85 270.38 6.71 5.08 434 20 

36 65 00 9.81 6.25 495 20 9 

ae 61.57 18.77 15.39 4.69 19.6 ne 

40 5850 17.83 14.62 414 73 7? 


antenna wire size: 1¢ AWG 
Ly, Ly. Ly diameter = 2 inches (5 em) 
(atl coffe are close wound) 


2S tity = 26S turms 1) «= 48 turns 
3.6 Lady = 35.0 turns, Ly = 4.7 tures 
38 tytp = MO tems, Ly © 46 turns 


http://www.qsl.net/va3iul 
40 ishe © 225 turns, by « 44 terns 





249 - JAWS 3dB Gain Antenna for 40m 













’ 


34'5" (10. 5m) 


19°38" (6m) 
—— 34'5" {10 5m) 
2 8" (50cm) 
te, oat 
x So 


LE TL 


‘nh en 
34°85" (10.5m) = 


a 


+ 345" (10.5m) 










SS GAMMA 
QO MATCHING 
QO SECTION 








COAXIAL CABLE 19'8" 


ies" FEEGER (6m) 
(Sm) 


“— — 
EACH RADIAL HAS A LENGTH OF 6871!" (2im) ae 
APEX OF EACH tS FIXED TO A SUITABLE 
ANCHORING POINT 
= APEX 1['8"(50cm) APART 
JT al 
xX - INSULATORS 
http:/Awww.qsl.net/va3iul 





\, 





250-- Inverted-V Antenna for 160m 
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foe 


Ae 


ra 
Vl COAX CHOKE ay 
xf 
Vl WY 


7 
7 
y s 





4 x 


“ 60’ (8.28mi 
TO GROUND 


http://www. qsl.net/va3iul | 
home 


The inverted-V antenna for 160 meters at VE7BS. Wires all lie in the same plane. 
Apex is at 105 feet (32 meters). 





251.- Lazy-U Antenna for 160m 


t- a a ee eT 

| (24 38M) | 

| 

noe hemes 


as. iat xX. WIRE 


[ 





| 
50° 
U5 20m) 


| 
| 


| 
fal 


(0'(3.05M) 








TO GROUND 
4 peprerrrorge 
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252 - AF3V Compact Antenna for 160m 
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L = @9:H. 59 turns No. 18 gauge ename! wire, |-7/8 inches aamerer, cose 
wound about 2.8 Inchés long. 


INSULATOR 
L 
7 - i7'(5.2m) _32'(9.75m) i eee: 
eas Pome ere 2412 a Cs 7 
| 
| ROPE 
is’ | 


(4.6m) | 
20° 
{61m} 
SERIES CAPACITOR | 
HERE iF DESIRED | 
FEED O- 


POINT Oo | 


| a ae ee 
db 








“COUNTERPOISE WIRE 
ON GROUND 
RADIO 
GROUND http://www.qsl.net/va3iul 





253.- Hot Beam Wire Antenna-for 40m 


http://Awww.gqsl.net/va3iul ON RE _ 










130° 
LEVEL 
ROPE 
Ny APPROX 1/4 
SPACING 


INSULATOR {TYP)— 


Z 


ORIVEN 


ELEMENT + 
CAN 
Ao REFLECTOR 


DIRECTION OF FIRE 





COAX TO SHACK 
(SEE NOTES FOR 
SPACING! 


oe 
ROPE Ee we 
bv ff ‘ne il 
\, we 
¥ 


’ 





io’ PosT f° 
—~. 


al wer, 





254 - Sloping Delta Loop for 40m 
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INSULATOR (Try¥P} 






DXXKKKX 


47.5 (14.5) EACH SIDE 


xX 















53° 
16m) e 
* ~ 
ey 23° (702m) 
= Xx 
6.5'(2m) 
ABOVE GROUND 
RG~8/U 
RANDOM LENGTH 
255 - K6FD Multiband Antenna with T-tuner 
TUNER 
50 OHMS 50 OHMS 
Oe 8 “4 
se “26 
oF u“ — —-i2 sh oi wn 
cr 
Lf =16 TURNS, 21/2°(63 Sem} DIA, wi 
2"(50.8mms LONG at 
L2+40 TURN ROLLER COIL, 11/2" P< 
{38 mm) D)4,, 3°(7E 2mm} LONG 8 a 
or 
we . 
-RG-(4i7U COM, 14 TURNS we 
3°176.2mmi DIA ie 
e. 
“4 
ee 
t oe er cil 
O-~ ‘J 
> a | 
40 ° — 
=~ RG58/U TO TUNER tze) pnd: 
100'(335m} Ra 
bag 
tg 
26 
http://www.qsl.net/va3iul (Bm) 





256 - Dual Band Dipole Antenna for 17m, 10m 
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29°6" 





29'6" 





(O75 


FLAT TOP «+ 
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257 - Compact Travel Dipole Antenna for 10m, 15m, 20m 
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258 - End-Fire Antenna for 160m, 80m, 40m, 20m 
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259 - Four Band Loop for 40m, 20m, 15m, 10m 
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260 - Carolina Windom Antenna for 80 to 10m 
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261 - Shortened Loaded Dipole for 40m 
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262 - Shortened Loaded Dipole for 80m 
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263 - Low Radiation Angle Inverted Delta Loop for 80m 
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264 - Compact Dipole Antenna for 40m, 15m 
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265 - Vertical Delta Loop for 40m to 10m 
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266.- Delta Loop Antenna for-17m 
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267 - Bi-Square Beam Gain=3dBd for 17m 
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268.-Trap Dipole Antenna for.17m,13m 
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269 - Hanging Unipole Antenna for 160m, 80m 
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270 - Wideband Sloping Vee Antenna - 30m to 6m 
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271 - 5/8 Wavelength Antenna 
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272.- C-Pole Vertical Antenna 


Suspension cord 
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Band A B Cc D E 2:1 SWR bandwidth 
(meters) (inches) (inches) (inches) (inches) (inches) (kHz) 
160 1666 924 994 60 80 58 
80 840 460 360 30 40 120 
60 591 322 249 20 26 250 
40 450 240 190 20 20 260 
30 320 167 139 14 14 360 
20 177 85 84 8 40 400 
15 124 60 60 a 20 600 
10 87 46 37 “ 20 800 


Wire diameter is 1/16-inch. Height of the jower horizontal wire is 12 inches to 24 inches and Is non-critical. 





273 - Bobtail Antenna for.30m 
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274 - Bobtail Antenna for-40m 
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275 - Two Elements Vertical Loop Antenna for 40m 


2 el loop for 7 MHz 
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By adjusting condenser you can get the element to 
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276 - Double Extended Zepp Antenna for 40m 
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277.- Reversible Moxon Flip Beam for 40m 





7.4 MHz Flip Beam Antenna (FBA} 
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278 - Spitwire Antenna for 40m 
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279 - Fork Antenna for 40m 


Fork atenna for 7 MHz 
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280 - Veebeam Antenna 3dB-Gain for All Bands 
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281 - Vertical Moxon Antenna for 10m 
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282 --Half-Square Antenna for 30m 
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283 - Rotatable Vertical Delta Loop for 20m 
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Rotatable deitaloop for 14 MHz 






Swi 4 " , j - eB 


http://www.qsl.net/va3iul J : _+ 





284 - Mini-Horse Antenna 10dB-Gain for 40m-to-2m 
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285 - Compact Moxon Antenna 5dB-Gain for 40m 
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Practical Antenna Handbook - J. Carr 

More Antenna Classics - C. Hutchinson 

Amateur Radio Techniques = P- Hawker 
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286 - Two Elements Sloping Delta Loop 8dB-Gain for 10m 
2 el sloping Delta loop for 28.3 MHz 
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287 - Two-Elements Phased Vertical Antenna 3dB-Gain for 40m 
Tot gain 16844 
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complete antenna system. 


Since the first edition in September 1939, radio amateurs and professional engineers have 
turned to The ARRL Antenna Book as THE source of current antenna theory and a wealth 
of practical how-to construction projects. Use this book to discover even the most basic 
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Schematic Symbols Used in Circuit Diagrams 








FIXED VARIABLE X PHOTO 
ADJUSTABLE TAPPED THERMISTOR 


cis 








NON- SPLI 
FIXED POLARIZED 


SF AF A 


ELECTROLYTIC VARIABLE 


THROUGH 


3F ae --0 








IT-STATOR AIR-CORE ADJUSTAB PHASING 
{ bd 
HRON-CORE CORE 
METERS 


FERRITE-BEAD 


Ee} rrmr™m™»n»s 




















*~=~ Vi mV, 
RESISTORS CAPACITORS INDUCTORS COM) ~A,mA, [m~ A 
SPST SPDT NORMALLY OPEN BATTERIES 
+] - + = 
oF =o" oc O oe? oO += +4 | | = 
Oo 0 0 SINGLE MULTI 
CONDUCTORS CONDUCTORS SHIELDED WIRE OR COAXIAL CABLE TOGGLE CELL CELL 


NOT JOINED JOINED 


a 








se 





NORMALLY CLOSED 





GROUNDS 
a“ pie, 2b, 27 



















































































TERMINAL 
MneSS Or DATA Mote CNDNCIDe sat iHOOINTS cane 
MOMENTARY THERMAL || CHASSIS 
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AIR CORE ANTENNA — FUSE 
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—>- (SCR) ] _A 
BRIDGE GuARTe HAND KEY 
DIODE/RECTIFIER RECTIFIER WITH CORE WITH LINK A CRYSTAL 
= WO 1 8) = | 
3-PIN CERAMIC MODULE 
ZENER = SCHOTTKY TUNNEL DIODES (0#) TRANSFORMERS RESONATOR MOTOR — (OTHER THAN IC) 
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About the ARRL 





The seed for Amateur Radio was planted in the 1890s, when Guglielmo Marconi began his experiments in 
wireless telegraphy. Soon he was joined by dozens, then hundreds, of others who were enthusiastic about 
sending and receiving messages through the air—some with a commercial interest, but others solely out of 
a love for this new communications medium. The United States government began licensing Amateur Radio 
operators in 1912. 

By 1914, there were thousands of Amateur Radio operators—hams—in the United States. Hiram Percy 
Maxim, a leading Hartford, Connecticut inventor and industrialist, saw the need for an organization to band 
together this fledgling group of radio experimenters. In May 1914 he founded the American Radio Relay 
League (ARRL) to meet that need. 

Today ARRL, with approximately 150,000 members, is the largest organization of radio amateurs in the 
United States. The ARRL is a not-for-profit organization that: 

* promotes interest in Amateur Radio communications and experimentation 

* represents US radio amateurs in legislative matters, and 

¢ maintains fraternalism and a high standard of conduct among Amateur Radio operators. 

At ARRL headquarters in the Hartford suburb of Newington, the staff helps serve the needs of members. 
ARRL is also International Secretariat for the International Amateur Radio Union, which is made up of 
similar societies in 150 countries around the world. 

ARRL publishes the monthly journal QST, as well as newsletters and many publications covering all as- 
pects of Amateur Radio. Its headquarters station, W1AW, transmits bulletins of interest to radio amateurs 
and Morse code practice sessions. The ARRL also coordinates an extensive field organization, which in- 
cludes volunteers who provide technical information and other support services for radio amateurs as well 
as communications for public-service activities. In addition, ARRL represents US amateurs with the Federal 
Communications Commission and other government agencies in the US and abroad. 

Membership in ARRL means much more than receiving QST each month. In addition to the services al- 
ready described, ARRL offers membership services on a personal level, such as the ARRL Volunteer Exam- 
iner Coordinator Program and a QSL bureau. 

Full ARRL membership (available only to licensed radio amateurs) gives you a voice in how the affairs of 
the organization are governed. ARRL policy is set by a Board of Directors (one from each of 15 Divisions). 
Each year, one-third of the ARRL Board of Directors stands for election by the full members they represent. 
The day-to-day operation of ARRL HQ is managed by a Chief Executive Officer. 

No matter what aspect of Amateur Radio attracts you, ARRL membership is relevant and important. There 
would be no Amateur Radio as we know it today were it not for the ARRL. We would be happy to welcome 
you as a member! (An Amateur Radio license is not required for Associate Membership.) For more informa- 
tion about ARRL and answers to any questions you may have about Amateur Radio, write or call: 


ARRL—tThe national association for Amateur Radio 
225 Main Street 
Newington CT 06111-1494 
Voice: 860-594-0200 
Fax: 860-594-0259 
E-mail: hq @arrl.org 
Internet: www.arrl.org/ 


Prospective new amateurs call (toll-free): 
800-32-NEW HAM (800-326-3942) 
You can also contact us via e-mail at newham @arrl.org 
or check out ARRLWeb at http://www.arrl.org/ 
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Safety First 


Safety begins with your attitude. If you make it a habit 
to plan your work carefully and to consider the safety 
aspects of a project before you begin the work, you will be 
much safer than “Careless Carl,” who just jumps in, pro- 
ceeding in a haphazard manner. Learn to have a positive 
attitude about safety. Think about the dangers involved with 
a job before you begin the work. Don’t be the one to say, 
“T didn’t think it could happen to me.” 

Having a good attitude about safety isn’t enough, 
however. You must be knowledgeable about common 
safety guidelines and follow them faithfully. Safety guide- 
lines can’t possibly cover all the situations you might face, 
but if you approach a task with a measure of “common 
sense,” you should be able to work safely. 

This chapter offers some safety guidelines and pro- 
tective measures for you and your Amateur Radio station. 
You should not consider it to be an all-inclusive discus- 
sion of safety practices, though. Safety considerations will 
affect your choice of materials and assembly procedures 
when building an antenna. Other chapters of this book will 
offer further suggestions on safe construction practices. 
For example, Chapter 22 includes some very important 
advice on a tower installation. 


PUTTING UP SIMPLE WIRE ANTENNAS 


No matter what type of antenna you choose to erect, 
you should remember a few key points about safety. If 
you are using a slingshot or bow and arrow to get a line 


over a tree, make sure you keep everyone away from the 
“downrange” area. Hitting one of your helpers with a 
rock or fishing sinker is considered not nice, and could 
end up causing a serious injury. 

Make sure the ends of the antenna are high enough 
to be out of reach of passers-by. Even when you are trans- 
mitting with low power there may be enough voltage at 
the ends of your antenna to give someone nasty “RF 
burns.” If you have a vertical antenna with its base at 
ground level, build a wooden safety fence around it at 
least 4 feet away from it. Do not use metal fence, as this 
will interfere with the proper operation of the antenna. 
Be especially certain that your antenna is not close to 
any power wires. That is the only way you can be sure it 
won’t come in contact with them! 

Antenna work often requires that one person climb 
up on a tower, into a tree or onto the roof of a house. 
Never work alone! Work slowly, thinking out each move 
before you make it. The person on the ladder, tower, tree 
or rooftop should wear a safety belt, and keep it securely 
anchored. It is helpful (and safe!) to tie strings or light- 
weight ropes to all tools. If your tools are tied on, you’ ll 
save time getting them back if you drop them, and you’ll 
greatly reduce the risk of injuring a helper on the ground. 
(There are more safety tips for climbing and working on 
towers later in this chapter. Those tips apply to any work 
that you must do above the ground to install even the 
simplest antenna.) 


Tower Safety 


Working on towers and antennas is dangerous, and 
possibly fatal, if you do not know what you are doing. 
Your tower and antenna can cause serious property dam- 
age and personal injury if any part of the installation 
should fail. Always use the highest quality materials in 
your system. Follow the manufacturer’s specifications, 
paying close attention to base pier and guying details. 
Do not overload the tower. If you have any doubts about 


your ability to work on your tower and antennas safely, 
contact another amateur with experience in this area or 
seek professional assistance. 

Chapter 22, Antenna Supports, provides more 
detailed guidelines for constructing a tower base and put- 
ting up a tower. It also explains how to properly attach 
guy wires and install guy anchors in the ground. These 
are extremely important parts of a tower installation, and 
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you should not take shortcuts or use second-rate materi- 
als. Otherwise the strength and safety of your entire 
antenna system may be compromised. 

Any mechanical job is easier if you have the right 
tools. Tower work is no exception. In addition to a good 
assortment of wrenches, screwdrivers and pliers, you will 
need some specialized tools to work safely and efficiently 
on a tower. You may already own some of these tools. 
Others may be purchased or borrowed. Don’t start a job 
until you have assembled all of the necessary tools. Short- 
cuts or improvised tools can be fatal if you gamble and 
lose at 70 feet in the air. The following sections describe 
in detail the tools you will need to work safely on a tower. 


CLOTHING 


The clothing you wear when working on towers and 
antennas should be selected for maximum comfort and 
safety. Wear clothing that will keep you warm, yet allow 
complete freedom of movement. Long denim pants and a 
long-sleeve shirt will protect you from scrapes and cuts. 
(A pull-on shirt, like a sweat shirt with no openings or 
buttons to snag on tower parts, is best.) Wear work shoes 
with heavy soles, or better yet, with steel shanks (steel 
inserts in the soles), to give your feet the support they 
need to stand on a narrow tower rung. 

Gloves are necessary for both the tower climber and 
all ground-crew members. Good quality leather gloves will 
protect hands from injury and keep them warm. They also 
offer protection and a better grip when you are handling 
rope. In cooler weather, a pair of gloves with light insula- 
tion will help keep your hands warm. The insulation should 
not be so bulky as to inhibit movement, however. 

Ground-crew members should have hard hats for pro- 
tection in case something falls from the tower. It is not 
uncommon for the tower climber to drop tools and hard- 
ware. A wrench dropped from 100 feet will bury itself 
several inches in soft ground; imagine what it might do 
to an unprotected skull. 


SAFETY BELT AND CLIMBING 
ACCESSORIES 


Any amateur with a tower must own a high-quality 
safety belt, such as the one shown in Fig 1. Do not attempt 
to climb a tower, even a short distance, without a belt. 
The climbing belt is more than just a safety device for the 
experienced climber. It is a tool to free up both hands for 
work. The belt allows the climber to lean back away from 
the tower to reach bolts or connections. It also provides a 
solid surface to lean against to exert greater force when 
hoisting antennas into place. 

A climber must trust his life to his safety belt. For 
this reason, nothing less than a professional quality, com- 
mercially made, tested and approved safety belt is accept- 
able. Check the suppliers’ list in Chapter 21, Antenna 
Product Suppliers, and ads in QST for suppliers of climb- 
ing belts and accessories. Examine your belt for defects 


1-2 Chapter 1 








a) Slt it 

Fig 1—Bill Lowry, W1VV, uses a good quality safety belt, 
a requirement for working on a tower. The belt should 
contain large steel loops for the strap snaps. Leather 
loops at the rear of the belt are handy for holding tools. 
(Photo by K1WA) 


before each use. If the belt or lanyard (tower strap) are 
cracked, frayed or worn in any way, destroy the dam- 
aged piece and replace it with a new one. You should 
never have to wonder if your belt will hold. 

Along with your climbing belt, you should seriously 
consider purchasing some climbing accessories. A canvas 
bucket is a great help for carrying tools and hardware up 
the tower. Two buckets, a large one for carrying tools and a 
smaller one for hardware, make it easier to find things when 
needed. A few extra snap hooks like those on the ends of 
your belt lanyard are useful for attaching tool bags and equip- 
ment to the tower at convenient spots. These hooks are bet- 
ter than using rope and tying knots because in many cases 
they can be hooked and unhooked with one hand. 

Many hams use climbing belts such as shown in 
Fig 1. But fully integrated fall-arrest and positioning safety 
harnesses are preferable. The model ASL-301 in Fig 2 has 
a D-ring on the back of the harness to which a safety lan- 
yard is attached. These harnesses are available through 
Champion Radio Products, Box 572, Woodinville, WA 
98072, www.championradio.com. 


Rope and Pulley 


Every amateur who owns a tower should also own a 


Fig 2—Fall-arrest 
safety harness 
integrated with 
positioning safety 
belt for tower 
climbing. (Courtesy 
of Champion Radio 
Products) 




















Fig 3—A good quality rope and pulley are essential for 
anyone working on towers and antennas. This pulley is 
encased in wood so the rope cannot jump out of the 
pulley wheel and jam. 


good quality rope at least twice as long as the tower height. 
The rope is essential for safely erecting towers and 
installing antennas and cables. For most installations, a 
good quality '/2-inch diameter manila hemp rope will do 
the job, although a thicker rope is stronger and may be 
easier to handle. Some types of polypropylene rope are 
acceptable also; check the manufacturer’s strength ratings. 
Nylon rope is not recommended because it tends to stretch 
and cannot be securely knotted without difficulty. 

Check your rope before each use for tearing or chaf- 
ing. Do not attempt to use damaged rope; if it breaks with 
a tower section or antenna in mid-air, property damage 
and personal injury are likely results. If your rope should 
get wet, let it air dry thoroughly before putting it away. 

Another very worthwhile purchase is a pulley like 
the one shown in Fig 3. Use the right size pulley for your 
rope. Be sure that the pulley you purchase will not jam 
or bind as the rope passes through it. 


THE GIN POLE 


A gin pole, like the one shown in Fig 4, is a handy 
device for working with tower sections and masts. This 
gin pole is designed to clamp onto one leg of Rohn No. 
25 or 45 tower. The tubing, which is about 12 feet long, 





Fig 4—A gin pole is a mechanical device that can be 
clamped to a tower leg to aid in the assembly of 
sections as well as the installation of the mast. The 
aluminum tubing extends through the clamp and may 
be slipped into position before the tubing clamp is 
tightened. A rope should be routed through the tubing 
and over the pulley mounted at the top. 





S Zz “Koa 
Fig 5—The assembly of tower sections is made simple 
when a gin pole is used to lift each one into position. 
Note that the safety belts of both climbers are fastened 
below the pole, thereby preventing the strap from 
slipping over the top section. (Photo by K1WA) 
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has a pulley on one end. The rope is routed through the 
tubing and over the pulley. When the gin pole is attached 
to the tower and the tubing extended into place, the rope 
may be used to haul tower sections or the mast into place. 
Fig 5 shows the basic process. A gin pole can be expen- 
sive for an individual to buy, especially for a one-time 
tower installation. Some radio clubs own a gin pole for 
use by their members. Stores that sell tower sections to 
amateurs and commercial customers frequently will rent 
a gin pole to erect the tower. If you attempt to make your 
own gin pole, use materials heavy enough for the job. 
Provide a means for securely clamping the pole to the 
tower. There are many cases on record where homemade 
gin poles have failed, sending tower sections crashing 
down amidst the ground crew. 

When you use a gin pole, make every effort to keep 
the load as vertical as possible. Although gin poles are 
strong, you are asking for trouble if you apply too much 
lateral force. 


INSTALLING ANTENNAS ON THE 
TOWER 


All antenna installations are different in some 
respects. Therefore, thorough planning is the most 
important first step in installing any antenna. At the 
beginning, before anyone climbs the tower, the whole pro- 
cess should be thought through. The procedure should 
be discussed to be sure each crew member understands 
what is to be done. Plan how to work out all bugs. Con- 
sider what tools and parts must be assembled and what 
items must be taken up the tower. Extra trips up and down 
the tower can be avoided by using forethought. 

Getting ready to raise a beam requires planning. 
Done properly, the actual work of getting the antenna into 
position can be accomplished quite easily with only one 
person at the top of the tower. The trick is to let the ground 
crew do all the work and leave the person on the tower 
free to guide the antenna into position. 

Before the antenna can be hoisted into position, the 
tower and the area around it must be prepared. The ground 


Fig 6—If the switch box feeding power to 
equipment on your tower is equipped 
with a lock-out hole, use it. With a lock 
through the hole on the box, the power 
cannot be accidentally turned back on. 
(Photos courtesy of American ED CO®, 
at left, and Osborn Mfg Corp, at right.) 
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crew should clear the area around the base while some- 
one climbs the tower to remove any wire antennas or other 
objects that might get in the way. The first person to climb 
the tower should also rig the rope and pulley that will be 
used to raise the antenna. The time to prepare the tower 
is before the antenna leaves the ground, not after it 
becomes hopelessly entwined with your 3.5-MHz dipole. 


SOME TOWER CLIMBING TIPS 


The following tower climbing safety tips were com- 
piled by Tom Willeford, N8ETU. The most important 
safety factor in any kind of hazardous endeavor is the 
right attitude. Safety is important and worthy of careful 
consideration and implementation. The right attitude 
toward safety is a requirement for tower climbers. Lip 
service won’t do, however; safety must be practiced. 

The safe ham’s safety attitude is simple: Don’t take 
any unnecessary chances. There are no exceptions to this 
plain and simple rule. It is the first rule of safety and, of 
course, of climbing. The second rule is equally simple: 
Don’t be afraid to terminate an activity (climbing, in this 
case) at any time if things don’t seem to be going well. 

Take time to plan your climb; this time is never 
wasted, and it’s the first building block of safety. Talk 
the climb over with friends who will be helping you. 
Select the date and alternative dates to do the work. 
Choose someone to be responsible for all activities on 
the ground and for all communication with the climbers. 
Study the structure to be climbed and choose the best 
route to your objective. Plan emergency ascent and de- 
scent paths and methods. 

Make a list of emergency phone numbers to keep by 
your phone, even though they may never be used. Develop 
a plan for rescuing climbers from the structure, should 
that become necessary. 

Give careful thought to how much time you will need 
to complete the project. Allow enough time to go up, do 
the work, and then climb down during daylight hours. 
Include time for resting during the climb and for com- 
pleting the work in a quality fashion. Remember that the 





temperature changes fast as the sun goes down. Climb- 
ing up or down a tower with cold hands and feet is very 
difficult—and dangerous. 

Give careful consideration to the weather, and climb 
only in good weather. Investigate wind conditions, the 
temperature, and the weather forecast. The weather can 
change quickly, so if you’re climbing a really tall tower, 
it may be a good idea to have a weather alert radio handy 
during the climb. Never climb a wet tower. 

The person who is going to do the climbing should 
be the one to disconnect and tag all sources of power to 
the structure. All switches or circuit breakers should be 
labeled clearly with DO NOT TOUCH instructions. Use 
locks on any switches designed to accept them. (See 
Fig 6.) Only the climber should reconnect power sources. 

An important part of the climbing plan is to review 
notes on the present installation and any previous work. 
It’s a good idea to keep a notebook, listing every bolt and 
nut size on your tower/antenna installation. Then, when 
you have to go up to make repairs, you'll be able to take 
the minimum number of tools with you to do the job. If 
you take too many tools up the tower, there is a much 
greater chance of dropping something, risking injury to 
the ground crew and possibly damaging the tool. 

It is also a good idea to review the instruction sheets 
and take them with you. In other words, plan carefully 
what you are going to do, and what you’ll need to do it 
efficiently and safely. 

It’s better to use a rope and pulley to hoist tools. 
Climbing is hard work and there’s no sense making it 
more difficult by carrying a big load of tools. Always rig 
the pulley and rope so the ground crew raises and lowers 
tools and equipment. 


Climbing Equipment 

Equipment is another important safety consideration. 
By equipment, we don’t just mean tools. We mean safety 
equipment. Safety equipment should be selected and cared 
for as if your life depends on it—because it does! 

The list of safety equipment essential to a safe climb 
and safe work on the tower should include: 

1) A first class safety belt, 

2) Safety glasses, 

3) Hard hat, 

4) Long-sleeved, pull-over shirt with no buttons or open- 
ings to snag (long sleeves are especially important for 
climbing wooden poles), 

5) Long pants without cuffs, 

6) Firm, comfortable, steel-shank shoes with no-slip soles 
and well-defined heels, and 

7) Gloves that won’t restrict finger movement (insulated 
gloves if you MUST work in cold weather). 

Your safety belt should be approved for use on the 
structure you are climbing. Different structures may require 
different types of safety hooks or straps. The belt should 
be light weight, but strength should not be sacrificed to 





Fig 7—Mark Wilson, K1RO, shows the proper way to 
attach a safety hook, with the hook opening facing 
away from the tower. That way the hook can’t be 
accidentally released by pressing it against a tower leg. 


save weight. It should fit you comfortably. All moving 
parts, such as snap hooks, should work freely. You should 
inspect safety belts and harnesses carefully and thoroughly 
before each climb, paying particular attention to stitching, 
rivets and weight-bearing mechanical parts. 

Support belt hooks should always be hooked to the D 
rings in an outward configuration. That is, the opening part 
of the hook should face away from the tower when engaged 
in the D rings (see Fig 7). Hooks engaged this way are 
easier to unhook deliberately but won’t get squeezed open 
by a part of the tower or engage and snag a part of the 
tower while you are climbing. The engagement of these 
hooks should always be checked visually. A snapping hook 
makes the same sound whether it’s engaged or not. Never 
check by sound—look to be sure the hook is engaged prop- 
erly before trusting it. 

Remember that the D rings on the safety belt are for 
support hooks only. No tools or lines should be attached to 
these hooks. Such tools or lines may prevent the proper 
engagement of support belt hooks, or they may foul the 
hooks. At best, they could prevent the release of the hooks 
in an emergency. No one should have to disconnect a sup- 
port hook to get a tool and then have to reconnect the sup- 
port hook before beginning to work again. That’s foolish. 

Equipment you purchase new is best. Homemade belts 
or home-spliced lines are dangerous. Used belts may have 
worn or defective stitching, or other faulty components. 
Be careful of so-called “bargains” that could cost you your 
life. 
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Straps, lanyards and lines should be as short as pos- 
sible. Remember, in general knots reduce the load strength 
of a line by approximately 50%. 

Before actually climbing, check the structure visu- 
ally. Review the route. Check for obstacles, both natural 
(like wasp’s nests) and man-made. Check the structure 
supports and add more if necessary. Guy wires can be 
obstacles to the climb, but it’s better to have too many sup- 
ports than not enough. Check your safety belt, support belts 
and hooks at the base of the tower. Really test them before 
you need them. Never leave the ground without a safety 
belt—even 5 or 10 feet. After all of this, the climb will be 
a “cake walk” if you are careful. 

Climb slowly and surely. Don’t overreach or overstep. 
Patience and watchfulness is rewarded with good hand and 
foot holds. Take a lesson from rock climbers. Hook on to 
the tower and rest periodically during the climb. Don’t try 
to rest by wedging an arm or leg in some joint; to rest, 
hook on. Rests provide an opportunity to review the 
remainder of the route and to make sure that your safety 
equipment feels good and is working properly. Rest peri- 
ods also help you conserve a margin of energy in case of 
difficulty. 

Finally, keep in mind that the most dangerous part 
of working on a tower occurs when you are actually climb- 
ing. Your safety equipment is not hooked up at this time, 
so be extra careful during the ascent or descent. 

You must climb the tower to install or work on an 
antenna. Nevertheless, any work that can be done on the 
ground should be done there. If you can do any assembly 
or make any adjustments on the ground, that’s where you 
should do the work! The less time you have to spend on 
the tower, the better off you’ll be. 

When you arrive at the work area, hook on to the tower 
and review what you have to do. Determine the best posi- 
tion to do the work from, disconnect your safety strap and 
move to that position. Then reconnect your safety strap at 
a safe spot, away from joints and other obstacles. If you 
must move around an obstacle, try to do it while hooked 
on to the tower. Find a comfortable position and go to work. 
Don’t overreach—move to the work. 

Use the right tool for the task. If you don’t have it, 
have the ground crew haul it up. Be patient. Lower tools, 
don’t drop them, when you are finished with them. 
Dropped tools can bounce and cause injury or damage, 
or can be broken or lost. It’s a good idea to tie a piece of 
string or light rope to the tools, and to tie the other end to 
the tower or some other point so if you do drop a tool, it 
won’t fall all the way to the ground. Don’t tie tools to the 
D ring or your safely belt, however! 

Beware of situations where an antenna may be off 
balance. It’s hard to obtain the extra leverage needed to 
handle even a small beam when you are holding it far 
from the balance point. Leverage can apply to the climber 
as well as the device being levered. Many slips and 
skinned knuckles result from such situations. A severely 
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injured hand or finger can be a real problem to a climber. 

Before descending, be sure to check all connections 
and the tightness of all the bolts and nuts that you have 
worked with. Have the ground crew use the rope and pul- 
ley to lower your tools. Lighten your load as much as pos- 
sible. Remember, you’re more tired coming down than 
going up. While still hooked on, wiggle your toes and move 
a little to get your senses working again. Check your down- 
ward route and begin to descend slowly and even more 
surely than you went up. Rest is even more important dur- 
ing the descent. 

The ground captain is the director of all activities 
on the ground, and should be the only one to communi- 
cate with a person on a tower. Hand-held transceivers 
can be very helpful for this communication, but no one 
else should transmit to the workers on the tower. Even 
minor confusion or misunderstanding about a move to 
be made could be very dangerous. 

“Antenna parties” can be lots of fun, but the joking 
and fooling around should wait until the job is done and 
everyone is down safely. Save the celebrating until after 
the work is completed, even for the ground crew. 

These are just a few ideas on tower climbing safety; 
no list can include everything that you might run into. 
Check Chapter 22 for additional ideas. Just remember— 
you can’t be too careful when climbing. Keep safety in 
mind while doing antenna work, and help ensure that 
after you have fallen for ham radio, you don’t fall from 
ham radio. 


THE TOWER SHIELD 


A tower can be legally classified as an “attractive 
nuisance” that could cause injuries. You should take some 
precautions to ensure that “unauthorized climbers” can’t 
get hurt on your tower. This tower shield was originally 
described by Baker Springfield, W4HYY, and Richard 
Ely, WA4VHM, in September 1976 QST, and should 
eliminate the worry. 

Generally, the attractive-nuisance doctrine applies to 
your responsibility to trespassers on your property. (The 
law is much stricter with regard to your responsibility to 
an invited guest.) You should expect your tower to attract 
children, whether they are already technically trespassing 
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Fig 9—Assembly of the Z bracket. 
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Fig 10—Installation of the shield on a tower rung. 


or whether the tower itself lures them onto your property. 
A tower is dangerous to children, especially because of 
their inability to appreciate danger. (What child could resist 
trying to climb a tower once they see one?) Because of 
this danger, you have a legal duty to exercise reasonable 
care to eliminate the danger or otherwise protect children 
against the perils of the attraction. 

The tower shield is composed simply of panels that 
enclose the tower and make climbing practically impos- 
sible. These panels are 5 feet in height and are wide enough 
to fit snugly between the tower legs and flat against the 
rungs. A height of 5 feet is sufficient in almost every case. 
The panels are constructed from 18-gauge galvanized sheet 
metal obtained and cut to proper dimensions from a local 
sheet-metal shop. A lighter gauge could probably be used, 
but the extra physical weight of the heavier gauge is an 
advantage if no additional means of securing the panels to 
the tower rungs are used. The three types of metals used 
for the components of the shield are supposedly rust proof 
and nonreactive. The panels are galvanized sheet steel, the 
brackets aluminum, and the screws and nuts are brass. For 
a triangular tower, the shield consists of three panels, one 
for each of the three sides, supported by two brackets. 
Construct these brackets from 6-inch pieces of thin alumi- 
num angle stock. Bolt two of the pieces together to form a 
Z bracket (see Figs 8, 9 and 10). The Z brackets are bolted 
together with binding head brass machine screws. 

Lay the panels flat for measuring, marking and drill- 
ing. First measure from the top of the upper mounting 
rung on the tower to the top of the bottom rung. (Mount- 
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gis 2 Nuts 
36a} This Bend Makes 
The Hook of The Handle 
| | 
-@- -@- 
| | 
|. 5 . 
Panel Holes for Handle Should Be 5" 
Center to Center Two Pairs are Used. 
Notes: 


1. Standard Rodstock 1/4"-20 X 36" was Used. 
2. Two Pieces were Cut from Rod Stock. 
Each Approximately 10 7/8". 
3. Make The Three Bends of The Rod in Vise. 
4. Two Nuts 1/4-20 of The Same Threads as 
Rods. Jam or Lock Together. This Makes 
a Handle Stop. 


Fig 11—Removable handle construction. 


ing rungs are selected to position the panel on the tower.) 
Then mark this distance on the panels. Use the same size 
brass screws and nuts throughout the shield. Bolt the top 
vertical portion of each Z bracket to the panel. Drill the 
mounting-screw holes about | inch from the end of the Z 





Fig 12— 
Installed 
tower shield. 
Note the 
holes for 
using the 
handles. 
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brackets so there is an offset clearance between the 
Z-bracket binding-screw holes and the panel-bracket 
mounting-screw holes. Drill holes in each panel to match 
the Z-bracket holes. 

The panels are held on the tower by their own weight. 
They are not easy to grasp because they fit snugly between 
the tower legs. If you feel a need for added safety against 
deliberate removal of the panels, this can be accomplished 
by means of tie wires. Drill a small hole in the panel just 
above, just below, and in the center of each Z bracket. 
Run a piece of heavy galvanized wire through the top 
hole, around the Z bracket, and then back through the 
hole just below the Z bracket. Twist together the two ends 
of the wire. One tie wire should be sufficient for each 
panel, but use two if desired. 


The completed panels are rather bulky and difficult 
to handle. A feature that is useful if the panels have to be 
removed often for tower climbing or accessibility is a 
pair of removable handles. The removable handles can 
be constructed from one threaded rod and eight nuts (see 
Fig 11). Drill two pair of handle holes in the panels a 
few inches below the top Z bracket and several inches 
above the bottom Z bracket. For panel placement or 
removal, you can hook the handles in these panel holes. 
The hook, on the top of the handle, fits into the top hole 
of each pair of the handle holes. The handle is optional, 
but for the effort required it certainly makes removal and 
replacement much safer and easier. 

Fig 12 shows the shield installed on a tower. This 
relatively simple device could prevent an accident. 


Electrical Safety 


Although the RF, ac and dc voltages in most ama- 
teur stations pose a potentially grave threat to life and 
limb, common sense and knowledge of safety practices 
will help you avoid accidents. Building and operating an 
Amateur Radio station can be, and is for almost all ama- 
teurs, a perfectly safe pastime. However, carelessness can 
lead to severe injury, or even death. The ideas presented 
here are only guidelines; it would be impossible to cover 
all safety precautions. Remember, there is no substitute 
for common sense. 

A fire extinguisher is a requirement for the well- 
equipped amateur station. The fire extinguisher should 
be of the carbon-dioxide type to be effective in electrical 
fires. Store it in an easy-to-reach spot and check it at rec- 
ommended intervals. 

Family members should know how to turn the power 
off in your station. They should also know how to apply 
artificial respiration. Many community groups offer 
courses on cardiopulmonary resuscitation (CPR). 


AC AND DC SAFETY 


The primary wiring for your station should be con- 
trolled by one master switch, and other members of your 
household should know how to kill the power in an emer- 
gency. All equipment should be connected to a good 
ground. All wires carrying power around the station 
should be of the proper size for the current to be drawn 
and should be insulated for the voltage level involved. 
Bare wire, open-chassis construction and exposed con- 
nections are an invitation to accidents. Remember that 
high-current, low-voltage power sources are just as dan- 
gerous as high-voltage, low-current sources. Possibly the 
most-dangerous voltage source in your station is the 
120-V primary supply; it is a hazard often overlooked 
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because it is a part of everyday life. Respect even the 
lowliest power supply in your station. 

Whenever possible, kill the power and unplug equip- 
ment before working on it. Discharge capacitors with an 
insulated screwdriver; don’t assume the bleeder resistors 
are 100% reliable. In a power amplifier, always short the 
tube plate cap to ground just to be sure the supply is dis- 
charged. If you must work on live equipment, keep one 
hand in your pocket. Avoid bodily contact with any 
grounded object to prevent your body from becoming 
the return path from a voltage source to ground. Use 
insulated tools for adjusting or moving any circuitry. 
Never work alone. Have someone else present; it could 
save your life in an emergency. 


National Electrical Code 


The National Electrical Code® is a comprehensive 
document that details safety requirements for all types 
of electrical installations. In addition to setting safety 
standards for house wiring and grounding, the Code also 
contains a section on Radio and Television Equipment 
— Article 810. Sections C and D specifically cover Ama- 
teur Transmitting and Receiving Stations. Highlights of 
the section concerning Amateur Radio stations follow. If 
you are interested in learning more about electrical safety, 
you may purchase a copy of The National Electrical Code 
or The National Electrical Code Handbook, edited by 
Peter Schram, from the National Fire Protection Asso- 
ciation, Batterymarch Park, Quincy, MA 02269. 

Antenna installations are covered in some detail in 
the Code. It specifies minimum conductor sizes for dif- 
ferent length wire antennas. For hard-drawn copper wire, 
the Code specifies #14 wire for open (unsupported) spans 
less than 150 feet, and #10 for longer spans. Copper-clad 


steel, bronze or other high-strength conductors may be 
#14 for spans less than 150 feet and #12 wire for longer 
runs. Lead-in conductors (for open-wire transmission line) 
should be at least as large as those specified for antennas. 

The Code also says that antenna and lead-in conduc- 
tors attached to buildings must be firmly mounted at least 
3 inches clear of the surface of the building on nonabsor- 
bent insulators. The only exception to this minimum dis- 
tance is when the lead-in conductors are enclosed in a 
“permanently and effectively grounded” metallic shield. 
The exception covers coaxial cable. 

According to the Code, lead-in conductors (except 
those covered by the exception) must enter a building 
through a rigid, noncombustible, nonabsorbent insulating 
tube or bushing, through an opening provided for the pur- 
pose that provides a clearance of at least 2 inches or through 
a drilled window pane. All lead-in conductors to transmit- 
ting equipment must be arranged so that accidental con- 
tact is difficult. 

Transmitting stations are required to have a means of 
draining static charges from the antenna system. An 
antenna discharge unit (lightning arrester) must be installed 
on each lead-in conductor (except where the lead-in is pro- 
tected by a continuous metallic shield that is permanently 
and effectively grounded, or the antenna is permanently 
and effectively grounded). An acceptable alternative to 
lightning arrester installation is a switch that connects the 
lead-in to ground when the transmitter is not in use. 

Grounding conductors are described in detail in the 
Code. Grounding conductors may be made from copper, 
aluminum, copper-clad steel, bronze or similar erosion- 
resistant material. Insulation is not required. The “protec- 
tive grounding conductor” (main conductor running to the 
ground rod) must be as large as the antenna lead-in, but 
not smaller than #10. The “operating grounding conduc- 
tor” (to bond equipment chassis together) must be at least 
#14. Grounding conductors must be adequately supported 
and arranged so they are not easily damaged. They must 
run in as straight a line as practical between the mast or 
discharge unit and the ground rod. 

The Code also includes some information on safety 
inside the station. All conductors inside the building must 
be at least 4 inches away from conductors of any lighting 
or signaling circuit except when they are separated from 
other conductors by conduit or a nonconducting mate- 
rial. Transmitters must be enclosed in metal cabinets, and 
the cabinets must be grounded. All metal handles and 
controls accessible by the operator must be grounded. 
Access doors must be fitted with interlocks that will dis- 
connect all potentials above 350 V when the door is 
opened. 


Ground 


An effective ground system is necessary for every 
amateur station. The mission of the ground system is two- 
fold. First, it reduces the possibility of electrical shock if 


something in a piece of equipment should fail and the 
chassis or cabinet becomes “hot.” If connected properly, 
three-wire electrical systems ground the chassis, but older 
amateur equipment may use the ungrounded two-wire 
system. A ground system to prevent shock hazards is gen- 
erally referred to as “dc ground.” 

The second job the ground system must perform is 
to provide a low-impedance path to ground for any stray 
RF current inside the station. Stray RF can cause equip- 
ment to malfunction and contributes to RFI problems. This 
low-impedance path is usually called “RF ground.” In 
most stations, dc ground and RF ground are provided by 
the same system. 

The first step in building a ground system is to bond 
together the chassis of all equipment in your station. 
Ordinary hookup wire will do for a de ground, but for a 
good RF ground you need a low-impedance conductor. 
Copper strap, sold as “flashing copper,” is excellent for 
this application, but it may be hard to find. Braid from 
coaxial cable is a popular choice; it is readily available, 
makes a low-impedance conductor, and is flexible. 

Grounding straps can be run from equipment chas- 
sis to equipment chassis, but a more convenient approach 
is illustrated in Fig 13. In this installation, a '/2-inch 
diameter copper water pipe runs the entire length of the 
operating bench. A thick braid (from discarded RG-8 
cable) runs from each piece of equipment to a clamp on 
the pipe. Copper water pipe is available at most hard- 
ware stores and home centers. Alternatively, a strip of 
flashing copper may be run along the rear of the operat- 
ing bench. 

After the equipment is bonded to a common ground 
bus, the ground bus must be wired to a good earth ground. 
This run should be made with a heavy conductor (braid 
is a popular choice, again) and should be as short and 
direct as possible. The earth ground usually takes one of 
two forms. 

In most cases, the best approach is to drive one or 
more ground rods into the earth at the point where the 
conductor from the station ground bus leaves the house. 
The best ground rods to use are those available from an 
electrical supply house. These rods are 8 to 10 feet long 
and are made from steel with a heavy copper plating. Do 
not depend on shorter, thinly plated rods sold by some 
home electronics suppliers. These rods begin to rust 
almost immediately after they are driven into the soil, 
and they become worthless within a short time. Good 
ground rods, while more expensive initially, offer long- 
term protection. 

If your soil is soft and contains few rocks, an 
acceptable alternative to “genuine” ground rods is '/2-inch 
diameter copper water pipe. A 6- to 8-foot length of this 
material offers a good ground, but it may bend while being 
driven into the earth. Some people have recommended 
that you make a connection to a water line and run water 
down through the copper pipe so that it forces its own 
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hole in the ground. There may be a problem with this 
method, however. When the ground dries, it may shrink 
away from the pipe and not make proper contact with the 
ground rod. This would provide a rather poor ground. 

Once the ground rod is installed, clamp the conduc- 
tor from the station ground bus to it with a clamp that can 
be tightened securely and will not rust. Copper-plated 
clamps made especially for this purpose are available from 
electrical supply houses, but a stainless-steel hose clamp 
will work too. Alternatively, drill several holes through 
the pipe and bolt the conductor in place. 

Another popular station ground is the cold water pipe 
system in the building. To take advantage of this ready- 
made ground system, run a low-impedance conductor 
from the station ground bus to a convenient cold water 
pipe, preferably somewhere near the point where the main 
water supply enters the house. Avoid hot water pipes; they 
do not run directly into the earth. The advent of PVC (plas- 
tic) plumbing makes it mandatory to inspect the cold water 
system from your intended ground connection to the main 
inlet. PVC is an excellent insulator, so any PVC pipe or 
fittings rule out your cold water system for use as a sta- 
tion ground. 

For some installations, especially those located above 
the first floor, a conventional ground system such as that 
just described will make a fine de ground but will not pro- 
vide the necessary low-impedance path to ground for RF. 
The length of the conductor between the ground bus and 
the ultimate ground point becomes a problem. For example, 
the ground wire may be about !/4 A (or an odd multiple of 
4 0) long on some amateur band. A '/s-A wire acts as an 
impedance inverter from one end to the other. Since the 
grounded end is at a very low impedance, the equipment 
end will be at a high impedance. The likely result is RF 
hot spots around the station while the transmitter is oper- 
ating. A ground system like this may be worse than having 
no ground at all. 

An alternative RF ground system is shown in Fig 14. 
Connect a system of '/4-A radials to the station ground 
bus. Install at least one radial for each band used. You 
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Fig 14—Here is an alternative to earth ground if the 
station is located far from the ground point and RF 
in the station is a problem. Install at least one 1/s-’, 
radial for each band used. 


should still be sure to make a connection to earth ground 
for the ac power wiring. Try this system if you have prob- 
lems with RF in the shack. It may just solve a number of 
problems for you. Be careful, however, to prevent con- 
tact with the ends of the radials, where there is high-volt- 
age RF for powers greater than QRP level. 


Ground Noise 


Noise in ground systems can affect sensitive radio 
equipment. It is usually related to one of three problems: 


1) Insufficient ground conductor size, 
2) Loose ground connections, or 
3) Ground loops. 


These matters are treated in precise scientific research 
equipment and some industrial instruments by paying 
attention to certain rules. The ground conductor should be 
at least as large as the largest conductor in the primary 
power circuit. Ground conductors should provide a solid 
connection to both ground and to the equipment being 
grounded. Liberal use of lock washers and star washers 
is highly recommended. A loose ground connection is a 
tremendous source of noise, particularly in a sensitive 
receiving system. 

Ground loops should be avoided at all costs. A short 
discussion of what a ground loop is and how to avoid 
them may lead you down the proper path. A ground loop 


is formed when more than one ground current is flowing 
in a single conductor. This commonly occurs when 
grounds are “daisy-chained” (series linked). The correct 
way to ground equipment is to bring all ground conduc- 
tors out radially from a common point to either a good 


Lightning and 


The National Fire Protection Association (NFPA) 
publishes a booklet called Lightning Protection Code 
(NFPA no. 78-1983) that should be of interest to radio 
amateurs. For information about obtaining a copy of this 
booklet, write to the National Fire Protection Associa- 
tion, Batterymarch Park, Quincy, MA 02269. Two para- 
graphs of particular interest to amateurs are presented 
below: 

“3-26 Antennas. Radio and television masts of metal, 
located on a protected building, shall be bonded to the 
lightning protection system with a main size conductor 
and fittings. 

“3-27 Lightning arresters, protectors or antenna dis- 
charge units shall be installed on electric and telephone 
service entrances and on radio and television antenna 
lead-ins.” 

The best protection from lightning is to disconnect 
all antennas from equipment and disconnect the equip- 
ment from the power lines. Ground antenna feed lines to 
safely bleed off static buildup. Eliminate the possible 
paths for lightning strokes. Rotator cables and other con- 
trol cables from the antenna location should also be dis- 
connected during severe electrical storms. 

In some areas, the probability of lightning surges 
entering homes via the 120/240-V line may be high. 
Lightning produces both electrical and magnetic fields 
that vary with distance. These fields can be coupled into 
power lines and destroy electronic components in equip- 
ment that is miles from where the lightning occurred. 
Radio equipment can be protected from these surges to 
some extent by using transient-protective devices. 


ELECTROMAGMETIC PULSE AND THE 
RADIO AMATEUR 


The following material is based on a 4-part OST 
article by Dennis Bodson, W4PWF, that appeared in the 
August through November 1986 issues of QST. The series 
was condensed from the National Communications Sys- 
tem report NCS TIB 85-10. 

An equipment test program demonstrated that most 
Amateur Radio installations can be protected from light- 
ning and electromagnetic pulse (EMP) transients with 
a basic protection scheme. Most of the equipment is not 
susceptible to damage when all external cabling is 
removed. You can duplicate this stand-alone configura- 


driven earth ground or to a cold water system. 

Ground noise can affect transmitted as well as 
received signals. With the low audio levels required to 
drive amateur transmitters, and with the ever-increasing 
sensitivity of our receivers, correct grounding is critical. 


EMP Protection 


tion simply by unplugging the ac power cord from the 
outlet, disconnecting the antenna feed line at the rear of 
the radio, and isolating the radio gear from any other long 
metal conductors. Often it is not practical to completely 
disconnect the equipment whenever it is not being used. 
Also, there is the danger that a lightning strike several 
miles away could induce a large voltage transient on the 
power lines or antenna while the radio is in use. You can 
add two transient-protection devices to the interconnected 
system, however, that will also closely duplicate the safety 
of the stand-alone configuration. 

The ac power line and antenna feed line are the two 
important points that should be outfitted with transient 
protection. This is the minimum basic protection scheme 
recommended for all Amateur Radio installations. (For 
fixed installations, consideration should also be given to 
the rotator connections—see Fig 15.) Hand-held radios 
equipped with a “rubber duck” require no protection at the 
antenna jack. If a larger antenna is used with the hand- 
held, however, a protection device should be installed. 


General Considerations 


Because of the unpredictable energy content of a 
nearby lightning strike or other large transient, it is pos- 
sible for a metal-oxide varistor (MOV) to be subjected to 
an energy surge in excess of its rated capabilities. This may 
result in the destruction of the MOV and explosive rupture 
of the package. These fragments can cause damage to 
nearby components or operators and possibly ignite flam- 
mable material. Therefore, the MOV should be physically 
shielded. 

A proper ground system is a key factor in achieving 
protection from lightning and EMP transients. A low- 
impedance ground system should be installed to eliminate 
transient paths through radio equipment and to provide a 
good physical ground for the transient-suppression devices. 
A single-point ground system is recommended (Fig 16) 
to help prevent lightning from getting into the shack on 
the shields of antenna feed-line coaxes. Many hams use a 
well-grounded radio-entrance panel mounted outside the 
shack to ground their coaxes before they enter the house. 
Fig 17 shows an entrance panel at K8CH’s home in Michi- 
gan. All external conductors going to the radio equipment 
should enter and exit the station through this panel. Install 
all transient-suppression devices directly on the panel. Use 
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the shortest length(s) possible of #6 solid wire to connect 
the radio equipment case(s) to the ground bus. 


Ac Power-Line Protection 


Tests have indicated that household electrical wir- 
ing inherently limits the maximum transient current that 
it will pass to approximately 120 A. Therefore, if pos- 
sible, the amateur station should be installed away from 
the house ac entrance panel and breaker box to take 
advantage of these limiting effects. 

Ac power-line protection can be provided with easy- 
to-install, plug-in transient protectors. Ten such devices 
were tested for the article series in 1986. The plug-in- 
strip units are the best overall choice for a typical ama- 
teur installation. They provide the protection needed, 
they’re simple to install and can be easily moved to other 
operating locations with the equipment. 

In their tests, NCS found that the model that pro- 
vided transient paths to ground from the hot and neutral 
lines (Common mode) as well as the transient path between 
the hot and neutral lines (normal mode) performed best. 
The best model used three MOVs and a 3-electrode gas- 
discharge-tube arrester to provide fast operation and large 
power dissipation capabilities. This unit was tested 
repeatedly and operated without failure. 

The flood of low-cost computers in the 1990s spawned 
a host of surge protection devices designed to limit tran- 
sient voltage spikes coming from the ac line and also 
through the telephone line into a modem connected to a 
computer. Many of these devices are well-designed and can 
be relied upon to provide the protection they claim. 

You can, however, easily find a variety of really low- 
cost bargain strips at flea markets and discount hardware 
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stores. A bargain-brand $6 unit may prove to be a poor 
bargain indeed if it allows a spike to get through to dam- 
age your $2000 computer or $4000 transceiver. 

You should be careful to find one that carries a 
sticker indicating that it meets Underwriters Laborato- 
ries safety standard UL 1449. This defines the minimum 
level of clamping voltage beyond which a surge protec- 
tor will “fire” to protect the device connected to its out- 
put. The UL 1149 limit is 330 V ac. Prices for brand-name 
units from Tripp Lite, APC or Curtis vary from about 
$30 to $80, depending on how many ac sockets they have 
and the number of indicator lights and switched/ 
unswitched sockets. A brand-name device is well worth 
the small additional cost over the bargain-basement units. 

A transient suppressor requires a 3-wire outlet; the 
outlet should be tested to ensure all wires are properly 
connected. In older houses, an ac ground may have to be 
installed by a qualified electrician. The ac ground must 
be available for the plug-in transient suppressor to func- 
tion properly. The ac ground of the receptacle should be 
attached to the station ground bus, and the plug-in 
receptacle should be installed on the ground panel behind 
the radio equipment. 


Emergency Power Generators 


Emergency power generators provide two major tran- 
sient-protection advantages. First, the station is discon- 
nected from the commercial ac power system. This isolates 
the radio equipment from a major source of damaging tran- 
sients. Second, tests have shown that the emergency power 
generator may not be susceptible to EMP transients. 

When the radio equipment is plugged directly into 
the generator outlets, transient protection may not be 
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needed. If an extension cord or household wiring is used, 
transient protection should be employed. 

An emergency power generator should be wired into 
the household circuit only by a qualified electrician. When 
properly connected, a switch is used to disconnect the 
commercial ac power source from the house lines before 
the generator is connected to them. This keeps the gen- 
erator output from feeding back into the commercial 
power system. If this is not done, death or injury to 
unsuspecting linemen can result. 


Feed-Line Protection 


Coaxial cable is recommended for use as the trans- 
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mission line because it provides a certain amount of tran- 
sient surge protection for the equipment to which it is 
attached. The outer conductor shields the center conduc- 
tor from the transient field. Also, the cable limits the 
maximum conducted transient voltage on the center by 
arcing the differential voltage from the center conductor 
to the grounded cable shield. 

By providing a path to ground ahead of the radio 
equipment, the gear can be protected from the large cur- 
rents impressed upon the antenna system by lightning and 
EMP. A single protection device installed at the radio 
antenna jack will protect the radio, but not the transmis- 
sion line. To protect the transmission line, another tran- 
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Fig 17—Radio-entrance panel at K8CH. A flat aluminum 
plate serves as a common grounding point for all coax 
cables to prevent transients from nearby lightning 
strikes from getting into the shack on the feed lines. 
“Spark-gap” protectors to kill transients on the coax 
inner conductors are located behind the panel. A spark- 
gap protector is also used on the two open-wire feeder 
insulators mounted on the Plexiglas sheet behind the 
aluminum panel. 


sient protector must be installed between the antenna and 
the transmission line. (See Fig 15). 

RF transient protection devices from several manu- 
facturers were tested (see Table 1) using RG-8 cable 
equipped with UHF connectors. All of the devices shown 
can be installed in a coaxial transmission line. Recall that 
during the tests the RG-8 cable acted like a suppressor; 
damaging EMP energy arced from the center conductor 
to the cable shield when the voltage level approached 
5.5 kV. 

Low price and a low clamping-voltage rating must 
be considered in the selection of an RF transient-protec- 
tion device. The lower cost devices have the higher clamp- 
ing voltages, however, and the higher-cost devices have 
the lower clamping voltages. Because of this, medium- 
priced devices manufactured by Fischer Custom Com- 
munications were selected for testing. The Fischer 
Spikeguard Suppressors ($55 price class) for coaxial lines 
can be made to order to operate at a specific clamping 
voltage. The Fischer devices satisfactorily suppressed the 
damaging transient pulses, passed the transmitter RF 
output power without interfering with the signal, and 
operated effectively over a wide frequency range. 

Polyphaser Corporation devices are also effective 
in providing the necessary transient protection. The 
devices available limited the transmitter RF output power 
to 100 W or less, however. These units cost approximately 
$83 each. 

RF coaxial protectors should be mounted on the sta- 
tion ground bus bar. If the Fischer device is used, it should 
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Table 1 
RF Coaxial-Line Protectors 


Measured 

Approximate High-Z 

Cost Clamping 
Manufacturer Device (US Dollars) Voltage (Volts) 
Fischer FCC-250-300-UHF 55 393 
Fischer FCC-250-350-UHF 55 260 
Fischer FCC-250-150-UHF 55 220 
Fischer FCC-250-120-UHF 55 240 
Fischer FCC-450-120-UHF 55 120 
Polyphaser IS-NEMP 83 140 
Polyphaser IS-NEMP-1 83 150 
Polyphaser IS-NEMP-2 83 160 


Note: The transmitter output power, frequency of operation, and 
transmission line SWR must be considered when selecting any 
of these devices. 





be attached to a grounded UHF receptacle that will serve 
as a hold-down bracket. This creates a conductive path 
between the outer shield of the protector and the bus bar. 
The Polyphaser device can be mounted directly to the 
bus bar with the bracket provided. 

Attach the transceiver or antenna matching network 
to the grounded protector with a short (6 foot or less) 
piece of coaxial cable. Although the cable provides a 
ground path to the bus bar from the radio equipment, it is 
not a satisfactory transient-protection ground path for the 
transceiver. Another ground should be installed between 
the transceiver case and the ground bus using solid #6 
wire. The coaxial cable shield should be grounded to the 
antenna tower leg at the tower base. Each tower leg should 
have an earth ground connection and be connected to the 
single-point ground system as shown in Fig 16. 


Antenna Rotators 


Antenna rotators can be protected by plugging the 
control box into a protected ac power source and adding 
protection to the control lines to the antenna rotator. When 
the control lines are in a shielded cable, the shield must 
be grounded at both ends. MOVs of the proper size should 
be installed at both ends of the control cable. At the sta- 
tion end, terminate the control cable in a small metal box 
that is connected to the station ground bus. Attach MOVs 
from each conductor to ground inside the box. At the 
antenna end of the control cable, place the MOVs inside 
the rotator case or in a small metal box that is properly 
grounded. 

For example, the Alliance HD73 antenna rotator uses 
a 6-conductor unshielded control cable with a maximum 
control voltage of 24.7 V dc. Select an MOV with a clamp- 
ing voltage level 10% higher (27 V or more) so the MOV 
won’t clamp the control signal to ground. If the control 
voltage is ac, be sure to convert the RMS voltage value to 
peak voltage when considering the clamping voltage level. 


Mobile Power Supply Protection 


The mobile amateur station environment exposes 
radio equipment to other transient hazards in addition to 
those of lightning and EMP. Currents as high as 300 A 
are switched when starting the engine, and this can pro- 
duce voltage spikes of over 200 V on the vehicle’s elec- 
trical system. Lightning and EMP are not likely to impact 
the vehicle’s electrical system as much as they would that 
of a fixed installation because the automobile chassis is 
not normally grounded. This would not be the case if the 
vehicle is inadvertently grounded; for example, when the 
vehicle is parked against a grounded metal conductor. The 
mobile radio system has two advantages over a fixed 
installation: Lightning is almost never a problem, and the 
vehicle battery is a natural surge suppressor. 

Mobile radio equipment should be installed in a way 
that takes advantage of the protection provided by the 
battery. See Fig 18. To do this, connect the positive power 
lead of the radio directly to the positive battery post, not 
to intermediate points in the electrical system such as the 
fuse box or the auxiliary contacts on the ignition switch. 
To prevent equipment damage or fire, in-line fuses should 
be installed in the positive lead where they are attached 
to the battery post. 

An MOV should be installed between the two leads 
of the equipment power cord. A GE MOV (V36ZA80) is 
recommended for this application. This MOV provides 
the lowest measured clamping voltage (170 V) and is low 
in cost. 


Mobile Antenna Installation 


Although tests indicate that mobile radios can sur- 
vive an EMP transient without protection for the antenna 
system, protection from lightning transients is still 
required. A coaxial-line transient suppressor should be 


installed on the vehicle chassis between the antenna and 
the radio’s antenna connector. 

A Fischer suppressor can be attached to a UHF 
receptacle that is mounted on, and grounded to, the 
vehicle chassis. The Polyphaser protector can be mounted 
on, and grounded to, the vehicle chassis with its flange. 
Use a short length of coaxial cable between the radio and 
the transient suppressor. 


Clamping Voltage Calculation 


When selecting any EMP-protection device to be used 
at the antenna port of a radio, several items must be con- 
sidered. These include transmitter RF power output, the 
SWR, and the operating frequency. The protection device 
must allow the outgoing RF signal to pass without clamp- 
ing. A clamping voltage calculation must be made for each 
amateur installation. 

The RF-power input to a transmission line develops a 
corresponding voltage that becomes important when a volt- 
age-surge arrester is in the line. SWR is important because of 
its influence on the voltage level. The maximum voltage 
developed for a given power input is determined by: 


V=,/2xPxZxSWR 


where 


(Eq 1) 


P = peak power in W 
Z = impedance of the coaxial cable (Q) 
V = peak voltage across the cable 


Eq | should be used to determine the peak voltage 
present across the transmission line. Because the RF tran- 
sient-protection devices use gas-discharge tubes, the volt- 
age level at which they clamp is not fixed; a safety margin 
must be added to the calculated peak voltage. This is done 
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Fig 18—Recommended method of connecting mobile radio equipment to the vehicle battery and antenna. 
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by multiplying the calculated value by a factor of three. 
This added safety margin is required to ensure that the 
transmitter’s RF output power will pass through the tran- 
sient suppressor without causing the device to clamp the 
RF signal to ground. The final clamping voltage obtained 
is then high enough to allow normal operation of the trans- 
mitter while providing the lowest practical clamping volt- 
age for the suppression device. This ensures the maximum 
possible protection for the radio system. 

Here’s how to determine the clamping voltage 
required. Let’s assume the SWR is 1.5:1. The power out- 
put of the transceiver is 100 W PEP. RG/8 coaxial cable 
has an impedance of 52 Q. Therefore: 


P= 100 W 
Z=52Q0 
SWR = 1.5 


Substituting these values into Eq 1: 





V= 42 x 100 x 52 x 1.5 = 124.89 V peak 


Note that the voltage, V, is the peak value at the peak 
of the RF envelope. The final clamping voltage (FCV) is 
three times this value, or 374.7 V. Therefore, a coaxial- 
line transient suppressor that clamps at or above 375 V 
should be used. 

The cost of a two-point basic protection scheme is 
estimated to be $100 for each fixed amateur station. This 
includes the cost of a good quality plug-in power-line pro- 
tector ($45) and one Fischer coaxial-line protector ($55). 


Inexpensive Transient-Protection Devices 


Here are two low-cost protection devices you can 
assemble. They performed flawlessly in the tests. 

The radio antenna connection can be protected by 
means of another simple device. As shown in Fig 19, two 
spark gaps (Siemens BI-A350) are installed in series at 
one end of a coaxial-cable T connector. Use the shortest 
practical lead length (about 1/4 inch) between the two spark 
gaps. One lead is bent forward and forced between the split 
sections of the inner coaxial connector until the spark gaps 
approach the body of the connector. A short length of 
insulating material (such as Mylar) is placed between the 
spark gaps and the connector shell. The other spark-gap 
lead is folded over the insulator, then conductive (metal- 
lic) tape is wrapped around the assembly. This construc- 
tion method proved durable enough to allow many 
insertions and removals of the device during testing. Esti- 
mated cost of this assembly is $9. Similar devices can be 
built using components from Joslyn, General Electric, 
General Semiconductor or Siemens. 


Summary 


Amateurs should be aware of which components in 
their radio system are most likely to be damaged by EMP. 
They should also know how to repair the damaged equip- 
ment. Amateurs should know how to reestablish commu- 
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Fig 19—Pictorial diagram of an inexpensive, homemade 


RF coax transient protector. 


nications after an EMP event, taking into consideration 
its adverse effects on the earth’s atmosphere and radio 
equipment. One of the first things that would be noticed, 
providing the radio equipment is operative, is a sudden 
silence in radio transmissions across all frequencies below 
approximately 100 MHz. This silence would be caused 
in part by damage to unprotected radio gear from the EMP 
transient. Transmissions from one direction, the direc- 
tion of the nuclear blast, would be completely out. RF 
signal loss by absorption and attenuation by the nuclear 
fireball are the reasons for this. 

After an EMP event, the amateur should be prepared 
to operate CW. CW gives the most signal power under 
adverse conditions. It also provides a degree of message 
security from the general public. 

Amateurs should develop the capability and flex- 
ibility to operate in more than one frequency band. The 
lower ground-wave frequencies should be useful for long- 
distance communications immediately after an EMP 
event. Line-of-sight VHF would be of value for local 
communications. 

What can be done to increase the survivability of an 
Amateur Radio station? Here are some suggestions: 


1) If you have spare equipment, keep it disconnected; 
use only the primary station gear. The spare equip- 
ment would then be available after an EMP event. 

2) Keep equipment turned off and antenna and power 
lines disconnected when the equipment is not in use. 

3) Connect only those external conductors necessary for 
the current mode of operation. 

4) Tie all fixed equipment to a single-point earth ground 
to prevent closed loops through the ground. 

5) Obtain schematic diagrams of your equipment and 
tools for repair of the equipment. 

6) Have spare parts on hand for sensitive components 
of the radio equipment and antenna system. 

7) Learn how to repair or replace the sensitive compo- 
nents of the radio equipment. 

8) Use nonmetallic guy lines and antenna structural 
parts where possible. 

9) Obtain an emergency power source and operate from 


it during periods of increased world political tension. 
The power source should be completely isolated from 
the commercial power lines. 

10) Equipment power cords should be disconnected when 
the gear is idle. Or the circuit breaker for the line 
feeding the equipment should be kept in the OFF 
position when the station is off the air. 

11) Disconnect the antenna lead-in when the station is 
off the air. Or use a grounding antenna switch and 
keep it in the GROUND position when the equipment 
is not in use. 

12) Have a spare antenna and transmission line on hand 
to replace a damaged antenna system. 

13) Install EMP surge arresters and filters on all primary 


conductors attached to the equipment and antenna. 
14) Retain tube type equipment and spare components; 
keep them in good working order. 
15) Do not rely on a microprocessor to control the sta- 
tion after an EMP event. Be able to operate without 
microprocessor control. 


The recommendations contained in this section were 
developed with low cost in mind; they are not intended 
to cover all possible combinations of equipment and 
installation methods found in the amateur community. 
Amateurs should examine their own requirements and use 
this report as a guideline in providing protection for the 
equipment. 


RF Radiation and Electromagnetic Field Safety 


Amateur Radio is basically a safe activity. In recent 
years, however, there has been considerable discussion 
and concern about the possible hazards of electromag- 
netic radiation (EMR), including both RF energy and 
power-frequency (50-60 Hz) electromagnetic (EM) fields. 
FCC regulations set limits on the maximum permissible 
exposure (MPE) allowed from the operation of radio 
transmitters. These regulations do not take the place of 
RF-safety practices, however. This section deals with the 
topic of RF safety. 

This section was prepared by members of the ARRL 
RF Safety Committee and coordinated by Dr Robert E. 
Gold, WB@KIZ. It summarizes what is now known and 
offers safety precautions based on the research to date. 

All life on Earth has adapted to survive in an envi- 
ronment of weak, natural, low-frequency electromagnetic 
fields (in addition to the Earth’s static geomagnetic field). 
Natural low-frequency EM fields come from two main 
sources: the sun, and thunderstorm activity. But in the last 
100 years, man-made fields at much higher intensities and 
with a very different spectral distribution have altered this 
natural EM background in ways that are not yet fully 
understood. Researchers continue to look at the effects of 
RF exposure over a wide range of frequencies and levels. 

Both RF and 60-Hz fields are classified as nonion- 
izing radiation, because the frequency is too low for there 
to be enough photon energy to ionize atoms. (lonizing 
radiation, such as X-rays, gamma rays and even some 
ultraviolet radiation has enough energy to knock elec- 
trons loose from their atoms. When this happens, posi- 
tive and negative ions are formed.) Still, at sufficiently 


high power densities, EMR poses certain health hazards. 
It has been known since the early days of radio that RF 
energy can cause injuries by heating body tissue. (Any- 
one who has ever touched an improperly grounded radio 
chassis or energized antenna and received an RF burn 
will agree that this type of injury can be quite painful.) In 
extreme cases, RF-induced heating in the eye can result 
in cataract formation, and can even cause blindness. 
Excessive RF heating of the reproductive organs can cause 
sterility. Other health problems also can result from RF 
heating. These heat-related health hazards are called ther- 
mal effects. A microwave oven is a positive application 
of this thermal effect. 

There also have been observations of changes in 
physiological function in the presence of RF energy lev- 
els that are too low to cause heating. These functions 
return to normal when the field is removed. Although 
research is ongoing, no harmful health consequences have 
been linked to these changes. 

In addition to the ongoing research, much else has 
been done to address this issue. For example, FCC regu- 
lations set limits on exposure from radio transmitters. The 
Institute of Electrical and Electronics Engineers, the 
American National Standards Institute and the National 
Council for Radiation Protection and Measurement, 
among others, have recommended voluntary guidelines 
to limit human exposure to RF energy. The ARRL has 
established the RF Safety Committee, consisting of con- 
cerned medical doctors and scientists, serving voluntar- 
ily to monitor scientific research in the fields and to 
recommend safe practices for radio amateurs. 
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THERMAL EFFECTS OF RF ENERGY 


Body tissues that are subjected to very high levels 
of RF energy may suffer serious heat damage. These 
effects depend on the frequency of the energy, the power 
density of the RF field that strikes the body and factors 
such as the polarization of the wave. 

At frequencies near the body’s natural resonant fre- 
quency, RF energy is absorbed more efficiently, and an 
increase in heating occurs. In adults, this frequency usu- 
ally is about 35 MHz if the person is grounded, and about 
70 MHz if insulated from the ground. Individual body 
parts may be resonant at different frequencies. The adult 
head, for example, is resonant around 400 MHz, while a 
baby’s smaller head resonates near 700 MHz. Body size 
thus determines the frequency at which most RF energy 
is absorbed. As the frequency is moved farther from reso- 
nance, less RF heating generally occurs. Specific absorp- 
tion rate (SAR) is a term that describes the rate at which 
RF energy is absorbed in tissue. 

Maximum permissible exposure (MPE) limits are 
based on whole-body SAR values, with additional safety 
factors included as part of the standards and regulations. 
This helps explain why these safe exposure limits vary with 
frequency. The MPE limits define the maximum electric 
and magnetic field strengths or the plane-wave equivalent 
power densities associated with these fields, that a person 
may be exposed to without harmful effect—and with an 
acceptable safety factor. The regulations assume that a 
person exposed to a specified (safe) MPE level also will 
experience a safe SAR. 

Nevertheless, thermal effects of RF energy should not 
be a major concern for most radio amateurs, because of 
the power levels we normally use and the intermittent 
nature of most amateur transmissions. Amateurs spend 
more time listening than transmitting, and many amateur 
transmissions such as CW and SSB use low-duty-cycle 
modes. (With FM or RTTY, though, the RF is present con- 
tinuously at its maximum level during each transmission.) 
In any event, it is rare for radio amateurs to be subjected to 
RF fields strong enough to produce thermal effects, unless 
they are close to an energized antenna or un- shielded power 
amplifier. Specific suggestions for avoiding excessive 
exposure are offered later in this chapter. 


ATHERMAL EFFECTS OF EMR 


Research about possible health effects resulting 
from exposure to the lower level energy fields, the 
athermal effects, has been of two basic types: epidemio- 
logical research and laboratory research. 

Scientists conduct laboratory research into biologi- 
cal mechanisms by which EMR may affect animals 
including humans. Epidemiologists look at the health pat- 
terns of large groups of people using statistical methods. 
These epidemiological studies have been inconclusive. 
By their basic design, these studies do not demonstrate 
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cause and effect, nor do they postulate mechanisms of 
disease. Instead, epidemiologists look for associations 
between an environmental factor and an observed pat- 
tern of illness. For example, in the earliest research on 
malaria, epidemiologists observed the association 
between populations with high prevalence of the disease 
and the proximity of mosquito infested swamplands. It 
was left to the biological and medical scientists to isolate 
the organism causing malaria in the blood of those with 
the disease, and identify the same organisms in the mos- 
quito population. 

In the case of athermal effects, some studies have iden- 
tified a weak association between exposure to EMF at home 
or at work and various malignant conditions including 
leukemia and brain cancer. A larger number of equally well 
designed and performed studies, however, have found no 
association. A risk ratio of between 1.5 and 2.0 has been 
observed in positive studies (the number of observed cases 
of malignancy being 1.5 to 2.0 times the “expected” num- 
ber in the population). Epidemiologists generally regard a 
risk ratio of 4.0 or greater to be indicative of a strong asso- 
ciation between the cause and effect under study. For 
example, men who smoke one pack of cigarettes per day 
increase their risk for lung cancer tenfold compared to non- 
smokers, and two packs per day increases the risk to more 
than 25 times the nonsmokers’ risk. 

Epidemiological research by itself is rarely conclu- 
sive, however. Epidemiology only identifies health pat- 
terns in groups—it does not ordinarily determine their 
cause. And there are often confounding factors: Most of 
us are exposed to many different environmental hazards 
that may affect our health in various ways. Moreover, not 
all studies of persons likely to be exposed to high levels 
of EMR have yielded the same results. 

There also has been considerable laboratory research 
about the biological effects of EMR in recent years. For 
example, some separate studies have indicated that even 
fairly low levels of EMR might alter the human body’s 
circadian rhythms, affect the manner in which T lympho- 
cytes function in the immune system and alter the nature 
of the electrical and chemical signals communicated 
through the cell membrane and between cells, among other 
things. Although these studies are intriguing, they do not 
demonstrate any effect of these low-level fields on the over- 
all organism. 

Much of this research has focused on low-frequency 
magnetic fields, or on RF fields that are keyed, pulsed or 
modulated at a low audio frequency (often below 100 Hz). 
Several studies suggested that humans and animals can 
adapt to the presence of a steady RF carrier more readily 
than to an intermittent, keyed or modulated energy source. 

The results of studies in this area, plus speculations 
concerning the effect of various types of modulation, were 
and have remained somewhat controversial. None of the 
research to date has demonstrated that low-level EMR 
causes adverse health effects. 
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Fig 20—1991 RF protection guidelines for body exposure of humans. It is known officially as the “IEEE Standard for 
Safety Levels with Respect to Human Exposure to Radio Frequency Electromagnetic Fields, 3 kHz to 300 GHz.” 


Given the fact that there is a great deal of ongoing 
research to examine the health consequences of exposure 
to EMF, the American Physical Society (a national group 
of highly respected scientists) issued a statement in May 
1995 based on its review of available data pertaining to 
the possible connections of cancer to 60-Hz EMF expo- 
sure. This report is exhaustive and should be reviewed 
by anyone with a serious interest in the field. Among its 
general conclusions were the following: 

1. The scientific literature and the reports of reviews by 
other panels show no consistent, significant link 
between cancer and power line fields. 

2. No plausible biophysical mechanisms for the system- 
atic initiation or promotion of cancer by these 
extremely weak 60-Hz fields has been identified. 

3. While it is impossible to prove that no deleterious health 
effects occur from exposure to any environmental fac- 
tor, it is necessary to demonstrate a consistent, sig- 
nificant, and causal relationship before one can 
conclude that such effects do occur. 

In a report dated October 31, 1996, a committee of 
the National Research Council of the National Academy 
of Sciences has concluded that no clear, convincing evi- 
dence exists to show that residential exposures to elec- 
tric and magnetic fields (EMFs) are a threat to human 
health. 

A National Cancer Institute epidemiological study 
of residential exposure to magnetic fields and acute lym- 
phoblastic leukemia in children was published in the New 
England Journal of Medicine in July 1997. The exhaus- 
tive, seven-year study concludes that if there is any link 
at all, it is far too weak to be concerned about. 


Readers may want to follow this topic as further 
studies are reported. Amateurs should be aware that 
exposure to RF and ELF (60 Hz) electromagnetic fields 
at all power levels and frequencies has not been fully stud- 
ied under all circumstances. “Prudent avoidance” of any 
avoidable EMR is always a good idea. Prudent avoid- 
ance doesn’t mean that amateurs should be fearful of 
using their equipment. Most amateur operations are well 
within the MPE limits. If any risk does exist, it will almost 
surely fall well down on the list of causes that may be 
harmful to your health (on the other end of the list from 
your automobile). It does mean, however, that hams 
should be aware of the potential for exposure from their 
stations, and take whatever reasonable steps they can take 
to minimize their own exposure and the exposure of those 
around them. 


Safe Exposure Levels 


How much EM energy is safe? Scientists and regu- 
lators have devoted a great deal of effort to deciding upon 
safe RF-exposure limits. This is a very complex prob- 
lem, involving difficult public health and economic con- 
siderations. The recommended safe levels have been 
revised downward several times over the years —and not 
all scientific bodies agree on this question even today. 
An Institute of Electrical and Electronics Engineers 
(IEEE) standard for recommended EM exposure limits 
was published in 1991 (see Bibliography). It replaced a 
1982 American National Standards Institute (ANSI) stan- 
dard. In the new standard, most of the permitted expo- 
sure levels were revised downward (made more stringent), 
to better reflect the current research. The new IEEE stan- 
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FCC RF-Exposure Regulations 


FCC regulations control the amount of RF exposure 
that can result from your station’s operation (§§97.13, 
97.503, 1.1307 (b)(c)(d), 1.1310 and 2.1093). The regula- 
tions set limits on the maximum permissible exposure 
(MPE) allowed from operation of transmitters in all radio 
services. They also require that certain types of stations be 
evaluated to determine if they are in compliance with the 
MPEs specified in the rules. The FCC has also required 
that five questions on RF environmental safety practices be 
added to Novice, Technician and General license examina- 
tions. 

These rules went into effect on January 1, 1998 for new 
stations or stations that file a Form 605 application with the 
FCC. Other existing stations have until September 1, 2000 
to be in compliance with the rules. 


The Rules 


Maximum Permissible Exposure (MPE) 


All radio stations regulated by the FCC must comply with 
the requirements for MPEs, even QRP stations running 
only a few watts or less. The MPEs vary with frequency, as 
shown in Table A. MPE limits are specified in maximum 
electric and magnetic fields for frequencies below 30 MHz, 
in power density for frequencies above 300 MHz and all 
three ways for frequencies from 30 to 300 MHz. For 
compliance purposes, all of these limits must be consid- 
ered separately. If any one is exceeded, 


the station is not in compliance. 

The regulations control human exposure to RF fields, 
not the strength of RF fields. There is no limit to how 
strong a field can be as long as no one is being exposed 
to it, although FCC regulations require that amateurs use 
the minimum necessary power at all times (§97.311 [a]). 


Environments 


The FCC has defined two exposure environments — 
controlled and uncontrolled. A controlled environment is 
one in which the people who are being exposed are 
aware of that exposure and can take steps to minimize 
that exposure, if appropriate. In an uncontrolled environ- 
ment, the people being exposed are not normally aware 
of the exposure. The uncontrolled environment limits are 
more stringent than the controlled environment limits. 

Although the controlled environment is usually 
intended as an occupational environment, the FCC has 
determined that it generally applies to amateur operators 
and members of their immediate households. In most 
cases, controlled-environment limits can be applied to 
your home and property to which you can control 
physical access. The uncontrolled environment is 
intended for areas that are accessible by the general 
public, such as your neighbors’ properties. 

The MPE levels are based on average exposure. An 
averaging time of 6 minutes is used for controlled 
exposure; an averaging period of 30 minutes is used for 
uncontrolled exposure. 





Table A—(From §1.1310) Limits for Maximum Permissible Exposure (MPE) 


(A) Limits for Occupational/Controlled Exposure 


Station Evaluations 
The FCC requires 

that certain amateur 

stations be evaluated 


Frequency Electric Field Magnetic Field Power Density Averaging Time 4 é 
Range Strength Strength (mW/cm2) (minutes) for compliance with the 
amateur can have 
someone else do the 
0.3-3.0 614 1.63 (100)* 6 Rate 
3.0-30 1842/f 4.89/1 (900/12)* 6 See 
30-300 61.4 0.163 1.0 6 evaluate their own 
300-1500 a = /300 6 stations. The ARRL 
1500-100,000 — = 5 6 book RF Exposure and 


f = frequency in MHz 
* = Plane-wave equivalent power density (see Note 1). 


(B) Limits for General Population/Uncontrolled Exposure 


You contains extensive 
information about the 
regulations and a large 
chapter of tables that 
show compliance 


Frequency Electric Field Magnetic Field Power Density Averaging Time di f if 
Range Strength Strength (mW/cm2) (minutes) ietanGpe Tor Specie 
(MHz) (vim) (A/m) antennas and power 
levels. Generally, hams 
a will use these tables to 
0.3-1.34 614 1.63 (100) 30 evaluate their stations. 
1.34-30 824/f 2.19/f (180/f2)* 30 Some of these tables 
30-300 27.5 0.073 0.2 30 have been included in 
300-1500 = = f/1500 30 the FCC’s information 
1500-100,000 — = 1.0 30 — OET Bulletin 65 and 


f = frequency in MHz 
* = Plane-wave equivalent power density (see Note 1). 


Note 1: This means the equivalent far-field strength that would have the E or H-field compo- 
nent calculated or measured. It does not apply well in the near field of an antenna. The 
equivalent far-field power density can be found in the near or far field regions from the 


x 37.7 mWiem? 


relationships: Py = |Etotal2 / 3770 mW/cm2 or from Py=[Hrotall 


its Supplement B. lf 
hams choose, however, 
they can do more 
extensive calculations, 
use a computer to 
model their antenna 
and exposure, or make 
actual measurements. 
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Table B—Power Thresholds for Routine 
Evaluation of Amateur Radio Stations 


Wavelength Evaluation Required if 
Band Power” (watts) Exceeds: 
MF 
160 m 500 
HF 
80 m 500 
75m 500 
40m 500 
30 m 425 
20m 225 
17m 125 
15m 100 
12m 75 
10m 50 
VHF (all bands) 50 
UHF 
70 cm 70 
33 cm 150 
23 cm 200 
13 cm 250 


SHF (all bands) 250 
EHF (all bands) 250 


Repeater stations 
(all bands) 


non-building-mounted antennas: 
height above ground level 

to lowest point of antenna 

< 10 m and power > 500 W ERP 
building-mounted antennas: 
power > 500 W ERP 


“Transmitter power = Peak-envelope power input to 
antenna. For repeater stations only, power exclusion 
based on ERP (effective radiated power). 


dard was adopted by ANSI in 1992. 

The IEEE standard recommends frequency-dependent 
and time-dependent maximum permissible exposure lev- 
els. Unlike earlier versions of the standard, the 1991 stan- 
dard recommends different RF exposure limits in controlled 
environments (that is, where energy levels can be accu- 
rately determined and everyone on the premises is aware 
of the presence of EM fields) and in uncontrolled environ- 
ments (where energy levels are not known or where people 
may not be aware of the presence of EM fields). FCC regu- 
lations also include controlled/occupational and uncon- 
trolled/general population exposure environments. 

The graph in Fig 20 depicts the 1991 IEEE standard. 
It is necessarily a complex graph, because the standards 
differ not only for controlled and uncontrolled environ- 
ments but also for electric (E) fields and magnetic (H) 


Categorical Exemptions 


Some types of amateur stations do not need to be 
evaluated, but these stations must still comply with the 
MPE limits. The station licensee remains responsible for 
ensuring that the station meets these requirements. 

The FCC has exempted these stations from the evalua- 
tion requirement because their output power, operating 
mode and frequency are such that they are presumed to 
be in compliance with the rules. 

Stations using power equal to or less than the levels in 
Table B do not have to be evaluated. For the 100-W HF 
ham station, for example, an evaluation would be required 
only on 12 and 10 meters. 

Hand-held radios and vehicle-mounted mobile radios 
that operate using a push-to-talk (PTT) button are also 
categorically exempt from performing the routine evalua- 
tion. Repeater stations that use less than 500 W ERP or 
those with antennas not mounted on buildings, if the 
antenna is at least 10 meters off the ground, also do not 
need to be evaluated. 


Correcting Problems 


Most hams are already in compliance with the MPE 
requirements. Some amateurs, especially those using 
indoor antennas or high-power, high-duty-cycle modes 
such as a RTTY bulletin station and specialized stations 
for moonbounce operations and the like may need to make 
adjustments to their station or operation to be in compli- 
ance. 

The FCC permits amateurs considerable flexibility in 
complying with these regulations. As an example, hams can 
adjust their operating frequency, mode or power to comply 
with the MPE limits. They can also adjust their operating 
habits or control the direction their antenna is pointing. 


More Information 

This discussion offers only an overview of this topic; 
additional information can be found in RF Exposure and 
You and on ARRLWeb at www.arrl.org/news/rfsafety/. 
ARRLWeb has links to the FCC Web site, with OET 
Bulletin 65 and Supplement B and links to software that 
hams can use to evaluate their stations. 





fields. Basically, the lowest E-field exposure limits occur 
at frequencies between 30 and 300 MHz. The lowest H- 
field exposure levels occur at 100-300 MHz. The ANSI 
standard sets the maximum E-field limits between 30 and 
300 MHz at a power density of 1 mW/cm* (61.4 V/m) in 
controlled environments—but at one-fifth that level 
(0.2 mW/cm? or 27.5 V/m) in uncontrolled environments. 
The H-field limit drops to 1 mW/cm? (0.163 A/m) at 100- 
300 MHz in controlled environments and 0.2 mW/cm? 
(0.0728 A/m) in uncontrolled environments. Higher power 
densities are permitted at frequencies below 30 MHz 
(below 100 MHz for H fields) and above 300 MHz, based 
on the concept that the body will not be resonant at those 
frequencies and will therefore absorb less energy. 

In general, the 1991 TEEE standard requires averag- 
ing the power level over time periods ranging from 6 to 
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30 minutes for power-density calculations, depending on 
the frequency and other variables. The ANSI exposure 
limits for uncontrolled environments are lower than those 
for controlled environments, but to compensate for that 
the standard allows exposure levels in those environments 
to be averaged over much longer time periods (generally 
30 minutes). This long averaging time means that an 
intermittently operating RF source (such as an Amateur 
Radio transmitter) will show a much lower power den- 
sity than a continuous-duty station—for a given power 
level and antenna configuration. 

Time averaging is based on the concept that the 
human body can withstand a greater rate of body heating 
(and thus, a higher level of RF energy) for a short time 
than for a longer period. Time averaging may not be 
appropriate, however, when considering nonthermal effects 
of RF energy. 

The IEEE standard excludes any transmitter with an 
output below 7 W because such low-power transmitters 
would not be able to produce significant whole-body heat- 
ing. (Recent studies show that hand-held transceivers 
often produce power densities in excess of the IEEE stan- 
dard within the head.) 

There is disagreement within the scientific commu- 
nity about these RF exposure guidelines. The IEEE stan- 
dard is still intended primarily to deal with thermal effects, 
not exposure to energy at lower levels. A small but sig- 
nificant number of researchers now believe athermal 
effects also should be taken into consideration. Several 
European countries and localities in the United States have 
adopted stricter standards than the recently updated IEEE 
standard. 

Another national body in the United States, the 
National Council for Radiation Protection and Measure- 
ment (NCRP), also has adopted recommended exposure 
guidelines. NCRP urges a limit of 0.2 mW/cm? for non- 
occupational exposure in the 30-300 MHz range. The 
NCRP guideline differs from IEEE in two notable ways: It 
takes into account the effects of modulation on an RF 
carrier, and it does not exempt transmitters with outputs 
below 7 W. 

The FCC MPE regulations are based on parts of the 
1992 IEEE/ANSI standard and recommendations of the 
National Council for Radiation Protection and Measure- 
ment (NCRP). The MPE limits under the regulations are 
slightly different than the IEEE/ANSI limits. Note that the 
MPE levels apply to the FCC rules put into effect for radio 
amateurs on January 1, 1998. These MPE requirements do 
not reflect and include all the assumptions and exclusions 
of the IEEE/ANSI standard. 


Cardiac Pacemakers and RF Safety 


It is a widely held belief that cardiac pacemakers may 
be adversely affected in their function by exposure to elec- 
tromagnetic fields. Amateurs with pacemakers may ask 
whether their operating might endanger themselves or visi- 
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tors to their shacks who have a pacemaker. Because of this, 
and similar concerns regarding other sources of electro- 
magnetic fields, pacemaker manufacturers apply design 
methods that for the most part shield the pacemaker cir- 
cuitry from even relatively high EM field strengths. 

It is recommended that any amateur who has a pace- 
maker, or is being considered for one, discuss this matter 
with his or her physician. The physician will probably 
put the amateur into contact with the technical represen- 
tative of the pacemaker manufacturer. These representa- 
tives are generally excellent resources, and may have data 
from laboratory or “in the field” studies with specific 
model pacemakers. 

One study examined the function of a modern (dual 
chamber) pacemaker in and around an Amateur Radio 
station. The pacemaker generator has circuits that receive 
and process electrical signals produced by the heart, and 
also generate electrical signals that stimulate (pace) the 
heart. In one series of experiments, the pacemaker was 
connected to a heart simulator. The system was placed 
on top of the cabinet of a 1-kW HF linear amplifier dur- 
ing SSB and CW operation. In another test, the system 
was placed in close proximity to several 1 to 5-W 2-meter 
hand-held transceivers. The test pacemaker was connected 
to the heart simulator in a third test, and then placed on 
the ground 9 meters below and 5 meters in front of a 
three-element Yagi HF antenna. No interference with 
pacemaker function was observed in these experiments. 

Although the possibility of interference cannot be 
entirely ruled out by these few observations, these tests 
represent more severe exposure to EM fields than would 
ordinarily be encountered by an amateur—with an aver- 
age amount of common sense. Of course, prudence dic- 
tates that amateurs with pacemakers, who use hand-held 
VHF transceivers, keep the antenna as far as possible from 
the site of the implanted pacemaker generator. They also 
should use the lowest transmitter output required for 
adequate communication. For high power HF transmis- 
sion, the antenna should be as far as possible from the 
operating position, and all equipment should be properly 
grounded. 


Low-Frequency Fields 


Although the FCC doesn’t regulate 60-Hz fields, 
some recent concern about EMR has focused on low- 
frequency energy rather than RF. Amateur Radio equip- 
ment can be a significant source of low-frequency mag- 
netic fields, although there are many other sources of this 
kind of energy in the typical home. Magnetic fields can 
be measured relatively accurately with inexpensive 60-Hz 
meters that are made by several manufacturers. 

Table 2 shows typical magnetic field intensities of 
Amateur Radio equipment and various household items. 
Because these fields dissipate rapidly with distance, “pru- 
dent avoidance” would mean staying perhaps 12 to 
18 inches away from most Amateur Radio equipment (and 


24 inches from power supplies with 1-kW RF amplifiers). 


Determining RF Power Density 


Unfortunately, determining the power density of the 
RF fields generated by an amateur station is not as simple 
as measuring low-frequency magnetic fields. Although 
sophisticated instruments can be used to measure RF 
power densities quite accurately, they are costly and 
require frequent recalibration. Most amateurs don’t have 
access to such equipment, and the inexpensive field- 





Table 2 


Typical 60-Hz Magnetic Fields Near Amateur 
Radio Equipment and AC-Powered Household 
Appliances 

Values are in milligauss. 


Item Field Distance 
Electric blanket 30-90 Surface 
Microwave oven 10-100 Surface 
1-10 12” 
IBM personal 5-10 Atop monitor 
computer 0-1 15” from screen 
Electric drill 500-2000 At handle 
Hair dryer 200-2000 At handle 
HF transceiver 10-100 Atop cabinet 
1-5 15” from front 
1-kW RF amplifier 80-1000 Atop cabinet 
1-25 15” from front 


(Source: measurements made by members of the ARRL RF 
Safety Committee) 








Table 3 

Typical RF Field Strengths Near Amateur Radio 
Antennas 

A sampling of values as measured by the Federal 


Communications Commission and Environmental Protec- 
tion Agency, 1990 


Antenna Type Freq Power E Field 
(MHz) (W) (V/m) Location 
Dipole in attic 14.15 100 7-100 In home 
Discone in attic 146.5 250 10-27 In home 
Half sloper 21.5 1000 50 1 m from 
base 
Dipole at 7-13 ft 7.14 120 8-150 1-2 m from 
earth 
Vertical 3.8 800 180 0.5 m from 
base 
5-element Yagi 21.2 1000 10-20 In shack 
at 60 ft 14 12 m from 
base 
3-element Yagi 28.5 425 8-12 12 m from 
at 25 ft base 
Inverted V 7.23 1400 5-27 Below 
at 22-46 ft antenna 
Vertical on roof 14.11 140 6-9 In house 
35-100 At antenna 
tuner 
Whip on auto roof 146.5 100 22-75 2m 
antenna 
15-30 In vehicle 
90 Rear seat 
5-element Yagi 50.1 500 =37-50 10m 
at 20 ft antenna 








Table 4 
RF Awareness Guidelines 


These guidelines were developed by the ARRL RF Safety 
Committee, based on the FCC/EPA measurements of 
Table 3 and other data. 

« Although antennas on towers (well away from people) 
pose no exposure problem, make certain that the RF 
radiation is confined to the antennas’ radiating elements 
themselves. Provide a single, good station ground 
(earth), and eliminate radiation from transmission lines. 
Use good coaxial cable or other feed line properly. Avoid 
serious imbalance in your antenna system and feed line. 
For high-powered installations, avoid end-fed antennas 
that come directly into the transmitter area near the 
operator. 

* No person should ever be near any transmitting antenna 
while it is in use. This is especially true for mobile or 
ground-mounted vertical antennas. Avoid transmitting 
with more than 25 W in a VHF mobile installation unless it 
is possible to first measure the RF fields inside the 
vehicle. At the 1-kW level, both HF and VHF directional 
antennas should be at least 35 ft above inhabited areas. 
Avoid using indoor and attic-mounted antennas if at all 
possible. If open-wire feeders are used, ensure that it is 
not possible for people (or animals) to come into acciden- 


tal contact with the feed line. 

* Don’t operate high-power amplifiers with the covers 
removed, especially at VHF/UHF. 

« In the UHF/SHF region, never look into the open end of an 
activated length of waveguide or microwave feed-horn 
antenna or point it toward anyone. (If you do, you may be 
exposing your eyes to more than the maximum permis- 
sible exposure level of RF radiation.) Never point a high- 
gain, narrow-bandwidth antenna (a paraboloid, for 
instance) toward people. Use caution in aiming an EME 
(moonbounce) array toward the horizon; EME arrays may 
deliver an effective radiated power of 250,000 W or more. 

« With hand-held transceivers, keep the antenna away from 
your head and use the lowest power possible to maintain 
communications. Use a separate microphone and hold the 
rig as far away from you as possible. This will reduce your 
exposure to the RF energy. 

« Don’t work on antennas that have RF power applied. 

« Don’t stand or sit close to a power supply or linear 
amplifier when the ac power is turned on. Stay at least 
24 inches away from power transformers, electrical fans 
and other sources of high-level 60-Hz magnetic fields. 
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strength meters that we do have are not suitable for mea- 
suring RF power density. 

Table 3 shows a sampling of measurements made at 
Amateur Radio stations by the Federal Communications 
Commission and the Environmental Protection Agency 
in 1990. As this table indicates, a good antenna well 
removed from inhabited areas poses no hazard under any 
of the IEEE/ANSI guidelines. However, the FCC/EPA 
survey also indicates that amateurs must be careful about 
using indoor or attic-mounted antennas, mobile anten- 
nas, low directional arrays or any other antenna that is 
close to inhabited areas, especially when moderate to high 
power is used. 

Ideally, before using any antenna that is in close 
proximity to an inhabited area, you should measure the 
RF power density. If that is not feasible, the next best 
option is make the installation as safe as possible by 
observing the safety suggestions listed in Table 4. 

It also is possible, of course, to calculate the prob- 
able power density near an antenna using simple equa- 
tions. Such calculations have many pitfalls. For one, most 
of the situations where the power density would be high 
enough to be of concern are in the near field. In the near 
field, ground interactions and other variables produce 
power densities that cannot be determined by simple arith- 
metic. In the far field, conditions become easier to pre- 
dict with simple calculations. 

The boundary between the near field and the far field 
depends on the wavelength of the transmitted signal and 
the physical size and configuration of the antenna. The 
boundary between the near field and the far field of an 
antenna can be as much as several wavelengths from the 
antenna. 

Computer antenna-modeling programs are another 
approach you can use. MININEC or other codes derived 
from NEC (Numerical Electromagnetics Code) are suit- 
able for estimating RF magnetic and electric fields around 
amateur antenna systems. 

These models have limitations. Ground interactions 
must be considered in estimating near-field power densi- 
ties, and the “correct ground” must be modeled. Computer 
modeling is generally not sophisticated enough to predict 
“hot spots” in the near field—places where the field inten- 
sity may be far higher than would be expected, due to 
reflections from nearby objects. In addition, “nearby 
objects” often change or vary with weather or the season, 
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so the model so laboriously crafted may not be representa- 
tive of the actual situation, by the time it is running on the 
computer. 

Intensely elevated but localized fields often can be 
detected by professional measuring instruments. These 
“hot spots” are often found near wiring in the shack, and 
metal objects such as antenna masts or equipment cabi- 
nets. But even with the best instrumentation, these mea- 
surements also may be misleading in the near field. 

One need not make precise measurements or model 
the exact antenna system, however, to develop some idea 
of the relative fields around an antenna. Computer mod- 
eling using close approximations of the geometry and 
power input of the antenna will generally suffice. Those 
who are familiar with MININEC can estimate their power 
densities by computer modeling, and those who have 
access to professional power-density meters can make 
useful measurements. 

While our primary concern is ordinarily the inten- 
sity of the signal radiated by an antenna, we also should 
remember that there are other potential energy sources to 
be considered. You also can be exposed to RF radiation 
directly from a power amplifier if it is operated without 
proper shielding. Transmission lines also may radiate a 
significant amount of energy under some conditions. Poor 
microwave waveguide joints or improperly assembled 
connectors are another source of incidental radiation. 


Further RF Exposure Suggestions 


Potential exposure situations should be taken seri- 
ously. Based on the FCC/EPA measurements and other 
data, the “RF awareness” guidelines of Table 4 were 
developed by the ARRL RF Safety Committee. A longer 
version of these guidelines, along with a complete list of 
references, appeared in a QST article by Ivan Shulman, 
MD, WC2S (“Is Amateur Radio Hazardous to Our 
Health?” QST , Oct 1989, pp 31-34). For more informa- 
tion or background, see the list of RF Safety References 
in the next section. 

In addition, the ARRL has published a book, RF 
Exposure and You, that is helping hams comply with the 
FCC’s RF-exposure regulations. The ARRL also main- 
tains an RF-exposure news page on its Web site. See 
www.arrl.org/news/rfsafety. This site contains reprints 
of selected QST articles on RF exposure and links to the 
FCC and other useful sites. 





Antenna 
Fundamentals 


Antennas belong to a class of devices called trans- 
ducers. This term is derived from two Latin words, mean- 
ing literally “to lead across” or “to transfer.’ Thus, a 
transducer is a device that transfers, or converts, energy 
from one form to another. The purpose of an antenna is 
to convert radio-frequency electric current to electromag- 
netic waves, which are then radiated into space. [For more 
details on the properties of electromagnetic waves them- 
selves, see Chapter 23, Radio Wave Propagation. ] 

We cannot directly see or hear, taste or touch elec- 
tromagnetic waves, so it’s not surprising that the process 
by which they are launched into space from our antennas 
can be a little mystifying, especially to a newcomer. In 
everyday life we come across many types of transducers, 
although we don’t always recognize them as such. A com- 
parison with a type of transducer that you can actually see 
and touch may be useful. You are no doubt familiar with a 
loudspeaker. It converts audio-frequency electric current 
from the output of your radio or stereo into acoustic pres- 
sure waves, also known as sound waves. The sound waves 
are propagated through the air to your ears, where they 
are converted into what you perceive as sound. 

We normally think of a loudspeaker as something that 
converts electrical energy into sound energy, but we could 
just as well turn things around and apply sound energy to 


a loudspeaker, which will then convert it into electrical 
energy. When used in this manner, the loudspeaker has 
become a microphone. The loudspeaker/microphone thus 
exhibits the principle of reciprocity, derived from the Latin 
word meaning to move back and forth. 

Now, let’s look more closely at that special trans- 
ducer we call an antenna. When fed by a transmitter 
with RF current (usually through a transmission line), the 
antenna launches electromagnetic waves, which are propa- 
gated through space. This is similar to the way sound 
waves are propagated through the air by a loudspeaker. In 
the next town, or perhaps on a distant continent, a similar 
transducer (that is, a receiving antenna) intercepts some 
of these electromagnetic waves and converts them into 
electrical current for a receiver to amplify and detect. 

In the same fashion that a loudspeaker can act as a 
microphone, a radio antenna also follows the principle 
of reciprocity. In other words, an antenna can transmit as 
well as receive signals. However, unlike the loudspeaker, 
an antenna does not require a medium, such as air, through 
which it radiates electromagnetic waves. Electromagnetic 
waves can be propagated through air, the vacuum of outer 
space or the near vacuum of the upper ionosphere. This 
is the miracle of radio—electromagnetic waves can propa- 
gate without a physical medium. 


Essential Characteristics of Antennas 


What other things make an antenna different from 
an ordinary electronic circuit? In ordinary circuits, the 
dimensions of coils, capacitors and connections usually 
are small compared with the wavelength of the frequency 
in use. Here, we define wavelength as the distance in free 
space traveled during one complete cycle of a wave. The 


velocity of a wave in free space is the speed of light, and 
the wavelength is thus: 


299.7925x10° meters/sec _ 299.7925 
f hertz f MHz 


x 





(Eq 1) 


meters — 
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where Armeters » the Greek letter lambda, is the free-space 
wavelength in meters. 


Expressed in feet, Eq 1 becomes: 


983.5712 983.6 
f MHz f MHz 





feet = (Eq 2) 

When circuit dimensions are small compared to A, 
most of the electromagnetic energy is confined to the cir- 
cuit itself, and is used up either performing useful work 
or is converted into heat. However, when the dimensions 
of wiring or components become significant compared 
with the wavelength, some of the energy escapes by ra- 
diation in the form of electromagnetic waves. 

Antennas come in an enormous, even bewildering, 
assortment of shapes and sizes. This chapter on fundamen- 
tals will deal with the theory of simple forms of antennas, 
usually in free space, away from the influence of ground. 
Subsequent chapters will concentrate on more exotic or spe- 
cialized antenna types. Chapter 3 deals with the complicated 
subject of the effect of ground, including the effect of un- 
even local terrain. Ground has a profound influence on how 
an antenna performs in the real world. 

No matter what form an antenna takes, simple or 
complex, its electrical performance can be characterized 
according to the following important properties: 


1. Feed-point Impedance 
2. Directivity, Gain and Efficiency 
3. Polarization 


FEED-POINT IMPEDANCE 


The first major characteristic defining an antenna is 
its feed-point impedance. Since we amateurs are free to 
choose our operating frequencies within assigned bands, 
we need to consider how the feed-point impedance of a 
particular antenna varies with frequency, within a particu- 
lar band, or even in several different bands if we intend to 
use One antenna on multiple bands. 

There are two forms of impedance associated with 
any antenna: self impedance and mutual impedance. As 
you might expect, self impedance is what you measure at 
the feed-point terminals of an antenna located completely 
away from the influence of any other conductors. 

Mutual, or coupled, impedance is due to the parasitic 
effect of nearby conductors; that is, conductors located 
within the antenna’s reactive near field. (The subject of 
fields around an antenna will be discussed in detail later.) 
This includes the effect of ground, which is a lossy con- 
ductor, but a conductor nonetheless. Mutual impedance is 
defined using Ohm’s Law, just like self impedance. How- 
ever, mutual impedance is the ratio of voltage in one con- 
ductor, divided by the current in another (coupled) 
conductor. Mutually coupled conductors can distort the 
pattern of a highly directive antenna, as well as change the 
impedance seen at the feed point. 
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In this chapter on fundamentals, we won’t directly 
deal with mutual impedance, considering it as a side effect 
of nearby conductors. Instead, here we’ll concentrate on 
simple antennas in free space, away from ground and any 
other conductors. Mutual impedance will be considered 
in detail in Chapter 11, HF Yagi Arrays, where it is essen- 
tial for proper operation of these beam antennas. 


Self Impedance 


The current that flows into an antenna’s feed point 
must be supplied at a finite voltage. The self impedance of 
the antenna is simply equal to the voltage applied to its 
feed point divided by the current flowing into the feed 
point. Where the current and voltage are exactly in phase, 
the impedance is purely resistive, with zero reactive com- 
ponent. For this case the antenna is termed resonant. (Ama- 
teurs often use the term “resonant” rather loosely, usually 
meaning “nearly resonant” or “close-to resonant.”’) 

Please recognize that an antenna need not be reso- 
nant in order to be an effective radiator. There is in fact 
nothing magic about having a resonant antenna, provided 
of course that you can devise some efficient means to 
feed the antenna. Many amateurs use non-resonant (even 
random-length) antennas fed with open-wire transmis- 
sion lines and antenna tuners. They radiate signals just 
as well as those using coaxial cable and resonant anten- 
nas, and as a bonus they usually can use these antenna 
systems on multiple frequency bands. It is important to 
consider an antenna and its feed line as a system, in which 
all losses should be kept to a minimum. See Chapter 24, 
Transmission Lines, for details on transmission-line loss 
as a function of impedance mismatch. 

Except at the one frequency where it is truly reso- 
nant, the current in an antenna is at a different phase 
compared to the applied voltage. In other words, the 
antenna exhibits a feed-point impedance, not just a pure 
resistance. The feed-point impedance is composed of 
either capacitive or inductive reactance in series with a 
resistance. 


Radiation Resistance 


The power supplied to an antenna is dissipated in 
two ways: radiation of electromagnetic waves, and heat 
losses in the wire and nearby dielectrics. The radiated 
power is what we want, the useful part, but it represents 
a form of “loss” just as much as the power used in heat- 
ing the wire or nearby dielectrics is a loss. In either case, 
the dissipated power is equal to I?R. In the case of heat 
losses, R is a real resistance. In the case of radiation, 
however, R is a “virtual” resistance, which, if replaced 
with an actual resistor of the same value, would dissi- 
pate the power actually radiated from the antenna. This 
resistance is called the radiation resistance. The total 
power in the antenna is therefore equal to I2(Rg+R), where 
Ro is the radiation resistance and R represents the total 
of all the loss resistances. 


In ordinary antennas operated at amateur frequencies, 
the power lost as heat in the conductor does not exceed a 
few percent of the total power supplied to the antenna. 
Expressed in decibels, the loss is less than 0.1 dB. The RF 
loss resistance of copper wire even as small as #14 is very 
low compared with the radiation resistance of an antenna 
that is reasonably clear of surrounding objects and is not 
too close to the ground. You can therefore assume that the 
ohmic loss in a reasonably well-located antenna is negli- 
gible, and that the total resistance shown by the antenna 
(the feed-point resistance) is radiation resistance. As a 
radiator of electromagnetic waves, such an antenna is a 
highly efficient device. 


Impedance of a Center-Fed Dipole 


A fundamental type of antenna is the center-fed half- 
wave dipole. Historically, the A/2 dipole has been the most 
popular antenna used by amateurs worldwide, largely 
because it is very simple to construct and because it is an 
effective performer. It is also a basic building block for 
many other antenna systems, including beam antennas, 
such as Yagis. 

A center-fed half-wave dipole consists of a straight 
wire, one-half wavelength long as defined in Eq 1, and 
fed in the center. The term “dipole” derives from Greek 
words meaning “two poles.” See Fig 1. A 4/2-long dipole 
is just one form a dipole can take. Actually, a center-fed 
dipole can be any length electrically, as long as it is con- 
figured in a symmetrical fashion with two equal-length 
legs. There are also versions of dipoles that are not fed in 
the center. These are called off-center-fed dipoles, some- 
times abbreviated as “OCF dipoles.” 

In free space—with the antenna remote from every- 
thing else—the theoretical impedance of a physically half- 
wave long antenna made of an infinitely thin conductor 
is 73 + 7 42.5 QO. This antenna exhibits both resistance 
and reactance. The positive sign in the + j 42.5-Q reac- 
tive term indicates that the antenna exhibits an inductive 
reactance at its feed point. The antenna is slightly long 
electrically, compared to the length necessary for exact 








Fig 1—The center-fed dipole antenna. It is assumed 
that the source of power is directly at the antenna feed 
point, with no intervening transmission line. Most 
commonly in amateur applications, the overall length 
of the dipole is 1/2, but the antenna can in actuality be 
any length. 


resonance, where the reactance is zero. 

The feed-point impedance of any antenna is affected 
by the wavelength-to-diameter ratio (A/dia) of the conduc- 
tors used. Theoreticians like to specify an “infinitely thin” 
antenna because it is easier to handle mathematically. 

What happens if we keep the physical length of an 
antenna constant, but change the thickness of the wire 
used in its construction? Further, what happens if we vary 
the frequency from well below to well above the half- 
wave resonance and measure the feed-point impedance? 
Fig 2 graphs the impedance of a 100-foot long, center- 
fed dipole in free space, made with extremely thin wire— 
in this case, wire that is only 0.001 inches in diameter. 
There is nothing particularly significant about the choice 
here of 100 feet. This is simply a numerical example. 

We could never actually build such a thin antenna (and 
neither could we install it in free space), but we can model 
how this antenna works using a very powerful piece of com- 
puter software called NEC-4.1. See Chapter 4, Antenna Mod- 
eling and System Planning, for details on antenna modeling. 

The frequency applied to the antenna in Fig 2 is var- 
ied from | to 30 MHz. The x-axis has a logarithmic scale 
because of the wide range of feed-point resistance seen 
over the frequency range. The y-axis has a linear scale 
representing the reactive portion of the impedance. In- 
ductive reactance is positive and capacitive reactance is 
negative on the y-axis. The bold figures centered on the 
spiraling line show the frequency in MHz. 

At | MHz, the antenna is very short electrically, with 
a resistive component of about 2 Q and a series capaci- 
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Fig 2—Feed-point impedance versus frequency for a 
theoretical 100-foot long dipole in free space, fed in the 
center and made of extremely thin 0.001-inch diameter 
wire. The y-axis is calibrated in positive (inductive) 
series reactance up from the zero line, and negative 
(capacitive) series reactance in the downward direction. 
The range of reactance goes from —6500 © to +6000 Q. 
Note that the x-axis is logarithmic because of the wide 
range of the real, resistive component of the feed-point 
impedance, from roughly 2 © to 10,000 ©. The numbers 
placed along the curve show the frequency in MHz. 
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Fig 3—Feed-point impedance versus frequency for a 
theoretical 100-foot long dipole in free space, fed in the 
center and made of thin 0.1-inch (#10) diameter wire. Note 
that the range of change in reactance is less than that 
shown in Fig 2, ranging from —2700 Q to +2300 ©. At about 
5,000 Q, the maximum resistance is also less than that 
in Fig 2 for the thinner wire, where it is about 10,000 Q. 


tive reactance about —5000 Q. Close to 5 MHz, the line 
crosses the zero-reactance line, meaning that the antenna 
goes through half-wave resonance there. Between 9 and 
10 MHz the antenna exhibits a peak inductive reactance 
of about 6000 Q. It goes through full-wave resonance 
(again crossing the zero-reactance line) between 9.5 and 
9.6 MHz. At about 10 MHz, the reactance peaks at about 
—6500 Q. Around 14 MHz, the line again crosses the zero- 
reactance line, meaning that the antenna has now gone 
through 3/2-wave resonance. 

Between 19 and 20 MHz, the antenna goes through 
4/2-wave resonance, which is twice the full-wave reso- 
nance or four times the half-wave frequency. If you allow 
your mind’s eye to trace out the curve for frequencies 
beyond 30 MHz, it eventually spirals down to a resistive 
component somewhere between 200 and 3000 Q. Thus, 
we have another way of looking at an antenna—as a sort 
of transformer, one that transforms the free-space imped- 
ance into the impedance seen at its feed point. 

Now look at Fig 3, which shows the same kind of 
spiral curve, but for a thicker-diameter wire, one that is 
0.1 inches in diameter. This diameter is close to #10 wire, 
a practical size we might actually use to build a real 
dipole. Note that the y-axis scale in Fig 3 is different from 
that in Fig 2. The range is from +3000 Q in Fig 3, while 
it was +7000 Q in Fig 2. The reactance for the thicker 
antenna ranges from +2300 to —2700 © over the whole 
frequency range from | to 30 MHz. Compare this with 
the range of +5800 to —6400 Q for the very thin wire in 
Fig 2. 

Fig 4 shows the impedance for a 100-foot long dipole 
using really thick, 1.0-inch diameter wire. The reactance 
varies from +1000 to —1500 Q, indicating once again that 
a larger diameter antenna exhibits less of an excursion in 
the reactive component with frequency. Note that at the 
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Fig 4—Feed-point impedance versus frequency for a 
theoretical 100-foot long dipole in free space, fed in 
the center and made of thick 1.0-inch diameter wire. 
Once again, the excursion in both reactance and 
resistance over the frequency range is less with this 
thick wire dipole than with thinner ones. 
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Fig 5—Feed-point impedance versus frequency for a 
theoretical 100-foot long dipole in free space, fed in 
the center and made of very thick 10.0-inch diameter 
wire. This ratio of length to diameter is about the same 
as a typical rod type of dipole element commonly used 
at 432 MHz. The maximum resistance is now about 
1,000 © and the peak reactance range is from about — 
625 © to +380 Q. This performance is also found in 
“cage” dipoles, where a number of paralleled wires are 
used to simulate a fat conductor. 


half-wave resonance just below 5 MHz, the resistive com- 
ponent of the impedance is still about 70 Q, just about what 
it is for a much thinner antenna. Unlike the reactance, the 
half-wave radiation resistance of an antenna doesn’t radi- 
cally change with wire diameter, although the maximum 
level of resistance at full-wave resonance is lower for 
thicker antennas. 

Fig 5 shows the results for a very thick, 10-inch 
diameter wire. Here, the excursion in the reactive com- 
ponent is even less: about +400 to —600 Q. Note that the 
full-wave resonant frequency is about 8 MHz for this 
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Fig 6—Expansion of frequency range around half- 
wave resonant point of three center-fed dipoles of 
three different thicknesses. The frequency is shown 
along the curves in MHz. The slope of change in 
series reactance versus series resistance is steeper 
for the thinner antennas than for the thick 1.0-inch 
antenna, indicating that the Q of the thinner antennas 
is higher. 


extremely thick antenna, while thinner antennas have full- 
wave resonances closer to 9 MHz. Note also that the full- 
wave resistance for this extremely thick antenna is only 
about 1,000 Q, compared to the 10,000 Q shown in Fig 2. 
All half-wave resonances shown in Figs 2 through 5 
remain close to 5 MHz, regardless of the diameter of the 
antenna wire. Once again, the extremely thick, 10-inch 
diameter antenna has a resistive component at half-wave 
resonance close to 70 Q. And once again, the change in 
reactance near this frequency is very much less for the 
extremely thick antenna than for thinner ones. 

Now, we grant you that a 100-foot long antenna made 
with 10-inch diameter wire sounds a little odd! A length 
of 100 feet and a diameter of 10 inches represent a ratio 
of 120:1 in length to diameter. However, this is about the 
same length-to-diameter ratio as a 432-MHz half-wave 
dipole using 0.25-inch diameter elements, where the 
ratio is 109:1. In other words, the ratio of length-to- 
diameter for the 10-inch diameter, 100-foot long dipole 
is not that far removed from what might actually be used 
at UHF. 

Another way of highlighting the changes in reac- 
tance and resistance is shown in Fig 6. This shows an 
expanded portion of the frequency range around the half- 
wave resonant frequency, from 4 to 6 MHz. In this 
region, the shape of each spiral curve is almost a straight 
line. The slope of the curve for the very thin antenna 
(0.001-inch diameter) is steeper than that for the thicker 
antennas (0.1 and 1.0-inch diameters). Fig 7 illustrates 
another way of looking at the impedance data above and 
below the half-wave resonance. This is for a 100-foot 
dipole made of #14 wire. Instead of showing the fre- 
quency for each impedance point, the wavelength is 
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Fig 7—Another way of looking at the data for a 100- 
foot, center-fed dipole made of #14 wire in free space. 
The numbers along the curve represent the fractional 
wavelength, rather than frequency as shown in Fig 6. 
Note that this antenna goes through its half-wave 
resonance about 0.488 i, rather than exactly at a half- 
wave physical length. 
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Fig 8—Effect of antenna diameter on length for half- 
wavelength resonance, shown as a multiplying factor, 
K, to be applied to the free-space, half-wavelength. 


shown, making the graph more universal in application. 

Just to show that there are lots of ways of looking at 
the same data, Fig 8 graphs the constant “K” used to 
multiply the free-space half-wavelength as a function of 
the ratio between the half-wavelength and the conductor 
diameter. The curve approaches the value of 1.00 for an 
infinitely thin conductor, in other words an infinitely large 
ratio of half-wavelength to diameter. 

The behavior of antennas with different /diameter 
ratios corresponds to the behavior of ordinary series-reso- 
nant circuits having different values of Q. When the Q of 
a circuit is low, the reactance is small and changes rather 
slowly as the applied frequency is varied on either side 
of resonance. If the Q is high, the converse is true. The 
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response curve of the low-Q circuit is broad; that of the 

high-Q circuit sharp. So it is with antennas—the imped- 

ance of a thick antenna changes slowly over a compara- 

tively wide band of frequencies, while a thin antenna has 

a faster change in impedance. Antenna Q is defined 

g -foAX (Eq 3) 
2RoAf 





where fy is the center frequency, AX is the change in the 
reactance for a Af change in frequency, and Rg is the resis- 
tance the fy. For the “Very Thin,” 0.001-inch diameter 
dipole in Fig 2, a change of frequency from 5.0 to 5.5 MHz 
yields a reactance change from 86 to 351 Q, with an Ro of 
95 Q. The Q is thus 14.6. For the 1.0-inch-diameter “Thick” 
dipole in Fig 4, AX = 131 Q and Rg is still 95 Q, making 
Q = 7.2 for the thicker antenna, roughly half that of the 
thinner antenna. 

Let’s recap. We have described an antenna first as a 
transducer, then as a sort of transformer to a range of free- 
space impedances. Now, we just compared the antenna to 
a series-tuned circuit. Near its half-wave resonant fre- 
quency, a center-fed A/2 dipole exhibits much the same 
characteristics as a conventional series-resonant circuit. Ex- 
actly at resonance, the current at the input terminals is in 
phase with the applied voltage and the feed-point 
impedance is purely resistive. If the frequency is below 
resonance, the phase of the current leads the voltage; that 
is, the reactance of the antenna is capacitive. When the 
frequency is above resonance, the opposite occurs; the cur- 
rent lags the applied voltage and the antenna exhibits 
inductive reactance. Just like a conventional series-tuned 
circuit, the antenna’s reactance and resistance determines 


its Q. 


ANTENNA DIRECTIVITY AND GAIN 
The Isotropic Radiator 


Before we can fully describe practical antennas, we 
must first introduce a completely theoretical antenna, the 
isotropic radiator. Envision, if you will, an infinitely small 
antenna, a point located in outer space, completely removed 
from anything else around it. Then consider an infinitely 
small transmitter feeding this infinitely small, point 
antenna. You now have an isotropic radiator. 

The uniquely useful property of this theoretical 
point-source antenna is that it radiates equally well in all 
directions. That is to say, an isotropic antenna favors no 
direction at the expense of any other—in other words, it 
has absolutely no directivity. The isotropic radiator is 
useful as a measuring stick for comparison with actual 
antenna systems. 

You will find later that real, practical antennas all 
exhibit some degree of directivity, which is the property 
of radiating more strongly in some directions than in 
others. The radiation from a practical antenna never has 
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the same intensity in all directions and may even have zero 
radiation in some directions. The fact that a practical 
antenna displays directivity (while an isotropic radiator 
does not) is not necessarily a bad thing. The directivity of 
a real antenna is often carefully tailored to emphasize 
radiation in particular directions. For example, a receiv- 
ing antenna that favors certain directions can discriminate 
against interference or noise coming from other directions, 
thereby increasing the signal-to-noise ratio for desired sig- 
nals coming from the favored direction. 


Directivity and the Radiation Pattern— 
a Flashlight Analogy 


The directivity of an antenna is directly related to the 
pattern of its radiated field intensity in free space. A graph 
showing the actual or relative field intensity at a fixed dis- 
tance, as a function of the direction from the antenna sys- 
tem, is called a radiation pattern. Since we can’t actually 
see electromagnetic waves making up the radiation pattern 
of an antenna, we can consider an analogous situation. 

Fig 9 represents a flashlight shining in a totally dark- 
ened room. To quantify what our eyes are seeing, we 
might use a sensitive light meter like those used by pho- 
tographers, with a scale graduated in units from 0 to 10. 
We place the meter directly in front of the flashlight and 
adjust the distance so the meter reads 10, exactly full 
scale. We also carefully note the distance. Then, always 
keeping the meter the same distance from the flashlight 
and keeping it at the same height above the floor, we move 
the light meter around the flashlight, as indicated by the 





Fig 9—The beam from a flashlight illuminates a totally 
darkened area as shown here. Readings taken with a 
photographic light meter at the 16 points around the circle 
may be used to plot the radiation pattern of the flashlight. 


arrow, and take light readings at a number of different 
positions. 

After all the readings have been taken and recorded, 
we plot those values on a sheet of polar graph paper, like 
that shown in Fig 10. The values read on the meter are 
plotted at an angular position corresponding to that for 
which each meter reading was taken. Following this, we 
connect the plotted points with a smooth curve, also 
shown in Fig 10. When this is finished, we have com- 
pleted a radiation pattern for the flashlight. 


Antenna Pattern Measurements 


Antenna radiation patterns can be constructed in a 
similar manner. Power is fed to the antenna under test, and 
a field-strength meter indicates the amount of signal. We 
might wish to rotate the antenna under test, rather than 
moving the measuring equipment to numerous positions 
about the antenna. Or we might make use of antenna reci- 
procity, since the pattern while receiving is the same as 
that while transmitting. A source antenna fed by a low- 
power transmitter illuminates the antenna under test, and 
the signal intercepted by the antenna under test is fed to a 
receiver and measuring equipment. Additional information 
on the mechanics of measuring antenna patterns is con- 
tained in Chapter 27, Antennas and Transmission-Line 
Measurements. 

Some precautions must be taken to assure that the 
measurements are accurate and repeatable. In the case of 
the flashlight, let’s assume that the separation between 
the light source and the light meter is 2 meters, about 
6.5 feet. The wavelength of visible light is about one- 
half micron, where a micron is one-millionth of a meter. 

For the flashlight, a separation of 2 meters between 
source and detector is 2.0/(0.5x10°°) = 4 million A, a very 
large number of wavelengths. Measurements of practical 
HF or even VHF antennas are made at much closer dis- 
tances, in terms of wavelength. For example, at 3.5 MHz 
a full wavelength is 85.7 meters, or 281.0 feet. To dupli- 
cate the flashlight-to-light-meter spacing in wavelengths 
at 3.5 MHz, we would have to place the field-strength 
measuring instrument almost on the surface of the Moon, 
about a quarter-million miles away! 


The Fields Around an Antenna 


Why should we be concerned with the separation 
between the source antenna and the field-strength meter, 
which has its own receiving antenna? One important rea- 
son is that if you place a receiving antenna very close to 
an antenna whose pattern you wish to measure, mutual 
coupling between the two antennas may actually alter the 
pattern you are trying to measure. 

This sort of mutual coupling can occur in the region 
very close to the antenna under test. This region is called 
the reactive near-field region. The term “reactive” refers 
to the fact that the mutual impedance between the trans- 
mitting and receiving antennas can be either capacitive 
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Fig 10—The radiation pattern of the flashlight in Fig 9. 
The measured values are plotted and connected with a 
smooth curve. 


or inductive in nature. The reactive near field is some- 
times called the “induction field,” meaning that the mag- 
netic field usually is predominant over the electric field 
in this region. The antenna acts as though it were a rather 
large, lumped-constant inductor or capacitor, storing 
energy in the reactive near field rather than propagating 
it into space. 

For simple wire antennas, the reactive near field is 
considered to be within about a half wavelength from an 
antenna’s radiating center. Later on, in the chapters deal- 
ing with Yagi and quad antennas, you will find that mutual 
coupling between elements can be put to good use to 
purposely shape the radiated pattern. For making pattern 
measurements, however, we do not want to be too close 
to the antenna being measured. 

The strength of the reactive near field decreases in a 
complicated fashion as you increase the distance from 
the antenna. Beyond the reactive near field, the antenna’s 
radiated field is divided into two other regions: the radi- 
ating near field and the radiating far field. Historically, 
the terms Fresnel and Fraunhéfer fields have been used 
for the radiating near and far fields, but these terms have 
been largely supplanted by the more descriptive termi- 
nology used here. Even inside the reactive near-field 
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Fig 11—The fields around a radiating antenna. Very 
close to the antenna, the reactive field dominates. 
Within this area mutual impedances are observed 
between antenna and any other antennas used to 
measure response. Outside of the reactive field, the 
near radiating field dominates, up to a distance 
approximately equal to 2L7/A, where L is the length of 
the largest dimension of the antenna. Beyond the near/ 
far field boundary lies the far radiating field, where 
power density varies as the inverse square of radial 
distance. 


region, both radiating and reactive fields coexist, although 
the reactive field predominates very close to the antenna. 

Because the boundary between the fields is rather 
fuzzy, experts debate where one field begins and another 
leaves off, but the boundary between the radiating near 
and far fields is generally accepted as: 


WA te (Eq 4) 


where L is the largest dimension of the physical antenna, 
expressed in the same units of measurement as the wave- 
length 2. Remember, many specialized antennas do not 
follow the rule of thumb in Eq 4 exactly. Fig 11 depicts 
the three fields in front of a simple wire antenna. 

Throughout the rest of this book we will discuss 
mainly the radiating far-fields, those forming the travel- 
ing electromagnetic waves. Far-field radiation is distin- 
guished by the fact that the intensity is inversely 
proportional to the distance, and that the electric and mag- 
netic components, although perpendicular to each other in 
the wave front, are in time phase. The total energy is equally 
divided between the electric and magnetic fields. Beyond 
several wavelengths from the antenna, these are the only 
fields we need to consider. For accurate measurement of 
radiation patterns, we must place our measuring instru- 
mentation at least several wavelengths away from the 
antenna under test. 
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Pattern Planes 


Patterns obtained above represent the antenna radiation 
in just one plane. In the example of the flashlight, the plane 
of measurement was at one height above the floor. Actually, 
the pattern for any antenna is three dimensional, and there- 
fore cannot be represented in a single-plane drawing. The 
solid radiation pattern of an antenna in free space would be 
found by measuring the field strength at every point on the 
surface of an imaginary sphere having the antenna at its cen- 
ter. The information so obtained would then be used to con- 
struct a solid figure, where the distance from a fixed point 
(representing the antenna) to the surface of the figure is pro- 
portional to the field strength from the antenna in any given 
direction. Fig 12B shows a three-dimensional wire-grid rep- 
resentation of the radiation pattern of a half-wave dipole. 

For amateur work, relative values of field strength 
(rather than absolute) are quite adequate in pattern plot- 
ting. In other words, it is not necessary to know how many 
microvolts per meter a particular antenna will produce at 
a distance of 1 mile when excited with a specified power 
level. (This is the kind of specifications that AM broad- 
cast stations must meet to certify their antenna systems 
to the FCC.) 

For whatever data is collected (or calculated from theo- 
retical equations), it is common to normalize the plotted 
values so the field strength in the direction of maximum 
radiation coincides with the outer edge of the chart. On a 
given system of polar coordinate scales, the shape of the 
pattern is not altered by proper normalization, only its size. 


E and H-Plane Patterns 


The solid 3-D pattern of an antenna in free space can- 
not adequately be shown with field-strength data on a flat 
sheet of paper. Cartographers making maps of a round Earth 
on flat pieces of paper face much the same kind of problem. 
As we discussed above, cross-sectional or plane diagrams 
are very useful for this purpose. Two such diagrams, one in 
the plane containing the straight wire of a dipole and one in 
the plane perpendicular to the wire, can convey a great deal 
of information. The pattern in the plane containing the axis 
of the antenna is called the E-plane pattern, and the one in 
the plane perpendicular to the axis is called the H-plane 
pattern. These designations are used because they repre- 
sent the planes in which the electric (symbol E), and the 
magnetic (symbol H) lines of force lie, respectively. 

The E lines represent the polarization of the antenna. 
Polarization will be covered in more detail later in this 
chapter. As an example, the electromagnetic field pic- 
tured in Fig 1 of Chapter 23, Radio Wave Propagation, is 
the field that would be radiated from a vertically polar- 
ized antenna; that is, an antenna in which the conductor 
is mounted perpendicular to the earth. 

When a radiation pattern is shown for an antenna 
mounted over ground rather than in free space, we auto- 
matically gain two frames of reference—an azimuth angle 
and an elevation angle. The azimuth angle is usually ref- 











180 





Fig 12—Directive diagram of a free-space dipole. At 
A, the pattern in the plane containing the wire axis. 
The length of each dashed-line arrow represents the 
relative field strength in that direction, referenced to 
the direction of maximum radiation, which is at right 
angles to the wire’s axis. The arrows at approximately 
45° and 315° are the half-power or —3 dB points. At B, 
a wire grid representation of the solid pattern for the 
same antenna. These same patterns apply to any 
center-fed dipole antenna less than a half wavelength 
long. 


erenced to the maximum radiation lobe of the antenna, 
where the azimuth angle is defined at 0°, or it could be 
referenced to the Earth’s True North direction for an 
antenna oriented in a particular compass direction. The 
E-plane pattern for an antenna over ground is now called 
the azimuth pattern. 

The elevation angle is referenced to the horizon at 
the Earth’s surface, where the elevation angle is 0°. Of 
course, the Earth is round but because its radius is so 


Introduction to the Decibel 


The power gain of an antenna system is usually 
expressed in decibels. The decibel is a practical unit 
for measuring power ratios because it is more closely 
related to the actual effect produced at a distant 
receiver than the power ratio itself. One decibel 
represents a just-detectable change in signal 
strength, regardless of the actual value of the signal 
voltage. A 20-decibel (20-dB) increase in signal, for 
example, represents 20 observable steps in in- 
creased signal. The power ratio (100 to 1) corre- 
sponding to 20 dB gives an entirely exaggerated idea 
of the improvement in communication to be expected. 
The number of decibels corresponding to any power 
ratio is equal to 10 times the common logarithm of 
the power ratio, or 


dB =10log1q + 
Po 


If the voltage ratio is given, the number of decibels 
is equal to 20 times the common logarithm of the 
ratio. That is, 


dB=20 logiow 
2 


When a voltage ratio is used, both voltages must 
be measured across the same value of impedance. 
Unless this is done the decibel figure is meaningless, 
because it is fundamentally a measure of a power 
ratio. 

The main reason a decibel is used is that succes- 
sive power gains expressed in decibels may simply 
be added together. Thus a gain of 3 dB followed by a 
gain of 6 dB gives a total gain of 9 dB. In ordinary 
power ratios, the ratios must be multiplied together to 
find the total gain. 

A reduction in power is handled simply by sub- 
tracting the requisite number of decibels. Thus, 
reducing the power to ’% is the same as subtracting 
3 decibels. For example, a power gain of 4 in one 
part of a system and a reduction to ’ in another part 
gives a total power gain of 4 x % = 2. In decibels, this 
is 6 — 3 = 3 dB. A power reduction or /oss is simply 
indicated by including a negative sign in front of the 
appropriate number of decibels. 





large, it can in this context be considered to be flat in the 
area directly under the antenna. An elevation angle of 
90° is straight over the antenna, and a 180° elevation is 
toward the horizon directly behind the antenna. 

Professional antenna engineers often describe an 
antenna’s orientation with respect to the point directly 
overhead—using the zenith angle, rather than the eleva- 
tion angle. The elevation angle is computed by subtract- 
ing the zenith angle from 90°. 
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Referenced to the horizon of the Earth, the H-plane 
pattern is now called the elevation pattern. Unlike the 
free-space H-plane pattern, the over-ground elevation 
pattern is drawn as a half-circle, representing only posi- 
tive elevations above the Earth’s surface. The ground 
reflects or blocks radiation at negative elevation angles, 
making below-surface radiation plots unnecessary. 

After a little practice, and with the exercise of some 
imagination, the complete solid pattern can be visualized 
with fair accuracy from inspection of the two planar dia- 
grams, provided of course that the solid pattern of the 
antenna is smooth, a condition that is true for simple 
antennas like A/2 dipoles. 

Plane diagrams are plotted on polar coordinate paper, 
as described earlier. The points on the pattern where the 
radiation is zero are called nulls. The curved section from 
one null to the next on the plane diagram, or the corre- 
sponding section on the solid pattern, is called a lobe. The 
strongest lobe is commonly called the main lobe. Fig 12A 
shows the E-plane pattern for a half-wave dipole. In Fig 12, 
the dipole is placed in free space. In addition to the labels 
showing the main lobe and nulls in the pattern, the 
so-called half-power points on the main lobe are shown. 
These are the points where the power is 3 dB down from 
the peak value in the main lobe. 


Directivity and Gain 


Let us now examine directivity more closely. As 
mentioned previously, all practical antennas, even the 
simplest types such as dipoles, exhibit directivity. Here’s 
another picture that may help explain the concept of 
directivity. Fig 13A shows a balloon blown into its usual 
spherical shape. This represents a “reference” isotropic 
source. Squeezing the balloon in the middle in Fig 13B 
produces a dipole-like figure-8 pattern whose peak levels at 
top and bottom are larger than the reference sphere. Compare 
this with Fig 13C. Next, squeezing the bottom end of the 
balloon produces a pattern that gives even more “gain” 
compared to the reference. 

Free-space directivity can be expressed quantitatively 
by comparing the three-dimensional pattern of the antenna 
under consideration with the perfectly spherical three- 
dimensional pattern of an isotropic antenna. The field 
strength (and thus power per unit area, or power density) is 
the same everywhere on the surface of an imaginary sphere 
having aradius of many wavelengths and having an isotropic 
antenna at its center. At the surface of the same imaginary 
sphere around an antenna radiating the same total power, 
the directive pattern results in greater power density at some 
points on this sphere and less at others. The ratio of the 
maximum power density to the average power density taken 
over the entire sphere (which is the same as from the isotropic 
antenna under the specified conditions) is the numerical 
measure of the directivity of the antenna. That is, 


(Eq 5) 
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Figs pemonstatlng antenna patiem Gain witht. ,- 13—Demonstrating antenna pattern gain with 
balloons. Take a balloon, blow it up so that it is roughly 
circular in shape and then declare that this is a 
radiation pattern from an isotropic radiator. Next, blow 
up another balloon to the same size and shape and tell 
the audience that this will be the “reference” antenna 
(A). Then, squeeze the first balloon in the middle to 
form a sort of figure-8 shape and declare that this is a 
dipole and compare the maximum size to that of the 
reference “antenna” (B). The dipole can be seen to 
have some “gain” over the reference isotropic. Next, 
squeeze the end of the first balloon to come up with a 
sausage-like shape to demonstrate the sort of pattern 
a beam antenna creates (C). 


where 


D = directivity 

P = power density at its maximum point on the sur- 
face of the sphere 

P,, = average power density 


The gain of an antenna is closely related to its direc- 


tivity. Because directivity is based solely on the shape of 
the directive pattern, it does not take into account any power 
losses that may occur in an actual antenna system. To deter- 
mine gain, these losses must be subtracted from the power 
supplied to the antenna. The loss is normally a constant per- 
centage of the power input, so the antenna gain is 


Gas 


av 


(Eq 6) 


where 
G = gain (expressed as a power ratio) 
D = directivity 
k = efficiency (power radiated divided by power in- 
put) of the antenna 
P and P,, are as above 


For many of the antenna systems used by amateurs, 
the efficiency is quite high (the loss amounts to only a 
few percent of the total). In such cases the gain is essen- 
tially equal to the directivity. The more the directive dia- 
gram is compressed—or, in common terminology, the 
sharper the lobes—the greater the power gain of the 
antenna. This is a natural consequence of the fact that as 
power is taken away from a larger and larger portion of 
the sphere surrounding the radiator, it is added to the vol- 
ume represented by the narrow lobes. Power is therefore 
concentrated in some directions, at the expense of others. 
In a general way, the smaller the volume of the solid ra- 
diation pattern, compared with the volume of a sphere 
having the same radius as the length of the largest lobe in 
the actual pattern, the greater the power gain. 

As stated above, the gain of an antenna is related to 
its directivity, and directivity is related to the shape of 
the directive pattern. A commonly used index of direc- 
tivity, and therefore the gain of an antenna, is a measure 
of the width of the major lobe (or lobes) of the plotted 
pattern. The width is expressed in degrees at the half- 
power or —3 dB points, and is often called the beamwidth. 

This information provides only a general idea of rela- 
tive gain, rather than an exact measure. This is because an 
absolute measure involves knowing the power density at 
every point on the surface of a sphere, while a single dia- 
gram shows the pattern shape in only one plane of that 
sphere. It is customary to examine at least the E-plane and 
the H-plane patterns before making any comparisons be- 
tween antennas. 

A simple approximation for gain over an isotropic 
radiator can be used, but only if the sidelobes in the 
antenna’s pattern are small compared to the main lobe 
and if the resistive losses in the antenna are small. When 
the radiation pattern is complex, numerical integration is 
employed to give the actual gain. 
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where H3y4p and E34, are the half-power points, in 


degrees, for the H and E-plane patterns. 


Radiation Patterns for Center-Fed Dipoles at 
Different Frequencies 


Earlier, we saw how the feed-point impedance of a 
fixed-length center-fed dipole in free space varies as the 
frequency is changed. What happens to the radiation pat- 
tern of such an antenna as the frequency is changed? 

In general, the greater the length of a center-fed 
antenna, in terms of wavelength, the larger the number 
of lobes into which the pattern splits. A feature of all 
such patterns is the fact that the main lobe—the one that 
gives the largest field strength at a given distance— 
always is the one that makes the smallest angle with the 
antenna wire. Furthermore, this angle becomes smaller 
as the length of the antenna is increased. 

Let’s examine how the free-space radiation pattern 
changes for a 100-foot long wire made of #14 wire as 
the frequency is varied. (Varying the frequency effec- 
tively changes the wavelength for a fixed-length wire.) 
Fig 14 shows the E-plane pattern at the 4/2 resonant 
frequency of 4.8 MHz. This is a classical dipole pattern, 
with a gain in free space of 2.14 dBi referenced to an 
isotropic radiator. 

Fig 15 shows the free-space E-plane pattern for the 
same antenna, but now at the full-wave (2A/2) resonant 
frequency of 9.55 MHz. Note how the pattern has been 
pinched in at the top and bottom of the figure. In other 
words, the two main lobes have become sharper at this 
frequency, making the gain 3.73 dBi, higher than at the 
/2 frequency. 





Free Space E—Plane 





270 











0 dB = 2.14 dBi 180 


4.800 MHz 


Fig 14—Free-space E-Plane radiation pattern for a 
100-foot dipole at its half-wave resonant frequency of 
4.80 MHz. This antenna has 2.14 dBi of gain. The dipole 
is located on the line from 90° to 270°. 
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Coordinate Scales for Radiation Patterns 


A number of different systems of coordinate scales or grids are in use for plotting antenna patterns. Antenna 
patterns published for amateur audiences are sometimes placed on rectangular grids, but more often they are 
shown using polar coordinate systems. Polar coordinate systems may be divided generally into three classes: 
linear, logarithmic and modified logarithmic. 

A very important point to remember is that the shape of a pattern (its general appearance) is highly dependent 
on the grid system used for the plotting. This is exemplified in 
Fig A, where the radiation pattern for a beam antenna is 
presented using three coordinate systems discussed in the 
paragraphs that follow. 


Linear Coordinate Systems 


The polar coordinate system for the flashlight radiation 
pattern, Fig 10, uses linear coordinates. The concentric circles 
are equally spaced, and are graduated from 0 to 10. Such a grid 
may be used to prepare a linear plot of the power contained in 
the signal. For ease of comparison, the equally spaced concen- 
tric circles have been replaced with appropriately placed circles 
representing the decibel response, referenced to 0 dB at the 
outer edge of the plot. In these plots the minor lobes are 
suppressed. Lobes with peaks more than 15 dB or so below the 
main lobe disappear completely because of their small size. 
This is a good way to show the pattern of an array having high 
directivity and small minor lobes. 


Logarithmic Coordinate System 

Another coordinate system used by antenna manufacturers 
is the logarithmic grid, where the concentric grid lines are 
spaced according to the logarithm of the voltage in the signal. If 
the logarithmically spaced concentric circles are replaced with 
appropriately placed circles representing the decibel response, 
the decibel circles are graduated linearly. In that sense, the 
logarithmic grid might be termed a linear-log grid, one having 
linear divisions calibrated in decibels. 

This grid enhances the appearance of the minor lobes. If the 
intent is to show the radiation pattern of an array supposedly 
having an omnidirectional response, this grid enhances that 
appearance. An antenna having a difference of 8 or 10 dB in 
pattern response around the compass appears to be closer to 
omnidirectional on this grid than on any of the others. See 
Fig A-(B). 


ARRL Log Coordinate System 


The modified logarithmic grid used by the ARRL has a 
system of concentric grid lines spaced according to the loga- 
rithm of 0.89 times the value of the signal voltage. In this grid, 
minor lobes that are 30 and 40 dB down from the main lobe are 
distinguishable. Such lobes are of concern in VHF and UHF 
work. The spacing between plotted points at 0 dB and 
—3 dB is significantly greater than the spacing between —20 and 
—23 dB, which in turn is significantly greater than the spacing 
between —50 and —53 dB. 

For example, the scale distance covered by 0 to —3 dB is 
about '/10 of the radius of the chart. The scale distance for the 
next 3-dB increment (to —6 dB) is slightly less, 89% of the first, 
to be exact. The scale distance for the next 3-dB increment (to 
—9 dB) is again 89% of the second. The scale is constructed so 
that the progression ends with —100 dB at chart center. 

The periodicity of spacing thus corresponds generally to the 
relative significance of such changes in antenna performance. 
Antenna pattern plots in this publication are made on the 
modified-log grid similar to that shown in Fig A-(C). 
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0 dB = 3.73 Bi 180 9.550 MHz 
Fig 15—Free-space E-Plane radiation pattern for a 
100-foot dipole at its full-wave resonant frequency of 
9.55 MHz. The gain has increased to 3.73 dBi, because 
the main lobes have been focused and sharpened 
compared to Fig 13. 


Fig 16 shows the pattern at the 3A/2 frequency of 
14.6 MHz. More lobes have developed compared to 
Fig 14. This means that the power has split up into more 
lobes and consequently the gain decreases a small amount, 
down to 3.44 dBi. This is still higher than the dipole at 
its A/2 frequency, but lower than at its full-wave frequency. 
Fig 17 shows the E-plane response at 19.45 MHz, the 
4i/2, or 2A, resonant frequency. Now the pattern has 
reformed itself into only four lobes, and the gain has as a 
consequence risen to 3.96 dBi. 

In Fig 18 the response has become quite complex at 
the 54/2 resonance point of 24.45 MHz, with ten lobes 
showing. Despite the presence all these lobes, the main 
lobes now show a gain of 4.78 dBi. Finally, Fig 19 shows 
the pattern at the 3A (6A/2) resonance at 29.45 MHz. 
Despite the fact that there are fewer lobes taking up power 


Fig A—Radiation pattern plots for a high-gain Yagi 
antenna on three different grid coordinate systems. 
At A, the pattern on a linear-power dB grid. Notice 
how details of sidelobe structure are lost with this 
grid. At B, the same pattern on a grid with constant 
5 dB circles. The sidelobe level is exaggerated when 
this scale is employed. At B, the same pattern on the 
modified log grid used by ARRL. The side and 
rearward lobes are clearly visible on this grid. The 
concentric circles in all three grids are graduated in 
decibels referenced to 0 dB at the outer edge of the 
chart. The patterns look quite different, yet they all 
represent the same antenna response! 








0 Free Space E—Plane 








0 dB = 3.44 dBi 180 14.600 MHz 


Fig 16—Free-space E-Plane radiation pattern for a 100- 
foot dipole at its 3/2A resonant frequency of 14.60 MHz. 
The pattern has broken up into six lobes, and thus the 

peak gain has dropped to 3.44 dBi. 


than at 24.45 MHz, the peak gain is slightly less at 
29.45 MHz, at 4.70 dBi. 

The pattern—and hence the gain—of a fixed-length 
antenna varies considerably as the frequency is changed. 
Of course, the pattern and gain change in the same fash- 
ion if the frequency is kept constant and the length of the 
wire is varied. In either case, the wavelength is chang- 
ing. It is also evident that certain lengths reinforce the 
pattern to provide more peak gain. If an antenna is not 
rotated in azimuth when the frequency is changed, the 
peak gain may occur in a different direction than you 
might like. In other words, the main lobes change direc- 
tion as the frequency is varied. 


POLARIZATION 


We’ ve now examined the first two of the three major 
properties used to characterize antennas: the radiation 
pattern and the feed-point impedance. The third general 
property is polarization. An antenna’s polarization is de- 
fined to be that of its electric field, in the direction where 
the field strength is maximum. 

For example, if a A/2 dipole is mounted horizon- 
tally over the Earth, the electric field is strongest perpen- 
dicular to its axis (that is, at right angle to the wire) and 
parallel to the earth. Thus, since the maximum electric 
field is horizontal, the polarization in this case is also 
considered to be horizontal with respect to the earth. If 
the dipole is mounted vertically, its polarization will be 
vertical. See Fig 20. Note that if an antenna is mounted 
in free space, there is no frame of reference and hence its 
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0 dB = 3.96 dBi 180 19.450 MHz 
Fig 17—Free-space E-Plane radiation pattern for a 100- 
foot dipole at twice its full-wave resonant frequency of 
19.45 MHz. The pattern has been refocused into four 
lobes, with a peak gain of 3.96 dBi. 
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0 dB = 4.78 dBi 180 


24.450 MHz 


Fig 18—Free-space E-Plane radiation pattern for a 100- 
foot dipole at its 5/24 resonant frequency of 24.45 MHz. 
The pattern has broken down into ten lobes, with a 
peak gain of 4.78 dBi. 


polarization is indeterminate. 

Antennas composed of a number of A/2 elements 
arranged so that their axes lie in the same or parallel di- 
rections have the same polarization as that of any one of 
the elements. For example, a system composed of a group 
of horizontal dipoles is horizontally polarized. If both hori- 
zontal and vertical elements are used in the same plane 
and radiate in phase, however, the polarization is the 
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0 dB = 4.70 dBi 180 29.450 MHz 


Fig 19—Free-space E-Plane radiation pattern for a 100- 
foot dipole at three times its full-wave resonant 
frequency of 29.45 MHz. The pattern has returned to six 
lobes, with a peak gain of 4.70 dBi. 
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Fig 20—Vertical and horizontal polarization of a dipole 
above ground. The direction of polarization is the 
direction of the maximum electric field with respect to 
the earth. 


resultant of the contributions made by each set of elements 
to the total electromagnetic field at a given point some dis- 
tance from the antenna. In such a case the resultant polar- 
ization is still linear, but is tilted between horizontal and 
vertical. 

In directions other than those where the radiation is 
maximum, the resultant wave even for a simple dipole is 
a combination of horizontally and vertically polarized 
components. The radiation off the ends of a horizontal 
dipole is actually vertically polarized, albeit at a greatly 
reduced amplitude compared to the broadside horizon- 
tally polarized radiation—the sense of polarization 


changes with compass direction. 

Thus it is often helpful to consider the radiation pat- 
tern from an antenna in terms of polar coordinates, rather 
than trying to think in purely linear horizontal or vertical 
coordinates. See Fig 21. The reference axis in a polar sys- 
tem is vertical to the earth under the antenna. The zenith 
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Fig 21—Diagram showing polar representation of a 
point P lying on an imaginary sphere surround a point- 
source antenna. The various angles associated with 
this coordinate system are shown referenced to the x, 
y and z-axes. 


angle is usually referred to as 6 (Greek letter theta), and the 
azimuth angle is referred to as @ (Greek letter phi). Instead 
of zenith angles, most amateurs are more familiar with ele- 
vation angles, where a zenith angle of 0° is the same as an 
elevation angle of 90°, straight overhead. Native NEC or 
MININEC computer programs use zenith angles rather than 
elevation angles, although most commercial versions auto- 
matically reduce these to elevation angles. 

If vertical and horizontal elements in the same plane 
are fed out of phase (where the beginning of the RF period 
applied to the feed point of the vertical element is not 
in time phase with that applied to the horizontal), the 
resultant polarization is elliptical. Circular polarization 
is a special case of elliptical polarization. The wave front 
of a circularly polarized signal appears (in passing a 
fixed observer) to rotate every 90° between vertical and 
horizontal, making a complete 360° rotation once every 
period. Field intensities are equal at all instantaneous 
polarizations. Circular polarization is frequently used 
for space communications, and is discussed further in 
Chapter 19, Antenna Systems for Space Communications. 

Sky-wave transmission usually changes the polar- 
ization of traveling waves. (This is discussed in Chapter 
23, Radio Wave Propagation.) The polarization of receiv- 
ing and transmitting antennas in the 3 to 30-MHz range, 
where almost all communication is by means of sky wave, 
need not be the same at both ends of a communication 
circuit (except for distances of a few miles). In this range 
the choice of polarization for the antenna is usually 
determined by factors such as the height of available 
antenna supports, polarization of man-made RF noise 
from nearby sources, probable energy losses in nearby 
objects, the likelihood of interfering with neighborhood 
broadcast or TV reception and general convenience. 


Other Antenna Characteristics 


Besides the three main characteristics of impedance, 
pattern (gain) and polarization, there are some other use- 
ful properties of antennas. 


RECIPROCITY IN RECEIVING AND 
TRANSMITTING 


Many of the properties of a resonant antenna used for 
reception are the same as its properties in transmission. It 
has the same directive pattern in both cases, and delivers 
maximum signal to the receiver when the signal comes from 
a direction in which the antenna has its best response. The 
impedance of the antenna is the same, at the same point of 
measurement, in receiving as in transmitting. 

In the receiving case, the antenna is the source of 
power delivered to the receiver, rather than the load for a 
source of power (as in transmitting). Maximum possible 
output from the receiving antenna is obtained when the 


load to which the antenna is connected is the same as the 
impedance of the antenna. We say that the antenna is 
matched to its load. 

The power gain in receiving is the same as the 
gain in transmitting, when certain conditions are met. One 
such condition is that both antennas (usually A/2-long 
antennas) must work into load impedances matched to their 
own impedances, so that maximum power is transferred in 
both cases. In addition, the comparison antenna should be 
oriented so it gives maximum response to the signal used 
in the test. That is, it should have the same polarization as 
the incoming signal and should be placed so its direction 
of maximum gain is toward the signal source. 

In long-distance transmission and reception via the 
ionosphere, the relationship between receiving and trans- 
mitting, however, may not be exactly reciprocal. This is 
because the waves do not always follow exactly the same 


Antenna Fundamentals 2-15 


paths at all times and so may show considerable varia- 
tion in the time between alternations between transmit- 
ting and receiving. Also, when more than one ionospheric 
layer is involved in the wave travel (see Chapter 23, 
Radio Wave Propagation), it is sometimes possible for 
reception to be good in one direction and poor in the other, 
over the same path. 

Wave polarization usually shifts in the ionosphere. The 
tendency is for the arriving wave to be elliptically polar- 
ized, regardless of the polarization of the transmitting 
antenna. Vertically polarized antennas can be expected to 
show no more difference between transmission and 
reception than horizontally polarized antennas. On the av- 
erage, however, an antenna that transmits well in a certain 
direction also gives favorable reception from the same 
direction, despite ionospheric variations. 


FREQUENCY SCALING 


Any antenna design can be scaled in size for use on 
another frequency or on another amateur band. The 
dimensions of the antenna may be scaled with Eq 8 below. 


(Eq 8) 


where 
D = scaled dimension 
d = original design dimension 
fl = original design frequency 
f2 = scaled frequency (frequency of intended 
operation) 


From this equation, a published antenna design for, 
say, 14 MHz can be scaled in size and constructed for 
operation on 18 MHz, or any other desired band. Similarly, 
an antenna design could be developed experimentally at 
VHF or UHF and then scaled for operation in one of the 
HF bands. For example, from Eq 8, an element of 
39.0 inches length at 144 MHz would be scaled to 14 MHz 
as follows: D = 144/14 x 39 = 401.1 inches, or 33.43 feet. 

To scale an antenna properly, all physical dimensions 
must be scaled, including element lengths, element spac- 
ings, boom diameters and element diameters. Lengths and 
spacings may be scaled in a straightforward manner as in 
the above example, but element diameters are often not as 
conveniently scaled. For example, assume a 14-MHz antenna 
is modeled at 144 MHz and perfected with */s-inch cylindri- 
cal elements. For proper scaling to 14 MHz, the elements 
should be cylindrical, of 144/14 x 3/s or 3.86 inches diam- 
eter. From a realistic standpoint, a 4-inch diameter might be 
acceptable, but cylindrical elements of 4-inch diameter in 
lengths of 33 feet or so would be quite unwieldy (and quite 
expensive, not to mention heavy). Choosing another, more 
suitable diameter is the only practical answer. 
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Diameter Scaling 


Simply changing the diameter of dipole type ele- 
ments during the scaling process is not satisfactory with- 
out making a corresponding element-length correction. 
This is because changing the diameter results in a change 
in the A/dia ratio from the original design, and this alters 
the corresponding resonant frequency of the element. The 
element length must be corrected to compensate for the 
effect of the different diameter actually used. 

To be more precise, however, the purpose of diam- 
eter scaling is not to maintain the same resonant frequency 
for the element, but to maintain the same ratio of self- 
resistance to self-reactance at the operating 
frequency—that is, the Q of the scaled element should 
be the same as that of the original element. This is not 
always possible to achieve exactly for elements that use 
several telescoping sections of tubing. 


Tapered Elements 

Rotatable beam antennas are usually constructed 
with elements made of metal tubing. The general prac- 
tice at HF is to taper the elements with lengths of 
telescoping tubing. The center section has a large 
diameter, but the ends are relatively small. This reduces 
not only the weight, but also the cost of materials for the 
elements. Tapering of HF Yagi elements is discussed 
in detail in Chapter 11, HF Yagi Arrays. 


Length Correction for Tapered Elements 


The effect of tapering an element is to alter its elec- 
trical length. That is to say, two elements of the same 
length, one cylindrical and one tapered but with the same 
average diameter as the cylindrical element, will not be 
resonant at the same frequency. The tapered element must 
be made longer than the cylindrical element for the same 
resonant frequency. 

A procedure for calculating the length for tapered 
elements has been worked out by Dave Leeson, W6NL 
(ex-W6QHS), from work done by Schelkunoff at Bell 
Labs and is presented in Leeson’s book, Physical Design 
of Yagi Antennas. In the software accompanying this book 
is a subroutine called EFFLEN.FOR. It is written in For- 
tran and is used in the SCALE program to compute the 
effective length of a tapered element. The algorithm uses 
the W6NL-Schelkunoff algorithm and is commented step- 
by-step to show what is happening. Calculations are made 
for only one half of an element, assuming the element is 
symmetrical about the point of boom attachment. 

Also, read the documentation SCALE.PDF for the 
SCALE program, which will automatically do the com- 
plex mathematics to scale a Yagi design from one fre- 
quency to another, or from one taper schedule to another. 


The Vertical Monopole 


So far in this discussion on Antenna Fundamentals, 
we have been using the free-space, center-fed dipole as 
our main example. Another simple form of antenna 
derived from a dipole is called a monopole. The name 
suggests that this is one half of a dipole, and so it is. The 
monopole is always used in conjunction with a ground 
plane, which acts as a sort of electrical mirror. See Fig 22, 
where a A/2 dipole and a A/4 monopole are compared. 
The image antenna for the monopole is the dotted line 
beneath the ground plane. The image forms the missing 
second half of the antenna, transforming a monopole into 
the functional equivalent of a dipole. From this explana- 
tion you can see where the term image plane is some- 
times used instead of ground plane. 

Although we have been focusing throughout this 
chapter on antennas in free space, practical monopoles 
are usually mounted vertically with respect to the sur- 
face of the ground. As such, they are called vertical mono- 
poles, or simply verticals. A practical vertical is supplied 
power by feeding the radiator against a ground system, 
usually made up of a series of paralleled wires radiating 
from and laid out in a circular pattern around the base of 
the antenna. These wires are termed radials. 

The term ground plane is also used to describe a 
vertical antenna employing a A/4-long vertical radiator 
working against a counterpoise system, another name for 
the ground plane that supplies the missing half of the 
antenna. The counterpoise for a ground-plane antenna 
usually consists of four 4/4-long radials elevated well 
above the earth. See Fig 23. 

Chapter 3, The Effects of Ground, devotes much 
attention to the requirements for an efficient grounding 
system for vertical monopole antennas, and Chapter 6, 
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Fig 22—The A/2 dipole antenna and its 4/4 ground- 
plane counterpart. The “missing” quarter wavelength is 
supplied as an image in “perfect” (that is, high- 
conductivity) ground. 


Low-Frequency Antennas, gives more information on 
ground-plane verticals. 


Characteristics of a 4/4 Monopole 


The free-space directional characteristics of a 4/4 
monopole with its ground plane are very similar to that of a 
i/2 antenna in free space. The gain for the 4/4 monopole is 
slightly less because the H-plane for the 4/2 antenna is com- 
pressed compared to the monopole. Like a A/2 antenna, the 
/4 monopole has an omnidirectional radiation pattern in 
the plane perpendicular to the monopole. 

The current in a 4/4 monopole varies practically sinu- 
soidally (as is the case with a A/2 wire), and is highest at the 
ground-plane connection. The RF voltage is highest at the 
open (top) end and minimum at the ground plane. The feed- 
point resistance close to 4/4 resonance of a vertical mono- 
pole over a perfect ground plane is one-half that for a 4/2 
dipole at its 4/2 resonance. In this case, a “perfect ground 
plane” is an infinitely large, lossless conductor. 

See Fig 24, which shows the feed-point impedance 
of a vertical antenna made of #14 wire, 50 feet long, 
located over perfect ground. This is over the whole HF 
range from | to 30 MHz. Again, there is nothing special 
about the choice of 50 feet for the length of the vertical 
radiator; it is simply a convenient length for evaluation. 
Fig 25 shows an expanded portion of the frequency range 
above and below the A/4 resonant point, but now cali- 
brated in terms of wavelength. Note that this particular 
antenna goes through A/4 resonance at a length of 0.244 A, 
not at exactly 0.25 A. The exact length for resonance var- 
ies with the diameter of the wire used, just as it does for 
the A/2 dipole at its A/2 resonance. 

The word height is usually used for a vertical mono- 
pole antenna whose base is on or near the ground, and in 
this context, height has the same meaning as length when 
applied to A/2 dipole antennas. Older texts often refer to 
heights in electrical degrees, referenced to a free-space 
wavelength of 360°, but here height is expressed in terms 
of the free-space wavelength. The range shown in Fig 24 
is from 0.132 A to 0.300 A, corresponding to a frequency 
range of 2.0 to 5.9 MHz. 





Fig 23—The ground- 
plane antenna. Power 
is applied between 
the base of the 
vertical radiator and 
the center of the four 
ground plane wires. 
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Fig 24—Feed-point impedance versus frequency for a 
theoretical 50-foot-high grounded vertical monopole 
made of #14 wire. The numbers along the curve show 
the frequency in MHz. This was computed using 
“perfect” ground. Real ground losses will add to the 
feed-point impedance shown in an actual antenna 
system. 


The reactive portion of the feed-point impedance 
depends highly on the length/dia ratio of the conductor, 
as was discussed previously for a horizontal center-fed 
dipole. The impedance curve in Figs 24 and 25 is based 
on a #14 conductor having a length/dia ratio of about 800 
to 1. As usual, thicker antennas can be expected to show 
less reactance at a given height, and thinner antennas will 
show more. 


Efficiency of Vertical Monopoles 


This topic of the efficiency of vertical monopole 
systems will be covered in detail in Chapter 3, The Effects 
of Ground, but it is worth noting at this point that the 
efficiency of a real vertical antenna over real earth often 
suffers dramatically compared with that of a A/2 antenna. 
Without a fairly elaborate grounding system, the effi- 
ciency is not likely to exceed 50%, and it may be much 
less, particularly at monopole heights below A/4. 
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The Effects 
of Ground 


The ground around and under an antenna is part of 
the environment in which any actual antenna must oper- 
ate. Chapter 2, Antenna Fundamentals, dealt mainly with 
theoretical antennas in free space, completely removed 
from the influence of the ground. This chapter is devoted 
to exploring the interactions between antennas and the 
ground. 

The interactions can be analyzed depending on where 
they occur relative to two areas surrounding the antenna: 
the reactive near field and the radiating far field. You will 
recall that the reactive near field only exists very close to 
the antenna itself. In this region the antenna acts as though 
it were a large lumped-constant inductor or capacitor, where 
energy is stored but very little is actually radiated. The 
interaction with the ground in this area creates mutual 


impedances between the antenna and its environment and 
these interactions not only modify the feed-point imped- 
ance of an antenna, but also often increase losses. 

In the radiating far field, the presence of ground pro- 
foundly influences the radiation pattern of a real antenna. 
The interaction is different, depending on the antenna’s 
polarization with respect to the ground. For horizontally 
polarized antennas, the shape of the radiated pattern in the 
elevation plane depends primarily on the antenna’s height 
above ground. For vertically polarized antennas, both the 
shape and the strength of the radiated pattern in the eleva- 
tion plane strongly depend on the nature of the ground 
itself (its dielectric constant and conductivity at the frequency 
of operation), as well as on the height of the antenna above 
ground. 


The Effects of Ground in the Reactive Near Field 


FEED-POINT IMPEDANCE VERSUS 
HEIGHT ABOVE GROUND 


Waves radiated from the antenna directly downward 
reflect vertically from the ground and, in passing the 
antenna on their upward journey, induce a voltage in it. The 
magnitude and phase of the current resulting from this 
induced voltage depends on the height of the antenna above 
the reflecting surface. 

The total current in the antenna consists of two com- 
ponents. The amplitude of the first is determined by the 
power supplied by the transmitter and the free-space feed- 
point resistance of the antenna. The second component is 


induced in the antenna by the wave reflected from the 
ground. This second component of current, while consider- 
ably smaller than the first at most useful antenna heights, is 
by no means insignificant. At some heights, the two com- 
ponents will be in phase, so the total current is larger than is 
indicated by the free-space feed-point resistance. At other 
heights, the two components are out of phase, and the total 
current is the difference between the two components. 
Changing the height of the antenna above ground will 
change the amount of current flow, assuming that the power 
input to the antenna is constant. A higher current at the same 
power input means that the effective resistance of the 
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antenna is lower, and vice versa. In other words, the feed- 
point resistance of the antenna is affected by the height of 
the antenna above ground because of mutual coupling 
between the antenna and the ground beneath it. 

The electrical characteristics of the ground affect both 
the amplitude and the phase of reflected signals. For this 
reason, the electrical characteristics of the ground under the 
antenna will have some effect on the impedance of that 
antenna, the reflected wave having been influenced by the 
ground. Different impedance values may be encountered 
when an antenna is erected at identical heights but over dif- 
ferent types of earth. 

Fig 1 shows the way in which the radiation resis- 
tance of horizontal and vertical half-wave antennas var- 
ies with height above ground (in A, wavelengths). The 
height of the vertical half-wave is the distance from the 
bottom of the antenna to ground. For horizontally polar- 
ized half-wave antennas, the differences between the ef- 
fects of perfect ground and real earth are negligible if the 
antenna height is greater than 0.2 A. At lower heights, 
the feed-point resistance over perfect ground decreases 
rapidly as the antenna is brought closer to a theoretically 
perfect ground, but this does not occur so rapidly for ac- 
tual ground. Over real earth, the resistance actually be- 
gins increasing at heights below about 0.08 2. The reason 
for the increasing resistance at very low heights is that 
more and more of the reactive (induction) field of the 
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Fig 1—Variation in radiation resistance of vertical and 
horizontal half-wave antennas at various heights above 
flat ground. Solid lines are for perfectly conducting 
ground; the broken line is the radiation resistance of 
horizontal half-wave antennas at low height over real 
ground. 
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antenna is absorbed by the lossy ground in close proxim- 
ity. This results in increased loss that is reflected in the 
increased value of the feedpoint resistance. 

For a vertically polarized A/2-long dipole, differences 
between the effects of perfect ground and real earth on the 
feed-point impedance is negligible, as seen in Fig 1. The 
theoretical half-wave antennas on which this chart is based 
are assumed to have infinitely thin conductors. 


GROUND SYSTEMS FOR VERTICAL 
MONOPOLES 


In this section, we’ ll look at vertical monopoles, which 
require some sort of ground system in order to make up for 
the “missing” second half of the antenna and reduce the 
power lost in the near field. Rudy Severns, N6LF, contrib- 
uted much of the new material in this chapter. 

In Chapter 2, Antenna Fundamentals, and up to this 
point in this chapter, the discussion about vertical mono- 
poles has mainly been for antennas where perfect ground is 
available. We have also briefly looked at the ground-plane 
vertical in free space, where the four ground-plane radials 
form a built-in ground system. 

Perfect ground makes a vertical monopole into the func- 
tional equivalent of a center-fed dipole, although the feed- 
point resistance at resonance is half that of the center-fed 
dipole. But how can we manage to create that elusive per- 
fect ground, or at least a reasonable approximation, for our 
real vertical antennas? 


Simulating a Perfect Ground in the 
Reactive Near Field 


The effect of a perfectly conducting ground (so far as 
feed-point resistance and losses are concerned) can be simu- 
lated under a real antenna by installing a very large metal 
screen or mesh, such as poultry netting (chicken wire) or 
hardware cloth, on or near the surface of the ground. The 
screen (also called a counterpoise system, especially if it is 
elevated off the ground) should extend at least a half wave- 
length in every direction from the antenna. The feed-point 
resistance of a quarter-wave long, thin vertical radiator over 
such a ground screen will approach the theoretical value of 
36.6 Q. Of course on the lower HF bands such a screen is 
not practical for most amateurs. 

Based on the results of a study published in 1937 by 
Brown, Lewis and Epstein (see Bibliography), a grounding 
system consisting of 120 wires, each at least A/2 long, 
extending radially from the base of the antenna and spaced 
equally around a circle, is also the practical equivalent of 
perfectly conducting ground for reactive-field currents. The 
wires can either be laid directly on the surface of the ground 
or buried a few inches below. 

Another approach to simulating a perfect ground sys- 
tem is to utilize the ground-plane antenna, with its four 
ground-plane radials elevated well above lossy earth. Heights 
(between the bottom of the ground-plane and the surface of 
the ground) greater than A/8 have proven to yield excellent 


results. See Chapter 6, Low-Frequency Antennas, for more 
details on practical ground-plane verticals. 

For a vertical antenna, a large ground screen, either 
made of wire mesh or a multitude of radials, or an elevated 
system of ground-plane radials will reduce ground losses 
near the antenna. This is because the screen conductors are 
solidly bonded to each other and the resistance is much lower 
than that of the lossy, low-conductivity earth itself. If the 
ground screen or elevated ground plane were not present, 
RF currents would be forced to flow through the lossy, low- 
conductivity earth to return to the base of the radiator. The 
ground screen or elevated ground plane in effect shield 
ground-return currents from the lossy earth. 


Less-Than-Ideal Ground Systems 


Now, what happens when something less than an ideal 
ground screen is used as the ground plane for a vertical 
monopole? Typically this will take the form of an on-ground 
wire radial system. A great deal of mystery and lack of 
information seems to surround the vertical antenna ground 
system. In the case of ground-mounted vertical antennas, 
many general statements such as “the more radials the bet- 
ter’ and “lots of short radials are better than a few long ones” 
have served as rules of thumb, but many questions as to 
relative performance differences and optimum number for 
a given length remain unanswered, as is the justification for 
the rules of thumb. Most of these questions boil down to 
one: namely, how many radials, and how long, should be 
used in a given vertical antenna installation? 

A ground system with 120 A/2 radials is not very prac- 
tical for many amateur installations, which often must con- 
tend with limited space and funding. Unfortunately the 
ground resistance, R,, increases rapidly when the number 
of radials is reduced. To minimize ground loss where a large, 
optimum ground system is not possible requires that we 
understand how ground losses occur and how to optimize 
the design of a ground system that can fit within the space 
and budget available. 


E and H Fields 


E and H fields were introduced in Chapter 2, Antenna 
Fundamentals, to explain some basic concepts concerning 
antennas. To understand the reasons for ground loss we need 
to look at the E and H fields in the near field, but we need to 
have some feeling for what E and H fields are. The follow- 
ing is a brief description of these fields. It is certainly not a 
rigorous description but should give at least an intuitive feel- 
ing for what is happening. 

In 1820 Hans Oerstad discovered that a current flow- 
ing in a wire would deflect the needle of a nearby com- 
pass. We attribute this effect to a magnetic or H-field, 
which at any given location is denoted by the bold-faced 
letter H. H is a vector, with an amplitude expressed in 
A/m (Amperes/meter) and a direction. Fig 2 shows a typi- 
cal experimental arrangement. The shape of the magnetic 
field is roughly shown by the distribution of the iron fil- 


ings. This field distribution is very similar to that for a 
vertical antenna. 

A compass needle (a small magnet itself) will try to 
align itself parallel to H. As the compass is moved around 
the conductor, the orientation of the needle changes accord- 
ingly. The orientation of the needle gives the direction of H. 
If you attempt to turn the needle away from alignment you 
will discover a torque trying to restore the needle to its origi- 
nal position. The torque is proportional to the strength of 
the magnetic field at that point. This is called the field inten- 
sity or amplitude of H at that point. If a larger current flows 
in the conductor going through the piece of paper holding 
the iron filings, the amplitude of H will be larger. Currents 
flowing in the conductors of an antenna also generate a 
magnetic field, one component of the near field. 

An antenna will also have an electric or E-field, which 
can be visualized using a parallel-plate capacitor, as shown 
in Fig 3. If we connect a battery with a potential Vy, across 
the capacitor plates there will be an electric field E estab- 
lished between the plates, as indicated by the lines and 
directional arrows between the plates. The magnitude of vec- 
tor E is expressed in V/m (volts per meter), so for a poten- 
tial of V volts and a spacing of d meters, E = V/d V/m. The 
amplitude of E will increase with greater voltage and/or a 
smaller distance (d). In an antenna, there will be ac poten- 
tial differences between different parts of the antenna and 
from the antenna to ground. These ac potential differences 
establish the electric field associated with the antenna. 


Conduction And Displacement Currents 


If we replace the dc voltage source in Fig 3 with an ac 
source, a steady ac current will flow in the circuit. In the 





. I 
Iron Filings ranwncaten FA i 
i fr ; rf 





Compass 


Fig 2—The magnetic lines of force that surround a 
conductor with an electric current flowing in it are 
shown by iron filings and small compass needles. 
The needles point in the direction of the magnetic 
or H-field. The filings give a general view of the field 
distribution in the plane perpendicular to the 
conductor. 
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conductors between the ac source and the capacitor plates, 
current (I,) flows, because of the movement of charge, usu- 
ally electrons. But in the space between the capacitor 
plates—particularly in a vacuum—there are no charge car- 
riers available to carry a conduction current. Nonetheless, 
current still flows in the complete circuit, and we attribute 
this to a displacement current (14) flowing between the 
capacitor plates to account for the continuity of current in 
the circuit. Displacement and conduction currents are two 
different phenomena but they both represent current, just 
two different kinds. Some observers prefer to call conduc- 
tion currents “currents” and displacement currents “imagi- 
nary currents.” That terminology is OK, but to account for 
the current flow in a closed circuit with capacitance you 
have to keep track of both kinds of current, whatever you 
call them. 

In an antenna over ground, the displacement current 
represents the current flow from the antenna surface through 
the air into the ground. The currents flowing in the ground 
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Fig 3—Example of an electric field, E=V,,/d. When the 
dc source is replaced with an ac source there will be a 
displacement current (ly) flowing between the capacitor 
plates. 








Fig 4—When the capacitor dielectric is less than 
perfect there will be a conduction current (I,) in 
addition to the displacement current (ly). Soil will 
typically have both resistive and capacitive 
components. Power loss in the soil is due to the 
current flowing through the resistive component. 
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are predominantly conduction currents, but there may also 
be displacement currents. 

Where the dielectric material between the capacitor 
plates is not a perfect insulator, both conduction and dis- 
placement currents can flow between the capacitor plates. 
A good example of this would be a soil dielectric, which 
has both resistive and capacitive characteristics. Soil can be 
represented in the circuit of Fig 4, where there is a resistor 
with a conduction current I, in parallel with a capacitor with 
a displacement current Ij. The two currents add up 
(vectorially) as the total current I. 


A Closer Look at Verticals 


A vertical antenna has two field components that 
induce currents in the ground around the antenna. Fig 5 
shows in a general way the electric-field component (E,, in 
V/m) and magnetic-field component (Hy in A/m) in the 
region near a vertical. Because the soil near the antenna usu- 
ally has relatively high resistance, both of these field com- 
ponents will induce currents (Iy and Ij) in the ground, 
resulting in losses. While the worms may enjoy the heated 
ground, power dissipated in the ground is subtracted from 
the radiated power, weakening your signal. 

As shown in Fig 5, the tangential component of the 
H-field (Hy) induces horizontal currents (I};) flowing radi- 
ally. The normal component (perpendicular to the ground 
surface) of the E-field (E,) induces vertically flowing 
currents (I,). Actually, things are more complex than this 
but we don’t need to thrash through that to understand con- 
ceptually what’s going on. 

When modeling an antenna we account for the radi- 
ated power (P,) by assuming there is a resistor we call the 
radiation resistance (R,) through which the antenna base 
current (I,) flows. The radiated power is then P, = I,?R,. 
Similarly, we can account for the power dissipated in the 
ground (Px) by adding a loss resistance (Rg) in series with 
R,. The ground loss is then P, = IR. Additional losses 
due to conductors, loading coils, etc can also be simulated 
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Fig 5—A general view of the fields and ground currents 
near the base of a vertical antenna. Note that the H- 
field distribution is equivalent to that shown in Fig 3. 


by adding more series loss resistances. Putting aside for the 
moment these additional losses, the efficiency (n) of a ver- 
tical can be expressed as: 
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In essence, efficiency is the ratio of the radiated power 
to the total input power (Py = P, + P,). Another way of say- 
ing this is that efficiency depends on the ratio of ground 
loss resistance (Rg) to radiation resistance (R,), as Eq 2 
shows. The smaller we make R, the more power will be 
radiated for a given input power. Reducing R, is the pur- 
pose of the ground system. 

A sketch of current flow in the antenna and the sur- 
rounding ground (due to H-field), near the base of a verti- 
cal, is shown in Fig 6. I, represents the total zone current 
flowing radially through a cylindrical zone at a given radius 
(r) due to the H field, while I, is the current at the feed point 
at the base of the antenna. Technically speaking, the cylin- 
der is infinitely deep, with I, being the total current inte- 
grated over the surface of the cylinder at a given radius. 

Fig 7 is a graph of the amplitude of I, for several 
antenna heights in wavelengths (h) as we move away from 
the base of the antenna. Fig 7 shows the zone current that 
would flow in the ground returning to the base of the 
antenna, assuming a single ground rod is placed at the feed 
point for the vertical radiator. The heights indicated are the 
effective electrical heights. For example, if you use some 
top loading on the vertical, the effective electrical height 
will be greater than the physical height. 

It is important to recognize that simply adding a top 
hat to a vertical of a given physical height may reduce ground 
losses. We can see this from the effect of h on ground cur- 
rent amplitude in Fig 7. Increasing h reduces the ground 
current. Even something as simple as moving a loading coil 
from the base up to the center of the antenna may reduce 
ground losses because it reduces ground current amplitude. 
But we do have to be careful that the loss introduced by the 
loading coil does not overcome the reduction in ground loss! 
Both loading-coil and top-hat schemes also increase the 
radiation resistance R,, which further improves efficiency. 

The currents in Fig 7 have been adjusted for constant 
radiated power at the base of the antenna by varying I, to 
compensate for the change in R, as we vary h. To maintain 
constant radiated power as R, is falling, you must increase 
I,. The base feed-point impedance is a strong function of h. 
For example, for h = 0.25 A, R, will be in the neighborhood 
of 36 Q. However, for h = 0.1 A, R, will be less than 4 Q. 
More information on short antennas can be found in Chap- 
ter 16, Mobile and Maritime Antennas. 


Fig 7 clearly shows the high currents that flow in the 
ground near the base of a short antenna due to the antenna’s 
H field. Compared to a 0.25-A vertical, the 0.1-A vertical has 
about three times the base current. As you shorten the 
antenna further, the zone current increases even more quickly. 
The ground loss is proportional to the square of the ground 
current (Py = LR); so the power loss in the immediate 
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Fig 6—Representation of the zone current near the base 
of a vertical antenna. Individual i, components of current 
flow into a cylinder of soil, with a radius r centered on 
the base of the vertical. The total current, I,, thus 
represents the net current induced in the soil by the 
H-field for a given radius. (l, was labeled |, in Fig 5.) 
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Fig 7—Plot of zone current (I,) in amperes near the 
base of a vertical as a function of height (h) and radius 
(r) in wavelengths. The current in the base of the 0.25-/ 
antenna is assumed to be 1 A and the current for other 
values of h is adjusted to maintain the same radiated 
power (P, = |,2R, = 37 W) as the radiation resistance (R,) 
changes with h. 


region of the base is much higher for a short antenna operat- 
ing with the same input power as for a quarter-wave vertical. 

We can calculate the losses induced in the soil by 
either the E- or H-field intensity. Fig 8 shows an example of 
the H-field losses for several different antenna heights, given 
a constant radiated power of 37 W. Note that the total loss 
within 0.5 A of the base for h = 0.25 A is about 16 W (right 
side of the graph). This gives 1 = 37/(37 + 16) = 70%. How- 
ever, for h = 0.1 A, the total loss is about 94 W. Taking into 
consideration only the H-field losses, n = 37/(37 + 94) = 
28%. Note that in both cases the majority of the loss is near 
(< 0.1 A) the antenna, with the rate of increase of total loss 
decreasing rapidly as we move farther away from the base, 
where the lines are almost flat. 

Fig 9 is a graph of the E-field intensity around a verti- 
cal with 1500 W radiated power, for three values of h. The 
E-field intensity doesn’t depend on the exact type of ground 
system. (You can see this when you consider that the volt- 
age across a capacitor doesn’t depend on the size of the 
capacitor’s plates.) Notice that close to the base, the E-field 
intensity for the 0.1-A vertical is almost 100 times that for 
the 0.25-A vertical. Because loss is proportional to the square 
of the voltage, the E-field losses close to the base will be ten 
thousand times larger in the 0.1-A vertical! At a 1500-W 
power level the field intensity near the base of a short verti- 
cal is high enough to pose some risk of igniting grass and 
bushes that grow above any radial system close to the 
vertical’s base. The grass should be kept mowed within 
0.1 A of the base. 

Fig 10 shows a computation for the E-field losses, again 
for a constant radiated power of 37 W and several values of 
h. For the 0.25-A vertical, the electric field intensity is quite 
low and so are the losses associated with it, at only 1.5 W. 
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Radial Distance, Wavelengths h=0.50 
Fig 8—Total H-field induced ground loss within a circle 
of radius r around the base of a vertical for different 
values of h and constant P, = 37 W. Note how the total 
loss increases rapidly near the base of the antenna 
indicating high loss. Beyond r = 0.15 A, however, the 
additional loss is much lower and the curves flatten 
out. Note also how much higher the loss is for shorter 
antennas. 
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Fig 9—Electric field intensity near the base of a vertical 
for different values of h. P, is held constant at 1500 W. 


With any reasonable ground system, the E-field losses for a 
0.25-A vertical will be insignificant. 

For shorter or longer verticals, however, the picture is 
different. This is why we see the very high losses (> 100 W) 
in Fig 10 for h=0.1 A. This loss, when added to the H-field 
loss, reduces the efficiency of the 0.1-A vertical to 16% or 
less without a good ground system. In short antennas the 
E-field losses cannot be ignored, since they get worse 
exponentially as the antenna is shortened further. 

The presence of a top-loading hat will also increase 
the E-field intensity in the area below the hat. However, most 
practical amateur hats will be quite small and the associated 
E-field loss small. The benefit, however, of reducing I, 
because of the addition of the hat—which reduces the field 
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Fig 10—Total E-field induced ground loss within a circle 


of radius r around the base of a vertical for different 
values of h and constant P, = 37 W. Note how the total 
loss increases rapidly near the base of the antenna, 
indicating high loss. Beyond r = 0.05 A, however, the 
additional loss is much lower and the curves flatten 
out. Note again how much higher the loss is for shorter 
antennas. For h = 0.1 A the E-field loss is greater than 
the H-field loss. 
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Fig 11—Effective ground resistance (R,) at the base of 
the vertical as a function of the radius of a ground 
screen for several different antenna heights. Note how 
Rg falls as power dissipation in the soil is eliminated by 
the highly conducting ground screen. 


from the vertical part of the antenna—more than compen- 
sates for the small additional E-field loss due to the hat. 
Verticals taller than 0.25 A also display increased 
E-field intensity, but not nearly so severe as short verticals. 
In verticals both shorter and longer than a 0.25 A, the criti- 
cal loss region is within a radius of about 0.05 2. We can see 
this in Fig 10, where the power-loss curves for the shorter 
antennas flatten out by the time we reach a radius of 0.05 X. 
It’s not widely known, but while radial wire systems 
reduce the H-field losses very effectively, Larsen (see Bib- 
liography) has shown that the E-field losses with the same 
radial system do not fall in the same fashion as H-field losses. 
For h > 0.15 A this doesn’t matter much because the E-field 


loss is so low anyway. However, for short antennas it is very 
helpful to install either a ground screen or a dense radial 
system within 0.05 A of the base. 

We can take the data in Figs 8 and 10 and calculate the 
effective value of the ground resistance R,. Fig 11 shows 
the results of such a computation. Fig 11 assumes a perfect 
ground screen that varies in radius from 0.001 A to 0.5 2. As 
we would expect, when the ground screen is very small the 
ground losses are high, meaning R, is high and the effi- 
ciency is low. As we increase the radius of the ground screen, 
forcing current out of the lossy soil and into the very low- 
loss screen, Ry drops rapidly and the efficiency increases. 

Fig 11 demonstrates why it is desirable to have a good 
ground system out to at least 0.125 A, and better yet, even 
farther. The shorter the antenna, the more important the 
ground system becomes, especially close to the base. In this 
example the ground system consists of a highly conductive, 
bonded ground screen, not always practical for amateur 
installations. A more typical ground system would consist 
of a number of individual radial wires. This kind of ground 
will be inferior to a screen but represents a practical com- 
promise. We’ll examine this in more detail shortly. 

Note that as we reduce h in Fig 11, R, actually goes 
down—even though the ground losses are higher. When h 
is made smaller the radiation resistance declines rapidly (see 
Chapter 16, Mobile and Maritime Antennas), so that for a 
given radiated power I, must increase. If we measure R, as 
we reduce h over a given ground system, we would see that 
the value for R, goes down as shown in Fig 11. But because 
1,2 is rising more rapidly than Rg is falling, the power lost in 
the ground increases and efficiency decreases. The point here 
is that the value of R, depends on the ground system, soil 
characteristics and the antenna configuration. You cannot 
assign an arbitrary value to R, independent of the antenna 
system. 


Wire Radial Systems 


Fig 11 shows R, for a dense, perfectly conducting 
ground screen, but what we really need to know is the effect 
of length and number of individual radials on R, in a wire 
radial system. We can calculate the current division between 
a radial system and the soil and use this to determine Ry. A 
typical graph of the proportion of the zone current flowing 
in the radial system, as a function of radius and various num- 
bers of radials (N), is shown in Fig 12. 

The radial currents decrease as we move away from 
the base, and the lower the number of radials, the more rap- 
idly the radial current decreases. This means that close to 
the base of the antenna most of the current is in the radial 
system, but as we move away from the base the current 
increasingly flows in the lossy ground. When only a few 
radials are used, the outer ends of the radials contribute little 
to reducing ground loss. 

Why is this? The problem is that I, does not go imme- 
diately to the nearest radial but may flow for some distance 
in the soil. This is illustrated in a general way in Fig 13. As 
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we move away from the base of the antenna, adjacent radi- 
als are further apart from each other and the current must 
flow further in the soil before it reaches one of the radials. 
When we use more radials, the distance between radials is 
less and more of the total current will be in the radials and 
less in the soil. This reduces ground loss. 

When we know the current distribution in the ground 
we can calculate the power loss and R,. A typical example 
for h = 0.25 4 is given in Fig 14. We can learn a lot about 
radial system design from Fig 14 and similar graphs. If we 
use only a few radials, the radial current drops off very rap- 
idly. Most of the current is flowing in the soil. 

Such a ground system is by nature inefficient—that is, 
Rg is large. We can also see that if we have only 16 radials, 
R, falls an ohm or two as we lengthen the radials, but is 
essentially flat by 0.1 A. There is no point in making them 
longer because there is little current in the outer portions 
and R, is essentially constant beyond 0.1 i. As we increase 
the number of radials, we gather more current further out, 
making longer radials more useful. The result is cumula- 
tive—more radials allow longer radials to be effective and 
both together reduce ground loss. We can see this in Fig 14, 
where the initial value of R, drops as N increases and flat- 
tens out at longer radial lengths. For 128 radials, for 
example, lengths of 0.25 A or more are useful. 

The example in Fig 14 uses #12 wire for the radials. 
Compared to soil, the resistance of the radial wires is very 
small, especially if many radials are used, and does not 
greatly affect overall losses no matter how small the wire. 
The effect of changing wire size is to slowly change the 
current division between ground and the radial system. 
Larger wire results in only a small decrease in Rg. In prin- 
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Fig 12—An example of the portion of the zone current 
flowing in the radial system as you move away from the 
base of a 0.25 A vertical for different numbers of radials 
(N). Note that when more radials are used, more of the 
zone current flows in the radials and not in the ground, 
reducing ground loss. The proportion of current in the 
radial system falls rapidly when only a few radials are 
used. This leads to high ground loss because most of 
the zone current is flowing in the ground rather than in 
the radials. 
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ciple, very small wire could be used for radials but from 
a mechanical point of view, #18 or #20 wire is about as 
small as is practical. Any smaller wire breaks too easily 
to be buried, and also breaks easily when left on the 
ground surface and is walked on or driven over. 
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Fig 13—An example of current entering the ground 
between the radials and flowing for some distance 
before being picked up by a radial. 
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Fig 14—An example of the variation of R, with radial 
length and number of radials (N) for h = 0.25 2. When 
only a few radials are used there is little point in 
making them longer than 0.1 A. Increasing N reduces Ry 
at a given radius and also makes longer radials useful, 
further reducing Rg. Rg for other values of h behave 
similarly. 


On the other hand, wire larger than #12 is expen- 
sive. Thousands of feet of #8 wire may be affordable for 
broadcast stations but not for most hams. Increasing the 
wire size from #20 to #10 would result in only a small 
reduction in R,. Of course, if you happen to have a few 
thousand feet of old RG-8 cable lying around (the diam- 
eter is comparable to #0000 wire) then that might indeed 
help to reduce Rg, as W9QQ has shown (see Bibliogra- 
phy). You are still better off, however, using many radi- 
als with small wire than a few radials with large wire. 
Radial wire size is usually a mechanical and financial 
issue, not an electrical one. 

If the example in Fig 14 were changed for different 
ground characteristics, then the curves would have a simi- 
lar shape but would be shifted either up or down. For 
example, poorer ground will result in higher R, but the 
usable length for the radials for a given N would increase 
somewhat. For better-quality ground, with higher con- 
ductivity, R, will be lower but the usable length of the 
radials for a given N will be shorter. 

For short antennas, the initial drop in R, will be more 
rapid and the curves flatten out sooner. This implies that 
somewhat shorter radials are useful with short antennas. 
However, given the high losses, it is still a very good idea 
to use lots of radials with short antennas. As in the above 
example, increasing N also increases the usable length. 

As you go up in frequency from 160 meters, Ry gen- 
erally rises slowly and then stabilizes around 7 MHz, 
depending on the ground characteristics. This effect is 
related to the change in skin depth with frequency, which 
is discussed in a later section of this chapter. There is 
also a small shift in current division between the radials 
and ground as the frequency increases. 


A Word Of Caution 


In the preceding discussion we presented a number of 
graphs and the CD-ROM accompanying this book contains 
some spreadsheets containing the equations from which 
these graphs were derived. From these graphs we extracted 
a number of observations on how to design radial systems. 
Basic to each graph is the assumption that we know the 
ground characteristics: conductivity and permitivity. In the 
real world, we amateurs very rarely have more than a rough 
idea of the ground characteristics under our antennas. Even 
when careful measurements are made, the characteristics 
will vary through the year with rainfall or the lack thereof. 

Soils are always stratified vertically and can vary by 
factors or two or more horizontally over distances compa- 
rable to radial length, so that even good ground measure- 
ments are at best an average. In addition, there will frequently 
be constraints on the size and shape of the ground system. 
As aresult, we use the calculated information and the previ- 
ous graphs for general guidance and preliminary design, but 
when actually installing a ground system we try to mea- 
sure—or at least estimate—R, as we go along. 

When R, stops falling, or our patience and/or money 
run out, we stop adding ground radials. We can measure the 


feed-point resistance with an impedance bridge to estimate 
of R,. The impedance seen at the feed point of the antenna 
is the sum of the loss and the radiation resistance. To deter- 
mine R, you have to estimate R, (from the antenna height) 
and other losses due to loading or conductors, and then sub- 
tract that from the total measured input resistance. The 
remainder is R,, and Ry should fall as we add radials. When 
R, stops falling we probably have as many radials of a given 
length as will be useful. Further reduction in R, would 
require more, longer radials. 


Practical Suggestions For Vertical 
Ground Systems 


At least 16 radials should be used if at all possible. 
Experimental measurements and calculations show that with 
this number, the loss resistance decreases the antenna effi- 
ciency by 30% to 50% for a 0.25 A vertical, depending on 
soil characteristics. In general, a large number of radials (even 
though some or all of them must be short) is preferable to a 
few long radials for a vertical antenna mounted on the ground. 
The conductor size is relatively unimportant as mentioned 
before: #12 to #22 copper wire is suitable. 

Table 1 summarizes these conclusions. John Stanley, 
K4ERO, first presented this material in December 1976 
QST. Another source of information on ground-system 
design is Radio Broadcast Ground Systems (see the Bib- 
liography at the end of this chapter). Most of the data 
presented in Table 1| is taken from that source, or derived 
from the interpolation of data contained therein. 

Table | is based on the number of radials. For each 
configuration, there is a corresponding optimum radial 
length. Each configuration also includes the amount of 
wire used, expressed in wavelengths. Using radials con- 
siderably longer than suggested for a given N or using a 
lot more radials than suggested for a given length, while 
not adverse to performance, does not yield significant 
improvement either. That would represent a non-optimum 
use of wire and construction time. Each suggested con- 
figuration represents an optimum relationship between 
length and number for the given amount of total wire used. 
Table 1 leads to these conclusions: 


e If you install only 16 radials (in configuration A), they 
need not be very long—0.1 A is sufficient. The total length 
of wire will be 1.6 A, which is about 875 feet at 1.8 MHz. 

e If you have the wire, the space and the patience to lay 
down 120 radials (optimal configuration F), they should 
be 0.4 A long. This radial system will gain about 3 dB 
over the 16-radial case and you’ll use 48 A of wire, or 
about 26,000 feet at 1.8 MHz. 

e If you install 36 radials that are 0.15 A long, you will 
lose 1.5 dB compared to optimal configuration F. You 
will use 5.4 A of wire, or almost 3,000 feet at 1.8 MHz. 


The loss figures in Table 1 assume h = 0.25 A. A 
very rough approximation of loss when using shorter 
antennas can be obtained by doubling the loss in dB each 
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Table 1 
Optimum Ground-System Configurations 


Configuration Designation 


A B 
Number of radials 16 24 
Length of each radial in wavelengths 0.1 0.125 
Spacing of radials in degrees 22.5 15 
Total length of radial wire 
installed, in wavelengths 1.6 3 
Power loss in dB at low angles with 
a quarter-wave radiating element 3 2 
Feed-point impedance in ohms with 
a quarter-wave radiating element 52 46 


Cc D E F 
36 60 90 120 
0.15 0.2 0.25 0.4 
10 6 4 3 
5.4 12 22.5 48 
1.5 1 0.5 0* 
43 40 37 35 


Note: Configuration designations are indicated only for text reference. 
“Reference: The loss of this configuration is negligible compared to a perfectly conducting ground. 


time the antenna height is halved. For taller antennas the 
losses decrease, approaching 2 dB for configuration A of 
Table 1 for a half-wave radiator. Even longer antennas 
yield correspondingly better performance. 

Table | is based on average ground conductivity. 
Variation of the loss values shown can be considerable, 
especially for configurations using fewer radials. Those 
building antennas over dry, sandy or rocky ground should 
expect more loss. On the other hand, higher than average 
soil conductivity and wet soils would make the compro- 
mise configurations (those with the fewest radials) even 
more attractive. 

When antennas are combined into arrays, either para- 
sitic or all-driven types, mutual impedances lower the 
radiation resistance of the elements. This drastically 
increases the effects of ground loss because I, will be higher 
for the same power level. For instance, an antenna with a 
50-Q feed-point impedance, of which 10 Q is ground-loss 
resistance, will have an efficiency of approximately 83%. 
An array of two similar antennas in a driven array with simi- 
lar ground losses may have an efficiency of 70% or less. 

Special precautions must be taken in such cases to 
achieve satisfactory operation. Generally speaking, a 
wide-spaced broadside array presents little problem 
because R, is high, but a close-spaced end-fire array 
should be avoided because R, is much lower, unless low- 
loss radial system configurations are used or other pre- 
cautions taken. Chapter 8, Multielement Arrays, covers 
the subject of vertical arrays in great detail. 

In cases where directivity is desirable or real-estate 
limitations dictate, longer, more closely spaced radials 
can be installed in one direction, and shorter, more widely 
spaced radials in another. Multiband ground systems can 
be designed using different optimum configurations for 
different bands. Usually it is most convenient to start at 
the lowest frequency with fewer radials and add more 
short radials for better performance on the higher bands. 

There is nothing sacred about the exact details of 
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the configurations in Table 1, and small changes in the 

number of radials and lengths will not cause serious prob- 

lems. Thus, a configuration with 32 or 40 radials of 

0.14 % or 0.16 A will work as well as configuration C 

shown in the table. 

If less than 90 radials are contemplated, there is no 
need to make them a quarter wavelength long. This dif- 
fers rather dramatically from the case of a ground-plane 
antenna, where resonant radials are installed above 
ground. For a ground-mounted antenna, quarter-wave 
long radials may not be optimum. Because the radials of 
a ground-mounted vertical are actually on, if not slightly 
below the surface, they are coupled by capacitance or 
conduction to the ground, and thus resonance effects are 
not important. The basic function of radials is to provide 
a low-loss return path for ground currents. 

Radio Broadcast Ground Systems states, “Experi- 
ments show that the ground system consisting of only 15 
radial wires need not be more than 0.1 wavelength long, 
while the system consisting of 113 radials is still effec- 
tive out to 0.5 wavelength.” Many graphs in that publica- 
tion confirm this statement. This is not to say that these 
two systems will perform equally well; they most cer- 
tainly will not. However, if 0.1 4 is as long as the radials 
can be, there is little point in using more than 15 of them 
unless the vertical radiator’s height is also small. 

The antenna designer should: 

1. Study the cost of various radial configurations versus 
the gain of each. 

2. Compare alternative means of improving transmitted 
signal and their cost (more power, etc). 

3. Consider increasing the physical antenna height (the 
electrical length) of the vertical radiator, instead of 
improving the ground system. 

4. Use multi-element arrays for directivity and gain, 
observing the necessary precautions related to 
mutual impedances discussed in Chapter 8, 
Multielement Arrays. 


The Effect of Ground in the Far Field 


The properties of the ground in the far field of an 
antenna are very important, especially for a vertically 
polarized antenna, as discussed above. Even if the ground- 
radial system for a vertical has been optimized to reduce 
ground-return losses in the reactive near field to an insig- 
nificant level, the electrical properties of the ground may 
still diminish far-field performance to lower levels than “per- 
fect-ground” analyses might lead you to expect. The key is 
that ground reflections from horizontally and vertically 
polarized waves behave very differently. 


Reflections in General 


First, let us consider the case of flat ground. Over flat 
ground, either horizontally or vertically polarized 
downgoing waves launched from an antenna into the far 
field strike the surface and are reflected by a process very 
similar to that by which light waves are reflected from a 
mirror. As is the case with light waves, the angle of reflec- 
tion is the same as the angle of incidence, so a wave strik- 
ing the surface at an angle of, say, 15° is reflected upward 
from the surface at 15°. 

The reflected waves combine with direct waves (those 
radiated at angles above the horizon) in various ways. Some 
of the factors that influence this combining process are the 
height of the antenna, its length, the electrical characteristics 
of the ground, and as mentioned above, the polarization of 
the wave. At some elevation angles above the horizon the 
direct and reflected waves are exactly in phase—that is, the 
maximum field strengths of both waves are reached at the 
same time at the same point in space, and the directions of 
the fields are the same. In such a case, the resultant field 
strength for that angle is simply the sum of the direct and 
reflected fields. (This represents a theoretical increase in field 
strength of 6 dB over the free-space pattern at these angles.) 

At other elevation angles the two waves are completely 
out of phase—that is, the field intensities are equal at the 
same instant and the directions are opposite. At such angles, 
the fields cancel each other. At still other angles, the result- 
ant field will have intermediate values. Thus, the effect of 
the ground is to increase radiation intensity at some eleva- 
tion angles and to decrease it at others. When you plot the 
results as an elevation pattern, you will see /obes and nulls, 
as described in Chapter 2, Antenna Fundamentals. 

The concept of an image antenna is often useful to 
show the effect of reflection. As Fig 15 shows, the reflected 
ray has the same path length (AD equals BD) that it would 
if it originated at a virtual second antenna with the same 
characteristics as the real antenna, but situated below the 
ground just as far as the actual antenna is above it. 

Now, if we look at the antenna and its image over per- 
fect ground from a remote point on the surface of the ground, 
we will see that the currents in a horizontally polarized 
antenna and its image are flowing in opposite directions, or 
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Fig 15—At any distant point, P, the field strength will be 
the vector sum of the direct ray and the reflected ray. 
The reflected ray travels farther than the direct ray by 
the distance BC, where the reflected ray is considered 
to originate at the image antenna. 


in other words, are 180° out of phase. But the currents in a 
vertically polarized antenna and its image are flowing in the 
same direction—they are in phase. This 180° phase differ- 
ence between the vertically and horizontally polarized 
reflections off ground is what makes the combinations with 
direct waves behave so very differently. 


FAR-FIELD GROUND REFLECTIONS AND 
THE VERTICAL ANTENNA 


A vertical’s azimuthal directivity is omnidirectional. 
A A/2 vertical over ideal, perfectly conducting earth has the 
elevation-plane radiation pattern shown by the solid line in 
Fig 16. Over real earth, however, the pattern looks more 
like the shaded one in the same diagram. In this case, the 
low-angle radiation that might be hoped for because of per- 
fect-ground performance is not realized in the real world. 

Now look at Fig 17A, which compares the computed 
elevation-angle response for two half-wave dipoles at 
14 MHz. One is oriented horizontally over ground at a height 
of A/2 and the other is oriented vertically, with its center just 
over A/2 high (so that the bottom end of the wire doesn’t 
actually touch the ground). The ground is “average” in 
dielectric constant (13) and conductivity (0.005 S/m). At a 
15° elevation angle, the horizontally polarized dipole has 
almost 7 dB more gain than its vertical brother. Contrast 
Fig 17A to the comparison in Fig 17B, where the peak gain 
of a vertically polarized half-wave dipole over seawater, 
which is virtually perfect for RF reflections, is quite compa- 
rable with the horizontal dipole’s response at 15°, and 
exceeds the horizontally polarized antenna dramatically 
below 15° elevation. 


The Effects of Ground 3-11 





eee, 
Sues FT 














Fig 16—Vertical-plane radiation pattern for a ground- 
mounted quarter-wave vertical. The solid line is the 
pattern for perfect earth. The shaded pattern shows 
how the response is modified over average earth (k = 
13, G = 0.005 S/m) at 14 MHz. y is the pseudo-Brewster 
angle (PBA), in this case 14.8°. 


To understand in a qualitative fashion why the desired 
low-angle radiation from a vertical is not delivered when 
the ground isn’t “perfect,” examine Fig 18A. Radiation from 
each antenna segment reaches a point P in space by two 
paths; one directly from the antenna, path AP, and the other 
by reflection from the earth, path AGP. (Note that P is so far 
away that the slight difference in angles is insignificant— 
for practical purposes the waves are parallel to each other at 
point P.) 

If the earth were a perfectly conducting surface, there 
would be no phase shift of the vertically polarized wave 
upon reflection at point G. The two waves would add 
together with some phase difference because of the differ- 
ent path lengths. This difference in path lengths of the two 
waves is why the free-space radiation pattern differs from 
the pattern of the same antenna over ground. 

Now consider a point P that is close to the horizon, as 
in Fig 18B. The path lengths AP and AGP are almost the 
same, so the magnitudes of the two waves add together, pro- 
ducing a maximum at zero angle of radiation. The arrows 
on the waves point both ways since the process works simi- 
larly for transmitting and receiving. 

With real earth, however, the reflected wave from a 
vertically polarized antenna undergoes a change in both 
amplitude and phase in the reflection process. Indeed, at a 
low-enough elevation angle, the phase of the reflected wave 
will actually change by 180° and its magnitude will then 
subtract from that of the direct wave. At a zero takeoff angle, 
it will be almost equal in amplitude, but 180° out of phase 
with the direct wave. 

Note that this is very similar to what happens with hori- 
zontally polarized reflected and direct waves at low eleva- 
tion angles. Virtually complete cancellation will result in a 
deep null, inhibiting any radiation or reception at 0°. For 
real-world soils, the vertical loses the theoretical advantage 
it has at low elevation angles over a horizontal antenna, as 
Fig 17A so clearly shows. 

The degree that a vertical works better than a hori- 
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Fig 17—At A, comparison of horizontal and vertical 4/2 
dipoles over average ground. Average ground has 
conductivity of 5 mS/m and dielectric constant of 13. 
Horizontal dipole is A/2 high; vertical dipole’s bottom 
wire is just above ground. Horizontal antenna is much 
less affected by far-field ground losses compared with 
its vertical counterpart. At B, comparison of 20-meter 
4/2 vertical dipole whose bottom wire is just above 
seawater with A/2-high horizontal dipole over average 
ground. Seawater is great for verticals! 


zontal antenna at low elevation angles is largely depen- 
dent on the characteristics of the ground around the ver- 
tical, as we’ll next examine. 


THE PSEUDO-BREWSTER ANGLE AND 
THE VERTICAL ANTENNA 


Much of the material presented here regarding pseudo- 
Brewster angle was prepared by Charles J. Michaels, W7XC, 
and first appeared in July 1987 QST, with additional infor- 
mation in The ARRL Antenna Compendium, Vol 3. (See the 
Bibliography at the end of this chapter.) 

Most fishermen have noticed that when the sun is low, 
its light is reflected from the water’s surface as glare, 
obscuring the underwater view. When the sun is high, how- 
ever, the sunlight penetrates the water and it is possible to 
see objects below the surface of the water. The angle at which 
this transition takes place is known as the Brewster angle, 
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Fig 18—The direct wave and the reflected wave 
combine at point P to form the pattern (P is very far 
from the antenna). At A the two paths AP and AGP 
differ appreciably in length, while at B these two path 
lengths are nearly equal. 


named for the Scottish physicist, Sir David Brewster (178 1- 
1868). 

A similar situation exists in the case of vertically 
polarized antennas; the RF energy behaves as the sunlight in 
the optical system, and the earth under the antenna acts as 
the water. The pseudo-Brewster angle (PBA) is the angle at 
which the reflected wave is 90° out of phase with respect to 
the direct wave. “Pseudo” is used here because the RF effect 
is similar to the optical effect from which the term gets its 
name. Below this angle, the reflected wave is between 90° 
and 180° out of phase with the direct wave, so some degree 
of cancellation takes place. The largest amount of cancella- 
tion occurs near 0°, and steadily less cancellation occurs as 
the PBA is approached from below. 

The factors that determine the PBA for a particular 
location are not related to the antenna itself, but to the ground 
around it. The first of these factors is earth conductivity, G, 
which is a measure of the ability of the soil to conduct elec- 
tricity. Conductivity is the inverse of resistance. The second 
factor is the dielectric constant, k, which is a unitless quan- 


Table 2 


tity that corresponds to the capacitive effect of the earth. 
For both of these quantities, the higher the number, the 
better is the ground (for vertical antenna purposes). The third 
factor determining the PBA for a given location is the 
frequency of operation. The PBA increases with increasing 
frequency, all other conditions being equal. Table 2 gives 
typical values of conductivity and dielectric constant for 
different types of soil. The map of Fig 19 shows the 
approximate conductivity values for different areas in the 
continental United States. 

As the frequency is increased, the role of the dielectric 
constant in determining the PBA becomes more significant. 
Table 3 shows how the PBA varies with changes in ground 
conductivity, dielectric constant and frequency. The table 
shows trends in PBA dependency on ground constants and 
frequency. The constants chosen are not necessarily typical 
of any geographical area; they are just examples. 

At angles below the PBA, the reflected vertically 
polarized wave subtracts from the direct wave, causing the 
radiation intensity to fall off rapidly. Similarly, above the 
PBA, the reflected wave adds to the direct wave, and the 
radiated pattern approaches the perfect-earth pattern. 
Fig 16 shows the PBA, usually labeled wr. 

When plotting vertical-antenna radiation patterns over 
real earth, the reflected wave from an antenna segment is 
multiplied by a factor called the vertical reflection coeffi- 
cient, and the product is then added vectorially to the direct 
wave to get the resultant. The reflection coefficient consists 
of an attenuation factor, A, and a phase angle, o, and is usu- 
ally expressed as AZ. (@ is always a negative angle, 
because the earth acts as a lossy capacitor in this situation.) 
The following equation can be used to calculate the reflec- 
tion coefficient for vertically polarized waves, for earth of 
given conductivity and dielectric constant at any frequency 
and elevation angle (also called the wave angle in many 
texts). 


Conductivities and Dielectric Constants for Common Types of Earth 


Surface Type Dielectric 
Constant 

Fresh water 80 

Salt water 81 

Pastoral, low hills, rich soil, typ Dallas, 

TX, to Lincoln, NE areas 20 


Pastoral, low hills, rich soil typ OH and IL 14 
Flat country, marshy, densely wooded, 

typ LA near Mississippi River 12 
Pastoral, medium hills and forestation, 

typ MD, PA, NY, (exclusive of mountains 


and coastline) 13 
Pastoral, medium hills and forestation, 

heavy clay soil, typ central VA 13 
Rocky soil, steep hills, typ mountainous 12-14 
Sandy, dry, flat, coastal 10 
Cities, industrial areas 5 


Cities, heavy industrial areas, high buildings 3 


Conductivity Relative 
(S/m) Quality 
0.001 

5.0 

0.0303 Very good 
0.01 

0.0075 

0.006 

0.005 Average 
0.002 Poor 
0.002 

0.001 Very Poor 
0.001 Extremely poor 
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Table 3 hs k’ siny —./k' — cos” w 
Pseudo-Brewster Angle Variation with Frequency, Vert = eee qs aad ae (Eq 3) 
Dielectric Constant, and Conductivity x MSA cow Me 
Frequency _ Dielectric Conductivity PBA where 
(MHz) Constant (S/m) (degrees) Avert Z > = vertical reflection coefficient 
7 20 0.0303 6.4 w = elevation angle 
13 0.005 13.3 
13 0.002 15.0 |1.8x 10° xG 
5 0.001 23.2 K=k-j : 
3 0.001 27.8 
14 20 0.0303 8.6 k = dielectric constant of earth (k for air = 1) 
: oes G = conductivity of earth in S/m 
5 0.001 23.8 f = frequency in MHz 
3 0.001 295 j = complex operator (,/—] ) 
21 20 0.0303 10.0 Solving this equation for several points indicates what 
i Bane fe effect the earth has on vertically polarized signals at a par- 
5 0.001 9 4. 0 ticular location for a given frequency range. Fig 20 shows 
3 0.001 29.8 the reflection coefficient as a function of elevation angle at 


21 MHz over average earth (G = 0.005 S/m, and k = 13). 








Scale in Miles 





Estimated Effective 


Ground Conductivity 


in the United States 





Numbers on map represent estimated effective : 7 30 
ground conductivity in millisiemens per meter 


Conductivity of seawater is not shown on map but is 
assumed to be 500 millisiemens per meter 


Fig 19—Typical average soil conductivities for the continental United States. Numeric values indicate 
conductivities in millisiemens per meter (mS/m), where 1.0 mS/m = 0.001 S/m. 
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Fig 20—Reflection coefficient for vertically polarized 
waves. A and 9 are magnitude and angle for wave 
angles yw. This case is for average earth, (k = 13, G = 
0.005 S/m), at 21 MHz. 


Note that as the phase curve, y, passes through 90°, the 
attenuation curve (A) passes through a minimum at the same 
wave angle y. This is the PBA. At this angle, the reflected 
wave is not only at a phase angle of 90° with respect to the 
direct wave, but is so low in amplitude that it does not aid 
the direct wave by a significant amount. In the case illus- 
trated in Fig 20 this elevation angle is about 15°. 


Variations in PBA with Earth Quality 


From Eq 3, it is quite a task to search for either the 90° 
phase point or the attenuation curve minimum for a wide 
variety of earth conditions. Instead, the PBA can be calcu- 
lated directly from the following equation. 














Ik Lae? 2)? k-1) +x7 [7 +k2)? -1] 
WR= arcsin 2 DD 
(x7 +k*)* -1 
(Eq 4) 
where k, G and f are as defined for Eq 3, and 
1.8x104xG 
ae ee 


Fig 21 shows curves calculated using Eq 4 for sev- 
eral different earth conditions, at frequencies between 1.8 
and 30 MHz. As expected, poorer earths yield higher PBAs. 
Unfortunately, at the higher frequencies (where low-angle 
radiation is most important for DX work), the PBAs are 
highest. The PBA is the same for both transmitting and 
receiving. 
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Fig 21—Pseudo-Brewster angle (wy) for various qualities 
of earth over the 1.8 to 30-MHz frequency range. Note 
that the frequency scale is logarithmic. The constants 
used for each curve are given in Table 2. 


Relating PBA to Location and Frequency 


Table 2 lists the physical descriptions of various kinds 
of earth with their respective conductivities and dielectric 
constants, as mentioned earlier. Note that in general, the 
dielectric constants and conductivities are higher for better 
earths. This enables the labeling of the earth characteristics 
as extremely poor, very poor, poor, average, very good, and 
so on, without the complications that would result from treat- 
ing the two parameters independently. 

Fresh water and salt water are special cases; in spite of 
high resistivity, the fresh-water PBA is 6.4°, and is nearly 
independent of frequency below 30 MHz. Salt water, 
because of its extremely high conductivity, has a PBA that 
never exceeds 1° in this frequency range. The extremely 
low conductivity listed for cities (the last case) in Table 2 
results more from the clutter of surrounding buildings and 
other obstructions than any actual earth characteristic. The 
PBA at any location can be found for a given frequency 
from the curves in Fig 21. 


FLAT-GROUND REFLECTIONS AND 
HORIZONTALLY POLARIZED WAVES 


The situation for horizontal antennas is different from 
that of verticals. Fig 22 shows the reflection coefficient for 
horizontally polarized waves over average earth at 21 MHz. 
Note that in this case, the phase-angle departure from 0° 
never gets very large, and the attenuation factor that causes 
the most loss for high-angle signals approaches unity for 
low angles. Attenuation increases with progressively poorer 
earth types. 

In calculating the broadside radiation pattern of a hori- 
zontal 4/2 dipole, the perfect-earth image current, equal to 
the true antenna current but 180° out of phase with it) is 
multiplied by the horizontal reflection coefficient given by 
Eq 5 below. The product is then added vectorially to the 
direct wave to get the resultant at that elevation angle. The 
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reflection coefficient for horizontally polarized waves can 
be calculated using the following equation. 


A Die vk'—cos tye sin y 
Horiz 
vk'-cos Wt sin y 


where 





(Eq 5) 


Aporiz 2 = horizontal reflection coefficient 


w = elevation angle 


1.8x104xG 
kK=k-j 





f 


k = dielectric constant of earth 

G = conductivity of earth in S/m 

f = frequency in MHz 

j = complex operator Ci ) 

For a horizontal antenna near the earth, the resultant 
pattern is a modification of the free-space pattern of the 
antenna. Fig 23 shows how this modification takes place 
for a horizontal A/2 antenna over a perfectly conducting flat 
surface. The patterns at the left show the relative radiation 
when one views the antenna from the side; those at the right 
show the radiation pattern looking at the end of the antenna. 
Changing the height above ground from A/4 to A/2 makes a 
significant difference in the high-angle radiation, moving 
the main lobe down lower. 

Note that for an antenna height of A/2 (Fig 23, bot- 
tom), the out-of-phase reflection from a perfectly conduct- 
ing surface creates a null in the pattern at the zenith (90° 
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Fig 22—Reflection coefficient for horizontally polarized 
waves (magnitude A at angle 9), at 21 MHz over average 
earth (k = 13, G = 0.005 S/m). 
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elevation angle). Over real earth, however, a filling in of this 
null occurs because of ground losses that prevent perfect 
reflection of high-angle radiation. 

At a 0° elevation angle, horizontally polarized anten- 
nas also demonstrate a null, because out-of-phase reflec- 
tion cancels the direct wave. As the elevation angle departs 
from 0°, however, there is a slight filling-in effect so that 
over other-than-perfect earth, radiation at lower angles is 
enhanced compared to a vertical. A horizontal antenna will 
often outperform a vertical for low-angle DX work, par- 
ticularly over lossy types of earth at the higher frequencies. 

Reflection coefficients for vertically and horizon- 
tally polarized radiation differ considerably at most angles 
above ground, as can be seen by comparison of Figs 20 
and 22. (Both sets of curves were plotted for the same 
ground constants and at the same frequency, so they may 
be compared directly.) This is because, as mentioned 
earlier, the image of a horizontally polarized antenna is 
out-of-phase with the antenna itself, and the image of a 
vertical antenna is in-phase with the actual radiator. 

The result is that the phase shifts and reflection mag- 
nitudes vary greatly at different angles for horizontal and 
vertical polarization. The magnitude of the reflection coef- 
ficient for vertically polarized waves is greatest (near unity) 
at very low angles, and the phase angle is close to 180°. As 
mentioned earlier, this cancels nearly all radiation at very 
low angles. For the same range of angles, the magnitude of 
the reflection coefficient for horizontally polarized waves 
is also near unity, but the phase angle is near 0° for the spe- 
cific conditions shown in Figs 20 and 22. This causes rein- 
forcement of low-angle horizontally polarized waves. At 
some relatively high angle, the reflection coefficients for 





Fig 23—Effect of the ground on the radiation from a 
horizontal half-wave dipole antenna, for heights of one- 
fourth and one-half wavelength. Broken lines show 
what the pattern would be if there were no reflection 
from the ground (free space). 


horizontally and vertically polarized waves are equal in 
magnitude and phase. At this angle (approximately 81° for 
the example case), the effect of ground reflection on verti- 
cally and horizontally polarized signals will be the same. 


DEPTH OF RF CURRENT PENETRATION 


When considering earth characteristics, questions about 
depth of RF current penetration often arise. For instance, if 
a given location consists of a 6-foot layer of soil overlying a 
highly resistive rock strata, which material dominates? The 
answer depends on the frequency, the soil and rock dielec- 
tric constants, and their respective conductivities. The 
following equation can be used to calculate the current den- 
sity at any depth. 


-pd Current Density at Depthd 
e 





~ Current Density at Surface (Eq) 


where 
d = depth of penetration in cm 
e = natural logarithm base (2.718) 


1/2 
XxB G? x10" 
x| {1+ —- - 1 
2 B 





p= 


X = 0.008 x 12 x f 

B=5.56x 107 xkxf 

k = dielectric constant of earth 

f = frequency in MHz 

G = conductivity of earth in S/m 


After some manipulation of this equation, it can be used 
to calculate the depth at which the current density is some 
fraction of that at the surface. The depth at which the cur- 
rent density is 37% (1/e) of that at the surface (often 
referred to as skin depth) is the depth at which the current 
density would be zero if it were distributed uniformly 
instead of exponentially. (This 1/e factor appears in many 
physical situations. For instance, a capacitor charges to 
within 1/e of full charge within one RC time constant.) At 
this depth, since the power loss is proportional to the square 
of the current, approximately 91% of the total power loss 
has occurred, as has most of the phase shift, and current 
flow below this level is negligible. 

Fig 24 shows the solutions to Eq 6 over the 1.8 to 
30-MHz frequency range for various types of earth. For 
example, in very good earth, substantial RF currents flow 
down to about 3.3 feet at 14 MHz. This depth goes to 
13 feet in average earth and as far as 40 feet in very poor 
earth. Thus, if the overlying soil is rich, moist loam, the 
underlying rock stratum is of little concern. However, if the 
soil is only average, the underlying rock may constitute a 
major consideration in determining the PBA and the depth 
to which the RF current will penetrate. 

The depth in fresh water is about 156 feet and is nearly 
independent of frequency in the amateur bands below 
30 MHz. In salt water, the depth is about seven inches at 


1.8 MHz and decreases rather steadily to about two inches 
at 30 MHz. Dissolved minerals in moist earth increase its 
conductivity. 

The depth-of-penetration curves in Fig 24 illustrate a 
noteworthy phenomenon. While skin effect confines RF 
current flow close to the surface of a conductor, the earth is 
so lossy that RF current penetrates to much greater depths 
than in most other media. The depth of RF current penetra- 
tion is a function of frequency as well as earth type. Thus, 
the only cases in which most of the current flows near the 
surface are with very highly conductive media (such as salt 
water), and at frequencies above 30 MHz. 


DIRECTIVE PATTERNS OVER 
REAL GROUND 


As explained in Chapter 2, Antenna Fundamentals, 
because antenna radiation patterns are three-dimensional, it 
is helpful in understanding their operation to use a form of 
representation showing the elevation-plane directional char- 
acteristic for different heights. It is possible to show selected 
elevation-plane patterns oriented in various directions with 
respect to the antenna axis. In the case of the horizontal 
half-wave dipole, a plane running in a direction along the 
axis and another broadside to the antenna will give a good 
deal of information. 

The effect of reflection from the ground can be 
expressed as a separate pattern factor, given in decibels. 
For any given elevation angle, adding this factor algebra- 
ically to the value for that angle from the free-space pattern 
for that antenna gives the resultant radiation value at that 
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Fig 24—Depths at which the current density is 37% 
(1/e) of that at the surface for different qualities of 
earth over the 1.8- to 30-MHz frequency range. The 
depth for fresh water, not plotted, is 156 feet and 
almost independent of frequency below 30 MHz. See 
text and Table 2 for ground constants. 
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angle. The limiting conditions are those represented by the 
direct ray and the reflected ray being exactly in-phase and 
exactly out-of-phase, when both (assuming there are no 
ground losses) have equal amplitudes. Thus, the resultant 
field strength at a distant point may be either 6 dB greater 
than the free-space pattern (twice the field strength), or zero, 
in the limiting cases. 


Horizontally Polarized Antennas 


The way in which pattern factors vary with height for 
horizontal antennas over flat earth is shown graphically in 
the plots of Fig 25. The solid-line plots are based on per- 
fectly conducting ground, while the shaded plots are based 
on typical real-earth conditions. These patterns apply to 
horizontal antennas of any length. While these graphs are, 
in fact, radiation patterns of horizontal single-wire antennas 
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(dipoles) as viewed from the axis of the wire, it must be 
remembered that the plots merely represent pattern factors. 

Fig 26 shows vertical-plane radiation patterns in the 
directions off the ends of a horizontal half-wave dipole for 
various antenna heights. These patterns are scaled so they 
may be compared directly to those for the appropriate heights 
in Fig 25. Note that the perfect-earth patterns in Figs 26A 
and 25B are the same as those in the upper part of Fig 23. 
Note also that the perfect-earth patterns of Figs 26B and 
25D are the same as those in the lower section of Fig 23. 
The reduction in field strength off the ends of the wire at the 
lower angles, as compared with the broadside field strength, 
is quite apparent. It is also clear from Fig 26 that, at some 
heights, the high-angle radiation off the ends is nearly as 
great as the broadside radiation, making the antenna essen- 
tially an omnidirectional radiator. 














L— Antenna 2A high 


Fig 25—Reflection factors for horizontal dipole antennas at various heights above flat ground. The solid-line curves 
are the perfect-earth patterns (broadside to the antenna wire); the shaded curves represent the effects of average 
earth (k = 13, G = 0.005 S/m) at 14 MHz. Add 7 dB to values shown for absolute gain in dBd referenced to dipole in 
free space, or 9.15 dB for gain in dBi. For example, peak gain over perfect earth at °/s A height is 7 dBd (or 9.15 dBi) 
at 25° elevation. 
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In vertical planes making some intermediate angle 
between 0° and 90° with the wire axis, the pattern will have 
a Shape intermediate between the broadside and end-on pat- 
terns. By visualizing a smooth transition from the end-on 
pattern to the broadside pattern as the horizontal angle is 
varied from 0° to 90°, a fairly good mental picture of the 
actual solid pattern may be formed. An example is shown in 
Fig 27. At A, the elevation-plane pattern of a half-wave 
dipole at a height of A/2 is shown through a plane 45° away 
from the favored direction of the antenna. At B and C, the 
pattern of the same antenna is shown at heights of 3A/4 and 
1A (through the same 45° off-axis plane). These patterns 
are scaled so they may be compared directly with the broad- 
side and end-on patterns for the same antenna (at the appro- 
priate heights) in Figs 25 and 26. 

The curves presented in Fig 28 are useful for deter- 
mining heights of horizontal antennas that give either 
maximum or minimum reinforcement at any desired wave 











angle. For instance, if you want to place an antenna at a 
height so that it will have a null at 30°, the antenna should 
be placed where a broken line crosses the 30° line on the 
horizontal scale. There are two heights (up to 2 A) that 
will yield this null angle: 1 A and 2 A. 

As a second example, you may want to have the ground 
reflection give maximum reinforcement of the direct ray 
from a horizontal antenna at a 20° elevation angle. The 
antenna height should be 0.75 4. The same height will give 
a null at 42° and a second lobe at 90°. 

Fig 28 is also useful for visualizing the vertical pattern 
of a horizontal antenna. For example, if an antenna is erected 
at 1.25 A, it will have major lobes (solid-line crossings) at 
12° and 37°, as well as at 90° (the zenith). The nulls in this 
pattern (dashed-line crossings) will appear at 24° and 53°. 

The Y-axis in Fig 28 plots the wave angle versus the 
height in wavelength above flat ground on the X-axis. 
Fig 28 doesn’t show the elevation angles required for actual 
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Fig 26—Vertical-plane radiation patterns of horizontal half-wave dipole antennas off the ends of the antenna wire. 
The solid-line curves are the flat, perfect-earth patterns, and the shaded curves represent the effects of average flat 
earth (k = 13, G = 0.005 S/m) at 14 MHz. The 0-dB reference in each plot corresponds to the peak of the main lobe in 
the favored direction of the antenna (the maximum gain). Add 7 dB to values shown for absolute gain in dBd 
referenced to dipole in free space, or 9.15 dB for gain in dBi. 
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Fig 27—Vertical-plane radiation patterns of half-wave horizontal dipole antennas at 45° from the antenna wire over 
flat ground. The solid-line and shaded curves represent the same conditions as in Figs 25 and 26. These patterns 
are scaled so they may be compared directly with those of Figs 25 and 26. 
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Fig 28—Angles at which nulls and maxima (factor = 

6 dB) in the ground-reflection factor appear for antenna 
heights up to two wavelengths over flat ground. The 
solid lines are maxima, dashed lines nulls, for all 
horizontal antennas. See text for examples. Values may 
also be determined from the trigonometric relationship 
6 = arc sin (A/4h), where @ is the wave angle and h is 
the antenna height in wavelengths. For the first 
maximum, A has a value of 1; for the first null A has a 
value of 2, for the second maximum 3, for the second 
null 4, and so on. 


communications to various target geographic locations of 
interest. Chapter 23, Radio Wave Propagation, and the CD- 
ROM in the back of this book give details about the range of 
angles required for target locations around the world. It is 
very useful to overlay plots of these angles together with the 
elevation pattern for horizontally polarized antennas at vari- 
ous heights above flat ground. This will be demonstrated in 
detail later in this chapter. 
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Vertically Polarized Antennas 


In the case of a vertical A/2 dipole or a ground-plane 
antenna, the horizontal directional pattern is simply a circle 
at any elevation angle (although the actual field strength 
will vary, at the different elevation angles, with the height 
above ground). Hence, one vertical pattern is sufficient to 
give complete information (for a given antenna height) about 
the antenna in any direction with respect to the wire. A 
series of such patterns for various heights is given in 
Fig 29. Rotating the plane pattern about the zenith axis of 
the graph forms the three-dimensional radiation pattern in 
each case. 

The solid-line curves represent the radiation patterns 
of the 1/2 vertical dipole at different feed-point heights over 
perfectly conducting ground. The shaded curves in Fig 29 
show the patterns produced by the same antennas at the same 
heights over average ground (G = 0.005 S/m, k = 13) at 
14 MHz. The PBA in this case is 14.8°. 

In short, far-field losses for vertically polarized anten- 
nas are highly dependent on the conductivity and dielectric 
constant of the earth around the antenna, extending far 
beyond the ends of any radials used to complete the ground 
return for the near field. Putting more radials out around the 
antenna may well decrease ground-return losses in the 
reactive near field for a vertical monopole, but will not 
increase radiation at low elevation launch angles in the far 
field, unless the radials can extend perhaps 100 wavelengths 
in all directions! Aside from moving to the fabled “salt 
water swamp on a high hill,” there is very little that some- 
one can do to change the character of the ground that 
affects the far-field pattern of a real vertical. Classical texts 
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Fig 29—Vertical-plane radiation patterns of a ground-plane antenna above flat ground. The height is that of the 
ground plane, which consists of four radials in a horizontal plane. Solid lines are perfect-earth patterns; shaded 
curves show the effects of real earth. The patterns are scaled—that is, they may be directly compared to the solid- 
line ones for comparison of losses at any wave angle. These patterns were calculated for average ground (k = 13, 
G = 0.005 S/m) at 14 MHz. The PBA for these conditions is 14.8°. Add 6 dB to values shown for absolute gain in dBd 


over dipole in free space. 
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on verticals often show elevation patterns computed over 
an “infinitely wide, infinitely conducting ground plane.” Real 
ground, with finite conductivity and less than perfect 
dielectric constant, can severely curtail the low-angle radia- 
tion at which verticals are supposed to excel. 

While real verticals over real ground are not a sure- 
fire method to achieve low-angle radiation, cost versus per- 


formance and ease of installation are still attributes that can 
highly recommend verticals to knowledgeable builders. 
Practical installations for 160 and 80 meters rarely allow 
amateurs to put up horizontal antenna high enough to radi- 
ate effectively at low elevation angles. After all, a half-wave 
on 1.8 MHz is 273 feet high, and even at such a lofty height 
the peak radiation would be at a 30° elevation angle. 


The Effects of Irregular Local Terrain in the Far Field 


The following material is condensed and updated from 
an article by R. Dean Straw, N6BV, in July 1995 QEX maga- 
zine. HFTA (HF Terrain Assessment) and supporting data 
files are included on the CD-ROM at the back of this book. 
HFTA is the latest version of the YT program included with 
earlier editions of The ARRL Antenna Book. 


Choosing a QTH for DXing 


The subject of how to choose a QTH for working DX 
has fascinated hams since the beginning of amateur opera- 
tions. No doubt, Marconi probably spent a lot of time wan- 
dering around Newfoundland looking for a great radio QTH 
before making the first transAtlantic transmission. Putting 
together a high-performance HF station for contesting or 
DXing has always followed some pretty simple rules. First, 
you need the perfect QTH, preferably on a rural mountaintop 
or at least on top of a hill. Even better yet, you need a 
mountaintop surrounded by seawater! Then, after you have 
found your dream QTH, you put up the biggest antennas 
you possibly can, on the highest towers you can afford. Then 
you work all sorts of DX—sunspots willing, of course. 

The only trouble with this straightforward formula for 
success is that it doesn’t always work. Hams fortunate 
enough to be located on mountain tops with really spec- 
tacular drop-offs often find that their highest antennas don’t 
do very well, especially on 15 or 10 meters, but often even 
on 20 meters. When they compare their signals with nearby 
locals in the flatlands, they sometimes (but not always) come 
out on the losing end, especially when sunspot activity is 
high. 

On the other hand, when the sunspots drop into the 
cellar, the high antennas on the mountaintop are usually the 
ones crunching the pileups—but again, not always. So, the 
really ambitious contest aficionados, the guys with lots of 
resources and infinite enthusiasm, have resorted to putting 
up antennas at all possible heights, on a multitude of towers. 

There is a more scientific way to figure out where and 
how high to put your antennas to optimize your signal dur- 
ing all parts of the 11-year solar cycle. We advocate a sys- 
tem approach to HF station design, in which you need to 
know the following: 


— 


. The range of elevation angles necessary to get from point 
A to point B 

. The elevation patterns for various types and configura- 
tions of antennas 

. The effect of local terrain on elevation patterns for hori- 
zontally polarized antennas. 


NO 


1S) 


WHAT IS THE RANGE OF ELEVATION 
ANGLES NEEDED? 


Up until 1994, The ARRL Antenna Book contained only 
a limited amount of information about the elevation angles 
needed for communication throughout the world. In the 1974 
edition, Table 1-1 in the Wave Propagation chapter was cap- 
tioned: “Measured vertical angles of arrival of signals from 
England at receiving location in New Jersey.” 

What the caption didn’t say was that Table 1-1 was 
derived from measurements made during 1934 by Bell Labs. 
The highest frequency data seemed pretty shaky, consider- 
ing that 1934 was the low point of Cycle 17. Neither was 
this data applicable to any other path, other than the one 
from New Jersey to England. Nonetheless, many amateurs 
located throughout the US tried to use the sparse informa- 
tion in Table 1-1 as the only rational data they had for deter- 
mining how high to mount their antennas. (If they lived on 
hills, they made estimates of the effect of the terrain, 
assuming that the hill was adequately represented by a long, 
unbroken slope. More on this later.) 

In 1993 ARRL HQ embarked on a major project to 
tabulate the range of elevation angles from all regions of the 
US to important DX QTHs around the world. This was 
accomplished by running many thousands of computations 
using the JONCAP computer program. JONCAP has been 
under development for more than 25 years by various agen- 
cies of the US government and is considered the standard of 
comparison for propagation programs by many agencies, 
including the Voice of America, Radio Free Europe, and 
more than 100 foreign governments throughout the world. 
IONCAP is a real pain in the neck to use, but it is the stan- 
dard of comparison. 

The calculations were done for all levels of solar activ- 
ity, for all months of the year, and for all 24 hours of the 
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day. The results were gathered into some very large data- 
bases, from which special custom-written software extracted 
detailed statistics. The results appeared in summary form in 
Tables 4 through 13 printed in Chapter 23, Radio Wave 
Propagation, of the 17th Edition and in more detail on the 
diskette included with that book. (This book, the 20th Edi- 
tion, contains even more statistical data, for more areas of 
the world, on the accompanying CD-ROM.) 

Fig 30 shows the full range of elevation angles (repre- 
sented as vertical bars) for the 20-meter path from New 
England (centered on Newington, Connecticut) to all of 
Europe. This is for all openings, in all months, over the entire 
11-year solar cycle. The most likely elevation angle occurs at 
5° for about 13% of the times when the 20-meter band is open 
to Europe from New England. From 4° to 6° the band is open 
a total of about 34% of the times the band is open. There is a 
secondary peak between 10° to 12°, occurring for a total of 
about 25% of the times the band is open. 

Overlaid on Fig 30 along with the elevation-angle 
statistics are the elevation-plane responses for three dif- 
ferent horizontally polarized Yagi beams, all over flat 
ground. The first is mounted 140 feet high, 2 A in terms 
of wavelength. The second Yagi is mounted 70 feet high 
(at 1 A) and the third is 35 feet (0.5 A). The 140-foot high 
antenna has a deep null at 15°, but it also has the highest 
response (13.4 dBi) of the three at the statistical peak ele- 
vation angle of 5°. However, at 12°—where the band is 
open some 9% of the time—the 140-foot high Yagi is 
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Fig 30—Graph showing 20-meter percentage of all 
openings from New England to Europe versus elevation 
angles, together with overlay of elevation patterns over 
flat ground for three 20-meter antenna systems. The 
most statistically likely angle at which the band will be 
open is 5°, although at any particular hour, day, month 
and year, the actual angle will likely be different. Note 
the deep null exhibited by the 140-foot high antenna 
centered at 14°. 
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down 4 dB compared to the 70-foot antenna. 

The 70-foot high Yagi arguably covers the overall range 
best, since it has no disastrous nulls in the 1° to 25° range, 
where most of the action is occurring on 20 meters. At 5°, 
however, its response is only 8.8 dBi, 4.6 dB down from the 
140-foot high antenna at that angle. The 35-foot antenna 
peaks above 26° in elevation angle, and is down some 
10.4 dB compared to the 140-foot antenna at 5°. Obviously, 
no single antenna covers the complete range of elevation 
angles needed. 

Note that the highest Yagi has a strong second lobe 
peaking at 22°. Let’s say that you could select between two 
antennas, one at 140 and one at 70 feet, and that the incom- 
ing angle for a particular distant station is 22°. You might 
be fooled into thinking that the incoming angle is around 
6°, favoring the first peak of the higher antenna, when in 
truth the angle is relatively high. The 70-foot antenna’s 
response would be lower at 22° than the higher one, but 
only because the 140-foot antenna is operating on its sec- 
ond lobe. (What would clinch a determination of the correct 
incoming angle—6° or 22°—would be the response of the 
35-foot high Yagi, which would be close to its peak at 22°, 
while it would be very far down at 6°.) 

Now, we must emphasize that these elevation angles 
are statistical entities— in other words, just because 5° is 
the “statistically most likely angle” for the 20-meter path 
from New England to Europe doesn’t mean that the band 
will be open at 11° at any particular hour, on a particular 
day, in a particular month, in any particular year. In fact, 
however, experience agrees with the JONCAP computations: 
the 20-meter path to Europe usually opens at a low angle in 
the New England morning hours, rising to about 11° during 
the afternoon, when the signals remain strongest through- 
out the afternoon until the evening in New England. 

What would happen if we were to feed all three Yagi at 
140, 70 and 35 feet in-phase as a stack? Fig 31 shows this 
situation, along with a more highly optimized stack at 120, 
80 and 40 feet that better covers the overall range of eleva- 
tion angles from Connecticut to Europe. 

Now see Fig 32, which uses the same 120/80/40-foot 
stack of 20-meter antennas as in Fig 31, but this time from 
Seattle, Washington, to Europe. For comparison, the 
response of a single 4-element Yagi at 100 feet over flat 
ground is also shown in Fig 32. Just because 5° is the statis- 
tically most prevalent angle (occurring some 13% of the 
time) from Seattle to Europe on 20 meters, this doesn’t mean 
that the actual angle at any particular moment in time might 
not be 10°, or even 2°. The statistics for W7 to Europe say 
that 5° is the most likely angle, but 20-meter signals from 
Europe arrive at angles ranging from 1° to 18°. Note that 
this range of angles is quite a bit less than from W1 to 
Europe, which is much closer geographically to Europe than 
is the Pacific Northwest coast of the US. If you design an 
antenna system to cover all possible angles needed to talk 
to Europe from Seattle (or from Seattle to Europe) on 20 
meters, you would need to cover the full range from 1° to 
18° equally well. 


120/80/40° Stack 





Fig 31—Graph showing results of stacking antennas at 
different heights on the same tower to cover a wider 
range of elevation angles, in this case for the path from 
Connecticut (W1) to all of Europe on 20 meters. The 
optimized stack at 120/80/40 feet covers the needed 
range of elevation angles better than the stack at 140/ 
70/35 feet or the single Yagi at 140 feet. 
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Fig 32—Graph showing 20-meter percentage of all 
openings, this time from Seattle, WA, to Europe, 
together with an overlay of elevation patterns over flat 
ground for two 20-meter antenna systems. The 
statistically most likely angle on this path is 5°, 
occurring about 13% of the time when the band is 
actually open. Higher antennas predominate on this 
low-angle path. 
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Fig 33—Graph showing 15-meter percentage of all 
openings from Chicago to Southern Africa, together 
with overlay of elevation patterns over flat ground for 
two 15-meter antenna systems. On this long-distance, 
low-angle path, higher antennas are again most 
effective. 


Similarly, if you wish to cover the full range of eleva- 
tion angles from Chicago to Southern Africa on 15 meters, 
you would need to cover 1° to 13°, even though the most 
statistically likely signals arrive at 1°, for 21% of the time 
when that the band is open for that path. See Fig 33. 

It is important to recognize that Figs 30 through 33 are 
for flat ground. When the antennas are mounted over 
irregular local terrain, things get much more complicated. 
First, however, we’ll discuss general-purpose antenna mod- 
eling programs as they try to model real terrain. 


DRAWBACKS OF COMPUTER MODELS 
FOR ANTENNAS OVER REAL TERRAIN 


Modern general-purpose antenna modeling programs 
such as NEC or MININEC (or their commercially upgraded 
equivalents, such as NEC-Win Plus, EZNEC and EZNEC 
ARRL) can accurately model almost any type of antenna 
commonly used by radio amateurs. In addition, there are 
specialized programs specifically designed to model Yagis 
efficiently, such as YO or YW (Yagi for Windows, bundled 
on the CD-ROM with this book) or YagiMax. These pro- 
grams however are all unable to model antennas accurately 
over anything other than purely flat ground. 

While both NEC and MININEC can simulate irregular 
ground terrain, they do so in a decidedly crude manner, 
employing step-like concentric rings of height around an 
antenna. The documentation for NEC and MININEC both 
clearly state that diffraction off these steps is not modeled. 
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Common experience among serious modelers is that the 
warnings in the manuals are worth heeding. 

Although you can analyze and even optimize antenna 
designs using free-space or flat-earth ground models, it is 
diffraction that makes the real world a very, very compli- 
cated place. This should be clarified—diffraction is hard, 
even tortuous, to analyze properly, but it makes analysis of 
real world results far more believable than a flat-world 
reflection model does. 


RAY-TRACING OVER UNEVEN 
LOCAL TERRAIN 


The Raytracing Technique 


First, let’s look at a simple raytracing procedure 
involving only horizontally polarized reflections, with no 
diffractions. From a specified height on the tower, an 
antenna shoots “rays” (just as though they were bullets) in 
0.25° increments from +35° above the horizon to —35° 
below the horizon. Each ray is traced over the foreground 
terrain to see if it hits the ground at any point on its travels 
in the direction of interest. If it does hit the ground, the 
ray is reflected following the classical law of reflection. 
That is, the outgoing angle equals the incoming angle, re- 
flected through the normal to the slope of the surface. Once 
the rays exit into the ionosphere, the individual contribu- 
tions are vector-summed to create the overall far-field el- 
evation pattern. 

The next step in terrain modeling involves adding 
diffractions as well as reflections. At the Dayton antenna 
forum in 1994, Jim Breakall, WA3FET, gave a fascinating 
and tantalizing lecture on the effect of foreground terrain. 
Later Breakall, Dick Adler, K3CXZ, Joel Young and a group 
of other researchers published an extremely interesting 
paper entitled “The Modeling and Measurement of HF 
Antenna Skywave Radiation Patterns in Irregular Terrain” 
in July 1994 IEEE Transactions on Antennas and Propaga- 
tion. They described in rather general terms the modifica- 
tions they made to the NEC-BSC program. They showed 
how the addition of a ray-tracing reflection and diffraction 
model to the simplistic stair-stepped reflection model in regu- 
lar NEC gave far more realistic results. For validation, they 
compared actual pattern measurements made on a site in 
Utah (with an overflying helicopter) to computed patterns 
made using the modified NEC software. However, because 
the US Navy funded this work the software remained for a 
long time a military secret. 


Thumbnail History of the Uniform 
Theory of Diffraction 
It is instructive to look briefly at the history of how 
Geometric Optics (GO) evolved (and still continues to 
evolve) into the Uniform Theory of Diffraction (UTD). The 
following is summarized from the historical overview in one 
book found to be particularly useful and comprehensive on 
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the subject of UTD: Introduction to the Uniform Geometri- 
cal Theory of Diffraction, by McNamara, Pistorius, and 
Malherbe. 

Many years before the time of Christ, the ancient 
Greeks studied optics. Euclid is credited with deriving the 
law of reflection about 300 BC. Other Greeks, such as 
Ptolemy, were also fascinated with optical phenomena. In 
the 1600s, a Dutchman named Snell finally figured out the 
law of refraction, resulting in Snell’s law. By the early 1800s, 
the basic world of classical optics was pretty well described 
from a mathematic point of view, based on the work of a 
number of individuals. 

As its name implies, classical geometric optical theory 
deals strictly with geometric shapes. Of course, the impor- 
tance of geometry in optics shouldn’t be minimized—after 
all, we wouldn’t have eyeglasses without geometric optics. 
Mathematical analysis of shapes utilizes a methodology that 
traces the paths of straight-line rays of light. (Note that the 
paths of rays can also be likened to the straight-line paths of 
particles.) In classical geometric optics, however, there is 
no mention of three important quantities: phase, intensity 
and polarization. Indeed, without phase, intensity or polar- 
ization, there is no way to deal properly with the phenom- 
enon of interference, or its cousin, diffraction. These 
phenomena require theories that deal with waves rather than 
rays. 

Wave theory has also been around for a long time, 
although not as long as geometry. Workers like Hooke and 
Grimaldi had recorded their observations of interference and 
diffraction in the mid 1600s. Huygens had used elements of 
wave theory in the late 1600s to help explain refraction. By 
the late 1800s, the work of Lord Rayleigh, Sommerfeld, 
Fresnel, Maxwell and many others led to the full mathematic 
characterization of all electromagnetic phenomena, light 
included. 

Unfortunately, ray theory doesn’t work for many prob- 
lems, at least ray theory in the classical optical form. The 
real world is a lot more jagged, pointy and fuzzy in shape 
than can be described in a totally rigorous mathematic fash- 
ion. Some properties of the real world are most easily 
explained on the micro level using electrons and protons as 
conceptual objects, while other macro phenomena (like reso- 
nance, for example) are more easily explained in terms of 
waves. To get a handle on a typical real-world physical 
situation, a combination of classical ray theory and wave 
theory was needed. 

The breakthrough in the combination of classical geo- 
metric optics and wave concepts came from J. B. Keller of 
Bell Labs in 1953, although he published his work in the 
early 1960s. In the very simplest of terms, Keller introduced 
the notion that shooting a ray at a diffraction wedge causes 
wave interference at the tip, with an infinite number of dif- 
fracted waves emanating from the diffraction point. Each 
diffracted wave can be considered to be a point source 
radiator at the place of generation, the diffraction point. 
Thereafter, the paths of individual waves can be traced as 


though they were individual classical optic rays again. What 
Keller came up with was a reasonable mathematical descrip- 
tion of what happens at the tip of the diffraction wedge. 

Fig 34 is a picture of a simple diffraction wedge, 
with an incoming ray launched at an angle of ©,, refer- 
enced to the horizon, impinging on it. The diffraction 
wedge here is considered to be perfectly conducting, and 
hence impenetrable by the ray. The wedge generates an 
infinite number of diffracted waves, going in all direc- 
tions not blocked by the wedge itself. The amplitudes and 
phases of the diffracted waves are determined by the in- 
teraction at the wedge tip, and this in turn is governed by 
the various angles associated with the wedge. Shown in 
Fig 34 are the included angle a of the wedge, the angle 9’ 
of the incoming ray (referenced to the incoming surface 
of the wedge), and the observed angle © of one of the 
outgoing diffracted waves, also referenced to the wedge 
surface. 

The so-called shadow boundaries are also shown in 
Fig 34. The Reflection-Shadow Boundary (RSB) is the angle 
beyond which no further reflections can take place for a 
given incoming angle. The Incident-Shadow Boundary (ISB) 
is that angle beyond which the wedge’s face blocks any 
incident rays from illuminating the observation point. 

Keller derived the amplitude and phase terms by com- 
paring the classical Geometric Optics (GO) solution with 
the exact mathematical solution calculated by Sommerfeld 
for a particular case where the boundary conditions were 
well known—an infinitely long, perfectly conducting wedge 
illuminated by a plane wave. Simply speaking, whatever 
was left over had to be diffraction terms. Keller combined 
these diffraction terms with GO terms to yield the total field 
everywhere. 

Keller’s new theory became known as the Geometric 
Theory of Diffraction (abbreviated henceforth as GTD). The 
beauty of GTD was that in the regions where classical GO 
predicted zero fields, the GTD “filled in the blanks,” so to 
speak. For example, see Fig 35, showing the terrain for a 


hypothetical case, where a 60-foot high 4-element 15-meter 
Yagi illuminates a wide, perfectly flat piece of ground. A 
10-foot high rock has been placed 400 feet away from the 
tower base in the direction of outgoing rays. Fig 36 shows 
the elevation pattern predicted using reflection-only GO tech- 
niques. Due to blockage of the direct wave (A) trying to 
shoot past the 10-foot high rock, and due to blockage of (B) 
reflections from the flat ground in front of the rock by the 
rock, there is a hole in the smooth elevation pattern. 

Now, doesn’t it defy common sense to imagine that a 
single 10-foot high rock will really have such an effect on a 
15-meter signal? Keller’s GTD took diffraction effects into 
account to show that waves do indeed sneak past and over 
the rock to fill in the pattern. The whole GTD scheme is 
very clever indeed. 

However, GTD wasn’t perfect. Keller’s GTD predicts 
some big spikes in the pattern, even though the overall shape 
of the elevation pattern is much closer to reality than a simple 
GO reflection analysis would indicate. The region right at 
the RSB and ISB shadow boundaries is where problems are 
found. The GO terms go to zero at these points because of 
blockage by the wedge, while Keller’s diffraction terms tend 
to go to infinity at these very spots. In mathematical terms 
this is referred to as a caustic problem. Nevertheless, despite 
these nasty problems at the ISB and RSB, the GTD pro- 
vided a remarkably better solution to diffraction problems 
than did classical GO. 

In the early 1970s, a group at Ohio State University 
under R. G. Kouyoumjian and P. H. Pathak did some piv- 
otal work to resolve this caustic problem, introducing 
what amounts to a clever fudge factor to compensate for 
the tendency of the diffraction terms at the shadow bound- 
aries to go to infinity. They introduced what is known as 
a transition function, using a form of Fresnel integral. 
Most importantly, the Ohio State researchers also created 
several FORTRAN computer programs to compute the 
amplitude and phase of diffraction components. Now 
computer hackers could get to work! 
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Fig 34—Diagram showing 
diffraction mechanism of ray 
launched at angle a, below the 
horizon at a diffraction wedge, 
whose included angle is a. 
Referenced to the incident face (the 
o-face as it is called in UTD 
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ee terminology), the incoming angle is 


o’ (phi prime). The wedge creates 
an infinite number of diffracted 
waves. Shown is one whose angle 
referenced to the o-face is 9, the 
so-called observation angle in UTD 
terminology. 
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Fig 35—Hypothetical terrain exhibiting so-called “10- 
foot rock effect.” The terrain is flat from the tower base 
out to 400 feet, where a 10-foot high rock is placed. 
Note that this forms a diffraction wedge, but that it also 
blocks direct waves trying to shoot through it to the flat 
surface beyond, as shown by Ray A. Ray B reflects off 
the flat surface before it reaches the 10-foot rock, but it 
is blocked by the rock from proceeding further. A 
simple Geometric Optics (GO) analysis of this terrain 
without taking diffraction into account will result in the 
elevation response shown in Fig 36. 


The program that finally resulted is called HFTA, stand- 
ing for “HF Terrain Assessment.” (The DOS version of HFTA 
was known as YT, standing for “Yagi Terrain.”) As the name 
suggests, HFTA analyzes the effect of local terrain on HF 
propagation through the ionosphere. It is designed for hori- 
zontally polarized Yagis, although it will model the effects 
of a simple flattop dipole also. The accurate appraisal of the 
effect of terrain on vertically polarized signals is a far more 
complex problem than for horizontally polarized waves, and 
HFTA doesn’t do verticals. 


SIMULATION OF REALITY—SOME 
SIMPLE EXAMPLES FIRST 


We want to focus first on some simple results, to show 
that the computations do make some sense by presenting 
some simulations over simple terrains. We’ve already 
described the “10-foot rock at 400 feet” situation, and 
showed where a simple GO reflection analysis is inadequate 
to the task without taking diffraction effects into account. 

Now look at the simple case shown in Fig 37, where a 
very long, continuous downslope from the tower base is 
shown. Note that the scales used for the X and Y axes are 
different: the Y-axis changes 300 feet in height (from 800 to 
1100 feet), while the X-axis goes from 0 to 3000 feet. This 
exaggerates the apparent steepness of the downwards slope, 
which is actually a rather gentle slope, at tan-! (1000 — 850) 
/ (3000 — 0) = —2.86°. In other words, the terrain falls 150 feet 
in height over a range of 3000 feet from the base of the tower. 

Fig 38 shows the computed elevation response for this 
terrain profile, for a 4-element horizontally polarized Yagi 
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Fig 36—Elevation response for rays launched at terrain 
in Fig 35 from a height of 60 feet using a 4-element 
Yagi. This was computed using a simple Geometrical 
Optics (GO) reflection-only analysis. Note the hole in 
the response between 6° to 10° in elevation. It is not 
reasonable for a 10-foot high rock to create such a 
disturbance at 21 MHz! 


on a 60-foot tower. The response is compared to that of an 
identical Yagi placed 60 feet above flat ground. Compared 
to the “flatland” antenna, the hilltop antenna has an eleva- 
tion response shifted over by almost 3° towards the lower 
elevation angles. In fact, this shift is directly due to the 
—2.86° slope of the hill. Reflections off the slope are tilted 
by the slope. In this situation there is a single diffraction at 
the bottom of the gentle slope at 3000 feet, where the pro- 
gram assumes that the terrain becomes flat. 

Look at Fig 39, which shows another simple terrain 
profile, called a “Hill-Valley” scenario. Here, the 60-foot 
high tower stands on the edge of a gentle hill overlooking a 
long valley. Once again the slope of the hill is exaggerated 
by the different X and Y-axes. Fig 40 shows the computed 
elevation response at 21.2 MHz for a 4-element Yagi on a 
60-foot high tower at the edge of the slope. 

Once again, the pattern is overlaid with that of an iden- 
tical 60-foot-high Yagi over flat ground. Compared to the 
flatland antenna, the hilltop antenna’s response above 9° in 
elevation is shifted by almost 3° towards the lower elevation 
angles. Again, this is due to reflections off the downward 
slope. From 1° to 9°, the hilltop pattern is enhanced even 
more compared to the flatland antenna, this time by diffrac- 
tion occurring at the bottom of the hill. 

Now let’s see what happens when there is a hill ahead 
in the direction of interest. Fig 41 depicts such a situa- 
tion, labeled “Hill-Ahead.” Here, at a height of 400 feet 
above mean sea level, the land is flat in front of the tower, 
out to a distance 500 feet, where the hill begins. The hill 
then rises 100 feet over the range 500 to 1000 feet away 
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Fig 37—A long, gentle downwards-sloping terrain. This 
terrain has no explicit diffraction points and can be 
analyzed using simple GO reflection techniques. 
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Fig 38—Elevation response for terrain shown in Fig 37, 
using a 4-element 15-meter Yagi, 60-foot high. Note that 
the shape of the response is essentially shifted towards 
the left, towards lower elevation angles, by the angle of 
the sloping ground. For reference, the response for an 
identical Yagi placed over flat ground is also shown. 


from the tower base. After that, the terrain is a plateau, at 
a constant 500 feet elevation. 

Fig 42 shows the computed elevation pattern for a 
4-element 21-MHz Yagi 60-feet high on the tower, com- 
pared again with an overlay for an identical 60-foot high 
antenna over flat ground. The hill blocks low-angle waves 
directly radiated from the antenna from 0° to 2.3°. In addi- 
tion, waves that would normally be reflected from the ground, 
and that would normally add in phase from about 2.3° to 
12°, are blocked by the hill also. Thus the signal at 8° is 
down almost 5 dB from the signal over flat ground, all due 
to the effect of the hill. Diffracted waves start kicking in 
once the direct wave rises enough above the horizon to illu- 
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Fig 39—”Hill-Valley” terrain, with reflected and 
diffracted rays. 
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Fig 40—Elevation response computed by HFTA program 
for single 4-element 15-meter Yagi at 60 feet above “Hill- 
Valley” terrain shown in Fig 39. Note that the slope has 
caused the response in general to be shifted towards 
lower elevation angles. At 5° elevation, the diffraction 
components add up to increase the gain slightly above 
the amount a GO-only analysis would indicate. 


minate the top edge of the hill. These diffracted waves tend 
to augment elevation angles above about 12°, which reflected 
waves can’t reach. 

Is there is any hope for someone in such a lousy QTH 
for DXing? Fig 43 shows the elevation response for a truly 
heroic solution. This involves a stack of four 4element Yagis, 
mounted at 120, 90, 60 and 30 feet on the tower. Now, the 
total gain at low angles is just about comparable to that from 
a single 4-element Yagi mounted over flat ground. Where 
there’s a ham, there is a way! 
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Fig 41—“Hill-Ahead” terrain, shown with diffracted rays 
created by illumination of the edge of the plateau at the 
top of the hill. 
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Fig 42—Elevation response computed by HFTA for “Hill- 
Ahead” terrain shown in Fig 41. Now the hill blocks 
direct rays and also precludes possibility of any 
constructive reflections. Above 10°, diffraction 
components add up together with direct rays to create 
the response shown. 


At 5° elevation, four diffraction components add up 
(there are zero reflection components) to achieve the far- 
field pattern. This seems reasonable, because each of the 
four antennas is illuminating the diffraction point separately 
and we know that none of the four antennas can see over the 
hill directly to produce a reflection at a low launch angle. 

At an elevation angle of 5°, 15-meter signals arrive 
from Europe from New England about 13% of the total time 
when the band is actually open. We can look at this another 
way. For about two-thirds of the times when the band is 
open on this path, the incoming angle is between 3° to 12°. 
For about one-third of the time, signals arrive above 10°, 
where the “heroic” four-stack is really beginning to come 
into its own. 
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Fig 43—Elevation response of “heroic effort” to 
surmount the difficulties imposed by hill in Fig 41. This 
effort involves a stack of four 4-element Yagis in a stack 
starting at 120 feet and spaced at 30-foot increments on 
the tower. The response is roughly equivalent to a 
single 4-element Yagi at 60 feet above flat ground, 
hence the characterization as being a “heroic effort.” 
The elevation-angle statistics from New England to 
Europe are overlaid on the graph for reference. 


A More Complex Terrain 


The results for simple terrains look reasonable; let’s 
try a more complicated real-world situation. Fig 44 shows 
the terrain from the New Hampshire N6BV/1 QTH towards 
Japan. The terrain was complex, with 52 different points 
HFTA identifies as diffraction points. Fig 45 shows a 
labeled HFTA output for three different types of antennas 
on 20 meters: a stack at 120 and 60 feet, the 120-foot 
antenna by itself, and then a 120/60-foot stack over flat 
ground, for reference. The elevation-angle statistics for New 
England to Japan are overlaid on the graph also, making for 
a very complicated looking picture—it is a Jot easier to 
decipher the lines on the color CRT, by the way than on a 
black-and-white printer. 

Comparison of the same 120/60-foot stacks over 
irregular terrain and flat ground is useful to show where the 
terrain itself is affecting the elevation response. The flatland 
stack has more gain in the region of 3° to 7° than the same 
stack over the N6BV/1 local terrain towards Japan. On the 
other hand, the N6BV/1 local terrain boosts signals in the 
range of 8° to about 12°. This demonstrates the conserva- 
tion of energy—you may gain a stronger signal at certain 
elevation angles, but you will lose gain at others. In this 
case, the N6BV/1 station always felt “weak” towards Japan 
on 20 meters, because the dominant angles are low. 

Examination of the detailed data output from HFTA 
shows that at an elevation angle of 5°, there are 6159 


Terrain Profile 














o 1,000 2,000 3,000 4000 3,000 6,000 7000 Bo00 9,000 


Distarice frarn Tower Base, Fee 


Fig 44—Terrain of N6BV in Windham, NH, towards 
Japan. HFTA identifies 52 different points where 
diffraction can occur. 


diffraction components. There are many, many signals 
bouncing around off the terrain on their trip to Japan! Note 
that because of blockage of some parts of the terrain, the 
60-foot high Yagi cannot illuminate all the diffraction points, 
while the higher 120-foot Yagi is able to see these diffrac- 
tion points. 

It is fascinating to reflect on the thought that received 
signals coming down from the ionosphere to the receiver 
are having encounters with the terrain, but from the oppo- 
site direction. It’s not surprising, given these kinds of inter- 
actions, that transmitting and receiving might not be totally 
reciprocal. 

The 120/60-foot stack in Fig 45 achieves its peak gain 
of 17.3 dBi at 11° elevation, where it is about 3 dB stronger 
than the single Yagi at 120 feet. It maintains this 3-dB 
advantage over most of the range of incoming signals from 
Japan. This difference in performance between the stack and 
each antenna by itself was observed many times on the air. 
Much of the time when comparisons are being made, how- 
ever, the small differences in signal are difficult to measure 
meaningfully, especially when the QSB varies signals by 
20 dB or so during a typical QSO. It should be noted that the 
stack usually exhibited less fading compared to each 
antenna by itself. 


USING HFTA 
Manually Generating a Terrain Profile 


The HFTA program uses two distinct algorithms to 
generate the far-field elevation pattern. The first is a simple 
reflection-only Geometric Optics (GO) algorithm. The sec- 
ond is the diffraction algorithm using the Uniform Theory 
of Diffraction (UTD). These algorithms work with a digi- 
tized representation of the terrain profile for a single azi- 
muthal direction—for example, towards Japan or towards 
Europe. 
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Fig 45—Elevation responses computed by HFTA for 
N6BV/1 terrain shown in Fig 44, for a stack of two 4- 
element 20-meter Yagis at 120 and 60 feet, together with 
the response for a single Yagi at 120 feet and a 120/60- 
foot stack over flat ground for reference. The response 
due to many diffraction and reflection components is 
quite complicated! 


You can generate a terrain file manually using a topo- 
graphic map and a ruler or a pair of dividers. The HFTA.PDF 
file (accessed by clicking on the Help button) and on the 
accompanying CD-ROM gives complete instructions on how 
to create a terrain file manually (or automatically). The 
manual process is simple enough in concept. Mark on your 
US Geological Survey 7.5-minute map the exact location of 
your tower. You will find 7.5-minute maps available from 
some local sources, such as large hardware stores, but the 
main contact point is the U.S. Geological Survey, Denver, 
CO 80225 or Reston, VA 22092. Call 1-800-MAPS-USA. 
Ask for the folder describing the topographic maps avail- 
able for your geographic area. Many countries outside the 
USA have topographic charts also. Most are calibrated in 
meters. To use these with HFTA, you will have to convert 
meters to feet by multiplying meters by 3.28 or else insert- 
ing a single line at the very beginning of the disk file, saying 
“meters” for HFTA to recognize meters automatically. 

Mark off a pencil line from the tower base, in the azi- 
muthal direction of interest, perhaps 45° from New England 
to Europe, or 335° to Japan. Then measure the distance from 
the tower base to each height contour crossed by the pencil 
line. Enter the data at each distance/height into an ASCII 
computer file, whose filename extension is “PRO,” stand- 
ing for profile. 

Fig 46 shows a portion of the USGS paper map for the 
N6BV QTH in Windham, NH, along with lines scribed in 
several directions towards various parts of Europe and the 
Far East. Note that the elevation heights of the intermediate 
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contour lines are labeled manually in pencil in order to make 
sense of things. It is very easy to get confused unless you do 
this! 

The terrain model used by HFTA assumes that the ter- 
rain is represented by flat plates connecting the elevation 
points in the *.PRO file with straight lines. The model is 
two dimensional, meaning that range and elevation are the 
only data for a particular azimuth. In effect, HFTA assumes 
that the width of a terrain plate is wide relative to its length. 
Obviously, the world is three-dimensional. If your shot in a 
particular direction involves aiming your Yagi down a can- 
yon with steep walls, then it’s pretty likely that your actual 
elevation pattern will be different than what HFTA tells you. 
The signals must careen horizontally from wall to wall, in 
addition to being affected by the height changes of the ter- 
rain. HFTA isn’t designed to do canyons. 

To get a true 3-D picture of the full effects of terrain, a 
terrain model would have to show azimuth, along with range 
and elevation, point-by-point for about two miles in every 
direction around the base of the tower. After you go through 
the pain of creating a profile for a single azimuth, you'll 
appreciate the immensity of the process if you were you try 
to create a full 360° 3D profile manually. 


Terrain Data from the Internet 


At one time digitized terrain data commonly available 
from the Internet didn’t have sufficient resolution to be 
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accurate enough for HFTA. Nowadays, the complete, accu- 
rate set of USGS topographic 7.5-minute maps are avail- 
able at no cost on the Internet. You can use a program called 
MicroDEM, written by Professor Peter Guth at the US 
Naval Academy, to quickly and easily produce terrain data 
files suitable for HFTA from topographic data files. Dr Guth 
and the US Naval Academy have graciously allowed ARRL 
to include the MicroDEM program on the CD-ROM accom- 
panying this book. It should be noted that besides automati- 
cally creating terrain profiles for HFTA, MicroDEM is a 
full-featured mapping program on its own. 

Instructions for using MicroDEM are in the Help file 
for HFTA (HFTA.PDF), which you can access from the 
HFTA main window by clicking on the Help button. Fig 47 
shows a screen capture of the MicroDEM program for the 
N6BV/1 location in New Hampshire for an azimuth of 45° 
into Europe. The black/white rendering of the screen cap- 
ture doesn’t do justice to the same information in color. The 
computed terrain profile is plotted in the window at the right 
of Fig 47 and the data file is shown in the inset window at 
the top right. 

Using MicroDEM and on-line USGS topographic map 
data, you can also automatically create up to 360 terrain 
profiles with 1° spacing of azimuths in a few seconds. (Speci- 
fying a 1° spacing is really overkill; most operator choose 
to create 72 profiles with 5° spacing.) On a topographic DEM 
(digital elevation model) map that covers the geographic 


Fig 46—A portion of USGS 7.5 
minute topographic map, showing 
N6BV/1 QTH, together with marks 
in direction of Europe and Japan 
from tower base. Note that the 
elevations contours were marked 
by hand to help eliminate 
confusion. This required a 
magnifying glass and a steady 
hand! 







area of interest, you simply specify the latitude and longi- 
tude of a tower’s location—found using a GPS receiver— 
and then ask MicroDEM for a Viewshed. See the HFTA 
Help file for the details. 

Compare this automated several-second MicroDEM 
process to creating manual profiles on a paper topographic 
map—lIt can take up to an hour of meticulous measurements 
to manually create a single terrain profile! 


Algorithm for Ray-Tracing the Terrain 


Once a terrain profile is created, there are a number of 
mechanisms that HFTA takes into account as a ray travels 
over that terrain: 


1. Classical ray reflection, with Fresnel ground coefficients. 

2. Direct diffraction, where a diffraction point is illuminated 
directly by an antenna, with no intervening terrain fea- 
tures blocking the direct illumination. 

3. When a diffracted ray is subsequently reflected off the 
terrain. 

4. When a reflected ray encounters a diffraction point and 
causes another series of diffracted rays to be generated. 

5. When a diffracted ray hits another diffraction point, gen- 
erating another whole series of diffractions. 


Certain unusual, bowl-shaped terrain profiles, with 
sheer vertical faces, can conceivably cause signals to 
reflect or diffract in a backwards direction, only to be 
reflected back again in the forward direction by the sheer- 
walled terrain to the rear. HFTA does not accommodate these 
interactions, mainly because to do so would increase the 
computation time too much. It only evaluates terrain in the 
forward direction along one azimuth of interest. 
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Fig 48 shows a portion of an HFTA screen capture in 
the direction towards Europe from the N6BV/1 location in 
New Hampshire on 21.2 MHz. It compares the results for a 
90/60/30-foot stack of TH7DX tribanders to the same stack 
over flat land, and to a single antenna at 70 feet over flat 
ground. The 70-foot single antenna represents a pretty typi- 
cal station on 15 meters. The terrain produces excellent gain 
at lower elevation angles compared to the same stack over 
flat ground. The stack is very close to or superior to the 
single 70-foot high Yagi at all useful elevation angles. Ter- 
rain can indeed exhibit a profound effect on the launch of 
signals into the ionosphere—for good or for bad. 


HFTA’s Internal Antenna Model 


The operator selects the antenna used inside HFTA to 
be anything from a dipole to an 8-element Yagi. The de- 
fault assumes a simple cosine-squared mathematic response, 
equivalent to a 4-element Yagi in free space. HFTA traces 
rays only in the forward direction from the tower along the 
azimuth of interest. This keeps the algorithms reasonably 
simple and saves computing time. 

HFTA considers each antenna in a stack as a separate 
point source. The simulation begins to fall apart if a travel- 
ing wave type of antenna like a rhombic is used, particu- 
larly if the terrain changes under the antenna—that is, the 
ground is not flat under the entire antenna. For a typical 
Yagi, even a long-boom one, the point-source assumption 
is reasonable. The internal antenna model also assumes that 
the Yagi is horizontally polarized. HFTA does not do verti- 
cally polarized antennas, as discussed previously. The docu- 
mentation for HFTA also cautions the user to work with 
practical spacings between stacked Yagis—O.5 A or more 








Fig 47—A screen-capture of the 
MicroDEM program, showing the 
topographic map for the same 
terrain shown in Fig 46, together 
with the computed terrain profile 
along an azimuth of 45° on the path 
towards Europe from the N6BV/1 
location in Windham, NH. 











Finca ia 7:48am 


The Effects of Ground 3-31 





90/60/30" N6BV/1 


06 


Gan 





Fig 48—The 21-MHz elevation response for a stack 

of three TH7DX Yagis mounted on a single tower at 
90/60/30 feet, at the N6BV/1 QTH for a 45° azimuth 
towards Europe. The terrain focuses the energy at low 
elevation angles compared to the same stack over flat 
ground. This illustrates once again the conservation of 
energy—Energy squeezed down into low elevation 
angles is stolen from other, higher, angles. 


because HFTA doesn’t explicitly model mutual coupling 
between Yagis in a stack. 

HFTA compares well with the measurements for the 
horizontal antennas described earlier by Jim Breakall, 
WA3FET, using a helicopter in Utah. Breakall’s measure- 
ments were done with a 15-foot high horizontal dipole. 


More Details About HFTA 
Frequency Coverage 


HFTA can be used on frequencies higher than the HF 
bands, although the graphical resolution is only 0.25°. The 
patterns above about 100 MHz thus look rather grainy. The 
UTD is a high-frequency-asymptotic solution, so in theory 
the results become more realistic as the frequency is raised. 
Keep in mind too that HFTA is designed to model launch 
angles for skywave propagation modes, including E- and F- 
layer, and even Sporadic-E. Since by definition the iono- 
spheric launch angles include only those above the horizon, 
direct line-of-sight UHF modes involving negative launch 
angles are not considered in HFTA. 

See the HFTA.PDF documentation file for further 
details on the operation of HFTA. This file, as well as sample 
terrain profiles for some big-gun stations, is located on the 
CD-ROM accompanying this book. 
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Antenna Modeling & 
system Planning 


OVERVIEW: 
ANTENNA ANALYSIS BY COMPUTER 


As pointed out in Chapter 3, The Effects of Ground, 
irregular local terrain can have a profound effect on the 
launch of HF signals into the ionosphere. A system 
approach is needed to create a scientifically planned sta- 
tion. We pointed out in Chapter 3 that antenna modeling 
programs do not generally take into account the effects 
of irregular terrain, and by “irregular” we mean any sort 
of ground that is not flat. Most modeling programs based 
on NEC-2 or MININEC do model reflections, but they do 
not model diffractions. 

On the other hand, while a ray-tracing program like 
HFTA (HF Terrain Assessment) does take into account 
diffraction, it doesn’t explicitly factor in the mutual 
impedance between an antenna and the ground. Instead, 
HFTA makes the basic assumption that the antenna is 
mounted sufficiently high above ground so that the 
mutual impedance between an antenna and the ground 
is minimal. 

In this chapter we’ll look at modeling the antennas 
themselves on the PC. We’ll evaluate some typical 
antennas over flat ground and also in free space. Once char- 
acterized—or even optimized for certain characteristics— 
these antennas can then be analyzed over real terrain using 
HFTA and the other tools discussed in Chapter 3. 


A Short History of Antenna Modeling 


With the proliferation of personal computers since 
the early 1980s, amateurs and professionals alike have 
made significant strides in computerized antenna system 
analysis. It is now possible for the amateur with a rela- 
tively inexpensive computer to evaluate even complicated 


antenna systems. Amateurs can obtain a keener grasp of 
the operation of antenna systems—a subject that has been 
a great mystery to many in the past. We might add that 
modern computing tools allow hams to debunk overblown 
claims made about certain antennas. 

The most commonly encountered programs for 
antenna analysis are those derived from a program 
developed at US government laboratories called NEC, short 
for “Numerical Electromagnetics Code.” NEC uses a so- 
called Method of Moments algorithm. This intriguing name 
derives from a mathematical convention dealing with how 
“momentous” the accumulated error becomes when cer- 
tain simplifying assumptions are made about the current 
distribution along an antenna wire. If you want to delve 
into details about the method of moments, John Kraus, 
W8JK, has an excellent chapter in his book Antennas, 2nd 
edition. See also the article “Programs for Antenna Analy- 
sis by the Method of Moments,” by Bob Haviland, W4MB, 
in The ARRL Antenna Compendium, Vol 4. 

The mathematics behind the method-of-moments 
algorithm are pretty formidable, but the basic principle 
is simple. An antenna is broken down into a number of 
straight-line wire segments, and the field resulting from 
the RF current in each segment is evaluated by itself and 
also with respect to other mutually coupled segments. 
Finally, the field from each contributing segment is vec- 
tor-summed to yield the total field, which can be com- 
puted for any elevation or azimuth angle desired. The 
effects of flat-earth ground reflections, including the 
effect of ground conductivity and dielectric constant, may 
be evaluated as well. 

In the early 1980s, MININEC was written in BASIC 
for use on personal computers. Because of limitations in 
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memory and speed typical of personal computers of the 
time, several simplifying assumptions were necessary in 
MININEC and these limited potential accuracy. Perhaps 
the most significant limitation was that perfect ground 
was assumed to be directly under the antenna, even though 
the radiation pattern in the far field did take into account 
real ground parameters. This meant that antennas mod- 
eled closer than approximately 0.2 A over ground some- 
times gave erroneous impedances and inflated gains, 
especially for horizontal polarization. Despite some limi- 
tations, MININEC represented a remarkable leap forward 
in analytical capability. See Roy Lewallen’s (W7EL) 


“MININEC—the Other Edge of the Sword” in Feb 1991 
QST for an excellent treatment on pitfalls when using 
MININEC. 

Because source code was made available when 
MININEC was released to the public, a number of pro- 
grammers produced some very capable commercial ver- 
sions for the amateur market, many incorporating exciting 
graphics showing antenna patterns in 2D or 3D. These 
programs also simplify the creation of models for popu- 
lar antenna types, and several come with libraries of 
sample antennas. 

By the end of the 1980s, the speed and capabilities 


Commercial Implementations of MININEC and NEC-2 Programs 


Ever since the source code for NEC-2 and MININEC came into in the public domain, enterprising programmers 
have been upgrading, extending and improving these programs. There are a number of “freeware” versions 
available nowadays, and there are also a variety of commercial implementations. 

This sidebar deals only with the most popular commercial versions, programs that many hams use. You should 
keep in mind that whatever program you choose will require an investment in learning time, if not in dollars. Your 
time is valuable, of course, and so is the ability to swap modeling files you create with other modelers. Other 
peoples’ modeling files, particularly when you are just starting out, are a great way to learn how the “experts” do 
their modeling. For example, there are archives of EZNEC/ELNEC files available on the Internet, since this popular 
modeling program has been around for a number of years. (ELNEC is the DOS-only, MININEC-core predecessor 


of EZNEC.) 


The following table summarizes the main features and the pricing as of 2006 for some popular commercial 
antenna modeling programs. The programs that use the NEC-4 core require separate licenses from Lawrence 


Livermore National Laboratories. 





Commercial Implementations of MININEC and NEC 2 programs 


EZNEC 4.0 
(+ ver.) 

Roy Lewallen 
NEC-2 NEC-2 
Operating System Windows 32-bit | Windows 32-bit 
Number Segments 500 (1500, + ver.) 20,000 20,000 
NEC-Card Inputs Yes Yes 

Other Input ASCII, NEC ASCII, NEC 


Name EZNEC-M Pro EZNEC/4 
Manufacturer 


Core 


Roy Lewallen Roy Lewallen 


NEC-4 


(NEC, + ver.) 
Wires by Equation No No No 
Source Setting By % By % By % 
Source Type Current/ Current/ Current 
Voltage/Split Voltage/Split Noltage/Split 
R+jX Loads Yes Yes Yes 
RLC Loads Series, Parallel, | Series, Parallel, 


Trap Trap Trap 


Windows 32-bit 


Series, Parallel, 


NEC-Win Plus + NEC-Win Pro GNEC Antenna Model 


Nittany Scientific 
NEC-2 


Nittany Scientific 
NEC-2 


Nittany Scientific Teri Software 
NEC-2/NEC-4 — MININEC 
Windows 32-bit Windows 32-bit | Windows 32-bit Windows 32-bit 
10,000 10,000 80,000 Limited by memory 
Yes Yes Yes 

CAD *.DXF CAD *.DXF CAD *.DXF 


Yes Yes Yes 

By % By % By % 
Current/ All types All types 
Voltage/Split 

Yes Yes Yes Yes 

Series, Parallel Series, Parallel Series, Parallel Series, Parallel 


Current/Voltage 


No No No No 


True Trap Loads Yes Yes Yes 


Laplace Loads 
Conductivity Table 
Average Gain Test 
Transmission Lines 
View Geometry 
Geometry Checking 
Easy Height Change 
Polar Plots 


Rectangular Plots 


Operating Speed 
Smith Chart 


Near/Far Field Tables 
Ground Wave Analysis 


Pricing 


Yes 

Yes * 

Yes 

Yes 
Excellent 
Yes 

Yes 

ARRL, linear-dB 
Az/El, Circ. 
(+ ver.) 
SWR 


Fast 

Data for Ext. 
Smith program 
Both 

No 


$89 Web; 
$99 CD-ROM, 
$139 (+ ver.) 


* Wire conductivity is the same for all wires. 
Excellent, Very Good, Good ratings done by Antenna Book editor. 


Yes 

Yes * 

Yes 

Yes 

Excellent 

Yes 

Yes 

ARRL, linear-dB 
Az/El, Circ. 


SWR 


Fast 

Data for Ext. 
Smith program 
Both 

Yes 


$450 


Yes Yes 
Yes * Yes 
Yes Yes 
Yes Yes 
Excellent 
Yes Yes 
Yes No 
ARRL, linear-dB 
Az/El, Circ. 


SWR 


Fast Very Fast 


Data for Ext. No 
Smithprogram 

Both Far 
Yes No 


$600; must have $150 
NEC-4 license 


Good 


ARRL, linear-dB 
Az/El Patterns 


SWR, Zin 


Yes 

Yes 

Yes 

Yes 

Good 

Yes 

No 

ARRL, linear-dB 
Az/El Patterns 


SWR, Zin, Az/El, 
Near/Far Plots, 
Currents 

Very Fast 

Yes 


Both 
Yes 


$425 


Yes 

Yes 

Yes 

Yes 

Good 

Yes 

No 

ARRL, linear-dB 
Az/El Patterns 


SWR, Zin, Az/El, 
Near/Far Plots, 
Currents 

Very Fast 

Yes 


Both 
Yes 


$795 


No 

Yes 

Yes 

No 

Very Good 

Yes 

No 

ARRL, Linear -dB 
Az/E| Patterns 


Gain, SWR, F/B, 
F/R, Rin, Xin 


Slow 
Yes 


Both 
No 


$85 
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of personal computers had advanced to the point where 
PC versions of NEC became practical, and several versions 
are now available to amateurs. The most recent public-do- 
main version is NEC-2 and this is the computational core 
that we’ll use as an example throughout this chapter. 

Like MININEC, NEC-2 is a general-purpose model- 
ing package and it can be difficult to use and relatively 
slow in operation for certain specialized antenna forms. 
Thus, custom commercial software has been created for 
more user-friendly and speedier analysis of specific 
antenna varieties, mainly Yagi arrays. See Chapter 11, 
HF Yagi Arrays. Also see the sidebar, “Commercial 
Implementations of MININEC and NEC-2 Programs.” 

For this edition of The ARRL Antenna Book, Roy 
Lewallen, W7EL, has graciously provided a special ver- 
sion of his EZNEC 3.0 program, called EZNEC-ARRL. 
This version works with the specific antenna models also 
bundled on the CD-ROM. Please note that this ARRL- 
specific version of EZNEC is limited to a maximum of 
20 segments (we’ll explain segments later) for all mod- 
els except for the special ones included on this CD-ROM. 
You can find information on how to purchase the full- 
fledged version of EZNEC in the Help section of the 
EZNEC-ARRL program. 

The following material on antenna modeling is by 
necessity a summary, since entire books have been writ- 
ten on this subject. Serious modelers would be well- 
advised to enroll in the online Antenna Modeling course, 
part of the ARRL Certification and Continuing Educa- 
tion series. L. B. Cebik, W4RNL created the ARRL 
Antenna Modeling course and it contains a great deal 
of information, tips and techniques concerning modeling 
by computer. See: http://www.arrl.org/news/stories/ 
2002/02/06/2/ for more information. We also strongly rec- 
ommend that you read the Help files in EZNEC-ARRL. 
There is a wealth of practical information on the finer 
points of antenna modeling there. 


THE BASICS OF ANTENNA MODELING 


This chapter will discuss the following antenna- 
modeling topics for an NEC-2-based modeling software, 
using EZNEC-ARRL as an example: 

Program outputs 

Wire geometry 

Segmentation, warnings and limitations 

Source (feed point) placement 

Environment, including ground types and frequency 
Loads and transmission lines 

Testing the adequacy of a model 


PROGRAM OUTPUTS 


Instruction manuals for software programs tradition- 
ally start out describing in detail the input data needed 
by the program. They then demonstrate the output data 
the program can generate. We feel it is instructive, how- 
ever, to turn things around and start out with a brief over- 


view of the output from a typical antenna-modeling pro- 
gram. 

We’ll look at the output from public-domain NEC-2. 
Next, we’ll look at the output information available from 
commercial adaptations of NEC-2, using EZNEC-ARRL 
provided by W7EL. After this brief overview of the out- 
put data, we’ll look in detail at the input data needed to 
make a modeling program work. In the following discus- 
sions it will be very instructive if you to bring up EZNEC- 
ARRL on your computer and open the specific modeling 
files used in each example. [From now on in this chapter 
we’ll refer merely to EZNEC rather than EZNEC 3.0, the 
official name or EZNEC-ARRL, a specialized subset of 
EZNEC 3.0. Where there are specific differences between 
EZNEC 3.0 and the limited-edition EZNEC-ARRL we'll 
identify them.] 


Native NEC-2 


The native NEC-2 program produces pages and 
pages of output formatted for a mainframe “line printer.” 
You may be old enough to remember the stacks of green- 
and-white, tractor-feed, 132-column computer paper that 
such a line printer produced. Corporate MIS departments 
stored untold number of boxes of that paper. 

Native NEC-2 was written in the Fortran language, 
which stands for Formula Translation. Programmers used 
punched cards to enter the program itself and its accom- 
panying input data into huge mainframe computers. To 
say that the paper output from NEC-2 is massive, even 
intimidating, is putting it mildly. There is a strong dis- 
tinction between “useful information” and “raw data” and 
the raw output from native NEC-2 bombards the user with 
raw data. 

Commercial versions that use the NEC-2 computa- 
tional core shield the user from the ugliness of raw line- 
printer output, as well as punched-card input (or disk 
surrogates for punched cards). Commercial versions like 
EZNEC do produce output numerical tables where this is 
useful. These tables show parameters such as the source 
impedance and SWR at a single frequency, or the char- 
acteristics of a load or a transmission line. But as the old 
saying goes, “One picture is worth a thousand words.” 
This is as true for modeling programs as it is for other 
endeavors dealing with reams of numbers. Thus, most 
commercial modeling software packages create graphs 
for the user. EZNEC produces the following types of 
graphs: 


e Polar (linear-dB or ARRL-style) graphs of the far-field 
elevation and azimuth responses. 

e 3-D wire-frame graph of the total far-field response. 

e Graph of the SWR across a frequency band. 

e Graphical display of the RF currents on various con- 
ductors in a model. 

e Rotatable, zoomable 3-D views of the wires used to 
make a model. 

¢ Output to programs capable of generating Smith charts. 


Antenna Modeling & System Planning 4-3 


Fig 1A and 1B shows the computed far-field 2-D 
elevation and azimuth patterns for a 135-foot long hori- 
zontal dipole, mounted in a flattop configuration 50 feet 
above flat ground. These figures were generated using 
EZNEC at 3.75 MHz. Fig 1C shows a 3-D wire-frame 
picture of the far-field response, but this time at 14.2 MHz. 
For comparison, Table 1 shows a short portion of the line- 
printer output for the azimuth pattern at 3.75 MHz. The 
actual printout is many pages long. One picture can indeed 
replace thousands of numbers! 

Fig 2 shows the computed SWR curve over the fre- 
quency range 3.0 to 4.0 MHz for this dipole, fed with 
lossless 50-Q transmission line. EZNEC generated this 
plot using the “SWR” button. Figs 1 and 2 are typical of 
the kind of graphical outputs that commercial implemen- 
tations of the NEC-2 computing core can produce. 

Now, let’s get into the details of what kind of input 
data is required to run a typical method-of-moments 
antenna-modeling program. 


PROGRAM INPUTS: WIRE GEOMETRY 
Coordinates in an X, Y and Z World 


The most difficult part of using a NEC-type of mod- 
eling program is setting up the antenna’s geometry—you 
must condition yourself to think in three-dimensional, 
Cartesian coordinates. Each end point of a wire is repre- 
sented by three numbers: an x, y and z coordinate. These 
coordinates represent the distance from the origin (x-axis), 
the width of an antenna (y-axis), and the height (z-axis). 

An example should help sort things out. Fig 3 shows 
a simple model of a 135-foot center-fed dipole, made of 
#14 copper wire placed 50 feet above flat ground. The 
common term for this antenna is flattop dipole. For con- 
venience, the ground is located at the origin of the coor- 
dinate system, at (0, 0, 0) feet, directly under the center 
of the dipole. Fig 4 shows the EZNEC spreadsheet-like 
input data for this antenna. (Use model file: Ch4-Flattop 
Dipole.EZ.) EZNEC allows you to specify the type of 
conductor material from its main window, using the Wire 
Loss button to open a new window. We will click on the 
Copper button for this dipole. 

Above the origin, at a height of 50 feet on the 
z-axis, is the dipole’s feed point, called a source in NEC 
terminology. The width of the dipole goes toward the left 
(that is, in the “negative-y” direction) one-half the over- 
all length of 135 feet, or —67.5 feet. Toward the right, 
our dipole’s other end is at +67.5 feet. The x-axis dimen- 
sion of our dipole is zero, meaning that the dipole wire is 
parallel to and directly above the x-axis. The dipole’s ends 
are thus represented by two points, whose coordinates 
are (0, —67.5, 50) and (0, 67.5, 50) feet. The use of paren- 
theses with a sequential listing of (x, y, z) coordinates is 
a common practice among antenna modelers to describe 
a wire end point. 

Fig 3B includes some other useful information about 
this antenna beyond the wire geometry. Fig 3B overlays 
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the wire geometry, the current distribution along the wire 
and the far-field azimuth response, in this case at an ele- 
vation angle of 30°. 

Although not shown specifically in Fig 3, the thick- 
ness of the antenna is the diameter of the wire, #14 gauge. 
Note that native NEC programs specify the radius of the 











Max. Gain = 3.14 dBi 180 Elevation = 30 deg. 
(B) 3.75 MHz 





(C) 


Fig 1—At A, far-field elevation-plane pattern for a 135- 
foot-long horizontal dipole, 50 feet above flat ground, 
at 3.5 MHz. At B, the far-field azimuth-plane pattern at 
an elevation angle of 30°. 
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Fig 2—SWR curve for 135-foot flattop dipole over the 
frequency range 3.0 to 4.0 MHz for a 50-Q feed line. 
This antenna is an example and is not optimized for 
the amateur band. 


wire, rather than the diameter, but programs like EZNEC 
use the more intuitive diameter of a wire rather than the 
radius. EZNEC (and other commercial programs) also 
allows the user to specify the wire as an AWG gauge, 
such as #14 or #22, for example. 

We’ve represented our simple dipole in Fig 3 using 


Table 1 


a single, straight wire. In fact, all antenna models cre- 
ated for method-of-moment programs are made of com- 
binations of straight wires. This includes even complex 
antennas, such as helical antennas or round loops. (The 
mathematical basis for modeling complex antennas is that 
they can be simulated using straight-wire polygons. 
A circular loop, for example, can be modeled using an 
octagon.) 


Segmentation and Specifying a Source Segment 


We’ ve specified the physical geometry of this simple 
one-wire dipole. Now several more modeling details sur- 
face—you must specify the number of segments into 
which the dipole is divided for the method-of-moment 
analysis and you must somehow feed the antenna. The 
NEC-2 guideline for setting the number of segments is 
to use at least 10 segments per half-wavelength. This is a 
general rule of thumb, however, and in many models more 
dense segmentation is mandatory for good accuracy. 

In Fig 3, we’ve specified that the dipole be divided 
into 11 segments for operation on the 80-meter band. This 
follows the rule of thumb above, since the 135-foot dipole 
is about a half-wavelength long at 3.5 MHz. 


Setting the Source Segment 


The use of 11 segments, an odd rather than an even 
number such as 10, places the dipole’s feed point (the 


Portion of line-printer output from NEC-2 for 135-foot dipole. 


- -- RADIATION PATTERNS - - - 





-- ANGLES - - - POWER GAINS - - -- POLARIZATION - - - - - - E(THETA) - - - - - - E(PHI) - - - 
Theta Phi Vert Hor Total Axial Tilt Sense Magnitude Phase Magnitude Phase 
Degrees Degrees dB dB aB_ Ratio Degrees Volts Degrees Volts Degrees 
60.00 0.00 -999.99 3.14 3.14 0.00000 90.00 LINEAR 0.00000E+00 0.00 6.62073E-01 -66.87 
60.00 1.00 -37.87 3.13 3.14 0.00301 89.52 LEFT 5.89772E-03 -86.64 6.61933E-01 -66.87 
60.00 2.00 -31.85 3.13 3.13 0.00603 89.04 LEFT 1.17915E-02 -86.64 6.61512E-01 -66.87 
60.00 3.00 -28.33 3.12 3.12 0.00904 88.56 LEFT 1.76776E-02 -86.64 6.60812E-01 -66.87 
60.00 4.00 -25.84 3.11 3.11 0.01206 88.08 LEFT 2.35520E-02 -86.64 6.59834E-01 -66.87 
60.00 5.00 -23.91 3.09 3.10 0.01508 87.59 LEFT 2.94109E-02 -86.64 6.58577E-01 -66.87 
60.00 6.00 -22.34 3.07 3.08 0.01810 87.11 LEFT 3.52504E-02 -86.64 6.57045E-01 -66.87 
60.00 7.00 -21.01 3.05 3.06 0.02112 86.62 LEFT 4.10669E-02 -86.63 6.55237E-01 -66.87 
60.00 8.00 -19.87 3.02 3.04 0.02415 86.14 LEFT 4.68565E-02 -86.63 6.53158E-01 -66.87 
60.00 9.00 -18.86 2.99 3.02 0.02718 85.65 LEFT 5.26156E-02 -86.63 6.50808E-01 -66.87 
60.00 10.00 -17.96 2.95 2.99 0.03022 85.15 LEFT 5.83405E-02 -86.63 6.48190E-01 -66.87 
60.00 11.00 -17.15 2.91 2.96 0.03327 84.66 LEFT 6.40278E-02 -86.63 6.45308E-01 -66.86 
60.00 12.00 -16.42 2.87 2.92 0.03631 84.16 LEFT 6.96739E-02 -86.63 6.42165E-01 -66.86 
60.00 13.00 -15.75 2.83 2.89 0.03937 83.66 LEFT 7.52755E-02 -86.63 6.38764E-01 -66.86 
60.00 14.00 -15.13 2.78 2.85 0.04243 83.16 LEFT 8.08291E-02 -86.63 6.35108E-01 -66.86 
60.00 15.00 -14.56 2.72 2.80 0.04550 82.65 LEFT 8.63317E-02 -86.62 6.31203E-01 -66.86 
60.00 16.00 -14.03 2.66 2.76 0.04858 82.14 LEFT 9.17800E-02 -86.62 6.27051E-01 -66.86 
60.00 17.00 -13.53 2.60 2.71 0.05166 81.62 LEFT 9.71711E-02 -86.62 6.22657E-01 -66.85 
60.00 18.00 -13.07 2.54 2.66 0.05475 81.10 LEFT 1.02502E-01 -86.62 6.18027E-01 -66.85 
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Fig 3—At A, simple model for a 135-foot long 
horizontal dipole, 50 feet above the ground. The dipole 
is over the y-axis. The wire has been segmented into 11 
segments, with the center of segment number 6 as the 
feed point. The left-hand end of the antenna is -67.5 
feet from the center feed point and that the right-hand 
end is at 67.5 feet from the center. At B, EZNEC “View 
Antenna” drawing, showing geometry of wire and the x, 
y and z axes. Overlaid on the wire geometry drawing 
are the current distribution along the wire and the far- 
field azimuthal response at an elevation angle of 30°. 


source in NEC-speak, a word choice that can befuddle 
beginners) right at the antenna’s center, at the center of 
segment number six. In concert with the “EZ” in its name, 
EZNEC makes choosing the source segment easy by 
allowing the user to specify a percentage along the wire, 
in this case 50% for center feeding. 

At this point you may very well be wondering why 
no center insulator is shown in the middle of our center- 
fed dipole. After all, a real dipole would have a center 
insulator. However, method-of-moment programs assume 
that a source generator is placed across an infinitely small 
gap in the antenna wire. While this is convenient from a 
mathematical point of view, the unstated use of such an 
infinitely small gap often confuses newcomers to the 
world of antenna modeling. We’ll get into more details, 
caveats and limitations in source placement later in this 
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Fig 4—EZNEC “Wires” spreadsheet for simple flattop 
dipole in Fig 3. The numbers shown are in feet, except 
for the wire diameter, which EZNEC allows you to 
specify as an AWG gauge, in this case #14. Note that 
83 segments have been specified for this antenna for 
analysis over the range from 3.5 to 29.7 MHz. 


chapter. For now, just trust us that the model we’ve just 
described with 11 segments, fed at segment 6, will work 
well over the full amateur band from 3.5 to 4.0 MHz. 

Now, let’s consider what would happen if we want to 
use our 135-foot long dipole on all HF amateur bands from 
3.5 to 29.7 MHz, rather than just from 3.5 to 4.0 MHz. 
Instead of feeding such an antenna with coax cable, we 
would feed it with open-wire line and use an antenna tuner 
in the shack to create a 50-© load for the transmitter. To 
comply with the segmentation rule above, the number of 
segments used in the model should vary with frequency— 
or at least be segmented at or above the minimum recom- 
mended level at the highest frequency used. This is because 
a half wavelength at 29.7 MHz is 16.6 feet, while a half 
wavelength at 3.5 MHz is 140.6 feet. So the number of 
segments for proper operation on 29.7 MHz should be 10 
x 135/16.6 = 81. We’ll be a little more conservative than 
the minimum requirement and specify 83 segments. Fig 4 
shows the EZNEC input spreadsheet for this model. (Use 
model file: Ch4-Multiband Dipole.EZ.) 

The penalty for using more segments in a program 
like NEC is that the program slows down roughly as the 
square of the segments—double the number of segments 
and the speed drops to a fourth. If we try to use too few 
segments, we’ll introduce inaccuracies, particularly in 
computing the feed-point impedance. We’|I delve into this 
area of segmentation density in more detail later when 
we discuss testing the adequacy of a model. 


Segment Length-to-Wire-Diameter Ratio 


Even if you’re willing to live with the slowdown in 
computing speed for situations involving a large number 
of wire segments, you should make sure the ratio between 
the segment length and the diameter of any wire is greater 
than 1:1. This is to say that the length of each segment is 
longer than the diameter of the wire. Doing so stays away 
from internal limitations in the NEC program. 

For the #14 wire specified in this simple 135-foot long 
dipole, it’s pretty unlikely that you’ll bump up against this 
limitation for any reasonable level of segmentation. After 
all, #14 wire has a diameter of 0.064 inches and 135 feet 
is 1620 inches. To keep above a segment length of 
0.064 inches, the maximum number of segments is 1620/ 


0.064 = 25,312. This is a very large number of segments 
and it would take a very long time to compute, assuming 
that your program can handle that many segments. 

Keeping above a 1:1 ratio in segment length to wire 
diameter can be more challenging at VHF/UHF frequen- 
cies, however. This is particularly true for fairly large 
“wires” made of aluminum tubing. Incidentally, this is an- 
other point where newcomers to antenna modeling can be 
led astray by the terminology. In a NEC-type program, all 
conductors in a model are considered to be wires, even if 
they consist of hollow aluminum or copper tubes. Surface 
effect keeps the RF current in any conductor confined to 
the outer surface of that conductor, and thus it doesn’t mat- 
ter whether the conductor is hollow or solid, or even made 
using a number of stranded wires twisted together. 

Let’s look at a half-wave dipole at 420 MHz. This 
would be about 14.1 inches long. If you use '/4-inch 
diameter tubing for this dipole, the maximum segment 
length meeting the 1:1 diameter-to-length ratio require- 
ment is also '/s inches long. The maximum number of 
segments then would be 14.1/0.25 = 56.4, rounded down 
to 56. From this discussion you should now understand 
why method-of-moment programs are known for using a 
“thin-wire approximation.” Really fat conductors can get 
you into trouble, particularly at VHF/UHF. 


Some Caveats and Limitations 
Concerning Geometry 


Example: Inverted-V Dipole 


Now, let’s get a little more complicated and specify 
another 135-foot-long dipole, but this time configured as 
an inverted V. As shown in Fig 5, you must now specify 
two wires. The two wires join at the top, at (0, 0, 50) feet. 
(Again, the program doesn’t use a center insulator in the 
model.) 

If you are using a native version of NEC, you may 
have to go back to your high-school trigonometry book 
to figure out how to specify the end points of our “droopy” 
dipole, with its 120° included angle. Fig 5 shows the 
details, along with the trigonometric equations needed. 
EZNEC is indeed more “easy” here, since it allows you 
to tilt the ends of each wire downwards an appropriate 
number of degrees (in this case —30° at each end of the 
dipole) to automatically create an inverted-V configura- 
tion. Fig 6A shows the EZNEC spreadsheet describing 
this inverted-V dipole with a 120° included angle between 
the two wires. 

See the EZNEC Help section under “Wire Coordi- 
nate Shortcuts” for specific instructions on how to use 
the “elevation rotate end” shortcut “RE-—30” to create the 
sloping wires easily by rotating the end of the wire down 
30°. Now the specification of the source becomes a bit 
more complicated. The easiest way is to specify two 
sources, one on each end segment at the junction of the 
two wires. EZNEC does this automatically if you specify 
a so-called split-source feed. Fig 6B shows the two 







87.5'Long (0, 67.5x Sin60°, 


50 - 67.5xCos60°) 


(0, -67.5x Sin60°, 
50 — 67.5x Cos60°) 


X Adj 


Fig 5—Model for an inverted-V dipole, with an included 
angle between the two legs of 120°. Sine and cosine 
functions are used to describe the heights of the end 
points for the sloping arms of the antenna. 
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Fig 6—At A, EZNEC spreadsheet for inverted-V dipole 
in Fig 5. Now the ends of the inverted-V dipole are 
16.25 feet above ground, instead of 50 feet for the 
flattop dipole. At B, EZNEC “View Antenna” drawing, 
with overlay of geometry, current distribution and 
azimuth plot. 


sources as two open circles at the top ends of the two 
wires making up the inverted-V dipole. What EZNEC is 
doing is creating two sources, each on the closest seg- 
ments on either side of the junction of the two wires. 
EZNEC sums up the two source impedances to provide a 
single readout. 
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Navigating in the View Antenna Window 


At this point it’s worthwhile to explore some of the 
ways you can see what the wire geometry looks like using 
the EZNEC View Ant button on the main window. Bring 
up the file Ch4-Inverted V Dipole.EZ in EZNEC, and 
click on the View Ant button. You will see a small in- 
verted-V dipole raised over the (0, 0, 0) origin on the 
ground directly under the feed point of the inverted-V 
dipole. First, “rotate” the dipole by holding down the left- 
mouse button and moving the mouse. You can orient the 
picture any way you wish. 

Let’s take a closer look at the junction of the two wires 
at the feed point. Click the Center Ant Image checkbox 
toward the bottom of the window to anchor the center of 
the image at the center of the window, and then move the 
Zoom slider upwards to zoom in on the image. At some 
point the junction of the two slanted wires will move up 
off the edge of the window, so you will need to click on 
the left-hand side of the Z Move Image slider to bring the 
junction back into view. Now you should be able to see a 
zoomed view of the junction, along with the two open 
circles that represent the location of the split sources in 
the middle of the segments adjacent to the wire junction. 

Now put the mouse cursor over one of the slanted 
wires and double click the left-mouse button. EZNEC will 
now identify that wire and show its length, as well as the 
length of each segment on that wire. Pretty slick, isn’t it? 


Short, Fat Wires and the Acute-Angle Junction 


Another possible complication can arise for wires 
with short, fat segments, particularly ones that have only 
a small included angle between them. These wire seg- 
ments can end up inter-penetrating within each other’s 
volumes, leading to problems in a model. Once you think 
of each wire segment as a thick cylinder, you can appre- 
ciate the difficulty in connecting two wires together at 
their ends. The two wires always inter-penetrate each 
other’s volume to some extent. Fig 7 depicts this prob- 
lem graphically for two short, fat wires joined at their 
ends at an acute angle. A rule of thumb is to avoid creat- 
ing junctions where more than '/3 of the wire volumes 
inter-penetrate. You can achieve this by using longer seg- 
ment lengths or thinner wire diameters. 


Some Other Practical Antenna Geometries 
A Vertical Half-Wave Dipole 


If you turn the 135-foot-long horizontal dipole in 
Fig | onits end you will create a vertical half-wave dipole 
that is above the origin of the x, y and z axes. See Fig 8, 
where the bottom end of the dipole is placed 8 feet off 
the ground to keep it away from humans and animals for 
safety, at (0, 0, 8) feet. The top end is thus at 8 + 135 = 
143 feet off the ground at (0, 0, 143). Fig 8 also shows 
the current distribution and the elevation pattern for this 
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Fig 7—A junction of two short, fat wire segments at an 
acute angle. This results in inter-penetration of the two 
wire volumes beyond the middle-1/3 recommended 
limit. 


Fig 8—A vertical half-wave dipole, created by turning 
the dipole in Fig 3 on its end, with a minimum height at 
the lower end of 8 feet to keep the antenna away from 
people and animals. The current distribution and the 
elevation pattern for this antenna are also shown 
overlaid on the wire geometry. 


antenna. (Use EZNEC model file: Ch4-Vertical 
Dipole.EZ.) 


A Ground-Plane Antenna 


The ground-plane model is more complicated than 
previous ones because a total of five wires are now 
needed: one for the vertical radiator and four for the ra- 
dials. Fig 9 shows the EZNEC view for a 20-meter ground 
plane mounted 15 feet off the ground (perhaps on a ga- 
rage roof), with the overlay of both the current distribu- 
tion and the elevation-plane plot. (Use EZNEC model file: 
Ch4-GP.EZ.) Note that the source has been placed at the 








Fig 9—A vertical ground-plane antenna. The radials and 
the bottom of the vertical radiator are located 15 feet off 
the ground in this model. The current distribution along 
each wire and the far-field elevation-plane pattern are 
overlaid on the antenna geometry. 





Fig 10—EZNEC View Antenna for the ground-plane 
antenna with its four radials tilted downwards by 40° 
to improve the SWR at the feed point. 


bottom segment of the vertical radiator. Once again, the 
program needs no bottom insulator, since all five wires 
are connected together at a common point. EZNEC reports 
that this antenna has a resonant feed-point impedance of 
about 22 Q, which would show an SWR of 2.3:1 for a 
50-Q coax feed line if no matching system is used, such 
as a gamma or hairpin match. 

Fig 10 shows the same antenna, except that the 
radials have now been tilted downwards by 35° to facili- 
tate an almost perfect 50-Q match (SWR = 1.08:1). In 
addition, the length of the radiator in this model was short- 
ened by 6 inches to re-resonate the antenna. (Use EZNEC 
model file: Ch4-Modified GP.EZ.) The trick of tilting 
the radials downwards for a ground-plane antenna is an 
old one, and the modeling programs validates what hams 
have been doing for years. 





A 5-Element Horizontal Yagi 


This is a little more challenging modeling exercise. 
Let’s use a 5-element design on a 40-foot boom, but rather 
than using telescoping aluminum tubing for the elements, 
we'll use #14 wire. The SCALE program included with 
this book on the CD-ROM converted the aluminum- 
tubing 520-40.YW to a design using #14 copper wire. 
Table 2 shows the element lineup for this antenna. (Later 
in this chapter we'll see what happens when telescoping 
aluminum tubing is used in a real-world Yagi design.) 

Some explanations of what Table 3 means are in 
order. First, only one half of each element is shown. The 
YW program (Yagi for Windows), also included on the 
CD-ROM, computes the other half of the Yagi automati- 
cally, essentially mirroring the other half on the opposite 
side of the boom. Having to enter the dimensions for only 
half of a real-world Yagi element that uses telescoping 
aluminum tubing is much easier this way. 

Second, the placement of the elements along the 
boom starts at 0.0 inches for the reflector. The distance 
between adjacent elements defined in this particular file 
is the spacing between the element itself and the element 
just before it. For example, the spacing between the driven 
element and the reflector is 72 inches, and the spacing 
between the first director and the driven element is also 
72 inches. The spacing between the second director and 
the first director is 139 inches. 

Fig 11A shows the wire geometry for this Yagi array 
when it is mounted 720 inches (60 feet) above flat ground 
and Fig 11B shows the EZNEC Wires spreadsheet that 
describes the coordinates. (Use EZNEC model file: 
Ch4-520-40W.EZ.) You can see that the x-axis coordi- 
nates for the elements have been automatically moved 
by the SCALE program so that the center of the boom is 
located directly above the origin. This makes it easier to 
evaluate the effects of stacking different monoband Yagis 
on a rotating mast in a “Christmas Tree” arrangement. A 
typical Christmas Tree stack might include 20, 15 and 
10-meter monobanders on a single rotating mast sticking 
out of the top of the tower. 

Fig 12 shows the computed azimuth pattern for this 
Yagi at 14.175 MHz, at an elevation angle of 15°, the 
angle where the peak of the forward lobe occurs at this 


Table 2 


520-40W.YW, using #14 wire from 520-40H.YW 
14.000 14.174 14.350 MHz 


5 elements, inches 
Spacing .064 
0.000 210.923 
72.000 200.941 
72.000 199.600 
139.000 197.502 
191.000 190.536 
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Fig 11—At A, geometry for 5-element Yagi on a 40-foot 
boom, mounted 720 inches (60 feet) above flat ground, 
with an overlay of current and the azimuth pattern. At 
B, EZNEC Wires spreadsheet for this antenna. This 
design uses #14 wire for simplicity. 











Max. Gain = 14.34 dBi 


Elevation = 15 deg. 


Fig 12—EZNEC azimuth-plane pattern at an elevation 
angle of 15° for #14 wire Yagi described in Fig 11. 
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height above flat ground. The antenna exhibits excellent 
gain at 13.1 dBi, as well as a clean pattern behind the 
main lobe. The worst-case front-to-rear ratio at any point 
from 90° to 270° in azimuth is better than 23 dB. EZNEC 
says the feed-point impedance is 25 — j 23 Q, just the 
right impedance suited for a simple hairpin or gamma 
match. 


A Monoband 2-Element Cubical Quad 


Unlike a Yagi, with its elements existing only in the 
x-y plane, a quad type of beam is a three-dimensional 
sort of antenna. A quad loop has height in the z-axis, as 
well as width and length in the x-y plane. Each individual 
loop for a monoband quad consists of four wires, joined 
together at the corners. Fig 13 shows the coordinates for 
a 2-element 15-meter quad, consisting of a reflector and 
a driven element on a 10-foot boom. 

You can see that the axis of symmetry, the x-axis, 
runs down the center of this model, meaning that the ori- 
gin of this particular x, y and z-coordinate scheme is in 
the center of the reflector. The (0, 0, 0) origin is placed 
this way for convenience in assigning corner coordinates 
for each element. For actual placement of the antenna at 
a particular height above real ground, the heights of all 
z-axis coordinates are changed accordingly. EZNEC has 
a convenient built-in function to change the height of all 
wires at a single stroke. 

Fig 14 shows the input EZNEC spreadsheet for this 
quad in free space, clearly showing the symmetrical 
nature of the corner coordinates. (Use EZNEC model file: 
Ch4-Quad.EZ.) This is a good place to emphasize that 
you should enter the wire coordinates in a logical 
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Fig 13—Wire geometry for a 2-element cubical quad, 
with a reflector and driven element. The x-axis is the 
axis of symmetry for this free-space model. 
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Fig 14—EZNEC Wires spreadsheet showing the 
coordinates used for the quad in Fig 13. Note how the 
x-axis describes the position of an element on the 10- 
foot boom and also is the axis of symmetry for each 
element. The values for the z-axis and y-axis vary 
above and below the axis of symmetry. 


sequence. The most obvious example in this particular 
model is that you should group all the wires associated 
with a particular element together—for example, the four 
wires associated with the reflector should be in one place. 
In Fig 14 you can see that all four wires with an x-coor- 
dinate of zero represent the reflector. 

It’s best to follow a convention in entering wires in 
a loop structure in a logical fashion. The idea to connect 
the end point of one wire to the starting point of the next 
wire. For example, in Fig 13 you can see that the left- 
hand end of Wire 1 is connected to the bottom of Wire 2, 
and that the top of Wire 2 connects to the left-hand end 
of Wire 3. In turn, Wire 3 connects to the top of Wire 4, 
whose bottom end connects to the right-hand end of Wire 
1. The pattern is known as “going around the horn” mean- 
ing that the connections proceed smoothly in one direc- 
tion, in this case in a clockwise direction. 

You can see that the entry for the wires making up 
the elements in the 5-element Yagi in Fig 11B also pro- 
ceeded in an orderly fashion by starting with the reflec- 
tor, then the driven element, then director 1, then director 
2 and finally director 3. This doesn’t mean that you 
couldn’t mix things up, say by specifying the driven ele- 
ment first, followed by director 3, and then the reflector, 
or whatever. But it’s a pretty good bet that doing so in 
this quasi-random fashion will result in some confusion 
later on when you revisit a model, or when you let another 
person see your model. 


THE MODELING ENVIRONMENT 
The Ground 


Above, when considering the 135-foot dipole 
mounted 50 feet above flat earth, we briefly mentioned 
the most important environmental item in an antenna 
model—the ground beneath it. Let’s examine some of the 
options available in the NEC-2 environment in EZNEC: 


e Free space 
e Perfect ground 


MININEC type ground 
“Fast” type ground 
Sommerfeld-Norton ground. 


The free space environment option is pretty self- 
explanatory—the antenna model is placed in free space 
away from the influence of any type of ground. This 
option is useful when you wish to optimize certain char- 
acteristics of a particular antenna design. For example, 
you might wish to optimize the front-to-rear ratio of a 
Yagi over an entire amateur band and this might entail 
many calculation runs. The free-space ground will run 
the fastest among all the ground options. 

Perfect ground is useful as a reference case, espe- 
cially for vertically polarized antennas over real ground. 
Antenna evaluations over perfect ground are shown in 
most classical antenna textbooks, so it is useful to com- 
pare models for simple antennas over perfect ground to 
those textbook cases. 

MININEC type ground is useful when modeling ver- 
tical wires, or horizontal wires that are higher than 0.2 A 
above ground. A MININEC type ground will compute 
faster than either a “Fast” ground or a Sommerfeld-Norton 
type of ground because it assumes that the ground under 
the antenna is perfect, while still taking into account the 
far-field reflections for ground using user-specified val- 
ues of ground conductivity and dielectric constant. The 
fact that the ground under the antenna is perfect allows 
the NEC-2 user of a MININEC type ground to specify 
wires that touch (but don’t go below) the ground surface, 
something that only users of the advanced NEC-4 pro- 
gram can do with the more accurate Sommerfeld-Norton 
type of ground described below. (NEC-4 is presently not 
in the public domain and is strictly restricted and licensed 
by the US government.) The ability to model grounded 
wires is useful with vertical antennas. The modeler must 
be wary of the feed-point source impedances reported for 
either horizontally or vertically polarized wires because 
of the perfect-ground assumption inherent in a MININEC- 
type ground. 

The “fast” type of ground is a hybrid type of ground 
that makes certain simplifying assumptions that allow it 
to be used provided that horizontal wires are higher than 
about 0.1 A above ground. With today’s fast computers 
the Sommerfeld-Norton model is preferred. 

The Sommerfeld-Norton ground (referred to in 
EZNEC as the “high accuracy” ground) is preferable to 
the other ground types because it has essentially no prac- 
tical limitations for wire height. It has the disadvantage 
that it can run about four times slower than a MININEC 
type of ground, but today’s fast computers make that 
almost a non-issue. Again, NEC-2-based programs can- 
not model wires that penetrate into the ground (although 
there are work-arounds described below). 

As mentioned above, for any type of ground other 
than perfect ground or free space, the user must specify 
the conductivity and dielectric constant of the soil. EZNEC 
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allows the entry by several user-friendly categories, where 
6 is conductivity in Siemens/meter and € is dielectric con- 
stant: 


Extremely poor: cities, high buildings (6 = 0.001, €=3) 

Very Poor: cities, industrial (o = 0.001, € = 5) 

Sandy, dry (o = 0.002, € = 10) 

Poor: rocky, mountainous (6 = 0.002, ¢ = 13) 

Average: pastoral, heavy clay (o = 0.005, € = 13) 

Pastoral: medium hills and forestation (o = 0.006, 

€ = 13) 

e Flat, marshy, densely wooded (6 = 0.0075, € = 12) 

e Pastoral, rich soil, US Midwest (o = 0.010, € = 14) 

e Very Good: pastoral, rich, central US (o = 0.0303, 
€ = 20) 

e Fresh water (o = 0.001, € = 80) 

e Saltwater (o = 5, € = 80) 


Let’s use EZNEC’s ability to overlay one or more 
plots together on one graph to compare the response 
of the vertical ground plane antenna in Fig 9 for two 
different types of ground: Saltwater and Poor. Open the 
Ch4-GP.EZ file in EZNEC. Click the Ground Descrip 
button and then right-click anywhere in the Media win- 
dow that opens up. Choose first the “Poor: rocky, moun- 
tainous” option button, click OK and then FF Plot. When 
the elevation plot appears, click the File menu at the top 
of the main window, and then Save As. Choose an appro- 
priate name for the trace, perhaps “Poor Gnd.PF.” 

Go back and select saltwater as your Ground 
Descrip and follow the same procedure to compute the 
far-field plot for saltwater ground. Now, add the Poor 
Gnd.PF trace, by clicking menu selection File, Add 
Trace. Fig 15 shows this comparison, which greatly 
favors the saltwater environment, particularly at low 
elevation angles. At 5° the ground plane mounted over 
saltwater has about a 10 dB advantage compared to its 
landlocked cousin. 

You might be wondering what happens if we move 
the ground-plane antenna down closer to the ground. The 
lower limit to how far the radials can approach the lossy 
earth is 0.001 A or twice the diameter of the radial wire. 
A distance of 0.001 A at 1.8 MHz is about 6 inches, while 
it is 0.4 inches at 30 MHz. While NEC-2-based programs 
cannot model wires that penetrate the ground, radial sys- 
tems just above the ground with more than about eight 
radial wires can provide a work-around to simulate a 
direct-ground connection. 


Modeling Environment: Frequency 


It’s always a good idea to evaluate an antenna over 
a range of frequencies, rather than simply at a single spot 
frequency. Trends that become quite apparent on a fre- 
quency sweep are frequently lost when looking simply at 
a single frequency. Native NEC-2 has built-in frequency 
sweep capabilities, but once again the commercial pro- 
grams make the process easier to use and understand. You 


4-12 Chapter 4 





90 













lta 
CTP ERS 


\ 
pine 








Fig 15—A comparison of the elevation response for the 
vertical ground plane in Fig 9 over saltwater and over 
“poor: rocky, mountainous” soil. Saltwater works 
wonders for verticals, providing excellent low-angle 
signals. 





Fig 16—Frequency sweep of 5-element Yagi described 
in Fig 11, showing how the azimuth pattern changes 
with frequency. 


saw in the SWR curve in Fig 2 the result of one such 
frequency sweep using EZNEC. Fig 16 shows a frequency 
sweep of the azimuth response for the 5-element Yagi in 
Fig 11 across the 20-meter band, using steps of 117 kHz 
so there are four evaluation frequencies. At 14.0 MHz 
this Yagi’s gain is down a small amount compared to the 
gain at 14.351 MHz but the rearward pattern is notice- 
ably degraded, dropping to a front-to-back ratio of just 
under 20 dB. 

EZNEC can save to a series of output plot files a 
frequency sweep of elevation (or azimuth) patterns. In 
essence, this automates the process described above for 


saving a plot to disk and then overlaying it on another 
plot. EZNEC can save to a text file for later analysis (or 
perhaps importation into a spreadsheet) the following 
parameters, chosen by the user: 


Source data 

Load data 

Pattern data 

Current data 

MicroSmith numeric data 
Pattern analysis summary. 


Frequency Scaling 


EZNEC has a very useful feature that allows you to 
create new models scaled to a new frequency. You invoke 
the algorithm used to scale a model from one frequency 
to another by checking the Rescale box after you’ve 
clicked the Frequency button. EZNEC will scale all model 
dimensions (wire length, height and diameter) except for 
one specific situation—the wire diameter will stay the 
same at the new frequency if you originally specified wire 
size by AWG gauge. For example, #14 copper wire for a 
half-wave 80-meter dipole will stay #14 copper wire for 
a 20-meter half-wave dipole. If, however, you specified 
diameter as a floating point number originally, the diam- 
eter will be scaled by the ratio of new to old frequency, 
along with wire length and height. 

Start up EZNEC and open up the file Ch4-520-40W.EZ 
for the 5-element 20-meter Yagi on a 40-foot boom. Click 
the Frequency box and then check the Rescale check box. 
Now, type in the frequency of 28.4 MHz and click OK. You 
have quickly and easily created a new 5-element 10-meter 
Yagi, that is mounted 29.9949 feet high, the exact ratio of 
28.4 MHz to 14.1739 MHz, the original design frequency 
on 20 meters. Click the FF Plot button to plot the azimuth 
pattern for this new Yagi. You will see that it closely dupli- 
cates the performance of its 20-meter brother. Click Sre Dat 
to see that the source impedance is 25.38 —j 22.19 ©, again 
very close to the source data for the 20-meter version. 


REVISITING SOURCE SPECIFICATION 
Sensitivity to Source Placement 


Earlier, we briefly described how to specify a source 
on a particular segment using EZNEC. The sources for 
the relatively simple dipole, Yagi and quad models 
investigated so far have been in the center of an easy-to- 
visualize wire. The placement for the source on the verti- 
cal ground plane was at the bottom of the vertical radiator, 
an eminently logical place. In the other cases we speci- 
fied the position of the source at 50% of the distance along 
a wire, given that the wire being fed had an odd number 
of segments. Please note that in each case so far, the feed 
point (source) has been placed at a relatively low-imped- 
ance point, where the current changes relatively slowly 
from segment to segment. 


Now we’re going to examine some subtler source- 
placement problems. NEC-2 is well-known as being very 
sensitive to source placement. Significant errors can result 
from a haphazard choice of the source segment and the 
segments surrounding it. 

Let’s return to the inverted-V dipole in Fig 5. The 
first time we evaluated this antenna (Ch4-Inverted V 
Dipole.EZ) we specified a split source in EZNEC. This 
function uses two sources, one on each of the segments 
immediately adjacent to the junction of the two down- 
ward slanting wires. 

Another common method to create a source at the junc- 
tion of two wires that meet at an angle is to separate these 
two slanted wires by a short distance and bridge that gap 
with a short straight wire, which is fed at its center. Fig 17 
shows a close-up of this scheme. In Fig 17 the length of the 
segments surrounding the short middle wire are purposely 
made equal to the length of the middle wire. The segmenta- 
tion for the short middle wire is set to one. Table 3 lists the 
source impedance and the maximum gain the EZNEC com- 
putes for three different models: 


1. Ch4-Inverted V Dipole.EZ (the original model) 

2. Ch4-Inverted V Dipole Triple Segmentation.EZ 
3. Ch4-Modified Inverted V Dipole.EZ (as shown in 
Fig 17, for the middle wire set to be 2 feet long) 

4. Ch4-Mod Inverted V Poor Segmentation.EZ 
(where the number of segments on the two slanted 
wires have been increased to 200) 












Source 
on Short 
Middle Wire 


a BS 


Fig 17—Model of inverted-V dipole using a short center 
wire on which the source is placed. 


Table 3 
135-Foot Inverted-V Dipole at 3.75 MHz 


Case Segments Source Max. Gain 
Impedance Q dBi 

1 82 72.64 + j 128.2 4.82 

2 246 73.19 + j 128.9 4.82 

3 67 73.06 + j 129.1 4.85 

4 401 76.21 + j 135.2 4.67 
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Case 2 shows the effect of tripling the number of 
segments in Case |. This is a check on the segmentation, 
to see that the results are stable at a lower level compared 
to a higher level of segmentation (which theoretically is 
better, although slower in computation). We purposely 
set up Case 4 so that the lengths of the segments on either 
side of the single-segment middle wire are significantly 
different (0.33 feet) compared to the 2-foot length of the 
middle wire. 

The feed-point and gain figures for the first three 
models are close to each other. But you can see that the 
figures for the fourth model are beginning to diverge from 
the first three, with about a 5% overall change in the 
reactance and resistance compared to the average values, 
and about a 3% change in the maximum gain. This illus- 
trates that it is best to keep the segments surrounding the 
source equal or at least close to equal in length. We’ll 
soon examine a figure of merit called the Average Gain 
test, but it bears mentioning here that the average gain 
test is very close for the first three models and begins to 
diverge for the fourth model. 

Things get more interesting if the source is placed 
at a high-impedance point on an antenna—for example, 
in the center of a full-wave dipole—the value computed 
for the source impedance will be high, and things will be 
quite sensitive to the segment lengths. We’ll repeat the 
computations for the same inverted-V models, but this 
time at twice the operating frequency, at 7.5 MHz. 

Table 4 summarizes the results. The impedance is high, 
as expected. Note that the resistance term varies quite a bit 
for all four models, a range of about 23% around 
the average value. Interestingly, the poorly segmented model’s 
resistance falls in between the other three. The reactive terms 
are closer for all four models but still cover a range of 4% 
around the average value. The maximum gain shows the same 
tendancy to be somewhat lower in the fourth model com- 
pared to the first three and thus looks as potentially untrust- 
worthy at 7.5 MHz as it does at 3.75 MHz. 

This is, of course, but a small sampling of segmen- 
tation schemes, and caution dictates that you shouldn’t 
take these results as being representative of all possibili- 
ties. Nevertheless, the lesson to be learned here is that 
the feed-point (source) impedance can vary significantly 
at a point where the current is changing rapidly, as it does 
where a high impedance feed is involved. Another gen- 





Table 4 
135-Foot Inverted-V Dipole at 7.5 MHz 


Case Segments Source Max. Gain 
Impedance Q dBi 

1 82 2297 — j 2668 5.67 

2 246 1822 — j 2553 5.66 

3 67 1960 — j 2583 5.66 

4 401 2031 — j 2688 5.48 
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eral conclusion that can be drawn from Table 5 is that 
more segments, particularly if they surround the source 
segment improperly, is not necessarily better. 


Voltage and Current Sources 


Before we leave the topic of sources, you should be 
aware that programs like EZNEC and others have the abil- 
ity to simulate both voltage sources and current sources. 
Although native NEC-2 has several source types, voltage 
sources are the most commonly used by hams. Native 
NEC-2 doesn’t have a current source, but a current source 
is nothing more than a voltage source delivering current 
through a high impedance. Basic network theory says that 
every Thevenin voltage source has a Norton current 
source equivalent. Various commercial implementations 
) f 
NEC-2 approach the creation of a current source in 
slightly different fashions. Some use a high value of 
inductive reactance as a series impedance, while others 
use a high value of series resistance. 

Why would we want to use a current source instead 
of a voltage source in a model? The general-purpose 
answer is that models containing a single source at a single 
feed point can use a voltage source with no problems. 
Models that employ multiple sources, usually with dif- 
ferent amplitudes and different phase shifts, do best with 
current sources. 

For example, phased arrays feed RF currents at dif- 
ferent amplitudes and phase shifts into two or more ele- 
ments. The impedances seen at each element may be very 
different—some impedances might even have negative 
values of resistance, indicating that power is flowing out 
of that element into the feed system due to mutual cou- 
pling to other elements. Having the ability to specify the 
amplitude and phase of the current, rather than a feed 
voltage, at a feed point in a program like EZNEC is a 
valuable tool. 

Next, we examine one more important aspect of 
building a model, setting up loads. After that, we’ll look 
into two tests for the potential accuracy of a model. These 
tests can help identify source placement, as well as other 
problems. 


LOADS 


Many ham antennas, in particular electrically short 
ones, employ some sort of loading to resonate the sys- 
tem. Sometimes loading takes the form of capacitance 
hats, but these can and should be modeled as wires con- 
nected to the top of a vertical radiator. A capacitance hat 
is not the type of loading we’ll explore in this section. 

Here, the term loads refers to discrete inductances, 
capacitances and resistances that are placed at some point 
(or points) in an antenna system to achieve certain effects. 
One fairly common form of a load is a loading coil used 
to resonate an electrically short antenna. Another form 
of load often seen in ham antennas is a trap. EZNEC has 


a special built-in function to evaluate parallel-resonant 
traps, even at different frequencies beyond their main 
parallel resonance. 

Just for reference, a more subtle type of load is a 
distributed material load. We encountered just such a load 
in our first model antenna, the 135-foot long flattop 
dipole—although we didn’t identify it specifically as a 
load at that time. Instead, it was identified as a “wire loss” 
associated with copper. 

The NEC-2 core program has the capability of simu- 
lating a number of built-in loads, including distributed 
material and discrete loads. EZNEC implements the fol- 
lowing discrete loads: 


e Series R+j X loads. 

e Series R-L-C loads, specified in Q of resistance, WH 
of inductance and pF of capacitance. 

e Parallel R-L-C loads, specified in Q of resistance, WH 
of inductance and pF of capacitance. 

e Trap loads, specified in Q of resistance in series with 
WH of inductance, shunted by pF of capacitance, at a 
specific frequency. 

e Laplace loads, specified as mathematical Laplace 
coefficients (sometimes used in older modeling programs 
and left in EZNEC for backwards compatibility). 


It is important to recognize that the discrete loads in 
an antenna modeling program do not radiate and they 
have zero size. The NEC-2 discrete loads are described 
by L. B. Cebik in his antenna modeling course as being 
mathematical loads. The fact that NEC-2 loads do not 
radiate means that the popular mobile antennas that use 
helical loading coils wound over a length of fiberglass 
whip cannot be modeled with NEC-2, because such coils 
do radiate. 

Let’s say that we want to put a air-wound loading coil 
with an unloaded Q of 400 at the center of a 40-foot long, 
50-foot high, flattop dipole so that it is resonant at 7.1 MHz. 
The schematic of this antenna is shown in Fig 18. Examine 
the modeling file Ch4-Loaded Dipole.EZ to see how a dis- 
crete series RL load is used to resonate this short dipole at 
7.1 MHz, with a feed-point (source) impedance of 25.3 Q. 
This requires a series resistance of 1.854 © and an inductive 
reactance of +741.5 Q. Note that we again used a single wire 
to model this antenna, and that we placed the load at a point 
50% along the length of the wire. 

This load represents a 16.62 WH coil with an 
unloaded Q of 741.5/1.854 = 400, just what we wanted. 
Let’s assume for now that we use a perfect transformer 
to transform the 25.3-Q source impedance to 50 Q. If we 
now attempt to run a frequency sweep over the whole 
40-meter band from 7.0 to 7.3 MHz, the load reactance 
and resistance will not change, since we specified fixed 
values for reactance and resistance. Hence, the source 
impedance will be correct only at the frequency where 
the reactance and resistance are specified, since the reac- 
tance changes with frequency. 





(0, -20, 50) (0, 0, 50) (0, 0, 50) (0, 20, 50) 


Fig 18—Schematic diagram of a 40-foot long flattop 
dipole with a loading coil placed at the center. This coil 
has an unloaded Q of 400 at 7.1 MHz. 
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Fig 19—SWR graph of the loaded 40-foot long flattop 
dipole shown in Fig 18. 


So let’s use another load capability and substitute a 
16.62 WH coil with a series 1.854-Q resistance at 7.1 MHz. 
We'll let EZNEC take care of the details of computing 
both the reactance and the changing series resistance at 
various frequencies. The degree that both reactance and 
series loss resistance of the coil change with frequency 
may be viewed using the Load Dat button from the main 
EZNEC window. 

Fig 19 shows the computed SWR curve for a 
25.3-Q. Alt SWR ZO reference resistance. The 2:1 SWR 
bandwidth is about 120 kHz. As could be expected, the 
antenna has a rather narrow bandwidth because it is elec- 
trically short. 


ACCURACY TESTS 


There are two tests that can help identify accuracy 
problems in a model: 


e The Convergence test. 
e The Average Gain test. 


Convergence Test 


The idea behind the Convergence test is simple: If 
you increase the segmentation in a particular model and 
the results changes more than you’d like, then you 
increase the segmentation until the computations converge 
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to a level that is suitable to you. This process has the 
potential for being subjective, but simple antenna mod- 
els do converge quickly. In this section, we’ll review sev- 
eral more of the antennas discussed previously to see how 
they converge. 

Let’s go back to the simple dipole in Fig 3. The origi- 
nal segmentation was 11 segments, but we’ll start with a 
very low value of segmentation of three, well below the 
minimum recommended level. Table 5 shows how the 
source impedance and gain change with increase in seg- 
mentation at 3.75 MHz. For this simple antenna, the gain 
levels off at 6.50 dBi by the time the segmentation has 
reached 11 segments. Going to ten times the minimum- 
recommended level (to 111 segments) results in an 
increase of only 0.01 dBi in the gain. 

Arguably, the impedance has also stabilized by the 
time we reach a segmentation level of 11 segments, 
although purists may opt for 23 segments. The tradeoff 
is a slowdown in computational speed. 

Let’s see how the 5-element Yagi model converges 
with changes in segmentation level. Table 6 shows how 
the source impedance, gain, 180° front-to-back ratio and 
worst-case front-to-rear ratio change with segmentation 
density. By the time the segmentation has reached 11 seg- 
ments per wire, the impedance and gain have stabilized 
quite nicely, as has the F/R. The 180° F/B is still increas- 
ing with segmentation level until about 25 segments, but 
arelatively small shift in frequency will change the maxi- 
mum F/B level greatly. For example, with 11 segments 
per wire, shifting the frequency to 14.1 MHz—a shift of 
only 0.5%— will change the maximum 180° F/B from 
almost 50 dB down to 27 dB. For this reason the F/R is 
considered a more reliable indicator of the adequacy of 
the segmentation level than is F/B. 


Average Gain Test 


The theory behind the Average Gain test is a little 
more involved. Basically, if you remove all intentional 
losses in a model, and if you place the antenna either in 
free space or over perfect ground, then all the power fed 
to the antenna should be radiated by it. Internally, the 
program runs a full 3-D analysis, adding up the power in 
all directions and then dividing that sum by the total power 
fed to the antenna. Since NEC-2 is very sensitive about 
source placement, as mentioned before, the Average Gain 
test is a good indicator that something is wrong with the 
specification of the source. 

Various commercial versions of NEC-2 handle the 
Average Gain test in different ways. EZNEC requires the 
operator to turn off all distributed losses in wires or set 
to zero any discrete resistive losses in loads. Next you 
set the ground environment to free space (or perfect 
ground) and request a 3-D pattern plot. EZNEC will then 
report the average gain, which will be 1.000 if the model 
has no problems. The average gain can be lower or higher 
than 1.000, but if it falls within the range 0.95 to 1.05 it 
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Table 5 

135-Foot Flattop Dipole at 3.75 MHz 

Segments Source Max. Gain 

Impedance Q dBi 

3 85.9 + j 128.0 6.34 

5 86.3 + (128.3 6.45 

7 86.8 + j 128.8 6.48 

11 87.9 +/129.5 6.50 

23 88.5 + / 130.3 6.51 

45 89.0 + / 130.8 6.51 

101 89.4 + / 131.1 6.51 

Table 6 

5-element Wire Yagi at 14.1739 MHz 

Segments Source Max. Gain 180° F/B F/R 
Impedance Q dBi dB dB 

3 28.5 — j 30.6 12.79 23.2 22.4 

5 26.3 — 25.6 13.02 30.5 23.1 

7 25.6 — j 24.0 13.07 34.8 23.1 

11 25.1 — j 22.9 13.09 39.9 23.1 

25 24.9 — {22.0 13.10 43.7 23.1 

99 24.7 —j21.5 13.10 44.2 23.1 


is usually considered adequate. 

As L. B. Cebik, W4RNL, stated in his ARRL Certi- 
fication and Continuing Education Course on antenna 
modeling: “Like the convergence test, the average gain 
test is a necessary but not a sufficient condition of model 
reliability.” Pass both tests, however, and you can be pretty 
well sure that your model represents reality. Pass only 
one test, and you have reason to worry about how well 
your model represents reality. 

Once again, open the model file Ch4-Mod 
Inverted V Poor Segmentation.EZ and set Wire Loss to 
zero, Ground Type to Free Space and Plot Type to 
3-Dimensional. Click on the FF Plot button. EZNEC will 
report that the Average Gain is 0.955 = —0.2 dB. This is very 
close to the lower limit of 0.95 considered valid for excellent 
accuracy. This is a direct result of forcing the segment lengths 
adjacent to the source segment to be considerably shorter 
than the source segment’s length. The gain reported using 
this test would be approximately —0.2 dB from what it should 
be—just what Table 4 alludes to also. 

Now, let’s revisit the basic model Ch4-Inverted 
V Dipole.EZ and look at Case 2 in Table 4. Case 2 
amounts to a Convergence test for the basic inverted-V 
model. Since the impedance and gain changes were small 
comparing the basic model to the one using three times 
the number of segments, the model passed the Conver- 
gence test. The Average Gain test for the basic model 
yields a value of 0.991, well within the limits for good 
accuracy. This model has thus passed both tests and can 
be considered accurate. 


Running the Average Gain test for the 5-element Yagi 
(using 11 segments per wire and whose convergence we 
examined in Table 6) yields a value of 0.996, again well 
within the bounds indicating a good model. And the 
simple flattop dipole with 11 segments at 3.75 MHz yields 
an Average Gain result of 0.997, again indicating a very 
accurate model. 


OTHER POSSIBLE MODEL 
LIMITATIONS 


Programs based on the NEC-2 core computational 
code have several well-documented limitations that you 
should know about. Some limitations have been removed 
in the restricted-access NEC-4 core (which is not gener- 
ally available to users), but other limitations still exist, 
even in NEC-4. 


Closely Spaced Wires 


If wires are spaced too close to each other, the 
NEC-2 core can run into problems. If the segments are 
not carefully aligned, there also can be problems with 
accuracy. The worst-case situation is where two wires 
are so close together that their volumes actually merge 
into each other. This can happen where wires are thick, 
parallel to each other and close together. You should keep 
parallel wires separated by at least several diameters. 

For example, #14 wire is 0.064 inches in diameter. The 
tule then is to keep parallel #14 wires separated by more 
than 2 x 0.064 = 0.128 inches. And you should run the Con- 
vergence test to assure yourself that the solution is indeed 
converging when you have closely spaced wires, especially 
if the two wires have different diameters. To model anten- 
nas containing closely spaced wires, very often you will need 
many more segments than usual and you must also care- 
fully ensure that the segments line up with each other. 

Things can get a little more tricky when wires cross 
over or under each other, simply because such crossings 
are sometimes difficult to visualize. Again, the rule is to 
keep crossing wires separated by more than two diam- 
eters from each other. And if you intend to join two wires 
together, make sure you do so at the ends of the two wires, 
using identical end coordinates. When any or all of these 
rules are violated, the Convergence and Average Gain tests 
will usually warn you of potential inaccuracies. 


Parallel-Wire Transmission Lines and LPDAs 


A common example of problems with closely spaced 
wires is when someone attempts to model a parallel-wire 
transmission line. NEC-2-based programs usually do not 
work as well in such situations as do MININEC-based 
programs. The problems are compounded if the diam- 
eters are different for the two wires simulating a parallel- 
wire transmission line. In NEC-2 programs, it is usually 
better to use the built-in “perfect transmission line” func- 
tion than to try to model closely spaced parallel wires as 
a transmission line. 


For example, a Log Periodic Dipole Array (LPDA) 
is composed of a series of elements fed using a transmis- 
sion line that reverses the phase 180° at each element. In 
other words, the elements are connected to a transmis- 
sion line that reverses connections left-to-right at each 
element. It is cumbersome to do so, but you could model 
such a transmission line using separate wires in EZNEC, 
but it is a potentially confusing and a definitely painstak- 
ing process. Further, the accuracy of the resulting model 
is usually suspect, as shown by the Average Gain test. 

It is far easier to use the Trans Lines function from 
the EZNEC main window to accurately model an LPDA. 
See Fig 20, which shows the Trans Lines window for 
the 9302A.EZ 16-element LPDA. There are 15 transmis- 
sion lines connecting the 16 elements, placed at the 50% 
point on each element, with a 200-© characteristic 
impedance and with Reversed connections. 


Fat Wires Connected to Skinny Wires 


Another inherent limitation in the NEC-2 computa- 
tional core shows up when modeling several popular ham- 
radio antennas: many Yagis and some quads. 


Tapered Elements 


As mentioned before, many Yagis are built using tele- 
scoping aluminum tubing. This technique saves weight and 
makes for a more flexible and usually stronger element, 
one that can survive wind and ice loading better than a 
“monotaper” element design. Many vertical antennas are 
also constructed using telescoping aluminum tubing. 

Unfortunately, native NEC-2 doesn’t model accu- 
rately such tapered elements, as they are commonly 
called. There is, however, a sophisticated and accurate 
work-around for such elements, called the Leeson cor- 
rections. The Leeson corrections, derived by Dave 
Leeson, W6NL, from pioneering work by Schelkunoff at 
Bell Labs, compute the diameter and length of an ele- 
ment that is electrically equivalent to a tapered element. 
This monotaper element is much easier to use in a pro- 
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Fig 20—Transmission-line window for the 9302A.EZ 
16-element LPDA. Note that the transmission lines 
going between elements are “reversed,” meaning 
that they are 180° out-of-phase at each element, a 
requirement for properly feeding an LPDA. 
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Table 7 


5-element Yagi at 14.1739 MHz with Telescoping Aluminum Elements 


With Leeson Corrections 


Freq. Source Impedance Gain F/R 
MHz Q dBi dB 
14.0 23.2 — j 26.5 14.82 23.3 
14.1 22.7 — j 20.5 14.87 22.8 
14.2 22.8 — {14.8 14.87 22.7 
14.3 22.5 -j11.9 14.76 21.5 
14.4 14.5 -f10.5 14.45 19.9 


gram like NEC-2. See Chapter 2, Antenna Fundamen- 
tals, for more information on the Leeson corrections. 

EZNEC and other NEC-2 programs can automati- 
cally invoke the Leeson corrections, providing that some 
basic conditions are met—and happily, these conditions 
are true for the telescoping aluminum-tubing elements 
commonly used as Yagi elements. EZNEC gives you the 
ability to disable or enable Leeson corrections, under the 
Option menu, under Stepped Diameter Correction, 
EZNEC’s name for the Leeson corrections. Open the 
modeling file 520-40H.EZ, which contains tapered alu- 
minum tubing elements and compare the results using 
and without using the Leeson corrections. 

Table 7 lists the differences over the 20-meter band, 
with the 5-element Yagi at a height of 70 feet above flat 
ground. You can see that the non-Leeson corrected fig- 
ures are very different from the corrected ones. At 
14.3 MHz, the pattern for the non-corrected Yagi has 
degenerated to a F/R of 3.1 db, while at 14.4 MHz, just 
outside the top of the Amateur band, the pattern for the 
non-corrected antenna actually has reversed. Even at 
14.2 MHz, the non-corrected antenna shows a low source 
impedance, while the corrected version exhibits smooth 
variations in gain, F/R and impedance across the whole 
band, just as the actual antenna exhibits. 


Some Quads 


Some types of cubical quads are made using a combina- 
tion of aluminum tubing and wire elements, particularly in 
Europe where the “Swiss” quad has a wide following. Again, 
NEC-2-based programs don’t handle such tubing/wire ele- 
ments well. It is best to avoid modeling this type of antenna, 
although there are some ways to attempt to get around the 
limitations, ways that are beyond the scope of this chapter. 


NEAR-FIELD OUTPUTS 


FCC regulations set limits on the maximum permis- 
sible exposure (MPE) allowed from the operation of 
radio transmitters. These limits are expressed in terms of 
the electric (V/m) and magnetic fields (A/m) close to an 
antenna. NEC-2-based programs can compute the electric 
and magnetic near fields and the FCC accepts such compu- 
tations to demonstrate that an installation meets their regu- 
latory requirements. See Chapter 1, Safety, in this book. 
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Without Leeson Corrections 





Source Impedance Gain F/R 
Q dBi dB 
22.4 — j 12.7 14.92 23.1 
18.6 —j12.5 14.70 21.6 
6.6 —/ 4.6 14.01 16.2 
1.9+/10.6 10.61 3.1 
1.6 + j 23.7 11.15 -11.4 
Table 8 


E- and H-Field Intensities for 1500 W into 
5-Element Yagi at 70 Feet on 14.2 MHz 


Height H-Field E-Field 
Feet (A/m) (V/m) 

0 0.04 44 

10 0.03 13.8 
20 0.04 20.6 
30 0.06 22.6 
40 0.08 25.8 
50 0.10 33.8 
60 0.12 41.5 
70 0.12 44.3 





We’ll continue to use the 5-element Yagi at 70 feet 
to demonstrate a near-field computation. Open 
Ch4-520-40H.EZ in EZNEC and choose Setups and then 
Near Field from the menu at the top of the main window. 
Let’s calculate the E-field and H-field intensity for a power 
level of 1500 W (chosen using the Options, Power Level 
choices from the main menu) in the main beam at a fixed 
distance, say 50 feet, from the tower base. We’ll do this at 
various heights, using 10-foot increments of height, in 
order to see the lobe structure of the Yagi at 70 feet height. 

Table 8 summarizes the total H- and E-field intensi- 
ties as a function of height. As you might expect, the fields 
are strongest directly in line with the antenna at a height 
of 70 feet. At ground level, the total fields are well within 
the FCC limits for rf exposure for both fields. In fact, the 
fields are within the FCC limits if someone were to stand 
at the tower base, directly under the antenna. 


ANTENNA MODELING SUMMARY 


This section on antenna modeling is by necessity 
only a brief introduction to the science of antenna mod- 
eling. The subject is partly art as well as science because 
there are usually several ways of creating a model for a 
particular antenna or antennas. 

Indeed, the presence of other wires surrounding a 
particular antenna can affect the performance of that 
antenna. Finally, there are the practical aspects of putting a 
actual antenna up in the real world. We’ll explore this next. 


Practical Aspects, Designing Your Antenna System 


The most important time spent in putting together 
an antenna system is the time spent in planning. In Chap- 
ter 3, The Effects of Ground, we outlined the steps needed 
to evaluate how your local terrain can affect HF commu- 
nications. There we emphasized that you need to com- 
pare the patterns resulting from your own terrain to the 
statistically relevant elevation angles needed for cover- 
age of various geographic areas. (The elevation-angle sta- 
tistics were developed in Chapter 23, Radio Wave 
Propagation and are located on the CD-ROM included 
with this book, as is the terrain-assessment program 
HFTA.) 

The implicit assumptions in Chapter 3 are (1) that 
you know where you want to talk to, and (2) that you’d 
like the most effective system possible. At the start of 
such a theoretical analysis, cost is no object. Practical 
matters, like cost or the desires of your spouse, can come 
later! After all, you’re just checking out all the possibili- 
ties. If nothing else, you will use the methodology in 
Chapter 3 to evaluate any property you are considering 
buying so that you can build your “dream station.” 

Next, in the first part of this chapter we described 
modeling tools used to evaluate different types of anten- 
nas. These modeling tools can help you evaluate what 
type of antenna might be suitable to your own particular 
style of operating. Do you want a Yagi with a lot of 
rejection of received signals from the rear? Let’s say that 
terrain analysis shows that you need an antenna at least 
50 feet high. Do you really need a steel tower, or would a 
simple dipole in the trees serve your communication needs 
just fine? How about a vertical in your backyard? Would 
that be inconspicuous enough to suit your neighbors and 
your own family, yet still get you on the air? 

In short, using the techniques and tools we’ve pre- 
sented in Chapters 3, 23 and here in Chapter 4, you can 
scientifically plan an antenna system that will be best 
suited for your own particular conditions. Now, however, 
you have to get practical. Thinking through and planning 
the installation can save a lot of time, money and frustra- 
tion. While no one can tell you the exact steps you should 
take in developing your own master plan, this section, 
prepared originally by Chuck Hutchinson, K8CH, should 
help you with some ideas. 


WHAT DO YOU REALLY WANT? 


Begin planning by spelling out your communications 
desires. What bands are you interested in? Who (or where) 
do you want to talk to? When do you operate? How much 
time and money are you willing to spend on an antenna 
system? What physical limitations affect your master 
plan? 

From the answers to the above questions, begin to 
formulate goals—short, intermediate and long range. Be 
realistic about those goals. Remember that there are three 


station effectiveness factors that are under your control. 
These are: operator skill, equipment in the shack, and the 
antenna system. There is no substitute for developing 
operating skills. Some tradeoffs are possible between 
shack equipment and antennas. For example, a high-power 
amplifier can compensate for a less than optimum 
antenna. By contrast, a better antenna has advantages for 
receiving as well as for transmitting. 

Consider your limitations. Are there regulatory 
restrictions on antennas in your community? Are there 
any deed restrictions or covenants that apply to your prop- 
erty? Do other factors (finances, family considerations, 
other interests, and so forth) limit the type or height of 
antennas that you can erect? All of these factors must be 
investigated because they play a major role determining 
the type of antennas you erect. 

Chances are that you won’t be able to immediately 
do all you desire. Think about how you can budget your 
resources over a period of time. Your resources are your 
money, your time available to work, materials you may 
have on hand, friends that are willing to help, etc. One 
way to budget is to concentrate your initial efforts on a 
given band or two. If your major interest is in chasing 
DX, you might want to start with a very good antenna for 
the 14-MHz band. A simple multiband antenna could ini- 
tially serve for other frequencies. Later you can add bet- 
ter antennas for those other bands. 


SITE PLANNING 


A map of your property or proposed antenna site 
can be of great help as you begin to consider alternative 
antennas. You'll need to know the size and location of 
buildings, trees and other major objects in the area. Be 
sure to note compass directions on your map. Graph or 
quadrille paper (or a simple CAD program) can be very 
useful for this purpose. See Fig 21 for an example. It’s a 
good idea to make a few photocopies of your site map so 
you can mark on the copies as you work on your plans. 

Use your map to plan antenna layouts and locations 
of any supporting towers or masts. If your plan calls for 
more than one tower or mast, think about using them as 
supports for wire antennas. As you work on a layout, be 
sure to think in three dimensions even though the map 
shows only two. 

Be sensitive to your neighbors. A 70-foot guyed 
tower in the front yard of a house in a residential neigh- 
borhood is not a good idea (and probably won’t comply 
with local ordinances!). You probably will want to locate 
that tower in the back yard. 


ANALYSIS 


Use the information earlier in this chapter and in 
Chapters 3 and 23 to analyze antenna patterns in both 


Antenna Modeling & System Planning 4-19 




















































































































































































































Straat 


Fig 21—A site map such this one is a useful tool for 
planning your antenna installation. 


horizontal and vertical planes towards geographic areas 
of interest. If you want to work DX, you’ll want anten- 
nas that radiate energy at low as well as intermediate 
angles. An antenna pattern is greatly affected by the pres- 
ence of ground and by the local topography of the ground. 
Therefore, be sure to consider what effect ground will 
have on the antenna pattern at the height you are consid- 
ering. A 70-foot high antenna is approximately '/2, 1, 1!/ 
2 and 2 wavelengths (A) high on 7, 14, 21 and 28 MHz 
respectively. Those heights are useful for long-distance 
communications. The same 70-foot height represents only 
A/4 at 3.5 MHz, however. Most of the radiated energy 
from a dipole at that height would be concentrated straight 
up. This condition is not great for long-distance commu- 
nication, but can still be useful for some DX work and 
excellent for short-range communications. 

Lower heights can be useful for communications. 
However, it is generally true that “the higher, the better” 
as far as communications effectiveness is concerned. This 
general rule of thumb, of course, should be tempered by 
an exact analysis of your local terrain. Being located at 
the top of a steep hill can mean that you can use lower 
tower heights to achieve good coverage. 

There may be cases where it is not possible to install 
low-frequency dipoles at 4/4 or more above the ground. 
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A vertical antenna with many radials is a good choice for 
long-distance communications. You may want to install 
both a dipole and a vertical for the 3.5- or 7-MHz bands. 
On the 1.8-MHz band, unless extremely tall supports are 
available, a vertical antenna is likely to be the most use- 
ful for DXing. You can then choose the antenna that per- 
forms best for a given set of conditions. A low dipole 
will generally work better for shorter-range communica- 
tions, while the vertical will generally be the better per- 
former over longer distances. 

Consider the azimuthal pattern of fixed antennas. 
You'll want to orient any fixed antennas to favor the 
directions of greatest interest to you. 


BUILDING THE SYSTEM 


When the planning is completed, it is time to begin 
construction of the antenna system. Chances are that you 
can divide that construction into a series of phases or 
steps. Say, for example, that you have lots of room and 
that your long-range plan calls for a pair of towers, one 
100-feet high, and the other 70-feet high, to support 
monoband Yagi antennas. The towers will also support a 
horizontal 3.5-MHz dipole, for DX work. On your map 
you’ve located them so the 80-meter dipole will be broad- 
side to Europe. You decide to build the 70-foot tower with 
a “triband” beam and 80- and 40-meter inverted-V 
dipoles to begin the project. 

In your master plan you design the guys, anchors 
and all hardware for the 70-foot tower to support the load 
of stacked 4-element 10- and 15-meter monobanders 
Yagis. So you make sure you buy a heavy-duty rotator 
and the stout mast needed for the monoband antennas 
later. Thus you avoid having to buy, and then sell, a 
medium-duty rotator and lighter weight tower equipment 
later on when you upgrade the station. You could have 
saved money in the long run by putting up a monoband 
beam for your favorite band, but you decided that for now 
it is more important to have a beam on 14, 21 and 28 MHz, 
so you choose a commercial triband Yagi. 

The second step of your plan calls for installing the 
second tower and stacking a 2-element 40-meter and a 
4-element 20-meter monoband Yagi on it. You also plan 
to replace the tribander on the 70-foot tower with stacked 
4-element 10- and 15-meter monoband Yagis. Although 
this is still a “dream system” you can now apply some of 
the modeling techniques discussed earlier in this chapter 
to determine the overall system performance. 


Modeling Interactions at Your Dream Station 


In this analysis we’re going to assume that you have 
sufficient real estate to separate the 70- and 100-foot tow- 
ers by 150 feet so that you can easily support an 80-meter 
dipole between them. We’ll also assume that you want 
the 80-meter dipole to have its maximum response at a 
heading of 45° into Europe from your location in 
Newington, Connecticut. The dipole will also have a lobe 
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Fig 22—Layout for two-tower antenna system, at 70 
and 100 feet high and 150 feet apart. The 70-foot tower 
has a 4-element 10-meter Yagi at 80 feet on a 10-foot 
rotating mast and a 4-element 15-meter Yagi at 70 feet. 
An 80-meter dipole goes from the 70-foot tower to the 
100-foot tower, which holds a 2-element 40-meter Yagi 
at 110 feet and a 4-element 20-meter Yagi at 100 feet. In 
this figure all the rotatable Yagis are facing the 
direction of Europe and the currents on the 15-meter 
Yagi are shown. Note the significant amount of current 
re-radiated by the nearby 80-meter dipole. 


facing 225° towards the USA and New Zealand, making 
it a good antenna for both domestic contacts and DX work. 

Let’s examine the interactions that occur between the 
rotatable Yagis for 10, 15, 20 and 40 meters. See Fig 22, 
which purposely exaggerates the magnitude of the currents 
on the 4-element 15-meter Yagi mounted at 70 feet. Here, 
both sets of Yagis have been rotated so that they are point- 
ing into Europe. There is a small amount of current radi- 
ated onto the 10-meter antenna but virtually no current is 
radiated onto the 40- and 20-meter Yagis. This is good. 

However, significant current is radiated onto, and then 
re-radiated, by the 80-meter dipole. This undesired current 
affects the radiation pattern of the 15-meter antenna, as 
shown in Fig 23, which overlays the pattern of the 4-ele- 
ment 15-meter Yagi by itself with that of the Yagi interact- 
ing with the other antennas. You can see “ripples” in the 
azimuthal response of the 15-meter Yagi due to the effects 
of the 80-meter dipole’s re-radiation. The magnitude of the 
ripples is about | dB at worst, so they don’t seriously affect 
the forward pattern (into Europe), but the rearward lobes 
are degraded somewhat, to just below 20 dB. 

Fig 23 also shows the worst-case situation for the 
15-meter Yagi. Here, the 15- and 10-meter stack has been 
turned clockwise 90°, facing the Caribbean, while the 40- 
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Fig 23—An overlay of azimuth patterns. The solid line 
is the radiation pattern for the 15-meter Yagi all by 
itself. The dashed line is the pattern for the 15-meter 
Yagi, as affected by all the other antennas. The dotted 
line is the pattern for the 15-meter Yagi when it is 
pointed toward the Caribbean, with the Yagis on the 
100-foot tower pointed toward the 70-foot tower. The 
peak response of the 15-meter Yagi has dropped by 
about 1.5 dB. 
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Fig 24—The layout and 15-meter currents when the Yagis 
on the 100-foot tower are pointed toward the 70-foot 
tower. The 15-meter Yagi has been rotated to face the 
direction of the 100-foot tower (toward the Caribbean). 


and 20-meter Yagis on the 100-foot tower have been 
turned counter-clockwise 90° (in the direction of Japan) 
to face the 70-foot tower holding the 10/15-meter Yagis. 
You can see the layout and the currents in Fig 24. Now 
the 40- and 20-meter Yagis re-radiate some 15-meter 
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Fig 25—The radiation patterns for the 10-meter Yagi. 
The solid line is the 10-meter Yagi by itself. The dashed 
line is for the same Yagi, with all other antenna 
interactions. The dotted line shows the worst-case 
pattern, with the stacked Yagis on the 100-foot tower 
facing the 70-foot tower and the 10-meter Yagi pointed 
toward the Caribbean. Again, the peak response of the 
10-meter Yagi has dropped about 1.5 dB in the worst- 
case situation. 


energy and reduce the maximum gain by about 1.5 dB. 
Note that in this direction the 80-meter dipole no longer 
has 15-meter energy radiated onto it by the 15-meter Yagi. 

The shape of the patterns will change depending on 
whether you specify “current” or “voltage” sources in the 
models for the other antennas, since this effectively opens 
up or shorts the feed points at the other antennas so far as 
15-meter energy is concerned. In practice, this means that 
the interaction between antennas will vary somewhat 
depending on the length of the feed lines going to each 
antenna and whether each feed line is open-circuited or 
short-circuited when it is not in use. 

You can now see that interactions between various 
antennas pointing in different directions can be signifi- 
cant in a real-world antenna system. In general, higher- 
frequency antennas are affected by re-radiation from 
lower-frequency antennas, rather than the other way 
around. Thus the presence of a 10- or 15-meter stack does 
not affect the 20-meter Yagi at all. 

Modeling can also help determine the minimum 
stacking distance required between monoband Yagis on 
the same rotating mast. In this case, stacking the 10- and 
15-meter monobanders 10 feet apart holds down interac- 
tion between them so that the pattern and gain of the 
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10-meter Yagi is not impacted adversely. Fig 25 demon- 
strates this in the European direction, where the patterns 
for the 10-meter beam by itself looks very clean com- 
pared to the same Yagi separated by 10 feet from the 
15-meter Yagi below it. The worst-case situation is point- 
ing towards the Caribbean, when the 40- and 20-meter 
stack is facing the 70-foot tower. This drops the 10-meter 
gain down about 1.5 dB from maximum, indicating sig- 
nificant interaction is occurring. 

In this situation you might find it best to place the 
70-foot tower in the direction closest to the Caribbean if 
this direction is very important to you. Doing so will, 
however, cause the pattern in the direction of the Far East 
to be affected on 10 and 15 meters. You have the model- 
ing tools necessary to evaluate various configurations to 
achieve whatever is most important to you. 


COMPROMISES 


Because of limitations, most amateurs are never able 
to build their dream antenna system. This means that some 
compromises must be made. Do not, under any circum- 
stances, compromise the safety of an antenna installation. 
Follow the manufacturer’s recommendations for tower 
assembly, installation and accessories. Make sure that all 
hardware is being used within its ratings. 

Guyed towers are frequently used by radio amateurs 
because they cost less than more complicated unguyed or 
freestanding towers with similar ratings. Guyed towers are 
fine for those who can climb, or those with a friend who is 
willing to climb. But you may want to consider an antenna 
tower that folds over, or one that cranks up (and down). 
Some towers crank up (and down) and fold over too. See 
Fig 26. That makes for convenient access to antennas for 
adjustments and maintenance without climbing. Crank-up 
towers also offer another advantage. They allow antennas 
to be lowered during periods of no operation, such as for 
aesthetic reasons or during periods of high winds. 

A well-designed monoband Yagi should outperform 
a multiband Yagi. In a monoband design the best adjust- 
ments can be made for gain, front-to-rear ratio (F/R) and 
matching, but only for a single band. In a multiband 
design, there are always tradeoffs in these properties for 
the ability to operate on more than one band. Neverthe- 
less, a multiband antenna has many advantages over two 
or more single band antennas. A multiband antenna 
requires less heavy-duty hardware, requires only one feed 
line, takes up less space and it costs less. 

Apartment dwellers face much greater limitations 
in their choice of antennas. For most, the possibility of a 
tower is only a dream. (One enterprising ham made 
arrangements to purchase a top-floor condominium from 
a developer. The arrangements were made before con- 
struction began, and the plans were altered to include a 
roof-top tower installation.) For apartment and condo- 
minium dwellers, the situation is still far from hopeless. 
A later section presents ideas for consideration. 
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Fig 26—Alternatives to a guyed tower are shown here. At A, the crank-up tower permits working on antennas at 
reduced height. It also allows antennas to be lowered during periods of no operation. Motor-driven versions are 
available. The fold-over tower at B and the combination at C permit working on antennas at ground level. 


EXAMPLES 


You can follow the procedure previously outlined 
to put together modest or very large antenna systems. 
What might a ham put together for antennas when he or 
she wants to try a little of everything, and has a modest 
budget? Let’s suppose that the goals are (1) low cost, (2) 
no tower, (3) coverage of all HF bands and the repeater 
portion of one VHF band, and (4) the possibility of work- 
ing some DX. 

After studying the pages of this book, the station 
owner decides to first put up a 135-foot center-fed 
antenna. High trees in the back yard will serve as sup- 
ports to about 50 feet. This antenna will cover all the HF 
bands by using a balanced feeder and an antenna tuner. It 
should be good for DX contacts on 10 MHz and above, 
and will probably work okay for DX contacts on the lower 
bands. However, her plan calls for a vertical for 3.5 and 
7 MHz to enhance the DX possibilities on those bands. 
For VHF, a chimney-mounted vertical is included. 


ANOTHER EXAMPLE 


A licensed couple has bigger ambitions. Goals for 
their station are (1) a good setup for DX on 14, 21 and 
28 MHz, (2) moderate cost, (3) one tower, (4) ability to 
work some DX on 1.8, 3.5 and 7 MHz, and (5) no need 
to cover the CW portion of the bands. 

After considering the options, the couple decides to 
install a 65-foot guyed tower. A large commercial triband 
Yagi will be mounted on top of the tower. The center of a 
trap dipole tuned for the phone portion of the 3.5- and 
7-MHz bands will be supported by a wooden yardarm 
installed at the 60-foot level of the tower, with ends droop- 
ing down to form an inverted V. An inverted L for 
1.8 MHz starts near ground level and goes up to a similar 
yardarm on the opposite side of the tower. The horizon- 
tal portion of the inverted L runs away from the tower at 
right angles to the trap dipole. Later, the husband will 
experiment with sloping antennas for 3.5 MHz. If those 
experiments are not successful, a 4/4 vertical will be used 
on that band. 
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Apartment Possibilities 


A complete and accurate assessment of antenna types, 
antenna placement and feed-line placement is very impor- 
tant for the apartment dweller. Among the many possibili- 
ties for types are balcony antennas, invisible ones (made 
of fine wire), vertical antennas disguised as flag poles or 
as masts with a TV antenna on top, and indoor antennas. 

A number of amateurs have been successful negoti- 
ating with the apartment owner or manager for permis- 
sion to install a short mast on the roof of the building. 
Coaxial lines and rotator control cables might be routed 
through conduit troughs or through ductwork. If you live 
in one of the upper stories of the building, routing the 
cables over the edge of the roof and in through a window 
might be the way to go. There is a story about one ama- 
teur who owns a triband beam mounted on a 10-foot mast. 
But even with such a short mast, he is the envy of all his 
amateur friends because of his superb antenna height. His 
mast stands on top of a 22-story apartment building. 

Usually the challenge is to find ways to install 
antennas that are unobtrusive. That means searching out 
antenna locations such as balconies, eaves, nearby trees, 
etc. For example, a simple but effective balcony antenna 
is a dangling vertical. Attach a thin wire to the tip of a 
mobile whip or a length of metal rod or tubing. Then 
mount the rigid part of the antenna horizontally on the 
balcony rail, dangling the wire over the edge. The antenna 
is operated against the balcony railing or other metallic 
framework. A matching network is usually required at 
the antenna feed point. Metal in the building will likely 
give a directivity effect, but this may be of little conse- 


Antennas for 


It is not always practical to erect full-size antennas 
for the HF bands. Those who live in apartment buildings 
may be restricted to the use of minuscule radiators 
because of house rules, or simply because the required 
space for full-size antennas is unavailable. Other ama- 
teurs may desire small antennas for aesthetic reasons, 
perhaps to keep peace with neighbors who do not share 
their enthusiasm about high towers and big antennas. 
There are many reasons why some amateurs prefer to use 
physically-shortened antennas. This section discusses 
proven designs and various ways of building and using 
them effectively. You will find that modeling antennas 
by computer, even compromised “stealth antennas,” can 
help you determine the most practical system possible 
for your particular circumstances—before you go through 
the effort of stringing up wires. 

Few compromise antennas are capable of deliver- 
ing the performance you can expect from the full-size 
variety. But the patient and skillful operator can often do 
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quence and perhaps even an advantage. The antenna may 
be removed and stored when not in use. 

Frequently, the task of finding an inconspicuous 
route for a feed line is more difficult than the antenna 
installation itself. When Al Francisco, K7NHV, lived in 
an apartment, he used a tree-mounted vertical antenna. 
The coax feeder exited his apartment through a window 
and ran down the wall to the ground. Al buried the sec- 
tion of line that went from under the window to a nearby 
tree. At the tree, a section of enameled wire was con- 
nected to the coax center conductor. He ran the wire up 
the side of the tree away from foot traffic. A few short 
radials completed the installation. The antenna worked 
fine, and was never noticed by the neighbors. 

See Chapters 6, Low-Frequency Antennas, and 
Chapter 15, Portable Antennas, for ideas about low-fre- 
quency and portable antennas that might fit into your 
available space. Your options are limited as much by your 
imagination and ingenuity as by your pocketbook. 
Another option for apartment dwellers is to operate away 
from home. Some hams concentrate on mobile operation 
as an alternative to a fixed station. It is possible to make 
a lot of contacts on HF mobile. Some have worked DXCC 
that way. 

Suppose that you like VHF contests. Because of 
other activities, you are not particularly interested in 
operating VHF outside the contests. Why not take your 
equipment and antennas to a hilltop for the contests? 
Many hams combine a love for camping or hiking with 
their interest in radio. 


Limited Space 


as well as some who are equipped with high power and 
full-size antennas. Someone with a reduced-size antenna 
may not be able to “bore a hole” in the bands as often 
and with the commanding dispatch enjoyed by those who 
are better equipped, but DX can be worked successfully 
when band conditions are suitable. 


INVISIBLE ANTENNAS 


We amateurs don’t regard our antennas as eyesores; 
in fact, we almost always regard them as works of art! 
But there are occasions when having an outdoor or vis- 
ible antenna can present problems. 

When we are confronted with restrictions—self- 
imposed or otherwise—we can take advantage of a num- 
ber of options toward getting on the air and radiating at 
least a moderately effective signal. In this context, a poor 
antenna is certainly better than no antenna at all! This 
section describes a number of techniques that enable us 
to use indoor antennas or “invisible” antennas outdoors. 
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Fig 27—The clothesline antenna is more than it 
appears to be. 
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Fig 28—The “invisible” end-fed antenna. 


Many of these systems will yield good-to-excellent results 
for local and DX contacts, depending on band conditions 
at any given time. The most important consideration is 
that of not erecting any antenna that can present a haz- 
ard (physical or electrical) to humans, animals and build- 
ings. Safety first! 


Clothesline Antenna 


Clotheslines are sometimes attached to pulleys 
(Fig 27) so that the user can load the line and retrieve the 
laundry from a back porch. Laundry lines of this variety 
are accepted parts of the neighborhood “scenery,” and 
can be used handily as amateur antennas by simply insu- 
lating the pulleys from their support points. This calls 
for the use of a conducting type of clothesline, such as 
heavy gauge stranded electrical wire with Teflon or vi- 
nyl insulation. A high quality, flexible steel cable 
(stranded) is suitable as a substitute if you don’t mind 
cleaning it before clothing is hung on it. 

A jumper wire can be brought from one end of the 
line to the ham shack when the station is being operated. 
If a good electrical connection exists between the wire 
clothesline and the pulley, a permanent connection can 
be made by connecting the lead-in wire between the pul- 


ley and its insulator. An antenna tuner can be used to 
match the “invisible” random-length wire to the trans- 
mitter and receiver. 


Invisible Long Wire 


A wire antenna is not actually a “long wire” unless 
it is one wavelength or greater in length. Yet many ama- 
teurs refer to (relatively) long physical spans of conduc- 
tor as long wires. For the purpose of this discussion we 
will assume we have a fairly long span of wire, and refer 
to it as an end-fed wire antenna. 

If we use small-diameter enameled wire for our end- 
fed antenna, chances are that it will be very difficult to 
see against the sky and neighborhood scenery. The smaller 
the wire, the more invisible the antenna will be. The lim- 
iting factor with small wire is fragility. A good compro- 
mise is #24 or #26 magnet wire for spans up to 130 feet; 
lighter-gauge wire can be used for shorter spans, such as 
30 or 60 feet. The major threat to the longevity of fine 
wire is icing. Also, birds may fly into the wire and break 
it. Therefore, this style of antenna may require frequent 
service or replacement. 

Fig 28 illustrates how you might install an invisible 
end-fed wire. It is important that the insulators also be 
lacking in prominence. Tiny Plexiglas blocks perform this 
function well. Small-diameter clear plastic medical vials 
are suitable also. Some amateurs simply use rubber bands 
for end insulators, but they will deteriorate rapidly from 
sun and air pollutants. They are entirely adequate for 
short-term operation with an invisible antenna, however. 


Rain Gutter and TV Antennas 


A great number of amateurs have taken advantage 
of standard house fixtures when contriving inconspicu- 
ous antennas. A very old technique is the use of the gutter 
and downspout system on the building. This is shown in 
Fig 29, where a lead wire is routed to the operating room 
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Fig 29—Rain gutters and TV antenna installations can 
be used as inconspicuous Amateur Radio antennas. 
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from one end of the gutter trough. We must assume that 
the wood to which the gutter is affixed is dry and of good 
quality to provide reasonable electrical insulation. The 
rain gutter antenna may perform quite poorly during wet 
weather or when there is ice and snow on it and the house 
roof. 

All joints between gutter and downspout sections 
must be bonded electrically with straps of braid or flash- 
ing copper to provide good continuity in the system. Poor 
joints can permit rectification of RF and subsequently 
cause TVI and other harmonic interference. Also, it is 
prudent to insert a section of plastic downspout about 
8 feet above ground to prevent RF shocks or burns to 
passersby while the antenna is being used. Improved per- 
formance may result if you join the front and back gutters 
of the house with a jumper wire to increase the area of 
the antenna. 

Fig 29 also shows a TV or FM antenna that can be 
employed as an invisible amateur antenna. Many of these 
antennas can be modified easily to accommodate the 144- 
or 222-MHz bands, thereby permitting the use of the 
300-Q line as a feeder system. Some FM antennas can be 
used on 6 meters by adding #10 bus wire extensions to 
the ends of the elements, and adjusting the match for an 
SWR of 1:1. If 300-Q line is used it will require a balun 
or antenna tuner to interface the line with the station 
equipment. 

For operation in the HF bands, the TV or FM antenna 
feeders can be tied together at the transmitter end of the 
span and the system treated as a random length wire. If 
this is done, the 300-Q line will have to be on TV stand- 
off insulators and spaced well away from phone and power 
company service entrance lines. Naturally, the TV or FM 
radio must be disconnected from the system when it is 
used for amateur work! Similarly, masthead amplifiers 
and splitters must be removed from the line if the system 
is to be used for amateur operation. If the system is mostly 
vertical, a good RF ground system with many radials 
around the base of the house should be used to improve 
performance. 

A very nice top-loaded vertical can be made from a 
length of TV mast with a large TV antenna on the top. 
Radials can be placed on the roof or at ground level with 
the TV “feed line” acting as part of the vertical. There is 
an extensive discussion of loaded verticals and radial sys- 
tems in Chapter 6, Low-Frequency Antennas. 


Flagpole Antennas 


We can exhibit our patriotism and have an invisible 
amateur antenna at the same time by disguising our 
antenna as shown in Fig 30. The vertical antenna is a wire 
that has been placed inside a plastic or fiberglass pole. 

The flagpole antenna shown is structured for a single 
amateur band, and it is assumed that the height of the 
pole corresponds to a quarter wavelength for the chosen 
band. The radials and feed line can be buried in the ground 
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Fig 30—A flagpole antenna. 


as shown. In a practical installation, the sealed end of the 
coax cable would protrude slightly into the lower end of 
the plastic pole. 

If a large-diameter fiberglass pole were available, a 
multiband trap vertical may be concealed inside it. Or 
you might use a metal pole and bury a water-tight box at 
its base, containing fixed-tuned matching networks for 
the bands of interest. The networks could then be selected 
remotely by means of relays inside the box. A 30-foot 
flagpole would provide good results in this kind of sys- 
tem, provided it was used in conjunction with a buried 
radial system. 

Still another technique is one that employs a wooden 
flagpole. A small diameter wire can be stapled to the pole 
and routed to the coax feeder or matching network. The 
halyard could by itself constitute the antenna wire if it 
were made from heavy-duty insulated hookup wire. There 
are countless variations for this type of antenna, and they 
are limited only by the imagination of the amateur. 


Other Invisible Antennas 


Some amateurs have used the metal fence on apart- 
ment verandas as antennas, and have had good results on 
the upper HF bands (14, 21 and 28 MHz). We must pre- 
sume that the fences were not connected to the steel 
framework of the building, but rather were insulated by 
the concrete floor to which they were affixed. These ve- 
randah fences have also been used effectively as ground 
systems (counterpoises) for HF-band vertical antennas 
put in place temporarily after dark. 

One amateur in New York City uses the fire escape 
on his apartment building as a 7-MHz antenna, and he 
reports good success working DX stations with it. Another 


apartment dweller makes use of the aluminum frame on 
his living room picture window as an antenna for 21 and 
28 MHz. He works it against the metal conductors of the 
baseboard heater in the same room. 

Many jokes have been told over the years about bed- 
spring antennas. The idea is by no means absurd. Bed- 
springs and metal end boards have been used to advantage 
as antennas by many apartment dwellers as 14, 21 and 
28 MHz radiators. A counterpoise ground can be routed 
along the baseboard of the room and used in combina- 
tion with the bedspring. It is important to remember that 
any independent (insulated) metal object of reasonable 
size can serve as an antenna if the transmitter can be 
matched to it. An amateur in Detroit once used his 
Shopsmith craft machine (about 5 feet tall) as a 28 MHz 
antenna. He worked a number of DX stations with it when 
band conditions were good. 

A number of operators have used metal curtain rods 
and window screens for VHF work, and found them to 
be acceptable for local communications. Best results with 
any of these makeshift antennas will be had when the 
“antennas” are kept well away from house wiring and 
other conductive objects. 


INDOOR ANTENNAS 


Without question, the best place for your antenna is 
outdoors, and as high and in the clear as possible. Some 
of us, however, for legal, social, neighborhood, family or 
landlord reasons, are restricted to indoor antennas. Hav- 
ing to settle for an indoor antenna is certainly a handicap 
for the amateur seeking effective radio communication, 
but that is not enough reason to abandon all operation in 
despair. 

First, we should be aware of the reasons why indoor 
antennas do not work well. Principal faults are: 


e Low height above ground—the antenna cannot be 
placed higher than the highest peak of the roof, a point 
usually low in terms of wavelength at HF 

e The antenna must function in a lossy RF environment 
involving close coupling to electrical wiring, gutter- 
ing, plumbing and other parasitic conductors, besides 
dielectric losses in such nonconductors as wood, plas- 
ter and masonry 

e Sometimes the antenna must be made small in terms 
of a wavelength 

e Usually it cannot be rotated. 


These are appreciable handicaps. Nevertheless, glo- 
bal communication with an indoor antenna is still pos- 
sible, although you must be sure that you are not exposing 
anyone in your family or nearby neighbors to excessive 
radiation. See Chapter 1, Safety, in this book. 

Some practical points in favor of the indoor antenna 
include: 


e Freedom from weathering effects and damage caused 
by wind, ice, rain and sunlight (the SWR of an attic 


antenna, however, can be affected somewhat by a wet 
or snow-covered roof). 

e Indoor antennas can be made from materials that would 
be altogether impractical outdoors, such as aluminum 
foil and thread (the antenna need support only its own 
weight). 

e The supporting structure is already in place, eliminat- 
ing the need for antenna masts. 

e The antenna is readily accessible in all weather condi- 
tions, simplifying pruning or tuning, which can be 
accomplished without climbing or tilting over a tower. 


Empiricism 

A typical house or apartment presents such a com- 
plex electromagnetic environment that it is impossible to 
predict theoretically which location or orientation of the 
indoor antenna will work best. This is where good old 
fashioned cut-and-try, use-what-works-best empiricism 
pays off. But to properly determine what really is most 
suitable requires an understanding of some antenna mea- 
suring fundamentals. 

Unfortunately, many amateurs do not know how to 
evaluate performance scientifically or compare one antenna 
with another. Typically, they will put up one antenna and 
try it out on the air to see how it “gets out” in comparison 
with a previous antenna. This is obviously a very poor 
evaluation method because there is no way to know if the 
better or worse reports are caused by changing band con- 
ditions, different S-meter characteristics or any of several 
other factors that could influence the reports received. 

Many times the difference between two antennas or 
between two different locations for identical antennas 
amounts to only a few decibels, a difference that is hard 
to discern unless instantaneous switching between the two 
is possible. Those few decibels are not important under 
strong signal conditions, of course, but when the going 
gets rough, as is often the case with an indoor antenna, a 
few dB can make the difference between solid copy and 
no possibility of real communication. 

Very little in the way of test equipment is needed 
for casual antenna evaluation, other than a communica- 
tions receiver. You can even do a qualitative comparison 
by ear, if you can switch antennas instantaneously. Dif- 
ferences of less than 2 dB, however, are still hard to dis- 
cern. The same is true of S-meters. Signal strength 
differences of less than a decibel are usually difficult to 
see. If you want to measure that last fraction of a decibel, 
you should use a good ac voltmeter at the receiver audio 
output (with the AGC turned off). 

In order to compare two antennas, switching the 
coaxial transmission line from one to the other is neces- 
sary. No elaborate coaxial switch is needed; even a simple 
double-throw toggle or slide switch will provide more 
than 40 dB of isolation at HF. See Fig 31. Switching by 
means of manually connecting and disconnecting coaxial 
lines is not recommended because that takes too long. 
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Antenna J J2 Antenna 
A B 
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Fig 31—When antennas are compared on fading 
signals, the time delay involved in disconnecting and 
reconnecting coaxial cables is too long for accurate 
measurements. A simple slide switch will do well for 
switching coaxial lines at HF. The four components can 
be mounted in a tin can or any small metal box. Leads 
should be short and direct. J1 through J3 are coaxial 
connectors. 


Fading can cause signal-strength changes during the 
changeover interval. 

Whatever difference shows up in the strength of the 
received signal will be the difference in performance 
between the two antennas in the direction of that signal. 
For this test to be valid, both antennas must have nearly 
the same feed-point impedance, a condition that is reason- 
ably well met if the SWR is below 2:1 on both antennas. 

On ionospheric propagated signals (sky wave) there 
will be constant fading, and for a valid comparison it will 
be necessary to take an average of the difference between 
the two antennas. Occasionally, the inferior antenna will 
deliver a stronger signal to the receiver, but in the long 
run the law of averages will put the better antenna ahead. 

Of course with a ground-wave signal, such as that 
from a station across town, there will be no fading prob- 
lems. A ground-wave signal will enable the operator to 
properly evaluate the antenna under test in the direction 
of the source. The results will be valid for ionospheric- 
propagated signals at low elevation angles in that direc- 
tion. On 28 MHz, all sky-wave signals arrive and leave 
at low angles. But on the lower bands, particularly 3.5 
and 7 MHz, we often use signals propagated at high el- 
evation angles, almost up to the zenith. For these angles 
a ground-wave test between local stations may not pro- 
vide a proper evaluation of the antenna, and use of sky 
wave signals becomes necessary. 


Dipoles 


At HF the most practical indoor antenna is usually 
the dipole. Attempts to get more gain with parasitic ele- 
ments will usually fail because of close proximity to the 
ground or coupling to house wiring. Beam antenna 
dimensions determined outdoors will not usually be valid 
for an attic antenna because the roof structure will cause 
dielectric loading of the parasitic elements. It is usually 
more worthwhile to spend time optimizing the location 
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and performance of a dipole than to try to improve results 
with parasitic elements. 

Most attics are not long enough to accommodate 
half-wave dipoles for 7 MHz and below. If this is the case, 
some folding of the dipole will be necessary. The final 
shape of the antenna will depend on the dimensions and 
configuration of the attic. Remember that the center of 
the dipole carries the most current and therefore does most 
of the radiating. This part should be as high and unfolded 
as possible. Because the dipole ends radiate less energy 
than the center, their orientation is not as important. They 
do carry the maximum voltage, nevertheless, so care 
should be taken to position the ends far enough from other 
conductors to avoid arcing. 

The dipole may end up being L-shaped, Z-shaped, 
U-shaped or some indescribable corkscrew shape, 
depending on what space is available, but reasonable per- 
formance can often be had even with such a non-straight 
arrangement. Fig 32 shows some possible configurations. 
Multiband operation is possible with the use of open-wire 
feeders and an antenna tuner. 

One alternative not shown here is the aluminum-foil 
dipole, which was conceived by Rudy Stork, KASFSB. 
He suggests mounting the dipole behind wallpaper or in 
the attic, with portability, ease of construction and 
adjustment, and economy in design among its desirable 
features. This antenna should also display reasonably 
good bandwidth resulting from the large area of its con- 
ductor material. If coaxial feed is used, some pruning of 
an attic antenna to establish minimum SWR at the band 
center will be required. Tuning the antenna outdoors and 
then installing it inside is usually not feasible since the 
behavior of the antenna will not be the same when placed 
in the attic. Resonance will be affected somewhat if the 
antenna is bent. 

Even if the antenna is placed in a straight line, para- 
sitic conductors and dielectric loading by nearby wood 
structures can affect the impedance. Trap and loaded 
dipoles are shorter than the full-sized versions, but are 
comparable performers. Trap dipoles are discussed in 
Chapter 7, Multiband Antennas, and loaded dipoles in 
Chapter 6, Low-Frequency Antennas. 


Dipole Orientation 


Theoretically a vertical dipole is most effective at 
low radiation angles, but practical experience shows that 
the horizontal dipole is usually a better indoor antenna. 
A high horizontal dipole does exhibit directional effects 
at low radiation angles, but you will not be likely to see 
much, if any, directivity with an attic-mounted dipole. 
Some operators place two dipoles at right angles to each 
other with provisions at the operating position for switch- 
ing between the two. Their reasoning is the radiation pat- 
terns will inevitably be distorted in an unpredictable 
manner by nearby parasitic conductors. There will be little 
coupling between the dipoles if they are oriented a right 
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Fig 32—Various configurations for small indoor antennas. See text for discussion. 
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angles to each other as shown in Figs 33A and 33B. There 
will be some coupling with the arrangement shown in 
Fig 33C, but even this orientation is preferable to a single 
dipole. 

With two antennas mounted 90° apart, you may find 
that one dipole is consistently better in nearly all direc- 
tions, in which case you will want to remove the inferior 
dipole, perhaps placing it someplace else. In this manner 
the best spots in the house or attic can be determined 
experimentally. 


Parasitic Conductors 


Inevitably, any conductor in your house near a quar- 
ter wave in length or longer at the operating frequency 
will be parasitically coupled to your antenna. The word 
parasitic 1s particularly appropriate in this case because 
these conductors usually introduce losses and leave less 
energy for radiation into space. Unlike the parasitic ele- 
ments in a beam antenna, conductors such as house wir- 
ing and plumbing are usually connected to lossy objects 
such as earth, electrical appliances, masonry or other 
objects that dissipate energy. Even where this energy is 
reradiated, it is not likely to be in the right phase in the 
desired direction; it is, in fact, likely to be a source of 
RFI. 


Fig 33—Ways to orient a pair of perpendicular dipoles. 
The orientation at A and B will result in no mutual 
coupling between the two dipoles, but there will be 
some coupling in the configuration shown at C. End 
(El) and center (Cl) insulators are shown. 
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There are, however, some things that can be done 
about parasitic conductors. The most obvious is to reroute 
them at right angles to the antenna or close to the ground, 
or even underground—procedures that are usually not 
feasible in a finished home. Where these conductors can- 
not be rerouted, other measures can be taken. Electrical 
wiring can be broken up with RF chokes to prevent the 
flow of radio-frequency currents while permitting 60-Hz 
current (or audio, in the case of telephone wires) to flow 
unimpeded. A typical RF choke for a power line can be 
100 turns of #10 insulated wire close wound on a length 
of 1-inch diameter plastic pipe. Of course one choke will 
be needed for each conductor. A three-wire line calls for 
three chokes. The chokes can be simplified by winding 
them bifilar or trifilar on a single coil form. 


THE RESONANT BREAKER 


Obviously, RF chokes cannot be used on conduc- 
tors such as metal conduit or water pipes. But it is still 
possible, surprising as it may seem, to obstruct RF cur- 
rents on such conductors without breaking the metal. The 
resonant breaker was first described by Fred Brown, 
WO6HPH, in Oct 1979 QST. 


} PARASITIC. 
5 CONDUCTOR 5 





Fig 34—A “resonant breaker” such as shown here can 
be used to obstruct radio-frequency currents in a 
conductor without the need to break the conductor 
physically. A vernier dial is recommended for use with 
the variable capacitor because tuning is quite sharp. 
The 100-pF capacitor is in series with the loop. This 
resonant breaker tunes from 14 through 29.7 MHz. 
Larger models may be constructed for the lower 
frequency bands. 
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Fig 34 shows a method of accomplishing this. A fig- 
ure-eight loop is inductively coupled to the parasitic con- 
ductor and is resonated to the desired frequency with a 
variable capacitor. The result is a very high impedance 
induced in series with the pipe, conduit or wire. This 
impedance will block the flow of radio-frequency cur- 
rents. The figure-eight coil can be thought of as two turns 
of an air-core toroid and since the parasitic conductor 
threads through the hole of this core, there will be tight 
coupling between the two. Inasmuch as the figure-eight 
coil is parallel resonated, transformer action will reflect 
a high impedance in series with the linear conductor. 

Before you bother with a resonant breaker of this 
type, be sure that there is a significant amount of RF cur- 
rent flowing in the parasitic conductor, and that you will 
therefore benefit from installing one. The relative mag- 
nitude of this current can be determined with an RF cur- 
rent probe of the type described in Chapter 27, Antenna 
and Transmission-Line Measurements. According to the 
rule of thumb regarding parasitic conductor current, if it 
measures less than '/i0 of that measured near the center 
of the dipole, the parasitic current is generally not large 
enough to be of concern. 

The current probe is also needed for resonating the 
breaker after it is installed. Normally, the resonant breaker 
will be placed on the parasitic conductor near the point 
of maximum current. When it is tuned through resonance, 
there will be a sharp dip in RF current, as indicated by 
the current probe. Of course, the resonant breaker will be 
effective only on one band. You will need one for each 
band where there is significant current indicated by the 
probe. 


Power-Handling Capability 


So far, our discussion have not considered the full 
power-handling capability of an indoor antenna. Any ten- 
dency to flash over must be determined by running full 
power or, preferably, somewhat more than the peak power 
you intend to use in regular operation. The antenna should 
be carefully checked for arcing or RF heating before you 
do any operating. Bear in mind that attics are indeed vul- 
nerable to fire hazards. A potential of several hundred 
volts exists at the ends of a dipole fed by the typical 
Amateur Radio transmitter. If a power amplifier is used, 
there could be a few thousand volts at the ends of the 
dipole. Keep your antenna elements well away from other 
objects. Safety first! 


Construction Details and Practical Considerations 


Ultimately the success of an antenna project depends 
on the details of how the antenna is fabricated. A great 
deal of construction information is given in other chap- 
ters of this book. For example the construction of HF 
Yagis is discussed in Chapter 11, Quad arrays in Chapter 
12, VHF antennas in Chapter 18, and in Chapter 20 there 
is an excellent discussion of antenna materials, particu- 
larly wire and tubing for elements. Here is still more help- 
ful antenna construction information. 


END EFFECT 


If the standard expression A/2 ~ 491.8/f (MHz) is used 
for the length of a A/2 wire antenna, the antenna will reso- 
nate at a somewhat lower frequency than is desired. The 
reason is that in addition to the effect of the conductor 
diameter and ground effects (Chapter 3, The Effects of 
Ground) an additional “loading” effect is caused by the 
insulators used at the ends of the wires to support the 
antenna. The insulators and the wire loops that tie the 
insulators to the antenna add a small amount of capaci- 
tance to the system. This capacitance helps to tune the 
antenna to a slightly lower frequency, in much the same 
way that additional capacitance in any tuned circuit low- 
ers the resonant frequency. In an antenna this is called end 
effect. The current at the ends of the antenna does not quite 
reach zero because of the end effect, as there is some cur- 
rent flowing into the end capacitance. Note that the com- 
putations used to create Figs 2 through 7 in Chapter 2, 
Antenna Fundamentals, did not take into account any end 
effect. 

End effect increases with frequency and varies 
slightly with different installations. However, at frequen- 
cies up to 30 MHz (the frequency range over which wire 
antennas are most commonly used), experience shows that 
the length of a practical A/2 antenna, including the effect 
of diameter and end effect, is on the order of 5% less 
than the length of a half wave in space. As an average, 
then, the physical length of a resonant A/2 wire antenna 
can be found from: 


_ 491.8x0.95 468 
f(MHz) — f (MHz) 





(Eq 1) 


Eq 1 is reasonably accurate for finding the physical 
length of a A/2 antenna for a given frequency, but does not 
apply to antennas longer than a half wave in length. In the 
practical case, if the antenna length must be adjusted to 
exact frequency (not all antenna systems require it) the 
length should be “pruned” to resonance. Note that the use 
of plastic-insulated wire will typically lower the resonant 
frequency of a half-wave dipole about 3%. 


INSULATORS 


Wire antennas must be insulated at the ends. Com- 





Fig 35—Some ideas for homemade antenna insulators. 


mercially available insulators are made from ceramic, 
glass or plastic. Insulators are available from many Ama- 
teur Radio dealers. RadioShack and local hardware stores 
are other possible sources. Acceptable homemade insu- 
lators may be fashioned from a variety of material 
including (but not limited to) acrylic sheet or rod, PVC 
tubing, wood, fiberglass rod or even stiff plastic from a 
discarded container. Fig 35 shows some homemade 
insulators. Ceramic or glass insulators will usually outlast 
the wire, so they are highly recommended for a safe, 
reliable, permanent installation. Other materials may tear 
under stress or break down in the presence of sunlight. 
Many types of plastic do not weather well. 


INSTALLING TRANSMISSION LINES 


Many wire antennas require an insulator at the feed 
point. Although there are many ways to connect the feed 
line, there are a few things to keep in mind. If you feed 
your antenna with coaxial cable, you have two choices. 
You can install an SO-239 connector on the center insu- 





Fig 36—Some homemade dipole center insulators. The 
one in the center includes a built-in SO-239 connector. 
Others are designed for direct connection to the feed 
line. 
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Fig 37—Details of dipole antenna construction. At A, the end insulator connection is shown. At B, the completed 
antenna is shown. A balun (not shown) is often used at the feed point, since this is a balanced antenna. 


lator, as shown by the center example in Fig 36, and use 
a PL-259 on the end of your coax, or you can separate 
the center conductor from the braid and connect the feed 
line directly to the antenna wire as shown in the other 
two examples in Fig 36 and the example in Fig 37. 
Although it costs less to connect direct, the use of con- 
nectors offers several advantages. Coaxial cable braid 
soaks up water like a sponge unless it is very well water- 
proofed. If you do not adequately seal the antenna end of 
the feed line, water will find its way into the braid. Water 
in the feed line will lead to contamination, rendering the 
coax useless long before its normal lifetime is up. Many 
hams waterproof the coax, first with vinyl electrical tape, 
and then using a paint-on material called “PlastiDip,” 
which is sold by RadioShack (part number 910-5166 for 
the white variety). 

It is not uncommon for water to drip from the end of 
the coax inside the shack after a year or so of service if 
the antenna connection is not properly waterproofed. Use 
of a PL-259/SO-239 combination (or connector of your 
choice) makes the task of waterproofing connections 
much easier. Another advantage to using the PL-259/ 
SO-239 combination is that feed-line replacement is much 
easier, should that become necessary. 

Whether you use coaxial cable, ladder line, or twin 
lead to feed your antenna, an often overlooked consider- 
ation is the mechanical strength of the connection. Wire 
antennas and feed lines tend to move a lot in the breeze, and 
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Fig 38—A piece of cut Plexiglas can be used as a 
center insulator and to support a ladder-line feeder. 
The Plexiglas acts to reduce the flexing of the wires 
where they connect to the antenna. Use thick Plexiglas 
in areas subject to high winds. 


unless the feed line is attached securely, the connection will 
weaken with time. The resulting failure can range from a 
frustrating intermittent electrical connection to a complete 
separation of feed line and antenna. Fig 37 and Fig 38 illus- 
trate different ways of attaching either coax or ladder line to 
the antenna securely. 

When open-wire feed line is used, the conductors 
of the line should be anchored to the insulator by thread- 
ing them through the eyes of the insulator two or three 
times, and twisting the wire back on itself before solder- 
ing. A slack tie wire should then be used between the 
feeder conductor and the antenna, as shown in Fig 38. 
(The tie wires may be extensions of the line conductors 
themselves.) When window-type line is suspended from 
an antenna in a manner such as that shown in Fig 38, the 
line should be twisted—at several twists per foot—to pre- 
vent stress hardening of the wire because of constant flex- 
ing in the wind. 

When using plastic-insulated open-wire line, the ten- 
dency of the line to twist and short out close to the antenna 
can be counteracted by making the center insulator of 
the antenna longer than the spacing of the line, as shown 
in Fig 38. In severe wind areas, it may be necessary to 
use 4-inch thick Plexiglas for the center insulator rather 
than thinner material. 


RUNNING THE FEED LINE FROM THE 
ANTENNA TO THE STATION 


Chapter 24, Transmission Lines, contains some gen- 
eral guidelines for installing feed lines. More detailed 
information is contained in this section. Whenever pos- 
sible, the transmission line should be lead away from the 
antenna at a 90° angle to minimize coupling from the 
antenna to the transmission line. This coupling can cause 
unequal currents on the transmission line, which will then 
radiate and it can detune the antenna. 

Except for the portion of the line in close proximity 
to the antenna, coaxial cable requires no particular care 
in running from the antenna to the station entrance, other 
than protection from mechanical damage. If the antenna 
is not supported at the center, the line should be fastened 
to a post more than head high located under the center of 
the antenna, allowing enough slack between the post and 
the antenna to take care of any movement of the antenna 
in the wind. If the antenna feed point is supported by a 
tower or mast, the cable can be taped to the mast at inter- 
vals or to one leg of the tower. 

Coaxial cable rated for direct burial can be buried a 
few inches in the ground to make the run from the antenna 
to the station. A deep slit can be cut by pushing a square- 
end spade full depth into the ground and moving the 
handle back and forth to widen the slit before removing 
the spade. After the cable has been pushed into the slit 
with a piece of 1-inch board 3 or 4 inches wide, the slit 
can be tamped closed. Many hams run coax cables through 
PVC pipe buried in the ground deeper than the frost line 
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Fig 39—A support for open-wire line. The support at 
the antenna end of the line must be sufficiently rigid to 
stand the tension of the line. 


and slanted downwards slightly so that water will drain, 
rather than pooling inside the length of the pipe. 

Solid ribbon or the newer window types of line 
should be kept reasonably well spaced from other con- 
ductors running parallel to it for more than a few feet. 
TV-type standoff insulators with strap clamp mountings 
can be used for running this type of line down a mast or 
tower leg. Similar insulators of the screw-in type can be 
used in supporting the line on wooden poles for a long 
run. 

Open-wire lines with bare conductors require fre- 
quent supports to keep the lines from twisting and short- 
ing out, as well as to relieve the mechanical strain. One 
method of supporting a long horizontal run of heavy open- 
wire line is shown in Fig 39. The line must be anchored 
securely at a point under the feed point of the antenna. 
Window-type line can be supported similarly with wire 
links fastened to the insulators or with black cable ties 
(ones not affected by UV radiation from the sun). 

To keep the line clear of pedestrians and vehicles, it is 
usually desirable to anchor the feed line at the eaves or rafter 
line of the station building (see Fig 40), and then drop it 
vertically to the point of entrance. The points of anchorage 
and entrance should be chosen to permit the vertical drop 
without crossing windows for aesthetic reasons. 

If the station is located in aroom on the ground floor, 
one way of bringing coax transmission line into the house 
is to go through the outside wall below floor level, feed it 
through the basement or crawl space and then up to the 
station through a hole in the floor. When making the 
entrance hole in the side of the building, suitable mea- 
surements should be made in advance to be sure the hole 
will go through the sill 2 or 3 inches above the founda- 
tion line (and between joists if the bore is parallel to the 
joists). The line should be allowed to sag below the 
entrance hole level outside the building to allow rain water 
to drip off. 

Open-wire line can be fed in a similar manner, 
although it will require a separate hole for each conduc- 
tor. Each hole should be insulated with a length of poly- 
styrene or Lucite tubing. If available, ceramic tubes 
salvaged from old-fashioned knob and tube electrical 
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Fig 40—Anchoring open-wire line at the station end. The 
springs are especially desirable if the line is not 


supported between the antenna and the anchoring point. 


installations, work very well for this purpose. Drill the 
holes with a slight downward slant toward the outside of 
the building to prevent rain seepage. With window lad- 
der line, it will be necessary to remove a few of the 
spreader insulators, cut the line before passing through 
the holes (allowing enough length to reach the inside) 
and splice the remainder on the inside. 





Coax Splice 
Connector 





Fig 42—Feedthrough connector for coax line. An 
Amphenol 83-1J (PL-258) connector, the type used to 
splice sections of coax line together, is soldered into a 
hole cut in a brass mounting flange. An Amphenol 
bulkhead adapter 83-1F may be used instead. 
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Fig 41—An adjustable window lead-in panel made up of 
two sheets of Lucite or Plexiglas. A feedthrough 
connector for coax line can be made as shown in Fig 28. 
Ceramic feedthrough insulators are suitable for open- 
wire line. (W1RVE) 


If the station is located above ground level, or if there 
is other objection to the procedure described above, 
entrance can be made at a window, using the arrange- 
ment shown in Fig 41. An Amphenol type 83-1F 
(UG-363) connector can be used as shown in Fig 42; 
ceramic feedthrough insulators can be used for open-wire 
line. Ribbon line can be run through clearance holes in 
the panel, and secured by a winding of tape on either 
side of the panel, or by cutting the retaining rings and 
insulators from a pair of TV standoff insulators and 
clamping one on each side of the panel. 


LIGHTNING PROTECTION 


Two or three types of lightning arresters for coaxial 
cable are available on the market. If the antenna feed point 
is at the top of a well-grounded tower, the arrester can be 
fastened securely to the top of the tower for grounding 
purposes. A short length of cable, terminated in a coaxial 
plug, is then run from the antenna feed point to one 
receptacle of the arrester, while the transmission line is 
run from the other arrester receptacle to the station. Such 
arresters may also be placed at the entrance point to the 
station, if a suitable ground connection is available at that 
point (or arresters may be placed at both points for added 
insurance). 
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Fig 43—A simple lightning arrester for open-wire line 
made from three standoff or feedthrough insulators 
and sections of '/s x '/2-inch brass or copper strap. It 
should be installed in the line at the point where the 
line enters the station. The heavy ground lead should 
be as short and as direct as possible. The gap setting 
should be adjusted to the minimum width that will 
prohibit arcing when the transmitter is operated. 


The construction of a homemade arrester for open- 
wire line is shown in Fig 43. This type of arrester can be 
adapted to ribbon line an inch or so away from the center 
member of the arrester, as shown in Fig 44. Sufficient 
insulation should be removed from the line where it 
crosses the arrester to permit soldering the arrester con- 
necting leads. 


Lightning Grounds 


Lightning-ground connecting leads should be of 
conductor size equivalent to at least #10 wire. The #8 
aluminum wire used for TV-antenna grounds is satisfac- 
tory. Copper braid 3/4-inch wide (Belden 8662-10) is also 
suitable. The conductor should run in a straight line to 
the grounding point. The ground connection may be made 
to a water pipe system (if the pipe is not plastic), the 
grounded metal frame of a building, or to one or more 
5/s-inch ground rods driven to a depth of at least 8 feet. 
More detailed information on lightning protection is con- 
tained in Chapter 1, Safety. 

A central grounding panel for coax cables coming 
into the house is highly recommended. See Fig 45 for a 
photo of the homemade grounding panel installed by 
Chuck Hutchinson, K8CH, at his Michigan home. The 
coax cables screwed into dual-female feed-through UHF 
connectors. K8CH installed this aluminum panel under 
the outside grill for a duct that provided combustion air 
to an unused fireplace. He used ground strap to connect 
to ground rods located under the panel. See the ARRL 
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Fig 44—The lightning arrester of Fig 39 may be used 
with 300-Q ribbon line in the manner shown here. The 
TV standoffs support the line an inch or so away from 
the grounded center member of the arrester 





Fig 45—K8CH’s coax eniry panel mounted on exterior 
wall (later covered by grill that provides combustion to 
an unused fireplace). The ground braid goes to a 
ground rod located beneath the panel. (Photo courtesy: 
Simple and Fun Antennas for Hams) 


book Simple and Fun Antennas for more information 
about ground panels. 

Before a lightning storm approaches, a prudent ham 
will disconnect all feed lines, rotor lines and control lines 
inside the shack to prevent damage to sensitive electron- 
ics. When lightning is crashing about outside, you cer- 
tainly don’t want that lightning inside your shack! 
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Antennas 


A loop antenna is a closed-circuit antenna—that 
is, one in which a conductor is formed into one or more 
turns so its two ends are close together. Loops can be 
divided into two general classes, those in which both 
the total conductor length and the maximum linear di- 
mension of a turn are very small compared with the 
wavelength, and those in which both the conductor 
length and the loop dimensions begin to be comparable 
with the wavelength. 

A “small” loop can be considered to be simply a rather 
large coil, and the current distribution in such a loop is the 
same as in a coil. That is, the current has the same phase 
and the same amplitude in every part of the loop. To meet 
this condition, the total length of conductor in the loop 
must not exceed about 0.1 A. Small loops are discussed 
later in this chapter, and further in Chapter 14, Direction 
Finding Antennas. 

A “large” loop is one in which the current is not the 
same either in amplitude or phase in every part of the loop. 
This change in current distribution gives rise to entirely 
different properties compared with a small loop. 


Half-Wave Loops 


The smallest size of “large” loop generally used is 
one having a conductor length of '/2 A. The conductor is 
usually formed into a square, as shown in Fig 1, making 
each side '/s A long. When fed at the center of one side, 
the current flows in a closed loop as shown in Fig 1A. 
The current distribution is approximately the same as on 
a '/2 X wire, and so is maximum at the center of the side 
opposite the terminals X-Y, and minimum at the termi- 
nals themselves. This current distribution causes the field 
strength to be maximum in the plane of the loop and in 
the direction looking from the low-current side to the 
high-current side. If the side opposite the terminals is 


opened at the center as shown in Fig 1B (strictly speaking, 
it is then no longer a loop because it is no longer a closed 
circuit), the direction of current flow remains unchanged 
but the maximum current flow occurs at the terminals. This 
reverses the direction of maximum radiation. 

The radiation resistance at a current antinode (which is 
also the resistance at X-Y in Fig 1B) is on the order of 50 Q. 
The impedance at the terminals in Fig 1A is a few thousand 
ohms. This can be reduced by using two identical loops side 
by side with a few inches spacing between them and apply- 
ing power between terminal X on one loop and terminal Y on 
the other. 

Unlike a '/2 4 dipole or a small loop, there is no direc- 
tion in which the radiation from a loop of the type shown in 
Fig | is zero. There is appreciable radiation in the direction 
perpendicular to the plane of the loop, as well as to the “rear’”’— 
the opposite direction to the arrows shown. The front-to-back 
(F/B) ratio is approximately 4 to 6 dB. The small size and the 
shape of the directive pattern result in a loss of about | dB 
when the field strength in the optimum direction from such a 
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Fig 1—Half-wave loops, consisting of a single turn 
having a total length of 1/2 A. 
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loop is compared with the field from a '/2 A dipole in its 
optimum direction. 

The ratio of the forward radiation to the backward radia- 
tion can be increased, and the field strength likewise 
increased at the same time to give a gain of about | dB over 
a dipole, by using inductive reactances to “load” the sides 
joining the front and back of the loop. This is shown in 
Fig 2. The reactances, which should have a value of 
approximately 360 ©, decrease the current in the sides in 
which they are inserted and increase it in the side having 
terminals. This increases the directivity and thus increases 
the efficiency of the loop as a radiator. Lossy coils can re- 
duce this advantage greatly. 


One-Wavelength Loops 


Loops in which the conductor length is 1 4 have dif- 
ferent characteristics than'/2-A loops. Three forms of 1 A 
loops are shown in Fig 3. At A and B the sides of the 
squares are equal to '/s i, the difference being in the point 
at which the terminals are inserted. At C the sides of the 
triangle are equal to '/3 . The relative direction of cur- 
rent flow is as shown in the drawings. This direction 
reverses halfway around the perimeter of the loop, as such 
reversals always occur at the junction of each '/2-A sec- 
tion of wire. 

The directional characteristics of loops of this type 
are opposite in sense to those of a small loop. That is, the 
radiation is maximum perpendicular to the plane of the 
loop and is minimum in either direction in the plane con- 
taining the loop. If the three loops shown in Fig 3 are 
mounted in a vertical plane with the terminals at the bot- 
tom, the radiation is horizontally polarized. When the 
terminals are moved to the center of one vertical side in 
Fig 3A, or to a side corner in B, the radiation is vertically 
polarized. If the terminals are moved to a side corner in 
C, the polarization will be diagonal, containing both ver- 
tical and horizontal components. 

In contrast to straight-wire antennas, the electrical 
length of the circumference of a 1-A loop is shorter than 
the actual length. For a loop made of bare #18 wire and 
operating at a frequency of 14 MHz, where the ratio of 
conductor length to wire diameter is large, the loop will 
be close to resonance when 


1032 





Length foo = 
MHz 
The radiation resistance of a resonant | A loop is 
approximately 120 Q, under these conditions. Since the 
loop dimensions are larger than those of a '/2-A dipole, 
the radiation efficiency is high. 
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Fig 2—Inductive loading in the sides of a '/2-A loop to 
increase the directivity and gain. Maximum radiation or 
response is in the plane of the loop, in the direction 
shown by the arrow. 
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Fig 3—At A and B, loops having sides ‘/4 4 long, and at 
C having sides '/3 4 long (total conductor length 1 A). 
The polarization depends on the orientation of the loop 
and on the position of the feed point (terminals X-Y) 
around the perimeter of the loop. 


In the direction of maximum radiation (that is, broad- 
side to the plane of the loop, regardless of the point at 
which it is fed) the 1-A loop will show a small gain over 
a '/2-A dipole. Theoretically, this gain is about | dB, and 
measurements have confirmed that it is of this order. 

The 1-A loop is more frequently used as an element 
of a directive antenna array (the quad and delta-loop 
antennas described in Chapter 12, Quad Arrays) than 
singly, although there is no reason why it cannot be used 
alone. In the quad and delta loop, it is nearly always driven 
so that the polarization is horizontal. 


Small Loop Antennas 


The electrically small loop antenna has existed in vari- 
ous forms for many years. Probably the most familiar form 
of this antenna is the ferrite Joopstick found in portable AM 
broadcast-band receivers. Amateur applications of the small 
loop include direction finding, low-noise directional receiv- 
ing antennas for 1.8 and 3.5 MHz, and small transmitting 
antennas. Because the design of transmitting and receiving 
loops requires some different considerations, the two situa- 
tions are examined separately in this section. This informa- 
tion was written by Domenic M. Mallozzi, NIDM. 


The Basic Loop 


What is and what is not a small loop antenna? By 
definition, the loop is considered to be electrically small 
when its total conductor length is less than 0.1 A—0.085 
is the number used in this section. This size is based on 
the fact that the current around the perimeter of the loop 
must be in phase. When the winding conductor is more 
than about 0.085 A long, this is no longer true. This con- 
straint results in a very predictable figure-eight radiation 
pattern, shown in Fig 4. 

The simplest loop is a 1-turn untuned loop with a 
load connected to a pair of terminals located in the cen- 
ter of one of the sides, as shown in Fig 5. How its pattern 
is developed is easily pictured if we look at some “snap- 
shots” of the antenna relative to a signal source. Fig 6 
represents a loop from above, and shows the instanta- 
neous radiated voltage wave. Note that points A and B of 
the loop are receiving the same instantaneous voltage. 
This means that no current will flow through the loop, 
because there is no current flow between points of equal 
potential. A similar analysis of Fig 7, with the loop turned 
90° from the position represented in Fig 6, shows that 
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Fig 4—Calculated small loop antenna radiation pattern. 


this position of the loop provides maximum response. Of 
course, the voltage derived from the passing wave is small 
because of the small physical size of the loop. Fig 4 shows 
the ideal radiation pattern for a small loop. 

The voltage across the loop terminals is given by 


2mAN Ecos 0 
¥e n (Eq 1) 





where 


V = voltage across the loop terminals 

A = area of loop in square meters 

N = number of turns in the loop 

E = RF field strength in volts per meter 

6 = angle between the plane of the loop and the signal 
source (transmitting station) 

A = wavelength of operation in meters 
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Fig 5—Simple untuned small loop antenna. 
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Fig 6—Example of orientation of loop antenna that does 
not respond to a signal source (null in pattern). 
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Fig 7—Example of orientation of loop antenna for 
maximum response. 


This equation comes from a term called effective height. 
The effective height refers to the height (length) of a verti- 
cal piece of wire above ground that would deliver the same 
voltage to the receiver. The equation for effective height is 


2maNA 
h= 5 (Eq 2) 


where h is in meters and the other terms are as for Eq 1. 

A few minutes with a calculator will show that, with 
the constraints previously stated, the loop antenna will have 
a very small effective height. This means it will deliver a 
relatively small voltage to the receiver, even with a large 
transmitted signal. 


TUNED LOOPS 


We can tune the loop by placing a capacitor across the 
antenna terminals. This causes a larger voltage to appear 
across the loop terminals because of the Q of the parallel 
resonant circuit that is formed. 

The voltage across the loop terminals is now given by 


2nANEQcos0 
gee (Eq 3) 
where Q is the loaded Q of the tuned circuit, and the other 
terms are as defined above. 

Most amateur loops are of the tuned variety. For this 
reason, all comments that follow are based on tuned-loop 
antennas, consisting of one or more turns. The tuned-loop 
antenna has some particular advantages. For example, it puts 
high selectivity up at the “front” of a receiving system, where 
it can significantly help factors such as dynamic range. 
Loaded Q values of 100 or greater are easy to obtain with 
careful loop construction. 

Consider a situation where the inherent selectivity 
of the loop is helpful. Assume we have a loop with a Q 
of 100 at 1.805 MHz. We are working a DX station on 
1.805 MHz and are suffering strong interference from a 
local station 10 kHz away. Switching from a dipole to a 
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small loop will reduce the strength of the off-frequency sig- 
nal by 6 dB (approximately one S unit). This, in effect, in- 
creases the dynamic range of the receiver. In fact, if the 
off-frequency station were further off frequency, the attenu- 
ation would be greater. 

Another way the loop can help is by using the nulls 
in its pattern to null out on-frequency (or slightly off- 
frequency) interference. For example, say we are work- 
ing a DX station to the north, and just | kHz away is 
another local station engaged in a contact. The local sta- 
tion is to our west. We can simply rotate our loop to put 
its null to the west, and now the DX station should be 
readable while the local will be knocked down by 60 or 
more dB. This obviously is quite a noticeable difference. 
Loop nulls are very sharp and are generally noticeable 
only on ground-wave signals (more on this later). 

Of course, this method of nulling will be effective 
only if the interfering station and the station being worked 
are not in the same direction (or in exact opposite direc- 
tions) from our location. If the two stations were on the 
same line from our location, both the station being worked 
and the undesired station would be nulled out. Luckily 
the nulls are very sharp, so as long as the stations are at 
least 10° off axis from each other, the loop null will be 
usable. 

A similar use of the nulling capability is to elimi- 
nate local noise interference, such as that from a light 
dimmer in a neighbor’s house. Just put the null on the 
offending light dimmer, and the noise should disappear. 

Now that we have seen some possible uses of the 
small loop, let us look at a bit of detail about its design. 
First, the loop forms an inductor having a very small ra- 
tio of winding length to diameter. The equations for find- 
ing inductance given in most radio handbooks assume 
that the inductor coil is longer than its diameter. How- 
ever, F. W. Grover of the US National Bureau of Stan- 
dards has provided equations for inductors of common 
cross-sectional shapes and small length-to-diameter ra- 
tios. (See the Bibliography at the end of this chapter.) 
Grover’s equations are shown in Table 1. Their use will 
yield relatively accurate numbers; results are easily 
worked out with a scientific calculator or home computer. 

The value of a tuning capacitor for a loop is easy to 
calculate from the standard resonance equations. The only 
matter to consider before calculating this is the value of 
distributed capacitance of the loop winding. This capaci- 
tance shows up between adjacent turns of the coil be- 
cause of their slight difference in potential. This causes 
each turn to appear as a charge plate. As with all other 
capacitances, the value of the distributed capacitance is 
based on the physical dimensions of the coil. An exact 
mathematical analysis of its value is a complex problem. 
A simple approximation is given by Medhurst (see Bibli- 
ography) as: 


C=HD (Eq 4) 


where 
C = distributed capacitance in pF 
H = a constant related to the length-to-diameter ratio 
of the coil (Table 2 gives H values for length-to- 
diameter ratios used in loop antenna work.) 
D = diameter of the winding in cm 


Medhurst’s work was with coils of round cross 
section. For loops of square cross section the distributed 
capacitance is given by Bramslev (see Bibliography) as 
C=60S (Eq 5) 
where 


C = the distributed capacitance in pF 
S = the length of the side in meters 


If you convert the length in this equation to centime- 
ters, you will find Bramslev’s equation gives results in the 
same order of magnitude as Medhurst’s equation. 

This distributed capacitance appears as if it were a 
capacitor across the loop terminals. Therefore, when deter- 
mining the value of the tuning capacitor, the distributed 
capacitance must be subtracted from the total capacitance 
required to resonate the loop. The distributed capacitance 
also determines the highest frequency at which a particular 
loop can be used, because it is the minimum capacitance 
obtainable. 


Electrostatically Shielded Loops 


Over the years, many loop antennas have incorporated 
an electrostatic shield. This shield generally takes the form 
of a tube around the winding, made of a conductive but non- 
magnetic material (such as copper or aluminum). Its pur- 
pose is to maintain loop balance with respect to ground, by 
forcing the capacitance between all portions of the loop and 
ground to be identical. This is illustrated in Fig 8. It is neces- 
sary to maintain electrical loop balance to eliminate what is 
referred to as the antenna effect. When the antenna becomes 
unbalanced it appears to act partially as a small vertical 
antenna. This vertical pattern gets superimposed on the ideal 
figure-eight pattern, distorting the pattern and filling in the 
nulls. The type of pattern that results is shown in Fig 9. 

Adding the shield has the effect of somewhat reduc- 
ing the pickup of the loop, but this loss is generally off- 
set by the increase in null depth of the loops. Proper 
balance of the loop antenna requires that the load on the 
loop also be balanced. This is usually accomplished by 
use of a balun transformer or a balanced input preampli- 
fier. One important point regarding the shield is that it 
cannot form a continuous electrical path around the loop 
perimeter, or it will appear as a shorted coil turn. Usually 
the insulated break is located opposite the feed point to 
maintain symmetry. Another point to be considered is that 
the shield should be of a much larger diameter than the 
loop winding, or it will lower the Q of the loop. 

Various construction techniques have been used in 


Table 1 


Inductance Equations for Short Coils (Loop 
Antennas) 


Triangle: 


L (uH) = 0.006N* s 


1.1547sN 1348 (N41) / 
Gl all )-osssae « STSHEEN =e) 


(N+1)2 sN 


Square: 


L(uH)=0.008N? s 
‘ .4142sN 


n ae) +0.37942+ 


0.3333 (N+1)2 
sN 


Hexagon: 
L(uH)=0.012N?s 
| 2sN }roessaa. 1S De 


(N+1)¢ 


Octagon: 


L(uH)=0.016N? 


2.613sN 0.07153(N+1)/ 


where 
N = number of turns 
s = side length in cm 
£ = coil length in cm 


Note: In the case of single-turn coils, the diameter of the 
conductor should be used for /. 





Table 2 


Values of the Constant H for Distributed 
Capacitance 


Length to 

Diameter Ratio H 
0.10 0.96 
0.15 0.79 
0.20 0.78 
0.25 0.64 
0.30 0.60 
0.35 0.57 
0.40 0.54 
0.50 0.50 
1.00 0.46 
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Fig 8—At A, the loop is unbalanced by capacitance to 
its surroundings. At B, the use of an electrostatic 
shield overcomes this effect. 
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Fig 9—Distortion in loop pattern resulting from antenna 
effect. 


making shielded loops. Genaille located his loop wind- 
ing inside aluminum conduit, while True constructed an 
aluminum shield can around his winding. Others have 
used pieces of Hardline to form a loop, using the outer 
conductor as a shield. DeMaw used flexible coax with 
the shield broken at the center of the loop conductor in a 
multiturn loop for 1.8 MHz. Goldman uses another shield- 
ing method for broadcast receiver loops. His shield is in 
the form of a barrel made of hardware cloth, with the 
loop in its center. (See Bibliography for above references.) 
All these methods provide sufficient shielding to main- 
tain the balance. It is possible, as Nelson shows, to con- 
struct an unshielded loop with good nulls (60 dB or better) 
by paying great care to symmetry. 


LOOP Q 


As previously mentioned, Q is an important consider- 
ation in loop performance because it determines both the 
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loop bandwidth and its terminal voltage for a given field 
strength. The loaded Q of a loop is based on four major 
factors. These are (1) the intrinsic Q of the loop winding, 
(2) the effect of the load, (3) the effect of the electrostatic 
shield, and (4) the Q of the tuning capacitor. 

The major factor is the Q of the winding of the loop 
itself. The ac resistance of the conductor caused by skin 
effect is the major consideration. The ac resistance for cop- 
per conductors may be determined from 


0.996% Tear 
- d 





(Eq 6) 
where 


R = resistance in ohms per foot 
f = frequency, Hz 
d = conductor diameter, inches 


The Q of the inductor is then easily determined by tak- 
ing the reactance of the inductor and dividing it by the ac 
resistance. If you are using a multiturn loop and are a per- 
fectionist, you might also want to include the loss from con- 
ductor proximity effect. This effect is described in detail 
later in this chapter, in the section on transmitting loops. 

Improvement in Q can be obtained in some cases by 
the use of Litz wire (short for Litzendraht). Litz wire con- 
sists of strands of individual insulated wires that are woven 
into bundles in such a manner that each conductor occupies 
each location in the bundle with equal frequency. Litz wire 
results in improved Q over solid or stranded wire of equiva- 
lent size, up to about 3 MHz. 

Also, the Q of the tuned circuit of the loop antenna 
is determined by the Q of the capacitors used to resonate 
it. In the case of air variables or dipped micas this is not 
usually a problem. But if variable-capacitance diodes are 
used to remotely tune the loop, pay particular attention 
to the manufacturer’s specification for Q of the diode at 
the frequency of operation. The tuning diodes can have a 
significant effect on circuit Q. 

Now we consider the effect of load impedance on 
loop Q. In the case of a directly coupled loop (as in 
Fig 5), the load is connected directly across the loop ter- 
minals, causing it to be treated as a parallel resistance in 
a parallel-tuned RLC circuit. Obviously, if the load is of 
a low value, the Q of the loop will be low. A simple way 
to correct this is to use a transformer to step up the load 
impedance that appears across the loop terminals. In fact, 
if we make this transformer a balun, it also allows us to 
use our unbalanced receivers with the loop and maintain 
loop symmetry. Another solution is to use what is referred 
to as an inductively coupled loop, such as DeMaw’s four 
turn electrostatically shielded loop. A one-turn link is 
connected to the receiver. This turn is wound with the 
four-turn loop. In effect, this builds the transformer into 
the antenna. 

Another solution to the problem of load impedance on 
loop Q is to use an active preamplifier with a high imped- 


ance balanced input and unbalanced output. This method 
also has the advantage of amplifying the low-level output 
voltage of the loop to where it can be used with a receiver of 
even mediocre sensitivity. In fact, the Q of the loop when 
used with a balanced preamplifier having high input imped- 
ance may be so high as to be unusable in certain applica- 
tions. An example of this situation would occur where a 
loop is being used to receive a 5 kHz wide AM signal at a 
frequency where the bandwidth of the loop is only 1.5 kHz. 
In this case the detected audio might be very distorted. The 
solution to this is to put a Q-degrading resistor across the 
loop terminals. 


FERRITE-CORE LOOP ANTENNAS 


The ferrite-core loop antenna is a special case of the 
air-core receiving loops considered up to now. Because of 
its use in every AM broadcast-band portable radio, the fer- 
rite-core loop is, by quantity, the most popular form of the 
loop antenna. But broadcast-band reception is far from its 
only use; it is commonly found in radio-direction-finding 
equipment and low-frequency-receiving systems (below 
500 kHz) for time and frequency standard systems. In 
recent years, design information on these types of antennas 
has been a bit sparse in the amateur literature, so the next 
few paragraphs are devoted to providing some details. 

Ferrite-loop antennas are characteristically very small 
compared to the frequency of use. For example, a 3.5-MHz 
version may be in the range of 15 to 30 cm long and about 
1.25 cm in diameter. Earlier in this chapter, effective height 
was introduced as a measure of loop sensitivity. The effec- 
tive height of an air-core loop antenna is given by Eq 2. 





es ee ee 


Loop 


Magnetic 
Core 





(B) 


ANT0136 


Fig 10—At A, an air-core loop has no effect on nearby 
field lines. B illustrates the effect of a ferrite core on 
nearby field lines. The field is altered by the reluctance 
of the ferrite material. 


If an air-core loop is placed in a field, in essence it 
cuts the lines of flux without disturbing them (Fig 10A). 
On the other hand, when a ferrite (magnetic) core is placed 
in the field, the nearby field lines are redirected into the 
loop (Fig 10B). This is because the reluctance of the fer- 
rite material is less than that of the surrounding air, so 
the nearby flux lines tend to flow through the loop rather 
than passing it by. (Reluctance is the magnetic analogy 
of resistance, while flux is analogous to current.) The 
reluctance is inversely proportional to the permeability 
of the rod core, L,,g. (In some texts the rod permeability 
is referred to as effective permeability, Ug¢-). This effect 
modifies the equation for effective height of a ferrite-core 
loop to 


2mNA 
h= us Prod 


x (Eq 7) 


where 


h = effective height (length) in meters 
N = number of turns in the loop 

A = area of loop in square meters 

Lg = permeability of the ferrite rod 
A = wavelength of operation in meters 


This obviously is a large increase in “collected” sig- 
nal. If the rod permeability were 90, this would be the same 
as making the loop area 90 times larger with the same num- 
ber of turns. For example, a 1.25-cm diameter ferrite-core 
loop would have an effective height equal to an air-core loop 
22.5 cm in diameter (with the same number of turns). 

By now you might have noticed we have been very 
careful to refer to rod permeability. There is a very impor- 
tant reason for this. The permeability that a rod of ferrite 
exhibits is a combination of the material permeability or 
, the shape of the rod, and the dimensions of the rod. In 
ferrite rods, u is sometimes referred to as initial perme- 
ability, L,, or toroidal permeability, 1... Because most 
amateur ferrite loops are in the form of rods, we will dis- 
cuss only this shape. 

The reason that |, is different from [lis a very com- 
plex physics problem that is well beyond the scope of 
this book. For those interested in the details, books by 
Polydoroff and by Snelling cover this subject in consid- 
erable detail. (See Bibliography.) For our purposes a 
simple explanation will suffice. The rod is in fact not a 
perfect director of flux, as is illustrated in Fig 11. Note 
that some lines impinge on the sides of the core and also 
exit from the sides. These lines therefore would not pass 
through all the turns of the coil if it were wound from 
one end of the core to the other. These flux lines are 
referred to as leakage flux, or sometimes as flux leakage. 

Leakage flux causes the flux density in the core to be 
nonuniform along its length. From Fig 11 it can be seen that 
the flux has a maximum at the geometric center of the length 
of the core, and decreases as the ends of the core are 
approached. This causes some noticeable effects. As a short 
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coil is placed at different locations along a long core, its 
inductance will change. The maximum inductance exists 
when the coil is centered on the rod. The Q of a short coil on 
a long rod is greatest at the center. On the other hand, if you 
require a higher Q than this, it is recommended that you 
spread the coil turns along the whole length of the core, 
even though this will result in a lower value of inductance. 
(The inductance can be increased to the original value by 
adding turns.) Fig 12 gives the relationship of rod perme- 
ability to material permeability for a variety of values. 

The change in u over the length of the rod results in an 
adjustment in the term |. ,, for its so called “free ends” (those 
not covered by the winding). This adjustment factor is given 
by 


i a 
He =Hrod Ja 


where 


(Eq 8) 


uw’ = the corrected permeability 
a = the length of the core 
b = the length of the coil 


This value of ’ should be used in place of LU, , in Eq 7 
to obtain the most accurate value of effective height. 

All these variables make the calculation of ferrite loop 
antenna inductance somewhat less accurate than for the air- 
core version. The inductance of a ferrite loop is given by 





at N? Attia x 107 


E 
; (Eq 9) 


where 


L = inductance in nH 

N = number of turns 

A = cross-sectional area of the core in square mm 
é = magnetic length of core in mm 


Experiments indicate that the winding diameter should 
be as close to that of the rod diameter as practical in order to 
maximize both inductance value and Q. By using all this 
information, we may determine the voltage at the loop ter- 
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Fig 11—Example of magnetic field lines near a practical 


ferrite rod, showing leakage flux. 
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minals and its signal-to-noise ratio (SNR). The voltage may 
be determined from 


2nANwQE 
yo ZtA NE QE (Eq 10) 
xr 
where 


V = output voltage across the loop terminals 
A = loop area in square meters 

N = number of turns in the loop winding 

w’ = corrected rod permeability 

Q = loaded Q of the loop 

E = RF field strength in volts per meter 

A = wavelength of operation in meters 


Lankford’s equation for the sensitivity of the loop for 
a 10 dB SNR is 


1.09 x10 rf Lb 

































































































































































= (Eq 11) 
ANp'yQ 
where 
f = operating frequency in Hz 
L = loop inductance in henrys 
b = receiver bandwidth in Hz 
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Fig 12—Rod permeability, }t,.g, versus material 
permeability, p, for different rod length-to-diameter 
ratios. 


Similarly, Belrose gives the SNR of a tuned loop 
antenna as 


— 66.3NAbioa E [QF 
Vb L 


From this, if the field strength E, eee b, and A are 
fixed, then Q or N must increase (or L decrease) to yield 
a better SNR. Higher sensitivity can also be obtained 
(especially at frequencies below 500 kHz) by bunching 
ferrite cores together to increase the loop area over that 
which would be possible with a single rod. High sensi- 
tivity is important because loop antennas are not the most 
efficient collectors of signals, but they do offer improve- 
ment over other receiving antennas in terms of SNR. For 
this reason, you should attempt to maximize the SNR 
when using a small loop receiving antenna. In some cases 
there may be physical constraints that limit how large you 
can make a ferrite-core loop. 

After working through Eq 11 or 12, you might find 
you still require some increase in antenna system gain to 
effectively use your loop. In these cases the addition of 
a low noise preamplifier may be quite valuable even 
on the lower frequency bands where they are not com- 
monly used. Chapter 14 contains information on such 
preamplifiers. 

The electrostatic shield discussed earlier with refer- 
ence to air-core loops can be used effectively with fer- 
rite-core loops. (Construction examples are presented in 
Chapter 14.) As in the air-core loop, a shield will reduce 
electrical noise and improve loop balance. 


SNR 





(Eq 12) 


PROPAGATION EFFECTS ON NULL 
DEPTH 


After building a balanced loop you may find it does 
not approach the theoretical performance in the null depth. 
This problem may result from propagation effects. Tilt- 
ing the loop away from a vertical plane may improve per- 
formance under some propagation conditions, to account 
for the vertical angle of arrival. Basically, the loop per- 
forms as described above only when the signal is arriv- 
ing perpendicular to the axis of rotation of the loop. At 
incidence angles other than perpendicular, the position 
and depth of the nulls deteriorate. 

The problem can be even further influenced by the 
fact that if the loop is situated over less than perfectly 
conductive ground, the wave front will appear to tilt or 
bend. (This bending is not always detrimental; in the case 
of Beverage antennas, sites are chosen to take advantage 
of this effect.) 

Another cause of apparent poor performance in the 
null depth can be from polarization error. If the polariza- 
tion of the signal is not completely linear, the nulls will 
not be sharp. In fact, for circularly polarized signals, the 
loop might appear to have almost no nulls. Propagation 
effects are discussed further in Chapter 14. 


SITING EFFECTS ON THE LOOP 


The location of the loop has an influence on its perfor- 
mance that at times may become quite noticeable. For ideal 
performance the loop should be located outdoors and clear 
of any large conductors, such as metallic downspouts and 
towers. A VLF loop, when mounted this way, will show 
good sharp nulls spaced 180° apart if the loop is well bal- 
anced. This is because the major propagation mode at VLF 
is by ground wave. At frequencies in the HF region, a sig- 
nificant portion of the signals is propagated by sky wave, 
and nulls are often only partial. 

Most hams locate their loop antennas near their 
operating position. If you choose to locate a small loop 
indoors, its performance may show nulls of less than the 
expected depth, and some skewing of the pattern. For 
precision direction finding there may be some errors 
associated with wiring, plumbing, and other metallic con- 
struction members in the building. Also, a strong local 
signal may be reradiated from the surrounding conduc- 
tors so that it cannot be nulled with any positioning of 
the loop. There appears to be no known method of curing 
this type of problem. All this should not discourage you 
from locating a loop indoors; this information is presented 
here only to give you an idea of some pitfalls. Many hams 
have reported excellent results with indoor mounted loops, 
in spite of some of the problems. 

Locating a receiving loop in the field of a transmitting 
antenna may cause a large voltage to appear at the receiver 
antenna terminals. This may be sufficient to destroy sensi- 
tive RF amplifier transistors or front-end protection diodes. 
This can be solved by disconnecting your loop from the 
receiver during transmit periods. This can obviously be done 
automatically with a relay that opens when the transmitter 
is activated. 


LOOP ANTENNA ARRAYS 


Atrays of loop antennas, both in combination with each 
other and with other antenna types, have been used for many 
years. The arrays are generally used to cure some “defi- 
ciency” in the basic loop for a particular application, such 
as a 180° ambiguity in the null direction, low sensitivity, 
and so forth. 


A Sensing Element 


For direction-finding applications the single loop suf- 
fers the problem of having two nulls that are 180° apart. 
This leads to an ambiguity of 180° when trying to find the 
direction to a transmitting station from a given location. A 
sensing element (often called a sense antenna) may be added 
to the loop, causing the overall antenna to have a cardioid 
pattern and only one null. The sensing element is a small 
vertical antenna whose height is equal to or greater than the 
loop effective height. This vertical is physically close to the 
loop, and when its omnidirectional pattern is adjusted so 
that its amplitude and phase are equal to one of the loop 
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lobes, the patterns combine to form a cardioid. This antenna 
can be made quite compact by use of a ferrite loop to form 
a portable DF antenna for HF direction finding. Chapter 14 
contains additional information and construction projects 
using sensing elements. 


Arrays of Loops 


A more advanced array that can develop more diverse 
patterns consists of two or more loops. Their outputs are 
combined through appropriate phasing lines and combiners 
to form a phased array. Two loops can also be formed into 
an array that can be rotated without physically turning the 
loops themselves. This method was developed by Bellini 
and Tosi in 1907 and performs this apparently contradic- 
tory feat by use of a special transformer called a goniom- 
eter. The goniometer is described in Chapter 14. 


Aperiodic Arrays 


The aperiodic loop array is a wide-band antenna. This 
type of array is useful over at least a decade of frequency, 
such as 2 to 20 MHz. Unlike most of the loops discussed up 
to now, the loop elements in an aperiodic array are untuned. 
Such arrays have been used commercially for many years. 
One loop used in such an array is shown in Fig 13. This 
loop is quite different from all the loops discussed so far in 
this chapter because its pattern is not the familiar figure eight. 
Rather, it is omnidirectional. 

The antenna is omnidirectional because it is purposely 
unbalanced, and also because the isolating resistor causes 





ANT0139 , ; 
Isolating Resistor 







Amplifier 


Approx. 60" 


Coaxial Cable 


Ui, 


Fig 13—A single wide-band loop antenna used in an 
aperiodic array. 
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the antenna to appear as two closely spaced short mono- 
poles. The loop maintains the omnidirectional characteris- 
tics over a frequency range of at least four or five to one. 
These loops, when combined into end-fire or broadside 
phased arrays, can provide quite impressive performance. 
A commercially made end-fire array of this type consisting 
of four loops equally spaced along a 25-meter baseline can 
provide gains in excess of 5 dBi over a range of 2 to 
30 MHz. Over a considerable portion of this frequency range, 
the array can maintain F/B ratios of 10 dB. Even though the 
commercial version is very expensive, an amateur version 
can be constructed using the information provided by 
Lambert. One interesting feature of this type of array is that, 
with the proper combination of hybrids and combiners, the 
antenna can simultaneously feed two receivers with signals 
from different directions, as shown in Fig 14. This antenna 
may be especially interesting to one wanting a directional 
receiving array for two or more adjacent amateur bands. 


SMALL TRANSMITTING LOOP 
ANTENNAS 


The electrically small transmitting-loop antenna 
involves some different design considerations compared to 
receiving loops. Unlike receiving loops, the size limitations 
of the antenna are not as clearly defined. For most purposes, 
any transmitting loop whose physical circumference is less 
than 4 can be considered “small.” In most cases, as a con- 
sequence of their relatively large size (when compared to a 
receiving loop), transmitting loops have a nonuniform cur- 
rent distribution along their circumference. This leads to 
some performance changes from a receiving loop. 

The transmitting loop is a parallel-tuned circuit with a 
large inductor acting as the radiator. As with the receiving 
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Fig 14—Block diagram of a four-loop broadside array 
with dual beams separated by 60° in azimuth. 





Table 3 
Transmitting Loop Equations 





X,_ =2TfLohms 
2A AL 
Q Af 2(Ra +R,) 


NA 


Rr =3.12x108| St 


Vo = PX, Q 


2 
ohms 


where 
X,_ = inductive reactance, ohms 
f = frequency, Hz 
Af = bandwidth, Hz 
Rr = radiation resistance, ohms 
R, = loss resistance, ohms (see text) 
N = number of turns 
A = area enclosed by loop, square meters 
i = wavelength at operating frequency, meters 
Vc = voltage across capacitor 
P = power, watts 
IL = resonant circulating current in loop 





loop, the calculation of the transmitting-loop inductance may 
be carried out with the equations in Table 1. Avoid equations 
for long solenoids found in most texts. Other fundamental 
equations for transmitting loops are given in Table 3. 

In the March 1968 QST, Lew McCoy, WIICP, intro- 
duced the so-called “Army Loop” to radio amateurs. This 
was an amateur version of a loop designed for portable use 
in Southeast Asia by Patterson of the US Army and described 
in 1967. The Army Loop is diagrammed in Fig 15A, show- 
ing that this is a parallel tuned circuit fed by a tapped- 
capacitance impedance-matching network. 

The Hart “high-efficiency” loop was introduced in the 
June 1986 OST by Ted Hart, W5QJR. It is shown schemati- 
cally in Fig 15B and has the series-tuning capacitor sepa- 
rate from the matching network. The Hart matching network 
is basically a form of gamma match. Other designs have 
used a smaller loop connected to the transmission line to 
couple into the larger transmitting loop. 

The approximate radiation resistance of a loop in ohms 
is given by 


2 
NA 
Rp = 3.12 x 10° (4) 


where 


(Eq 13) 


N = number of turns 
A = area of loop in square meters 
i = wavelength of operation in meters 
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Fig 15—At A, a simplified diagram of the Army Loop. At B, the W5QJR loop, which is described in more detail later 


in this chapter. 
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The radiation resistance of a small transmitting loop is 
usually very small. For example, a 1-meter diameter, single- 
turn circular loop has a radius of 0.5 meters and an enclosed 
area of 1 X 0.52 = 0.785 m2. Operated at 14.0 MHz, the 
free-space wavelength is 21.4 meters and this leads to a com- 
puted radiation resistance of only 3.12 x 10-4 (0.785/21.42)2 
= 0.092 Q. 

Unfortunately the loop also has losses, both ohmic and 
from skin effect. By using this information, the radiation 
efficiency of a loop can be calculated from 


Re 


os 


(Eq 14) 


where 


1 = antenna efficiency, % 

R, = radiation resistance, Q 

KR. = loss resistance, Q, which includes the loop’s con- 
ductor loss plus the loss in the series-tuning capacitor. 

A simple ratio of Rp versus Ry shows the effects on 
the efficiency, as can be seen from Fig 16. The loss resis- 
tance is primarily the ac resistance of the conductor. This 
can be calculated from Eq 6. A transmitting loop gener- 
ally requires the use of copper conductors of at least 
3% inch in diameter in order to obtain reasonable efficiency. 
Tubing is as useful as a solid conductor because high- 
frequency currents flow only along a very small depth of 
the surface of the conductor; the center of the conductor 
has almost no effect on current flow. 

Note that the R;, term above also includes the effect of 
the tuning capacitor’s loss. Normally, the unloaded Q of a 
capacitor can be considered to be so high that any loss in 
the tuning capacitor can be neglected. For example, a very 
high-quality tuning capacitor with no mechanical wiping 
contacts, such as a vacuum-variable or a transmitting but- 
terfly capacitor, might have an unloaded Q of about 5000. 
This implies a series loss resistance of less than about 
0.02 © for a capacitive reactance of 100 Q. This relatively 
tiny loss resistance can become significant, however, when 
the radiation resistance of the loop is only on the order of 
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Fig 16—Effect of ratio of Rm/R, on loop efficiency. 
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0.1 Q! Practical details for curbing capacitor losses are cov- 
ered later in this chapter. 

In the case of multiturn loops there is an additional 
loss related to a term called proximity effect. The proximity 
effect occurs in cases where the turns are closely spaced 
(such as being spaced one wire diameter apart). As these 
current-carrying conductors are brought close to each other, 
the current density around the circumference of each con- 
ductor gets redistributed. The result is that more current per 
square meter is flowing at the surfaces adjacent to other 
conductors. This means that the loss is higher than a simple 
skin-effect analysis would indicate, because the current is 
bunched so it flows through a smaller cross section of the 
conductor than if the other turns were not present. 

As the efficiency of a loop approaches 90%, the prox- 
imity effect is less serious. But unfortunately, the less 
efficient the loop, the worse the effect. For example, an 8- 
turn transmitting loop with an efficiency of 10% (calcu- 
lated by the skin-effect method) actually only has an 
efficiency of 3% because of the additional losses intro- 
duced by the proximity effect. If you are contemplating 
construction of a multiturn transmitting loop, you might 
want to consider spreading the conductors apart to reduce 
this effect. G. S. Smith includes graphs that detail this 
effect in his 1972 IEEE paper. 

The components in a resonated transmitting loop are 
subject to both high currents and voltages as a result of 
the large circulating currents found in the high-Q tuned 
circuit formed by the antenna. This makes it important 
that any fixed capacitors have a high RF current rating, 
such as transmitting micas or the Centralab 850 series. 
Be aware that even a 100-W transmitter can develop 
currents in the tens of amperes, and voltages across the 
tuning capacitor in excess of 10,000 V. This consider- 
ation also applies to any conductors used to connect the 
loop to the capacitors. A piece of #14 wire may have more 
resistance than the rest of the loop conductor! 

It is therefore best to use copper strips or the braid 
from a piece of large coax cable to make any connections. 
Make the best electrical connection possible, using sol- 
dered or welded joints. Using nuts and bolts should be 
avoided, because at RF these joints generally have high 
resistance, especially after being subjected to weathering. 

An unfortunate consequence of having a small but high- 
efficiency transmitting loop is high loaded Q, and therefore 
limited bandwidth. This type of antenna may require retun- 
ing for frequency changes as little as 5 kHz. If you are using 
any wide-band mode such as AM or FM, this might cause 
fidelity problems and you might wish to sacrifice a little 
efficiency to obtain the required bandwidth. 

A special case of the transmitting loop is that of the 
ferrite-loaded loop. This is a logical extension of the trans- 
mitting loop if we consider the improvement that a ferrite 
core makes in receiving loops. The use of ferrites in a trans- 
mitting loop is still under development. (See the Bibliogra- 
phy reference for DeVore and Bohley.) 


PRACTICAL COMPACT TRANSMITTING 
LOOPS 


The ideal small transmitting antenna would have per- 
formance equal to a large antenna. A small loop antenna 
can approach that performance except for a reduction in 
bandwidth, but that effect can be overcome by retuning. This 
section is adapted and updated from material written by 
Robert T. (Ted) Hart, WSQJR. 

As pointed out above, small antennas are character- 
ized by low radiation resistance. For a typical small antenna, 
such as a short dipole, loading coils are often added to 
achieve resonance. However, the loss inherent in the coils 
can result in an antenna with low efficiency. If instead of 
coils a large, low-loss capacitor is added to a low-loss con- 
ductor to achieve resonance, and if the antenna conductor is 
bent to connect the ends to the capacitor, a loop is formed. 

Based on this concept, the small loop is capable of rela- 
tively high efficiency, compared to its coil-loaded cousin. 
In addition, the small loop, when mounted vertically, can 
radiate efficiently over the wide range of elevation angles 
required on the lower frequency bands. This is because it 
has both high-angle and low-angle response. See Fig 17, 
which shows the elevation response for a compact transmit- 
ting loop only 16.2 inches wide at 14.2 MHz. This loop is 
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Fig 17—Elevation-plane plot at 14.2 MHz, showing 
response of an 8.5-foot circumference octagonal 
copper loop (width of 16.2 inches), compared to a full- 
sized 1/4 ground-plane vertical with two elevated 4/4 
radials, the same small loop flipped horizontally at a 
height of 30 feet, and lastly, a 1/2 flattop dipole also at a 
height of 30 feet. Both the 4/4 ground-plane vertical and 
the vertically polarized loop are elevated 8 feet above 
typical ground, with o = 5 mS/m and ¢ = 13. The low 
vertically polarized loop is surprisingly competitive, 
only down about 2.5 dB compared to the far larger 
ground plane at low elevation angles. Note that the 
vertical loop has both high-angle as well as low-angle 
radiation, and hence would be better at working close- 
in local stations than the ground-plane vertical, with its 
deep nulls at higher angles. The simple flattop dipole, 
however, is better than either vertical because of the 
poor ground reflection for a vertically polarized 
compared to a horizontally polarized signal. 


vertically polarized and its bottom is 8 feet above average 
ground, which has a conductivity of 5 mS/m and a dielec- 
tric constant of 13. For comparison, Fig 17 also shows the 
responses of three other reference antennas—the same small 
loop flipped sideways at a height of 30 feet to produce hori- 
zontal radiation, a full-sized 14-A ground plane antenna 
mounted 8 feet above average ground using two tuned radi- 
als, and finally a simple % A flattop dipole mounted 30 feet 
above flat ground. The considerably smaller transmitting 
loop comes to within 3 dB of the larger '4-A vertical at a 10° 
elevation angle, and it is far stronger for high elevation angles 
because it does not have the null at high elevation angles 
that the ground plane has. Of course, this characteristic does 
make it more susceptible to strong signals received at high 
elevation angles. Incidentally, just in case you were won- 
dering, adding more radials to the 4/4 ground plane doesn’t 
materially improve its performance when mounted at an 
8-foot height on 20 meters. 

The simple horizontal dipole in Fig 17 would be the 
clear winner in any shootout because its horizontally polar- 
ized radiation does not suffer as much attenuation at reflec- 
tion from ground as does a vertically polarized wave. The 
case is not quite so clear-cut, however, for the small loop 
mounted horizontally at 30 feet. While it does have increased 
gain at medium elevation angles, it may not be worth the 
effort needed to mount it on a mast, considering the slight 
loss at low angles compared to its twin mounted vertically 
only 8 feet above ground. 

A physically small antenna like the 16.2-inch-wide 
vertically polarized loop does put out an impressive signal 
compared to far larger competing antennas. Though some- 
what ungainly, it is a substantially better performer than most 
mobile whips, for example. The main deficiency in a com- 
pact transmitting loop is its narrow bandwidth—it must be 
accurately tuned to the operating frequency. The use of a 
remote motor drive allows the loop to be tuned over a wide 
frequency range. 

For example, for fixed-station use, two loops could be 
constructed to provide continuous frequency coverage from 
3.5 to 30 MHz. A loop with an 8.5 foot circumference, 
16 inches wide, could cover 10 through 30 MHz and a loop 
with a 20-foot circumference, 72 inches wide, could cover 
3.5 to 10.1 MHz. 

Table 4 presents summary data for various size loop 
antennas for the HF amateur bands. Through computer 
analysis, the optimum size conductor was determined to be 
3/4-inch rigid copper water pipe, considering both perfor- 
mance and cost. Performance will be compromised, but only 
slightly, if °/s-inch flexible copper tubing is used. This tub- 
ing can easily be bent to any desired shape, even a circle. 
The rigid */4-inch copper pipe is best used with 45° elbows 
to make an octagon. 

The loop circumference should be between '/s and 
‘’s X at the operating frequency. It will become self-reso- 
nant above '/4 A, and efficiency drops rapidly below '/s i. 
In the frequency ranges shown in Table 4, the high fre- 
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Table 4 
Design Data for Loops 


Loop Circumference = —8.5' (Width = 32.4"), Vertically 


Polarized 
Frequency, MHz 10.1. 14.2 21.2 29.0 
Max Gain, dBi -4.47 -1.42 +1.34 +2.97 


Max Elevation Angle 40° 30° 22° 90° 


Gain, dBi @10° -8.40 -4.61  -0.87 +0.40 
Total Capacitance, pF 145 70 29 13 
Peak Capacitor kV 23 27 30 30 


Loop Circumference = 8.5' (Width = 32.4"), Horizontally 
Polarized, @30' 


Frequency, MHz 10.1. 14.2 21.2 29.0 
Max Gain, dBi -3.06 +1.71 +5.43 +6.60 
Max Elevation Angle 34° 28° 20° 16° 
Gain, dBi @10° -9.25 -3.11 +2.61 +5.34 
Total Capacitance, pF 145 70 29 13 
Peak Capacitor kV 23 27 30 30 


Loop Circumference = 20' (Width = 6'), Vertically 
Polarized 


Frequency, MHz 3.5 4.0 7.2 10.1 
Max Gain, dBi -7.40 -6.07 -1.69 -0.34 
Max Elevation Angle 68° 60° 38° 30° 
Gain, dBi @10° -—11.46-10.12 -5.27 -3.33 
Capacitance, pF 379 286 85 38 
Peak Capacitor kV 22 24 26 30 


quency is tuned with a minimum capacitance of about 
29 pF—including stray capacitance. 

The low frequency listed in Table 4 is that where the 
loop response is down about 10 dB from that of a full-sized 
elevated ground plane at low elevation angles suitable for 
DX work. Fig 18 shows an overlay at 3.5 MHz of the eleva- 
tion responses for two loops: one with an 8.5-foot circum- 
ference and one with a 20-foot circumference, together with 
the response for a full-sized 80-meter ground plane elevated 
8 feet off average ground with 2 tuned radials. The 20-foot 
circumference loop holds its own well compared to the full- 
sized ground plane. 


Controlling Losses 


Contrary to earlier reports, adding quarter-wave 
ground radials underneath a vertically polarized trans- 
mitting loop doesn’t materially increase loop efficiency. 
The size of the conductor used for a transmitting loop, 
however, does directly affect several interrelated aspects 
of loop performance. 
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Loop Circumference = 20' (Width = 6'), Horizontally 
Polarized, @30' 
Frequency, MHz 3.5 4.0 7.2 10.1 


Max Gain, dBi -13.32 -10.60 -0.20 +3.20 
Max Elevation Angle 42° 42° 38° 34° 
Gain, dBi @10° —21.62-18.79 -7.51 -3.22 
Capacitance, pF 379 286 85 38 
Peak Capacitor kV 22 24 26 30 


Loop Circumference = 38' (Width = 11.5'), Vertically 
Polarized 

Frequency, MHz 3.5 4.0 7.2 

Max Gain, dBi —2.93 -2.20 -0.05 

Max Elevation Angle 46° 42° 28° 


Gain, dBi @10° -6.48 -5.69 -2.80 
Capacitance, pF 165 123 29 
Peak Capacitor kV 26 27 33 


Notes: These loops are octagonal in shape, constructed 
with %-inch copper water pipe and soldered 45° copper 
elbows. The gain figures assume a capacitor unloaded 
Qe = 5000, typical for vacuum-variable type of tuning 
capacitor. The bottom of the loop is assumed to be 

8 feet high for safety and the ground constants are 
“typical” at conductivity = 5 mS/m and dielectric con- 
stant = 13. Transmitter power is 1500 W. The voltage 
across the tuning capacitor for lower powers goes down 


a 
1500 ° For example, at 100 W 


using the 38-foot-circumference loop at 7.2 MHz, the 


100 
peak voltage would be 33 kV x ,j—— =8.5kV. 
1500 


with a multiplier of 


Data for Table 4 was computed for %4-inch copper 
water pipe (nominal OD of 0.9 inch). Note that the effi- 
ciency is higher and the Q is lower for loops having a 
circumference near '/1 1. Larger pipe size will reduce the 
loss resistance, but the Q increases. Therefore the band- 
width decreases, and the voltage across the tuning capa- 
citor increases. The voltage across the tuning capacitor 
for high-power operation can become very impressive, 
as shown in Table 4. Rigid 34-inch copper water pipe is a 
good electrical compromise and can also help make a 
small-diameter loop mechanically sturdy. 

The equivalent electrical circuit for the loop is a par- 
allel resonant circuit with a very high Q, and therefore a 
narrow bandwidth. The efficiency is a function of radia- 
tion resistance divided by the sum of the radiation plus 
loss resistances. The radiation resistance is much less than 
1 Q, so it is necessary to minimize the loss resistance, 
which is largely the skin-effect loss of the conductor, as- 
suming that the tuning capacitor has very low loss. Poor 
construction techniques must be avoided. All joints in the 


loop must be brazed or soldered. 

However, if the system loss is too low, for example 
by using even larger diameter tubing, the Q may become 
excessive and the bandwidth may become too narrow for 
practical use. These reasons dictate the need for a com- 
plete analysis to be performed before proceeding with 
the construction of a loop. 

There is another source of additional loss in a com- 
pleted loop antenna besides the conductor and capacitor 
losses. If the loop is mounted near lossy metallic conduc- 
tors, the large magnetic field produced will induce currents 
into those conductors and be reflected as losses in the loop. 
Therefore the loop should be as far from other conductors 
as possible. If you use the loop inside a building constructed 
with large amounts of iron or near ferrous materials, you 
will simply have to live with the loss if the loop cannot oth- 
erwise be relocated. 


The Tuning Capacitor 


Fig 19 demonstrates the selection of loop size ver- 
sus tuning capacitance for any desired operating fre- 
quency range for the HF amateur bands. This is for 
octagonal-shaped loops using 34-inch copper water pipe 
with 45° copper elbows. For example, a capacitor that 
varies from 5 to 50 pF, used with a loop 10 feet in cir- 
cumference, tunes from 13 to 27 MHz (represented by 
the left dark vertical bar). A 25 to 150-pF capacitor with 
a 13.5-foot loop circumference covers the 7 to 14.4-MHz 
range, represented by the right vertical bar. 

Fig 20 illustrates how the 29-MHz elevation pattern 
becomes distorted and rather bulbous-looking for the 10- 
foot circumference loop, although the response at low 
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Ground 
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Max. Gain = 6.63 dBi Azimuth Angle = 90.0 deg. 


Fig 18—Elevation-plane response of three antennas at 
3.5 MHz—a 20-foot circumference octagonal copper 
loop, a 38-foot circumference copper loop and a full- 
sized 4/4 ground plane with two elevated radials. The 
bottom of each antenna is mounted 8 feet above ground 
for safety. The 38-foot circumference loop (which has a 
“wingspan” of 11.5 feet) is fairly competitive with the 
much large ground-plane, being down only about 4 dB 
at low elevation angles. The 20-foot circumference loop 
is much more lossy, but with its top only about 14 feet 
off the ground is very much of a “stealth” antenna. 


elevation angles is still better than that of a full-sized 
ground-plane antenna. 


Air Variable Capacitors 


Special care must be taken with the tuning capacitor if 
an air-variable type is used. The use of a split-stator capaci- 
tor eliminates the resistance of wiper contacts, resistance 
that is inherent in a single-section capacitor. The ends of the 
loop are connected to the stators, and the rotor forms the 
variable coupling path between the stators. With this arrange- 
ment the value of capacitance is divided by two, but the 
voltage rating is doubled. 
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Fig 19—Frequency tuning range of an octagon-shaped 
loop using °/s-inch copper water pipe, for various values 
of tuning capacitance and loop circumference. 
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Loop, 
Vertical 
at 8' 


Freq = 29 MHz 


Ground 
Plane 
at 8' 





Max. Gain = 2.28 dBi Azimuth Angle = 90.0 deg. 


Fig 20—Elevation-plane plot for a 16.2-inch wingspan 
octagonal copper loop at 29 MHz, compared to a A/4 
ground-plane antenna with two resonant elevated 
radials. The gains at low angles are almost identical, 
but the loop exhibits more gain at medium and high 
elevation angles. Again, the bottom of each antenna is 
located 8 feet above ground for safety. 
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You must carefully select a variable capacitor for 
transmitting-loop application—that is, all contacts must 
be welded, and no mechanical wiping contacts are 
allowed. For example, if the spacers between plates are 
not welded to the plates, there will be loss at each joint, 
and thus degraded loop efficiency. (Earlier transmitting 
loops exhibited poor efficiency because capacitors with 
wiping contacts were used.) 

There are several suitable types of capacitors for this 
application. A vacuum variable is an excellent choice, pro- 
vided one is selected with an adequate voltage rating. 
Unfortunately, those capacitors are very expensive. 

WSQIR used a specially modified air-variable capaci- 
tor in his designs. This had up to 340 pF maximum per sec- 
tion, with '/4-inch spacing, resulting in 170 pF when both 
sections were in series as a butterfly capacitor. Another 
alternative is to obtain a large air variable, remove the alu- 
minum plates, and replace them with copper or double-sided 
PC board material to reduce losses. Connect all plates 
together on the rotor and on the stators. Solder copper straps 
to the capacitor for soldering to the loop itself. 

The spacing between plates in an air-variable capaci- 
tor determines the voltage-handling capability, rated at 
75,000 V per inch. For other power ratings, multiply the 
spacing (and voltage) by the square root of the ratio of your 
power to 1000 W. For example, for 100 W, the ratio would 
be = 0.316. 


Table 5 


KD7S Loop-Tuning Capacitor Parts List for 
Nominal 50-pF Capacitor 


Qty Description 


2 10-inch length of %4-inch-ID type M copper water 
pipe 

2 10-inch length of Yz-inch-ID type M copper water 
pipe 

1 3-inch length of ¥2-inch-ID type M copper water 
pipe 

2 Ya-inch, 90° copper elbows 

2 %-inch, 90° copper elbows 

2 10 x 22-inch piece of 0.005-inch-thick Teflon 
sheet plastic 

1 12-inch length of #8-32 threaded brass rod 

1 #8-32 brass shoulder nut 


22 x 5% x %4-inch ABS plastic sheet (top and 
bottom covers) 

3 1 x 5% x %4-inch ABS plastic sheet (end pieces 
and center) brace/guide 

2 1 x 22 x %4-inch ABS plastic sheet (side rails) 

1 50 to 200-rpm gear-head dc motor 

il DPDT center-off toggle switch (up/down control) 

2 SPDT microswitches (limit switches) 

50 feet 3-conductor control cable 

1 Enclosure for control switch 


5-16 Chapter 5 


A Teflon-Insulated Trombone Variable Capacitor 


Another type of variable capacitor discussed in the 
amateur literature for use with a compact transmitting loop 
is the so-called “trombone” type of capacitor. Fig 21 shows 
a practical trombone capacitor created by Bill Jones, KD7S, 
for Nov 1994 QST. This capacitor uses downward pointing 
extensions of the two */4-inch OD main conductor copper 
pipes, with a Teflon-insulated trombone section made of 
'h-inch ID copper pipe. The trombone telescopes into the 
main pipes, driven by a lead screw and a 180-rpm gear-head 
motor. Like the butterfly air variable capacitor, the trom- 
bone works without lossy wiper contacts. Jones’ capacitor 
varied from 12 pF (including strays) to almost 60 pF, mak- 
ing it suitable to tune his 3-foot circumference loop from 
14 to 30 MHz at the 100-W level. 

KD7S used 5-mil (0.005 inch) thick Teflon sheet as an 
insulator. Since Teflon is conservatively rated at more than 
1 kV per mil of thickness, the voltage breakdown capability 
of this capacitor is well in excess of 5 kV. The parts list is 
given in Table 5. 
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Fig 21—A practical trombone capacitor designed by 
Bill Jones, KD7S, for his compact transmitting loop. 
This capacitor has a tuning range from 12 to almost 
60 pF, and can withstand at least 5 kV peak. The 10- 
inch %-inch ID tubes are covered with Teflon-sheet 
insulation and slide into the %-inch ID copper pipes. 


A short length of plastic tubing connects the threaded 
brass rod to the motor. The tubing acts as an insulator and a 
flexible coupling to smooth out minor shaft-alignment errors. 
The other end of the rod is threaded into a brass nut sol- 
dered to the crossbar holding the '/2-inch pipes together. 
Jones used a 12-V motor rated at 180 rpm, but it has suffi- 
cient torque to work with as little as 4 V applied. Instead of 
a sophisticated variable duty-cycle speed control circuit, he 
used an LM327 adjustable voltage regulator to vary the 
motor-control voltage from 4 to 12 V. Tuning speeds ranged 
from 11 seconds per inch at 12 V to 40 seconds per inch at 
4 V. The higher speed is necessary to jump from band to 
band in a reasonable length of time. The lower speed makes 
it easy to fine-tune the capacitor to any desired frequency 
within a band. 

When building the capacitor, keep in mind that the 
smaller tubes must telescope in and out of the larger tubes 
with silky smoothness. Any binding will cause erratic tun- 
ing. For the same reason, the #8-32 brass threaded rod must 
be straight and properly aligned with the brass nut. Take 
your time with this part of the project. 

Perhaps the easiest way to form the insulator is to pre- 
cut a length of Teflon sheet to the proper size. Place a length- 
wise strip of double-sided tape on the tube to secure one 
end of the Teflon sheet. Begin wrapping the Teflon around 
the tube while keeping it as tight as possible. Don’t allow 
wrinkles or ridges to form. Secure the other end with an- 
other piece of tape. Once both tubes are covered, ensure 
they are just short of being a snug fit inside the larger tubes. 
Confirm that the insulation completely overlaps the open 
end of the small tubes. If not, the capacitor is certain to arc 
internally with more than a few watts of power applied to it. 

Route the motor wiring inside the antenna pipes to 
minimize the amount of metal within the field of the an- 
tenna. Bring the wires out next to the coaxial connector. A 
three-wire system allows the use of limit switches to restrict 
the movement of the trombone section. Be sure to solder 
together all metal parts of the capacitor. Use a small pro- 
pane torch, a good quality flux and 50/50 solid solder. Do 
not use acid-core solder! Clean all parts to be joined with 
steel wool prior to coating them with flux. 


A Cookie-Sheet and Picture-Frame-Glass 
Variable Capacitor 


In Vol 2 of The ARRL Antenna Compendium series, 
Richard Plasencia, WORPV, described a clever high-volt- 
age variable capacitor he constructed using readily avail- 
able materials. See Fig 22, which shows Plasencia’s 
homebrew high-voltage variable capacitor, along with the 
coil and other parts used in his homemade antenna coupler. 
This capacitor could be varied from 16 to 542 pF and tested 
at a breakdown of 12,000 V. 

The capacitor sits on four PVC pillars and consists of 
two 4'/2 x 4"/-inch aluminum plates separated by a piece of 
window glass that is 8'/2 x 5'/2 inches in size. The lower 
plate is epoxied to the glass. The upper plate is free to move 


in a wooden track epoxied to the upper surface of the glass. 
The motor is reversible and moves the upper capacitor plate 
by rotating a threaded rod in a wing nut pinned to a tab on 
the capacitor plate. The four pillars are cut from PVC pipe 
to insulate the capacitor from the chassis and to elevate it 
into alignment with the motor shaft. 

WORPV used a piece of 0.063-inch thick single-weight 
glass that exhibited a dielectric constant of 8. He removed 
the glass from a dime-store picture frame. In time-honored 
ham fashion, he improvised his wooden tracks for the up- 
per capacitor plate from a single wooden paint stirrer, and 
for the capacitor plates, he used aluminum cookie sheets. 

The wooden track for the upper plate is made by split- 
ting the wooden paint stirrer with a knife into one narrow 
and one wide strip. The narrow strip is cemented on top and 
overhangs the movable plate, creating a slotted track. Since 
the wood is supported by the glass plate, its insulating quali- 
ties are of no importance. 

The principle of operation is simple. The reversible 
motor turns a threaded '/s-inch rod with a pitch of 20 threads 
to the inch. This rod engages a wing nut attached to the 
movable capacitor plate. Although WORPV grounded his 
capacitor’s movable plate with a braid, an insulator similar 
to that used in the trombone capacitor above should be used 
to isolate the lead-screw mechanism. Several pieces of braid 
made from RG-8 coax shield should be used to connect to 
the ends of the compact transmitting loop conductors to form 
low-loss connections. 

WORPV used a 90-rpm motor from a surplus vending 
machine. It moved his variable capacitor plate 4'/2 inches, 
taking about a minute to travel from one end to the other. 
Since he wished to eliminate the complexity and dubious 
reliability of limit switches when used outdoors, he moni- 
tored the motor’s de current through two 3 Q, 2W resistors 





Fig 22—The picture-frame-glass variable capacitor 
design of Richard Plasencia, WORPV. Two aluminum 
plates separated by a piece of glass scavenged from a 
picture frame create a variable capacitor that can 
withstand 12,000 V, with a variable range from 16 to 
542 pF. 
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placed in series with each lead of the motor and shunted by 
red LEDs at the control box. When the motor stalled by 
jamming up against the PVC limit stop or against the inside 
of the plastic mounting box, the increased motor current 
caused one or the other of the LEDs to light up. 


TYPICAL LOOP CONSTRUCTION 


After you select the electrical design for your loop 
application, you must consider how to mount it and how to 
feed it. If you wish to cover only the upper HF bands of 20 
through 10 meters, you will probably choose a loop that has 
a circumference of about 8.5 feet. You can make a reason- 
ably sturdy loop using 1-inch diameter PVC pipe and °*/s- 
inch flexible copper tubing bent into the shape of a circle. 
Robert Capon, WA3ULH, did this for a QRP-level trans- 
mitting loop described in May 1994 QST. Fig 23 shows a 
picture of his loop, with PVC H-frame stand. 





Fig 23—Photo of compact transmitting loop designed by 
Robert Capon, WA3ULH. This uses a 1-inch PVC H-frame 
to support the loop made of flexible °/s-inch copper 
tubing. The small coupling loop made of RG-8 coax braid 
couples the loop to the coax feed line. The tuning 
capacitor and drive motor are at the top of the loop, 
shown here in the ARRL Laboratory during testing. 
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This loop design used a 20-inch long coupling loop 
made of RG-8 coax to magnetically couple into the trans- 
mitting loop rather than the gamma-match arrangement used 
by W5QJR in his loop designs. The coupling loop was fas- 
tened to the PVC pipe frame using 2-inch long #8 bolts that 
also held the main loop to the mast. 

A more rugged loop can be constructed using rigid 3/4- 
inch copper water pipe, as shown in the W5QJR design in 
Fig 24. While a round loop is theoretically a bit more effi- 
cient, an octagonal shape is much easier to construct. The 
values presented in Table 4 are for octagons. 

For a given loop circumference, divide the circum- 
ference by 8 and cut eight equal-length pieces of */4 inch 
copper water pipe. Join the pieces with 45° elbows to 
form the octagon. With the loop lying on the ground on 
scraps of 2 x 4 lumber, braze or solder all joints. 

WSQJR made a box from clear plastic to house his 
air-variable capacitor and drive motor at the top of the 
loop. The side of the box that mounts to the loop and the 
capacitor should be at least %4-inch thick, preferably 
3/s-inch. The remainder of the box can be '/s-inch plastic 
sheet. He mounted the loop to the plastic using '/4-inch 
bolts (two on either side of center) after cutting out a 
section of pipe 2 inches wide in the center. On the motor 
side of the capacitor, he cut the pipe and installed a cop- 
per T for the motor wiring. 

W5QJR’s next step was to solder copper straps to the 
loop ends and to the capacitor stators, then he remounted the 
loop to the plastic. If you insert wood dowels, the pipe will 
remain round when you tighten the bolts. Next he installed 
the motor drive cable through the loop and connected it to the 
motor. Antenna rotator cable is a good choice for this cable. 
He completed the plastic box using short pieces of aluminum 
angle and small sheet-metal screws to join the pieces. 

The loop was then ready to raise to the vertical posi- 
tion. Remember, no metal is allowed near the loop. WSQJR 
made a pole of 2 x 4-inch lumber with | x 4-inch boards on 
either side to form an I section. He held the boards together 
with '/4-inch bolts, 2 feet apart and tied rope guys to the top. 
This made an excellent mast up to 50 feet high. The pole 
height should be one foot greater than the loop diameter, to 
allow room for cutting grass or weeds at the bottom of the 
loop. W5QJR installed a pulley at the top so that his loop 
could be raised, supported by rope. He supported the bot- 
tom of the loop by tying it to the pole and tied guy ropes to 
the sides of the loop to keep it from rotating in the wind. By 
moving the anchor points, he could rotate his loop in the 
azimuth plane. 

WS5SQJR used a gamma-matching arrangement made 
of flexible '/4-inch copper tubing to couple the loop to the 
transmission line. In the center of one leg, he cut the pipe 
and installed a copper T. Adjacent to the T, he installed a 
mount for the coax connector. He made the mount from 
copper strap, which can be obtained by splitting a short piece 
of pipe and hammering it flat. 

While the loop was in the vertical position he cut a 
piece of '/s-inch flexible copper tubing the length of one 
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Fig 24—Octagonal loop construction details. Table 4 gives loop design data for various frequency ranges. 


of the straight sides of the loop. He then flattened one 
end and soldered a piece of flexible wire to the other. He 
wrapped the tubing with electrical tape for insulation and 
connected the flexible wire to the coax connector. He then 
installed the tubing against the inside of the loop, held 
temporarily in place with tape. He soldered the flat part 
to the loop, ending up with a form of gamma match, but 
without reactive components. This simple feed provided 
better than 1.7:1 SWR over a 2:1 frequency range. For 
safety, he installed a good ground rod under the loop and 
connected it to the strap for the coax connector, using 
large flexible wire. 


TUNE-UP PROCEDURE 


The resonant frequency of the loop can be readily 
found by setting the receiver to a desired frequency and 
rotating the capacitor (by remote control) until signals 
peak. The peak will be very sharp because of the high Q 
of the loop. 

Turn on the transmitter in the tune mode and adjust 
either the transmitter frequency or the loop capacitor for 
maximum signal on a field-strength meter, or for maxi- 
mum forward signal on an SWR bridge. Adjust the match- 
ing network for minimum SWR by bending the matching 
line. Normally a small hump in the '/s-inch tubing line, 
as shown in Fig 24, will give the desired results. For a 
loop that covers two or more bands, adjust the feed to 
give equally low SWR at each end of the tubing range. 


The SWR will be very low in the center of the tuning 
range but will rise at each end. 

If there is metal near the loop, the additional loss will 
reduce the Q and therefore the impedance of the loop. In 
those cases it will be necessary to increase the length of the 
matching line and tap higher up on the loop to obtain a 
50-Q match. 


PERFORMANCE COMPARISON 


As previously indicated, a compact transmitting loop can 
provide performance approaching full-size dipoles and verti- 
cals. To illustrate one case, a loop 100 feet in circumference 
would be 30 feet high for 1.8 MHz. However, a good dipole 
would be 240 feet ('/2 4) in length and at least 120 feet high 
(/4 0). A '/4-A vertical would be 120 feet tall with a large num- 
ber of radials on the ground, each 120 feet in length. The smaller 
loop could replace both of those antennas with only a moder- 
ate degradation in performance and a requirement for a high- 
voltage variable capacitor. 

On the higher frequencies, the same ratios apply, but 
full-size antennas are less dramatic. However, very few city 
dwellers can erect good verticals even on 7 MHz with a 
full-size counterpoise. Even on 14 MHz a loop about 3 feet 
high can work the world. 

Other than trading small size for narrow bandwidth and 
a high-voltage capacitor, the compact transmitting loop is 
an excellent antenna and should find use where large anten- 
nas are not practical. 
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The Loop Skywire 


Are you looking for a multiband HF antenna that is 
easy to construct, costs nearly nothing and yet works well? 
You might want to try this one. The Loop Skywire antenna 
is a full-sized horizontal loop. Early proponents suggested 
that the antenna could be fed with coaxial cable with little 
concern for losses, but later analysis proved that this was a 
bit of wishful thinking—the relatively low values for SWR 
across multiple bands indicate that cable losses were part 
and parcel of performance. The best way to feed this versa- 
tile antenna is with open-wire ladder line, with an antenna 
tuner in the shack to present the transmitter with a low value 
of SWR. 


THE DESIGN 


The Loop Skywire is shown in Fig 25. The antenna 
has one wavelength of wire in its perimeter at the design 
or fundamental frequency. If you choose to calculate Liota 
in feet, the following equation should be used: 


1005 


total = 
f 


L 


where f equals the frequency in MHz. 


Given any length of wire, the maximum possible area 


the antenna can enclose is with the wire in the shape of a 
circle. Since it takes an infinite number of supports to 
hang a circular loop, the square loop (four supports) is 
the most practical. Further reducing the area enclosed 
by the wire loop (fewer supports) brings the antenna 
closer to the properties of the folded dipole, and both 
harmonic-impedance and feed-line voltage problems can 
result. Loop geometries other than a square are thus pos- 
sible, but remember the two fundamental requirements 
for the Loop Skywire—its horizontal position and maxi- 
mum enclosed area. 

There is another great advantage to this antenna sys- 
tem. It can be operated as a vertical antenna with top-hat 
loading on other bands as well. This is accomplished by 
simply keeping the feed line run from the antenna to the 
shack as vertical as possible and clear of objects. Both feed- 
line conductors are then tied together, and the antenna is 
fed against a good ground. 


CONSTRUCTION 


Antenna construction is simple. Although the loop can 
be made for any band or frequency of operation, the fol- 
lowing two Loop Skywires are good performers. The 10- 
MHz band can also be operated on both. 
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7 MHz Loop Skywire - L=142' 
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Fig 25—A complete view of the Loop Skywire. The square loop is erected horizontal to the earth. 
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3.5-MHz Loop Skywire 
(3.5-28 MHz loop and 1.8-MHz vertical) 
Total loop perimeter: 272 feet 
Square side length: 68 feet 


7-MHz Loop Skywire 
(7-28 MHz loop and 3.5-MHz vertical) 
Total loop perimeter: 142 feet 
Square side length: 35.5 feet 


The actual total length can vary from the above by a 
few feet, as the length is not at all critical. Do not worry 
about tuning and pruning the loop to resonance. No signal 
difference will be detected on the other end when that 
method is used. 

Bare #14 copper wire is used in the loop. Fig 26 
shows the placement of the insulators at the loop cor- 
ners. Two common methods are used to attach the insu- 
lators. Either lock or tie the insulator in place with a loop 
wire tie, as shown in Fig 26A, or leave the insulator free 
to “float” or slide along the wire, Fig 26B. Most loop 
users float at least two insulators. This allows pulling the 
slack out of the loop once it is in the air, and eliminates 
the need to have all the supports exactly placed for proper 
tension in each leg. Floating two opposite corners is rec- 
ommended. 


Fig 27A shows the azimuth-plane performance on 
7.2 MHz of a 142-foot long, 7-MHz Loop Skywire, 40 feet 
high at an elevation angle of 10°, compared to a regular 
flattop '/2-A dipole at a height of 30 feet. The loop comes 
into its own at higher frequencies. Fig 27B shows the re- 
sponse at 14.2 MHz, compared again to a '/2-A 14.2-MHz 
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Fig 26—Two methods of installing the insulators at the 


loop corners. 





Freq = 7.2 MHz 270 








7 MHz Loop 
Skywire 
at 40' 





Elevation Angle = 10.0 deg. 


14 MHz Dipole 
at 30° 










14 MHz Loop 
Skywire 
at 40° 





Max. Gain = -2.58 dBi Elevation Angle = 10.0 deg. 


Freq = 21.2 MHz 270 







21 MHz Dipole 
at 30° 





21 MHz Loop 
Skywire 
at 40' 





Max. Gain = 9.16 dBi (C) 
ANTO151 


Elevation Angle = 10.0 deg. 


Fig 27—At A, azimuth-plane response of 142-foot long, 
7-MHz Loop Skywire, 40 feet in the air at 7.2 MHz, 
compared with 12-A dipole 30 feet in the air. At B, 
response of same Loop Skywire at 14.2 MHz, compared 
with 2-4 14.2-MHz dipole 30 feet in the air. Now the 
loop has some advantage in certain directions. At C, 
response of the same Loop Skywire at 21.2 MHz 
compared to a 21.2-MHz dipole at 30 feet. Here, the 
Loop Skywire has more gain in almost all directions 
than the simple dipole. All azimuth-plane patterns were 
made at 10° elevation. 
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dipole at a height of 30 feet. Now the 
loop has several lobes that are stronger 
than the dipole. Fig 27C shows the 
response at 21.2 MHz, compared to a 
dipole. Now the loop has superior gain 
compared to the '/2-A dipole at almost 
any azimuth. In its favored direction on 
21.2 MHz, the loop is 8 dB stronger 
than the dipole. 

The feed point can be positioned 
anywhere along the loop that you wish. 
However, most users feed the Skywire 
at a corner. Fig 28 depicts a method of 
doing this, using a piece of plexiglass 
to provide insulation as well as strain 
relief for the open-wire ladder line. It 
is advantageous to keep the feed-point 
mechanicals away from the corner sup- 
port. Feeding a foot or so from one cor- 
ner allows the feed line to exit more 
freely. This method keeps the feed line 
free from the loop support. 

Generally a minimum of four 
supports is required. If trees are used 
for supports, then at least two of the 
ropes or guys used to support the 
insulators should be counterweighted 
and allowed to move freely. The feed- 
line corner is almost always tied down, however. Very 
little tension is needed to support the loop (far less than 
that for a dipole). Thus, counterweights are light. Several 
such loops have been constructed with bungie cords tied 
to three of the four insulators. This eliminates the need 
for counterweighting. 

Recommended height for the antenna is 40 feet or 
more. The higher the better, especially if you wish to use 
the loop in the vertical mode. However, successful local 
and DX operation has been reported in several cases with 
the antenna at 20 feet. Fig 29 shows the feed arrange- 
ment for using the Loop Skywire as a top-loaded vertical 
fed against ground on the lower bands. 

Because the loop is high in the air and has consider- 
able electrical exposure to the elements, proper methods 
should be employed to eliminate the chance of induced 
or direct lightning hazard to the shack and operator. Some 
users simply completely disconnect the antenna from the 
antenna tuner and rig and shack during periods of pos- 
sible lightning activity. 
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Fig 28—Most users feed the Skywire at a corner. A high-impedance 
weather-resistant insulator should be used for the feed-point insulator. 
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7-MHz Loop 


An effective but simple 7MHz antenna that has a 
theoretical gain of approximately 1 dB over a dipole is a 
full-wave, closed vertical loop. Such a loop need not be 
square, as illustrated in Fig 30A. It can be trapezoidal, 
rectangular, circular, or some distorted configuration in 
between those shapes. For best results, however, you 
should attempt to make the loop as square as possible. 
The more rectangular the shape, the greater the cancella- 
tion of energy in the system, and the less effective it will 
be. In the limiting case, the antenna loses its identity as a 
loop and becomes a folded dipole. 

You can feed the loop in the center of one of the verti- 
cal sides if you want vertical polarization. For horizontal 
polarization, you feed either of the horizontal sides at the 
center. Since optimum directivity occurs at right angles to 
the plane of the loop (or in more simple terms, broadside to 
the loop), you should hang the loop to radiate the maximum 
amount in some favored direction. 

Fig 31A shows the azimuthal response at a takeoff 
angle of 15°, a typical angle for 40-meter DX, for vertical 
and horizontal feed systems over ground with “average” con- 
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Fig 30—At A, details of the rectangular full-wave loop. 
The dimensions given are for operation at 7.05 MHz. 
The height above ground was 7 feet in this instance, 
although improved performance should result if the 
builder can install the loop higher above ground 
without sacrificing length on the vertical sides. At B, 
illustration how a single supporting structure can be 
used to hold the loop in a diamond-shaped 
configuration. Feeding the diamond at the lower tip 
provides radiation in the horizontal plane. Feeding the 
system at either side will result in vertical polarization 
of the radiated signal. 


ductivity and dielectric constant. Fig 31A includes, for ref- 
erence, the response of a flattop dipole 50 feet high. For DX 
work on 40 meters, the vertically polarized loop can per- 
form as well as or substantially better than either a horizon- 
tally polarized loop or a flattop dipole, particularly in the 
azimuthal nulls of the dipole. 

For the low elevation angles that favor DX work, the 
optimal feed point is at the center of one of the vertical wires. 
Feeding the loop at one of the corners at the bottom gives a 
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Fig 31—At A, azimuthal plane responses for the 
vertically and horizontally polarized 7-MHz loop, 
compared to a flattop 50-foot high dipole, all ata 
takeoff angle of 15° for DX work. The solid line is for 
feeding the loop horizontally at the bottom; the dashed 
line is for feeding the loop vertically at a side, and the 
dotted line is for a simple flattop horizontal dipole at 
50 feet in height. For DX work, the vertically polarized 
loop is an excellent performer. 
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compromise result for both local and DX work. The actual 
impedance is roughly the same at each point: bottom hori- 
zontal center, corner or vertical side center. 

Fig 31B demonstrates how the gain for vertical polar- 
ization changes over different type of grounds: saltwater, 
very poor ground (conductivity = 1 mS/m, dielectric con- 
stant = 5) very good (conductivity = 30 mS/m, dielectric 
constant = 20) and average ground (conductivity = 5 mS/m, 
dielectric constant = 13). Again, for reference a 50-foot high 
flattop dipole’s elevation response is included. As has been 
mentioned previously in other chapters, a seaside location 
is a wonderful environment for verticals! 

Just how you erect such a loop will depend on what is 
available in your backyard. Trees are always handy for sup- 
porting loop antennas. A disadvantage to the rectangular 
loop shown in Fig 30A is that two 34-foot high supports are 
needed, although in many instances your house may be high 
enough to serve as one of these supports. If you have a tower 
higher than about 50 feet, Fig 30B demonstrates how you 
can use it to support a diamond-shaped loop for 40 meters. 
The elevation and azimuthal responses are almost the same 
for either loop configuration, rectangular- or diamond- 
shaped. 

The overall length of the wire used in a loop is de- 
termined in feet from the formula 1005/f (MHz). Hence, 
for operation at 7.125 MHz the overall wire length will 
be 141 feet. The matching transformer, an electrical '/4 A 
of 75Q coax cable, can be computed by dividing 246 by 
the operating frequency in MHz, then multiplying that 
number by the velocity factor of the cable being used. 
Thus, for operation at 7.125 MHz, 246/7.125 MHz = 
34.53 feet. If coax with solid polyethylene insulation is 
used, a velocity factor of 0.66 must be employed. Foam- 
polyethylene coax has a velocity factor of 0.80. Assum- 
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Fig 32—Elevation-plane response of 7-MHz loop used 
on 14.2 MHz. This is for a feed point at the center of 
one of the two vertical wires. The dashed line is the 
response of a flattop 20-meter dipole at 30 feet in 
height for comparison. 


ing RG-59 is used, the length of the matching transformer 
becomes 34.53 (feet) x 0.66 = 22.79 feet, or 22 feet, 
9'/2 inches. 

This same loop antenna in Fig 30A fed vertically may 
be used on the 14 and 21MHz bands, although its pattern 
will not be as good as that on its fundamental frequency 
and you will have to use an open-wire transmission line to 
feed the loop for multiband use. Fig 32 shows the response 
at the peak lobe of the loop, at a 45° angle to the plane of 
the loop, compared to the peak response for a simple 
halfwave 20-meter dipole, 30 feet high. The gain from a 
simple flattop dipole, mounted at 30 feet, will be superior 
to the loop operated on a harmonic frequency. 


A Receiving Loop for 1.8 MHz 


You can use a small shielded-loop antenna to improve 
reception under certain conditions, especially at the lower 
amateur frequencies. This is particularly true when high lev- 
els of man-made noise are prevalent, when the second- 
harmonic energy from a nearby broadcast station falls in 
the 1.8MHz band, or when interference exists from some 
other amateur station in the immediate area. A properly con- 
structed and tuned small loop will exhibit approximately 
30 dB of front-to-side response, the minimum response be- 
ing at right angles to the plane of the loop. Therefore, noise 
and interference can be reduced significantly or completely 
nulled out, by rotating the loop so that it is sideways to the 
interference-causing source. 

Generally speaking, small shielded loops are far less 
responsive to man-made noise than are the larger antennas 
used for transmitting and receiving. But a trade-off in per- 
formance must be accepted when using the loop, for the 
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strength of received signals will be 10 or 15 dB less than when 
using a full-size resonant antenna. This condition is not a 
handicap on 1.8 or 3.5 MHz, provided the station receiver 
has normal sensitivity and overall gain. Because a front-to- 
side ratio of 30 dB may be expected, a shielded loop can be 
used to eliminate a variety of receiving problems if made 
rotatable, as shown in Fig 33. 

To obtain the sharp bidirectional pattern of a small 
loop, the overall length of the conductor must not exceed 
0.1 A. The loop of Fig 34 has a conductor length of 
20 feet. At 1.81 MHz, 20 feet is 0.037 A. With this style of 
loop, 0.037 A is about the maximum practical dimension 
if you want to tune the element to resonance. This limita- 
tion results from the distributed capacitance between the 
shield and inner conductor of the loop. RG-59 was used 
for the loop element in this example. The capacitance per 
foot for this cable is 21 pF, resulting in a total distributed 





Fig 33—Jean DeMaw, W1CKK, tests the 1.8-MHz 
shielded loop. Bamboo cross arms are used to 
support the antenna. 


capacitance of 420 pF. An additional 100 pF was needed 
to resonate the loop at 1.810 MHz. 

Therefore, the approximate inductance of the loop is 
15 WH. The effect of the capacitance becomes less pro- 
nounced at the higher end of the HF spectrum, provided the 
same percentage of a wavelength is used in computing the 
conductor length. The ratio between the distributed capaci- 
tance and the lumped capacitance used at the feed point 
becomes greater at resonance. These facts should be con- 
templated when scaling the loop to those bands above 
1.8 MHz. 

There will not be a major difference in the construc- 
tion requirements of the loop if coaxial cables other than 
RG-59 are used. The line impedance is not significant with 
respect to the loop element. Various types of coaxial line 
exhibit different amounts of capacitance per foot, however, 
thereby requiring more or less capacitance across the feed 
point to establish resonance. 

Shielded loops are not affected noticeably by nearby 
objects, and therefore they can be installed indoors or out 
after being tuned to resonance. Moving them from one place 
to another does not significantly affect the tuning. 

You can see in the model shown in Fig 33 that a sup- 
porting structure was fashioned from bamboo poles. The X 
frame is held together at the center with two U bolts. The 
loop element is taped to the cross-arms to form a square. 
You could likely use metal cross arms without seriously 
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Fig 34—Schematic diagram of the loop antenna. The 
dimensions are not critical provided overall length of 
the loop element does not exceed approximately 0.1 1. 
Small loops which are one half or less the size of this 
one will prove useful where limited space is a 
consideration. 


degrading the antenna performance. Alternatively, wood can 
be used for the supporting frame. 

A Minibox was used at the feed point of the loop to 
hold the resonating variable capacitor. In this model a 
50 to 400-pF compression trimmer was used to establish 
resonance. You must weatherproof the box for outdoor 
installations. 

Remove the shield braid of the loop coax for one inch 
directly opposite the feed point. You should treat the ex- 
posed areas with a sealing compound once this is done. 

In operation this receiving loop has proven very effec- 
tive for nulling out second-harmonic energy from local 
broadcast stations. During DX and contest operations on 
1.8 MHz it helped prevent receiver overloading from nearby 
1.8-MHz stations that share the band. The marked reduc- 
tion in response to noise has made the loop a valuable sta- 
tion accessory when receiving weak signals. It is not used 
all of the time, but is available when needed by connecting 
it to the receiver through an antenna selector switch. Recep- 
tion of European stations with the loop has been possible 
from New England at times when other antennas were 
totally ineffective because of noise. 

It was also discovered that the effects of approaching 
storms (with attendant atmospheric noise) could be nulli- 
fied considerably by rotating the loop away from the storm 
front. It should be said that the loop does not exhibit mean- 
ingful directivity when receiving sky-wave signals. The 
directivity characteristics relate primarily to ground-wave 
signals. This is a bonus feature in disguise, for when null- 
ing out local noise or interference, one is still able to copy 
sky-wave signals from all compass points! 
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For receiving applications it is not necessary to 
match the feed line to the loop, though doing so may 
enhance the performance somewhat. If no attempt is made 
to obtain an SWR of 1, the builder can use 50 or 75-Q 
coax for a feeder, and no difference in performance will 


be observed. The Q of this loop is sufficiently low to 
allow the operator to peak it for resonance at 1.9 MHz 
and use it across the entire 1.8MHz band. The degrada- 
tion in performance at 1.8 and 2 MHz will be so slight 
that it will be difficult to discern. 


An Indoor Stealth Loop 


Ted Phelps, W8TP, wrote an article in The ARRL 
Antenna Compendium, Vol 7 describing his attic-mounted 
wire loop antenna, fed with an automatic antenna tuner. Here 
is a shortened version of that article. 

If you drive down my street in Whitechapel Village in 
Newark, DE, trying to find my ham location by looking for 
my antenna, you wouldn’t find it. Even if you pulled up in 
front of my condo, you wouldn’t notice any telltale signs, 
because my multiband antenna is completely hidden. It’s 
in the attic of my two-bedroom condominium in a small re- 
tirement community completed in 1999. 

Before the move, I had given considerable thought to 
what type of antenna I might use, if any. I already knew that 
permanent outdoor types were out of the question, due to 
restrictive real estate and condo association rules. So I 
planned a clause for any sales contract I might sign, specifi- 
cally mentioning amateur radio and my desire to set up a 
station in my new living quarters. I decided I would not move 
where my lifelong hobby would be severely restricted or 
prohibited. 

That meant that to be reasonably sure I could continue 
enjoying Amateur Radio as before, I would have to install 
an indoor antenna that could perform as well as a typical 
outdoor system. What kind? In Ohio, I had tried a horizon- 
tally polarized attic dipole made with #14 wire. It didn’t 
work very well—it was just too low to the ground. 

I learned about a high-tech method of remote antenna 
tuning using an antenna coupler which contains a micropro- 
cessor. I found this kind of automatic tuner available from 
two American manufacturers and within a reasonable price 
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Fig 35—Diagram showing layout of W8TP’s indoor 
hidden loop antenna. 
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range. Although our move was still a few months ahead, I 
purchased a model SG-230 antenna coupler made by SGC 
Inc, Bellevue, WA, for use in Delaware. 

Fig 35 shows the final dimensions of my hidden loop, 
which is a single-turn rectangular loop, erected in a north- 
south vertical plane and made from nearly 78 feet of #6 
stranded, aircraft primary wire in a PVC jacket, held taut at 
the lower corners and supported by a pulley and guy rope at 
each upper corner. Because it’s vertically polarized, it sup- 
ports low-angle radiation reasonably well. By the way, if 
you’re wondering why I used such a relatively large-gauge 
wire as #6 for the loop antenna, it was readily available from 
my son-in-law! 

Fig 36 shows my completed condo unit. Note the dog- 
house dormer on the roof about 12 feet above ground at the 
attic floor. This is the level of my hidden loop’s base leg. 

In constructing my system I had to overcome RFI 
problems on my own premises. Each condo unit has its 
own electronic security panel on an upper shelf in a closet. 
As soon as I applied moderate power to my radio and 
loop, the Fire Alarm sounded and firefighters came to 
my door! The burglar/intrusion signal was triggered a 
couple of times, too. Working with a security installation 
technician, I found that there was no ground wire con- 
nected to my security panel. “We don’t bother with that,” 
said the tech, and then, reacting to my surprise, connected 
a #14 ground between the security panel and the house 
water-pipe ground. I then installed a ferrite bead on each 
lead entering the security panel. I also placed ferrite beads 
on keyer-paddle leads, GFCI electrical outlets, etc. Those 





Fig 36—Can you see W8TP’s antenna in this 
photograph? Of course you can’t—it’s hidden from view 
inside his attic! 
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Fig 37—At A, computed elevation pattern at 14.2 MHz 
for W8TP’s hidden loop (solid line), compared to a 20- 
meter dipole (dashed line) at a height of 23 feet. At B, a 
comparison of the azimuth patterns at a 20°-elevation 
angle for W8TP’s loop (solid line) and the same 20- 
meter dipole (dashed line). The loop has a slightly 
asymmetrical response because it is fed at a corner, 
but its performance is competitive to an outdoor dipole. 
In fact, it has superior low-angle performance, typical 
of a vertically polarized antenna compared to a low 
horizontal antenna. 


measures seem to have eliminated my RFI problems. 

When we moved into our condo, I took the obvious 
precaution of not using a linear amplifier. I took extra care 
to establish a single-point ground for my station equipment 
by connecting all equipment grounds to the cover plate of 
the dedicated metallic outlet box behind the operating posi- 
tion, and thence to a separate ground rod in our front yard. I 
use a 1-kW RL Drake low-pass filter in the transceiver- 
antenna feed line. 

Is this indoor antenna system safe? I believe so. In the 
attic it is not at all close to our living space. It is fixed firmly 
in place and unlike most amateur antennas it is out of the 
weather! I therefore do not use a quick-grounding system 
for times when a thunderstorm approaches. 

Fig 37 shows the computed elevation and azimuth pat- 
terns on 20 meters. The tuner is able to hold the SWR down 
low enough so that my JRC-245 transceiver can operate 
through its internal antenna tuner. 
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Fig 43—A simple lightning arrester for open-wire line 
made from three standoff or feedthrough insulators 
and sections of '/s x '/2-inch brass or copper strap. It 
should be installed in the line at the point where the 
line enters the station. The heavy ground lead should 
be as short and as direct as possible. The gap setting 
should be adjusted to the minimum width that will 
prohibit arcing when the transmitter is operated. 


The construction of a homemade arrester for open- 
wire line is shown in Fig 43. This type of arrester can be 
adapted to ribbon line an inch or so away from the center 
member of the arrester, as shown in Fig 44. Sufficient 
insulation should be removed from the line where it 
crosses the arrester to permit soldering the arrester con- 
necting leads. 


Lightning Grounds 


Lightning-ground connecting leads should be of 
conductor size equivalent to at least #10 wire. The #8 
aluminum wire used for TV-antenna grounds is satisfac- 
tory. Copper braid */4-inch wide (Belden 8662-10) is also 
suitable. The conductor should run in a straight line to 
the grounding point. The ground connection may be made 
to a water pipe system (if the pipe is not plastic), the 
grounded metal frame of a building, or to one or more 
*/s-inch ground rods driven to a depth of at least 8 feet. 
More detailed information on lightning protection is con- 
tained in Chapter 1, Safety. 

A central grounding panel for coax cables coming 
into the house is highly recommended. See Fig 45 for a 
photo of the homemade grounding panel installed by 
Chuck Hutchinson, K8CH, at his Michigan home. The 
coax cables screwed into dual-female feed-through UHF 
connectors. K8CH installed this aluminum panel under 
the outside grill for a duct that provided combustion air 
to an unused fireplace. He used ground strap to connect 
to ground rods located under the panel. See the ARRL 
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Fig 44—The lightning arrester of Fig 39 may be used 
with 300-Q ribbon line in the manner shown here. The 
TV standoffs support the line an inch or so away from 
the grounded center member of the arrester 





Fig 45—K8CH’s coax entry panel mounted on exterior 
wall (later covered by grill that provides combustion to 
an unused fireplace). The ground braid goes to a 
ground rod located beneath the panel. (Photo courtesy: 
Simple and Fun Antennas for Hams) 


book Simple and Fun Antennas for more information 
about ground panels. 

Before a lightning storm approaches, a prudent ham 
will disconnect all feed lines, rotor lines and control lines 
inside the shack to prevent damage to sensitive electron- 
ics. When lightning is crashing about outside, you cer- 
tainly don’t want that lightning inside your shack! 
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Low-Frequency 
Antennas 


In theory there is no difference between antennas at 
10 MHz and up and those for lower frequencies. In reality 
however, there are often important differences. It is the size 
of the antennas, which increases as frequency is decreased, 
that creates practical limits on what can be realized physically 
at reasonable cost. 

At 7.3 MHz, 1A = 133 feet and by the time we get to 
1.8 MHz, 1 4 = 547 feet. Even a A/2 dipole is very long on 
160 meters. The result is that the average antenna for these 


bands is quite different from the higher bands, where Yagis 
and other relatively complex antennas dominate. In addition, 
vertical antennas can be more useful at low frequencies than 
they are on 20 meters and above because of the low heights 
(in wavelengths) usually available for horizontal antennas 
on the low bands. Much of the effort on the low bands is 
focused on how to build simple but effective antennas with 
limited resources. This section is devoted to antennas for use 
on amateur bands between 1.8 to 7 MHz. 


The Importance of Low Angles for Low-Band DXing 


In Chapter 3, The Effects of Ground, we emphasized 
the importance of matching the elevation response of your 
antennas as closely as possible to the range of elevation 
angles needed for communication with desired geographic 
areas. Fig 1 shows the statistical 40-meter elevation angles 
needed over the entire 11-year solar cycle to cover the path 
from Boston, Massachusetts, to all of Europe. These angles 
range from 1° (at 9.6% of the time when the 40-meter band 
is open to Europe) to 28° (at 0.3% of the time). 

Fig 1 also overlays the elevation pattern response of a 
100-foot high flattop dipole on the elevation-angle statistics, 
illustrating that even at this height the coverage is hardly opti- 
mum to cover all the necessary elevation angles. While Fig | is 
dramatic in its own right, the data can be viewed in another way 
that emphasizes even more the importance of low elevation 
angles. Fig 2 plots the the cumulative distribution function, 
the total percentage of time 40 meters is open from Boston to 
Europe, at or below each elevation angle. For example, Fig 2 
says that 40 meters is open to Europe from Boston 50% of the 
time at an elevation angle of 9° or less. The band is open 90% 
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Fig 1—Screen capture from HFTA (HF Terrain Assessment) 
program showing elevation response for 100-foot high 
dipole over flat ground on 7.1 MHz, with bar-graph overlay 
of the statistical elevation angles needed over the whole 
11-year solar cycle from New England (Boston) to all of 
Europe. Even a 100-foot high antenna cannot cover all the 
necessary angles. 
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Fig 2—Another way of looking at the elevation statistics 
from Fig 1. This shows the percentage of time the 40-meter 
band is open, at or below each elevation angle, on the path 
from Boston to Europe. For example, the band is open 50% 
of the time at an angle of 9° or lower. It is open 90% of the 
time at an angle of 19° or lower. 
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Fig 3—The percentage of time the 40-meter band is open, 
at or below each elevation angle, for various DX paths from 
Boston: to Europe, South America, southern Africa, Japan, 
Oceania and south Asias. The angles are predominantly 
quite low. For example, on the path from Boston to Japan, 
90% of the time when the 40-meter band is open, it is open 
at elevation angles less than or equal to 10°. Achieving 
good performance at these low takeoff angles requires very 
high horizontally polarized antennas, or efficient vertically 
polarized antennas. 


of the time at an elevation angle of 19° or less. 

Fig 3 plots the 40-meter elevation-angle data for six 
major geographic areas around the world from Boston. In 
general, the overall range of elevation angles for far-distant 
locations is smaller, and the angles are lower than for closer- 
in areas. For example, from Boston to southern Asia (India), 
50% of the time the takeoff angles are 4° or less. On the path 
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Fig 4—The 40-meter statistics from the West Coast: from 
San Francisco to the rest of the DX world. Here, 90% of 
the time the path to Europe is open, it is at takeoff angles 
less than or equal to 11°. No wonder the hams living on 
mountain tops do best into Europe from the West Coast. 
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Fig 5—The situation on 80 meters from Boston to the rest 
of the DX world. Into Europe, 90% of the time the elevation 
angle is less than or equal to 20°. Into Japan from Boston, 
90% of the time the angle is less than or equal to 12°. 


to Japan from Boston, the takeoff angles is less than or equal 
to 6° about 70% of the time. These are low angles indeed. 
Fig 4 shows similar data for the 40-meter band from 
San Francisco, California, to the rest of the world. The path 
to southern Africa from the US West Coast is a very long- 
distance path, open some 65% of the time it is open at angles 
of 2° or less! The 40-meter path to Japan involves takeoff 
angles of 10° or less more than 50% of the time. If you are 
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Fig 6—From San Francisco to the rest of the world on 

80 meters: 90% of the time on the path to Japan, the 
takeoff angle is less than or equal to 17°; 50% of the time 
the angle is less than or equal to 10°; 25% of the time the 
angle is less than or equal to 6°. A horizontally polarized 
antenna would have to be 600 feet above flat ground to be 
optimum at 6°! 


fortunate enough to have a 100-foot high flattop dipole for 
40 meters, at a takeoff angle of 10° the response would be 
down about 3 dB from its peak level at 20°. At an elevation 
angle of 5° the response would be about 8 dB down from 
peak. You can see why the California stations located on 
mountain tops do best on 40 meters for DXing. 

Fig 5 shows the same percentage-of-time data for the 
80-meter band from Boston to the world. Into Europe from 
Boston, the 80-meter elevation angle is 13° or less more than 
50% of the time. Into Japan from Boston, 90% of the time 
the band is open is at a takeoff angle of 13° or less. (Note 
that these elevation statistics are computed for “undisturbed” 
ionospheric conditions. There are times when the incoming 
angles are affected by geomagnetic storms, and generally 
speaking the elevation angles rise under these conditions.) 

Fig 6 shows the 80-meter data from San Francisco to 
the world. Low elevation angles dominate in this graph and 
high horizontal antennas would be necessary to optimal 
coverage. In fact, 50% of the time for all paths, the elevation 
angle is less than 10°. 

In the rest of this chapter, we’ll often compare horizon- 
tally polarized antennas at practical heights with vertically 
polarized antennas, usually at takeoff angles of 5° or 10°, 
angles useful for DX work. But first, let us look at situations 
where high takeoff angles are most useful. 


Short/Medium-Range Communications 


Not all hams are interested in working stations thousands 
of miles from them. Traffic handlers and rag chewers may, in 
fact, only be interested in nearby communications—perhaps 
out to 600 miles from their location. 

For example, a ham in Boston may want to talk with 
his brother-in-law in Cleveland, OH, a path that is just over 
550 miles away. Or an operator in Buffalo, NY, may be the net 
control station (NCS) for a regional net involving the states 
of New York and New Jersey. She needs to cover distances 
up to about 300 miles away. 

Depending on the time of day, the most appropriate 
ham frequencies needed for nearby communications are the 
40 and 80/75-meter bands, with 160 meters also a possibility 
during the night hours, particularly during low portions of the 
sunspot cycle. The elevation angles involved in such nearby 
distances are usually high, even almost directly overhead for 
distances beyond ground-wave coverage (which may be as 
short as a few miles on 40 meters). For example, the distance 
between the Massachusetts cities of Boston and Worchester 
is about 40 miles. On 40 meters, 40 miles is beyond ground- 
wave coverage. So you will need sky-wave signals that use the 
ionosphere to communicate between these two cities, where 
the elevation angle is 83°—very nearly straight up. 

Hams using vertical antennas for communications 
with nearby stations may well find that their signals will be 
below the noise level typical on the lower bands, especially 


if they aren’t running maximum legal power. Such relatively 
short-range paths involve so-called NVIS, “Near Vertical 
Incidence Skywave,” a fancy name for HF communication 
systems covering nearby geographic areas. The US military 
discusses NVIS out to about 500 miles, encompassing the 
territory a brigade might cover. Elevation angles needed to 
cover distances from 0 to 500 miles range from about 40° to 
90°. This also covers the circumstances involved in amateur 
communications, particularly in emergency situations. 

The following section is adopted from the article 
“What’s the Deal About NVIS?” that appeared in December 
2005 QST. This article used an example of a hypothetical 
earthquake in San Francisco to analyze HF emergency com- 
munication requirements. 


HAM RADIO RESPONSE IN NATURAL 
DISASTERS 


One of San Francisco’s somewhat less endearing nick- 
names is “the city that waits to die.’ When the Big Earthquake 
does come, you can be assured that all the cell phones and the 
land-line telephones will be totally jammed, making calling 
in or out of the San Francisco Bay Area virtually impossible. 
The same thing occurred in Manhattan on September 11, 
2001. The Internet will also be severely affected throughout 
northern California because of its trunking via the facilities 
of the telephone network. Commercial electricity will be out 
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in wide areas because power lines will be down. It’s virtually 
certain that water mains will be out of commission too. 

If the repeaters on the hills around the San Francisco Bay 
Area haven’t been damaged by the shaking itself, there will 
be some ham VHF/UHF voice coverage in the intermediate 
area, at least until the backup batteries run down. But con- 
necting to the dysfunctional telephone system will be difficult 
at best through amateur repeaters. 

With little or no telephone coverage, an obvious need 
for ham radio communications to aid disaster relief would 
be from San Francisco to Sacramento, the state capital. Sac- 
ramento is 75 miles northeast of the Bay Area, well outside 
VHF/UHF coverage, so amateur HF will be required on 
this radio circuit. On-the-ground communications directly 
between emergency personnel (including the armed-forces 
personnel who will be brought into the rescue and rebuilding 
effort) will often be difficult on VHF/UHF since San Fran- 
cisco is a hilly place. So HF will probably be needed even 
for short distance, operator-to-operator or operator-to-com- 


Table 1 


Average Elevation Angles for Target Destinations 
from San Francisco 


Location Distance Average Elevation 

Miles Angle, Degrees 
San Jose, CA 43 80 
Sacramento, CA 75 78 
Fresno, CA 160 63 
Reno, NV 185 60 
Los Angeles 350 44 
San Diego 450 42 
Portland, OR 530 30 
Denver, CO 950 18 
Dallas, TX 1500 8 


munications center work. Throughout the city, portable HF 
stations will have to be quickly set up and staffed to provide 
such communications. 

Hams used to half jokingly call short range HF com- 
munications on 40 and 80 meters “cloud warming.” This is an 
apt description, because the takeoff angles needed to launch 
HF signals up into the ionosphere and then down again to a 
nearby station are almost directly upwards. Table 1 lists the 
distance and takeoff angles from San Francisco to various 
cities around the western part of the USA. The distance be- 
tween San Francisco and Sacramento is about 75 miles, and 
the optimum takeoff angle is about 78°. Launching such a 
high-angle signal is best done using horizontally polarized 
antennas mounted relatively close to the ground. 


GEOGRAPHIC COVERAGE FOR NVIS 


Figure 7A shows the geographic area coverage around 
San Francisco for a 100-W, 7.2-MHz station using an inverted 
V dipole. The center of this antenna is 20 feet above flat 
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Fig 8—Layout for two band inverted V dipoles for 40 and 
80 meters. The two dipoles are fed together at the center 
and are laid out at right angles to each other to minimize 
interaction between them. Each end of both dipoles is 
kept 8 feet above ground for personnel safety. 
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Fig 7—At A, Predicted 40 meter geographic coverage plot for a 100 W transmitter in December at 0000 UTC (near sun- 
set), for a SSN (Smoothed Sunspot Number) of 20. The antennas used are 20 foot-high inverted V dipoles. At B, 40 meter 
coverage for same date and time, but for 100 foot-high flattop dipoles. Most of California is well covered with S9 signals 
in both cases, but there is more susceptibility in the higher dipole case to thunderstorm crashes coming from outside 
California, for example from Arizona or even Texas. Such noise can interfere with communications inside California. 
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40 Meter Antenna Responses, 
Flat, Average Ground 








Fig 9—Elevation plots for 
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Fig 10—The distribution of lightning strikes across the 
USA for August 10, 2005 from 2200 to 0000 UTC, in the 
afternoon California time. There are lots of lightning strikes 
in the US during the summer—60,898 of them in this two- 
hour period! (Courtesy Vaisala Lightning Explorer.) 


ground and the ends are 8 feet high. An actual implementation 
of such an antenna could be as an 80-meter inverted V, fed in 
parallel with a 40-meter inverted V dipole at a 90° angle. See 
Fig 8. The 8-foot height puts the ends high enough to prevent 
RF burns to humans (or most animals). The low height of 
the antenna above ground means that the azimuthal pattern 
is omnidirectional for high elevation angles. 

Fig 7 was generated using the VOAAREA program, part 
of the VOACAP propagation-prediction suite, for the month 
of December. This was for 0000 UTC, close to sundown, for 


dipole! 
90 


a low period of solar activity (Smoothed Sunspot Number, 
SSN of 20). The receiving stations were also assumed to be 
using identical inverted-V dipoles. 

You can see that almost the whole state of California is 
covered with S9 signals, minus only a thin slice of land near 
the Mexican border in the southeast portion of the state, where 
the signal drops to S7. Signals from Texas are predicted to be 
only S5 or less in strength. Signals (or thunderstorm static) 
coming from, say, Louisiana would be several S units weaker 
than signals from central Texas. 

Now take a look at Fig 7B. Here, the date, time and 
solar conditions remain the same, but now the antennas are 
100-foot high flattop dipoles. California is still blanketed 
with S9 signals, save for an interesting crescent-shaped slice 
near Los Angeles, where the signal drops down to S7. Close 
investigation of this intriguing drop in signal strength reveals 
that the necessary elevation angle, 44°, from San Francisco 
to this part of southern California falls in the first null of the 
100-foot high antenna’s elevation pattern. See Fig 9, which 
shows the elevation patterns for five 40-meter antennas at dif- 
ferent heights. In the null at a 44° takeoff angle, the 100-foot 
high dipole is just about equal to a 2-foot high dipole. We’ Il 
discuss 2-foot high dipoles in more detail later. 

For most of California, the problem with 100-foot high 
40-meter antennas is that interfering signals from Texas, Col- 
orado or Washington State will also be S9 in San Francisco. 
So will static crashes coming from thunderstorms all over 
the West and much of the Gulf Coast. (Ed Farmer, AA6ZM, 
joked once that the Army doesn’t have any problem with 
interfering signals—they just call in an airstrike. We hams 
don’t generally have this ability, although we occasionally 
call in the FCC.) See Fig 10, which shows a typical distri- 
bution of thunderstorms across the US in the late afternoon, 
California time, in mid-August. There certainly are a lot of 
thunderstorms raging around the country in the summer. 

The signal-to-noise and signal-to-interference ratios for 
a 20-foot high inverted V dipole will be superior for medium- 
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range distances, say out to 500 miles from the center, com- 
pared to a 100-foot high antenna. The 20-foot high antenna 
can discriminate against medium-angle thunderstorm noise in 
the late afternoon coming from the Arizona desert, although 
it wouldn’t help much for thunderstorms in the Sierra Nevada 
in central Nevada, which are arriving in San Francisco at high 
angles, along with the desired NVIS signals. 

This is the essence of what NVIS means. NVIS exploits 
the difference in elevation pattern responses of low hori- 
zontally polarized antennas compared to higher horizontal 
antennas, or even verticals. Over the years, many hams have 
been lead to believe that higher is always better. This is not 
quite so true for consistent coverage of medium or short 
distance signals! 

If NVIS only involved putting up a low horizontally 
polarized antenna on 40 meters the story would end here. 
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However, real cloud warming is more complicated. It also 
involves the intelligent choice of more than just one operating 
frequency to achieve reliable all day, all-night communica- 
tions coverage. 

Fig 11 shows the signal strength predicted using 
VOACAP for the 350-mile path from San Francisco to Los 
Angeles for the month of December for a period of low 
solar activity (SSN of 20). The antennas used in this case are 
10-foot high dipoles, just for some variety. These act almost 
like 20-foot high Inverted V dipoles. December at a low 
SSN was chosen as a worst-case scenario because the winter 
solstice occurs on December 21. This is the day that has the 
fewest hours of daylight in the year. (Contrast this with the 
summer solstice, on June 21, which has the most hours of 
daylight in the year.) Note that the upper signal limit in Fig 11 
is “S10°—a fictitious quantity that allows easier graphing. 


S10 is equivalent to $9+, or at least S9+10 dB. 

The 40-meter curve in Fig 11 shows that the MUF (maxi- 
mum usable frequency) actually drops below the 7.2 MHz ama- 
teur band after sunset. The signal becomes quite weak for about 
14 hours during the night, from about 0300 to 1700 UTC. In 
a period of low solar activity the 40-meter band thus becomes 
strictly a daytime band on this medium-distance path. 

The 80-meter curve in Fig 11 shows strong signals 
after dusk, through the night and up until about an hour after 
sunrise. After sunrise, 80 meters starts to suffer absorption in 
the D layer of the ionosphere and hence the signal strength 
drops. Here, 80 meters is a true nighttime band. 

Let’s see what happens from San Francisco to Los Ange- 
les during a period of high solar activity (SSN of 120) during 
the summer solstice in June. Fig 12 shows that 40 meters now 
stays open all hours of the day due to the greater number of 
hours of sunlight in June and because the ionosphere becomes 
more highly ionized by higher solar activity. Meanwhile, 
80 meters still remains a nighttime band during these condi- 
tions on this path. 

Now, let’s look at a shorter-distance path—our 75-mile 
emergency communications path from San Francisco to Sac- 
ramento. We’ll again use June during the summer solstice, 
at a high level of solar activity (SSN of 120) because this 
represents another worst-case scenario. Fig 13 shows that 
40 meters remains open on this path all day, dropping to a 
lower signal level just before sunrise. At sunrise, the MUF 
drops close to 7.2 MHz. 80 meters is still mainly a nighttime 
band to Sacramento, even though it does yield workable signal 
levels even during the daylight hours. However, 40 meters is 
better from 1200 to 0400 UTC, so 40 would be still the right 
daytime band for this path during the day. 


CHOOSING THE RIGHT NVIS FREQUENCY 


You can see that a pattern is developing here for effi- 


cient NVIS short/medium-distance communications out to 

500 miles: 

® You should pick a frequency on 40 meters during the 
day. 

e You should pick a frequency on 80 meters during the 
night. 

® You should choose an antenna that emphasizes moder- 
ate to high elevation angles, from 40° to almost directly 
overhead at 90°. 

“What about 60 meters?” you might ask. The character- 
istics on 60 meters fall in-between 40 and 80 meters, although 
it resembles 40 meters more closely. With characteristics 
close to that of 40, but with only five channels available and 
a 50-W power limit, the 60-meter band is of low utility for 
serious NVIS use. 

What about 160 meters? For 100-W level radios, even 
at the worst-case month or during low solar activity, the criti- 
cal frequency doesn’t fall below 3.8 MHz often enough to 
destroy the ability to communicate, even for short distances. 
That is a relief, considering that installing a 160-meter half- 
wave dipole involves a 255-foot wingspan, and it would need 
to be elevated at least 30 feet in the center. A short loaded 
vertical such as a 160-meter mobile whip would have poor 
response at the high elevation angles needed for NVIS. You 
could probably put a monster 160-meter horizontal dipole 
up at a permanent location, but hauling such a thing around 
in the field would not be an easy task. 


SOME OTHER OBSERVATIONS ABOUT 
NVIS—STRATEGY 


You could pose the question about whether NVIS is an 
operating mode or whether it is actually an operating strategy. 
We maintain that NVIS is a strategy. It involves choosing 
both appropriate frequencies and then appropriate antennas 
for those frequencies. Fig 13 does show that on short-distance 
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Fig 13—Signal strengths for a 
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75 mile path—San Francisco 
to Sacramento. This is for June 
and SSN = 120. Either band 
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paths, such as between San Francisco and Sacramento, you 
could stay on 80 meters all day and night. But if you have 
to give a single rule-of-thumb to operators who are not very 
experienced at operating HF, we would tell them to operate 
on the higher frequency band during the day and on the lower 
frequency band at night. 


SOME OTHER OBSERVATIONS ABOUT 
NVIS—ANTENNA HEIGHT 


Some NVIS aficionados have advocated placing dipoles 
only a few feet over ground, something akin to saying, “If 
low is good for NVIS, then lower must be even better’’ Now 
we are not claiming that a very low antenna won’t work in 
specific instances—for example, covering a small state such 
as Rhode Island or even just the San Francisco Bay Area. 

It certainly is convenient to mount a 40-meter dipole 


on some 2-foot high red traffic cones! You should be very 
skeptical, however, about the ability of such antennas to cover 
all of a large state, such as California or Texas, especially on 
80 meters. Fig 14 shows the computed elevation responses 
for a number of 80-meter antennas, including a 2-foot-high 
dipole. 

Fig 15B shows the 80 meter geographic coverage plot 
for 2-foot-high flattop dipoles, compared with the plot in 
Fig 15A for 20-foot-high inverted V dipoles on both ends of 
the path. The 2-foot-high dipoles produce about two S-units 
less signal across all of California than the 20-foot-high 
inverted V dipoles, at 0300 UTC in December, with an SSN 
of 20. The reason is that a low dipole will suffer more losses 
in the ground under it. 

The differential between California signals and possible 
interfering signals from, say, New Mexico, is predicted to be 
four S-units, the same as it is for the higher inverted V dipole 
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Fig 14—Elevation response pat- 
terns for 80 meter antennas over 
average soil. The shapes track 
each other rather well, remaining 
parallel for heights from 2 

to 66 feet over flat ground. The 

2 foot dipole is substantially 
down, about 9 dB, from the 

20 foot inverted V dipole at all 
angles. 
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Fig 15—Geographic coverage plots for December, SSN = 20, 0300 UTC. At A, antennas are 20 foot-high inverted V 
dipoles over Average soil. At B, antennas are 2-foot-high flattop dipoles over Average soil. The response for the 
2-foot-high antennas is down about 2 S Units, 8 to 12 dB for a typical communications receiver. 
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at 20 feet. Thus there is no real advantage in terms of signal- 
to-interference ratio or signal-to-noise ratio (for thunderstorm 
static crashes) for either height. This is because the shape of 
all the response curves in Fig 14 below 20 feet essentially 
track each other in parallel. 

However, the lower the antenna, the lower the transmit- 
ted signal strength. Physics remain physics. And if you are 
in an emergency situation operating on batteries, you could 
reduce power from 100 W to 10 W with a 20-foot high 
inverted-V antenna and still maintain the same signal strength 
as a 2-foot high dipole at 100W. 


LOW NVIS ANTENNAS AND LOCAL 
POWERLINE NOISE 


Some advocates of really low antennas have stated that 
the received noise is much lower than that received from high- 
er antennas, and this therefore leads to better signal-to-noise 
ratios (SNR). How much this is true depends on the source 
of the noise. If the noise comes from distant thunderstorms, 
then the SNR advantage going to a 2-foot antenna from a 
20-foot-high one is insignificant, as Fig 15 indicates. 

If noise is from an arcing insulator on a HV power line 
half a mile away, that noise will arrive at the antenna as a 
ground-wave signal. We calculate that the 2-foot antenna 
receives 4.4 dB less noise by groundwave than a 20-foot-high 
inverted V dipole. However, at an incoming elevation angle 
of 45°—suitable for a signal going from Los Angeles to San 
Francisco—the signal would be down 7.1 dB on the low 
dipole compared to the higher antenna. The net loss in SNR 
for the 2-foot-high dipole is thus 7.1— 4.4 or 2.7 dB. Close, but 
no cigar. Summarizing about really low NVIS antennas: 


e A 2-foot-high dipole yields weaker signals, but without an 
SNR advantage compared to its more elevated brethren. 

e A 2-foot-high dipole is a lot easier to trip over at night. We 
would call this a “knee biter” (or maybe an “ankle biter” 
if you're really tall). 

e You (and your dog) can easily get RF burns from an an- 
tenna that is only 2 feet off the ground. 

This is not a winning strategy to make friends or QSOs, 
it seems. But still, a really low dipole may serve your short- 
range communication needs just fine. But remember, that 
just as “higher is better” isn’t universally true for NVIS (or 
even longer range) applications, “lower is better” isn’t a 
panacea either. 


ELEVATION ANGLES FOR MODERATE 
DISTANCES ON 75/80 METERS 


Fig 16 shows the elevation angles statistics for a 
75-meter, 550-mile path from Boston to Cleveland, together 
with overlays of the elevation patterns for several different 
types of antennas. These elevation statistics cover all parts 
of the 11-year solar cycle for this path. The responses for 
the popular GSRV antenna (described later in this chapter) 
are shown for two different heights above flat ground: 50 
and 100 feet. An 80-meter half-wave sloper (“full sloper”) 
and an 80-meter ground-plane antenna are also shown. All 
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Fig 16—80/75-meter elevation statistics for all portions of 
the 11-year solar cycle for the path from Cleveland, Ohio, 
to Boston, Massachusetts, together with the elevation 
responses for four different multiband antennas. The 100- 
foot high horizontally polarized G5RV performs well over 
the entire range of necessary takeoff elevation angles. 


antenna patterns are for “average ground” constants of 
5 mS/m conductivity and a dielectric constant of 13. 

At the statistically most significant takeoff angles around 
50°, the two horizontally polarized GSRV antennas are about 
equal. At the second-highest elevation peak near 30°, the 
100-foot GSRV has about a 4-dB advantage over its lower 
counterpart. The full sloper has comparable performance to 
the 100-foot high GSRV from 1° to about 20° and then gradu- 
ally rises to its peak at angles higher than 70°. The full sloper 
is superior to the 50-foot horizontal GSRV at low takeoff 
elevation angles. The 80-meter ground plane has a deep null 
directly overhead. At an elevation angle of 70° it is down some 
16 dB compared to the 50-foot high horizontal G5SRV. 

The advantage of antennas suitable for high-angle radia- 
tion was vividly demonstrated during a 75-meter QSO one 
fall evening between N6BV/1 in southern New Hampshire 
and W1 WEF in central Connecticut. This involved a distance 
of about 100 miles and WI WEF was using his Four Square 
vertical array. Although W1WEP’s signal was S9 on the Four 
Square, N6BV/1 suggested an experiment. Instead of con- 
necting the so-called “dump power” connector on his Comtek 
ACB-4 hybrid phasing coupler to a 50-Q dummy load (the 
normal configuration), W1WEF switched the dump power 
to his 100-foot high 80-meter horizontal dipole. W1WEF’s 
signal came up more than 20 dB! The approximately 100-W 
of power that would otherwise be “wasted” in the dummy 
load was converted to useful signal. 


ELEVATION ANGLES FOR MODERATE 
DISTANCES ON 40 METERS 
Fig 17 shows the situation for the 40-meter band, from 
Boston to Cleveland, together with the same antennas used for 
80 meters in Fig 16. Note that the 100-foot high horizontally 
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Fig 17—40-meter elevation statistics for the Cleveland 

to Boston path, together with elevation patterns for four 
antennas. Here, the 100-foot high horizontally polarized 
G5RV would have a null in the middle of the range of ele- 
vation angles needed for consistent performance on this 
path. For multiband use on this path to relatively nearby 
stations, the 50-foot high horizontal antenna would be a 
better choice than the 100-foot high antenna. 


polarized GSRV has about a 16-dB null at an elevation angle 
of 43°. This doesn’t affect things for low elevation angles, but 
it certainly has a profound effect on signals arriving between 
about 30° to 60°, especially when compared to the 50-foot 
high horizontal GSRV. The 40-meter full sloper beats out 
the high horizontal antenna from about 35° to 50°. And the 


ground plane is obviously not the antenna of choice for this 
moderate-range path from Boston to Cleveland, although it 
is still a good performer on longer-distance paths, with their 
low takeoff angles. 

A 100-foot high multiband dipole is about %-A high on 
75/80 meters. It is an excellent antenna for general-purpose 
local and DXing operation. But the same dipole used on 
40 meters becomes %-A high. At that height, the nulls in 
its elevation pattern give large holes in coverage for nearby 
40-meter contacts. Many operators have found that a 40- to 
50-foot high dipole on 40 meters gives them far superior 
performance for close-in QSOs, when compared to a high 
dipole, or even a high 2-element 40-meter Yagi. 


NVIS SUMMARY 


The use of NVIS strategies to cover close-in and inter- 
mediate distance communications within about 600 miles 
involves the intelligent choice of low HF frequencies. As 
a rule-of-thumb for ham band NVIS, 40 meters is recom- 
mended for use during the day; 80 meters during the night. 

NVIS involves the choice of antennas suitable for 
this strategy. Horizontally polarized dual-band 80 and 
40-meter flattop dipoles that are mounted higher than about 
10 feet high will work adequately for portable operations. 
Dual-band 80 and 40-meter inverted V dipoles supported 
20 feet above the ground at the center can also work well in 
portable operations. 

Single-band 40-meter flattop antennas about 30 feet 
high and 80-meter flattop antennas about 60 feet high can 
do a good job for fixed locations. 


Horizontal Antennas for the Low Bands 


As shown in Chapter 3, The Effects of Ground, and 
here, radiation angles from horizontal antennas are a very 
strong function of the height above ground in wavelengths. 
Typically for DX work heights of 4/2 to 1 A are considered 
to be a minimum. As we go down in frequency these heights 
become harder to realize. For example, a 160-meter dipole at 
70 feet is only 0.14 A high. This antenna will be very effective 
for local and short distance QSOs but not very good for DX 
work. Despite this limitation, horizontal antennas are very 
popular on the lower bands because the low frequencies are 
often used for short range communications, local nets and rag 
chewing. Also horizontal antennas do not require extensive 
ground systems to be efficient. 


DIPOLE ANTENNAS 


Half-wave dipoles and variations of these can be a very 
good choice for a low band antenna. A variety of possibilities 
are shown in Fig 18. An untuned or “flat” feed line is a logi- 
cal choice on any band because the losses are low, but this 
generally limits the use of the antenna to one band. Where 
only single-band operation is wanted, the 4/2 antenna fed 
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with open-wire line is one of the most popular systems on 
the 3.5 and 7-MHz bands. 

If the antenna is a single-wire affair, its impedance is in 
the vicinity of 60 ©, depending on the height and the ground 
characteristics. The most common way to feed the antenna 
is with 50- or 75-Q coaxial line. Heavy coaxial lines present 
support problems because they are a concentrated weight at 
the center of the antenna, tending to pull the center of the 
antenna down. This can be overcome by using an auxiliary 
pole to take at least some of the weight of the line. The line 
should come away from the antenna at right angles, and it 
can be of any length. 


Folded Dipoles 


A folded dipole (Fig 18B and C) has an impedance of 
about 300 ©, and can be fed directly with any length of 300-Q 
line. The folded dipole can be made of ordinary wire spaced 
by lightweight wooden or plastic spacers, 4 or 6 inches long, 
or a piece of 300 or 450-Q twin-lead or ladder line. 

A folded dipole can be fed with a 600-Q open wire line 
with only a 2:1 SWR, but a nearly perfect match can be ob- 
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Fig 18—Half-wavelength antennas for single band operation. The multiwire types shown in B, C and D offer a better 
match to the feeder over a somewhat wider range of frequencies but otherwise the performances are identical. The feeder 
should run away from the antenna at a right angle for as great a distance as possible. In the coupling circuits shown, 
tuned circuits should resonate to the operating frequency. In the series-tuned circuits of A, B, and C, high L and low C are 
recommended, and in D the inductance and capacitance should be similar to the output-amplifier tank, with the feeders 
tapped across at least ‘4 the coil. The tapped-coil matching circuit shown in Chapter 25 can be substituted in each case. 


tained with a three-wire dipole fed with either 450-Q ladder 
line or 600-Q open wire line. One advantage of the two- and 
three-wire antennas over the single wire is that they offer a 
better match over a wider band. This is particularly important 
if full coverage of the 3.5-MHz band is contemplated. 


Inverted-V Dipole 


The halves of a dipole may be sloped to form an in- 


verted V, as shown in Fig 19. This has the advantages of re- 
quiring only a single high support and less horizontal space. 
There will be some difference in performance between a 
normal horizontal dipole and the inverted V as shown by 
the radiation patterns in Fig 20. There is small loss in peak 
gain and the pattern is less directional. 

Sloping of the wires results in a raising of the reso- 
nant frequency and a decrease in feed-point impedance and 
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Fig 19—The inverted-V dipole. The length and apex angle 


should be adjusted as described in the text. 
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Fig 20—At A, elevation and at B, azimuthal radiation 
patterns comparing a normal 80-meter dipole and an 
inverted-V dipole. The center of both dipoles is at 

65 feet and the ends of the inverted V are at 20 feet. The 
frequency is 3.750 MHz. 
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bandwidth. Thus, for the same frequency, the length of the 
dipole must be increased somewhat. The angle at the apex is 
not critical, although it should probably be made no smaller 
than 90°. Because of the lower impedance, a 50-Q line should 
be used. For those who are dissatisfied with anything but a 
perfect match, the usual procedure is to adjust the angle for 
lowest SWR while keeping the dipole resonant by adjustment 
of length. Bandwidth may be increased by using multiconduc- 
tor elements, such as a cage configuration. 


PHASED HORIZONTAL ARRAYS 


Phased arrays with horizontal elements, which provide 
some directional gain, can be used to advantage at 7 MHz, if 
they can be placed at least 40 feet above ground. At 3.5 MHz 
heights of 70 feet or more are needed for any real advantage. 
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Fig 21—Directional antennas for 7 MHz. To realize any 
advantage from these antennas, they should be at least 
40 feet high. At A, system is bidirectional. At B, system is 
unidirectional in a direction depending upon the tuning 
conditions of the parasitic element. The length of the 
elements in either antenna should be exactly the same, 
but any length from 60 to 150 feet can be used. 

If the length of the antenna at A is between 60 and 

80 feet, the antenna will be bidirectional along the 
same line on both 7 and 14 MHz. The system at B can 
be made to work on 7 and 14 MHz in the same way, by 
keeping the length between 60 and 80 feet. 


Many of the driven arrays discussed in Chapter 8 and even 
some of the Yagis discussed in Chapter 11 can be used as 
fixed directional antennas. If a bidirectional characteristic is 
desired, the W8JK array, shown in Fig 21A, is a good one. If 
a unidirectional characteristic is required, two elements can 
be mounted about 20 feet apart and provision included for 
tuning one of the elements as either a director or reflector, 
as shown in Fig 21B. 

The parasitic element is tuned at the end of its feed 
line with a series or parallel-tuned circuit (whichever would 
normally be required to couple power into the line), and the 
proper tuning condition can be found by using the system 
for receiving and listening to distant stations along the line 
to the rear of the antenna. Tuning the feeder to the parasitic 
element can minimize the received signals from the back 
of the antenna. This is in effect adjusting the antenna for 
maximum front-to-back ratio. Maximum front-to-back does 
not occur at the same point as maximum forward gain but 
the loss in forward gain is very small. Adjusting the antenna 
for maximum forward gain (peaking received signals in the 
forward direction) may increase the forward gain slightly 
but will almost certainly result in relatively poor front-to- 
back ratio. 


A MODIFIED EXTENDED DOUBLE ZEPP 


If the distance between the available supports is greater 
than 4/2 then a very simple form of a single wire collinear 
array can be used to achieve significant gain. The extended 
double Zepp antenna has long been used by amateurs and is 
discussed in Chapter 8, Multielement Arrays. A simple varia- 
tion of this antenna with substantially improved bandwidth 
can be very useful on 3.5 and 7.0 MHz. The following mate- 
rial has been taken from an article by Rudy Severns, N6LF, 
in The ARRL Antenna Compendium Vol 4. 

The key to improving the characteristics of a standard 
double-extended Zepp is to modify the current distribution. 
One of the simplest ways to do this is to insert a reactance(s) 
in series with the wire. This could either be an inductor(s) or 
acapacitor(s). In general, a series capacitor will have a higher 
Q and therefore less loss. With either choice it is desirable to 
use as few components as possible. 

As an initial trial at 7 MHz, only two capacitors, one 
on each side of the antenna, were used. The value and posi- 
tion of the capacitors was varied to see what would happen. 
It quickly became clear that the reactance at the feed point 
could be tuned out by adjusting the capacitor value, making 
the antenna look essentially like a resistor over the entire 
band. The value of the feed-point resistance could be varied 
from less than 150 © to over 1500 © by changing the loca- 
tion of the capacitors and adjusting their values to resonate 
the antenna. 

A number of interesting combinations were created. The 
one ultimately selected is shown in Fig 22. The antenna is 
170 feet in length. Two 9.1 pF capacitors are located 25 feet 
out each side of the center. The antenna is fed with 450-Q 
transmission line and a 9:1 three-core Guanella balun used 
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Fig 22—Schematic for modified N6LF Double Extended 
Zepp. Overall length is 170 feet, with 9.1 pF capacitors 
placed 25 feet each side of center. 
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Fig 23—Azimuth pattern for N6LF Double Extended Zepp 
(solid line), compared to classic Double Extended Zepp 
(dashed line). The main lobe for the modified antenna is 
slightly broader than that of the classic model, and the 
sidelobes are suppressed better. 


at the transmitter to convert to 50 ©. The transmission line 
can be any convenient length and it operates with a very 
low SWR. 

That’s all there is to it. The radiation pattern, overlaid 
with that for a standard DEZepp for comparison, is shown in 
Fig 23. The sidelobes are now reduced to below 20 dB. The 
main lobe is now 43° wide at the 3-dB points, as opposed 
to 35° for the original DEZepp. The antenna has gain over 
a dipole for > 50° now and the gain of the main lobe has 
dropped only 0.2 dB below the original DEZepp. 


Experimental Results 

The antenna was made from #14 wire and the capaci- 
tors were made from 3.5-inch sections of RG-213, shown 
in Fig 24A. Note that great care should be taken to seal out 
moisture in these capacitors. The voltage across the capacitor 
for 1.5 kW will be about 2000 V so any corona will quickly 
destroy the capacitor. 

A silicon sealant was used and then both ends covered 
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Fig 24—Construction details for series capacitor made 
from RG-213 coaxial cable. At A, the method used by N6LF 
is illustrated. At B, a suggested method to seal capacitor 
better against weather is shown, using a section of PVC 
pipe with end caps. 
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Fig 25—Measured SWR curve across 40-meter band for 
N6LF DEZepp. 


with coax seal, finally wrapping it with plastic tape. The 
solder balls indicated on the drawing are to prevent wicking 
of moisture through the braid and the stranded center conduc- 
tor. This is a small but important point if long service out in 
the weather is expected. An even better way to protect the 
capacitor would be to enclose it in a short piece of PVC pipe 
with end caps, as shown in Fig 24B. 

Note that all RG-8 type cables do not have exactly the 
same capacitance per foot and there will also be some end 


6-14 Chapter 6 





iS 
wo 
| 


a 


2.0 





SWR 


an 
fees ef le 








3.5 3.6 3.7 3.8 3.9 4.0 41 
Frequency, MHz 
(8) 


Fig 26—75/80-meter modified Double Extended Zepp, 
designed using NEC Wires. At A, a schematic is shown 

for antenna. At B, SWR curve is shown across 75/80- 
meter band. Solid line shows measured curve for W7ISV 
antenna, which was pruned to place SWR minimum higher 
in the band. The dashed curve shows the computed 
response when SWR minimum is set to 3.8 MHz. 


effect adding to the capacitance. If possible the capacitor 
should be trimmed with a capacitance meter. It isn’t necessary 
to be too exact—the effect of varying the capacitance +10% 
was checked and the antenna still worked fine. 

The results proved to be close to those predicted by the 
computer model. Fig 25 shows the measured value for SWR 
across the band. These measurements were made with a Bird 
directional wattmeter. The worst SWR is 1.35:1 at the low 
end of the band. 

Dick Ives, W7ISV, erected an 80-meter version of the 
antenna, shown in Fig 26A. The series capacitors are 17 pF. 
Since he isn’t interested in CW, Dick adjusted the length for 
the lowest SWR at the high end of the band, as shown in the 
SWR curve (Fig 26B). The antenna could have been tuned 
somewhat lower in frequency and would then provide an 
SWR < 2:1 over the entire band, as indicated by the dashed 
line. 

This antenna provides wide bandwidth and moderate 
gain over the entire 75/80-meter band. Not many antennas 
will give you that with a simple wire structure. 


Vertical Antennas 


On the low bands quarter-wave high vertical antennas 
become increasingly attractive, especially for DX work, be- 
cause they provide a means for lowering the radiation angle. 
This is especially true where practical heights for horizontally 
polarized antennas are too low. In addition, verticals can be 
very simple and unobtrusive structures. For example, it is 
very easy to disguise a vertical as a flagpole. In fact an actual 
flagpole may be used as a vertical. Performance of a vertical 
is determined by several factors: 


e Height of the vertical portion of the radiator 

e The ground or counterpoise system efficiency, if one is 
used 

Ground characteristics in the near- and far-field regions 
The efficiency of loading elements and matching net- 
works 


THE HALF-WAVE VERTICAL DIPOLE 
(HVD) 


The simplest form of vertical is that of a half-wave ver- 
tical dipole, an HVD. This is a horizontal dipole turned 90° 
so that it is perpendicular to the ground under it. Of course, 
the top end of such an antenna must be at least a half wave 
above the ground or else it would be touching the ground. 
This poses quite a construction challenge if the builder wants a 
free-standing low-frequency antenna. Hams fortunate enough 
to have tall trees on their property can suspend wire HVDs 
from these trees. Similarly, hams with two tall towers can run 
rope catenaries between them to hold up an HVD. 

A vertical half-wave dipole has some operational 
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Fig 27—At A, a 80-meter half-wave vertical dipole elevated 


8 feet above the ground. The feed line is run perpendicu- 
larly away from the dipole. At B, a “ground plane” type of 
quarter-wave vertical, with four elevated resonant radials. 
Both antennas are mounted 8 feet above the ground to 
keep them away from passersby. 


advantages compared to a more-commonly used vertical 
configuration—the quarter-wave vertical used with some sort 
of above-ground counterpoise or an on-ground radial system. 
See Fig 27 and 27B, which shows the two configurations 
discussed here. In each case, the lowest part of each antenna 
is 8 feet above ground, to prevent passersby from being able 
to touch any live wire. Each antenna is assumed to be made 
of #14 wire resonant on 80 meters. 


Feeding a Half-Wave Vertical Dipole 


Fig 28 compares elevation patterns for the two antennas 
for “average ground.” You can see that the half-wave vertical 
dipole has about 1.5 dB higher peak gain, since it compresses 
the vertical elevation pattern down somewhat closer to the 
horizon than does the quarter-wave ground plane. Another 
advantage to using a half-wave radiator besides higher gain 
is that less horizontal “real estate” is needed compared to a 
quarter-wave vertical with its horizontal radials. 

The obvious disadvantage to an HVD is that it is taller 
than a quarter-wave ground plane. This requires a higher 
support (such as a taller tree) if you make it from wire, or a 
longer element if you make it from telescoping aluminum 
tubing. 

Another problem is that theory says you must dress the 
feed line so that it is perpendicular to the half-wave radia- 
tor. This means you must support the coax feed line above 
ground for some distance before bringing the coax down to 
ground level. A question immediately arises: How far must 
you go out horizontally with the feed line before going to 
ground level to eliminate common-mode currents that are 
radiated onto the coax shield? Such common-mode currents 
will affect the feed-point impedance as well as the radiation 
pattern for the antenna system. Quite a bit of distortion in the 
azimuthal pattern can be created if common-mode currents 
aren’t suppressed, usually by using a common-mode choke, 
also known as a current balun. 
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Fig 28—A comparison of the elevation patterns for the 
two antennas in Fig 27. The peak gain of the HVD is about 
1.5 dB higher than that for the quarter-wave ground-plane 
radiator with radials. 
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Fig 29—A 20-meter HVD whose bottom is 8 feet above 
ground. This is fed with a 1/2 of RG-213 coax. This system 
uses a common-mode choke at the feed point and another 
1/4 down the line. The resulting azimuthal radiation pattern 
is within 0.4 dB of being perfectly circular. The “wingspan” 
of this antenna system is 27 feet from the radiator to the 
point where the coax comes to ground level. 


Constructing such a common-mode choke is very 
simple: Three large ferrite beads are slipped over the coax 
(before the connectors are soldered on or else they won’t fit!) 
and taped in place. The only problem with this scheme is that 
an additional support (some sort of “skyhook’’) is required 
to support the coax horizontally. Let’s try to simplify the 
installation, by slanting the feed-line coax down to ground 
from the feed point at a fairly steep angle of about 30° from 
vertical. See Fig 29. 

Note that the bottom end of the coax in Fig 29 is ground- 
ed to a ground rod. This serves several purposes—this serves 
as a mechanical connection to hold the coax in place and it 
provides some protection against lightning strikes. Now, as 
a purely practical matter, just how picky are we being here? 
What if we skip the second common-mode choke and just 
use one at the feed point? The computer models predicts that 
there will be some distortion in the azimuthal pattern—about 
1.1 dB worth. Whether this is serious is up to you. However, 
you may find other problems with common-mode currents on 
the coax shield—problems such as RF in the shack or variable 
SWR readings depending on the way coax is routed in the 
shack. The addition of three extra ferrite beads to suppress 
the common-mode currents is cheap insurance. 

Later in this chapter we’ll discuss shortened vertical 
antennas, ones arranged both as vertical dipoles and as verti- 
cal monopoles with radial systems. 


MONOPOLE VERTICALS WITH GROUND 
PLANE RADIALS 
For best performance the vertical portion of a ground- 
plane type of antenna should be 4/4 or more, but this is not an 
absolute requirement. With proper design, antennas as short 
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as 0.1 A or even less can be efficient and effective. Antennas 
shorter than 1/4 will be reactive and some form of loading 
and perhaps a matching network will be required. 

If the radiator is made of wire supported by nonconduct- 
ing material, the approximate length for 4/4 resonance can 
be found from: 


234 
Lfeet = =—_ 


: (Eq 1) 
MHz 


For tubing, the length for resonance must be shorter than 
given by the above equation, as the length-to-diameter ratio is 
lower than for wire (see Chapter 2, Antenna Fundamentals). 
For a tower, the resonant length will be shorter still. In any 
case, after installation the antenna length (height) can be 
adjusted for resonance at the desired frequency. 

The effect of ground characteristics on losses and eleva- 
tion pattern is discussed in detail in Chapter 3, The Effects of 
Ground. The most important points made in that discussion 
are the effect of ground characteristics on the radiation pattern 
and the means for achieving low ground-loss resistance in a 
buried ground system. As ground conductivity increases, low- 
angle radiation improves. This makes a vertical very attractive 
to those who live in areas with good ground conductivity. If 
your QTH is on a saltwater beach, then a vertical would be 
very effective, even when compared to horizontal antennas 
at great height. 

When a buried-radial ground system is used, the 
efficiency of the antenna will be limited by the loss resistance 
of the ground system. The ground can be a number of radial 
wires extending out from the base of the antenna for about 
4/4. Driven ground rods, while satisfactory for electrical 
safety and for lightning protection, are of little value as an 
RF ground for a vertical antenna, except perhaps in marshy or 
beach areas. As pointed out in Chapter 3, many long radials 
are desirable. In general, however, a large number of short 
radials are preferable to only a few long radials, although the 
best system would have 60 or more radials longer than 4/4. An 
elevated system of radials or a ground screen (counterpoise) 
may be used instead of buried radials, and can result in an 
efficient antenna. 


ELEVATED RADIALS AND 
COUNTERPOISES 


Elevated radials, isolated from ground, can be used 
in place of an extensive buried radial system. Work by Al 
Christman, K3LC (ex-KB8]), has shown that 4 to 8 elevated 
radials can provide performance comparable to a 120 A/4- 
long buried wires. This is especially important for the low 
bands, where such a buried ground system is very large and 
impractical for most amateurs. An elevated ground system 
is sometimes referred to as a ground plane or counterpoise. 
Fig 30 compares buried and elevated ground systems, show- 
ing the difference in current flow in the two systems. 

An elevated ground can take several forms. A number 
of wires arranged with radial symmetry around the base of 
the antenna is shown in Fig 30B. Four radials are normally 
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Fig 30—How earth currents affect the losses in a short vertical antenna system. At A, the current through the 
combination of C_ and R_ may be appreciable if C_ is much greater than Cy, the capacitance of the vertical to the ground 
wires. This ratio can be improved (up to a point) by using more radials. By raising the entire antenna system off the 
ground, Cr; (which consists of the series combination of C-, and C_) is decreased while Cy stays the same. The radial 


system shown at B is sometimes called a counterpoise. 


used, but as few as two, or as many as eight, can be used. 
For a given height of vertical, the length of the radials can 
be adjusted to resonate the antenna. For a 4/4 vertical, the 
radials are normally A/4 long. 

In the case of a multiband vertical, two or more sets of 
radials, with different lengths, may be interleaved. The radi- 
als associated with each band are adjusted for resonance on 
their associated band. 

A counterpoise is most commonly a system of elevated 
radials, where the radial wires are interconnected with jump- 
ers, as shown in Fig 31. As illustrated in Fig 30, the purpose 
of the elevated-ground system is to provide a return path 
for the displacement currents flowing in the vicinity of the 
antenna. The idea is to minimize the current flowing through 
the ground itself, which is usually very lossy. By raising the 
radials above ground most of the current will flow in the radi- 
als, which are good conductors. This allows a simple radial 
system to provide a very efficient ground. However, there is 
a price to be paid for this. 

The ground system now has a direct effect on the feed- 
point impedance, introducing reactance as well as resistance, 
and is relatively narrow band. For a given vertical height, the 


Fig 31—Counterpoise, showing the radial wires connected 
together by cross wires. The length of the perimeter of the 
individual meshes should be < 1/4 to prevent undesired 
resonances. Sometimes the center portion of the 
counterpoise is made from wire mesh. 
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Table 2 


Illustration of the effect of variable vertical height 
(L,) on elevated radial length (L2) and Rr. 

#12 wire, elevated 5 feet over average ground at 
3.525 MHz. 

L, Ly Lo Rr 

(feet)  (Q) 

0.225 62.8 94 28.8 

0.25 69.8 67 38.4 

0.27 75.0 45 51.0 


0.3 83.7 24 75.9 





Fig 32—The ground-plane antenna. Power is applied 
between the base of the vertical radiator and the center of 
the ground plane, as indicated in the drawing. Decoupling 
from the transmission line and any conductive support 
structure is highly desirable. 


radial length must be adjusted to resonate the antenna. The 
length of the radials must be readjusted for each band if a 
multiband vertical is used. As pointed out above, this usually 
means the installation of a set of radials for each band. To 
minimize current flowing in the ground, the antenna, ground 
plane and feed line must be isolated from ground for RF. 
More on this later. 

The height of the vertical does not have to be exactly 
A/4. Other lengths may be used and the antenna may be 
resonated by adjusting the length of the radials. Table 2 gives 
a comparison between three different vertical lengths in an 
antenna using four elevated radials at 3.525 MHz. 

An important feature of Table 2 is the dramatic reduction 
in radial length (L,) with even a small increase in vertical 
height (L,). For example, increasing the height by 5 feet 
reduces the radial length by 22 feet on 80 meters. On the 
other hand even a small decrease in L, can cause a substan- 
tial increase in L,. This would be very undesirable, since the 
area required by the radials is already considerable. Notice 
also that the small increase in height raises Rp to 51 Q. This 
trick of increasing the height slightly to reduce the size of 
the elevated ground system and to increase the input resis- 
tance can be very useful. In a following section the use of 
top loading for short antennas will be discussed. Top loading 
can also be used on a A/4 vertical to achieve the same effect 
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as increasing the height—the ability to use shorter radials 
and a better match. 


GROUND-PLANE ANTENNAS 


The ground-plane antenna is a A/4 vertical with four 
radials, as shown in Fig 32. The entire antenna is elevated 
above ground. A practical example of a 7-MHz ground-plane 
antenna is given in Fig 33. As explained earlier, elevating 
the antenna reduces the ground loss and lowers the radiation 
angle somewhat. The radials are sloped downward to make 
the feed-point impedance closer to 50 Q. 

The feed-point impedance of the antenna varies with 
the height above ground, and to a lesser extent varies with 
the ground characteristics. Fig 34 is a graph of feed-point 
resistance (Rp) for a ground-plane antenna with the radials 
parallel to the ground. Rp is plotted as a function of height 
above ground. Notice that the difference between perfect 
ground and average ground (s=13 and o = 0.005 S/m) is 
small, except when quite close to ground. Near ground Rp 
is between 36 and 40 ©. This is a reasonable match for 50-Q. 
feed line but as the antenna is raised above ground Rp drops 
to approximately 22 Q, which is not a very good match. The 
feed-point resistance can be increased by sloping the radials 
downward, away from the vertical section. 

The effect of sloping the radials is shown in Fig 35. The 
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Fig 33—A ground-plane antenna is effective for DX work 
on 7 MHz. Although its base can be any height above 
ground, losses in the ground underneath will be reduced 
by keeping the bottom of the antenna and the ground 
plane as high above ground as possible. Feeding the 
antenna directly with 50-Q coaxial cable will result in a low 
SWR. The vertical radiator and the radials are all 4/4 long 
electrically. Contrary to popular myth, the radials need not 
necessarily be 5% longer than the radiator. Their physical 
length will depend on their length-to-diameter ratios, the 
height over ground and the length of the vertical radiator, 
as discussed in text. 
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Fig 34—Radiation resistance of a 4-radial ground-plane 
antenna as a function of height over ground. Perfect 
and average ground are shown. Frequency is 3.525 MHz. 
Radial angle (8) is 0°. 
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Fig 35—Radiation resistance and resonant length for a 
4-radial ground-plane antenna > 0.3 ) above ground as a 
function of radial droop angle (6). 
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Fig 36—Radiation resistance and resonant length for a 
4-radial ground-plane antenna for various heights above 
average ground for radial droop angle 6 = 45°. 


graph is for an antenna well above ground (> 0.3 4). Notice 
that Rp = 50 Q when the radials are sloped downward at an 
angle of 45°, a convenient value. The resonant length of the 
antenna will vary slightly with the angle. In addition, the 
resonant length will vary a small amount with height above 
the ground. It is for these reasons, as well as the effect of 
conductor diameter, that some adjustment of the radial lengths 
is usually required. When the ground-plane antenna is used 
on the higher HF bands and at VHF, the height above ground 
is usually such that a radial sloping angle of 45° will give a 
good match to 50-Q feed line. 

The effect of height on Rp with a radial angle of 45° is 
shown in Fig 36. At 7 MHz and lower, it is seldom possible to 
elevate the antenna a significant portion of a wavelength and 
the radial angle required to match to 50-Q line is usually of the 
order of 10° to 20°. To make the vertical portion of the antenna 
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Fig 37—The folded monopole antenna. Shown here is a 
ground plane of four 1/4 radials. The folded element may 
be operated over an extensive counterpoise system or 
mounted on the ground and worked against buried radials 
and the earth. As with the folded dipole antenna, the feed- 
point impedance depends on the ratios of the radiator 
conductor sizes and their spacing. 
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Coax Tiewrap 
Fig 38—A choke balun with sufficient impedance to 
isolate the antenna properly can be made by winding 
coaxial cable around a section of plastic pipe. Suitable 
dimensions are given in the text. 
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as long as possible, it may be better to accept a slightly poorer 
match and keep the radials parallel to ground. 

The principles of the folded dipole (Fig 18) can also be 
applied to the ground-plane antenna, as shown in Fig 37. This 
is the folded monopole antenna. The feed-point resistance can 
be controlled by the number of parallel vertical conductors 
and the ratios of their diameters. 

As mentioned earlier, it is important in most installations 
to isolate the antenna from the feed line and any conductive 
supporting structure. This is done to minimize the return 
current conducted through the ground. A return current on 
the feed line itself or the support structure can drastically 
alter the radiation pattern, usually for the worse. For these 
reasons, a balun (see Chapter 26, Coupling the Line to the 
Antenna) or other isolation scheme must be used. 1:1 baluns 
are effective for the higher bands but at 3.5 and 1.8 MHz 
commercial baluns often have too low a shunt inductance 
to provide adequate isolation. It is very easy to recognize 
when the isolation is inadequate. When the antenna is be- 
ing adjusted while watching an isolated impedance or SWR 
meter, adjustments may be sensitive to your touching the 
instrument. After adjustment and after the feed line is at- 
tached, the SWR may be drastically different. When the feed 
line is inadequately isolated, the apparent resonant frequency 
or the length of the radials required for resonance may also 
be significantly different from what you expect. 

In general, an isolation choke inductance of 50 to 
100 WH will be needed for 3.5 and 1.8-MHz ground-plane 
antennas. One of the easiest ways to make the required isola- 
tion choke is to wind a length of coaxial cable into a coil as 
shown in Fig 38. For 1.8 MHz, 30 turns of RG-213 wound 
on a 14-inch length of 8-inch diameter PVC pipe, will make 
a very good isolation choke that can handle full legal power 
continuously. A smaller choke could be wound on 4-inch 
diameter plastic drain pipe using RG-8X or a Teflon insulated 
cable. The important point here is to isolate or decouple the 
antenna from the feed line and support structure. 

A full-size ground-plane antenna is often a little im- 
practical for 3.5-MHz and quite impractical for 1.8 MHz, 
but it can be used at 7 MHz to good advantage, particularly 
for DX work. Smaller versions can be very useful on 3.5 
and 1.8 MHz. 


EXAMPLES OF VERTICALS 


There are many possible ways to build a vertical an- 
tenna—the limits are set by your ingenuity. The primary 
problem is creating the vertical portion of the antenna with 
sufficient height. Some of the more common means are: 


e =A dedicated tower 

e Using an existing tower with an HF Yagi on top 

e Awire suspended from a tree limb or the side of a build- 
ing 

e A vertical wire supported by a line between two trees or 
other supports 

eA tall pole supporting a conductor 

e ~=Flagpoles 
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e = Light standards 
e Irrigation pipe 
e TV masts 


If you have the space and the resources, the most 
straightforward means is to erect a dedicated tower for a 
vertical. While this is certainly an effective approach, many 
amateurs do not have the space or the funds to do this, espe- 
cially if they already have a tower with an HF antenna on the 
top. The existing tower can be used as a top-loaded vertical, 
using shunt feed and a ground radial system. A system like 
this is shown in Fig 39B. 

For those who live in an area with tall trees, it may be 
possible to install a support rope between two trees, or be- 
tween a tree and an existing tower. (Under no circumstances 
should you use an active utility pole!) The vertical portion of 
the antenna can be a wire suspended from the support line to 
ground, as shown in Fig 39C. If top loading is needed, some 
or all of the support line can be made part of the antenna. 

Your local utility company will periodically have older 
power poles that they no longer wish to keep in service. These 
are sometimes available at little or no expense. If you see a 
power line under reconstruction or repair in your area you 
might stop and speak with the crew foreman. Sometimes they 
will have removed older poles they will not use again and 
will have to haul them back to their shop for disposal. Your 
offer for local “disposal” may well be accepted. Such a pole 
can be used in conjunction with a tubing or whip extension 
such as that shown in Fig 39A. Power poles are not your 
only option. In some areas of the US, such as the southeast 
or northwest, tall poles made directly from small conifers 
are available. 

Freestanding (unguyed) flagpoles and roadway illumi- 
nation standards are available in heights exceeding 100 feet. 
These are made of fiberglass, aluminum or galvanized steel. 
All of these are candidates for verticals. Flagpole suppliers 
are listed under “Flags and Banners” in your Yellow Pages. 
For lighting standards (lamp posts), you can contact a local 
electrical hardware distributor. Like a wooden pole, a fiber- 
glass flagpole does not require a base insulator, but metal 
poles do. Guy wires will be needed. 

One option to avoid the use of guys and a base insula- 
tor is to mount the pole directly into the ground as originally 
intended and then use shunt feed. If you want to keep the pole 
grounded but would like to use elevated radials, you can attach 
a cage of wires (four to six) at the top as shown in Fig 39D. 
The cage surrounds the pole and allows the pole (or tower for 
that matter) to be grounded while allowing elevated radials to 
be used. The use of a cage of wires surrounding the pole or 
tower is a very good way to increase the effective diameter. 
This reduces the Q of the antenna, thereby increasing the 
bandwidth. It can also reduce the conductor loss, especially 
if the pole is galvanized steel, which is not a very good RF 
conductor. 

Aluminum irrigation tubing, which comes in diameters 
of 3 and 4 inches and in lengths of 20 to 40 feet, is widely 
available in rural areas. One or two lengths of tubing con- 
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Fig 39—Vertical antennas are effective for 3.5- or 7-MHz work. The 4/4 antenna shown at A is fed directly with 50-Q coaxial 
line, and the resulting SWR is usually less than 1.5 to 1, depending on the ground resistance. If a grounded antenna is used 
as at B, the antenna can be shunt fed with either 50- or 75-Q coaxial line. The tap for best match and the value of C will have 
to be found by experiment. The line running up the side of the antenna should be spaced 6 to 12 inches from the antenna. 

If tall trees are available the antenna can be supported from a line suspended between the trees, as shown in C. If the 
vertical section is not long enough then the horizontal support section can be made of wire and act as top loading. 

A pole or even a grounded tower can be used with elevated radials if a cage of four to six wires is provided as shown in D. 
The cage surrounds the pole which may be wood or a grounded conductor. 


nected together can make a very good vertical when guyed 
with non-conducting line. It is also very lightweight and 
relatively easy to erect. A variety of TV masts are available 
which can also be used for verticals. 


1.8 TO 3.5-MHz VERTICAL USING AN 
EXISTING TOWER 


A tower can be used as a vertical antenna, provided 
that a good ground system is available. The shunt-fed tower 
is at its best on 1.8 MHz, where a full 4/4 vertical antenna 
is rarely possible. Almost any tower height can be used. If 
the beam structure provides some top loading, so much the 


better, but anything can be made to radiate—if it is fed prop- 
erly. WSRTQ (now K6SE) uses a self-supporting, aluminum, 
crank-up, tilt-over tower, with a TH6DXX tribander mounted 
at 70 feet. Measurements showed that the entire structure has 
about the same properties as a 125-foot vertical. It thus works 
quite well as an antenna on 1.8 and 3.5 MHz for DX work 
requiring low-angle radiation. 


Preparing the Structure 


Usually some work on the tower system must be done 
before shunt-feeding is tried. If present, metallic guys should 
be broken up with insulators. They can be made to simulate 
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top loading, if needed, by judicious placement of the first in- 
sulators. Don’t overdo it; there is no need to “tune the radiator 
to resonance” in this way since a shunt feed is employed. If 
the tower is fastened to a house at a point more than about 
one-fourth of the height of the tower, it may be desirable to 
insulate the tower from the building. Plexiglas sheet, /4-inch 
or more thick, can be bent to any desired shape for this pur- 
pose, if it is heated in an oven and bent while hot. 

All cables should be taped tightly to the tower, on the 
inside, and run down to the ground level. It is not necessary 
to bond shielded cables to the tower electrically, but there 
should be no exceptions to the down-to-the-ground rule. 

A good system of buried radials is very desirable. The 
ideal would be 120 radials, each 250 feet long, but fewer and 
shorter ones must often suffice. You can lay them around cor- 
ners of houses, along fences or sidewalks, wherever they can 
be put a few inches under the surface, or even on the earth’s 
surface. Aluminum clothesline wire may be used extensively 
in areas where it will not be subject to corrosion. Neoprene- 
covered aluminum wire will be better in highly acid soils. 
Contact with the soil is not important. Deep-driven ground 
rods and connection to underground copper water pipes may 
be helpful, if available, especially to provide some protection 
from lightning. 


Installing the Shunt Feed 


Principal details of the shunt-fed tower for 1.8 and 3.5 MHz 
are shown in Fig 40. Rigid rod or tubing can be used for the 
feed portion, but heavy gauge aluminum or copper wire is 
easier to work with. Flexible stranded #8 copper wire is used 
at WSRTQ (now K6SE) for the 1.8-MHz feed, because when 
the tower is cranked down, the feed wire must come down 
with it. Connection is made at the top, 68 feet, through a 
4-foot length of aluminum tubing clamped to the top of the 
tower, horizontally. The wire is clamped to the tubing at the 
outer end, and runs down vertically through standoff insula- 
tors. These are made by fitting 12-inch lengths of PVC plastic 
water pipe over 3-foot lengths of aluminum tubing. These 
are clamped to the tower at 15- to 20-foot intervals, with the 
bottom clamp about 3 feet above ground. These lengths allow 
for adjustment of the tower-to-wire spacing over a range of 
about 12 to 36 inches, for impedance matching. 

The gamma-match capacitor for 1.8 MHz is a 250-pF 
variable with about %-inch plate spacing. This is adequate 
for power levels up to about 200 W. A large transmitting or 
a vacuum-variable capacitor should be used for high-power 
applications. 


Tuning Procedure 


The 1.8-MHz feed wire should be connected to the top 
of the structure if it is 75 feet tall or less. Mount the standoff 
insulators so as to have a spacing of about 24 inches between 
wire and tower. Pull the wire taut and clamp it in place at the 
bottom insulator. Leave a little slack below to permit adjust- 
ment of the wire spacing, if necessary. 

Adjust the series capacitor in the 1.8-MHz line for 
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minimum reflected power, as indicated on an SWR meter 
connected between the coax and the connector on the capaci- 
tor housing. Make this adjustment at a frequency near the 
middle of your expected operating range. If a high SWR is 
indicated, try moving the wire closer to the tower. Just the 
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Fig 40—Principal details of the shunt-fed tower at WSRTQ 
(now K6SE). The 1.8-MHz feed, left side, connects to the top 
of the tower through a horizontal arm of 1-inch diameter 
aluminum tubing. The other arms have standoff insulators 
at their outer ends, made of 1-foot lengths of plastic water 
pipe. The connection for 3.5-4 MHz, right, is made similarly, 
at 28 feet, but two variable capacitors are used to permit 
adjustment of matching with large changes in frequency. 


lower part of the wire need be moved for an indication as to 
whether reduced spacing is needed. If the SWR drops, move 
all insulators closer to the tower, and try again. 

If the SWR goes up, increase the spacing. There will be 
a practical range of about 12 to 36 inches. If going down to 
12 inches does not give a low SWR, try connecting the top a 
bit farther down the tower. If wide spacing does not make it, 
the omega match shown for 3.5-MHz work should be tried. No 
adjustment of spacing is needed with the latter arrangement, 
which may be necessary with short towers or installations 
having little or no top loading. 

The two-capacitor arrangement in the omega match is 
also useful for working in more than one 25-kHz segment 
of the 1.8-MHz band. Tune up on the highest frequency, say 
1990 kHz, using the single capacitor, making the settings 
of wire spacing and connection point permanent for this 
frequency. To move to the lower frequency, say 1810 kHz, 
connect the second capacitor into the circuit and adjust it for 
the new frequency. Switching the second capacitor in and out 
then allows changing from one segment to the other, with no 
more than a slight retuning of the first capacitor. 


SIMPLE, EFFECTIVE, ELEVATED 
GROUND-PLANE ANTENNAS 


This section describes a simple and effective means 
of using a grounded tower, with or without top-mounted 
antennas, as an elevated ground-plane antenna for 80 and 
160 meters. It first appeared in a June 1994 QST article by 
Thomas Russell, N4KG. 


From Sloper to Vertical 


Recall the quarter-wavelength sloper, also known as 
the half sloper. [The half sloper is covered later in this chap- 
ter in more detail—Ed.] It consists of an isolated quarter 
wavelength of wire, sloping from an elevated feed point on 
a grounded tower. Best results are usually obtained when 
the feed point is somewhere below a top-mounted Yagi 
antenna. You feed a sloper by attaching the center conduc- 
tor of a coaxial cable to the wire and the braid of the cable 
to the tower leg. Now, imagine four (or more) slopers, but 
instead of feeding each individually, connect them together 
to the center conductor of a single feed line. Voila! Instant 
elevated ground plane. 

Now, all you need to do is determine how to tune the 
antenna to resonance. With no antennas on the top of the tow- 
er, the tower can be thought of as a fat conductor and should 
be approximately 4% shorter than a quarter wavelength in 
free space. Calculate this length and attach four insulated 
quarter-wavelength radials at this distance from the top of the 
tower. For 80 meters, a feed point 65 feet below the top of an 
unloaded tower is called for. The tower guys must be broken 
up with insulators for all such installations. For 160 meters, 
130 feet of tower above the feed point is needed. 

What can be done with a typical grounded-tower-and- 
Yagi installation? A top-mounted Yagi acts as a large capaci- 
tance hat, top loading the tower. Fortunately, top loading is 


the most efficient means of loading a vertical antenna. 

The examples in Table 3 should give us an idea of how 
much top loading might be expected from typical amateur 
antennas. The values listed in the Equivalent Loading column 
tell us the approximate vertical height replaced by the anten- 
nas listed in a top-loaded vertical antenna. To arrive at the 
remaining amount of tower needed for resonance, subtract 
these numbers from the non-loaded tower height needed for 
resonance. Note that for all but the 10-meter antennas, the 
equivalent loading equals or exceeds a quarter wavelength 
on 40 meters. For typical HF Yagis, this method is best used 
only on 80 and 160 meters. 


Construction Examples 


Consider this example: A TH7 triband Yagi mounted on 
a 40-foot tower. The TH7 has approximately the same overall 
dimensions as a full-sized 3-element 20-meter beam, but has 
more interlaced elements. Its equivalent loading is estimated 
to be 40 feet. At 3.6 MHz, 65 feet of tower is needed without 
loading. Subtracting 40 feet of equivalent loading, the feed 
point should be 25 feet below the TH7 antenna. 

Ten quarter-wavelength (65-foot) radials were run from 
a nylon rope tied between tower legs at the 15-foot level, to 
various supports 10 feet high. Nylon cord was tied to the 
insulated, stranded, #18 wire, without using insulators. The 
radials are all connected together and to the center of an exact 
half wavelength (at 3.6 MHz) of RG-213 coax, which will 
repeat the antenna feed impedance at the other end. Fig 41 is 
a drawing of the installation. The author used a Hewlett-Pack- 
ard low-frequency impedance analyzer to measure the input 
impedance across the 80-meter band. An exact resonance 
(zero reactance) was seen at 3.6 MHz, just as predicted. The 
radiation resistance was found to be 17 Q. The next question 
is, how to feed and match the antenna. 

One good approach to 80-meter antennas is to tune them 
to the low end of the band, use a low-loss transmission line, 
and switch an antenna tuner in line for operation in the higher 
portions of the band. With a 50-Q line, the 17-© radiation 
resistance represents a 3:1 SWR, meaning that an antenna 
tuner should be in-line for all frequencies. For short runs, it 


Table 3 

Effective Loading of Common Yagi Antennas 

Antenna Boom Equivalent 
Length Ss Loading 
(feet) (area, ff?) (feet) 

3L 20 24 768 39 

5L 15 26 624 35 

4L 15 20 480 31 

3L 15 16 384 28 

5L 10 24 384 28 

4L 10 18 288 24 

3L 10 12 192 20 

TH7 24 — 40 (estimated) 

TH3 14 — 27 (estimated) 
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Fig 41—At A, an 80-meter top-loaded, reverse-fed elevated 
ground plane, using a 40-foot tower carrying a TH7 triband 
Yagi antenna. At B, dimensions of the 3.6-MHz matching 
network, made from RG-59. 


would be permissible to use RG-8 or RG-213 directly to the 
tuner. If you have a plentiful supply of low-loss 75-Q CATV 
rigid coax, you can take another approach. 

Make a quarter-wave (70 feet x 0.66 velocity factor 
= 46 feet) 37-Q matching line by paralleling two pieces of 
RG-59 and connecting them between the feed point and a run 
of the rigid coax to the transmitter. The magic of quarter-wave 
matching transformers is that the input impedance (R;) and 
output impedance (R,) are related by: 
Zo? =R, x Ry (Eq 2) 

For R; = 17 © and Zp, = 37 Q, Ry = 80 Q, an almost 
perfect match for the 75-CQ CATV coax. The resulting 1.6:1 
SWR at the transmitter is good enough for CW operation 
without a tuner. 


160-Meter Operation 


On the 160-meter band, a resonant quarter-wavelength 
requires 130 feet of tower above the radials. That’s a pretty 
tall order. Subtracting 40 feet of top loading for a 3-element 
20-meter or TH7 antenna brings us to a more reasonable 
90 feet above the radials. Additional top loading in the form 
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Fig 42—A 160-meter antenna using a 75-foot tower 
carrying stacked triband Yagis. 


of more antennas will reduce that even more. 

Another installation, using stacked TH6s on a 75-foot 
tower, is shown in Fig 42. The radials are 10 feet off the 
ground. 


PHASED VERTICALS 


Two or more vertical antennas spaced apart can be oper- 
ated as a single antenna system to obtain additional gain and 
a directional pattern. There is an extensive discussion of 
phased arrays in Chapter 8, Multielement Arrays. Much of 
the material in Chapter 8 is useful for low-band antennas. 


The Half-Square Antenna 


The half-square antenna is a very simple form of vertical 
two-element phased array that can be very effective on the 
low bands. The following section was originally presented 
in The ARRL Antenna Compendium Vol 5, by Rudy Severns, 
N6LF. 

A simple modification to a standard dipole is to add 
two A/4 vertical wires, one at each end, as shown in Fig 43. 
This makes a half-square antenna. The antenna can be fed at 
one corner (low-impedance, current fed) or at the lower end 
of one of the vertical wires (high-impedance, voltage fed). 





mS 


Current—Feed Point 








i. salen Voltage—Feed Point 


Fig 43—Typical 80-meter half-square, with 1/4-high vertical 
legs and a 1/2-long horizontal leg. The antenna may be fed at 
the bottom or at a corner. When fed at a corner, the feed point 
is a low-impedance, current-feed. When fed at the bottom of 
one of the wires against a small ground counterpoise, the 
feed point is a high-impedance, voltage-feed. 


Other feed arrangements are also possible. 

The “classical” dimensions for this antenna are A/2 
(131 feet at 3.75 MHz) for the top wire and A/4 (65.5 feet) 
for the vertical wires. However, there is nothing sacred about 
these dimensions! They can vary over a wide range and still 
obtain nearly the same performance. 

This antenna is two A/4 verticals, spaced 2/2, fed in- 
phase by the top wire. The current maximums are at the top 
corners. The theoretical gain over a single vertical is 3.8 dB. 
An important advantage of this antenna is that it does not 
require the extensive ground system and feed arrangements 
that a conventional pair of phased A/4 verticals would. 


Comparison to a Dipole 


In the past, one of the things that has turned off potential 
users of the half-square on 80 and 160 meters is the perceived 
need for A/4 vertical sections. This forces the height to be 
> 65 feet on 80 meters and > 130 feet on 160 meters. That’s 
not really a problem. If you don’t have the height there are 
several things you can do. For example, just fold the ends 
in, as shown in Fig 44. This compromises the performance 
surprisingly little. 

It is helpful to compare the examples given in Figs 43 
and 44 to dipoles at the same height. Two heights, 40 and 
80 feet, and average, very good and sea water grounds, were 
used for this comparison. It is also assumed that the lower 
end of the vertical wires had to be a minimum of 5 feet above 
ground. 

At 40 feet the half-square is really mangled, with only 
35-foot long (= 1/8) vertical sections. The elevation-plane 
comparison between this antenna and a dipole of the same 
height is shown in Fig 45. Over average ground the half- 
square is superior below 32° and at 15° is almost 5 dB better. 
That is a worthwhile improvement. If you have very good 
soil conductivity, like parts of the lower Midwest and South, 
then the half-square will be superior below 38° and at 15° will 
be nearly 8 dB better. For those fortunate few with saltwater 
frontal property the advantage at 15° is 11 dB! Notice also 
that above 35°, the response drops off rapidly. This is great 
for DX but is not good for local work. 


Fig 44—An 80-meter half-square configured for 40-foot high 
supports. The ends have been bent inward to reresonate the 
antenna. The performance is compromised surprisingly little. 
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Fig 45—Comparison of 80-meter elevation response of 
40-foot high, horizontally polarized dipole over average 
ground and a 40-foot high, vertically polarized half-square, 
over three types of ground: average (conductivity o = 5 
mS/m, dielectric constant < = 13), very good (o = 30 mS/m, 

¢ = 20) and salt water (o = 5000 mS/m, « = 80). The quality of 
the ground clearly has a profound effect on the low-angle 
performance of the half-square. Even over average ground, 
the half-square outperforms the low dipole below about 32°. 
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Fig 46—80-meter azimuth patterns for shortened half- 
square antenna (solid line) shown in Fig 44, compared 
with flattop dipole (dashed line) at 100 feet height. 
Average ground is assumed for these cases. 
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Fig 46 shows the azimuthal-plane pattern for the 80- 
meter half-square antenna in Fig 44, but this time compared 
with the response of a flattop horizontal dipole that is 100 feet 
high. These comparisons are for average ground and are for 
an elevation angle of 5°. The message here is that the lower 
your dipole and the better your ground, the more you have to 
gain by switching from a dipole to a half-square. The half- 
square antenna looks like a good bet for DXing. 


Changing the Shape of the Half Square 


Just how flexible is the shape? There are several com- 
mon distortions of practical importance. Some have very little 
effect but a few are fatal to the gain. Suppose you have either 
more height and less width than called for in the standard ver- 
sion or more width and less height, as shown in Fig 47A. 

The effect on gain from this type of dimensional 
variation is given in Table 4. For a top length (L;) varying 
between 110 and 150 feet, where the vertical wire lengths 
(Ly) readjusted to resonate the antenna, the gain changes 
only by 0.6 dB. For a 1-dB change the range of L,y is 100 to 
155 feet, a pretty wide range. 

Another variation results if we vary the length of 
the horizontal top wire and readjust the vertical wires for 
resonance, while keeping the top at a constant height. See 
Fig 47B. Table 5 shows the effect of this variation on the peak 
gain. For a range of Ly = 110 to 145 feet, the gain changes 
only 0.65 dB. 

The effect of bending the ends into a V shape, as shown 
in Fig 47C, is given in Table 6. The bottom of the antenna is 


Table 4 

Variation in Gain with Change in Horizontal Length, 
with Vertical Height Readjusted for 

Resonance (see Fig 47A) 








L; (feet) Ly (feet) Gain (dBi) 
100 85.4 2.65 

110 79.5 3.15 

120 73.7 3.55 

130 67.8 3.75 

140 61.8 3.65 

150 56 3.05 

155 53 2.65 
Table 5 


Variation in Gain with Change in Horizontal Length, 
with Vertical Length Readjusted for Resonance, but 
Horizontal Wire Kept at Constant Height (see Fig 47B) 


L; (feet) Ly (feet) Gain (dBi) 
110 78.7 3.15 
120 73.9 3.55 
130 68 3.75 
140 63 3.35 
145 60.7 3.05 
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kept at a height of 5 feet and the top height (H) is either 40 
or 60 feet. Even this gross deformation has only a relatively 
small effect on the gain. Sloping the ends outward as shown 
in Fig 47D and varying the top length also has only a small 
effect on the gain. While this is good news because it allows 
you dimension the antenna to fit different QTHs, not all 
distortions are so benign. 





(A) a 
ly 


(8) | 


ly 
Constant 
Height 


(0) " 7 


Fig 47—Varying the horizontal and vertical lengths of a 
half-square. At A, both the horizontal and vertical legs 
are varied, while keeping the antenna resonant. At B, the 
height of the horizontal wire is kept constant, while its 
length and that of the vertical legs is varied to keep the 
antenna resonant. At C, the length of the horizontal wire 
is varied and the legs are bent inwards in the shape of 
“vees.” At D, the ends are sloped outward and the length 
of the flattop portion is varied. All these symmetrical 
forms of distortion of the basic half-square shape result 
in small performance losses. At E, a “halfwave vertical 
dipole” (HVD) with the feed coax isolated with common- 
mode choke baluns to keep RF current off the coax shield. 


Table 6 


Gain for Half-Square Antenna, Where Ends Are Bent 
Into V-Shape (see Fig 47 C) 


Height=> H=40 feet H=40 feet H=60 feet H=60 feet 
L; (feet) L,(feet) Gain (dBi) L, (feet) Gain (dBi) 
40 57.6 3.25 52.0 2.75 
60 51.4 3.75 45.4 3.35 
80 45.2 3.95 76.4 3.65 
100 38.6 3.75 61.4 3.85 
120 31.7 3.05 44.4 3.65 
140 — _— 23 3.05 


25' High 


fs High 


Fig 48—An asymmetrical distortion of the half-square 
antenna, where the bottom of one leg is purposely made 
20 feet higher than the other. This type of distortion does 
affect the pattern! 





Freq = 3.75 MHz Half Square, 50’ High 


Se, 50’ High 
at Peak 










SA 
HE 
‘ HOSS Ke 


Max Gain = 6.47 dBi 


30 





oN 
a" |_| 


Fig 49—Elevation pattern for the asymmetrical half-square 
shown in Fig 48, compared with pattern for a 50-foot high 
dipole. This is over average ground, with a conductivity 
of 5 mS/m and a dielectric constant of 13. Note that the 
zenith-angle null has filled in and the peak gain is lower 
compared to conventional half-square shown in Fig 43 
over the same kind of ground. 


Suppose the two ends are not of the same height, as 
illustrated in Fig 48, where one end of the half-square is 
20 feet higher than the other. The elevation-plane radiation 
pattern for this antenna is shown in Fig 49 compared to a di- 
pole at 50 feet. This type of distortion does affect the pattern. 
The gain drops somewhat and the zenith null goes away. The 
nulls off the end of the antenna also go away, so that there 


is some end-fire radiation. In this example the difference in 
height is fairly extreme at 20 feet. Small differences of 1 to 
5 feet do not affect the pattern seriously. 

If the top height is the same at both ends but the length 
of the vertical wires is not the same, then a similar pattern 
distortion can occur. The antenna is very tolerant of sym- 
metrical distortions but it is much less accepting of asym- 
metrical distortion. 

What if the length of the wires is such that the antenna is 
not resonant? Depending on the feed arrangement, that may 
or may not matter. We will look at that issue later on, in the 
section on patterns versus frequency. The half-square antenna, 
like the dipole, is very flexible in its proportions. 


Half-Square Feed-Point Impedance 


There are many different ways to feed the half-square. 
Traditionally the antenna has been fed either at the end of 
one of the vertical sections, against ground, or at one of the 
upper corners as shown in Fig 43. 

For voltage feed at the bottom against ground, the 
impedance is very high, on the order of several thousand 
ohms. For current feed at a corner, the impedance is much 
lower and is usually close to 50 ©. This is very convenient 
for direct feed with coax. 

The half-square is a relatively high-Q antenna (Q ~ 17). 
Fig 50 shows the SWR variation with frequency for this feed 
arrangement. An 80-meter dipole is not particularly wideband 
either, but a dipole will have less extreme variation in SWR 
than the half-square. 


Patterns Versus Frequency 


Impedance is not the only issue when defining the band- 
width of an antenna. The effect on the radiation pattern of 
changing frequency is also a concern. For a voltage-fed half- 
square, the current distribution changes with frequency. For 
an antenna resonant near 3.75 MHz, the current distribution 
is nearly symmetrical. However, above and below resonance 
the current distribution increasingly becomes asymmetrical. 
In effect, the open end of the antenna is constrained to be 
a voltage maximum but the feed point can behave less as a 
voltage point and more like a current maxima. This allows 
the current distribution to become asymmetrical. 

The effect is to reduce the gain by —0.4 dB at 3.5 MHz 
and by —0.6 dB at 4 MHz. The depth of the zenith null is 
reduced from —20 dB to —10 dB. The side nulls are also 
reduced. Note that this is exactly what happened when the 
antenna was made physically asymmetrical. Whether the 
asymmetry is due to current distribution or mechanical ar- 
rangements, the antenna pattern will suffer. 

When current-feed at a corner is used, the asymmetry 
introduced by off-resonance operation is much less, since 
both ends of the antenna are open circuits and constrained to 
be voltage maximums. The resulting gain reduction is only 
—0.1 dB. It is interesting that the sensitivity of the pattern to 
changing frequency depends on the feed scheme used. 

Of more concern for corner feed is the effect of the 
transmission line. The usual instruction is to simply feed 
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Fig 50—Variation of SWR with 
frequency for current-fed half- 





square antenna. The SWR band- 
width is quite narrow. 
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Fig 51—Typical 
(8) matching networks 
C5 L used for voltage- 
g feeding a half-square 
antenna. 
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the antenna using coax, with the shield connected to verti- 
cal wire and the center conductor to the top wire. Since the 
shield of the coax is a conductor, more or less parallel with 
the radiator, and is in the immediate field of the antenna, 
you might expect the pattern to be seriously distorted by 
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this practice. This arrangement seems to have very little 
effect on the pattern. The greatest effect is when the feed 
line length was near a multiple of 4/2. Such lengths should 
be avoided. 

Of course, you may use a choke balun at the feed point 
if you desire. This might reduce the coupling to the feed line 
even further but it doesn’t appear to be worth the trouble. In 
fact, if you use an antenna tuner in the shack to operate away 
from resonance with a very high SWR on the transmission 
line, a balun at the feed point would take a beating. 


Voltage-Feed at One End of Antenna: Matching 
Schemes 


Several straightforward means are available for nar- 
row-band matching. However, broadband matching over the 
full 80-meter band is much more challenging. Voltage feed 
with a parallel-resonant circuit and a modest local ground, 
as shown in Fig 51, is the traditional matching scheme for 
this antenna. Matching is achieved by resonating the circuit 
at the desired frequency and tapping down on the inductor 
in Fig 51A or using a capacitive divider (Fig 51B). It is also 
possible to use a A/4 transmission-line matching scheme, as 
shown in Fig 51C. 

If the matching network shown in Fig 51B is used, 
typical values for the components would be: L = 15 wH, 
C1 = 125 pFand C2 = 855 pF At any single point the SWR 
can be made very close to 1:1 but the bandwidth for SWR 
< 2:1 will be very narrow at <100 kHz. Altering the L-C 
ratio doesn’t make very much difference. The half-square 
antenna has a well-earned reputation for being narrow- 
band. 


Short Vertical Antennas 


On the lower frequencies it becomes increasingly dif- 
ficult to accommodate a full 1/4 vertical height and full-sized 
1/4 radials, or even worse, a full-sized half-wave vertical di- 
pole (HVD). In fact, it is not absolutely necessary to make the 
antenna full size, whether it is an HVD, a grounded monopole 
antenna or a ground-plane type of monopole antenna. The 
size of the antenna can be reduced by half or even more and 
still retain high efficiency and the desired radiation pattern. 
This requires careful design, however. And if high efficiency 
is maintained, the operating bandwidth of the shortened 
antenna will be reduced because the shortened antenna will 
have a higher Q. 

This translates into a more rapid increase of reactance 
away from resonance. The effect can be mitigated to some 
extent by using larger-diameter conductors. Even doing this 
however, bandwidth will be a problem, particularly on the 
3.5 to 4-MHz band, which is very wide in proportion to the 
center frequency. 

If we take a vertical monopole with a diameter of 
2 inches and a frequency of 3.525 MHz and progressively 
shorten it from 4/4 in length, the feed-point impedance 
and efficiency (using an inductor at the base to tune out the 
capacitive reactance) will vary as shown in Table 7. In this 
example perfect ground and conductor are assumed. Real 
ground will not make a great difference in the impedance but 
will introduce ground loss, which will reduce the efficiency 
further. Conductor loss will also reduce efficiency. In general, 
higher Rp will result in better efficiency. 

The important point of Table 7 is the drastic reduction 
in radiation resistance Rp as the antenna gets shorter. This 
combined with the increasing loss resistance of the induc- 
tor (R,_) used to tune out the increasing base reactance (X¢) 
reduces the efficiency. 


BASE LOADING A SHORT VERTICAL 
ANTENNA 


The base of the antenna is a convenient point at which 


Table 7 

Effect of Shortening a Vertical Radiator Below 4/4 
Using Inductive Base Loading. 

Frequency is 3.525 MHz and for the Inductor Q, = 200. 
Ground and conductor losses are omitted. 

Length Length Rp Xo Ry Efficiency Loss 
(feet) (A) Q) — Q) Q) — (%) (aB) 


14 0.050 0.96 -761 38 20 7.0 
20.9 0.075 2.2 -533 2.7 45 -3.5 
27.9 0.100 4.2 -395 2.0 68 -1.7 


34.9 0.125 6.8 -298 1.5 82 —0.86 
41.9 0.150 10.4 -220 1.1 90 —0.44 
48.9 0.175 15.1 -153 0.77 95 —0.22 
55.8 0.200 21.4 —-92 046 98 —0.09 
62.8 0.225 29.7 —-34 0.17 99 —0.02 


to add a loading inductor, but it is usually not the lowest loss 
point at which an inductor, of a given Q, could be placed. 
There is an extensive discussion of the optimum location of 
the loading in a short vertical as a function of ground loss 
and inductor Q in Chapter 16 for mobile antennas, which by 
necessity are electrically and physically short. This informa- 
tion should be reviewed before using inductive loading. 

On the accompanying CD-ROM is a copy of the pro- 
gram MOBILE.EXE. This is an excellent tool for designing 
short, inductively loaded antennas. In most cases, where top 
loading (discussed below) is not used, the optimum point 
is near or a little above the middle of the vertical section. 
Moving the loading coil from the base to the middle of the 
vertical antenna can make an important difference, increas- 
ing Rp and reducing the inductor loss. For example, in an 
antenna operating at 3.525 MHz, if we make L, = 34.9 feet 
(0.125 i) the amount of loading inductor placed at the center 
is 25.2 WH. This resonates the antenna. In this configura- 
tion Rp will increase from 6.8 Q (base loading) to 13.5 QO 
(center loading). This substantially increases the efficiency 
of the antenna, depending on the ground loss and conductor 
resistances. 

Instead of a lumped inductance being inserted at some 
point in the antenna, it is also possible to use “continuous 
loading,” where the entire radiator is wound as a small di- 
ameter coil. The effect is to distribute the inductive loading 
all along the radiator. In this version of inductive loading the 
coil is the radiator. An example of a short vertical using this 
principle is given later in this chapter. 


OTHER WAYS OF LOADING A SHORT 
ANTENNA FOR RESONANCE 


Inductive loading is not the only, or even the best, way 
to compensate for reduced antenna height. Capacitive top 
loading can also be used as indicated in Fig 52 to bring a 
vertical monopole to resonance. Table 8 gives information on 
a shortened 3.525-MHz vertical using top loading. The verti- 
cal portion (L,) is made from 2-inch tubing. The top loading 
is also 2-inch tubing extending across the top like a T. The 
length of the top loading T (+L,) is adjusted to resonate the 


Table 8 

Effect of Shortening a Vertical Using Top Loading 
L; Lo Length Rp 
(feet) (feet) (d) (Q) 
14.0 48.8 0.050 4.0 
20.9 38.6 0.075 8.5 
27.9 30.1 0.100 14.0 
34.9 22.8 0.125 19.9 
41.9 17.3 0.150 25.5 
48.9 11.9 0.175 30.4 
55.8 7.0 0.200 33.9 
62.8 2.4 0.225 35.7 
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antenna. Again, the ground and the conductors are assumed 
to be perfect in Table 8. 

For a given vertical height, resonating the antenna with 
top loading results in much higher radiation resistance Rp—2 
to 4 times. In addition, the loss associated with the loading 
element will be smaller. The result is a more efficient antenna 
for low heights. A comparison of Rp for both capacitive top 
loading and inductive base loading is given in Fig 53. For 
heights below 0.15 A the length of the top-loading elements 
becomes impractical but there are other, potentially more 
useful, top-loading schemes. 

A multiwire system such as the one shown in Fig 54 
has more capacitance than the single-conductor arrangement, 
and thus does not need to be as long to resonate at a given 
frequency. This design does, however, require extra supports 
for the additional wires. Ideally, an arrangement of this sort 
should be in the form of a cross, but parallel wires separated 
by several feet give a considerable increase in capacitance 
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Fig 52—Horizontal wire used to top load a short vertical. 
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Fig 53—Comparison of top (capacitive) and base 
(inductive) loading for short verticals. Sufficient loading 
is used to resonate the antenna. 
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Fig 54—Multiple top wires can increase the effective 
capacitance substantially. This allows the use of shorter 
top wires to achieve resonance. 


Fig 55—A close- 

up view of the 
capacitance hat for 
a 7-MHz vertical 
antenna. The ‘-in. 
diameter radial 
arms terminate in a 
loop of copper wire. 
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Fig 56—Capacitance of sphere, disc and cylinder as 
a function of their diameters. The cylinder length is 
assumed equal to its diameter. 


over a single wire. 

The top loading can be supplied by a variety of metallic 
structures large enough to have the necessary self-capaci- 
tance. For example, as shown in Fig 55, a multi-spoked 
structure with the ends connected together can be used. One 
simple way to make a capacitance hat is to take four to six 
8-foot fiberglass CB mobile whips, arrange them like spokes 
in a wagon wheel and connect the ends with a peripheral wire. 
This arrangement will produce a 16-foot diameter hat that 
is economical and very durable, even when loaded with ice. 
Practically any sufficiently large metallic structure can be 
used for this purpose, but simple geometric forms such as the 
sphere, cylinder and disc are preferred because of the relative 
ease with which their capacitance can be calculated. 

The capacitance of three geometric forms can be esti- 
mated from the curves of Fig 56 as a function of their size. 
For the cylinder, the length is specified equal to the diameter. 
The sphere, disc and cylinder can be constructed from sheet 
metal, if such construction is feasible, but the capacitance 
will be practically the same in each if a “skeleton” type of 
construction with screening or networks of wire or tubing 
are used. 


Finding Capacitance Hat Size 


The required size of a capacitance hat may be deter- 
mined from the following procedure. The information in this 
section is based on a September 1978 QST article by Walter 
Schulz, K30QF. The physical length of a shortened antenna 
can be found from: 


11808 
Furnz 


where h = length in inches. 

Thus, using an example of 7 MHz and a shortened length 
of 0.167 4, h = 11808/7 x 0.167 = 282 inches, equivalent to 
23.48 feet. 

Consider the vertical radiator as an open-ended trans- 
mission line, so the impedance and top loading may be de- 
termined. The characteristic impedance of a vertical antenna 
can be found from 


“-m(o(2}) 


where 
In = natural logarithm 
h = length (height) of vertical radiator in inches 
(as above) 
d = diameter of radiator in inches 





(Eq 3) 


inches — 


(Eq 4) 


The vertical radiator for this example has a diameter of 
1 inch. Thus, for this example, 


Zy =60 [»( }} 361 Q 


The capacitive reactance required for the amount of top 
loading can be found from 








Zy = 60 nf 2 }= 361 Q 


where 

X = capacitive reactance, ohms 

Zo = characteristic impedance of antenna (from Eq 4) 

6 = amount of electrical loading, degrees. 

This value for a 30° hat is 361/tan 30° = 625 Q. This 
capacitive reactance may be converted to capacitance with 
the following equation, 


» 40° 
2niX¢ (Eq 6) 


(Eq 5) 





where 
C = capacitance in pF 
f = frequency, MHz 
Xc = capacitive reactance, ohms (from above). 


For this example, the required C = 10°/(2 2 x 7 x 625) = 
36.4 pF, which may be rounded to 36 pF. A disc capacitor is 
used in this example. The appropriate diameter for 36 pF of 
hat capacitance can be found from Fig 56. The disc diameter 
that yields 36 pF of capacitance is 40 inches. 

The skeleton disc shown in Fig 55 is fashioned into a 
wagonwheel configuration. Six 20-inch lengths of 2-inch 
OD aluminum tubing are used as spokes. Each is connected 
to the hub at equidistant intervals. The outer ends of the 
spokes terminate in a loop made of #14 copper wire. Note 
that the loop increases the hat capacitance slightly, making 
a better approximation of a solid disc. The addition of this 
hat at the top of a 23.4-foot radiator makes it quarter-wave 
resonant at 7 MHz. 

After construction, some slight adjustment in the 
radiator length or the hat size may be required if resonance 
at a specific frequency is desired. From Fig 53, the radiation 
resistance of a 0.167-A high radiator is seen to be about 13 Q 
without top loading. With top loading Rr ~ 25 or almost 
double. 


THE COMPACT VERTICAL DIPOLE 


A variation on the HVD (half-wave vertical dipole) 
theme is the compact vertical dipole, or CVD. The CVD 
uses capacitance-hat loading on each end of a shortened 
vertical radiator, as shown in Fig 57C. Some call this “top 
hat” and “bottom hat” loading. Les Moxon, G6XN, called 
this method of loading a shortened antenna simply “end 
loading.” The vertical wire for his 40-meter CVD is 25 feet 
high, with 15-foot long horizontal loading wires on each 
side, top and bottom. 


K8CH Compact Vertical Dipole 
The top loading wires needn’t be perpendicular to the 
vertical radiator, although that is convenient if you construct 
the antenna from aluminum tubing. K8CH described a wire 
30-meter CVD in the 2006 Edition of The ARRL Handbook. 
This used #14 wire throughout, with sloping top loading 
wires. It was designed to be suspended from a tree at least 
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(E) 


32 feet high to keep all wires 8 feet or more above humans 
and animals. The vertical radiating wire is 24 feet long, and 
the eight top and bottom end-loading wires are all 5 feet 
9 inches long. See Fig 57E and Table 9, CVD 1. 

The top loading wires slant at an angle of 45° down 
to the ground, using insulating strings that also support the 
ends of the bottom loading wires, holding them out so that 
they are horizontal. See Fig 58. There is a small loss of gain 
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Fig 57—Progression of end-loaded-vertical 
dipole designs. At A, the HVD (half-wave verti- 
cal dipole), with no end loading. At B, an HVD 
whose bottom half has been replaced with a 
set of four ground-plane radials, making it into 
the familiar ground-plane vertical. At C, G6XN- 
style dipole with end loading of two wires at 
both top and bottom. At D, end-loaded dipole 
with four shorter wires at top and bottom. 

At E, K8CH end-loaded dipole with asymmetric 
loading wires. The four top wires are slanted 
down to the ground using extension insulating 
strings that also hold up the bottom horizontal 
end-loading wires. See Fig 58. 


because of the “umbrella” shape of the top loading wires, 
and the 2:1 SWR bandwidth is diminished slightly from the 
horizontal case. This isn’t a problem on a narrow band like 
30 meters. 

A 40-meter version of this antenna, CVD 6, also uses 
a 24-foot long vertical radiator, 8 feet high at its bottom. It 
uses 11.3-foot long radial wires made of #14 wire, again 
with the top four slanted down at 45°. This CVD has a 2:1 
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Fig 58—Layout of CVD made using #14 wire suspended 
from a tree branch. 


SWR bandwidth of 250 kHz. It is directly fed with 50-Q 
coax with ferrite-core common-mode choke baluns in the 
middle of the vertical radiator. An additional choke balun is 
used where the coax reaches ground level in order to knock 
down common-mode currents that might otherwise radiate 
onto the coax shield. 

You should note the comparison of 40-meter ground-plane 


Table 9 
Variations on a Vertical Center-Fed Dipole 
Name Style Vertical Spoke Min. Ht Max. 
Fig 57 Length Length feet Gain 
feet feet aBi 
20 Meters 
GP B 17.53 16.53 8 0.29 
CVD 1 Cc 13 7.57 8 0.12 
CVD 2 D 12 5.1 8 0.00 
CVD 3 E 12.15 5.6 8 -0.01 
30 Meters 
GP B 24.54 23.14 8 0.04 
CVD 1 E 24 5.33 8 0.2 
CVD 2 E 17 7.60 8 —0.36 
40 Meters 
HVD A 66 — 8 0.13 
GP 1 B 35 33 8 -0.12 
GP 2 B 34.5 33 2 —0.37 
CVD 1 Cc 25 15 8 —0.42 
CVD 2 Cc 24 15 2 —1.09 
CVD 3 D 24 10 8 —0.55 
CVD 4 D 24 5 8 —0.85 
CVD 5 D 16 8 8 -1.18 
CVD 6 E 24 11.3 8 —0.59 
80 Meters 
HVD A 135 — 8 0.19 
GP B 65.5 61 8 0.11 
CVD 1 Cc 48.3 30 8 —0.27 
CVD 2 E 46.5 21.9 8 —0.50 


vertical antennas in Table 9. GP | is for horizontal radials that 
are 8 feet off the ground, while GP 2 has its radials only 2 feet 
high. There is some loss in gain because of the proximity of the 
lossy ground. The 40-meter CVD | and CVD 2 cases illustrate 
the same effect of being close to the lossy ground. 

Some of the cases in Table 9 require Center Load coils 
to bring the antenna to resonance. Where the loading coil 
inductance is equal to the “Hairpin Coil” inductance, the 
loading coil also serves as a hairpin matching coil. Where 
the amount of Hairpin Coil inductance is less than the Load 
Coil inductance, a match is achieved by tapping the Center 
Load Coil symmetrically out from the center. 


80-Meter CVD 


The size of a CVD becomes a real challenge on 
80 meters, requiring either very tall support structures or 
multiple loading methods to keep the vertical radiator to a 
reasonable length. The CVD 2 design in Table 9 shows a 
K8CH-style CVD wire antenna whose vertical radiator is 
46.5 feet long. It requires a 54.5-foot high tree to keep the 
bottom end of the vertical radiator 8 feet above ground for 
safety. Compare this to an HVD that requires a 143-foot sup- 
port of some sort to keep it 8 feet off the ground at the bottom. 
The CVD 2 sacrifices some 0.7 dB in gain for this difference 
in size, and about 75 kHz in 2:1 SWR bandwidth. 

The CVD 2 would require retuning when going from 


2:1 SWR 
kHz 


Hairpin 
Coil 
uH 


400 
625 
550 
450 


400 
500 
400 


450 
325 
400 
450 
400 
425 
225 
175 
250 


225 
200 
200 
150 
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CW to phone, probably by changing the length of the four 
bottom horizontal wires equally. 


LINEAR LOADING 


Another alternative to inductive loading is linear load- 
ing. This little-understood method of shortening radiators can 
be applied to almost any antenna configuration—including 
parasitic arrays. Although commercial antenna manufacturers 
make use of linear loading in their HF antennas, relatively few 
hams have used it in their own designs. Linear loading can 
be used to advantage in many antennas because it introduces 
relatively little loss, does not degrade directivity patterns, and 
has low enough Q to allow reasonably good bandwidth. Some 
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Fig 59—Some examples of linear loading. The small 
circles indicate the feed points of the antennas. 





R=35 9 


f /fo= 0.55—0.60 
R= 26 2 


Fig 60—Wire dipole antennas. The ratio f/fp is the measured 
resonant frequency divided by frequency fy of a standard 
dipole of same length. R is radiation resistance in ohms. At 
A, standard single-wire dipole. At B, two-wire linear-loaded 
dipole, similar to folded dipole except that side opposite 
feed line is open. At C, three-wire linear-loaded dipole. 
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examples of linear-loaded antennas are shown in Fig 59. 

Since the dimensions and spacing of linear-loading 
devices vary greatly from one antenna installation to another, 
the best way to employ this technique is to try a length of 
conductor 10% to 20% longer than the difference between 
the shortened antenna and the full-size dimension for the 
linear-loading device. Then use the “cut-and-try” method, 
varying both the spacing and length of the loading device to 
optimize the match. A hairpin at the feed point can be useful 
in achieving a 1:1 SWR at resonance. 


Linear-Loaded Short Wire Antennas 


More detail on linear loading is provided in this section, 
which was originally presented in The ARRL Antenna Com- 
pendium Vol 5 by John Stanford, NN@F. Linear loading can 
significantly reduce the required length for resonant anten- 
nas. For example, it is easy to make a resonant antenna that 
is as much as 30 to 40% shorter than an ordinary dipole for 
a given band. The shorter overall lengths come from bending 
back some of the wire. The increased self-coupling lowers 
the resonant frequency. These ideas are applicable to short 
antennas for restricted space or portable use. 


Experiments 


The results of the measurements are shown in Fig 60 
and are also consistent with values given by Rashed and Tai 
from an earlier paper. This shows several simple wire antenna 
configurations, with resonant frequencies and impedance 
(radiation resistance). The reference dipole has a resonant 
frequency fy and resistance R = 72 ©. The f/fp values give the 
effective reduced frequency obtained with the linear loading 
in each case. For example, the two-wire linear-loaded dipole 
has its resonant frequency lowered to about 0.67 to 0.70 that 
of the simple reference dipole of the same length. 

The three-wire linear-loaded dipole has its frequency re- 
duced to 0.55 to 0.60 of the simple dipole of the same length. 
As you will see later, these values will vary with conductor 
diameter and spacing. 

The two-wire linear-loaded dipole (Fig 60B) looks 
almost like a folded dipole but, unlike a folded dipole, it is 
open in the middle of the side opposite where the feed line 
is attached. Measurements show that this antenna structure 
has a resonant frequency lowered to about two-thirds that 
of the reference dipole, and R equal to about 35 . A three- 
wire linear-loaded dipole (Fig 60C) has even lower resonant 
frequency and R about 25 to 30 Q. 

Linear-loaded monopoles (one half of the dipoles in Fig 
60) working against a radial ground plane have similar reso- 
nant frequencies, but with only half the radiation resistance 
shown for the dipoles. 


A Ladder-Line Linear-Loaded Dipole 
Based on these results, NN@F next constructed a linear 
loaded dipole as in Fig 60B, using 24 feet of 1-inch ladder 
line (the black, 450-© plastic kind widely available) for the 
dipole length. He hung the system from a tree using nylon 


fishing line, about 4 feet from the tree at the top, and about 
8 feet from the ground on the bottom end. It was slanted at 
about a 60° angle to the ground. This antenna resonated at 
12.8 MHz and had a measured resistance of about 35 ©. After 
the resonance measurements, he fed it with 1-inch ladder 
open-wire line (a total of about 100 feet to the shack). 

For brevity, this is called a vertical LLSD (linear-loaded 
short dipole). A tuner resonated the system nicely on 20 and 
30 meters. On these bands the performance of the vertical 
LLSD seemed comparable to his 120-foot long, horizontal 
center-fed Zepp, 30 feet above ground. In some directions 
where the horizontal, all-band Zepp has nulls, such as toward 
Siberia, the vertical LLSD was definitely superior. This 
system also resonates on 17 and 40 meters. However, from 
listening to various signals, NNQ@F had the impression that 
this length LLSD is not as good on 17 and 40 meters as the 
horizontal 120-foot antenna. 


Using Capacitance End Hats 


He also experimented with an even shorter resonant 
length by trying an LLSD with capacitance end-hats. The 
hats, as expected, increased the radiation resistance and 
lowered the resonant frequency. Six-foot long, single-wire 
hats were used on each end of the previous 24-foot LLSD, 
as shown in Fig 61. The antenna was supported in the same 
way as the previous vertical dipole, but the bottom-end hat 
wire was only inches from the grass. This system resonated 
at 10.6 MHz with a measured resistance of 50 Q. 

If the dipole section were lengthened slightly, by a foot or 
so, to about 25 feet, it should hit the 10.1-MHz band and be a 
good match for 50-Q coax. It would be suitable for a restricted 





Fig 61—Two-wire linear-loaded dipole with capacitance 
end hats. Main dipole length was constructed from 24 feet 
of “windowed” ladder line. The end-hat elements were stiff 
wires 6 feet long. The antenna was strung at about a 60° 
angle from a tree limb using monofilament fishing line. 
Measured resonant frequency and radiation resistance 
were 10.6 MHz and 50 ©. 


space, shortened 30-meter antenna. Note that this antenna is 
only about half the length of a conventional 30-meter dipole, 
needs no tuner, and has no losses due to traps. It does have the 
loss of the extra wire, but this is essentially negligible. 

Any of the linear-loaded dipole antennas can be mounted 
either horizontally or vertically. The vertical version can be 
used for longer skip contacts—beyond 600 miles or so—un- 
less you have rather tall supports for horizontal antennas to 
give a low elevation angle. Using different diameter conduc- 
tors in linear-loaded antenna configurations yields different 
results, depending on whether the larger or small diameter 
conductor is fed. NNQF experimented with a vertical ground- 
plane antenna using a 10-foot piece of electrical conduit pipe 
(% inch OD) and #12 copper house wire. 

Fig 62 shows the configuration. The radial ground 
system was buried a couple of inches under the soil and is 
not shown. Note that this is not a folded monopole, which 
would have either A or B grounded. 

The two conductors were separated by 2 inches, using 
plastic spreaders held onto the pipe by stainless-steel hose 
clamps obtained from the local hardware store. Hose clamps 
intertwined at right angles were also used to clamp the pipe 
on electric fence stand-off insulators on a short 2x4 post set 
vertically in the ground. 

The two different diameter conductors make the antenna 
characteristics change, depending on how they are configured. 
With the antenna bridge connected to the larger diameter 
conductor (point A in Fig 62), and point B unconnected, the 
system resonated at 16.8 MHz and had R = 35 Q. With the 
bridge at B (the smaller conductor), and point A left uncon- 
nected, the resonance lowered to 12.4 MHz and R was found 
to be about 24 Q. 

The resonant frequency of the system in Fig 62 can be 
adjusted by changing the overall height, or for increasing 
the frequency, by reducing the length of the wire. Note that 
a 3.8-MHz resonant ground plane can be made with height 
only about half that of the usual 67 feet required, if the smaller 
conductor is fed (point B in Fig 62). In this case, the pipe 
would be left unconnected electrically. The lengths given 
above can be scaled to determine a first-try attempt for your 
favorite band. Resonant lengths will, however, depend on the 
conductor diameters and spacing. 


Fig 62—Vertical ground-plane 
antenna with a 10-foot pipe 
and #12 wire as the linear- 
loaded element. Resonant 
frequency and radiation 
resistance depend on which 
side (A or B) is fed. The other 
side (B or A) is not grounded. 
See text for details. 
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The same ideas hold for a dipole, except that the lengths 
should be doubled from those of the ground plane in Fig 62. 
The resistance will be twice that of the ground plane. Say, 
how about a shortened 40-meter horizontal beam to enhance 
your signal?! 


COMBINED LOADING 


As an antenna is shortened further the size of the top 
loading device will become larger and at some point will be 
impractical. In this situation inductive loading, usually placed 
directly between the capacitance “hat” and the top of the 
antenna, can be added to resonate the antenna. An alternative 
would be to use linear loading in place of inductive loading. 
The previous section contained an example of end loading 
combined with linear loading. 


SHORTENING THE RADIALS 


Very often the space required by full-length radials is 
simply not available. Like the vertical portion of the antenna, 
the radials can also be shortened and loaded in very much 
the same way. An example of end loaded radials is given in 
Fig 63A. Radials half the usual length can be used with little 
reduction in efficiency but, as in the case of top loading, the 
antenna Q will be higher and the bandwidth reduced. As 
shown in Fig 63B, inductive loading can also be used. As 
long as they are not made too short (down to 0.1/) loaded 
radials can be efficient—with careful design. 


GENERAL RULES 


The steps in designing an efficient short vertical antenna 
system are: 


e Make the vertical section as long as possible. 

e Make the diameter of the vertical section as large as 
possible. Tubing or a cage of smaller wires will work 
well. 

e Provide as much top and/or bottom loading as pos- 
sible. 

e If the top/bottom loading is insufficient, resonate the 
antenna with a high-Q inductor placed between the hat 
and the top of the antenna. 

e For buried-ground systems, use as many radials (> 0.2 ) 
as possible. 40 or more is best. 

e If an elevated ground plane is used, use 4 to 8 radials, 5 
or more feet above ground. 

e If shortened radials must be used then capacitive loading 
is preferable to inductive loading. 


EXAMPLES OF SHORT VERTICALS 
A 6-Foot-High 7-MHz Vertical Antenna 


Figs 64 through 67 give details for building short, effec- 
tive vertical quarter-wavelength radiators. This information 
was originally presented by Jerry Sevick, W2FMI. 

A short vertical antenna, properly designed and in- 
stalled, approaches the efficiency of a full-size resonant 
quarter-wave antenna. Even a 6-foot vertical on 7 MHz can 
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Fig 63—Radials may be shortened by using either capaci- 
tive (A) or inductive (B) loading. In extreme cases both 
may be used but the operating bandwidth will be limited. 


produce an exceptional signal. Theory tells us that this should 
be possible, but the practical achievement of such a result 
requires an understanding of the problems of ground losses, 
loading, and impedance matching. 

The key to success with shortened vertical antennas 
lies in the efficiency of the ground system with which the 
antenna is used. A system of at least 60 radial wires is rec- 





40-meter vertical. 


ommended for best results, although the builder may elect to 
reduce the number at the expense of some performance. The 
radials can be tensioned and pinned at the far ends to permit 
on-the-ground installation, which will enable the amateur 
to mow the lawn without the wires becoming entangled in 
the mower blades. Alternatively, the wires can be buried in 
the ground, where they will not be visible. There is nothing 
critical about the wire size for the radials. Radials made of 
28, 22, or even 16-gauge wire, will provide the same results. 
The radials should be at least 0.2 4 long (27 feet or greater 
on 7 MHz). 

A top hat is formed as illustrated in Fig 65. The diameter 
is 7 feet, and a continuous length of wire is connected to the 
spokes around the outer circumference of the wheel. A load- 





Fig 65—Construction details for the top hat. Fora 
diameter of 7 feet, ‘4-in. aluminum tubing is used. The 
hose clamp is made of stainless steel and is available at 
Sears. The rest of the hardware is aluminum. 
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Fig 66—Standing-wave ratio of the 6-foot vertical using a 
7-foot top hat and 14 turns of loading 6 inches below the 
top hat. 


ing coil consisting of 14 turns of B& W 3029 Miniductor stock 
(2’4-inch dia, 6 TPI, #12 wire) is installed 6 inches below the 
top hat (see Fig 65). This antenna exhibits a feed-point im- 
pedance of 3.5 © at 7.21 MHz. For operation above or below 
this frequency, the number of coil turns must be decreased or 
increased, respectively. Matching is accomplished by increas- 
ing the feed-point impedance to 14 © through addition of a 
4:1-transformer, then matching 14 © to 50 (feeder imped- 
ance) by means of a pi network. The 2:1 SWR bandwidth for 
this antenna is approximately 100 kHz. 

More than 200 contacts with the 6-foot antenna have 
indicated the efficiency and capability of a short vertical. 
Invariably at distances greater than 500 or 600 miles, the 
short vertical yields excellent signals. Similar antennas can 
be scaled and constructed for bands other than 7 MHz. The 
7-foot-diameter-top hat was tried on a 3.5-MHz vertical, with 
an antenna height of 22 feet. The loading coil had 24 turns 
and was placed 2 feet below the top hat. On-the-air results 
duplicated those on 40-meters. The bandwidth was 65 kHz. 

Short verticals such as these have the ability to radi- 
ate and receive almost as well as a full-size quarter-wave. 
Trade-offs are in lowered input impedances and bandwidths. 
However, with a good radial system and a proper design, these 
trade-offs can be made entirely acceptable. 


Short Continuously Loaded Verticals 


While there is the option of using lumped inductance 
to achieve resonance in a short antenna, the antenna can also 
be helically wound to provide the required inductance. This 
is shown in Fig 68. Shortened quarter-wavelength vertical 
antennas can be made by forming a helix on a long cylindrical 
insulator. The diameter of the helix must be small in terms of 
i to prevent the antenna from radiating in the axial mode. 

Acceptable form diameters for HF-band operation are 
from | inch to 10 inches when the practical aspects of antenna 
construction are considered. Insulating poles of fiberglass, 
PVC tubing, treated bamboo or wood, or phenolic are suit- 
able for use in building helically wound radiators. If wood 
or bamboo is used the builder should treat the material with 
at least two coats of exterior spar varnish prior to winding 
the antenna element. The completed structure should be 
given two more coats of varnish, regardless of the material 
used for the coil form. Application of the varnish will help 
weatherproof the antenna and prevent the coil turns from 
changing position. 

No strict rule has been established concerning how short 
a helically wound vertical can be before a significant drop in 
performance is experienced. Generally, one should use the 
greatest amount of length consistent with available space. 
A guideline might be to maintain an element length of 0.05 
wavelength or more for antennas which are electrically a 
quarter wavelength long. Thus, use 13 feet or more of stock 
for an 80-meter antenna, 7 feet for 40 meters, and so on. 

A quarter-wavelength helically wound vertical can be 
used in the same manner as a full-size vertical. That is, it 
can be worked against an above-ground wire radial system 
(four or more radials), or it can be ground-mounted with 
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Fig 67—Base of the vertical antenna showing the 60 radial 
wires. The aluminum disc is 15 inches in diameter and 
% inches thick. Sixty tapped holes for ‘4-20 aluminum hex- 
head bolts form the outer ring and 20 form the inner ring. 
The inner bolts were used for performance comparisons 
with more than 60 radials. The insulator is polystyrene 
material (phenolic or Plexiglas suitable) with a 1-inch 
diameter. Also shown is the impedance bridge used for 
measuring input resistance. 
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Fig 68—Helically wound ground-plane vertical. 
Performance from this type of antenna is comparable 

to that of many full-size 4/4 vertical antennas. The major 
design trade-off is usable bandwidth. All shortened 
antennas of this variety are narrow-band devices. At 

7 MHz, in the example illustrated here, the bandwidth 
between the 2:1 SWR points will be on the order of 

50 kHz, half that amount on 80 meters, and twice that 
amount on 20 meters. Therefore, the antenna should be 
adjusted for operation in the center of the frequency band 
of interest. 
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radials buried or lying on the ground. Some operators have 
reported good results when using antennas of this kind with 
four helically wound radials cut for resonance at the operating 
frequency. The latter technique should capture the attention 
of those persons who must use indoor antennas. 


Winding Information 


There is no hard-and-fast formula for determining 
the amount of wire needed to establish resonance in a heli- 
cal antenna. The relationship between the length of wire 
needed for resonance and a full quarter wave at the desired 
frequency depends on several factors. Some of these are wire 
size, diameter of the turns, and the dielectric properties of 
the form material, to name a few. Experience has indicated 
that a section of wire approximately one half wavelength 
long, wound on an insulating form with a linear pitch (equal 
spacing between turns) will come close to yielding a reso- 
nant quarter wavelength. Therefore, an antenna for use on 
160 meters would require approximately 260 feet of wire, 
spirally wound on the support. 

No specific rule exists concerning the size or type of 
wire one should use in making a helix. Larger wire sizes are, 
of course, preferable in the interest of minimizing IR losses 
in the system. For power levels up to 1000 W it is wise to use 
a wire size of #16 or larger. Aluminum clothesline wire is 
suitable for use in systems where the spacing between turns 
is greater than the wire diameter. Antennas requiring close- 
spaced turns can be made from enameled magnet wire or #14 
vinyl jacketed, single-conductor house wiring stock. Every 
effort should be made to keep the turn spacing as large as is 
practical to maximize efficiency. 

A short rod or metal disc should be made for the top 
or high-impedance end of the vertical. This is a necessary 
part of the installation to assure reduction in antenna Q. This 
broadens the bandwidth of the system and helps prevent ex- 
tremely high amounts of RF voltage from being developed 
at the top of the radiator. (Some helical antennas act like 
Tesla coils when used with high-power transmitters, and can 
actually catch fire at the high-impedance end when a stub or 
disc is not used.) Since the Q-lowering device exhibits some 
additional capacitance in the system, it must be in place before 
the antenna is tuned. 


Tuning and Matching 


Once the element is wound it should be mounted where 
it will be used, with the ground system installed. The feed end 
of the radiator can be connected temporarily to the ground 
system. Use a dip meter to check the antenna for resonance 
by coupling the dipper to the last few turns near the ground 
end of the radiator. Add or remove turns until the vertical is 
resonant at the desired operating frequency. 

It is impossible to predict the absolute value of feed 
impedance for a helically wound vertical. The value will 
depend upon the length and diameter of the element, the 
ground system used with the antenna, and the size of the disc 
or stub atop the radiator. Generally speaking, the radiation 
resistance will be very low—approximately 3 to 10 QO. An L 


network of the kind shown in Fig 68 can be used to increase 
the impedance to 50 Q. The Q, (loaded Q) of the network 
inductors is low to provide reasonable bandwidth, consistent 
with the bandwidth of the antenna. Network values for other 
operating bands and frequencies can be determined by using 
the reactance values listed below. The design center for the 
network is based on a radiation resistance of 5 . If the exact 
feed impedance is known, the following equations can be 
used to determine precise component values for the matching 
network. (See Chapter 25, Coupling the Transmitter to the 
Line, for additional information on L-network matching.) 


XA QRL (Eq 7) 
R 
Xe = 50 E 
ws 50-Ry, (Eq 8) 
R, 50 
Xp =X + = (Eq 9) 
C2 
where 


Xc 1 = capacitive reactance of C1 
Xco = capacitive reactance of C2 
X,_1 = inductive reactance of L1 

Q = loaded Q of network 

R,_ = radiation resistance of antenna 


Example: Find the network constants for a helical 
antenna with a feed impedance of 5 Q at 7 MHz, Q = 3: 


Xo = pee LHe 666 
2 NSG5 
Xe = 154 299__39 
16.666 


Therefore, Cl = 1500 pF, C2 = 1350 pF, and L1 = 
0.7 pH. The capacitors can be made from parallel or series 
combinations of transmitting micas. L, can be a few turns 
of large Miniductor stock. At RF power levels of 100 W or 
less, large compression trimmers can be used at Cl and C2 
because the maximum RMS voltage at 100 W (across 50 Q) 
will be 50 V. At, say, 800 W there will be approximately 
220 V RMS developed across 50 ©. This suggests the use of 
small transmitting variables at C1 and C2, possibly connected 
in parallel with fixed values of capacitance to constitute the 
required amount of capacitance for the network. 

By making some part of the network variable, it will 
be possible to adjust the circuit for an SWR of 1:1 without 
knowing precisely what the antenna feed impedance is. Ac- 
tually, C1 is not required as part of the matching network. 
It is included here to bring the necessary value for L1 into 
a practical range. 

Fig 68 illustrates the practical form a typical helically 
wound ground-plane vertical might take. Performance from 
this type antenna is comparable to that of many full-size 


quarter-wavelength vertical antennas. The major design 
trade-off is in usable bandwidth. All shortened antennas of 
this variety are narrow-band devices. At 7 MHz, in the ex- 
ample illustrated here, the bandwidth between the 2:1 SWR 
points will be on the order of 50 kHz, half that amount on 
80 meters, and twice that amount on 20 meters. Therefore, 
the antenna should be adjusted for operation in the center of 
the frequency spread of interest. 


SHORTENED DIPOLES 


As shown in preceding sections, there are a number of 
ways to load antennas so they may be reduced in size with- 
out severe reductions in effectiveness. Loading is always a 
compromise; the best method is determined by the amount 
of space available and the band(s) to be worked. 

The simplest way to shorten a dipole is shown in Fig 69. 
If you do not have sufficient length between the supports, 
simply hang as much of the center of the antenna as possible 
between the supports and let the ends hang down. The ends 
can be straight down or may be at an angle as indicated but 
in either case should be secured so that they do not move in 
the wind. As long as the center portion between the supports 
is at least “4, the radiation pattern will be very nearly the same 
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Fig 69—When space is limited, the ends may be bent 
downward as shown at A, or back on the radiator as 
shown at B. The bent dipole ends may come straight 
down or be led off at an angle away from the center of the 
antenna. An inverted V at C can be erected with the ends 
bent parallel to the ground when the support structure is 
not high enough. 
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as a full-length dipole. 

The resonant length of the wire will be somewhat 
shorter than a full-length dipole and can best be determined 
by experimentally adjusting the length of ends, which may 
be conveniently near ground. Keep in mind that there can be 
very high potentials at the ends of the wires and for safety 
the ends should be kept out of reach. Letting the ends hang 


Fig 70—At A is a dipole antenna lengthened electrically 
with off-center loading coils. For a fixed dimension A, 
greater efficiency will be realized with greater distance 

B, but as B is increased, L must be larger in value to 
maintain resonance. If the two coils are placed at the ends 
of the antenna, in theory they must be infinite in size to 
maintain resonance. At B, capacitive loading of the ends, 
either through proximity of the antenna to other objects 
or through the addition of capacitance hats, will reduce 
the required value of the coils. At C, a fan dipole provides 
some electrical lengthening as well as broadbanding. 


down as shown is a form of capacitive end loading. While it 
is efficient, it will also reduce the matching bandwidth—as 
does any form of loading. 

The most serious drawback associated with inductive 
loading is high loss in the coils themselves. It is important 
that you use inductors made from reasonably large wire or 
tubing to minimize this problem. Close winding of turns 
should also be avoided if possible. A good compromise is to 
use some off-center inductive loading in combination with 
capacitive end loading, keeping the inductor losses small and 
the efficiency as high as possible. 

Some examples of off-center coil loading and capa- 
citive-end loading are shown in Fig 70. This technique was 
described by Jerry Hall, K1TD in Sep 1974 QST. In the 
equation below, the diameter D is that of the wire used for 
the antenna, in inches. The frequency f is expressed in MHz. 
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Fig 71—Chart for determining 








approximate inductance values for 





off-center-loaded dipoles. See Fig 70A. 








At the intersection of the appropriate 
curve from the body of the chart for 





dimension A and proper value for 





the coil position from the horizontal 
scale at the bottom of the chart, read 
the required inductive reactance for 





resonance from the scale at the left. 








Dimension A is expressed as percent 








length of the shortened antenna with 





respect to the length of a half-wave 





dipole of the same conductor material. 





Dimension B is expressed as the 





percentage of coil distance from the 
feed point to the end of the antenna. 
For example, a shortened antenna, 





which is 50% or half the size of a half- 











wave dipole (one-quarter wavelength 





overall) with loading coils positioned 





midway between the feed point and 





each end (50% out), would require 





coils having an inductive reactance of 
approximately 950 © at the operating 





frequency for antenna resonance. 
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Fig 72—The WOSVM “Shorty Forty” 
center-loaded antenna. Dimensions 
given are for 7.0 MHz. The loading 
coil is 5 inches long and 2% inches 
diameter. It has a total of 30 turns of 
#12 wire wound at 6 turns per inch 
(Miniductor 3029 stock). 


For the antennas shown, the longer the overall length (dimen- 
sion A, Fig 70A, in feet) and the farther the loading coils are 
from the center of the antenna (dimension B, also in feet), 
the greater the efficiency of the antenna. As dimension B is 
increased, however, the inductance required to resonate the 
antenna at the desired frequency increases. 

Approximate inductive reactances for single-band reso- 
nance (for the antenna in Fig 70A only) may be determined with 
the aid of Fig 71 or from Eq 10 below. The final values will 
depend on the proximity of surrounding objects in individual 








Poe pee 





52-9 Coax 
to Shack 


installations and must be determined experimentally. The use of 
high-Q low-loss coils is important for maximum efficiency. 

A dip meter or SWR indicator is recommended for use 
during adjustment of the system. Note that the minimum 
inductance required is for a center-loaded dipole. If the in- 
ductive reactance is read from Fig 66 for a dimension B of 
zero, one coil having approximately twice this reactance can 
be used near the center of the dipole. Fig 72 illustrates this 
idea. This antenna was conceived by Jack Sobel, WOSVM, 
who dubbed the 7-MHz version the “Shorty Forty.” 





(Eq 10) 


Inverted-L Antennas 


The antenna shown in Fig 73 is called an inverted-L 
antenna. It is simple and easy to construct and is a good 
antenna for the beginner or the experienced 1.8-MHz DXer. 
Because the overall electrical length is made somewhat 
greater than 4/4, the feed-point resistance is on the order of 
50 Q, with an inductive reactance. That reactance is canceled 
by a series capacitor as indicated in the figure. For a verti- 
cal section length of 60 feet and a horizontal section length 
of 115 feet, the input impedance is = 40 + 7 300 ©. Longer 
vertical or horizontal sections would increase the input im- 
pedance. The azimuthal radiation pattern is slightly asym- 
metrical with ~1 to 2-dB increase in the direction opposite 
to the horizontal wire. This antenna requires a good buried 
ground system or elevated radials and will have a 2:1 SWR 
bandwidth of about 50 kHz. 


This antenna is a form of top-loaded vertical, where the 
top loading is asymmetrical. This results in both vertical and 
horizontal polarization because the currents in the top wire 
do not cancel like they would in a symmetrical-T vertical. 
This is not necessarily a bad thing because it eliminates the 
zenith null present in a true vertical. This allows for good 
communication at short ranges as well as for DX. 

A yardarm attached to a tower or a tree limb can be used 
to support the vertical section. As with any vertical, for best 
results the vertical section should be as long as possible. A 
good ground system is necessary for good results—the better 
the ground, the better the results. 

If you don’t have the space for the inverted L shown 
in Fig 73 (with its 115-foot horizontal section) and if you 
don’t have a second tall supporting structure to make the top 
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Fig 73—The 1.8-MHz inverted L. Overall wire length is 165 
to 175 feet. The variable capacitor has a capacitance range 
from 100 to 800 pF, at 3 kV or more. Adjust antenna length 
and variable capacitor for lowest SWR. 
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Radials Radials 


Fig 74—Sketch showing a modified 160-meter inverted L, 
with a single supporting 60-foot high tower and a 79-foot 
long slanted top-loading wire. The feed-point impedance 
is about 12 © in this system, requiring a quarter-wave 
matching transformer made of paralleled 50-Q coaxes. 


wire horizontal, consider sloping the top wire down towards 
ground. Fig 74 illustrates such a setup, with a 60-foot high 
vertical section and a 79-foot sloping wire. As always, you 
will have to adjust the length of the sloping wire to fine-tune 
the resonant frequency. For a good ground radial system, 
the feed-point impedance is about 12 QO, which may be 
transformed to 50 Q with a 25-O quarter-wave transformer 
consisting of two paralleled 50-Q quarter-wave coaxes. The 
peak gain will decrease about | dB compared to the inverted 
L shown in Fig 73. Fig 75 overlays the elevation responses for 
average ground conditions. The 2:1 SWR bandwidth will be 
about 30 kHz, narrower than the larger system in Fig 73. 

If the ground system suggested for Figs 73 and 74 is 
not practical, you can use a single elevated radial as shown 
in Fig 76. For the dimensions shown in the figure Z; = 50 + 
j 498 Q, requiring a 175-pF series resonating capacitor. The 
azimuthal radiation pattern is shown in Fig 77 compared to 
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Fig 75—Overlay of the elevation responses for the in- 
verted-L antennas in Fig 73 (solid line) and Fig 74 (dashed 
line). The gains are very close for these two setups, 
provided that the ground radial system for the antenna in 
Fig 74 is extensive enough to keep ground losses low. 








Fig 76—A single elevated radial can be used for the 
inverted-L. This changes the directivity slightly. The series 
tuning capacitor is approximately 175 pF for this system. 
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Fig 77—Azimuthal pattern comparison for inverted-L 
antennas shown in Fig 73 (solid line) and the compromise, 
single-radial system in Fig 76 (dashed line). This is for a 
takeoff angle of 10°. 
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Fig 78—Azimuthal pattern at a takeoff angle of 5° for an 


80-meter version of the inverted L (solid line) in Fig 73, 
compared to the response for a 100-foot high flattop 
dipole (dashed line). 


the inverted L in Fig 68. Note that the | to 2-dB asymmetry 
is now in the direction of the horizontal wires, just the op- 
posite of that for a symmetrical ground system. The 2:1 SWR 
bandwidth is about 40 kHz, assuming that the series capacitor 
is adjusted at 1.83 MHz for minimum SWR. 

Fig 78 shows the azimuthal response at a 5° elevation 
angle for an 80-meter version of the inverted L in Fig 73. 
The peak response occurs at an azimuth directly behind the 
direction in which the horizontal portion of the inverted L 
points. For comparison, the response for a 100-foot high flat- 
top dipole is also shown. The top wire of this antenna is only 
40 feet high and the 2:1 SWR bandwidth is about 150 kHz 
wide with a good, low-loss ground-radial system. 

Fig 78 illustrates that the azimuth response of an in- 
verted L is nearly omnidirectional. This gives such an antenna 
an advantage in certain directions compared to a flattop 
dipole, which is constrained by its supporting mounts (such 
as trees or towers) to favor fixed directions. For example, 
the flattop dipole in Fig 78 is at its weakest at azimuths of 
90° and 270°, where it is down about 12 dB compared to 
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Fig 79—Details and dimensions for gamma-match feeding 
a 50-foot tower as a 1.8-MHz vertical antenna. The rotator 
cable and coaxial feed line for the 14-MHz beam is taped 
to the tower legs and run into the shack from ground level. 
No decoupling networks are necessary. 


the inverted L. Hams who are fortunate enough to have high 
rotary dipoles or rotatable low-band Yagis have found them 
to be very effective antennas indeed. 


A DIFFERENT APPROACH 


Fig 79 shows the method used by Doug DeMaw, 
WI1FB, to gamma match his self-supporting 50-foot tower 
operating as an inverted L. A wire cage simulates a gamma 
rod of the proper diameter. The tuning capacitor is fashioned 
from telescoping sections of 1% and 14-inch aluminum tub- 
ing with polyethylene tubing serving as the dielectric. This 
capacitor is more than adequate for power levels of 100 W. 
The horizontal wire connected to the top of the tower pro- 
vides the additional top loading. 
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Sloper Antennas 


Sloping dipoles and A/2 dipoles can be very useful 
antennas on the low bands. These antennas can have one end 
attached to a tower, tree or other structure and the other end 
near ground level, elevated high enough so that passersby 
can’t contact them, of course. The following section gives a 
number of examples of these types of antennas. 


THE HALF-WAVE SLOPING DIPOLE 


If you have a sufficiently high support, you can install a 
halfwave dipole sloping downwards toward ground to provide 
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Max. Gain = -1.39 dBi 180 Elevation = 5 deg. 
(B) Freq. = 7.1 MHz 


Fig 80—At A, the azimuthal responses for a flattop dipole 
(solid line), a dipole whose end has been tilted down 45° 
(dashed line), and a HVD (halfwave vertical dipole, dotted 
line). All these were modeled over average ground, with 
a conductivity of 5 mS/m and a dielectric constant of 

13. Note that the tilted dipole exhibits about 5 dB front- 
to-back ratio, although its maximum gain is less than 
either the HVD or flattop dipole. At B, the elevation-plane 
patterns for the same antennas. Note that the tilted 
halfwave dipole (dashed line) has more energy at higher 
elevation angles than either the flattop dipole or HVD. 
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vertical as well as horizontal polarization. This antenna is 
popularly known as a sloper or a halfwave sloper. The amount 
of slope from horizontal can vary from 0°, where the dipole is 
ina flattop configuration, all the way to 90°, where the dipole 
becomes fully vertical. The latter configuration is sometimes 
called a Halfwave Vertical Dipole (HVD). 

The question arises when contemplating a vertical half- 
wave dipole or a halfwave sloping dipole about how to treat 
the feed line to make sure it doesn’t accidentally become part 
of the radiating system. The ideal situation would be to bring 
the feed line out perpendicular to the vertical or sloping wire 
for an infinite distance. Obviously, that isn’t very practical 
because the feed line eventually has to be connected to a 
transmitter located near the ground. An intensive modeling 
study on feeding an HVD was done for the book Simple and 
Fun Antennas for Hams. This study indicated that a slant 
angle down to the ground of as little as 30° from a vertical 
radiator can work with only minor interaction, provided that 
common-mode decoupling chokes were employed at the feed 
point and a quarter-wavelength down the line from the feed 
point. These common-mode chokes can consist of either dis- 
crete ferrite beads placed over the outer jacket of the coaxial 
line or multiple turns of the coax itself to form a choke. 

Fig 80A compares the 40-meter azimuthal patterns at 
a DX takeoff angle of 5° for three configurations: a flattop 
dipole, a dipole tilted down 45° and an HVD (halfwave ver- 
tical dipole). These are computed for ground with average 
conductivity and dielectric constant, and for a maximum 
height of 80 feet in each configuration. The sloping halfwave 
dipole exhibits about 5 dB of front-to-back ratio, although 
even at its most favored direction it doesn’t quite have the 
same maximum gain as the HVD or the flattop dipole. 

The reason why the maximum gain for the sloper is less 
than the other two configurations, even while still exhibiting 
some front-to-back pattern, is shown in Fig 80A, which shows 
the elevation-plane patterns for the same antennas, each at the 
azimuth of maximum gain. The halfwave sloper distributes 
much of its energy higher in elevation than the HVD, lower- 
ing the peak-gain potential of the sloper. 

You can also see from Fig 80B that the 80-foot high 
horizontal dipole would perform much better than either the 
HVD or halfwave sloper for close-in local contacts, which 
occur at high elevation angles. On the other hand, except for 
the greater gain exhibited in the flattop dipole’s most favored 
directions, the HVD has more gain than the other antennas 
at low elevation angles. While the HVD’s omnidirectional 
pattern is a plus for transmitting, it may be a problem for 
receiving, where local noise may be coming from specific di- 
rections (such as power lines) and may also be predominantly 
vertically polarized. In such cases, a horizontally polarized 
flattop dipole may be a considerably better receiving antenna 
than a vertically polarized antenna of any sort. We’ve already 
mentioned the fact that a rotary flattop dipole high in the air 
can be a very effective antenna on the low bands. 


THE QUARTER-WAVELENGTH 
“HALF SLOPER” 


Perhaps one of the easiest antennas to install is the 4/4 
sloper shown in Fig 81. As pointed out above, a sloping 
4/2 dipole is known among radio amateurs as a sloper or 
sometimes as a full sloper. If only one half of it is used, it 
becomes a half sloper. The performance of the two types of 
sloping antennas is similar—They exhibit some directivity 
in the direction of the slope and radiate vertically polarized 
energy at low angles respective to the horizon. The amount 
of directivity will range from 3 to 6 dB, depending upon 
the individual installation, and will be observed in the slope 
direction. 

The main advantage of the half sloper over the full half- 
wave-long sloping dipole is that its supporting tower needn’t 
be as high. Both the half sloper and the full sloper place the 
feed point (the point of maximum current) high above lossy 
ground. But the half-sloper only needs half as much wire to 
build the antenna for a given amateur band. The disadvan- 
tage of the half sloper is that it is sometimes difficult or even 
impossible to obtain a low SWR when using coaxial-cable 
feed, especially without a good isolating choke balun. (See 
the section above on isolating ground-plane antennas.) 

Other factors that affect the feed impedance are tower 
height, height of the attachment point, enclosed angle between 
the sloper and the tower, and what is mounted atop the tower 
(HF or VHF beams). Further, the quality of the ground under 
the tower (ground conductivity, radials, etc) has a marked 
effect on the antenna performance. The final SWR can vary 
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Fig 81—The 1/4 “half sloper” antenna. 


(after optimization) from 1:1 to as high as 6:1. Generally 
speaking, the closer the low end of the slope wire is to ground, 
the more difficult it will be to obtain a good match. 


Basic Recommendations for a Half Sloper 


The half sloper can be an excellent DX type of antenna. Hams 
usually install theirs on a metal supporting structure such as a 
mast or tower. The support needs to be grounded at the lower 
end, preferably to a buried or on-ground radial system. If a 
nonconductive support is used, the outside of the coax braid 
becomes the return circuit and should be grounded at the base 
of the support. As a starting point you can attach the sloper 
so the feed point is approximately 4/4 above ground. If the 
tower is not high enough to permit this, the antenna should be 
fastened as high on the supporting structure as possible. Start 
with an enclosed angle of approximately 45°, as indicated in 
Fig 81. Cut the wire to the length determined from 


_ 260 


l= 
fz 





(Eq 11) 


This will allow sufficient extra length for pruning the 
wire for the lowest SWR. A metal tower or mast becomes 
an operating part of the half sloper system. In effect, it and 
the slope wire function somewhat like an inverted-V dipole 
antenna. In other words, the tower operates as the missing half 
of the dipole. Hence its height and the top loading (beams) 
play a significant role. 

Detailed modeling indicates that a sufficiently large 
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Fig 82—Radiation pattern for a typical half sloper (solid line) 
mounted on a 50-foot high tower with a large 5-element 20- 
meter beam on the top compared to that for a flattop dipole 
(dashed line) at 100 feet. At a 5° takeoff angle typical for DX 
work on 80 meters, the two antennas are pretty comparable 
in the directions favored by the high dipole. In other direc- 
tions, the half sloper has an advantage of more than 10 dB. 
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Fig 83—Comparison of elevation patterns for a full-sized 
halfwave sloper (solid line) on a 100-foot tower and a half 
sloper (dashed line) on a 50-foot tower with a 5-element 
20-meter Yagi acting as a top counterpoise. The per- 
formance is quite comparable for these two systems. 


mass of metal (that is, a large, “Plumber’s Delight” Yagi) 
connected to the top of the tower acts like enough of a 
“top counterpoise” that the tower may be removed from 
the model with little change in the essential character- 
istics of the half-sloper system. Consider an installation 
using a freestanding 50-foot tower with a large 5-element 
20-meter Yagi on top. This Yagi is assumed to have a 
40-foot boom oriented 90° to the direction of the slanted 80- 
meter half-sloper wire. The best SWR that could be reached 
by changing the length and slant angle for this sloper is 1.67:1, 
representing a feed-point impedance of 30.1 —j 2.7 Q. The 
peak gain at 3.8 MHz is 0.97 dBi at an elevation angle of 70°. 
Fig 82 shows the azimuth-plane pattern for this half sloper, 
compared to a 100-foot high flattop dipole for reference, at 
an elevation angle of 5°. 

Removing the tower from the model resulted in a feed- 
point impedance of 30.1 —j 1.5 Q. and a peak gain of 1.17 dBi. 
The tower is obviously not contributing much in this setup, 
since the mass of the large 20-meter Yagi is acting like an 
elevated counterpoise all by itself. It’s interesting to rotate the 
boom of the model Yagi and observe the change in SWR that 
occurs on the half-sloper antenna. With the boom turned 90°, 
the SWR falls to 1.38:1. This level of SWR change could be 
measured with amateur-type instrumentation. 

On the other hand, substituting a smaller 3-element 20- 
meter Yagi with an 18-foot boom in the model does result in 
significant change in feed-point impedance and gain when the 
tower is removed from the model, indicating that the “coun- 
terpoise effect” of the smaller beam is insufficient by itself. 
Interestingly enough, the best SWR for the half sloper/tower 
and the 3-element Yagi (with its boom inline with the half 
sloper is 1.33:1), changing to 1.27:1 with the boom turned 
90°. Such a small change in SWR would be difficult to mea- 
sure using typical amateur instrumentation. 

In any case, the 50-Q transmission line feeding a half 
sloper should be taped to the tower leg at frequent intervals 
to make it secure. The best method is to bring it to earth level, 
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Fig 84a—Comparing the azimuthal response of a half 
sloper (solid line) on a 50-foot tower with a 3-element 
20-meter Yagi on top to that of a flattop dipole (dashed 
line) at 100 feet. The two are again quite comparable at 
a 5° takeoff angle. 


then route it to the operating position along the surface of 
the ground if it can’t be buried. This will ensure adequate 
RF decoupling, which will help prevent RF energy from 
affecting the equipment in the station. Rotator cable and 
other feed lines on the tower or mast should be treated in a 
similar manner. 

Adjustment of the half sloper is done with an SWR 
indicator in the 50-Q transmission line. A compromise can 
usually be found between the enclosed angle and wire length, 
providing the lowest SWR attainable in the center of the cho- 
sen part of an amateur band. If the SWR “bottoms out” at 2:1 
or lower, the system will work fine without using an antenna 
tuner, provided the transmitter can work into the load. Typical 
optimum values of SWR for 3.5 or 7-MHz half slopers are 
between 1.3:1 and 2:1. A 100-kHz bandwidth is normal on 
3.5 MHz, with 200 kHz being typical at 7 MHz. 

If the lowest SWR possible is greater than 2:1, the 
attachment point can be raised or lowered to improve the 
match. Readjustment of the wire length and enclosed angle 
may be necessary when the feed-point height is changed. If 
the tower is guyed, the guy wires will need to be insulated 
from the tower and broken up with additional insulators to 
prevent resonance. 

At this point you may be curious about which antenna 
is better—a full sloper or a half sloper. The peak gain for 
each antenna is very nearly identical. Fig 83 overlays the 
elevation-plane pattern for the full-sized halfwave sloper on 
a 100-foot tower and for the half sloper shown in Fig 81 on 
a 50-foot tower with a 5-element 20-meter Yagi on top. The 
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full-sized halfwave sloper has more front-to-back ratio, but it 
is only a few dB more than the half sloper. Fig 84 compares 
the azimuthal patterns at a 5° takeoff angle for a 100-foot 
high flattop dipole and a half-sloper system on a 50-foot 
tower with a 3-element 20-meter Yagi on top. 

Despite the frustration some have experienced trying 
to achieve a low SWR with some half-sloper installations, 
many operators have found the half sloper to be an effective 
and low-cost antenna for DX work. 


1.8-MHz ANTENNA SYSTEMS USING 
TOWERS 


The half sloper discussed above for 80 or 40-meter 
operation will also perform well on 1.8 MHz where verti- 
cally polarized radiators can achieve the low takeoff angles 
needed on Topband. Prominent 1.8-MHz operators who have 
had success with the half sloper antenna suggest a minimum 
tower height of 50 feet. Dana Atchley, WICF (SK), used 
the configuration sketched in Fig 85. He reported that the 
uninsulated guy wires act as an effective counterpoise for 
the sloping wire. In Fig 86 is the feed system used by Doug 
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Fig 85—The W1CF half sloper 
for 160 meters is arranged in 
this manner. Three monoband 
antennas atop the tower provide 
capacitive loading. 
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Fig 86—Feed system used by W1FB for 1.8 MHz half 
sloper on a 50-foot self-supporting tower. 
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DeMaw, W1FB (SK), on a 50-foot self-supporting tower. The 
ground for the W1FB system is provided by buried radials 
connected to the tower base. 

As described previously, a tower can also be used as 
a true vertical antenna, provided a good ground system is 
used. The shunt-fed tower is at its best on 1.8 MHz, where a 
full 4/4 vertical antenna is rarely possible. Almost any tower 
height can be used. An HF beam at the top provides some 
top loading. 


THE K1WA 7-MHz “SLOPER SYSTEM” 


One of the more popular antennas for 3.5 and 7 MHz is 
the half-wave long sloping dipole described previously. David 
Pietraszewski, K1 WA, made an extensive study of sloping 
dipoles at different heights with reflectors at the 3-GHz fre- 
quency range. From his experiments, he developed the novel 
7-MHz antenna system described here. With several sloping 
dipoles supported by a single mast and a switching network, 
an antenna with directional characteristics and forward gain 
can be simply constructed. This 7-MHz system uses several 
“slopers” equally spaced around a common center support. 
Each dipole is cut to A/2 and fed at the center with 50-Q coax. 
The length of each feed line is 36 feet. 

All of the feed lines go to a 
common point on the support (tower) 
where the switching takes place. The 
line length of 36 feet is just over 
32/8, which provides a useful quality. 
At 7 MHz, the coax looks inductive 
to the antenna when the end at the 
switching box is open circuited. This 590° 
has the effect of adding inductance 
at the center of the sloping dipole 
element, which electrically lengthens 
the element. The 36-foot length of 
feed line serves to increase the length 
of the element about 5%. This makes 
any unused element appear to be a 
reflector. 

The array is simple and effec- 
tive. By selecting one of the slopers 
through a relay box located at the 
tower, the system becomes a parasitic 
array that can be electrically rotated. 
All but the driven element of the ar- 
ray become reflectors. 

The physical layout is shown 
in Fig 87, and the basic materials 
required for the sloper system are 
shown in Fig 88. The height of 
the support point should be about 
70 feet, but can be less and still give 
reasonable results. The upper portion 
of the sloper is 5 feet from the tower, 
suspended by rope. The wire makes 
an angle of 60° with the ground. 


Top View 


60° Typ. 
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Fig 88—The basic materials required for the sloper 
system. The control box appears at the left, and the relay 
box at the right. 
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Fig 87—Five sloping dipoles suspended from one support. Directivity and forward 
gain can be obtained from this simple array. The top view shows how the elements 
should be spaced around the support. 


In Fig 89, the switch box is shown containing all the 
necessary relays to select the proper feed line for the desired 
direction. One feed line is selected at a time and the feed 
lines of those remaining are opened, Fig 90. In this way the 
array is electrically rotated. These relays are controlled from 
inside the shack with an appropriate power supply and rotary 
switch. For safety reasons and simplicity, 12-volt dc relays 
are used. The control line consists of a five conductor cable, 
one wire used as a common connection; the others go to the 
four relays. By using diodes in series with the relays and a 
dual-polarity power supply, the number of control wires can 
be reduced, as shown in Fig 90B. 

Measurements indicate that this sloper array provides 
up to 20 dB front-to-back ratio and forward gain of about 
4 dB over a single half-wave sloper. Fig 91 shows the azi- 
muthal pattern (at a 5° takeoff angle) for the K1 WA array, 
compared to a 100-foot high flattop dipole and a full sloper 





Fig 89—Inside view of relay box. Four relays provide 





control over five antennas. See text. The relays pictured suspended from a 50-foot tower. These patterns were cal- 
here are Potter and Brumfeld type MR11D. culated for average ground conditions. Just for fun, look at 
SO-239 Relay Box at Tower 





Control Box at Operating (A) 
Position 


+ or -12V 
K2 


(B) 





Fig 90—Schematic diagram for sloper control system. All relays are 12-volt dc, DPDT, with 8-A contact ratings. At A, the 
basic layout, excluding control cable and antennas. Note that the braid of the coax is also open-circuited when not in use. 
Each relay is bypassed with 0.001-uF capacitors. The power supply is a low current type. At B, diodes are used to reduce 
the number of control wires when using dc relays. See text. 
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100' High 


270 








180 


Max. Gain = -0.21 dBi Elevation = 5 deg. 


Freq. = 7.1 MHz 


Fig 91—Azimuth pattern for K1WA 40-meter sloper array 
(solid line), compared to a flattop dipole (dashed line) 

at 100 feet and a halfwave full sloper on a 50-foot tower 
(dotted line). The K1WA array has an excellent front-to- 
back ratio and almost as much gain as the high flattop 
dipole. These patterns are for average ground. 


Fig 92, which shows a comparison between a 100-foot high 
flattop dipole and a K1 WA array placed over saltwater. Now 
that’s a real barnburner at low takeoff angles! Such a seaside 
system would be very competitive with a rotatable 2-element 
“shorty-40” type of Yagi. 

If one direction is the only concern, the switching system 
can be eliminated and the reflectors should be cut 5% longer 
than the resonant frequency. The feature worth noting is the 
good F/B ratio. By arranging the system properly, a null can 
be placed in an unwanted direction, thus making it an effective 
receiving antenna. In the tests conducted with this antenna, the 
number of reflectors used were as few as one and as many as 
five. The optimum combination appeared to occur with four 
reflectors and one driven element. No tests were conducted 
with more than five reflectors. This same array can be scaled 
to 3.5 MHz for similar results. 
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Fig 92—The K1WA 40-meter sloper array over saltwater, 
compared to a 100-foot high flattop dipole. At A, azimuth 
patterns. At B, elevation patterns. Now the sloper array 
really comes into its own! 
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Multiband 
Antennas 


For operation in a number of bands, such as those 
between 3.5 and 30 MHz, it would be impractical for most 
amateurs to put up a separate antenna for each band. But 
this is not necessary—a dipole, cut for the lowest frequency 
band to be used, can be operated readily on higher fre- 
quencies. To do so, one must be willing to accept the fact 
that such harmonic-type operation leads to a change in the 
directional pattern of the antenna, both in the azimuth and 
the elevation planes (see Chapter 2, Antenna Fundamentals, 
and Chapter 3, The Effects of Ground). 

You can see from discussions in Chapter 6, Low- 
Frequency Antennas, that you should carefully plan the 
height at which you install a multiband horizontally polarized 
antenna. This is one aspect of multiband antennas. Another 
important thing to consider is that you should be willing to 
use so-called tuned feeders. A center-fed single-wire antenna 
can be made to accept power and radiate it with high effi- 
ciency on any frequency higher than its fundamental resonant 
frequency and, with a reduction in efficiency and bandwidth, 
on frequencies as low as one half the fundamental. 

In fact, it is not necessary for an antenna to be a full half- 


wavelength long at the lowest frequency. An antenna can be 
considerably shorter than % 2, even as short as %4 A, and still 
be a very efficient radiator. The use of such short antennas 
results in stresses, however, on other parts of the system, for 
example the antenna tuner and the transmission line. This 
will be discussed in some detail in this chapter. 

Methods have been devised for making a single antenna 
structure operate on a number of bands while still offering a 
good match to a transmission line, usually of the coaxial type. 
It should be understood, however, that a multiband antenna is 
not necessarily one that will match a given line on all bands 
on which you intend to use it. Even a relatively short whip 
type of antenna can be operated as a multiband antenna with 
suitable loading for each band. Such loading may be in the 
form of a coil at the base of the antenna on those frequen- 
cies where loading is needed, or it may be incorporated in 
the tuned feeders running from the transmitter to the base 
of the antenna. 

This chapter describes a number of systems that can be 
used on two or more bands. Beam antennas, such as Yagis or 
quads, are treated separately in later chapters. 


Simple Wire Antennas 


The simplest multiband antenna is a random length of 
#12 or #14 wire. Power can be fed to the wire on practically 
any frequency using one or the other of the methods shown 
in Fig 1. If the wire is made either 67 or 135 feet long, it can 
also be fed through a tuned circuit, as in Fig 2. It is advanta- 
geous to use an SWR bridge or other indicator in the coax 
line at the point marked “X.” 


If you have installed a 28- or 50-MHz rotary beam, in 
many cases it may be possible to use the beam’s feed line as 
an antenna on the lower frequencies. Connecting the two wires 
of the feeder together at the station end will give a random- 
length wire that can be conveniently coupled to the transmitter 
as in Fig 1. The rotary system at the far end will serve only to 
end-load the wire and will not have much other effect. 
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Any Length 


(B) 


Fig 1—At A, a random-length wire driven directly from the 
pi-network output of a transmitter. At B, an L network for 
use in cases where sufficient loading cannot be obtained 
with the arrangement at A. C1 should have about the same 
plate spacing as the final tank capacitor in a vacuum-tube 
type of transmitter; a maximum capacitance of 100 pF is 
sufficient if L1 is 20 to 25 uH. A suitable coil would consist 
of 30 turns of #12 wire, 2’ inches diameter, 6 turns per 
inch. Bare wire should be used so the tap can be placed 
as required for loading the transmitter. 





Fig 2—/f the antenna length is 137 feet, a parallel-tuned 
coupling circuit can be used on each amateur band from 
3.5 through 30 MHz, with the possible exception of the 
WARC 10-, 18- and 24-MHz bands. C1 should duplicate the 
final tank tuning capacitor and L1 should have the same 
dimensions as the final tank inductor on the band being 
used. If the wire is 67 feet long, series tuning can be used 
on 3.5 MHz as shown at the left; parallel tuning will be 
required on 7 MHz and higher frequency bands. C2 and 

L2 will in general duplicate the final tank tuning capacitor 
and inductor, the same as with parallel tuning. The L 
network shown in Fig 1B is also suitable for these antenna 
lengths. 
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One disadvantage of all such directly fed systems is that 
part of the antenna is practically within the station, and there 
is a good chance that you will have some trouble with RF 
feedback. RF within the station can often be minimized by 
choosing a length of wire so that the low feed-point imped- 
ance at a current loop occurs at or near the transmitter. This 
means using a wire length of A/4 (65 feet at 3.6 MHz, 33 feet 
at 7.1 MHz), or an odd multiple of 4/4 (4-A is 195 feet at 
3.6 MHz, 100 feet at 7.1 MHz). Obviously, this can be done 
for only one band in the case of even harmonically related 
bands, since the wire length that presents a current loop at 
the transmitter will present a voltage loop at two (or four) 
times that frequency. 

When you operate with a random-length wire antenna, as 
in Figs | and 2, you should try different types of grounds on the 
various bands, to see what gives you the best results. In many 
cases it will be satisfactory to return to the transmitter chassis 
for the ground, or directly to a convenient metallic water pipe. 
If neither of these works well (or the metallic water pipe is not 
available), a length of #12 or #14 wire (approximately 4/4 long) 
can often be used to good advantage. Connect the wire at the 
point in the circuit that is shown grounded, and run it out and 
down the side of the house, or support it a few feet above the 
ground if the station is on the first floor or in the basement. It 
should not be connected to actual ground at any point. 


END-FED ANTENNAS 


When a straight-wire antenna is fed at one end with a 
two-wire transmission line, the length of the antenna portion 
becomes critical if radiation from the line is to be held to a 
minimum. Such an antenna system for multiband operation 
is the end-fed Zepp or Zepp-fed antenna shown in Fig 3. The 
antenna length is made /2 long at the lowest operating fre- 
quency. (This name came about because the first documented 
use of this sort of antennas was on the Zeppelin airships.) The 
feeder length can be anything that is convenient, but feeder 
lengths that are multiples of 4/4 generally give trouble with 
parallel currents and radiation from the feeder portion of the 
system. The feeder can be an open-wire line of #14 solid 
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Fig 3—An end-fed Zepp antenna for multiband use. 


Coaxial Line 


copper wire spaced 4 or 6 inches with ceramic or plastic 
spacers. Open-wire TV line (not the type with a solid web 
of dielectric) is a convenient type to use. This type of line 
is available in approximately 300- and 450-Q characteristic 
impedances. 

If you have room for only a 67-foot flat top and yet want 
to operate in the 3.5-MHz band, the two feeder wires can 
be tied together at the transmitter end and the entire system 
treated as a random-length wire fed directly, as in Fig 1. 
The simplest precaution against parallel currents that could 
cause feed-line radiation is to use a feeder length that is not 
a multiple of 4/4. An antenna tuner can be used to provide 
multiband coverage with an end-fed antenna with any length 
of open-wire feed line, as shown in Fig 3. 


CENTER-FED ANTENNAS 


The simplest and most flexible (and also least expensive) 
all-band antennas are those using open-wire parallel-conduc- 
tor feeders to the center of the antenna, as in Fig 4. Because 
each half of the flat top is the same length, the feeder cur- 
rents will be balanced at all frequencies unless, of course, 
unbalance is introduced by one half of the antenna being 
closer to ground (or a grounded object) than the other. For 
best results and to maintain feed-current balance, the feeder 
should run away at right angles to the antenna, preferably 
for at least 4/4. 

Center feed is not only more desirable than end feed be- 
cause of inherently better balance, but generally also results in 
a lower standing wave ratio on the transmission line, provided 
a parallel-conductor line having a characteristic impedance of 
450 to 600 Q is used. TV-type open-wire line is satisfactory 
for all but possibly high power installations (over 500 W), 
where heavier wire and wider spacing is desirable to handle 
the larger currents and voltages. 

The length of the antenna is not critical, nor is the length 
of the line. As mentioned earlier, the length of the antenna 
can be considerably less than A/2 and still be very effective. 
If the overall length is at least 4/4 at the lowest frequency, a 
quite usable system will result. The only difficulty that may 
exist with this type of system is the matter of coupling the 
antenna-system load to the transmitter. Most modern trans- 
mitters are designed to work into a 50-Q coaxial load. With 
this type of antenna system a coupling network (an antenna 
tuner) is required. 


Feed-Line Radiation 


The preceding sections have pointed out means of re- 
ducing or eliminating feed-line radiation. However, it should 
be emphasized that any radiation from a transmission line is 
not “lost” energy and is not necessarily harmful. Whether or 
not feed-line radiation is important depends entirely on the 
antenna system being used. For example, feed-line radiation 
is not desirable when a directive array is being used. Such 
feed-line radiation can distort the desired pattern of such an 
array, producing responses in unwanted directions. In other 
words, you want radiation only from the directive array, 
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Fig 4—A center-fed antenna system for multiband use. 


rather than from the directive array and the feed line. See 
Chapter 26, Coupling the Line to the Antenna, for a detailed 
discussion of this topic. 

On the other hand, in the case of a multiband dipole 
where general coverage is desired, if the feed line happens 
to radiate, such energy could actually have a desirable ef- 
fect. Antenna purists may dispute such a premise, but from 
a practical standpoint where you are not concerned with a 
directive pattern, much time and labor can be saved by ignor- 
ing possible transmission-line radiation. 


THE 135-FOOT, 80 TO 10-METER DIPOLE 


As mentioned previously, one of the most versatile 
antennas around is a simple dipole, center-fed with open-wire 
transmission line and used with an antenna tuner in the shack. 
A 135-foot long dipole hung horizontally between two trees 
or towers at a height of 50 feet or higher works very well on 
80 through 10 meters. Such an antenna system has significant 
gain at the higher frequencies. 


Flattop or Inverted-V Configuration? 


There is no denying that the inverted-V mounting 
configuration (sometimes called a drooping dipole) is very 
convenient, since it requires only a single support. The flattop 
configuration, however, where the dipole is mounted horizon- 
tally, gives more gain at the higher frequencies. Fig 5 shows 
the 80-meter azimuth and elevation patterns for two 135-foot 
long dipoles. The first is mounted as a flattop at a height of 
50 feet over flat ground with a conductivity of 5 mS/m and a 
dielectric constant of 13, typical for average soil. The second 
dipole uses the same length of wire, with the center apex at 
50 feet and the ends drooped down to be suspended 10 feet 
off the ground. This height is sufficient so that there is no 
danger to passersby from RF burns. 

At 3.8 MHz, the flattop dipole about 4 dB more 
peak gain than its drooping cousin. On the other hand, the 
inverted-V configuration gives a pattern that is more omni- 
directional than the flattop dipole, which has nulls off the 
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ends of the wire. Omnidirectional coverage may be more im- 
portant to net operators, for example, than maximum gain. 

Fig 6 shows the azimuth and elevation patterns for the 
same two antenna configurations, but this time at 14.2 MHz. 
The flattop dipole has developed four distinct lobes at a 
10° elevation angle, an angle typical for 20-meter skywave 
communication. The peak elevation angle gain of 9.4 dBi 
occurs at about 17° for a height of 50 feet above flat ground 
for the flattop dipole. The inverted-V configuration is again 
nominally more omnidirectional, but the peak gain is down 
some 6 dB from the flattop. 

The situation gets even worse in terms of peak gain at 
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Fig 5—Patterns on 80 meters for 135-foot, center-fed dipole 


erected as a horizontal flattop dipole at 50 feet, compared 
with the same dipole installed as an inverted V with the 
apex at 50 feet and the ends at 10 feet. The azimuth pattern 
is shown at A, where the dipole wire lies in the 90° to 270° 
plane. At B, the elevation pattern, the dipole wire comes 
out of the paper at a right angle. On 80 meters, the patterns 
are not markedly different for either flattop or inverted-V 
configuration. 
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28.4 MHz for the inverted-V configuration. Here the peak 
gain is down about 8 dB from that produced by the flattop 
dipole, which exhibits eight lobes at this frequency with a 
maximum gain of 10.5 dBi at about 7° elevation. See the 
comparisons in Fig 7. 

Whatever configuration you choose to mount the 135- 
foot dipole, you will want to feed it with some sort of low-loss 
open-wire transmission line. So-called window 450-Q ladder 
line is popular for this application. Be sure to twist the line 
about three or four turns per foot to keep it from twisting 
excessively in the wind. Make sure also that you provide some 
mechanical support for the line at the junction with the dipole 
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Fig 6—Patterns on 20 meters for two 135-foot dipoles. 

One is mounted horizontally as a flattop and the other 

as an inverted V with 120° included angle between the 
legs. The azimuth pattern is shown in A and the elevation 
pattern is shown in B. The inverted V has about 6 dB 

less gain at the peak azimuths, but has a more uniform, 
almost omnidirectional, azimuthal pattern. In the elevation 
plane, the inverted V has a fat lobe overhead, making it a 
somewhat better antenna for local communication, but not 
quite so good for DX contacts at low elevation angles. 
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Fig 7—Patterns on 10 meters for same antenna 
configurations as in Figs 7 and 8. Once again, the 
inverted-V configuration yields a more omnidirectional 
pattern, but at the expense of almost 8 dB less gain than 
the flattop configuration at its strongest lobes. 


wires. This will prevent flexing of the transmission-line wire, 
since excessive flexing will result in breakage. 


THE G5RV MULTIBAND ANTENNA 


A multiband antenna that does not require a lot of 
space, is simple to construct, and is low in cost is the GSRV. 
Designed in England by Louis Varney (GSRV) some years 
ago, it has become quite popular in the US. The GSRV design 
is shown in Fig 8. The antenna may be used from 3.5 through 
30 MHz. Although some amateurs claim it may be fed di- 
rectly with 50-Q coax on several amateur bands with a low 
SWR, Varney himself recommended the use of an antenna 
tuner on bands other than 14 MHz (see Bibliography). In fact, 
an analysis of the GSRV feed-point impedance shows there 





_ | 


1/2 = 34.8' 450-0 
Window Line 





Fig 8—The G5RV multiband antenna covers 3.5 through 
30 MHz. Although many amateurs claim it may be fed 
directly with 50-Q coax on several amateur bands, Louis 
Varney, its originator, recommends the use of a matching 
network on bands other than 14 MHz. 











Max. Gain = 1.72 dBi Elevation = 5 deg. 


Freq. = 14.175 MHz 


., 132! Center - Fed 
Dipole @ 50° 





GSRV@50' wee 8S COMCF Te eeees Dipole @ 50' 


Fig 9—Azimuth pattern at a 5° takeoff angle for a 102- 


foot long, 50-foot high G5RV dipole (solid line). For 


comparison, the response for a 132-foot long, center-fed 
dipole at 50 feet height (dashed line) and a 33-foot long 
half wave 20-meter dipole at 50 feet (dotted line) are 
also shown. The longest antenna exhibits about 0.5 dB 
more gain than the G5RV, although the response is more 
omnidirectional for the GSRV—an advantage for a wire 
antenna that is not usually rotatable. 


is no length of balanced line of any characteristic impedance 
that will transform the terminal impedance to the 50 to 75-Q 
range on all bands. (Low SWR indication with coax feed 
and no matching network on bands other than 14 MHz may 
indicate excessive losses in the coaxial line.) 

Fig 9 shows the 20-meter azimuthal pattern for a GSRV 
at a height of 50 feet over flat ground, at an elevation angle of 
5° that is suitable for DX work. For comparison, the response 
for two other antennas is also shown in Fig 9—a standard half 
wave 20-meter dipole at 50 feet and a 132-foot long center-fed 
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dipole at 50 feet. The GSRV on 20 meters is, of course, longer 
than a standard half wave dipole and it exhibits about 2 dB 
more gain compared to that dipole. With four lobes making 
it look rather like a four-leaf clover, the azimuth pattern is 
more omnidirectional than the two-lobed dipole. The 132-foot 
center-fed dipole is longer than the G5RV and it has about 
0.5 dB more gain than the GSRV, also exhibiting four major 
lobes, along with two strong minor lobes in the plane of the 
wire. Overall, the azimuthal response for the GSRV is more 
omnidirectional than the comparison antennas. 

The GSRV patterns for other frequencies are similar 
to those shown for the 135-foot dipole previously for other 
frequencies. Incidentally, you may be wondering why a 
132-foot dipole is shown in Fig 9, rather than the 135-foot 
dipole described earlier. The 132-foot overall length de- 
scribes another antenna that we’ll discus in the next section 
on Windom antennas. 

The portion of the GSRV antenna shown as horizontal in 
Fig 8 may also be installed in an inverted-V dipole arrange- 
ment, subject to the same loss of peak gain mentioned above 
for the 135-foot dipole. Or instead, up to % of the total length 
of the antenna at each end may be dropped vertically, semi- 
vertically, or bent at a convenient angle to the main axis of the 
antenna, to cut down on the requirements for real estate. 


THE WINDOM ANTENNA 


An antenna that enjoyed popularity in the 1930s and into 
the 1940s was what we now call the Windom. It was known 
at the time as a “single-feeder Hertz” antenna, after being 
described in Sep 1929 QST by Loren G. Windom, W8GZ 
(see Bibliography). 

The Windom antenna, shown in Fig 10, is fed with a 
single wire, attached approximately 14% off center. In theory, 
this location provides a match for the single-wire transmis- 
sion line, which is worked against an earth ground. Because 
the single-wire feed line is not inherently well balanced and 
because it is brought to the operating position, “RF in the 
shack” and a potential radiation hazard may be experienced 
with this antenna. 











130 FT | 
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Fig 10—The Windom antenna, cut for a fundamental 
frequency of 3.75 MHz. The single-wire feeder, connected 
14% off center, is brought into the station and the system 
is fed against ground. The antenna is also effective on its 
harmonics. 
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Later variations of the off-center fed Windom moved 
the attachment point slightly to accommodate balanced 
300- ribbon line. One relatively recent variation is called the 
“Carolina Windom,” apparently because two of the designers, 
Edgar Lambert, WA4LVB, and Joe Wright, W4UEB, lived 
in coastal North Carolina (the third, Jim Wilkie, WY4R, lived 
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Matching Unit 


22' Vertical Radiator RG - 8X 


Line Isolator 


RG - 8X to 
Antenna Tuner 


Fig 11—Layout for flattop “Carolina Windom” antenna. 











Max. Gain = 1.72 dBi 


Elevation = 5 deg. 
Freq. = 14.15 MHz 


132' Carolina Windom 


@ 50’, Saltwater 


132' Center - Fed 


Dipole @ 50' 


Fig 12—20-meter azimuth patterns for a 132-foot long off- 
center fed Carolina Windom and a 132-foot long center-fed 
flattop dipole on 20 meters, both at a height of 50 feet 
above saltwater. The response for the Carolina Windom 

is more omnidirectional because the vertically polarized 
radiation from the 22-foot long vertical RG-8X coax fills in 
the deep nulls. 


in nearby Norfolk, Virginia). One of the interesting parts 
about the Carolina Windom is that it turns a potential disad- 
vantage—feed line radiation—into a potential advantage. 

Fig 11 is a diagram of a flattop Carolina Windom, which 
uses a 50-foot wire joined with an 83-foot wire at the feed- 
point insulator. This resembles the layout shown in Fig 10 
for the original W8GZ Windom. The “Vertical Radiator” for 
the Carolina Windom is a 22-foot piece of RG-8X coax, with 
a “Line Isolator” (current-type choke balun) at the bottom 
end and a 4:1 “Matching Unit” at the top. The system takes 
advantage of the asymmetry of the horizontal wires to induce 
current onto the braid of the vertical coax section. Note that 
the matching unit is a voltage-type balun transformer, which 
purposely does not act like a common-mode current choking 
balun. You must use an antenna tuner with this system to 
present a 1:1 SWR to the transmitter on the amateur bands 
from 80 through 10 meters. 

The radiation resulting from current induced onto the 
22-foot vertical coax section tends to fill in the deep nulls 
that would be present if the 132-feet of horizontal wire were 
symmetrically center fed. Over saltwater, the vertical radiator 
can give significant gain at the low elevation angles needed 
for DX work. Indeed, field reports for the Carolina Windom 
are most impressive for stations located near or on saltwater. 
Over average soil the advantage of the additional vertically 
polarized component is not quite so evident. Fig 12 compares 
a 50-foot high Carolina Windom on 14 MHz over saltwater to 
a 50-foot high, 132-foot long, flattop center-fed dipole. The 











Max. Gain = 6.35 dBi 


Elevation = 5 deg. 
Freq. = 28.4 MHz 


132' Carolina 132' Carolina . 
—— Windom @50' ==== Windom @ 50’ —errseeee 20m Dipole 
Saltwater Above Ground @ 50' on 10m 


Fig 13—10-meter azimuthal responses for a 132-foot long, 
50-foot high Carolina Windom over saltwater (solid line) 
and over average ground (dashed line), compared to that 
for a 20-meter half-wave dipole at 50 feet (dotted line). 


Carolina Windom has a more omnidirectional azimuthal pat- 
tern, a desirable characteristic in a 132-foot long wire antenna 
that is not normally rotated to favor different directions. 

Another advantage of the Carolina Windom over a 
traditional Windom is that the coax feed line hanging below 
the common-mode current choke does not radiate, meaning 
that there will be less “RF in the shack.” Since the feed line 
is not always operating at a low SWR on various ham bands, 
use the minimum length of feed coax possible to hold down 
losses in the coax. 

Fig 13 shows the azimuth responses for a 50-foot long 
flattop Carolina Windom on 28.4 MHz over saltwater and 
over average soil. The pattern for a 50-foot high, flattop 
20-meter dipole operated on 28.4 MHz is also shown, since this 
20-meter dipole can also be used as a multiband antenna, when 
fed with open-wire transmission line rather than with coax. 
Again, the Carolina Windom exhibits a more omnidirectional 
pattern, even if the pattern is somewhat lopsided at the bottom. 


MULTIPLE-DIPOLE ANTENNAS 


The antenna system shown in Fig 14 consists of a group 
of center-fed dipoles, all connected in parallel at the point 
where the transmission line joins them. The dipole elements 
are stagger-tuned. That is, they are individually cut to be 1/2 at 
different frequencies. Chapter 9, Broadband Antenna Match- 
ing, discusses stagger tuning of dipole antennas to attain a 
low SWR across a broad range of frequencies. An extension 
of the stagger tuning idea is to construct multiwire dipoles 
cut for different bands. 

In theory, the 4-wire antenna of Fig 14 can be used with 
a coaxial feeder on five bands. The four wires are prepared 
as parallel-fed dipoles for 3.5, 7, 14, and 28 MHz. The 
7-MHz dipole can be operated on its 3rd harmonic for 
21-MHz operation to cover a fifth band. However, in practice 
it has been found difficult to get a good match to coaxial line 














Coaxial Transmission 
Line (Any Length ) 


Fig 14—Multiband antenna using paralleled dipoles all 
connected to a common low-impedance transmission line. 
The half-wave dimensions may be either for the centers 

of the various bands or selected to fit favorite frequencies 
in each band. The length of a half wave in feet is 468/ 
frequency in MHz, but because of interaction among the 
various elements, some pruning for resonance may be 
needed on each band. 
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on all bands. The A/2 resonant length of any one dipole in 
the presence of the others is not the same as for a dipole by 
itself due to interaction, and attempts to optimize all four 
lengths can become a frustrating procedure. The problem is 
compounded because the optimum tuning changes in a differ- 
ent antenna environment, so what works for one amateur may 
not work for another. Even so, many amateurs with limited 
antenna space are willing to accept the mismatch on some 
bands just so they can operate on those frequencies using a 
single coax feed line. 

Since this antenna system is balanced, it is desirable to 
use a balanced transmission line to feed it. The most desirable 
type of line is 75-© transmitting twin-lead. However, either 
52-Q, or 75-Q. coaxial line can be used. Coax line introduces 
some unbalance, but this is tolerable on the lower frequen- 
cies. An alternative is to use a balun at the feed point, fed 
with coaxial cable. 

The separation between the dipoles for the various 
frequencies does not seem to be especially critical. One set 
of wires can be suspended from the next larger set, using 
insulating spreaders (of the type used for feeder spreaders) 
to give a separation of a few inches. Users of this antenna 
often run some of the dipoles at right angles to each other 
to help reduce interaction. Some operators use inverted-V- 
mounted dipoles as guy wires for the mast that supports the 
antenna system. 

An interesting method of construction used successfully 
by Louis Richard, ON4UF, is shown in Fig 15. The antenna 
has four dipoles (for 7, 14, 21 and 28 MHz) constructed 
from 300-Q ribbon transmission line. A single length of rib- 
bon makes two dipoles. Thus, two lengths, as shown in the 
sketch, serve to make dipoles for four bands. Ribbon with 
copper-clad steel conductors (Amphenol type 14-022) should 
be used because all of the weight, including that of the feed 
line, must be supported by the uppermost wire. 

Two pieces of ribbon are first cut to a length suitable 





300-1 Ribbon 


Spacer 






52 or 75 Ohm 
Coax 


Fig 15—Sketch showing how the twin-lead multiple- 
dipole antenna system is assembled. The excess wire and 
insulation are stripped away. 
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for the two halves of the longest dipole. Then one of the 
conductors in each piece is cut to proper length for the next 
band higher in frequency. The excess wire and insulation is 
stripped away. A second pair of lengths is prepared in the 
same manner, except that the lengths are appropriate for the 
next two higher frequency bands. 

A piece of thick polystyrene sheet drilled with holes 
for anchoring each wire serves as the central insulator. The 
shorter pair of dipoles is suspended the width of the ribbon 
below the longer pair by clamps also made of poly sheet. 
Intermediate spacers are made by sawing slots in pieces of 
poly sheet so they will fit the ribbon snugly. 

The multiple-dipole principle can also be applied to 
vertical antennas. Parallel or fanned 4/4 elements of wire or 
tubing can be worked against ground or tuned radials from 
a common feed point. 


OFF-CENTER-FED DIPOLES 


Fig 16 shows an off-center-fed or OCF dipole. Because 
it is similar in appearance to the Windom of Fig 12, this 
antenna is often mistakenly called a “Windom,” or some- 
times a “coax-fed Windom.” The two antennas are not the 
same, since the Windom is worked against its image in the 
ground, while one leg is worked against the other in the 
OCF dipole. 

It is not necessary to feed a dipole antenna at its center, 
although doing so will allow it to be operated with a relatively 
low feed-point impedance on its fundamental and odd har- 
monics. (For example, a 7-MHz center-fed half-wave dipole 
can also be used for 2 1-MHz operation.) By contrast, the OCF 
dipole of Fig 16, fed 4 of its length from one end, may be 
used on its fundamental and even harmonics. Its free-space 
antenna-terminal impedance at 3.5, 7 and 14 MHz is on the 
order of 150 to 200 Q. A 1:4 step-up transformer at the feed 
point should offer a reasonably good match to 50- or 75-Q 
line, although some commercially made OCF dipoles use a 
1:6 transformer. 

At the 6th harmonic, 21 MHz, the antenna is three wave- 
lengths long and fed at a voltage loop (maximum), instead of 
a current loop. The feed-point impedance at this frequency 
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50 or 75-9 Coax 
Any Length 


Fig 16—The off-center-fed (OCF) dipole for 3.5, 7 and 
14 MHz. A 1:4 or 1:6 step-up current balun is used at the 
feed point. 


is high, a few thousand ohms, so the antenna is unsuitable 
for use on this band. 


Balun Requirements 


Because the OCF dipole is not fed at the center of the 
radiator, the RF impedance paths of the two wires at the feed 
point are unequal. If the antenna is fed directly with coax (or 
a balanced line), or if a voltage step-up transformer is used, 
then voltages of equal magnitude (but opposite polarity) are 
applied to the wires at the feed point. Because of unequal 
impedances, the resulting antenna currents flowing in the 
two wires will not be equal. This also means that antenna 
current can flow on the feeder—on the outside of a coaxial 


line. (You may recall that this is how the Carolina Windom 
works, actually inducing current onto a carefully chosen 
length of coax, choked at its bottom end, so that it acts as a 
vertical radiator.) 

How much current flows on the coax shield depends 
on the impedance of the RF current path down the outside 
of the feed line. In general, this is not a desirable situation. 
To prevent radiation, equal currents are required at the feed 
point, with the same current flowing in and out of the short 
leg as in and out of the long leg of the radiator. A current or 
choke type of balun provides just such operation. (Current 
baluns are discussed in detail in Chapter 26, Coupling the 
Line to the Antenna.) 


Trap Antennas 


By using tuned circuits of appropriate design strategi- 
cally placed in a dipole, the antenna can be made to show what 
is essentially fundamental resonance at a number of different 
frequencies. The general principle is illustrated by Fig 17. 

Even though a trap-antenna arrangement is a simple one, 
an explanation of how a trap antenna works can be elusive. 
For some designs, traps are resonated in our amateur bands, 
and for others (especially commercially made antennas) the 
traps are resonant far outside any amateur band. 

A trap in an antenna system can perform either of two 
functions, depending on whether or not it is resonant at the 
operating frequency. A familiar case is where the trap is 
parallel-resonant in an amateur band. For the moment, let us 
assume that dimension A in Fig 17 is 32 feet and that each L/C 
combination is resonant in the 7-MHz band. Because of its 
parallel resonance, the trap presents a high impedance at that 
point in the antenna system. The electrical effect at 7 MHz is 
that the trap behaves as an insulator. It serves to divorce the 
outside ends, the B sections, from the antenna. The result is 
easy to visualize—we have an antenna system that is resonant 





Fig 17—A trap dipole antenna. This antenna may be 

fed with 50-Q coaxial line. Depending on the L/C ratio of 
the trap elements and the lengths chosen for dimensions 
A and B, the traps may be resonant either in an amateur 
band or at a frequency far removed from an amateur band 
for proper two-band antenna operation. 


in the 7-MHz band. Each 33-foot section (labeled A in the 
drawing) represents A/4, and the trap behaves as an insulator. 
We therefore have a full-size 7-MHz antenna. 

The second function of a trap, obtained when the 
frequency of operation is not the resonant frequency of the 
trap, is one of electrical loading. If the operating frequency is 
below that of trap resonance, the trap behaves as an inductor; 
if above, as a capacitor. Inductive loading will electrically 
lengthen the antenna, and capacitive loading will electrically 
shorten the antenna. 

Let’s carry our assumption a bit further and try using 
the antenna we just considered at 3.5 MHz. With the traps 
resonant in the 7-MHz band, they will behave as inductors 
when operation takes place at 3.5 MHz, electrically lengthen- 
ing the antenna. This means that the total length of sections A 
and B (plus the length of the inductor) may be something less 
than a physical 4/4 for resonance at 3.5 MHz. Thus, we have 
a two-band antenna that is shorter than full size on the lower 
frequency band. But with the electrical loading provided by 
the traps, the overall electrical length is 4/2. The total antenna 
length needed for resonance in the 3.5-MHz band will depend 
on the L/C ratio of the trap elements. 

The key to trap operation off resonance is its L/C ratio, 
the ratio of the value of L to the value of C. At resonance, 
however, within practical limitations the L/C ratio is imma- 
terial as far as electrical operation goes. For example, in the 
antenna we’ ve been discussing, it would make no difference 
for 7-MHz operation whether the inductor were | 1H and the 
capacitor were 500 pF (the reactances would be just below 
45 Q at 7.1 MHz), or whether the inductor were 5 WH and 
the capacitor 100 pF (reactances of approximately 224 O at 
7.1 MHz). But the choice of these values will make a signifi- 
cant difference in the antenna size for resonance at 3.5 MHz. 
In the first case, where the L/C ratio is 2000, the necessary 
length of section B of the antenna for resonance at 3.75 MHz 
would be approximately 28.25 feet. In the second case, where 
the L/C ratio is 50,000, this length need be only 24.0 feet, a 
difference of more than 15%. 

The above example concerns a two-band antenna with 
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trap resonance at one of the two frequencies of operation. On 
each of the two bands, each half of the dipole operates as an 
electrical 1/4. However, the same band coverage can be ob- 
tained with a trap resonant at, say, 5 MHz, a frequency quite 
removed from either amateur band. With proper selection of 
the L/C ratio and the dimensions for A and B, the trap will act 
to shorten the antenna electrically at 7 MHz and lengthen it 
electrically at 3.5 MHz. Thus, an antenna that is intermediate 
in physical length between being full size on 3.5 MHz and full 
size on 7 MHz can cover both bands, even though the trap is 
not resonant at either frequency. Again, the antenna operates 
with electrical A/4 sections. Note that such non-resonant traps 
have less RF current flowing in the trap components, and 
hence trap losses are less than for resonant traps. 

Additional traps may be added in an antenna section to 
cover three or more bands. Or a judicious choice of dimen- 
sions and the L/C ratio may permit operation on three or more 
bands with just a pair of identical traps in the dipole. 

An important point to remember about traps is this. If 
the operating frequency is below that of trap resonance, the 
trap behaves as an inductor; if above, as a capacitor. The 
above discussion is based on dipoles that operate electri- 
cally as A/2 antennas. This is not a requirement, however. 
Elements may be operated as electrical 3/2 2, or even 5/2 i, 
and still present a reasonable impedance to a coaxial feeder. 
In trap antennas covering several HF bands, using electrical 
lengths that are odd multiples of A/2 is often done at the 
higher frequencies. 

To further aid in understanding trap operation, let’s now 
choose trap L and C components that each have a reactance of 
20 Qat 7 MHz. Inductive reactance is directly proportional to 
frequency, and capacitive reactance is inversely proportional. 
When we shift operation to the 3.5-MHz band, the induc- 
tive reactance becomes 10 Q, and the capacitive reactance 
becomes 40 ©. At first thought, it may seem that the trap 
would become capacitive at 3.5 MHz with a higher capaci- 
tive reactance, and that the extra capacitive reactance would 
make the antenna electrically shorter yet. Fortunately, this is 
not the case. The inductor and the capacitor are connected 
in parallel with each other. 


—jX,X 
7s IAG 


Eq 1 
Kp ake eq?) 


where j indicates a reactive impedance component, rather 
than resistive. A positive result indicates inductive reactance, 
and a negative result indicates capacitive. In this 3.5-MHz 
case, with 40 © of capacitive reactance and 10 Q of induc- 
tive, the equivalent series reactance is 13.3 O inductive. This 
inductive loading lengthens the antenna to an electrical A/2 
overall at 3.5 MHz, assuming the B end sections in Fig 17 
are of the proper length. 

With the above reactance values providing resonance at 
7-MHz, X;, equals X¢, and the theoretical series equivalent 
is infinity. This provides the insulator effect, divorcing the 
ends. 

At 14 MHz, where X; = 40 © and X¢ = 10 Q, the re- 
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sultant series equivalent trap reactance is 13.3 QO capacitive. 
If the total physical antenna length is slightly longer than 
3/2 0 at 14 MHz, this trap reactance at 14 MHz can be used 
to shorten the antenna to an electrical 3/2 2. In this way, 
3-band operation is obtained for 3.5, 7 and 14 MHz with just 
one pair of identical traps. The design of such a system is not 
straightforward, however, for any chosen L/C ratio for a given 
total length affects the resonant frequency of the antenna on 
both the 3.5 and 14-MHz bands. 


Trap Losses 


Since the tuned circuits have some inherent losses, 
the efficiency of a trap system depends on the unloaded Q 
values of the tuned circuits. Low-loss (high-Q) coils should 
be used, and the capacitor losses likewise should be kept 
as low as possible. With tuned circuits that are good in this 
respect—comparable with the low-loss components used 
in transmitter tank circuits, for example—the reduction in 
efficiency compared with the efficiency of a simple dipole 
is small, but tuned circuits of low unloaded Q can lose an 
appreciable portion of the power supplied to the antenna. 

The commentary above applies to traps assembled from 
conventional components. The important function of a trap 
that is resonant in an amateur band is to provide a high isolat- 
ing impedance, and this impedance is directly proportional 
to Q. Unfortunately, high Q restricts the antenna bandwidth, 
because the traps provide maximum isolation only at trap 
resonance. 


FIVE-BAND W3DZZ TRAP ANTENNA 


C. L. Buchanan, W3DZZ, created one of the first trap 
antennas for the five pre-1979 WARC amateur bands from 3.5 
to 30 MHz. Dimensions are given in Fig 18. Only one set of 
traps is used, resonant at 7 MHz to isolate the inner (7-MHz) 
dipole from the outer sections. This causes the overall system 
to be resonant in the 3.5-MHz band. On 14, 21 and 28 MHz 
the antenna works on the capacitive-reactance principle just 
outlined. With a 75-Q twin-lead feeder, the SWR with this 
antenna is under 2:1 throughout the three highest frequency 


22' 32' 32' 22' 
8.2 wH 8.2uH 








60 pF 60 pF 


75-OHM, 
Twin Lead 


Fig 18—Five-band (3.5, 7, 14, 21 and 28 MHz) trap dipole 
for operation with 75-Q feeder at low SWR (C. L. Buchanan, 
W3DZZ). The balanced (parallel-conductor) line indicated 
is desirable, but 75-Q coax can be substituted with some 
sacrifice of symmetry in the system. Dimensions given are 
for resonance (lowest SWR) at 3.75, 7.2, 14.15 and 

29.5 MHz. Resonance is very broad on the 21-MHz band, 
with SWR less than 2:1 throughout the band. 


bands, and the SWR is comparable with that obtained with 
similarly fed simple dipoles on 3.5 and 7 MHz. 


Trap Construction 


Traps frequently are built with coaxial aluminum tubes 
(usually with polystyrene tubing in-between them for insula- 
tion) for the capacitor, with the coil either self-supporting or 
wound on a form of larger diameter than the tubular capacitor. 
The coil is then mounted coaxially with the capacitor to forma 
unit assembly that can be supported at each end by the antenna 
wires. In another type of trap devised by William J. Lattin, 
W4JRW (see Bibliography at the end of this chapter), the coil 
is supported inside an aluminum tube and the trap capacitor is 
obtained in the form of capacitance between the coil and the 
outer tube. This type of trap is inherently weatherproof. 

A simpler type of trap, easily assembled from readily 


Fig 19—Easily 
constructed trap 

for wire antennas 

(A. Greenburg, W2Lh). 
The ceramic insulator 
is 4% inches long 
(Birnback 688). The 
clamps are small 
service connectors 
available from 
electrical supply 

and hardware stores 
(Burndy KS90 servits). 











50 or 750OHM Coax 





Fig 20—Layout of multiband antenna using traps 
constructed as shown in Fig 21. The capacitors are 

100 pF each, transmitting type, 5000-volt dc rating 
(Centralab 850SL-100N). Coils are 9 turns of #12 wire, 
2% inches diameter, 6 turns per inch (B&W 3029) with 
end turns spread as necessary to resonate the traps to 
7.2 MHz. These traps, with the wire dimensions shown, 
resonate the antenna at approximately the following 
frequencies on each band: 3.9, 7.25, 14.1, 21.5 and 

29.9 MHz (based on measurements by W9YJh). 


available components, is shown in Fig 19. A small transmit- 
ting-type ceramic “doorknob” capacitor is used, together with 
a length of commercially available coil material, these being 
supported by an ordinary antenna strain insulator. The circuit 
constants and antenna dimensions differ slightly from those of 
Fig 18, in order to bring the antenna resonance points closer 
to the centers of the various phone bands. Construction data 
are given in Fig 20. If a 10-turn length of inductor is used, 
a half turn from each end may be used to slip through the 
anchor holes in the insulator to act as leads. 

The components used in these traps are sufficiently 
weatherproof in themselves so that no additional weather- 
proofing has been found necessary. However, if it is desired to 
protect them from the accumulation of snow or ice, a plastic 
cover can be made by cutting two discs of polystyrene slightly 
larger in diameter than the coil, drilling at the center to pass 
the antenna wires, and cementing a plastic cylinder on the 
edges of the discs. The cylinder can be made by wrapping 
two turns or so of 0.02-inch poly or Lucite sheet around the 
discs, if no suitable ready-made tubing is available. Plastic 
drinking glasses and 2-liter soft-drink plastic bottles are easily 
adaptable for use as impromptu trap covers. 


TWO W8NX MULTIBAND, 
COAX-TRAP DIPOLES 


Over the last 60 or 70 years, amateurs have used many 
kinds of multiband antennas to cover the traditional HF 
bands. The availability of the 30, 17 and 12-meter bands has 
expanded our need for multiband antenna coverage. 

Two different antennas are described here. The first cov- 
ers the traditional 80, 40, 20, 15 and 10-meter bands, and the 
second covers 80, 40, 17 and 12 meters. Each uses the same 
type of W8NX trap—connected for different modes of opera- 
tion—and a pair of short capacitive stubs to enhance coverage. 
The W8NX coaxial-cable traps have two different modes: a 
high- and a low-impedance mode. The inner-conductor wind- 
ings and shield windings of the traps are connected in series 
for both modes. However, either the low- or high-impedance 
point can be used as the trap’s output terminal. For low-im- 
pedance trap operation, only the center conductor turns of 
the trap windings are used. For high-impedance operation, 
all turns are used, in the conventional manner for a trap. 
The short stubs on each antenna are strategically sized and 
located to permit more flexibility in adjusting thc resonant 
frequencies of the antenna. 


80, 40, 20, 15 and 10-Meter Dipole 


Fig 21 shows the configuration of the 80, 40, 20, 15 and 
10-meter antenna. The radiating elements are made of #14 
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Fig 21—A W8NX multiband dipole for 
80, 40, 20, 15 and 10 meters. The values 
shown (123 pF and 4 ul) for the coaxial- 
cable traps are for parallel resonance at 
7.15 MHz. The low-impedance output of 
each trap is used for this antenna. 
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stranded copper wire. The element lengths are the wire span 
lengths in feet. These lengths do not include the lengths of 
the pigtails at the balun, traps and insulators. The 32.3-foot- 
long inner 40-meter segments are measured from the eyelet 
of the input balun to the tension-relief hole in the trap coil 
form. The 4.9-foot segment length is measured from the ten- 
sion-relief hole in the trap to the 6-foot stub. The 16.1-foot 
outer-segment span is measured from the stub to the eyelet 
of the end insulator. 

The coaxial-cable traps are wound on PVC pipe coil 
forms and use the low-impedance output connection. The 
stubs are 6-foot lengths of %-inch stiffened aluminum or 
copper rod hanging perpendicular to the radiating elements. 
The first inch of their length is bent 90° to permit attachment 
to the radiating elements by large-diameter copper crimp 
connectors. Ordinary #14 wire may be used for the stubs, but 
it has a tendency to curl up and may tangle unless weighed 
down at the end. You should feed the antenna with 75-Q coax 
cable using a good 1:1 balun. 

This antenna may be thought of as a modified W3DZZ 
antenna due to the addition of the capacitive stubs. The length 
and location of the stub give the antenna designer two extra 
degrees of freedom to place the resonant frequencies within 
the amateur bands. This additional flexibility is particularly 
helpful to bring the 15 and 10-meter resonant frequencies to 
more desirable locations in these bands. The actual 10-meter 
resonant frequency of the original W3DZZ antenna is some- 
what above 30 MHz, pretty remote from the more desirable 
low frequency end of 10 meters. 


80, 40, 17 and 12-Meter Dipole 


Fig 22 shows the configuration of the 80, 40, 17 and 12- 
meter antenna. Notice that the capacitive stubs are attached 
immediately outboard after the traps and are 6.5 feet long, 
/ foot longer than those used in the other antenna. The traps 
are the same as those of the other antenna, but are connected 
for the high-impedance parallel-resonant output mode. Since 
only four bands are covered by this antenna, it is easier to 
fine tune it to precisely the desired frequency on all bands. 
The 12.4-foot tips can he pruned to a particular 17-meter 
frequency with little effect on the 12-meter frequency. The 
stub lengths can be pruned to a particular 12-meter frequency 
with little effect on the 17-meter frequency. Both such pruning 
adjustments slightly alter the 80-meter resonant frequency. 
However, the bandwidths of the antennas are so broad on 17 
and 12 meters that little need for such pruning exists. The 
40-meter frequency is nearly independent of adjustments to 


the capacitive stubs and outer radiating tip elements. Like 
the first antennas, this dipole is fed with a 75-© balun and 
feed line. 

Fig 23 shows the schematic diagram of the traps. It 
explains the difference between the low and high-impedance 
modes of the traps. Notice that the high-impedance terminal 
is the output configuration used in most conventional trap 
applications. The low-impedance connection is made across 
only the inner conductor turns, corresponding to one-half of 
the total turns of the trap. This mode steps the trap’s imped- 
ance down to approximately one-fourth of that of the high- 
impedance level. This is what allows a single trap design to 
be used for two different multiband antennas. 

Fig 24 is a drawing of a cross-section of the coax trap 
shown through the long axis of the trap. Notice that the traps 
are conventional coaxial-cable traps, except for the added 
low-impedance output terminal. The traps are 8% close- 
spaced turns of RG-59 (Belden 8241) on a 2%-inch-OD PVC 
pipe (schedule 40 pipe with a 2-inch ID) coil form. The forms 
are 4% inches long. Trap resonant frequency is very sensitive 
to the outer diameter of the coil form, so check it carefully. 
Unfortunately, not all PVC pipe is made with the same wall 
thickness. The trap frequencies should be checked with a dip 
meter and general-coverage receiver and adjusted to within 
50 kHz of the 7150 kHz resonant frequency before installa- 
tion. One inch is left over at each end of the coil forms to allow 
for the coax feed-through holes and holes for tension-relief 
attachment of the antenna radiating elements to the traps. Be 
sure to seal the ends of the trap coax cable with RTV sealant 
to prevent moisture from entering the coaxial cable. 

Also, be sure that you connect the 32.3-foot wire ele- 
ment at the start of the inner conductor winding of the trap. 
This avoids detuning the antenna by the stray capacitance of 
the coaxial-cable shield. The trap output terminal (which has 
the shield stray capacitance) should be at the outboard side of 
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Fig 23— 
Schematic for the 
W8NX coaxial- 
cable trap. RG-59 
is wound ona 
2%-inch OD 

PVC pipe. 
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Fig 22—A W8NX multiband dipole 
for 80, 40, 17 and 12 meters. For 
this antenna, the high-impedance 
output is used on each trap. The 
resonant frequency of the traps is 
7.15 MHz. 





PASO OA 


Input 


Fig 24—Construction details of the W8NX coaxial-cable trap. 


the trap. Reversing the input and output terminals of the trap 
will lower the 40-meter frequency by approximately 50 kHz, 
but there will be negligible effect on the other bands. 

Fig 25 shows a coaxial-cable trap. Further details of 
the trap installation are shown in Fig 26. This drawing ap- 
plies specifically to the 80, 40, 20, 15 and 10-meter antenna, 
which uses the low-impedance trap connections. Notice the 
lengths of the trap pigtails: 3 to 4 inches at each terminal of 
the trap. If you use a different arrangement, you must modify 
the span lengths accordingly. All connections can be made 
using crimp connectors rather than by soldering. Access to 
the trap’s interior is attained more easily with a crimping tool 
than with a soldering iron. 


Performance 


The performance of both antennas has been very sat- 
isfactory. W8NX uses the 80, 40, 17 and 12-meter version 
because it covers 17 and 12 meters. (He has a tribander for 
20, 15 and 10 meters.) The radiation pattern on 17 meters 
is that of a %-wave dipole. On 12 meters, the pattern is that 
of a %-wave dipole. At his location in Akron, Ohio, the 
antenna runs essentially east and west. It is installed as an 
inverted V, 40 feet high at the center, with a 120° included 
angle between the legs. Since the stubs are very short, they 
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radiate little power and make only minor 
contributions to the radiation patterns. In 
theory, the pattern has four major lobes 
on 17 meters, with maxima to the north- 
east, southeast, southwest and northwest. 
These provide low-angle radiation into 
Europe, Africa, South Pacific, Japan 
and Alaska. A narrow pair of minor 
broadside lobes provides north and south 
coverage into Central America, South 
America and the polar regions. 

There are four major lobes on 

CI 12 meters, giving nearly end-fire radia- 
tion and good low-angle east and west 
coverage. There are also three pairs of 
very narrow, nearly broadside, minor 
lobes on 12 meters, down about 6 dB 
from the major end-fire lobes. On 80 
and 40 meters, the antenna has the usual figure-8 patterns of 
a half-wave-length dipole. 

Both antennas function as electrical half-wave dipoles 
on 80 and 40 meters with a low SWR. They both function 
as odd-harmonic current-fed dipoles on their other operat- 
ing frequencies, with higher, but still acceptable, SWR. 
The presence of the stubs can either raise or lower the input 
impedance of the antenna from those of the usual third and 
fifth harmonic dipoles. Again W8NX recommends that 75-Q, 
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Fig 26—Additional 
construction details for the 
WS8NX coaxial-cable trap. 
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rather than 50-Q, feed line be used because of the generally 
higher input impedances at the harmonic operating frequen- 
cies of the antennas. 

The SWR curves of both antennas were carefully mea- 
sured using a 75 to 50- transformer from Palomar Engineers 
inserted at the junction of the 75-Q coax feed line and a 50-Q 
SWR bridge. The transformer is required for accurate SWR 
measurement if a 50-CQ. SWR bridge is used with a 75-Q 
line. Most 50-Q rigs operate satisfactorily with a 75-Q line, 
although this requires different tuning and load settings in the 
final output stage of the rig or antenna tuner. The author uses 
the 75 to 50-Q transformer only when making SWR measure- 
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21.0 21.1 21.2 : 21.3 21.4 21.5 
28.0 28.4 28.8 : 29.2 29.6 30.0 





Frequency, MHz 


Fig 27—Measured SWR curves for an 80, 40, 20, 15 and 
10-meter antenna, installed as an inverted-V with 40-ft 
apex and 120° included angle between legs. 
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Fig 28—Measured SWR curves for an 80, 40, 17 and 
12-meter antenna, installed as an inverted-V with 40-ft 
apex and 120° included angle between legs. 
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ments and at low power levels. The transformer is rated for 
100 W, and when he runs his 1-kW PEP linear amplifier the 
transformer is taken out of the line. 

Fig 27 gives the SWR curves of the 80, 40, 20, 15 and 
10-meter antenna. Minimum SWR is nearly 1:1 on 80 meters, 
1.5:1 on 40 meters, 1.6:1 on 20 meters, and 1.5:1 on 10 me- 
ters. The minimum SWR is slightly below 3:1 on 15 meters. 
On 15 meters, the stub capacitive reactance combines with 
the inductive reactance of the outer segment of the antenna to 
produce a resonant rise that raises the antenna input resistance 
to about 220 Q, higher than that of the usual 3/2-wavelength 
dipole. An antenna tuner may be required on this band to 
keep a solid-state final output stage happy under these load 
conditions. 

Fig 28 shows the SWR curves of the 80, 40, 17 and 12- 
meter antenna. Notice the excellent 80-meter performance 
with a nearly unity minimum SWR in the middle of the band. 
The performance approaches that of a full-size 80-meter wire 
dipole. The short stubs and the low-inductance traps shorten 
the antenna somewhat on 80 meters. Also observe the good 
17-meter performance, with the SWR being only a little above 
2:1 across the band. 

But notice the 12-meter SWR curve of this antenna, 
which shows 4:1 SWR across the band. The antenna input 
resistance approaches 300 © on this band because the capa- 
citive reactance of the stubs combines with the inductive 
reactance of the outer antenna segments to give resonant 
rises in impedance. These are reflected back to the input 
terminals. These stub-induced resonant impedance rises are 
similar to those on the other antenna on 15 meters, but are 
even more pronounced. 

Too much concern must not be given to SWR on the 
feed line. Even if the SWR is as high as 9:1 no destructively 
high voltages will exist on the transmission line. Recall that 
transmission-line voltages increase as the square root of 
the SWR in the line. Thus, 1 kW of RF power in 75-© line 
corresponds to 274 V line voltage for a 1:1 SWR. Raising 
the SWR to 9:1 merely triples the maximum voltage that 
the line must withstand to 822 V. This voltage is well below 
the 3700-V rating of RG-11, or the 1700-V rating of RG-59, 
the two most popular 75-Q coax lines. Voltage breakdown in 
the traps is also very unlikely. As will be pointed out later, 
the operating power levels of these antennas are limited by 
RF power dissipation in the traps, not trap voltage breakdown 
or feed-line SWR. 


Trap Losses and Power Rating 


Table 1 presents the results of trap Q measurements and 
extrapolation by a two-frequency method to higher frequen- 
cies above resonance. W8NX employed an old, but recently 
calibrated, Boonton Q meter for the measurements. Extrapo- 
lation to higher-frequency bands assumes that trap resistance 
losses rise with skin effect according to the square root of 
frequency, and that trap dielectric loses rise directly with 
frequency. Systematic measurement errors are not increased 
by frequency extrapolation. However, random measurement 





Table 1 








Trap Q 

Frequency (MHz) 3.8 7.15 14.18 18.1 21.3 24.9 28.6 

High Z out (Q) 101 124 139 165 73 179 186 

Low Z out (Q) 83 103 125 137 44 149 155 

Table 2 

Trap Loss Analysis: 80, 40, 20, 15, 10-Meter Antenna 

Frequency (MHz) 3.8 7.15 14.18 21.3 286 

Radiation Efficiency (%) 96.4 70.8 99.4 99.9 100.0 

Trap Losses (dB) 0.16 1.5 0.02 0.01 0.003 

Table 3 When the 80, 40, 20, 15 and 10-meter antenna is 
Trap Loss Analysis: 80, 40, 17, 12-Meter Antenna operated on 40 meters, the radiation efficiency of 70.8% 
Frequency (MHz) 38 715 181 24.9 corresponds to a dissipation of 146 W in each trap when 
Radiation Efficiency (%) 895 905 99.3 99.8 1 kW is delivered to the antenna. This is sure to burn out the 
Trap Losses (dB) 0.5 0.4 0.03 0.006 traps—even if sustained for only a short time. Thus, the power 


errors increase in magnitude with upward frequency extrapo- 
lation. Results are believed to be accurate within 4% on 80 
and 40 meters, but only within 10 to 15% at 10 meters. Trap Q 
is shown at both the high- and low-impedance trap terminals. 
The Q at the low-impedance output terminals is 15 to 20% 
lower than the Q at the high-impedance output terminals. 

W8NX computer-analyzed trap losses for both antennas 
in free space. Antenna-input resistances at resonance were 
first calculated, assuming lossless, infinite-Q traps. They were 
again calculated using the Q values in Table 1. The radiation 
efficiencies were also converted into equivalent trap losses in 
decibels. Table 2 summarizes the trap-loss analysis for the 
80, 40, 20, 15 and 10-meter antenna and Table 3 for the 80, 
40,17 and 12-meter antenna. 

The loss analysis shows radiation efficiencies of 90% 
or more for both antennas on all bands except for the 80, 40, 
20, 15 and 10-meter antenna when used on 40 meters. Here, 
the radiation efficiency falls to 70.8%. A 1-kW power level 
at 90% radiation efficiency corresponds to 50-W dissipation 
per trap. In W8NX’s experience, this is the trap’s survival 
limit for extended key-down operation. SSB power levels of 
1 kW PEP would dissipate 25 W or less in each trap. This is 
well within the dissipation capability of the traps. 


should be limited to leas than 300 W when this antenna is 
operated on 40 meters under prolonged key-down conditions. 
A 50% CW duty cycle would correspond to a 600-W power 
limit for normal 40-meter CW operation. Likewise, a 50% 
duty cycle for 40-meter SSB corresponds to a 600-W PEP 
power limit for the antenna. 

The author knows of no analysis where the burnout watt- 
age rating of traps has been rigorously determined. Operating 
experience seems to be the best way to determine trap burn- 
out ratings. In his own experience with these antennas, he’s 
had no traps burn out, even though he operated the 80, 40, 20, 
15 and 10-meter antenna on the critical 40-meter band using 
his AL-80A linear amplifier at the 600-W PEP output level. 
He did not make a continuous, key-down, CW operating test 
at full power purposely trying to destroy the traps! 

Some hams may suggest using a different type of 
coaxial cable for the traps. The dc resistance of 40.7 © per 
1000 feet of RG-59 coax seems rather high. However, W8NX 
has found no coax other than RG-59 that has the necessary 
inductance-to-capacitance ratio to create the trap character- 
istic reactance required for the 80, 40, 20, 15 and 10-meter 
antenna. Conventional traps with wide-spaced, open-air 
inductors and appropriate fixed-value capacitors could be 
substituted for the coax traps, but the convenience, weather- 
proof configuration and ease of fabrication of coaxial-cable 
traps is hard to beat. 
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Multiband Vertical Antennas 


There are two basic types of vertical antennas; either 
type can be used in multiband configurations. The first is the 
ground-mounted vertical and the second, the ground plane. 
These antennas are described in detail in Chapter 6, Low- 
Frequency Antennas. 

The efficiency of any ground-mounted vertical depends 
a great deal on near-field earth losses. As pointed out in Chap- 
ter 3, The Effects of Ground, these near-field losses can be 
reduced or eliminated with an adequate radial system. Con- 
siderable experimentation has been conducted on this subject 
by Jerry Sevick, W2FMI, and several important results were 
obtained. It was determined that a radial system consisting of 
40 to 50 radials, 0.2 A long, would reduce the earth losses to 
about 2 O when a 1/4 radiator was being used. These radials 
should be on the earth’s surface, or if buried, placed not more 
than an inch or so below ground. Otherwise, the RF current 
would have to travel through the lossy earth before reaching 
the radials. In a multiband vertical system, the radials should 
be 0.2 2 long for the lowest band, that is, 55 feet long for 
3.5-MHz operation. Any wire size may be used for the radi- 
als. The radials should fan out in a circle, radiating from the 
base of the antenna. A metal plate, such as a piece of sheet 
copper, can be used at the center connection. 

The other common type of vertical is the ground-plane 
antenna. Normally, this antenna is mounted above ground 
with the radials fanning out from the base of the antenna. 
The vertical portion of the antenna is usually an electrical 
A/4, as is each of the radials. In this type of antenna, the 
system of radials acts somewhat like an RF choke, to prevent 
RF currents from flowing in the supporting structure, so the 
number of radials is not as important a factor as it is with a 
ground- mounted vertical system. From a practical standpoint, 
the customary number of radials is four or five. In a multi- 
band configuration, A/4 radials are required for each band of 
operation with the ground-plane antenna. 

This is not so with the ground-mounted vertical antenna, 
where the ground plane is relied upon to provide an image of 
the radiating section. Note that even quarter-wave-long radi- 
als are greatly detuned by their proximity to ground—radial 
resonance is not necessary or even possible. In the ground- 
mounted case, so long as the ground-screen radials are 
approximately 0.2 2 long at the lowest frequency, the length 
will be more than adequate for the higher frequency bands. 


Short Vertical Antennas 


A short vertical antenna can be operated on several 
bands by loading it at the base, the general arrangement be- 
ing similar to Figs | and 2. That is, for multiband work the 
vertical can be handled by the same methods that are used 
for random-length wires. 

A vertical antenna should not be longer than about % 2 
at the highest frequency to be used, however, if low-angle 
radiation is wanted. If the antenna is to be used on 28 MHz 
and lower frequencies, therefore, it should not be more than 
approximately 25 feet high, and the shortest possible ground 
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lead should be used. 

Another method of feeding is shown in Fig 29. L1 is a 
loading coil, tapped to resonate the antenna on the desired 
band. A second tap permits using the coil as a transformer 
for matching a coax line to the transmitter. C1 is not strictly 
necessary, but may be helpful on the lower frequencies, 3.5 
and 7 MHz, if the antenna is quite short. In that case Cl 
makes it possible to tune the system to resonance with a coil 
of reasonable dimensions at L1. C1 may also be useful on 
other bands as well, if the system cannot be matched to the 
feed line with a coil alone. 

The coil and capacitor should preferably be installed 
at the base of the antenna, but if this cannot be done a wire 
can be run from the antenna base to the nearest convenient 
location for mounting L1 and Cl. The extra wire will of 
course be a part of the antenna, and since it may have to run 
through unfavorable surroundings it is best to avoid using it 
if at all possible. 

This system is best adjusted with the help of an SWR 
indicator. Connect the coax line across a few turns of L1 and 
take trial positions of the shorting tap until the SWR reaches 
its lowest value. Then vary the line tap similarly; this should 
bring the SWR down to a low value. Small adjustments of 
both taps then should reduce the SWR to close to 1:1. If not, 
try adding Cl and go through the same procedure, varying 
Cl each time a tap position is changed. 










Vertical Antenna 
(Up to Approx 25Ft) 


Shorting Tap 


co Coax to XMTR 


Fig 29—Multiband vertical antenna system using base 
loading for resonating on 3.5 to 28 MHz. L1 should be 
wound with bare wire so it can be tapped at every turn, 
using #12 wire. A convenient size is 2/2 inches diameter, 
6 turns per inch (such as B&W 3029). Number of turns 
required depends on antenna and ground lead length, 
more turns being required as the antenna and ground 
lead are made shorter. For a 25-foot antenna and a ground 
lead of the order of 5 feet, L1 should have about 30 

turns. The use of C1 is explained in the text. The smallest 
capacitance that will permit matching the coax cable 
should be used; a maximum capacitance of 100 to 150 pF 
will be sufficient in any case. 


Trap Verticals 


The trap principle described in Fig 17 for center-fed 
dipoles also can be used for vertical antennas. There are two 
principal differences. Only one half of the dipole is used, the 
ground connection taking the place of the missing half, and 
the feed-point impedance is one half the feed-point imped- 
ance of a dipole. Thus it is in the vicinity of 30 Q (plus the 
ground-connection resistance), so 52-Q cable should be used 
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Fig 30—Constructional details of the 21- and 28-MHz dual- 


band antenna system. 


since it is the commonly available type that comes closest 
to matching. 


ATRAP VERTICAL FOR 21 AND 28 MHZ 


Simple antennas covering the upper HF bands can be 
quite compact and inexpensive. The two-band vertical ground 
plane described here is highly effective for long-distance 
communication when installed in the clear. 

Figs 30, 31 and 32 show the important assembly details. 
The vertical section of the antenna is mounted on a %-inch 
thick piece of plywood board that measures 7 x 10 inches. 
Several coats of exterior varnish or similar material will help 
protect the wood from inclement weather. Both the mast and 
the radiator are mounted on the piece of wood by means of 
TV U-bolt hardware. The vertical is electrically isolated 
from the wood with a piece of 1-inch diameter PVC tubing. 
A piece approximately 8 inches long is required, and it is of 
the schedule-80 variety. To prepare the tubing, you must slit it 
along the entire length on one side. A hacksaw will work quite 
well. The PVC fits rather snugly on the aluminum tubing and 





Fig 31—A close-up view of a trap. The coil is 3 inches 
in diameter. The leads from the coaxial-cable capacitor 
should be soldered directly to the pigtails of the coil. 
These connections should be coated with varnish after 
they have been secured under the hose clamps. 





Fig 32—The base assembly of the 21- and 28-MHz vertical. 
The SO-239 coaxial connector and hood can be seen in 
the center of the aluminum L bracket. The U bolts are 
TV-type antenna hardware. The plywood should be coated 
with varnish or similar material. 
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will have to be “persuaded” with the aid of ahammer. Mount 
the mast directly on the wood with no insulation. 

Use an SO-239 coaxial connector and four solder lugs 
on an L-shaped bracket made from a piece of aluminum 
sheet. Solder a short length of test probe wire, or inner con- 
ductor of RG-58 cable, to the inner terminal of the connector. 
A UG-106 connector hood is then slid over the wire and 
onto the coaxial connector. Then bolt the hood and connec- 
tor to the aluminum bracket. Two wood screws are used to 
secure the aluminum bracket to the plywood, as shown in 
the drawing and photograph. Solder the free end of the wire 
coming from the connector to a lug mounted on the bottom 
of the vertical radiator. Fill any space between the wire and 
where it passes through the hood with GE silicone sealant or 
similar material to keep moisture out. The eight radials, four 
for each band, are soldered to the four lugs on the aluminum 
bracket. Separate the two sections of the vertical member 
with a piece of clear acrylic rod. Approximately 8 inches of 
%-inch OD material is required. You must slit the aluminum 
tubing lengthwise for several inches so the acrylic rod may 
be inserted. The two pieces of aluminum tubing are separated 
by 2” inches. 

The trap capacitor is made from RG-8 coaxial cable and 
is 30.5 inches long. RG-8 cable has 29.5 pF of capacitance 
per foot and RG-58 has 28.5 pF per foot. RG-8 cable is 
recommended over RG-58 because of its higher breakdown- 


voltage capability. The braid should be pulled back 2 inches 
on one end of the cable, and the center conductor soldered 
to one end of the coil. Solder the braid to the other end of 
the coil. Compression type hose clamps are placed over the 
capacitor/coil leads and put in position at the edges of the 
aluminum tubing. When tightened securely, the clamps serve 
a two-fold purpose—they keep the trap in contact with the 
vertical members and prevent the aluminum tubing from 
slipping off the acrylic rod. The coaxial-cable capacitor runs 
upward along the top section of the antenna. This is the side of 
the antenna to which the braid of the capacitor is connected. 
Place a cork or plastic cap in the very top of the antenna to 
keep moisture out. 


Installation and Operation 


The antenna may be mounted in position using a TV- 
type tripod, chimney, wall or vent mount. Alternatively, a 
telescoping mast or ordinary steel TV mast may be used, in 
which case the radials may be used as guys for the structure. 
The 28-MHz radials are 8 feet 5 inches long, and the 21-MHz 
radials are 11 feet 7 inches. 

Any length of 50-Q cable may be used to feed the 
antenna. The SWR at resonance should be on the order of 
1.2:1 to 1.5:1 on both bands. The reason the SWR is not 1:1 
is that the feed-point resistance is something other than 50 Q 
—closer to 35 or 40 Q. 


The Open-Sleeve Antenna 


Although only recently adapted for the HF and VHF 
amateur bands, the open-sleeve antenna has been around 
since 1946. The antenna was invented by Dr J. T. Bolljahn, of 
Stanford Research Institute. This section on sleeve antennas 
was written by Roger A. Cox, WB@DGF. 

The basic form of the open-sleeve monopole is shown 
in Fig 33. The open-sleeve monopole consists of a base-fed 
central monopole with two parallel closely spaced parasitics, 
one on each side of the central element, and grounded at each 
base. The lengths of the parasitics are roughly one half that 
of the central monopole. 


Impedance 


The operation of the open sleeve can be divided into 
two modes, an antenna-mode and a transmission-line mode. 
This is shown in Fig 34. 

The antenna-mode impedance, Z,, is determined by 
the length and diameter of the central monopole. For sleeve 
lengths less than that of the monopole, this impedance is es- 
sentially independent of the sleeve dimensions. 

The transmission-line mode impedance, Z,, is deter- 
mined by the characteristic impedance, end impedance, and 
length of the 3- wire transmission line formed by the central 
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monopole and the two sleeve elements. The characteristic 
impedance, Z,, can be determined by the element diameters 
and spacing if all element diameters are equal, and is found 
from 


Z, = 207 log 1.59 (D/d) (Eq 2) 


where 


D = spacing between the center of each sleeve element 
and the center of the driven element 
d = diameter of each element 


This is shown graphically in Fig 35. However, since 
the end impedance is usually unknown, there is little need 
to know the characteristic impedance. The transmission-line 
mode impedance, Z,, is usually determined by an educated 
guess and experimentation. 

As an example, let us consider the case where the central 
monopole is A/4 at 14 MHz. It would have an antenna mode 
impedance, Z,, of approximately 52 ©, depending upon the 
ground conductivity and number of radials. If two sleeve 
elements were added on either side of the central monopole, 
with each approximately half the height of the monopole and 
at a distance equal to their height, there would be very little 
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Fig 33—Diagram of an open-sleeve monopole. 





Fig 34—Equivalent circuit of an open-sleeve antenna. 


effect on the antenna mode impedance, Z,, at 14 MHz. 

Also, Zy at 14 MHz would be the end impedance trans- 
formed through a 4/8 section of a very high characteristic 
impedance transmission line. Therefore, Z; would be on the 
order of 500-2000 © resistive plus a large capacitive reactance 
component. This high impedance in parallel with 52 QO would 
still give a resultant impedance close to 52 Q. 

Ata frequency of 28 MHz, however, Z, is that of an end- 
fed half-wave antenna, and is on the order of 1000-5000 Q 
resistive. Also, Z at 28 MHz would be on the order of 1000 
to 5000 resistive, since it is the end impedance of the sleeve 
elements transformed through a quarter-wave section of a 
very high characteristic impedance 3-wire transmission line. 
Therefore, the parallel combination of Z, and Zy would still 
be on the order of 500 to 2500 © resistive. 

If the sleeve elements were brought closer to the cen- 
tral monopole such that the ratio of the spacing to element 
diameter was less than 10:1, then the characteristic imped- 
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Fig 35—Characteristic impedance of transmission-line 
mode in an open-sleeve antenna. 


ance of the 3-wire transmission line would drop to less than 
250 Q. At 28 MHz, Z, remains essentially unchanged, while 
Zr begins to edge closer to 52 © as the spacing is reduced. 
At some particular spacing the characteristic impedance, as 
determined by the D/d ratio, is just right to transform the end 
impedance to exactly 52 © at some frequency. Also, as the 
spacing is decreased, the frequency where the impedance is 
purely resistive gradually increases. 

The actual impedance plots of a 14/28-MHz open- 
sleeve monopole appear in Figs 36 and 37. The length of the 
central monopole is 195.5 inches, and of the sleeve elements 
89.5 inches. The element diameters range from 1.25 inches at 
the bases to 0.875 inch at each tip. The measured impedance 
of the 14-MHz monopole alone, curve A of Fig 36, is quite 
high. This is probably because of a very poor ground plane 
under the antenna. The addition of the sleeve elements raises 
this impedance slightly, curves B, C and D. 

As curves A and B in Fig 37 show, an 8-inch sleeve 
spacing gives a resonance near 27.8 MHz at 70 Q, while a 6- 
inch spacing gives a resonance near 28.5 MHz at 42 ©. Closer 
spacings give lower impedances and higher resonances. The 
optimum spacing for this particular antenna would be some- 
where between 6 and 8 inches. Once the spacing is found, 
the lengths of the sleeve elements can be tweaked slightly 
for a choice of resonant frequency. 

In other frequency combinations such as 10/21, 10/24, 
14/21 and 14/24-MHz, spacings in the 6 to 10-inch range 
work very well with element diameters in the 0.5 to 1.25-inch 
range. 
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Fig 36—Impedance of an open-sleeve monopole for the 
frequency range 13.5-15 MHz. Curve A is for a 14 MHz 
monopole alone. For curves B, C and D, the respective 
spacings from the central monopole to the sleeve elements 
are 8, 6 and 4 inches. See text for other dimensions. 












































Fig 37—Impedance of the open-sleeve monopole for the 
range 25-30 MHz. For curves A, B and C the spacings from 
the central monopole to the sleeve elements are 8, 6 and 

4 inches, respectively. 


Bandwidth 


The open-sleeve antenna, when used as a multiband 
antenna, does not exhibit broad SWR bandwidths unless, of 
course, the two bands are very close together. For example, 
Fig 38 shows the return loss and SWR of a single 10-MHz 
vertical antenna. Its 2:1 SWR bandwidth is 1.5 MHz, from 
9.8 to 11.3 MHz. Return loss and SWR are related as given 
by the following equation. 

1+k 


SWR = —— 


Eq 3 
ae (Eq 3) 
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where 
R is 


k=1020 
RL = return loss, dB 


When sleeve elements are added for a resonance near 
22 MHz, the 2:1 SWR bandwidth at 10 MHz is still nearly 
1.5 MHz, as shown in Fig 39. The total amount of spectrum 
under 2:1 SWR increases, of course, because of the additional 
band, but the individual bandwidths of each resonance are 
virtually unaffected. 

The open-sleeve antenna, however, can be used as a 
broadband structure, if the resonances are close enough to 
overlap. With the proper choices of resonant frequencies, 
sleeve and driven element diameters and sleeve spacing, the 
SWR “hump” between resonances can be reduced to a value 
less than 3:1. This is shown in Fig 40. 


Current Distribution 


According to H. B. Barkley (see Bibliography at the 
end of this chapter), the total current flowing into the base 
of the open-sleeve antenna may be broken down into two 
components, that contributed by the antenna mode, I,, and 
that contributed by the transmission-line mode, I7. Assuming 
that the sleeves are approximately half the height of the central 
monopole, the impedance of the antenna mode, Z,, is very 
low at the resonant frequency of the central monopole, and 
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Fig 38—Return loss and SWR of a 10 MHz vertical 
antenna. A return loss of 0 dB represents an SWR of 
infinity. The text contains an equation for converting 
return loss to an SWR value. 
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Fig 39—Return loss and SWR of a 10/22 MHz open-sleeve 
vertical antenna. 
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Fig 40—SWR response of an open-sleeve dipole and a 
conventional dipole. 


the impedance of the transmission-line mode, Z,, is very high. 
This allows almost all of the current to flow in the antenna 
mode, and I, is very much greater than I. Therefore, the 
current on the central A/4 monopole assumes the standard 
sinusoidal variation, and the radiation and gain characteristics 
are much like those of a normal A/4 vertical antenna. 

However, at the resonant frequency of the sleeves, the 
impedance of the central monopole is that of an end fed 
half-wave monopole and is very high. Therefore I, is small. 
If proper element diameters and spacings have been used to 
match the transmission line mode impedance, Z,, to 52 Q, 
then I, the transmission line mode current, is high compared 
to I,. 

This means that very little current flows in the central 
monopole above the tops of the sleeve elements, and the 
radiation is mostly from the transmission-line mode current, 
I,, in all three elements below the tops of the sleeve elements. 
The resulting current distribution is shown in Figs 41 and 42 
for this case. 


Radiation Pattern and Gain 


The current distribution of the open-sleeve antenna 
where all three elements are nearly equal in length is nearly 
that of a single monopole antenna. If, at a particular frequency, 
the elements are approximately 4/4 long, the current distribu- 
tion is sinusoidal. 

If, for this and other length ratios, the chosen diameters 
and spacings are such that the two sleeve elements approach 
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Fig 41—Current distribution in the transmission-line 

mode. The amplitude of the current induced in each sleeve 
element equals that of the current in the central element 
but the phases are opposite, as shown. 





Fig 42—Total current distribution with A= L/2. 


an interelement spacing of 4/8, the azimuthal pattern will 
show directivity typical of two in-phase vertical radiators, 
approximately 4/8 apart. If a bi-directional pattern is needed, 
then this is one way to achieve it. 

Spacings closer than this will produce nearly circular 
azimuthal radiation patterns. Practical designs in the 10 to 
30 MHz range using 0.5 to 1.5-inch diameter elements will 
produce azimuthal patterns that vary less than +1 dB. 

If the ratio of the length of the central monopole to 
the length of the sleeves approaches 2:1, then the elevation 
pattern of the open-sleeve vertical antenna at the resonant 
frequency of the sleeves becomes slightly compressed. This 
is because of the in-phase contribution of radiation from the 
A/2 central monopole. 

As shown in Fig 43, the 10/21-Mhz open-sleeve vertical 
antenna produces a lower angle of radiation at 21.2 MHz with 
a corresponding increase in gain of 0.66 dB over that of the 
10-MHz vertical alone. At length ratios approaching 3:1, the 
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Fig 43—Vertical-plane radiation patterns of a 10/21-MHz 
open-sleeve vertical antenna on a perfect ground plane. 
At 10.1 MHz the maximum gain is 5.09 dBi, and 5.75 dBi at 
21.2 MHz. 


antenna mode and transmission-line mode impedance become 
nearly equal again, and the central monopole again carries a 
significant portion of the antenna current. The radiation from 
the top A/2 combines constructively with the radiation from 
the 4/4 sleeve elements to produce gains of up to 3 dB more 
than just a quarter-wave vertical element alone. 

Length ratios in excess of 3.2:1 produce higher level 
sidelobes and less gain on the horizon, except for narrow 
spots near the even ratios of 4:1, 6:1, 8:1, etc. These are where 
the central monopole is an even multiple of a half-wave, 
and the antenna-mode impedance is too high to allow much 


antenna-mode current. 

Up to this point, it has been assumed that only 4/4 reso- 
nance could be used on the sleeve elements. The third, fifth, 
and seventh-order resonances of the sleeve elements and the 
central monopole element can be used, but their radiation 
patterns normally consist of high-elevation lobes, and the 
gain on the horizon is less than that of a 4/4 vertical. 


Practical Construction and Evaluation 


The open-sleeve antenna lends itself very easily to 
home construction. For the open-sleeve vertical antenna, 
only a feed-point insulator and a good supply of aluminum 
tubing are needed. No special traps or matching networks are 
required. The open-sleeve vertical can produce up to 3 dB 
more gain than a conventional 1/4 vertical. Further, there is no 
reduction in bandwidth, because there are no loading coils. 

The open-sleeve design can also be adapted to horizontal 
dipole and beam antennas for HF, VHF and UHF. A good 
example of this is Telex/Hy-Gain's Explorer 14 triband beam 
which utilizes an open sleeve for the 10/15-meter driven ele- 
ment. The open-sleeve antenna is also very easy to model in 
computer programs such as NEC and MININEC, because 
of the open tubular construction and lack of traps or other 
intricate structures. 

In conclusion, the open-sleeve antenna is an antenna 
experimenters delight. It is not difficult to match or construct, 
and it makes an ideal broadband or multiband antenna. 


The Coupled-Resonator Dipole 


A variation of the open-sleeve system above is the 
coupled-resonator system described by Gary Breed, K9AY, 
in an article in The ARRL Antenna Compendium, Vol 5, 
entitled “The Coupled-Resonator Principle: A Flexible 
Method for Multiband Antennas.” The following is con- 
densed from that article. 

In 1995, QST published two antenna designs that use 
an interesting technique to get multiband coverage in one 
antenna. Rudy Severns, N6LF, described a wideband 80 and 
75-meter dipole using this technique, and Robert Wilson, 
AL7KK, showed us how to make a three-band vertical. 
Both of these antennas achieve multi-frequency operation 
by placing resonant conductors very close to a driven dipole 
or vertical—with no physical connection. 


The Coupled-Resonator Principle 


As we all know, nearby conductors can interact with an 
antenna. Our dipoles, verticals and beams can be affected by 
nearby power lines, rain gutters, guy wires and other metallic 
materials. The antennas designed by Severns and Wilson use 
this interaction intentionally, to combine the resonances of 
several conductors at a single feed point. While other names 
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have been used, I call the behavior that makes these antennas 
work the coupled-resonator (C-R) principle. 

Take a look at Fig 44, which illustrates the general 
idea. Each figure shows the SWR at the feed point of a 
dipole, over a range of frequencies. When this dipole is all 
alone, it will have a very low SWR at its half-wave resonant 
frequency (Fig 44A). Next, if we take another wire or tubing 
conductor and start bringing it close to the dipole, we will 
see a “bump” in the dipole’s SWR at the resonant frequency 
of this new wire. See Fig 44B. We are beginning to the see 
the effects of interaction between the two conductors. As we 
bring this new conductor closer, we reach a point where the 
SWR “bump” has grown to a very deep dip—a low SWR. 
We now have a good match at both the original dipole’s 
resonant frequency and the frequency of the new conductor, 
as illustrated in Fig 44C. 

We can repeat this process for several more conductors 
at other frequencies to get a dipole with three, four, five, six, 
or more resonant frequencies. The principle also applies to 
verticals, so any reference to a dipole can be considered to 
be valid for a vertical, as well. 

We can write a definition of the C-R principle this 





M2 at Fy 2 at Fo Optimum Spacing 
Feed Point 2 at Fy MW 2 at Fo 
Feed Point Feed Point / 2 at Fy 
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Fig 44—At A, the SWR of a dipole over a wide frequency range. At B, a nearby conductor is just close enough to interact 
with the dipole. At C, when the second conductor is at the optimum spacing, the combination is matched at both 


frequencies. 


way: Given a dipole (or vertical) at one frequency and an 
additional conductor resonant at another frequency, there 
is an optimum distance between them that results in the 
resonance of the additional conductor being imposed upon 
the original dipole, resulting in a low SWR at both resonant 
frequencies. 


Some History 


In the late 1940s, the coaxial sleeve antenna was devel- 
oped (Fig 45A), covering two frequencies by surrounding 
a dipole or monopole with a cylindrical tube resonant at 
the higher of the desired frequencies. In the 1950s, Gonset 
briefly marketed a two-band antenna based on this design. 
Other experimenters soon determined that two conductors 
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Fig 45—Evolution of coupled-resonator antennas: At A, 
the coaxial-sleeve dipole; at B, the open-sleeve dipole; 
and at C, a coupled-resonator dipole, the most universal 
configuration. 


at the second frequency, placed on either side of the main 
dipole or monopole, would make a skeleton representation of 
a cylinder (Fig 45B). This is called the open-sleeve antenna. 
The Hy-Gain Explorer tribander uses this method in its driven 
element to obtain resonance in the 10-meter band. Later on, 
a few antenna developers finally figured out that these extra 
conductors did not need to be added in pairs, and that a single 
conductor at each frequency could add the extra resonances 
(Fig 45C). This is the method used by Force 12 in some of 
their multiband antennas. 

This is a perfect example of how science works. A spe- 
cific idea is discovered, with later developments leading to 
an underlying general principle. The original coaxial-sleeve 
configuration is the most specific, being limited to two fre- 
quencies and requiring a particular construction method. The 
open-sleeve antenna is an intermediate step, showing that the 
sleeve idea is not limited to one configuration. 

Finally, we have the coupled-resonator concept, which 
is the general principle, applicable in many different antenna 
configurations, for many different frequency combinations. 
Severns’ antenna uses it with a folded dipole, and Wilson 
uses it with a main vertical that is off-center fed. The author 
K9AY used it with conventional dipoles and quarter-wave 
verticals. Other designers have used the principle more sub- 
tly, like putting the first director in a Yagi very close to the 
driven element, broadening the SWR bandwidth the same 
way Severns’ design does with a dipole. 

In the past, most antennas built with this single-conduc- 
tor technique have also been called open-sleeve (or multiple- 
open-sleeve) antennas, a term taken from the history of their 
development. However, the term sleeve implies that one 
conductor must surround another. This is not really a physical 
or electrical description of the antenna’s operation, therefore, 
K9AY suggests using the term coupled-resonator, which is 
the most accurate description of the general principle. 


A Little Math 


The interaction that makes the C-R principle work is not 
random. It behaves in a predictable, regular manner. KOAY 
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derived an equation that shows the relationship between the 
driven element and the additional resonators for ordinary 
dipoles and verticals: 


logiod 


logig(D/4) (Eq 4) 


where 


d = distance between conductors, measured in wave- 
lengths at the frequency of the chosen additional 
resonator 

D =the diameter of the conductors, also in wavelengths 
at the frequency of the additional resonator. 


Eq 4 assumes they are both the same diameter and that 
the feed point impedance at both frequencies is the same as a 
dipole in free space (72 Q) or a quarter-wave monopole over 
perfect ground (36 Q). 

The equation only describes the impedance due to the 
additional resonator. The main dipole element is always part 
of the antenna, and it may have a fairly low impedance at the 
additional frequency. This is the case when the frequencies 
are close together, or when the main element is operating at 
its third harmonic. At these frequencies, the spacing distance 
must be adjusted so that the parallel combination of dipole 
and resonator results in the desired feed-point impedance. 

K9AY worked out two correction factors, one to cover 
a range of impedances and another for frequencies close 


K9AY’s Eq 5 above does indeed yield a good “first- 
cut” value for the spacing between coupled-resonator 
elements. Fig A shows the spacing, in inches, plotted 
against the ratio of frequencies, for two coupled resona- 
tor elements with different diameters, again expressed 
in inches. This is for an upper frequency of 28.4 MHz. 
Beyond a frequency ratio of about 1.5:1 (28.4:18.1 
MHz), the spacing flattens out to a fixed distance be- 
tween elements for each element diameter. For example, 
if 1/>-inch elements are used at 28.4 and 18.1 MHz, the 
spacing between the elements is about 3.75 inches. 

EZNEC verifies Eq 5’s computations. Note that a 
large number of segments are necessary for each ele- 
ment when they are closely spaced from each other, and 
the segments on the elements must be closely aligned 
with each other. Be sure to run the Average Gain test, 
as wellas Segmentation tests. The modeler should also 
be aware that if mutually coupled resonators are placed 
along a horizontal boom (as they would be on multiband 
Yagis using coupled resonators), the higher-frequency 
elements will act like retrograde directors, producing 
some gain (or lack of gain, depending on the azimuth 
being investigated). 

For example, in the EZNEC file K9AY C-R 28-21- 

14 MHz 1 In.EZ, using 1-inch diameter elements spaced 
6 inches apart, if the 28-MHz element is placed 6 inches 
behind the 14-MHz driven element (with the 21-MHz 
element placed 6 inches ahead), on 28 MHz the system 
will have a F/B of 2.6 dB, favoring the rearward direc- 
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together. These can be included in the basic equation, which 
is rearranged below to solve for the distance between the 
conductors: 





d= 109540101?) 207 1 46 [(F /F)-1.Dx11.3)40.} 


where oP) 
d and D are the same as above. 
Z, = the desired feed point impedance at the frequency of 
the additional resonator (between 20 and 120 Q). For 
a vertical, multiply the desired impedance by two to 
get Z,. If you want a 50-Q feed, use 100 Q for Zo: 

F, = the resonant frequency of the main dipole or 

vertical. 

F,, = the resonant frequency of the additional conductor. 

The ratio P/F ‘ is more than 1.1. 

e = 2.7183, the base of natural logarithms. 

Eq 5 does not directly allow for conductors of unequal 
diameters, but it can be used as a starting point if you use 
the diameter of the driven dipole or vertical element for D 
in the equation. 


Characteristics of C-R Antennas 


Here’s the important stuff—what’s different about C-R 
antennas, what are they good for and what are their draw- 
backs? The key points are: 


e Multiband operation without traps, stubs or tuners 


K9AY Coupled Resonators, 28.4 MHz, 50 Ohms 
Spacing in Inches for Different Diameter Elements 
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Fig A—Graph of the spacing versus frequency ratio for 
two Coupled-Resonator elements at 28.4 MHz, for 50-0 
feed-point impedance. 


tion. On 21 MHz, the system will exhibit a F/B of 1.6 dB, 
favoring the forward direction. Of course, there are sys- 
tems where gain and F/B due to the C-R configuration 
may be put to good use, such as the multiband Yagis 
mentioned above. However, if the elements are spaced 
above/below the 14-MHz driven element there is no 
distortion of the dipole patterns. 





e Flexible impedance matching at each frequency 

e Independent fine-tuning at each frequency (little interac- 
tion) 

e Easily modeled using MININEC or NEC-based pro- 

grams 

Pruning process same as a simple dipole 

Can accommodate many frequencies (seven or more) 

Virtually lossless coupling (high efficiency) 

Requires a separate wire or tubing conductor at each 

frequency 

¢ Mechanical assembly requires a number of insulated sup- 
ports 

e Narrower bandwidth than equivalent dipole 

e Capacitance requires slight lengthening of conductors 


To begin with, the most obvious characteristic is that this 
principle can be used to add multiple resonant frequencies to 
an ordinary dipole or vertical, using additional conductors 
that are not physically connected. This gives us three variable 
factors: (1) the diameter of the conductor, (2) its length, and 
(3) its position relative to the main element. 

Having the freedom to control these factors gives us the 
advantage of flexibility; we have a wide range of control over 
the impedance at each added frequency. Another advantage 
is that the behavior at each frequency is quite independent, 
once the basic design is in place. In other words, making 
fine-tuning adjustments at one frequency doesn’t change the 
resonance or impedance at the other frequencies. A final ad- 
vantage is efficiency. With conductors close together, and with 
a resonant target conductor, coupling is very efficient. Traps, 
stubs, and compensating networks found on other multiband 
antennas all introduce lossy reactive components. 

There are two main disadvantages of C-R antennas. 
The first is the relative complexity of construction. Several 
conductors are needed, installed with some type of insulating 
spacers. Other multiband antennas have their complexities 
as well (such as traps that need to be mounted and tuned), 
but C-R antennas will usually be bulkier. The larger size 
generally means greater windload, which is a disadvantage 
to some hams. 

The other significant disadvantage is narrower band- 
width, particularly at the highest of the operating frequencies. 
We can partially overcome this problem with large conductors 
that are naturally broad in bandwidth, and in some cases we 
might even use an extra conductor to put two resonances in 
one band. It is interesting to note that the pattern is opposite 
that of trapped antennas. The C-R antenna gets narrower at the 
highest frequencies of operation, while trap antennas gener- 
ally have narrowest bandwidth at their lowest frequencies. 

There are two special situations that should be noted. 
First, when the antenna has a resonance near the frequency 
where the driven dipole is 3/2 4 long (3/4 X for a vertical), 
the dipole has a fairly low impedance. The spacing of the C-R 
element needs to be increased to raise its impedance so that 
the parallel combination of the main element and C-R ele- 
ment equals the desired impedance (usually 50 ©). There is 
also significant antenna current in the part of the main dipole 


extending beyond the C-R section, contributing to the total 
radiation pattern. As a result, this particular arrangement 
radiates as three 4/2 sections in phase, and has about 3 dB 
gain and a narrower directional pattern compared to a dipole 
(Fig 46). This might be an advantage for antennas covering 
bands with a frequency ratio of about three, such as 3.5 and 
10.1 MHz, 7 and 21 MHz, or 144 and 430 MHz. 

The other special situation is when we want to add a new 
frequency very close to the resonant frequency of the main 
dipole. An antenna for 80 and 75 meters would be an example 
of this. Again, the driven dipole has a fairly low impedance at 
the new frequency. Add the fact that coupling is very strong 
between these similar conductors and we find that a wide spac- 
ing is required to make the antenna work. A dipole resonant at 
3.5 MHz and another wire resonant at 3.8 MHz will need to 
be 3 or 4 feet apart, while a 3.5 MHz and 7 MHz combination 
might only need to be spaced 4 or 5 inches. 

Another useful characteristic of C-R antennas is that 
they are easily and accurately modeled by computer programs 
based on either MININEC or NEC, as long as you stay within 
each program’s limitations. For example, Severns points out 
that MININEC does not handle folded dipoles very well, and 
NEC modeling is required. With ease of computer modeling, 
a precise answer isn’t needed for the design equation given 
above. An approximate solution will provide a starting point 
that can quickly be adjusted for optimum dimensions. 

The added resonators have an effect on the lengths of all 
conductors, due to the capacitance between the conductors. 
Capacitance causes antennas to look electrically shorter, so 
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Azimuth Plot 


Max. Gain = 5.80 dBi Elevation Angle = 0.0 deg. 


Fig 46—Radiation pattern for the special case of a 
C-R antenna with the additional frequency at the third 
harmonic of the main dipole resonant frequency. 
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each element needs to be about | % or 2% longer than a simple 
dipole at the same frequency. As a rule of thumb, use 477/f 
(in feet) instead of the usual 468/f when calculating dipole 
length, and 239/f instead of 234/f for a 1/4 vertical. 


A 30/17/12-Meter Dipole 


To show how a C-R antenna is designed, let’s build a 
dipole to cover all three WARC bands. We’ll use #12 wire, 
which has a diameter of 0.08 inches, and the main dipole will 
be cut for the 10.1 MHz band. From the equation above, the 
spacing between the main dipole and the 18-MHz resonator 
should be 2.4 inches for 72 Q, or 1.875 inches for 50 Q. At 
24.9 MHz, the spacing to the resonator for that band should 
be 2.0 inches for 72 Q, or 1.62 inches for 50 Q. Of course, 
this antenna will be installed over real ground, not in free 
space, so these spacing distances may not be exact. Plugging 
these numbers into your favorite antenna-modeling program 
will let you optimize the dimensions for installation at the 
height you choose. 

For those of you who like to work with real antennas, 
not computer-generated ones, the predicted spacing is ac- 
curate enough to build an antenna with minimum trial-and- 
error. You should use a nice round number just larger than 
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Fig 47—Dimensions of a C-R dipole for the 30, 17 and 
12-meter bands. 


the calculated spacing for 50 Q. For this antenna, K9AY 
decided that the right spacing for the desired height would 
be 2 inches for the 18 MHz resonator and 1.8 inches for the 
24.9 MHz resonator. For simplicity of construction, he just 
used 2 inches for both, figuring that the worst he would get 
is a 1.2:1 SWR if the numbers were a little bit off. Like all 
dipoles, the impedance varies with height above ground, but 
the 2-inch spacing results in an excellent match on the two 
additional bands, at heights of more than 25 feet. 

The final dimensions of the dipole for 10.1, 18.068 and 
24.89 MHz are shown in Fig 47. These are the final pruned 
lengths for a straight dipole installed at a height of about 
40 feet. If you put up the antenna as an inverted V, you will 
need each wire to be a bit longer. Pruning this type of antenna 
is just like a dipole—if it’s resonant too low in frequency, 
it’s too long and the appropriate wire needs to be shortened. 
So, you can cut the wires just a little long to start with and 
easily prune them to resonance. 

A final note: if you want to duplicate this antenna design, 
remember that the 2-inch spacing is just for #12 wire! The 
required spacing for a C-R antenna is related to the conductor 
diameter. This same antenna built with #14 wire needs under 
1%-inch spacing, while a 1-inch aluminum-tubing version 
requires about 7-inch spacing. 


Summary 


The coupled-resonator principle is one more weapon in 
the antenna designer’s arsenal. It’s not the perfect method for 
all multiband antennas, but what the C-R principle offers is 
an alternative to traps and tuners, in exchange for using more 
wire or aluminum. Although a C-R antenna requires more 
complicated construction, its main attraction is in making a 
multiband antenna that can be built with no compromise in 
matching or efficiency. 


HF Discone Antennas 


The material in this section is adapted from an article by 
Daniel A. Krupp, W8NWE, in The ARRL Antenna Compen- 
dium, Vol 5. The name discone is a contraction of the words 
disc and cone. Although people often describe a discone by its 
design-center frequency (for example, a “20-meter discone”’), 
it works very well over a wide frequency range, as much as 
several octaves. Fig 48 shows a typical discone, constructed 
of sheet metal for UHF use. On lower frequencies, the sheet 
metal may be replaced with closely spaced wires and/or 
aluminum tubing. 

The dimensions of a discone are determined by the 
lowest frequency of use. The antenna produces a vertically 
polarized signal at a low-elevation angle and it presents a 
good match for 50-Q coax over its operating range. One 
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advantage of the discone is that its maximum current area is 
near the top of the antenna, where it can radiate away from 
ground clutter. The cone-like skirt of the discone radiates 
the signal—radiation from the disc on top is minimal. This 
is because the currents flowing in the skirt wires essentially 
all go in the same direction, while the currents in the disc 
elements oppose each other and cancel out. The discone’s 
omnidirectional characteristics make it ideal for roundtable 
QSOs or for a Net Control station. 

Electrical operation of this antenna is very stable, with 
no changes due to rain or accumulated ice. It is a self-con- 
tained antenna—unlike a traditional ground-mounted vertical 
radiator, the discone does not rely on a ground-radial system 
for efficient operation. However, just like any other vertical 











50-9 Coaxial Feed Line 


Fig 48—Diagram of VHF/UHF discone, using a sheet- 
metal disc and cone. It is fed directly with 50-Q coax 

line. The dimensions L and D, together with the spacing 

S between the disc and cone, determine the frequency 
characteristics of the antenna. L = 246 / fy, for the lowest 
frequency to be used. Diameter D should be from 0.67 to 
0.70 of dimension L. The diameter at the bottom of the 
cone B is equal to L. The space S between disc and cone 
can be 2 to 12 inches, with the wider spacing appropriate 
for larger antennas. 


antenna, the quality of the ground in the Fresnel area will 
affect the discone’s far-field pattern. 

Both the disc and cone are inherently balanced for wind 
loading, so torque caused by the wind is minimal. The entire 
cone and metal mast or tower can be connected directly to 
ground for lightning protection. 

Unlike a trap vertical or a triband beam, discone 
antennas are not adjusted to resonate at a particular frequency 
in a ham band or a group of ham bands. Instead, a discone 
functions as a sort of high-pass filter, efficiently radiating RF 
all the way from the low-frequency design cutoff to the high- 
frequency limits imposed by the physical design. 

While VHF discones have been available out-of-the- 
box for many years, HF discones are rare indeed. Some 
articles have dealt with HF discones, where the number of 
disc elements and cone wires was minimized to cut costs or 
to simplify construction. While the minimalist approach is 
fine if the sought-after results really are obtained, W8NWF 
believes in building his discones without compromise. 


History of the Discone 


The July 1949 and July 1950 issues of CQ magazine 
both contained excellent articles on discones. The first ar- 
ticle, by Joseph M. Boyer, W6UYH, said that the discone 
was developed and used by the military during World War 
II. (See Bibliography.) The exact configuration of the top 
disc and cone was the brainchild of Armig G. Kandonian. 
Boyer described three VHF models, plus information on 
how to build them, radiation patterns, and most importantly, 
a detailed description of how they work. He referred to the 


discone as a type of “coaxial taper transformer.” 

The July 1950 article was by Mack Seybold, W2RYI. 
He described an | 1-MHz version he built on his garage roof. 
The mast actually fit through the roof to allow lowering the 
antenna for service. Seybold stated that his 11-MHz discone 
would load up on 2 meters but that performance was down 
10 dB compared to his 100-MHz Birdcage discone. He com- 
mented that this was caused by the relatively large spacing 
between the disc and cone. Actually, the performance degra- 
dation he found was caused by the wave angle lifting upward 
at high frequencies. The cone wires were electrically long, 
causing them to act like long wire antennas. See Fig 49. 


W8NWF’s First Discone: the A-Frame Discone 


The first discone was one designed to cover 20 through 
10 meters without requiring an antenna tuner. The cone as- 
sembly uses 18-foot long wires, with a 60° included apex 
angle and a 12-foot diameter disc assembly. See Fig 50 and 
Fig 51. The whole thing was assembled on the ground, with 
the feed coax and all guys attached. Then with the aid of 
some friends, it was pulled up into position. 

The author used a 40-foot tall wooden “A-frame” mast, 
made of three 22-foot-long 2 x 4s. He primed the mast with 
sealer and then gave it two coats of red barn paint to make 
it look nice and last a long time. The disc hub was a 12-inch 
length of 3-inch schedule-40 PVC plumbing pipe. The PVC 
is very tough, slightly ductile, and easy to drill and cut. PVC 
is well suited for RF power at the feed point of the antenna. 

Three 12-foot by 0.375-inch OD pieces of 6061 alu- 
minum, with 0.058-inch wall thickness, were used for the 
12-foot diameter top disc. These were cut in half to make the 
center portions of the six telescoping spreaders. Four twelve 
foot by 0.250-inch OD (0.035-inch wall thickness) tubes were 
cut into 12 pieces, each 40 inches long. This gave extension 
tips for each end of the six spreaders. 

See Fig 52 for details on the disc hub assembly. 
W8NWFE started by drilling six holes straight through the 
PVC for the six spreaders, accurately and squarely, starting 
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Fig49—Computed elevation plot over average ground for 
W8NWFP’s small discone at 146 MHz, ten times its design 
frequency range. The cone wires are acting as long-wire 
antennas, distorting severely the low-elevation angle 
response, even though the feed-point impedance is close 
to 50 ©. 
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Fig 50—Photo of W8NWF’s original 
A-frame mounted HF discone. 


about two inches down from the top and spaced radially every 
30°. Each hole is 0.375 inches below the plane of the previous 
one. Take great care in drilling—a poor job now will look 
bad from the ground up for a long time! It’s a good idea to 
make up a paper template beforehand. Tape this to the PVC 
hub and then drill the holes, which should make for a close 
fit with the elements. If you goof, start over with a new piece 
of PVC—it’s cheap. 

Each six-foot spreader tube was secured exactly in the 
center to clear a 6-32 threaded brass rod that secured the 
elements mechanically and electrically. A two-foot long by 
“s-inch OD wooden dowel was inserted into the middle of 
each six-foot length of tubing. The dowel added strength and 
also prevented crushing the element when the nuts on the 
threaded rod were tightened. 

Insert the 40-inch long extensions four inches into each 
end of the six-foot spreaders. Mark and drill holes to pin the 
telescoping tips, plus holes big enough to clear #18 soft-drawn 
copper wire. This was for the inner circumferential wire for 
the disc. Drill a single hole for #18 wire about “4 inch from 
each extension element tip, through which passes the outer 
circumferential wire. Finally, insert all 6-foot elements into 

the PVC hub and line up the holes in 
the center so the brass rod could be 
inserted through the middle to secure 
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the elements. 
The next step is to “chisel to 
fit” the top of my wooden mast to 
Be ine nee allow the PVC to slide down on 
60° apex angle it about six or seven inches. For 
convenience, place the whole mast 
assembly in a horizontal position on 
top of two clothesline poles and one 
Six nylon or black Dacron stepladder. . 
cone guy lines Place the disc head assembly 
over the top of the mast, but don’t 
secure it yet. This allows for rota- 
tion while adding the disc spreader 
extensions. A tip for safety: tie white 
pieces of cloth to the ends of ele- 
ments near eye level. Just remember 
to remove them before raising the 
antenna. 

For a long-lasting installation, 
use an anti-corrosion compound, 
such as Penetrox, when assembling 
the aluminum antenna elements. 
As the extensions are added, secure 
them in the innermost of the two holes 
with a short piece of #18 wire. Then 
run a wire through the remaining 
holes looping each element as you go. 





Mast guy wires 
2 sets of 3 with 
egg insulators 


Fig 51—Detailed drawing of the A-frame discone for 14 to 30 MHz. The disc 


assembly at the top of the A-frame is 12 feet in diameter. There are 45 cone 
wires, each 18 feet long, making a 60° included angle of the cone. This antenna 
works very well over the design frequency range. 
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This gives added support laterally to 
the elements. Next add a #18 wire to 
the tips of the extensions in the same 
fashion. This provides even more 
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physical stability as well as making electrical connections. 

Next, pin the PVC disk hub to the wooden mast with 
a %-inch threaded rod. This is also the point where the cone 
wires are attached, using a loop of #12 stranded copper wire 
around the PVC. Solder each cone wire to this loop, together 
with the coax shield braid. Make sure the loop of #12 wire 
is large enough to make soldering possible without burning 
the PVC with the soldering iron. 

Connect the coax center conductor to the disc assembly 
by securing it with the same 6-32 threaded rod that ties all the 
disc elements together. Make sure to use coax-seal compound 
to keep moisture out of the coax. The coax is then fed down 
the mast and secured in a few places to provide strain relief 
and to keep it out of the way of the cone wires. 

Use two sets of three guy wires. Break these up with 
egg insulators, just to be sure there won’t be any interaction 
with the antenna. Use 45 wires of #18 soft-drawn copper wire 


\ Loop of 12ga. stranded 


wire for connecting 
cone wires 


Center Lead of Coax 


Shielded Braid of Coax 


Fig 52—Details of the top hub for 
the A-frame discone. The three-inch 
PVC pipe was drilled to hold the six 
spreaders making up the top disc. 
Connections for the shield of the 
feed coax were made to the disc. 
The coax center conductor was 
connected to the cone-wire assembly 
by means of a loop of #12 stranded 
wire encircling the outside of the 
PVC hub. 


50-— coax feed line 


for the cone, 18 feet long each. Cut them a little long so they 
can be soldered to the connecting loop. 

A difficult task is now at hand—keeping all the cone 
wires from getting tangled! Solder each of the 45 cone wires 
to the loop of #12 wire, spacing each wire about “ inch from 
the last one for an even distribution all the way around. 

The cone base is 18 feet in diameter to provide a 60° 
included angle. At the base of the cone, use five 12-foot long 
aluminum straps, | inche wide by % inch thick, overlapping 
8/4 inches and fastened together with aluminum rivets. Drill 
holes along the strap every 15 inches to secure the cone 
wires. 

Make sure to handle the aluminum strap carefully while 
fastening the cone wire ends; too sharp of a bend could 
possibly break it. Fasten six small-diameter nylon lines to 
the cone-base aluminum strap to stabilize the cone. These 
cone-guys share the same guy stakes as the mast guy lines. 
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After cutting the nylon lines, heat the frayed ends of each 
with a small flame to prevent unraveling. Apply several coats 
of clear protective spray to the disk head assembly, after 
checking that all hardware is tight. A rain cap at the top of 
the PVC disc hub completes construction. 


Putting It All Up 


You are going to need a lot of help now to raise this an- 
tenna. Have the whole process fully thought out before trying 
to raise it. You should have the spot selected for the base of 
the mast and some pipes driven into the ground to prevent 
the mast from slipping sideways as it is being pulled up. The 
three guy stakes should be in place, 23 feet, 1/4 inches from 
mast center. Of course, the guys should have been cut to the 
correct length, with some extra. Be sure the coax transmission 
line will come off the mast where it should. A long length 
of rope to an upper and lower guy line is used to pull up the 
whole works. 

The author used an old trick of standing an exten- 
sion ladder vertically near the antenna base with the pull 
lines looped over the top rung to get a good lift angle. The 
weight added to the mast from the antenna disc assembly 
and cone wires is about 26 pounds, most of it from the cone 
assembly. Use two strong people to pull up the antenna 
slowly so that the other helpers on the guy wires and cone 
guy lines have time to move about as required. As the antenna 
rises to the vertical position, if there are no snafus, the guy 
lines can be secured. Then tie the six cone lines to stakes. 


A Really Big Discone 


When an opportunity arose to buy 
a 64-foot self-supporting TV tower, the 
author jumped at the chance to imple- 
ment a full 7 to 30-MHz discone. His 
new tower had eight sections, each 
eight feet long. Counting the overlap 
between sections, the cone wires would 
come off the tower at about the 61.5- 
foot mark. 

W8NWE took some liberties 
with the design of this larger discone 
compared to the first one, which he 
had done strictly “by the book.” The 
first change was to make the cone 
wires 70 feet long, even though the 
formula said they should be 38 feet 
long. Further, the cone wires would not 
be connected together at the bottom. 
With the longer cone wires, he felt that 
75 and 80-meter operation might be a 
possibility. 


Fig 53—The large W8NWF discone, 
designed for operation from 7 to 
14 MHz, but useable with a tuning 
network in the shack for 3.8 MHz. 
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The second major change was to widen the apex angle 
out from 60° to about 78°. Modeling said this should produce 
a flatter SWR over the frequency spectrum and would also 
give a better guy system for the tower. 

The topside disc assembly would be 27 feet in diameter 
and have 16 radial spreaders, using telescoping aluminum 
tubing tapering from *% to 2 to % inches OD. All spread- 
ers were made from 0.058-inch wall thickness 6063-T832 
aluminum tubing, available from Texas Towers. A section 
of 10-inch PVC plumbing pipe would be used as the hub for 
construction of the disc assembly. 


Construction Details for the Large Discone. 


While installing the tower, the author had left the top 
section on the ground. This allowed him to fit the disc head 
assembly precisely to it. Fig 53 shows the overall plan for the 
large discone. The 10-inch diameter PVC hub was designed 
to slip over the tower top section, but was a little too large. So 
a set of shims was installed on the three legs at the top of the 
tower for a just-right fit. Drilling the PVC pipe for the eight 
%-inch OD elements was started about an inch down from the 
top. W8NWE purposely staggered the drilled holes in the same 
fashion as the hub for the smaller antenna. See Fig 54. 

Again, three-foot sections of 42-inch wooden dowel were 
used to strengthen the %-inch center portion of each spreader. 
Instead of using a loop of #12 wire for connecting the cone 
wires, as had been done on the smaller discone, he drilled 
36 holes in the PVC hub. These holes are small enough so 
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Fig 54—Photo showing details of the hub assembly for 
the large discone, including the threaded brass rod that 
connects the radial spreaders together. The 10-inch PVC 
pipe is drilled to accommodate the radial spreaders. Each 
spreader is reinforced with a three-foot long wooden 
dowel inside for crush resistance. Note the row of holes 
drilled below the lowest spreader. Each of the 36 cone 
wire passes through one of these holes. 


that the PVC hub would not be weakened appreciably. He 
drilled the circles of holes for the cone wires about 6 inches 
below the disc spreaders. 

He prepared a three-foot long piece of RG-213 coax, 
permanently fastened on one end to the antenna, with a female 
type-N connector at the other end. Type-N fittings were used 
because of their superior waterproofing abilities. The coax 
center lead was connected with a terminal lug under a nut 
on the brass threaded rod securing the disc spreaders. The 
coax shield braid was folded back over a six-inch long cop- 
per pipe and clamped to it with a stainless-steel hose clamp. 
See Fig 55 for details. 











Fig 55—Details of the copper pipe slipped over the feed 
coax. The coax shield has been folded back over the 
copper pipe and secured with two stainless-steel hose 
clamps. The cone wires are also laid against the copper 
pipe and secured with additional hose clamps. 


The plan was that after the top disc assembly had been 
hoisted up and attached at the top of the tower, individual cone 
wires would be fed, one at a time, through the small holes 
drilled in the PVC. They were to be laid against the copper 
pipe and secured with stainless-steel hose clamps. 

The “% and %-inch OD spreader extension tips were 
secured in place with two aluminum pop-rivets at each joint. 
Again, the author used anti-oxidant compound on all spreader 
junctions. He drilled a hole horizontally near the tip of each 
¥s-inch tip all around the perimeter to allow a #8 aluminum 
wire to circle the entire disc. A small stainless-steel sheet- 
metal screw was threaded into the end of each element to 
secure the wire. 

In parallel with the aluminum wire, 
a length of small-diameter black Dacron 
line was run, securing it in a couple of 
places between each set of spreaders 
with UV-resistant plastic tie-wraps. The 
reason for doing this was to hold the 
aluminum wire in position and to prevent 
it from dangling, in case it should break 
some years in the future. Two coats of 
clear protective spray were applied for 
protection. 

A truss system helps prevent the 
disc from sagging due to its own weight. 
See Fig 56 for details. This shows the 
completed disk assembly mounted on the 


Fig 56—Photo of the spreader hub 
assembly, showing the truss ropes 
above and below the radial spreaders. 
This is a very rugged assembly! 
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top of the tower. A 3-foot length of 2-inch PVC pipe was used 
for a truss mast above the disc assembly, notching the bottom 
of the pipe so that it would form a saddle over the top couple 
of spreaders. This gave a good foothold. He cut a circle of 
thin sheet aluminum to fit over the 10-inch PVC to serve as 
a rain cap. The cap has a hole in the center for the two-inch 
PVC truss mast to pass through, thereby holding it down tight. 
The author sprayed a few light coats of paint over the PVC 
for protection from ultraviolet radiation from the sun. 

Sixteen small-diameter black Dacron ropes were con- 
nected at the top of the truss support mast, with the other ends 
fastened to the disc spreaders, halfway out. Another rain cap 
was added to the top of the two-inch PVC truss mast. Eight 
lengths of the same small diameter Dacron rope were added 
halfway out the length of every other spreader. These ropes 
are meant to be tied back to the tower, to prevent updrafts 
from blowing the disc assembly upwards. Small egg insula- 
tors were used near the spot where the eight bottom trusses 
were tied to the disc spreaders, just to be sure there would 
be no RF leakage in rainy weather. 

Hoisting the completed disc assembly to the top of the 
tower can be done easily, with the assistance of at least two 
others. The trickiest part is to get the disc assembly from 
its position sitting flat on the ground to the vertical position 
needed for hoisting it up the tower without damaging it. The 
disc assembly weighs about 35 pounds. Someone at the top 
of the tower will receive the disc as it is hoisted up by gin 
pole, and can mount it on the tower top. 

You should prepare three 6-foot long metal braces going 
over the outside of the PVC to fasten to the tower legs. They 
really beef things up. 

In plastic irrigation pipe buried between the house and 
tower base, the author ran 100 feet of 9086 low-loss coax 
to the shack. For cone wires, he was able to obtain some 
#18 copperclad steel wire, with heavy black insulation that 
looked a lot like neoprene. The cone system takes a lot of 
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Fig 57—Photo showing some of the 
fence posts used to hold individual 
cone wires to keep them off the ground 
and out of harm’s way. The truck in 

the background is carting away the 
A-frame discone for installation at 
KA8UNO’s QTH. 


wire: 36 x 70 feet = 2520 feet, plus some extra at each end 
for termination. You’d be well advised to look around at 
hamfests to save money. 

As each cone wire was connected at the top of the tower, 
a helper should place the other end at its proper spot below. 
The lower end of each cone wire is secured to an insulator 
screwed into a fencepost. See Fig 57. There are 36 treated- 
pine fenceposts, each standing about 5” feet tall, 45 feet from 
the tower base to hold the lower end of the cone wires. This 
makes mowing the grass easier and the cone wires are less 
likely to be tripped over too. 

On the final trip down the tower, the eight Dacron 
downward-truss lines were tied back to the tower about 6 feet 
below the disc assembly. The author’s tower has three ground 
rods driven near the base, connected with heavy copper wire 
to the three tower legs. 
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Fig 58—Computed patterns showing elevation response 
of small discone at 28.5 MHz compared to that of the 
larger discone at 28.5 MHz. The cone wires are clearly 
too long for efficient operation on 10 meters, producing 
unwanted high-angle lobes that rob power from the 
desirable low-elevation angles. 


Performance Tests 


On the air tests proved to be very satisfying. Loading up 
on 40 meters was easy—the SWR was 1:1 across the entire 
band. W8NWE can work all directions very well and receives 
excellent signal reports from DX stations. When he switches 
to his long (333 foot) center-fed dipole for comparison, he 
finds the dipole is much noisier and that received signals 
are weaker. During the daytime, nearby stations (less than 
about 300 to 500 miles) can be louder with the dipole, but 
the discone can work them just fine also. 

The author happily reports that this antenna even works 
well on 75 meters. As you might expect, it doesn’t present 
a 1:1 match. However, the SWR is between 3.5:1 and 5.5:1 
across the band. W8NWF uses an antenna tuner to operate 
the discone on 75. It seems to get out as well on 75 as it does 
on 40 meters. 

The SWR on 30 meters is about 1.1:1. On 20 meters the 
SWR runs from 1.05:1 at 14.0 MHz to 1.4:1 at 14.3 MHz. 
The SWR on the 17, 15, 12 and 10-meter bands varies, going 
up to a high of 3.5:1 on 12 meters. 


Radiation Patterns for the Discones 


From modeling using NEC/Wires by K6STI, W8NWF 
verified that the low-angle performance for the bigger antenna 
is worse than that for the smaller discone on the upper fre- 
quencies. See Fig 58 for an elevation-pattern comparison on 
10 meters for both antennas, with average ground constants. 
The azimuth patterns are simply circles. Radiation patterns 
produced by antenna modeling programs are very helpful to 
determine what to expect from an antenna. 

The smaller discone, which was built by the book, 
displays good, low-angle lobes on 20 through 10 meters. 
The frequency range of 14 through 28 MHz is an octave’s 
worth of coverage. It met his expectations in every way by 
covering this frequency span with low SWR and a low angle 
of radiation. 

The bigger discone, with a modified cone suitable for 
use on 75 meters, presents a little different story. The low- 
angle lobe on 40 meters works well, and 75-meter perfor- 
mance also is good, although an antenna tuner is necessary 
on this band. The 30-meter band has a good low-angle lobe 
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Fig 59—Computed elevation-response patterns for the 
larger W8NWF discone for 3.8, 7.2 and 21.2 MHz operation. 
Again, as in Fig 58, the pattern degrades at 21.2 MHz, 
although it is still reasonably efficient, if not optimal. 


but secondary high-angle lobes are starting to hurt perfor- 
mance. Note that 30 meters is roughly three times the design 
frequency of the cone. On 20 and 17 meters there still are 
good low-angle lobes but more and more power is wasted in 
high-angle lobes. 

The operation on 15, 12, and 10 meters continues to 
worsen for the larger discone. The message here is that 
although a discone may have a decent SWR as high as 10 
times the design frequency, its radiation pattern is not neces- 
sarily good for low-angle communications. See Fig 59 for a 
comparison of elevation patterns for 3.8, 7.2 and 21.2 MHz 
on the larger discone. 

A discone antenna built according to formula will work 
predictably and without any adjustments. One can modify the 
antenna’s cone length and apex angle without fear of render- 
ing it useless. The broadband feature of the discone makes it 
attractive to use on the HF bands. The low angle of radiation 
makes DX a real possibility, and the discone is also much 
less noisy on receive than a dipole. 

Probably the biggest drawback to an HF discone is its 
bulky size. There is no disguising this antenna! However, if 
you live in the countryside you should be able to put up a 
nice one. 
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Harmonic Radiation from Multiband Antennas 


Since a multiband antenna is intentionally designed for 
operation on a number of different frequencies, any harmonics 
or spurious frequencies that happen to coincide with one of the 
antenna resonant frequencies will be radiated with very little, if 
any, attenuation. Particular care should be exercised, therefore, 
to prevent such harmonics from reaching the antenna. 

Multiband antennas using tuned feeders have a certain 
inherent amount of built-in protection against such radiation, 
since it is nearly always necessary to use a tuned coupling 
circuit (antenna tuner) between the transmitter and the feeder. 
This adds considerable selectivity to the system and helps to 
discriminate against frequencies other than the desired one. 

Multiple dipoles and trap antennas do not have this 
feature, since the objective in design is to make the antenna 
show as nearly as possible the same resistive impedance in 
all the amateur bands the antenna is intended to cover. It is 
advisable to conduct tests with other amateur stations to de- 
termine whether harmonics of the transmitting frequency can 
be heard at a distance of, say, a mile or so. If they can, more 
selectivity should be added to the system since a harmonic 
that is heard locally, even if weak, may be quite strong at a 
distance because of propagation conditions. 


BIBLIOGRAPHY 


Source material and more extended discussion of topics 
covered in this chapter can be found in the references given 
below and in the textbooks listed at the end of Chapter 2, 
Antenna Fundamentals. 


H. B. Barkley, The Open-Sleeve As A Broadband Antenna, 
Technical Report No. 14, U.S. Naval Postgraduate School, 
Monterey, CA, Jun 1955. 

W. M. Bell, “A Trap Collinear Antenna,” QST, Aug 1963, 


pp 30-31. 
J. S. Belrose, “The HF Discone Antenna,” QST, Jul 1975, 
pp 11-14, 56. 


J. Belrose and P. Bouliane, “The Off-Center-Fed Dipole 
Revisited: A Broadband, Multiband Antenna,’ OST, Oct 
1990, p 40. 

H. J. Berg, “Multiband Operation with Paralleled Dipoles,” 
OST, Jul 1956. 

E. L. Bock, J. A. Nelson and A. Dorne, “Sleeve Antennas,” 
Very High Frequency Techniques, H. J. Reich, ed. (New 
York: McGraw-Hill, 1947), Chap 5. 

J. T. Bolljahn and J. V. N. Granger, “Omnidirectional VHF 
and UHF Antennas,” Antenna Engineering Handbook , 
H. Jasik, ed. (New York: McGraw-Hill, 1961) pp 27-32 
through 27-34. 

J. M. Boyer, W6UYH, “Discone--40 to 500 Mc Skywire,” 
CQ, July 1949, p 11. 

G. A. Breed, K9AY, “Multi-Frequency Antenna Technique 
Uses Closely-Coupled Resonators,” RF Design, 
November 1994. US Patent 5,489,914, “Method of 
Constructing Multiple-Frequency Dipole or Monopole 


7-34 $Chapter 7 


Antenna Elements Using Closely-Coupled Resonators,” 
Gary A. Breed, Feb 6, 1996. 

G. H. Brown, “The Phase and Magnitude of Earth Currents 
Near Radio Transmitting Antennas,” Proc. IRE, Feb 
1935. 

G. H. Brown, R. F. Lewis and J. Epstein, “Ground Systems 
as a Factor in Antenna Efficiency,” Proc. IRE , Jun 1937, 
pp 753-787. 

C. L. Buchanan, “The Multimatch Antenna System,” QST, 
Mar 1955. 

R. A. Cox, “The Open-Sleeve Antenna,” CQ, Aug 1983, pp 
13-19. 

D. DeMaw, “Lightweight Trap Antennas—Some Thoughts,” 
OST, Jun 1983, p 15. 

W. C. Gann, “A Center-Fed ‘Zepp’ for 80 and 40,” QST, 
May 1966. 

D. Geiser, “An Inexpensive Multiband VHF Antenna,” QST, 
Dec 1978, pp 28-29. 

A. Greenberg, “Simple Trap Construction for the Multiband 
Antenna,” QST, Oct 1956. 

G. L. Hall, “Trap Antennas,’ Technical Correspondence, OST, 
Nov 1981, pp 49-50. 

W. Hayward, “Designing Trap Antennas,’ Technical Cor- 
respondence, OST, Aug 1976, p 38. 

R. H. Johns, “Dual-Frequency Antenna Traps,” QST, Nov 
1983, p 27. 

A. G. Kandoian, “Three New Antenna Types and Their Ap- 
plications,” Proc IEE, Vol 34, Feb 1946, pp 70W-75W. 

R. W. P. King, Theory of Linear Antennas (Cambridge, MA: 
Harvard Univ Press, 1956), pp 407-427. 

W. J. Lattin, “Multiband Antennas Using Decoupling Stubs,” 
OST, Dec 1960. 

W. J. Lattin, “Antenna Traps of Spiral Delay Line,’ QST, 
Nov 1972, pp 13-15. 

M. A. Logan, “Coaxial-Cable Traps,” Technical Correspon- 
dence, OST, Aug 1985, p 43. 

J.R. Mathison, “Inexpensive Traps for Wire Antennas,” OST, 
Aug 1977, p 18. 

L. McCoy, “An Easy-to-Make Coax-Fed Multiband Trap 
Dipole,’ OST, Dec 1964. 

M. Mims, “The Mims Signal Squirter,’ QST, Dec 1939, 
p 12. 

G. E. O’ Neil, “Trapping the Mysteries of Trapped Antennas,” 
Ham Radio, Oct 1981, pp 10-16. 

B. Orr, W6SAI, “Radio FUNdamentals,’ The Open-Sleeve 
Dipole, CQ, February 1995. 

E. W. Pappenfus, “The Conical Monopole Antenna,” QST, 
Nov 1966, pp 21-24. 

L. Richard, “Parallel Dipoles of 300-Ohm Ribbon,” QST, 
Mar 1957. 

R. Severns, N6LF, “A Wideband 80-Meter Dipole,’ QST, 
July 1995. 

R. R. Shellenback, “Try the ‘TJ’,”’ OST, Jun 1982, p 18. 

R. R. Shellenback, “The JF Array,’ OST, Nov 1982, p 26. 


H. Scholle and R. Steins, “Eine Doppel-Windom Antenna 
fur Acht Bander,” cq-DL, Sep 1983, p 427. (In English: 
QST, Aug 1990, pp 33-34.) 

T. H. Schiller, N6BT, President, Force 12, US Patent 
5,995,061, “No loss, multi-band, adaptable antenna,” 
Nov 30, 1999. 

M. Seybold, W2RYI, “The Low-Frequency Discone,’ CQ, 
July 1950, p 13. 

D. P. Shafer, “Four-Band Dipole with Traps,’ QST, Oct 
1958. 

R. C. Sommer, “Optimizing Coaxial-Cable Traps,” QST, 


Dec 1984, p 37. 

L. Varney, “The GSRV Multiband Antenna . . . Up-to-Date,” 
The ARRL Antenna Compendium, Vol I (Newington: 
ARRL, 1985), pp 86. 

R. Wilson, AL7KK, “The Offset Multiband Trapless Antenna 
(OMTA),” QST, October 1995. 

L. G. Windom, “Notes on Ethereal Antennas,’ QST, Sep 
1929, pp 19-22, 84. 

W. I. Orr, W6SAI, editor, “The Low-Frequency Discone,” 
RADIO Handbook, 14th Edition, (Editors and Engineers, 
1956), p 369. 


Multiband Antennas 7-35 


Chapter 8 





Multielement Arrays 


The gain and directivity offered by an array of elements 
represents a worthwhile improvement both in transmitting 
and receiving. Power gain in an antenna is the same as an 
equivalent increase in the transmitter power. But unlike 
increasing the power of your own transmitter, antenna gain 
works equally well on signals received from the favored 
direction. In addition, the directivity reduces the strength of 
signals coming from the directions not favored, and so helps 
discriminate against interference. 

One common method of obtaining gain and directivity 
is to combine the radiation from a group of 4/2 dipoles to 
concentrate it in a desired direction. A few words of explana- 
tion may help make it clear how power gain is obtained. 

In Fig 1, imagine that the four circles, A, B, C and D, 
represent four dipoles so far separated from each other that 
the coupling between them is negligible. Also imagine that 
point P is so far away from the dipoles that the distance from 
P to each one is exactly the same (obviously P would have to 
be much farther away than it is shown in this drawing). Under 
these conditions the fields from all the dipoles will add up at 
P if all four are fed RF currents in the same phase. 

Let us say that a certain current, I, in dipole A will 
produce a certain value of field strength, E, at the distant 
point P. The same current in any of the other dipoles will 
produce the same field at P. Thus, if only dipoles A and B 
are operating, each with a current I, the field at P will be 2E. 
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Fig 1—Fields from separate antennas combine at a distant 
point, P, to produce a field strength that exceeds the field 
produced by the same power in a single antenna. 


With A, B and C operating, the field will be 3E, and with all 
four operating with the same I, the field will be 4E. Since 
the power received at P is proportional to the square of the 
field strength, the relative power received at P is 1, 4, 9 or 
16, depending on whether one, two, three or four dipoles 
are operating. 

Now, since all four dipoles are alike and there is no 
coupling between them, the same power must be put into 
each in order to cause the current I to flow. For two dipoles 
the relative power input is 2, for three dipoles it is 3, for 
four dipoles 4, and so on. The actual gain in each case is the 
relative received (or output) power divided by the relative 
input power. Thus we have the results shown in Table 1. 
The power ratio is directly proportional to the number of 
elements used. 

It is well to have clearly in mind the conditions under 
which this relationship is true: 

1) The fields from the separate antenna elements must 
be in-phase at the receiving point. 

2) The elements are identical, with equal currents in 
all elements. 

3) The elements must be separated in such a way that 
the current induced in one by another is negligible; that is, 
the radiation resistance of each element must be the same as 
it would be if the other elements were not there. 

Very few antenna arrays meet all these conditions 
exactly. However, the power gain of a directive array using 
dipole elements with optimum values of element spacing 
is approximately proportional to the number of elements. 





Table 1 
Comparison of Dipoles with Negligible Coupling 
(See Fig 1) 


Relative Relative Gain 
Output Input Power in 
Dipoles Power Power Gain dB 
A only 1 1 1 0 
AandB 4 2 2 3 
A, BandC 9 3 3 4.8 
A,B,C andD 16 4 4 6 
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Another way to say this is that a gain of approximately 3 dB 
will be obtained each time the number of elements is doubled, 
assuming the proper element spacing is maintained. It is pos- 
sible, though, for an estimate based on this rule to be in error 
by a ratio factor of two or more (gain error of 3 dB or more), 
especially if mutual coupling is not negligible. 


DEFINITIONS 


An element in a multi-element directive array is usu- 
ally a A/2 radiator or a 4/4 vertical element above ground. 
The length is not always an exact electrical half or quarter 
wavelength, because in some types of arrays it is desirable 
that the element show either inductive or capacitive reactance. 
However, the departure in length from resonance is ordinarily 
small (not more than 5% in the usual case) and so has no ap- 
preciable effect on the radiating properties of the element. 

Antenna elements in multi-element arrays of the type 
considered in this chapter are always either parallel, as in 
Fig 2A , or collinear (end-to-end), as in Fig 2B. Fig 2C shows 
an array combining both parallel and collinear elements. The 
elements can be either horizontal or vertical, depending on 
whether horizontal or vertical polarization is desired. Except 
for space communications, there is seldom any reason for 
mixing polarization, so arrays are customarily constructed 
with all elements similarly polarized. 

A driven element is one supplied power from the 
transmitter, usually through a transmission line. A parasitic 
element is one that obtains power solely through coupling 
to another element in the array because of its proximity to 
such an element. 

A driven array is one in which all the elements are 
driven elements. A parasitic array is one in which one or 
more of the elements are parasitic elements. At least one 
element must be a driven element, since you must somehow 
introduce power into the array. 

A broadside array is one in which the principal direc- 
tion of radiation is perpendicular to the axis of the array and 
to the plane containing the elements, as shown in Fig 3. The 
elements of a broadside array may be collinear, as in Fig 3A, 
or parallel (two views in Fig 3B). 

An end-fire array is one in which the principal direction 
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Fig 2—At A, parallel and at B, collinear antenna elements. 


The array shown at C combines both parallel and collinear 
elements. 
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of radiation coincides with the direction of the array axis. 
This definition is illustrated in Fig 4. An end-fire array must 
consist of parallel elements. They cannot be collinear, as 2/2 
elements do not radiate straight off their ends. A Yagi is a 
familiar form of an end-fire array. 

A bidirectional array is one that radiates equally well 
in either direction along the line of maximum radiation. A 
bidirectional pattern is shown in Fig 5A. A unidirectional 
array is one that has only one principal direction of radiation, 
as the pattern in Fig 5B shows. 

The major lobes of the directive pattern are those in 
which the radiation is maximum. Lobes of lesser radiation 
intensity are called minor lobes. The beamwidth of a directive 
antenna is the width, in degrees, of the major lobe between the 
two directions at which the relative radiated power is equal to 
one half its value at the peak of the lobe. At these half-power 
points the field intensity is equal to 0.707 times its maximum 
value, or in other words, is down 3 dB from the maximum. 
Fig 6 shows a lobe having a beamwidth of 30°. 

Unless specified otherwise, the term gain as used in this 
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Fig 3—Representative broadside arrays. At A, collinear 
elements, with parallel elements at B. 
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Fig 4—An end-fire array. Practical arrays may combine 
both broadside directivity (Fig 3) and end-fire directivity, 
including both parallel and collinear elements. 


section is the power gain over an isotropic radiator in free 
space. The gain can also be compared with a /2 dipole of the 
same orientation and height as the array under discussion and 
having the same power input. Gain may either be measured 
experimentally or determined by calculation. Experimental 
measurement is difficult and often subject to consider- 
able error, for two reasons. First, errors normally occur in 
measurement because the accuracy of simple RF measuring 





Major 
Lobe 











ANT0300 (A) (B) 


Fig 5—At A, typical bidirectional pattern and at B, 
unidirectional directive pattern. These drawings also 
illustrate the application of the terms major and minor to 
the pattern lobes. 
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Fig 6—The width of a beam is the angular distance 
between the directions at which the received or 
transmitted power is half the maximum power (—3 dB). 
Each angular division of the pattern grid is 5°. 


equipment is relatively poor—even high-quality instruments 
suffer in accuracy compared with their low-frequency and dc 
counterparts. And second, the accuracy depends considerably 
on conditions—the antenna site, including height, terrain 
characteristics, and surroundings—under which the measure- 
ments are made. 

Calculations are frequently based on the measured or 
theoretical directive patterns of the antenna (see Chapter 2). 
The theoretical gain of an array may be determined approxi- 
mately from: 


41,253 


G = 10 log 
H 98v 





(Eq 1) 


where 


G = decibel gain over a dipole in its favored direction 
01; = horizontal half-power beamwidth in degrees 
Oy = vertical half-power beamwidth in degrees. 


This equation, strictly speaking, applies only to lossless 
antennas having approximately equal and narrow E- and H- 
plane beam widths—up to about 20°—and no large minor 
lobes. The E and H planes are discussed in Chapter 2. The 
error may be considerable when the formula is applied to 
simple directive antennas having relatively large beam widths. 
The error is in the direction of making the calculated gain 
larger than the actual gain. 

Front-to-back ratio (F/B) is the ratio of the power 
radiated in the favored direction to the power radiated in 
the opposite direction. See Chapter 11 for a discussion of 
front-to-back ratio, and its close cousin, worst-case front- 
to-rear ratio. 


Phase 

The term phase has the same meaning when used in 
connection with the currents flowing in antenna elements as 
it does in ordinary circuit work. For example, two currents 
are in-phase when they reach their maximum values, flowing 
in the same direction, at the same instant. The direction of 
current flow depends on the way in which power is applied 
to the element. 

This is illustrated in Fig 7. Assume that by some means 
an identical voltage is applied to each of the elements at the 
ends marked A. Assume also that the coupling between the 
elements is negligible, and that the instantaneous polarity of 
the voltage is such that the current is flowing away from the 
point at which the voltage is applied. The arrows show the 
assumed current directions. Then the currents in elements | 
and 2 are in-phase, since they are flowing in the same direc- 
tion in space and are caused by the same voltage. However, 
the current in element 3 is flowing in the opposite direction 
in space because the voltage is applied to the opposite end 
of the element. The current in element 3 is therefore 180° 
out-of-phase with the currents in elements | and 2. 

The phasing of driven elements depends on the direc- 
tion of the element, the phase of the applied voltage, and the 
point at which the voltage is applied. In many systems used 
by amateurs, the voltages applied to the elements are exactly 
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Fig 7—This drawing illustrates the phase of currents 
in antenna elements, represented by the arrows. The 
currents in elements 1 and 2 are in phase, while that in 
element 3 is 180° out of phase with 1 and 2. 


in or exactly out-of-phase with each other. Also, the axes of 
the elements are nearly always in the same direction, since 
parallel or collinear elements are invariably used. The cur- 
rents in driven elements in such systems therefore are usually 
either exactly in or exactly out-of-phase with the currents in 
other elements. 

It is possible to use phase differences of less than 180° 
in driven arrays. One important case is where the current in 
one set of elements differs by 90° from the current in another 
set. However, making provision for proper phasing in such 
systems is considerably more complex than in the case of 
simple 0° or 180° phasing, as described in a later section of 
this chapter. 

In parasitic arrays the phase of the currents in the 
parasitic elements depends on the spacing and tuning, as 
described later. 


Ground Effects 


The effect of the ground is the same with a directive 
antenna as it is with a simple dipole antenna. The reflection 
factors discussed in Chapter 3 may therefore be applied to 
the vertical pattern of an array, subject to the same modifi- 
cations mentioned in that chapter. In cases where the array 
elements are not all at the same height, the reflection factor 
for the mean height of the array may be used for a close ap- 
proximation. The mean height is the average of the heights 
measured from the ground to the centers of the lowest and 
highest elements. 


MUTUAL IMPEDANCE 


Consider two 4/2 elements that are fairly close to each 
other. Assume that power is applied to only one element, 
causing current to flow. This creates an electromagnetic field, 
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which induces a voltage in the second element and causes 
current to flow in it as well. The current flowing in element 2 
will in turn induce a voltage in element 1, causing additional 
current to flow there. The total current in | is then the sum 
(taking phase into account) of the original current and the 
induced current. 

With element 2 present, the amplitude and phase of the 
resulting current in element | will be different than if element 
2 were not there. This indicates that the presence of the second 
element has changed the impedance of the first. This effect is 
called mutual coupling. Mutual coupling results in a mutual 
impedance between the two elements. The mutual impedance 
has both resistive and reactive components. The actual imped- 
ance of an antenna element is the sum of its self-impedance 
(the impedance with no other antennas present) and its mutual 
impedances with all other antennas in the vicinity. 

The magnitude and nature of the feed-point impedance 
of the first antenna depends on the amplitude of the current 
induced in it by the second, and on the phase relationship 
between the original and induced currents. The amplitude and 
phase of the induced current depend on the spacing between 
the antennas and whether or not the second antenna is tuned 
to resonance. 

In the discussion of the several preceding paragraphs, 
power is applied to only one of the two elements. Do not 
interpret this to mean that mutual coupling exists only in 
parasitic arrays! It is important to remember that mutual 
coupling exists between any two conductors that are located 
near one another. 


Amplitude of Induced Current 


The induced current will be largest when the two anten- 
nas are close together and are parallel. Under these conditions 
the voltage induced in the second antenna by the first, and in 
the first by the second, has its greatest value and causes the 
largest current flow. The coupling decreases as the parallel 
antennas are moved farther apart. 

The coupling between collinear antennas is com- 
paratively small, and so the mutual impedance between such 
antennas is likewise small. It is not negligible, however. 


Phase Relationships 

When the separation between two antennas is an ap- 
preciable fraction of a wavelength, a measurable period of 
time elapses before the field from antenna | reaches antenna 
2. There is a similar time lapse before the field set up by the 
current in number 2 gets back to induce a current in number 
1. Hence the current induced in antenna | by antenna 2 will 
have a phase relationship with the original current in antenna 
1 that depends on the spacing between the two antennas. 

The induced current can range all the way from be- 
ing completely in-phase with the original current to being 
completely out-of-phase with it. If the currents are in-phase, 
the total current is larger than the original current and the 
antenna feed-point impedance is reduced. If the currents are 
out-of-phase, the total current is smaller and the impedance 


is increased. At intermediate phase relationships the imped- 
ance will be lowered or raised depending on whether the 
induced current is mostly in or mostly out-of-phase with the 
original current. 

Except in the special cases when the induced current 
is exactly in or out-of-phase with the original current, the 
induced current causes the phase of the total current to shift 
with respect to the applied voltage. Consequently, the pres- 
ence of a second antenna nearby may cause the impedance of 
an antenna to be reactive—that is, the antenna will be detuned 
from resonance—even though its self-impedance is entirely 
resistive. The amount of detuning depends on the magnitude 
and phase of the induced current. 


Tuning Conditions 

A third factor that affects the impedance of antenna 
1 when antenna 2 is present is the tuning of number 2. If 
antenna 2 is not exactly resonant, the current that flows in 
it as a result of the induced voltage will either lead or lag 
the phase it would have if the antenna were resonant. This 
causes an additional phase advance or delay that affects the 
phase of the current induced back in antenna 1. Such a phase 
lag has an effect similar to a change in the spacing between 
self-resonant antennas. However, a change in tuning is not 
exactly equivalent to a change in spacing because the two 
methods do not have the same effect on the amplitude of the 
induced current. 


MUTUAL IMPEDANCE AND GAIN 


The mutual coupling between antennas is important 
because it can have a significant effect on the amount of 
current that will flow for a given amount of power supplied. 
And it is the amount of current flowing that determines the 
field strength from the antenna. Other things being equal, if 
the mutual coupling between two antennas is such that the 
currents are greater for the same total power than would be 
the case if the two antennas were not coupled, the power gain 
will be greater than that shown in Table 1. 

On the other hand, if the mutual coupling is such as to 
reduce the current, the gain will be less than if the antennas 
were not coupled. The term mutual coupling, as used in this 
paragraph, assumes that the mutual impedance between ele- 
ments is taken into account, along with the added effects of 
propagation delay because of element spacing and element 
tuning or phasing. 

The calculation of mutual impedance between antennas 
is acomplex problem. Data for two simple but important cases 
are graphed in Figs 8 and 9. These graphs do not show the mu- 
tual impedance, but instead show a more useful quantity—the 
feed-point resistance measured at the center of an antenna as 
it is affected by the spacing between two antennas. 

As shown by the solid curve in Fig 8, the feed-point 
resistance at the center of either antenna, when the two are 
self-resonant, parallel, and operated in-phase, decreases as 
the spacing between them is increased until the spacing is 
about 0.7 2. This is a broadside array. The maximum gain 
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Fig 8—Feed-point resistance measured at the center of 
one element as a function of the spacing between two 
parallel ‘4-A self-resonant antenna elements. For ground- 
mounted %-) vertical elements, divide these resistances 
by two. 


is achieved from a pair of such elements when the spacing 
is in this region, because the current is larger for the same 
power and the fields from the two arrive in-phase at a distant 
point placed on a line perpendicular to the line joining the 
two antennas. 

The dashed line in Fig 8, representing two antennas 
operated 180° out-of-phase (end-fire), cannot be interpreted 
quite so simply. The feed-point resistance decreases with 
spacing decreasing less than about 0.6 A in this case. How- 
ever, for the range of spacings considered, only when the 
spacing is 0.5 A do the fields from the two antennas add up 
exactly in phase at a distant point in the favored direction. 
At smaller spacings the fields become increasingly out-of- 
phase, so the total field is less than the simple sum of the two. 
Smaller spacings thus decrease the gain at the same time that 
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Fig 9—Feed-point resistance measured at the center of 
one element as a function of the spacing between the 
ends of two collinear self-resonant 14-) antenna elements 
operated in phase. 
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the reduction in feed-point resistance is increasing it. For a 
lossless antenna, the gain goes through a maximum when the 
spacing is in the region of % 2. 

The feed-point resistance curve for two collinear ele- 
ments in-phase, Fig 9, shows that the feed-point resistance 
decreases and goes through a broad minimum in the region 
of 0.4 to 0.6-A spacing between the adjacent ends of the 
antennas. As the minimum is not significantly less than the 
feed-point resistance of an isolated antenna, the gain will not 
exceed the gain calculated on the basis of uncoupled antennas. 
That is, the best that two collinear elements will give, even 
with optimum spacing, is a power gain of about 2 (3 dB). 
When the separation between the ends is very small—the 
usual method of operation—the gain is reduced. 


GAIN AND ARRAY DIMENSIONS 


The gain of an array is principally determined by the 
dimensions of the array, so long as there are a minimum num- 
ber of elements. A good example of this is the relationship 
between boom length, gain and number of elements for an 
array such as a Yagi. Fig 10 compares the gain versus boom 
length for Yagis with different numbers of elements. For 
given number of elements, notice that the gain increases as the 
boom length increases, up to a maximum. Beyond this point, 
longer boom lengths result in less gain for a given number of 
elements. This observation does not mean that it is always 
desirable to use only the minimum number of elements. Other 
considerations of array performance, such as front-to-back 
ratio, minor lobe amplitudes or operating bandwidth, may 
make it advantageous to use more than the minimum number 
of elements for a given array length. A specific example of 
this is presented in a later section in a comparison between 
a half-square, a bobtail curtain and a Bruce array. 

In a broadside array the gain is a function of both the 
length and width of the array. The gain can be increased by 
adding more elements (with additional spacing) or by using 
longer elements (>A/2), although the use of longer elements 
requires proper attention to current phase in the elements. In 
general, in a broadside array the element spacing that gives 
maximum gain for a minimum number of elements, is in the 
range of 0.5 to 0.7 4. Broadside arrays with elements spaced 
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Fig 10—Yagi gain for 3, 4, 5, 6 and 7-element beams as a 
function of boom length. (From Yagi Antenna Design, 
J. Lawson, W2PV.) 


for maximum gain will frequently have significant side lobes 
and associated narrowing of the main lobe beamwidth. Side 
lobes can be reduced by using more than the minimum number 
of elements, spaced closer than the maximum gain distance. 

Additional gain can be obtained by expanding the array 
into a third dimension. An example of this is the stacking 
of endfire arrays in a broadside configuration. In the case 
of stacked short endfire arrays, maximum gain occurs with 
spacings in the region of 0.5 to 0.7 A. However, for longer 
higher-gain end-fire arrays, larger spacing is required to 
achieve maximum gain. This is important in VHF and UHF 
arrays, which often use long-boom Yagis. 


PARASITIC ARRAYS 


The foregoing applies to multi-element arrays of both 
types, driven and parasitic. However, there are special con- 
siderations for driven arrays that do not necessarily apply to 
parasitic arrays, and vice versa. Such considerations for Yagi 
and quad parasitic arrays are presented in Chapters 11 and 12. 
The remainder of this chapter is devoted to driven arrays. 


Driven Arrays 


Driven arrays in general are either broadside or end-fire, 
and may consist of collinear elements, parallel elements, 
or a combination of both. From a practical standpoint, 
the maximum number of usable elements depends on the 
frequency and the space available for the antenna. Fairly 
elaborate arrays, using as many as 16 or even 32 elements, 
can be installed in a rather small space when the operating 
frequency is in the VHF range, and more at UHF. At lower 
frequencies the construction of antennas with a large number 
of elements is impractical for most amateurs. 
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Of course the simplest of driven arrays is one with just 
two elements. If the elements are collinear, they are always 
fed in-phase. The effects of mutual coupling are not great, as 
illustrated in Fig 9. Therefore, feeding power to each element 
in the presence of the other presents no significant problems. 
This may not be the case when the elements are parallel to 
each other. However, because the combination of spacing 
and phasing arrangements for parallel elements is infinite, 
the number of possible radiation patterns is endless. 

This is illustrated in Fig 11. When the elements are fed 


in-phase, a broadside pattern always results. At spacings of 
less than % 2 with the elements fed 180° out-of-phase, an 
end-fire pattern always results. With intermediate amounts of 
phase difference, the results cannot be so simply stated. Pat- 
terns evolve that are not symmetrical in all four quadrants. 
Because of the effects of mutual coupling between the 
two driven elements, for a given power input greater or lesser 
currents will flow in each element with changes in spacing 
and phasing, as described earlier. This, in turn, affects the 
gain of the array in a way that cannot be shown merely by 
plotting the shapes of the patterns, as has been done in Fig 11. 
Therefore, supplemental gain information is also shown in 
Fig 11, adjacent to the pattern plot for each combination of 
spacing and phasing. The gain figures shown are referenced 
to a single element. For example, a pair of elements fed 90° 
apart at a spacing of A/4 will have a gain in the direction of 
maximum radiation of 3.1 dB over a single element. 


Current Distribution in Phased Arrays 

In the plots of Fig 11, the two elements are assumed 
to be identical and self-resonant. In addition, currents of 
equal amplitude are assumed to be flowing at the feed point 
of each element, a condition that most often will not exist in 
practice without devoting special consideration to the feeder 
system. Such considerations are discussed in the next section 
of this chapter. 

Most literature for radio amateurs concerning phased 
arrays is based on the assumption that if all elements in the 
array are identical, the current distribution in all the elements 
will be identical. This distribution is presumed to be that of 
a single, isolated element, or nearly sinusoidal. However, 
information published in the professional literature as early 
as the 1940s indicates the existence of dissimilar current dis- 
tributions among the elements of phased arrays. (See Harrison 
and King references in the Bibliography.) Lewallen, in July 
1990 QST, pointed out the causes and effects of dissimilar 
current distributions. 

In essence, even though the two elements in a phased 
array may be identical and have exactly equal currents of the 
desired phase flowing at the feed point, the amplitude and 
phase relationships degenerate with departure from the feed 
point. This happens any time the phase relationship is not 0° 
or 180°. Thus, the field strengths produced at a distant point 


by the individual elements may differ. This is because the 
field from each element is determined by the distribution of 
the current, as well as its magnitude and phase. 

The effects are minimal with shortened elements—verti- 
cals less than 4/4 or dipoles less than 1/2 long. The effects on 
radiation patterns begin to show at the above resonant lengths, 
and become profound with longer elements—A/2 or longer 
verticals and 1 4 or longer center-fed elements. These effects 
are less pronounced with thin elements. The amplitude and 
phase degeneration takes place because the currents in the 
array elements are not sinusoidal. Even in two-element arrays 
with phasing of 0° or 180°, the currents are not sinusoidal, but 
in these two special cases they do remain identical. 

The pattern plots of Fig 11 take element current 
distributions into account. The visible results of dissimilar 
distributions are incomplete nulls in some patterns and 
the development of very small minor lobes in others. For 
example, the pattern for a phased array with 90° spacing 
and 90° phasing has traditionally been published in amateur 
literature as a cardioid with a perfect null in the rear direction. 
Fig 11, calculated for 7.15-MHz self-resonant dipoles of #12 
wire in free space, shows a minor lobe at the rear and only a 
33-dB front-to-back ratio. 

It is characteristic of broadside arrays that the power 
gain is proportional to the length of the array but is substan- 
tially independent of the number of elements used, provided 
the optimum element spacing is not exceeded. This means, 
for example, that a five-element array and a six-element ar- 
ray will have the same gain, provided the elements in both 
are spaced so the overall array length is the same. Although 
this principle is seldom used for the purpose of reducing the 
number of elements because of complications introduced in 
feeding power to each element in the proper phase, it does 
illustrate the fact that there is nothing to be gained, in terms of 
more gain, by increasing the number of elements if the space 
occupied by the antenna is not increased proportionally. 

Generally speaking, the maximum gain in the smallest 
linear dimensions will result when the antenna combines 
both broadside and end-fire directivity and uses both paral- 
lel and collinear elements. In this way the antenna is spread 
over a greater volume of space, which has the same effect 
as extending its length to a much greater extent in one linear 
direction. 
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Fig 11—H-plane patterns of two identical parallel driven elements, spaced and phased as indicated (S = spacing, 

o = phasing). The elements are aligned with the vertical (0°-180°) axis, and the element nearer the 0° direction (top of 
page) is of lagging phase at angles other than 0°. The two elements are assumed to be thin and self-resonant, with equal- 
amplitude currents flowing at the feed point. See text regarding current distributions. The gain figure associated with 
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each pattern indicates that of the array over a single element. The plots represent the horizontal or azimuth pattern at a 0° 
elevation angle of two 14-) vertical elements over a perfect conductor, or the free-space vertical or elevation pattern of two 
horizontal '4-), elements when viewed on end, with one element above the other. (Patterns computed with ELNEC—see 
Bibliography.) 
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Phased Array Techniques 


Phased antenna arrays have become increasingly popu- 
lar for amateur use, particularly on the lower frequency bands, 
where they provide one of the few practical methods to obtain 
substantial gain and directivity. This section on phased-array 
techniques was written by Roy Lewallen, W7EL. 

The operation and limitations of phased arrays, how to 
design feed systems to make them work properly and how 
to make necessary tests and adjustments are discussed in the 
pages that follow. The examples deal primarily with vertical 
HF arrays, but the principles apply to VHF/UHF arrays and 
arrays made from other element types as well. 


OVERVIEW 


Much of this chapter is devoted to techniques for 
feeding phased arrays. Many people who have a limited 
acquaintance with phased array techniques believe this is a 
simple problem, consisting only of connecting array elements 
through “phasing lines” consisting of transmission lines of 
the desired electrical lengths. Unfortunately, except for a very 
few special cases, this approach won’t achieve the desired 
array pattern. 

Other proposed universal solutions, such as hybrid cou- 
plers or Wilkinson or other power dividers, also usually fail to 
achieve the necessary phasing. These approaches sometimes 
produce—often more by accident than design—tresults good 
enough to mislead the user into believing that the simple 
approach is working as planned. Confusion can result when 
an approach fails to work in different circumstances. This 
section will explain why the simple solutions don’t work 
as often thought, and how to design feed systems that do 
consistently produce the desired results. 

Very briefly, the reason why the simple phasing-line 
approach fails is that the delay of current or voltage in a 
transmission line equals the line’s electrical length only if 
the line is terminated in its characteristic impedance. And in 
phased arrays, element feed-point impedances are profoundly 
affected by mutual coupling. 

Consequently, even if each element has the correct 
impedance when isolated, it won’t when all elements are 
excited. Furthermore, transmission lines that are not termi- 
nated in their characteristic impedance will transform both 
the voltage and current magnitude. The net result is that the 
array elements will have neither the correct magnitudes nor 
phases of current necessary for proper operation except in a 
few special cases. This isn’t a minor effect of concern only 
to perfectionists, but often a major one that causes significant 
pattern distortion and poor or mislocated nulls. The problem 
is examined in greater depth later. 

Power dividers and hybrid couplers also fail to achieve 
the desired result for different reasons, which will be dis- 
cussed below, although in one common application hybrid 
couplers fortuitously provide results that are acceptable to 
many users. This chapter will show how to design array 
feed systems that will produce predicted element currents 
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and array patterns. 

Various EZNEC models are provided to illustrate con- 
cepts presented in this chapter. They can all be viewed with 
the EZNEC-ARRL software furnished on the CD included 
with this book. Step-by-step instructions for the examples 
are given in Appendix A. 


FUNDAMENTALS OF PHASED ARRAYS 


The performance of a phased array is determined by 
several factors. Most significant among these are the char- 
acteristics of a single element, reinforcement or cancellation 
of the fields from the elements and the effects of mutual 
coupling. To understand the operation of phased arrays, it 
is first necessary to understand the operation of a single 
antenna element. 

Of primary importance is the strength of the field 
produced by the element. The field radiated from a linear 
(straight) element, such as a dipole or vertical monopole, is 
proportional to the sum of the elementary currents flowing 
in each part of the antenna element. For this discussion it 
is important to understand what determines the current in a 
single element. 

The amount of current flowing at the base of a ground 
mounted vertical or ground-plane antenna is given by the 
familiar formula 


I= (Eq 2) 


P 

R 

where 

P is the power supplied to the antenna 
R is the feed-point resistance. 


R consists of two parts, the loss resistance and the 
radiation resistance. The loss resistance, R> includes losses 
in the conductor, in the matching and loading components 
and dominantly (in the case of ground-mounted verticals) in 
ground losses. The power “dissipated” in the radiation resis- 
tance, R,, is actually the power that is radiated, so maximizing 
the power dissipated by the radiation resistance is desirable. 
However, the power dissipated in the loss resistance truly is 
lost as heat, so resistive losses should be made as small as 
possible. 

The radiation resistance of an element can be derived 
from electromagnetic field theory, being a function of antenna 
length, diameter and geometry. Graphs of radiation resistance 
versus antenna length are given in Chapter 2. The radiation 
resistance of a thin resonant 4/4 ground-mounted vertical is 
about 36 Q. A resonant A/2 dipole in free space has a radiation 
resistance of twice this amount, about 73 ©. Reducing the 
antenna lengths by one half drops the radiation resistances 
to approximately 7 and 14 Q, respectively. 

The radiation resistance of a large variety of antennas 
can easily be determined by using EZNEC-ARRL, which is 
included on the CD in the back of this book. The radiation 
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Fig 12—Simplified equivalent circuit for a single-element 
resonant antenna. Rp represents the radiation resistance, 
and R, the ohmic losses in the total antenna system. 


resistance is simply the feed-point resistance (the resistive 
part of the feed-point impedance) when all losses have been 
set to zero. 


Radiation Efficiency 

To generate a stronger field from a given radiator, it is 
necessary to increase the power P (the brute-force solution), 
decrease the loss resistance R, (by putting in a more elaborate 
ground system for a vertical, for instance) or to somehow 
decrease the radiation resistance R, so more current will flow 
with a given power input. This can be seen by expanding the 
formula for base current as 


ne (2 
Re + Ry 


Splitting the feed-point resistance into components R, 
and R, easily leads to an understanding of element efficiency. 
The efficiency of an element is the proportion of the total 
power that is actually radiated. The roles of R, and R, in 
determining efficiency can be seen by analyzing a simple 
equivalent circuit, shown in Fig 12. 

The power dissipated in R, (the radiated power) equals 
PR,. The total power supplied to the antenna system is 


P=P(R, +R,) (Eq 4) 


so the efficiency (the fraction of supplied power that is actu- 
ally radiated) is 


(Eq 3) 


Ie a Re 


Eff = = 
I’ (Rp + Ry) Rae + Ry 





(Eq 5) 


Efficiency is frequently expressed in percent, but ex- 
pressing it in decibels relative to a 100%-efficient radiator 
gives a better idea of what to expect in the way of signal 
strength. The field strength of an element relative to a lossless 
but otherwise identical element, in dB, is 


FSG = 10 log Rr 


— Eq 6 
Re + Ry rag 


where FSG = field strength gain, dB. 


For example, information presented by Sevick in March 
1973 QST shows that a A/4 ground-mounted vertical antenna 
with four 0.2-A radials has a feed-point resistance of about 
65 Q (see the Bibliography at the end of this chapter). The 
efficiency of such a system is 36/65 = 55.4%. It is rather 
disheartening to think that, of 100 W fed to the antenna, only 
55 W is being radiated, with the remainder literally warming 
up the ground. Yet the signal will be only 10 log (36/65) = 
—2.57 dB relative to the same vertical with a perfect ground 
system. In view of this information, trading a small reduction 
in signal strength for lower cost and greater simplicity may 
become an attractive consideration. 

So far, only the current at the base of a resonant antenna 
has been discussed, but the field is proportional to the sum of 
currents in each tiny part of the antenna. The field is a func- 
tion of not only the magnitude of current flowing at the feed 
point, but also the distribution of current along the radiator 
and the length of the radiator. Nothing can be done at the 
feed point to change the current distribution, so for a given 
element the field strength is proportional to the feed point 
current. However, changing the radiator length or loading 
it at some point other than the feed point will change the 
current distribution. 

More information on shortened or loaded radiators 
may be found in Chapters 2 and 6 and in the Bibliography 
references of this chapter. The current distribution is also 
changed by mutual coupling to other array elements, although 
for most arrays this has only a minor effect on the pattern. 
This is discussed later in more detail. A few other important 
facts follow. 

1) If there is no loss, the field from even an infinitesi- 
mally short radiator is less than 2 dB weaker than the field 
from a half-wave dipole or quarter-wave vertical. Without 
loss, all the supplied power is radiated regardless of the 
antenna length, so the only factor influencing gain is the 
slight difference in the patterns of very short and 4/2 antennas. 
The small pattern difference arises from different current dis- 
tributions. A short antenna has a very low radiation resistance, 
resulting in a heavy current flow over its short length. In the 
absence of loss, this generates a field strength comparable 
to that of a longer antenna. Where loss is present—that is, in 
practical antennas—shorter radiators usually don’t do so well, 
since the low radiation resistance leads to lower efficiency 
for a given loss resistance. If care is taken, reasonably short 
antennas can achieve good efficiency. 

2) Care has to be taken in calculating the efficiency of 
folded antennas. (See Chapter 6.) Folding transforms both the 
radiation resistance and loss resistance by the same factor, so 
their ratio and therefore the efficiency remains the same. It’s 
easy to show that in a ground-mounted vertical array, folding 
reduces the current flowing from the feed line to the ground 
system by a factor of two due to the impedance transforma- 
tion. However, the folded antenna has an additional connec- 
tion to ground, which also carries half the original ground 
current. The result is that the same amount of current flows 
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into the ground system, whether unfolded or folded, result- 
ing in the same ground system loss. Analyses purporting to 
show otherwise invariably transform the radiation resistance 
but neglect to also transform the loss resistance and reach an 
incorrect conclusion. 

3) The current flowing in an element with a given power 
input can be increased or decreased by mutual coupling to 
other elements. The effect is equivalent to changing the 
element radiation resistance. Mutual coupling is sometimes 
thought of as a minor effect, but often it is not minor! 


Field Reinforcement and Cancellation 


The mechanism by which phased arrays produce gain, 
and the role of mutual coupling in determining gain, were 
covered earlier in this chapter. One important point that can’t 
be emphasized enough is that all antennas must abide by 
the law of conservation of energy. No antenna can radiate 
more power than supplied to it. The total amount of power 
it radiates is the amount it’s supplied, less the amount lost as 
heat. This is true of all antennas, from the smallest “rubber 
ducky” to the most gigantic array. 


Gain 

Gain is strictly a relative measure, so the term is com- 
pletely meaningless unless accompanied by a statement of 
just what it is relative to. One useful measure for phased array 
gain is gain relative to a single similar element. This is the 
increase in signal strength that would be obtained by replacing 
a single element by an array made from elements just like 
it. In some instances, such as investigating what happens to 
array performance when all elements become more lossy, 
it’s useful to state gain relative to a more absolute, although 
unattainable standard: a lossless element. 

And the most universal reference for gain is another 
unattainable standard, the isotropic radiator. This fictional 
antenna radiates absolutely equally in all directions. It’s very 
useful because the field strength resulting from any power 
input is readily calculated, so if the gain relative to this 
standard is known, the field strength is also known for any 
radiated power. Gain relative to this reference is referred to 
as dBi, and it’s the standard used by most modeling programs 
including EZNEC-ARRL. To find the gain of an array rela- 
tive to a single element or other reference antenna such as a 
dipole, model both the array and the single element or other 
reference antenna in the same environment and subtract their 
dBi gains. Don’t rely on some assumption about the gain of 
a single element—many people assume values that can be 
very wrong. 


Nulls 


Pattern nulls are very often more important to users of 
phased arrays than gain because of their importance in reducing 
both man-made and natural interference when receiving. Con- 
sequently, a good deal of emphasis is, and should be, placed 
on achieving good pattern nulls. Unfortunately, good nulls are 
much more difficult to achieve than gain and they are much 
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more sensitive to array and feed-system imperfections. 

As an illustration, consider two elements that each 
produce a field strength of, say, exactly | millivolt per meter 
(mV/m) at some distance many wavelengths from the array. 
In the direction in which the fields from the elements are 
in-phase, a total field of 2 mV/m results. In the direction in 
which they’re out-of-phase, zero field results. The ratio of 
maximum to minimum field strength of this array is 2/0, or 
infinity. 

Now suppose, instead, that one field is 10% high and 
the other 10% low—1.1 and 0.9 mV/m, respectively. In the 
forward direction, the field strength is still 2 mV/m, but in the 
canceling direction, the field will be 0.2 mV/m. The front- 
to-back ratio has dropped from infinity to 2/0.2, or 20 dB. 
(Actually, slightly more power is required to redistribute the 
field strengths this way, so the forward gain is reduced—but 
by only a small amount, less than 0.1 dB.) For most arrays, 
unequal fields from the elements have a minor effect on 
forward gain, but a major effect on pattern nulls. This is il- 
lustrated by EZNEC Example: Nulls in Appendix A. 

Even with perfect current balance, deep nulls aren’t 
assured. Fig 13 shows the minimum spacing required for total 
field reinforcement or cancellation. If the element spacing 
isn’t adequate, there may be no direction in which the fields 
are completely out-of-phase (see curve B of Fig 13). Slight 
physical and environmental differences between elements 
will invariably affect null depths, and null depths will also 
vary with elevation angle. 

However, a properly designed and fed array can produce 
very impressive nulls. The key to producing good nulls, like 
producing gain, is controlling the strengths and phases of 
the fields from the elements. Just how to accomplish that is 
the subject of most of the remainder of this section. But be 
sure to keep in mind that producing good nulls is generally 
a much more difficult task than producing approximately 
the predicted gain. 
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Fig 13—Minimum element spacing required for total field 
reinforcement, curve A, or total field cancellation, curve B. 
Total cancellation results in pattern nulls in one or more 
directions. Total reinforcement does not necessarily mean 
there is gain over a single element, as the effects of loss 
and mutual coupling must also be considered. 


Mutual Coupling 


Mutual coupling was discussed briefly earlier in this 
chapter. Because it has an important and profound effect 
on both the performance and feed system design of phased 
arrays, it will be covered in greater depth here. 

Mutual coupling refers to the effects which the ele- 
ments in an array have on each other. Mutual coupling can 
occur intentionally or entirely unintentionally. People with 
multiple antennas on a small lot (or car top) often discover 
that a better description of their system is a single antenna 
with multiple feed points. Current is induced in conductors in 
various antennas by mutual coupling, causing them to act like 
parasitic elements, which re-radiate and distort the antenna’s 
pattern. The effects of mutual coupling are present whether 
or not the elements are driven. 

Suppose that two driven elements are many wavelengths 
from each other. Each has some voltage and current at its feed 
point. For each element, the ratio of this voltage to current 
is the element self-impedance. If the elements are brought 
close to each other, the current in each element will change in 
magnitude and phase because of coupling with the field from 
the other element. The field from the first element changes 
the current in the second. This changes the field from the 
second, which alters the current in the first, and so forth until 
an equilibrium condition is reached in which the currents in 
all elements (hence, their fields) are totally interdependent. 

The feed-point impedances of all elements also are 
changed from their values when far apart, and all are depen- 
dent on each other. In a driven array, the changes in feed-point 
impedances can cause additional changes in element currents, 
because the operation of many feed systems depends on the 
element feed-point impedances. Significant mutual coupling 
occurs at spacings as great as a wavelength or more. 

Connecting the elements to a feed system to form a 
driven array does not eliminate the effects of mutual cou- 
pling. In fact, in many driven arrays the mutual coupling has 
a greater effect on antenna operation than the feed system 
does. All feed-system designs must account for the impedance 
changes caused by mutual coupling if the desired current 
balance and phasing are to be achieved. 

Several general statements can be made regarding the 
effects of mutual coupling on phased-array systems. 


1) The resistances and reactances of all elements of 
an array generally will be substantially different from the 
values when the elements are isolated (that is, very distant 
from other elements). 

2) If the elements of a two-element array are identical 
and have equal currents that are in-phase or 180° out-of- 
phase, the feed-point impedances of the two elements will be 
equal. But they will be different than for an isolated element. 
If the two elements are part of a larger array, their impedances 
can be very different from each other. 

3) If the elements of a two-element array have currents 
that are neither in-phase (0°) nor out-of-phase (180°), their 
feed-point impedances will not be equal. The difference will 
be considerable in typical amateur arrays. 


4) The feed-point resistances of the elements in a closely 
spaced, 180° out-of-phase array will be very low, resulting 
in poor efficiency due to ohmic losses unless care is taken to 
minimize loss. This is also true for any other closely spaced 
array with significant predicted gain. 

It’s essential to realize that this is not a minor effect 
and one that can be overlooked or ignored. See EZNEC Ex- 
ample—Mutual Coupling in Appendix A for an illustration 
of these phenomena. 


Loss Resistance, 
Mutual Coupling and Antenna Gain 

Loss reduces the effects of mutual coupling because 
the feed-point impedance change resulting from mutual 
coupling is effectively in series with loss resistance. If the 
loss is great enough, two important results occur. First, the 
feed-point impedance becomes independent of the presence 
of nearby current-carrying elements. This greatly simplifies 
feed system design—the simple “phasing-line” or hybrid- 
coupler feed system described below is adequate provided 
that all elements are physically identical and the feed point 
of each element is matched to the Zo of the feed line and, if 
used, the hybrid coupler. 

The impedance matching restrictions are necessary to 
insure that the phasing line or hybrid coupler performs as 
expected. Identical elements are needed so that equal element 
currents will result in equal fields from the elements. 

In the absence of mutual coupling effects, the maximum 
gain of an array of identical elements relative to a single 
(similarly lossy) element is simply 10 log(N), where N is 
the number of elements—providing that spacing is adequate 
for the fields to fully reinforce in some direction. If spacing 
is less, maximum gain will also be less. Of course, the array 
gain relative to a single Jossless element will be very low, 
most likely a sizeable negative number when expressed in 
dB. So intentionally introducing loss isn’t a wise idea for a 
transmitting array. It is sometimes an advantageous thing to 
do for a receiving array, however, as explained in the fol- 
lowing section. 

High-gain close-spaced arrays, such as the W8JK 
phased array (see EZNEC-ARRL example file ARRL_W8JK. 
EZ and accompanying Antenna Notes file), and most parasitic 
arrays depend heavily on mutual coupling to achieve their 
gain. Introduction of any loss to these arrays, which reduces 
the mutual coupling effects, has a profound effect on the gain. 
Consequently, parasitic or close-spaced driven arrays often 
produce disappointing results when made from grounded 
vertical elements unless each has a fairly elaborate (and 
therefore very low-loss) ground system. 

If you place two low-loss elements very close together 
and feed them in-phase, mutual coupling reduces the array 
gain to essentially that of a single element, so there’s no ad- 
vantage to this configuration over a single element. However, 
if you have a single lossy element, for example a short vertical 
having a relatively poor ground system, you can improve the 
gain by up to 3 dB by adding a second, close spaced, element 
and ground system and feeding the two in-phase. Another 
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way to look at this technique is that you’re putting two equal 
ground system resistances in parallel, which effectively cuts 
the loss in half. The gain you can realize in practice depends 
on such things as the ground system overlap, but it might be 
a practical way to improve transmitting array performance 
in some situations. 


FEEDING PHASED ARRAYS 


The previous section explains why the fields from the 
elements must be very close to the ratios required by the array 
design. Since the field strengths are proportional to the currents 
in the elements, controlling the fields requires controlling the ele- 
ment currents. Since the desired current ratio is 1:1 for virtually 
all two-element and for most (but not all) larger amateur arrays, 
special attention is paid to methods of assuring equal element 
currents. But we will examine other current ratios also. 


The Role of Element Currents 

The field from a conductor is proportional to the current 
flowing on it. So if we’re to control the relative strengths 
and phases of the fields from the elements, we have to 
control their currents. We usually do this by controlling the 
currents at the element feed points. But because the field 
from an element depends on the current everywhere along 
the element, elements having identical feed-point currents 
will produce different fields if they have different current 
distributions—that is, if the way the current varies along the 
lengths of the elements is different. 

A previous section explained that mutual coupling alters 
the current distribution, so in many arrays the current distribu- 
tions will be different on the elements and consequently the 
relationship between the overall fields won’t be the same as 
that between the feed-point currents. Fortunately, this effect is 
relatively minor in thin, A/4 monopole or A/2 dipole elements. 
The most common arrays are made from elements in this 
category, so we can generally get very nearly the desired ratio 
of fields by effecting the same ratio of feed point currents. 
Exceptions are detailed immediately below. 


Feed-point vs Element Current 

For most antennas, environmental factors are likely to 
cause greater performance anomalies than current distribu- 
tion differences, and both can be corrected with minor feed 
system adjustments. The difference between field and feed- 
point current ratios can become very significant, however, if 
the elements are very fat and/or close to 4/2 (monopole) or 
1 A (dipole) long. In those cases, most of the feed systems 
described here won’t produce the desired field ratios without 
major adjustment or modification, except in the special cases 
of 2-element arrays with identical elements having feed point 
currents in-phase or 180° out-of-phase. In those special cases, 
the element current distributions are the same for the same 
reason the feed-point impedances are equal. This is explained 
later in the feed system sections. 

To get an idea of just how large an element must be to 
disturb the pattern of an array with correct feed-point currents, 
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atwo-element cardioid array of quarter wave vertical elements 
was modeled at 10 MHz. With thin, 0.1-inch diameter ele- 
ments, the front/back ratio was 35 dB, the very small reverse 
lobe caused by slightly unequal element current distributions. 
Increasing the element diameter to 20 inches decreased the 
front/back ratio to 20 dB. Returning the front/back ratio of 
the array of 20-inch elements to >35 dB required changing 
the feed-point current ratio from the nominal value of 1.0 at 
an angle of 90° to 0.88 at 83°. 

The same array was first modeled with 0.1 inch diameter 
elements, where it has a front/back ratio of 35 dB, then the 
elements were lengthened. The front/back ratio dropped to 
20 dB at an element length of 36 feet, or about 0.37 2. In that 
case, adjustment of the feed-point current ratio to about 0.9 
at about 83° restored a good front/back ratio. 

In the discussion and development which follow, the 
assumption is made that the fields will be very nearly pro- 
portional to the feed-point currents. If the elements are fat or 
long enough to make this assumption untrue, some adjustment 
of feed-point current ratio will be necessary to achieve the 
desired pattern, particularly nulls. Most feed systems can be 
designed for any current ratio. Modeling will reveal the ratio 
required for the desired pattern, and then the feed system can 
be designed accordingly. 


COMMON PHASED-ARRAY FEED 
SYSTEMS 


This section will first describe several popular ap- 
proaches to feeding phased arrays that often don’t produce 
the desired results. It will describe why they don’t work as 
well as hoped. It also briefly discusses systems that could 
be used, but that often aren’t appropriate or optimum for 
amateur arrays. 

This will be followed in the next section by detailed de- 
scriptions of array feed systems that do produce the predicted 
element current ratios and array patterns. 


The “Phasing-Line” Approach 

For an array to produce the desired pattern, the element 
currents must have the required magnitude and the required 
phase relationship. As explained above, this can generally be 
achieved well enough by causing the feed point currents to have 
that same relationship. 

On the surface, this sounds easy—just make sure that the 
difference in electrical lengths of the feed lines to the elements 
equals the desired phase angle. Unfortunately, this approach 
doesn’t necessarily achieve the desired result. The first prob- 
lem is that the phase shift through the line is not equal to its 
electrical length. The current (or, for that matter, voltage) delay 
in a transmission line is equal to its electrical length in only a 
few special cases—cases which don’t exist in most amateur 
arrays! The impedance of an element in an array is frequently 
very different from the impedance of an isolated element and 
the impedances of all the elements in an array can be different 
from each other. 

See the EZNEC Example—Mutual Coupling in Appen- 


dix A for a graphic illustration of the effect of mutual coupling 
on feed-point impedance. Also look at the Four-Square array 
example in the Phased Array Design Examples section. The 
array in that example has one element with anegative feed-point 
resistance, if ground loss is low. Without mutual coupling, the 
resistance of that same element would be about 36 © plus 
ground loss. 

Because of mutual coupling, the elements seldom provide a 
matched load for the element feed lines. The effect of mismatch 
on phase shift can be seen in Fig 14. Observe what happens to 
the phase of the current and voltage on a line terminated by a 
purely resistive impedance that is lower than the characteristic 
impedance of the line (Fig 14A). At a point 45° from the load 
the current has advanced less than 45°, and the voltage more 
than 45°. At 90° from the load both are advanced 90°. At 135° 
the current has advanced more and the voltage less than 135°. 
This apparent slowing down and speeding up of the current and 
voltage waves is caused by interference between the forward and 
reflected waves. It occurs on any line that is not terminated with 
a pure resistance equal to its characteristic impedance. If the load 
resistance is greater than the characteristic impedance of the line, 
as shown in Fig 14B, the voltage and current exchange angles. 
Adding reactance to the load causes additional phase shift. The 
only cases in which the current (or voltage) delay is equal to the 
electrical length of the line are 

1) When the line is flat; that is, terminated in a purely 
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Fig 14—Resultant voltages and currents along a 
mismatched line. At A, R less than Zo, and at B, 
R greater than Zp. 


resistive load equal to its characteristic impedance; 

2) When the line length is an integral number of half 
wavelengths; 

3) When the line length is an odd number of quarter 
wavelengths and the load is purely resistive; and 

4) When other specific lengths are used for specific 
load impedances. 

Just how much phase error can be expected if two feed 
lines are simply hooked up to form an array? There is no 
simple answer. Some casually designed feed systems might 
deliver satisfactory results, but most will not. See the EZNEC 
Example—“Phasing-Line” Feed in Appendix A for the 
typical consequences of using this sort of feed system. 

A second problem with simply connecting feed lines of 
different lengths to the elements is that the lines will change 
the magnitudes of the currents. The magnitude of the current 
(or voltage) out of a line does not equal the magnitude into 
that line, except in cases 1, 2 and 4 above. The feed systems 
presented later in this chapter assure currents that are correct 
in both magnitude and phase. 

The elementary phasing-line approach will work 
in three very special but common situations. If the array 
consists of only two identical elements and those elements 
are fed in-phase, mutual coupling will modify the element 
impedances, but both will be modified exactly the same 
amount. Consequently, if the two elements are fed through 
equal-length transmission lines, the lines will transform and 
delay the currents by the same amount and result in equal, 
in-phase currents at the element feed points. 

Similarly, an array of two identical elements fed 180° 
out-of-phase will have the same feed-point impedances and 
can be fed with two lines of any length so long as one line is 
an electrical half wavelength longer than the other. But this 
can’t be extended to any two elements in a larger array, since 
mutual coupling to the other elements can result in different 
feed-point impedances. Methods will be described later which 
do assure a correct current ratio in this situation. 

The third application in which the phasing-line approach 
works is in receiving arrays where the elements are very short 
in terms of wavelength and/or very lossy. In either of these 
cases, mutual coupling between elements is much less than 
an element’s self-impedance. This allows the elements to be 
individually matched to the feed lines, with no significant 
change taking place when the elements are formed into an 
array. Under those conditions, the transmission lines can be 
matched and the lines used as simple delay lines with easily 
predictable phase shift and with no transformation of current 
or voltage magnitude other than cable loss. This is discussed 
in the later section on receiving antennas. 

Many arrays can be correctly fed with a feed system 
consisting of only transmission lines, but the technique 
requires knowledge of the element feed-point impedances 
in a correctly fed array. Line lengths can then be computed 
that provide the correct ratio of currents into those particular 
load impedances. The line lengths generally differ by amount 
that’s considerably different from the element phase angle 
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difference, and appropriate line lengths can’t always be found 
for all arrays. This technique is described more fully in the 
“The Simplest Phased Array Feed System—That Works” 
section later in the chapter and illustrated in the examples in 
Phased Array Design Examples. 


The Wilkinson Divider 


The Wilkinson divider, sometimes called the Wilkinson 
power divider, was once heavily promoted as a means to 
distribute power among the elements of a phased array. While 
it’s a very useful device for other purposes, it won’t produce 
the desired current ratios in antenna elements. In most phased 
arrays, element feed-point resistances are different and 
therefore require different amounts of power to achieve the 
desired equal magnitude currents. (See the section on mutual 
coupling above.) A Wilkinson divider is intended to deliver 
equal powers, not currents, to multiple loads. And it won’t 
even do that when the load impedances are different. 


The Hybrid Coupler 


Hybrid couplers are promoted as solving the problem 
of achieving equal magnitude currents with a 90° phase dif- 
ference between elements. Unfortunately, they provide equal 
magnitude, quadrature (90° phased) currents only when the 
load impedances are equal and correct. And this simply isn’t 
true of arrays with quadrature-fed elements, except for arrays 
consisting of short and/or lossy elements, usually suitable 
only for receiving. In those arrays, the hybrid coupler can 
be useful for the same reasons as the phasing-line approach, 
discussed in an earlier section. 

At the time of this writing, hybrid couplers are being 
used in a popular commercial product for phasing at least 
one type of array. Reports are that it works satisfactorily. 
However, this shouldn’t be taken as proof that the hybrid 
coupler forces equal magnitude 90° phased currents in loads 
of arbitrary impedances. No passive network, including the 
hybrid coupler, is capable of doing that. See The “Magic 
Bullet” below for more information. 


Large Array Feed Systems 

The author once worked on a radar system where 
the transmit array consisted of over 5,000 separate dipole 
elements and the receive array over 4,000 pairs of crossed 
dipoles, all over a metal reflecting plane, which was the slop- 
ing side of a 140 foot high building. In such large arrays, each 
element is in essentially the same environment as every other 
element except near the array edges, so almost all elements 
have very nearly the same feed-point impedance. While 
producing the phase shifts and magnitude tapers is a consider- 
able mathematical challenge, the problem of unequal element 
feed-point impedances can largely be ignored. Consequently, 
feed methods for these large arrays are generally not suitable 
for typical amateur arrays of a few elements. 


The Broadcast Approach 


Networks can be designed to transform the element 
base impedances from their values in an excited array to, 
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say, 50 © resistive. Then another network can be inserted at 
the junction of the feed lines to properly divide the power 
among the elements (not necessarily equally!). And finally, 
additional networks must be added to correct for the phase 
shifts and magnitude transformations of the other networks. 
This general approach is used by the broadcast industry, 
in installations that are typically adjusted only once for a 
particular frequency and pattern. 

Although this technique can be used to correctly feed 
any type of array, design is difficult and adjustment is tedious, 
since all adjustments interact. When the relative currents and 
phasings are adjusted, the feed-point impedances change, 
which in turn affect the element currents and phasings, and so 
on. A further disadvantage of using this method is that switch- 
ing the array direction is generally impossible. Information 
on applying this technique to amateur arrays can be found in 
Paul Lee’s book, listed in the Bibliography. 


The “Magic Bullet” 


For about 15 years prior to this writing, this Antenna 
Book section has contained a specification for a hypotheti- 
cal passive circuit that would provide equal-magnitude, 90° 
phased currents into two loads without respect to the load 
impedances. This would be a circuit to which we could con- 
nect any two elements and guarantee that they’d have exactly 
the correct currents. 

Along with the specifcation was a request that any per- 
son knowing of such a circuit would contact the author (Roy 
Lewallen, W7EL) or the book editors. During this time, only 
a single response was received, in 1996. It was from Kevin 
Schmidt, W9CF, who has formulated a mathematical proof 
that such a circuit—in fact, one resulting in any relative phase 
other than 0° or 180°—cannot exist if restricted to reciprocal 
elements. (That is, it can’t exist unless directional components 
such as ferrite circulators are used.) This means that, in order 
to design a network to feed elements at any other phase angle 
other than 0 or 180°, we must know the impedance of at least 
one element, and correct feed system operation depends on 
that impedance. There’s no way around this requirement. 
At the time of this writing, Schmidt’s proof can be found at 
fermi.la.asu.edu/w9cf/articles/magic/index.html. 


RECOMMENDED FEED METHODS FOR 
AMATEUR ARRAYS 


The following feed methods are able to produce element 
feed-point currents having a desired magnitude and phase 
relationship, resulting in desirable and predictable patterns. 
Most methods require knowing the feed-point impedance of 
one or more array elements when the array element currents 
are the correct values. This isn’t possible to measure directly, 
because if the element currents were correct, the feed system 
would already be working properly and no further design 
would be necessary. 

By far the easiest way to get this information, if pos- 
sible, is by computer modeling. Modeling programs such as 
EZNEC-ARRL (included on the CD in the back of this book) 


allow you to construct an ideal array with perfect element 
currents, then look at the resulting feed-point impedances. 
Because of its simplicity and versatility, this approach is 
highly recommended and it’s the one used for the array design 
examples in this chapter. 

Some feed systems allow adjustment, so even an 
approximate result provides an adequate starting point on 
which to base the feed-system design. There are several other 
alternatives to computer modeling. One is to first eliminate 
the effects of coupling of the element to be measured from 
all other elements, usually by open circuiting the feed points 
of the other elements. Then the feed-point impedance of the 
element is measured. Next, the impedance change due to 
mutual coupling from all other elements has to be calculated, 
based on the intended currents in the other elements, their 
lengths and their distances from the element being measured. 
Mutual impedance (which is not the same as the impedance 
change due to mutual coupling) between each pair of elements 
must be known for this calculation and it can be determined 
by measurement, calculation or from a graph. 

The latter two methods are possible only for the simplest 
element types and measurement is very difficult to do ac- 
curately because it involves resolving very small differences 
between two relatively large values. Accuracy of a calculated 
result will be reduced if any elements are relatively fat (that 
is, they have a large diameter, because this impacts the current 
distribution) or they aren’t perfectly straight and parallel. 

So the only situations where you’re likely to get good 
results from approaches other than modeling are the very easi- 
est ones to model! And modeling allows determination of the 
feed-point impedances of many antennas that areimpossible 
to calculate by manual or graphical methods. Therefore, the 
manual approach isn’t discussed or used here. Appendix B, 
on the CD, contains equations and manual techniques from 
previous editions of The ARRL Antenna Book, for those who 
are interested. You can also find a great deal of additional 
information in many of the texts listed in the Bibliography, 
particularly Jasik and Johnson. 


Current Forcing with 1/4 Lines—Elements 
In-Phase or 180° Out-of-Phase 

The feed method introduced here has been used in 
its simplest form to feed television receiving antennas and 
other arrays, as presented by Jasik, pages 2-12 and 24-10 or 
Johnson, on his page 2-14. However, until first presented in 
The ARRL Antenna Book, this feed method was not widely 
applied to amateur arrays. 

The method takes advantage of an interesting property 
of 4/4 transmission lines. (All references to lengths of lines 
are electrical length and lines are assumed to have negligible 
loss.) See Fig 15. The magnitude of the current out of a 2/4 
transmission line is equal to the input voltage divided by the 
characteristic impedance of the line. This is independent 
of the load impedance. In addition, the phase of the output 
current lags the phase of the input voltage by 90°, also 
independent of the load impedance. These properties can be 
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Fig 15—A useful property of 1/4 transmission lines; see 
text. This property is utilized in the “current-forcing” 
method of feeding an array of coupled elements. 


used to advantage in feeding arrays with certain phase angles 
between elements. 

If any number of loads are connected to a common driv- 
ing point through 1/4 lines of equal impedance, the currents in 
the loads will be forced to be equal and in-phase, regardless 
of the load impedances. So any number of in-phase elements 
can be correctly fed using this method, regardless of how their 
impedances might have been changed by mutual coupling. 
Arrays that require unequal currents can be fed through A/4 
lines of unequal impedances to achieve other current ratios. 

The properties of 2/2 lines also are useful. Since the 
current out of a A/2 line equals the input current shifted 180°, 
regardless of the load impedance, any number of half wave- 
lengths of line may be added to the basic 1/4, and the current 
and phase forcing property will be preserved. For example, 
if one element is fed through a A/4 line and another element 
is fed from the same point through a 3/4 line of the same 
characteristic impedance, the currents in the two elements will 
be forced to be equal in magnitude and 180° out-of-phase, 
regardless of the feed-point impedances of the elements. 

If an array of two, and only two, identical elements 
is fed in-phase or 180° out-of-phase with equal magnitude 
currents, both elements have the same feed-point impedance. 
The reason is that each element sees exactly the same thing 
when looking at the other. In an in-phase array, each sees 
another element with an identical current; in an out-of-phase 
array, each sees another element with an equal magnitude 
current that’s 180° out-of-phase, the same distance away in 
both cases. This isn’t true in something like a 90° fed array, 
where one element sees another with a current leading its 
current by 90°, while the other sees another element with a 
lagging current. 

With arrays fed in-phase or 180° out-of-phase, feeding 
the elements through equal lengths of feed line (in-phase) or 
lengths differing by 180° (out-of-phase) will lead to the cor- 
rect current magnitude ratio and phase difference, regardless 
of the line length and regardless of how much the element 
feed-point impedances depart from the lines’ Zo. 

Unless the feed-point impedances equal the line Zp or 
the lines are an integral number of half wavelengths long, the 
magnitudes of the currents out of the lines will not be equal 
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to the input magnitudes, and the phase will not be shifted an 
amount equal to the electrical lengths of the lines. But both 
lines will produce the same transformation and phase shift 
because their load impedances are equal, resulting in a prop- 
erly fed array. In practice, however, feed-point impedances 
of elements frequently are different even in these arrays, be- 
cause of such things as different ground systems (for ground 
mounted vertical elements), proximity to buildings or other 
antennas, or different heights above ground (for horizontal 
or elevated vertical elements). 

In many larger arrays, two or more elements must 
be fed either in-phase or out-of-phase with equal currents, 
but coupling to other elements can cause their impedances 
to change unequally—sometimes extremely so. Using the 
current-forcing method allows the feed system designer to 
ignore all these effects, while guaranteeing equal and cor- 
rectly phased currents in any combination and number of 0° 
and 180° fed elements. 

This method is used to develop feed systems for the 
Four Square and 4-element rectangular arrays in the Practi- 
cal Array Design section. The front and rear elements of a 
Four-Square antenna provide a good example of elements 
having very different feed-point impedances that are forced 
to have equal out-of-phase currents. 


“The Simplest Phased Array Feed System— 
That Works” 

This is the title of an article in The ARRL Antenna 
Compendium, Vol 2, which describes how arrays can be fed 
with a feed system consisting of only transmission lines. (The 
article is available for viewing at eznec.com/Amateur/Ar- 
ticles/Simpfeed.pdf and is also on the CD included in the 
back of this book, along with the program Arrayfeed/, which 
solves the equations presented in the article.) 

As explained earlier in the Phasing Line section, this 
method requires knowing what the element feed-point imped- 
ances will be in a correctly fed array. Feed-line lengths can 
then be computed, for most but not all arrays. These lengths 
will produce the desired current ratio in array elements that 
do present those feed-point impedances. If you know the load 
impedances connected to transmission lines whose inputs 
are connected to a common source, it’s simple to calculate 
the resulting load currents for any transmission line lengths. 
However, the reverse problem is much more difficult; that is, 
given the load impedances and desired currents to calculate 
the required cable lengths. 

One way to solve the problem is to choose some feed- 
line lengths, solve for the currents, examine the answer, 
adjust the feed-line lengths, and try again until the desired 
currents are obtained. The author used this iterative approach, 
using first a programmable calculator and later a computer, 
for some time before developing a direct way of solving for 
the transmission-line lengths. The direct solution method is 
described briefly in the Compendium article. 

Fig 16 shows the basic so-called “simplest” system 
applied to a two element array. Although it resembles an 
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Fig 16—“Simplest” feed system for 2-element array. 
No matching or phasing network is used here, only 
transmission lines. 


elementary phasing-line system as described earlier, the 
critical difference is that the lengths of Lines 1 and 2 are 
calculated to provide the correct current relative magnitude 
transformation and phase shift when terminated with the 
actual feed-point impedances. 

The advantage to using this “simplest” feed system 
is indeed its simplicity. It’s no more complicated than the 
elementary phasing-line approach but actually works as 
planned. The disadvantage over some other methods is that 
there’s no convenient adjustment to compensate for environ- 
ment factors, array imperfections or inaccurately known 
feed-point impedances. 

Also, while unusual, it’s possible that no suitable 
feedline lengths can be found for some arrays, or at least 
none with practical feed-line characteristic impedances. The 
difference in electrical feed-line lengths almost never equals 
the difference in phase angles between element currents. This 
is because of the different line delays resulting from different 
feed-point impedances. 

Program Arrayfeed1, included on the CD included 
with this book, can do the calculations for any two ele- 
ments (alone or in a larger array), a Four-Square array or a 
rectangular array in which two in-phase elements are driven 
at any current magnitude and phase relative to the other two 
in-phase elements. These possibilities cover a large number 
of common arrays. 

Arrayfeed! can also be applied to other types of arrays 


using the method described in the Feeding Larger Arrays 
section in Appendix B (on the CD). The required knowledge 
of element feed-point impedances in a correctly fed array can 
be obtained using EZNEC-ARRL, also included on the CD. 
Examples of the design of a “simplest” feed system for several 
different arrays using EZNEC-ARRL and Arrayfeed/ can be 
found in the Phased Array Design Examples section. 

When a solution is possible for a given choice of line 
characteristic impedances, a second solution with different 
lengths is always available. See the comments in the introduc- 
tory part of the Phased Arrray Design Examples section 
about choosing the solution to use. 


An Adjustable L-Network Feed System 

Adjustment of the current ratio of any two elements 
requires varying two independent quantities; for example 
the magnitude and phase of the current ratio. Two degrees 
of freedom—adjustments that are at least partially indepen- 
dent—are required. The “simplest” all-transmission line 
feed system described earlier adjusts the lengths of the two 
transmission lines to achieve the correct ratio. 

But if the antenna characteristics aren’t well known—for 
example, if the ground resistance isn’t known even approxi- 
mately—then the initial “simplest” design won’t be optimum 
and adjustment can be difficult and tedious. The current-forc- 
ing method produces correct currents independently of the 
element characteristics, so it doesn’t require adjustment as 
long as the elements are identical. But it’s suitable only for 
feeding elements in-phase or 180° out-of-phase and a few 
fixed current-magnitude ratios. 

The addition of a simple network as shown in Fig 17 
allows you to easily adjust feeding of element pairs at other 
relative phase angles and/or magnitude ratios. Any desired 
current ratio (magnitude and phase) can be obtained with two 
elements fed with any lengths of wire, equal or unequal, by 
adding a network. 

However, calculations for the general case are complex. 
The problem becomes much simpler if the transmission lines 
are restricted to lengths of odd multiples of 1/4, forming a 
modified “forcing” system that includes an added network. 
There are at least three additional advantages of this scheme. 
One is that a 4/4 line is easy to measure, even if the velocity 
factor isn’t known. This is described in the Practical Aspects 
of Phased Array Design section. 

Second is that the feed system becomes completely 
insensitive to the feed-point impedance of one of the two ele- 
ments. And the third is that the transmission lines of “forcing” 
systems feeding groups of elements in larger arrays can be 
used in place of the normal 1/4 lines. This greatly simplifies 
both the design of feed systems for larger arrays and the feed 
systems themselves. Note that both lines can be changed to 
3A/4 if necessary to span the physical distance between ele- 
ments, but both lines must be the same 3//4 length. 

This basic feed method can be used for any pair of 
elements, or for two groups of elements having forced equal 
currents. (See Feeding Four Element and Larger Arrays 


Element 1 Element 2 
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Fig 17— The addition of a simple L-network to Fig 16 
allows you to easily adjust feeding of element pairs at 
other relative phase angles and/or magnitude ratios. 


below.) Many networks can accomplish the desired function, 
but a simple L network is adequate for most feed systems. The 
network can be designed to produce a phase lead or phase lag. 
The basic two-element L-network feed system is shown in 
Fig 17. Many variations of this general method can be used, 
but the equations, program, and method to be discussed here 
apply only to the feed system shown. 

If the phase angle of I,/I, is negative (element 2 is 
lagging element 1), the L network will usually resemble a 
low-pass network (X,,,.is an inductor and X,, is a capacitor). 
But if the phase angle is positive (element 2 lagging element 
1), the L network will resemble a high-pass network (X,,, is 
a capacitor and X,, is an inductor). However, some current 
ratios and feed-point impedances could result in both com- 
ponents being inductors or both being capacitors. 

If it’s desired to maintain symmetry in the feed system, 
Xo, can be divided into two components, each being inserted 
in series with a transmission line conductor. If X,,, is an 
inductor, the new components will each have half the value 
of the original X,,,, as shown in Fig 18. If X,,, is a capaci- 
tor, each of the new components will be twice the original 
value of X,,,. 

Because of the current-forcing properties of 1/4 lines, 
we need to make the ratio of voltages at the inputs of the lines 
equal to the desired ratio of currents at the output ends of 
the lines; that is, at the element feed points. The job of the L 
network is to provide the desired voltage transformation. If 
the output-to-input voltage ratio of the network is, say, 2.0 
at an angle of —-60°, then the ratio of element currents (I,/I,) 


Multielement Arrays 8-19 







Element 1 
(Leading) 


Main 
Feed 
Element 2 
(Lagging) 


ANT0883 


Fig 18—Symmetrical feed system similar to Fig 17, where 
feed network is split into two symmetrical parts. 


will be 2.0 at an angle of -60°. The voltage transformation 
of the network is affected by the impedance of element 2, but 
not by the impedance of element 1. So only the impedance of 
element 2 must be known to design the feed system. 

Equations for designing the L network are given in 
Appendix B, but the program Arrayfeed/ is included on the 
CD to make it unnecessary to solve them. The feed-point 
impedance of the lagging element or group of elements 
must be known in order to design the network. This can best 
be determined by modeling the array with EZNEC-ARRL. 
The impedance can be manually calculated for some simple 
element and array types by using the equations in Appendix 
B, but those same types of element and array are simple to 
model. 

Examples of the design of L-network feed systems for 
several different arrays using EZNEC-ARRL and Arrayfeed1 
can be found in the Phased Array Design Examples section. 
A similar application of this feed system and a spreadsheet 
program for calculation was developed by Robye Lahlum, 
WIMK, and described in Low-Band DXing (see the Bibli- 
ography). Arrayfeed/ can be used for the applications of the 
feed system described in that book if desired. 


Additional Considerations 
Feeding 4-Element and Larger Arrays 
Both the simplest and L-network feed systems described 
above can be extended to feeding larger arrays having two 
groups of elements in which all the elements in a group are 
in-phase or 180° out-of-phase with each other—basically, 
any group that can be fed with the current-forcing method. 
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The elements in each group are connected to a common 
point with 4/4 or 3/4 lines to force the currents to be in 
the correct ratio within the group. Then the “simplest” or 
L-network feed system can be used to produce the correct 
phasing between the two groups, just as it does between two 
individual elements. 

Two common arrays that fit this description are the 
Four Square and the 4-element rectangular array. But more 
elaborate arrays could be constructed and fed using this 
method, such as a pair of binomial arrays. (A single binomial 
array is described in the Phased Array Design Example 
section below.) The Arrayfeed1 program incorporates ad- 
ditional calculations necessary for designing Four Square 
and 4-element rectangular arrays. The general procedure 
for adapting the feed methods to other larger arrays can be 
found in Appendix B. 


What If the Elements Aren’t Identical? 

Getting the desired pattern requires getting the correct 
relative magnitude and phase of the fields from the elements. 
If the elements are identical, which we’ve generally assumed 
up to this point, then producing currents of the desired 
magnitude and phase will create the desired fields (neglect- 
ing mutual coupling current distribution effects, discussed 
elsewhere). 

But what if the elements aren’t identical? Fortunately, 
the feed systems described here can still be used for any 2- 
element array and some more complex arrays, provided that 
the system can be accurately modeled. But a slightly different 
approach is required than for identical elements. 

The first step is to model the array with a current source 
at the feed point of each element. Next, the magnitudes and 
phases of the model source currents are varied until the de- 
sired pattern is achieved. Then the ratio of feed-point (source) 
currents is calculated and this value, along with the feed-point 
impedances reported by the model, are used for the feed 
system design. The feed system will produce the same ratio 
of currents as the model, resulting in the same pattern. 

In general, this approach won’t work with shunt fed 
towers or gamma-fed elements because of the difficulty of 
accurately modeling those structures. See Shunt and Gamma 
Fed Towers and Elements for more information. 


Shunt and Gamma Fed Towers and Elements 

Ina shunt, gamma, or similarly fed tower or element, the 
feed-point current isn’t the same as the main current flowing 
in the element. The ratio between the feed-point current and 
element current isn’t a constant, but depends on a number 
of factors. The ratio of currents in shunt or gamma fed ele- 
ments are typically different—often vastly different—from 
the currents at the feed points. This complicates the design 
of feed systems for arrays of these elements. 

An even more limiting problem is that the feed-point 
impedances are difficult to determine. The feed-point imped- 
ances of one or more elements in a properly fed array must 
be known in order to design a feed system for anything but 


2-element in-phase or 180° out-of-phase arrays. 

The only practical way to get this information for a 
shunt or gamma fed array is by modeling an array having the 
desired element currents. But Cebik has pointed out (“Two 
Limitations of NEC-4”—see the Bibliography) that many 
common antenna analysis programs, including EZNEC- 
ARRL, have difficulty accurately modeling folded dipoles 
with unequal diameter wires. The same problem applies to 
shunt and gamma-fed elements when the element diameter 
is significantly different from the diameter of the shunt or 
gamma feed wire. Without accurate feed-point impedances, 
feed systems can’t be designed to work without adjustment. 
It might be possible to get reasonably accurate results from a 
MININEC-based modeling program, but there are a number 
of issues which must be given great care when using one. 
(See Lewallen, “MININEC—The Other Edge of the Sword,” 
listed in the Bibliography.) 

If such a MININEC program is available, you would 
have to model the complete array including feed system, with 
sources at the normal feed points in the shunt or gamma wires. 
Next, you would have to adjust the magnitudes and phases 
of the sources to produce the desired pattern. The reported 
source impedances and currents would be the ones you would 
use to design the feed system. It’s likely that some adjustment 
would be necessary, so an adjustable system such as the L- 
network feed system described later would be best. 


Loading, Matching and Other Networks 


Adding a component such as a loading inductor in 
series with an element or element feed point won’t change 
the ratio of element current to feed-point current. As a re- 
sult, a feed system designed to produce a particular ratio of 
element currents will still function properly if the elements 
contain series components. The extra feed-point impedance 
introduced by the loading component(s) must be considered 
when designing the feed system, however. Similarly, end or 
top loading won’t alter the relationship between feed-point 
and element current, provided that the current distribution 
in the elements is essentially the same. (See Feed-point vs 
Element Current in a previous section.) 

However, insertion of any shunt component, or a net- 
work containing a shunt component, will alter the relationship 
between feed-point and element current because it will divert 
part of the feed-line current that would otherwise flow into 
the antenna. As a result, a feed system designed to deliver 
correct currents at the feed points will produce incorrect ele- 
ment currents and therefore an incorrect pattern. Therefore, 
any components or networks other than a series loading 
component should be avoided at any place in the feed system 
on the antenna side of the point at which the feed system splits 
to go to the various elements. 

There are a few exceptions to this rule. If the feed- 
point impedances of the elements when in the excited array 
are equal, then identical networks with or without shunt 
components can be put at the feed points of the elements 
and the proper element current ratio maintained—so long as 


the feed system is designed to deliver the proper feed-point 
current ratio with the networks in place. Equal element im- 
pedances occur in arrays having only two identical elements 
fed in-phase or 180° out-of-phase, or arrays of any number 
of elements where the elements are electrically short and/or 
very lossy. 


Baluns in Phased Arrays 


For purposes of achieving the correct array pattern, 
baluns aren’t usually required when feeding grounded verti- 
cal elements with coaxial cable feed lines. However, a balun 
might be desirable if current induced onto the outside of the 
feed line by mutual coupling to the elements is causing RF 
in the shack. And with arrays of dipole or other elevated ele- 
ments, baluns can be important to achieve the proper element 
current ratio, as explained below. 

First, however, the general rules for using baluns in 
phased arrays will be stated. Here, “main feed line” means the 
feedline going from the transmitter or receiver to the common 
point where the system splits to feed the various elements. 
“Phasing-system lines” means any transmission lines between 
that common point and any element. The rules: 

¢Rule 1: A balun or baluns (more specifically, a current, 
sometimes called a choke balun) should be used as necessary 
to suppress unbalanced current on the main feed line. This 
usually isn’t required when feeding grounded elements with 
coaxial feed line from an unbalanced rig or tuner. Unbalanced 
current can occur on either coax or parallel-conductor line. 

“Baluns: What They Do and How They Do It’, listed 
in the Bibliography, describes conducted-imbalance (com- 
mon-mode) currents. Imbalance can also be caused by mutual 
coupling to the array elements. Common-mode currents have 
at least two undesirable effects on array performance. First, 
the imbalance current can flow from the main feed line to 
the phasing system lines, not necessarily splitting in the right 
proportion to maintain the correct element current ratio. This 
can affect the array pattern. In practice, however, this effect 
is likely to be small unless the common-mode current is un- 
usually large. Even a small common-mode current, however, 
results in main feed-line radiation, and even a small amount 
of radiation can significantly degrade array pattern nulls. Any 
type of current balun can be used on the main feed line, at any 
place along the line, without any effect on the array pattern 
except to the extent that it reduces common mode current. 

¢Rule 2: No balun or any other component or network 
should be inserted in any phasing system line that will alter 
the line length or characteristic impedance. This means that 
baluns in phasing system lines must be of a type made from 
the phasing line itself. Options are the W2DU type balun, 
consisting of ferrite cores placed along the outside of the feed 
line; an air-core balun made by winding part of the line into 
an approximately self-resonant or otherwise high-impedance 
coil; or winding part of the line onto a ferrite core or rod to 
make a several-turn winding. When coaxial cable is used, the 
feed system characteristics are dictated by the inside of the 
cable. Any cores or winding of the outside prevents common- 
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mode current on the outside, but otherwise have no effect on 
the phasing performance. This rule applies equally to parallel 
wire line, where the balun affects only common-mode cur- 
rent (equivalent to current on the outside of coax) while the 
phasing performance depends on differential mode current 
(equivalent to the current on the inside of coax). 

Baluns are important when feeding dipole or other 
elevated arrays, unless a fully balanced tuner is used. This 
is because common-mode current represents a diversion of 
some of the current that should be going to the array elements. 
The presence of common-mode current means that the ele- 
ment currents are being altered from the desired ratio and 
therefore the pattern won’t as intended. A balun should be 
placed wherever a path for current exists other than along a 
parallel-line conductor or on the inside of a coaxial line. Such 
a path exists, for example, where a coaxial cable connects 
to a dipole, as shown in Fig 1 of the balun article referenced 
above. Or a path can exist where a parallel-conductor trans- 
mission line connects to an unbalanced tuner or to a coaxial 
line, as shown in Fig 2 of that article. In both those cases, a 
path exists for a common-mode current to flow on the outside 
of the coax cable. A balun creates a high impedance to this 
current, thereby reducing its magnitude. But remember that 
all baluns must conform to the rules above. 

Fig19 shows recommended balun locations for a coax- 
fed dipole array using an L-network feed system. 


Receiving Arrays 

While it might not be entirely intuitive, an array de- 
signed for a particular gain and pattern for transmitting that 
considers mutual coupling, element currents, field reinforce- 
ment and cancellation, and so forth, will perform exactly the 
same when receiving. So a receiving array can be designed 
by approaching the problem as though the array were to be 
used for transmitting. 

However, at HF and below, the system requirements 
for transmitting and receiving antennas are different, so 
receiving-only arrays can be designed that aren’t suitable 
for transmitting but are perfectly adequate for receiving in 
that frequency range. The reason, described in more detail in 
Chapter 13 of this book, is that at HF and below atmospheric 
noise is typically much greater than a receiver’s internally 
generated noise. Lowering a receiving antenna’s gain and 
efficiency reduces the signal and atmospheric noise both by 
the same factor. Because the overall noise is for practical 
purposes all atmospheric noise, the signal/noise ratio isn’t 
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Fig 19—Adding choke baluns to a two-dipole feed system 
to get rid of common-mode currents radiated onto the 
coax shields. 


affected by antenna efficiency. 

Of course, a point can be reached where the atmospheric 
noise is so reduced by inefficiency that the receiver itself 
becomes the dominant source of noise, but this typically 
doesn’t happen until the antenna is extremely inefficient. 
When transmitting, reduced efficiency lowers the transmitted 
signal, but it has no effect on the receiving station’s noise. 
So reduced efficiency of a transmitting antenna results in a 
reduced signal/noise ratio at the receiving end, and conse- 
quently should be avoided. 

Mutual coupling effects can be minimized by increasing 
the loss (and therefore reducing the efficiency) of the ele- 
ments, or by reducing the element sizes to a small fraction of 
a wavelength. Doing the second without the first isn’t usually 
a good idea because the feed-point impedance tends to change 
rapidly with frequency for very small elements, making an 
antenna that works well over only a narrow bandwidth. But 
increasing loss broadens the bandwidth, even for small ele- 
ments, as well as reducing mutual coupling effects. So this 
approach is often taken for designing a receiving-only array. 
With mutual coupling effects minimized because of loss, 
feed-system design becomes relatively simple, provided a 
few simple rules are followed. See Loss Resistance, Mutual 
Coupling, and Antenna Gain, above. 


Phased Array Design Examples 


This section, also written by Roy Lewallen, W7EL, 
presents examples of feed-system design for several kinds of 
array using the design principles given in previous sections. 
All but the last example array are assumed to be made of A/4 
vertical elements. The last example is for a halfwave-dipole 
array, which illustrates that exactly the same method can be 
used for arrays of any shape of elements, including dipole, 
square (quad) and triangular. Likewise, the methods shown 
here apply equally well to VHF and UHF arrays. The first 
example includes more detail than the remaining ones, so 
you should read it before the others. 


General Array Design Considerations 

If either the “simplest” feed system (Fig 16) or L-network 
feed system (Fig 17) is used, the feed-point impedance of one or 
more elements—when the array elements all have the correct 
currents—must be known. By far the best way to determine this 
is by modeling. If accurate modeling isn’t practical for some 
reason, an estimation should be made from an approximate 
model, and you should expect to have to adjust the feed system 
after building and installing it. 

Manual calculation methods for some simple configura- 
tions are given in Appendix B (on the CD), but calculation is 
tedious and, as stated earlier, the configurations for which this 
method works are the very ones which are easiest to model. 
EZNEC-ARRL (also included on the CD) is used in the fol- 
lowing examples to determine feed-point impedance. Space 
doesn’t permit detailed instructions here on creating the models, 
so they are included in complete form. They should provide 
a convenient starting point for any variations you might like 
to try. See the EZNEC-ARRL manual (accessed by clicking 
Help/Contents in the main EZNEC-ARRL window) for help 
in using this program. 

In the following examples, vertical elements are close 
to A/4 high and dipole elements close to 4/2, and their lengths 
have been adjusted for resonance when all other elements are 
absent or open circuited. There’s actually no need in practice 
to make the elements self-resonant—it’s simply used as a 
convenient reference point for these examples. You’ll also 
find it interesting to see how much reactance is present at the 
feed points of the elements when in the arrays, knowing that 
it’s very nearly zero when only one element is present. 

In any real grounded vertical array, there is ground loss 
associated with each element. The amount of loss depends 
on the length and number of ground radials, and on the type 
and wetness of the ground under and around the antenna. 
This resistance becomes part of the feed-point resistance, 
so it must be included in the model used to determine feed- 
point impedance. The 90° Fed, 90° Spaced Array example 
below discusses how this is done. Fig 20 gives resistance 
values for typical ground systems, based on measurements 
by Sevick (July 1971 and March 1973 QS7). The values of 
feed system components based on Fig 20 will be reason- 
ably close to correct, even if the ground characteristics are 
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Fig 20—Approximate ground system loss resistance of 

a resonant 4/4 ground-mounted vertical element versus 
the number of radials, based on measurements by Jerry 
Sevick, W2FMI. Moderate length radials (0.2 to 0.4 i) 

were used for the measurements. The exact resistance, 
especially for only a few radials, will depend on the nature 
of the soil under the antenna. Add 36 © for the approximate 
feed-point resistance of a thin resonant 1/4 vertical. 


somewhat different than Sevick’s. 
Feed systems for the design example arrays to follow 
are based on the resistance values given below. 


Number of Radials Loss Resistance, QO 
4 29 
8 18 
16 9 
Infinite 0 


Elevated radial systems also have some ground loss, 
although it can be considerably less than a system with the 
same number of buried radials. This loss will be automati- 
cally included in the feed-point impedance of a model which 
includes the elevated radials, so no further estimation is 
required. Be sure to use Perfect, High-Accuracy ground type 
when modeling an elevated radial system with EZNEC-ARRL. 
In other NEC-2 based programs, this might be referred to as 
Sommerfeld type ground. More information can be found in 
the EZNEC-ARRL manual. 

The matter of matching the array for the best SWR on 
the feed line to the station is not dealt with here, since it’s 
a separate problem from that of the main topic, which is 
designing feed systems to produce a desired pattern. Some 
of the simpler arrays provide a match that is close to 50 or 
75 Q, so no further matching is required. However, as shown 
by program Arrayfeed1, many larger arrays present a less 
favorable impedance for direct connection and will require 
matching if a low SWR on the main feedline is required. If 
matching is necessary, the appropriate network should be 
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placed in the single feed line running to the station. Attempts 
to improve the match by adjustment of the phasing L network, 
individual element lengths, matching at the element feed 
points or individual element feeder lengths will usually ruin 
the current balance of the array. Program TLW, included on 
the CD, can be used for designing an appropriate matching 
network. Additional information on impedance matching may 
be found in Chapters 25 and 26 of this book. 


Choosing Arrayfeed1 Solutions 


When designing a feed system for a two element array, 
Arrayfeed1 program allows you to choose the characteristic 
impedances of the two transmission lines going to the 
elements, which don’t have to be equal, so you have your 
choice of more than one solution. However, directional array 
switching is much more difficult if the lines have different 
impedances, so in general you should use the same charac- 
teristic impedances. 

For larger arrays, Arrayfeed/ requires the feed lines to 
all elements to have the same impedance. In choosing the 
transmission line impedance values, usually you can simply 
use convenient impedances. But in general, you should avoid 
solutions where component reactance (X) values are vastly 
different (say, more than three times or less than one third as 
large) as the line characteristic impedances. Such networks 
will become more critical to adjust, and both the imped- 
ance and pattern will change more rapidly with changes in 
frequency. You can usually avoid this situation by choosing 
feed-line impedances that are in the same ballpark as the 
element feed-point impedances. The last example in the 
Practical Array Design section illustrates this problem and 
its solution. 

When designing a “simplest” feed system, the most 
broadbanded and least critical system is usually one where 
the difference in electrical feed-line lengths is closest to the 
relative element phase angle. Here, “broadbanded” means that 
the pattern changes less with frequency, not necessarily that 
the SWR changes less. However, an array that’s broadbanded 
in the pattern sense is usually also relatively broadbanded 
with respect to SWR. 

Arrayfeed! reports the impedance seen at the main array 
feed point. While it might be tempting to choose the solution 
producing the lowest SWR on the main feedline, you’ ll end 
up with a less critical and more broadbanded system if you 
base your choice on the criteria given above, and provide 
separate impedance matching at the array’s main feed point 
when necessary. 


90° Fed, 90° Spaced Vertical Array 

This example illustrates the design of both “simplest” 
and L-network feed systems for a 2-element, 90° spaced and 
fed vertical array. The first task when using either feed system 
is to determine the feed-point impedances of the elements 
when placed in an array having the desired element currents. 
The “simplest” feed system method requires knowledge 
of both element impedances, while the L-network system 
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requires you to know only one. Actually, it’s equally easy to 

determine both as it is to find just one, using EZNEC-ARRL. 

(Appendix B contains equations for those interested in manual 

methods or for more insight as to how the impedances come 

about.) The first step is to specify the antenna we want. For 
this example, we’ll specify: 

e Frequency: 7.15 MHz. 

e Two identical, one inch (2.54 cm) diameter, 33 feet 
(10.06 meter) long elements spaced 90 electrical degrees, 
with element currents equal in magnitude and 90° apart 
in-phase. 

e 8 buried radial wires, 0.3 2 long, under each element. 

A model of this antenna has been created and furnished 
with EZNEC-ARRL. So the next step is to start EZNEC-ARRL, 
click the Open button, enter ARRL_Cardioid_Example in 
the text box (or double-click it in the file list) to open example 
file ARRL_Cardioid_Example.EZ. 

This EZNEC example model uses a MININEC-type 
ground, which is the same as perfect ground when calculating 
antenna currents and impedances. A real antenna would have 
some additional resistive loss due to the finite conductivity 
of the ground system. The only way to model a buried radial 
ground system with an NEC-2 based program like EZNEC is 
to create radial wires just above the ground (using the Real, 
High-Accuracy ground type), because NEC-2 can’t handle 
buried conductors. 

This provides only a moderate approximation of a buried 
system. Another way to estimate ground-system resistance is 
to measure the feed-point impedance of a single element, then 
subtract from that the resistance reported for a model of that 
element over perfect (or MININEC-type) ground. For most 
uses, however, an adequate approximation can be made by 
simply referring to the graph of Fig 20. As stated previously, 
the feed system design depends on the feed-point impedances 
of the elements, which in turn depend on the ground system 
resistance. So the ground system resistance must be known, 
approximately anyway, before designing the feed system. At 
the end of this example we’ll investigate the effect of changes 
in the ground system or errors in estimating the resistance 
on the pattern. 

For 8 radials, Fig 20 shows the ground system resistance 
to be about 18 ©. This is included in the example model as a 
simple resistive load at the feed point of each element. Click 
the Sre Dat button to see the feed-point impedances of the 
two elements. In this model, Source 1 is at the base of Wire 
1 (element 1), and Source 2 is at the base of Wire 2 (ele- 
ment 2). Notice in the Source Data display that the Source 
1 current has been specified at 1 amp at 0°, and Source 2 is 
1 amp at —90°. So the Source 2 element is the lagging element. 
You should see impedances of 37.53 — 19.1 © for element | 
and 68.97 + j18.5 Q for element 2. These are the feed-point 
impedances resulting when the array is ideally fed, with equal 
magnitude and 90° phased currents. Record these values for 
use in Arrayfeed1. 

Click the FF Plot button to generate a plot of the azimuth 
pattern at an elevation angle of 10°. In the 2D Plot Window, 


open the File menu and select Save Trace As. Enter Cardi- 
oid_Ideal Feed in the File Name box, then click Save. This 
saves the cardioid pattern plot so you can compare it later to 
the pattern you get with the transmission line feed system. 

Now it’s time to design the feed system. Refer to the 
appropriate subheading below for the design of each of the 
two kinds of feed systems. Both systems use program Ar- 
rayfeed1 program. 


“Simplest” (Transmission Line Only) Feed System 
Start Arrayfeed1. In the Array Type frame, select Two 
Element. In Feed System Type, select “Simplest.” In the 
Inputs frame, enter the following values: 

Frequency MHz = 7.15; Feed-point impedances 
— Leading Element: R ohms = 37.53, X ohms = —-19.1; Lag- 
ging Element: R ohms = 68.97, X ohms = 18.5 (these are 
the element R and X values from EZNEC-ARRL). We'll be 
discussing the array input impedance, so check the Cale Zin 
box near the lower left corner of the main window if it’s not 
already checked. 

We’re free to choose any transmission-line characteristic 
impedances we want, so long as we can get cables with those 
impedances. And the two cables don’t have to have the same 
characteristic impedances. Each choice will lead to a differ- 
ent set of solutions. But sometimes a solution isn’t possible, 
which then requires choosing different line impedances. Let’s 
try 50 Q for both lines. Enter 50 in both ZO boxes. 

Finally, enter 1 for the lagging:leading I Mag, and 
-90 for the Phase. Click Find Solutions. The result is no 
solution! So enter 75 into both the line impedance boxes 
and click Find Solutions again. You should now see two 
sets of results in the Solutions frame, electrical lengths of 
68.80° and 156.03° for the first solution and 131.69° and 
185.00° for the second. (Notice that the difference in length 
between the two lines isn’t 90° for either solution, although 
the first solution is quite close. It’s normal for the feed-line 
length difference to be different than the phase difference, 
due to the unequal element feed-point impedances caused 
by mutual coupling.) 

The solution with a line length difference closest to the 
element phase difference is usually preferable. Also, all else 
being equal, the solution with shortest lines is better provid- 
ing that the lines will physically reach the elements. This is 
because the current magnitude and phase will change less 
with frequency than for a longer-length solution. However, 
there might be some cases where the change with frequency 
luckily compensates for the changing electrical distance 
between elements, so it’s not a bad idea to model both solu- 
tions unless you plan on using the antenna over only a narrow 
frequency range. 

In this case, the first solution looks best in all respects. 
The sum of the two lines in the first solution is about 225 
electrical degrees. Assuming the lines have a velocity factor 
of 0.66, the total length of the lines will be more than 148 
physical degrees. Since our two elements are spaced 90 physi- 
cal degrees apart, the lines will comfortably reach. If they 


didn’t, we could either use the second solution’s lengths, use 
cable with a higher velocity factor or add a half wavelength 
to both the line lengths in the first solution. 

The impedance Zin shown by Arrayfeed]/ is the imped- 
ance at the input to the feed system, so it’s the impedance 
that will be seen by the main feed line. The second solution 
provides nearly a perfect match for a 50-Q transmission 
line. But the first solution is good for nearly all applications. 
Also a50-Q line connected to the first solution’s feed system 
would have an SWR of only 1.65:1, which wouldn’t require 
any matching under most circumstances. Normal line loss 
would reduce the SWR even more at the transmitter end of 
the feed coax. 

To find the required physical line lengths, enter the cable 
velocity factor and make your choice of units in the Physical 
Lengths frame. The design is now complete; all you have to 
do is cut two lines to the specified lengths and connect one 
from a common feed point to each element as shown in Fig 
16, or the screen capture from Arrayfeed1 shown in Fig 21. 

Next, we'll design an L-network feed system for the 
same array. 


L Network Feed System 

In Arrayfeed1, select L Network in the Feed System 
Type frame. The program doesn’t need to know the leading 
element impedance to calculate the L-network values, but it 
does need it to calculate the array input impedance. If you 
want to know the impedance, check the Zin box at the lower 
left corner of the main window, otherwise you can uncheck 
it and the input box for the leading element Z will disappear. 
The values from the “Simplest” analysis should still be pres- 
ent in the appropriate boxes; if not, refer to the “Simplest” 
feed system design above and re-enter the values. Again, 
we’ll use 75 © for the line impedances, since that gave us a 
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Fig 21—Screen capture from Arrayfeed1 program for 
“Simplest” 2-element phased array shown in Fig 16 
and whose feed-point impedances are modeled by 


EZNEC-ARRL. 
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Fig 22—Screen capture from Arrayfeed1 program for 
L-network feed system using “current-forcing” properties 
of 1/4 feed lines. 


solution for the “Simplest” feed system. This feed system is 
more versatile, though, so we could use 50-Q lines with this 
feed system if desired. 

Click Find Solution and see the results in the Solution 
frame. See screen capture in Fig 22. With 75-Q lines, the L 
network consists of a series inductor of 1.815 uH and a shunt 
capacitor of 199.7 pF, connected as shown in the diagram 
in the left part of the program window. To find the physical 
length of the /4 lines, enter the velocity factor and choice 
of units in the Physical Lengths frame. 

The main feed-point impedance of 31.37 + 25.94 Q 
would result in about a 2.2:1 SWR ona 50-Q feed line, which 
would be acceptable for many applications. It could easily be 
reduced to 1.6:1 by the simple addition of a series capacitor 
of 25.94 © reactance (858 pF) at the main feed point or, 
of course, reduced to 1:1 with a simple L network or other 
matching system designed with the TLW program. 


Pattern Verification and Effect of Loss Resistance— 
“Simplest” System 

EZNEC-ARRL doesn’t have the capability to model an 
L-network, so EZNEC-ARRL verification of the pattern and 
the effect of various modifications can be done only for the 
“simplest” feed system. 

EZNEC model ARRL_Cardioid_TL_Example.EZ 
has been created to model the “simplest” feed system just 
designed. Open it with EZNEC-ARRL. In the View Antenna 
Display, you can see the transmission lines connecting to the 
source midway between the antennas. In EZNEC, the physical 
locations of the ends of transmission line models don’t have 
to be the same as the physical locations, so the view isn’t a 
precise representation of what the actual setup would look 
like. (You can find more about this in ARRL_Cardioid_ 
TL_Example.txt, the Antenna Notes file that accompanies 


8-26 Chapter 8 


example file ARRL_Cardioid_TL_Example.EZ.) 

Click FF Plot to generate a 2D pattern of the antenna. 
In the 2D Plot Window, open the File menu and select Add 
Trace. Select Cardioid—Ideal Feed (which you saved 
earlier) and click Open. The added plot overlays perfectly, 
indicating that the pattern using this feed system is identical 
to the pattern we got with perfect current sources at each 
feed point. 

To check the feed-point currents, click the Currents 
button. In the resulting table, you can see that Wire 1 Seg- 
ment 1 current is 0.56467 A at a phase of —56.73° and Wire 
2 Segment 1 current is 0.56467 A at —146.7°. (If you get the 
correct phase angles but wrong magnitudes, open the main 
window Options menu, select Power level, and make sure 
the Absolute V, I sources box is checked.) The ratio is 1.0000 
at an angle of —-89.97°, which is within normal error bounds 
for the desired 1 at —90°. 

As a check on Arrayfeed1, click the Sre Dat button to 
find the impedance seen by the source. This would be the 
impedance at the main feedline connection in the real ar- 
ray. EZNEC-ARRL reports 33.96 + j13.11 Q, very close to 
the 33.94 + 713.13 © given by Arrayfeed!1 in Fig 21. Small 
differences of this order are normal and to be expected. This 
provides a further check that the EZNEC-ARRL model is 
correctly analyzing the Arrayfeed/ feed system. 

This EZNEC-ARRL model uses lossless transmission 
lines of a fixed physical length rather than a fixed electri- 
cal length (number of degrees), so they’ll behave like real 
lines as the frequency is changed. By changing the EZNEC 
frequency and re-running the 2D plot, you can see that the 
front-to-back ratio degrades at 7.0 and 7.3 MHz. A slight 
adjustment of one or more line lengths, or a new Arrayfeed1 
solution at a slightly different frequency might produce a 
better compromise for some uses. 

Other things you can try are to evaluate the second 
Arrayfeed1 solution, or to try using different line impedances. 
(Keep the two line impedances equal if you anticipate doing 
array direction switching.) The effect of varying ground 
system resistance can also be evaluated by clicking the Loads 
line in the main window and changing the load resistance 
values. For example, if the ground system resistance were 
9 QO instead of the 18 Q we have assumed, the front/back ratio 
would drop from about 32 to about 20 dB. Note that chang- 
ing the EZNEC ground conductivity in this model has no 
effect on the feed-point current ratio. With a MININEC type 
ground, it’s used only for pattern calculation—the ground is 
assumed perfect during impedance and current calculations, 
and the only ground system loss resistance in the model is 
what we’ve specifically put in as loads. 

Not surprisingly, the forward gain is affected very little 
by changes in frequency or ground system loss. To find the 
gain relative to a single element, compare the reported dBi 
gain of ARRL_Cardioid_Example with the same model 
with one of the elements deleted. You'll find it’s very close 
to 3.0 dB. The 90° fed, 90° spaced array is a special case of 
array where the effects of mutual coupling on the two ele- 


ments are opposite and cancel, resulting in the same gain as 
if mutual coupling didn’t exist. But mutual coupling most 
certainly does exist! 

The second solution presented a more favorable main 
feed-point impedance, so it would be tempting to use that 
one instead of the first solution. Replacing the feed-line 
lengths with the second solution lengths to model the second 
solution shows that the front/back ratio deteriorates more at 
the band edges when the second solution is used. This might 
be tolerable if restricted frequency use is anticipated. But it 
does illustrate that the solution with shorter lines is generally 
more broadbanded and that the choice of solution shouldn’t 
in general be based on the one giving the most favorable 
impedance. 


A Three-Element Binomial Broadside Array 

An array of three in-line elements spaced 4/2 apart and 
fed in-phase gives a pattern that is generally bidirectional. 
If the element currents are equal, the resulting pattern has a 
forward gain of 5.7 dB (for lossless elements) compared to 
a single element, but it has substantial side lobes. If the cur- 
rents are tapered in a binomial coefficient 1:2:1 ratio (twice 
the current in the center element as in the two end elements), 
the gain drops slightly to just under 5.3 dB, the main lobes 
widen and the side lobes disappear. 

The array is shown in Fig 23, and an EZNEC-ARRL model 
of the antenna over perfect ground to show the ideal pattern 
is provided as ARRL_Binomial_Example.EZ. To obtain a 
1:2:1 current ratio in the elements, each end element is fed 
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Fig 23—Feed system for the three element 1:2:1 binomial 
array. All feed lines are * electrical wavelength long and 
have the same characteristic impedance. 


through a 3A/4 line of impedance Z,. Line lengths of 34/4 are 
chosen because A/4 lines will not physically reach. The center 
element is fed from the same point through two parallel 34/4 
lines of the same characteristic impedance. This is equivalent 
to feeding it through a line of impedance Z,/2. The currents 
are thus forced to be in-phase and to have the correct ratio. 
ARRL_Binomial_TL_Example.EZ is an EZNEC-ARRL 
model that shows this feed system with lossless transmission 
lines. The reader is encouraged to experiment with this model 
to see the effect of changes in frequency, the addition of loss 
resistance (as resistive loads at the element feed points) and 
other alterations on the array pattern and gain. You should 
also replace the perfect ground with MININEC type of ground 
to show how radiation patterns over real ground differ from 
the theoretical perfect-ground pattern. 


A “Four Square” Array 

Several types of feed system are used for feeding this 
popular array, and most share a common problem—they 
don’t provide the correct element current ratio—although 
a number of them produce a workable approximation. The 
feed systems described here are capable of producing exactly 
the correct current ratio. The only significant variable is the 
element feed-point impedances, so the quality of the result 
depends on your ability to model the feed-point impedances 
of a correctly fed array. As in the examples above, EZNEC- 
ARRL will be used for that purpose and Arrayfeed!1 for the 
design of the feed system itself. 

In this array (see Fig 24), four elements are placed in a 
square with 2/4 sides. (A variation of the Four Square uses 
wider spacing.) The rear and front elements (1 and 4) are 180° 
out-of-phase with each other. The side elements (2 and 3) are 
in phase with each other and 90° delayed from the front ele- 
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Fig 24—Paittern and layout of the four-element Four-Square 
array. Gain is referenced to a single similar element; add 
5.5 dB to the scale values shown. 
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ment. The magnitudes of the currents in all four elements are 
equal. The front and rear elements can be forced to be 180° 
out-of-phase and to have equal currents by using the current- 
forcing method described earlier. One element is connected 
to a line that is either 4/4 or 3A/4 long, the other to a line that 
is 4/2 longer, and the two lines to a common point. 

Likewise, the two side element currents are forced to be 
equal by connecting them to a common point via A/4 or 3A/4 
lines. Fig 25 shows the basic current-forcing system. 

If the pattern is to be electrically rotated, it is necessary 
to bring lines from all four elements to a common location. 
If solid-polyethylene dielectric coaxial cable, which has a 
dielectric constant of 0.66, is used, A/4 lines won’t reach the 
center of the array. So 3A/4 lines must be used. Alternatively, 
you can use A/4 lines with foam or other dielectric having 
a velocity factor of more than about 0.71 (plus a little extra 
margin). These will reach to the center. Whatever your choice, 
three of the lines must be the same length and the fourth must 
be A/2 longer. 

In this array, the side elements (2 and 3) have equal 
impedances, but the rear and front (1 and 4) are different from 
each other, and both are different from the side elements. We 
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Fig 25—“Simplest” feed system for the Four-Square array 
in Fig 24. Grounds and cable shields have been omitted 
for clarity. 
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have to know the feed-point impedances of the front, rear and 
side elements in order to design the “simplest” feed system, 
but only the side element impedances are needed to design the 
L-network system. Knowledge of all feed-point impedances 
is necessary if the array main feedpoint impedance Zin is 
to be calculated. EZNEC-ARRL model 4Square_Example. 
EZ shows a 40-meter Four Square array with 18 Q of loss 
resistance at each element, to approximate an 8-radial per 
element ground system. (See the cardioid array example 
above for more information about modeling ground system 
loss.) Opening the file in EZNEC-ARRL and clicking the Sre 
Dat button gives the following impedances: 


Source 1: 16.4 —715.85 Q 
Sources 2 and 3: 57.47 —j19.44 Q 
Source 4: 77.81 + 754.8 Q 


It’s interesting to note that the resistive part of source 
1 is less than the 18 © of loss resistance we intentionally 
added to simulate ground system loss. That means that the 
element | feed-point resistance would be negative if the 
ground resistance were less than about an ohm and a half. This 
isn’t uncommon in phased arrays and simply means that the 
element is feeding power into the feed system. This power is 
coming via mutual coupling from the other elements. 


“Simplest” (Transmission Line Only) Feed System 
To design a “simplest” feed system, start Arrayfeed1. 
In the Array Type frame, select 4 Square, and select 
“Simplest” in the Feed System Type frame. In the Inputs 
frame, enter the frequency and the impedances from EZNEC- 
ARRL: 


Frequency = 7.15 MHz 

Leading Element: R = 16.4, X = —15.85 
Side elements: R = 57.47, X =—19.44 
Lagging Element: R = 77.81, X = 54.8 


We'll try using 50 © for all lines, so enter 50 into the 
next three boxes. 

Enter 1 for the lagging:leading I magnitude and -90 
for the phase. 

Click Find Solutions. 

The result is shown in the Solutions frame, shown in 
Fig 26. As always when any solution exists, there are two 
to choose from. The one with the shortest lines is generally 
preferable, so we'll choose it. For this example, we'll use 
A/4 lines with velocity factor of 0.82. So enter 0.82 in the 
Velocity Factor box in the Physical Lengths frame, and read 
the physical lengths from the bottom of that frame. The 1/4 
lines (marked in the Arrayfeed/ diagram with an asterisk) 
are 28.2 feet, line 1 is 7.483 feet and line 2 is 51.668 feet. 
The “simplest” feed system is shown in Fig 26, and the 
complete feed system consists of this connected to the array 
of Fig 25. 

EZNEC-ARRL model ARRL_4Square_TL_Ex- 
ample.EZ is simulates the array fed with this system. 
Comparison of the pattern plot to one from ideal-current 
model ARRL_4Square_Example.EZ and examination of 
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Fig 26—Screen capture from Arrayfeed7 for “Simplest” 


feed system for Four Square feed system shown in Fig 25. 
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Fig 27—L-network setup for Four-Square array in Fig 25, 
fed with 4/4 (or 34/4) current-forcing feed system. 


the element currents verify that the feed system is produc- 
ing the desired pattern and element currents. You can use 
ARRL_4Square_Example.EZ to investigate the effect of 
frequency change, ground loss and other changes on the 
array gain and pattern. 


L-Network Feed System 


To design the L-network feed system, simply change the 
Feed System Type to L Network and click Find Solutions. 
The results you should see are a 0.484 wH inductor for the 
series component X,,,, and a 1369.6 pF capacitor for the 
shunt component X,,. The L-network feed system is shown 
in Fig 27, and the complete feed system consists of this L 
network connected to the array of Fig 25. 

EZNEC-ARRL doesn’t have the ability to directly model 
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Fig 28—Pattern and layout of the four-element rectangular 
array. Gain is referenced to a single similar element; add 
6.8 dB to the scale values shown. 


the L network, so it’s unable to model the complete system. 
However, the system has been modeled using the network 
capability of EZNEC v.5 and found to work as designed. 
Arrays have also been built using this feed system and the ele- 
ment currents measured, with exactly the expected results. 

This array is more sensitive to adjustment than the 2-ele- 
ment 90° fed, 90° spaced array. Adjustment procedures and a 
method of remotely switching the direction of this array are 
described in the Practical Aspects of Phased Array Design 
section that follows. 


A 4-Element Rectangular Array 


The 4-element rectangule array shown with its pattern 
in Fig 28 has appeared numerous times in amateur publica- 
tions. However, many of the accompanying feed systems fail 
to deliver currents in the proper amounts and phases to the 
various elements. The array can be correctly fed using the 
principles discussed in this chapter and the design methods 
that follow. 

Elements | and 2 can be forced to be in-phase and to 
have equal currents by feeding them through 3//4 lines. (As 
in the binomial and Four Square array examples, 3A/4 lines 
are chosen because 1/4 lines won’t physically reach.) The 
currents in elements 3 and 4 can similarly be forced to be 
equal and in-phase. Fig 29 shows the “current-forcing” feed 
system. Elements 3 and 4 are made to have currents of equal 
magnitude but of 90° phase difference from elements | and 
2 by use of either a “simplest” all-transmission line feed 
system or an L-network feed system. Both will be designed 
in this example. 
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Fig 29—“Simplest” feed system for four-element 
rectangular array, using four equal-length A/4 (or 32/4) 
cables. 


For this array, we have to know the feed-point imped- 
ances of two elements (one of each pair) in order to design 
either type of feed system. EZNEC-ARRL model Rectangu- 
lar_Example.EZ shows a 20-meter rectangular array with 
18 Q of loss resistance at each element, again to approximate 
an 8-radial per element ground system. (See the cardioid array 
example above for more information about modeling ground 
system loss.) Open the file in EZNEC-ARRL and click the Sre 
Dat button to find the following feed-point impedances: 


Sources | and 2: 21.44 —j21.290 
Sources 3 and 4: 70.81 — 75.232 O 


“Simplest” (Transmission- Line Only) Feed System 
To design a “simplest” feed system, start program Array- 
feed1.In the Array Type frame, select 4 Element Rectangle, 
and select “‘Simplest” in the Feed System Type frame. In 
the Inputs frame, enter the frequency and the impedances 
from EZNEC-ARRL: 


Frequency = 14.15 MHz 
Leading Elements R = 21.44, X = —21.29 
Lagging Elements R = 70.81, X = —5.232 


We'll use 50 Q for all lines, so enter 50 into the next 
three boxes. 

Enter 1 for the lagging:leading I magnitude and —90 
for the phase. 

Click Find Solutions. 

The result is “No Solution”—This combination of line 
impedances can’t be used. Several other combinations also 
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produce this result, but making lines | and 2 each 75 Q and 
the 34/4 lines 50 © does produce a solution. Enter 75 into the 
Line 1 ZO and Line 2 ZO boxes, and leave 50 in the Choose 
ZO of 4 or % wavelength lines box, then click the Find Solu- 
tions button. There won’t be any problem making lines | and 
2 reach, so we’ll choose the first solution because the lines 
are shorter. The physical lengths of all the lines are shown 
in the Physical Lengths frame when the velocity factor is 
entered in the appropriate box. Assuming that we use coax 
with a velocity factor of 0.66 (and the example frequency of 
14.15 MHz), the lengths are: 


Line 1: 4.982 feet 

Line 2: 20.153 feet 

34/4 lines (marked with an asterisk in the Arrayfeed/ 
diagram): 34.408 feet 


The lines are connected following the diagram in the upper 
left part of the ArrayfeedI window. This completes the 
“simplest” feed system design. EZNEC-ARRL model Rect- 
angular_TL_Example.EZ simulates an array fed with this 
system. 

Comparison of the pattern plot to one from ideal-current 
Rectangular_Example.EZ, and examination of the element 
currents verify that the feed system is producing the desired 
pattern and element currents. 


L-Network Feed System 
To design the L-network feed system using Arrayfeed1, 
change the Feed System Type to L Network and click Find 
Solutions. The resulting L-network values are a 0.484 uH 
inductor for the series component X,,, and a 1369.6 pF 
capacitor for the shunt component X,,. 


120° Fed, 60° Spaced Dipole Array 


This example shows the design of “simplest” and L 
network feed systems for a 2-element 20- meter dipole array, 
rather than a vertical array. No special accommodation is 
required for the array made from dipoles rather than vertical 
elements—the same methods can be used regardless of ele- 
ment shape. This example also shows that both the “simplest” 
and L-network feed systems can readily be applied to ele- 
ments that use phase angles other than 90°. 

Any 2-element array made with identical elements 
spaced 4/2 or closer and having equal magnitude currents 
with a relative phase angle of 180° minus the spacing 
will produce a unidirectional pattern with a good null to 
the rear. In practice, very close spacings lead to very low 
feed-point resistances, with consequent losses and very nar- 
rowband characteristics. But this 60° spaced array is well 
within the range of practical realization. File ARRL_Dipole_ 
Array_Example.EZ is a model created for this array, with 
ideal element currents. Open this file in EZNEC-ARRL and 
click FF Plot to show the pattern at an elevation angle of 10°. 
You can save this pattern for later comparison to the pattern 
with a “simplest” feed system by opening the File menu in 
the 2D Plot window, selecting Save Trace As, entering a 
name for the trace file and clicking Save. 


Following the same procedure as in the previous ex- 
amples, we begin the array design by finding the element 
feed-point impedances in the ideally fed array using EZNEC- 
ARRL numbers. Having already opened ARRL_Dipole_ 
Array_Example.EZ, all that’s needed is to click Sre Dat. 
The results are: 


Leading element (source 1) : 36.16 —j 46.05 QO 
Lagging element (source 2) : 49.56 + 751.47 O 


“Simplest” (Transmission Line Only) Feed System 


Select Two Element for the Array Type in Array- 
feed! and “Simplest” for the Feed System Type. Enter the 
frequency of 14.15 MHz and enter the element feed-point 
impedances from EZNEC-ARRL into the appropriate boxes in 
the Inputs frame. For line impedances, the section describing 
the “simplest” feed system recommends against choosing 
one which is very different from the element feed-point 
impedances, but for fun let’s try 300 © for the two lines and 
see what happens. Enter 300 in the Line 1 ZO and Line 2 Z0 
boxes. Finally, enter the lagging:leading I mag, phase of 
1 for Mag and -120 for Phase. 

Click Find Solutions. For this example we’ll assume 
that TV type twinlead with a velocity factor of 0.8 is being 
used. So enter 0.8 for the Velocity Factor and read the 
physical line lengths in the Physical Lengths frame. A 
model of the array using the first solution has been created 
as ARRL_Dipole_Array_TL_Example.EZ. Open this file 
in EZNEC-ARRL and click FF Tab. You should see that the 
plot is virtually identical to the one saved earlier from the 
ideal-current model. Note the gain and front/back ratio or 
8.79 dBi and 31.01 dB respectively reported in the data box 
below the 2D plot. 

Don’t subtract 2.15 dB to find the gain relative to a 
single element! This isn’t a free-space model, and the gain 
of a single dipole over ground is much greater than 2.15 dBi. 
Instead, delete one of the elements in ARRL_Dipole_ 
Array_Example.EZ to find the gain of a single element and 
subtract that value from the array gain. You can use the undo 
feature or re-open the file to restore the array. 

Now, go back to the model with the “simplest” feed 
system in EZNEC-ARRL and change the Frequency to 14.0 
MHz. Click FF Tab again. The gain has decreased a little, 
to 8.54 dBi and the front/back ratio has also decreased, to 
21.8 dB. At 14.3 MHz, the gain is slightly higher, 9.04 dBi, 
but the front/back is again worse, down to 18.64 dB. But this 
isn’t bad overall. 

Let’s take a look at the second solution. Click the Trans 
Lines line in the main EZNEC-ARRL window to open the 
Transmission Lines Window. Change the length of the first 
line to 26.856 feet, the second to 28.356 feet, and press the 
Enter key to complete the change. Change the Frequency 
back to 14.15 MHz and click FF Tab. You should see exactly 
the same pattern as for both the first solution and for the ideal 
current model. But now change the Frequency to 14.0 MHz, 
click FF Tab, and look at the pattern. 

What happened? The gain has dropped to 5.95 dBi 


and the front/back to only 3.1 dB. The array is now nearly 
bi-directional! It’s almost as bad at 14.3 MHz. So we’ve 
created a terribly touchy system. The chance of its working 
correctly even at the design frequency is slim, because there 
are inevitably some differences between the model and real 
antenna. 

We did have a clue this might happen. As stated in the 
section describing the “simplest” feed system, the best choices 
for line Zp and for the resulting solution give a difference in 
electrical line lengths about equal to the desired phase delay 
of the current. The difference in electrical line lengths for the 
first solution was about 152°—not as close to the 120° current 
phase difference as we'd like, but much better than the mere 
9.7° difference of the lines for the second solution. While the 
300-Q line Zo is quite different from the element feed-point 
impedances, the first solution result is quite good. If desired, 
you can try other line impedance values into Arrayfeed/ and 
evaluate the results with EZNEC-ARRL. 

Please see the information about baluns in the Baluns 
in Phased Arrays section. Baluns are placed the same as in 
Fig 19, which shows the L-network feed system. 


L-Network Feed System 

To design an L network feed system, change the 
Arrayfeed] Feed System Type to L Network and click 
Find Solutions. The results aren’t good ones to use. The 
component reactance magnitudes of about 1573 and 2619 O 
are more than five times the 300-Q Zo of the feed lines. As 
explained in the section describing the L-network feed sys- 
tem, it’s undesirable to have such a large ratio of component 
reactance to line Zp). Among other problems, the inductor 
and capacitor values are quite extreme and capacitor stray 
inductance and inductor capacitance would have a significant 
impact on performance. 

The problem occurs because the feed-line impedance 
we chose is much larger than the element feed-point imped- 
ances, so the 4/4 lines transform the feed-point impedances 
to much higher values at the L network and main feed point. 
This feed system would be extremely critical, narrowbanded 
and difficult to adjust. We can do better by choosing feed-line 
impedances that aren’t too drastically different than the ele- 
ment feed-point impedances. In this case, 50 or 75 QO would 
be a much better choice than 300. Let’s try 75. 

In Arrayfeed/, change the Line 1 ZO and Line 2 Z0 
impedances from 300 to 75 and click Find Solutions. L- 
network component reactance magnitudes are now about 98 
and 164 ©, much better than before. This will be a relatively 
uncritical and broadbanded feed system. 

Again, be sure to read the information about baluns 
in the Baluns in Phased Arrays section. Fig 19 shows the 
completed feed system including baluns. 


PRACTICAL ASPECTS OF PHASED 
ARRAY DESIGN 


With almost any type of antenna system, there is much 
that can be learned from experimenting with, testing and using 
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various array configurations. In this section, Roy Lewallen, 
W7EL, shares the benefit of years of his experience from 
actually building, adjusting and using phased arrays. There 
is much more work to be done in most of the areas covered 
here, and Roy encourages the reader to build on this work. 


Adjusting Phased Array Feed Systems 


If a phased array is constructed only to achieve forward 
gain, adjusting it is seldom worthwhile. This is because the 
forward gain of most arrays is quite insensitive to either the 
magnitude or phase of the relative currents flowing in the 
elements. If, however, good rejection of unwanted signals 
is desired, adjustment may be required. And achieving very 
deep nulls will almost surely require some adjustment. 

The in-phase and 180° out-of-phase current-forcing 
method supplies very well-balanced and well-phased currents 
to elements without adjustment. If the pattern of an array fed 
using this method is unsatisfactory, it’s generally the result of 
environmental differences—where the elements, even though 
furnished with correct currents, aren’t generating the correct 
fields. Such an array can be optimized in a single direction, 
but a more general approach than the current-forcing method 
must be taken. Some possibilities are described by Paul Lee 
and Forrest Gehrke (see Bibliography). 

Unlike the current-forcing method, the “simplest” and 
L-network feed systems described earlier in this chapter are 
dependent on the self and mutual impedance of one or more 
elements. The required transmission-line lengths or L-net- 
work component values can be computed to a high level of 
precision, but the results are only as good as the knowledge 
of the relevant feed-point impedances. 

While the simplest feed system doesn’t readily lend 
itself to adjustment, the components of an L network can 
easily be made adjustable or can be experimentally changed 
in increments. A practical approach is to model the array 
as accurately as possible, design and build the feed system 
based on the model results and then adjust the network for 
the best performance. 

Simple arrays such as the two-element 90° fed and 
spaced array can be adjusted as follows. Place a low-power 
signal source at a distance from the array (preferably sev- 
eral wavelengths), in the direction a null should be. While 
listening to the signal on a receiver connected to the array, 
alternately adjust the two L-network components for the best 
rejection of the signal. 

This has proved to be a very good way to adjust 2-ele- 
ment arrays. However, variable results were obtained when 
a Four-Square array was adjusted using this technique. The 
probable reason is that more than one combination of current 
balance and phasing can produce a null in a given direction 
but each produces a different overall pattern. So a different 
method must be used for adjusting more complex arrays. 
This involves actually measuring the element currents in 
some way, and adjusting the network until the currents are 
correct. After adjusting the currents, small adjustments can 
be made to deepen the null(s) if desired. 
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Measuring Element Currents 


You can measure the element currents two ways. One 
way is to measure them directly at the element feed points, as 
shown in Fig 30. A dual-channel oscilloscope is required to 
monitor the currents. This method is the most accurate and it 
provides a direct indication of the actual relative magnitudes 
and phases of the element currents. The current probe is 
shown in Fig 31. 

Instead of measuring the element currents directly, you 
could measure them indirectly by measuring the voltages on 
the feed lines an electrical 4/4 or 34/4 distance from the array. 
The voltages at these points are directly proportional to the 
element currents. This introduces additional variables that can 
reduce the accuracy of the result, but the method generally 
produces adequate performance. The 2-element arrays fed 
with the L-network system and all the four element arrays 
presented earlier have 4/4 or 3A/4 lines from all elements to a 
common location, making this second measurement method 
convenient. The voltages can be observed with a dual-channel 
oscilloscope, or, to adjust for equal-magnitude currents and 
90° phasing, you can use the test circuit shown in Fig 32. 

The test circuit is connected to the feed lines of two ele- 
ments that are to be adjusted for 90° phasing (such as elements 
1 and 2, or 2 and 4 of the Four-Square array of Figs 24 and 
25). Adjust the L-network components alternately until both 
meters read zero. Proper operation of the test circuit can be 
verified by disconnecting one of the inputs. The phase output 
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Fig 30—One method of measuring element currents in 
a phased array. Details of the current probe are given in 
Fig 31. Caution: Do not run high power to the antenna 
system for this measurement, or damage to the test 
equipment may result. 
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Fig 31—The current probe for use in the test setup of Fig 
30. The ferrite core is of type 72 material, and may be any 
size. The coax line must be terminated at the opposite end 
with a resistor equal to its characteristic impedance. You 
should build this probe in a plastic or metal box to provide 
mechanical ruggedness. 


should remain close to zero. If not, there is an undesirable 
imbalance in the circuit, which must be corrected. Another 
means of verification is to first adjust the L network so the 
tester indicates correct phasing (zero volts at the phase out- 
put). Then reverse the tester input connections to the elements. 
The phase output should remain close to zero. 


Directional Switching of Arrays 

One ideal directional-switching method would take 
the entire feed system, including the lines to the elements 
and physically rotate it. The smallest possible increment of 
rotation would depend on the symmetry of the array—the 
feed system would need to rotate until the array again Jooks 
the same to it. For example, any 2-element array can be 
rotated 180° (although that wouldn’t accomplish anything 
if the array is bidirectional to begin with). The 4-element 
rectangular array of Figs 28 and 29 can also be reversed, and 
the Four-Square array of Figs 24 and 25 can be switched in 
90° increments. 

Smaller switching increments can be accomplished only 
by reconfiguring the feed system, including any network if 
used, effectively creating a different kind of array. Switching 
in smaller increments than dictated by symmetry will create a 
different pattern in some directions than in others, and must 
be thoughtfully done to maintain equal and properly phased 
element currents. The methods illustrated here will deal only 
with switching in increments related to the array symmetry, 
except for one: a 2-element broadside/end-fire array. 

In all arrays, the success of directional switching de- 
pends on the elements and ground systems being identical 
so that equal element currents result in equal fields. It’s even 
more important in arrays fed with any method other than 
current forcing, because the effectiveness of those methods 
depends on the element feed-point impedances. Few of us 
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Fig 32—Quadrature test circuit. All diodes are germanium, 
such as 1N34A, 1N270, or equiv. Hot carrier or silicon 
diodes can be used at higher power levels. All resistors 
are 14 or 4 W, 5% tolerance. Capacitors are ceramic. 
Alligator clips are convenient for making the input and 
ground connections to the array. 


T1—7 trifilar turns on an Amidon FT-37-43, -75, -77, or 
equivalent ferrite toroid core. 


can afford the luxury of having an array many wavelengths 
away from all other conductors, so an array will nearly always 
perform somewhat differently in each direction. The array 
should be adjusted when steered in the direction requiring 
the most signal rejection in the nulls. Forward gain will, for 
all practical purposes, be equal in all the switched directions, 
since gain is much more tolerant of error than are nulls. 


Basic Switching Methods 

Following is a discussion of basic switching methods, 
how to power relays through the main feed line and other 
practical considerations. In diagrams, grounds are frequently 
omitted to aid clarity, but connections of the ground conduc- 
tors must be carefully made. In fact, it is recommended that 
the ground conductors be switched just as the center conduc- 
tors are, as explained in more detail in Improving Array 
Switching Systems below. In all cases, interconnecting lines 
must be very short. 

A pair of elements spaced A/2 apart can readily be 
switched between broadside and end-fire bidirectional pat- 
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Fig 33—Two-element broadside/end-fire switching. All 


lines must have the same characteristic impedance. 
Grounds and cable shields have been omitted for clarity. 
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Fig 34—Directional switching for 90°, 90° spaced 
2-element array fed with a “simplest” feed system. 


terns, using the current-forcing properties of 4/4 lines. The 
method is shown in Fig 33. The switching device can be a 
relay powered via a separate cable or by dc sent along the 
main feed line. 

Fig 34 shows directional switching of a 90° fed, 90° 
spaced array fed with a “simplest” feed system, where L1 and 
L2 are the required lengths of the two feed lines. Fig 35 shows 
how to switch the same array when fed with an L-network, 
current-forcing system. 

The rectangular array of Fig 28 can be switched in a 
similar manner, as shown in Fig 36. To switch a “simplest” 
fed rectangular array, use the switching circuit of Fig 34, 
but connect the two equal length lines to points A and B of 
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Fig 35—Directional switching for 90°, 90° spaced 2-element 
array fed with an L-network, current-forcing feed system. 
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Fig 36—Directional switching of a four-element rectangular 
array. All interconnections must be very short. As usual, 
grounds and cable shields have been omitted for clarity. 


Fig 29 in place of the two elements shown in Fig 34. 

Switching the direction of an array in increments of 90°, 
when permitted by symmetry, requires at least two relays. 
A method of 90° switching of the Four-Square array with 
L-network feed is shown in Fig 37. 


Powering Relays Through Feed Lines 
All of the above switching methods can be implemented 
without additional wires to the switch box. A single-relay 
system is shown in Fig 38A, and a two-relay system in 


Fig 38B. Small 12 or 24-V dc power relays can be used in 
either system at power levels up to at least a few hundred 
watts. Do not attempt to change directions while transmitting, 
however. Blocking capacitors C1 and C2 should be good 
quality ceramic or transmitting mica units of 0.01 to 0.1 WF. 
No problems have been encountered using 0.1 pF, 300-V 
monolithic ceramic units at RF output levels up to 300 W. C2 
may be omitted if the antenna system is an open circuit at de. 
C3 and C4 should be ceramic, 0.001 uF or larger. 

In Fig 38B, capacitors C5 through C8 should be selected 
with the ratings of their counterparts in Fig 38A, as given 
above. Electrolytic capacitors across the relay coils, C9 and 
C10 in Fig 38B, should be large enough to prevent the relays 
from buzzing, but not so large as to make relay operation too 
slow. Final values for most relays will be in the range from 
10 to 100 uF. They should have a voltage rating of at least 
double the relay coil voltage. Some relays do not require this 
capacitor. All diodes are 1N4001 or similar. A rotary switch 
may be used in place of the two toggle switches in the two- 
relay system to switch the relays in the desired sequence. 


Improving Array-Switching Systems 

The extra circuitry involved in switching arrays can 
degrade array performance by altering the relative currents 
fed to each element. One common cause is current sharing 
in common ground conductors, even when connections are 
kept very short. The author has seen a 30° phase shift in 
voltage along a 4-inch piece of #12 wire in a 40-meter array 
feed system. 

When the two conductors of a feedline are physically 
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Fig 37—Directional switching of the four-square array. All 
interconnections must be very short. 


separated from each other, the impedance increases. This 
is especially true when the main lines are coaxial cables. If 
currents from two elements share the ground conductor of 
a split line, a relatively large voltage drop results. Voltage 
changes 2/4 from the elements translate to current changes 
at the elements. Although keeping all leads extremely short 
is Sometimes adequate, the best way to reduce current sharing 
problems is to keep the two conductors of each transmission 
line as close together as possible, and switch both conductors 
of each line rather than just a single or “hot” conductor. 

An example of a carefully designed switching system 
is shown in Fig 39. It avoids the problem of shared ground 
conductor currents, as well as another common problem, 
namely that effective line lengths are often different along 
different switching paths. Notice how the path from the main 
feed point travels through a single line to each element with 
no common ground connections to other lines except at the 
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Fig 38—Remote switching of relays. See text for 
component information. A one-relay system is shown at A, 
and a two-relay system at B. In B, S1 activates K1, and S2 
activates K2. 
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main feed point. Notice also that the distance doesn’t change 
as the direction is switched. The A/4 lines going to the two 
elements must be shortened by the length ¢ of the lines on 
the feed side of the relays, so that the total line length from 
the main feed point to each element is 4/4 (or 32/4). 

You can see that in either relay position, there’s an open 
ended stub of length @ connected at the main feed point and 
another at the output end of the L network. These will add 
capacitance at those points. Extra C at the main feed point will 
alter the overall impedance seen by a transmitter, but won’t 
otherwise have any effect on the array or its performance. 
The one at the output of the L network will, however, change 
the transformation and phase shift properties of the network. 
But it’s easy to compensate—the value of the shunt capacitor 
element is simply reduced by the amount of the C added by 
the stub. The amount of C for any kind of transmission line 
can be calculated from: 
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Fig 39—A carefully designed L-network, current-forcing 
switching system that switches both hot and shield 
conductors in feed coaxes. 
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where Zy = the characteristic impedance of the line and VF 
= the velocity factor. This works out to 31 pF/foot or 101 pF/ 
meter for 50-Q solid polyethylene insulated coax, which has 
a velocity factor of 0.66. 

The general principles illustrated in Fig 39 can be ex- 
tended to other switching systems. If switching the ground 
conductors as described above isn’t practical, use of a metal 
box for the switching circuitry is recommended, so that the 
relatively large surface area of the box can be used for the 
common ground conductors, minimizing their inductance. 
Always keep leads extremely short. 


Measuring the Electrical Length of Feed Lines 


When using the feed methods described earlier the feed 
lines must be very close to the correct length. For best results, 
they should be correct within 1% or so. This means that a line 
that is intended to be, say, 4/4 at 7 MHz, should actually be 
4/4 at some frequency within 70 kHz of 7 MHz. A simple but 
accurate method to determine at what frequency a line is 1/4 
or A/2 is shown in Fig 40A. The far end of the line is short 
circuited with a very short connection. A signal is applied to 
the input and the frequency is swept until the impedance at 
the input is a minimum. This is the frequency at which the 
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Fig 40—At A, the setup for measurement of the electrical 
length of a transmission line. The receiver may be used in 
place of the frequency counter to determine the frequency 
of the signal generator. The signal generator output must be 
free of harmonics; the half-wave harmonic filter at B may be 
used outboard if there is any doubt. It must be constructed 
for the frequency band of operation. Connect the filter 
between the signal generator and the attenuator pad. 

Ci, C3—Value to have a capacitive reactance = Ry. 
C2—Value to have a capacitive reactance = % Ry. 

L1, L2—Value to have an inductive reactance = Ry. 


line is 4/2. Either the frequency counter or the receiver may 
be used to determine this frequency. The line is, of course, 
A/4 at one half the measured frequency. 

The detector can be a simple diode detector or an oscil- 
loscope may be used if available. A 6 to 10 dB attenuator pad is 
included to prevent the signal generator from looking into a short 
circuit at the measurement frequency. The signal generator out- 
put must be free of harmonics. If there is any doubt, an outboard 
low-pass filter, such as a half-wave harmonic filter, should be 
used. The half-wave filter circuit is shown in Fig 40B, and must 
be constructed for the frequency band of operation. 

Another satisfactory method is to use a noise or resis- 
tance bridge or antenna analyzer at the input of the line, again 
looking for a low impedance at the input while the output 
is short circuited. Simple resistance bridges are described in 
Chapter 27. 

Dip oscillators have been found to be unsatisfactory. 


The required coupling loop has too great an effect on mea- 
surements. 


Measuring Element Self and Mutual Impedances 


The need for measuring element self and mutual im- 
pedances has been made largely unnecessary with the ready 
availability of modeling software. Few amateurs appreciate 
the considerable difficulty of making accurate impedance 
measurements and accurate mutual impedance measurements 
are very difficult even with professional test equipment and 
skills. Despite the limitations of computer modeling, results 
very often are better than measured values because of the 
multiple factors affecting measurement accuracy. 

Those who are interested in measuring self and mutual 
impedances can find more detailed information about doing so 
in Appendix B. The information there is from earlier editions 
of The ARRL Antenna Book. 


Broadside Arrays 


Broadside arrays can be made up of collinear or paral- 
lel elements or combinations of the two. This section was 
contributed by Rudy Severns, N6LF. 


COLLINEAR ARRAYS 


Collinear arrays are always operated with the ele- 
ments in-phase. (If alternate elements in such an array are 
out-of-phase, the system simply becomes a harmonic type 
of antenna.) A collinear array is a broadside radiator, the 
direction of maximum radiation being at right angles to the 
line of the antenna. 


POWER GAIN 


Because of the nature of the mutual impedance between 
collinear elements, the feed-point resistance (compared to a 
single element, which is ~73 Q) is increased as shown earlier 
in this chapter (Fig 9). For this reason the power gain does 
not increase in direct proportion to the number of elements. 
The gain with two elements, as the spacing between them is 
varied, is shown by Fig 41. Although the gain is greatest when 


the end-to-end spacing is in the region of 0.4 to 0.6 A, the use 
of spacings of this order is inconvenient constructionally and 
introduces problems in feeding the two elements. As a result, 
collinear elements are almost always operated with their ends 
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Fig 41—Gain of two collinear 1/2 elements as a function of 
spacing between the adjacent ends. 
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quite close together—in wire antennas, usually with just a 
strain insulator between. 

With very small spacing between the ends of adjacent 
elements the theoretical power gain of collinear arrays, 
assuming the use of #12 copper wire, is approximately as 
follows over a dipole in free space: 


2 collinear elements—1.6 dB 
3 collinear elements—3.1 dB 
4 collinear elements—3.9 dB 


More than four elements are rarely used. 


DIRECTIVITY 


The directivity of a collinear array, in a plane containing 
the axis of the array, increases with its length. Small second- 
ary lobes appear in the pattern when more than two elements 
are used, but the amplitudes of these lobes are low enough so 
that they are usually not important. In a plane at right angles 
to the array the directive diagram is a circle, no matter what 
the number of elements. Collinear operation, therefore, affects 
only E-plane directivity, the plane containing the antenna. 

When a collinear array is mounted with the elements 
vertical, the antenna radiates equally well in all geographical 
directions. An array of such stacked collinear elements tends 
to confine the radiation to low vertical angles. 

If acollinear array is mounted horizontally, the directive 
pattern in the vertical plane at right angles to the array is the 
same as the vertical pattern of a simple (/2 antenna at the 
same height (Chapter 3). 


TWO-ELEMENT ARRAYS 


The simplest and most popular collinear array is one 
using two elements, as shown in Fig 42. This system is 
commonly known as two half-waves in phase. The directive 
pattern in a plane containing the wire axis is shown in Fig 43, 
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Fig 42—At A, two-element collinear array (two half-waves 
in phase). The transmission line shown would operate as 
a tuned line. A matching section can be substituted and a 
nonresonant line used if desired, as shown at B, where the 
matching section is two series capacitors. 
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Fig 43—Free-space E-plane directive diagram for dipole, 
2,3 and 4-element collinear arrays. The solid line is a 
4-element collinear; the dashed line is for a 3-element 
collinear; the dotted line is for a 2-element collinear and 
the dashed-dotted line is for a 1/2 dipole. 


which shows superimposed patterns for a dipole and 2, 3 and 
4-element collinear arrays. Depending on the conductor size, 
height, and similar factors, the impedance at the feed point 
can be expected to be in the range of 4 to 6 kQ, for wire 
antennas. If the elements are made of tubing having a low 
A/dia (wavelength to diameter) ratio, values as low as 1 kQ are 
representative. The system can be fed through an open-wire 
tuned line with negligible loss for ordinary line lengths, or a 
matching section may be used if desired. 

A number of arrangements for matching the feed line 
to this antenna are described in Chapter 26. If elements 
somewhat shorter than A/2 are used, then additional match- 
ing schemes can be employed at the expense of a slight 
reduction in gain. When the elements are shortened two 
things happen—the impedance at the feed-point drops and 
the impedance has inductive reactance that can be tuned out 
with simple series capacitors, as shown in Fig 42B. 

Note that these capacitors must be suitable for the power 
level. Small doorknob capacitors such as those frequently used 
in power amplifiers, are suitable. By way of an example, if 
each side of a 40-meter 2-element array is shortened from 67 
to 58 feet, the feed-point impedance drops from nearly 6000 
to about 1012 © with an inductive reactance of 1800 Q. The 
reactance can be tuned out by inserting 25 pF capacitors at 
the feed-point. The 1012 resistance can be transformed to 
200 Q using a 4/4 matching section made of 450-Q ladder line 
and then transformed to 50 © with a 4:1 balun. Shortening the 
array as suggested reduces the gain by about 0.5 dB. 

Another scheme that preserves the gain is to use a 450-O 
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Fig 44—Layouts for 3- and 4-element collinear arrays. Alternative methods of feeding a 3-element array are shown at 
A and B. These drawings also show the current distribution on the antenna elements and phasing stubs. A matched 
transmission line can be substituted for the tuned line by using a suitable matching section. 


4/4 matching section and shorten the antenna only slightly to 
have a resistance of 4 kQ. The impedance at the input of the 
matching section is then near 50 © and a simple 1:1 balun 
can be used. Many other schemes are possible. The free-space 
E-plane response for a 2-element collinear array is shown 
in Fig 43, compared with the responses for more elaborate 
collinear arrays described below. 


THREE- AND FOUR-ELEMENT ARRAYS 


In a long wire the direction of current flow reverses in 
each A/2 section. Consequently, collinear elements cannot 
simply be connected end to end; there must be some means for 
making the current flow in the same direction in all elements. 
When more than two collinear elements are used it is neces- 
sary to connect phasing stubs between adjacent elements in 
order to bring the currents in all elements in-phase. In Fig 44A 
the direction of current flow is correct in the two left-hand 
elements because the shorted (/4 transmission line (stub) is 
connected between them. This stub may be looked upon sim- 
ply as the alternate A/2 section of a long-wire antenna folded 


back on itself to cancel its radiation. In Fig 44A the part to 
the right of the transmission line has a total length of three 
half wavelengths, the center half wave being folded back to 
form a 4/4 phase-reversing stub. No data are available on the 
impedance at the feed point in this arrangement, but various 
considerations indicate that it should be over 1 kQ. 

An alternative method of feeding three collinear ele- 
ments is shown in Fig 44B. In this case power is applied at 
the center of the middle element and phase-reversing stubs 
are used between this element and both of the outer elements. 
The impedance at the feed point in this case is somewhat 
over 300 © and provides a close match to 300 © line. The 
SWR will be less than 2:1 when 600-Q line is used. Center 
feed of this type is somewhat preferable to the arrangement 
in Fig 44A because the system as a whole is balanced. This 
assures more uniform power distribution among the elements. 
In Fig 44A, the right-hand element is likely to receive some- 
what less power than the other two because a portion of the 
input power is radiated by the middle element before it can 
reach the element located at the extreme right. 
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A four-element array is shown in Fig 44C. The system 
is symmetrical when fed between the two center elements as 
shown. As in the three-element case, no data are available on 
the impedance at the feed point. However, the SWR with a 
600 © line should not be much over 2:1. 

Fig 43 compares the directive patterns of 2, 3 and 4- 
element arrays. Collinear arrays can be extended to more 
than four elements. However, the simple 2-element collinear 
array is the type most frequently used, as it lends itself well 
to multi-band operation. More than two collinear elements 
are seldom used because more gain can be obtained from 
other types of arrays. 


ADJUSTMENT 


In any of the collinear systems described, the lengths of 
the radiating elements in feet can be found from the formula 
468/fy,- The lengths of the phasing stubs can be found from 
the equations given in Chapter 26 for the type of line used. 
If the stub is open-wire line (500 to 600 © impedance) you 
may assume a velocity factor of 0.975 in the formula for a 
A/4 line. On-site adjustment is, in general, an unnecessary 
refinement. If desired, however, the following procedure may 
be used when the system has more than two elements. 

Disconnect all stubs and all elements except those di- 
rectly connected to the transmission line (in the case of feed 
such as is shown in Fig 44B leave only the center element 
connected to the line). Adjust the elements to resonance, 
using the still-connected element. When the proper length is 
determined, cut all other elements to the same length. Make 
the phasing stubs slightly long and use a shorting bar to adjust 
their length. Connect the elements to the stubs and adjust the 
stubs to resonance, as indicated by maximum current in the 
shorting bars or by the SWR on the transmission line. If more 
than three or four elements are used it is best to add elements 
two at a time (one at each end of the array), resonating the 
system each time before a new pair is added. 


THE EXTENDED DOUBLE ZEPP 


One method to obtain higher gain that goes with wider 
spacing in a simple system of two collinear elements is to 
make the elements somewhat longer than 2/2. As shown in 
Fig 45, this increases the spacing between the two in-phase 
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Fig 45—The extended double Zepp. This system gives 
somewhat more gain than two /-sized collinear elements. 
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Max. Gain = 4.95 dBi 


Fig 46—E-plane pattern for the extended double Zepp 
of Fig 45. This is also the horizontal directional 
pattern when the elements are horizontal. The axis 

of the elements lies along the 90°-270° line. The 
free-space array gain is approximately 4.95 dBi. 
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Fig 47—Resistive and reactive feed-point impedance of a 
40-meter extended double Zepp in free space. 


A/2 sections at the ends of the wires. The section in the 
center carries a current of opposite phase, but if this section 
is short the current will be small; it represents only the outer 
ends of a A/2 antenna section. Because of the small current 
and short length, the radiation from the center is small. The 
optimum length for each element is 0.64 2. At greater lengths 
the system tends to act as a long-wire antenna, and the gain 
decreases. 

This system is known as the extended double Zepp. The 
gain over a A/2 dipole is approximately 3 dB, as compared 
with about 1.6 dB for two collinear A/2 dipoles. The direc- 
tional pattern in the plane containing the axis of the antenna 


is shown in Fig 46. As in the case of 








all other collinear arrays, the free-space 
pattern in the plane at right angles to 
the antenna elements is the same as that 
of a A/2 antenna—circular. 

This antenna is not resonant at (A) 
the operating frequency so that the 
feed-point impedance is complex 
(R+jX). A typical example of the 
variation of the feed-point impedance 
over the band for a 40-meter double- 
extended Zepp is shown in Fig 47. This 
antenna is normally fed with open-wire 
transmission line to an antenna tuner. 
Other matching arrangements are, of course, possible. A 
method for transforming the feed-point impedance to 450 O 
and eliminating the minor lobes is given in Chapter 6. 


THE STERBA ARRAY 


Two collinear arrays can be combined to form the Sterba 
array, often called the Sterba curtain. An 8-element example 
of a Sterba array is shown in Fig 48. The four 1/4 elements 
joined on the ends are equivalent to two 4/2 elements. The two 
collinear arrays are spaced A/2 and the 4/4 phasing lines con- 
nected together to provide 4/2 phasing lines. This arrangement 
has the advantage of increasing the gain for a given length and 
also increasing the E-plane directivity, which is no longer cir- 
cular. An additional advantage of this array is that the wire forms 
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Fig 48—Typical Sterba array, an 8-element version. 


a closed loop. For installations where icing is a problem a low 
voltage dc or low frequency (50 or 60 Hz) ac current can be 
passed through the wire to heat it for deicing. The heating cur- 
rent is isolated from RF by decoupling chokes. This is standard 
practice in commercial installations. 

The number of sections in a Sterba array can be extended 
as far as desired but more than four or five are rarely used 
because of the slow increase in gain with extra elements, the 
narrow H-plane directivity and the appearance of multiple 
sidelobes. When fed at the point indicated the impedance is 
about 600 ©. The antenna can also be fed at the point marked 
X. The impedance at this point will be about 1 kQ. The gain 
of the 8-element array in Fig 48 will be between 7 to 8 dB 
over a single element. 


Parallel Broadside Arrays 


To obtain broadside directivity with parallel elements 
the currents in the elements must all be in-phase. At a distant 
point lying on a line perpendicular to the axis of the array 
and also perpendicular to the plane containing the ele- 
ments, the fields from all elements add up in phase. The 
situation is like that pictured in Fig 1 in this chapter, where 
four parallel 4/2 dipoles were fed together a broadside 
array. 

Broadside arrays of this type theoretically can have 
any number of elements. However, practical limitations of 
construction and available space usually limit the number 
of broadside parallel elements. 


POWER GAIN 


The power gain of a parallel-element broadside array 
depends on the spacing between elements as well as on the 
number of elements. The way in which the gain of a two- 
element array varies with spacing is shown in Fig 49. The 
greatest gain is obtained when the spacing is in the vicinity 
of 0.67 2X. 

The theoretical gains of broadside arrays having more 
than two elements are approximately as follows: 


No. of dB Gain dB Gain 
Parallel with d/2 with 32/4 
Elements Spacing Spacing 
3 Oa) 7.2 
4 7A 8.5 
5 8.1 9.4 
6 8.9 10.4 
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Fig 49—Gain as a function of the spacing between two 
parallel elements operated in-phase (broadside). 
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The elements must, of course, all lie in the same plane 
and all must be fed in-phase. 


DIRECTIVITY 


The sharpness of the directive pattern depends on 
spacing between elements and number of elements. Larger 


element spacing will sharpen the main lobe, for a given 
number of elements, up to a point as was shown in Fig 41. 
The two-element array has no minor lobes when the spac- 
ing is A/2, but small minor lobes appear at greater spacings. 
When three or more elements are used the pattern always 
has minor lobes. 


Other Forms Of Broadside Arrays 


For those who have the available room, multi-element 
arrays based on the broadside concept have something to 
offer. The antennas are large but of simple design and non- 
critical dimensions; they are also very economical in terms 
of gain per unit of cost. 

Large arrays can often be fed at several different points. 
However, the pattern symmetry may be sensitive to the choice 
of feed point within the array. Non-symmetrical feed points 
will result in small asymmetries in the pattern but these are 
not usually of great concern. 

Arrays of three and four elements are shown in Fig 50. 
In the 3-element array with 4/2 spacing at A, the array is fed 
at the center. This is the most desirable point in that it tends 
to keep the power distribution among the elements uniform. 
However, the transmission line could alternatively be con- 
nected at either point B or C of Fig 50A, with only slight 
skewing of the radiation pattern. 

When the spacing is greater than 4/2, the phasing lines 
must be | A long and are not transposed between elements. 
This is shown Fig SOB. With this arrangement, any element 
spacing up to | A can be used, if the phasing lines can be 
folded as suggested in the drawing. 

The 2-element array at C is fed at the center of the 
system to make the power distribution among elements as 
uniform as possible. However, the transmission line could be 
connected at either point B, C, D or E. In this case the sec- 
tion of phasing line between B and D must be transposed to 
make the currents flow in the same direction in all elements. 
The 4-element array at C and the 3-element array at B have 
approximately the same gain when the element spacing in 
the array at B is 34/4. 

An alternative feeding method is shown in Fig 50D. This 
system can also be applied to the 3-element arrays, and will 
result in better symmetry in any case. It is necessary only to 
move the phasing line to the center of each element, making 
connection to both sides of the line instead of one only. 

The free-space pattern for a 4-element array with 4/2 
spacing is shown in Fig 51. This is also approximately the 
pattern for a 3-element array with 32/4 spacing. 

Larger arrays can be designed and constructed by fol- 
lowing the phasing principles shown in the drawings. No 
accurate figures are available for the impedances at the various 
feed points indicated in Fig 50. You can estimate it to be in the 
vicinity of | kQ when the feed point is at a junction between 
the phasing line and a 4/2 element, becoming smaller as the 
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number of elements in the array is increased. When the feed 
point is midway between end-fed elements as in Fig 50C, the 
feed-point impedance of a 4-element array is in the vicinity 
of 200 to 300 Q, with 600-Q open-wire phasing lines. The 
impedance at the feed point with the antenna shown at D 
should be about 1.5 kQ. 
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Fig 50—Methods of feeding 3- and 4-element broadside 
arrays with parallel elements. 
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Fig 51—Free-space E-plane pattern of a 4-element 
broadside array using parallel elements (Fig 50). This 
corresponds to the horizontal directive pattern at low wave 
angles for a vertically polarized array over ground. The 
axis of the elements lies along the 90°-270° line. 


NON-UNIFORM ELEMENT CURRENTS 


The pattern for a 4-element broadside array shown in 
Fig 51 has substantial side lobes. This is typical for arrays 
more than 4/2 wide when equal currents flow in each element. 
Sidelobe amplitude can be reduced by using non-uniform 
current distribution among the elements. Many possible 
current amplitude distributions have been suggested. All of 
them have reduced current in the outer elements and greater 
current in the inner elements. This reduces the gain somewhat 
but can produce a more desirable pattern. One of the common 
current distributions is called binomial current grading. In 
this scheme the ratio of element currents is set equal to the 
coefficients of a polynomial. For example: 








1x41, > 11 
(x41)? =1x74+2x4+1, > 1,2,1 

(x41)? =1x34+3x7+3x+1, = 1,3,3,1 a) 
(x+1)* = 1x4 +4x3 46x? +6x4+1, > 1,4,6,4,1 








In a 2-element array the currents are equal, in a 3-ele- 
ment array the current in the center element is twice that in 
the outer elements, and so on. 


HALF-SQUARE ANTENNA 


On the low-frequency bands (40, 80 and 160 meters) it 
becomes increasingly difficult to use A/2 elements because of 
their size. The half-square antenna is a 2-element broadside 
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Fig 52—Layout for the half-square antenna. 
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Fig 53—Free-space E-plane directive pattern for the 
half-square antenna. 


array with 1/4-high vertical elements and A/2 horizontal 
spacing. See Fig 52. The free-space H-plane pattern for 
this array is shown in Fig 53. The antenna gives modest 
(4.2 dBi) but useful gain and has the advantage of only 4/4 
height. Like all vertically polarized antennas, real-world 
performance depends directly on the characteristics of the 
ground surrounding it. 

The half-square can be fed either at the point indicated 
or at the bottom end of one of the vertical elements using a 
voltage-feed scheme, such as that shown in Fig 54 for the 
bobtail curtain. The feed-point impedance is in the region of 
50 Q when fed at a corner as shown in Fig 52. A typical SWR 
plot is shown in Fig 55. Chapter 6 has a detailed discussion 
of the half-square antenna with several variations, together 
with practical considerations. 
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Fig 54—The bobtail curtain is an excellent low-angle 
radiator having broadside bidirectional characteristics. 
Current distribution is represented by the arrows. 
Dimensions A and B (in feet, for wire antennas) can be 
determined from the equations. 





INF 


ANT0348 








SWR 
w 


















































Frequency (MHz) is 


Fig 55—Typical SWR plot for a 40-meter half-square 
antenna fed at one corner. Antenna in free space. 


BOBTAIL CURTAIN 


The antenna system in Fig 54 uses the principles of 
co-phased verticals to produce a broadside, bidirectional 
pattern providing approximately 5.1 dB of gain over a single 
4/4 element. The antenna performs as three in-phase, top-fed 
vertical radiators approximately 2/4 in height and spaced 
approximately 1/2. It is most effective for low-angle signals 
and makes an excellent long-distance antenna for 1.8, 3.5 
or 7 MHz. 

The three vertical sections are the actual radiating 
components, but only the center element is fed directly. The 
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Fig 56—Calculated free-space E-plane directive diagram 
of the bobtail curtain shown in Fig 54. The array lies along 
the 90°-270° axis. 
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Fig 57—Typical SWR plot for an 80-meter bobtail curtain in 
free space. This is a narrow-band antenna. 


two horizontal parts, A, act as phasing lines and contribute 
very little to the radiation pattern. Because the current in the 
center element must be divided between the end sections, the 
current distribution approaches a binomial 1:2:1 ratio. The 
radiation pattern is shown in Fig 56. 

The vertical elements should be as vertical as possible. 
The height for the horizontal portion should be slightly greater 
than B, as shown in Fig 54. The tuning network is resonant at 
the operating frequency. The L/C ratio should be fairly low 
to provide good loading characteristics. As a starting point, a 
maximum capacitor value of 75 to 150 pF is recommended, 
and the inductor value is determined by C and the operating 
frequency. The network is first tuned to resonance and then the 


tap point is adjusted for the best match. A slight readjustment 
of C may be necessary. A link coil consisting of a few turns 
can also be used to feed the antenna. 

A feeling for the matching bandwidth of this antenna 
can be obtained by looking at a feed point located at the 
top end of the center element. The impedance at this point 
will be approximately 32 Q. An SWR plot (for Zp = 32 Q) 
for an 80-meter bobtail curtain at this feed-point is shown 
in Fig 57. However, it is not advisable to actually connect 
a feed line at this point since it would detune the array and 
alter the pattern. This antenna is relatively narrow band. 
When fed at the bottom of the center element as shown in 
Fig 54, the SWR can be adjusted to be 1:1 at one frequency 
but the operating bandwidth for SWR < 2:1 may be even 
narrower than Fig 57 shows. For 80-meters, where operation 
is often desired in the CW DX window (3.510 MHz) and in 
the phone DX window (3.790 MHz), it will be necessary to 
retune the matching network as you change frequency. This 
can be done by switching a capacitor in or out, manually or 
remotely with a relay. 

While the match bandwidth is quite narrow, the radiation 
pattern changes more slowly with frequency. Fig 58 shows the 
variation in the pattern over the entire band (3.5 to 4.0 MHz). 
As would be expected, the gain increases with frequency 
because the antenna is larger in terms of wavelengths. The 
general shape of the pattern, however, is quite stable. 


THE BRUCE ARRAY 


Four variations of the Bruce array are shown in Fig 59. 
The Bruce is simply a wire folded so that the vertical sections 
carry large in-phase currents, while the horizontal sections 
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Fig 58—80-meter bobtail curtain’s free-space E-plane 
pattern variation over the 80-meter band. 


carry small currents flowing in opposite directions with 
respect to the center of a section (indicated by dots). The 
radiation is vertically polarized. The gain is proportional to 
the length of the array but is somewhat smaller than you can 
obtain from a broadside array of A/2 elements of the same 
length. This is because the radiating portion of the elements 
is only A/4. 

The Bruce array has a number of advantages: 

1) The array is only 4/4 high. This is especially help- 
ful on 80 and 160 meters, where the height of 2/2 supports 
becomes impractical for most amateurs. 

2) The array is very simple. It is just a single piece of 
wire folded to form the array. 

3) The dimensions of the array are very flexible. 
Depending on the available distance between supports, any 
number of elements can be used. The longer the array, the 
greater the gain. 

4) The shape of the array does not have to be exactly 
1.05 4/4 squares. If the available height is short but the 
array can be made longer, then shorter vertical sections and 
longer horizontal sections can be used to maintain gain and 
resonance. Conversely, if more height is available but width 
is restricted then longer vertical sections can be used with 
shorter horizontal sections. 

5) The array can be fed at other points more convenient 
for a particular installation. 

6) The antenna is relatively low Q, so that the feed-point 
impedance changes slowly with frequency. This is very 
helpful on 80 meters, for example, where the antenna can 
be relatively broadband. 

7) The radiation pattern and gain is stable over the width 
of an amateur band. 

Note that the nominal dimensions of the array in Fig 59 
call for section lengths = 1.05 4/4. The need to use slightly 
longer elements to achieve resonance is common in large wire 
arrays. A quad loop behaves in the same manner. This is quite 
different from wire dipoles, which are typically shortened by 
2-5% to achieve resonance. 

Fig 60 shows the variations in gain and pattern for 2 to 
5-element 80-meter Bruce arrays. Table 2 lists the gain over 
a vertical 4/2 dipole, a 4-radial ground-plane vertical and the 
size of the array. The gain and impedance parameters listed 
are for free space. Over real ground the patterns and gain will 
depend on the height above ground and the ground character- 
istics. Copper loss using #12 conductors in included. 

Worthwhile gain can be obtained from these arrays, 
especially on 80 and 160 meters, where any gain is hard to 
come by. The feed-point impedance is for the center of a 
vertical section. From the patterns in Fig 60 you can see that 
sidelobes start to appear as the length of the array is increased 
beyond 3//4. This is typical for arrays using equal currents 
in the elements. 

It is interesting to compare the bobtail curtain (Fig 54) 
with a 4-element Bruce array. Fig 61 compares the radiation 
patterns for these two antennas. Even though the Bruce is 
shorter (34/4) than the bobtail (1 A), it has slightly more 
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Fig 59—Various Bruce arrays: 2, 3, 4 and 5-element versions. 


Table 2 

Bruce array length, impedance and gain as a function of number of elements 
Number Gain Over i/2 Gain over 1/4 Array Length Approx. Feed 
Elements Vertical Dipole Ground-Plane Wavelengths Z,9 

2 1.2 dB 1.9dB A 130 

3 2.8 dB 3.6 dB Vp 200 

4 4.3 dB 5.1 dB % 250 

5 5.3 dB 6.1 dB 1 300 
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gain. The matching bandwidth is illustrated by the SWR 
curve in Fig 62. The 4-element Bruce has over twice the 
match bandwidth (200 kHz) than does the bobtail (75 kHz 
in Fig 57). Part of the gain difference is due to the binomial 
current distribution—the center element has twice the current 
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Fig 60—80-meter free-space E-plane directive patterns 
for the Bruce arrays shown in Fig 59. The 5-element’s 
pattern is a solid line; the 4-element is a dashed line; the 
3-element is a dotted line, and the 2-element version is a 
dashed-dotted line. 
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Fig 61—Comparison of free space patterns of a 4-element 
Bruce array (solid line) and a 3-element bobtail curtain 
(dashed line). 


as the outer elements in the bobtail. This reduces the gain 
slightly so that the 4-element Bruce becomes competitive. 
This is a good example of using more than the minimum 
number of elements to improve performance or to reduce size. 
On 160 meters the 4-element Bruce will be 140 feet shorter 
than the bobtail, a significant reduction. If additional space is 
available for the bobtail (1 1) then a 5-element Bruce could 
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Fig 62—Typical SWR curve for a 4-element 80-meter 
Bruce array. 


Transmission Line 





(A) Ground System 


68' 68' 





A/4 Counterpoise 
Wire 68' 


6 — 12" = 450 O 


ANT0356 (8) 


Feed Point 


Fig 63—Alternate feed arrangements for the Bruce array. 
At A, the antenna is driven against a ground system and 
at B, it uses a two-wire counterpoise. 
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be used, with a small increase in gain but also introducing 
some sidelobes. 

The 2-element Bruce and the half-square antennas are 
both 2-element arrays. However, since the spacing between 
radiators is greater in the half-square (A/2) the gain of the 
half-square is about | dB greater. If space is available, the 
half-square would be a better choice. If there is not room for 
a half-square then the Bruce, which is only half as long (4/4), 
may be a good alternative. The 3-element Bruce, which has 
the same length (A/2) as the half-square, has about 0.6 dB 
more gain than the half-square and will have a wider match 
bandwidth. 

The Bruce antenna can be fed at many different points 
and in different ways. In addition to the feed points indicated 
in Fig 59, you may connect the feed line at the center of any 
of the vertical sections. In longer Bruce arrays, feeding at 
one end will result in some current imbalance among the 
elements but the resulting pattern distortion is small. Actually, 
the feed-point can be anywhere along a vertical section. One 
very convenient point is at an outside corner. The feed-point 
impedance will be higher (about 600 ©). A good match for 
450-Q. ladder-line can usually be found somewhere on the 
vertical section. It is important to recognize that feeding 
the antenna at a voltage node (dots in Fig 59) by breaking 
the wire and inserting an insulator, completely changes the 
current distribution. This will be discussed in the section on 
endfire arrays. 

A Bruce can be fed unbalanced against ground or against 
a counterpoise as shown in Fig 63. Because it is a vertically 
polarized antenna, the better the ground system, the better 
the performance. As few as two elevated radials can be used 
as shown in Fig 63B, but more radials can also be used to 
improve the performance, depending on local ground con- 
stants. The original development of the Bruce array in the 
late 1920s used this feed arrangement. 


FOUR-ELEMENT BROADSIDE ARRAY 


The 4-element array shown in Fig 64 is commonly 
known as the lazy H. It consists of a set of two collinear ele- 
ments and a set of two parallel elements, all operated in-phase 
to give broadside directivity. The gain and directivity will 
depend on the spacing, as in the case of a simple parallel-ele- 
ment broadside array. The spacing may be chosen between 
the limits shown on the drawing, but spacings below 3/8 are 
not worthwhile because the gain is small. Estimated gains 
compared to a single element are: 


3A/8 spacing—4.2 dB 
A/2 spacing—5.8 dB 

51/8 spacing—6.7 dB 
31/4 spacing—6.3 dB 


Half-wave spacing is generally used. Directive pat- 
terns for this spacing are given in Figs 65 and 66. With A/2 
spacing between parallel elements, the impedance at the 
junction of the phasing line and transmission line is resistive 
and in the vicinity of 100 ©. With larger or smaller spacing 
the impedance at this junction will be reactive as well as 
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Fig 64—Four-element broadside array (“lazy H”) using 
collinear and parallel elements. 


resistive. Matching stubs are recommended in cases where a 
non-resonant line is to be used. They may be calculated and 
adjusted as described in Chapter 26. 

The system shown in Fig 64 may be used on two bands 
having a 2-to-1 frequency relationship. It should be designed 
for the higher of the two frequencies, using 34/4 spacing 
between parallel elements. It will then operate on the lower 
frequency as a simple broadside array with 3/8 spacing. 

An alternative method of feeding is shown in the small 
diagram in Fig 64. In this case the elements and the phasing 
line must be adjusted exactly to an electrical half wavelength. 
The impedance at the feed point will be resistive and on the 
order of 2 kQ. 


THE BI-SQUARE ANTENNA 


A development of the lazy H, known as the bi-square 
antenna, is shown in Fig 67. The gain of the bi-square is 
somewhat less than that of the lazy-H, but this array is at- 
tractive because it can be supported from a single pole. It 
has a circumference of 2 A at the operating frequency, and is 
horizontally polarized. 

The bi-square antenna consists of two | A radiators, fed 
180° out-of-phase at the bottom of the array. The radiation 
resistance is 300 Q, so it can be fed with either 300- or 600-Q 
line. The free space gain of the antenna is about 5.8 dBi, 
which is 3.7 dB more than a single dipole element. Gain 
may be increased by adding a parasitic reflector or director. 
Two bi-square arrays can be mounted at right angles and 
switched to provide omnidirectional coverage. In this way, 
the antenna wires may be used as part of the guying system 
for the pole. 

Although it resembles a loop antenna, the bi-square 
is not a true loop because the ends opposite the feed point 
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Fig 65—Free-space directive diagrams of the 4-element 
antenna shown in Fig 64. At A is the E-plane pattern. The 
axis of the elements lies along the 90°-270° line. At B is 
the free-space H-plane pattern, viewed as if one set of 
elements is above the other from the ends of the elements. 


are open. However, identical construction techniques can 
be used for the two antenna types. Indeed, with a means of 
remotely closing the connection at the top for lower frequency 
operation, the antenna can be operated on two harmonically 
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Fig 66—Vertical pattern of the 4-element broadside antenna 
of Fig 64, when mounted with the elements horizontal and 
the lower set 1/4 above flat ground. Stacked arrays of this 
type give best results when the lowest elements are at least 
i/2 high. The gain is reduced and the wave angle raised if 
the lowest elements are too close to ground. 
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Fig 67—The bi-square array. It has the appearance of a 
loop, but is not a true loop because the conductor is open 
at the top. The length of each side, in feet, is 480/f (MHz). 


related bands. As an example, an array with 17 feet per side 
can be operated as a bi-square at 28 MHz and as a full-wave 
loop at 14 MHz. For two-band operation in this manner, the 
side length should favor the higher frequency. The length of 
a closed loop is not as critical. 
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End-Fire Arrays 


The term end-fire covers a number of different meth- 
ods of operation, all having in common the fact that the 
maximum radiation takes place along the array axis, and that 
the array consists of a number of parallel elements in one 
plane. End-fire arrays can be either bidirectional or unidirec- 
tional. In the bidirectional type commonly used by amateurs 
there are only two elements, and these are operated with 
currents 180° out-of-phase. Even though adjustment tends 
to be complicated, unidirectional end-fire driven arrays 
have also seen amateur use, primarily as a pair of phased, 
ground-mounted A/4 vertical elements. Extensive discus- 
sion of this array is contained in earlier sections of this 
chapter. 

Horizontally polarized unidirectional end-fire arrays see 
little amateur use except in log-periodic arrays (described in 
Chapter 10). Instead, horizontally polarized unidirectional ar- 
rays usually have parasitic elements (described in Chapter 11) 
and are called Yagis. 


TWO-ELEMENT END-FIRE ARRAY 


In a 2-element array with equal currents out-of-phase, 
the gain varies with the spacing between elements as shown 
in Fig 68. The maximum gain occurs in the neighborhood 
of 0.1 4 spacing. Below that the gain drops rapidly due to 
conductor loss resistance. 

The feed-point resistance for either element is very low 
at the spacings giving greatest gain, as shown in Fig 8 earlier 
in this chapter. The spacings most frequently used are 2/8 
and A/4, at which the resistances of center-fed A/2 elements 
are about 9 and 32 Q, respectively. 

The effect of conductor resistance on gain for various 
spacings is shown in Fig 69. Because current along the 
element is not constant (it is approximately sinusoidal), the 
resistance shown is the equivalent resistance (Reg) inserted 
at the center of the element to account for the loss distributed 
along the element. 

The equivalent resistance of a 4/2 element is one half 
the ac resistance (R,,) of the complete element. R,, is usually 
>> Rg, due to skin effect. For example, a 1.84 MHz dipole 
using #12 copper wire will have the following R,,: 


Wire length = 267 feet 

Rdc = 0.00159 [ /foot] x 267 [feet] = 0.42 
Fr = Rac/Rdc = 10.8 

Req =(Rdc/2) x Fr = 2.29 


For a 3.75 MHz dipole made with #12 wire, Req = 
1.59 Q. In Fig 69, it is clear that end-fire antennas made with 
#12 or smaller wire will limit the attainable gain because of 
losses. There is no point in using spacings much less than A/4 
if you use wire elements. If instead you use elements made 
of aluminum tubing then smaller spacings can be used to 
increase gain. However, as the spacing is reduced below A/4 
the increase in gain is quite small even with good conductors. 
Closer spacings give little gain increase but can drastically 
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Fig 68—Gain of an end-fire array consisting of two elements 
fed 180° out-of-phase, as a function of the spacing between 
elements. Maximum radiation is in the plane of the elements 
and at right angles to them at spacings up to (/2, but the 
direction changes at greater spacings. 
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Fig 69—Gain over a single element of two out-of-phase 
elements in free space as a function of spacing for various 
loss resistances. 


reduce the operating bandwidth due to the rapidly increasing 
Q of the array. 


Unidirectional End-Fire Arrays 

Two parallel elements spaced 4/4 apart and fed equal 
currents 90° out-of-phase will have a directional pattern in 
the plane at right angles to the plane of the array. See Fig 70. 
The maximum radiation is in the direction of the element in 
which the current lags. In the opposite direction the fields 
from the two elements cancel. 

When the currents in the elements are neither in-phase 
nor 180° out-of-phase, the feed-point resistances of the 
elements are not equal. This complicates the problem of 
feeding equal currents to the elements, as discussed in earlier 
sections. 
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Fig 70—Representative H-plane pattern for a 2-element 
end-fire array with 90° spacing and phasing. The elements 
lie along the vertical axis, with the uppermost element the 
one of lagging phase. Dissimilar current distributions are 
taken into account. (Pattern computed with ELNEC.) 
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Fig 71—H-plane pattern for a 3-element end-fire array 
with binomial current distribution (the current in the 
center element is twice that in each end element). The 
elements are spaced 1/4 apart along the 0°-180° axis. The 
center element lags the lower element by 90°, while the 
upper element lags the lower element by 180° in phase. 
Dissimilar current distributions are taken into account. 
(Pattern computed with ELNEC.) 


More than two elements can be used in a unidirectional 
end-fire array. The requirement for unidirectivity is that there 
must be a progressive phase shift in the element currents equal 
to the spacing, in electrical degrees, between the elements. 
The amplitudes of the currents in the various elements also 
must be properly related. This requires binomial current 





distribution. In the case of three elements, this requires that 
the current in the center element be twice that in the two 
outside elements, for 90° (A/4) spacing and element current 
phasing. This antenna has an overall length of A/2. The di- 
rective diagram is shown in Fig 71. The pattern is similar to 
that of Fig 70, but the 3-element binomial array has greater 
directivity, evidenced by the narrower half-power beamwidth 
(146° versus 176°). Its gain is 1.0 dB greater. 


THE W8JK ARRAY 


As pointed out earlier, John Kraus, W8JK, described 
his bidirectional flat-top W8JK beam antenna in 1940. See 
Fig 72. Two 4/2 elements are spaced A/8 to 4/4 and driven 
180° out-of-phase. The free-space radiation pattern for this 
antenna, using #12 copper wire, is given in Fig 73. The pat- 
tern is representative of spacings between A/8 and A/4 where 
the gain varies less than 0.5 dB. The gain over a dipole is 
about 3.3 dB (5.4 dBi referenced to an isotropic radiator), a 
worthwhile improvement. The feed-point impedance (includ- 
ing wire resistance) of each element is about 11 © for A/8 
spacing and 33 Q for A/4 spacing. The feed-point impedance 
at the center connection will depend on the length and Zp of 
the connecting transmission line. 

Kraus gave a number of other variations for end-fire 
arrays, some of which are shown in Fig 74. The ones fed at 
the center (A, C and E) are usually horizontally polarized 
flat-top beams. The end-fed versions (B, D & F) are usually 
vertically polarized, where the feed point can be conveniently 
near ground. 

A practical variation of Fig 74B is given in Fig 75. In 
this example, the height is limited to 2/4 so the ends can be 
bent over as shown, producing a 2-element Bruce array. This 
reduces the gain somewhat but allows much shorter supports, 
an important consideration on the low bands. If additional 
height is available, then you can achieve some additional gain. 
The upper ends can be bent over to fit the available height. 
The feed-point impedance will greater than 1 kQ. 





ANTO365 





NB8 to N4 


Trans. Line 


Fig 72—A 2-element W8JK array. 
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Fig 73—Free-space E-plane pattern for the 2-element 
Wé8JK array 
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Fig 74—Six other variations of W8JK “flat-top beam” antennas. 
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FOUR-ELEMENT END-FIRE AND 
COLLINEAR ARRAYS 


The array shown in Fig 76 combines collinear in-phase 
elements with parallel out-of-phase elements to give both 
broadside and end-fire directivity. It is a two-section W8JK. 
The approximate free-space gain using #12 copper wire 
is 4.9 dBi with 4/8 spacing and 5.4 dBi with 2/4 spacing. 
Directive patterns are given in Figs 77 for free space, and in 
Fig 78 for heights of 1 4 and 4/2 above flat ground. 

The impedance between elements at the point where the 
phasing line is connected is of the order of several thousand 
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Fig 76—A 4-element array combining collinear broadside 
elements and parallel end-fire elements, popularly known 
as a two-section W8JK array. 
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Max. Gain = 6.54 dBi ANT0370 
Fig 77—Free-space E-plane pattern for the antenna shown 
in Fig 76, with 1/8 spacing. The elements are parallel to the 
90°-270° line in this diagram. Less than a 1° change in half- 
power beamwidth results when the spacing is changed 
from 1/8 to 4/4. 
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Fig 78—Elevation-plane pattern for the 4-element antenna 
of Fig 76 when mounted horizontally at two heights over 
flat ground. Solid line = 1 4 high; dashed line = 1/2 high. 


ohms. The SWR with an unmatched line consequently is quite 
high, and this system should be constructed with open-wire 
line (500 or 600 @) if the line is to be resonant. With A/4 
element spacing the SWR on a 600 © line is estimated to be 
in the vicinity of 3 or 4:1. 

To use a matched line, you could connect a closed stub 
3A/16 long at the transmission-line junction shown in Fig 76. 
The transmission line itself can then be tapped on this match- 
ing section at the point resulting in the lowest line SWR. This 
point can be determined by trial. 

This type of antenna can be operated on two bands 
having a frequency ratio of 2 to 1, if a resonant feed line is 
used. For example, if you design for 28 MHz with 1/4 spac- 
ing between elements, you can also operate on 14 MHz as a 
simple 2-element end-fire array having 2/8 spacing. 


Combination Driven Arrays 

You can readily combine broadside, end-fire and col- 
linear elements to increase gain and directivity, and this is 
in fact usually done when more than two elements are used 
in an array. Combinations of this type give more gain, in a 
given amount of space, than plain arrays of the types just 
described. Since the combinations that can be worked out 
are almost endless, this section describes only a few of the 
simpler types. 

The accurate calculation of the power gain of a multi- 
element array requires a knowledge of the mutual impedances 
between all elements, as discussed in earlier sections. For 
approximate purposes it is sufficient to assume that each set 
(collinear, broadside, end-fire) will have the gains as given 
earlier, and then simply add up the gains for the combination. 
This neglects the effects of cross-coupling between sets of 
elements. However, the array configurations are such that the 
mutual impedances from cross-coupling should be relatively 
small, particularly when the spacings are 4/4 or more, so the 
estimated gain should be reasonably close to the actual gain. 
Alternatively, an antenna modeling program, such as EZNEC, 
can give good estimates of all parameters for a real-world 
antenna, providing that you take care to model all applicable 
parameters. 
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FOUR-ELEMENT DRIVEN ARRAYS 


The array shown in Fig 79 combines parallel ele- 
ments with broadside and end-fire directivity. The smallest 
array (physically)—3A/8 spacing between broadside and 
4/8 spacing between end-fire elements—has an estimated 
gain of 6.5 dBi and the largest—3A/4 and A/4 spacing, 
respectively—about 8.4 dBi. Typical directive patterns for a 
A/4 x 2/2 array are given in Figs 80 and 81. 

The impedance at the feed point will not be purely 
resistive unless the element lengths are correct and the 
phasing lines are exactly 4/2 long. (This requires somewhat 
less than A/2 spacing between broadside elements.) In this 
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Fig 79—Four-element array combining both broadside and 
end-fire elements. 
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Fig 80—Free-space H-plane pattern of the 4-element 
antenna shown in Fig 79. 
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Max. Gain = 13.65 dBi ANT0374 


Fig 81—Vertical pattern of the antenna shown in Fig 79 
at a mean height of 31/4 (lowest elements A/2 above flat 
ground) when the antenna is horizontally polarized. For 
optimum gain and low wave angle the mean height should 


case the impedance at the junction is estimated to be over 
10 kQ. With other element spacings the impedance at the 
junction will be reactive as well as resistive, but in any event 
the SWR will be quite large. An open-wire line can be used 
as a resonant line, or a matching section may be used for 
non-resonant operation. 


EIGHT-ELEMENT DRIVEN ARRAYS 


The array shown in Fig 82 is a combination of collinear 
and parallel elements in broadside and end-fire directivity. 
Common practice in a wire antenna is to use A/2 spacing for 
the parallel broadside elements and 1/4 spacing for the end- 
fire elements. This gives a free-space gain of about 9.1 dBi. 
Directive patterns for an array using these spacings are similar 
to those of Figs 80 and 81, but are somewhat sharper. 

The SWR with this arrangement will be high. Matching 
stubs are recommended for making the lines non-resonant. 
Their position and length can be determined as described in 
Chapter 26. 
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Fig 82—Eight-element driven array combining collinear 
and parallel elements for broadside and end-fire directivity. 


This system can be used on two bands related in fre- 
quency by a 2-to-1 ratio, providing it is designed for the higher 
of the two, with 34/4 spacing between the parallel broadside 
elements and i/4 spacing between the end-fire elements. 
On the lower frequency it will then operate as a 4-element 
antenna of the type shown in Fig 79, with 34/8 broadside 
spacing and A/8 end-fire spacing. For two-band operation a 
resonant transmission line must be used. 


PHASING ARROWS IN ARRAY 
ELEMENTS 


In the antenna diagrams of preceding sections, the rela- 
tive direction of current flow in the various antenna elements 
and connecting lines was shown by arrows. In laying out any 
antenna system it is necessary to know that the phasing lines 
are properly connected; otherwise the antenna may have 
entirely different characteristics than anticipated. The phasing 
may be checked either on the basis of current direction or 
polarity of voltages. There are two rules to remember: 


1) Inevery 4/2 section of wire, starting from an open end, the 
current directions reverse. In terms of voltage, the polarity 
reverses at each A/2 point, starting from an open end. 

2) Currents in transmission lines always must flow in op- 
posite directions in adjacent wires. In terms of voltage, 
polarities always must be opposite. 


Examples of the use of current direction and voltage 
polarity are given at A and B, respectively, in Fig 83. The 
A/2 points in the system are marked by small circles. When 
current in one section flows toward a circle, the current in 
the next section must also flow toward it, and vice versa. In 
the 4-element antenna shown at A, the current in the upper 
right-hand element cannot flow toward the transmission line 
because then the current in the right-hand section of the 
phasing line would have to flow upward and thus would be 
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Fig 83—Methods of checking the phase of currents in 
elements and phasing lines. 


flowing in the same direction as the current in the left-hand 
wire. The phasing line would simply act like two wires in 
parallel in such a case. Of course, all arrows in the drawing 
could be reversed, and the net effect would be unchanged. 

C shows the effect of transposing the phasing line. 
This transposition reverses the direction of current flow in 
the lower pair of elements, as compared with A, and thus 
changes the array from a combination collinear and end-fire 
arrangement into a collinear-broadside array. 

The drawing at D shows what happens when the trans- 
mission line is connected at the center of a section of phasing 
line. Viewed from the main transmission line, the two parts of 
the phasing line are simply in parallel, so the half wavelength 
is measured from the antenna element along the upper section 
of phasing line and thence along the transmission line. The 
distance from the lower elements is measured in the same 
way. Obviously, the two sections of phasing line should be the 
same length. If they are not, the current distribution becomes 
quite complicated; the element currents are neither in-phase 
nor 180° out-of-phase, and the elements at opposite ends 
of the lines do not receive the same current. To change the 
element current phasing at D into the phasing at A, simply 
transpose the wires in one section of the phasing line. This 
reverses the direction of current flow in the antenna elements 
connected to that section of phasing line. 


BIBLIOGRAPHY 


Source material and more extended discussion of topics 
covered in this chapter can be found in the references given 
below and in the textbooks listed at the end of Chapter 2. 


D. W. Atchley, H. E. Stinehelfer, and J. F. White, “360°-Steer- 
able Vertical Phased Arrays,” OST, Apr 1976, pp 27-30. 
G. H. Brown, “Directional Antennas,” Proc. IRE, Vol 25, No. 

1, Jan 1937, pp 78-145. 

G. H. Brown, R. F. Lewis and J. Epstein, “Ground Systems 
as a Factor in Antenna Efficiency,’ Proc. IRE, Jun 1937, 
pp 753-787. 

G. H. Brown and O. M. Woodward, Jr., “Experimentally 
Determined Impedance Characteristics of Cylindrical An- 
tennas,” Proc. IRE, Apr 1945. 

L. B. Cebik, “Two Limitations of NEC-4”’, www.cebik. 
com/model/fd.html. 

A. Christman, “Feeding Phased Arrays: An Alternate 
Method,” Ham Radio, May 1985, pp 58-59, 61-64. 

J. Devoldere, ON4UN’s Low-Band DXing, 4th ed. (Newing- 
ton, CT: ARRL, 2005). 

EZNEC is an antenna-modeling computer program for Mi- 
crosoft Windows. See eznec.com for full information. 

F. Gehrke, “Vertical Phased Arrays,” in six parts, Ham Radio, 
May-Jul, Oct and Dec 1983, and May 1984. 

C. Harrison, Jr, and R. King, “Theory of Coupled Folded 
Antennas,” JRE Trans on Antennas and Propagation, Mar 
1960, pp131-135. 

W. Hayward and D. DeMaw, Solid State Design for the Radio 
Amateur (Newington, CT: ARRL, 1977). 


Multielement Arrays 8-55 


W. Hayward, Radio Frequency Design (Newington, CT: 
ARRL, 1994). 

H. Jasik, Antenna Engineering Handbook, \st ed. (New York: 
McGraw-Hill, 1961). Later editions are edited by Richard 
C. Johnson. 

R. King and C. Harrison, Jr, “Mutual and Self-Impedance for 
Coupled Antennas,” Journal of Applied Physics , Vol 15, 
Jun 1944, pp 481-495. 

R. King, “Self- and Mutual Impedances of Parallel Identical 
Antennas,” Proc. IRE, Aug 1952, pp 981-988. 

R. W. P. King, Theory of Linear Antennas (Cambridge, MA: 
Harvard Univ Press, 1956), p 275ff. 

H. W. Kohler, “Antenna Design for Field-Strength Gain,” 
Proc. IRE, Oct 1944, pp 611-616. 

J.D. Kraus, “Antenna Arrays with Closely Spaced Elements,” 
Proc. IRE, Feb, 1940, pp 76-84. 

J. D. Kraus, Antennas, 2nd ed. (New York: McGraw-Hill 
Book Co., 1988). 

Johnson, Richard C., Antenna Engineering Handbook, 3rd ed. 
(New York: McGraw-Hill Inc., 1993). This is a later edition 
of the volume by the same name edited by H. Jasik. 

E. A. Laport, Radio Antenna Engineering (New York: Mc- 
Graw-Hill Book Co, 1952). 

J. L. Lawson, “Simple Arrays of Vertical Antenna Elements,” 
OST, May 1971, pp 22-27. 


P. H. Lee, N6OPL The Amateur Radio Vertical Antenna 
Handbook, 2nd ed. (Hicksville, NY: CQ Publishing, Inc., 
1984). 

R. W. Lewallen, “Baluns: What They Do and How They Do 
It,’ The ARRL Antenna Compendium, Vol I (Newington: 
ARRL, 1985). Also available for viewing at eznec.com/ 
Amateur/Articles/Baluns.pdf. 

R. Lewallen, “The Impact of Current Distribution on Array 
Patterns,” Technical Correspondence, QST, Jul 1990, pp 
39-40. Also available for viewing at eznec.com/Amateur/ 
Articles/Current_Dist.pdf. 

R. Lewallen, “MININEC—The Other Edge of the Sword”, 
OST, Feb 1991, pp 18-22. ELNEC, referenced in the article, 
is no longer available. 

M. W. Maxwell, “Some Aspects of the Balun Problem,” OST, 
Mar 1983, pp 38-40. 

J. Sevick, “The Ground-Image Vertical Antenna,” QST, Jul 
1971, pp 16-19, 22. 

J. Sevick, “The W2FMI Ground-Mounted Short Vertical,” 
QST, Mar 1973, pp 13-28,41. 

E. J. Wilkinson, “An N-Way Hybrid Power Divider,’ IRE 
Transactions on Microwave Theory and Techniques, Jan, 
1960. 

Radio Broadcast Ground Systems, available from Smith Elec- 
tronics, Inc, 8200 Snowville Rd, Cleveland, OH 44141. 


Appendix A—EZNEC-ARRL Examples 


This appendix contains step-by-step procedures us- 
ing EZNEC-ARRL (included on the Antenna Book CD) to 
illustrate various topics discussed in the main chapter. A 
standard EZNEC program type of v. 4.0 or later may also 
be used. Different versions, program types and calculating 
engines may give results that are slightly different from those 
shown in the examples. However, any differences should be 
insignificantly small. 


EZNEC Example—Mutual Coupling 

Illustrates the effect of mutual coupling on feed-point 
impedance. Open the ARRL_Cardioid.EZ file, which is 
mounted over “perfect” ground. Click the View Ant button 
to see a diagram of the antenna, a 2-element array of vertical 
elements. Click on the Wires line in the main window to open 
the Wires Window. Click the button at the left of the Wire 2 
line, and then press the Delete key on your keyboard to delete 
wire #2. After clicking Ok, note that one of the verticals 
has disappeared from the View Antenna display, leaving a 
single element. Click Sre Dat and note that the feed-point 
impedance of this single vertical is about 37 +7 1 Q--it’s 
very nearly resonant. 

Next, in the Wires Window, open the Edit menu at 
the top and click Undo delete wire(s) to restore the second 
element. Click Sre Dat again and notice that the feed-point 
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impedance of wire #1 is now about 21 —j 19 ©. The feed- 
point impedance of the second element, which is identical to 
the first, is about 52 + j 21 Q. This difference, and the change 
from the self-impedance of 37 +7 1 Q, is due to mutual 
coupling. As you see, it’s not at all a minor effect. 

As an additional exercise, change the magnitude or 
phase angle of the source at the base of wire #2 (click Sources 
in the main window), and see how this changes the feed- 
point impedances of both elements. You should be able to 
confirm each of the four points enumerated in the MUTUAL 
COUPLING section. 


EZNEC Example—Nulls 

Illustrates the effect of current magnitude on nulls and 
gain. Again, open the ARRL_Cardioid.EZ file. Click the 
FF Plot button to generate the azimuth pattern of an ideal 
array. Save the plot for future reference as follows: In the 
plot window, open the File menu and select Save Trace As. 
Enter the name Cardioid and click Save. Now, in the main 
window click on the Sources line to open the Sources Win- 
dow. Change the magnitude of source 1 from | to 1.1, and 
of source 2 from | to 0.9 and press Enter on your keyboard 
so that EZNEC-ARRL will accept the last change. 

Click FF Plot to generate a pattern with the new cur- 
rents. In the plot window, open the File menu and select Add 


Trace. Enter the name Cardioid and click Open. You should 
now see the original plot and new plot overlaid. Notice that 
the null is much less deep with the altered currents, but the 
forward patterns are nearly identical. By clicking on the 
names of the traces, Primary and Cardioid, you can see in 
turn the gain and front-to-back ratio of each of the traces. The 
original, Cardioid, has a front-to-back ratio of about 32 dB, 
while Primary, the new plot, has a ratio of about 22.5 dB. The 
forward gain, however, differs by only 0.02 dB, a completely 
insignificant amount. 


EZNEC Example—“Phasing-Line” Feed 

Illustrates the effect of using a “phasing-line” feed. Open 
the ARRL_CardTL.EZ file. This is a model of an array fed 
with transmission lines whose lengths were designed using 
the Arrayfeed] program to take into account the actual load 
impedances of elements in a phased array. This model is 
mounted over “perfect” ground. 

Click the View Ant button to show the array. Note 
that the lengths of the lines from the source (circle) to the 
elements don’t represent the actual physical lengths of the 
lines. In the main window, click on the Trans Lines line to 
open the Transmission Lines window. In it you can see that 
the lengths of the feed lines, both of which are connected to 
the same source, are about 81° and 155°, a difference of 74° 
rather than 90°. 

In the main window, click the Currents button and take 
a look at the current shown for segment | of wires | and 2. 
These are the currents at the element feed points. The ratio 
of the magnitude of currents is 4.577/4.561 = 1.003, and 


the phase difference is —56.3°-(—147.5°) = 91.2°. (A more 
accurate determination of feed-line lengths with program 
Arrayfeed/ gives lengths of 80.61° and 153.70°, resulting in 
acurrent ratio of 1.000 at a phase of 90.02°. But the resulting 
pattern is very nearly the same.) But let’s see what happens 
when we make the lines exactly 90° different in length. 

First, click the FF Plot button to generate the azimuth 
pattern of the original model. Save the plot for future refer- 
ence as follows: In the plot window, open the File menu and 
select Save Trace As. Enter the name CardTL and click 
Save. Now in the Transmission Lines Window, change the 
length of line number | from 80.56° to 90°. Important: In 
the line 1 Length box, enter 90d to make the line 90° long. 
If you omit the d, it will become 90 meters long! Similarly, 
change the length of line 2 to 180° by entering 180d in the 
line 2 Length box, then press Enter on your keyboard so that 
EZNEC will accept the last change. 

Click FF Plot to generate a pattern with the new line 
lengths. In the plot window, open the File menu and select 
Add Trace. Enter the name CardTL and click Open. You 
should now see the original plot and new plot overlaid to- 
gether. Notice that the gain of the modified model is about 
1 dB greater than the original, but the front-to-back ratio has 
deteriorated to about 10 dB. 

Experiment with different combinations of line lengths 
that differ by 90°--for example, 45° and 135° (don’t forget 
the ‘d’!), or change the impedance of one or both lines and 
you'll see that you can get a wide variety of patterns. None, 
however, are likely to be as close to the ideal cardioid pattern 
as the original. 
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Chapter 9 





Broadband Antenna 
Matching 


Antenna systems that provide a good impedance 
match to the transmitter over a wide frequency range have 
been a topic of interest to hams for many years. Most 
emphasis has been focused on the 80-meter band since a 
conventional half-wave dipole will provide better than 2:1 
SWR over only about one-third of the 3.5 to 4.0 MHz band. 
The advantage of a broadband match is obvious—fewer 
adjustments during tune-up and an antenna tuner may not 
be required. 

This chapter was written by Frank Witt, AI1H, who has 
written numerous articles in QST and in The ARRL Antenna 
Compendium series on this subject. See the Bibliography for 
details. 

The term broadband antennas has frequently been 
used to describe antenna systems that provide a wideband 
impedance match to the transmitter. This is something of 
a misnomer, since most antennas are good radiators over 
a wide range of frequencies and are therefore “broadband 
antennas” by definition. The problem is getting the energy 
to the antenna so it can be radiated. Antenna tuners solve 
this problem in some cases, although losses in transmission 
lines, baluns and the antenna tuner itself can be excessive. 
Also worthy of mention is that antenna directional 
properties are usually frequency dependent. In this chapter, 
we discuss broadbanding the impedance match to the 
transmitter only. 


GENERAL CONCEPTS 


The Objective 


Fig 1 shows a simplified system: the transmitter, an 
SWR meter and the transmitter load impedance. Modern 
transceivers are designed to operate properly into a 50-Q 
load and they will deliver full power into the load 
impedance, at their rated level of distortion, when the 
SWR is less than about 1.5:1. Loads beyond this limit 


may cause the transceiver to protect itself by lowering 
the output power. 

Many transceivers have built-in automatic antenna 
tuners that permit operation for loads outside the 1.5:1 
SWR range, but the matching range is often limited, 
particularly on the lower-frequency bands. In practice, 
barefoot operation is simplified if the load SWR is held to 
less than 2:1. 

For high-power amplifiers, it is also best to keep the 
load SWR to less than about 2:1, since output tuning 
components are commonly rated to handle such loads. You 
can see that the primary function of the SWR meter in 
Fig 1 is to measure the suitability of the load impedance 
so far as the transmitter is concerned. Henceforth, we will 
use the term oad SWR as a description of the transmitter’s 
load. 

The SWR meter is actually reading a circuit condi- 
tion at a single point in the system. In fact, the meter 
really measures magnitude of the reflection coefficient, 
but is calibrated in SWR. The relationships between the 
complex load impedance, Z,, the magnitude of the reflec- 
tion coefficient, |p|, and the load SWR are as follows: 











Z,, +50 
50-2 
Transmitter SWR 


Transmitter 
Load 


Impedance 





Fig 1—Basic antenna system elements at the output of 
a transmitter. 
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(Eq 2) 





where 50 Q is used as the reference impedance, since the 
design load impedance for the transmitter is assumed to 
be 50 .Q. 

An important point is that you need not know the out- 
put impedance of the transmitter to design a broadband match- 
ing network. The issue of the actual value of the output 
impedance of typical RF power amplifiers is a matter of con- 
tinuing controversy in amateur circles. Fortunately, this 
issue is not important for the design of broadband matching 
networks, since the load SWR is independent of the output 
impedance of the transmitter. Our objective is to design the 
matching network so that the load SWR (with a 50-Q refer- 
ence resistance) is less than some value, say 2:1, over as wide 
a band as possible. 


Resonant Antennas 


The broadband matching techniques described here 
apply to antennas operating near resonance. Typical 
resonant antennas include half-wave dipoles, quarter-wave 
verticals over a ground plane and full-wave loops. To 
design a broadband matching network, you must know the 
antenna feed-point impedance near resonance. Fig 2 shows 
the antenna-impedance equivalent circuit near resonance. 
Although the series RLC circuit is an approximation, it is 
good enough to allow us to design matching networks that 
significantly increase the band over which a good match 
to the transmitter is achieved. 

Note that the impedance is defined by Fo, the reso- 
nant frequency, Ra, the antenna resistance at resonance, 
and Qa, the antenna Q. Ry is actually the sum of the 
radiation resistance and any loss resistance, including 





Ra 


>— Qa, Fo 


Rane) o 
Fig 2—The equivalent circuit of a resonant antenna. 
The simple series RLC approximation applies to many 
resonant antenna types, such as dipoles, monopoles, 


and loops. Ra, Qg and Fy are properties of the entire 
antenna, as discussed in the text. 
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conductor losses and losses induced by surrounding 
objects, such as the ground below the antenna. R, is fre- 
quency dependent, but it is sufficient to assume it is fixed 
during the matching network design process. Minor 
adjustments to the matching network will correct for the 
frequency dependence of Ry. 

The antenna resistance and Q depend on the physical 
properties of the antenna itself, the properties of ground 
and the height above ground. Consider as an example an 
80-meter horizontal half-wave dipole made from #12 wire 
located over average ground (dielectric constant = 13 and 
conductivity = 5 mS/m). Figs 3 and 4 show how feed- 
point resistance and Q vary with height. It is clear from 
these figures that there are wide gyrations in antenna 
parameters. The better these parameters are known, the 
more successful we will be at designing the broadband 
matching network. For horizontal dipoles, Figs 3 and 4 
may be used to get a good idea of antenna resistance and 
Q, so long as the height is scaled in proportion to 
wavelength. For example, a 160-meter dipole at a height 
of 100 feet would have about the same resistance and Q 
as an 80-meter dipole at 50 feet. 

For optimum results, the resistance and Q can be 
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Fig 3—Feed-point resistance (solid line) for 80-meter 
horizontal dipole at resonance versus height over 
ground. The free-space value is shown as a dashed 
line. 
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Fig 4—Antenna Q for 80-meter horizontal dipole (solid 
line) versus height. The free-space value is shown as a 
dashed line. 


determined from computer simulation (using a program 
like EZNEC, for example) or measurement (using a low 
power SWR/Z meter such as the MFJ-259B or the Autek 
Research VA1 or RF-1). Ra can be computed using SWR 
measurements at resonance. Fig 5 shows the typical bowl- 
shaped SWR curve as a function of frequency for a reso- 
nant antenna. So is the SWR at resonance. You must take 
into account the loss of the feed line if the measurement 
must be made at the end of a long 50-© transmission line. 
If the line loss is low or if the measurement is made at 
the antenna terminals, the formulas given below apply. 


For Ry > 50 Q 
Ra =So x50 (Eq 3) 
For Rg < 50 Q 
Rese (Eq 4) 
So 


There is an ambiguity, since we do not know if Ry is 
greater than or less than 50 Q. A simple way of resolving this 
ambiguity is to take the same SWR measurement at resonance 
with a 10-Q non-inductive resistor added in 
series with the antenna impedance. If the SWR goes up, Ra > 
45 Q. If the SWR goes down, Ra < 45 Q. This will resolve the 
ambiguity. 

Qj, may be determined by measuring the SWR band- 
width. Define BW, as the bandwidth over which the reso- 
nant antenna SWR is less than 2:1 (in the same units as Fo). 
See Fig 5. 





For Rg > 50 Q 
Ope et (Eq 5) 
BW, 
For Rag < 50 Q 
(Eq 6) 


Q -—fo___ fos ere | 
A BW, x So B 0 0 


Again, you must take into account the loss of the feed 
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Fig 5—SWR at the antenna versus frequency in the 
vicinity of resonance. 


line if you make the measurement at the end of a long 
50-Q transmission line. 

For horizontal and inverted-V half-wave dipoles, a 
very good approximation for the antenna Q when R, is 
known is given by: 





(Eq 7) 





Qa = 
where D = the diameter of wire, in inches. 


Loss 


When you build a resonant antenna with some 
matching scheme designed to increase the bandwidth, you 
might overlook the loss introduced by the broadband 
matching components. Loss in dB is calculated from: 


Power radiated by antenna (Eq 8) 





Loss = — 10 log : 
Total power from transmitter 


or, alternatively, define efficiency in % as 


100 x Power radiated by antenna (Eq 9) 





Efficiency = 
‘ Total power from transmitter 
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R a = Radiation 
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Qa =Dipole Q 


Fig 6—Matching the dipole with a complementary RLC 
network greatly improves the SWR characteristics, 
nearly 1:1 across the 3.5-MHz band. However, the 
relative loss at the band edges is greater than 5 dB. 
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An extreme degree of bandwidth broadening of an 80- 
meter dipole is illustrated in Fig 6. This approach is not 
recommended, but it is offered here to make a point. The 
broadening is accomplished by adding resistive losses. From 
network theory we obtain the RLC (resistor, inductor, 
capacitor) matching network shown. The network provides 
the complement of the antenna impedance. Note that the 
SWR is virtually 1:1 over the entire band (and beyond), but 
the efficiency falls off dramatically away from resonance. 

The band-edge efficiency of 25 to 30% shown in 
Fig 6 means that the antenna has about 5 to 6 dB of loss 
relative to an ideal dipole. At the band edges, 70 to 75% 
of the power delivered down the transmission line from 
the transmitter is heating up the matching-network 
resistor. For a 1-kW output level, the resistor must have a 
power rating of at least 750 W! Use of an RLC 
complementary network for broadbanding is not 
recommended, but it does illustrate how resistance (or 
losses) in the matching network can significantly increase 
the apparent antenna SWR bandwidth. 

The loss introduced by any broadband matching 
approach must be taken into consideration. Lossy matching 
networks will usually provide more match bandwidth 
improvement than less lossy ones. 


SIMPLE BROADBAND MATCHING TECHNIQUES 
The Cage Dipole 


You can increase the match bandwidth of a single- 
wire dipole by using a thick radiator, one with a large 
diameter. The gain and radiation pattern are essentially 
the same as that of a thin-wire dipole. The radiator does 
not necessarily have to be solid; open construction such 
as shown in Fig 7 may be used. 

The theoretical SWR response of an 80-meter cage 
dipole having a 6-inch diameter is shown in Fig 8. BW, 
for this antenna fed with 50-Q line is 287 kHz, and the Q 
is approximately 8. Its 2:1-SWR frequency range is 1.79 
times broader than a dipole with a Q of 13, typical for 


thin-wire dipoles. 

There are other means of creating a thick radiator, 
thereby gaining greater match bandwidth. The bow-tie and 
the fan dipole make use of the same Q-lowering principle 
as the cage for increased match bandwidth. The 
broadbanding techniques described below are usually more 
practical than the unwieldy cage dipole. 


Stagger-Tuned Dipoles 


A single-wire dipole exhibits a relatively narrow 
bandwidth in terms of coverage for the 3.5 to 4.0-MHz 
band. A technique that has been used for years to cover 
the entire band is to use two dipoles, one cut for the CW 
portion and one for the phone portion. The dipoles are 
connected in parallel at the feed point and use a single 
feeder. This technique is known as stagger tuning. 

Fig 9 shows the theoretical SWR response of a pair 
of stagger-tuned dipoles fed with 50-Q line. No mutual 
coupling between the wires is assumed, a condition 
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Fig 8—Theoretical SWR versus frequency response 
for a cage dipole of length 122 feet 6 inches and a 
spreader diameter of 6 inches, fed with 50-Q line. The 
2:1-SWR bandwidth frequencies are 3.610 and 

3.897 MHz, with a resulting BW. of 287 kHz. 





Spreaders 





O Spreader Detail 


Fig 7—Construction of a cage dipole, which has some resemblance to a round birdcage. The spreaders need not 
be of conductive material, and should be lightweight. Between adjacent conductors, the spacing should be 0.02 ’ 
or less. The number of spreaders and their spacing should be sufficient to maintain a relatively constant 


separation 
of the radiator wires. 
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Fig 9—Theoretical SWR response of two stagger- 
tuned dipoles. They are connected in parallel at the 
feed point and fed with 50-Q line. The dipoles are of 
wire such as #12 or #14, with total lengths of 119 and 
132 feet. 


that would exist if the two antennas were mounted at right 
angles to one another. As Fig 9 shows, the SWR response 
is less than 1.9:1 across the entire band. 

A difficulty with such crossed dipoles is that four 
supports are required for horizontal antennas. A more 
common arrangement is to use inverted V dipoles with a 
single support, at the apex of each element. The radiator 
wires can also act as guy lines for the supporting mast. 

When the dipoles are mounted at something other 
than a right angle, mutual coupling between them comes 
into play. This causes interaction between the two 
elements—tuning of one by length adjustment will affect 
the tuning of the other. The interaction becomes most 
critical when the two dipoles are run parallel to each other, 
suspended by the same supports, and the wires are close 
together. Finding the optimum length for each dipole for 
total band coverage can become a tedious and frustrating 
process. 
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Stagger-Tuned Radials 


A variation of the use of stagger tuning has been 
applied by Sam Leslie, W4PK. See his article entitled 
“Broadbanding the Elevated, Inverse-Fed Ground Plane 
Antenna” in The ARRL Antenna Compendium, Vol 6. An 
existing tower with a large beam and VHF/UHF antennas 
on top is used as an 80-meter monopole. See Fig 10A. The 
feed point is part way up the tower, at a point where the 
metal above it makes up an electrical quarter wavelength. 
Four elevated quarter-wave radials are used as a ground 
plane. The radials droop away from the tower. They are 
joined together at the tower but not connected to the tower. 
The antenna is fed with 50-Q coax and an impedance step- 
down autotransformer (50:22 Q unun) located at the tower. 
The shield of the coax is carried through the transformer 
and connected to the tower. The coax “hot side” is connected 
to the junction of the radials. A Q-section made from two 
paralleled RG-59 coax cables (Zp = 75/2 = 37.5 Q) may be 
used instead of the autotransformer. 

The broadband match is achieved by cutting two 
opposing radials for one end of the desired match range 
(75 meters) and cutting the other two for the other end of 
the range (80 meters). See Fig 10B for the resultant SWR 
versus frequency characteristic. 


FEED-LINE IMPEDANCE MISMATCHING 


The simplest broadband matching network is a trans- 
former at the junction of the transmission line and the 
antenna. See Frank Witt’s article entitled “Match Band- 
width of Resonant Antenna Systems” in October 1991 
QST. Observe that the impedance of the series RLC reso- 
nant antenna model of Fig 2 increases at frequencies away 
from resonance. The result is that more bandwidth is 
achieved when SWR at resonance is not exactly 1:1. For 
example, if the antenna is fed with a low-loss 50-© trans- 
mission line, the maximum SWR bandwidth is obtained 
if the effective Ry = 50/1.25 = 40 Q. The improvement in 
BW, the 2:1 SWR bandwidth, over a perfect match at 
resonance is only 6%, however. This condition of Ry = 
40 © can be achieved by installing a transformer at the 
junction of the feed line and the antenna. 

If the line loss is larger, you can gain more benefit in 
terms of bandwidth by deliberately mismatching at the 
antenna. If the matched-line loss is 2 dB, the improve- 
ment rises to 18%. To achieve this requires an Ra = 28.2 
Q. Again, the improvement over a perfect match at reso- 
nance is modest. 

It is interesting to compare the 2:1 SWR bandwidth 
(at the transmitter end of the line) for the case of a lossless 
line versus the case of 2-dB matched-line loss. BW, for 
the lossy line case is 1.95 times that of the lossless line 
case, so substantial match bandwidth improvement occurs, 
but at the cost of considerable loss. The band edge loss 
for the lossy-line case is 3 dB! 

This example is provided mostly as a reference for 
comparison with the more desirable broadbanding 


9-6 Chapter 9 


techniques below. It also explains why some installations 
with long feed lines show large match bandwidths. 


PARALLEL-TUNED CIRCUITS AT THE 
ANTENNA TERMINALS 


As mentioned previously, a resonant antenna has an 
equivalent circuit that may be represented as a series RLC 
circuit. We can cancel out some of the antenna reactance 
away from resonance with a parallel-tuned circuit 
connected across the antenna terminals. The impedance 
level of the parallel-tuned circuit must be low enough to 
be effective and must have the same resonant frequency 
as the antenna. You can use a parallel-tuned circuit made 
with lumped LC components or with transmission-line 
segments. A quarter-wave transmission line with a short 
at the far end, or a half-wave line with an open at the far 
end, each behave like a parallel-tuned LC circuit. 


The Double Bazooka 


The response of the controversial double bazooka 
antenna is shown in Fig 11. This antenna actually consists 
of a dipole with two quarter-wave coaxial resonator stubs 
connected in series. The stubs are connected across the 
antenna terminals. 

Not much bandwidth enhancement is provided by this 
resonator connection because the impedance of the 
matching network is too high. The antenna offers a 2:1- 
SWR bandwidth frequency range that is only 1.14 times 
that of a simple dipole with the same feeder. And the 
bandwidth enhancement is partially due to the “fat” 
antenna wires composed mostly of the coax shield. No 
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Fig 11—The double bazooka, sometimes called a 
coaxial dipole. The antenna is self-resonant at 

3.75 MHz. The resonator stubs are 43.23-foot lengths 
of RG-58A coax. 


improvement in antenna gain or pattern over a thin-wire 
dipole can be expected from this antenna. 


The Crossed Double Bazooka 


A modified version of the double-bazooka antenna 
is shown in Fig 12. In this case, the impedance of the 
matching network is reduced to one-fourth of the 
impedance of the standard double-bazooka network. The 
lower impedance provides more reactance correction, and 
hence increases the bandwidth frequency range noticeably, 
to 1.55 times that of a simple dipole. Notice, however, 
that the efficiency of the antenna drops to about 80% at 
the 2:1-SWR points. This amounts to a loss of 
approximately 1 dB. The broadbanding, in part, is caused 
by the losses in the coaxial resonator stubs (made of RG- 
58A coax), which have a remarkably low Q (only 20). 


MATCHING NETWORK DESIGN 


Optimum Matching 


You can improve the match bandwidth by using a 
transformer or a parallel-tuned circuit at the antenna 
terminals. A combination of these two techniques can yield 
avery effective match bandwidth enhancement. Again, you 
can make the impedance transformation and implement 
the tuned circuit using lumped-circuit elements 
(transformers, inductors and capacitors) or with 
distributed-circuit elements (transmission lines). 

In 1950, an article by R. M. Fano presented the theory 
of broadband matching of arbitrary impedances. This classic 
work was limited to lossless matching networks. 
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Unfortunately, matching networks realized with transmission 
lines have enough loss to render the Fano results useful as 
only a starting point in the design process. A theory of 
optimum matching with lossy matching networks was 
presented in an article by Frank Witt entitled “Optimum 
Lossy Broadband Matching Networks for Resonant 
Antennas” that appeared in April 1990 RF Design and was 
summarized and extended in “Broadband Matching with the 
Transmission Line Resonator,” in The ARRL Antenna 
Compendium Vol 4. 

Using a matching network, the 2:1 SWR bandwidth 
can be increased by a factor of about 2.5. Instead of the 
familiar bowl-shaped SWR versus frequency characteristic 
seen in Fig 5, the addition of the matching network yields 
the W-shaped characteristic of Fig 13. The maximum SWR 
over the band is Sy. The band edges are F,, and Fy. Thus 
the bandwidth, BW, and the center frequency, Fo, are 


BW =F, -F, (Eq 10) 
Fy Sal Fa & Fi (Eq 11) 


Fig 14 shows the pertinent equivalent circuit for a 
typical broadband antenna system. The parallel LC match- 
ing network is defined by its resonant frequency, Fy (which 
is the same as the resonant frequency of the antenna), its 
Q and its impedance level. The impedance level is the 
reactance of either the matching network inductance or 
capacitance at Fy. The optimum transmitter load resistance, 
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Fig 13—W-shaped SWR versus frequency 
characteristic that results when a transformer and 
parallel LC matching network are used. 





Fig 12—The crossed double bazooka yields bandwidth 
improvement by using two quarter-wave resonators, 
parallel connected, as a matching network. As with the 
double bazooka, the resonator stubs are 43.23-foot 
lengths of RG-58A coax. 


Resonant 
Antenna Model 


Generator 


Matching Network 


Fig 14—Assumed equivalent circuit for the broadband 
matching system. The antenna and the matching 
network have the same resonant frequency. 
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Rg, is achieved using an impedance transformer between 
the transmitter and the input to the parallel-tuned circuit. 
Thus for a transmitter whose optimum load resistance is 
50 Q, the required impedance transformer would have an 
impedance transformation ratio of 50:Rg. 

The goal is to keep the SWR over the band as low as 
possible. There is a best or minimum value of Sy, that 
may be achieved over the entire band. It depends on the 
desired match bandwidth and the Q’s of the antenna and 
matching network and is given by the following formula: 

















where By = By. and 
Fy 


Q, = antenna Q 


Qn = matching network Q. 
The reactance at resonance of the parallel tuned LC 
matching network is given by: 





XNo Ba (1.20 Js’ ~ xe | (Eq 13) 
N 


where R, = antenna resistance in Q. 
The transmitter load resistance is calculated from: 


_ Smmin Ra Qn Xno 
Ra + Qn Xno 


(Eq 14) 





Rg 


The loss of the matching network is always greatest 
at the edges of the band. This loss, Lyng, in dB, is given 


(,? i i 


Now you have all the information needed to design 
an optimal broadband matching network. An 80-meter 
dipole will serve as an example to illustrate the procedure. 
The following parameters are assumed: 


Lyng =10log fis Ba (Eq 15) 


Qn Xno 


F, = 3.5 MHz 
Fy = 4.0 MHz 
Ra =57.2Q 
Qa = 13 

Qn = 40.65 


The values of Ry and Q, are reasonable values for 
an 80-meter inverted V with an apex 60 feet above ground. 
Qn = 40.65 is the calculated value of the Q of a resonator 


9-8 Chapter 9 


made from RG-213 or similar cable in the middle of the 
80-meter band. The results are: 


BW = 0.5 MHz (from Eq 10) 
Fo = 3.742 MHz (from Eq 11) 
Smmin = 1.8 (from Eq 12) 
Xyo = 15.9 Q (from Eq 13) 
Rg = 94.8 Q (from Eq 14) 
Lyne = 1.32 dB (from Eq 15) 


Shown in Fig 15 is the plot of SWR and matching- 
network loss versus frequency for this example. The ref- 
erence resistance for the SWR calculation is Rg or 94.8 
Q. Since the desired load resistance for the transmitter is 
50 Q, we need some means to transform from 94.8 Q to 
50 Q. The examples given in the rest of this chapter will 
show a variety of ways of achieving the necessary imped- 
ance transformation. 

The meaning of Xyp = 15.9 Q is that the inductor 
and the capacitor in the matching network would each 
have a reactance of 15.9 © at 3.742 MHz. Methods for 
obtaining a particular value of Xyg are shown in the fol- 
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Fig 15—SWR and matching-network loss for example. 
Note that Sy is exactly 1.8 and the band-edge loss is 
exactly 1.32 dB, as calculated. 
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Fig 16—80-meter dipole example with a 1-4 resonator 
as the matching network. 


lowing examples as well. The particular value of Xyo of 
this example may be obtained with a one-wavelength reso- 
nator (open-circuited at the far end) made from RG-213. 
The system described in this example is shown in Fig 16. 

The broadband antenna system shown in Fig 16 has 
a desirable SWR characteristic, but the feed line to the 
transmitter is not yet present. Fortunately, the same cable 
segment that makes up the resonator may be used as the 
feed line. A property of a feed line whose length is a 
multiple of 4/2 (an even multiple of 4/4) is that its input 
impedance is a near replica of the impedance at the far 
end. This is exactly true for lossless lines at the frequencies 
where the A/2 condition is true. Fortunately, practical lines 
have low-enough loss that the property mentioned above 
is true at the resonant frequency. Off resonance, the desired 
reactance cancellation we are looking for from the resonant 
line takes place. The very same design equations apply. 

In Fig 17, the antenna shown in Fig 16 is moved to 
the far end of the 1A resonator. The SWR and loss for this 
case are shown in Fig 18, which should be compared with 
Fig 15. The SWR is only slightly degraded, but the loss is 
about the same at the band edges. We have picked up a 
feed line that is 1A long (173.5 feet) and broadband 
matching. You can make the SWR curve virtually the same 
as that of Fig 15 if the transmitter load resistance is 
increased from 94.8 © to 102 Q. From a practical point of 
view, this degree of design refinement is unnecessary, but 
is instructive to know how the SWR characteristic may be 
controlled. You may apply the same approach when the 
resonator is an odd multiple of a wavelength, but in that 
case the transmitter or antenna must be connected 4/4 from 
the shorted end. 
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Fig 17—The antenna is at the far end of the 1-A line. 
The line does double duty—broadband matching and 
signal transport. 


Chebyshev Matching 


Although it is not as efficient from the standpoint of 
bandwidth improvement and loss, Chebyshev matching 
is useful for some purposes. This arrangement yields a 
transmitter load impedance of 50 + j 0 © at two frequen- 
cies in the band. The matching network circuit is the same 
as the optimum matching case, but the parameters are 
different. In this case, we assume that the antenna 
parameters, Fo, Ra and Qa, the network Q and the maxi- 
mum SWR over the band are specified. The bandwidth, 
impedance level and generator resistance are given by: 











BWe=” 
Qa Qn 
1 
(Qa +Qn)I(Qa +2Qn)Sm —Qa I(Sa —1)| 2 
Sm 
(Eq 16) 
Ra Qa 
Xyno = S Sy -1 (Eq 17) 
NO Ba eos ] 
Qa 
Rg=R,|S (Eq 18) 
o=8s [Sug 5] 


The loss at the band edges is given by Eq 15. The 
frequencies where the transmitter load is 50 + j 0 Q, Fy 
and Fy, are given by: 





Rag RS Sy (Eq 19) 
where 
1 
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Fu =50-| Gu -D(1+ 24] (Eq 20) 
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Fig 18—SWR and loss for a 1-A 50-Q feed line. The 
antenna system model is the one shown in Fig 17. 
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LC-MATCHING NETWORKS 


Before the theory of optimal matching above was 
developed, Frank Witt, AI1H, described in his article 
“Broadband Dipoles—Some New Insights” in October 
1986 QST the basic principle and some applications of 
LC matching networks. Fig 19 shows an LC matching 
network that is a modified version of one originally 
proposed by Alan Bloom, NIAL. Note that the basic 
ingredients are present: the parallel-tuned circuit for 
reactance cancellation and a transformer. 

The network also functions as a voltage balun by 
connecting the shield of the coaxial feed line to the center 
tap of the inductor. The capacitor is connected across the 
entire coil to obtain practical element values. The SWR 
response and efficiency offered by a network of lumped 
components is shown in Fig 20. The 2:1-SWR bandwidth 
with 50-Q line is 460 kHz. The design is a Chebyshev 
match, where SWR = 1:1 is achieved at two frequencies. 
For the same configuration, more match bandwidth and 
less loss could have been realized if the optimal-match 
theory had been applied. 

The efficiency at the band edges for the antenna sys- 
tem shown in Fig 20 is 90% (Loss = 0.5 dB). This low 
loss is due to the high Q of the LC matching network 
(Qn = 200). The very low-impedance level required 
(Xyo = 12.4 Q) cannot be easily realized with practical 
inductor-capacitor values. It is for this reason that the 
coil is tapped and serves as an autotransformer with mul- 
tiple taps. The required impedance transformation ratio 
of 1:2.8 is easily achieved with this arrangement. 


80-Meter DXer’s Delight 


A version of an antenna system with an LC 
broadbanding network is dubbed the 80-meter DXer’s 
Delight. This antenna has SWR minima near 3.5 and 
3.8 MHz. A single antenna permits operation with a 
transmitter load impedance of about 50 Q in the DX 
portions of the band, both CW and phone. The efficiency 





to Dipole 


Center 
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Fig 19—A practical LC matching network that provides 
reactance compensation, impedance transformation 
and balun action. 
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and SWR characteristic are shown in Fig 21. 

Fig 22 shows the method of construction. The 
selection of a capacitor for this application must be made 
carefully, especially if high power is to be used. For the 
capacitor described in the caption of Fig 22, the allowable 
peak power (limited by the breakdown voltage) is 2450 W. 
However, the allowable average power (limited by the RF 
current rating of 4 A) is only 88 W! These limits apply at 
the 1.8:1 SWR points. 
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Fig 20—Efficient broadband matching with a lumped 
element LC network. The antenna in this example has a 
resistance of 72 O and a Q of 12. The matching network 
has an impedance level of 12.4 Q, and a Q of 200. The 
feed line is 50-Q coax, and the matching network 
provides an impedance step-up ratio of 2.8:1. 
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Fig 21—The 80-meter DXer’s Delight permits operation 
with a 50-© transmitter load in the DX portions of the 
band, both CW and phone. This network was designed 
to provide a broadband match for an inverted V with 

Fy = 3.67 MHz, an antenna resistance of 60 Q and aQ 
of 13. The matching network has an impedance level of 
9 Q, and a Q of 220. The feed line is 50-Q coax, and the 
matching network provides an impedance step-up ratio 
of 2.0:1. 


Fig 22—A method of 
constructing the LC 
broadband matching 
network. Components 
must be chosen for 
high Q and must have 
adequate voltage and 
current ratings. The 
network is designed 
for use at the antenna 
feed point, and should 
be housed in a 
weather-resistant 
package. The 
component values 
are as follows: 

C1—400 pF 
transmitting mica 
rated at 3000 V, 

4 A (RF) 

L1i—4.7 pH, 81/2 
turns of B&W coil 
stock, type 3029 (6 
turns per in., 2'/2-in. dia, #12 wire). 

The LC circuit is brought to midband resonance by 
adjusting an end tap on the inductor. The primary and 
secondary portions of the coil have 1°/s and 2'/2 turns, 
respectively. 


PROPERTIES OF TRANSMISSION-LINE 
RESONATORS 


One way around the power limitations of LC broadband 
matching networks is to use a transmission line as the 
resonator. Transmission line resonators, TLRs, typically have 
higher power-handling capability because the losses, though 
higher, are distributed over the length of the line instead of 
being concentrated in the lumped-LC components. 
Transmission-line resonators must be multiples of a quarter 
wavelength. For a parallel-tuned circuit, the odd-multiple 
A/4 lines must be shorted at the far end and the even-multiple 
/4 lines must be open circuited. 

The length of the matching network resonator is n 
electrical quarter wavelengths. The impedance level, Q, 
and line length are given by: 





or, solving for Zo, 


ew, (Eq 22) 
0 
4 
2.774 F 
Gg aw (Eq 23) 
Ay V 
245.9 n V 
Picea (Eq 24) 
Fo 





where 

Zo = line characteristic impedance in Q 

Ap = matched line loss in dB per 100 feet 

V = velocity factor, and 

Ly = line length in feet. 

These equations may be used to find the properties 
of the transmission line resonator in the systems shown in 
Figs 16 and 17. The line is RG-213 with the following 
properties: 

Zo = 50 Q 
V = 0.66 
Avy = 0.4 dB/100 feet at 4 MHz 
We need the matched loss at 3.742 MHz. Since the 


line loss is approximately proportional to ./ frequency » 


F 
Aor. = Aori a (Eq 29) 
F, 
where Aor; and Agog are the matched line losses at fre- 
quencies F, and F,, respectively. Hence, 


Ag = 0.387 dB/100 feet at 3.742 MHz 
Qn = 40.65 (from Eq 23) 

This is the Q of any resonator made from RG-213 
for a frequency of 3.742 MHz. It does not matter how 
many quarter wavelengths (n) make up the cable segment. 
Earlier we calculated that the required impedance level, 
Xyo, 1s 15.9 Q. Therefore, the required impedance level 
is: 


nzx15.9 
Zo =—— =12.5nQ 
4 


(from Eq 22) 

This means that you could use a quarter-wavelength 
segment with a short at the far end if Zy = 12.5 Q, or a 
half-wavelength segment with a open at the far end if 
Zo = 25 Q. Our example used an open-circuited full-wave- 
length resonator (n = 4) with a Zy of 50 Q. This example 
was crafted to make this happen (so that it fits RG-213 
properties), but it illustrates that some juggling is required 
to obtain the right resonator properties when it is made 
from a transmission line, since we are stuck with the 
cable’s characteristic impedance. 


The TLR Transformer 


A way around the limitation created by available char- 
acteristic impedance values is to use the transmission-line 
resonator transformer. The basic idea is to make the con- 
nection to the TLR at an intermediate point along the line 
instead of at the end of the line. It is analogous to using 
taps on a parallel-tuned LC resonant circuit to achieve 
transformer action (See Fig 19). The nature of the trans- 
former action is seen in Fig 23, where the ends of the trans- 
former are designated 1-1 and 2-2. The impedance ratio 
of the transformer, Nz, is approximated by 
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Fig 23—Transformer action in the TLR. The definition of 
transformer terminals depends on whether the TLR end 
is open- or short-circuited. @ is the distance between 
the minimum of the voltage standing wave (at 
resonance) and the connection point, expressed as an 
electrical angle. The distance x is that same distance 
expressed in feet. 


N, =sin’ 0 (Eq 26) 
The distance in feet, x, is given by 
6 A 8 245.9 V (Eq 27) 





X= XS x 
90° 4 90 Fy 


This approach may be used for the connection of the 
TLR to the transmitter or to the antenna or both. An 
example will help make the power of the TLR transformer 
clear. We want to broadband match an 80-meter dipole 
(where Fo is 3.742 MHz, Ra is 65 Q and Qg is 13). The 
feed line is RG-213 50-Q cable, and the total distance 
between the antenna and transmitter is less than 100 feet. 

Since we know that Zp = 50 Q, we will design a pro- 
totype system with a 3/4 A TLR (n=3). Since n is odd, the 
TLR must be shorted at one end, and we will place the 
short at the transmitter end of the line. The intermediate 
step of using a prototype system will enable us to design a 
system with the final TLR, but without transformer ac- 
tion. Then we’ll calculate the proper connection points 
along the TLR. Fig 24 shows the prototype system and 
the system with built-in transformers. 

Note that the prototype antenna is connected to the 
open end of the TLR. The prototype generator (transmit- 
ter) is connected at a multiple of 4/2 from the antenna. 
Here, at resonance, an approximate replica of the antenna 
will appear. We will use primed variables to indicate pro- 
totype antenna system elements. The prototype antenna 
differs from the actual antenna in impedance level, so only 
R, will change. Fy and Q, remain the same. 


Starting with the */4 1 TLR, we have: 
Xyo = 21.2 Q (from Eq 22) 
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Fig 24—An optimized antenna system with a 9/4 1 TLR 
made from RG-213 coaxial cable. The prototype 
system at A is a convenient intermediate step in the 
design process. At B is the configuration with TLR 
transformers. It has an open stub, Lo, a link, L_ (which 
serves as the feed line), and a shorted stub, Ls. 


The prototype antenna resistance at resonance, R’, , 
is calculated by rearranging Eq 13. 





(Eq 28) 








Earlier we calculated that Qy = 40.65 and Symin = 
1.8. Now we find 


R', = 76.3 Q (from Eq 28) 
RG = 1264Q0 (from Eq 14) 

The electrical angles (in degrees) and connection 
locations (in feet) are given by 


Ra 


0, = sin) |—* (Eq 29) 
A 
 {R 
0,4 =sin f/—& (Eq 30) 
Rg 
Xa Saas, (Eq 31) 
90 
Xs Ee, (Eq 32) 
90 
where 


A 245.9V 


ae Fy 


The lengths of the stubs and link of Fig 24 are given 
by 


Ls = XG (Eq 34) 
Ly = 3L, = Lo = Ly (Eq 35) 


Since L, = 43.4 feet, 
0, = 67.4° 
Og = 39.0° 


(from Eq 29) 
(from Eq 30) 
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Fig 25—The SWR and loss of the TLR transformer 
antenna system. At A, the results are shown with the 
calculated line lengths. At B, the improvement after the 
lengths were optimized is shown in Table 1. At C, for 
comparison, SWR and loss for the same setup as at A, 
but with the stubs removed. 


Table 1 


Calculated and Optimized Parameters Using TLR 
Transformers 


Calculated Optimized 
Dipole resonant 
frequency (Fo) 3.742 MHz 3.710 MHz 
Open stub (Lo) 10.9 feet 13.1 feet 
Shorted stub (Lg) 18.8 feet 20.1 feet 
Link (L,) 100.4 feet 101.0 feet 


Lo = 10.9 feet 
Lg = 18.8 feet (from Eq 34) 
L,, = 100.4 feet (from Eq 35) 


These dimensions are summarized in Fig 24. If 
required, additional 50-Q cable may be added between the 
transmitter and the junction of the shorted stub and the 
link. A remarkable aspect of the TLR transformer, as 
demonstrated in this example, is that it is a transformer 
with multiple taps distributed over a great distance, in this 
case over 100 feet. 

The calculated SWR and loss of the antenna system 
with the TLR transformer are shown in Fig 25A. We 
mentioned earlier that the stub calculations are an 
approximation. Fig 25 bears this out, but the changes 
necessary to achieve the optimized results are relatively 
small. By changing the lengths and dipole resonant 
frequency slightly, the target optimized SWR characteristic 
of Fig 25B results. See Table 1 for a summary of the 
changes required. 

To demonstrate the significant improvement in match 
bandwidth that the TLR transformer provides, the SWR 
and loss of the same dipole fed with 100.4 feet of RG-213 
cable is shown in Fig 25C. The loss added by the two stubs 
used to obtain match bandwidth enhancement is negligible 
(0.2 to 0.5 dB). 

A TLR transformer may be used by itself to achieve 
a low-loss narrow-band impedance transformation, 
functioning like a A/4 Q-section. It is different in nature 
from a Q-section, in that it is a true impedance transformer, 
while a Q section is an impedance inverter. The TLR 
transformer may be designed into the antenna system and 
is a useful tool when a narrow-band impedance trans- 
formation is needed. 


(from Eq 33) 


(A) 





Fig 26—Dipole matching methods. At A, the T match; at 
B, the gamma match; at C, the coaxial resonator match. 
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Fig 27—Evolution of the coaxial-resonator-match 
broadband dipole. At A, a TLR transformer is used to 
match the feed line to the off-center-fed dipole. The 
match and dipole are made collinear at B. At C, the 
balanced transmission-line TLR transformer of A and B 
is replaced by a coaxial version. Because the shield of 
the coax can serve as a part of the dipole radiator, the 
wire adjacent to the coax match may be eliminated, D. 


TRANSMISSION-LINE RESONATORS AS PART 
OF THE ANTENNA 


The Coaxial-Resonator Match 


This material is condensed from articles that appeared 
in April 1989 OST and The ARRL Antenna Compendium, 
Vol 2. The coaxial-resonator match, a concept based on 
the TLR transformer, performs the same function as the T 
match and the gamma match, that is, matching a 
transmission line to a resonant dipole. These familiar 
matching devices as well as the coaxial resonator match 
are shown in Fig 26. The coaxial resonator match has some 
similarity to the gamma match in that it allows connection 
of the shield of the coaxial feed line to the center of the 
dipole, and it feeds the dipole off center. The coaxial 
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Fig 28—Dimensions for the 80-Meter MHz DX Special, 
an antenna optimized for the phone and CW DX 
portions of the 3.5-MHz band. The coax segment 
lengths total to one quarter-wavelength. The overall 
length is the same as that of a conventional inverted V 
dipole. 


resonator match has a further advantage: It can be used to 
broadband the antenna system while providing an 
impedance match. 

The coaxial resonator match is a resonant transformer 
made from a quarter-wave long piece of coaxial cable. 
Fig 27 shows the evolution of the coaxial-resonator match. 
Now it becomes clear why coaxial cable is used for the 
quarter-wave TLR transformer—interaction between the 
dipole and the matching network is minimized. The 
effective dipole feed point is located at the crossover, 
which is an off-center feed point. In effect, the match is 
physically located “inside” the dipole. Currents flowing 
on the inside of the shield of the coax are associated with 
the resonator; currents flowing on the outside of the shield 
of the coax are the usual dipole currents. Skin effect 
provides a degree of isolation and allows the coax to 
perform its dual function. The wire extensions at each end 
make up the remainder of the dipole, making the overall 
length equal to one half-wavelength. 

A useful feature of an antenna using the coaxial- 
resonator match is that the entire antenna is at the same 
dc potential as the feed-line potential, thereby avoiding 
charge buildup on the antenna. Hence, noise and the 
potential of lightning damage are reduced. 

Fig 28 shows the detailed dimensions of an 80-meter 
inverted-V dipole using a coaxial-resonator match. This 
design provides a load SWR better than 1.6:1 from 3.5 to 
3.825 MHz and has been named the 80-Meter DX Special. 
The coax is an electrical quarter wavelength, has a short at 
one end, an open at the other end, a strategically placed 
crossover, and is fed at a tee junction. (The crossover is 
made by connecting the shield of one coax segment to the 
center conductor of the adjacent segment and by connecting 
the remaining center conductor and shield in a similar way.) 
The antenna is constructed as an inverted-V dipole with a 
110° included angle and an apex at 60 feet. The measured 
SWR versus frequency is shown in Fig 29. Also in Fig 29 
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Fig 29—Measured SWR performance of the 80-Meter 
DX Special, curve A. Note the substantial 
broadbanding relative to a conventional 
uncompensated dipole, curve B. 





Fig 30—T and crossover construction. At A, a 2-inch PVC 


pipe coupling can be used for the T, and at B, a 

1-inch coupling for the crossover. These sizes are the 
nominal inside diameters of the PVC pipe that is normally 
used with the couplings. The T could be made from 
standard UHF hardware (an M-358 T and a PL-258 
coupler). An alternative construction for the crossover is 
shown at C, where a direct solder connection is made. 


is the SWR characteristic for an uncompensated inverted- 
V dipole made from the same materials and positioned 
exactly like the broadband version. 

The 80-Meter DX Special is made from RG-213 
coaxial cable and #14 AWG wire, and is fed with 50-Q 
coax. The coax forming the antenna should be cut so that 
the stub lengths of Fig 28 are within '/2 inch of the 
specified values. PVC plastic-pipe couplings and SO-239 
UHF chassis connectors can be used to make the T and 
crossover connections, as shown in Fig 30A and 30B. 


Alternatively, a standard UHF T connector and coupler 
can be used for the T, and the crossover may be a soldered 
connection (Fig 30C). RG-213 is used because of its ready 
availability, physical strength, power handling capability, 
and moderate loss. 

Cut the wire ends of the dipole about three feet 
longer than the lengths given in Fig 28. If there is a tilt in 
the SWR-frequency curve when the antenna is first built, 
it may be flattened to look like the shape given in Fig 29 
by increasing or decreasing the wire length. Each end 
should be lengthened or shortened by the same amount. 

A word of caution: If the coaxial cable chosen is not 
RG-213 or equivalent, the dimensions will have to be 
modified. The following cable types have about the same 
characteristic impedance, loss and velocity factor as RG- 
213 and could be substituted: RG-8, RG-8A, RG-10, 
RG-10A and RG-215. If the Q of the dipole is particularly 
high or the radiation resistance is unusually low because 
of different ground characteristics, antenna height, 
surrounding objects and so on, then different segment 
lengths will be required. 

What is the performance of this broadband antenna 
relative to that of a conventional inverted-V dipole? Aside 
from the slight loss (about 0.75 dB at band edges, less 
elsewhere) because of the non-ideal matching network, the 
broadband version will behave essentially the same as a 
dipole cut for the frequency of interest. That is, the radiation 
patterns for the two cases will be virtually the same. 


The Snyder Dipole 


A commercially manufactured antenna utilizing the 
principles described in the Matching Network Design 
section is the Snyder dipole. Patented by Richard D. 
Snyder in late 1984 (see Bibliography), it immediately 
received much public attention through an article that 
Snyder published. Snyder’s claimed performance for the 
antenna is a 2:1 SWR bandwidth of 20% with high 
efficiency. 

The configuration of the Snyder antenna is like that 
of the crossed-double bazooka of Fig 12, with 25-Q line 
used for the cross-connected resonators. In addition, the 
antenna is fed through a 2:1 balun, and exhibits a W-shaped 
SWR characteristic like that of Fig 13. The SWR at band 
center, based on information in the patent document, is 
1.7 to 1. There is some controversy in professional circles 
regarding the claims for the Snyder antenna. 


The Improved Crossed-Double Bazooka 

The following has been condensed from an article 
by Reed Fisher, W2CQH, that appeared in The ARRL 
Antenna Compendium Volume 2. The antenna is shown in 
Fig 31. Note that the half-wave flat-top is constructed of 
sections of RG-58 coaxial cable. These sections of coaxial 
cable serve as quarter-wave shunt stubs that are essentially 
connected in parallel at the feed point in the crossed 
double-bazooka fashion. At an electrical quarter 
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Fig 31—Details of the W2CQH broadband-matched 80- 


meter dipole. 
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Fig 32—SWR curves for the improved double bazooka. 
Curve A, the theoretical curve with 50-Q stubs and a 
4/4, 75-Q matching transformer. Curve B, measured 
response of the same antenna, built with RG-58 stubs 
and an RG- 59 transformer. Curve C, measurements 
from a dipole without broadbanding. Measurements 
were made at W2CQH with the dipole horizontal at 30 
feet. 
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wavelength (43 feet) from each side of the feed point X- 
Y, the center conductor is shorted to the braid of the coaxial 
cable. 

The parallel stubs provide reactance compensation. 
The necessary impedance transformation at the antenna 
feed point is provided by the quarter-wave Q-section 
constructed of a 50-foot section of 75-Q coaxial cable 
(RG-59). A W2DU 1:1 current balun is used at the feed 
point. See Fig 32 for the SWR versus frequency for this 
antenna with and without the broadband matching network. 

This antenna is essentially that of the crossed double 
bazooka antenna shown in Fig 12, with the addition of 
the 75-Q Q-section. The improvement in match 
bandwidth is substantial. The antenna at W2CQH is 
straight and nearly horizontal with an average height of 
about 30 feet. 
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Transmission—Line 


Fig 33—This simple broadband 
antenna system resembles a 
conventional 80-meter dipole except 
for the 4/4-wavelength 75-Q segment. 
The lengths of the Q-section, TLR 
(including balun) and dipole are 

43.3 feet, 170.5 feet, and 122.7 feet, 
respectively. 


Resonator 


TRANSMISSION-LINE RESONATORS AS PART 
OF THE FEED LINE 


A Simple Broadband Dipole for 80 Meters 


This system was described in an article in September 
1993 QST. It has the advantage that the radiator is the 
same as that of a conventional half-wave wire dipole. Thus 
the antenna is light weight, easy to support and has small 
wind and ice loading. The broadband matching network 
is integrated into the feed line. 

The system is shown in Fig 33. It is a variation of 
the example shown in the Matching Network Design 
section of this chapter as shown in Fig 17. The TLR is a 
1A length of RG-213 50-Q coax and the impedance 
transformation is accomplished with a 75-Q Q-section 
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Fig 34—Measured SWR versus frequency for the 
broadband and conventional antenna systems. 
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Fig 35—Measured SWR for the 80- and 40-meter 
multiband antenna system. 


made of RG-11. The antenna is an inverted-V with a 140° 
included angle and an apex height of 60 feet. The wire 
size is #14, but is not critical. The balun is a W2DU 1:1 
current type. It easily handles the legal power limit over 
the entire 80-meter band. The measured SWR is shown 
in Fig 34. 

A unique advantage of this antenna is that by 
paralleling a 40-meter dipole at the feed point and sharing 
the feed line, operation on both 80 and 40 meters is 
possible. The reason for this is that the lengths of the Q- 
section and the TLR are multiples of a half-wavelength 
on 40 meters. To minimize the interaction, the two dipoles 
should be spaced from each other away from the feed point. 
First tune the 80-meter antenna and then the 40-meter one. 
Fig 35 shows the result of adding a 40-meter dipole to the 
system shown in Fig 33. Each 40-meter dipole leg is 
34.4 feet long. Note that the SWR on 80 meters changes 
very little compared to Fig 34. No change was made to 
the 80-meter dipole or to the transmission line. 


80-Meter Dipole with the TLR Transformer 


The total length of the feed line in the system just 
described above in Fig 33 is quite long, about 214 feet. 
For installations with shorter runs, the TLR transformer 
concept may be employed to advantage. An example 
provided in “Optimizing the 80-Meter Dipole” in The 
ARRL Antenna Compendium, Vol 4 is shown in Fig 36. 
Here the TLR is 7/4 A long overall and is made from 
RG-213 50-Q cable. The design applies for an 80-meter 
horizontal dipole, 80 feet above average ground, with an 
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Fig 36—Broadbanding with the TLR transformer. The 
dimensions shown apply for an 80-meter horizontal 
dipole 80 feet above average ground. 


assumed antenna Fo, Ra, and Q, of 3.72 MHz, 92 Q and 
9, respectively. (See Figs 3 and 4). The lengths must be 
revised for other dipole parameters. 

For this design, the feed line is 113.1 feet long and 
the shorted stub at the transmitter end is 21.6 feet long. 
You can add any length of 50-© cable between the 
transmitter and the junction of the shorted stub and the 
feed line. The shorted stub gives a dc path to ground for 
both sides of the dipole, preventing charge buildup and 
some lightning protection. For multiband operation with 
an antenna tuner, the stub should be removed. 

The general application of the TLR transformer 
concept has a tap at both the transmitter end and a tap at 
the antenna end. (See Fig 24.) In this case, the concept 
was applied only at the transmitter end, since very little 
impedance transformation was required at the antenna end. 
The location of the TLR transformer is not obvious. 
Consider a */4 1 TLR with a short at one end, and an open 
at the other end where the antenna is connected. The 
generator for no impedance transformation would be 
located A/4 (43.6 feet @ 3.72 MHz) from the short. By 
connecting the transmitter 21.6 feet from the short, the 
required impedance transformation for a transmitter 
optimized for 50-Q loads is achieved. 
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Log Periodic Arrays 


This chapter was contributed by L. B. Cebik, 
WARNL. The Log Periodic Dipole Array (LPDA) is one 
of a family of frequency-independent antennas. Alone, 
an LPDA forms a directional antenna with relatively con- 
stant characteristics across a wide frequency range. It may 
also be used with parasitic elements to achieve specific 
characteristic within a narrow frequency range. Common 
names for such hybrid arrays are the /og-cell Yagi or the 
Log-Yag. We shall look at the essential characteristics of 
both types of arrays in this chapter. 

The LPDA is the most popular form of log-periodic 
systems, which also include zig-zag, planar, trapezoidal, 
slot, and V forms. The appeal of the LPDA version of 
the log periodic antenna owes much to its structural simi- 
larity to the Yagi-Uda parasitic array. This permits the 
construction of directional LPDAs that can be rotated— 
at least within the upper HF and higher frequency ranges. 
Nevertheless, the LPDA has special structural as well 
as design considerations that distinguish it from the 
Yagi. A number of different construction techniques for 
both wire and tubular elements are illustrated later in this 
chapter. 





Antenna Feeder or 
Phase-—Line 





Feed 
Point 


Elements 2 


Fig 1—The basic components of a log periodic dipole 
array (LPDA). The forward direction is to the left in this 
sketch. Many variations of the basic design are 
possible. 
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The LPDA in its present form derives from the pio- 
neering work of D. E. Isbell at the University of Illinois in 
the late 1950s. Although you may design LPDAs for large 
frequency ranges—for example, from 3 to 30 MHz or a 
little over 3 octaves—the most common LPDA designs that 
radio amateurs use are limited to a one-octave range, usu- 
ally from 14 to 30 MHz. Amateur designs for this range 
tend to consist of linear elements. However, experimental 
designs for lower frequencies have used elements shaped 
like inverted Vs, and some versions use vertically oriented 
‘4 X elements over a ground system. 

Fig 1 shows the parts of a typical LPDA. The struc- 
ture consists of a number of linear elements, the longest 
of which is approximately '/2 A long at the lowest design 
frequency. The shortest element is usually about !/2 4 long 
at a frequency well above the highest operating frequency. 
The antenna feeder, also informally called the phase-line, 
connects the center points of each element in the series, 
with a phase reversal or cross-over between each element. 
A stub consisting of a shorted length of parallel feed line 
is often added at the back of an LPDA. 

The arrangement of elements and the method of feed 
yield an array with relatively constant gain and front-to- 
back ratio across the designed operating range. In addi- 
tion, the LPDA exhibits a relatively constant feed-point 
impedance, simplifying matching to a transmission line. 


BASIC DESIGN CONSIDERATIONS 


For the amateur designer, the most fundamental fac- 
ets of the LPDA revolve around three interrelated design 
variables: o (alpha), T (tau), and o (sigma). Any one of 
the three variables may be defined by reference to the 
other two. 

Fig 2 shows the basic components of an LPDA. The 
angle o defines the outline of an LPDA and permits every 
dimension to be treated as a radius or the consequence of 
a radius (R) of a circle. The most basic structural dimen- 
sions are the element lengths (L), the distance (R) of each 
element from the apex of angle a, and the distance 
between elements (D). A single design constant, Tt, de- 
fines all of these relationships in the following manner: 
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Fig 2—Some fundamental relationships that define an 
array as an LPDA. See the text for the defining 
equations. 


es at Dau is Lay 
R dD LO (Eq 1) 


where element n and n+1 are successive elements in the 
array working toward the apex of angle a. The value of T 
is always less than 1.0, although effective LPDA design 
requires values as close to 1.0 as may be feasible. 

The variable tT defines the relationship between suc- 
cessive element spacings but it does not itself determine 
the initial spacing between the longest and next longest 
elements upon which to apply T successively. The initial 
spacing also defines the angle m for the array. Hence, we 
have two ways to determine the value of o, the relative 
spacing constant: 


e I-t D, 
4tana 2L, (Eq 2) 








where D,, is the distance between any two elements of 
the array and L, is the length of the longer of the two 
elements. From the first of the two methods of determin- 
ing the value of 6, we may also find a means of deter- 
mining & when we know both T and o. 

For any value of tT, we may determine the optimal 
value of o: 


o., =0.2431-0.051 (Eq 3) 


opt 

The combination of a value for T and its correspond- 
ing optimal value of © yields the highest performance of 
which an LPDA is capable. For values of t from 0.80 
through 0.98, the value of optimal o varies from 0.143 to 
0.187, in increments of 0.00243 for each 0.01 change in 
t. However, using the optimal value of 6 usually yields a 
total array length that is beyond ham construction or 
tower/mast support capabilities. Consequently, amateur 
LPDAs usually employ compromise values of tT and o 
that yield lesser but acceptable performance. 

For a given frequency range, increasing the value of 
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Tt increases both the gain and the number of required ele- 
ments. Increasing the value of o increases both the gain 
and the overall boom length. A t of 0.96—which 
approaches the upper maximum recommended value for 
t—yields an optimal o of about 0.18, and the resulting 
array grows to over 100 feet long for the 14 to 30 MHz 
range. The maximum free space gain is about 11 dBi, 
with a front-to-back ratio that approaches 40 dB. Normal 
amateur practice, however, uses values of t from about 
0.88 to 0.95 and values of o from about 0.03 to 0.06. 

Standard design procedures usually set the length of 
the rear element for a frequency about 7% lower than the 
lowest design frequency and use the common dipole for- 
mula (Ly.., = 468/fyy,) to determine its length (5% lower 
than a free-space half wavelength, where L,,., = 493.56/ 
fyy,)- The upper frequency limit of the design is ordi- 
narily set at about 1.3 times the highest design frequency. 
Since T and o set the increment between successive ele- 
ment lengths, the number of elements becomes a function 
of when the shortest element reaches the dipole length for 
the adjusted upper frequency. 

The adjusted upper frequency limit results from the 
behavior of LPDAs with respect to the number of active 
elements. See Fig 3, which shows an edge view of a 10- 
element LPDA for 20 through 10 meters. The vertical 
lines represent the peak relative current magnitude for 
each element at the specified frequency. At 14 MHz, vir- 
tually every element of the array shows a significant cur- 
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Fig 3—The relative current magnitude on the elements 
of an LPDA at the lowest and highest operating 
frequencies for a given design. Compare the number of 
“active” elements, that is, those with current levels at 
least '/10 of the highest level. 


rent magnitude. However, at 28 MHz, only the forward 
5 elements carry significant current. Without the extended 
design range to nearly 40 MHz, the number of elements 
with significant current levels would be severely reduced, 
along with upper frequency performance. 

The need to extend the design equations below the 
lowest proposed operating frequency varies with the value 
of t. In Fig 4, we can compare the current on the rear 
elements of two LPDAs, both with a o value of 0.04. The 
upper design uses a T of 0.89, while the lower design 
uses a value of 0.93. The most significant current-bear- 
ing element moves forward with increases in T, reducing 
(but not wholly eliminating) the need for elements whose 
lengths are longer than a dipole for the lowest operating 
frequency. 


LPDA Design and Computers 


Originally, LPDA design proceeded through a series 
of design equations intended to yield the complete speci- 
fications for an array. More recent techniques available 
to radio amateurs include basic LPDA design software 
and antenna modeling software. One good example of 
LPDA design software is LPCAD28 by Roger Cox, 
WBODGF. A copy of this freeware program is on the 
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Fig 4—Patterns of current magnitude at the lowest 
operating frequency of two different LPDA designs: 
a 10-element low-t design and a 16-element 
higher-t design. 


CD-ROM that accompanies this volume. The user begins 
by specifying the lowest and highest frequencies in the 
design. He then enters either his selected values for t and 
6 or his choices for the number of elements and the total 
length of the array. With this and other input data, the 
program provides a table of element lengths and spac- 
ings, using the adjusted upper and lower frequency lim- 
its described earlier. 

The program also requests the diameters of the long- 
est and shortest elements in the array, as well as the 
diameter of average element. From this data, the program 
calculates a recommended value for the phase-line con- 
necting the elements and the approximate resistive value 
of the input impedance. Among the additional data that 
LPCAD28 makes available is the spacing of conductors 
to achieve the desired characteristic impedance of the 
phase-line. These conductors may be round—as we would 
use for a wire phase-line—or square—as we might use 
for double-boom construction. 

An additional vital output from LPCAD28 is the con- 
version of the design into antenna modeling input files 
of several formats, including versions for AO and 
NEC4WIN (both MININEC-based programs), and a ver- 
sion in the standard *.NEC format usable by many imple- 
mentations of NEC-2 and NEC-4, including NECWin Plus, 
GNEC, and EZNEC Pro. Every proposed LPDA design 
should be verified and optimized by means of antenna 
modeling, since basic design calculations rarely provide 
arrays that require no further work before construction. 
A one-octave LPDA represents a segment of an arc de- 
fined by o that is cut off at both the upper and the lower 
frequency limits. Moreover, some of the design equations 
are based upon approximations and do not completely 
predict LPDA behavior. Despite these limitations, most 
of the sample LPDA designs shown later in this chapter 
are based directly upon the fundamental calculations. 
Therefore, the procedure will be outlined in detail before 
turning to hybrid log-cell Yagi concepts. 

Modeling LPDA designs is most easily done on a 
version of NEC. The transmission line (TL) facility built 
into NEC-2 and NEC-4 alleviates the problem of model- 
ing the phase-line as a set of physical wires, each section 
of which has a set of constraints in MININEC at the right- 
angle junctions with the elements. Although the NEC TL 
facility does not account for losses in the lines, the losses 
are ordinarily low enough to neglect. 

NEC models do require some careful construction to 
obtain the most accurate results. Foremost among the cau- 
tions is the need for careful segmentation, since each ele- 
ment has a different length. The shortest element should 
have about 9 or 11 segments, so that it has sufficient seg- 
ments at the highest modeling frequency for the design. 
Each element behind the shortest one should have a greater 
number of segments than the preceding element by the in- 
verse of the value of t. However, there is a further limita- 
tion. Since the transmission line is at the center of each 
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element, NEC elements should have an odd number of seg- 
ments to hold the phase-line centered. Hence, each seg- 
mentation value calculated from the inverse of T must be 
rounded up to the nearest odd integer. 

Initial modeling of LPDAs in NEC-2 should be done 
with uniform-diameter elements, with any provision for 
stepped-diameter element correction turned off. Since 
these correction factors apply only to elements within 
about 15% of dipole resonance at the test frequency, 
models with stepped-diameter elements will correct for 
only a few elements at any test frequency. The resulting 
combination of corrected and uncorrected elements will 
not yield a model with assured reliability. 

Once one has achieved a satisfactory model with uni- 
form-diameter elements, the modeling program can 
be used to calculate stepped-diameter substitutes. Each 
uniform-diameter element, when extracted from the larger 
array, will have a resonant frequency. Once this frequency 
is determined, the stepped-diameter element to be used 
in final construction can be resonated to the same fre- 
quency. Although NEC-4 handles stepped diameter 
elements with much greater accuracy than NEC-2, the pro- 
cess just described is also applicable to NEC-4 models 
for the greatest precision. 


LPDA Behavior 


Although LPDA behavior is remarkably uniform over 
a wide frequency range compared to narrow-band designs, 
such as the Yagi-Uda array, it nevertheless exhibits very 
significant variations within the design range. Fig 5 shows 
several facets of these behaviors. Fig 5 shows the free- 
space gain for three LPDA designs using 0.5-inch diam- 
eter aluminum elements. The designations for each model 
list the values of T (0.93, 0.89, and 0.85) and of o (0.02, 
0.04, and 0.06) used to design each array. The resultant 
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Fig 5—The modeled free-space gain of 3 relatively 
small LPDAs of different design. Note the relationship 
of the values of t and of o for these arrays with quite 
similar performance across the 14-30 MHz span. 
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array lengths are listed with each designator. The total 
number of elements varies from 16 for “9302” to 10 for 
“8904” to 7 for “8504.” 

First, the gain is never uniform across the entire fre- 
quency span. The gain tapers off at both the low and high 
ends of the design spectrum. Moreover, the amount of 
gain undulates across the spectrum, with the number of 
peaks dependent upon the selected value of Tt and the 
resultant number of elements. The front-to-back ratio 
tends to follow the gain level. In general, it ranges from 
less than 10 dB when the free-space gain is below 5 dBi 
to over 20 dB as the gain approaches 7 dBi. The front-to- 
back ratio may reach the high 30s when the free-space 
array gain exceeds 8.5 dBi. Well-designed arrays, espe- 
cially those with high values of tT and o, tended to have 
well-controlled rear patterns that result in only small dif- 
ferences between the 180° front-to-back ratio and the 
averaged front-to-rear ratio. 

Since array gain is a mutual function of both t and 
©, average gain becomes a function of array length for 
any given frequency range. Although the gain curves in 
Fig 5 interweave, there is little to choose among them in 
terms of average gain for the 14 to 18-foot range of array 
lengths. Well-designed 20- to 10-meter arrays in the 
30-foot array length region are capable of about 7 dBi 
free-space gain, while 40-foot arrays for the same fre- 
quency range can achieve about 8 dBi free-space gain. 

Exceeding an average gain of 8.5 dBi requires at least 
a 50-foot array length for this frequency range. Long arrays 
with high values of t and o also tend to show smaller 
excursions of gain and of front-to-back ratio in the overall 
curves. In addition, high-t designs tend to show higher 
gain at the low frequency end of the design spectrum. 

The frequency sweeps shown in Fig 5 are widely 
spaced at | MHz intervals. The evaluation of a specific 
design for the 14 to 30-MHz range should decrease the 
interval between check points to no greater than 0.25 MHz 
in order to detect frequencies at which the array may show 
a performance weakness. Weaknesses are frequency 
regions in the overall design spectrum at which the array 
shows unexpectedly lower values of gain and front-to- 
back ratio. In Fig 5 note the unexpected decrease in gain 
of model “8904” at 26 MHz. The other designs also have 
weak points, but they fall between the frequencies 
sampled. 

In large arrays, these regions may be quite small and 
may occur in more than one frequency region. The weak- 
ness results from the harmonic operation of longer ele- 
ments to the rear of those expected to have high current 
levels. Consider a 7-element LPDA about 12.25-foot long 
for 14 to 30 MHz using 0.5-inch aluminum elements. At 
28 MHz, the rear elements operate in a harmonic mode, 
as shown by the high relative current magnitude curves 
in Fig 6. The result is a radical decrease in gain, as shown 
in the “No Stub” curve of Fig 7. The front-to-back ratio 
also drops as a result of strong radiation from the long 








Fig 6—The relative current magnitude on the elements 
of model “8504” at 28 MHz without and with a stub. 
Note the harmonic operation of the rear elements 
before a stub is added to suppress such operation. 


elements to the rear of the array. 

Early designs of LPDAs called for terminating trans- 
mission-line stubs as standard practice to help eliminate 
such weak spots in frequency coverage. In contemporary 
designs, their use tends to be more specific for eliminat- 
ing or moving frequencies that show gain and front-to- 
back weakness. (Stubs have the added function of keeping 
both sides of each element at the same level of static 
charge or discharge.) The model dubbed “8504” was fit- 
ted (by trial and error) with an 18-inch shorted stub of 
600-Q transmission line. As Fig 6B shows, the harmonic 
operation of the rear elements is attenuated. The “stub” 
curve of Fig 7 shows the smoothing of the gain curve for 
the array throughout the upper half of its design spec- 
trum. In some arrays showing multiple weaknesses, a 





Sample LPDAs: Free-Space Gain 
With and Without Corrcetive Stub 


ae ; ee Fa Poe rope 
- ! i “- : 


a 
—$ 





rel 
| 
ix 
—i 
+ 





Free-Spac? Gain, dBi 
%. 



































23 





015 We 1F i 1 MP PF Be a 2S Wk BF TR 7 
brequeney, MAL 


mG No sib oF B04 Wath Siub | 


Fig 7—A graph of the gain of model “8504” showing the 
frequency region in which a “weakness” occurs and its 
absence once a suitable stub is added to the array. 





single stub may not eliminate all of them. However, it 
may move the weaknesses to unused frequency regions. 
Where full-spectrum operation of an LPDA is necessary, 
additional stubs located at specific elements may be 
needed. 

Most LPDA designs benefit (with respect to gain and 
front-to-back ratio) from the use of larger-diameter ele- 
ments. Elements with an average diameter of at least 
0.5-inch are desirable in the 14 to 30 MHz range. How- 
ever, standard designs usually presume a constant ele- 
ment length-to-diameter ratio. In the case of LPCAD28, 
this ratio is about 125:1, which assumes an even larger 
diameter. To achieve a relatively constant length-to- 
diameter ratio in the computer models, you can set the 
diameter of the shortest element in a given array design 
and then increase the element diameter by the inverse of 
t for each succeeding longer element. This procedure is 
often likely to result in unreasonably large element 
diameters for the longest elements, relative to standard 
amateur construction practices. 

Since most amateur designs using aluminum tubing 
for elements employ stepped-diameter (tapered) elements, 
roughly uniform element diameters will result unless the 
LPDA mechanical design tries to lighten the elements at 
the forward end of the array. This practice may not be 
advisable, however. Larger elements at the high end of the 
design spectrum often counteract (at least partially) the 
natural decrease in high-frequency gain and show improved 
performance compared to smaller diameter elements. 

An alternative construction method for LPDAs uses 
wire throughout. At every frequency, single-wire elements 
reduce gain relative to larger-diameter tubular elements. 
An alternative to tubular elements appears in Fig 8. For 
each element of a tubular design, there is a roughly 
equivalent 2-wire element that may be substituted. The 
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Fig 8—A substitute for a large-diameter tubular element 
composed of two wires shorted at both the outer ends 
and at the center junction with the phase-line. 


spacing between the wire is determined by taking one of 
the modeled tubular elements and finding its resonant fre- 
quency. A two-wire element of the same length is then 
constructed with shorts at the far ends and at the junc- 
tions with the phase-line. The separation of the two wires 
is adjusted until the wire element is resonant at the same 
frequency as the original tubular element. The required 
separation will vary with the wire chosen for the element. 
Models used to develop these substitutes must pay close 
attention to segmentation rules for NEC due to the short 
length of segments in the end and center shorts, and to 
the need to keep segment junctions as exactly parallel as 
possible with close-spaced wires. 


Feeding and Constructing the LPDA 


Original design procedures for LPDAs used a single, 
ordinarily fairly high, characteristic impedance for the 
phase-line (antenna feeder). Over time, designers real- 


ized that other values of impedance for the phase line 
offered both mechanical and performance advantages for 
LPDA performance. Consequently, for the contemporary 
designer, phase-line choice and construction techniques 
are almost inseparable considerations. 

High-impedance phase lines (roughly 200 Q and 
higher) are amenable to wire construction similar to that 
used with ordinary parallel-wire transmission lines. They 
require careful placement relative to a metal boom used 
to support individual elements (which themselves must be 
insulated from the support boom). Connections also re- 
quire care. If the phase-line is given a half-twist between 
each element, the construction of the line must ensure con- 
stant spacing and relative isolation from metal supports 
to maintain a constant impedance and to prevent shorts. 

Along with the standard parallel-wire line, shown 
in Fig 9A, there are a number of possible LPDA struc- 
tures using booms. The booms serve both to support the 
elements and to create relatively low-impedance (under 
200 Q) phase-lines. Fig 9B shows the basics of a twin 
circular tubing boom with the elements cross-supported 
by insulated rods. Fig 9C shows the use of square tubing 
with the elements attached directly to each tube by 
through-bolts. Fig 9D illustrates the use of L-stock, which 
may be practical at VHF frequencies. Each of these 
sketches is incomplete, however, since it omits the nec- 
essary stress analyses that determine the mechanical fea- 
sibility of a structure for a given LPDA project. 

The use of square boom material requires some 
adjustment when calculating the characteristic impedance 
of the phase-line. For conductors with a circular cross- 
section, 
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Fig 9—Four (of many) possible construction techniques, shown from the array end. In A, an insulated plate 
supports and separates the wires of the phase-line, suitable with wire or tubular elements. A dual circular boom 
phase-line also supports the elements, which are cross-supported for boom stability. Square tubing is used in C, 
with the elements joined to the boom/phase-line with through-bolts and an insert in each half element. The L-stock 


shown in D is useful for lighter VHF and UHF arrays. 
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Zo =120 cosh! > (Eq 4) 
where D is the center-to-center spacing of the conduc- 
tors and d is the outside diameter of each conductor, both 
expressed in the same units of measurement. Since we 
are dealing with closely spaced conductors, relative to 
their diameters, the use of this version of the equation 
for calculating the characteristic impedance (Zp) is rec- 
ommended. For a square conductor, 


d= 1.18 w (Eq 5) 


where d is the approximate equivalent diameter of the 
square tubing and w is the width of the tubing across one 
side. Thus, for a given spacing, a square tube permits you 
to achieve a lower characteristic impedance than round 
conductors. However, square tubing requires special 
attention to matters of strength, relative to comparable 
round tubing. 

Electrically, the characteristic impedance of the 
LPDA phase-line tends to influence other performance 
parameters of the array. Decreasing the phase-line Zy also 
decreases the feed-point impedance of the array. For small 
designs with few elements, the decrease is not fully 
matched by a decrease in the excursions of reactance. 
Consequently, using a low impedance phase-line may 
make it more difficult to achieve a 2:1 or less SWR for 
the entire frequency range. However, higher-impedance 
phase-lines may result in a feed-point impedance that 
requires the use of an impedance-matching balun. 

Decreasing the phase-line Zp also tends to increase 
LPDA gain and front-to-back ratio. There is a price to be 
paid for this performance improvement—weaknesses at 
specific frequency regions become much more pronounced 
with reductions in the phase-line Zp. For a specific array 
you must weigh carefully the gains and losses, while 
employing one or more transmission line stubs to get 
around performance weaknesses at specific frequencies. 

Depending upon the specific values of t and o 
selected for a design, you can sometimes select a phase- 
line Zp that provides either a 50-Q or a 75-Q feed-point 
impedance, holding the SWR under 2:1 for the entire 
design range of the LPDA. The higher the values of T 
and o for the design, the lower the reactance and resis- 
tance excursions around a central value. Designs using 
optimal values of o with high values of tT show a very 
S ] i g h t 
capacitive reactance throughout the frequency range. 
Lower design values obscure this phenomenon due to 
the wide range of values taken by both resistance and 
reactance as the frequency is changed. 

At the upper end of the frequency range, the source 
resistance value decreases more rapidly than elsewhere 
in the design spectrum. In larger arrays, this can be over- 
come by using a variable Zy phase-line for approximately 
the first 20% of the array length. This technique is, how- 
ever, difficult to implement with anything other than wire 


phase-lines. Begin with a line impedance about half of 
the final value and increase the wire spacing evenly until 
it reaches its final and fixed spacing. This technique can 
sometimes produce smoother impedance performance 
across the entire frequency span and improved high-fre- 
quency SWR performance. 

Designing an LPDA requires as much attention to 
designing the phase-line as to element design. It is always 
useful to run models of the proposed design through sev- 
eral iterations of possible phase-line Z,) values before 
freezing the structure for construction. 


Special Design Corrections 


The curve for the sample 8504 LPDA in Fig 7 
revealed several deficiencies in standard LPDA designs. 
The weakness in the overall curve was corrected by the 
use of a stub to eliminate or move the frequency at which 
rearward elements operated in a harmonic mode. In the 
course of describing the characteristics of the array, we 
have noted several other means to improve performance. 
Fattening elements (either uniformly or by increasing 
their diameter in step with Tt) and reducing the character- 
istic impedance of the phase-line are capable of small 
improvements in performance. However, they cannot 
wholly correct the tendency of the array gain and front- 
to-back ratio to fall off at the upper and lower limits of 
the LPDA frequency range. 

One technique sometimes used to improve perfor- 
mances near the frequency limits is to design the LPDA 
for upper and lower frequency limits much higher and 
lower than the frequencies of use. This technique unnec- 
essarily increases the overall size of the array and does 
not eliminate the downward performance curves. Increas- 
ing the values of tT and o will usually improve perfor- 
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Fig 10—A before and after sketch of an LPDA, showing 
the original lengths of the elements and their 
adjustments from diminishing the value of t at both 
ends of the array. See the text for the amount of 
change applicable to each element. 
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mance at no greater cost in size than extending the fre- 
quency range. Increasing the value of T is especially ef- 
fective in improving the low frequency performance of 
an LPDA. 

Working within the overall size limits of a standard 
design, one may employ a technique of circularizing the 
value of t for the rear-most and forward-most elements. 
See Fig 10, which is not to-scale relative to overall array 
length and width. Locate (using an antenna-modeling pro- 
gram) the element with the highest current at the lowest 
operating frequency, and the element with the highest 
current at the highest operating frequency. The adjust- 
ments to element lengths may begin with these elements 
or—at most—one element further toward the array cen- 
ter. For the first element (counting from the center) to be 
modified, reduce the value of t by about 0.5%. For a rear- 
ward element, use the inverse of the adjusted value of T 
to calculate the new length of the element relative to the 
unchanged element just forward of the change. For a for- 
ward element, use the new value of T to calculate the new 
length of the element relative to the unchanged element 
immediately to the rear of it. 

For succeeding elements outward, calculate new val- 
ues of t from the adjusted values, increasing the incre- 
ment of decrease with each step. Second adjusted 
elements may use values of Tt about 0.75% to 1.0% lower 
than the values just calculated. Third adjusted elements 
may use an increment of 1.0% to 1.5% relative to the 
preceding value. 

Not all designs require extensive treatment. As the 
values of tT and o increase, fewer elements may require 
adjustment to obtain the highest possible gain at the fre- 
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Fig 11—The modeled free space gain from 14 to 

30 MHz of an LPDA with t of 0.89 and o of 0.04. 
Squares: just a stub to eliminate a weakness; Triangles: 
with a stub and circularized elements, and Circles: with 
a stub, circularized elements and a parasitic director. 
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quency limits, and these will always be the most outward 
elements in the array. A second caution is to check the 
feed-point impedance of the array after each change to 
ensure that it remains within design limits. 

Fig 11 shows the free-space gain curves from 14 to 
30 MHz for a 10-element LPDA with an initial t of 0.89 
and a o of 0.04. The design uses a 200-Q phase-line, 0.5- 
inch aluminum elements, and a 3-inch 600-Q stub. The 
lowest curve shows the modeled performance across the 
design frequency range with only the stub. Performance 
at the frequency limits is visibly lower than within the 
peak performance region. The middle curve shows the 
effects of circularizing t. Average performance levels 
have improved noticeably at both ends of the spectrum. 

In lieu of, or in addition to, the adjustment of ele- 
ment lengths, you may also add a parasitic director to an 
LPDA, as shown in Fig 12. The director is cut roughly 
for the highest operating frequency. It may be spaced 
between 0.1 A and 0.15 A from the forward-most element 
of the LPDA. The exact length and spacing should be 
determined experimentally (or from models) with two 
factors in mind. First, the element should not adversely 
effect the feed-point impedance at the highest operating 
frequencies. Close spacing of the director has the great- 
est effect on this impedance. Second, the exact spacing 
and element length should be set to have the most de- 
sired effect on the overall performance curve of the ar- 
ray. The mechanical impact of adding a director is to 
increase overall array length by the spacing selected for 
the element. 

The upper curve in Fig 11 shows the effect of add- 
ing a director to the circularized array already equipped 
with a stub. The effect of the director is cumulative, in- 
creasing the upper range gain still further. Note that the 
added parasitic director is not just effective at the highest 
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Fig 12—A generalized sketch of an LPDA with the 
addition of a parasitic director to improve performance 
at the higher frequencies within the design range. 


frequencies within the LPDA design range. It has a per- 
ceptible effect almost all the way across the frequency 
span of the array, although the effect is smallest at the 
low-frequency end of the range. 

The addition of a director can be used to enhance 
upper frequency performance of an LPDA, as in the 
illustration, or simply to equalize upper frequency per- 
formance with mid-range performance. High-t designs, 
with good low-frequency performance, may need only a 
director to compensate for high-frequency gain decrease. 
One potential challenge to adding a director to an LPDA 
is sustaining a high front-to-back ratio at the upper fre- 
quency range. 

Throughout the discussion of LPDAs, the perfor- 
mance curves of sample designs have been treated at all 
frequencies alike, seeking maximum performance across 
the entire design frequency span. Special compensations 
are also possible for ham-band-only LPDA designs. They 
include the insertion of parasitic elements within the 
array as well as outside the initial design boundaries. 
In addition, stubs may be employed not so much to elimi- 
nate weaknesses, but only to move them to frequencies 
outside the range of amateur interests. 


A DESIGN PROCEDURE FOR AN LPDA 


The following presents a systematic step-by-step 
design procedure for an LPDA with any desired band- 
width. The procedure requires some mathematical calcu- 
lations, but a common calculator with square-root, 
logarithmic, and trigonometric functions is completely 
adequate. The notation used in this section may vary 
slightly from that used earlier in this chapter. 

1) Decide on an operating bandwidth B between f,, 
lowest frequency and f,, highest frequency: 


f, 
rg (Eq 6) 
1 


2) Choose T and 6 to give the desired estimated av- 
erage gain. 
0.85 T<0.98and 0.03 6 So 4, (Eq 7) 


where 6,,; is calculated as noted earlier in this chapter. 
3)Determine the value for the cotangent of the apex 
half-angle o from 


4o 
cot a= — 


zs (Eq 8) 


Although © is not directly used in the calculations, 
cot o is used extensively. 

4) Determine the bandwidth of the active region B,, 
from 
(Eq 9) 
5) Determine the structure (array) bandwidth B, from 


By, = BxB,, 


B,, =1.1+7.7 (1-1) cota 


(Eq 10) 


6) Determine the boom length L, number of elements 
N, and longest element length @,. 











1 
L.-(-| cot a x max (Eq 11) 
984 
max ee, (Eq 12) 
Na14 083s 1408s 
log + int (Eq 13) 
492 
ir i: (Eq 14) 


Usually the calculated value for N will not be an 
integral number of elements. If the fractional value is 
more than about 0.3, increase the value of N to the next 
higher integer. Increasing the value of N will also increase 
the actual value of L over that obtained from the sequence 
of calculations just performed. 

Examine L, N and 1, to determine whether or not 
the array size is acceptable for your needs. If the array is 
too large, increase f; or decrease 6 or T and repeat steps 
2 through 6. Increasing f, will decrease all dimensions. 
Decreasing 6 will decrease the boom length. Decreasing 
t will decrease both the boom length and the number of 
elements. 

7) Determine the terminating stub Z,. (Note: For 
many HF arrays, you may omit the stub, short out the 
longest element with a 6-inch jumper, or design a stub to 
overcome a specific performance weakness.) For VHF 
and UHF arrays calculate the stub length from 


(Eq 15) 


8) Solve for the remaining element lengths from 


= 0£ 4 (Eq 16) 


9) Determine the element spacing d,_, from 


(¢,-0,) cota 


dj .= ) 


(Eq 17) 


where ¢, and @, are the lengths of the rearmost 
elements, and d,_> is the distance between the elements 
with the lengths @, and ¢,. Determine the remaining ele- 
ment-to-element spacings from 


d(na}n = din- 2)-(n- 1) 


10) Choose Rg, the desired feed-point resistance, to 
give the lowest SWR for the intended balun ratio and feed- 
line impedance. Ro, the mean radiation resistance level 
of the LPDA input impedance, is approximated by: 


(Eq 18) 
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Zo 
Zq (Eq 19) 


40'Z ay 


1+ 





where the component terms are defined and/or calculated 
in the following way. 

From the following equations, determine the neces- 
sary antenna feeder (phase-line) impedance, Zp: 


(Eq 20) 





ae (Eq 21) 


Zay is the average characteristic impedance of a 
dipole and is given by 


Za 120 Ef as] 
diam, 


The ratio, 1,/diam, is the length-to-diameter ratio of 
the element n. 

11) Once Zp has been determined, select a combina- 
tion of conductor size and spacing to achieve that imped- 
ance, using the appropriate equation for the shape of the 
conductors. If an impractical spacing results for the 
antenna feeder, select a different conductor diameter and 
repeat step 11. In severe cases it may be necessary to select 
a different Rg and repeat steps 10 and 11. Once a satisfac- 
tory feeder arrangement is found, the LPDA design is com- 
plete. 

A number of the LPDA design examples at the end 
of this chapter make use of this calculation method. How- 
ever, the resultant design should be subjected to exten- 





(Eq 22) 
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Fig 13—A sketch of a typical monoband log-cell Yagi. 
The reflector is, in principle, optional. The log-cell may 
have from 2 to 5 (or more elements). There may be one 
or more directors. 
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sive modeling tests to determine whether there are per- 
formance deficiencies or weaknesses that require modi- 
fication of the design before actual construction. 


Log-Cell Yagis 

Fig 12 showed an LPDA with an added parasitic 
director. Technically, this converts the original design into 
a hybrid Log-Yag. However, the term Log-Yag (or more 
generally the Jog-cell Yagi) is normally reserved for 
monoband designs that employ two or more elements in 
a single-band LPDA arrangement, together with (usually) 
a reflector and one or more directors. The aim is to pro- 
duce a monoband directive array with superior directional 
qualities over a wider bandwidth than can be obtained 
from many Yagi-Uda designs. Log-cells have also been 
successfully used as wide-band driver sections for multi- 
band Yagi beams. 

Fig 13 illustrates the general outline of a typical log- 
cell Yagi. The driver section consists of a log periodic 
array designed for the confines of a single amateur band 
or other narrow range of frequencies. The parasitic 
reflector is usually spaced about 0.085 A behind the rear 
element of the log cell, while the parasitic director is 
normally placed between 0.13 and 0.15 A ahead of the 
log cell. 

Early log-cell Yagis tended to be casually designed. 
Most of these designs have inferior performance com- 
pared with present-day computer-optimized Yagis of the 
same boom length. Some were designed by adding one 
or more parasitic directors to simple phased pairs of ele- 
ments. Although good performance is possible, the oper- 
ating bandwidth of these designs is small, suitable only 
for the so-called WARC bands. However, when the log- 
cell is designed as a narrowly spaced monoband log 
periodic array, the operating bandwidth increases dramati- 
cally. Operating bandwidth here refers not just to the SWR 
bandwidth, but also to the gain and front-to-back band- 
width. 

The widest operating bandwidths require log cells of 
3 to 4 elements for HF bands like 20 meters, and 4 to 
5 elements for bands as wide as 10 meters. (The bandwidth 
of the 20-meter band is approximately 2.4% of the center 
frequency, while the bandwidth of the 10-meter band 
approaches 9.4% of the center frequency.) A practical 
limit to 6 for log cells used within parasitic arrays is about 
0.05. Slightly higher gain may be obtained from higher 
values of 6, but at the cost of a much longer log cell. The 
limiting figure for o results in a practical value for T 
between 0.94 and 0.95 to achieve a cell with the desired 
bandwidth characteristics. 

An array designed according to these principles has 
an overall length that varies with the size of the log cell. 
A typical array with a 4-element log-cell and single para- 
sitic elements fore and aft is a bit over 0.35 A long, while 
a 5-element log-cell Yagi will be between 0.4 and 0.45 A 
long. Spacing the reflector more widely (for example, up 
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Fig 14—Overlaid free-space azimuth patterns for 
virtually identical 5-element log-cell Yagis (with 
3-element log-cells), one having the elements V’d 
forward at 40° from linear (dashed), the other with 
linear elements (solid). 


to 0.25 2) has little effect on either gain or front-to-back 
ratio. Wider spacing of the director will also have only a 
small effect on gain, since the arrangement is already close 
to the boom-length limit recommended for director- 
driver-reflector arrays. Further lengthening of the boom 
should be accompanied by the addition of one or more 
directors to the array, if additional gain is desired from 
the design. 

Compared to a modern-day Yagi of the same boom 
length, the log-cell Yagi is considerably heavier and 
exhibits a higher wind load due to the requirements of 
the log-cell driver. Yagis with 3- and 4-elements within 
the boom lengths just given are capable of peak free-space 
gain values of 8.2 to 8.5 dBi, while sustaining a high front- 
to-back ratio. Peak front-to-back ratios are typically in 


Wire Log-Periodic Dipole 


These wire log-periodic dipole arrays for the lower 
HF bands are simple in design and easy to build. They 
are designed to have reasonable gain, be inexpensive and 
lightweight, and may be assembled with stock items 
found in large hardware stores. They are also strong— 
they can withstand a hurricane! These antennas were first 
described by John J. Uhl, KV5E, in OST for August, 


the vicinity of 25 dB. However, Yagi gain tends to 
decrease below the design frequency (and increase above 
it), while the front-to-back ratio tends to taper off as one 
moves away from the design frequency. For the largest 
log-cell sizes, log-cell Yagis of the indicated boom lengths 
are capable of sustaining at least 8.2 dBi free-space gain 
over the entire band, with front-to-back ratios of over 
30 dB across the operating bandwidth. 

The feed-point impedance of a log-cell Yagi is a 
function of both the cell design and the influence of the 
parasitic elements. However, for most cell designs and 
common phase-line designs, you can achieve a very low 
variation of resistance and reactance across a desired 
band. In many cases, the feed impedance will form a direct 
match for the standard 50-© coaxial cable used by most 
amateur installations. (In contrast, the high-gain, high- 
front-to-back Yagis used for comparison here have feed- 
point impedances ranging from 20 to 25 Q.) 

A common design technique used in some LPDA 
and log-cell Yagi designs is to bend the elements forward 
to form a series of Vs. A forward angle on each side of 
the array centerline of about 40° relative to a linear ele- 
ment has been popular. In some instances, the mechani- 
cal design of the array may dictate this element formation. 
However, this arrangement has no special benefits and 
possibly may degrade performance. 

Fig 14 shows the free-space azimuth patterns of a 
single 5-element log-cell Yagi in two versions: with the 
elements linear and with the elements bent forward 40°. 
The V-array loses about '/2 dB gain, but more significantly, 
it loses considerable signal rejection from the sides. Sim1- 
lar comparisons can be obtained from pure LPDA de- 
signs and from Yagi-Uda designs when using elements 
in the vicinity of '/2 1. Unless mechanical considerations 
call for arranging the elements in a V, the technique is 
not recommended. 

Ultimately, the decision to build and use a log-cell 
Yagi involves balancing the additional weight and wind- 
load requirements of this design against the improvements 
in operating bandwidth for all of the major operating 
parameters, especially with respect to the front-to-back 
ratio and the feed-point impedance. 


Arrays for 3.5 or 7 MHz 


1986. Fig 15 shows one method of installation. You can 
use the information here as a guide and point of refer- 
ence for building similar LPDAs. 

If space is available, the antennas can be rotated or 
repositioned in azimuth after they are completed. A 75- 
foot tower and a clear turning radius of 120 feet around 
the base of the tower are needed. The task is simplified 
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Fig 15—Typical lower-HF wire 4-element log periodic 
dipole array erected on a tower. 


if you use only three anchor points, instead of the five 
shown in Fig 15. Omit the two anchor points on the for- 
ward element, and extend the two nylon strings used for 
element stays all the way to the forward stay line. 


DESIGN OF THE LOG-PERIODIC 
DIPOLE ARRAYS 


Design constants for the two arrays are listed in 
Tables 1 and 2. The preceding sections of this chapter con- 
tain the design procedure for arriving at the dimensions 
and other parameters of these arrays. The primary differ- 
ences between these designs and one-octave upper HF 
arrays are the narrower frequency ranges and the use of 
wire, rather than tubing, for the elements. As design 
examples for the LPDA, you may wish to work through 
the step-by-step procedure and check your results against 
the values in Tables 1 and 2. You may also wish to com- 
pare these results with the output of an LPDA design soft- 
ware package such as LPCAD28. 

From the design procedure, the feeder wire spacings 
for the two arrays are slightly different, 0.58 inch for the 
3.5-MHz array and 0.66 inch for the 7-MHz version. As a 
compromise toward the use of common spacers for both 
bands, a spacing of */s inch is quite satisfactory. Surpris- 
ingly, the feeder spacing is not at all critical here from 

a matching standpoint, as may be verified from Zg = 
276 log (2S/diam) and from Eq 4. Increasing the spacing 
to as much as 7/4 inch results in an Ry SWR of less than 
1.1:1 on both bands. 


Constructing the Arrays 
Construction techniques are the same for both the 
3.5 and the 7-MHz versions of the array. Once the designs 
are completed, the next step is to fabricate the fittings; 
see Fig 16 for details. Cut the wire elements and feed 
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lines to the proper sizes and mark them for identifica- 
tion. After the wires are cut and placed aside, it will be 
difficult to remember which is which unless they are 
marked. When you have finished fabricating the connec- 
tors and cutting all of the wires, the antenna can be 
assembled. Use your ingenuity when building one of these 
antennas; it isn’t necessary to duplicate these LPDAs pre- 
cisely. 

The elements are made of standard #14 stranded cop- 


Table 1 


Design Parameters for the 3.5-MHz Single-Band 
LPDA 


f1 = 3.3 MHz Element lengths: 

f, = 4.1 MHz ¢1 = 149.091 feet 
B = 1.2424 (2 = 125.982 feet 
t = 0.845 (3 = 106.455 feet 
o = 0.06 04 = 89.954 feet 

Gain = 5.9 dBi = 3.8 dBd Element spacings: 
cot a = 1.5484 djo=17.891 feet 

Bar = 1.3864 dog = 15.118 feet 
B, = 1.7225 d34 = 12.775 feet 
L = 48.42 feet Element diameters 


All = 0.0641 inches 
¢/diameter ratios: 


N = 4.23 elements (decrease to 4) 
Zt = 6-inch short jumper 


Ry = 208 2 éidiam, = 16840 
Zay = 897.8 Q éidiams = 19929 
o’ = 0.06527 éidiam, = 23585 
Z) = 319.8. Q éidiam, = 27911 


Antenna feeder: 


#12 wire spaced 0.58 inches 


Balun: 4:1 
Feed line: 52-Q coax 





Table 2 


Design Parameters for the 7-MHz Single-Band 


LPDA 


f1 = 6.9 MHz 

f, = 7.5 MHz 

B = 1.0870 

t= 0.845 

o = 0.06 

Gain = 5.9 dBi = 3.8 dBd 
cot a = 1.5484 

Ba, = 1.3864 

B, = 1.5070 

L = 18.57 feet 


N = 3.44 elements (increase to 4) 


Z, = 6-inch short jumper 


Ro = 208 Q 
Zay = 809.3 Q 
o’ = 0.06527 
Zp = 334.2 0 


Antenna feeder: 

#12 wire spaced 0.66 inches 
Balun: 4:1 

Feed line: 52-Q coax 





Element lengths: 


1 = 71.304 feet 
(2 = 60.252 feet 
03 = 50.913 feet 
(4 = 43.022 feet 


Element spacings: 


d4> = 8.557 feet 
doz = 7.230 feet 
d34 = 6.110 feet 


Element diameters: 


All = 0.0641 inches 


¢/diameter ratios: 


f4/diam, = 8054 
£3/diam3 = 9531 
l2/diams = 11280 
f1/diam, = 13349 
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Hole Size to 
Match Wire 
Size Used 











Depends on 
Size of Balun 
1/2" 
Hole Size to 
Match Wire 
Size Used o 
1/4 (Cc) 
5/8" 
(B) 
a | 








(A) 


Fig 16—Pieces for the LPDA that require fabrication. At A is the forward connector, made from ‘/2-inch Lexan 
(polycarbonate). At B is the rear connector, also made from ‘/2-inch Lexan. At C is the pattern for the phase-line 


spacers, made from ‘/s-inch Plexig 





to Tower 








Elements Made From 
#14 Copper Stranded Wire 


Feed Line Made 
From #12 
Copperweld Wire 


Mount Balun on 
Underside of Connector 
for Balance 


to Front 
Stay 


las. Two spacers are required for the array. 


per wire. The two parallel feed lines are made of #12 
solid copper-coated steel wire, such as Copperweld. 
Copperweld will not stretch when placed under tension. 
The front and rear connectors are cut from '/2-inch thick 
Lexan sheeting, and the feed-line spacers from '/4-inch 
Plexiglas sheeting. 

Study the drawings carefully and be familiar with 
the way the wire elements are connected to the two feed 
lines, through the front, rear and spacer connectors. 
Details are sketched in Figs 17 and 18. Connections made 
in the way shown in the drawings prevent the wire from 
breaking. All of the rope, string, and connectors must be 
made of materials that can withstand the effects of ten- 
sion and weathering. Use nylon rope and strings, the type 
that yachtsmen use. Fig 15 shows the front stay rope com- 
ing down to ground level at a point 120 feet from the base 
of a 75-foot tower. Space may not be available for this 
arrangement in all cases. An alternative installation tech- 
nique is to put a pulley 40 feet up in a tree and run the 
front stay rope through the pulley and down to ground 
level at the base of the tree. The front stay rope will have 
to be tightened with a block and tackle at ground level. 

Putting an LPDA together is not difficult if it is 
assembled in an orderly manner. It is easier to connect 
the elements to the feeder lines when the feed-line 











Nylon 
Strings 


Nylon Rope 
1/4" or Larger 


Fig 17—The generic layout for the lower HF wire LPDA. 
Use a 4:1 balun on the forward connector. See Tables 1 
and 2 for dimensions. 
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NOTES : 


Q@) Mount Balun on Bottom 
of front Connector 
for Balance 


@) Feed with 50 2 Coaxial 
Cable and 4:1 Balun 


@® Pay Close Attention to 
Detail of Element 
Connection to Feed Lines 


to Tower 












Rear Connector 
1/2" Thick Lexan Ny, 
Feeders 


Elements 


Spacers 


NS Front Connector 


and Balun Mount 
1/2" Thick Lexan 






to Front Stay 


Fig 18—Details of the electrical and mechanical 
connections of the elements to the phase-line. Knots 
in the nylon rope stay line are not shown. 


assembly is stretched between two points. Use the tower 
and a block and tackle. Attaching the rear connector to 
the tower and assembling the LPDA at the base of the 
tower makes raising the antenna into place a much sim- 
pler task. Tie the rear connector securely to the base of 
the tower and attach the two feeder lines to it. Then thread 
the two feed-line spacers onto the feed line. The spacers 
will be loose at this time, but will be positioned properly 
when the elements are connected. Now connect the front 
connector to the feed lines. A word of caution: Measure 
accurately and carefully! Double-check all measurements 
before you make permanent connections. 

Connect the elements to the feeder lines through 
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their respective plastic connectors, beginning with ele- 
ment 1, then element 2, and so on. Keep all of the ele- 
ment wires securely coiled. If they unravel, you will have 
a tangled mess of kinked wire. Recheck the element-to- 
feeder connections to ensure proper and secure junctions. 
(See Figs 17 and 18.) Once you have completed all of the 
element connections, attach the 4:1 balun to the under- 
side of the front connector. Connect the feeder lines and 
the coaxial cable to the balun. 

You will need a separate piece of rope and a pulley 
to raise the completed LPDA into position. First secure 
the eight element ends with nylon string, referring to Figs 
15 and 17. The string must be long enough to reach the 
tie-down points. Connect the front stay rope to the front 
connector, and the completed LPDA is now ready to be 
raised into position. While raising the antenna, uncoil 
the element wires to prevent their getting away and tan- 
gling up into a mess. Use care! Raise the rear connector 
to the proper height and attach it securely to the tower, 
then pull the front stay rope tight and secure it. Move the 
elements so they form a 60° angle with the feed lines, in 
the direction of the front, and space them properly rela- 
tive to one another. By adjusting the end positions of the 
elements as you walk back and forth, you will be able to 
align all the elements properly. Now it is time to hook 
your rig to the system and make some contacts. 


Performance 


The reports received from these LPDAs were com- 
pared with an inverted-V dipole. All of the antennas are 
fixed; the LPDAs radiate to the northeast, and the dipole 
to the northeast and southwest. The apex of the dipole is 
at 70 feet, and the 40- and 80-meter LPDAs are at 60 and 
50 feet, respectively. Basic array gain was apparent from 
many of the reports received. During pileups, it was pos- 
sible to break in with a few tries on the LPDAs, yet it was 
impossible to break in the same pileups using the dipole. 
The gain of the LPDAs is several dB over the dipole. For 
additional gain, experimenters may wish to try a para- 
sitic director about '/s A ahead of the array. Director length 
and spacing from the forward LPDA element should be 
field-adjusted for maximum performance while maintain- 
ing the impedance match across each of the bands. 

Wire LPDA systems offer many possibilities. They 
are easy to design and to construct: real advantages in 
countries where commercially built antennas and parts 
are not available at reasonable cost. The wire needed can 
be obtained in all parts of the world, and cost of con- 
struction is low. If damaged, the LPDAs can be repaired 
easily with pliers and solder. For those who travel on 
DXpeditions where space and weight are large consider- 
ations, LPDAs are lightweight but sturdy, and they per- 
form well. 


5-Band Log Periodic Dipole Array 


A rotatable log periodic array designed to cover the fre- 
quency range from 13 to 30 MHz is pictured in Fig 19. This 
is a large array having a free-space gain that varies from 6.6 
to over 6.9 dBi, depending upon the operating portion of the 
design spectrum. This antenna system was originally 
described by Peter D. Rhodes, WA4JVE, in Nov 1973 QST. 
A measured radiation pattern for the array appears in Fig 20. 

The characteristics of this array are: 

1) Half-power beamwidth, 43° (14 MHz) 


2) Design parameter Tt = 0.9 


3) Relative element spacing constant o = 0.05 


4) Boom length, L = 26 feet 


5) Longest element A1 = 37 feet 10 inches. (A tabulation 





Fig 19—The 13-30 MHz log periodic dipole array. 


ee © 





8 6 2S 


Fig 20—Measured radiation pattern of the 13-30 MHz 
LPDA. The front-to-back ratio is about 14 dB at 14 MHz 


and increases to 21 dB at 28 MHz. 





Table 3 

13-30 MHz LPDA Dimensions, feet 

Ele. Nearest 
No. Length An-1,n (Spacing) Resonant 
1 37’ 10.2” —_ 

2 34’ 0.7” 3’ 9.4” = dyo 14 MHz 
3 30’ 7.9” 3’ 4.9” = dog 

4 27’ 7.1” 3’ 0.8” = dag 

5 24’ 10.0” 2’ 9.1” = dys 18 MHz 

6 22’ 4.2” 2’ 5.8” = deg 21 MHz 

7 20’ 1.4” 2’ 2.8” = de7 

8 18’ 1.2” 2’ 0.1” = dzg 24.9 MHz 
9 16’ 3.5” 1’ 9.7” = dgg 28 MHz 
10 14’ 7.9” 1’ 7.5” = dg 19 

11 13’ 2.4” 1” 5.6” = dig 

12 11’ 10.5” 1’ 3.8” =di4 42 

Table 4 

Materials list: 13-30 MHz LPDA 

Material Description Quantity 


1) Aluminum tubing—0.047” wall 
thickness 
1”—12’ or 6’ lengths 
7/s”—12’ lengths 
7/e”—6’ or 12’ lengths 
3/4”—8’ lengths 

2) Stainless-steel hose clamps— 
2” max 

3) Stainless-steel hose clamps— 
11/4” max 

4) TV type U bolts 

5) U bolts, galv. type 

Slie” x 11/2” 
1/4” x 1% 

6) 1” ID polyethylene water- 
service pipe 160 lb/in.2 test, 
approx. 11/4” OD 

A) 11/4” x 11/4 x 1/8” aluminum 

Angle—6' lengths 

B) 1” x '/4” aluminum bar— 
6’ lengths 

7) 1'/4” top rail of chain-link fence 

8) 1:1 toroid balun 

9) 6-32 x 1” stainless steel screws 
6-32 stainless steel nuts 
#6 solder lugs 

10) #12 copper feeder wire 

11A) 12” x 8” x '/4” aluminum plate 
B) 6” x 4” x '/4” aluminum plate 

12A) °/4” galv. Pipe 
B) 1” galv. pipe-mast 

13) Galv. guy wire 

14) 1/4” x 2” turnbuckles 

15) '/4” x 11/2” eye bolts 

16) TV guy clamps and eye bolts 


Log Periodic Arrays 


126 lineal feet 
96 lineal feet 
66 lineal feet 
16 lineal feet 


48 ea 


26 ea 
14 ea 


4ea 
2ea 


20 lineal feet 


30 lineal feet 
12 lineal feet 


26 lineal feet 
lea 


24 ea 
48 ea 
24 ea 


60 lineal feet 


1ea 
1ea 


3 lineal feet 
5 lineal feet 


50 lineal feet 
4ea 
2ea 
2ea 
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Coax to Transceiver 





Solder Lug 


Element 


Solder to Lug 


Bend Loops in Wire Where 
Wires Cross. A Plastic 
Boom Spreader May be Used if 
Necessary. 

No 12 AWG Copper Wire 


(C) 





6-32 x1" Stainless Steel 


Screw Washer And Nut 
Plastic Pipe-—1” ID 
we Element 


IZZi PI ZIII III III II PIO 





1-1/4" OD Galv. Steel 
Top Rail of Chain—link 
2 Nuts Fence — 21 Ft. Section 














3/16" x1-1/2" Galv. 


(D) 


Fig 21—Construction diagrams of the 13-30 MHz LPDA. B and C show the method of making electrical connection 
between the phase-line and each half-element. D shows how the boom sections are joined. 
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Table 5 
Element Material Requirements: 13-30 MHz LPDA 


Ele. 1” 7/6” 3/4” 
No. Tubing Tubing Tubing 
Len. Qty Len. Qty Len. Qty 
1 6’ 2 6’ 2 8’ 2 
2 6’ 2 12? 2 — — 
3 6’ 2 12? 2 _— — 
4 6’ 2 8.5’ 2 — — 
5 6’ 2 7’ 2 _ — 
6 6’ 2 6’ 2 — — 
7 6’ 2 5’ 2 — — 
8 6’ 2 3.5’ 2 — — 
9 6’ 2 2.5° 2 —_ — 
10 3’ 2 5’ 2 — — 
11 3’ 2 4’ 2 —_ _— 
12 3’ 2 4’ 2 — — 


of element lengths and spacings appears in Table 3.) 
6) Total weight, 116 pounds 
7) Wind-load area, 10.7 square feet 
8) Required input impedance (mean resistance), Rp = 
72 Q, Z, = 6-inch jumper #18 wire 
9) Average characteristic dipole impedance, Zay: 337.8 Q 
10) Impedance of the feeder, Zg: 117.1 Q 
11) Feeder: #12 wire, close spaced 
12) With a 1:1 toroid balun at the input terminals and a 
72-Q coax feed line, the maximum SWR is 1.4:1. 
The mechanical assembly uses materials readily avail- 
able from most local hardware stores or aluminum supply 
houses. The materials needed are given in Table 4. In the 


11/4” 1” 
Angle Bar 
Len. Len. 
3’ 1’ 
3’ 1’ 
3’ 1’ 
3’ 1’ 
3’ 1’ 
3’ 1’ 
2’ 1’ 
2’ 1’ 
2’ 1’ 
2’ 1’ 
2’ 1’ 
2’ 1’ 


construction diagram, Fig 21, the materials are referenced 
by their respective material list numbers. The photograph 
shows the overall construction, and the drawings show the 
details. Table 5 gives the required tubing lengths to con- 
struct the elements. 

Experimenters may wish to improve the performance 
of the array at both the upper and lower frequency ends of 
the design spectrum so that it more closely approaches the 
performance in the middle of the design frequency range. 
The most apt general technique for raising both the gain 
and the front-to-back ratio at the frequency extremes would 
be to circularize Tt as described earlier in this chapter. How- 
ever, other techniques may also be applied. 


The Telerana 


The Telerana (Spanish for spider web) is a rotatable 
log periodic antenna that is lightweight, easy to construct 
and relatively inexpensive to build. Designed to cover 
12.1 to 30 MHz, it was co-designed by George Smith, 
W4AEO, and Ansyl Eckols, YV5DLT, and first described 
by Eckols in QST for Jul 1981. Some of the design 
parameters are as follow. 
1)tT=0.9 
2) 0 = 0.05 
3) Gain = 4.5 to 5.5 dBi (free-space) depending upon 
frequency 

4) Feed arrangement: 400-Q feeder line with 4:1 balun, 
fed with 52-Q coax. The SWR is 1.5:1 or less in all 
amateur bands. 

The array consists of 13 dipole elements, properly 
spaced and transposed, along an open wire feeder hav- 
ing an impedance of approximately 400 Q. See Figs 22 
and 23. The array is fed at the forward (smallest) end 
with a 4:1 balun and RG-8 cable placed inside the front 
arm and leading to the transmitter. An alternative feed 
method is to use open wire or ordinary TV ribbon and a 
tuner, eliminating the balun. 


The frame that supports the array (Fig 24) consists 
of four 15-foot fiberglass vaulting poles slipped over short 
nipples at the hub, appearing like wheel spokes (Fig 25). 
Instead of being mounted directly into the fiberglass, the 
hub mounts into short metal tubing sleeves that are in- 
serted into the ends of each arm to prevent crushing and 
splitting the fiberglass. The necessary holes are drilled 
to receive the wires and nylon. 

A shopping list is provided in Table 6. The center 
hub is made from a 1'/s-inch galvanized four-outlet cross 
or X and four 8-inch nipples (Fig 25). A 1-inch diameter 
X may be used alternatively, depending on the diameter 
of the fiberglass. A hole is drilled in the bottom of the 
hub to allow the cable to be passed through after welding 
the hub to the rotator mounting stub. 

All four arms of the array must be 15 feet long. They 
should be strong and springy to maintain the tautness of 
the array. If vaulting poles are used, try to obtain all of 
them with identical strength ratings. 

The forward spreader should be approximately 
14.8 feet long. It can be much lighter than the four main 
arms, but must be strong enough to keep the lines rigid. 
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4:1 
Balun Connects 
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Egg Ins. 





Insulator } 
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“7122 Element 
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Tie for Elements 

Nylon to Catenary Egg 
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for Leader to Catenary 






4.92 S —— 5. 
Dimensions in . 
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This Side 
4.48 
: 32.986 : 
S ~ ie 
3.97 2.40 7.87 
29.687 
. 59 .89' 


= / 
Spacing Distances 
from Rear _ 





11.492 MHz 





Direction 
of Gain 


Dimensions in 
16.13' Feet 
This Side 


14.69’ — Strong Nylon 
Cord or Rope 


CO Catenary 
13.02) 
OC ; 
11.08’ 
OC 
9.05' 









O 
ab 
0 
16.46' 

Egg « 
Insulator 

18.30’ 

20.33' 
Feeder Line Insulators 

Oo O Oo O 1/2" 





4 
Front View — 
1/4" ee 1/4 var Leo 1/4 


bee 3/4" a>} 
Elements -3,5,7,9,11,13 

















Under 
iN Over pee A 


Elements -2,4,6,8,10,12 


Fig 22—The overall configuration of the spider web antenna. Nylon monofilament line is used from the ends of the 
elements to the nylon cords. Use nylon line to tie every point where lines cross. The forward fiberglass feeder lies 
on the feeder line and is tied to it. Both metric and English measurements are shown, except for the illustration of 
the feed-line insulator. Use soft-drawn copper or stranded wire for elements 2 through 12. Element 1 should use 


7/22 flexible wire or #14 AWG Copperweld. 
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16.83' “Forward Supports are of Small Diameter Nylon Rope 16.83' 
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(6.47m) (6.47m) 
Forward 
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Arms & Spreader are 
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1G 30.34' (9.25m) Across (\ 
DY Left Arm Right Arm BR 
Egg Tiny Egg Insulators are Used Egg | 
Insulator at All Points Where Metal Insulator 
Might Cut Nylon Arms are Approx. 31.5'(9.60m ) 
When Flat, 
ys Before Bowing Up 
Rear 
Arm 
21.22' 21.22' 
(6.47m) (6.47m) 
4 Nipples Pipe "T" 
Pi Feeder Line Also or "Xx" 
pe Connects to El.1 
Insert Thru Egg Insulators 
1-1/4" X 6" 1-1/4" Pipe Rear Front 
Nipple (4) \ 
B Alternative Hub, Pipe °X 
6 N No Welding. 
4 All 1-1/4" or 1" 
- f y/* Rotor Stub 
4 Use Hose Clamps a * 
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Mounting Stub at Sy ee \ Antenna Element #1 Plus 
Rs \ a Short Lead to Total 6.47m 
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30.34' (9.25m) Front to Rear & Side to Side ——_____» 4:1 Balun 
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Support 
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Feeder Line, Front to Rear : 
Small Nylon Rope, Side to Side _“ 


4 ; : 
(Tie Together Where They Cross) Note: if Supported Stub is Used, 


Rotator Upward Bow Can be Reduced 


Re Mounting 
RG-8 to Balun—™ > Stub 


Fig 23—The frame construction of the spider web antenna. Two different hub arrangements are illustrated. 
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Fig 24—Although the spider web antenna resembles a 
rotatable clothes line, it is much larger, as indicated by 
Figs 22 and 23. However, the antenna can be lifted by 
hand. 














Fig 25—The simple arrangement of the spider web 
antenna hub. See Fig 23 and the text for details. 





main bow of the spider web antenna. 
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Table 6 
Shopping List for the Telerana 


1—1'/s-inch galvanized, 4-outlet cross or X. 

4—8-inch nipples. 

4—15-foot long arms. Vaulting poles suggested. These must 
be strong and all of the same strength (150 Ib) or better. 

1—Spreader, 14.8 foot long (must not be metal). 

1—4:1 balun unless open-wire or TV cable is used. 

12—Feed-line insulators made from Plexiglas or fiberglass. 

36—Small egg insulators. 

328 feet copper wire for elements; flexible 7/22 is 
suggested. 

65.6 feet (20 m) #14 Copperweld wire for interelement feed 
line. 

164 feet (50 m) strong ‘/s-inch dia cord. 

1—Roll of nylon monofilament fishing line, 50 Ib test or 
better. 

4—Metal tubing inserts go into the ends of the fiberglass 
arms. 

2—Fiberglass fishing-rod blanks. 

4—Hose clamps. 





If tapered, the spreader should have the same measure- 
ments from the center to each end. Do not use metal for 
this spreader. 

Building the frame for the array is the first construc- 
tion step. Once the frame is prepared, then everything 
else can be built onto it. Begin by assembling the hub 
and the four arms, letting them lie flat on the ground with 
the rotator stub inserted in a hole in the ground. The tip- 
to-tip length should be about 31.5 feet each way. A hose 
clamp is used at each end of the arms to prevent splitting. 
Place the metal inserts in the outer ends of the arms, with 
1 inch protruding. The mounting holes should have been 
drilled at this point. If the egg insulators and nylon cords 
are mounted to these tube inserts, the whole antenna can 
be disassembled simply by bending up the arms and pull- 
ing out the inserts with everything still attached. 

Choose the arm to be at the front end. Mount two 
egg insulators at the front and rear to accommodate the 
inter-element feeder. These insulators should be as close 
as possible to the ends. 

At each end of the cross-arm on top, install a small 
pulley and string nylon cord across and back. Tighten 
the cord until the upward bow reaches 3 feet above the 
hub. All cords will require retightening after the first few 
days because of stretching. The cross-arm can be laid on 
its side while preparing the feeder line. For the front-to- 
rear bowstring it is important to use a wire that will not 
stretch, such as #14 Copperweld. This bowstring is actu- 
ally the inter-element transmission line. See Fig 26. 

Secure the rear ends of the feeder to the two rear 
insulators, soldering the wrap. Before securing the fronts, 
slip the 12 insulators onto the two feed lines. A rope can 
be used temporarily to form the bow and to aid in mount- 
ing the feeder line. The end-to-end length of the feeder 


Improving the Telerana 


In The ARRL Antenna Compendium, Vol 4, Markus 
Hansen, VE7CA, described how he modified the 
Telerana to improve the front-to-back ratio on 20 and 
15 meters. In addition, he added a trapped 30/40- 
meter dipole that functions as a top truss system to 
stabilize the modified Telerana in strong uprising 
winds that otherwise could turn the antenna into an 
“inside-out umbrella.” 


Fig A shows the layout for the modified Telerana, 
and Table A lists the lengths and spacings for the 
#14 wire elements. Note that VE7CA used tuning 
stubs to tweak the 15 and 20-meter reflector wires 
for best rearward pattern. The construction tech- 
niques used by VE7CA are the same as for the 
original Telerana. Fig B shows a side view of the 
additional 40/30-meter-dipole truss sytem. 


4:1 Balun TT Table A 
Element Lengths and Spacings, 





(138 in.) 


Insulators at End 15m _ Tuning 


y of LPDA Feed Line 








15m Parasitic 


Reflector 3.51m (inches) (inches) 


Direction Of Gain in Inches 


Element'/2 Element Total 
Number Length Distance 


202.0 ‘ 
210.1 102.0 
191.2 140.7 
138.0 158.3 
174.0 175.9 
158.3 207.9 
144.1 237.0 
131.1 261.5 
119.3 285.6 
108.6 307.6 
327.6 
345.8 


Nylon Rope 


20m Parasitic Reflector 
5.17m (202 in.) 


20m Tuning Stub 


364.5 
Note: the reflector lengths do not include 
the length of the tuning stubs. 


Fig A—Physical layout of modified 
Telerana with 20 and 15-meter reflectors 
added (in place of first two elements in 
original Telerana). Note the tuning stubs 
for the added reflectors. 


Length from Balun to Trap, 


7.15m or 281.5" 


Insulator 3/4" PVC Pipe 


Insulator 





Fig B—Side view of 30/40-meter 
addition to the modified Telerana, 
using °/s-inch PVC pipe as a vertical 
stabilizer and support for the 30/40- 
meter trapped dipole. 


40m Extension 
1.88m or 74" 


Tie Transmission Line to Fiberglass Pole 


PVC pipe and Nylon Rope 


Antenna Pole 
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should be 30.24 feet. 

Now lift both bows to their upright position and tie 
the feeder line and the cross-arm bowstring together where 
they cross, directly over and approximately 3 feet above 
the hub. 

The next step is to install the number | rear element 
from the rear egg insulators to the right and left cross- 
arms using other egg insulators to provide the proper ele- 
ment length. Be sure to solder the element halves to the 
transmission line. Complete this portion of the construc- 
tion by installing the nylon cord catenaries from the front 
arm to the cross-arm tips. Use egg insulators where 
needed to prevent cutting the nylon cords. 

When preparing the fiberglass forward spreader, keep 
in mind that it should be 14.75 feet long before bowing and 
is approximately 13.75 feet across when bowed. Secure the 
center of the bowstring to the end of the front arm. Lay the 
spreader on top of the feed line, then tie the feeder to the 
spreader with nylon fish line. String the catenary from the 
spreader tips to the cross-arm tips. 

At this point of assembly, prepare antenna elements 
2 through 13. There will be two segments for each ele- 
ment. At the outer tip make a small loop and solder the 
wrap. The loop will be for the nylon leader. Measure the 
length plus 0.4 inch for wrapping and soldering the ele- 


ment segment to the feeder. Seven-strand #22 antenna 
wire is suggested for the element wires. Slide the feed- 
line insulators to their proper position and secure them 
temporarily. 

The drawings show the necessary transposition 
scheme. Each element half of elements 1, 3, 5, 7, 9, 11 
and 13 is connected to its own side of the feeder, while 
elements 2, 4, 6, 8, 10 and 12 cross over to the opposite 
side of the transmission line. 

There are four holes in each of the transmission-line 
insulators (see Fig 22). The inner holes are for the 
transmission line, and the outer ones are for the elements. 
Since the array elements are slanted forward, they should 
pass through the insulator from front to back, then back 
over the insulator to the front side and be soldered to the 
transmission line. The small drawings of Fig 22 show the 
details of the element transpositions. 

Everywhere that lines cross, tie them together with 
nylon line, including all copper-nylon and nylon-nylon 
junctions. Careful tying makes the array much more rigid. 
However, all elements should be mounted loosely before 
you try to align the whole thing. Tightening any line or 
element affects all the others. There will be plenty of 
walking back and forth before the array is aligned prop- 
erly. Expect the array to be firm but not extremely taut. 


The Pounder: A Single-Band 144-MHz LPDA 


The 4-element Pounder LPDA pictured in Fig 27 
was developed by Jerry Hall, K1TD, for the 144-148 MHz 
band. Because it started as an experimental antenna, it 
utilizes some unusual construction techniques. However, 
it gives a very good account of itself, exhibiting a theo- 
retical free-space gain of about 7.2 dBi and a front-to- 
back ratio of 20 dB or better. The Pounder is small and 
light. It weighs just 1 pound, and hence its name. In ad- 
dition, as may be seen in Fig 28, it can be disassembled 
and reassembled quickly, making it an excellent antenna 
for portable use. This array also serves well as a fixed- 
station antenna, and may be changed easily to either ver- 
tical or horizontal polarization. 

The antenna feeder consists of two lengths of '/2 x 
‘2, x '/is-inch angle aluminum. The use of two facing flat 
surfaces permits the builder to obtain a lower characteristic 
impedance than can be obtained from round conductors with 
the same spacing. The feeder also serves as the boom for 
the Pounder. In the first experimental model, the array con- 
tained only two elements with a spacing of 1 foot, soa boom 
length of 1 foot was the primary design requirement for the 
4-element version. Table 7 gives the calculated design data 
for the 4-element array. 


Construction 


You can see the general construction approach for 
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Fig 27—The 144 MHz Pounder. The boom extension at the 
left of the photo is a 40-inch length of slotted PVC tubing, 
7/s-inch outer diameter. The tubing may be clamped to the 
side of a tower or attached to a mast with a small boom- 
to-mast plate. Rotating the tubing at the clamp will 
provide for either vertical or horizontal polarization. 





Table 7 


f1 = 143 MHz 

f, = 148 MHz 

B = 1.0350 

t= 0.92 

o = 0.053 

Gain = 7.2 dBi = 5.1 dBd 
cot a = 2.6500 

B,, = 1.2306 

B, = 1.2736 

L= 0.98 feet 

N = 3.90 elements (increase to 4) 
Zt = none 

Fig 28—One end of each half element is tapped to Ro = 52 Q 

fasten onto boom-mounted screws. Disassembly of the Zay = 312.8 Q 

array consists of merely unscrewing 8 half elements 0’ = 0.05526 

from the boom. The entire disassembled array creates Zy) = 75.1 Q 

a small bundle only 21 inches long. 














Design Parameters for the 144-MHz Pounder 


Element lengths: 
41 = 3.441 feet 
f2 = 3.165 feet 
(3 = 2.912 feet 
l4 = 2.679 feet 

Element spacings: 
dj2 = 0.365 feet 
doz = 0.336 feet 
d34 = 0.309 feet 

Element diameters: 
All = 0.25 inches 

t/diameter ratios: 
lA/diam, = 128.6 
£3/diam3 = 139.8 
l2/diamz = 151.9 
li/diam, = 165.1 


Antenna feeder: '/2 x '/2 x ‘/1e” angle aluminum 
spaced 1/2” 

Balun: 1:1 (see text) 

Feed line: 52-Q coax (see text) 





Fig 30—The feed arrangement, using a right-angle 





a \ 


Fig 29—A close-up view of the boom, showing an chassis-mounted BNC connector, modified by 
alternative mounting scheme. This photo shows an removing a portion of the flange. A short length of bus 
earlier 2-element array, but the boom construction is wire connects the center pin to the opposite feeder 
the same for 2 or 4 elements. See the text for details. conductor. 
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the Pounder in the photographs. Drilled and tapped pieces 
of Plexiglas sheet, '/4-inch thick, serve as insulating spac- 
ers for the angle aluminum feeder. Two spacers are used, 
one near the front and one near the rear of the array. Four 
#6-32 x '/s-inch pan head screws secure each aluminum 
angle section to the Plexiglas spacers, as shown in Figs 29 
and 30. Use flat washers with each screw to prevent it 
from touching the angle stock on the opposite side of the 
spacer. Be sure the screws are not so long as to short out 
the feeder! A clearance of about '/16 inch is sufficient. If 
you have doubts about the screw lengths, check the 
assembled boom for a short with your ohmmeter on a 
Megohm range. 

Either of two mounting techniques may be used for 
the Pounder. As shown in Figs 27 and 28, the rear spacer 
measures 10 x 2'/2 inches, with 45° corners to avoid sharp 
points. This spacer also accommodates a boom extension 
of PVC tubing, which is attached with two #10-32 x 
l-inch screws. This tubing provides for side mounting 
the Pounder away from a mast or tower. 

An alternative support arrangement is shown in 
Fig 29. Two '/2 x 3-inch Plexiglas spacers are used at the 
front and rear of the array. Each spacer has four holes 
drilled */s inch apart and tapped with #6-32 threads. Two 
screws enter each spacer from either side to make a tight 
aluminum-Plexiglas-aluminum sandwich. At the center 
of the boom, secured with only two screws, is a 2 x 18- 
inch strip of '/4-inch Plexiglas. This strip is slotted about 
2 inches from each end to accept hose clamps for mount- 
ing the Pounder atop a mast. As shown, the strip is at- 
tached for vertical polarization. Alternate mounting holes, 
visible on the now-horizontal lip of the angle stock, pro- 
vide for horizontal polarization. Although sufficient, this 
mounting arrangement is not as sturdy as that shown in 
Fig 27. 

The elements are lengths of thick-wall aluminum 
tubing, '/4-inch OD. The inside wall conveniently accepts 
a #10-32 tap. The threads should penetrate the tubing to 
a depth of at least 1 inch. Eight #10-32 x 1-inch screws 
are attached to the boom at the proper element spacings 
and held in place with #10-32 nuts, as shown in Fig 28. 
For assembly, the elements are then simply screwed into 
place. 

Note that with this construction arrangement, the two 
halves of any individual element are not precisely col- 
linear; their axes are offset by about */s inch. This offset 
does not seem to affect performance. 


The Feed Arrangement 


Use care initially in mounting and cutting the ele- 
ments to length. To obtain the 180° crossover feed ar- 
rangement, the element halves from a single section of 
the feeder/boom must alternate directions. That is, for 
half-elements attached to one of the two pieces of angle 
stock, elements 1 and 3 will point to one side, and ele- 
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ments 2 and 4 to the other. This arrangement may be seen 
by observing the element-mounting screws in Fig 28. 
Because of this mounting scheme, the length of tubing 
for an element “half” is not simply half of the length given 
in Table 7. After final assembly, halves for elements 2 
and 4 will have a slight overlap, while elements 1 and 3 
are extended somewhat by the boom thickness. The best 
procedure is to cut each assembled element to its final 
length by measuring from tip to tip. 

The Pounder may be fed with RG-58 or RG-59 coax 
and a BNC connector. A modified right-angle chassis- 
mount BNC connector is attached to one side of the 
feeder/boom assembly for cable connection, Fig 30. The 
modification consists of cutting away part of the mount- 
ing flange that would otherwise protrude from the boom 
assembly. This leaves only two mounting-flange holes, 
but these are sufficient for a secure mount. A short length 
of small bus wire connects the center pin to the opposite 
side of the feeder, where it is secured under the mount- 
ing-screw nut for the shortest element. 

For operation, you may secure the coax to the PVC 
boom extension or to the mast with electrical tape. You 
should use a balun, especially if the Pounder is operated 
with vertical elements. A choke type of balun is satisfac- 
tory, formed by taping 6 turns of the coax into a coil of 
3 inches diameter, but a bead balun is preferred (see Chap- 
ter 26). The balun should be placed at the point where 
the coax is brought away from the boom. If the mounting 
arrangement of Fig 29 is used with vertical polarization, 
a second balun should be located approximately '/4 wave- 
length down the coax line from the first. This will place 
it at about the level of the lower tips of the elements. For 
long runs of coax to the transmitter, a transition from 
RG-58 to RG-8 or from RG-59 to RG-9 is suggested, to 
reduce line losses. Make this transition at some conve- 
nient point near the array. 

No shorting feeder termination is used with the ar- 
ray described here. The antenna feeder (phase-line) Zp 
of this array is in the neighborhood of 120 Q, and with a 
resulting feed-point impedance of about 72 Q. The theo- 
retical mean SWR with 52 Q line is 72/52 or 1.4 to 1. 
Upon array completion, the measured SWR (52-Q. line) 
was found to be relatively constant across the band, with 
a value of about 1.7 to 1. The Pounder offers a better 
match to 72-Q coax. 

Being an all-driven array, the Pounder is more im- 
mune to changes in feed-point impedance caused by 
nearby objects than is a parasitic array. This became ob- 
vious during portable use when the array was operated 
near trees and other objects... the SWR did not change 
noticeably with antenna rotation toward and away from 
those objects. Consequently, the Pounder should behave 
well in a restricted environment, such as an attic. Weigh- 
ing just one pound, this array indeed does give a good 
account of itself. 


Log Periodic-Yagi Arrays 


Several possibilities exist for constructing high-gain 
arrays that use the log periodic dipole array concept. One 
technique is to add parasitic elements to the LPDA to 
increase both the gain and the front-to-back ratio for a 
specific frequency within the passband of the LPDA. The 
LPDA- Yagi combination is simple in concept. It utilizes 
an LPDA group of driven elements, along with parasitic 
elements at normal Yagi spacings from the active elements 
of the LPDA. 

The LPDA-Yagi combinations are endless. An 
example of a single-band high-gain design is a 2- or 3- 
element LPDA for 21.0 to 21.45 MHz with the addition 
of two or three parasitic directors and one parasitic re- 
flector. The name Log-Yag (log-cell Yagi) array has been 
coined for these hybrid antennas. The LPDA portion of 
the array is of the usual design to cover the desired band- 
width, and standard Yagi design procedures are used for 
the parasitic elements. Information in this section is based 
on a Dec 1976, QST article by P. D. Rhodes, K4EWG, 
and J. R. Painter, W4BBP, “The Log-Yag Array.” 


THE LOG-YAG ARRAY 


The Log-Yag array, with its added parasitic elements, 
provides higher gain and greater directivity than would 
be realized with the LPDA alone. Yagi arrays require a 
long boom and wide element spacing for wide bandwidth 
and high gain, because the Q of the Yagi system increases 
as the number of elements is increased or as the spacing 
between adjacent elements is decreased. An increase in 
the Q of the Yagi array means that the total operating 
bandwidth of the array is decreased, and the gain and 
front-to-back ratio specified in the design are obtainable 
only over small portions of the band. [Older Yagi designs 
did indeed exhibit the limitations mentioned here. But 
modern, computer-aided design has resulted in wideband 
Yagis, provided that sufficient elements are used on the 
boom to allow stagger tuning for wide-band coverage. 
See Chapter 11.—Ed.] 

The Log-Yag system overcomes this difficulty by 
using a multiple driven element cell designed in accor- 
dance with the principles of the log periodic dipole ar- 
ray. Since this log cell exhibits both gain and directivity 
by itself, it is a more effective wide-band radiator than a 
simple dipole driven element. The front-to-back ratio and 
gain of the log cell can then be improved with the addi- 
tion of a parasitic reflector and director. 

It is not necessary for the parasitic element spacings 
to be large with respect to wavelength, since the log cell 
is the determining factor in the array bandwidth. As well, 
the element spacings within the log cell may be small 
with respect to a wavelength without appreciable dete- 
rioration of the cell gain. For example, decreasing 
the relative spacing constant (6) from 0.1 to 0.05 will 
decrease the array gain by less than 1 dB. 


A Practical Example 


The photographs and figures show a Log-Yag array 
for the 14-MHz amateur band. The array design takes the 
form of a 4-element log cell, a parasitic reflector spaced 
at 0.085 i,,4,, and a parasitic director spaced at 0.15 Ajax 
(where A,,,, is the longest free-space wavelength within 
the array passband). Array gain is almost unaffected with 
reflector spacings from 0.08 A to 0.25 A, and the increase 
in boom length is not justified. The function of the 
reflector is to improve the front-to-back ratio of the log 
cell, while the director sharpens the forward lobe and 
decreases the half-power beamwidth. As the spacing 
between the parasitic elements and the log cell decreases, 
the parasitic elements must increase in length. 

The log cell is designed to meet upper and lower 
band limits with o = 0.05. The design parameter T is 
dependent on the structure bandwidth, B,. When the log 
periodic design parameters have been found, the element 
length and spacings can be determined. 

Array layout and construction details can be seen in 
Figs 31 through 34. Characteristics of the array are given 
in Table 8. 

The method of feeding the antenna is identical to 
that of feeding the log periodic dipole array without the 
parasitic elements. As shown in Fig 31, a balanced feeder 
is required for each log-cell element, and all adjacent ele- 
ments are fed with a 180° phase shift by alternating con- 
nections. Since the Log-Yag array will be covering a 
relatively small bandwidth, the radiation resistance of the 
narrow-band log cell will vary from 80 to 90 Q (tubing 


Table 8 

Log-Yag Array Characteristics 

1) Frequency range 14 to 14.35 MHz 
2) Operating bandwidth B = 1.025 

3) Design parameter t = 0.946657 

4) Apex half angle a = 14.921°; cot a = 3.753 
5) Half-power beamwidth 42° (14 to 14.35 MHz) 

6) Bandwidth of structure 
7) 
8) 
9) 


Bs = 1.17875 
Free-space wavelength Ama, = 70.28 feet 
Log cell boom length L = 10.0 feet 


Longest log element ¢1 = 35.14 feet (a tabulation 
of element lengths and 
spacings is given in Table 9) 
10) Forward gain (free 8.2 dBi 
space) 


11) Front-to-back ratio 32 dB (theoretical) 


12) Front-to-side ratio 45 dB (theoretical) 

13) Input impedance Zp = 37 Q 

14) SWR 1.3 to 1 (14 to 14.35 MHz) 
15) Total weight 96 pounds 

16) Wind-load area 8.5 sq feet 

17) Reflector length 36.4 feet at 6.0 foot spacing 
18) Director length 32.2 feet at 10.5 foot spacing 
19) Total boom length 26.5 feet 
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a Table 9 
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£9 7 Log-Yag Array Dimensions 














Director Element Length Spacing 
wee ee 4 are Feet Feet 
Shee i Reflector 36.40 6.00 (Ref. to ¢1) 
f a 35.14 3.51 (dys) 
(2 33.27 3.32 (dos) 
03 31.49 3.14 (da) 
L4 29.81 10.57 (¢4 to dir.) 


Director 32.20 








elements) depending on the operating bandwidth. The ad- 
dition of parasitic elements lowers the log-cell radiation 
resistance. Hence, it is recommended that a 1:1 balun be 
connected at the log-cell input terminals and 50-Q coaxial 
cable be used for the feed line. 

The measured radiation resistance of the 14-MHz 
Log-Yag is 37 Q over the frequency range from 14.0 to 
14.35 MHz. It is assumed that tubing elements will be 
used. However, if a wire array is used, then the radiation 
resistance Rg and antenna-feeder input impedance Z, must 
be calculated so that the proper balun and coax may be 
used. The procedure is outlined in detail in an earlier part 
of this chapter. However, programs such as LPCAD28 








ie mi are also suitable to automate the calculations. 
dey, ||. tgs | day [9a | Table 9 has array dimensions. Tables 10 and 11 con- 
: tain lists of the materials necessary to build the Log-Yag 
Fig 31—Layout of the Log-Yag array. array. 





ra Reflector 






Over Bar, 
Angle & PVC Pipe 








© 
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Fig 32—Assembly details. The numbered components refer to Table 11. 


Boom to Mast Detail Driven Element to Boom Detail 
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Table 10 
Element Material Requirements: Log-Yag Array 


1-in. 7/e-in 3/4-in 
Tubing Tubing Tubing 
Len. Len. Len. 
Feet Qty Feet Qty Feet Qty 
Reflector 12 1 6 2 8 2 
01 6 2 6 2 8 2 
l2 6 2 6 2 8 2 
03 6 2 6 2 6 2 
04 6 2 6 2 6 2 
Director 12 1 6 2 6 2 


11/-in. 1'/-in. 
Angle Bar 
Len. Len. 
Feet Feet 
None None 
3 1 

3 1 

3 1 

3 1 

None None 

















Fig 33—The attachment of the elements to the boom. 











Fig 34—Looking from the front to the back of the Log- 
Yag array. A truss provides lateral and vertical support. 





Table 11 
Materials List, Log-Yag Array 
1) Aluminum tubing—0.047 in. wall thickness 
1 in.—12 ft lenths, 24 lin. ft 
1 in.—12 ft or 6 ft lengths, 48 lin. ft 
7s in.—12 ft or 6 ft lengths, 72 lin. ft 
3/4 in.—8 ft lengths, 48 lin. ft 
3/4 in.—6 ft lengths, 36 lin. ft 
) Stainless steel hose clamps—2 in. max, 8 ea 
) Stainless steel hose clamps—1'/s in. max, 24 ea 
) TV-type U bolts—1'/2 in., 6 ea 
) U bolts, galv. type: 5/16 in. x 1'/2in., 6 ea 
A) U bolts, galv. type: '/4 in. x 1 in., 2ea 
) 1 in. ID water-service polyethylene pipe 160 Ib/in.2 
test, approx. 1%/s in. OD, 7 lin. ft 
7) 1%sin. x 1%/4in. x /e in. aluminum angle—6 ft 
lengths, 12 lin. ft 
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HF YagI 
Arrays 


Along with the dipole and the quarter-wave verti- 
cal, radio amateurs throughout the world make extensive 
use of the Yagi array. Hidetsugu Yagi and Shintaro Uda, 
two Japanese university professors, invented the Yagi in 
the 1920s. Uda did much of the developmental work, 
while Yagi introduced the array to the world outside Ja- 
pan through his writings in English. Although the antenna 
should properly be called a Yagi-Uda array, it is com- 
monly referred to simply as a Yagi. 

The Yagi is a type of endfire multielement array. At 
the minimum, it consists of a single driven element and a 
single parasitic element. These elements are placed paral- 
lel to each other, on a supporting boom spacing them apart. 
This arrangement is known as a 2-element Yagi. The para- 
sitic element is termed a reflector when it is placed be- 
hind the driven element, opposite to the direction of 
maximum radiation, and is called a director when it is 
placed ahead of the driven element. See Fig 1. In the VHF 
and UHF spectrum, Yagis employing 30 or more elements 
are not uncommon, with a single reflector and multiple 
directors. See Chapter 18, VHF and UHF Antenna Sys- 
tems, for details on VHF and UHF Yagis. Large HF ar- 
rays may employ 10 or more elements, and will be covered 
in this chapter. 

The gain and directional pattern of a Yagi array is 
determined by the relative amplitudes and phases of the 
currents induced into all the parasitic elements. Unlike 
the directly driven multielement arrays considered in 
Chapter 8, Multielement Arrays, where the designer must 
compensate for mutual coupling between elements, proper 
Yagi operation relies on mutual coupling. The current in 
each parasitic element is determined by its spacing from 
both the driven element and other parasitic elements, and 
by the tuning of the element itself. Both length and 
diameter affect element tuning. 


For about 50 years amateurs and professionals cre- 
ated Yagi array designs largely by “cut and try” experi- 
mental techniques. In the early 1980s, Jim Lawson, W2PV, 
described in detail for the amateur audience the fundamen- 
tal mathematics involved in modeling Yagis. His book Yagi 
Antenna Design is highly recommended for serious an- 
tenna designers. The advent of powerful microcomputers 
and sophisticated computer antenna modeling software in 
the mid 1980s revolutionized the field of Yagi design for 
the radio amateur. In a matter of minutes, a computer can 





(A) 





Fig 1—Two-element Yagi systems using a single 
parasitic element. At A the parasitic element acts as a 
director, and at B as a reflector. The arrows show the 
direction in which maximum radiation takes place. 
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try 100,000 or more different combinations of element 
lengths and spacings to create a Yagi design tailored to 
meet a particular set of high-performance parameters. To 
explore this number of combinations experimentally, a 
human experimenter would take an unimaginable amount 


of time and dedication, and the process would no doubt 
suffer from considerable measurement errors. With the 
computer tools available today, an antenna can be designed, 
constructed and then put up in the air, with little or no 
tuning or pruning required. 


Yagi Performance Parameters 


There are three main parameters used to characterize 
the performance of a particular Yagi—forward gain, pat- 
tern and drive impedance/SWR. Another important con- 
sideration is mechanical strength. It is very important to 
recognize that each of the three electrical parameters 
should be characterized over the frequency band of inter- 
est in order to be meaningful. Neither the gain, SWR nor 
the pattern measured at a single frequency gives very much 
insight into the overall performance of a particular Yagi. 

Poor designs have been known to reverse their 
directionality over a frequency band, while other designs 
have excessively narrow SWR bandwidths, or overly 
“peaky” gain response. Finally, an antenna’s ability to 
survive the wind and ice conditions expected in one’s 
geographical location is an important consideration in any 
design. Much of this chapter will be devoted to describ- 
ing detailed Yagi designs that are optimized for a good 
balance between gain, pattern and SWR over various 
amateur bands, and that are designed to survive strong 
winds and icing. 


YAGI GAIN 


Like any other antenna, the gain of a Yagi must be 
stated in comparison to some standard of reference. 
Designers of phased vertical arrays often state gain refer- 
enced to a single, isolated vertical element. See the sec- 
tion on “Phased Array Techniques” in Chapter 8, 
Multielement Arrays. 

Many antenna designers prefer to compare gain to 
that of an isotropic radiator in free space. This is a theo- 
retical antenna that radiates equally well in all directions, 
and by definition, it has a gain of 0 dBi (dB isotropic). 
Many radio amateurs, however, are comfortable using a 
dipole as a standard reference antenna, mainly because it 
is not a theoretical antenna. 

In free space, a dipole does not radiate equally well 
in all directions—it has a figure-eight azimuth pattern, 
with deep nulls off the ends of the wire. In its favored 
directions, a free-space dipole has 2.15 dB gain compared 
to the isotropic radiator. You may see the term dBd in 
amateur literature, meaning gain referenced to a dipole 
in free space. Subtract 2.15 dB from gain in dBi to con- 
vert to gain in dBd. 

Assume for a moment that we take a dipole out of 
“free space,” and place it one wavelength over the ocean, 
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whose saltwater makes an almost perfect ground. At an 
elevation angle of 15°, where sea water-reflected radia- 
tion adds in phase with direct radiation, the dipole has a 
gain of about 6 dB, compared to its gain when it was in 
free space, isolated from any reflections. See Chapter 3, 
The Effects of the Earth. 

It is perfectly legitimate to say that this dipole has a 
gain of 6 dBd, although the term “dBd” (meaning “dB 
dipole’) makes it sound as though the dipole somehow has 
gain over itself! Always remember that gain expressed in 
dBd (or dBi) refers to the counterpart antenna in free 
space. The gain of the dipole over saltwater in this example 
can be rated at either 6 dBd (over a dipole in free space), 
or as 8.15 dBi (over an isotropic radiator in free space). 
Each frame of reference is valid, as long as it is used con- 
sistently and clearly. In this chapter we will often switch 
between Yagis in free space and Yagis over ground. To pre- 
vent any confusion, gains will be stated in dBi. 

Yagi free-space gain ranges from about 5 dBi for a 
small 2-element design to about 20 dBi for a 31-element 
long-boom UHF design. The length of the boom is the 
main factor determining the gain a Yagi can deliver. Gain 
as a function of boom length will be discussed in detail 
after the sections below defining antenna response pat- 
terns and SWR characteristics. 


RESPONSE PATTERNS— 
FRONT-TO-REAR RATIO 


As discussed in Chapter 2, Antenna Fundamentals, 
for an antenna to have gain, it must concentrate energy 
radiated in a particular direction, at the expense of energy 
radiated in other directions. Gain is thus closely related to 
an antenna’s directivity pattern, and also to the losses in 
the antenna. Fig 2 shows the E-plane (also called E-field, 
for electric field) and H-plane (also called H-field, for 
magnetic field) pattern of a 3-element Yagi in free space, 
compared to a dipole, and an isotropic radiator. These pat- 
terns were generated using the computer program NEC-2, 
which is highly regarded by antenna professionals for its 
accuracy and flexibility. 

In free space there is no Earth reference to deter- 
mine whether the antenna polarization is horizontal or 
vertical, and so its response patterns are labeled as 
E-field (electric) or H-field (magnetic). For a Yagi 
mounted over ground rather than in free space, if the 
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Fig 2—E-Plane (electric field) and H-Plane (magnetic 
field) response patterns for 3-element 20-meter Yagi in 
free space. At A the E-Plane pattern for a typical 
3-element Yagi is compared with a dipole and an 
isotropic radiator. At B the H-Plane patterns are 
compared for the same antennas. The Yagi has an 
E-Plane half-power beamwidth of 66°, and an H-Plane 
half-power beamwidth of about 120°. The Yagi has 
7.28 dBi (5.13 dBd) of gain. The front-to-back ratio, 
which compares the response at 0° and at 180°, is 
about 35 dB for this Yagi. The front-to-rear ratio, which 
compares the response at 0° to the largest lobe in the 
rearward 180° arc behind the antenna, is 24 dB, due to 
the lobes at 120° and 240°. 


E-field is parallel to the earth (that is, the elements are 
parallel to the earth) then the antenna polarization is hori- 
zontal, and its E-field response is then usually referred to 
as its azimuth pattern. Its H-field response is then referred 
to as its elevation pattern. 

Fig 2A demonstrates how this 3-element Yagi in free 
space exhibits 7.28 dBi of gain (referenced to isotropic), 
and has 5.13 dB gain over a free-space dipole. The gain is 
in the forward direction on the graph at 0° azimuth, and the 
forward part of the lobe is called the main lobe. For this 
particular antenna, the angular width of the E-plane main 
lobe at the half power, or 3 dB points compared to the peak, 
is about 66°. This performance characteristic is called the 
antenna’s azimuthal half-power beamwidth. 

Again as seen in Fig 2A, this antenna’s response in 
the reverse direction at 180° azimuth is 34 dB less than in 
the forward direction. This characteristic is called the 
antenna’s front-to-back ratio, and it describes the ability 
of an antenna to discriminate, for example, against inter- 
fering signals coming directly from the rear, when the 
antenna is being used for reception. In Fig 2A there are 
two sidelobes, at 120° and at 240° azimuth, which are about 
24 dB down from the peak response at 0°. Since interfer- 
ence can come from any direction, not only directly off 
the back of an antenna, these kinds of sidelobes limit the 
ability to discriminate against rearward signals. The term 
worst-case front-to-rear ratio is used to describe the worst- 
case rearward lobe in the 180°-wide sector behind the 
antenna’s main lobe. In this case, the worst-case front-to- 
rear ratio is 24 dB. 

In the rest of this chapter the worst-case front-to-rear 
ratio will be used as a performance parameter, and will be 
abbreviated as “F/R.” For a dipole or an isotropic radia- 
tor, Fig 2A demonstrates that F/R is 0 dB. Fig 2B depicts 
the H-field response for the same 3-element Yagi in free 
space, again compared to a dipole and an isotropic radia- 
tor in free space. Unlike the E-field pattern, the H-field 
pattern for a Yagi does not have a null at 90°, directly 
over the top of the Yagi. For this 3-element design, the H- 
field half-power beamwidth is approximately 120°. 

Fig 3 compares the azimuth and elevation patterns 
for a horizontally polarized 6-element 14-MHz Yagi, with 
a 60-foot boom mounted one wavelength over ground, to 
a dipole at the same height. As with any horizontally 
polarized antenna, the height above ground is the main 
factor determining the peaks and nulls in the elevation 
pattern of each antenna. Fig 3A shows the E-field pat- 
tern, which has now been labeled as the Azimuth pattern. 
This antenna has a half-power azimuthal beamwidth of 
about 50°, and at an elevation angle of 12° it exhibits a 
forward gain of 16.02 dBi, including about 5 dB of ground 
reflection gain over relatively poor ground, with a dielec- 
tric constant of 13 and conductivity of 5 mS/m. In free 
space this Yagi has a gain of 10.97 dBi. 

The H-field elevation response of the 6-element Yagi 
has a half-power beamwidth of about 60° in free space, 
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Fig 3—Azimuth pattern for 6-element 20-meter Yagi on 
60-foot long boom, mounted 60 feet over ground. At A, 
the azimuth pattern at 12° elevation angle is shown, 
compared to a dipole at the same height. Peak gain of 
the Yagi is 16.04 dBi, or just over 8 dB compared to the 
dipole. At B, the elevation pattern for the same two 
antennas is shown. Note that the peak elevation 
pattern of the Yagi is compressed slightly lower 
compared to the dipole, even though they are both at 
the same height over ground. This is most noticeable 
for the Yagi’s second lobe, which peaks at about 40°, 
while the dipole’s second lobe peaks at about 48°. This 
is due to the greater free-space directionality of the 
Yagi at higher angles. 


but as shown in Fig 3B, the first lobe (centered at 12° in 
elevation) has a half-power beamwidth of only 13° when 
the antenna is mounted one wavelength over ground. The 
dipole at the same height has a very slightly larger first- 
lobe half-power elevation beamwidth of 14°, since its free- 
space H-field response is omnidirectional. 

Note that the free-space H-field directivity of the Yagi 
suppresses its second lobe over ground (at an elevation 
angle of about 40°) to 8 dBi, while the dipole’s response 
at its second lobe peak (at about 48°) is at a level of 9 dBi. 

The shape of the azimuthal pattern for a Yagi oper- 
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Fig 4—SWR over the 28.0 to 28.8 MHz portion of the 
10-meter band for two different 3-element Yagi designs. 
One is designed strictly for maximum gain, while the 
second is optimized for F/R pattern and SWR over the 
frequency band. A Yagi designed only for maximum 
gain usually suffers from a very narrow SWR 
bandwidth. 


ated over real ground will change slightly as the Yagi is 
placed closer and closer to earth. Generally, however, the 
azimuth pattern doesn’t depart significantly from the free- 
space pattern until the antenna is less than 0.5 A high. 
This is just over 17 feet high at 28.4 MHz, and just under 
35 feet at 14.2 MHz, heights that are not difficult to 
achieve for most amateurs. Some advanced computer pro- 
grams can optimize Yagis at the exact installation height. 


DRIVE IMPEDANCE AND SWR 


The impedance at the driven element in a Yagi is 
affected not only by the tuning of the driven element 
itself, but also by the spacing and tuning of nearby para- 
sitic elements, and to a lesser extent by the presence of 
ground. In some designs that have been tuned solely for 
maximum gain, the driven-element impedance can fall 
to very low levels, sometimes less than 5 Q. This can lead 
to excessive losses due to conductor resistance, especially 
at VHF and UHF. Ina Yagi that has been optimized solely 
for gain, conductor losses are usually compounded by 
large excursions in impedance levels with relatively small 
changes in frequency. The SWR can thus change dramati- 
cally over a band and can create additional losses in the 
feed cable. Fig 4 illustrates the SWR over the 28 to 
28.8 MHz portion of the 10-meter amateur band for a 
5-element Yagi on a 24-foot boom, which has been tuned 
for maximum forward gain at a spot frequency of 
28.4 MHz. Its SWR curve is contrasted to that of a Yagi 
designed for a good compromise of gain, SWR and F/R. 

Even professional antenna designers have difficulty 
accurately measuring forward gain. On the other hand, SWR 
can easily be measured by professional and amateur alike. 
Few manufacturers would probably want to advertise an 
antenna with the narrow-band SWR curve shown in Fig 4! 


Monoband Yagi Performance Optimization 


DESIGN GOALS 


The previous section discussing driven-element 
impedance and SWR hinted at possible design trade-offs 
among gain, pattern and SWR, especially when each 
parameter is considered over a frequency band rather than 
at a spot frequency. Trade-offs in Yagi design parameters 
can be a matter of personal taste and operating style. For 
example, one operator might exclusively operate the CW 
portions of the HF bands, while another might only be 
interested in the Phone portions. Another operator may 
want a good pattern in order to discriminate against sig- 
nals coming from a particular direction; someone else 
may want the most forward gain possible, and may not 
care about responses in other directions. 

Extensive computer modeling of Yagis indicates that 
the parameter that must be compromised most to achieve 
wide bandwidths for front-to-rear ratio and SWR is for- 
ward gain. However, not much gain must be sacrificed 
for good F/R and SWR coverage, especially on long- 
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boom Yagis. Although 10 and 7-MHz Yagis are not rare, 
the HF bands from 14 to 30 MHz are where Yagis are 
most often found, mainly due to the mechanical difficul- 
ties involved with making sturdy antennas for lower fre- 
quencies. The highest HF band, 28.0 to 29.7 MHz, 
represents the largest percentage bandwidth of the upper 
HF bands, at almost 6%. It is difficult to try to optimize 
in one design the main performance parameters of gain, 
worst-case F/R ratio and SWR over this large a band. 
Many commercial designs thus split up their 10-meter 
designs into antennas covering one of two bands: 28.0 to 
28.8 MHz, and 28.8 to 29.7 MHz. For the amateur bands 
below 10 meters, optimal designs that cover the entire 
band are more easily achieved. 


DESIGN VARIABLES 


There are only a few variables available when one 
is designing a Yagi to meet certain design goals. The vari- 
ables are: 
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Fig 5—Comparisons of three different 3-element 
10-meter Yagi designs using 8-foot booms. At A, gain 
comparisons are shown. The Yagi designed for the best 
compromise of gain and SWR sacrifices an average of 
about 0.5 dB compared to the antenna designed for 
maximum gain. The Yagi designed for optimal F/R, gain 
and SWR sacrifices an average of 1.0 dB compared to 
the maximum-gain case, and about 0.4 dB compared to 
the compromise gain and SWR case. At B, the front-to- 
rear ratio is shown for the three different designs. The 
antenna designed for optimal combination of gain, F/R 
and SWR maintains a F/R higher than 20 dB across the 
entire frequency range, while the antenna designed 
strictly for gain has a F/R of 3 dB at the high end of the 
band. At C, the three antenna designs are compared for 
SWR bandwidth. At the high end of the band, the 
antenna designed strictly for gain has a very high SWR. 
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. The physical length of the boom 

. The number of elements on the boom 

. The spacing of each element along the boom 

. The tuning of each element 

. The type of matching network used to feed the 
array. 


nAnBWN eK 


GAIN AND BOOM LENGTH 


As pointed out earlier, the gain of a Yagi is largely a 
function of the length of the boom. As the boom is made 
longer, the maximum gain potential rises. For a given 
boom length, the number of elements populating that 
boom can be varied, while still maintaining the antenna’s 
gain, provided of course that the elements are tuned prop- 
erly. In general, putting more elements on a boom gives 
the designer added flexibility to achieve desired design 
goals, especially to spread the response out over a fre- 
quency band. 

Fig 5A is an example illustrating gain versus fre- 
quency for three different types of 3-element Yagis on 
8-foot booms. The three antennas were designed for the 
lower end of the 10-meter band, 28.0 to 28.8 MHz, based 
on the following different design goals: 


Antenna 1: Maximum mid-band gain, regardless of 
F/R or SWR across the band 

Antenna 2: SWR less than 2:1 over the frequency band; 
best compromise gain, with no special con- 
sideration for F/R over the band. 

Antenna 3: “Optimal” case: F/R greater than 20 dB, SWR 
less than 2:1 over the frequency band; best 
compromise gain. 


Fig 5B shows the F/R over the frequency band for 
these three designs, and Fig 5C shows the SWR curves 
over the frequency band. Antenna 1, the design that strives 
strictly for maximum gain, has a poor SWR response over 
the band, as might be expected after the previous section 
discussing SWR. The SWR is 10:1 at 28.8 MHz and rises 
to 22:1 at 29 MHz. At 28 MHz, at the low end of the 
band, the SWR of the maximum-gain design is more than 
6:1. Clearly, designing for maximum gain alone produces 
an unacceptable design in terms of SWR bandwidth. The 
F/R for Antenna | reaches a high point of about 20 dB at 
the low-frequency end of the band, but falls to only 3 dB 
at the high-frequency end. 

Antenna 2, designed for the best compromise of gain 
while the SWR across the band is held to less than 2:1, 
achieves this goal, but at an average gain sacrifice of 
0.7 dB compared to the maximum gain case. The F/R for 
this design is just under 15 dB over the band. This de- 
sign is fairly typical of many amateur Yagi designs be- 
fore the advent of computer modeling and optimization 
programs. SWR can easily be measured, and experimen- 
tal optimization for forward gain is a fairly straightfor- 
ward procedure. By contrast, overall pattern optimization 
is not a trivial thing to achieve experimentally, particu- 
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larly for antennas with more than four or five elements. 

Antenna 3, designed for an optimum combination 
of F/R, SWR and gain, compromises forward gain an 
average of 1.0 dB compared to the maximum gain case, 
and about 0.4 dB compared to the compromise gain/SWR 
case. It achieves its design objectives of more than 20 dB 
F/R over the 28.0 to 28.8 MHz portion of the band, with 
an SWR less than 2:1 over that range. 

Fig 6A shows the free-space gain versus frequency 
for the same three types of designs, but for a bigger 
5-element 10-meter Yagi on a 20-foot boom. Fig 6B 
shows the variation in F/R, and Fig 6C shows the SWR 
curves versus frequency. Once again, the design that con- 
centrates solely on maximum gain has a poor SWR curve 
over the band, reaching just over 6:1 toward the high end 
of the band. The difference in gain between the maxi- 
mum gain case and the optimum design case has narrowed 
for this size of boom to an average of under 0.5 dB. This 
comes about because the designer has access to more 
variables in a 5-element design than he does in a 3-ele- 
ment design, and he can stagger-tune the various elements 
to spread the response out over the whole band. 

Fig 7A, B and C show the same three types of 
designs, but for a 6-element Yagi on a 36-foot boom. The 
SWR bandwidth of the antenna designed for maximum gain 
has improved compared to the previous two shorter-boom 
examples, but the SWR still rises to more than 4:1 at 
28.8 MHz, while the F/R ratio is pretty constant over the 
band, at a mediocre 11 dB average level. While the antenna 
designed for gain and SWR does hold the SWR below 2:1 
over the band, it also has the same mediocre level of F/R 
performance as does the maximum-gain design. 

The optimized 36-foot boom antenna achieves an ex- 
cellent F/R of more than 22 dB over the whole 28.0 to 
28.8 MHz band. Again, the availability of more elements 
and more space on the 36-foot long boom gives the designer 
more flexibility in broadbanding the response over the 
whole band, while sacrificing only 0.3 dB of gain com- 
pared to the maximum-gain design. 

Fig 8A, B, and C show the same three types of 
10-meter designs, but now for a 60-foot boom, populated 
with eight elements. With eight elements and a very long 
boom on which to space them out, the antenna designed 
solely for maximum gain can achieve a much better SWR 
response across the band, although the SWR does rise to 
more than 7:1 at the very high end of the band. The SWR 
remains less than 2:1 from 28.0 to 28.7 MHz, much better 
than for shorter-boom, maximum-gain designs. The worst- 
case F/R ratio is never better than 19 dB, however, and re- 
mains around 10 dB over much of the band. The antenna 
designed for the best compromise gain and SWR loses only 
about 0.1 dB of gain compared to the maximum-gain design, 
but does little better in terms of F/R across the band. 

Contrasted to these two designs, the antenna opti- 
mized for F/R, SWR and gain has an outstanding pattern, 
exhibiting an F/R of more than 24 dB across the entire 
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band, while keeping the SWR below 2:1 from 28.0 to 
28.9 MHz. It must sacrifice an average of only 0.4 dB 
compared to the maximum gain design at the low end of 
the band, and actually has more gain than the maximum 
gain and gain/SWR designs at the high-frequency end of 
the band. 

The conclusion drawn from these and many other 
detailed comparisons is that designing strictly for maxi- 
mum mid-band gain yields an inferior design when the 
antenna is examined over an entire frequency band, 
especially in terms of SWR. Designing a Yagi for both 
gain and SWR will yield antennas that have mediocre 
rearward patterns, but that lose relatively little gain com- 
pared to the maximum gain case, at least for designs with 
more than three elements. 

However, designing a Yagi for an optimal combina- 
tion of F/R, SWR and gain results in a loss of gain less 
than 0.5 dB compared to designs designed only for gain 
and SWR. Fig 9 summarizes the forward gain achieved 
for the three different design types versus boom length, 
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Fig 6—Comparisons of three different designs for 
5-element 10-meter Yagis on 20-foot booms. At A, the 
gain of three different 5-element 10-meter Yagi designs 
are graphed. The difference in gain between the three 
antennas narrows because the elements can be 
stagger-tuned to spread the response out better over 
the desired frequency band. The average gain 
reduction for the fully optimized antenna design is 
about 0.5 dB. At B, the optimal antenna displays better 
than 22 dB F/R over the band, while the Yagi designed 
for gain and SWR displays on average 10 dB less F/R 
throughout the band. At C, the SWR bandwidth is 
compared for the three Yagis. The antenna designed 
strictly for forward gain has a poor SWR bandwidth 
and a high peak SWR of 6:1 at 28.8 MHz. 


as expressed in wavelength. 

Except for the 2-element designs, the Yagis described 
in the rest of this chapter have the following design goals 
over a desired frequency band: 


1. Front-to-rear ratio over the frequency band of 
more than 20 dB 

2. SWR over the frequency band less than 2:1 

3. Maximum gain consistent with points | and 
2 above 


Just for fun, Fig 10 shows the gain versus boom length 
for theoretical 20-meter Yagis that have been designed to 
meet the three design goals above. The 31-element design 
for 14 MHz would be wondrous to behold. Sadly, it is 
unlikely that anyone will build one, considering that the 
boom would be 724 feet long! However, such a design does 
become practical when scaled to 432 MHz. In fact, a K1FO 
22-element and a K1FO 31-element Yagi are the proto- 
types for the theoretical 14-MHz long-boom designs. See 
Chapter 18, VHF and UHF Antenna Systems. 
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Fig 7—Comparisons of three different 6-element 
10-meter Yagi designs on 36-foot booms. At A, gain is 
shown over the band. With more elements and a longer 
boom, the tuning can be staggered even more to make 
the antenna gain more uniform over the band. This 
narrows the gain differential between the antenna 
designed strictly for maximum gain and the antenna 
designed for an optimal combination of F/R, SWR and 
gain. The average difference in gain is about 0.2 dB 
throughout the band. At B, the F/R performance over 
the band is shown for the three antenna designs. The 
antenna designed for optimal performance maintains 
an average of almost 15 dB better F/R over the whole 
band compared to the other designs. At C, the SWR 
bandwidth is compared. Again, the antenna designed 
strictly for maximum gain exhibits a high SWR of 4:1 at 
28.8 MHz, and rises to more than 14:1 at 29.0 MHz. 





OPTIMUM DESIGNS AND ELEMENT 
SPACING 


Two-Element Yagis 


Many hams consider a 2-element Yagi to give “the 
most bang for the buck” among various Yagi designs, 
particularly for portable operations such as Field Day. A 
2-element Yagi has about 4 dB of gain over a simple 
dipole (sometimes jokingly called a “one-element Yagi’) 
and gives a modest F/R of about 10 dB to help with 
rejection of interference on receive. By comparison, going 
from a 2-element to a 3-element Yagi increases the boom 
length by about 50% and adds another element, a 50% 
increase in the number of elements—for a gain 
increase of about | dB and another 10 dB in F/R. 


Element Spacing in Larger Yagis 
One of the more interesting results of computer 
modeling and optimization of high-performance Yagis 
with four or more elements is that a distinct pattern in 
the element spacings along the boom shows up consis- 
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tently. This pattern is relatively independent of boom 
length, once the boom is longer than about 0.3 A. 

The reflector, driven element and first director of 
these optimal designs are typically bunched rather closely 
together, occupying together only about 0.15 to 0.20 A of 
the boom. This pattern contrasts sharply with older 
designs, where the amount of boom taken up by the 
reflector, driven element and first director was typically 
more than 0.3 A. Fig 11 shows the element spacings for 
an optimized 6-element, 36-foot boom, 10-meter design, 
compared to a W2PV 6-element design with constant 
spacing of 0.15 A between all elements. 

A problem arises with such a bunching of elements 
toward the reflector end of the boom—the wind loading 
of the antenna is not equal along the boom. Unless prop- 
erly compensated, such new-generation Yagis will act like 
windvanes, punishing, and often breaking, the rotators 
trying to turn, or hold, them in the wind. One successful 
solution to windvaning has been to employ “dummy ele- 
ments” made of PVC piping. These nonconducting ele- 
ments are placed on the boom close to the last director so 
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Fig 8—Comparisons of three different 8-element 
10-meter Yagi designs using 60-foot booms. At A, gain 
is shown over the frequency band. With even more 
freedom to stagger-tune elements and a very long 
boom on which to place them, the average antenna 
gain differential over the band is now less than 0.2 dB 
between the three design cases. At B, an excellent 

24 dB F/R for the optimal design is maintained over 
the whole band, compared to the average of about 

12 dB for the other two designs. At C, the SWR 
differential over the band is narrowed between the 
three designs, again because there are more 
variables available to broaden the bandwidth. 
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Fig 9—Gain versus boom length for three different 
10-meter design goals. The goals are: (1) designed for 
maximum gain across band, (2) designed for a 
compromise of gain and SWR, and (3) designed for 
optimal F/R, SWR and gain across 28.0 to 28.8 MHz 
portion of 10-meter band. The gain difference is less 


than 0.5 dB for booms longer than approximately 0.5 2. 






the windload is equalized at the mast-to-boom bracket. 
In addition, it may be necessary to insert a small amount 
of lead weight at one end of the boom in order to balance 
the antenna weight. 

Despite the relatively close spacing of the reflector, 
driven element and first director, modern optimal Yagi 
designs are not overly sensitive to small changes in 
either element length or spacing. In fact, these antennas 
can be constructed from design tables without excessive 
concern about close dimensional tolerances. In the HF 
range up to 30 MHz, building the antennas to the nearest 
'/s-inch results in performance remarkably consistent with 
the computations, without any “tweaking” or fine-tuning 
when the Yagi is on the tower. 


ELEMENT TUNING 


Element tuning (or self-impedance) is a complex 
function of the effective electrical length of each element 
and the effective diameter of the element. In turn, the ef- 
fective length and diameter of each element is related to 
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Fig 10—Theoretical gain versus boom length for 
20-meter Yagis designed for optimal combination of 
F/R, SWR and gain across the entire 14.0 to 14.35 MHz 
band. The theoretical gain approaches 20 dBi for a 
gigantic 724-foot boom, populated with 31 elements. 
Such a design on 20 meters is not too practical, of 
course, but can readily be achieved on a 24-foot boom 
on 432 MHz. 


the taper schedule (if telescoping aluminum tubing is used, 
the most common method of construction), the length of 
each telescoping section, the type and size of mounting 
bracket used to secure the element to or through the boom, 
and the size of the Yagi boom itself. See the section en- 
titled “Antenna Frequency Scaling,” and “Tapered Ele- 
ments” in Chapter 2, Antenna Fundamentals, of this book 
for details about element tuning as a function of tapering 
and element diameter. Note especially that Yagis con- 
structed using wire elements will perform very differently 
compared to the same antenna constructed with elements 
made of telescoping aluminum tubing. 

The process by which a modern Yagi is designed usu- 
ally starts out with the selection of the longest boom pos- 
sible for a given installation. A suitable number of elements 
of a given taper schedule are then placed on this boom, 
and the gain, pattern and SWR are calculated over the entire 
frequency band of interest to the operator. Once an elec- 
trical design is chosen, the designer must then ensure the 
mechanical integrity of the antenna design. This involves 
verifying the integrity of the boom and each element in 
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Fig 11—Tapering spacing versus constant element 
spacing. At A, illustration of how the spacing of the 
reflector, driven element and first director (over the 
first 0.19 1 of the boom) of an optimally designed Yagi 
is bunched together compared to the Yagi at B, which 
uses constant 0.15 4 spacing between all elements. 
The optimally designed antenna has more than 22 dB 
F/R and an SWR less than 1.5:1 over the frequency 
band 28.0 to 28.8 MHz. 


the face of the wind and ice loading expected for a par- 
ticular location. The section entitled “Construction with 
Aluminum Tubing” in Chapter 20, Antenna Materials and 
Accessories, of this book shows details of tapered tele- 
scoping aluminum elements for the upper HF bands. In 
addition, the ARRL book Physical Design of Yagi Anten- 
nas, by Dave Leeson, W6NL (ex-W6QHS), describes the 
mechanical design process for all portions of a Yagi antenna 
very thoroughly, and is highly recommended for serious 
Yagi builders. 


Specific Monoband Yagi 
Designs 


The detailed Yagi design tables that follow are for 
two taper schedules for HF Yagis covering the 14 through 
30-MHz amateur bands. The heavy-duty elements are 
designed to survive at least 120-mph winds without icing, 
or 85-mph winds with '/s-inch radial ice. The medium- 
duty elements are designed to survive winds greater than 
80 mph, or 60-mph winds with '/s-inch radial ice. 

For 10.1 MHz, the elements shown are capable of 
surviving 105-mph winds, or 93-mph winds with !/4-inch 
radial ice. For 7.1 MHz the elements shown can survive 
93-mph winds, or 69-mph winds with '/s-inch radial ice. 
For these two lower frequency bands, the elements and 
the booms needed are very large and heavy. Mounting, 
turning and keeping such antennas in the air is not a trivial 
task. 

Each element is mounted above the boom with a 
heavy rectangular aluminum plate, by means of U-bolts 
with saddles, as shown in Fig 35 in Chapter 18, VHF and 
UHF Antenna Systems for a 6-meter Yagi. This method 
of element mounting is rugged and stable, and because 
the element is mounted away from the boom, the amount 
of element detuning due to the presence of the boom is 
minimal. The element dimensions given in each table 
already take into account any element detuning due to 
the boom-to-element mounting plate. For each element, 
the length of the tip determines the tuning, since the 
inner tubes are fixed in diameter and length. 


Half Elements 


Each design shows the dimensions for one-half of 
each element, mounted on one side of the boom. The other 
half of each element is symmetrical, mounted on the other 
side of the boom. The use of a tubing sleeve inside the 
center portion of the element is recommended, so that 
the element is not crushed by the mounting U-bolts. 
Unless otherwise noted, each section of tubing is made 
of 6061-T6 aluminum tubing, with a 0.058-inch wall 
thickness. This wall thickness ensures that the next stan- 
dard size of tubing can telescope with it. Each telescop- 
ing section is inserted 3 inches into the larger tubing, 
and is secured by one of the methods shown in Fig 11 in 
Chapter 20, Antenna Materials and Accessories. 


Matching System 


Each antenna is designed with a driven-element 
length appropriate for a hairpin type of matching network. 
The driven-element’s length may require slight readjust- 
ment for best match, particularly if a different matching 
network is used. Do not change either the lengths or the 
telescoping tubing schedule of the parasitic elements— 
they have been optimized for best performance and will 
not be affected by tuning of the driven element! 





This photo shows a hairpin match on a driven element 
that uses a fiberglass insulator (wrapped in black vinyl 
tape for protection against UV). Muffler clamps and 
saddles mount the element to the boom, while U-bolts 
and saddles mount the element to the boom-to-element 
plate. The gray PVC sleeves insulate the element from 
the plate. The feed coax is connected to the two bolts 
that also connect to the hairpin wire. Note that the 
hairpin is grounded at its opposite end to dissipate 
static charges that might otherwise build up. 


Fig 12 is a photograph of the driven element for a 
2-element 17-meter Yagi built by Chuck Hutchinson, 
K8CH, for the ARRL book Simple and Fun Antennas for 
Hams. The aluminum tubing on each side of the boom 
was l-inch OD, and the two pieces were mechanically 
joined together with a */4-inch OD fiberglass insulator. 
Chuck wound electrical tape over the insulator to protect 
the fiberglass from the sun’s UV. 

Chuck used 3-inch lengths of 1-inch sunlight-resis- 
tant PVC conduit, split lengthwise, to make the grey outer 
insulators for the driven element. The aluminum plates 
came from DX Engineering, as did the stainless-steel U- 
bolts and saddle clamps. These saddles ensured that the 
elements don’t rotate on the 2-inch OD boom in the heavy 
winds in his part of rural Michigan. 

You can see the bolts used to pin the center fiber- 
glass insulator to the aluminum tubing, while also pro- 
viding an electrical connection for the #12 hairpin wire 
and for the feed-line coax, which uses ferrite beads over 
the coax’s outer vinyl jacket to make a common-mode 
current-type of balun (not shown in Fig 12). Note that 
the center of the hairpin is connected to the boom using 
a grounding lug for some measure of protection from 
static buildup. 
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10-METER YAGIS 


Fig 13 describes the electrical performance of eight 
optimized 10-meter Yagis with boom lengths between 6 
to 60 feet. The end of each boom includes 3 inches of 
space for the reflector and last-director (or driven ele- 
ment for the 2-element designs) mounting plates. Fig 13A 
shows the free-space gain versus frequency for each 
antenna; 13B shows the front-to-rear ratio, and 13C shows 
the SWR versus frequency. Each antenna with three or 
more elements was designed to cover the lower half of 
the 10-meter band from 28.0 to 28.8 MHz, with SWR 


less than 2:1 and F/R better than 20 dB over that range. 

Fig 13D shows the taper schedule for two types of 
10-meter elements. The heavy-duty design can survive 
125-mph winds with no icing, and 88-mph winds with 
'/4-inch of radial ice. The medium-duty design can handle 
96-mph winds with no icing, and 68-mph winds with 
'/4-inch of radial ice. The element-to-boom mounting plate 
for these Yagis is a 0.250-inch thick flat aluminum plate, 
4 inches wide by 4 inches long. Each element except for 
the insulated driven element, is centered on the plate, held 
by two stainless-steel U-bolts with saddles. Another set 





10 Meter Yagis, Gain vs Frequency 
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10 Meter Yagis, SWR vs Frequency 





28.0 28.2 28.4 28.6 28.8 29.0 
Frequency, MHz 





——®——6-Ele. 36' Boom 
—O— 4-Ele. 14' Boom 


—?—7-Ele. 48' Boom 
—6— 5-Ele. 20' Boom 


——t— 8-Ele. 60' Boom 
—tk— 5-Ele. 24' Boom 








—6— 3-Ele. 8' Boom —é— 2-Ele. 6' Boom 





(C) 


10 Meter Yagis, F/R vs Frequency 
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Fig 13—Gain, F/R and SWR performance versus frequency for optimized 10-meter Yagis. At A, gain is shown versus 
frequency for eight 10-meter Yagis whose booms range from 6 feet to 60 feet long. Except for the 2-element design, 
these Yagis have been optimized for better than 20 dB F/R and less than 2:1 SWR over the frequency range 28.0 to 28.8 
MHz. At B, front-to-rear ratio for these antennas is shown versus frequency, and at C, SWR is shown over the frequency 
range. At D, the taper schedule is shown for heavy-duty and for medium-duty 10-meter elements. The heavy-duty 
elements can withstand 125-mph winds without icing, and 88-mph winds with ‘/.-inch radial ice. The medium-duty 
elements can survive 96-mph winds without icing, and 68-mph winds with '/4-inch radial ice. The wall thickness for each 
telescoping section of 6061-T6 aluminum tubing is 0.058 inches, and the overlap at each telescoping junction is 


3 inches. 
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Table 1 


Optimized 10-Meter Yagi Designs 
Two-element 10-meter Yagi, 6 foot boom 


Element 

File Name 
Reflector 
Driven Element 


Spacing 


0.000" 
66.000" 


Heavy-Duty Tip 
210-06H.YW 
66.000" 
57.625" 


Three-element 10-meter Yagi, 8 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Compensator 


Spacing 


0.000" 

36.000" 
54.000" 

12" behind Dir. 1 


Heavy-Duty Tip 
310-08H. YW 
66.750" 
57.625" 
53.125" 
19.000" 


Four-element 10-meter Yagi, 14 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Compensator 


Spacing 


0.000" 

36.000" 

36.000" 

90.000" 

12" behind Dir. 2 


Heavy-Duty Tip 
410-14H. YW 
66.000" 
58.625" 
57.000" 
47.750" 
22.000" 


Five-element 10-meter Yagi, 24 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Compensator 


Spacing, inches 


0.000" 

36.000" 

36.000" 

99.000" 
111.000" 

12" behind Dir. 3 


Heavy-Duty Tip 
510-24H. YW 
65.625" 
58.000" 
57.125" 
55.000" 
50.750" 
28.750" 


Six-element 10-meier Yagi, 36 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Director 4 
Compensator 


Spacing, inches 


0.000" 

37.000" 

43.000" 

98.000" 
127.000" 
121.000" 

12" behind Dir. 4 


Heavy-Duty Tip 
610-36H.YW 
66.500" 
58.500" 
57.125" 
54.875" 
53.875" 
49.875" 
32.000" 


Seven-element 10-meter Yagi, 48 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Director 4 
Director 5 
Compensator 


Spacing, inches 


0.000" 

37.000" 

37.000" 

96.000" 
130.000" 
154.000" 
116.000" 

12" behind Dir. 5 


Heavy-Duty Tip 
710-48H. YW 
65.375" 
59.000" 
57.500" 
54.875" 
52.250" 
52.625" 
49.875" 
35.750" 


Eight-element 10-meter Yagi, 60 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Director 4 
Director 5 
Director 6 
Compensator 


Spacing, inches 


0.000" 

42.000" 

37.000" 

87.000" 
126.000" 
141.000" 
157.000" 
121.000" 

12" behind Dir. 6 


Heavy-Duty Tip 
810-60H.YW 
65.000" 
58.000" 
57.125" 
55.375" 
53.250" 
51.875" 
52.500" 
50.125" 
59.375" 


Medium-Duty Tip 
210-06M.YW 
71.500" 

63.000" 


Medium-Duty Tip 
310-08M.YW 
71.875" 

62.875" 

58.500" 

18.125" 


Medium-Duty Tip 
410-14M.YW 
72.000" 

63.875" 

62.250" 

53.125" 

20.500" 


Medium-Duty Tip 
510-24M.YW 
70.750" 

63.250" 

62.375" 

60.250" 

56.125" 

26.750" 


Medium-Duty Tip 
610-36M.YW 
71.500" 

64.000" 

62.375" 

60.125" 

59.250" 

55.250" 

29.750" 


Medium-Duty Tip 
710-48M.YW 
70.500" 

64.250" 

62.750" 

60.125" 

57.625" 

58.000" 

55.250" 

33.750" 


Medium-Duty Tip 
810-60M.YW 
70.125" 
63.500" 
62.375" 
60.625" 
58.625" 
57.250" 
57.875" 
55.500" 
55.125" 


These 10-meter Yagi 
designs are optimized for 

> 20 dB F/R, and SWR 

< 2:1 over frequency range 
from 28.000 to 28.800 MHz, 
for heavy-duty elements 
(125 mph wind survival) and 
for medium-duty (96 mph 
wind survival). For coverage 
from 28.8 to 29.7 MHz, 
subtract 2.000 inches from 
end of each element, but 
leave element spacings the 
same as shown here. Only 
element tip dimensions are 
shown, and all dimensions 
are inches. See Fig 13D for 
element telescoping tubing 
schedule. Torque compensa- 
tor element is made of 2.5" 
OD PVC water pipe placed 
12 inches behind last 
director. Dimensions shown 
for compensators is one-half 
of total length, centered on 
boom. 
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of U-bolts with saddles is used to secure the mounting 
plate to the boom. 

Electrically each mounting plate is equivalent to a 
cylinder, with an effective diameter of 2.405 inches for 
the heavy-duty element, and 2.310 inches for the medium- 
duty element. The equivalent length on each side of the 
boom is 2 inches. These dimensions are incorporated in 
the files for the YW (Yagi for Windows) computer mod- 
eling program on the CD-ROM accompanying this book 
to simulate the effect of the mounting plate. 

The second column in Table 1 shows the spacing of 
each element relative to the next element in line on the 
boom, starting at the reflector, which itself is defined as 
being at the 0.000-inch reference point on the boom. The 
boom for antennas less than 30 feet long can be con- 
structed of 2-inch OD tubing with 0.065-inch wall thick- 
ness. Designs larger than 30 feet long should use 3-inch 
OD heavy-wall tubing for the boom. Because each boom 


has extra space at each end, the reflector is actually placed 
3 inches from the end of the boom. For example, in the 
310-08H. YW design (3 elements on an 8-foot boom), the 
driven element is placed 36 inches ahead of the reflector, 
and the director is placed 54 inches ahead of the driven 
element. 

The next columns give the lengths for the variable 
tips for the heavy-duty and then the medium-duty ele- 
ments. In the example above for the 310-O8H.YW Yagi, 
the heavy-duty reflector tip, made out of '/2-inch OD tub- 
ing, sticks out 66.750 inches from the °/s-inch OD 
tubing. Note that each telescoping piece of tubing over- 
laps 3 inches inside the piece into which it fits, so the 
overall length of '/s-inch OD tubing is 69.750 inches long 
for the reflector. The medium-duty reflector tip has 71.875 
inches protruding from the */s-inch OD tube, and is 74.875 
inches long overall. As previously stated, the dimensions 
are not extremely critical, although measurement accu- 
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12 Meter Yagis, F/R vs Frequency 
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12 Meter Yagis, F/R vs Frequency 
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Fig 14—Gain, F/R and SWR performance versus frequency for optimized 12-meter Yagis. At A, gain is shown versus 
frequency for seven 12-meter Yagis whose booms range from 6 feet to 54 feet long. Except for the 2-element design, 
these Yagis have been optimized for better than 20 dB F/R and less than 2:1 SWR over the narrow 12-meter band 24.89 to 
24.99 MHz. At B, front-to-rear ratio for these antennas is shown versus frequency, and at C, SWR over the frequency 
range is shown. At D, the taper schedule for heavy-duty and for medium-duty 12-meter elements is shown. The heavy- 
duty elements can withstand 123-mph winds without icing, and 87-mph winds with '/.-inch radial ice. The medium-duty 
elements can survive 85-mph winds without icing, and 61-mph winds with '/4-inch radial ice. The wall thickness for each 
telescoping section of 6061-T6 aluminum tubing is 0.058 inches, and the overlap at each telescoping junction is 


3 inches. 
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Table 2 


Optimized 12-Meter Yagi Designs 


Two-element 12-meter Yagi, 6 foot boom 


Element 

File Name 
Reflector 
Driven Element 


Spacing 


0.000" 
66.000" 


Heavy-Duty Tip 
212-06H.YW 
67.500" 
59.500" 


Three-element 12-meter Yagi, 10 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Compensator 


Spacing, inches 


0.000" 

40.000" 
74.000" 

12" behind Dir. 1 


Heavy-Duty Tip 
312-10H. YW 
69.000" 
60.250" 
54.000" 
13.625" 


Four-element 12-meter Yagi, 15 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Compensator 


Spacing, inches 


0.000" 

46.000" 

46.000" 

82.000" 

12" behind Dir. 2 


Heavy-Duty Tip 
412-15H.YW 
66.875" 
61.000" 
58.625" 
50.875" 
16.375" 


Five-element 12-meter Yagi, 20 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Compensator 


Spacing, inches 


0.000" 

46.000" 

46.000" 

48.000" 

94.000" 

12" behind Dir. 3 


Heavy-Duty Tip 
512-20H. YW 
69.750" 
62.250" 
60.500" 
55.500" 
54.625" 
22.125" 


Six-element 12-meier Yagi, 30 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Director 4 
Compensator 


Spacing, inches 


0.000" 

46.000" 

46.000" 

73.000" 

75.000" 
114.000" 

12" behind Dir. 4 


Heavy-Duty Tip 
612-30H. YW 
68.125" 
61.750" 
60.250" 
52.375" 
57.625" 
53.625" 
30.000" 


Six-element 12-meter Yagi, 40 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Director 4 
Compensator 


Spacing, inches 


0.000" 

46.000" 

46.000" 

91.000" 
157.000" 
134.000" 

12" behind Dir. 4 


Heavy-Duty Tip 
612-40H. YW 
67.000" 
60.125" 
57.375" 
57.375" 
57.000" 
54.375" 
36.500" 


Seven-element 12-meter Yagi, 54 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Director 4 
Director 5 
Compensator 


Spacing, inches 


0.000" 

46.000" 

46.000" 

75.000" 
161.000" 
174.000" 
140.000" 

12" behind Dir. 5 


Heavy-Duty Tip 
712-54H.YW 
68.000" 
60.500" 
56.750" 
58.000" 
55.625" 
56.000" 
53.125" 
43.125" 


Medium-Duty Tip 
212-06M.YW 
72.500" 

65.000" 


Medium-Duty Tip 
312-10M.YW 
73.875" 

65.250" 

59.125" 

12.000" 


Medium-Duty Tip 
412-15M.YW 
71.875" 

66.000" 

63.750" 

56.125" 

14.500" 


Medium-Duty Tip 
512-20M.YW 
74.625" 

67.000" 

65.500" 

60.625" 

59.750" 

19.625" 


Medium-Duty Tip 
612-30M.YW 
73.000" 

66.750" 

65.250" 

57.625" 

62.750" 

58.750" 

26.250" 


Medium-Duty Tip 
612-40M.YW 
71.875" 

65.500" 

62.500" 

62.500" 

62.125" 

59.500" 

31.625" 


Medium-Duty Tip 
712-54M.YW 
73.000" 

65.500" 

61.875" 

63.125" 

60.750" 

61.125" 

58.375" 

37.500" 


These 12-meter Yagi designs 
were optimized for > 20 dB 
F/R, and SWR « 2:1 over 
frequency range from 24.890 
to 24.990 MHz, for heavy- 
duty elements (123 mph 
wind survival) and for 
medium-duty (85 mph wind 
survival). Only element tip 
dimensions are shown, and 
all dimensions are inches. 
See Fig 14D for element 
telescoping tubing schedule. 
Torque compensator element 
is made of 2.5" OD PVC 
water pipe placed 12" behind 
last director. Dimensions 
shown for compensators is 
one-half of total length, 
centered on boom. 
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15 Meter Yagis, Gain vs Frequency 
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15 Meter Yagis, SWR vs Frequency 
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Fig 15—Gain, F/R and SWR performance versus 
frequency for optimized 15-meter Yagis. At A, gain versus 
frequency is shown for eight 15-meter Yagis whose 
booms range from 6 feet to 80 feet long. Except for the 2- 
element design, these Yagis have been optimized for 
better than 20 dB F/R and less than 2:1 SWR over the 
frequency range 21.0 to 21.45 MHz. At B, front-to-rear 
ratio for these antennas is shown versus frequency, and 
at C, SWR over the frequency range is shown. At D, the 
taper schedule for heavy-duty and for medium-duty 
15-meter elements is shown. The heavy-duty elements 
can withstand 124-mph winds without icing, and 90-mph 
winds with ‘/s-inch radial ice. The medium-duty elements 
can survive 86-mph winds without icing, and 61-mph 
winds with ‘/s-inch radial ice. The wall thickness for each 
telescoping section of 6061-T6 aluminum tubing is 0.058 





(C) —O— 3-Ele. 12' Boom —#é— 2-Ele. 6' Boom s z zs : 2 
inches, and the overlap at each telescoping junction is 
3 inches. 
20 36" 18" Variable LENGTH 
21 MHz 
7/8" 3/4" 5/8" 1/2" oD 
124 (90) MI/H 
24" 36" Variable LENGTH 
21 MHz = —————— 
3/4" 5/8" 1/2" oD ( D) 
86 (61) MI/H 


racy to '/s inch is desirable. 

The last row in each variable tip column shows the 
length of one-half of the “dummy element” torque com- 
pensator used to correct for uneven wind loading along 
the boom. This compensator is made from 2.5 inches OD 
PVC water pipe mounted to an element-to-boom plate like 
those used for each element. The compensator is mounted 
12 inches behind the last director, the first director in the 
case of the 3-element 310-08H.YW antenna. Note that the 
heavy-duty elements require a correspondingly longer 
torque compensator than do the medium-duty elements. 
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12-METER YAGIS 


Fig 14 describes the electrical performance of seven 
optimized 12-meter Yagis with boom lengths between 6 
to 54 feet. The end of each boom includes 3 inches of 
space for the reflector and last director (or driven ele- 
ment) mounting plates. The narrow frequency width of 
the 12-meter band allows the performance to be optimized 
easily. Fig 14A shows the free-space gain versus fre- 
quency for each antenna; 14B shows the front-to-rear 
ratio, and 14C shows the SWR versus frequency. Each 
antenna with three or more elements was designed to 


Table 3 
Optimized 15-Meter Yagi Designs 
Two-element 15-meter Yagi, 6 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 215-06H.YW 
Reflector 0.000" 62.000" 

Driven Element 66.000" 51.000" 


Three-element 15-meter Yagi, 12 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 315-12H.YW 
Reflector 0.000" 62.000" 

Driven Element 48.000" 51.000" 
Director 1 92.000" 43.500" 
Compensator 12" behind Dir. 1 34.750" 


Four-element 15-meter Yagi, 18 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 415-18H.YW 
Reflector 0.000" 61.000" 

Driven Element 56.000" 51.500" 
Director 1 56.000" 48.000" 
Director 2 98.000" 36.625" 
Compensator 12" behind Dir.2 20.875" 


Five-element 15-meter Yagi, 24 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 515-24H. YW 
Reflector 0.000" 62.000" 

Driven Element 48.000" 52.375" 
Director 1 48.000" 47.875" 
Director 2 52.000" 47.000" 
Director 3 134.000" 41.000" 
Compensator 12" behind Dir.3 40.250" 


Six-element 15-meter Yagi, 36 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 615-36H.YW 
Reflector 0.000" 61.000" 

Driven Element 53.000" 52.000" 
Director 1 56.000" 49.125" 
Director 2 59.000" 45.125" 
Director 3 116.000" 47.875" 
Director 4 142.000" 42.000" 
Compensator 12" behind Dir.4 45.500" 


Seven-element 15-meter Yagi, 48 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 615-48H. YW 
Reflector 0.000" 62.000" 

Driven Element 48.000" 52.000" 
Director 1 48.000" 51.250" 
Director 2 125.000" 48.000" 
Director 3 190.000" 45.500" 
Director 4 161.000" 42.000" 
Compensator 12" behind Dir.4 51.500" 


Seven-element 15-meter Yagi, 60 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 715-60H.YW 
Reflector 0.000" 59.750" 

Driven Element 48.000" 52.000" 
Director 1 48.000" 52.000" 
Director 2 93.000" 49.500" 
Director 3 173.000" 44.125" 
Director 4 197.000" 45.500" 
Director 5 155.000" 41.750" 
Compensator 12" behind Dir.5 58.500" 


Eight-element 15-meter Yagi, 80 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 815-80H.YW 
Reflector 0.000" 62.000" 
Driven Element 56.000" 52.500" 
Director 1 48.000" 51.500" 
Director 2 115.000" 48.375" 
Director 3 164.000" 45.750" 
Director 4 202.000" 43.125" 
Director 5 206.000" 44.750" 
Director 6 163.000" 40.875" 
Compensator 12" behind Dir.6 95.000" 





Medium-Duty Tip 
215-06M.YW 
85.000" 

74.000" 


Medium-Duty Tip 
315-12M.YW 
84.250" 

73.750" 

66.750" 

37.625" 


Medium-Duty Tip 
415-18M.YW 
83.500" 

74.500" 

71.125" 

60.250" 

18.625" 


Medium-Duty Tip 
515-24M.YW 
84.375" 

75.250" 

71.000" 

70.125" 

64.375" 

35.125" 


Medium-Duty Tip 
615-36M.YW 
83.375" 

75.000" 

72.125" 

68.375" 

71.000" 

65.375" 

39.750" 


Medium-Duty Tip 
615-48M.YW 
84.000" 

75.000" 

74.125" 

71.125" 

68.750" 

65.375" 

45.375" 


Medium-Duty Tip 


These 15-meter Yagi 


Dore designs are optimized for 
75.000" > 20 dB F/R, and SWR 

. é < 2:1 over entire frequency 
74.875" range from 21.000 to 
72.500" 21.450 MHz, for heavy-duty 
67.375 elements (124 mph wind 
68.750" survival) and for medium- 
65.125" duty (86 mph wind 
51.000" survival). Only element tip 


Medium-Duty Tip 


dimensions are shown. See 
Fig 15D for element 
telescoping tubing 


ata schedule. All dimensions 
75.500" are in inches. Torque 

: is compensator element is 
74.375" made of 2.5" OD PVG 
71.500" water pipe placed 12" 
69.000 behind last director, and 
66.500" dimensions shown for 
68.000" compensators is one-half 
64.250" of total length, centered 
83.375" on boom. 


SERS. Laser 


— ~ 
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17 Meter Yagis, SWR vs Frequency 
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—A— 2-Ele. 6' Boom 









18.1 MHz 


123 (89) MI/H 


42" 


18.1 MHz Pee | 


3/4" 


cover the narrow 12-meter band from 24.89 to 
24.99 MHz, with SWR less than 2:1 and F/R better than 
20 dB over that range. 

Fig 14D shows the taper schedule for two types of 
12-meter elements. The heavy-duty design can survive 123- 
mph winds with no icing, and 87-mph winds with 
‘/4 inch of radial ice. The medium-duty design can handle 
85-mph winds with no icing, and 61-mph winds with 
'/4 inch of radial ice. The element-to-boom mounting plate 
for these Yagis is a 0.375 inch thick flat aluminum plate, 5 
inches wide by 6 inches long. 

Electrically, each mounting plate is equivalent to a 
cylinder, with an effective diameter of 2.945 inches for 
the heavy-duty element, and 2.857 inches for the medium- 
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17 Meter Yagis, F/R vs Frequency 
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Fig 16—Gain, F/R and SWR performance versus frequency 
for optimized 17-meter Yagis. At A, gain versus frequency 
is shown for six 17-meter Yagis whose booms range from 
6 feet to 60 feet long. Except for the 2-element design, 
these Yagis have been optimized for better than 20 dB F/R 
and less than 2:1 SWR over the narrow 17-meter band 
18.068 to 18.168 MHz. At B, front-to-rear ratio for these 
antennas is shown versus frequency, and at C, SWR over 
the frequency range is shown. At D, the taper schedule for 
heavy-duty and for medium-duty 10-meter elements is 
shown. The heavy-duty elements can withstand 123-mph 
winds without icing, and 89-mph winds with ‘/.-inch radial 
ice. The medium-duty elements can survive 83-mph winds 
without icing, and 59-mph winds with ‘/s-inch radial ice. 
The wall thickness for each telescoping section of 6061-T6 
aluminum tubing is 0.058 inches, and the overlap at each 
telescoping junction is 3 inches. 





Variable LENGTH 
OD 
Variable LENGTH 
5/8" 1/2" oD ( D) 


83 (59) MI/H 


duty element. The equivalent length on each side of the 
boom is 3 inches. As usual, the torque compensator is 
mounted 12 inches behind the last director. 


15-METER YAGIS 


Fig 15 describes the electrical performance of eight 
optimized 15-meter Yagis with boom lengths between 
6 feet to a spectacular 80 feet. The end of each boom in- 
cludes 3 inches of space for the reflector and last-director 
(or driven element) mounting plates. Fig 15A shows the 
free-space gain versus frequency for each antenna; 15B 
shows the worst-case front-to-rear ratio, and 15C shows 
the SWR versus frequency. Each antenna with three or more 
elements was designed to cover the full 15-meter band from 


Table 4 


Optimized 17-meter Yagi Designs 


Two-element 17-meter Yagi, 6 foot boom 


Element 

File Name 
Reflector 
Driven Element 


Spacing 


0.000" 
66.000" 


Heavy-Duty Tip 
217-06H.YW 
61.000" 
48.000" 


Three-element 17-meter Yagi, 14 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 317-14H. YW 
Reflector 0.000" 61.500" 
Driven Element 65.000" 52.000" 
Director 1 97.000" 46.000" 

12" behind Dir. 1 12.625" 


Four-element 17-meter Yagi, 20 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 417-20H.YW 
Reflector 0.000" 61.500" 

Driven Element 48.000" 54.250" 
Director 1 48.000" 52.625" 
Director 2 138.000" 40.500" 
Compensator 12" behind Dir.2 42.500" 


Five-element 17-meter Yagi, 30 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 517-30H. YW 
Reflector 0.000" 61.875" 

Driven Element 48.000" 52.250" 
Director 1 52.000" 49.625" 
Director 2 93.000" 49.875" 
Director 3 161.000" 43.500" 
Compensator 12" behind Dir.3 54.375" 


Six-element 17-meter Yagi, 48 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 617-48H. YW 
Reflector 0.000" 63.000" 

Driven Element 52.000" 52.500" 
Director 1 51.000" 45.500" 
Director 2 87.000" 47.875" 
Director 3 204.000" 47.000" 
Director 4 176.000" 42.000" 
Compensator 12" behind Dir.4 68.250" 


Six-element 17-meter Yagi, 60 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 617-60H.YW 
Reflector 0.000" 61.250" 

Driven Element 54.000" 54.750" 
Director 1 54.000" 52.250" 
Director 2 180.000" 46.000" 
Director 3 235.000" 44.625" 
Director 4 191.000" 41.500" 
Compensator 12" behind Dir.4 62.875" 


Medium-Duty Tip 
217-06M. YW 
89.000" 

76.250" 


Medium-Duty Tip 
317-14M.YW 
91.500" 

79.500" 

73.000" 

10.750" 


Medium-Duty Tip 
417-20M.YW 
89.500" 

82.625" 

81.125" 

69.625" 

36.250" 


Medium-Duty Tip 
517-30M. YW 
89.875" 

80.500" 

78.250" 

78.500" 

72.500" 

45.875" 


Medium-Duty Tip 
617-48M. YW 
90.250" 

80.500" 

74.375" 

76.625" 

75.875" 

71.125" 

57.500" 


Medium-Duty Tip 
617-60M.YW 
89.250" 

83.125" 

80.750" 

74.875" 

73.625" 

70.625" 

53.000" 


These 17-m Yagi designs are optimized for > 20 dB F/R, and SWR < 2:1 over entire frequency range from18.068 to 18.168 MHz, for 
heavy-duty elements (123 mph wind survival) and for medium-duty (83 mph wind survival). Only element tip dimensions are shown. 
All dimensions are in inches. Torque compensator element is made of 2.5" OD PVC water pipe placed 12" behind last director, and 
dimensions shown for compensators is one-half of total length, centered on boom. 





21.000 to 21.450 MHz, with SWR less than 2:1 and F/R 
ratio better than 20 dB over that range. 

Fig 15D shows the taper schedule for two types of 
15-meter elements. The heavy-duty design can survive 
124-mph winds with no icing, and 90-mph winds with 
'/4 inch of radial ice. The medium-duty design can handle 


86-mph winds with no icing, and 61-mph winds with 
'/4 inch of radial ice. The element-to-boom mounting plate 
for these Yagis is a 0.375-inch thick flat aluminum plate, 
5 inches wide by 6 inches long. 

Electrically, each mounting plate is equivalent to a 
cylinder, with an effective diameter of 3.0362 inches for 
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20 Meter Yagis, Gain vs Frequency 
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20 Meter Yagis, SWR vs Frequency 
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Fig 17—Gain, F/R and SWR performance versus frequency 
for optimized 20-meter Yagis. At A, gain versus frequency 
is shown for eight 20-meter Yagis whose booms range 
from 8 feet to 80 feet long. Except for the 2-element design, 
these Yagis have been optimized for better than 20 dB F/R 
and less than 2:1 SWR over the frequency range 14.0 to 
14.35 MHz. At B, front-to-rear ratio for these antennas is 
shown versus frequency, and at C, SWR over the 
frequency range is shown. At D, the taper schedule for 
heavy-duty and for medium-duty 20-meter elements is 
shown. The heavy-duty elements can withstand 122-mph 
winds without icing, and 89-mph winds with ‘/.-inch radial 
ice. The medium-duty elements can survive 82-mph winds 
without icing, and 60-mph winds with ‘/s-inch radial ice. 
The wall thickness for each telescoping section of 6061-T6 
aluminum tubing is 0.058 inches, and the overlap at each 
telescoping junction is 3 inches. 


Variable LENGTH 





42" Variable LENGTH 
14 MHz (ee 
7/8" 3/4" 5/8" 1/2 OD 
82 (60) MI/H 


the heavy-duty element, and 2.9447 inches for the 
medium-duty element. The equivalent length on each side 
of the boom is 3 inches. As usual, the torque compensa- 
tor is mounted 12 inches behind the last director. 


17-METER YAGIS 
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Fig 16 describes the electrical performance of six 
optimized 17-meter Yagis with boom lengths between 6 
to a heroic 60 feet. As usual, the end of each boom 
includes 3 inches of space for the reflector and last 
director (or driven element) mounting plates. Fig 16A 
shows the free-space gain versus frequency for each an- 


Table 5 


Optimized 20-Meter Yagi Designs 


Two-element 20-meter Yagi, 8 foot boom 


Element 

File Name 
Reflector 
Driven Element 


Spacing 


0.000" 
90.000" 


Heavy-Duty Tip 
220-08H.YW 
66.000" 
46.000" 


Three-element 20-meter Yagi, 16 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Compensator 


Spacing 


0.000" 

80.000" 
106.000" 

12" behind Dir. 1 


Heavy-Duty Tip 
320-16H.YW 
69.625" 
51.250" 
42.625" 
33.375" 


Four-element 20-meter Yagi, 26 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Compensator 


Spacing 


0.000" 

72.000" 

60.000" 
174.000" 

12" behind Dir. 2 


Heavy-Duty Tip 
420-26H.YW 
65.625" 
53.375" 
51.750" 
38.625" 
54.250" 


Five-element 20-meter Yagi, 34 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Compensator 


Spacing 


0.000" 

72.000" 

71.000" 

68.000" 
191.000" 

12" behind Dir. 3 


Heavy-Duty Tip 
520-34H.YW 
68.625" 
52.250" 
45.875" 
45.875" 
37.000" 
69.250" 


Five-element 20-meter Yagi, 40 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Compensator 


Spacing 


0.000" 

72.000" 

72.000" 
139.000" 
191.000" 

12" behind Dir. 3 


Heavy-Duty Tip 
520-40H.YW 
68.375" 
53.500" 
51.500" 
48.375" 
38.000" 
69.750" 


Five-element 20-meter Yagi, 48 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Compensator 


Spacing 


0.000" 

72.000" 

88.000" 
199.000" 
211.000" 

12" behind Dir. 3 


Heavy-Duty Tip 
520-48H. YW 
66.250" 
53.000" 
50.500" 
47.375" 
39.750" 
70.325" 


Six-element 20-meter Yagi, 60 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Director 4 
Compensator 


Spacing 


0.000" 

84.000" 

91.000" 
130.000" 
210.000" 
199.000" 

12" behind Dir. 4 


Heavy-Duty Tip 
620-60H. YW 
67.000" 
51.500" 
45.125" 
41.375" 
46.875" 
39.125" 
72.875" 


Six-element 20-meter Yagi, 80 foot boom 


Element 

File Name 
Reflector 
Driven Element 
Director 1 
Director 2 
Director 3 
Director 4 
Compensator 


Spacing 


0.000" 

72.000" 
122.000" 
229.000" 
291.000" 
240.000" 

12" behind Dir. 4 


Heavy-Duty Tip 
620-80H. YW 
66.125" 
52.375" 
49.125" 
44.500" 
42.625" 
38.750" 
78.750" 


Medium-Duty Tip 
220-08M.YW 
80.000" 

59.000" 


Medium-Duty Tip 
320-16M.YW 
81.625" 

64.500" 

56.375" 

38.250" 


Medium-Duty Tip 
420-26M.YW 
78.000" 

65.375" 

63.875" 

51.500" 

44.250" 


Medium-Duty Tip 
520-34M.YW 
80.750" 

65.500" 

59.375" 

59.375" 

51.000" 

56.250" 


Medium-Duty Tip 
520-40M.YW 
80.500" 

66.625" 

64.625" 

61.750" 

52.000" 

56.750" 


Medium-Duty Tip 
520-48M.YW 
78.500" 

66.000" 

63.750" 

60.875" 

53.625" 

57.325" 


Medium-Duty Tip 
620-60M.YW 
79.250" 

65.000" 

58.750" 

55.125" 

60.375" 

53.000" 

59.250" 


Medium-Duty Tip 
620-80M. YW 
78.375" 

65.500" 

62.500" 

58.125" 

56.375" 

52.625" 

64.125" 


These 20-meter Yagi 


designs are optimized for 
> 20 dB F/R, and SWR 


< 2:1 over entire frequency 


range from 14.000 to 


14.350 MHz, for heavy-duty 


elements (122 mph wind 
survival) and for medium- 


duty (82 mph wind 


survival). Only element tip 
dimensions are shown. See 


Fig 17 for element 
telescoping tubing 


schedule. All dimensions 


are in inches. Torque 


compensator element is 
made of 2.5" OD PVC 
water pipe placed 12" 
behind last director, and 
dimensions shown for 
compensators is one-half 
of total length, centered 


on boom. 
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30 Meter Yagis, Gain vs Frequency 
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30 Meter Yagis, F/R vs Frequency 
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Fig 18—Gain, F/R and SWR performance versus frequency 
for optimized 30-meter Yagis. At A, gain versus frequency is 
shown for three 30-meter Yagis whose booms range from 
15 feet to 34 feet long, and which have been optimized for 
better than 10 dB F/R and less than 2:1 SWR over the 
frequency range 10.1 to 10.15 MHz. At B, front-to-rear ratio 
for these antennas is shown versus frequency, and at C, 
SWR over the frequency range is shown. At D, the taper 
schedule is shown for heavy-duty 30-meter elements, which 
can withstand 107-mph winds without icing, and 93-mph 
winds with '/.-inch radial ice. Except for the 2'/4-inch and 
2-inch sections, which have 0.083 inch thick walls, the wall 
thickness for the other telescoping sections of 6061-T6 
aluminum tubing is 0.058 inches, and the overlap at the 

1 inch telescoping junction with the 7/s-inch section is 
complete. The 2-inch section utilizes two machined 
aluminum reducers to accommodate the 1-inch tubing. 


Variable LENGTH 





10.1 MHz 














2", 0.083" Wall 


2-1/4", 0.083" Wall 


107 (93) MI/H 


tenna; 16B shows the worst-case front-to-rear ratio, and 
16C shows the SWR versus frequency. Each antenna with 
three or more elements was designed to cover the narrow 
17-meter band from 18.068 to 18.168 MHz, with SWR 
less than 2:1 and F/R ratio better than 20 dB over that 
range. 

Fig 16D shows the taper schedule for two types of 
17-meter elements. The heavy-duty design can survive 
123-mph winds with no icing, and 83-mph winds with 
/4-inch of radial ice. The medium-duty design can handle 
83-mph winds with no icing, and 59-mph winds with 
% inch of radial ice. 

The element-to-boom mounting plate for these Yagis 
is a 0.375-inch thick flat aluminum plate, 6 inches wide by 
8 inches long. Electrically, each mounting plate is equiva- 


11-22 Chapter 11 





OD 


(D) 


lent to a cylinder, with an effective diameter of 3.5122 inches 
for the heavy-duty element, and 3.3299 inches for the 
medium-duty element. The equivalent length on each side 
of the boom is 4 inches. As usual, the torque compensator is 
mounted 12 inches behind the last director. 


20-METER YAGIS 


Fig 17 describes the electrical performance of eight 
optimized 20-meter Yagis with boom lengths between 8 
to a giant 80 feet. As usual, the end of each boom 
includes 3 inches of space for the reflector and last direc- 
tor (driven element) mounting plates. Fig 17A shows the 
free-space gain versus frequency for each antenna; 17B 
shows the front-to-rear ratio, and 17C shows the SWR 
versus frequency. Each antenna with three or more ele- 
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Fig 19—Gain, F/R and SWR performance versus 
frequency for optimized 40-meter Yagis. At A, gain 
versus frequency is shown for three 40-meter Yagis 
whose booms range from 20 feet to 48 feet long, and 
which have been optimized for better than 10 dB F/R 
and less than 2:1 SWR over the frequency range 7.0 to 
7.2 MHz. At B, front-to-rear ratio for these antennas is 
shown versus frequency, and at C, SWR over the 
frequency range is shown. At D, the taper schedule is 
shown for heavy-duty 40-meter elements, which can 
withstand 107-mph winds without icing, and 93-mph 
winds with ‘/.-inch radial ice. Except for the 2'/.-inch 
and 2-inch sections, which have 0.083 inch thick walls, 
the wall thickness for the other telescoping sections of 
6061-T6 aluminum tubing is 0.058 inches, and the 
overlap at the end telescoping junction is 3 inches. 
The 2-inch section utilizes two machined aluminum 
reducers to accommodate the 1-inch tubing. 


Machined Reducers 


Variable LENGTH 





7.1 MHz 











2", 0.083" Wall 


2-1/4", 0.083" Wall 


93 (69) MI/H 


ments was designed to cover the complete 20-meter band 
from 14.000 to 14.350 MHz, with SWR less than 2:1 and 
F/R ratio better than 20 dB over that range. 

Fig 17D shows the taper schedule for two types of 
20-meter elements. The heavy-duty design can survive 
122-mph winds with no icing, and 89-mph winds with 
'/4 inch of radial ice. The medium-duty design can handle 82- 
mph winds with no icing, and 60-mph winds with 
'/4 inch of radial ice. The element-to-boom mounting plate for 
these Yagis is a 0.375-inch thick flat aluminum plate, 





oD 


6 inches wide by 8 inches long. Electrically, each mounting 
plate is equivalent to a cylinder, with an effective diameter of 
3.7063 inches for the heavy-duty element, and 
3.4194 inches for the medium-duty element. The equivalent 
length on each side of the boom is 4 inches. As usual, the torque 
compensator is mounted 12 inches behind the last director. 


30-METER YAGIS 


Fig 18 describes the electrical performance of three 
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Table 6 
Optimized 30-Meter Yagi Designs 


Two-element 30-meter Yagi, 15 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 230-15H. YW 
Reflector 0.000" 50.250" 

Driven Element 174.000" 14.875" 


3-element 30-meter Yagi, 22 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 330-22H. YW 
Reflector 0.000 59.375 

Driven Element 135.000 35.000 
Director 1 123.000 19.625 


Three-element 30-meter Yagi, 34 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 330-34H. YW 
Reflector 0.000" 53.750" 

Driven Element 212" 29.000" 
Director 1 190" 14.500" 


These 30-m Yagi designs are optimized for > 10 dB F/R, and 
SWR < 2:1 over entire frequency range from 10.100 to 10.150 
MHz for heavy-duty elements (105 mph wind survival). Only 
element tip dimensions are shown. See Fig 18D for element 
telescoping tubing schedule. All dimensions are in inches. No 
torque compensator element is required. 


optimized 30-meter Yagis with boom lengths between 15 
to 34 feet. Because of the size and weight of the elements 
alone for Yagis on this band, only 2-element and 3-ele- 
ment designs are described. The front-to-rear ratio require- 
ment for the 2-element antenna is relaxed to be greater 
than 10 dB over the band from 10.100 to 10.150 MHz, 
while that for the 3-element designs is kept at greater than 
20 dB over that frequency range. 

As usual, the end of each boom includes 3 inches of 
space for the reflector and last director mounting plates. 
Fig 18A shows the free-space gain versus frequency for 
each antenna; 18B shows the worst-case front-to-rear 
ratio, and 18C shows the SWR versus frequency. 

Fig 18D shows the taper schedule for the 30-meter 
elements. Note that the wall thickness of the first two 
sections of tubing is 0.083 inches, rather than 0.058 
inches. This heavy-duty element design can survive 107- 
mph winds with no icing, and 93-mph winds with '/4 inch 
of radial ice. The element-to-boom mounting plate for 
these Yagis is a 0.500-inch thick flat aluminum plate, 6 
inches wide by 24 inches long. Electrically, each mount- 
ing plate is equivalent to a cylinder, with an effective di- 
ameter of 4.684 inches. The equivalent length on each 
side of the boom is 12 inches. These designs require no 
torque compensator. 


40-METER YAGIS 


Fig 19 describes the electrical performance of three 
optimized 40-meter Yagis with boom lengths between 20 
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Table 7 
Optimized 40-Meter Yagi Designs 


Two-element 40-meter Yagi, 20 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 240-20H. YW 
Reflector 0.000" 85.000" 

Driven Element 234.000" 35.000" 


Three-element 40-meter Yagi, 32 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 340-32H. YW 
Reflector 0.000" 90.750" 

Driven Element 196.000" 55.875" 
Director 1 182.000" 33.875" 


Three-element 40-meter Yagi, 48 foot boom 


Element Spacing Heavy-Duty Tip 
File Name 340-48H. YW 
Reflector 0.000" 81.000" 

Driven Element 300.000" 45.000" 
Director 1 270.000" 21.000" 


These 40-m Yagi designs are optimized for > 10 dB F/R, and 
SWR <« 2:1 over low-end of frequency range from 7.000 to 
7.200 MHz, for heavy-duty elements (95 mph wind survival). 
Only element tip dimensions are shown. See Fig 19D for 
element telescoping tubing schedule. All dimensions are in 
inches. No wind torque compensator is required. 


to 48 feet. Like the 30-meter antennas, because of the 
size and weight of the elements for a 40-meter Yagi, only 
2-element and 3-element designs are described. The front- 
to-rear ratio requirement for the 2-element antenna is 
relaxed to be greater than 10 dB over the band from 7.000 
to 7.300 MHz, while the goal for the 3-element designs 
is 20 dB over the frequency range of 7.000 to 7.200 MHz. 
It is exceedingly difficult to hold the F/R greater than 
20 dB over the entire 40-meter band without sacrificing 
excessive gain with a 3-element design. 

As usual, the end of each boom includes 3 inches of 
space for the reflector and last director mounting plates. 
Fig 19A shows the free-space gain versus frequency for 
each antenna; 19B shows the front-to- rear ratio, and 19C 
shows the SWR versus frequency. 

Fig 19D shows the taper schedule for the 40-meter el- 
ements. Note that the wall thickness of the first 
two sections of tubing is 0.083 inches, rather than 
0.058 inches. This element design can survive 93-mph winds 
with no icing, and 69-mph winds with '/4 inch of radial ice. 
The element-to-boom mounting plate for these Yagis is a 
0.500-inch thick flat aluminum plate, 6 inches wide by 24 
inches long. Electrically each mounting plate is equivalent 
to a cylinder, with an effective diameter of 4.684 inches. 
The equivalent length on each side of the boom is 12 inches. 
These designs require no torque compensator. 


Modifying Monoband Hy-Gain Yagis 


Enterprising amateurs have long used the Telex 
Communications Hy-Gain “Long John” series of HF 
monobanders as a source of top-quality aluminum and 
hardware for customized Yagis. Often-modified older 
models include the 105BA for 10 meters, the 155BA for 
15 meters, and the 204BA and 205BA for 20 meters. 
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Fig 20—Gain, F/R and SWR over the 28.0 to 28.8 MHz 
range for original and optimized Yagis using Hy-Gain 
hardware. Original 105BA design provided excellent 
weight balance at boom-to-mast bracket, but compro- 
mised the electrical performance somewhat because of 
non-optimum spacing of elements. Optimized design 
requires wind torque-balancing compensator element, 
and compensating weight at director end of boom to 
rebalance weight. The F/R ratio over the frequency 
range for the optimized design is more than 23 dB. 
Each element uses the original Hy-Gain taper schedule 
and element-to-boom clamp, but the length of the tip is 
changed per Table 8. 





Table 8 
Optimized Hy-Gain 20-Meter Yagi Designs 


Optimized 204BA, Four-element 20-meiter Yagi, 
26 foot boom 


Element Spacing Element Tip 
File Name BV204CA.YW 
Reflector 0.000" 56.000" 
Driven Element 85.000" 52.000" 
Director 1 72.000" 61.500" 
Director 2 149.000" 50.125" 


Optimized 205CA, Five-element 20-meier Yagi, 
34 foot boom 


Element Spacing Element Tip 
File Name BV205CA.YW 
Reflector 0.000" 62.625" 
Driven Element 72.000" 53.500" 
Director 1 72.000" 63.875" 
Director 2 74.000" 61.625" 
Director 3 190.000" 55.000" 


Newer Hy-Gain designs, the 1O5CA, 155CA and 205CA, 
have been redesigned by computer for better performance. 

Hy-Gain antennas have historically had an excellent 
reputation for superior mechanical design, and Hy-Gain 
proudly points out that many of their monobanders are 
still working after more than 30 years. In the older designs 
the elements were purposely spaced along the boom to 
achieve good weight balance at the mast-to-boom bracket, 
with electrical performance as a secondary goal. Thus, 
the electrical performance was not necessarily optimum, 
particularly over an entire amateur band. Newer Hy-Gain 
designs are electrically superior to the older ones, but 
because of their strong concern for weight-balance are 
still not optimal by the definitions used in this chapter. 











10 1 oes + 
} = = i — 
id ai ea a +3 
sr bidet? = ose digg laadditciraahdbabadabadlaaiiid | 
wed  — —_— he 
pe eS ee Be aang So oS = T? a 
3 6 3 --=---- ansaath --4 eo 
Q is (I 
$5 =-- se Paso einai 
& | ae ied 
ao 4 T BPS Soo = 2 = on on on nn ene nn nn ene en ene == ] 
Fi 
Ky 3 Seas Deas ia Se nae is Fa ope ie Reins ease tee - sale Naa 
all a 
oe PRS SS Sas SSieese Reese aees eeRise sate is tee ae mah amin eT: 
eo... =F | 
ee a 


21 21.1 21.2 21.2 21.4 21.5 
Frequency, MHz 

-@ 155BA Gan - 155BAF/R -® 1552 

—¥- Opt. FAR 





-6- Opt. Gan 





Fig 21—Gain, F/R and SWR over the 21.0 to 21.45 MHz 
band for original and optimized Yagis using Hy-Gain 
hardware. Original 155BA design provided excellent 
weight balance at boom-to-mast bracket, but 
compromised the electrical performance somewhat 
because of non-optimum spacing of elements. 
Optimized design requires wind torque-balancing 
compensator element, and compensating weight at 
director end of boom to rebalance weight. The F/R ratio 
over the frequency range for the optimized design is 
more than 22 dB. Each element uses the original Hy- 
Gain taper schedule and element-to-boom clamp, but 
the length of the tip is changed per Table 9. 


Table 9 
Optimized Hy-Gain 15-Meter Yagi Designs 


Optimized 155BA, Five-element 15-meter Yagi, 
24 foot boom 


Element Spacing Element Tip 
File Name BV155CA.YW 
Reflector 0.000" 64.000" 
Driven Element 48.000" 65.500" 
Director 1 48.000" 63.875" 
Director 2 82.750" 61.625" 
Director 3 127.250" 55.000" 


HF YagiArrays 11-25 











swR 
? 


dBi. SWR 
~ oo 
w 


Free-Space Gain, 














Fig 22—Gain, F/R and SWR over the 14.0 to 14.35 MHz 
band for original and optimized Yagis using Hy-Gain 
hardware. Original 205BA design provided good 
weight balance at boom-to-mast bracket, but 
compromised the electrical performance because of 
non-optimum spacing of elements. Optimized design 
requires wind torque-balancing compensator element, 
and compensating weight at director end of boom to 
rebalance weight. The F/R ratio over the frequency 
range for the optimized design is more than 23 dB, 
while the original design never went beyond 17 dB of 
F/R. Each element uses the original Hy-Gain taper 
schedule and element-to-boom clamp, but the length 
of the tip is changed per Table 10. 


Table 10 
Optimized Hy-Gain 10-Meter Yagi Designs 


Optimized 105BA, Five-element 10-meter Yagi, 
24 foot boom 


Element Spacing, inches Element Tip 
File Name BV105CA.YW 
Reflector 0.000" 44.250" 
Driven Element 40.000" 53.625" 
Director 1 40.000" 52.500" 
Director 2 89.500" 50.500" 
Director 3 112.250" 44.750" 


With the addition of wind torque-compensation dummy 
elements, and with extra lead weights, where necessary, 
at the director end of the boom for weight-balance, the 
electrical performance can be enhanced, using the same 
proven mechanical parts. 

Fig 20 shows the computed gain, F/R ratio and SWR 
for a 24-foot boom, 10-meter optimized Yagi (modified 
105BA) using Hy-Gain hardware. Fig 21 shows the same 
for a 26-foot boom 15-meter Yagi (modified 155BA), and 
Fig 22 shows the same for a 34-foot boom (modified 205BA) 
20-meter Yagi. Tables 8 through 10 show dimensions for 
these designs. The original Hy-Gain taper schedule is used 
for each element. Only the length of the end tip (and the 
spacing along the boom) is changed for each element. 


Multiband Yagis 


So far, this chapter has discussed monoband Yagis— 
that is, Yagis designed for a single Amateur-Radio fre- 
quency band. Because hams have operating privileges on 
more than one band, multiband coverage has always been 
very desirable. 


INTERLACING ELEMENTS 


In the late 1940s, some experimenters tried inter- 
lacing Yagi elements for different frequencies on a single 
boom, mainly to cover the 10 and 20-meter bands (at that 
time the 15-meter band wasn’t yet available to hams). 
The experimenters discovered, to their considerable 
chagrin, that the mutual interactions between different 
elements tuned to different frequencies are very difficult 
to handle. 

Adjusting a lower-frequency element usually results 
in interaction with higher-frequency elements near it. In 
effect, the lower-frequency element acts like a retrograde 
reflector, throwing off the effectiveness of the higher- 
frequency directors nearby. Element lengths and the spac- 
ing between elements can be changed to improve perfor- 
mance of the higher-frequency Yagi, but the resulting 
compromise is rarely equal to that of an optimized 
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monoband Yagi. A reasonable compromise for portable 
operation may be found in Chapter 15, Portable Antennas, 
by VE7CA. 


TRAPPED MULTIBANDERS 


Multiband Yagis using a single boom can also be 
made using traps. Traps allow an element to have mul- 
tiple resonances. See Chapter 7, Multiband Antennas, for 
details on trap designs. Commercial vendors have sold 
trapped antennas to hams since the 1950s and surveys 
show that after simple wire dipoles and multiband verti- 
cals, trapped triband Yagis are the most popular anten- 
nas in the Amateur Radio service. 

The originator of the trapped tribander was Chester 
Buchanan, W3DZZ, in his Mar 1955 QST article, “The 
Multimatch Antenna System.” On 10 meters this rather 
unusual tribander used two reflectors (one dedicated and 
one with traps) and two directors (one dedicated and one 
with traps). On 20 and 15 meters three of the five ele- 
ments were active using traps. The W3DZZ tribander 
employed 12 traps overall, made with heavy wire and 
concentric tubular capacitors to hold down losses in the 
traps. Each trap was individually fine tuned after con- 


struction before mounting it on an element. 

Another example of a homemade tribander was the 
26-foot boom 7-element 20/15/10-meter design described 
by Bob Myers, W1XT (ex-WI1FBY) in Dec 1970 QST. 
The WIFBY tribander used only two sets of traps in the 
driven element, with dedicated reflectors and directors 
for each frequency band. Again, the traps were quite ro- 
bust in this design to minimize trap losses, using 7/16-inch 
aluminum tubing for the coils and short pieces of RG-8 
coax as high-voltage tuning capacitors. 

Only a relatively few hams actually built tribanders 
for themselves, mainly because of the mechanical com- 
plexity and the close tolerances required for such anten- 
nas. The traps themselves must be constructed quite 
accurately for reproducible results, and they must be care- 
fully weatherproofed for long life in rain, snow, and often 
polluted or corrosive atmospheres. 


Christmas Tree Stacks 


Another possible method for achieving multiband 
coverage using monoband Yagis is to stack them in a 
“Christmas tree” arrangement. See Fig 23. For an instal- 
lation covering 20, 15 and 10 meters, you could mount 
on the rotating mast just at the top of the tower the 
20-meter monobander. Then perhaps 9 feet above that 
you would mount the 15-meter monobander, followed by 
the 10-meter monoband Yagi 7 feet further up on the mast. 
Another configuration would be to place the 10-meter 
Yagi in between the lower 20-meter and upper 15-meter 
Yagis. Whatever the arrangement, the antenna in the 
middle of such a Christmas-tree always suffers the most 
interaction from the lowest-frequency Yagi. 

Dave Leeson, W6NL (ex-W6QHS), mentions that 
the 10-meter Yagi in his closely stacked Christmas Tree 
(15 meters at the top, 10 meters in the middle, and 
20 meters at the bottom of the rotating mast) loses “sub- 
stantial gain” because of serious interaction with the 
20-meter antenna. (N6BV and K1VR calculated that the 
free-space gain in the WO6NL stack drops to 5 dBi, com- 
pared to about 9 dBi with no surrounding antennas.) 
Monobanders are definitely not universally superior to 
tribanders in multiband installations. In private conver- 
sations, WONL has indicated that he would not repeat 
this kind of short Christmas Tree installation again. 


Forward Staggering 


Some hams have built multiband Yagis on a com- 
mon boom, using a technique called forward staggering. 
This means that that most (or all) of the higher-frequency 
elements are placed in front of any lower-frequency ele- 
ments—in other words, most of the elements are not 
interlaced. Richard Fenwick, K5RR, described his triband 
Yagi design in Sep 1996 QEX magazine. This uses for- 
ward-stagger and open-sleeve design techniques and was 
optimized using several sophisticated modeling programs. 

Fenwick’s tribander used a 57-foot, 3-inch OD boom 





SsSess M Yagi 


Rotating Mast eas 4] 


See Yagi 


20M Yagi 








Rotator 


Tower 


Fig 23—“Christmas Tree” stack of 20/15/10-meter Yagis 
spaced vertically on a single rotating mast. 


to hold 4 elements on 20 meters, 4 elements on 15 meters 
and 5 elements on 10 meters. Fig 24 shows the element 
placement for the K5RR tribander. Most hams, of course, 
don’t have the real-estate or the large rotator needed to 
turn such a large, but elegant solution to the interaction 
problem! 


Force 12 C3 “Multi-Monoband” Triband Yagi 


Antenna manufacturer Force 12 also uses forward- 
stagger layouts and patented combinations of open- and 
closed-sleeve drive techniques extensively in their prod- 
uct line of multiband antennas, which they call “multi- 
monoband Yagis.” Fig 25 shows the layout for the popular 
Force 12 C3 triband Yagi. The C3 uses no traps, thereby 
avoiding any losses due to traps. The C3 consists of three 
2-element Yagis on an 18-foot boom, using full-sized ele- 
ments designed to withstand high winds. 

The C3 feed system employs open-sleeves, where 
the 20-meter driver element is fed with coax through a 
common-mode current balun and parasitically couples to 
the closely spaced 15-meter driver and the two 10-meter 
drivers to yield a feed-point impedances close to 50 Q 
on all three bands. See the section on open-sleeve dipoles 
in Chapter 7, Multiband Antennas. 

Note the use of the forward-stagger technique in the 
C3, especially on 10 meters. To reduce interaction with 
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Fig 24—Dimensions of K5RR’s trapless tribander using “forward stagger” and open-sleeve techniques to manage 


interaction between elements for different frequencies. 
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Fig 25—Layout of Force 12 C3 multiband Yagi. Note that 
the 10-meter (driver/director) portion of the antenna is 
“forward staggered” ahead of the 15-meter (reflector/ 
driver) portion, which in turn is placed ahead of the 20- 
meter (reflector/driver) portion. The antenna is fed at the 
20-meter driver, which couples parasitically to the 15- 
meter driver and the two 10-meter drivers. 
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the lower-frequency elements behind it, the 10-meter por- 
tion of the C3 is mounted on the boom ahead of all the 
lower-frequency elements, with the main 10-meter para- 
sitic element (#7) acting as a director. The lower-fre- 
quency elements behind the 10-meter section act as 
retrograde reflectors, gaining some improvement of the 
gain and pattern compared to a monoband 2-element Yagi. 
A simplified EZNEC model of the C3 is included on the 
CD-ROM accompanying this book. 

On 15 meters, the main parasitic element (#2) is a 
dedicated reflector, but the other elements ahead on the 
boom act like retrograde directors to improve the gain 
and pattern somewhat over a typical 2-element Yagi with 
a reflector. On 20 meters, the C3 is a 2-element Yagi with 
a dedicated reflector (#1) at the back end of the boom. 

The exact implementation of any Yagi, of course, 
depends on the way the elements are constructed using 
telescoping aluminum tubing. The C3 type of design is 
no exception. 


Stacked Yagis 


Monoband parasitic arrays are commonly stacked 
either in broadside or collinear fashion to produce addi- 
tional directivity and gain. In HF amateur work, the most 
common broadside stack is a vertical stack of identical 
Yagis on a single tower. This arrangement is commonly 
called a vertical stack. At VHF and UHF, amateurs often 
employ collinear stacks, where identical Yagis are stacked 
side-by-side at the same height. This arrangement is called 
a horizontal stack, and is not usually found at HF, be- 
cause of the severe mechanical difficulties involved with 
large, rotatable side-by-side arrays. 

Fig 26 illustrates the two different stacking arrange- 
ments. In either case, the individual Yagis making up the 
stack are generally fed in phase. There are times, how- 
ever, when individual antennas in a stacked array are pur- 
posely fed out of phase in order to emphasize a particular 
elevation pattern. See Chapter 17, Repeater Antenna Sys- 
tems, for such a case where elevation pattern steering is 
implemented for a repeater station. 

Let’s look at the reasons hams stack Yagis: 


e For more gain 

For a wider elevation footprint in a target geographical 
area 

For azimuthal diversity—two or more directions at once 
e For less fading 

For less precipitation static 


STACKS AND GAIN 


Fig 27 compares the elevation responses for three 
antenna systems of 4-element 15-meter Yagis. The 
response for the single Yagi at a height of 120 feet peaks 
at an elevation of about 5°, with a second peak at 17° and 
a third at 29°. When operated by itself, the 60-foot high 
Yagi has its first peak at about 11° and its second peak 
beyond 34°. 

The basic principle of a vertically stacked HF array 
is that it takes energy from higher-angle lobes and con- 
centrates that energy into the main elevation lobe. The 
main lobe of the 120/60-foot stack peaks about 7° and is 
about 2 dB stronger than either the 60- or 120-foot 
antenna by itself. The shape of the left-hand side of the 
stack’s main lobe is determined mainly by the 120-foot 
antenna’s response. The right-hand side of the stack’s 
main lobe is “stretched” rightwards (toward higher angles) 
mainly by the 60-foot Yagi, while the shape follows the 
curve of the 120-foot Yagi. 

Look at the second and third lobes of the stack, which 
appear about 18° and 27°. These are about 14 dB down 
from the stack’s peak gain, showing that energy has 
indeed been extracted from them. By contrast, look at the 
levels of the second and third lobes for the individual 
Yagis at 60 and 120 feet. These higher-angle lobes are 
almost as strong as the first lobes. 
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Fig 26—Stacking arrangements. At A, two Yagis are 
stacked vertically (broadside) on the same mast. At B, 
two Yagis are stacked horizontally (collinear) side-by- 
side. At HF the vertical stack is more common because 
of mechanical difficulties involved with large HF 
antennas stacked side-by-side, whereas at VHF and 
UHF the horizontal stack is common. 


The stack squeezes higher-angle energy into its main 
elevation lobe, while maintaining the frontal lobe azimuth 
pattern of a single Yagi. This is the reason why many 
state-of-the-art contest stations are stacking arrays of rela- 
tively short-boom antennas, rather than stacking long- 
boom, higher-gain Yagis. A long-boom HF Yagi narrows 
the azimuthal pattern (and the elevation pattern too), 
making pointing the antenna more critical and making it 
more difficult to spread a signal over a wide azimuthal 
area, such as all of Europe and Asiatic Russia at one time. 


STACKS AND WIDE ELEVATION 
FOOTPRINTS 


Detailed studies using sophisticated computer 
models of the ionosphere have revealed that coverage 
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Fig 27—Comparison of elevation patterns on 15 meters 
for a stack of 4-element Yagis at 120 and 60 feet and 
individual Yagis at those two heights. The shape of the 
stack’s response is determined mainly by that of the 
top antenna. 


of a wide range of elevation angles is necessary to ensure 
consistent DX or contest coverage on the HF bands. These 
studies have been conducted over all phases of the 11- 
year solar cycle, and for numerous transmitting and 
receiving QTHs throughout the world. 

Chapter 23, Radio Wave Propagation, covers these 
studies in more detail, and the CD-ROM accompanying 
this book contains a huge number of elevation-angle sta- 
tistical tables for locations all around the world. The HFTA 
(HF Terrain Assessment) program on the CD-ROM can 
not only compute antenna elevation patterns over irregu- 
lar local terrain, but it can compare them directly to the 
elevation-angle statistics for a particular target geographic 
area. 


A 10-Meter Example 


Fig 28 shows the 10-meter elevation-angle statistics 
for the New England path from Boston, Massachusetts, 
to all of the continent of Europe. The statistics are over- 
laid with the computed elevation response for three indi- 
vidual 4-element Yagis, at three heights: 90, 60 and 
30 feet above flat ground. In terms of wavelength, these 
heights are 2.60 A, 1.73 1 and 0.86 A high. 

You can see that the 90-foot high Yagi covers the 
lower elevation angles best, but it has a large null in its 
response centered at about 11°. This null puts a big hole 
in the coverage for some 22% of all the times the 
10-meter band is open to Europe. At those angles where 
the 90-foot Yagi exhibits a null, the 60-foot Yagi would 
be effective, and so would the 30-foot Yagi. If that is the 
only antenna you have, the 90-foot high Yagi would be 
too high for good coverage of Europe from New England. 

The peak statistical elevation angle into Europe is 
5°, and this occurs about 11% of all the times the 
10-meter band is open to Europe from Boston. At an 


11-30 Chapter 11 





10-Meters, W1 Boston to Europe 
4-Ele. Yagis Over Flat Ground 


Gain, dBi 
Percentage of Openings 





123 45 6 7 8 9 1011 12 13 14 15 16 17 18 19 20 


Elevation Angle, Degrees 





Elevation Statistics ——-f—4-Ele. 90' ——-™—4-Ele. 60' ——#—4-Ele. 30' 











Fig 28—Comparison of elevation patterns and 
elevation-angle statistics for individual 10-meter 
TH7DX tribanders mounted over flat ground aiming 
from New England to Europe. No single antenna can 
cover the wide range of angles needed—from 1° to 18°. 


elevation of 5° the 30-foot high Yagi would be down 
almost 7 dB compared to the 90-foot high Yagi, but at 
11° the 90-foot Yagi would be more than 22 dB down 
from the 30-foot Yagi. There is no single height at which 
one Yagi can optimally cover all the necessary elevation 
angles, especially to a large geographic area such as 
Europe—although the 60-foot high antenna is arguably 
the best compromise for a single height. To cover all the 
possibilities to Europe, however, you need a 10-meter 
antenna system that can cover equally well the entire 
range of elevation angles from 1° to 18°. 

Fig 29 compares elevation-angle statistics for two 
10-meter paths from New England to Europe and to 
Japan. The elevation angles needed for communications 
with the Far East are very low. Overlaid on Fig 29 for 
comparison are the elevation responses over flat ground 
for three different antenna systems, using identical 
4-element Yagis: 


e Three Yagis, stacked at 90, 60 and 30 feet 
e Two Yagis, stacked at 70 and 40 feet 
¢ One Yagi at 90 feet. 


The best coverage of all the necessary angles on 
10 meters to Europe is with the stack of three Yagis at 
90/60/30 feet. The two- Yagi stack at 70 and 40 feet comes 
in a close second to Europe, and for elevation angles 
higher than about 9° the 70/40-foot stack is actually 
superior to the 90/60/30-foot stack. 

Both of the stacks illustrated here give a wider ele- 
vation footprint than any single antenna, so that all the 
angles can be covered automatically without having to 
switch from higher to lower antennas manually. This is 
perhaps the major benefit of using stacks, but not the only 
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Fig 29—Combinations of 4-element Yagis over flat 
ground. The elevation-angle statistics into Japan from 
New England (Boston) are represented by the black 
vertical bars, while the grey vertical bars represent the 
elevation-angle statistics to Europe. The 90/60/30-foot 
stack has the best elevation footprint into Japan, 
although the 70/40-foot stack performs well also. 


one, as we’ll see. 

To Japan, the necessary range of elevation angles is 
considerably smaller than that needed to a larger geo- 
graphic target area like Europe. The 90/60/30-foot stack 
is still best on the basis of having higher gain at low angles, 
although the two-Yagi stack at 70 and 40 feet is a good 
choice too. Note that the single 90-foot high Yagi’s per- 
formance is very close to the 70/40-foot stack of two Yagis 
at low angles, but the two-Yagi stack is superior to the 
single 90-foot antenna for angles higher than about 5° on 
10 meters. 


A 15-Meter Example 


The situation is similar on 15 meters from New 
England to Europe. On 15 meters, the range of angles 
needed to fully cover Europe is 1° to 28°. This large range 
of angles makes covering all the angles even more chal- 
lenging. Ken Wolff, KIEA, a devoted contest operator 
and the author of the famous CT contest logging program, 
put it very clearly when he wrote in the bulletin for the 
Yankee Clipper Contest Club: 

“Suppose you have 15-meter Yagis at 120 feet and 
60 feet, but can feed only one at a time. A 15-meter beam 
at 120 feet has its first maximum at roughly 5° and the 
first minimum at 10°. The Yagi at 60 feet has a maxi- 
mum at 10° and a minimum at 2°. At daybreak, the band 
is just opening, signals are arriving at 3° or less and the 
high Yagi outperforms the low one by 5-10 dB. Late in 
the morning, western Europeans are arriving at angles of 
10° or more, while UA6 is still arriving at 4-5°. Western 
Europe can be 20-30 dB louder on the low antenna than 
the high! What to do? Stack em!” 
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Fig 30—Comparison of elevation patterns for K1EA’s 
illustration about 15-meter Yagis mounted over flat 
ground, with elevation-angle statistics to Europe 
added. The stack at 120 and 60 feet yields a better 
footprint over the range of 3° to 11° at its half-power 
points, better than either antenna by itself. 


Fig 30 illustrates K1EA’s scenario, showing the ele- 
vation statistics to Europe from Massachusetts and the 
elevation responses for a 120- and a 60-foot high, 4-ele- 
ment Yagi, both over flat ground, together with the 
response for both antennas operated as vertical stack. The 
half-power beamwidth of the stack’s main lobe is 6.9°, 
while that for the 120-foot antenna by itself is 5.5° and 
that for the 60-foot antenna by itself is 11.1°. The half- 
power beamwidth numbers by themselves can be deceiv- 
ing, mainly because the stack starts out with a higher gain. 
A more meaningful observation is that the stack has equal 
to or more gain than either of the two individual antennas 
from 1° to about 10°. 

Is such a stack of 15-meter Yagis at 120 and 60 feet 
optimal for the New England to Europe path? No, it isn’t, 
as we'll explore later, but the stack is clearly better than 
either antenna by itself for the scenario KIEA outlined 
above. 


A 20-Meter Example 


Take a look now at Fig 31, which overlays eleva- 
tion-angle statistics for Europe (gray vertical bars) and 
Japan (black vertical bars) from Boston on 20 meters, 
plus the elevation responses for four different sets of an- 
tennas mounted over flat ground. Just for emphasis, the 
highest antenna is a 200-foot high 4-Element Yagi. It is 
clearly too high for complete coverage of all the needed 
angles into Europe. A number of New England operators 
have verified that this is trtue—a really high Yagi will open 
the 20-meter band to Europe in the morning and may shut 
it down in the afternoon, but during the middle of the day 
the high antenna gets soundly beaten by lower antennas. 

To Japan, however, from New England the range 
of angles needed narrows considerably on 20 meters, 
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Fig 31—Comparison of elevation patterns for individual 
20-meter Yagis over flat ground, compared with the 
range of elevation angles needed on this band from 
New England to Europe (gray bars) and to Japan (black 
bars). For fun, the response of a 200-foot high Yagi is 
included—this antenna is far too high to cover the 
needed range of angles to Europe because of its deep 
nulls at critical angles, like 10°. But the 200 footer is 
great into Japan! 


from 1° to only 11°. For these angles, the 200-foot Yagi 
is the best antenna to work Japan from New England on 
20 meters. 

This is true provided that the antenna is aiming out 
over flat ground. The actual, generally irregular, terrain 
in various directions can profoundly modify the takeoff 
angles favored by an antenna system, particularly on steep 
hills. There will be more discussion on this important topic 
later on. 


SPARE ME THE NULLS! 


Now, let’s look closely at some other 20-meter 
antennas in Fig 28, the ones at 120 and 60 feet. At an 
elevation angle of 8° the difference in elevation response 
between the 60- and 120-foot high Yagis is just over 
3 dB. Can you really notice a change of 3 dB on the air? 
Signals on the HF bands often rise and fall quickly due to 
fading, so differences of 2 or 3 dB are difficult to discern. 
Consequently, the difference between a Yagi at 120 feet 
and one at 60 feet may be difficult to detect at elevation 
angles covered well by both antennas. But a deep null in 
the elevation response is very noticeable. 

Back in 1990, when editor Dean Straw, N6OBV, put 
up his 120-foot tower in Windham, New Hampshire, his 
first operational antenna was a 5-element triband Yagi, with 
3 elements on 40 and 4 elements on both 20 and 
15 meters. Just as the sun was going down on a late Au- 
gust day Straw finished connecting the feed line in the 
shack. The antenna seemed to be playing like it should, 
with a good SWR curve and a good pattern when it was 
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rotated. So N6BV/1 called a nearby friend, John Dorr, 
KIAR, on the telephone and asked him to get on the air to 
make some signal comparisons on 20 meters into Europe. 

Straw was shocked that every European they worked 
that evening said his signal was several S units weaker 
than K1AR’s. Dorr was using a 4-element 20-meter 
monobander at 90 feet, which at first glance should have 
been comparable to Straw’s 4-element antenna at 120 feet. 
But N6BV really shouldn’t have been so shocked—in 
New England, the elevation angles from Europe late in 
the day on 20 meters are almost always higher than 11°, 
and that is true for the entire solar cycle. 

The N6BV/1 station was located on a small hill, 
while K1AR was located on flat terrain towards Europe. 
The elevation response for N6BV/1’s 120-foot high Yagi 
fell right into a deep null at 11°. This was later confirmed 
many times in the following eight years that the N6BV/1 
station was operational. During the early morning open- 
ing on 20 meters into Europe, the top antenna was 
always very close to or equal to the stack of three TH7DX 
tribanders at 90/60/30 feet on the same tower. But in the 
afternoon the top antenna was always decidedly worse 
than the stack, so much so that Straw often wondered 
whether something had gone wrong with the top antenna! 

So what’s the moral to this short tale? It’s simple: 
The gain you can achieve, while useful, is not so impor- 
tant as the deep nulls you can avoid by using a stack. 


STACKING DISTANCES BETWEEN 
YAGIS 


So far, we’ve examined stacks as a means of achiev- 
ing more gain over an individual Yagi, while also match- 
ing the antenna system’s response to the range of elevation 
angles needed for particular propagation paths. Most 
importantly, we seek to avoid nulls in the elevation 
response. Earlier we asked whether a 120/60-foot stack 
was optimal for the path from New England to Europe 
on 15 meters. Let’s examine how the stacking distance 
between individual antennas affects the performance of 
a stack. 

Fig 32 shows overlays of various combinations of 
15-meter Yagis. Just for reference, a plot for a single 
60-foot high Yagi is also included. Let’s start by looking 
at the most widely spaced stack in the group: the 120/30- 
foot stack. Here, the spacing is obviously too large, since 
the second lobe is actually stronger than the first lobe. In 
terms of wavelength, the 90-foot spacing between anten- 
nas in this stack is 1.94 i, a large spacing indeed. 

There is a great deal of folklore and superstition 
among amateurs about stacking distances for HF arrays. 
For years, high-performance stacked Yagi arrays have been 
used for weak-signal DXing on the VHF and UHF bands. 
The most extreme example of weak-signal work is EME 
work (Earth-Moon-Earth, also called moonbounce) 
because of the huge path losses incurred on the way to 
and from the Moon. The most successful arrays used for 
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Fig 32—Various stacks towards Europe from New 
England for 15-meters. The stack at 120 and 30 feet is 
clearly suboptimal, since the second lobe is higher 
than the first lobe. The 120/60-foot stack is better in 
this regard, but is still not as good a performer as the 
90/60/30-foot stack. It’s debatable whether going to 
four Yagis in the 120/90/60/30-foot stack is a good idea 
because it drops below the performance of the 
90/60/30-foot stack at about 10° in elevation. The exact 
distance between practical HF Yagis is not critical to 
obtain the benefits of stacking. For a stack of 
tribanders at 90, 60 and 30 feet, the distance in 
wavelengths between individual antennas is 0.87 A at 
28.5 MHz, 0.65 A at 21.2 MHz, and 0.43 A at 14.2 MHz. 


moonbounce have low sidelobe levels and very narrow 
frontal lobes that give huge amounts of gain. The low 
sidelobes help minimize received noise, since the receive 
levels for signals that do manage to bounce off the Moon 
and return to Earth are exceedingly weak. 

But HF work is different from moonbounce in that 
rigorously trying to minimize high-angle lobes is far less 
crucial at HF, where we’ve already shown that the main 
goal is to achieve gain over a wide elevation-plane foot- 
print without any disastrous nulls in the pattern. The gain 
gradually increases as spacing in terms of wavelength is 
increased between individual Yagis in a stack, and then 
decreases slowly once the spacing is greater than about 
1.0 X. The difference in gain between spacings of 0.5 A 
to 1.0 A for a stack of typical HF Yagis amounts to only a 
fraction of a decibel. Stacking distances on the order of 
0.6 A to 0.75 A give best gain commensurate with good 
patterns. 

While the stack at 120/60 feet in Fig 32 doesn’t have 
the second-lobe-stronger problem the 120/30-foot stack 
has, 60 feet between antennas is 1.29 A, again outside the 
normal range of HF stack spacings. As a consequence, 
the 120/60-foot stack doesn’t cover the range of eleva- 
tion angles as well as it could, and is inferior to both the 
90/60/30-foot stack and the 120/90/60/30-foot stack. The 


120/60-foot two-Yagi stack needs at least one more 
antenna placed in-between to spread out the elevation- 
range coverage and to provide more gain. 

It could be debated, but the 90/60/30-foot stack 
seems optimal for coverage of all the angles into Europe 
from New England on 15 meters. Note that the 30-foot 
spacing between Yagis is 0.65 A on 21.2 MHz, right in 
the middle of the range of typical stack spacings. 


Switching Out Yagis in the Stack 


Still, the extra gain that is available at low elevation 
angles from a 120/90/60/30-foot high, four-Yagi stack 
in Fig 32 is alluring. For those statistically possible, but 
less likely, occasions when the elevation angle is higher 
than about 12°, it would be advantageous to switch out 
the top 120-foot Yagi and operate with only the lower 
three Yagis in a stack. (This also allows the top antenna 
to be rotated in another direction, an aspect we’ll explore 
later.) There are even times when the incoming angles 
are really high and when the top two antennas might be 
switched out to create a 60/30-foot stack. Later in this 
chapter we’ll explore flexible circuitry for such stack 
switching. 


Stacking Distance and Lobes at HF 


Let’s look a little more closely at how a stack 
achieves gain and a wide elevation footprint. Fig 33 shows 
a rectangular X-Y graph of the elevation response from 
0° to 180° for two 3-element 15-meter Yagis (with 12- 
foot booms) spaced 30 feet apart (0.65 A at 21.2 MHz), 
but mounted at two different heights: 95/65 and 85/55 
feet. The rectangular plot gives more resolution than is 
possible on a polar plot. Note that the heights shown rep- 
resent typical stacking heights on 15 meters—there’s 
nothing magic about these choices. The free-space 
H-Plane pattern for the 30-foot spaced stack is also shown 
for reference. 

The worst-case overhead elevation lobe, which 
ranges from about 60° to 120° in elevation (+30° from 
straight overhead at 90°), is about 14.7 dB down for the 
95/65-foot stack. The overhead lobe peaks broadly at an 
elevation angle of about 82°. The overhead lobe for the 
lower 85/55-foot stack occurs at an elevation of about 
64°, where it is 19 dB down. 

The F/B for both 3-element sets of heights is about 
15 dB, well down from the excellent 32 dB F/B for each 
Yagi by itself. The degradation of F/B is mainly due to 
mutual coupling to its neighbor in the stack. 

The ground-reflection pattern in effect “modulates” 
the free-space pattern of the individual Yagi, but in a com- 
plex and not always intuitive manner. This is quite evi- 
dent for the 85/55-foot stack at near-overhead angles. In 
this region things become complicated indeed, because 
the fourth and fifth lobes due to ground reflections are 
interacting with the free-space pattern of the stack. 

Because the spacing remains constant at 30 feet for 
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Fig 33—Rectangular plot comparing two 15-meter 
stacks of 3-element Yagis—each antenna is spaced 30 
feet from its partner, but at different heights. The lobes 
are a complicated function of the antenna height, not 
the spacing, since that remains constant. 


these pairs of antennas, however, the main determinant 
for the upper-elevation angle lobes is the distance of the 
horizontally polarized antennas above the ground, not the 
spacing between them. 


Changing the Stack Spacing 


Fig 34 demonstrates just how complicated things 
get for four different spacing scenarios. Here, the lower 
Yagi in the stack is moved down in 5-foot increments 
from the 95/70 feet level, to 95/65, 95/60 and 95/55 feet. 
The closest spacing, 25 feet in the 95/70-foot stack, yields 
nominally the “cleanest” pattern in the overhead region 
from 60° to 120°. The worst-case overhead lobe for the 
95/70-foot stack is down 28 dB from peak. The F/B is 
again about 15 dB. 

The worst case overhead lobe for the widest spac- 
ing, 40 feet in the 95/55-foot stack, is about 11 dB down 
from peak. The F/B has increased marginally, but is still 
only about 16 dB. It is difficult to pinpoint directly 
whether the spacing or the height above ground is the 
major determinant for the various lobe amplitudes for 
the 3-element stack. We’ll soon look closely at whether 
the overhead lobe is important or not for HF work. 


Longer Boom Length and Stack Spacing 


Fig 35 shows the same type overlay of elevation 
plots, but this time for two 7-element 15-meter Yagis on 
gigantic 64-foot booms. These Yagis are also spaced 
30 feet apart (0.65 A at 21.2 MHz), mounted at the same 
four sets of heights in Fig 34. As you’d expect, the free- 
space elevation pattern for a stacked pair of 7-element 
Yagis on 64-foot booms is narrower than that for a stacked 
pair of 3-element Yagis on 12-foot booms. The intrinsic 
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Fig 34—Four spacing scenarios for two 3-element 15- 
meter Yagis. Things get very complicated. The optimal 
spacing in terms of stacking gain is 30 feet, which is 
0.65 4. The near-overhead lobes turn out to be ugly 
looking, but unimportant for skywave propagation. 
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Fig 35—Four spacing scenarios for two large 7-element 
15-meter Yagis (on 64-foot booms). Again, a 0.65 A 
spacing (30 feet) provides the most stacking gain. 


F/B of the longer Yagi is also better than the F/B of the 
shorter antenna. As a result, all lobes beyond the main 
lobe of the stacked 7-element pair are lower for both sets 
of heights than their 3-element counterparts. The worst- 
case overhead lobe for the 7-element 95/65-foot pair is 
about 22 dB down at 76° and the F/B at 172° is greater 
than 21 dB for all four sets of heights. 

Table 11 summarizes the main performance charac- 
teristics for four sets of stacked Yagis. The first entry for 
each boom length is for the Yagi by itself at a height of 
95 feet. Stacked configurations are next listed in order of 
gain. The column labeled “Worst lobe, dB re Peak” is the 


Table 11 
Example, Spacing Between 15—Meter Yagis 


Antenna Peak Gain Worst Lobe 
dBi dB re Peak 
3-Ele., 12' boom 
By itself 95' 13.2 -0.9 
95'/65' (A 30') 16.08 4.5 
95'/60' (A 35’) 16.01 6.2 
95'/70' (A 25') 15.81 -3.2 
95'/55' (A 40') 15.71 -8.7 
95'/75' (A 20') 15.34 -2.3 
4-Ele., 18' boom 
By itself 95' 13.92 -1 
95'/65' (A 30') 16.63 4.5 
95'/60' (A 35’) 16.6 -6.2 
95'/55' (A 40') 16.36 -8.7 
95'/70' (A 25') 16.36 -3.3 
95'/75' (A 20') 15.92 -2.5 
5-Ele., 23' boom 
By itself 95' 14.26 -1.1 
95'/65' (A 30') 16.86 —4.6 
95'/60' (A 35') 16.86 -6.3 
95'/55' (A 40') 16.67 -8.8 
95'/70' (A 25') 16.59 -3.4 
95'/75' (A 20') 16.18 -2.6 
7-Ele., 64' boom 
By itself 95' 17.93 -2.2 
95'/65' (A 30') 19.39 -6.9 
95'/60' (A 35') 19.38 -8.6 
95'/55' (A 40') 19.29 -10.9 
95'/70' (A 25') 19.26 -5.5 
95'/75' (A 20') 19.08 -4.6 


amplitude of the second lobe due to ground reflections, 
and the elevation angle of that second lobe is listed as 
well. 

Besides the 3- and 7-element designs discussed above, 
we’ve also added 4- and 5-element designs in Table 11. 
Over the range of stacking distances between 20 and 
40 feet on 15 meters (0.43 A to 0.86 A), the peak gain for 
the 3-element stacks changes less than 0.75 dB, with the 
30-foot spacing exhibiting the highest gain. The differences 
between peak gains versus stacking distance become 
smaller as the boom length increases. For example, for 
the 64-foot boom Yagi, the gain varies 19.39 — 19.08 = 
0.31 dB for stack spacings from 20 to 40 feet. 

In other words, changing the spacing from 20 to 
40 feet (0.43 A to 0.86 A) doesn’t change the gain signifi- 
cantly for boom lengths from 12 to 64 feet (0.26 A to 
1.38 4). From the point of view of gain, the vertical spac- 
ing between individual antennas in an HF stack is not 
critical. 

The worst-case lobes (generally speaking, the sec- 
ond lobe due to ground reflections) are highest for a Yagi 
operated by itself. After all, a single Yagi doesn’t benefit 


Worst Lobe F/B Overhead Lobe 
Angle,° dB dB re Peak 
21 28.8 -17.5 
25 14.9 -14.7 
24 15.1 -10.9 
24 14.8 —28 
24 16.4 -11 
23 16.3 -17.2 
21 28.3 -20.4 
23 18.5 -17.3 
24 18.2 -13.1 
24 19.8 -13.2 
24 20.4 -31.8 
23 25.9 -19 
21 27.9 -22.3 
24 20.8 -19 
24 20.7 -14.4 
24 23.5 -14.4 
24 24.9 -34.4 
23 34.3 —20.2 
21 28.9 -17.1 
24.3 21.4 —21.9 
24 21.4 -16.9 
24 25.0 -18.6 
23 24 -35.3 
23 27 —23.4 


from the redistribution of energy from higher-angle lobes 
into the main lobe that a stack gives. Thus, the 3-ele- 
ment, 12-foot boom Yagi by itself at 95 feet would have 
a second lobe at 21° that is only 0.9 dB down from the 
main lobe, while the stack of two such antennas at a 
30-foot (0.65 1) spacing at 95/65 feet would have a sec- 
ond lobe down 4.5 dB. As the spacing between antennas 
in a vertical stack increases, the second lobe is suppressed 
more, up to 8.7 dB at a 40-foot (0.86 A) spacing. 

Since the free-space elevation pattern for a 3-ele- 
ment Yagi is wider than that for a 7-element Yagi, the 
second lobe due to ground reflection will be somewhat 
reduced. This is true for all longer-boom antennas oper- 
ating by themselves over ground. Used in stacks, the sec- 
ond lobe’s amplitude will vary depending on spacing 
between antennas, but they range only about 6 dB. 

The front-to-back ratio will also tend to increase 
with longer boom lengths on a properly designed Yagi. 
Table 11 shows that the F/B is somewhat better for closer 
spacings between antennas in a stack, a rather non-intui- 
tive result, considering that the mutual coupling should 
be greater for closer antennas. For example, the 5-ele- 
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ment Yagi stack with a 20-foot spacing has a exceptional 
F/B of 34.3 dB, compared to a F/B of 21.4 dB with the 
30-foot spacing distance that gives nominally the most 
gain. High values of F/B, however, rarely hold over a 
wide frequency range because of the very critical phas- 
ing relationships necessary to get a deep null, so the dif- 
ference between 34.3 and 21.4 dB would rarely be 
noticeable in practice. 

The near-overhead lobe structure (between 60° to 
120° in elevation) tends also to be lower for smaller stack 
spacings—for all boom lengths—peaking in this example 
at a spacing of 25 feet for the boom lengths considered 
here. Since the peak gain actually occurs with smaller 
spacing between Yagis in this 7-element stack, even rela- 
tively large and messy looking overhead lobes are not 
subtracting from the stacking gain. In the next section 
we’ll now examine whether this overhead lobe is impor- 
tant or not. 


Are Higher-Angle Lobes Important? 


We’ ve already shown that the exact spacing between 
HF Yagis is not critical for stacking gain. Further, the 
heights (and hence spacing) of the individual Yagis in a 
stack interact in a complicated fashion to determine 
higher-angle lobes. 

Let’s examine the relevance of such higher-angle 
lobes for stacked HF Yagis, this time in terms of inter- 
ference reduction on receive. As Chapter 23, Radio Wave 
Propagation, points out, few DX signals arrive at ele- 
vation angles greater than about 30°. In fact, DX signals 
only propagate at elevation angles in the range from 1° 
to 30° on all the bands where operators might reason- 
ably expect to stack Yagis—nominally from 7 to 
29.7 MHz. 

You should remember that the definition of the criti- 
cal frequency for HF propagation is the highest frequency 
for which a wave launched directly overhead at 90° ele- 
vation is reflected back down to Earth, rather than being 
lost into outer space. The maximum critical frequency 
for extremely high levels of solar flux is about 15 MHz. 
In other words, high overhead angles do not propagate 
signals on the upper HF bands. 

However, some domestic signals do arrive at rela- 
tively high elevation angles. Let’s look at some scenarios 
where higher angles might be encountered and how the 
elevation patterns of typical HF stacks affect these sig- 
nals. Let’s examine a situation where a medium-range 
interfering station is on the same heading as a more dis- 
tant target station. 

We'll examine a typical scenario involving stations 
in Atlanta, Boston and Paris. The heading from Atlanta 
to Paris is 49°, the same heading as Atlanta to Boston. In 
other words, the Atlanta station would have to transmit 
over (and listen through) a Boston station for communi- 
cation with Paris. The distance between Atlanta and Bos- 
ton is about 940 miles, while the distance from Atlanta 
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to Paris is about 4350 miles. Ground wave signals obvi- 
ously cannot travel either of these distances at 21 MHz 
(ground wave coverage is less than about 10 miles at this 
frequency), and so the propagation between Atlanta to 
Boston and Atlanta to Paris will be entirely by means of 
the ionosphere. 

Let’s evaluate the situation on 15 meters in the 
month of October. We’ll assume a smoothed sunspot 
number (SSN) of 100 and that each station puts 1500 W 
of power into theoretical isotropic antennas that have 
+10 dBi of gain at all elevation and azimuth angles. [We 
use such theoretical isotropic antennas because they make 
it easier to work in VOACAP. We will factor in real-world 
stacks later.] VOACAP predicts that the signal from Bos- 
ton will be S9 + 8 dB in Atlanta at 1400 UTC, arriving at 
an elevation angle of 21.3° on a single F, hop. This 
elevation angle is higher than commonly encountered 
angles for DX signals, but it is still far away from near- 
overhead angles. 

The signal from Paris into Atlanta is predicted to be 
about S6 for the same theoretical isotropic antennas, at an 
incoming elevation angle of 6.4° on three F, hops. The S6 
level validates the rule-of-thumb that each extra hop loses 
approximately 10 dB of signal strength, assuming that each 
S unit is about 4 dB, typical for modern receivers. 

Now look at Fig 36, which shows the response for a 
stack of 3-element Yagis at 90/60/30 feet over flat ground, 
along with the response for a similar stack of 7-element 
Yagis. Again, we’ll assume that all three stations are 
using such 3-element 90/60/30-foot stacks. The stations 
in Atlanta and Boston point their stacks into Europe and 
the Parisian station points his stack towards the USA. 
The gain of the Atlanta array at 6.4° into Paris will be 
about 16 dBi, or 6 dB more than the isotropic array with 
its +10 dBi of gain selected for use in VOACAP. Simi- 
larly, the French station’s transmitted signal will enjoy a 
6 dB gain advantage over the isotropic array used in the 
VOACAP calculation, and thus the French signal into 
Atlanta will now be S6 + 12 dB, or about S9. 

By comparison, the interfering signal from Boston 
into Atlanta will be reduced by the rearward pattern of 
his array, which will launch a signal at 180° — 21.3° = 
158.7° in elevation at the single F, mode from Boston to 
Atlanta. From Fig 33, the Boston station’s gain at this 
rearward elevation is going to drop from the isotropic’s 
+10 dBi of gain down to —11 dBi, a drop of 21 dB. The 
signal into the Atlanta receiver will also be reduced by 
the pattern of the Atlanta array on receive, which has a 
gain of about 0 dBi at 21.3°, compared to the isotropic’s 
+10 dBi gain at 6.4°, a net drop of 10 dB. 

Thus, the Boston station’s signal will drop by about 
21 + 10 = 31 dB, bringing the interfering signal from 
Boston, which would be S9 + 8 dB for isotropic anten- 
nas, down to about S3 due to the combined effects of the 
arrays. This is a very significant reduction in interfer- 
ence. But you will note that the reduction has nothing to 
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Fig 36—Stacks of three 3-element and 7-element Yagis 
on 15 meters at 90/60/30 feet heights. The F/B for the 
7-element stack is superior to the 3-element stack 
mainly because the F/B is intrinsically better for the 
long-boom design. 


do with the near-overhead lobes, dealing as it does with 
the trailing edge of the main lobe and the F/B lobe. 


Even Higher Elevation Angles 


Now let’s evaluate a station that is even closer to 
Boston, say a station in Philadelphia. The heading from 
Philadelphia to Paris is 53° and the distance is 3220 miles. 
On the same day in October as above, VOACAP predicts 
a signal strength of S8 from Paris to Philadelphia, at a 
2.7° elevation angle on two F, hops. Again, the VOACAP 
computations assume isotropic antennas with +10 dBi 
gain at all three stations. The gain of the 3-element stacks 
at both ends of the circuit at 2.7° is also about +10 dBi, 
so the signal level from Paris to Philadelphia would be 
S8 with the 3-element stacks. 

Now VOACAP computes the elevation angle from 
Philadelphia to Boston as 56.3°, on one F, hop launched 
at an azimuth of 53°, well within the azimuthal beamwidth 
of the stack. VOACAP says the predicted signal strength 
for isotropic antennas with +10 dBi of gain is less than 
S1! 

What’s happening here? Boston and Philadelphia are 
within the “skip” region on 21 MHz and signals are skip- 
ping right over Boston from Philadelphia (and vice versa). 
Actual signals would be much weaker than they would be 
with theoretical isotropic antennas because of the actual 
patterns of the transmitting and receiving stacks. At an el- 
evation angle of 56.3° the receiving stack would have a 
gain of —10 dBi, while at an elevation of 180° — 56.3° = 
123.7° the transmitting stack would be down to —10 dBi as 
well. The net reduction for the stacks compared to 
isotropics with +10 dBi gain each would be 40 dB, putting 
the interfering signal well into the receiver noise. 


You can safely say that near-overhead angles don’t 
enter into the picture, simply because signals at interme- 
diate distances are in the ionospheric skip zone and 
interfering signals are very weak in that zone already. 

Even in situations where having a poor front-to-back 
ratio might be beneficial—because it alerts stations tun- 
ing across your signal that you are occupying that fre- 
quency—the ionosphere doesn’t cooperate for 
intermediate-distance signals that are in the skip zone. 
Often two stations may be on the same frequency with- 
out either knowing that the other is there. 


Ground Wave? 


What happens, you might wonder, for ground-wave 
signals? Let’s look at a situation where the interfering sta- 
tion is in the same direction as the desired target, but is only 
5 miles away. Unfortunately, his signal is S9 + 50 dB. Even 
reducing the level by 30 dB, a huge number, is still going to 
make his signal 20 dB stronger than signals from your 
desired target location! There is not much you can do about 
ground-wave signals and fretting about optimizing stack 
heights to discriminate against local signals is generally 
futile. 


Stacking Distances for Multiband Yagis 


By definition, a stack of multiband Yagis (such as a 
“tribander” covering 20/15/10 meters) has a constant ver- 
tical spacing between antennas in terms of feet or meters, 
but not in terms of wavelength. Tribanders are no differ- 
ent than monobanders in terms of optimal spacing 
between individual antennas. Again, the difference in gain 
between spacings of 0.5 1 and 1.0 A for a stack of triband 
Yagis amounts to only a fraction of a decibel. Further- 
more, the main practical constraint that limits choice of 
stacking distances between any kind of Yagis, multiband 
or monoband, is the spacing between guy wire sets on 
the tower itself. 


Summary, Stacking Distances 


In short, let us summarize that there is nothing magi- 
cal about stacking distances for practical HF Yagis—a 
good rule-of-thumb is a stacking distance of 0.65 1. This 
is 23 feet on 10 meters, 30 feet on 15 meters and 45 feet 
on 20 meters for monoband stacks. Practically speaking, 
however, you’ve only got limited places where you can 
mount antennas on the tower—mainly where guy wires 
allow you to place them. This is especially applicable if 
you wish to rotate lower antennas on the tower, where 
you must clear the guys from up above. 


STACKS AND FADING 


The following is derived from an article by Fred 
Hopengarten, KI VR, and Dean Straw, N6BV, in a Feb 
1994 QST article. Using stacked Hy-Gain TH7DXs or 
TH6DXXs at their respective stations, they have solic- 
ited a number of reports from stations, mainly in Europe, 
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to compare various combinations of antennas in stacks 
and as single antennas. The peak gain of the stack is usu- 
ally just a little bit higher than that for the best of the 
single antennas, which is not surprising. Even a large 
stack has no more than about 6 dB of gain over a single 
Yagi at a height favoring the prevailing elevation angle. 
Fading on the European path can easily be 20 dB or more, 
so it is very confusing to try to make definitive compari- 
sons. They have noticed over many tests that the stacks 
are much less susceptible to fading compared to single 
Yagis. Even within the confines of a typical SSB band- 
width, frequency-selective fading occasionally causes the 
tonal quality of a voice to change on both receive and 
transmit, often dramatically becoming fuller on the stacks, 
and tinnier on the single antennas. This doesn’t happen 
all the time, but is often seen. They have also observed 
often that the depth of a fade is less, and the period 
of fading is longer, on the stacks compared to single 
antennas. 

Exactly why stacks exhibit less fading is a fascinat- 
ing subject, for which there exist a number of specula- 
tive ideas, but little hard evidence. Some maintain that 
stacks outperform single antennas because they can afford 
space diversity effects, where by virtue of the difference 
in physical placement one antenna will randomly pick 
up signals that another one in another physical location 
might not hear. 

This is difficult to argue with, and equally difficult 
to prove scientifically. A more plausible explanation about 
why stacked Yagis exhibit superior fading performance 
is that their narrower frontal elevation lobes can discrimi- 
nate against undesired propagation modes. Even when 
band conditions favor, for example, a very low 3° eleva- 
tion angle on 10 or 15 meters from New England to West- 
ern Europe, there are signals, albeit weaker ones, that 
arrive at higher elevation angles. These higher-angle sig- 
nals have traveled longer distances on their journey 
through the ionosphere, and thus their signal levels and 
their phase angles are different from the signals travers- 
ing the primary propagation mode. When combined with 
the dominant mode, the net effect is that there is both 
destructive and constructive fading. If the elevation 
response of a stacked antenna can discriminate against 
signals arriving at higher elevation angles, then in theory 
the fading will be reduced. Suffice it to say: In practice, 
stacks do reduce fading. 


STACKS AND PRECIPITATION STATIC 


The top antenna in a stack is often much more 
affected by rain or snow precipitation static than is the 
lower antenna. NOBV and K1VR have observed this phe- 
nomenon, where signals on the lower antenna by itself 
are perfectly readable, while S9+ rain static is rendering 
reception impossible on the higher antenna or on the stack. 
This means that the ability to select individual antennas 
in a stack can sometimes be extremely important. 


11-38 Chapter 11 


STACKS AND AZIMUTHAL DIVERSITY 


Azimuthal diversity is a term coined to describe the 
situation where one of the antennas in a stack is purposely 
pointed in a direction different from the main direction 
of the stack. During most of the time in a DX contest 
from the East Coast, the lower antennas in a stack are 
pointed into Europe, while the top antenna is often 
rotated toward the Caribbean or Japan. In a stack of three 
identical Yagis, the first-order effect of pointing one 
antenna in a different direction is that one-third of the 
transmitter power is diverted from the main target area. 
This means that the peak gain is reduced by 1.8 dB, nota 
very large amount considering that signals are often 10 
to 20 dB over S9 anyway when the band is open from 
New England to Europe. 

Fig 37 shows the 3D pattern of a pair of 4-element 
Yagis fed in-phase at 95 and 65 feet, but where the lower 
antenna has been rotated 180° to fire in the —X direction. 
The backwards lobe peaks at a higher elevation angle 
because the antenna doing the radiating in this direction 
is lower on the tower. The forward lobe peaks at a lower 
angle because its main radiator is higher. 


THE N6BV/1 ANTENNA SYSTEM— 
BRUTE FORCE FEEDING 


The N6BV/1 system in Windham, New Hampshire, 
was located on the crest of a small hill about 40 miles 
from Boston, and could be characterized as a good, but 
not dominant, contesting station. A number of top-10 
contest results were achieved from that station in the 
1990s before N6BV returned to California. 

There was a single 120-foot high Rohn 45 tower, 
guyed at 30-foot intervals, with a 100-foot horizontal 
spread from tower base to each guy point so there was 
sufficient room for rotation of individual Yagis on the 
tower. Each set of guy wires employed heavy-duty insu- 
lators at 57-foot intervals, to avoid resonances in the 80 
through 10-meter amateur bands. There were five Yagis 
on the tower. A heavy-duty 12-foot long steel mast with 
0.25-inch walls was at the top of the tower, turned by an 
Orion 2800 rotator. Two thrust bearings were used above 
the rotator, one at the top plate of the tower itself, and 
the other about 2 feet down in the tower on a modified 
rotator shelf plate. The two thrust bearings allowed the 
rotator to be removed for service. 

At the top of the mast, 130 feet high, was a 5-ele- 
ment, computer-optimized 10-meter Yagi, which was 
a modified Create design on a 24-foot boom. The ele- 
ment tuning was modified from the stock antenna in 
order to achieve higher gain and a better pattern over the 
band. At the top of the tower (120-foot level) was 
mounted a Create 714X-3 triband Yagi. This was a large 
tribander, with a 32-foot boom and five elements. Three 
elements were active on 40 meters, four were active on 
20 meters and four were active on 15 meters. The 40- 
meter elements were loaded with coils, traps and 





Fig 37—3D representation of the pattern for two 4- 
element 15-meter Yagis, with the top antenna at 95 
and the bottom at 65 feet, but pointed in the opposite 
direction. 


capacitance hats, and were approximately 46 feet long. 
A triband 20/15/10-meter Hy-Gain TH7DX tribander was 
fixed into Europe at the 90-foot level on the tower, just 
above the third set of guys. 

At the 60-foot level on the tower, just above the sec- 
ond set of guys, there was a “swinging-gate” side-mount 
bracket, made by DX Engineering of Oregon. A Hy-Gain 
Tailtwister rotator turned a TH7DX on this side mount. 


(Note that both the side mount and the element spacings 
of the TH7DX itself prevented full rotation around the 
tower—about 280° of rotation was achieved with this sys- 
tem.) At the 30-foot level, just above the first set of guys, 
was located the third TH7DX, also fixed on Europe. 

All five Yagis were fed with equal lengths of Belden 
9913 low-loss coaxial cable, each measured with a noise 
bridge to ensure equal electrical characteristics. At each 
feed point a ferrite-bead choke balun (using seven large 
beads) was placed on the coax. All five coaxial cables 
went to a relay switch box mounted at the 85-foot level 
on the tower. Fig 38 shows the schematic for the switch 
box, which was fed with 250 feet of 75-Q, 0.75-inch OD 
Hardline coaxial cable. 

The stock DX Engineering remote switch box was 
modified by adding relay K6, so that either the 130-foot 
or the 120-foot rotating antenna could be selected through 
a second length of 0.75-inch Hardline going to the shack. 
This created a Multiplier antenna, independent of the Main 
antennas. A second band could be monitored in this fash- 
ion while calling CQ using the main antennas on another 
band. Band-pass filters were required at the multiplier re- 
ceiver to prevent overload from the main transmitter. 

The 0.75-inch Hardline had very low losses, even 
when presented with a significant amount of SWR at the 
switch-box end. This was important, because unlike 
K1VR’s system, no attempt was made at N6BV to main- 
tain a constant SWR when relays K1 through K5 were 
switched in or out. This seemingly cavalier attitude came 
about because of several factors. First, there were many 
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Fig 38—N6BV/1 switch box system. This uses a modified DX Engineering remote switch box, with relay K6 added 
to allow selection of either of the two top antennas (5-element 10-meter Yagi or 40/20/15-meter triband 714X-3) as a 
“multiplier” antenna. There is no special provision for SWR equalization when any or all of the Yagis are connected 
in parallel as a stack fed by the Main coaxial cable. Each of the five Yagis is fed with equal lengths of flexible 
Belden 9913 coax, so phasing can be maintained on any band. The Main and “Multiplier” coaxes going to the 


shack are 0.75" OD 75-Q Hardline cables. 
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different combinations of antennas that could be used 
together in this system. Each relay coil was independently 
controlled by a toggle switch in the shack. N6BV was 
unable to devise a matching system that did not become 
incredibly complex because of the numerous impedance 
combinations used over all the five bands. 

Second, the worst-case additional transmission line 
loss due to a 4:1 SWR mismatch when four antennas were 
connected in parallel on 10 meters was only 0.5 dB. It 
was true that the linear amplifier had to be retuned slightly 
when combinations of antennas were switched in and out, 
but this was a small penalty to pay for the reduced com- 
plexity of the switching and matching networks. The 
90/60/30-foot stack into Europe was used for about 95% 
of the time during DX contests, so the small amount of 
amplifier retuning for other antenna combinations was 
considered only a minor irritation. 


WHY TRIBANDERS? 


Without a doubt, the most common question KI1VR 
and N6BV have been asked is: “Why did you pick 
tribanders for your stacks?” Triband antennas were cho- 
sen with full recognition that they are compromise 
antennas. Other enterprising amateurs have built stacked 
tribander arrays. Bob Mitchell, NSRM, is a prominent 
example, with his so-called TH28DX array of four 
TH7DxX tribanders on a 145-foot-high rotating tower. 
Mitchell employed a rather complex system of relay-se- 
lected tuned networks to choose either the upper stacked 
pair, the lower stacked pair or all four antennas in stack. 
Others in Texas have also had good results with their 
tribander stacks. Contester Danny Eskenazi, K7SS, has 
very successfully used a pair of stacked KT-34XA 
tribanders for years. 

A major reason why tribanders were used is that over 
the years both authors have had good results using 
TH6DXX or TH7DX antennas. They are ruggedly built, 
mechanically and electrically. They are able to withstand 
New England winters without a whimper, and their 
24-foot long booms are long enough to produce signifi- 
cant gain, despite trap-loss compromises. Amateurs 
speculating about trap losses in tribanders freely bandy 
about numbers between 0.5 and 2 dB. Both N6BV and 
K1VR are comfortable with the lower figure, as are the 
Hy-Gain engineers. 

Consider this: If 1500 W of transmitter power is going 
into an antenna, a loss of 0.5 dB amounts to 163 W. This 
would create a significant amount of heat in the six traps 
that are on average in use on a TH6DXX, amounting to 
27 W per trap. If the loss were as high as | dB, this would 
be 300 W total, or 50 W per trap. Common sense says that 
if the overall loss were greater than about 0.5 dB, the traps 
would act more like big firecrackers than resonant cir- 
cuits! A long-boom tribander like the TH6DXX or TH7DX 
also has enough space to employ elements dedicated to 
different bands, so the compromises in element spacing 
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usually found on short-boom 3 or 4-element tribanders 
can be avoided. 

Another factor in the conscious choice of tribanders 
was first-hand frustration with the serious interaction that 
can result from stacking monoband antennas closely 
together on one mast in a Christmas Tree configuration. 
N6BV’s worst experience was with the ambitious 10 
through 40-meter Christmas Tree at W6OWQ in the early 
1980s. This installation used a Tri-Ex SkyNeedle tubu- 
lar crankup tower with a rotating 10-foot-long heavy- 
wall mast. The antenna suffering the greatest degradation 
was the 5-element 15-meter Yagi, sandwiched 5 feet 
below the 5-element 10-meter Yagi at the top of the mast, 
and 5 feet above the full-sized 3-element 40-meter Yagi, 
which also had five 20-meter elements interlaced on its 
50-foot boom. 

The front-to-back ratio on 15 meters was at best about 
12 dB, down from the 25+ dB measured with the bottom 
40/20-meter Yagi removed. No amount of fiddling with 
element spacing, element tuning or even orientation of the 
15-meter boom with respect to the other booms (at 90° or 
180°, for example) improved its performance. Further, the 
20-meter elements had to be lengthened by almost a foot 
on each end of each element in order to compensate for 
the effect of the interlaced 40-meter elements. It was a 
lucky thing that the tower was a motorized crankup, 
because it went up and down hundreds of times as various 
experiments were attempted! 

Interaction due to close proximity to other antennas 
in a short Christmas Tree can definitely destroy carefully 
optimized patterns of individual Yagis. Nowadays, such 
interaction can be modeled using a computer program such 
as EZNEC or NEC. A gain reduction of as much as 2 to 
3 dB can easily result due to close vertical spacing of 
monobanders, compared to the gain of a single monoband 
antenna mounted in the clear. Curiously enough, at times 
such a reduction in gain can be found even when the front- 
to-back ratio is not drastically degraded, or when the front- 
to-back occasionally is actually improved. 

If you plan on stacking monoband Yagis—for 
example, putting only 15-meters Yagis on a single tower, 
with your other monoband stacks on other towers—do 
make sure you model the system to see if any interac- 
tions occur. You may be quite surprised. 

Finally, in the N6BV/1 installation, triband anten- 
nas were chosen because the system was meant to be as 
simple as possible, given a certain desired level of per- 
formance, of course. Triband antennas make for less 
mechanical complexity than do an equivalent number of 
monobanders. There were five Yagis on the N6BV/1 
tower, yielding gain from 40 to 10 meters, as opposed to 
using 12 or 13 monobanders on the tower. 


THE K1VR ARRAY: A MORE ELEGANT 
APPROACH TO MATCHING 


The K1 VR stacked array is on a 100-foot high Rohn 


25 tower, with sets of guy wires at 30, 60 and 90 feet, 
made of nonconducting Phillystran. Phillystran is a non- 
metallic Kevlar rope covered by black polyethylene to 
protect against the harmful effects of the sun’s ultravio- 
let rays. A caution about Phillystran: Don’t allow tree 
branches to rub against it. It is designed to work in ten- 
sion, but unlike steel guy wire, it does not tolerate abra- 
sion well. 

Both antennas are Hy-Gain TH6DXX tribanders, 
with the top one at 97 feet and the bottom one at 61 feet. 
The lower antenna is rotated by a Telex Ham-M rotator 
on a homemade swinging-gate side mount, which allows 
it to be rotated 300° around the tower without hitting any 
guy wires or having an element swing into the tower. At 
the 90-foot point on the tower, a 2-element 40-meter 
Cushcraft Yagi has been mounted on a RingRotor so it 
can be rotated 360° around the tower. 

After several fruitless attempts trying to match the 
TH6DXX antennas so that either could be used by itself 
or together in a stack, K1VR settled on using a relay- 
selected broadband toroidal matching transformer. When 
both triband antennas are fed together in parallel as a 
stack, it transforms the resulting 25-Q impedance to 
50 Q. The transformer is wound on a T-200A powdered- 
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Fig 39—Diagram for matching transformer for K1VR 
stacked tribander system. The core is powdered iron- 
core T-200A, with four turns of two RG-59A or 
“Siamese” coax cables. Center conductors are 
connected in parallel and shields are connected in 
series to yield 0.667:1 turns ratio, close to desired 
25-Q to 50-Q transformation. 


iron core, available from Amidon, Palomar Engineering 
or Ocean State Electronics. Two lengths of twin RG-59 
coax (sometimes called Siamese or WangNet), four turns 
each, are wound on the core. Two separate RG-59 cables 
could be used, but the Siamese-twin cable makes the 
assembly look much more tidy. The shields of the RG-59 
cables are connected in series, and the center conductors 
are connected in parallel. See Fig 39 for details. 

Fig 40 shows the schematic of the K1 VR switch box, 
which is located in the shack. Equal electrical lengths of 
50-Q Hardline are brought from the antennas into the 
shack and then to the switch box. Inside the box, the relay 
contacts were soldered directly to the SO-239 chassis 
connectors to keep the wire lengths down to the absolute 
minimum. K1VR used a metal box that was larger than 
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Fig 40—Relay switch box for K1VR stacked tribander 
system. Equal lengths of 50-Q Hardline (with equal 
lengths of flexible 50-Q cable at each antenna to allow 
rotation) go to the switch box in the shack. The SWR on 
all three bands for Upper, Lower or Both switch 
positions is very close to constant. 
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might appear necessary because he wanted to mount the 
toroidal transformer with plenty of clearance between it 
and the box walls. The toroid is held in place with a piece 
of insulation foam board. Before placing the switch box 
in service, the system was tested using two 50-Q dummy 
loads, with equal lengths of cable connected in parallel 
to yield 25 Q. The maximum SWR measured was 1.25:1 
at 14 MHz, 1.3:1 at 21 MHz and 1.15:1 at 28 MHz, and 
the core remained cold with 80 W of continuous output 
power. 

One key to the system performance is that KIVR 
made the electrical lengths of the two hardlines the same 
(within | inch) by using a borrowed TDR (time domain 
reflectometer). Almost as good as Hardline, K1 VR points 
out, would be to cut exactly the same length of cable from 
the same 500-foot roll of RG-213. This eliminates manu- 
facturing tolerances between different rolls of cable. 

KI1VR’s experience over the last 10 years has been 
that at the beginning of the 10 or 15-meter morning open- 
ing to Europe the upper antenna is better. Once the band is 
wide open, both antennas are fed in phase to cast a bigger 
shadow, or footprint, on Europe. By mid-morning, the 
lower antenna is better for most Europeans, although he 
continues to use the stack in case someone is hearing him 
over a really long distance path throughout Europe. He 
reports that it is always very pleasant to be called by a 4S7 
or HS@ or VU2 when he is working Europeans at a fast 
clip! 


SOME SUGGESTIONS FOR STACKING 
TRIBANDERS 


It is unlikely that many amateurs will try to dupli- 
cate exactly K1VR’s or N6BV’s contest setups. However, 
many hams already have a tribander on top of a moder- 
ately tall tower, typically at a height of about 70 feet. It is 
not terribly difficult to add another, identical tribander at 
about the 40-foot level on such a tower. The second 
tribander can be pointed in a fixed direction of particular 
interest (such as Europe or Japan), or it can be rotated 
around the tower on a side mount or a Ring Rotor. If guy 
wires get in the way of rotation, the antenna can usually 
be arranged so that it is fixed in a single direction. 

Insulate the guy wires at intervals to ensure that they 
don’t shroud the lower antenna electrically. A simple feed 
system consists of equal-length runs of surplus 0.5-inch 
75-Q. Hardline (or more expensive 50-Q Hardline, if you 
are really obsessed by SWR) from the shack up the tower 
to each antenna. Each tribander is connected to its 
respective Hardline feeder by means of an equal length 
of flexible coaxial cable, with a ferrite choke balun, so 
that the antenna can be rotated. 

Down in the shack, the two hardlines can simply be 
switched in and out of parallel to select the upper antenna 
only, the lower antenna only, or the two antennas as a 
stack. See Fig 41. Any impedance differences can be 
handled as stated previously, simply by retuning the lin- 
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Fig 41—Simple feed system for 70/40-foot stack of 
tribanders. Each tribander is fed with equal lengths of 
0.5-inch 75-Q Hardline cables (with equal lengths of 
flexible coax at the antenna to allow rotation), and can 
be selected singly or in parallel at the operator’s 
position in the shack. Again, no special provision is 
made in this system to equal SWR for any of the 
combinations. 


ear amplifier, or by means of the internal antenna tuner 
(included in most modern transceivers) when the trans- 
ceiver is run barefoot. The extra performance experienced 
in such a system will be far greater than the extra decibel 
or two that modeling calculates. 


THE WX2B APPROACH TO STACK 
MATCHING AND FEEDING 


Earlier we mentioned how useful it would be to 
switch various antennas in or out of a stack, depending 
on the elevation angles that need to be emphasized at 
that moment. Jay Terleski, WX@B, of Array Solutions 
has designed switchable matching systems, called 
StackMatches, for stacks of monoband or multiband 
Yagis. 

The StackMatch uses a 50-Q to 22.25-Q broadband 
transmission-line transformer to match combinations of 
up to three Yagis in a stack. See Fig 42 for a schematic 
of the StackMatch. For selection of any 50-Q Yagi by 
itself, no matching transformer is needed and Relay IN 
routes RF directly to the common bus going to Relay 1, 
2 and 3. For selection of two Yagis together the parallel 
impedance is 50/2 = 25 Q and Relay IN routes RF to the 
matching transformer. The SWR is 25/22.25 = 1.1:1. For 
three Yagis used together, the parallel impedance is 50/3 
= 16.67 Q, and the SWR is 22.25/16.67 = 1.3:1. 

The broadband transformer consists of four trifilar 
turns of #12 enamel-insulated wire wound on a Ferrite 
Corporation FT-240 2.4-inch OD core made of #61 
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Fig 42—Schematic of WX@B’s StackMatch 2000 switchbox, which uses a broadband transmission line transformer 
using trifilar #12 enamel-insulated wires. (Courtesy Array Solutions.) 


material (u = 125). WX@B uses 10-A relays enclosed in 
plastic cases to do the RF switching, selected by a con- 
trol box at the operating position. (10-A relays can theo- 
retically handle 10 A? x 50 Q = 5000 W.) Fig 43 shows a 
photo of the transmission-line transformer and 
StackMaster PCB. 

The control/indicator box uses a diode matrix to 
switch various combinations of antennas in/out of the 
stack. Three LEDs lined up vertically on the front panel 
indicate which antennas in a stack are selected. 


“BIP/BOP” OPERATION 


The contraction “BIP” means “both in-phase,” while 
“BOP” means “both out-of-phase.” BIP/BOP refer to 
stacks containing two Yagis, although the term is com- 
monly used for stacks containing more than two Yagis. In 
theory, feeding a stack with the antennas out-of-phase will 
shift the elevation response higher than in-phase feeding. 

Fig 44 shows a rectangular plot comparing BIP/BOP 
operation of two 3-element 15-meter Yagis at heights of 
2X and 1 A (93 and 46 feet) over flat ground. The BOP 
pattern is the higher-angle lobe and the two lobes cross 
over about 14°. The maximum amplitude of the BOP 
stack’s gain is about % dB less than the BIP pair. For 
reference, the pattern of a single 46-foot high Yagi is 
overlaid on the pattern for the stacks. 

The most common method for feeding one Yagi 180° 
out-of-phase is to include an extra electrical half wave- 





Fig 43—Inside view of StackMatch. (Photo courtesy 
Array Solutions.) 


length of feed-line coax going to one of the antennas. 
This method obviously works on a single frequency band 
and thus is not applicable to stacks of multiband Yagis, 
such as tribanders. For such multiband stacks, feeding 
only the lower antenna(s)—by switching out higher 
antenna(s) in the stack—is a practical method for achiev- 
ing better coverage at medium or high elevation angles. 
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Fig 44—HFTA screen shot of “BIP/BOP” operation of 
two 4-element 15-meter Yagis at 93 and 46 feet above 
flat ground. The elevation response in BOP (both out- 
of-phase) operation is shifted higher, peaking at about 
21°, compared to the BIP (both in-phase) operation 
where the peak is at 8°. The dashed line is response of 
single Yagi at 46 feet. 


STACKING DISIMILAR YAGIS 


So far we have been discussing vertical stacks of 
identical Yagis. Less commonly, hams have successfully 
stacked dissimilar Yagis. For example, consider a case 
where two 5-element 10-meter Yagis are placed 46 and 
25 feet above flat ground, with a 7-element 10-meter Yagi 
at 68 feet on the same tower. See Fig 45, which is a sche- 
matic of the layout for this stack. Note that the driven 
element for the top 7-element Yagi is well behind the 
vertical plane of the driven elements for the two 5-ele- 
ment Yagis. This offset distance must be compensated 
for with a phase shift in the drive system for the top Yagi. 

Fig 46 shows the elevation-pattern responses for 
uncompensated (equal-length feed lines) and the com- 
pensated (additional 150° of phase shift to top Yagi) 
stacks. These patterns were computed using EZNEC 
ARRL, which is included with this book. Not only is about 
1.7 dB of maximum gain lost, but the peak elevation angle 
is shifted upwards by 11° from the optimal takeoff angle 
of 8°—where some 10 dB of gain is also lost. Without 
compensation, this is a severe distortion of the stack’s 
elevation pattern. 

For RG-213 coax, the extra length needed to pro- 
vide an additional 150° of phase shift = 150°/360° A = 
0.417 A = 9.53 feet at 28.4 MHz. This was computed 
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Fig 45—Stacking dissimilar Yagis. In this case a 7- 
element 10-meter Yagi is stacked over two 5-element 
Yagis. Note the displacement of the 7-element Yagi’s 
driven element compared to the position of the two 5- 
element Yagis. This leads to an undesired phase shift 
for the higher antenna. 
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Fig 46—Comparison of elevation responses for 7/5/5- 
element 10-meter stacks, with and without 
compensation for driven-element offset. 


using the program TLW (Transmission Line for Windows) 
included on the CD-ROM accompanying this book. 

It is not always possible to compensate for dissimi- 
lar Yagis in a stack with a simple length of extra coax, so 
you should be sure to model such combinations to make 
sure that they work properly. A safe alternative, of course, 
is to stack only identical Yagis, feeding all of them with 
equal lengths of coax to ensure in-phase operation. 


Real-World Terrain and Stacks 


So far, the stacking examples shown have been for 
flat ground. Things can become a lot more complicated 
when you deal with real-world irregular terrains! See 
Chapter 3, The Effects of Ground, for a description of 
the HFTA (High Frequency Terrain Assessment) program 
that is included with this book. 

Fig 47 shows the HFTA-computed 20-meter eleva- 
tion responses towards Europe (at an azimuth of 45°) for 
three antennas at the N6BV/1 location in Windham, New 
Hampshire. Overlaid as a bar graph are the elevation- 
angle statistics for the path to all of Europe from New 
England (Massachusetts). The stack at 90/60/30 feet 
clearly covers all the angles needed best at 14 MHz. The 
N6BV 120-foot Yagi has a severe null in the region from 
about 7° to about 20°, with the deepest part of that null 
occurring at about 13° and is roughly comparable to the 
90/60/30-foot stack between 2° to 7°. 

In practice, the 120-foot Yagi was indeed compa- 
rable to the stack during morning openings to Europe on 
20 meters, when the elevation angles are typically about 
5°. In the New England afternoon, when the elevation 
angles typically rise to about 11°, the 120-foot Yagi was 
always distinctly inferior to the stack. 

For reference, the response of a single 120-foot high 
Yagi over flat ground is also shown. Note that the NOBV 
120-foot high Yagi has about 3 dB more gain at a 5° takeoff 
angle than does its flatland counterpart. This additional gain 
is due to the focusing effects of the local terrain, which had 
about a 3° downwards slope towards Europe. 
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Fig 47—HFTA screen shot showing how complicated 
things become when real-world irregular terrain is 
analyzed. This is the 20-meter elevation pattern for 
the N6BV/1 station location in Windham, NH, for the 
90/60/30-foot stack of triband TH7DX Yagis and a 4- 
element Yagi at 120 feet on the same tower. For 
comparison, the response of a 120-foot Yagi over flat 
ground is also included. 


Fig 48 shows the HFTA-computed 15-meter eleva- 
tion responses towards Europe for the 90/60/30-foot stack 
at 90/60/30 feet at NOBV/1, compared to the same 120- 
foot high Yagi and a 90/60/30-foot stack, but this time 
over flat ground. Again, the N6OBV/1 terrain towards 
Europe has a significant effect on the gain of the stack 
compared to that of an identical stack over flat ground. 
In fact, the peak gain of 20.1 dBi at a 4° elevation angle 
is close to moon-bounce levels. 


OPTIMIZING OVER LOCAL TERRAIN 


There are only a small number of possibilities to 
optimize an installation over local terrain: 


e Change the antenna height(s) above ground. 
e Stack two (or more) Yagis. 

e Change the spacing between stacked Yagis. 

e Move the tower back from a cliff (or a hill). 
e BIP/BOP (Both In Phase/Both Out of Phase). 


The HFTA program on the CD-ROM accompanying 
this book can be used, together with Digital Elevation 
Model (DEM) topographic data available on the Internet, 
to evaluate all these options. 


SO NEAR, YET SO FAR 


It is sometimes very surprising to compare eleva- 
tion responses for different towers located at various 
points on the same property, particularly when that prop- 





Fel £3) 


Freq, = 21.2 MHz 


NOBV45.PRO 


NEBV-45.PRO 





Fig 48—HFTA screen shot showing the 15-meter 
elevation pattern for the N6BV/1 station location in 
Windham, NH, for the 90/60/30-foot stack of triband 
TH7DX Yagis and a 4-element Yagi at 120 feet on the 
same tower. For comparison, the response of a 120- 
foot Yagi over flat ground is also included. 
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Fig 49—HFTA screen shot showing the 20-meter 
elevation pattern for K1KI’s North and South towers, 
with 100-foot high 4-element Yagis pointing into Europe 
at an azimuth of 45°. The responses are surprisingly 
different for two towers separated by only 600 feet. 


erty is located in the mountains. Fig 49 shows the computed 
elevation responses for three 100-foot high 14-MHz Yagis 
over three terrains towards Europe: from the North tower at 
KIKI’s location in West Suffield, Connecticut, from the 
South tower at KIKI, and over flat ground. The elevation 
response from the South tower follows that over flat ground 
well, while the response from the North tower is quite a bit 
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Fig 50—K1Kl’s terrain profiles for the North and South 
towers at an azimuth of 45° into Europe. 


stronger at low elevation angles—about 1.5 dB on average, 
as the Figure of Merit shows from HFTA. 

Fig 50 shows the reason why this happens—the 
terrain from the North tower slopes down quickly towards 
Europe, while the terrain from the South tower goes out 
almost 900 feet before starting to fall off. These two tow- 
ers are about 600 feet apart. 


Moxon Rectangle Beams 


LB Cebik, W4RNL, has written extensively about the 
Moxon rectangle, an antenna invented by Les Moxon, 
GO6XN, derived from a design by VK2ABQ. The Moxon 
rectangle beam takes less space horizontally than a con- 
ventional 2-element Yagi design, yet it offers nearly the 
same amount of gain and a superior front-to-back ratio. 
And as an additional benefit, the drive-point impedance is 
close to 50 Q, so that it doesn’t need a matching section. 

For example, rather than a “wingspan” of 17 feet 
for the reflector in a conventional 2-element 10-meter 
Yagi, the Moxon rectangle is 13 feet wide, a saving of 
almost 25%. The Moxon rectangle W4RNL created for 
The ARRL Antenna Compendium, Vol 6, had an SWR less 


than 2:1 from 28.0 to 29.7 MHz, with a gain over ground 
of 11 dBi. It had a F/B of 15 dB at 28.0 MHz, more than 
20 dB at 28.4 MHz, and 12 dB at 29.7 MHz. 

The Moxon rectangle relies on controlling the spacing 
(hence controlling the coupling) between the ends of the 
driven element tips and the ends of the reflector tips, which 
are both bent toward each other. See Fig 51, which shows 
the general outline for W4RNL’s 10-meter aluminum Moxon 
rectangle. The tips of the elements are kept a fixed distance 
from each other by PVC spacers. The closed rectangular 
mechanical assembly gives some rigidity to the design, keep- 
ing it stable in the wind. W4RNL described other Moxon 
rectangle designs using wire elements in June 2000 QST. 
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Fig 51—General outline of the 
10-meter aluminum Moxon 
rectangle, showing tubing 
dimensions. 
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Quad Arrays 


Chapter 11, HF Yagi Arrays, discussed Yagi arrays 
as systems of approximately half-wave dipole elements 
that are coupled together mutually. You can also employ 
other kinds of elements using the same basic principles 
of analysis. For example, loops of various types may be 
combined into directive arrays. A popular type of para- 
sitic array using loops is the quad antenna, in which loops 
having a perimeter of about one wavelength are used in 
much the same way as half-wave dipole elements in the 
Yagi antenna. 

Clarence Moore, W9LZX, created the quad antenna 
in the early 1940s while he was at the Missionary Radio 
Station HCJB in Quito, Ecuador. He developed the quad 
to combat the effects of corona discharge at high alti- 
tudes. The problem at HCJB was that their large Yagi 
was literally destroying itself by melting its own element 
tips. This occurred due to the huge balls of corona it gen- 
erated in the thin atmosphere of the high Andes moun- 
tains. Moore reasoned correctly that closed loop elements 
would generate less high voltage—and hence less 
corona—than would the high impedances at the ends of 
a half-wave dipole element. 

Fig 1 shows the original version of the two-element 
quad, with a driven element and a parasitic reflector. The 
square loops may be mounted either with the corners lying 
on horizontal and vertical lines, as shown at the left, or 
with two sides horizontal and two vertical (right). The 
feed points shown for these two cases will result in hori- 
zontal polarization, which is commonly used. 

Since its inception, there has been controversy 
whether the quad is a better performer than a Yagi. Chap- 
ter 11 showed that the three main electrical performance 
parameters of a Yagi are gain, response patterns (front- 
to-rear ratio, F/R) and drive impedance/SWR. Proper 
analysis of a quad also involves checking all these 
parameters across the entire frequency range over which 
you intend to use it. Both a quad and a Yagi are classified 
as “parasitic, end-fire arrays.” Modern antenna model- 
ing by computer shows that monoband Yagis and quads 
with the same boom lengths and optimized for the same 
performance parameters have gains within about | dB of 
each other, with the quad slightly ahead of the Yagi. 

Fig 2 plots the three parameters of gain, front-to- 
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Fig 1—The basic two-element quad antenna, with 
driven-element loop and reflector loop. The driven 
loops are electrically one wavelength in circumference 
(‘/4 wavelength on a side); the reflectors are slightly 
longer. Both configurations shown give horizontal 
polarization. For vertical polarization, the driven 
element should be fed at one of the side corners in the 
arrangement at the left, or at the center of a vertical 
side in the “square” quad at the right. 
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Fig 2—Comparison of gain, F/R and SWR over the 14.0 
to 14.35-MHz range for an optimized three-element 
quad and an optimized three-element Yagi, both on 
26-foot booms. The quad exhibits almost 0.5 dB more 
gain for the same boom length, but doesn’t have as 
good a rearward pattern over the whole frequency 
range compared to the Yagi. This is evidenced by the 
F/R curve. The quad’s SWR curve is also not quite as 
flat as the Yagi. The quad’s design emphasizes gain 
more than the other two parameters. 


Quad Arrays 12-1 


The 


nS heron collider 


tzerland/France 





rear ratio (F/R) and SWR over the 14.0 to 14.35-MHz 
band for two representative antennas—a monoband three- 
element quad and a monoband four-element Yagi. Both 
of these have 26-foot booms and both are optimized for 
the best compromise of gain, F/R and SWR across the 
whole band. 

While the quad in Fig 2 consistently exhibits about 
0.5 dB more gain over the whole band, its F/R pattern 
toward the rear isn’t quite as good as the Yagi’s over that 
span of frequencies. This quad attains a maximum F/R 
of 25 dB at 14.1 MHz, but it falls to 17 dB at the bottom 
end of the band and 15 dB at the top. On the other hand, 
the Yagi’s F/R stays consistently above 21 dB across the 
whole 20-meter band. The quad’s SWR rises to just 
under 3:1 at the top end of the band, but stays below 2:1 
from 14.0 to almost 14.3 MHz. The Yagi’s SWR remains 
lower than 1.5:1 over the whole band. 

The reason the Yagi in Fig 2 has more consistent 
responses for gain, F/R and SWR across the whole 20- 
meter band is that it has an additional parasitic element, 
giving two additional variables to play with—that is, the 
length of that additional element and the spacing of that 
element from the others on the boom. 

Yagi advocates point out that it is easier to add extra 
elements to a Yagi, given the mechanical complexities of add- 
ing another element to a quad. Extra parasitic elements give 
a designer more flexibility to tailor all performance param- 
eters over a wide frequency range. Quad designers have his- 
torically opted to optimize strictly for gain and, as stated 
before, they can achieve as much as | dB more gain than a 
Yagi with the same length boom. But in so doing, a quad 
designer typically has to settle for front-to-rear patterns that 
are peaked over more narrow frequency ranges. The 20-meter 
quad plots in Fig 2 actually represent an even-handed ap- 
proach, where the gain is compromised slightly to obtain a 
more consistent pattern and SWR across the whole band. 

Fig 3 plots gain, F/R and SWR for two 10-meter 
monoband designs: a five-element quad and a five-ele- 
ment Yagi, both placed on 26-foot booms. The quad now 
has the same degrees of freedom as the Yagi, and as a 
consequence the pattern and SWR are more consistent 
across the range from 28.0 to 28.8 MHz. The quad’s F/R 
remains above about 18.5 dB from 28.0 to 28.8 MHz. 
Meanwhile, the Yagi maintains an F/R of greater than 
22 dB over the same range, but has almost 0.8 dB less 
gain compared to the quad at the low end of the band, 
eventually catching up at the high end of the band. The 
SWR for the quad is just over 2:1 at the bottom of the 
band, but remains less than 2:1 up to 28.8 MHz. The SWR 
on the Yagi remains less than 1.6:1 over the whole band. 

Fig 4 shows the performance parameters for two 15- 
meter monoband designs: a five-element quad and a five- 
element Yagi, both on 26-foot booms. The quad is still the 
leader in gain, but has a less optimal rearward pattern and a 
somewhat less flat SWR curve than the Yagi. One thing 
should be noted in Figs 2 through 4. The F/R pattern on the 
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Fig 3—Comparison of gain, F/R and SWR over the 28.0 
to 28.8-MHz range for an optimized five-element quad 
and an optimized five-element Yagi, both on 26-foot 
booms. The gain advantage of the quad is about 0.25 dB 
at the low end of the band. The F/R is more peaked in 
frequency for the quad, however, than the Yagi. 
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Fig 4—Comparison of gain, F/R and SWR over the 21.0 
to 21.45-MHz range for an optimized 5-element quad 
and optimized 5-element Yagi, both on 26-foot booms. 
The quad enjoys a gain advantage of about 0.5 dB over 
most of the band. Its rearward pattern is not as good 
as the Yagi, which remains higher than 24 dB across 
the whole range, compared to the quad, which remains 
in the 16-dB average range. 


Yagi is largely determined by the response at the 180° point, 
directly in back of the frontal lobe. This point is usually 
referred to when discussing the “front-to-back ratio.” 

The quad on the other hand has what a sailor might 
term “quartering lobes” (referring to the direction back 
towards the “quarterdeck” at the stern of a sailing vessel) 
in the rearward pattern. These quartering lobes are often 
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Fig 5—Comparing the pattern of the 15-meter quad and 
Yagi shown in Fig 4. The quad has a slightly narrower 
frontal beamwidth (it has 0.5 dB more gain than the Yagi), 
but has higher “rear quartering” sidelobes at about 125° 
(with a twin sidelobe, not shown, at 235°). These 
sidelobes limit the worst-case front-to-rear (F/R) to about 
17 dB, while the F/B (at 180°, directly at the back 

of the quad) is more than 24 dB for each antenna. 


worse than the response at 180°, directly in back of the 
main beam. Fig 5 overlays the free-space E-Field 
responses of the 15-meter quad and Yagi together. 
At 21.2 MHz, the quad actually has a front-to-back ratio 
(F/B) of about 24 dB, excellent in anyone’s book. The 
Yagi at 180° has a F/B of about 25 dB, again excellent. 
However, at an azimuth angle of about 125° (and at 
235° azimuth on the other side of the main lobe) the 
quad’s “quartering lobe” is down only some 17 dB, set- 
ting the worst-case F/R at 17 dB also. As explained in 
Chapter 11, the reason F/R is more important than just 
the F/B is that on receive signals can come from any 
direction, not just from directly behind the main beam. 
Table 1 lists the dimensions for the three computer- 
optimized monoband quads shown in Figs 2, 3 and 4. 


Is a Quad Better at Low Heights than a Yagi? 


Another belief held by some quads enthusiasts is that 
they need not be mounted very high off the ground to give 
excellent DX performance. Quads are somehow supposed 
to be greatly superior to a Yagi at the same height above 
ground. Unfortunately, this is mainly wishful thinking. 

Fig 6 compares the same two 10-meter antennas as 
in Fig 3, but this time with each one mounted on a 50- 
foot tower over flat ground, rather than in theoretical free 
space. The quad does indeed have slightly more gain than 
a Yagi with the same boom length, as it has in free space. 
This is evidenced by the very slight compression of the 
quad’s main lobe, but is more obvious when you look at 
the third lobe, which peaks at about 53° elevation. In 
effect, the quad squeezes some energy out of its second 





Table 1 


Dimensions for Optimized Monoband Quads in 
Figs 2, 3 and 4, on 26-Foot Booms 


14.2 MHz 21.2 MHz 28.4 MHz 

Reflector 73’ 9" 49’ 6' 37’ 3" 
R-DE Spacing 17’ 8" 7’ 6’ 4" 
Driven Element 71’ 8" 47’ 6" 35’ 9" 
DE-D1 Spacing 8’ 3" 5’ 5’ 6" 
Director 1 68’ 7" 46’ 8" 34’ 8" 
D1-D2 Spacing — 6’ 8" 6’ 9" 
Director 2 — 46’ 10' 35’ 2" 
D2-D3 Spacing — 7’ 4" 7’ 5" 
Director 3 — 45’ 8" 34’ 2" 
Feed method Direct 50Q Direct 50 Q Direct 50 Q 
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Fig 6—A comparison on 10 meters between an optimized 
five-element quad and an optimized five-element Yagi, 
both mounted 50 feet high over flat ground and both 
employing 26-foot booms. There is no appreciable 
difference in the peak elevation angle for either antenna. 
In other words, a quad does not have an appreciable 
elevation-angle advantage over a Yagi mounted at the 
same boom height. Note that the quad achieves its 
slightly higher gain by taking energy from higher-angle 
lobes and concentrating that energy in the main 
elevation lobe. This is a process that is similar to what 
happens with stacked Yagis. 


and third lobes and adds that to the first lobe. However, 
the difference in gain compared to the Yagi is only 
0.8 dB for this particular quad design at a 9° elevation 
angle. And while it’s true that every dB counts, you can 
also be certain that on the air you wouldn’t be able to tell 
the difference between the two antennas. After all, a 10- 
to 20-dB variation in the level of signals is pretty com- 
mon because of fading at HF. 


Multiband Quads 
On the other hand, one of the valid reasons quads have 


remained popular over the years is that antenna homebrewers 
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can build multiband quads far more easily than they can 
construct multiband Yagis. In effect, all you have to do 
with a quad is add more wire to the existing support arms. 
It’s not quite as simple as that, of course, but the idea of 
ready expandability for other bands is very appealing to 
experimenters. 

Like the Yagi, the quad does suffer from interactions 
between wires of different frequencies, but the degree of 
interaction between bands is usually less for a quad. The 
higher-frequency bands are the ones that often suffer most 
from any interaction, for both Yagis and quads. For 
example, the 10- and 15-meter bands are usually the ones 
affected most by nearby 20-meter wires in a triband quad, 
while the 20-meter elements are not affected by the 10- 
or 15-meter elements. 

Modern computer modeling software can help you 
counteract at least some of the interaction by allowing 
you to do virtual “retuning” of the quad on the computer 
screen — rather than clinging precariously to your tower 
fiddling with wires. However, the programs (such as NEC- 
2 or EZNEC) that can model three-dimensional wire 
antennas such as quads typically run far more slowly than 
those designed for monoband Yagis (such as YW included 
with this book). This makes optimizing rather tedious, 
but you use the same considerations for tradeoffs between 
gain, pattern (F/R) and SWR over the operating band- 
width as you do with monoband Yagis. 


CONSTRUCTING A QUAD 


The parasitic element shown in Fig | is tuned in much 
the same way as the parasitic element in a Yagi antenna. 
That is, the parasitic loop is tuned to a lower frequency 
than the driven element when the parasitic is to act as a 
reflector, and to a higher frequency when it is to act as a 
director. Fig 1 shows the parasitic element with an adjust- 
able tuning stub, a convenient method of tuning since the 
resonant frequency can be changed simply by changing 
the position of the shorting bar on the stub. In practice, it 
has been found that the length around the loop should be 
approximately 3.5% greater than the self-resonant length 
if the element is a reflector, and about 3.0% shorter than 
the self-resonant length if the parasitic element is a direc- 
tor. Approximate formulas for the loop lengths in feet are: 











1008 
Driven Element = 
MHz 
1045 
Reflector = 
MHz 
977 
Director = 
MHz 


These are valid for quad antennas intended for op- 
eration below 30 MHz and using uninsulated #14 stranded 
copper wire. At VHF, where the ratio of loop circumfer- 
ence to conductor diameter is usually relatively small, the 
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circumference must be increased in comparison to the 
wavelength. For example, a one-wavelength loop con- 
structed of '/4-inch tubing for 144 MHz should have a 
circumference about 2% greater than in the above equa- 
tion for the driven element. 

Element spacings on the order of 0.14 to 0.2 free- 
space wavelengths are generally used. You would 
employ the smaller spacings for antennas with more than 
two elements, where the structural support for elements 
with larger spacings tends to become challenging. The 
feed-point impedances of antennas having element spac- 
ings on this order have been found to be in the 40- to 
60-Q range, so the driven element can be fed directly 
with coaxial cable with only a small mismatch. 

For spacings on the order of 0.25 wavelength (physi- 
cally feasible for two elements, or for several elements at 
28 MHz) the impedance more closely approximates the 
impedance of a driven loop alone—that is, 80 to 100 Q. 
The feed methods described in Chapter 26 can be used, 
just as in the case of the Yagi. 


Making It Sturdy 


The physical sturdiness of a quad is directly propor- 
tional to the quality of the material used and the care with 
which it is constructed. The size and type of wire selected 
for use with a quad antenna is important because it will 
determine the capability of the spreaders to withstand high 
winds and ice. One of the more common problems con- 
fronting the quad owner is that of broken wires. A solid 
conductor is more apt to break than stranded wire under 
constant flexing conditions. For this reason, stranded cop- 
per wire is recommended. For 14-, 21- or 28-MHz 
operation, #14 or #12 stranded wire is a good choice. 
Soldering of the stranded wire at points where flexing is 
likely to occur should be avoided. 

You may connect the wires to the spreader arms in 
many ways. The simplest method is to drill holes through 
the fiberglass at the appropriate points on the arms and 
route the wires through the holes. Soldering a wire loop 
across the spreader, as shown later, is recommended. 
However, you should take care to prevent solder from 
flowing to the corner point where flexing could break it. 

While a boom diameter of 2 inches is sufficient for 
smaller quads using two or even three elements for 14, 
21 and 28 MHz, when the boom length reaches 20 feet or 
longer a 3-inch diameter boom is highly recommended. 
Wind creates two forces on the boom, vertical and hori- 
zontal. The vertical load on the boom can be reduced with 
a guy-wire truss cable. The horizontal forces on the boom 
are more difficult to relieve, so 3-inch diameter tubing is 
desirable. 

Generally speaking, three grades of material can be 
used for quad spreaders. The least expensive material is 
bamboo. Bamboo, however, is also the weakest material 
normally used for quad construction. It has a short life, 
typically only three or four years, and will not withstand 
a harsh climate very well. Also, bamboo is heavy in con- 


trast to fiberglass, which weighs only about a pound per 
13-foot length. Fiberglass is the most popular type of 
spreader material, and will withstand normal winter cli- 
mates. One step beyond the conventional fiberglass arm 
is the pole-vaulting arm. For quads designed to be used 
on 7 MHz, surplus “rejected” pole-vaulting poles are 
highly recommended. Their ability to withstand large 
amounts of bending is very desirable. The cost of these 
poles is high, and they are difficult to obtain. See Chap- 
ter 21 for dealers and manufacturers of spreaders. 


Diamond or Square? 


The question of how to orient the spreader arms has 
been raised many times over the years. Should you mount 
the loops in a diamond or a square configuration? Should 
one set of spreaders be horizontal to the earth as shown 
in Fig 1 (right), or should the wire itself be horizontal to 
the ground (spreaders mounted in the fashion of an X) as 
shown in Fig 1 (left)? From the electrical point of view, 
there is not enough difference in performance to worry 
about. 

From the mechanical point of view there is no ques- 
tion which version is better. The diamond quad, with the 


associated horizontal and vertical spreader arms, is 
capable of holding an ice load much better than a system 
where no vertical support exists to hold the wire loops 
upright. Put another way, the vertical poles of a diamond 
array, if sufficiently strong, will hold the rest of the sys- 
tem erect. When water droplets are accumulating and 
forming into ice, it is very reassuring to see water run- 
ning down the wires to a corner and dripping off, rather 
than just sitting there on the wires and freezing. The wires 
of a loop (or several loops, in the case of a multiband 
antenna) help support the horizontal spreaders under a 
load of ice. A square quad will droop severely under heavy 
ice conditions because there is nothing to hold it up 
straight. 

Of course, in climates where icing is not a problem, 
many amateurs point out that they like the aesthetics of 
the square configuration. There are thousands of square- 
configuration quads in temperate areas around the world. 

Another consideration will enter into your choice 
of orientation for a quad. You must mount a diamond quad 
somewhat higher on the mast or tower than for an equiva- 
lent square array, just to keep the bottom spreader away 
from the tower guys when you rotate the antenna. 


Two Multiband Quads 


This section describes two multiband quad designs. 
The first is a large triband 20/15/10-meter quad built on 
a 26-foot boom made of 3-inch irrigation tubing. This 
antenna has three elements on 20 meters, four elements 
on 15 meters, and five elements on 10 meters. Fig 7 shows 
a photograph of the five-element triband quad. 

The second project is a compact two-element triband 
quad on an 8-foot boom that covers 20, 17, 15, 12 and 
10 meters. We call this a “pentaband” quad since it cov- 
ers five bands. This antenna uses five concentric wire 
loops mounted on each of the two sets of spreaders. Either 
antenna may be constructed in a diamond or square 
configuration. 

While the same basic construction techniques are 
employed for both multiband quads, the scale of the larger 
triband antenna makes it a far more ambitious undertak- 
ing! The large quad requires a strong tower and a rugged 
rotator. It also requires a fair amount of real estate in 
order to raise the quad to the top of the tower without 
entangling trees or other antennas. 


A FIVE-ELEMENT, 26-FOOT BOOM 
TRIBAND QUAD 


Five sets of element spreaders are used to support 
the three elements used on 14 MHz, four elements on 
21 MHz and five elements on 28-MHz. We chose to use four 
elements on 15 meters in this design (rather than the five we 
could have been employed on this length of boom) because 


the difference in optimized performance wasn’t great enough 
to warrant the extra complexity of using five elements. The 
dimensions are listed in Table 2, and are designed for center 
frequencies of 14.175, 21.2 and 28.4 MHz. 

The spacing between elements has been chosen to 
provide good compromises in performance consistent 
with boom length and mechanical construction. You can 
see that the element spacings for 20 meters are quite dif- 
ferent from those for the optimized monoband design. 
This is because the same set of spreaders is used for all 

















Fig 7—Photo of the three-band, five-element quad 
antenna. 
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Fig 8—Layout for the three-band, five-element quad, not drawn to scale. See Table 2 for dimensions. 


three bands on three out of the five elements, and the 
higher-frequency bands dictate the spacing because they 
are more critical. 

Each of the parasitic loops is closed (ends soldered 
together) and requires no tuning. Fig 8 shows the physi- 
cal layout of the triband quad. Fig 9 plots the computed 
free-space gain, front-to-rear ratio and SWR response 
across the 20-meter band. With only a few degrees of free- 
dom in tuning and spacing of the three elements, it is 
impossible to spread the response out to cover the entire 
20-meter band. The compromise design results in a rear- 
ward pattern that varies from a worst-case of just under 
10 dB at the high end of the band, to a peak F/R of just 


Table 2 
Three-Band Five-Element Quad on 26-Foot Boom 


14.15 MHz 21.2 MHz 28.4 MHz 
Reflector 72’ 6" 49’ 4" 36’ 8" 
R-DE Spacing 12’ 12’ 6’ 
Driven Element 71’ 47’ 6" 35’ 4" 
DE-D1 Spacing 14’ ie 6’ 
Director 1 68’ 6" 46’ 8" 34’ 8" 
D1-D2 Spacing = 14’ 7’ 
Director 2 _ 46’ 5" 34’ 8" 
D2-D3 Spacing = —_ 7’ 
Director 3 _ _ 34’ 
Feed method Direct 50 Q Direct 50 Q Direct 50 Q 
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under 19 dB at 14.2 MHz, in the phone portion of the band. 
The F/R is about 11 dB at the low end of the band. 

The SWR remains under 3:1 for the entire 20-meter 
band, rising to 2.8:1 at the high end. The feed system for 
this triband quad consists of three separate 50-Q coax 
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Fig 9—Computed performance of the triband, five- 
element quad over the 20-meter band. The direct 50-Q 
feed system holds the SWR below 2.8: 1 across the 
whole band. This could be improved with a gamma- 
match system tuned to 14.1 MHz if the builder really 
desires a low SWR. The F/R peaks at 14.1 MHz and 
remains above 10 dB across the whole band. 


lines, one per driven element, together with a relay switchbox 
mounted to the boom so that a single coax can be used back 
to the operating position. Each feed line uses a ferrite-bead 
balun to control common-mode currents and preserve the 
radiation pattern and each coax going to the switchbox is 
cut to be an electrical three-quarter wavelength on 15 meters. 
This presents a short at the unused driven elements since 
modeling indicated that the 15-meter band is adversely 
affected by the presence of the 20-meter driven element if it 
is left open-circuited. If you use RG-213 coax, the 7/4-A elec- 
trical length of each feed line is 23 feet long at 21.2 MHz. 
This is sufficient physical length to reach each driven ele- 
ment from the switchbox. 

Fig 10 shows the free-space response for the 15- 
meter band. The rearward response is roughly 15 dB 
across the band. This is a result of the residual interac- 
tion between the 20-meter elements on 15 meters, and no 
further tuning could improve the F/R. Note how flat the 
SWR curve is. This SWR characteristic is what gives the 
quad the reputation of being “wideband.” A flat SWR 
curve, however, is not necessarily a good indicator of 
optimal performance for directional antennas like quads 
or Yagis, particularly multiband designs where compro- 
mises must be made by physical necessity. 

Fig 11 shows the characteristics of the 10-meter por- 
tion of the two-element triband quad. The response 
favors the low-phone band, with the F/R falling to about 
12 dB at the low end of the frequency range and rising to 
just about 23 dB at 28.4 MHz. The SWR curve is once 
again relatively flat across the major portion of the band 
up to 28.8 MHz. 


Construction 


The most obvious problem related to quad antennas 
is the ability to build a structurally sound system. If high 
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Fig 10—Computed performance of the triband, five- 
element quad over the 15-meter band. There is some 
degree of interaction with the 20-meter elements, 
limiting the worst-case F/R to about 15 dB. The gain 
and SWR curves are relatively flat across the band. 


winds or heavy ice are a normal part of the environment, 
special precautions are necessary if the antenna is to sur- 
vive a winter season. Another stumbling block for would- 
be quad builders is the installation of a three-dimensional 
system (assuming a Yagi has only two important dimen- 
sions) on top of a tower—especially if the tower needs 
guy wires for support. With proper planning, however, 
many of these obstacles can be overcome. For example, a 
tram system may be used. 

Both multiband quad arrays use fiberglass spread- 
ers (see Chapter 21 for suppliers). Bamboo is a suitable 
substitute (if economy is of great importance). However, 
the additional weight of the bamboo spreaders over 
fiberglass is an important consideration. A typical 
12-foot bamboo pole weighs about 2 pounds; the fiber- 
glass type weighs less than a pound. By multiplying the 
difference times 8 for a two-element array, times 12 for a 
three-element antenna, and so on, it quickly becomes 
apparent that fiberglass is worth the investment if weight 
is an important factor. Properly treated, bamboo has a 
useful life of three or four years, while fiberglass life is 
probably 10 times longer. 

Spreader supports (sometimes called spiders) are 
available from many different manufacturers. If the 
builder is keeping the cost at a minimum, he should con- 
sider building his own. The expense is about half that of 
a commercially manufactured equivalent and, according 
to some authorities, the homemade arm supports 
described below are less likely to rotate on the boom as a 
result of wind pressure. 

A 3-foot length of steel angle stock, 1 inch per side, 
is used to interconnect the pairs of spreader arms. The 
steel is drilled at the center to accept a muffler clamp of 
sufficient size to clamp the assembly to the boom. The 
fiberglass is clamped to the steel angle stock with auto- 
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Fig 11—Computed performance of the triband, five- 
element quad over the 10-meter band. The F/R is higher 
than 12 dB across the band from 28.0 to 29.0 MHz, but 
the SWR rises at the top end of the band beyond 2:1. The 
free-space gain is higher than 10 dBi across the band. 
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Fiberglass Arm 


Fig 12—Details of one of two assemblies for a spreader 
frame. The two assemblies are joined back-to-back to 
form an X with a muffler clamp mounted at the position 
shown. 









Element Loop 
Wire 


Solder 






Nylon line wrapped tightly 
and covered with 
electrical tape 


~<=——— Fiberglass Arm 


Fig 14—An alternative method of assembling the wire 
of a quad loop to the spreader arm. 


motive hose clamps, two per pole. Each quad-loop 
spreader frame consists of two assemblies of the type 
shown in Fig 12. 

Connecting the wires to the fiberglass can be done 
in a number of different ways. Holes can be drilled at the 
proper places on the spreader arms and the wires run 
through them. A separate wrap wire should be included 
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Fig 13—A method of assembling a corner of the wire 
loop of a quad element to the spreader arm. 


120 V AC Control 
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K1B K2B 


14 MHz 28 MHz 


Input 21 MHz 


Fig 15—Suitable circuit for relay switching of bands for 
the three-band quad. A three-wire control cable is 
required. K1, K2—any type of relay suitable for RF 
switching, coaxial type not required (Potter and 
Brumfeld MR11A acceptable; although this type has 
double-pole contacts, mechanical arrangements of 
most single-pole relays make them unacceptable for 
switching of RF). 


at the entry/exit point to prevent the loop from slipping. 
Details are presented in Fig 13. Some amateurs have 
experienced cracking of the fiberglass, which might be a 
result of drilling holes through the material. However, 
this seems to be the exception rather than the rule. The 
model described here has no holes in the spreader arms; 
the wires are attached to each arm with a few layers of 











Fig 16—The relay box is mounted on the boom near the 
center. Each of the spreader-arm fiberglass poles is 
attached to steel angle stock with hose clamps. 


plastic electrical tape and then wrapped approximately 
20 times in a crisscross fashion with '/s-inch diameter 
nylon string, followed by more electrical tape for UV pro- 
tection, as shown in Fig 14. 

The wire loops are left open at the bottom of each 
driven element where the feed-line coaxes are attached. 
All of the parasitic elements are continuous loops of wire; 
the solder joint is at the base of the diamond. 

Although you could run three separate coax cables 
down to the shack, we suggest that you install a relay box 
at the center of the boom. A three-wire control system may 
be used to apply power to the proper relay for changing 
bands. The circuit diagram of a typical configuration is 
presented in Fig 15 and its installation is shown in Fig 16. 

Every effort must be placed upon proper construc- 
tion if you want to have freedom from mechanical prob- 
lems. Hardware must be secure or vibration created by 
the wind may cause separation of assemblies. Solder joints 
should be clamped in place to keep them from flexing, 
which might fracture a connection point. 


Table 3 

Five-Band Two-Element Quad on 8-Foot Boom 
14.2 MHz 18.1 MHz 21 MHz 

Reflector 72’ 4" 56’ 4" 48’ 6" 

R-DE Spacing 8’ 8’ 8’ 

Driven Element 69’ 101/2" 54’ 10/2" 46’ 7" 





A TWO-ELEMENT, 8-FOOT BOOM 
PENTABAND QUAD 


This two-element pentaband (20/17/15/12/10-meter) 
quad uses the same construction techniques as its big 
brother above. Since only two elements are used, the 
boom can be less robust for this antenna, at 2 inches di- 
ameter rather than 3 inches. Those who like really rug- 
ged antennas can still use the 3-inch diameter boom, of 
course. 

Table 3 lists the element dimensions for the 
pentaband quad. The following plots show the perfor- 
mance for each of the five bands covered. The feed sys- 
tem for the pentaband quad uses five, direct 50-Q coaxes, 
one to each driven element. These five coaxes are cut to 
be */4-A electrically on 10 meters (17 feet, 2 inches for 
RG-213 at 28.4 MHz). In this design the 10-meter band 
is the one most affected by the presence of the other driven 
elements if they are left unshorted. The */4-A lines open- 
circuited at the switchbox are long enough physically to 
reach all elements from a centrally mounted switchbox. 
This length assumes that the switchbox open-circuits the 
unused coaxes. If the switchbox short-circuits unused 
coaxes (as several commercial switchboxes do), then use 
o-X long lines to feed all five driven elements (11 feet, 
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Fig 17—Computed performance of the pentaband two- 

element quad on 20 meters. With the simple direct-feed 
system, the SWR rises to about 2.3:1 at the low end of 

the band. A gamma match can bring the SWR down to 

1:1 at 14.1 MHz, if desired. 


24.9 MHz 28.4 MHz 
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8’ 
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5 inches for RG-213 at 28.4 MHz). 

The SWR curves do not necessarily go down to 1:1 
because of this simple, direct feed system. If anyone is 
bothered by this, of course they can always implement 
individual matching systems, such as gamma matches. 
Most amateurs would agree that such a degree of com- 
plexity is not warranted. The worst-case SWR is less than 
2.3:1 on each band, even with direct feed on 20 meters. 
With typical lengths of coaxial feed line from the shack 
to the switchbox at the antenna, say 100 feet of RG-213, 
the SWR at the transmitter would be less than 2.0:1 on 
all bands due to losses in the feed line. 

Fig 17 shows the computed responses for the 
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Fig 18—Computed performance of the pentaband two- 
element quad on 17 meters. There is some interaction 

with the other elements, but overall the performance is 
satisfactory on this band. 
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Fig 19—Computed performance of the pentaband two- 
element quad on 15 meters. The performance is 
acceptable across the whole band. 
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pentaband quad over the 20-meter band. With only two 
degrees of freedom (spacing and element tuning) there is 
not much that can be done to spread the response out 
over the entire 20-meter band. Nonetheless, the perfor- 
mance over the band is still pretty reasonable for an 
antenna this small. The F/R pattern peaks at 19 dB at 
14.1 MHz and falls to about 10 dB at either end of the 
band. The free-space gain varies from about 7.5 dBi to 
just above 6 dBi, comparable to a short-boom three-ele- 
ment Yagi. The SWR curve remains below 2.3:1 across 
the band. If you were to employ a gamma match tuned at 
14.1 MHz, you could limit the peak SWR to less than 
2.0:1, and this would still occur at 14.0 MHz. 
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Fig 20—Computed performance of the pentaband two- 
element quad on 12 meters. 
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Fig 21—Computed performance of the pentaband two- 
element quad on 10 meters. The SWR curve is slightly 
above the target 2:1 at the low end of the band and 
rises to about 2.2:1 at 28.8 MHz. This unlikely to be a 
problem, even with rigs with automatic power- 
reduction due to SWR, since the SWR at the input of a 
typical coax feed line will be lower than that at the 
antenna due to losses in the line. 


On 17 meters, Fig 18 shows that the other elements 
are affecting 18 MHz, even with element-length optimi- 
zation. Careful examination of the current induced on the 
other elements shows that the 20-meter driven element is 
interacting on 18 MHz, deteriorating the pattern and gain 
slightly. Even still, the performance on 17 meters is rea- 
sonable, especially for a five-band quad on an 8-foot boom. 

On 15 meters, the interactions seems to have been 
contained, as Fig 19 demonstrates. The F/R peaks at 
21.1 MHz, at 19 dB and remains better than 12 dB past the 
top of the band. The SWR curve is low across the whole 
band. 

On 12 meters, the interaction between bands is mi- 
nor, leading to the good results shown in Fig 20. The 
SWR change across this band is quite flat, which isn’t 
surprising given the narrow bandwidth of the 12-meter 
band. 

On 10 meters, the interaction seems to have been 
tamed well by computer-tuning of the elements. The F/R 
remains higher than about 14 dB from 28 to 29 MHz. 
The SWR remains below 2.2:1 up to about 28.8 MHz, 
while the gain is relatively flat across the band at more 
than 7.2 dBi in free space. See Fig 21. 

Overall, this pentaband quad is physically compact 
and yet it provides good performance across all five bands. 


It is competitive with commercial Log Periodic Dipole 
Array (LPDA) designs and triband Yagi designs that 
employ longer booms. 
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Long-Wire and 
Traveling-Wave 
Antennas 


The power gain and directive characteristics of elec- 
trically long wires (that is, wires that are long in terms of 
wavelength), as described in Chapter 2, make them useful 
for long-distance transmission and reception on the higher 
frequencies. Long wires can be combined to form anten- 
nas of various shapes that increase the gain and directiv- 
ity over a single wire. The term Jong wire, as used in this 
chapter, means any such configuration, not just a straight- 
wire antenna. 


Long Wires Versus Multielement Arrays 


In general, the gain obtained with long-wire anten- 
nas is not as great, when the space available for the antenna 
is limited, as you can obtain from the multielement phased 
arrays in Chapter 8 or from a parasitic array such as a Yagi 
or quad (Chapters 11 or 12). However, the long-wire 
antenna has advantages of its own that tend to compen- 
sate for this deficiency. The construction of long-wire 
antennas is simple both electrically and mechanically, and 
there are no especially critical dimensions or adjustments. 
The long-wire antenna will work well and give satisfac- 
tory gain and directivity over a 2-to-1 frequency range. In 
addition, it will accept power and radiate well on any fre- 
quency for which its overall length is not less than about a 
half wavelength. Since a wire is not electrically long, even 
at 28 MHz, unless its physical length is equal to at least a 
half wavelength on 3.5 MHz, any long-wire can be used 
on all amateur bands that are useful for long-distance com- 
munication. 

Between two directive antennas having the same theo- 
retical gain, one a multielement array and the other a long- 
wire antenna, many amateurs have found that the long-wire 
antenna seems more effective in reception. One possible 


explanation is that there is a diversity effect with a long- 
wire antenna because it is spread out over a large distance, 
rather than being concentrated in a small space, as would 
be the case with a Yagi, for example. This may raise the 
average level of received energy for ionospheric-propa- 
gated signals. Another factor is that long-wire antennas 
have directive patterns that can be extremely sharp in the 
horizontal (azimuthal) plane. This is an advantage that 
other types of multielement arrays do not have, but it can 
be a double-edged sword too. We’ll discuss this aspect in 
some detail in this chapter. 


General Characteristics of Long-Wire Antennas 


Whether the long-wire antenna is a single wire run- 
ning in one direction or is formed into a V-beam, rhom- 
bic, or some other configuration, there are certain general 
principles that apply and some performance features that 
are common to all types. The first of these is that the power 
gain of a long-wire antenna as compared with a half-wave 
dipole is not considerable until the antenna is really long 
(its length measured in wavelengths rather than in a spe- 
cific number of feet). The reason for this is that the fields 
radiated by elementary lengths of wire along the antenna 
do not combine, at a distance, in as simple a fashion as the 
fields from half-wave dipoles used in other types of direc- 
tive arrays. 

There is no point in space, for example, where the 
distant fields from all points along the wire are exactly in 
phase (as they are, in the optimum direction, in the case of 
two or more collinear or broadside dipoles when fed with 
in-phase currents). Consequently, the field strength at a dis- 
tance is always less than would be obtained if the same 
length of wire were cut up into properly phased and sepa- 
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rately driven dipoles. As the wire is made longer, the fields 
combine to form increasingly intense main lobes, but these 
lobes do not develop appreciably until the wire is several 
wavelengths long. See Fig 1. 

The longer the antenna, the sharper the lobes become, 
and since it is really a hollow cone of radiation about the 
wire in free space, it becomes sharper in both planes. Also, 
the greater the length, the smaller the angle with the wire at 
which the maximum radiation lobes occur. There are four 
main lobes to the directive patterns of long-wire antennas; 
each makes the same angle with respect to the wire. 

Fig 2A shows the azimuthal radiation pattern of a 
1-A long-wire antenna, compared with a '/2-A dipole. Both 
antennas are mounted at the same height of 1 A above flat 
ground (70 feet high at 14 MHz, with a wire length of 
70 feet) and both patterns are for an elevation angle of 
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10°, an angle suitable for long-distance communication 
on 20 meters. The long-wire in Fig 2A is oriented in the 
270° to 90° direction, while the dipole is aligned at right 
angles so that its characteristic figure-8 pattern goes left- 
to-right. The 1-A long-wire has about 0.6 dB more gain 
than the dipole, with four main lobes as compared to the 
two lobes from the dipole. 

You can see that the two lobes on the left side of 
Fig 2A are about 1 dB down compared to the two lobes 
on the right side. This is because the long-wire here is fed 
at the left-hand end in the computer model. Energy is ra- 
diated as a wave travels down the wire and some energy is 
also lost to ohmic resistance in the wire and the ground. 
The forward-going wave then reflects from the open-cir- 
cuit at the right-hand end of the wire and reverses direc- 
tion, traveling toward the left end, still radiating as it 
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Max Gain = 8.10 dBi 
Freq = 14.0 MHz 


Elevation Plot 
Azimuth Angle = 38° 


(B) 


Fig 2—At A, comparison of azimuthal patterns for a 1-A 
long-wire antenna (solid line) and a 2-A dipole (dashed 
line) at an elevation angle of 10°. Each antenna is 
located 1 A (70 feet) over flat ground at 14 MHz. At B, 
the elevation-plane patterns at peak azimuth angles for 
each antenna. The long-wire has about 0.6 dB more 
gain than the dipole. 
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travels. An antenna operating in this way has much the 
same characteristics as a transmission line that is termi- 
nated in an open circuit—that is, it has standing waves on 
it. Unterminated long-wire antennas are often referred to 
as standing wave antennas. As the length of a long-wire 
antenna is increased, a moderate front-to-back ratio re- 
sults, about 3 dB for very long antennas. 

Fig 2B shows the elevation-plane pattern for the long- 
wire and for the dipole. In each case the elevation pattern 
is at the azimuth of maximum gain—at an angle of 38° 
with respect to the wire-axis for the long-wire and at 90° 
for the dipole. The peak elevation for the long-wire is very 
slightly lower than that for the dipole at the same height 
above ground, but not by much. In other words, the height 
above ground is the main determining factor for the shape 
of the main lobe of a long-wire’s elevation pattern, as it is 
for most horizontally polarized antennas. 

The shape of the azimuth and elevation patterns in 
Fig 2 might lead you to believe that the radiation pattern 
is simple. Fig 3 is a 3-D representation of the pattern from 
a 1-A long-wire that is 1 4 high over flat ground. Besides 
the main low-angle lobes, there are strong lobes at higher 
angles. Things get even more complicated when the length 
of the long-wire increases. 


Directivity 

Because many points along a long wire are carrying 
currents in different phases (with different current am- 
plitudes as well), the field pattern at a distance becomes 
more complex as the wire is made longer. This complex- 
ity is manifested in a series of minor lobes, the number 
of which increases with the wire length. The intensity of 
radiation from the minor lobes is frequently as great as, 
and sometimes greater than, the radiation from a half- 








Fig 3—A 3-D representation of the radiation pattern 
for the 1-4 long-wire shown in Fig 2. The pattern is 
obviously rather complex. It gets even more 
complicated for wires longer than 1 A. 


© 


wave dipole. The energy radiated in the minor lobes is 
not available to improve the gain in the major lobes, which 
is another reason why a long-wire antenna must be long 
to give appreciable gain in the desired directions. 

Fig 4 shows an azimuthal-plane comparison between 
a 3-A (209 feet long) long-wire and the comparison !/2-A 
dipole. The long-wire now has 8 minor lobes besides the 
four main lobes. Note that the angle the main lobes make 
with respect to the axis of the long-wire (also left-to-right 
in Fig 4) becomes smaller as the length of the long-wire 
increases. For the 3-A long-wire, the main lobes occur 
28° off the axis of the wire itself. 

Other types of simple driven and parasitic arrays do 
not have minor lobes of any great consequence. For that 
reason they frequently seem to have much better directivity 
than long-wire antennas, because their responses in undes- 
ired directions are well down from their response in the 
desired direction. This is the case even if a multielement 
array and a long-wire antenna have the same peak gain in 
the favored direction. Fig 5 compares the same 3-A long- 
wire with a 4-element Yagi and a 2-A dipole, again both at 
the same height as the long-wire. Note that the Yagi has 
only a single backlobe, down about 21 dB from its broad 
main lobe, which has a 3-dB beamwidth of 63°. The 3-dB 
beamwidth of the long-wire’s main lobes (at a 28° angle 
from the wire axis) is far more narrow, at only 23°. 

For amateur work, particularly with directive anten- 
nas that cannot be rotated, the minor lobes of a long-wire 
antenna have some advantages. Although the nulls in the 
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Max. Gain = 10.33 dBi 
Freq = 14.0 MHz 


Azimuth Plot 
Elevation Angle = 10° 


Fig 4—An azimuthal-plane comparison between a 
3-1, (209 feet long) long-wire (solid line) and the 
comparison ‘%2-) dipole (dashed line) at 70 feet high 
(12) at 14 MHz. 
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Fig 5—A comparison between the 3-A long-wire (solid 
line) in Fig 4, a 4-element 20-meter Yagi on a 26-foot 
boom (dotted line), and a /2-A dipole (dashed line), 
again at a height of 70 feet. The main lobes of the long- 
wire are very narrow compared to the wide frontal lobe 
of the Yagi. The long-wire exhibits an azimuthal pattern 
that is more omnidirectional in nature than a Yagi, 
particularly when the narrow, deep nulls in the long- 
wire’s pattern are filled-in due to irregularities in the 
terrain under its long span of wire. 
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computer model in Fig 5 are deeper than 30 dB, they are 
not so dramatic in actual practice. This is due to irregu- 
larities in the terrain that inevitably occur under the span 
of a long wire. In most directions the long-wire antenna 
will be as good as a half-wave dipole, and in addition will 
give high gain in the most favored directions, even though 
that is over narrow azimuths. 

Fig 6A compares the azimuth responses for a 5-A 
long-wire (350 feet long at 14 MHz) to the same 4-ele- 
ment Yagi and dipole. The long-wire now exhibits 16 mi- 
nor lobes in addition to its four main lobes. The peaks of 
these sidelobes are down about 8 dB from the main lobes 
and they are stronger than the dipole, making this long- 
wire antenna effectively omnidirectional. Fig 6B shows 
the elevation pattern of the 5-A long-wire at its most ef- 
fective azimuth compared to a dipole. Again, the shape of 
the main lobe is mainly determined by the long-wire’s 
height above ground, since the peak angle is only just a 
bit lower than the peak angle for the dipole. The long- 
wire’s elevation response breaks up into numerous lobes 
above the main lobes, just as it does in the azimuth plane. 

For the really ambitious, Fig 7 compares the perfor- 
mance for an 8-A (571 feet) long-wire antenna with a 4- 
element Yagi and the '/2-A dipole. Again, in actual 
practice, the nulls would tend to be filled in by terrain 
irregularities, so a very long antenna like this would be a 
pretty potent performer. 


Calculating Length 


In this chapter, lengths are discussed in terms of wave- 





Max Gain = 11.93 dBi 
Freq = 14.0 MHz 


Elevation Plot 

Azimuth Angle = 69° 
(B) 
Fig 6—At A, the azimuth responses for a 5-A long-wire 
(350 feet long at 14 MHz—solid line) to the same 
4-element Yagi (dotted line) and dipole (dashed line) as 
in Fig 5. At B, the elevation-plane responses for the 
long-wire (solid line) and the dipole (dashed line) by 
themselves. Note that the elevation angle giving peak 
gain for each antenna is just about the same. The long- 
wire achieves gain by compressing mainly the azimuthal 
response, squeezing the gain into narrow lobes; not so 
much by squeezing the elevation pattern for gain. 
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Fig 7—The azimuthal-plane performance for an 8-A 
(571 feet) long-wire antenna (solid line), compared with 
a 4-element Yagi (dotted line) and a %2-A dipole (dashed 
line). 


lengths. Throughout the preceding discussion the frequency 
in the models was held at 14 MHz. Remember that a long- 
wire that is 4 A long at 14 MHz is 8 A long at 28 MHz. 

There is nothing very critical about wire lengths in 
an antenna system that will work over a frequency range 
including several amateur bands. The antenna character- 
istics change very slowly with length, except when the 
wires are short (around one wavelength, for instance). 
There is no need to try to establish exact resonance at a 
particular frequency for proper antenna operation. 

The formula for determining the lengths for harmonic 
wires is: 


984 (N — 0.025) 


Length (feet )= (MA ) 
Zz 


(Eq 1) 


where N is the antenna length in wavelengths. In cases 
where precise resonance is desired for some reason (for 
obtaining a resistive load for a transmission line at a par- 
ticular frequency, for example) it is best established by 
trimming the wire length until the standing-wave ratio 
on the line is minimum. 


Tilted Wires 


In theory, it is possible to maximize gain from a long- 
wire antenna by tilting it to favor a desired elevation take- 
off angle. Unfortunately, the effect of real ground under 
the antenna negates the possible advantages of tilting, just 
as it does when a Yagi or other type of parasitic array is 
tilted from horizontal. You would do better keeping a 
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Fig 8—Methods for feeding long single-wire antennas. 


long-wire antenna horizontal, but raising it higher above 
ground, to achieve more gain at low takeoff angles. 


Feeding Long Wires 


A long-wire antenna is normally fed at the end or at 
a current loop. Since a current loop changes to a node 
when the antenna is operated at any even multiple of the 
frequency for which it is designed, a long-wire antenna 
will operate as a true long wire on all bands only when it 
is fed at the end. 

A common method of feeding a long-wire is to use a 
resonant open-wire line. This system will work on all 
bands down to the one, if any, at which the antenna is only 
a half wave long. Any convenient line length can be used 
if you match the transmitter to the line’s input impedance 
using an antenna tuner, as described in Chapter 25. 

Two arrangements for using nonresonant lines are 
given in Fig 8. The one at A is useful for one band only 
since the matching section must be a quarter wave long, 
approximately, unless a different matching section is used 
for each band. In B, the A/4 transformer (Q-section) im- 
pedance can be designed to match the antenna to the line, 
as described in Chapter 26. You can determine the value 
of radiation resistance using a modern modeling program 
or you can actually measure the feed-point impedance. 
Although it will work as designed on only one band, the 
antenna can be used on other bands by treating the line 
and matching transformer as a resonant line. In this case, 
as mentioned earlier, the antenna will not radiate as a true 
long wire on even multiples of the frequency for which 
the matching system is designed. 

The end-fed arrangement, although the most conve- 
nient when tuned feeders are used, suffers the disadvan- 
tage that there is likely to be a considerable antenna current 
on the line. In addition, the antenna reactance changes rap- 
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idly with frequency. Consequently, when the wire is sev- 
eral wavelengths long, a relatively small change in fre- 
quency—a fraction of the width of a band—may require 
major changes in the adjustment of the antenna tuner. Also, 
the line becomes unbalanced at all frequencies between 
those at which the antenna is resonant. This leads to a con- 
siderable amount of radiation from the line. The unbal- 
ance can be overcome by using multiple long wires in a V 
or rhombic shape, as described below. 


COMBINATIONS OF LONG WIRES 


The directivity and gain of long wires may be 
increased by using two wires placed in relation to each 
other such that the fields from both combine to produce 
the greatest possible field strength at a distant point. The 
principle is similar to that used in designing the multi- 
element arrays described in Chapter 8. 


Parallel Wires 


One possible method of using two (or more) long 
wires is to place them in parallel, with a spacing of '/2 A or 
so, and feed the two in phase. In the direction of the wires 
the fields will add in phase. However, the takeoff angle is 
high directly in the orientation of the wire, and this method 
will result in rather high-angle radiation even if the wires 
are several wavelengths long. With a parallel arrangement 
of this sort the gain should be about 3 dB over a single 
wire of the same length, at spacings in the vicinity of 
'/2 wavelength. 


The V-Beam Antenna 


Instead of using two long wires parallel to each other, 
they may be placed in the form of a horizontal V, with the 
included angle between the wires equal to twice the angle 
made by the main lobes referenced to the wire axis for a 
single wire of the same physical length. For example, for 
aleg length of 5 A, the angle between the legs of a V should 
be about 42°, twice the angle of 21° of the main lobe refer- 
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enced to the long-wire’s axis. See Fig 6A. 

The plane directive patterns of the individual wires 
combine along a line in the plane of the antenna and 
bisecting the V, where the fields from the individual wires 
reinforce each other. The sidelobes in the azimuthal pat- 
tern are suppressed by about 10 dB, so the pattern becomes 
essentially bidirectional. See Fig 9. 

The included angle between the legs is not particu- 
larly critical. This is fortunate, especially if the same 
antenna is used on multiple bands, where the electrical 
length varies directly with frequency. This would normally 
require different included angles for each band. For multi- 
band V-antennas, a compromise angle is usually chosen 
to equalize performance. Fig 10 shows the azimuthal pat- 
tern for a V-beam with 1-A legs, with an included angle of 
75° between the legs, mounted 1 A above flat ground. This 
is for a 10° elevation angle. At 14 MHz the antenna has 
two 70-foot high, 68.5-foot long legs, separated at their 
far ends by 83.4 feet. For comparison the azimuthal pat- 
terns for the same 4-element Yagi and %2-A dipole used 
previously for the long-wires are overlaid on the same 
plot. The V has about 2 dB more gain than the dipole but 
is down some 4 dB compared to the Yagi, as expected for 
relatively short legs. 

Fig 11 shows the azimuthal pattern for the same 
antenna in Fig 10, but at 28 MHz and at an elevation angle 
of 6°. Because the legs are twice as long electrically at 
28 MHz, the V-beam has compressed the main lobe into a 
narrow beam that now has a peak gain equal to the Yagi, 
but with a 3-dB beamwidth of only 18.8°. Note that you 
could obtain about 0.7 dB more gain at 14 MHz, with a 
1.7-dB degradation of gain at 28 MHz, if you increase the 
included angle to 90° rather than 75°. 

Fig 12 shows the azimuthal pattern for a V-beam with 
2-X legs (137 feet at 14 MHz), with an included angle of 
60° between them. As usual, the assumed height is 70 feet, 
or 1 A at 14 MHz. The peak gain for the V-beam is just 
about equal to that of the 4-element Yagi, although the 3-dB 





Feed 


Fig 9—Two long wires and their respective patterns are shown at the left. If these two wires are combined to form 
a V with an angle that is twice that of the major lobes of the wires and with the wires excited out of phase, the 
radiation along the bisector of the V adds and the radiation in the other directions tends to cancel. 
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Fig 10— Azimuthal-plane pattern at 10° elevation angle 


for a 14-MHz V-beam (solid line) with 1-A legs (68.5 feet 
long), using an included angle of 75° between the legs. 
The V-beam is mounted 1 A above flat ground, and is 
compared with a 12-A dipole (dashed line) and a 4- 
element 20-meter Yagi on a 26-foot boom (dotted line). 








Max. Gain = 13.61 dBi Azimuth Plot 
Freq = 28.0 MHz 


Elevation Angle = 6° 


Fig 11—The same V-beam as in Fig 10 at 28 MHz (solid 


line), at an elevation angle of 6°, compared to a 4- 
element Yagi (dotted line) and a dipole (dashed line). 
The V-beam’s pattern is very narrow, at 18.8° at the 3- 
dB points, requiring accurate placement of the 
supports poles to aim the antenna at the desired 
geographic target. 
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180 
Max. Gain = 12.75 dBi Azimuth Plot 


Freq = 14.0 MHz 


Elevation Angle = 10° 


Fig 12—Azimuthal pattern for a V-beam (solid line) with 
2-A legs (137 feet at 14 MHz), with an included angle of 
60° between them. The height is 70 feet, or 1 A, over flat 
ground. For comparison, the response for a 4-element 
Yagi (dotted line) and a dipole (dashed line) are shown. 
The 3-dB beamwidth has decreased to 23.0°. 


nose beamwidth is narrow, at 23°. This makes setting up 
the geometry critical if you want to maximize gain into a 
particular geographic area. While you might be able to get 
away with using convenient trees to support such an antenna, 
it’s far more likely that you’ll have to use carefully located 
towers to make sure the beam is aimed where you expect it 
to be pointed. 

For example, in order to cover all of Europe from 
San Francisco, an antenna must cover from about 11° (to 
Moscow) to about 46° (to Portugal). This is a range of 35° 
and signals from the V-beam in Fig 12 would be down 
some 7 dB over this range of angles, assuming the center 
of the beam is pointed exactly at a heading of 28.5°. The 
4-element Yagi on the other hand would cover this range 
of azimuths more consistently, since its 3-dB beamwidth 
is 63°. 

Fig 13 shows the same V-beam as in Fig 12, but this 
time at 28 MHz. The peak gain of the main lobe is now 
about 1 dB stronger than the 4-element Yagi used as a 
reference, and the main lobe has two nearby sidelobes that 
tend to broaden out the azimuthal response. At this fre- 
quency the V-beam would cover all of Europe better from 
San Francisco. 

Fig 14 shows a V-beam with 3-A (209 feet at 14 MHz) 
legs with an included angle of 50° between them. The peak 
gain is now greater than that of a 4-element Yagi, but the 
3-dB beamwidth has been reduced to 17.8°, making aim- 
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Max. Gain = 14.67 dBi Azimuth Plot 


Freq = 28.0 MHz Elevation Angle = 6° 


Fig 13—The same 2-A per leg V-beam (solid line) as in 


Fig 12, but at 28 MHz and at a 6° takeoff elevation 
angle. Two sidelobes have appeared flanking the main 
lobe, making the effective azimuthal pattern wider at 
this frequency. 











180 
Max. Gain = 13.71 dBi Azimuth Plot 


Freq = 14.0 MHz Elevation Angle = 10° 


Fig 14—A V-beam (solid line) with 3-A (209 feet at 

14 MHz) legs using an included angle of 50° between 
them, compared to a 4-element Yagi (dotted line) and a 
dipole (dashed line). The 3-dB beamwidth has now 
decreased to 17.8°. 
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Max. Gain = 15.46 dBi Azimuth Plot 


Freq = 28.0 MHz Elevation Angle = 6° 


Fig 15—The same 209-foot/leg V-beam as Fig 14, but at 
28 MHz. Again, the two close-in sidelobes tend to 
spread out the azimuthal response some at 28 MHz. 


ing the antenna even more critical. Fig 15 shows the same 
V-beam at 28 MHz. Here again, the main lobe has nearby 
sidelobes that broaden the effective azimuth to cover a 
wider area. 

Fig 16 shows the elevation-plane response for the 
same 209-foot leg V-beam at 28 MHz (3-A at 14 MHz), 
compared to a dipole at the same height of 70 feet. The 
higher-gain V-beam suppresses higher-angle lobes, essen- 
tially stealing energy from them and concentrating it in 
the main beam at 6° elevation. 

The same antenna can be used at 3.5 and 7 MHz. The 
gain will not be large, however, because the legs are not 
very long at these frequencies. Fig 17 compares the V- 
beam versus a horizontal %2-A 40-meter dipole at 70 feet. 
At low elevation angles there is about 2 dB of advantage 
on 40 meters. Fig 18 shows the same type of comparison 
for 80 meters, where the 80-meter dipole is superior at all 
angles. 


Other V Combinations 


A gain increase of about 3 dB can be had by stacking 
two V-beams one above the other, a half wavelength apart, 
and feeding them with in-phase currents. This will result in 
a lowered angle of radiation. The bottom V should be at 
least a quarter wavelength above the ground, and prefer- 
ably a half wavelength. This arrangement will narrow the 
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Max Gain = 15.46 dBi 
Freq = 28.0 MHz 


Elevation Plot 
Azimuth Angle = 0° 


Fig 16—The elevation-plane of the 209-foot/leg V-beam 
(solid line) compared to the dipole (dashed line). 
Again, the elevation angle for peak gain corresponds 
well to that of the simple dipole at the same height. 








Max Gain = 9.77 dBi 
Freq = 7.0 MHz 


Elevation Plot 
Azimuth Angle = 0° 


Fig 17—Elevation pattern for the same 209-foot-per-leg 
V-beam (solid line), at 7 MHz, compared to a 40-meter 
dipole (dashed line) at the same height of 70 feet. 


elevation pattern and it will also have a narrow azimuthal 
pattern. 

The V antenna can be made unidirectional by using 
a second V placed an odd multiple of a quarter wavelength 
in back of the first and exciting the two with a phase dif- 
ference of 90°. The system will be unidirectional in the 
direction of the antenna with the lagging current. How- 
ever, the V reflector is not normally employed by ama- 
teurs at low frequencies because it restricts the use to one 
band and requires a fairly elaborate supporting structure. 
Stacked Vs with driven reflectors could, however, be built 
for the 200- to 500-MHz region without much difficulty. 


Feeding the V Beam 


The V-beam antenna is most conveniently fed with 
tuned open-wire feeders with an antenna tuner, since this 
permits multiband operation. Although the length of the 
wires in a V-beam is not at all critical, it is important that 
both wires be the same electrical length. If a single band 
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Max Gain = 9.77 dBi 
Freq = 7.0 MHz 


Elevation Plot 
Azimuth Angle = 0° 


Fig 18—Elevation pattern for the same 209-foot-per-leg 
V-beam (solid line), at 3.5 MHz, compared to an 80- 
meter dipole at 70 feet (dashed line). 


matching solution is desired, probably the most appropri- 
ate matching system is that using a stub or quarter-wave 
matching section. The adjustment of such a system is de- 
scribed in Chapter 26. 


THE RESONANT RHOMBIC ANTENNA 


The diamond-shaped or rhombic antenna shown in 
Fig 19 can be looked upon as two acute-angle V-beams 
placed end-to-end. This arrangement is called a resonant 
rhombic. The leg lengths of the resonant rhombic must be 
an integral number of half wavelengths to avoid reactance 
at its feed point. 

The resonant rhombic has two advantages over the 
simple V-beam. For the same total wire length it gives 
somewhat greater gain than the V-beam. A rhombic with 
3 2 on a leg, for example, has about 1 dB gain over a V 
antenna with 6 wavelengths on a leg. Fig 20 compares the 
azimuthal pattern at a 10° elevation for a resonant rhom- 
bic with 3 A legs on 14 MHz, compared to a V-beam with 
6 A legs at the same height of 70 feet. The 3-dB nose beam- 
width of the resonant rhombic is only 12.4° wide, but the 
gain is very high at 16.26 dBi. 

The directional pattern of the rhombic is less fre- 
quency sensitive than the V when the antenna is used over 
a wide frequency range. This is because a change in fre- 
quency causes the major lobe from one leg to shift in one 
direction while the lobe from the opposite leg shifts the 
other way. This automatic compensation keeps the direc- 
tion the same over a considerable frequency range. The 
disadvantage of the rhombic as compared with the V-beam 
is that an additional support is required. 

The same factors that govern the design of the V- 
beam apply in the case of the resonant rhombic. The 
optimal apex angle A in Fig 19 is the same as that for a 
V having an equal leg length. The diamond-shaped 
antenna also can be operated as a terminated antenna, as 
described later in this chapter, and much of the discus- 
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Fig 19—The resonant rhombic or diamond-shaped 
antenna. All legs are the same length, and opposite 
angles of the diamond are equal. Length @ is an 
integral number of half wavelengths for resonance. 





Resonant 
Rhombic 


270 











Max. Gain = 15.61 dBi 
Freq = 14.0 MHz 


Azimuth Plot 
Elevation Angle = 10° 


Fig 20—Azimuthal-plane pattern of resonant 
(unterminated) rhombic (solid line) with 3-4 legs on 

14 MHz, at a height of 70 feet above flat ground, 
compared with a 6-A per leg V-beam (dashed line) at 
the same height. Both azimuthal patterns are at a 
takeoff angle of 10°. The sidelobes for the resonant 
rhombic are suppressed to a greater degree than those 
for the 

V-beam. 


sion in that section applies to the resonant rhombic as 
well. 

The resonant rhombic has a bidirectional pattern, with 
minor lobes in other directions, their number and intensity 
depending on the leg length. In general, these sidelobes are 
suppressed better with a resonant rhombic than with a 
V-beam. When used at frequencies below the VHF region, 
the rhombic antenna is always mounted with the plane con- 
taining the wires horizontal. The polarization in this plane, 
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and also in the perpendicular plane that bisects the rhombic, 
is horizontal. At 144 MHz and above, the dimensions are such 
that the antenna can be mounted with the plane containing 
the wires vertical if vertical polarization is desired. 

When the rhombic antenna is to be used on several 
HF amateur bands, it is advisable to choose the apex angle, 
A, on the basis of the leg length in wavelengths at 14 MHz. 
Although the gain on higher frequency bands will not be 
quite as favorable as if the antenna had been designed for 
the higher frequencies, the system will still work well at 
the low angles that are necessary at such frequencies. 

The resonant rhombic has lots of gain, but you must 
not forget that this gain comes from a radiation pattern 
that is very narrow. This requires careful placement of the 
supports for the resonant rhombic to cover desired geo- 
graphic areas. This is definitely not an antenna that al- 
lows you to use just any convenient trees as supports! 

The resonant rhombic antenna can be fed in the same 
way as the V-beam. Resonant feeders are necessary if the 
antenna is to be used in several amateur bands. 


TERMINATED LONG-WIRE ANTENNAS 


All the antenna systems considered so far in this chap- 
ter have been based on operation with standing waves of 
current and voltage along the wire. Although most hams 
use antenna designs based on using resonant wires, reso- 
nance is by no means a necessary condition for the wire 
to radiate and intercept electromagnetic waves efficiently, 
as discussed in Chapter 2. The result of using nonresonant 
wires is reactance at the feed point, unless the antenna is 
terminated with a resistive load. 

In Fig 21, suppose that the wire is parallel with the 
ground (horizontal) and is terminated by a load Z equal to 
its characteristic impedance, Zany. The wire and its im- 
age in the ground create a transmission line. The load Z 
can represent a receiver matched to the line. The termi- 
nating resistor R is also equal to the Zany of the wire. A 
wave coming from direction X will strike the wire first at 
its far end and sweep across the wire at some angle until it 
reaches the end at which Z is connected. In so doing, it 
will induce voltages in the antenna, and currents will flow 
as aresult. The current flowing toward Z is the useful out- 
put of the antenna, while the current flowing backwards 
toward R will be absorbed in R. The same thing is true of 
a wave coming from the direction X'. In such an antenna 
there are no standing waves, because all received power 
is absorbed at either end. 

The greatest possible power will be delivered to the 
load Z when the individual currents induced as the wave 
sweeps across the wire all combine properly on reaching 
the load. The currents will reach Z in optimum phase when 
the time required for a current to flow from the far end of 
the antenna to Z is exactly one-half cycle longer than the 
time taken by the wave to sweep over the antenna. A half 
cycle is equivalent to a half wavelength greater than the 
distance traversed by the wave from the instant it strikes 
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Fig 21—Layout for a terminated long-wire antenna. 


the far end of the antenna to the instant that it reaches the 
near end. This is shown by the small drawing, where AC 
represents the antenna, BC is a line perpendicular to the 
wave direction, and AB is the distance traveled by the wave 
in sweeping past AC. AB must be one-half wavelength 
shorter than AC. Similarly, AB' must be the same length 
as AB for a wave arriving from X’. 

A wave arriving at the antenna from the opposite 
direction Y (or Y'), will similarly result in the largest pos- 
sible current at the far end. However, since the far end is 
terminated in R, which is equal to Z, all the power deliv- 
ered to R by the wave arriving from Y will be absorbed in 
R. The current traveling to Z will produce a signal in Z in 
proportion to its amplitude. If the antenna length is such 
that all the individual currents arrive at Z in such phase as 
to add up to zero, there will be no current through Z. At 
other lengths the resultant current may reach appreciable 
values. The lengths that give zero amplitude are those 
which are odd multiples of '/1 A, beginning at 7/4. The 
response from the Y direction is greatest when the an- 
tenna is any even multiple of '/2 A long; the higher the 
multiple, the smaller the response. 


Directional Characteristics 


Fig 22 compares the azimuthal pattern for a 5-A long 
14-MHz long-wire antenna, 70 feet high over flat ground, 
when it is terminated and when it is unterminated. The 
rearward pattern when the wire is terminated with a 600 Q 
resistor is reduced about 15 dB, with a reduction in gain 
in the forward direction of about 2 dB. 

For a shorter leg length in a terminated long-wire 
antenna, the reduction in forward gain is larger—more 
energy is radiated by a longer wire before the forward wave 
is absorbed in the terminating resistor. The azimuthal pat- 
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Terminated 
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180 


Max. Gain = 11.64 dBi 
Freq = 14.0 MHz 


Fig 22—Azimuthal-plane pattern for 5-4 long-wire 
antenna at 14 MHz and 70 feet above flat ground. The 
solid line shows the long-wire terminated with 600-Q 
to ground, while the dashed line is for the same 
antenna unterminated. For comparison, the response 
for a %-A dipole is overlaid with the two other patterns. 
You can see that the terminated long-wire has a good 
front-to-back pattern, but it loses about 2 dB in forward 
gain compared to the unterminated long-wire. 


Azimuth Plot 
Elevation Angle = 10° 


terns for terminated and unterminated V-beams with 2-A 
legs are overlaid for comparison in Fig 23. With these rela- 
tively short legs the reduction in forward gain is about 
3.5 dB due to the terminations, although the front-to-rear 
ratio approaches 20 dB for the terminated V-beam. Each 
leg of this terminated V-beam use a 600-Q non-inductive 
resistor to ground. Each resistor would have to dissipate 
about one-quarter of the transmitter power. For average 
conductor diameters and heights above ground, the Zanr 
of the antenna is of the order of 500 to 600 Q. 


THE TERMINATED RHOMBIC ANTENNA 


The highest development of the long-wire antenna is 
the terminated rhombic, shown schematically in Fig 24. 
It consists of four conductors joined to form a diamond, 
or rhombus. All sides of the antenna have the same length 
and the opposite corner angles are equal. The antenna can 
be considered as being made up of two V antennas placed 
end to end and terminated by a noninductive resistor to 
produce a unidirectional pattern. The terminating resistor 
is connected between the far ends of the two sides, and is 
made approximately equal to the characteristic impedance 
of the antenna as a unit. The rhombic may be constructed 
either horizontally or vertically, but is practically always 
constructed horizontally at frequencies below 54 MHz, 
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180 


Max. Gain = 11.64 dBi 
Freq = 14.0 MHz 


Azimuth Plot 
Elevation Angle = 10° 


Fig 23—The azimuthal patterns for a shorter-leg V- 
beam (2- legs) when it is terminated (solid line) and 
unterminated (dashed line). With shorter legs, the 
terminated V-beam loses about 3.5 dB in forward gain 
compared to the unterminated version, while 
suppressing the rearward lobes as much as 20 GB. 


since the pole height required is considerably less. Also, 
horizontal polarization is equally, if not more, satisfac- 
tory at these frequencies over most types of soil. 

The basic principle of combining lobes of maximum 
radiation from the four individual wires constituting the 
rhombus or diamond is the same in either the terminated 
type or the resonant type described earlier in this chapter. 


Tilt Angle 


In dealing with the terminated rhombic, it is a matter 
of custom to talk about the ti/t angle (@ in Fig 24), rather 
than the angle of maximum radiation with respect to an 
individual wire. Fig 25 shows the tilt angle as a function 
of the antenna leg length. The curve marked “0°” is used 
for a takeoff elevation angle of 0°; that is, maximum 
radiation in the plane of the antenna. The other curves show 
the proper tilt angles to use when aligning the major lobe 
with a desired takeoff angle. For a 5° takeoff angle, the 
difference in tilt angle is less than 1° for the range of 
lengths shown. 

The broken curve marked “optimum length” shows the 
leg length at which maximum gain is obtained at any given 
takeoff angle. Increasing the leg length beyond the opti- 
mum will result in less gain, and for that reason the curves 
do not extend beyond the optimum length. Note that the 
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Fig 24—The layout for a terminated rhombic antenna. 


optimum length becomes greater as the desired takeoff angle 
decreases. Leg lengths over 6 A are not recommended be- 
cause the directive pattern becomes so sharp that the an- 
tenna performance is highly variable with small changes in 
the angle, both horizontal and vertical, at which an incoming 
wave reaches the antenna. Since these angles vary to some 
extent in ionospheric propagation, it does not pay to attempt 
to try for too great a degree of directivity. 


Multiband Design 


When a rhombic antenna is to be used over a consid- 
erable frequency range, a compromise must be made in 
the tilt angle. Fig 26 gives the design dimensions of a suit- 
able compromise for a rhombic that covers the 14 to 
30 MHz range well. Fig 27 shows the azimuth and ele- 
vation patterns for this antenna at 14 MHz, at a height of 
70 feet over flat ground. The comparison antenna in this 
case is a 4-element Yagi on a 26-foot boom, also 70 feet 
above flat ground. The rhombic has about 2.2 dB more 
gain, but its azimuthal pattern is 17.2° wide at the 3 dB 
points, and only 26° at the —20 dB points! On the other 
hand, the Yagi has a 3-dB beamwidth of 63°, making it 
far easier to aim at a distant geographic location. Fig 27B 
shows the elevation-plane patterns for the same antennas 
above. As usual, the peak angle for either horizontally 
polarized antenna is determined mainly by the height above 
ground. 

The peak gain of a terminated rhombic is less than 
that of an unterminated resonant rhombic. For the rhom- 
bic of Fig 26, the reduction in peak gain is about 1.5 dB. 
Fig 28 compares the azimuthal patterns for this rhombic 
with and without an 800-Q termination. 

Fig 29 shows the azimuth and elevation patterns for 
the terminated rhombic of Fig 26 when it is operated at 
28 MHz. The main lobe becomes very narrow, at 6.9° at 
the 3-dB points. However, this is partially compensated 
for by the appearance of two sidelobes each side of the 
main beam. These tend to spread out the main pattern 
some. Again, a 4-element Yagi at the same height is used 
for comparison. 
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Fig 25—Rhombic-antenna design 





chart. For any given leg length, 
the curves show the proper tilt 
angle to give maximum radiation 





at the selected takeoff angle. The 
broken curve marked “optimum 








length” shows the leg length that 
gives the maximum possible 
output at the selected takeoff 





angle. The optimum length as 
given by the curves should be 





multiplied by 0.74 to obtain the 
leg length for which the takeoff 
angle and main lobe are aligned. 





Tilt Angle in Degrees 





















































1.0 1.5 2.0 2.5 3.0 3.5 4.0 4.5 
Leg Length in Wavelengths 














ANT0521 


Fig 26—Rhombic antenna dimensions for a 
compromise design between 14- and 28-MHz 
requirements, as discussed in the text. The leg 
length is 6 A at 28 MHz, 3 A at 14 MHz. 


Termination 


Although the difference in the gain is relatively small 
with terminated or unterminated rhombics of comparable 
design, the terminated antenna has the advantage that over 
a wide frequency range it presents an essentially resis- 
tive and constant load to the transmitter. In a sense, the 
power dissipated in the terminating resistor can be con- 
sidered power that would have been radiated in the other 
direction had the resistor not been there. Therefore, the 
fact that some of the power (about one-third) is used up 
in heating the resistor does not mean that much actual 
loss in the desired direction. 

The characteristic impedance of an ordinary rhombic 
antenna, looking into the input end, is in the order of 700 to 
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800 Q when properly terminated in a resistance at the far 
end. The terminating resistance required to bring about the 
matching condition usually is slightly higher than the input 
impedance because of the loss of energy through radiation 
by the time the far end is reached. The correct value usu- 
ally will be found to be of the order of 800 Q, and should 
be determined experimentally if the flattest possible antenna 
is desired. However, for average work a noninductive resis- 
tance of 800 © can be used with the assurance that the op- 
eration will not be far from optimum. 

The terminating resistor must be practically a pure 
resistance at the operating frequencies; that is, its induc- 
tance and capacitance should be negligible. Ordinary 
wire-wound resistors are not suitable because they have 
far too much inductance and distributed capacitance. Small 
carbon resistors have satisfactory electrical characteris- 
tics but will not dissipate more than a few watts and so 
cannot be used, except when the transmitter power does 
not exceed 10 or 20 watts or when the antenna is to be 
used for reception only. The special resistors designed e1- 
ther for use as dummy antennas or for terminating rhom- 
bic antennas should be used in other cases. To allow a 
factor of safety, the total rated power dissipation of the 
resistor or resistors should be equal to half the power out- 
put of the transmitter. 

To reduce the effects of stray capacitance it is desir- 
able to use several units, say three, in series even when one 
alone will safely dissipate the power. The two end units 
should be identical and each should have one fourth to one 
third the total resistance, with the center unit making up 
the difference. The units should be installed in a weather- 
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Max Gain = 15.92 dBi 
Freq = 14.0 MHz 


Elevation Plot 
Azimuth Angle = 0° 








Fig 27—At left, azimuthal pattern for 3-4 (at 14 MHz) 
terminated rhombic (solid line) shown in Fig 26, 
compared with 4-element 20-meter Yagi (dotted line) on 
a 26-foot boom and a 20-meter dipole (dashed line). All 
antennas are mounted 70 feet (1 A) above flat ground. 
The rearward pattern of the terminated rhombic is 
good and the forward gain exceeds that of the Yagi, but 
the frontal lobe is very narrow. Above, elevation-plane 
pattern of terminated rhombic compared to that of a 
simple dipole at the same height. 





Max. Gain = 14.97 dBi 
Freq = 14.0 MHz 


Azimuth Plot 
Elevation Angle = 10° 





placed at the end of an 800-Q line connected to the end of 
the antenna. This will permit placing the resistors and their 
housing at a point convenient for adjustment rather than 
at the top of the pole. Resistance wire may be used for 
this line, so that a portion of the power will be dissipated 
before it reaches the resistive termination, thus permit- 
ting the use of lower wattage lumped resistors. 


Unterminated 
Rhombic 







Terminated 
Rhombic 


Multiwire Rhombics 





90 The input impedance of a rhombic antenna con- 
structed as in Fig 26 is not quite constant as the frequency 
is varied. This is because the varying separation between 
the wires causes the characteristic impedance of the 
antenna to vary along its length. The variation in Zany 
can be minimized by a conductor arrangement that 
increases the capacitance per unit length in proportion to 
the separation between the wires. 

The method of accomplishing this is shown in 
Fig 30. Three conductors are used, joined together at the 
ends but with increasing separation as the junction 
between legs is approached. For HF work the spacing 
between the wires at the center is 3 to 4 feet, which is 
similar to that used in commercial installations using legs 
several wavelengths long. Since all three wires should 
have the same length, the top and bottom wires should 
be slightly farther from the support than the middle wire. 
Using three wires in this way reduces the Zany of the 
antenna to approximately 600 Q, thus providing a better 
match for practical open-wire line, in addition to smooth- 
ing out the impedance variation over the frequency range. 





180 


Max. Gain = 16.26 dBi 
Freq = 14.0 MHz 


Azimuth Plot 
Elevation Angle = 10° 


Fig 28—Comparison of azimuthal patterns for 
terminated (solid line) and unterminated (dashed line) 
rhombic antennas, using same dimensions as Fig 26 at 
a frequency of 14 MHz. The gain tradeoff is about 

1.5 dB in return for the superior rearward pattern of the 
terminated antenna. 


proof housing at the end of the antenna to protect them and 
to permit mounting without mechanical strain. The connect- 


ing leads should be short so that little extraneous induc- 
tance is introduced. 
Alternatively, the terminating resistance may be 
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A similar effect (although not quite as favorable) is 
obtained by using two wires instead of three. The 3-wire 
system has been found to increase the gain of the 
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Max. Gain = 16.82 dBi 
Freq = 28.0 MHz (A) 


Azimuth Plot 
Elevation Angle = 6° 





Fig 30—Three-wire rhombic antenna. Use of multiple 
wires improves the impedance characteristic of a 
terminated rhombic and increases the gain somewhat. 


antenna by about 1 dB over that of a single-conductor 
version. 


Front-to-Back Ratio 


It is theoretically possible to obtain an infinite front- 
to-back ratio with a terminated rhombic antenna, and in 
practice very large values can be had. However, when the 
antenna is terminated in its characteristic impedance, the 
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Max Gain = 15.92 dBi 
Freq = 14.0 MHz 


Elevation Plot 
Azimuth Angle = 0° 
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Fig 29—At A, the azimuthal pattern for the same 
terminated antenna in Fig 26, but now at 28 MHz 
compared to a 4-element 10-meter Yagi. At B, the 
elevation-plane pattern comparison for these antennas. 


Rhombic 


infinite front-to-back ratio can be obtained only at frequen- 
cies for which the leg length is an odd multiple of a quar- 
ter wavelength. The front-to-back ratio is smallest at 
frequencies for which the leg length is a multiple of a half 
wavelength. 

When the leg length is not an odd multiple of a quar- 
ter wave at the frequency under consideration, the front-to- 
back ratio can be made very high by decreasing the value 
of terminating resistance slightly. This permits a small 
reflection from the far end of the antenna, which cancels 
out the residual response at the input end. With large 
antennas, the front-to-back ratio may be made very large 
over the whole frequency range by experimental adjustment 
of the terminating resistance. Modification of the terminat- 
ing resistance can result in a splitting of the back null into 
two nulls, one on either side of a small lobe in the back 
direction. Changes in the value of terminating resistance 
thus permit steering the back null over a small horizontal 
range so that signals coming from a particular spot not ex- 
actly to the rear of the antenna may be minimized. 


Methods of Feed 


If the broad frequency characteristic of the terminated 
rhombic antenna is to be utilized fully, the feeder system 
must be similarly broadbanded. Open-wire transmission 
line of the same characteristic impedance as that shown at 
the antenna input terminals (approximately 700 to 800 Q) 
may be used. Data for the construction of such lines is 
given in Chapter 24. While the usual matching stub can 
be used to provide an impedance transformation to more 
satisfactory line impedances, this limits the operation of 
the antenna to a comparatively narrow range of frequen- 
cies centering about that for which the stub is adjusted. 
Probably a more satisfactory arrangement would be to use 
a coaxial transmission line and a broadband transformer 
balun at the antenna feed point. 
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Receiving Wave Antennas 


Perhaps the best known type of wave antenna is the 
Beverage. Many 160-meter enthusiasts have used Bever- 
age antennas to enhance the signal-to-noise ratio while 
attempting to extract weak signals from the often high lev- 
els of atmospheric noise and interference on the low bands. 
Alternative antenna systems have been developed and used 
over the years, such as loops and long spans of 
unterminated wire on or slightly above the ground, but 
the Beverage antenna seems to be the best for 160-meter 
weak-signal reception. The information in this section was 
prepared originally by Rus Healy, K2UA (ex-NJ2L). 


THE BEVERAGE ANTENNA 


A Beverage is simply a directional wire antenna, at 
least one wavelength long, supported along its length at a 
fairly low height and terminated at the far end in its char- 
acteristic impedance. This antenna is shown in Fig 31A. 
It takes its name from its inventor, Harold Beverage, 
W2BML. 

Many amateurs choose to use a single-wire Bever- 
age because they are easy to install and they work well. 
The drawback is that Beverages are physically long and 
they do require that you have the necessary amount of real 
estate to install them. Sometimes, a neighbor will allow 
you to put up a temporary Beverage for a particular con- 
test or DXpedition on his land, particularly during the 
winter months. 

Beverage antennas can be useful into the HF range, 
but they are most effective at lower frequencies, mainly on 
160 through 40 meters. The antenna is responsive mostly to 
low-angle incoming waves that maintain a constant (verti- 
cal) polarization. These conditions are nearly always satis- 
fied on 160 meters, and most of the time on 80 meters. As 
the frequency is increased, however, the polarization and 
arrival angles are less and less constant and favorable, mak- 
ing Beverages less effective at these frequencies. Many 
amateurs have, however, reported excellent performance 
from Beverage antennas at frequencies as high as 14 MHz, 
especially when rain or snow (precipitation) static prevents 
good reception on the Yagi or dipole transmitting antennas 
used on the higher frequencies. 


Beverage Theory 


The Beverage antenna acts like a long transmission 
line with one lossy conductor (the earth), and one good 
conductor (the wire). Beverages have excellent directiv- 
ity if erected properly, but they are quite inefficient 
because they are mounted close to the ground. This is in 
contrast with the terminated long-wire antennas described 
earlier, which are typically mounted high off the ground. 
Beverage antennas are not suitable for use as transmit- 
ting antennas. 

Because the Beverage is a traveling wave, terminated 
antenna, it has no standing waves resulting from radio 


13-16 Chapter 13 


signals. As a wave strikes the end of the Beverage from 
the desired direction, the wave induces voltages along the 
antenna and continues traveling in space as well. Fig 31B 
shows part of a wave on the antenna resulting from a 
desired signal. This diagram also shows the tilt of the wave. 
The signal induces equal voltages in both directions. The 
resulting currents are equal and travel in both directions; 
the component traveling toward the termination end moves 
against the wave and thus builds down to a very low level 
at the termination end. Any residual signal resulting from 
this direction of current flow will be absorbed in the ter- 
mination (if the termination is equal to the antenna im- 
pedance). The component of the signal flowing in the other 
direction, as we will see, becomes a key part of the 
received signal. 

As the wave travels along the wire, the wave in space 
travels at approximately the same velocity. (There is some 
phase delay in the wire, as we shall see.) At any given 
point in time, the wave traveling along in space induces a 
voltage in the wire in addition to the wave already travel- 
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Fig 31—At A, a simple one-wire Beverage antenna with 
a variable termination impedance and a matching 9:1 
autotransformer for the receiver impedance. At B, a 
portion of a wave from the desired direction is shown 
traveling down the antenna wire. Its tilt angle and 
effective takeoff angle are also shown. At C, a situation 
analogous to the action of a Beverage on an incoming 
wave is shown. See text for discussion. 
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ing on the wire (voltages already induced by the wave). 
Because these two waves are nearly in phase, the volt- 
ages add and build toward a maximum at the receiver end 
of the antenna. 

This process can be likened to a series of signal gen- 
erators lined up on the wire, with phase differences cor- 
responding to their respective spacings on the wire 
(Fig 31C). At the receiver end, a maximum voltage is 
produced by these voltages adding in phase. For example, 
the wave component induced at the receiver end of the 
antenna will be in phase (at the receiver end) with a com- 
ponent of the same wave induced, say, 270° (or any other 
distance) down the antenna, after it travels to the receiver 
end. 

In practice, there is some phase shift of the wave on 
the wire with respect to the wave in space. This phase 
shift results from the velocity factor of the antenna. (As 
with any transmission line, the signal velocity on the 
Beverage is somewhat less than in free space.) Velocity 
of propagation on a Beverage is typically between 85 and 
98% of that in free space. As antenna height is increased 
to a certain optimum height (which is about 10 feet for 
160 meters), the velocity factor increases. Beyond this 
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Fig 32—Signal velocity on a Beverage increases with 
height above ground, and reaches a practical maximum 
at about 10 feet. Improvement is minimal above this 
height. (The velocity of light is 100%.) 
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height, only minimal improvement is afforded, as shown 
in Fig 32. These curves are the result of experimental 
work done in 1922 by RCA, and reported in a QST article 
(November 1922) entitled “The Wave Antenna for 200- 
Meter Reception,” by H. H. Beverage. The curve for 
160 meters was extrapolated from the other curves. 

Phase shift (per wavelength) is shown as a function 
of velocity factor in Fig 33, and is given by: 


0 = 360 (~ = 7 (Eq:4) 


where k = velocity factor of the antenna in percent. 

The signals present on and around a Beverage antenna 
are shown graphically in A through D of Fig 34. These 
curves show relative voltage levels over a number of peri- 
ods of the wave in space and their relative effects in terms 
of the total signal at the receiver end of the antenna. 
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Fig 33—This curve shows phase shift (per wavelength) 
as a function of velocity factor on a Beverage antenna. 
Once the phase shift for the antenna goes beyond 90°, 
the gain drops off from its peak value, and any 
increase in antenna length will decrease gain. 
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Fig 34—These curves show the voltages that appear in 
a Beverage antenna over a period of several cycles of 
the wave. Signal strength (at A) is constant over the 
length of the antenna during this period, as is voltage 
induced per unit length in the wire (at B). (The voltage 
induced in any section of the antenna is the same as 
the voltage induced in any other section of the same 
size, over the same period of time.) At C, the voltages 
induced by an undesired signal from the rearward 
direction add in phase and build to a maximum at the 
termination end, where they are dissipated in the 
termination (if Ziem = Zo). The voltages resulting from a 
desired signal are shown at D. The wave on the wire 
travels closely with the wave in space, and the 
voltages resulting add in phase to a maximum at the 
receiver end of the antenna. 


Performance in Other Directions 


The performance of a Beverage antenna in directions 
other than the favored one is quite different than previ- 
ously discussed. Take, for instance, the case of a signal 
arriving perpendicular to the wire (90° either side of the 
favored direction). In this case, the wave induces voltages 
along the wire that are essentially in phase, so that they 
arrive at the receiver end more or less out of phase, and 
thus cancel. (This can be likened to a series of signal gen- 
erators lined up along the antenna as before, but having 
no progressive phase differences.) 

As a result of this cancellation, Beverages exhibit 
deep nulls off the sides. Some minor sidelobes will exist, 
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as with other long-wire antennas, and will increase in 
number with the length of the antenna. 

In the case of a signal arriving from the rear of the 
antenna, the behavior of the antenna is very similar to its 
performance in the favored direction. The major difference 
is that the signal from the rear adds in phase at the termina- 
tion end and is absorbed by the termination impedance. 
Fig 35 compares the azimuth and elevation patterns for a 
2-2 (1062 foot) and a 1-A (531 foot) Beverage at 1.83 MHz. 
The wire is mounted 8 feet above flat ground (to keep it 
above deer antlers and away from humans too) and is ter- 
minated with a 500-Q resistor in each case, although the 
exact value of the terminating resistance is not very criti- 
cal. The ground constants assumed in this computer model 
are conductivity of 5 mS/m and a dielectric constant of 13. 
Beverage dielectric performance tends to decrease as the 
ground becomes better. Beverages operated over saltwater 
do not work as well as they do over poor ground. 

For most effective operation, the Beverage should 
be terminated in an impedance equal to the characteristic 
impedance Zan7 of the antenna. For maximum signal 
transfer to the receiver you should also match the 
receiver’s input impedance to the antenna. If the termi- 
nation impedance is not equal to the characteristic 
impedance of the antenna, some part of the signal from 
the rear will be reflected back toward the receiver end of 
the antenna. 

If the termination impedance is merely an open cir- 
cuit (no terminating resistor), total reflection will result 
and the antenna will exhibit a bidirectional pattern (still 
with very deep nulls off the sides). An unterminated Bev- 
erage will not have the same response to signals in the 
rearward direction as it exhibits to signals in the forward 
direction because of attenuation and reradiation of part 
of the reflected wave as it travels back toward the receiver 
end. Fig 36 compares the response from two 2-A Bever- 
ages, one terminated and the other unterminated. Just like 
a terminated long-wire transmitting antenna (which is 
mounted higher off the ground than a Beverage, which is 
meant only for receiving), the terminated Beverage has a 
reduced forward lobe compared to its unterminated sib- 
ling. The unterminated Beverage exhibits about a 5 dB 
front-to-back ratio for this length because of the radia- 
tion and wire and ground losses that occur before the for- 
ward wave gets to the end of the wire. 

If the termination is between the extremes (open cir- 
cuit and perfect termination in Zan7), the peak direction 
and intensity of signals off the rear of the Beverage will 
change. As a result, an adjustable reactive termination 
can be employed to steer the nulls to the rear of the 
antenna (see Fig 37). This can be of great help in elimi- 
nating a local interfering signal from a rearward direc- 
tion (typically 30° to 40° either side of the back direction). 
Such a scheme doesn’t help much for interfering skywave 
signals because of variations encountered in the iono- 
sphere that constantly shift polarity, amplitude, phase and 
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Fig 36—Comparing the azimuthal patterns for a 2-’ 
Beverage, terminated (solid line) and unterminated 
(dashed line). 


incoming elevation angles. 

To determine the appropriate value for a terminat- 
ing resistor, you need to know the characteristic imped- 
ance (surge impedance), Zan7z, of the Beverage. It is 
interesting to note that Zan7 is not a function of the length, 
just like a transmission line. 
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Fig 35—At A, azimuthal patterns of a 2-A (solid line) 
and a 1-A (dashed line) Beverage antenna, terminated 
with 550-Q resistor at 1.83 MHz, at an elevation angle 
of 10°. The rearward pattern around 180° is more than 
20 dB down from the front lobe for each antenna. At B, 
the elevation-plane patterns. Note the rejection of very 
high-angle signals near 90°. 


4h 
Zanr = 138 x log (+) (Eq 3) 


where 
Zant = Characteristic impedance of the Beverage = 
terminating resistance needed 
h = wire height above ground 
d = wire diameter (in the same units as h) 


Another aspect of terminating the Beverage is the 
quality of the RF ground used for the termination. For most 
types of soil a ground rod is sufficient, since the optimum 
value for the termination resistance is in the range of 400 
to 600 Q for typical Beverages and the ground-loss resis- 
tance is in series with this. Even if the ground-loss resis- 
tance at the termination point is as high as 40 or 50 Q, it 
still is not an appreciable fraction of the overall terminat- 
ing resistance. For soil with very poor conductivity, how- 
ever, (such as sand or rock) you can achieve a better ground 
termination by laying radial wires on the ground at both 
the receiver and termination ends. These wires need not 
be resonant quarter-wave in length, since the ground 
detunes them anyway. Like the ground counterpoise for a 
vertical antenna, a number of short radials is better than a 
few long ones. Some amateurs use chicken-wire ground 
screens for their ground terminations. 

As with many other antennas, improved directivity and 
gain can be achieved by lengthening the antenna and by 
arranging several antennas into an array. One item that must 
be kept in mind is that by virtue of the velocity factor of the 
antenna, there is some phase shift of the wave on the an- 
tenna with respect to the wave in space. Because of this 
phase shift, although the directivity will continue to sharpen 
with increased length, there will be some optimum length 
at which the gain of the antenna will peak. Beyond this 
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length, the current increments arriving at the receiver end 
of the antenna will no longer be in phase, and will not add 
to produce a maximum signal at the receiver end. This op- 
timum length is a function of velocity factor and frequency, 
and is given by: 


Xr 
Le 
4 (~ = 7 (Eq 4) 
k 
where 


L = maximum effective length 
A = signal wavelength in free space (same units as L) 
k = velocity factor of the antenna in percent 


Because velocity factor increases with height (to a 
point, as mentioned earlier), optimum length is somewhat 
longer if the antenna height is increased. The maximum 
effective length also increases with the number of wires 
in the antenna system. For example, for a two-wire Bev- 
erage like the bidirectional version shown in Fig 37, the 
maximum effective length is about 20% longer than 
the single-wire version. A typical length for a single-wire 
1.8-MHz Beverage (made of #16 wire and erected 10 feet 
above ground) is about 1200 feet. 


Feed-Point Transformers for 
Single-Wire Beverages 


Matching transformer T1 in Fig 31 is easily con- 
structed. Small toroidal ferrite cores are best for this 
application, with those of high permeability (u; = 125 to 
5000) being the easiest to wind (requiring fewest turns) 
and having the best high-frequency response (because few 
turns are used). Trifilar-wound autotransformers are most 
convenient. 

Most users are not concerned with a small amount 
of SWR on the transmission line feeding their Beverages. 
For example, let us assume that the Zan of a particular 
Beverage is 525 Q and the terminating resistance is made 
equal to that value. If a standard 3:1 turns-ratio autotrans- 
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Fig 37—A two-wire Beverage 
antenna that has provisions for 
direction switching and null 
steering in the rear quadrant. 
Performance improves with 

height to a point, and is optimum 
for 1.8-MHz operation at about 10 
to 12 feet. Parts identifications are 
for text reference. 


former is used at the input end of the antenna, the nomi- 
nal impedance transformation 50 Q x 32= 450 Q. This 
leads to the terminology often used for this transformer 
as a 9:1 transformer, referring to its impedance transfor- 
mation. The resulting SWR on the feed line going back 
to the receiver would be 525/450 = 1.27:1, not enough to 
be concerned about. For a Zayr of 600 Q, the SWR is 
600/450 = 1.33:1, again not a matter of concern. 

Hence, most Beverage users use standard 9:1 
(450:50 Q) autotransformers. You can make a matching 
transformer suitable for use from 160 to 40 meters using 
eight trifilar turns of #24 enameled wire wound over a stack 
of two Amidon FT-50-75 or two MN8-CX cores. See 
Fig 38. 

Make your own trifilar cable bundle by placing three 
3-foot lengths of the #24 wire side-by-side and twisting 
them in a hand drill so that there is a uniform twist about 
one twist-per-inch. This holds the three wires together in 
a bundle that can be passed through the two stacked cores, 
rather like threading a needle. Remember that each time 
you put the bundle through the center of the cores counts 
as one turn. 

After you finish winding, cut the individual wires to 
leave about */4-inch leads, sand off the enamel insulation 
and tin the wires with a soldering iron. Identify the indi- 
vidual wires with an ohmmeter and then connect them 
together following Fig 38. Coat the transformer with Q- 
dope (liquid polystyrene) to finalize the transformer. 
White glue will work also. See Chapters 25 and 26 and 
The ARRL Handbook for more information on winding 
toroidal transformers or see Chapter 7 (Special Receiv- 
ing Antennas) of ON4UN’s Low-Band DXing book. 


The Two-Wire Beverage 


The two-wire antenna shown in Fig 37 has the major 
advantage of having signals from both directions avail- 
able at the receiver at the flip of a switch between J1 and 
J2. Also, because there are two wires in the system (equal 
amounts of signal voltage are induced in both wires), 
greater signal voltages will be produced. 
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Fig 38—Constructing the feed-point transformer for a 
single-wire Beverage. See text for details. 


A signal from the left direction in Fig 37 induces equal 
voltages in both wires, and equal in-phase currents flow as 
a result. The reflection transformer (T3 at the right-hand 
end of the antenna) then inverts the phase of these signals 
and reflects them back down the antenna toward the receiver, 
using the antenna wires as a balanced open-wire transmis- 
sion line. This signal is then transformed by T1 down to the 
input impedance of the receiver (50 Q) at J1. 

Signals traveling from right to left also induce equal 
voltages in each wire, and they travel in phase toward the 
receiver end, through T1, and into T2. Signals from this 
direction are available at J2. 

Tl and T2 are standard 9:1 wideband transformers 
capable of operating from 1.8 to at least 10 MHz. Like 
any two parallel wires making up a transmission line, the 
two-wire Beverage has a certain characteristic imped- 
ance—we’ll call it Z,; here—depending on the spacing 
between the two wires and the insulation between them. 
T3 transforms the terminating resistance needed at the end 
of the line to Z,. Keep in mind that this terminating resis- 
tance is equal to the characteristic impedance Z, nz of the 
Beverage—that is, the impedance of the parallel wires over 
their images in the ground below. For example, if Z, of 
the Beverage wire is 300 Q (that is, you used TV twin- 
lead for the two Beverage wires), T3 must transform the 
balanced 300 Q to the unbalanced 500 Q Z,y7 impedance 
used to terminate the Beverage. 

The design and construction of the reflection trans- 
former used in a two-wire Beverage is more demanding than 
that for the straightforward matching transformer T1 because 
the exact value of terminating impedance is more critical for 
good F/B. See Chapter 7 (Special Receiving Antennas) in 
ON4UN’s Low-Band DXing for details on winding the 
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reflection transformers for a two-wire Beverage. 

Another convenient feature of the two-wire Bever- 
age is the ability to steer the nulls off either end of the 
antenna while receiving in the opposite direction. For in- 
stance, if the series RLC network shown at J2 is adjusted 
while the receiver is connected to J1, signals can be re- 
ceived from the left direction while interference coming 
from the right can be partially or completely nulled. The 
nulls can be steered over a 60° (or more) area off the right- 
hand end of the antenna. The same null-steering capabil- 
ity exists in the opposite direction with the receiver 
connected at J2 and the termination connected at J1. 

The two-wire Beverage is typically erected at the 
same height as a single-wire version. The two wires are at 
the same height and are spaced uniformly—typically 12 
to 18 inches apart for discrete wires. Some amateurs con- 
struct two-wire Beverages using “window” ladder-line, 
twisting the line about three twists per foot for mechani- 
cal and electrical stability in the wind. 


The characteristic impedance Zany of a Beverage 
made using two discrete wires with air insulation between 
them depends on the wire size, spacing and height and is 
given by: 





Z DE sie ah 1+ ay; 
ANT Je 8 a S (Eq 5) 
where 
Zant = Beverage impedance = desired terminating 
resistance 


S = wire spacing 

h = height above ground 

d = wire diameter (in same units as S and h) 
€ = 2.71828 


Beverages in Echelon 


The pattern of a Beverage receiving antenna is dependent 
on the terminating resistance used for a particular antenna, as 
was demonstrated at the extremes by Fig 36. This compared 
the patterns for a terminated and an unterminated Beverage. 
The pattern of even a poorly terminated Beverage can be 
significantly improved by the addition of a second Beverage. 
The additional Beverage is installed so that it is operated in 
echelon, a word deriving from the fact that the two wires look 
like the parallel rungs on a ladder. For a practial 160- and 
80-meter setup the second Beverage wire is parallel to the 
first Beverage, spaced from it by about 5 meters, and also 
staggered 30 meters ahead. See Fig 38. 

The forward Beverage is fed with a phase difference 
of +125° such that the total phase, including that due to the 
forward staggering, is 180°. This forms the equivalent of an 
end-fire array fed out-of-phase, but it takes advantage of 
the natural directivity of each Beverage. Fig 39 compares 
the pattern of a single 1-A 160-meter Beverage that is sloppily 
terminated with two Beverages fed in echelon. The 
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Beverages in echelon gives a modest additional gain of 
almost 2 dB. But where the two Beverages in echelon really 
shine is how they cleans up the rearward pattern—from an 
average about 15 dB for the single Beverage to more than 
25 dB for the two Beverages. 

Even at a spacing of 5 meters, there is very little mutual 
coupling between the two Beverage wires because of their 
inherently small radiation resistance when they are mounted 
low above lossy ground. If you adjust for a low SWR (using 
proper transformers to match the feed-line coaxes), the phase 
difference will depend solely on the difference in length of 
the two coaxes feeding the Beverage wires. Fig 40 shows a 
wideband feed system designed by Tom Rauch, WS8IJI, as a 
“cross-fire” feed system. The 180° wideband phase-inverting 
transformer allows the system to work on two bands, say 
160 and 80 meters. See Chapter 7, Receiving Antennas, in 
ON4UN’s Low-Band DXing book, 4th Edition for 
transformer details. 


Practical Considerations 


Even though Beverage antennas have excellent 
directive patterns if terminated properly, gain never ex- 
ceeds about —3 dBi in most practical installations. How- 
ever, the directivity that the Beverage provides results in 
a much higher signal-to-noise ratio for signals in the 
desired direction than almost any other real-world antenna 
used at low frequencies. 

A typical situation might be a station located in the US 
Northeast (W1), trying to receive Topband signals from 
Europe to the northeast, while thunderstorms behind him in 
the US Southeast (W4) are creating huge static crashes. In- 
stead of listening to an S7 signal with 10-dB over S9 noise 
and interference on a vertical, the directivity of a Beverage 
will typically allow you to copy the same signal at perhaps 
S5 with only S3 (or lower) noise and interference. This is 
certainly a worthwhile improvement. However, if you are 
in the middle of a thunderstorm, or if there is a thunder- 
storm in the direction from which you are trying to receive 
a signal, no Beverage is going to help you! 

There are a few basic principles that must be kept in 
mind when erecting Beverage antennas if optimum per- 
formance is to be realized. 


1) Plan the installation thoroughly, including choosing 
an antenna length consistent with the optimum length 
values discussed earlier. 

2) Keep the antenna as straight and as nearly level as 
possible over its entire run. Avoid following the ter- 
rain under the antenna too closely—keep the antenna 
level with the average terrain. 

3) Minimize the lengths of vertical downleads at the ends 
of the antenna. Their effect is detrimental to the direc- 
tive pattern of the antenna. It is best to slope the 
antenna wire from ground level to its final height (over 
a distance of 50 feet or so) at the feed-point end. Simi- 
lar action should be taken at the termination end. Be 
sure to seal the transformers against weather. 
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Fig 39—Layout of two 160-meter 1-A long Beverages in 
echelon, spaced 5 meters apart, with 30 meter forward 

stagger. The upper antenna has a 125° phase shift in its 
feed system. 
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Fig 40—Azimuth pattern at 10° takeoff angle for single 


Beverage (dashed line) and two Beverages in an echelon 
end-fire array. The rearward pattern is considerably 
cleaner on the echelon. Thus, two closely spaced, short 
Beverages can give considerable improvement over a 
single short Beverage. 
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4) Use a noninductive resistor for terminating a single- 
wire Beverage. If you live in an area where lightning 
storms are common, use 2-W terminating resistors, 
which can survive surges due to nearby lightning strikes. 

5) Use high-quality insulators for the Beverage wire 
where it comes into contact with the supports. Plastic 
insulators designed for electric fences are inexpensive 
and effective. 

6) Keep the Beverage away from parallel conductors such 
as electric power and telephone lines for a distance of 
at least 200 feet. Perpendicular conductors, even other 
Beverages, may be crossed with relatively little inter- 
action, but do not cross any conductors that may pose 
a safety hazard. 

7) Run the coaxial feed line to the Beverage so that it is 
not directly under the span of the wire. This prevents 
common-mode currents from appearing on the shield 
of the coax. It may be necessary to use a ferrite-bead 
choke on the feed line if you find that the feed line 
itself picks up signals when it is temporarily discon- 
nected from the Beverage. See Chapter 26 for details 
on common-mode chokes. 

8) If you use elevated radials in your transmitting 
antenna system, keep your Beverage feed lines well 
away from them to avoid stray pickup that will ruin 
the Beverage’s directivity. 
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Chapter 14 





Direction Finding 
Antennas 


The use of radio for direction-finding purposes 
(RDF) is almost as old as its application for communica- 
tions. Radio amateurs have learned RDF techniques and 
found much satisfaction by participating in hidden-trans- 
mitter hunts. Other hams have discovered RDF through 
an interest in boating or aviation, where radio direction 
finding is used for navigation and emergency location 
systems. 

In many countries of the world, the hunting of hid- 
den amateur transmitters takes on the atmosphere of a 
sport, as participants wearing jogging togs or track suits 
dash toward the area where they believe the transmitter 
is located. The sport is variously known as fox hunting, 
bunny hunting, ARDF (Amateur Radio direction finding) 
or simply transmitter hunting. In North America, most 
hunting of hidden transmitters is conducted from auto- 
mobiles, although hunts on foot are gaining popularity. 

There are less pleasant RDF applications as well, 
such as tracking down noise sources or illegal operators 
from unidentified stations. Jammers of repeaters, traffic 
nets and other amateur operations can be located with 
RDF equipment. Or sometimes a stolen amateur rig will 
be operated by a person who is not familiar with Ama- 
teur Radio, and by being lured into making repeated trans- 
missions, the operator unsuspectingly permits himself to 
be located with RDF equipment. The ability of certain 
RDF antennas to reject signals from selected directions 
has also been used to advantage in reducing noise and 
interference. Through APRS, radio navigation is becom- 
ing a popular application of RDF. The locating of downed 
aircraft is another, and one in which amateurs often lend 
their skills. Indeed, there are many useful applications 
for RDF. 

Although sophisticated and complex equipment 
pushing the state of the art has been developed for use by 
governments and commercial enterprises, relatively 
simple equipment can be built at home to offer the Radio 


Amateur an opportunity to RDF. This chapter deals with 
antennas suitable for that purpose. 


RDF by Triangulation 


It is impossible, using amateur techniques, to pin- 
point the whereabouts of a transmitter from a single 
receiving location. With a directional antenna you can 
determine the direction of a signal source, but not how 
far away it is. To find the distance, you can then travel in 
the determined direction until you discover the transmit- 
ter location. However, that technique can be time con- 
suming and often does not work very well. 

A preferred technique is to take at least one addi- 
tional direction measurement from a second receiving 
location. Then use a map of the area and plot the bearing 
or direction measurements as straight lines from points 
on the map representing the two locations. The approxi- 
mate location of the transmitter will be indicated by the 
point where the two bearing lines cross. Even better 
results can be obtained by taking direction measurements 
from three locations and using the mapping technique 
just described. Because absolutely precise bearing mea- 
surements are difficult to obtain in practice, the three lines 
will almost always cross to form a triangle on the map, 
rather than at a single point. The transmitter will usually 
be located inside the area represented by the triangle. 
Additional information on the technique of triangulation 
and much more on RDF techniques may be found in 
recent editions of The ARRL Handbook. 


DIRECTION FINDING SY\STEMS 


Required for any RDF system are a directive antenna 
and a device for detecting the radio signal. In amateur 
applications the signal detector is usually a transceiver 
and for convenience it will usually have a meter to indi- 
cate signal strength. Unmodified, commercially available 
portable or mobile receivers are generally quite satisfac- 
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tory for signal detectors. At very close ranges a simple 
diode detector and dc microammeter may suffice for the 
detector. 

On the other hand, antennas used for RDF techniques 
are not generally the types used for normal two-way com- 
munications. Directivity is a prime requirement, and here 
the word directivity takes on a somewhat different mean- 
ing than is commonly applied to other amateur antennas. 
Normally we associate directivity with gain, and we think 
of the ideal antenna pattern as one having a long, thin 
main lobe. Such a pattern may be of value for coarse 
measurements in RDF work, but precise bearing measure- 
ments are not possible. There is always a spread of a few 
(or perhaps many) degrees on the nose of the lobe, where 
a shift of antenna bearing produces no detectable change 
in signal strength. In RDF measure-ments, it is desirable 
to correlate an exact bearing or compass direction with 
the position of the antenna. In order to do this as accu- 
rately as possible, an antenna exhibiting a null in its pat- 
tern is used. A null can be very sharp in directivity, to 
within a half degree or less. 


Loop Antennas 


A simple antenna for HF RDF work is a small loop 
tuned to resonance with a capacitor. Several factors must 
be considered in the design of an RDF loop. The loop 
must be small in circumference compared with the wave- 
length. In a single-turn loop, the conductor should be less 
than 0.08 4 long. For 28 MHz, this represents a length 
of less than 34 inches (a diameter of approximately 
10 inches). Maximum response from the loop antenna is 
in the plane of the loop, with nulls exhibited at right angles 
to that plane. 

To obtain the most accurate bearings, the loop must 
be balanced electrostatically with respect to ground. 
Otherwise, the loop will exhibit two modes of operation. 





(A) (B) 
(C) (D) 


Fig 1—Small-loop field patterns with varying amounts 
of antenna effect—the undesired response of the loop 
acting merely as a mass of metal connected to the 
receiver antenna terminals. The straight lines show the 
plane of the loop. 
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One is the mode of a true loop, while the other is that of 
an essentially nondirectional vertical antenna of small 
dimensions. This second mode is called the antenna effect. 
The voltages introduced by the two modes are seldom in 
phase and may add or subtract, depending upon the 
direction from which the wave is coming. 

The theoretical true loop pattern is illustrated in 
Fig 1A. When properly balanced, the loop exhibits two 
nulls that are 180° apart. Thus, a single null reading with 
a small loop antenna will not indicate the exact direction 
toward the transmitter—only the line along which the 
transmitter lies. Ways to overcome this ambiguity are dis- 
cussed later. 

When the antenna effect is appreciable and the loop 
is tuned to resonance, the loop may exhibit little direc- 
tivity, as shown in Fig 1B. However, by detuning the loop 
to shift the phasing, a pattern similar to 1C may be 
obtained. Although this pattern is not symmetrical, it does 
exhibit a null. Even so, the null may not be as sharp as 
that obtained with a loop that is well balanced, and it 
may not be at exact right angles to the plane of the loop. 

By suitable detuning, the unidirectional cardioid 
pattern of Fig 1D may be approached. This adjustment is 
sometimes used in RDF work to obtain a unidirectional 
bearing, although there is no complete null in the pat- 
tern. A cardioid pattern can also be obtained with a small 
loop antenna by adding a sensing element. Sensing ele- 
ments are discussed in a later section of this chapter. 

An electrostatic balance can be obtained by shield- 
ing the loop, as Fig 2 shows. The shield is represented by 
the broken lines in the drawing, and eliminates the 
antenna effect. The response of a well-constructed 
shielded loop is quite close to the ideal pattern of Fig 1A. 





Fig 2—Shielded loop for direction finding. The ends 
of the shielding turn are not connected, to prevent 
shielding the loop from magnetic fields. The shield is 
effective against electric fields. 


Fig 3—Small loop consisting of several turns of wire. 


The total conductor length is very much less than a 
wavelength. Maximum response is in the plane of the 
loop. 


For the low-frequency amateur bands, single-turn 
loops of convenient physical size for portability are gen- 
erally found to be unsatisfactory for RDF work. There- 
fore, multiturn loops are generally used instead. Such a 
loop is shown in Fig 3. This loop may also be shielded, 
and if the total conductor length remains below 0.08 A, 
the directional pattern is that of Fig 1A. A sensing ele- 
ment may also be used with a multiturn loop. 


Loop Circuits and Criteria 


No single word describes a direction-finding loop 
of high performance better than symmetry. To obtain an 
undistorted response pattern from this type of antenna, 
you must build it in the most symmetrical manner pos- 
sible. The next key word is balance. The better the elec- 
trical balance, the deeper the loop null and the sharper 
the maxima. 

The physical size of the loop for 7 MHz and below 
is not of major consequence. A 4-foot diameter loop will 
exhibit the same electrical characteristics as one which 
is only an inch or two in diameter. The smaller the loop, 
however, the lower its efficiency. This is because its 
aperture samples a smaller section of the wave front. Thus, 
if you use loops that are very small in terms of a wave- 
length, you will need preamplifiers to compensate for the 
reduced efficiency. 

An important point to keep in mind about a small 
loop antenna oriented in a vertical plane is that it is ver- 
tically polarized. It should be fed at the bottom for the 
best null response. Feeding it at one side, rather than at 
the bottom, will not alter the polarization and will only 
degrade performance. To obtain horizontal polarization 
from a small loop, it must be oriented in a horizontal 
plane, parallel to the earth. In this position the loop 


response is essentially omnidirectional. 

The earliest loop antennas were of the frame antenna 
variety. These were unshielded antennas built on a wooden 
frame in a rectangular format. The loop conductor could 
be a single turn of wire (on the larger units) or several 
turns if the frame was small. Later, shielded versions of 
the frame antenna became popular, providing electrostatic 
shielding—an aid to noise reduction from such sources as 
precipitation static. 


Ferrite Rod Antennas 


With advances in technology, magnetic-core loop 
antennas came into use. Their advantage was reduced size, 
and this appealed especially to the designers of aircraft 
and portable radios. Most of these antennas contain fer- 
rite bars or cylinders, which provide high inductance and 
Q with a relatively small number of coil turns. 

Magnetic-core antennas consist essentially of turns 
of wire around a ferrite rod. They are also known as 
loopstick antennas. Probably the best-known example of 
this type of antenna is that used in small portable AM 
broadcast receivers. Because of their reduced-size advan- 
tage, ferrite-rod antennas are used almost exclusively for 
portable work at frequencies below 150 MHz. 

As implied in the earlier discussion of shielded loops 
in this chapter, the true loop antenna responds to the mag- 
netic field of the radio wave, and not to the electrical field. 
The voltage delivered by the loop is proportional to the 
amount of magnetic flux passing through the coil, and to 
the number of turns in the coil. The action is much the 
same as in the secondary winding of a transformer. For a 
given size of loop, the output voltage can be increased by 
increasing the flux density, and this is done with a ferrite 
core of high permeability. A '/2-inch diameter, 7-inch rod 
of Q2 ferrite (m; = 125) is suitable for a loop core from 
the broadcast band through 10 MHz. For increased out- 
put, the turns may be wound on two rods that are taped 
together, as shown in Fig 4. Loopstick antennas for con- 








Fig 4—A ferrite-rod or loopstick antenna. Turns of wire 
may be wound on a single rod, or to increase the output 
from the loop, the core may be two rods taped together, 
as shown here. The type of core material must be 
selected for the intended frequency range of the loop. 
To avoid bulky windings, fine wire such as #28 

or #30 is often used, with larger wire for the leads. 
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Fig 5—Field pattern for a ferrite rod antenna. The dark 
bar represents the rod on which the loop turns are 
wound. 


struction are described later in this chapter. 

Maximum response of the loopstick antenna is 
broadside to the axis of the rod as shown in Fig 5, whereas 
maximum response of the ordinary loop is in a direction 
at right angles to the plane of the loop. Otherwise, the 
performances of the ferrite-rod antenna and of the ordi- 
nary loop are similar. The loopstick may also be shielded 
to eliminate the antenna effect, such as with a U-shaped 
or C-shaped channel of aluminum or other form of trough. 
The length of the shield should equal or slightly exceed 
the length of the rod. 


Sensing Antennas 


Because there are two nulls that are 180° apart in 
the directional pattern of a loop or a loopstick, an ambi- 
guity exists as to which one indicates the true direction 
of the station being tracked. For example, assume you 
take a bearing measurement and the result indicates the 
transmitter is somewhere on a line running approximately 
east and west from your position. With this single read- 
ing, you have no way of knowing for sure if the transmit- 
ter is east of you or west of you. 

If more than one receiving station takes bearings on 
a single transmitter, or if a single receiving station takes 
bearings from more than one position on the transmitter, 
the ambiguity may be worked out by triangulation, as 
described earlier. However, it is sometimes desirable to 
have a pattern with only one null, so there is no question 
about whether the transmitter in the above example would 
be east or west from your position. 

A loop or loopstick antenna may be made to have a 
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Fig 6—At A, the directivity pattern of a loop antenna 
with sensing element. At B is a circuit for combining 
the signals from the two elements. C1 is adjusted for 
resonance with T1 at the operating frequency. 


single null if a second antenna element is added. The ele- 
ment is called a sensing antenna, because it gives an added 
sense of direction to the loop pattern. The second ele- 
ment must be omnidirectional, such as a short vertical. 
When the signals from the loop and the vertical element 
are combined with a 90° phase shift between the two, a 
cardioid pattern results. The development of the pattern 
is shown in Fig 6A. 

Fig 6B shows a circuit for adding a sensing antenna 
to a loop or loopstick. R1 is an internal adjustment and is 
used to set the level of the signal from the sensing 


antenna. For the best null in the composite pattern, the 
signals from the loop and the sensing antenna must be of 
equal amplitude, so R1 is adjusted experimentally dur- 
ing setup. In practice, the null of the cardioid is not as 
sharp as that of the loop, so the usual measurement pro- 
cedure is to first use the loop alone to obtain a precise 
bearing reading, and then to add the sensing antenna and 
take another reading to resolve the ambiguity. (The null 
of the cardioid is 90° away from the nulls of the loop.) 
For this reason, provisions are usually made for switch- 
ing the sensing element in an out of operation. 


PHASED ARRAYS 


Phased arrays are also used in amateur RDF work. 
Two general classifications of phased arrays are end-fire 
and broadside configurations. Depending on the spacing 
and phasing of the elements, end-fire patterns may exhibit 
a null in one direction along the axis of the elements. At 
the same time, the response is maximum off the other 
end of the axis, in the opposite direction from the null. A 
familiar arrangement is two elements spaced '/s A apart 
and fed 90° out of phase. The resultant pattern is a car- 
dioid, with the null in the direction of the leading ele- 
ment. Other arrangements of spacing and phasing for an 
end-fire array are also suitable for RDF work. One of the 
best known is the Adcock array, discussed in the next 
section. 

Broadside arrays are inherently bidirectional, which 
means there are always at least two nulls in the pattern. 
Ambiguity therefore exists in the true direction of the 
transmitter, but depending on the application, this may 
be no handicap. Broadside arrays are seldom used for 
amateur RDF applications however. 


The Adcock Antenna 


Loops are adequate in RDF applications where only 
the ground wave is present. The performance of an RDF 
system for sky-wave reception can be improved by the 
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Fig 7—A simple Adcock antenna. 


use of an Adcock antenna, one of the most popular types 
of end-fire phased arrays. A basic version is shown in 
Fig 7. 

This system was invented by F. Adcock and patented 
in 1919. The array consists of two vertical elements fed 
180° apart, and mounted so the system may be rotated. 
Element spacing is not critical, and may be in the range 
from 0.1 to 0.75 A. The two elements must be of identi- 
cal lengths, but need not be self-resonant. Elements that 
are shorter than resonant are commonly used. Because 
neither the element spacing nor the length is critical in 
terms of wavelengths, an Adcock array may be operated 
over more than one amateur band. 

The response of the Adcock array to vertically 
polarized waves is similar to a conventional loop, and 
the directive pattern is essentially the same. Response of 
the array to a horizontally polarized wave is consider- 
ably different from that of a loop, however. The currents 
induced in the horizontal members tend to balance out 
regardless of the orientation of the antenna. This effect 
has been verified in practice, where good nulls were 
obtained with an experimental Adcock under sky-wave 
conditions. The same circumstances produced poor nulls 
with small loops (both conventional and ferrite-loop 
models). 

Generally speaking, the Adcock antenna has attrac- 
tive properties for amateur RDF applications. Unfortu- 
nately, its portability leaves something to be desired, 
making it more suitable to fixed or semi-portable appli- 
cations. While a metal support for the mast and boom 
could be used, wood, PVC or fiberglass are preferable 
because they are nonconductors and would therefore 
cause less pattern distortion. 

Since the array is balanced, an antenna tuner is 
required to match the unbalanced input of a typical 
receiver. Fig 8 shows a suitable link-coupled network. 
C2 and C3 are null-balancing capacitors. A low-power 
signal source is placed some distance from the Adcock 
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Fig 8—A suitable coupler for use with the Adcock 
antenna. 
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Fig 9—At A, the pattern of the Adcock array with an element spacing of '/2 wavelength. In these plots the elements 
are aligned with the horizontal axis. As the element spacing is increased beyond °/s wavelength, additional nulls 
develop off the ends of the array, and at a spacing of 1 wavelength the pattern at B exists. This pattern is 


unsuitable for RDF work. 


antenna and broadside to it. C2 and C3 are then adjusted 
until the deepest null is obtained. The tuner can be placed 
below the wiring-harness junction on the boom. Connec- 
tion can be made by means of a short length of 300-Q 
twin-lead. 

The radiation pattern of the Adcock is shown in 
Fig 9A. The nulls are in directions broadside to the array, 
and become sharper with greater element spacings. How- 
ever, with an element spacing greater than 0.75 A, the 
pattern begins to take on additional nulls in the direc- 
tions off the ends of the array axis. At a spacing of 
1 A the pattern is that of Fig 9B, and the array is unsuit- 
able for RDF applications. 

Short vertical monopoles are often used in what is 
sometimes called the U-Adcock, so named because the 
elements with their feeders take on the shape of the letter 
U. In this arrangement the elements are worked against 
the earth as a ground or counterpoise. If the array is used 
only for reception, earth losses are of no great conse- 
quence. Short, elevated vertical dipoles are also used in 
what is sometimes called the H-Adcock. 

The Adcock array, with two nulls in its pattern, has 
the same ambiguity as the loop and the loopstick. Add- 
ing a sensing element to the Adcock array has not met 
with great success. Difficulties arise from mutual cou- 
pling between the array elements and the sensing element, 
among other things. Because Adcock arrays are used pri- 
marily for fixed-station applications, the ambiguity pre- 
sents no serious problem. The fixed station is usually one 
of a group of stations in an RDF network. 


LOOPS VERSUS PHASED ARRAYS 


Although loops can be made smaller than suitable 
phased arrays for the same frequency of operation, the 
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phased arrays are preferred by some for a variety of rea- 
sons. In general, sharper nulls can be obtained with phased 
arrays, but this is also a function of the care used in con- 
structing and feeding the individual antennas, as well as 
of the size of the phased array in terms of wavelengths. 
The primary constructional consideration is the shield- 
ing and balancing of the feed line against unwanted sig- 
nal pickup, and the balancing of the antenna for a 
symmetrical pattern. 

Loops are not as useful for skywave RDF work 
because of random polarization of the received signal. 
Phased arrays are somewhat less sensitive to propaga- 
tion effects, probably because they are larger for the same 
frequency of operation and therefore offer some space 
diversity. In general, loops and loopsticks are used for 
mobile and portable operation, while phased arrays are 
used for fixed-station operation. However, phased arrays 
are used successfully above 144 MHz for portable and 
mobile RDF work. Practical examples of both types of 
antennas are presented later in this chapter. 


THE GONIOMETER 


Most fixed RDF stations for government and commer- 
cial work use antenna arrays of stationary elements, rather 
than mechanically rotatable arrays. This has been true since 
the earliest days of radio. The early-day device that per- 
mits finding directions without moving the elements is 
called a radiogoniometer, or simply a goniometer. Various 
types of goniometers are still used today in many 
installations, and offer the amateur some possibilities. 

The early style of goniometer is a special form of 
RF transformer, as shown in Fig 10. It consists of two 
fixed coils mounted at right angles to one another. Inside 
the fixed coils is a movable coil, not shown in Fig 10 to 





Fig 10—An early type of goniometer that is still used 
today in some RDF applications. This device is a 
special type of RF transformer that permits a movable 
coil in the center (not shown here) to be rotated and 
determine directions even though the elements are 
stationary. 


avoid cluttering the diagram. The pairs of connections 
marked A and B are connected respectively to two ele- 
ments in an array, and the output to the detector or receiver 
is taken from the movable coil. As the inner coil is rotated, 
the coupling to one fixed coil increases while that to the 
other decreases. Both the amplitude and the phase of the 
signal coupled into the pickup winding are altered with 
rotation in a way that corresponds to actually rotating 
the array itself. Therefore, the rotation of the inner coil 
can be calibrated in degrees to correspond to bearing 
angles from the station location. 

In the early days of radio, the type of goniometer 
just described saw frequent use with fixed Adcock arrays. 
A refinement of that system employed four Adcock ele- 
ments, two arrays at right angles to each other. With a 
goniometer arrangement, RDF measurements could be 
taken in all compass directions, as opposed to none off 
the ends of a two-element fixed array. However, resolu- 
tion of the 4-element system was not as good as with a 
single pair of elements, probably because of mutual cou- 
pling among the elements. To overcome this difficulty a 
few systems of eight elements were installed. 

Various other types of goniometers have been devel- 
oped over the years, such as commutator switching to vari- 
ous elements in the array. A later development is the diode 
switching of capacitors to provide a commutator effect. As 
mechanical action has gradually been replaced with elec- 
tronics to “rotate” stationary elements, the word goniom- 
eter is used less frequently these days. However, it still 
appears in many engineering reference texts. The more com- 
plex electronic systems of today are called beam-forming 
networks. 


Electronic Antenna Rotation 
With an array of many fixed elements, beam rotation 
can be performed electronically by sampling and combin- 
ing signals from various individual elements in the array. 
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Fig 11—This diagram illustrates one technique used in 
electronic beam forming. By delaying the signal from 
element A by an amount equal to the propagation 
delay, the two signals may be summed precisely in 
phase, even though the signal is not in the broadside 
direction. Because this time delay is identical for all 
frequencies, the system is not frequency sensitive. 


Contingent upon the total number of elements in the sys- 
tem and their physical arrangement, almost any desired 
antenna pattern can be formed by summing the sampled 
signals in appropriate amplitude and phase relationships. 
Delay networks are used for some of the elements before 
the summation is performed. In addition, attenuators may 
be used for some elements to develop patterns such as from 
an array with binomial current distribution. 

One system using these techniques is the 
Wullenweber antenna, employed primarily in government 
and military installations. The Wullenweber consists of a 
very large number of elements arranged in a circle, usu- 
ally outside of (or in front of) a circular reflecting screen. 
Depending on the installation, the circle may be anywhere 
from a few hundred feet to more than a quarter of a mile 
in diameter. Although the Wullenweber is not one that 
would be constructed by an amateur, some of the tech- 
niques it uses may certainly be applied to Amateur Radio. 

For the moment, consider just two elements of a 
Wullenweber antenna, shown as A and B in Fig 11. Also 
shown is the wavefront of a radio signal arriving from a 
distant transmitter. As drawn, the wavefront strikes ele- 
ment A first, and must travel somewhat farther before it 
strikes element B. There is a finite time delay before the 
wavefront reaches element B. 

The propagation delay may be measured by delay- 
ing the signal received at element A before summing it 
with that from element B. If the two signals are com- 
bined directly, the amplitude of the resultant signal will 
be maximum when the delay for element A exactly equals 
the propagation delay. This results in an in-phase condi- 
tion at the summation point. Or if one of the signals is 
inverted and the two are summed, a null will exist when 
the element-A delay equals the propagation delay; the 
signals will combine in a 180° out-of-phase relationship. 
Either way, once the time delay is known, it may be con- 
verted to distance. Then the direction from which the wave 
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is arriving may be determined by trigonometry. 

By altering the delay in small increments, the peak 
of the antenna lobe (or the null) can be steered in azi- 
muth. This is true without regard to the frequency of the 
incoming wave. Thus, as long as the delay is less than 
the period of one RF cycle, the system is not frequency 
sensitive, other than for the frequency range that may be 
covered satisfactorily by the array elements themselves. 
Surface acoustic wave (SAW) devices or lumped-constant 
networks can be used for delay lines in such systems if 
the system is used only for receiving. Rolls of coaxial 
cable of various lengths are used in installations for trans- 
mitting. In this case, the lines are considered for the time 
delay they provide, rather than as simple phasing lines. 
The difference is that a phasing line is ordinarily designed 
for a single frequency (or for an amateur band), while a 
delay line offers essentially the same time delay at all 
frequencies. 

By combining signals from other Wullenweber ele- 
ments appropriately, the broad beamwidth of the pattern 
from the two elements can be narrowed, and unwanted 
sidelobes can be suppressed. Then, by electronically 
switching the delays and attenuations to the various ele- 
ments, the beam so formed can be rotated around the com- 
pass. The package of electronics designed to do this, 
including delay lines and electronically switched attenua- 
tors, is the beam-forming network. However, the 
Wullenweber system is not restricted to forming a single 
beam. With an isolation amplifier provided for each ele- 
ment of the array, several beam-forming networks can be 
operated independently. Imagine having an antenna sys- 
tem that offers a dipole pattern, a rhombic pattern, and a 
Yagi beam pattern, all simultaneously and without fre- 
quency sensitivity. One or more may be rotating while 
another is held in a particular direction. The Wullenweber 
was designed to fulfill this type of requirement. 

One feature of the Wullenweber antenna is that it can 
operate 360° around the compass. In many government 
installations, there is no need for such coverage, as the 
areas of interest lie in an azimuth sector. In such cases an 
in-line array of elements with a backscreen or curtain re- 
flector may be installed broadside to the center of the sec- 
tor. By using the same techniques as the Wullenweber, 
the beams formed from this array may be slewed left and 
right across the sector. The maximum sector width avail- 
able will depend on the installation, but beyond 70° to 80° 
the patterns begin to deteriorate to the point that they are 
unsatisfactory for precise RDF work. 


RDF SYSTEM CALIBRATION AND USE 


Once an RDF system is initially assembled, it should 
be calibrated or checked out before actually being put 
into use. Of primary concern is the balance or symmetry 
of the antenna pattern. A lop-sided figure-8 pattern with 
a loop, for example, is undesirable; the nulls are not 180° 
apart, nor are they at exact right angles to the plane of 
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the loop. If you didn’t know this fact in actual RDF work, 
measurement accuracy would suffer. 

Initial checkout can be performed with a low- 
powered transmitter at a distance of a few hundred feet. 
It should be within visual range and must be operating 
into a vertical antenna. (A quarter-wave vertical or a 
loaded whip is quite suitable.) The site must be reason- 
ably clear of obstructions, especially steel and concrete 
or brick buildings, large metal objects, nearby power lines, 
and so on. If the system operates above 30 MHz, you 
should also avoid trees and large bushes. An open field 
makes an excellent site. 

The procedure is to find the transmitter with the RDF 
equipment as if its position were not known, and com- 
pare the RDF null indication with the visual path to the 
transmitter. For antennas having more than one null, each 
null should be checked. 

If imbalance is found in the antenna system, there 
are two options available. One is to correct the imbal- 
ance. Toward this end, pay particular attention to the feed 
line. Using a coaxial feeder for a balanced antenna invites 
an asymmetrical pattern, unless an effective balun is used. 
A balun is not necessary if the loop is shielded, but an 
asymmetrical pattern can result with misplacement of the 
break in the shield itself. The builder may also find that 
the presence of a sensing antenna upsets the balance 
slightly, due to mutual coupling. Experiment with its 
position with respect to the main antenna to correct the 
error. You will also note that the position of the null shifts 
by 90° as the sensing element is switched in and out, and 
the null is not as deep. This is of little concern, however, 
as the intent of the sensing antenna is only to resolve 
ambiguities. The sensing element should be switched out 
when accuracy is desired. 

The second option is to accept the imbalance of the 
antenna and use some kind of indicator to show the true 
directions of the nulls. Small pointers, painted marks on 
the mast, or an optical sighting system might be used. 
Sometimes the end result of the calibration procedure will 
be a compromise between these two options, as a perfect 
electrical balance may be difficult or impossible to attain. 

The discussion above is oriented toward calibrating 
portable RDF systems. The same general suggestions 
apply if the RDF array is fixed, such as an Adcock. How- 
ever, it won’t be possible to move it to an open field. 
Instead, the array must be calibrated in its intended oper- 
ating position through the use of a portable or mobile 
transmitter. Because of nearby obstructions or reflecting 
objects, the null in the pattern may not appear to indicate 
the precise direction of the transmitter. Do not confuse 
this with imbalance in the RDF array. Check for imbal- 
ance by rotating the array 180° and comparing readings. 

Once the balance is satisfactory, you should make a 
table of bearing errors noted in different compass direc- 
tions. These error values should be applied as corrections 
when actual measurements are made. The mobile or por- 


















Thick (12) 
2 Holes 


5 Holes 
Each End 
(1) 


Fig 13—A wooden frame can be used to contain the 
wire of the loop shown in Fig 12. 








to Preamp. 


(B) 


Fig 12—A multiturn frame antenna is shown at A. L2 is 
the coupling loop. The drawing at B shows how L2 is 
connected to a preamplifier. 


table transmitter should be at a distance of two or three 
miles for these measurements, and should be in as clear 
an area as possible during transmissions. The idea is to 
avoid conduction of the signal along power lines and other 
overhead wiring from the transmitter to the RDF site. Of 
course the position of the transmitter must be known 
accurately for each transmission. 


FRAME LOOPS 


It was mentioned earlier that the earliest style of 
receiving loops was the frame antenna. If carefully con- 
structed, such an antenna performs well and can be built 
at low cost. Fig 12 illustrates the details of a practical 
frame type of loop antenna. This antenna was designed 
by Doug DeMaw, W1FB, and described in QST for July 
1977. (See the Bibliography at the end of this chapter.) 
The circuit in Fig 12A is a 5-turn system tuned to reso- 


nance by Cl. If the layout is symmetrical, good balance Fig 14—An assembled table-top version of the 


should be obtained. L2 helps to achieve this objective by _electrostatically shielded loop. RG-58 cable is used 
eliminating the need for direct coupling to the feed ter- in its construction. 
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minals of L1. If the loop feed were attached in parallel 
with Cl, a common practice, the chance for imbalance 
would be considerable. 

L2 can be situated just inside or slightly outside of 
L1; a 1-inch separation works nicely. The receiver or 
preamplifier can be connected to terminals A and B of 
L2, as shown in Fig 12B. C2 controls the amount of cou- 
pling between the loop and the preamplifier. The lighter 
the coupling, the higher is the loop Q, the narrower is the 
frequency response, and the greater is the gain require- 
ment from the preamplifier. It should be noted that no 
attempt is being made to match the extremely low loop 
impedance to the preamplifier. 

A supporting frame for the loop of Fig 12 can be 
constructed of wood, as shown in Fig 13. The dimen- 
sions given are for a 1.8-MHz frame antenna. For use on 
75 or 40 meters, L1 of Fig 12A will require fewer turns, 
or the size of the wooden frame should be made some- 
what smaller than that of Fig 13. 


SHIELDED FRAME LOOPS 


If electrostatic shielding is desired, the format shown 
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1 Turn RG - 58 
( Center Inside L1 ) 


4 Turns RG - 58 









Remove 











1" of Braid 
L2 
Center 
Conductor 
Braid Braid and 
Center 1000 
Conductor to Preamp. 
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between turns 2 and 3 


(Cc) 
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Fig 15—Components and assembly details of the 
shielded loop shown in Fig 14. 


14-10 Chapter 14 


in Fig 14 can be adopted. In this example, the loop con- 
ductor and the single-turn coupling loop are made from 
RG-58 coaxial cable. The number of loop turns should be 
sufficient to resonate with the tuning capacitor at the op- 
erating frequency. Antenna resonance can be checked by 
first connecting C1 (Fig 12A) and setting it at midrange. 
Then connect a small 3-turn coil to the loop feed termi- 
nals, and couple to it with a dip meter. Just remember that 
the pickup coil will act to lower the frequency slightly 
from actual resonance. 

In the antenna photographed for Fig 14, the 1-turn 
coupling loop was made of #22 plastic-insulated wire. 
However, electrostatic noise pickup occurs on such a cou- 
pling loop, noise of the same nature that the shield on the 
main loop prevents. This can be avoided by using RG-58 
for the coupling loop. The shield of the coupling loop 
should be opened for about | inch at the top, and each 
end of the shield grounded to the shield of the main loop. 

Larger single-turn frame loops can be fashioned from 
aluminum-jacketed Hardline, if that style of coax is avail- 
able. In either case, the shield conductor must be opened 
at the electrical center of the loop, as shown in Fig 15 at 
A and B. The design example is for 1.8-MHz operation. 

To realize the best performance from an electro- 
statically shielded loop antenna, you must operate it near 
to and directly above an effective ground plane. An auto- 
mobile roof (metal) qualifies nicely for small shielded loops. 
For fixed-station use, a chicken-wire ground screen can 
be placed below the antenna at a distance of 1 to 6 feet. 
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Fig 16—At A, the diagram of a ferrite loop. C1 is a dual- 
section air-variable capacitor. The circuit at B shows a rod 
loop contained in an electrostatic shield channel (see 
text). A suitable low-noise preamplifier is shown in Fig 19. 
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Fig 17—The assembly at the top of the picture is a 
shielded ferrite-rod loop for 160 meters. Two rods have 
been glued end to end (see text). The other units in the 
picture are a low-pass filter (lower left), broadband 
preamplifier (lower center) and a Tektronix step 
attenuator (lower right). These were part of the test 
setup used when the antenna was evaluated. 


FERRITE-CORE LOOPS 


Fig 16 contains a diagram for a rod loop (loopstick 
antenna). This antenna was also designed by Doug 
DeMaw, W1FB, and described in QST for July 1977. The 
winding (L1) has the appropriate number of turns to per- 
mit resonance with Cl at the operating frequency. L1 
should be spread over approximately '/3 of the core cen- 


ter. Litz wire will yield the best Q, but Formvar magnet 
wire can be used if desired. A layer of 3M Company glass 
tape (or Mylar tape) is recommended as a covering for 
the core before adding the wire. Masking tape can be used 
if nothing else is available. 

L2 functions as a coupling link over the exact cen- 
ter of L1. Cl is a dual-section variable capacitor, although 
a differential capacitor might be better toward obtaining 
optimum balance. The loop Q is controlled by means of 
C2, which is a mica-compression trimmer. 

Electrostatic shielding of rod loops can be effected 
by centering the rod in a U-shaped aluminum, brass or 
copper channel, extending slightly beyond the ends of 
the rod loop (1 inch is suitable). The open side (top) of 
the channel can’t be closed, as that would constitute a 
shorted turn and render the antenna useless. This can be 
proved by shorting across the center of the channel with 
a screwdriver blade when the loop is tuned to an incom- 
ing signal. The shield-braid gap in the coaxial loop of 
Fig 15 is maintained for the same reason. 

Fig 17 shows the shielded rod loop assembly. This 
antenna was developed experimentally for 160 meters and 
uses two 7-inch ferrite rods, glued together end-to-end 
with epoxy cement. The longer core resulted in improved 
sensitivity for weak-signal reception. The other items in 
the photograph were used during the evaluation tests and 
are not pertinent to this discussion. This loop and the 
frame loop discussed in the previous section have bidi- 
rectional nulls, as shown in Fig 1A. 


Obtaining a Cardioid Pattern 


Although the bidirectional pattern of loop antennas 
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1.8— 2.0 MHz 
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u1 
Rod Loop 
MN Phasing 
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C3 
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Except as indicated, decimal 
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in microfarads (uF); others 
are in picofarads (pF ); 
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k=1,000, M=1,000,000. 





Fig 18—Schematic 

diagram of a rod-loop 

antenna with a cardioid 
C4 response. The sensing 
antenna, phasing 
network and a 
preamplifier are shown 
also. The secondary of T1 
and the primary of T2 are 
tuned to resonance at 
the operating frequency 
of the loop. T-68-2 to 
T-68-6 Amidon toroid 
cores are suitable for 
both transformers. 
0.1 Amidon also sells ferrite 
rods for this type of 
antenna. 


T2 
1.8— 2.0 MHz 
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Except as indicated, decimal 
values of capacitance are 
in microfarads (uF); others 
are in picofarads (pF ); 
resistances are in ohms; 
k=1,000, M=1,000,000. 
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Fig 19—Schematic diagram of a two-stage broadband amplifier patterned after a design by Wes Hayward, W7ZOI. 
T1 and T2 have a 4:1 impedance ratio and are wound on FT-50-61 toroid cores (Amidon) which have a pj of 125. 
They contain 12 turns of #24 enamel wire, bifilar wound. The capacitors are disc ceramic. This amplifier should 


be built on double-sided circuit board for best stability. 


can be used effectively in tracking down signal sources 
by means of triangulation, an essentially unidirectional 
loop response will help to reduce the time spent finding 
the fox. Adding a sensing antenna to the loop is simple to 
do, and it will provide the desired cardioid response. The 
theoretical pattern for this combination is shown in Fig 
1D. 

Fig 18 shows how a sensing element can be added 
to a loop or loopstick antenna. The link from the loop is 
connected by coaxial cable to the primary of T1, which 
is a tuned toroidal transformer with a split secondary 
winding. C3 is adjusted for peak signal response at the 
frequency of interest (as is C4), then R1 is adjusted for 
minimum back response of the loop. It will be necessary 
to readjust C3 and R1 several times to compensate for 
the interaction of these controls. The adjustments are 
repeated until no further null depth can be obtained. Tests 
at ARRL Headquarters showed that null depths as 
great as 40 dB could be obtained with the circuit of 
Fig 18 on 75 meters. A near-field weak-signal source was 
used during the tests. 

The greater the null depth, the lower the signal out- 
put from the system, so plan to include a preamplifier with 
25 to 40 dB of gain. QI! shown in Fig 18 will deliver ap- 
proximately 15 dB of gain. The circuit of Fig 19 can be 
used following T2 to obtain an additional 24 dB of gain. 
In the interest of maintaining a good noise figure, even at 
1.8 MHz, Q1 should be a low-noise device. A 2N4416, an 
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MPF 102, or a 40673 MOSFET would be satisfactory. The 
sensing antenna can be mounted 6 to 15 inches from the 
loop. The vertical whip need not be more than 12 to 
20 inches long. Some experimenting may be necessary in 
order to obtain the best results. Optimization will also 
change with the operating frequency of the antenna. 


A SHIELDED LOOP WITH 
SENSING ANTENNA FOR 28 MHz 


Fig 20 shows the construction and mounting of a 
simple shielded 10-meter loop. The loop was designed 
by Loren Norberg, W9PYG, and described in QST for 
April 1954. (See the Bibliography at the end of this chap- 
ter.) It is made from an 18-inch length of RG-11 coax 
(either solid or foam dielectric) secured to an aluminum 
box of any convenient size, with two coaxial cable hoods 
(Amphenol 83-1HP). The outer shield must be broken at 
the exact center. Cl is a 25-pF variable capacitor, and is 
connected in parallel with a 33-pF fixed mica padder 
capacitor, C3. C1 must be tuned to the desired frequency 
while the loop is connected to the receiver in the same 
way as it will be used for RDF. C2 is a small differential 
capacitor used to provide electrical symmetry. The lead- 
in to the receiver is 67 inches of RG-59 (82 inches if the 
cable has a foamed dielectric). 

The loop can be mounted on the roof of the car with 
a rubber suction cup. The builder might also fabricate 
some kind of bracket assembly to mount the loop tempo- 


rarily in the window opening of the automobile, allow- 
ing for loop rotation. Reasonably true bearings may be 
obtained through the windshield when the car is pointed 
in the direction of the hidden transmitter. More accurate 
bearings may be obtained with the loop held out the win- 
dow and the signal coming toward that side of the car. 

Sometimes the car broadcast antenna may interfere 
with accurate bearings. Disconnecting the antenna from 
the broadcast receiver may eliminate this trouble. 


Sensing Antenna 


A sensing antenna can be added to Norberg’s loop 
above to determine which of the two directions indicated 
by the loop is the correct one. Add a phono jack to the top 
of the aluminum case shown in Fig 20. The insulated cen- 
ter terminal of the jack should be connected to the side of 
the tuning capacitors that is common to the center con- 
ductor of the RG-59 coax feed line. The jack then takes a 
short vertical antenna rod of the diameter to fit the jack, or 
a piece of #12 or #14 solid wire may be soldered to the 
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Fig 20—Sketch showing the constructional details of 
the 28-MHz RDF loop. The outer braid of the coax loop 
is broken at the center of the loop. The gap is covered 
with waterproof tape, and the entire assembly is given 
a coat of acrylic spray. 


center pin of a phono plug for insertion in the jack. The 
sensing antenna can be plugged in as needed. Starting with 
a length of about four times the loop diameter, the length 
of the sensing antenna should be pruned until the pattern 
is similar to that of Fig 1D. 


THE SNOOP LOOP—FOR 
CLOSE-RANGE HF RDF 


Picture yourself on a hunt for a hidden 28-MHz 
transmitter. The night is dark, very dark. After you take 
off at the start of the hunt, heading in the right direction, 
the signal gets stronger and stronger. Your excitement 
increases with each additional S unit on the meter. You 
follow your loop closely, and it is working perfectly. 
You’re getting out of town and into the countryside. The 
roads are unfamiliar. Now the null is beginning to swing 
rather rapidly, showing that you are getting close. 

Suddenly the null shifts to give a direction at right 
angles to the car. With your flashlight you look carefully 
across the deep ditch beside the road and into the dark 
field where you know the transmitter is hidden. There 
are no roads into the field as far as you can see in either 
direction. You dare not waste miles driving up and down 
the road looking for an entrance, for each tenth of a mile 
counts. But what to do?—Your HF transceiver is mounted 
in your car and requires power from your car battery. 

In a brief moment your decision is made. You park 

















Fig 21—The box containing the detector and amplifier 
is also the ”handle” for the Snoop Loop. The loop is 
mounted with a coax T as a support, a convenience but 
not an essential part of the loop assembly. The loop 
tuning capacitor is screwdriver adjusted. The on-off 
switch and the meter sensitivity control may be 
mounted on the bottom. 
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Except as indicated, decimal 
values of capacitance are 

in microfarads (uF); others 
are in picofarads (pF ); 
resistances are in ohms; 
k=1,000, M=1,000,000. 







Zero Adj. 


Fig 22—The Snoop Loop circuit for 28-MHz operation. 
The loop is a single turn of RG-8 inner conductor, the 
outer conductor being used as a shield. Note the gap 
in the shielding; about a 1-inch section of the outer 
conductor should be cut out. Refer to Fig 23 for 
alternative connection at points A and B for other 
frequencies of operation. 


BT1—Two penlight cells. 

C1—25-pF midget air padder. 

Di—Small-signal germanium diode such as 1N34A or 
equiv. 

DS1—Optional 2-cell penlight lamp for meter 
illumination, such as no. 222. 

Qi—PNP transistor such as ECG102 or equiv. 

R1—100-kQ potentiometer, linear taper. May be 
PC-mount style. 

R2—50-kQ potentiometer, linear taper. 

S1i—SPST toggle. 

$2—Optional momentary push for illuminating meter. 


beside the road, take your flashlight, and plunge into the 
veldt in the direction your loop null clearly indicated. 
But after taking a few steps, you’re up to your armpits in 
brush and can’t see anything forward or backward. You 
stumble on in hopes of running into the hidden transmit- 
ter—you’re probably not more than a few hundred feet 
from it. But away from your car and radio equipment, 
it’s like the proverbial hunt for the needle in the haystack. 
What you really need is a portable setup for hunting at 
close range, and you may prefer something that is inex- 
pensive. The Snoop Loop was designed for just these 
requirements by Claude Maer, Jr, W@IC, and was 
described in QST for February 1957. (See the Bibliogra- 
phy at the end of this chapter.) 

The Snoop Loop is pictured in Fig 21. The loop itself 
is made from a length of RG-8 coax, with the shield bro- 
ken at the top. A coax T connector is used for conve- 
nience and ease of mounting. One end of the coax loop is 
connected to a male plug in the conventional way, but the 
center conductor of the other end is shorted to the shield 
so the male connector at that end has no connection to 
the center prong. This results in an unbalanced circuit, 
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Fig 23—Input circuit for lower frequency bands. Points 
A and B are connected to corresponding points in the 
circuit of Fig 22, substituting for the loop and C1 in 
that circuit. L1-C1 should resonate within the desired 
amateur band, but the L/C ratio is not critical. After 
construction is completed, adjust the position of the 
tap on L1 for maximum signal strength. Instead of 
connecting the RDF loop directly to the tap on L1,a 
length of low impedance line may be used between the 
loop and the tuned circuit, L1-C1. 














Fig 24—Unidirectional 3.5-MHz RDF using ferrite-core 
loop with sensing antenna. Adjustable components of 
the circuit are mounted in the aluminum chassis 
supported by a short length of tubing. 


but seems to give good bidirectional null readings, as well 
as an easily detectable maximum reading when the 
grounded end of the loop is pointed in the direction of 
the transmitter. Careful tuning with C1 will improve this 
maximum reading. Don’t forget to remove one inch of 
shielding from the top of the loop. You won’t get much 
signal unless you do. 

The detector and amplifier circuit for the Snoop Loop 





to 
Receiver 





Fig 25—Circuit of the 3.5-MHz direction finder loop. 


Ci—140 pF variable (125-pF ceramic trimmer in 
parallel with 15-pF ceramic fixed. 

Li—Approximately 140 wH adjustable (Miller No. 4512 
or equivalent. 

R1i—1-kQ carbon potentiometer. 

Si—SPST toggle. 

Loopstick—Approximately 15 WH (Miller 705-A, with 
original winding removed and wound with 20 turns of 
#22 enamel). Link is two turns at center. Winding ends 
secured with Scotch electrical tape. This type of 
ferrite rod may also be found in surplus transistor AM 
radios. 


is shown in Fig 22. The model photographed does not 
include the meter, as it was built for use only with high- 
impedance headphones. The components are housed in 
an aluminum box. Almost any size box of sufficient size 
to contain the meter can be used. At very close ranges, 
reduction of sensitivity with R2 will prevent pegging the 
meter. 

The Snoop Loop is not limited to the 10-meter band 
or to a built-in loop. Fig 23 shows an alternative circuit 
for other bands and for plugging in a separate loop con- 
nected by a low-impedance transmission line. Select coil 
and capacitor combinations that will tune to the desired 
frequencies. Plug-in coils could be used. It is a good idea 
to have the RF end of the unit fairly well shielded, to 
eliminate signal pickup except through the loop. This little 
unit should certainly help you on those dark nights in the 
country. (Tip to the hidden-transmitter operator—if you 
want to foul up some of your pals using these loops, just 
hide near the antenna of a 50-kW broadcast transmitter!) 


A LOOPSTICK FOR 3.5 MHz 


Figs 24 through 26 show an RDF loop suitable for the 
3.5-MHz band. It uses a construction technique that has 
had considerable application in low-frequency marine di- 
rection finders. The loop is a coil wound on a ferrite rod 
from a broadcast-antenna loopstick. The loop was designed 
by John Isaacs, W6PZV, and described in QST for June 


1958. Because you can make a coil with high Q using a 
ferrite core, the sensitivity of such a loop is comparable to 
a conventional loop that is a foot or so in diameter. The 
output of the vertical-rod sensing antenna, when properly 
combined with that of the loop, gives the system the car- 
dioid pattern shown in Fig 1D. 

To make the loop, remove the original winding on 
the ferrite core and wind a new coil, as shown in Fig 25. 
Other types of cores than the one specified may be sub- 
stituted; use the largest coil available and adjust the wind- 
ing so that the circuit resonates in the 3.5-MHz band 
within the range of Cl. The tuning range of the loop may 
be checked with a dip meter. 

The sensing system consists of a 15-inch whip and 
an adjustable inductor that resonates the whip as a quar- 
ter-wave antenna. It also contains a potentiometer to con- 
trol the output of the antenna. S1 is used to switch the 
sensing antenna in and out of the circuit. 

The whip, the loopstick, the inductance L1, the 
capacitor Cl, the potentiometer R1, and the switch S1 
are all mounted on a 4 x 5 x 3-inch box chassis, as shown 
in Fig 26. The loopstick may be mounted and protected 
inside a piece of '/2-inch PVC pipe. A section of '/2-inch 
electrical conduit is attached to the bottom of the chassis 
box and this supports the instrument. 

To produce an output having only one null there must 
a 90° phase difference between the outputs of the loop and 
sensing antennas, and the signal strength from each must 
be the same. The phase shift is obtained by tuning the sens- 
ing antenna slightly off frequency, using the slug in LI. 
Since the sensitivity of the whip antenna is greater than that 
of the loop, its output is reduced by adjusting R1. 


Adjustment 


To adjust the system, enlist the aid of a friend with a 
mobile transmitter and find a clear spot where the transmit- 
ter and RDF receiver can be separated by several hundred 
feet. Use as little power as possible at the transmitter. (Make 
very sure you don’t transmit into the loop if you are using a 
transceiver as a detector.) With the test transmitter operat- 
ing on the proper frequency, disconnect the sensing antenna 
with $1, and peak the loopstick using C1, while watching 
the S meter on the transceiver. Once the loopstick is peaked, 
no further adjustment of C1 will be necessary. Next, con- 
nect the sensing antenna and turn R1 to minimum resistance. 
Then vary the adjustable slug of L1 until a maximum read- 
ing of the S meter is again obtained. It may be necessary to 
turn the unit a bit during this adjustment to obtain a higher 
reading than with the loopstick alone. The last turn of the 
slug is quite critical, and some hand-capacitance effect may 
be noted. 

Now turn the instrument so that one side (not an end) 
of the loopstick is pointed toward the test transmitter. Turn 
R1 a complete revolution and if the proper side was cho- 
sen a definite null should be observed on the S meter for 
one particular position of R1. If not, turn the RDF 180° 
and try again. This time leave R1 at the setting producing 


Direction Finding Antennas 14-15 














Fig 26—Components of the 3.5-MHz RDF are mounted 
on the top and sides of a channel-lock type box. In this 
view R1 is on the left wall at the upper left and C1 is at 
the lower left. L1, $1 and the output connector are on 
the right wall. The loopstick and whip mount on the 
outside. 


the minimum reading. Now adjust L1 very slowly until 
the S-meter reading is reduced still further. Repeat this 
several times, first R1, and then L1, until the best mini- 
mum is obtained. 

Finally, as a check, have the test transmitter move 
around the RDF and follow it by turning the RDF. If the 
tuning has been done properly the null will always be 
broadside to the loopstick. Make a note of the proper side 
of the RDF for the null, and the job is finished. 


A 144-MHZ CARIOID-PATTERN RDF 
ANTENNA 


Although there may be any number of different VHF 
antennas that can produce a cardioid pattern, a simple 
design is depicted in Fig 27. Two '/s-wavelength vertical 
elements are spaced one '/4-A apart and are fed 90° out of 
phase. Each radiator is shown with two radials approxi- 
mately 5% shorter than the radiators. This array was 
designed by Pete O’Dell, KBIN, and described in QST 
for March 1981. 

Computer modeling showed that slight alterations 
in the size, spacing and phasing of the elements strongly 
impact the pattern. The results suggest that this system is 
a little touchy and that the most significant change comes 
at the null. Very slight alterations in the dimensions 
caused the notch to become much more shallow and, 
hence, less usable for RDF. Early experience in building 
a working model bore this out. 

This means that if you build this antenna, you will 
find it advantageous to spend a few minutes to tune it 
carefully for the deepest null. If it is built using the tech- 
niques presented here, then this should prove to be a small 
task, well worth the extra effort. Tuning is accomplished 
by adjusting the length of the vertical radiators, the spac- 
ing between them and, if necessary, the lengths of the 
phasing harness that connects them. Tune for the deepest 
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Fig 27—At A is a simple configuration that can 
produce a cardioid pattern. At B is a convenient way 
of fabricating a sturdy mount for the radiator using 
BNC connectors. 


null on your S meter when using a signal source such as 
a moderately strong repeater. 

This should be done outside, away from buildings 
and large metal objects. Initial indoor tuning on this 
project was tried in the kitchen, which revealed that 
reflections off the appliances were producing spurious 
readings. Beware too of distant water towers, radio towers, 
and large office or apartment buildings. They can reflect 
the signal and give false indications. 

Construction is simple and straightforward. Fig 27B 
shows a female BNC connector (RadioShack 278-105) 
that has been mounted on a small piece of PC-board 
material. The BNC connector is held upside down, and 
the vertical radiator is soldered to the center solder lug. 
A 12-inch piece of brass tubing provides a snug fit over 
the solder lug. A second piece of tubing, slightly smaller 
in diameter, is telescoped inside the first. The outer tub- 
ing is crimped slightly at the top after the inner tubing is 
installed. This provides positive contact between the two 
tubes. For 146 MHz the length of the radiators is calcu- 
lated to be about 19 inches. You should be able to find 
small brass tubing at a hobby store. If none is available 
in your area, consider brazing rods. These are often avail- 
able in hardware sections of discount stores. It will prob- 
ably be necessary to solder a short piece to the top since 
these come in 18-inch sections. Also, tuning will not be 
quite as convenient. Two 18-inch radials are added to each 
element by soldering them to the board. Two 36-inch 
pieces of heavy brazing rod were used in this project. 


The Phasing Harness 


As shown in Fig 28, a T connector is used with two 
different lengths of coaxial line to form the phasing har- 
ness. This method of feeding the antenna is superior over 


Female 


Lod 





RG — 58 
( Any Length ) 


Fig 28—The phasing harness for the phased 144-MHz 
RDF array. The phasing sections must be measured from 
the center of the T connector to the point that the vertical 
radiator emerges from the shielded portion of the 
upside-down BNC female. Don’t forget to take the length 
of the connectors into account when constructing the 
harness. If care is taken and coax with solid 
polyethylene dielectric is used, you should not have to 
prune the phasing line. With this phasing system, the 
null will be 

in a direction that runs along the boom, on the side of 
the ‘'/.-wavelength section. 


other simple systems to obtain equal currents in the two 
radiators. Unequal currents tend to reduce the depth of 
the null in the pattern, all other factors being equal. 

The '/2-wavelength section can be made from either 
RG-58 or RG-59, because it should act as a 1:1 transformer. 
With no radials or with two radials perpendicular to the 
vertical element, it was found that a '/4-wavelength sec- 
tion made of RG-59 75-Q coax produced a deeper notch 
than a '/4-wavelength section made of RG-58 50-Q. line. 
However, with the two radials bent downward somewhat, 
the RG-58 section seemed to outperform the RG-59. 
Because of minor differences in assembly techniques from 
one antenna to another, it will probably be worth your time 
and effort to try both types of coax and determine what 
works best for your antenna. You may also want to try 
bending the radials down at slightly different angles for 
the best null performance. 

The most important thing about the coax for the har- 
ness is that it be of the highest quality (well-shielded and 
with a polyethylene dielectric). The reason for avoiding 
foam dielectric is that the velocity factor can vary from 
one roll to the next—some say that it varies from one 
foot to the next. Of course, it can be used if you have test 
equipment available that will allow you to determine its 
electrical length. Assuming that you do not want to or 
cannot go to that trouble, stay with coax having a solid 
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Fig 29—A simple mechanical support for the DF 
antenna, made of PVC pipe and fittings. 


polyethylene dielectric. Avoid coax that is designed for 
the CB market or do-it-yourself cable-TV market. (A good 
choice is Belden 8240 for the RG-58 or Belden 8241 for 
the RG-59.) 

Both RG-58 and RG-59 with polyethylene dielec- 
tric have a velocity factor of 0.66. Therefore, for 146 MHz 
a quarter wavelength of transmission line will be 
20.2 inches x 0.66 = 13.3 inches. A half-wavelength sec- 
tion will be twice this length or 26.7 inches. One thing 
you must take into account is that the transmission line is 
the total length of the cable and the connectors. Depend- 
ing on the type of construction and the type of connec- 
tors that you choose, the actual length of the coax by itself 
will vary somewhat. You will have to determine that for 
yourself. 

Y connectors that mate with RCA phono plugs are 
widely available and the phono plugs are easy to work with. 
Avoid the temptation, however, to substitute these for the 
T and BNC connectors. Phono plugs and a Y connector 
were tried. The results with that system were not satisfac- 
tory. The performance seemed to change from day to day 
and the notch was never as deep as it should have been. 
Although they are more difficult to find, BNC T connec- 
tors will provide superior performance and are well worth 
the extra cost. If you must make substitutions, it would be 
preferable to use UHF connectors (type PL-259). 

Fig 29 shows a simple support for the antenna. PVC 
tubing is used throughout. Additionally, you will need a 
T fitting, two end caps, and possibly some cement. (By 
not cementing the PVC fittings together, you will have 
the option of disassembly for transportation.) Cut the PVC 
for the dimensions shown, using a saw or a tubing cutter. 
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Fig 30—At the left, A; represents the antenna of the 
hidden transmitter, T. At the right, rapid switching 
between antennas A, and Az at the receiver samples 
the phase at each antenna, creating a pseudo-Doppler 
effect. An FM detector detects this as phase 
modulation. 





Fig 31—If both receiving antennas are an equal 
distance (D) from the transmitting antenna, there will 
be no difference in the phase angles of the signals in 
the receiving antennas. Therefore, the detector will not 
detect any phase modulation, and the audio tone will 
disappear from the output of the detector. 


A tubing cutter is preferred because it produces smooth, 
straight edges without making a mess. Drill a small hole 
through the PC board near the female BNC of each ele- 
ment assembly. Measure the 20-inch distance horizontally 
along the boom and mark the two end points. Drill a small 
hole vertically through the boom at each mark. Use a small 
nut and bolt to attach each element assembly to the boom. 


Tuning 

The dimensions given throughout this section are 
those for approximately 146 MHz. If the signal you will 
be hunting is above that frequency, then the measurements 
should be a bit shorter. If you wish to operate below that 
frequency, then they will need to be somewhat longer. Once 
you have built the antenna to the rough size, the fun begins. 
You will need a signal source near the frequency that you 
will be using for your RDF work. Adjust the length of the 
radiators and the spacing between them for the deepest 
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null on your S meter. Make changes in increments of '/4 
inch or less. If you must adjust the phasing line, make 
sure that the '/4-wavelength section is exactly one-half 
the length of the half-wavelength section. Keep tuning 
until you have a satisfactorily deep null on your S meter. 


THE DOUBLE-DUCKY DIRECTION 
FINDER 


For direction finding, most amateurs use antennas 
having pronounced directional effects, either a null or a 
peak in signal strength. FM receivers are designed to 
eliminate the effects of amplitude variations, and so they 
are difficult to use for direction finding without looking 
at an S meter. Most modern HT transceivers do not have 
S meters. 

This classic “Double-Ducky” direction finder 
(DDDF) was designed by David Geiser, WA2ANU, and 
was described in QST for July 1981. It works on the prin- 
ciple of switching between two nondirectional antennas, 
as shown in Fig 30. This creates phase modulation on the 
incoming signal that is heard easily on the FM receiver. 
When the two antennas are exactly the same distance 
(phase) from the transmitter, as in Fig 31, the tone disap- 
pears. (This technique is also known in the RDF literature 
as Time-Difference-of-Arrival, or TDOA, since signals 
arrive at each antenna at slightly different times, and hence 
at slightly different phases, from any direction except on 
a line perpendicular to and halfway in-between the two 
antennas. Another general term for this kind of two- 
antenna RDF technique is interferometer. —Ed.) 

In theory the antennas may be very close to each 
other, but in practice the amount of phase modulation 
increases directly with the spacing, up to spacings of a 
half wavelength. While a half-wavelength separation on 
2 meters (40 inches) is pretty large for a mobile array, a 
quarter wavelength gives entirely satisfactory results, and 
even an eighth wavelength (10 inches) is acceptable. 

Think in terms of two antenna elements with fixed 
spacing. Mount them on a ground plane and rotate that 
ground plane. The ground plane held above the hiker’s 
head or car roof reduces the needed height of the array 
and the directional-distorting effects of the searcher’s 
body or other conducting objects. 

The DDDF is bidirectional and, as described, its tone 
null points both toward and away from the signal origin. 
An L-shaped search path would be needed to resolve the 
ambiguity. Use the techniques of triangulation described 
earlier in this chapter. 


Specific Design 
It is not possible to find a long-life mechanical switch 
operable at a fairly high audio rate, such as 1000 Hz. Yet 
we want an audible tone, and the 400- to 1000-Hz range is 
perhaps most suitable considering audio amplifiers and 
average hearing. Also, if we wish to use the transmit func- 
tion of a transceiver, we need a switch that will carry per- 
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Fig 32—Schematic diagram of the DDDF circuit. Construction and layout are not critical. Components inside 
the broken lines should be housed inside a shielded enclosure. Most of the components are available from 
RadioShack, except D1, D2, the antennas and RFC1-RFC3. These components are discussed in the text. Si—See text. 


haps 10 W without much problem. 

A solid-state switch, the PIN diode is used. The 
intrinsic region of this type of diode is ordinarily bare 
of current carriers and, with a bit of reverse bias, looks 
like a low-capacitance open space. A bit of forward 
bias (20 to 50 mA) will load the intrinsic region with 
current carriers that are happy to dance back and forth at 
a 148-MHz rate, looking like a resistance of an ohm or 
so. Ina 10-W circuit, the diodes do not dissipate enough 
power to damage them. 

Because only two antennas are used, the obvious 
approach is to connect one diode forward to one antenna, 
to connect the other reverse to the second antenna and 
to drive the pair with square-wave audio-frequency ac. 
Fig 32 shows the necessary circuitry. RF chokes (Ohmite 
Z144, J. W. Miller RFC-144 or similar vhf units) are used 


to let the audio through to bias the diodes while blocking 
RF. Of course, the reverse bias on one diode is only equal 
to the forward bias on the other, but in practice this seems 
sufficient. 

A number of PIN diodes were tried in the particular 
setup built. These were the Hewlett-Packard HP5082- 
3077, the Alpha LE-5407-4, the KSW KS-3542 and the 
Microwave Associates M/A-COM 47120. All worked 
well, but the HP diodes were used because they provided 
a slightly lower SWR (about 3:1). 

A type 567 IC is used as the square-wave generator. 
The output does have a dc bias that is removed with a 
nonpolarized coupling capacitor. This minor inconve- 
nience is more than rewarded by the ability of the IC to 
work well with between 7 and 15 volts (a nominal 9-V 
minimum is recommended). 
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Fig 33—Ground-plane layout and detail of parts at the 
antenna connectors. 





Fig 34—Photo of Fox-Hunting DF Twin ‘Tenna set up as 
a horizontally polarized, 3-element Yagi. 


The nonpolarized capacitor is also used for de block- 
ing when the function switch is set to xMIT. D3, a light- 
emitting diode (LED), is wired in series with the transmit 
bias to indicate selection of the xMIT mode. In that mode 
there is a high battery current drain (20 mA or so). S1 
should be a center-off locking type toggle switch. An 
ordinary center-off switch may be used, but beware. If 
the switch is left on XMIT you will soon have dead batter- 
ies. 

Cables going from the antenna to the coaxial T con- 
nector were cut to an electrical '/2 wavelength to help the 
open circuit, represented by the reverse-biased diode, look 
open at the coaxial T. (The length of the line within the T 
was included in the calculation.) 
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The length of the line from the T to the control unit 
is not particularly critical. If possible, keep the total of 
the cable length from the T to the control unit to the trans- 
ceiver under 8 feet, because the capacitance of the cable 
does shunt the square-wave generator output. 

Ground-plane dimensions are not critical. See 
Fig 33. Slightly better results may be obtained with a 
larger ground plane than shown. Increasing the spacing 
between the pickup antennas will give the greatest 
improvement. Every doubling (up to a half wavelength 
maximum) will cut the width of the null in half. A 1° 
wide null can be obtained with 20-inch spacing. 


DDDF Operation 


Switch the control unit to DF and advance the drive 
potentiometer until a tone is heard on the desired signal. 
Do not advance the drive high enough to distort or “hash 
up” the voice. Rotate the antenna for a null in the funda- 
mental tone. Note that a tone an octave higher may ap- 
pear. 

If the incoming signal is quite out of the receiver 
linear region (10 kHz or so off frequency), the off-null 
antenna aim may present a fairly symmetrical AF output 
to one side, Fig 35A. It may also show instability at a 
sharp null position, indicated by the broken line on the 
display in Fig 35B. Aimed to the other side of a null, it 
will give a greatly increased AF output, Fig 35C. This is 
caused by the different parts of the receiver FM detector 
curve used. The sudden tone change is the tip-off that the 
antenna null position is being passed. 

The user should practice with the DDDF to become 
acquainted with how it behaves under known situations 
of signal direction, power and frequency. Even in diffi- 
cult nulling situations where a lot of second-harmonic 
AF exists, rotating the antenna through the null position 
causes a very distinctive tone change. With the same fre- 
quencies and amplitudes present, the quality of the tone 
(timbre) changes. It is as if a note were first played by a 
violin, and then the same note played by a trumpet. (A 
good part of this is the change of phase of the fundamen- 
tal and odd harmonics with respect to the even harmon- 
ics.) The listener can recognize differences (passing 
through the null) that would give an electronic analyzer 
indigestion. 


A FOX-HUNTING DF TWIN ‘TENNA 


Interferometers give sharp bearings, but they lack 
sensitivity for distant work. Yagis are sensitive, but they 
provide relatively broad bearings. This project yields an 
antenna that blends both on a single boom to cover both 
ends of the hunt. This is a condensation of a October 1998 
QST article by R. F. Gillette, W9PE. 

A good fox-hunting antenna must meet a number of 
criteria: (1) small size, (2) gain to detect weak signals 
and (3) high directivity to pinpoint the fox. Small anten- 
nas, however, do not normally yield both gain and direc- 
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Fig 35—Schematic of the Yagi/interferometer antenna system. 





Table 1 

Yagi Design 

Item Overall Length Boom to 

Element Tip 

(Inches) (Inches) 

Director length 34.75 17.00 

Director to Driven El. spacing 15.75 16.00 

Driven El. length 37.75 18.50 

Driven El. to Reflector spacing 15.75 16.00 

Reflector length 40.75 20.00 


*SWR less than 1.3:1 from 144.5 to 148 MHz 





tivity. By combining two antennas, all three requirements 
are satisfied in a way that makes a nice build-it-yourself 
project. 

This antenna uses slide switches to configure it as 
either a Yagi or a single-channel interferometer. When 
used as an interferometer, a GaAs RF microcircuit 
switches the FM receiver between two matched dipoles 
at an audio frequency. To make the antenna compact 
W9OPE used hinged, telescopic whips as the elements; they 
collapse and fold parallel to the boom for storage. 


The Yagi 
The Yagi is a standard three-element design, based 


on 0.2-A spacing between the director, the driven element 
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and the reflector. It yields about 7 dBi gain and a front- 
to-back ratio of over 15 dB. Because a slide switch is 
used at the center of each element and the elements have 
small diameters, their resonant lengths are different from 
typical ones. Table 1 shows the sizes used and Fig 34 
shows the Yagi. 

To make sure that radiation from the coax does not 
affect the pattern, the author used some ferrite beads as 
coaxial choke-baluns. This also prevents objects near the 
coax from affecting signal-strength readings. The Yagi also 
has a low SWR; with uncalibrated equipment, he mea- 
sured less than 1.3:1 over most of the 2-meter band. 

This Yagi has a lot more gain than a “rubber ducky,” 
but we need more directivity for fox hunting. That’s where 
the interferometer comes in. 


An Interferometer 


To form the interferometer, the two end elements are 
converted to dipoles and the center element is disabled. 
When the three switches in Fig 35 are thrown to the right, 
the feed line to the receiver is switched from the center 
element to the RF switch output, and the end elements are 
connected via feed lines to the RF switch inputs. With the 
Yagi’s feed point open and the driven element equidistant 
from both interferometer antennas, the center element 
should have no effect on the interferometer. Nonetheless, 
it’s easier to collapse the driven-element whips and get 
them out of the way than to worry about spacing. 

Now if both interferometer coax cables are of equal 
length (between the antennas and switch) and the two 
antennas are the same distance from the transmitter 
(broadside to it), the signals from both antennas will be 
in phase. Switching from one antenna to the other will 
have no effect on the received signal. If one antenna is a 
little closer to the transmitter than the other, however, 
there will be a phase shift when we switch antennas. 

When the antenna switch is at an audio rate, say 
700 Hz, the repeated phase shifts result in a set of 700 Hz 
sidebands. At this point, all that was needed was a circuit 
to switch from one antenna to the other at an audio rate. 
W9PE chose a low-cost Mini-Circuits MS WA-2-20 GaAs 
RF switch driven by a simple multivibrator and buffer. 
The GaAs switch is rated to 2.0 GHz, hence this switch- 
ing concept can easily be scaled to other ham bands. The 
PC board should work through the 440 MHz ham band. 
The author suggests adding a ground plane under the RF 
portion of the PC board and testing it before using it at a 
higher frequency. 

The RF switch is controlled by a set of equal- 
amplitude, opposite-phase square waves: 0 V at one con- 
trol port and —8 to —12 V at the other. (Mini Circuits is 
unclear about maximum voltages for this device. For 
safety, don’t power it with more than 9 V.—Ed.) The 
opposite controls the other switch position. A 9-V bat- 
tery was used as the power supply, with the positive ter- 
minal grounded. This results in a 0 V control signal to 
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Table 2 
Bill of Materials 


Quantity Item 
3 ft 3/4-inch aluminum U channel 
6 sets insulated shoulder washers for elements 
9 V battery 
9 V battery connector 
10 uF, 16 V electrolytic capacitor 
0.01 uF, 25 V capacitor 
0.022 uF, 25 V capacitor 
1 kQ '/s W resistor 
4.7 kQ '/s W resistor 
10 kQ '/s W resistor 
47 kQ '/s W resistor 
1 kQ '/s W resistor 
2N2222 transistors 
Mini-Circuits MSWA-2-20 (Mini-Circuits Labs, 
13 Neptune Ave, Brooklyn, NY 11235; 
tel 718-934-4500, 417-335-5935, 
fax 718-332-4661; e-mail 
sales@minicircuits.com; 
URL www.minicircuits.com) 
3 DPDT slide switch (1'/s-inch, 29 mm, 
mounting centers), Stackpole, 3 A, 125 V used 
10 ft 50 Q coax (0.140-inch maximum OD) 
1 coaxial connector (receiver dependent) 
1 lot, mounting hardware 
1 lot, heat-shrink tubing or equal 
4 cable ties 
1 
1 
1 
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2x 3.5-inch single-sided fiberglass PC board 
1-inch PVC conduit 
2 #FB-20 ferrite beads 0.14-inch ID, 
0.5-inch long (All Electronics Corp: 
PO Box 567, Van Nuys, CA 91408-0567; 
tel 888-826-5432, fax 818-781-2653, 
e-mail: allcorp@allcorp.com; 
URL www.allcorp.com/.) 

6 20'/2-inch telescoping antenna elements 
(Nebraska Surplus, tel 402-346-4750; 
e-mail grinnell@probe.net) 

1 Special resist film (Techniks Inc, PO Box 463, 
Ringoes, NJ 08551; tel 908-788-8249, 
fax 908-788-8837; e-mail techniks@idt.net; 
URL www.techniks.com/) 


the RF switch when the buffer transistor is off and a Vsat 
(about 0.2 V less than the -9 V battery: -8.8 V) signal 
when the buffer transistor is saturated. The multi-vibrator 
has two outputs, and each drives a buffer resulting in the 
required equal-and-opposite-phase drive signals. 


Circuit Construction 
After he selected the Mini-Circuits RF switch, W9PE 
realized that its small size would be best handled with a 
simple PC board. He made the prototype boards with a 
photocopy transparency technique. 
A power on-off switch was not used, as the 9-V bat- 
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tery connector serves the same function. The battery fits 
tightly in the */4-inch U channel. W9PE covered the cir- 
cuit board with a plastic-lined aluminum cover, but plas- 
tic film and some aluminum foil, provide the same 
function. A cable tie will strap either into the U channel. 

Table 2 is a complete bill of materials. You can use 
any telescoping elements, providing that they extend to 
over 20 inches and have a mounting stud long enough to 
accommodate the insulated washers. As an alternate to 
the stud, they can have ends tapped to receive a screw for 
the insulated mounting. The author picked up his elements 
at a hamfest from the vendor listed; they are also avail- 
able from most electronic parts houses. The Mini-Circuit 
RF switch is a currently available part. 


Antenna Construction 


Fig 35 shows the antenna schematic. It shows all 
three switches in the Yagi position; each would slide to 
the right for interferometer use. Slide switches work pretty 
well at 2 meters. Each of the elements is mounted to the 
boom with insulating washers, and a strip of copper stock 
connects each element to its slide switch. (You can sub- 


stitute copper braid, solder wick, coax shield or any short, 
low resistance, low inductance conductor for the copper 
stock.) This switching arrangement allows you to switch 
the reflector and director from being parasitic elements 
(electrically continuous) to being dipoles (center fed). 

Because the elements telescope, you can adjust the 
interferometer dipoles to exactly equal lengths each time 
you switch the antenna configuration from Yagi to inter- 
ferometer. Again, choke baluns block RF on the outside 
of each element’s coax. 

Caution: Do not transmit when the RF switch is 
selected. Transmit only when in the Yagi configuration. 
RF power will destroy the Mini-Circuits RF switch. To be 
safe, lock out your transmit function. Most HTs have this 
capability. When using a mobile radio, disconnect the 
microphone. It is, however, safe to transmit in the Yagi 
configuration—which is nice for portable operating. 

Fig 36 gives dimensions for drilling a standard 
3/4-inch aluminum U channel for the boom and shows how 
the author cut a l-inch PVC pipe (plastic conduit) for a 
mast and a mast locking ring. If PVC conduit is not avail- 
able in your area, PVC water pipe (and a PVC union for 
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the locking ring) will work. This mast allows mounting 
the antenna for either vertical or horizontal polarization. 

Be sure to test the plastic pipe you use for low RF 
loss. Do this by heating a sample in a microwave oven. 
Place a pipe sample and a glass of water in the oven. (The 
sample is not placed in the glass of water; the water keeps 
the microwave from operating without a load.) Bring the 
water to a boil, and then carefully check the sample’s 
temperature. If the sample is not hot, its RF loss is low, 
and the plastic can be used. 


Using the Antenna 


When starting a hunt, set up the Yagi antenna by 
placing all switches in the Yagi position. Swing all of the 
telescoping elements perpendicular to the boom and set 
the whip lengths to achieve the proper element lengths, 
while keeping each element symmetrical about the boom. 
The cables or boom can be marked with the length data. 

While the signal is weak, use the Yagi. It has 7 dBi 
gain, but its bearing resolution is only about 20°. When 
the signal gets stronger, use the interferometer. It has less 
gain, but its bearing resolution is better than 1°. If the 
fox transmitter begins overloading your receiver, collapse 
the whips (equally) to reduce the gain and continue tri- 
angulating. Near the transmitter, you should triangulate 
both horizontally (azimuth) and vertically (elevation). The 
antenna works both ways, and the transmitter may be 
located above or below you. 


Antenna Alternative 


As an alternative to the telescoping elements, George 
Holada, K9GLJ, suggested using fixed-length elements 
with banana plugs matched to banana jacks on the boom. 
Three pairs would be used for the Yagi, an extra driven- 
element pair for the interferometer mode and two short- 
element pairs to reduce the received signal level if an 
overload condition occurs. He also suggested a PVC boom 
allowing the elements to be stored inside the boom. 


THE FOUR-WAY MOBILE DF SYSTEM 


This innovative, yet simple, RDF antenna system was 
described in an article by Malcolm C. Mallette, WA9BVS, 
in November 1995 QST. It is derived from the TDOA 
design shown earlier in this chapter by David T. Geiser, 
WA2ANU, and by a design by Paul Bohrer, W9DUU. 
(See Bibliography.) 

Direction-finding often involves two different activi- 
ties: DFing on foot and DFing from a vehicle. Often, you 
must track the signal using a vehicle, then finish the hunt 
on foot. Whether on foot or in a vehicle, the primary prob- 
lem you’l] encounter when trying to locate the transmit- 
ter is multipath reception. Multipath reception involves 
receiving the same signal by more than one path, one sig- 
nal from the true direction of the transmitter and others 
by reflected paths that may come from widely different 
directions. VHF and UHF signals bounce off almost any 
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object and hide the true source of a signal. For example, 
if there’s a large metal building north of you, a signal 
from the south may arrive from the north because the sig- 
nal bounces off the building and back to you. 

Multipath reception effects can be defeated by tak- 
ing a number of readings from different positions and 
arriving at an average direction. While moving at road 
speeds in a vehicle, it’s possible to take a number of read- 
ings from different positions and average them, and it’s 
also possible to average a number of readings over a dis- 
tance of travel by electronic means. The true bearing to 
the transmitter can usually be found by either method. 

DFing equipment for use on foot is simpler than 
systems for use on a vehicle. While afoot, you can turn at 
will or easily rotate an antenna. Turning a vehicle while 
going down a street may result in a fender-bender if you’re 
not careful! 

The simplest DFing system to use while on foot con- 
sists of an S-meter-equipped hand-held receiver and a 
small, hand-held Yagi with an attenuator in line between 
the antenna and receiver. The attenuator keeps the S meter 
from pinning. The direction in which the beam points 
when the strongest signal is received is the direction of 
the transmitter. Of course, you’ ll want to take readings at 
several locations at least a wavelength apart to obtain an 
average heading, as multipath reception can still cause 
false readings in some locations. 

Another approach that many hams have taken is the 
simple WA2ANU DDFF—it is now commonly known 
simply as the “buzzbox.” Various commercial versions 
of the hand-held buzzbox system are available. Some sys- 

















Fig 37—Front panel of the Four-Way DFer. At the 
extreme left of the front panel is the voLuME control. 
Immediately to the right is the Rcv/oFF/pF center-off 
toggle switch, with the damping (DmpP) control switch 
nearby. Four LEDs mounted in a diamond pattern 
indicate signal direction: front (yellow), right (green), 
back (orange) and left (red). The horizontally 
mounted zero-center meter indicates left/right signal 
reception, the vertically mounted meter displays 
front/back signal reception. A small speaker is 
mounted on the top cover. 








Fig 38—Placement of the four antennas on the author’s 
car roof. The small object to the left of the antennas is 
the switch board. 


tems have been upgraded to indicate whether the signal 
is arriving from the left or right of your position. The 
main drawback, however, to the buzzbox is that it’s not 
as sensitive as a simple dipole and not nearly as sensitive 
as a beam. 

In theory, you could take a buzzbox or Yagi/attenu- 
ator system in a car, stop periodically, get out and check 
the direction to the transmitter, then climb back in and 
drive off. Although this procedure works, it isn’t very 
practical—it takes a long time to find the transmitter. 

This design is for a left-right, front-back box (LRFB 
box) that indicates whether the received signal is to the 
left or right and whether it is to the front or back of the 
receiver. The location display consists of four LEDs 
arranged in a diamond pattern (see the title-page photo). 
When the top LED is on, the signal is coming from the 
front. When the top and right LEDs are on, the transmit- 
ter is between the front and the right. When only the right 
LED is on, the signal is directly to the right. When the 
bottom LED and right LED are on, the transmitter is to 
the right and to the back. The same pattern occurs around 
the clock. Therefore, four LEDs indicate eight directions. 
As most highways and streets have intersections that force 
a driver to choose moving straight ahead, right or left, 
the indication is sufficiently precise for practical trans- 
mitter hunting. 

If the four-LED display is used alone, all parts can 
be obtained from your local Radio Shack store. Two zero- 
center 50-uA meters (50-0-50)—M1 and M2—can be 
used in addition to, or in place of, the LEDs, but 
RadioShack does not stock such meters. Fig 37 shows 
the front panel layout of the LRFB. 

The LRFB box uses four mag-mount !/s-A antennas 
placed on the vehicle roof as shown in Fig 38. The whips 
in the mag mounts can be changed to '/4-A 440-MHz whips 
and the antennas placed closer together when switching 
from 144-MHz to 440-MHz operation. 


Circuit Description 


See Fig 39 in the following discussion (pages 26 and 
27). U2, a 555 timer, generates a string of square-wave 
pulses at pin 3. The pulse frequency is determined by the 
setting of R4. The pulses are fed to the clock input (pin 
14) of U3, a 4017 decade counter. On the first pulse, a 
positive voltage appears at U3, pin 3. On receipt of the 
second pulse from U2, pin 3 of U3 goes to ground and a 
positive voltage appears on pin 2. This sequence contin- 
ues on successive pulses from U2 as pins 3, 2, 4, 7, 10, 1, 
5, 6, 9 and 11 go positive in succession. 

D1 through DS, and D6 through D10, OR the pulses. 
The result is that TP3 goes positive on the first pulse from 
U2, while TP2 is at 0 V. The next pulse of U2 results in 
TP2 going positive and TP3 going to 0 V. This sequence 
repeats as the counter goes around to make pin 3 positive 
again, and recycles. 


Antenna Switching 


U2 and U3 produce alternating pulses at TP2 and 
TP3. If we wanted only to alternately turn on and off 
two antennas, we could use the pulses at TP2 and TP3. 
The design ensures that the pulses at TP2 are the same 
length as the pulses at TP3. For the LRFB box, how- 
ever, we need to switch between the left-right antennas 
many times, then switch between the front-back anten- 
nas many times. 

Pin 12 of U3, CARRY OUT, emits a pulse every time 
U3 counts through its cycle of 10 pulses. The carry pulses 
from U3 go to U4, pin 14, the clock input of that 4017 
counter. As U4 cycles, its output pins pulse; those pulses 
are, in effect, directed by D11 through D20. 

As a result, TP4 is positive during the first 50 pulses 
from U2 and TP5 is positive during the second 50 pulses 
of U2. QI through Q6 form a quad AND gate. They AND 
the pulses at TP4 and TPS with the alternating pulses at 
TP2 and TP3 so that the result is a pulse at the base of Q9, 
followed by a pulse at the base of Q10, a pulse at the base 
of Q9, and so on. The pulses alternate 25 times between 
Q9 and Q10. Then, as TP4 goes to 0 V, TPS rises from 0 V 
to some positive voltage and the alternating pulses appear 
at the bases of Q7 and Q8. The pulses alternately go to the 
bases of Q7 and Q8 25 times. Then they alternate between 
the bases of Q9 and Q10 25 times. This pattern continues 
as long as the unit is in DF operation. 

In Fig 40, two leads of a four-conductor-plus-ground 
cable to the antenna-switch board are connected to points 
A and B. The same pulses that turn Q7 and Q8 off and on 
turn on and off the left and right antennas. One of those 
two antennas is turned on and off in phase with Q7 and the 
other is turned on and off in phase with Q8. The PHASE 
switch, $3, determines which antenna is in phase with 
which transistor. Similarly, the two front/back antennas are 
turned on and off in phase with Q9 and Q10, and S4 deter- 
mines which antenna is in phase with which transistor. 

The pulses arriving at points A and B turn on and 
off the diodes connecting the coax of the left and right 
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Fig 39—Unless otherwise specified, part numbers in parentheses are RadioShack. All fixed-value resistors are 
Y/a-W, 5%-tolerance units. Equivalent parts can be substituted. 


C1, C15—0.1-yF, 50-V (272-1069) 

C2—10-uF, 35-V electrolytic capacitor (272-1025) 

C3—0.01-F, 25-V disc-ceramic capacitor (272-131) 

C4, C5—1-uF, 16-V electrolytic capacitor (272-1434) 

C6—0.001-p1F, 25-V disc-ceramic capacitor (272-126) 

C7, C9—100-yF, 6.3-V bipolar (nonpolarized) capacitor; 
Digi-Key P-1102, available from Digi-Key Corp, 701 
Brooks Ave S, PO Box 677, Thief River Falls, MN 
56701-0677, tel 800-344-4539, 218-681-6674; fax: 218- 
681-3880; RadioShack stocks 100-yF, 35-V axial (272- 
1016) and radial-lead (272-1028) electrolytic 
capacitors. 

C8, C10—4700-F, 6.3-V bipolar capacitor (made of five 
1000-y1F, 6.3-V bipolar capacitors), Digi-Key P1106. 
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Standard 1000-yF, 35-V radial and axial-lead 
electrolytic capacitors are available from 
RadioShack; a 4700-yF, 35-V axial-lead electrolytic 
capacitor is also available (272-1022). Note that C7, 
C8, C9 and C10 are non-polarized capacitors because 
a small reverse voltage can appear across the meter 
and capacitors when the system is in use. Standard 
polarized electrolytics have been used in a number of 
units using this circuit (the same detector circuit 
used in W9DUU’s unit) without any known ill effects, 
however. 

D1-D20—1N914 silicon switching diode (276-1620 or 
276-1122) 

Fi—2-A fuse (270-1007) 

LS1—8-W speaker (40-245) 





D 
(to Fig 41) 


X (to Fig 40) 
F/B an 
BALANCE (+) 10 * 

R27 

phat 4700 uF 
6.3V 

cw 

Cc 
W (to Fig 40) (to Fig 41) 
ag 
2N2222 





TPS 









U4 
74HC4017 






(ers 


R18 
220 







47k ae Ql 
wN 2N2222 


7% 


2N2222 






D16-D20 
1N914 






2N2222 


M1, M2—Zero-center, 50-1A meter; optional—see text R23—1 MQ (271-1134) 
Q1-Q10—MPS2222 or 2N2222 NPN silicon general- R45—1.5 kQ (part of 271-312 assortment) 
purpose transistors (276-2009) S1—SPDT, center-off switch (275-325) 
R1, R24, R27—4.7 kQ (271-281); note: many of the S2—DPDT switch (275-626) 
fixed-value resistors can be found in RadioShack T1—8-Q to 1-kQ audio-output transformer (273-1380) 
resistor assortment packages 271-308 and 271-312. U1—LM317T, 1.5-A, three-terminal, adjustable voltage 
R2, R12, R14, R16, R18—220 Q (271-1330) regulator (276-1778) 
R3, R25, R26, R28, R29—1 kQ (271-1321) U2—555 timer (276-1723) 
R4—100-kQ trimmer potentiometer (271-284) U3, U4Q—4017 decade counter (276-2417) 
R5—10 kQ (271-1335) U5—LM741 op amp (276-007) 
R6, R8, R21, R22—100 kQ (271-1347) Misc: two 8-pin IC sockets (276-1995); two 16-pin IC 
R7, R9, R11, R13, R15, R17—47 kQ (271-1342) sockets (276-1992); experimenter’s PC board (276- 
R10—1-kQ trimmer potentiometer (271-280) 148) or FAR Circuits PC board set; enclosure; four 
R19—25-Q panel-mount potentiometer (271-265A) mag-mount antennas, four-conductor shielded cable; 


in-line fuse holder (270-1281). 
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Fig 40—Schematic of the 
antenna switch board. Part 
numbers in parentheses are 
RadioShack. All fixed-value 
resistors are ‘/4-W, 5%-tolerance 
units. Equivalent parts can be 
substituted. 

D22-D25—1N914 silicon 
switching diode (276-1620 or 
276-1122) 

J1—Six-pin female Molex 
connector (274-236 or 274-155) 

P1—Six-pin male Molex 
connector (274-226 or 274-152) 

R50-R54—2.2 kQ (can be found 
in RadioShack resistor 
assortment packages 271-308 
and 271-312); also available in 
pack of five (271-1325) 

$3, S4—DPDT switch (275-626) 


Fig 41—Schematic of the LED 
driver circuit. Part numbers in 


U6 


(to Fig 39) 


antennas to the receiver coax. This occurs 25 times, thereby 
switching the receiver between the left and right antennas 
25 times. Similar switching then occurs between the front 
and the back antennas from pulses arriving at points C 
and D. 


Detector Circuit 
The detector circuit (back again in Fig 39) starts with 
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R35 «+S! 





parentheses are RadioShack. 
All fixed-value resistors are '/4- 
W, 5%-tolerance units. 
Equivalent parts can be 
substituted. 
C11-C14—0.1-yF, 25-V disc- 
ceramic capacitor (272-135) 
D21—1N4733, 5.1-V, 1-W Zener 
diode (276-565) 

DS1-DS4—LEDs; one each red 
(276-066); green (276-022); 
yellow (276-021); orange 
(276-012) 

R30, R32, R41, R43—10 kQ 
(271-1335) 

R34, R39, R40, R61—470 kQ 
(271-1354) 

R35-R38—1 kQ (271-1321) 

R31, R33, R42, R44—100-kQ 
trimmer potentiometer 
(271-284 ) 

U6, U7—LM339 quad 
comparator 
(276-1712) 

Misc: two 14-pin IC sockets 
(276-1999) 


Yellow 


U5, a 741 op amp that amplifies the receiver’s audio out- 
put. The audio is fed into R24 and R27, two 4.7-kQ pots. 
The zero-center, 50-uA meters across R24 and R27 are 
optional. The meters, as well as the LEDs, indicate front/ 
back and left/right. Such meters can be expensive unless 
you find surplus meters, and they’re not really necessary. 

When the left/right antennas are active, one end of 
R24 is grounded by Q7 and Q8 on each alternate pulse. 


If Q7 is conducting, Q8 is not conducting. On each pulse, 
one of the left/right antennas is turned on and one end of 
R24 is grounded. On the next pulse, the other left/right 
antenna is turned on and the other end of R24 is grounded. 
If there is a phase difference between the signal received 
by the left antenna and the signal received by the right 
antenna, a dc voltage is built up across R24. That voltage 
causes the quad comparator, U7 in Fig 41 to turn on DS3 
(red) or DS4 (green) L/R LEDs. If the optional left/right 
meter is installed, it deflects to indicate the direction as 
do the LEDs. 

After 25 cycles, the left and right antennas are both 
turned off and the front and back antennas are cycled on 
and off 25 times with the same detection process, produc- 
ing a voltage across R27 if there is a phase difference 
between the RF received by the front and the back anten- 
nas. That voltage across R27 causes quad comparator U6 
to turn on DS1 or DS2. 

C9 and C10, for the F/B detector, and C7 and C8, 
for the L/R detector, damp the voltage swings caused by 
multipath reception. To control damping, S2A and S2B 
switch the 4700-uF capacitors in or out of the circuit. 
You want the greatest amount of damping when you drive 
through an area with a lot of multipath propagation (as 
from buildings); a lot of damping helps under those cir- 
cumstances. 


Construction 


The prototype was built using a pad-per-hole 
RadioShack board. However, a PC board makes construc- 
tion a lot faster. Far Circuits offers a printed-circuit project 
on their Web site: www.cl.ais.net/farcir). Except for the 
optional meters and the nonpolarized capacitors, most 
parts are available from RadioShack. 

First build the power supply so you can power the 
unit from your car or another 12-V source. Apply 12 V 
to the DFer and adjust R1 until U1’s output is +9 V. (You 
can use a 9-V battery and omit the power-supply section, 
but you’d better take along a spare battery when you go 
DFing.) 

Install U2 and its associated parts. Power up and turn 
on S1. A string of pulses should appear at TP1. If you 
have a frequency counter, set R4 for a pulse frequency of 
2200 Hz at TP1. If you don’t have a counter, connect a 
0.1-uF capacitor from TP1 to headphones or a small 
speaker and set R4 for a tone of about 2 kHz. Later, you’ll 
adjust the clock so the unit works with the passband of 
your receiver. 

Turn off S1 and remove the power source. Install 
U3 and its diodes. Pin 12 of U3 need not be connected 
yet. Apply power and turn on S1. At TP2 and TP3, you 
should find alternating 1100-Hz pulses. If you have a dual- 
trace scope, you can see that the pulses alternate. If you 
have a single-trace scope, connect TP3 to TP2 and to the 
scope input and the trace will appear as a solid line as 
there is a pulse at either TP2 or TP3 at all times. If you 





don’t have a scope, the tone in a speaker or earphones 
from TP2 or TP3 will sound half as high (about 1 kHz) 
as the tone at TP1. 

Turn off S1. Install U4 and its diodes. Note that pin 
12 of U3 is connected to pin 14 of U4. At TP4 and TPS, 
there should be long pulses—five times longer than the 
pulses at TP1, and the pulses should alternate between TP4 
and TP5. The pulse frequency should be about 44 Hz. 
Power down and turn off S1. Install the remaining circuit 
components. When you power up, 25 alternating pulses 
should appear at A and B, then 25 alternating pulses should 
appear at C and D. Use a scope to verify that. 

If you’re not using the optional panel meters, con- 
nect a voltmeter across R24 (L/R BALANCE), using the low- 
est dc-voltage range. Note that neither end of R24 is 
grounded. With no audio input, adjust R24 until there 
is no voltage across it. Do the same with R27 (F/B 
BALANCE). If you use the optional meters, adjust R24 and 
R27 so there’s no current shown on either meter. 

Power down and assemble the rest of the circuit. With 
power applied, but with no audio input, adjust R31, 33, 
42 and 44 so that the four LEDs (DS1 through DS4) are 
off. The objective of the following adjustments is to get 
the red and green LEDs to turn on with the same voltage 
amplitude, but opposite polarity, across R24. Move R24’s 
wiper so a low positive voltage appears across R24, as 
indicated by the voltmeter connected across R24 or move- 
ment of the panel-meter needle. Adjust R44 (LED ADJ 
1A) and R42 (LED ADJ 1B) so that the green LED (DS4) 
comes on when the voltage goes positive at one end of 














Fig 42—An inside view of one DF unit built into a 

2x 8 x 5%/4-inch (HWD) box. Because of the height 
restriction, the two 4700-yF damping capacitors (C8 
and C10) are not mounted on the PC board, but near 
the rear panel behind the smaller of the two PC boards. 
One of the 4700-ypF damping capacitors is a standard 
electrolytic, the other is a parallel combination of five 
1000-pyF, 6.3-V bipolar (nonpolarized) capacitors 
wrapped in electrical tape. 
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Fig 43—The rear panel of the DF unit supports the two 
DPDT PHASE toggle switches. Grommets in the panel 
holes allow abrasion-free passage of the antenna, dc- 
power and audio cables. The dc power cord is outfitted 
with an inline fuse holder and a male Jones plug. A six- 
pin female Molex connector (five pins are used) feeds 
the four antennas. The audio-input cable is terminated 
in a ‘/s-inch diameter male plug. 


R24, but goes off when R24 is adjusted for 0 V across 
R24. 

Next, adjust R24 for a slight negative-voltage indica- 
tion and adjust R42 and R44 so that the red LED (DS3) 
comes on, but extinguishes when the voltage across R24 
is 0 V. When you’re done, adjusting R24’s wiper slightly 
one way should illuminate the red LED. Both LEDs should 
be off when there’s no voltage across R24; rotating R24’s 
wiper slightly in the opposite direction should turn on the 
green LED. 

Connect the voltmeter across R27 or use the panel 
meter as an indicator. With no audio input, adjust R27 so 
that there’s no voltage across R27. Adjust R31 (F/B LED 
ADJ 1A) and R33 (F/B LED 1B) so that a F/B LED (DS1) is 
on when there is a slight positive voltage across R27 and 
the other F/B LED (DS2) is on when there is a negative 
voltage across R27. 


Switch Board 


Assemble the switch board for the four mag-mount 
antennas (see Fig 40). You can use half of a RadioShack 
dual pad-per-hole PC board (RS 276-148) as a platform. 
Lead length is critical only on this board and in the length 
of the coax from the switching board to the antennas, so 
avoid wire-wrap construction here. 


Feed Lines 


The coax lines from the switch board to each of the 
four antennas must be of equal length. The coax lengths 
should be long enough to permit each antenna to be placed 
slightly less than '/4 1 from its counterpart, at the lowest 
frequency of operation. (There’s a local belief that 
27'/2 inches is the best length. The author used that length 
and it works, but other lengths might work as well.) An 
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attempt to locate the switch board inside the vehicle and 
run equal-length 12-foot-long cables to the antennas failed. 
Keep the switch board on the vehicle’s roof. 

Use the same type of coax for all lines—that is, don’t 
mix foam and polyethylene dielectric coax on the antenna 
lines. If the velocity factor of the lines is not equal, a phase 
shift in the signals will exist even when the transmitter is 
dead ahead and it will lead you astray. 

Solder the coax from the antennas directly to the 
board—don’t use connectors. From the switch board to 
the receiver, use 50-Q coax of any type and length. Equip 
the receiver end of the line with a connector that mates 
with your receiver’s antenna-input jack. Make the four- 
conductor shielded cable from the main DFer box to the 
switch board long enough to reach from the LRFB box’s 
operating position to the roof of the car. Construct the 
antennas so that the whips can be changed easily for use 
on any frequency in which you’re interested. 


Mechanical Assembly 


Mount the finished PC boards in a metal box of your 
choice. You can follow the construction method used in 
the prototype (see Fig 42 and Fig 43), but do ensure that 
R4 can be adjusted easily with a tuning tool from outside 
the box. A hole drilled in the box at the right point will 
suffice. Arrange the LEDs in a diamond pattern on the 
front panel, with the left LED (red) to the left, the right 
LED (green) on the right, and the front and back LEDs at 
the top and the bottom. 

Wrap the switch board with tape to waterproof it, or 
place it in a watertight box. Arrange the mag-mount 
antennas on top of the vehicle in a diamond shape. The 
distance between each antenna pair should be less than 
‘4 X at the operating frequency. (In limiting the distance 
between antennas in a pair—F/B_ or L/R—to less than 
“4X, the author followed W9DUU’s example.) 


Final Adjustments 


It’s best to start on 2 meters. Install the 2-meter whips 
in the antenna bases. Mount the antennas on the top of 
your vehicle. Identify the left and right antenna bases with 
L and R, and mark the front and back antenna bases, too. 

A good way to find out if the antennas are properly 
installed is to short either the left or right antenna with a 
clip lead from the whip to the metal base; the L/R meter 
will deflect one way and the left or right LED will light. 
If you short one of the front and back antennas with a 
clip lead, the front or back LED will come on. If you 
short one of the L/R antennas and it makes the meter go 
to the right, it does not necessarily mean you have the 
PHASE Switch in the proper position. That depends on the 
relative phase determined by the number of audio stages 
in your receiver, each of which may contribute a shift of 
180°. 

Connect the coax from the switch board to your FM 
receiver. It must be an FM receiver; an AM VHF or AM 
aircraft receiver won’t suffice. Connect the audio output 


of your 2-meter receiver to the LRFB box audio input. If 
you’re using a transceiver, disable its transmit function 
by removing the mike. You don’t want to transmit into 
the switch board! 

Turn on the receiver and place the LRFB box in 
receive by setting SI to the RCV position. Center R10. 
Only one of the antennas will be turned on and the DF 
operation will be disabled. Back off the squelch and notice 
that you hear the audio from the speaker of the LRFB 
box. Switch to an unused simplex channel. Have a friend 
with an HT stand 20 feet or so in front of the vehicle. 
With the receiver in the car turned off, turn S1 to DF. The 
four LEDs should be off. If an LED lights, adjust R24 
and R27 for zero voltage. If the LED is still on, readjust 
R31 and R33, or R42 and R44 as explained earlier. When 
all four LEDs are off with the antennas connected, no 
audio from the receiver and no RF input signal, you’re 
ready. Turn on your receiver and have your friend trans- 
mit on the 2-meter frequency (simplex) that your receiver 
is set to. When he transmits, one or more of the LEDs 
should illuminate. Ignore the front/back LEDs, but check 
to see if the right or left LED is on. If the right LED is on 
and your friend is standing to the right of the center of 
the vehicle front, all is well. Have him walk back and 
forth in front of the vehicle and notice that when he is to 
the right, the green LED turns on, and when he’s to the 
left, the red LED glows. If the indications are reversed, 
that is, if the LRFB box indicates left when your friend is 
to your right, reverse the position of PHASE switch S3. 

When the L/R indicators are working properly, have 
your friend walk back and forth between a position 20 feet 
to the front and right of the car and a position 20 feet away 
to the rear and right of the car. The right LED should stay 
on, but the front LED should be on when the HT is in front 
of the antennas, and the back LED should be on when the 
HT is behind the antennas. If the front/back indications are 
reversed, reverse the position of PHASE switch S4. 

While receiving a signal from your friend’s HT, 
adjust R4 for maximum deflection on any one of the two 
optional meters, or on a voltmeter (set on the lowest dc 
voltage range) connected across R24 or R27. Look for the 
maximum deflection of the meter needle as the meter 
swings both ways while the signal source moves from back 
to front or left to right (depending, of course, on which 
panel meter you’re looking at or which resistor—R24 or 
R27—your voltmeter is across). The audio passband of 
FM receivers varies, and if you switch from an ICOM IC- 
27 to an ICOM IC-W2A, for example, you’ll have to 
change U2’s master clock frequency. You may encounter 
receivers that don’t require readjusting R4, but such read- 
justment should be expected. When changing receivers, 
you may also need to change the position of PHASE 
switches S3 and S4. This may also be necessary when 
changing from UHF to VHF, or VHF to UHF on the same 
receiver, as the number of receiver stages (and, hence, the 
audio phase) may change from band to band. 


Audio Level Adjustments 


With meter damping (S2) off, adjust R10 so that you 
have full deflection of one of the two meters (or your 
multimeter) with the signal source at a 45° angle from 
the vehicle (halfway between ahead and right), and a rea- 
sonable audio level from the speaker. Turn the rig’s vol- 
ume control all the way up to ensure that the audio circuit 
doesn’t overload. If it overloads, the meters won’t deflect. 
From zero to full blast, the meter should deflect more 
and more (unless the signal is straight ahead or exactly 
left or right). If you’re using an H-T, maximum deflec- 
tion of the meter should occur before the volume control 
is 7/4 of maximum, or before the volume control is at 
‘/, of maximum if you’re using a mobile rig. If R10 is 
properly adjusted, turning the volume control to maxi- 
mum won’t cause the meter to fall back toward zero. If 
increasing the volume causes the meter to deflect less, 
then R10’s setting is too high. 

Now have your friend walk around the vehicle with 
the HT transmitting and notice that the LEDs indicate the 
signal direction. On 2 meters in a clear field, the indica- 
tions should be correct 80 or 90% of the time. The errone- 
ous readings that occasionally occur are due to multipath 
propagation caused by the irregular shape of the vehicle. 
Slight adjustments in the positions of the L/R and F/B 
antennas may be necessary to make the zero points fall 
directly in front of the vehicle (neither left nor right LED 
on) and at the center of the antennas (neither front nor 
back LED on). 

Try the same procedure on 440 MHz. You may have 
to flip the PHASE switches when you move to another band, 
even when using the same receiver. Remember that the 
total length of the 440-MHz antennas must be '/4 A or 
less, and the antennas must be placed less than '/s A apart. 
The results on 440 MHz probably won’t be as consistent 
as the results on 2 meters, as there is likely to be a lot 
more multipath propagation caused by the irregular shape 
of the vehicle. 


Fox Hunting 

Before heading out to find the fox, check to be cer- 
tain the LRFB box is working properly. Tune to the fox’s 
frequency and drive off. Turning on the DAMPING switch 
stabilizes the indication as you drive along. Follow indi- 
cations generated as you travel over the road or street. If 
an indication is constant for 15 or 20 seconds while you’re 
moving down the road, it’s probably the true direction to 
the fox. It’s possible to have a reflection from a moun- 
tain over a long distance down the road, however. When 
you can hear the fox with no antenna, it’s time to get out 
of the car, switch to the hand-held system and hunt for 
the fox on foot. 

If you switch to a new receiver, you may have to 
readjust R4, CLOCK FREQ. That’s because both receiv- 
ers may not have the same audio bandwidth. Author 
WAQYBVS forgot this while chasing a balloon once and 
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the results were comical. When chasing balloons with ham 
radio transmitters, the readings you get are likely to be 
confusing when the balloon is at a high angle with respect 
to the plane of the car top. Use a hand-held Yagi to verify 
the balloon location. Even with a simple buzzbox, you 
should be able to find a keyed transmitter. 


A TAPE-MEASURE BEAM FOR RDFING 


Joe Leggio, WB2HOL, designed this antenna while 
searching for a beam with a really great front-to-back ratio 
to use in hidden transmitter hunts. It exhibits a very clean 


pattern and is perfect for RDF use. You can construct this 
beam using only simple hand tools, and it has been 
duplicated many times. 

WB2HOL’s first design requirement was to be able to 
get in and out of his car easily when hunting for a hidden 
transmitter. He accomplished this by using steel “tape- 
measure” elements, which fold easily when putting the 
antenna into a car and yet are self supporting. They also 
hold up well while crashing through the underbrush on a 
fox hunt. 

WB2HOL decided to use three elements to keep the 
boom from getting too long. He used inexpensive 
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Fig 44—Tape-measure beam dimensions. 
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Fig 45—Photo of 
driven-element 
mounted to PVC tee 
using hose clamps. 
The hairpin match 
wires is shown here 
soldered to the tape- 
measure elemenis, 
along with the 
RG-58 feed line. 















Fig 46—Photo of complete tape-measure beam, ready 
to hunt foxes! 


Schedule-40 PVC pipe, crosses and tees that can be found 
at any hardware store for the boom and element supports. 

He used a simple hairpin match, consisting of a 5-inch 
length of #14 solid wire bent into the shape of a U, with the 
two legs about */4 inch apart. This gave in a very good match 
across the 2-meter band after he tweaked the distance 
(1-inch on his prototype) between the halves of the driven 
element for minimum SWR. 

You can cut the 1-inch wide tape-measure elements 
with a pair of shears, chamfering the ends of the elements. 
Be very careful—the edges are very sharp and will inflict a 
nasty cut if you are careless. Use some sandpaper to re- 
move the sharp edges and burrs and put some viny] electri- 


cal tape on the ends of the elements to protect yourself from 
getting cut. Wear safety glasses while cutting the elements. 
See Fig 44 for dimensions. 

The RG-58 coax feed line is wound into a 8-turn coil 
along the boom to form a choke balun. The coil is covered 
with vinyl black tape to secure it to the boom. Make sure 
you scrape or sand the paint off the tape-measure elements 
where the feed line is attached. Most tape measures have a 
very durable paint finish designed to stand up to heavy use. 
You do not want the paint to insulate your feed-line con- 
nection! 

If you are careful, you can solder the feed line to the 
element halves, but take care since the steel tape measure 
does not solder easily and the PVC supports can be easily 
melted. Tin the tape-measure elements before mounting 
them to the PVC cross if you decide to connect the feed line 
in this fashion. 

If you decide not to solder to the tape-measure ele- 
ments, you can use two other methods to attach the feed 
line. One method employs ring terminals on the end of the 
coax. The ring terminals are then secured under self-tap- 
ping screws or with 6-32 bolts and nuts into holes drilled in 
the driven-element halves. However, with this method you 
cannot fine-tune the antenna by moving the halves of the 
driven element in and out. 

The simplest method is simply to slide the ends of the 
feed line under the driven element hose clamps and tighten 
the clamps to hold the ends of the coax. This is low-tech but 
it works just fine. 

WB2HOL used 1'/2-inch stainless-steel hose clamps 
to attach each driven-element half to the PVC cross that 
acts as its support. This allowed him to fine-tune his antenna 
for lowest SWR simply by loosening the hose clamps 
and sliding the halves of the driven element in or out to 
lengthen or shorten the element. He achieved a 1:1 SWR at 
146.565 MHz (the local fox-hunt frequency) when the two 
elements were spaced about | inch apart. Fig 45 shows the 
hose-clamp method for attaching the driven element to the 
PVC cross, along with the hairpin wire and feed-line coax. 

Some builders have used rubber faucet washers be- 
tween the tape-measure elements and the PVC-cross fit- 
tings on the director and reflector. These allow for the tape 
to fit the contour of the PVC fitting better and will make 
the antenna look nicer. It is normal for the reflector and 
director elements to buckle a bit as they are tightened to 
the PVC tee and cross if you don’t use faucet washers. 
You can also eliminate the buckling if you use self-tap- 
ping screws to attach these elements instead of hose 
clamps. The beam will not be as rugged, however, as when 
you use hose clamps. 

This beam has been used on fox hunts, on mountain 
tops, at local public-service events, outdoors, indoors in at- 
tics—just about everywhere. The SWR is typically very 
close to 1:1 once adjusted. Front-to-back performance is 
exactly as predicted. The null in the rear of the pattern is 
perfect for transmitter hunts. 
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Portable 
Antennas 


For many amateurs, the words portable antennas 
may conjure visions of antenna assemblies that can be 
broken down and carried in a backpack, suitcase, golf 
bag, or what-have-you, for transportation to some out- 
of-the way place where they will be used. Or the vision 
could be of larger arrays that can be disassembled and 
moved by pickup truck to a Field Day site, and then 
erected quickly on temporary supports. Portable anten- 
nas come in a wide variety of sizes and shapes, and can 
be used on any amateur frequency. 

Strictly speaking, the words “portable antenna” 
really means transportable antenna—one that is moved to 
some (usually temporary) operating position for use. As 
such, portable antennas are not placed into service when 
they are being transported. This puts them in a different class 
from mobile antennas, which are intended to be used while 
in motion. Of course this does not mean that mobile anten- 
nas cannot be used during portable operation. Rather, true 
portable antennas are designed to be packed up and moved, 
usually with quick reassembly being one of the design req- 
uisites. This chapter describes antennas that are designed 
for portability. However, many of these antennas can also 
be used in more permanent installations. 

Any of several schemes can be employed to support 
an antenna during portable operation. For HF antennas 
made of wire, probably the most common support is a 
conveniently located tree at the operating site. Tempo- 
rary, lightweight masts are also used. An aluminum 
extension ladder, properly guyed, can serve as a mast for 
Field Day operation. Such supports are discussed in Chap- 
ter 22, Antenna Supports. 


A SIMPLE TWIN-LEAD ANTENNA FOR 
HF PORTABLE OPERATION 


The typical portable HF antenna is a random-length 
wire flung over a tree and end-fed through an antenna 
tuner. Low-power antenna tuners can be made quite 
compact, but each additional piece of necessary equip- 
ment makes portable operation less attractive. The sta- 
tion can be simplified by using resonant impedance- 
matched antennas for the bands of interest. Perhaps the 
simplest antenna of this type is the half-wave dipole, cen- 
ter-fed with 50- or 75-Q coax. Unfortunately, RG-58, 
RG-59 or RG-8 cable is quite heavy and bulky for back- 
packing, and the miniature cables such as RG-174 are 
too lossy. 

A practical solution to the coax problem, developed 
by Jay Rusgrove, W1VD, and Jerry Hall, KITD, is to 
use folded dipoles made from lightweight TV twin-lead. 
The characteristic impedance of this type of dipole is near 
300 Q, but this can easily be transformed to a 50-Q 
impedance. The transformation is obtained by placing a 
lumped capacitive reactance at a strategic distance from 
the input end of the line. Fig 1 illustrates the construc- 
tion method and gives important dimensions for the twin- 
lead dipole. 

A silver-mica capacitor is shown for the reactive ele- 
ment, but an open-end stub of twin-lead can serve as well, 
provided it is dressed at right angles to the transmission 
line for some distance. The stub method has the advantage 
of easy adjustment of the system resonant frequency. 

The dimensions and capacitor values for twin-lead 
dipoles for the HF bands are given in Table 1. To pre- 


Portable Antennas’ 15-1 
































300 — Ohm 
Twin Lead 
Any Length 
Cg -Silver -Mica 
Capacitor 
Z Across 
: Feed Line or Stub 
Cc 
Yo 
50 


Fig 1—A twin-lead folded dipole makes an excellent 
portable antenna that is easily matched to 50-Q 
equipment. See text and Table 1 for details. 


serve the balance of the feeder, a 1:1 balun must be used 
at the end of the feed line. In most backpack QRP appli- 
cations the balance is not critical, and the twin-lead can 
be connected directly to a coaxial output jack—one lead 
to the center contact, and one lead to the shell. 

Because of the transmission-line effect of the 
shorted-radiator sections, a folded dipole exhibits a wider 
bandwidth than a single-conductor type. The antennas 
described here are not as broad as a standard folded 
dipole because the impedance-transformation mechanism 
is frequency selective. However, the bandwidth should 
be adequate. An antenna cut for 14.175 MHz, for example, 
will present an SWR of less than 2:1 over the entire 
14-MHz band. 


ZIP-CORD ANTENNAS 


Zip cord is readily available at hardware and depart- 
ment stores, and it’s not expensive. The nickname, zip 
cord, refers to that parallel-wire electrical cord with brown 
or white insulation used for lamps and many small appli- 
ances. The conductors are usually #18 stranded copper 
wire, although larger sizes may also be found. Zip cord 
is light in weight and easy to work with. 

For these reasons, zip cord can be pressed into ser- 
vice as both the transmission line and the radiator sec- 
tion for an emergency dipole antenna system. This 
information by Jerry Hall, KI1TD, appeared in QST for 
March 1979. The radiator section of a zip-cord antenna 
is obtained simply by “unzipping” or pulling the two con- 
ductors apart for the length needed to establish resonance 
for the operating frequency band. The initial dipole length 
can be determined from the equation ¢ = 468/f, where 
is the length in feet and f is the frequency in MHz. (It 
would be necessary to unzip only half the length found 
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Table 1 


Twin-Lead Dipole Dimensions and Capacitor 
Values 


Frequency LengthA LengthC C, Stub 
Length 
3.75 MHz 124' 914" 13' 0" 289 pF 37' 4" 
7.15 65' 5%" 6' 10" 151 pF 19'7" 
10.125 46' 242" 4' 10" 107 pF 13' 10" 
14.175 33' 0" 3' 5" 76 pF 9' 1012" 
18.118 25' 10" 2' 82" 60 pF 7'9" 
21.225 22' V2" 2' 342" 51 pF 67" 
24.94 18' 9" 1'11%" 43 pF 5' 72" 
28.5 16' 5" 1' 814" 38 pF 4'11" 


from the formula, since each of the two wires becomes 
half of the dipole.) The insulation left on the wire will 
have some loading effect, so a bit of length trimming may 
be needed for exact resonance at the desired frequency. 

For installation, you may want to use the electrician’s 
knot shown in Fig 2 at the dipole feed point. This is a 
balanced knot that will keep the transmission-line part of 
the system from unzipping itself under the tension of 
dipole suspension. This way, if zip cord of sufficient 
length for both the radiator and the feed line is obtained, 
a solder-free installation can be made right down to the 
input end of the line. 

(Purists may argue that knots at the feed point will 
create an impedance mismatch or other complications, 
but as will become evident in the next section, this is not 
a major consideration.) Granny knots (or any other vari- 
ety) can be used at the dipole ends with cotton cord to 
suspend the system. You end up with a lightweight, low- 
cost antenna system that can serve for portable or emer- 
gency use. 

But just how efficient is a zip-cord antenna system? 
Since it is easy to locate the materials and simple to 
install, how about using such for a more permanent 
installation? Upon casual examination, zip cord looks 
about like 72-Q balanced feed line. Does it work as well? 


Zip Cord as a Transmission Line 


To determine the electrical characteristics of zip cord 
as a radio-frequency transmission line, a 100-foot roll 
was subjected to tests in the ARRL laboratory with an RF 
impedance bridge. Zip cord is properly called parallel power 
cord. The variety tested was manufactured for GC Elec- 
tronics, Rockford, IL, being 18-gauge, brown, plastic-insu- 
lated type SPT-1, GC cat. no. 14-118-2G42. Undoubtedly, 
minor variations in the electrical-characteristics will occur 
among similar cords from different manufacturers, but the 
results presented here are probably typical. 

The characteristic impedance was determined to be 
107 Q at 10 MHz, dropping in value to 105 Q at 15 MHz 
and to a slightly lower value at 29 MHz. The nominal 
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Fig 2—This electrician’s knot, often used inside lamp 
bases and appliances in lieu of a plastic grip, can also 
serve to prevent the transmission-line section of a zip- 
cord antenna from unzipping itself under the tension of 
dipole suspension. To tie the knot, first use the right- 
hand conductor to form a loop, passing the wire behind 
the unseparated zip cord and off to the left. Then pass 
the left-hand wire of the pair behind the wire extending 
off to the left, in front of the unseparated pair, and 
thread it through the loop already formed. Adjust the 
knot for symmetry while pulling on the two dipole wires. 


value is 105 Q at HF. The velocity factor of the line was 
determined to be 69.5%. 

Who needs a 105-Q line, especially to feed a di- 
pole? A dipole in free space exhibits a feed-point resis- 
tance of 73 Q, and at heights above ground of less than '/ 
4 wavelength the resistance can be even lower. An 80- 
meter dipole at 35 feet over average soil, for example, 
will exhibit a feed-point resistance of about 35 Q. Thus, 
for a resonant antenna, the SWR in the zip-cord trans- 
mission line can be 105/35 or 3:1, and maybe even higher 
in some installations. Depending on the type of transmit- 
ter in use, the rig may not like working into the load pre- 
sented by the zip-cord antenna system. 

But the really bad news is still to come—line loss! 
Fig 3 is a plot of line attenuation in decibels per hundred 
feet of line versus frequency. Chart values are based on 
the assumption that the line is perfectly matched (sees a 
105-Q load as its terminating impedance). 

In a feed line, losses up to about 1 decibel or so can 
be tolerated, because at the receiver a 1-dB difference in 
signal strength is just barely detectable. But for losses 
above about 1 dB, beware. Remember that if the total 
losses are 3 dB, half of your power will be used just to 
heat the transmission line. Additional losses over those 
charted in Fig 3 will occur when standing waves are 
present. (See Chapter 24, Transmission Lines.) The 
trouble is, you can’t use a 50- or 75-Q SWR instrument 
to measure the SWR in zip-cord line accurately. 

Based on this information, we can see that a hun- 
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Fig 3—Attenuation of zip cord in decibels per hundred 
feet when used as a transmission line at radio 
frequencies. Measurements were made only at the 
three frequencies where plot points are shown, but the 
curve has been extrapolated to cover all high- 
frequency amateur bands. 


dred feet or so of zip-cord transmission line on 80 meters 
might be acceptable, as might 50 feet on 40 meters. But 
for longer lengths and higher frequencies, the losses 
become appreciable. 


Zip Cord Wire as the Radiator 


For years, amateurs have been using ordinary cop- 
per house wire as the radiator section of an antenna, erect- 
ing it without bothering to strip the plastic insulation. 
Other than the loading effects of the insulation mentioned 
earlier, no noticeable change in performance has been 
noted with the insulation present. And the insulation does 
offer a measure of protection against the weather. These 
same statements can be applied to single conductors of 
zip cord. 

The situation in a radiating wire covered with insu- 
lation is not quite the same as in two parallel conductors, 
where there may be a leaky dielectric path between the 
two conductors. In the parallel line, it is the current leak- 
age that contributes to line losses. This leakage current is 
set up by the voltage potential that exists on the two ad- 
jacent wires. The current flowing through the insulation 
on a single radiating wire is quite small by comparison, 
and so as a radiator the efficiency is high. 

In short, communications can certainly be established 
with a zip-cord antenna in a pinch on 160, 80, 40, 30 and 
perhaps 20 meters. For higher frequencies, especially with 
long line lengths for the feeder, the efficiency of the sys- 
tem is so low that its value becomes questionable. 
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A TREE-MOUNTED HF GROUND-PLANE 
ANTENNA 


A tree-mounted, vertically polarized antenna may 
sound silly. But is it really? Perhaps engineering refer- 
ences do not recommend it, but such an antenna does not 
cost much, is inconspicuous, and it works. This idea was 
described by Chuck Hutchinson, K8CH, in QST for Sep- 
tember 1984. 

The antenna itself is simple, as shown in Fig 4. A 
piece of RG-58 cable runs to the feed point of the 
antenna, and is attached to a porcelain insulator. Two 
radial wires are soldered to the coax-line braid at this 
point. Another piece of wire forms the radiator. The top 
of the radiator section is suspended from a tree limb or 
other convenient support, and in turn supports the rest of 
the antenna. 

The dimensions for the antenna are given in Fig 5. 
All three wires of the antenna are 4 wavelength long. 
This generally limits the usefulness of the antenna for 
portable operation to 7 MHz and higher bands, as tem- 
porary supports higher than 35 or 40 feet are difficult to 
come by. Satisfactory operation might be had on 3.5 MHz 
with an inverted-L configuration of the radiator, if you 
can overcome the accompanying difficulty of erecting the 
antenna at the operating site. 

The tree-mounted vertical idea can also be used for 
fixed station installations to make an invisible antenna. 





Fig 4—The feed point of the tree-mounted ground- 
plane antenna. The opposite ends of the two radial 
wires may be connected to stakes or other convenient 
points. 
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Shallow trenches can be slit for burying the coax feeder 
and the radial wires. The radiator itself is difficult to see 
unless you are standing right next to the tree. 


A PORTABLE DIPOLE FOR 80 TO 
2 METERS 


This dipole antenna, described by Robert Johns, 
W3JIP, in August 1998 QST, can be used for any band 
from 80 through 2 meters. One half of the dipole is an 
inductively loaded aluminum tube. Its length is adjust- 
able from 4 to 11 feet, depending on how much room is 
available. The other half is flexible insulated wire that 
can be spooled out as necessary. The tube is supported 
by a flagpole bracket attached to a long carpenter’s clamp. 
The clamp mounts the antenna to practically anything: a 
windowsill, railing, a chair or post. If there is no struc- 
ture to mount the antenna (a parking lot or the beach), 
the clamp attaches to two light wooden legs to form a 
tripod, as shown in Fig 6. 

The key to mounting flexibility is the large clamp. 
The key to electrical flexibility is a large adjustable coil 
that lets you resonate the tube on many bands. The coil is 
wound with #8 aluminum ground wire from RadioShack. 
The form is a four-inch (4'/2-inch OD) styrene drain 
coupling from the Home Depot or a large plumbing sup- 
ply store. A movable tap adjusts the inductance to tune 
the upright tube to the desired band. The wire half of the 
antenna is always a bit less than 4/4 on each band. Hang 
it from any convenient support or drape it over bushes to 
keep it off the ground. 








Fig 5—Dimensions and construction of the tree- 
mounted ground-plane antenna. 


Fig 6—At top, the portable antenna in some of the 
many places it may be mounted around the house, 
porch and yard. At bottom, the simple ground-mounted 
legs that make a tripod. 





Construction 


The 18-inch carpenter’s clamp (sometimes called a 
bar clamp, such as Jorgensen’s No. 3718) and flagpole 
bracket that takes a 3/s-inch pole are common hardware 
items. Insulate the bracket from the clamp jaw with a 
1'/2-inch length of 1-inch PVC pipe (see Fig 7). Hammer 
the PVC over the end clamp jaw to make it take the shape 
of the jaw. Secure the flagpole bracket to PVC with a large 
ground clamp (for '/2 or 1-inch conduit). The ground clamp 
includes '/s-inch bolts; enlarge the flagpole bracket holes 
to accept them. Some flagpole brackets have an integral 
cleat; the author hammered the cleat ears flat on his. 

Mount an SO-239 chassis connector on the flagpole 
bracket using RadioShack insulated standoffs (276-1381). 
The standoffs tightly press the center pin of the SO-239 
against the bracket surface; no other connection is needed. 
Other mounting hardware may require a connection from 
the coax center conductor to the bracket. The spooled 
wire’s inner end wraps around a standoff and connects to 
a ring terminal under a screw holding the SO-239 flange 
to the standoff. 

The 1 x 2-inch wooden legs for the tripod are each 
30 inches long. Bolt them together at one end with a 1 or 
1'/4-inch-long bolt. Countersink the bolt head and nut 
below the surface of the wood so they don’t interfere with 
the clamp jaws. 


Aluminum Element 


You can make this element from three lengths of 
telescoping aluminum tubing (3/4, */s and '/2 inch, 0.058- 
inch walls). The author used tubing with thinner walls 
for less weight and easier handling. A 45-inch-long, 
3/4-inch tube fits the flagpole bracket. He chose this length 
because it and the flagpole bracket make A/4 on 6 meters. 
The two outer tubes are both °/s inch, made by cutting a 
seven-foot aluminum clothesline pole in halves. They are 





Fig 7—The flagpole bracket that supports the tubing 
elements is clamped to the long carpenter’s clamp, but 
insulated from it by a small section of 1-inch PVC pipe. 
A coax connector is mounted to the bracket and the 
spool of wire is attached to the coax connector. 
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joined together with a copper coupling (°/s inch ID) for 
'/2-inch copper pipe. The coupling is bolted to one of the 
5/s-inch sections, and a slot is cut in the free half of the 
coupling. The remaining °*/s-inch tube is inserted there 
and secured with a hose clamp. See Fig 8. 

One */s-inch tube slides into the 3/s-inch tube to pro- 
vide a continuously variable element length from about 
4 to 7'/2 feet. This extends from 7'/2 to 11 feet when the 
two */s-inch sections are joined together. 


Loading Coil 

The loading coil has 12 turns of bare aluminum wire 
spaced to fill the 3'/2-inch length of the drain coupling. 
Drill °/s4-inch holes at the ends of the coil form to accept 
the ends of the coil wire. (See Fig 9.) To wind the coil, 
feed four inches of wire through the form, make a sharp 
bend in the wire and start winding away from the nearby 
mounting hole. Wind 12 turns on the form, spacing them 
only approximately. Cut the wire for a 4-inch lead and 
feed it through the other hole in the form. Tighten the 
wire as best you can and bend it into another acute angle 
where it passes into the form. Space the turns about 
equally, but don’t fuss with them. Final spacing will be 
set after the wire is tightened. 

Tighten the coil wire by putting a screwdriver or a 
needle-nose pliers jaw under one turn, and pry the wire 
up and away from the surface of the coil form. While this 
can be done anywhere, it’s best to put these kinks on the 
backside, away from the mounting shaft. Put kinks in 
every other turn, removing any slack from the coil and 
holding the turns in place. Should the coil ever loosen, 
simply retighten it with a screwdriver. If you prefer, glue 
the coil turns in place with epoxy or coil dope. Use a thin 
bead of glue that won’t interfere with the clip that con- 
nects to the coil. 

The coil form mounts on a nine-inch-long */4-inch PVC 
pipe. (See Fig 9 and Fig 10.) The inside diameter is slightly 
larger than the */4-inch aluminum, but slotting the PVC and 
tightening it with a hose clamp secures the tube. (Use a 
wide saw to cut these slots, not a hacksaw.) The coil form 
mounts to the PVC pipe with #6-32 x 1'/2-inch bolts. A five- 
inch long, */4-inch aluminum tube permanently attaches 
to one end of the coil assembly and slides into the 





Fig 8—The joint between two sections of °/s-inch tubing 


is made from a '/2-inch copper pipe coupling, bolted to 
one section and hose clamped to the other. 
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flagpole bracket. One end of the coil wire connects to this 
short tube. Flatten the wire end by hammering it on some- 
thing hard, then drill a °/s4-inch hole in the flattened end 
and attach it to the short tube with a #6-32 x 1-inch bolt. 
Tighten the bolt until the '/2-inch tube starts to flatten. This 
will keep pressure on the aluminum-to-aluminum joint. 

The aluminum element slides into the opposite end 
of the coil assembly. The hose clamp there can be tight- 
ened until the element just slides in snugly. 

A 12-inch clip lead connects the aluminum element 
to the coil. Bolt the plain wire end to the */4-inch tube 
three inches from its end. Many alligator clips will fit in 
the space between the turns of the coil (about 7/16 inch), 
but W3JIP preferred using a solid-copper clip (Mueller 
TC-1). Cut off most of the jaws, so that only the part 
close to the hinge grabs the coil. This shorter lever grips 
very tightly. 


Wire and Spool 


The lower half of the antenna is insulated wire that 
is about A/4 on the band of operation. The wire is pulled 
from the spool, and the remaining wire forms an induc- 
tance that doesn’t add much to the antenna length. The 
Home Depot sells #12 and #14 insulated stranded copper 
wire in 50 and 100-foot lengths, on plastic spools. (See 
Fig 11.) A '/:-inch dowel fits into the spool to make a 





Match Location 
of Coil Form 
Mounting Holes 





Slot for 
Compression 
Mounting Holes Joint 
(both ends) 








O | All Holes 9/64" 


Holes for 
Coil Leads 


Coil Form 
(4" Styrene Pipe Fitting) 


Fig 9—Holes to be drilled in the styrene coupling and 
the °/4-inch PVC pipe. All holes are °/cs-inch diameter, to 
provide clearance for #6-32 bolts. The hole 1'/2 inches 
from one end holds a bolt that serves as a stop, so that 
the antenna tube does not slide in too far. Space the 
holes for coil leads far enough from the mounting 
holes to clear the °/s-inch pipe. 





Fig 10—Top photo shows the loading coil for the 20, 
30, and 40-meter band coverage. The short aluminum 
tube on the coil slides into the flagpole bracket, and 
the tubing element slides into the other end of the PVC 
pipe. The wire and clip connect the element to the coil. 
Bottom photo shows the coil for operating the antenna 
on 80 meters. This is placed in the flagpole bracket and 
the 40-meter aluminum coil plus the tubing element is 
inserted into it. 


handle and spool axle. Bolts through the dowel on either 
side of the spool hold it in place. A crank handle is made 
by putting a one-inch-long bolt through the spool flange. 

The author calibrates the wire on the spool with 
markers and electrical-tape flags. There’s a mark (from a 
permanent marking pen) at each foot, a black flag every 
five feet and a length-marked colored flag every 10 feet. 
Simply mark the length for each band, if you like. 

Make sure you prevent the wire from unspooling, 
especially when it’s hanging from a window mounting. 
A heavy rubber band works, but it doesn’t last long. A 
better solution is a loop of light bungee cord, preferably 
with a knot for grip. The bungee loop runs from the axle/ 
handle around the spool making a half twist on the way, 
and then passes over the axle end on the other side of the 
spool. (See Fig 11.) 


Operation 


Table 2 lists element length, wire length and coil 
tap point for various bands. When the number of turns 
shown is zero, the coil is not needed. On all bands except 
6 meters, you can simply bypass the coil with the clip 
lead—the extra length just lowers the frequency a bit. For 
6 meters, the coil must be removed. The location of the 
unspooled wire greatly affects the settings, so these num- 
bers are only starting points. The lengths in the table were 
taken with the wire one to three feet above ground, draped 





Fig 11—The wire spool has a wooden axle/handle and 
small handle for winding the wire. A bungee cord 
stretched over the spool and around the axle prevents 
the wire from unwinding. 
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over and through bushes and flowerbeds. The antenna 
will still work if the wire is lying on the ground, but it 
will require less unspooled wire to resonate. A balun is 
not needed, and an SWR analyzer is very helpful while 
adjusting this antenna. 

The SWR is less than 1.5:1 on all bands, and it’s 
usually below 1.2:1. Occasionally, a band shows a higher 
SWR (still less than 2:1), but that can always be lowered 
by adjusting the length or location of the lower wire. 
Never set up the antenna where it could fall and injure 
someone, or where the unwary could get an RF burn by 
touching it. 

The author’s results with this antenna have been 
excellent, both from home and on vacation. If you haven’t 
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yet operated from a seashore location, be prepared for a 
pleasant surprise! The good ground afforded by the salt 
water really makes a difference. 


80 Meters 


It’s easy to add this lower frequency band. Fig 10 
shows a 35 WH coil for 80 meters. It’s constructed and 
tightened just like the 40-meter coil, but has 20 turns of 
#12 magnet wire. 

To operate on 75/80 meters, insert the new coil into 
the flagpole bracket and plug the 40-meter coil into it. 
Tune across the band with the movable tap on the 40-meter 
coil. This varies antenna resonance from below 3.5 to 
above 4.0 MHz, with the full 11 feet of tubing extended. 
If your version doesn’t achieve this tuning range, adjust 
the spacing of the turns on the 80-meter coil. 

The 80-meter coil has a five-inch length of */s-inch 
aluminum tube inserted into one end of the '/2-inch PVC 
pipe that supports the coil form. One end of the coil is 
connected to this aluminum tube. The other end is 
secured under the bolt that holds the coil form to the PVC 
pipe. A second clip lead connects the base of the 40-meter 
coil to the outer end of the larger coil. The length of wire 
on the spool must also be increased to about 64 feet. 


2 Meters 


A 2/2 dipole for 2 meters can be made with about 
15 inches of '/2-inch aluminum tubing in the flagpole 
bracket, and 18 inches of wire. The tubing element is 
shorter than normal for 2 meters because the bracket is 
also part of the antenna. You can also shorten the 6-meter 
wire a bit and operate the 6-meter antenna as a 3A/2 on 
2 meters, with a somewhat higher SWR. 


Continuous Coverage 


With easily changed element lengths and a continu- 
ously variable loading coil, you may operate the antenna 
on any frequency from 6.5 to 60 MHz, if coverage for other 
services is needed. With taps in the 80-meter coil at 8, 11 
and 14 turns, the antenna will also tune from 4 to 7 MHz. 


THE HF CABOVER ANTENNA 


If you have ever had the pleasure of traveling across 
the country with an HF mobile in a camper, trailer or 
motor home you may want to duplicate this antenna for 
use when you park. This antenna was described in The 
ARRL Antenna Compendium, Vol 5, by Jim Ford, N6JF. 

The author’s camper has limited spots on which to 
mount an HF mobile antenna. The back ladder is a con- 
venient place to mount a small mobile whip. However, 
the efficiency of typical mobile center-loaded antennas, 
depending on coil Q and other assumptions, is often less 
than 2% for 80 meters and 10% for 40 meters. (These 
numbers come from the excellent, easy-to-use MOBILE 
antenna design program by Leon Braskamp, AA6GL, 
which is on the CD-ROM bundled with this book.) 
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At some locations, N6JF used an 80-meter dipole, 
which was very efficient and worked great on all bands 
when fed with open-wire line and an antenna tuner. How- 
ever, it took over 40 minutes to set up and about 20 min- 
utes to tear down, working with a sling shot and many 
tree snags. This is too much time to make a schedule or 
for an early morning departure, although it’s OK if you 
plan to stay for a while. Even more important, there were 
often too many trees or other barriers (perhaps some even 
social) to allow putting up the dipole at a campsite. 

When this happened he was stuck with the mobile 
antenna with poor efficiency. There had to be a better 
antenna for camper operation. The author decided on a 
large vertical. 

A telescoping aluminum extension pole used for 
roller painting would make a good bottom section for the 
loaded vertical. These are available at many local home 
supply centers. The author’s was 1| inch in diameter and 
6 feet long, telescoping to almost 12 feet. He disas- 
sembled both sections and cross-cut a l-inch slot in the 
top of the bottom section with a hacksaw to allow com- 
pression clamping with a hose clamp. The tip of the top 
section was fitted with an aluminum plug that had a 
3/8-24 hole tapped in it. This procedure was a simple 
machine-shop operation. The plug was pounded into the 
top section and is quite snug. He tapped some set screws 
through the pole into the plug, however, just to be sure. 
An insulated, lay-down marine antenna mount fit perfectly 
into the bottom of the aluminum base and was secured 
with a bolt that also served as the electrical connection 
from the capacitor matching box. See Fig 12 showing the 
aluminum base plate, the laydown mount and the antenna 





Fig 12—Photo of aluminum base plate, showing details 
of mounting to the camper. The four banana-plug jacks 
on the bottom are for extra radials, if desired. 





Fig 13—Photo showing the back of the camper, with 
the antenna in the lowered position, parallel to the 
ladder. The “Outback” standby mobile antenna is 
shown clamped to the left side of the ladder. 
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of 
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C1 3 Section 365 pF 
C2 800pF mica 
S1 is Closed on 80M 


Fig 14—Schematic of tuning capacitor at base plate. 
C2 is an 800 pF transmitting mica capacitor. C1 is a 
three-section 365 pF broadcast tuning capacitor. $1 is 
closed for 80-meter operation. 


mast itself lowered down the back of the camper. Fig 13 
shows the layout of the back of the camper, with the 
antenna on the right-hand side, laid down for travel. 

The variable capacitor in the matching box is a sur- 
plus three-section 365-pF broadcast tuning capacitor. Two 
of three sections are connected in parallel and a switch 
parallels in the third section, along with an extra 800 pF 
mica capacitor for use on 80 meters. See the schematic 
in Fig 14. 

The capacitor assembly was put in a custom-glued 
Plexiglas box to keep out the weather and mounted to a 
piece of plate aluminum, along with an SO-239 connec- 
tor. The aluminum plate was riveted to the camper shell 
using a lot of aluminum rivets. Do not use steel. N6JF 
peeled back about a 4-inch wide section of the side of the 
camper for this direct aluminum-to-aluminum connection. 
People who are hesitant to modify their campers like this 
need to find an alternate low-resistance connection 
method. His camper was old enough not to be an issue. 

For an extra low-resistance connection a 1'/2-inch 
aluminum strip was added from the top of the base plate 
to the camper, as shown in Fig 12 near the 80-meter 





Fig 15—Close-up photo of 80 and 40-meter coils, with 
top section and telescoping whip antenna with swivel 
bracket for tuning the top section for the higher bands. 
Note quick-disconnect connectors at top and bottom of 
both coils. The top whip is a Fiberglas CB whip, used 
on 80 and 40 meters. 


switch. The tuning knob protrudes from the side of the 
Plexiglas box. The four bottom holes in the plate are for 
banana plugs to connect ground radials if extra efficiency 
is desired. However, the roof of a camper is one of the 
better places for a mobile antenna, so the author seldom 
hooks up the radials. When he does use them, the tuning 
changes only a little. 

To keep losses down, N6JF used coils wound with 
aluminum clothes-line wire on old mobile coil center sec- 
tions with quick disconnect fittings. See Fig 15, which 
shows both the 80 and 40 meter coils, together with the 
top portion of the antenna. An article by Robert Johns, 
W3JIP, in October 1992 QST described techniques for 
building your own loading coils. The coils ended with a 
little more inductance than calculated and the author had 
to remove some turns. Both coils are spaced at 4 turns 
per inch. The 8-inch long 80-meter coil has 18 turns. The 
7-inch long 40-meter coil has 8 turns. 

The matching network is actually an L-section step-up 
match, using the net inductive reactance of the antenna plus 
the center loading coil. The PVC coil construction technique 
was described in W3JIP’s QST article and a follow-up Tech- 
nical Correspondence piece in October 1992 QST. Basi- 
cally, it consists of drilling an accurate row of slightly 
undersized holes along a length of '/:-inch PVC pipe and 
then carefully sawing down the center of the row of holes 
with a hack saw. Then, you trap the coil wires in the grooves 
between the two sawed halves and tie the two halves 
together with string. When you are satisfied that everything 
is proper, you then tighten the string and apply epoxy glue 
to make it strong and permanent. 

One advantage of aluminum clothes line wire is that 
it is already coiled at the approximate diameter needed 
when you buy it and it is easy to position on the coil form. 
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The clothes line wire had a plastic coating, which wasn’t 
removed except at the contact points. Once the epoxy 
dries, this method of construction does a good job of hold- 
ing the finished coil together and it is lightweight. 

The computed coil Q from the MOBILE antenna pro- 
gram is about 800 for the 80-meter coil and about 400 
for the 40-meter coil. The author accidentally made the 
40-meter coil 7 inches in diameter instead of a higher-Q 
6 inch diameter. Even so, the whole antenna system with 
a 9-foot top section calculates as being 56% efficient on 
80 meters and 85% for 40 meters. 

The removable top section for 80 and 40 meters is a 
full-size fiberglass CB whip from RadioShack. The 
fiberglass whip has about a #16 hole in the center of it. 
Be sure to sand and paint the whip for protection against 
UV and to protect yourself against fiberglass spurs in the 
hands. N6JF tried a full-size stainless steel CB whip to 
get a slightly higher capacitance to ground because of 
larger conductor size but discovered it was far too heavy. 
That experience reinforced his decision that aluminum 
was a far more practical coil and base section material 
for this project. 

Quick-disconnect connectors found years ago at a 
hamfest were used for both coil forms and for the top sec- 
tion. Bands higher than 40 meters don’t need any loading 
coils and the antenna length can be telescoped to get a '/s 
wavelength. Ten meters doesn’t require any top section. 
Be sure to use some NOALOX or similar compound to 
prevent corrosion and poor connections at all aluminum 
joints. This is especially true for the telescoping sections 
and the aluminum rivets. The matching capacitor is in the 
circuit at all times but when the 80-meter switch is off you 
can set the capacitor at minimum (about 14 pF) and it is 
effectively out of the circuit, even at 10 meters. The au- 
thor has not tried this antenna on power levels greater than 
about 100 W but the weakest link would probably be the 
matching capacitor. The voltage at the matching capacitor 
is low, so 200 W should be no problem. 

You can achieve a 1:1 SWR match for 80 or 40 meters 
and a good SWR is obtained without retuning the base 
matching capacitor for approximately 100 kHz on 
80 meters and most of 40 meters. The top section, how- 
ever, does not have such low Q and needs to be tuned. The 
2:1 SWR bandwidth on 80 meters is about 25 kHz and 
150 kHz for 40 meters. Tuning is accomplished by using 
a telescoping FM portable radio antenna connected to the 
top-section whip with a stainless steel hose clamp. The 
maximum length of the telescoping section used was 
29 inches, and it collapses down to 7 inches. A whip with 
an elbow was used to adjust the angle of the whip as well. 
A telescoping whip half the length would still be long 
enough for the full adjustment of both bands. 

Adjustment of the top section is one of the penalties 
paid to achieve high efficiency for operation on 80 and 
40 meters. Substituting an automatic antenna tuner would 
likely lose efficiency, particularly on 80 meters since the 
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base resistance calculates to about 10 Q. N6JF has not 
tried to make the antenna work on 160 meters. The SWR 
for the higher bands was good enough without any match- 
ing network. 

As light as the antenna is, it still won’t hold up in a 
moderate wind without some support guys. N6JF used 
/4-inch and '/2-inch PVC support pipes in a telescoping 
arrangement for storage, but expanding to give an 
approximate 45° support at the top of the bottom section 
from both directions. One end of the telescoping section 
was connected to the camper roof with a hinge. The other 
end formed a snap-fit out of a PVC barrel that was cut 
lengthwise. See Fig 16 and Fig 17 for details. Even 
though it formed a good snap fit, N6JF didn’t trust the 
joint for strong winds so he glued a piece of Velcro to the 
joint to close up the open end. Be careful, though, be- 
cause Velcro deteriorates with exposure. 

Another hose clamp near the top of the bottom sec- 
tion holds an '/s-inch line taken up the ladder to pull up 
the antenna without the need of an assistant. The disad- 
vantage is you have to climb the roof. Use a non-slip floor 
mat or something similar to spread the load on the roof 
and to avoid slipping. Once on the roof, however, the coil 
is at a height for easy adjustment when the telescoping 
section is in the down position. 

An advantage of being able to assemble the whole 
antenna on the roof is that you don’t need a lot of swing- 
up room and you can clear trees easily. You can put cali- 
bration marks on the upper aluminum section for resonant 
lengths on the higher bands but just raise the top section 
up all the way for 80 or 40 meters. Mark also the small 





Fig 16—Close-up of one of the snap-on support 
brackets used to brace the antenna. Note the Velcro 
pieces used to ensure that the antenna doesn’t pop out 
of the bracket in the wind. 


Fig 17—Photo showing the two support bracket poles 
bracing the bottom section of the antenna. The top 
tuning whip is evident above the homemade loading 
coil at the top of the bottom section. 


coil tuning whip for 80 or 40 meters, although different 
locations may require slightly different settings due to 
detuning from nearby metal objects. 

The overall length is about 21 feet. The top of the 
author’s camper is about 10 feet high when on the truck, 
putting the tip at 31 feet. This antenna is definitely 
designed for use when you are parked at a fixed location. 
NO6OJF can put up this antenna in less than 5 minutes and 
can take it down in half the time. The success of this 
project has as much to do with knowing how and where 
you operate as it does paying attention to mechanical and 
electrical details. The antenna has been a good compro- 
mise between efficiency and convenience. 





TWO PORTABLE 6-METER ANTENNAS 


These antennas were described by Markus Hansen, 
VE7TCA, in The ARRL Antenna Compendium, Vol 5. 
After years of HF operation, he became enthusiastic about 
VHF/UHF operation when he found a used Yaesu 
FT-726R VHF/UHF all-mode transceiver at a reasonable 
price. 

But he became really enthused when he got on 
6 meters and discovered the joys of driving to high moun- 
tain peaks to operate. Not only does an antenna have to 
be portable for this kind of operation, it must be easily 
assembled and disassembled, just in case you have to 
move quickly to a better location. 


A Portable Two-Element Six-Meter Quad 


VE7CA’s primary objective was to construct a two- 
element quad using material found in any small town. It 
should not use a complicated matching network. The 
Gamma matches commonly used on quads do not hold 
up well when you are setting up and taking down these 
antennas in the field. The final design adjusted the dis- 
tance between the driven and the reflector elements so 
that the intrinsic feed-point impedance was 50 Q. 

Fig 18 shows the dimensions for the boom and the 
boom-to-mast bracket. The boom is made from a 27'/4- 
inch length of 2 x 2. (The actual dimension of 2 x 2 is 
closer to 17/4 by 17/4 inches but it is commonly known in 
lumber yards as a 2 X 2.) Use whatever material is avail- 
able in your area, but lightweight wood is preferred, so 
clear cedar or pine is ideal. Drill the four '/2-inch holes 
for the spreaders with a wood bit, two at each end, through 
one of the faces of the 2 x 2 and the other through the 
other face. The boom-to-mast bracket is made from 
‘/a-inch fir plywood. 

The spreaders are '/2-inch dowel. The local lumber- 
yard had a good supply of fir dowels but other species of 
wood are available. The exact material is not important. 
Maple is stronger but expensive. Fiberglass would be 
ideal but it is not always available locally. Cut two of the 
‘/2-inch dowels to a length of 83°/s inches for the driven 
element spreaders and two to 88 inches for the reflector 
spreaders. Fig 19 shows one end of the boom with the 
two spreaders inserted. The mast was made from two six- 
foot lengths of 17/s-inch fir dowel. Again, use whatever 
you may have available. Waterproof all wooden parts with 
at least two coats of exterior varnish. 

While you are at the lumberyard or hardware store 
look for plastic pipe that fits over the end of the '/2-inch 
spreaders. You will need a one-foot length, with some to 
spare. Cut it into seven equal lengths, approximately one 
inch long, and one to a length of 1'/2 inches. Drill a '/i6- 
inch hole through the seven equal lengths '/4 inch from 
the ends, and two holes one above the other '/s-inch apart 
on the 1'/2-inch sleeve. VE7CA used #14 hard-drawn 
stranded bare copper wire for the elements. Do not use 
insulated wire unless you are willing to experimentally 
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Fig 18—Dimensions for the boom-to-mast bracket for 
VE7CA’s portable two-element 6-meter quad. 





Fig 19—Photo of one end of the VE7CA quad with the 
two spreaders inserted. 


determine the element lengths, since the insulation 
detunes each element slightly. 

Cut the reflector element 251 inches long and slip 
one end of the wire through the holes you drilled in four 
of the plastic sleeves. Don’t attempt to secure the wire to 
the plastic sleeves at this point. Cross the end of the 
reflector elements one inch from their respective ends and 
twist and solder together. The total circumference of the 
reflector element should be 249 inches when the ends are 
connected together. 

Cut the driven element wire to 241 inches and slip 
three of the l-inch sleeves onto the wire. Again, don’t 
secure the wires to the sleeves yet. Then the ends are 
passed through the two holes in the 1'/2-inch pipe. Wrap 
the ends around the pipe and twist them back onto them- 
selves to secure the wire. The coax feed line is attached 
directly to the two ends at this point. The circumference 
of the driven-element loop from the points where the coax 
is attached should be 236°/s inches. Solder the coax feed 
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line to the driven element and waterproof the coax with 
silicone seal. The author used RG-58, as it is lightweight. 
The length required for a portable installation is typically 
not very long, maybe 20 feet, so the loss in the small cable 
is not excessive. Near the feed point, coil the coax into 
six turns with an inside diameter of two inches. This is 
an effective method of choking any RF from flowing on 
the outside of the coax shield. 

Begin assembling the quad by pushing the two 
reflector spreaders, without wires attached, through one 
end of the boom and the two shorter driven-element 
spreaders through the holes in the other end of the boom. 
Center the spreaders and mark the spreaders with a black 
felt-tip pen next to the boom. Now insert a 1'/2 #8 wood 
screw or a threaded L-hook into the boom so that it just 
touches one of the spreaders. Take the screw or L-hook 
out and file the end flat, then reinsert it so that it is just 
snug against the spreaders. The author only used two 
L-hooks for the two vertical spreaders; the horizontal 
spreaders are held in the proper position by the tension 
of the wire loops. If you use an L-hook, you can unscrew 
it with your hands—you won’t have to worry about leav- 
ing the screwdriver at home. 

You are now ready to assemble the wire loops. Take 
the reflector loop and place the four plastic caps over the 
ends of the reflector spreaders. Equalize the wire lengths 
between the spreader so that the loop is square. Now, 
secure the plastic sleeve pipes by tightly wrapping wire 
around the sleeve and the wire element and soldering the 
wire in place. See Fig 20, a photo showing one of the 
plastic sleeves slipped over one of the spreader ends, with 
the wire element through the hole and fastened in place. 
Follow the same procedure with the driven element. 

Fig 21 shows the quad’s boom, with the plywood 
boom-to-mast bracket fastened with wood screws and glue. 
Two U-bolts are used to attach to the mast. When the quad 
is raised, the shape of the loop is commonly known as a 
diamond configuration. The mast consists of two six-foot 
lengths of doweling joined together with a two-foot length 
of PVC plastic pipe, held together with wood screws. 

Make a slot the width of a #8 wood screw about one 
inch deep from the top of the plastic PVC pipe and then 
put the top mast into the plastic pipe. Insert a one inch #8 
wood screw into the bottom of the slot you cut into the 
top of the pipe and tighten only enough so that the top 
mast can be removed without unscrewing it. VE7CA 
drove a nail into the end of the lower mast and left it 
exposed an inch or more. This end is placed in the ground 
and the nail holds the pole in place. A strip of wood 
approximately 1 x 3 and long enough to cross over the 
roof rack of the family van is used to hold the center of 
the antenna mast to the roof rack of the van with small 
diameter rope. See Fig 22 for a photo of the quad in 
action next to the family van. 

To disassemble the quad, lay it on its side, slip the 
plastic sleeves off the ends of the spreaders and roll up 





Fig 20—Photo showing one of the plastic sleeves 
slipped over end of a spreader to provide a mechanical 
mounting point and support for the wires. 





Fig 21—Photo of the two-element quad’s boom, with 
the plywood boom-to-mast bracket secured with wood 
screws and glue. 


the wire loops. Loosen the L-hooks holding the vertical 
spreaders in place. Push the spreaders out of the boom, 
loosen the U-bolts and free the mast from the boom. 

That is all there is to it. It takes about two minutes to 
put it up, or take it down. It is quite sturdy and has sur- 
vived several high-wind storms. 


A Three-Element Portable 6-Meter Yagi 


The idea to build a Yagi antenna resulted when the 
author traded the family van for a compact car. He needed 
something that would fit into the trunk of the car. At close 
to 7-feet long, the quad spreaders were too long. Com- 
puter modeling showed that a three-element Yagi on a 
five-foot boom also could pick up about 1.5 dB gain over 
the short-boom two-element quad. A five-foot boom fits 
into the trunk or across the back seat of the car, but some- 
thing had to be done about the nine-foot elements! 

One day VE7CA noticed a box of portable-radio tele- 
scoping antenna elements at the radio parts store. They 
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Fig 22—Ready for action! VE7CA has set up his quad 
next to the family van. 


were 54 inches long when fully extended. He next found 
a 60-inch length of aluminum tubing that fit over the end 
of the telescoping elements. There are many different 
sizes of telescoping antenna elements, with different di- 
ameters. This is where you will have to use your scroung- 
ing skills! Fig 23 shows how the tubing is used as a center 
section to join two telescoping elements together. It also 
serves to extend the total length of each element, since 
two telescoping elements themselves are not long enough 
to resonate on six meters. See Table 3 for dimensions 
and element spacings. Each center section is slotted at 
both ends with a hacksaw, and stainless-steel hose clamps 
are used to secure the telescoping elements. 

Fig 24 shows the center sections of the three ele- 
ments with their mounting brackets. A square boom was 
used to obtain a flat surface to work with. Fig 25 shows 
how the reflector is attached to the end of the boom with 
two 1'/2-inch 10-32 bolts and wingnuts. Fig 26A provides 
the dimensions and details for the reflector and director 
element-to-boom brackets, which are formed from 
‘/ie-inch plate aluminum. The driven element is split in 
the center and is insulated from the boom. Fig 26B shows 
details for the driven-element bracket. Fig 27 is a photo 
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Fig 23—Photo showing a piece of aluminum tubing 
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Fig 26—At A, details for the reflector and director 
element-to-boom brackets, made of '/1c-inch plate 
aluminum. At B, details for the driven-element bracket. 
These are screwed to the square boom. 






Fig 24—A view of the center sections of the three Yagi 
elements with their mounting brackets. 


of the driven element with the hairpin matching wire 
and the banana plugs used to connect the coax to the 
driven element. You could use a female PL-259 connec- 
tor if you wish. VE7CA used #14 solid bare copper wire 
for the hairpin. It is very durable—even after being 
severely warped in the car trunk, it can be bent back into 
shape quickly and easily. 

The boom is */4-inch square aluminum, 65 inches 
long. The material was found at a local hardware store. 
To detach the elements, just loosen the wing nuts and 
remove the elements from the boom. A similar method 
was used to attach the support mast to the boom. 

As with the quad, a choke balun was used, consist- 
ing of a coil of 6 turns of coax with an inside diameter of 
2 inches. To tune the hairpin match, assemble the Yagi 








Fig 25—Photo detailing attachment of the reflector to on its mast and extend the elements. Spray switch con- 
the square-section boom, using two #10 bolts and tact solution on a cloth and wipe any dirt and grease from 
wingnuts. the elements. Push the elements together and apart a 
Table 3 
Three-Element Yagi, Element Lengths and Spacing Along the Boom, and Hairpin Dimensions 
Element Spacing Center Telescoping Total Length 
Along Boom _ Section Ele. Length (inches) (inches) 
(inches) (inches) 
Reflector 0 2235/4 51 "/e 125°/4 
Driven 28 93/4 * 48°/s 58%/16 
Director 63%/s 141%/2 51"/4 117 
Hairpin #14 wire 4 long 15/s spacing 


* Driven-element uses 2 sections insulated at center 
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Fig 27—Photo of the driven element, complete with 
hairpin match and the banana plugs used to connect 
the coax cable to the driven element. 


couple of times so that the contact solution cleans the 
elements thoroughly. Attach the antenna mast to your 
vehicle or use whatever method of support you intend to 
use in the field. Connect an SWR meter and a transmitter 
to the coax feeding the antenna. VE7CA used two alli- 
gator clips soldered together to slide along the two hair- 
pin wires to find the position for the lowest SWR. The 
dimensions computed by computer were correct! The 
SWR was below 1.16:1 from 50.05 to 50.2 MHz. 

You can take this antenna out of the trunk of the car 
and assemble it in less than two minutes. One caution: 
the telescoping elements when fully extended are quite 
fragile. VE7CA has not broken one as yet, but carrying a 
spare element just in case would be a good idea. 


VE7CA 2-Element Portable HF Triband Yagis 


These portable HF wire Yagis were described by 
Markus Hansen, VE7CA, in November 2001 QST and in 
The ARRL Antenna Compendium, Vol 7. 


A 20/15/10-Meter Triband 2-Element Yagi 


VE7CA wanted a simple 2-element wire Yagi for 
20/15/10 meters that could be stored in the ski boot of his 
car. The basic concept comprises three individual 
dipole driven elements, one each for 20, 15 and for 
10 meters tied to a common feed point, plus three separate 
reflector elements. The elements are strung between two 
2.13-meter (7-foot) long, 2 x 2-inch wood spreaders, each 
just long enough to fit into the ski boot of his car. 

By playing with the reflector-to-driven element spac- 
ing and the initial driven-element lengths, VE7CA was 
able to come up with a feed-point impedance on each 
band that allowed the use of a single setting for the short- 
ing bar on a hairpin match. The result was a very accept- 
able match over the lower portions of each band. The 
layout of the 20/15/10-meter triband wire Yagi 
is shown in Fig 28, with the dimensions provided in 
Table 4. 

The dimensions shown in Table 4 are what resulted 
after tuning for the lowest SWR in the middle of the lower 
portion of each band. VE7CA set his system up by hang- 


ing one end of the antenna from a tree and sloped it down- 
wards at 45°, tying the lower end to a peg in the ground. 
The height at the feed point was 30 feet. 

The feed-point impedance of an antenna is affected 
by many environmental factors. The presence of a reflec- 
tor relatively close to the driven element has a major 
effect, since the impedance at the driven element in a Yagi 
is affected by the tuning of the driven element itself, by 
the spacing and length of the reflector element and to a 
lesser extent the height of the antenna above ground and 
the character of the soil itself. The real challenge in a 
multiband Yagi with a single feed line is to obtain a low 
SWR on all the bands. 

The hairpin match is one of the easiest matching 
systems to make. It is easy to adjust and since wire is the 
only ingredient, it can be coiled up with the rest of the 
antenna when the antenna is disassembled. The feed-point 
impedance of the Yagi with a reflector element spaced 
0.1 A behind the driven element typically produces a 
resistance around 20 Q. By shortening the driven element 
from its resonant length, capacitive reactance is added to 
the feed-point resistance. This can be cancelled by shunt- 
ing the feed point with an inductor in the shape of a wire 
loop resembling a hairpin. This causes a step up of the 
20-Q feed-point resistance to 50 Q. 


Table 4 
Dimensions for 20/15/10-Meter Tribander 
Frequency Spacing Driven Element Reflector Hairpin 
MHz DE to Refl Half Length Length Length 

cm (feet) cm (feet) cm (feet) cm (inches) 
14.1 213 (6.99) 488 (16.01) 1065 (34.94) 43 (14.9) 
21.1 175 (5.74) 335 (10.99) 708 (23.23) 
28.25 125 (4.1) 254 (8.33) 531 (17.42) 


Spacing between hairpin wires is 10 cm (4 inches). 
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Fig 28—Dimensions for VE7CA’s 2-element 20/15/10-meter triband Yagi. 


The Balun 


Fig 29 shows the hairpin match and the common- 
mode choke balun for the 10/15/20-meter triband wire 
Yagi. You should let the coax drop straight down from 
the center insulator and attach it to the center of the hair- 
pin shorting bar. Continue by making a coil using the coax 
of 8 turns, with a diameter of about 4 inches. This balun 
will choke off RF flowing along the outside of the coax 
shield that would otherwise distort the radiation pattern 
of the antenna. The center of the shorting bar is at a neu- 
tral potential, so there is no harm in attaching the coax 
feed line at that point. 


Flattop or Tilted? 


If DX is your main interest, then you want to tilt the 
antenna towards the vertical to emphasize the lower eleva- 
tion angles. Remember that the radiation pattern is quite 
dependent on ground conductivity and dielectric constant 
for a vertically polarized antenna. A location close to salt- 
water will yield the highest gain and the lowest radiation 
angle. With very poor soil in the near and far field, the peak 
radiation angle will be higher and the gain less. 

VE7CA has had numerous opportunities to test this 
out while operating portable at his favorite location. 
Using two trees as supports he can pull the antenna to 
horizontal with the feed line about 7 meters above the 
ground. In this position, with 20 meters open to Europe, 
he found it difficult to work DX on CW with 3 W of out- 
put power. However, when he changed the slope of the 
antenna so that it is nearly vertical he not only heard more 
DX stations, but he found it relatively easy to work DX. 
The sloping antenna always performs much better for 
working DX than a low horizontal antenna. 
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Fig 29—Details of feed point for 20/15/10-meter triband 
Yagi. The same mechanical support is provided for the 
balun and feed coax for the 30/17/12-meter tribander. 


A 30/17/12-Meter Triband 2-Element Yagi 


When the author attempted to add 17 and 12 meter 
elements to the existing 20/15/10-meter Yagi model he 
became exasperated. Adding two more driven elements 
and reflectors brings many more variables into the equa- 
tion! It became clear that there was serious interaction 
between the elements. He could not obtain a workable 
feed-point impedance on all five bands that could be trans- 
formed to 50 © using a single hairpin match. There was 
also serious pattern distortion on 12 meters. 

Even building a WARC-only triband Yagi for 
30/17/12 meters turned out to be a real challenge. VE7CA 
had difficulty finding a combination that would allow him 
to use a single matching system to transform the feed- 
point impedance of the combined driven elements to 50 Q. 
He couldn’t create a 30/17/12 triband Yagi using the same 
design principles as his 20/15/10-meter version. The main 
problem occurred on 12 meters. Not only was the feed- 
point impedance unmanageable, but the radiation pattern 
had four lobes, not the single lobe you’d like from a Yagi. 

He decided to try the Modified Coaxial-Sleeve 
method, more aptly termed by K9AY the Coupled-Reso- 
nator (C-R) in his article in The ARRL Antenna Compen- 
dium, Vol 5. The K9AY method uses a single driven 
element, with other elements placed in very close proxim- 
ity (but not physically connected) to the driven element. 
By starting with the dimensions suggested by K9AY for a 
triband 30/17/12-meter dipole, VE7CA was able to develop 
a 2-element Yagi with acceptable feed-point impedances 
on all three bands using a single hairpin match. Notice 
that this WARC design uses a 2 X 2-inch wooden boom 
length that is 230 cm (7.5 feet) long. Of course, the antenna 
can’t fit into a typical ski boot anymore, so VE7CA had to 
put it on a roof rack for transportation. 

The space between the tightly coupled driven ele- 
ments is only 3.7 cm (1.5 inches), so you need to use 
more PVC pipe spreaders than in the 20/15/10 design to 
make sure the driven-element wires stay as close as pos- 
sible to the desired spacing without physically touching 
each other. The driven elements lie in the horizontal plane 


and the hairpin match and feed line hang down vertically 
from the center of the 30-meter driven element. 

The spacing between the 30-meter driven elements 
and the other two conductors and the size of the wire all 
played a part in developing this antenna for a single feed 
line with the common hairpin match. Do not change the 
wire size from the recommended #14 for the driven ele- 
ments unless you are willing to spend a considerable 
amount of time with a NEC-based modeling program 
retweaking the antenna. This is not the case with the 
20/15/10 tri-band Yagi, where any convenient sized wire 
is acceptable. 

Using #14 gauge wire allows all the Yagi antennas in 
this article to be used at the maximum power levels 
allowed in North America. The only limiting factor is the 
power handling capability of the feed line. However, even 
RG-58 should work for the relatively short length from 
the feed point down to ground level, where you can change 
to RG-8 or some other higher-power, lower-loss coaxial 
cable if you wish. Fig 30 is a detailed drawing of the 
30/17/12-meter driven element. The other dimensions for 
the 30/17/12-meter triband Yagi are shown in Table 5. 


Assembly 


When you are ready to assemble your wire Yagi, start 
by attaching the longest reflector element and the driven 
element assembly to the wood end booms. Do this with 
the wires and the booms on the ground. Next attach the V 
slings to both of the booms and with ropes attached to the 
V slings pull the array up off the ground between two sup- 
ports (perhaps two trees). A height of 1.5 meters (5 feet) 
above the ground makes it easy to work on the antenna 
while you add the other reflector elements and adjust the 
V slings. Pull them tight so that the array is fairly flat. It 
won’t stay horizontal, because the driven elements are 
heavier than a single reflector element. So you will need 
to support the 2 x 2-inch spreaders so they are horizontal. 
Lean the booms on something at a convenient height, such 
as the rungs of two step ladders. Now add the two other 
reflector elements, but don’t pull them as tight as the long- 
est reflector. Next attach the feed line. 


Table 5 
Dimensions for 30/17/12-Meter Tribander 
Frequency Spacing Driven Element Reflector Hairpin 
MHz DE to Refl Length Length Length 

cm (feet) cm (feet) cm (feet) cm (inches) 
10.12 230 (7.5) 713 (23.4) Half 1476 (48.4) 24.5 (9.5) 
18.11 165 (5.4) 808 (26.5) 822 (27.0) 
24.91 120 (3.9) 570 (18.7) 606 (19.9) 


Spacing between hairpin wires is 10 cm (4 inches). Note that dimensions for 17 and 12-meter driven elements are full 
lengths, since they are not broken with insulator in the middle, unlike all driven elements for 20/15/10-meter triband 


design in Table 4. 
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Fig 30—Layout of 30-meter driven element with coupled resonators for 17 and 12 meters. 


V Slings 

Since the author wanted to be able to raise the 
30/17/12-meter triband antenna by himself, he again used 
only one rope on either end of the array. One end goes 
over a tree limb and the other end is tied to a stake in the 
ground or some other nearby support, perhaps a tree trunk. 
Using only one attachment rope on either end makes it 
very easy to change beam direction by walking the 
antenna around the antenna support tree or tower. To 
accomplish this he used two V slings, one on each end 
attached to the 2 x 2-inch spreaders. 

The secret to keeping the antenna level in the hori- 
zontal plane is that the V slings are not equilateral in 
shape. The combined weight of driven elements, balun 
and feed line is heavier than the reflectors. If the length 
of the sides of the V are equal, the array will rotate down- 
wards. The driven elements will end up facing the ground, 
with the reflectors facing up. Adjust the V slings so that 
the antenna will stay level in the horizontal plane by short- 
ening the length of the side of the V attached to the driven 
elements. It is quite easy to adjust in the field, and once 
you have it adjusted it stays balanced. 

Once you raise the antenna to its operating position 
and in the horizontal plane, you can change direction 180° 
by pulling on the feed line. As you pull, the whole array 
will slowly turn over. Stop it from turning by holding 
onto the feed line once the array has swung over to face 
the opposite direction. 


SWR Adjustment 


Since you may situate your antenna in an entirely 
different position than VE7CA did, you may need to fine 
tune your antenna. Begin with the dimensions in Table 5 
as a starting point. Make a temporary shorting bar using 
two alligator clips joined by a piece of wire and attach 
them at the recommended position. Next raise the antenna 
to the desired final position. Using an antenna analyzer 
(or transmitter and SWR meter) plot the SWR over all 
three bands. Start with the lowest band, 30 meters and 
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Fig 31—Layout for inverted-V 40-meter portable wire 
Yagi suspended from tower. 


adjust the shorting bar up or down to find the lowest SWR 
point in the portion of the band you plan to operate in. 
(This procedure also works if you wish to adjust the 20/ 
15/10-meter tribander. Start with the lowest frequency.) 
You shouldn’t have to move the shorting bar very 
far from the suggested length. Now that you have deter- 
mined the right shorting-bar position, adjust the other two 
driven element lengths for the lowest SWR in the portion 
of those bands in which you plan to operate. You may 
have to compromise with the position of the shorting bar 
to find a satisfactory range where the SWR is acceptable 
on all three bands. After satisfying himself with the po- 
sition of the shorting bar, VE7CA replaced the alligator 
clips simply by folding one side of the parallel hair-pin 


wire lengths over to the other side and soldering it in the 
position where the alligator clips had been attached. The 
author does not recommend changing the reflector ele- 
ment lengths unless you are familiar with antenna mod- 
eling programs and are willing to model different spacing 
or element lengths. 


40-Meter Wire Yagis 


After his November 2001 QST article, VE7CA 
received several requests for a 40-meter wire Yagi. One 
ham mentioned that he wanted to be able to pull up a 
40-meter Yagi between two towers and to be able to flip 
it over to change direction. Another wanted a 40-meter 
Yagi he could pull up on a single tower for the winter 
DX contests and then put it away during the summer. So 
VE7CA ran four different 40-meter scenarios in his com- 
puter models: 


1. A horizontal 2-element wire Yagi at 65 feet. 

2. A sloping 2-element wire Yagi, with one end at 
65 feet and sloping downward 30° from vertical. 

3. A sloping 2-element wire Yagi, with one end at 
65 feet and sloping downward 65° from vertical. 

4. An inverted-V 2-element wire Yagi with the apex at 
65 feet and an included angle between the wires of 
120°. 


Table 6 

40-Meter Wire Yagi Configurations 

Configuration Driven Element Reflector 
cm (feet) cm (feet) 

1. Horizontal 1978 (64.90) 2098 (68.83) 

2. -30° Sloper 1978 (64.90) 2113 (69.32) 

3. -65° Sloper 1978 (64.90) 2101 (68.93) 

4. Inverted V 2040 (66.93) 2126 (69.75) 


Fig 31 shows the layout for an inverted-V system and 
Table 6 lists the element and hairpin lengths. Elevation pat- 
terns for the 40 meter antennas are compared in Fig 32, 
with a reference antenna of a single flattop dipole at 65 feet. 
As they say, a picture is worth a thousand words. If your 
interest is DX, it is very clear that horizontal and high is a 
very good rule of thumb for most antennas. 

Yes, a '/4 wave vertical over salt water or 120 
'/4-wave radials over good ground will produce very low 
radiation angles, but such systems are not exactly por- 
table and we don’t all live near the ocean. Mind you, if 
you can manage to locate antenna Number 3 (the most 
vertically oriented wire Yagi) next to the ocean, you would 
be very happy. 

The point here is that if you have two towers and 
you're not fortunate enough to be located on a saltwater 
marsh, you should pull the 40-meter array up as high and 
as horizontal as you can. If you have only one tower and 
don’t need to change direction often, then try the inverted- 
V configuration. You can still change the direction by 
walking each end around the tower. 

However, even the sloping 40-meter Yagi with one end 
at 65 feet up a tower (or tree) and the other end attached 
with a long rope as far as possible from the tower will still 
put out a very respectable signal. It is directional, and you 
can walk it around the tower to change direction or you can 


Hairpin Length 
cm (feet) 
Approx 50 cm 
(22 inches) 


Spacing between driven element and reflector is 427 cm (14 feet). Spacing between parallel hairpin wires is 10 cm 
(4 inches). The lengths shown above are the total wire length for each element. 
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Fig 32—Comparisons of elevation 

patterns for five 40-meter 
2 - Ele. Flattop antennas: a 2-element flattop Yagi 
at 65 feet; a 2-element inverted-V 
Yagi at 65 feet; a 2-element Yagi 
sloped 65° from the vertical plane; 
a 2-element Yagi sloped 30° from 
the vertical plane; and a horizontal 
dipole at 65 feet. 
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flip the antenna over and change direction 180° very quickly. 


Summary 


You don’t need a 10-meter (60-foot) high tower, a 
commercial triband Yagi and a rotator to put out a good 
signal on the HF bands. Wire Yagis work very well and 
they can be inexpensive and easy-to-build, using com- 
ponents found at your local hardware store. Fig 33 is a 
photograph of a successful portable installation in Mas- 
sachusetts. 
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Massachusetts. (Photo courtesy 
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Chapter 16 


Mobile and 
Maritime Antennas 


Mobile antennas are those designed for use while 
antennas, most amateurs think of a whip mounted on an 
automobile or other highway vehicle, perhaps on a recre- 
ational vehicle (RV) or maybe on an off-road vehicle. While 
it is true that most mobile antennas are vertical whips, mo- 
bile antennas can also be found in other places. For example, 
antennas mounted aboard a boat or ship are mobile, and are 
usually called maritime antennas. Fig 1 shows yet another 
type of mobile antenna—those for use on handheld trans- 
ceivers. Because they may be used while in motion, even 
these antennas are mobile by literal definition. 

Pictured in Fig 1 is a telescoping full-size quarter- 
wave antenna for 144 MHz, and beside it a stubby 
antenna for the same band. The stubby is a helically wound 
radiator, made of stiff copper wire enclosed in a protective 
covering of rubber-like material. The inductance of the 
helical windings provides electrical loading for the antenna. 
For frequencies above 28 MHz, most mobile installations 





Fig 1—Two mobile antennas—mobile because they 
may be used while in motion. Shown here are a 
telescoping '/.-A antenna and a “stubby” antenna, both 
designed for use at 144 MHz. The ‘/s-A antenna is 

19 inch long, while the stubby antenna is only 31/2 inch 
long. (Both dimensions exclude the length of the BNC 
connectors. The stubby is a helically wound radiator. 


permit the use of a full-size antenna, but sometimes smaller, 
loaded antennas are used for convenience. The stubby, for 
example, is convenient for short-range communications, 
avoiding the problems of a lengthier, cumbersome antenna 
attached to a handheld radio. 

Below 28 MHz, physical size becomes a problem 
with full-size whips, and some form of electrical loading 
(as with the stubby) is usually employed. Commonly used 
loading techniques are to place a coil at the base of the 
whip (base loading), or at the center of the whip (center 
loading). These and other techniques are discussed in this 
chapter. 

Few amateurs construct their own antennas for HF 
mobile and maritime use, since safety reasons dictate very 
sound mechanical construction. Several construction 
projects are included, however, in this chapter for those 
who may wish to build their own mobile antenna. Even 
if commercially made antennas are installed, most require 
some adjustment for the particular installation and type 
of operation desired and the information given here may 
provide a better understanding of the optimization 
requirements. 


HF-MOBILE FUNDAMENTALS 


Fig 2 shows a typical bumper-mounted center- 
loaded whip suitable for operation in the HF range. Jack 
Schuster, W1WEF, operates 80 through 2 meters from 
his car. The antenna could also be mounted on the car 
body itself (such as a fender), and mounts are available 
for this purpose. The base spring and tennis ball act as 
shock absorbers for the bottom of the whip, as the con- 
tinual flexing while in motion would otherwise weaken 
the antenna. A short heavy mast section is mounted be- 
tween the base spring and loading coil. Some models have 
a mechanism that allows the antenna to be tipped over 
for adjustment or for fastening to the roof of the car when 
not in use. 

It is also advisable to extend a couple of guy lines 
from the base of the loading coil to clips or hooks fas- 
tened to the roof gutter on the car, or to the trunk and 
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Fig 2—A typical bumper-mounted HF mobile 
antenna, as used by W1WEF. Note the nylon guy 
lines and the tennis ball used as a shock absorber. 
(Photo courtesy W1WEF.) 


rear bumper, as WIWEF has done. Nylon fishing line 
(about 40-pound test) is suitable for this purpose. The 
guy lines act as safety cords and also reduce the swaying 
motion of the antenna considerably. The feed line to the 
transmitter is connected to the bumper and base of the 
antenna. Good low-resistance connections are important 
here. 

Tune-up of the antenna is usually accomplished by 
changing the height of the adjustable whip section above 
the precut loading coil. First, tune the receiver and try to 
determine where the signals seem to peak up. Once this 
frequency is found, check the SWR with the transmitter 
on, and find the frequency where the SWR is lowest. Short- 
ening the adjustable section will increase the resonant fre- 
quency, and making it longer will lower the frequency. It 
is important that the antenna be away from surrounding 
objects such as overhead wires by ten feet or more, as con- 
siderable detuning can occur. Once the setting is found 
where the SWR is lowest at the center of the desired fre- 
quency range, the length of the adjustable section should 
be recorded. 

Propagation conditions and ignition noise are usu- 
ally the limiting factors for mobile operation on 10 
through 28 MHz. Antenna size restrictions affect opera- 
tion somewhat on 7 MHz and much more on 3.5 and 
1.8 MHz. From this standpoint, perhaps the optimum 
band for HF-mobile operation is 7 MHz. The popularity 
of the regional mobile nets on 7 MHz is perhaps the best 
indication of its suitability. For local work, 28 MHz is 
also useful, as antenna efficiency is high and relatively 
simple antennas without loading coils are easy to build. 

As the frequency of operation is lowered, an antenna 
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of fixed length looks (at its feed point) like a decreasing 
resistance in series with an increasing capacitive reac- 
tance. The capacitive reactance must be tuned out, 
necessitating the use of an equivalent series inductive 
reactance or loading coil. The amount of inductance 
required will be determined by the placement of the coil 
in the antenna system. 

Base loading requires the lowest value of inductance 
for a fixed-length antenna, and as the coil is placed far- 
ther up the whip, the necessary value increases. This is 
because the capacitance of the shorter antenna section 
(above the coil) to the car body is now lower (higher 
capacitive reactance), requiring more inductance to tune 
the antenna to resonance. The advantage is that the cur- 
rent distribution on the whip is improved, increasing the 
radiation resistance. The disadvantage is that requirement 
of a larger coil also means the coil size and losses 
increase. Center loading has been generally accepted as 
a good compromise with minimal construction problems. 
Placing the coil 7/3 the distance up the whip seems to be 
about the optimum position. 

For typical antenna lengths used in mobile work, 
the difficulty in constructing suitable loading coils 
increases as the frequency of operation is lowered. Since 
the required resonating inductance gets larger and the 
radiation resistance decreases at lower frequencies, most 
of the power is dissipated in the coil’s loss resistance and 
in other ohmic losses. This is one reason why it is advis- 
able to buy a commercially made loading coil with the 
highest power rating possible, even if only low-power 
operation is planned. 

Coil losses in the higher-power loading coils are usu- 
ally less (percentage-wise), with subsequent improvement 
in radiation efficiency, regardless of the power level used. 
Of course, the above philosophy also applies to home- 
made loading coils, and design considerations will be 
considered in a later section. 

Once the antenna is tuned to resonance, the input 
impedance at the antenna terminals will look like a pure 
resistance. Neglecting losses, this value drops from nearly 
15 Q at 21 MHz to 0.1 Q at 1.8 MHz for an 8-foot whip. 
When coil and other losses are included, the input resis- 
tance increases to approximately 20 Q at 1.8 MHz and 
16 Q at 21 MHz. These values are for relatively high- 
efficiency systems. From this it can be seen that the 
radiation efficiency is much poorer at 1.8 MHz than at 
21 MHz under typical conditions. 

Since most modern gear is designed to operate with 
a 50-Q transmission line, a matching network is usually 
necessary, especially with the high-efficiency antennas 
previously mentioned. This can take the form of either a 
broadband transformer, a tapped coil, or an LC matching 
network. With homemade or modified designs, the 
tapped-coil arrangement is perhaps the easiest one to 
build, while the broadband transformer requires no 
adjustment. As the losses go up, so does the input resis- 


tance, and in less efficient systems the matching network 
may not be needed. 


The Equivalent Circuit of a Typical 
Mobile Antenna 

In the previous section, some of the general consid- 
erations were discussed, and these will now be taken up 
in more detail. It is customary in solving problems 
involving electric and magnetic fields (such as antenna 
systems) to try to find an equivalent network with which 
to replace the antenna for analysis reasons. In many cases, 
the network may be an accurate representation over only 
a limited frequency range. However, this is often a valu- 
able method in matching the antenna to the transmission 
line. 

Antenna resonance is defined as the frequency at 
which the input impedance at the antenna terminals is 
purely resistive. The shortest length at which this occurs 
for a vertical antenna over a ground plane is when the 
antenna is an electrical quarter wavelength at the operat- 
ing frequency; the impedance value for this length (ne- 
glecting losses) is about 36 Q. The idea of resonance can 
be extended to antennas shorter (or longer) than a quarter 
wave, and means only that the input impedance is purely 
resistive. As pointed out previously, when the frequency 
is lowered, the antenna looks like a series RC circuit, as 
shown in Fig 3. For the average 8-foot whip, the capaci- 
tive reactance of C, may range from about —150 Q at 
21 MHz to as high as —8000 Q at 1.8 MHz, while the 
radiation resistance R, varies from about 15 Q at 21 MHz 
to as low as 0.1 Q at 1.8 MHz. 

For an antenna less than 0.1 A long, the approximate 
radiation resistance may be determined from the following: 


Rp = 273 x (¢f)2 x 10°8 (Eq 1) 





Fig 3—At frequencies below 

resonance, the whip antenna will 

Ca show capacitive reactance as 

RR well as resistance. Rp is the 
radiation resistance, and Cy, 
represents the antenna 
capacitance. 





Fig 4—The capacitive reactance 
at frequencies below the 
LL resonant frequency of the whip 
can be canceled by adding an 
equivalent inductive reactance 
in the form of a loading coil in 
series with the antenna. 


where ¢ is the length of the whip in inches, and f is the 
frequency in megahertz. 

Since the resistance is low, considerable current must 
flow in the circuit if any appreciable power is to be dissi- 
pated in the form of radiation in Rp. Yet it is apparent 
that little current can be made to flow in the circuit as 
long as the comparatively high series reactance remains. 


Antenna Capacitance 


Capacitive reactance can be canceled by connecting 
an equivalent inductive reactance, (coil L, ) in series, as 
shown in Fig 4, thus tuning the system to resonance. 

The capacitance of a vertical antenna shorter than a 
quarter wavelength is given by: 


ep) 


C, = capacitance of antenna in pF 
é = antenna height in feet 

D = diameter of radiator in inches 
f = operating frequency in MHz 





Cy = 





(Eq 2) 


where 


n= = 2.3 logy eet 


Fig 5 shows the approximate capacitance of whip 
antennas of various average diameters and lengths. For 
1.8, 4 and 7 MHz, the loading coil inductance required 
(when the loading coil is at the base) would be approxi- 
mately the inductance required to resonate in the desired 
band (with the whip capacitance taken from the graph). 
For 10 through 21 MHz, this rough calculation will give 
more than the required inductance, but it will serve as a 
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Fig 5—Graph showing the approximate capacitance of 
short vertical antennas for various diameters and 
lengths. These values should be approximately halved 
for a center-loaded antenna. 
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starting point for the final experimental adjustment that 
must always be made. 


LOADING COIL DESIGN 


To minimize loading coil loss, the coil should have 
a high ratio of reactance-to-resistance (that is, a high 
unloaded Q). A 4-MHz loading coil wound with small 
wire on a small-diameter solid form of poor quality, and 
enclosed in a metal protector, may have a Q as low as 50, 
with a loss resistance of 50 © or more. High-Q coils 
require a large conductor, air-wound construction, large 
spacing between turns, and the best insulating material 
available. A diameter not less than half the length of the 
coil (not always mechanically feasible) and a minimum 
of metal in the field of the coil are also necessities for 
optimum efficiency. Such a coil for 4 MHz may show a 
Q of 300 or more, with a resistance of 12 Q or less. 

The coil could then be placed in series with the feed 
line at the base of the antenna to tune out the unwanted 
capacitive reactance, as shown in Fig 4. Such a method 
is often referred to as base-loading, and many practical 
mobile antenna systems have been built using this scheme. 

Over the years, the question has come up as to 
whether or not more efficient designs are possible com- 
pared with simple base loading. While many ideas have 
been tried with varying degrees of success, only a few 
have been generally accepted and incorporated into 
actual systems. These are center loading, continuous load- 
ing, and combinations of the latter with more conven- 
tional antennas. 


Base Loading and Center Loading 


If a whip antenna is short compared to a wavelength 
and the current is uniform along the length £, the electric 
field strength E, at a distance d, away from the antenna is 
approximately: 


_ 120a1¢ 


E 
7 (Eq 3) 





where 


I is the antenna current in amperes 
A is the wavelength in the same units as D and /. 


A uniform current flowing along the length of the 
whip is an idealized situation, however, since the current 
is greatest at the base of the antenna and goes to a mini- 
mum at the top. In practice, the field strength will be less 
than that given by the above equation, because it is a func- 
tion of the current distribution on the whip. 

The reason that the current is not uniform on a whip 
antenna can be seen from the circuit approximation shown 
in Fig 6. A whip antenna over a ground plane is similar 
in many respects to a tapered coaxial cable where the 
center conductor remains the same diameter along its 
length, but with an increasing diameter outer conductor. 
The inductance per unit length of such a cable would 
increase along the line, while the capacitance per unit 
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Fig 6—A circuit approximation of a simple whip over 

a perfectly conducting ground plane. The shunt 
capacitance per unit length gets smaller as the height 
increases, and the series inductance per unit length gets 
larger. Consequently, most of the antenna current 
returns to the ground plane near the base of the antenna, 
giving the current distribution shown at the right. 


Fig 7—Improved 
current distribution 
resulting from center 
loading. 


length would decrease. In Fig 6 the antenna is represented 
by a series of LC circuits in which Cl is greater than C2, 
which is greater than C3, and so on. L1 is less than L2, 
which is less than succeeding inductances. The net result 
is that most of the antenna current returns to ground near 
the base of the antenna, and very little near the top. 
Two things can be done to improve this distribution 
and make the current more uniform. One would be to 
increase the capacitance of the top of the antenna to 
ground through the use of top loading or a capacitance 
hat, as discussed in Chapter 6. Unfortunately, the wind 
resistance of the hat makes it somewhat unwieldy for 
mobile use. The other method is to place the loading coil 
farther up the whip, as shown in Fig 7, rather than at the 
base. If the coil is resonant (or nearly so) with the 





Table 1 
Approximate Values for 8-ft Mobile Whip 


Loading R°-(Q50) Re(Q300) Re 
f(MHz) LuH Q Q Q 
Base Loading 
1.8 345 77 13 0.1 
3.8 77 37 6.1 0.35 
7.2 20 18 3 1.35 
10.1 9.5 12 2 2.8 
14.2 4.5 7.7 1.3 5.7 
18.1 3.0 5.0 1.0 10.0 
21.25 1.25 3.4 0.5 14.8 
24.9 0.9 2.6 = 20.0 
29.0 = = _ = 
Center Loading 
1.8 700 158 23 0.2 
3.8 150 72 12 0.8 
7.2 40 36 6 3.0 
10.1 20 22 4.2 5.8 
14.2 8.6 15 2.5 11.0 
18.1 4.4 9.2 1:5 19.0 
21.25 2.5 6.6 1.1 27.0 


Ro = loading coil resistance; Rr = radiation resistance. 


Feed R* Matching 
Q LywH 
23 3 

16 1.2 
15 0.6 
12 0.4 
12 0.28 
14 0.28 
16 0.28 
22 0.25 
36 0.23 
34 3.7 
22 1.4 
19 0.7 
18 0.5 
19 0.35 
22 0.31 
29 0.29 


“Assuming loading coil Q = 300, and including estimated ground-loss resistance. 








Table 2 

Suggested Loading Coil Dimensions 
Reqd Wire Dia. Length 
L(uH) Turns Size Inches Inches 
700 190 22 3 10 
345 135 18 3 10 
150 100 16 21/2 10 
77 75 14 2'/2 10 
77 29 12 5 41/4 
40 28 16 2'/2 2 
40 34 12 21/2 41/4 
20 17 16 21/2 1/4 
20 22 12 21/2 22/4 
8.6 16 14 2 2 
8.6 15 12 21/2 3 
4.5 10 14 2 1/4 
4.5 12 12 21/2 4 
2.5 8 12 2 2 
2.5 8 6 23/e 4/2 
1.25 6 12 13/4 2 
1.25 6 6 23/e A'e 





capacitance to ground of the section above the coil, the 
current distribution is improved as also shown in Fig 7. 
The result with both top loading and center loading is 
that the radiation resistance is increased, offsetting the 
effect of losses and making matching easier. 

Table 1 shows the approximate loading coil induc- 
tance for the various amateur bands. Also shown in the 
table are approximate values of radiation resistance to be 


expected with an 8-foot whip, and the resistances of load- 
ing coils—one group having a Q of 50, the other a Q of 
300. A comparison of radiation and coil resistances will 
show the importance of reducing the coil resistance to a 
minimum, especially on the three lower frequency bands. 
Table 2 shows suggested loading-coil dimensions for the 
inductance values given in Table 1. 


OPTIMUM DESIGN OF SHORT 
COIL-LOADED HF MOBILE ANTENNAS 


Optimum design of short HF mobile antennas 
results from a careful balance of the appropriate loading 
coil Q-factor, loading coil position in the antenna, ground 
loss resistance, and the length-to-diameter ratio of the an- 
tenna. The optimum balance of these parameters can be 
realized only through a thorough understanding of how 
they interact. This section presents a mathematical ap- 
proach to designing mobile antennas for maximum radia- 
tion efficiency. Bruce Brown, W6TWW, in The ARRL 
Antenna Compendium Volume 1, first presented this ap- 
proach. (See the Bibliography at the end of this chapter.) 

The optimum location for a loading coil in an 
antenna can be found experimentally, but it requires many 
hours of designing and constructing models and making 
measurements to ensure the validity of the design. A faster 
and more reliable way of determining optimum coil 
location is through the use of a personal computer. This 
approach allows the variation of any single variable, while 
observing the cumulative effects on the system. When 
plotted graphically, the data reveals that the placement of 
the loading coil is critical if maximum radiation efficiency 
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Table 3 
Variables used in Eqs 4 through 20 


A = area in degree-amperes 

a = antenna radius in English or metric units 

dB = signal loss in decibels 

E = efficiency in percent 

f (MHz) = frequency in megahertz 

H = height in English or metric units 

h = height in electrical degrees 

h, = height of base section in electrical degrees 
hs = height of top section in electrical degrees 

| = Ibase = 1 ampere base current 

k = 0.0128 

Km = mean characteristic impedance 

Ki = Mean characteristic impedance of base section 
Km2 =mean characteristic impedance of top section 
L = length or height of the antenna in feet 

P, = power fed to the antenna 

Pr = power radiated 

Q = coil figure of merit 

Re = coil loss resistance in Q 

Re = ground loss resistance in Q 

Re = radiation resistance in Q 

X, = loading-coil inductive reactance 





is to be realized. (See the program MOBILE.EXE, which 
is included on the CD-ROM in the back of this book.) 


Radiation Resistance 


The determination of radiation efficiency requires the 
knowledge of resistive power losses and radiation losses. 
Radiation loss is expressed in terms of radiation resistance. 
Radiation resistance is defined as the resistance that would 
dissipate the same amount of power that is radiated by the 
antenna. The variables used in the equations that follow are 
defined once in the text, and are summarized in Table 3. 
Radiation resistance of vertical antennas shorter than 45 
electrical degrees ('/s wavelength) is approximately: 


(Eq 4) 


where 
Rp = radiation resistance in Q 
h = antenna length in electrical degrees. 


Antenna height in electrical degrees is expressed by: 


h=— x ¢(MHz) x 360 
984 


where 


(Eq 5) 


é = antenna length in feet 
f (MHz) = operating frequency in megahertz. 


End effect is purposely omitted to ensure that an 
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Fig 8—Relative current distribution on a vertical 
antenna of height h = 90 electrical degrees. 


antenna is electrically long. This is so that resonance at 
the design frequency can be obtained easily by removing 
a turn or two from the loading coil. 

Eq 4 is valid only for antennas having a sinusoidal 
current distribution and no reactive loading. However, it 
can be used as a Starting point for deriving an equation 
that is useful for shortened antennas with other than 
sinusoidal current distributions. 

Refer to Fig 8. The current distribution on an 
antenna 90° long electrically ('/4 wavelength) varies with 
the cosine of the length in electrical degrees. The current 
distribution of the top 30° of the antenna is essentially 
linear. It is this linearity that allows for derivation of a 
simpler, more useful equation for radiation resistance. 

The radiation resistance of an electrically short base- 
loaded vertical antenna can be conveniently defined in 
terms of a geometric figure, a triangle, as shown in Fig 9. 
The radiation resistance is given by: 


Rp = KA2 


where 


(Eq 6) 


K is a constant (to be derived shortly) 
A = area of the triangular current distribution in 
degree-amperes. 


Degree-ampere area is expressed by 


1 
A= 2 hx Thase (Eq 7) 
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Fig 9—Relative current distribution on a base-loaded 


vertical antenna of height H = 30 electrical degrees 
(linearized). The base loading coil is not shown here. 


By combining Eqs 4 and 6 and solving for K, we 
get 


h2 
~ 312 A? eae) 


By substituting the values from Fig 9 into Eq 8 we 
get 


2 
30 
K= 


E = 0.0128 
312 x (0.5 x 30 x1)” 





and by substituting the derived value of K into Eq 6 we 
get 
Rp = 0.0128 x A2 (Eq 9) 

Eq 9 is useful for determining the radiation resis- 
tance of coil-loaded vertical antennas less than 30° in 
length. The derived constant differs slightly from that 
presented by Laport (see Bibliography), as he used a dif- 
ferent equation for radiation resistance Eq 4. 

When the loading coil is moved up an antenna (away 
from the feed point), the current distribution is modified 
as shown in Fig 10. The current varies with the cosine of 
the height in electrical degrees at any point in the base 
section. Therefore, the current flowing into the bottom 
of the loading coil is less than the current flowing at the 
base of the antenna. 

But what about the current in the top section of the 
antenna? The loading coil acts as the lumped constant 
that itis, and disregarding losses and coil radiation, main- 
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Fig 10—Relative current distribution on a center-loaded 
antenna with base and top sections each equal to 15 
electrical degrees in length. The cross-hatched area 
shows the current distribution that would exist in the top 
15° of a 90°-high vertical fed with 1 ampere at the base. 


tains the same current flow throughout. As a result, the 
current at the top of a high-Q coil is essentially the same 
as that at the bottom of the coil. This is easily verified by 
installing RF ammeters immediately above and below the 
loading coil in a test antenna. Thus, the coil “forces” much 
more current into the top section than would flow in the 
equivalent section of a full 90° long antenna. This occurs 
as a result of the extremely high voltage that appears at 
the top of the loading coil. This higher current flow 
results in more radiation than would occur from the 
equivalent section of a quarter-wave antenna. (This is true 
for conventional coils. However, radiation from long thin 
coils allows coil current to decrease, as in helically wound 
antennas.) 

The cross-hatched area in Fig 10 shows the current 
that would flow in the equivalent part of a 90° high 
antenna, and reveals that the degree-ampere area of the 
whip section of the short antenna is greatly increased as 
a result of the modified current distribution. The current 
flow in the top section decreases almost linearly to zero 
at the top. This can be seen in Fig 10. 

The degree-ampere area of Fig 10 is the sum of the 
triangular area represented by the current distribution in 
the top section, and the nearly trapezoidal current distri- 
bution in the base section. Radiation from the coil is not 
included in the degree-ampere area because it is small 
and difficult to define. Any radiation from the coil can be 
considered a bonus. 

The degree-ampere area is expressed by: 
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A=>lh (1 + cosh, ) +h, (cosh, )| (Eq 10) 


where 
h, = electrical length in degrees of the base section 


h, = electrical height in degrees of the top section. 


The degree-ampere area (calculated by substituting 
Eq 10 into Eq 9) can be used to determine the radiation 
resistance when the loading coil is at any position other 
than the base of the antenna. Radiation resistance has been 
calculated with these equations and plotted against load- 
ing coil position at three different frequencies for 8- and 
11-foot antennas, Fig 11. Eight feet is a typical length for 
commercial antennas, and 11-foot antennas are about the 
maximum practical length that can be installed on a 
vehicle. 

In Fig 11, the curves reveal that the radiation resis- 
tance rises almost linearly as the loading coil is moved 
up the antenna. They also show that the radiation resis- 
tance rises rapidly as the frequency is increased. If the 
analysis were stopped at this point, one might conclude 
that the loading coil should be placed at the top of the 
antenna. This is not so, and will become apparent shortly. 
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Fig 11—Radiation resistance plotted as a function of 
loading coil position. 
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Required Loading Inductance 


Calculation of the loading coil inductance needed 
to resonate a short antenna can be done easily and accu- 
rately by using the antenna transmission-line analog 
described by Boyer in Ham Radio. For a base-loaded 
antenna, Fig 9, the loading coil reactance required to reso- 
nate the antenna is given by 


X, =-j K,, coth 


where 


(Eq 11) 


X,, = inductive reactance required 
K,, = mean characteristic impedance (defined in Eq 
12). 


The —j term indicates that the antenna presents 
capacitive reactance at the feed point. A loading coil must 
cancel this reactance. 

The mean characteristic impedance of an antenna is 
expressed by 


(Eq 12) 


H = physical antenna height (excluding the length 
of the loading coil) 
a = radius of the antenna in the same units as H. 


From Eq 12 you can see that decreasing the height- 
to-diameter ratio of an antenna by increasing the radius 
results in a decrease in K,,. With reference to Eq 11, a 
decrease in K,, decreases the inductive reactance required 
to resonate an antenna. As will be shown later, this will 
increase radiation efficiency. In mobile applications, we 
quickly run into wind-loading problems if we attempt to 
use an antenna that is physically large in diameter. 

If the loading coil is moved away from the base of 
the antenna, the antenna is divided into a base and top 
section, as depicted in Fig 10. The loading coil reactance 
required to resonate the antenna when the coil is away 
from the base is given by 


Xi =J Kye (cot hg) —j Ky) (tan hy) (Eq 13) 


In mobile-antenna design and construction, the top 
section is usually a whip with a much smaller diameter 
than the base section. Because of this, it is necessary to 
compute separate values of K,, for the top and base sec- 
tions. K,,, and K,,, are the mean characteristic imped- 
ances of the base and top sections, respectively. 

Loading coil reactance curves for the 3.8-MHz 
antennas of Fig 11 have been calculated and plotted in 
Fig 12. These curves show the influence of the loading 
coil position on the reactance required for resonance. The 
curves in Fig 12 show that the required reactance 
decreases with longer antennas. The curves also reveal 
that the required loading coil reactance grows at an 
increasingly rapid rate after the coil passes the center of 
the antenna. Because the highest possible loading coil Q 
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Fig 12—Loading coil reactance required for resonance, 
plotted as a function of coil height above the antenna 
base. The resonant frequency is 3.9 MHz. 


factor is needed, and because optimum Q is attained when 
the loading coil diameter is twice the loading coil length, 
the coil would grow like a smoke ring above the center of 
the antenna, and would quickly reach an impractical size. 
It is for this reason that the highest loading coil position 
is limited to one foot from the top of the antenna in all 
computations. 


Loading Coil Resistance 


Loading coil resistance constitutes one of the losses 
that consumes power that could otherwise be radiated by 
the antenna. Heat loss in the loading coil is not of any 
benefit, so it should be minimized by using the highest 
possible loading coil Q. Loading coil loss resistance is a 
function of the coil Q and is given by 
Ree Eq 14 

C5 (Eq 14) 
where 

Rc = loading coil loss resistance in Q 

X,_ = loading coil reactance 

Q =coil figure of merit 


Inspection of Eq 14 reveals that, for a given value 
of inductive reactance, loss resistance will be lower for 
higher Q coils. Measurements made with a Q meter show 
that typical, commercially manufactured coil stock pro- 


duces a Q between 150 and 160 in the 3.8-MHz band. 

Higher Q values can be obtained by using larger 
diameter coils having a diameter-to-length ratio of two, 
by using larger diameter wire, by using more spacing 
between turns, and by using low-loss polystyrene sup- 
porting and enclosure materials. In theory, loading coil 
turns should not be shorted for tuning purposes because 
shorted turns somewhat degrade Q. Pruning to resonance 
should be done by removing turns from the coil. 

In fairness, it should be pointed out that many prac- 
tical mobile antennas use large-diameter loading coils 
with shorted turns to achieve resonance. The popular 
“Texas Bug Catcher” coils come to mind here. Despite 
general proscriptions against shorting turns, these 
systems are often more efficient than antennas with small, 
relatively low-Q, fixed loading coils. 


Radiation Efficiency 


The ratio of power radiated to power fed to an 
antenna determines the radiation efficiency. It is given 
by: 


PR 
E=— x 100% 
Pr; 


(Eq 15) 


where 


E = radiation efficiency in percent 
P, = power radiated 
P, = power fed to the antenna at the feed point. 


In a short, coil-loaded mobile antenna, a large por- 
tion of the power fed to the antenna is dissipated in ground 
and coil resistances. A relatively insignificant amount of 
power is also dissipated in the antenna conductor resis- 
tance and in the leakage resistance of the base insulator. 
Because these last two losses are both very small and dif- 
ficult to estimate, they are here neglected in calculating 
radiation efficiency. 

Another loss worth noting is matching network loss. 
Because we are concerned only with power fed to the 
antenna in the determination of radiation efficiency, 
matching network loss is not considered in any of the 
equations. Suffice it to say that matching networks should 
be designed for minimum loss in order to maximize the 
transmitter power available at the antenna. 

The radiation efficiency equation may be rewritten 
and expanded as follows: 


2 
I” Rp x 100 
Be R 


ee ee ee Eq 1 
PP Ra +l Rg +(Icosh,) Re a7) 


where 


I = antenna base current in amperes 

R,, = ground loss resistance in Q 

R. =coil loss resistance in Q. 

Each term of Eq 16 represents the power dissipated 
in its associated resistance. All the current terms cancel, 
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simplifying this equation to 


Re x 100 





E= 
Eq 17 
Rp + Rg + Rc (cos? h, ) ( _ ) 
For base-loaded antennas the term cos*h , drops to 
unity and may be omitted. 


Ground Loss 


Eq 14 shows that the total resistive losses in the an- 
tenna system are: 


Ry = Re +Rg +R, (cos? hy) (Eq 18) 


where R, is the total resistive loss. Ground loss resis- 
tance can be determined by rearranging Eq 18 as follows: 


Rg =Rr-Re- Re cos? hy (Eq 19) 


Ry may be measured in a test antenna installation 
on a vehicle using an R-X noise bridge or an SWR ana- 
lyzer. You can then calculate Rp and Rc. 

Ground loss is a function of vehicle size, placement 
of the antenna on the vehicle, and conductivity of the 
ground over which the vehicle is traveling. Only the first 
two variables can be feasibly controlled. Larger vehicles 
provide better ground planes than smaller ones. The 
vehicle ground plane is only partial, so the result is con- 
siderable RF current flow (and ground loss) in the ground 
around and under the vehicle. 

By raising the antenna base as high as possible on 
the vehicle, ground losses are decreased. This results from 
a decrease in antenna capacitance to ground, which 
increases the capacitive reactance to ground. This, in turn, 
reduces ground currents and ground losses. 

This effect has been verified by installing the same 
antenna at three different locations on two different 
vehicles, and by determining the ground loss from 
Eq 19. In the first test, the antenna was mounted 6 inches 
below the top of a large station wagon, just behind the 
left rear window. This placed the antenna base 4 feet 
2 inches above the ground, and resulted in a measured 
ground loss resistance of 2.5 Q. The second test used the 
same antenna mounted on the left rear fender of a mid- 
sized sedan, just to the left of the trunk lid. In this test, 
the measured ground loss resistance was 4 Q. The third 
test used the same mid-sized car, but the antenna was 
mounted on the rear bumper. In this last test, the mea- 
sured ground loss resistance was 6 Q. 

The same antenna therefore sees three different 
ground loss resistances as a direct result of the antenna 
mounting location and size of the vehicle. It is important 
to note that the measured ground loss increases as the 
antenna base nears the ground. The importance of mini- 
mizing ground losses in mobile antenna installations 
cannot be overemphasized. 


Efficiency Curves 


With the equations defined previously, a computer 
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Fig 13—Radiation efficiency of 8-foot antennas at 


3.9 MHz. 
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Fig 14—Radiation efficiency of 11-foot antennas at 


3.9 MHz. 
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Fig 15—Radiation efficiency of 8-foot antennas at 


7.225 MHz. 
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Fig 16—Radiation efficiency of 11-foot antennas at 


7.225 MHz. 
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was used to calculate the radiation efficiency curves 
depicted in Figs 13 through 16. These curves were cal- 
culated for 3.8- and 7-MHz antennas of 8- and 11-foot 
lengths. Several values of loading coil Q were used, for 
both 2 and 10 © of ground loss resistance. For the calcu- 
lations, the base section is !/2-inch diameter electrical 

EMT, which has an outside diameter of !''/16 inch. The top 

section is fiberglass bicycle-whip material covered with 

Belden braid. These are readily available materials, which 

can be used by the average amateur to construct an inex- 

pensive but rugged antenna. 

Upon inspection, these radiation-efficiency curves 
reveal some significant information: 

1) Higher coil Q produces higher radiation efficiencies, 

2) longer antennas produce higher radiation efficiencies, 

3) higher frequencies produce higher radiation efficiencies, 

4) lower ground loss resistances produce higher radia- 
tion efficiencies, 

5) higher ground loss resistances force the loading coil 
above the antenna center to reach a crest in the radia- 
tion-efficiency curve, and 

6) higher coil Q sharpens the radiation-efficiency curves, 
resulting in the coil position being more critical for 
optimum radiation efficiency. 

Note that the radiation efficiency curves reach a peak 
and then begin to decline as the loading coil is raised 
farther up the antenna. This is because of the rapid 
increase in loading coil reactance required above the 
antenna center. Refer to Fig 12. The rapid increase in coil 
size required for resonance results in the coil loss resis- 
tance increasing much more rapidly than the radiation 
resistance. This results in decreased radiation efficiency, 
as shown in Fig 11. 

A slight reverse curvature exists in the curves 
between the base-loaded position and the one-foot coil- 
height position. This is caused by a shift in the curve 
resulting from insertion of a base section of larger diam- 
eter than the whip when the coil is above the base. 

The curves in Figs 13 through 16 were calculated 
with constant (but not equal) diameter base and whip sec- 
tions. Because of wind loading, it is not desirable to 
increase the diameter of the whip section. However, the 
base-section diameter can be increased within reason to 
further improve radiation efficiency. Fig 17 was calcu- 
lated for base-section diameters ranging from "'/16 inch 
to 3 inches. The curves reveal that a small increase in 
radiation efficiency results from larger diameter base sec- 
tions. 

The curves in Figs 13 through 16 show that radia- 
tion efficiencies can be quite low in the 3.8-MHz band 
compared to the 7-MHz band. They are lower yet in the 
1.8-MHz band. To gain some perspective on what these 
low efficiencies mean in terms of signal strength, Fig 18 
was calculated using the following equation: 


100 
dB = log “a (Eq 20) 
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Fig 17—Radiation efficiency plotted as a function of base 
section diameter. Frequency = 3.9 MHz, ground loss 
resistance = 2 Q, and whip section = '/.-inch diameter. 
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Fig 18—Mobile antenna signal loss as a function of 


radiation efficiency, compared to a quarter-wave 
vertical antenna over perfect ground. 
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where 


dB = signal loss in decibels 
E = efficiency in percent. 


The curve in Fig 18 reveals that an antenna having 
25% efficiency has a signal loss of 6 dB (approximately 
one S unit) below a quarter-wave vertical antenna over 
perfect ground. An antenna efficiency in the neighbor- 
hood of 6% will produce a signal strength on the order of 
two S units or about 12 dB below the same quarter-wave 
reference vertical. By careful optimization of mobile- 
antenna design, signal strengths from mobiles can be 
made fairly competitive with those from fixed stations 
using comparable power. And don’t forget: Moving your 
car near saltwater, with its high conductivity, can result 
in surprisingly strong signals from a mobile station! 


Impedance Matching 


The input impedance of short, high-Q coil-loaded 
antennas is quite low. For example, an 8-foot antenna 
optimized for 3.9 MHz with an unloaded coil Q of 300 
and a ground-loss resistance of 2 Q has a base input im- 
pedance of about 13 Q. This low impedance value causes 
a standing wave ratio of 4:1 on a 50-Q coaxial line at reso- 
nance. This high SWR is not compatible with the require- 
ments of solid-state transmitters. Also, the bandwidth of 
shortened vertical antennas is very narrow. This severely 
limits the capability to maintain transmitter loading over 
even a small frequency range. 

Impedance matching can be accomplished by means 
of L networks or impedance-matching transformers, but 
the narrow bandwidth limitation remains. A more elegant 
solution to the impedance matching and narrow band- 
width problem is to install an automatic tuner at the 
antenna base. Such a device matches the antenna and 
coaxial line automatically, and permits operation over a 
wide frequency range. 

The tools are now available to tailor a mobile 
antenna design to produce maximum radiation efficiency. 
Mathematical modeling with a personal computer reveals 
that loading coil Q factor and ground loss resistance 
greatly influence the optimum loading coil position in a 
short vertical antenna. It also shows that longer anten- 
nas, higher coil Q, and higher operating frequencies pro- 
duce higher radiation efficiencies. 

End effect has not been included in any of the equa- 
tions to assure that the loading coil will be slightly larger 
than necessary. Pruning the antenna to resonance should be 
done by removing coil turns, rather than by shorting turns 
or shortening the whip section excessively. Shortening the 
whip reduces radiation efficiency, by both shortening the 
antenna and moving the optimum coil position. Shorting 
turns in the loading coil degrades the Q of the coil. 


Shortened Dipoles 


Mathematical modeling techniques can be applied 
to shortened dipoles by using zero ground loss resistance 


and by doubling the computed values of radiation resis- 
tance and feed-point impedance. Radiation efficiency, 
however, does not double. Rather, it remains unchanged, 
because a second loading coil is required in the other leg 
of the dipole. The addition of the second coil offsets the 
gain in efficiency that occurs when the feed-point 
impedance and radiation resistance are doubled. There is 
a gain in radiation efficiency over a vertical antenna 
worked against ground, though, because the dipole con- 
figuration allows ground loss resistance to be eliminated 
from the calculations. 


CONTINUOUSLY LOADED ANTENNAS 


The design of high-Q air core inductors for RF work 
is complicated by the number of parameters that must be 
optimized simultaneously. One of these factors affecting 
coil Q adversely is radiation from a discrete loading coil. 
Therefore, the possibility of cutting down other losses 
while incorporating the coil radiation into that from the 
rest of the antenna system is an attractive one. 

The general approach has been to use a coil made 
from heavy wire (#14 or larger), with length-to-diameter 
ratios as high as 21. British experimenters have reported 
good results with 8-foot overall lengths on the 1.8- and 
3.5-MHz bands. The idea of making the entire antenna 
out of one section of coil has also been tried with some 
success. This technique is referred to as linear loading. 
Further information on linear-loaded antennas can be 
found in Chapter 6. 

While going to extremes trying to find a perfect load- 
ing arrangement may not improve antenna performance 
very much, a poor system with lossy coils and high- 
resistance connections must be avoided if a reasonable 
signal is to be radiated. 


MATCHING TO THE TRANSMITTER 


Most modern transmitters require a 50-Q output 
load, and because the feed-point impedance of a mobile 
whip is quite low, a matching network is usually neces- 
sary. Although calculations are helpful in the initial 
design, considerable experimenting is often necessary in 
final tune-up. This is particularly true for the lower bands, 
where the antenna is electrically short compared with a 
quarter-wave whip. The reason is that the loading coil is 
required to tune out a very large capacitive reactance, and 
even small changes in component values result in large 
reactance variations. Since the feed-point resistance is 
low to begin with, the problem is even more aggravated. 

You can transform the low resistance of the whip to 
a value suitable for a 50-Q system with an RF transformer 
or with a shunt-feed arrangement, such as an L network. 
The latter may only require a shunt coil or shunt capaci- 
tor at the base of the whip, since the net series capacitive 
or inductive reactance of the antenna and its loading coil 
may be used as part of the network. The following 
example illustrates the calculations involved. 


Assume that a center-loaded whip antenna, 8.5 feet 
in overall length, is to be used on 7.2 MHz. From Table 1, 
earlier in this chapter, we see that the feed-point resis- 
tance of the antenna will be approximately 19 Q, and from 
Fig 5 that the capacitance of the whip, as seen at its base, 
is approximately 24 pF. Since the antenna is to be center 
loaded, the capacitance value of the section above the 
coil will be cut approximately in half, to 12 pF. From 
this, it may be calculated that a center-loading inductor 
of 40.7 WH is required to resonate the antenna, that is, to 
cancel out the capacitive reactance. (This figure agrees 
with the approximate value of 40 uH shown in Table 1. 
The resulting feed-point impedance would then be 19 + 
j 0 Q—a good match, if one happens to have a supply of 
19-Q coax.) 

Solution: The antenna can be matched to a 52-Q line 
such as RG-8 by tuning it either above or below reso- 





Increasing 
L 





Fig 19—Admittance diagram of the RLC circuit 
consisting of the whip capacitance, radiation resistance 
and loading coil discussed in text. The horizontal axis 
represents conductance, and the vertical axis 
susceptance. The point Po is the input admittance with no 
whip loading inductance. Points P1 and P2 are described 
in the text. The conductance equals the reciprocal of the 
resistance, if no reactive components are present. For a 
series RX circuit, the conductance is given by 


R 
Moo ao 
R“~ +X 
and the susceptance is given by 
-X 
B= 2 
R“ +X 


Consequently, a parallel equivalent GB circuit of the 
series RX one can be found which makes computations 
easier. This is because conductances and susceptances 
add in parallel the same way resistances and reactances 
add in series. 
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nance and then canceling out the undesired component 
with an appropriate shunt element, capacitive or induc- 
tive. The way in which the impedance is transformed up 
can be seen by plotting the admittance of the series RLC 
circuit made up of the loading coil, antenna capacitance, 
and feed-point resistance. Such a plot is shown in Fig 19 
for a constant feed-point resistance of 19 Q. There are 
two points of interest, P1 and P2, where the input con- 
ductance is 19.2 millisiemens, corresponding to 52 O. The 
undesired susceptance is shown as 1/X, and -1/X,, 
which must be canceled with a shunt element of the 
opposite sign, but with the same magnitude. The value of 
the canceling shunt reactance, Xp, may be found from 
the formula: 


Rr Zo 


PUR: (Zo -Re) 


where X, is the reactance in Q, Ry is the feed-point 
resistance, and Zp is the feed-line impedance. For Zp = 
52 Qand Ry= 19 Q, X, = +39.5 Q. A coil or good qual- 
ity mica capacitor may be used as the shunt element. With 
the tune-up procedure described later, the value is not 
critical, and a fixed-value component may be used. 

To arrive at point P1, the value of the center load- 
ing-coil inductance would be less than that required for 
resonance. The feed-point impedance would then appear 
capacitive, and an inductive shunt matching element 
would then be required. To arrive at point P2, the center 
loading coil should be more inductive than required for 
resonance, and the shunt element would need to be 
capacitive. 

The value of the center loading coil required for the 
shunt-matched and resonated condition may be deter- 


x 





(Eq 21) 


(A) (B) (C) 


pa M 


Fig 20—At A, a whip antenna that is resonated with a 
center loading coil. At B and C, the value of the loading 
coil has been altered slightly to make the feed-point 
impedance appear reactive, and a matching component is 
added in shunt to cancel the reactance. This provides an 
impedance transformation to match the Zp of the feed line. 
An equally acceptable procedure, rather than altering the 
loading coil inductance, is to adjust the length of the top 
section above the loading coil for the best match, as 
described in the tune-up section of the text. 
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mined from the equation: 
pce On 

An? £20 Oxf (Eq 22) 
where addition is performed if a capacitive shunt is to be 
used, or subtraction performed if the shunt is inductive, 
and where L is in tH, f is the frequency in MHz, C is the 
capacitance of the antenna section being matched in pF, 
and 


Xs =yRe (Zo -Rr) 


For the example given, where Z, = 52 Q, Ry = 
19 O, f = 7.2 MHz, and C = 12 pF, Xo is found to be 
25.0 Q. The required antenna loading inductance is ei- 
ther 40.2 uH or 41.3 WH, depending on the type of shunt. 
Various matching possibilities for this example are shown 
in Fig 20. At A, the antenna is shown as tuned to reso- 
nance with L,;, a 40.7 wH coil, but with no provisions 
included for matching the resulting 19-Q impedance to 
the 52-Q line. At B, L, has been reduced to 40.2 WH to 
make the antenna appear net capacitive, and Ly, having 
a reactance of 39.5 Q, is added in shunt to cancel the 
capacitive reactance and transform the feed-point imped- 
ance to 50 ©. The arrangement at C is similar to that at B 
except that L,; has been increased to 41.3 wH, and Cy 
(a shunt capacitor having a negative reactance of 39.5 Q) 
is added, which also results in a 52-Q nonreactive termi- 
nation for the feed line. 

The values determined for the loading coil in the 
above example point out an important consideration con- 
cerning the matching of short antennas—relatively small 
changes in values of the loading components will have a 
greatly magnified effect on the matching requirements. A 
change of less than 3% in the loading coil inductance value 
necessitates a completely different matching network! 
Likewise, calculations show that a 3% change in antenna 
capacitance will give similar results, and the value of the 
precautions mentioned earlier becomes clear. The sensi- 
tivity of the circuit with regard to frequency variations is 
also quite critical, and an excursion around practically the 
entire circle in Fig 19 may represent only 600 kHz, cen- 
tered around 7.2 MHz, for the above example. This is why 
tuning up a mobile antenna can be very frustrating unless 
a systematic procedure is followed. 


(Eq 23) 


Tune-Up 

Assume that inductive shunt matching is to be used 
with the antenna in the previous example, Fig 20B, where 
39.5 O is needed for Ly. This means that at 7.2 MHz, a 
coil of 0.87 WH will be needed across the whip feed-point 
terminal to ground. With a 40-uH loading coil in place, 
the adjustable whip section above the loading coil should 
be set for minimum height. Signals in the receiver will 
sound weak and the whip should be lengthened a bit at a 
time until signals start to peak. Turn the transmitter on 
and check the SWR at a few frequencies to find where a 


minimum occurs. If it is below the desired frequency, 
shorten the whip slightly and check again. It should be 
moved approximately '/s inch at a time until the SWR is 
minimum at the center of the desired range. If the fre- 
quency where the minimum SWR occurs is above the 
desired frequency, repeat the procedure above, but 
lengthen the whip only slightly. 

If a shunt capacitance is to be used, as in Fig 20C, 
a value of 560 pF would correspond to the required 
—39.5 O of reactance at 7.2 MHz. With a capacitive shunt, 
start with the whip in its longest position and shorten it 
until signals peak up. 
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Fig 21—A capacitance hat can be used to improve the 
performance of base- or center-loaded whips. A solid 
metal disc can be used in place of the skeleton disc 
shown here. 


TOP-LOADING CAPACITANCE 


Because the loss resistance varies with the inductance 
of the loading coil, the resistance can be reduced by 
removing turns from the coil. This must be compensated 
by adding capacitance to the portion of the mobile antenna 
that is above the loading coil (Fig 21). Capacitance hats, 
as they are called, can consist of a single stiff wire, two 
wires or more, or a disc made up of several wires like the 
spokes of a wheel. A solid metal disc could also be used, 
but is less practical for mobile work. The larger the 
capacitance hat (physically), the greater is the capacitance. 
The greater the capacitance, the less is the inductance 
required for resonance at a given frequency. 

Capacitance-hat loading is applicable in either base- 
loaded or center-loaded systems. Since more inductance 
is required for center-loaded whips to make them reso- 
nant at a given frequency, capacitance hats are particu- 
larly useful in improving their efficiency. 


TAPPED-COIL MATCHING NETWORK 


Some of the drawbacks of the L-network can be elimi- 
nated by the use of the tapped-coil arrangement shown in 
Fig 22. Tune-up still remains critical, however, although 
somewhat more straightforward than for an L-network. 
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Fig 22—A mobile antenna using shunt-feed matching. 
Overall antenna resonance is determined by the combi- 
nation of L1 and L2. Antenna resonance is set by 
pruning the turns of L1, or adjusting the top section of 
the whip, while observing the field-strength meter or 
SWR indicator. Then adjust the tap on L2 for the lowest 
SWR. 
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Coil L2 can be inside the car body, at the base of the 
antenna, or at the base of the whip. As L2 helps determine 
the resonance of the antenna, L1 should be tuned to reso- 
nance in the desired part of the band with L2 in the cir- 
cuit. The top section of the whip can be telescoped until a 
field-strength maximum is found. The tap on L2 is then 
adjusted for the lowest reflected power. Repeat these two 
adjustments until no further increase in field strength can 
be obtained; this point should coincide with the lowest 
SWR. The number of turns needed for L2 will have to be 
determined experimentally. 


THE “SCREWDRIVER” 
MOBILE ANTENNA 


Imagine QSYing from the bottom of 80 meters to 
the top of 10 meters, right from the driver’s seat. With 
this antenna you will enjoy a very high Q antenna that 
has no taps or external adjustments, and that exhibits an 
SWR under 1.5:1 on all bands. Max Bloodworth, KO4TV, 
described this antenna in The ARRL Antenna 


Compendium, Vol 7. 

The Screwdriver type of antenna was the brainchild 
of Don Johnson, W6AAQ, who developed it after many 
years of experimenting with mobile antennas. Fig 23 is a 


Fig 23—The completed Screwdriver antenna mounted on 
KO4TV’s truck rear bumper. (Photo courtesy of Gary 
Pearce, KN4AQ.) 
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photo of the completed antenna mounted on KO4TV’s 
truck. 


THE LOADING COIL 


The general concept for the Screwdriver is that of a 
center-loaded antenna with an adjustable loading coil. This 
is an old idea; however, most previous multi-band antennas 
required multiple coil taps and an adjustable top whip 
section, as well as an impedance-matching unit at the base. 

The problem of tapping a coil is well known. If you 
leave one end of the coil open, you have a miniature Tesla 
Coil, which can cause corona discharge and arcing. If you 
short the turns, the Q of the loading coil usually drops 
drastically. The Screwdriver is remarkable in that it does 
not have any coil taps and yet it can cover a wide range of 
frequencies with very high Q. 

The secret is in the manner of adjusting the coil. It 
simply slides up or down into a metal tube (the base section), 
and makes contact with the top of the tube by means of 
“finger stock,’ which is made of spring-like Beryllium 
Copper. The coil is pushed up or down by an ordinary 
cordless screwdriver; hence the name, Screwdriver. This 
turns a section of threaded rod and moves the coil form up 
or down. The section of coil above the finger stock is the 
active loading coil, and the part of the coil just below the 
finger stock simply “disappears” into the base tube and is 
totally out of the circuit. No taps, no loose ends—just a high- 
Q coil in the middle of two solid metal tubes. Although this 
antenna is available ready-made from several commercial 
sources, making one is well within the capabilities of any 
ham who is relatively handy with ordinary hand tools, and 
who has access to either a small lathe or a common 1'/4- 
inch pipe die. 


Finger Stock 


Fig 24—The base tube, 
with finger stock 
attached to the top. 





CONSTRUCTING YOUR 
SCREWDRIVER ANTENNA 


Construction begins by locating a 2-inch inside- 
diameter tube, about 3 to 3'/2 feet long. See Fig 24. The 
author had used such diverse materials as: 

Aluminum irrigation pipe 

Schedule-20 copper tubing 

A stainless-steel hydraulic cylinder 

A section of aluminum from a 6-meter beam that was 

damaged by a tornado 

e And even a brass bedpost salvaged from the local garbage 
dump. 


The brass bedpost looked especially good on his 
vehicle, which was Burgundy with gold trim. Whatever 
material you use for the bottom tube, you can either leave it 
unfinished or painted to your taste. 


1-1/4" PVC Cap 


180 Turns Bare Wire 


1-1/4" x 24" PVC 


1" PVC Cap 
Inside Form 


1/4" Threaded Insert 





Fig 25—The coil form, with a threaded insert inserted 
into the bottom PVC cap inside the coil form. 


The other essential item is a cordless screwdriver, minus 
its batteries and switch. You can often find one at yard sales 
or flea markets for a dollar or so, usually with dead batteries, 
since it is often just as cheap to buy another one new as it is 
to buy new batteries. So long as it will fit snugly inside the 
base tube, the brand name is immaterial. KO4TV has used 
Skil, Black & Decker, or even a Wal-Mart $8 special, all 
with equal success. The most difficult part of the job will be 
making the coil form and winding the loading coil, but with 
a little patience you should be able to do this satisfactorily. 

Bear in mind that it is not a “Heathkit” type project, 
and it will require some innovation and ingenuity on your 
part. Next, obtain a 2-foot long piece of 1'/s-inch PVC pipe 
(not CPVC, which is vulnerable to ultraviolet rays from the 
sun). With either a lathe or a pipe die, thread approximately 
20 inches from one end, at 10 to 12 threads per inch (See 
Fig 25). If you use a pipe die, it helps to loosen the cutters 
slightly, to make the grooves shallower. 

When using a lathe, temporarily insert a piece of 
1-inch water pipe inside the coil form to hold it steady in 
the lathe. The grooves should be just deep enough to 
comfortably hold the wire in place when it is wound. The 
choice of coil wire is up to you. The author has used #16 or 
#18 tinned copper, bare copper, or best yet, 17-gauge 
aluminum electric fence wire. This is available from any 





Fig 26é—Photo of the top of the loading coil. (Photo 
courtesy of Gary Pearce, KN4AQ.) 
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cost. It will take about 65 to 70 feet of f ANTO986 
: Q ANT0987 
wire. 
Begin by drilling a '/1s-inch hole 
through the PVC pipe at the bottom end ee: ieee 
of the threaded portion. Slip the end of aL 
the wire through this hole and tie a knot T an 


in it to serve as a stop. You could also 
insert a nut and bolt through a loop in 
the wire. Then carefully wind the coil to 
within an inch of the end of the threaded 
portion. The preferred method of 
winding is to put a stick or pipe through 
the holes of the wire reel and hold it 
between your feet and the floor, to 
provide the necessary tension to allow 
tight winding. 

About an inch below the top of the 
coil, drill a '/1s-inch hole and thread about 
6 or 8 inches of wire through it. This will Coil Assembly Coil Assembly 
be the top connection from the coil to 
the whip. The bottom of the coil has no ; 
electrical connection. sha 

The method of attaching the whip 
to the top of the coil form is up to you. I Pair of Stop Nuts 
usually drill a */s-inch hole through a 
1'/4-inch PVC pipe cap and place a °/s 
x ['/-inch SAE bolt through the hole, 
with a matching washer and nut on top. 
The bolt can be drilled and tapped for 
mounting the whip, which should be 
about 5 to 6 feet long. (It will be pruned 
for resonance later.) See Fig 26, a photo 
showing the top of the coil. 

A more elegant way of connecting 
the whip is to obtain a swivel or quick- 
disconnect antenna fitting from your 
nearest truck stop. These are widely E 
available for use with CB antennas and a Pair of Stop Nuts 
are threaded */s-inch SAE. Do not attach : 
the cap to the coil form until after the 
coil is inserted in the base tube. 

Now that you have a coil form and 
a base tube, the next step will be to plug 
the bottom of the PVC coil form with a 
1-inch PVC pipe cap, which fits snugly 
inside the coil form. Drill a hole directly 
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in the center of this cap, and install a Over Handle Countersunk 
~, . Two 
'/4-20 threaded insert, available at most 6-32 x 1/2" 
Screws, 


hardware stores for about 25 or 30 cents. 
These are commonly used in wooden 


Countersunk Motor 


1-1/2" Pipe Cap Control 








furniture to provide a thread for attaching : Wires 
bolts to wood. See Fig 27. Base Mounting Bolt Bottom = 

It is imperative that you install this Cap = 
insert squarely. The best method is to Fig 27—The coil assembly and 
screw a short bolt into it and chuck the cordless screwdriver drive Fig 28—The complete antenna 
bolt in a drill press, placing the pipe cap assembly. assembly. 
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squarely on the drill press table. Carefully turn the drill chuck 
by hand until the insert is properly seated. 


The Motor 


Now prepare the cordless drill by removing the dead 
batteries and the switch. Install a pair of 1 or 1.5-Q, 10-W 
resistors in series with each motor lead. Connect a 0.1 UF 
50-V disc ceramic capacitor across the motor leads to 
suppress motor noise. 

Connect a pair of wires, about a foot long, to the other 
ends of the resistors. These will power the screwdriver from 
your car’s 12-V system. Next, procure a 20-inch long piece 
of '/4-20 threaded rod (also called “all-thread’’). Insert one 
end of this into the cordless screwdriver chuck, and drill a 
‘/ie-inch or */32-inch hole through both the chuck and the 
rod. Secure the rod in place with either a roll or cotter pin, 
and install a pair of '/4-inch nuts on the rod near the 
screwdriver chuck. This will be the lower stop for the coil 
travel and will be adjusted later. 

Thread the rod into the threaded insert at the bottom 
of the coil form, and install another pair of stop nuts on the 
top side of the rod. It will be easier to do this before attaching 
the bottom plug to the coil form. Again, these nuts will be 
adjusted later for proper coil travel. 

Place the bottom plug into the coil form, drill a couple 
of holes through the form and the plug and tap them for 
6-32 flat head bolts. Countersink the form so that the heads 
will be flush with the outside. Again, see Fig 27. 


Finger Stock 


Now, let’s go back to the base tube. You must install a 
circle of finger-stock strip on the top of the tube to make 
contact with the coil, as shown in Fig 24. This can either be 
soldered or riveted, depending on your choice of tube 
material. Next, insert the coil and screwdriver assembly 
through the bottom of the tube, making sure that the coil 
clears the finger stock without deforming or bending it. 

The best method I have found for attaching the 
screwdriver to the bottom tube is to fit a piece of 1'/2-inch 
PVC pipe, about 8 or 10 inches long, over the handle of the 
screwdriver and attach it with a 
couple of flat-head 6-32 bolts. You 
may have to either grind some 
material off the handle or wrap it 
with some duct tape to make a snug 
fit inside the 1'/2-inch PVC pipe, 
which should slip snugly into the 
base tube. 

Place a matching 1'/2-inch 
PVC pipe cap on the bottom of the 
pipe, and secure it with a couple 
of 6-32 screws. Drill a '/4-inch 
hole through one side of the cap, 
which will serve to pass the wires 
from the screwdriver motor. Drill 
a */s-inch hole directly in the 


center of this cap for the base coax connector. 


Fig 29—Base-mounting plate for 
Screw-driver installation on KO4TV’s 
truck. Note the quick-disconnect dc 
motor con-nections and the SO-239 


mount. See Fig 28, which is a drawing of the completed 
antenna assembly. 


MOUNTING THE ANTENNA 


At this point you must determine exactly how you wish 
to mount the antenna on your vehicle. You could fasten it to 
a standard mobile antenna mount, but do not use a spring! I 
prefer to fasten the assembly to a thick metal plate about 
6 x 18 inches in size. I mount this to the frame of the car, 
protruding about 4 or 5 inches from the lower car body, just 
behind the rear wheel. You could also fasten such a plate to 
the lower fender sheet metal with large sheet-metal screws. 
The SO-239 connector is mounted to this plate also. See 
Fig 29. 

An upper bracket, made from Plexiglas or similar 
insulating material, can be mounted from the trunk lip with 
an L-angle and used to support the top of the lower tube. 
See Fig 30. With a Plexiglas bracket about 4-inches wide, a 
2-inch hole can be drilled in it to pass the tube. This will 
make a snug and rigid fit at the top. Under no circumstances 
use a metal band around the tube, as this will form a shorted 
turn and drastically lower the antenna Q. 

With a little care, this type of mounting will leave no 
visible holes in the vehicle, which will likely enhance its 
trade-in value. If you mount the antenna on a pickup truck, 
it can be mounted directly on the rear safety bumper with a 
1'/2 inch pipe floor flange and matching adaptor on the 
bottom of the tube. 


Electrical Connections 


After mounting the base, your next job is to connect 
the wires from the screwdriver to a DPDT, spring-return 
center-off switch, mounted in a convenient location in your 
car. See the schematic in Fig 31. Connect the coax from the 
radio to the base tube, with the center conductor going to 
the base tube and the shield connected to ground at the base 
of the antenna. 

If you like, you could install a simple base-matching 
network to give a perfect match on the lower bands. Even 
with no matching unit, SWR is usually under 2:1 on all 





Fig 30—The support Plexiglas plate. 
(Photo courtesy of Gary Pearce, 
KN4AQ.) 
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DPDT 
Center Off 
Switch 
+12 V Fig 31—The DPDT 
center-off spring- 
= loaded switch used 
to control the 
screwdriver motor. 
To 
Antenna 
Motor 





40m 80m 


SPDT 
Center Off 
Switch 
12V 
Fig 32—Relay-switched matching capacitors for 40 and 
80 meters. 
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Fig 33—Alternative 
matching scheme 
using a single 
shunt matching 
coil. 


15T, #14 
Enamel 
1/2" Dia. 





bands. See Fig 32. One matching network consists of a 
couple of trimmer capacitors switched from the bottom of 
the base tube to ground using a pair of small relays. For 
80 meters, approximately 800 pF is required, and for 
40 meters about 400 pF. No matching is required for 
30 meters or higher. 

An alternative matching method is to install a 15- 
turn coil made from #14 enamel wire, about '/2 inch 
diameter, from the base to ground. See Fig 33. In either 
case, adjust the whip length for proper resonance at both 
ends of the HF spectrum over the range of movement of 
your coil. 

This antenna may have different matching 
requirements, depending on the vehicle type and mounting 
location, so you may need to do some experimentation to 
obtain optimum results. If it doesn’t work exactly right at 
first, be prepared to do a little experimenting. 


A COIL COVER 


Most builders will want to provide a coil cover, both 
for protection and appearance. KO4TV’s favorite cover 
is made from a plastic mailing tube, about 24 to 
30 inches long and about '/2 inches in diameter. You 
can find these at an office supply store. They have a 
screw-on cap on one end, which can be mounted to the 
top of the loading coil. 





aie aes PERS Lea, ; 
Fig 34—Remote control by the rear-view mirror—tuning 
by the stripes! (Photo courtesy of Gary Pearce, KN4AQ.) 


You trim the bottom of the cover to the proper length 
to allow the coil to be fully retracted into the base tube while 
still clearing the top bracket. Other builders have used such 
diverse materials as: 


e Several 1-liter soft drink bottles cut off, swaged and glued 
together 

e Sections of Schedule 20 PVC pipe with matching cap 

e Empty beef jerky tubes (usually available for the asking at 
convenience stores) 

e Wands from a shop vacuum cleaner, fitted with the cap 
from an aerosol spray can. 


Just let your imagination run wild and you may be 
surprised at your own ingenuity. Whatever material you do 
use, paint it to match your vehicle. Just be sure to use non- 
metallic paint. 


TUNING BY THE STRIPES 


The author used different colored vinyl tapes to mark 
the tuning points for the amateur bands along the tuning 
coil. The lower edge of the supporting Plexiglas middle 
support acts as a pointer, which he can spot from his rear- 
view mirror. See Fig 34. This may be low-tech tuning 
method, but it works! 


THE PROOF IS INTHE PUDDING 


Now, you are ready to enjoy some real mobile com- 
munications on all bands, without even stopping the ve- 
hicle to QSY. KO4TV’s antenna has contacted over 100 
DX countries, from as far away as Tasmania and Japan 
from the East Coast. He enjoys regular contacts with Is- 
rael and other stations in the Mid-East, running 100 W 
or less. 


A MOBILE J ANTENNA FOR 144 MHz 


The J antenna is a mechanically modified version of 
the Zepp (Zeppelin) antenna. It consists of a half-wave- 
length radiator fed by a quarter-wave matching stub. This 
antenna exhibits an omnidirectional pattern with little 
high-angle radiation, but does not require the ground 
plane that '/1-wave and °/s-wave antennas do to work prop- 
erly. The material in this section was prepared by Domenic 
Mallozzi, NIDM, and Allan White, WIEYI. 

Fig 35 shows two common configurations of the J 
antenna. Fig 35A shows the shorted-stub version that is 
usually fed with 200- to 600-Q open-wire line. Some have 
attempted to feed this antenna directly with coax with- 
out a balun, and this usually leads to less than optimum 
results. Among the problems with such a configuration 
are a lack of reproducibility and heavy coupling 
with nearby objects. To eliminate these problems, many 
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Fig 35—Two configurations of the J antenna. 





Fig 36—The mount for the mobile J is made from 
stainless-steel angle stock and secured to the bumper 
with stainless-steel hardware. Note the '/2-inch pipe 
plug and a PL-259 (with a copper disc soldered in its 
unthreaded end). These protect the mount and 
connector threads when the antenna is not in use. 
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Fig 37—The J antenna, ready for use. Note the bakelite 
insulator and the method of feed. Tie wraps are used to 
attach the balun to the mounting block and to hold the 
coax to the support pipe. Clamps made of flashing 
copper are used to connect the balun to the J antenna 
just above the insulating block. The ends of the balun 
should be weatherproofed. 


amateurs have used a 4:1 half-wave balun between the 
feed point and a coaxial feed line. This simple addition 
results in an antenna that can be easily reproduced and 
that does not interact so heavily with surrounding ob- 
jects. The bottom of the stub may be grounded (for me- 
chanical or other reasons) without impairing the 
performance of the antenna. 

The open-stub-fed J antenna shown in Fig 35B can 
be connected directly to low-impedance coax lines with 
good results. The lack of a movable balun (which al- 
lows some impedance adjustment) may make this an- 
tenna a bit more difficult to adjust for minimum SWR, 
however. 


The Length Factor 


Dr. John S. Belrose, VE2CV, noted in The Cana- 
dian Amateur that the diameter of the radiating element 
is important to two characteristics of the antenna—its 
bandwidth and its physical length. (See Bibliography at 
the end of this chapter.) As the element diameter is 
increased, the usable bandwidth increases, while the 
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Fig 38—Details of the insulated mounting block. The 
material is bakelite. 
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Fig 39—Measured SWR of the mobile J antenna. 


physical length of the radiating element decreases with 
respect to the free-space half-wavelength. The increased 
diameter makes the end effect more pronounced, and also 
slows the velocity of propagation on the element. These 
two effects are related to resonant antenna lengths by a 
factor, “k.” This factor is expressed as a decimal fraction 
giving the equivalent velocity of propagation on the an- 
tenna wire as a function of the ratio of the element diam- 
eter to a wavelength. The k factor is discussed at length 
in Chapter 2. 
The length of the radiating element is given by 


5904 x k 
pees 


F (Eq 25) 


where 


é = length in inches 
f = frequency in MHz 
k =k factor. 


The k factor can have a significant effect. For 
example, if you use a */s-inch diameter piece of tubing 
for the radiator at 144 MHz, the k value is 0.907 (9.3% 
shorter than a free-space half wavelength). 

The J antenna gives excellent results for both 
mobile and portable work. The mobile described here is 
similar to an antenna described by W. B. Freely, KOHMS, 
in April 1977 QST. This design uses mechanical compo- 
nents that are easier to obtain. As necessary with all 
mobile antennas, significant attention has been paid to a 
strong, reliable, mechanical design. It has survived not 
only three New England winters, but also two summers 
of 370-mile weekend commutes. During this time, it has 
maintained consistent electrical performance with no no- 
ticeable deterioration. 

The mechanical mount to the bumper is a 2 x 2-inch 
stainless steel angle iron, 10 inches long. It is secured to 
the bumper with stainless steel hardware, as shown in 
Fig 36. A stainless steel '/2-inch pipe coupling is welded 
to the left side of the bracket, and an SO-239 connector 
is mounted at the right side of the bracket. The bracket is 
mounted to the bumper so a vertical pipe inserted in the 
coupling will allow the hatchback of the vehicle to be 
opened with the antenna installed, Fig 37. 

A '/2-inch galvanized iron pipe supports the antenna 
so the radiating portion of the J is above the vehicle roof 
line. This pipe goes into a bakelite insulator block, vis- 
ible in Fig 37. The insulator block also holds the bottom 
of the stub. This block was first drilled and then split with 
a band saw, as shown in Fig 38. After splitting, the two 
portions are weatherproofed with varnish and rejoined 
with 10-32 stainless hardware. The corners of the insula- 
tor are cut to clear the L sections at the shorted end of the 
stub. 

The quarter-wave matching section is made of 
'/4a-inch type L copper tubing (°/i6 inch ID, 3/s inch OD). 
The short at the bottom of the stub is made from two 
copper L-shaped sections and a short length of !/s-inch 
tubing. Drill a '/s-inch hole in the bottom of this piece of 
tubing to drain any water that may enter or condense in 
the stub. 

A */i6-inch diameter brass rod, 1'/2 to 2 inches long, 
is partially threaded with a */is x 24 thread to accept a 
Larsen whip connector. This rod is then sweated into one 
of the legs of the quarter-wave matching section. A 
40-inch whip is then inserted into the Larsen connector. 

The antenna is fed with 50-Q coaxial line and a 
coaxial 4:1 half-wave balun. This balun is described at 
the end of Chapter 26. As with any VHF antenna, use 


high-quality coax for the balun. Seal all open cable ends 
and the rear of the SO-239 connector on the mount with 
RTV sealant. 

Adjustment is not complicated. Set the whip so that 
its tip is 41 inches above the open end of the stub, and 
adjust the balun position for lowest SWR. Then adjust 
the height of the whip for the lowest SWR at the center 
frequency you desire. Fig 39 shows the measured SWR 
of the antenna after adjustments are completed. 


THE SUPER-J MARITIME ANTENNA 


This 144-MHz vertical antenna doesn’t have strin- 
gent grounding requirements and can be made from easy 
to find parts. The material in this section was prepared 
by Steve Cerwin, WA5FRF, who developed the Super-J 
for use on his boat. 

Antennas for maritime use must overcome diffi- 
culties that other kinds of mobile antennas normally do 
not encounter. For instance, the transom of a boat is the 
logical place to mount an antenna. But the transoms of 
many boats are composed mostly of fiberglass, and they 
ride some distance out of the water—from several inches 
to a few feet, depending on the size of the vessel. Be- 
cause the next best thing to a ground plane (the water 
surface) is more than an appreciable fraction of a wave- 
length away at 144 MHz, none of the popular gain-pro- 
ducing antenna designs requiring a counterpoise are 
suitable. Also, since a water surface does a good job of 
assuming the earth’s lowest mean elevation (at least on a 
calm day), anything that can be done to get the radiating 
part of the antenna up in the air is helpful. 

One answer is the venerable J-pole, with an extra 
in-phase half-wave section added on top—the Super-J 
antenna. The two vertical half waves fed in phase give 
outstanding omnidirectional performance for a portable 
antenna. Also, the J-pole feed arrangement provides the 
desired insensitivity to height above ground (or water) plus 
added overall antenna height. Best of all, a '/s-wave CB 
whip provides enough material to build the whole driven 
element of the antenna, with a few inches to spare. The 
antenna has enough bandwidth to cover the entire 
144-MHz band, and affords a measure of lightning pro- 
tection by being a grounded design. 


Antenna Operation 


The antenna is represented schematically in Fig 40. 
The classic J-pole antenna is the lower portion shown 
between points A and C. The half-wave section between 
points B and C does most of the radiating. The added 
half-wave section of the Super-J version is shown 
between points C and E. The side-by-side quarter-wave 
elements between points A and B comprise the J feed 
arrangement. 

At first glance, counterproductive currents in the J 
section between points A and B may seem a waste of 
element material, but it is through this arrangement that 
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Fig 40—Schematic representation of the Super-J 
maritime antenna. The radiating section is two half 
waves in phase. 


the antenna is able to perform well in the absence of a 
good ground. The two halves of the J feed arrangement, 
side by side, provide a loading mechanism regardless of 
whether or not a ground plane is present. 

The radiation resistance of any antenna fluctuates 
as a function of height above ground, but the magnitude 
of this effect is small compared to the wildly changing 
impedance encountered when the distance from a ground 
plane element to its counterpoise is varied. Also, the 
J section adds '/s wavelength of antenna height, reduc- 
ing the effect of ground height variations even further. 
Reducing ground-height sensitivity is particularly use- 
ful in maritime operation on those days when the water 
is rough. 

The gain afforded by doubling the aperture of a 
J-pole with the extra half-wave section can be realized 
only if the added section is excited in phase with the 
half-wave element B-C. This is accomplished in the 
Super-J in a conventional manner, through the use of 
the quarter-wave phasing stub shown between C and D. 


Construction and Adjustment 


The completed Super-J is shown in Fig 41. Details 
of the individual parts are given in Fig 42. The driven 
element can be liberated from a quarter-wave CB whip 
antenna and cut to the dimensions shown. All other metal 
stock can be obtained from metal supply houses or 
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machine shops. Metal 
may even be scrounged 
for little or nothing as 
scraps or remnants, as 
were the parts for the an- 
tenna shown here. 

The center insulator 
and the two J stub spacers 
are made of '/2-inch fiber- 
glass and stainless steel 
stock, and the end caps are 
bonded to the insulator 
sections with epoxy. If 
you don’t have access to a 
lathe to make the end caps, 
a simpler one-piece insula- 
tor design of wood or fiber- 
glass could be used. 
However, keep in mind that 
good electrical connections 
must be maintained at all 
joints, and strength is a 
consideration for the cen- 
ter insulator. 

The quarter-wave 
phasing stub is made of 
'/s-inch stainless steel tub- 
ing, Fig 43. The line com- 
prising this stub is bent in 
a semicircular arc to nar- 
row the vertical profile and 
to keep the weight distri- 
bution balanced. This 
makes for an attractive ap- 
pearance and keeps the 
antenna from leaning to 
one side. 

The bottom shorting bar and base mounting plate 
are made of '/4-inch stainless steel plate, shown in 
Fig 44. The J stub is made of */16-inch stainless-steel 
rod stock. The RF connector may be mounted on the 
shorting bar as shown, and connected to the adjustable 
slider with a short section of coaxial cable. RTV sealant 
should be used at the cable ends to keep out moisture. 
The all-stainless construction looks nice and weathers 
well in maritime mobile applications. 

The antenna should work well over the whole 
144-MHz band if cut to the dimensions shown. The only 
tuning required is adjustment of the sliding feed point for 
minimum SWR in the center of the band segment you use 
most. Setting the slider 2'%/is inch above the top of the 
shorting bar gave the best match for this antenna and may 
be used for a starting point. Four turns of coax made into 
a coil at the feed point or a ferrite-sleeve balun act as a 
common-mode choke balun to ensure satisfactory perfor- 
mance. 





Fig 41—Andy and the 
assembled Super-J 
antenna. 
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Fig 42—Details of parts used in the construction of the 144-MHz Super-J. Not to scale. 
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Fig 43—A close-up look at the ‘'/-A. phasing section of 
the Super-J. The insulator fitting is made of stainless- 
steel end caps and fiberglass rod. 








Fig 44—The bottom 
shorting bar and base 
mounting plate assembly. 


Fig 45—The Super-J 
in portable use at a 
field site. 
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Performance 


Initial tests of the Super-J were performed in por- 
table use and were satisfactory, if not exciting. Fig 45 
shows the Super-J mounted on a wooden mast at a por- 
table site. Simplex communication with a station 40 
miles away with a 10-W mobile rig was full quieting 
both ways. Stations were worked through distant repeat- 
ers that were thought inaccessible from this location. 

Comparative tests between the Super-J and 
a commercial */s-wave antenna mounted on the car 
showed the Super-J to give superior performance, even 
when the Super-J was lowered to the same height as the 
car roof. The mast shown in Fig 45 was made from two 
8-foot lengths of | x 2-inch pine. (The two mast sec- 
tions and the Super-J can be easily transported in most 
vehicles.) 

The Super-J offers a gain of about 6 dB over a quar- 
ter-wave whip and around 3 dB over a */s- wave antenna. 
Actual performance, especially under less-than-ideal or 
variable ground conditions, is substantially better than 
other vertical antennas operated under the same condi- 
tions. The freedom from ground-plane radials proves to 
be a real benefit in maritime mobile operation, espe- 
cially for those passengers in the back of the boat with 
sensitive ribs! 


A TOP-LOADED 
144-MHz MOBILE 
ANTENNA 


Earlier in this chapter, the 
merits of various loading 
schemes for shortened whip an- 
tennas were discussed. Quite 
naturally, one might be consid- 
ering HF mobile operation for 
the application of those tech- 
niques. But the principles may 
be applied at any frequency. 
Fig 46 shows a 144-MHz 
antenna that is both top and cen- 
ter loaded. This antenna is suit- 
able for both mobile and 
portable operation, being in- 
tended for use on a handheld 
transceiver. This antenna was 
devised by Don Johnson, 
W6AAQ, and Bruce Brown, 
WO6TWW. 


Fig 46—This 144-MHz antenna 
uses a combination of top and 
center loading. It offers low 
construction cost and improved 
efficiency over continuously 
loaded rubber-ducky antennas. 





A combination of top and center loading offers im- 
proved efficiency over continuously loaded antennas 
such as the “stubby” pictured at the beginning of this 
chapter. This antenna also offers low construction cost. 
The only materials needed are a length of stiff wire and 
a scrap of circuit-board material, in addition to the ap- 
propriate connector. 


Construction 


The entire whip section with above-center loading 
coil is made of one continuous length of material. An 
18-inch length of brazing rod or #14 Copperweld wire is 
suitable. 

In the antenna pictured in Fig 46, the top loading 
disk was cut from a scrap of circuit-board material, but 
flashing copper or sheet brass stock could be used in- 
stead. Aluminum is not recommended. 

The dimensions of the antenna are given in Fig 47. 
First wind the center loading coil. Use a '/2-inch bolt, 
wood dowel, or other cylindrical object for a coil form. 
Begin winding at a point 3 inches from one end of the 
wire, and wrap the wire tightly around the coil form. Wind 
5'/2 turns, with just enough space between turns so they 
don’t touch. 

Remove the coil from the form. Next, determine the 
length necessary to insert the wire into the connector 
you’ ll be using. Cut the long end of the wire to this length 
plus 4 inches, measured from the center of the coil. Sol- 
der the wire to the center pin and assemble the connec- 
tor. A tight-fitting sleeve made of Teflon or Plexiglas rod 
may be used to support and insulate the antenna wire in- 
side the shell. An alternative is to fill the shell with ep- 
oxy cement, and allow 
the cement to set while 
the wire is held cen- 
tered in the shell. 

The top loading 
disk may be circular, 
cut with a hole saw. A 
circular disk is not re- 
quired, however—it 
may be of any shape. 
Just remember that 
with a larger disk, less 
coil inductance will be 
required, and vice 
versa. Drill a hole at 
the center of the disk 





Fig 47—Dimensions 
for the top-loaded 
144-MHz antenna. 
See text regarding 
coil length. 





for mounting it to the wire. For a more rugged antenna, 
reinforce the hole with a brass eyelet. Solder the disk in 
place at the top of the antenna, and construction is com- 
pleted. 


Tune-Up 

Adjustment consists of spreading the coil turns for 
the correct amount of inductance. Do this at the center 
frequency of the range you'll normally be using. Opti- 
mum inductance is determined with the aid of a field 
strength meter at a distance of 10 or 15 feet. 

Attach the antenna to a handheld transceiver oper- 
ating on low power, and take a field-strength reading. With 
the transmitter turned off, spread the coil turns slightly, 
and then take another reading. By experiment, spread or 
compress the coil turns for the maximum field-strength 
reading. Very little adjustment should be required. There 
is one precaution, however. You must keep your body, 
arms, legs, and head in the same relative position for each 
field-strength measurement. It is suggested that the trans- 
ceiver be placed on a nonmetal table and operated at arm’s 
length for these checks. 

Once the maximum field-strength reading is 
obtained, adjustments are completed. With this antenna 
in operation, you’ll likely find it possible to access 
repeaters that are difficult to reach with other shortened 
antennas. W6AAQ reports that in distant areas his 
antenna even outperforms a */s-A vertical. 


VHF QUARTER-WAVELENGTH 
VERTICAL 


Ideally, a VHF vertical antenna should be installed 
over a perfectly flat reflector to assure uniform omni- 
directional radiation. This suggests that the center of the 
automobile roof is the best place to mount it for mobile 
use. Alternatively, the flat portion of the trunk deck can 
be used, but will result in a directional pattern because of 
car-body obstruction. 

Fig 48 illustrates how a Millen high-voltage connec- 
tor can be used as a roof mount for a VHF whip. The 
hole in the roof can be made over the dome light, thus 
providing accessibility through the upholstery. RG-59 and 
the '/s-wave matching section, L (Fig 48C), can be routed 
between the car roof and the ceiling upholstery and 
brought into the trunk compartment, or down to the dash- 
board of the car. Instead of a Millen connector, some 
operators install an SO-239 coax connector on the roof 
for mounting the whip. The method is similar to that 
shown in Fig 48. 

It has been established that in general, !/4-A verti- 
cal antennas for mobile repeater work are not as effec- 
tive as */s-A verticals are. With a °/s-A antenna, more of 
the transmitted signal is directed at a low wave angle, 
toward the horizon, offering a gain of about | dB over 
the '/4-2 vertical. However, in areas where the repeater 
is located nearby on a very high hill or a mountain top, 
the '/4-A antenna will usually offer more reliable per- 
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Fig 48—At A and B, an illustration of how a quarter- 
wavelength vertical antenna can be mounted on a car 
roof. The whip section should be soldered into the cap 
portion of the connector and then screwed into the 
base socket. This arrangement allows for the removal 
of the antenna when desired. Epoxy cement should be 
used at the two mounting screws to prevent the entry 
of moisture through the screw holes. Diagram C is 
discussed in the text. 


formance than a °/s-A antenna. This is because there is 
more power in the lobe of the '/4-A vertical at higher 
angles. 


144-MHz 5/8-WAVELENGTH VERTICAL 


Perhaps the most popular antenna for 144-MHz FM 
mobile and fixed-station use is the */s-wavelength verti- 
cal. As compared to a '/4-wavelength vertical, it has 1 dB 
of gain. 

This antenna is suitable for mobile or fixed-station 
use because it is small, omnidirectional, and can be used 
with radials or a solid-plane ground (such as a car body). 
If radials are used, they need be only '/4 wavelength long. 


Construction 


The antenna shown here is made from low-cost ma- 
terials. Fig 49 shows the base coil and aluminum mount- 
ing plate. The coil form is a piece of low-loss solid rod, 
such as Plexiglas or phenolic. The dimensions for this 
and other parts of the antenna are given in Fig 50. A length 
of brazing rod is used as the whip section. 

The whip should be 47 inches long. However, braz- 
ing rod comes in standard 36-inch lengths, so if used, it 
is necessary to solder an 11-inch extension to the top of 
the whip. A piece of #10 copper wire will suffice. Al- 
ternatively, a stainless-steel rod can be purchased to 
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Fig 49—At top, a photograph of the ‘/s-A vertical base 
section. The matching coil is affixed to an aluminum 
bracket that screws onto the inner lip of the car trunk. 
Above, the completed assembly. The coil has been 
wrapped with vinyl electrical tape to keep out dirt and 
moisture. 


make a 47-inch whip. Shops that sell CB antennas should 
have such rods for replacement purposes on base-loaded 
antennas. The limitation one can expect with brazing 
rod is the relative fragility of the material, especially 
when the threads are cut for screwing the rod into the 
base coil form. Excessive stress can cause the rod to 
break where it enters the form. The problem is compli- 
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Fig 50—Siructural details for the 2-meter °/s-A antenna 
are provided at A. The mounting bracket is shown at B 
and the equivalent circuit is given at C. 


cated somewhat in this design because a spring is not 
used at the antenna mounting point. Builders of this an- 
tenna can find all kinds of solutions to the problems just 
outlined by changing the physical design and using dif- 
ferent materials when constructing the antenna. The 
main purpose of this description is to provide dimen- 
sions and tune-up information. 

The aluminum mounting bracket must be shaped to 
fit the car with which it will be used. The bracket can be 
used to effect a no-holes mount with respect to the exte- 
rior portion of the car body. The inner lip of the vehicle 
trunk (or hood) can be the point where the bracket is at- 
tached by means of no. 6 or no. 8 sheet-metal screws. 
The remainder of the bracket is bent so that when the 
trunk lid or car hood is raised and lowered, there is no 
contact between the bracket and the moving part. Details 
of the mounting unit are given in Fig 50B. A 14-gauge 
metal (or thicker) is recommended for rigidity. 

Wind 10'/2 turns of #10 or #12 copper wire on the 
/4-inch diameter coil form. The tap on LI is placed 
approximately four turns below the whip end. A secure 
solder joint is imperative. 


Tune-Up 

After the antenna has been mounted on the vehicle, 
connect an SWR indicator in the 50-© transmission line. 
Key the 144-MHz transmitter and experiment with the 
coil tap placement. If the whip section is 47 inches long, 
an SWR of 1:1 can be obtained when the tap is at the 
right location. As an alternative method of adjustment, 
place the tap at four turns from the top of L1, make the 
whip 50 inches long, and trim the whip length until an 
SWR of 1:1 occurs. Keep the antenna well away from 
other objects during tune-up, as they may detune the an- 
tenna and yield false adjustments for a match. 


A 5/8-WAVELENGTH 220-MHz 
MOBILE ANTENNA 


The antenna shown in Figs 51 and 52 was devel- 
oped to fill the gap between a homemade '/s-A mobile 
antenna and a commercially made */s-A model. While 
antennas can be made by modifying CB models, that 
presents the problem of cost in acquiring the original 
antenna. The major cost in this setup is the whip por- 
tion. This can be any tempered rod that will spring 
easily. 


Construction 


The base insulator portion is made of '/2-inch 
Plexiglas rod. A few minutes’ work on a lathe is suffi- 
cient to shape and drill the rod. (The innovative builder 
can use an electric drill and a file for the lathe work.) 
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Fig 51—The 220-MHz °/s-A. mobile antenna. The coil 
turns are spaced over a distance of 1 inch, and the 
bottom end of the coil is soldered to the coax 
connector. 


The bottom '/2 inch of the rod is turned down to a diam- 
eter of */s inch. This portion will now fit into a PL-259 
UHF connector. A '/s-inch diameter hole is drilled through 
the center of the rod. This hole will hold the wires that 
make the connections between the center conductor of 
the connector and the coil tap. The connection between 
the whip and the top of the coil is also run through this 
opening. A stud is force-fitted into the top of the Plexiglas 
rod. This allows for removal of the whip from the insula- 
tor. 

The coil should be initially wound on a form slightly 
smaller than the base insulator. When the coil is trans- 
ferred to the Plexiglas rod, it will keep its shape and will 
not readily move. After the tap point has been determined, 
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Fig 52—Diagram of the 220-MHz mobile antenna. 


a longitudinal hole is drilled into the center of the rod. A 
#22 wire can then be inserted through the center of the 
insulator into the connector. This method is also used to 
attach the whip to the top of the coil. After the whip has 
been fully assembled, a coating of epoxy cement is ap- 
plied. This seals the entire assembly and provides some 
additional strength. During a full winter’s use there was 
no sign of cracking or other mechanical failure. The ad- 
justment procedure is the same as for the 144-MHz ver- 
sion described previously. 


HF Antennas For Sailboats 


This material was contributed by Rudy Severns, N6LF. 
Many of the antenna ideas appearing earlier in this chapter 
can be applied to sailboats. However, the presence of the 
mast and the rigging, plus the prevalence of non-conduct- 
ing fiberglass hulls complicates the issue. There are many 
possibilities for antennas aboard sailboats. This includes both 
permanently installed antennas and antennas that can be 
hoisted for temporary use at anchor: 


1. Permanent 
Commercial or home-brew automobile-type verticals 
Backstay verticals and slopers 
Shunt feed of uninsulated rigging 


2. Temporary 
Sloping dipoles 
Inverted V’s 
Yagis 


You should remember some basic facts of life on a 
sailboat: 


1) On most boats the spars, standing rigging and some 
running rigging will be conductors. Stainless steel 
wire is usually used for the rigging and aluminum 
for the spars. 

2) Topping lifts, running backstays and jackstays all 
may be made of conducting materials and may often 
change position while the boat is underway. This 
changes the configuration of the rigging and may 
affect radiation patterns and feed-point impedances. 

3) Shipboard antennas will always be close to the mast 
and rigging, in terms of electrical wavelength. Some 
antennas may in fact be part of the rigging. 

4) The feed-point impedance and radiation pattern can 
be strongly influenced by the presence of the rigging. 

5) Because of the close proximity, the rigging is an 
integral part of the antenna and should be viewed as 
such. 

6) The behavior of a given antenna will depend on the 
details of the rigging on a particular vessel. The per- 
formance of a given antenna can vary widely on dif- 
ferent boats, due to differences in dimensions and 
arrangement of the rigging. 

7) Even though you may be floating on a sea of salt 
water, grounding still requires careful attention! 


ANTENNA MODELING 


Because of the strong interaction between the rig- 
ging and the antenna, accurate prediction of radiation 
patterns and a reasonable guess at expected feed-point 
impedance requires that you model both the antenna and 
the rigging. Unless you do accurately model the system, 
considerable cut-and-try may be needed. This can be 
expensive when it has to be done in | x 19 stainless steel 
wire with $300 swaged insulator fittings! 

In fact, when your antenna is going to be part of 


standing rigging, it’s a very good idea to try your 
designs out at the dock. You could temporarily use 
Copperweld wire and inexpensive insulators in place of 
the stainless rigging wire and the expensive insulators. 
This approach can save a good deal of money and aggra- 
vation. A wide variety of modeling programs are avail- 
able and can be very helpful in designing a new antenna 
but they have to be used with some caution: 


1) The rigging will have many small intersection angles 
and radically different conductor diameters, this can 
cause problems for NEC and MININEC programs. 

2) You must usually taper the segment lengths near the 
junctions. This is done automatically in programs like 
ELNEC and EZNEC. 

3) It is usually necessary to use one wire size for the 
mast, spars and rigging. Some improvement in ac- 
curacy can be obtained by modeling the mast as a 
cage of 3 or 4 wires. 


The predicted radiation patterns will be quite good 
but the feed-point impedance predictions should be 
viewed as preliminary. Some final adjustment will usu- 
ally be required. Because of the wide variation between 
boats, even those of the same class, each new installation 
is unique and should be analyzed separately. 






Transom Vertical 
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Fig 53—An example of a 20-meter 1/4 whip mounted on 
the transom. A local ground system must also be 
provided, as described in the section on grounding. 
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A SAFETY NOTE 


Ungrounded rigging endpoints near deck level can 
have high RF potentials on them when you transmit. For 
example, the shrouds on a fiberglass boat connect to 
chainplates that are bolted to the hull, but are not grounded. 
These can inflict painful RF burns on the unwary, even 
while operating at low power! As a general rule all rig- 
ging, spars and lifelines near deck level should be 
grounded. This also makes good sense for lightning pro- 
tection. For a backstay antenna with its feed point near 
deck level, a sleeve of heavy wall PVC pipe can be placed 
over the lower end of the stay as a protective shield. 


TRANSOM AND MASTHEAD MOUNTED 
VERTICALS 


A very common antenna for boats is a vertical, 
either a short mobile antenna or a full 4/4, placed on 
the transom, as shown in Fig 53. Note that in this ex- 
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Fig 54—Typical radiation pattern for the 1/4 transom 
mounted whip in Fig 53. 
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ample the antenna is mounted off to one side—it could 
also be mounted in the center of the transom. The 
20-meter radiation pattern for this antenna as shown in 
Fig 54. Unlike a free standing vertical, this antenna 
doesn’t have an omnidirectional pattern. It is asymmetri- 
cal, with a front-to-back ratio of about 13 dB. Further, 
the angle for maximum gain is offset in the direction 
the antenna is placed on the transom. 

This is a very good example of the profound effect 
the rigging can have on any antenna used on board a sail- 
boat. Not only is the pattern affected but the feed-point 
impedance will be reduced from a nominal 36 Q to 25 to 
30. 

The directive gain can be useful—if you point the 
boat in the right direction! Usually, however, a more uni- 
form omnidirectional pattern is more desirable. It is tempt- 
ing to suggest putting the vertical at the masthead, perhaps 
using a 6-foot loaded automobile whip, with the mast and 
rigging acting as a ground plane. Fig 55 shows such a 
system. Unfortunately, this usually doesn’t work very well 
because the overall height of the mast and antenna will 
very likely be > 5/8 A. This will result in high-angle lobes, 
as shown in Fig 56. Depending on the mast height, this 
idea may work reasonably well on 40 or 80 meters, but 
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Fig 55—A whip mounted at the masthead. The feed line 
is fed back down the mast either inside or outside. The 
base of the mast and the rigging is assumed to be 
properly grounded. 
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Fig 56—Typical radiation pattern for a masthead- 
mounted vertical. The multiple vertical lobes are due 
to the fact the antenna is higher than 1/2. 
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Fig 57—An example of a backstay vertical. A local 
ground point must be established on the transom next 
to the base of the backstay. 


you will still be faced with severe mechanical stress due 
to magnified motion at the masthead in rough sea. The 
masthead is usually reserved to VHF antennas, with their 
own radial ground plane. 


THE BACKSTAY VERTICAL 


A portion of the backstay can be insulated and used 
as a vertical as shown in Fig 57. The length of the insu- 
lated section will be 4/4 on the lowest band of interest. 
Typically, due to the loading effect of the rest of the 
rigging, the resonant length of the insulated section will 
be shorter than the classic 234/f (MHz) relation, al- 
though it can in some case actually be longer. Either 
modeling or trial adjustment can be used to determine 
the actual length needed. On a typical 35 to 40-foot sail- 
boat, the lowest band for 4/4 resonance will be 40 meters 
due to the limited length of the backstay. Examples of 
the radiation patterns on several bands for such an an- 
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Fig 58—Typical radiation patterns on 40 meters for the 
backstay vertical in Fig 57. 
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Fig 59—Typical radiation patterns on 20 meters for the 
backstay vertical in Fig 57. 


tenna are given in Figs 58 through 60. 

The pattern is again quite directional due to the pres- 
ence of the mast and rigging. On 15 meters, where the 
antenna is approximately */4 4, higher angle lobes appear. 
On 40 and 15 meters, the feed point is near a current 
maximum and is in the range of 30 to 50 ©. On 20 meters, 
however, the feed point is a very high impedance because 
the antenna is near 4/2 resonance. One way to get around 
this problem for multiband use is to make the antenna 
longer than A/4 on the lowest band. If the lowest band is 
40 meters then on 20 meters the feed-point impedance 
will be much lower. This antenna is non-resonant on any 
of the bands but can be conveniently fed with a tuner 
because the feed-point impedances are within the range 
of commonly available commercial tuners. Tuners spe- 
cifically intended for marine applications frequently can 
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Fig 60—Typical radiation patterns on 15 meters for the 
backstay vertical in Fig 57. 


accommodate very high input impedances, but they tend 
to be quite expensive. 

The sensitivity of the radiation pattern to small 
details of the mast and rigging is illustrated in Fig 61. 
This is the same antenna as shown in Fig 57 with the 
exception that the forestay is assumed to be ungrounded. 
In this particular example, ungrounding the forestay dras- 
tically increases the front-to-back ratio. With slightly dif- 
ferent dimensions, however, the pattern could have 
changed in other ways. 

High-quality insulators for rigging wire can be quite 
expensive and represent a potential weak point—if they 
fail the mast may come down. It is not absolutely neces- 
sary to use two insulators in a backstay vertical. As shown 
in Fig 62, the upper insulator may be omitted. The radia- 
tion patterns are shown in Figs 63 and 64. In this case 
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Fig 61—The effect of ungrounding the forestay on the 
radiation pattern. This is for 40-meter operation. 


the pattern is actually more symmetrical than it was with 
an upper insulator—but this may not hold true for other 
rigging dimensions. The feed point does not have to be 
at the bottom of the backstay. As indicated in Fig 62, the 
feed point can be moved up into the backstay to achieve 
a better match or a more desirable feed-point impedance 
variation with frequency. In that case, the center of the 
coaxial feed line is connected to the upper section and 
the shield to the lower section. The cable is then taped to 
the lower portion of the backstay. 

If single-band operation is all you want, even the 
lower insulator can be omitted by using shunt feed. A 
gamma match would be quite effective for this purpose, 
as discussed in Chapter 6 when driving a grounded tower. 


Series Backstay Feed 








Y 59) Feed point can be 
moved for Z match 




















Fig 62—Feeding the backstay without an insulator at 
the top. The feed point may be moved along the 
antenna to find a point with a better match on a 
particular band or to provide a better range of 
impedances for the tuner to match. The coaxial feed 
line is taped to the lower portion of the backstay. 
Again, a good local ground is needed at the base of the 
backstay. 


A 40-METER BACKSTAY HALF SLOPER 


A half-sloper antenna can be incorporated into the 
backstay, as shown in Fig 65. This will behave very much 
the same as the slopers described in Chapter 6. The 
advantage of this antenna for a sailboat installation is that 
you don’t need to create a good ground connection at the 
stern, as you would have to do for a transom-mounted 
vertical or the backstay vertical just described. This may 
be more convenient. The mast, shrouds and stays must 
still be grounded for the half-sloper but the arrangement 
is somewhat simpler. 


TEMPORARY ANTENNAS 
Not everyone needs permanent antennas. A variety 
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Fig 63—Typical 40-meter radiation pattern in Fig 62. 


of temporary antennas can be arranged. A few of these 
are shown in Figs 66 through 68. Of all of these the rigid 
dipole (Fig 66) will provide the best operation and will 
have a pattern close to that expected from a freestanding 
dipole. The other two examples will be strongly affected 
by their close proximity to the rigging. 


GROUNDING SYSTEMS 


You may be sitting in the middle of a thousand miles 
of saltwater. This is great for propagation but you will still 
have to connect to that ground if you want to use a vertical. 
There are many possibilities, but the scheme shown in Fig 
69 is representative. First a bonding wire, or better yet a 
copper strap (it can be very thin!), is connected from bow- 
to-stern on each side, connecting the forestay, lifeline stan- 
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Fig 64—Typical 20-meter radiation pattern in Fig 62. 


chions, chainplates, bow and stern pulpits and the backstay. 
Other bonding wires are run from the bow, stern and 
chainplates on both sides to a common connection at the 
base of the mast. The fore-and-aft bonding can be attached 
to the engine and to the keel bolts. The question arises: 
“What about electrolysis between the keel and propeller if 
you bond them together?” This has to be dealt with on a 
case-by-case basis. If your protective zincs are depleting 
more rapidly after you install a bonding scheme, change it 
by disconnecting something, the engine-shaft-propeller, for 
example. 

Grounding will vary in every installation and has to 
be customized to each vessel. However, just as on shore, 
the better the ground system, the better the performance 
of the vertical! 
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Fig 67—One end of dipole can be attached to the main 
halyard and pulled up to the masthead. The bottom end 
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Fig 65—A 40-meter half-sloper fed at the masthead. 
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Control 
Line Contral 
Brace 
Fig 68—The flag halyard can be used to hoist the 
Mast center of an inverted V to the spreaders, or 
alternatively, the main halyard can be used to hoist the 
Fig 66—A dipole can be taped to a wood or bamboo center of the antenna to the masthead. Interaction 
pole and hoisted to the masthead with the main between the rigging and the antenna will be very 
halyard while at anchor. It is possible to make this a pronounced and the length of the antenna will have to 
multiband dipole. be adjusted on a cut-and-try basis. 
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Antennas for Power Boats 


Powerboaters are not usually faced with the 
problems and opportunities created by the mast and rig- 
ging on a sailboat. A powerboat may have a small mast, 
but usually not on the same scale as a sailboat. Antennas 
for power boats have much more in common with auto- 
motive mobile operation, but with some important 
exceptions: 


1) In an automobile, the body is usually metal and it 
provides a groundplane or counterpoise for a whip 
antenna. Most modern powerboats, however, have 
fiberglass hulls. These are basically insulators, and 
will not work as counterpoises. (On the other hand, 
metal-hulled power boats can provide nearly ideal 
grounding!) 

2) A height restriction on automotive mobile whips is 
imposed by clearance limits on highway overpasses 
and also by the need to sustain wind speeds of up to 
80 miles per hour on the highway. 

3) In general, powerboats can have much taller anten- 
nas that can be lowered for the occasional low bridge. 

4) The motion on a powerboat, especially in rough seas, 
can be quite severe. This places additional mechani- 
cal strain on the antennas. 

5) On both powerboats and sailboats, operation in a salt- 
water marine environment is common. This means 
that a careful choice of materials must be made for 
the antennas to prevent corrosion and premature fail- 
ure. 


The problem of a ground plane for vertical anten- 
nas can be handled in much the same manner as shown 
in Fig 69 for sailboats. Since there will most likely not 
be a large keel structure to connect to and provide a large 
surface area, additional copper foil can be added inside 
the hull to increase the counterpoise area. Because of the 
small area of the propeller, it may be better not to con- 
nect to the engine, but to rely instead on increasing the 
area of the counterpoise and operate it as a true counter- 
poise—that is, isolated from ground. Sometimes a num- 
ber of radial wires are used for a vertical, much like that 
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Fig 69—A typical sailboat grounding scheme. 
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for a ground-plane antenna. This is not a very good idea 
unless the “wires” are actually wide copper-foil strips 
that can lower the Q substantially. 

The problem is the high voltage present at the ends 
of normal ground-plane antenna radials. For a boat these 
radials are likely to be in close proximity to the cabin, 
which in turn contains both people and electronic equip- 
ment. The high potential at the ends of the radials is both 
a safety hazard and can result in RF coupling back into 
the equipment, including ham gear, navigational instru- 
ments and entertainment devices. The cook is not likely 
to be happy if he or she gets an RF burn after touching the 
galley stove! Decoupling the counterpoise from the trans- 
mission line, as discussed in Chapter 6, can be very help- 
ful to keep RF out of other equipment. 

One way to avoid many of the problems associated 
with grounding is to use a rigid dipole antenna. On 
20 meters and higher, a rigid dipole made up from 
aluminum tubing, fiberglass poles or some combination 
of these, can be effective. As shown in Fig 70A the halves 
of the dipole can be slanted upward like rabbit ears to 
reduce the wingspan and increase the feed-point imped- 
ance for a better match to common coax lines. On the 
lower bands a pair of mobile whips can be used, as shown 
in Fig 70B. Home-brew coils could also be used. 

For short-range communication, a relatively low 
dipole over saltwater can be effective. However, if long- 
range communication is needed, then a well-designed 
vertical, operating over seawater, will work much better. 
For these to work, of course, you must solve the ground 
problems associated with a vertical. 


Coax 


(A) 





Loading 
Coil Coil 


Loading 


Coax 


(B) 


Fig 70—At A, a rigid dipole made from aluminum 
tubing, fiberglass poles or a combination of these. 
At B, a pair of mobile whips used as a dipole. 


It is not uncommon for large powerboats to have a 
two or three-element multiband Yagi installed on a short 
mast. While these can be effective, if they are not mounted 
high (> A/2) they may be disappointing for longer-range 
communication. Over saltwater, vertical polarization is 
very effective for longer distances. A simpler, but well- 
designed, vertical system on a boat may outperform a low 
Yagi. 

The combination of a good ground system and one 
of the high-quality, motor-tuned multiband mobile whips 
now available commercially can also be very effective. 
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Repeater 
Antenna Systems 


There is an old adage in Amateur Radio that goes, 
“If your antenna did not fall down last winter, it 
wasn’t big enough.” This adage might apply to antennas for 
MF and HF work, but at VHF things are a bit different, at 
least as far as antenna size is concerned. VHF 
antennas are smaller than their HF counterparts, but yet the 
theory is the same—a dipole is a dipole, and a Yagi is a 
Yagi, regardless of frequency. A 144-MHz Yagi may pass 
as a TV antenna, but most neighbors can easily detect a 
radio hobbyist if a 14-MHz Yagi looms over his property. 

Repeater antennas are discussed in this chapter. 
Because the fundamental operation of these antennas is 
no different than presented in earlier chapters, there is no 
need to delve into any exotic theory. Certain consider- 
ations must be made and certain precautions must be 
observed, however, since most repeater operations—ama- 
teur and commercial—take place at VHF and UHF. 


Basic Concepts 


The antenna is a vital part of any repeater installa- 
tion. Because the function of a repeater is to extend the 
range of communications between mobile and portable 
stations, the repeater antenna should be installed in the 
best possible location to provide the desired coverage. 
This usually means getting the antenna as high above 
average terrain as possible. In some instances, a repeater 
may need to have coverage only in a limited area or 
direction. When this is the case, antenna installation 
requirements will be completely different, with certain 
limits being set on height, gain and power. 


Horizontal and Vertical Polarization 


Until the upsurge in FM repeater activity in the 
1970s, most antennas used in amateur VHF work were 
horizontally polarized. These days, very few repeater 
groups use horizontal polarization. (One of the major rea- 


sons for using horizontal polarization is to allow separate 
repeaters to share the same input and/or output frequen- 
cies with closer-than-normal geographical spacing.) The 
vast majority of VHF and UHF repeaters use vertically 
polarized antennas, and all the antennas discussed in this 
chapter are of that type. 


Transmission Lines 


Repeaters provide the first venture into VHF and 
UHF work for many amateurs. The uninitiated may not 
be aware that the transmission lines used at VHF become 
very important because feed-line losses increase with fre- 
quency. 

The characteristics of feed lines commonly used at 
VHF are discussed in Chapter 24, Transmission Lines. 
Although information is provided there for small-diam- 
eter RG-58 and RG-59 coaxes, these should not be used 
except for very short feed lines (25 feet or less). These 
cables are very lossy at VHF. In addition, the losses can 
be much higher if fittings and connections are not care- 
fully installed. 

The differences in loss between solid-polyethylene 
dielectric types (RG-8 and RG-11) and those using foam 
polyethylene are significant at VHF and UHF. If you can 
afford the line with the least loss, buy it. 

If you must bury coaxial cable, check with the cable 
manufacturer before doing so. Many popular varieties of 
coaxial cable should not be buried, since the dielectric 
can become contaminated from moisture and soil chemi- 
cals. Some coaxial cables are labeled as non-contaminat- 
ing. Such a label is the best way to be sure your cable can 
be buried without damage. 


Matching 
Losses are lowest in transmission lines that are 
matched to their characteristic impedances. If there is a 
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mismatch at the end of the line, the losses increase. The 
only way to reduce the SWR on a transmission line is by 
matching the line at the antenna. Changing the length of 
a transmission line does not reduce the SWR. The SWR 
is established by the impedance of the line and the 
impedance of the antenna, so matching must be done at 
the antenna end of the line. 

The importance of matching, so far as feed-line 


losses are concerned, is sometimes overstressed. But 
under some conditions, it is necessary to minimize feed- 
line losses related to SWR if repeater performance is to 
be consistent. It is important to keep in mind that most 
VHF/UHF equipment is designed to operate into a 50-Q 
load. The output circuitry will not be loaded properly if 
connected to a mismatched line. This leads to a loss of 
power, and in some cases, damage to the transmitter. 


Repeater Antenna System Design 


Choosing a repeater or remote-base antenna system 
is as close as most amateurs come to designing a com- 
mercial-grade antenna system. The term system is used 
because most repeaters utilize not only an antenna and a 
transmission line, but also include duplexers, cavity fil- 
ters, circulators or isolators in some configuration. 
Assembling the proper combination of these items in con- 
structing a reliable system is both an art and a science. In 
this section prepared by Domenic Mallozzi, N1DM, the 
functions of each component in a repeater antenna 
system and their successful integration are discussed. 
While every possible complication in constructing a 
repeater cannot be foreseen at the outset, this discussion 
should serve to steer you along the right lines in solving 
any problems encountered. 


COMPUTING THE COVERAGE AREA 
FOR A REPEATER 


Modern computer programs can show the coverage 
of a repeater using readily available topographic data from 
the Internet. In Chapter 3, The Effects of Ground, we 
described the MicroDEM program supplied on the CD- 
ROM accompanying this book. Dr Peter Guth, the 
author of MicroDEM, built into it the ability to generate 
terrain profiles that can be used with ARRL’s HFTA (HF 
Terrain Assessment) program (also included on the CD- 
ROM). 

MicroDEM has a wide range of capabilities beyond 
simply making terrain profiles. It can do LOS (line of 
sight) computations, based on visual or radio-horizon 
considerations. Fig 1 shows a MicroDEM map for the 
area around Glastonbury, Connecticut. This is somewhat 
hilly terrain, and as a result the coverage for a repeater 
placed here on a 30-meter (100-foot) high tower would 
be somewhat spotty. Fig 1 shows a “Viewshed” on the 
map, in the form of the white terrain profile strokes in 5° 
increments around the tower. 

Fig 2 shows the LOS for an azimuth of 80°, from a 
30-meter high tower out to a distance of 8000 meters. The 
light-shaded areas on the profile are those that are illumi- 
nated directly by the antenna on the tower, while the dark 
portions of the profile are those that cannot be seen 
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Fig 1—MicroDEM topographic map, showing the 
coverage for a repeater placed on a 30-meter high 
tower in Glastonbury, CT. The white radial lines 
indicate the coverage in 5° increments of azimuth 
around the tower. The range circles are 1000 meters 
apart. 
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Fig 2—An “LOS” (line of sight) profile at an azimuth of 
80° from the tower in Fig 1. The light-gray portions of 
the terrain profile are visible from the top of the tower, 
while the dark portions are blocked by the terrain. 


directly from the tower. This profile assumes that the 
mobile station is 2 meters high—the height of a 6-foot 
high person with a handheld radio. 

The terrain at an 80° azimuth allows direct radio view 
from the top of the tower out to about 1.8 km. From here, 
the downslope prevents direct view until about 2.5 km, 


where the terrain is briefly visible again from several 
hundred meters, disappearing from radio view until about 
2.8 km, after which it becomes visible until about 3.6 
km. Note that other than putting the repeater antenna on 
a higher tower, there is nothing that can be done to im- 
prove repeater coverage over this hilly terrain, although 
knife-edge diffraction off the hill tops will help fill in 
coverage gaps. 


The Repeater Antenna 


The most important part of the system is the antenna 
itself. As with any antenna, it must radiate and collect 
RF energy as efficiently as possible. Many repeaters use 
omnidirectional antennas, but this is not always the best 
choice. For example, suppose a group wishes to set up a 
repeater to cover towns A and B and the interconnecting 
state highway shown in Fig 3. The available repeater site 
is marked on the map. No coverage is required to the west 
or south, or over the ocean. If an omnidirectional antenna 
is used in this case, a significant amount of the radiated 
signal goes in undesired directions. By using an antenna 
with a cardioid pattern, as shown in Fig 1, the coverage 
is concentrated in the desired directions. The repeater will 
be more effective in these locations, and signals from low- 





Ocean 






State Highway 





-“ Repeater 
Site 


Fig 3—There are many situations where equal repeater 
coverage is not desired in all directions from the 
“machine.” One such situation is shown here, where 
the repeater is needed to cover only towns A and B 
and the interconnecting highway. An omnidirectional 
antenna would provide coverage in undesired 
directions, such as over the ocean. The broken line 
shows the radiation pattern of an antenna that is better 
suited to this circumstance. 


power portables and mobiles will be more reliable. 

In many cases, antennas with special patterns are 
more expensive than omnidirectional models. This is an 
obvious consideration in designing a repeater antenna 
system. Over terrain where coverage may be difficult in 
some direction from the repeater site, it may be desirable 
to skew the antenna pattern in that direction. This can be 
accomplished by using a phased-vertical array or a com- 











(A) 180 





Fig 4—The “keyhole” horizontal radiation pattern at A 
is generated by the combination of phased Yagis and 
vertical elements shown at B. Such a pattern is useful 
in overcoming coverage blockages resulting from local 
terrain features. (Based on a design by Decibel 
Products, Inc.) 
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Fig 5—Vertical-beam downtilt is another form of 
radiation-pattern distortion useful for improving 
repeater coverage. This technique can be employed in 
situations where the repeater station is at a greater 
elevation than the desired coverage area, when a high- 
gain omnidirectional antenna is used. Pattern A shows 
the normal vertical-plane radiation pattern of a high- 
gain omnidirectional antenna with respect to the 
desired coverage area (the town). Pattern B shows the 
pattern tilted down, and the coverage improvement is 
evident. 


bination of a Yagi and a phased vertical to produce a “key- 
hole” pattern. See Fig 4. 

Repeaters are common on 440 MHz and above, and 
many groups invest in high-gain omnidirectional anten- 
nas. A consequence of getting high gain from an omnidi- 
rectional antenna is vertical beamwidth reduction. In most 
cases, these antennas are designed to radiate their peak 
gain at the horizon, resulting in optimum coverage when 
the antenna is located at a moderate height over normal 
terrain. Unfortunately, in cases where the antenna is 
located at a very high site (overlooking the coverage area) 
this may not be the most desirable pattern. The vertical 
pattern of the antenna can be tilted downward, however, 
to facilitate coverage of the desired area. This is called 
vertical-beam downitilt. 

An example of such a situation is shown in Fig 5. 
The repeater site overlooks a town in a valley. A 450- 
MHz repeater is needed to serve low-power portable and 
mobile stations. Constraints on the repeater dictate the 
use of an antenna with a gain of 11 dBi. (An omnidirec- 
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Fig 6—Vertical-beam downtilt can be facilitated by inserting 52-Q delay lines in series with the 75-Q feed lines to 
the collinear elements of an omnidirectional antenna. The delay lines to each element are progressively longer so 
the phase shift between elements is uniform. Odd ‘/s-A coaxial transformers are used in the main (75-Q) feed 
system to match the dipole impedances to the driving point. Tilting the vertical beam in this way often produces 
minor lobes in the vertical pattern that do not exist when the elements are fed in phase. 
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tional antenna with this gain has a vertical beamwidth of 
approximately 6°.) If the repeater antenna has its peak 
gain at the horizon, a major portion of the transmitted 
signal and the best area from which to access the repeater 
exists above the town. By tilting the pattern down 3°, the 
peak radiation will occur in the town. 

Vertical-beam downtilt is generally produced by 
feeding the elements of a collinear vertical array slightly 
out of phase with each other. Lee Barrett, K7NM, showed 
such an array in Ham Radio magazine. (See the Bibliog- 
raphy at the end of this chapter.) Barrett gives the geom- 
etry and design of a four-pole array with progressive phase 
delay, and a computer program to model it. The technique 
is shown in Fig 6, with a free-space elevation plot show- 
ing downtilting in Fig 7. 

Commercial antennas are sometimes available (at 
extra cost) with built-in downtilt characteristics. Before 
ordering such a commercial antenna, make sure that you 
really require it—they generally are special-order items 
and are not returnable. 

There are disadvantages to improving coverage by 
means of vertical-beam downtilt. When compared to a 
standard collinear array, an antenna using vertical-beam 
downtilt will have somewhat greater extraneous lobes in 
the vertical pattern, resulting in reduced gain (usually less 
than | dB). Bandwidth is also slightly reduced. The 
reduction in gain, when combined with the downtilt char- 
acteristic, results in a reduction in total coverage area. 
These trade-offs, as well as the increased cost of a 
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Fig 7—Free-space elevation-plane patterns showing 
downtilting that results from progressive phase shifts 
for the feed currents for the dipole in Fig 6. 


commercial antenna with downtilt, must be compared to 
the improvement in total performance in a situation where 
vertical-beam downtilt is contemplated. 


Top Mounting and Side Mounting 


Amateur repeaters often share towers with commer- 
cial and public service users. In many of these cases, other 
antennas are at the top of the tower, so the amateur 
antenna must be side mounted. A consequence of this 
arrangement is that the free-space pattern of the repeater 
antenna is distorted by the tower. This effect is especially 
noticeable when an omnidirectional antenna is side 
mounted on a structure. 

The effects of supporting structures are most pro- 
nounced at close antenna spacings to the tower and with 
large support dimensions. The result is a measurable 
increase in gain in one direction and a partial null in the 
other direction (sometimes 15 dB deep). The shape of 
the supporting structure also influences pattern distor- 
tion. Many antenna manufacturers publish radiation pat- 
terns showing the effect of side mounting antennas in their 
catalogs. 

Side mounting is not always a disadvantage. In cases 
where more (or less) coverage is desired in one direc- 
tion, the supporting structure can be used to advantage. 
If pattern distortion is not acceptable, a solution is to 
mount antennas around the perimeter of the structure and 
feed them with the proper phasing to synthesize an 
omnidirectional pattern. Many manufacturers make 
antennas to accommodate such situations. 

The effects of different mounting locations and 
arrangements can be illustrated with an array of exposed 
dipoles, Fig 8. Such an array is a very versatile antenna 
because, with simple rearrangement of the elements, it 
can develop either an omnidirectional pattern or an off- 
set pattern. Drawing A of Fig 8 shows a basic collinear 
array of four vertical 2-\ elements. The vertical spacing 
between adjacent elements is 1 A. All elements are fed in 
phase. If this array is placed in the clear and supported 
by a nonconducting mast, the calculated radiation resis- 
tance of each dipole element is on the order of 63 Q. If 
the feed line is completely decoupled, the resulting azi- 
muth pattern is omnidirectional. The vertical-plane pat- 
tern is shown in Fig 9. 

Fig 8B shows the same array in a side-mounting ar- 
rangement, at a spacing of 4 A from a conducting mast. 
In this mounting arrangement, the mast takes on the role 
of a reflector, producing an F/B on the order of 
5.7 dB. The azimuth pattern is shown in Fig 10. The ver- 
tical pattern is not significantly different from that of 
Fig 9, except the four small minor lobes (two on either 
side of the vertical axis) tend to become distorted. They 
are not as “clean,” tending to merge into one minor lobe 
at some mast heights. This apparently is a function of 
currents in the supporting mast. The proximity of the mast 
also alters the feed-point impedance. For elements that 
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are resonant in the configuration of Fig 8A, the calcu- 
lated impedance in the arrangement of Fig 8B is in the 
order of 72 + j 10 Q. 

If side mounting is the only possibility and an 
omnidirectional pattern is required, the arrangement of 
Fig 8C may be used. The calculated azimuth pattern takes 


(A) (B) (Cc) 
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Fig 8—Various arrangements of exposed dipole 
elements. At A is the basic collinear array of four 
elements. B shows the same elements mounted on 
the side of a mast, and C shows the elements in a 
side-mounted arrangement around the mast for 
omnidirectional coverage. See text and Figs 9 through 
11 for radiation-pattern information. 











Fig 9—Calculated vertical-plane pattern of the array of 
Fig 8A, assuming a nonconducting mast support and 
complete decoupling of the feeder. In azimuth the array 
is omnidirectional. The calculated gain of the array is 
8.6 dBi at 0° elevation; the —-3 dB point is at 6.5°. 
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on a slight cloverleaf shape, but is within 1.5 dB of being 
circular. However, gain performance suffers, and the 
idealized vertical pattern of Fig 9 is not achieved. See 
Fig 11. Spacings other than '/s-A from the mast were not 
investigated. 

One very important consideration in side mounting 
an antenna is mechanical integrity. As with all repeater 
components, reliability is of great importance. An antenna 
hanging by the feed line and banging against the tower 
provides far from optimum performance and reliability. 
Use a mount that is appropriately secured to the tower and 
the antenna. Also use good hardware, preferably stainless 
steel (or bronze). If your local hardware store does not 
carry stainless steel hardware, try a boating supplier. 











Fig 10—Calculated azimuth pattern of the side- 
mounted array of Fig 8B, assuming ‘'/s-A spacing from a 
4-inch mast. The calculated gain in the favored 
direction, away from the mast and through the 
elements, is 10.6 dBi. 
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Fig 11—Calculated vertical pattern of the array of 
Fig 8C, assuming 1/.-A, element spacing from a 4-inch 
mast. The azimuth pattern is circular within 1.5 dB, 
and the calculated gain is 4.4 dBi. 


Be certain that the feed line is properly supported 
along its length. Long lengths of cable are subject to con- 
traction and expansion with temperature from season to 
season, so it is important that the cable not be so tight 
that contraction causes it to stress the connection at the 
antenna. This can cause the connection to become inter- 
mittent (and noisy) or, at worst, an open circuit. This is 
far from a pleasant situation if the antenna connection is 
300 feet up a tower, and it happens to be the middle of 
the winter! 


Effects of Other Conductors 


Feed-line proximity and tower-access ladders or 
cages also have an effect on the radiation patterns of side- 
mounted antennas. This subject was studied by Connolly 
and Blevins, and their findings are given in IEEE Con- 
ference Proceedings (see the Bibliography at the end of 
this chapter). Those considering mounting antennas on 
air-conditioning evaporators or maintenance penthouses 
on commercial buildings should consult this article. It 
gives considerable information on the effects of these 
structures on both unidirectional and omnidirectional 
antennas. 

Metallic guy wires also affect antenna radiation pat- 
terns. Yang and Willis studied this and reported the 
results in JRE Transactions on Vehicular Communica- 
tions. As expected, the closer the antenna is to the guy 
wires, the greater the effect on the radiation patterns. If 
the antennas are near the point where the guy wires meet 
the tower, the effect of the guy wires can be minimized 
by breaking them up with insulators every 0.75 A for 2.25 
A to 3.0 A. 


ISOLATION REQUIREMENTS IN 
REPEATER ANTENNA SYSTEMS 


Because repeaters generally operate in full duplex 
(the transmitter and receiver operate simultaneously), the 
antenna system must act as a filter to keep the transmitter 
from blocking the receiver. The degree to which the trans- 
mitter and receiver must be isolated is a complex prob- 
lem. It is quite dependent on the equipment used and the 
difference in transmitter and receiver frequencies (off- 
set). Instead of going into great detail, a simplified 
example can be used for illustration. 

Consider the design of a 144-MHz repeater with a 
600-kHz offset. The transmitter has an RF output power 
of 10 watts, and the receiver has a squelch sensitivity of 
0.1 uv. This means there must be at least 1.9 x10°'° watts 
at the 52-Q receiver-antenna terminals to detect a signal. 
If both the transmitter and receiver were on the same fre- 
quency, the isolation (attenuation) required between the 
transmitter and receiver antenna jacks to keep the trans- 
mitter from activating the receiver would be 


10 watts 


ie =167dB 
1.9x10 ~~ watts 


Isolation = 10log 





Obviously there is no need for this much attenua- 
tion, because the repeater does not transmit and receive 
on the same frequency. 

If the 10-watt transmitter has noise 600 kHz away 
from the carrier frequency that is 45 dB below the carrier 
power, that 45 dB can be subtracted from the isolation 
requirement. Similarly, if the receiver can detect a 0.1 U 
V on-frequency signal in the presence of a signal 600 kHz 
away that is 40 dB greater than 0.1 LV, this 40 dB can also 
be subtracted from the isolation requirement. Therefore, 
the isolation requirement is 


167 dB — 45 dB — 40 dB = 82 dB 


Other factors enter into the isolation requirements 
as well. For example, if the transmitter power is increased 
by 10 dB (from 10 to 100 watts), this 10 dB must be added 
to the isolation requirement. Typical requirements for 
144- and 440-MHz repeaters are shown in Fig 12. 

Obtaining the required isolation is the first problem to 
be considered in constructing a repeater antenna system. 
There are three common ways to obtain this isolation: 


1) Physically separate the receiving and transmitting 
antennas so the combination of path loss for the spac- 
ing and the antenna radiation patterns results in the 
required isolation. 

2) Use a combination of separate antennas and high-Q 
filters to develop the required isolation. (The high-Q 
filters serve to reduce the physical distance required 
between antennas.) 

3) Use a combination filter and combiner system to 
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Fig 12—Typical isolation requirements for repeater 
transmitters and receivers operating in the 132- 

174 MHz band (Curve A), and the 400-512 MHz band 
(Curve B). Required isolation in dB is plotted against 
frequency separation in MHz. These curves were 
developed for a 100-W transmitter. For other power 
levels, the isolation requirements will differ by the 
change in decibels relative to 100 W. Isolation 
requirements will vary with receiver sensitivity. (The 
values plotted were calculated for transmitter-carrier 
and receiver-noise suppression necessary to prevent 
more than 1 dB degradation in receiver 12-dB SINAD 
sensitivity.) 


Repeater Antenna Systems 17-7 


allow the transmitter and receiver to share one antenna. 
Such a filter and combiner is called a duplexer. 


Repeaters operating on 28 and 50 MHz generally 
use separate antennas to obtain the required isolation. This 
is largely because duplexers in this frequency range are 
both large and very expensive. It is generally less expen- 
sive to buy two antennas and link the sites by a commit- 
ted phone line or an RF link than to purchase a duplexer. 
At 144 MHz and higher, duplexers are more commonly 
used. Duplexers are discussed in greater detail in a later 
section. 


Separate Antennas 


Receiver desensing (gain limiting caused by the pres- 
ence of a strong off-frequency signal) can be reduced, 
and often eliminated, by separation of the transmitting 
and receiving antennas. Obtaining the 55 to 90 dB of iso- 
lation required for a repeater antenna system requires 
separate antennas to be spaced a considerable distance 
apart (in wavelengths). 

Fig 13 shows the distances required to obtain spe- 
cific values of isolation for vertical dipoles having hori- 
zontal separation (at A) and vertical separation (at B). 
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Fig 13—At A, the amount of attenuation (isolation) 
provided by horizontal separation of vertical dipole 
antennas. At B, isolation afforded by vertical 
separation of vertical dipoles. 
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The isolation gained by using separate antennas is sub- 
tracted from the total isolation requirement of the sys- 
tem. For example, if the transmitter and receiver antennas 
for a 450-MHz repeater are separated horizontally by 
400 feet, the total isolation requirement in the system is 
reduced by about 64 dB. 

Note from Fig 13B that a vertical separation of only 
about 25 feet also provides 64 dB of isolation. Vertical 
separation yields much more isolation than does horizon- 
tal separation. Vertical separation is also more practical 
than horizontal, since only a single support is required. 

An explanation of the significant difference between 
the two graphs is in order. The vertical spacing require- 
ment for 60 dB attenuation (isolation) at 150 MHz is about 
43 feet. The horizontal spacing for the same isolation level 
is on the order of 700 feet. Fig 14 shows why this differ- 
ence exists. The radiation patterns of the antennas at A 
overlap; each antenna has gain in the direction of the other. 
The path loss between the antennas is given by 


(Eq 1) 





4nd 
Path loss (dB) = 20 log 


where 
d = distance between antennas 
A = wavelength, in the same units as d. 


The isolation between the antennas in Fig 14A is 
the path loss less the antenna gains. Conversely, the 
antennas at B share pattern nulls, so the isolation is the 
path loss added to the depth of these nulls. This signifi- 
cantly reduces the spacing requirement for vertical sepa- 


(A) 


(B) 


Fig 14—A relative representation of the isolation 
advantage afforded by separating antennas 
horizontally (A) and vertically (B) is shown. A great 
deal of isolation is provided by vertical separation, but 
horizontal separation requires two supports and much 
greater distance to be as effective. Separate-site 
repeaters (those with transmitter and receiver at 
different locations) benefit much more from horizontal 
separation than do single-site installations. 


ration. Because the depth of the pattern nulls is not infi- 
nite, some spacing is required. Combined horizontal and 
vertical spacing is much more difficult to quantify be- 
cause the results are dependent on both radiation patterns 
and the positions of the antennas relative to each other. 
Separate antennas have one major disadvantage: 
They create disparity in transmitter and receiver cover- 
age. For example, say a 50-MHz repeater is installed over 
average terrain with the transmitter and repeater sepa- 
rated by 2 miles. If both antennas had perfect omnidirec- 
tional coverage, the situation depicted in Fig 15 would 
exist. In this case, stations able to hear the repeater may 
not be able to access it, and vice versa. In practice, the 
situation can be considerably worse. This is especially 
true if the patterns of both antennas are not omnidirec- 
tional. If this disparity in coverage cannot be tolerated, 
the solution involves skewing the patterns of the anten- 
nas until their coverage areas are essentially the same. 


Cavity Resonators 


As just discussed, receiver desensing can be reduced 
by separating the transmitter and receiver antennas. But 
the amount of transmitted energy that reaches the receiver 
input must often be decreased even farther. Other nearby 
transmitters can cause desensing as well. A cavity reso- 
nator (cavity filter) can be helpful in solving these prob- 
lems. When properly designed and constructed, this type 
of resonator has very high Q. A commercially made cav- 
ity is shown in Fig 16. 

A cavity resonator placed in series with a transmis- 
sion line acts as a band-pass filter. For a resonator to 
Operate in series, it must have input and output coupling 
loops (or probes). A cavity resonator can also be con- 
nected across (in parallel with) a transmission line. The 
cavity then acts as a band-reject (notch) filter, greatly 
attenuating energy at the frequency to which it is tuned. 
Only one coupling loop or probe is required for this 
method of filtering. This type of cavity could be used in 





O = Transmitter Antenna 

+ = Receiver Antenna 
Sk = Receiver Coverage Area 
BONING = Transmitter Coverage Area 
x = Mutual Coverage Area 





Fig 15—Coverage disparity is a major problem for 
separate-site repeater antennas. The transmitter and 
receiver coverage areas overlap, but are not entirely 
mutually inclusive. Solving this problem requires a 
great deal of experimentation, as many factors are 
involved. Among these factors are terrain features and 
distortion of the antenna radiation patterns from 
supports. 


the receiver line to “notch” the transmitter signal. Sev- 
eral cavities can be connected in series or parallel to 
increase the attenuation in a given configuration. The 
graphs of Fig 17 show the attenuation of a single cavity 
(A) and a pair of cavities (B). 

The only situation in which cavity filters would not 
help is the case where the off-frequency noise of the trans- 
mitter was right on the receiver frequency. With cavity 
resonators, an important point to remember is that addi- 
tion of a cavity across a transmission line may change 
the impedance of the system. This change can be com- 
pensated by adding tuning stubs along the transmission 
line. 


Duplexers 


The material in this section was prepared by 
Domenic Mallozzi, NIDM. Most amateur repeaters in the 
144-, 220- and 440-MHz bands use duplexers to obtain 
the necessary transmitter to receiver isolation. Duplexers 
have been commonly used in commercial repeaters for 
many years. The duplexer consists of two high-Q filters. 
One filter is used in the feed line from the transmitter to 
the antenna, and another between the antenna and the 
receiver. These filters must have low loss at the frequency 
to which they are tuned while having very high attenua- 
tion at the surrounding frequencies. To meet the high 
attenuation requirements at frequencies within as little 
as 0.4% of the frequency to which they are tuned, the 
filters usually take the form of cascaded transmission- 
line cavity filters. These are either band-pass filters, or 
band-pass filters with a rejection notch. (The rejection 
notch is tuned to the center frequency of the other filter.) 
The number of cascaded filter sections is determined by 
the frequency separation and the ultimate attenuation 
requirements. 


Fig 16—A coaxial cavity 
filter of the type used in 
many amateur and 
commercial repeater 
installations. Center- 
conductor length (and 
thus resonant frequency) 
is varied by adjustment 
of the knob (top). 





Repeater Antenna Systems 17-9 

















0.5 dB 
™ 


20 











Ww 
Oo 





iS 
oO 





Attenuation (dB ) 





















































-5 -4 -3 -2 -1 


Ww 
aS 


fo 1 2 


Frequency, MHz 


(A) 














20 











WN 
oO 





aS 
oO 





Attenuation (dB ) 





50 








60 












































-5 -4 -3 -2 -1 fo 1 2 3 4 5 
Frequency, MHz 


(B) 


Fig 17—Frequency response curves for a single cavity (A) and two cavities cascaded (B). These curves are for 
cavities with coupling loops, each having an insertion loss of 0.5 dB. (The total insertion loss is indicated in the 
body of each graph.) Selectivity will be greater if lighter coupling (greater insertion loss) can be tolerated. 
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Duplexers for the amateur bands represent a signifi- 
cant technical challenge, because in most cases amateur 
repeaters operate with significantly less frequency sepa- 
ration than their commercial counterparts. Information 
on home construction of duplexers is presented in a later 
section of this chapter. Many manufacturers market high- 
quality duplexers for the amateur frequencies. 

Duplexers consist of very high-Q cavities whose 
resonant frequencies are determined by mechanical com- 
ponents, in particular the tuning rod. Fig 18 shows the 
cutaway view of atypical duplexer cavity. The rod is usu- 
ally made of a material that has a limited thermal expan- 
sion coefficient (such as Invar). Detuning of the cavity 
by environmental changes introduces unwanted losses in 
the antenna system. An article by Arnold in Mobile 
Radio Technology considered the causes of drift in the 


Fig 18—Cutaway view of a typical cavity. Note the 
relative locations of the coupling loops to each other 
and to the center conductor of the cavity. A locknut is 
used to prevent movement of the tuning rod after 
adjustment. 


cavity (see the Bibliography at the end of this chapter). 
These can be broken into four major categories. 


1) Ambient temperature variation (which leads to 
mechanical variations related to the thermal expan- 
sion coefficients of the materials used in the cavity). 

2) Humidity (dielectric constant) variation. 

3) Localized heating from the power dissipated in the 
cavity (resulting from its insertion loss). 

4) Mechanical variations resulting from other factors 
(vibration, etc). 


In addition, because of the high-Q nature of these 
cavities, the insertion loss of the duplexer increases when 
the signal is not at the peak of the filter response. This 
means, in practical terms, that less power is radiated for 
a given transmitter output power. Also, the drift in cavi- 
ties in the receiver line results in increased system noise 
figure, reducing the sensitivity of the repeater. 

As the frequency separation between the receiver and 
the transmitter decreases, the insertion loss of the duplexer 
reaches certain practical limits. At 144 MHz, the mini- 
mum insertion loss for 600 kHz spacing is 1.5 dB per 
filter. 

Testing and using duplexers requires some special 
considerations (especially as frequency increases). 
Because duplexers are very high-Q devices, they are very 
sensitive to the termination impedances at their ports. A 
high SWR on any port is a serious problem, because the 
apparent insertion loss of the duplexer will increase, and 
the isolation may appear to decrease. Some have found 
that when duplexers are used at the limits of their isola- 
tion capabilities, a small change in antenna SWR is 
enough to cause receiver desensitization. This occurs most 
often under ice-loading conditions on antennas with open- 
wire phasing sections. 

The choice of connectors in the duplexer system 
is important. BNC connectors are good for use below 
300 MHz. Above 300 MHz, their use is discouraged 
because even though many types of BNC connectors work 
well up to 1 GHz, older style standard BNC connectors 
are inadequate at UHF and above. Type N connectors 
should be used above 300 MHz. It is false economy to 
use marginal quality connectors. Some commercial us- 
ers have reported deteriorated isolation in commercial 
UHF repeaters when using such connectors. The loca- 
tion of a bad connector in a system is a complicated and 
frustrating process. Despite all these considerations, the 
duplexer is still the best method for obtaining isolation 
in the 144- to 925 MHz range. 


ADVANCED TECHNIQUES 


As the number of available antenna sites decreases 
and the cost of various peripheral items (such as coaxial 
cable) increases, amateur repeater groups are required to 
devise advanced techniques if repeaters are to remain 
effective. Some of the techniques discussed here have 


been applied in commercial services for many years, but 
until recently have not been economically justified for 
amateur use. 

One technique worth consideration is the use of 
cross-band couplers. To illustrate a situation where a 
cross-band coupler would be useful, consider the follow- 
ing example. A repeater group plans to install 144- and 
902-MHz repeaters on the same tower. The group intends 
to erect both antennas on a horizontal cross arm at the 
325-foot level. A 325-foot run of 7/s-inch Heliax costs 
approximately $2000. If both antennas are to be mounted 
at the top of the tower, the logical approach would 
require two separate feed lines. A better solution involves 
the use of a single feed line for both repeaters, along with 
a cross-band coupler at each end of the line. 

The use of the cross-band coupler is shown in 
Fig 19. As the term implies, the coupler allows two sig- 
nals on different bands to share a common transmission 
line. Such couplers cost approximately $300 each. In our 
hypothetical example, this represents a saving of $1400 
over the cost of using separate feed lines. But, as with all 
compromises, there are disadvantages. Cross-band cou- 
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Fig 19—Block diagram of a system using cross-band 
couplers to allow the use of a single feed line for two 
repeaters. If the feeder to the antenna location is long 
(more than 200 feet or so), cross-band couplers may 
provide a significant saving over separate feed lines, 
especially at the higher amateur repeater frequencies. 
Cross-band couplers cannot be used with two 
repeaters on the same band. 
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plers have a loss of about 0.5 dB per unit. Therefore, the 
pair required represents a loss of 1.0 dB in each trans- 
mission path. If this loss can be tolerated, the cross-band 
coupler is a good solution. 

Cross-band couplers do not allow two repeaters on 
the same band to share a single antenna and feed line. As 
repeater sites and tower space become more scatce, it may 
be desirable to have two repeaters on the same band share 
the same antenna. The solution to this problem is the use 
of a transmitter multicoupler. The multicoupler is related 
to the duplexers discussed earlier. It is a cavity filter and 
combiner that allows multiple transmitters and receivers 
to share the same antenna. This is a common commercial 
practice. A block diagram of a multicoupler system is 
shown in Fig 20. 

The multicoupler, however, is a very expensive 
device, and has the disadvantage of even greater loss per 
transmission path than the standard duplexer. For 
example, a well-designed duplexer for 600 kHz spacing 
at 146 MHz has a loss per transmission path of approxi- 
mately 1.5 dB. A four-channel multicoupler (the require- 
ment for two repeaters) has an insertion loss per 
transmission path on the order of 2.5 dB or more. Another 
constraint of such a system is that the antenna must present 
a good match to the transmission line at all frequencies 
on which it will be used (both transmitting and receiv- 
ing). This becomes difficult for the system with two re- 
peaters operating at opposite ends of a band. 

If you elect to purchase a commercial base-station 
antenna that requires you to specify a frequency to which 
the antenna must be tuned, be sure to indicate to the manu- 
facturer the intended use of the antenna and the frequency 
extremes. In some cases, the only way the manufacturer 
can accommodate your request is to provide an antenna 
with some vertical-beam uptilt at one end of the band 
and some downtilt at the other end of the band. In the 
case of antennas with very high gain, this in itself may 
become a serious problem. Careful analysis of the situa- 
tion is necessary before assembling such a system. 


Diversity Techniques for Repeaters 


Mobile flutter, “dead spots” and similar problems 
are a real problem for the mobile operator. The popular- 
ity of hand-held transceivers using low power and 
mediocre antennas causes similar problems. A solution 
to these difficulties is the use of some form of diversity 
reception. Diversity reception works because signals do 
not fade at the same rate when received by antennas at 
different locations (space diversity) or of different polar- 
izations (polarization diversity). 

Repeaters with large transmitter coverage areas 
often have difficulty “hearing” low power stations in 
peripheral areas or in dead spots. Space diversity is espe- 
cially useful in such a situation. Space diversity utilizes 
separate receivers at different locations that are linked to 
the repeater. The repeater uses a circuit called a voter 
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Fig 20—Block diagram of a system using a transmitter 
multicoupler to allow a single feed line and antenna to 
be used by two repeaters on one band. The antenna 
must be designed to operate at all frequencies that the 
repeaters utilize. More than two repeaters can be 
operated this way by using a multicoupler with the 
appropriate number of input ports. 


that determines which receiver has the best signal, and 
then selects the appropriate receiver from which to feed 
the repeater transmitter. This technique is helpful in 
urban areas where shadowing from large buildings and 
bridges causes problems. Space-diversity receiving, when 
properly executed, can give excellent results. But with 
the improvement come some disadvantages: added ini- 
tial cost, maintenance costs, and the possibility of failure 
created by the extra equipment required. If installed and 
maintained carefully, problems are generally minimal. 

A second improvement technique is the use of cir- 
cularly polarized repeater antennas. This technique has 
been used in the FM broadcast field for many years, and 
has been considered for use in the mobile telephone ser- 
vice as well. Some experiments by amateurs have proved 
very promising, as discussed by Pasternak and Morris (see 
the Bibliography at the end of this chapter). 

The improvement afforded by circular polarization 
is primarily a reduction in mobile flutter. The flutter on a 
mobile signal is caused by reflections from large build- 
ings (in urban settings) or other terrain features. These 
reflections cause measurable polarization shifts, some- 
times to the point where a vertically polarized signal at 
the transmitting site may appear to be primarily horizon- 
tally polarized after reflection. 

A similar situation results from multipath propaga- 
tion, where one or more reflected signals combine with 
the direct signal at the repeater, having varying effects 
on the signal. The multipath signal is subjected to large 
amplitude and phase variations at a relatively rapid rate. 


In both of the situations described here, circular 
polarization can offer considerable improvement. This is 
because circularly polarized antennas respond equally to 
all linearly polarized signals, regardless of the plane of 
polarization. At this writing, there are no known sources 
of commercial circularly polarized omnidirectional 
antennas for the amateur bands. Pasternak and Morris 
describe a circularly polarized antenna made by modify- 
ing two commercial four-pole arrays. 


EFFECTIVE ISOTROPIC RADIATED POWER 
(EIRP) 


It is useful to know effective isotropic radiated power 
(EIRP) in calculating the coverage area of a repeater. The 
FCC formerly required EIRP to be entered in the log of 
every amateur repeater station. Although logging EIRP 
is no longer required, it is still useful to have this infor- 
mation on hand for repeater-coordination purposes and 
so system performance can be monitored periodically. 

Calculation of EIRP is straightforward. The PEP 
output of the transmitter is simply multiplied by the gains 
and losses in the transmitting antenna system. (These 
gains and losses are best added or subtracted in decibels 
and then converted to a multiplying factor.) The follow- 
ing worksheet and example illustrates the calculations. 


Feed-line loss es dB 
Duplexer loss =—— dB 
Isolator loss ——* dB 
Cross-band coupler loss es dB 
Cavity filter loss —— dB 
Total losses (L) a dB 


G (dB) = antenna gain (dBi) —L 


where G = antenna system gain. (If antenna gain is speci- 
fied in dBd, add 2.14 dB to obtain the gain in dBi.) 

M = 10G/10 

where M = multiplying factor 

EIRP (watts) = transmitter output (PEP)xM 


Example 


A repeater transmitter has a power output of 50 W 
PEP (50-W FM transmitter). The transmission line has 
1.8 dB loss. The duplexer used has a loss of 1.5 dB, and 
a circulator on the transmitter port has a loss of 0.3 dB. 
There are no cavity filters or cross-band couplers in the 
system. Antenna gain is 5.6 dBi. 


Feed-line loss 1.8 dB 
Duplexer loss 1.5 dB 
Isolator loss 0.3 dB 
Cross-band coupler loss 0 dB 
Cavity filter loss 0 dB 
Total losses (L) 3.6 dB 


Antenna system gain in dB = G = antenna gain (dBi) —L 
G = 5.6 dBi — 3.6 dB = 2 dB 

Multiplying factor = M = 109/10 

M = 107/10 = 1.585 

EIRP (watts) = transmitter output (PEP) x M 

EIRP = 50 W x 1.585 = 79.25 W 


If the antenna system is lossier than this example, 
G may be negative, resulting in a multiplying factor less 
than one. The result is an EIRP that is less than the trans- 
mitter output power. This situation can occur in prac- 
tice, but for obvious reasons is not desirable. 
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Assembling a Repeater Antenna System 


This section will aid you in planning and assem- 
bling your repeater antenna system. The material was 
prepared by Domenic Mallozzi, N1DM. Consult Chap- 
ter 23, Radio Wave Propagation, for information on 
propagation for the band of your interest. 

First, a repeater antenna selection checklist such as 
this will help you in evaluating the antenna system for 
your needs. 


Gain needed dBi 


Pattern required 


Cardioidal 
Bidirectional 


Special pattern 
(specify) 


Mounting Top of tower 


Side of tower 


(Determine effects of tower on pattern. Is the 
result consistent with the pattern required?) 


Is downtilt required? = Yes 
a No 
Type of RF connector _ UHF 
Sat ree N 
BNC 


Sh Other (specify) 
Size (length) 
Weight 


Maximum cost $ 


Table 1 (see next page) has been compiled to pro- 
vide general information on commercial components 
available for repeater and remote-base antenna systems. 
The various components are listed in a matrix format by 
manufacturer, for equipment designed to operate in the 
various amateur bands. See Chapter 21, Antenna 
Products Suppliers, for further information for these com- 
ponents. Although every effort has been made to make 
this data complete, the ARRL is not responsible for 
omissions or errors. The listing of a product in Table 1 
does not constitute an endorsement by ARRL. Manufac- 
turers are urged to contact the editors with updating 
information. 

Even though almost any antenna can be used for a 
repeater, the companies indicated in the Antennas column 
in Table | are known to have produced heavy-duty anten- 
nas to commercial standards for repeater service. Many of 
these companies offer their antennas with special features 
for repeater service (such as vertical-beam downtilt). It is 
best to obtain catalogs of current products from the manu- 
facturers listed, both for general information and to deter- 
mine which special options are available on their products. 


A 144 MHz Duplexer 


Obtaining sufficient isolation between the transmit- 
ter and receiver of a repeater can be difficult. Many of 
the solutions to this problem compromise receiver sensi- 
tivity or transmitter power output. Other solutions create 
an imbalance between receiver and transmitter coverage 
areas. When a duplexer is used, insertion loss is the com- 
promise. But a small amount of insertion loss is more 
than offset by the use of one antenna for both the trans- 
mitter and receiver. Using one antenna assures equal 
antenna patterns for both transmitting and receiving, and 
reduces cost, maintenance and mechanical complexity. 

As mentioned earlier in this chapter, duplexers may 
be built in the home workshop. Bob Shriner, WAQUZO, 
presented a small, mechanically simple duplexer for low- 
power applications in April 1979 QST. Shriner’s design 
is unique, as the duplexer cavities are constructed of cir- 
cuit-board material. Low cost and simplicity are the 
result, but with a trade-off in performance. A silver-plated 
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version of Shriner’s design has an insertion loss of 
approximately 5 dB at 146 MHz. The loss is greater if 
the copper is not plated, and increases as the inner walls 
of the cavities tarnish. 

This duplexer construction project by John Bilodeau, 
WIGAN, represents an effective duplexer. The information 
originally appeared in July 1972 QST. It is a time-proven 
project used by many repeater groups, and can be dupli- 
cated relatively easily. Its insertion loss is just 1.5 dB. 

Fig 21 will help you visualize the requirements for 
a duplexer, which can be summed up as follows. The 
duplexer must attenuate the transmitter carrier to avoid 
overloading the receiver and thereby reducing its sensi- 
tivity. It must also attenuate any noise or spurious fre- 
quencies from the transmitter on or near the receiver 
frequency. In addition, a duplexer must provide a proper 
impedance match between transmitter, antenna, and 
receiver. 


Table 1 


Product Matrix Showing Repeater Equipment and Manufacturer by Frequency Band 


Antennas 
Source 28 50 144 220 450 902 1296 
Austin S S$ § S Ss Ss Ss 
Celwave C C C C C Cc 
Comet 
Cushcraft Cc C C C 
Dec Prod Cc C C C C 
MA/COM 
RF Parts C C C C 
Sinclair Cc C C 
TX/RX 
Wacom 


Isolators/Circulators 


Transmitter Combiners 


Cavity Filters 
144 220 450 902 


Duplexers 
144 220 450 902 


Cc GCG CG C Cc Cc Cc Cc 
Cc 8 6C Cc Cc Cc 

Cc Cc 
Cc Cc Cc Cc Cc 
Cc CG C Cc Cc Cc 


Cross-Band Couplers 


Source 28 50 144220 450 902 144 220 450 902 0-174 0-512 59-174 406-512 
450-512 800-960 806-960 806-960 

Celwave Cc C C C C C C C Ss 

Dec Prod Cc C Cc C C Cc 

Sinclair C C C 

TX/RX C C C C C C C Cc C C C 

Wacom Cc C C C C C C C C C 


Abbreviated names above are for the following manufacturers: Austin Antennas, Celwave RF Inc, Cushcraft Corp, 
Decibel Products Inc, RF Parts, Sinclair Radio Laboratories Inc, TX/RX Systems Inc and Wacom Inc. A 


manufacturer’s contact list appears in Chapter 21. 


Key to codes used: 
C = catalog (standard) item 
S = special-order item 


Note: Coaxial cable is not listed, because most manufacturers sell only to dealers. 
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Fig 21—Duplexers permit using one antenna for both 
transmitting and receiving in a repeater system. 
Section 1 prevents energy at the transmitter frequency 
from interfering with the receiver, while section 2 
attenuates any off-frequency transmitter energy that is 
at or near the receiver frequency. 


Receiver 
146.34 MHz 











to Antenna 
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As shown in Fig 21, transmitter output on 
146.94 MHz going from point C to D should not be 
attenuated. However, the transmitter energy should be 
greatly attenuated between points B and A. Duplexer sec- 
tion 2 should attenuate any noise or signals that are on or 


near the receiver input frequency of 146.34 MHz. For 
good reception the noise and spurious signal level must 
be less than —130 dBm (0 dBm = 1 milliwatt into 50 Q). 
Typical transmitter noise 600 kHz away from the carrier 
frequency is 80 dB below the transmitter power output. 
For 60 watts of output (+48 dBm), the noise level is 
—32 dBm. The duplexer must make up the difference 
between —32 dBm and —130 dBm, or 98 dB. 

The received signal must go from point B to A with 
a minimum of attenuation. Section 1 of the duplexer must 
also provide enough attenuation of the transmitter energy 
to prevent receiver overload. For an average receiver, the 
transmitter signal must be less than —30 dBm to meet this 
requirement. The difference between the transmitter out- 
put of +48 dBm and the receiver overload point of 
—30 dBm, 78 dB, must be made up by duplexer section 1. 


THE CIRCUIT 


Fig 22 shows the completed 6-cavity duplexer, and 
Fig 23 shows the assembly of an individual cavity. A 
‘/4-X resonator was selected for this duplexer design. The 
length of the center conductor is adjusted by turning a 
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Fig 22—A six-cavity 
duplexer for use with 
a 144-MHz repeater. 
The cavities are 
fastened to a plywood 
base for mechanical 
stability. Short 
lengths of double- 
shielded cable are 
used for connections 
between individual 
cavities. An insertion 
loss of less than 1.5 
dB is possible with 
this design. 





threaded rod, which changes the resonant frequency of 
the cavity. Energy is coupled into and out of the tuned 
circuit by the coupling loops extending through the top 
plate. 

The cavity functions as a series resonant circuit. 
When a reactance is connected across a series resonant 
circuit, an anti-resonant notch is produced, and the reso- 
nant frequency is shifted. If a capacitor is added, the notch 
appears below the resonant frequency. Adding inductance 
instead of capacitance makes the notch appear above the 
resonant frequency. The value of the added component 
determines the spacing between the notch and the reso- 
nant frequency of the cavity. 

Fig 24 shows the measured band-pass characteris- 
tics of the cavity with shunt elements. With the cavity 
tuned to 146.94 MHz and a shunt capacitor connected 
from input to output, a 146.34-MHz signal is attenuated 
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OUTER CONDUCTOR 


Fig 23—The assembly of an individual cavity. A Bud Minibox is mounted on the top plate with three screws. A 
clamping sleeve made of brass pipe is used to prevent crushing the box when the locknut is tightened on the 
tuning shaft. Note that the positions of both C1 and L1 are shown, but that three cavities will have C1 installed and 


three will have L1 in place. 
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Fig 24—Typical frequency response of a single cavity 
of the type used in the duplexer. The dotted line 
represents the passband characteristics of the cavity 
alone; the solid line for the cavity with a shunt 
capacitor connected between input and output. An 
inductance connected in the same manner will cause 
the rejection notch to be above the frequency to which 
the cavity is tuned. 


by 35 dB. If an inductance is placed across the cavity and 
the cavity is tuned to 146.34 MHz, the attenuation at 
146.94 MHz is 35 dB. Insertion loss in both cases is 
0.4 dB. Three cavities with shunt capacitors are tuned to 
146.94 MHz and connected together in cascade with short 
lengths of coaxial cable. The attenuation at 146.34 MHz 
is more than 100 dB, and insertion loss at 146.94 MHz is 


1.5 dB. Response curves for a six-cavity duplexer are 
given in Fig 25. 


Construction 


The schematic diagram for the duplexer is shown in 
Fig 26. Three parts for the duplexer must be machined; 
all others can be made with hand tools. A small lathe can 
be used to machine the brass top plate, the threaded tun- 
ing plunger bushing and the Teflon insulator bushing. The 
dimensions of these parts are given in Fig 27. 

Type DWV copper tubing is used for the outer con- 
ductor of the cavities. The wall thickness is 0.058 inch, 
with an outside diameter of 4'/s inches. You will need a 
tubing cutter large enough to handle this size (perhaps 
borrowed or rented). The wheel of the cutter should be 
tight and sharp. Make slow, careful cuts so the ends will 
be square. The outer conductor is 22'/2 inches long. 

The inner conductor is made from type M copper 
tubing having an outside diameter of 1°/s inches. A 
6-inch length of 1-inch OD brass tubing is used to make 
the tuning plunger. 

The tubing types mentioned above are designations 
used in the plumbing and steam-fitting industry. Other 
types may be used in the construction of a duplexer, but 
you should check the sizes carefully to assure that the 
parts will fit each other. A greater wall thickness will make 
the assembly heavier, and the expense will increase ac- 
cordingly. Soft solder is used throughout the assem- 
bly. Unless you have experience with silver solder, do 
not use it. Eutectic type 157 solder with paste or acid 
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Fig 25—Frequency response of the six-cavity duplexer. One set of three cavities is tuned to pass 146.34 MHz and 
notch 146.94 MHz (the receiver leg). The remaining set of three cavities is tuned to pass 146.94 MHz and notch 
146.34 MHz. This duplexer provides approximately 100 dB of isolation between the transmitter and receiver when 


properly tuned. 
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Fig 26—Diagram of the six-cavity duplexer. Coaxial cable lengths between cavities are critical and must be 
followed closely. Double shielded cable and high quality connectors should be used throughout. The sizes and 
shapes of the coupling loops, L1, and the straps for connecting C1 should be observed. 

C1—1.7-11 pF circuit-board mount, E. F. Johnson 189-5-5 or equiv. Set at °/4 closed for initial alignment. 
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SECTIONAL SIDE VIEW 


Fig 27—Dimensions for the three parts that require machining. A small metal-working lathe should be used for 


making these parts. 
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flux makes very good joints. This type has a slightly 
higher melting temperature than ordinary tin-lead alloy, 
but has considerably greater strength. 

First solder the inner conductor to the top plate 
(Fig 28). The finger stock can then be soldered inside the 
lower end of the inner conductor, while temporarily held 
in place with a plug made of aluminum or stainless steel. 
While soldering, do not allow the flame from the torch to 
overheat the finger stock. The plunger bushing is soldered 
into the tuning plunger and a 20-inch length of threaded 
rod is soldered into the bushing. 

Cut six slots in the top of the outer conductor. They 
should be */s inch deep and equally spaced around the tub- 
ing. The bottom end of the 4-inch tubing is soldered to the 
square bottom plate. The bottom plates have holes in the 
corners so they can be fastened to a plywood base by means 
of wood screws. Because the center conductor has no sup- 
port at one end, the cavities must be mounted vertically. 

The size and position of the coupling loops are criti- 
cal. Follow the given dimensions closely. Both loops 
should be '/s inch away from the center conductor on 
opposite sides. Connect a solder lug to the ground end of 
the loop, then fasten the lug to the top plate with a screw. 
The free end of the loop is insulated by Teflon bushings 
where it passes through the top plate for connection to 
the BNC fittings. 

Before final assembly of the parts, clean them thor- 
oughly. Soap-filled steel wool pads and hot water work 
well for this. Be sure the finger stock makes firm contact 
with the tuning plunger. The top plate should fit snugly 
in the top of the outer conductor—a large hose clamp 
tightened around the outer conductor will keep the top 
plate in place. 





Fig 28—Two of the center conductor and top plate 
assemblies. In the assembly at the left, C1 is visible 
just below the tuning shaft, mounted by short straps 
made from sheet copper. The assembly on the right has 
L1 in place between the BNC connectors. The 
Miniboxes are fastened to the top plate by a single 
large nut in these units. Using screws through the 
Minibox into the top plate, as described in the text, is 
preferred. 





ADJUSTMENT 


After the cavities have been checked for band-pass 
characteristics and insertion loss, install the anti-resonant 
elements, Cl and L1. (See Fig 24.) It is preferable to use 
laboratory test equipment when tuning the duplexer. An 
option is to use a low-power transmitter with an RF probe 
and an electronic voltmeter. Both methods are shown in 
Fig 29. 

With the test equipment connected as shown in 
Fig 29A, adjust the signal generator frequency to the 
desired repeater input frequency. Connect a calibrated step 
attenuator between points X and Y. With no attenuation, 
adjust the HP-415 for 0 on the 20-dB scale. You can check 
the calibration of the 415 by switching in different 
amounts of attenuation and noting the meter reading. You 
may note a small error at either high or very low signal 
levels. 

Next, remove the step attenuator and replace it with 
a cavity that has the shunt inductor, L1, in place. Adjust 
the tuning screw for maximum reading on the 415 meter. 
Remove the cavity and connect points X and Y. Set the 


HP Type 
423 
Detector 


Step 
O Attenuator 0 


Laboratory Equipment 
(A) 






Transmitter 
10W Output ioe 
Tube Type 





Simple Equipment 
(B) 


Fig 29—The duplexer can be tuned by either of the two 
methods shown here, although the method depicted at 
A is preferred. The signal generator should be 
modulated by a 1-kHz tone. If the setup shown at B is 
used, the transmitter should not be modulated, and 
should have a minimum of noise and spurious signals. 
The cavities to be aligned are inserted between X and 
Y in the setup at A, and between P and Q in B. 
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signal generator to the repeater output frequency and 
adjust the 415 for a 0 reading on the 20-dB scale. 

Reinsert the cavity between X and Y and adjust the 
cavity tuning for minimum reading on the 415. The notch 
should be sharp and have a depth of at least 35 dB. It is 
important to maintain the minimum reading on the meter 
while tightening the locknut on the tuning shaft. 

To check the insertion loss of the cavity, the output 
from the signal generator should be reduced, and the cali- 
bration of the 415 meter checked on the 50-dB expanded 
scale. Use a fixed 1-dB attenuator to make certain the 
error is less than 0.1 dB. Replace the attenuator with the 
cavity and read the loss. The insertion loss should be 
0.5 dB or less. The procedure is the same for tuning all 
Six cavities, except that the frequencies are reversed for 
those having the shunt capacitor installed. 


Adjustment with Minimum Equipment 


A transmitter with a minimum of spurious output is 
required. Most modern transmitters meet this requirement. 
The voltmeter in use should be capable of reading 
0.5 volt (or less), full scale. The RF probe used should be 
rated to 150 MHz or higher. Sections of RG-58 cable are 
used as attenuators, as shown in Fig 29B. The loss in these 
140-foot lengths is nearly 10 dB, and helps to isolate the 
transmitter in case of mismatch during tuning. 

Set the transmitter to the repeater input frequency and 
connect P and Q. Obtain a reading between | and 3 volts 
on the voltmeter. Insert a cavity with shunt capacitors in 
place between P and Q and adjust the cavity tuning for a 
minimum reading on the voltmeter. (This reading should 
be between 0.01 and 0.05 volt.) The rejection in dB can be 
calculated by 


dB = 20 log (V1/V2) 


This should be at least 35 dB. Check the insertion 
loss by putting the receiver on the repeater output fre- 
quency and noting the voltmeter reading with the cavity 
out of the circuit. A 0.5-dB attenuator can be made from 
a 7-foot length of RG-58. This 7-foot cable can be used 
to check the calibration of the detector probe and the volt- 
meter. 

Cavities with shunt inductance can be tuned the same 
way, but with the frequencies reversed. If two or more 
cavities are tuned while connected together, transmitter 
noise can cause the rejection readings to be low. In other 
words, there will be less attenuation. 


Results 


The duplexer is conservatively rated at 150 watts 
input, but if constructed carefully should be able to handle 
as much as 300 watts. Silver plating the interior surfaces 
of the cavities is recommended if input power is to be 
greater than 150 watts. A duplexer of this type with 
silver-plated cavities has an insertion loss of less than 
1 dB, and a rejection of more than 100 dB. Unplated cavi- 
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ties should be disassembled at least every two years, 
cleaned thoroughly, and then retuned. 


Miscellaneous Notes 


1) Double shielded cable and high quality connectors are 
required throughout the system. 

2) The SWR of the antenna should not exceed 1.2:1 for 
proper duplexer performance. 

3) Good shielding of the transmitter and receiver at the 
repeater is essential. 

4) The antenna should have four or more wavelengths 
of vertical separation from the repeater. 

5) Conductors in the near field of the antenna should be 
well bonded and grounded to eliminate noise. 

6) The feed line should be electrically bonded and 
mechanically secured to the tower or mast. 

7) Feed lines and other antennas in the near field of the 
repeater antenna should be well bonded and as far 
from the repeater antenna as possible. 

8) Individual cavities can be used to improve the perfor- 
mance of separate antenna or separate site repeaters. 

9) Individual cavities can be used to help solve inter- 
modulation problems. 
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VHF and UHF 
Antenna Systems 


A good antenna system is one of the most valuable 
assets available to the VHF/UHF enthusiast. Com- 
pared to an antenna of lesser quality, an antenna that is 
well designed, is built of good quality materials, and is 
well maintained, will increase transmitting range, enhance 
reception of weak signals and reduce interference prob- 
lems. The work itself building antennas is by no means 


the least attractive part of the job. Even with high-gain 
antennas, experimentation is greatly simplified at VHF 
and UHF because the antennas are a physically manage- 
able size. Setting up a home antenna range is within the 
means of most amateurs, and much can be learned about 
the nature and adjustment of antennas. No large invest- 
ment in test equipment is necessary. 


The Basics 


Selecting the best VHF or UHF antenna for a given 
installation involves much more than scanning gain fig- 
ures and prices in a manufacturer’s catalog. There is no 
one “best” VHF or UHF antenna design for all purposes. 
The first step in choosing an antenna is figuring out what 
you want it to do. 


Gain 
At VHF and UHF, it is possible to build Yagi anten- 
nas with very high gain—15 to 20 dBi—on a physically 
manageable boom. Such antennas can be combined in 
arrays of two, four, six, eight or more antennas. These 
arrays are attractive for EME, tropospheric scatter or other 
weak-signal communications modes. 


Radiation Patterns 


Antenna radiation can be made omnidirectional, 
bidirectional, practically unidirectional, or anything 
between these conditions. A VHF net operator may find 
an omnidirectional system almost a necessity, but it may 
be a poor choice otherwise. Noise pickup and other 
interference problems are greater with such omnidirec- 


tional antennas, and omnidirectional antennas having 
some gain are especially bad in these respects. Maximum 
gain and low radiation angle are usually prime interests 
of the weak-signal DX aspirant. A clean pattern, with low- 
est possible pickup and radiation off the sides and back, 
may be important in high-activity areas, or where the noise 
level is high. 


Frequency Response 


The ability to work over an entire VHF band may be 
important in some types of work. Modern Yagis can achieve 
performance over a remarkably wide frequency range, pro- 
viding that the boom length is long enough and enough 
elements are used to populate the boom. Modern Yagi 
designs in fact are competitive with directly driven col- 
linear arrays of similar size and complexity. The primary 
performance parameters of gain, front-to-rear ratio and 
SWR can be optimized over all the VHF or UHF amateur 
bands readily, with the exception of the full 6meter band 
from 50.0 to 54.0 MHz, which is an 8% wide bandwidth. 
A Yagi can be easily designed to cover any 2.0 MHz por- 
tion of the 6-meter band with superb performance. 
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Height Gain 


In general, higher is better in VHF and UHF antenna 
installations. Raising the antenna over nearby obstruc- 
tions may make dramatic improvements in coverage. 
Within reason, greater height is almost always worth its 
cost, but height gain (see Chapter 23, Radio Wave Propa- 
gation) must be balanced against increased transmission- 
line loss. This loss can be considerable, and it increases 
with frequency. The best available line may not be very 
good if the run is long in terms of wavelengths. Line loss 
considerations (see Chapter 24, Transmission Lines) are 
important in antenna planning. 


Physical Size 


A given antenna design for 432 MHz has the same 
gain as the same design for 144 MHz, but being only one- 
third as large intercepts only one-ninth as much energy 
in receiving. In other words, the antenna has less pickup 
efficiency at 432 MHz. To be equal in communication 
effectiveness, the 432-MHz array should be at least equal 
in size to the 144-MHz antenna, which requires roughly 
three times as many elements. With all the extra difficul- 
ties involved in using the higher frequencies effectively, 
it is best to keep antennas as large as possible for these 
bands. 


DESIGN FACTORS 


With the objectives sorted out in a general way, 
decisions on specifics, such as polarization, type of trans- 
mission line, matching methods and mechanical design 
must be made. 


Polarization 


Whether to position antenna elements vertically or 
horizontally has been widely debated since early VHF 
pioneering days. Tests have shown little evidence about 
which polarization sense is most desirable. On long propa- 
gation paths there is no consistent advantage either way. 
Shorter paths tend to yield higher signal levels with hori- 
zontally polarized antennas over some kinds of terrain. 
Man-made noise, especially ignition interference, also 
tends to be lower with horizontal antennas. These factors 
make horizontal polarization somewhat more desirable 
for weak-signal communications. On the other hand, ver- 
tically polarized antennas are much simpler to use in 
omnidirectional systems and in mobile work. 

Vertical polarization was widely used in early VHF 
work, but horizontal polarization gained favor when 
directional arrays started to become widely used. The 
major use of FM and repeaters, particularly in the VHF/ 
UHF bands, has tipped the balance in favor of vertical 
antennas in mobile and repeater use. Horizontal polar- 
ization predominates in other communication on 50 MHz 
and higher frequencies. An additional loss of 20 dB or 
more can be expected when cross-polarized antennas are 
used. 
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TRANSMISSION LINES 


Transmission line principles are covered in detail in 
Chapter 24, Transmission Lines. Techniques that apply 
to VHF and UHF operation are dealt with in greater 
detail here. The principles of carrying RF from one loca- 
tion to another via a feed line are the same for all radio 
frequencies. As at HF, RF is carried principally via open 
wire lines and coaxial cables at VHF/UHF. Certain 
aspects of these lines characterize them as good or bad 
for use above 50 MHz. 

Properly built open-wire line can operate with very 
low loss in VHF and UHF installations. A total line loss 
under 2 dB per 100 feet at 432 MHz can easily be ob- 
tained. A line made of #12 wire, spaced */4 inch or more 
with Teflon spreaders and run essentially straight from 
antenna to station, can be better than anything but the most 
expensive coax. Such line can be home made or purchased 
at a fraction of the cost of coaxial cables, with compa- 
rable loss characteristics. Careful attention must be paid 
to efficient impedance matching if the benefits of this sys- 
tem are to be realized. A similar system for 144 MHz can 
easily provide a line loss under | dB. 

Small coax such as RG-58 or RG-59 should never 
be used in VHF work if the run is more than a few feet. 
Lines of '/2-inch diameter (RG-8 or RG-11) work fairly 
well at 50 MHz, and are acceptable for 144-MHz runs of 
50 feet or less. These lines are somewhat better if they 
employ foam instead of ordinary PE dielectric material. 
Aluminum-jacket hardline coaxial cables with large 
inner conductors and foam insulation are well worth their 
cost, and can sometimes be obtained for free from local 
Cable TV operators as “end runs”—-pieces at the end of a 
roll. The most common CATV cable is '/2-inch OD 75-Q 
hardline. Matched-line loss for this cable is about 1.0 dB/ 
100 feet at 146 MHz and 2.0 dB/100 feet at 432 MHz. 
Less commonly available from CATV companies is the 
3/4-inch 75Q hardline, sometimes with a black self-heal- 
ing hard plastic covering. This line has 0.8 dB of loss per 
100 feet at 146 MHz, and 1.6 dB loss per 100 feet at 
432 MHz. There will be small additional losses for either 
line if 75-to-50Q transformers are used at each end. 

Commercial connectors for hardline are expensive but 
provide reliable connections with full waterproofing. 
Enterprising amateurs have homebrewed low-cost connec- 
tors. If they are properly water proofed, connectors and 
hardline can last almost indefinitely. Hardline must not 
be bent too sharply, because it will kink. See Chapter 24, 
Transmission Lines, for details on hardline connectors. 

Beware of any “bargains” in coax for VHF or UHF 
use. Feed-line loss can be compensated to some extent 
by increasing transmitter power, but once lost, a weak 
signal can never be recovered in the receiver. Effects of 
weather on transmission lines should not be ignored. Well- 
constructed open-wire line works optimally in nearly any 
weather, and it stands up well. Twin-lead is almost use- 
less in heavy rain, wet snow or icing. The best grades of 


coax are completely impervious to weather—they can be 
run underground, fastened to metal towers without insu- 
lation and bent into any convenient position with no 
adverse effects on performance. 


WAVEGUIDES 


Above 2 GHz, coaxial cable is a losing proposition 
for communications work. Fortunately, at this frequency 
the wavelength is short enough to allow practical, effi- 
cient energy transfer by an entirely different means. A 
waveguide is a conducting tube through which energy is 
transmitted in the form of electromagnetic waves. The 
tube is not considered as carrying a current in the same 
sense that the wires of a two-conductor line do, but rather 
as a boundary that confines the waves in the enclosed 
space. Skin effect prevents any electromagnetic effects 
from being evident outside the guide. The energy is 
injected at one end, either through capacitive or induc- 
tive coupling or by radiation, and is removed from the 
other end in a like manner. Waveguide merely confines 
the energy of the fields, which are propagated through it 
to the receiving end by means of reflections against its 
inner walls. 

Analysis of waveguide operation is based on the 
assumption that the guide material is a perfect conductor 
of electricity. Typical distributions of electric and mag- 
netic fields in a rectangular guide are shown in Fig 1. 
The intensity of the electric field is greatest (as indicated 
by closer spacing of the lines of force) at the center along 
the X dimension (Fig 1C), diminishing to zero at the end 
walls. The fields must diminish in this manner, because 
the existence of any electric field parallel to the walls at 
the surface would cause an infinite current to flow in a 
perfect conductor. Waveguides, of course, cannot carry 
RF in this fashion. 


Modes of Propagation 


Fig 1 represents the most basic distribution of the 
electric and magnetic fields in a waveguide. There are an 
infinite number of ways in which the fields can arrange 
themselves in a waveguide (for frequencies above the low 
cutoff frequency of the guide in use). Each of these field 
configurations is called a mode. 

The modes may be separated into two general 
groups. One group, designated TM (transverse magnetic), 
has the magnetic field entirely transverse to the direction 
of propagation, but has a component of the electric field 
in that direction. The other type, designated TE (trans- 
verse electric) has the electric field entirely transverse, 
but has a component of magnetic field in the direction of 
propagation. TM waves are sometimes called E waves, 
and TE waves are sometimes called H waves, but the TM 
and TE designations are preferred. 

The mode of propagation is identified by the group 
letters followed by two subscript numerals. For example, 
TEj9, TM, , etc. The number of possible modes increases 


with frequency for a given size of guide, and there is only 
one possible mode (called the dominant mode) for the 
lowest frequency that can be transmitted. The dominant 
mode is the one generally used in amateur work. 


Waveguide Dimensions 


In rectangular guide the critical dimension is X in 
Fig 1. This dimension must be more than '/2 4 at the low- 
est frequency to be transmitted. In practice, the Y dimen- 
sion usually is made about equal to '/2 X to avoid the 
possibility of operation in other than the dominant mode. 

Cross-sectional shapes other than a rectangle can be 
used, the most important being the circular pipe. Much 
the same considerations apply as in the rectangular case. 

Wavelength dimensions for rectangular and circular 
guides are given in Table 1, where X is the width of a 
rectangular guide and r is the radius of a circular guide. 
All figures apply to the dominant mode. 
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Fig 1—Field distribution in a rectangular waveguide. 
The TE10 mode of propagation is depicted. 
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Coupling to Waveguides 


Energy may be introduced into or extracted from a 
waveguide or resonator by means of either the electric or 
magnetic field. The energy transfer frequently is through 
a coaxial line. Two methods for coupling to coaxial line 
are shown in Fig 2. The probe shown at A is simply a 
short extension of the inner conductor of the coaxial line, 
oriented so that it is parallel to the electric lines of force. 
The loop shown at B is arranged so that it encloses some 
of the magnetic lines of force. The point at which maxi- 
mum coupling is obtained depends upon the mode of 
propagation in the guide or cavity. Coupling is maximum 
when the coupling device is in the most intense field. 

Coupling can be varied by turning the probe or loop 
through a 90° angle. When the probe is perpendicular to 
the electric lines the coupling is minimum. Similarly, 
when the plane of the loop is parallel to the magnetic 
lines the coupling is minimum. 

If a waveguide is left open at one end it will radiate 
energy. This radiation can be greatly enhanced by flaring 
the waveguide to form a pyramidal horn antenna. The 
horn acts as a transition between the confines of the 
waveguide and free space. To effect the proper imped- 
ance transformation the horn must be at least '/2 2 on a 
side. A horn of this dimension (cutoff) has a unidirec- 
tional radiation pattern with a null toward the waveguide 
transition. The gain at the cutoff frequency is 3 dB, 
increasing 6 dB with each doubling of frequency. Horns 
are used extensively in microwave work, both as primary 
radiators and as feed elements for more elaborate focus- 
ing systems. Details for constructing 10-GHz horn 
antennas are given later in this chapter. 


Evolution of a Waveguide 


Suppose an open-wire line is used to carry RF 
energy from a generator to a load. If the line has any 
appreciable length it must be mechanically supported. The 
line must be well insulated from the supports if high losses 
are to be avoided. Because high-quality insulators are 
difficult to construct at microwave frequencies, the logi- 
cal alternative is to support the transmission line with 
‘44 i. stubs, shorted at the end opposite the feed line. The 
open end of such a stub presents an infinite impedance to 
the transmission line, provided the shorted stub is 
nonreactive. However, the shorting link has a finite length, 
and therefore some inductance. The effect of this induc- 
tance can be removed by making the RF current flow on 
the surface of a plate rather than a thin wire. If the plate 
is large enough, it will prevent the magnetic lines of force 
from encircling the RF current. 

An infinite number of these '/4 1 stubs may be con- 
nected in parallel without affecting the standing waves 
of voltage and current. The transmission line may be sup- 
ported from the top as well as the bottom, and when an 
infinite number of supports are added, they form the walls 
of a waveguide at its cutoff frequency. Fig 3 illustrates 
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Table 1 
Waveguide Dimensions 

Rectangular Circular 
Cutoff wavelength 2X 3.416 
Longest wavelength transmitted 1.6X 3.2r 


with little attenuation 
Shortest wavelength before next 1.1X 2.8r 
mode becomes possible 





(A) (B) 


Fig 2—Coupling coaxial line to waveguide and 
resonators. 


how a rectangular waveguide evolves from a two-wire 
parallel transmission line as described. This simplified 
analysis also shows why the cutoff dimension is '/2 2. 
While the operation of waveguides is usually 
described in terms of fields, current does flow on the 
inside walls, just as on the conductors of a two-wire trans- 
mission line. At the waveguide cutoff frequency, the cur- 
rent is concentrated in the center of the walls, and disperses 
toward the floor and ceiling as the frequency increases. 


IMPEDANCE MATCHING 


Impedance matching is covered in detail in Chapter 
25, Coupling the Transmitter to the Line, and Chapter 
26, Coupling the Line to the Antenna. The theory is the 
same for frequencies above 50 MHz. Practical aspects 
are similar, but physical size can be a major factor in the 
choice of methods. Only the matching devices used in 
practical construction examples later in this chapter are 
discussed in detail here. This should not rule out consid- 
eration of other methods, however, and you should read 
the relevant portions of both Chapters 25 and 26. 


Universal Stub 


As its name universal stub implies, the double-ad- 
justment stub of Fig 4A is useful for many matching pur- 
poses. The stub length is varied to resonate the system 
and the transmission-line attachment point is varied until 
the transmission line and stub impedances are equal. In 
practice this involves moving both the sliding short and 
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Fig 3—At its cutoff frequency a rectangular waveguide 
can be thought of as a parallel two-conductor 
transmission line supported from top and bottom by an 
infinite number of ‘/s-A stubs. 


the point of line connection for zero reflected power, as 
indicated on an SWR bridge connected in the line. 

The universal stub allows for tuning out any small 
reactance present in the driven part of the system. It per- 
mits matching the antenna to the line without knowledge 
of the actual impedances involved. The position of the 
short yielding the best match gives some indication of 
the amount of reactance present. With little or no reac- 
tive component to be tuned out, the stub must be approxi- 
mately '/2 A from load toward the short. 

The stub should be made of stiff bare wire or rod, 
spaced no more than '/20 A apart. Preferably it should be 
mounted rigidly, on insulators. Once the position of the 
short is determined, the center of the short can be 
grounded, if desired, and the portion of the stub no longer 
needed can be removed. 

It is not necessary that the stub be connected directly 
to the driven element. It can be made part of an open- 
wire line as a device to match coaxial cable to the line. 
The stub can be connected to the lower end of a delta 
match or placed at the feed point of a phased array. 
Examples of these uses are given later. 


Delta Match 


Probably the most basic impedance matching device 
is the delta match, fanned ends of an open-wire line tapped 
onto a '/2 1 antenna at the point of the most-efficient power 
transfer. This is shown in Fig 4B. Both the side length 
and the points of connection either side of the center of 
the element must be adjusted for minimum reflected 
power on the line, but as with the universal stub, you 
needn’t know the impedances. The delta match makes no 
provision for tuning out reactance, so the universal stub 
is often used as a termination for it. 

At one time, the delta match was thought to be infe- 
rior for VHF applications because of its tendency to 
radiate if improperly adjusted. The delta has come back 
into favor now that accurate methods are available for 
measuring the effects of matching. It is very handy for 
phasing multiple-bay arrays with open-wire lines, and its 
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Fig 4—Matching methods commonly used at VHF. The 
universal stub, A, combines tuning and matching. The 
adjustable short on the stub and the points of 
connection of the transmission line are adjusted for 
minimum reflected power on the line. In the delta 
match, B and C, the line is fanned out and connected 
to the dipole at the point of optimum impedance match. 
Impedances need not be known in A, B or C. The 
gamma match, D, is for direct connection of coax. C1 
tunes out inductance in the arm. A folded dipole of 
uniform conductor size, E, steps up antenna 
impedance by a factor of four. Using a larger conductor 
in the unbroken portion of the folded dipole, F, gives 
higher orders of impedance transformation. 


dimensions in this use are not particularly critical. It 
should be checked out carefully in applications like that 
of Fig 4C, where no tuning device is used. 


Gamma and T Matches 


An application of the same principle allowing di- 
rect connection of coax is the gamma match, Fig 4D. 
Because the RF voltage at the center of a '/2 1 dipole is 
zero, the outer conductor of the coax is connected to the 
element at this point. This may also be the junction with 
a metallic or wooden boom. The inner conductor, carry- 
ing the RF current, is tapped out on the element at the 
matching point. Inductance of the arm is tuned out by 
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means of Cl, resulting in electrical balance. Both the point 
of contact with the element and the setting of the capaci- 
tor are adjusted for zero reflected power, with a bridge 
connected in the coaxial line. 

The capacitance can be varied until the required 
value is found, and the variable capacitor replaced with a 
fixed unit of that value. Cl can be mounted in a water- 
proof box. The maximum required value should be about 
100 pF for 50 MHz and 35 to 50 pF for 144 MHz. 

The capacitor and arm can be combined in one 
coaxial assembly, with the arm connected to the driven 
element by means of a sliding clamp and the inner end of 
the arm sliding inside a sleeve connected to the center 
conductor of the coax. An assembly of this type can be 
constructed from concentric pieces of tubing, insulated 
by plastic or heat-shrink sleeving. RF voltage across the 
capacitor is low when the match is adjusted properly, so 
with a good dielectric, insulation presents no great prob- 
lem. The initial adjustment should be made with low 
power. A clean, permanent high-conductivity bond 
between arm and element is important, since the RF cur- 
rent is high at this point. 

Because it is inherently somewhat unbalanced, the 
gamma match can sometimes introduce pattern distortion, 
particularly on long-boom, highly directive Yagi arrays. 
The T-match, essentially two gamma matches in series 
creating a balanced feed system, has become popular for 
this reason. A coaxial balun like that shown in Fig 5 is 
used from the 200 Q balanced T-match to the unbalanced 
50 Q coaxial line going to the transmitter. See the KIFO 
Yagi designs later in this chapter for details on practical 
use of a T-match. 


Folded Dipole 


The impedance of a '/2 4 dipole broken at its center 
is about 70 Q. If a single conductor of uniform size is 
folded to make a '/2 dipole as shown in Fig 4E, the 
impedance is stepped up four times. Such a folded dipole 
can be fed directly with 300Q line with no appreciable 








(A) (8) 


Fig 5—Conversion from unbalanced coax to a balanced 
load can be done with a %2-(, coaxial balun at A. 
Electrical length of the looped section should be 
checked with a dip meter, with the ends shorted, as at 
B. The ‘/2- balun gives a 4:1 impedance step-up. 
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mismatch. If a 4:1 balun is used, the antenna can be fed 
with 75Q coaxial cable. (See balun information presented 
below.) Higher step-up impedance transformation can be 
obtained if the unbroken portion is made larger in cross- 
section than the fed portion, as shown in Fig 4F. 


Hairpin Match 


The feed-point resistance of most multielement Yagi 
arrays is less than 50 Q. If the driven element is split and fed 
at the center, it may be shortened from its resonant length to 
add capacitive reactance at the feed point. Then, shunting 
the feed point with a wire loop resembling a hairpin causes 
a step-up of the feed-point resistance. The hairpin match is 
used together with a 4:1 coaxial balun in the 50 MHz arrays 
described later in this chapter. See Chapter 26, Coupling 
the Line to the Antenna, for details on the hairpin match. 


BALUNS AND ANTENNA TUNERS 


Conversion from balanced loads to unbalanced lines 
(or vice versa) can be performed with electrical circuits, 
or their equivalents made of coaxial cable. A balun made 
from flexible coax is shown in Fig 5A. The looped por- 
tion is an electrical '/2 A. The physical length depends on 
the velocity factor of the line used, so it is important to 
check its resonant frequency as shown in Fig 5B. The two 
ends are shorted, and the loop at one end is coupled to a 
dip meter coil. This type of balun gives an impedance step- 
up of 4:1 (typically 50 to 200 Q, or 75 to 300 Q). 

Coaxial baluns that yield 1:1 impedance transfor- 
mations are shown in Fig 6. The coaxial sleeve, open at 
the top and connected to the outer conductor of the line 
at the lower end (A) is the preferred type. At B, a con- 
ductor of approximately the same size as the line is used 
with the outer conductor to form a '/4 4 stub. Another 
piece of coax, using only the outer conductor, will serve 
this purpose. Both baluns are intended to present an infi- 
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Fig 6—The balun conversion function, with no 
impedance transformation, can be accomplished with 
Ya-i, lines, open at the top and connected to the coax 
outer conductor at the bottom. The coaxial sleeve at A 
is preferred. 


nite impedance to any RF current that might otherwise 
flow on the outer conductor of the coax. 

The functions of the balun and the impedance trans- 
former can be handled by various tuned circuits. Such a 
device, commonly called an antenna tuner or a 
Transmatch, can provide a wide range of impedance trans- 
formations. Additional selectivity inherent in the antenna 
tuner can reduce RFI problems. 


THE YAGI AT VHF AND UHF 


Without doubt, the Yagi is king of home-station 
antennas these days. Today’s best designs are computer 
optimized. For years amateurs as well as professionals 
designed Yagi arrays experimentally. Now we have pow- 
erful (and inexpensive) personal computers and sophisti- 
cated software for antenna modeling. These have brought 
us antennas with improved performance, with little or no 
element pruning required. Chapter 11, HF Yagi Arrays, 
describes the parameters associated with Yagi-Uda arrays. 
Except for somewhat tighter dimensional tolerances 
needed at VHF and UHF, the properties that make a good 
Yagi at HF also are needed on the higher frequencies. 
See the end of this chapter for practical Yagi designs. 


STACKING YAGIS 


Where suitable provision can be made for support- 
ing them, two Yagis mounted one above the other and 
fed in phase can provide better performance than one long 
Yagi with the same theoretical or measured gain. The pair 
occupies a much smaller turning space for the same gain, 
and their wider elevation coverage can provide excellent 
results. The wide azimuthal coverage for a vertical stack 
often results in QSOs that might be missed with a single 
narrow-beam long-boom Yagi pointed in a different 
direction. On long ionospheric paths, a stacked pair 
occasionally may show an apparent gain much greater 
than the measured 2 to 3 dB of stacking gain. (See also 
the extensive section on stacking Yagis in Chapter 11, 
HF Yagi Arrays.) 


Optimum vertical spacing for Yagis with boom longer 
than 1 A or more is about 1 A (984/50.1 = 
19.64 feet), but this may be too much for many builders of 
50-MHz antennas to handle. Worthwhile results can be 
obtained with as little as '/2 A (10 feet), but */s A (12 feet) is 
markedly better. The difference between 12 and 20 feet, 
however, may not be worth the added structural problems 
involved in the wider spacing, at least at 5|0 MHz. The closer 
spacings give lower measured gain, but the antenna patterns 
are cleaner in both azimuth and elevation than with 1 A spac- 
ing. Extra gain with wider spacings is usually the objective 
on 144 MHz and higher-frequency bands, where the struc- 
tural problems are not as severe. 

Yagis can also be stacked in the same plane (col- 
linear elements) for sharper azimuthal directivity. A spac- 
ing of °/s A between the ends of the inner elements yields 
the maximum gain within the main lobe of the array. 

If individual antennas of a stacked array are properly 
designed, they look like noninductive resistors to the phas- 
ing system that connects them. The impedances involved 
can thus be treated the same as resistances in parallel. 

Three sets of stacked dipoles are shown in Fig 7. 
Whether these are merely dipoles or the driven elements 
of Yagi arrays makes no difference for the purpose of 
these examples. Two 300 © antennas at A are | A apart, 
resulting in a paralleled feed-point impedance of 150 Q 
at the center. (Actually it is slightly less than 150 Q 
because of coupling between bays, but this can be 
neglected for illustrative purposes.) This value remains 
the same regardless of the impedance of the phasing line. 
Thus, any convenient line can be used for phasing, as 
long as the electrical length of each line is the same. 

The velocity factor of the line must be taken into 
account as well. As with coax, this is subject to so much 
variation that it is important to make a resonance check 
on the actual line used. The method for doing this is shown 
in Fig 5B. A '/2 A line is resonant both open and shorted, 
but the shorted condition (both ends) is usually the more 
convenient test condition. 
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Fig 7—Three methods of feeding 
stacked VHF arrays. A and B are 
for bays having balanced driven 
elements, where a balanced 
phasing line is desired. Array C 
has an all-coaxial matching and 
phasing system. If the lower 
section is also °/4 A no trans- 
position of line connections 

is needed. 


VHF and UHF Antenna Systems’ 18-7 


The impedance transforming property of a '/4 A line 
section can be used in combination matching and phas- 
ing lines, as shown in Fig 7B and C. At B, two bays spaced 
‘fy X apart are phased and matched by a 400-Q line, act- 
ing as a double-Q section, so that a 300-Q main trans- 
mission line is matched to two 300-Q bays. The two 
halves of this phasing line could also be 3/s-A or °/4-A long, 
if such lengths serve a useful mechanical purpose. (An 
example is the stacking of two Yagis where the desirable 
spacing is more than !/2 2.) 

A double-Q section of coaxial line is illustrated in 
Fig 7C. This is useful for feeding stacked bays that were 
designed for 50-Q feed. A spacing of °/s 4 is useful for 
small Yagis, and this is the equivalent of a full electrical 
wavelength of solid-dielectric coax such as RG-11. 

If one phasing line is electrically '/4 A and 7/4 A on 
the other, the connection to one driven element should be 
reversed with respect to the other to keep the RF currents 
in the elements in phase—the gamma match is located 
on opposite sides of the driven elements in Fig 7C. If the 
number of !/4 A lengths is the same on either side of the 
feed point, the two connections should be in the same 
position, and not reversed. Practically speaking however, 
you can ensure proper phasing by using exactly equal 
lengths of line from the same roll of coax. This ensures 
that the velocity factor for each line is identical. 

One marked advantage of coaxial phasing lines is 
that they can be wrapped around the vertical support, 


taped or grounded to it, or arranged in any way that is 
mechanically convenient. The spacing between bays can 
be set at the most desirable value, and the phasing lines 
placed anywhere necessary. 


Stacking Yagis for Different Frequencies 


In stacking horizontal Yagis one above the other on 
a single rotating support, certain considerations apply 
when the bays are for different bands. As a very general 
rule of thumb, the minimum desirable spacing is half the 
boom length of the higher frequency Yagi. 

For example, assume the stacked two-band array of 
Fig 8A is for 50 and 144 MHz. This vertical arrangement 
is commonly referred to as a Christmas tree, because it 
resembles one. The 50MHz Yagi has S5elements on a 
12-foot boom. It tends to look like “ground” to the 
8-element 144 MHz Yagi on a 12-foot boom directly 
above it. [The exact Yagi designs for the examples used 
in this section are located on the CD-ROM accompany- 
ing this book. They may be evaluated as monoband Yagis 
using the YW (Yagi for Windows) program also supplied 
on the CD-ROM. In each case the bottom Yagi in the stack 
(at the top of the tower) is assumed to be 20 feet high.] 


SWR Change in a Multi-Frequency Stack 


Earlier editions of The ARRL Antenna Book stated 
that the feed-point impedance of the higher-frequency 
antenna would likely be affected the most by the proxim- 
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Fig 8—In stacking Yagi arrays one above the other, the 
minimum spacing between bays (S) should be about 
half the boom length of the smaller array. Wider 
spacing is desirable, in which case it should be % A or 
some multiple thereof, at the frequency of the smaller 
array. At A, stack of 8-element 2-meter Yagi on a 12- 
foot boom over a 5-element 6-meter Yagi, also on a 12- 
foot boom. At B, 5-element 2-meter beam on a 6-foot 
boom over a 3-element 6-meter beam on a 4-foot boom. 
At C, a 14-element 70-cm beam on a 9-foot boom, 
mounted over a 8-element 2-meter beam on a 12-foot 
boom and a 7-element 6-meter beam on a 22-foot 
boom. 


ity of the lower-frequency Yagi. Modern computer mod- 
eling programs reveal that while the feed-point SWR can 
indeed be affected, by far the greatest degradation is in 
the forward gain and rearward pattern of the higher-fre- 
quency Yagi when the booms are closely spaced. In fact, 
the SWR curve is usually not affected enough to make it 
a good diagnostic indicator of interaction between the 
two Yagis. 

Fig 9 shows an overlay of the SWR curves across 
the 2-meter band for four configurations: an 8-element 
2-meter Yagi by itself, and then over a 5-element 6-meter 
Yagi with spacings between the booms of 1, 2, 4 and 
6 feet. The SWR curves are similar—it would be diffi- 
cult to see any difference between these configurations 
using typical amateur SWR indicators for anything but 
the very closest (1-foot) spacing. For example, the SWR 
curve for the 2-foot spacing case is virtually indistinguish- 
able from that of the Yagi by itself, while the forward 
gain has dropped more than 0.6 dB because of interac- 
tions with the 6-meter Yagi below it. 


Gain and Pattern Degradation Due to Stacking 


Fig 10 shows four overlaid rectangular plots of the 
azimuth response from 0° to 180° for the 8-element 
2-meter Yagi described above, spaced 1, 2, 4 and 6 feet 
over a 5-element 6-meter beam. The rectangular presen- 
tation gives more detail than a polar plot. The most closely 
spaced configuration (with 1-foot spacing between the 
booms) shows the largest degradation in the forward gain, 
a drop of 1.7 dB. The worst-case front-to-rear ratio for 
the 6-foot spacing is 29.0 dB, while it is 36.4 dB for the 
1-foot spacing—actually better than the F/R for the 
8-element 2-meter Yagi by itself. Performance change due 
to the nearby presence of other Yagis can be enormously 
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Fig 9—SWR curves for different boom spacing between 
8-element 2-meter Yagi on 12-foot boom, over a 
5-element 6-meter Yagi on a 12-foot boom. For spacings 
greater than 1 foot between the booms, differences 
between the SWR curves are difficult to discern. 


complicated (and sometimes is non-intuitive as well). 
What happens when a different kind of 6-meter Yagi 
is mounted below the 8-element 2-meter Yagi? Fig 11 
compares the change in forward gain and the worst-case 
F/R performance as a function of spacing between the 
booms for two varieties of 6-meter Yagis: the 5-element 
design on a 12-foot boom and a 7-element Yagi on a 
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Fig 10—Plots of the 8-element 2-meter Yagi’s azimuth 
response from 0° to 180° for spacing distances from 1 
to 6 feet. The sidelobe at about 60° varies about 6 dB 
over the range of boom spacings, while the shape of 
worst-case F/R curve varies considerably due to 
interactions with the lower 6-meter beam. The gain for 
the 1-foot spacing is degraded by more than 3 dB 
compared to the 2-meter antenna by itself. 





802 - 12 Performance vs Spacing, 
Over 506 - 12 or 706 - 22 @ 20' Height 
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Fig 11—Plot of 8-element 2-meter Yagi’s gain and 
worst-case F/R as a function of distance over two 
types of 6-meter beams, one on a 12-foot boom and the 
other on a 22-foot boom. Beyond a spacing of about 5 
feet the performance is degraded a minimal amount. 
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22-foot boom. The spacing of “O feet” represents the 
8-element 2-meter Yagi when it is used alone, with no 
other antenna nearby. This sets the reference expectations 
for gain and F/R. 

The most severe degradation occurs for the 1-foot 
spacing, as you might imagine, for both the 12 and 
22-foot boom lengths. Over the 5-element 6-meter Yagi, 
the 2-meter gain doesn’t recover to the reference level of 
the 8-element 2-meter beam by itself until the spacing is 
greater than 9 feet. However, the gain is within 0.25 dB 
of the reference level for spacings of 3 feet or more. 
Interestingly, the F/R is higher than that of the 2-meter 
antenna by itself for the 1, 2 and 5-foot spacings and for 
spacings greater than 11 feet. The 2-meter F/R in the pres- 
ence of the 12-foot 5-element 6-meter Yagi remains above 
20 dB for spacings beyond | feet. 

Overall, the 2-meter beam performs reasonably well 
for spacings of 3 feet or more over the 5-element 6-meter 
Yagi. Put another way, the 2-meter beam’s performance 
is degraded only slightly for boom spacings greater than 
3 feet. A spacing of 3 feet is less than the old rule of 
thumb that the minimum spacing between booms be 
greater than one-half the boomlength of the higher-fre- 
quency Yagi, which in this case is 6 feet long. 

For the 7-element 6-meter Yagi, the 2-meter gain re- 
covers to the reference level for spacings beyond 7 feet, but 
the F/R is degraded below the reference level for all spac- 
ings shown in Fig 11. If we use a gain reduction criterion of 
less than 0.25 dB and a 20-dB F/R level as the minimum 
acceptable level, then the spacing must be 5 feet or more 
over the larger 6-meter Yagi. Again, this is less than the rule 
of thumb that the minimum spacing between booms be greater 
than one-half the boomlength of the higher-frequency Yagi. 

Now, let’s try a smaller setup of 2- and 6-meter Yagis 
stacked vertically in a Christmas-tree configuration to see 
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Fig 12— Plot of gain and worst-case F/R of a 5-element 
2-meter Yagi on a 4-foot boom as a function of distance 
over a 3-element 6-meter beam on a 6-foot boom. 
Beyond a spacing of about 3 feet the performance is 
degraded a minimal amount. 
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if the rule of thumb for spacing the booms still holds. 
Fig 12 shows the performance curves versus boom spac- 
ing for a 5-element 2-meter Yagi on a 4-foot boom stacked 
over a 3-element 6-meter Yagi on a 6-foot boom. Again, 
the 1-foot spacing produces a substantial gain reduction 
of about 1.3 dB compared to the reference gain when the 
2-meter Yagi is used by itself. Beyond a boom spacing of 
3 feet the 2-meter gain drops less than 0.25 dB from the 
reference level of the 2-meter Yagi by itself and the F/R 
remains above about 20 dB. In this example, the simple 
rule of thumb that the minimum spacing between booms 
be greater than half the boom length (half of 4 feet) of 
the higher-frequency Yagi does not hold up. However, 
the same minimum spacing of 3 feet we found for the 
larger 2-meter Yagi remains true. Three feet spacing is 
almost 0.5 A between the booms at the higher frequency. 


Adding a 70-cm Yagi to the Christmas Tree 


Let’s get more ambitious and set up a larger VHF/ 
UHF Christmas tree, with a 14-element 70-cm Yagi on a 
9-foot boom at the top, mounted 5 feet over an 8-element 
2-meter Yagi on a 12-foot boom. At the bottom of the 
stack (at the top of the tower) is either the 5-element 
6-meter beam on a 12-foot boom, or a 7-element 6-meter 
beam on a 22-foot boom. See Fig 8C. As before, we will 
vary the spacing between the 70-cm Yagi and the 2-meter 
Yagi below it to assess the interactions that degrade the 
70-cm performance. 

Fig 13 compares the change in gain and F/R curves 
as a function of boom spacings between the 70-cm and 
2-meter Yagis for the two different 6-meter Yagis (with a 
fixed distance of 5 feet between the 2-meter and 6-meter 
Yagis). In this example, the 70-cm Yagi was designed to 
be an intrinsic 50-Q feed, where the F/R has been com- 
promised to some extent. Still, the F/R is greater than 
20 dB when the 70-cm Yagi is used by itself. 

For spacings greater than 4 feet between the 70-cm 
and 2-meter booms, the 70-cm gain is equal to or even 
slightly greater than that of the 70-cm antenna by itself. 
The increase of gain indicates that the elevation pattern 
of the 70-cm antenna is slightly compressed by the pres- 
ence of the other Yagis below it. The F/R stays above at 
19.5 dB for spacings greater than or equal to 4 feet. This 
falls just below our desired lower limit of 20 dB, but it is 
highly doubtful that anyone would notice this 0.5-dB drop 
in actual operation. A spacing of 4 feet between booms 
falls under the rule of thumb that the minimum spacing 
be at least half the boomlength of the higher-frequency 
Yagi, which in this case is 9 feet. 

What should be obvious in this discussion is that 
you should model the exact configuration you plan to 
build to avoid unnecessary performance degradation. 


Stacking Same-Frequency Yagis 


This subject has been examined in some detail in 
Chapter 11, HF Yagi Arrays. The same basic principles 
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Fig 13—Performance of a 14-element 70-cm Yagi on a 
9-foot boom, mounted a variable distance over an 8- 
element 2-meter Yagi on a 12-foot boom, which is 
mounted 5 feet above either a 5-element 6-meter Yagi 
on a 12-foot boom or a 7-element 6-meter Yagi on a 
22-foot boom. Beyond a spacing of about 4 feet, the 
performance of the 70-cm beam is degraded a minimal 
amount. 


hold at VHF and UHF as they do on HF. That is, the gain 
increases gradually with increasing spacing between the 
booms, and then falls off gradually past a certain spacing 
distance. 

At HF, Chapter 11 emphasizes that you should avoid 
nulls in the antenna’s elevation response—so that you can 
cover all the angles needed for geographic areas of inter- 
est. At VHF/UHF, propagation is usually at low elevation 
angles for most propagation modes, and signals are often 
extremely weak. Thus, achieving maximum gain is the most 
common design objective for a VHF/UHF stack. Of sec- 
ondary importance is the cleanliness of the beam pattern, 
to discriminate against interference and noise sources. 

Six-meter Sporadic-E can sometimes occur at high 
elevation angles, especially if the E, cloud is overhead, 
or nearly overhead. Since Sporadic-E is exactly that, spo- 
radic, it’s not a good design practice to try to cover a 
wide range of elevation angles, as you must often do at 
HF to cover large geographic areas. On 6 meters, you 
can change to high-angle coverage when necessary. For 
example, you might switch to a separate Yagi mounted at 
alow height, or you might provide means to feed stacked 
antennas out-of-phase. Fig 14 shows an HFTA (HF Ter- 
rain Assessment) plot of two 5-element 6-meter Yagis, 
fed either in-phase or out-of-phase to cover a much wider 
range of elevation angles than the in-phase stack alone. 

Fig 15A shows the change in gain for four 2-meter 
stacked designs, as a function of the spacing in wave- 
lengths between the booms. The 3-element Yagi is 
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Fig 14—HFTA comparison plots of the elevation 
responses for two 5-element 6-meter Yagis mounted at 
42 and 30 feet above flat ground, when they are fed in- 
phase and out-of-phase. By switching the phasing 
(adding a half-wavelength of coax to one of the 
antennas), the elevation angle can be controlled to 
enhance performance when a Sporadic-E cloud is 
nearly overhead. 


mounted on a 2-foot boom (occupying 0.28 A of that 
boom). The 5-element Yagi is on a 4-foot boom (0.51 4 
of the boom), while the 8-element Yagi is on a 12-foot 
boom (1.72 4 of boom). The biggest antenna in the group 
has 16 elements, on a 27-foot boom (4.0 A of boom). This 
range of boom lengths pretty much covers the practical 
range of antennas used by hams. 

The stack of two 3-element Yagis peaks at 3.2 dB of 
additional gain over a single Yagi for 0.75 A spacing 
between the booms. Further increases in spacing see the 
gain change gradually drop off. Fig 15B shows the worst- 
case F/R of the four stacks, again as a function of boom 
length. The F/R of a single 3-element Yagi is just over 24 
dB, but in the presence of the second 3-element Yagi in the 
stack, the F/R of the pair oscillates between 15 to 26 dB, 
finally remaining consistently over the desired 20-dB level 
for spacings greater than about 1.7 A, where the gain has 
fallen about 0.6 dB from the peak possible gain. A boom 
spacing of 1.7 A at 146 MHz is 11.5 feet. Thus you must 
compromise in choosing the boom spacing between achiev- 
ing maximum gain and the best pattern. 

The increase in gain of the stack of two 5-element 
Yagis peaks at a spacing of about | A (6.7 feet), where 
the F/R is an excellent 25 dB. Having more elements on 
a particular length of boom aids in holding a more con- 
sistent F/R in the presence of the second antenna. 

The gain increase for the bigger stack of 8-element 
Yagis peaks at a spacing of about 1.5 A (10.1 feet), where 
the F/R is more than 27 dB. The 16-element Yagi’s gain 
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Fig 15—Performance of two different 2-meter Yagis (5-elements on 4-foot boom and 8-elements on 12-foot boom) 
fed in-phase, as a function of spacing between the booms. Note that the distance is measured in wavelengths. 


increase is 2.6 dB for a spacing of about 2.25 A 
(15.2 feet), where the F/R remains close to 25 dB. The 
stacking distance of 15.2 feet for an antenna with a 
27-foot long boom may be a real challenge physically, 
requiring a very sturdy rotating mast to withstand wind 
pressures without bending. 

These examples show that the exact spacing between 
booms is not overly critical, since the gain varies rela- 
tively slowly around the peak. Fig 15A shows that the 
boom spacing needed to achieve peak gain from a stack 
increases when higher-gain (longer-boom) individual 
antennas are used in that stack. It also shows that the 
increase in maximum gain from stacking decreases for 
long-boom antennas. Fig 15B shows that beyond boom 
spacings of about | A, the F/R pattern holds well for Yagi 
designs with booms longer than about 0.5 A, which is 
about 4 feet at 146 MHz. 

The plots in Fig 15 are representative of typical mod- 
ern Yagis. You could simply implement these designs as 
is, and you’ll achieve good results. However, we recom- 
mend that you model any specific stack you design, just 
to make sure. Since the boom spacings are displayed in 
terms of wavelength, you can extend the results for 
2 meters to other bands, provided that you use properly 
scaled Yagi designs to the other bands too. 

You can even tweak the element dimensions and 
spacings of each Yagi used in a stack to optimize the 
rearward pattern for a particular stacking distance. This 
strategy can work out well at VHF/UHF, where stacks 
are often configured for best gain (and pattern) and are 
“hard-wired” with fixed lengths of feed lines permanently 
junctioned together. 

This is in contrast to the situation at HF (and even 
on 6 meters). The HF operator usually wants flexibility 
to select individual Yagis (or combinations of Yagis) from 
the stack, to match the array’s takeoff angle with iono- 
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spheric propagation conditions. See Chapter 11, HF Yagi 
Arrays. The designer of a flexible HF stack thus usually 
doesn’t try to redo the element lengths and spacings of 
the Yagis to optimize a particular stack. 


Stacking Stacks of Different-Frequency Yagis 


The investment in a tower is usually substantial, and 
most hams want to put as many antennas as possible on a 
tower, provided that interaction between the antennas can 
be held to a reasonable level. Really ambitious weak- 
signal VHF/UHF enthusiasts may want “stacked 
stacks”—sets of stacked Yagis that cover different bands. 
For example, a VHF contester might want a stack of two 
8-element 2-meter Yagis mounted on the same rotating 
mast as a stack of two 5-element 6-meter Yagis. Let’s 
assume that the boom length of the 8-element 2-meter 
Yagis is 12 feet (1.78 1). We’ll assume a boom length of 
12 feet (0.61 2) for the 5-element 6-meter Yagis. 

From Fig 15, we find the stacking distance between 
the 8-element 2-meter beams for peak gain and good pat- 
tern is 1.5 A, or 10 feet, but adequate performance can be 
had for a boom spacing of 0.75 A, which is 5 feet on 2 meters. 

The boom spacing for two 5-element 6-meter 
beams is | A for peak stacking gain, but a compromise of 
0.625 A (12 feet) still yields an acceptable gain increase 
of 2 dB over a single Yagi. The overall height of the 
rotating mast sticking out of the top of the tower is thus 
set by the 0.625 A stacking distance on 6 meters, at 
12 feet. In-between the 6-meter Yagis at the bottom and 
top of the rotating mast we will mount the 2-meter Yagi 
stack. With only 12 feet available on the mast, the spacing 
for symmetric placement of the two 2-meter Yagis in-be- 
tween the 6-meter Yagis dictates a distance of only 4 feet 
between the 2-meter beams. This is less than optimal. 

The performance of the 2-meter stack in this “stack 
within a stack” is affected by the close spacing, but the 


interactions are not disastrous. The stacking gain is 
1.62 dB more than the gain for a single 8-element 2-meter 
Yagi and the F/R remains above 20 dB across the 2-meter 
band. 

On 6 meters, the stacking gain for two 5-element 
6-meter Yagis spaced 12 feet apart is 2.2 dB more than the 
gain of a single Yagi, while the F/R pattern remains about 
20 dB over the weak-signal portion of the 6-meter band. As 
described in Chapter 11, HF Yagi Arrays, stacking gives more 
advantages than merely a gain increase, and 6-meter propa- 
gation does require coverage of a range of elevation angles 
because much of the time ionospheric modes are involved. 

Increasing the length of the rotating mast to 18 feet 
sticking out of the top of the tower will increase perfor- 
mance, particularly on 2 meters. The stacking gain on 
6 meters will increase to 2.3 dB while the F/R decreases 
to 18.5 dB, modest changes both. The 18-foot mast 
allows the 2-meter Yagis to be spaced 6 feet from each 
other and 6 feet away from both top and bottom 6-meter 
antennas. The stacking gain goes to 2.14 dB and the F/R 
approaches 27 dB in the weak-signal portion of the 
2-meter band. 

Whether the modest increase in stacking gain is 
worth the cost and mechanical complexity of stacking 
two 2-meter Yagis in-between a stack of 6-meter Yagis is 
a choice left to the operator. Certainly the cost and weight 
of a rotating mast that is 20 feet long (18 feet out of the 
top of the tower and 2 feet down inside the tower), a mast 
that must be sturdy enough to support the antennas in 
high winds without bending, should give pause to even 
the most enthusiastic 6-meter weak-signal operator. 


QUADS FOR VHF 


The quad antenna can be built with inexpensive 
materials, yet its performance is comparable to other 
arrays of its size. Adjustment for resonance and imped- 
ance matching can be accomplished readily. Quads can 
be stacked horizontally and vertically to provide high 
gain, without sharply limiting frequency response. Con- 
struction of quad antennas for VHF use is covered later 
in this chapter. 


Stacking Quads 


Quads can be mounted side by side or one above the 
other, or both, in the same general way as other beam 
antennas. Sets of driven elements can also be mounted in 
front of a screen reflector. The recommended spacing 
between adjacent element sides is '/2 A. Phasing and feed 
methods are similar to those employed with other anten- 
nas described in this chapter. 


Adding Quad Directors 


Parasitic elements ahead of the driven element work 
in a manner similar to those in a Yagi array. Closed loops 
can be used for directors by making them 5% shorter than 
the driven element. Spacings are similar to those for con- 
ventional Yagis. In an experimental model the reflector 


was spaced 0.25 A and the director 0.15 A. A square 
array using four 3element bays worked extremely well. 


VHF AND UHF QUAGIS 


At higher frequencies, especially 420 MHz and 
above, Yagi arrays using dipole-driven elements can be 
difficult to feed and match, unless special care is taken to 
keep the feed-point impedance relatively high by proper 
element spacing and tuning. The cubical quad described 
earlier overcomes the feed problems to some extent. When 
many parasitic elements are used, however, the loops are 
not nearly as convenient to assemble and tune as are 
straight cylindrical ones used in conventional Yagis. The 
Quagi, designed and popularized by Wayne Overbeck, 
NONB, is an antenna having a full-wave loop driven ele- 
ment and reflector, and Yagi type straight rod directors. 
Construction details and examples are given in the 
projects later in this chapter. 


COLLINEAR ANTENNAS 


The information given earlier in this chapter per- 
tains mainly to parasitic arrays, but the collinear array is 
worthy of consideration in VHF/UHF operations. This 
array tends to be tolerant of construction tolerances, mak- 
ing it easy to build and adjust for VHF applications. The 
use of many collinear driven elements was once popular 
in very large phased arrays, such as those required in 
moonbounce (EME) communications, but the advent of 
computer-optimized Yagis has changed this. 


Large Collinear Arrays 


Bidirectional curtain arrays of four, six, and eight 
half waves in phase are shown in Fig 16. Usually reflec- 
tor elements are added, normally at about 0.2 4 behind 
each driven element, for more gain and a unidirectional 
pattern. Such parasitic elements are omitted from the 
sketch in the interest of clarity. 

The feed-point impedance of two half waves in phase 
is high, typically 1000 @ or more. When they are com- 
bined in parallel and parasitic elements are added, the 
feed impedance is low enough for direct connection to 
open wire line or twin-lead, connected at the points indi- 
cated by black dots. With coaxial line and a balun, it is 
suggested that the universal stub match, Fig 4A, be used 
at the feed point. All elements should be mounted at their 
electrical centers, as indicated by open circles in Fig 16. 
The framework can be metal or insulating material. The 
metal supporting structure is entirely behind the plane of 
the reflector elements. Sheet-metal clamps can be cut from 
scraps of aluminum for this kind of assembly. Collinear 
elements of this type should be mounted at their centers 
(where the RF voltage is zero), rather than at their ends, 
where the voltage is high and insulation losses and 
detuning can be harmful. 

Collinear arrays of 32, 48, 64 and even 128 elements 
can give outstanding performance. Any collinear array 
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should be fed at the center of the system, to ensure bal- 
anced current distribution. This is very important in large 
arrays, where sets of six or eight driven elements are 
treated as “sub arrays,” and are fed through a balanced 
harness. The sections of the harness are resonant lengths, 
usually of open wire line. The 48-element collinear array 
for 432 MHz in Fig 17 illustrates this principle. 


Fig 16—Element arrangements for 8-, 12- and 16- 
element collinear arrays. Elements are ‘2 4 long and 
spaced 1’ i. Parasitic reflectors, omitted here for 
clarity, are 5% longer and 0.2 A behind the driven 
elements. Feed points are indicated by black dots. 
Open circles show recommended support points. The 
elements can run through wood or metal booms, 
without insulation, if supported at their centers in this 


way. Insulators at the element ends (points of high RF 
voltage) detune and unbalance the system. 





A reflecting plane, which may be sheet metal, wire 
mesh, or even closely spaced elements of tubing or wire, 
can be used in place of parasitic reflectors. To be effec- 
tive, the plane reflector must extend on all sides to at least 
‘4 \ beyond the area occupied by the driven elements. The 
plane reflector provides high F/B ratio, a clean pattern, 
and somewhat more gain than parasitic elements, but large 
physical size limits it to use above 420 MHz. An interest- 
ing space-saving possibility lies in using a single plane 
reflector with elements for two different bands mounted 
on opposite sides. Reflector spacing from the driven ele- 
ment is not critical. About 0.2 A is common. 


THE CORNER REFLECTOR 


When a single driven element is used, the reflector 
screen may be bent to form an angle, giving an improve- 
ment in the radiation pattern and gain. At 222 and 
420 MHz its size assumes practical proportions, and at 
902 MHz and higher, practical reflectors can approach 
ideal dimensions (very large in terms of wavelengths), 
resulting in more gain and sharper patterns. The corner 
reflector can be used at 144 MHz, though usually at much 
less than optimum size. For a given aperture, the corner 
reflector does not equal a parabola in gain, but it is simple 
to construct, broadbanded, and offers gains from about 9 
to 14 dBi, depending on the angle and size. This section 
was written by Paul M. Wilson, W4HHK. 

The corner angle can be 90, 60 or 45°, but the side 
length must be increased as the angle is narrowed. For a 
90° corner, the driven element spacing can be anything 
from 0.25 to 0.7 A, 0.35 to 0.75 A for 60°, and 0.5 to 
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Fig 17—Large collinear arrays should be fed as sets of no more than eight driven elements each, interconnected 
by phasing lines. This 48-element array for 432 MHz (A) is treated as if it were four 12-element collinear antennas. 
Reflector elements are omitted for clarity. The phasing harness is shown at B. Squares represent insulators. 
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Fig 18—Radiation resistance of the driven element in a 
corner reflector array for corner angles of 180° (flat 
sheet), 90°, 60° and 45° as a function of spacing D, as 
shown in Fig 19. 


0.8 A for 45°. In each case the gain variation over the 
range of spacings given is about 1.5 dB. Because the spac- 
ing is not very critical to gain, it may be varied for 
impedance-matching purposes. Closer spacings yield 
lower feed-point impedances, but a folded dipole radia- 
tor could be used to raise this to a more convenient level. 

Radiation resistance is shown as a function of spac- 
ing in Fig 18. The maximum gain obtained with mini- 
mum spacing is the primary mode (the one generally used 
at 144, 222 and 432 MHz to maintain reasonable side 
lengths). A 90° corner, for example, should have a mini- 
mum side length (S, Fig 19) equal to twice the dipole 
spacing, or | A long for 0.5-A spacing. A side length 
greater than 2 A is ideal. Gain with a 60° or 90° corner 
reflector with 1-A sides is about 10 dB. A 60° corner with 
2-A sides has about 13 dBi gain, and a 45° corner with 
3-X sides has about 14 dBi gain. 

Reflector length (L, Fig 19) should be a minimum 
of 0.6 A. Less than that spacing causes radiation to 
increase to the sides and rear, and decreases gain. 

Spacing between reflector rods (G, Fig 19) should 
not exceed 0.06 A for best results. A spacing of 0.06 A 
results in a rear lobe that is about 6% of the forward lobe 
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Fig Fig 19 Con strusinet a corner fellectorartay. Tha trams can bé. wood or metal: Reflector elamente-are’ suit wire of a corner reflector array. The frame can be wood or metal. Reflector elements are stiff wire 
or tubing. Dimensions for several bands are given in Table 2. Reflector element spacing, G, is the maximum that 
should be used for the frequency; closer spacings are optional. The hinge permits folding for portable use. 
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(down 12 dB). A small mesh screen or solid sheet is pref- 
erable at the higher frequencies to obtain maximum effi- 
ciency and highest F/B ratio, and to simplify construction. 
A spacing of 0.06 A at 1296 MHz, for example, requires 
mounting reflector rods about every '/2 inch along the 
sides. Rods or spines may be used to reduce wind load- 
ing. The support used for mounting the reflector rods may 
be of insulating or conductive material. Rods or mesh 
weave should be parallel to the radiator. 

A suggested arrangement for a corner reflector is 
shown in Fig 19. The frame may be made of wood or 
metal, with a hinge at the corner to facilitate portable work 
or assembly atop a tower. A hinged corner is also useful 
in experimenting with different angles. Table 2 gives the 
principal dimensions for corner reflector arrays for 144 
to 2300 MHz. The arrays for 144, 222 and 420 MHz have 
side lengths of twice to four times the driven element 
spacing. The 915 MHz corner reflectors use side lengths 
of three times the element spacing, 1296 MHz corners 


use side lengths of four times the spacing, and 2304 MHz 
corners employ side lengths of six times the spacing. 
Reflector lengths of 2, 3, and 4 wavelengths are used on 
the 915, 1296 and 2304 MHz reflectors, respectively. A 
4 x 6X reflector closely approximates a sheet of infinite 
dimensions. 

A corner reflector may be used for several bands, or 
for UHF television reception, as well as amateur UHF 
work. For operation on more than one frequency, side 
length and reflector length should be selected for the low- 
est frequency, and reflector spacing for the highest fre- 
quency. The type of driven element plays a part in 
determining bandwidth, as does the spacing to the cor- 
ner. A fat cylindrical element (small A/dia ratio) or trian- 
gular dipole (bow tie) gives more bandwidth than a thin 
driven element. Wider spacings between driven element 
and corner give greater bandwidths. A small increase in 
gain can be obtained for any corner reflector by mount- 
ing collinear elements in a reflector of sufficient size, but 





Table 2 


Dimensions of Corner Reflector Arrays for VHF and UHF 


Radiation 
Resistance, 
Q 


70 
150 
70 
150 
70 
70 
70 
70 
65 
70 
70 
65 
70 
70 
65 
70 


Side Dipole Reflector Reflector Corner 
Freg, Length to Vertex Length Spacing Angle, 
MHz S, in D, in. L, in. G, in. Vo 
144* 65 272 48 TY, 90 
144 80 40 48 4 90 
222* 42 18 30 5 90 
222 52 25 30 3 90 
222 100 25 30 Screen 60 
420 27 8% 16% 2°/s 90 
420 54 13% 16% Screen 60 
915 20 6% 25% 0.65 90 
915 51 16% 25% Screen 60 
915 78 25% 25% Screen 45 
1296 18 4\% 27% Va 90 
1296 48 11% 27% Screen 60 
1296 72 18% 272 Screen 45 
2304 15% 2” 20% “4 90 
2304 40 6% 20% Screen 60 
2304 61 10% 20% Screen 45 
*Side length and number of reflector elements somewhat below optimum—slight reduction in gain. 
Notes: 
915 MHz 


Wavelength is 12.9 in. 

Side length S is 3 x D, dipole to vertex distance 
Reflector length L is 2.0 A 

Reflector spacing G is 0.05 A 


1296 MHz 

Wavelength is 9.11 in. 

Side length S is 4 x D, dipole to vertex distance 
Reflector length L is 3.0 A 

Reflector spacing G is 0.05 A 


2304 MHz 

Wavelength is 5.12 in. 

Side length S is 6 x D, dipole to vertex distance 
Reflector length L is 4.0 A 

Reflector spacing G is 0.05 A 
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the simple feed of a dipole is lost if more than two ele- 
ments are used. 

A dipole radiator is usually employed with a corner 
reflector. This requires a balun between the coaxial line 
and the balanced feed-point impedance of the antenna. 
Baluns are easily constructed of coaxial line on the lower 
VHF bands, but become more difficult at the higher fre- 
quencies. This problem may be overcome by using a 
ground-plane corner reflector, which can be used for ver- 
tical polarization. A ground-plane corner with monopole 
driven element is shown in Fig 20. The corner reflector 
and a '/4 \ radiator are mounted on the ground plane, per- 
mitting direct connection to a coaxial line if the proper 
spacing is used. The effective aperture is reduced, but at 
the higher frequencies, second- or third-mode radiator 
spacing and larger reflectors can be employed to obtain 
more gain and offset the loss in effective aperture. A 
J antenna could be used to maintain the aperture area and 
provide a match to a coaxial line. 

For vertical polarization work, four 90° corner 
reflectors built back-to-back (with common reflectors) 
could be used for scanning 360° of horizon with modest 
gain. Feed-line switching could be used to select the 
desired sector. 


TROUGH REFLECTORS 


To reduce the overall dimensions of a large corner 
reflector the vertex can be cut off and replaced with a 
plane reflector. Such an arrangement is known as a trough 
reflector. See Fig 21. Performance similar to that of the 
large corner reflector can thereby be had, provided that 
the dimensions of S and T as shown in Fig 21 do not 
exceed the limits indicated in the figure. This antenna 


provides performance very similar to the corner reflec- 
tor, and presents fewer mechanical problems because the 
plane center portion is relatively easy to mount on the 
mast. The sides are considerably shorter, as well. 

The gain of both corner reflectors and trough reflec- 
tors may be increased by stacking two or more and 
arranging them to radiate in phase, or alternatively by 
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Angle Value of S for Gain Value of T 
a maximum gain 
90° 1.5% 13.5dB 1A - 1.252 
60° 1.75% 15 dB 1.0% 
45° 2.02 16 dB 1.92% 


Fig 21—The trough reflector. This is a useful 
modification of the corner reflector. The vertex has 
been cut off and replaced by a simple plane section. 
The tabulated data shows the gain obtainable for 
greater values of S than those covered in Table 2, 
assuming that the reflector is of adequate size. 
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Fig 20—A ground-plane corner reflector antenna for vertical polarization, such as FM communications or packet 
radio. The dimension % 1 in the front view refers to data in Table 2. 
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adding further collinear dipoles (fed in phase) within a 
wider reflector. Not more than two or three radiating units 
should be used, because the great virtue of the simple 
feeder arrangement would then be lost. 


HORN ANTENNAS FOR THE 
MICROWAVE BANDS 


Horn antennas were briefly introduced in the sec- 
tion on coupling energy into and out of waveguides. For 
amateur purposes, horns begin to show usable gain with 
practical dimensions in the 902 MHz band. 

It isn’t necessary to feed a horn with waveguide. If 
only two sides of a pyramidal horn are constructed, the 
antenna may be fed at the apex with a two-conductor 
transmission line. The impedance of this arrangement is 
on the order of 300 to 400 Q. A 60° two-sided pyramidal 
horn with 18 inch sides is shown in Fig 22. This antenna 
has a theoretical gain of 15 dBi at 1296 MHz, although 
the feed system detailed in Fig 23 probably degrades this 
value somewhat. A '/4 A, 150-Q matching section made 
from two parallel lengths of twin-lead connects to a 
bazooka balun made from RG-58 cable and a brass tube. 
This matching system was assembled strictly for the pur- 
pose of demonstrating the two-sided horn in a 50-Q 
system. In a practical installation the horn would be fed 
with open-wire line and matched to 50 Q at the station 
equipment. 





Fig 22—An experimental two-sided pyramidal horn 
constructed in the ARRL laboratory. A pair of muffler 
clamps allows mounting the antenna on a mast. This 
model has sheet-aluminum sides, although window 
screen would work as well. Temporary elements could 
be made from cardboard covered with aluminum foil. 
The horizontal spreaders are Plexiglas rod. Oriented as 
shown here, the antenna radiates horizontally 
polarized waves. 
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PARABOLIC ANTENNAS 


When an antenna is located at the focus of a para- 
bolic reflector (dish), it is possible to obtain consider- 
able gain. Furthermore, the beamwidth of the radiated 
energy will be very narrow, provided all the energy from 
the driven element is directed toward the reflector. This 
section was written by Paul M. Wilson, W4HHK. 

Gain is a function of parabolic reflector diameter, 
surface accuracy and proper illumination of the reflector 
by the feed. Gain may be found from 


(Eq 1) 


where 
G = gain over an isotropic antenna, dBi (subtract 
2.15 dB for gain over a dipole) 
k = efficiency factor, usually about 55% 
D = dish diameter in feet 
A = wavelength in feet 


See Table 3 for parabolic antenna gain for the bands 
420 MHz through 10 GHz and diameters of 2 to 30 feet. 

A close approximation of beamwidth may be found 
from 


_ 10% 


= (Eq 2) 
where 
yw = beamwidth in degrees at half-power points 
(3 dB down) 


D = dish diameter in feet 
A = wavelength in feet 


At 420 MHz and higher, the parabolic dish becomes 
a practical antenna. A simple, single feed point elimi- 
nates phasing harnesses and balun requirements. Gain is 
dependent on good surface accuracy, which is more dif- 
ficult to achieve with increasing frequency. Surface 


Fig 23—Matching 
system used to 
test the horn. 
Better performance 
would be realized 
with open wire line. 
See text. 





Table 3 
Gain, Parabolic Antennas* 
Dish Diameter (Feet) 


Frequency 2 4 6 10 15 

420 MHz 6.0 12.0 15.5 20.0 23.5 
902 12.5 18.5 22.0 26.5 30.0 
1215 15.0 21.0 24.5 29.0 32.5 
2300 20.5 26.5 30.0 34.5 38.0 
3300 24.0 30.0 33.5 37.5 41.5 
5650 28.5 34.5 38.0 42.5 46.0 
10 GHz 33.5 39.5 43.0 47.5 51.0 


20 30 

26.0 29.5 
32.5 36.0 
35.0 38.5 
40.5 44.0 
43.5 47.5 
48.5 52.0 
53.5 57.0 


“Gain over an isotropic antenna (subtract 2.1 dB for gain over a dipole antenna). Reflector efficiency of 55% assumed. 
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Fig 24—Details of the parabolic curve, Y? = 4SX. This 
curve is the locus of points that are equidistant from a 
fixed point, the focus (F), and a fixed line (AB) that is 
called the directrix. Hence, FP = PC. The focus (F) is 
located at coordinates S,0. 


errors should not exceed '/s A in amateur work. At 
430 MHz '/s X is 3.4 inches, but at 10 GHz it is 
0.1476 inch! Mesh can be used for the reflector surface to 
reduce weight and wind loading, but hole size should be 
less than '/12 A. At 430 MHz the use of 2-inch hole diam- 
eter poultry netting (chicken wire) is acceptable. Fine mesh 
aluminum screening works well as high as 10 GHz. 

A support form may be fashioned to provide the 
proper parabolic shape by plotting a curve (Fig 24) from 


Y? = 4SX 


as shown in the figure. 

Optimum illumination occurs when power at the 
reflector edge is 10 dB less than that at the center. A cir- 
cular waveguide feed of correct diameter and length for 
the frequency and correct beamwidth for the dish focal 


length to diameter (f/D) ratio provides optimum illumi- 
nation at 902 MHz and higher. This, however, is imprac- 
tical at 432 MHz, where a dipole and plane reflector are 
often used. An f/D ratio between 0.4 and 0.6 is consid- 
ered ideal for maximum gain and simple feeds. 

The focal length of a dish may be found from 


2. 
D 
f= — Eq 3 
7a (Eq 3) 
where 


f = focal length 

D = diameter 

d = depth distance from plane at mouth of dish to 
vertex (see Fig 17) 


The units of focal length f are the same as those used 
to measure the depth and diameter. Table 4 gives the sub- 
tended angle at focus for dish f/D ratios from 0.2 to 1.0. 
A dish, for example, with a typical f/D of 0.4 requires a 
10-dB beamwidth of 130°. A circular waveguide feed with 
a diameter of approximately 0.7 A provides nearly opti- 
mum illumination, but does not uniformly illuminate the 
reflector in both the magnetic (TM) and electric (TE) 
planes. Fig 25 shows data for plotting radiation patterns 
from circular guides. The waveguide feed aperture can 
be modified to change the beamwidth. 

One approach used successfully by some experiment- 
ers is the use of a disc at a short distance behind the aper- 
ture as shown in Fig 26. As the distance between the 
aperture and disc is changed, the TM plane patterns 
become alternately broader and narrower than with an 
unmodified aperture. A disc about 2 A in diameter appears 
to be as effective as a much larger one. Some experiment- 
ers have noted a | to 2 dB increase in dish gain with this 
modified feed. Rectangular waveguide feeds can also be 
used, but dish illumination is not as uniform as with round 
guide feeds. 

The circular feed can be made of copper, brass, 
aluminum or even tin in the form of a coffee or juice can, 
but the latter must be painted on the outside to prevent 
rust or corrosion. The circular feed must be within a 
proper size (diameter) range for the frequency being used. 
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This feed operates in the dominant circular waveguide 
mode known as the TE,,; mode. The guide must be large 
enough to pass the TE,, mode with no attenuation, but 
smaller than the diameter that permits the next higher 
TM, mode to propagate. To support the desirable TE,, 
mode in circular waveguide, the cutoff frequency, F., is 
given by 


6917.26 


F. (TE,,) = ——-—— 
c (En) d (inches) 


(Eq 4) 
where 

F. = cutoff frequency in MHz for TE; mode 

d = waveguide inner diameter 

Circular waveguide will support the TM,, mode 
having a cutoff frequency 


9034.85 
d (inches) (Eq 5) 
The wavelength in a waveguide always exceeds the 
free-space wavelength and is called guide wavelength, Ag. 
It is related to the cutoff frequency and operating frequency 
by the equation 


Fe (To) = 


11802.85 
(Eq 6) 


dA, = guide wavelength, inches 
fy = operating frequency, MHz 
fo = TE,, waveguide cutoff frequency, MHz 


An inside diameter range of about 0.66 to 0.76 | is 
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Fig 25—This graph can be used in conjunction with Table 4 for selecting the proper diameter waveguide to 


illuminate a parabolic reflector. 
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Table 4 


f/D Versus Subtended Angle at Focus of a 
Parabolic Reflector Antenna 


Subtended Subtended 

/D Angle (Deg.) f/D Angle (Deg.) 
0.20 203 0.65 80 

0.25 181 0.70 75 

0.30 161 0.75 69 

0.35 145 0.80 64 

0.40 130 0.85 60 

0.45 117 0.90 57 

0.50 106 0.95 55 

0.55 97 1.00 52 

0.60 88 


Taken from graph “f/D vs Subtended Angle at Focus,” page 
170 of the 1966 Microwave Engineers’ Handbook and 
Buyers Guide. Graph courtesy of K. S. Kelleher, Aero Geo 
Astro Corp, Alexandria, Virginia 
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Fig 26—Details of a circular waveguide feed. 
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suggested. The lower frequency limit (longer dimension) 
is dictated by proximity to the cutoff frequency. The 
higher frequency limit (shorter dimension) is dictated by 
higher order waves. See Table 5 for recommended in- 
side diameter dimensions for the 902- to 10,000-MHz 
amateur bands. 

The probe that excites the waveguide and makes the 
transition from coaxial cable to waveguide is '/4 1 long 
and spaced from the closed end of the guide by '/s guide 
wavelength. The length of the feed should be two to three 
guide wavelengths. The latter is preferred if a second 
probe is to be mounted for polarization change or for 
polaplexer work where duplex communication (simulta- 
neous transmission and reception) is possible because of 
the isolation between two properly located and oriented 
probes. The second probe for polarization switching or 
polaplexer work should be spaced */4 guide wavelength 
from the closed end and mounted at right angles to the 
first probe. 

The feed aperture is located at the focal point of the 
dish and aimed at the center of the reflector. The feed 


Table 5 
Circular Waveguide Dish Feeds 
Inside Diameter 


Freq. Circular Waveguide 
(MHz) Range (in.) 

915 8.52-9.84 

1296 6.02-6.94 

2304 3.39-3.91 

3400 2.29-2.65 

5800 1.34-1.55 

10,250 0.76-0.88 


mounts should permit adjustment of the aperture either 
side of the focal point and should present a minimum of 
blockage to the reflector. Correct distance to the dish 
center places the focal point about | inch inside the feed 
aperture. The use of a nonmetallic support minimizes 
blockage. PVC pipe, fiberglass and Plexiglas are com- 
monly used materials. A simple test by placing a mate- 
rial in a microwave oven reveals if it is satisfactory up to 
2450 MHz. PVC pipe has tested satisfactorily and 
appears to work well at 2300 MHz. A simple, clean look- 
ing mount for a 4-foot dish with 18 inches focal length, 
for example, can be made by mounting a length of 4-inch 
PVC pipe using a PVC flange at the center of the dish. At 
2304 MHz the circular feed is approximately 4 inches 
ID, making a snug fit with the PVC pipe. Precautions 
should be taken to keep rain and small birds from enter- 
ing the feed. 

Never look into the open end of a waveguide when 
power is applied, or stand directly in front of a dish while 
transmitting. Tests and adjustments in these areas should 
be done while receiving or at extremely low levels of trans- 
mitter power (less than 0.1 watt). The US Government has 
set a limit of 10 mW/cm2 averaged over a 6-minute period 
as the safe maximum. Other authorities believe even lower 
levels should be used. Destructive thermal heating of body 
tissue results from excessive exposure. This heating effect 
is especially dangerous to the eyes. The accepted safe level 
of 10 mW/cm? is reached in the near field of a parabolic 
antenna if the level at 2D2/A is 0.242 mW/cm2. The equa- 
tion for power density at the far-field boundary is 


13TS sot 


Power density = 72 (Eq 7) 





where 
P = average power in kilowatts 
D = antenna diameter in feet 
A = wavelength in feet 


New commercial dishes are expensive, but surplus 
ones can often be purchased at low cost. Some amateurs 
build theirs, while others modify UHF TV dishes or cir- 
cular metal snow sleds for the amateur bands. Fig 27 
shows a dish using the homemade feed just described. 
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Fig 27—Coffee-can 2304 MHz feed described 
in text and Fig 26 mounted on a 4-ft dish. 





Fig 28—Aluminum framework for a 23-foot dish under 
construction by ZL1BJQ. 
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Fig 29—Detailed look at the hub assembly for the 
ZL1BJQ dish. Most of the structural members are 
made from %-inch T section. 


Photos showing a highly ambitious dish project under 
construction by ZL1BJQ appear in Figs 28 and 29. Prac- 
tical details for constructing this type of antenna are given 
in Chapter 19. Dick Knadle, K2RIW, described modern 
UHF antenna test procedures in February 1976 QST (see 
Bibliography). Also see Chapter 19. 


OMNIDIRECTIONAL ANTENNAS FOR 
VHF AND UHF 


Local work with mobile stations requires an anten- 
na with wide coverage capabilities. Most mobile work 
is on FM, and the polarization used with this mode is 
generally vertical. Some simple vertical systems are 
described below. Additional material on antennas of 
this type is presented in Chapter 16, Mobile and Mari- 
time Antennas. 


Ground-plane Antennas for 144, 222 and 
440 MHz 


For the FM operator living in the primary coverage 
area of a repeater, the ease of construction and low cost 
of a '/4 A ground-plane antenna make it an ideal choice. 
Three different types of construction are detailed in Figs 
30 through 43; the choice of construction method depends 
upon the materials at hand and the desired style of 
antenna mounting. 


The 144-MHz model shown in Fig 30 uses a flat 
piece of sheet aluminum, to which radials are connected 
with machine screws. A 45° bend is made in each of the 
radials. This bend can be made with an ordinary bench 
vise. An $O239 chassis connector is mounted at the cen- 
ter of the aluminum plate with the threaded part of the 
connector facing down. The vertical portion of the 
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Fig 30—These drawings illustrate the dimensions for the 144-MHz ground-plane antenna. The radials are bent 


down at a 45° angle. 
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Fig 31—Dimensional information for the 222-MHz ground-plane antenna. Lengths for A, B, C and D are the total 
distances measured from the center of the SO-239 connector. The corners of the aluminum plate are bent down at 
a 45° angle rather than bending the aluminum rod as in the 144-MHz model. Either method is suitable for these 


antennas. 
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Frequency (MHz) A (Inches) B (Inches) 
146 19 -5/16" 18-11/16" 
225 12 -5/8" 12" 
445 6-3/8" 5-3/4" 


Fig 32—Simple ground-plane antenna for the 144-, 222- 
and 440-MHz bands. The vertical element and radials 
are 3/s2- or ‘/16-in. brass welding rod. Although °/s2-in. rod 
is preferred for the 144-MHz antenna, #10 or #12 
copper wire can also be used. 


antenna is made of #12 copper wire soldered directly to 
the center pin of the SO-239 connector. 

The 222-MHz version, Fig 31, uses a slightly dif- 
ferent technique for mounting and sloping the radials. In 
this case the corners of the aluminum plate are bent down 
at a 45° angle with respect to the remainder of the plate. 
The four radials are held to the plate with machine screws, 
lock washers and nuts. A mounting tab is included in the 
design of this antenna as part of the aluminum base. A 
compression type of hose clamp could be used to secure 
the antenna to a mast. As with the 144-MHz version, the 
vertical portion of the antenna is soldered directly to the 
SO-239 connector. 

A very simple method of construction, shown in 
Figs 32 and 33, requires nothing more than an SO-239 
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Fig 33—A 440-MHz ground-plane constructed using 
only an SO-239 connector, no. 4-40 hardware and 
‘/1e-in. brass welding rod. 


connector and some no. 4-40 hardware. A small loop 
formed at the inside end of each radial is used to attach 
the radial directly to the mounting holes of the coaxial 
connector. After the radial is fastened to the SO-239 with 
no. 4-40 hardware, a large soldering iron or propane torch 
is used to solder the radial and the mounting hardware to 
the coaxial connector. The radials are bent to a 45° angle 
and the vertical portion is soldered to the center pin to 
complete the antenna. The antenna can be mounted by 
passing the feed line through a mast of 34-inch ID plastic 
or aluminum tubing. A compression hose clamp can be 
used to secure the PL-259 connector, attached to the feed 
line, in the end of the mast. Dimensions for the 144-, 
222- and 440-MHz bands are given in Fig 32. 

If these antennas are to be mounted outside it is wise 
to apply a small amount of RTV sealant or similar mate- 
rial around the areas of the center pin of the connector to 
prevent the entry of water into the connector and coax 
line. 


The J-Pole Antenna 


The J-Pole is a half-wave antenna that is end-fed 
at its bottom. Since the radiator is longer than that of a 
'/4-wave ground-plane antenna, the vertical lobe is com- 
pressed down toward the horizon and it has about 1.5 dB 
of gain compared to the ground-plane configuration. The 
stub-matching section used to transform the high imped- 
ance seen looking into a half-wave to 50 Q coax is shorted 


at the bottom, making the antenna look like the letter “J,” 
and giving the antenna its name. 

Rigid copper tubing, fittings and assorted hardware 
can be used to make a really rugged J-pole antenna for 
2 meters. When copper tubing is used, the entire assem- 
bly can be soldered together, ensuring electrical integ- 
rity, and making the whole antenna weatherproof. This 
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Fig 34—At A, exploded assembly diagram of all-copper 
J-Pole antenna. At B, detail of clamp assemblies. Both 
clamp assemblies are the same. 
Item Qty Part or Material Name 


1 1 %-inch x 10 foot length of rigid copper 
tubing (enough for 2 antennas, 60 inches 
per antenna) 

2 1 Ye-inch x 10 ft length of rigid copper tubing 


(enough for 6 antennas, 20 inches per 
antenna) 

%-inch copper pipe clamps 

Ye-inch copper pipe clamps 

Ye-inch copper elbow 

% x Ye-inch copper tee 

%-inch copper end cap 

Y-inch copper end cap 

Ye x 1%-inch copper nipple (Make from item 
2. See text) 


OCOONDO ROO 
—_ mk mt ek A AD DAD 


10 1 % x 3 Y-inch copper nipple (Make from 
item 1. See text) 

11.1 Your choice of coupling to mast fitting 
(% x 1 inch NPT used at KD8JB) 

12 6 # 8-32 x %-inch brass machine screws 
(round, pan, or binder head) 

13. 6 #£=#8 brass flat washers 

14 6 # 8-32 brass hex nuts 
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material came from an article by Michael Hood, KD8JB, 
in The ARRL Antenna Compendium, Vol. 4. 

No special hardware or machined parts are used in this 
antenna, nor are insulating materials needed, since the an- 
tenna is always at dc ground. Best of all, even if the parts 
aren’t on sale, the antenna can be built for less than $15. If 
you only build one antenna, you’ll have enough tubing left 
over to make most of a second antenna. 


Construction 


Copper and brass is used exclusively in this antenna. 
These metals get along together, so dissimilar metal cor- 
rosion is eliminated. Both metals solder well, too. See 
Fig 34. Cut the copper tubing to the lengths indicated. 
Item 9 is a 1'/s-inch nipple cut from the 20-inch length of 
'/2-inch tubing. This leaves 187/s inches for the '/4-match- 
ing stub. Item 10 is a 3'/s-inch long nipple cut from the 
60-inch length of */4-inch tubing. The */4-wave element 
should measure 56*/s-inches long. Remove burrs from the 
ends of the tubing after cutting, and clean the mating 
surfaces with sandpaper, steel wool, or emery cloth. 

After cleaning, apply a very thin coat of flux to the 
mating elements and assemble the tubing, elbow, tee, end 
caps and stubs. Solder the assembled parts with a pro- 
pane torch and rosin-core solder. Wipe off excess solder 
with a damp cloth, being careful not to burn yourself. 
The copper tubing will hold heat for a long time after 
you’ve finished soldering. After soldering, set the assem- 
bly aside to cool. 

Flatten one each of the '/2-inch and */4-inch pipe 
clamps. Drill a hole in the flattened clamp as shown in 
Fig 34A. Assemble the clamps and cut off the excess metal 
from the flattened clamp using the unmodified clamp as 
a template. Disassemble the clamps. 

Assemble the '/2-inch clamp around the '/4-wave 
element and secure with two of the screws, washers, and 
nuts as shown in Fig 34B. Do the same with the */4-inch 
clamp around the */4-wave element. Set the clamps ini- 
tially to a spot about 4 inches above the bottom of the “J” 
on their respective elements. Tighten the clamps only fin- 
ger tight, since youll need to move them when tuning. 


Tuning 
The J-Pole can be fed directly from 50-Q coax 


18-26 Chapter 18 


through a choke balun (3 turns of the feed coax rolled 
into a coil about 8 inches in diameter and held together 
with electrical tape). Before tuning, mount the antenna 
vertically, about 5 to 10 feet from the ground. A short 
TV mast on a tripod works well for this purpose. When 
tuning VHF antennas, keep in mind that they are sensi- 
tive to nearby objects—such as your body. Attach the feed 
line to the clamps on the antenna, and make sure all the 
nuts and screws are at least finger tight. It really doesn’t 
matter to which element (%4-wave element or stub) you 
attach the coaxial center lead. The author has done it both 
ways with no variation in performance. Tune the antenna 
by moving the two feed-point clamps equal distances a 
small amount each time until the SWR is minimum at the 
desired frequency. The SWR will be close to 1:1. 


Final Assembly 


The final assembly of the antenna will determine its 
long-term survivability. Perform the following steps with 
care. After adjusting the clamps for minimum SWR, mark 
the clamp positions with a pencil and then remove the 
feed line and clamps. Apply a very thin coating of flux to 
the inside of the clamp and the corresponding surface of 
the antenna element where the clamp attaches. Install the 
clamps and tighten the clamp screws. 

Solder the feed line clamps where they are attached 
to the antenna elements. Now, apply a small amount of 
solder around the screw heads and nuts where they con- 
tact the clamps. Don’t get solder on the screw threads! 
Clean away excess flux with a non-corrosive solvent. 
After final assembly and erecting/mounting the antenna 
in the desired location, attach the feed line and secure 
with the remaining washer and nut. Weather-seal this joint 
with RTV. Otherwise, you may find yourself repairing 
the feed line after a couple years. 


On-the-Air Performance 


Years ago, prior to building the first J-Pole antenna 
for this station, the author used a standard '/4-wave ground 
plane vertical antenna. While he had no problem work- 
ing various repeaters around town with a '/4-wave antenna, 
simplex operation left a lot to be desired. The J-Pole per- 
forms just as well as a Ringo Ranger, and significantly 
better than the '/4-wave ground-plane vertical. 


Practical 6-Meter Yagis 


Boom length often proves to be the deciding factor 
when one selects a Yagi design. Table 6 shows three 
6-meter Yagis designed for convenient boom lengths (6, 
12 and 22 feet). The 3-element, 6-foot boom design has 
8.0 dBi gain in free space; the 12 foot boom, 5-element 
version has 10.1 dBi gain, and the 22-foot, 7 element Yagi 
has a gain of 11.3 dBi. All antennas exhibit better than 
22 dB front-to-rear ratio and cover 50 to 51 MHz with 
better than 1.7:1 SWR. 

Half-element lengths and spacings are given in the 
table. Elements can be mounted to the boom as shown in 
Fig 35. Two muffler clamps hold each aluminum plate to 
the boom, and two U bolts fasten each element to the plate, 


Fig 35—The element 
to boom clamp. U 
bolts are used to 
hold the element to 
the plate, and 2-in. 
galvanized muffler 
clamps hold the 
plates to the boom. 










Plexiglas Rod 
5/8" OD, 12” Long 


Neutral 
Point Bakelite Plate 


Copper Strap 


Tie Feed Point 
IE SO-239 


ee Aluminum 


which is 0.25 inches thick and 4 x 4 inches square. Stain- 
less steel is the best choice for hardware, however, gal- 
vanized hardware can be substituted. Automotive muffler 
clamps do not work well in this application, because they 
are not galvanized and quickly rust once exposed to the 
weather. Please note that the element lengths shown in 
Table 6 are half the overall element lengths. See page 
20-7 to 20-11 in Chapter 20 for practical details of tele- 
scoping aluminum elements. 

The driven element is mounted to the boom on a 
Bakelite or G-10 fiberglass plate of similar dimension to 
the other mounting plates. A 12-inch piece of Plexiglas 
rod is inserted into the driven element halves. The 
Plexiglas allows the use of a single clamp on each side of 
the element and also seals the center of the elements 
against moisture. Self-tapping screws are used for elec- 
trical connection to the driven element. 

Refer to Fig 36 for driven-element and hairpin match 
details. A bracket made from a piece of aluminum is used 
to mount the three SO239 connectors to the driven ele- 
ment plate. A 4:1 transmission-line balun connects the 
two element halves, transforming the 200 Q resistance at 
the hairpin match to 50 Q at the center connector. Note 

























Bracket 


Copper Strap 


~x— Driven Element (3/4" OD, 0.058" wall) 


Fig 36—This shows how the driven element and feed system are attached to the boom. The phasing line is coiled 
and taped to the boom. The center of the hairpin loop may be connected to the boom electrically and mechanically 


if desired. 

Phasing-line lengths: 

For cable with 0.80 velocity factor —- 7 ft, 10°/s in. 
For cable with 0.66 velocity factor — 6 ft, 5°/. in. 


VHF and UHF Antenna Systems’ 18-27 


Table 6 
Optimized 6-Meter Yagi Designs 


Spacing Seg1 Seg2 Midband 
Between OD* OD* Gain 
Elements Length Length F/R 
inches inches inches 

306-06 

OD 0.750 0.625 

Refl. 0 36 23.500 7.9 dBi 

D.E. 24 36 16.000 27.2 dB 

Dir. 1 66 36 15.500 

506-12 

OD 0.750 0.625 

Refl. 0 36 24.000 10.1 dBi 

D.E. 24 36 17.125 24.7 dB 

Dir. 1 12 36 19.375 

Dir. 2 44 36 18.250 

Dir. 3 58 36 15.375 


that the electrical length of the balun is 1/2, but the physi- 
cal length will be shorter due to the velocity factor of the 
particular coaxial cable used. The hairpin is connected 
directly across the element halves. The exact center of 
the hairpin is electrically neutral and should be fastened 
to the boom. This has the advantage of placing the driven 
element at dc ground potential. 

The hairpin match requires no adjustment as such. 


Spacing Seg1 Seg2 Midband 
Between OD* OD* Gain 
Elements Length Length F/R 
inches inches inches 

706-22 

OD 0.750 0.625 

Refl. 0 36 25.000 11.3 dBi 

D.E. 27 36 17.250 29.9 dB 

Dir. 1 16 36 18.500 

Dir. 2 51 36 15.375 

Dir. 3 54 36 15.875 

Dir. 4 53 36 16.500 

Dir. 5 58 36 12.500 


“See pages 20-7 to 20-11 for telescoping aluminum 
tubing details. 


However, you may have to change the length of the driven 
element slightly to obtain the best match in your preferred 
portion of the band. Changing the driven-element length 
will not adversely affect antenna performance. Do not 
adjust the lengths or spacings of the other elements— 
they are optimized already. If you decide to use a gamma 
match, add 3 inches to each side of the driven element 
lengths given in the table for all antennas. 


High-Performance Yagis for 144, 222 and 
432 MHz 


This construction information is presented as an 
introduction to the three high-performance VHF/UHF 
Yagis that follow. All were designed and built by Steve 
Powlishen, K1FO. For years the design of long Yagi 
antennas seemed to be a mystical black art. The problem 
of simultaneously optimizing 20 or more element spac- 
ings and element lengths presented an almost unsolvable 
set of simultaneous equations. With the unprecedented 
increase in computer power and widespread availability 
of antenna analysis software, we are now able to quickly 
examine many Yagi designs and determine which 
approaches work and which designs to avoid. 

At 144 MHz and above, most operators desire Yagi 
antennas two or more wavelengths in length. This length 
(2X) is where most classical designs start to fall apart in 
terms of gain per boom length, bandwidth and pattern 
quality. Extensive computer and antenna range analysis 
has proven that the best possible design is a Yagi that has 
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both varying element spacings and varying element 
lengths. 

This design approach starts with closely spaced 
directors. The director spacings gradually increase until 
a constant spacing of about 0.4 A is reached. Conversely, 
the director lengths start out longest with the first direc- 
tor and decrease in length in a decreasing rate of change 
until they are virtually constant in length. This method 
of construction results in a wide gain bandwidth. A band- 
width of 7% of the center frequency at the —1 dB for- 
ward-gain points is typical for these Yagis even when they 
are longer than 10 A. The log-taper design also 
reduces the rate of change in driven-element impedance 
vs frequency. This allows the use of simple dipole driven 
elements while still obtaining acceptable driven-element 
SWR over a wide frequency range. Another benefit is 
that the resonant frequency of the Yagi changes very little 
as the boom length is increased. 


The driven-element impedance also changes mod- 
erately with boom length. The tapered approach creates 
a Yagi with a very clean radiation pattern. Typically, first 
side lobe levels of ~17 dB in the E plane, ~15 dB in the 
H plane, and all other lobes at ~20 dB or more are pos- 
sible on designs from 2 A to more than 14 A. 

The actual rate of change in element lengths is 
determined by the diameter of the elements (in wave- 
lengths). The spacings can be optimized for an individual 
boom length or chosen as a best compromise for most 
boom lengths. 

The gain of long Yagis has been the subject of much 
debate. Recent measurements and computer analysis by 
both amateurs and professionals indicates that given an 
optimum design, doubling a Yagi’s boom length will 
result in a maximum theoretical gain increase of about 
2.6 dB. In practice, the real gain increase may be less 
because of escalating resistive losses and the greater pos- 
sibility of construction error. Fig 37 shows the maximum 
possible gain per boom length expressed in decibels, ref- 
erenced to an isotropic radiator. The actual number of 
directors does not play an important part in determining 
the gain vs boom length as long as a reasonable number 
of directors are used. The use of more directors per boom 
length will normally give a wider gain bandwidth, how- 
ever, a point exists where too many directors will 
adversely affect all performance aspects. 


While short antennas (< 1.5 A) may show increased 
gain with the use of quad or loop elements, long Yagis 
(> 2 A) will not exhibit measurably greater forward gain 
or pattern integrity with loop-type elements. Similarly, 
loops used as driven elements and reflectors will not sig- 
nificantly change the properties of a long log-taper Yagi. 
Multiple-dipole driven-element assemblies will also not 
result in any significant gain increase per given boom 
length when compared to single-dipole feeds. 

Once a long-Yagi director string is properly tuned, 
the reflector becomes relatively non critical. Reflector 
spacings between 0.15 A and 0.2 A are preferred. The 
spacing can be chosen for best pattern and driven ele- 
ment impedance. Multiple-reflector arrangements will not 
significantly increase the forward gain of a Yagi which 
has its directors properly optimized for forward gain. 
Many multiple-reflector schemes such as tri-reflectors 
and corner reflectors have the disadvantage of lowering 
the driven element impedance compared to a single opti- 
mum-length reflector. The plane or grid reflector, shown 
in Fig 38, may however reduce the intensity of unwanted 
rear lobes. This can be used to reduce noise pickup on 
EME or satellite arrays. This type of reflector will usu- 
ally increase the driven-element impedance compared to 
a single reflector. This sometimes makes driven-element 
matching easier. Keep in mind that even for EME, a plane 
reflector will add considerable wind load and weight for 
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Boom Length in Wavelengths 


Fig 37—This chart shows maximum gain per boom length for optimally 


designed long Yagi antennas. 


Fig 38—Front and side views of a 
plane-reflector antenna. 
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DIAGRAM SHOWING THE TEN OCTAVES OF INTEGRATING LIGHT, ONE 
OCTAVE WITHIN THE OTHER. THESE TEN OCTAVES CONSTITUTE ONE 
COMPLETE CYCLE OF THE TRANSFER OF THE UNIVERSAL CONSTANT OF 
ENERGY INTO, AND THROUGH, ALL OF ITS DIMENSIONS IN SEQUENCE 


only a few tenths of a decibel of receive signal-to-noise 
improvement. 


Yagi Construction 


Normally, aluminum tubing or rod is used for Yagi 
elements. Hard-drawn enamel-covered copper wire can 
also be used on Yagis above 420 MHz. Resistive losses 
are inversely proportional to the square of the element 
diameter and the square root of its conductivity. 

Element diameters of less than 7/16 inch or 4 mm 
should not be used on any band. The size should be cho- 
sen for reasonable strength. Half-inch diameter is suit- 
able for 50 MHz, */16 to */s inch for 144 MHz and 7/16 inch 
is recommended for the higher bands. Steel, including 
stainless steel and unprotected brass or copper wire, 
should not be used for elements. 

Boom material may be aluminum tubing, either 
square or round. High-strength aluminum alloys such as 
6061-T6 or 6063-T651 offer the best strength-to-weight 
advantages. Fiberglass poles have been used (where avail- 
able as surplus). Wood is a popular low-cost boom mate- 
rial. The wood should be well seasoned and free from 
knots. Clear pine, spruce and Douglas fir are often used. 
The wood should be well treated to avoid water absorp- 
tion and warping. 





Yagi Element Length Correction Vs Boom Diameter 


Elements may be mounted insulated or uninsulated, 
above or through the boom. Mounting uninsulated ele- 
ments through a metal boom is the least desirable method 
unless the elements are welded in place. The Yagi ele- 
ments will oscillate, even in moderate winds. Over sev- 
eral years this element oscillation will work open the 
boom holes. This will allow the elements to move in the 
boom. This will create noise (in your receiver) when the 
wind blows, as the element contact changes. Eventually 
the element-to-boom junction will corrode (aluminum 
oxide is a good insulator). This loss of electrical contact 
between the boom and element will reduce the boom’s 
effect and change the resonant frequency of the Yagi. 

Noninsulated elements mounted above the boom 
will perform fine as long as a good mechanical connec- 
tion is made. Insulating blocks mounted above the boom 
will also work, but they require additional fabrication. 
One of the most popular construction methods is to mount 
the elements through the boom using insulating shoul- 
der washers. This method is lightweight and durable. Its 
main disadvantage is difficult disassembly, making this 
method of limited use for portable arrays. 

If a conductive boom is used, element lengths must 
be corrected for the mounting method used. The amount 
of correction is dependent upon the boom diameter in 
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Fig 40—Measured E-plane pattern 
for the 22-element Yagi. Note: This 
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Fig 39—Yagi element correction vs boom diameter. Curve A is for elements 
mounted through a round or square conductive boom, with the elements in 
mechanical contact with the boom. Curve B is for insulated elements 
mounted through a conductive boom, and for elements mounted on top of 
a conductive boom (elements make electrical contact with the boom). The 
patterns were corrected to computer simulations to determine Yagi tuning. 
The amount of element correction is not affected by element diameter. 
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wavelengths. See Fig 39. Elements mounted through the 
boom and not insulated require the greatest correction. 
Mounting on top of the boom or through the boom on 
insulated shoulder washers requires about half of the 
through-the-boom correction. Insulated elements 
mounted at least one element diameter above the boom 
require no correction over the free-space length. 

The three following antennas have been optimized 
for typical boom lengths on each band. 


A HIGH-PERFORMANCE 432-MHz YAGI 


This 22-element, 6.1-A, 432-MHz Yagi was origi- 
nally designed for use in a 12-Yagi EME array built by 
K1FO. A lengthy evaluation and development process 
preceded its construction. Many designs were considered 
and then analyzed on the computer. Next, test models 
were constructed and evaluated on a home-made antenna 
range. The resulting design is based on WIEJ’s computer- 
optimized spacings. 

The attention paid to the design process has been 
worth the effort. The 22-element Yagi not only has ex- 
ceptional forward gain (17.9 dBi), but has an unusually 
clean radiation pattern. The measured E-plane pattern is 


Table 7 
Specifications for 432-MHz Yagi Family 
F/B DE  Beamwidth Stacking 


No. Boom Gain ratio imped E/H E/H 
of Ele. length(A) (dBi)* (dB) (Q) = (°) (inches) 
15 3.4 15.67 21 23 30/32 53/49 
16 3.8 16.05 19 23 29/31 55/51 
17 4.2 16.45 20 27 28/30 56/53 
18 4.6 16.8 25 32 27/29 58/55 
19 4.9 17.1 25 30 26/28 61/57 
20 5.3 17.4 21 24 25.5/27 62/59 
21 5.7 17.65 20 22 25/26.5 63/60 
22 6.1 17.9 22 25 24/26 65/62 
23 6.5 18.15 27 30 23.5/25 67/64 
24 6.9 18.35 29 29 23/24 69/66 
25 7.3 18.55 23 25 22.5/23.5 71/68 
26 7.7 18.8 22 22 22/23 73/70 
27 8.1 19.0 22 21 21.5/22.5 75/72 
28 8.5 19.20 25 25 21/22 77/75 
29 8.9 19.4 25 25 20.5/21.5 79/77 
30 9.3 19.55 26 27 20/21 80/78 
31 9.7 19.7 24 25 19.6/20.5 81/79 
32 10.2 19.8 23 22 19.3/20 2/80 
33 10.6 9.9 23 «23 19/19.5 83/81 
34 11.0 20.05 25 22 18.8/19.2 84/82 
35 11.4 20.2 27 25 18.5/19.0 85/83 
36 11.8 20.3 27 26 18.3/18.8 86/84 
37 12.2 20.4 26 26 18.1/18.6 87/85 
38 12.7 20.5 25 25 18.9/18.4 88/86 
39 13.1 20.6 25 23 18.7/18.2 89/87 
40 13.5 20.8 26 21 17.5/18 90/88 


“Gain is approximate real gain based on gain measurements 
made on six different-length Yagis. 


shown in Fig 40. Note that a 1-dB-per-division axis is 
used to show pattern detail. A complete description of 
the design process and construction methods appears in 
December 1987 and January 1988 QST. 

Like other log-taper Yagi designs, this one can eas- 
ily be adapted to other boom lengths. Versions of this 
Yagi have been built by many amateurs. Boom lengths 
ranged between 5.3 A (20 elements) and 12.2 A (37 ele- 
ments). 

The size of the original Yagi (169 inches long, 
6.1 4) was chosen so the antenna could be built from 
small-diameter boom material (’/s-inch and 1 inch round 
6061-T6 aluminum) and still survive high winds and ice 
loading. The 22-element Yagi weighs about 3.5 pounds 
and has a wind load of approximately 0.8 square feet. 
This allows a high-gain EME array to be built with man- 
ageable wind load and weight. This same low wind load 
and weight lets the tropo operator add a high-performance 
432-MHz array to an existing tower without sacrificing 
antennas on other bands. 

Table 7 lists the gain and stacking specifications for 
the various length Yagis. The basic Yagi dimensions are 
shown in Table 8. These are free-space element lengths 
for */16-inch-diameter elements. Boom corrections for the 
element mounting method must be added in. The element- 
length correction column gives the length that must be 
added to keep the Yagi’s center frequency optimized for 
use at 432 MHz. This correction is required to use the 
same spacing pattern over a wide range of boom lengths. 
Although any length Yagi will work well, this design is 
at its best when made with 18 elements or more (4.6 A). 
Element material of less than */10-inch diameter is not 
recommended because resistive losses will reduce the gain 
by about 0.1 dB, and wet-weather performance will be 
worse. 

Quarter-inch-diameter elements could be used if all 
elements are shortened by 3 mm. The element lengths 
are intended for use with a slight chamfer (0.5 mm) cut 
into the element ends. The gain peak of the array is cen- 
tered at 437 MHz. This allows acceptable wet-weather 
performance, while reducing the gain at 432 MHz by only 
0.05 dB. 

The gain bandwidth of the 22-element Yagi is 
31 MHz (at the —1 dB points). The SWR of the Yagi is less 
than 1.4: | between 420 and 440 MHz. Fig 41 is a network 
analyzer plot of the driven-element SWR vs frequency. 
These numbers indicate just how wide the frequency re- 
sponse of a log-taper Yagi can be, even with a simple di- 
pole driven element. In fact, at one antenna gain contest, 
some ATV operators conducted gain vs frequency measure- 
ments from 420 to 440 MHz. The 22-element Yagi beat all 
entrants including those with so-called broadband feeds. 

To peak the Yagi for use on 435 MHz (for satellite 
use), you may want to shorten all the elements by 2 mm. 
To peak it for use on 438 MHz (for ATV applications), 
shorten all elements by 4 mm. If you want to use the Yagi 
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Table 8 
Free-Space Dimensions for 432-MHz Yagi Family 


“Element correction is the amount to shorten or lengthen 
all elements when building a Yagi of that length. 
Element lengths are for °/1e-inch diameter material. 


Ele. Element Element Element 
No. Position Length Correction* 
(mm from (mm) 
reflector) 
Refl 0 340 
DE 104 334 
D1 146 315 
D2 224 306 
D3 332 299 
D4 466 295 
D5 622 291 
D6 798 289 
D7 990 287 
D8 1196 285 
D9 1414 283 
D10 1642 281 -2 
D11 1879 279 -2 
D12 2122 278 -2 
D13 2373 277 -2 
D14 2629 276 -2 
D15 2890 275 -1 
D16 3154 274 -1 
D17 3422 273 -1 
D18 3693 272 0 
D19 3967 271 0 
D20 4242 270 0 
D21 4520 269 0 
D22 4798 269 0 
D23 5079 268 0 
D24 5360 268 +1 
D25 5642 267 +1 
D26 5925 267 +1 
D27 6209 266 +1 
D28 6494 266 +1 
D29 6779 265 +2 
D30 7064 265 +2 
D31 7350 264 +2 
D32 7636 264 +2 
D33 7922 263 +2 
D34 8209 263 +2 
D35 8496 262 +2 
D36 8783 262 +2 
D37 9070 261 +3 
D38 9359 261 +3 


on FM between 440 MHz and 450 MHz, shorten all the 
elements by 10 mm. This will provide 17.6 dBi gain at 
440 MHz, and 18.0 dBi gain at 450 MHz. The driven 
element may have to be adjusted if the element lengths 
are shortened. 

Although this Yagi design is relatively broadband, 
it is suggested that close attention be paid to copying the 
design exactly as built. Metric dimensions are used 
because they are convenient for a Yagi sized for 432 MHz. 
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Fig 41—SWR performance of the 22-element Yagi in dry 
weather. 





Fig 42—Element-mounting detail. Elements are 
mounted through the boom using plastic insulators. 
Stainless steel push-nut retaining rings hold the 
element in place. 


Element holes should be drilled within +2 mm. Element 
lengths should be kept within +0.5 mm. Elements can be 
accurately constructed if they are first rough cut with a 
hack saw and then held in a vise and filed to the exact 
length. 

The larger the array, the more attention you should pay 
to making all Yagis identical. Elements are mounted on 
shoulder insulators and run through the boom (see 
Fig 42). The element retainers are stainless-steel push nuts. 
These are made by several companies, including Industrial 
Retaining Ring Co in Irvington, New Jersey, and AuVeco in 
Ft Mitchell, Kentucky. Local industrial hardware distribu- 
tors can usually order them for you. The element insulators 
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Fig 44—Details of the driven element and T match for the 22-element Yagi. 
Lengths are given in millimeters to allow precise duplication of the 
antenna. See text. 
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Fig 45—Boom-construction information for the 22-element Yagi Lengths are given in millimeters to allow precise 
duplication of the antenna. See text. 
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Fig 46—Boom-construction 
information for the 33-element Yagi. 
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are not critical. Teflon or black polyethylene are prob- 
ably the best materials. The Yagi in the photographs is 
made with black Delryn insulators, available from C3i in 
Washington, DC. 

The driven element uses a UG-58A/U connector 
mounted on a small bracket. The UGS8A/U should be 
the type with the press-in center pin. UG-58s with center 
pins held in by “C” clips will usually leak water. Some 
connectors use steel retaining clips, which will rust and 
leave a conductive stripe across the insulator. The T-match 
wires are supported by the UT-141 balun. RG-303/U or 
RG-142/U Tefloninsulated cable could be used if UT-141 
cannot be obtained. Fig 43A and Fig 42B show details of 
the driven-element construction. Driven element dimen- 
sions are given in Fig 44. 

Dimensions for the 22-element Yagi are listed in 
Table 9. Fig 45 details the Yagi’s boom layout. Element 
material can be either */16 inch 6061-T6 aluminum rod or 
hard aluminum welding rod. 

A 24-foot-long, 10.6-A, 33-element Yagi was also 
built. The construction methods used were the same as 
the 22-element Yagi. Telescoping round boom sections 
of 1, 1'/s, and 11/4 inches in diameter were used. A boom 
support is required to keep boom sag acceptable. At 
432 MHz, if boom sag is much more than two or three 
inches, H-plane pattern distortion will occur. Greater 
amounts of boom sag will reduce the gain of a Yagi. 
Table 10 lists the proper dimensions for the antenna when 
built with the previously given boom diameters. The 
boom layout is shown in Fig 46, and the driven element 
is described in Fig 47. The 33-element Yagi exhibits 
the same clean pattern traits as the 22-element Yagi (see 
Fig 48). Measured gain of the 33-element Yagi is 
19.9 dBi at 432 MHz. A measured gain sweep of the 
33-element Yagi gave a—1 dB gain bandwidth of 14 MHz 
with the —1 dB points at 424.5 MHz and 438.5 MHz. 


A HIGH-PERFORMANCE 144MHZ YAGI 


This 144MHz Yagi design uses the latest log-tapered 
element spacings and lengths. It offers near theoretical 
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gain per boom length, an extremely clean pattern and wide 
bandwidth. The design is based upon the spacings used 
in a 4.5-A 432-MHz computerdeveloped design by WIEJ. 
It is quite similar to the 432MHz Yagi described else- 
where in this chapter. Refer to that project for additional 
construction diagrams and photographs. 

Mathematical models do not always directly trans- 
late into real working examples. Although the computer 
design provided a good starting point, the author, Steve 
Powlishen, K1FO, built several test models before the 
final working Yagi was obtained. This hands-on tuning 
included changing the element-taper rate in order to 
obtain the flexibility that allows the Yagi to be built with 
different boom lengths. 

The design is suitable for use from 1.8 4 (10 elements) 
to 5.1 A (19 elements). When elements are added to a Yagi, 
the center frequency, feed impedance and front-to-back 
ratio will range up and down. A modern tapered design 
will minimize this effect and allow the builder to select 
any desired boom length. This Yagi’s design capabilities 
per boom length are listed in Table 11. 

The gain of any Yagi built around this design will be 
within 0.1 to 0.2 dB of the maximum theoretical gain at 
the design frequency of 144.2 MHz. The design is 
intentionally peaked high in frequency (calculated gain 
peak is about 144.7 MHz). It has been found that by 
doing this, the SWR bandwidth and pattern at 144.0 to 
144.3 MHz will be better, the Yagi will be less affected 
by weather and its performance in arrays will be more 
predictable. This design starts to drop off in performance 
if built with fewer than 10 elements. At less than 2 A, 
more traditional designs perform well. 

Table 12 gives free-space element lengths for '/4 inch- 
diameter elements. The use of metric notation allows for 
much easier dimensional changes during the design stage. 
Once you become familiar with the metric system, you'll 
probably find that construction is easier without the burden 
of cumbersome English fractional units. For 7/16 inch- 
diameter elements, lengthen all parasitic elements by 3 mm. 
If */s inch diameter elements are used, shorten all of the 





Table 9 
Dimensions for the 22-Element 432-MHz Yagi 


Element Element Element Boom 
Number _ Position Length Diam 
(mm from (mm) (in) 
reflector) 

Refl 30 346 

DE 134 340 

D1 176 321 

D2 254 311 7/8 
D3 362 305 

D4 496 301 

D5 652 297 

D6 828 295 

D7 1020 293 

D8 1226 291 

D9 1444 289 

D10 1672 288 

D11 1909 286 

D12 2152 285 1 
D13 2403 284 

D14 2659 283 

D15 2920 281 

D16 3184 280 

D17 3452 279 7/8 
D18 3723 278 

D19 3997 277 

D20 4272 276 


directors and the reflector by 6 mm. The driven element 
will have to be adjusted for the individual Yagi if the 
12-element design is not adhered to. 

For the 12-element Yagi, '/4-inch diameter elements 
were selected because smaller-diameter elements become 
rather flimsy at 2 meters. Other diameter elements can 
be used as described previously. The 2.5-A boom was cho- 
sen because it has an excellent size and wind load vs gain 
and pattern trade-off. The size is also convenient; three 
6-foot-long pieces of aluminum tubing can be used with- 
out any waste. The relatively large-diameter boom sizes 
(1'/4 and 17/s inches) were chosen, as they provide an 
extremely rugged Yagi that does not require a boom sup- 
port. The 12-element 17-foot-long design has a calcu- 
lated wind survival of close to 120 mph! The absence of 
a boom support also makes vertical polarization possible. 


Table 10 

Dimensions for the 33-Element 432-MHz Yagi 

Element Element Element Boom 

Number Position Length Diam 
(mm from (mm) (in) 
reflector) 

REF 30 348 

DE 134 342 

D1 176 323 

D2 254 313 

D3 362 307 

D4 496 303 1 

D5 652 299 

D6 828 297 

D7 1020 295 

D8 1226 293 

D9 1444 291 

D10 1672 290 

D11 1909 288 

D12 2152 287 1'/s 

D13 2403 286 

D14 2659 285 

D15 2920 284 

D16 3184 284 

D17 3452 283 

D18 3723 282 1% 

D19 3997 281 

D20 4272 280 

D21 4550 278 

D22 4828 278 

D23 5109 277 1"/s 

D24 5390 277 

D25 5672 276 

D26 5956 275 

D27 6239 274 

D28 6524 274 1 

D29 6809 273 

D30 7094 273 

D31 7380 272 





Longer versions could be made by telescoping 
smaller-size boom sections into the last section. Some sort 
of boom support will be required on versions longer than 
22 feet. The elements are mounted on shoulder insulators 
and mounted through the boom. However, elements may 
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Length of 
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Fig 47—Details of the driven 
element and T match for the 33- 
element Yagi. Lengths are given in 
millimeters to allow precise 
duplication of the antenna. 
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Table 11 
Specifications for the 144-MHz Yagi Family 


Beamwidth Stacking 


No. of Boom Gain DE Imped FB Ratio E/H 


Ele. —Length(a) (dBd) (Q) (AB) (°) 

10 1.8 11.4 27 17 39/42 
11 2.2 12.0 38 19 36/40 
12 2.5 12.5 28 23 34/37 
13 2.9 13.0 23 20 32/35 
14 3.2 13.4 27 18 31/33 
15 3.6 13.8 35 20 30/32 
16 4.0 14.2 32 24 29/30 
17 4.4 14.5 25 23 28/29 
18 4.8 14.8 25 21 27/28.5 
19 5.2 15.0 30 22 26/27.5 


be mounted, insulated or uninsulated, above or through 
the boom, as long as appropriate element length correc- 
tions are made. Proper tuning can be verified by checking 
the depth of the nulls between the main lobe and first side 
lobes. The nulls should be 5 to 10 dB below the first side- 
lobe level at the primary operating frequency. The boom 
layout for the 12-element model is shown in Fig 49. The 
actual corrected element dimensions for the 12-element 
2.5- Yagi are shown in Table 13. 

The design may also be cut for use at 147 MHz. 
There is no need to change element spacings. The ele- 
ment lengths should be shortened by 17 mm for best 
operation between 146 and 148 MHz. Again, the driven 
element will have to be adjusted as required. 

The driven-element size ('/2-inch diameter) was cho- 
sen to allow easy impedance matching. Any reasonably 
sized driven element could be used, as long as appropri- 
ate length and T-match adjustments are made. Different 
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Fig 48—E-plane pattern for the 33- 
element Yagi. This pattern is drawn on 
a linear dB grid scale, rather than the 
standard ARRL log-periodic grid, to 
emphasize low sidelobes. 
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Rear Boom Section 
1-1/4" OD x 0.049” wall 
6061—T6 round tubing 
1829mm (72") long 






1735mm 
(68.3") 


Table 12 


Free-Space Dimensions for the 
144-MHz Yagi Family 


E/H Element diameter is % inch 
(°) Element Element Element 
10.2/9.5 No. Position (mm Length 


11.0/10.0 from reflector) 
11.7/10.8 Refl. 0 1038 
12.5/11.4 DE 312 955 
12.8/12.0 D1 447 956 
13.2/12.4 D2 699 932 
13.7/13.2 D3 1050 916 
14.1/13.6 D4 1482 906 
14.6/13.9 D5 1986 897 
15.2/14.4 D6 2553 891 
D7 3168 887 
D8 3831 883 
D9 4527 879 
D10 5259 875 
D11 6015 870 
D12 6786 865 
D13 7566 861 
D14 8352 857 
D15 9144 853 
D16 9942 849 
D17 10744 845 


driven-element dimensions are required if you change the 
boom length. The calculated natural driven-element 
impedance is given as a guideline. A balanced T-match 
was chosen because it’s easy to adjust for best SWR and 
provides a balanced radiation pattern. A 4:1 half-wave 
coaxial balun is used, although impedance-transforming 
quarter-wave sleeve baluns could also be used. The cal- 





Front Boom Section 
1-1/4" OD x 0.049" wall 
6061—T6 round tubing 
1829 mm (72") long 


Center Boom Section 
1-3/8" OD x 0.058" wall 
6061—T6 round tubing 
1829 mm (72") long 
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BOOM LAYOUT 


Fig 49—Boom layout for the 12-element 144-MHz Yagi. Lengths are given in 
millimeters to allow precise duplication. 
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Fig 50—Driven-element detail for the 12-element 144-MHz Yagi. Lengths are given in millimeters to allow 
precise duplication. 
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Table 13 
Dimensions for the 12-Element 2.5-/ Yagi 
Element Element Element Boom 
Number Position Length Diam 
(mm from (mm) (in) 
reflector) 

Refl. 0 1044 
DE 312 955 
D1 447 962 11/4 
D2 699 938 
D3 1050 922 
D4 1482 912 
D5 1986 904 
D6 2553 898 1%/s 
D7 3168 894 
D8 3831 889 
D9 4527 885 11/4 
D10 5259 882 

K1FO ENHANCED MININEC 

H Plane 30 


40 

















144 MHz 
Gain dBi 14.66 FB 22.11 


FO12 144 


Fig 51—H- and E-plane pattern for the 12-element 
144-MHz Yagi. 


culated natural impedance will be useful in determining 
what impedance transformation will be required at the 
200-Q balanced feed point. Chapter 26, Coupling the Line 
to the Antenna, contains information on calculating 
folded-dipole and T-match driven-element parameters. A 
balanced feed is important for best operation on this 
antenna. Gamma matches can severely distort the pattern 
balance. Other useful driven-element arrangements are 
the Delta match and the folded dipole, if you’re willing 
to sacrifice some flexibility. Fig 50 details the driven- 
element dimensions. 

A noninsulated driven element was chosen for 
mounting convenience. An insulated driven element may 
also be used. A grounded driven element may be less 
affected by static build-up. On the other hand, an insu- 
lated driven element allows the operator to easily check 
his feed lines for water or other contamination by the use 
of an ohmmeter from the shack. 
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Table 14 
Free-Space Dimensions for the 222-MHz Yagi 


Family 
Element diameter is °/16-inch. 
Element Element Element 
No. Position Length 
(mm from (mm) 
reflector) 
Refl. 0 676 
DE 204 647 
D1 292 623 
D2 450 608 
D3 668 594 
D4 938 597 
D5 1251 581 
D6 1602 576 
D7 1985 573 
D8 2395 569 
D9 2829 565 
D10 3283 562 
D11 3755 558 
D12 4243 556 
D13 4745 554 
D14 5259 553 
D15 5783 552 
D16 6315 551 
D17 6853 550 
D18 7395 549 
D19 7939 548 
D20 8483 547 


Fig 51 shows computer-predicted E- and H-plane 
radiation patterns for the 12-element Yagi. The patterns 
are plotted on a I-dB-per-division linear scale instead of 
the usual ARRL polar-plot graph. This expanded scale 
plot is used to show greater pattern detail. The pattern 
for the 12-element Yagi is so clean that a plot done in the 
standard ARRL format would be almost featureless, 
except for the main lobe and first sidelobes. 

The excellent performance of the 12-element Yagi 
is demonstrated by the reception of Moon echoes from 
several of the larger 144MHz EME stations with only 
one 12-element Yagi. Four of the 12-element Yagis will 
make an excellent starter EME array, capable of working 
many EME QSOs while being relatively small in size. 
The advanced antenna builder can use the information in 
Table 11 to design a dream array of virtually any size. 


A HIGH-PERFORMANCE 222-MHz YAGI 


Modern tapered Yagi designs are easily applied to 
222 MHz. This design uses a spacing progression that is 
in between the 12-element 144-MHz design, and the 
22-element 432-MHz design presented elsewhere in this 
chapter. The result is a design with maximum gain per 
boom length, a clean, symmetrical radiation pattern, and 
wide bandwidth. Although it was designed for weak-sig- 
nal work (tropospheric scatter and EME), the design is 


Table 15 
Specifications for the 222-MHz Yagi Family 


FB DE ~ Beamwidth Stacking 
No of Boom Gain Ratio Imped E/H E/H 
Ele. Length(A)(dBd) (dB) (Q) (9° (feet) 
12 2.4 123 22 23 37/39 7.1/6.7 
13 2.8 128 19 28 33/36 7.8/7.2 
14 3.4 13.2 20 34 32/34 8.1/7.6 
15 3.5 13.6 24 30 30/33 8.6/7.8 
16 3.9 140 23 23 29/31 8.9/8.3 
17 4.3 1435 20 24 28/30.5 9.3/8.5 
18 4.6 14.7 20 29 27/29 9.6/8.9 
19 5.0 150 22 33 26/28 9.9/9.3 
20 5.4 15.3 24 29 25/27 10.3/9.6 
21 5.8 15.55 23 24 24.5/26.5 10.5/9.8 
22 6.2 158 21 23 24/26 10.7/10.2 


suited to all modes of 222-MHz operation, such as packet 
radio, FM repeater operation and control links. 

The spacings were chosen as the best compromise 
for a 3.9-A 16-element Yagi. The 3.9-A design was cho- 
sen, like the 12-element 144-MHz design, because it fits 
perfectly on a boom made from three 6-foot-long alumi- 
num tubing sections. The design is quite extensible, and 
models from 12 elements (2.4 A) to 22 elements (6.2 A) 
can be built from the dimensions given in Table 14. Note 
that free-space lengths are given. They must be corrected 
for the element-mounting method. Specifications for vari- 
ous boom lengths are shown in Table 15. 


Construction 


Large-diameter (1'/4- and 17/s-inch diameter) boom 
construction is used, eliminating the need for boom sup- 
ports. The Yagi can also be used vertically polarized. 
Three-sixteenths-inch-diameter aluminum elements are 
used. The exact alloy is not critical; 6061-T6 was used, 
but hard aluminum welding rod is also suitable. Quarter- 
inch-diameter elements could also be used if all elements 


are shortened by 3 mm. Three-eighths-inch-diameter 
elements would require 10-mm shorter lengths. Elements 
smaller than */16 inch-diameter are not recommended. The 
elements are insulated and run through the boom. Plastic 
shoulder washers and stainless steel retainers are used to 
hold the elements in place. The various pieces needed to 
build the Yagi may be obtained from C3i in Washington, 
DC. Fig 52 details the boom layout for the 16-element 
Yagi. Table 16 gives the dimensions for the 16-element 
Yagi as built. The driven element is fed with a T match 
and a 4:1 balun. See Fig 53 for construction details. See 
the 432-MHz Yagi project elsewhere in this chapter for 
additional photographs and construction diagrams. 

The Yagi has a relatively broad gain and SWR curve, 
as is typical of a tapered design, making it usable over a 
wide frequency range. The example dimensions are 
intended for use at 222.0 to 222.5 MHz. The 16-element 
Yagi is quite usable to more than 223 MHz. The best com- 
promise for covering the entire band is to shorten all para- 
sitic elements by 4 mm. The driven element will have to 
be adjusted in length for best match. The position of the 
T-wire shorting straps may also have to be moved. 

The aluminum boom provides superior strength, is 
lightweight, and has a low wind-load cross section. Alumi- 
num is doubly attractive, as it will long outlast wood and 
fiberglass. Using state-of-the-art designs, it is unlikely that 
significant performance increases will be achieved in the 
next few years. Therefore, it’s in your best interest to build 
an antenna that will last many years. If suitable wood or 
fiberglass poles are readily available, they may be used with- 
out any performance degradation, at least when the wood is 
new and dry. Use the free-space element lengths given in 
Table 16 for insulated-boom construction. 

The pattern of the 16-element Yagi is shown in 
Fig 54. Like the 144-MHz Yagi, a l-dB-per-division plot 
is used to detail the pattern accurately. This 16-element 
design makes a good building block for EME or tropo 
DX arrays. Old-style narrow-band Yagis often perform 





Center Boom Section 
1-3/8" OD x 0.058" wall 
6061—T6 round tubing 
1829 mm (72") long 


Rear Boom Section 
1-1/4" OD x 0.049" wall 
6061—T6 round tubing 
1829 mm (72") long 
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1-1/4" OD x 0.049" wall 
6061—T6 round tubing 
1829 mm (72") long 





Fig 52—Boom layout for the 16- 
element 222-MHz Yagi. Lengths 

are given in millimeters to allow 
precise duplication. 
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First + element of the fourth octave. 
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maintain Ehe equilibrium of this 
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“"g EaRBocENT: 


Ens, 


ICES 


f 


W STARS INDICATE UN DISCOVERED : 
ELEMENTS LOCATED GY THE AUTHOR £ 


The entire ten octave constant_cycle is simply anorderly periodic accumulation of the] 
constant of ‘energy into higher power dimension which reaches its maximum at the Fifth 
octave, and a distribution of that accumulation_through the succeeding Five octaves. 

Higher power is accumulated time. The deceleration of speed in rotation of mass is the result oF 
generation, Power is generated by resistance to speed of rotation and acceleration of speed of 
revolution. Poweris thus accumulated from low potential of great axial speed tohigh potential 
of great orbital speed. Fach element is greater in its mass than its predecessor use oF 
the generative power of electricity which acts as 4 brake against high axial speed anc 
diverts it into accumGlating mass. The elements of matter are an orderly and periodic 
accumulation and redistribution of energy. 





FOURTH, FIFTH AND SIXTH OCTAVES. IN THE FOURTH OCTAVE 
THE SCOMCALLED PHYSICAL UNIVERSE BEGINS WITH BUT ONE OF 
ITS ELEMENTS KNOWN TO MAN. THE ELEMENT HYDROGEN 


Table 16 
Dimensions for 16-Element 3.9-A 222-MHz Yagi 


Element Element Element Boom 
Number Position Length Diam 
(mm from (mm) (in) 
reflector) 

Refl. 0 683 

DE 204 664 

D1 292 630 

D2 450 615 

D3 668 601 11/4 
D4 938 594 

D5 1251 588 

D6 1602 583 

D7 1985 580 

D8 2395 576 

D9 2829 572 13/s 
D10 3283 569 

D11 3755 565 

D12 4243 563 

D13 4745 561 1/4 
D14 5259 560 


unpredictably when used in arrays. The theoretical 
3.0-dB stacking gain is rarely observed. The 16-element 
Yagi (and other versions of the design) reliably provides 
stacking gains of nearly 3 dB. (The spacing dimensions 
listed in Table 15 show just over 2.9 dB stacking gain.) 
This has been found to be the best compromise between 
gain, pattern integrity and array size. Any phasing line 
losses will subtract from the possible stacking gain. 
Mechanical misalignment will also degrade the perfor- 
mance of an array. 
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Fig 54—H- and E-plane patterns for the 16-element 
222-MHz Yagi at A. The driven-element T-match 
dimensions were chosen for the best SWR compromise 
between wet and dry weather conditions. The SWR vs 
frequency curve shown at B demonstrates the broad 
frequency response of the Yagi design. 
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Fig 53—Driven-element detail for the 16-element 222-MHz Yagi. Lengths are given in millimeters to allow precise 


duplication. 
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A 144 MHz 2-Element Quad 


The basic 2-element quad array for 144 MHz is shown 
in Fig 55. The supporting frame is | x 1-inch wood, of 
any kind suitable for outdoor use. Elements are #8 alumi- 
num wire. The driven element is 1 A (83 inches) long, and 
the reflector five percent longer (87 inches). Dimensions 
are not critical, as the quad is relatively broad in frequency 
response. 

The driven element is open at the bottom, its ends 
fastened to a plastic block. The block is mounted at the 
bottom of the forward vertical support. The top portion 
of the element runs through the support and is held firmly 
by a screw running into the wood and then bearing on 
the aluminum wire. Feed is by means of 50-Q coax, 
connected to the driven-element loop. 

The reflector is a closed loop, its top and bottom 
portions running through the rear vertical support. It is 
held in position with screws at the top and bottom. The 
loop can be closed by fitting a length of tubing over the 
element ends, or by hammering them flat and bolting them 
together as shown in the sketch. 

The elements in this model are not adjustable, though 
this can easily be done by the use of stubs. It would then 
be desirable to make the loops slightly smaller to com- 
pensate for the wire in the adjusting stubs. The driven 
element stub would be trimmed for length and the point 
of connection for the coax would be adjustable for best 
match. The reflector stub can be adjusted for maximum 
gain or maximum F/B ratio, depending on the builder’s 
requirements. 

In the model shown only the spacing is adjusted, 
and this is not particularly critical. If the wooden sup- 
ports are made as shown, the spacing between the ele- 
ments can be adjusted for best match, as indicated by an 
SWR meter connected in the coaxial line. The spacing 





x4" 


Wood Frame Reflector 


and Bolt 
Together 





Fig 55—Mechanical details of a 2-element quad for 

144 MHz. The driven element, L1, is one wavelength 
long; reflector L2 is 5% longer. With the transmission 
line connected as shown here, the resulting radiation 
is horizontally polarized. Sets of elements of this type 
can be stacked horizontally and vertically for high gain 
with broad frequency response. Recommended bay 
spacing is '/2 ’ between adjacent element sides. The 
example shown may be fed directly with 50-Q coax. 


has little effect on the gain (from 0.15 to 0.25 A), so the 
variation in impedance with spacing can be used for 
matching. This also permits use of either 50- or 75-Q 
coax for the transmission line. 


A Portable 144 MHz 4-Element Quad 


Element spacing for quad antennas found in the lit- 
erature ranges from 0.14 A to 0.25 A. Factors such as the 
number of elements in the array and the parameters to be 
optimized (F/B ratio, forward gain, bandwidth, etc), 
determine the optimum element spacing within this range. 
The 4-element quad antenna described here was designed 
for portable use, so a compromise between these factors 
was chosen. This antenna, pictured in Fig 56, was 
designed and built by Philip D’Agostino, WIKSC. 

Based on several experimentally determined correction 
factors related to the frequency of operation and the wire size, 
optimum design dimensions were found to be as follows. 











1046. 
Reflector length (ft) = estat (Eq 8) 

MHz 

985.5 
Driven element (ft) = (Eq 9) 

MHz 
; 937.3 

Directors (ft) = (Eq 10) 


MHz 


Cutting the loops for 146 MHz provides satisfac- 
tory performance across the entire 144MHz band. 
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Fig 56—The 4-element 144-MHz portable quad, 
assembled and ready for operation. Sections of 
clothes closet poles joined with pine strips make 
up the mast. (Photo by Adwin Rusczek, W1MPO) 


Materials 


The quad was designed for quick and easy assembly 
and disassembly, as illustrated in Fig 57. Wood (clear trim 
pine) was chosen as the principal building material because 
of its light weight, low cost, and ready availability. Pine is 
used for the boom and element supporting arms. Round 
wood clothes closet poles comprise the mast material. Strips 
connecting the mast sections are made of heavier pine trim. 
Elements are made of no. 8 aluminum wire. Plexiglas is 
used to support the feed point. Table 17 lists the hardware 
and other parts needed to duplicate the quad. 


Construction 


The elements of the quad are assembled first. The 
mounting holes in the boom should be drilled to accom- 
modate 1'/2 inch no. 8 hardware. Measure and mark the 
locations where the holes are to be drilled in the element 
spreaders, Fig 58. Drill the holes in the spreaders just 
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: 5 as 
Fig 57—The complete portable quad, broken down for 
travel. Visible in the foreground is the driven element. 
The pine box in the background is a carrying case for 
equipment and accessories. A hole in the lid accepts 
the mast, so the box doubles as a base for a short 
mast during portable operation. (W1MPO photo) 





Table 17 
Parts List for the 144 MHz 4-element Quad 
Boom: % x % x48-in. pine 
Driven element support (spreader): 
Ve x % x 21% in. pine 
Driven element feed point strut: #2 x %4 x 7% in. pine 
Reflector support (spreader): V2 x %4 x 22% in. pine 
Director supports (spreaders): 
Ve x ¥% x 20% in. pine, 2 req'd 
Mast brackets: % x 1% x 12 in. heavy pine trim, 4 req’d 
Boom to mast bracket: 2 x 15/s x 5 in. pine 
Element wire: Aluminum ground wire 
(Radio Shack no. 15-035) 
Wire clamps: in. electrician’s copper or zinc plated 
steel clamps, 3 req’d 
Boom hardware: 
6 no. 8-32 x 11% in. stainless steel machine screws 
6 no. 8-32 stainless steel wing nuts 
12 no. 8 stainless steel washers 
Mast hardware: 
8 hex bolts, %4-20 x 3% in. 
8 hex nuts, %4-20 
16 flat washers 
Mast material: 15/16 in. x 6 ft wood clothes closet poles, 
3 req'd 
Feed point support plate: 3% x 2% in. Plexiglas sheet 
Wood preparation materials: 
Sandpaper, clear polyurethane, wax 
Feed line: 52-W RG-8 or RG-58 cable 
Feed line terminals: Solder lugs for no. 8 or larger 
hardware, 2 req'd 
Miscellaneous hardware: 
4 small machine screws, nuts, washers; 2 flat-head 
wood screws 


large enough to accept the #8 wire elements. It is impor- 
tant to drill all the holes straight so the elements line up 
when the antenna is assembled. 

Construction of the wire elements is easiest if the 
directors are made first. A handy jig for bending the ele- 
ments can be made from a piece of 2 x 3-inch wood cut to 
the side length of the directors. It is best to start with about 
82 inches of wire for each director. The excess can be cut 
off when the elements are completed. (The total length of 
each director is 77 inches.) Two bends should initially be 
made so the directors can be slipped into the spreaders 
before the remaining corners are bent. See Fig 59. 
Electrician’s copper-wire clamps can be used to join the 
wires after the final bends are made, and they facilitate 
adjustment of element length. The reflector is made the 
same way as the directors, but the total length is 86 inches. 

The driven element, total length 81 inches, requires 
special attention, as the feed attachment point needs to 
be adequately supported. An extra hole is drilled in the 
driven element spreader to support the feed-point strut, 
as shown in Fig 60. A Plexiglas plate is used at the feed 
point to support the feed- point hardware and the feed 
line. The feed-point support strut should be epoxied to 
the spreader, and a wood screw used for extra mechani- 
cal strength. 

For vertical polarization, locate the feed point in the 
center of one side of the driven element, as shown in 
Fig 60. Although this arrangement places the spreader 
supports at voltage maxima points on the four loop con- 
ductors, D’Agostino reports no adverse effects during 
operation. However, if the antenna is to be left exposed 
to the weather, the builder may wish to modify the 
design to provide support for the loops at current maxima 
points, such as shown in Fig 60. (The element of Fig 60 
should be rotated 90° for horizontal polarization.) 

Orient the driven element spreader so that it mounts 
properly on the boom when the antenna is assembled. 
Bend the driven element the same way as the reflector 
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Fig 58—Dimensions for the pine element spreaders for 
the 144-MHz 4-element quad. 














and directors, but do not leave any overlap at the feed 
point. The ends of the wires should be 3/4 inch apart where 
they mount on the Plexiglas plate. Leave enough excess 
that small loops can be bent in the wire for attachment to 
the coaxial feed line with stainless steel hardware. 

Drill the boom as shown in Fig 61. It is a good idea 
to use hardware with wing nuts to secure the element 
spreaders to the boom. After the boom is drilled, clean 
all the wood parts with denatured alcohol, sand them, and 
give them two coats of glossy polyurethane. After the 
polyurethane dries, wax all the wooden parts. 

The boom to mast attachment is made next. Square the 
ends of a 6-foot section of clothes closet pole (a miter box is 
useful for this). Drill the center holes in both the boom 
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Fig 59—Illustration showing how the aluminum 
element wires are bent. The adjustment clamp and its 
location are also shown. 
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Fig 60—Layout of the driven element of the 144-MHz 
quad. The leads of the coaxial cable should be stripped 
to % in. and solder lugs attached for easy connection 
and disconnection. See text regarding impedance at 
loop support points. 
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Fig 61—Detail of the boom showing hole center 
locations and boom to mast connection points. 





























Mast Connectoes 


Fig 63—Mast coupling connector details for the 
portable quad. The plates should be drilled two at a 
time to ensure the holes line up. 


attachment piece and one end of the mast section (Fig 62). 
Make certain that the mast hole is smaller than the flat-head 
screw to be used to ensure a snug fit. Accurately drill the 
holes for attachment to the boom as shown in Fig 62. 

Countersink the hole for the flat-head screw to pro- 
vide a smooth surface for attachment to the boom. Apply 
epoxy cement to the surfaces and screw the boom attach- 
ment piece securely to the mast section. One 6 foot mast 
is used for attachment to the other mast sections. 

Two additional 6-foot mast sections are prepared 
next. This brings the total mast height to 18 feet. It is 
important to square the ends of each pole so the mast 
stands straight when assembled. Mast-section connectors 
are made of pine as shown in Fig 63. Using 3!/2 x '/4-inch 
hex bolts, washers, and nuts, sections may be attached as 
needed, for a total height of 6, 12 or 18 feet. Drill the 
holes in two connectors at a time. This ensures good align- 


18-44 Chapter 18 












Counter Sink 
Wood Screw 


Vin 


Mast Plate 


Fig 62—Boom to mast plate for the 144-MHz quad. 
The screw hole in the center of the plate should be 
countersunk so the wood screw attaching it to the 
mast does not interfere with the fit of the boom. 
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Fig 64—Typical SWR curve for the 144MHz portable 
quad. The large wire diameter and the quad design 
provide excellent bandwidth. 


ment of the holes. A drill press is ideal for this job, but 
with care a hand drill can be used if necessary. 

Line up two mast sections end to end, being careful 
that they are perfectly straight. Use the predrilled con- 
nectors to maintain pole straightness, and drill through 
the poles, one at a time. If good alignment is maintained, 
a straight 18-foot mast section can be made. Label the 
connectors and poles immediately so they are always 
assembled in the same order. 

When assembling the antenna, install all the elements 
on the boom before attaching the feed line. Connect the coax 
to the screw connections on the driven element support plate 
and run the cable along the strut to the boom. From there, 
the cable should be routed directly to the mast and down. 
Assemble the mast sections to the desired height. The 
antenna provides good performance, and has a reasonable 
SWR curve over the entire 144 MHz band (Fig 64). 


Building Quagi Antennas 


The Quagi antenna was designed by Wayne 
Overbeck, N6ONB. He first published information on this 
antenna in 1977 (see Bibliography). There are a few tricks 
to Quagi building, but nothing very difficult or compli- 
cated is involved. In fact, Overbeck mass produced as 
many as 16 in one day. Tables 18 and 19 give the dimen- 
sions for Quagis for various frequencies up to 446 MHz. 

For the designs of Tables 18 and 19, the boom is wood 
or any other nonconductor (such as, fiberglass or Plexiglas). 
If a metal boom is used, a new design and new element 
lengths will be required. Many VHF antenna builders go 


this changes the resonant frequency slightly. Solder a type 
N connector (an SO-239 is often used at 144 MHz) at the 
midpoint of the driven element bottom side, and close 
the reflector loop. 


Table 19 
432MHz, 15-Element, Long Boom Quagi 
Consiruction Data 


Element Lengths, Interelement Spacing, 


wrong by failing to follow this rule: If the original uses a Inches Inches 
metal boom, use the same size and shape metal boom when R—28 R-DE7 
you duplicate it. If it calls for a wood boom, use a noncon- DE—26°/s DE-D1—5'/4 
ductor. Many amateurs dislike wood booms, but in a salt air Di—11°%4 D1-D2—11 
environment they outlast aluminum (and surely cost less). Cea. 18 Peep 
Varnish the boom for added protection. vie i ae) 
The 144-MHz version is usually built on a 14 foot, D5—111/> D5-D6—82/. 
1 x 3 inch boom, with the boom tapered to | inch at both D6—117/16 D6-D7—12 
ends. Clear pine is best because of its light weight, but D7—11°/s D7-D8—12 
construction grade Douglas fir works well. At 222 MHz D8—1 1%/16 D8-D9—11"/4 
the boom is under 10 feet long, and most builders use 1 x = D9—11%/t6 D9-D10—11'/2 
2 or (preferably) 7/4 x 11/4 inch pine molding stock. At D10—1 ae D10-D1 ee 
432 MHz, except for long-boom versions, the boom eee Pees ah 
; ; : : —11"%/s D12-D13—1-%/4 
should be '/2 inch thick or less. Most builders use strips D13—11 1/16 


of '/2-inch exterior plywood for 432 MHz. 

The quad elements are supported at the current 
maxima (the top and bottom, the latter beside the feed 
point) with Plexiglas or small strips of wood. See Fig 65. 
The quad elements are made of #12 copper wire, com- 
monly used in house wiring. Some builders may elect to 
use #10 wire on 144 MHz and #14 on 432 MHz, although 


Boom: 1 x 2in. x 12-ft Douglas fir, tapered to °/s in. at 
both ends. 

Driven element: #12 TW copper wire loop in square 
configuration, fed at bottom center with type N connector 
and 52-Q coax. 

Reflector: #12 TW copper wire loop, closed at bottom. 
Directors: '/e in. rod passing through boom. 








Table 18 
Dimensions, Eight-Element Quagi 
Element Frequency 
Lengths 144.5 MHz 147 MHz 222 MHz 432 MHz 446 MHz 
Reflector! 865/e" 85" 56°/s" 28" 271/68" 
Driven2 82" 80" 53%” 26°/s" 2577/8" 
Directors 3519/16" 355/16" to 23°/s" to 11%” to 11%/s" to 
to 35" in 34°/e" in 23%” in 117/16" in 11*/16" in 
3/16" steps 3/16" steps ‘/s" steps ‘/1e" steps ‘/e" steps 
Spacing 
R-DE 21" 201%” 13/6" 7" 6.8" 
DE-D1 15%” 15%/e" 101%” 5%,” 5.1" 
D1-D2 33" 3212” 21%” 11" 10.7" 
D2-D3 17%” 1717/3" 1135/6" 5.85" 5.68" 
D3-D4 26.1" 255/8" 17" 8.73" 8.46" 
D4-D5 26.1" 255/8" 17" 8.73" 8.46" 
D5-D6 26.1" 25°/e" 17" 8.73" 8.46" 
Stacking Distance Between Bays 
11' 10' 10" 7' 1%” 37" 3' 55/s" 


1 All #12 TW (electrical) wire, closed loops. 
2 All #12 TW wire loops, fed at bottom. 
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The directors are mounted through the boom. They 
can be made of almost any metal rod or wire of about 
'/s-inch diameter. Welding rod or aluminum clothesline 
wire works well if straight. (The designer uses '/s-inch 
stainless-steel rod obtained from an aircraft surplus store.) 

A TV type U bolt mounts the antenna on a mast. A 
single machine screw, washers and a nut are used to 
secure the spreaders to the boom so the antenna can be 
quickly “flattened” for travel. In permanent installations 
two screws are recommended. 


Construction Reminders 


Based on the experiences of Quagi builders, the fol- 
lowing hints are offered. First, remember that at 432 MHz 
even a '/s-inch measurement error results in performance 
deterioration. Cut the loops and elements as carefully as 
possible. No precision tools are needed, but accuracy is nec- 





Fig 65—A close-up view of the feed method used ona 
432-MHz Quagi. This arrangement produces a low SWR 
and gain in excess of 13 dBi with a 4-ft 10-in. boom! 
The same basic arrangement is used on lower 
frequencies, but wood may be substituted for the 
Plexiglas spreaders. The boom is ¥2-in. exterior 
plywood. 
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essary. Also make sure to get the elements in the right or- 
der. The longest director goes closest to the driven element. 

Finally, remember that a balanced antenna is being 
fed with an unbalanced line. Every balun the designer 
tried introduced more trouble in terms of losses than the 
feed imbalance caused. Some builders have tightly coiled 
several turns of the feed line near the feed point to limit 
line radiation. In any case, the feed line should be kept at 
right angles to the antenna. Run it from the driven ele- 
ment directly to the supporting mast and then up or down 
perpendicularly for best results. 


QUAGIS FOR 1296 MHz 


The Quagi principle has recently been extended to 
the 1296-MHz band, where good performance is 
extremely difficult to obtain from homemade conventional 
Yagis. Fig 66 shows the construction and Table 20 gives 
the design information for antennas with 10, 15 and 25 
elements. 

At 1296 MHz, even slight variations in design or 
building materials can cause substantial changes in per- 
formance. The 1296 MHz antennas described here work 
every time—but only if the same materials are used and 
the antennas are built exactly as described. This is not to 
discourage experimentation, but if modifications to these 
1296-MHz antenna designs are contemplated, consider 
building one antenna as described here, so a reference is 
available against which variations can be compared. 

The Quagis (and the cubical quad) are built on 
44-inch thick Plexiglas booms. The driven element and 
reflector (and also the directors in the case of the cubical 
quad) are made of insulated #18 AWG solid copper bell 
wire, available at hardware and electrical supply stores. 
Other types and sizes of wire work equally well, but the 
dimensions vary with the wire diameter. Even removing 
the insulation usually necessitates changing the loop 
lengths. 

Quad loops are approximately square (Fig 67), 
although the shape is relatively uncritical. The element 
lengths, however, are critical. At 1296 MHz, variations 


Fig 66—A view of the 
10-element version of 
the 1296-MHz Quagi. It 
is mounted on a 30-in. 
Plexiglas boom with a 
3 x 3-in. square of 
Plexiglas to support 
the driven element and 
reflector. Note how the 
driven element is 
attached to a standard 
UG-290 BNC 
connector. The 
elements are held in 
place with silicone 
sealing compound. 


of '/is inch alter the performance measurably, and a 
'/s inch departure can cost several decibels of gain. The 
loop lengths given are gross lengths. Cut the wire to these 
lengths and then solder the two ends together. There is a 
'/s-inch overlap where the two ends of the reflector (and 
director) loops are joined, as shown in Fig 67. 

The driven element is the most important of all. The 
#18 wire loop is soldered to a standard UG-290 chassis- 
mount BNC connector as shown in the photographs. This 
exact type of connector must be used to ensure unifor- 


Table 20 

Dimensions, 1296-MHz Quagi Antennas 

Note: All lengths are gross lengths. See text and photos 
for construction technique and recommended overlap at 
loop junctions. All loops are made of #18 AWG solid- 
covered copper bell wire. The Yagi type directors are 
‘/1e-in. brass brazing rod. See text for a discussion of 
director taper. 

Feed: Direct with 52-Q coaxial cable to UG-290 connec- 
tor at driven element; run coax symmetrically to mast at 
rear of antenna. 

Boom: 1'/s-in. thick Plexiglas, 30 in. long for 10-element 
quad or Quagi and 48 in. long for 15-element Quagi; 84 
in. for 25-element Quagi. 


10-Element Quagi for 1296 MHz 


Length, Interelement 
Element Inches Construction Element Spacing, In. 
Reflector 9.5625 Loop R-DE 2.375 
Driven 9.25 Loop DE-D1i 2.0 
Director 1 3.91 Brass rod D1-D2 3.67 
Director 2 3.88 Brass rod D2-D3 1.96 
Director 3 3.86 Brass rod D3-D4 2.92 
Director 4 3.83 Brass rod D4-D5 2.92 
Director 5 3.80 Brass rod D5-D6 2.92 
Director 6 3.78 Brass rod D6-D7 = 4.75 
Director 7 3.75 Brass rod D7-D8 3.94 
Director 8 3.72 Brass rod 


15-Element Quagi for 1296 MHz 

The first 10 elements are the same lengths as above, 
but the spacing from D6 to D7 is 4.0 in.; 07 to D8 is also 
4.0 in. 


Director9 3.70 D8-D9 3.75 
Director 10 3.67 D9-D10 3.83 
Director 11 3.64 D10-D11 3.06 
Director 12 3.62 D11-D12 4.125 
Director 13 3.59 D12-D13 4.58 


25-Element Quagi for 1296 MHz 

The first 15 elements use the same element lengths and 
spacings as the 15-element model. The additional 
directors are evenly spaced at 3.0-in. intervals and taper 
in length successively by 0.02 in. per element. Thus, D23 
is 3.39 in. 


mity in construction. Any substitution may alter the driven 
element electrical length. One end of the 9'/4 inch driven 
loop is pushed as far as it can go into the center pin, and 
is soldered in that position. The loop is then shaped and 
threaded through small holes drilled in the Plexiglas sup- 
port. Finally, the other end is fed into one of the four 
mounting holes on the BNC connector and soldered. In 
most cases, the best SWR is obtained if the end of the 
Wire just passes through the hole so it is flush with the 
opposite side of the connector flange. 











Fig 67—These photos show the construction method 
used for the 1296-MHz quad type parasitic elements. 
The two ends of the #18 bell wire are brought together 
with an overlap of '/s in. and soldered. 
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Loop Yagis for 1296 MHz 


Described here are loop Yagis for the 1296-MHz 
band. The loop Yagi fits into the quad family of anten- 
nas, as each element is a closed loop with a length of 
approximately 1 A. Several versions are described, so the 
builder can choose the boom length and frequency cov- 
erage desired for the task at hand. Mike Walters, G3J VL, 
brought the original loop- Yagi design to the amateur com- 
munity in the 1970s. Since then, many versions have been 
developed with different loop and boom dimensions. Chip 
Angle, N6CA, developed the antennas shown here. 

Three sets of dimensions are given. Good perfor- 
mance can be expected if the dimensions are carefully 
followed. Check all dimensions before cutting or drilling 
anything. The 1296-MHz version is intended for weak- 
signal operation, while the 1270-MHz version is opti- 
mized for FM and mode L satellite work. The 1283-MHz 


antenna provides acceptable performance from 1280 to 
1300 MHz. 

These antennas have been built on 6- and 12-foot 
booms. Results of gain tests at VHF conferences and by 
individuals around the country show the gain of the 
6-foot model to be about 18 dBi, while the 12-foot ver- 
sion provides about 20.5 dBi. Swept measurements indi- 
cate that gain is about 2 dB down from maximum gain at 
+30 MHz from the design frequency. The SWR, how- 
ever, deteriorates within a few megahertz on the low side 
of the design center frequency. 


The Boom 


The dimensions given here apply only to a %4-inch 
OD boom. If a different boom size is used, the dimen- 
sions must be scaled accordingly. Many hardware stores 
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Fig 68—Loop Yagi boom-to-mast plate details are given at A. At B, the mounting of the antenna to the mast is 
detailed. A boom support for long antennas is shown at C. The arrangement shown in D and E may be used to 


rear-mount antennas up to 6 or 7 ft long. 
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R1 R2 DE 
D1 D2 D3 D4 DS D6 D7 D8 
| 8 
1296 [3.050 ]1.180 | 1.120} 0.830] 1.780 | 1.780 | 1.780 | 1.780 3.560 3.560 
1283 [3.090 ]1.193 | 1.135] 0.841 | 1.804 | 1.804 | 1.804 | 1.804 3.607 3.607 
1270 73.122 |1.202 | 1.146] 0.850] 1.822 | 1.822 | 1.822 | 1.822 3.644 3.644 
Freq. Element Spacing (inches) Spacing remains constant for all 
elements from D6 up 
—_> 


Fig 69—Boom drilling dimensions. These dimensions must be carefully followed and the same materials used if 
performance is to be optimum. Element spacings are the same for all directors after Dé—use as many as 


necessary to fill the boom. 
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Element Lengths (Inches) 


(Hole to Hole) NOTE: All Dimensions are in Inches 


Fig 70—Parasitic elements for the loop Yagi are made 
from aluminum sheet, the driven element from copper 
sheet. The dimensions given are for %4-in. wide by 
0.0325-in. thick elements only. Lengths specified are 
hole to hole distances; the holes are located ‘/s in. from 
each element end. 


carry aluminum tubing in 6- and 8-foot lengths, and that 
tubing is suitable for a short Yagi. If a 12-foot antenna is 
planned, find a piece of more rugged boom material, such 
as 6061-T6 grade aluminum. Do not use anodized tub- 
ing. The 12foot antenna must have additional boom sup- 
port to minimize boom sag. The 6 foot version can be 
rear mounted. For rear mounting, allow 4!'/2 inches of 
boom behind the last reflector to eliminate SWR effects 
from the support. 

The antenna is attached to the mast with a gusset 
plate. This plate mounts at the boom center. See Fig 68. 
Drill the plate mounting holes perpendicular to the ele- 
ment mounting holes (assuming the antenna polarization 
is to be horizontal). 

Elements are mounted to the boom with no. 4-40 





No. 4-40 X 1" 
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Fig 71—Element-to-boom mounting details. 


machine screws, so a series of no. 33 (0.113inch) holes 
must be drilled along the center of the boom to accom- 
modate this hardware. Fig 69 shows the element spac- 
ings for different parts of the band. Dimensions should 
be followed as closely as possible. 


Parasitic Elements 


The reflectors and directors are cut from 0.032-inch 
thick aluminum sheet and are '/s inch wide. Fig 70 indi- 
cates the lengths for the various elements. These lengths 
apply only to elements cut from the specified material. 
For best results, the element strips should be cut with a 
shear. If the edges are left sharp, birds won’t sit on the 
elements. 

Drill the mounting holes as shown in Fig 70 after 
carefully marking their locations. After the holes are 
drilled, form each strap into a circle. This is easily done 
by wrapping the element around a round form. (A small 
juice can works well.) 

Mount the loops to the boom with no. 4-40 x 1-inch 
machine screws, lock washers and nuts. See Fig 71. It is 
best to use only stainless steel or plated-brass hardware. 
Although the initial cost is higher than for ordinary plated- 
steel hardware, stainless or brass hardware will not rust 
and need replacement after a few years. Unless the antenna 
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is painted, the hardware will definitely deteriorate. 


Driven Element 


The driven element is cut from 0.032-inch copper 
sheet and is '/4 inch wide. Drill three holes in the strap as 
detailed in Fig 69. Trim the ends as shown and form the 
strap into a loop similar to the other elements. This 
antenna is like a quad; if the loop is fed at the top or 
bottom, it is horizontally polarized. 

Driven element mounting details are shown in Fig 
72. A mounting fixture is made from a '/4-20 x 1'/s inch 
brass bolt. File the bolt head to a thickness of '/s inch. 
Bore a 0.144-inch (no. 27 drill) hole lengthwise through 
the center of the bolt. A piece of 0.141 inch semi-rigid 
Hardline (UT-141 or equivalent) mounts through this hole 
and is soldered to the driven loop feed point. The point at 
which the UT-141 passes through the copper loop and brass 
mounting fixture should be left unsoldered at this time to 
allow for matching adjustments when the antenna is com- 
pleted, although the range of adjustment is not very large. 

The UT-141 can be any convenient length. Attach 
the connector of your choice (preferably type N). Use a 
short piece of low-loss RG-8 size cable (or '/2-inch 
Hardline) for the run down the boom and mast to the main 
feed line. For best results, the main feed line should be 
the lowest loss 50-Q cable obtainable. Good 7/s-inch 
Hardline has 1.5 dB of loss per 100 feet and virtually 
eliminates the need for remote mounting of the transmit 
converter or amplifier. 


Tuning the Driven Element 


If the antenna is built carefully to the dimensions 
given, the SWR should be close to 1:1. Just to be sure, 
check the SWR if you have access to test equipment. Be 
sure the signal source is clean, however; wattmeters 
respond to “dirty” signals and can give erroneous read- 
ings. If problems are encountered, recheck all dimensions. 
If they look good, a minor improvement may be realized 
by changing the shape of the driven element. Slight bend- 
ing of reflector 2 may also improve the SWR. When the 
desired match has been obtained, solder the point where 
the UT-141 jacket passes through the loop and brass bolt. 


Tips for 1296-MHz Antenna Installations 


Construction practices that are common on lower fre- 
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Fig 72—Driven-element details. See Fig 70 and the text 
for additional information. 


quencies cannot be used on 1296 MHz. This is the most 
important reason why all who venture to these frequen- 
cies are not equally successful. First, when a proven 
design is used, copy it exactly%4don’t change anything. 
This is especially true for antennas. 

Use the best feed line you can get. Here are some 
realistic measurements of common coaxial cables at 
1296 MHz (loss per 100 feet). 


RG-8, 213, 214: 11 dB 
‘/2in. foam/copper Hardline: 4 dB 
/sin. foam/copper Hardline: 1.5 dB 


Mount the antennas to keep feed line losses to an 
absolute minimum. Antenna height is less important than 
keeping the line losses low. Do not allow the mast to pass 
through the elements, as is common on antennas for lower 
frequencies. Cut all U-bolts to the minimum length 
needed; '/4 A at 1296 MHz is only a little over 2 inches. 
Avoid any unnecessary metal around the antenna. 


Trough Reflectors for 432 and 1296 MHz 


Dimensions are given in Fig 73 for 432- and 1296- 
MHz trough reflectors. The gain to be expected is 16 dBi 
and 15 dBi, respectively. A very convenient arrangement, 
especially for portable work, is to use a metal hinge at 
each angle of the reflector. This permits the reflector to 
be folded flat for transit. It also permits experiments to 
be carried out with different apex angles. 

A housing is required at the dipole center to prevent 
the entry of moisture and, in the case of the 432-MHz 
antenna, to support the dipole elements. The dipole may 
be moved in and out of the reflector to get either mini- 
mum SWR or, if this cannot be measured, maximum gain. 
If a two-stub tuner or other matching device is used, the 
dipole may be placed to give optimum gain and the match- 


ing device adjusted to give optimum match. In the case 
of the 1296-MHz antenna, the dipole length can be 
adjusted by means of the brass screws at the ends of the 
elements. Locking nuts are essential. 

The reflector should be made of sheet aluminum 
for 1296 MHz, but can be constructed of wire mesh (with 
twists parallel to the dipole) for 432 MHz. To increase 
the gain by 3 dB, a pair of these arrays can be stacked 
so the reflectors are barely separated (to prevent the for- 
mation of a slot radiator by the edges). The radiating 
dipoles must then be fed in phase, and suitable feeding 
and matching must be arranged. A two-stub tuner can 
be used for matching either a single- or double-reflector 
system. 
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Fig 73—Practical construction information for trough reflector antennas for 432 and 1296 MHz. 
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A Horn Antenna for 10 GHz 


The horn antenna is the easiest antenna for the 
beginner on 10 GHz to construct. It can be made out of 
readily available flat sheet brass. Because it is inherently 
a broadband structure, minor constructional errors can 
be tolerated. The one drawback is that horn antennas 
become physically cumbersome at gains over about 
25 dBi, but for most line-of-sight work this much gain is 
rarely necessary. This antenna was designed by Bob 
Atkins, KAIGT, and appeared in QST for April and May, 
1987. 

Horn antennas are usually fed by waveguide. When 
operating in its normal frequency range, waveguide 
propagation is in the TE,g mode. This means that the elec- 
tric (E) field is across the short dimension of the guide 
and the magnetic (H) field is across the wide dimension. 
This is the reason for the E-plane and H-plane terminol- 
ogy shown in Fig 74. 

There are many varieties of horn antennas. If the 
waveguide is flared out only in the H-plane, the horn is 
called an H-plane sectoral horn. Similarly, if the flare is 
only in the E-plane, an Eplane sectoral horn results. If 
the flare is in both planes, the antenna is called a pyrami- 
dal horn. 

For a horn of any given aperture, directivity (gain 
along the axis) is maximum when the field distribution 
across the aperture is uniform in magnitude and phase. 
When the fields are not uniform, side lobes that reduce 
the directivity of the antenna are formed. To obtain a 
uniform distribution, the horn should be as long as pos- 
sible with minimum flare angle. From a practical point 
of view, however, the horn should be as short as possible, 
so there is an obvious conflict between performance and 
convenience. 

Fig 75 illustrates this problem. For a given flare 
angle and a given side length, there is a path-length dif- 
ference from the apex of the horn to the center of the 
aperture (L), and from the apex of the horn to the edge of 
the aperture (L’). This causes a phase difference in the 
field across the aperture, which in turn causes formation 
of side lobes, degrading directivity (gain along the axis) 
of the antenna. If L is large this difference is small, and 
the field is almost uniform. As L decreases however, the 
phase difference increases and directivity suffers. An 
optimum (shortest possible) horn is constructed so that 
this phase difference is the maximum allowable before 
side lobes become excessive and axial gain markedly 
decreases. 

The magnitude of this permissible phase difference 
is different for E-plane and H-plane horns. For the 
E-plane horn, the field intensity is quite constant across 
the aperture. For the H-plane horn, the field tapers to zero 
at the edge. Consequently, the phase difference at the edge 
of the aperture in the E-plane horn is more critical and 
should be held to less than 90° (1/4 A). In an H-plane horn, 
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the allowable phase difference is 144° (0.4 A). If the 
aperture of a pyramidal horn exceeds one wavelength in 
both planes, the Eplane and Hplane patterns are essen- 
tially independent and can be analyzed separately. 

The usual direction for orienting the waveguide feed 
is with the broad face horizontal, giving vertical polar- 
ization. If this is the case, the H-plane sectoral horn has 
a narrow horizontal beamwidth and a very wide vertical 
beamwidth. This is not a very useful beam pattern for 
most amateur applications. The E-plane sectoral horn has 
a narrow vertical beamwidth and a wide horizontal 
beamwidth. Such a radiation pattern could be useful in a 
beacon system where wide coverage is desired. 

The most useful form of the horn for general appli- 
cations is the optimum pyramidal horn. In this configura- 
tion the two beamwidths are almost the same. The E-plane 
(vertical) beamwidth is slightly less than the H-plane (hori- 
zontal), and also has greater side lobe intensity. 





Waveguide 


H -Plane 


E -Plane 


Fig 74—10-GHz antennas are usually fed with 
waveguide. See text for a discussion of waveguide 
propagation characteristics. 
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Fig 75—The path-length (phase) difference between 
the center and edge of a horn antenna is 8. 





Building the Antenna 


A 10-GHz pyramidal horn with 18.5 dBi gain is 
shown in Fig 76. The first design parameter is usually the 
required gain, or the maximum antenna size. These are of 
course related, and the relationships can be approximated 
by the following: 


L = H-plane length (A) = 0.0654 x gain (Eq 1) 
A = H-plane aperture (A) = 0.0443 x gain (Eq 2) 
B =E-plane aperture (A) = 0.81 A (Eq 3) 


where 
gain is expressed as a ratio; 20 dBi gain = 100 
L, A and B are dimensions shown in Fig 77. 


From these equations, the dimensions for a 20-dBi 
gain horn for 10.368 GHz can be determined. One wave- 
length at 10.368 GHz is 1.138 inches. The length (L) of 
such a horn is 0.0654 x 100 = 6.54 A. At 10.368 GHz, 
this is 7.44 inches. The corresponding H-plane aperture 
(A) is 4.43 A (5.04 inches), and the E-plane aperture (B), 
4.08 inches. 

The easiest way to make such a horn is to cut pieces 
from brass sheet stock and solder them together. Fig 77 
shows the dimensions of the triangular pieces for the sides 
and a square piece for the waveguide flange. (A standard 
commercial waveguide flange could also be used.) 
Because the E-plane and H-plane apertures are different, 
the horn opening is not square. Sheet thickness is unim- 
portant; 0.02 to 0.03 inch works well. Brass sheet is 
often available from hardware or hobby shops. 

Note that the triangular pieces are trimmed at the 
apex to fit the waveguide aperture (0.9 x 0.4 inch). This 
necessitates that the length, from base to apex, of the 
smaller triangle (side B) is shorter than that of the larger 
(side A). Note that the length, S, of the two different sides 
of the horn must be the same if the horn is to fit together! 
For such a simple looking object, getting the parts to fit 
together properly requires careful fabrication. 

The dimensions of the sides can be calculated with 
simple geometry, but it is easier to draw out templates on 
a sheet of cardboard first. The templates can be used to 
build a mock antenna to make sure everything fits together 
properly before cutting the sheet brass. 

First, mark out the larger triangle (side A) on card- 
board. Determine at what point its width is 0.9 inch and 
draw a line parallel to the base as shown in Fig 77. Mea- 
sure the length of the side S; this is also the length of the 
sides of the smaller (side B) pieces. 

Mark out the shape of the smaller pieces by first 
drawing a line of length B and then constructing a sec- 
ond line of length S. One end of line S is an end of line 
B, and the other is 0.2 inch above a line perpendicular to 
the center of line B as shown in Fig 76. (This procedure 
is much more easily followed than described.) These 
smaller pieces are made slightly oversize (shaded area in 
Fig 77) so you can construct the horn with solder seams 
on the outside of the horn during assembly. 








Fig 76—This pyramidal horn has 18.5 dBi gain at 
10 GHz. Construction details are given in the text. 
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Fig 77—Dimensions of the brass pieces used to make 
the 10-GHz horn antenna. Construction requires two of 
each of the triangular pieces (side A and side B). 
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Cut out two cardboard pieces for side A and two for 
side B and tape them together in the shape of the horn. 
The aperture at the waveguide end should measure 0.9 x 
0.4 inch and the aperture at the other end should measure 
5.04 x 4.08 inches. 

If these dimensions are correct, use the cardboard 
templates to mark out pieces of brass sheet. The brass 
sheet should be cut with a bench shear if one is available, 
because scissors type shears tend to bend the metal. Jig 
the pieces together and solder them on the outside of the 
seams. It is important to keep both solder and rosin from 
contaminating the inside of the horn; they can absorb RF 
and reduce gain at these frequencies. 

Assembly is shown in Fig 78. When the horn is com- 
pleted, it can be soldered to a standard waveguide flange, 
or one cut out of sheet metal as shown in Fig 77. The 
transition between the flange and the horn must be 
smooth. This antenna provides an excellent performance- 
to-cost ratio (about 20 dBi gain for about five dollars in 
parts). 


Fig 78—Assembly of the 


10-GHz horn antenna. 
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Periscope Antenna Systems 


One problem common to all who use microwaves is 
that of mounting an antenna at the maximum possible 
height while trying to minimize feed-line losses. The 
higher the frequency, the more severe this problem be- 
comes, as feeder losses increase with frequency. Because 
parabolic dish reflectors are most often used on the higher 
bands, there is also the difficulty of waterproofing feeds 
(particularly waveguide feeds). Inaccessibility of the dish 
is also a problem when changing bands. Unless the tower 
is climbed every time and the feed changed, there must be 
a feed for each band mounted on the dish. One way around 
these problems is to use a periscope antenna system (some- 
times called a “flyswatter antenna’). 

The material in this section was prepared by Bob 
Atkins, KAIGT, and appeared in QST for January and 
February 1984. Fig 79 shows a schematic representation 
of a periscope antenna system. A plane reflector is 
mounted at the top of a rotating tower at an angle of 45°. 
This reflector can be elliptical with a major to minor axis 
ratio of 1.41, or rectangular. At the base of the tower is 
mounted a dish or other type of antenna such as a Yagi, 
pointing straight up. The advantage of such a system is 
that the feed antenna can be changed and worked on eas- 
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ily. Additionally, with a correct choice of reflector size, 
dish size, and dish to reflector spacing, feed losses can 
be made small, increasing the effective system gain. In 
fact, for some particular system configurations, the gain 
of the overall system can be greater than that of the feed 
antenna alone. 


Gain of a Periscope System 


Fig 80 shows the relationship between the effective 
gain of the antenna system and the distance between the 
reflector and feed antenna for an elliptical reflector. At 
first sight, it is not at all obvious how the antenna system 
can have a higher gain than the feed alone. The reason 
lies in the fact that, depending on the feed to reflector 
spacing, the reflector may be in the near field (Fresnel) 
region of the antenna, the far field (Fraunh6ffer) region, 
or the transition region between the two. 

In the far field region, the gain is proportional to the 
reflector area and inversely proportional to the distance 
between the feed and reflector. In the near field region, 
seemingly strange things can happen, such as decreasing 
gain with decreasing feed to reflector separation. The 
reason for this gain decrease is that, although the reflec- 
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Fig 79—The basic periscope antenna. This design 
makes it easy to adjust the feed antenna. 


tor is intercepting more of the energy radiated by the feed, 
it does not all contribute in phase at a distant point, and 
so the gain decreases. 

In practice, rectangular reflectors are more common 
than elliptical. A rectangular reflector with sides equal 
in length to the major and minor axes of the ellipse will, 
in fact, normally give a slight gain increase. In the far 
field region, the gain will be proportional to the area of 
the reflector. To use Fig 80 with a rectangular reflector, 
R2 may be replaced by A / 1, where A is the projected 
area of the reflector. The antenna pattern depends in a 
complicated way on the system parameters (spacing and 
size of the elements), but Table 21 gives an approxima- 
tion of what to expect. R is the radius of the projected 
circular area of the elliptical reflector (equal to the 
minor axis radius), and b is the length of the side of the 
projected square area of the rectangular reflector (equal 
to the length of the short side of the rectangle). 

For those wishing a rigorous mathematical analysis 
of this type of antenna system, several references are given 
in the Bibliography at the end of this chapter. 


Mechanical Considerations 


There are some problems with the physical construc- 
tion of a periscope antenna system. Since the antenna gain 
of a microwave system is high and, hence, its beamwidth 
narrow, the reflector must be accurately aligned. If the 
reflector does not produce a beam that is horizontal, the 
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Fig 80—Gain of a periscope antenna using a plane elliptical reflector (after Jasik—see Bibliography). 
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Table 21 
Radiation Patterns of Periscope Antenna Systems 
Elliptical Rectangular 
Reflector Reflector 
3-dB beamwidth, 60 A/2R 52 A/b 
degrees 
6-dB beamwidth, 82 /2R 68 A/b 
degrees 
First minimum, 73 A/2R 58 A/b 
degrees from axis 
First maximum, 95 A/2R 84 A/b 
degrees from axis 
Second minimum, 130 /2R 116 A/b 
degrees from axis 
Second maximum, 156 /2R 142 d/b 
degrees from axis 
Third minimum, 185 /2R 174 A/b 


degrees from axis 





Fig 81—Commercial periscope antennas, such as this 
one, are often used for point-to-point communication. 


useful gain of the system will be reduced. From the 
geometry of the system, an angular misalignment of the 
reflector of X degrees in the vertical plane will result in an 
angular misalignment of 2X degrees in the vertical align- 
ment of the antenna system pattern. Thus, for a dish point- 
ing straight up (the usual case), the reflector must be at an 
angle of 45° to the vertical and should not fluctuate from 
factors such as wind loading. 

The reflector itself should be flat to better than '/10 
A for the frequency in use. It may be made of mesh, pro- 
vided that the holes in the mesh are also less than '/10 A in 
diameter. A second problem is getting the support mast 
to rotate about a truly vertical axis. If the mast is not 
vertical, the resulting beam will swing up and down from 
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the horizontal as the system is rotated, and the effective 
gain at the horizon will fluctuate. Despite these prob- 
lems, amateurs have used periscope antennas success- 
fully on the bands through 10 GHz. Periscope antennas 
are used frequently in commercial service, though usu- 
ally for point-to-point transmission. Such a commercial 
system is shown in Fig 81. 

Circular polarization is not often used for terrestrial 
work, but if it is used with a periscope system there is an 
important point to remember. The circularity sense 
changes when the signal is reflected. Thus, for right hand 
circularity with a periscope antenna system, the feed 
arrangement on the ground should produce left hand cir- 
cularity. It should also be mentioned that it is possible 
(though more difficult for amateurs) to construct a peri- 
scope antenna system using a parabolically curved 
reflector. The antenna system can then be regarded as an 
offset fed parabola. More gain is available from such a 
system at the added complexity of constructing a para- 
bolically curved reflector, accurate to '/10 A. 
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When we consider amateur space communications, 
we usually think about two basic modes: satellite and 
earth-moon-earth (EME—also referred to as moon- 
bounce). At their essence, both modes communicate 
using one of the Earth’s satellites—our natural satellite 
(the Moon) or one of a variety of manmade satellites. 

There are two main differences between these satel- 
lites. The first is one of distance. The Moon is about 
250,000 miles from Earth, while man-made satellites can 
be as far as 36,000 miles away. This 7:1 difference in 
distance makes a huge difference in the signals that 
arrive at the satellite, since transmission loss varies as 
the square of the distance. In other words, the signal 
arriving at the Moon is 20 dB weaker than that arriving at 
a geo-synchronous satellite 25,000 miles high, due to 
distance alone. 

The second difference between the Moon and a man- 
made satellite is that the Moon is a passive reflector— 
and not a very good one at that, since it has a craggy and 
rather irregular surface, at least when compared to a flat 
mirror-like surface that would make an ideal reflector. 
Signals scattered by the Moon’s irregular surface are thus 
weaker than for better reflecting surfaces. By compari- 
son, a man-made satellite is an active system, where the 
satellite receives the signal coming from Earth, amplifies 
it and then retransmits the signal (usually at a different 
frequency) using a high-gain antenna. Think of a satel- 
lite as an ideal reflector, with gain. 

The net result of these differences between a man- 
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made satellite and the Earth’s natural satellite is that 
moonbounce (EME) operation challenges the station 
builder considerably more than satellite operation, par- 
ticularly in the area of antennas. Successful EME requires 
high transmitting power, superb receiver sensitivity and 
excellent operators capable of pulling weak signals out 
of the noise. This chapter will first explore antennas suit- 
able for satellite operations and then describe techniques 
needed for EME work. 


Common Ground 


There are areas of commonality between satellite 
and EME antenna requirements, of course. Both require 
consideration of the effects of polarization and elevation 
angle, along with the azimuth directions of transmitted 
and received signals. 

On the HF bands, signal polarization is generally of 
little concern, since the original polarization sense is lost 
after the signal passes through the ionosphere. At HF, 
vertical antennas receive sky-wave signals emanating 
from horizontal antennas, and vice versa. It is not bene- 
ficial to provide a means of varying the polarization at 
HF. With satellite communications, however, because of 
polarization changes, a signal that would disappear into 
the noise on one antenna may be S9 on one that is not 
sensitive to polarization direction. Elevation angle is also 
important from the standpoint of tracking and avoiding 
indiscriminate ground reflections that may cause nulls in 
signal strength. 
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Antennas for Satellite Work 


We have amateur satellites providing links from 
2 meters and up, and these provide opportunities to use 
antennas of many types—from the very simple to some 
pretty complex ones. This section was written by Dick 
Jansson, WD4FAB. It covers descriptions of a wide range 
of satellite antennas and points operators to source mate- 
rial for construction of many of them. 


Antennas for LEO Satellites 


Antenna design and construction requirements for 
use with Amateur satellites vary from low-gain antennas 
for low-earth-orbit (LEO) satellites to higher-gain anten- 
nas for the high-altitude elliptical-orbit satellites. You can 
operate the FM LEO satellites with a basic dual-band 
VHF/UHF FM transceiver or even a good FM H-T, as 
some amateurs have managed. Assuming that the trans- 
ceiver is reasonably sensitive, you can even use a good 
“rubber duck” antenna. Some amateurs manage to work 
the FM birds with H-Ts and a multi-element directional 
antenna such as the popular Arrow Antenna, Fig 1. Of 
course, this means they must aim their antennas at the 
satellites, even as they cross overhead. 

High-quality omnidirectional antennas for LEO ser- 
vice come in quite a number of forms and shapes. M? 
Enterprises has their EB-144 and EB-432 Eggbeater 
antennas, which have proven to be very useful and do not 
require any rotators for control. See Fig 2. The turnstile- 
over-reflector antenna has been around for a long time, as 
shown in Fig 3. Other operators have done well using low- 
gain Yagi antennas, such as those shown in Fig 4. 

For even better performance, at the modest cost of a 
single, simple TV antenna rotator, check out the fixed- 
elevation Texas Potato Masher antenna by K5OE, Fig 5. 
This antenna provides a dual-band solution for medium- 
gain directional antennas for LEO satellites. This is a con- 
siderable improvement over omnidirectional antennas and 
does not require an elevation rotator for good performance. 

There are still two LEO satellites that work on the 
10-meter band, RS-15 and the newly resurrected AO-7. 
Both have 10-meter downlinks in the range of 29.3 to 
29.5 MHz. Low-gain 10-meter antennas, such as dipoles 
or long-wire antennas, are used to receive these satellites. 


Antennas for High-Altitude Satellites 


The high-altitude, Phase-3 satellites, such as AO-10 
(and the late AO-13), have been around for quite a num- 
ber of years. The greater distances to the Phase-3 satel- 
lites mean that more transmitted power is needed to access 
them and weaker signals are received on the ground. Suc- 
cessful stations usually require ground-station antennas 
with significant gain (12 dBi or more), such as a set of 
high-gain Yagi antennas. See Fig 6. Note the use of two 
Yagi antennas mounted on each boom to provide circu- 
lar polarization, usually referred to as CP. 
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Fig 1—The hand-held “Arrow” gain antenna is popular 
for LEO FM operations. (Photo courtesy The AMSAT 
Journal, Sept/Oct 1998.) 





Fig 2—Eggbeater antennas are popular for base station 
LEO satellite operations. This EB-432 eggbeater 
antenna for 70 cm is small enough to put in an attic. 
Antenna gain pattern is helped with the radials placed 
below the antenna. 
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Fig 3—The Turnstile Over Reflector antenna has served 
well for LEO satellite service for a number of years. 


Fig 4—Simple 
ground plane 
and Yagi 
antennas can 
be used for 
LEO satellite 
contacts. 





CIRCULAR POLARIZATION 


Linearly polarized antennas are horizontal or verti- 
cal in terms of the antenna’s position relative to the sur- 
face of the Earth, a reference that loses its meaning in 
space. The need to use circularly polarized (CP) anten- 
nas for space communications is well established. If 
spacecraft antennas used linear polarization, ground sta- 
tions would not be able to maintain polarization align- 
ment with the spacecraft because of changing orientations. 
The ideal antenna for random satellite polarizations is 
one with a circularly polarized radiation pattern. 

There are two commonly used methods for obtaining 
circular polarization. One is with crossed linear elements 
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1 
Fig 5—Jerry Brown, K5OE, uses his Texas Potato 
Masher antennas to work LEO satellites. 





70-cm crossed Yagi’s in RHCP for AO-10 and AO-13 
operations. The satellite antennas are shown mounted 
above a 6-meter long-boom Yagi. 


such as dipoles or Yagis, as Fig 6 shows. The second popu- 
lar CP method uses a helical antenna, described below. 
Other methods also exist, such as with the omnidirectional 
quadrifilar helix, Fig 7. 

Polarization sense is a critical factor, especially in 
EME and satellite work. The IEEE standard uses the term 
“clockwise circular polarization” for a receding wave. 
Amateur technology follows the IEEE standard, calling 
clockwise polarization for a receding wave as right-hand, 
or RHCP. Either clockwise or a counter-clockwise (LHCP) 
sense can be selected by reversing the phasing harness of 
a crossed- Yagi antenna, see Fig 8. The sense of a helical 
antenna is fixed, determined by its physical construction. 
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Fig 7—W3KH suggests that quadrifilar antennas can 
serve well for omnidirectional satellite-station antenna 
service. 


See Fig 9 for construction details. 

In working through a satellite with a circularly polar- 
ized antenna, it is often convenient to have the capability 
of switching polarization sense. This is because the sense 
of the received signal of some of the LEO satellites reverses 
when the satellite passes its nearest point to you. If the 
received signal has right-hand circular polarization as the 
satellite approaches, it may have left-hand circularity as 
the satellite recedes. There is a sense reversal in EME work, 
as well, because of a phase reversal of the signal as it is 
reflected from the surface of the moon. A signal transmit- 
ted with right-hand circularity will be returned to the Earth 
with left-hand circularity. Similarly, the polarization is 
reversed as it is reflected from a dish antenna, so that for 
an overall RHCP performance, the feed antenna for the 
dish needs to be LHCP. 


Crossed Linear Antennas 


Dipoles radiate linearly polarized signals, and the 
polarization direction depends on the orientation of the 
antenna. It two dipoles are arranged for horizontal and 
vertical dipoles, and the two outputs are combined with 
the correct phase difference (90°), a circularly polarized 
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Fig 8—Evolution of the circularly polarized Yagi. The 
simplest form of crossed Yagi, A, is made to radiate 
circularly by feeding the two driven elements 90° out of 
phase. Antenna B has the driven elements fed in phase, 
but has the elements of one bay mounted '/s 1 forward 
from those of the other. Antenna C offers elliptical 
(circular) polarization using separate booms. The 
elements in one set are perpendicular to those of the 
other and are ‘/, 4 forward from those of the other. 


wave results. Because the electric fields are identical in 
magnitude, the power from the transmitter will be equally 
divided between the two fields. Another way of looking at 
this is to consider the power as being divided between the 
two antennas; hence the gain of each is decreased by 3 dB 
when taken alone in the plane of its orientation. 

A 90° phase shift must exist between the two anten- 
nas and the simplest way to obtain this shift is to use two 
feed lines to a coplanar pair of crossed- Yagi antennas. One 
feed-line section is '/4 A longer than the other, as shown in 
Fig 8A. These separate feed lines are then paralleled to a 
common transmission line to the transmitter or receiver. 
Therein lies one of the headaches of this system. Assum- 
ing negligible coupling between the crossed antennas, the 
impedance presented to the common transmission line by 
the parallel combination is one half that of either section 
alone. (This is not true when there is mutual coupling 
between the antennas, as in phased arrays.) A practical con- 
struction method for implementing a RHCP/LHCP copla- 
nar switched system is shown in Fig 10. 

Another example of a coplanar crossed- Yagi antenna 
is shown in Fig 11. With this phasing-line method, any 
mismatch at one antenna will be magnified by the extra 
‘V4 X of transmission line. This upsets the current balance 
between the two antennas, resulting in a loss of polariza- 
tion circularity. Another factor to consider is the attenu- 
ation of the cables used in the harness, along with the 
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Fig 9—Construction details of a co-planar crossed-Yagi antenna. 
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Fig 10—Co-planar crossed Yagi, circularly polarized 
antenna with switchable polarization phasing harness. 


connectors. Good low-loss coaxial line should be used. 
Type-N or BNC connectors are preferable to the UHF 
variety. 

Another method to obtain circular polarization is to 
use equal-length feed lines and place one antenna '/4 A 
ahead of the other. This offset pair of Yagi-crossed anten- 
nas is shown in Fig 8B. The advantage of equal-length feed 
lines is that identical load impedances will be presented to 
the common feeder, as shown in Fig 12, which shows a 
fixed circularity sense feed. To obtain a switchable sense 
feed with the offset Yagi pair, you can use a connection 
like that of Fig 13, although you must compensate for the 
extra phase added by the relay and connectors. 

Fig 8C diagrams a popular method of mounting two 
separate off-the-shelf Yagis at right angles to each other. 
The two Yagis may be physically offset by '/4 A and fed in 
parallel, as shown in Fig 8C, or they may be mounted with 
no offset and fed 90° out of phase. Neither of these 
arrangements on two separate booms produces true circu- 
lar polarization. Instead, elliptical polarization results from 
such a system. Fig 14 is a photo of this type of mounting 
of Yagis on two booms for elliptical operation. 


Helical Antennas 


As mentioned, the second method to create a circu- 
larly polarized signal is by means of a helical antenna. 
The axial-mode helical antenna was introduced by Dr 
John Kraus, W8JK, in the 1940s. Fig 15 shows examples 
of S-band (2400-MHz), V-band (145-MHz), and U-band 
(435-MHz) helical antennas, all constructed by WD4FAB 
for satellite service. 

This antenna has two characteristics that make it 
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Fig 11—This VHF crossed Yagi design by KH6lJ 
(Jan 1973 QST7) illustrates the co-planar, fixed- 
circularity Yagi. 


especially interesting and useful in many applications. 
First, the helix is circularly polarized. As discussed ear- 
lier, circular polarization is simply linear polarization that 
continually rotates as it travels through space. In the case 
of a helical antenna, this rotation is about the axis of the 
antenna. This can be pictured as the second hand of a 
watch moving at the same rate as the applied frequency, 
where the position of the second hand can be thought of 
as the instantaneous polarization of the signal. 

The second interesting property of the helical 
antenna is its predictable pattern, gain and impedance 
characteristics over a wide frequency range. This is one 
of the few antennas that has both broad bandwidth and 
high gain. The benefit of this property is that, when used 
for narrow-band applications, the helical antenna is very 
forgiving of mechanical inaccuracies. 

Probably the most common amateur use of the heli- 
cal antenna is in satellite communications, where the spin- 
ning of the satellite antenna system (relative to the earth) 
and the effects of Faraday rotation cause the polarization 
of the satellite signal to be unpredictable. Using a linearly 
polarized antenna in this situation results in deep fading, 
but with the helical antenna (which responds equally to 
linearly polarized signals), fading is essentially eliminated. 

This same characteristic makes helical antennas use- 
ful in polarization-diversity systems. The advantages of 
circular polarization have been demonstrated on VHF 
voice schedules over non-optical paths, in cases where 
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Fig 12—Offset crossed-Yagi circularly polarized 
antenna-phasing harness with fixed polarization. 


linearly polarized beams did not perform satisfactorily. 

Another use for the helical antenna is the transmis- 
sion of color ATV signals. Many beam antennas (when 
adjusted for maximum gain) have far less bandwidth than 
the required 6 MHz, or have non-uniform gain over this 
frequency range. The result is significant distortion of 
the transmitted and received signals, affecting color 
reproduction and other features. This problem becomes 
more aggravated over non-optical paths. The helix 
exhibits maximum gain (within | dB) more than 20 MHz 
anywhere above 420 MHz. 

The helical antenna can be used to advantage with 
multimode rigs, especially above 420 MHz. Not only does 
the helix give high gain over an entire amateur band, but 
it also allows operation on FM, SSB and CW without the 
need for separate vertically and horizontally polarized 
antennas. 


Helical Antenna Basics 


The helical antenna is an unusual specimen in the 
antenna world, in that its physical configuration gives a 
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Fig 13—Offset crossed-Yagi circularly polarized 
antenna-phasing harness with switchable polarization. 





Fig 15—At top, a seven-turn LHCP helical antenna for 
S-band dish feed for AO-40 service. This helical 
antenna uses a cupped reflector and has a preamplifier 
mounted directly to the antenna feed point. At bottom, 
a pair of helical antennas for AO-10 service on 2 meters 
and 70 cm. The 2-meter helical antenna is not small! 
(WD4FAB photos.) 


hint to its electrical performance. A helix looks like a large 
air-wound coil with one of its ends fed against a ground 
plane, as shown in Fig 16. The ground plane is a screen of 
0.8 A to 1.1 A diameter (or on a side for a square ground 
plane). The circumference (C,) of the coil form must be 
between 0.75 A and 1.33 A for the antenna to radiate in the 
axial mode. The coil should have at least three turns to 
radiate in this mode. The ratio of the spacing between turns 
(in wavelengths), S, to C,, should be in the range of 0.2126 
to 0.2867. This ratio range results from the requirement 
that the pitch angle, o, of the helix be between 12° and 





Fig 14—An example of offset crossed-Yagi circularly 


polarized antennas with fixed polarization. This 16°, where: 

example is a pair of M? 23CM22EZA antennas, for 

L band (1269 MHz), mounted on an elevation boom. a= arctan Sy 

(WD4FAB photo.) Cy (Eq 1) 
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Fig 16—The basic helical antenna and design 
equations. 


These constraints result in a single main lobe along 
the axis of the coil. This is easily visualized from Fig 15A. 
The winding of the helix comes away from the cupped 
reflector with a counterclockwise winding direction for a 
LHCP. (The winding can also be a clockwise—this results 
in a RHCP polarization sense.) 

A helix with a C, of 1 has a wave propagating from 
one end of the coil (at the ground plane), corresponding 
to an instantaneous dipole “across” the helix. The elec- 
trical rotation of this dipole produces circularly polar- 
ized radiation. Because the wave is moving along the helix 
conductor at nearly the speed of light, the rotation of the 
electrical dipole is at a very high rate, and true circular 
polarization results. 

The IEEFE definition, in simple terms, is that when 
viewing the antenna from the feed-point end, a clockwise 
wind results in right-hand circular polarization (RHCP), 
and a counterclockwise wind results in left-hand circular 
polarization (LHCP). This is important, because when two 
stations use helical antennas over a nonreflective path, both 
must use antennas with the same polarization sense. If 
antennas of opposite sense are used, a signal loss of at least 
20 dB results from the cross polarization alone. 

As mentioned previously, circularly polarized anten- 
nas can be used in communications with any linearly 
polarized antenna (horizontal or vertical), because circu- 
larly polarized antennas respond equally to all linearly 
polarized signals. The gain of a helix is 3 dB less than the 
theoretical gain in this case, because the linearly polarized 
antenna does not respond to linear signal components that 
are orthogonally polarized relative to it. 

The response of a helix to all polarizations is indi- 
cated by a term called axial ratio, also known as circular- 
ity. Axial ratio is the ratio of amplitude of the polarization 
that gives maximum response to the amplitude of the 
polarization that gives minimum response. An ideal circu- 
larly polarized antenna has an axial ratio of 1.0. A well- 
designed practical helix exhibits an axial ratio of 1.0 to 
1.1. The axial ratio of a helix is: 
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= (Eq 2) 


where: 


AR = axial ratio 
n = the number of turns in the helix 


Axial ratio can be measured in two ways. The first is 
to excite the helix and use a linearly polarized antenna with 
an amplitude detector to measure the axial ratio directly. 
This is done by rotating the linearly polarized antenna in a 
plane perpendicular to the axis of the helix and comparing 
the maximum and minimum amplitude values. The ratio 
of maximum to minimum is the axial ratio. 

The impedance of the helix is easily predicted. The 
terminal impedance of a helix is unbalanced, and is 
defined by: 


Z=140xC, (Eq 3) 


where Z is the impedance of the helix in ohms. 


The gain of a helical antenna is determined by its 
physical characteristics. Gain can be calculated from: 


Gain (dBi)=11.8+ 10log kc? ns; (Eq 4) 


In practice, helical antennas do not deliver the gain in 
Eq 4 for antennas with turns count greater than about 
twelve. There will be more discussions in this area when 
practical antennas are discussed. 


The beamwidth of the helical antenna (in degrees) at 
the half-power points is: 


we! (Eq 5) 


CYS; 


The diameter of the helical antenna conductor should 
be between 0.006 A and 0.05 A, but smaller diameters have 
been used successfully at 144 MHz. The previously noted 
diameter of the ground plane (0.8 A to 1.1 4) should not be 
exceeded if you desire a clean radiation pattern. As the 
ground plane size is increased, the sidelobe levels also 
increase. Cupped ground planes have been used according 
to Kraus, as in Fig 15. (The ground plane need not be solid; 
it can be in the form of a spoked wheel or a frame covered 
with hardware cloth or screen.) 


50-Q Helix Feed 


Joe Cadwallader, K6ZMW, presented this feed 
method in June 1981 QST. Terminate the helix in an N 
connector mounted on the ground screen at the periphery 
of the helix. See Fig 17. Connect the helix conductor to 
the N connector as close to the ground screen as possible 
(Fig 18). Then adjust the first quarter turn of the helix to 
a close spacing from the reflector. 

This modification goes a long way toward curing a 
deficiency of the helix—the 140-Q nominal feed-point 
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Fig 17—End view and side view of peripherally fed 
helix. 





Fig 18—Wrong and right ways to attach helix to a type 
N connector for 50- feed. 


impedance. The traditional 4/4 matching section has proved 
difficult to fabricate and maintain. But if the helix is fed at 
the periphery, the first quarter turn of the helix conductor 
(leaving the N connector) acts much like a transmission 
line—a single conductor over a perfectly conducting 
ground plane. The impedance of such a transmission line 
is: 


Zo =138log (Eq 6) 


where: 


Zo = line impedance in ohms 

h = height of the center of the conductor above the 
ground plane 

d = conductor diameter (in the same units as h). 


The impedance of the helix is 140 Q a turn or two 
away from the feed point. But as the helix conductor 
swoops down toward the feed connector (and the ground 
plane), h gets smaller, so the impedance decreases. The 
140-Q nominal impedance of the helix is transformed to 
a lower value. For any particular conductor diameter, an 
optimum height can be found that will produce a feed- 
point impedance equal to 50 Q. The height should be kept 
very small, and the diameter should be large. Apply power 
to the helix and measure the SWR at the operating fre- 
quency. Adjust the height for an optimum match. 

Typically, the conductor diameter may not be large 
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Fig 19—End view and side view of peripherally fed helix 
with metal strip added to improve transformer action. 


enough to yield a 50-Q match at practical (small) values 
of h. In this case, a strip of thin brass shim stock or flash- 
ing copper can be soldered to the first quarter turn of the 
helix conductor (Fig 19). This effectively increases the 
conductor diameter, which causes the impedance to 
decrease further yet. The edges of this strip can be slit 
every '/2 inch or so, and the strip bent up or down (toward 
or away from the ground plane) to tune the line for an op- 
timum match. 

This approach yields a perfect match to nearly any 
coax. The usually wide bandwidth of the helix (70% for 
less than 2:1 SWR) will be reduced slightly (to about 40%) 
for the same conditions. This reduction is not enough to 
be of any consequence for most amateur work. The 
improvements in performance, ease of assembly and 
adjustment are well worth the effort in making the helix 
more practical to build and tune. 


ANTENNAS FOR AO-40 OPERATIONS 


Antennas for successful operations on AO-40 come 
in many shapes and sizes. AO-40 has provided amateurs 
the opportunity to broadly experiment with antennas. 

Fig 20 shows the satellite antennas at WD4FAB. The 
Yagi antennas are used for the U- and L-band AO-40 
uplinks and the V-band AO-10 downlink, while the S-band 
dish antenna is for the AO-40 downlink. These satellite 
antennas are tower mounted at 63 feet (19 meters) to avoid 
pointing into the many nearby trees and suffering from the 
resulting “green attenuation.” Of course, satellite antennas 
do not always need to be mounted high on a tower if dense 
foliage is not a problem. If satellite antennas are mounted 
lower down, feed-line length and losses can reduced. 

Another benefit, however, to tower mounting of sat- 
ellite antennas is that they can be used for terrestrial ham 
communications and contests. The fact that the antennas 
are set up for CP does not really degrade these other 
operating activities. 

Experience with AO-40 has clearly shown the advan- 
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Fig 20—Details of WD4FAB’s tower cluster of satellite 
antennas including a home-brew elevation rotator. Top 
to bottom: M? 436-CP30, a CP U-band antenna; two M? 
23CM22EZA antennas in a CP array for L band; 
“FABStar” dish antenna with helix feed for S band; M? 
2M-CP22, a CP V-band antenna (only partially shown.) 
To left of dish antenna is a NEMA4 equipment box with 
an internal 40-W L-band amplifier, and also hosts 
externally mounted preamplifiers. (WD4FAB photo) 


tages of using RHCP antennas for both the uplink and 
downlink communications. The antennas shown in Fig 20 
are a single-boom RHCP Yagi antenna for U band, a pair 
of closely spaced Yagi antennas phased for RHCP for 
L band (see Fig 14), and a helix-fed dish antenna for 
S band. The antenna gain requirements for U band can eas- 
ily be met with the gain of a 30-element crossed Yagi. 
Antennas of this size have boom lengths of 4 to 4'/2 wave- 
lengths. The enterprising constructor can build a Yagi 
antenna from one of several references, however most of 
us prefer to purchase well-tested antennas from commer- 
cial sources as M? or Hy-Gain. In the past, KLM (now out 
of business) had offered a 40-element CP Yagi for U-band 
satellite service, and many of these are still in satisfactory 
use today. 

U-band uplink requirements for AO-40 have clearly 
demonstrated the need for gain less than 16 to 17 dBic 
RHCP, with an RF power of less than 50 W PEP at the 
antenna (~ 2,500 W-PEP EIRP with a RHCP antenna) 
depending upon the squint angle. (The squint angle is 
the angle at which the main axis of the satellite is pointed 
away from your antenna on the ground. If the squint angle 
is less than half of the half-power beamwidth, the ground 
station will be within the spacecraft antenna’s nominal 
beam width.) 

A gain of 16 to 17 dBic RHCP can be obtained from 
a 30-element crossed Yagi, AO-13 type antenna, and is 
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Fig 21—Domenico, I8CVS, has this cluster of satellite 
antennas for AO-40. Left to right: array of 4 x 
23-element Yagi horizontally polarized for L band; 
1.2-meter dish with 3-turn helix feed for S band; 
15-turn RHCP helical antenna for U band; 60-cm dish 
for X band. All microwave preamplifiers and power 
amplifiers are homebrew and are mounted on this 
antenna cluster. (I8CVS photo.) 


good news, considering that the satellite may be over 
60,000 km (37,000 miles) from your station. Success on 
the U-band uplinks to AO-40 is easier than those for L band 
at wider squint angles more than 20°. At squint angles less 
than 10°, U-band uplink operation can even be done with 
1-5 W power outputs to a RHCP antenna (= 200 W-PEP 
EIRP with RHCP). These lower levels mean that smaller 
antennas can be used. In practice, these uplinks will pro- 
duce downlink signals that are 10 to 15 dB above the noise 
floor, or S7 signals over an S3 noise floor. The beacon will 
give a downlink S9 signal for these same conditions. 
WD4FAB’s experience with the AO-40 L-band 
uplink has demonstrated that 40 W-PEP delivered to an 
antenna with a gain of ~ 19dBic (3,000 W-PEP EIRP with 
RHCP) is needed for operations at the highest altitudes of 
AO-40 and with squint angles < 15°. This is the pretty com- 


pact L-band antenna arrangement with two 22-element 
antennas in a RHCP array shown in Fig 14 and 20. Other 
operators have experience that using a 1.2-meter L-band 
dish antenna and 40 W of RF power (6,100 W-PEP EIRP 
with RHCP) can also provide a superb uplink for squint 
angles even up to 25°. A dish antenna can have a practical 
gain of about 21 to 22 dBic. These uplinks will provide 





Fig 22—Wilfred Carey, ZS6JT, constructed this cluster 
of satellite and EME antennas. Left to right: 2 x 
23-element offset feed Yagi for U band; 1.64-meter dish 
with 2'/4-turn helix feed for S band; 2 x 11-element 
coplanar feed Yagi for V band. (ZS6JT photo.) 





Fig 23—Robert Suding, W@LMD, modified this 4-foot 
dish antenna with a patch feed for S band and an Az-El 
mount. (W@LMD photo.) 
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the user a downlink that is 10 to 18 dB above the transpon- 
der noise floor. In more practical terms, this is an S7 to 8 
signal over a S3 transponder noise floor, a very comfort- 
able armchair copy. 

Using the L-band uplink for AO-40, instead of the 
U-band uplink, allows the use of Yagi antennas that more 
manageable, since their size for a given gain is only one 
third of those for U-band. With L band there is a nar- 
rower difference between using a dish antenna and a Yagi, 
since a 21- to 22-dBic dish antenna would be only about 
1.2 meters (4 feet) in diameter. However, some of us may 
not have such “real estate” available on our towers and 
may seek a lower wind-loading solution offered by Yagis. 
Long-boom rod-element Yagi, or loop- Yagi antennas are 
commercially offered by M* and DEM, although this band 
is about the highest for practical Yagis. The example 
shown in Fig 20 is a pair of rod-element Yagi antennas 
from M? ina CP arrangement with a gain of 18 to 19 dBic. 

Other amateurs have successful AO-40 operation with 
different arrangements. Fig 21 shows I8CVS’s 4 x 
23-element linear array for a 1270 MHz, a 1.2-meter solid 
dish for 2400 MHz, a 15-turn helical antenna for 435 MHz, 
and a 60-cm dish for 10,451 MHz. This arrangement clearly 
shows the advantage and accessibility of having a roof- 
mounted antenna. 

Fig 22 shows ZS6JT’s setup, with a 1.64-meter 
home-built mesh dish for 2400 MHz and two home-built 
crossed Yagi antennas, one for 435 MHz and the other 
for 145 MHz. Note that in these examples, the antennas 
permit terrestrial communication as well as satellite ser- 
vice. Two of these stations have also maintained the 
capability to operate the LEO satellites with U- and V- 
band antennas. 

A number of amateurs have taken advantage of the 
availability of surplus C-band TVRO dishes, since most 
users of satellite television have moved up to the more 
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Fig 24—W®OLMD graduated to this 8-foot dish with patch 
feed for S band for AO-40. On the left is a helical 
antenna for L band and on the right is a 2 x 9-element 
offset-feed Yagi for U band. A home-brew Az-El mount 
is provided. (WOLMD photo.) 
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DID YOU KNOW? 


‘BUNBLEBEES CANT TFLY? AERODYNARICALLY. Tr IT 1s IMPOSSIBLE FOR 


THEM TO ACHIEVE FLIGHT. WHAT BUMBLEBEES ACTUALLY DO 1S LEVITATE 
me A a i i : 5 


BUMBLEBEES HAVE A HOLLOW CAVITY NEXT TO THE LARYNX, AND WHEN THEY BEAT THEIR WINGS, 
THEY START TO RESONATE ENERGY WITHIN THIS CAVITY. ONCE THAT RESONANCE MATCHES THE 
7.83Hz RESONANCE OF THE MAGNETIC FIELD (EARTH'S RESONANCY) IT BECOMES A FREEAGENT. 
ENCOMPASSED IN AN ELECTROMAGNETIC ENVELOPE AND LEVITATES FROM FLOWER TO FLOWER 





convenient K band using 0.5-meter dishes. Some examples 
of these dish conversions for satellite communications are 
shown in Fig 23, a WOLMD 4-foot dish with patch feed 
and Az-El mount. Fig 24 shows a W@LMD 8-foot dish with 
patch feed, Az-El mount, a U-band Yagi, and an L-band 
helical antenna. 

Fig 25 is a W@LMD 10-foot dish with tri-band patch 
feed and Az-El mount; and Fig 26 is also a WOLMD 





Fig 25—WOLMD increased to this 10-foot dish for AO-40 
operations, with a triband patch feed for U, L, and 
S bands on an Az-El mount. (W@LMD photo.) 





Se hy j LER 


Fig 27—Clair E. Cessna, K6LG, has this 10-foot dish 
with S-band patch feed. This dish uses the original 
polar-mounting system and offsets the patch feed to 
compensate for AO-40’s deviation from the Clarke belt. 
(K6LG photo.) 





; ——— ——~ Fig 28—K5GNA’s “circularized” mesh modification of 
Fig 26—W2OLMD found the ultimate in this 14-foot dish an MMDS dish antenna with a helix-CP feed and DEP 
for AO-40, with a triband patch feed and Az-EI mount. preamp. The dish modification reduces the spillover 
(WOLMD photo.) loss by making the antenna fully circular. (K5OE photo.) 
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14-foot dish with tri-band patch feed and Az-El mount- 
ing. Other operators, like K6LG, have been able to use 
TVRO dishes, Fig 27, with multiband patch feeds and 
still use, within limits, their polar-mounting system, as 
will be explained later. 

Other hams have taken advantage of other surplus 
dish situations. Fig 28 shows modified MMDS dishes, 
by K5GNA, and Fig 29, by KSOE, both using helix feeds. 
Fig 30 shows a 75-cm high modified PrimeStar offset feed 
dish, by WD4FAB, using a longer helical feed antenna 


Fig 29—Mesh modification of an MMDS dish antenna by 
Jerry Brown, K50OE, with a helix-CP feed and DEM 
preamplifier mounted directly to the helix feed point. 
(K5OE photo.) 


Fig 30—PrimeStar 
offset-fed dish with 
WD4FAB’s helix-feed 
antenna. N@NSV was 
so pleased with the 
modification that he 
renamed the dish 
“FABStar,” and made 
a new label! (NONSV 
photo.) 
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because of the higher f/D ratio of this dish configuration. 
This dish provides 5 dB of Sun noise, which is good per- 
formance. These efforts have rewarded their users with 
superb service on AO-40. Many have experimented with 
different feed and mounting systems. These experiments 
will be further illustrated. 

One very popular spun-aluminum dish antenna seen 
in use on AO-40 has been the GZ3RUH-ON6UG 60-cm 
unit with its S-band patch feed, Fig 31. A kit, complete 
with a CP-patch feed is available from SSB-USA and has 
a gain of 21 dBic. It provides a 2.5-dB Sun noise signal. 
Surplus dishes have not been the only source for anten- 
nas for AO-40 operations, since some ingenious opera- 
tors have even turned to the use of cardboard boxes. See 
Figs 32 to 35. 





Fig 31—G3RUH’s 60-cm spun-aluminum dish with CP- 
patch feed is available as a kit. This antenna has been 
popular with many AO-40 operators all over the world. 





Fig 32—A complete satellite station with the tracking 
laptop, FT-847 transceiver, and both downlink and 
uplink cardboard-box antennas. 
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Parabolic Reflector Antennas 


The satellite S-band downlinks have become very 
popular for a variety of reasons: 


¢ Good performance with physically small downlink 
antennas 

e Availability of good-quality downconverters 

e Availability of preamps at reasonable prices. 


A number of people advocate S-band operation, 
including Bill McCaa, K@RZ, who led the team that 
designed and built the AO-13 S-band transponder and 





Fig 33—The completed high-performance corner- 
reflector uplink antenna for U band. Note how the box 
corners hold the reflectors and dipole feed in place. The 
rear legs set the antenna elevation to 20°—this gives 
good coverage at the design latitude but will need 
modification for other stations. 





Fig 34—Front view of the downlink pyramidal horn 
showing how it is mounted in the support carton. 
Notice the coax probe at the back of the horn. 
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James Miller, G3RUH, who operates one of the AO-40 
command stations. Ed Krome, K9EK, and James Miller 
have published a number of articles detailing construc- 
tion of preamps, downconverters and antennas for S band. 

Some access AO-40’s S-band downlink using com- 
pact S-band helical antennas. See Fig 36. With the demise 
of AO-40’s S1 transmitter and its high-gain downlink 
antenna, enthusiasts have had to employ high-gain para- 
bolic-dish antennas to use AO-40’s S2 downlink, with its 
lower-gain helical antenna. 

W6LMD notes that like a bulb in a flashlight, the 





Fig 35—Side view of the downlink pyramidal horn 
showing the elevation control supports and how the 
downconverter is attached to the horn. The 


downconverter is pulled forward by the tape to align 
the probe wire parallel to the rear surface of the horn. 





Fig 36—WD4FAB’s example of a 16-turn S-band helical 
antenna for AO-40. This is about the maximum length 
of any practical helix. Note the SSB UEK2000 down- 
converter mounted behind the reflector of the antenna. 
(WD4FAB photo.) 


parabolic reflector or dish antenna must have a feed source 
looking into the surface of the dish. Some dishes are 
designed so that the feed source is mounted directly in front 
of the dish. This is referred to as a center-fed dish. Other 
dishes are designed so that the feed source is off to one 
side, referred to as an off-center-fed dish, or just offset- 
fed dish, as shown in Fig 30. The offset-fed dish may be 
considered a side section of a center-fed dish. The center- 
fed dish experiences some signal degradation due to block- 
age of the feed system, but this is usually an insignificantly 
small amount. The offset-fed dish is initially more diffi- 
cult to aim, since the direction of reception is not the cen- 
ter axis, as it is for center-fed dishes. 

The basic design precepts of parabolic-dish antennas 
are covered in more detail in the EME Antenna section of 
this chapter. Dish antenna properties specific to satellite 
operations are covered here. The dish’s parabola can be 
designed so the focus point is closer to the surface of the 
dish, referred to a short-focal-length dish, or further away 
from the dish’s surface, referred to as a long-focal-length 
dish. To determine the exact focal length, measure the 
diameter of the dish and the depth of the dish. 


2 
pee 
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The focal length divided by the diameter of the dish 
gives the focal ratio, commonly shown as f/D. Center-fed 
dishes usually have short-focal ratios in the range of 
f/D = 0.3 to 0.45. Offset-fed dishes usually have longer 
focal lengths, with f/D = 0.45 to 0.80. If you attach two 
small mirrors to the outer front surface of a dish and then 
point the dish at the Sun, you can easily find the focus 
point of the dish. Put the reflector of the patch or helix 
feed just beyond this point of focus. 

An alternate method for finding a dish’s focal length 
is suggested by WI1GHZ (ex-NIBWT), who provides a 
computer program called HDL_ANT, available at: 
www.wlghz.org/10g/10g_home.htm. The method liter- 
ally measures a solid-surface dish by the dimensions of 
the bowl of water that it will form when properly 
positioned. (See: www.qsl.net/nlbwt/chap5.pdf.) 
WD4FAB used this method on the dish of Fig 30, care- 
fully leveling the bowl, plugging bolt holes, and filling it 
with water to measure the data needed by the W1GHZ 
Web-site calculation. 

While many of us enjoy building our own antennas, 
surplus-market availability of these small dish antennas 
makes their construction unproductive. Many AO-40 
operators have followed the practices of AO-13 operators 
using a surplus MMDS linear-screen parabolic reflector 
antenna, Figs 28 and 29. These grid-dish antennas are 
often called barbeque dishes. KSOE and K5GNA have 
shown how to greatly improve these linearly polarized 
reflectors by adapting them for the CP service desired for 
AO-40. Simple methods can be used to circularize a linear 
dish and to further add to its gain using simple methods to 


(Eq 7) 


Antenna Systems for Space Communications 





Fig 37—Prototype 1.2-meter dish by Rick Fletcher, 
KG6IAL, using a dual-band (L and S) patch-feed 
antenna for AO-40. See text. This kit dish is covered 
with '/.-inch mesh. (KG6IAL photo.) 


increase the dish area and feed efficiency. 

Another approach is the construction of a kit-type dish 
antenna, just becoming available in 1.2-meter and 1.8-meter 
diameters. This ingenious design by KG6IAL is available 
from his Web site www.teksharp.com/. Fig 37 shows the 
prototype of the 1.2-meter dish with an f/D of 0.30. The 
1.2-meter dish is fed with a dual-band patch feed for L and 
S bands. The 1.8-meter dish is designed for up to three bands 
using a tri-band patch feed for the U, L and S bands. This 
dish will permit U-band operation. A Central States VHF 
Society measurement on a similar sized dish (by WO@LMD) 
with a patch feed showed a gain of about 17.1 dBic (actual 
measurement was 12.0 dBd linearly fed). This performance 
along with a small V-band (145 MHz) Yagi would permit 
a very modest satellite antenna assembly for all of the 
VHF/UHF LEO satellites, as well as AO-40. 

The ingenuity of the design of the KG6IAL antenna 
is that it is constructed of robust, !/s-inch-thick alumi- 
num sheet that is numerically machined for the parabolic 
shape of the ribs. The backsides of the ribs are stiffened 
by a bent flange edge. The panel mesh is attached by using 
small tie-wraps or small aluminum wire through the mesh 
and holes provided along the parabolic edge. KG6IAL 
used !/4-inch mesh in the prototype antenna to reduce wind 
loading. A single formed conduit post is provided in the 
kit for mounting the patch-feed assembly. The post ex- 
tends rearward to permit the attachment of a counter- 
weight, if needed. 

AO-40 has also provided some additional challenges 
to the ham operator. Besides its well-known S-band down- 
link, AO-40 also has a K-band downlink in the range of 
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24.05 GHz. This quite low-powered transmitter has pro- 
vided a substantial challenge to some operators, such as 
NIJEZ, K5OE, W5LUA, G3WDG and others. NIJEZ 
documented his work in OST while K5OE shows his 
K-band work on his Web site and in the Proceedings of 
the AMSAT Space Symposium. See Fig 38. 


Parabolic Dish Antenna Construction 


In the USA large numbers of dishes can be obtained 
either free or at low cost. But in some parts of the world 
dishes are not so plentiful, so hams make their own. 
Fig 39 shows G3RUH’s S-band dish antenna. There are 
three parts to the dish antenna—the parabolic reflector, the 
boom and the feed. There are as many ways to construct 
this as there are constructors. You need not slavishly rep- 
licate every nuance of the design. The only critical dimen- 
sions occur in the feed system. After construction, you will 
have a 60-cm diameter S-band RHCP dish antenna with a 
gain of about 20 dBi and a 3-dB beamwidth of 18°. Coupled 
with the proper downconverter, performance will be more 
than adequate for S-band downlink. 

The parabolic reflector used for the original antenna 
was intended to be a lampshade. Several of these alumi- 
num reflectors were located in department-store surplus. 
The dish is 585 mm in diameter and 110 mm deep, corre- 
sponding to an f/D ratio of 585/110/16 = 0.33 and a focal 
length of 0.33 x 585 = 194 mm. The f/D of 0.33 is a bit 
too concave for a simple feed to give optimal performance 
but the price was right, and the under-illumination keeps 
ground noise pickup to a minimum. The reflector already 
had a 40-mm hole in the center with three 4-mm holes 
around it in a 25-mm radius circle. 
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The boom passes through the center of the reflector 
and is made from 12.7-mm square aluminum tube. The 
boom must be long enough to mount to the rotator boom 
on the backside of the dish. The part of the boom extend- 
ing through to the front of the dish must be long enough 
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Converter 
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Fig 39—Detail of 60-cm S-band dish antenna with feed. 


Fig 38—K5OE found this 
K-band dish on the Web 
and has set it up for the 
AO-40 K-band downlink. 
(K50OE photo.) 


to mount the feed at the focus. If you choose to mount 
the downconverter or a preamp near the feed, some addi- 
tional length will be necessary. Carefully check the 
requirements for your particular setup. 

A 3-mm thick piece of aluminum, 65 mm in diam- 
eter, supports the boom at the center of the reflector. Once 
the center mounting plate is installed, the center boom is 
attached using four small angle brackets—two on each side 
of the reflector. See Fig 39 for details of reflector and boom 
assembly. 

A small helix is used for the S-band antenna feed. 
The reflector for the helix is made from a 125-mm square 
piece of 1.6-mm thick aluminum. The center of the reflec- 
tor has a 13-mm hole to accommodate the square center 
boom described above. The type-N connector is mounted 
to the reflector about 21.25 mm from the middle. This dis- 
tance from the middle is, of course, the radius of a helical 
antenna for S-band. Mount the N connector with spacers 
so that the back of the connector is flush with the reflector 
surface. The helix feed assembly is shown in Fig 40. 

Copper wire, or tubing, about 3.2 mm in diameter is 
used to form the helix. Wind four turns around a 40-mm 
diameter form. The turns are wound counterclockwise. This 
is because the polarization sense is reversed from RHCP 
when reflected from the dish surface. The wire helix will 
spring out slightly when winding is complete. 

Once the helix is wound, carefully stretch it so that 
the turns are spaced 28 mm (+1 mm). Make sure the fin- 
ished spacing of the turns is nice and even. Cut off the first 
half turn. Carefully bend the first quarter turn about 10° so 
it will be parallel to the reflector surface once the helix is 


Width 6.0 
Thickness 0.2 


Matching 


Detail 


Spacing = 3.0 


Reflector 125 x 125 





All dimensions are in mm. 


Fig 40—Details of helix feed for S-band dish antennas. 
The type-N connector is fixed with three screws and is 
mounted on a 1.6-mm spacer to bring the PTFE molding 
flush with the reflector. An easier mounting can be 
using a smaller TNC connector. Reflectors should be 95 
to 100 mm in diameter. 
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attached to the N connector. This quarter turn will form 
part of the matching section. 

Cut a strip of brass, 0.2 mm thick and 6 mm wide, 
and match the curvature of the first quarter turn of the 
helix, using a paper pattern. Be careful to get this pattern 
and subsequent brass cutting done exactly right. Using a 
large soldering iron and working on a heatproof surface, 
solder the brass strip to the first '/4 turn of the helix. Unless 
you are experienced at this type of soldering, getting the 
strip attached just right will require some practice. If it 
doesn’t turn out right, just dismantle, wipe clean and try 
again. 

After tack soldering the end of the helix to the type- 
N connector, the first '/4 turn, with its brass strip in place, 
should be 1.2 mm above the reflector at its start (at the N 
connector) and 3.0 mm at its end. Be sure to line up the 
helix so its axis is perpendicular to the reflector. Cut off 
any extra turns to make the finished helix have 2'/s turns 
total. Once you are satisfied, apply a generous amount of 
solder at the point the helix attaches to the N connector. 
Remember this is all that supports the helix. 

Once the feed assembly is completed, pass the boom 
through the middle hole and complete the mounting by 
any suitable method. The middle of the helix should be 
at the geometric focus of the dish. In the figures shown 
here, the feed is connected directly to the downconverter 
and then the downconverter is attached to the boom. You 
may require a slightly different configuration depending 
on whether you are attaching a downconverter, preamp 
or just a cable with connector. Angle brackets may be 
used to secure the feed to the boom in a manner similar 
to the boom-to-reflector mounting. Be sure to use some 
method of waterproofing if needed for your preamp and/ 
or downconverter. 


Dish Feeds 


W@LMD describes in www.ultimatecharger.com/ 
that feeding a dish has two major factors that determine 
the efficiency. Like a flashlight bulb, the feed source should 
evenly illuminate the entire dish, and none of the feed 
energy should spillover outside the dish’s reflecting sur- 
face. No feed system is perfect in illuminating a dish. 
Losses affect the gain from either under-illuminating or 
over-illuminating the dish (spillover losses). Typical dish 
efficiency is 50%. That’s 3 dB of lost gain. A great feed 
system for one dish can be a real lemon on another. A patch 
feed system is very wide angle, but a helix feed system is 
narrow angle. 

WOLMD has experimented with helical feeds for low 
f/D antennas (“deep” dishes) shown in Fig 41. A short- 
focal-ratio center-fed dish requires a wide-angle feed sys- 
tem to fully illuminate the dish, making the CP patch the 
preferred feed system. When used with an offset-fed dish, a 
patch-type feed system will result in a considerable spillover, 
or over-illumination loss, with an increased sensitivity to 
off-axis QRM, due to the higher f/D of this dish. Offset-fed 
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Fig 41—W®@LMD’s dual helix-dish feed for U and S 
bands. This early experimental feed was found to be 
wanting and he then turned to patch feeds for dishes. 
(W@LMD photo.) 


dishes do much better when fed with a helix antenna. 

A helix feed is simplicity personified. Mount a type 
N connector on a flat reflector plate and solder a couple of 
turns wire to the inner terminal. Designs are anywhere from 
2 to 6 turns. The two-turn helices are used for very short- 
focal-length dishes in the f/D = 0.3 region, and the 6-turn 
helices are used with longer-focal-length (f/D ~ 0.6) dishes, 
typically offset-fed dishes. Since AO-40 is right circular 
and the dish reflection will reverse the polarity, the helix 
should be wound left circular, looking forward from the 
connector. Helix feeds work poorly on the short-focal- 
length dishes but really perform well on the longer-focal- 
length offset-fed dishes. KSOE shows us the helix feed for 
his modified MMDS dish in Fig 42. This design employs 
the cupped reflector of W8JK. 


A Helix Feed for an Offset-Dish Antenna 


This section describes WD4FAB’s surplus PrimeStar 
offset-fed dish antenna with a 7-turn helical feed antenna, 
shown in Fig 30. This S-band antenna can receive Sun noise 
5 dB above sky noise. (Don’t try to receive Sun noise with 
the antenna looking near the horizon, since terrestrial noise 
will be greater than 5 dB, at least in a big-city environ- 
ment.) WD4FAB received the dish from N@NSV, who 
renamed the finished product the “FABStar.” 

The dish’s reflector is a bit out of the ordinary, with 
the shape of a horizontal ellipse. It is still a single parabo- 
loid, illuminated with an unusual feed horn. At 2401 MHz 
(S band) we can choose to under-illuminate the sides of 
the dish while properly feeding the central section, or over- 
illuminate the center while properly feeding the sides. 
WD4FAB chose to under-illuminate. The W1GHZ water- 
bowl measurements showed this to be a dish with a focal 
point of 500.6 mm and requiring a feed for an f/D = 0.79. 
The total illumination angle of the feed is 69.8° in the ver- 
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Fig 42—K50OE’s helix feed for his MMDS S-band dish 
antenna. (K50E photo.) 


tical direction and a feed horn with a 3-dB beamwidth of 
40.3°. At 50% efficiency this antenna was calculated to 
provide a gain of 21.9 dBi. A 7-turn helical feed antenna 
was estimated to provide the needed characteristics for this 
dish and is shown in Fig 43. 

The helix is basically constructed as described for 
the G3RUH parabolic dish above. A matching section for 
the first A/4 turn of the helix is spaced from the reflector 
at 2 mm at the start and 8 mm at the end of that fractional 
turn. Modifications of the G3RUH design include the 
addition of a cup reflector, a design feature used by the 
originator of the helical antenna, John Kraus, W8JK. For 
the reflector, a 2-mm thick circular plate is cut for a 
94 mm (0.75 A) diameter with a thin aluminum sheet metal 
cup, formed with a depth of 47 mm. Employment of the 
cup enhances the performance of the reflector for a dish 
feed, as shown by KSOE. (See the K5OE material on the 
CD-ROM accompanying this book.) 

The important information for this 7-turn helical 
antenna is: 

e Boom: 12.7-mm square tube or “C” channel. 
e Element: '/s-inch diameter copper wire or tubing. 


Close wind the element on a circular 1.50-inch tube 
or rod; the finished winding is 40 mm in diameter and 
spaced to a helical angle of 12.3°, or 28 mm spacing. 
These dimensions work out for an element circumference 
of 1.0 A about the center of the wire. 

When WD4FAB tackled this antenna, he felt that the 
small number of helical element supports used by G3RUH 
would be inadequate, in view of the real-life bird traffic 
on the antennas at his QTH. He chose to use PTFE 
(Teflon) support posts every '/2 turn. This closer spacing 
of posts permitted a careful control of the helix-winding 
diameter and spacing and also made the antenna very 





Fig 43—Seven-turn LHCP helix feed for an offset dish, 
long f/D, antenna, with DEM preamp. (WD4FAB photo.) 





Fig 44—Mounting details of seven-turn helix and 
preamp. (WD4FAB photo.) 


robust. He set up a fixture on the drill press to uniformly 
predrill the holes for the element spacers and boom. 
Attachment of the reflector is through three very small 
aluminum angle brackets on the element side of the boom. 

Mounting of the helix to the dish requires modifica- 
tion of the dish’s receiver-mounting boom. Fig 44 shows 
these modifications using a machined mount. NM2A con- 
structed one of these antennas and showed that a machine 
shop is not needed for this construction. He made a “Z” 
shaped mount from aluminum-angle plate and then used a 
spacer from a block of acrylic sheet. The key here is to get 
the dish focal point at the 1.5-turn point of the feed 
antenna, which is also at about the lip of the reflector cup. 

The W1GHZ data for this focal point is 500.6 mm 
from the bottom edge of the dish and 744.4 mm from the 
top edge. A two-string measurement of this point can 
confirm the focal point, as shown by Wade in his writ- 
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Fig 45—Rain cover for preamp using a two-liter soft- 
drink bottle with aluminum foil tape for protection from 
sun damage. (WD4FAB photo.) 


ings. When mounting this feed antenna the constructor 
must be cautious to aim the feed at the beam-center of 
the dish, and not the geometric center, as the original 
microwave horn antenna was constructed. Taking the 
illumination angle information noted above, the helical 
feed antenna should be aimed 5.5° down from the geo- 
metric center of the dish. 

As illustrated in Fig 44, a DEM preamp was directly 
mounted to the feed helix, using a TNC female connector 
on the helix, chosen for this case, since N connectors are 
quite large for this antenna. A male chassis connector 
should be mounted on the preamp so that the preamp can 
be directly connected to the antenna without any adaptors. 
This photo also illustrates how the reflector cup walls were 
riveted to the reflector plate. 

Exposed connectors must be protected from rain- 
water. Commonly materials such as messy Vinyl Mastic 
Pads (3M 2200) or Hand Moldable Plastic (Coax Seal) are 
used. Since this is a tight location for such mastic applica- 
tions, a rain cover was made instead from a 2-liter soft- 
drink bottle, Fig 45. Properly cutting off the top of the 
bottle allows it to be slid over the helix reflector cup and 
secured with a large hose clamp. You must provide UV 
protection for the plastic bottle and that was done with a 
wrapping of aluminum foil pressure-sensitive adhesive 
tape. 

There are many methods for mounting this dish 
antenna to your elevation boom. You must give consider- 
ation to the placement of the dish to reduce the wind load- 
ing and off-balance to the rotator system. In WD4FAB’s 
FABSarar installation, the off-balance issue was not a major 
factor, as the dish was placed near the center of the 
elevation boom, between the pillow-block bearing sup- 
ports. Since there is already a sizeable aluminum plate 
for these bearings, the dish was located to “cover” part 
of that plate, so as to not add measurably to the existing 
wind-loading area of the overall assembly. 


19-19 


A mounting bracket provided with the stock dish 
clamps to the end of a standard 2-inch pipe stanchion 
(actual measure: 2.38 inches in diameter). This bracket 
was turned around on the dish and clamped to the leg of 
a welded-pipe Tee assembly. See Fig 46. Pipe-reducing 
fittings were machined and fitted in the Tee-top bar, which 
was sawn in half for clamping over the 1'/2 inch pipe used 
for the elevation boom. Bolts were installed through 
drilled holes and used to clamp this assembly. 


Patch Feeds for Dish Antennas 


Patch feeds are almost as simple as helix feeds. A 
patch is typically an N connector on a flat reflector plate 
with a tuned flat-metal plate soldered to the inner termi- 
nal. Sometimes the flat plate is square; sometimes it is 
rectangular; sometimes it is round. It could have two feed 
points, 90° out of phase for circular polarization, as used 
in the construction of the AO-40 U-band antennas. Some 
patches are rectangular with clipped corners to create a 
circular radiation pattern. 

On 2401 MHz, the plate is 57 mm square and spaced 
3 mm away from the reflector. The point of attachment is 
about halfway between the center and the edge. A round 
patch for 2401 MHz is about 66 mm in diameter. These 
patches work well on the shorter focal length center-fed 





Fig 46—Welded pipefitting mount bracket for FABStar 
dish antenna. (WD4FAB photo.) 
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MMDS and TVRO dishes. G3RUH made a CP patch feed 
for these short f/D dishes, shown in Fig 31 and Fig 47. 
Robert, W@LMD, has done a considerable amount 
of experimenting with patch feeds for his dish antennas. 
One tri-band feed is shown in Fig 48. These are circular 
patches that have CP properties through the arrangement 
of the feed point and a small piston-variable capacitor 
that is offset from the feed point. Fig 49 shows some of 
the many patches that Robert has created for his trials. 


A No-Tune Dual-Band Feed for Mode L/S 


Jerry, K5OE, notes that the AO-40 transponder has 
two uplink receivers active most of the time for CW/SSB 
activity. Most operators use U band at 435 MHz (70 cm). 
Also available, however, are two L-band (23-cm) receiv- 
ers: LI at 1269 MHz and L2 at 1268 MHz. The reasons 
for going to L band can be varied, but there is no arguing 
the benefits in reduced antenna size and AGC suppression. 
The types of L-band antennas are varied as well. Many use 
helices. Others use beams and arrays of beams. Still 
others use dishes, small and large. 

KS5OE recently acquired an old UHF TV dish measur- 
ing 1.2 meters in diameter. He wanted to use it both to re- 
ceive on S band at 2401 MHz (13cm) and to transmit on the 
uplink on L band. He covered it with aluminum mesh and 
built a dual-helix feed for it, but was unhappy with the L- 
band performance. It seems the concentric helices interacted 
with each other substantially. Having had good success with 
patch feeds on S band, he designed, built and installed a 
dual-patch feed on a 1.5-meter solid dish for 
Field Day 2002. This arrangement worked superbly on 
uplink (with 25 W), but was embarrassingly deaf on receive. 
This second dual-band feed failure led him to experiment 
for months with different configurations, leading ultimately 
to the design presented here. The project goals were: 


e Good performance on both S-band receive and L- 
band uplink. 

e An easy-to-produce model using common hardware 
and simple hand tools. 


Patches are better than helices as dish feeds. This 
revelation came to K5OE while doing investigation and 


Fig 47—Details of 
CP-patch feed for short 
f/D dish antennas by 
G3RUH and ON6UG. 
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Fig 48—A triband (U, L and S bands) patch-CP feed for 
large dish antennas for AO-40 service. (W@LMD photo.) 


experimenting with helix antennas. In the middle of this 
investigative foray, he saw the radiation pattern for the 
G3RUH patch feed published on James Miller’s web site. 
When he modeled that pattern and input it into the 
W1GHZ feed pattern program, it produced an amazing 
72% efficiency. The best helix he ever modeled has about 
60% efficiency. I8CVS recently ran his own antenna range 
tests of a design similar to the G3RUH patch and pro- 
duced a similarly impressive pattern. 

Then K5OE came across the truncated corners 
square patch design popularized by K3TZ. This AO-40 
design here is attributed to 7NIJVW, JF6BCC and 
JG1IK. There are references in the literature going back 
over a decade for this now-common commercial design. 
The first model K5OE built outperformed his best helix- 
in-cup design by a full S unit (delta over the noise) on his 
FT-100 portable setup. Compared to a helix, the patch 
simply has better illumination efficiency with less 
spillover from side lobes. 

Patch theory is beyond the scope of this article, but 
can be summarized as building a shape that resonates at the 
desired frequency, compensated in size by the capacitive 
inductance between itself and the reflector. A patch can be 
practically any shape since it basically acts like a parallel- 
plate transmission line. Current in the patch flows from the 
feed point to the outer edge(s), where all the radiation 
occurs. The reputed, but often disputed, circularity of the 
truncated corner patch is accomplished by effectively 
designing two antennas into the patch element (of two dif- 
ferent diagonal lengths) and feeding them 90° out of phase. 

For K5OE’s 1.2-meter dish, shown in Fig 50, com- 
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Fig 49—Some of the many experimental CP-patch-feed 
antennas by W@LMD. (WQLMD photo.) 





installed. (K5OE photo; courtesy of The AMSAT 
Journal.) 


putations predicted 21-dBi gain on L band and almost 27 
dBi on S band, with an assumed 50% efficiency: 


4n 
G=10logio hia (3) 


where 
1 = efficiency 
A = wavelength in meters. 
A = aperture of the dish in meters = 7 x 1? 
r = dish radius in meters = diameter/2 in meters = 
0.6 meters 


At 1269 MHz, A= 300/1269 = 0.236 meters: 


(Eq 8) 


4x3.14 
0.2367 





G=10logio fos0x[.14x0.6) ]-2. tapi 
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The universe of matter is a registration of the energy expended by Mind in the effort of 
thinking; The exact energy of the action of thinking is registered in the electro-positive 
charging systems, and the reaction of the action is registered inthe electro-negative dis— 
charging systems. The charging systems are electrically dominated, centripetally closing,con- 
tracting systems. The discharging systerns are magnetically dominated,centrifugally opening, 
expanding systems ‘The low potential speed-time dimensionof energy oF the highest octave 
is gradually accumulated into the high potential power-time dimension of the Fifth 
octave. When these two opposing dimensions equalize in the tenth octave the cycle 


is completed and begins again. 









DIAGRAM OF THE TEN OCTAVE CYCLE OF INTEGRATING AND DISINTEGRATING 
LIGHT UNITS INTO ATOMIC SYSTEMS CALLED THE “ELEMENTS OF MATTER” 


At 2401.5 MHz, A = 300/2401.5 = 0.125 meters: 


4x3.14 
G=10}og}9|0.50xG.1406")s cea 
0.125 
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Where does the feed get mounted? The focal point is 
where the parabolic shape of the dish concentrates the 
reflected signal. In K5OE’s case the antenna was placed 
flat on the garage floor to measure the depth: 


f = D*/ 16d 


where 


(Eq 9) 


D = diameter of the dish in inches 
d = depth of the dish in inches 
f = 487? / (16 x 7.25) = 19.8 inches (50.5 cm) 


This is just one example of countless combinations 
of hardware and patch designs. Inherent in this design, 
however, are five key design and construction features 
developed from building and empirical testing of a num- 
ber of patch feeds. 


1. The specified dimensions are critical for no-tune opera- 
tion. Fig 51 shows the dimensions necessary to build 
the dual-feed patch. (KSOE recommends you reproduce 
this sketch accurately on graph paper. When you cut 
your patches you can lay them on the paper template 
for checking.) Repeat: These dimensions are critical. 
Even a 0.5-mm error will throw your resonance off con- 
siderably—patches are not broadband. 








13cm Bae 


13.5 
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13cm Patch 
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Fig 51—Dual-band patch feed dimensions, in 
millimeters. (KS5OE diagram; courtesy of The 
AMSAT Journal.) 
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2. The reflector must be rigid. Spacing between the 
driven element (patch) and the reflector affects the 
resonant frequency. KSOE found 0.025-inch alumi- 
num sheet and 26-gauge copper sheet acceptable for 
a single S-band patch feed, but too flimsy for an 
L-band reflector. Use more rigid material or provide 
additional stiffening for the L-band reflector, as 
shown in Figs 52, 53 and 54. 

3. The patches must be electrically isolated from each 
other. A metallic center support works for a single 
patch but creates harmonic-coupling problems when 
patches are stacked for multiband use. The use of 
nylon machine screws and nuts helps solve the vexing 
problem of the S-band patch coupling to the 
L-band patch. 

4. The “straight corners” of the truncated corner patch 
must be kept clear of any nearby metal. This includes 
the edges of the feed support or cup, if used. See Fig 
54. 

5. Feeding the patches at 90° to each other minimizes the 
electromagnetic interaction between the two antenna 
fields. 


One final design issue deals with the first harmonic 
of the L-band antenna. You must significantly reduce the 
potentially destructive effect from the 1269-MHz signal’s 
second harmonic. Severe desense of your receive signal 
could occur and potentially even overload and damage the 
first active device in your system. Sensitive preamps and 
downconverters without a pre-RF-amplifier filter will need 
an external filter. KSOE has used a G3WDG stub filter rated 
at 100-dB rejection with good success ahead of his preamp. 
His current setup, however, uses a AIDC-3731AA 
downconverter with its internal combline filter providing 
adequate filtering. Using the downconverter directly at the 





Fig 52—Assembly of the L band reflector. (K50E photo; 
courtesy of The AMSAT Journal.) 
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Fig 53—The support, L-band reflector and patch. (K5OE 
photo; courtesy of The AMSAT Journal.) 
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Fig 54—The completed dual-band patch feed. 
(K5OE photo; courtesy of The AMSAT Journal.) 


feed point has a noise figure (NF) of 1.0 dB, compared to 
the cumulative NF of 1.6 dB using a filter and a preamp. 
Construction of the feed begins with selection of 
material for both the electrical parts (the antennas) and the 
mechanical parts (the support structure). The L-band 
antenna is constructed using a 6 x 6-inch double-sided cir- 
cuit board for the reflector and a piece of 26-gauge copper 
sheet for the driven element (patch). A flanged female type- 
N connector is used for the feed connection. The S-band 
antenna is constructed of two pieces of 26-gauge copper 
sheeting and the feed connection is made with a short piece 
of UT-141 (0.141-inch copper-clad semirigid coax) termi- 
nated in a male SMA fitting. Fig 52 illustrates the assem- 
bly of the L-band reflector with the nylon-center support 
bolt, the L-band N-connector, and the S-band semirigid 
coax terminated onto an SMA-to-N adapter through the 
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circuit board. 

The support structure began life as a paint can, mea- 
suring 155 mm in diameter. It was cut down to a 15-mm 
depth. Cut a hole in the middle of the bottom of the can 
and trim the PC board to fit inside the can bottom. Use 
stainless-steel */s-inch 4-40 bolts, washers and nuts to 
secure the PC board to the can bottom. A 1!/2-inch 
6-32 nylon bolt is secured through the center of the PC 
board with two nylon nuts to provide the 6-mm spacing 
for the L-band patch. Fig 53 shows the L-band patch in 
position and ready to be soldered to the N-connector. Note 
the hole through the L-band patch allowing the S-band 
UT-141 coax to pass (without making contact). 

The remainder of the antenna is then assembled in 
order: First the L-band patch is secured with two nylon 
nuts and soldered to the N-connector. Then the S-band 
reflector is secured with one nylon nut to provide 3-mm 
spacing, and the UT-141 coax shield is soldered to the 
S-band reflector. Finally, the S-band patch is secured with 
a single nylon nut (3-mm spacing) and soldered to the cen- 
ter conductor of the UT-141 coax. To summarize the over- 
all order of assembly: L-band reflector, two nylon nuts, 
L-band patch, two nylon nuts, S-band reflector, one nylon 
nut, S-band patch, and one nylon nut. 

An electrical check with an ohmmeter of the com- 
pleted feed should show the two reflectors connected, with 
the patches isolated from the reflectors and from each other. 
Fig 54 shows the completed feed. Note how the sides of 
the support are cut out to avoid proximity to the L-band 
patch and how the L-band and S-band patches are at 90° to 
each other. Fig 55 shows the back of the feed, complete 
with an angle support for the downconverter. The flanged 
N-connector is for the L-band coax and the male-N adapter 
is secured from the other side of the feed with the SMA 
fitting on the UT-141 coax. 

For those who are tempted to tune the patch, KSOE 
recommends doing it with the feed installed on the an- 
tenna—-since the dish surface affects the feed-point im- 
pedance slightly. The feed-point impedance, and thus the 
resonant frequency, can be changed quite a bit by 
adjustment of the spacing of just the straight corners. 
There is no need to change the spacing at the center or the 
feed—just a slight up or down bending of the straight cor- 
ners will change the tuning. Do this carefully: a little bit 
goes a long way. This patch design is very repeatable and 
will work adequately (an SWR below 1.5:1) with no 
adjustments. 

The antenna performs to the calculated predictions 
above. On receive, this antenna is 4S units better than 
K5OE’s 45-cm dish and 3 S units above his 65-cm dish 
(both other dishes have similar patch feeds and the same 
downconverter). It also clearly outperforms his previous 
dual-helix arrangement on the 1.2-meter dish, but he was 
unable to do a side-by-side comparison. 

On transmit, it does equally well, with a decent sig- 
nal into the satellite with only 10 W measured at the 
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Fig 55—Rear of the completed feed. (K5OE photo; 
courtesy of The AMSAT Journal.) 


antenna. The L band is noticeably improved over the helix 
predecessor. At low squint angles K5OE finds the 
L-band uplink to be about 1 S unit weaker than his U- 
band uplink. He later added a small plastic hat to extend 
over the top of the patches to keep the rain and bird drop- 
pings off—both detune the patches when built up between 
the patch and the reflector. 

Though simple and effective, this is merely one way 
to construct a dual feed. Cookie-tin lids also make excel- 
lent supports. Tin snips are a good investment and much 
easier to use than a hacksaw. Use a flat file to remove burrs 
from the edges of the patches. Use stainless-steel hard- 
ware, most notably */s-inch 4-40 machine bolts and nuts 
for the antenna hardware and !/2-inch 6-32 for the support- 
structure connections to the support arms ('/2-inch alumi- 
num tubing). The copper sheet is much easier to solder to 
than aluminum. Once completed, the feed received a few 
coats of white enamel paint to protect the copper and to 
minimize the visual reflections. 

This is not the only dual-band antenna on AO-40. 
There are many varied, innovative designs available, 
including G6LVB’s simple and effective 1.2-meter home- 
brew stressed chicken wire dish with a dual-G3RUH helix 
feed. G3WDG has a 3-meter dish with L/S-band helices 
and a K-band (1.3-cm) feed horn, and W@LMD has devel- 
oped some popular dual- and tri-band “round” patch feeds. 
(See the Notes and References, as well as the CD-ROM 
bundled with this book.) 
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Fig 56—The 
portable 435-MHz 
helix assembled 
and ready for 
operation. (WOCY 
photo.) 


For additional information on constructing anten- 
nas, feeds and equipment techniques for use at micro- 
wave frequencies, see The ARRL UHF/Microwave 
Experimenter’s Manual and The ARRL UHF/Microwave 
Projects Manual. Both of these books have a wealth of 
information for the experimenter. 


PORTABLE HELIX FOR 435 MHZ 


Helical antennas for 435 MHz are excellent uplinks 
for U-band satellite communications. The true circular 
polarization afforded by the helix minimizes signal spin 
fading that is so predominant in these applications. The 
antenna shown in Fig 56 fills the need for an effective por- 
table uplink antenna for OSCAR operation. Speedy assem- 
bly and disassembly and light weight are among the 
benefits of this array. This antenna was designed by Jim 
McKim, W@CY. 

As mentioned previously, the helix is about the most 
tolerant of any antenna in terms of dimensions. The 
dimensions given here should be followed as closely as 
possible, however. Most of the materials specified are avail- 
able in any well supplied do-it-yourself hardware or build- 
ing supply store. The materials required to construct the 
portable helix are listed in Table 1. 

The portable helix consists of eight turns of '/4-inch 
soft-copper tubing spaced around a 1-inch fiberglass tube 
or maple dowel rod 4 feet, 7 inches long. Surplus alumi- 
num jacket Hardline can be used instead of the copper tub- 
ing if necessary. The turns of the helix are supported by 
5-inch lengths of '/4-inch maple dowel mounted through 
the 1-inch rod in the center of the antenna. Fig 57A shows 
the overall dimensions of the antenna. Each of these sup- 
port dowels has a V-shaped notch in the end to locate the 
tubing, as shown in Fig 57B. 

The rod in the center of the antenna terminates at 
the feed-point end in a 4-foot piece of 1-inch ID galva- 





Table 1 

Parts List for the Portable 435-MHz Helix 

Qty Item 

1 Type N female chassis mount connector 

18 feet ‘/4-in. soft copper tubing 

4 feet 1-inch ID galvanized steel pipe 

1 5 feet x 1-inch fiberglass tube or maple dowel 

14 5-inch pieces of '/4-inch maple dowel (6 feet 
total) 

1 /s-inch aluminum plate, 10 inches diameter 

3 2 x %/4-inch steel angle brackets 

1 30 x 30-inch (round or square) aluminum 
screen or hardware cloth 

8 feet  ‘'/2 x '/2 x '/2-inch aluminum channel stock or 
old TV antenna element stock 

3 Small scraps of Teflon or polystyrene rod 
(spacers for first half turn of helix) 

1 /g x 5 x 5-inch aluminum plate (boom-to-mast 
plate) 

4 1%-inch U bolts (boom-to-mast mounting) 

3 feet #22 bare copper wire (helix turns to maple 
spacers) 


Assorted hardware for mounting connector, aluminum 
plate and screen, etc. 





nized steel pipe. The pipe serves as a counterweight for 
the heavier end of the antenna. The 1-inch rod material 
inside the helix must be nonconductive. Near the point 
where the nonconductive rod and the steel pipe are joined, 
a piece of aluminum screen or hardware cloth is used as 
a reflector screen. 

If you have trouble locating the '/4-inch soft copper 
tubing, try a refrigeration supply house. The perforated 


aluminum screening can be cut easily with tin snips. This 
material is usually supplied in 30 x 30-inch sheets, mak- 
ing this size convenient for a reflector screen. Galvanized 
'/4-inch hardware cloth or copper screen could also be used 
for the screen, but aluminum is easier to work with and is 
lighter. 

A '/s-inch-thick aluminum sheet is used as the sup- 
port plate for the helix and the reflector screen. Surplus 
rack panels provide a good source of this material. Fig 58 
shows the layout of this plate. 

Fig 59 shows how aluminum channel stock is used 
to support the reflector screen. (Aluminum tubing also 
works well for this. Discarded TV antennas provide plenty 
of this material if the channel stock is not available.) The 
screen is mounted on the bottom of the 10-inch aluminum 
center plate. The center plate, reflector screen and channel 
stock are connected together with plated hardware or pop 
rivets. This support structure is very sturdy. Fiberglass 
tubing is the best choice for the center rod material 
although maple dowel can be used. 

Mount the type-N connector on the bottom of the cen- 
ter plate with appropriate hardware. The center pin should 
be exposed enough to allow a flattened end of the copper 
tubing to be soldered to it. Tin the end of the tubing after 
it is flattened so that no moisture can enter it. If the helix 
is to be removable from the ground-plane screen, do not 
solder the copper tubing to the connector. Instead, prepare 
a small block of brass, drilled and tapped at one side for a 
6-32 screw. Drill another hole in the brass block to accept 
the center pin of the type-N connector, and solder this con- 
nection. Now the connection to the copper tubing helix 
can be made in the field with a 6-32 screw instead of with 
a soldering iron. 








4'-7" 


Notch Just 
Enough to Center 
1/4" Copper Tubing 


is 


1/16" Hole 
for 
Tie Wire 


/s" 








1" Maple Dowel 


or Fiberglass Tubing 


(A) 


1/4" Maple Dowel 
(8) 


Fig 57—At A, the layout of the portable 435-MHz helix is shown. Spacing between the first 5-inch winding-support 
dowel and the ground plane is '/2 inch; all other dowels are spaced 3 inches apart. At B, the detail of notching the 
winding-support dowels to accept the tubing is shown. As indicated, drill a '/1c«-inch hole below the notch for a piece 


of small wire to hold the tubing in place. 
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2"X 3/4" Steel Angle 
Brackets (3pls) 

Bolt Through Back Screen 
and Back Plate. Use 10-32 
Plated Screws, Nuts, and 

Lock Washers. 


Fig 58—The ground plane and feed-point support 
assembly are shown. The circular piece is a 10-inch 
diameter, ‘/s-inch thick piece of aluminum sheet. (A 
square plate may be used instead.) Three 2 x °/s-inch 
angle brackets are bolted through this plate to the 
backside of the reflector screen to support the screen 
on the pipe. The type-N female chassis connector is 
mounied in the plate 4 inches from the 1-inch diameter 
center hole. 


Refer to Fig 57A. Drill the fiberglass or maple rod 
at the positions indicated to accept the 5-inch lengths of 
-inch dowel. (If maple doweling is used, the wood must 
be weatherproofed as described below before drilling.) 
Drill a '/1s-inch hole near the notch of each 5-inch dowel 
to accept a piece of #22 bare copper wire. (The wire is 
used to keep the copper tubing in place in the notch.) 
Sand the ends of the 5-inch dowels so the glue will adhere 
properly, and epoxy them into the main support rod. 

Begin winding the tubing in a clockwise direction 
from the reflector screen end. First drill a hole in the flat- 
tened end of the tubing to fit over the center pin of the 
type-N connector. Solder it to the connector, or put the 
screw into the brass block described earlier. Carefully pro- 
ceed to bend the tubing in a circular winding from one 
support to the next. 

See the earlier section entitled “50-Q Helix Feed” 
and Figs 19 and 20 to see how the first half-turn of the 
helix tubing must be positioned close above the reflector 
assembly. Fig 59B shows also an excellent example by 
K9EK on matching his U-band helical antenna to a 52-Q 
feed line. It is important to maintain this spacing, since 
extra capacitance between the tubing and ground is 
required for impedance-matching purposes. 

Insert a piece of #22 copper wire in the hole in each 
support as you go. Twist the wire around the tubing and 
the support dowel. Solder the wire to the tubing and to 
itself to keep the tubing in the notches. Continue in this 
way until all eight turns have been wound. After winding 
the helix, pinch the far end of the tubing together and 
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screen with aluminum channel stock is shown. In this 
version of the antenna, the three angle brackets of Fig 
58 have been replaced with a surplus aluminum flange 
assembly. (W@CY photo.) At bottom, this helix view 
shows the details of a ‘/-turn matching transformer, as 
discussed in the text. (K9EK photo.) 


solder it closed. 


Weatherproofing the Wood 


A word about preparing the maple doweling is in 
order. Wood parts must be protected from the weather to 
ensure long service life. A good way to protect wood is 
to boil it in paraffin for about half an hour. Any holes to 
be drilled in the wooden parts should be drilled after the 
paraffin is applied, since epoxy does not adhere well to 
wood after it has been coated with paraffin. The small 
dowels can be boiled in a saucepan. Caution must be 
exercised here—the wood can be scorched if the paraffin 
is too hot. Paraffin is sold for canning purposes at most 
grocery stores. Wood parts can also be protected with 
three or four coats of spar varnish. Each coat must be 
allowed to dry fully before another coat is applied. 

The fiberglass tube or wood dowel must fit snugly 


with the steel pipe. The dowel can be sanded or turned 
down to the appropriate diameter on a lathe. If fiberglass 
is used, it can be coupled to the pipe with a piece of wood 
dowel that fits snugly inside the pipe and the tubing. Epoxy 
the dowel splice into the pipe for a permanent connection. 

Drill two holes through the pipe and dowel and bolt 
them together. The pipe provides a solid mount to the boom 
of the rotator, as well as most of the weight needed to coun- 
terbalance the antenna. More weight can be added to the 
pipe if the assembly is “front-heavy.” (Cut off some of the 
pipe if the balance is off in the other direction.) 

The helix has a nominal impedance of about 105 Q 
in this configuration. By varying the spacing of the first 
half turn of tubing, a good match to 52-Q coax should be 
obtainable. When the spacing has been established for the 
first half turn to provide a good match, add pieces of poly- 
styrene or Teflon rod stock between the tubing and the 
reflector assembly to maintain the spacing. These can be 
held in place on the reflector assembly with silicone seal- 
ant. Be sure to seal the type-N connector with the same 
material. 


Exposed Antenna Relays and Preamplifiers 


For stations using crossed Yagi antennas for CP 
operation, one feature that has been quite helpful for com- 
municating through most of the LEO satellites, has been 
the ability to switch polarization from RHCP to LHCP. In 
some satellite operation this switchable CP ability has been 
essential. Operation through AO-40 has not shown a great 
need for such CP agility, since if the satellite is seriously 
off-pointed the signals are not particularly useable. When 
AO-40’s squint angle is less than 25° the need for LHCP 
has not been observed. For those using helical antennas or 
helical-fed dish antennas, we just would not have the choice 
to switch CP unless an entirely new antenna is added to 
the cluster for that purpose. Not many of us have the luxury 
of that kind of space available on our towers. 

For stations with switchable-circularity Yagi anten- 
nas, experience with exposed circularity switching relays 
and preamplifiers mounted on antennas have shown that 
they are prone to failure caused by an elusive mechanism 
known as diurnal pumping. Often these relays are cov- 
ered with a plastic case, and the seam between the case 
and PC board is sealed with a silicone sealant. Preamps 
may also have a gasket seal for the cover, while the con- 
nectors can easily leak air. None of these methods create a 
true hermetic seal and as a result the day/night tempera- 
ture swings pump air and moisture in and out of the relay 
or preamp case. Under the right conditions of temperature 
and moisture content, moisture from the air will condense 
inside the case when the outside air cools down. Condensed 
water builds up inside the case, promoting extensive 
corrosion and unwanted electrical conduction, seriously 
degrading component performance in a short time. 

A solution for those antennas with “sealed” plastic 
relays, such as the KLM CX series; you can avoid prob- 
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Fig 60—KLM 2M-22C antenna CP switching relay with 
relocated balun. The protective cover is needed for rain 
protection, be sure to use a polystyrene kitchen box, 
see text. (WD4FAB photo.) 





Fig 61—A NEMA4 box is used to shelter the L-band 
electronics and power supply. The box flanges are 
convenient for mounting preamplifiers. The box is 
shown inverted since it is on a tilt-over tower. (WD4FAB 
photo.) 


lems by making the modifications shown in Fig 60. Relo- 
cate the 4:1 balun as shown and place a clear polystyrene 
plastic refrigerator container over the relay. Notch the con- 
tainer edges for the driven element and the boom so the 
container will sit down over the relay, sheltering it from 
the elements. Bond the container in place with a few dabs 
of RTV adhesive sealant. Position the antenna in an “X” 
orientation, so neither set of elements is parallel to the 
ground. The switcher board should now be canted at an 
angle, and one side of the relay case should be lower 
than the other. An example for the protective cover for an 
S-band preamp can be seen in the discussion on feeds for 
parabolic antennas. 

For both the relay and preamp cases, carefully drill a 
3/32-inch hole through the low side of the case to provide 
the needed vent. The added cover keeps rainwater off the 
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relay and preamp, and the holes will prevent any buildup 
of condensation inside the relay case. Relays and pream- 
plifiers so treated have remained clean and operational over 
periods of years without problems. 

Another example for the protection of remotely, tower- 
mounted equipment is shown in Fig 50, illustrating the equip- 
ment box and mast-mounted preamplifiers at the top of 
WD4FAB’s tower. The commercial NEMA4-rated equip- 
ment box, detailed in Fig 61 (shown inverted), is used to 
protect the 23-cm power amplifier and its power supply, as 
well as a multitude of electrical connections. This steel box 
is very weather resistant, with an exceptionally good epoxy 
finish, but it is not sealed and so it will not trap moisture to 
be condensed with temperature changes. Be sure to use a 
box with at least a NEMA3 rating for rainwater and dust 
protection. The NEMA4 rating is just a little better protec- 
tion than the NEMA3 rating. Using a well-rated equipment 
box is very well worth the expense of the box. As you can 
see, the box also provides some pretty good flanges to mount 
the mast-mounted preamplifiers for three bands. This box 
is an elegant solution for the simple need of rain shelter for 
your equipment. See Fig 62. 


Elevation Control 


Satellite antennas need to have elevation control to 
point up to the sky. This is the “El” part of Az-El control 
of satellite antennas. Generally, elevation booms for CP 
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Coaxial Cable to Statiof 


Fig 62—Protection for tower-mounted equipment need 
not be elaborate. Be sure to dress the cables as shown 
so that water drips off the cable jacket before it 
reaches the enclosure. One hazard for such open- 
bottom enclosures is that of animals liking the cable 
insulation as a delicacy. Flying insects also like to build 
their houses in these enclosures. 
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satellite antennas need to be non-conducting so that the 
boom does not affect the radiation pattern of the antenna. 
In the example shown next, the elevation boom center sec- 
tion is a piece of extra-heavy-wall 1'/2-inch pipe (for greater 
strength) coupled with a tubular fiberglass-epoxy boom 
extension on the 70-cm end and a home-brew long exten- 
sion on the 2-meter end. This uses large PVC pipe rein- 
forced with four braces of Phillystran non-metallic guy 
cable. (PVC pipe is notoriously flexible, but the Phillystran 
cables make a quite stiff and strong boom of the PVC pipe.) 
For smaller installations, a continuous piece of fiberglass- 
epoxy boom can be placed directly through the elevation 
rotator. 

Elevation boom motion needs to be powered, and 
one solution by WD4FAB, shown in Fig 63, uses a sur- 
plus jackscrew drive mechanism. I8CVS has also built 
his own robust elevation mechanism. See Fig 64. Note in 
each of these applications the methods used to provide 
bearings for the elevation mechanism. In WD4FAB’s case, 
the elevation axis is a piece of heavy-duty 1'/2-inch pipe, 


Fig 63—WD4FAB’s homebrew elevation rotator drive 
using a surplus-store drive screw mechanism. Note 
also the large journal bearing supporting the elevation 
axis pipe shaft. (WD4FAB photo.) 


(1'%/i6-inch OD) and large 2 inch journal bearings are 
used for the motion. I8CVS uses a very large hinge to 
allow his motion. 

Robust commercial solutions for Az-El rotators have 
given operators good service over the years. See Fig 65. 
Manufacturers such as Yaesu and M? are among these 





Fig 64—I8CVS’s homebrew elevation mechanism 
using a very large, industrial hinge as the pivot 
and a jackscrew drive. (I8CVS photo.) 





suppliers. One operator, VE5FP, found a solution for his 
Az-El needs by using two low-cost, lightweight TV rota- 
tors. See Fig 65B. 


CONVERTED C-BAND TVRO DISHES 


In working with larger, converted C-band TVRO 
dishes for AO-40, some operators have used only the polar 
mount with its jack-screw mechanism. See Fig 66. This 
dish is called Big Ugly Dish or just “BUD” by their users. 
Only using the polar mount mechanism limits the opera- 
tor in the range of motion, as previously discussed. 
W@LMD provides for a greater degree of articulation of 
these dishes through several mechanisms. One of these is 
a sector-gear elevation drive, shown in Fig 67. 

For the azimuth motion of our satellite antennas, most 
use motorized rotator drives, mainly the commercial 
sources previously mentioned. Most antennas are tower- 
mounted, allowing the placement of the rotator inside the 
tower. For the large wind loads of satellite antennas, these 
commercial rotators become rather expensive. 

High loads are also prominent with the use of BUD 





Fig 65—At left, Yaesu Az-El antenna-rotator mounting system is shown. Note that antenna loads must be more 
carefully balanced on this rotator than in the previously shown systems. At right, VE5FP has a solution for his Az-El 
rotators by bolting two of them together in his “An Inexpensive Az-El Rotator System”, QST, December 1998. 
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Fig 66—A TVRO dish-drive system is shown on its polar 
mount, using a protected drive-screw mechanism. 
(W@LMD photo.) 


Fig 67—A modified TVRO dish mount is shown using an 
Az-El mount and a sector-gear drive for the elevation. 
(W@LMD photo.) 


antennas, and W@LMD has again engineered some very 
robust mechanisms using combinations of motorcycle- 
chain drives, V-belt drives and gear-head motors, as seen 
in Fig 68. An overall view of one of his BUD antennas is 
shown in Fig 69, showing the Az drive with an El drive 
that uses a jackscrew mechanism. 

Operators through the years have employed many 
methods for the control of their antenna positions, rang- 
ing from true arm-strong manual positioning, to manual 
operation of the powered antenna azimuth and elevation 
rotators, to fully automated computer control of the rota- 
tors. While computer control of the rotators is not essen- 
tial, life is greatly assisted with their use. For many years, 
one of the keystone control units for rotators has been 
the Kansas City Tracker (KCT) board installed in your 
computer. Most satellite-tracking programs can connect to 
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Fig 68—W®9LMD constructed a very robust and low-cost 
Az drive mechanism. (W@LMD photo.) 


the KCT with ease. One difficulty with the KCT unit is 
that they are 8-bit digital units, providing positioning pre- 
cision of 0.35° in elevation and 1.41° in azimuth. For the 
larger dishes, with their narrow beamwidths, these values 
of precision are unacceptable. There are other options to 
replace the KCT unit. 

A recent trend for amateur antenna control has been 
evolving in the form of a standalone controller that trans- 
lates computer antenna-position information into control- 
ler commands with an understanding of antenna-position 
limits. These boxes, represented by the EasyTrak unit, 
Fig 70, from the Tucson Amateur Packet Radio (TAPR) 
group, have made this capability readily available for many 
amateurs. This unit is a 10-bit encoder, providing preci- 
sions of 0.09° in elevation and 0.35° in azimuth. The com- 
puter can also control the operation of your station 
transceiver through the radio interface provided in 
EasyTrak; you will not need any other radio interface. 

Other position readout and control options are avail- 
able. For many years ham operators have employed syn- 
chros, or selsyns, for their position readouts. These are 





Fig 69—A completed TVRO dish Az-El mounting system 


is shown, using a jackscrew elevation drive. (WOLMD 
photo.) 





Fig 70—The EasyTrak automated antenna rotator and 
radio controller by TAPR. (WD4FAB photo.) 


specialized transformers, using principles developed over 
sixty years ago and employed in such devices as surplus 
“radio compass” steering systems for aircraft. While the 
position readout of these devices can be quite precise, in 
general they only provide a visual position indication, 
one that is not easily adapted to computer control. I8CVS 
employs such a system at his station and his elevation 
synchro can be seen in Fig 64, using a weighted arm on 
the synchro to provide a constant reference to the Earth’s 
gravity vector. 

The more up-to-date, computer-friendly position read- 
out methods used these days are usually based on preci- 
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Fig 71—W@LMD has experimented with highly precise 
optical encoders for his antenna position systems. See 
text. (WO@LMD photo.) 


sion potentiometers or digital code wheels. Fig 71 shows 
such a digital code-wheel system employed by WOLMD. 
He notes that such systems, while providing a very high 
precision of angular position, they are not absolute sys- 
tems and that once calibrated, they must be continually 
powered so they do not lose their calibration. Precision 
potentiometers, on the other hand, provide an absolute 
position reference, but with a precision that is limited to 
the quality of the potentiometer, typically 0.5% (0.45° in 
El and 1.80° in Az) to 1.0%. So the choices have their 
individual limits, unless a lot of money is spent for very 
precise commercial systems. 
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This section was updated by David Hallidy, K2DH. 
As mentioned earlier, the tremendous path loss incurred 
over an EME circuit places stringent requirements on Earth- 
station performance. Low-noise receiving equipment, maxi- 
mum available power and high-gain antenna arrays are 
required for successful EME operation. Although it is pos- 
sible to copy some of the better-equipped stations with a 
low-gain antenna, it is unlikely that such an antenna can 
provide reliable two-way communications. Antenna gain 
of at least 20 dBi is required for reasonable EME success. 
Generally speaking, more antenna gain yields the most 
noticeable improvement in station performance, since the 
increased gain improves both the received and transmitted 
signals. 
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VHF/UHF EME ANTENNAS 


Several types of antennas for 2 meters and 70 cm are 
popular among EME enthusiasts. Perhaps the most popu- 
lar antenna for 144-MHz work is an array of either 4 or 8 
long-boom (14 to 15 dBi gain) Yagis. The 4-Yagi array 
provides approximately 20 dB gain, and an 8-Yagi array 
gives an approximate 3 dB increase over the 4-antenna 
array. Fig 72 shows the computed response at a 30° tilt 
above the horizon for a stack of four 14-element 2-meter 
Yagis, each with a boomlength of 3.1 A (22 feet). 

At 432 MHz, EME enthusiasts often use 8 or 16 long- 
boom Yagis in an array. Such Yagis are commercially avail- 
able or they can be constructed from readily available 
materials. Chapter 18, VHF and UHF Antenna Systems, 


has details on some popular Yagi designs. 

The main disadvantage of Yagi arrays is that the 
polarization plane of the individual Yagis cannot be con- 
veniently changed. One way around this is to use cross- 
polarized Yagis and a relay switching system to select the 
desired polarization, as described in the previous section. 
This represents a considerable increase in system complex- 
ity to select the desired polarization. Some amateurs have 
gone so far as to build complicated mechanical systems to 
allow constant polarization adjustment of all the Yagis in 
a large array. Fig 73 shows the KI1FO 70-cm EME 16- Yagi 
array with full polarization control, described in The ARRL 
Antenna Compendium, Vol 3. This 432-MHz EME array 
uses open-wire phasing lines to minimize feed-line losses. 
Fig 74 shows the computed response for this array, which 
employs rugged but lightweight 14-element Yagis on 
3.1 4. (7.1 foot) booms. Feed-line losses are not explicitly 
accounted for in the EZNEC Professional computer model, 
but are estimated to be less than 0.25 dB. 

Polarization shift of EME signals at 144 MHz is fairly 
rapid, and the added complexity of a relay-controlled cross- 
polarized antenna system or a mechanical polarization 
adjustment scheme is probably not worth the effort. At 
432 MHz, however, where the polarization shifts at a much 
slower rate, an adjustable polarization system does offer a 
definite advantage over a fixed one. 

The Yagi antenna system used by Ed Stallman, 
N5BLZ, is shown in Fig 75. His system employs twelve 
144-MHz long-boom 17-element Yagi antennas. The mon- 
ster 48-Yagi 2-meter array of Gerald Williamson, K5GW, 
is shown in Fig 76, and the huge 48-Yagi 70-cm EME 
array of Frank Potts, NC1I, is shown in Fig 77. 

Although not as popular as Yagis, Quagi antennas 
(made from both quad and Yagi elements) are sometimes 
used for EME work. Slightly more gain per unit boom 
length is possible as compared to the conventional Yagi, 








Fig 72—EZNEC Pro elevation pattern for four 14- 
element 2-meter Yagis (3.6-A boom lengths) at an 
elevation angle of 30° above the horizon. The computed 
system gain is 21.5 dBi, suitable for 2-meter EME. This 
assumes that the phasing system is made of open-wire 
transmission lines so that feed-line losses can be kept 
below 0.25 dB. 
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at the expense of some robustness. Additional informa- 
tion on the Quagi is presented in Chapter 18, VHF and 
UHF Antenna Systems. 

The collinear array is an older type of antenna for 
EME work. A 40-element collinear array has approximately 





Fig 73—K1FO’s variable polarization 16 x 14-element 
(3.6-A boom lengths) 432-MHz EME array shown at 2° 
elevation and vertical polarization. (See The ARRL 
Antenna Compendium, Vol 3.) 








Fig 74—Computed elevation response for K1FO 16-Yagi 
432-MHz array shown in Fig 73. (The EZNEC Pro model 
required 2464 segments!) With assumed phasing 
harness feed-line losses of 0.25 dB, the overall gain 
exceeds 27.5 dBi. 
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the same frontal area as an array of four Yagis, but pro- 
duces approximately 1 to 2 dB less gain. One attraction to 
a collinear array is that the depth dimension is consider- 
ably less than the long-boom Yagis. An 80-element col- 
linear is marginal for EME communications, providing 
approximately 19 dB gain. As with Yagi and Quagi anten- 
nas, the collinear cannot be adjusted easily for polarity 
changes. From a construction standpoint, there is little 
difference in complexity and material costs between the 
collinear and Yagi arrays. 


DISH ANTENNAS FOR EME 


On 2 meters the minimum antenna gain for reliable 





Fig 75—The EME array used at N5BLZ consists of 
twelve long-boom 144-MHz Yagis. The tractor, lower left, 
really puts this array into perspective! (Photo courtesy 
N5BLZ.) 





Fig 76—K5GW’s huge 48-Yagi 2-meter EME array. 
(Photo courtesy K5GW.) 


19-34 Chapter 19 





EME communications is about 20 dBi. While a few ama- 
teurs have had access to parabolic dishes large enough for 
EME work at 144 and 222 MHz, at those frequencies an 
array of four long Yagis is equal in gain to a dish 24 feet in 
diameter! To achieve truly high-gain performance from a 
dish on 2 meters would require a reflector diameter of 
nearly 96 feet (providing 32 dBi gain). Such undertakings 
are generally beyond amateur means, so there has been little 
work done with dishes at low frequencies, except for the 
occasional expedition to one of the large radio telescopes 
that have accommodated amateur EME work. 


Microwave Parabolic Dish Antennas 


The major problems associated with parabolic dish 
antennas are mechanical ones. A dish of about 16 feet in 
diameter is the minimum size required for successful EME 
operation on 432 MHz. With wind and ice loading, struc- 
tures of this size place a real strain on the mounting and 
positioning system. Extremely rugged mounts are required 
for large dish antennas, especially when used in windy 
locations. Fig 78 shows the impressive 7-meter diameter 
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Fig 77—NC1I’s magnificent 48-Yagi 70-cm EME array. 
(Photo courtesy NC1I.) 


dish built by David Wardley, ZL1BJQ. 

Several aspects of parabolic dish antennas make the 
extra mechanical problems worth the trouble, however. For 
example, the dish antenna is inherently broadband, and may 
be used on several different amateur bands by simply 
changing the feed. An antenna that is suitable for 432 MHz 
work will most likely be usable on several of the higher 
amateur bands too. Increased gain is available as the fre- 
quency of operation is increased. 

Another advantage of a dish is the flexibility of the feed 
system. The polarization of the feed, and therefore the polar- 
ization of the antenna, can be changed with little difficulty. It 
is arelatively easy matter to devise a system to rotate the feed 
remotely from the shack to change polarization. Because 
polarization changes can account for as much as 30 dB of 
signal attenuation, the rotatable feed can make the dif- 
ference between consistent communications and no commu- 
nications at all. Further information on Parabolic Antennas 
can be found in Chapter 18, VHF and UHF Antenna Systems 
as well as in the section below. 


A 12-FOOT STRESSED HOMEBREW 
PARABOLIC DISH 


Very few antennas evoke as much interest among UHF 
amateurs as the parabolic dish, and for good reason. First, 
the parabola and its cousins—Cassegrain, hog horn and 
Gregorian—are probably the ultimate in high-gain anten- 
nas. One of the highest-gain antennas in the world (148 dB) 
is a parabola. This is the 200-inch Mt. Palomar telescope. 
(The very short wavelength of light rays causes such a high 
gain to be realizable.) 

Second, the efficiency of the parabola does not change 
as size increases. With Yagis and collinear arrays, the losses 
in the phasing harness increase as the array size increases. 
The corresponding component of the parabola is lossless 
air between the feed horn and the reflecting surface. If there 
are a few surface errors, the efficiency of the system stays 
constant regardless of antenna size. This project was pre- 
sented by Richard Knadle, K2RIW, in August 1972 QST. 





Fig 78—ZL1BJQ’s homemade 7-meter (23-foot) 
parabolic dish, just prior to adding ‘'/2-inch wire 
mesh. (Photo courtesy ZL1BJQ.) 
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Some amateurs reject parabolic antennas because of 
the belief that they are all heavy, hard-to-construct, have 
large wind-loading surfaces and require precise surface 
accuracy. However, with modern construction techniques, 
a prudent choice of materials and an understanding of 
accuracy requirements, these disadvantages can be largely 
overcome. A parabola may be constructed with a 0.6 f/D 
(focal length/diameter) ratio, producing a rather flat dish, 
which makes it easy to surface and allows the use of recent 
advances in high-efficiency feed horns. This results in 
greater gain for a given dish size over conventional 
designs. 

Such an antenna is shown in Fig 79. This parabolic 
dish is lightweight, portable, easy to build, and can be used 
for 432 and 1296-MHz mountain topping, as well as on 
2304, 3456 and 5760 MHz. Disassembled, it fits into the 
trunk of a car, and can be assembled in 45 minutes. 

The usually heavy structure that supports the sur- 
face of most parabolic dish antennas has been replaced 
in this design by aluminum spokes bent into a near para- 
bolic shape by string. These strings serve the triple func- 
tion of guying the focal point, bending the spokes and 
reducing the error at the dish perimeter (as well as at the 
center) to nearly zero. By contrast, in conventional 
designs, the dish perimeter (which has a greater surface 
area than the center) is farthest from the supporting cen- 
ter hub. For these reasons, it often has the greatest error. 
This error becomes more severe when the wind blows. 

Here, each of the spokes is basically a cantilevered 
beam with end loading. The equations of beam bending 
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Fig 79—A 12-foot stressed parabolic dish set up for 
satellite signals near 2280 MHz. A preamplifier is shown 
taped below the feed horn. The dish was designed by 
K2RIW, standing at the right. From QST, August 1972. 
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predict a near-perfect parabolic curve for extremely small 
deflections. Unfortunately the deflections in this dish are 
not that small and the loading is not perpendicular. For 
these reasons, mathematical prediction of the resultant 
curve is quite difficult. A much better solution is to mea- 
sure the surface error with a template and make the nec- 
essary correction by bending each of the spokes to fit. 
This procedure is discussed later. 

The uncorrected surface is accurate enough for 432 
and 1296-MHz use. Trophies taken by this parabola in 
antenna-gain contests were won using a completely natu- 
ral surface with no error correction. By placing the trans- 
mission line inside the central pipe that supports the feed 
horn, the area of the shadows or blockages on the reflector 
surface is much smaller than in other feeding and support- 
ing systems, thus increasing gain. For 1296 MHz, a back- 
fire feed horn may be constructed to take full advantage of 
this feature. At 432 MHz, a dipole and reflector assembly 
produces 1.5 dB additional gain over a corner-reflector feed 
system. Because the preamplifier is located right at the horn 
on 2300 MHz, a conventional feed horn may be used. 


Construction 


Table 2 is a list of materials required for construc- 
tion. Care must be exercised when drilling holes in the 
connecting center plates so assembly problems will not be 
experienced later. See Fig 80. A notch in each plate allows 
them to be assembled in the same relative positions. The 
two plates should be clamped together and drilled at the 
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Fig 80—Cenier plate details. Two center plates are 
bolted together to hold the spokes in place. 
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same time. Each of the 18'/2-inch diameter aluminum 
spokes has two no. 28 holes drilled at the base to accept 
no. 6-32 machine screws that go through the center plates. 
The 6-foot long spokes are cut from standard 12-foot 
lengths of tubing. A fixture built from a block of alumi- 
num assures that the holes are drilled in exactly the same 
position in each spoke. The front and back center plates 
constitute an I-beam type of structure that gives the dish 
center considerable rigidity. 

A side view of the complete antenna is shown in 
Fig 81. Aluminum alloy (6061-T6) is used for the spokes, 
while 2024-T3 aluminum alloy sheet, !/s inch thick, is used 
for the center plates. (Aluminum has approximately three 
times the strength-to-weight ratio of wood, and aluminum 
cannot warp or become water logged.) The end of each of 
the 18 spokes has an eyebolt facing the dish focal point, 
which serves a dual purpose: 


1) To accept the #9 galvanized fence wire that is routed 
through the screw eyes to define the dish perimeter, 
and 

2) To facilitate rapid assembly by accepting the S hooks 
which are tied to the end of each of the lengths of 
130-pound test Dacron fishing string. 


The string bends the spokes into a parabolic curve; 
the dish may be adapted for many focal lengths by tight- 
ening or slackening the strings. Dacron was chosen 
because it has the same chemical formula as Mylar. This 
is a low-stretch material that keeps the dish from chang- 
ing shape. The galvanized perimeter wire has a 5-inch 
overlap area that is bound together with baling wire after 
the spokes have been hooked to the strings. 

The aluminum window screening is bent over the 
perimeter wire to hold it in place on the back of the spokes. 
Originally, there was concern that the surface perturba- 
tions (the spokes) in front of the screening might decrease 
the gain. The total spoke area is so small, however, that 





Table 2 

Materials List for the 12-Foot Stressed Parabolic 

Dish 

1) Aluminum tubing, 12 ft x '/2 in. OD x 0.049-in. wall, 
6061-T6 alloy, 9 required to make 18 spokes. 


2) Octagonal mounting plates 12 x 12 x '/s in., 2024-T3 
alloy, 2 required. 


1'/4 in. ID pipe flange with setscrews. 

1'/4 in. x 8 ft TV mast tubing, 2 required. 
Aluminum window screening, 4 x 50 ft. 
130-pound test Dacron trolling line. 

38 ft #9 galvanized fence wire (perimeter). 


Two hose clamps, 11/2 in.; two U bolts; '/2 x 14 in. 
Bakelite rod or dowel; water-pipe grounding clamp; 
18 eye bolts; 18 S hooks. 








1/2" X 14" Bakelite 
Rod Support 







Hose Clamp Over 
Rubber Sheet to 
Prevent Slippage 


1296 MHz Dual Mode 


Feed Horn 








Transmission 








Line 








Fig 81—Side view of the stressed parabolic dish. 


this fear proved unfounded. 

Placing the aluminum screening in front of the 
spokes requires the use of 200 pieces of baling wire to 
hold the screening in place. This would increase the 
assembly time by at least an hour. For contest and 
mountaintop operation (when the screening is on the back 
of the spokes) no fastening technique is required other 
than bending the screen to overlap the wire perimeter. 


The Parabolic Surface 


A 4-foot wide roll of aluminum screening 50 feet long 
is cut into appropriate lengths and laid parallel, with a 
3-inch overlap between the top of the unbent spokes and 
hub assembly. The overlap seams are sewn together on one 
half of the dish using heavy Dacron thread and a sailmaker’s 
curved needle. Every seam is sewn twice; once on each edge 
of the overlapped area. The seams on the other half are left 
open to accommodate the increased overlap that occurs when 
the spokes are bent into a parabola. The perimeter of the 
screening is then trimmed. Notches are cut in the 3-inch 
overlap to accept the screw eyes and S hooks. 

The first time the dish is assembled, the screening 
strips are anchored to the inside surface of the dish and the 
seams sewn in this position. It is easier to fabricate the 
surface by placing the screen on the back of the dish frame 
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with the structure inverted. The spokes are sufficiently 
strong to support the complete weight of the dish when 
the perimeter is resting on the ground. 

The 4-foot wide strips of aluminum screening con- 
form to the compound bend of the parabolic shape very 
easily. If the seams are placed parallel to the E-field polar- 
ization of the feed horn, minimum feedthrough will occur. 
This feedthrough, even if the seams are placed perpendicu- 
lar to the E field, is so small that it is negligible. Some 
constructors may be tempted to cut the screening into pie- 
shaped sections. This procedure will increase the seam area 
and construction time considerably. The dish surface 
appears most pleasing from the front when the screening 
perimeter is slipped between the spokes and the perimeter 
wire, and is then folded back over the perimeter wire. In 
disassembly, the screening is removed in one piece, folded 
in half, and rolled. 


The Horn and Support Structure 


The feed horn is supported by 1'/4-inch aluminum 
television mast. The Hardline that is inserted into this tub- 
ing is connected first to the front of the feed horn, which 
then slides back into the tubing for support. A setscrew 
assures that no further movement of the feed horn occurs. 
During antenna-gain competition the setscrew is omit- 
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Fig 82—Backfire type 1296-MHz feed horn, linear polarization only. The small can is a Quaker State oil container; 
the large can is a 50-pound shortening container (obtained from a restaurant, Gold Crisp brand). Brass tubing, 
'/-inch OD extends from UG-23 connector to dipole. Center conductor and dielectric are obtained from °/s-inch 
Alumafoam coaxial cable. The dipole is made from 3/32-inch copper rod. The septum and 30° section are made from 
galvanized sheet metal. Styrofoam is used to hold the septum in position. The primary gain is 12.2 dBi. 


ted, allowing the '/2-inch semirigid CATV transmission 
line to move in or out while adjusting the focal length for 
maximum gain. The TV mast is held firmly at the center 
plates by two setscrews in the pipe flange that is mounted 
on the rear plate. At 2300 MHz, the dish is focused for 
best gain by loosening these setscrews on the pipe flange 
and sliding the dish along the TV mast tubing. (The dish 
is moved instead of the feed horn.) 

The fishing strings are held in place by attaching 
them to a hose clamp that is permanently connected to 
the TV tubing. A piece of rubber sheet under the hose 
clamp prevents slippage and keeps the hose clamp from 
cutting the fishing string. A second hose clamp is mounted 
below the first as extra protection against slippage. 

The high-efficiency 1296-MHz dual mode feed horn, 
detailed in Fig 82, weighs 57/4 pounds. This weight causes 
some bending of the mast tubing, but this is corrected by 
a '/2-inch diameter bakelite support, as shown in Fig 81. 
This support is mounted to a pipe grounding clamp with 
a no. 8-32 screw inserted in the end of the rod. The 
bakelite rod and grounding clamp are mounted midway 
between the hose clamp and the center plates on the mast. 
A double run of fishing string slipped over the notched 
upper end of the bakelite rod counteracts bending. 

The success of high-efficiency parabolic antennas 
is primarily determined by feed horn effectiveness. The 
multiple diameter of this feed horn may seem unusual. 
This patented dual-mode feed, designed by Dick Turrin, 
W2IMU, achieves efficiency by launching two different 
kinds of waveguide modes simultaneously. This causes 
the dish illumination to be more constant than conven- 
tional designs. 

Illumination drops off rapidly at the perimeter, reduc- 
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ing spillover. The feed backlobes are reduced by at least 
35 dB because the current at the feed perimeter is almost 
zero; the phase center of the feed system stays constant across 
the angles of the dish reflector. The larger diameter section 
is a phase corrector and should not be changed in length. In 
theory, almost no increase in dish efficiency can be achieved 
without increasing the feed size in a way that would increase 
complexity, as well as blockage. 

The feed is optimized for a 0.6 f/D dish. The dimen- 
sions of the feeds are slightly modified from the original 
design in order to accommodate the cans. Either feed type 
can be constructed for other frequencies by changing the 
scale of all dimensions. 


Multiband Use 


Many amateurs construct multiband antenna arrays 
by putting two dishes back to back on the same tower. 
This is cost inefficient. The parabolic reflector is a com- 
pletely frequency independent surface, and studies have 
shown that a 0.6 f/D surface can be steered seven 
beamwidths by moving the feed horn from side to side 
before the gain diminishes by | dB. Therefore, the best 
dual-band antenna can be built by mounting separate horns 
side by side. At worst, the antenna may have to be moved 
a few degrees (usually less than a beamwidth) when switch- 
ing between horns, and the unused horn increases the 
shadow area only slightly. In fact, the same surface can 
function simultaneously on multiple frequencies, making 
crossband duplex operation possible with the same dish. 


Order of Assembly 


1) A single spoke is held upright behind the rear center 
plate with the screw eye facing forward. Two no. 6- 


32 machine screws are pushed through the holes in 
the rear center plate, through the two holes of the 
spoke, and into the corresponding holes of the front 
center plate. Lock washers and nuts are placed on the 
machine screws and hand tightened. 

2) The remaining spokes are placed between the machine 
screw holes. Make sure that each screw eye faces for- 
ward. Machine screws, lock washers and nuts are used 
to mount all 18 spokes. 

3) The no. 6-32 nuts are tightened using a nut driver. 

4) The mast tubing is attached to the spoke assembly, 
positioned properly, and locked down with the set- 
screws on the pipe flange at the rear center plate. The 
S hooks of the 18 Dacron strings are attached to the 
screw eyes of the spokes. 

5) The ends of two pieces of fishing string (which go 
over the bakelite rod support) are tied to a screw eye 
at the forward center plate. 

6) The dish is laid on the ground in an upright position 
and #9 galvanized wire is threaded through the eye- 
bolts. The overlapping ends are lashed together with 
baling wire. 

7) The dish is placed on the ground in an inverted posi- 
tion with the focus downward. The screening is placed 
on the back of the dish and the screening perimeter is 
fastened as previously described. 

8) The extension mast tubing (with counterweight) is 
connected to the center plate with U bolts. 

9) The dish is mounted on a support and the transmis- 
sion line is routed through the tubing and attached to 
the horn. 


Parabola Gain Versus Errors 


How accurate must a parabolic surface be? This is a 
frequently asked question. According to the Rayleigh limit 
for telescopes, little gain increase is realized by making 
the mirror accuracy greater than + '/s A peak error. John 
Ruze of the MIT Lincoln Laboratory, among others, has 
derived an equation for parabolic antennas and built mod- 
els to verify it. The tests show that the tolerance loss can 
be predicted within a fraction of a decibel, and less than 
1 dB of gain is sacrificed with a surface error of +!/s 2. 
(A '/s 0 is 3.4 inches at 432 MHz, 1.1 inches at 1296 MHz 
and 0.64 inch at 2300 MHz.) 

Some confusion about requirements of greater than 
'/s-X accuracy may be the result of technical literature 
describing highly accurate surfaces. Low sidelobe levels are 
the primary interest in such designs. Forward gain is a much 
greater concern than low sidelobe levels in amateur work; 
therefore, these stringent requirements do not apply. 

When a template is held up against a surface, positive 
and negative (+) peak errors can be measured. The graphs 
of dish accuracy requirements are frequently plotted in 
terms of RMS error, which is a mathematically derived 
function much smaller than + peak error (typically '/3). 
These small RMS accuracy requirements have discouraged 
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many constructors who confuse them with + peak errors. 

Fig 83 may be used to predict the resultant gain of 
various dish sizes with typical errors. There are a couple 
of surprises, as shown in Fig 84. As the frequency is 
increased for a given dish, the gain increases 6 dB per 
octave until the tolerance errors become significant. Gain 
deterioration then increases rapidly. Maximum gain is 
realized at the frequency where the tolerance loss is 
4.3 dB. Notice that at 2304 MHz, a 24-foot dish with 
+2-inch peak errors has the same gain as a 6-foot dish with 
+1-inch peak errors. This is quite startling, when it is 
realized that a 24-foot dish has 16 times the area of a 
6-foot dish. Each time the diameter or frequency is doubled 
or halved, the gain changes by 6 dB. Each time all the errors 
are halved, the frequency of maximum gain is doubled. 
With this information, the gain of other dish sizes with 
other tolerances can be predicted. 

These curves are adequate for predicting gain, assum- 
ing a high-efficiency feed horn is used (as described ear- 
lier), which realizes 60% aperture efficiency. At frequencies 
below 1296 MHz where the horn is large and causes con- 
siderable blockage, the curves are somewhat optimistic. A 
properly built dipole and splasher feed will have about 
1.5 dB less gain when used with a 0.6 f/D dish than the 
dual-mode feed system described. 

The worst kind of surface distortion is where the sur- 
face curve in the radial direction is not parabolic but gradu- 
ally departs in a smooth manner from a perfect parabola. 
The decrease in gain can be severe, because a large area is 
involved. If the surface is checked with a template, and if 
reasonable construction techniques are employed, devia- 
tions are controlled and the curves represent an upper limit 
to the gain that can be realized. 

If a 24-foot dish with +2-inch peak errors is being 
used with 432 and 1296-MHz multiple feed horns, the con- 
structor might be discouraged from trying a 2300-MHz feed 
because there is 15 dB of gain degradation. The dish will 
still have 29 dBi of gain on 2300 MHz, however, making it 
worthy of consideration. 

The near-field range of this 12-foot stressed dish 
(actually 12 feet 3 inches) is 703 feet at 2300 MHz. By 
using the sun as a noise source and observing receiver 
noise power, it was found that the antenna had two main 
lobes about 4° apart. The template showed a surface error 
(insufficient spoke bending at 7/4 radius), and a correc- 
tion was made. A recheck showed one main lobe, and the 
solar noise was almost 3 dB stronger. 


Other Surfacing Materials 


The choice of surface materials is a compromise 
between RF reflecting properties and wind loading. Alumi- 
num screening, with its very fine mesh (and weight of 
4.3 pounds per 100 square feet) is useful beyond 10 GHz 
because of its very close spacing. This screening is easy to 
roll up and is therefore ideal for a portable dish. This close 
spacing causes the screen to be a 34% filled aperture, bring- 
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Fig 83—Gain deterioration versus reflector error. By Richard Knadle, K2RIW. 


ing the wind force at 60 mph to more than 400 pounds on 
this 12-foot dish. Those considering a permanent installa- 
tion of this dish should investigate other surfacing materi- 
als. 

Hexagonal 1-inch poultry netting (chicken wire), 
which is an 8% filled aperture, is nearly ideal for 432-MHz 
operation. It weighs 10 pounds per 100 square feet, and 
exhibits only 81 pounds of force with 60 mph winds. Mea- 
surement on a large piece reveals 6 dB of feedthrough at 
1296 MHz, however. Therefore, on 1296 MHz, one fourth 
of the power will feed through the surface material. This 
will cause a loss of only 1.3 dB of forward gain. Since the 
low-wind loading material will provide a 30-dBi gain 
potential, it is still a very good tradeoff. 

Poultry netting is very poor material for 2300 MHz 
and above, because the hole dimensions approach '/2 2. As 
with all surfacing materials, minimum feedthrough occurs 
when the E-field polarization is parallel to the longest 
dimension of the surfacing holes. 

Hardware cloth with '/2-inch mesh weighs 20 pounds 
per 100 square feet and has a wind loading characteristic 
of 162 pounds with 60 mph winds. The filled aperture is 
16%, and this material is useful to 2300 MHz. 

A rather interesting material worthy of investigation 
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is '/4-inch reinforced plastic. It weighs only 4 pounds per 

100 square feet. The plastic melts with many universal 

solvents such as lacquer thinner. If a careful plastic-melt- 

ing job is done, what remains is the '/4-inch spaced alumi- 
num wires with a small blob of plastic at each junction to 
hold the matrix together. 

There are some general considerations to be made 
in selecting surface materials: 

1) Joints of screening do not have to make electrical con- 
tact. The horizontal wires reflect the horizontal wave. 
Skew polarizations are merely a combination of hori- 
zontal and vertical components which are thus 
reflected by the corresponding wires of the screening. 
To a horizontally polarized wave, the spacing and 
diameter of only the horizontal wires determine the 
reflection coefficient (see Fig 85). Many amateurs have 
the mistaken impression that screening materials that 
do not make electrical contact at their junctions are 
poor reflectors. 

2) By measuring wire diameter and spacings between the 
wires, a calculation of percentage of aperture that is 
filled can be made. This will be one of the major 
determining factors of wind pressure when the sur- 
facing material is dry. 
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Fig 84—Parabolic-antenna gain versus size, frequency and surface errors. All curves assume 60% aperture 
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Fig 85—Surfacing material quality. 


A Parabolic Template 


At and above 2300 MHz (where high surface accu- 
racy is required), a parabolic template should be con- 
structed to measure surface errors. A simple template may 
be constructed (see Fig 86) by taking a 12-foot 3-inch 
length of 4-foot wide tar paper and drawing a parabolic 
shape on it with chalk. The points for the parabolic shape 
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are calculated at 6-inch intervals and these points are con- 
nected with a smooth curve. For those who wish to use 
the template with the surface material installed, the tem- 
plate should be cut along the chalk line and stiffened by 
cardboard or a wood lattice frame. Surface error mea- 
surements should take place with all spokes installed and 
deflected by the fishing lines, as some bending of the 
center plates does take place. Fig 87 shows the 12-foot 
stressed dish built by Franco Marcelo, N2UO. 


Variations 


All the possibilities of the stressed parabolic antenna 
have not been explored. For instance, a set of fishing lines 
or guy wires can be set up behind the dish for error cor- 
rection, as long as this does not cause permanent bend- 
ing of the aluminum spokes. This technique also protects 
the dish against wind loading from the rear. An extended 
piece of TV mast is an ideal place to hang a counter- 
weight and attach the rear guys. This strengthens the struc- 
ture considerably. 


EME USING SURPLUS TVRO DISH 
ANTENNAS 


Since the 1990s, there has been a significant change 
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Fig 86—Parabolic template for 12-foot, 3-inch dish. 


in the systems people use to watch satellite TV broadcasts. 
Formerly, C-band satellite receivers were used, along with 
parabolic dish antennas in the 3- to 5-meter diameter range. 
Now, Ku-band (12-GHz) receivers are the norm, with their 
associated small (usually 18-inch) dish antennas. This has 
provided a large body of surplus C-band dishes, which can 
be used for EME—certainly on the bands at 33 cm and 
above, and for the larger dishes (5 meters), even at 70 cm. 
Many times, these dishes and their mounts can be had for 
the asking, so they truly become an inexpensive way to 
build a multi-band EME antenna. 

This updated article, first presented by David Hallidy, 
K2DH (ex-KD5RO) in the ARRL UHF/Microwave 
Projects Manual, describes the use of a 3-meter (10-foot) 
TVRO antenna in such an application. (Also see earlier in 
this chapter the section describing converted C-Band 
TVRO Dishes for satellite work.) 


Background 


Calculations show that a 3-meter dish will have about 
30 dBi gain at 1296 MHz. With a state-of-the-art LNA 
(Low-Noise Amplifier or preamp) at the feed, an effi- 
cient feed horn illuminating the dish surface, and 200 W 
at 1296 MHz, lunar echoes should be easily detected and 
many stations can be worked. The biggest challenges to 
such a system are assembling the dish to its mount and 
steering it to track the Moon. As much as possible, the 
KISS (“Keep It Simple, Stupid”) principle was used to 
accomplish this task. 

In 1987, WASTNY, KD5RO, KASJPD, and W7CNK 
proved that such an EME system could work, even as high 
as 3.4 and 5.7 GHz, to provide the first EME contacts on 
those bands. An additional advantage to this (or any) small 


19-42 Chapter 19 





4 r 
‘ o Ane > 
* 

a Pa. = 


Fig 87—N2U0’s homemade 
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12-foot stressed dish. 


dish is its ability to be mounted to a trailer and taken out 
on EME expeditions. It can also be easily disassembled 
and stored, if necessary. 

As can be seen from Fig 88, the entire setup is very 
simple, using a standard amateur tower as the main sup- 
port for the dish. 


Azimuth Drive 


In azimuth, direct drive of the main rotating shaft was 
selected, and a small prop-pitch motor was used. These 
motors, while not as plentiful as they were some years ago, 
still turn up with some regularity at flea markets for very 
little money. The beauty of the prop-pitch motor is that it 
turns slowly, is reversible, provides very high torque, and 
requires no braking system (the gear reduction, on the order 
of 4000:1, provides the necessary braking). Prop-pitch 
motors are dc motors, and were designed to vary the pitch 
of propeller blades at start-up, take-off and landing of older 
large airplanes. Thus, they can be run at different speeds 
merely by varying the dc voltage to the motor, and can be 
reversed by reversing the polarity of the dc voltage. By 
mounting a thrust bearing of the appropriate size at the top 
of the tower, and mounting the motor directly below it at 
the end of the rotating shaft that turns the antenna, a simple 
direct-drive system can be constructed. 

The dc power supply and control relays are located 
in a weatherproof box on the side of the tower, next to the 
motor. This system requires only 9 V dc at about 5 A to 
adequately start, turn and stop the prop-pitch motor, and 
this voltage turns the antenna through 360° of rotation in 
about 2'/2 minutes. Azimuth position sensing is also a 
simple task. See Fig 89. A linear multi-turn potentiometer 
is driven by the rotating shaft, using a simple friction drive. 


A strip of rubber is attached to the rotating shaft and a 
wheel is connected to the shaft of the pot. The pot is then 
mounted so that it presses against the rubber strip, and as 
the shaft turns so does the pot. If a ten-turn pot is used, 
and the system is aligned such that the pot is at the center 
of its rotation when the antenna is pointed approximately 
south, the pot will not rotate past the end at either extreme 
of the antenna’s rotation (CW/CCW north), and absolute 
alignment is a simple task of calibrating the change in 
resistance (change in voltage, when the pot is fed from a 
constant voltage source) with degrees of rotation (see the 
discussion on Position Readout for details). 


Elevation Drive 


The elevation drive is also very simple. Most (nearly 
all) TVRO setups have a means of moving the dish across 
the sky to align it with various satellites. To do this, most 
companies use a device called a Linear Actuator. This is a 
dc motor to which is attached a long lead screw that pulls 
(or pushes) the outer shell of the actuator in or out to make 
it longer or shorter. The movable end of the actuator is 


Fig 88—View of K2DH’s (ex-KD5RO) complete TVRO 
antenna installation. (K2DH photo.) 
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Fig 89—Azimuth rotation systems, showing prop-pitch 
motor and position sensor. 


attached to the dish and the motor end is fixed to the mount. 
The dish rests on pivots, which allow it to move as the 
actuator extends/retracts. To convert this type of mount 
(called a Polar Mount) to an Az/El mount is usually very 
simple. 

Fig 90 shows how this can be done. Simply breaking 
the welds that held the mount in a polar fashion allows the 
mount to be turned on its side and used to pivot the dish 
vertically with the linear actuator. Another feature of lin- 
ear actuators is that they also have some means of feeding 
their relative position to the satellite receiver. This is usu- 
ally just a multi-turn potentiometer geared to the lead 
screw. All we have to do is connect this pot to a readout 
system, and we can calibrate the lift of the actuator in 
degrees. We thus have a simple means of rotating the dish 
and elevating it—but how do we know that it’s pointed at 
the Moon? 


Position Readout 


Readout of the position of the antenna, in both azi- 
muth and elevation is also a relatively simple task. On the 
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Fig 90—Elevation system, showing modified TVRO 
mount. 





surplus market there are available Digital Volt Meters 
(DVMs) using LED or LCD displays that can do this job 
nicely, and that have more precision than is probably nec- 
essary for a dish (or Yagi array) of small size. As men- 
tioned earlier, a multi-turn potentiometer on the 
elevation-drive mechanism can be used to readout eleva- 
tion, and the same technique can be used for azimuth read- 
out—a potentiometer coupled to the main rotating shaft 
that turns the antenna. 

When using a pot for readout, the most important thing 
to know is how many degrees of antenna position change 
occur (in Az or El) for each turn of the pot. This then can 
be used to calibrate a voltmeter to read volts directly as 
degrees—for example, 3.60 V could correspond to 360° 
azimuth (Clockwise North), and 9.0 V could correspond 










115 V ac 
IN 


Fig 91—Schematic 
diagram of the dish 
control system. The 
Datel DM-LX3 is a 
digital meter, used to 
indicate azimuth and 
elevation angles. 
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to 90° elevation (straight up). 

A resistance bridge circuit is best used in this appli- 
cation, since it is less sensitive to changes in the supply 
voltage. The only thing to be careful about is that the DVM 
must have both the positive (high) and negative (low) 
inputs isolated from ground (assuming the power supply 
used to power the DVM is grounded). You could also use a 
pair of small, cheap Digital Multi-Meters (DMMs), which 
can sometimes be found for under $10. Because they are 
battery powered, the isolation issue just discussed is elimi- 
nated. 

Please see Fig 91 for a complete schematic of the 
azimuth, elevation and readout electronics for this 
antenna-drive system. Also note that while this discus- 
sion is geared towards the use of a small dish, the same 
positioning and readout systems could be used in a Yagi 
array for 2 meters or 70 cm. 

Now that we know where the dish is pointed, how 
do we know where the Moon is? There are several soft- 
ware programs available to the Amateur for tracking 
celestial bodies such as the Moon, the Sun, certain stars 
(usable as noise sources), and even Amateur Satellites. 
Programs by W9IP, VK3UM, FIEHN and others can be 
obtained very reasonably and these work well to provide 
highly accurate position information for tracking. 


Feeding the Surplus TVRO Dish 


An area that needs particular attention when attempt- 
ing EME with a small dish is an efficient feed system. An 
efficient feed system can be a real challenge with TVRO 
dishes, because many are “deep”—that is, their 
f/D (focal length to Diameter ratio) is small. 

The satellite TV industry used deep dishes because 
they tend to be quieter, picking up less Earth noise due to 
spillover effects. A deep dish has a short focal length, 
and therefore, the feed is relatively close to the surface 
of the dish. To properly illuminate the reflector out to its 
edges, a feed horn of relatively wide beamwidth must be 
used. The feeds designed several years ago by Barry 
Malowanchuk, VE4MA, are intended for use with just 
such dishes, and have the advantage of being adjustable 
to optimize their pattern to the dish in use. 

The feed that was used with this dish was modeled 
after VE4MA’s 1296-MHz feed, and a version was even 
scaled for use at 2304 MHz that worked as well as the 
original. See Fig 92 and also see the Notes and Refer- 
ences section at the end of this chapter. (Also see the ear- 
lier section in the satellite portion of this chapter 
describing patch feeds for small dishes.) 


SHF EME CHALLENGES 


The challenges met when successfully building a 
station for EME at 900 MHz to 5.7 GHz only become 
more significant on the SHF bands at 10 GHz and above. 
Absolute attention to detail is the primary requirement, 
and this extends to every aspect of the EME antenna sys- 
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Fig 92—View of feed, showing coffee-can feed horn and 
hybrid coupler. 


tem. The dish surface is probably the most difficult prob- 
lem to solve. As was discussed earlier in this chapter, the 
shape and accuracy of the reflector contribute directly to 
the overall gain of the antenna. 

But where slight errors in construction can be toler- 
ated at the lower frequencies, the same cannot be said at 
millimetric wavelengths. Those who have attempted EME 
on 10 and 24 GHz have discovered that the weight of the 
dish reflector itself will distort its shape enough to lower 
the gain to the point where echoes are degraded. Stiffen- 
ing structures at the back of such dishes are often found 
necessary. Fig 93 illustrates the back struts added by Al 
Ward, W5LUA, to strengthen his dish. 

Pointing accuracy is also paramount—a 16-foot dish 
at 10 GHz has a beamwidth about equal to the diameter 
of the Moon—0.5°. This means that the echo degradation 
due to the Moon’s movement away from where the dish is 
pointed is almost immediate, and autotracking systems 
become more of a necessity than a luxury. At these fre- 
quencies, most amateurs actually peak their antennas on 
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Fig 93—Strengthening struts W5LUA added to the back 
of his dish to hold down distortion. (Photo courtesy 
W5LUA.) 


Moon Noise—the black-body Radiation from the Moon 
that becomes the dominant source of noise in space. 

At these frequencies, the elevation of the Moon above 
the horizon also plays a role in the ability to communi- 
cate, since tropospheric absorption due to water vapor is 
greatest at low elevation angles (the signal must pass 
through a greater portion of the troposphere than when the 
Moon is highly elevated). It is beyond the abilities of most 
Amateurs to construct their own dishes for these frequen- 
cies, so surplus dishes for Ku-band satellite TV (typically 
3 meters in diameter) are usually employed, as have high- 
performance dishes designed for millimetric radar and 
point-to-point communications at 23 and 38 GHz. 
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Antenna 


Materials 


and Accessories 


This chapter contains information on materials 
amateurs use to construct antennas—what types of material 
to look for in a particular application, tips on working with 
and using various materials. Chapter 21 contains 
information on where to purchase these materials. 

Basically, antennas for MF, HF, VHF and the lower 
UHF range consist simply of one or more conductors that 
radiate (or receive) electromagnetic waves. However, an 
antenna system must also include some means to support 
those conductors and maintain their relative positions— 
the boom for a Yagi antenna and the halyards for a wire 


dipole, for example. In this chapter we’ll look at materials 
for those applications, too. Structural supports such as 
towers, masts, poles, etc. are discussed in Chapter 22. 

There are two main types of material used for antenna 
conductors, wire and tubing. Wire antennas are generally 
simple and therefore easier to construct, although some 
arrays of wire elements can become rather complex. When 
tubing is required, aluminum tubing is used most often 
because of its light weight. Aluminum tubing is discussed 
in a subsequent section of this chapter. 


Wire Antennas 


Although wire antennas are relatively simple, they can 
constitute a potential hazard unless properly constructed. 
Antennas should never be run under or over public utility 
(telephone or power) lines. Several amateurs have lost their 
lives by failing to observe this precaution. 

The National Electric Code® of the National Fire 
Protection Association contains a section on amateur stations 
in which a number of recommendations are made concern- 
ing minimum size of antenna wire and the manner of 
bringing the transmission line into the station. Chapter | 
contains more information about this code. The code in itself 
does not have the force of law, but it is frequently made a 
part of local building regulations, which are enforceable. 
The provisions of the code may also be written into, or 
referred to, in fire and liability insurance documents. 

The RF resistance of copper wire increases as the size 
of the wire decreases. However, in most types of antennas 
that are commonly constructed of wire (even quite small 
wire), the radiation resistance will be much higher than 
the RF resistance, and the efficiency of the antenna will 
still be adequate. Wire sizes as small as #30, or even 


smaller, have been used quite successfully in the 
construction of “invisible” antennas in areas where more 
conventional antennas cannot be erected. In most cases, 
the selection of wire for an antenna will be based primarily 
on the physical properties of the wire, since the suspension 
of wire from elevated supports places a strain on the wire. 


WIRE TYPES 


Wire having an enamel coating is preferable to bare 
wire, since the coating resists oxidation and corrosion. 
Several types of wire having this type of coating are 
available, depending on the strength needed. “Soft-drawn” 
or annealed copper wire is easiest to handle; unfortunately, 
it stretches considerably under stress. Soft-drawn wire 
should be avoided, except for applications where the wire 
will be under little or no tension, or where some change in 
length can be tolerated. (For example, the length of a 
horizontal antenna fed at the center with open-wire line is 
not critical, although a change in length may require some 
readjustment of coupling to the transmitter.) 

“Hard-drawn” copper wire or copper-clad steel wire 
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(also known as Copperweld™) is harder to handle, because 
it has a tendency to spiral when it is unrolled. These types 
of wire are ideal for applications where significant stretch 
cannot be tolerated. Care should be exercised in using this 
wire to make sure that kinks do not develop—the wire will 
have a far greater tendency to break at a kink. After the 
coil has been unwound, suspend the wire a few feet above 
ground for a day or two before using it. The wire should 
not be recoiled before it is installed. 

Several factors influence the choice of wire type and 


size. Most important to consider are the length of the 
unsupported span, the amount of sag that can be tolerated, 
the stability of the supports under wind pressure, and 
whether or not an unsupported transmission line is to be 
suspended from the span. Table 1 shows the wire diam, 
current-carrying capacity and resistance of various sizes 
of copper wire. Table 2 shows the maximum rated working 
tensions of hard-drawn and copper-clad steel wire of 
various sizes. These two tables can be used to select the 
appropriate wire size for an antenna. 


Table 1 
Copper-Wire Table 

Turns 
Wire per Feet 
Size Dia Linear per 
AWG in Dia Inch Pound 
(B&S) Mils1 inmm Enamel _ Bare 
1 289.3 7.348 — 3.947 
2 257.6 6.544 — 4.977 
3 229.4 5.827 — 6.276 
4 204.3 5.189 — 7.914 
5 181.9 4.621 — 9.980 
6 162.0 4.115 — 12.58 
7 144.3 3.665 — 15.87 
8 128.5 3.264 7.6 20.01 
9 114.4 2.906 8.6 25.23 
10 101.9 2.588 9.6 31.82 
11 90.7 2.305 10.7 40.12 
12 80.8 2.053 12.0 50.59 
13 72.0 1.828 13.5 63.80 
14 64.1 1.628 15.0 80.44 
15 57.1 1.450 16.8 101.4 
16 50.8 1.291 18.9 127.9 
17 45.3 1.150 21.2 161.3 
18 40.3 1.024 23.6 203.4 
19 35.9 0.912 26.4 256.5 
20 32.0 0.812 29.4 323.4 
21 28.5 0.723 33.1 407.8 
22 25.3 0.644 37.0 514.2 
23 22.6 0.573 41.3 648.4 
24 20.1 0.511 46.3 817.7 
25 17.9 0.455 51.7 1031 
26 15.9 0.405 58.0 1300 
27 14.2 0.361 64.9 1639 
28 12.6 0.321 72.7 2067 
29 11.3 0.286 81.6 2607 
30 10.0 0.255 90.5 3287 
31 8.9 0.227 101 4145 
32 8.0 0.202 113 5227 
33 7.4 0.180 127 6591 
34 6.3 0.160 143 8310 
35 5.6 0.143 158 10480 
36 5.0 0.127 175 13210 
37 4.5 0.113 198 16660 
38 4.0 0.101 224 21010 
39 3.5 0.090 248 26500 
40 3.1 0.080 282 33410 


Ohms Cont.-duty 
per current? 
1000 ft Single Wire 
25°C in Open Air 
0.1264 —_— 
0.1593 — 
0.2009 — 
0.2533 — 
0.3195 — 
0.4028 — 
0.5080 — 
0.6405 73 
0.8077 — 
1.018 55 
1.284 —= 
1.619 41 
2.042 _— 
2.575 32 
3.247 — 
4.094 22 
5.163 — 
6.510 16 
8.210 — 
10.35 11 
13.05 — 
16.46 — 
20.76 —_ 
26.17 —_— 
33.00 — 
41.62 —_— 
52.48 —_— 
66.17 — 
83.44 — 
105.2 — 
132.7 —_ 
167.3 — 
211.0 = 
266.0 — 
335 — 
423 _ 
533 — 
673 — 
848 — 
1070 — 


1A mil is 0.001 inch. 
2Max wire temp of 212° F and max ambient temp of 135° F. 
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Table 2 
Stressed Antenna Wire 


American Recommended Tension’ (pounds) 
Wire Gauge Copper-clad = Hard-drawn 
steel? copper 
4 495 214 
6 310 130 
8 195 84 
10 120 52 
12 75 32 
14 50 20 
16 31 13 
18 19 8 
20 12 5 


Weight (pounds per 1000 feet) 


Copper-clad Hard-drawn 
steel? copper 
115.8 126.0 
72.9 79.5 
45.5 50.0 
28.8 31.4 
18.1 19.8 
11.4 12.4 
7.1 7.8 
4.5 4.9 
2.8 3.1 


1Approximately one-tenth the breaking load. Might be increased 50% if end supports are firm and there is no danger of 


ice loading. 
2Copperweld,™ 40% copper. 


Wire Tension 


If the tension on a wire can be adjusted to a known 
value, the expected sag of the wire (Fig 1) may be determined 
before installation using Table 2 and the nomograph of 
Fig 2. Even though there may be no convenient method to 
determine the tension in pounds, calculation of the expected 
sag for practicable working tensions is often desirable. If 
the calculated sag is greater than allowable it may be reduced 
by any one or a combination of the following: 


1) Providing additional supports, thereby decreasing the 
span 

2) Increasing the tension in the wire if less than 
recommended 

3) Decreasing the size of the wire 


Instructions for Using the Nomograph 
1) From Table 2, find the weight (pounds/1000 feet) for 
the particular wire size and material to be used. 
2) Draw a line from the value obtained above, plotted on 
the weight axis, to the desired span (feet) on the span 














Fig 1—The half span and sag of a long-wire antenna. 


axis, Fig 2. Note in Fig | that the span is one half the 
distance between the supports. 

3) Choose an operating tension level (in pounds) 
consistent with the values presented in Table 2 
(preferably less than the recommended wire tension). 

4) Draw a line from the tension value chosen (plotted on 
the tension axis) through the point where the work axis 
crosses the original line constructed in step 2, and 
continue this new line to the sag axis. 

5) Read the sag in feet on the sag axis. 


Example: 


Weight = 11 pounds/1000 feet 
Span = 210 feet 

Tension = 50 pounds 

Answer: Sag = 4.7 feet 


These calculations do not take into account the weight of 
a feed line supported by the antenna wire. 


Wire Splicing 

Wire antennas should preferably be made with 
unbroken lengths of wire. In instances where this is not 
feasible, wire sections should be spliced as shown in 
Fig 3. The enamel insulation should be removed for a 
distance of about 6 inches from the end of each section by 
scraping with a knife or rubbing with sandpaper until the 
copper underneath is bright. The turns of wire should be 
brought up tight around the standing part of the wire by 
twisting with broad-nose pliers. 

The crevices formed by the wire should be completely 
filled with rosin-core solder. An ordinary soldering iron or 
gun may not provide sufficient heat to melt solder outdoors; 
a propane torch is desirable. The joint should be heated 
sufficiently so the solder flows freely into the joint when the 
source of heat is removed momentarily. After the joint has 
cooled completely, it should be wiped clean with a cloth, and 
then sprayed generously with acrylic to prevent corrosion. 
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Span Tension Work Sag Weight 
(feet) (pounds) Axis (feet) (Ibs/1000 ft) 
1000 50 100 Start 
900 45 90 
800 40 80 
700 35 70 SS => 
600 30 60 
a aie Removed 
500 25 50 
400 20 40 SSS —OUUCELEE2KE SaaS 
300 ; iat ; 
19 20 Fig 3—Correct method of splicing antenna wire. Solder 
should be flowed into the wraps after the connection is 
200-4~ 10 20 completed. After cooling, the joint should be sprayed 
_ with acrylic to prevent oxidation and corrosion. 
SS See 
~ ase 
~ ae Se 
ake ~L a 
100 ~~5 10 ; : : 
90 4.5%~ 9 insulator. Shorter insulators can be used at low-potential 
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50 bts 5 however, the center insulator should be the same as those 
as ‘ ‘ used at the ends, because high RF potential may exist across 
the center insulator on some bands. 
30 1.5 3 
Insulator Stress 
20 1 2 As with the antenna wire, the insulator must have 
sufficient physical strength to support the stress of the 
antenna without danger of breakage. Long elastic bands or 
lengths of nylon fishing line provide long leakage paths 
10 0.5 1 


Fig 2—Nomograph for determining wire sag. (John 
Elengo, Jr, K1AFR) 


ANTENNA INSULATION 


To prevent loss of RF power, the antenna should be 
well insulated from ground, unless of course it is a shunt- 
fed system. This is particularly important at the outer end 
or ends of wire antennas, since these points are always at a 
comparatively high RF potential. If an antenna is to be 
installed indoors (in an attic, for instance) the antenna may 
be suspended directly from the wood rafters without 
additional insulation, if the wood is permanently dry. Much 
greater care should be given to the selection of proper 
insulators when the antenna is located outside where it is 
exposed to wet weather. 


Insulator Leakage 


Antenna insulators should be made of material that 
will not absorb moisture. The best insulators for antenna 
use are made of glass or glazed porcelain. Depending on 
the type of material, plastic insulators may be suitable. The 
length of an insulator relative to its surface area is indicative 
of its comparative insulating ability. A long thin insulator 
will have less leakage than a short thick insulator. Some 
antenna insulators are deeply ribbed to increase the surface 
leakage path without increasing the physical length of the 
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and make satisfactory insulators within their limits to resist 
mechanical strain. They are often used in antennas of the 
“invisible” type mentioned earlier. 

For low-power work with short antennas not subject 
to appreciable stress, almost any small glass or glazed- 
porcelain insulator will do. Homemade insulators of Lucite 
rod or sheet will also be satisfactory. More care is required 
in the selection of insulators for longer spans and higher 
transmitter power. 

For a given material, the breaking tension of an insulator 
will be proportional to its cross-sectional area. It should be 
remembered, however, that the wire hole at the end of the 
insulator decreases the effective cross-sectional area. For this 
reason, insulators designed to carry heavy strains are fitted 
with heavy metal end caps, the eyes being formed in the 
metal cap, rather than in the insulating material itself. The 
following stress ratings of antenna insulators are typical: 


5/s in. square by 4 in. long—400 Ib 

1 in. diameter by 7 or 12 in. long—800 Ib 

1'/2 in. diameter by 8, 12 or 20 in. long, with special metal 
end caps—5000 Ib 


These are rated breaking tensions. The actual working 
tensions should be limited to not more than 25% of the 
breaking rating. 

The antenna wire should be attached to the insulators 
as shown in Fig 4. Care should be taken to avoid sharp 
angular bends in the wire when it is looped through the 
insulator eye. The loop should be generous enough in size 
that it will not bind the end of the insulator tightly. If the 


length of the antenna is critical, the length should be 
measured to the outward end of the loop, where it passes 
through the eye of the insulator. The soldering should be 
done as described earlier for the wire splice. 


Strain Insulators 


Strain insulators have their holes at right angles, since 
they are designed to be connected as shown in Fig 5. It can 
be seen that this arrangement places the insulating material 
under compression, rather than tension. An insulator 
connected this way can withstand much greater stress. 
Furthermore, the wire will not collapse if the insulator 
breaks, since the two wire loops are inter-locked. Because 
the wire is wrapped around the insulator, however, the 
leakage path is reduced drastically, and the capacitance 
between the wire loops provides an additional leakage path. 
For this reason, the use of the strain insulator is usually 
confined to such applications as breaking up resonances 
in guy wires, where high levels of stress prevail, and where 
the RF insulation is of less importance. Such insulators 
might be suitable for use at low-potential points on an 





Insulator Eye 





Fig 4—When fastening antenna wire to an insulator, do 
not make the wire loop too snug. After the connection 
is complete, flow solder into the turns. Then when the 
joint has cooled completely, spray it with acrylic. 





antenna, such as at the center of a dipole. These insulators 
may also be fastened in the conventional manner if the wire 
will not be under sufficient tension to break out the eyes. 


Insulators for Ribbon-Line Antennas 


Fig 6A shows the sketch of an insulator designed to 
be used at the ends of a folded dipole or a multiple dipole 
made of ribbon line. It should be made approximately as 
shown, out of Lucite or bakelite material about '/4 inch 
thick. The advantage of this arrangement is that the strain 
of the antenna is shared by the conductors and the plastic 
webbing of the ribbon, which adds considerable strength. 
After soldering, the screw should be sprayed with acrylic. 

Fig 6B shows a similar arrangement for suspending 
one dipole from another in a stagger-tuned dipole system. 
If better insulation is desired, these insulators can be wired 
to a conventional insulator. 


PULLEYS AND HALYARDS 


Pulleys and halyards commonly used to raise and 
lower a wire antenna must also be capable of taking the 














Insulator 


Fig 5—Conventional manner of fastening wire to a 
strain insulator. This method decreases the leakage 
path and increases capacitance, as discussed in the 
text. 





Fastened to Conventional 


er 





Solder Wires 
(A) to Brass Screw 


(B) 


Fig 6—At A, an insulator for the ends of folded dipoles, or multiple dipoles made of 300-ohm ribbon. At B, a method 
of suspending one ribbon dipole from another in a multiband dipole system. 
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same strain as the antenna wire and insulators. 
Unfortunately, little specific information on the stress 
ratings of most pulleys is available. Several types of pulleys 
are readily available at almost any hardware store. Among 
these are small galvanized pulleys designed for awnings 
and several styles and sizes of clothesline pulleys. Heavier 
and stronger pulleys are those used in marine work. The 
factors that determine how much stress a pulley will handle 
include the diameter of the shaft, how securely the shaft is 
fitted into the sheath and the size and material of the frame. 

Another important factor to be considered in the 
selection of a pulley is its ability to resist corrosion. 
Galvanized awning pulleys are probably the most 
susceptible to corrosion. While the frame or sheath usually 
stands up well, these pulleys usually fail at the shaft. The 
shaft rusts out, allowing the grooved wheel to break away 
under tension. 

Most good-quality clothesline pulleys are made of 
alloys which do not corrode readily. Since they are designed 
to carry at least 50 feet of line loaded with wet clothing in 
stiff winds, they should be adequate for normal spans of 
100 to 150 feet between stable supports. One type of 
clothesline pulley has a 4-inch diameter plastic wheel with 
a 4-inch shaft running in bronze bearings. The sheath is 
made of cast or forged corrosion-proof alloy. Some look- 
alike low-cost pulleys of this type have an aluminum shaft 
with no bearings. For antenna work, these cheap pulleys 


Table 3 


Approximate Safe Working Tension for Various 
Halyard Materials 


Dia, Tension, 
Material In. Lb 
Manila hemp rope "Ia 120 
3/g 270 
"fe 530 
5/s 800 
Polypropylene rope "Ia 270 
3/g 530 
"fe 840 
Nylon rope "4 300 
3/g 660 
vp 1140 
7x11 galvanized the 30 
sash cord '/e 125 
3/16 250 
"Ia 450 
High-strength stranded "fg 400 
galvanized steel guy 3/16 700 
wire "4 1200 
Rayon-filled plastic "I32 60 to 70 


clothesline 
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are of little long-term value. 

Marine pulleys have good weather-resisting qualities, 
since they are usually made of bronze, but they are 
comparatively expensive and are not designed to carry 
heavy loads. For extremely long spans, the wood-sheathed 
pulleys used in “block and tackle” devices and for sail 
hoisting should work well. 


Halyards 


Table 3 shows the recommended maximum tensions 
for various sizes and types of line and rope suitable for 
hoisting halyards. Probably the best type for general 
amateur use for spans up to 150 or 200 feet is 14-inch nylon 
rope. Nylon is somewhat more expensive than ordinary 
rope of the same size, but it weathers much better. Nylon 
also has a certain amount of elasticity to accommodate 
gusts of wind, and is particularly recommended for 
antennas using trees as supports. A disadvantage of new 
nylon rope is that it stretches by a significant percentage. 
After an installation with new rope, it will be necessary to 
repeatedly take up the slack created by stretching. This 
process will continue over a period of several weeks, at 
which time most of the stretching will have taken place. 
Even a year after installation, however, some slack may 
still arise from stretching. 

Most types of synthetic rope are slippery, and some 
types of knots ordinarily used for rope will not hold well. 
Fig 7 shows a knot that should hold well, even in nylon 
rope or plastic line. 

For exceptionally long spans, stranded galvanized 
steel sash cord makes a suitable support. Cable advertised 
as “wire rope” usually does not weather well. A boat winch, 
sold at marinas and at Sears, is a great convenience in 
antenna hoisting (and usually a necessity with metal 
halyards). 


(B) 


Fig 7—This is one type of knot that will hold with 
smooth rope, such as nylon. Shown at A, the knot for 
splicing two ends. B shows the use of a similar knot in 
forming a loop, as might be needed for attaching an 
insulator to a halyard. Knot A is first formed loosely 10 
or 12 in. from the end of the rope; then the end is 
passed through the eye of the insulator and knot A. 
Knot B is then formed and both knots pulled tight. 
(Richard Carruthers, K7HDB) 


Antennas of Aluminum Tubing 


Aluminum is a malleable, ductile metal with a mass 
density of 2.70 grams per cubic centimeter. The density of 
aluminum is approximately 35% that of iron and 30% that 
of copper. Aluminum can be polished to a high brightness, 
and it will retain this polish in dry air. In the presence of 
moisture, aluminum forms an oxide coating (Al,O3) that 
protects the metal from further corrosion. Direct contact 
with certain metals, however (especially ferrous metals 
such as iron or steel), in an outdoor environment can bring 
about galvanic corrosion of aluminum and its alloys. Some 
protective coating should be applied to any point of con- 
tact between two dissimilar metals. Much of this informa- 
tion about aluminum and aluminum tubing was prepared 
by Ralph Shaw, KSCAV. 

Aluminum is non-toxic; it is used in cooking utensils 
and to hold and cover “TV dinners” and other frozen foods, 
so it is certainly safe to work with. The ease with which it 
can be drilled or sawed makes it a pleasure to work with. 
Aluminum products lend themselves to many and varied 
applications. 

Aluminum alloys can be used to build amateur 
antennas, as well as for towers and supports. Light weight 
and high conductivity make aluminum ideal for these 
applications. Alloying lowers the conductivity ratings, but 
the tensile strength can be increased by alloying aluminum 
with one or more metals such as manganese, silicon, 
copper, magnesium or zinc. Cold rolling can be employed 
to further increase the strength. 

A four-digit system is used to identify aluminum 
alloys, such as 6061. Aluminum alloys starting with a 6 
contain di-magnesium silicide (Mg,Si). The second digit 
indicates modifications of the original alloy or impurity 
limits. The last two digits designate different aluminum 
alloys within the category indicated by the first digit. 

In the 6000 series, the 6061 and 6063 alloys are a 
commonly used for antenna applications. Both types have 
good resistance to corrosion and medium strength. A 
further designation like T-6 denotes thermal treatment (heat 
tempering). More information on the available aluminum 
alloys can be found in Table 4. 


SELECTING ALUMINUM TUBING 


Table 5 shows the standard sizes of aluminum tubing 
that are stocked by most aluminum suppliers or distributors 
in the United States and Canada. Note that all tubing comes 
in 12-foot lengths (local hardware stores sometimes stock 
6- and 8-foot lengths) and larger-diameter sizes may be 
available in lengths up to 24 feet. Note also that any 
diameter tubing will fit snugly into the next larger size, 
if the larger size has a 0.058-inch wall thickness. For 
example, °/s-inch tubing has an outside diameter of 0.625 
inch. This will fit into */4-inch tubing with a 0.058-inch 
wall, which has an inside diameter of 0.634 inch. 


Table 4 
Aluminum Numbers for Amateur Use 
Common Alloy Numbers 


Type Characteristic 

2024 Good formability, high strength 

5052 Excellent surface finish, excellent corrosion 
resistance, normally not heat treatable for 
high strength 

6061 Good machinability, good weldability 

6063 Good machinability, good weldability 

7075 Good formability, high strength 
Common Tempers 

Type Characteristics 

TO Special soft condition 

T3 Hard 

T6 Hardest, possibly brittle 

TXXX Three digit tempers—usually specialized 
high strength heat treatments, similar to T6 
General Uses 

Type Uses 

2024-T3 Chassis boxes, antennas, anything that will 
be bent or 

7075-T3  Flexed repeatedly 

6061-T6 Tubing and pipe; angle channel and bar 
stock 

6063-T832 Tubing and pipe; angle channel and bar 
stock 


A clearance of 0.009 inch is just right for a slip fit or for 
slotting the tubing and then using hose clamps. Always 
get the next larger size and specify a 0.058-inch wall to 
obtain the 0.009-inch clearance. 

A little figuring with Table 5 will give you all the 
information you need to build a beam, including what the 
antenna will weigh. The 6061-T6 type of aluminum has a 
relatively high strength and has good workability. It is 
highly resistant to corrosion and will bend without taking 
a “set.” 


SOURCES FOR ALUMINUM 


Aluminum can be purchased new, and suppliers are 
listed in Chapter 21. But don’t overlook the local metal 
scrap yard. The price varies, but between 35 and 60 cents 
per pound is typical for scrap aluminum. Some aluminum 
items to look for include aluminum vaulting poles, tent 
poles, tubing and fittings from scrapped citizen’s band 
antennas, and aluminum angle stock. The scrap yard may 
even have a section or two of triangular aluminum tower. 

Aluminum vaulting poles are 12 or 14 feet long and 
range in diameter from 1'/2 to 17/4 inches. These poles 
are suitable for the center-element sections of large 
14-MHz beams or as booms for smaller antennas. Tent 
poles range in length from 2% to 4 feet. The tent poles are 
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Table 5 
Aluminum Tubing Sizes 


6061-T6 (61S-T6) Round Aluminum Tube In 12-Foot Lengths 


Wall Thickness Approximate Weight 


Tubing ID, Pounds Pounds 
Diameter Inches Stubs Ga. Inches Per Foot Per Length 
3/16 in. 0.035 (#20) 0.117 0.019 0.228 
0.049 (#18) 0.089 0.025 0.330 
‘/4 in. 0.035 (#20) 0.180 0.027 0.324 
0.049 (#18) 0.152 0.036 0.432 
0.058 (#17) 0.134 0.041 0.492 
5/16 in. 0.035 (#20) 0.242 0.036 0.432 
0.049 (#18) 0.214 0.047 0.564 
0.058 (#17) 0.196 0.055 0.660 
3/s in. 0.035 (#20) 0.305 0.043 0.516 
0.049 (#18) 0.277 0.060 0.720 
0.058 (#17) 0.259 0.068 0.816 
0.065 (#16) 0.245 0.074 0.888 
“Ie in. 0.035 (#20) 0.367 0.051 0.612 
0.049 (#18) 0.339 0.070 0.840 
0.065 (#16) 0.307 0.089 1.068 
'/o in. 0.028 (#22) 0.444 0.049 0.588 
0.035 (#20) 0.430 0.059 0.708 
0.049 (#18) 0.402 0.082 0.984 
0.058 (#17) 0.384 0.095 1.040 
0.065 (#16) 0.370 0.107 1.284 
5/s in. 0.028 (#22) 0.569 0.061 0.732 
0.035 (#20) 0.555 0.075 0.900 
0.049 (#18) 0.527 0.106 1.272 
0.058 (#17) 0.509 0.121 1.452 
0.065 (#16) 0.495 0.137 1.644 
3/4 in. 0.035 (#20) 0.680 0.091 1.092 
0.049 (#18) 0.652 0.125 1.500 
0.058 (#17) 0.634 0.148 1.776 
0.065 (#16) 0.620 0.160 1.920 
0.083 (#14) 0.584 0.204 2.448 
7/s in. 0.035 (#20) 0.805 0.108 1.308 
0.049 (#18) 0.777 0.151 1.810 
0.058 (#17) 0.759 0.175 2.100 
0.065 (#16) 0.745 0.199 2.399 
1 in. 0.035 (#20) 0.930 0.123 1.476 
0.049 (#18) 0.902 0.170 2.040 
0.058 (#17) 0.884 0.202 2.424 
0.065 (#16) 0.870 0.220 2.640 


usually tapered; they can be split on the larger end and 
then mated with the smaller end of another pole of the same 
diameter. A small stainless-steel hose clamp (sometimes 
also available at scrap yards!) can be used to fasten the 
poles at this junction. A 14- or 21-MHz element can be 
constructed from several tent poles in this fashion. If a 
longer continuous piece of tubing is available, it can be 
used for the center section to decrease the number of 
junctions and clamps. 

Other aluminum scrap is sometimes available, such 
as US Army aluminum mast sections designated AB-85/ 
GRA-4 (J&H Smith Mfg). These are 3 foot sections with 
a 1°/s inch diameter. The ends are swaged so they can be 
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Wall Thickness Approximate Weight 


Tubing ID, Pounds Pounds 
Diameter Inches Stubs Ga. Inches Per Foot Per Length 
0.083 (#14) 0.834 0.281 3.372 
1"/s in. 0.035 (#20) 1.055 0.139 1.668 
0.058 (#17) 1.009 0.228 2.736 
1"/4 in. 0.035 (#20) 1.180 0.155 1.860 
0.049 (#18) 1.152 0.210 2.520 
0.058 (#17) 1.134 0.256 3.072 
0.065 (#16) 1.120 0.284 3.408 
0.083 (#14) 1.084 0.357 4.284 
15/s in. 0.035 (#20) 1.305 0.173 2.076 
0.058 (#17) 1.259 0.282 3.384 
1/2 in. 0.035 (#20) 1.430 0.180 2.160 
0.049 (#18) 1.402 0.260 3.120 
0.058 (#17) 1.384 0.309 3.708 
0.065 (#16) 1.370 0.344 4.128 
0.083 (#14) 1.334 0.434 5.208 
“0.125 ‘V/s in. 1.250 0.630 7.416 
*0.250 1/4 in. 1.000 1.150 14.832 
15/s in. 0.035 (#20) 1.555 0.206 2.472 
0.058 (#17) 1.509 0.336 4.032 
1% in. 0.058 (#17) 1.634 0.363 4.356 
0.083 (#14) 1.584 0.510 6.120 
17/s in. 0.058 (#17) 1.759 0.389 4.668 
2 in. 0.049 (#18) 1.902 0.350 4.200 
0.065 (#16) 1.870 0.450 5.400 
0.083 (#14) 1.834 0.590 7.080 
*0.125 '/e in. 1.750 0.870 9.960 
*0.250 '/4 in 1.500 1.620 19.920 
21/4 in. 0.049 (#18) 2.152 0.398 4.776 
0.065 (#16) 2.120 0.520 6.240 
0.083 (#14) 2.084 0.660 7.920 
2'/e in. 0.065 (#16) 2.370 0.587 7.044 
0.083 (#14) 2.334 0.740 8.880 
*0.125 ‘V/s in 2.250 1.100 12.720 
*0.250 '/4 in 2.000 2.080 25.440 
3 in. 0.065 (#16) 2.870 0.710 8.520 
*0.125 '/e in 2.700 1.330 15.600 
*0.250 % in. 2.500 2.540 31.200 


*These sizes are extruded. All other sizes are drawn tubes. 


assembled one into another. These are ideal for making a 
portable mast for a 144-MHz beam or for Field Day 
applications. 


CONSTRUCTION WITH ALUMINUM 
TUBING 


Most antennas built for frequencies of 14 MHz and 
above are made to be rotated. Constructing a rotatable 
antenna requires materials that are strong, lightweight and 
easy to obtain. The materials required to build a suitable 
antenna will vary, depending on many factors. Perhaps the 
most important factor that determines the type of hardware 
needed is the weather conditions normally encountered. 


High winds usually don’t cause as much damage to an 
antenna as does ice, especially ice along with high winds. 
Aluminum element and boom sizes should be selected 
so the various sections of tubing will telescope to provide 
the necessary total length. 

The boom size for a rotatable Yagi or quad should be 
selected to provide stability to the entire system. The best 
diameter for the boom depends on several factors; most 
important are the element weight, number of elements and 
overall length. Tubing of 1-'4-inch diameter can easily 
support three-element 28-MHz arrays and perhaps a two- 
element 21-MHz system. A 2-inch diameter boom will be 
adequate for larger 28-MHz antennas or for harsh weather 
conditions, and for antennas up to three elements on 
14 MHz or four elements on 21 MHz. It is not 
recommended that 2-inch diameter booms be made any 
longer than 24 feet unless additional support is given to 
reduce both vertical and horizontal bending forces. 
Suitable rein-forcement for a long 2-inch boom can consist 
of a truss or a truss and lateral support, as shown in Fig 8. 

A boom length of 24 feet is about the point where a 
3-inch diameter begins to be very worthwhile. This 
dimension provides a considerable improvement in overall 
mechanical stability as well as increased clamping surface 
area for element hardware. Clamping surface area is 
extremely important if heavy icing is common and rotation 
of elements around the boom is to be avoided. Pinning an 
element to the boom with a large bolt helps in this regard. 
On smaller diameter booms, however, the elements 
sometimes work loose and tend to elongate the pinning 
holes in both the element and the boom. After some time 
the elements shift their positions slightly (sometimes from 
day to day!) and give a rather ragged appearance to the 
system, even though this doesn’t generally harm the 





Fig 8—A long boom needs both vertical and horizontal 
support. The cross bar mounted above the boom can 
support a double truss to help keep the antenna in 
position. 


electrical performance. 

A 3-inch diameter boom with a wall thickness of 
0.065 inch is satisfactory for antennas up to about a five- 
element, 14-MHz array that is spaced on a 40-foot long 
boom. A truss is recommended for any boom longer than 
24 feet. 

There is no RF voltage at the center of a parasitic 
element, so no insulation is required in mounting elements 
that are centered on the boom (driven elements excepted). 
This is true whether the boom is metal or a nonconducting 
material. Metal booms have a small “shortening effect” on 
elements that run through them. With materials sizes 
commonly employed, this is not more than one percent of 
the element length, and may not be noticeable in many 
applications. It is just perceptible with '/2-inch tubing booms 
used on 432 MHz, for example. Design-formula lengths can 
be used as given, if the matching is adjusted in the frequency 
range one expects to use. The center frequency of an all- 
metal array will tend to be 0.5 to 1 percent higher than a 
similar system built of wooden supporting members. 


Element Assembly 


While the maximum safe length of an antenna element 
depends to some extent on its diameter, the only laws that 
specify the minimum diameter of an element are the laws 
of nature. That is, the element must be rugged enough to 
survive whatever weather conditions it will encounter. 

Fig 9 shows tapered Yagi element designs that will 
survive winds in excess of 80 mi/h. With a '/4-inch thick- 
ness of radial ice, these designs will withstand winds up 
to approximately 60 mi/h. (Ice increases the wind area but 
does not increase the strength of the element.) More rugged 
designs are shown in Fig 10. With no ice loading, these 
elements will survive in 120-mi/h winds, and in winds 
exceeding 85 mi/h with '/4 inch of radial ice. If you lose an 
antenna made with elements like these, you’1] have plenty 
of company among your neighbors with commercially 
made antennas! 

Figs 9 and 10 show only half elements. When the 
element is assembled, the largest size tubing for each 
element should be double the length shown in the drawing, 
with its center being the point of attachment to the boom. 
These designs are somewhat conservative, in that they are 
self-resonant slightly below the frequency indicated for 
each design. Telescoping the outside end sections to shorter 
lengths for resonance will increase the survival wind 
speeds. Conversely, lengthening the outside end sections 
will reduce the survival wind speeds. [See Bibliography 
listing for David Leeson (W6NL, ex-W6QHS) at the end 
of this chapter. ] 

Fig 11 shows several methods of fastening antenna 
element sections together. The slot and hose clamp 
method shown in Fig 11A is probably the best for joints 
where adjustments are required. Generally, one adjustable 
joint per element half is sufficient to tune the antenna. 
Stainless-steel hose clamps (beware—some “stainless 
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Fig 9—Half-element designs for Yagi antennas. The 
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Fig 11—Methods of connecting telescoping tubing 
sections to build beam elements. See text for a 
discussion of each method. 


steel” models do not have a stainless screw and will rust) 
are recommended for longest antenna life. Table 6 shows 
available hose-clamp sizes. 

Figs 11B, 11C and 11D show possible fastening 
methods for joints that do not require adjustment. At B, 
machine screws and nuts hold the elements in place. At C, 
sheet metal screws are used. At D, rivets secure the tubing. 
If the antenna is to be assembled permanently, rivets are 
the best choice. Once in place, they are permanent. They 
will never work free, regardless of vibration or wind. If 
aluminum rivets with aluminum mandrels are used, they 
will never rust. In addition, there is no danger of dissimilar- 
metal corrosion with aluminum rivets and aluminum 
antenna elements. If the antenna is to be disassembled and 
moved periodically, either B or C will work. If machine 
screws are used, however, take all possible precautions to 
keep the nuts from vibrating free. Use lock washers, lock 
nuts and flexible sealant such as silicone bathtub sealant 
to keep the hardware in place. 

Very strong elements can be made by using a double 
thickness of tubing, made by telescoping one size inside 
another for the total length. This is usually done at the 
center of an element where more element strength is 
desired at at the boom support point, as in the 14-MHz 
element in Fig 10. Other materials can be used as well, 
such as wood dowels, fiberglass rods, and so forth. 

In each case where a smaller diameter length of 
tubing is telescoped inside a larger diameter one, it’s a 
good idea to coat the inside of the joint with Penetrox or 
a similar substance to ensure a good electrical bond. 
Antenna elements have a tendency to vibrate when they 
are mounted on a tower, and one way to dampen the 
vibrations is by running a piece of clothesline rope through 
the length of the element. Cap or tape the end of the element 
to secure the clothesline. If mechanical requirements 
dictate (a U-bolt going through the center of the element, 


Table 6 
Hose-Clamp Diameters 
Clamp Diameter (In.) 


Size No. Min Max 
06 “N16 7/8 
08 716 1 
10 "op 11/s 
12 5/s 11/4 
16 3/4 11/2 
20 7/8 19/4 
24 11/3 2 
28 13/s 21/4 
32 15/8 21/2 
36 17/8 23/4 
40 2'/8 3 
44 25/16 31/4 
48 25/8 31/2 
52 27/8 33/4 
56 31/8 4 
64 31/2 41/2 
72 4 5 
80 4"/2 51/2 
88 51/8 6 
96 55/8 61/2 
104 6'/s 7 


for instance), the clothesline may be cut into two pieces. 

Antennas for 50 MHz need not have elements larger 
than '/2-inch diameter, although up to | inch is used 
occasionally. At 144 and 220 MHz the elements are usually 
'/s to '/4 inch in diameter. For 420 MHz, elements as small 
as '/is inch diameter work well, if made of stiff rod. 
Aluminum welding rod of */32 to '/s inch diameter is fine 
for 420-MHz arrays, and '/s inch or larger is good for the 
220-MHz band. Aluminum rod or hard-drawn wire works 
well at 144 MHz. 

Tubing sizes recommended in the paragraph above 
are usable with most formula dimensions for VHF/UHF 
antennas. Larger diameters broaden the frequency 
response; smaller ones sharpen it. Much smaller diameters 
than those recommended will require longer elements, 
especially in 50-MHz arrays. 


Element Taper and Electrical Length 


The builder should be aware of one important aspect 
of telescoping or tapered elements. When the element 
diameters are tapered, as shown in Figs 9 and 10, the 
electrical length is not the same as it would be for a 
cylindrical element of the same total length. Length 
corrections for tapered elements are discussed in Chapter 2. 
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Other Materials for Antenna Construction 


Wood is very useful in antenna work. It is available 
in a great variety of shapes and sizes. Rug poles of wood 
or bamboo make fine booms. Bamboo is quite satisfactory 
for spreaders in quad antennas. 

Round wood stock (doweling) is found in many 
hardware stores in sizes suitable for small arrays. Wood is 
good for the framework of multibay arrays for the higher 
bands, as it keeps down the amount of metal in the active 
area of the array. Square or rectangular boom and frame 
materials can be cut to order in most lumber yards if they 
are not available from the racks in suitable sizes. 

Wood used for antenna construction should be well 
seasoned and free of knots or damage. Available materials 
vary, depending on local sources. Your lumber dealer can 
help you better than anyone else in choosing suitable 
materials. Joining wood members at right angles can be 
done with gusset plates, as shown in Fig 12. These can be 
made of thin outdoor-grade plywood or Masonite. Round 
materials can be handled in ways similar to those used with 
metal components, with U clamps and with other hardware. 

In the early days of Amateur Radio, hardwood was 
used as insulating material for antennas, such as at the 
center and ends of dipoles, or for the center insulator of 
a driven element made of tubing. Wood dowels cut to 
length were the most common source. To drive out 
moisture and prevent the subsequent absorption of 
moisture into the wood, it was treated before use by 
boiling it in paraffin. Of course today’s technology has 
produced superior materials for insulators in terms of both 
strength and insulating qualities. However, the technique 
is worth consideration in an emergency situation or if 
low cost is a prime requirement. “Baking” the wood in 
an oven for a short period at 200° F should drive out any 
moisture. Then treatment as described in the next 
paragraph should prevent moisture absorption. The use 
of wood insulators should be avoided at high-voltage 
points if high power is being used. 

All wood used in outdoor installations should be 
protected from the weather with varnish or paint. A good 
grade of marine spar varnish or polyurethane varnish will 
offer protection for years in mild climates, and one or 
more seasons in harsh climates. Epoxy-based paints also 
offer good protection. 


Plastics 


Plastic tubing and rods of various sizes are available 
from many building-supplies stores. The uses for the 
available plastic materials are limited only by your 
imagination. Some amateurs have built beam antennas 
for VHF using wire elements run inside thin PVC 
plumbing pipe. The pipe gives the elements a certain 
amount of physical strength. Other hams have built 
temporary antennas by wrapping plastic pipe with 
aluminum foil or other conductive material. Plastic 
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Fig 12—Wood members can be joined at right angles 
using gusset plates. 





Fig 13—Plastic plumbing parts can be used as antenna 
center and end insulators. 


plumbing pipe fittings can also be used to enclose baluns 
and as the center insulator or end insulators of a dipole, 
as shown in Fig 13. Plastic or Teflon rod can be used as 
the core of a loading coil for a mobile antenna (Fig 14) 
but the material for this use should be selected carefully. 
Some plastics become quite warm in the presence of a 
strong RF field, and the loading-coil core might melt or 
catch fire! 


Fiberglass 


Fiberglass poles are the preferred material for 
spreaders for quad antennas. They are lightweight, they 
withstand harsh weather well, and their insulating 
qualities are excellent. One disadvantage of fiberglass 
poles is that they may be crushed rather easily. Fracturing 
occurs at the point where the pole is crushed, causing it 
to lose its strength. A crushed pole is next to worthless. 
Some amateurs have repaired crushed poles with 
fiberglass cloth and epoxy, but the original strength is 





Fig 14—A mobile-antenna loading coil wound ona 
polystyrene rod. 


nearly impossible to regain. 

Fiberglass poles can also be used to construct other 
types of antennas. Examples are helically wound Yagi 
elements or verticals, where a wire is wound around the 
pole. 


CONCLUSION 


The antenna should be put together with good 


quality hardware. Stainless steel is best for long life. Rust 
will quickly attack plated steel hardware, making nuts 
difficult, if not impossible, to remove. If stainless-steel 
muffler clamps and hose clamps are not available, the next 
best thing is to have them plated. If you can’t have them 
plated, at least paint them with a good zinc-chromate 
primer and a finish coat or two. 

Galvanized steel generally has a longer life than 
plated steel, but this depends on the thickness of the 
galvanizing coat. Even so, in harsh climates rust will 
usually develop on galvanized fittings in a few years. For 
the ultimate in long-term protection, galvanized steel 
should be further protected with zinc-chromate primer and 
then paint or enamel before exposing it to the weather. 

Good quality hardware is expensive initially, but if 
you do it right the first time, you won’t have to take the 
antenna down in a few years and replace the hardware. 
When the time does come to repair or modify the antenna, 
nothing is more frustrating than fighting rusty hardware 
at the top of the tower. 

Basically any conductive material can be used as the 
radiating element of an antenna. Almost any insulating 
material can be used as an antenna insulator. The materials 
used for antenna construction are limited mainly by 
physical considerations (required strength and resistance 
to outdoor exposure) and by the availability of materials. 
Don’t be afraid to experiment with radiating materials and 
insulators. 
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Antenna Products 
Suppliers 


Antenna Manufacturers Products 


Finding parts can be the most difficult aspect of an 
antenna project. Suppliers of aluminum exist in most 
major metropolitan areas. They can be found in the Yel- 
low Pages of the phone book. Some careful searching of 
the Yellow Pages may also reveal sources of other mate- 
rials and accessories. If you live away from a metropoli- 
tan area, try using telephone books for the nearest large 
metropolitan area; they may be available in the reference 


section of your local library. 

Many dealers and distributors will ship their prod- 
ucts by freight or by mail. Tables 1 through 7 list several 
categories of antenna products and some suppliers of 
them. Company names have been abbreviated where nec- 
essary. Table 8 is an address list arranged alphabetically 
by company name. 

Product lines change often; we recommend that you 
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request current catalogs from those manufacturers who only and are subject to change without notice. 


interest you. In addition, all indications of sales policies Antenna products for repeaters are listed separately, 
and prices for catalogs are given for general information in Chapter 17. 


Table 2 
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Table 3 
Antenna Paris 





Manufactorer 


Transmission 
Lines 





Alexandeceon AeroPlzae Ca 


(coronas 


Cabie X-Perts 





























Table 4 
Suppliers of Quad Antenna Parts 
Company Material Size 


Cubex Co., Inc. 1'/s-1/2 in. x 13 ft; 11/2 in. x 13 ft cast 
spiders, boom-to-mast mounts. 


Lightning Bolt Custom-made fiberglass spreaders; 





any length. 
Max-Gain Quad spreaders; fiberglass insulators. 
Systems, Inc. 
Table 6 
Transmission Lines 
Source 
Belden 


Cable X-Perts 
International Wire & Cable 
Nemal 

The Radio Works 

W1JC 

W9INN 

The Wireman 





Table 5 
Towers, Masts and Accessories 


Towers 

Aluma 

Champion Radio 

Create Design 

Force 12 

Glen Martin Engineering 
Heights Tower 

Hy-Gain (MFJ) 

National Tower 
RadioShack (masts only) 
Rohn 

Rotating Tower Systems 
Tashjian Towers Corporation 
Texas Tower 

Trylon 

Universal Manufacturing 
US Tower 


Climbing and Safety Equipment 
Champion Radio Products 
ONV 

Texas Towers 


Rotators 

Create Design 
Hy-Gain (MFJ) 
M2 

RadioShack 

The Rotor Doctor 
Yaesu 


Stacking Frames 

(Unless otherwise noted these frames 
are for use in stacking the 
manufacturer’s own antennas in pairs 
or in quads. These stacking kits are 
for VHF or UHF antennas only.) 

C3i 

Cushcraft 

Down East 

IIX 

Spectrum International 


Combiners, Power Dividers and 
Phasing Harnesses 

Byers 

C3i 

Down East 

Spectrum International 

Tonna 
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Table 7 


Transmission Line Instruments and Accessories 


Matching Networks 
Ameritron 

Barker & Williamson 
Cubex 

ICOM (mobile & fixed) 
Kenwood 


Ten-Tec 

Texas Radio (mobile only) 
Vectronics 

XMatch 


Ferrite Cores and Rods 
Amidon 

Palomar 

The Wireman 


Filters—TVI (Low Pass & High Pass) 


K-Com 
MFJ 


Lightning Arresters 
Alpha Delta 
Ameritron 
Comet 
Cushcraft 
Hy-Gain (MFJ) 
Polyphaser 
Radioware 
Rohn 

The Wireman 
Zero Surge Inc 


Switches (Remote, Coax) 


Ameritron 


MFJ 


SWR and Wattmeters 


Autek 
Bird 


Coaxial Dynamics 


MFJ 
Nye 


Palomar 


RF Parts 
Texas Radio 


Switches (Manual, Coax) 


Alpha Delta 


Barker & Williamson 


MFJ 








Table 8 
Suppliers Addresses 


We have made every effort to ensure that this list is complete and accurate as of mid 2003. The ARRL takes no 
responsibility for errors or omissions. Similarly, a listing here does not represent an endorsement of a manufacturer 
or products by the ARRL. Refer to the product reviews in QST for descriptions of particular products that interest you. 
To the best of our knowledge the suppliers listed are willing to sell products to amateurs by mail unless indicated 
otherwise. This listing will be updated with each edition of The Antenna Book and The ARRL Handbook in the 
TISFIND manufacturer database. Check ads in QST and other Amateur Radio publications for any changes to this 
information. Suppliers who wish to be listed or update their information are urged to contact the editors. 


Advanced Composites 

1154 S. 300 W. 

Salt Lake City, UT 84101 
801-467-1204 

fax 801-467-4367 

e-mail 
info@advancedcomposites.com 


Advanced Specialties 

114 Essex Street 

Lodi, NJ 07644 

USA 

Tel: 800-926-9426 

Email: advanspec@aol.com 
http://advancedspec.freeyellow. 
com/ 


AEA—Div. Tempo Research 
Corporation 

1221 Liberty Way 

Vista, CA 92083 
760-598-9677 

fax 760-598-4898 

e-mail tempo@inetworld.com 
web www.aea-wireless.com 


AFT 

132 Boulevard Dauphinot 
F-51100 Reims, France 

+33 326 070 047 

fax +33 326 023 654 

e-mail Antennes-ft@wanadoo.fr 
web www.f9ft.com 
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Alexander Aeroplane Co 

PO Box 909 

Griffin, GA 30224 
800-831-2949; 404-229-2329 


Alan Broadband Company 
(Zap Checker) 

93 Arch Street 

Redwood City, CA 94062 

USA 

Tel: 888-369-9627 (orders) 
650-369-9627 

Fax: 650-369-3788 

Email: ABCom@prodigy.net 
http://www.alanbroadband.com/ 


Alpha Delta Communications 
PO Box 620 

Manchester, KY 40962 
606-598-2029 

fax 606-598-4413 


Aluma Tower Co, Inc 

PO Box 2806-AL 

Vero Beach, FL 32961-2806 
772-567-3423 

fax 772-567-3432 

e-mail atc-t@alumatower.com 
web www.alumatower.com/ 
index.html 


Amateur Electronic Supply 
5710 W Good Hope Rd 
Milwaukee, WI 53223 
800-558-0411 

web www.aesham.com/ 


ce 


Ameritron Division 

116 Willow Road 
Starkville, MS 39759 
662-323-8211 (Tech) 

fax 662-323-6551 

e-mail 
ameritron@ameritron.com 
web www.ameritron.com/ 
ameritron 


Amidon Associates, Inc. 

1510 E. Edinger Avenue, Unit B 
Santa Ana CA 92705 
800-898-1883; 714-547-4494 
fax 714-547-4433 

e-mail sales@amidon- 
inductive.com 

web www.amidon- 
inductive.com/ 


Antennaco Inc 

102 Armory Road 

PO Box 218 

Milford, NH 03055-0218 
603-673-3153 

fax 603-673-4347 


Allen Telecom Group 

Antenna Specialists Mobile 
Division 

30500 Bruce Industrial Parkway 
Cleveland, OH 44139-3996 
USA 

440-349-8400 

fax 440-349-8404 

web www.antenna.com/ 
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Array Solutions 

350 Gloria Rd 

Sunnyvale, Tx 75182 

USA 

Tel: 972-203-8810 

Fax: 972-203-8811 

Email: wx0b@arrysolutions.com 
http://www.arraysolutions.com 


ASA Antenna Sales 

PO Box 3461 

Myrtle Beach, SC 29578 
800-772-2681 


Associated Radio 
Communications 

8012 Conser 

Overland Park, KS 66204 
913-381-5900; 800-497-1457 
fax 913-648-3020 

e-mail assocrad@tfs.net 

web www.associatedradio.com 


Austin Amateur Radio Supply 
5310 Cammeron Road 
Austin, TX 78723 
800-423-2604; 512-454-2994 
fax 512-454-3069 


Austin Antenna, Ltd 
10 Main St 

Gonic, NH 03839 
603-336-6339 

fax 603-335-1756 
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Autek Research 

PO Box 7556 

Wesley Chapel, FL 33544 
813-994-2199 

e-mail 
Mailbox@autekresearch.com 
web www.autekresearch.com/ 
index.htm 


Barker & Williamson Co 
603 Cidco Rd 

Cocoa, FL 32926 
321-639-2545 

fax 321-639-2545 

e-mail 
custsrvc@bwantennas.com 
web www.bwantennas.com 


Barry Electronics Corp 
540 Broadway 

New York, NY 10012 
212-925-7000 

fax 212-925-7001 


Belden Wire & Cable 
PO Box 1980 
Richmond, IN 47374 
317-983-5257 

fax 317-983-5257 
web www.belden.com 


Bencher Inc. 

831 North Central Avenue 
Wood Dale, IL 60191 
630-238-1183 

fax 630-238-1186 

e-mail bencher@bencher.com 
web www.bencher.com/ 


Bilal Company 

137 Manchester Dr 

Florissant, CO 81816 
719-687-0650 

web www.isotronantennas.com/ 


Bird Electronics Corporation 
30303 Aurora Rd. 

Solon, OH 44139 
866-695-4569 

e-mail sales@bird- 
technologies.com 

web www.bird-electronic.com/ 


Brian Beezley, K6STI 
3532 Linda Vista Dr 
San Marcos, CA 92069 
619-599-4962 

e-mail k6sti@n2.net 


Burghardt Amateur Center, Inc. 
710 10th Street SW 

PO Box 73 

Watertown, SD 57201 
800-927-4261 

605-886-7314 (Service) 
605-886-6914 (Fax-back 
product info) 

fax 605-886-3444 

e-mail burghart@daknet.com 
web www.burghardt- 
amateur.com/ 


Butternut Electronics Co 
See Bencher Inc. 


Byers Chassis Kits 

5120 Harmony Grove Road 
Dover, PA 17315 
717-292-4901 

(6p-9p EST M-F, 8a-4p Sat) 
717-292-4901 (24 hrs) 
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Cable X-Perts Inc. 

225 Larkin Drive Suite #6 
Wheeling, IL 60090-7209 
800-828-3340 (orders only) 
847-520-3003 (Tech. Info.) 
fax 847-520-3444 

e-mail cxp@cablexperts.com 
web www.cablexperts.com/ 


CAL-AV Labs, Inc. 

1802 w. Grant road, Ste. 116 
Tucson, AZ 85745 

USA 

Tel: 520-624-1300 
888-815-0400 (orders only) 
Fax: 520-624-1311 

Email: info@cal-av.com 
http://www.cal-av.com/ 


Cardwell Condenser Corp 

80 East Montauk Hwy 
Lindenhurst, NY 11757 
516-957-7200 

fax 516-957-7203 

web www.cardwellcondenser.com 


C.A.T.S. 

Formerly known as: Rotor Doctor 
7368 SR 105 

Pemberville, OH 43450 
419-353-2287 

fax 419-354-7746 

e-mail mailto:craig@rotor-doc.com 
web www.rotordoc.com 


C-Comm 

6115 15th NW 

Seattle, WA 98107 
206-784-7337; 800-426-6528 
fax 206-784-0541 


C3i 

1401 K Street NW Suite 900 
Washington DC 20005 
(800) 224-5137 

fax (202) 362-8481 

e-mail info@C3iusa.com 
web www.c3iusa.com/ 
corpover.html 


Centurion International 
PO Box 82846 

Lincoln, NE 68501-2846 
402-467-4491 

fax 800-848-3825 


Champion Radio Products 

Box 572 

Woodinville, WA 98072 
425-485-7913 

206-890-4188 Cell Phone 

fax 360-668-1447 

e-mail championradio@aol.com 
web www.championradio.com/ 


Coaxial Dynamics 

15210 Industrial Parkway 
Cleveland, Ohio 44135-3308 
800-262-9425 

fax 216-267-3142 

e-mail cdi-sales@coaxial.com 
web www.coaxial.com/ 
home_frames.htm 


Comet North America Inc. 

394 Wards Corner Road 

Suite 130 

Cincinnati, Ohio, 45140 
513-831-5000 

fax 513-831-7889 

e-mail 
info@CometNorthAmerica.com 
web www.cometnorthamerica.com/ 


ce 


Comet Antenna 
See NCG 


Comm-Pute 

7946 State Street 

Midvale, UT 84047 
801-567-9944 

fax 801-567-9494 

e-mail bobwood@xmission.com 
web www.comm-pute.com/ 


Communication Headquarters Inc. 
3832 Oleander Drive 

Wilmington, NC 28403 
910-791-8885 

800-688-0073 (orders) 

fax 910-452-3891 (orders) 

web www.chq-inc.com/ 


Communications Data Corp 
1051 Main St 

St Joseph, MI 49085 
269-982-0404 

fax 269-982-0433 

e-mail mailto:did@gtm.net 


Comtelco Industries Inc 

501 Mitchell Rd 

Glendale Heights, IL 60139 
800-634-4622; 708-7790-9894 
fax 708-798-9799 


Create 

4-8 Asano-Cho 
Kawasaki-Ku 
Kawasaki-City, Japan 

044 (333) 6681 

fax 044 (333) 6598 

e-mail email@cd-corp.com 


Cubex Co. 

228 Hibiscus St, #9 
Jupiter, FL 33458 
561-748-2830 

fax 561-748-2831 

e-mail CubexCo@aol.com 
web www.cubex.com/ 


Cushcraft Corp 

48 Perimeter Rd. 
Manchester, NH 03108 
603-627-7877 

e-mail sales@cushcraft.com 
web www.cushcraft.com/ 


Dave’s Hobby Shop 

600 Main St. 

Van Buren, AK 72956 

USA 

Tel: 479-471-0750 

Web www.daveswebshop.com 


Davis RF Co 

See Radioware (distributor) 
PO Box 730 

Carlisle, MA 01741 
978-371-1356 
978-369-1738 
800-328-4773 (Orders only) 
fax 978-369-3484 

e-mail davisrfinc@aol.com 
web www.davisRF.com 


Diamond Antennas 
See RF Parts 


Down East Microwave 

954 Rt 519 

Frenchtown, NJ 08825 
908-996-3584 

fax 908-996-3702 

web downeastmicrowave.com/ 


Dressler Hochfrequenztechnik 
GMBH 

Werther Strasse 14-16 
W-5190 Stolberg 

Germany 


DX Engineering 

POB 440 

Peninsula, Ohio 44264 

USA 

Fax: 330-657-2168 

Email: 
dxengineering@dxengineering.com 
http://www.dxengineering.com/ 


EDCO - Electronic Distributors 
Company 

325 Mill Street 

Vienna, VA 22180 
703-938-8105 

fax 703-938-6911 

e-mail web www.elecdist.com/ 
index.html 


EUR-AM Antennas 

PO Box 225 

Moultonboro, NH 03254-0225 
603-476-5113 

fax 603-476-5113 

e-mail info@eur-am.com 
web www.eur-am.com/ 


EZ Hang, Inc. 

8645 Tower Dr. 

Code C 

Laurel, MD 20723 

Tel: 540-286-0176 

Fax: 202-260-3797 
http:/www.ezhang.com 


Fluidmotion Incorporated 
14135 233rd Place SE 
Issaquah, WA 98027 
425-456-0200; 800-885-8700 
fax 425-391-6031 

e-mail sales@steppir.com 
web www.steppir.com/ 


Flytecraft 

PO Box 3141 

Simi Valley, CA 93093 
805-583-8173 


Force 12 

PO Box 1349 

Paso Robles, CA 93447 
800-248-1985 

805-227-1680 (Tech) 

fax 805-227-1684 

e-mail 
mailto:force12e@lightlink.com 
web force12inc.com/ 


GAP Antenna Products 

99 North Willow St 

Fellsmere, FL 32948 
772-571-9922 

Email: contact@gapantenna.com 
web www.gapantenna.com 


Gem Quad Products Ltd 

PO Box 291 

Boissevain, MB ROK OEO 
Canada 

204-534-6184 

fax 204-534-6492 

e-mail 
mailto:gemquad@escape.ca 
web www.escape.ca/~gemquad/ 


Antenna Products Suppliers 21-5 


3/13/2007, 3:25 PM 


|| aT 


GLA Systems 

PO Box 425 

Caddo Mills, TX 75135 
903-527-4163 

800-588-2841 

fax 214-381-2895 

web www.texasbugcatcher.com/ 


Grove Enterprises Inc. 
PO Box 98 

Brasstown, NC 28902 
800-438-8155 (orders) 
704-837-9200 (BBS) 

fax 704-837-2216 

e-mail nada@grove.net 
web www.grove-ent.com/ 


Ham Radio Outlet 

1702 W. Camelback Rd 
Phoenix, AZ 85015 

web www.hamradio.com/ 
800-444-4799 Mid Atlantic 
800-444-9476 Mountain 
800-444-0047 New England 
800-644-4476 Northeast 
800-444-7927 Southeast 
800-854-6046 West 


The Ham Station 

220 North Fulton Avenue 

PO Box 6522 

Evansville, IN 47719-0522 
800-729-4373 (orders) 
812-422-0231 (Tech) 
812-422-0252 (Service) 

fax 812-422-4253 

e-mail sales@hamstation.com 
web www.hamstation.com/ 


Hamtronics, Inc 

65-Q Moul Rd 

Hilton, NY 14468 
716-392-9430 

fax 716-392-9420 

web www.hamtronics.com 


Hamware.de 

Int’l: Klaus Bemmerer 

Tel: +49 4371 869145 

e-mail service@hamware.de 
Web www.hamware.de 

US: Dillon RF Systems 

Email dillonel@mtaonline.net 


Heights Tower Systems 

1529 Gulf Beach Hwy 
Pensacola, FL 32507 
850-455-1210 

fax 850-455-4355 

e-mail info@heightstowers.com 
web www.heightstowers.com/ 


Hi-Q Antennas 

21085 Cielo Vista Way 
Wildomar, CA 92595 
909-674-4862 

fax 909-245-2031 

e-mail sales@hiqantennas.com 
web www.hiqantennas.com/ 


High Sierra Antennas 

Box 2389 

Nevada City, CA 95959 
888-273-3415; 530-273-3415 
fax 530-273-7561 

e-mail heath@hsantennas.com 
web www.hsantennas.com 


Hustler Antennas 
see New-Tronics Antenna Corp. 
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Hy-Gain (also see MFJ) 
308 Industrial Park Road 
Starkville, MS 39759 
800-647-1800 (Sales) 
662-323-9358 (Tech) 

fax 662-323-6551 

web www.hy-gain.com/ 


ICOM America, Inc. 

2380 116th Ave, NE, Suite S 
Bellevue, WA 98004 

USA 

Tel: 800 872-4266 

Fax: 425 454-1509 

Web www.icomamerica.com 


Industrial Communications 
Engineers (ICE) 

Array Solutions 

350 Gloria Rd. 

Sunnyvale, TX 75182 
972-203-2008; 800-423-2666 
fax 972-203-8811 

e-mail wx0b@arraysolutions.com 
web www.iceradioproducts.com/ 


IX Equipment, Ltd 
PO Box 9 

Oak Lawn, IL 60454 
708-423-0605 

fax 708-423-1691 
web www.w9iix.com/ 


International Radio 

13620 Tyee Road 

Umpqua, OR 97486 
541-459-5623 9AM-1PM PDT, 
Tues-Sat 

fax 541-459-5632 

e-mail inrad@rosenet.net 
web www.qth.com/inrad/ 


Kenwood USA Corporation 
3975 Johns Creek Court, 
Suite 300 

Suwanee, GA 30024 

USA 

Tel: 678 474-4700 

Fax: 678 474-4730 

Web www.kenwoodusa.com 


K@XG Systems 

1117 Highland Park Drive 
Bettendorf, IA 52722 

USA 

Tel: 563 355-7451 

Email KOXG@ KOXG.com 
Web www.k0xg.com 


Kilo-Tec 

PO Box 10 
Oakview, CA 93022 
805-646-9645 


K-Com 

PO Box 82 

Randolph OH 44265 
330-325-2110 

fax 330-325-2525 

e-mail k-com@worldnet.att.net 
web www.k-comfilters.com/ 
howtoget.asp 


Lakeview Co Inc 
3620-9A Whitehall Rd 
Anderson, SC 29626 
(864) 226-6990 

fax (864) 225-4565 
web www.hamstick.com 


Larsen Electronics, Inc 
See Radial/Larsen 


LDG Electronics 

1445 Parran Road 

St Leonard, MD 20685 
877-890-3003 Toll-Free Orders 
410-586-2177 Tech Support 
ax 410-586-8475 

e-mail Idg@Idgelectronics.com 
web www.ldgelectronics.com 


Lentini Communications 

21 Garfield St 

Newington, CT 06111 
860-666-6227 

800-666-0908 (outside CT) 

ax 860-667-3561 

e-mail radio@lentinicomm.com 
web www.lentinicomm.com 





Roy Lewallen, W7EL 
PO Box 6658 
Beaverton, OR 97007 
503-646-2885 

fax 503-671-9046 
e-mail w7el@eznec.com 
web www.eznec.com 


Lightning Bolt Antennas 

RD #2, RT 19 

Volant, PA 16156 

724-530-7396 

fax 724-530-6796 

e-mail lbaquads@ztrain.com 
web 
www.lightningboltantennas.com/ 


M? Antenna Systems Inc. 
4202 N. Selland 

Fresno CA, 93722 
559-432-8873 

ax 559-432-3059 

e-mail wyatt@m2inc.com 
web www.m2inc.com/ 


M/A-COM, Inc 

an AMP Company) 

1011 Pawtucket Blvd 

PO Box 3295 

Lowell, MA 01853-3295 
508-442-4500 

ax 508-442-4436 

e-mail sales@macom.com 
web www.amp.com 





Maldol USA 

4711 NE 50th St 

Seattle, WA 98105 

Answerfax 206-525-1896 

fax 206-524-7826 

e-mail transtec@cyberquest.com 


Glen Martin Engineering 
13620 Old Highway 40 
Boonville, MO 65233 
660-882-2734; 800-486-1223 
fax 660-882-7200 

web www.glenmartin.com 


The Mast Company 

Henry Pollock - K4TMC 

P.O. Box 1932 

Raleigh, NC 27602 

Email: k4tmc@aol.com 
http://www.geocities.com/tmastco/ 


MCM Electronics 

650 Congress Park Dr 
Centerville, OH 45459-4072 
800-543-4330 

fax 800-765-6960 

web www.i-mcm.com 
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Memphis Amateur Electronics 
1465 Wells Station Rd 
Memphis, TN 38108 
901-683-9125; 800-238-6168 
fax 901-682-7165 


Metal and Cable Corp, Inc 
9241 Ravenna Road, Unit C-10 
PO Box 117 

Twinsburg, OH 44087 
330-425-8455 

fax 330-425-3504 

web www.metal-cable.com/ 


MFJ Enterprises 

300 Industrial Park Rd 
Starkville, MS 39759 
662-323-5869 

Email 


mfjcustserv@mfjenterprises.com 


web www.mfjenterprises.com/ 


MGS (Max-Gain Systems, Inc.) 
221 Greencrest Court 
Marietta, GA 30068-3825 
770-973-6251 (before 9 PM 
eastern) 

fax 815) 461-7730 

e-mail info@mgs4u.com 

web www.mgs4u.com/ 


Michigan Radio 

26014 Groesbeck Hwy 

Warren, MI 48089 

810-771-4711 

800-TRU-HAMM (800-878-4266) 
Orders only 

810-771-4712 (Service) 

fax 810-771-6546 

web www.michiganradio.com/ 


Mirage Communications 
116 Willow Road 
Starkville, MS 39759 
662-323-8287 

fax 662-323-6551 

web www.mirageamp.com/ 


James Millen Electronics 

PO Box 4215BV 

Andover, MA 01810-4215 
978-975-2711 

fax 978-474-8949 

e-mail info@jamesmillenco.com 
web www.jamesmillenco.com/ 
millen/millmain.htm 


Mosley Electronics 

1325 Style Master Drive 

Union, MO 63084 

800-325-4016 (Orders) 
800-9MOSLEY (966-7539) 
314-994-7872 (Technical) 

fax 314-994-7873 

web www.mosley-electronics.com/ 


Multi-band Antennas (originally 
Spider Antennas) 

7131 Ownesmouth Avenue - 
Suite 563C 

Canoga Park, CA 91303 
818-341-5460 

web www.spiderantenna.com/ 


Multi-tech Industries, Inc. (MT1) 
(formally Radio Switch ) 

64 South Main Street 

PO Box 159 

Marlboro, NJ 07746-0159 
800-431-3223; 732-431-0550 
732-462-6100 

fax 732-409-6695 

e-mail multitech@sprynet.com 


web www.multi-tech-industries.com 
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National RF, Inc. 

7969 Engineer Road, Suite 102 
San Diego, CA 92111 
858-565-1319 

fax 858-571-5909 

web www.nationalrf.com/ 


National Tower Co 

PO Box 15417 

Shawnee Mission, KS 66285 
800-762-5049; 913-888-8864 


NCG Companies—Comet 
Antenna 

1275 North Grove St 
Anaheim, CA 92806 
714-630-4541; 800-962-2611 
fax 714-630-7024 

web www.cometantenna.com 
web www.natcommgroup.com/ 


Nemal Electronics Inc. 

12240 NE 14th Avenue 

North Miami, FL 33161 
305-893-3924; 305-849-0900 
800-522-2253 

fax 305-895-8178 

e-mail info@nemal.com 

web www.nemal.com/ 


New-Tronics Antenna Corp. - 
Hustler 

1 Newtronics Place 

Mineral Wells, TX 76067-9563 
877-994-9499 Sales 
940-325-1386 Service 

fax 940-328-1409 

e-mail sales@new-tronics.com 
web www.new-tronics.com/main/ 
index.html 


Nittany Scientific 

1733 West 12600 South 

Suite 420 

Riverton, UT 84065 

Phone/fax (801) 446-1426 
e-mail sales@nittany- 
scientific.com 

web www.nittany-scientific.com/ 


William M. Nye Co 
PO Box 1877 

Priest River, ID 83856 
208-448-1762 

fax 208-448-1832 


Ocean State Electronics 

PO Box 1458 

6 Industrial Dr 

Westerly, RI 02891 
401-596-3080; 800-866-6626 
fax 401-596-3590 

web www.oselectronics.com 


ONV Safety Belt Co. 

Box 404 

Ramsey, NJ 07446 
800-345-5634; 201-327-2462 
fax 201-327-2462 


OptiBeam 

Thomas Schmenger DF2BO 
Rastatter StraBe 37 

D-75179 Pforzheim 

Tel./Fax: (0049) 07231 / 45 31 53 
Email: Info@optibeam.de 
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OptiBeam NorthAmerica 

Array Solutions 

350 Gloria Rd 

Sunnyvale, Tx 75182 USA 

Tel: 972-203-8810 

Fax: 972-203-8811 

Email: wx0b@arrysolutions.com 
http://www.arraysolutions.com 


Orion now sold by M2 


Outbacker Antenna Sales 
330 Cedar Glen Circle 
Chattanooga, TN 37412 
615-899-3390 

fax 615-899-6536 


Palomar Engineers 

PO Box 462222 

Escondido, CA 92046 
619-747-3343 

fax 619-747-3346 

e-mail palomar@compuserve.com 
web www.palomar-engineers.com/ 


Palstar, Inc. 

9676 N Looney Rd 

P O Box 1136-1482 
Piqua, Ohio 45356 

USA 

Tel: 937-773-6255 

Fax: 937-773-8003 

Email: Palstar@erinet.com 
http://www.palstarinc.com/ 


Phillystran, Inc 

151 Commerce Dr 
Montgomeryville, PA 18936 
215-368-6611 

fax 215-362-7956 

web www.phillystran.com/ 


PolyPhaser Corp 

2225 Park Place 

PO Box 9000 

Minden, NV 89423-9000 
702-782-2511 

fax 702-782-4476 

e-mail info@polyphaser.com 
web www.polyphaser.com 


Quicksilver Radio Products 
30 Tremont St. 

Meriden, CT 06450 

USA 

Tel: 203-440-4468 
http://www.qsradio.com 


Radiall/Larsen Antenna Technolo- 
gies 

3611 NE 112th Avenue 
Vancouver, WA 98682 
800-ANTENNA (800-268-3662) 
360-944-7551 

FAX 360-944-7556 

fax 800-525-6749 

e-mail info@radialllarsen.com 
web www.radialllarsen.com/ 
default.htm 


Radio Bookstore ( Radioware ) 
PO Box 209 

Rindge, NH 03461-0209 
603-899-6957 

800-457-7373 (10am-6pm EST) 
fax 603-899-6826 

e-mail radware@radio-ware.com 
web www.radiobooks.com/ 


Radio Center USA 

1242 Howell 

N. Kansas City, MO 64116 
816-459-8832; 800-821-7323 


Radio City 

2663 County Rd | 

Mounds View, MN 55112 
612-786-4475; 800-426-2891 
fax 612-786-6513 

web www.radioinc.com 


Radio Engineers/Technitron (see 
National RF, Inc.) 


Radio Shack 
(Contact your local store) 


Radio Switch Corp 
See Multi-tech Industries 


Radio Works 

PO Box 6159 

Portsmouth, VA 23703 
757-484-0140 
800-280-8327 (Orders) 

fax 757-483-1873 

e-mail jim@radioworks.com 
web radioworks.com/ 


Raibeam Antennas, Int'l 
5638 West Alice Avenue 
Glendale, AZ 85302 
800-530-1913 (orders) 
602-931-9135 

e-mail wa7rai@raibeam.com 
web www.raibeam.com/ 


RF Parts Co 

435 South Pacific St 

San Marcos, CA 92069 
760-744-0700; 800-737-2787 
760-744-0750 (Tech) 

fax 760-744-1943; 888-744-1943 
e-mail rfp@rfparts.com 

web www.rfparts.com 


RF TEC Manufacturing 

256 Commerce Rad, Suite 517 
Peachtree, GA 30269 
770-251-2235 

fax 770-502-9827 

web www.rftec.com/ 


Roadrunner Resonator 
1850 Swanson, #A20 
Lake Havasu, AZ 86403 
520-453-7211 


ROHN Industries, Inc. 

PO Box 2000 

Peoria, IL 61656 
309-697-4400 

fax 309-697-5612 

e-mail mail@rohnnet.com 
web www.rohnnet.com/ 
Index.htm 


Ross Distributing Co 
78 South State St 
Preston, ID 83263 
208-852-0830 

fax 208-852-0833 

web www.rossdist.com 


Rotating Tower Sytems, Inc. 
Box 44 

Prosper, TX 75058 
214-347-2560 


Rotor Doctor 
See C.A.T.S. 
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SGC Inc 

13737 SE 26th St 
Bellevue, WA 98005 
425-746-6310 

fax 425-746-6384 

e-mail sgc@sgcworld.com 
web www.sgcworld.com/ 


Shoestring Antennas 

PO Box 425 

Keyport, WA 98345 
360-697-5399 

fax 360-697-8416 

e-mail jacksa@juno.com 

web www.qth.com/shoestring/ 


Sky-Pole Manufacturing, Inc 
1922 Placentia Ave 

Costa Mesa, CA 92627 
949-548-5596 

fax 949-548-5598 


Sommer Antennas 

PO Box 710 

Geneva, FL 32732 
407-349-9114 

fax 407-349-2485 

e-mail sommer1 @ix.netcom.com 
web www.sommerantennas.com 


Spectrum International, Inc 
PO Box 1084 

Concord, MA 01742 
508-263-2145 

fax 508-263-7008 


Spi-Ro Manufacturing, Inc. 
P.O. Box 189 
Jonesborough, TN 37659 
800-728-7594 
423-913-1615 Tech Support 
fax 423-913-2131 


e-mail mailto:contact@spiromfg.com 


web www.spiromfg.com/ 


Surplus Sales of Nebraska 

1502 Jones St 

Omaha, NE 68102-3112 
402-346-4750 

800-244-4567 (Orders only) 

fax 402-346-2939 

e-mail grinnell@surplussales.com 
web www.surplussales.com/ 


Tarheel Antennas 

913 Old Honeycutt Rd 
Fuquay-Varina, NC 27256 
919-552-8788 

fax 919-552-4970 

e-mail tarheelantennas@aol.com 
web www.tarheelantennas.com/ 


Tashjian Towers Corporation 
(used to be Tri-Ex Towers) 
2183 S Highland Ave. 
Sanger, CA 93657 
559-495-0307 
559-284-9707 Mobile 

fax 559-495-0557 

e-mail tashjian@MSN.com 
web www.karltashjian.com/ 


Telex Communications, Inc 
Hy-Gain (see MFJ) 


Ten-Tec, Inc 

1185 Dolly Parton Parkway 
Sevierville, TN 37862 
865-453-7172 
865-428-0364 (Repairs) 
fax 865-428-4483 

web www.tentec.com/ 


|| aT 


Tennadyne Corp 

PO Box 34202 

San Antonio, TX 78265-4202 
210-599-9064 

fax 210-599-9064 

(same as voice) 

e-mail tennadyn@satx.net 
web www.tennadyne.com/ 


Teri Software 

PO Box 277 

Lincoln, TX 78948 
979-542-7952 

e-mail 
support@antennamodel.com 
web www.antennamodel.com 


Texas Radio Products 
5 E Upshaw 

Temple, TX 76501 
817-771-1188 


Texas Towers 

1108 Summit Ave, Suite 4 
Plano, TX 75074 

800-272-3467 

972-422-7306 (Tech) 

fax 972-881-0776 

e-mail sales@texastowers.com 
web www.texastowers.com/ 


T.G.M. Communications 

121 Devon Street 

Stratford, Ontario, N5A 2Z8 
Canada 

519-271-5928 

e-mail tgmc@sympatico.ca 
web www3.sympatico.ca/tgmc/ 
index.html 


TIC General 

PO Box 1 - 1110 Airport Rd 
Thief River Falls, MN 56701 
218-681-1119 

fax 218-681-8509 


Timewave Technology, Inc. 
1025 Selby Ave, Suite 101 

St Paul, MN 55104 

USA 

Tel: 651-489-5080 

Email: sales@timewave.com 
http://www.timewave.com 


Traffie Technology 

421 Jones Hill Road 

Ashby, MA 01431-1801 
888-599-BEAM (888-599-2326) 
978-386-7900 

fax 978-386-7900 (same as voice) 
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Trylon Manufacturing Co, Ltd 
21 South Field Dr 

PO Box 186 

Elmira, Ontario 

N3B 2Z6 Canada 
519-669-5421 

fax 519-669-8912 

e-mail info@trylon.com 

web www.trylon.com/home.asp 


Tucker Electronics and Computers 
1717 Reserve St. 

PO Box 551419 

Garland, TX 75355-1419 
800-527-4642 (Test equipment 
and catalog requests) 
214-348-8800 (x332) 

fax 214-340-5460 

web www.tucker.com/ 


Unadilla Antenna Manufacturing 
PO Box 4215 

Andover, MA 01810-4215 
978-975-2711 

978-475-7831 (Office) 

fax 978-474-8949 

e-mail info@unadilla.com 

web www.unadilla.com/ 


Universal Manufacturing Co 
43900 Groesbeck Hwy 
Clinton Township, MI 48036 
810-463-2560 

fax 810-463-2964 


Universal Radio 

6830 Americana Parkway 
Reynoldsburg, OH 43068-4113 
USA 

Tel: 800-431-3939 (Orders) 
614-866-4267 (Technical Info) 
Fax: 614-866-2339 

Email: dx@universal-radio.com 
http://www.universal-radio.com/ 


US Tower Corp 

1220 Marcin St 
Visalia, CA 93291 
559-733-2438 

fax 559-733-7194 
web www.ustower.com 


Valor Enterprises 

1711 Commerce Drive 

PO Box 601 

Piqua, OH 45356-0601 
513-778-0074; 800-543-2197 
fax 513-778-0259 

web www.valorantenna.com/ 


Van Gorden Engineering 
PO Box 21305 
South Euclid, OH 44121 


Van Valzah Co 
38 W 111 Horseshoe Dr 
Batavia, IL 60515-9730 
708-406-9210 


Vectronics 

300 Industrial Park Road 
Starkville, MS 39759 
800-363-2922; 662-323-5800 
fax 662-323-6551 

e-mail jshurden@vectronics.com 
web www.vectronics.com 


XMatch 

Paul Schrader, N4XM 

7001 Briscoe Lane 

Louisville, KY 40228 

web hitp://n4xm.myiglou.com/ 


XX Towers 

814 Hurricane Hill Road 
Mason, NH 03048 
603-878-1102 

fax 603-878-4200 

e-mail kc1xx@kc1xx.mv.com 
web www.xxtowers.com/ 


W1JC—TV Evans 

113 Stratton Brook Rd 
Simsbury, CT 06070 
860-658-5579 

web pages.prodigy.com/w1jc 


W3FF Antennas 

2390 Templeton Dr. 

Redding, CA 96002 

USA 

Tel: 530-226-8446 

Email: sales@buddipole.com 
http://www.buddipole.com 


W7FG Vintage Manuals 
3300 Wayside Drive 
Bartlesville, OK 74006 
USA 

Tel: 800-807-6146 (orders) 
918-333-3754 

Email: w7fg@eigen.net 
http://www.w7fg.com/ 
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W9INN Antennas 

PO Box 393 

Mt Prospect, IL 60056 
847-394-3414 


Wacom Products 

PO Box 21145 

Waco, TX 76702 
716-549-4700 

e-mail sales@txrx.com 


WBOW, Inc 

PO Box 8547 

Saint Joseph, MO 64508 
USA 

Tel: 816-364-2691 

Email: WBOW@WBOW.com 


The Wireman Inc. 

261 Pittman Road 

Landrum, SC 29356-9544 
800-727-WIRE (800-727-9473) 
Orders only 

864-895-4195 Technical 

fax 803-895-5811 

e-mail N8UG@earthlink.net 
web thewireman.com/ 


Yaesu U.S.A. (Vertex Standard) 
10900 Walker St. 

Cypress, CA 90630 
714-827-7600 

e-mail 
amateurtech@vxstdusa.com 
web www.yaesu.com/amateur/ 
amateur.html 


YagiStress 

Kurt Andress, K7NV 

2835 Wade Street 

Minden, NV 89423 
702-267-5290 

e-mail K7NV@contesting.com 
web yagistress.freeyellow.com/ 


Zero Surge Inc 

944 State Rt 12 
Frenchtown, NJ 08825 
908-996-7700 

fax 908-996-7773 

e-mail zerosurge1@aol.com 
web www.zerosurge.com/ 


Antenna 
Supports 


A prime consideration in the selection of a support 
for an antenna is that of structural safety. Building regu- 
lations in many localities require that a permit be obtained 
in advance of the erection of certain structures, often in- 
cluding antenna poles or towers. In general, localities 
having such requirements also have building safety codes 
that must be observed. Such regulations may govern the 
method and materials used in construction of, for ex- 
ample, a self-supporting tower. Checking with your local 
government building department before putting up a tower 
may save a good deal of difficulty later, because a tower 
would have to be taken down or modified if not approved 
by the building inspector on safety grounds. 

Municipalities have the right and duty to enforce any 
reasonable regulations having to do with the safety of 
life or property. The courts generally have recognized, 
however, that municipal authority does not extend to 
aesthetic questions. The fact that someone may object to 
the mere presence of a pole, tower or other antenna struc- 
ture because in his opinion it detracts from the beauty of 
the neighborhood is not grounds for refusing to issue a 
permit for a safe structure to be erected. Since the intro- 
duction of PRB-1 (federal preemption of unnecessarily 
restrictive antenna ordinances), this principle has been 
borne out in many courts. Permission for erecting ama- 
teur towers is more easily obtained than in the recent past 
because of this legislation. 

Even where local regulations do not exist or are not 
enforced, the amateur should be careful to select a loca- 
tion and a type of support that contribute as much safety 
as possible to the installation. If collapse occurs, the 
chances of personal injury or property damage should be 
minimized by careful choice of design and erection meth- 
ods. A single injury can be far more costly than the price 


of a more rugged support, in terms of both monetary loss 
and damage to the public respect for amateur radio. 

This chapter has been reviewed and rewritten by Kurt 
Andress, K7NV. 


TREES AS ANTENNA SUPPORTS 


From the beginning of Amateur Radio, trees have been 
used widely for supporting wire antennas. Trees cost noth- 









Halyard 






Clothes Line 
Pulley 


Counterweight 


Fig 1—A method of counter weighting to minimize 
antenna movement and avoid its breaking from tree 
movement in the wind. The antenna may be lowered 
without climbing the tree by removing the counter- 
weight and tying additional rope at the bottom end of 
the halyard. Excess rope may be left at the counter- 
weight for this purpose, as the knot at the lower end of 
the halyard will not pass through the pulley. 
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ing to use, and often provide a means of supporting a wire 
antenna at considerable height. As antenna supports, trees 
are unstable in the presence of wind, except in the case of 
very large trees used to support antennas well down from 
the top branches. As a result, tree-supported antennas must 
be constructed much more sturdily than is necessary with 
stable supports. Even with rugged construction, it is 
unlikely that an antenna suspended from a tree, or between 
trees, will stand up indefinitely. Occasional repair or 
replacement usually must be expected. 

There are two general methods of securing a pulley 
to a tree. If the tree can be climbed safely to the desired 
level, a pulley can be attached to the trunk of the tree, as 
shown in Fig 1. To clear the branches of the tree, the 
antenna end of the halyard can be tied temporarily to the 
tree at the pulley level. Then the remainder of the hal- 
yard is coiled up, and the coil thrown out horizontally 
from this level, in the direction in which the antenna runs. 
It may help to have the antenna end of the halyard 
weighted. 

After attaching the antenna to the halyard, the other 
end is untied from the tree, passed through the pulley, and 
brought to ground along the tree trunk in as straight a line 
as possible. The halyard need only be long enough to reach 
the ground after the antenna has been hauled up. (Addi- 
tional rope can be tied to the halyard when it becomes nec- 
essary to lower the antenna.) 

The other method consists of passing a line over the 
tree from ground level, and using this line to haul a pul- 
ley up into the tree and hold it there. Several ingenious 
methods have been used to accomplish this. The simplest 
method employs a weighted pilot line, such as fishing 
line or mason’s chalk line. By grasping the line about 
two feet from the weight, the weight is swung back and 
forth, pendulum style, and then heaved with an under- 
hand motion in the direction of the treetop. 

Several trials may be necessary to determine the 
optimum size of the weight for the line selected, the dis- 
tance between the weight and the hand before throwing, 
and the point in the arc of the swing where the line 
released. The weight, however, must be sufficiently large 
to carry the pilot line back to ground after passing over 
the tree. Flipping the end of the line up and down so as to 
put a traveling wave on the line often helps to induce the 
weight to drop down if the weight is marginal. The higher 
the tree, the lighter the weight and the pilot line must be. 
A glove should be worn on the throwing hand, because a 
line running swiftly through the bare hand can cause a 
severe burn. 

If there is a clear line of sight between ground and a 
particularly desirable crotch in the tree, it may eventu- 
ally be possible to hit the crotch after a sufficient number 
of tries. Otherwise, it is best to try to heave the pilot line 
completely over the tree, as close to the centerline of the 
tree as possible. If it is necessary to retrieve the line and 
start over again, the line should be drawn back very 
slowly; otherwise the swinging weight may wrap the line 
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around a small limb, making retrieval impossible. 

Stretching the line out straight on the ground before 
throwing may help to keep the line from snarling, but it 
places extra drag on the line, and the line may snag on 
obstructions overhanging the line when it is thrown. 
Another method is to make a stationary reel by driving 
eight nails, arranged in a circle, through a 1-inch board. 
After winding the line around the circle formed by the 
nails, the line should reel off readily when the weighted 
end of the line is thrown. The board should be tilted at 
approximately right angles to the path of the throw. 

Other devices that have been used successfully to pass 
a pilot line over a tree are a bow and arrow with heavy 
thread tied to the arrow, and a short casting rod and spin- 
ning reel used by fishermen. The Wrist Rocket slingshot 
made from surgical rubber tubing and a metal frame has 
proved highly effective as an antenna-launching device. 
Still another method that has been used where sufficient 
space is available is flying a kite to sufficient altitude, 
walking around the tree until the kite string lines up with 
the center of the tree, and paying out string until the kite 
falls to the earth. This method can be used to pass a line 
over a patch of woods between two higher supports, which 
may be impossible using any other method. 

The pilot line can be used to pull successively heavier 
lines over the tree until one of adequate size to take the 
strain of the antenna has been reached. This line is then 
used to haul a pulley up into the tree after the antenna 
halyard has been threaded through the pulley. The line 
that holds the pulley must be capable of withstanding 
considerable chafing where it passes through the crotch, 
and at points where lower branches may rub against the 
standing part. For this reason, it may be advisable to use 
galvanized sash cord or stranded guy wire for raising the 
pulley. 

Larger lines or cables require special attention when 
they must be spliced to smaller lines. A splice that mini- 
mizes the chances of coming undone when coaxed 
through the tree crotch must be used. One type of splice 
is shown in Fig 2. 
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Fig 2—In connecting the halyard to the pilot line, a 
large knot that might snag in the crotch of a tree 
should be avoided, as shown. 
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Fig 3—A weighted line thrown over the antenna can be 
used to pull the antenna to one side of overhanging 
obstructions, such as tree branches, as the antenna is 
pulled up. When the obstruction has been cleared, the 
line can be removed by releasing one end. 


The crotch in which the line first comes to rest may 
not be sufficiently strong to stand up under the tension of 
the antenna. If, however, the line has been passed over 
(or close to) the center line of the tree, it will usually 
break through the lighter crotches and come to rest in a 
stronger one lower in the tree. 

Needless to say, any of the suggested methods should 
be used with due respect to persons or property in the 
immediate vicinity. A child’s sponge-rubber ball (base- 
ball size) makes a safe weight for heaving a heavy thread 
line or fishing line. 

If the antenna wire snags in the lower branches of 
the tree when the wire is pulled up, or if other trees inter- 
fere with raising the antenna, a weighted line thrown over 
the antenna and slid to the appropriate point is often help- 
ful in pulling the antenna wire to one side to clear the 
interference as the antenna is being raised. This is shown 
in Fig 3. 


Wind Compensation 


The movement of an antenna suspended between sup- 
ports that are not stable in the wind can be reduced by the 
use of heavy springs, such as screen-door springs under 
tension, or by a counterweight at the end of one halyard. 
This is shown in Fig 1. The weight, which may be made 
up of junkyard metal, window sash weights, or a galva- 
nized pail filled with sand or stone, should be adjusted 
experimentally for best results under existing conditions. 
Fig 4 shows a convenient way of fastening the counter- 
weight to the halyard. It eliminates the necessity for unty- 
ing a knot in the halyard, which may have hardened under 
tension and exposure to the weather. 
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Fig 4—The cleat eliminates the need to untie a knot 
that may be weather hardened. 


TREES AS SUPPORTS FOR VERTICAL 
WIRE ANTENNAS 


Trees can often be used to support vertical as well 
as horizontal antennas. If the tree is tall and has over- 
hanging branches, the scheme of Fig 5 may be used. The 
top end of the antenna is secured to a halyard passed over 
the limb, brought back to ground level, and fastened to 
the trunk of the tree. 





Halyard 
Secured ae 


to Branch 


Lee Antenna 






Pulle 
ae 7 





W 


Counterweight 
“a_i 9 


Fig 5—Counterweight for a vertical antenna suspended 
from an overhanging tree branch. 
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MAST MATERIALS 


Where suitable trees are not available, or a more 
stable support is desired, light-duty guyed masts are suit- 
able for wire antennas of reasonable span length. At one 
time, most amateur masts were constructed of lumber, 
but the TV industry has brought out metal masts that are 
inexpensive and much more durable than wood. How- 
ever, there are some applications where wood is neces- 
sary or desirable. 


A Ladder Mast 


A temporary antenna support is sometimes needed 
for an antenna system for antenna testing, site selection, 
emergency exercises or Field Day. Ordinary aluminum 
extension ladders are ideal candidates for this service. 
They are strong, light, extendable, weatherproof and eas- 
ily transported. Additionally, they are readily available 
and can be returned to normal use once the project is con- 
cluded. A ladder tower will support a lightweight triband 
beam and rotator. 

With patience and ingenuity one person can erect 
this assembly. One of the biggest problems is holding the 
base down while “walking” the ladder to a vertical posi- 
tion. The ladder can be guyed with '/4-inch polypropy- 
lene rope. Rope guys are arranged in the standard fashion 
with three at each level. If help is available, the ladder 
can be walked up in its retracted position and extended 
after the antenna and rotator are attached. The lightweight 
pulley system on most extension ladders is not strong 
enough to lift the ladder extension. This mechanism must 
be replaced (or augmented) with a heavy-duty pulley and 
rope. Make sure when attaching the guy ropes that they 
do not foul the operation of the sliding upper section of 
the ladder. 

There is one hazard in this system that must be 
avoided: Do not climb or stand on the ladder when it is 
being extended—even as much as one rung. Never stand 
on the ladder and attempt to raise or lower the upper sec- 
tion. Do all the extending and retracting with the heavy- 
duty rope and pulley! 

If the ladder is to be raised by one person, use the 
following guidelines. First, make sure the rung-latching 
mechanism operates properly before beginning. The base 
must be hinged so that it does not slip along the ground 
during erection. The guy ropes should be tied and posi- 
tioned in such a way that they serve as safety constraints 
in the event that control of the assembly is lost. Have 
available a device (such as another ladder) for support- 
ing the ladder during rest periods. (See Fig 6.) 

After the ladder is erect and the lower section guys 
tied and tightened, raise the upper portion one rung at a 
time. Do not raise the upper section higher than it is 
designed to go; safety is far more important than a few 
extra feet of height. 

For a temporary installation, finding suitable guy 
anchors can be an exercise in creativity. Fence posts, trees, 
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Fig 6—Walking the ladder up to its vertical position. 
Keith, VE2AQU, supports the mast with a second ladder 
while Chris, VE2FRJ, checks the ropes. (Photo by Keith 
Baker, VE2XL.) 


and heavy pipes are all possibilities. If nothing of suffi- 
cient strength is available, anchor posts or pipes can be 
driven into the soil. Sandy soil is the most difficult to work 
with because it does a very poor job of holding anchors. A 
discarded car axle can be driven into the ground as an 
anchor, as its mass and strength are substantial. A chain 
and car-bumper jack can be used to remove the axle when 
the operation is done. 

Above all else, keep the tower and antenna away 
from power lines. Make sure that nothing can touch the 
lines if the assembly falls. Disassemble by reversing the 
process. Ladder towers are handy for “quickie” antenna 
supports, but as with any improvisation of support mate- 
rials, care must be taken to ensure safe construction. 


The A-Frame Mast 


A light and relatively inexpensive mast is shown in 
Fig 7. In lengths up to 40 feet it is very easy to erect and 
will stand the pull of ordinary wire antenna systems. The 
lumber used is 2 x 2-inch straight-grained pine (which 
many lumber yards know as hemlock) or even fir stock. 
The uprights can be as long as 22 feet each (for a mast 
slightly over 40 feet high) and the cross pieces are cut to 
fit. Four pieces of 2 x 2 lumber, each 22 feet long, pro- 
vides more than enough. The only other materials required 
are five '/4-inch carriage bolts 5'/2 inches long, a few 
spikes, about 300 feet of stranded or solid galvanized wire 
for guying, enough glazed porcelain compression (“egg”) 
insulators to break up the guys into sections, and the usual 
pulley and halyard rope. If the strain insulators are put in 
every 20 feet, approximately 15 of them will be enough. 

After selecting and purchasing the lumber—which 
should be straight-grained and knot-free—sawhorses or 
boxes should be set up and the mast assembled as shown 


in Fig 8. At this stage it is wise to give the mast a coat of 
primer and a coat of outside white latex paint. 

After the coat of paint is dry, attach the guys and rig 
the pulley for the antenna halyard. The pulley anchor 
should be at the point where the top stays are attached so 
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Fig 7—The A-frame mast is lightweight and easily 
constructed and erected. 
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Fig 8—Method of assembling the A-frame mast on 
sawhorses. 


the backstay will assume the greater part of the load ten- 
sion. It is better to use wire wrapped around the mast 
with a small through-bolt to prevent sliding down than to 
use eyebolts. 

If the mast is to stand on the ground, a couple of 
stakes should be driven to keep the bottom from slipping. 
At this point the mast may be “walked up” by a helper. If 
it is to go on aroof, first stand it up against the side of the 
building and then hoist it, from the roof, keeping it verti- 
cal. The whole assembly is light enough for two men to 
perform the complete operation—lifting the mast, carry- 
ing it to its permanent berth, and fastening the guys with 
the mast vertical. It is entirely practical to put up such a 
mast on a flat area of roof that would be too small to 
erect a regular tower installation, one that had to be raised 
vertically on the same spot. 


TV Mast Material 


TV mast is available in 5- and 10-foot lengths, 
1'/4inches diameter, in both steel and aluminum. These 
sections are crimped at one end to permit sections to be 
joined together. A form that is usually more convenient 
is the telescoping mast available from many electronic 
supply houses. The masts may be obtained with three, 
four or five 10-foot sections, and come complete with 
guying rings and a means of locking the sections in place 
after they have been extended. These masts are inherently 
more suitable for guyed mast installations than the non- 
telescoping type because the diameters of the sections 
increase toward the bottom of the mast. For instance, the 
top section of a 50-foot mast is 1'/4 inches diameter, and 
the bottom section is 2'/2 inches diameter. 

Guy rings are provided at 10-foot intervals, but guys 
may not be required at every point. Guying is essential at 
the top and at least one other place near the center of the 
mast. If the mast has any tendency to whip in the wind, 
or to bow under the load of a horizontal wire antenna, 
additional guys should be added at the appropriate points. 


MAST GUYING 


Three guy wires in each set are usually adequate for 
a mast. These should be spaced equally round the mast. 
The required number of sets of guys depends on the height 
of the mast, its natural sturdiness (or stiffness), and the 
required antenna tension. A 30-foot-high mast usually 
requires two sets of guys, and a 50-foot mast needs at 
least three sets. One guy of the top set should be anchored 
to a point directly opposing the force exerted by the wire 
antenna. The other two guys of the same set should be 
spaced 120° with respect to the first, as shown in the 
inset in Fig 7. 

Generally, the top guys should be anchored at dis- 
tances from the base of the mast at least 60% of the mast 
height. The distance of the guy anchors from the mast 
determines the guy loads and the vertical load compress- 
ing the mast. At a 60% distance, the load on the guy wire 
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opposite the wire antenna is approximately twice the 
antenna tension. The compression in the mast will be 1.66 
times the antenna tension. With the anchors out 80% of 
the mast height, the guy tension will be 1.6 times larger 
than the antenna load and the mast compression will be 
1.25 times larger. 

Whenever possible, the largest available anchor spac- 
ing should be used. The additional compression on the 
mast, due to closer anchor spacing, increases the tendency 
of the mast to buckle. Buckling occurs when the com- 
pression on the unsupported spans between guys become 
too great for the unsupported length. The section then 
bows out laterally and will usually fold over, collapsing 
the mast. Additional sets of guys reduce the tendency for 
the mast to buckle under the compression by decreasing 
the unsupported span lengths and stabilizing the mast, 
keeping it in a straight line. 

A natural phenomenon, called vortex shedding, can 
occur when the wind passes over the sections of a guyed 
mast. For every section size, shape, and length, there is a 
wind speed that can cause the sections to oscillate 
mechanically. When all the sections of an antenna sup- 
port mast are close to the same size and length, it is pos- 
sible for all of the mast sections to vibrate simultaneously 
between the guys. To reduce the potential for this, you 
can place the guys at locations along the mast that will 
result in different span lengths. This creates different me- 
chanical resonant frequencies for each span, eliminating 
the possibility of all sections oscillating at the same time. 

When determining the guy locations along the mast 
to treat this problem, you also need to consider the mast 
buckling requirements. Since the compression in the mast 
is greatest in the bottom span, and the least in the top 
span, the guys should be placed to make the bottom span 
the shortest and the top span the longest. A general guide 
for determining the different span lengths is to make the 
unguyed lengths change by 10 to 20%. 

Example: For a 30-foot high mast with three guy 
sets, the equal-guy locations would be every 10 feet. We 
can make the center span, 10 feet long, and then make 
the lower span 15% shorter and the top span 15% longer. 
While this is not an exact technical method to determine 
the best solution, the approach will create different 
mechanical resonant frequencies for the spans, with the 
span lengths approximately adjusted for the varying buck- 
ling requirements. 

You can eliminate electrical resonance from con- 
ductive guy materials that might cause distortion of the 
antenna radiation pattern by breaking each guy into non- 
resonant lengths using strain insulators (see Figs 9 and 
10). This subject is covered in detail later in this chapter. 


Guy Material 


When used within their safe load ratings, you may 
use any of the halyard materials listed in Chapter 20 for 
the mast guys. Nonmetallic materials have the advantage 
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Fig 9—Simple lever for twisting solid guy wires when 
attaching strain insulators. 





Fig 10—Stranded guy wire should be attached to strain 
insulators by means of standard cable clamps made to 
fit the size of wire used. 


that there is no need to break them up into sections to 

avoid unwanted resonant interactions. All of these mate- 
rials are subject to stretching, however, which causes 

mechanical problems in permanent installations. At rated 
working loads, dry manila rope stretches about 5%, while 
nylon rope stretches about 20%. Usually, after a period 

of wind load and wet/dry cycles, the lines will become 

fairly stable and require less frequent adjustment. 

Solid galvanized steel wire is also widely used for 
guying. This wire has approximately twice the load rat- 
ings of similar sizes of copper-clad wire, but it is more 
susceptible to corrosion. Stranded galvanized wire sold 
for guying TV masts is also suitable for light-duty appli- 
cations, but is also susceptible to corrosion. It is prudent 
to inspect the guys every six months for signs of deterio- 
ration or damage. 


Guy Anchors 


Figs 11 and 12 show two different kinds of guy 
anchors. In Fig 11, one or more pipes are driven into the 
ground at right angles to the guy wire. If a single pipe 
proves to be inadequate, another pipe can be added in 
tandem, as shown, and connected with a galvanized steel 
cable. Heavy-gauge galvanized pipe is preferred for 
corrosion resistance. Steel fence posts may be used in 
the same manner. Fig 12 shows a dead-man type of 
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Fig 11—Driven guy anchors. One pipe is usually 
sufficient for a small mast. For added strength, a 
second pipe may be added, as shown. 





Fig 12—Buried dead-man guy anchor (see text). 


anchor. The buried anchor may consist of one or more 
pipes 5 or 6 feet long, or scrap automobile parts, such as 
bumpers or wheels. The anchors should be buried 3 or 
4 feet in the ground. The cable connecting the dead-man 
to the guys should be galvanized wire rope, like EHS guy 
cable. You should coat the buried part of the cable with 
roofing tar, and thoroughly dry it prior to burial to en- 
hance resistance to corrosion. 

Also available are some heavy auger-type anchors 
that screw into the earth. These anchors are usually 
heavier than required for guying a mast, although they 
may be more convenient to install. You should conduct 
annual inspections of the anchors by digging several 
inches below grade around the anchor to inspect for 
corrosion. 

Trees and buildings may also be used as guy anchors 
if they are located appropriately. Care should be exer- 
cised, however, to make sure that the tree is of adequate 
size and that any fastening to a building can be made suf- 
ficiently secure. 


Guy Tension 


Many troubles encountered in mast guying are a 
result of pulling the guy wires too tight. Guy-wire ten- 
sion should never be more than necessary to correct for 


obvious bowing or movement under wind pressure. 

Approximately 10% to 15% of the working load is suffi- 
cient. In most cases, the tension needed does not require 
the use of turnbuckles, with the possible exception of the 
guy opposite a wire antenna. If any great difficulty is 

experienced in eliminating bowing from the mast, the guy 
tension should be reduced or additional sets of guys are 
required. The mast should be checked periodically, espe- 
cially after large wind events, to ensure the guys and 

anchors have not stretched or moved, allowing the mast 
to get away from the required straight alignment. 


ERECTING A MAST OR OTHER 
SUPPORT 


Masts less than 30 feet high usually can be simply 
walked up after blocking the bottom end securely. Block- 
ing must be done so that the base can neither slip along 
the ground nor upend when the mast is raised. An assis- 
tant should be stationed at each guy wire, and may help 
by pulling the proper guy wire as the mast nears the ver- 
tical position. Halyards can be used in the same manner. 

As the mast is raised, it may be helpful to follow the 
underside of the mast with a scissors rest (Fig 13), should 
a pause in the hoisting become necessary. The rest may 
also be used to assist in the raising if an assistant mans 
each leg. 

As the mast nears the vertical position, those hold- 
ing the guy wires should be ready to temporarily fasten 
the guys to prevent the mast from falling. The guys can 
then be adjusted until the mast is perfectly straight. 

For masts over 30 feet long, a gin pole of some form 
may be required, as shown in Fig 13. Several turns of 
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Fig 13—Pulling on a gin line fastened slightly above the 
center point of the mast and on the halyards can assist 
in erecting a tall mast. The tensions should be just 
enough to keep the mast in as straight a line as 
possible. The “scissors” may be used to push on the 
under side and to serve as a rest if a pause in raising 
becomes necessary. 
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rope are wound around a point on the mast above center. 
The ends of the rope are then brought together and passed 
over a tree limb. The rope should be pulled as the mast is 
walked up to keep the mast from bending at the center. If 
a tree is not available, a post, such as a2 x 4, temporarily 
erected and guyed, can be used. After the mast has been 
erected, the assisting rope can be removed by walking 


one end around the mast (inside the guy wires). 

Telephone poles and towers are much sturdier sup- 
ports. Such supports may require no guying, but they are 
not often used solely for the support of wire antennas 
because of their relatively high cost. For antenna heights 
in excess of 50 feet, however, they are usually a most prac- 
tical form of support. 


Tower And Antenna Selection and Installation 


The selection of a tower, its height, and the type of 
antennas and rotator is probably one of the more com- 
plex issues faced by station builders. All aspects of the 
tower, antenna, and rotator system are interrelated, and 
you should consider the overall system before making 
any decisions regarding specific system components. 

Perhaps the most important consideration for many 
amateurs is the effect of the antenna system on the sur- 
rounding environment. If plenty of space is available for 
a tower installation and if there is little chance of causing 
esthetic distress on the part of family members or the 
neighbors, the amateur is indeed fortunate. Often, the 
primary considerations are purely financial. For most, 
however, the size of the property, the effect of the system 
on others, local ordinances, and the proximity of power 
lines and poles influence the selection of the tower/ 
antenna system considerably. 

The amateur must consider the practical limitations 
for installation. Some points for consideration are given 
below: 


1) A tower should not be installed in a position where it 
could fall onto a neighbor’s property. 

2) The antenna must be located in such a position that it 
cannot possibly tangle with power lines, either dur- 
ing normal operation or if the structure should fall. 

3) Sufficient yard space must be available to position a 
guyed tower properly. The guy anchors should be 
between 60% and 80% of the tower height in distance 
from the base of the tower on level ground—sloping 
terrain may require larger areas. 

4) Provisions must be made to keep children from climb- 
ing the support. (Poultry netting around the tower base 
will serve this need.) 

5) Local ordinances should be checked to determine if 
any legal restrictions affect the proposed installation. 


Other important considerations are (1) the total dol- 
lar amount to be invested, (2) the size and weight of the 
antenna desired, (3) the climate, and (4) the ability of the 
owner to climb a fixed tower. 

Most tower manufacturers provide catalogues or data 
packages that represent engineered tower configurations. 
These are provided as a convenience for users to help 
determine the most suitable tower configurations. The 
most commonly used design specifications for towers are 
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EIA (Electronic Industries Assoc.) RS-222 and UBC (Uni- 
form Building Code). These specifications define how the 
tower, antenna, and guy loads are determined and applied 
to the system, and establish general design criteria for 
the analysis of the tower. Local authorities often require 
the review and approval of the installation by a state 
licensed Professional Engineer (P.E.) to obtain building 
permits. All local authorities in the United States do not 
subscribe to the same design standards, so often the manu- 
facturers’ general-purpose engineering is not applicable. 

One of the first things you need to determine in the 
tower selection process is the type of specification 
required by the local authorities, if any. Then, you must 
determine the Basic Wind Speed appropriate for the site. 
The Basic Wind Speed used in most specifications is the 
average wind speed for one mile of wind passing across 
the structure. It will be a lower value than the peak read- 
ings from an anemometer (wind gauge) installed at the 
site. For example, a Basic Wind Speed of 70 mph could 
have a maximum value of 80 mph and a minimum of 
60 mph, equally distributed during the passage of the mile 
of wind. Basic wind speeds can be found in tables or maps 
contained in the appropriate specifications. Often, the 
basic wind speed used for the location may be obtained 
from the local permit authority. Check out the Web site 
at www.championradio.com, which contains EIA basic 
wind speed tables for every county in the USA. UBC 
speeds are available at almost every local library. 

Antenna manufacturers also provide antenna data to 
assist in the selection process. Unfortunately, antenna 
mechanical designs do not always follow the same 
design standards used for towers. Proper antenna selec- 
tion often means that you must determine the antenna 
surface areas yourself to avoid overloading the tower. 
More discussion about this follows later in this chapter. 

It is often very helpful to the novice tower installer 
to visit other local amateurs who have installed towers. 
Look over their hardware and ask questions. If possible, 
have a few local experienced amateurs look over your 
plans—before you commit yourself. They may be able to 
offer a great deal of help. If someone in your area is plan- 
ning to install a tower and antenna system, be sure to 
offer your assistance. There is no substitute for experi- 
ence when it comes to tower work, and your experience 
there may prove invaluable to you later. 


THE TOWER 


Towers for supporting antennas come in a variety of 
different types. Each type has its own set of benefits and 
limitations, or conditions and requirements. Often, you 
can choose a particular tower type by considering issues 
other than pure mechanical performance. Understanding 
how each type of tower functions, and what its respective 
requirements are, are the first steps in making the best 
tower selection for your own situation. 


Guyed Towers 


The most common variety of tower is the guyed 
tower made of identical stacked sections, supported by 
guy cables attached to ground anchors placed symmetri- 
cally around the tower. These towers are the most eco- 
nomical, in terms of feet per dollar investment, and are 
more efficient for carrying antenna loads than non-guyed 
towers. 

The guys resist the lateral loads on the system created 
by the wind. Since the guys slope down to the ground, 
horizontal loads due to the wind result in vertical loads 
applied to the tower at each tower/guy connection. The 
tower becomes a compression member, trying to resist 
the column compression generated by the guy reactions. 
A tower in compression can buckle, so the distance 
between guy connections along the tower is important. 


Tower Bases for Guyed Towers 


Another important phenomenon in a guyed tower is 
stretching of the guy cables. All guys stretch under load 
and when the wind blows the elongated guys allow the 
tower to lean over somewhat. If the tower base is buried 
in the concrete footing—as is commonly done in ama- 
teur installations—the bending stress at the tower base 
can become a significant factor. Towers that have been 
installed with tapered pier-pin bases much more freely 
absorb tower leaning, and they are far less sensitive to 
guy-elongation problems. 

The tapered pier-pin tower installation is not with- 
out some drawbacks. These installations often require 
torque-arm guy brackets or six-guy torque-arm assem- 
blies to control tower rotation due to antenna torque. They 
also require temporary guys when they are being installed 
to hold the base steady until the permanent guys are 
mounted. Some climbers also don’t like the flexing when 
they start to climb these types of towers. 

On the positive side, pier-pin base towers have all 
structural members above the concrete footing, eliminat- 
ing concerns about hidden corrosion that can occur with 
buried towers. Most decisions regarding the type of base 
installation are made according to the preference of the 
tower builder/maintainer. While either type of base con- 
figuration can be successfully used, you would be wise 
to do the stress calculations (or have a professional engi- 
neer do them) to ensure safety, particularly when large 
antenna loads are contemplated and particularly if guys 


that can easily stretch are used, such as Phillystran guys. 

The configuration shown in Fig 14A is taken from 
an older (1983) Unarco-Rohn catalog. This configura- 
tion has the top set of guys placed at the top of the tower 
with the lower set halfway up the tower. This configura- 
tion is best for most amateur installations, which usually 
have the antennas mounted on a rotatable mast extending 


70' 





89' 3/16" EHS 






86' 3/16" EHS 





Fig 14—The proper method of installation of a guyed 
tower. At A, the method recommended for most amateur 
installations. At B, the method shown in later Rohn 
catalogs. This places considerable strain on the top 
section of the tower when large antennas are mounted 
on the tower. 
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out the top of the tower—thereby placing the maximum 
lateral loads when the wind blows at the top of the tower 
(and the bottom of the rotating mast). 

The configuration shown in Fig 14B is from a newer 
(1998) Rohn catalog. It has 5 feet of unsupported tower 
extending above the top guy set. The lower guy set is 
approximately halfway between the top guys and the base. 
The newer configurations are tailored for commercial 
users who populate the top region of the tower with fixed 
arrays and/or dishes. The installation in Fig 14B cannot 
safely withstand the same amount of horizontal top load 
as can the configuration shown in Fig 14A, simply because 
the guys start farther down from the top of the tower. 

An overhead view of a guyed tower is given in 
Fig 14C. Common practice is to use equal angular spac- 
ings of 120° between guy wires. If you must deviate from 
this spacing, the engineering staff of the tower manufac- 
turer or a civil engineer should be contacted for advice. 

Amateurs should understand that most catalogs show 
generic examples of tower configurations that work within 
the cited design specifications. They are by no means the 
only solution for any specific tower/antenna configura- 
tion. You can usually substantially change the load capa- 
bility of any given tower by varying the size and number 
of guys. Station builders are encouraged to utilize the 
services of professional engineers to get the most out of 
their guyed towers. Those interested in more generic 
information about guyed tower behavior can find it at 
www.freeyellow.com/members3/yagistress/. 


Unguyed Towers 


Another commonly used type of tower is not nor- 
mally guyed—these are usually referred to as freestand- 
ing or self-supporting towers. Unguyed towers come in 
three different styles. 

One style is comprised of stacked lengths of identi- 
cal tower sections, just like those used for guyed towers. 
The only difference is that no guys are used. Manufactur- 
ers provide the recommended configurations and allow- 
able loads for this type of installation in their catalogs. 
Unguyed towers are vastly less capable of supporting 
antenna loads than their guyed counterparts, but have great 
utility for light-duty applications—when configured within 
their capabilities. 

The second style utilizes different tower section sizes, 
varying from large sections at the base and tapering down 
to smaller sections at the top. This style is more much more 
efficient for freestanding applications, because the tower 
is sized for the varying bending loads along the tower 
length, and is shown in Fig 15. 

The third style of unguyed towers is commonly 
called a crank-up tower. It is a freestanding tower with 
telescoping sections that can be extended or retracted with 
a winch, cable, and pulley mechanism. This allows the 
tower to be raised and lowered for maintenance and 
antenna work. It is usually necessary to retract such tow- 
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Wind 


Fig 15—Typical 
freestanding 
(unguyed) tower. 
Arrows indicate the 
directions of the 
forces acting upon 
the structure. See 
text for discussion. 


Compression Uplift 





ers for moderate to heavy winds. Some consider this a 
disadvantage because they can’t operate their antennas 
at full height when it is windy. Two different forms of the 
crank-up style, freestanding tower are shown in Fig 16. 
Fig 16A shows the tubular version; Fig 16B shows the 
triangular space-frame version. 

Some crank-up towers are used with guys and are 
only retracted for maintenance and antenna work. These 
towers are specially designed with locking mechanisms 
between the tower sections to carry the vertical compres- 
sion created by the guys. Do not use guys with normal 
crank-up towers (those that have no locking devices 
between sections)! The increased tower compression will 
be carried by the hoisting cable, which will eventually 
cause it to fail. 

Never climb a crank-up tower unless it is properly 
nested, with all load removed from the hoisting cable. 
For general antenna work, this can be accomplished by 
completely retracting it until the cable becomes loose. 
When servicing the rotator, the tower must be left par- 
tially extended. In this case every tower section must be 








Fig 16—Two examples of 
crank-up towers. 
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blocked with heavy timber or thick-wall tubes, installed 
through the tower bracing, until all sections are resting on 
the blocks and the hoisting cable becomes slack. Safely 
installing the blocks in an extended crank-up tower can be 
challenging. The object is to get all the blocks installed 
without a climber having to scale the unblocked tower, risk- 
ing loss of limbs should the hoisting cable fail. An exten- 
sion ladder, capable of reaching the required block 
elevations is the safest approach. If the necessary equip- 
ment or expertise is not available, the tower can be 
retracted, antennas removed, and leaned over, with the base 
tilt-over assembly, before extending it to access the rota- 
tor. Failure to properly block the tower before climbing 
can result in serious injury should the cable slip or break! 

All freestanding towers share some unique charac- 
teristics. Each must support antenna and tower loads only 
by virtue of the bending strength of the tower sections 
and the tower footing connection to earth. Because of the 
large overturning moment at the tower base, freestand- 
ing towers require larger concrete footings than guyed 
towers. They are usually more expensive for the same 
load capability compared to guyed towers, simply because 
they require larger heavier tower sections and a larger 
footing to get the job done. The telescoping mechanisms 
in crank-up tower require more maintenance too. 





Fig 17—Fold-over or tilting base. There are several 
different kinds of hinged sections permitting different 
types of installation. Great care should be exercised 
when raising or lowering a tilting tower. 


Freestanding towers are quite popular, and are often 
the best solutions for sites with limited space and ascetic 
concerns. When cranked down, a telescoping tower can 
maintain a low-profile system, out of sight of the neigh- 
bors and family. 


Tilt-Over Towers 


Some towers have another convenience feature—a 
hinged section that permits the owner to fold over all ora 
portion of the tower. The primary benefit is in allowing 
antenna work to be done close to ground level, without 
the necessity of removing the antenna and lowering it for 
service. Fig 17 shows a hinged base used with stacked, 
guyed tower sections. The hinged section can be designed 
for portions of the tower above the base. These are usu- 
ally referred to as guyed tilt-over towers, where a con- 
ventional guyed tower can be tilted over for installing 
and servicing antennas. Many crank-up towers come with 
optional tilt-over base fixtures that are equipped with a 
winch and cable system for tilting the fully nested tower 
from horizontal to vertical positions. 

Misuse of hinged sections during tower erection is a 
dangerously common practice among radio amateurs. 
Unfortunately, these episodes can end in accidents. If you 
do not have a good grasp of the fundamentals of physics, 
it might be wise to avoid hinged towers or to consult an 
expert if there are any questions about safely installing 
and using such a tower. It is often far easier (and safer) to 
erect a regular guyed tower or self-supporting tower with 
gin pole and climbing belt than it is to try to walk up an 
unwieldy hinged tower. 
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The AB-577 Military Surplus Tower 


Another light duty tower has found acceptance among 
many amateurs. Available from assorted military surplus 
dealers is the AB-577 system. This was designed to be a 
portable, rapid deployment antenna support for field com- 
munications. It is a guyed mast that goes up somewhat like 
a crank-up. The system consists of several short sections of 
aluminum tubing, with special end connections for joining 
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Fig 18—Installation of surplus AB-577 
tower with tribander at 45 feet at K7NV. 
(Photo by Kurt Andress, K7NV.) 


them. These can be erected from the base fixture, which has 
a crank-up type winch-driven elevator platform. The tubing 
sections are installed in the base fixture and connected to 
the section above it with an over-center locking Marmon- 
style clamp. Then, the elevator platform is raised with the 
winch and the new tube is locked in place, high on the base 
fixture. Then the elevator is lowered to accept the next sec- 
tion. While the tower is extended, the supporting guys are 
adjusted via the unique snubber assemblies at the anchor 
connection. One person can erect this system, even in windy 
conditions, when special care is given to keeping the guys 
properly adjusted during each extension. 

The standard AB-577 system, with 3 sets of guys, 
will support a modest triband Yagi at 45 feet. Fig 18A 
shows an installation with a Hy-Gain TH7DX at 45 feet. 


TOWER BASES 


Tower manufacturers can provide customers with de- 
tailed plans for properly constructing tower bases. Fig 19 
is an example of one such plan. This plan calls for a hole 
that is 3'/2 x 3'/ x 6 feet. Steel reinforcement bars are 
lashed together and placed in the hole. The bars are posi- 
tioned so that they will be completely embedded in the 
concrete, yet will not contact any metallic object in the 
base itself. This is done to minimize the possibility of a 
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Fig 19—Plans for installing concrete base for Wilson 
ST-77B tower. Although the instructions and dimen- 
sions vary from tower to tower, this is representative of 
the type of concrete base specified by most manufac- 
turers. 


direct discharge path for lightning through the base. 
Should such a lightning discharge occur, the concrete base 
could be damaged. 

Providing suitable paths for the discharge of light- 
ning energy safely for towers is a complex subject. Several 
companies offer products and guidance. The basic 
requirements for providing controlled discharge paths for 
lightning-induced current is to supply a low-impedance 
grid of conductors from the tower and feed lines to a field 
of interconnected ground rods around the base of the 
tower. Generally, the tower, station, and electrical ser- 
vice grounds need to be connected to prevent damaging 
potential differences from developing between the vari- 
ous components in the system. 

A strong wooden form is constructed around the top 
of the hole. The hole and the wooden form are filled with 
concrete so that the resultant block will be 4 inches above 
grade. The anchor bolts are embedded in the concrete, 
and aligned with the plywood template, before it hard- 
ens. The template serves to align the anchor bolts to prop- 
erly mate with the tower itself. Once the concrete has 
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Fig 20—Another example of a concrete base (Tri-Ex 
LM-470). 


cured, the tower base is installed on the anchor bolts and 
the base connection is adjusted to bring the tower into 
vertical alignment. 

For a tower that bolts to a flat base plate mounted to 
the footing bolts (as shown in Fig 19), you can bolt the 
first tower section on the base plate to ensure that the 
base is level and properly aligned. Use temporary guys 
to hold things exactly vertical while the concrete cures. 
(The use of such temporary guys also works well when 
you place the first tower section in the base hole and 
plumb it vertically before pouring in the concrete.) Manu- 
facturers can provide specific, detailed instructions for 
the proper mounting procedure. Fig 20 shows a slightly 
different design for a tower base. 

The one assumption so far is that normal soil is pre- 
dominant in the area in which the tower is to be installed. 
Normal soil is a mixture of clay, loam, sand and small 
rocks. More conservative design parameters for the tower 
base should be adopted (usually, using more concrete) if 
the soil is sandy, swampy or extremely rocky. If there are 
any doubts about the soil, the local agricultural exten- 
sion office can usually provide specific technical infor- 
mation about the soil in a given area. When this 
information is in hand, contact the engineering depart- 
ment of the tower manufacturer or a civil engineer for 
specific recommendations with regard to compensating 
for any special soil characteristics. 


TOWER INSTALLATION 


The installation of a tower is not difficult when the 
proper techniques are used. A guyed tower, in particular, 
is not hard to erect, because each of the individual sec- 


tions is relatively lightweight and can be handled with 
only a few helpers and some good quality rope. 


The Gin Pole and Tips on Tower Building 


An essential piece of hardware for working on towers 
is a gin pole. This section came from the ARRL book Simple 
and Fun Antennas for Hams. The dictionary describes a gin 
pole as “a device for moving heavy objects.” See Fig 21, 
which shows a drawing of the Rohn “Erection Fixture” 
EF2545. This gin pole was designed to work with the nomi- 
nal 10-foot long sections of Rohn 25 or 45 towers. 

We’re going to assume in the following discussion 
that you are installing Rohn 45, which weighs about 
70 pounds. This is a lot of weight, and you must refrain 
from adding to that during installation. That means, for 
example, that you do not attempt to lift a 10-foot section 
with the guy wires attached! Neither should you attempt 
to lift the top section with the rotator and rotor shelf in- 
stalled. The gin pole (and your ground crew) will not ap- 
preciate all that strain. 

The main working part of the gin pole is the pulley 




























































































Fig 21—Drawing of Rohn “Erection Fixture” EF2545, 
also known commonly as a “gin pole.” 
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mounted at the top of the 12-foot long heavy-wall alumi- 
num tubing. This pulley has a rope going down to the 

ground crew through the center of the aluminum tube. At 
the base of the tower, the pull rope should be run through 
a snatch block attached to the tower just above ground 

level. This block allows the pull rope to be pulled out 

horizontally away from the tower base. That helps pro- 
tect ground crew should a tool be dropped by the people 
on the tower. 

An adjustable, sliding clamp towards the bottom of 
the aluminum tubing is clamped to the tower using a 
swinging L-bracket-type clamp with two clamping bolts. 
These have T-bar handles that can be tightened by hand. 
In fact, this gin pole can be moved and deployed without 
any tools. The clamp is positioned on the top of the tower 
section onto which the next tower section is to be installed. 
Once clamped to the top of the tower, you would loosen 
the T-bar handle that tightens the clamp against the slid- 
ing aluminum tube and slide the tubing up to its maxi- 
mum extent. 

In practice, the following steps are taken as each 
10-foot section of tower is installed, one-by-one. We’re 
assuming here that the gin pole starts out on the ground, 
with at least one person belted in at the top of the tower. 
We’re also assuming that the pull rope has been threaded 
through the aluminum tube and the top pulley, with a knot 
tied to prevent it from falling back down the tube. 


1. The clamp holding the aluminum tubing is loosened 
so that the pulley on the tube can be lowered to where 
it is just above the bottom clamp. Then the T-bar 
handle for the tube clamp is tightened. 

2. The climber lowers a tag rope for the ground crew to 
tie to the gin-pole pull rope. (This tag rope has been 
looped through a temporary pulley clipped to the top 
of the tower. It is also used to pull up tools and other 
materials.) The ground crew then pulls the gin pole 
up to the climber, using the tag line rope. Friction of 
the rope against the top of the pulley-head assembly 
will prevent the gin-pole assembly from slipping 
down. [Note that some climbers prefer to “walk” the 
gin-pole up the tower rather than having it pulled up 
from the ground below. They free up their hands for 
climbing and temporarily holding the gin pole by us- 
ing their belt lanyard looped around the tower as they 
climb. | 

3. Once the gin-pole head reaches the top of the tower, 
the climber clamps the gin pole clamp securely to the 
top of the tower. 

4. The T-bar handle for the tube clamp is loosened, and 
the aluminum tube is extended to its maximum height, 
as shown in Fig 21. Make sure you have tied the free 
end of the rope coming through the top pulley tempo- 
rarily to the top of the tower, or else you’ll have to 
lower the gin pole and go through this step again. 

5. The free end of the pulley rope is then dropped to the 
ground, often using a weight such as a medium Cres- 
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cent wrench or perhaps a hammer to keep the rope 

from waving about as it dangles down the tower, tan- 
gling with every imaginable thing as it proceeds down- 
wards. It’s amazing how even a tiny breeze can make 
an unweighted rope dance like that. 

6. The ground crew then ties the free end of the rope 
above the balance point of the tower. For Rohn 25 or 
45 there are eight horizontal cross braces per section. 
You want the crew to tie the rope to the fifth horizon- 
tal brace from the bottom. Please remember that you 
want the bottoms of the tower sections’ legs to be 
pointed downwards, not flipped over, when the bot- 
tom of these legs approach you at the top of the tower 
section the climber is standing on. 

7. Once the bottom of the rising tower section is just 
above the top of the legs of the bottom tower section, 
the climber guides the tower down onto the top of the 
three legs, while calling out to the ground crew in- 
structions about slowly lowering the new section down 
onto the legs. See Fig 22, which shows the climber 
guiding the new section of 
Rohn HBX tower onto the 
previous section’s legs. 
This process is consider- 
ably easier to accomplish 
if each section of tower 
has been put together on 
the ground to make sure 
that the legs fit together 
easily. There’s nothing 
more frustrating that try- 
ing to manually force-fit 
tower sections together at 
the top of a tower. 

It seems that freight 
companies don’t always 
handle heavy tower sec- 
tions very gently and legs 
easily get bent out of 
alignment. A careful in- 
staller numbers tower sec- 





Fig 22—Climber is 


tions in the order they’ve 
been test-fitted together on 
the ground, marking them 
with a laundry marker pen. 
You should also spray a 
small amount of WD-40 
up inside mating tower 
legs after test-assembling 
them to help prevent gall- 
ing and to ease fitting sec- 
tions together. [Don’t do 
this to excess—WD-40 is 


guiding the new 
section onto the top of 
the existing one. The 
gin pole attached to 
the left leg is bearing 
the weight, as the 
climber gives verbal 
instructions to the 
ground crew pulling on 
the gin-pole rope. 
(Photo courtesy Mike 
Hammer, N2VR.) 


slippery and messy when it runs out of the bottom of 


tower legs.] 


Another caution: Make sure before you start install- 
ing any tower that the correct ends of the bottom 


section’s legs, “male” rather than “female,” are pointed 
upwards. A prominent amateur (who will go unnamed) 
had to have Rohn make and send him a special “gen- 
der-bender” flange to turn females into males, since 
he had installed the base upside-down in the concrete 
base. You don’t want to do that. 

8. Once the new tower section has been guided down onto 
the male ends, the six pinning bolts are inserted and 
tightened with nuts. Note that Rohn uses two differ- 
ent sized bolts, with the larger diameter one on the 
bottom. 

9. If this section of tower is one where guy wires are to 
be placed, they can be brought up using the gin pole 
rope and positioned on the tower. The maximum spac- 
ing for Rohn 25 is 30 feet between guy-wire sets, and 
40 feet for Rohn 45. Thirty feet of unguyed Rohn 25 
tower is wobbly, though safe. Many installers prefer 
to come down off the tower when setting guy-wire 
tension, since they do not like to be on a wobbly tower 
when the ground crew is moving around yanking on 
guy wires. Many also greatly prefer working on Rohn 
45 tower, which is substantially more secure feeling 
and easier to stand on, with its legs 18 inches apart, 
while Rohn 25 legs are only 12 inches apart. 

10. Finally, you reposition the gin pole for the next sec- 
tion of tower. The T-bar at the clamp is loosened, the 
tube is dropped down to the level of the clamp, and 
the climber walks the gin pole up to the top of the 
section just installed and clamps it there, ready to pull 
up the next tower section. 


Tower Safety 


One of the most important aspects of any tower 
installation project is the safety of all persons involved. 
See Chapter | for details on important safety issues. The 
use of hard hats is highly recommended for all assistants 
helping from the ground. Helpers should always stand 
clear of the tower base to prevent being hit by a dropped 
tool or hardware. Each person working on the tower must 


Table 1 

Guy Cable Comparisons 

Cable Nominal Dia. Breaking 
Inches Strength 

Lbs 

3/1" 1 x 7 EHS 0.188 3990 

/4" 1 x 7 EHS 0.250 6700 

HPTG6700 0.220 6700 

HPTG8000 0.290 8000 

5/1" 1 x 7 EHS 0.313 11200 

HPTG11200 0.320 11200 

3/s" Fiberglass Rod 0.375 13000 


use a good climber’s safety belt. 

When climbing the tower, if more than one person 
is involved, one should climb into position before the 
other begins climbing. The same procedure is required 
for climbing down a tower after the job is completed. The 
purpose is to have the non-climbing person stand still so 
as not to drop any tools or objects on the climbing per- 
son, or unintentionally obstruct his movements. When two 
persons are working on top of a tower, only one should 
change position (unbelt and move) at a time. 

For most installations, a good-quality '/2-inch diam- 
eter Manila hemp rope can adequately handle the 
workload for the hoisting tasks. The rope must be 
periodically inspected to assure that no tearing or chaf- 
ing has developed, and if the rope should get wet from 
rain, it should be hung out to dry at the first opportunity. 
The knots used for connecting hoisting lines and hard- 
ware are critical to executing any safe installation, and 
special attention should be given to this detail for any 
work party. 

Here is an important point regarding safety—the 
person who climbs the tower should be in charge of what 
happens with the ground crew. Not only does the person 
on the tower have a better overall view of the situation 
below, but also any confusion on the ground can result in 
serious injury to the climber. 


GUY WIRES 


In typical guyed tower installations, guy wires may 
experience loads in excess of 1000 pounds. Since the guys 
are the primary means of carrying the horizontal wind 
loads, great care should be taken in their selection and 
installation. 

Guys come in a variety of materials and construc- 
tions. Normally, the tower manufacturer or professional 
engineer will specify the size and type of cable to be used. 
The most common type of cable used for tower guying is 
the EHS (Extra High Strength) galvanized steel cable. 
The EHS cables are very stiff and are the highest strength 


Weight Elongation %Elongation 
Lbs/100' Inches/100' 
7.3 6.77 0.56% 
12.1 3.81 0.32% 
3.1 13.20 1.10% 
3.5 8.90 0.74% 
20.5 2.44 0.20% 
5.5 5.45 0.45% 
9.7 5.43 0.45% 


EHS steel cable information is taken from ASTM A 475-89, the industry standard specification for steel wire rope. 
The HPTG listings are for Phillystran aramid cables, and are based on the manufacturers’ data sheets. The elonga- 
tion (stretch) values are for 100 feet of cable with a 3000-pound load. 
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cables in the wire rope family. Other steel cables are made 
to be more flexible for running around pulleys. While 

these are easier to work with when assembling, they are 

not as strong as the EHS type, and should be avoided for 
tower guying. Non-conductive guys, such as Phillystran 

or pultruded fiberglass rod have become popular for elimi- 
nating resonant interaction with antennas. 

Do not attempt to use cheaper cables that don’t meet 
or exceed the criteria for those specified for your instal- 
lation. Using the wrong cable, or failing to install the cable 
properly can have disastrous results! Table 1 shows data 
for several cables commonly used for tower guying. It is 
important to note that the minimum breaking strength of 
the various cables are independent of their elongation 
(stretch) under load. 


Guy Cable Installation 


Figs 23 and 24 show methods for tensioning and 
safety wiring guy-wire turnbuckles. Fig 25 shows the tra- 
ditional method for fixing the end of a steel guy wire. A 
thimble is used to prevent the wire from breaking because 
of a sharp bend at the point of intersection. Conventional 
wisdom strongly recommends the use of thimbles that 
are at least one wire size larger than the cable to provide 
a more gentle wire bend radius. Three cable clamps fol- 
low to hold the wire securely. Be sure to follow the note 
in Fig 25 for which part of the clip bears against the live 
(loaded) cable. As a final backup measure, the individual 
strands of the free end are unraveled and wrapped around 
the guy wire. It is a lot of work, but it is necessary to 
ensure a safe and permanent connection. 

Fig 26 shows the use of a device that replaces the 
clamps and twisted strands of wire. These devices are 
known as dead ends, preformed guy grips, or Big Grips 
and are commonly used on electrical power poles. They 
are far more convenient to use than are clamps, and are 
the recommended method for terminating Phillystran and 





Fig 23—Proper tension can be placed on the guy wires 
with the aid of a block-and-tackle system. (Photo by 
K1WA) 
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Fig 24—A length of guy cable is used to assure that 
the turnbuckles remain in place after they are tight- 
ened. This procedure is an absolute requirement in 
guyed tower systems. (Photo by N4QX) 
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Fig 25—Traditional method for securing the end of a 
guy wire. 





Fig 26—Alternative method for attaching guy wires 
using dead ends. The dead end on the right is com- 
pletely assembled (the end of the guy wire extends 
beyond the grip for illustrative purposes). On the left, 
one side of the dead end is partially attached to the 
guy wire. In front, a thimble is used where a sharp 
bend might cause the guy wire or dead end to break. 


fiberglass-rod guys. When using the guy grips, it is 
imperative that the recommended end sleeves are installed 
over the free end of the grip to prevent ice and falling 
hardware from sliding down the guy and unraveling the 
grip connection to the guy. The guy wires must be cut to 
the proper length. The dead end of each wire is installed 
into the object to which the guy wire is being attached 
(use a thimble, if needed to eliminate sharp cable bends). 
One side of the dead end is then wrapped around the guy 
wire. The other side of the dead end follows. Using dead 
ends saves time and trouble, more than making up for 
their slightly higher cost. 

When using the non-conductive guy materials, it is 
highly recommended that a 25-foot length of EHS steel 
cable be used at the bottom for connection to the anchor. 
This serves a valuable purpose. The steel cable is more 
resistant to damage from ground activity and brush fires, 
and it is the preferred material for measuring cable pre- 
tension with commonly available devices. 

Fig 27 shows two different methods for attaching guy 
wires to towers. At Fig 27A, the guy wire is simply looped 
around the tower leg and terminated in the usual manner. 
At Fig 27B, a guy bracket, with torque arms has been 
added. Even if the torque arms are not required, it is pre- 
ferred to use the guy bracket to distribute the load from 
the tower/guy connection to all three tower legs, instead 
of just one. The torque bracket is more effective resisting 
torsional loads on the tower than the simpler installation. 
Rohn offers another guy attachment bracket, called a 
Torque Arm Assembly, that allows six guys to be connected 
between the bracket and anchors. This is by far the best 
method of stabilizing a tower against high torque loads, 
and is recommended for installations with large antennas. 

There are two types of commonly used guy anchors. 
Fig 28A depicts an earth screw. These are usually 4 to 
6 feet long. The screw blade at the bottom typically mea- 
sures 6 to 8 inches diameter. Fig 28B illustrates two people 
installing the anchor. The shaft is tilted so that it will be in 
line with the mean angle of all the guys connecting to the 
anchor. Earth screws are suitable for use in normal soil 
where permitted by local building codes. Information about 
screw anchors is available from the manufacturers of these 
devices. Information from a supplier specializing in this 
type of anchor can be found at www.abchance.com. 

The alternative to earth screws is the concrete block 
anchor. Fig 28C shows the installation of this type of 
anchor; it is suitable for any soil condition, with the pos- 
sible exception of a bed of lava rock or coral. Consult the 
instructions from the manufacturer, or your tower 
designer, for the precise anchor configuration. 

Turnbuckles and associated hardware are used to 
attach guy wires to anchors and to provide a convenient 
method for adjusting tension. Fig 29A shows a turnbuckle 
with a single guy wire attached to the eye of the anchor. 
Turnbuckles are usually fitted with either two eyes, or 
one eye and one jaw. The eyes are the oval ends, while 
the jaws are U-shaped with a bolt through each tip. 





Fig 27—Two methods of attaching guy wires to tower. 
See text for discussion. 








It Takes Only Two People 
to Install The Anchor 


(B) 





Fig 28—Two standard types of guy anchors. The earth 
screw shown at A is easy to install and widely available, 
but may not be suitable for use in certain soils. The 
concrete anchor is more difficult to install properly, but 
it is suitable for use with a wide variety of soil condi- 
tions and will satisfy most building code requirements. 
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Fig 29—Variety of means available for attaching guy 
wires and turnbuckles to anchors. 


Fig 29B shows two turnbuckles attached to the eye of an 
anchor. The procedure for installation is to remove the 
bolt from the jaw, pass the jaw over the eye of the anchor 
and reinstall the bolt through the jaw, through the eye of 
the anchor and through the other side of the jaw. 

If two or more guy wires are attached to one anchor, 
equalizer plates should be installed (Fig 29C). In addi- 
tion to providing a convenient point to attach the turn- 
buckles, the plates pivot slightly to equalize the various 
guy loads and produce a single load applied to the 
anchor. Once the installation is complete, a safety wire 
should be passed through the turnbuckles in a figure-eight 
fashion to prevent the turnbuckles from turning and get- 
ting out of adjustment (Fig 29D). 

All guyed towers require the guys to be installed with 
a certain amount of pre-tension. The tower manufacturer 
or designer specifies the required pre-tension values, 
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which are usually 10% of the cable breaking strength. 
Pre-tension is necessary to eliminate looseness in the cable 
caused by the spiral wire construction and to eliminate 
excessive dynamic guy and tower motion under wind 
loading. The recommended method for adjusting the guys 
is to use a cable tension-measuring device such as the 
popular Loos Guy Wire Tensioner. The guy is gripped with 
a special clamp, such as the Klein Cable Grip, which is 
connected to the anchor below the eye (or equalizer plate) 
with a block and tackle arrangement (Fig 23) or a 
ratcheting come-along. Then the turnbuckle is adjusted 
to take up the load, the cable grip is released and the final 
guy tension is adjusted and checked. 

When you adjust the guys at each level, you should 
check the tower for vertical alignment and straightness. 
This is often done with a transit from two ground points 
located 90° from each other. 


Resonance in Guy Wires 


If guy wires are resonant at or near the operating 
frequency, they can receive and reradiate RF energy. By 
behaving as parasitic elements, the guy wires may alter 
and thereby distort the radiation pattern of a nearby 
antenna. For low frequencies where a dipole or other simple 
antenna is used, this is generally of little or no consequence. 
But at the higher frequencies where a unidirectional 
antenna is installed, it is desirable to avoid pattern distor- 
tion if at all possible. The symptoms of re-radiating guy 
wires are usually a lower front to back ratio and a lower 
front to side ratio than the antenna is capable of produc- 
ing. The gain of the antenna and the feed-point impedance 
will usually not be significantly affected, although some- 
times changes in SWR can be noted as the antenna is 
rotated. (Of course other conductors in the vicinity of the 
antenna can also produce these same symptoms.) 

The amount of re-radiation from a guy wire depends 
on two factors—its resonant frequency, and the degree 
of coupling to the antenna. Resonant guy wires near the 
antenna will have a greater effect on performance than 
those that are farther away. Therefore, the upper portion 
of the top level of guy wires should warrant the most 
attention with horizontally polarized arrays. The lower 
guy wires are usually closer to horizontal than the top 
level, but by virtue of their increased distance from the 
antenna, are not coupled as tightly to the antenna. 

To avoid resonance, the guys should be broken up 
by means of egg or strain insulators. Fig 30 shows wire 
lengths that fall within 10% of '/2-\ resonance (or a multi- 
ple of '/2 A) for all the HF amateur bands. Unfortunately, 
no single length greater than about 14 feet avoids reso- 
nance in all bands. If you operate just a few bands, you 
can locate greater lengths from Fig 30 that will avoid reso- 
nance. For example, if you operate only the 14-, 21- and 
24-MHz bands, guy wire lengths of 27 feet or 51 feet 
would be suitable, along with any length less than 16 feet. 
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Fig 30—The black bars indicate ungrounded guy wire lengths to avoid for the eight HF amateur bands. This chart 
is based on resonance within 10% of any frequency in the band. Grounded wires will exhibit resonance at odd 


multiples of a quarter wavelength. (By Jerry Hall, K1TD.) 


THE RIGHT TOWER FOR YOUR 
ANTENNA 


Most manufacturers rate their towers in terms of the 
maximum allowable antenna load that can safely be carried 
at a specific wind speed. Ensuring that the specific anten- 
nas you plan to install meet the tower’s design criteria, 
however, may not always be a straightforward task. 

For most towers, the manufacturer assumes that the 
allowable antenna load is a horizontal force applied at 
the top of the tower. The allowable load represents a 
defined amount of exposed antenna area, at a specified 
wind velocity. Most tower manufacturers rate the load in 
terms of Flat Projected Area (FPA). This is simply the 
equivalent area of a flat rectangular surface at right angles 
to the wind. The FPA is not related to the actual shape of 
the antenna itself, only its rectangular projected area. 
Some manufacturers provide separate FPAs for antennas 
made from cylindrical sections and those made from rect- 
angular sections. 

In the realm of antenna manufacturers, however, 
you may encounter another wind load rating called the 
Effective Projected Area (EPA). This attempts to take 
into account the actual shape of antenna elements. The 
problem is that there is no agreed-upon standard for the 
conversion from EPA to load numbers. Different manu- 
facturers may use different conversion factors. 

Since most tower manufacturers have provided FPA 


figures for their towers—allowing us in effect to ignore 

design-specification details—it would be easiest for us 

to work only with FPA values for our antennas. This would 
be fine, if indeed we had good FPA figures for the spe- 
cific antennas we plan to use! Unfortunately, FPAs are 

rarely specified for commercially built amateur antennas. 
Instead, most antenna manufacturers provide effective 

areas in their specification sheets. You may need to con- 
tact the antenna manufacturer directly for the FPA antenna 
area or for the antenna dimensions so that you can do 

your own FPA calculations. 


Determining Antenna Areas 


The method for determining the flat projected area 
of an antenna is quite simple. We’ll use a Yagi antenna as 
an example. There are two worst-case areas that should 
be considered here. The first is the FPA of all the ele- 
ments when the wind blows in the direction along the 
boom; that is, at right angles to the elements. The second 
FPA for a Yagi is when the wind is at right angles to the 
boom. One of these two orientations produces the worst- 
case exposed antenna area—all other wind angles present 
lower exposed areas. The idea is to take the highest of 
the FPAs for these two wind directions and call that the 
FPA of the antenna structure. See Fig 31A. 

The element FPA is calculated by multiplying each 
element’s dimension of length by its diameter and then 
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Fig 31—Description of how loads are developed ona 
Yagi. At A, Fr is the resultant force from the wind load 
on a generalized member. Fd is the load acting down- 
wind (drag) that creates the load on the tower. Fc is the 
lateral component of the wind load. The term A is the 
flat projected area (FPA), which is the broadside area 
normal to the wind. The term P is the wind pressure. At 
B, Ae is the total element area, while Ab is the total 
boom area. All the loads due to the wind act normal to 
the antenna sections—the force on element #1 (Fe1) 
acts along the axis of the boom, for example. At C, a 
plot of the effective FPA as a function of the azimuthal 
wind direction for a Yagi, ignoring drag coefficients. The 
Yagi in this example has 9.0 square feet of element FPA 
and 6.0 square feet of boom FPA. The worst-case FPAs 
occur with the beam pointed in the wind and with the 
boom broadside to the wind. To determine the actual 
tower loading, the actual drag coefficients and wind 
pressures must be used. 


summing the FPAs for all elements. The boom’s FPA is com- 
puted by multiplying the boom’s length by its diameter. 
The reason for considering two potential peak-load 
orientations becomes clear when different frequency 
antennas are stacked on a mast or tower. Some antennas 
produce peak loads when the elements are broadside to 
the wind. This is typical of low-frequency Yagis, where 
the elements are long lengths of aluminum tubing. On 
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the other hand, the boom can dominate the surface area 
computations in higher-frequency Yagis. 

The fundamentals responsible for the need to 
examine both potential FPAs for Yagis relates to how wind 
flows over a structure and develops loads. Called The 
Cross-Flow Principle, this was introduced to the com- 
munications industry by Dick Weber, K5IU, in 1993. The 
principle is based on the fact that the loads created by 
wind flowing across an antenna member only produce 
forces that are normal to (or perpendicular to) the major 
axis of the member. The resultant and component load 
calculations for this method are shown in Fig 31A. 

For a Yagi, this means that wind forces on the ele- 
ments act in-line with the boom, while forces on the boom 
act in-line with the elements. Fig 31B shows a force dia- 
gram for a typical Yagi. Fig 31C shows the FPA for a 
Yagi rotated through 90° of azimuth. 


Antenna Placement on the Mast/Tower 


Another important consideration is where the 
antenna(s) will be placed on the tower. As mentioned 
before, most generic tower specifications assume that the 
entire antenna load is applied at the top of the tower. Most 
amateur installations have a tubular mast extending above 
the tower top, turned by a rotator mounted down inside 
the tower. Multiple Yagi antennas are often placed on the 
mast above the tower top, and you must make sure that 
both the tower and the mast can withstand the wind forces 
on the antennas. 

For freestanding towers, you can determine how a 
proposed antenna configuration compares to the tower 
manufacturer’s rating by using an Equivalent Moment 
method. The method computes the bending moment gen- 
erated at the base of the tower by wind loads on the tower’s 
rated antenna area located right at the top of the tower 
and compares that to the case when the antenna is mounted 
on a mast sticking out of the top of the tower. 

The exact value of wind pressure is not important, 
so long as it is the same for both comparisons. The wind 
load on the tower itself can be ignored because it is the 
same in both comparisons and the drag coefficients for 
the antennas can also be ignored if all calculations are 
performed using flat projected antenna areas, as we’ve 
recommended previously. 

Keep in mind that this approach does not calculate 
actual loads and moments relevant to any specific tower 
design standard, but it does allow equivalent comparisons 
when the wind pressure is constant and all the antenna 
areas are of the same type. An example is in order. 

Fig 32A shows a generic tower configuration, with 
a concentrated antenna load at the top of the tower. We’ll 
assume that the tower manufacturer rates this tower at 
20 square feet of flat projected antenna area. Fig 32B 
shows a typical amateur installation with a rotating mast 
and an antenna mounted 7 feet above the top of the tower. 
To make the calculations easy, we select a wind pressure 
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Fig 32—At A, a 70-foot tower rated for 20 square feet of 
antenna load at the top. At B, the same tower with a 2- 
inch OD x 20-foot long mast, with an antenna mounted 
7 feet above the top of the tower. Both configurations 
produce the same tower load. 


of 1 pound per square foot (1 psf). This makes the tower 
base moment calculation for Fig 32A: 


Antenna load = 20 feet? x 1 psf = 20 pounds 
Base moment = 70 feet x 20 pounds = 
1400 foot-pounds. 


This is the target value for the comparison. An 
equivalent configuration would produce the same base 
moment. For the configuration in Fig 32B, we assume a 
tubular 2-inch diameter mast that is 20 feet long, mounted 
5 feet down inside the tower. Note that the lattice struc- 
ture of the tower allows the wind to “see” the whole length 


of the mast and that we can consider the force distributed 
along the mast as being a single force concentrated at the 
mast’s center. The flat projected area of the mast by 
itself, without the antenna, is: 


Mast area = 20 feet x 2 inches / 12 inches/foot = 
3.33 square feet 


The center of the mast is located at a height of 
75 feet. Using the same 1-psf-wind load, the base bend- 
ing moment due to the mast alone is: 


Base moment (due to mast) = 3.33 feet? x 1 psf x 
75 feet = 249.75 foot-pounds 


Including the mast in the configuration reduces the 
allowable antenna load. The remaining target base 
moment left for the antenna is found by subtracting the 
moment due to the mast from the original target value: 


New base target moment = 1400 - 249.75 foot-pounds 
= 1150.25 foot-pounds. 


The antenna in Fig 32B is located at a height of 
77 feet. To obtain the allowable antenna area at this eleva- 
tion we divide the new base target moment by the antenna 
height, yielding an allowable antenna load of: 


1150.25 foot-pounds / 77 feet = 14.94 pounds. 


Since we chose a wind load of 1 psf, the allowable 
antenna FPA has been reduced to 14.94 square feet from 
20 square feet. If the projected area of the antenna we 
are planning to mount in the new configuration is less 
than or equal to this value, we have satisfied the require- 
ments of the original design. You can use this equiva- 
lent-moment method to evaluate different configurations, 
even ones involving multiple antennas on the mast or situ- 
ations with additional antennas placed along the tower 
below the tower top. 

For guyed towers, the analyses become much more 
rigorous to solve. Because the guys and their behaviors 
are such a significant portion of the tower support mecha- 
nism, these designs can become very sensitive to antenna 
load placements. A general rule of thumb for guyed towers 
is never to exceed the original tower-top load rating, 
regardless of distributed loads along its length. Once you 
redistribute the antenna load placements along a guyed 
tower, you should do a fresh analysis, just to be sure. 

You can run evaluations using the above method for 
antennas placed on the mast above a guyed tower top. 
The use of the Equivalent-Moment method for antennas 
mounted below the top of a guyed tower, however, can 
become quite suspect, since many generic tower designs 
have their intermediate guys sized for zero antenna loads 
lower down the tower. The proper approach in this case 
is to have a qualified mechanical engineer check the con- 
figuration, to see if guy placement and strength is 
adequate for the additional antennas down the tower. 

Mounting the mast and antenna as shown in Fig 32B 
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increases tower loads in the region of the mast. You should 
investigate these loads to ensure that the tower bracing in 
that area is sufficient. Now we will consider the problem 
of bending the rotating mast. 


Mast Strength 


When you mount antennas on a mast above the tower 
top, you should examine the bending loads on the mast 
to ensure that it will be strong enough. This section 
explains how to perform mast stress calculations for a 
single sustained wind speed. This procedure does not 
include height, exposure and gust-response factors found 
in most tower design standards. 

Here are some fundamental formulas and values used 
to calculate the bending stress in a mast mounted in the 
top of a tower. The basic formula for wind pressure is: 


P = .00256 V2 (Eq 1) 


where 
P is the wind pressure is in pounds per square foot 


(psf) 


V = wind speed in miles per hour (mph) 


This assumes an air density for standard tempera- 
ture and atmospheric pressure at sea level. The wind speed 
is not the Basic Wind Speed discussed in other sections 
of this chapter. It is simply a steady state (static) wind 
velocity. 


The formula for calculating the force created by the 
wind on a structure is: 


F=PxAxCy (Eq 2) 


where 
P = the wind pressure from Eq (1) 
A = the flat projected area of the structure (square 
feet) 
C, = drag coefficient for the shape of the structure’s 
members. 


The commonly accepted drag coefficient for long 
cylindrical members like the tubing used for the mast and 
antenna is 1.20. The coefficient for a flat plate is 2.0. 

The formula used to find the bending stress in a 
simple beam like our mast is: 


Mxc 
o= 
I 





(Eq 3) 


where 


o = the stress in pounds per square inch (psi) 

M = bending moment at the base of the mast (inch- 
pounds) 

c = % of the mast outside diameter (inches) 

I = moment of inertia of the mast section (inches*) 


In this equation you must make sure that all values 
are in the same units. To arrive at the mast stress in pounds 
per square inch (psi), the other values need to be in inches 
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and pounds also. The equation used to find the moment 
of inertia for the round tubing mast section is: 


Tl 
I= qe 25") (Eq 4) 
where 


I = Moment of Inertia of the section (inches*) 
R = Radius of tube outside diameter (inches) 
r = Radius of tube inside diameter (inches) 


This value describes the distribution of material 
about the mast centroid, which determines how it behaves 
under load. The equation used to compute the bending 
moment at the base of the mast (where it is supported by 
the tower) is: 


M = (Fy X Ly) + (Fa XL) (Eq 5) 


where 
F = wind force from the mast (pounds) 
1s = Distance from tower top to center of mast 
(inches) 
F, = Wind force from the antenna (pounds) 
L, = Distance from tower top to antenna 
attachment (inches) 


Ly is the distance to the center of the portion of the 
mast extending above the tower top. Additional antennas 
can be added to this formula by including their F x L. In 
the installation shown in Fig 32B, a wind speed of 
90 mph, and a mast that is 2 inches OD, with a 0.250- 
inch wall thickness, the steps for calculating the mast 
stress are: 


1. Calculate the wind pressure for 90 mph, from Eq 1: 
P = .00256 V2 = .00256 x (90)? = 20.736 psf 


2. Determine the flat projected area of the mast. The por- 
tion of the mast above the tower is 15 feet long and 
has an outside diameter of 2 inches, which is 2/12 
feet. 


Mast FPA, Ay = 15 feet x (2 inches / 12 inches/feet) = 
2.50 square feet. 


3. Calculate the wind load on the mast, from Eq 2: 


Mast Force, Fy; =P x A x Cy = 
20.736 psf x 2.50 feet? x 1.20 = 62.21 pounds 


4. Calculate the wind load on the antenna: From Eq 2 


Antenna Force, F, = P x A x Cy = 20.736 psf x 
14.94 feet? x 1.20 = 371.76 pounds 


5. Calculate the mast Bending Moment, from Eq 5: 


M=(Fy x Ly) + (Fa x La) 
= (62.21 pounds x 90 inches) + (371.76 pounds x 
84 inches) = 36827 inch-pounds 


where L), = 7.5 feet x 12 inches/foot = 90 inches and Ly 
= 7.0 feet x 12 inches/foot = 84 inches. 


6. Calculate the mast Moment of Inertia, from Eq 4: 





I= F(R" r4)= 7 04 — 0.754) = 0.5369 inches* 

where, for a 2.0-inch OD and 0.250-inch wall thickness 
tube, R= 1.0 andr =0.75. 

7. Calculate the mast Bending Stress, from Eq 3: 


a2 Mxc _ 36827 inch- pounds x1.0 inches 
I 0.5369 





= 68592 psi 


If the yield strength of the mast material is greater 
than the calculated bending stress, the mast is considered 
safe for this configuration and wind speed. If the calcu- 
lated stress is higher than the mast yield strength, a stron- 
ger alloy, or a larger mast, or one with a thicker wall is 
required. 

There are many different materials and manufactur- 
ing processes for tubing that may be used for a mast. Yield 
strengths range from 25,000 psi to nearly 100,000 psi. 
Knowing the minimum yield strength of the material used 
for a mast is an important part of determining if it will be 
safe. Using unknown materials renders efforts from the 
preceding calculations useless! 

When evaluating a mast with multiple antennas 
attached to it, special care should be given to finding the 
worst-case condition (wind direction) for the system. 
What may appear to be the worst load case, by virtue of 
the combined flat projected antenna areas, may not always 
be the exposure that creates the largest mast bending 
moment. Masts with multiple stacked antennas should 
always be examined to find the exposure that produces 
the largest mast bending moment. The antenna flat pro- 
jected areas at 0° and 90° azimuths are particularly use- 
ful for this evaluation. 


ANTENNA INSTALLATION 


All antenna installations are different in some 
respects. Therefore, thorough planning is the most impor- 
tant first step in installing any antenna. Before anyone 
climbs the tower, the whole process should be discussed 
to be sure each crewmember understands what is to be 
done. And remember that the person on the tower is in 
charge! Coordinate beforehand what signals and commands 
are used: “Up” or “Up Slowly” for raising something from 
the ground; “Down” or “Down Slowly” for the opposite. 

“Watch Out!” or “Watch Out Below!” works for 
dropped hardware or tools to alert the ground crew below. 
Remember, once someone is on the tower, no one should 
be allowed to stand near the base of the tower! 

Consider what tools and parts must be assembled 
and what items must be taken up the tower, and plan 
alternative actions for possible trouble spots. Extra trips 
up and down the tower can be avoided by careful plan- 
ning. 

If done properly, the actual work of getting the 
antenna into position can be executed quite easily with 


only one person at the top of the tower. The ground crew 
should do all the heavy work and leave the person on the 
tower free to guide the antenna into position. Because 
the ground crew does all the lifting, a large pulley, pref- 
erably on a gin pole placed at the top of the tower, is 
essential. Local radio clubs often have gin poles avail- 
able for use by their members. Stores that sell tower 
materials frequently rent gin poles as well. 

A gin pole should be placed along the side of the 
tower so the pulley is no more than 2 feet above the top 
of the tower (or the point at which the antenna is to be 
placed). Normally this height is sufficient to allow the 
antenna to be positioned easily. An important reason that 
the pulley is placed at this level is that there can be con- 
siderable strain on the gin pole when the antenna is pulled 
away from the tower to maneuver past guy wires. 

Sometime the mast to which the antenna will be 
mounted is used as a place to hang the pulley. You should 
take care that you don’t end up bending the mast by plac- 
ing the pulley too high on the mast. It may be necessary 
to back-guy the mast on the opposite side of the tower 
from which the antenna is raised. 

The rope (halyard) through the pulley must be some- 
what longer than twice the tower height so that the ground 
crew can raise the antenna from ground level. The rope 
should be % or */s inch diameter for both strength and 
ease of handling. Smaller diameter rope is less easily 
manipulated; it has a tendency to jump out of the pulley 
track and foul pulley operation. 

The first person to climb the tower should carry an 
end of the halyard so that the gin pole can be lifted and 
secured to the tower. Those climbing the tower must have 
safety belts. Belts provide safety and convenience; it is 
simply impossible to work effectively while hanging onto 
the tower with one hand. 

Once positioned, the gin pole and pulley allow parts 

and tools to be sent up the tower. A useful trick for send- 
ing up small items like bolts and pliers is for a ground 
crew member to slide them through the rope strands where 
they are held by the rope for the trip to the top of the 
tower. Items that might be dislodged by contact with the 
tower should either be taped or tied to the halyard. 
Ever present is the hazard of falling tools or hardware. It 
is foolish to stand near a tower when someone is working 
above. Ground crew member should wear hard-hats as 
extra insurance. 


Raising the Antenna Alongside the Tower 


A technique that can save much effort in raising the 
antenna is outlined here. First, the halyard is passed through 
the gin-pole pulley or the pulley mounted to the mast, and 
the leading end of the rope is returned to the ground crew, 
where it is tied to the antenna. The assembled antenna 
should be placed in a clear area of the yard (or the roof) so 
the boom points toward the tower. The halyard is then 
passed under the front elements of the beam to a position 
past the midpoint of the antenna, where it is securely tied 
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to the boom (Fig 33A). 

Note that once the antenna is installed, the tower 
worker must be able to reach and untie the halyard from 
the boom; the rope must be tied less than an arm’s length 
along the boom from the mounting point. If necessary, a 
large loop may be placed around the first element located 
beyond the midpoint of the boom, with the knot tied near 
the center of the antenna. The rope may then be untied 
easily after completion of the installation. The halyard 
should be tied temporarily to the boom at the front of the 
antenna by means of a short piece of light rope or twine. 

While the antenna is being raised, the ground crew 
does all the pulling. As soon as the front of the antenna 
reaches the top of the mast, the person atop the tower 
unties the light rope and prevents the front of the antenna 
from falling, as the ground crew continues to lift the 
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antenna (Fig 33B). When the center of the antenna is even 
with the top of the tower, the tower worker puts one bolt 
through the mast and the antenna-mounting bracket on 
the boom. The single bolt acts as a pivot point and the 
ground crew continues to lift the back of the antenna with 
the halyard (Fig 33C). After the antenna is horizontal, 
the tower worker secures the rest of the mounting bolts 
and unties the halyard. By using this technique, the tower 
worker performs no heavy lifting. 


Avoiding Guy Wires 
Although the same basic methods of installing a Yagi 
apply to any tower, guyed towers pose a special problem. 
Steps must be taken to avoid snagging the antenna on the 
guy wires. With proper precautions, however, even large 
antennas can be pulled to the top of a tower, even if the 
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Fig 33—Raising a Yagi antenna alongside the tower. At A the Yagi is placed in a clear area, with the boom pointing 
toward the tower. The halyard is passed under the elements, then is secured to the boom beyond the midpoint. B 
shows the antenna approaching the top of the mast. The person on the tower guides it after the lifting rope has 
been untied from the front of the antenna. At C the antenna is pulled into a horizontal position by the ground crew. 
The tower worker inserts the pivot bolt and secures it. Note: A short piece of rope is tied around the halyard and 
the boom at the front of the antenna to stabilize the beam as it is being raised. The tower worker removes it when 
the boom reaches him at the top of the tower. 
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Fig 34—Building a Yagi partway down the tower. At A, 
the boom is lashed temporarily to the tower and 
elements are added, starting at the bottom. At B, the 
temporary rope securing the boom to the tower is 
removed and the boom is rotated 90° so that the 
elements are vertical. At C, the boom is rotated another 
90°, “weaving through” guy wires if necessary, until the 
elements are parallel with the ground, whereupon the 
boom is secured to the tower. 


mast is guyed at several levels. 

Sometimes one of the top guys can provide a track 
to support the antenna as it is pulled upward. Insulators 
in the guys, however, may obstruct the movement of the 
antenna. A better track made with rope is an alternative. 
One end of the rope is secured outside the guy anchors. 
The other end is passed over the top of the tower and 
back down to an anchor near the first anchor. So arranged, 
the rope forms a narrow V-track strung outside the guy 
wires. Once the V-track is secured, the antenna may 
simply be pulled up, resting on the track. 

Another method is to tie a rope to the back of the 
antenna (but within reach of the center). The ground crews 
then pull the antenna out away from the guys as the 
antenna is raised. With this method, some crewmembers 
are pulling up the antenna to raise it while others are pull- 
ing down and out to keep the beam clear of the guys. 
Obviously, the opposing crews must act in coordination 
to avoid damaging the antenna. The beam is especially 
vulnerable when it begins to tip into the horizontal posi- 
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tion. If the crew continues to pull out and down against 
the antenna, the boom can be broken. Another problem 
with this approach is that the antenna may rotate on the 
axis of the boom as it is raised. To prevent such rotation, 
long lengths of twine may be tied to outer elements, one 
piece on each side of the boom. Ground personnel may 
then use these tag lines to stabilize the antenna. Where 
this is done, provisions must be made for untying the 
twine once the antenna is in place. 

A third method is to tie the halyard to the center of 
the antenna. A crewmember, wearing a safety belt, walks 
the antenna up the tower as the crew on the ground raises 
it. Because the halyard is tied at the balance point, the 
tower worker can rotate the elements around the guys. A 
tag line can be tied to the bottom end of the boom so that 
a ground worker can help move the antenna around the 
guys. The tag line must be removed while the antenna is 
still vertical. 

A fourth method is to build the antenna on the tower 
and then swing it into position. (See also the section 
below on the PVC Mount.) Building the Yagi on the tower 
works particularly well for Yagis mounted partway up 
the tower, as you might do in a stacked array. The tech- 
nique works best when the vertical spacing between the 
guys is greater than the length of the Yagi boom. 

Fig 34 illustrates the steps involved. A pull rope 
through a gin-pole or tower-mounted pulley is secured to 
the boom at the final balance point and the ground crew 
raises the boom in a vertical position up the tower. A tie 
rope is used to temporarily secure the upper end of the 
boom to keep it stable while the boom is being raised. 
The tower person removes the tie-rope once the boom is 
raised to the right level and has been temporarily secured 
to the tower. 

The elements are then brought up one at a time and 
mounted to the boom. It helps if you have a 2- or 3-foot 
long spotting mast temporarily attached to the boom to 
form a 90° frame of reference. This allows the ground 
crew to spot from below so that the elements are all lined 
up in the same plane. After all the elements are mounted 
and aligned properly, the temporary rope securing the 
boom to the tower is released, suspending the antenna on 
the pull rope. The tower person then rotates the boom 
90° so that the elements are vertical. Next the elements 
are rotated 90° into the tower so that they are parallel to 
the ground. The ground crew then moves the boom up or 
down using the pull rope to the final point where it is 
mounted to the tower. 

A modification of this technique also works for 
building a medium-sized Yagi on the top of the tower. 
This technique will work if the length of the gin pole at 
maximum safe extension is long enough. See Fig 35. 

As usual, the gin-pole pull rope is attached to the 
balance point of the boom and the boom is pulled up the 
tower in the vertical position, using a rope to temporarily 
tie the pull rope to the top end of the boom for stability. 
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Fig 35—Building a Yagi at the top of the tower. The 
length of the gin pole must be longer than ‘/2 the boom 
so that the boom can be hoisted upwards to the place 
where it is mounted to the mast. Usually the boom is 
initially lashed to the tower slanted slightly from 
vertical so that the top element ends up behind the gin 
pole. The elements are mounted at the bottom end of 
the boom first to provide stability. Then the element at 
the top of the boom is mounted and the boom is moved 
upwards using the gin-pole hoist rope so that the next- 
to-top element may be mounted, again behind the gin 
pole. This process is repeated until all elements are 
mounted (save possibly the middle element if it can be 
reached easily from the tower once the beam has been 
mounted to the mast). Then the boom is tilted to the 
final position, weaving the elements to clear guy wires 
if necessary. 


The boom is temporarily secured to the tower with rope 
in the vertical position so that the top end is just higher 
than the top of the tower. In order to clear the gin pole 
when the elements are mounted and the boom is raised 
higher to mount the next element, you must tilt the boom 
slightly so that the element mounted to the top end of the 
boom will be behind the mast. This is very important! 
The elements are first mounted to the bottom side 
of the boom to provide weight down below for stability. 
Then the top-most element is mounted to the boom. The 
tower person removes the temporary rope securing the 
boom to the tower and the ground crew uses the pull rope 


to move the mast vertically upwards to the point where 
the next element from the top can be mounted. Once all 
the elements are mounted and aligned in the same plane 
(with perhaps the center element closest to the mast-to- 
boom bracket left on the ground until later), the tempo- 
rary securing rope is removed. The boom is now swung 
so that the elements can be maneuvered to clear the top 
guy wires. Once the elements are horizontal the boom is 
secured to the mast and the center element is mounted. 


Using aTram 


Another method to get a large Yagi to the top of the 
tower safely is a tram. A tram supports the antenna under 
the tram wire, using a pulley riding on the tram wire. The 
antenna can thus move more freely—without the friction 
it would have riding on top of a track rope, as described 
previously. This puts considerably less strain on the tram 
wire itself and on the mast to which it is tied on the tower. 
Some installers prefer to use a wire-rope tramline for its 
reduced sag. 

The tram method uses an easily constructed fixture 
mounted to the boom of the Yagi to stabilize it from 
rotating away from the desired attitude as the antenna is 
raised. A guy-wire cable or heavy rope is fixed to the 
mast about two feet above the point where the antenna 
will mount to the mast. A come-along is often used at the 
ground end to tension the tram wire properly. It is often 
necessary to back-guy the mast to make sure it doesn’t 
get bent, since the horizontal forces acting on the mast 
can be considerable in any tram (or track) operation. (Note 
that the tram technique works well for side-mounted 
antennas also, where back-guying is not necessary if you 
are reasonably close to a guy set, as is usually the case.) 

Fig 36 is a photograph of a tram fixture built by Kurt 
Andress, K7NV. This consists of a pulley riding on top 
of the tramline. This pulley is attached using a caribiner 
or shackle to two equal-length wires connected to the 
boom to make an inverted-V shaped sling. The two sling 
wires are secured to the boom using angle irons and muf- 
fler clamps so that the antenna is perfectly balanced in 
the horizontal plane. Balance is very important to make 
sure the antenna rises properly on the tram without hav- 
ing the boom rotate downward on one end or the other. 

The hoisting 
rope’ running 
through the tower- 
mounted gin-pole 
pulley (and used by 
the ground crew to 
pull the antenna up 
to the tower on the 
tram line) is at- 
tached to a 2-foot 
piece of angle iron. 
This is attached to 
the boom with a 





Fig 36—Photo of the tram 
system used by Kurt Andress, 
K7NV. (Photo by K7NV.) 


muffler clamp. Note that the angle iron is rotated slightly 
from horizontal so that the plane of the elements is tilted 
upwards—this allows the elements to clear the guy wires 
as the antenna is raised. (While the antenna is close to 
the ground, the angle iron is adjusted so that the elements 
remain horizontal. Once they are clear of the ground, the 
angle iron is readjusted to align the elements in the proper 
direction to clear the guy wires on the tower.) The force 
of the pull rope along the angle iron also stabilizes the 
antenna from yawing from side-to-side. Note in Fig 36 
that the angle iron is mounted just off-center from where 
the boom-to-mast plate will be attached so that it clears 
the mast as the antenna nears the top of the tower. Fig 37 
diagrams how the tram and hoisting line are rigged to the 
mast. 

The tower person directs the activity of the ground 
crew below and guides the antenna to the mast. Once the 
end of the pull rope reaches the mast, the tower man ties 
the boom temporarily to the mast so that he can undo the 
pull rope from the tram-fixture angle iron and retie it 
around the boom. Then the antenna can be raised to the 
point where it can be mounted to the mast. 

This technique has been employed to raise Yagis with 
booms as long as 42 feet at the N6RO contest station on 
towers as high as 130 feet. As with the track, the tram 
system requires a good deal of open real estate. While it 
sounds complicated to set up, you can raise some rather 
large antennas in less than an hour, once you get the hang 
of the operation. 


THE PVRC MOUNT 


The methods described above for hoisting antennas 
are sometimes not satisfactory for really large, heavy 
arrays. The best way to handle large Yagis is to assemble 
them on top of the tower. One way to do this easily is by 
using the PVRC Mount. Many members of the Potomac 
Valley Radio Club have successfully used this method to 
install large antennas. Simple and ingenious, the idea 
involves offsetting the boom from the mast to permit the 
boom to tilt 360° and rotate axially 360°. This permits 
the entire length of the boom to be brought alongside the 
tower, allowing the elements to be attached one by one. 
(It also allows any part of the antenna to be brought along- 
side the tower for antenna maintenance.) 

See Figs 38 through 42. The mount itself consists 
of a short length of pipe of the same diameter as the rota- 
ting mast (or greater), a steel plate, eight U bolts and four 
pinning bolts. The steel plate is the larger, horizontal one 
shown in Fig 38. Four U bolts attach the plate to the rotat- 
ing mast, and four attach the horizontal pipe to the plate. 
The horizontal pipe provides the offset between the 
antenna boom and the tower. The antenna boom-to-mast 
plate is mounted at the outer end of the short pipe. Four 
bolts are used to ensure that the antenna ends up parallel 
to the ground, two pinning each plate to the short pipe. 
When the mast plate pinning bolts are removed and the 
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Fig 37—At A, bird’s-eye view of tram system used to bring large Yagi antennas from the ground to the top of the 
tower. At B, side view of rigging used for tramline and hoisting line, along with the sling and tram fixture used to 


hold the Yagi on the tramline. 


four U bolts loosened, the short pipe and boom plate can 
be rotated through 360°, allowing either half of the boom 
to come alongside the tower. 

First assemble the antenna on the ground. Carefully 
mark all critical dimensions, and then remove the antenna 
elements from the boom. Once the rotator and mast have 
been installed on the tower, a gin pole is used to bring the 
mast plate and short pipe to the top of the tower. There, the 
top crew unpins the horizontal pipe and tilts the antenna 
boom plate to place it in the vertical plane. The boom is 
attached to the boom plate at the final balance point of the 
assembled antenna. It is important that the boom be rotated 
axially so the bottom side of the boom is closest to the tower. 
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This will allow the boom to be tilted without the elements 
striking the tower. 

During installation it may be necessary to loosen one 
guy wire temporarily to allow for tilting of the boom. As 
a safety precaution, a temporary guy should be attached 
to the same leg of the tower just low enough so the 
assembled antenna will clear it. 

The elements are assembled on the boom, starting 
with those closest to the center of the boom, working out 
alternately to the farthest director and reflector. This pro- 
cedure must be followed. If all the elements are put first 
on one half of the boom, it will be dangerous (if not 
impossible) to put on the remaining elements. By start- 





Fig 38—The PVRC mount, boom plate, mast and rotator 
ready to go. The mast and rotator are installed on the 
tower first. 





Fig 39—Close-up of the PVRC mount. The long pipe 
(horizontal in this photo) is the rotating mast. The U 
bolts in the vertical plate at the left are ready to accept 
the antenna boom. The heads of two locking pins 
(bolts) are visible at the midline of the boom plate. The 
other two pins help secure the horizontal pipe to the 
large steel mast plate. (The head of the bolt nearest the 
camera blends in with the right hand leg of the U bolt 
behind it.) 


ing at the middle and working outward, the balance point 
of the partly assembled antenna will never be so far 
removed from the tower that tilting of the boom becomes 
impossible. 

When the last element is attached, the boom is 
brought parallel to the ground, the horizontal pipe is 





Fig 40—Working at the 70-foot level. A gin pole makes 
pulling up and mounting the boom to the boom plate a 
safe and easy procedure. 


pinned to the mast plate, and the mast plate U bolts tight- 
ened. At this point, all the antenna elements will be posi- 
tioned vertically. Next, loosen the U bolts that hold the 
boom and rotate the boom axially 90°, bringing the ele- 
ments parallel to the ground. Tighten the boom bolts and 
double check all the hardware. 

Many long-boom Yagis employ a truss to prevent 
boom sag. With the PVRC mount, the truss must be 
attached to a pipe that is independent of the rotating mast. 
A short length of pipe is attached to the boom as close as 
possible to the balance point. The truss then moves with 
the boom whenever the boom is tilted or twisted. 

A precaution: Unless you have a really strong rota- 
tor, you should consider using this mount mainly for 
assembling the antenna on the tower. The offset between 
the boom and the mast with this assembly can generate 
high torque loads on the rotator. Mounting the boom as 
close as possible to the mast will minimize the torque 
when the antenna is pointed into the wind. 
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Fig 41—Mounting the last element prior to positioning 
the boom in a horizontal plane. 





Fig 42—The U bolts securing the short pipe to the mast 
plate are loosened and the boom is turned to a horizon- 
tal position. This puts the elements in a vertical plane. 
Then the pipe U bolts are tightened and pinning bolts 
secured. The boom U bolts are then loosened and the 
boom turned axially 90°. 


22-30 Chapter 22 


THE TOWER ALTERNATIVE 


A cost saving alternative to the ground-mounted 
tower is the roof-mounted tripod. Units suitable for small 
HF or VHF antennas are commercially available. Perhaps 
the biggest problem with a tripod is determining how to 
fasten it securely to the roof. 

One method of mounting a tripod on a roof is to nail 
2 x 6 boards to the undersides of the rafters. Bolts can be 
extended from the leg mounts through the roof and the 
2 x 6s. To avoid exerting too much pressure on the area 
of the roof between rafters, place another set of 2 x 6s on 
top of the roof (a mirror image of the ones in the attic). 
Installation details are shown in Figs 43 through 46. 

The 2 x 6s are cut 4 inches longer than the outside 
distance between two rafters. Bolts are cut from a length 
of 4-inch-threaded rod. Nails are used to hold the boards 
in place during installation, and roofing tar is used to seal 
the area to prevent leaks. 

Find a location on the roof that will allow the 
antenna to turn without obstruction from such things as 
trees, TV antennas and chimneys. Determine the rafter 
locations. (Chimneys and vent pipes make good refer- 
ence points.) Now the tower is set in place atop three 2 x 
6s. A plumb line run from the top center of the tower can 
be used to center it on the peak of the roof. Holes for the 
mounting bolts can now be drilled through the roof. 

Before proceeding, the bottom of the 2 x 6s and the 
area of the roof under them should be given a coat of roof- 
ing tar. Leave about '/s inch of clear area around the holes 
to ensure easy passage of the bolts. Put the tower back in 
place and insert the bolts and tighten them. Apply tar to 
the bottom of the legs and the wooden supports, including 
the bolts. For added security the tripod can be guyed. Guys 
should be anchored to the frame of the house. 

If a rotator is to be mounted above the tripod, pres- 
sure will be applied to the bearings. Wind load on the 
antenna will be translated into a “pinching” of one side 
of the bearings. Make sure that the rotator is capable of 
handling this additional stress. 


ROTATOR SYSTEMS 


There are not that many choices when it comes to 
antenna rotators for the amateur antenna system. Making 
the correct decision as to how much capacity the rotator 
must have is very important to ensure trouble-free opera- 
tion. Manufacturers generally provide an antenna surface- 
area rating to help the purchase choose a suitable rotator. 
The maximum antenna area is linked to the rotator’s 
torque capability. 

Some rotator manufacturers provide additional 
information to help you select the right size of rotator for 
the antennas you plan to use. Hy-Gain provides an Effec- 
tive Moment value. Yaesu calls theirs a K-Factor. Both of 
these ratings are torque values in foot-pounds. You can 
compute the effective moment of your antenna by multi- 
plying the antenna turning radius by its weight. So long 





Fig 44—This cutaway view illustrates how the tripod 
tower is secured to the roof rafters. The leg to be 
secured to the crosspiece is placed on the outside of the 
roof. Another cross member is fastened to the underside 
of the rafters. Bolts, inserted through the roof and the 
two cross pieces, hold the inner cross member in place 
because of pressure applied. The inner crosspiece can 
be nailed to the rafter for added strength. 





Fig 43—This tripod tower supports a rotary beam 
antenna. In addition to saving yard space, a roof- 
mounted tower can be more economical than a ground- 
mounted tower. A ground lead fastened to the lower 
part of the frame is for lightning protection. The rotator 
control cable and the coaxial line are dressed along two 
of the legs. (Photo courtesy of Jane Wolfert.) 





Fig 45—Three lengths of 2 x 6 wood mounted on the 
outside of the roof and reinforced under the roof by 
three identical lengths provide a durable means for 
anchoring the tripod. A thick coat of roofing tar guards 
against weathering and leaks. 


Fig 46—The strengthened anchoring for the tripod. Bolts are placed through 
two 2 x 6s on the underside of the roof and through the 2 x 6 on the top of 
the roof, as shown in Fig 43. 
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as the effective moment rating of the rotator is greater 
than or equal to the antenna value, the rotator can be 
expected to provide a useful service life. 

There are basically four grades of rotators available 
to the amateur. The lightest-duty rotator is the type typi- 
cally used to turn TV antennas. Without much difficulty, 
these rotators will handle a small 3-element tribander 
array (14, 21 and 28 MHz) or a single 21- or 28-MHz 
monoband three-element antenna. The important consid- 
eration with a TV rotator is that it lacks braking or hold- 
ing capability. High winds turn the rotator motor via the 
gear train in a reverse fashion. Broken gears sometimes 
result. 

The next grade up from the TV class of rotator usu- 
ally includes a braking arrangement, whereby the antenna 
is held in place when power is not applied to the rotator. 
Generally speaking, the brake prevents gear damage on 
windy days. If adequate precautions are taken, this group 
of rotators is capable of holding and turning stacked 
monoband arrays, or up to a five-element 14-MHz sys- 
tem. The next step up in rotator strength is more expen- 
sive. This class of rotator will turn just about anything 
the most demanding amateur might want to install. 

A description of antenna rotators would not be com- 
plete without the mention of the prop pitch class. The 
prop pitch rotator system consists of a surplus aircraft 
propeller blade pitch motor coupled to an indicator sys- 
tem and a power supply. There are mechanical problems 
of installation, however, resulting mostly from the size 
and weight of these motors. It has been said that a prop 
pitch rotator system, properly installed, is capable of turn- 
ing a house. Perhaps in the same class as the prop pitch 
motor (but with somewhat less capability) is the electric 
motor of the type used for opening garage doors. These 
have been used successfully in turning large arrays. 

Proper installation of the antenna rotator can pro- 
vide many years of trouble-free service; sloppy installa- 
tion can cause problems such as a burned out motor, 
slippage, binding and casting breakage. Most rotators are 
capable of accepting mast sizes of different diameters, 
and suitable precautions must be taken to shim an under- 
sized mast to ensure dead-center rotation. It is very 
desirable to mount the rotator inside and as far below the 
top of the tower as possible. The mast absorbs the torsion 
developed by the antenna during high winds, as well as 
during starting and stopping. 

Some amateurs have used a long mast from the top 
to the base of the tower. Rotator installation and service 
can be accomplished at ground level. A mast length of 
10 feet or more between the rotator and the antenna will 
add greatly to the longevity of the entire system by 
allowing the mast to act as a torsion shock absorber. 
Another benefit of mounting the rotator 10 feet or more 
below the antenna is that any misalignment among the 
rotator, mast and the top of the tower is less significant. 
A tube at the top of the tower (a sleeve bearing) through 
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Fig 47—Rotator loop for UHF Yagi array. The feed coax 
is bundled with a control cable for the polarization 
relay. The coax/control-cable loop is taped to the 
rotating mast and to the top of the tower with vinyl 
electric tape to allow the array to be rotated. 


which the mast protrudes almost completely eliminates 
any lateral forces on the rotator casing. All the rotator 
must do is support the downward weight of the antenna 
system and turn the array. 

While the normal weight of the antenna and the mast 
is usually not more than a couple of hundred pounds, even 
with a large system, one can ease this strain on the rota- 
tor by installing a thrust bearing at the top of the tower. 
The bearing is then the component that holds the weight 
of the antenna system, and the rotator need perform only 
the rotating task. 

Don’t forget to provide a loop of coax to allow your 
beam to rotate properly. Make sure you position the rota- 
tor loop so that it doesn’t snag on anything. Fig 47 shows 
a rotator loop for an elliptically polarized UHF Yagi 
array. Note that the coax loop is taped to the rotating mast 
above the top of the tower and to the tower itself. 


Indicator Alignment 


A problem often encountered in amateur installa- 
tions is that of misalignment between the direction indi- 
cator in the rotator control box and the heading of the 
antenna. With a light duty rotator, this happens frequently 
when the wind blows the antenna to a different heading. 
With no brake, the force of the wind can move the gear 
train and motor of the rotator, while the indicator remains 
fixed. Such rotator systems have a mechanical stop to 
prevent continuous rotation during operation, and provi- 
sion is usually included to realign the indicator against 
the mechanical stop from inside the shack. During 
installation, the antenna must be oriented correctly for 
the mechanical stop position, which is usually north. 

In larger rotator systems with an adequate brake, 
indicator misalignment is caused by mechanical slippage 
in the antenna boom-to-mast hardware. Many texts sug- 
gest that the boom be pinned to the mast with a heavy- 
duty bolt and the rotator be similarly pinned to the mast. 
There is a trade-off here. If there is sufficient wind to 
cause slippage in the couplings without pins, with pins 
the wind could break a rotator casting. The slippage will 
act as a clutch release, which may prevent serious dam- 
age to the rotator. On the other hand, the amateur might 
not like to climb the tower and realign the system after 
each heavy windstorm. 


BIBLIOGRAPHY 


Source material and more extended discussions of the 
topics covered in this chapter can be found in the refer- 
ences listed below and in the texts listed at the end of 
Chapter 2. 


L. H. Abraham, “Guys for Guys Who Have To Guy,” OST, 
Jun 1955. 
K. Baker, “A Ladder Mast,” QST, Jun 1981, p 24. 


W. R. Gary, “Toward Safer Antenna Installations,” QST, 
Jan 1980, p 56. 

S. F. Hoerner, “Fluid Dynamic Drag,” published by author, 
Bricktown, New Jersey, 1965, pp 1-10. 

C. L. Hutchinson, “A Tree-Mounted 30-Meter Ground- 
Plane Antenna,” OST, Sep 1984, pp 16-18. 

C. L. Hutchinson, R. D. Straw, Simple and Fun Antennas 
for Hams (Newington: ARRL, 2002). 

M. P. Keown and L. L. Lamb, “A Simple Technique for 
Tower-Section Separation,’ QST, Sep 1979, pp 37- 
38. 

P. O’Dell, “The Ups and Downs of Towers,” QST, Jul 
1981, p 35. 

S. Phillabaum, “Installation Techniques for Medium and 
Large Yagis,” QST, Jun 1979, p 23. 

C. J. Richards, “Mechanical Engineering in Radar and 
Communications” (London: Van Nostrand Reinhold 
Co., 1969) pp 162-165. 

D. Weber “Determination of Yagi Wind Loads Using the 
Cross-Flow Principle,” Communications Quarterly, 
Spring 1993. 

A. B. White, “A Delayed Brake Release for the Ham-II,” 
OST, Aug 1977, p 14. 

B. White, E. White and J. White, “Assembling Big Antennas 
on Fixed Towers,” QST, Mar 1982, pp 28-29 

L. Wolfert, “The Tower Alternative,’ OST, Nov 1980, p 
36. 

W. C. Young., “Roark’s Formulas for Stress & Strain” 
(New York: McGraw-Hill Co., 1989), pp 67, 96 
Structural Standards for Steel Antenna Towers and 

Antenna Supporting Structures, TIA/EJA Standard 
TIA/EIA-222-F, Electronic Industries Association, 
Mar 1996. May be purchased from Telecommunica- 
tions Industry Association (TIA), Standards and 
Technology Department, 2500 Wilson Boulevard, 
Arlington VA, 22201 or Global Engineering Docu- 
ments, 15 Inverness Way East, Englewood, CO, 

80112-5704, 1-800-854-7179. 


Antenna Supports 22-33 





Radio Wave 
Propagation 


Because radio communication is carried on by means 
of electromagnetic waves traveling through the Earth’s 
atmosphere, it is important to understand the nature of these 
waves and their behavior in the propagation medium. Most 
antennas will radiate the power applied to them efficiently, 
but no antenna can do all things equally well, under all cir- 
cumstances. Whether you design and build your own anten- 
nas, or buy them and have them put up by a professional, 


The Nature of 


You probably have some familiarity with the concept 
of electric and magnetic fields. A radio wave is a combina- 
tion of both, with the energy divided equally between them. 
If the wave could originate at a point source in free space, it 
would spread out in an ever-growing sphere, with the source 
at the center. No antenna can be designed to do this, but the 
theoretical isotropic antenna is useful in explaining and mea- 
suring the performance of practical antennas we can build. 
It is, in fact, the basis for any discussion or evaluation of 
antenna performance. 

Our theoretical spheres of radiated energy would 
expand very rapidly at the same speed as the propagation 
of light, approximately 186,000 miles or 300,000,000 
meters per second. These values are close enough for 
practical purposes, and are used elsewhere in this book. 
If one wishes to be more precise, light propagates in a 
vacuum at the speed of 299.7925 meters per microsec- 
ond, and slightly slower in air. 

The path of a ray traced from its source to any point 
on a spherical surface is considered to be a straight line—a 
radius of the sphere. An observer on the surface of the sphere 
would think of it as being flat, just as the Earth seems flat to 
us. A radio wave far enough from its source to appear flat is 
called a plane wave. From here on, we will be discussing 
primarily plane waves. 


you'll need propagation know-how for best results, both dur- 
ing the planning stages and while operating your station. 
For station planning, this chapter contains detailed new 
information on elevation angles from transmitting locations 
throughout the world to important areas throughout the 
world. With this information in hand, you can design your 
own antenna installation for optimum capabilities possible 
within your budget. See the CD-ROM in back of this book. 


Radio Waves 


It helps to understand the radiation of electromagnetic 
energy if we visualize a plane wave as being made up of 
electric and magnetic forces, as shown in Fig 1. The nature 
of wave propagation is such that the electric and magnetic 
lines of force are always perpendicular. The plane contain- 
ing the sets of crossed lines represents the wave front. The 
direction of travel is always perpendicular to the wave front; 
forward or backward is determined by the relative direc- 
tions of the electric and magnetic forces. 

The speed of travel of a wave through anything but a 
vacuum is always less than 300,000,000 meters per second. 
How much less depends on the medium. If it is air, the 
reduction in propagation speed can be ignored in most dis- 
cussions of propagation at frequencies below 30 MHz. In 
the VHF range and higher, temperature and moisture con- 
tent of the medium have increasing effects on the commu- 
nication range, as will be discussed later. In solid insulating 
materials the speed is considerably less. In distilled water 
(a good insulator) the speed is '/ that in free space. In good 
conductors the speed is so low that the opposing fields set 
up by the wave front occupy practically the same space as 
the wave itself, and thus cancel it out. This is the reason for 
“skin effect” in conductors at high frequencies, making metal 
enclosures good shields for electrical circuits working at 
radio frequencies. 
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Fig 1—Representation of the magnetic and electric 
fields of a vertically polarized plane wave traveling 
along the ground. The arrows indicate instantaneous 
directions of the fields for a wave traveling 
perpendicularly out of the page toward the reader. 
Reversal of the direction of one set of lines reverses 
the direction of travel. There is no change in direction 
when both sets are reversed. Such a dual reversal 
occurs in fact once each half cycle. 


Phase and Wavelength 


Because the velocity of wave propagation is so great, 
we tend to ignore it. Only '/7 of a second is needed for a 
radio wave to travel around the world—but in working with 
antennas the time factor is extremely important. The wave 
concept evolved because an alternating current flowing in a 
wire (antenna) sets up moving electric and magnetic fields. 
We can hardly discuss antenna theory or performance at all 
without involving travel time, consciously or otherwise. 

Waves used in radio communication may have frequen- 
cies from about 10,000 to several billion Hz. Suppose the 
frequency is 30 MHz. One cycle, or period, is completed in 
1/30,000,000 second. The wave is traveling at 300,000,000 
meters per second, so it will move only 10 meters during the 
time that the current is going through one complete period of 
alternation. The electromagnetic field 10 meters away from 
the antenna is caused by the current that was flowing one 
period earlier in time. The field 20 meters away is caused by 
the current that was flowing two periods earlier, and so on. 

If each period of the current is simply a repetition of the 
one before it, the currents at corresponding instants in each 
period will be identical. The fields caused by those currents 
will also be identical. As the fields move outward from the 
antenna they become more thinly spread over larger and larger 
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surfaces. Their amplitudes decrease with distance from the 
antenna but they do not lose their identity with respect to the 
instant of the period at which they were generated. They are, 
and they remain, in phase. In the example above, at intervals 
of 10 meters measured outward from the antenna, the phase of 
the waves at any given instant is identical. 

From this information we can define both wave front 
and wavelength. Consider the wave front as an imaginary 
surface. On every part of this surface, the wave is in the 
same phase. The wavelength is the distance between two 
wave fronts having the same phase at any given instant. This 
distance must be measured perpendicular to the wave fronts 
along the line that represents the direction of travel. The 
abbreviation for wavelength is the Greek letter lambda, A, 
which is used throughout this book. 

The wavelength will be in the same length units as the 
velocity when the frequency is expressed in the same time 
units as the velocity. For waves traveling in free space (and 
near enough for waves traveling through air) the wavelength 
is 

_ 299.7925 
meters — “F(MHz) | (Eq 1) 


There will be few pages in this book where phase, 
wavelength and frequency do not come into the discussion. 
It is essential to have a clear understanding of their meaning 
in order to understand the design, installation, adjustment 
or use of antennas, matching systems or transmission lines 
in detail. In essence, phase means time. When something 
goes through periodic variations, as an alternating current 
does, corresponding instants in succeeding periods are in 
phase. 

The points A, B and C in Fig 2 are all in phase. They 
are corresponding instants in the current flow, at 1-A inter- 
vals. This is a conventional view of a sine-wave alternating 
current, with time progressing to the right. It also represents 
a snapshot of the intensity of the traveling fields, if distance 
is substituted for time in the horizontal axis. The distance 
between A and B or between B and C is one wavelength. 
The field-intensity distribution follows the sine curve, in both 
amplitude and polarity, corresponding exactly to the time 
variations in the current that produced the fields. Remem- 
ber that this is an instantaneous picture—the wave moves 
outward, much as a wave created by a rock thrown into water 
does. 


Polarization 


A wave like that in Fig 1 is said to be polarized in the 
direction of the electric lines of force. The polarization here 
is vertical, because the electric lines are perpendicular to 
the surface of the Earth. It is one of the laws of electro- 
magnetics that electric lines touching the surface of a per- 
fect conductor must do so perpendicularly, or else they would 
have to generate infinite currents in the conductor, an obvi- 
ous impossibility. Most ground is a rather good conductor 
at frequencies below about 10 MHz, so waves at these 





Amplitude 





Time ——> 


Distance —> 


Fig 2—The instantaneous amplitude of both fields 
(electric and magnetic) varies sinusoidally with time as 
shown in this graph. Since the fields travel at constant 
velocity, the graph also represents the instantaneous 
distribution of field intensity along the wave path. The 
distance between two points of equal phase such as 
A-B and B-C is the length of the wave. 


frequencies, traveling close to good ground, are mainly ver- 
tically polarized. Over partially conducting ground there may 
be a forward tilt to the wave front; the tilt in the electric 
lines of force increases as the energy loss in the ground 
becomes greater. 

Waves traveling in contact with the surface of the Earth, 
called surface waves, are of little practical use in amateur 
communication. This is because as the frequency is raised, 
the distance over which they will travel without excessive 
energy loss becomes smaller and smaller. The surface wave 
is most useful at low frequencies and through the standard 
AM broadcast band. The surface wave will be covered later. 
At high frequencies a wave reaching a receiving antenna 
has had little contact with the ground, and its polarization is 
not necessarily vertical. 

If the electric lines of force are horizontal, the wave is 
said to be horizontally polarized. Horizontally and verti- 
cally polarized waves may be classified generally under 
linear polarization. Linear polarization can be anything 
between horizontal and vertical. In free space, “horizontal” 
and “vertical” have no meaning, since the reference of the 
seemingly horizontal surface of the Earth has been lost. 

In many cases the polarization of waves is not fixed, 
but rotates continually, somewhat at random. When this 
occurs the wave is said to be elliptically polarized. A gradual 
shift in polarization in a medium is known as Faraday rota- 
tion. For space communication, circular polarization is com- 
monly used to overcome the effects of Faraday rotation. A 
circularly polarized wave rotates its polarization through 
360° as it travels a distance of one wavelength in the propa- 
gation medium. The direction of rotation as viewed from 
the transmitting antenna defines the direction of circular- 
ity—tight-hand (clockwise) or left-hand (counterclockwise). 
Linear and circular polarization may be considered as spe- 
cial cases of elliptical polarization. 


Field Intensity 


The energy from a propagated wave decreases with 
distance from the source. This decrease in strength is caused 
by the spreading of the wave energy over ever-larger spheres 
as the distance from the source increases. 

A measurement of the strength of the wave at a dis- 
tance from the transmitting antenna is its field intensity, 
which is synonymous with field strength. The strength of a 
wave is measured as the voltage between two points lying 
on an electric line of force in the plane of the wave front. 
The standard of measure for field intensity is the voltage 
developed in a wire that is | meter long, expressed as volts 
per meter. (If the wire were 2 meters long, the voltage 
developed would be divided by two to determine the field 
strength in volts per meter.) 

The voltage in a wave is usually low, so the measure- 
ment is made in millivolts or microvolts per meter. The volt- 
age goes through time variations like those of the current 
that caused the wave. It is measured like any other ac volt- 
age—in terms of the effective value or, sometimes, the peak 
value. It is fortunate that in amateur work it is not necessary 
to measure actual field strength, as the equipment required 
is elaborate. We need to know only if an adjustment has 
been beneficial, so relative measurements are satisfactory. 
These can be made easily with home-built equipment. 


Wave Attenuation 


In free space, the field intensity of the wave varies 
inversely with the distance from the source, once you are in 
the radiating far field of the antenna. If the field strength at 
1 mile from the source is 100 millivolts per meter, it will be 
50 millivolts per meter at 2 miles, and so on. The relation- 
ship between field intensity and power density is similar to 
that for voltage and power in ordinary circuits. They are 
related by the impedance of free space, which is approxi- 
mately 377 Q. A field intensity of 1 volt per meter is there- 
fore equivalent to a power density of 


E* 1(volt/m)” i 
P= = = 2.65 mW/m 
Z 377 


Because of the relationship between voltage and power, 
the power density therefore varies with the square root of 
the field intensity, or inversely with the square of the dis- 
tance. If the power density at 1 mile is 4 mW per square 
meter, then at a distance of 2 miles it will be 1 mW per 
square meter. 

It is important to remember this so-called spreading 
loss when antenna performance is being considered. Gain 
can come only from narrowing the radiation pattern of an 
antenna, which concentrates the radiated energy in the 
desired direction. There is no “antenna magic” by which 
the total energy radiated can be increased. 

In practice, attenuation of the wave energy may be 
much greater than the inverse-distance law would indicate. 
The wave does not travel in a vacuum, and the receiving 
antenna seldom is situated so there is a clear line of sight. 





(Eq 2) 
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The Earth is spherical and the waves do not penetrate its 
surface appreciably, so communication beyond visual dis- 
tances must be by some means that will bend the waves 
around the curvature of the Earth. These means involve 
additional energy losses that increase the path attenuation 
with distance, above that for the theoretical spreading loss 
in a vacuum. 


Bending of Radio Waves 


Radio waves and light waves are both propagated as 
electromagnetic energy. Their major difference is in wave- 
length, since radio-reflecting surfaces are usually much 
smaller in terms of wavelength than those for light. In mate- 
rial of a given electrical conductivity, long waves penetrate 
deeper than short ones, and so require a thicker mass for 
good reflection. Thin metal however is a good reflector of 
even long-wavelength radio waves. With poorer conductors, 
such as the Earth’s crust, long waves may penetrate quite a 
few feet below the surface. 

Reflection occurs at any boundary between materials 
of differing dielectric constant. Familiar examples with light 
are reflections from water surfaces and window panes. Both 
water and glass are transparent for light, but their dielectric 
constants are very different from that of air. Light waves, 
being very short, seem to bounce off both surfaces. Radio 
waves, being much longer, are practically unaffected by 
glass, but their behavior upon encountering water may vary, 
depending on the purity of that medium. Distilled water is a 
good insulator; salt water is a relatively good conductor. 

Depending on their wavelength (and thus their fre- 
quency), radio waves may be reflected by buildings, trees, 
vehicles, the ground, water, ionized layers in the upper 
atmosphere, or at boundaries between air masses having dif- 
ferent temperatures and moisture content. Ionospheric and 
atmospheric conditions are important in practically all 
communication beyond purely local ranges. 

Refraction is the bending of a ray as it passes from one 
medium to another at an angle. The appearance of bending 
of a straight stick, where it enters water at an angle, is an 
example of light refraction known to us all. The degree of 
bending of radio waves at boundaries between air masses 
increases with the radio frequency. There is slight atmo- 
spheric bending in our HF bands. It becomes noticeable 
at 28 MHz, more so at 50 MHz, and it is much more of a 
factor in the higher VHF range and in UHF and microwave 
propagation. 

Diffraction of light over a solid wall prevents total dark- 
ness on the far side from the light source. This is caused 
largely by the spreading of waves around the top of the wall, 
due to the interference of one part of the beam with another. 
The dielectric constant of the surface of the obstruction may 
affect what happens to our radio waves when they encoun- 
ter terrestrial obstructions—but the radio shadow area is 
never totally dark. See Chapter 3, The Effects of Ground, 
for more information on diffraction. 

The three terms, reflection, refraction and diffraction, 
were in use long before the radio age began. Radio propa- 
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gation is nearly always a mix of these phenomena, and it 
may not be easy to identify or separate them while they are 
happening when we are on the air. This book tends to rely 
on the words bending and scattering in its discussions, with 
appropriate modifiers as needed. The important thing to 
remember is that any alteration of the path taken by energy 
as it is radiated from an antenna is almost certain to affect 
on-the-air results—which is why this chapter on propaga- 
tion is included in an antenna book. 


GROUND WAVES 


As we have already seen, radio waves are affected in 
many ways by the media through which they travel. This 
has led to some confusion of terms in earlier literature con- 
cerning wave propagation. Waves travel close to the ground 
in several ways, some of which involve relatively little con- 
tact with the ground itself. The term ground wave has had 
several meanings in antenna literature, but it has come to be 
applied to any wave that stays close to the Earth, reaching 
the receiving point without leaving the Earth’s lower atmo- 
sphere. This distinguishes the ground wave from a sky wave, 
which utilizes the ionosphere for propagation between the 
transmitting and receiving antennas. 

The ground wave could be traveling in actual contact 
with the ground, as in Fig 1, where it is called the surface 
wave. Or it could travel directly between the transmitting 
and receiving antennas, when they are high enough so they 
can “see” each other—this is commonly called the direct 
wave. The ground wave also travels between the transmit- 
ting and receiving antennas by reflections or diffractions 
off intervening terrain between them. The ground-influenced 
wave may interact with the direct wave to create a vector- 
summed resultant at the receiver antenna. 

In the generic term ground wave, we also will include 
ones that are made to follow the Earth’s curvature by bend- 
ing in the Earth’s lower atmosphere, or troposphere, usu- 
ally no more than a few miles above the ground. Often called 
tropospheric bending, this propagation mode is a major 
factor in amateur communications above 50 MHz. 


THE SURFACE WAVE 


The surface wave travels in contact with the Earth’s 
surface. It can provide coverage up to about 100 miles in 
the standard AM broadcast band during the daytime, but 
attenuation is high. As can be seen from Fig 3, the attenua- 
tion increases with frequency. The surface wave is of little 
value in amateur communication, except possibly at 
1.8 MHz. Vertically polarized antennas must be used, which 
tends to limit amateur surface-wave communication to where 
large vertical systems can be erected. 


THE SPACE WAVE 


Propagation between two antennas situated within line 
of sight of each other is shown in Fig 4. Energy traveling 
directly between the antennas is attenuated to about the same 
degree as in free space. Unless the antennas are very high or 
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Fig 3—Typical HF ground-wave range as a function of 
frequency. 
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Fig 4—The ray traveling directly from the transmitting 


antenna to the receiving antenna combines with a ray 
reflected from the ground to form the space wave. For 
a horizontally polarized signal a reflection as shown 
here reverses the phase of the ground-reflected ray. 


quite close together, an appreciable portion of the energy is 
reflected from the ground. This reflected wave combines 
with direct radiation to affect the actual signal received. 

In most communication between two stations on the 
ground, the angle at which the wave strikes the ground will 
be small. For a horizontally polarized signal, such a reflec- 
tion reverses the phase of the wave. If the distances traveled 
by both parts of the wave were the same, the two parts would 
arrive out of phase, and would therefore cancel each other. 
The ground-reflected ray in Fig 4 must travel a little further, 
so the phase difference between the two depends on the 
lengths of the paths, measured in wavelengths. The wave- 
length in use is important in determining the useful signal 
strength in this type of communication. 

If the difference in path length is 3 meters, the phase 
difference with 160-meter waves would be only 360° x 
3/160 = 6.8°. This is a negligible difference from the 180° 
shift caused by the reflection, so the effective signal strength 
over the path would still be very small because of cancella- 
tion of the two waves. But with 6-meter radio waves the 
phase length would be 360° x 3/6 = 180°. With the addi- 


tional 180° shift on reflection, the two rays would add. Thus, 
the space wave is a negligible factor at low frequencies, but 
it can be increasingly useful as the frequency is raised. It is 
a dominant factor in local amateur communication at 
50 MHz and higher. 

Interaction between the direct and reflected waves is 
the principle cause of mobile flutter observed in local VHF 
communication between fixed and mobile stations. The flut- 
ter effect decreases once the stations are separated enough 
so that the reflected ray becomes inconsequential. The 
reflected energy can also confuse the results of field-strength 
measurements during tests on VHF antennas. 

As with most propagation explanations, the space-wave 
picture presented here is simplified, and practical consider- 
ations dictate modifications. There is always some energy 
loss when the wave is reflected from the ground. Further, 
the phase of the ground-reflected wave is not shifted 
exactly 180°, so the waves never cancel completely. At UHF, 
ground-reflection losses can be greatly reduced or elimi- 
nated by using highly directive antennas. By confining the 
antenna pattern to something approaching a flashlight beam, 
nearly all the energy is in the direct wave. The resulting 
energy loss is low enough that microwave relays, for 
example, can operate with moderate power levels over hun- 
dreds or even thousands of miles. Thus we see that, while 
the space wave is inconsequential below about 20 MHz, it 
can be a prime asset in the VHF realm and higher. 


VHF/UHF PROPAGATION BEYOND LINE 
OF SIGHT 


From Fig 4 it appears that use of the space wave 
depends on direct line of sight between the antennas of the 
communicating stations. This is not literally true, although 
that belief was common in the early days of amateur com- 
munication on frequencies above 30 MHz. When equipment 
became available that operated more efficiently and after 
antenna techniques were improved, it soon became clear 
that VHF waves were actually being bent or scattered in 
several ways, permitting reliable communication beyond 
visual distances between the two stations. This was found 
true even with low power and simple antennas. The average 
communication range can be approximated by assuming the 
waves travel in straight lines, but with the Earth’s radius 
increased by one-third. The distance to the radio horizon is 
then given as 


D mites = 1-415 yA fect (Eq 3) 
or 
Dy =4-124 fH incters (Eq 4) 


where H is the height of the transmitting antenna, as shown 
in Fig 5. The formula assumes that the Earth is smooth out 
to the horizon, so any obstructions along the path must be 
taken into consideration. For an elevated receiving 
antenna the communication distance is equal to D + D1, 
that is, the sum of the distances to the horizon of both 
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Fig 5—The distance D to the horizon from an antenna 


of height H is given by equations in the text. The 
maximum line-of-sight distance between two elevated 
antennas is equal to the sum of their distances to the 
horizon as indicated here. 


antennas. Radio horizon distances are given in graphic form 
in Fig 6. Two stations on a flat plain, one with its antenna 
60 feet above ground and the other 40 feet, could be up to 
about 20 miles apart for strong-signal line-of-sight commu- 
nication (11 + 9 mi). The terrain is almost never completely 
flat, however, and variations along the way may add to or 
subtract from the distance for reliable communication. 
Remember that energy is absorbed, reflected or scattered in 
many ways in nearly all communication situations. The for- 
mula or the chart will be a good guide for estimating the 
potential radius of coverage for a VHF FM repeater, assum- 
ing the users are mobile or portable with simple, omnidi- 
rectional antennas. Coverage with optimum home-station 
equipment, high-gain directional arrays, and SSB or CW is 
quite a different matter. A much more detailed method for 
estimating coverage on frequencies above 50 MHz is given 
later in this chapter. 

For maximum use of the ordinary space wave it is 
important to have the antenna as high as possible above 
nearby buildings, trees, wires and surrounding terrain. A 
hill that rises above the rest of the countryside is a good 
location for an amateur station of any kind, and particularly 
so for extensive coverage on the frequencies above 50 MHz. 
The highest point on such an eminence is not necessarily 
the best location for the antenna. In the example shown in 
Fig 7, the hilltop would be a good site in all directions. But 
if maximum performance to the right is the objective, a point 
just below the crest might do better. This would involve a 
trade-off with reduced coverage in the opposite direction. 
Conversely, an antenna situated on the left side, lower down 
the hill, might do well to the left, but almost certainly would 
be inferior in performance to the right. 

Selection of a home site for its radio potential is a com- 
plex business, at best. A VHF enthusiast dreams of the high- 
est hill. The DX-minded HF ham may be more attracted by a 
dry spot near a salt marsh. A wide saltwater horizon, espe- 
cially from a high cliff, just smells of DX. In shopping for 
ham radio real estate, a mobile or portable rig for the fre- 
quencies you’re most interested in can provide useful clues. 


ANTENNA POLARIZATION 


If effective communication over long distances were 
the only consideration, we might be concerned mainly with 
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Fig 6—Distance to the horizon from an antenna of 
given height. The solid curve includes the effect of 
atmospheric retraction. The optical line-of-sight 
distance is given by the broken curve. 
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Fig 7—Propagation conditions are generally best when 
the antenna is located slightly below the top of a hill 
on the side facing the distant station. Communication 
is poor when there is a sharp rise immediately in front 
of the antenna in the direction of communication. 


radiation of energy at the lowest possible angle above the 
horizon. However, being engaged in a residential avocation 
often imposes practical restrictions on our antenna projects. 
As an example, our 1.8 and 3.5-MHz bands are used prima- 
rily for short-distance communication because they serve 
that purpose with antennas that are not difficult or expen- 
sive to put up. Out to a few hundred miles, simple wire 


antennas for these bands do well, even though their radia- 
tion is mostly at high angles above the horizon. Vertical sys- 
tems might be better for long-distance use, but they require 
extensive ground systems for good performance. 

Horizontal antennas that radiate well at low angles are 
most easily erected for 7 MHz and higher frequencies—hori- 
zontal wires and arrays are almost standard practice for work 
on 7 through 29.7 MHz. Vertical antennas, such as a single 
omnidirectional antenna of multiband design, are also used 
in this frequency range. An antenna of this type may be a 
good solution to the space problem for a city dweller on a 
small lot, or even for the resident of an apartment building. 

High-gain antennas are almost always used at 50 MHz 
and higher frequencies, and most of them are horizontal. 
The principal exception is mobile communication with 
FM through repeaters, discussed in Chapter 17, Repeater 
Antenna Systems. The height question is answered easily 
for VHF enthusiasts—the higher the better. 

The theoretical and practical effects of height above 
ground at HF are treated in detail in Chapter 3, The Effects 
of Ground. Note that it is the height in wavelengths that is 
important—a good reason to think in the metric system, 
rather than in feet and inches. 

In working locally on any amateur frequency band, 
best results will be obtained with the same polarization at 
both stations, except on rare occasions when polarization 
shift is caused by terrain obstructions or reflections from 
buildings. Where such a shift is observed, mostly above 100 
MHz or so, horizontal polarization tends to work better than 
vertical. This condition is found primarily on short paths, 
so it is not too important. Polarization shift may occur on 
long paths where tropospheric bending is a factor, but here 
the effect tends to be random. Long-distance communica- 
tion by way of the ionosphere produces random polariza- 
tion effects, so polarization matching is of little or no 
importance. This is fortunate for the HF mobile enthusiast, 
who will find that even his short, inductively loaded whips 
work very well at all distances other than local. 

Because it responds to all plane polarizations equally, 
circular polarization may pay off on circuits where the 
arriving polarization is random, but it exacts a 3-dB penalty 
when used with a single-plane polarization of any kind. Cir- 
cular systems find greatest use in work with orbiting satel- 
lites. It should be remembered that “horizontal” and 
“vertical” are meaningless terms in space, where the plane- 
Earth reference is lost. 


Polarization Factors Above 50 MHz 


In most VHF communication over short distances, the 
polarization of the space wave tends to remain constant. 
Polarization discrimination is high, usually in excess of 
20 dB, so the same polarization should be used at both ends 
of the circuit. Horizontal, vertical and circular polarization 
all have certain advantages above 50 MHz, so there has never 
been complete standardization on any one of them. 

Horizontal systems are popular, in part because they 
tend to reject man-made noise, much of which is vertically 


polarized. There is some evidence that vertical polarization 
shifts to horizontal in hilly terrain, more readily than hori- 
zontal shifts to vertical. With large arrays, horizontal sys- 
tems may be easier to erect, and they tend to give higher 
signal strengths over irregular terrain, if any difference is 
observed. 

Practically all work with VHF mobiles is now handled 
with vertical systems. For use in a VHF repeater system, 
the vertical antenna can be designed to have gain without 
losing the desired omnidirectional quality. In the mobile sta- 
tion a small vertical whip has obvious aesthetic advantages. 
Often a telescoping whip used for broadcast reception can 
be pressed into service for the 144-MHz FM rig. A car-top 
mount is preferable, but the broadcast whip is a practical 
compromise. Tests with at least one experimental repeater 
have shown that horizontal polarization can give a slightly 
larger service area, but mechanical advantages of vertical 
systems have made them the almost unanimous choice in 
VHF FM communication. Except for the repeater field, hori- 
zontal is the standard VHF system almost everywhere. 

In communication over the Earth-Moon-Earth (EME) 
route the polarization picture is blurred, as might be expected 
with such a diverse medium. If the moon were a flat target, 
we could expect a 180° phase shift from the moon reflec- 
tion process. But it is not flat. This plus the moon’s libra- 
tion (its slow oscillation, as viewed from the Earth), and the 
fact that waves must travel both ways through the Earth’s 
entire atmosphere and magnetic field, provide other vari- 
ables that confuse the phase and polarization issue. Build- 
ing a huge array that will track the moon, and give gains in 
excess of 20 dB, is enough of a task that most EME enthu- 
siasts tend to take their chances with phase and polarization 
problems. Where rotation of the element plane has been tried 
it has helped to stabilize signal levels, but it is not widely 
employed. 


PROPAGATION OF VHF WAVES 


The wave energy of VHF stations does not simply dis- 
appear once it reaches the radio horizon. It is scattered, but 
it can be heard to some degree for hundreds of miles, well 
beyond line-of-sight range. Everything on Earth, and in the 
regions of space up to at least 100 miles, is a potential for- 
ward-scattering agent. 

Tropospheric scatter is always with us. Its effects are 
often hidden, masked by more effective propagation modes 
on the lower frequencies. But beginning in the VHF range, 
scatter from the lower atmosphere extends the reliable range 
markedly if we make use of it. Called troposcatter, this is 
what produces that nearly flat portion of the curves that will 
be described later (in the section where you can compute 
reliable VHF coverage range). With a decent station, you 
can consistently make troposcatter contacts out to 300 miles 
out on the VHF and even UHF bands, especially if you don’t 
mind weak signals and something less than 99% reliability. 
As long ago as the early 1950s, VHF enthusiasts found that 
VHF contests could be won with high power, big antennas 
and a good ear for signals deep in the noise. They still can. 
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Ionospheric scatter works much the same as the 
tropo version, except that the scattering medium is higher 
up, mainly the E region of the ionosphere but with some 
help from the D and F layers too. Ionospheric scatter is 
useful mainly above the MUF, so its useful frequency 
range depends on geography, time of day, season, and 
the state of the Sun. With near maximum legal power, 
good antennas and quiet locations, ionospheric scatter can 
fill in the skip zone with marginally readable signals scat- 
tered from ionized trails of meteors, small areas of ran- 
dom ionization, cosmic dust, satellites and whatever may 
come into the antenna patterns at 50 to 150 miles or so 
above the Earth. It’s mostly an E-layer business, so it 
works all E-layer distances. Good antennas and keen ears 
help. 

Transequatorial propagation (TE) was an amateur 
50-MHz discovery in the years 1946-1947. Amateurs of all 
continents observed it almost simultaneously on three sepa- 
rate north-south paths. These amateurs tried to communi- 
cate at 50 MHz, even though the predicted MUF was around 
40 MHz for the favorable daylight hours. The first success 
came at night, when the MUF was thought to be even lower. 
A remarkable research program inaugurated by amateurs in 
Europe, Cyprus, Zimbabwe and South Africa eventually pro- 
vided technically sound theories to explain the then- 
unknown mode. 

It has been known for years that the MUF is higher 
and less seasonally variable on transequatorial circuits, but 
the full extent of the difference was not learned until ama- 
teur work brought it to light. As will be explained in a later 


section in more detail, the ionosphere over equatorial 
regions is higher, thicker and more dense than elsewhere. 
Because of its more constant exposure to solar radiation, 
the equatorial belt has high nighttime-MUF possibilities. 
TE can often work marginally at 144 MHz, and even at 
432 MHz on occasion. The potential MUF varies with solar 
activity, but not to the extent that conventional F-layer propa- 
gation does. It is a late-in-the-day mode, taking over about 
when normal F-layer propagation goes out. 

The TE range is usually within about 4000 km (2500 
miles) either side of the geomagnetic equator. The Earth’s 
magnetic axis is tilted with respect to the geographical axis, 
so the TE belt appears as a curving band on conventional 
flat maps of the world. See Fig 8. As a result, TE has a 
different latitude coverage in the Americas from that from 
Europe to Africa. The TE belt just reaches into the southern 
continental US. Stations in Puerto Rico, Mexico and even 
the northern parts of South America encounter the mode 
more often than those in favorable US areas. It is no acci- 
dent that TE was discovered as a result of 50-MHz work in 
Mexico City and Buenos Aires. 

Within its optimum regions of the world, the TE mode 
extends the usefulness of the 50-MHz band far beyond that 
of conventional F-layer propagation, since the practical TE 
MUF runs around 1.5 times that of normal F>. Both its sea- 
sonal and diurnal characteristics are extensions of what is 
considered normal for 50-MHz propagation. In that part of 
the Americas south of about 20° North latitude, the exist- 
ence of TE affects the whole character of band usage, espe- 
cially in years of high solar activity. 
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Fig 8—Transequatorial spread-F propagation takes place between stations equidistant across the geomagnetic 
equator. Distances up to 8000 km (5000 miles) are possible on 28 through 432 MHz. Note that the geomagnetic 
equator is considerably south of the geographic equator in the Western Hemisphere. (Figure courtesy of The ARRL 
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Weather Effects on VHF/UHF Tropospheric 
Propagation 

Changes in the dielectric constant of the medium can 
affect propagation. Varied weather patterns over most of the 
Earth’s surface can give rise to boundaries between air 
masses of very different temperature and humidity charac- 
teristics. These boundaries can be anything from local 
anomalies to air-circulation patterns of continental propor- 
tions. 

Under stable weather conditions, large air masses 
can retain their characteristics for hours or even days at a 
time. See Fig 9. Stratified warm dry air over cool moist 
air, flowing slowly across the Great Lakes region to the 
Atlantic Seaboard, can provide the medium for east-west 
communication on 144 MHz and higher amateur frequen- 
cies over as much as 1200 miles. More common, how- 
ever, are communication distances of 400 to 600 miles 
under such conditions. 

A similar inversion along the Atlantic Seaboard as a 
result of a tropical storm air-circulation pattern may bring 
VHF and UHF openings extending from the Maritime Prov- 
inces of Canada to the Carolinas. Propagation across the 
Gulf of Mexico, sometimes with very high signal levels, 
enlivens the VHF scene in coastal areas from Florida to 
Texas. The California coast, from below the San Francisco 
Bay Area to Mexico, is blessed with a similar propagation 
aid during the warmer months. Tropical storms moving west, 
across the Pacific below the Hawaiian Islands, may provide 
a transpacific long-distance VHF medium. Amateurs first 
exploited this on 144, 220 and 432 MHz, in 1957. It has 
been used fairly often in the summer months since, although 
not yearly. 

The examples of long-haul work cited above may 
occur infrequently, but lesser extensions of the minimum 
operating range are available almost daily. Under minimum 
conditions there may be little more than increased signal 
strength over paths that are workable at any time. 

There is a diurnal effect in temperate climates. At 
sunrise the air aloft is warmed more rapidly than that near 
the Earth’s surface, and as the Sun goes lower late in the 
day the upper air is kept warm, while the ground cools. In 
fair, calm weather such sunrise and sunset temperature 
inversions can improve signal strength over paths beyond 
line of sight as much as 20 dB over levels prevailing during 
the hours of high sun. The diurnal inversion may also 
extend the operating range for a given strength by some 20 
to 50%. If you would be happy with a new VHF antenna, 
try it first around sunrise! 

There are other short-range effects of local atmospheric 
and topographical conditions. Known as subsidence, the flow 
of cool air down into the bottom of a valley, leaving warm 
air aloft, is a familiar summer-evening pleasure. The daily 
inshore-offshore wind shift along a seacoast in summer sets 
up daily inversions that make coastal areas highly favored 
as VHF sites. Ask any jealous 144-MHz operator who lives 
more than a few miles inland. 


Tropospheric effects can show up at any time, in any 
season. Late spring and early fall are the most favored peri- 
ods, although a winter warming trend can produce strong 
and stable inversions that work VHF magic almost equal to 
that of the more familiar spring and fall events. 
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Fig 9—Upper air conditions that produce extended- 
range communication on the VHF bands. At the top is 
shown the US Standard Atmosphere temperature 
curve. The humidity curve (dotted) is what would result 
if the relative humidity were 70%, from ground level to 
12,000 feet elevation. There is only slight refraction 
under this standard condition. At the bottom is shown 
a sounding that is typical of marked refraction of VHF 
waves. Figures in parentheses are the “mixing ratio” 
—grams of water vapor per kilogram of dry air. Note 
the sharp break in both curves at about 3500 feet. 
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Regions where the climate is influenced by large 
bodies of water enjoy the greatest degree of tropospheric 
bending. Hot, dry desert areas see little of it, at least in the 
forms described above. 


Tropospheric Ducting 


Tropospheric propagation of VHF and UHF waves can 
influence signal levels at all distances from purely local to 
something beyond 4000 km (2500 miles). The outer limits 
are not well known. At the risk of over simplification, we 
will divide the modes into two classes—extended local and 
long distance. This concept must be modified depending on 
the frequency under consideration, but in the VHF range 
the extended-local effect gives way to a form of propaga- 
tion much like that of microwaves in a waveguide, called 
ducting. The transition distance is ordinarily somewhere 
around 200 miles. The difference lies in whether the atmo- 
spheric condition producing the bending is localized or 
continental in scope. Remember, we’re concerned here with 
frequencies in the VHF range, and perhaps up to 500 MHz. 
At 10 GHz, for example, the scale is much smaller. 

In VHF propagation beyond a few hundred miles, more 
than one weather front is probably involved, but the wave is 
propagated between the inversion layers and ground, in the 
main. On long paths over the ocean (two notable examples 
are California to Hawaii and Ascension Island to Brazil), 
propagation is likely to be between two atmospheric layers. 
On such circuits the communicating station antennas must 
be in the duct, or capable of propagating strongly into it. 
Here again, we see that the positions and radiation angles of 
the antennas are important. As with microwaves in a 
waveguide, the low-frequency limit for the duct is critical. 
In long-distance ducting it is also very variable. Airborne 
equipment has shown that duct capability exists well down 
into the HF region in the stable atmosphere west of Ascen- 
sion Island. Some contacts between Hawaii and Southern 
California on 50 MHz are believed to have been by way of 
tropospheric ducts. Probably all contact over these paths on 
144 MHz and higher bands is because of duct propagation. 

Amateurs have played a major part in the discovery 
and eventual explanation of tropospheric propagation. In 
recent years they have shown that, contrary to beliefs widely 
held in earlier times, long-distance communication using 
tropospheric modes is possible to some degree on all ama- 
teur frequencies from 50 to at least 10,000 MHz. 


RELIABLE VHF COVERAGE 


In the preceding sections we discussed means by which 
amateur bands above 50 MHz may be used intermittently 
for communication far beyond the visual horizon. In 
emphasizing distance we should not neglect a prime asset 
of the VHF band: reliable communication over relatively 
short distances. The VHF region is far less subject to dis- 
ruption of local communication than are frequencies below 
30 MHz. Since much amateur communication is essentially 
local in nature, our VHF assignments can carry a great load, 
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and such use of the VHF bands helps solve interference prob- 
lems on lower frequencies. 

Because of age-old ideas, misconceptions about the cov- 
erage obtainable in our VHF bands persist. This reflects the 
thoughts that VHF waves travel only in straight lines, except 
when the DX modes described above happen to be present. 
However, let us survey the picture in the light of modern wave- 
propagation knowledge and see what the bands above 50 MHz 
are good for on a day-to-day basis, ignoring the anomalies 
that may result in extensions of normal coverage. 

It is possible to predict with fair accuracy how far you 
should be able to work consistently on any VHF or UHF 
band, provided a few simple facts are known. The factors 
affecting operating range can be reduced to graph form, as 
described in this section. The information was originally 
published in November 1961 QST by D. W. Bray, K2LMG 
(see the Bibliography at the end of this chapter). 

To estimate your station’s capabilities, two basic num- 
bers must be determined: station gain and path loss. Station 
gain is made up of seven factors: receiver sensitivity, trans- 
mitted power, receiving antenna gain, receiving antenna 
height gain, transmitting antenna gain, transmitting antenna 
height gain and required signal-to-noise ratio. This looks 
complicated but it really boils down to an easily made evalu- 
ation of receiver, transmitter, and antenna performance. The 
other number, path loss, is readily determined from the 
nomogram, Fig 10. This gives path loss over smooth Earth, 
for 99% reliability. 

For 50 MHz, lay a straightedge from the distance 
between stations (left side) to the appropriate distance at 
the right side. For 1296 MHz, use the full scale, right cen- 
ter. For 144, 222 and 432, use the dot in the circle, square or 
triangle, respectively. Example: At 300 miles the path loss 
for 144 MHz is 214 dB. 

To be meaningful, the losses determined from this 
nomograph are necessarily greater than simple free-space 
path losses. As described in an earlier section, communica- 
tion beyond line-of-sight distances involves propagation 
modes that increase the path attenuation with distance. 


VHF/UHF Station Gain 


The largest of the eight factors involved in station 
design is receiver sensitivity. This is obtainable from 
Fig 11, if you know the approximate receiver noise figure 
and transmission-line loss. If you can’t measure noise fig- 
ure, assume 3 dB for 50 MHz, 5 for 144 or 222, 8 for 432 
and 10 for 1296 MHz, if you know your equipment is work- 
ing moderately well. These noise figures are well on the 
conservative side for modern solid-state receivers. 

Line loss can be taken from information in Chapter 24 
for the line in use, if the antenna system is fed properly. Lay 
a straightedge between the appropriate points at either side 
of Fig 11, to find effective receiver sensitivity in decibels 
below | watt (dBW). Use the narrowest bandwidth that is 
practical for the emission intended, with the receiver you 
will be using. For CW, an average value for effective work 
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is about 500 Hz. Phone bandwidth can be taken from the 
receiver instruction manual, but it usually falls between 2.1 
to 2.7 kHz. 

Antenna gain is next in importance. Gains of amateur 
antennas are often exaggerated. For well-designed Yagis the 
gain (over isotropic) run close to 10 times the boom length 
in wavelengths. (Example: A 24-foot Yagi on 144 MHz 
is 3.6 wavelengths long; 3.6 x 10 = 36, and 10 log;, 36 = 
15.5 dBi in free space.) Add 3 dB for stacking, where used 
properly. Add 4 dB more for ground reflection gain. This 
varies in amateur work, but averages out near this figure. 

We have one more plus factor—antenna height gain, 
obtained from Fig 12. Note that this is greatest for short 
distances. The left edge of the horizontal center scale is for 
0 to 10 miles, the right edge for 100 to 500 miles. Height 
gain for 10 to 30 feet is assumed to be zero. For 50 feet the 
height gain is 4 dB at 10 miles, 3 dB at 50 miles, and 2 dB 
at 100 miles. At 80 feet the height gains are roughly 8, 6 
and 4 dB for these distances. Beyond 100 miles the height 
gain is nearly uniform for a given height, regardless of 
distance. 

Transmitter power output must be stated in decibels 
above | watt. If you have 500 W output, add 10 log (500/1), 
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or 27 dB, to your station gain. The transmission-line loss 
must be subtracted from the station gain. So must the 
required signal-to-noise ratio. The information is based on 
CW work, so the additional signal needed for other modes 
must be subtracted. Use a figure of 3 dB for SSB. Fading 
losses must be accounted for also. It has been shown that 
for distances beyond 100 miles, the signal will vary plus or 
minus about 7 dB from the average level, so 7 dB must be 
subtracted from the station gain for high reliability. For dis- 
tances under 100 miles, fading diminishes almost linearly 
with distance. For 50 miles, use —3.5 dB for fading. 


What It All Means 


Add all the plus and minus factors to get the station gain. 
Use the final value to find the distance over which you can 
expect to work reliably from the nomogram, Fig 10. Or work 
it the other way around: Find the path loss for the distance 
you want to cover from the nomogram and then figure out 
what station changes will be needed to overcome it. 

The significance of all this becomes more obvious when 
we see path loss plotted against frequency for the various 
bands, as in Fig 13. At the left this is done for 50% reliabil- 
ity. At the right is the same information for 99% reliability. 
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Fig 11—Nomogram for finding effective receiver sensitivity. 


For near-perfect reliability, a path loss of 195 dB (easily 
encountered at 50 or 144 MHz) is involved in 100-mile com- 
munication. But look at the 50% reliability curve: The same 
path loss takes us out to well over 250 miles. Few amateurs 
demand near-perfect reliability. By choosing our times, and 
by accepting the necessity for some repeats or occasional 
loss of signal, we can maintain communication out to dis- 
tances far beyond those usually covered by VHF stations. 
Working out a few typical amateur VHF station setups 
with these curves will show why an understanding of these 
factors is important to any user of the VHF spectrum. Note 
that path loss rises very steeply in the first 100 miles or so. 
This is no news to VHF operators; locals are very strong, but 
stations 50 or 75 miles away are much weaker. What hap- 
pens beyond 100 miles is not so well known to many of us. 
From the curves of Fig 13, we see that path loss levels 
off markedly at what is the approximate limit of working 
range for average VHF stations using wideband modulation 
modes. Work out the station gain for a 50-W station with an 
average receiver and antenna, and you’ll find that it comes 
out around 180 dB. This means you’d have about a 100-mile 
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Noise Figure Plus Line Loss (dB) 


working radius in average terrain, for good but not perfect 
reliability. Another 10 dB may extend the range to as much 
as 250 miles. Just changing from AM phone to SSB and CW 
makes a major improvement in daily coverage on the VHF 
bands. 

A bigger antenna, a higher one if your present beam is 
not at least 50 feet up, an increase in power to 500 W from 
50 W, an improvement in receiver noise figure if it is pres- 
ently poor—any of these things can make a big improve- 
ment in reliable coverage. Achieve all of them, and you will 
have very likely tripled your sphere of influence, thanks to 
that hump in the path-loss curves. This goes a long way 
toward explaining why using a 10-W packaged station with 
a small antenna, fun though it may be, does not begin to 
show what the VHF bands are really good for. 


Terrain at VHF/UHF 


The coverage figures derived from the above proce- 
dure are for average terrain. What of stations in mountain- 
ous country? Although an open horizon is generally desirable 
for the VHF station site, mountain country should not be 
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Fig 13—Path loss versus distance for amateur frequencies above 50 MHz. At A are curves for 50% of the time; at B, 
for 99%. The curves at A are more representative of Amateur Radio requirements. 


considered hopeless. Help for the valley dweller often lies 
in the optical phenomenon known as knife-edge diffraction. 
A flashlight beam pointed at the edge of a partition does not 
cut off sharply at the partition edge, but is diffracted around 
it, partially illuminating the shadow area. A similar effect 
is observed with VHF waves passing over ridges; there is 
a shadow effect, but not a complete blackout. If the signal 
is strong where it strikes the mountain range, it will be 
heard well in the bottom of a valley on the far side. (See 
Chapter 3, The Effects of Ground, for a more thorough dis- 
cussion of the theory of diffraction.) 


This is familiar to all users of VHF communications 
equipment who operate in hilly terrain. Where only one ridge 
lies in the way, signals on the far side may be almost as 
good as on the near side. Under ideal conditions (a very 
high and sharp-edged obstruction near the midpoint of a 
long-enough path so that signals would be weak over aver- 
age terrain), knife-edge diffraction may yield signals even 
stronger than would be possible with an open path. 

The obstruction must project into the radiation patterns 
of the antennas used. Often mountains that look formidable 
to the viewer are not high enough to have an appreciable 
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effect, one way or the other. Since the normal radiation pat- 
tern from a VHF array is several degrees above the horizon- 
tal, mountains that are less than about three degrees above 
the horizon, as seen from the antenna, are missed by the 
radiation from the array. Moving the mountains out of the 
way would have substantially no effect on VHF signal 
strength in such cases. 

Rolling terrain, where obstructions are not sharp enough 
to produce knife-edge diffraction, still does not 
exhibit a complete shadow effect. There is no complete bar- 
rier to VHF propagation—only attenuation, which varies 
widely as the result of many factors. Thus, even valley loca- 
tions are usable for VHF communication. Good antenna sys- 
tems, preferably as high as possible, the best available 
equipment, and above all, the willingness and ability to work 
with weak signals may make outstanding VHF work possible, 
even in sites that show little promise by casual inspection. 


AURORAL PROPAGATION 


The Earth has a magnetosphere or magnetic field sur- 
rounding it. NASA scientists have described the magneto- 
sphere as a sort of protective “bubble” around the Earth that 
shields us from the solar wind. Under normal circumstances, 
there are lots of electrons and protons moving in our mag- 
netosphere, traveling along magnetic lines of force that trap 
them and keep them in place, neither bombarding the earth 
nor escaping into outer space. 

Sudden bursts of activity on the Sun are sometimes 
accompanied by the ejection of charged particles, often from 
so-called Coronal Mass Ejections (CME) because they origi- 
nate from the Sun’s outer coronal region. These charged 
particles can interact with the magnetosphere, compressing 
and distorting it. If the orientation of the magnetic field con- 
tained in a large blast of solar wind or in a CME is aligned 
opposite to that of the Earth’s magnetic field, the magnetic 
bubble can partially collapse and the particles normally 
trapped there can be deposited into the Earth’s atmosphere 
along magnetic lines near the North or South poles. This 
produces a visible or radio aurora. An aurora is visible if 
the time of entry is after dark. 

The visible aurora is, in effect, fluorescence at E-layer 
height—a curtain of ions capable of refracting radio waves 
in the frequency range above about 20 MHz. D-region 
absorption increases on lower frequencies during auroras. 
The exact frequency ranges depend on many factors: time, 
season, position with relation to the Earth’s auroral regions, 
and the level of solar activity at the time, to name a few. 

The auroral effect on VHF waves is another amateur 
discovery, this one dating back to the 1930s. The discovery 
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came coincidentally with improved transmitting and receiv- 
ing techniques then. The returning signal is diffused in fre- 
quency by the diversity of the auroral curtain as a refracting 
(scattering) medium. The result is a modulation of a CW 
signal, from just a slight burbling sound to what is best 
described as a “keyed roar.” Before SSB took over in VHF 
work, voice was all but useless for auroral paths. A side- 
band signal suffers, too, but its narrower bandwidth helps to 
retain some degree of understandability. Distortion induced 
by a given set of auroral conditions increases with the fre- 
quency in use. 50-MHz signals are much more intelligible 
than those on 144 MHz on the same path at the same time. 
On 144 MHz, CW is almost mandatory for effective auroral 
communication. 

The number of auroras that can be expected per year 
varies with the geomagnetic latitude. Drawn with respect to 
the Earth’s magnetic poles instead of the geographical ones, 
these latitude lines in the US tilt upward to the northwest. 
For example, Portland, Oregon, is 2° farther north (geo- 
graphic latitude) than Portland, Maine. The Maine city’s 
geomagnetic latitude line crosses the Canadian border 
before it gets as far west as its Oregon namesake. In terms 
of auroras intense enough to produce VHF propagation 
results, Portland, Maine, is likely to see about 10 times as 
many per year. Oregon’s auroral prospects are more like 
those of southern New Jersey or central Pennsylvania. 

The antenna requirements for auroral work are mixed. 
High gain helps, but the area of the aurora yielding the best 
returns sometimes varies rapidly, so sharp directivity can be 
a disadvantage. So could a very low radiation angle, or a 
beam pattern very sharp in the vertical plane. Experience 
indicates that few amateur antennas are sharp enough in 
either plane to present a real handicap. The beam heading 
for maximum signal can change, however, so a bit of scan- 
ning in azimuth may turn up some interesting results. A very 
large array, such as is commonly used for moonbounce (with 
azimuth-elevation control), should be worthwhile. 

The incidence of auroras, their average intensity, and 
their geographical distribution as to visual sightings and 
VHF propagation effects all vary to some extent with solar 
activity. There is some indication that the peak period 
for auroras lags the sunspot-cycle peak by a year or two. 
Like sporadic E, an unusual auroral opening can come at 
any season. There is a marked diurnal swing in the num- 
ber of auroras. Favored times are late afternoon and early 
evening, late evening through early morning, and early 
afternoon, in about that order. Major auroras often start 
in early afternoon and carry through to early morning 
the next day. 


HF Sky-Wave Propagation 


As described earlier, the term ground wave is com- 
monly applied to propagation that is confined to the Earth’s 
lower atmosphere. Now we will use the term sky wave to 
describe modes of propagation that use the Earth’s iono- 
sphere. First, however, we must examine how the Earth’s 
ionosphere is affected by the Sun. 


THE ROLE OF THE SUN 


Everything that happens in radio propagation, as with 
all life on Earth, is the result of radiation from the Sun. The 
variable nature of radio propagation here on Earth reflects 
the ever-changing intensity of ultraviolet and X-ray radia- 
tion, the primary ionizing agents in solar energy. Every day, 
solar nuclear reactions are turning hydrogen into helium, 
releasing an unimaginable blast of energy into space in the 
process. The total power radiated by the Sun is estimated 
at 4 x 1023 kW—that is, the number four followed by 23 
zeroes. At its surface, the Sun creates about 60 megawatts 
per square meter. That is a very potent transmitter! 


The Solar Wind 


The Sun is constantly ejecting material from its sur- 
face in all directions into space, making up the so-called 
solar wind. Under relatively quiet solar conditions the solar 
wind blows around 200 miles per second—675,000 miles 
per hour—taking away about two million tons of solar 
material each second from the Sun. You needn’t worry— 
the Sun is not going to shrivel up anytime soon. It’s big 
enough that it will take many billions of years before that 
happens. 

A 675,000 mile/hour wind sounds like a pretty stiff 
breeze, doesn’t it? Lucky for us, the density of the material 
in the solar wind is very small by the time it has been spread 
out into interplanetary space. Scientists calculate that the den- 
sity of the particles in the solar wind is less than that of the 
best vacuum they’ve ever achieved on Earth. Despite the low 
density of the material in the solar wind, the effect on the 
Earth, especially its magnetic field, is very significant. 

Before the advent of sophisticated satellite sensors, the 
Earth’s magnetic field was considered to be fairly simple, 
modeled as if the Earth were a large bar magnet. The axis of 
this hypothetical bar magnet is oriented about 11° away from 
the geographic north-south pole. We now know that the 
solar wind alters the shape of the Earth’s magnetic field sig- 
nificantly, compressing it on the side facing the Sun and 
elongating it on the other side—in the same manner as the 
tail of a comet is stretched out radially in its orientation 
from the Sun. In fact, the solar wind is also responsible for 
the shape of a comet’s tail. 

Partly because of the very nature of the nuclear reac- 
tions going on at the Sun itself, but also because of varia- 
tions in the speed and direction of the solar wind, the 
interactions between the Sun and our Earth are incredibly 
complex. Even scientists who have studied the subject for 


years do not completely understand everything that happens 
on the Sun. Later in this chapter, we’ll investigate the 
effects of the solar wind when conditions on the Sun are not 
“quiet.” As far as amateur HF skywave propagation is con- 
cerned, the results of disturbed conditions on the Sun are 
not generally beneficial. 


Sunspots 


The most readily observed characteristic of the Sun, 
other than its blinding brilliance, is its tendency to have gray- 
ish black blemishes, seemingly at random times and at 
random places, on its fiery surface. (See Fig 14.) There are 
written records of naked-eye sightings of sunspots in the 
Orient back to more than 2000 years ago. As far as is known, 
the first indication that sunspots were recognized as part of 
the Sun was the result of observations by Galileo in the early 
1600s, not long after he developed one of the first practical 
telescopes. 

Galileo also developed the projection method for 
observing the Sun safely, but probably not before he had suf- 
fered severe eye damage by trying to look at the Sun di- 





Fig 14—Much more than sunspots can be seen when 
the sun is viewed through selective optical filters. This 
photo was taken through a hydrogen-alpha filter that 
passes a narrow light segment at 6562 angstroms. The 
bright patches are active areas around and often 
between sunspots. Dark irregular lines are filaments of 
activity having no central core. Faint magnetic field 
lines are visible around a large sunspot group near the 
disc center. (Photo courtesy of Sacramento Peak 
Observatory, Sunspot, New Mexico). 
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rectly. (He was blind in his last years.) His drawings of sun- 
spots, indicating their variable nature and position, are the 
earliest such record known to have been made. His 
reward for this brilliant work was immediate condemnation 
by church authorities of the time, which probably set back 
progress in learning more about the Sun for generations. 

The systematic study of solar activity began about 
1750, so a fairly reliable record of sunspot numbers goes 
back that far. (There are some gaps in the early data.) The 
record shows clearly that the Sun is always in a state of 
change. It never looks exactly the same from one day to the 
next. The most obvious daily change is the movement of 
visible activity centers (sunspots or groups thereof) across 
the solar disc, from east to west, at a constant rate. This 
movement was soon found to be the result of the rotation of 
the Sun, at a rate of approximately four weeks for a com- 
plete round. The average is about 27.5 days, the Sun’s syn- 
odic rotation speed, viewed from the perspective of the Earth, 
which is also moving around the Sun in the same direction 
as the Sun’s rotation. 


Sunspot Numbers 


Since the earliest days of systematic observation, our 
traditional measure of solar activity has been based on a 
count of sunspots. In these hundreds of years we have learned 
that the average number of spots goes up and down in cycles 
very roughly approximating a sine wave. In 1848, a method 
was introduced for the daily measurement of sunspot num- 
bers. That method, which is still used today, was devised by 
the Swiss astronomer Johann Rudolph Wolf. The observer 
counts the total number of spots visible on the face of the 
Sun and the number of groups into which they are clus- 
tered, because neither quantity alone provides a satisfac- 
tory measure of sunspot activity. The observer’s sunspot 
number for that day is computed by multiplying the number 
of groups he sees by 10, and then adding to this value the 
number of individual spots. Where possible, sunspot data 
collected prior to 1848 have been converted to this system. 

As can readily be understood, results from one observer 
to another can vary greatly, since measurement depends on 
the capability of the equipment in use and on the stability of 
the Earth’s atmosphere at the time of observation, as well as 
on the experience of the observer. A number of observato- 
ries around the world cooperate in measuring solar activity. 
A weighted average of the data is used to determine the 
International Sunspot Number or ISN for each day. (Ama- 
teur astronomers can approximate the determination of ISN 
values by multiplying their values by a correction factor 
determined empirically.) 

A major step forward was made with the development of 
various methods for observing narrow portions of the Sun’s 
spectrum. Narrowband light filters that can be used with any 
good telescope perform a visual function very similar to the 
aural function of a sharp filter added to a communications 
receiver. This enables the observer to see the actual area of 
the Sun doing the radiating of the ionizing energy, in addition 
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to the sunspots, which are more a by-product than a cause. 
The photo of Fig 14 was made through such a filter. Studies of 
the ionosphere with instrumented probes, and later with satel- 
lites, manned and unmanned, have added greatly to our knowl- 
edge of the effects of the Sun on radio communication. 

Daily sunspot counts are recorded, and monthly and 
yearly averages determined. The averages are used to see 
trends and observe patterns. Sunspot records were formerly 
kept in Zurich, Switzerland, and the values were known as 
Zurich Sunspot Numbers. They were also known as Wolf 
sunspot numbers. The official international sunspot num- 
bers are now compiled at the Sunspot Index Data Center in 
Bruxelles, Belgium. 

The yearly means (averages) of sunspot numbers from 
1700 through 2002 are plotted in Fig 15. The cyclic nature 
of solar activity becomes readily apparent from this graph. 
The duration of the cycles varies from 9.0 to 12.7 years, but 
averages approximately 11.1 years, usually referred to as 
the 11-year solar cycle. The first complete cycle to be 
observed systematically began in 1755, and is numbered 
Cycle 1. Solar cycle numbers thereafter are consecutive. 
Cycle 23 began in October, 1996. 


The “Quiet” Sun 


For more than 60 years it has been well known that 
radio propagation phenomena vary with the number and size 
of sunspots, and also with the position of sunspots on the 
surface of the Sun. There are daily and seasonal variations 
in the Earth’s ionized layers resulting from changes in 
the amount of ultraviolet light received from the Sun. The 
11-year sunspot cycle affects propagation conditions because 
there is a direct correlation between sunspot activity and 
ionization. 
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Fig 15—Yearly means of smoothed sunspot numbers 
from data for 1700 through 2002. This plot clearly 
shows that sunspot activity takes place in cycles of 
approximately 11 years duration. There is also a longer- 
term periodicity in this plot, the Gleissberg 88-year 
cycle. Cycle 1, the first complete cycle to be examined 
by systematic observation, began in 1755. 


Activity on the surface of the Sun is changing continu- 
ally. In this section we want to describe the activity of the 
so-called quiet Sun, meaning those times when the Sun is 
not doing anything more spectacular than acting like a “nor- 
mal” thermonuclear ball of flaming gases. The Sun and its 
effects on Earthly propagation can be described in statistical 
terms—that’s what the 11-year solar cycle does. You may 
experience vastly different conditions on any particular day 
compared to what a long-term average would suggest. 

An analogy may be in order here. Have you ever gazed 
into a relatively calm campfire and been surprised when 
suddenly a flaming ember or a large spark was ejected in 
your direction? The Sun can also do unexpected and some- 
times very dramatic things. Disturbances of propagation 
conditions here on Earth are caused by disturbed conditions 
on the Sun. More on this later. 

Individual sunspots may vary in size and appearance, 
or even disappear totally, within a single day. In general, 
larger active areas persist through several rotations of the 
Sun. Some active areas have been identified over periods 
up to about a year. Because of these continual changes in 
solar activity, there are continual changes in the state of the 
Earth’s ionosphere and resulting changes in propagation con- 
ditions. A short-term burst of solar activity may trigger un- 
usual propagation conditions here on Earth lasting for less 
than an hour. 


Smoothed Sunspot Numbers (SSN) 


Sunspot data are averaged or smoothed to remove the 
effects of short-term changes. The sunspot values used most 
often for correlating propagation conditions are Smoothed 
Sunspot Numbers (SSN), often called 12-month running 
average values. Data for 13 consecutive months are required 
to determine a smoothed sunspot number. 

Long-time users have found that the upper HF bands 
are reliably open for propagation only when the average 
number of sunspots is above certain minimum levels. For 
example, between mid 1988 to mid 1992 during Cycle 22, 
the SSN stayed higher than 100. The 10-meter band was 
open then almost all day, every day, to some part of the world. 
However, by mid 1996, few if any sunspots showed up on 
the Sun and the 10-meter band consequently was rarely open. 
Even 15 meters, normally a workhorse DX band when solar 
activity is high, was closed most of the time during the low 
point in Cycle 22. So far as propagation on the upper HF 
bands is concerned, the higher the sunspot number, the bet- 
ter the conditions. 

Each smoothed number is an average of 13 monthly 
means, centered on the month of concern. The Ist and 13th 
months are given a weight of 0.5. A monthly mean is sim- 
ply the sum of the daily ISN values for a calendar month, 
divided by the number of days in that month. We would 
commonly call this value a monthly average. 

This may all sound very complicated, but an example 
should clarify the procedure. Suppose we wished to calcu- 
late the smoothed sunspot number for June 1986. We would 


require monthly mean values for six months prior and six 
months after this month, or from December 1985 through 
December 1986. The monthly mean ISN values for these 
months are 


Dec 85 17.3 Jul 86 18.1 
Jan 86 25 Aug 86 74 
Feb 86 23.2 Sep 86 3.8 
Mar 86 15.1 Oct 86 35.4 
Apr 86 18.5 Nov 86 15.2 
May 86 13.7 Dec 86 6.8 


Jun 86 1.1 


First we find the sum of the values, but using only one- 
half the amounts indicated for the first and 13th months in 
the listing. This value is 166.05. Then we determine the 
smoothed value by dividing the sum by 12: 166.05/12 = 
13.8. (Values beyond the first decimal place are not war- 
ranted.) Thus, 13.8 is the smoothed sunspot number for June 
1986. From this example, you can see that the smoothed 
sunspot number for a particular month cannot be determined 
until six months afterwards. 

Generally the plots we see of sunspot numbers are 
averaged data. As already mentioned, smoothed numbers 
make it easier to observe trends and see patterns, but some- 
times this data can be misleading. The plots tend to imply 
that solar activity varies smoothly, indicating, for example, 
that at the onset of a new cycle the activity just gradually 
increases. But this is definitely not so! On any one day, sig- 
nificant changes in solar activity can take place within hours, 
causing sudden band openings at frequencies well above 
the MUF values predicted from smoothed sunspot number 
curves. The durations of such openings may be brief, or 
they may recur for several days running, depending on the 
nature of the solar activity. 


Solar Flux 


Since the late 1940s an additional method of deter- 
mining solar activity has been put to use—the measurement 
of solar radio flux. The quiet Sun emits radio energy across 
a broad frequency spectrum, with a slowly varying inten- 
sity. Solar flux is a measure of energy received per unit time, 
per unit area, per unit frequency interval. These radio fluxes, 
which originate from atmospheric layers high in the Sun’s 
chromosphere and low in its corona, change gradually from 
day to day, in response to the activity causing sunspots. Thus, 
there is a degree of correlation between solar flux values 
and sunspot numbers. 

One solar flux unit equals 10-22 joules per second per 
square meter per hertz. Solar flux values are measured daily 
at 2800 MHz (10.7 cm) at The Dominion Radio Astrophysi- 
cal Observatory, Penticton, British Columbia, where daily 
data have been collected since 1991. (Prior to June 1991, 
the Algonquin Radio Observatory, Ontario, made the mea- 
surements.) Measurements are also made at other observa- 
tories around the world, at several frequencies. With some 
variation, the daily measured flux values increase with 
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increasing frequency of measurement, to at least 15.4 GHz. 
The daily 2800 MHz Penticton value is sent to Boulder, 
Colorado, where it is incorporated into WWV propagation 
bulletins (see later section). Daily solar flux information can 
be of some value in determining current propagation condi- 
tions, as sunspot numbers on a given day do not relate 
directly to maximum usable frequency. Solar flux values 
are much more reliable for this purpose, when it is averaged 
over time, as will be discussed later in the section on com- 
puter-prediction programs. 


Correlating Sunspot Numbers and Solar Flux 
Values 


Based on historical data, an exact mathematical rela- 
tionship does not exist to correlate sunspot data and solar 
flux values. Comparing daily values yields almost no corre- 
lation. Comparing monthly mean values (often called 
monthly averages) produces a degree of correlation, but the 
spread in data is still significant. This is indicated in Fig 16, 
a scatter diagram plot of monthly mean sunspot numbers 
versus the monthly means of solar flux values adjusted to 
one astronomical unit. (This adjustment applies a correc- 
tion for differences in distance between the Sun and the Earth 
at different times of the year.) 

A closer correlation exists when smoothed (12-month 
running average) sunspot numbers are compared with 
smoothed (12-month running average) solar flux values 
adjusted to one astronomical unit. A scatter diagram for 
smoothed data appears in Fig 17. Note how the plot points 
establish a better defined pattern in Fig 17. The correlation 
is still no better than a few percent, for records indicate a 
given smoothed sunspot number does not always correspond 
with the same smoothed solar flux value, and vice versa. 





SOLAR FLUX VALUE 








0 40 80 120 160 200 240 
SUNSPOT NUMBER 


Fig 16—Scatter diagram or X-Y plot of monthly mean 
sunspot numbers and monthly mean 2800MHz solar 
flux values. Data values are from February 1947 
through February 1987. Each “+” mark represents the 
intersection of data for a given month. If the 
correlation between sunspot number and flux values 
were consistent, all the marks would align to form a 
smooth curve. 
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Table 1 illustrates some of the inconsistencies that exist in 
the historical data. Smoothed or 12-month running average 
values are shown. 

Even though there is no precise mathematical relation- 
ship between sunspot numbers and solar flux values, it is 
helpful to have some way to convert from one to the other. 
The primary reason is that sunspot numbers are valuable as 
a long-term link with the past, but the great usefulness of 
solar flux values are their immediacy, and their direct bear- 
ing on our field of interest. (Remember, a smoothed sun- 
spot number will not be calculated until six months after the 
fact.) 

The following mathematical approximation has been 
derived to convert a smoothed sunspot number to a solar 
flux value. 
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Fig 17—Scatter diagram of smoothed, or 12-month 
running averages, sunspot numbers versus 2800MHz 
solar flux values. The correlation of smoothed values is 
better than for monthly means, shown in Fig 16. 





Table 1 

Selected Historical Data Showing Inconsistent 
Correlation Between Sunspot Number and Solar 
Flux 


Month Smoothed Smoothed 

Sunspot Number — Solar Flux 
Value 
May 1953 17.4 75.6 
Sept 1965 17.4 78.5 
Jul 1985 17.4 74.7 
Jun 1969 106.1 151.4 
Jul 1969 105.9 151.4 
Dec 1982 94.6 151.4 
Aug 1948 141.1 180.5 
Oct 1959 141.1 192.3 
Apr 1979 141.1 180.4 
Aug 1981 141.1 203.3 





F = 63.75 + 0.7288 + 0.000898” (Eq 5) 


where 

F = solar flux number 

S = smoothed sunspot number 

A graphic representation of this equation is given in 
Fig 18. Use this chart to make conversions graphically, rather 
than by calculations. With the graph, solar flux and sunspot 
number conversions can be made either way. The equation 
has been found to yield errors as great as 10% when histori- 
cal data was examined. (Look at the August 1981 data in 
Table 1.) Therefore, conversions should be rounded to the 
nearest whole number, as additional decimal places are 
unwarranted. To make conversions from flux to sunspot 
number, the following approximation may be used. 


S =33.52 785.12 + F — 408.99 (Eq 6) 


THE IONOSPHERE 


There will be inevitable “gray areas” in our discussion 
of the Earth’s atmosphere and the changes wrought in it by 
the Sun and by associated changes in the Earth’s magnetic 
field. This is not a story that can be told in neat equations, or 
values carried out to a satisfying number of decimal places. 
The story must be told, and understood—with its well-known 
limitations—if we are to put up good antennas and make 
them serve us well. 

Thus far in this chapter we have been concerned with 
what might be called our “above-ground living space’— 
that portion of the total atmosphere wherein we can survive 
without artificial breathing aids, or up to about 6 km 
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Fig 18—Chart for conversions between smoothed 
International Sunspot Numbers and smoothed 
2800MHz solar flux. This curve is based on the 
mathematical approximation given in the text. 


(4 miles). The boundary area is a broad one, but life (and 
radio propagation) undergo basic changes beyond this zone. 
Somewhat farther out, but still technically within the Earth’s 
atmosphere, the role of the Sun in the wave-propagation 
picture is a dominant one. 

This is the ionosphere—a region where the air pres- 
sure is so low that free electrons and ions can move about 
for some time without getting close enough to recombine 
into neutral atoms. A radio wave entering this rarefied 
atmosphere, a region of relatively many free electrons, is 
affected in the same way as in entering a medium of differ- 
ent dielectric constant—its direction of travel is altered. 

Ultraviolet (UV) radiation from the Sun is the primary 
cause of ionization in the outer regions of the atmosphere, 
the ones most important for HF propagation. However, there 
are other forms of solar radiation as well, including both 
hard and soft x-rays, gamma rays and extreme ultraviolet 
(EUV). The radiated energy breaks up, or photoionizes, 
atoms and molecules of atmospheric gases into electrons 
and positively charged ions. The degree of ionization does 
not increase uniformly with distance from the Earth’s sur- 
face. Instead there are relatively dense regions (layers) of 
ionization, each quite thick and more or less parallel to the 
Earth’s surface, at fairly well-defined intervals outward from 
about 40 to 300 km (25 to 200 miles). These distinct layers 
are formed due to complex photochemical reactions of the 
various types of solar radiation with oxygen, ozone, nitro- 
gen and nitrous oxide in the rarefied upper atmosphere. 

Ionization is not constant within each layer, but tapers 
off gradually on either side of the maximum at the center of 
the layer. The total ionizing energy from the Sun reaching a 
given point, at a given time, is never constant, so the height 
and intensity of the ionization in the various regions will 
also vary. Thus, the practical effect on long-distance com- 
munication is an almost continuous variation in signal level, 
related to the time of day, the season of the year, the dis- 
tance between the Earth and the Sun, and both short-term 
and long-term variations in solar activity. It would seem from 
all this that only the very wise or the very foolish would 
attempt to predict radio propagation conditions, but it is now 
possible to do so with a fair chance of success. It is possible 
to plan antenna designs, particularly the choosing of an- 
tenna heights, to exploit known propagation characteristics. 


lonospheric Layer Characteristics 


The lowest known ionized region, called the D layer 
(or the D region), lies between 60 and 92 km (37 to 57 miles) 
above the Earth. In this relatively low and dense part of the 
atmosphere, atoms broken up into ions by sunlight recom- 
bine quickly, so the ionization level is directly related to 
sunlight. It begins at sunrise, peaks at local noon and disap- 
pears at sundown. When electrons in this dense medium are 
set in motion by a passing wave, collisions between par- 
ticles are so frequent that a major portion of their energy 
may be used up as heat, as the electrons and disassociated 
ions recombine. 
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The probability of collisions depends on the distance 
an electron travels under the influence of the wave—in other 
words, on the wavelength. Thus, our 1.8- and 3.5-MHz 
bands, having the longest wavelengths, suffer the highest 
daytime absorption loss as they travel through the D layer, 
particularly for waves that enter the medium at the lowest 
angles. At times of high solar activity (peak years of the 
solar cycle) even waves entering the D layer vertically suf- 
fer almost total energy absorption around midday, making 
these bands almost useless for communication over appre- 
ciable distances during the hours of high sun. They “go dead” 
quickly in the morning, but come alive again the same way 
in late afternoon. The diurnal (daytime) D-layer effect is 
less at 7 MHz (though still marked), slight at 14 MHz and 
inconsequential on higher amateur frequencies. 

The D region is ineffective in bending HF waves back 
to Earth, so its role in long-distance communication by 
amateurs is largely a negative one. It is the principal reason 
why our frequencies up through the 7-MHz band are useful 
mainly for short-distance communication during the high- 
sun hours. 

The lowest portion of the ionosphere useful for long- 
distance communication by amateurs is the F layer (also 
known as the E region) about 100 to 115 km (62 to 71 miles) 
above the Earth. In the E layer, at intermediate atmospheric 
density, ionization varies with the Sun angle above the hori- 
zon, but solar ultraviolet radiation is not the sole ionizing 
agent. Solar X-rays and meteors entering this portion of the 
Earth’s atmosphere also play a part. Ionization increases 
rapidly after sunrise, reaches maximum around noon local 
time, and drops off quickly after sundown. The minimum is 
after midnight, local time. As with the D layer, the E layer 
absorbs wave energy in the lower-frequency amateur bands 
when the Sun angle is high, around mid-day. The other var- 
ied effects of E-region ionization will be discussed later. 

Most of our long-distance communication capability 
stems from the tenuous outer reaches of the Earth’s atmo- 
sphere known as the F layer. At heights above 100 miles, 
ions and electrons recombine more slowly, so the observ- 
able effects of the Sun develop more slowly. Also, the 
region holds its ability to reflect wave energy back to Earth 
well into the night. The maximum usable frequency (MUF) 
for F-layer propagation on east-west paths thus peaks just 
after noon at the midpoint, and the minimum occurs after 
midnight. We’ll examine the subject of MUF in more detail 
later. 

Judging what the F layer is doing is by no means that 
simple, however. The layer height may be from 160 to more 
than 500 km (100 to over 310 miles), depending on the sea- 
son of the year, the latitudes, the time of day and, most 
capricious of all, what the Sun has been doing in the last few 
minutes and in perhaps the last three days before the attempt 
is made. The MUF between Eastern US and Europe, for 
example, has been anything from 7 to 70 MHz, depending 
on the conditions mentioned above, plus the point in the long- 
term solar-activity cycle at which the check is made. 
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During a summer day the F layer may split into two 
layers. The lower and weaker F; layer, about 160 km (100 
miles) up, has only a minor role, acting more like the E than 
the F’, layer. At night the F; region disappears and the F, 
region height drops somewhat. 

Propagation information tailored to amateur needs is 
transmitted in all information bulletin periods by the ARRL 
Headquarters station, WI1AW. Finally, solar and geomag- 
netic field data, transmitted hourly and updated eight times 
daily, are given in brief bulletins carried by the US Time 
Standard stations, WWV and WWVH, and also on Internet 
Web sites. But more on these services later. 


Bending in the lonosphere 


The degree of bending of a wave path in an ionized 
layer depends on the density of the ionization and the length 
of the wave (inversely related to its frequency). The bend- 
ing at any given frequency or wavelength will increase with 
increased ionization density and will bend away from the 
region of most-intense ionization. For a given ionization 
density, bending increases with wavelength (that is, it 
decreases with frequency). 

Two extremes are thus possible. If the intensity of the 
ionization is sufficient and the frequency is low enough, even 
a wave entering the layer perpendicularly will be reflected 
back to Earth. Conversely, if the frequency is high enough or 
the ionization decreases to a low-enough density, a condition 
is reached where the wave angle is not affected enough by 
the ionosphere to cause a useful portion of the wave 
energy to return to the Earth. The frequency at which this 
occurs is called the vertical-incidence critical frequency. Each 
region in the ionosphere has a critical frequency associated 
with it, and this critical frequency will change depending on 
the date, time and state of the 1 1-year solar cycle. 

Fig 19 shows a simplified graph of the electron den- 
sity (in electrons per cubic meter) versus height in the iono- 
sphere (in km) for a particular set of daytime and nighttime 
conditions. Free electrons are what return the signals you 
launch into the ionosphere back down to the Earth at some 
distance from your transmitter—The more free electrons in 
the ionosphere, the better propagation will be, particularly 
at higher frequencies. 

Electron-density profiles are extremely complicated 
and vary greatly from one location to the next, depending 
on a bewildering variety of factors. Of course, this sheer 
variability makes it all the more interesting and challenging 
for hams to work each other on ionospheric HF paths! 

The following discussion about sounding the iono- 
sphere provides some background information about the 
scientific instruments used to decipher the highly intricate 
mechanisms behind ionospheric HF propagation. 


SOUNDING THE IONOSPHERE 


For many years scientists have sounded the ionosphere 
to determine its communication potential at various eleva- 
tion angles and frequencies. The word “sound” stems from 
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Fig 19—Typical electron densities for nighttime and 
daytime conditions in the various ionospheric regions. 


an old idea—one that has nothing to do with the audio waves 
that we can hear as “sounds.” Long ago, sailors sounded the 
depths beneath their boats by dropping weighted ropes, cali- 
brated in fathoms, into the water. In a similar fashion, the 
instrument used to probe the height of the ionosphere is 
called an ionosonde, or ionospheric sounder. It measures 
distances to various layers by launching a calibrated elec- 
tronic signal directly up into the ionosphere. 

Radar uses the same techniques as ionospheric sound- 
ing to detect targets such as airplanes. An ionosonde sends 
precisely timed pulses into the ionosphere over a range of 
MF and HF frequencies. The time of reception of an echo 
reflected from a region in the ionosphere is compared to the 
time of transmission. The time difference is multiplied by 
the speed of light to give the apparent distance that the wave 
has traveled from the transmitter to the ionosphere and back 
to the receiver. (It is an apparent or virtual distance because 
the speed of a wave slows very slightly in the ionosphere, 
just as the speed of propagation through any medium other 
than a vacuum slows down because of that medium.) 

Another type of ionosonde sweeps the frequency of 
transmission, from low to high. This is called an “FM-CW,” 
or more colorfully, a “chirp” sounder. Since a received echo 
takes time to travel from the transmitter up to the reflection 
point and then back again to the receiver, the echo will be at 
a lower frequency than the still-moving frequency of the trans- 
mitter. The frequency difference is an indication of the height 
of the echo’s reflection off the various ionospheric layers. 


Vertical-Incidence Sounders 


Most ionosondes are vertical-incidence sounders, 
bouncing their signals perpendicularly off the various ion- 
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Fig 20—Very simplified ionogram from a vertical- 
incidence sounder. The lowest trace is for the E region; 
the middle for the F, and the upper trace for the F, 
region. 


ized regions above it by launching signals straight up into 
the ionosphere. The ionosonde frequency is swept upwards 
until echos from the various ionospheric layers disappear, 
meaning that the critical frequencies for those layers have 
been exceeded, causing the waves to disappear into space. 

Fig 20 shows a highly simplified ionogram for a typi- 
cal vertical-incidence sounder. The echos at the lowest height 
at the left-hand side of the plot show that the E region is 
about 100 km high. The F, region shown in the middle of 
the plot varies from about 200 to 330 km in this example, 
and the F, region ranges from just under 400 km to almost 
600 km in height. You can see that the F, and F, ionospheric 
regions take a “U” shape, indicating that the electron den- 
sity varies throughout the layer. In this example, the peak in 
electron density is at a virtual height of the F, region of 
about 390 km, the lowest point in the F, curve. 

Scientists can derive a lot of information from a verti- 
cal-incidence ionogram, including the critical frequencies 
for each region, where raising the frequency any higher 
causes the signals to disappear into space. In Fig 20, the 
E-region critical frequency (abbreviated f,E) is about 
4.1 MHz. The F,-region critical frequency (abbreviated fF) 
is 4.8 MHz. The F2-region critical frequency (abbreviated 
f,F>) is this simplified diagram is 6.8 MHz. 

The observant reader may well be wondering what the 
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subscripted “o” in the abbreviations f,E, fF; and f,F, mean. 
The abbreviation “o” means “ordinary.” When an electro- 
magnetic wave is launched into the ionosphere, the Earth’s 
magnetic field splits the wave into two independent waves— 
the “ordinary” (0) and the “extraordinary” (x) components. 
The ordinary wave reaches the same height in the ionosphere 
whether the Earth’s magnetic field is present or not, and 
hence is called “ordinary.” The extraordinary wave, how- 
ever, is greatly affected by the presence of the Earth’s mag- 
netic field, in a very complex fashion. 

Fig 21 shows an example of an actual ionogram from 
the vertical Lowell Digisonde at Millstone Hill in Massa- 
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Fig 21—Actual vertical-incidence ionogram from the 
Lowell Digisonde, owned and operated at Millstone Hill 
in Massachusetts by MIT. The ordinary (0) and 
extraordinary (x) traces are shown for heights greater 
than about 300 km. At the upper left are listed the 
computer-determined ionospheric parameters, such as 
f,F2 of 9.24 MHz and f,F, at 4.66 MHz. 


chusetts, owned and operated by the Massachusetts Insti- 
tute of Technology. This ionogram was made on June 18, 
2000, and shows the conditions during a period of very high 
solar activity. The black-and-white rendition in Fig 21 of 
the actual color ionogram unfortunately loses some infor- 
mation. However, you can still see that a real ionogram is a 
lot more complicated looking than the simple simulated one 
in Fig 20. 

The effects of noise and interference from other sta- 
tions are shown by the many speckled dots appearing in the 
ionogram. The critical frequencies for various ionospheric 
layers are listed numerically at the left-hand side of the plot 
and the signal amplitudes are color-coded by the color bars 
at the right-hand side of the plot. The x-axis is the frequency, 
ranging from | to 11 MHz. 

Compared to the simplified ionogram in Fig 20, 
Fig 21 shows another trace that appears on the plot from about 
5.3 to 9.8 MHz, a trace shifted to the right of the darker ordi- 
nary trace. This second trace is the extraordinary (x) wave men- 
tioned above. Since the x and o waves are created by the Earth’s 
magnetic field, the difference in the ordinary and 
extraordinary traces is about '/2 the gyro frequency, the fre- 
quency at which an electron will spiral down a particular mag- 
netic field line. The electron gyro frequency is different at 
various places around the Earth, being related to the Earth’s 
complicated and changing magnetic field. The extraordinary 
trace always has a higher critical frequency than the ordinary 
trace on a vertical-incidence ionogram, and it is considerably 
weaker than the ordinary trace, especially at frequencies be- 
low about 4 MHz because of heavy absorption. 
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Fig 22—Computer simulation of the f,F, contours for 25 
November 1998, for an SSN of 85 and a quiet planetary 
A, index of 5. Note the two regions of high f,F, values 
off the upper and lower west coast of Africa. These are 
the “equatorial anomalies,” regions of high electronic 
density in the F, region that often allow chordal-hop 
north-south propagation. See also Fig 8. (PropLab Pro 
simulation, courtesy of Solar Terrestrial Dispatch.) 


The Big Picture Overhead 


There are about 150 vertical-incidence ionosondes 
around the world. Ionosondes are located on land, even on a 
number of islands. There are gaps in sounder coverage, how- 
ever, mainly over large expanses of open ocean. The com- 
pilation of all available vertical-incidence data from the 
worldwide network of ionospheric sounders results in glo- 
bal f,F, maps, such as the map shown in Fig 22, a simula- 
tion from the highly sophisticated PropLab Pro computer 
program. 

This simulation is for 1300 UTC, several hours after 
East Coast sunrise on Nov 25, 1998, with a high level of 
solar activity of 85 and a planetary A, index of 5, indicating 
calm geomagnetic conditions. The contours of f,F, peak 
over the ocean off the west coast of Africa at 38 MHz. Over 
the southern part of Africa, f,F, peaks at 33 MHz. 

These two “humps” in f,F, form what is known as the 
“equatorial anomaly” and are caused by upwelling “foun- 
tains” of high electron concentration located in daylight 
areas about +20° from the Earth’s magnetic dip equator. The 
equatorial anomaly is important in transequatorial propaga- 
tion. Those LU stations in Argentina that you can hear on 
28 MHz from the US in the late afternoon, even during low 
portions of the solar cycle when other stations to the south 
are not coming through, are benefiting from transequatorial 
propagation, sometimes called “chordal hop” propagation, 
because signals going through this area remain in the iono- 
sphere without lossy intermediate hops to the ground. 

From records of f,F, profiles, the underlying electron 
densities along a path can be computed. And from the elec- 
tron density profiles computerized “ray tracing” may be done 


throughout the ionosphere to determine how a wave propa- 
gates from a transmitter to a particular receiver location. 
PropLab Pro can do complex ray tracings that explicitly 
include the effect of the Earth’s magnetic field, even taking 
into effect ionospheric stormy conditions. 


Oblique-Angle lonospheric Sounding 


A more elaborate form of ionospheric sounder is the 
oblique ionosonde. Unlike a vertical-incidence ionospheric 
sounder, which sends its signals directly overhead, an 
oblique sounder transmits its pulses obliquely through the 
ionosphere, recording echos at a receiver located some dis- 
tance from the transmitter. The transmitter and distant 
receiver are precisely coordinated in GPS-derived time in 
modern oblique sounders. 

Interpretation of ionograms produced by oblique sound- 
ers is considerably more difficult than for vertically incident 
ones. An oblique ionosonde purposely transmits over a con- 
tinuous range of elevation angles simultaneously and hence 
cannot give explicit information about each elevation angle 
it launches. Fig 23 shows a typical HF oblique-sounder 
ionogram for the path from Hawaii to California in March of 
1973, during a period of medium-level sunspot activity. The 
y-axis is calibrated in time delay, in milliseconds. Longer 
distances involve longer time delays between the start of a 
transmitted pulse and the reception of the echo. The x-axis 
in this ionogram is the frequency, just like a vertical-inci- 
dence ionogram. Note that the frequency range for this plot 
extends to 32 MHz, while vertical-incidence ionograms usu- 
ally don’t sweep higher than about 12 MHz. 

Six possible modes are shown in this ionogram: IF), 
2F,, 3F5, 4F, and 5F,. These involve multiple modes of 
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Fig 23—HF oblique-sounder ionogram. This is a typical 
chirpsounder measurement on a 2500-mile path from 
Hawaii to southern California during midmorning in 
March at a medium level of solar activity. Six possible 
modes (hops) are shown. The “FOT” is the frequency of 
optimum traffic, considered most reliable for this path/ 
time. 


propagation (commonly called hops) between the ionosphere 
and reflections from the Earth. For example, at an operating 
frequency of 14 MHz, there are three modes open during 
the mid-morning: 2F5, 3F, and 4F,. We’ll discuss multiple 
hops later in more detail. 

The lowest mode, 1F, in Fig 23, employs a single F, 
hop to cover the 3900-km long path from Hawaii to Califor- 
nia, but it is only open on 28-MHz. (Note that 3900 km is 
close to the maximum possible single-hop length for the F, 
region. We’ll look at this in more detail later too.) In gen- 
eral, each mode that involves more than a single hop is 
weaker than a single hop. For example, you can see that the 
received 5F, echo is weak and broken up because of the 
accumulation of losses at each ground-level reflection in its 
five hops, with absorption in the ionosphere all along its 
complicated path to the receiver. 

The trace labeled “FOT” is the frequency of optimum 
traffic, considered the most reliable frequency for commu- 
nications on this particular circuit and date/time. In this 
example, the FOT would be near the 21-MHz amateur band. 

Another interesting point in Fig 23 is labeled “High 
Angle Ray.” This refers to the Pedersen ray. Before we go 
into more details about the Pedersen high-angle wave, we 
need to examine how launch angles affect the way waves 
are propagated through the ionosphere. 

Fig 24 shows a highly simplified situation, with a single 
ionospheric layer and a smooth Earth. This illustrates sev- 
eral important facts about antenna design for long-distance 
communication. In Fig 24, Wave #1 is launched at the low- 
est elevation angle (that is, most nearly horizontal to the 
horizon). Wave #1 manages to travel from the transmitter to 
the receiving location at point C in a single hop. 

Wave #2 is launched at a higher elevation angle than 
Wave #1, and penetrates further into the ionospheric layer 
before it is refracted enough to return to Earth. The ground 
distance covered from the transmitter to point B is less for 
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Fig 24—Very simplified smooth-Earth/ionosphere 
diagram showing how the ground range from 
transmitter to receiver can vary as the elevation angle 
is gradually raised. The Pedersen wave, launched at a 
relatively high angle, has the same ground range as 
the low-angle wave #1, but is weaker because it travels 
for a long distance in the ionosphere. 
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Wave #2 than for lower-angle Wave #1. Wave #3 is launched 
at a still-higher elevation angle. Like Wave #2 before it, Wave 
#3 penetrates further into the ionosphere and covers less 
ground downrange than #2. 

Now, we see something very interesting happening for 
Wave #4, whose launch elevation angle is still higher than 
#3. Wave #4 penetrates even higher into the ionosphere than 
#3, reaching the highest level of ionization in our theoreti- 
cal ionospheric layer, where it is finally refracted sufficiently 
to bend down to Earth. Wave #4 manages to arrive at the 
same point B as Wave #2, which was launched at a much 
lower elevation angle. 

In other words, in the sequence from #1 to #3 we have 
been continually increasing the elevation launch angle and 
the ground range covered from the transmitter to the return 
of the signal back to Earth has been continually decreasing. 
However, starting with Wave #4, the ground range starts to 
increase with increased elevation angle. A further increase in 
the elevation angle causes Wave #5 to travel for an even longer 
distance through the ionosphere, exiting finally at point C, 
the same ground distance as lowest-angle Wave #1. 

Finally, increasing the elevation angle even further 
results in Wave #6 being lost to outer space because the 
ionization in the layer is insufficient to bend the wave back 
to Earth. In other words, Wave #6 has exceeded the critical 
angle for this hypothetical ionospheric layer and this fre- 
quency of operation. 

Both Waves #4 and #5 in Fig 24 are called “high-angle” 
or Pedersen waves. Because Wave #5 has traveled a greater 
distance through the ionosphere, it is always weaker than 
Wave #1, the one launched at the lowest elevation angle. 
Pedersen waves are usually not very stable, since small 
changes in elevation angle can result in large changes in the 
ground range that these high-angle waves cover. 


SKIP DISTANCE 


Fig 24 shows that we can communicate with the point 
on the Earth labeled “A” (where Wave #3 arrives), but not 
any closer to our transmitter site. When the critical angle is 
less than 90° (that is, directly overhead) there will always be 
a region around the transmitting site where an ionospheri- 
cally propagated signal cannot be heard, or is heard weakly. 
This area lies between the outer limit of the ground-wave 
range and the inner edge of energy return from the ionosphere. 
It is called the skip zone, and the distance between the origi- 
nating site and the beginning of the ionospheric return is called 
the skip distance. This terminology should not to be con- 
fused with ham jargon such as “the skip is in,” referring to 
the fact that a band is open for sky-wave propagation. 

The signal may often be heard to some extent within 
the skip zone, through various forms of scattering (discussed 
in detail later), but it will ordinarily be marginal in strength. 
When the skip distance is short, both ground-wave and sky- 
wave signals may be received near the transmitter. In such 
instances the sky wave frequently is stronger than the ground 
wave, even as close as a few miles from the transmitter. The 
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ionosphere is an efficient communication medium under 
favorable conditions. Comparatively, the ground wave is not. 

If the radio wave leaves the Earth at a radiation angle 
of zero degrees, just at the horizon, the maximum distance 
that may be reached under usual ionospheric conditions in 
the F, region is about 4000 km (2500 miles). 


MULTI-HOP PROPAGATION 


As mentioned previously in the discussion about Fig 24, 
the Earth itself can act as a reflector for radio waves, resulting 
a multiple hops. Thus, a radio signal can be reflected from the 
reception point on the Earth back into the ionosphere, reach- 
ing the Earth a second time at a still more-distant point. This 
effect is illustrated in Fig 25, where a single ionospheric layer 
is depicted, although this time we show both the layer and the 
Earth beneath it as curved rather than flat. The wave identi- 
fied as “Critical Angle” travels from the transmitter via the 
ionosphere to point A, in the center of the drawing, where it is 
reflected upwards and travels through the ionosphere to point 
B, at the right. This shows a two-hop signal. 

As in the simplified case in Fig 24, the distance at which 
a ray eventually reaches the Earth depends on the launch 
elevation angle at which it left the transmitting antenna. You 
have some control of the launch angle by adjusting the height 
of the antennas you use, as described in Chapter 3, The 
Effects of Ground. 

The information in Fig 25 is greatly simplified. On actual 
communication paths the picture is complicated by many fac- 
tors. One is that the transmitted energy spreads over a consid- 
erable area after it leaves the antenna. Even with an antenna 
array having the sharpest practical beam pattern, there is what 
might be described as a cone of radiation centered on the 
wave lines (rays) shown in the drawing. The reflection/ 
refraction in the ionosphere is also highly variable, and is the 
cause of considerable spreading and scattering. 
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Fig 25—Behavior of waves encountering a simple 
curved ionospheric layer over a curved Earth. Rays 
entering the ionized region at angles above the critical 
angle are not bent enough to be returned to Earth, and 
are lost to space. Waves entering at angles below the 
critical angle reach the Earth at increasingly greater 
distances as the launch angle approaches the 
horizontal. The maximum distance that may normally 
be covered in a single hop is 4000 km. Greater 
distances are covered with multiple hops. 


Under some conditions it is possible for as many as 
four or five signal hops to occur over a radio path, as illus- 
trated by the oblique ionogram in Fig 23. But no more than 
two or three hops is the norm. In this way, HF communica- 
tion can be conducted over thousands of miles. 

An important point should be recognized with regard 
to signal hopping. A significant loss of signal occurs with 
each hop. The D and E layers of the ionosphere absorb 
energy from signals as they pass through, and the ionosphere 
tends to scatter the radio energy in various directions, rather 
than confining it in a tight bundle. The roughness of the 
Earth’s surface also scatters the energy at a reflection point. 

Assuming that both waves do reach point B in Fig 25, 
the low-angle wave will contain more energy at point B. 
This wave passes through the lower layers just twice, com- 
pared to the higher-angle route, which must pass through 
these layers four times, plus encountering an Earth reflec- 
tion. Measurements indicate that although there can be great 
variation in the relative strengths of the two signals—the 
one-hop signal will generally be from 7 to 10 dB stronger. 
The nature of the terrain at the mid-path reflection point for 
the two-hop wave, the angle at which the wave is reflected 
from the Earth, and the condition of the ionosphere in the 
vicinity of all the refraction points are the primary factors in 
determining the signal-strength ratio. 

The loss per hop becomes significant at greater distances. 
It is because of these losses that no more than four or five 
propagation hops are useful; the received signal becomes too 
weak to be usable over more hops. Although modes other 
than signal hopping also account for the propagation of radio 
waves over thousands of miles, backscatter studies of actual 
radio propagation have displayed signals with as many as five 
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Fig 26—Modified VOAAREA plot for 21.2 MHz from San 
Francisco to the rest of the US, annotated with signal 
levels in S units, as well as signal contours in dBW (dB 
below a watt). Antennas are assumed to be 3-element 
Yagis at 55 feet above flat ground; the transmitter power 
is 1500 W; the month is November with SSN = 50, a 
moderate level of solar activity, at 22 UTC. The most 
obvious feature is the large “skip zone” centered on the 
transmitter in San Francisco, extending almost a ‘/3 of 
the distance across the US. 











hops. So the hopping mode is arguably the most prevalent 
method for long-distance communication. 

Fig 26 shows another way of looking at propagation— 
a geographic area look. Fig 26 shows 15-meter signal lev- 
els across the US as they propagate from a transmitting 
station in San Francisco. This simulation of propagation con- 
ditions is for the month of November, with a medium level 
of solar activity (SSN = 50) at 22 UTC. Fig 26 was created 
using the VOAAREA software program, part of the VOACAP 
software suite. Transmitter power is assumed to be 1500 W, 
with 3-element Yagis, 55 feet high, at the transmitter and at 
each receiving location. 

From the transmitter out to about 50 miles, signals are 
moderate, at about SS on an S meter. Beyond that coverage 
area to almost '/3 of the way across the country (to Colorado), 
there is a large and distinctive skip zone, where only very 
weak signals return to Earth (S1 or less). Beyond Colorado, 
signals rapidly build up to S9+10 dB across the middle of the 
US, falling to S9 and then to S7 in the vicinity of Chicago, 
Illinois. Beyond Chicago, the signals drop to S5 in a swath 
from Michigan and part of Ohio down to Alabama. All along 
the US East Coast, signals come back strong at S9. 

The reason why the signals in Fig 26 drop down to S5 
in the Midwest is that the necessary elevation angles to cover 
this region in a single F2 hop are extremely low even at a 
moderate level of solar activity. To achieve launch angles as 
low as 1° requires either very high antenna heights or a 
high mountaintop location. Beyond the Midwest, out to the 
US East Coast, two F2 hops are required, with higher 
elevation angles and hence greater antenna gain for 
moderate antenna heights. 


Non-Hopping Propagation Modes 


Present propagation theory holds that for communica- 
tion distances of many thousands of kilometers, signals do 
not always hop in relatively short increments from iono- 
sphere-to-Earth-to-ionosphere and so forth along the entire 
path. Instead, the wave is thought to propagate inside the 
ionosphere throughout some portion of the path length, tend- 
ing to be ducted in the ionized layer. 

As was shown in Fig 24, the high-angle Pedersen ray 
can also penetrate an ionospheric layer farther than lower- 
angle rays. In the less-densely ionized upper edge of the 
layer, the amount of refraction is less, nearly equaling the 
curvature of the layer itself as it encircles the Earth. 

Non-hopping theory of long-distance propagation is fur- 
ther supported by studies of travel times for signals that go 
completely around the world. The time required is signifi- 
cantly less than would be necessary to hop between the Earth 
and the ionosphere 10 or more times while circling the Earth. 

Propagation between two points thousands of kilo- 
meters apart may in fact consist of a combination of ducting 
and hopping. It may involve combinations of refractions 
from the E layer and the F layer. Despite all the complex 
factors involved, most long-distance propagation can be seen 
to follow certain general rules. Thus, much commercial and 
military point-to-point communication over long distances 
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employs antennas designed to make maximum use of known 
radiation angles and layer heights, even on paths where 
multihop propagation is assumed. 

In amateur work, however, we usually try for the low- 
est practical radiation angle, hoping to keep reflection losses 
toa minimum. Years of amateur experience have shown this 
to be a decided advantage under all usual conditions. 

The geometry of propagation by means of the F, layer 
limits our maximum distance along the Earth’s surface to 
about 4000 km (2500 miles) for a single hop. For higher 
radiation angles, this same distance may require two or more 
hops (with higher reflection loss). And fewer hops are bet- 
ter, in most cases. If you have a nearby neighbor who con- 
sistently outperforms you on the longer paths, a radiation 
angle difference in his favor is probably the reason. 


MAXIMUM USABLE FREQUENCY 


The vertical-incidence critical frequency is the maxi- 
mum usable frequency for local sky-wave high-angle com- 
munication. It is also useful in the selection of optimum 
working frequencies and the determination of the maximum 
usable frequency for distant points at a given time. The 
abbreviation “MUF” for maximum usable frequency will 
be used hereafter. 

In geographic middle latitudes, the vertical-incident 
critical frequency ranges between about | and 4 MHz for 
the E layer, and between 2 and 13 MHz for the F, layer. The 
lowest figures are for nighttime conditions in the lowest years 
of the solar cycle. The highest are for the daytime hours in 
the years of high solar activity. These are average figures. 
Critical frequencies have reached as high as 20 MHz briefly 
during exceptionally high solar activity in the middle lati- 
tudes. As was pointed out earlier in Fig 22, f, F, levels 
approaching 40 MHz are possible at low latitudes. 

While vertical-incidence critical frequencies are inter- 
esting from a scientific point of view, hams are far more 
concerned about how we can exploit propagation conditions 
to communicate, preferably at long distances. The MUF for 
a 4000-km (2500 miles) distance is about 3.5 times the ver- 
tical-incidence critical f, F, frequency existing at the path 
midpoint. For one-hop signals, if a uniform ionosphere is 
assumed, the MUF decreases with shorter distances along 
the path. This is true because the higher-frequency waves 
must be launched at higher elevation angles for shorter 
ranges, and at these launch angles they are not bent suffi- 
ciently to reach the Earth. Thus, a lower frequency (where 
more bending occurs) must be used. 

Precisely speaking, a maximum usable frequency or 
MUF is defined for communication between two specific 
points on the Earth’s surface, for the conditions existing at 
the time, including the minimum elevation angle that the sta- 
tion can launch at the frequency in use. (This practical form 
of MUF is sometimes called the operational MUF). At the 
same time and for the same conditions, the MUF from either 
of these two points to a third point may be different. 
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Table 2 
Time and Frequency Stations Useful for 
Propagation Monitoring 


Call Frequency (MHz) Location 


WWV- 2.5, 5, 10, 15, 20 Ft Collins, Colorado 

WWVH Same as WWV but no 20 Kekaha, Kauai, 
Hawaii 

CHU 3.330, 7.335, 14.670 Ottawa, Ontario, 
Canada 


RID 5.004, 10.004, 15.004 Irkutsk, USSR* 


RWM_ 4.996, 9.996, 14.996 Novosibirsk, USSR 
VNG 2.5, 5, 8.634, 12.984, 16 Lyndhurst, Australia 
BPM _ 5, 5.43, 9.351, 10, 15 Xiang, China 

BSF 15 Taoyuan, Taiwan 


JJY 2.5, 5, 8, 10, 15 
LOL 5, 10, 15 


Tokyo, Japan 

Buenos Aires, 
Argentina 

“The call, taken from an international table, may not be 

the one used during actual transmission. Locations and 

frequencies appear to be accurate as provided. 


Therefore, the MUF cannot be expressed broadly as a 
single frequency, even for any given location at a particular 
time. The ionosphere is never uniform, and in fact at a given 
time and for a fixed distance, the MUF changes significantly 
with changes in compass direction for almost any point on 
the Earth. Under usual conditions, the MUF will always be 
highest in the direction toward the Sun—to the east in the 
morning, to the south at noon (from northern latitudes), and 
to the west in the afternoon and evening. 

For the strongest signals at the greatest distance, espe- 
cially where the limited power levels of the Amateur Radio 
Service are concerned, it is important to work fairly near 
the MUF. It is at these frequencies where signals suffer the 
least loss. The MUFs can be estimated with sufficient accu- 
racy by using the prediction charts that appear on the ARRL 
Web site (www.arrl.org/qst/propcharts/) or by using a 
computer prediction program. The CD-ROM bundled in the 
back of this book contains detailed and summary tables for 
more than 175 transmitting locations around the world. (See 
section on “What HF Bands Are Open—Where and When?” 
later in this chapter.) 

MUFs can also be observed, with the use of a continu- 
ous coverage communications receiver. Frequencies up to the 
MUFs are in round-the-clock use today. When you “run out 
of signals” while tuning upward in frequency from your 
favorite ham band, you have a pretty good clue as to which 
band is going to work well, right then. Of course, it helps to 
know the direction to the transmitters whose signals you are 
hearing. Shortwave broadcasters know what frequencies to 
use, and you can hear them anywhere, if conditions are good. 
Time-and-frequency stations are also excellent indicators, 
since they operate around the clock. See Table 2. WWV is 
also areliable source of propagation data, hourly, as discussed 
in more detail later in this chapter. 


The value of working near the MUF is two-fold. 
Under undisturbed conditions, the absorption loss decreases 
proportional to the square of a change in frequency. For 
example, the absorption loss is four times higher at 14 MHz 
than it is at 28 MHz. Perhaps more important, the hop dis- 
tance is considerably greater as the MUF is approached. A 
transcontinental contact is thus much more likely to be made 
on a single hop on 28 MHz than on 14 MHz, so the higher 
frequency will give the stronger signal most of the time. 
The strong-signal reputation of the 28-MHz band is founded 
on this fact. 


LOWEST USABLE FREQUENCY 


There is also a lower limit to the range of frequencies 
that provide useful communication between two given points 
by way of the ionosphere. Lowest usable frequency is 
abbreviated LUF. If it were possible to start near the MUF 
and work gradually lower in frequency, the signal would 
decrease in strength and eventually would disappear into 
the ever-present “background noise.” This happens because 
signal absorption increases proportional to the square of the 
lowering of the frequency. The frequency nearest the point 
where reception became unusable would be the LUF. It is 
not likely that you would want to work at the LUF, although 
reception could be improved if the station could increase 
power by a considerable amount, or if larger antennas could 
be used at both ends of the path. 

For example, when solar activity is very high at the 
peak of a solar cycle, the LUF often rises higher than 
14 MHz on the morning Eastern US-to-Europe path on 
20 meters. Just before sunrise in the US, the 20-meter band 
will be first to open to Europe, followed shortly by 15 meters, 
and then 10 meters as the Sun rises further. By mid-morn- 
ing, however, when 10 and 15 meters are both wide open, 
20 meters will become very marginal to Europe, even when 
both sides are running maximum legal power levels. By 
contrast, stations on 10 meters can be worked readily with a 
transmitter power of only 1 or 2 watts, indicating the wide 
range between the LUF and the MUF. 

Frequently, the window between the LUF and the MUF 
for two fixed points is very narrow, and there may be no ama- 
teur frequencies available inside the window. On occasion 
the LUF may be higher than the MUF between two points. 
This means that, for the highest possible frequency that will 
propagate through the ionosphere for that path, the absorp- 
tion is so great as to make even that frequency unusable. Under 
these conditions it is impossible to establish amateur sky-wave 
communication between those two points, no matter what 
frequency is used. (It would normally be possible, however, 
to communicate between either point and other points on some 
frequency under the existing conditions.) Conditions when 
amateur sky-wave communication is impossible between two 
fixed points occur commonly for long distances where the 
total path is in darkness, and for very great distances in the 
daytime during periods of low solar activity. 

Fig 27 shows a typical propagation prediction from 
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Fig 27—Propagation prediction chart for East Coast of 
US to Europe. This appeared in December 1994 QST, 
where an average 2800-MHz (10.7-cm) solar flux of 83 
was assumed for the mid-December to mid-January 
period. On 10% of these days, the highest frequency 
propagated was predicted at least as high as the 
uppermost curve (the Highest Possible Frequency, or 
HPF, approximately 21 MHz), and for 50% of the days 
as high as the middle curve, the MUF. The broken lines 
show the Lowest Usable Frequency (LUF) for a 1500-W 
CW transmitter. 


the ARRLWeb members-only site (www.arrl.org/qst/ 
propcharts/, previously from the ““How’s DX” column in 
QST). In this instance, the MUF and the LUF lines are blurred 
together at about 10 UTC, meaning that the statistical like- 
lihood of any amateur frequency being open for that par- 
ticular path at that particular time was not very good. Later 
on, after about 11 UTC, the gap between the MUF and LUF 
increased, indicating that the higher bands would be open 
on that path. 


DISTURBED IONOSPHERIC 
CONDITIONS 


So far, we have discussed the Earth’s ionosphere when 
conditions at the Sun are undisturbed. There are three gen- 
eral types of major disturbances on the Sun that can affect 
radio propagation here on the Earth. On the air, you may 
hear people grousing about Solar Flares, Coronal Holes or 
Sudden Disappearing Filaments, especially when propaga- 
tion conditions are not good. Each of these disturbances 
causes both electromagnetic radiation and ejection of mate- 
rial from the Sun. 


Solar Flares 


Solar flares are cataclysmic eruptions that suddenly 
release huge amounts of energy, including sustained, high- 
energy bursts of radiation from VLF to X-ray frequencies 
and vast amounts of solar material. Most solar flares occur 
around the peak of the 11-year solar cycle. 

The first Earthly indication of a huge flare is often a 
visible brightness near a sunspot group, along with increases 
in UV, X-ray radiation and VHF radio noise. If the geom- 
etry between the Sun and Earth is right, intense X-ray 
radiation takes eight minutes, traveling the 93 million miles 
to Earth at the speed of light. The sudden increase in X-ray 
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energy can immediately increase RF absorption in the Earth’s 
lowest ionospheric layers, causing a phenomenon known as 
a Sudden Ionospheric Disturbance (SID). 

An SID affects all HF communications on the sunlit 
side of the Earth. Signals in the 2 to 30-MHz range may 
disappear entirely, and even most background noise may 
cease in extreme cases. When you experience a big SID, 
your first inclination may be to look outside to see if your 
antenna fell down! SIDs may last up to an hour before iono- 
spheric conditions temporarily return to normal. 

Between 45 minutes and 2 hours after an SID begins, 
particles from the mass eruption on the Sun may begin to 
arrive. These high-energy particles are mainly protons and 
they can penetrate the ionosphere at the Earth’s magnetic 
poles, where intense ionization can occur, with attendant 
absorption of HF signals propagating through the polar 
regions. This is called a Polar Cap Absorption (PCA) event 
and it may last for several days. A PCA results in spectacu- 
lar auroral displays at high latitudes. 


Coronal Holes 


As described earlier in the section dealing with auroral 
propagation at VHF, a second major solar disturbance is a so- 
called “coronal hole” in the Sun’s outer layer (the corona). 
Temperatures in the corona can be more than four million °C 
over an active sunspot region but more typically are about two 
million °C. A coronal hole is an area of somewhat lower tem- 
perature. Solar-terrestrial scientists have a number of compet- 
ing theories about how coronal holes are formed. 

Matter ejected through this “hole” takes the form of a 
plasma, a highly ionized gas made up of electrons, protons 
and neutral particles, traveling at speeds up to 1,000 km per 
second (2 million miles per hour). The plasma becomes part 
of the solar wind and can affect the Earth’s magnetic field, 
but only if the Sun-Earth geometry is right. A plasma has a 
very interesting and somewhat bizarre ability. It can lock-in 
the orientation of the magnetic field where it originates and 
carry it outwards into space. However, unless the locked-in 
magnetic field orientation is aligned properly with the Earth’s 
magnetic field, even a large plasma mass may not severely 
disrupt our magnetosphere, and thence our ionosphere. 

Presently, we don’t have the ability to predict very long 
in advance when the Sun might erupt in a disturbance that 
results in Earthly propagation problems. The SOHO satel- 
lite can help determine whether a mass ejection is heading 
towards Earth, and the ACE satellite about 1 million miles 
away from Earth can give about an hour’s warning whether 
the imbedded magnetic field in a mass ejection from the 
Sun might impact the Earth’s magnetosphere, causing propa- 
gation problems for hams. 

Statistically, coronal holes tend to occur most often 
during the declining phase of the 11-year solar cycle and 
they can last for a number of solar rotations. This means 
that a coronal hole can be a “recurring coronal hole,” dis- 
rupting communications for several days about the same time 
each month for as long as a year, or even more. 
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Sudden Disappearing Filaments 


A sudden disappearing filament (SDF) is the third 
major category of solar disturbance that can affect propaga- 
tion. SDFs take their names from the manner in which they 
suddenly arch upward from the Sun’s surface, spewing huge 
amounts of matter as plasma out into space in the solar 
wind. They tend to occur mostly during the rising phase of 
the 11-year solar cycle. 


IONOSPHERIC STORMS 


When the conditions are right, a flare, coronal hole or 
an SDF can launch a plasma cloud into the solar wind, 
resulting in an ionospheric storm here on Earth. Unlike a 
hurricane or a winter Nor’ easter storm in New England, an 
ionospheric storm is not something we can see with our eyes 
or feel on our skins. We can’t easily measure things occur- 
ring in the ionosphere some 200 miles overhead. However, 
we can see the indirect effects of an ionospheric storm on 
magnetic instruments located on the Earth’s surface, because 
disturbances in the ionosphere are closely related to the 
Earth’s magnetic field. The term Geomagnetic Storm (“Geo” 
means “Earth” in Greek) is used almost synonymously with 
ionospheric storm. 

During a ionospheric storm, we may experience 
extraordinary radio noise and interference, especially at HF. 
You may hear solar radio emissions as increases of noise at 
VHF. A geomagnetic storm generally adds noise and weak- 
ens or disrupts ionospheric propagation for several days. 
Transpolar signals at 14 MHz or higher may be particularly 
weak, with a peculiar hollow sound or flutter—even more 
than normal for transpolar signals. 

Depending on the severity of the disturbance to the 
Earth’s geomagnetic field and the consequent disturbance 
of the ionosphere, propagation may be disrupted completely 
or it might be at least degraded for a period of time that 
ranges from a day to three or four days before returning to 
normal propagation conditions. 

What can we do about the solar disturbances and 
related disturbed ionospheric propagation on Earth? The 
truth is that we are powerless faced with the truly awe- 
some forces of solar disturbances like flares, coronal holes 
or sudden disappearing filaments. Perhaps there is some 
comfort, however, in understanding what has happened to 
cause our HF bands to be so poor. And as a definite con- 
solation, conditions on the VHF bands are often excep- 
tionally good just when HF propagation is remarkably poor 
due to solar disturbances. VHF operators enthusiastically 
look forward to conditions when they can engage in auroral 
communications—exactly the kind of conditions that have 
HF operators scratching their heads, wondering where the 
ionosphere went. 


ELEVATION ANGLES FOR HF 
COMMUNICATION 


It was shown in connection with Fig 25 that the dis- 
tance at which a ray returns to Earth depends on the eleva- 
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Single Hop Distance 


Fig 28—Distance plotted against wave angle (one-hop 
transmission) for the nominal range of heights for the 
E and F2 layers, and for the F1 layer. 


tion angle at which it left the Earth (also known by other 
names: takeoff, launch or wave angle). Chapter 3, The 
Effects of Ground, in this book deals with the effects of 
local terrain, describing how the elevation angle of a hori- 
zontally polarized antenna is determined mainly by its height 
above the ground. 

Although it is not shown specifically in Fig 25, propa- 
gation distance also depends on the layer height at the time, 
as well as the elevation angle. As you can probably imag- 
ine, the layer height is a very complex function of the state 
of the ionosphere and the Earth’s geomagnetic field. There 
is a large difference in the distance covered in a single hop, 
depending on the height of the E or the F, layer. The maxi- 
mum single-hop distance by the E layer is about 2000 km 
(1250 miles) or about half the maximum distance via the F, 
layer. Practical communicating distances for single-hop E 
or F layer work at various wave angles are shown in graphic 
form in Fig 28. 

Actual communication experience usually does not fit 
the simple patterns shown in Fig 25. Propagation by means 
of the ionosphere is an enormously complicated business 
(which makes it all the more intriguing and challenging to 
radio amateurs, of course), even when the Sun is not in a 
disturbed state. Until the appearance of sophisticated com- 
puter models of the ionosphere, there was little definitive 
information available to guide the radio amateur in the 


design of his antenna systems for optimal performance over 
all portions of the 11-year solar cycle. Elevation angle 
information that had appeared for many years in The ARRL 
Antenna Book was measured for only one transmitting path, 
during the lowest portion of Solar Cycle 17 in 1934. 


The [ONCAP Computer Propagation Model 


Since the 1960s several agencies of the US govern- 
ment have been working on a detailed computer program 
that models the complex workings of the ionosphere. The 
program has been dubbed JONCAP, short for “Ionospheric 
Communications Analysis and Prediction Program.” 
IONCAP was originally written for a mainframe computer, 
but later versions have been rewritten to allow them to be 
run by high-performance personal computers. JONCAP 
incorporates a detailed database covering almost three com- 
plete solar cycles. The program allows the operator to specify 
a wide range of parameters, including detailed antenna 
models for multiple frequency ranges, noise models tailored 
to specific local environments (from low-noise rural to noisy 
residential QTHs), minimum elevation angles suitable for a 
particular location and antenna system, different months and 
UTC times, maximum levels of multipath distortion, and 
finally solar activity levels, to name the most significant of 
a bewildering array of options. 

While JONCAP has a well-justified reputation for 
being very unfriendly to use, due to its mainframe, non- 
interactive background, it is also the one ionospheric model 
most highly regarded for its accuracy and flexibility, both 
by amateurs and professionals alike. It is the program used 
for many years to produce the long-term MUF charts for- 
merly included in the “How’s DX” monthly column of OST 
and now available on the Members Only ARRLWeb page. 

IONCAP is not well suited for short-term forecasts of 
propagation conditions based on the latest solar indices 
received from WWYV. It is an excellent tool, however, for 
long-range, detailed planning of antenna systems and short- 
wave transmitter installations, such as that for the Voice of 
America, or for radio amateurs. See the section later in this 
chapter describing other computer programs that can be used 
for short-term, interactive propagation predictions. 


IONCAP/VOACAP Parameters 


The elevation-angle statistical information contained 
in this section was compiled from thousands of VOACAP 
runs (an improved version of IONCAP developed by scien- 
tists from VOA, the Voice of America). These runs were 
done for a number of different transmitting locations 
throughout the world to important DX locations throughout 
the world. 

Some assumptions were needed for setting VOACAP 
parameters. The transmitting and receiving sites were all 
assumed to be located on flat ground, with “average” ground 
conductivity and dielectric constant. Each site was assumed 
to have a clear shot to the horizon, with a minimum eleva- 
tion angle less than or equal to 1°. Electrical noise at each 
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Table 3 
Boston, Massachusetts, to All of Europe 
Elev 80m 40m 30m 20m 17m 15m 12m 10m 


1 4.1 9.6 4.6 1.7 2.1 4.4 5.5 7.2 
2 0.8 2.3 7.2 1.4 2.8 2.8 3.7 5.3 
3 0.3 0.7 4.3 3.1 2.4 2.2 4.4 7.9 
4 0.5 4.1 8.7 11.6 12.2 9.4 8.1 3.9 
5 4.6 4.8 7.5 12.7 14.3 13.1 9.2 11.2 
6 7.4 8.9 5.5 9.2 9.6 12.2 9.2 7.2 
7 8.5 6.9 7.2 4.6 7.9 7.4 10.0 5.9 
8 5.1 7.0 5.4 3.2 5.9 7.4 4.8 6.6 
9 3.3 5.6 3.2 3.1 2.1 3.9 8.1 9.2 
10 1.0 4.0 7.9 6.3 5.1 3.7 11.1 6.6 
11 1.9 3.8 9.7 10.2 7.2 5.4 3.7 7.9 
12 5.6 3.4 4.8 8.5 6.9 7.4 4.8 6.6 
13 11.0 3.0 2.4 4.1 5.9 4.6 3.3 2.6 
14 7.6 4.8 2.0 2.7 3.8 3.9 6.3 5.9 
15 5.3 7.9 2.0 1.5 2.4 1.7 1.5 2.0 
16 2.8 6.4 3.8 2.9 1.5 1.3 2.6 2.6 
17 5.0 3.4 4.5 3.1 1.0 1.5 0.0 0.0 
18 4.2 2.0 3.1 3.1 2.0 2.2 1.8 1.3 
19 5.7 1.4 1.4 2.3 1.3 0.7 0.0 0.0 
20 6.6 1.4 1.2 1.8 1.1 1.3 0.7 0.0 
21 4.4 1.4 0.5 0.8 0.7 0.7 0.4 0.0 
22 2.3 2.4 1.0 1.1 0.6 1.3 0.7 0.0 
23 1.3 1.8 0.1 0.3 0.1 0.0 0.0 0.0 
24 0.6 1.0 0.5 0.5 0.4 0.7 0.0 0.0 
25 0.3 0.8 0.3 0.1 0.4 0.0 0.0 0.0 
26 0.0 0.5 0.7 0.2 0.1 0.4 0.0 0.0 
27 0.1 0.1 0.1 0.2 0.1 0.2 0.0 0.0 
28 0.0 0.3 0.1 0.2 0.0 0.2 0.0 0.0 
29 0.1 0.0 0.2 0.0 0.0 0.0 0.0 0.0 
30 0.0 0.1 0.0 0.0 0.0 0.0 0.0 0.0 
31 0.0 0.0 0.0 0.0 0.0 0.0 0.0 0.0 
32 0.0 0.0 0.1 0.0 0.0 0.0 0.0 0.0 
33 0.1 0.0 0.0 0.0 0.0 0.0 0.0 0.0 
34 0.0 0.0 0.0 0.0 0.0 0.0 0.0 0.0 
35 0.0 0.0 0. 0.0 0.0 0.0 0.0 0.0 


Percentage of time a particular frequency band is open on this specific propagation path. 





receiving location was also assumed to be very low. 
































Percentage of Time 40 Meters is Open, At or Below Each Elevation Angle Transmitting and receiving antennas for the 3.5 to 
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Elevation Angle, Degree Fig 29—The cumulative distribution function showing the 
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50% of the time the band is open to Europe from Boston, it is 
at 10° or less. The angles for DX work are indeed low. 
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Fig 30—The cumulative distribution function showing 
the total percentage of time that 80 meters is open, at 
or below each elevation angle, from Boston to the 
world. For example, 50% of the time the band is open 
to Europe from Boston, it is at 13° or less. 


tion for the path from Boston, Massachusetts, near ARRL 
HQ in Newington, Connecticut, to all of Europe. The data 
incorporated into Table 3 shows the percentage of time ver- 
sus elevation angle for all HF bands from 80 meters to 
10 meters, over all portions of the 11-year solar cycle. The 
CD-ROM accompanying this book contains more tables 
such as this for more than 150 transmitting sites around the 
world. These tables are used by the HFTA program (and 
earlier YT program) and can also be imported into many 
programs, such as word processors or spreadsheets. Six 
important areas throughout the world are covered, one per 
table: all of Europe (from London, England, to Kiev, 
Ukraine), the Far East (centered on Japan), South America 
(Paraguay), Oceania (Melbourne, Australia), Southern 
Africa (Zambia) and South Asia (New Delhi, India). 

You may be surprised to see in Table 3 that angles lower 
than 10° dominate the possible range of incoming angles 
for this moderate-distance path from New England to 
Europe. In fact, 1.7% of all the times when the 20-meter 
band is open to Europe, the takeoff angle is as low as 1°. 
You should recognize that very few real-world 20-meter 
antennas achieve much gain at such an extremely low 
angle—unless they just happen to be mounted about 
400 feet high over flat ground or else are located on the top 
of a tall, steep mountain. 

The situation is even more dramatic on 40 and 
80 meters. Fig 29 shows the “cumulative distribution func- 
tion” of the total percentage of time (derived from Table 3) 
when 40 meters is open from Boston to the rest of the world, 
plotted against the elevation angle. For example, into Eu- 
rope from Boston, 50% of the time when the band is open, it 
is at 10° or less. Into Japan from Boston, the statistics are 
even more revealing: 50% of the time when the band is open, 
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Fig 31—Overlay of signals and elevation angles, 
together with hop-mode information. This is for one 
month, October, at one level of solar activity, SSN=70, 
for the path from Newington, CT, to London, England. 
The mode of propagation does not closely follow the 
elevation angle. From 15 to 19 UTC the mode is 3F2 
hops, and the elevation angle is approximately 12°. The 
same elevation angle is required from 23 to 03 UTC, 
but here the mode is 2F2 hops. 


the angle is 6° or less, and 90% of the time the angle is 13° 
or less! 

Fig 30 shows the same sort of information for 80 meters 
from Boston to the world. For 50% of the time from Boston 
to Europe the elevation angle is 13° or less; at the 90% level 
the angle is 20° or less. For the path to Japan on 80 meters 
from Boston, 50% of the time the angle is 8° or less; at the 
90% level, the angle is 13° or less. Now, to achieve peak 
gain on 80 meters at an elevation angle of 8° over flat land, 
a horizontally polarized antenna must be 500 feet high. You 
can begin to see why verticals can do very well on long- 
distance contacts on 80 meters, even when they are mounted 
over poorly conducting, rocky ground. Clearly, low angles 
are very important for successful DXing. 


The lonosphere Controls Propagation 


You should always remember that it is the ionosphere 
that controls the elevation angles, not the transmitting 
antenna. The elevation response of a particular antenna only 
determines how strong or weak a signal is, at whatever angle 
(or angles) the ionosphere is supporting at that particular 
instant, for that propagation path and for that frequency. 

If only one propagation mode is possible at a particu- 
lar time, and if the elevation angle for that one mode hap- 
pens to be 5°, then your antenna will have to work 
satisfactorily at that very low angle or else you won’t be 
able to communicate. For example, if your low dipole has a 
gain of —10 dBi at 5°, compared to your friend’s Yagi on a 
mountain top with +10 dBi gain at 5°, then you will be down 
20 dB compared to his signal. It’s not that the elevation angle 
is somehow too low—the real problem here is that you don’t 
have enough gain at that particular angle where the iono- 
sphere is supporting propagation. Many “flatlanders” can 
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vividly recall the times when their mountain-top friends 
could easily work DX stations, while they couldn’t even 
hear a whisper. 


Looking at the Data—Further Cautions 


A single propagation mode is quite common at the 
opening and the closing of daytime bands like 20, 15 or 
10 meters, when the elevation angle is often lower (but not 
always) than when the band is wide open. The lower- 
frequency bands tend to support multiple propagation modes 
simultaneously. For example, Fig 31 plots the signal strength 
(in dBuV) and the elevation angle for the dominant mode 
(with the strongest signal) over a 24-hour period from 
Newington to London in October, for a medium-level SSN 
= 70. The morning opening at 10 UTC starts out with a two- 
hop 2F, mode (labeled 2F) at an elevation angle of 6°. By 
11 UTC the mode has changed to a three-hop 3F, (labeled 
3F) at a 12° elevation angle. The band starts to close down 
with weaker signals after about 23 UTC. Note that this path 
actually supports both 2F, and 3F, modes most of the time. 
Either mode may be stronger than the other, depending on 
the particular time of day. 

It is tempting to think that two-hop signals always 
occur at lower elevation launch angles, while three-hop sig- 
nals require higher elevation angles. In reality, the detailed 
workings of the ionosphere are enormously complicated. 
From 22 UTC to 03 UTC, the elevation angles are higher 
than 11° for 2F, hops. During much of the morning and 
early afternoon in Newington (from 11 to 13 UTC, and from 
15 to 19 UTC), the angles are also higher than 11°. How- 
ever, 3F, hops are involved during these periods of time. 
The number of hops is not directly related to the elevation 
angles needed—changing layer heights account for this. 
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Fig 32—October 20-meter signals and elevation angles 
for the full range of solar activity, from W1 to England. 
The elevation angle does not closely follow the level of 
solar activity. What is important in designing a station 
capable of covering all levels of solar activity is to 
have flexibility in antenna elevation pattern response 
— to cover a wide range of possible angles. 
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Note that starting around 15 UTC, the mid-morning 
20-meter “slump” (down some 10 dB from peak signal level) 
is caused by higher levels of mainly E-layer absorption when 
the Sun is high overhead. This condition favors higher 
elevation angles, since signals launched at lower angles must 
travel for a longer time through the lossy lower layer. 

How does the situation change with different levels of 
solar activity? Fig 32 overlays predicted signals and eleva- 
tion angles for three levels of solar activity in October, again 
for the Newington-London path. Fig 32 shows the mid- 
morning slump dramatically when the solar activity is at 
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Fig 33—10-meter graph of the percentage of all 
openings versus elevation angles, together with 
overlay of elevation patterns over flat ground for three 
10-meter antenna systems. Stacked antennas have 
wider “footprints” in elevation angle coverage for this 
example from New England to Europe. 
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Fig 34—15-meter graph of the percentage of all 
openings versus elevation angles, together with overlay 
of elevation patterns over flat ground for two 15-meter 
antenna systems. Like 10 meters, 15-meter stacked 
antennas have wider footprints in elevation angle 
coverage for this example from New England to Europe. 


20 m, W1 to Europe 
% of Openings, All SSN. Months 


20 + +20 


a+ 
a ~ 


ys . 
a = ma { 
1S + “ +15 
ted sa Ba Se . + 
a ete 1 
ow al ba ; 
| ° 2° a 
2 ‘ z 
F 10 o «| lo ¢ 
S " 3 
2 = | - 
¢ ; 
mt i 
5 +§ 
0 ull AA ‘Al A han, on Deion) s |g) 
9 ll 3 I 17 © 2 3 2 27 29 
Elevation Angle, Degrees 








™- 4-Ele. Yagi, 90° @ 4-Ele. Yagi, 129 wm Stack, 120/90/60/30° 





Fig 35—20-meter graph of the percentage of all 
openings from New England to Europe versus elevation 
angles, together with overlay of elevation patterns over 
flat ground for three 20-meter antenna systems. 
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Fig 36—40-meter graph of the percentage of all 
openings from New England to Europe versus 
elevation angles, together with overlays of elevation 
patterns over flat ground for a 100-foot high dipole and 
a large 4-element Yagi at 160 feet. Achieving gain at 
very low elevation angles requires very high heights 
above ground. 


a very high level, represented by SSN = 160. At 15 UTC, 
the signal level drops 35 dB from peak level, and the ele- 
vation angle rises all the way to 24°. By the way, as a 
percentage of all possible openings, the 24° angle occurs 
only rarely, 0.5% of the time. It barely shows up as a blip 
in Table 3. Elevation angles are not closely related to the 
level of solar activity. 

IONCAP/VOACAP demonstrates that elevation angles do 
not follow neat, easily identified patterns, even over a 
24-hour period—much less over all portions of the solar cycle. 
Merely looking at the percentage of all openings versus 
elevation angle, as shown in Table 3, does not tell the whole 
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Fig 37—80-meter graph of the percentage of all 
openings from New England to Europe versus elevation 
angles, together with overlay of elevation patterns over 
flat ground for dipoles at two different heights. The 200- 
foot-high dipole clearly covers the necessary elevation 
angles better than does the 100-foot-high dipole, 
although a Four Square vertical array located over 
saltwater is even better for all angles needed. 


story, although it is probably the most statistically valid approach 
to station design, and possibly the most emotionally satisfying 
approach too. Neither is the whole story revealed by looking 
only at a snapshot of elevation angles versus time for one par- 
ticular month, or for one solar activity level. 

What is important to recognize is that the most effec- 
tive antenna system will be one that can cover the full range 
of elevation angles, over the whole spectrum of solar activ- 
ity, even if the actual angle in use at any one moment in 
time may not be easy to determine. For this particular path, 
from New England to all of Europe, an ideal antenna would 
have equal response over the full range of angles from 1° to 
28°. Unfortunately, real-world antennas have a tough time 
covering such a wide range of elevation angles equally well. 


Antenna Elevation Patterns 


Figs 33 through 37 show overlays of the same sort of 
elevation angle information listed in Table 3, together with 
the elevation response patterns for typical antennas for the 
HF amateur bands 80, 40, 20, 15 and 10 meters. For 
example, Fig 34 shows an overlay for 20 meters, with three 
different types of 20-meter antennas. These are a 4-element 
Yagi at 90 feet, a 4-element Yagi at 120 feet and a large 
stack of four 4-element Yagis located at 120, 90, 60 and 
30 feet. Each antenna is assumed to be mounted over flat 
ground. Placement on a hill with a long slope in the direc- 
tion of interest would lower the required elevation angle by 
the amount of the hill’s slope. For example, if a 10° launch 
angle is desired, and the antenna is placed on a hill with a 
slope of —5°, the antenna itself should be designed for a 
height that would optimize the response at 15° over flat 
ground—one wavelength high. 
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In Fig 35, the large stack of four 20-meter Yagis over 
flat ground comes closest to being ideal, but even this large 
array will not work well for that very small percentage of 
time when the angle needed is higher than about 20°. Some 
hams might conclude that the tiny percentage of time when 
the angles are very high doesn’t justify an antenna tailored 
for that response. However, when that new DX country pops 
up on a band, or when a rare multiplier shows up in a con- 
test, doesn’t it always seem that the desired signal only comes 
in at some angle your antenna doesn’t cover well? What do 
you do then, if your only antenna happens to be a large stack? 

The answer to this, perhaps unique, high-angle prob- 
lem lies in switching to using only the top antenna in the 
stack. In this example, the second elevation lobe of the 
120-foot high antenna would cover the angles from 20° to 
30° well, much better than the stack does. Note that the top 
antenna by itself would not be ideal for all conditions. It is 
simply too high much of the time when the elevation angles 
are higher than about 12°. The experience of many ama- 
teurs on the US East Coast with high 20-meter antennas 
bears this out—they find that 60 to 90-foot high antennas 
are far more consistent performers into Europe. 


ONE-WAY PROPAGATION 


On occasion a signal may be started on the way back 
toward the Earth by reflection from the F region, only to come 
down onto the top of the E region and be reflected back up 
again. This set of conditions is one possible explanation for 
the often-reported phenomenon called one-way skip. The 
reverse path may not necessarily have the same multilayer 
characteristic. The effect is more often a difference in the 
signal strengths, rather than a complete lack of signal in one 
direction, and many times there may be local noises that mask 
signals at one end of the path. It is important to remember 
these sorts of possibilities when a long-distance test with a 
new antenna system yields apparently conflicting results. 
Even many tests, on paths of different lengths and headings, 
may provide data that are difficult to understand. Communi- 
cation by way of the ionosphere is not always a source of 
consistent answers to antenna questions. 

Fig 37 shows the 80-meter path from New England to 
Europe with three different antennas. A really high dipole 
at a height of 200 feet above flat ground would certainly be 
an impressive antenna. But it would still be overshadowed 
dramatically by a Four-Square vertical array, at least at the 
low elevation angles needed often on this path. This is predi- 
cated on the Four Square being located over salt water, which 
provides a virtually perfect RF ground. At an elevation angle 
of 7°, the Four Square has 7 dB more gain than the 200-foot 
high dipole. 


SHORT OR LONG PATH? 


Propagation between any two points on the Earth’s 
surface is usually by the shortest direct route—the great- 
circle path found by stretching a string tightly between the 
two points on a globe. If an elastic band going completely 
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around the globe in a straight line is substituted for the string, 
it will show another great-circle path, going “the long way 
around.” The long path may serve for communication over 
the desired circuit when conditions are favorable along the 
longer route. There may be times when communication is 
possible over the long path but not possible at all over the 
short path. Especially if there is knowledge of this potential 
at both ends of the circuit, long-path communication may 
work very well. Cooperation is almost essential, because 
both the aiming of directional antennas and the timing of 
the attempts must be right for any worthwhile result. The 
IONCAP/VOACAP computations in the preceding tables 
were made for short-path azimuths only. 

Sunlight is a required element in long-haul communi- 
cation via the F layer above about 10 MHz. This fact tends 
to define long-path timing and antenna aiming. Both are 
essentially the reverse of the “normal” for a given circuit. 
We know also that salt-water paths work better than over- 
land ones. This can be significant in long-path work. 

We can better understand several aspects of long-path 
propagation if you become accustomed to thinking of the 
Earth as a ball. This is easy if you use a globe frequently. A 
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Fig 38—K5ZI’s computer-generated azimuthal- 
equidistant projection centered on Newington, 
Connecticut. (See Bibliography for ordering 
information.) Land masses and information showing 
long paths to Perth and Tokyo have been added. Notice 
that the paths in both cases lie almost entirely over 
water, rather than over land masses. 


flat map of the world, of the azimuthal-equidistant projec- 
tion type, is a useful substitute. The ARRL World Map is 
one, centered on Wichita, Kansas. A similar world map 
prepared by KSZI and centered on Newington, Connecti- 
cut, is shown in Fig 38. These help to clarify paths involv- 
ing those areas of the world. 


Long-Path Examples 


There are numerous long-path routes well known to 
DX-minded amateurs. Two long paths that work frequently 
and well when 28 MHz is open from the northeastern US 
are New England to Perth, Western Australia, and New 
England to Tokyo. Although they represent different beam 
headings and distances, they share some favorable condi- 
tions. By the long path, Perth is close to halfway around the 
world; Tokyo is about three-quarters of the way. On 28 MHz, 
both areas come through in the early daylight hours, East- 
ern Time, but not necessarily on the same days. Both paths 
are at their best around the equinoxes. (The sunlight is more 
uniformly distributed over transequatorial paths at these 
times.) Probably the factor that most favors both is the 
nature of the first part of the trip at the US end. To work 
Perth by way of long path, northeastern US antennas are 
aimed southeast, out over salt water for thousands of miles— 
the best low-loss start a signal could have. It is salt water 
essentially all the way, and the distance, about 13,000 miles, 
is not too much greater than the “short” path. 

The long path to Japan is more toward the south, but 
still with no major land mass at the early reflection points. It 
is much longer, however, than that to Western Australia. 
Japanese signals are more limited in number on the long 
path than on the short, and signals on the average somewhat 
weaker, probably because of the greater distance. 

On the short path, an amateur in the Perth area is look- 
ing at the worst conditions—away from the ocean, and out 
across the huge land mass of North America, unlikely to 
provide strong ground reflections. The short paths to both 
Japan and Western Australia, from most of the eastern half 
of North America, are hardly favorable. The first hop comes 
down in various western areas likely to be desert or moun- 
tains, or both, and not favored as reflection points. 

A word of caution: Don’t count on the long-path signals 
always coming in on the same beam heading. There can be 
notable differences in the line of propagation via the ionosphere 
on even relatively short distances. There can be more varia- 
tions on long path, especially on circuits close to halfway around 
the world. Remember, for a point exactly halfway around, all 
directions of the compass represent great-circle paths. 


FADING 


When all the variable factors in long-distance HF com- 
munication are taken in account, it is not surprising that sig- 
nals vary in strength during almost every contact beyond 
the local range. In VHF communication we can also 
encounter some fading at distances greater than just to the 
visible horizon. These are mainly the result of changes in 


the temperature and moisture content of the air in the first 
few thousand feet above the ground. 

On paths covered by HF ionospheric modes, the causes 
of fading are very complex—constantly changing layer 
height and density, random polarization shift, portions of 
the signal arriving out of phase, and so on. The energy 
arriving at the receiving antenna has components that have 
been acted upon differently by the ionosphere. Often the 
fading is very different for small changes in frequency. With 
a signal of a wideband nature, such as high-quality FM, or 
even double-sideband AM, the sidebands may have differ- 
ent fading rates from each other, or from the carrier. This 
causes severe distortion, resulting in what is termed selec- 
tive fading. The effects are greatly reduced (but still present 
to some extent) when single-sideband (SSB) is used. Some 
immunity from fading during reception (but not to the dis- 
tortion induced by selective fading) can be had by using 
two or more receivers on separate antennas, preferably with 
different polarizations, and combining the receiver outputs 
in what is known as a diversity receiving system. 


OTHER PROPAGATION MODES 


In propagation literature there is a tendency to treat the 
various propagation modes as if they were separate and dis- 
tinct phenomena. This they may be at times, but often there is 
a shifting from one to another, or a mixture of two or more 
kinds of propagation affecting communication at one time. In 
the upper part of the usual frequency range for F-region work, 
for example, there may be enough tropospheric bending at one 
end (or both ends) to have an appreciable effect on the usable 
path length. There is the frequent combination of E and 
F-region propagation in long-distance work. And in the case 
of the E region, there are various causes of ionization that have 
very different effects on communication. Finally, there are 
weak-signal variations of both tropospheric and ionospheric 
modes, lumped under the term “scatter.” We look at these phe- 
nomena separately here, but in practice we have to deal with 
them in combination, more often than not. 


Sporadic E (E,) 

First, note that this is E-subscript-s, a usefully descrip- 
tive term, wrongly written “Es” so often that it is some- 
times called “ease,” which is certainly not descriptive. 
Sporadic E is ionization at E-layer height, but of different 
origin and communication potential from the E layer that 
affects mainly our lower amateur frequencies. 

The formative mechanism for sporadic E is believed 
to be wind shear. This explains ambient ionization being 
distributed and compressed into a ledge of high density, 
without the need for production of extra ionization. Neutral 
winds of high velocity, flowing in opposite directions at 
slightly different altitudes, produce shears. In the presence 
of the Earth’s magnetic field, the ions are collected at a par- 
ticular altitude, forming a thin, overdense layer. Data from 
rockets entering E, regions confirm the electron density, 
wind velocities and height parameters. 
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The ionization is formed in clouds of high density, last- 
ing only a few hours at a time and distributed randomly. 
They vary in density and, in the middle latitudes in the North- 
ern Hemisphere, move rapidly from southeast to northwest. 
Although E, can develop at any time, it is most prevalent in 
the Northern Hemisphere between May and August, with a 
minor season about half as long beginning in December (the 
summer and winter solstices). The seasons and distribution 
in the Southern Hemisphere are not so well known. Austra- 
lia and New Zealand seem to have conditions much like 
those in the US, but with the length of the seasons reversed, 
of course. Much of what is known about E, came as the 
result of amateur pioneering in the VHF range. 

Correlation of E, openings with observed natural phe- 
nomena, including sunspot activity, is not readily apparent, 
although there is a meteorological tie-in with high-altitude 
winds. There is also a form of E,, mainly in the northern 
part of the north temperate zone, that is associated with 
auroral phenomena. 

At the peak of the long E, season, most commonly in 
late June and early July, ionization becomes extremely dense 
and widespread. This extends the usable range from the more 
common “single-hop” maximum of about 1400 miles to 
“double-hop” distances, mostly 1400 to 2500 miles. With 
50-MHz techniques and interest improving in recent years, 
it has been shown that distances considerably beyond 
2500 miles can be covered. There is also an E, “link-up” 
possibility with other modes, believed to be involved in some 
50-MHz work between antipodal points, or even long-path 
communication beyond 12,500 miles. 

When E, is particularly strong and widespread, even 
the HF bands can suddenly go short skip producing excep- 
tionally strong signals from distances that would normally 
be in the no-signal “skip zone.” Editor N6BV distinctly 
remembers a spectacular 20-meter E, opening in Septem- 
ber 1994, during the “Hiram Percy Maxim/125” anniver- 
sary celebration, when he was living in New Hampshire. 
Signals on 20 meters were 30 to 40 dB over S9 from all 
along the Eastern Seaboard, from W2 to W4. One exasper- 
ated W3 complained that he had been calling in the huge 
pileup for 20 minutes. N6BV glanced at the S meter and 
saw that the W3 was 20 dB over S9, normally a very strong 
20-meter SSB signal, but not when almost everybody else 
was 40 dB over S9! 

Such short-skip conditions caused by Sporadic E are 
more common on 10 meters than they are on 15 or 20 meters. 
They can result in excellent transAtlantic 10-meter open- 
ings during the summer months—when 10 meters is not 
normally open for F, ionospheric propagation. 

The MUF for E, is not known precisely. It was long 
thought to be around 100 MHz, but in the last 25 years or so 
there have been thousands of 144-MHz contacts during the 
summer E, season. Presumably, the possibility also exists 
at 222 MHz. The skip distance at 144 MHz does average 
much longer than at 50 MHz, and the openings are usually 
brief and extremely variable. 
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Fig 39—Schematic of a simple backscatter path. 
Stations A and B are too close to make contact via 
normal F-layer ionospheric refraction. Signals 
scattered back from a distant point on the Earth’s 
surface (S), often the ocean, may be accessible to both 
A and B io create a backscatter circuit. (Courtesy of 
The ARRL Handbook.) 


The terms “single” and “double” hop may not be 
accurate technically, since it is likely that cloud-to-cloud 
paths are involved. There may also be “no-hop” E,. At times 
the very high ionization density produces critical frequen- 
cies up to the 50-MHz region, with no skip distance at all. It 
is often said that the E, mode is a great equalizer. With the 
reflecting region practically overhead, even a simple dipole 
close to the ground may do as well over a few hundred miles 
as a large stacked antenna array designed for low-angle 
radiation. It’s a great mode for low power and simple anten- 
nas on 28 and 50 MHz. 


HF Scatter Modes 


The term “skip zone” (where no signals are heard) 
should not be taken too literally. Two stations communicat- 
ing over a single ionospheric hop can be heard to some 
degree by other stations at almost any point along the way, 
unless the two are running low power and using simple 
antennas. Some of the wave energy is scattered in all direc- 
tions, including back to the starting point and farther. 

Backscatter functions like a sort of HF ionospheric 
radar. Fig 39 shows a schematic for a simple backscatter 
path. The signal launched from point A travels through the 
ionosphere back to earth at Point S, the scattering point. 
Here, the rough terrain of the land scatters signals in many 
directions, one of which propagates a weak signal back 
through the ionosphere to land at point B. Point B would 
normally be in the no-signal skip zone between A and S. 
Because backscatter signals arrive from multiple directions, 
through various paths through the ionosphere, they have a 
characteristic “hollow” sound, much like you get when you 
talk into a paper tube with its many internal reflections. 

Because backscatter involves mainly scattering from 
the Earth at the point where the strong ionospherically 
propagated signal comes down, it is a part of HF over-the- 
horizon radar techniques. (The infamous 1970s-era “wood- 
pecker’ was an over-the-horizon HF radar.) Amateurs using 
sounding techniques have shown that you can tell to what 
part of the world a band is usable (single-hop F) by probing 


the backscatter with a directive antenna and high transmit- 
ter power, even when the Earth contact point is open ocean. 
In fact, that’s where the mode is at its best, because ocean 
waves can be efficient backscatter reflectors. 

Backscatter is very useful on 28 MHz, particularly 
when that band seems dead simply because nobody is 
active in the right places. The mode keeps the 10-meter band 
lively in the low years of the solar cycle, thanks to the never- 
say-die attitude of some users. The mode is also an invalu- 
able tool of 50-MHz DX aspirants, in the high years of the 
sunspot cycle, for the same reasons. On a high-MUF morn- 
ing, hundreds of 6-meter beams may zero in on a hot spot 
somewhere in the Caribbean or South Atlantic, where there 
is no land, let alone other 6-meter stations—keeping in 
contact while they wait for the band to open to a place where 
there is somebody. 

Sidescatter is similar to backscatter, except the ground 
scatter zone is off the direct line between participants. A 
typical example, often observed during the lowest years of 
the solar cycle, is communication on 28 MHz between the 
eastern US (and adjacent areas of Canada) and much of the 
European continent. Often, this may start as “backscatter 
chatter” between Europeans whose antennas are turned 
toward the Azores. Then suddenly the North Americans join 
the fun, perhaps for only a few minutes, but sometimes much 
longer, with beams also pointed toward the Azores. Dura- 
tion of the game can be extended, at times, by careful reori- 
entation of antennas at both ends, as with backscatter. The 
secret, of course, is to keep hitting the highest-MUF area of 
the ionosphere and the most favorable ground-reflection 
points. 

The favorable route is usually, but not always, south 
of the great-circle heading (for stations in the Northern 
Hemisphere). There can also be sidescatter from the auroral 
regions. Sidescatter signals are stronger than backscatter sig- 
nals using the same general area of ground scattering. 

Sidescatter signals have been observed frequently on the 
14-MHz band, and can take place on any band where there is a 
large window between the MUF and the LUF. For sidescatter 
communications to occur, the thing to look for is a common 
area to which the band is open from both ends of the path (the 
Azores, in the above example), when there is no direct-path 
opening. It helps if the common area is in the open ocean, 
where there is less scattering loss than over land. 


GRAY-LINE PROPAGATION 


The gray line, sometimes called the twilight zone, is a 
band around the Earth between the Sunlit portion and dark- 
ness. Astronomers call this the terminator. The terminator 
is a somewhat diffused region because the Earth’s atmo- 
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Fig 40—The gray line or terminator is a transition region 
between daylight and darkness. One side of the Earth is 
coming into sunrise, and the other is just past sunset. 


sphere tends to scatter the light into the darkness. Fig 40 
illustrates the gray line. Notice that on one side of the Earth, 
the gray line is coming into daylight (sunrise), and on the 
other side it is coming into darkness (sunset). 

Propagation along the gray line is very efficient, par- 
ticularly on the lower bands, especially on 80 or 160 meters, 
so greater distances can be covered than might be expected 
for the frequency in use. One major reason for this is that 
the D layer, which absorbs HF signals, disappears rapidly 
on the sunset side of the gray line, and has not yet built up 
on the sunrise side. 

The gray line runs generally north and south, but var- 
ies as much as 23° either side of the north-south line. This 
variation is caused by the tilt of the Earth’s axis relative to 
its orbital plane around the Sun. The gray line will be 
exactly north and south at the equinoxes (March 21 and Sep- 
tember 21). On the first day of Northern Hemisphere sum- 
mer, June 21, it is tilted to the maximum of 23° one way, 
and on December 21, the first day of winter, it is tilted 23° 
the other way. 

To an observer on the Earth, the direction of the termi- 
nator is always at right angles to the direction of the Sun at 
sunrise or sunset. It is important to note that, except at the 
equinoxes, the gray-line direction will be different at sun- 
rise from that at sunset. This means you can work different 
areas of the world in the evening than you worked in the 
morning. 

It isn’t necessary to be located inside the twilight zone 
in order to take advantage of gray-line propagation. The 
effects can be used to advantage before sunrise and after sun- 
set. This is because the Sun “rises” earlier and “sets” later on 
the ionospheric layers than it does on the Earth below. 


Radio Wave Propagation 23-37 


= 
ee a zs 


-- —_— 2S a ——: S| 
SS ee be a | 
a = 





What HF Bands Are Open—Where and When? 


The CD-ROM included at the back of this book 
includes summary and detailed propagation predictions for 
more than 150 transmitting locations around the world. This 
propagation data was calculated using CapMAN, an 
upgraded variety of the mainframe propagation program 
IONCAP. The predictions were done for default antennas 
and powers that are representative of a “big-gun”’ station. 
Of course, not everyone has a big-gun station in his/her back- 
yard, but this represents what the ultimate possibilities are, 
statistically speaking. After all, if the bands aren’t open for 
the big guns, they are unlikely to be open for the “little pis- 
tols” too. 

Let’s see how propagation is affected if the smoothed 
sunspot number is 0 (corresponding to a smoothed solar flux 
of about 65), which is classified as a “Very Low” level of 
solar activity. And we’ll examine the situation for a sunspot 
number of 100 (a smoothed solar flux of 150), which is typi- 
cal of a “Very High” portion of the solar cycle. 


Five-Band Summary Predictions 
Tables 4 and 5 are Summary tables showing the pre- 


dicted signal levels (in S units) from Boston, Massachu- 
setts, to the rest of the world for the month of January. The 
Boston transmitting site is representative of the entire New 
England area of the USA. The target geographic receiving 
regions for the major HF bands from 80 through 10 meters 
are tabulated versus UTC (Universal Coordinated Time) 
in hours. Table 4 represents a Very Low level of solar ac- 
tivity, while Table 5 is for a Very High level of solar activ- 
ity. 

Each transmitting location is organized by six levels 
of solar activity over the whole 11-year solar cycle: 


VL (Very Low: SSN between 0 to 20) 
LO (Low: SSN between 20 to 40) 
ME (Medium: SSN between 40 to 60) 
HI (High: SSN between 60 to 100) 


VH (Very High: SSN between 100 to 150) 
UH (Ultra High: SSN greater than 150) 


The receiving geographic regions for each frequency 
band are abbreviated: 





Table 4 


Printout of summary propagation table for Boston to the rest of the world, for a Very Low level of solar 
activity in the month of January. The abbreviations for the target geographic areas are: EU = Europe, 
FE = Far East, SA = South America, AF = Africa, AS = south Asia, OC = Oceania, and NA = North America. 


Jan., MA (Boston), for SSN = Very Low, Sigs in S-Units. 


80 Meters 40 Meters 20 


Meters 


By N6BV, ARRL. 


UTC EU FE SA AF AS OC NA EU FE SA AF AS OC NA_ EU FE SA AF AS OC NA_ EU FE SA AF AS OC NA_ EU FE SA AF AS OC NA_ UTC 
0 9 - 949 9 - 9+ 9 8 94 949 2 9F - 8 947 4 8 9F = = = = = = 1 -----+-2 0 
1 9 - 949 9 - 9+ 9 6 9+ 94 946 9F - 4 9 4 2 6 9F = = = = = = 1 ------2 1 
2 9 - 9+ 948 1 9+ 9 6 94949 8 94 - 181 2 3 9% %© - = = = = 1 ------2 2 
3 9 - 9+ 948 6 9F 9 6 94949 8 OF - - 8 2 2 - 9 = = = = = = 1 ------2 3 
4 9 - 9+ 941 8 9F 9 8 94949 9 9F - 187 2 - 9F = = = = = = 1 ------2 4 
5 9 - 9+ 94+ - 9 9F 9 8 94+ 948 9 OF - 19 82 ~- 9 ------1 ------2 5 
6 9+ - 94 94 - 9 9+ 7 8 9+ 948 9 OF - 1 948 - - VO ------1 ------2 6 
7° 9 7 9+ 9 - 9 9F 7 8 949 8 9 9F - 1 941 - 1 8 ------1 ------+2 7 
8 9 8 949 - 9 9+ 8 9 949 8 9+ 94 - 1 OF - - 5 Q ------1 ------2 8 
9 8 8 947 6 9 9+ 8 9 949 9 OF OF = 91-79 ------1 ------2 9 
10 5 8 9+4 6 9 9+ 9 9 949 9 9+ 94 - 3 9 5 - 6 9 ------1 ------ 2 10 
11 3 8 9+- 5 9 9F 8 9 947 9 9+ 94 5 - 949 5 1* 8B ------1 ------2 11 

12 18 9 - 4 9 9F 7 9 944 8 9 9+ 9 5 9+ 949 2* 8B --56--1 - ----- 2 12 

13 - 6 1 - - 7 9+ 6 8 941 8 9 9+ OF 9 949 9 7 8 4 - 949 7 - 1 ------1 13 

40 - - - - - 1 94 5 7 8 = 8 8 9+ 9+ 9 949 9 9 9F 7 2* 949 9 - 8 -- 5 ---i1 14 

1 - - - - - = 94 4 6 5 - 6 7 9+ 9+ 9 949 9 9 94 7 5 949 2 2 5 - - 5 --- - 15 

14606- - - - - = 9+ 5 6 4 2 5 4 9+ 9+ 8 94 949 9 94 5 1 9+ 8 2* 2 9 --5---i1 16 

17 - - - - - = 9+ 6 5 5 5 6 1 9+ 9+ 5 9F 943 9 9F - = 949 - 3 9F - - 5 = = = 1 17 

w 1 - - - - - 9 8 6 6 7 6 = 9+ 9+ 6 94 944 9 SF = = 949 - 7 OF = = 5 = = = 1 18 

19 3 - - 2 - - 94 9 7 8 8 8 = 9+ 6 6 9+ 946 9 9F = - 949 = 9 9F = = 2 - = = 1 19 

20 5 - 7 5 - - 9+ 9 8 949 8 4 9F 1 £7 9+ 948 9 OF - - 944 - 9 9 ------i1 20 

21 8 3 9 8 6 - 9+ 9 8 94949 7 94+ - 8 949 8 9 OF - —- 94F- = 9 6 ------1 21 

22 9 3 949 8 - 9+ 9 8 94949 5 9+ - 94+ 949 8 9 9+ = =- 9 = = 721 ------1 22 

2349 2 949 9 - 9+ 9 8 94 949 4 9+ - 94+ 949 5 9 9+ = 16- - 2 3 ------+2 23 

EU FE SA AF AS OC NA- EU FE SA AF AS OC NA_ EU FE SA AF AS OC NA_ EU FE SA AF AS OC NA_ EU FE SA AF AS OC NA 
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Table 5 


Printout of summary propagation table for Boston to the rest of the world, for a Very High level of solar 


activity in the month of January. 





Jan., MA (Boston), for SSN = Very High, Sigs in S-Units. By N6BV, ARRL. 
80 Meters 40 Meters 20 Meters 15 Meters 10 Meters 

UTC EU FE SA AF AS OC NA EU FE SA AF AS OC NA EU FE SA AF AS OC NA EU FE SA AF AS OC NA EU FE SA AF AS OC NA utc 

0 9+ —- 9+ 9+ B -— OF 9+ 5 9+ 9+ 9D -— OF Ll 9+ 9+ 9+ 9+ D9 9+ - 9 9F 2 2 9+ 9+ SS ah OB: AS S18! 9+ 0 

“i 9+ - 9+ 9+ B -— OF 9+ 4 9+ 94+ 9 2 OF lL 9 9+ 8 9+ 9+ 9+ - 3 9 - 7 9+ 9 = 30 Sr 8S sn A 1 

2 9+ —- 9+ 9+ TFT -— OF 9+ 4 9+ 9+ 9 FT 9+ 1 9 9+ 8 9 9+ 9+ SIS 3s RS TT. SD ee es ak Pee er Ad 2 

3 9+ —- 9+ 9+ 1 2 9+ 9+ 4 9+ 9+ 9 D9 OF - 7 9+ 7 8 949 = SS Se Se SS eS oe Sst eS ET 2 3 

4 9+ —- 9+ 9+ -— TF OF 9+ 5 9+ 9+ 8B D9 9+ - 5 94+ 9 9 9 9+ Ya Soe, see PS 4 

5 9+ —- 9+ 9+ - B OF 9+ 6 9+ 9+ 7 D9 OF - 5 949 9 5 9+ SS. Se Sr SS Sp em; Te et Sr 5 

6 9+ - 9+ 9+ - B OF 9+ 7 9+ 9+ 7 D9 OF - 8 9+ 8 9 5 9+ = SS tn? Se SS Ss MSS! ee 6 

7 9+ —- 9+ 9+ - B OF 9 8 9+ 9+ TFT 9+ 9+ =". 9 “940 =. 7. HB - <O+ SS Ee eS SS ey AS Se a et er Oe 7 

8 9 7 9+ 9 - 8B 9+ 9 8 9+ 9+ B 9+ 9+ - 9 9+ —- A 9+ 9+ Stee hs Se eS SS a Sp ey Se 8 

9 8 7 9+F 7 - 8 OF 9 9 9+ 9 8B OF 9+ - 6 9+ - L 9+ 9+ ANS er ae CS ke ee PO 9 
10 5 8 94+ 2 3 8 9+ 9 9 9+ 8 8 9 9+ 4 - 9+ 941 5 9 Seay Se OS ee So eS OS St 10 
11 1 8 9+ - 4 9 9+ 8 9 9+ 5 8 9 9+ 9+ 4* 9+ 9+ 7 - 8 Sy Oe BOE ee Se SE SS Se SS 11 
12 - 7 8 = 1 9 9+ 6 9 9+ 1 8 9 9+ 9+ 9 9+ 9 9 1* 9+ 9 8* 9+ 9+ 9 5* - = 28.9. 9D Le 2 12 
13 Se 2 OF 4 8 8 - 7 9 9+ 9+ 9 9+ 9 G9 Ot 9+ 9+ 7 9+ 9+ 9+ 3* D9 9 5* 9+ 9+ 9 6* 2 13 
14 = Se St tS, + 2 7 4- 5 8 9+ 9+ 9 9+ 8 9 FD 9+ 9+ 9 9+ 9+ 9+ 9 9+ 9 6* 9+ 9+ 9 1* 1 14 
15 Se SS oe SS Se Lf 28) SS a SS + 9+ 9 9+ 9 9 QD 9+ 9+ 9+ 9+ 9+ 9+ DQ D+ 9 5 9+ 9+ 6 6 8 15 
16 So See Ses 8. 3.4 - - 3 1 9+ 9+ 8 9 9 9 QD 9+ 9+ 9+ 9+ 9+ DQ Ot D+ 9 8 9+ 9+ - 8 9 16 
17 — SoS oe SoS 8 5 3 —- +2 4 — (9+ 9+ 8 9+ 94+ 9 G9 9+ 9+ 9 9+ 9+ 1* 9+ O+ - 8 9+ 94+ - 8 9+ 17 
18 So Se Se Se S88 7 @ 2 85 5 = 9+ 9+ 9 9+ 94+ 9 GQ OF 9+ 9 9+ 9+ 1 9+ 9+ - T 9+ 9+ -— 9+ 9+ 18 
19 ee ee 8 5 6 8 FT = 9+ 9+ 9 9+ 9+ 9 DQ 9+ —- 9+ 9+ 9F 2 9 OF - 6 9+ 9+ — 9+ 9+ 19 
20 4re. (2° Bice =, 9+ 9 6 9 9 8 = 9+ 9+ 9 9+ 94+ 9 GQ OF - 8 9+ 94+ 3 9 9+ - 1 949 - 9 9+ 20 
21 7 - 8 7 Ll 9+ 9+ 7 9+ 9+ B Ll 9+ 8 9 9+ 94+ 9 QD 9+ - 6 9+ 9+ 3 9 9+ - - 9+ 5* - 9+ 9+ 21 
22 9 2 9+ 9 8 - 9+ 9+ 7 9+ 9+ 9 A 9+ 2 9+ 9+ 94 9 QD OF - 9+ 94+ 9 Ll 9+ 9+ - 5 9+ 4* - 9 6 22 
23 9 - 9+ 9 8 = 9+ 9+ 7 9+ 9+ DQ -— 9+ Ll 9+ 9+ 94 9 QD 9+ - 9+ 94+ 6 - 9 9+ - 7 9+ 2%* - 9 2 23 

EU FE SA AF AS OC NA EU FE SA AF AS OC NA EU FE SA AF AS OC NA EU FE SA AF AS OC NA EU FE SA AF AS OC NA 

e EU All of Europe Both Tables 4 and 5 represent snapshots of predicted 
e FE The Far East, centered on Japan signal levels to generalized receiving locations—that is, they 
e SA — South America, centered on Paraguay are computed for a particular month, from a particular trans- 
e AF _ All of Africa, centered on Zambia mitting location, and for a particular level of solar activity. 
e AS _— South Asia, centered on India These tables provide summary information that is particu- 
e OC Oceania, centered on Sydney, Australia larly valuable for someone planning for an operating event 
e NA North America, all across the USA such as a DXpedition or a contest. 


These propagation files show the highest predicted sig- 
nal strength (in S-units) throughout the generalized receiv- 
ing area, for a 1500-W transmitter and rather good antennas 
on both sides of the circuit. The standard antennas are: 


e 100-foot high inverted-V dipoles for 80 and 40 meters 
e 3-element Yagi at 100 feet for 20 meters 


e 4-element Yagi at 60 feet for 15 and 10 meters. 


For example, Summary Table 4 shows that in January 
during a period of Very Low solar activity, 15 meters is open 
to somewhere in Europe from Boston for only 4 hours, from 
13 to 16 UTC, with a peak signal level between S4 and S7. 
Now look at Table 5, where 15 meters is predicted to be 
open to Europe during a period of Very High solar activity 
for 7 hours, from 12 to 18 UTC, with peak signals ranging 
from S9 to S9+. 


What happens if you don’t have a big-gun station with 
high antennas or the 1500-W power assumed in the analy- 
ses above? You can discount the S-Meter readings to 
reflect a smaller station: 


e Subtract 2 S units for a dipole instead of a Yagi at same 
height on 20/15/10 meters. 

Subtract 3 S units for a dipole at 50 feet instead of a Yagi 
at 100 feet on 20 meters. 

Subtract 1 S unit for a dipole at 50 feet rather than a 
dipole at 100 feet on 40/80 meters. 

Subtract 3 S units for 100 W rather than 1500 W. 


Subtract 6 S units for 5 W (QRP) rather than 1500 W. 


For example, Table 4 predicts an S7 signal into Boston 
from Europe on 15 meters at 14 UTC. If a European station 
is using a dipole at 50 feet, with 100 W of power, what 
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20 Meters: Jan., MA (Boston), for SSN = Very High, Sigs in S-Units. By N6BV, ARRL. 


UTC --> 
Zone 00 01 02 O03 04 O05 06 O7 O8 O09 
KL7 = 01 9+ 9+ 9+ 7 = = = = = = 
vo2 = 02 9+ 9 9 9 9 9 8 7 5 3 
W6 = 03 9+ 9+ 9+ 7 7 al 1 5 8 8 
wo = 04 9+ 9+ 9+ 8 3) 5 5 5 S) 2 
W3 = 05 4 2 2 2 2 2 2 3 3 3 
XE1 = 06 9+ 9+ 7 9 9+ 9+ 9+ 9+ D+ 9+ 
TI = 07 9+ 9+ 8 9 9 9 9 9 9 9+ 
VP2 = 08 9+ 9+ 9+ 9+ 9+ 9+ 9+ 9+ 9+ 8 
P4 = 09 9+ 9+ 9+ 9+ 9+ 9+ 9+ 9+ O+ OF 
HC = 10 9+ 8 9+ 9 9 9 9 9 7 3 
PYy1 = 11 9+ 9+ 9+ 9 9 9+ 9+ 9 8 6 
CE = 12 9+ 9+ 9+ 9+ 9+ 9+ 9+ 9+ 9 8 
LU = 130 9+ 9+ 9+ 9+ 9+ 9+ 9+ 9+ 8 8 
Ge 14 - - - - - - - - - - 
c= TS = = S = = = = = = 
UA3 = 16 1 1 1 - - - - - - - 
UN = 17°~=«21 = - 8 7 7 7 1 - - 
UAS = 18 6 7 6 6 9 9 9 7 4 1 
UAO = 19 9+ 9 9 6 5 5 8 8 8 4 
4X = 20 8 6 3 1 - 3 4 - - - 
HZ = 21 9+ 9 4 3 8 8 2 = = = 
VU = 22 7 5 8 7 6 7 5 - - - 
JT = 23 9 9+ 9 5 7 8 8 6 3 - 
VS6 = 24 9 9 9 5 4 5 7 8 6 1 
JAl = 25 C) 9 8 7 3) 5 8 C) 9 6 
HS = 26 9 9 6 4 2 - - 2 1 - 
DU = 27 9 8 ¥/ = = = 5 7 7 HE 
YB = 28 9 8 1 - - - - - - - 
VK6 = 29 3* 4* = - - - - - 5 3 
VK3 = 30 1* - = - 7 = 1 3 9 9 
KH6 = 31 9 9+ 9+ 9+ 8 2 2 6 4 - 
KH8 = 32 - 2 9 9 9 5 5 9 9+ 9+ 
CN = 33. (O- - - - - - - - - - 
SU = 34 9 8 3 3 - 1 4 - - - 
6W = 35 9+ 8 - - 2 7 5 - - - 
D2 = 36 9+ 9+ 5 3 9 9 8 - - - 
5Z = 37 9+ 9 2 4 8 8 1 = = - 
ZS6 = 38 9+ 9+ 8 7 8 9 6 - - - 
FR 39 9+ 8 2 1 4 1 - - - - 
FUL = 40 9+ 9+ 87 4 7 8 7 ue - - 
Zone 00 01 02 03 04 O05 O06 O7 O8 O09 
UTC --> 


BR 
oO 


+ 


Pir IinNwonoumrhriitt ttt ti PRI ttt Rt TMmOPOWOWOWWRWNDN 
+ 


o 


11 12 13 14 #15 16 #17 #218 #=%19 20 21 #22 = «23 
- = - iS 3 9+ 9+ 9+ 9+ 9+ 9+ 9+ OF 
1 5 9+ 9+ 9+ 9+ 9+ 9+ 9+ 9+ 9+ 8 9+ 
= = al, g) 9+ 9+ 9+ 9+ 9 &) 9+ 94+ OF 
= = 9+ 9+ 94+ 9+ 9+ 9+ 9+ 9+ 94+ 94+ 94 
2 1 1 8 9+ 9+ 9+ 9+ 9+ 9+ 9+ 94+ YQ 
8 9+ 9+ 9+ 9+ 9 9 9 9 9+ 9+ 9+ OF 
9+ 9+ 9+ 9+ 9+ 9 8 9 9 9+ 9+ 9+ OF 
9+ 9+ 9+ 9+ 9+ 9 9+ 9+ 9+ 9+ 9+ 9+ OF 
9+ 9+ 9+ 9+ 9 9 9 9 9+ 9+ 9+ 9+ OF 
7 9+ 9+ 9 5 5 5 7 8 9+ 9+ 9+ OF 
9+ 8 2 1 = = 1 4 8 9 9+ 9+ OF 
9+ 9 8 2 1 1 7 1 3 7 9 9+ OF 
9+ 8 4 2 1 = = 1 4 8 9 9+ OF 
9+ 9+ 94+ 9+ 9+ 9+ 9+ 9+ 9+ 9+ 8 2 = 
9 9 9 9 9 ¢) 9+ 9+ 9 8 2 - - 
8 9 9+ 9+ 9+ 9 8 5 = = = = 1 
2 9 9 9 6 - - 2 4 8 9 5 4 
- 8 8 6 6 5 6 7 8 9 9 8 7 
- 2 6 8 8 8 7 4 4 7 9 9+ OF 
8 8 8 8 8 9 9 9+ 9 9 8 7 ae 
wf 8 9 8 8 9 9 9 9 9 9 9 9 
6 9 9 9 9 3 2 2 2 8 8 9 8 
2* 8 8 5 6 8 8 8 8 9 7 5 6 
1* 5 7 1 1 1 1 4 2 - - - 9 
al al 2 7 7 6 2 - - 7 9 9+ 9 
2* 9 9 9 9 8 7 5 4 5 - 1* 1 
- 1* 9 9 7 6 4 5 3 1* #1* 8 9 
4* 8 9 9 9 8 8 9 9 9 9 9+ 9+ 
od = 5 9 9 9 8 9 9 9 9 9 8 
- - 9+ 9 8 2 1 - - “a 2* 5* 4* 
= = - - = 9 9 8 wh 6 4 6 7 
- - 9+ 9 9 8 5 3 1 - - - - 
9+ 9 9 8 9 9 9+ 9+ 9+ 9+ 9+ 9+ 7 
7 8 8 8 8 9 9 9+ 9+ 9+ 9+ 8 8 
9+ 8 5 4 3 7 9 9+ 9+ 9+ 9+ O+ OF 
- 7 = - 4 4 7 8 9 9+ 9+ 9+ OF 
= = 3 5 5 7 8 9 9 9+ 9+ 9+ OF 
- - - Ee: 1. 2 6 8 9 9+ 9+ 9+ OF 
= = 2* 3* #1* 21 3 8 9 9+ 9+ 9+ OF 
1* 8 9 9 9 9 9 9 9 9+ 9+ 9+ OF 
11 12 #13 #14 #15 16 #17 «218 #19 20 21 22 23 


Expected signal levels using 1500 W and 3-element Yagis at 100 feet at each station. 


Fig 41—The 20-meter page from Detailed propagation-prediction for the month of January, during Very High solar 
conditions, from Boston to 40 CQ Zones throughout the world. There are similar pages for each month/SSN level 
for 160, 80, 40, 20, 15 and 10 meters. These Detailed tables are very useful for planning DX work. 


would this do to the predicted signal level in Boston? You 
would compute: S7 — 2 S units (for a dipole instead of Yagi) 
— 3 S units (100 W rather than 1500 W) = an S2 signal in 
Boston. A QRP station with a 4-element 15-meter Yagi at 
60 feet would yield: S7 — 6 S units = an S1 signal in Boston. 


More Detailed Predictions 


Let’s now look at table in Fig 41, which is the Detailed 
20-meter page for the same conditions in Table 5: January 
at a Very High level of solar activity from Boston to the 
world. There are six such pages per month/SSN level, 
covering 160, 80, 40, 20, 15 and 10 meters. 

In a Detailed prediction table, the world is divided into 
the 40 CQ Zones, with a particular sample location in each 
zone. For example, Zone 14 in Western Europe is repre- 
sented by a location in London, England (call sign G), while 
Zone 25 is represented by a location in Tokyo, Japan (call 
sign JA1). Note that Zones with large ham populations are 
highlighted with dark shadowing for easy identification. For 
example, Zones 3, 4 and 5 cover the USA, while Zones 14, 
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15 and 16 cover the majority of Europe. Zone 25 covers the 
big ham population in Japan. 

Let’s revisit the example above for computing the sig- 
nal strength for a station in London, but this time on 
20 meters. Again, we’ll assume that the G station has a 
dipole at 50 feet and 100 W of transmitter power. At 
14 UTC in Zone 14, the table in Fig 40 predicts a very healthy 
signal for the reference big-gun station, at $9+. This is a 
signal at least S9 + 10 dB. Here, we’re going to round off 
the plus 10 dB to 2 S units, giving a fictional 11 S units to 
start. We discount this for the smaller station: S11 -—3 S 
units (for a dipole at 50 feet instead of a 3-element Yagi at 
100 feet) — 3 S units (100 W rather than 1500 W) = S5 
signal in Boston. This is a respectable signal and will prob- 
ably get through, in the absence of stronger signals calling 
the Boston station at the same time, of course. 

Here’s another example of how to use the Detailed 
propagation-prediction tables. Let’s say that at 1230 UTC 
in January you work a VU2 station in New Delhi on 
15 meters from Boston, where the local time is 7:30 AM. 


You need a 20-meter contact also for the 5-Band DXCC 
award, so you quickly check the table in Fig 40 for Zone 22 
(VU) and find that the predicted signal strength is S9. Your 
new VU2 friend is willing to jump to 20 meters and so you 
QSY to make the contact. 

But perhaps you are late leaving for work and so 
you ask your new VU2 friend to make a schedule with 
you later that evening. Again, you consult the Detailed 
prediction table for 20 meters and find that signals are 
predicted to be S8 or stronger from 20 to 23 UTC, drop- 
ping to S7 at 00 UTC. You quickly ask your new friend 
whether he minds waking up at 4:30 AM his time to make 
a schedule with you at 2300 UTC, because New Delhi is 
5% hours ahead of UTC. You determined this using the 
program GeoClock, which is included with the software 
on the CD-ROM in the back of this book and which you 
run in the background on Windows. Luckily, he’s a very 
gracious fellow and agrees to meet you on a specific fre- 
quency at that time. 

The Detailed propagation-prediction tables give you 
all the information needed to plan your operations to maxi- 
mize your enjoyment chasing DX. You can use these tables 
to plan a 48-hour contest next month, or next year—or you 
can use them to plan a schedule with your ham cousin on 
the West Coast on Saturday afternoon. 


THE PROPAGATION BIG PICTURE 


A newcomer to the HF bands could easily be over- 
whelmed with the sheer amount of data available in the Sum- 
mary (and particularly the Detailed) prediction tables on 
the CD-ROM included with this book. So here’s a long- 
term, “big-picture” view of HF propagation that might help 
answer some common questions. For example, what month 
really is the best for working DX around the clock? Or what 
level of solar activity is necessary to provide an opening 
between your QTH and somewhere in the South Pacific? 

Table 6 is a table showing the number of hours in a 
day during each month when each major HF band is open 
to the same receiving areas shown in Tables 4 and 5. The 
listing is for New England, for three levels of solar activity: 
Very Low, Medium and Very High. The number of hours 
are separated in Table 6 by slashes. (Versions of Table 6 for 
other areas around the US are on the CD-ROM that accom- 
panies this book in Fig6Tab.PDF.) 

Let’s examine the conditions for New England 
to Europe on 15 meters for October. The entry shows 
“7/11/17,” meaning that for a Very Low level of solar activ- 
ity, 15 meters is open for 7 hours; for a Medium level, it is 
open for 11 hours and for a Very High level of solar activity 
it is open for 17 hours a day. 

Even for a Very Low level of solar activity, the month 
with the most hours available per day from Boston to some- 
where in Europe is October, with 7 hours, followed by the 
next largest month of March, with 6 hours. For a Very High 
level of solar activity, however, the 15-meter band is open 
to Europe for 18 hours in April, followed by 17 hours avail- 


ability in September and October. Arguably, the CQ World 
Wide Contest Committee picked the very best month for 
higher-frequency propagation when they chose October for 
the Phone portion of that contest. 

You can easily see that even at a Very High level of 
solar activity, the summer months are not very good to work 
DX, particularly on east-west paths. For example, the 
10-meter band is very rarely open from New England to 
Europe after the month of April, even when solar activity is 
at the highest levels possible. Things pick up after Septem- 
ber, even for a Medium level of solar activity. Again, 
October looks like the most fruitful month in terms of the 
number of hours 10 meters is open to Europe under all levels 
of solar conditions. 

Ten meters is open more regularly on north-south paths, 
such as from New England to South America or to southern 
Africa. It is open as much as 10 hours a day during March 
and October to deep South America, and 7 hours a day in 
October to Africa—even during the lowest parts of the 
solar cycle. (Together with the sporadic-E propagation that 
10 meters enjoys during the summer, this band can often be 
a lot of fun even during the sunspot doldrums. You just have 
to be operating on the band, rather than avoiding it because 
you know the sunspots are “spotty!”’) 

Now, look at the 20-meter band in Table 6. From 
New England, twenty is open to somewhere in South 
America for 24 hours a day, no matter the level of solar 
activity. Note that Table 6 doesn’t predict the level of 
signals available; it just shows that the band is open with 
a signal strength greater than 0 on the S meter. Look back 
at Summary Table 4 for the predicted signal strengths in 
January at a Very Low level of solar activity. There, you 
can see that the signal strength from New England into 
deep South America is always S8 or greater for a big gun 
station. A lot of the time during the night the band sounds 
dead, simply because everyone is either asleep or operat- 
ing on a lower frequency. 

For the 40-meter band in Table 6, during the month of 
January the band is open to Europe for 24 hours a day, what- 
ever the level of solar activity is. Look now at Table 4, and 
you'll see that the predicted level for Very Low solar ac- 
tivity varies from S4 to S9. Local QRM or QRN would 
probably disrupt communications on 40 meters in Eu- 
rope for stateside signals weaker than perhaps S3 or S4. 
Even though you might well be able to hear Europeans 
from New England during the day, they probably won’t 
hear you because of local conditions, including local S9+ 
European stations and atmospheric noise from nearby 
thunderstorms. New England stations with big antennas 
can often hear Europeans on 40 meters as early as noon- 
time, but must wait until the late afternoon before the 
Europeans can hear them above their local noise and 
QRM. 

Let’s say that you want to boost your country total 
on 80 meters by concentrating on stations in the South 
Pacific. The best months would be from November to 
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Table 6 


The number of hours per day when a particular band is open to the target geographic areas in Table 4, 
as related to the level of solar activity (Very Low, Medium and Very High). This table is customized for 
Boston to the rest of the world. Some paths are open 24 hours a day, plus or minus QRM and local QRN, 
no matter what the level of solar activity is. See CD-ROM for other transmitting locations. 


MA (Boston) 


Hours Open to Each Region for Very-Low/Medium/Very-High SSNs 


80 Meters: 

Month Europe Far 
Jan 17/17/16 5/ 
Feb 17/16/15 3/ 
Mar 15/15/14 3/ 
Apr 13/13/12 1/ 
May 12/11/10 0/ 
Jun 10/ 9/ 8 0/ 
Jul 11/11/ 9 0/ 
Aug 13/11/11 0/ 
Sep 14/13/11 2/ 
Oct 15/15/13 3/ 
Nov 17/17/15 4/ 
Dec 19/18/17 7/ 


Bi 
o 
a 
ct 


So. Amer. Africa 
17/17/16 16/16/15 
17/16/16 15/15/14 
16/16/15 15/13/13 
16/16/14 13/13/13 
16/15/14 12/11/10 
14/14/14 11/10/10 
15/14/14 11/11/11 
16/16/14 13/12/11 
17/16/14 13/13/12 
17/17/16 14/14/13 
17/17/16 16/15/14 
18/18/17 16/16/16 


NPR NRFODDOOONWEA 
SINS NSS Se NSS SONOS 
BNF OOOO OOFRN W 


40 Meters: 

Month Europe Far East So. Amer. Africa 

Jan 24/24/24 15/16/15 24/24/21 21/20/19 
Feb 24/24/21 13/11/11 24/23/20 20/19/18 
Mar 23/22/19 10/ 9/ 24/21/18 19/17/17 
Apr 21/19/18 8/ 6/ 22/20/18 17/16/15 
May 19/17/17 5/ 4/ 22/18/17 17/16/14 
Jun 17/15/13 4/ 2/ 22/18/16 16/15/14 
Jul 18/16/15 5/ 4/ 24/18/17 17/15/14 
Aug 19/17/16 7/ 5/ 24/19/18 18/16/15 
Sep 22/21/17 9/ 8/ 23/20/18 18/17/16 
Oct 24/23/20 12/11/ 24/23/19 20/18/17 
Nov 24/24/22 14/13/12 24/24/20 21/19/18 
Dec 24/24/24 18/19/22 24/24/21 23/21/19 


OUhRNN UW BA SI 


February in terms of the number of hours per day when 
the 80-meter band is open to Oceania. You can see by 
reading across the line for each month that the level of 
solar activity is not hugely important on 80 meters to 
any location. Common experience (backed by the statis- 
tical information in Table 6) is that the 80-meter band is 
open only marginally longer when sunspots are low. 
This is true to a greater extent on 40 meters. Thus you 
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So. Asia Oceania No. Amer. 
8/ 7/ 5 11/10/ 9 24/24/24 
6/ 4/ 4 10/ 9/ 9 24/24/24 
4/ 4/ 3 9/ 8/ 7 24/24/24 
3/ 3/1 9/ 8/ 7 24/24/24 
2/ 1/1 7/ 6/ 6 24/24/24 
1/ 1/ 0 6/ 5/ 5 24/24/24 
2/ 1/1 7/ 6/ 5 24/24/24 
3/ 2/1 7/ 7/ 6 24/24/24 
4/ 4/ 2 9/ 8/ 8 24/24/24 
5/ 4/ 4 9/ 9/ 7 24/24/24 
8/ 7/ 4 11/10/ 9 24/24/24 

11/ 9/ 7 12/11/11 24/24/24 


So. Asia Oceania No. Amer. 
21/21/19 19/18/15 24/24/24 
19/19/17 16/15/14 24/24/24 
17/17/13 13/13/13 24/24/24 


16/11/ 8 13/13/11 24/24/24 
9/ 8/ 5 12/11/10 24/24/24 
7/ 5/5 11/10/ 9 24/24/24 
8/ 7/ 5 12/11/10 24/24/24 

11/10/ 6 13/12/11 24/24/24 

14/11/ 7 13/13/12 24/24/24 


17/16/14 16/13/13 24/24/24 
21/20/17 17/17/13 24/24/24 
24/23/22 21/19/18 24/24/24 





may hear the generalization that the low bands tend to be 
better during periods of low solar activity, while the upper 
HF bands (above 10 MHz) tend to be better when the sun is 
more active. 

Table 6 can give you a good handle on what months are 
the most productive for DXing and contesting. It should be 
no surprise to most veteran operators that the fall and winter 
months are the best times to work DX. 


20 Meters: 


Month Europe Far East So. Amer. Africa 

Jan 13/16/22 15/22/22 24/24/24 20/21/21 
Feb 12/18/23 13/21/24 24/24/24 22/22/24 
Mar 15/18/24 17/20/24 24/24/24 22/24/24 
Apr 15/20/24 19/22/24 24/24/24 21/24/24 
May 19/23/24 22/24/24 24/24/24 23/24/24 
Jun 22/24/24 24/24/24 24/24/24 24/24/24 
Jul 19/24/24 24/24/24 24/24/24 21/24/24 
Aug 15/20/24 20/24/24 24/24/24 20/24/24 
Sep 16/19/24 17/21/24 24/24/24 21/24/24 
Oct 15/21/24 16/20/24 24/24/24 22/24/24 
Nov 14/20/23 14/22/24 24/24/24 20/24/24 
Dec 11/17/24 13/22/24 24/24/24 17/23/24 
15 Meters: 

Month Europe Far East So. Amer. Africa 

Jan 4/ 6/ 7 2/ 9/13 12/15/16 9/13/13 
Feb 4/ 7/12 4/10/14 13/18/23 11/13/16 
Mar 6/ 9/14 2/13/15 14/21/24 13/17/22 
Apr 0/10/18 3/13/18 15/23/24 15/18/24 
May 1/13/16 6/10/19 17/20/24 14/18/24 
Jun O/ 2/16 O/ 9/15 16/21/24 14/18/24 
Jul O/ 2/16 O/ 5/18 15/19/24 12/18/24 
Aug O/ 2/14 O/ 8/17 14/18/22 13/16/22 
Sep 1/10/17 6/13/17 14/16/24 13/17/22 
Oct 7/11/17) =10/13/17 12/16/22 12/15/22 
Nov 5/ 8/14 8/11/14 12/16/22 11/14/17 
Dec 3/ 6/ 9 2/10/13 12/15/23 8/13/15 
10 Meters: 

Month Europe Far East So. Amer. Africa 

Jan O/ 1/ 4 O/ 1/ 8 6/11/13 0/ 7/10 
Feb 0/ 2/ 7 0/ 2/10 8/12/14 0/ 9/13 
Mar 0/ O/ 8 0/ 1/10 10/14/20 1/11/14 
Apr 0/ O/ 8 0/ O/ 8 7/14/21 0/12/17 
May 0/ O/ 0 O/ O/ 1 7/12/20 1/10/17 
Jun 0/ O/ 0 0/ O/ 0 7/11/18 0/ 3/17 
Jul 0/ 0/ 0 0/ O/ 0 2/ 9/19 0/ 2/18 
Aug 0/ O/ 0 0/ O/ 0 2/10/17 O/ 1/16 
Sep 0/ O/ 8 0/ 1/10 7/13/18 0/11/16 
Oct 0/ 5/ 9 O/ 2/11 10/12/16 7/12/14 
Nov O/ 4/ 8 O/ 3/11 9/12/15 5/10/13 
Dec O/ 3/ 6 O/ 1/ 8 8/11/13 1/ 8/12 





So. Asia Oceania No. Amer. 
18/20/22 18/23/22 24/24/24 
15/21/24 18/23/24 24/24/24 
18/21/24 16/24/24 24/24/24 
19/22/24 18/24/24 24/24/24 
23/24/24 21/24/24 24/24/24 
24/24/24 24/24/24 24/24/24 
24/24/24 23/24/24 24/24/24 
20/24/24 19/24/24 24/24/24 
18/21/24 17/24/24 24/24/24 
19/22/24 17/24/24 24/24/24 
17/21/24 19/23/24 24/24/24 
12/22/24 16/24/24 24/24/24 
So. Asia Oceania No. Amer. 
3/ 4/ 7 9/12/13 24/15/16 
3/ 7/13 8/13/15 22/16/19 
5/11/17 10/14/17 15/16/23 
9/15/19 11/15/21 16/16/24 
13/17/18 10/16/19 20/19/24 
5/15/18 10/12/20 24/22/22 
0/12/18 4/12/20 24/22/21 
0/12/17 6/10/19 22/19/21 
9/14/17 9/14/17 16/16/22 
7/12/17) 12/13/15 18/15/22 
3/ 7/16 10/13/15 20/16/21 
2/ 4/12 9/12/14 24/15/18 
So. Asia Oceania No. Amer. 
0/ 1/ 3 O/ 3/11 23/24/24 
0/ 3/ 5 O/ 7/13 24/24/24 
0/ O/ 8 O/ 7/13 23/24/24 
0/ 0/13 O/ 5/11 18/24/24 
O/ 1/12 O/ 2/11 17/20/22 
0/ 0/ Oo 0/ O/ 2 21/19/23 
0/ O/ 7 O/ O/ 6 16/16/24 
0/ 0/10 O/ O/ 8 17/17/24 
0/ 0/10 O/ 2/ 9 19/24/24 
O0/ 5/ 9 O/ 8/12 24/24/24 
O/ 3/ 6 4/10/12 24/24/24 
o/ 1/4 2/ 7/12 23/23/24 





Do-It-Yourself Propagation Prediction 


Very reliable methods of determining the MUF for any 
given radio path have been developed over the last 50 years. 
As discussed previously, these methods are all based on the 
smoothed sunspot number (SSN) as the measure of solar 
activity. It is for this reason that smoothed sunspot numbers 
hold so much meaning for radio amateurs and 
others concerned with radio-wave propagation—they are the 
link to past (and future) propagation conditions. 

Early on, the prediction of propagation conditions 
required tedious work with numerous graphs, along with 
charts of frequency contours overlaid, or overprinted, on 
world maps. The basic materials were available from an 
agency of the US government. Monthly publications pro- 


vided the frequency-contour data a few months in advance. 
Only rarely did amateurs try their hand at predicting propa- 
gation conditions using these hard-to-use methods. 
Today’s powerful PCs have given the amateur won- 
derful tools to make quick-and-easy HF propagation pre- 
dictions, whether for a contest or a DXpedition. The 
summary and detailed prediction tables described earlier in 
this chapter were generated using CAPMan, a modernized 
version of the mainframe JONCAP program, on a PC. 
While tremendously useful to setting up schedules and 
for planning strategy for contests, both the Summary and 
Detailed prediction tables located on the CD-ROM accom- 
panying this book show signal strength. They do not show 
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Table 7 


Features and Attributes of Propagation Prediction Programs 


ASAPS  CAPManVOACAP  ACE-HF W6ELProp WinCAP PropLab 

V.4 Windows V. 2.70 Wizard 2 Pro 
User Friendliness Good Good Good Excellent Good Good Poor 
Operating System Windows DOS Windows Windows Windows Windows DOS 
Uses k or A index No Yes No No Yes Yes Yes 
User library of QTHs Yes Yes Yes Yes-RX Yes Yes No 
Bearings, distances Yes Yes Yes Yes Yes Yes Yes 
MUF calculation Yes Yes Yes Yes Yes Yes Yes 
LUF calculation Yes Yes Yes Yes No Yes Yes 
Wave angle calculation Yes Yes Yes Yes Yes Yes Yes 
Vary minimum wave angle Yes Yes Yes Yes Yes Yes Yes 
Path regions and hops Yes Yes Yes Yes Yes Yes Yes 
Multipath effects Yes Yes Yes Yes No Yes Yes 
Path probability Yes Yes Yes Yes Yes Yes Yes 
Signal strengths Yes Yes Yes Yes Yes Yes Yes 
S/N ratios Yes Yes Yes Yes No Yes Yes 
Long-path calculation Yes Yes Yes Yes Yes Yes Yes 
Antenna selection Yes Yes Yes Yes Indirectly Isotropic Yes 
Vary antenna height Yes Yes Yes Yes Indirectly No Yes 
Vary ground characteristics Yes Yes Yes Yes No No No 
Vary transmit power Yes Yes Yes Yes Indirectly Yes Yes 
Graphic displays Yes Yes Yes Yes Yes Yes 2D/3D 
UT-day graphs Yes Yes Yes Yes Yes Yes Yes 
Area Mapping No Yes Yes Yes Yes No Yes 
Documentation Yes Yes On-line Yes Yes Yes Yes 
Price class $275+ $89 freet $99 free§ $29.95+ $150tt 


Price classes are for late 2003 and subject to change. 


tAvailable on the World Wide Web: elbert.its.bldrdoc.gov/hf.html 


§Available on the World Wide Web at: www.qsl.net/w6elprop/ 
+ Shipping and handling extra. 


ttAvailable on the World Wide Web: www.spacew.com/www/proplab.html 





other information that is also in the underlying databases 
used to generate them. They don’t, for example, show the 
dominant elevation angles and neither do they show reli- 
ability statistics. You may want to run propagation-predic- 
tion software yourself to get into the really “nitty-gritty” 
details. 

Modern programs are designed for quick-and-easy pre- 
dictions of propagation parameters. See Table 7 for a list- 
ing of a number of popular programs. The basic input 
information required is the smoothed sunspot number (SSN) 
or smoothed solar flux, the date (month and day), and the 
latitudes and longitudes at the two ends of the radio path. 
The latitude and longitude, of course, are used to determine 
the great-circle radio path. Most commercial programs tai- 
lored for ham use allow you to specify locations by the call 
sign. The date is used to determine the latitude of the Sun, 
and this, with the sunspot number, is used to determine the 
properties of the ionosphere at critical points on the path. 

Of course, just because a computer program predicts 
that a band will be open on a particular path, it doesn’t 
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follow that the Sun and the ionosphere will always cooper- 
ate! A sudden solar flare can result in a major geomagnetic 
storm, taking out HF communication anywhere from hours 
to days. There is still art, as well as a lot of science, in pre- 
dicting propagation. In times of quiet geomagnetic activity, 
however, the prediction programs are good at forecasting 
band openings and closings. 


Obtaining Sunspot Number/Solar Flux Data 


After you have chosen and then set up a computer pro- 
gram for evaluation of a particular path, you will still need 
the sunspot number or solar flux level for the period in ques- 
tion. A caution must be stated here—for best accuracy and 
consistency, use the average of solar flux values taken from 
actual observations, perhaps from WWV/WWVH, over the 
previous three or four days. Many amateur packet systems 
archive WWV flux numbers (plus planetary k, and A, indi- 
ces). Solar flux numbers can vary dramatically from day to 
day, but the Earth’s ionosphere is relatively slow to respond 
to instantaneous changes in solar radiation. This caveat also 
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Fig 42—Smoothed sunspot number, with predictions, 
from 1940 to 2040. This was extrapolated based on 
data from 1840 to 1983. Cycle 22 actually peaked in 
Nov 1989, at a monthly smoothed sunspot number of 
158. Propagation on the higher frequencies throughout 
the peak of Cycle 22 was good to excellent, since the 
monthly smoothed sunspot number stayed at 100 or 
above from July 1988 through May 1992. (Courtesy of 
Naval Ocean Systems Center, San Diego.) 


holds for sunspot numbers derived, using Fig 18, from 
WWV/WWVH solar flux numbers. 

Fig 42 shows a graph produced in the early 1980s of 
smoothed sunspot numbers for Solar Cycles 17 through 21, 
with predictions for Cycles 22 through 26. The graph cov- 
ers a period of 100 years, from 1940 to 2040, and may be 
used for making long-term or historical calculations. Just 
remember that the graph shows smoothed numbers. The 
solar activity at any given time can be significantly lower or 
significantly higher than the graph indicates. In fact, Cycle 
22 peaked at the end of 1989, as predicted, but with a 
monthly smoothed sunspot level of 158, quite a bit higher 
than predicted. Cycle 23 peaked in early 2002 at a level of 
about 115, a considerably higher level than the predicted 
value. 


WWV PROPAGATION DATA 


For the most current data on what the Sun is doing, 
National Institute of Standards and Technology stations 
WWYV and WWVH broadcast information on solar activity 
at 18 and 45 minutes past each hour, respectively. These 
propagation bulletins give the solar flux, geomagnetic 
A-Index, Boulder K-Index, and a brief statement of solar 
and geomagnetic activity in the past and coming 24-hour 
periods, in that order. The solar flux and A-Index are 
changed daily with the 2118 UT bulletin, the rest every three 
hours—0018, 0318, 0618 UT and so on. On the Web, up- 
to-date WWV information can be found at: ftp:// 
ftp.sel.noaa.gov/pub/latest/wwv.txt or on the NOAA Web 
page www.sec.noaa.gov/. 

Some other useful Web sites are: dx.qsl.net/propaga- 
tion/, www.dxlc.com/solar, hfradio.org/propagation. 
html. The Solar Terrestrial Dispatch page contains a wealth 
of propagation-related information: www.spacew.com/. You 
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Fig 43—Effective Sunspot Number (SSN,) produced 
by NWRA. Note large drop in effective SSN due to a 
geomagnetic storm commencing Oct 1, 2002. 
(Courtesy of Northwest Research Associates.) 


may also access propagation information on your local 
PacketCluster. Use the command SH/WWV/n, where n is 
the number of spots you wish to see (five is the default). 
Another excellent method for obtaining an “equivalent 
sunspot number” (SSN, is to go to the Space Weather site of 
Northwest Research Services: www.nwra-az.com/spawx/ 
ssne24.html. NWRA compares real-time ionospheric 
sounder data around the world with predictions using 
various levels of SSN looking for the best match. They thus 
“back into” the actual effective sunspot number. 
Fig 43 is a typical NWRA graph, which covers the week 
ending 6 October 2002. Note the sudden decrease in SSN, 
after a geomagnetic storm depressed SSN, by more than 50%. 


The A-Index 


The WWV/WWVH A-Index is a daily figure for the 
state of activity of the Earth’s magnetic field. It is updated 
with the 2118/2145 UT bulletin. The A-Index tells you 
mainly how yesterday was, but it is very revealing when 
charted regularly, because geomagnetic disturbances nearly 
always recur at four-week intervals. 


The K-Index 


The K-Index (new every three hours) reflects Boulder 
readings of the Earth’s geomagnetic field in the hours just 
preceding the bulletin data changes. It is the nearest thing to 
current data on radio propagation available. With new data 
every three hours, K-Index trend is important. Rising is bad 
news; falling is good, especially related to propagation on 
paths involving latitudes above 30° north. Because this is a 
Boulder, Colorado, reading of geomagnetic activity, it may 
not correlate closely with conditions in other areas. 

The K-Index is also a timely clue to aurora possibilities. 
Values of 4, and rising, warn that conditions associated with 
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Fig 44—Plot of the estimated planetary k index, K,, for 
the last four days. (Courtesy NOAA/SEC.) 


auroras and degraded HF propagation are present in the Boul- 
der area at the time of the bulletin’s preparation. A NOAA 
Web site that carries up-to-date planetary K,, data is: 
www.sel.noaa.gov/ftpmenu/plots/2003_plots/kp.html. 
Fig 44 is a graph from this Web site for four days starting 
27 April 2003 to 30 April 2003. This was a period of signifi- 
cant geomagnetic activity, indicated by K, indices of 5 and 4. 
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Antenna and 
Transmission-Line 
Measurements 


The principal quantities measured on transmission 
lines are line current or voltage, and standing-wave ratio 
(SWR). You make measurements of current or voltage to 
determine the power input to the line. SWR measurements 
are useful in connection with the design of coupling cir- 
cuits and the adjustment of the match between the antenna 
and transmission line, as well as in the adjustment of these 
matching circuits. 

For most practical purposes a relative measurement 
is sufficient. An uncalibrated indicator that shows when 
the largest possible amount of power is being put into the 
line is just as useful, in most cases, as an instrument that 
measures the power accurately. It is seldom necessary to 
know the actual number of watts going into the line unless 
the overall efficiency of the system is being investigated. 
An instrument that shows when the SWR is close to 1:1 
is all you need for most impedance-matching adjustments. 
Accurate measurement of SWR is necessary only in stud- 
ies of antenna characteristics such as bandwidth, or for 
the design of some types of matching systems, such as a 
stub match. 

Quantitative measurements of reasonable accuracy 
demand good design and careful construction in the mea- 
suring instruments. They also require intelligent use of 
the equipment, including a knowledge not only of its limi- 
tations but also of stray effects that often lead to false 
results. Until you know the complete conditions of the 
measurements, a certain amount of skepticism regarding 
numerical data resulting from amateur measurements with 
simple equipment is justified. On the other hand, purely 
qualitative or relative measurements are easy to make and 
are reliable for the purposes mentioned above. 


LINE CURRENT AND VOLTAGE 


A current or voltage indicator that can be used with 
coaxial line is a useful piece of equipment. It need not be 
elaborate or expensive. Its principal function is to show 
when the maximum power is being taken from the trans- 


Antenna and Transmission-Line Measurements 


mitter; for any given set of line conditions (length, SWR, 
etc). This will occur when you adjust the transmitter cou- 
pling for maximum current or voltage into the transmis- 
sion line. Although the final-amplifier plate or collector 
current meter is frequently used for this purpose, it is not 
always a reliable indicator. In many cases, particularly 
with a screen-grid tube in the final stage, minimum loaded 
plate current does not occur simultaneously with maxi- 
mum power output. 


RF VOLTMETER 


You can put together a germanium diode in conjunc- 
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Fig 1—RF voltmeter for coaxial line. 

C1, C2—0.005- or 0.01-uF ceramic. 

D1—Germanium diode, 1N34A. 

J1, J2—Coaxial fittings, chassis-mounting type. 

M1—0-1 milliammeter (more sensitive meter may be 
used if desired; see text). 

R1—6.8 kQ, composition, 1 W for each 100 W of RF 
power. 

R2—680 Q, '/2 or 1 W composition. 

R3—10 kQ, '/2 W (see text). 
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tion with a low-range milliammeter and a few resistors to 
form an RF voltmeter suitable for connecting across the 
two conductors of a coaxial line, as shown in Fig 1. It 
consists of a voltage divider, R1-R2, having a total resis- 
tance about 100 times the Z 9 of the line (so the power 
consumed will be negligible) with a diode rectifier and 
milliammeter connected across part of the divider to read 
relative RF voltage. The purpose of R3 is to make the meter 
readings directly proportional to the applied voltage, as 
nearly as possible, by swamping the resistance of D1, since 
the diode resistance will vary with the amplitude of the 
current through the diode. 

You may construct the voltmeter in a small metal box, 
indicated by the dashed line in the drawing, and fitted with 
coax receptacles. RI and R2 should be carbon-composi- 
tion resistors. The power rating for R1 should be 1 W for 
each 100 W of carrier power in the matched line; separate 
1- or 2-W resistors should be used to make up the total 
power rating required, to the total resistance as given. Any 
type of resistor can be used for R3; the total resistance 
should be such that about 10 V dc will be developed across 
it at full scale. For example, a 0-1 milliammeter would 
require 10 kQ, a 0-500 microammeter would take 20 kQ, 
and so on. For comparative measurements only, R3 may 
be a variable resistor so the sensitivity can be adjusted for 
various power levels. 

In constructing such a voltmeter, you should exer- 
cise care to prevent inductive coupling between R1 and 
the loop formed by R2, D1 and C1, and between the same 
loop and the line conductors in the assembly. With the 
lower end of R1 disconnected from R2 and grounded to 
the enclosure, but without changing its position with 
respect to the loop, there should be no meter indication 
when full power is going through the line. 

If more than one resistor is used for R1, the units 
should be arranged end-to-end with very short leads. R1 
and R2 should be kept '/2 inch or more from metal sur- 
faces parallel to the body of the resistor. If you observe 
these precautions the voltmeter will give consistent read- 
ings at frequencies up to 30 MHz. Stray capacitance and 
stray coupling limit the accuracy at higher frequencies 
but do not affect the utility of the instrument for com- 
parative measurements. 


Calibration 


You may calibrate the meter for RF voltage by com- 
parison with a standard such as an RF ammeter. This 
requires that the line be well matched so the impedance 
at the point of measurement is equal to the actual Zo of 
the line. Since in that case P = I?Zp, the power can be 
calculated from the current. Then E=,/PZ, . By making 
current and voltage measurements at a number of differ- 
ent power levels, you can obtain enough points to draw a 
calibration curve for your particular setup. 
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Fig 2—A convenient method of mounting an RF 
ammeter for use in a coaxial line. This is a metal-case 
instrument mounted on a thin bakelite panel. The cutout 
in the metal clears the edge of the meter by about ‘/s 
inch. 


RF AMMETERS 


Although they are not as widely available as they 
used to be, if you can find one on the surplus market or at 
a hamfest, an RF ammeter is a good way to gauge output 
power. You can mount an RF ammeter in any convenient 
location at the input end of the transmission line, the prin- 
cipal precaution being that the capacitance to ground, 
chassis, and nearby conductors should be low. A bakelite- 
case instrument can be mounted on a metal panel with- 
out introducing enough shunt capacitance to ground to 
cause serious error up to 30 MHz. When installing a 
metal-case instrument on a metal panel, you should mount 
it on a separate sheet of insulating material so that there 
is '/s inch or more separation between the edge of the 
case and the metal. 

A 2-inch instrument can be mounted in a 2x4x 
4-inch metal box, as shown in Fig 2. This is a convenient 
arrangement for use with coaxial line. Installed this way, 
a good quality RF ammeter will measure current with an 
accuracy that is entirely adequate for calculating power 
in the line. As discussed above in connection with cali- 
brating RF voltmeters, the line must be closely matched 
by its load so the actual impedance is resistive and equal 
to Zp. The scales of such instruments are cramped at the 
low end, however, which limits the range of power that 
can be measured by a single meter. The useful current 
range is about 3 to 1, corresponding to a power range of 
about 9 to 1. 


SWR Measurements 


On parallel-conductor lines it is possible to measure 
the standing-wave ratio by moving a current (or voltage) 
indicator along the line, noting the maximum and mini- 
mum values of current (or voltage) and then computing 
the SWR from these measured values. This cannot be done 
with coaxial line since it is not possible to make mea- 
surements of this type inside the cable. The technique is, 
in fact, seldom used with open lines because it is not only 
inconvenient but sometimes impossible to reach all parts 
of the line conductors. Also, the method is subject to con- 
siderable error from antenna currents flowing on the line. 

Present-day SWR measurements made by amateurs 
practically always use some form of directional coupler 
or RF-bridge circuit. The indicator circuits themselves 
are fundamentally simple, but they require considerable 
care in construction to ensure accurate measurements. The 
requirements for indicators used only for the adjustment 
of impedance-matching circuits, rather than actual SWR 
measurement, are not so stringent, and you can easily 
make an instrument for this purpose. 


BRIDGE CIRCUITS 


Two commonly used bridge circuits are shown in 
Fig 3. The bridges consist essentially of two voltage 
dividers in parallel, with a voltmeter connected between 
the junctions of each pair of arms, as the individual ele- 
ments are called. When the equations shown to the right 
of each circuit are satisfied there is no potential difference 
between the two junctions, and the voltmeter indicates zero 
voltage. The bridge is then said to be in balance. 

Taking Fig 3A as an illustration, if Rl = R2, half the 
applied voltage, E, will appear across each resistor. Then 
if Rg = Rx, '/E will appear across each of these resistors 
and the voltmeter reading will be zero. Remember that a 
matched transmission line has essentially a purely resis- 
tive input impedance. Suppose that the input terminals of 
such a line are substituted for Ry. Then if Rg is a resistor 
equal to the Zp of the line, the bridge will be balanced. 

If the line is not perfectly matched, its input imped- 
ance will not equal Zp, and hence will not equal Rg, since 
you chose the latter to be equal to Zp. There will then be 
a difference in potential between points X and Y, and the 
voltmeter will show a reading. Such a bridge therefore 
can be used to show the presence of standing waves on 
the line, because the line input impedance will be equal 
to Zo only when there are no standing waves. 

Considering the nature of the incident and reflected 
components of voltage that make up the actual voltage at 
the input terminals of the line, as discussed in Chapter 
24, it should be clear that when Rg = Zo, the bridge is 
always in balance for the incident component. Thus the 
voltmeter does not respond to the incident component at 
any time but reads only the reflected component (assum- 
ing that R2 is very small compared with the voltmeter 
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Fig 3—Bridge circuits suitable for SWR measurement. 
At A, Wheatstone type using resistance arms. At B, 
capacitance-resistance bridge (“Micromatch’”). 
Conditions for balance are independent of frequency 
in both types. 


impedance). The incident component can be measured 
across either R1 or R2, if they are equal resistances. The 
standing-wave ratio is then 


R= E1+E2 


~ EIL-E2 (Eq 1) 


where E1 is the incident voltage and E2 is the reflected 
voltage. It is often simpler to normalize the voltages by 
expressing E2 as a fraction of El, in which case the for- 
mula becomes 


swr=itk 
I-k 


(Eq 2) 


where k = E2/E1. 

The operation of the circuit in Fig 3B is essentially 
the same, although this circuit has arms containing reac- 
tance as well as resistance. 

It is not necessary that R1 = R2 in Fig 3A; the bridge 
can be balanced, in theory, with any ratio of these two 
resistances provided Rg is changed accordingly. In prac- 
tice, however, the accuracy is highest when the two are 
equal; this circuit is most commonly used. 

A number of types of bridge circuits appear in Fig 4, 
many of which have been used in amateur products or 
amateur construction projects. All except that at G can 
have the generator and load at a common potential. At G, 
the generator and detector are at a common potential. You 
may interchange the positions of the detector and trans- 
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De Sauty/Wein (Micromatch) Christie/Wheatstone (Antenna — Scope) 
(A) (B) 


RCI Balance Z= 


= R2 R3 
Balance Z= C2 “Ri 





Carey — Foster 
(Twin — Lamp, Monomatch Mickey — Match) 
(D) 


Maxwell (Universal) 
(C) 


Balance R1 Z=R2 R3=L/C 
Balance M=C R2 Z 


No Discontinuity: R2->~, 
R3+0, R1=Z L=M(1+R1/R2) 
No Discontinuity: R1+ R2 = Z = vL/C 


Lp Lp 





Bruene (Collins Radio) Phase — Compensated 
(E) (F) 
Balance (Approx.) Z C1 Lg=M R (C1+C2) Balance: Z R1 C1=M=Lp 
(21 f Lg >> R) Lg=R1 R2 (C1+C2) 
(Lp=M Approx) 


Max. 1% Error: 217 fLg 27R 





Diff. 
2 Capacitor 





Starr's "Hybrid Coil" 
Balance: R=Z 


ANTO921 (The Differential Capacitor Can Balance Parallel Reactance.) 


Fig 4—Various types of SWR indicator circuits and commonly known names of bridge circuits or devices in that 
they have been used. Detectors (D) are usually semiconductor diodes with meters, isolated with RF chokes and 
capacitors. However, the detector may be a radio receiver. In each circuit, Z represents the load being measured. 


(This information provided by David Geiser, WA2ANU) 
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mitter (or generator) in the bridge, and this may be 
advantageous in some applications. 

The bridges shown at D, E, F and H may have one 
terminal of the generator, detector and load common. 
Bridges at A, B, E, F, G and H have constant sensitivity 
over a wide frequency range. Bridges at B, C, D and H 
may be designed to show no discontinuity (impedance 


lump) with a matched line, as shown in the drawing. 
Discontinuities with A, E and F may be small. 

Bridges are usually most sensitive when the detector 
bridges the midpoint of the generator voltage, as in G or H, 
or in B when each resistor equals the load impedance. Sen- 
sitivity also increases when the currents in each leg are 
equal. 


Resistance Bridge 


The basic bridge configuration shown in Fig 3B may 
be home constructed and is reasonably accurate for SWR 
measurement. A practical circuit for such a bridge is given 
in Fig 5 and a representative layout is shown in Fig 6. Prop- 
erly built, a bridge of this design can be used for measure- 
ment of SWRs up to about 15:1 with good accuracy. 

You should observe these important construction 
points: 

1) Keep leads in the RF circuit short, to reduce stray 
inductance. 

2) Mount resistors two or three times their body diam- 
eter away from metal parts, to reduce stray capaci- 
tance. 

3) Place the RF components so there is as little inductive 
and capacitive coupling as possible between the bridge 
arms. 
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Fig 5—Resistance bridge for SWR measurement. 

Capacitors are disc ceramic. Resistors are '/2-watt 

composition except as noted below. 

D1, D2—Germanium diode, high back resistance type 
(1N34A, 1N270, etc). 

J1, J2—Coaxial connectors, chassis-mounting type. 

M1i—0-100 dc microammeter. 

R1, R2—47 Q, '/2-W composition (see text). 

R3—See text. 

R4—50-kQ volume control. 

R,—Resistance equal to line Zp (‘/2 or 1 W composition). 

S1—SPDT toggle. 
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In the instrument shown in Fig 6, the input and line 
connectors, J1 and J2, are mounted fairly close together 
so the standard resistor, Rs, can be supported with short 
leads directly between the center terminals of the con- 
nectors. R2 is mounted at right angles to Rg, and a shield 
partition is used between these two components and the 
others. 

The two 47-kQ resistors, R5 and R6 in Fig 5, are 
voltmeter multipliers for the 0-100 microammeter used 
as an indicator. This is sufficient resistance to make the 
voltmeter linear (that is, the meter reading is directly pro- 
portional to the RF voltage) and no voltage calibration 
curve is needed. D1 is the rectifier for the reflected volt- 





Fig 6—A 2 x 4 x 4-inch aluminum box is used to house 
this SWR bridge, which uses the circuit of Fig 5. The 
variable resistor, R4, is mounted on the side. The bridge 
components are mounted on one side plate of the box 
and a subchassis formed from a piece of aluminum. The 
input connector is at the top in this view. R, is connec- 
ted directly between the two center posts of the connec- 
tors. R2 is visible behind it and perpendicular to it. One 
terminal of D1 projects through a hole in the chassis so 
the lead can be connected to J2. R1 is mounted verti- 
cally to the left of the chassis in this view, with D2 
connected between the junction of R1-R2 and a tie point. 
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age and D2 is for the incident voltage. Because of manu- 
facturing variations in resistors and diodes, the readings 
may differ slightly with two multipliers of the same nomi- 
nal resistance value, so a correction resistor, R3, is 
included in the circuit. You should select its value so that 
the meter reading is the same with S1 in either position, 
when RF is applied to the bridge with the line connection 
open. In the instrument shown, a value of 1000 Q was 
required in series with the multiplier for reflected volt- 
age; in other cases different values probably would be 
needed and R3 might have to be put in series with the 
multiplier for the incident voltage. You can determine this 
by experiment. 

The value used for R1 and R2 is not critical, but you 
should match the two resistors within 1% or 2% if pos- 
sible. Keep the resistance of Rg as close as possible to 
the actual Z, of the line you use (generally 50 or 75 Q). 
Select the resistor by actual measurement with an accu- 
rate resistance bridge, if you have one available. 

R4 is for adjusting the incident-voltage reading to 
full scale in the measurement procedure described below. 
Its use is not essential, but it offers a convenient alterna- 
tive to exact adjustment of the RF input voltage. 


Testing 


Measure R1, R2 and Rg with a reliable digital ohm- 
meter or resistance bridge after completing the wiring. This 
will ensure that their values have not changed from the 
heat of soldering. Disconnect one side of the microammeter 
and leave the input and output terminals of the unit open 
during such measurements to avoid stray shunt paths 
through the rectifiers. 

Check the two voltmeter circuits as described above, 
applying enough RF (about 10 V) to the input terminals 
to give a full-scale reading with the line terminals open. 
If necessary, try different values for R3 until the reading 
is the same with S1 in either position. 

With J2 open, adjust the RF input voltage and R4 
for full-scale reading with S1 in the incident-voltage 
position. Then switch S1 to the reflected-voltage posi- 
tion. The reading should remain at full scale. Next, short- 
circuit J2 by touching a screwdriver between the center 
terminal and the frame of the connector to make a low- 
inductance short. Switch S1 to the incident-voltage posi- 
tion and readjust R4 for full scale, if necessary. Then 
throw S1 to the reflected-voltage position, keeping J2 
shorted, and the reading should be full scale as before. If 
the readings differ, R1 and R2 are not the same value, or 
there is stray coupling between the arms of the bridge. 
You must read the reflected voltage at full scale with J2 
either open or shorted, when the incident voltage is set to 
full scale in each case, to make accurate SWR measure- 
ments. 

The circuit should pass these tests at all frequencies 
at which it is to be used. It is sufficient to test at the low- 
est and highest frequencies, usually 1.8 or 3.5 and 28 or 
50 MHz. If R1 and R2 are poorly matched but the bridge 
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construction is otherwise good, discrepancies in the read- 
ings will be substantially the same at all frequencies. A 
difference in behavior at the low and high ends of the 
frequency range can be attributed to stray coupling 
between bridge arms, or stray inductance or capacitance 
in the arms. 

To check the bridge for balance, apply RF and adjust 
R4 for full scale with J2 open. Then connect a resistor 
identical with Rg (the resistance should match within 1% 
or 2%) to the line terminals, using the shortest possible 
leads. It is convenient to mount the test resistor inside a 
cable connector (PL-259), a method of mounting that also 
minimizes lead inductance. When you connect the test 
resistor the reflected-voltage reading should drop to zero. 
The incident voltage should be reset to full scale by means 
of R4, if necessary. The reflected reading should be zero 
at any frequency in the range to be used. If a good null is 
obtained at low frequencies but some residual current 
shows at the high end, the trouble may be the inductance 
of the test resistor leads, although it may also be caused 
by stray coupling between the arms of the bridge itself. 

If there is a constant low (but not zero) reading at 
all frequencies the problem is poor matching of the resis- 
tance values. Both effects can be present simultaneously. 
You should make sure you obtain a good null at all fre- 
quencies before using your bridge. 


Bridge Operation 

You must limit the RF power input to a bridge of 
this type to a few watts at most, because of the power- 
dissipation ratings of the resistors. If the transmitter has 
no provision for reducing power output to a very low 
value—less than 5 W—a simple power-absorber circuit 
can be made up, as shown in Fig 7. Lamp DS1 tends to 
maintain constant current through the resistor over a fairly 
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P1 
From To 


XMTR BRIDGE 
DS2 


R1 


Fig 7—Power-absorber circuit for use with resistance- 
type SWR bridges when the transmitter has no special 
provisions for power reduction. For RF powers up to 
50 W, DS1 is a 117-V 40-W incandescent lamp and DS2 
is not used. For higher powers, use sufficient addi- 
tional lamp capacity at DS2 to load the transmitter to 
about normal output; for example, for 250 W output DS2 
may consist of two 100-W lamps in parallel. R1 is made 
from three 1-W 68-Q resistors connected in parallel. P1 
and P2 are cable-mounting coaxial connectors. Leads 
in the circuit formed by the lamps and R1 should be 
kept short, but convenient lengths of cable may be 
used between this assembly and the connectors. 


wide power range, so the voltage drop across the resistor 
also tends to be constant. This voltage is applied to the 
bridge, and with the constants given is in the right range 
for resistance-type bridges. 

To make a measurement, connect the unknown load 
to J2 and apply sufficient RF voltage to J1 to give a full- 
scale incident-voltage reading. Use R4 to set the indica- 
tor to exactly full scale. Then throw S1 to the reflected 
voltage position and note the meter reading. The SWR is 
then found by using these readings in Eq 1. 

For example, if the full-scale calibration of the dc 
instrument is 100 WA and the reading with S2 in the 
reflected-voltage position is 40 WA, the SWR is 


100+40 140 
100-40 60 


SWR= =2.33:1 





Instead of calculating the SWR value, you could use 
the voltage curve in Fig 8. In this example the ratio of 
reflected to forward voltage is 40/100 = 0.4, and from 
Fig 8 the SWR value is about 2.3:1. 

You may calibrate the meter scale in any arbitrary 
units, so long as the scale has equal divisions. It is the 
ratios of the voltages, and not the actual values, that 
determine the SWR. 
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Fig 8—Chart for finding voltage standing-wave ratio 
when the ratio of reflected-to-forward voltage or 
reflected-to-forward power is known. 
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AVOIDING ERRORS IN SWR MEASUREMENTS 


The principal causes of inaccuracies within the 
bridge are differences in the resistances of R1 and R2, 
stray inductance and capacitance in the bridge arms, and 
stray coupling between arms. If the checkout procedure 
described above is followed carefully, the bridge in Fig 5 
should be amply accurate for practical use. The accuracy 
is highest for low standing-wave ratios because of the 
nature of the SWR calculation; at high ratios the divisor 
in the equation above represents the difference between 
two nearly equal quantities, so a small error in voltage 
measurement may mean a considerable difference in the 
calculated SWR. 

The standard resistor Rg must equal the actual Z, of 
the line. The actual Zy of a sample of line may differ by a 
few percent from the nominal figure because of manufac- 
turing variations, but this has to be tolerated. In the 50- to 
75-Q. range, the RF resistance of a composition resistor of 
/o- or 1-W rating is essentially identical with its dc resis- 
tance. 


Common-Mode Currents 


As explained in Chapter 26, there are two ways in 
which unwanted common-mode (sometimes called 
antenna) currents can flow on the outside of a coaxial 
line—currents radiated onto the line because of its spa- 
tial relationship to the antenna and currents that result 
from the direct connection between the coax outer con- 
ductor and (usually) one side of the antenna. The radi- 
ated current usually will not be troublesome if the bridge 
and the transmitter (or other source of RF power for 
operating the bridge) are shielded so that any RF cur- 
rents flowing on the outside of the line cannot find their 
way into the bridge. This point can be checked by insert- 
ing an additional section of line ('/s to '/4 electrical wave- 
length preferably) of the same Zp. The SWR indicated by 
the bridge should not change except for a slight decrease 
because of the additional line loss. If there is a marked 
change, you may need better shielding. 

Parallel-type currents caused by the connection to 
the antenna without using a common-mode choke balun 
will change the SWR with variations in line length, even 
though the bridge and transmitter are well-shielded and 
the shielding is maintained throughout the system by the 
use of coaxial fittings. Often, merely moving the trans- 
mission line around will cause the indicated SWR to 
change. This is because the outside of the coax becomes 
part of the antenna system—being connected to the 
antenna at the feed point. The outside shield of the line 
thus constitutes a load, along with the desired load repre- 
sented by the antenna itself. The SWR on the line then is 
determined by the composite load of the antenna and the 
outside of the coax. Since changing the line length (or 
position) changes one component of this composite load, 
the SWR changes too. 

The remedy for such a situation is to use a good balun 
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or to detune the outside of the line by proper choice of 
length. Note that this is not a measurement error, since 
what the instrument reads is the actual SWR on the line. 
However, it is an undesirable condition since the line is 
usually operating at a higher SWR than it should—and 
would if the parallel-type current on the outside of the 
coax were eliminated. 


Spurious Frequencies 


Off-frequency components in the RF voltage applied 
to the bridge may cause considerable error. The principal 
components of this type are harmonics and low-frequency 
subharmonics that may be fed through the final stage of 
the transmitter driving the bridge. The antenna is almost 
always a fairly selective circuit, and even though the sys- 
tem may be operating with a very low SWR at the desired 
frequency, itis almost always mismatched at harmonic and 
subharmonic frequencies. If such spurious frequencies are 
applied to the bridge in appreciable amplitude, the SWR 
indication will be very much in error. In particular, it may 
not be possible to obtain a null on the bridge with any set 
of adjustments of the matching circuit. The only remedy 
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Fig 9—Methods of determining '/4 and 1/2-A line lengths. 
At A, '/s-A open-circuited line; at B, '/4-A shorted and 
/2-A, open-circuited line. 
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is to filter out the unwanted components by increasing the 
selectivity of the circuits between the transmitter final 
amplifier and the bridge. 


MEASURING LINE LENGTH 


The following material is taken from information in 
September 1985 QST by Charlie Michaels, W7XC (see 
Bibliography). 

There is a popular myth that one may prepare an 
open quarter-wave line by connecting a loop of wire to 
one end and trimming the line to resonance (as indicated 
by a dip meter). This actually yields a line with capaci- 
tive reactance equal to the inductive reactance of the loop: 
a 4-inch wire loop yields a line 82.8° line at 18 MHz; a 
2-inch loop yields an 86° line. As the loop size is reduced, 
line length approaches—but never equals—90°. 

To make a quarter-wave open line, parallel connect 
a coil and capacitor that resonate at the required frequency 
(see Fig 9A). After adjusting the network to resonance, 
do not make further network adjustments. Open the con- 
nection between the coil and capacitor and series con- 
nect the line to the pair. Start with a line somewhat longer 
than required, and trim it until the circuit again resonates 
at the desired frequency. For a shorted quarter-wave line 
or an open half-wave line, connect the line in parallel 
with the coil and capacitor (see Fig 9B). 

Another method to accurately measure a coaxial 
transmission line length uses one of the popular “SWR 
analyzers,” portable hand-held instruments with a tun- 
able low-power signal generator and an SWR bridge. 
While an SWR analyzer cannot compute the very high 
values of SWR at the input of a shorted quarter-wave line 
at the fundamental frequency, most include another read- 
out showing the magnitude of the impedance. This is very 
handy for finding a low-impedance dip, rather than a high- 
impedance peak. 

At the operating frequency, a shorted quarter-wave line 
results in a high-impedance open-circuit at the input to that 
line. At twice the frequency, where the line is now one-half 
wave long electrically, the instrument shows a low-imped- 
ance short-circuit. However, when you are pruning a line to 
length by cutting off short pieces at the end, it is inconve- 
nient to have to install a short before measuring the response. 
It is far easier to look for the dip in impedance when a quar- 
ter-wave line is terminated in an open circuit. 

Again, the strategy is to start with a line physically 
a little longer than a quarter-wave length. A good rule of 
thumb is to cut the line 5% longer to take into account 
the variability in the velocity factor of a typical coax cable. 
Compute this using: 

Length (feet) = 0.25 x 1.05 x VF x 984/Freq = VF/Freq 
where 

Freq is in MHz 

VF is the velocity factor in %. 

Plug the coax connector installed at one end of the 
line into the SWR analyzer and find the frequency for the 


impedance dip. Prune the line by snipping off short pieces 
at the end. Once you’ve pruned the line to the desired fre- 
quency, connect the short at the end of the line and re- 
check for a short circuit at twice the fundamental frequency. 
Seal the shorted end of the coax and you’re done. 


REFLECTOMETERS 


Low-cost reflectometers that do not have a guaran- 
teed wattmeter calibration are not ordinarily reliable for 
accurate numerical measurement of standing-wave ratio. 
They are, however, very useful as aids in the adjustment 
of matching networks, since the objective in such adjust- 
ment is to reduce the reflected voltage or power to zero. 
Relatively inexpensive devices can be used for this, since 
only good bridge balance is required, not actual calibra- 


tion of SWR. Bridges of this type are usually frequency- 
sensitive that is, the meter response increase with increas- 
ing frequency for the same applied voltage. When 
matching and line monitoring, rather than SWR measure- 
ment, is the principal use of the device, this is not a seri- 
ous handicap. 

Various simple reflectometers, useful for matching 
and monitoring, have been described from time to time 
in QST and in The ARRL Handbook. Because most of 
these are frequency sensitive, it is difficult to calibrate 
them accurately for power measurement, but their low 
cost and suitability for use at moderate power levels, com- 
bined with the ability to show accurately when a match- 
ing circuit has been properly adjusted, make them a 
worthwhile addition to the amateur station. 


The Tandem Match—An Accurate 


Directional 


Most SWR meters are not very accurate at low power 
levels because the detector diodes do not respond to low 
voltage in a linear fashion. This design uses a compen- 
sating circuit to cancel diode nonlinearity. It also pro- 
vides peak detection for SSB operation and direct SWR 
readout that does not vary with power level. The follow- 
ing information is condensed from an article by John 
Grebenkemper, KI6WX, in January 1987 OST. 


DESIGN PRINCIPLES 


Directional wattmeters for Amateur Radio use con- 
sist of three basic elements: a directional coupler, a 
detector and a signal-processing and display circuit. A 
directional coupler samples forward and reflected-power 
components on a transmission line. An ideal directional 
coupler would provide signals proportional to the for- 
ward and reflected voltages (independent of frequency), 
which could then be used to measure forward and re- 
flected power over a wide frequency range. The best con- 
temporary designs work over two decades of frequency. 

The detector circuit provides a dc output voltage 
proportional to the ac input voltage. Most directional watt- 





Table 1 

Performance Specifications for the Tandem Match 

Power range: 1.5 to 1500 W 

Frequency range: 1.8 to 54 MHz 

Power accuracy: Better than + 10% ( + 0.4 dB) 

SWR accuracy: Better than + 5% 

Minimum SWR: Less than 1.05:1 

Power display: Linear, suitable for use with either analog 
or digital meters 

Calibration: Requires only an accurate voltmeter 
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Wattmeter 


meters use a single germanium diode as the detector 
element. A germanium, rather than silicon, diode is used 
to minimize diode nonlinearity at low power levels. Diode 
non-linearity still causes SWR measurement errors unless 
it is compensated ahead of the display circuit. Most 
directional wattmeters do not work well at low power lev- 
els because of diode nonlinearity. 

The signal-processing and display circuits compute 
and display the SWR. There are a number of ways to per- 
form this function. Meters that display only the forward 
and reflected power require the operator to compute the 
SWR manually. Many instruments require that the 
operator adjust the meter to a reference level while mea- 
suring forward power, then switch to measure reflected 
power on a special scale that indicates SWR. Meters that 
directly compute the SWR using analog signal-process- 
ing circuits have been described by Fayman, Perras, 
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Fig 10—The Tandem Match uses a pair of meters to 
display net forward power and true SWR 
simultaneously. 
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Fig 11—Block diagram of the Tandem Match. 


Leenerts and Bailey (see the Bibliography at the end of 
this chapter). 

The next section takes a brief look at several popu- 
lar circuits that accomplish the functions above and com- 
pares them to the circuits used in the Tandem Match. The 
design specifications of the Tandem Match are shown in 
Table 1, and a block diagram is shown in Fig 11. 


CIRCUIT DESCRIPTION 


A directional coupler consists of an input port, an out- 
put port and a coupled port. The device takes a portion of 
the power flowing from the input port to the output port 
and directs it to the coupled port, but none of the power 
flowing from the output port to the input port is directed to 
the coupled port. 

There are several terms that define the performance 
of a directional coupler: 

1) Insertion loss is the amount of power that is lost 
as the signal flows from the input port to the output port. 
Insertion loss should be minimized so the coupler doesn’t 
dissipate a significant amount of the transmitted power. 

2) Coupling factor is the amount of power (or volt- 
age) that appears at the coupled port relative to the amount 
of power (or voltage) transferred from the input port to 
the output port. The “flatness” (with frequency) of the 
coupling factor determines how accurately the directional 
wattmeter can determine forward and reflected power over 
a range of frequencies. 
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3) Isolation is the amount of power (or voltage) that 
appears at the coupled port relative to the amount of power 
(or voltage) transferred from the output port to the input 
port. 

4) Directivity is the isolation less the coupling fac- 
tor. Directivity dictates the minimum measurable SWR. 
A directional coupler with 20 dB of directivity measures 
a 1:1 SWR as 1.22:1, but one with 30 dB measures a 1:1 
SWR as 1.07:1. 

The directional coupler most commonly used in ama- 
teur radio was first described in 1959 by Bruene in QST 
(see Bibliography). The coupling factor was fairly flat 
(+1 dB), and the directivity was about 20 dB for a Bruene 
coupler measured from 3 to 30 MHz. Both factors limit 
the accuracy of the Bruene coupler for measuring low 
values of power and SWR. It is a simple directional cou- 
pler, however, and it works well over a wide frequency 
range if great precision is not required. 

The coupler used in the Tandem Match (see Fig 12) 
consists of a pair of toroidal transformers connected in 
tandem. The configuration was patented by Carl G. 
Sontheimer and Raymond E. Fredrick (US Patent no. 
3,426,298, issued February 4, 1969). It has been described 
by Perras, Spaulding (see Bibliography) and others. With 
coupling factors of 20 dB or greater, this coupler is suit- 
able for sampling both forward and reflected power. 

The configuration used in the Tandem Match works 
well over the frequency range of 1.8 to 54 MHz, with a 
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Fig 12—Simplified diagram of the Tandem Match directional coupler. At A, a schematic of the two transformers. At B, 


an equivalent circuit. 


nominal coupling factor of 30 dB. Over this range, inser- 
tion loss is less than 0.1 dB. The coupling factor is flat to 
within + 0.1 dB from 1.8 to 30 MHz, and increases to 
only +0.3 dB at 50 MHz. Directivity exceeds 35 dB from 
1.8 to 30 MHz and exceeds 26 dB at 50 MHz. 

The low-frequency limit of this directional coupler 
is determined by the inductance of the transformer sec- 
ondary windings. The inductive reactance should be 
greater than 150 Q (three times the line characteristic im- 
pedance) to reduce insertion loss. The high-frequency limit 
of this directional coupler is determined by the length of 
the transformer windings. When the winding length ap- 
proaches a significant fraction of a wavelength, coupler 
performance deteriorates. 
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Fig 13—Simplified diagram of the detector circuit used 
in the Tandem Match. The output voltage, V, is 
approximately equal to the input voltage. D1 and D2 
must be a matched pair (see text). The op amp should 
have a low offset voltage (less than 1 mV), a low 
leakage current (less than 1 nA), and be stable over 
time and temperature. The resistor and capacitor in the 
feedback path assure that the op amp will be stable. 
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The coupler described here may overheat at 1500 
W on 160 meters (because of the high circulating current 
in the secondary of T2). The problem could be corrected 
by using a larger core or one with greater permeability. 
A larger core would require longer windings; that option 
would decrease the high-frequency limit. 
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Fig 14—Simplified diagrams of the log circuit at A and 
the antilog circuit at B. 
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Fig 15—Schematic diagram for the Tandem Match directional wattmeter. Parts identified as RS are from RadioShack. 
For other parts sources, see Table 3. See Fig 17 for construction of 50-Q loads at J1 and J2. 


D1, D2—Matched pair 1N5711, or equivalent. J1, J2—SO-239 connector. 

D3, D4a—Matched pair 1N5711, or equivalent. J3, J4—Open-circuit jack. 

D6, D7—1N34A. M1, M2—50 pA panel meter, RS 270-1751. 
D8-D14—1N914. Q1, Q3, Q4—2N2222 or equiv. 
FB—Ferrite bead, Amidon FB-73-101 or equiv. Q2—2N2907 or equiv. 
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R1, R2, R5—100 kQ, 10-turn, cermet Trimpot. U5-U7—CA3146 quad transistor array. 
R3, R4Q—10 kQ, 10-turn, cermet Trimpot. U8—LM334 adjustable current source. 
U1-U3—TLC27L4 or TLC27M4 quad op amp U9-U10—LM336 2.5-V reference diode. See text. 


(Texas Instruments). 
U4—TLC27L2 or TLC27M2 dual op amp. 
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Detector Circuits 


Most amateur directional wattmeters use a germa- 
nium diode detector to minimize the forward voltage drop. 
Detector voltage drop is still significant, however, and 
an uncompensated diode detector does not respond to 
small signals in a linear fashion. Many directional watt- 
meters compensate for diode nonlinearity by adjusting 
the meter scale. 

The effect of underestimating detected power wors- 
ens at low power levels. Under these conditions, the ratio 
of the forward power to the reflected power is overesti- 
mated because the reflected power is always less than the 
forward power. This results in an instrument that underes- 
timates SWR, particularly as power is reduced. A direc- 
tional wattmeter can be checked for this effect by 
measuring SWR at several power levels: the SWR should 
be independent of power level. 

The Tandem Match uses a feedback circuit to com- 
pensate for diode nonlinearity. A simplified diagram of 
the compensated detector is shown in Fig 13. When used 
with the 30-dB directional coupler, the output voltage of 
this circuit tracks the square root of power over a range 
from 10 mW to 1.5 kW. The compensated diode detector 
tracks the peak input voltage down to 30 mV, while an 
uncompensated germanium-diode detector shows signifi- 
cant errors at peak inputs of 1 V and less. More informa- 
tion about compensated detectors appears in 
Grebenkemper’s QEX article, “Calibrating Diode Detec- 
tors” (see Bibliography). 

The compensation circuit uses the voltage across a 
feedback diode, D2, to compensate for the voltage drop 
across the detector diode, D1. (The diodes must be a 
matched pair.) The average current through D1 is deter- 
mined by the detector diode load resistor, R1. The peak 
current through this diode is several times larger than the 
average current; therefore, the current through D2 must be 
several times larger than the average current through D1 
to compensate adequately for the peal voltage drop across 
D1. This is accomplished by making the feedback-diode 
load resistor, R2, several times smaller than R1. The volt- 
age at the output of the compensated detector approximates 
the peak RF voltage at the input. For Schottky barrier 
diodes and a 1 MQ detector-diode load resistor, a 5:1 ratio 
of R1 to R2 is nearly optimal. 


Signal-Processing and Display Circuits 


The signal-processing circuitry calculates and dis- 
plays transmission-line power and SWR. When measur- 
ing forward power, most directional wattmeters display 
the actual forward power present in the transmission line, 
which is the sum of forward and reflected power if a match 
exists at the input end of the line. Transmission-line for- 
ward power is very close to the net forward power (the 
actual power delivered to the line) so long as the SWR is 
low. As the SWR increases, however, forward power 
becomes an increasingly poor measure of the power 
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delivered to the load. At an SWR of 3:1, a forward power 
reading of 100 W implies that only 75 W is delivered to 
the load (the reflected power is 25 W), assuming the trans- 
mission-line loss is zero. 

The Tandem Match differs from most wattmeters in 
that it displays the net forward power, rather than the 
sum of forward and reflected power. This is the quantity 
that must be optimized to result in maximum radiated 
power (and which concerns the FCC). 

The Tandem Match directly computes and displays 
the transmission-line SWR on a linear scale. As the dis- 
played SWR is not affected by changes in transmitter 
power, a matching network can be simply adjusted to 
minimize SWR. Transmatch adjustment requires only a 
few watts. 

The heart of the Tandem Match signal-processing cir- 
cuit is the analog logarithm and antilogarithm circuitry 
shown in Fig 14. The circuit is based on the fact that col- 
lector current in a silicon transistor is proportional to the 
exponential (antilog) of its base-emitter voltage over a 
range of collector currents from a few nanoamperes to a 
few milliamperes when the collector-base voltage is zero 
(see Gibbons and Horn reference in the Bibliography). 
Variations of this circuit are used in the squaring circuits 
to convert voltage to power and in the divider circuit used 
to compute the SWR. With good op amps, this circuit will 
work well for input voltages from less than 100 mV to 
greater than 10 V. 

(For the Tandem Match, “good” op amps are quad- 
packaged, low-power-consumption, unity-gain-stable 
parts with input bias less than 1 nA and offset voltage 
less than 5 mV. Op amps that consume more power than 
those shown may require changes to the power supply.) 


CONSTRUCTION 


The schematic diagram for the Tandem Match is 
shown in Fig 15 (see pages 14 and 15). The circuit is 
designed to operate from batteries and draw very little 
power. Much of the circuitry is of high impedance, so 
take care to isolate it from RF fields. House it in a metal 
case. Most problems in the prototype were caused by stray 
RF in the op-amp circuitry. 


Directional Coupler 


The directional coupler is constructed in its own 
small (23/4x 23/4x 2'/4-inch) aluminum box (see Fig 16). 
Two pairs of S0-239 connectors are mounted on opposite 
sides of the box. A piece of PC board is run diagonally 
across the box to improve coupler directivity. The pieces 
of RG-8X coaxial cable pass through holes in the PC 
board. 

(Note: Some brands of “mini 8” cable have extremely 
low breakdown voltage ratings and are unsuitable to carry 
even 100 W when the SWR exceeds 1:1. See the subse- 
quent section, “High-Power Operation,” for details of a 
coupler made with RG-8 cable.) 

Begin by constructing T1 and T2, which are identi- 
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Fig 16—Construction details for the directional coupler. 
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Fig 17—The parallel load resistors mounted on an 
SO-239 connector. Four 200-Q, 2%, '/2-W resistors are 
mounted in parallel to provide a 50-Q detector load. 


cal except for their end connections. Refer to Fig 16. The 
primary for each transformer is the center conductor of a 
length of RG-8X coaxial cable. Cut two cable lengths 
sufficient for mounting as shown in the figure. Strip the 
cable jacket, braid and dielectric as shown. The cable 
braid is used as a Faraday shield between the transformer 
windings, so it is only grounded at one end. Jmportant— 
connect the braid only at one end or the directional-cou- 
pler circuit will not work properly! Wind two transformer 
secondaries, each 31 turns of #24 enameled wire on an 
Amidon T50-3 or equivalent powdered-iron core. 

Slip each core over one of the prepared cable pieces 
(including both the shield and the outer insulation). Mount 
and connect the transformers as shown in Fig 16, with the 
wire running through separate holes in the copper-clad PC 
board. The directional coupler can be mounted separately 
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Fig 18—Diode matching test setup. 


from the rest of the circuitry if desired. If so, use two 
coaxial cables to carry the forward and reflected-power 
signals from the directional coupler to the detector inputs. 
Be aware, however that any losses in the cables will affect 
power readings. 

This directional coupler has not been used at power 
levels in excess of 100 W. For more information about 
using the Tandem Match at high power levels, see the 
section, “High-Power Operation.” 


Detector and Signal-Processing Circuits 


The detector and signal-processing circuits were 
constructed on a perforated, copper-clad circuit board. 
These circuits use two separate grounds—it is extremely 
important that the grounds be isolated as shown in the 
circuit diagram. Failure to do so may result in faulty cir- 
cuit operation. Separate grounds prevent RF currents on 
the cable braid from affecting the op-amp circuitry. 

The directional coupler requires good 50-Q loads. 
They are constructed on the back of female UHF chassis 
connectors where the cables from the directional coupler 
enter the wattmeter housing. Each load consists of four 
200-Q resistors connected from the center conductor of 
the UHF connector to the four holes on the mounting 
flange, as shown in Fig 17. The detector diode is then run 
from the center conductor of the connector to the 
100-pF and 1000-pF bypass capacitors, which are mounted 
next to the connector. The response of this load and 
detector combination measures flat to beyond 500 MHz. 

Schottky-barrier diodes (type 1N5711) were used in 
this design because they were readily available. Any RF- 
detector diode with a low forward voltage drop (less than 
300 mV) and reverse break-down voltage greater than 
30 V could be used. (Germanium diodes could be used in 
this circuit, but performance will suffer. If germanium di- 
odes are used, reduce the resistance values for the detector- 
diode and feedback-diode load resistors by a factor of 10.) 

The detector diodes must be matched. This can be 
done with dc, using the circuit shown in Fig 18. Use a 
high-impedance voltmeter (10 MQ or greater). For this 
project, diodes are matched when their forward voltage 
drops are equal (within a few millivolts). Diodes from 
the same batch will probably be sufficiently matched. 
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Table 2 
Range-Switch Resistor Values 


Full-Scale Range Resistor 
Power Level (1% Precision) 
(W) (kQ) 
1 2.32 
2 3.24 
3 4.02 
5 5.23 
10 7.68 
15 9.53 
20 11.0 
25 12.7 
30 14.0 
50 18.7 
100 28.7 
150 37.4 
200 46.4 
250 549 
300 63.4 
500 100.0 
1000 237.0 
1500 649.0 
2000 Open 





The rest of the circuit layout is not critical, but keep 
the lead lengths of the 0.001 and 0.01-pF bypass capaci- 
tors short. The capacitors provide additional bypassing 
for the op-amp circuitry. D6 and D7 form a voltage dou- 
bler to detect the presence of a carrier. When the forward 
power exceeds 1.5 W, Q3 switches on and stays on until 
about 10 seconds after the carrier drops. (A connection 
from TP7 to TP9 forces the unit on, even with no carrier 
present.) The regulated references of +2.5 V and —2.5 V 
generated by the LM334 and two LM336s are critical. 
Zener-diode substitutes would significantly degrade per- 
formance. 

The four op amps in Ul compensate for the 
nonlinearity of the detector diodes. D1-D2 and D3-D4 
are the matched diode pairs discussed above. A RANGE 
switch selects the meter range. (A six-position switch was 
used here because it was handy.) The resistor values for 
the RANGE switch are shown in Table 2. Full-scale input 
power gives an output at UIC or UID of 7.07 V. The 
forward and reflected-power detectors are zeroed with 
RI and R2. 

The forward and reflected-detector voltages are 
squared by U2, U5 and U6 so that the output voltages 
are proportional to forward and reflected power. The gain 
constants are adjusted using R3 and R4 so that an input 
of 7.07 V to the squaring circuit gives an output of 5 V. 
The difference between these two voltages is used by U4B 
to yield an output that is proportional to the power deliv- 
ered to the transmission line. This voltage is peak detected 
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(by an RC circuit connected to the OPERATE position of 
the MODE switch) to hold and indicate the maximum 
power during CW or SSB transmissions. SWR is com- 
puted from the forward and reflected voltages by U3, U4 
and U7. When no carrier is present, Q4 forces the SWR 
reading to be zero (that is, when the forward power is 
less than 2% of the full-scale setting of the RANGE switch). 
The SWR computation circuit gain is adjusted by R5. The 
output is peak detected in the OPERATE mode to steady 
the SWR reading during CW or SSB transmissions. 

Transistor arrays (US, U6 and U7) are used for the 
log and antilog circuits to guarantee that the transistors 
will be well matched. Discrete transistors may be used, 
but accuracy may suffer. A three-position toggle switch 
selects the three operating modes. In the OPERATE mode, 
the power and SWR outputs are peak detected and held 
for a few seconds to allow meter reading during actual 
transmissions. In the TUNE mode, the meters display in- 
stantaneous output power and SWR. 

A digital voltmeter is used to obtain more precise 
readings than are possible with analog meters. The out- 
put power range is 0 to 5 V (0 V = 0 W and 5 V = full 
scale). SWR output varies from 1 V (SWR = 1:1) to5 V 
(SWR = 5:1). Voltages above 5 V are unreliable because 
of voltage limiting in some of the op amp circuits. 


Calibration 


The directional wattmeter can be calibrated with an 
accurate voltmeter. All calibration is done with dc volt- 
ages. The directional-coupler and detector circuits are 
inherently accurate if correctly built. To calibrate the 
wattmeter, use the following procedure: 

1) Set the MODE switch to TUNE and the RANGE switch to 
100 W or less. 
2) Jumper TP7 to TP8. This turns the unit on. 
3) Jumper TP! to TP2. Adjust R1 for 0 V at TP3. 
4) Jumper TP4 to TPS. Adjust R2 for 0 V at TP6. 
5) Adjust R1 for 7.07 V at TP3. 
6) Adjust R3 for 5.00 V at TP9, or a full-scale reading 
on M1. 
7) Adjust R2 for 7.07 V at TP6. 
8) Adjust R4 for 0 V at TP9, or a zero reading on M1. 
9) Adjust R2 for 4.71 V at TP6. 
10) Adjust R5 for 5.00 V at TP10, or a full-scale read- 
ing on M2. 
11) Set the RANGE switch to its most sensitive scale. 
12) Remove the jumpers from TP! to TP2 and TP4 to 
TPS. 
13) Adjust R1 for 0 V at TP3. 
14) Adjust R2 for 0 V at TP6. 
15) Remove the jumper from TP7 to TP8. 

This completes the calibration procedure. This pro- 
cedure has been found to equal calibration with expen- 
sive laboratory equipment. The directional wattmeter 
should now be ready for use. 


ACCURACY 


Performance of the Tandem Match has been com- 
pared to other well-known directional couplers and labo- 
ratory test equipment, and it equals any amateur 
directional wattmeter tested. Power measurement accu- 
racy compares well to a Hewlett-Packard HP-436A power 
meter. The HP meter has a specified measurement error 
of less than + 0.05 dB. The Tandem Match tracked the 
HP436A within +0.5 dB from 10 mW to 100 W, and 
within + 0.1 dB from 1 W to 100 W. The unit was not 
tested above 100 W because a transmitter with a higher 
power rating was not available. 

SWR performance was equally good when compared 
to the SWR calculated from measurements made with 
the HP436A and a calibrated directional coupler. The 
Tandem Match tracked the calculated SWR within + 5% 
for SWR values from 1:1 to 5:1. SWR measurements were 
made at 8 W and 100 W. 


OPERATION 


Connect the Tandem Match in the 50-Q line between 
the transmitter and the antenna matching network (or 
antenna if no matching network is used). Set the RANGE 
switch to a range greater than the transmitter output rat- 
ing and the MODE switch to TUNE. When the transmitter 
is keyed, the Tandem Match automatically switches on 
and indicates both power delivered to the antenna and 
SWR on the transmission line. When no carrier is present, 
the OUTPUT POWER and SWR meters indicate zero. 

The OPERATE mode includes RC circuitry to momen- 
tarily hold the peak-power and SWR readings during CW 
or SSB transmissions. The peak detectors are not ideal, 
so there could be about 10% variation from the actual 
power peaks and the SWR reading. The SWR x10 mode 
increases the maximum readable SWR to 50:1. This range 
should be sufficient to cover any SWR value that occurs 
in amateur use. (A 50-foot open stub of RG-8 yields a 
measured SWR of only 43:1, or less, at 2.4 MHz because 
of cable loss. Higher frequencies and longer cables exhibit 
a lesser maximum SWR.) 

It is easy to use the Tandem Match to adjust an 
antenna matching network: Adjust the transmitter for 
minimum output power (at least 1.5 W). With the carrier 
on and the MODE switch set to TUNE or SWR x10, adjust 
the matching network for minimum SWR. Once the mini- 
mum SWR is obtained, set the transmitter to the proper 
operating mode and output power. Place the Tandem 
Match in the OPERATE mode. 


DESIGN VARIATIONS 


There are several ways in which this design could 
be enhanced. The most important is to add UHF capabil- 
ity. This would require a new directional-coupler design 
for the band of interest. (The existing detector circuit 
should work to at least 500 MHz.) 

Those who desire a low-power directional wattmeter 
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can build a directional coupler with a 20-dB coupling fac- 
tor by decreasing the transformer turns ratio to 10:1. That 
version should be capable of measuring output power 
from 1 mW to about 150 W (and it should switch on at 
about 150 mW). 

This change should also increase the maximum 
operating frequency to about 150 MHz (by virtue of the 
shorter transformer windings). If you desire 1.8-MHz 
operation, it may be necessary to change the toroidal core 
material for sufficient reactance (low insertion loss). 

The Tandem Match circuit can accommodate coaxial 
cable with a characteristic impedance other than 50 Q. 
The detector terminating resistors, transformer second- 
aries and range resistors must change to match the new 
design impedance. 

The detector circuitry can be used (without the 
directional coupler) to measure low-level RF power in 
50-Q circuits. RF is fed directly to the forward detector 
(J1, Fig 15), and power is read from the output power 
meter. The detector is quite linear from 10 UW to 1.5 W. 


HIGH-POWER OPERATION 


This material was condensed from information by 
Frank Van Zant, KL7IBA, in July 1989 QST: In April 
1988, Zack Lau, W1VT, described a directional-coupler 
circuit (based on the same principle as Grebenkemper’s 
circuit) for a QRP transceiver (see the Bibliography at 
the end of this chapter). The main advantage of Lau’s 
circuit is a very low parts count. 

Grebenkemper used complex log-antilog amplifiers 
to provide good measurement accuracy. This application 
gets away from complex circuitry, but retains reasonable 
measurement accuracy over the | to 1500-W range. It 
also forfeits the SWR-computation feature. Lau’s cou- 
pler uses ferrite toroids. It works well at low power lev- 
els, but the ferrite toroids heat excessively with high 
power, causing erratic meter readings and the potential 
for burned parts. 


The Revised Design 

Powdered-iron toroids are used for the transformers 
in this version of Lau’s basic circuit. The number of turns 
on the secondaries was increased to compensate for the 
lower permeability of powdered iron. 

Two meters display reflected and forward power (see 
Fig 19). The germanium detector diodes (D1 and D2— 
1N34) provide fairly accurate meter readings, particularly 
if the meter is calibrated (using R3, R4 and R5) to place 
the normal transmitter output at mid scale. If the wind- 
ing sense of the transformers is reversed, the meters are 
transposed (the forward-power meter becomes the re- 
flected-power meter, and vice versa). 


Construction 


Fig 20 shows the physical layout of the coupler. The 
pickup unit is mounted in a 3'/2x 3'/2x 4-inch box. The 
meters, PC-mount potentiometers and HIGH/LOW power 
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Fig 19—Schematic diagram of the high-power directional coupler. D1 and D2 are germanium diodes (1N34 or equiv). 
R1 and R2 are 47 or 51-Q, '/2-W resistors. C1 and C2 have 500-V ratings. The secondary windings of T1 and T2 each 
consist of 40 turns of #26 to #30 enameled wire on T-68-2 powdered-iron toroid cores. If the coupler is built into an 
existing antenna tuner, the primary of T1 can be part of the tuner coaxial output line. The remotely located meters 
(M1 and M2) are connected to the coupler box at J1 and J2 via P1 and P2. 


switch are mounted in a separate box or a compartment 
in an antenna tuner. Parts for this project are available 
from the suppliers listed in Table 3. 

The primary windings of Tl and T2 are constructed 
much as Grebenkemper described, but use RG-8 with its 
jacket removed so that the core and secondary winding may 
fit over the cable. The braid is wrapped with fiberglass tape 
to insulate it from the secondary winding. An excellent al- 
ternative to fiberglass tape—with even higher RF voltage- 
breakdown characteristics—is ordinary plumber’s Teflon 
pipe tape, available at most hardware stores. 

The transformer secondaries are wound on T-68-2 
powdered-iron toroid cores. They are 40 turns of #26 to 
#30 enameled wire spread evenly around each core. By 
using #26 to #30 wire on the cores, the cores slip over the 
tape-wrapped RG-8 lines. With #26 wire on the toroids, a 
single layer of tape (slightly more with Teflon tape) over 
the braid provides an extremely snug fit for the core. Use 
care when fitting the cores onto the RG-8 assemblies. 

After the toroids are mounted on the RG-8 sections, 
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Fig 20—Directional-coupler construction details. 
Grommets or feedthrough insulators can be used to 
route the secondary winding of T1 and T2 through the 
PC board shield. A 3 '/2 x 3 '/2 x 4-inch box serves as the 
enclosure. 


Table 3 

Parts Sources 

(Also see Chapter 21) 
Components 
TLC-series 

and CA3146 ICs 


Source 
Newark Electronics 
4801 N Ravenswood St 


Chicago, IL 60640 
773-784-5100 

Digi-Key Corporation 

701 Brooks Ave S 

PO Box 677 

Thief River Falls, MN 56701 
800-344-4539 


Amidon Associates 
240 & 250 Briggs Ave 
Costa Mesa, CA 92626 
714-850-4660 


Fair Radio Sales 
PO Box 1105 
Lima, OH 45804 
419-227-6573 


Palomar Engineers 
PO Box 462222 
Escondido, CA 92046 
760-747-3343 


Surplus Sales of Nebraska 
1502 Jones St 

Omaha, NE 68102 
402-346-4750 


LM334, LM336, 
1% resistors, 
trimmer potentiometers 


Toroid cores, 
Fiberglass tape 


Meters 


Toroid cores 


0-150/1500-W-scale 
meters, A&M model no. 
255-138, 1N5711 diodes 


coat the assembly with General Cement Corp Polysty- 
rene Q Dope, or use a spot or two of RTV sealant to hold 
the windings in place and fix the transformers on the 
RG-8 primary windings. 


An Inexpensive VHF 


Precision in-line metering devices capable of read- 
ing forward and reflected power over a wide range of 
frequencies are very useful in amateur VHF and UHF 
work, but their rather high cost puts them out of the reach 
of many VHF enthusiasts. The device shown in Figs 14 
through 16 is an inexpensive adaptation of their basic 
principles. It can be made for the cost of a meter, a few 
small parts, and bits of copper pipe and fittings that can 
be found in the plumbing stocks at many hardware stores. 


Construction 


The sampler consists of a short section of handmade 
coaxial line, in this instance, of 50 Q impedance, with a 
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Mount a PC-board shield in the center of the box, 
between T1 and T2, to minimize coupling between the 
transformers. Suspend T1 between the SO-239 connec- 
tors and T2 between two standoff insulators. The detec- 
tor circuits (Cl, C2, D1, D2, R1 and R2) are mounted 
inside the coupler box as shown. 


Calibration, Tune Up and Operation 


The coupler has excellent directivity. Calibrate the 
meters for various power levels with an RF ammeter and 
a 50-Q dummy load. Calculate ?R for each power level, 
and mark the meter faces accordingly. Use R3, R4 and 
R5 to adjust the meter readings within the ranges. Di- 
ode nonlinearities are thus taken into account, and 
Grebenkemper’s signal-processing circuits are not 
needed for relatively accurate power readings. Start the 
tune-up process using about 10 W, adjust the antenna 
tuner for minimum reflected power, and increase power 
while adjusting the tuner to minimize reflected power. 

This circuit has been built into several antenna tun- 
ers with good success. The instrument works well at 
1.5-kW output on 1.8 MHz. It also works well from 3.5 
to 30 MHz with 1.2 and 1.5-kW output. 

The antenna is easily tuned for a 1:1 SWR using 
the null indication provided. Amplifier settings for a 
matched antenna, as indicated with the wattmeter, 
closely agreed with those for a 50-Q dummy load. 
Checks with a Palomar noise bridge and a Heath An- 
tenna Scope also verified these findings. This circuit 
should handle more than 1.5 kW, as long as the SWR 
on the feed line through the wattmeter is kept at or near 
1:1. (On one occasion high power was applied while 
the antenna tuner was not coupled to a load. Naturally 
the SWR was extremely high, and the output transformer 
secondary winding opened like a fuse. This resulted from 
the excessively high voltage across the secondary. The 
damage was easily and quickly repaired.) 


Directional Coupler 


reversible probe coupled to it. A small pickup loop built 
into the probe is terminated with a resistor at one end and 
a diode at the other. The resistor matches the impedance 
of the loop, not the impedance of the line section. En- 
ergy picked up by the loop is rectified by the diode, and 
the resultant current is fed to a meter equipped with a 
calibration control. 

The principal metal parts of the device are a brass 
plumbing T, a pipe cap, short pieces of */4-inch ID and 
*/16-inch OD copper pipe, and two coaxial fittings. Other 
available tubing combinations for 50-Q line may be us- 
able. The ratio of outer conductor ID to inner conductor 
OD should be 2.4/1. For a sampler to be used with other 
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impedances of transmission line, see Chapter 24 for suit- 
able ratios of conductor sizes. The photographs and 
Fig 21 show construction details. 

Soldering of the large parts can be done with a 
300-watt iron or a small torch. A neat job can be done if 
the inside of the T and the outside of the pipe are tinned 
before assembling. When the pieces are reheated and 
pushed together, a good mechanical and electrical bond 
will result. If a torch is used, go easy with the heat, as an 
overheated and discolored fitting will not accept solder 
well. 

Coaxial connectors with Teflon or other heat-resis- 
tant insulation are recommended. Type N, with split-ring 
retainers for the center conductors, are preferred. Pry the 
split-ring washers out with a knife point or small screw- 
driver. Don’t lose them, as they’ll be needed in the final 
assembly. 

The inner conductor is prepared by making eight 
radial cuts in one end, using a coping saw with a fine- 
toothed blade, to a depth of '/2 inch. The fingers so made 
are then bent together, forming a tapered end, as shown 
in Figs 22 and 23. Solder the center pin of a coaxial fit- 
ting into this, again being careful not to overheat the work. 
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Fig 21—Circuit diagram for the line 

sampler. 

C1—500-pF feedthrough capacitor, 
solder-in type. 

C2—1000-pF feedthrough capacitor, 
threaded type. 

D1—Germanium diode 1N34, 1N60, 
1N270, 1N295, or similar. 

J1, J2—Coaxial connector, type N 
(UG-58A). 

L1—Pickup loop, copper strap 1-inch 
long x °/16-inch wide. Bend into “C” 
shape with flat portion °/s-inch 
long. 

M1—0-100 pA meter. 

R1i—Composition resistor, 82 to 
100 . See text. 

R3—50-kQ composition control, 
linear taper. 


Fig 22—Major components of the line sampler. The 
brass T and two end sections are at the upper left in 
this picture. A completed probe assembly is at the 
right. The N connectors have their center pins 
removed. The pins are shown with one inserted in the 
left end of the inner conductor and the other lying in 
the right foreground. 


In preparation for soldering the body of the coax 
connector to the copper pipe, it is convenient to use a 
similar fitting clamped into a vise as a holding fixture. 
Rest the T assembly on top, held in place by its own 
weight. Use the partially prepared center conductor to 
assure that the coax connector is concentric with the outer 
conductor. After being sure that the ends of the pipe are 
cut exactly perpendicular to the axis, apply heat to the 
coax fitting, using just enough so a smooth fillet of sol- 
der can be formed where the flange and pipe meet. 

Before completing the center conductor, check its 
length. It should clear the inner surface of the connector 
by the thickness of the split ring on the center pin. File to 
length; if necessary, slot as with the other end, and solder 
the center pin in place. The fitting can now be soldered 
onto the pipe, to complete the 50-Q line section. 

The probe assembly is made from a 1'/2 inch length 
of the copper pipe, with a pipe cap on the top to support 
the upper feedthrough capacitor, C2. The coupling loop 
is mounted by means of small Teflon standoffs on a cop- 
per disc, cut to fit inside the pipe. The disc has four small 
tabs around the edge for soldering inside the pipe. The 
diode, D1, is connected between one end of the loop and 
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Fig 23—Cross-section view of the line sampler. The pickup loop is supported by two Teflon standoff insulators. 
The probe body is secured in place with one or more locking screws through holes in the brass T. 


a 500-pF feedthrough capacitor, C1, soldered into the disc. 
The terminating resistor, R1, is connected between the 
other end of the loop and ground, as directly as possible. 

When the disc assembly is completed, insert it into 
the pipe, apply heat to the outside, and solder the tabs in 
place by melting solder into the assembly at the tabs. The 
position of the loop with respect to the end of the pipe 
will determine the sensitivity of a given probe. For power 
levels up to 200 watts the loop should extend beyond the 
face of the pipe about °/32 inch. For use at higher power 
levels the loop should protrude only 7/32 inch. For opera- 
tion with very low power levels the best probe position 
can be determined by experiment. 

The decoupling resistor, R2, and feedthrough capaci- 
tor, C2, can be connected, and the pipe cap put in place. 
The threaded portion of the capacitor extends through 
the cap. Put a solder lug over it before tightening its nut 
in place. Fasten the cap with two small screws that go 
into threaded holes in the pipe. 


Calibration 


The sampler is very useful for many jobs even if it 
is not accurately calibrated, although it is desirable to 
calibrate it against a wattmeter of known accuracy. A good 
50-Q. VHF dummy load is required. 

The first step is to adjust the inductance of the loop, 
or the value of the terminating resistor, for lowest reflected 
power reading. The loop is the easier to change. Filing it 
to reduce its width will increase its impedance. Increas- 
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ing the cross-section of the loop will lower the imped- 
ance, and this can be done by coating it with solder. When 
the reflected power reading is reduced as far as possible, 
reverse the probe and calibrate for forward power by 
increasing the transmitter power output in steps and mak- 
ing a graph of the meter readings obtained. Use the cali- 
bration control, R3, to set the maximum reading. 


Variations 


Rather than to use one sampler for monitoring both 
forward and reflected power by repeatedly reversing the 

















Fig 24—Two versions of the line sampler. The single 
unit described in detail here is in the foreground. Two 
sections in a single assembly provide for monitoring 
forward and reflected power without probe reversal. 
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probe, it is better to make two assemblies by mounting 
two T fittings end-to-end, using one for forward and one 
for reflected power. The meter can be switched between 
the probes, or two meters can be used. 

The sampler described was calibrated at 146 MHz, 
as it was intended for repeater use. On higher bands the 
meter reading will be higher for a given power level, and 
it will be lower for lower frequency bands. Calibration 
for two or three adjacent bands can be achieved by mak- 
ing the probe depth adjustable, with stops or marks to aid 
in resetting for a given band. Of course more probes can 
be made, with each probe calibrated for a given band, as 
is done in some of the commercially available units. 

Other sizes of pipe and fittings can be used by mak- 


ing use of information given in Chapter 24 to select 
conductor sizes required for the desired impedances. 
(Since it is occasionally possible to pick up good bar- 
gains in 75-Q line, a sampler for this impedance might 
be desirable.) 

Type-N fittings were used because of their constant 
impedance and their ease of assembly. Most have the split- 
ring retainer, which is simple to use in this application. 
Some have a crimping method, as do apparently all BNC 
connectors. If a fitting must be used and cannot be taken 
apart, drill a hole large enough to clear a soldering-iron 
tip in the copper-pipe outer conductor. A hole of up to 
3/s-inch diameter will have very little effect on the opera- 
tion of the sampler. 


A Calorimeter For VHF And UHF 
Power Measurements 


A quart of water in a Styrofoam ice bucket, a roll of 
small coaxial cable and a thermometer are all the neces- 
sary ingredients for an accurate RF wattmeter. Its cali- 
bration is independent of frequency. The wattmeter works 
on the calorimeter principle: A given amount of RF energy 
is equivalent to an amount of heat, which can be deter- 
mined by measuring the temperature rise of a known 
quantity of thermally insulated material. This principle 
is used in many of the more accurate high-power watt- 
meters. This procedure was developed by James Bowen, 
WA4ZRP, and was first described in December 1975 QST. 

The roll of coaxial cable serves as a dummy load to 
convert the RF power into heat. RG-174 cable was cho- 
sen for use as the dummy load in this calorimeter because 
of its high loss factor, small size, and low cost. It is a 
standard 50-Q cable of approximately 0.11 inch diam- 
eter. A prepackaged roll marked as 60 feet long, but mea- 
sured to be 68 feet, was purchased at a local electronics 
store. A plot of measured RG-174 loss factor as a func- 
tion of frequency is shown in Fig 25. 

In use, the end of the cable not connected to the trans- 
mitter is left open-circuited. Thus, at 50 MHz, the 
reflected wave returning to the transmitter (after making 
a round trip of 136 feet through the cable) is 6.7 dB x 
1.36 =9.11 dB below the forward wave. A reflected wave 
9.11 dB down represents an SWR to the transmitter of 
2.08:1. While this value seems larger than would be 
desired, keep in mind that most 50-MHz transmitters can 
be tuned to match into an SWR of this magnitude effi- 
ciently. To assure accurate results, merely tune the trans- 
mitter for maximum power into the load before making 
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Fig 25—Loss factor of RG-174 coax used in the 
calorimeter. 


Table 4 


Calculated Input SWR for 68 Feet of Unterminated 
RG-174 Cable 


Freq. (MHz) SWR 
50 2.08 
144 1.35 
220 1.20 
432 1.06 
1296 1.003 
2304 1.0003 


the measurement. At higher frequencies the cable loss 
increases so the SWR goes down. Table 4 presents the 
calculated input SWR values at several frequencies for 
68 feet of RG-174. At 1000 MHz and above, the SWR 
caused by the cable connector will undoubtedly exceed 
the very low cable SWR listed for these frequencies. 

In operation, the cable is submerged in a quart of 
water and dissipated heat energy flows from the cable into 
the water, raising the water temperature. See Fig 26. The 
calibration of the wattmeter is based on the physical fact 
that one calorie of heat energy will raise one gram of liq- 
uid water 1° Celsius. Since one quart of water contains 
946.3 grams, the transmitter must deliver 946.3 calories 
of heat energy to the water to raise its temperature 1° C. 
One calorie of energy is equivalent to 4.186 joules and a 
joule is equal to 1 W for 1 second. Thus, the heat capaci- 
tance of 1 quart of water expressed in joules is 
946.3 x 4.186 = 3961 joules/° C. 

The heat capacitance of the cable is small with re- 
spect to that of the water, but nevertheless its effect should 
be included for best accuracy. The heat capacitance of 
the cable was determined in the manner described below. 
The 68-foot roll of RG-174 cable was raised to a uniform 
temperature of 100° C by immersing it in a pan of boil- 
ing water for several minutes. A quart of tap water was 
poured into the Styrofoam ice bucket and its temperature 


Fig 26—The calorimeter ready for use. The roll of 
coaxial cable is immersed in one quart of water in the 
left-hand compartment of the Styrofoam container. Also 
shown is the thermometer, which doubles as a stirring 
rod. 
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was measured at 28.7° C. the cable was then transferred 
quickly from the boiling water to the water in the ice 
bucket. After the water temperature in the ice bucket had 
ceased to rise, it measured 33.0° C. Since the total heat 
gained by the quart of water was equal to the total heat 
lost from the cable, we can write the following equation: 


(AT warer)(Cwarer) = —(ATcapie)(Ccasce) 
where 

ATwartgr = the change in water temperature 

Cwater = the water heat capacitance 

AcaBLE = the change in cable temperature 

Ccap_e = the cable heat capacitance 

Substituting and solving: 

(33.0 — 28.7)(3961) = — (33.0 — 100)(Ceaprp) 

Thus, the total heat capacitance of the water and 
cable in the calorimeter is 3961 + 254 = 4215 joules/° C. 
Since 1° F=5/9° C, the total heat capacitance can also be 
expressed as 4215 x 5/9 = 2342 joules/® F. 


Materials and Construction 


The quart of water and cable must be thermally 
insulated to assure that no heat is gained from or lost to 
the surroundings. A Styrofoam container is ideal for this 
purpose since Styrofoam has a very low thermal conduc- 
tivity and a very low thermal capacitance. A local variety 
store was the source of a small Styrofoam cold chest with 
compartments for carrying sandwiches and drink cans. 
The rectangular compartment for sandwiches was found 
to be just the right size for holding the quart of water and 
coax. 

The thermometer can be either a Celsius or Fahren- 
heit type, but try to choose one that has divisions for each 
degree spaced wide enough so that the temperature can 
be estimated readily to one-tenth degree. Photographic 
supply stores carry darkroom thermometers, which are 
ideal for this purpose. In general, glass bulb thermom- 
eters are more accurate than mechanical dial-pointer 
types. 

The RF connector on the end of the cable should be 
a constant-impedance type. A BNC type connector espe- 
cially designed for use on 0.1 1-inch diameter cable was 
located through surplus channels. If you cannot locate 
one of these, wrap plastic electrical tape around the cable 
near its end until the diameter of the tape wrap is the 
same as that of RG-58. Then connect a standard BNC 
connector for RG-58 in the normal fashion. Carefully seal 
the opposite open end of the cable with plastic tape or 
silicone caulking compound so no water can leak into 
the cable at this point. 


Procedure for Use 


Pour | quart of water (4 measuring cups) into the 
Styrofoam container. As long as the water temperature is 
not very hot or very cold, it is unnecessary to cover the 
top of the Styrofoam container during measurements. 
Since the transmitter will eventually heat the water sev- 
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eral degrees, water initially a few degrees cooler than air 
temperature is ideal because the average water tempera- 
ture will very nearly equal the air temperature and heat 
transfer to the air will be minimized. 

Connect the RG-174 dummy load to the transmitter 
through the shortest possible length of lower loss cable 
such as RG-8. Tape the connectors and adapter at the 
RG-8 to RG-174 joint carefully with plastic tape to pre- 
vent water from leaking into the connectors and cable at 
this point. Roll the RG-174 into a loose coil and submerge 
it in the water. Do not bind the turns of the coil together in 
any way, as the water must be able to freely circulate 
among the coaxial cable turns. All the RG-174 cable must 
be submerged in the water to ensure sufficient cooling. 
Also submerge part of the taped connector attached to the 
RG-174 as an added precaution. 

Upon completing the above steps, quickly tune up 
the transmitter for maximum power output into the load. 
Cease transmitting and stir the water slowly for a minute 
or so until its temperature has stabilized. Then measure 
the water temperature as precisely as possible. After the 
initial temperature has been determined, begin the test 
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Fig 27—Nomogram for finding transmitter power output 
for the calorimeter. 
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transmission, measuring the total number of seconds of 
key-down time accurately. Stir the water slowly with the 
thermometer and continue transmitting until there is a 
significant rise in the water temperature, say 5° to 10°. 
The test may be broken up into a series of short periods, 
as long as you keep track of the total key-down time. 
When the test is completed, continue to stir the water 
slowly and monitor its temperature. When the tempera- 
ture ceases to rise, note the final indication as precisely 
as possible. 

To compute the transmitter power output, multiply 
the calorimeter heat capacitance (4215 for C or 2342 
for F) by the difference in initial and final water tem- 
perature. Then divide by the total number of seconds of 
key-down time. The resultant is the transmitter power in 
watts. A nomogram that can also be used to find trans- 
mitter power output is given in Fig 27. With a straight 
line, connect the total number of key-down seconds in 
the time column to the number of degrees change (F or 
C) in the temperature rise column, and read off the trans- 
mitter power output at the point where the straight line 
crosses the power-output column. 


Power Limitation 


The maximum power handling capability of the calo- 
rimeter is limited by the following. At very high powers 
the dielectric material in the coaxial line will melt because 
of excessive heating or the cable will arc over from 
excessive voltage. As the transmitter frequency gets 
higher, the excessive-heating problem is accentuated, as 
more of the power is dissipated in the first several feet of 
cable. For instance, at 1296 MHz, approximately 10% of 
the transmitting power is dissipated in the first foot of 
cable. Overheating can be prevented when working with 
high power by using a low duty cycle to reduce the aver- 
age dissipated power. Use a series of short transmissions, 
such as two seconds on, ten seconds off. Keep count of 
the total key-down time for power calculation purposes. 
If the cable arcs over, use a larger-diameter cable, such 
as RG-58, in place of the RG-174. The cable should be 
long enough to assure that the reflected wave will be down 
10 dB or more at the input. It may be necessary to use 
more than one quart of water in order to submerge all the 
cable conveniently. If so, be sure to calculate the new 
value of heat capacitance for the larger quantity of water. 
Also you should measure the new coaxial cable heat 
capacitance using the method previously described. 


A Noise Bridge For 1.8 Through 30 MHz 


The noise bridge, sometimes referred to as an antenna 
(RX) noise bridge, is an instrument for measuring the im- 
pedance of an antenna or other electrical circuits. The unit 





shown here in Fig 28, designed for use in the 1.8 through 
30-MHz range, provides adequate accuracy for most 
measurements. Battery operation and small physical size 
make this unit ideal for remote-location use. Tone modula- 
tion is applied to the wide-band noise generator as an aid 
for obtaining a null indication. A detector, such as the 
station receiver, is required for operation. 

The noise bridge consists of two parts—the noise 
generator and the bridge circuitry. See Fig 29. A 6.8-V 


Fig 28—Exterior and interior views of the noise bridge. 
The unit is finished in red enamel. Press-on lettering is 
used for the calibration marks. Note that the 
potentiometer must be isolated from ground. 
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Fig 29—Schematic diagram of the noise bridge. Use '/s W composition resistors. Capacitors are miniature ceramic 
units unless indicated otherwise. Component designations indicated in the schematic but not called out in the parts 


list are for text and parts-placement reference only. 


BT1—9-V battery, NEDA 1604A or equiv. 

C1—15- to 150-pF variable 

C2—20-pF mica. 

C3—47-pF mica. 

C4—82-pF mica. 

J1, J2—Coaxial connector. 

R1—Linear, 250 Q, AB type. Use a good grade of resistor. 
$1, S2—Toggle, SPST. 
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Ti—Transformer; 3 windings on an Amidon BLN-43- 
2402 ferrite binocular core. Each winding is three 
turns of #30 enameled wire. One turn is equal to the 
wire passing once through both holes in the core. The 
primary winding starts on one side of the transformer, 
and the secondary and tertiary windings start on the 
opposite side. 

U1—Timer, NE555 or equiv. 
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Zener diode serves as the noise source. Ul generates an 
approximate 50% duty cycle, 1000-Hz square wave sig- 
nal which is applied to the cathode of the Zener diode. 
The 1000-Hz modulation appears on the noise signal and 
provides a useful null detection enhancement effect. The 
broadband-noise signal is amplified by QI, Q2 and asso- 
ciated components to a level that produces an approxi- 
mate S9 signal in the receiver. Slightly more noise is 
available at the lower end of the frequency range, as no 
frequency compensation is applied to the amplifier. 
Roughly 20 mA of current is drawn from the 9-V bat- 
tery, thus ensuring long battery life—providing the power 





| 
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Fig 30—Etching pattern for the noise bridge PC board, at 
actual size. Black represents copper. This is the pattern 
for the bottom side of the board. The top side of the 
board is a complete ground plane with a small amount 
of copper removed from around the component holes. 
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Fig 31—Parts-placement guide for the noise bridge as 
viewed from the component or top side of the board. 
Mounting holes are located in two corners of the board, 
as shown. 
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is switched off after use! 

The bridge portion of the circuit consists of T1, Cl, 
C2 and R1. T1 is a trifilar wound transformer with one of 
the windings used to couple noise energy into the bridge 
circuit. The remaining two windings are arranged so that 
each one is in an arm of the bridge. C1 and R1 complete 
one arm and the UNKNOWN circuit, along with C2, com- 
prise the remainder of the bridge. The terminal labeled 
RCVR is for connection to the detector. 

The reactance range of a noise bridge is dependent 
on several factors, including operating frequency, value 
of the series capacitor (C3 or C3 plus C4 in Fig 29) and 
the range of the variable capacitor (C1 in Fig 29). The 
RANGE switch selects reactance measurements weighted 
toward either capacitance or inductance by placing C4 in 
parallel with C3. The zero-reactance point occurs when 
Cl is either nearly fully meshed or fully unmeshed. The 
RANGE switch nearly doubles the resolution of the 
reactance readings. 


CONSTRUCTION 


The noise bridge is contained in a homemade alu- 
minum enclosure that measures 5 x 27/s x 3°/4 inches. 
Many of the circuit components are mounted on a circuit 
board that is fastened to the rear wall of the cabinet. The 
circuit-board layout is such that the lead lengths to the 
board from the bridge and coaxial connectors are at a 
minimum. An etching pattern and a parts-placement guide 
for the circuit board are shown in Figs 30 and 31. 

Care must be taken when mounting the potentiom- 
eter, R1. For accurate readings the potentiometer must 
be well insulated from ground. In the unit shown this was 
accomplished by mounting the control on a piece of 
plexiglass, which in turn was fastened to the chassis with 
a piece of aluminum angle stock. 

Additionally, a '/4-inch control-shaft coupling and a 
length of phenolic rod were used to further isolate the 
control from ground where the shaft passes through the 
front panel. A high-quality potentiometer is required if 
good measurement results are to be obtained. 

There is no such problem when mounting the vari- 
able capacitor because the rotor is grounded. Use a high- 
quality capacitor; do not try to save money on that 
component. Two RF connectors on the rear panel are con- 
nected to a detector (receiver) and to the UNKNOWN cir- 
cuit. Do not use plastic-insulated phono connectors (they 
might influence bridge accuracy at higher frequencies). 
Use miniature coaxial cable (RG-174) between the RCVR 
connector and circuit board. Attach one end of C3 to the 
circuit board and the other directly to the UNKNOWN cir- 
cuit connector. 


Bridge Compensation 


Stray capacitance and inductance in the bridge cir- 
cuit can affect impedance readings. If a very accurate 
bridge is required, use the following steps to counter the 
effects of stray reactance. Because the physical location 
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Fig 32—Construction details of the resistive loads used 
to check and calibrate the noise bridge. Each of the 
loads is constructed inside a coaxial connector that 
matches those on the bridge. (Views shown are cross- 
sections of PL-259 bodies; the sleeves are not shown.) 
Leads should be kept as short as possible to minimize 
parasitic inductance. A is a 0-Q load; B depicts a 50-Q 
load; C is a 180-Q load; D shows a variable-resistance 
load used to determine the loss in a coaxial cable. 


of the board, connectors and controls in the cabinet 
determine where compensation is needed, there is no pro- 
vision for the compensation components on the printed 
circuit board. 

Good calibration loads are necessary to check the 
accuracy of the noise bridge. Four are needed here: a 
0-Q (short-circuit) load, a 50-Q load, a 180-Q load, and 
a variable-resistance load. The short-circuit and fixed- 
resistance loads are used to check the accuracy of the 
noise bridge; the variable-resistance load is used when 
measuring coaxial-cable loss. 

Construction details of the loads are shown in 
Fig 32. Each load is constructed inside a connector. When 
building the loads, keep leads as short as possible to mini- 
mize parasitic effects. The resistors must be noninduc- 
tive (not wirewound). 

Quarter-watt, carbon-composition resistors should 
work fine. The potentiometer in the variable-resistance 
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load is a miniature PC-mount unit with a maximum 
resistance of 100 Q or less. The potentiometer wiper and 
one of the end leads are connected to the center pin of 
the connector; the other lead is connected to ground. 


Stray Capacitance 


Stray capacitance on the variable-resistor side of the 
bridge tends to be higher than that on the unknown side. 
This is so because the parasitic capacitance in the vari- 
able resistor, R1, is comparatively high. 

The effect of parasitic capacitance is most easily 
detected using the 180-Q load. Measure and record the 
actual resistance of the load, Ry. Connect the load to the 
UNKNOWN connector, place S2 in the Xj; position, tune 
the receiver to 1.8 MHz, and null the bridge. (See the 
section, “Finding the Null” for tips.) Use an ohmmeter 
across RI to measure its dc resistance. The magnitude of 
the stray capacitance can be calculated by 


Cp =C3 fea 
R2 


where 

R,, = load resistance (as measured) 

R1 = resistance of the variable resistor 

C3 = series capacitance. 

You can compensate for Cp by placing a variable 
capacitor, Cc, in the side of the bridge with lesser stray 
capacitance. If R1 is greater than R,, stray capacitance is 
greater on the variable resistor side of the bridge: Place 
Cc between point U (on the circuit board) and ground. If 
RI is less than Ry, stray capacitance is greater on the 
unknown side: Place Cc between point B and ground. If 
the required compensating capacitance is only a few 
picofarads, you can use a gimmick capacitor (made by 
twisting two short pieces of insulated, solid wire together) 
for Cc. A gimmick capacitor is adjusted by trimming its 
length. 


(Eq 4) 


Stray Inductance 


Parasitic inductance, if present, should be only a few 
tens of nanohenries. This represents a few ohms of induc- 
tive reactance at 30 MHz. The effect is best observed by 
reading the reactance of the 0-Q test load at 1.8 and 
30 MHz; the indicated reactance should be the same at 
both frequencies. 

If the reactance reading decreases as frequency is 
increased, parasitic inductance is greater in the known 
arm, and compensating inductance is needed between 
point U and C3. If the reactance increases with frequency, 
the unknown-arm inductance is greater, and compensat- 
ing inductance should be placed between point B and R1. 

Compensate for stray inductance by placing a single- 
turn coil, made from a | to 2-inch length of solid wire, in 
the appropriate arm of the bridge. Adjust the size of this 
coil until the reactance reading remains constant from 
1.8 to 30 MHz. 
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Calibration 


Good calibration accuracy is necessary for accurate 
noise-bridge measurements. Calibration of the resistance 
scale is straightforward. To do this, tune the receiver to a 
frequency near 10 MHz. Attach the 0-Q load to the 
UNKNOWN connector and null the bridge. This is the zero- 
resistance point; mark it on the front-panel resistance 
scale. The rest of the resistance range is calibrated by 
adjusting R1, measuring R1 with an accurate ohmmeter, 
calculating the increase from the zero point and marking 
the increase on the front panel. 

Most bridges have the reactance scale marked in 
capacitance because capacitance does not vary with fre- 
quency. Unfortunately, that requires calibration curves or 
non-trivial calculations to arrive at the load reactance. 
An alternative method is to mark the reactance scale in 
ohms at a reference frequency of 10 MHz. This method 
calibrates the bridge near the center of its range and dis- 
plays reactance directly, but it requires a simple calcula- 
tion to scale the reactance reading for frequencies other 
than 10 MHz. The scaling equation is: 


X(t) = Xu(10) of 


(Eq 5) 
where 

f = frequency in MHz 

Xu10) = reactance of the unknown load at 10 MHz 

Xue = reactance of the unknown load at f. 

A shorted piece of coaxial cable serves as a reac- 
tance source. (The reactance of a shorted, low-loss coaxial 
cable is dependent only on the cable length, the measure- 
ment frequency and the cable characteristic impedance.) 
Radio Shack RG-8M is used here because it is readily 
available, has relatively low loss and has an almost purely 
resistive characteristic impedance. 

Prepare the calibration cable as follows: 


1) Cut a length of coaxial cable that is slightly longer 
than '/4 2 at 10 MHz (about 20 feet for RG-8M). 
Attach a suitable connector to one end of the cable; 
leave the other end open-circuited. 

2) Connect the 0-© load to the noise bridge UNKNOWN 
connector and set the receiver frequency to 10 MHz. 
Adjust the noise bridge for a null. Do not adjust the 
reactance control after the null is found. 

3) Connect the calibration cable to the bridge UNKNOWN 
terminal. Null the bridge by adjusting only the vari- 
able resistor and the receiver frequency. The receiver 
frequency should be less than 10 MHz; if it is above 
10 MHz, the cable is too short, and you need to pre- 
pare a longer one. 

4) Gradually cut short lengths from the end of the 
coaxial cable until you obtain a null at 10 MHz by 
adjusting only the resistance control. Then connect 
the cable center and shield conductors at the open 
end with a short length of braid. Verify that the bridge 
nulls with zero reactance at 20 MHz. 
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5) The reactance of the coaxial cable (normalized to 
10 MHz) can be calculated from: 





f f 
Xi(io) = Ro 0 tan [2x =) (Eq 6) 
where 
Xicio) = cable reactance at 10 MHz 
Ro = characteristic resistance of the coaxial cable 
(52.5 Q for Radio Shack RG-8M) 
f = frequency in MHz 
The results of Eq 6 have less than 5% error for reac- 
tances less than 500 Q, so long as the test-cable loss is 
less than 0.2 dB. This error becomes significantly less at 
lower reactances (2% error at 300 © for a 0.2-dB-loss 
cable). The loss in 18 feet of RG-8M is 0.13 dB at 
10 MHz. Reactance data for Radio Shack RG-8M is given 
in Table 5. 





Table 5 

Noise Bridge Calibration Data: Coaxial-Cable 
Method 

This data is for Radio Shack RG-8M cable (Ro =52.5 Q) 
cut to exactly '/1 A at 10 MHz; the reactances and capaci- 
tances shown correspond to this frequency. 


Reactance Capacitance 
Xj f(MHz) —  X; f(MHz) C(pF) — f(MHz) 
10 3.318 -10 19.376 10 9.798 
20 4.484 —20 18.722 20 9.612 
30 5.262 -30 18.048 30 9.440 
40 5.838 -—40 17.368 40 9.280 
50 6.286 —50 16.701 50 9.130 
60 6.647 -—60 16.062 60 8.990 
70 6.943 -70 15.471 70 8.859 
80 7.191 -80 14.936 80 8.735 
90 7.404 -—90 14.462 90 8.618 
100 7.586 -100 14.044 100 8.508 
110 7.747 -110 13.682 110 8.403 
120 7.884 -120 13.369 120 8.304 
130 8.009 -130 13.097 130 8.209 
140 8.119 -140 12.861 140 8.119 
150 8.217 -150 12.654 
160 8.306 -160 12.473 
170 8.387 -170 12.313 
180 8.460 -180 12.172 
190 8.527 -190 12.045 
200 8.588 —200 11.932 C(pF) f(MHz) 
210 8.645 —210 11.831 -10 10.219 
220 8.697 —220 11.739 —20 10.459 
230 8.746 —230 11.655 —30 10.721 
240 8.791 —240 11.579 —40 11.010 
250 8.832 —250 11.510 —50 11.328 
260 8.872 —260 11.446 —60 11.679 
270 8.908 —270 11.387 -70 12.064 
280 8.942 —280 11.333 —80 12.484 
290 8.975 —290 11.283 -90 12.935 
300 9.005 -300 11.236 -100 13.407 
350 9.133 -350 11.045 -110 13.887 
400 9.232 —400 10.905 -—120 14.357 
450 9.311 —450 10.798 —130 14.801 
500 9.375 —500 10.713 -140 15.211 


With the prepared cable and calibration values on 
hand, proceed to calibrate the reactance scale. Tune the 
receiver to the appropriate frequency for the desired 
reactance (given in Table 5, or found using Eq 6). Adjust 
the resistance and reactance controls to null the bridge. 
Mark the reactance reading on the front panel. Repeat 
this process until all desired reactance values have been 
marked. The resistance values needed to null the bridge 
during this calibration procedure may be significant (more 
than 100 Q) at the higher reactances. 

This calibration method is much more accurate than 
using fixed capacitors across the UNKNOWN connector. 
Also, you can calibrate a noise bridge in less than an hour 
using this method. 


Finding the Null 


In use, a receiver is attached to the RCVR connec- 
tor and some load of unknown value is connected to the 
UNKNOWN terminal. The receiver allows us to hear the 
noise present across the bridge arms at the frequency of 
the receiver passband. The strength of the noise signal 
depends on the strength of the noise-bridge battery, the 
receiver bandwidth/sensitivity and the impedance differ- 
ence between the known and unknown bridge arms. The 
noise is stronger and the null more obvious with wide 
receiver passbands. Set the receiver to the widest band- 
width AM mode available. 

The noise-bridge output is heard as a 1000-Hz tone. 
When the impedances of the known and unknown bridge 
arms are equal, the voltage across the receiver is mini- 
mized; this is a null. In use, the null may be difficult to 
find because it appears only when both bridge controls 
approach the values needed to balance the bridge. 

To find the null, set Cl to mid-scale, sweep R1 
slowly through its range and listen for a reduction in noise 
(it’s also helpful to watch the S meter). If no reduction is 
heard, set R1 to mid-range and sweep C1. If there is still 
no reduction, begin at one end of the Cl range and sweep 
R1. Increment Cl about 10% and sweep R1 with each 
increment until some noise reduction appears. Once noise 
reduction begins, adjust Cl and R1 alternately for mini- 
mum signal. 


MEASURING COAXIAL-CABLE PARAMETERS 
WITH A NOISE BRIDGE 


Coaxial cables have a number of properties that affect 
the transmission of signals through them. Generally, radio 
amateurs are concerned with cable attenuation and char- 
acteristic impedance. If you plan to use a noise bridge or 
SWR analyzer to make antenna-impedance measurements, 
however, you need to accurately determine not just cable 
impedance and attenuation, but also electrical length. For- 
tunately, all of these parameters are easy to measure with 
an accurate noise bridge or SWR analyzer. 


Cable Electrical Length 


With a noise bridge and a general-coverage receiver, 
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you can easily locate frequencies at which the line in ques- 
tion is a multiple of '/2 A, because a shorted '/2 A line has 
a 0-Q impedance (neglecting line loss). By locating two 
adjacent null frequencies, you can solve for the length of 
line in terms of !/2 0 at one of the frequencies and calcu- 
late the line length (overall accuracy is limited by bridge 
accuracy and line loss, which broadens the nulls). As an 
interim variable, you can express cable length as the fre- 
quency at which a cable is 1 A long. This length will be 
represented by f A. Follow these steps to determine f A 
for a coaxial cable. 


1) Tune the receiver to the frequency range of interest. 
Attach the short-circuit load to the noise bridge 
UNKNOWN connector and null the bridge. 

2) Disconnect the far end of the coaxial cable from its 
load (the antenna) and connect it to the 0-Q test load. 
Connect the near end of the cable to the bridge 
UNKNOWN connector. 

3) Adjust the receiver frequency and the noise-bridge 
resistance control for a null. Do not change the noise 
bridge reactance-control setting during this proce- 
dure. Note the frequency at which the null is found; 
call this frequency f,,. The noise-bridge resistance at 
the null should be relatively small (less than 20 Q). 

4) Tune the receiver upward in frequency until the next 
null is found. Adjust the resistance control, if neces- 
sary, to improve the null, but do not adjust the reac- 
tance control. Note the frequency at which this second 
null is found; this is f n+2. 

5) Solve Eq 7 for n and the electrical length of the cable. 





2f, 
n= —+— 
feo Tn (Eq 7) 
f _ 4f, Ba 8 
can (Eq 8) 
where 


n = cable electrical length in quarter waves, at f, 
f, = frequency at which the cable is 1A 
é = cable electrical length, in A 


For example, consider a 74-foot length of Columbia 
1188 foam-dielectric cable (velocity factor = 0.78) to be 
used on the 10-meter band. Based on the manufacturer’s 
specification, the cable is 2.796 A at 29 MHz. Nulls were 
found at 24.412 (f,) and 29.353 (f,,.) MHz. Eq 7 yields 
n=9.88, which produces 9.883 MHz from Eq 8 and 2.934 
1 for Eq 9. If the manufacturer’s specification is correct, 
the measured length is off by less than 5%, which is very 
reasonable. Ideally, n would yield an integer. The differ- 
ence between n and the closest integer indicates that there 
is some error. 

This procedure also works for lines with an open 
circuit as the termination (n will be close to an odd num- 
ber). End effects from the PL-259 increase the effective 
length of the coaxial cable; however, this decreases the 
calculated fy. 
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Cable Characteristic Impedance 


The characteristic impedance of the coaxial cable is 
found by measuring its input impedance at two frequen- 
cies separated by '/s f,. This must be done when the cable 
is terminated in a resistive load. 

Characteristic impedance changes slowly as a function 
of frequency, so this measurement must be done near the fre- 
quency of interest. The measurement procedure is as follows. 
1) Place the 50-Q load on the far end of the coaxial cable 

and connect the near end to the UNKNOWN connector 
of the noise bridge. (Measurement error is minimized 
when the load resistance is close to the characteristic 
impedance of the cable. This is the reason for using 
the 50-Q load.) 

2) Tune the receiver approximately '/s f below the fre- 
quency of interest. Adjust the bridge resistance and 
reactance controls to obtain a null, and note their read- 
ings as Ry, and X¢;. Remember, the reactance reading 
must be scaled to the measurement frequency. 

3) Increase the receiver frequency by exactly '/4 fA. Null 
the bridge again, and note the readings as Rp and Xp. 

4) Calculate the characteristic impedance of the coaxial 
cable using Eqs 10 through 15. A scientific calculator 
is helpful for this. 


g= 70 

~ fh, (Eq 9) 
R =Re xFey — Xp XX po (Eq 10) 
X=Rey x Xpy + Xp x Rey (Eq 11) 
Z=R?+X? (Eq 12) 

- 1. scat 
Ro = Zcos c tan (*)| (Eq 13) 

. if 1 x 
Xo = VZsin c tan_, (*)| (Eq 14) 
Zo =Ro t+ jXo (Eq 15) 


Let’s continue with the example used earlier for cable 
length. The measurements are: 


fl = 29.000 — (9.883 / 8) = 27.765 MHz 

Rp, = 64 Q 

Xp = -22 O x (10/ 27.765) = -7.9 Q 

f2 = 27.765 + (9.883/4 ) = 30.236 MHz 

Rp = 50 Q 

Xp = -24 O x (10/ 30.236) = -7.9 Q 

When used in Eqs 10 through 15, these data yield: 


R = 3137.59 
X = -900.60 
Z = 3264.28 
Ry = 56.58 Q 
Xy = -7.96 Q 
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Cable Attenuation 


Cable loss can be measured once the cable electri- 
cal length and characteristic resistance are known. The 
measurement must be made at a frequency where the 
cable presents no reactance. Reactance is zero when the 
cable electrical length is an integer multiple of 1/4. You 
can easily meet that condition by making the measure- 
ment frequency an integer multiple of '/s fA. Loss at other 
frequencies can be interpolated with reasonable accur- 
acy. This procedure employs a resistor-substitution 
method that provides much greater accuracy than is 
achieved by directly reading the resistance from the noise- 
bridge scale. 


1) Determine the approximate frequency at which you 
want to make the loss measurement by using 


? a (Eq 16A) 


Round n to the nearest integer, then 

fl=—f, 
4 

2) Ifnis odd, leave the far end of the cable open; if n is 
even, connect the 0-Q load to the far end of the cable. 
Attach the near end of the cable to the UNKNOWN 
connector on the noise bridge. 

3) Set the noise bridge to zero reactance and the receiver 
to f1. Fine tune the receiver frequency and the noise- 
bridge resistance to find the null. 

4) Disconnect the cable from the UNKNOWN terminal, 
and connect the variable-resistance calibration load 
in its place. Without changing the resistance setting 
on the bridge, adjust the load resistor and the bridge 
reactance to obtain a null. 

5) Remove the variable-resistance load from the bridge 
UNKNOWN terminal and measure the load resis- 
tance using an ohmmeter that’s accurate at low 
resistance levels. Refer to this resistance as R;. 

6) Calculate the cable loss in decibels using 


(Eq 16B) 


R; 


0 


al = 8.69 





(Eq 17) 


To continue this example, Eq 16A gives n = 11.74, 
so measure the attenuation at n = 12. From Eq 16B, fl = 
29.649 MHz. The input resistance of the cable measures 
12.1 Q with 0-Q load on the far end of the cable; this 
corresponds to a loss of 1.86 dB. 


USING A BRIDGE TO MEASURE THE 
IMPEDANCE OF AN ANTENNA 


The impedance at the end of a transmission line can 
be easily measured using a noise bridge or SWR ana- 
lyzer. In many cases, however, you really want to mea- 
sure the impedance of an antenna—that is, the impedance 
of the load at the far end of the line. There are several 
ways to handle this. 


1) Measurements can be made with the bridge at the 
antenna. This is usually not practical because the 
antenna must be in its final position for the measure- 
ment to be accurate. Even if it can be done, making 
such a measurement is certainly not very convenient. 

2) Measurements can be made at the source end of a 
coaxial cable—if the cable length is an exact integer 
multiple of '/2 1. This effectively restricts measure- 
ments to a single frequency. 

3) Measurements can be made at the source end of a 
coaxial cable and corrected using a Smith Chart as 
shown in Chapter 28. This graphic method can re- 
sult in reasonable estimates of antenna impedance— 
as long as the SWR is not too high and the cable is 
not too lossy. However, it doesn’t compensate for the 
complex impedance characteristics of real-world co- 
axial cables. Also, compensation for cable loss can 
be tricky to apply. These problems, too, can lead to 
significant errors. 

4) Last, measurements can be corrected using the trans- 
mission-line equation. The TLW program included 
on the CD-ROM in the back of this book, can do these 
complicated computations for you. This is the best 
method for calculating antenna impedances from 
measured parameters, but it requires that you mea- 
sure the feed-line characteristics beforehand—mea- 
surements for which you need access to both ends of 
the feed line. 


The procedure for determining antenna impedance 
is to first measure the electrical length, characteristic 
impedance, and attenuation of the coaxial cable connected 
to the antenna. After making these measurements, con- 
nect the antenna to the coaxial cable and measure the input 
impedance of the cable at a number of frequencies. Then 


Table 6 
Impedance Data for Inverted-V Antenna 


Freq. Ry X,@10MHZ XxX, Ry, xX, 
(MHZ) (2) (Q) (Q) (Q)— (Q) 
27.0 44 85 31.5 24 -65 
27.2 +60 95 34.9 26 —56 
27.4 75 85 31.0 30 —51 
27.6 90 40 14.5 32 —42 
27.8 90 -20 —7.2 35 —34 
28.0 75 —58 -20.7 38 —24 
28.2 65 -65 —23.0 40 -19 
28.4 56 52 -18.3 44 -12 
28.6 50 —40 —14.0 44 -6 
28.8 48 -20 -6.9 47 1 
29.0 50 0 0.0 52 8 
29.2 55 20 6.8 57 15 
29.4 64 30 10.2 63 21 
29.6 78 20 6.8 75 26 
29.8 85 0 0 78 30 
30.0 90 —50 -16.7 89 33 


Antenna and Transmission-Line Measurements 


use these measurements in the transmission-line equa- 
tion to determine the actual antenna impedance at each 
frequency. 

Table 6 and Fig 33 give an example of such a calcu- 
lation. The antenna used for this example is a 10-meter 
inverted V about 30 feet above the ground. The arms of 
the antenna are separated by a 120° angle. Each arm is 
exactly 8 feet long, and the antenna is made of #14 wire. 
The feed line is the 74-foot length of Columbia 1188 char- 
acterized earlier. 

See Fig 33A. From this plot of impedance measure- 
ments, it is very difficult to determine anything about the 
antenna. Resistance and reactance vary substantially 
over this frequency range, and the antenna appears to be 
resonant at 27.7, 29.0 and 29.8 MHz. 

The plot in Fig 33B shows the true antenna imped- 
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Fig 33-Impedance plot of an inverted-V antenna cut for 
29 MHz. At A, a plot of resistances and reactances, 
measured using the noise bridge, at the end of a 
74-foot length of Columbia 1188 coaxial cable. At B, the 
actual antenna-impedance plot (found using the 
transmission-line equation to remove the effects of the 
transmission line). 
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ance. This plot has been corrected for the effects of the 
cable using the transmission-line equation. The true 
antenna resistance and reactance both increase smoothly 
with frequency. The antenna is resonant at 28.8 MHz, with 
a radiation resistance at resonance of 47 Q. This is nor- 
mal for an inverted V. 

When doing the conversions, be careful not to make 
measurement errors. Such errors introduce more errors into 


the corrected data. This problem is most significant when 
the transmission line is near an odd multiple of a '/4 A and the 
line SWR and/or attenuation is high. Measurement errors are 
probably present if small changes in the input impedance or 
transmission-line characteristics appear as large changes in 
antenna impedance. If this effect is present, it can be mini- 
mized by making the measurements with a transmission line 
that is approximately an integer multiple of '/2 A. 


A Practical Time-Domain Reflectometer 


A time-domain reflectometer (TDR) is a simple but 
powerful tool used to evaluate transmission lines. When 
used with an oscilloscope, a TDR displays impedance 
“bumps” (open and short circuits, kinks and so on) in 
transmission lines. Commercially produced TDRs cost 
from hundreds to thousands of dollars each, but you can 
add the TDR described here to your shack for much less. 
This material is based on a QST article by Tom King, 
KDS5SHM (see Bibliography), and supplemented with in- 
formation from the references. 


How a TDR Works 


A simple TDR consists of a square-wave generator 
and an oscilloscope. See Fig 34. The generator sends a 
train of dc pulses down a transmission line, and the 
oscilloscope lets you observe the incident and reflected 
waves from the pulses (when the scope is synchronized 
to the pulses). 

A little analysis of the scope display tells the nature 
and location of any impedance changes along the line. 
The nature of an impedance disturbance is identified by 
comparing its pattern to those in Fig 35. The patterns are 
based on the fact that the reflected wave from a distur- 
bance is determined by the incident-wave magnitude and 
the reflection coefficient of the disturbance. (The patterns 
shown neglect losses; actual patterns may vary somewhat 
from those shown.) 

The location of a disturbance is calculated with a 
simple proportional method: The round-trip time (to the 
disturbance) can be read from the oscilloscope screen 
(graticule). Thus, you need only read the time, multiply 
it by the velocity of the radio wave (the speed of light 
adjusted by the velocity factor of the transmission line) 
and divide by two. The distance to a disturbance is given 
by: 


fa OREM 
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(Eq 18) 

















Fig 34—The time-domain reflectometer shown here is 
attached to a small portable oscilloscope. 


where 
¢ = line length in feet 
VF = velocity factor of the transmission line (from 
0 to 1.0) 
t = time delay in microseconds (us). 


The Circuit 


The time-domain reflectometer circuit in Fig 36 con- 
sists of a CMOS 555 timer configured as an astable 
multivibrator, followed by an MPS3646 transistor acting 
as a 15-ns-risetime buffer. The timer provides a 71-kHz 
square wave. This is applied to the 50-Q transmission 
line under test (connected at J2). The oscilloscope is con- 
nected to the circuit at J1. 


Construction 


An etching pattern for the TDR is shown in Fig 37. 
Fig 38 is the part-placement diagram. The TDR is 
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Fig 35—Characteristic TDR patterns for various loads. The location of the load can be calculated from the transit 
time, t, which is read from the oscilloscope (see text). R values can be calculated as shown (for purely resistive 
loads only—p < 0 when R < Zp; p < 0 when R > Z,). Values for reactive loads cannot be calculated simply. 


designed for a 4 x 3 x 1-inch enclosure (including the 
batteries). Sl, Jl and J2 are right-angle-mounted compo- 
nents. Two aspects of construction are critical. First use 
only an MPS3646 for Q1. This type was chosen for its 
good performance in this circuit. If you substitute another 
transistor, the circuit may not perform properly. 
Second, for the TDR to provide accurate measure- 
ments, the cable connected to J1 (between the TDR and 
the oscilloscope) must not introduce impedance mis- 
matches in the circuit. Do not make this cable from ordi- 
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nary coaxial cable. Oscilloscope-probe cable is the best 
thing to use for this connection. 

(It took the author about a week and several phone 
calls to determine that scope-probe cable isn’t “plain old 
coax.” Probe cable has special characteristics that pre- 
vent undesired ringing and other problems.) 

Mount a binding post at J1 and connect a scope probe 
to the binding post when testing cables with the TDR. R5 
and C2 form a compensation network—much like the net- 
works in oscilloscope probes—to adjust for effects of 
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Except as indicated, decimal 
values of capacitance are 
in microfarads ( wF); others 
are in picofarads (pF); 
resistances are in ohms; 

k= 1,000, M= 1,000,000 
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Fig 36—Schematic diagram of the time-domain reflectometer. All resistors are '/4-W, 5% tolerance. U1 is a CMOS 555 
timer. Circuit current drain is 10 to 25 mA. When building the TDR, observe the construction cautions discussed in 
the text. C2 is available from Mouser Electronics, part no. ME242-8050. Right-angle BNC connectors for use at J1 
and J2 can be obtained from Newark Electronics, part no. 89N1578. S1 can be obtained from All Electronics, part no. 


NISW-1. An SPST toggle switch can also be used at S1. 
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Fig 37—Full-size PC-board etching pattern for the TDR. 
Black areas represent unetched copper foil. 


the probe wire. 

The TDR is designed to operate from dc between 
3 and 9 V. Two C cells (in series—3 V) supply operating 
voltage in this version. The circuit draws only 10 to 
25 mA, so the cells should last a long time (about 
200 hours of operation). U1 can function with supply volt- 
ages as low as 2.25 to 2.5. 

If you want to use the TDR in transmission-line sys- 
tems with characteristic impedances other than 50 Q, 
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Fig 38—Part-placement diagram for the TDR. Parts are 


mounted on the nonfoil side of the board; the shaded 
area represents an X-ray view of the copper pattern. Be 
sure to observe the polarity markings of C3, C4 and C5. 
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change the value of R;, to match the system impedance 
as closely as possible. 


Calibrating and Using the TDR 


Just about any scope with a bandwidth of at least 
10 MHz should work fine with the TDR, but for tests in 
short-length cables, a 50-MHz scope provides for much 
more accurate measurements. To calibrate the TDR, ter- 
minate CABLE UNDER TEST connector, J2, with a 51-Q 











Fig 39—TDR calibration trace as shown on an 
oscilloscope. Adjust C2 (See Figs 36 and 38) for 
maximum deflection and sharpest waveform corners 
during calibration. See text. 


SS ees 








Fig 40—Open-circuited test cable. The scope is set for 
0.01 ms per division. See text for interpretation of the 
waveform. 


resistor. Connect the scope vertical input to J1. Turn on 
the TDR, and adjust the scope timebase so that one square- 
wave cycle from the TDR fills as much of the scope dis- 
play as possible (without uncalibrating the timebase). The 
waveform should resemble Fig 39. Adjust C2 to obtain 
maximum amplitude and sharpest corners on the observed 
waveform. That’s all there is to the calibration process! 

To use the TDR, connect the cable under test to J2, 
and connect the scope vertical input to J1. If the wave- 
form you observe is different from the one you observed 
during calibration, there are impedance variations in the 
load you're testing. See Fig 40, showing an unterminated 
test cable connected to the TDR. The beginning of the 
cable is shown at point A. (AB represents the TDR out- 
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Fig 41—TDR display of the impedance characteristics 
of the 142-foot Hardline run to the 432-MHz antenna at 
KD5HM. The scope is set for 0.05 ms per division. See 
text for discussion. 


put-pulse rise time.) 

Segment AC shows the portion of the transmission 
line that has a 50-Q impedance. Between points C and D, 
there is a mismatch in the line. Because the scope trace is 
higher than the 50-Q trace, the impedance of this part of 
the line is higher than 50 QQ—in this case, an open circuit. 

To determine the length of this cable, read the length 
of time over which the 50-Q trace is displayed. The scope 
is set for 0.01 Us per division, so the time delay for the 
50-Q section is (0.01 Us x 4.6 divisions) = 0.046 Us. The 
manufacturer’s specified velocity factor (VF) of the cable 
is 0.8. Eq 1 tells us that the 50-Q section of the cable is 


_ 983.6 x 0.8 x 0.046 Ls 
2 


if = 18.1 feet 





The TDR provides reasonable agreement with the 
actual cable length—in this case, the cable is really 
16.5 feet long. (Variations in TDR-derived calculations 
and actual cable lengths can occur as a result of cable VFs 
that can vary considerably from published values. Many 
cables vary as much as 10% from the specified values.) 

A second example is shown in Fig 41, where a length 
of 3/4-inch Hardline is being tested. The line feeds a 
432-MHz vertical antenna at the top of a tower. Fig 41 
shows that the 50-Q line section has a delay of (6.6 divi- 
sions x 0.05 Us) = 0.33 ws. Because the trace is straight 
and level at the 50-Q level, the line is in good shape. The 
trailing edge at the right-hand end shows where the an- 
tenna is connected to the feed line. 

To determine the actual length of the line, use the 
same procedure as before: Using the published VF for 
the Hardline (0.88) in Eq 1, the line length is 


_ 983.6 x 0.88x 0.33 ps 
2 


L = 142.8 feet 
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Again, the TDR-derived measurement is in close 
agreement with the actual cable length (142 feet). 


Final Notes 


The time-domain reflectometer described here is not 
frequency specific; its measurements are not made at the 
frequency at which a system is designed to be used. 
Because of this, the TDR cannot be used to verify the 
impedance of an antenna, nor can it be used to measure 
cable loss at a specific frequency. Just the same, in two 
years of use, it has never failed to help locate a transmis- 
sion-line problem. The vast majority of transmission-line 
problems result from improper cable installation or con- 
nector weathering. 


Limitations 


Certain limitations are characteristic of TDRs 
because the signal used to test the line differs from the 
system operating frequency and because an oscilloscope 
is a broadband device. In the instrument described here, 
measurements are made with a 71-kHz square wave. That 
wave contains components at 71 kHz and odd harmonics 
thereof, with the majority of the energy coming from the 
lower frequencies. The leading edge of the trace indi- 
cates that the response drops quickly above 6 MHz. (The 
leading edge in Fig 40 is 0.042 us, corresponding to a 
period of 0.168 us and a frequency of 5.95 MHz.) The 
result is dc pulses of approximately 7 us duration. The 


Ground Parameters 


This section is taken from an article in The ARRL 
Antenna Compendium, Vol 5 by R. P. Haviland, W4MB. 
In the past, amateurs paid very little attention to the char- 
acteristics of the earth (ground) associated with their 
antennas. There are two reasons for this. First, these char- 
acteristics are not easy to measure—even with the best 
equipment, extreme care is needed. Second, almost all 
hams have to put up with what they have—there are very 
few who can afford to move because their location has 
poor ground conditions! Further, the ground is not a domi- 
nant factor in the most popular antennas—a tri-band Yagi 
at 40 feet or higher, or a 2-meter vertical at roof height, 
for example. 

Even so, there has been a desire and even a need for 
ground data and for ways to use it. It is very important 
for vertically polarized antennas. Ground data is useful 
for antennas mounted at low heights generally, and for 
such specialized ones as Beverages. The performance of 
such antennas change a lot as the ground changes. 


Importance of Ground Conditions 


To see why ground conditions can be important, let 
us look at some values. For a frequency of 10 MHz, CCIR 
Recommendation 368, gives the distance at which the sig- 
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scope display combines the circuit responses to all of 
those frequencies. Hence, it may be difficult to interpret 
any disturbance which is narrowband in nature (affect- 
ing only a small range of frequencies, and thus a small 
portion of the total power), or for which the travel time 
plus pattern duration exceeds 7 us. The 432-MHz verti- 
cal antenna in Fig 41 illustrates a display error resulting 
from narrow-band response. 

The antenna shows as a major impedance distur- 
bance because it is mismatched at the low frequencies 
that dominate the TDR display, yet it is matched at 
432 MHz. For an event that exceeds the observation win- 
dow, consider a I-uF capacitor across a 50-Q line. You 
would see only part of the pattern shown in Fig 35C 
because the time constant (1 x 10°° x 50 = 50 ms) is much 
larger than the 7-us window. 

In addition, TDRs are unsuitable for measurements 
where there are major impedance changes inside the line 
section to be tested. Such major changes mask reflec- 
tions from additional changes farther down the line. 

Because of these limitations, TDRs are best suited 
for spotting faults in dc-continuous systems that main- 
tain a constant impedance from the generator to the load. 
Happily, most amateur stations would be ideal subjects 
for TDR analysis, which can conveniently check antenna 
cables and connectors for short and open-circuit con- 
ditions and locate the position of such faults with fair 
accuracy. 


for Antenna Analysis 


nal is calculated to drop 10 dB below its free-space level 
as: 


Conductivity Distance for 10 dB Drop 
(mS/meter) (km) 
5000 100 
30 15 
3 0.3 


The high-conductivity condition is for sea-water. 
Inter-island work in the Caribbean on 40 and 80 meters 
is easy, whereas 40-meter ground-wave contact is diffi- 
cult for much of the USA, because of much lower ground 
conductivity. On the other hand, the Beverage works be- 
cause of poor ground conductivity. 

Fig 42 shows a typical set of expected propagation 
curves for a range of frequencies. This data is also from 
CCIR Recommendation 368 for relatively poor ground, 
with a dielectric constant of 4 and a conductivity of 
3 mS/m (one milliSiemens/meter is 0.001 mho/meter). 
The same data is available in the Radio Propagation 
Handbook. There are equivalent FCC curves, found in 
the book Reference Data for Radio Engineers, but only 
the ones near 160 meters are useful. In Florida the author 
has difficulty hearing stations across town on ground 
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Fig 42—Variation of field strength with distance. Typical 
field strengths for several frequencies are shown. This 
is from CCIR data for fairly poor soil, with dielectric 
constant of 4 and conductivity of 3 mS/m. The curves 
for good soil are closer to the free-space line, and 
those for sea water are much closer to the free-space 
line. 





Scale in Miles 


Numbers on map represent estimated effective 
ground conductivity in millisiemens per meter. 
Conductivity of seawater is not shown on map but 
is assumed to be 500 millisiemens per meter. 


wave, an indication of the poor soil conditions—treflected 
sky-wave signals are often stronger. 


Securing Ground Data 


There are only two basic ways to approach this mat- 
ter of ground data. One is to use generic ground data typi- 
cal to the area. The second is to make measurements, 
which haven’t really gotten easier. For most amateurs, 
the best approach seems to be a combination of these— 
use some simple measurements, and then use the generic 
data to make a better estimate. Because of equipment costs 
and measurement difficulties, none of these will be highly 
accurate for most hams. But they will be much better than 
simply taking some condition preset into an analysis pro- 
gram. Having a good set of values to plug into an analy- 
sis can help you evaluate the true worth of a new antenna 
project. 


Generic Data 


In connection with its licensing procedure for broad- 
cast stations, the FCC has published generic data for the 
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Effective Ground Conductivity 
in the United States 


ANTO0950 


Fig 43—Estimated effective ground conductivity in the United States. FCC map prepared for the Broadcast Service, 
showing typical conductivity for continental USA. Values are for the band 500 to 1500 KHz. Values are for flat, open 
spaces and often will not hold for other types of commonly found terrain, such as seashores, river beds, etc. 
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entire country. This is reproduced in Fig 43, a chart showing 
the “estimated effective ground conductivity in the United 
States.” A range of 30:1 is shown, from 1 to 30 mS/m. An 
equivalent chart for Canada has been prepared, originally 
by DOT, now DOC. 

Of course, some judgment is needed when trying to 
use this data for your location. Broadcast stations are 
likely to be in open areas, so the data should not be as- 
sumed to apply to the center city. And a low site near the 
sea is likely to have better conductivity than the generic 
chart for, say, the coast of Oregon. Other than such fac- 
tors, this chart gives a good first value, and a useful cross- 
check if some other method is used. 

Still another FCC-induced data source is the license 
application of your local broadcast station. This includes 
calculated and measured coverage data. This may include 
specific ground data, or comparison of the coverage 
curves with the CCIR or FCC data to give the estimated 
ground conductivity. Another set of curves for ground 
conditions are those prepared by SRI. These give the con- 
ductivity and dielectric constant versus frequency for typi- 
cal terrain conditions. These are reproduced as Fig 44 
and Fig 45. By inspecting your own site, you may select 
the curve most appropriate to your terrain. The curves 
are based on measurements at a number of sites across 
the USA, and are averages of the measured values. 
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Fig 44—Typical terrain conductivities versus frequency 
for 5 types of soils. This was measured by SRI. Units 
are mS/m. Conductivity of seawater is usually taken as 
5000 mS/m. Conductivity of fresh water depends on the 
impurities present, and may be very low. To extrapolate 
conductivity values (for 500 to 1500 KHz) shown in 

Fig 43 for a particular geographic area to a different 
frequency, move from the conductivity at the left edge 
of Fig 44 to the desired frequency. For example, in 
rocky New Hampshire, with a conductivity of 1 mS/m at 
BC frequencies, the effective conductivity at 14 MHz 
would be approximately 4 mS/m. 
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Figs 46 through 48 are data derived from these mea- 
surements. Fig 46 gives the ground-dissipation factor. Sea 
water has low loss (a high dissipation factor), while soil in 
the desert or in the city is very lossy, with a low dissipa- 
tion factor. Fig 47 gives the skin depth, the distance for 
the signal to decease to 63% of its value at the surface. 
Penetration is low in high-conductivity areas and deep in 
low-conductivity soil. Finally, Fig 48 shows the wavelength 
in the earth. For example, at 10 meters (30 MHz), the wave- 
length in sea water is less than 0.3 meters. Even in the 
desert, the wavelength has been reduced to about 6 meters 
at this frequency. This is one reason why buried antennas 
have peculiar properties. Lacking other data, it is suggested 
that the values of Figs 44 and 45 be used in computer 
antenna modeling programs. 


Measuring Ground Conditions 


W2FNQ developed a simple technique to measure 
low-frequency earth conductivity, which has been used 
by W2FMI. The test setup is drawn in Fig 49, and uses a 
very old technique of 4-terminal resistivity measurements. 
For probes of °/is-inch diameter, spaced 18 inches and 
pene-trating 12 inches into the earth, the conductivity is: 


C=21 V,/V, mS/m (Eq 19) 


The voltages are conveniently measured by a digital 
voltmeter, to an accuracy of about 2%. In soil suitable 
for farming, the probes can be copper or aluminum. The 
strength of iron or copperweld may be needed in hard 
soils. A piece of 2 x 4 or 4 x 4 with guide holes drilled 
through it will help maintain proper spacing and vertical 
alignment of the probes. Use care when measuring—there 
is a shock hazard. An isolating transformer with a 24-V 
secondary instead of 115 V will reduce the danger. 

Ground conditions vary quite widely over even small 
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Fig 45—Typical terrain relative dielectric constant for 
the 5 soil types of Fig 44, plus sea water. The dashed 
curve shows the highest measured values reported, 
and usually indicates mineralization. 
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Fig 46—Typical values of dissipation factor. The soil 
behaves as a leaky dielectric. These curves showing the 
dimensionless dissipation factor versus frequency for 
various types of soils and for sea water. The dissipation 
factor is inversely related to soil conductivity. Among 
other things, a high dissipation factor indicates that a 
signal penetrating the soil or water will decrease in 
strength rapidly with depth. 
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Fig 47—Typical values of skin depth. The skin depth is 
the depth at which a signal will have decreased to 1/e of 
its value at the surface (to about 30%). The effective 
height above ground is essentially the same as the 
physical height for sea water, but may be much greater 
for the desert. For practical antennas, this may increase 
low-angle radiation, but at the same time will increase 
ground losses. 
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Fig 48—Typical values of wavelength in soil. Because 
of its dielectric constant, the wavelength in soils and 
water will be shorter than that for a wave traveling in 
air. This can be important, since in a Method of Moment 
the accuracy is affected by the number of analysis 
segments per wavelength. Depending on the program 
being used, adjust the number of segments for 
antennas wholly or partly in the earth, for ground rods, 
and for antennas very close to earth. 
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Fig 49—Low-frequency conductivity measurement 
system. A 60-Hz measuring system devised by W2FNQ 
and used by W2FMI. The basic system is widely used in 
geophysics. Use care to be certain that the plug 
connection is correct. A better system would use a 
lower voltage and an isolation transformer. Measure the 
value of V2 with no power applied—there may be stray 
ground currents present, especially if there is a power 
station or an electric railway close. 
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areas. It is best to make a number of measurements around 
the area of the antenna, and average the measured values. 

While this measurement gives only the low-fre- 
quency conductivity, it can be used to select curves in 
Fig 44 to give an estimate of the conductivity for the com- 
mon ham bands. Assume that the 60 Hz value is valid at 
2 MHz, and find the correct value on the left axis. Move 
parallel to the curves on the figure to develop the esti- 
mated curve for other soil conditions. 

A small additional refinement is possible. If the 
dielectric constant from Fig 45 is plotted against the con- 
ductivity from Fig 44 for a given frequency, a scatter plot 
develops, showing a trend to higher dielectric constant 
as conductivity increases. At 14 MHz, the relation is: 


k=./1000/C 


where k is the dielectric constant and C is the mea- 
sured conductivity. Using these values in MININEC or 
NEC calculations should give better estimates than coun- 
trywide average values. 


(Eq 20) 


Direct Measurement of Ground Properties 


For really good values, both the conductivity and 
dielectric constant should be measured at the operating 
frequency. One way of doing this is the two-probe tech- 
nique described in George Hagn’s article (see Bibliogra- 
phy). This was the technique used to secure the data for 
Figs 44 through 48. The principle is sketched in Fig 50. 
In essence, the two probes form a short, open-circuited, 
two-wire transmission line. As shown by the equations 
for such lines, the input impedance is a function of the 
conductivity and dielectric constant of the medium. A 
single measurement is difficult to calculate, since the end 
effect of the two probes must be determined, a complex 
task if they are pointed for easy driving. The calculation 
is greatly simplified if a set of measurements is made 
with several sets of probes that vary in length by a fixed 
ratio, since the measured difference is largely due to the 
increased two-wire length, with some change due to the 
change in soil moisture with depth. 

The impedance to be measured is high because of 
the short line length, so impedance bridges are not really 
suitable. An RF vector impedance meter, such as the 
HP-4193A, is probably the best instrument to use, with a 
RF susceptance bridge, such as the GR-821A, next best. 
With care, a Q-meter can be substituted. Because of the 
rarity of these instruments among amateurs, this method 
of measurement is not explored further here. 


Indirect Measurement 


Since the terminal impedance and resonant fre- 
quency of an antenna change as the antenna approaches 
earth, measurement of an antenna at one or more heights 
permits an analysis of the ground characteristics. The 
technique is to calculate the antenna drive impedance for 
an assumed ground condition, and compare this with 
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Fig 50—High-frequency conductivity/dielectric constant 
measurement system. System for measuring ground 
conditions at frequencies up to about 100 MHz, devised 
by SRI and used to obtain the data in Figs 44 through 
48. Basically, this is a section of transmission line with 
soil as the dielectric. Requires measurement of high 
impedances to good accuracy. 


measured values. If not the same, another set of ground 
conditions is assumed, and the process is repeated. It is 
best to have a plan to guide the assumptions. 

In connection with his studies of transmission lines, 
Walt Maxwell, W2DU, made such measurements on 20, 
40 and 80 meters. Some of the data was included in his 
book Reflections. The following example is based on his 
80-meter data. Data came from his Table 20-1, for a 66- 
foot, 2-inch dipole of #14 wire at 40 feet above ground. 
His table gives an antenna impedance of 72.59 +7 1.38 Q 
at 7.15 MHz. 

Table 7 shows calculated antenna impedances for 
ground conductivities of three different ground conduc- 
tivities: 10, 1 and 0.1 mS/m, and for dielectric constants 
of 3, 15 and 80. The nearest value to the measured drive 
impedance is for a conductivity of 0.1 mS/m and a dielec- 
tric constant of 3. Figs 44 and 45 indicate that these are 
typical of flat desert and city land. The effect on antenna 
performance is shown in Fig 51. The maximum lobe gain 
for soil typical of a city is over 2 dB lower than that for 
the high-conductivity, high-dielectric constant value. Note 
that the maximum lobe occurs for a radiation angle that is 
directly overhead. 


Table 7 


Calculated values of drive resistance, in ohms, for an 40 meter dipole at 40 feet elevation versus 


conductivity and dielectric constant. 


Conductivity Dielectric Constant 

(mS/m) 3 15 50 

10 89.78-j12.12  88.53-/ 10.69 88.38 — j 7.59 
1 80.05-/17.54 83.72-—/ 10.23 87.33 — j 6.98 
0.1 76.44-—/15.69 83.18-/9.85 97.30 — j 6.46 


The value measured by W2DU was 72.59 — / 1.28 Q, and compares closest to the poor soil condition of dielectric 


constant of 3 and conductivity of 0.1 mS/m. 
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Fig 51—Plot showing computed elevation patterns for 
40-foot high, 40-meter dipole for two different ground 
conditions: poor ground, with dielectric constant of 

3 and conductivity of 0.1 mS/m, and good ground, with 
dielectric constant of 50 and conductivity of 10 mS/m. 
Note that for a low horizontal antenna, high-angle 
radiation is most affected by poor ground, with low- 
angle radiation least affected by ground characteristics. 


The ground at the W2DU QTH is a suburban Florida 
lot, covered with low, native vegetation. The ground is 
very sandy (a fossil sand dune), and is some 60-70 feet 
above sea-level. Measurements were made near the end 
of the Florida dry season. The water table is estimated to 
be 20 to 30 feet below the surface. Thus the calculated 
and measured values are reasonably consistent. 

In principle, a further analysis, using values around 
0.1 mS/m conductivity and 3 for dielectric constant, will 
give a better ground parameter estimate. However, the 
results should be taken with a grain of salt, because the 
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opportunities for error in the computer modeling must 
be considered. The antenna should have no sag, and its 
length and height should be accurate. The measurement 
must be with accurate equipment, free from strays, such 
as current on the outer conductor of the coax. The feed- 
point gap effect must be estimated. Further, the ground 
itself under the antenna must be flat and have constant 
characteristics for modeling to be completely accurate. 

Finally, the feed-line length and velocity constant 
of the transmission line must be accurately measured for 
transfer of the measured values at the feeding end of the 
transmission line to the antenna itself. Because of all the 
possibilities for error, most attempts at precision should 
be based on measured values at two or three frequencies, 
and preferably at two or three heights. Orienting the 
antenna to right angles for another set of measurements 
may be useful. Obviously, this can involve a lot of detailed 
work. 

The author was not been able to find any guidelines 
for the best height or frequency. The data in the book 
Exact Image Method for Impedance Computation of 
Antennas Above the Ground suggests that a height of 0.3 
will give good sensitivity to ground conditions. Very low 
heights may give confusing results, since several combi- 
nations of ground parameters can give nearly the same 
drive impedance. Both this data and experience suggest 
that sensitivity to ground for heights above 0.75 A is small 
or negligible. 

If an overall conclusion about ground characteristics is 
needed, we can just restate from the first paragraph—it is 
not greatly important for the most common horizontally po- 
larized antenna installations. But it’s worth taking a look when 
you need to depart from typical situations, or when the per- 
formance of a vertically polarized antenna is contemplated. 
Then the techniques outlined here can be helpful. 
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A Switchable RF Attenuator 


A switchable RF attenuator is helpful for making 
antenna-gain comparisons or for plotting antenna radia- 
tion patterns. You may switch attenuation in or out of the 
line leading to the receiver to obtain an initial reference 
reading on a signal strength meter. Some form of attenu- 
ator is also helpful for locating hidden transmitters, where 
the real trick is pinpointing the signal source from within 
a few hundred feet. At such a close distance, strong sig- 
nals may overload the front end of the receiver, making it 
impossible to obtain any indication of a bearing. 

The attenuator of Figs 52 and 53 is designed for low 
power levels, not exceeding '/s watt. If for some reason 
the attenuator will be connected to a transceiver, a means 
of bypassing the unit during transmit periods must be 
devised. An attenuator of this type is commonly called a 
Step attenuator, because any amount of attenuation from 
0 dB to the maximum available (81 dB for this particular 
instrument) may be obtained in steps of 1 dB. As each 
switch is successively thrown from the OUT to the IN 


position, the attenuation sections add in cascade to yield 
the total of the attenuator steps switched in. The maxi- 
mum attenuation of any single section is limited to 20 dB 
because leak-through would probably degrade the accu- 
racy of higher values. The tolerance of resistor values 
also becomes more significant regarding accuracy at 
higher attenuation values. 

A good quality commercially made attenuator will 
cost upwards from $150, but for less than $25 in parts 
and a few hours of work, you can build an attenuator at 
home. It will be suitable for frequencies up to 450 MHz. 
Double-sided pc board is used for the enclosure. The ver- 
sion of the attenuator shown in Fig 52 has identification 
lettering etched into the top surface (or front panel) of 
the unit. This adds a nice touch and is a permanent means 
of labeling. Of course rub-on transfers or Dymo tape 
labels could be used as well. 

Female BNC single-hole, chassis-mount connectors 
are used at each end of the enclosure. These connectors 














Fig 52—A construction method for a step attenuator. Double-sided circuit-board material, unetched (except for panel 
identification), is cut to the desired size and soldered in place. Flashing copper may also be used, although it is not as 
sturdy. Shielding partitions between sections are necessary to reduce signal leakage. Brass nuts soldered at each of 
the four corners allow machine screws to secure the bottom cover. The practical limit for total attenuation is 80 or 

90 dB, as signal leakage around the outside of the attenuator will defeat attempts to obtain much greater amounts. 
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Fig 53—Schematic diagram of the step attenuator, designed for a nominal impedance of 50 Q. Resistance values are 
in ohms. Resistors are 1/,-watt, carbon-composition types, 5% tolerance. Broken lines indicate walls of circuit-board 
material. A small hole is drilled through each partition wall to route bus wire. Keep all leads as short as possible. 
The attenuator is bilateral; that is, the input and output ends may be reversed. 


J1, J2—Female BNC connectors, Radio Shack 278-105 $1-S8, incl—DPDT slide switches, standard size. (Avoid 
or equiv. subminiature or toggle switches.) Stackpole 
S-5022CD03-0 switches are used here. 
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provide a means of easily connecting and disconnecting 
the attenuator. 


Construction 


After all the box parts are cut to size and the neces- 
sary holes made, scribe light lines to locate the inner par- 
titions. Carefully tack-solder all partitions in position. A 
25-W pencil type of iron should provide sufficient heat. 
Dress any pc board parts that do not fit squarely. Once 
everything is in proper position, run a solder bead all the 
way around the joints. Caution! Do not use excessive 
amounts of solder, as the switches must later be fit flat 
inside the sections. Complete the top, sides, ends and 
partitions. Dress the outside of the box to suit your taste. 
For instance, you might wish to bevel the box edges. Buff 
the copper with steel wool, add lettering, and finish 
off the work with a coat of clear lacquer or polyurethane 
varnish. 

Using a little lacquer thinner, soak the switches to 
remove the grease that was added during their manufac- 
ture. When they dry, spray the inside of the switches 
lightly with a TV tuner cleaner/lubricant. Use a sharp drill 
bit (about 7/16 inch will do), and countersink the mount- 
ing holes on the actuator side of the switch mounting 
plate. This ensures that the switches will fit flush against 
the top plate. At one end of each switch, bend the two 
lugs over and solder them together. Cut off the upper 
halves of the remaining switch lugs. (A close look at 
Fig 52 will help clarify these steps.) 

Solder the series-arm resistors between the appro- 


priate switch lugs. Keep the lead lengths as short as pos- 
sible and do not overheat the resistors. Now solder the 
switches in place to the top section of the enclosure by 
flowing solder through the mounting holes and onto the 
circuit-board material. Be certain that you place the 
switches in their proper positions; correlate the resistor 
values with the degree of attenuation. Otherwise, you may 
wind up with the 1-dB step at the wrong end of the box 
how embarrassing! 

Once the switches are installed, thread a piece of 
#18 bare copper wire through the center lugs of all the 
switches, passing it through the holes in the partitions. 
Solder the wire at each switch terminal. Cut the wire 
between the poles of each individual switch, leaving the 
wire connecting one switch pole to that of the neighbor- 
ing one on the other side of the partition, as shown in 
Fig 52. At each of the two end switch terminals, leave a 
wire length of approximately '/s inch. Install the BNC 
connectors and solder the wire pieces to the connector 
center conductors. 

Now install the shunt-arm resistors of each section. 
Use short lead lengths. Do not use excessive amounts of 
heat when soldering. Solder a no. 4-40 brass nut at each 
inside corner of the enclosure. Recess the nuts approxi- 
mately '/1s-inch from the bottom edge of the box to allow 
sufficient room for the bottom panel to fit flush. Secure 
the bottom panel with four no. 4-40, '/4-inch machine 
screws and the project is completed. Remember to use 
caution, always, when your test setup provides the possi- 
bility of transmitting power into the attenuator. 


A Portable Field Strength Meter 


Few amateur stations, fixed or mobile, are without 
need of a field-strength meter. An instrument of this type 
serves many useful purposes during antenna experiments 
and adjustments. When work is to be done from many 
wavelengths away, a simple wavemeter lacks the neces- 
sary sensitivity. Further, such a device has a serious fault 
because its linearity leaves much to be desired. The 
information in this section is based on a January 1973 
QST article by Lew McCoy, WIICP. 

The field-strength meter described here takes care 
of these problems. Additionally, it is small, measuring 
only 4 x 5 x 8 inches. The power supply consists of two 
9-volt batteries. Sensitivity can be set for practically any 
amount desired. However, from a usefulness standpoint, 
the circuit should not be too sensitive or it will respond 
to unwanted signals. This unit also has excellent linear- 
ity with regard to field strength. (The field strength of a 
received signal varies inversely with the distance from 
the source, all other things being equal.) The frequency 
range includes all amateur bands from 3.5 through 
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Fig 54—The linear field strength meter. The control at 
the upper left is for C1 and the one to the right for C2. 
At the lower left is the band switch, and to its right the 
sensitivity switch. The zero-set control for M1 is located 
directly below the meter. 
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Fig 55—Inside view of the field-strength meter. At the 
upper right is C1 and to the left, C2. The dark leads from 
the circuit board to the front panel are the shielded 
leads described in the text. 


148 MHz, with band-switched circuits, thus avoiding the 
use of plug-in inductors. All in all, it is a quite useful 
instrument. 

The unit is pictured in Figs 54 and 55, and the sche- 
matic diagram is shown in Fig 56. A type 741 op-amp IC 
is the heart of the unit. The antenna is connected to J1, 
and a tuned circuit is used ahead of a diode detector. The 
rectified signal is coupled as dc and amplified in the op 
amp. Sensitivity of the op amp is controlled by inserting 
resistors R3 through R6 in the circuit by means of 82. 

With the circuit shown, and in its most sensitive set- 
ting, M1 will detect a signal from the antenna on the order 
of 100 LV. Linearity is poor for approximately the first 
'/s of the meter range, but then is almost straight-line from 
there to full-scale deflection. The reason for the poor 
linearity at the start of the readings is because of non- 
linearity of the diodes at the point of first conduction. 
However, if gain measurements are being made this is of 
no real importance, as accurate gain measurements can 
be made in the linear portion of the readings. 
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Fig 56—Circuit diagram of the linear field strength meter. All resistors are ‘/4- or '/2-W composition types. 


C1 — 140 pF variable. 

C2 — 15-pF variable 

D1, D2 — 1N914 or equiv. 

L1 — 34 turns #24 enam. wire wound on an Amidon 
T-68-2 core, tapped 4 turns from ground end. 

L2 — 12 turns #24 enam. wire wound on T-68-2 core. 

L3 — 2 turns #24 enam. wire wound at ground end of L2. 

L4 — 1 turn #26 enam. wire wound at ground end of L5. 

L5 — 12 turns #26 enam. wire wound on T-25-12 core. 
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L6 — 1 turn #26 enam. wire wound at ground end of L7. 

L7 — 1 turn #18 enam. wire wound on T-25-12 core. 

M1 — 50 or 100 pA dc. 

R2 — 10-kQ control, linear taper. 

$1 — Rotary switch, 3 poles, 5 positions, 3 sections. 

S2 — Rotary switch, 1 pole, 4 positions. 

S3 — DPST toggle. 

U1 — Type 741 op amp. Pin numbers shown are for a 
14-pin package. 


The 741 op amp requires both a positive and a nega- 
tive voltage source. This is obtained by connecting two 
9-volt batteries in series and grounding the center. One 
other feature of the instrument is that it can be used 
remotely by connecting an external meter at J2. This is 
handy if you want to adjust an antenna and observe the 
results without having to leave the antenna site. 

L1 is the 3.5/7 MHz coil and is tuned by Cl. The 
coil is wound on a toroid form. For 14, 21 or 28 MHz, L2 
is switched in parallel with L1 to cover the three bands. 
L5 and C2 cover approximately 40 to 60 MHz, and L7 
and C2 from 130 MHz to approximately 180 MHz. The 
two VHF coils are also wound on toroid forms. 


Construction Notes 


The majority of the components may be mounted on 
an etched circuit board. A shielded lead should be used 
between pin 4 of the IC and S2. The same is true for the 
leads from R3 through R6 to the switch. Otherwise, para- 
sitic oscillations may occur in the IC because of its very 
high gain. 

In order for the unit to cover the 144-MHz band, L6 and 
L7 should be mounted directly across the appro- 
priate terminals of S1, rather than on a circuit board. The extra 
lead length adds too much stray capacitance to the circuit. It 
isn’t necessary to use toroid forms for the 50- and 144-MHz 
coils. They were used in the version described here simply 
because they were available. You may substitute air-wound 
coils of the appropriate inductance. 


Calibration 


The field strength meter can be used as is for a rela- 
tive-reading device. A linear indicator scale will serve 
admirably. However, it will be a much more useful 
instrument for antenna work if it is calibrated in deci- 
bels, enabling the user to check relative gain and front- 
to-back ratios. If you have access to a calibrated signal 
generator, connect it to the field-strength meter and use 
different signal levels fed to the device to make a cali- 
bration chart. Convert signal-generator voltage ratios to 
decibels by using the equation 


dB = 20 log (V1/V2) 


where 


(Eq 21) 


V1/V2 is the ratio of the two voltages 
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log is the common logarithm (base 10) 


Let’s assume that M1 is calibrated evenly from 0 to 
10. Next, assume we set the signal generator to provide a 
reading of 1 on M1, and that the generator is feeding a 
100-uV signal into the instrument. Now we increase the 
generator output to 200 LV, giving us a voltage ratio of 
2:1. Also let’s assume M1 reads 5 with the 200-LV input. 
From the equation above, we find that the voltage ratio 
of 2 equals 6.02 dB between | and 5 on the meter scale. 
M1 can be calibrated more accurately between 1 and 5 
on its scale by adjusting the generator and figuring the 
ratio. For example, a ratio of 126 uV to 100 UV is 1.26, 
corresponding to 2.0 dB. By using this method, all of the 
settings of S2 can be calibrated. In the instrument shown 
here, the most sensitive setting of S2 with R3, 1 MQ, pro- 
vides a range of approximately 6 dB for M1. Keep in mind 
that the meter scale for each setting of S1 must be cali- 
brated similarly for each band. The degree of coupling 
of the tuned circuits for the different bands will vary, so 
each band must be calibrated separately. 

Another method for calibrating the instrument is 
using a transmitter and measuring its output power with 
an RF wattmeter. In this case we are dealing with power 
rather than voltage ratios, so this equation applies: 


dB = 10 log (P1/P2) (Eq 22) 


where P1/P2 is the power ratio. 

With most transmitters the power output can be var- 
ied, so calibration of the test instrument is rather easy. 
Attach a pickup antenna to the field-strength meter (a 
short wire a foot or so long will do) and position the 
device in the transmitter antenna field. Let’s assume we 
set the transmitter output for 10 W and get a reading on 
M1. We note the reading and then increase the output to 
20 W, a power ratio of 2. Note the reading on M1 and 
then use Eq 2. A power ratio of 2 is 3.01 dB. By using 
this method the instrument can be calibrated on all bands 
and ranges. 

With the tuned circuits and coupling links specified 
in Fig 56, this instrument has an average range on the 
various bands of 6 dB for the two most sensitive posi- 
tions of S2, and 15 dB and 30 dB for the next two suc- 
cessive ranges. The 30-dB scale is handy for making 
front-to-back antenna measurements without having to 
switch $2. 


27-45 


An RF Current Probe 


The RF current probe of Figs 57 through 59 oper- 
ates on the magnetic component of the electromagnetic 
field, rather than the electric field. Since the two fields 
are precisely related, as discussed in Chapter 23, the rela- 
tive field strength measurements are completely equiva- 
lent. The use of the magnetic field offers certain 
advantages, however. The instrument may be made more 
compact for the same sensitivity, but its principal advan- 
tage is that it may be used near a conductor to measure 
the current flow without cutting the conductor. 

In the average amateur location there may be sub- 
stantial currents flowing in guy wires, masts and towers, 
coaxial-cable braids, gutters and leaders, water and gas 
pipes, and perhaps even drainage pipes. Current may be 
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flowing in telephone and power lines as well. All of these 
RF currents may have an influence on antenna patterns 
or can be of significance in the case of RFI. 

The circuit diagram of the current probe appears in 
Fig 58, and construction is shown in the photo, Fig 59. 
The winding data given here apply only to a ferrite rod 
of the particular dimensions and material specified. 
Almost any microammeter can be used, but it is usually 
convenient to use a rather sensitive meter and provide a 
series resistor to swamp out nonlinearity arising from 
diode conduction characteristics. A control is also used 
to adjust instrument sensitivity as required during opera- 
tion. The tuning capacitor may be almost anything that 
will cover the desired range. 


Fig 57—The RF current probe. The 
sensitivity control is mounted at 
the top of the instrument, with the 
tuning and band switches on the 
lower portion of the front panel. 
Frequency calibration of the tuning 
control was not considered 
necessary for the intended use of 
this particular instrument, but 
marks identifying the various 
amateur bands would be helpful. If 
the unit is provided with a 
calibrated dial, it can also be used 
as an absorption wavemeter. 


Fig 58—Schematic diagram of the RF current 
probe. Resistances are in ohms; k = 1000. 
Capacitances are in picofarads; fixed capacitors 
are silver mica. Be sure to ground the rotor of 
C1, rather than the stator, to avoid hand 
capacitance. L1, L2 and L3 are each close-wound 
with #22 enameled wire on a single ferrite rod, 4 
inch long and ‘/2 inch diameter, with p = 125 
(Amidon R61-50-400). Windings are spaced 
approximately '/4 inch apart. 


Ci—Air variable, 6-140 pF; Hammarlund HF140 
or equiv. 

D1—Germanium diode; 1N34A, 1N270 or equiv. 

L1—1.6-5 MHz; 30 turns, tapped at 3 turns from 
grounded end. 

L2—5-20 MHz; 8 turns, tapped at 2 turns from 
grounded end. 

L3—17-39 MHz; 2 turns, tapped at 1 turn. 

M1—Any microammeter may be used. The one 
pictured is a Micronta meter, RadioShack no. 
270-1751. 

R1—Linear taper. 

RFC1—1 mH; Miller no. 4642 or equiv. Value is 
not critical. 

$1—Ceramic rotary switch, 1 section, 2 poles, 
2 to 6 positions; Centralab PA2002 or PA2003 
or equiv. 





Fig 59—The current probe just before final assembly. 
Note that all parts except the ferrite rod are mounted on 
a single half of the 3 x 4 x 5-inch Minibox (Bud 
CU-2105B or equiv.). Rubber grommets are fitted in 
holes at the ends of the slot to accept the rod during 
assembly of the enclosure. Leads in the RF section 
should be kept as short as possible, although those 
from the rod windings must necessarily be left 
somewhat long to facilitate final assembly. 


As shown in the photos, the circuit is constructed in a 
metal box. This enclosure shields the detector circuit from 
the electric field of the radio wave. A slot must be cut with 
a hacksaw across the back of the box, and a thin file may 
be used to smooth the cut. This slot is necessary to prevent 
the box from acting as a shorted turn. 


Using the Probe 


In measuring the current in a conductor, the ferrite 
rod should be kept at right angles to the conductor, and 
at a constant distance from it. In its upright or vertical 
position, this instrument is oriented for taking measure- 
ments in vertical conductors. It must be laid horizontal 
to measure current in horizontal conductors. 

Numerous uses for the instrument are suggested in 
an earlier paragraph. In addition, the probe is an ideal 
instrument for checking the current distribution in antenna 
elements. It is also useful for measuring RF ground cur- 
rents in radial systems. A buried radial may be located 
easily by sweeping the ground. Current division at junc- 
tions may be investigated. Hot spots usually indicate areas 
where additional radials would be effective. 

Stray currents in conductors not intended to be part 
of the antenna system may often be eliminated by bond- 
ing or by changing the physical lengths involved. Guy 
wires and other unwanted parasitic elements will often 
give a tilt to the plane of polarization and can make a 
marked difference in front-to-back ratios. When the fer- 
rite rod is oriented parallel to the electric field lines, there 
will be a sharp null reading that may be used to locate 
the plane of polarization quite accurately. When using 
the meter, remember that the magnetic field is at right 
angles to the electric field. 

You may also use the current probe as a relative sig- 
nal strength meter. When making measurements on a ver- 
tical antenna, locate the meter at least two wavelengths 
away, with the rod in a horizontal position. For horizon- 
tal antennas, hold the instrument at approximately the 
same height as the antenna, with the rod vertical. 


Antenna Measurements 


Of all the measurements made in Amateur Radio sys- 
tems, perhaps the most difficult and least understood are 
various measurements of antennas. For example, it is rela- 
tively easy to measure the frequency and CW power out- 
put of a transmitter, the response of a filter, or the gain of 
an amplifier. These are all what might be called bench 
measurements because, when performed properly, all the 
factors that influence the accuracy and success of the mea- 
surement are under control. In making antenna measure- 
ments, however, the “bench” is probably your backyard. 
In other words, the environment surrounding the antenna 
can affect the results of the measurement. 

Control of the environment is not at all as simple as 
it was for the bench measurement, because now the work 
area may be rather spacious. This section describes an- 
tenna measurement techniques that are closely allied to 
those used in an antenna measuring event or contest. With 
these procedures you can make measurements success- 
fully and with meaningful results. These techniques 
should provide a better understanding of the measure- 
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ment problems, resulting in a more accurate and less dif- 
ficult task. The information in this section was provided 
by Dick Turrin, W2IMU, and was originally published 
in November 1974 QST. 


SOME BASIC IDEAS 


An antenna is simply a transducer or coupler 
between a suitable feed line and the environment sur- 
rounding it. In addition to the efficient transfer of power 
from feed line to environment, an antenna at VHF or UHF 
is most frequently required to concentrate the radiated 
power into a particular region of the environment. 

To be consistent while comparing different antennas, 
you must standardize the environment surrounding the 
antenna. Ideally, you want to make measurements with the 
measured antenna so far removed from any objects caus- 
ing environmental effects that it is literally in outer space— 
a very impractical situation. The purpose of the 
measurement techniques is therefore to simulate, under 
practical conditions, a controlled environment. At VHF 
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and UHF, and with practical-size antennas, the environ- 
ment can be controlled so that successful and accurate 
measurements can be made in a reasonable amount of 
space. 

The electrical characteristics of an antenna that are 
most desirable to obtain by direct measurement are: (1) 
gain (relative to an isotropic source, which by definition 
has a gain of unity); (2) space-radiation pattern; (3) feed- 
point impedance (mismatch) and (4) polarization. 


Polarization 


In general the polarization can be assumed from the 
geometry of the radiating elements. That is to say, if the 
antenna consists of a number of linear elements (straight 
lengths of rod or wire that are resonant and connected to 
the feed point) the polarization of the electric field will 
be linear and polarized parallel to the elements. If the 
elements are not consistently parallel with each other, then 
the polarization cannot easily be assumed. The follow- 
ing techniques are directed to antennas having polariza- 
tion that is essentially linear (in one plane), although the 
method can be extended to include all forms of elliptic 
(or mixed) polarization. 


Feed-Point Mismatch 


The feed-point mismatch, although affected to some 
degree by the immediate environment of the antenna, does 
not affect the gain or radiation characteristics of an antenna. 
If the immediate environment of the antenna does not af- 
fect the feed-point impedance, then any mismatch intrin- 
sic to the antenna tuning reflects a portion of the incident 
power back to the source. In a receiving antenna this 
reflected power is reradiated back into the environment, 
and can be lost entirely. 

In a transmitting antenna, the reflected power trav- 
els back down the feed line to the transmitter, where it 
changes the load impedance presented to that transmit- 
ter. The amplifier output controls are customarily altered 
during the normal tuning procedure to obtain maximum 
power transfer to the antenna. You can still use a mis- 
matched antenna to its full gain potential, provided the 
mismatch is not so severe as to cause heating losses in 
the system, especially the feed line and matching devices. 
(See also the discussion of additional loss caused by SWR 
in Chapter 24.) 

Similarly, a mismatched receiving antenna may be 
matched into the receiver front end for maximum power 
transfer. In any case you should clearly keep in mind that 
the feed-point mismatch does not affect the radiation char- 
acteristics of an antenna. It can only affect the system 
efficiency when heating losses are considered. 

Why then do we include feed-point mismatch as part 
of the antenna characteristics? The reason is that for effi- 
cient system performance, most antennas are resonant 
transducers and present a reasonable match over a rela- 
tively narrow frequency range. It is therefore desirable 
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to design an antenna, whether it be a simple dipole or an 
array of Yagis, such that the final single feed-point im- 
pedance is essentially resistive and matched to the feed 
line. Furthermore, in order to make accurate, absolute gain 
measurements, it is vital that the antenna under test accept 
all the power from a matched-source generator, or that 
the reflected power caused by the mismatch be measured 
and a suitable error correction for heating losses be 
included in the gain calculations. Heating losses may be 
determined from information contained in Chapter 24. 
While on the subject of feed-point impedance, men- 
tion should be made of the use of baluns in antennas. A 
balun is simply a device that permits a lossless transition 
between a balanced system feed line or antenna and an 
unbalanced feed line or system. If the feed point of an 
antenna is symmetric, such as with a dipole, and it is 
desired to feed this antenna with an unbalanced feed line 
such as coax, you should provide a balun between the line 
and the feed point. Without the balun, current will be al- 
lowed to flow on the outside of the coax. The current on 
the outside of the feed line will cause radiation, and thus 
the feed line will become part of the antenna radiation 
system. In the case of beam antennas, where it is desired 
to concentrate the radiated energy is a specific direction, 
this extra radiation from the feed line will be detrimental, 
causing distortion of the expected antenna pattern. See 
Chapter 26 for additional details on this problem. 


ANTENNA TEST SITE SET-UP AND 
EVALUATION 


Since an antenna is a reciprocal device, measure- 
ments of gain and radiation patterns can be made with 
the test antenna used either as a transmitting or as a 
receiving antenna. In general and for practical reasons, 
the test antenna is used in the receiving mode, and the 
source or transmitting antenna is located at a specified 
fixed remote site and unattended. In other words the 
source antenna, energized by a suitable transmitter, is sim- 
ply required to illuminate or flood the receiving site in a 
controlled and constant manner. 

As mentioned earlier, antenna measurements ideally 
should be made under free-space conditions. A further 
restriction is that the illumination from the source antenna 
be a plane wave over the effective aperture (capture area) 
of the test antenna. A plane wave by definition is one in 
which the magnitude and phase of the fields are uniform, 
and in the test-antenna situation, uniform over the effec- 
tive area plane of the test antenna. Since it is the nature 
of all radiation to expand in a spherical manner at great 
distance from the source, it would seem to be most desir- 
able to locate the source antenna as far from the test site 
as possible. However, since for practical reasons the test 
site and source location will have to be near the earth and 
not in outer space, the environment must include the 
effects of the ground surface and other obstacles in the 
vicinity of both antennas. These effects almost always 


dictate that the test range (spacing between source and 
test antennas) be as short as possible consistent with main- 
taining a nearly error-free plane wave illuminating the 
test aperture. 

A nearly error-free plane wave can be specified as 
one in which the phase and amplitude, from center to edge 
of the illuminating field over the test aperture, do not 
deviate by more than about 30° and 1 decibel, respec- 
tively. These conditions will result in a gain-measurement 
error of no more than a few percent less than the true 
gain. Based on the 30° phase error alone, it can be shown 
that the minimum range distance is approximately 

2 
Sinin = 2 — (Eq 23) 
where D is the largest aperture dimension and A is the 
free-space wavelength in the same units as D. The phase 
error over the aperture D for this condition is '/1s wave- 
length. 

Since aperture size and gain are related by 


4nA, 
42 
where A, is the effective aperture area, the dimension D 


may be obtained for simple aperture configurations. For 
a square aperture 


Gain = 





(Eq 24) 


42 
D, =G— (Eq 25) 
4n 
that results in a minimum range distance for a square 
aperture of 


Sinin = a (Eq 26) 
min on q 
and for a circular aperture of 
2r 
sii = = (Eq 27) 


For apertures with a physical area that is not well 
defined or is much larger in one dimension that in other 
directions, such as a long thin array for maximum direc- 
tivity in one plane, it is advisable to use the maximum 
estimate of D from either the expected gain or physical 
aperture dimensions. 

Up to this point in the range development, only the 
conditions for minimum range length, S,j;,, have been 
established, as though the ground surface were not 
present. This minimum S is therefore a necessary condi- 
tion even under free-space environment. The presence of 
the ground further complicates the range selection, not 
in the determination of S but in the exact location of the 
source and test antennas above the earth. 

It is always advisable to select a range whose inter- 
vening terrain is essentially flat, clear of obstructions, and 
of uniform surface conditions, such as all grass or all pave- 
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Fig 60—On an antenna test range, energy reaching the 
receiving equipment may arrive after being reflected 
from the surface of the ground, as well as by the direct 
path. The two waves may tend to cancel each other, or 
may reinforce one another, depending on their phase 
relationship at the receiving point. 


ment. The extent of the range is determined by the illumi- 
nation of the source antenna, usually a Yagi, whose gain 
is no greater than the highest gain antenna to be measured. 
For gain measurements the range consists essentially of 
the region in the beam of the test antenna. For radiation- 
pattern measurements, the range is considerably larger and 
consists of all that area illuminated by the source antenna, 
especially around and behind the test site. Ideally you 
should choose a site where the test-antenna location is near 
the center of a large open area and the source antenna is 
located near the edge where most of the obstacles (trees, 
poles, fences, etc.) lie. 

The primary effect of the range surface is that some 
of the energy from the source antenna will be reflected 
into the test antenna, while other energy will arrive on a 
direct line-of-sight path. This is illustrated in Fig 60. The 
use of a flat, uniform ground surface assures that there 
will be essentially a mirror reflection, even though the 
reflected energy may be slightly weakened (absorbed) by 
the surface material (ground). In order to perform an 
analysis you should realize that horizontally polarized 
waves undergo a 180° phase reversal upon reflection from 
the earth. The resulting illumination amplitude at any 
point in the test aperture is the vector sum of the electric 
fields arriving from the two directions, the direct path 
and the reflected path. 

If a perfect mirror reflection is assumed from the 
ground (it is nearly that for practical ground conditions 
at VHF/UHF) and the source antenna is isotropic, radiat- 
ing equally in all directions, then a simple geometric 
analysis of the two path lengths will show that at various 
point in the vertical plane at the test-antenna site the waves 
will combine in different phase relationships. At some 
points the arriving waves will be in phase, and at other 
points they will be 180° out of phase. Since the field 
amplitudes are nearly equal, the resulting phase change 
caused by path length difference will produce an ampli- 
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Fig 61—The vertical profile, or plot of signal strength 
versus test-antenna height, for a fixed height of the 
signal source above ground and at a fixed distance. 
See text for definitions of symbols. 


tude variation in the vertical test site direction similar to 
a standing wave, as shown in Fig 61. 

The simplified formula relating the location of h2 
for maximum and minimum values of the two-path sum- 
mation in terms of h1 and S is 


h2=n un s 
4 hl 

with n=0, 2, 4,... for minimums and n= 1, 3,5,... for 

maximums, and S is much larger than either hl or h2. 

The significance of this simple ground reflection for- 
mula is that it permits you to determine the approximate 
location of the source antenna to achieve a nearly plane- 
wave amplitude distribution in the vertical direction over 
a particular test aperture size. It should be clear from 
examination of the height formula that as h1 is decreased, 
the vertical distribution pattern of signal at the test site, 
h2, expands. Also note that the signal level for h2 equal 
to zero is always zero on the ground regardless of the 
height of hl. 

The objective in using the height formula then is, 
given an effective antenna aperture to be illuminated from 
which a minimum S (range length) is determined and a 
suitable range site chosen, to find a value for hl (source 
antenna height). The required value is such that the first 
maximum of vertical distribution at the test site, h2, is at 
a practical distance above the ground, and at the same time 
the signal amplitude over the aperture in the vertical 
direction does not vary more than about | dB. This last 
condition is not sacred but is closely related to the par- 
ticular antenna under test. 

In practice these formulas are useful only to initial- 
ize the range setup. A final check of the vertical distribu- 
tion at the test site must be made by direct measurement. 
This measurement should be conducted with a small low- 
gain but unidirectional probe antenna such as a corner 


(Eq 28) 
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reflector or 2-element Yagi that you move along a verti- 
cal line over the intended aperture site. Care should be 
exercised to minimize the effects of local environment 
around the probe antenna and that the beam of the probe 
be directed at the source antenna at all times for maxi- 
mum signal. A simple dipole is undesirable as a probe 
antenna because it is susceptible to local environmental 
effects. 

The most practical way to instrument the vertical dis- 
tribution measurement is to construct some kind of verti- 
cal track, preferably of wood, with a sliding carriage or 
platform that may be used to support and move the probe 
antenna. It is assumed of course that a stable source trans- 
mitter and calibrated receiver or detector are available so 
variations of the order of '/2 dB can be clearly distin- 
guished. 

Once you conduct these initial range measurements 
successfully, the range is now ready to accommodate any 
aperture size less in vertical extent than the largest for 
which S,,;, and the vertical field distribution were selected. 
Place the test antenna with the center of its aperture at the 
height h2 where maximum signal was found. Tilt the test 
antenna tilted so that its main beam is pointed in the 
direction of the source antenna. The final tilt is found by 
observing the receiver output for maximum signal. This 
last process must be done empirically since the apparent 
location of the source is somewhere between the actual 
source and its image, below the ground. 

An example will illustrate the procedure. Assume 
that we wish to measure a 7-foot diameter parabolic 
reflector antenna at 1296 MHz (A = 0.75 foot). The mini- 
mum range distance, S,,i,, can be readily computed from 
the formula for a circular aperture. 


2 
aan 2D 2x ae =131 feet 
r 0.75 
Now a Suitable site is selected based on the qualitative 
discussion given before. 

Next determine the source height, hl. The proce- 
dure is to choose a height h1 such that the first minimum 
above ground (n = 2 in formula) is at least two or three 
times the aperture size, or about 20 feet. 





ie 2 2x we x 131 =2.5 feet 


4hl 4 20 


hl 





Place the source antenna at this height and probe the ver- 
tical distribution over the 7-foot aperture location, which 
will be about 10 feet off the ground. 





ne 2 1x ee x A =9.8 feet 
4hl 4 2.5 


Plot the measured profile of vertical signal level versus 
height. From this plot, empirically determine whether the 


7-foot aperture can be fitted in this profile such that the 
1-dB variation is not exceeded. If the variation exceeds 
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Fig 62—Sample plot of a measured vertical profile. 
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1 dB over the 7-foot aperture, the source antenna should 
be lowered and h2 raised. Small changes in h1 can quickly 
alter the distribution at the test site. Fig 62 illustrates the 
points of the previous discussion. 

The same set-up procedure applies for either hori- 
zontal or vertical linear polarization. However, it is 
advisable to check by direct measurement at the site for 
each polarization to be sure that the vertical distribution 
is satisfactory. Distribution probing in the horizontal plane 
is unnecessary as little or no variation in amplitude should 


be found, since the reflection geometry is constant. 
Because of this, antennas with apertures that are long and 
thin, such as a stacked collinear vertical, should be mea- 
sured with the long dimension parallel to the ground. 

A particularly difficult range problem occurs in mea- 
surements of antennas that have depth as well as cross- 
sectional aperture area. Long end-fire antennas such as 
long Yagis, rhombics, V-beams, or arrays of these anten- 
nas, radiate as volumetric arrays and it is therefore even 
more essential that the illuminating field from the source 
antenna be reasonably uniform in depth as well as plane 
wave in cross section. For measuring these types of an- 
tennas it is advisable to make several vertical profile mea- 
surements that cover the depth of the array. A qualitative 
check on the integrity of the illumination for long end- 
fire antennas can be made by moving the array or antenna 
axially (forward and backward) and noting the change in 
received signal level. If the signal level varies less than 1 
or 2 dB for an axial movement of several wavelengths then 
the field can be considered satisfactory for most demands 
on accuracy. Large variations indicate that the illuminat- 
ing field is badly distorted over the array depth and subse- 
quent measurements are questionable. It is interesting to 
note in connection with gain measurements that any illu- 
minating field distortion will always result in measure- 
ments that are lower than true values. 


ABSOLUTE GAIN MEASUREMENT 


Having established a suitable range, the measure- 





— "ig" 172 
r / wf a 





Antenna and Transmission-Line Measurements 


Fig 63—Standard-gain 
antenna. When 
accurately constructed 
for the desired 
frequency, this antenna 
will exhibit a gain of 

7.7 dB over a dipole 
radiator, plus or minus 
0.25 dB. In this model, 
constructed for 432 MHz, 
the elements are °/s-inch 
diameter tubing. The 
phasing and support 
lines are of °/16-inch 
diameter tubing or rod. 
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ment of gain relative to an isotropic (point source) radia- 
tor is almost always accomplished by direct comparison 
with a calibrated standard-gain antenna. That is, the sig- 
nal level with the test antenna in its optimum location is 
noted. Then you remove the test antenna and place the 
standard-gain antenna with its aperture at the center of 
location where the test antenna was located. Measure the 
difference in signal level between the standard and the 
test antennas and add to or subtract from the gain of the 
standard-gain antenna to obtain the absolute gain of the 
test antenna. Here, absolute means with respect to a point 
source with a gain of unity, by definition. The reason for 
using this reference rather than a dipole, for instance, is 
that it is more useful and convenient for system engineer- 
ing. We assume that both standard and test antennas have 
been carefully matched to the appropriate impedance and 
an accurately calibrated and matched detecting device is 
being used. 

A standard-gain antenna may be any type of unidi- 
rectional, preferably planar-aperture, antenna, which has 
been calibrated either by direct measurement or in spe- 
cial cases by accurate construction according to computed 
dimensions. A standard-gain antenna has been suggested 
by Richard F. H. Yang (see Bibliography). Shown in 
Fig 63, it consists of two in-phase dipoles '/2 A apart and 
backed up with a ground plane 1 A square. 

In Yang’s original design, the stub at the center is a 
balun formed by cutting two longitudinal slots of '/s-inch 
width, diametrically opposite, on a '/4-A section of 7/s- 
inch rigid 50-Q coax. An alternative method of feeding 
is to feed RG-8 or RG-213 coax through slotted 7/s-inch 
copper tubing. Be sure to leave the outer jacket on the 
coax to insulate it from the copper-tubing balun section. 
When constructed accurately to scale for the frequency 
of interest, this type of standard will have an absolute 
gain of 9.85 dBi (7.7 dBd gain over a dipole in free space) 
with an accuracy of + 0.25 dB. 


RADIATION-PATTERN MEASUREMENTS 


Of all antenna measurements, the radiation pattern 
is the most demanding in measurement and the most dif- 
ficult to interpret. Any antenna radiates to some degree 
in all directions into the space surrounding it. Therefore, 
the radiation pattern of an antenna is a three-dimensional 
representation of the magnitude, phase and polarization. 
In general, and in practical cases for Amateur Radio com- 
munications, the polarization is well defined and only the 
magnitude of radiation is important. 

Furthermore, in many of these cases the radiation in 
one particular plane is of primary interest, usually the 
plane corresponding to that of the Earth’s surface, regard- 
less of polarization. Because of the nature of the range 
setup, measurement of radiation pattern can be success- 
fully made only in a plane nearly parallel to the earth’s 
surface. With beam antennas it is advisable and usually 
sufficient to take two radiation pattern measurements, one 
in the polarization plane and one at right angles to the 
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plane of polarization. These radiation patterns are referred 
to in antenna literature as the principal E-plane and H- 
plane patterns, respectively. E-plane means parallel to the 
electric field that is the polarization plane and H-plane 
means parallel to the magnetic field in free space. The 
electric field and magnetic field are always perpendicu- 
lar to each other in a plane wave as it propagates through 
space. 

When the antenna is located over real earth, the terms 
Azimuth and elevation planes are commonly used, since 
the frame of reference is the Earth itself, rather than the 
electric and magnetic fields in free space. For a horizon- 
tally polarized antenna such as a Yagi mounted with its 
elements parallel to the ground, the azimuth plane is the 
E-plane and the elevation plane is the H-plane. 

The technique to obtain these patterns is simple in 
procedure but requires more equipment and patience than 
does making a gain measurement. First, a suitable mount 
is required that can be rotated in the azimuth plane (hori- 
zontal) with some degree of accuracy in terms of azimuth- 
angle positioning. Second, a signal-level indicator 
calibrated over at least a 20-dB dynamic range with a 
readout resolution of at least 2 dB is required. A dynamic 
range of up to about 40 dB would be desirable but does 
not add greatly to the measurement significance. 

With this much equipment, the procedure is to locate 
first the area of maximum radiation from the beam antenna 
by carefully adjusting the azimuth and elevation position- 
ing. These settings are then arbitrarily assigned an azimuth 
angle of zero degrees and a signal level of zero decibels. 
Next, without changing the elevation setting (tilt of the 
rotating axis), the antenna is carefully rotated in azimuth 
in small steps that permit signal-level readout of 2 or 3 dB 
per step. These points of signal level corresponding with 
an azimuth angle are recorded and plotted on polar coor- 
dinate paper. A sample of the results is shown on ARRL 
coordinate paper in Fig 64. 

On the sample radiation pattern the measured points 
are marked with an X and a continuous line is drawn in, 
since the pattern is a continuous curve. Radiation pat- 
terns should preferably be plotted on a logarithmic radial 
scale, rather than a voltage or power scale. The reason is 
that the log scale approximates the response of the ear to 
signals in the audio range. Also many receivers have AGC 
systems that are somewhat logarithmic in response; there- 
fore the log scale is more representative of actual system 
operation. 

Having completed a set of radiation-pattern measure- 
ments, one is prompted to ask, “Of what use are they?” 
The primary answer is as a diagnostic tool to determine 
if the antenna is functioning as it was intended to. A sec- 
ond answer is to know how the antenna will discriminate 
against interfering signals from various directions. 

Consider now the diagnostic use of the radiation pat- 
terns. If the radiation beam is well defined, then there is 
an approximate formula relating the antenna gain to the 
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For more information see QST, July 1980, p.26 Copyright 1980, ARRL Inc. 


Fig 64—Sample plot of a measured radiation pattern, 
using techniques described in the text. The plot is on 
coordinate paper available from ARRL HQ. The form 
provides space for recording significant data and 
remarks. 


measured half-power beamwidth of the E- and H-plane 
radiation patterns. The half-power beamwidth is indicated 
on the polar plot where the radiation level falls to 3 dB 
below the main beam 0-dB reference on either side. The 
formula is 


41,253 
On bn 


where 9, and @y are the half-power beamwidths in 
degrees of the E- and H-plane patterns, respectively. This 
equation assumes a lossless antenna system, where any 
side-lobes are well suppressed. 

To illustrate the use of this equation, assume that 
we have a Yagi antenna with a boom length of two wave- 
lengths. From known relations (described in Chapter 11) 
the expected free-space gain of a Yagi with a boom length 
of 2 A is about 13 dBi; its gain, G, equals 20. Using the 
above relationship, the product of 0, x $y ~ 2062 square 





Gain (dBi) = (Eq 29) 
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degrees. Since a Yagi produces a nearly symmetric beam 
shape in cross section, 9, = dy = 45°. Now if the mea- 
sured values of 0, and (4 are much larger than 45°, then 
the gain will be much lower than the expected 13 dBi. 

As another example, suppose that the same antenna 
(a 2-wavelength-boom Yagi) gives a measured gain of 
9 dBi but the radiation pattern half power beamwidths 
are approximately 45°. This situation indicates that 
although the radiation patterns seem to be correct, the 
low gain shows inefficiency somewhere in the antenna, 
such as lossy materials or poor connections. 

Large broadside collinear antennas can be checked 
for excessive phasing-line losses by comparing the gain 
computed from the radiation patterns with the direct- 
measured gain. It seems paradoxical, but it is indeed pos- 
sible to build a large array with a very narrow beamwidth 
indicating high gain, but actually having very low gain 
because of losses in the feed distribution system. 

In general, and for most VHF/UHF Amateur Radio 
communications, gain is the primary attribute of an 
antenna. However, radiation in other directions than the 
main beam, called sidelobe radiation, should be examined 
by measurement of radiation patterns for effects such as 
nonsymmetry on either side of the main beam or excessive 
magnitude of sidelobes. (Any sidelobe that is less than 
10 dB below the main beam reference level of 0 dB should 
be considered excessive.) These effects are usually attrib- 
utable to incorrect phasing of the radiating elements or 
radiation from other parts of the antenna that was not 
intended, such as the support structure or feed line. 

The interpretation of radiation patterns is intimately 
related to the particular type of antenna under measure- 
ment. Reference data should be consulted for the antenna 
type of interest, to verify that the measured results are in 
agreement with expected results. 

To summarize the use of pattern measurements, if a 
beam antenna is first checked for gain (the easier mea- 
surement to make) and it is as expected, then pattern mea- 
surements may be academic. However, if the gain is lower 
than expected it is advisable to make pattern measurements 
to help determine the possible causes for low gain. 

Regarding radiation pattern measurements, remem- 
ber that the results measured under proper range facilities 
will not necessarily be the same as observed for the same 
antenna at a home-station installation. The reasons may 
be obvious now in view of the preceding information on 
the range setup, ground reflections, and the vertical-field 
distribution profiles. For long paths over rough terrain 
where many large obstacles may exist, the effects of ground 
reflection tend to become diffused, although they still can 
cause unexpected results. For these reasons it is usually 
unjust to compare VHF/UHF antennas over long paths. 
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Vector Network Analyzers 


The process of building and properly tuning a phased 
array often involves making a number of different 
measurements to achieve a desired level of performance, as 
was pointed out in Chapter 8, Multielement Arrays. This 
section was written by Rudy Severns, N6LF. 

After erecting an array we would like to measure the 
resonant frequency of each element, the self-impedances of 
each element and the mutual impedances between the 
elements. We will also want to know these impedances over 
the whole operating band to help design a feed network. 
When building the feed network, we may need to check the 
values and Qs of the network elements and we will want to 
determine the electrical lengths of transmission lines. 

Final tuning of the array requires that the relative 
current amplitudes and phases in each element be measured 
and adjusted, if necessary. We also will want to determine 
the SWR at the feed point. Doing all of this even moderately 
well can require quite a bit of equipment, some of which is 
heavy and requires ac line power. This can be a nuisance in 
the field, especially if the weather is not cooperating. 

Professionals make these measurements by employing 
a vector network analyzer (VNA) or the somewhat simpler, 
reflection-transmission test set. These instruments can make 
all the necessary measurements quickly and with great 
accuracy. However, in the past VNAs have been very 
expensive, out of reach for general amateur use. But thanks 
to modern digital technology VNAs that work with a laptop 
computer are now becoming available at prices an amateur 
might consider. It’s even possible to homebrew a VNA! with 
performance that approaches a professional instrument. 
Considering the cost of even a simple array, investment in a 
VNA makes sense. 

VNAs are based on reflection and transmission 
measurements. To use a VNA it is very helpful to have a basic 
understanding of Scattering Parameters (S-parameters). 
Microwave engineers have long used these because they have 
to work with circuits that are large in terms of wavelength, 
where measurements of forward and reflected power are easy. 

HF arrays are also large in terms of wavelength. The 
techniques for measuring forward and reverse powers work 
well even at 160 meters. For example, even though the array 
elements may be 100 feet apart, you can place your 
instruments in a central location and run cables out to each 
element. The effect of the cables from the VNA to the 
elements can be absorbed in the initial calibration procedure 
so the measurements read out at the VNA are effectively 
those at each element. In other words, the measurement 
reference points can be placed electrically at the base of the 
element, regardless of the physical location of the 
instrumentation and the interconnecting cables. 

In acompleted array with its feed network, the network 
can be excited by the VNA at the feed point and the relative 
current amplitudes and phases at each element can be 
measured over a frequency band. Then, adjustments can be 
made as needed. When the final values for the current 
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amplitudes and phases are known, these values can be put 
back into an array model in a program like EZNEC to 
determine the pattern of the array across the whole frequency 
band. 


S-PARAMETERS 


In Chapter 24, Transmission Lines, the reflection 
coefficient rho (p) is defined as the ratio of the reflected 
voltage (V,) to the incident voltage (Vj): 


(Eq 30) 


If we know the load impedance (Z,) and the 
transmission line impedance (Z,) we can calculate p from: 
_ 2, -Zo 

Zz, + Zo 

Keep in mind that p is a complex number (a vector), 
which we represent by either amplitude and phase (|Z|, 6) 
or by real and imaginary parts (R +j X). The two repre- 
sentations are equivalent. From p we can then calculate 
SWR. That’s very handy, but here we want to do something 
different. If we have an instrument that measures p and we 
know Zp then we can determine Z, from: 


l+p 
Zi, =Zo (+2) 
—P 
Measuring p is one of the things that VNAs do very 
well. With a VNA, the measurement can be made at one 
end of a long transmission line with the load at the other 


end. The effect of the line can be calibrated out, as mentioned 
above, so that we are in effect measuring right at the load. 


p (Eq 31) 


(Eq 32) 
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Fig 65—A 2-element array, where h is the element height 
and S is the spacing between the elements. 


This approach can be used directly to measure the 
impedance and resonant frequency of a single element. By 
open and short circuiting elements in an array we can 
determine the mutual as well as self impedances for, and 
between, all the elements. We can also use this approach to 
measure component values, inductor Qs, etc. 

This is an example of a one-port measurement; that is, 
a load at the end of a transmission line. However, a multi- 
element array actually behaves as a multi-port network, so 
to get the most out of a VNA, you need to generalize the 
above procedure. This is where S-parameters come into play. 
To illustrate the principles we will use a simple 2-element 
array like that shown in Fig 65. 

To design a feed network to drive this array we need to 
know the input impedance of each element (Z, and Z,) as a 
function of the drive currents (I, and I,). The input 
impedances will depend on the self impedance of each 
element, the coupling between them (the mutual impedance) 
and the drive currents in each element. To manage this 
problem we can represent a 2-element array as a two-port 
network, as shown in Fig 66. And we can relate the port 
voltages, currents and impedances with Eq 33: 


V, = Zh + Zy2Iy 
Vy = Zp], + Zy0I4 


Normally we know I, and I, from the design of the 
array, but we need to determine the resulting element 
impedances. That’s the challenge. Fortunately, an array is a 
linear network, so Z)7 = Z5,;, which means we need only 
determine three variables: the self impedances Z,, and Z5 
and the mutual impedance, Z5. 

Once we know Z1;, Zj7, Z29 and are given I, and Ip, 
we can determine the feed-point impedances at each element 
from: 


(Eq 33) 


(Eq 34) 


This is the conventional approach. However, there are 
some problems here. We have to be able to accurately 
measure either voltages and currents or impedances in 
multiple elements that may be separated by large fractions 
of a wavelength. In addition, accurate measurements of 
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Fig 66—Two-port representation of currents and voltages 
in the 2-element array in Fig 65. 
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Fig 67—Test setup to measure a 2-element array using a 
VNA. 


current, voltage and impedance become increasingly more 
difficult as we go up in frequency. 

It turns out that we can get the information more easily 
by measuring incident and reflected voltages at the ports 
and from those measurements determine the feed-point 
impedances. A VNA is an instrument for measuring these 
voltages. It turns out to be easier to measure the ratios of 
two voltages rather than their absolute values. 

The measurement setup using a VNA for a 2-element 
array is shown in Fig 67. VNAs usually have at least two 
RF connections: the transmit port (T) and the receive port 
(R). Professional units may have more RF connections. The 
T output provides an signal from a 50-© source and the R 
port is a detector with a 50-Q input impedance. Basically 
we have a transmitter and a receiver. The transmit port uses 
a directional coupler to provide measurements of the forward 
and reflected signals at that output. The receive port measures 
the signal transmitted through the network. Transmission 
lines usually have Z) = 50 Q and may be of any length 
required by the size of the array. 
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Using incident and reflected voltages, the two-port 
network representation is now changed, as shown in 
Fig 68, where: 

V4; = incident voltage at port | 

V1, = reflected voltage at port | 

V>; = incident voltage at port 2 

V>, = reflected voltage at port 2 

In a manner analogous to Eq 33, we can write an 
expression in terms of the incident and reflected voltages: 


by =S) 1a +Sj2a9 








Eq 35 
by =Sp1a1 +S97a9 ed) 
where: 

V, V, 
ay bp 
VZo VZo 
mea — Vor (Eq 36) 
2 





We see that the a, and b, are simply the incident and 
reflected voltages at the two ports divided by WZ. . Because 
this is a linear network, $5; = Sj. 

What are the S;; quantities? These are called the S- 
parameters, which are defined by: 
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Spo = by = Mie Eq 37 
ag a,=0 Voi V,,=0 ( q 3 ) 
by Vo 

Soo =— Sa 
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Note that the S,, parameters are all ratios of reflected 
and incident voltages, and they are usually complex numbers. 
The condition that a, = 0 = V >; is the same as saying that port 
2 is terminated in a load equal to Zp and the network is excited 
at port 1. This means there is no reflection from the load on 
port 2, which makes V; = 0. Similarly, if we terminate port | 
with Zp and excite port 2, then V,; =0 = aj. 
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Fig 68—Two-port network with incident and reflected waves. 
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If we compare Eq 30 to the first line of Eq 37 we see 
that S,;,; = Pp, the reflection coefficient at port 1. We can 
now restate Eq 32 in terms of Sj: 


(Eq 38) 


where Z is the impedance looking into port | with port 2 
terminated in Zp. In the case where port 2 does not ex- 
ist—that is, you are measuring a single element (for ex- 
ample, measuring element 1 with element 2 
open-circuited) or a component, then Z is simply the self 
impedance (Z,, in Eq 33). Since S,, is a standard mea- 
surement for VNAs you can calculate Z using Eq 38. In 
many cases the VNA software will do this calculation for 
you automatically. You can also measure element 2 with 
element | open and determine Z,,. 

S»; represents the ratio of the signal coming out of 
port 2 (V,,) to the input signal on port 1 (V,;) and is another 
standard VNA measurement. S5, is a measurement of the 
signal transmission between the ports through the network, 
or in the case of an array, the signal transmission due to the 
coupling between the elements. Again, port 2 is terminated 
in Zo. 

A full-feature VNA will measure all the S;; parameters 
at once, but most of the lower-cost units of interest to 
amateurs are what we call reflection-transmission test sets. 
What this means is that they only measure S,, and S5;. To 
obtain S55 and S;. we have to interchange the test cables at 
the array elements (see Fig 67) and run the measurements 
again. Normally the software will accommodate this as a 
second entry and we end up with the full set of S;; parameters. 

If we do run a full set of Sj, parameters then we can 
transform these to Z;; (Eq 33) using the following 
expressions, assuming that S5, = Sj»: 








Zi Z (14811) (1-Sop )+Syo” 

(1-$,,)(1-Syy )- S49” 
Zp = (1-S,;) (14855) +S)” 

(1=S,1) (I= S99 )-S)2 (Eq 39) 
Z\2 = (2512) 

(1-S),) (1-S99)-Syp 


The example to this point has been for a 2-element 
array. The S-parameters can be determined for an array 
with any number of elements. In an n-port S-parameter 
measurement, all ports are terminated in Zp at the same time. 
Measurements are made between one set of ports at a time 
and repeated until all pairs of ports are measured. 


ARRAY MEASUREMENT EXAMPLE 
A good way to illustrate the use of a VNA for array 
measurements is to work through an example with a real 
array. Fig 69 is a picture of a 2-element 20-meter phased 


array built by Mark Perrin, N7MQ. 

Each element is A/4 (self resonant at 14.150 MHz) and 
spaced 4/4 (17 feet 5 inches). In the ideal case, both elements 
would have the same current amplitude with a 90° phase 
difference. This gives the cardioid pattern shown in Chapter 8, 
Multielement Arrays. There are many schemes for correctly 
feeding such an array. The one used in this example uses two 
different 75-Q transmission lines (one 1/4 and the other A/2, 
electrically), as described by Roy Lewallen, W7EL.?3 

The first task is to resonate the elements individually. 
With the VNA set to measure S,, phase, we will get a graph 
like that shown in Fig 70. 

At the 4/4 resonant frequency (f,) we will see a sharp 
phase transition as we go from —180° to +180°. This is 
typical of any series resonant circuit. The length of each 


Fig 69— 
2-element 
20-meter 
phased array 
(Photo 
courtesy 
N7MQ). 
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Fig 70—S,, phase plot for an individual element. 


Antenna and Transmission-Line Measurements 


element is adjusted until the desired f, is achieved. This is a 
very sensitive measurement. You can see the shift in f, due 
to the wind blowing, the length of the element changing as 
it heats up in the sun or any interactions between the feed 
line and the antenna as you move the feed line around. In 
fact this is very good point in the process to make sure 
everything is mechanically stable and free of unexpected 
couplings. Usually you will find it necessary place choke 
baluns on each element to reduce stray coupling. 

The next step is to determine the self (Z,,; and Z,,) and 
mutual (Z}>) impedances from which the actual driving point 
impedances present when the array is excited can be 
determined. See Chapter 8, Multielement Arrays. There are 
two ways to go. 

First, we can simply use the VNA as an impedance 
bridge—ie, make two S,; measurements at one element, first 
with the other element open (Z,, or Z5>) and then with it 
shorted (Z, or Z,). We can convert the S;; measurements to 
impedances using Eq 38. The value for Z)5 can be obtained 
from Eq 40: 


Zy2 = JZ 1 (Zi -Z1) 
Z19 = + YZ (Zo. -Z2) 


The second approach is to do a full two-port S- 
parameter measurement (S,;, S3;, S;2 and S55) and derive 
the impedances using Eq 38. Both approaches will work 
but the second approach has the advantage that the + 
ambiguity in Eq 40 is eliminated. 

For this example, the impedance values from the 
measurements at 14.150 MHz, turn out to be: 


(Eq 40) 


Z1, =51.4+4/ 0.35 
Zy9 =50.3+ j 0.299 
Z7 = 15.06 — j 19.26 


(Eq 41) 


With these values we can now determine the feed-point 
impedances from: 


(Eq 42) 


Note that —j represents the 90° phase shift between the 
currents. Substituting the values from Eq 41 into Eq 42: 


Z,'=32.09- j 14.7 
Zy'=69.6+ j 15.32 

With these impedances in hand we can now design the 
feed network. In this particular example however, we have 
decided to use the A/4 and A/2 cables as described by 


Lewallen?,3 and accept the results. So we now proceed to 
cut and trim the two cables to length. 


(Eq 43) 
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Fig 71—Current phase and amplitude ratio test setup. 


Again, there are two ways to go. First we can determine 
the frequency at which each cable is 1/4 long. At this point 
the input impedance of the cable will be equivalent to a 
series-resonant circuit and we can simply measure the phase 
of S,, as we did earlier for f, and get a plot like that shown 
in Fig 70. In this example the A/4 resonant frequencies of 
the two cables are 7.075 MHz and 14.150 MHz. 

The second approach would be to measure S,, for each 
cable at 14.150 MHz. The phase shift in S,, tells you how 
long the cable is, in degrees, at a given frequency. Because 
there is a small variation in cable characteristics with 
frequency (dispersion) this approach is slightly more 
accurate since it is done at the desired operating frequency. 
But this is not very large effect at HF. 

This brings us down to the final measurements, which 
are to check that the relative current amplitudes and phases 
between the two elements are correct. We can then determine 
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Fig 72—Measured element current ratio over the 20-meter 
band. 
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Fig 73—Measured relative current phase shift over the 
20-meter band. 


the feed-point SWR. The phase and amplitude ratios are 
made using the S, capability of the VNA and the test setup 
shown in Fig 71. 

The VNA transmit port is connected to the normal feed 
point. A current sensor (see Chapter 8, Multielement Arrays, 
for a discussion of current sensors) is inserted at the base of 
element 1 and the output of the sensor is returned to the 
detector or receive port of the VNA. A calibration run is 
then made to normalize this path. That makes it the reference. 

Next, the current sensor is shifted to element 2. The 
amplitude and phase plots for S;4 obtained at this point will 
be the desired relative phase shift and amplitude ratio 
between the currents in the array when driven at the normal 
feed point. Figs 72 and 73 show the behavior of the example 
array over the 20-meter band. Note that the amplitude ratio 
has been converted from dB. We can now use these values 
in a EZNEC model of the array to determine the actual 
radiation pattern. 

Obviously the W7EL feed scheme is not perfect, but it 
has a definite advantage of simplicity. If better performance 
is desired we can use the values of Z,’ and Z,’ determined 
earlier to design and fabricate a new feed network and then 
proceed to evaluate its performance in the same way. 

The final measurement is to connect the transmit port 
of the VNA to the feed point and measure S,,. From this we 
can calculate the SWR: 





(Eq 44) 


In this example, the return loss, |S,,|, is about -19 dB 
over the entire 20-meter band. This corresponds to SWR= 
1.25:1. 


Notes 

1Paul Kiciak, N2PK, http://n2pk.com. 

2Roy Lewallen, W7EL, QST, Aug 
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3Orr and Cowan, Vertical Antennas, Radio Amateur Call Book, 
1986, pp 148-150. 
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Chapter 28 


Smith Chart 
Calculations 


The Smith Chart is a sophisticated graphic tool for 
solving transmission line problems. One of the simpler 
applications is to determine the feed-point impedance of 
an antenna, based on an impedance measurement at the 
input of a random length of transmission line. By using 
the Smith Chart, the impedance measurement can be made 
with the antenna in place atop a tower or mast, and there 
is no need to cut the line to an exact multiple of half wave- 
lengths. The Smith Chart may be used for other purposes, 
too, such as the design of impedance-matching networks. 
These matching networks can take on any of several 
forms, such as L and pi networks, a stub matching sys- 
tem, a series-section match, and more. With a knowledge 
of the Smith Chart, the amateur can eliminate much “cut 
and try” work. 

Named after its inventor, Phillip H. Smith, the Smith 
Chart was originally described in Electronics for January 
1939. Smith Charts may be obtained at most university 
book stores. Smith Charts are also available from ARRL 
HQ. (See the caption for Fig 3.) 

It is stated in Chapter 24 that the input impedance, or 
the impedance seen when “looking into” a length of line, 
is dependent upon the SWR, the length of the line, and 
the Zo of the line. The SWR, in turn, is dependent upon 
the load which terminates the line. There are complex 
mathematical relationships which may be used to calcu- 
late the various values of impedances, voltages, currents, 
and SWR values that exist in the operation of a particular 
transmission line. These equations can be solved with a 
personal computer and suitable software, or the para- 
meters may be determined with the Smith Chart. Even if 
a computer is used, a fundamental knowledge of the Smith 
Chart will promote a better understanding of the prob- 
lem being solved. And such an understanding might lead 
to a quicker or simpler solution than otherwise. If the 
terminating impedance is known, it is a simple matter to 
determine the input impedance of the line for any length 
by means of the chart. Conversely, as indicated above, 
with a given line length and a known (or measured) input 
impedance, the load impedance may be determined by 
means of the chart—a convenient method of remotely 


determining an antenna impedance, for example. 

Although its appearance may at first seem somewhat 
formidable, the Smith Chart is really nothing more than 
a specialized type of graph. Consider it as having curved, 
rather than rectangular, coordinate lines. The coordinate 
system consists simply of two families of circles—the 
resistance family, and the reactance family. The resistance 
circles, Fig 1, are centered on the resistance axis (the only 
straight line on the chart), and are tangent to the outer 
circle at the right of the chart. Each circle is assigned a 
value of resistance, which is indicated at the point where 
the circle crosses the resistance axis. All points along any 
one circle have the same resistance value. 

The values assigned to these circles vary from zero at 
the left of the chart to infinity at the right, and actually rep- 
resent a ratio with respect to the impedance value assigned 
to the center point of the chart, indicated 1.0. This center 
point is called prime center. If prime center is assigned a 
value of 100 Q, then 200 Q resistance is represented by the 
2.0 circle, 50 Q by the 0.5 circle, 20 Q by the 0.2 circle, and 
so on. If, instead, a value of 50 is assigned to prime center, 








Resistance 
Circles 


Resistance 
Axis 


Fig 1—Resistance circles of the Smith Chart coordinate 
system. 
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the 2.0 circle now represents 100 Q, the 0.5 circle 25 Q, and 
the 0.2 circle 10 Q. In each case, it may be seen that the 
value on the chart is determined by dividing the actual re- 
sistance by the number assigned to prime center. This pro- 
cess is called normalizing. 

Conversely, values from the chart are converted back 
to actual resistance values by multiplying the chart value 
times the value assigned to prime center. This feature per- 
mits the use of the Smith Chart for any impedance val- 
ues, and therefore with any type of uniform transmission 
line, whatever its impedance may be. As mentioned above, 
specialized versions of the Smith Chart may be obtained 
with a value of 50 Q at prime center. These are intended 
for use with 50-Q lines. 

Now consider the reactance circles, Fig 2, which 
appear as curved lines on the chart because only segments 
of the complete circles are drawn. These circles are tan- 
gent to the resistance axis, which itself is a member of 
the reactance family (with a radius of infinity). The cen- 
ters are displaced to the top or bottom on a line tangent 
to the right of the chart. The large outer circle bounding 
the coordinate portion of the chart is the reactance axis. 

Each reactance circle segment is assigned a value of 
reactance, indicated near the point where the circle touches 
the reactance axis. All points along any one segment have 
the same reactance value. As with the resistance circles, the 
values assigned to each reactance circle are normalized with 
respect to the value assigned to prime center. Values to the 
top of the resistance axis are positive (inductive), and those 
to the 
bottom of the resistance axis are negative (capacitive). 

When the resistance family and the reactance fam- 
ily of circles are combined, the coordinate system of the 
Smith Chart results, as shown in Fig 3. Complex imped- 
ances (R + jX) can be plotted on this coordinate system. 





Reactance 
Axis 


Fig 2—Reactance circles (segments) of the Smith Chart 
coordinate system. 
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IMPEDANCE PLOTTING 


Suppose we have an impedance consisting of 50 Q 
resistance and 100 Q inductive reactance (Z = 50+ 100). 
If we assign a value of 100 Q to prime center, we nor- 
malize the above impedance by dividing each component 
of the impedance by 100. The normalized impedance is 
then 50/100 + j (100/100) = 0.5 + 7 1.0. This impedance 
is plotted on the Smith Chart at the intersection of the 0.5 
resistance circle and the +1.0 reactance circle, as indi- 
cated in Fig 3. Calculations may now be made from this 
plotted value. 

Now say that instead of assigning 100 © to prime 
center, we assign a value of 50 Q. With this assignment, 
the 50 +7 100 impedance is plotted at the intersection of 
the 50/50 = 1.0 resistance circle, and the 100/50 = 2.0 posi- 
tive reactance circle. This value, 1 + 7 2, is also indicated in 
Fig 3. But now we have two points plotted in Fig 3 to rep- 
resent the same impedance value, 50 + j 100 Q. How can 
this be? 

These examples show that the same impedance may 
be plotted at different points on the chart, depending upon 
the value assigned to prime center. But two plotted points 
cannot represent the same impedance at the same time! It 
is customary when solving transmission-line problems 
to assign to prime center a value equal to the characteris- 
tic impedance, or Zo, of the line being used. This value 
should always be recorded at the start of calculations, to 
avoid possible confusion later. (In using the specialized 
charts with the value of 50 at prime center, it is, of course, 
not necessary to normalize impedances when working 
with 50-Q line. The resistance and reactance values may 
be read directly from the chart coordinate system.) 

Prime center is a point of special significance. As 








0+j0~ (Short 
Circuit) 
Open 


Fig 3—The complete coordinate system of the Smith 
Chart. For simplicity, only a few divisions are shown 
for the resistance and reactance values. Various types 
of Smith Chart forms are available from ARRL HQ. At 
the time of this writing, five 8'/2 x 11 inch Smith Chart 
forms are available for $2. 
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just mentioned, is is customary when solving problems 
to assign the Zy value of the line to this point on the 
chart—50 Q for a 50-Q line, for example. What this 
means is that the center point of the chart now represents 
50 +j 0 ohms—a pure resistance equal to the characteris- 
tic impedance of the line. If this were a load on the line, 
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the length of the line involved. 

This brings into use the wavelength scales, which 
appear in Fig 5 near the perimeter of the Smith Chart. 
These scales are calibrated in terms of portions of an elec- 
trical wavelength along a transmission line. Both scales 
start from 0 at the left of the chart. One scale, running 


we recognize from transmission-line theory that it repre- 
sents a perfect match, with no reflected power and with a 
1.0 to 1 SWR. Thus, prime center also represents the 1.0 
SWR circle (with a radius of zero). SWR circles are also 
discussed in a later section. 


Short and Open Circuits 


On the subject of plotting impedances, two special 
cases deserve consideration. These are short circuits and 
open circuits. A true short circuit has zero resistance and 
zero reactance, or 0 + j 0). This impedance is plotted at 
the left of the chart, at the intersection of the resistance 
and the reactance axes. By contrast, an open circuit has 
infinite resistance, and therefore is plotted at the right of 
the chart, at the intersection of the resistance and reac- 
tance axes. These two special cases are sometimes used 
in matching stubs, described later. 





Standing-Wave-Ratio Circles 


Members of a third family of circles, which 
are not printed on the chart but which are added 
during the process of solving problems, are 

© standing-wave-ratio or SWR circles. See Fig 4. 
This family is centered on prime center, and ap- 
pears as concentric circles inside the reactance 
axis. During calculations, one or more of these 
circles may be added with a drawing compass. 
Each circle represents a value of SWR, with 
every point on a given circle representing the 
same SWR. The SWR value for a given circle 
may be determined directly from the chart coor- 
dinate system, by reading the resistance value 
where the SWR circle crosses the resistance axis 
to the right of prime center. (The reading where 
the circle crosses the resistance axis to the left 
of prime center indicates the inverse ratio.) 

Consider the situation where a load mis- 
match in a length of line causes a 3-to-1 SWR 
ratio to exist. If we temporarily disregard line 
losses, we may state that the SWR remains con- 
stant throughout the entire length of this line. 
This is represented on the Smith Chart by draw- lian eae eo [ae Beer e 
ing a 3:1 constant SWR circle (a circle with a Se ‘Spe 
radius of 3 on the resistance axis), as in Fig 5. eit elt ee g 
The design of the chart is such that any imped- 
ance encountered anywhere along the length of 
this mismatched line will fall on the SWR circle. 
The impedances may be read from the coordi- 
nate system merely by the progressing around 
the SWR circle by an amount corresponding to 
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Fig 5—Example discussed in text. 
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counterclockwise, starts at the generator or input end of 
the line and progresses toward the load. The other scale 
starts at the load and proceeds toward the generator in a 
clockwise direction. The complete circle around the edge 
of the chart represents '/2 A. Progressing once around the 
perimeter of these scales corresponds to progressing along 
a transmission line for '/2 A. Because impedances repeat 
themselves every !/2 A along a piece of line, the chart may 
be used for any length of line by disregarding or sub- 
tracting from the line’s total length an integral, or whole 
number, of half wavelengths. 

Also shown in Fig 5 is a means of transferring the 
radius of the SWR circle to the external scales of the chart, 
by drawing lines tangent to the circle. Another simple way 
to obtain information from these external scales is to trans- 
fer the radius of the SWR circle to the external scale with 
a drawing compass. Place the point of a drawing compass 
at the center or O line, and inscribe a short arc across the 
appropriate scale. It will be noted that when this is done 
in Fig 5, the external STANDING-WAVE VOLTAGE-RATIO scale 
indicates the SWR to be 3.0 (at A)—our condition for ini- 
tially drawing the circle on the chart (and the same as the 
SWR reading on the resistance axis). 


SOLVING PROBLEMS WITH THE 
SMITH CHART 


Suppose we have a transmission line with 
a characteristic impedance of 50 Q and an elec- 
trical length of 0.3 2. Also, suppose we termi- 
nate this line with an impedance having a 
resistive component of 25 Q and an inductive 
reactance of 25 Q (Z = 25 + j 25). What is the 
input impedance to the line? 

The characteristic impedance of the line is 
50 Q, so we begin by assigning this value to 
prime center. Because the line is not terminated 
in its characteristic impedance, we know that 
standing waves will exist on the line, and that, 
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voltage minimum along the line is 8.4 dB. (This is math- 
ematically equivalent to 20 times the log of the SWR 
value.) 

Next, with a straightedge, draw a radial line from 
prime center through the plotted point to intersect the 
wavelengths scale. At this intersection, point C in Fig 6, 
read a value from the wavelengths scale. Because we are 
starting from the load, we use the TOWARD GENERATOR or 
outermost calibration, and read 0.088 A. 

To obtain the line input impedance, we merely find 
the point on the SWR circle that is 0.3 A toward the gen- 
erator from the plotted load impedance. This is accom- 
plished by adding 0.3 (the length of the line in 
wavelengths) to the reference or starting point, 0.088; 0.3 
+ 0.088 = 0.388. Locate 0.388 on the TOWARD GENERA- 
TOR scale (at D). Draw a second radial line from this point 
to prime center. The intersection of the new radial line 
with the SWR circle represents the normalized line input 
impedance, in this case 0.6 — j 0.66. 

To find the unnormalized line impedance, multiply 
by 50, the value assigned to prime center. The resulting 
value is 30 —j 33, or 30 Q resistance and 33 Q capacitive 
reactance. This is the impedance that a transmitter must 
match if such a system were a combination of antenna 



































therefore, the input impedance to the line will 
not be exactly 50 Q. We proceed as follows. First, 
normalize the load impedance by dividing both 
the resistive and reactive components by 50 (Zp 


of the line being used). The normalized imped- A 


ance in this case is 0.5 + j 0.5. This is plotted on 
the chart at the intersection of the 0.5 resistance 
and the +0.5 reactance circles, as in Fig 6. Then 
draw a constant SWR circle passing through this 
point. Transfer the radius of this circle to the 
external scales with the drawing compass. From 
the external STANDING-WAVE VOLTAGE-RATIO 
scale, it may be seen (at A) that the voltage ratio 
of 2.62 exists for this radius, indicating that our 
line is operating with an SWR of 2.62 to 1. This 
figure is converted to decibels in the adjacent 
scale, where 8.4 dB may be read (at B), indicat- 
ing that the ratio of the voltage maximum to the 
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Fig 6—Example discussed in text. 
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and transmission line. This is also the impedance that 
would be measured on an impedance bridge if the mea- 
surement were taken at the line input. 

In addition to the line input impedance and the SWR, 
the chart reveals several other operating characteristics 
of the above system of line and load, if a closer look is 
desired. For example, the voltage reflection coefficient, 
both magnitude and phase angle, for this particular load 
is given. The phase angle is read under the radial line 
drawn through the plot of the load impedance, where the 
line intersects the ANGLE OF REFLECTION COEFFICIENT 
scale. This scale is not included in Fig 6, but will be found 
on the Smith Chart just inside the wavelengths scales. In 
this example, the reading is 116.6 degrees. This indicates 
the angle by which the reflected voltage wave leads the 
incident wave at the load. It will be noted that angles on 
the bottom half, or capacitive-reactance half, of the chart 
are negative angles, a “negative” lead indicating that the 
reflected voltage wave actually lags the incident wave. 

The magnitude of the voltage-reflection-coefficient 
may be read from the external REFLECTION COEFFICIENT 
VOLTAGE scale, and is seen to be approximately 0.45 (at 
E) for this example. This means that 45 percent of the 
incident voltage is reflected. Adjacent to this scale on the 
POWER calibration, it is noted (at F) that the power reflec- 
tion coefficient is 0.20, indicating that 20 per- 
cent of the incident power is reflected. (The 
amount of reflected power is proportional to 
the square of the reflected voltage.) 


ADMITTANCE COORDINATES 


Quite often it is desirable to convert 
impedance information to admittance data— 
conductance and susceptance. Working with 
admittances greatly simplifies determining the 
resultant when two complex impedances are 
connected in parallel, as in stub matching. The 
conductance values may be added directly, as 
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point D though prime center. Although not shown in Fig 
6, the normalized admittance value may be read as 0.76 + 
j 0.84 if the line starting at D is extended. 

In making impedance-admittance conversions, remem- 
ber that capacitance is considered to be a positive 
susceptance and inductance a negative susceptance. This 
corresponds to the scale identification printed on the chart. 
The admittance in siemens is determined by dividing the 
normalized values by the Zy of the line. For this example 
the admittance is 0.76/50 + j 0.84/50 = 0.0152 + 7 0.0168 
siemen. Of course admittance coordinates may be con- 
verted to impedance coordinates just as easily—by 
locating the point on the Smith Chart that is diametri- 
cally opposite that representing the admittance coordi- 
nates, on the same SWR circle. 


DETERMINING ANTENNA IMPEDANCES 


To determine an antenna impedance from the Smith 
Chart, the procedure is similar to the previous example. 
The electrical length of the feed line must be known and 
the impedance value at the input end of the line must be 
determined through measurement, such as with an 
impedance-measuring or a good quality noise bridge. In 
this case, the antenna is connected to the far end of the 
line and becomes the load for the line. Whether the 
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may be the susceptance values, to arrive at 
the overall admittance for the parallel combi- 
nation. This admittance may then be con- 
verted back to impedance data, if desired. 
On the Smith Chart, the necessary con- 
version may be made very simply. The equiva- 
lent admittance of a plotted impedance value Cc 
lies diametrically opposite the impedance 
point on the chart. In other words, an imped- 
ance plot and its corresponding admittance 
plot will lie on a straight line that passes 
through prime center, and each point will be 
the same distance from prime center (on the 
same SWR circle). In the above example, 
where the normalized line input impedance 
is 0.6 — j 0.66, the equivalent admittance lies 
at the intersection of the SWR circle and the 
extension of the straight line passing from 
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Fig 7—Example discussed in text. 
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antenna is intended purely for transmission of energy, or 
purely for reception makes no difference; the antenna is 
still the terminating or load impedance on the line as far 
as these measurements are concerned. The input or gen- 
erator end of the line is that end connected to the device 
for measurement of the impedance. In this type of prob- 
lem, the measured impedance is plotted on the chart, and 
the TOWARD LOAD wavelengths scale is used in conjunc- 
tion with the electrical line length to determine the actual 
antenna impedance. 

For example, assume we have a measured input 
impedance to a 50-Q line of 70 —j 25 Q. The line is 2.35 » 
long, and is terminated in an antenna. What is the antenna 
feed impedance? Normalize the input impedance with 
respect to 50 Q, which comes out 1.4 —7 0.5, and plot this 
value on the chart. See Fig 7. Draw a constant SWR circle 
through the point, and transfer the radius to the external 
scales. The SWR of 1.7 may be read from the VOLTAGE 
RATIO scale (at A). Now draw a radial line from prime cen- 
ter through this plotted point to the wavelengths scale, and 
read a reference value (at B). For this case the value is 
0.195, on the TOWARD LOAD scale. Remember, we are start- 
ing at the generator end of the transmission line. 

To locate the load impedance on the SWR circle, 
add the line length, 2.35 A, to the reference value from 
the wavelengths scale; 2.35 + 0.195 = 2.545. Locate the 
new value on the TOWARD LOAD scale. But because the 
calibrations extend only from 0 to 0.5, we must first sub- 
tract a number of half wavelengths from this value and 
use only the remaining value. In this situation, the larg- 
est integral number of half wavelengths that can be sub- 
tracted with a positive result is 5, or 2.5 A. Thus, 2.545 — 
2.5 = 0.045. Locate the 0.045 value on the TOWARD LOAD 
scale (at C). Draw a radial line from this value to prime 
center. Now, the coordinates at the intersection of the 
second radial line and the SWR circle represent the load 
impedance. To read this value closely, some interpola- 
tion between the printed coordinate lines must be made, 
and the value of 0.62 — 7 0.19 is read. Multiplying by 50, 
we get the actual load or antenna impedance as 31 — 7 9.5 
Q, or 31 Q resistance with 9.5 © capacitive reactance. 

Problems may be entered on the chart in yet another 
manner. Suppose we have a length of 50-Q line feeding a 
base-loaded resonant vertical ground-plane antenna which 
is shorter than '/1 1. Further, suppose we have an SWR 
monitor in the line, and that it indicates an SWR of 1.7 to 
1. The line is known to be 0.95 A long. We want to know 
both the input and the antenna impedances. 

From the information available, we have no imped- 
ances to enter into the chart. We may, however, draw a circle 
representing the 1.7 SWR. We also know, from the defini- 
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tion of resonance, that the antenna presents a purely resis- 
tive load to the line, that is, no reactive component. Thus, 
the antenna impedance must lie on the resistance axis. If 
we were to draw such an SWR circle and observe the chart 
with only the circle drawn, we would see two points which 
satisfy the resonance requirement for the load. These points 
are 0.59 + j 0 and 1.7 + j 0. Multiplying by 50, we see that 
these values represent 29.5 and 85 Q resistance. This may 
sound familiar, because, as was discussed in Chapter 24, 
when a line is terminated in a pure resistance, the SWR in 
the line equals Zp/Z, or Zp/Zp, where Zp=load resistance 
and Zp=line impedance. 

If we consider antenna fundamentals described in 
Chapter 2, we know that the theoretical impedance of a 
‘/4-X ground-plane antenna is approximately 36 Q. We there- 
fore can quite logically discard the 85-Q impedance figure 
in favor of the 29.5-Q value. This is then taken as the load 
impedance value for the Smith Chart calculations. To find 
the line input impedance, we subtract 0.5 A from the line 
length, 0.95, and find 0.45 4 on the TOWARD GENERATOR 
scale. (The wavelength-scale starting point in this case is 
0.) The line input impedance is found to be 0.63 — 7 0.20, or 
31.5-j 10 Q. 


DETERMINATION OF LINE LENGTH 


In the example problems given so far in this chap- 
ter, the line length has conveniently been stated in wave- 
lengths. The electrical length of a piece of line depends 
upon its physical length, the radio frequency under 
consideration, and the velocity of propagation in the line. 
If an impedance-measurement bridge is capable of quite 
reliable readings at high SWR values, the line length 
may be determined through line input-impedance mea- 
surements with short- or open-circuit line terminations. 
Information on the procedure is given later in this 
chapter. A more direct method is to measure the physi- 
cal length of the line and calculate its electrical length 
from 


Nz Lf 
984VF 





(Eq 1) 


where 
N = number of electrical wavelengths in the line 
L = line length in feet 
f = frequency, MHz 
VF = velocity or propagation factor of the line 


The velocity factor may be obtained from transmis- 
sion-line data tables in Chapter 24. 
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Fig 9—Example of Smith Chart calculations taking line losses 


into account. 
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Fig 8—This spiral is the actual “SWR 
circle” when line losses are taken into 
account. It is based on calculations for a 
16-ft length of RG-174 coax feeding a 
resonant 28-MHz 300-Q antenna (50-Q 
coax, velocity factor = 66%, attenuation = 
6.2 dB per 100 ft). The SWR at the load is 
6:1, while it is 3.6:1 at the line input. When 
solving problems involving attenuation, 
two constant SWR circles are drawn 
instead of a spiral, one for the line input 
SWR and one for the load SWR. 


LINE-LOSS CONSIDERATIONS 
WITH THE SMITH CHART 


The example Smith Chart problems pre- 
sented in the previous section ignored attenu- 
ation, or line losses. Quite frequently it is not 
even necessary to consider losses when mak- 
ing calculations; any difference in readings 
obtained are often imperceptible on the chart. 
However, when the line losses become appre- 
ciable, such as for high-loss lines, long lines, 
or at VHF and UHF, loss considerations may 
become significant in making Smith Chart cal- 
culations. This involves only one simple step, 
in addition to the procedures previously 
presented. 

Because of line losses, as discussed in 
Chapter 24 the SWR does not remain constant 
throughout the length of the line. As a result, 
there is a decrease in SWR as one progresses 
away from the load. To truly present this situa- 
tion on the Smith Chart, instead of drawing a 
constant SWR circle, it would be necessary to 
draw a spiral inward and clockwise from the 
load impedance toward the generator, as shown 
in Fig 8. The rate at which the curve spirals 
toward prime center is related to the attenua- 
tion in the line. Rather than drawing spiral 
curves, a simpler method is used in solving line- 
loss problems, by means of the external scale 
TRANSMISSION LOSS 1-DB STEPS. This scale may 
be seen in Fig 9. Because this is only a relative 
scale, the decibel steps are not numbered. 

If we start at the left end of this external 
scale and proceed in the direction indicated 
TOWARD GENERATOR, the first dB step is seen 
to occur at a radius from center correspond- 
ing to an SWR of about 9 (at A); the second 
dB step falls at an SWR of about 4.5 (at B), 
the third at 3.0 (at C), and so forth, until the 
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15th dB step falls at an SWR of about 1.05 to 1. This 
means that a line terminated in a short or open circuit 
(infinite SWR), and having an attenuation of 15 dB, would 
exhibit an SWR of only 1.05 at its input. It will be noted 
that the dB steps near the right end of the scale are very 
close together, and a line attenuation of 1 or 2 dB in this 
area will have only slight effect on the SWR. But near 
the left end of the scale, corresponding to high SWR val- 
ues, a 1 or 2 dB loss has considerable effect on the SWR. 


Using a Second SWR Circle 


In solving a problem using line-loss information, it 
is necessary only to modify the radius of the SWR circle 
by an amount indicated on the TRANSMISSION-LOSS 1-DB 
STEPS scale. This is accomplished by drawing a second 
SWR circle, either smaller or larger than the first, 
depending on whether you are working toward the load 
or toward the generator. 

For example, assume that we have a 50-Q line that 
is 0.282 A long, with 1-dB inherent attenuation. The line 
input impedance is measured as 60 + j 35 Q. We desire to 
know the SWR at the input and at the load, and the load 
impedance. As before, we normalize the 60 + j 35-Q 
impedance, plot it on the chart, and draw a constant SWR 
circle and a radial line through the point. In this case, the 
normalized impedance is 1.2 + j 0.7. From Fig 9, the SWR 
at the line input is seen to be 1.9 (at D), and the radial 
line is seen to cross the TOWARD LOAD scale, first sub- 
tract 0.500, and locate 0.110 (at F); then draw a radial 
line from this point to prime center. 

To account for line losses, transfer the radius of the 
SWR circle to the external 1-DB STEPS scale. This radius 
crosses the external scale at G, the fifth decibel mark from 
the left. Since the line loss was given as 1 dB, we strike a 
new radius (at H), one “tick mark” to the left (toward 
load) on the same scale. (This will be the fourth decibel 
tick mark from the left of the scale.) Now transfer this 
new radius back to the main chart, and scribe anew SWR 
circle of this radius. This new radius represents the SWR 
at the load, and is read as 2.3 on the external VOLTAGE 
RATIO scale. At the intersection of the new circle and the 
load radial line, we read 0.65 — j 0.6. This is the normal- 
ized load impedance. Multiplying by 50, we obtain the 
actual load impedance as 32.5 — j 30 Q. The SWR in this 
problem was seen to increase from 1.9 at the line input to 
2.3 (at I) at the load, with the 1-dB line loss taken into 
consideration. 

In the example above, values were chosen to fall con- 
veniently on or very near the “tick marks” on the 1-dB 
scale. Actually, it is a simple matter to interpolate 
between these marks when making a radius correction. 
When this is necessary, the relative distance between 
marks for each decibel step should be maintained while 
counting off the proper number of steps. 

Adjacent to the 1-DB STEPS scale lies a LOSS COEFFI- 
CIENT scale. This scale provides a factor by which the 
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matched-line loss in decibels should be multiplied to 
account for the increased losses in the line when standing 
waves are present. These added losses do not affect the 
SWR or impedance calculations; they are merely the 
additional dielectric copper losses of the line caused by 
the fact that the line conducts more average voltage in the 
presence of standing waves. For the above example, from 
Fig 9, the loss coefficient at the input end is seen to be 
1.21 (at J), and 1.39 (at K) at the load. As a good approxi- 
mation, the loss coefficient may be averaged over the length 
of line under consideration; in this case, the average is 1.3. 
This means that the total losses in the line are 1.3 times 
the matched loss of the line (1 dB), or 1.3 dB. This is the 
same result that may be obtained from procedures given in 
Chapter 24 for this data. 


Smith Chart Procedure Summary 


To summarize briefly, any calculations made on the 
Smith Chart are performed in four basic steps, although 
not necessarily in the order listed. 

1) Normalize and plot a line input (or load) impedance, 
and construct a constant SWR circle. 

2) Apply the line length to the wavelengths scales. 

3) Determine attenuation or loss, if required, by means 
of a second SWR circle. 

4) Read normalized load (or input) impedance, and con- 
vert to impedance in ohms. 

The Smith Chart may be used for many types of 
problems other than those presented as examples here. 
The transformer action of a length of line—to transform 
a high impedance (with perhaps high reactance) to a 
purely resistive impedance of low value—was not men- 
tioned. This is known as “tuning the line,” for which the 
chart is very helpful, eliminating the need for “cut and 
try” procedures. The chart may also be used to calculate 
lengths for shorted or open matching stubs in a system, 
described later in this chapter. In fact, in any application 
where a transmission line is not perfectly matched, the 
Smith Chart can be of value. 


ATTENUATION AND Z,) FROM IMPED- 
ANCE MEASUREMENTS 


If an impedance bridge is available to make accu- 
rate measurements in the presence of very high SWR val- 
ues, the attenuation, characteristic impedance and velocity 
factor of any random length of coaxial transmission line 
can be determined. This section was written by Jerry Hall, 
KITD. 

Homemade impedance bridges and noise bridges 
will seldom offer the degree of accuracy required to use 
this technique, but sometimes laboratory bridges can be 
found as industrial surplus at a reasonable price. It may 
also be possible for an amateur to borrow a laboratory 
type of bridge for the purpose of making some weekend 
measurements. Making these determinations is not diffi- 
cult, but the procedure is not commonly known among 
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amateurs. One equation treating complex numbers is used, 

but the math can be handled with a calculator supporting 

trig functions. Full details are given in the paragraphs 
that follow. 

For each frequency of interest, two measurements 
are required to determine the line impedance. Just one 
measurement is used to determine the line attenuation and 
velocity factor. As an example, assume we have a 100- 
foot length of unidentified line with foamed dielectric, 
and wish to know its characteristics. We make our mea- 
surements at 7.15 MHz. The procedure is as follows. 

1) Terminate the line in an open circuit. The best “open 
circuit” is one that minimizes the capacitance between 
the center conductor and the shield. If the cable has a 
PL-259 connector, unscrew the shell and slide it back 
down the coax for a few inches. If the jacket and insu- 
lation have been removed from the end, fold the braid 
back along the outside of the line, away from the cen- 
ter conductor. 

2) Measure and record the impedance at the input end of 
the line. If the bridge measures admittance, convert 
the measured values to resistance and reactance. Label 
the values as R,, + j X,,. For our example, assume we 
measure 85 + j179 Q. (If the reactance term is capaci- 
tive, record it as negative.) 

3) Now terminate the line in a short circuit. If a con- 
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Zo = Rak oke x: ja (R eX setR eX oe ) (Eq 3) 

The expression under the radical sign in Eq 3 is in 
the form of R + j X. By substituting the values from our 
example into Eq 3, the R term becomes 85 x 4.8 — 179 x 
(-11.2) = 2412.8, and the X term becomes 85 x (—11.2) + 
4.8 x 179 = -92.8. So far, we have determined that 


Zo =(2412.8-j 92.8 


The quantity under the radical sign is in rectangular 
form. Extracting the square root of a complex term is 
handled easily if it is in polar form, a vector value and its 
angle. The vector value is simply the square root of the 
sum of the squares, which in this case is 


{2412.8°+92.8" = 2414.58 


The tangent of the vector angle we are seeking is 
the value of the reactance term divided by the value of 
the resistance term. For our example this is arctan —92.8/ 
2412.8 = arctan —0.03846. The angle is thus found to be 
—2.20°. From all of this we have determined that 


Zo = {2414.58 = 2.20° 


Extracting the square root is now simply a matter of finding 





nector exists at the far end of the line, a simple 
short is a mating connector with a very short piece 
of heavy wire soldered between the center pin and 
the body. If the coax has no connector, removing 
the jacket and center insulation from a half inch or 
so at the end will allow you to tightly twist the 
braid around the center conductor. A small clamp 
or alligator clip around the outer braid at the twist 
will keep it tight. 

4) Again measure and record the impedance at the 
input end of the line. This time label the values 
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as R,, + j X. Assume the measured value now is 
4.8-j7 11.2Q. 

This completes the measurements. Now we reach 
for the calculator. 

As amateurs we normally assume that the char- 
acteristic impedance of a line is purely resistive, 
but it can (and does) have a small capacitive reac- 
tance component. Thus, the Zp of a line actually 
consists of Ry + j Xo. The basic equation for calcu- 
lating the characteristic impedance is 


Zo = V Zo as Zyo 
where 

Loc = Roe ty IXoc 
Zee = Roe tjX oo 


(Eq 2) 





















































RADIALLY SCALED PARAMETERS 
(" Do 

rr HEL 
2) a8 


1 
GENERATOR ~<—owaro Lomo 28 2 BREE 





TOWARE 


> 




















Fig 10—Determining the line loss and velocity factor with 


From Eq 2 the following working equation may be 
derived. 


the Smith Chart from input measurements taken with 
open-circuit and short-circuit terminations. 
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the square root of the vector value, and taking half the angle. 
(The angle is treated mathematically as an exponent.) 

Our result for this example is Zp) = 49.1/-1.1°. The 
small negative angle may be ignored, and we now know 
that we have coax with a nominal 50-Q impedance. 
(Departures of as much as 6 to 8% from the nominal value 
are not uncommon.) If the negative angle is large, or if 
the angle is positive, you should recheck your calcula- 
tions and perhaps even recheck the original measure- 
ments. You can get an idea of the validity of the 
measurements by normalizing the measured values to the 
calculated impedance and plotting them on a Smith Chart 
as shown in Fig 10 for this example. Ideally, the two points 
should be diametrically opposite, but in practice they will 
be not quite 180° apart and not quite the same distance 
from prime center. Careful measurements will yield plot- 
ted points that are close to ideal. Significant departures 
from the ideal indicates sloppy measurements, or perhaps 
an impedance bridge that is not up to the task. 


Determining Line Attenuation 


The short circuit measurement may be used to 
determine the line attenuation. This reading is more reli- 
able than the open circuit measurement because a good 
short circuit is a short, while a good open circuit is hard 
to find. (It is impossible to escape some amount of 
capacitance between conductors with an “open” circuit, 
and that capacitance presents a path for current to flow at 
the RF measurement frequency.) 

Use the Smith Chart and the 1-DB STEPS 
external scale to find line attenuation. First nor- 
malize the short circuit impedance reading to 
the calculated Zp, and plot this point on the 
chart. See Fig 10. For our example, the nor- 
malized impedance is 4.8/49.1 — 7 11.2 / 49.1 
or 0.098 — j 0.228. After plotting the point, 
transfer the radius to the 1-DB STEPS scale. This 
is shown at A of Fig 10. 

Remember from discussions earlier in this 
chapter that the impedance for plotting a short 
circuit is 0 + 7 0, at the left edge of the chart on 
the resistance axis. On the 1-DB STEPS scale this 
is also at the left edge. The total attenuation in 
the line is represented by the number of dB 
steps from the left edge to the radius mark 
we have just transferred. For this example it is 
0.8 dB. Some estimation may be required in 
interpolating between the 1-dB step marks. 


Determining Velocity Factor 


The velocity factor is determined by 
using the TOWARD GENERATOR wavelength scale 
of the Smith Chart. With a straightedge, draw 
a line from prime center through the point rep- 
resenting the short-circuit reading, until it in- 
tersects the wavelengths scale. In Fig 10 this 
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point is labeled B. Consider that during our measurement, 
the short circuit was the load at the end of the line. Imag- 
ine a spiral curve progressing from 0 + j 0 clockwise and 
inward to our plotted measurement point. The wavelength 
scale, at B, indicates this line length is 0.464 2. By rear- 
ranging the terms of Eq 1 given early in this chapter, we 
arrive at an equation for calculating the velocity factor. 
pat (Eq 4) 
984N 

where 

VF = velocity factor 

L = line length, feet 

f = frequency, MHz 

N = number of electrical wavelengths in the line 


Inserting the example values into Eq 4 yields VF = 
100 x 7.15/(984 x 0.464) = 1.566, or 156.6%. Of course, 
this value is an impossible number—the velocity factor in 
coax cannot be greater than 100%. But remember, the 
Smith Chart can be used for lengths greater than '/2 0. There- 
fore, that 0.464 value could rightly be 0.964, 1.464, 1.964, 
and so on. When using 0.964 A, Eq 4 yields a 
velocity factor of 0.753, or 75.3%. Trying successively 
greater values for the wavelength results in velocity factors 
of 49.6 and 37.0%. Because the cable we measured had 
foamed dielectric, 75.3% is the probable velocity factor. 
This corresponds to an electrical length of 0.964 4. There- 
fore, we have determined from the measurements and 






























































Fig 11—Smith Chart determination of input impedances for short- 
and open-circuited line sections, disregarding line losses. 
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calculations that our unmarked coax has a nominal 50-Q 
impedance, an attenuation of 0.8 dB per hundred feet at 
7.15 MHz, and a velocity factor of 75.3%. 

It is difficult to use this procedure with short lengths 
of coax, just a few feet. The reason is that the SWR at the 
line input is too high to permit accurate measurements 
with most impedance bridges. In the example above, the 
SWR at the line input is approximately 12:1. 

The procedure described above may also be used 
for determining the characteristics of balanced lines. 
However, impedance bridges are generally unbalanced 
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Fig 12—The method of stub matching a mismatched 
load on coaxial lines. 
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Fig 13—Smith Chart method of determining the dimensions for 


stub matching. 





devices, and the procedure for measuring a balanced 
impedance accurately with an unbalanced bridge is com- 
plicated. 


LINES AS CIRCUIT ELEMENTS 


Information is presented in Chapter 24 on the use of 
transmission-line sections as circuit elements. For 
example, it is possible to substitute transmission lines of 
the proper length and termination for coils or capacitors 
in ordinary circuits. While there is seldom a practical need 
for that application, lines are frequently used in antenna 
systems in place of lumped components to tune or reso- 
nate elements. Probably the most common use of such a 
line is in the hairpin match, where a short section of stiff 
open-wire line acts as a lumped inductor. 

The equivalent “lumped” value for any “inductor” 
or “capacitor” may be determined with the aid of the Smith 
Chart. Line losses may be taken into account if desired, 
as explained earlier. See Fig 11. Remember that the 
top half of the Smith Chart coordinate system is used 
for impedances containing inductive reactances, and the 
bottom half for capacitive reactances. For example, a sec- 
tion of 600-Q line 7/1s-A long (0.1875 A) and short-cir- 
cuited at the far end is represented by @1, drawn around a 
portion of the perimeter of the chart. The “load” is a short- 
circuit, 0 + j 0 Q, and the TOWARD GENERATOR wavelengths 
scale is used for marking off the line length. At A in 
Fig 11 may be read the normalized imped- 
ance as seen looking into the length of line, 
0 + j 2.4. The reactance is therefore induc- 
tive, equal to 600 x 2.4 = 1440 ©. The same 
line when open-circuited (termination imped- 
ance = ©, the point at the right of the chart) 
is represented by 2 in Fig 11. At B the nor- 
malized line-input impedance may be read 
as 0 — j 0.41; the reactance in this case is 
capacitive, 600 x 0.41 = 246 Q. (Line losses 
are disregarded in these examples.) From 
Fig 11 it is easy to visualize that if 1 were 
to be extended by '/4 A, the total length rep- 
resented by ¢3, the line-input impedance 
would be identical to that obtained in the case 
represented by 2 alone. In the case of (2, 
the line is open-circuited at the far end, but 
in the case of @3 the line is terminated in a 
short. The added section of line for £3 pro- 
vides the “transformer action” for which the 
‘/4-X line is noted. 

The equivalent inductance and capacitance 
as determined above can be found by substi- 
tuting these values in the equations relating 
inductance and capacitance to reactance, or 
by using the various charts and calculators 
available. The frequency corresponding to the 
line length in degrees must be used, of course. 
In this example, if the frequency is 14 MHz 
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the equivalent inductance and capacitance in the two cases 
are 16.4 WH and 46.2 pF, respectively. Note that when 
the line length is 45° (0.125 A), the reactance in either 
case is numerically equal to the characteristic impedance 
of the line. In using the Smith Chart it should be kept in 
mind that the electrical length of a line section depends 
on the frequency and velocity of propagation, as well as 
on the actual physical length. 

At lengths of line that are exact multiples of '/1A, such 
lines have the properties of resonant circuits. At lengths 
where the input reactance passes through zero at the left of 
the Smith Chart, the line acts as a series-resonant circuit. 
At lengths for which the reactances theoretically pass from 
“positive” to “negative” infinity at the right of the Smith 
Chart, the line simulates a parallel-resonant circuit. 


Designing Stub Matches with 
the Smith Chart 


The design of stub matches is covered in detail in 
Chapter 26. Equations are presented there to calculate 
the electrical lengths of the main line and the stub, based 
on a purely resistive load and on the stub being the same 
type of line as the main line. The Smith Chart may also 
be used to determine these lengths, without the require- 
ments that the load be purely resistive and that the line 
types be identical. 

Fig 12 shows the stub matching arrangement in 
coaxial line. As an example, suppose that the load is an 
antenna, a close-spaced array fed with a 52-Q line. Fur- 
ther suppose that the SWR has been measured as 3.1:1. 
From this information, a constant SWR circle may be 
drawn on the Smith Chart. Its radius is such that it inter- 
sects the right portion of the resistance axis at the SWR 
value, 3.1, as shown at point B in Fig 13. 

Since the stub of Fig 12 is connected in parallel with 
the transmission line, determining the design of the 
matching arrangement is simplified if Smith Chart val- 
ues are dealt with as admittances, rather than impedances. 
(An admittance is simply the reciprocal of the associated 
impedance. Plotted on the Smith Chart, the two associ- 
ated points are on the same SWR circle, but diametri- 
cally opposite each other.) Using admittances leaves less 
chance for errors in making calculations, by eliminating 
the need for making series-equivalent to parallel-equiva- 
lent circuit conversions and back, or else for using com- 
plicated equations for determining the resultant value of 
two complex impedances connected in parallel. 

A complex impedance, Z, is equal to R + j X, as 
described in Chapter 24. The equivalent admittance, Y, is 
equal to G —j B, where G is the conductive component and 
B the susceptance. (Inductance is taken as negative 
susceptance, and capacitance as positive.) Conductance and 
susceptance values are plotted and handled on the Smith 
Chart in the same manner as resistance and reactance. 

Assuming that the close-spaced array of our example 
has been resonated at the operating frequency, it will 
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present a purely resistive termination for the load end of 
the 52-Q line. From information in Chapter 24, it is known 
that the impedance of the antenna equals Z,p/SWR = 52/ 
3.1 = 16.8 Q. (We can logically discard the possibility 
that the antenna impedance is SWR x Zo, or 0.06 Q.) If 
this 16.8-Q value were to be plotted as an impedance on 
the Smith Chart, it would first be normalized (16.8/52 = 
0.32) and then plotted as 0.32 + j 0. Although not neces- 
sary for the solution of this example, this value is plotted 
at point A in Fig 13. What is necessary is a plot of the 
admittance for the antenna as a load. This is the recipro- 
cal of the impedance; 1/16.8 Q equals 0.060 siemen. To 
plot this point it is first normalized by multiplying the 
conductance and susceptance values by the Z, of the line. 
Thus, (0.060 + j 0) x 52 = 3.1 + 7 0. This admittance 
value is shown plotted at point B in Fig 13. It may be 
seen that points A and B are diametrically opposite each 
other on the chart. Actually, for the solution of this 
example, it wasn’t necessary to compute the values for 
either point A or point B as in the above paragraph, for 
they were both determined from the known SWR value 
of 3.1. As may be seen in Fig 13, the points are located 
on the constant SWR circle which was already drawn, at 
the two places where it intersects the resistance axis. The 
plotted value for point A, 0.32, is simply the reciprocal 
of the value for point B, 3.1. However, an understanding 
of the relationship between impedance and admittance is 
easier to gain with simple examples such as this. 

In stub matching, the stub is to be connected at a 
point in the line where the conductive component equals 
the Zp of the line. Point B represents the admittance of 
the load, which is the antenna. Various admittances will 
be encountered along the line, when moving in a direc- 
tion indicated by the TOWARD GENERATOR wavelengths 
scale, but all admittance plots must fall on the constant 
SWR circle. Moving clockwise around the SWR circle 
from point B, it is seen that the line input conductance 
will be 1.0 (normalized Zo of the line) at point C, 0.082 
toward the transmitter from the antenna. Thus, the stub 
should be connected at this location on the line. 

The normalized admittance at point C, the point rep- 
resenting the location of the stub, is 1 —j 1.2 siemens, 
having an inductive susceptance component. A capaci- 
tive susceptance having a normalized value of + j 1.2 
siemens is required across the line at the point of stub 
connection, to cancel the inductance. This capacitance is 
to be obtained from the stub section itself; the problem 
now is to determine its type of termination (open or 
shorted), and how long the stub should be. This is done 
by first plotting the susceptance required for cancella- 
tion, 0+ 1.2, on the chart (point D in Fig 13). This point 
represents the input admittance as seen looking into the 
stub. The “load” or termination for the stub section is 
found by moving in the TOWARD LOAD direction around 
the chart, and will appear at the closest point on the 
resistance/conductance axis, either at the left or the right 
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of the chart. Moving counterclockwise from point D, this 
is located at E, at the left of the chart, 0.139 A away. From 
this we know the required stub length. The “load” at the 
far end of the stub, as represented on the Smith Chart, 
has a normalized admittance of 0 + j 0 siemen, which is 
equivalent to an open circuit. 

When the stub, having an input admittance of 0 + 
j 1.2 siemens, is connected in parallel with the line at a 
point 0.082 A from the load, where the line input admit- 
tance is 1.0 —j 1.2, the resultant admittance is the sum of 
the individual admittances. The conductance components 
are added directly, as are the susceptance components. In 
this case, 1.0 —j 1.2 +7 1.2 = 1.0+/ 7 0 siemen. Thus, the 
line from the point of stub connection to the transmitter 
will be terminated in a load which offers a perfect match. 
When determining the physical line lengths for stub match- 
ing, it is important to remember that the velocity factor 
for the type of line in use must be considered. 


MATCHING WITH LUMPED CONSTANTS 


It was pointed out earlier that the purpose of a match- 
ing stub is to cancel the reactive component of line 
impedance at the point of connection. In other words, the 
stub is simply a reactance of the proper kind and value 
shunted across the line. It does not matter what physical 
shape this reactance takes. It can be a section of trans- 
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mission line or a “lumped” inductance or capacitance, as 
desired. In the above example with the Smith Chart solu- 
tion, a capacitive reactance was required. A capacitor 
having the same value of reactance can be used just as 
well. There are cases where, from an installation stand- 
point, it may be considerably more convenient to con- 
nect a capacitor in place of a stub. This is particularly 
true when open-wire feeders are used. If a variable 
capacitor is used, it becomes possible to adjust the 
capacitance to the exact value required. 

The proper value of reactance may be determined 
from Smith Chart information. In the previous example, 
the required susceptance, normalized, was +j 1.2 siemens. 
This is converted into actual siemens by dividing by the 
line Zp; 1.2/52 = 0.023 siemen, capacitance. The required 
capacitive reactance is the reciprocal of this latter value, 
1/0.023 = 43.5 Q. If the frequency is 14.2 MHz, for in- 
stance, 43.5 Q corresponds to a capacitance of 258 pF. A 
325-pF variable capacitor connected across the line 0.082 
X from the antenna terminals would provide ample ad- 
justment range. The RMS voltage across the capacitor is 


E= /P x Zy 


For 500 W, for example, E = the square root of 500 
x 52 = 161 V. The peak voltage is 1.41 times the RMS 
value, or 227 V. 


The Series-Section Transformer 


The series-section transformer is described in Chap- 
ter 26, and equations are given there for its design. The 
transformer can be designed graphically with the aid of a 
Smith Chart. This information is based on a QST article 
by Frank A. Regier, OD5CG. Using the Smith Chart to 
design a series-section match requires the use of the chart 
in its less familiar off-center mode. This mode is described 
in the next two paragraphs. 

Fig 14 shows the Smith Chart used in its familiar 
centered mode, with all impedances normalized to that 
of the transmission line, in this case 75 Q, and all con- 
stant SWR circles concentric with the normalized value r 
= | at the chart center. An actual impedance is recovered 
by multiplying a chart reading by the normalizing 
impedance of 75 Q. If the actual (unnormalized) imped- 
ances represented by a constant SWR circle in Fig 14 are 
instead divided by a normalizing impedance of 300 Q, a 
different picture results. A Smith Chart shows all pos- 
sible impedances, and so a closed path such as a constant 
SWR circle in Fig 14 must again be represented by a 
closed path. In fact, it can be shown that the path remains 
a circle, but that the constant SWR circles are no longer 
concentric. Fig 15 shows the circles that result when the 


impedances along a mismatched 75-Q line are normal- 
ized by dividing by 300 © instead of 75. The constant 
SWR circles still surround the point corresponding to the 
characteristic impedance of the line (r = 0.25) but are no 
longer concentric with it. Note that the normalized 
impedances read from corresponding points on Figs 14 
and 15 are different but that the actual, unnormalized, 
impedances are exactly the same. 


An Example 


Now turn to the example shown in Fig 16. A com- 
plex load of Z; = 600 + j 900 Q is to be fed with 
300-Q line, and a 75-Q series section is to be used. These 
characteristic impedances agree with those used in Fig 
15, and thus Fig 15 can be used to find the impedance 
variation along the 75-Q series section. In particular, the 
constant SWR circle which passes through the Fig 15 
chart center, SWR = 4 in this case, passes through all the 
impedances (normalized to 300 Q) which the 75-Q series 
section is able to match to the 300-Q main line. The length 
£1 of 300-Q line has the job of transforming the load 
impedance to some impedance on this matching circle. 

Fig 17 shows the whole process more clearly, with all 


Smith Chart Calculations 28-13 


3/9/2007, 4:25 PM 


os = 6m ee 


|| =a 1 os 


ch28.pmd 





or sg 
SHY 
038 037 


14 
Hep, 
6 



























| of of af ofa cy 
B) o[}s| of 9] 3 | of =| 
RESISTANCE FoMPqNENT _R for CONDUCTANCE 2 
Zo Yo 


of—at<e| 





























Fig 14—Constant SWR circles for SWR = 2, 3, 4 and 5, 
showing impedance variation along 75-Q line, normalized to 
75 Q. The actual impedance is obtained by multiplying the 
chart reading by 75 Q. 





















































Fig 15—Paths of constant SWR for SWR = 2, 3, 4 and 5, 
showing impedance variation along 75-Q line, normalized to 
300 ©. Normalized impedances differ from those in Fig 14, 
but actual impedances are obtained by multiplying chart 
readings by 300 Q and are the same as those corresponding 
in Fig 14. Paths remain circles but are no longer concentric. 
One, the matching circle, SWR = 4 in this case, passes 
through the chart center and is thus the locus of all 
impedances which can be matched to a 300-Q line. 


28-14 Chapter 28 








—— 


Fig 16—Example for solution by Smith Chart. All 
impedances are normalized to 300 Q. 
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impedances normalized to 300 Q. Here the normal- 
ized load impedance Z, = 2 + j 3 is shown at R, and 
the matching circle appears centered on the resistance 
axis and passing through the points r = 1 andr = n? = 
(75/300)2 = 0.0625. A constant SWR circle is drawn 
from R to an intersection with the matching circle at 
Q or Q’ and the corresponding length /1 (or £1’) can 
be read directly from the Smith Chart. The clockwise 
distance around the matching circle represents the 
length of the matching line, from either Q’ to P or 
from Q to P. Because in this example the distance QP 
is the shorter of the two for the matching section, we 
choose the length 71 as shown. By using values from 
the TOWARD GENERATOR scale, this length is found as 
0.045 — 0.213, and adding 0.5 to obtain a positive re- 
sult yields a value of 0.332 A. 

Although the impedance locus from Q to P is 
shown in Fig 17, the length 22 cannot be determined 
directly from this chart. This is because the match- 
ing circle is not concentric with the chart center, so 
the wavelength scales do not apply to this circle. This 
problem is overcome by forming Fig 18, which is 
the same as Fig 17 except that all normalized imped- 
ances have been divided by n = 0.25, resulting in a 
Smith Chart normalized to 75 Q instead of 300. The 
matching circle and the chart center are now concen- 
tric, and the series-section length ¢2, the distance 
between Q and P, can be taken directly from the chart. 
By again using the TOWARD GENERATOR scale, this 
length is found as 0.250 — 0.148 = 0.102 A. 

In fact it is not necessary to construct the 
entire impedance locus shown in Fig 18. It is suffi- 
cient to plot Zo/n (Zg is read from Fig 17) and 
Z,/n = 1/n, connect them by a circular arc centered 
on the chart center, and to determine the arc length 
é2 from the Smith Chart. 


Procedure Summary 


The steps necessary to design a series-section 
transformer by means of the Smith Chart can now 
be listed: 

1) Normalize all impedances by dividing by the 
characteristic impedance of the main line. 

2) On a Smith Chart, plot the normalized load impe- 
dance Z, at R and construct the matching circle 


3/9/2007, 4:25 PM 


|| oe 1 


| ch28.pmd 


so that its center is on the resistance axis and it 
passes through the points r = 1 and r= n2. 

3) Construct a constant SWR circle centered on 
the chart center through point R. This circle 
should intersect the matching circle at two 
points. One of these points, normally the one 
resulting in the shorter clockwise distance 
along the matching circle to the chart center, 
is chosen as point Q, and the clockwise dis- 
tance from R to Q is read from the chart and 
taken to be (1. 

4) Read the impedance Zg from the chart, calcu- 
late ZQ/n and plot it as point Q on a second 
Smith Chart. Also plot r = 1/n as point P. 

5) On this second chart construct a circular arc, 
centered on the chart center, clockwise from 
Q to P. The length of this arc, read from the 
chart, represents (2. The design of the trans- 
former is now complete, and the necessary 
physical line lengths may be determined. 


The Smith Chart construction shows that two 
design solutions are usually possible, correspond- 
ing to the two intersections of the constant SWR 
circle (for the load) and the matching circle. These 
two values correspond to positive and negative 
values of the square-root radical in the equation 
for a mathematical solution of the problem. It may 
happen, however, that the load circle misses the 
matching circle completely, in which case no so- 
lution is possible. The cure is to enlarge the 
matching circle by choosing a series section 
whose impedance departs more from that of the 
main line. 

A final possibility is that, rather than inter- 
secting the matching circle, the load circle is tan- 
gent to it. There is then but one solution—that of 
the '/4-A transformer. 
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Fig 17—Smith Chart representation of the example shown in Fig 
16. The impedance locus always takes a clockwise direction 
from the load to the generator. This path is first along the 
constant SWR circle from the load at R to an intersection with 
the matching circle at Q or Q’, and then along the matching 
circle to the chart center at P. Length 21 can be determined 
directly from the chart, and in this example is 0.332 i. 
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Fig 18—The same impedance locus as shown in Fig 17 except 
normalized to 75 Q instead of 300. The matching circle is now 
concentric with the chart center, and £2 can be determined 
directly from the chart, 0.102 A in this case. 
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Appendix 


This appendix contains a glossary of terms, a list of common abbreviations, length conversion information (feet and inches), 


metric equivalents and antenna-gain-reference data. 


Glossary of Terms 


This glossary provides a handy list of terms that are used frequently in Amateur Radio conversation and literature 
about antennas. With each item is a brief definition of the term. Most terms given here are discussed more thoroughly in the 


text of this book, and may be located by using the index. 


Actual ground—tThe point within the earth’s surface where 
effective ground conductivity exists. The depth for this 
point varies with frequency and the condition of the soil. 


Antenna—An electrical conductor or array of conductors that 
radiates signal energy (transmitting) or collects signal 
energy (receiving). 


Antenna tuner—A device containing variable reactances (and 
perhaps a balun). It is connected between the transmitter 
and the feed point of an antenna system, and adjusted to 
“tune” or resonate the system to the operating frequency. 


Aperture, effective—An area enclosing an antenna, on which 
it is convenient to make calculations of field strength and 
antenna gain. Sometimes referred to as the “capture area.” 


Apex—tThe feed-point region of a V type of antenna. 


Apex angle—The included angle between the wires of a V, an 
inverted-V dipole, and similar antennas, or the included 
angle between the two imaginary lines touching the 
element tips of a log periodic array. 


Balanced line—A symmetrical two-conductor feed line that 
has uniform voltage and current distribution along its 
length. 


Balun—A device for feeding a balanced load with an 
unbalanced line, or vice versa. May be a form of choke, or 
a transformer that provides a specific impedance transfor- 
mation (including 1:1). Often used in antenna systems to 
interface a coaxial transmission line to the feed point of a 
balanced antenna, such as a dipole. 


Base loading—A lumped reactance that is inserted at the 
base (ground end) of a vertical antenna to resonate the 
antenna. 


Bazooka—A transmission-line balancer. It is a quarter-wave 
conductive sleeve (tubing or flexible shielding) placed at 
the feed point of a center-fed element and grounded to the 
shield braid of the coaxial feed line at the end of the sleeve 
farthest from the feed point. It permits the use of unbal- 
anced feed line with balanced feed antennas. 


Beamwidth—Related to directive antennas. The width, in 
degrees, of the major lobe between the two directions at 
which the relative radiated power is equal to one half its 
value at the peak of the lobe (half power = —3 dB). 


Beta match—A form of hairpin match. The two conductors 
straddle the boom of the antenna being matched, and the 
closed end of the matching-section conductors is strapped 
to the boom. 


Bridge—A circuit with two or more ports that is used in 
measurements of impedance, resistance or standing waves 
in an antenna system. When the bridge is adjusted for a 
balanced condition, the unknown factor can be deter- 
mined by reading its value on a calibrated scale or meter. 


Capacitance hat—A conductor of large surface area that is 
connected at the high-impedance end of an antenna to 
effectively increase the electrical length. It is sometimes 
mounted directly above a loading coil to reduce the 
required inductance for establishing resonance. It usually 
takes the form of a series of wheel spokes or a solid 
circular disc. Sometimes referred to as a “top hat.” 


Capture area—See aperture. 


Center fed—Transmission-line connection at the electrical 
center of an antenna radiator. 


Center loading—A scheme for inserting inductive reactance 
(coil) at or near the center of an antenna element for the 
purpose of lowering its resonant frequency. Used with 
elements that are less than '/s wavelength at the operating 
frequency. 


Coax—See coaxial cable. 
Coaxial cable—Any of the coaxial transmission lines that 
have the outer shield (solid or braided) on the same axis as 


the inner or center conductor. The insulating material can 
be air, helium or solid-dielectric compounds. 


Collinear array—A linear array of radiating elements 
(usually dipoles) with their axes arranged in a straight 
line. Popular at VHF and above. 
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Conductor—A metal body such as tubing, rod or wire that 
permits current to travel continuously along its length. 


Counterpoise—A wire or group of wires mounted close to 
ground, but insulated from ground, to form a low- 
impedance, high-capacitance path to ground. Used at MF 
and HF to provide an RF ground for an antenna. Also see 
ground plane. 


Current loop—A point of current maxima (antipode) on an 
antenna. 


Current node—A point of current minima on an antenna. 


Decibel—A logarithmic power ratio, abbreviated dB. May 
also represent a voltage or current ratio if the voltages or 
currents are measured across (or through) identical 
impedances. Suffixes to the abbreviation indicate refer- 
ences: dBi, isotropic radiator; dBic, isotropic radiator 
circular; dBm, milliwatt; dBW, watt. 


Delta loop—A full-wave loop shaped like a triangle or delta. 


Delta match—Center-feed technique used with radiators that 
are not split at the center. The feed line is fanned near the 
radiator center and connected to the radiator symmetri- 
cally. The fanned area is delta shaped. 


Dielectrics—Various insulating materials used in antenna 
systems, such as found in insulators and transmission 
lines. 


Dipole—An antenna that is split at the exact center for 
connection to a feed line, usually a half wavelength long. 
Also called a “doublet.” 


Direct ray—Transmitted signal energy that arrives at the 
receiving antenna directly rather than being reflected by 
any object or medium. 


Directivity—The property of an antenna that concentrates the 
radiated energy to form one or more major lobes. 


Director—A conductor placed in front of a driven element to 
cause directivity. Frequently used singly or in multiples 
with Yagi or cubical-quad beam antennas. 


Doublet—See dipole. 


Driven array—An array of antenna elements which are all 
driven or excited by means of a transmission line, usually 
to achieve directivity. 


Driven element—A radiator element of an antenna system to 
which the transmission line is connected. 


Dummy load—Synonymous with dummy antenna. A 
nonradiating substitute for an antenna. 


E layer—The ionospheric layer nearest earth from which 
radio signals can be reflected to a distant point, generally 
a maximum of 2000 km (1250 ml). 


E plane—Related to a linearly polarized antenna, the plane 
containing the electric field vector of the antenna and its 
direction of maximum radiation. For terrestrial antenna 
systems, the direction of the E plane is also taken as the 
polarization of the antenna. The E plane is at right angles 
to the H plane. 
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Efficiency—tThe ratio of useful output power to input power, 
determined in antenna systems by losses in the system, 
including in nearby objects. 


EIRP—Effective isotropic radiated power. The power 
radiated by an antenna in its favored direction, taking the 
gain of the antenna into account as referenced to isotropic. 


Elements—The conductive parts of an antenna system that 
determine the antenna characteristics. For example, the 
reflector, driven element and directors of a Yagi antenna. 


End effect—A condition caused by capacitance at the ends of 
an antenna element. Insulators and related support wires 
contribute to this capacitance and lower the resonant 
frequency of the antenna. The effect increases with 
conductor diameter and must be considered when cutting 
an antenna element to length. 


End fed—An end-fed antenna is one to which power is 
applied at one end, rather than at some point between the 
ends. 


F layer—The ionospheric layer that lies above the E layer. 
Radio waves can be refracted from it to provide 
communications distances of several thousand miles 
by means of single- or double-hop skip. 


Feed line—See feeders. 


Feeders—Transmission lines of assorted types that are used 
to route RF power from a transmitter to an antenna, or 
from an antenna to a receiver. 


Field strength—The intensity of a radio wave as measured at 
a point some distance from the antenna. This measurement 
is usually made in microvolts per meter. 


Front to back—The ratio of the radiated power off the 
front and back of a directive antenna. For example, 
a dipole would have a ratio of 1, which is equivalent to 
0 dB. 


Front to rear—Worst-case rearward lobe in the 180°-wide 
sector behind an antenna’s main lobe, in dB. 


Front to side—The ratio of radiated power between the major 
lobe and that 90° off the front of a directive antenna. 


Gain—The increase in effective radiated power in the desired 
direction of the major lobe. 


Gamma match—A matching system used with driven antenna 
elements to effect a match between the transmission line 
and the feed point of the antenna. It consists of a series 
capacitor and an arm that is mounted close to the driven 
element and in parallel with it near the feed point. 


Ground plane—A system of conductors placed beneath an 
elevated antenna to serve as an earth ground. Also see 
counterpoise. 


Ground screen—A wire mesh counterpoise. 
Ground wave—Radio waves that travel along the earth’s 
surface. 


H plane—Related to a linearly polarized antenna. The plane 
containing the magnetic field vector of an antenna and its 
direction of maximum radiation. The H plane is at right 
angles to the E plane. 


HAAT—Height above average terrain. A term used mainly in 
connection with repeater antennas in determining cover- 
age area. 


Hairpin match—A U-shaped conductor that is connected to 
the two inner ends of a split dipole for the purpose 
of creating an impedance match to a balanced feeder. 


Harmonic antenna—An antenna that will operate on its 
fundamental frequency and the harmonics of the funda- 
mental frequency for which it is designed. An end-fed 
half-wave antenna is one example. 


Helical—A helically wound antenna, one that consists of a 
spiral conductor. If it has a very large winding length to 
diameter ratio it provides broadside radiation. If the 
length-to-diameter ratio is small, it will operate in the 
axial mode and radiate off the end opposite the feed 
point. The polarization will be circular for the axial 
mode, with left or right circularity, depending on 
whether the helix is wound clockwise or counter- 
clockwise. 


Helical hairpin—Hairpin” match with a lumped 
inductor, rather than parallel-conductor line. 

Image antenna—The imaginary counterpart of an actual 
antenna. It is assumed for mathematical purposes to be 
located below the earth’s surface beneath the antenna, and 
is considered symmetrical with the antenna above ground. 


Impedance—The ohmic value of an antenna feed point, 
matching section or transmission line. An impedance may 
contain a reactance as well as a resistance 
component. 


Inverted V—A misnomer, as the antenna being referenced 
does not have the characteristics of a V antenna. See 
inverted-V dipole. 


Inverted-V dipole—A half-wavelength dipole erected in the 
form of an upside-down V, with the feed point at the apex. 
Its radiation pattern is similar to that of a horizontal 
dipole. 


Isotropic—An imaginary or hypothetical point-source 
antenna that radiates equal power in all directions. It is 
used as a reference for the directive characteristics of 
actual antennas. 


Lambda—Greek symbol (A) used to represent a 
wavelength with reference to electrical dimensions 
in antenna work. 


Line loss—The power lost in a transmission line, usually 
expressed in decibels. 


Line of sight—Transmission path of a wave that travels 
directly from the transmitting antenna to the receiving 
antenna. 


Litz wire—Stranded wire with individual strands 
insulated; small wire provides a large surface area 
for current flow, so losses are reduced for the wire size. 


Load—The electrical entity to which power is delivered. The 
antenna system is a load for the transmitter. 


Loading—The process of a transferring power from its source 
to a load. The effect a load has on a power source. 


Lobe—A defined field of energy that radiates from a directive 
antenna. 


Log periodic antenna—A broadband directive antenna that 
has a structural format causing its impedance and radia- 
tion characteristics to repeat periodically as the logarithm 
of frequency. 


Long wire—A wire antenna that is one wavelength 
or greater in electrical length. When two or more wave- 
lengths long it provides gain and a multilobe radiation 
pattern. When terminated at one end it becomes essen- 
tially unidirectional off that end. 


Marconi antenna—A shunt-fed monopole operated against 
ground or a radial system. In modern jargon, the term 
refers loosely to any type of vertical antenna. 


Matching—The process of effecting an impedance match 
between two electrical circuits of unlike impedance. One 
example is matching a transmission line to the feed point 
of an antenna. Maximum power transfer to the load 
(antenna system) will occur when a matched condition 
exists. 


Monopole—Literally, one pole, such as a vertical radiator 
operated against the earth or a counterpoise. 


Nichrome wire—An alloy of nickel and chromium; not a 
good conductor; resistance wire. Used in the heating 
elements of electrical appliances; also as conductors in 
transmission lines or circuits where attenuation is desired. 


Null—A condition during which an electrical unit is at a 
minimum. A null in an antenna radiation pattern is a point 
in the 360-degree pattern where a minima in field intensity 
is observed. An impedance bridge is said to be “pulled” 
when it has been brought into balance, with a null in the 
current flowing through the bridge arm. 


Octave—A musical term. As related to RF, frequencies 
having a 2:1 harmonic relationship. 


Open-wire line—A type of transmission line that resembles a 
ladder, sometimes called “ladder line.” Consists of 
parallel, symmetrical wires with insulating spacers at 
regular intervals to maintain the line spacing. The 
dielectric is principally air, making it a low-loss type of 
line. 

Parabolic reflector—An antenna reflector that is a portion of 
a parabolic revolution or curve. Used mainly at UHF and 
higher to obtain high gain and a relatively narrow 
beamwidth when excited by one of a variety of driven 
elements placed in the plane of and perpendicular to the 
axis of the parabola. 


Parasitic array—A directive antenna that has a driven 
element and at least one independent director or reflector, 
or a combination of both. The directors and reflectors are 
not connected to the feed line. Except for VHF and UHF 
arrays with long booms (electrically), more than one 
reflector is seldom used. A Yagi antenna is one example of 
a parasitic array. 
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Phasing lines—Sections of transmission line that are used 
to ensure the correct phase relationship between the 
elements of a driven array, or between bays of an array 
of antennas. Also used to effect impedance transforma- 
tions while maintaining the desired phase. 


Polarization—The sense of the wave radiated by an 
antenna. This can be horizontal, vertical, elliptical or 
circular (left or right hand circularity), depending on 
the design and application. (See H plane.) 


Q section—Term used in reference to transmission-line 
matching transformers and phasing lines. 


Quad—A parasitic array using rectangular or diamond 
shaped full-wave wire loop elements. Often called the 
“cubical quad.” Another version uses delta-shaped 
elements, and is called a delta loop beam. 


Radiation pattern—The radiation characteristics of an 
antenna as a function of space coordinates. Normally, the 
pattern is measured in the far-field region and is 
represented graphically. 


Radiation resistance—The ratio of the power radiated by an 
antenna to the square of the RMS antenna current, referred 
to a specific point and assuming no losses. The effective 
resistance at the antenna feed point. 


Radiator—A discrete conductor that radiates RF energy in an 
antenna system. 


Random wire—A random length of wire used as an antenna 
and fed at one end by means of an antenna tuner. Seldom 
operates as a resonant antenna unless the length happens 
to be correct. 


Reflected ray—A radio wave that is reflected from the earth, 
ionosphere or a man-made medium, such as a passive 
reflector. 


Reflector—A parasitic antenna element or a metal assembly 
that is located behind the driven element to enhance 
forward directivity. Hillsides and large man-made 
structures such as buildings and towers may act as 
reflectors. 


Refraction—Process by which a radio wave is bent and 
returned to earth from an ionospheric layer or other 
medium after striking the medium. 


Resonator—In antenna terminology, a loading assembly 
consisting of a coil and a short radiator section. Used to 
lower the resonant frequency of an antenna, usually a 
vertical or a mobile whip. 


Rhombic—A rhomboid or diamond-shaped antenna consist- 
ing of sides (legs) that are each one or more wavelengths 
long. The antenna is usually erected parallel to the ground. 
A rhombic antenna is bidirectional unless terminated by a 
resistance, which makes it unidirectional. The greater the 
electrical leg length, the greater the gain, assuming the tilt 
angle is optimized. 
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Shunt feed—A method of feeding an antenna driven element 
with a parallel conductor mounted adjacent to a low- 
impedance point on the radiator. Frequently used with 
grounded quarter-wave vertical antennas to provide an 
impedance match to the feeder. Series feed is used when 
the base of the vertical is insulated from ground. 


Stacking—tThe process of placing similar directive antennas atop 
or beside one another, forming a “stacked array.” Stacking 
provides more gain or directivity than a single antenna. 


Stub—A section of transmission line used to tune an antenna 
element to resonance or to aid in obtaining an impedance 
match. 


SWR—Standing-wave ratio on a transmission line in an 
antenna system. More correctly, VSWR, or voltage 
standing-wave ratio. The ratio of the forward to reflected 
voltage on the line, and not a power ratio. A VSWR of 1:1 
occurs when all parts of the antenna system are matched 
correctly to one another. 


T match—Method for matching a transmission-line to an 
unbroken driven element. Attached at the electrical center 
of the driven element in a T-shaped manner. In effect it is 
a double gamma match. 

Tilt angle—Half the angle included between the wires at the 
sides of a rhombic antenna. 


Top hat—See capacitance hat. 


Top loading—Addition of a reactance (usually a 
capacitance hat) at the end of an antenna element opposite 
the feed point to increase the electrical 
length of the radiator. 

Transmatch—An antenna tuner. 


Trap—Parallel L-C network inserted in an antenna element to 
provide multiband operation with a single conductor. 


Unipole—See monopole. 


Velocity factor—The ratio of the velocity of radio wave 
propagation in a dielectric medium to that in free space. 
When cutting a transmission line to a specific electrical 
length, the velocity factor of the particular line must be 
taken into account. 


VSWR—Voltage standing-wave ratio. See SWR. 


Wave—A disturbance or variation that is a function of time or 
space, or both, transferring energy progressively from 
point to point. A radio wave, for example. 


Wave angle—The angle above the horizon of a radio wave as 
it is launched from or received by an antenna. Also called 
elevation angle. 


Wave front—A surface that is a locus of all the points 
having the same phase at a given instant in time. 


Yagi—A directive, gain type of antenna that utilizes a number 
of parasitic directors and a reflector. Named after one of 
the two Japanese inventors (Yagi and Uda). 


Zepp antenna—A half-wave wire antenna that operates on its 
fundamental and harmonics. It is fed at one end by means 
of open-wire feeders. The name evolved from its popular- 
ity as an antenna on Zeppelins. In modern jargon the term 
refers loosely to any horizontal antenna. 


Abbreviations 


Abbreviations and acronyms that are commonly used throughout this book are defined in the list below. Periods are not part 
of an abbreviation unless the abbreviation otherwise forms a common English word. When appropriate, abbreviations as 


shown are used in either singular or plural construction. 


-A- 

A—ampere 

ac—alternating current 

AF—audio frequency 

AFSK—audio frequency-shift keying 
AGC—automatic gain control 
AM—amplitude modulation 
ANT—antenna 

ARRL—American Radio Relay League 
ATV—amateur television 
AWG—Anrerican wire gauge 
az-el—azimuth-elevation 


-B- 

balun—balanced to unbalanced 
BC—broadcast 
BCI—broadcast interference 
BW —bandwidth 


-C- 
ccw—counterclockwise 
cm—centimeter 
coax—coaxial cable 
CT—center tap 
cw—clockwise 
CW—continuous wave 


-D- 

D—diode 

dB—decibel 

dBd—decibels referenced to a dipole 
dBi—decibels referenced to isotropic 
dBic—decibels referenced to isotropic, circular 
dBm—decibels referenced to one milliwatt 
dBW—decibels referenced to one watt 
dc—direct current 

deg—degree 

DF—direction finding 

dia—diameter 

DPDT—double pole, double throw 
DPST—double pole, single throw 
DVM—digital voltmeter 

DX—long distance communication 


-E- 

E—ionospheric layer, electric field 
ed.—edition 

Ed.—editor 

EIRP—effective isotropic radiated power 
ELF—extremely low frequency 
EMC—electromagnetic compatibility 
EME—earth-moon-earth 


EMF—electromotive force 
ERP—effective radiated power 
E,—ionospheric layer (sporadic E) 


-F- 

f—frequency 

F—ionospheric layer, farad 

F/B—front to back (ratio) 
F/R—worst-case front to rear (ratio) 
FM—frequency modulation 
FOT—frequency of optimum transmission 
ft—foot or feet (unit of length) 

F,— ionospheric layer 

F,—ionospheric layer 


iG: 
GDO—grid- or gate-dip oscillator 
GHz—gigahertz 

GND—ground 


-H- 

H—magnetic field, henry 
HAAT—height above average terrain 
HF—high frequency (3-30 MHz) 
Hz—hertz (unit of frequency) 


-J- 

I—current 

ID—inside diameter 

IEEE—Institute of Electrical and Electronic Engineers 
in.—inch 

IRE—Institute of Radio Engineers (now IEEE) 


Ae 


j—vector notation 


-K- 
kHz—kilohertz 
km—kilometer 
kW—kilowatt 
kW—kilohm 


Be 

L—inductance 

lb—pound (unit of mass) 
LF—low frequency (30-300 kHz) 
LHCP—left-hand circular polarization 
In—natural logarithm 
log—common logarithm 
LP—log periodic 

LPDA—log periodic dipole array 
LPVA—log periodic V array 
LUF—lowest usable frequency 
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-M- 

m—meter (unit of length) 
m/s—meters per second 
mA—nmilliampere 
max—maximum 

MF—medium frequency (0.3-3 MHz) 
mH—nmillihenry 

MHz—megahertz 

mi—mile 

min—minute 

mm—amillimeter 

ms—millisecond 

mS—nillisiemen 

MS—meteor scatter 
MUF—maximum usable frequency 
mW—nilliwatt 

MW—megohm 


-N- 
NC—no connection, normally closed 
NiCd—nickel cadmium 


NIST—National Institute of Standards and Technology 


NO—normally open 
no.—number 


-O- 
OD—outside diameter 


-P- 

p—page (bibliography reference) 
P-P—peak to peak 

PC—printed circuit 

PEP—peak envelope power 
pF—picofarad 

pot—potentiometer 

pp—pages (bibliography reference) 
Proc—Proceedings 


-Q- 


Q—figure of merit 


-R- 

R—resistance, resistor 

RF—radio frequency 

RFC—tadio frequency choke 
RFI—radio frequency interference 
RHCP—right-hand circular polarization 
RLC—resistance-inductance-capacitance 
r/min—revolutions per minute 
RMS—troot mean square 
1/s—revolutions per second 
RSGB—Radio Society of Great Britain 
RX—receiver 


-S- 
s—second 
S—siemen 
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S/NR—signal-to-noise ratio 
SASE—self-addressed stamped envelope 
SINAD—signal-to-noise and distortion 
SPDT—single pole, double throw 
SPST—-single pole, single throw 
SWR—standing wave ratio 
sync—synchronous 


1: 

tpi—turns per inch 
TR—transmit-receive 
TVI—television interference 
TX— transmitter 


-U- 


UHF—uIltra-high frequency (300-3000 MHz) 


US—United States 
UTC—Universal Time, Coordinated 


-V- 

V—volt 
VF—velocity factor 
VHF—very-high frequency (30-300 MHz) 
VLF—very-low frequency (3-30 kHz) 
Vol—volume (bibliography reference) 
VOM—volt-ohm meter 
VSWR—voltage standing-wave ratio 
VTVM—vacuum-tube voltmeter 


-W- 

W—watt 

WPM—words per minute 

WRC—World Radio Conference 
WVDC—working voltage, direct current 


-X- 

X—reactance 
XCVR—transceiver 
XFMR—transformer 
XMTR—transmitter 


“73 
Z—impedance 


-Other symbols and Greek letters- 
°—degrees 

A—wavelength 

A/dia—wavelength to diameter (ratio) 
[tu— permeability 

uwF—nmicrofarad 

twH—microhenry 

uV—microvolt 

Q—ohm 

g—angles 

m™—3.14159 

6—angles 


Length Conversions 


Throughout this book, equations may be found for 
determining the design length and spacing of antenna ele- 
ments. For convenience, the equations are written to yield a 
result in feet. (The answer may be converted to meters sim- 
ply by multiplying the result by 0.3048.) If the result in feet 
is not an integral number, however, it is necessary to make a 
conversion from a decimal fraction of a foot to inches and 
fractions before the physical distance can be determined with 
a conventional tape measure. Table 1 may be used for this 
conversion, showing inches and fractions for increments of 
0.01 foot. The table deals with only the fractional portion of 
a foot. The integral number of feet remains the same. 

For example, say a calculation yields a result of 
11.63 feet, and we wish to convert this to a length we can 
find on a tape measure. For the moment, consider only the 
fractional part of the number, 0.63 foot. In Table 1 locate 
the line with “0.6” appearing in the left column. (This is the 
7th line down in the body of the table.) Then while staying 


equations. For example, say we wish to convert a length of 
19 feet 7°/4 inches to a decimal fraction. Considering only 
the fractional part of this value, 73/4 inches, locate the deci- 
mal value on the line identified as “7-” and in the column 
headed “3/4,” where we read 0.646. This decimal value is 
equivalent to 7 + 3/4 = 73/4 inches. To this value add the 
whole number of feet from the value being converted for 
the final result, 19 in this case. In this way, 19 feet 7°/4 inches 
converts to 19 + 0.646 = 19.646 feet. 


Table 2 
Conversion, Inches and Fractions to Decimal Feet 


Fractional Increments 
0 8 Iq 3/3 "Io 5/3 3/4 7/3 





: O- 0.000 0.010 0.021 0.031 0.042 0.052 0.063 0.073 
on that line, move over to the column headed “0.03.” Note 1- 0.083 0.094 0.104 0.115 0.125 0.135 0.146 0.156 
here that the sum of the column and line heads, 0.6 + 0.03, 92. 09.167 0.177 0.188 0.198 0.208 0.219 0.229 0.240 
equals the value of 0.63 that we want to convert. In the body 3- 0.250 0.260 0.271 0.281 0.292 0.302 0.313 0.323 
of the table for this column and line we read the equivalent 4- 0.333 0.344 0.354 0.365 0.375 0.385 0.396 0.406 
fraction for 0.63 foot, 7°/i6 inches. To that value, add the 5- 0.417 0.427 0.438 0.448 0.458 0.469 0.479 0.490 
number of whole feet from the value being converted, 11 in  6- 0.500 0.510 0.521 0.531 0.542 0.552 0.563 0.573 
this case. The total length equivalent of 11.63 feet is thus 7- 0.583 0.594 0.604 0.615 0.625 0.635 0.646 0.656 
ee 9. 0.780 0.760 0771 0.781 0.792 0.802 0.813 0.823 

imilarly, Table 2 may be used to make the conversion aS ics 5 : 3 . : : : 
from Sie ae ase decimal fractions of a foot EOD Bee DB a Usb ot 70-20, 00-0 Reo: 0026 0.900 
: ; ; : ; a 11-0.917 0.927 0.938 0.948 0.958 0.969 0.979 0.990 
This table is convenient for using measured distances in 
Table 1 
Conversion, Decimal Feet to Inches (Nearest 16th) 
Decimal Increments 

0.00 0.01 0.02 0.03 0.04 0.05 0.06 0.07 0.08 0.09 
0.0 0-0 0'/s O'/4 03/s O'/2 05/s 03/4 O/ie = O0/te A te 
0.1 13/16 15/16 17/16 1%t16 "he 113/16 115/16 21/16 23/16 21/4 
0.2 23/8 2"/2 25/s 23/4 27/s 3-0 31/8 31/4 33/8 31/2 
0.3 35/s 33/4 313/16 315/16 A'/16 45/16 45/16 47/16 49/16 4/16 
0.4 A/ig = 45/16 = 5B "/16 53/16 51/4 53/s 51/2 55/8 53/4 57/8 
0.5 6-0 61/s 61/4 63/8 6'/2 65/s 69/4 63/is = 65/16 = 7 "/t6 
0.6 73/16 7/16 The 7/16 7/16 7/16 75/16 81/16 85/16 81/4 
0.7 83/s 81/2 85/s 85/4 87/s 9-0 9'/s 9/4 93/s 9/2 
0.8 9°/s 93/4 9'/16 915/16 10/16 §=10°%/16 §= 105/16 39 10%16 3=—10%16 3210" /t6 
0.9 10'%/16 10/16 11% 8 89119%16 = 111% 11%/s 11'/2 11°%/s 11/4 117s 
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Metric Equivalents 


Throughout this book, distances and dimensions are usually expressed 
in English units—the mile, the foot, and the inch. Conversions to metric 
units may be made by using the following equations: 


km = mi x 1.609 
m = ft (’) x 0.3048 
mm = in. (”) x 25.4 


An inch is '/12 of a foot. Tables in the previous section provide informa- 
tion for accurately converting inches and fractions to decimal feet, and vice 
versa, without the need for a calculator. 


Gain Reference 


Throughout this book, gain is referenced to an isotropic radiator (dBi) 
or to an isotropic radiator with circular polarization (dBic). 
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Foreword 





What type of amateur antenna best suits your needs? 
Does the available space on your property permit the in- 
Stallation of an effective DX antenna? Is there a com- 
promise antenna system that will provide acceptable 
results over short and long distances while being 
reasonable in price and modest in complexity? No doubt 
you have come to grips with these matters repeatedly 
since obtaining your amateur license. So, where does one 
turn to find the answers to these sometimes perplexing 
questions? What one pre-eminent source might one consult 
among all of the antenna booklets published for 
amateurs? Why, QST, naturally! 

This anthology contains what the ARRL hq. staff con- 
siders the best of the QS7 antenna articles and theory 
presentations in recent years. The contributions of 
numerous amateur authors and designers are contained in 
this volume for your convenience. This publication was 
developed not only to serve as a compilation of good 
articles, but to reach those amateurs who do not have 
access to past issues of the League’s official monthly 
journal, OST. 

The editors of this booklet have attempted to select the 
types of antennas that have greatest appeal to those who 
like to construct their own radiators, and for the many 
amateurs who can’t justify the expense of purchasing 
commercial counterparts. A book of this type contains 
something for everyone who enjoys building and ex- 
perimenting with antennas. But, if you aren’t a builder you 
will still enjoy the hours of interesting reading provided by 
these works. 

We wish to extend our gratitude to those QST authors 
whose articles have been selected for publication in this 
volume. Their enthusiasm, ability and generosity typifies 
clearly what Amateur Radio is all about. Should you have 
some original antenna ideas of proven performance, send 
an article to the ARRL, describing your work. Not only 
may your story be published in OST — it might appear in 
a future edition of this book. 


Richard L. Baldwin, W1RU 


General Manager 
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Chapter 1 


Vertical Antennas 


One of the most practical antennas for use 
where limited space exists is the vertical. 
This type of antennais particularly useful to 
amateurs who live in dense urban areas 
where city lots are traditionally small. The 
same general restriction prevails for those 
who dwell in apartment buildings. In such 
locations it is often easier to go “up” withan 
antenna than to erect one horizontally. But 


the virtues of vertical antennas extend 
beyond the foregoing considerations: 
“Verticals,” as they often are called, are 
relatively inexpensive, easy to erect and 
are capable of performing well for lo- 
cal (stateside) and DX work. A vertical 
antenna exhibits a low angle of radia- 
tion when worked against a good ground 
system. This makes it an effective DX 


type of antenna. 

This chapter contains reprints of some 
popular vertical-antenna systems that have 
appeared in OST during recent years. For 
the most part, the presentations contained 
herein have been “lifted” in their entirety, 
thus making it unnecessary for the readerto 
research the original articles for additional 
information. 


A Two-Band Vertical for the Novice 


Build this inexpensive Novice antenna. It is easy to construct and is made from 


readily available materials. 


—_— of a Novice who had space 
problems, the author set out to design an 
antenna for him that could be used on 40 
and I5 meters. His previous antenna was a 
horizontal “V” whose performance wasn’t 
worth the time it took to put it up. Because 
of his narrow property, the angle between 
the two wires was only around 40 degrees, 
no doubt causing considerable signal 
cancelation. Horizontal antennas were 
ruled out, so the best antenna for him was a 
vertical. 

Knowing (or caring) little about multi- 
band trap-loaded antennas, it was decided 
the simplest antenna would be a quarter- 
wavelength vertical on 40 meters. After a 
little paper work, and using formulas given 
in The ARRL Antenna Book, the correct 
length would be 31 feet 10 inches (9.70 m) for 
7.175 MHz. This length would also work as 
a 3/4-wavelength antenna on [5 meters, 
providing two-band coverage. However, a 
32-foot (9.75-m) vertical antenna made 
roof-mounting too difficult! Mounting the 
vertical to the side of the house alleviated 
many guying and support problems. 


Materials 


The first concern was what to use for 
antenna materials. Being almost 32 feet 


high, the vertical would need strength, so 
the writer thought of steel tubing, but that 
was much too expensive. With conduit 
there aren’t enough sizes offered, and that 
left only one more material — aluminum 
tubing. The latter comes in just about any 
size desired, and the author had no trouble 
in finding just what he wanted. Going tothe 
nearest aluminum dealer, the author found 
his stock to be more than ample.! 

In order to keep the cost minimal, the 
author decided to make the base piece from 
l-inch (25-mm) diameter thin-wall tubing. 
Into 12 feet (3.66 m) of this was inserted a 12- 
foot piece of 7/8-inch (22-mm) diameter 
thin-wall tubing. This piece was telescoped 
2 feet (0.610 m), then bolted and clamped 
(after the end had been slit twice by a pair of 
tin snips). It was necessary to use hose 
clamps on the tubing because the galvanized 
bolts didn’t provide a good bond between 
the pieces. The top section was 13-1/2-foot 
(4.11-m) piece of 3/4-inch (19-mm) diame- 
ter thin-wall tubing inserted far enough 


'[Editor’s Note: TV mast material is also well suited 
for verticals and comes in 10-foot (3.05-m) lengths, 
either steel or, preferably, aluminum.] 


into the lower piece to make the overall 
antenna length about 31 feet, 10 inches 
(9.70 m). Because of its large size, all the 
work must be done while the antenna is 





Here is the base mount, installed on the side of the 
house. The two while wires coming out from the 
base are the radials. 
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Fig. 1 — Details for making the base-mounting section of the vertical. 


lying on the ground. Then, the antenna 
must be disassembled and put up piece by 
piece. (Do not attempt to put the antenna 
up in one piece! While the weight isn’t 
excessive, the tubing cannot stand the 
strain.) 


Putting It Up 


The original base bracket was made from 
3/4-inch (19-mm) pine, but during the first 
rain the wood got wet and the bracket 
turned out to be a very poor insulator. So 
the unit was redesigned to use two pieces of 
1/8-inch (3-mm) thick sheet aluminum, a 
large grommet, and a ceramic standoff 
insulator (see Fig. 1). 

Assembling the two-band vertical was 
quite simple. First, a 4-foot (1.22-m) stake 
was driven into the ground about 2-1/2 feet 
(0.76 m), and about four or five inches (102 
or 127 mm) away from the side of the house. 
Next, the bottom section (with the bracket 
attached) was slipped over the stake and 
tightened in place with the U bolts. Then the 
second section was inserted into the first, 
clamped and bolted in place. A support 
bracket was made from scrap aluminum, 
and a large grommet was installed on it to 
insulate the antenna from the brace (see Fig. 
2). This assembly was then attached to the 
side of the house (near the gable) with wood 
screws. Last, the third section was forced 
through the grommet in thesecond bracket, 
and was then inserted into the second piece 
and clamped. (If adjustment of resonanceis 
desired, it is better not to bolt the final 
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section). A suitable cap was mounted ontop 
of the antenna to keep out moisture. 


Tune Up 


RG-58/U coax was then connected 
between the transmitter and antenna with 
an SWR bridge in the line, and power was 
applied at 7175 kHz.TheS WR was found to 
be 3:1. This was without any ground system 
on the antenna. In order to obtain a better 
match and reduce the SWR, it was apparent 
that a ground system was required. 

According to The ARRL Antenna 
Book, two methods of making a suitable 
ground system can be used. One way is to 
connect the coax outer shield directly to 
ground at the base of the antenna, via a 
ground rod. However, this doesn’t work 
too well unless the soil is extremely 
conductive (his wasn’t). The other method 
is to make up some sort of artificial ground 
in the form of radials. 

Theauthorcutaradialfromsomesurplus 
wire to the same length as the vertical 
section, attached the radial to the base plate 
and the SWR dropped to 2:1. Unknown to 
the author at the time, The Antenna Book 
says that the radials should be 2.5 percent 
longer than the vertical itself, so actually, 
they should have been made 32-feet 7-3/4- 
inches (9.95-m) long. A second radial, 
similar to the first, was attached and the 
SWR dropped further (to about 1.4:1). 
When the soil was wet, suchasafterarain or 
after watering, the SWR takesanosediveto 
less than 1.2:1. Since the property space was 


* THIS BRACKET SHOULD SE 
MADE SO THAT IT WILL 
HOLD THE ANTENNA Away 
FROM THE HOUSE THE 
SAME DISTANCE THAT IT 
1S AT THE BASE BRACKET. 


SUPPORT BRACKET 





Fig. 2— Details for the support bracket. 


limited, two radials were all that could be 
used. Ideally, the most perfect system would 
consist of a metal disk, one quarter 
wavelength in radius, buried a few inches 
below the earth’s surface, but this approach 
is rather impractical! But if the antenna was 
to beerected inan area away from buildings, 
and guyed, a ground system could be made 
of chicken wire or other similar material. 
However, the more radials, the better the 
artificial ground. Also, they should be laid 
out in as nearly a spoke-like pattern as 
possible. Hy-Gain recommended for their 
AVQ series antennas that a radial system be 
used consisting of at least two radials for 
each band used. However, for this 
installation the 40-meter radials operate on 
their third harmonic at 15 meters, requiring 
but one set of wires.? 

The length specified makes the antenna 
resonant at about 7175 kHz on 40 meters. 
On 15 meters, at the third harmonic, the 
antenna is resonant at about 21,425 kHz, 
but power was applied aslowas 21,105 kHz, 


{Editor's note: Actually, any radials, regardless of 
length, will help the performance of the system. Also 
when used on 15 meters, the antenna would be three 
quarter wavelengths long with low-impedance 
feed, approximately 50 ohms. However, the angle of 
radiation from the antenna will be higher than that 
of a quarter-wavelength vertical. ] 





The support bracket, as described in Fig. 2. 


and the SWR appeared to be only 1.4:1, well 
within tolerable limits. Bandwidth on both 
Novice bands was essentially flat. 


Additional Information 


Total cost will depend greatly on the 
individual's ability to scrounge parts. If the 
builder prefers to purchase the principal 
materials, this list will be useful. 
3—pieces thin-wall aluminum tubing, |- 
(25-mm), 7/8- (22-mm), and 3/4-inch 
(19-mm) diameters. 12 (3.66 m), 12 
(3.66 m) and 13-1/2 feet(4.11 m) long, 
respectively, 

2—U bolts. 


1—SO-239 connector. 


The other material, including three bolts 
and nuts, six wood screws, two grommets, 
two hose clamps, wood and aluminum for 
brackets, ground stake, and cap will vary 
from no cost to a few dollars, dependent on 
available materials. If used or surplus 
tubing is available one could save a 
substantial amount of money. 

in this instance, the top of the antenna 
extends about 16 feet (4.88 m) above the 
peak of the roof, but because of the bracing 
no guy wires were necessary. If the antenna 
is to be erected in a high-wind area, guys 
made from nonconducting monofilament 


fishing line (or other nonconducting line) 
could be used. 

The owner has received nothing but 
glowing reports so far. Running about 70 
watts input, the first CQ on 40 metersraised 
W9S VJ in northern Indiana from Glendale, 
CA. His report, RST 589. On 15 meters the 
owner has worked ZL3JC, AX7SM and 
JHIEZZ, and received very good reports. 

This yertical has no gain, and probably 
couldn’t come near a Yagi or a quad in 
performance, but for an antenna costing 
less than $10 it does one heck of an FB job. 
This material was originally presented in 
OST by Jerry Arnold, WA6MBP., 


Build This Novice Four-Band Vertical 


Putting your first amateur station together can be an expensive proposition. One 
way to cut costs is to keep the antenna simple. Here’s how to shave the price 
and provide four-band operation. 


S$ operation with one antenna acceptable 
if it covers the 80-, 40-, 15- and 10-meter 
bands? For anew Novice that’s a reasonable 
approach. The author’s backyard is smaller 
than that of most urban homes, so full-size 
dipole or inverted-V antennas were out of 
the question, Not owning a tower (yet!), it 
seemed that a ground-mounted vertical 
antenna would be worth trying. 

After reading The ARRL Antenna Book, 
it was decided that a ground-mounted 
vertical antenna would be easiest to build. 
Some radial wires could be buried, and the 
metal fence which encloses the backyard 
could also be hooked up to enlarge the 
ground system. The author preferred this 
type of antenna to one installed above 
ground, because radials of specific lengths 
for each of the four bands would have been 
needed for a roof-mounted, groundplane 
type of vertical. The buried wires for the 
ground-mounted antenna could be any 
convenient length, as long as the available 
space would permit. From what was read 
about these antennas, the author believed 
that reasonable performance could be had 
even if the ground radials weren’t numerous 
and long, although generally the more, the 
better. 

With the help of WIFB some used 
aluminum tubing was purchased that would 
telescope together and give the author a 25- 
foot (7.62-meter) antenna. The wall 
thickness of the tubing is 0.058 inch (1.5 
mm). Three 10-foot (3.05 m) sections are 
used. The largest diameteris | inch(25 mm). 
The center telescoping section has a 
diameter of 7/8 inch (22 mm) and the top 
piece of tubing has a 3/4-inch (19-mm) 
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a. 





The completed 4-band vertical antenna used at 
WB1FSB. The box at the base of the antenna 
contains a loading coil. 


diameter, This material, plus hose clamps 
for holding the sections together, came to 
$8. An old ceramic rotary switch, acoaxial 
connector, a feed-through bushing, and a 
piece of Air Dux coil stock were acquired at 
a flea market for an additional $3. Two 
medium-size, ceramic standoff insulators 
were donated by WIFB. He said they cost 
him 50 cents each at a swap session. All that 
remained to collect was a weatherproof box 
for the loading coil, some 50-ohm coaxial 
cable and six U bolts. The author's OM, 
Bob, found some used [-]/2-inch (38-mm) 
steel pipe which is 7 feet (2.13 m) long. It is 
used as a support for the vertical. 


Constructing the Antenna 


A lawn-edger tool was used to make slits 
in the lawn, out from the base of the antenna 
toward the edges of the backyard. The slits 
were cut to a depth of 2inches (51 mm). A 
total of 10 radials were buried in the slits. 
Some are only [5 feet (4.57 m) in length, 
while others are 25 feet (7.62 m) long. The 
metal yard fence was bonded together as 
needed, using wire jumpers between the 
fence sections. A single buried wire joined 
the fence tothe common ground pointat the 
base of the antenna. 

The OM drove the steel pipe into the 
ground toadepth of 4 feet (1.22 m), leaving 3 
feet (0.91 m) above ground forattaching the 
vertical antenna and weatherproof box. 
Construction details are shown in Fig. 3. 

Although a wooden box could have been 
used to house the loading coil, switch and 
other hardware, an old electrical housing 
that the author’s OM had in his junk box 
was used (Fig. 4.). It was drilled and 
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Fig. 3 — Dimensional drawing of the four-band Novice antenna. The top ends of the two lower tubing 
sections are slit four times each by means of a hack saw. This permits a tight joint when the hose clamp 
is compressed. The vertical is attached to one metal plate with U bolts. The large standoff insulators 
with metal feet connect this plate to a,pair of small ones. The latter are attached to the steel support 
pipe by means of two U bolts. The metal box is also affixed to the steel pipe with two U bolts. The band 
switch is a single-pole three-position ceramic wafer type. L1 can bea 5-inch (127-mm) length of B&W 
3029 Miniductor, 2-1/2 inches (64 mm) in diameter, 6 turns per inch of no. 12 wire. See text for 


alternative mounting methods. 


punched on the bottom surface to hold the 
feedthrough bushing, coaxial connector, 
switch and ground terminal for the radials. 

WIFB designed the antenna, but he 
wasn’t sure that an acceptable impedance 
match could be had on all four bands 
without a complex matching network. It 
was decided to try his idea, so the 
installation was completed. 


Adjusting the Vertical 


The author helped her OM install the 
antenna, then called WIFB for some 
assistance in tuning the system. He thought 
we could tune the vertical for 40 meters and 
make it work okay as a 3/4-wavelength 
vertical on 15 meters. Foruse on 80 meters it 
would be fairly short (63 feet or 19.20 m is 
the correct length for 3.7 MHz), With base 
loading it should offer adequate service out 
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to a few hundred miles on 80 meters. 
Finally, it would operate as a 3/4- 
wavelength vertical on 10 meters, 

A homemade SWR indicator was 
hooked in the coaxial line at the base of the 
vertical.! A small amount of transmitter 
power (5 W) was applied at 3725 kHz and 
the 80-meter switch lead was touched onthe 
turns of the coil until minimum reflected 
power was indicated (Fig. 5). An SWR of 
I:1 was obtained. The wire was then 
soldered in place on the coil. Next power 
was fed to the antenna on 7125 kHz, andthe 
40-meter switch lead was touched tothecoil 
turns until an SWR of I:1 was read. While 
using the same coil tap power was supplied 
to the antenna on 21.1 MHzand the SWR 


'DeMaw, “A QRP Man's RF Power Meter,” OST, 
June 1973, 





Fig. 4 — Closeup view of the base of the vertical. 
The aluminum tubing is affixed to a metal plate. 
The latter is attached to the iron support pipe by 
means of two surplus standoff insulators. Small 
aluminum plates are attached to the ends of the 
insulators to permit them to be fastened to the 
iron pipe by means of U bolts. The radial wires are 
connected to the bottom of the coil-housing box. 





Fig. 5 — The author checks the SWR of the 
antenna during final adjustment of the system. 


checked. It was approximately 3:1. By 
moving the coil tap just one turn we were 
able to getan SWR of 1.5:1 on 15 meters. A 
recheck on 40 meters followed. The SWR 
for that band was less than 2:1 — not a bad 
compromise! The coil was bypassed entirely 
for operation on 10 meters: an SWR of 2:1 





Fig. 6 — Interior view of the coil housing showing 
the switch, feedthrough bushing, coaxial 
connector, and ground post for the radials. The 
coil shown Is a piece of Air Dux stock with a 
tapered pitch. It was obtained at a flea market. 


was indicated at 28,000 kHz. The length of 
the overall antenna for operation on 28,100 
kHz should be 25 feet or 7.62 m (3/4- 


wavelength radiator). However, the switch 
leads inside the coil housing add to the 
antenna length. Ifan SWR of less than 2:1 is 
desired, break the 10-meter switch lead and 
insert a 100-pF air variable capacitor. The 
unwanted reactance can be tuned out bythis 
means and a low SWR will result. 

Opening and closing the cover of the 
metal box had only a minor effect on the 
SWR. Atlast an on-the-air test of thesystem 
was possible. Fig. 6 shows the interior of the 
coil and switch housing. 


Results 


Good signal reports have been received 
on all bands. The first QSO on 40 meters 
netted an RST 599 report from North 
Carolina and many similar reports followed 
on 80, 15 and 10 meters. The author feels 
that a WAS award is not too far away now 
that this antenna is in operation. 


An Alternative 


There are many ways you can duplicate 
this design using substitute materials. For 
example, electrical conduit with couplers 
between the sections should be satisfactory 
in place of the aluminum tubing. The entire 
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structure could be madefrom2x4inch(51x 
102-mm) lumber. [f that is done, the 
radiator could even be a 25-foot (7.62 m) 
piece of no. 10 wire, supported onthe side of 
the wood with standoff insulators. 

Instead of the mounting method shownin 
Fig. 3, the vertical pipe could probably be 
inserted into a 2-foot (.61-m) length of PVC 
tubing, then clamped tothe mounting plate. 
This would eliminate the need for the two 
standoff insulators. Better still, four or five 
wraps of Teflon sheeting (10 mil or0.25mm 
thickness) could be placed over the bottom 
end of the vertical before clamping it in 
place on the mounting plate. Teflon can be 
purchased at most plastic-supply houses. 

The author hopes this idea is useful to 
other Novices who are trying to keep the 
budget within reasonable limits. This writer 
likes the way the antenna is working. Others 
should have good luck with this antenna 
also. Oh, by the way, the ground radials are 
made from various scraps of wire. The size 
isn’t important, and they can be insulated or 
bare. There is quite an assortment of wire 
types buried in the lawn! This material was 
originally presented in QST by Marian 
Anderson, WBIFSB. 


Keeping an ear on 10 and 15 meters? With the trend of rising solar flux, 15 
meters “opens” nearly every day — 10 meters occasionally. Don't miss these 
openings. Build a Cheapie GP! 


[abe for an antenna to cover the 10- 

and |5-meter bands that won't pinch your 
pocketbook? Should it contain easy to 
obtain items and be relatively simple to 
construct while using ordinary hand tools? 
Must it be physically small and not a 
neighborhood eyesore? If your answer to 
these questions is “yup,” you've turned to 
the right page! Detailed here is a duo- 
band coaxial-cable-fed, trap groundplane 
antenna system. 

A groundplane antenna consists of a 
vertical quarter-wavelength radiatorandan 
artificial metallic ground system extending 
radially from its base. For good results the 
antenna should be mounted at least one- 
quarter wavelength above ground. This is 
approximately |2 feet (3.66 m) on 15 meters. 
At this height and higher, only four radials 
for each band are necessary to provide a 
good ground system. If this antenna was 
ground mounted, many more radials would 
be needed to reduce earth losses to an 
acceptable low level. The antenna has an 
omnidirectional horizontal or H-plane 
pattern which means radiation from the 


antenna is essentially the same in all 
horizontal directions as shown in Fig. 7A. 
In Fig. 7B the approximate vertical or £- 
plane pattern of theantennaisshown forthe 
antenna mounted one-quarter wavelength 
above ground. As can be seen, maximum 
radiation occurs at the low angles above the 
horizontal plane of the antenna. The 
antenna hasan overhead null so littleenergy 
is radiated at high angles. This does not 
detract from the usefulness of the antenna, 
since DX signals seldom arrive at high 
angles on these bands. Instead, maximum 
radiation is concentrated at the /ower angles 
where it will be more effective. Conversely, a 
horizontal dipole mounted one-quarter 
wavelength or less above ground will have 
maximum radiation straight up or nearly 
so. Lower-angle radiation will not occur 
unless the dipole is raised to a height of one- 
half wavelength or more above ground. Ifit 
is not possible to mount your horizontal 
antenna a half wavelength above ground, 
the vertically polarized groundplane is 
perhaps the logical choice over a dipole. As 
a general rule, the higher the groundplane 


can be located above power lines, gutters, 
house wiring and the like, the better it will 
perform. 


A Duo-Band System 


For the antenna to perform properly on 
two bands, it must function as a separate 
groundplane vertical on each band. This 
requirement is met quite simply in the case 
of the radials since four radials are used for 
each band. The 10-meter radials are 8 feet, 
5 inches (2.56 m) long and the |5-meter 
radials are II feet, 7 inches (3.53 m). When 
the antenna is operated in the [0-meter 
mode, the | 5-meter radials have little effect 
on the system. Similarly, when the antenna 
is used on 15 meters, the 10-meter radialsdo 
not appreciably alter the operation of the 
antenna. The effect of the additional radials 
is to change slightly the feed point resistance 
and theresonant frequencies of the antenna. 

The vertical member of the antenna must 
act as a quarter-wavelength radiator on 
both 10 and [5 meters. To accomplish this 
a trap is inserted in the 15-meter vertical 
section. Its approximate location is a 
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Fig. 7 — (A) Horizontal or H-plane pattern of the 
groundplane. (B) Approximate vertical or E-plane 
pattern of the antenna. 
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Fig. 8 — Constructional details of the duo-band 
antenna system, 
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A photograph of the base assembly. The SO-239 
coaxial connector and hood can be seen in the 
center of the aluminum L bracket. The U bolts are 
TV-type antenna hardware. The plywood should 
be coated with varnish or similar material. 





A close-up view of the trap. The leads from the 
coaxial-cable capacitor should be soldered 
directly to the pigtails of the coil. These 
connections should be coated with varnish after 
they have been secured under the hose clamps. 


10-meter quarter wavelength above the 
base. The trap has a high impedance on 10 
meters, thereby electrically divorcing the 
top section of the antenna when it is 
operated on that band. The length of the 
10-meter section (section below the trap) is 
somewhat shorter than that of a simple 10- 
meter-only quarter-wavelength vertical. 
This is because the trap and top section of 
the duo-band system add top loading to the 
10-meter portion of the antenna, reducing 
the length required for quarter-wavelength 
resonance. A coaxial-cable capacitor and a 
coil made from copper tubing form the trap 
which is resonant at approximately 28.150 
MHz. On I5 meters the trap has a low 
impedance, effectively connecting together 
those portions of the antenna above and 
below the trap. The overall length of the 15- 
meter radiator is a bit shorter than asimple 
quarter-wavelength radiator would nor- 
mally be for that band. This is because at 21 
MHz the trap introduces inductance into 
the radiator — similar to the effects of a 
loading coil. 


Construction 


The vertical section of the antenna is 
mounted to a 3/4-inch (19-mm) thick piece 
of plywood board that measures 7 X 10 
inches (178 mm X 254 mm). Several coats of 
exterior varnish orsimilar material will help 
protect the wood from inclement weather. 
Both the mast and the radiatorare mounted 
to the piece of wood by means of TV U-bolt 
hardware. The vertical is electrically 


isolated from the wood with a piece of |- 
inch (24-mm) diameter PVC tubing. A piece 
approximately 8 inches (203 mm) long is 
required, and itis of the schedule-80 variety. 
To prepare the tubing it must be slit along 
the entire length on oneside. A hacksaw will 
work quite well. The PVC fits rather snugly 
on the aluminum tubing and will have to be 
“persuaded” on with the aid of a hammer. 
The mast is mounted directly to the wood 
with no insulation. An SO-239 coaxial 
connector and four solder lugs are mounted 
to an L-shaped bracket made froma piece of 
aluminum sheet. A short length of test 
probe wire, or inner conductor of RG-58/U 
cable, is soldered to the innerterminal of the 
connector. A UG-106/ U connector hood is 
then slid over the wire and onto the coaxial 
connector. The hood and connector are 
bolted to the aluminum bracket. Two wood 
screws are used to secure the aluminum 
bracket to the plywood as shown in the 
drawing and photograph. The free end of 
the wire coming from the connector is 
soldered to a lug which is mounted to the 
bottom of the vertical radiator. Any space 
between the wire and where it passes 
through the hood is filled with GE silicone 
glue and seal or similar material to keep 
moisture out. The eight radials are soldered 
to the four lugs on the aluminum bracket. 
The two sections of the vertical member are 
separated by a piece of clear acrylic rod. 
Approximately 8 inches (203 mm) of 7/8- 
inch (22-mm) OD material is required. The 
aluminum tubing must beslit lengthwise for 
several inches so that the acrylic rod may be 
inserted. The two pieces of aluminum 
tubing are separated by 2-1/4 inches (57 
mm). 

The trap capacitor is made from RG-8/U 
coaxial cable and is 30.5 inches (775 mm) 
long. RG-8/U cable has 29.5 pF of 
capacitance per foot and RG-58/ U has 28.5 
pF per foot. RG-8/ U cableisrecommended 
over RG-58/U because of its higher 
breakdown-voltage characteristic. The 
braid should be pulled back 2-inches (51 
mm) on one end of the cable, and the center 
conductor soldered to one end of the coil. 
Solder the braid to the other end of the coil. 
Compression-type hose clamps are placed 
over the capacitor/coil leads and put in 
position at the edges of the aluminum 
tubing. When tightened securely, the 
clamps serve a two-fold purpose — they 
keep the trap in contact with the vertical 
members and prevent the aluminum tubing 
from slipping off the acrylic rod. The 
coaxial-cable capacitor runs upward along 
the top section of the antenna. This is the 
side of the antenna to which the braid of the 
capacitor is connected. Acork orplasticcap 
should be placed in the very top of the 
antenna to keep moisture out. 


Installation and Operation 


The antenna may be mounted in position 
using a TV-type tripod, chimney, wall or 
vent mount. Alternatively, a telescoping 
mast or ordinary steel TV masting may be 


used, in which case the radials may be used 
as guys for the structure. 

Any length of 50-ohm cable may be used 
to feed the antenna. The SWR at resonance 
should be on the order of 1.2 to 1.5:] on 
both bands. The SWR is not | because the 
feedpoint resistance is something other 
than $0 ohms — closer to 35 or 40 ohms. 
Nearby metallic objects may also have an 
effect on the impedance of the antenna. 
The antenna is resonant at approximately 
21.150 MHz and 28.150 MHz. 


Some amateurs place too much 
importance on obtaining a “no reflected 
power” reading on their SWR indicators. 
Most ham transmitters will load into lines 
which exhibit an SWR of up to 2:1, the 
exception being some of the new broad- 
band, no-tuning transmitters. To demon- 
strate how little effect an SWR of 1.5 or 2:1 
will have on the system, consider the 
following: Ifthe antenna is fed with 100 feet 
(30.48 m) of RG-8/U cable and if the 
antenna is perfectly matched to the line(an 


SWR of 1), the power loss along the cable 
will be approximately 0.98 dB on 10 meters. 
If the SWR on the line is increased to 1.5:1, 
the additional loss on the line due to the 
higher SWR is less than 0.1 dB. Ifthe SWR 
is increased to 2:1, the additional loss over 
that of the matched condition will be onthe 
order of 0.2 dB. This amount of loss is 
insignificant, and for this reason a compli- 
cated matching network is not necessary. 
This material was originally presented in 
OST by Jay Rusgrove, WI1VD. 


A High-Performance, 20-, 40- and 80-Meter 


Vertical System 


Urban dwellers with small lots take heart! Here are the details for building your 
own Dx-effective three-band mini-vertical antenna. Cost-conscious amateurs 
will be happy with the low cost of this system. 


n another article on vertical antennas,! 
we tried to point out some fundamental 
characteristics of ground-mounted 
verticals, namely: (1) a good image plane is 
necessary for efficient operation, (2) a 
vertical over a good image plane compares 
favorably with a dipole at an elevation of 
one-half to one wavelength, (3) a short 
vertical compromises little in the way of 
performance. 

This paper describes a highly efficient, 
three-band vertical system for 20, 40 and 80 
meters, using elements of the order of an 
eighth wavelength. The system consists of 
an 80-meter vertical in parallel witha 20/40- 
meter trap vertical, Actually, either the 80- 
meter or the 20/40-meter vertical can be 
constructed and used alone if one is not 
interested in triband operation. The input 
impedances of both antennas are 12-1]/2 
ohms and they use the same 4:1 matching 
transformer.? The antennas also use the 
same radial system consisting of 100 radials 
of no. 15 aluminum wire 50 feet (15.24 m)in 
length (a lesser number of radials can be 
used as is discussed later in the article). 
Because of expected lower sunspot activity 
and, hence. poorer propagation conditions 
on the higher bands, the 40- and 80-meter 
portions of this antenna system, in 
particular, should prove very effective in 
DX communication over the next few years. 

The first part of this paper deals with the 
design and tune-up considerations of the 
80-meter element; the second part with the 
20/40-meter element and the way it is used 
with the 80-meter vertical forming an 
efficient triband system. This is followed 


by reports on performance. Reference is 
also made to other alternatives for a 
multiband vertical system. 


80-Meter Vertical 


The two considerations in designing the 
80-meter element of this vertical system 
were: (1) a good bandwidth for a 
reasonable height (a height one person can 
handle); and (2) proper spacing between 
the 80 and 20/40 portions such that 
coupling is negligible and both can be used 
over the same radial system. 

Prior to building the shortened vertical 
described in this article, two others were 
constructed and tested on the air. One was 
a 22-foot (6.71 m) vertical 3 which had a 65- 
kHz bandwidth. The other was a trap 
vertical’ with only a 20-kHz bandwidth. 
Both of these antennas were used 
separately over the same image plane of 
100 radials and were efficient radiators. 
Therefore, the main reason in going to a 
slightly longer antenna was simply to 
obtain a broader bandwidth. The eighth- 
wavelength vertical on 40 meters from the 
previous work’ promised considerable 
improvement by adding only a few feet. 
The results are shown in Figs. 9 and 10. 
The total height turned out to be 29 feet 
(8.83 m). This resulted in a bandwidth of 
about 140 kHz, a little more than twice the 
bandwidth of the 22-footer (6.71 m). 

The vertical, in Fig. 9, uses a 20-foot 
(6.10-m) section of thick-wall aluminum 
tubing. (It was used some years ago asa gin 
pole for erecting a beam on a 40-foot (12.2 
m) tower.) An 8-foot (2.44 m) extension 





The triband vertical showing the polypropylene 
guys which provide an extra margin of support. 


was constructed with l-inch (25-mm) 
tubing bolted in place using spacers for 
centering. The insulator at the bottom is 
phenolic tubing with a canvas base.* It has 
a |/2-inch (13-mm) thick wall, is 9 inches 
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Fig. 9— The 20-, 40- and 80-meter vertical antenna system. Tuning and construction details are given in 


the text. 





Close-up of the base of the triband vertical antenna. 


(229 mm) long and has an ID of | inch (25- 
mm). The bottom aluminum tubing 
supporting the antenna is 3-1/2 feet (1.06 
m) long with 2-1 /2 feet (0.76 m) of it placed 
in cement. The diameter of the hole in the 
ground is about ! foot (0.31 m). Even 
though this construction could probably 
be self-supporting, three simple 
polypropylene guys -at about the 7-foot 
(2.13-m) level are used for extra margin of 
support. The radials at the top use | /2-inch 
(13-mm) aluminum tubing.’ The base 
loading consists of 12-1/2 turns of a B&W 
3029 coil.8 Actually, 14 turns are on the 
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ENLARGED VIEW OF BASE 





coil. A shorting stub, as shown in the close- 
up picture of the base of the two antennas, 
is used for adjustment. To place the 
minimum SWR near the low end of the 
phone band, where much of the DX is 
worked, 1-1/2 turns were shorted out. The 
final number of turns employed depends, 
to some extent, on the number of radials 
used in the image plane. A simple check is 
to set the shorting tap at some convenient 
point, like 12 or 13 turns, and plot the 
SWR. If the minimum value appears too 
high in frequency, then add about a half a 
turn of coil. This half turn chould change 


the position of the minimum SWR value 
by about 50 kHz. As can be seenin Fig. 10, 
the minimum value of SWR is practically 
1:1 and occurs at 3.840 MHz. This also 
verifies the input impedance value of 12- 
1/2 ohms, as expected from the previous 
work on short verticals. 


20/40-Meter Vertical 

In extending the operation of a vertical 
system over other bands, many 
alternatives are available. A trap vertical 
with a 12-1/2-ohm input impedance can be 
connected in parallel with the 80-meter 
vertical. Alternatively, the trap vertical can 
be designed to present an impedance of 50 
ohms and thus be connected to the input 
side of the 4:1 transformer.? If broadband 
operation is desired on only 80 and 40 
meters, then one-eighth wavelength 
verticals on both bands can be used.!° 

For this work, a 20/40-meter trapped 
vertical having an input impedance of 12- 
1/2 ohms was used. It offered a rather 
simple mechanical form of parallel 
operation as is shown in Fig. 9 and the 
close-up picture. The bandwidth on 40 
meters of 155 kHz appeared acceptable, 
This bandwidth can be extended by about 
50 percent by using the 50-ohm design of a 
trap vertical. 

In the first attempt of parallel operation, 
the 20/40-meter vertical was placed only 
14 inches (355 mm) away from the 80- 
meter vertical. The coupling appeared 
excessive. The 80-meter vertical was 
detuned by approximately 50 kHz. The 
20/40-meter vertical also required 
excessive base loading in order to present 
an acceptable input impedance. By 
doubling the spacing between the verticals 
to 28 inches (711 mm), the interaction 
between them became negligible. The final 
values of heights and loadings were 
practically the same as if the elements were 
operating alone. 

The adjustment of the 20/40-meter 
vertical is somewhat more complicated 
than the 80-meter vertical. An impedance 
bridge, as described in the ARRL 
Handbook, is of considerable help. In this 
case, there are two degrees of freedom: (1) 
varying the number of turns at the base, 
and (2) adjusting the lengths of the vertical 
sections. 

Basically, the tuning is as follows: The 
tap is set at about 5-1/2 turns and the 20- 
meter section adjusted to give an 
acceptable value of SWR, both in position 
in the band and in magnitude. If the 
impedance is too high, it can be lowered by 
increasing the number of turns and 
lowering the height of the 20-meter section 
for resonance. After this, the 40-meter 
portion is then tuned. A plot of the SWR 
ys. frequency can immediately give an 
indication of the necessary adjustment of 
the section above the 20-meter trap. If the 
minimum value appears too low in 
frequency, a shortening of the top section 
is required, In no case should large 
adjustments be made. A change of a few 








Table 1 


Some Results With Triband Vertical 
Date Station Contacted W2FMt Signal 


Report 
3/13 KSLWL/YV6 59+10dB 7 
4/3, WBS5HJY 59+40dB 7 
4/4 ZF1SP 59+ 14 
4/4 WA4MUR/4 59+ 40dB 14 
4/18 KV4HW 59+10dB 7 
5/9 K6YIY 59 4 
5/9 WSLZX 59+30dB 4 
5/12 W2DU 59+ 4 
5/17 VKS5PB 56-7 4 
5/17 W4JNY 59+ 20dB 4 
5/22 VK5PB 59+10dB 7 
5/23 ZL3RJ 57-8 4 
5/27 WA2BQL 59+30dB 4 


Freq.(MHz) Input Power Comments 


SSB (Peak) 


2kW very, very strong signal, 
only one signal stronger — 


he used a Yagi at 120 feet 


(36.58 m) 

2kW superior to anything on 
band 

2kW very, very nice signal 

2kW best signal on whole 
band 

2kW loudest on band 

2kW K1GZL and | are only 
ones they hear 

2kW strongest (very 
consistent signal) 

2kW tremendous signal 

2kw remarkably strong 

2kW outstanding, certainly 
one of best 

2kW really amazing 

2kW one of the strongest he's 
heard for some time — 
pinned the S meter 

200 W very potent — Stronger than 


most locals — couldn't be- 
lieve you were using 200 W 





inches has considerable effect. If the input 
impedance on 40 meters appears too low, 
then the 20-meter section has to be 
lengthened. This requires that the whole 
procedure be repeated. In any case, the 
initial adjustment should be started on the 
highest band of the trap vertical. 


Results 
Short verticals have been used by the 
author during the past year with 


considerable success. Many DX contacts 
were made on 40 meters with antennas 
varying in length from 6 to 33 feet (1.83 to 
10.05 m). Since an extensive ground 
system was used, very little difference in 
effectiveness was noticed between the 
antennas.'! This even includes redesigned 
trap verticals. As was stated before, the 
objective of the present investigation was 
to design a three-band vertical system 
which not only yielded competitive 
antennas on the lower bands, but one that 
was capable of covering a considerable 
portion of 80 meters. As was seen, a 
separate one-eighth wavelength antenna 
connected in parallel with a trap vertical 
not only gave a bandwidth on 80 meters of 
140 kHz where the SWR was less than 2:1, 
but was short enough to not require 
considerable help in erection. 

During all this time of operation of short 
verticals on 40 meters, and as of this 
writing, including several months on 80 


meters, very few signal reports were 
received which did not indicate one of the 
best signals on the band. Table ! gives 
some of the reports and comments 
received. In only three specific cases on 40 
meters have the short verticals been bested 
by other antenna systems. One is shown in 
Table 1 where KSLWL/YV6 reported a 
stronger stateside signal by an amateur 
using a Yagi at 120 feet (36.58 m). The 
other cases include a comparison with 
W2GO of Linden, NJ. On 40 meters, 
VKSPB reported 6 dB and VK2WC 10dB 
in favor of W2GO's signals. He was using a 
two-element Yagi at 60 feet (18.28 m). The 
elements were 44-1/2 feet (13.56 m) in 
length and the boom, 20 feet (6.10 m). On 
80 meters, only one other station received a 
stronger report on direct comparison, This 
was by W2HCW, when comparing my 
signals with VKSPB. The difference was 2 
to 3S units. His antenna was an 80-meter 
Yagi at 120 feet (36.58 m). 

Invariably, most amateurs were 
surprised by the performance of these 
verticals. In many instances, questions 
were asked regarding the minimum 
number and length of radials required for 
efficient operation of ground-mounted 
verticals. As was noted in previous 
articles,'2 the answer depends to some 
extent on the conductivity of the soil at the 
respective locations. Poorer soils not only 
require more radials, but ones that are also 
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Fig. 10 — Standing wave ratio vs. frequency for 
the 20-, 40-, and 80-meter vertical antenna 
system. 


considerably longer. Although more 
experimental work is required in this area, 
it appears that about 50 radials, 0.2 
wavelength long, should generally give 
good operation. The loss in this case will be 
approximately | to 2 ohms. Doubling the 
number to 100 radials should reduce the 
loss to less than | ohm. It should be noted 
that even | to 2 ohms of loss are 
appreciable with these short antennas since 
their radiation resistances are only 12-1/2 
ohms. 

Again, the author would like to 
acknowledge the help, encouragement, 
and interest shown by the many amateurs 
during our experimental studies on 
verticals. Very few antenna laboratories 
can boast of a greater number of willing 
and competent field stations. In particular, 
we would like to thank Al Jones, W2GO, 
for his considerable help in obtaining 
comparative reports in Australia and New 
Zealand. This material was originally 
presented in OST by J. Sevick, W2FMI. 
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'Sevick, “The W2FM1 Ground-Mounted Short Verti- 
cal,” OST, March 1973. Also appears elsewhere in this 
chapter, 

2Sevick, “The W2FMI 20-Meter Vertical Beam,” OST, 
June 1972, 

3See footnote |, 

4Commercial unit. 

3See footnote |, 

6Cadillac Plastic and Chemical Co., P. O. Box 810, 
Detroit, M1 48232 

7Construction details on the top hat are also given in the 
reference in footnote 1. 

®2-1/2-inch (64-mm) diameter, 6 tpi, no. 12 wire. 

°The characterization and design of these trap verticals 
will be published later. 

See footnote | for details on the 40-meter vertical. 

'tSee footnote |. 

2See footnote |, 
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A Multiband Vertical Radiator 


An efficient multiband radiator with no traps and no loading coils? Impossible; you 
can't build one without them and have it work! “Oh, yes, sure you can.” | doubt it. 
“You wanna bet? Come on, I'll show you.” 


W..: would you say if the author told 


you this vertical antenna system was 89- 
percent efficient but had only six radials? 
(Efficiency is defined as the ratio of 
radiated power to total power delivered to 
the antenna.) No, it’s no joke. The vertical 
antenna that is described here is designed 
to work against ground systems that are 
less than optimum. 

By increasing the radiation resistance by 
about 200 ohms, we have been able to 
improve the effectiveness substantially of a 
vertical radiator with a poor ground 
system. The value of 200 ohms was selected 
as the feed-point radiation resistance 
because a toroid autotransformer with a 
1:4 ratio will match 50-ohm coax line very 
nicely, An added bonus when using such an 
arrangement is the Faraday screen effect 
that reduces noise pickup from being 
transferred to the feed line. The noise 
reduction over a conventional network was 
determined to be about 6 dB. See Figs. 11 
and 12. 

The system is based on a 135-degree 
antenna height. The radiation resistance at 
the base of the structure is about 200 
ohms,! ideal for our matching system. And 
at the same time the radiation pattern 
retains a reasonable form. The 10-meter 
groundplane on top of the structure acts as 
atop hat. On 7 MHz the phase loops cause 
the antenna to look like a fat radiator and 
between the two, top hat and phase loops, 
the electrical height of the antenna is raised 
to within the tuning range of the toriodal 
loading network. On 14 and 21 MHz the 
phase loops keep the instantaneous current 
on the structure in phase and eliminate 
high-angle lobes. When the system is 
switched to operate on 28 MHz, the 
groundplane at the top of the structure is 
fed through the coax line running up the 
lower portion of the structure. —~ 


Construction and Tuning 


The photographs and the drawings show 
how the antenna is constructed. Thesystem 
was designed so that “storebought” items 
could be used for the assembly, rather than 
fabrication of the antenna components. A 
list of required parts is given in Table 2. 

The tuning adjustments of the system are 
very noncritical. Tuning can be done with 


'The ARRL Antenna Book, 13th Ed. See Fig. 2-74 and 
the accompanying text on page 60. 
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an SWR indicator. The best sequence is to 
start with the highest frequency and work 
down. The 28-MHz groundplane used as a 
top hat can be adjusted before it is attached 
to the rest of the antenna. The Radio Shack 
li-meter groundplane that we used comes 
with a hairpin or “beta” match. With a 
short length of 50-ohm coax for the feed 
line, the groundplane should be adjusted 
for the lowest SWR in the 10-meter band. 
After the groundplane has been adjusted 
and attached to the top of the antenna, the 





This muitiband radiator, just over 36 feet 
(10.97 m) tall, operates on five amateur bands, 80 
through 10 meters. 





Table 2 


Parts Required for the Muitiband Vertical 

Radiator 

3 —10-ft (3.05 m) lengths TV mast; Radio Shack 
15-5066. 

1 —27-MHz ground plane; Radio Shack 21-901. 

3 —100-ft (30.48 m) rolls of 22-gauge hook-up 
wire; Radio Shack 278-1295. 

1 —Amidon Balun kit (see Fig. 12). 

1 —Aluminum box for tuner. 

1 —28-ft (8.53 m) length of RG-8/U coax line. 

4 —8-ft (2.44 m) sections of aluminum tubing (see 
Fig. 11). 

1 —Base insulator; soft drink or (?) bottle. 

1 —200-pF capacitor, air variable, surplus. 

Misc. — See text and figures. 





entire system can be raised into position for 
final tune-up on the lower frequencies. 
At this point the SWR indicator should 
be inserted in the 50-ohm feed line from the 
transmitter, as close to the antenna 
matching network at the base of the 
structure as possible. All that remains is the 
adjustment of the 200-pF capacitor. The 
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Notes 


1) Radio Shack 27-MHz groundplane cut to 
dimensions shown. Radials are at right 
angle and connected to mast. 

2) Three heavy-duty 10-ft (3.05-m) sections 
TV mast. 

3) Phase loops, sections of telescoping 5/8- 
{16-mm) and 1/2-inch (13-mm) aluminum 
tubing spaced 4-1/2 inches (114 mm) from 
mast. See text. 
50-ohm coax such as RG-8/U. At upper 
end connect center conductor to top 
element, braid to ground-plane elements. 
Connect lower end to base loader network 
(Fig 12). 





Fig. 11 — Details of the multiband radiating 
structure. See Table 2 for parts list. It is very 
important that a uniform spacing be maintained 
for the phasing loops, which may be supported at 
the bottom by shelf brackets. To support the 
upper portions of these loops, the author used 
homemade wooden spacers, 1/2 X 1 inch (13 X 25 
mm), which were soaked in paraffin and held in 
place by screws passing through the loop tubing 
and the main radiator tubing. Homemade 
Plexiglas spacers may also be used. 





The base of the multiband antenna system. The 
200-pF capacitor of the matching network is 
mounted inside a weatherproofed box, and the 
80-meter loading coil is mounted outside. The 
porcelain knife switches for bandswitching are 
mounted outside the aluminum box under a 
homemade hinged cover. The structure itself is 
supported by a 10-foot (3.05-m) wooden post set 
2 feet (0.61 m) in the ground (concrete optional). 


tuning will be different for each band. On 
21 MHz the capacitor will be only about 
five percent meshed, on 14 MHz about 
half, and on 7 MHz nearly fully meshed. 
The capacitor on 3.5 MHz, along with the 
3.5-MHz coil, can be adjusted to whatever 
section of the band you wish to work. The 
bandwidth will be about 400 kHz with less 
than 2:1 VSWR. To switch bands, all that 
is required is to set the double-pole, 
double-throw switch for the proper band 
and adjust the 200-pF variable capacitor. 

All of the antennas constructed so far 
were cut to the dimensions shown in Fig. 11 
and have not required any change. They 
have been installed in a wide variety of 
locations and the system design has been 
broad enough in tolerance to handle all of 


Although heavy-duty insulators were used to 
support the radiating mast from the post as 

shown here, experience has indicated that 
insulators are not required. The author suggests 
that a modified pair of chimney-mount brackets 
be fastened to the post with lag screws. A short 
length of PVC pipe or Mylar film may be placed 
around the mast where it is supported, if you feel-it 


necessary to have the mast insulated from the post. 


them. The writer’s antenna has been in 
operation since 1972 and has performed 
exceptionally well. In the first year on the 
air, I managed to work 100 countries with 
less than 250 watts. In several experiments 
with just the six radials, we made 
comparative tests between this design and a 
properly matched quarter-wave vertical 
over the same radial system. The radiation 
efficiency was about 60 percent for the 
quarter wave vs. 89 percent for the “little 
monster.” In the far field the signal 
improvement was better than 6 dB. 

Now there are eight of these antennas on 
the air, and several more are under 
construction. All of the hams who have 
built the antenna have had comparable 
results to mine. 


TO MAST 
BASE (FIG, 1) 





Fig. 12 — Schematic diagram of the base loading 
network. The connection to the mast base should 
be made with a short wire, no longer than one 
foot (0.31-m). The 200-pF capacitor should have a 
minimum of 1/16-inch (1.6-mm) plate spacing. 

L1 — 80-meter loading coil, 0.67 wH; 4 turns of 
aluminum grounding wire, 3-inch (76-mm) 
diameter, 1 turn per inch, air core. 

— Dpdt, heavy-duty type. Two porcelain knife 
switches from the local hardware store will 
suffice, one for each pole. 

— Bifilar-wound toroidal autotransformer, 
1:4 ratio; 11 turns spaced around 2-inch (51- 
mm) ID toroidal core: Amidon Balun Kit or 
equiv. (Amidon Associated, 12033 Otsego 
St., North Hollywood, CA 91607). 


are 
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There are three hams to whom this 
author would like to give credit. They 
helped in testing and measuring the system 
and encouraged me to get it down on 
paper. They are Bob Crawford, WA6RYZ; 
Frank Scott, W6WOP and John 
Campbell, W6NVV. This material was 
presented originally in QST by A. E. 
Collins, K6VV. 
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A Triband Vertical Antenna 


Keep your vertical antenna simple. Operate three bands without using traps! 


Lie most common vertical is the 
quarter-wave type, which radiates well and 
is easily matched to a coax feed line, but has 
the weakness that it is a single-band 
antenna. Methods of adapting a vertical for 
multiband operation include the use of 
traps, loading coils and elements of 
different length fed in parallel. The antenna 
system to be described here was arrived at by 
treating separately the problems of design- 
ing the antenna and of designing the 
matching system. 

The antenna design was easy. A height of 
22 feet (6.71 m) is optimum for a vertical 
antenna for 10, 15 and 20, and several 
commercial verticals are of this height. It 
corresponds to about five-eighths wave- 
length on 10 meters. Greater height results 
in reduced low-angle radiation on 10, 
besides being more difficult to erect. A 22- 
foot (6.71-m) vertical gives better low-angle 
radiation thana quarter-wave vertical onall 
three bands and is especially good on 10 
meters. 

The antenna consists of 22 feet (6.71 m) of 
300-ohm twin-lead, with both conductors 
tied together, held about an inch from a 
bamboo pole by means of small blocks of 
insulating material spaced every two feet or 
so along the pole and held in place with 
plasticelectrical tape. The pole is guyed with 
nylon fishing line, and the antenna is 
operated against a groundplane of four 
quarter-wave radials for each band. The use 
of twin-lead rather than a single wire 
simulates a thicker conductor and reduces 
the impedance, making the antenna easier 
to match. Even so, the antenna impedances 
are vastly different on the three bands. The 





Table3 


Approximate impedances at base of 22-foot 
(6.71-m) ground-plane vertical antenna 








Frequency Resistance Reactance 
14.250 MHz 100 ohms +200 ohms 
21.375 MHz 1200 ohms —500 ohms 
28.500 MHz 60 ohms —220 ohms 
Table 4 


Impedances at input end of 27.8-foot (8.47 -m) 
matching section of 300-ohm twin-lead 
terminated by the impedances listed in Table 3. 


Frequency Resistance Reactance 
14.250 MHz 93 ohms +177 ohms 
21.375 MHz 63 ohms 0 ohms 
28.500 MHz 75 ohms —282 ohms 
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Fig. 13 — The triband vertical antenna system. 


A — Vertical radiator, 22 ft (6.71 m) of 300-ohm 
twin-lead with conductors in parallel. 

8B — Four radials, each consisting of 1/4, of wire, 
for each band (12 wires in all). 

C — Matching section, 27.8 ft (8.47 m) of 300- 
ohm twin-lead. 

D — Reactance unit; see Fig. 14. 

E — 75-ohm coax to transmitter, any length. 


MATCHING 
SECTION 


75 OHM COAX 





Fig. 14 — Reactance-unit circuit. 


L1 — 0.86 yH; 7 turns no. 16 (or heavier). 
1-inch (25-mm) dia, 1-inch (25-mm) winding 
length. 

C1 — 30-pF air trimmer set to 23.1 pF. 

C2 — 100-pF air trimmer set to 41.7 pF. 


presumed values of impedance are listed in 
Table 3. These values are taken from 
published data! and assume a cylindrical 
antenna of specific radius operated against 
a perfect ground. The antenna is not 
cylindrical, and it operates against a wire 
groundplane, so that the impedances listed 
must be considered approximate only. The 
results obtained indicate that they are at 
least fairly close. 

If the three antenna matching imped- 
ances are normalized to 300 ohms and 
plotted ona Smith chart, it can be seen that 
it is possible to obtain a reasonably good 
match to a coax line on any of the three 
bands by using an appropriate length of 
300-ohm line as a matching section 
connected between the antenna and the 
coax line. What is not possible is to find a 
single length of line that will provide 
suitable matching on all three bands. 


‘Jordan, E. C., Electromagnetic Waves, and Radiating 
Systems, Figs, 13-12 and -13, New York: Prentice- 
Hall, Inc,, 1950, pp. 482-3. 


It turns out, however, that a 27.8-foot 
(8.47 m) section of 300-ohm line having the 
0.82 velocity factor which is usual for twin- 
lead has interesting characteristics. Such a 
section of line, connected to an antenna 
having the impedances listed in Table 3, has 
the input impedances listed in Table 4. This 
combination of antenna and matching 
section is shown in Fig. 13. 

It will be noted, first of all, that this 
combination may be used as it stands on [5 
meters and fed with any usual coax. What is 
even more interesting, however, is that the 
input resistance is near 75 ohms on all three 
bands, though on 10 and 20 there is also 
considerable reactance. If a reactance unit 
could be made which had just the correct 
value of reactance to cancel out the input 
reactance of the matching section on all 
three bands, the unit could be connected in 
series with the matching-section input and 
the system fed with 75-ohm coax onall three 
bands. 


Reactance Units 


Can such a unit be made? Certainly! It’s 
not hard at all. It consists of a simple seven- 
turn coil and two trimmer capacitors and is 
shown in Fig. 14. The trimmers are most 
easily adjusted with the aid of a grid-dip 
meter before the reactance unit is installed. 
Cl should be set so that LICI resonates at 
35.85 MHz, and C2 can be subsequently 
adjusted by temporarily connecting it in 
parallel with LIC! and varying it until the 
combination resonates at 21.37 MHz. 

With the reactance unit adjusted as de- 
scribed, the antenna when first assembled 
showed SWRs of 2.1, 1.4, and 1.50n 10, 15, 
and 20 meters respectively. Connecting the 
unit into the feed system apparently in- 
creased its shunt capacitance somewhat, 
for a small reduction in the value of Cl 
changed the SWR readings to 1.3, 1.5, and 
1.4. These values could probably have been 
improved still more by further adjustment 
of Cl and C2, but it was not considered 
worth the trouble. If it is undertaken it 
should be borne in mind that the adjust- 
ments interact, but that C1 has its greatest 
effect on 10 meters and C2 on 20 meters. In 
any case it is not possible to obtain a perfect 
1:1 match with this antenna system. 

An SWR of 2, however, which can easily 
be bettered on all three bands, is within the 
loading capability ofalmost any transmitter 
and causes an additional loss over a 
perfectly matched line of less than half adB 
even when the transmission line is very long. 
Since such a change in signal strength is 
undetectable, an SWR of 2is in practice as 


good as an SWR of 1, as far as losses are 
concerned, 


A Few Notes 


A few observations are in order. The 
matching section has a fairly high SWR 
(between 4:1 and 8:1), and it should be 
spaced well clear of metal objects and 
should not have sharp bends. TV standoffs 
are useful here. It is important that thesame 
side of the matching section be connected to 
the coax shield and to the groundplane. If 
such a thing were available, 300-ohm coax 
would probably be preferred for the 
matching section, but for medium power 
(180 watts PEP) TV-type twin-lead for the 
matching section and receiving-type 


trimmers in the reactance unit have proved 
satisfactory. The parallel circuit LICI does 
not operate at its resonant frequency, and 
thus high circulating currents are not 
encountered. High power might necessitate 
heavier components, The reactance unit 
needs protection from the weather and can 
be built into a small plastic box and sealed 
with plastic electrical tape. 

Although the antenna is matched atthree 
widely separated frequencies, it is not 
matched at intermediate frequencies and is 
thus not a broad-band antenna in the usual 
sense. Nevertheless, it is broad enough for 
normal ham use. The SWR remains below 
2:1 over the entire 15- and 20-meter bands, 
and also between 28.3 and 29.4 MHz on 10. 


All SWRs mentioned in this article have 
been measured at the transmitter and are 
thus probably a little optimistic. Transmis- 
sion-line losses are not known, butthelineis 
not long (about 40 ft. [12.19 m]), and it is 
doubtful that the SWRs at the reactance 
unit are much higherthanthose measured at 
the transmitter. 

This antenna is no match for a quad ora 
Yagi, but it has provided numerous 
transatlantic QSOs on all three bands. 
Because of its effectiveness, convenience, 
and the cheapness and availability of 
everything used in its construction, itshould 
appeal to many hams. This material was 
originally presented in OST by Frank A. 
Regier, OD5CG. 


A Multiband Groundplane Vertical Antenna 
with Tuned Feeders 


Who says tuned feeders are used only with horizontal wire antennas? Go multiband 
with a simple vertical radiator by using a tuned-feeder system — and do it with 


ease! 


F.. several years, the author has 
experimented with several versions of this 
antenna and has found them to be most 
satisfactory. The antenna shown in Fig. 15 
provides not only outstanding performance 
on 10, 1Sand 20 meters, but performance on 
40 and 80 meters equivalent to most mobile- 
antenna installations. Full efficiency on 
these latter bands can be realized by making 
the vertical and radial portions propor- 
tionately longer. 

The antenna system consists of the 
radiating element, groundplane radials, an 
open-wire feeder of any convenient length, a 
Transmatch capable of either series or 
parallel tuning, and an antenna SWR 
bridge. This combination is shown in Fig. 
16. 


Antenna and Radial Lengths 


The author preferred to cut the antenna 
for resonance on one particular ham band 
(20 meters), but it is not necessary that the 
antenna be resonant on any band. Efficien- 
cy willsuffer, of course, on bands where the 
length is significantly shorter than one- 
quarter wavelength. Whatever the length 
chosen for the antenna, the radials should 
be of about the same length. 


Construction 


Constructional details are shown in the 
sketch of Fig. 15. In the event the specified 
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Fig. 15 — Sketch of W4VON’s simple multiband 
antenna. 
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aluminum tubing is not available, thin- 
walled galvanized electrical conduit, 
aluminum conduit, or copper pipe may be 
used. 

It is recommended that the vertical 
element not be supported by drilling holes 
through the tubing, as this will substantial- 
ly weaken the structure. An alternative 
mounting arrangement is shown in Fig. 
17. The insulators are porcelain standoff 
types with a lag-screw insert. They will be 
found at electrical supply houses (also at 
Sears), and are sometimes referred to as 
“saddle” type insulators. The hose clamps 
are stainless-steel gear type. 


Adjustment 


Operation of the antenna is simple. The 
Transmatch (a suitable one, including 
SWR bridge, is described in the ARRL 
Handbooks) and SWR bridge are connect- 
ed, and the tuning network adjusted for 


OPEN WIRE 
LINE TO 
ANTENNA 


TRANSMATCH ee ee: 8 


Fig. 16 — Recommended setup for coupling antenna line to low-impedance transmitter output. 
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ANTENNA 
ELEMENT 


ace. 


HOSE CLAMPS 


Fig. 17 — Suggested method of mounting 
radiator element without drilling holes in 
aluminum tubing. 





maximum forward and minimum reflected 
power. Initially, it will be necessary to 
determine experimentally whether series or 
parallel tuning is required for the particular 
combination of band, feeder length, and 
antenna length selected. 

The tuned-line-fed groundplane vertical 
antenna gives excellent performance, 
can be easily constructed in just a few 
hours even by a beginner, requires a mini- 
mum of installation space and costs less 
than $5, excluding the Transmatch and 
SWR bridge. Thetuned circuit of the Trans- 


match provides excellent discrimination 
against harmonic output fromthetransmit- 
ter. Ease of construction and portability 
make this antenna an ideal one for Field 
Day use. 

In case one wonders about the mismatch 
between the line and the antenna, the secret 
is in the use of open-wire line. The loss in 
such a line with an SWR of 25:1, at 10 
meters, is less than the loss in RG-58/U 
when the latter is matched. This material 
was originally presented in QST by Arthur 
S. Gillespie, Jr., K4TP. 


A Helically Wound Vertical Antenna for the 


75-Meter Band 


“Around and around she goes, and where she comes out — nobody knows.” 
True, perhaps, with a wheel of fortune, but with a helically wound vertical the rf 
comes out effectively for DX and local work! 


n order to have a full-size vertical 
antenna for the 75-meter band, the antenna 
would have to be around 65 feet (19.81 m) 
tall. That, alone, would require guying, or 
some other means of support which would 
result in a structure with no aesthetic 
appeal to any nonhams (who comprise 
almost 100 percent of the author’s 
neighborhood). By using a_ helical 


configuration, the overall antenna height is 
reduced, thus eliminating the need for 





The dark pole to the immediate left of the tower is 
the WA@WHE helically wound vertical antenna. 
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guying. With the helically wound antenna, 
more equal current and voltage 
distribution is accomplished (as compared 
with a lumped impedance from a loading 
coil). As a result, a better radiation pattern 
is produced. With this system very little 
reactance has to be cancelled out, 
eliminating the need for an overly large 
“top hat.”! This antenna will easily take the 
full legal power limit. 

Construction details for the antenna are 
shown in Fig. 19. The following is a list of 
parts used in constructing the antenna 
system, 


| — 20-ft (6.10-m) section of 4-inch (102- 
mm) OD plastic pipe (obtained at a local 
plumber) 

130 ft. (39.62 m) no. 12 plastic-insulated 


'[Editor’s Note: Some form of metal top hat should be 
connected to the last turn of the driven element at 
the high-impedance end of the radiator. Extremely 
high levels of rf voltage can develop at the end of the 
helix, sometimes causing the tip of the antenna to 
burn. The top hat tends to lower the Q of the antenna, 
thus reducing the voltage level at the far end. An 
aluminum pie tin mounted on a ceramic cone insula- 
tor works well in this application.] 



































Fig. 18 — Measured SWR of the vertical antenna. 
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Fig. 19 — Construction details of the helically wound antenna. 


solid copper wire (allow a little extra, 
about 2 ft. [0.61 m]) 

] — 10-in. (254-mm) disk ofsheet metal (top 
hat; stop at a sheet metal or furnace re- 
pairman — I got this free) 

260 ft. (79.25 m) no. 14 solid bare copper 
wire (I used only four radials in this 
system; use as many as you have room or 
money for) 

20 sq. ft. (1.86 sq. m) of marine plywood for 
base 

2 — 2 X 2 10-ft. (3.05 m) sections, for 


internal bracing 
| — 8-ft (2.44-m) copper ground rod (for 

radial junction) 

The cost can be reduced considerably if all 
materials are readily located or already 
owned. 

Fig. I8 shows the results of SWR 
measurements. The SWR indicator used to 
make the measurements was a Midland 
model. The antenna was adjusted for 
minimum S WR at resonant frequency with 
the tuning capacitor at the base. The 


FEEDTHROUGH INSULATOR 


15OpF 


a RG-8/U IN THROUGH SIDE 


8'(2.44m) TO 10'(3.05m) GND 
ROD WITH RADIALS SOLOERED 


frequency for this antenna is 3995 kHz with 
123 feet (37.49 m) of wire wound on the 
support and one 8-ft. (2.44-m) ground rod 
and four 65-ft. (19.81-m) radials. There are 
numerous configurations possible with this 
system including a broadcasting favorite 
such as phasing two or more structures. I 
forgot to mention . . . give the entire 
structure one or two coats of marine 
varnish to seal the turns. This material was 
originally presented in QST by Gary L. 
Ellingson, WAQWHE. 


Vertical Antennas 21 


The Ground-Image Vertical Antenna 


The name of the game with vertical antennas is the “ground system.” Not just 
any hastily contrived radial ground will do the job right. Read these details for 
building an effective ground that provides positive results. 


— though a beam antenna supported 

at the modest height of 40 feet (12.19 m) isa 
compromise (a 20-meter beam should be 
higher to be really effective), itstillcan bean 
obstacle to good neighborly relations, at 
least if your neighbors don’t appreciate the 
ecological beauty of such an installation. 
Moreover, even that modest sort of an 
installation presents quite a number of 
engineering problems, 

This report presents the results of the first 
phase of an investigation to find a less 
conspicuous but equally effective antenna 
for use at a new location. The author hopes 
it will provide suggestions for those faced 
with a similar problem. At the least, it may 
be of some value to those with a general 
interest in the subject of antennas. 

This first part of this section deals briefly 
with theoretical considerations, the second 
with experimental results on quarter- 
wavelength and five-eighths-wavelength 
verticals, and the third on the test 
equipment. It should be pointed out at the 
outset that the information presented here is 
the work of a hobby and as such cannot be 
exhaustive. It is hoped that others will 
repeat some of the experiments, extend the 
work, and report the effect in practice ofa 
groundplane system above 3 MHz. To my 
knowledge such practical data have not 
been reported. 


Theoretical Considerations 


A beam antenna possesses the advantage 
of gain and directivity. Nevertheless, its DX 
capability is determined primarily by its 
vertical radiation pattern. A large portion 
of the radiated energy should be directed 
between 5 and 25 degrees from the 
horizon.',?, Honzontally polarized anten- 
nas yield lower angles of radiation with 
increase in height above the ground. This is 
a result of the interference pattern created 
by reradiation from the earth’s surface. 
Since the earth is a somewhat conducting 
medium, the electric field tangential to the 
surface must be approximately zero. This 
“boundary” condition is brought about by 
the induced surface currents whichcreatean 
electric field of opposite phase. This field 
then combines constructively and destruc- 
tively with the initial radiation from the 
antenna, A model for this condition is an 
image antenna of opposite phase below the 
earth’s surface as a depth equivalent to the 
height above the surface.3 In order to get a 
lobe below 15 degrees, the antenna height 
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The 20-meter vertical antenna in the foreground, 
and the 26-foot (7.93-m) test tower. 





The base of the vertical element of the antenna 
and the impedance bridge. Forty radials, in 
bundles of five are fastened to the aluminum base 
plate and are tied down with a ring made from 
copper tubing. 


must exceed a wavelength. This is greater 
than 60 feet (18.29 m) on 20 meters. 

On the other hand, a vertical antenna, in 
the ideal case, possesses an image which isin 
phase to produce a lobe tangential to the 
earth’s surface. Only when the antenna 
length is increased to a wavelength, or 
multiple thereof, does the tangential lobe 
disappear. This is true whether the antenna 
is on the ground or suspended in space. 
Therefore, a vertical beam, i.¢., an array of 
vertical antennas coupled together with an 
appropriate feed system, on the surface of 
the earth, seemed to be the logical choice for 


the new installation since it would appearto 
meet the following objectives: The system 
should 

1) Exhibit a minimum profile. 

2) Be easy to install and tune. 

3) Offer a low angle of radiation. 

4) Not require a large outlay of money. 

The author proceeded, therefore, to 
construct an array with four vertical 
elements. When the tests were begun, it 
immediately became apparent that the 
simple procedures the writer was using were 
inadequate to cope with such a complex 
system. The author had to start anew to 
develop a test procedure and to build some 
suitable test equipment. The logical step 
was to backtrack toasingleverticalantenna 
and use it as a standard on which to develop 
some basic test standards. As discussed 
subsequently, the writer found that 
relatively simple equipment, e.g., a simple 
impedance bridge, a field-strength meter, 
and a test oscillator, gave this author all of 
the data about the system that he needed. 

It is important to note that atrue ground- 
image antenna differs substantially from a 
ground-plane antenna system which relies 
merely on a few A/4 radials above the 
ground. A true ground-imagesystem results 
when a sufficient number of radials are used 
and an image of only the vertical section is 
sufficient to describe it. Considerable 
information45 is available on ground- 
image systems for verticals operating below 
3 MHz. The results have shown that some 





Base hardware for the antennas being tested. The 
insulator was made from 1-inch (25-mm) maple 
dowel, turned down to accept the 7/8-inch (22- 
mmm) inside diameter of the ground and antenna 
tubing. 





Table 5 


Comparison of responses of 1/4-wavelength and 
5/8-wavelength vertical antennas at low radiation 
angles. Data were taken by field-strength meter 
mounted on a wooden tower ata distance of 7.5 
wavelengths at 14.25 MHz. Field strength (E) is 
normalized to maximum value obtained with 5/8- 
wavelength case. 


GAIN OF 
0 E(\/4) — E(5/8d) 5/8-\ 

ANTENNA 
0.1° 0 0.58 ad 
0.4° 0 0.62 o 
0.75° 0.62 0.80 3.4d8 
1? 0.69 1.0 3.208 
1.5° 0.62 0.92 3.448 
2.25° 0.48 0.80 4.348 
3° 0.41 0.69 4.5dB 





The triband trap vertical antenna. which has an 
overall height of only 12.5 feet (3.81 m), With the 
system of 40 radials, performance of this antenna 
on 20 meters was about the same as that of the 
1/4 and 5/8-wavelength vertical elements 


100 radials of A/2 in length, buried just 
below the surface, provide an adequate 
ground system. At higher frequencies, the 
dielectric effect of the earth becomes 
important, resulting in severe discrimina- 
tion of radiation or reception at very low 
angles.*.? At low angles, the waves not only 
suffer by absorption, but also byachangein 
phase which results in destructive interfer- 
ence. Since little specific information was 
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Fig. 20 — The input impedance of a 20-meter 
quarter-wave vertical antenna as a function of the 
number of radials 0.4-wavelength long. The four 
and eight radials consisted of bundles of five 
wires of no. 18 guage. The 40-radial point was 
obtained by fanning out the eight bundles. 
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Fig. 21 — The improvement of low-angle 
radiation of a quarter-wavelength vertical 
antenna on 20 meters as a function of the number 
of added radials. A test oscillator was mounted on 
a wooden tower four wavelengths away at an 
elevation angle of six degrees from the base of 
the vertical. 


available at higher frequencies, the objec- 
tive of the present work was to measure the 
input impedance and vertical radiation 
pattern at low angles ofa vertical antennaas 
a function of the number of radials, in order 
to determine the feasibility of a vertical- 
array system as a competitor to beams at 
high elevation. The results of the tests were 
most gratifying. The author found that 
many of the “rules of thumb” which have 
developed and have been perpetuated tothe 
point where they are practically taken for 
granted were more myth than truth. 


Experimental Results 


The classical paper on radial systems, 
which reports experimental results at 1 and 
3 MHz, indicates that a large number of 
radials 0.4 long should be used.* This 
appeared to be a good starting point for a 
20-meter vertical. Accordingly, tocheck the 
number of radials needed, this author used 
eight bundles of wires, each 25 feet (7.62 m) 
long, and each made up of five no. 18 
copper wires. Each bundle was bolted toa 
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Fig. 22 — The result of interlacing 3/2-wavelength 
radials in a particular direction. Data were 
obtained by using a test oscillator on a wooden 
tower eight wavelengths away, at an elevation 
angle of 3 degrees from the base of the vertical, 
The results indicate the advantage of longer wires 
and the possibility of directional properties of a 
nonsymmetrical radial system. 


5 X 1 /4-inch (127 X 6-mm) aluminum plate 
as shown in the photograph. The writer 
was then able to use each bundleas a radial, 
measure the input impedance of the 
system, and then separate the bundles, wire 
by wire, to increase the number of radials in 
the system. 

Fig. 20 shows the input impedance as a 
function of the number of radials used. 
Measurements were made with a simple 
impedance bridge. (Its construction is 
discussed later.) The antenna was resonated 
before cach measurement was made, and 
the difference between the 40-radial system 
and the 8-radial system resulted only by 
fanning out the bundles of wires. This 
technique points out another important 
feature of ground systemsand refutes one of 
the old myths: since the current carried by 
the radial system is equally divided amongn 
radial elements, each radial is required to 
carry only 1/n of the total current. This 
means that relatively small diameter wire is 
perfectly adequate. 

Moreover, it was found that at the higher 
frequencies it is best to keep the radials near 
the surface of the ground. Radials buried 
more than a few feet become less effective! 
Thus, you should not rely on the old 
admonition that radials should be 6 feet 
(1.83 m) down to be effective. This writer 
found that burying the wires slightly below 
the surface is the best way of installing the 
system. Mechanically the radials can be 
nailed down, electrically they are most 
effective, and esthetically they provide little 
interference to a healthy stand of grass. 

It will be seen from Fig. 20 that the input 
impedance for a vertical antenna is 
drastically affected by the number of 
radials. Many radial wires are necessary to 
prevent an excessive loss of power and to 
provide a convenient input impedance. Fig. 
20 also shows the theoretical impedance 
limit for an antenna having an effective 
height-to-radius ratio of 300:1.9 
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Fig. 21 shows the effect on low-angle 
radiation as a function of the number of 
radials. These data were obtained by 
placing a test oscillator on a wooden tower, 
four wavelengths away. A photograph 
shows the 20-meter vertical and the 26-foot 
wooden test tower. 

The effect of using longer radials in a 
particular direction is shown in Fig. 22. 
Radials of no. 18 wire, 3/2 wavelengths 
long, were put down between the existing 40 
radials, The spacing between the longer 
wires was five degrees. The considerable 
improvement indicates the need for longer 
wires and the directional properties a 
groundplane could give. 

A 5/8-wavelength vertical was also 
constructed and tested. It consisted of a 40- 
ft. (12.19-m) telescoping aluminum pole 
and a loading coil of eight turns of no. 12 
wire with a diameter of 2.5 inches (64 mm). 
The comparison in low-angle radiation ata 
distance of 7.5 wavelengths is presented in 
Table 5. A field-strength meter was 
mounted at different heights on the 26-foot 
(7.93-m) tower. The groundplane for these 
data consisted of the 40 0.4-A radials plus 
the [1 3/2-A ones. Measurements were 
taken in the direction of the added longer 
radials. The results show the improvement 
in low angle radiation offered by the 5/8-A 
vertical, The input impedance of this 
longer antenna was found to be 76 ohms. 


On-the-Air Checks 


From these experiments and measure- 
ments the author decided to settle ona | /4-A 
antenna with approximately 40 radials. The 
installation is shown in the photograph. 
This writer then proceeded to make on-the- 
air tests to compare its effectiveness with an 
inverted-V antenna having its apex at 0.4 
wavelength, and with a 5/8-A vertical using 
the same ground system. Surprisingly, the 
1/4-A vertical seemed to perform just as well 
as the much taller 5/§-A vertical, This could 
result from the fact that most signals arrive 
after several hops and the optimum lobe 
angle is probably as high as 15 to 20 
degrees.!° At that angle, the A/4 antenna 
actually enjoys an advantage. With practi- 
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cally all DX contacts, the verticals had a 6- 
to 8-dB improvement over the inverted V! 
The only exceptions were at intermediate 
distances and for local contacts. At about 
500 or 600 miles, the inverted V with its 
higher angle of radiation gave better results. 
Locally, the verticals gave far superior 
performance. Improvements of 10 to 15dB 
were recorded. A triband trap vertical 
antenna was also tested on 20 meters and 
found to be practically the same in 
impedance and performance. This antenna 
had an overall height of only 12.5 feet (3.81 
m)! 


Test Equipment 


A most interesting aspect of antenna 
measurements is that the equipment can be 
rather simple and in many cases constructed 
from items most amateurs havein theirjunk 
boxes. All that is really needed is some 
standard to compare with, such as a 
wattmeter or an S meter that is known to 
have reasonable accuracy. This writer has 
used both — the wattmeter in a Drake L-4B 
linear amplifier and the S meter in a R-4B 
receiver. 

The impedance bridge shown in the 
photograph was patterned after the one 
shown in the ARRL Handbook. Care was 
taken in shielding the input and output 
circuits. The meter was mounted externally 
in order to minimize stray pickup. A 
calibration curve was obtained at 14.25 
MHz by using many carbon resistors of 
known values as the load. 

The field-strength meter is a simple diode 
detector and dc amplifier. The instrument 
was constructed to cover the 10-, 15-and 20- 
meter bands. Its meter was also mounted 
externally, The antenna length for the field- 
strength meter was determined by the 
strength of the available field. Inadditionto 
these pieces of test equipment, a 20-meter 
transistorized crystal oscillator was used for 
many of the tests. 


Conclusion 
The performance of a vertical antennaon 


the ground is highly dependent upona good 
ground system, and, properly installed, the 


antenna can be a very good performer 
indeed for DX and local contacts. This is 
particularly true at the higher frequencies 
where the dielectric property of the earth 
plays a major role. Forty radials of no. 18 
wire, 0.4 long, will increase the total 
radiated power by about 3 dB. Radials can 
be thin if a sufficient number are used. The 
thought of using thick wires buried deeply, 
probably a carryover from lightning 
grounds, is not valid at higher frequencies. 
The idea of using only four buried radials, as 
commonly recommended, is aserious error, 
and if this article does nothing more than 
eliminate that misconception, this author 
will be satisfied. Since the electric field only 
penetrates the ground forafoot ortwoatthe 
higher frequencies, the radial wires need be 
buried only as deep as necessary to escape 
children’s feet and the lawn mower. Finally, 
these results fromthe single vertical antenna 
indicate that a vertical array could be a 
competitor to the more elaborate horizon- 
tal beams and warrants further investiga- 
tion. This material was originally presented 
in OST by Jerry Sevick, W2FMI. 
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The W2FMI Ground-Mounted Short Vertical 


Just because the vertical is physically short doesn’t mean it won't provide excellent 
results in DX work. Theory says it can be done. Here’s how! 


A short vertical antenna, properly 
designed and installed, approaches the 
efficiency of a full-size resonant quarter- 
wave antenna. Even a six-foot (1.83 m) 
vertical on 40 meters can produce an 
exceptional signal. Theory tells us that this 
should be possible, but the practical 
achievement of such a result requires an 
understanding of the problems of ground 
losses, loading, and impedance matching. 
This paper covers design principles which 
are applicable to all of our amateur bands. 


Background 


Earlier work by the author! on the 
radiation efficiency of a ground-mounted 
vertical resulted from the desire to designa 
simple, inexpensive, low-profile DX beam 
for 20 meters. This first work reviewed the 
theoretical considerations involved and 
pointed out that a good ground system is 
essential to achieve efficient operation of a 
resonant quarter-wave antenna. The 
second work applied these results to a 20- 
meter beam.? In the process of trying to 
extend the results of these investigations to 

_ the 40-, 80- and 160-meter bands, and to 
possible multiband operation, the need 
arose to understand the operation of a 
shortened vertical and the effects of 
different loading schemes on the input 
impedance. 

The first part of this paper deals with the 
theoretical considerations ofa short vertical 
antenna and the experimental procedures 
involved in measuring the various para- 
meters. This is followed by experimental 
results which show the trade-offs involved 
in shortening antennas by various loading 
schemes. Finally, specific designs are given 
for the 40- and 80-meter bands. 


Theoretical and Experimental 
Considerations 


There are several] old familiar axioms in 
Amateur Radio that are not completely 
understood by the amateur. The author 
refers specifically to the two sayings: Make 
the antennaas long as possible anderect it as 
high as possible, and, A full-size beam is 
better than a smaller beam, and a tall 
vertical is always better than a short one. 
The first axiom is particularly relevant to 
horizontal antennas, where height is most 
important for reliable DX operation.3 
Increasing the length tends to increase the 
gain in certain directions. But with the 
vertical antenna, taking it off the ground 
and feeding it at a voltage point (like the J 





The matching network and base hardware 
showing 115 radials with the 6-foot (1.83-m) 
vertical. The pi network is covered with a plastic 
bag. 





The 10-foot (3.05-m), 40-meter vertical designed 
for an input impedance of 12.5 ohms in order to 
use a 4:1 step-up bifilar transformer. The top hat 
has a diameter of 4 feet (1.22 m) and the coil, 
placed one foot (0.31 m) below, has 14 turns. 
Shown at the base is the transformer and 
impedance bridge. 








The author with the 6-foot (1.83-m), 40-meter 
vertical. 


antenna) in order to eliminate radials can 
result in poorer performance because of 
increased earth loss.4.5 More experimental 
work remains to be done on this phase of 


vertical antennas. The second axiom noted 
above is generally true, but misinterpreted 
by many. The author refers to those 
important properties: power gain — 
important in transmitting and capture 
cross-section — important in receiving. 
(Power gain is the gain, in magnitude, 
compared to an isotropic radiator; cross- 
section is a fictitious area related to the 
ability of the antenna to intercept the 
radiated power and makeit available to the 
receiver for detection.) As will be seen 
below, very little is compromised in these 
properties by shortening the antenna. 

The short antenna has been defined as 
one that is small compared to a wavelength. 
In a more exact form, it is defined insucha 
manner as to simplify the mathematics in 
the theoretical calculations. King‘ has used 
the following inequality as the definition 


where 


Boh= <0.5 
_ Wait 
Bo i 


h = half-length of a center-fed antenna 
or the height of a ground-mounted 
vertical. 


X= the wavelength 


Boh is actually a quantity which is used to 
express the height of an antenna in terms of 
an angle in radians. Thus, this quantity is 
independent of the frequency. Since 40 





Table 6 


Inductive Loading 
1) Base Loading 


No.of Turns" h Rass 

a) 7 24ft Zin. 14.5 ohms 

b) 10 18ft Qin. 7.5 ohms 

c) 12 15 ft 7in. 5.5 ohms 

d) 14 13 ft 4 ohms 

e) 18 8 ft 10in. 2 ohms 
2) Midpoint Loading 

No.of Turns” h Arua 

a) 6 28ft Sin. 28.5 ohms 

b) 11 24ft Zin. 25,2 ohms 

¢) 16 19ft 8in. 16.5 ohms 

d) 18 15ft 8in. 12.3 ohms 

e) 24 14ft Gin. 10.5 ohms 
3) Three-Quarter Point Loading 

No.of Turns* h Raa 

a) 10 29ft 4in. 32.5 ohms 

b) 18 23 ft 26 ohms 

c) 23 21ft 2in. 23.5 ohms 

dg) 24 19ft 2in. 22 ohms 


*B & W 3029, 2-1/2 in. dia, 6 TPI, no. 12 wire. 
1 ft = 0.3048 m 
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Table 7 
Top Hat and Distributed Loading 


1) Top Hat Loading (4-spoked wheel with 1/8-inch Al wire rim) 








Diameter h Resa 
a) ft 30 ft 10 in. 34 ohms 
b) 2ft 28 ft 7in. 32.5 ohms 
c) 4ft 24 ft 30 ohms 
d) 7ft 19ft 2in 23.5 ohms 
e) 4ft* 23 ft 4in. 29.4 ohms 
2) Distributed Loading (Helical Antenna) 
No. of Turns h Russ. Top Hat at 7.5 ft 
Above Coil 
a) 111 12 ft 8 ohms 1 ft dia. 
b) 105 12 ft 10 ohms 2 ft dia. 
c) 113 7h 6 ohms 2 ft dia. 
d) 75 7 ft 7.50hms 4 ft dia. 
*B-spoked wheel 
1 ft =0.3048 m 
Table 8 
Parameters of the 40-Meter Short Vertical Designs 
Total Height Ana No. Turns* Dia. Top Bandwidth 
(ohms) (ft) 
6 ft 3.5 14 7 100 kHz 
8-1/2 ft 7.5 at 6 in, below top hat 
8-1/2 ft 7.5 75 4 100 kHz 
on 7 ft dowel 
1-5/8 in. in dia. 
10—sft 12.5 14 4 125 kHz 
1 ft below top hat 
15 ft 10 in. 12.5 7 4 540 kHz 
at base 


“Except for helical antenna, coil wire is same as shown in Table 6. 


1 ft =0.3048 m 
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Eight-and-one-half-foot (2.59-m) helical antenna 
using a 2-foot (0.61-m) top hat 1-1/2 feet (0.46 m) 
above the 7-foot (2.13-m) helix. The 75 turns have 
approximately a 3-inch (76-mm) pitch below the 
midpoint and 1.5-inch (38-mm) pitch above. Very 
little difference was noted in reversing the 
pitches. The input impedance was 7.5 ohms. 


26 Chapter 1 


meters was used mostly for experimental 
results presented in this article, the 
inequality above assures accurate theoreti- 
cal calculations for verticals of 11 feet (3.35 
m) or less. 

The theoretical results show that the 
power gain for a very short antenna, even 
less than 1-foot (0.31-m) high on 40 meters, 
is 1.5.7 This increases slowly to 1.513 foran 
11-foot (3.35-m) antenna. These gains areto 
be compared to about 1.62 for a resonant 
quarter-wave vertical. It can be seen that 
this difference amounts to less than 0.4 dB 
or 0.07 S unit, based on 6 dB per S unit. 

In a similar fashion, the capture cross- 
sections differ by relatively small amounts. 
For the very short antenna, a cross-section 
value is 0.119 A2, while for the quarter-wave 
vertical it is 0.13 A. This is surprising to 
many since it is difficult to visualize a 
vertical of a foot or two (0.31 or 0.61 m) in 
height on 40 meters, having practically the 
same receiving ability asa 33-foot (10.06-m) 
quarter-wave antenna! 

But the important property of a short 
vertical that makes its capture cross-section 
nearly the equivalent ofa full 1/4-A antenna 
is its very small value of input resistance. Fig 
23 shows the theoretical curve and the 40- 
meter experimental results for the input 
resistance ofa ground-mounted verticalasa 
function of height.* The experimental data 
were obtained by essgntially canceling out 
the capacitive reactance of the vertical byan 
inductance at the base of the antenna and 





Base of the vertical antenna with 60 radials, The 
aluminum disk is 15 inches (0.38 m) in diameter 
and 1/4 inch (6 mm) thick. Sixty tapped holes for 
1/4-20 aluminum hex-head bolts form the outer 
ring and 20 form the inner ring. The insulator is 
polystyrene material with a 1-inch (25-mm) 
diameter. Also shown is the impedance bridge for 
measuring input resistance. 

Originally, circular wires were used to connect all 
radials together. These were positioned every 2 
feet (0.61 m), starting from the antenna base. 
Then, one at a time, they were removed, 
meanwhile keeping a check on the antenna 
radiation resistance. There was no apparent 
change in the radiation resistance, so it was 
concluded that the interconnecting rings of wire 
were not needed in the ground system. 





Construction details for the top hats. For 
diameters of 4 and 7 feet (1.22 and 2.13 m), 1/2- 
inch (13-mm) aluminum tubing was used. The 
hose clamp is of stainless steel. The rest of the 
hardware is all aluminum. 


measuring the resistive value with an 
impedance bridge. Since an extensive, low- 
loss radial system was used, the resistance 
measured was actually that of the antenna 
itself, which is called the radiation 
resistance. 

Fig. 24 shows the input resistance of a 
quarter-wave resonant vertical as a function 
of the number of radials. At the 115-radial 
point, the input resistance approaches the 
theoretical value of 35 ohms, whichstrongly 
indicates low earth loss and, hence, reliable 
data in short antenna measurements. The 
picture also shows the base hardware for 60 
radials. The wire is 15-gauge aluminum. 
There is nothing sacred about 15 gauge. No. 
22 wire, or even no. 28, would be just as 
good. 
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Fig. 23 — Theoretical curve and experimental results for the radiation resistance as function of height. 
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Fig. 24 — Input resistance of a quarter-wave 
ground-mounted resonant vertical as a function 
of the number of radials. 


It should also be noted that very little 
difference was noted whether 0.2-A or 0.4-A 
radials were used. At 16 radials, the results 
are practically identical. In fact, this curveis 
also similarto the one obtained on 20 meters 
which was reported earlier? More work 
remains to be done on the trade-offs in 
performance versus length of radials for 
ground-mounted verticals.!° 


Experimental Results 


In designing a shortened vertical beam 
for 40, 80 or 160 meters, a most important 


consideration is the value of the input im- 
pedance of the driven element. As seen in 
Fig. 23, a shortened vertical using base 
loading has an extremely low value, 
particularly at one-eighth wavelength and 
less. This input impedance is then usually 
lowered in the presence of other elements in 
a beam array. The resulting very low value 
of input impedance makes it difficult to 
design matching networks. Therefore, an 
experimental investigation was undertaken 
to see what increases in radiation resistance 
could be obtained by other methods of 
loading, i.e., top hat, three-quarter point, 
midpoint, and distributed (helical antenna). 
The results of these experiments are shown 
in Fig. 25. Table 6 shows the individual 
points for inductive loading and Table 7 for 
top hat and distributive loading. Several 
interesting points were brought out by these 
experimental results. Fig. 25 shows that 
top-hat loading yielded the largest value of 
radiation resistance for a particular height. 
Surprisingly, the helical antenna!! yieldeda 
value less than midpoint loading. The three- 
quarter point and midpoint loading curves 
were not extended to lower values of height 
because data were very difficult to obtain 
below the points shown on the respective 
curves. The combinations of inductances 
and lengths below the heights shown on 
these two curves were probably beyond 
resonant conditions atthe frequency used in 
the measurements. The other curves were 
extended by dashed lines indicating no 
difficulties were encountered in the 


measurements and other lengths were very 
possible. 

Another interesting aspect of the top-hat 
loading curve is that a four-spoked wheel 
approaches to a good degree a solid disk. 
Doubling to eight spokes only improves the 
loading by about nine percent as noted in 
Table 7. Thus, a few radials on the top of a 
vertical are very effective. 

Four radials at the base, approximatinga 
ground system, are practically useless as 
noted in Fig. 24. Also, it can be seen from 
Table 7 that the reduction in length because 
of top-hat loading is approximately equal to 
twice the diameter of the disk. 

On 160 meters, top hats have been made 
with sloping wires or struts with success. !? 
Because of the sloping nature of this top hat, 
some cancellation of the antenna current 
takes place, thus reducing the radiation 
resistance further. 

Although the curves in Fig. 25 were 
obtained from experiments at 7.21 MHz, 
these data can be applied to the other bands 
by proper scaling. For example, by 
doubling all dimensions, including the 
number of turns of the loading coils, the 
radiation resistance values would apply ata 
frequency of 3.6 MHz. By increasing the 
dimensions by only 1.85 instead of 2, the 
results would then apply to a frequency of 
3.9 MHz. In like manner, a proper scaling 
factor could be used to apply these results 
to a portion of any of the amateur bands. 


40- and 80-Meter Short-Vertical Designs 


As was stated before, a most important 
consideration in designing short verticals is 
a knowledge of the input resistance and how 
it varies with different types of loading. The 
objective is to obtaina resistance value large 
compared to earth losses, so that efficient 
operation is obtained. In the author's 
specific case, using 115 radials, practically 
no earth loss was measured, and, hence, any 
radiation resistance above a few ohms 
assured good operation and an opportunity 
to verify the theoretical predictions for very 
short vertical antennas. 

Since a broad-band, bifilar, 4:1 step-up 
transformer was available from previous 
work, !} the first design was for the shortest 
vertical having an input resistance of 12.5 
ohms. From the curves of Fig. 25, it 
appeared that a 16-or 17-foot(4.88-or5.18- 
m) antenna with a coil of some 13 turns 
(extrapolated from Table 6) at 8 or 9 feet 
(2.44 or 2.74 m) from the base would 
provide the proper impedance at 40 meters. 
Further, it was decided that some 7 or 8 feet 
(2.13 or 2.44 m) of length above the coil 
could be replaced by an eight-spoked top 
hat having a diameter of 4 feet (1.22 m). The 
actual design that resulted, after proper 
tuning, is shown in the picture. Theantenna 
hada total height of only 10 feet (3.05 m) and 
a 14-turn coil placed | foot (0.31m) below 
the top hat. This height was about one foot 
(0.31 m) higher than first expected, but 
upon careful examination it was noted that 
the top hat also reduced the radiation 


Vertical Antennas 27 


resistance, while replacing a section of the 
vertical portion. Therefore, the height had 
to be increased somewhat when considering 
top-loading effects. Also shown ina picture 
are the construction details for the top hat. 

Two other shortened verticals for 40 
meters were investigated. One wasan 8-1 /2- 
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Fig. 25 — Experimental results of radiation 
resistance as a function of height of antenna for 
various types of loading (40-meter data). 
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Fig. 26 — Standing wave ratio of various short 
verticals compared to a resonant quarter-wave 
antenna. The sixteenth-wavelength antenna is 
the 8-1/2-foot (2.59-m) helical design, the twelfth- 
wavelength is the 10-foot (3.05-m) antenna, and 
the eighth-wavelength is the 15-foot 10-inch 
(4.83-m) antenna. (All three are described in the 
text.) 


foot (2.59-m) helical using a 4-foot (1.22- 
m) top hat and 75 turns ona I-5/8-inch (41- 
mm), 7-foot (2.13-m) long, wooden dowel. 
The input impedance was 7.5 ohms and it 
was matched with a standard pi network. 
Pictures are shown with the network. 
Several tests were made by doubling the 
winding pitch below and above the 
midpoint, keeping the number of turns 
constant, with very little difference in 
results. 

The second antenna, also for 40 meters, 
using a 7-foot (2.13-m) top-hat, resulted in 
a matched vertical only 6 feet (1.83 m) high. 
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It had a 1[4-turn coil, 6 inches (152 mm) 
below the top hat and an input impedance 
of only 3.5 ohms. Matching was accom- 
plished with the 4:1 transformer and the pi 
network. A picture of the antenna and 
matching network is shown. 

A larger 40-meter vertical antenna was 
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Fig. 27 — Standing wave ratio of the 6-foot (1.83- 
m) vertical using a 7-foot (2.13-m) top hat and 14 
turns of loading 6 inches (152 mm) below the top 
hat, 
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Fig. 28 — The standing wave ratio for the 22-foot 
(6.71-m), 80-meter vertical. 


also investigated. It had a 4-foot (1.22-m) 
top hat and 7 turns of base loading which 
resulted in a height of 15 feet 10 inches (4.83 
m) (approximately 1/8 wavelength) and an 
input impedance of 12.5 ohms. The purpose 
of this design was to compare its low-angle 
radiation and bandwidth" with the other 
antennas. Table 8 shows the parameters of 
these various short vertical designs. Fig. 26 
shows the SWR curves of three of the short 
antennas compared to a quarter-wave 
resonant vertical and Fig. 27 shows the 
SWR of the 6-foot (1.83 m) antenna. 

As can be seen by the SWR curves, 
shortening an antenna generally decreases 
its bandwidth. Also by comparing the 8- 
1/2- and 6-foot (2.59 and 1.83-m) antennas 


top-hat loading appears to affect the SWR 
the least. It should also be noted that an 
eighth-wavelength antenna appears to have 
a reasonable bandwidth and would prob- 
ably result in a practical beam design.'$ 

And finally, the four short-vertical 
designs described above were compared 
with a resonant quarter-wavelength anten- 
na for low-angle radiation and on the air 
with other amateurs signals. The low-angle 
radiation measurements were made at three 
wavelengths in distance and at heights of I, 
3, 6and 8 feet (0.31, 0.91, 1.83, 2.44 meters), 
This relates to vertical angles of 0.15, 0.45, 
0.90 and 1.2 degrees, respectively. All 
measurements were made under matched 
conditions and withaconstant 100 watts fed 
into the antennas under test. Innocase were 
there any appreciable differences noted in 
the field strength measurements. Infact, the 
6-foot (1.83-m) antenna seemed to give 
slightly higher readings! These measure- 
ments certainly tend to verify the theory on 
the power gain predicted for short verticals. 
On-the-air checks were again very gratify- 
ing and exciting. Over 200 contacts with the 
6-foot (1.83-m) antenna strongly indicated 
the efficiency and capability of a short 
vertical, Invariably at distances greaterthan 
500 or 600 miles, the short verticals yielded 
excellent signals. 

As was stated previously, all of the 
results obtained by measurements on 40 
meters can be scaled, by the appropriate 
ratios of frequencies, to other bands. This 
was tried out on 80 meters. Since a 7-foot 
(2.13-m) top hat was available (instead of 
an 8-foot [2.44-m] one), the height turned 
out to be 22 feet (6.71 m) instead of 20 
(6.10 m). The loading coil had 24 turns and 
was placed 2 feet (0.61 m) below the top 
hat. On-the-air results duplicated those on 
40 meters. The bandwidth was 65 kHz (half 
of the 40-meter value) as shown in Fig. 28. 


Conclusions 


Several interesting results came out of 
this investigation which, even to one 
schooled in antenna theory, are difficult to 
believe. The author refers specifically to the 
ability of very short verticals to radiate and 
receive as well as a full-size quarter-wave 
antenna. The differences are practically 
negligible. But, as was seen, the trade-offs 
are in lowered input impedances and 
bandwidths. However, with a good image 
plane and a proper design, these trade-offs 
can be entirely acceptable. 

As a result of this investigation, other 
problems were noted which indicate the 
need for further experimentation. The 
writer refers specifically to the trade-offs 
encountered when shortening the radials 
(to 0.1 wavelength, for example), the 
efficiency of ground-mounted versus 
elevated verticals as a function of height 
above ground, the characteristics of a 
multiband vertical over a low-loss image 
plane, and a shortened vertical beam using 
elements of the order of an eighth wave- 
length. 


Another point should be mentioned in 
relation to the results reported here. Even 
though they were obtained on short, 
ground-mounted verticals, they are valid 
for center-fed verticals or horizontal 
antennas as well. The only differences are 
that the impedance values should be 
doubled and the effect of the image antenna 
accounted for. 

The author would like to acknowledge 
the support of many amateurs for their fine 
words of encouragement and excellent 
reporting during on-the-air contacts. In this 
study, some 350 amateurs reported on 
comparisons between signals from these 


short verticals and those of other stations. 
This material was originally presented in 
QST by Jerry Sevick, W2FMI. 
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Optimizing Vertical Antenna Performance 


Do you have tower restrictions, a small yard or patio, almost no room for antennas? 
If so, here are some suggestions for making your signal bigger in spite of the 


handicaps. 


Pees never cease to bea hot topicof 
conversation among amateurs; the interest- 
ing articles by John Stanley, K4ERO/ HCI! 
and Roger Hostenback, WSEGS,? on the 
optimum grounding of vertical antennas 
have led the author to communicate these 
thoughts on the subject. Obstacles at the 
author’s present location (typical of many 
suburban dwellings) place severe limita- 
tions upon where ground wires can be 
placed. These obstacles are large boulders, 
areas of concrete, the house, vegetable and 
flower beds, and the neighbors’ property 
lines. It has not been possible to lay out 
radials of uniform length or of uniform 
angular distribution. Nevertheless, the 
author has had successful results with 
vertical antennas. Although the writer must 
make a number of statements which are 
based upon fragmentary evidence and are 
lacking in scientific rigor, they should be 
useful for suggesting how others might 
proceed to optimize their particular 
situations. 

The writer has three very dissimilar 
vertical antennas. Much of the discussion 
will pertain to their individual ground 
systems, although strictly speaking they 
cannot be independent; a change of the 
grounding conductors of one vertical is 
bound to affect the others. For brevity the 
writer shall not discuss the methods of 
impedance matching of the antennas as this 
is a topic thoroughly covered elsewhere. 
The author shai/ mention some problems of 
using dissimilar antennas in a phased array, 
although the results are preliminary. 


The three antennas are (1) a shunt-fed 
crank-up tower having a three-element 
triband Yagi on top, the height being 
variable from 27 to 41 feet (8.23 to 12.50 m); 
(2) a 40-foot (12.19-m) insulated base- 
loaded antenna consisting of a 30-foot 
(9.14-m) pipe mast topped by a whip, 
located approximately 70 feet (21.34 m) 
south of the tower and hereafter referred to 
as the “south antenna”; (3) about 20 feet 
(6.10 m) east of the tower, a verticalantenna 
termed the “north antenna,” which was 
described in an earlier OST article.} Fig. 29 
shows the layout. The north antenna has 
been used with various heights up to 40 feet 





How do you ground a vertical antenna when there 
is no ground? 


(12.19 m) but in the present experiments it is 
used in its “summer” configuration with a 
height of 25 feet (7.62 m) and with a 7/14- 
MHz trap located 10 feet (3.05 m) from the 
base. For 3.5-MHz operation additional 
loading is supplied at the base. 


The Grounding Systems 


None of the three verticals have anything 
approaching an optimum ground system; 
while the south antenna has the best on 
paper, it is not necessarily the best in 
performance. When the south antenna was 
first placed into operation the grounding 
system consisted of about 200 feet (60.96 m) 
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Optimizing ground-wire currents is well worth the 
time and effort required. 
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Fig. 29 — The WQJF backyard, with antenna farm. 


Fig. 30 — Suggested substitute for a thermo- 
couple ammeter. 


of wire distributed among a few conductors 
which went out more or less radially. One 
was about 60 feet (18.29 m) long, the others 
30 feet (9.14 m) or less. On 7 MHz the 
performance was generally inferior to that 
of a horizontal half-wave dipole 30 feet (9.14 
m) above ground. Later, the ground system 
was augmented to utilize about 1000 feet 
(304.80 m) of wire, and the vertical then 
began outperforming the dipole. 

While the author foresaw Stanley’s 
statement that possibly not all of this 
additional wire would be effective, it was 
assumed that any wires added at least would 
do no harm, and the writer tried to put wires 
in the entire immediate area of the antenna, 
subject to the constraints mentioned above. 
Several of the radials have bends to avoid 
obstacles. In a few cases a single wire goes 
out from the antenna to a junction some 
distance away, and then several wires fan 
outward from the junction. Three wires are 
connected at the farends toa fewsquare feet 
of chicken wire. Where the wires are in 
shrubbery they areabove ground; otherwise 
they arean inch or two(25 or 51 mm) below. 
None of the additional wires were as longas 
60 feet (18.29 m), and the lengths were 
generally determined by the obstacles they 
encountered. Haphazard as this system 
was, the improvement was spectacular. 

While making this change in the south 
antenna’s grounding, theauthorcarried out 
two simple experiments. First, when 
operating at 7 MHz, a 33-foot (10.06-m) 
piece of wire was added, which in free space 
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would be 1 /4-A long, but which when laid on 
the ground would be longer (in wave- 
lengths). The writer connected it to the rest 
of the ground system through a thermo- 
couple ammeter, and read the current while 
applying power. With this wire then cut in 
half and laid out as separate radials in 
opposite directions, it was found that the 
total current increased. Cutting these 1/8-A 
pieces in half and distributing the resulting 
fragments as four radials in directions at 90 
degrees to each other caused the total 
current to decrease. These observations led 
the author to conclude that for a given total 
amount of wire the most efficient layout 
would be radials having lengths of about 
1/8 a free-space wavelength. This conclu- 
sion is consistent with Stanley’s Table 1.! 

In the other experiment, the author also 
used a 33-foot (10.06-m) piece of wire, but 
half of it was no. 34 and half no. 12 wire. 
With the thick end adjacent to the antenna, 
the current was higher than with the wire 
turned around so that the thin end was 
adjacent. The experiment showed that wire 
diameter is of some consequence, and it is 
more important to have heavy conductors 
close to the antenna. 


The Tower and the North Antenna 


Grounding of the tower is very heteroge- 
neous; first of all, of course, the bottom of 
the tower is buried in the ground some8 feet 
(2.44 m). There are two radials about 25 feet 
(7.62 m) long going in a more or less 
southerly direction, then a short wire going 
to a water faucet on the wall of the house. 
Finally, and probably most important, 
there is a wire that goes northward about 20 
feet (6.10 m) and makes a junction with the 
middle of a 120-foot (36.58-m) east / west 
wire. The eastern end of this wire is located 
at the common corner with the property of 
the neighbor to the northeast and at that 
point is bonded to his extensive chain link 
fence. About 25 feet (7.62 m) west of this 
bond to the fence, there is a junction witha 
southward wire which is connected to the 
base of the north antenna. Otherwise, the 
grounding system of the north antenna, 
consisting of a few radial wires, is as 
described in the earlier QST article. 

Some observations were made by 
connecting a thermocouple ammeter and a 
selection of capacitors and inductors in 
series with various conductors connected to 
the base of the tower. On 3.5 MHz, with the 
wire that goes to the fence, the author found 
a very strong resonance using a 300-pF 
capacitor. No such resonance was found 
with this wire of 7MHznoron 1.8 MHz, nor 
did there seem to be any resonance withany 
of the other wires. 

No attempt has been made to bond the 
upper and lower sections of the tower 
(where they telescope) together. No such 
bonding seems necessary, except in the rare 
case of an extremely strong wind, when 
there is some receiver noise resulting from 
poor conductivity between the sections. 
Cranking the tower up and down seems to 


have little effect upon the degree of 
impedance mismatch. 

On 3.5 MHz, using a power of about 150 
watts, the author had contacts all over the 
world using this shunt-fed tower, usually 
not cranked all the way up. The south 
antenna has also given fairly good account 
of itself, but withits thousand feet (304 m) of 
radial wires its performance is still not quite 
as good as that of the tower with its meager 
“black magic” grounding. 

On 7 MHz, the behavior of the tower is 
the reverse even though the impedance 
match is somewhat superior to that on 3.5 
MHz. The performance, despite the good 
match, is far inferior tothe south antenna or 
even the north antenna. Offhand, one 
would expect the performance, such as itis, 
to be better with the tower cranked down to 
minimum height, when it would be close to 
1/4A, but the few reports received on theair 
indicate better performance is obtained at 
maximum height. The overall performance 
of the tower on 7 MHz is a complete 
mystery. 

The author has used the tower on 1.8 
MHz only rarely, but has worked as far as 
1000 miles, even though there is a very bad 
impedance mismatch on the feed line. One 
of the author’s future projectsistocure that, 
since the tower may be magic on the top 
band, too! 


What if You Don’t Have 
a Thermocouple Ammeter? 


The preceding discussion has, the author 
hopes, suggested that individuals may be 
able to optimize their ground systems by 
measuring the currents in individual ground 
wires. In this regard the writer has been 
fortunate in having available a number of 
thermocouple ammeters, instruments not 
commonly available in ham shacks. 
However, it was found easy to make a 
substitute which can serve to measure 
relative current and to detect resonances. 
Take a short length of twin-lead, speaker 
cord or similar cable, about a foot (0.305 m) 
long. Connect one wire of the pair in series 
with the circuit to be studied (the ground 
wire). Connect the two ends of the other 
wire of the pair to a semiconductor diode 
and a sensitive dc meter in series (Fig. 30). 
For convenience and for reproducibility in 
results, coil the cable up and secure it toa 
terminal board. 


Using Dissimilar Antennas in a 
Phased Array 


The author can use any two of the three 
verticals as a phased array by connecting the 
feed lines in parallel at the transmitter. In 
the shack the author has a switchboard that 
can switch additional lengths of lineinseries 
with one antenna or the other. The writer 
does not attempt to change the impedance 
match at the bases of the individual 
antennas, but does generally retune the 
transmitter as the phasingis changed. Some 
of the effects observed must be attributed to 
variations in impedance mismatches rather 


than to basic changes in directivity. 
Nevertheless, some gain can usually be 
obtained by combining the verticals in one 
way or another. 

In the use of two dissimilar antennas, two 
questions arise which may not apply when 
identical antennas are used. First, is there 
really an advantage in using thetwo ofthem 
in a phased array over using the better ofthe 
two alone? The relevance of this question 
may be seen by considering the extreme case 
where one is very much better than the 
other. In sucha case the field strength ofthe 
poorer one is so much less that there is little 
difference whether it is in or out of phase 
with the field of the better one, and therecan 
be little or no observable directional effect 
when the two are used together. Further- 
more, the power supplied to the better 
antenna is cut in half while the other half of 
the power is largely wasted. 

This simple argument suggests that in 
most cases the two antennas should be 
nearly equal in the field strengths they 
produce if they are to beeffective ina phased 
array. However, the actual situation is 
sufficiently complex that exceptions may be 
found. For one thing, the better antenna 
may have “blind” directions in its pattern 
because of obstructions, and the poorer one 
may help to fill those in. Also, the 
impedance effects which have been men- 
tioned before are hard to predict. The 
author can only suggest that one may find it 
worthwhile to try using two such antennas 
together, and may find unexpected advan- 
tages in some directions. 

On 3.5 MHz the north antenna is 
generally much poorer than the tower. 
However, insome directions observers have 
consistently reported a small gain in using 
the two together over the tower alone. 
Incidentally, it should be mentioned that 
observations made on receiving are not 
reliable tests, partly because of impedance 
effects. Also, some of the noise received may 
be generated locally and its effect may mask 
the true pattern of the array. The only 
reliable evaluation is by transmitting to 
distant observers. 

The second question concerning dissim- 
ilar antennas involves solving for an 
unknown quantity: the relative phase of the 
two antennas. The relative phase of the field 


of anantennaisot determined solely by the 
length of the transmission line connectingit 
to a transmitter. The impedance of the 
antenna usually contains a reactive com- 
ponent, and its presence gives risetoa phase 
shift. With two identical antennas these 
phase shifts are the same and do not affect 
the relative phase between the two anten- 
nas, which is determined only by the 
difference in feed-line lengths. With 
dissimilar antennas these phase shifts are 
generally notidentical, and they mayvaryin 
different ways with shifts in frequency or 
with variations in the moisture content of 
the earth. Not unrelated was a discovery 
made when changing the grounding of the 
south antenna from 200 feet (60.96 m) of 
wire to 1000 (304.80 m). There was a 
substantial change in the phasing when it 
was used in an array with the tower. 

The author has experimentally answered 
this phasing question by setting up a small 
probe antenna at a point equally distant 


‘from the two antennasand connectingittoa 


field-strength meter. The line lengths are 
varied until a minimum (usually quite 
sharp) is observed. Then itis known that the 
antennas are 180 degrees out of phase, and 
the array is a bidirectional end-fire one 
(W8JK). Ifthe author adds orsubtracts 1/2 
X of line from one antenna, the antennas 
should be in phase and a maximum should 
be observed. The experimental observa- 
tions are in agreement with such predic- 
tions. If a length of line equal in electrical 
wavelengths to the spacing between the 
antennas is then added or subtracted from 
the feed line of one of them, the combination 
approximates a unidirectional end-fire 
array. The favored direction is away from 
the element which has the longer equivalent 
feed line (larger phase shift from the 
transmitter). 

To reiterate, the results with phasing 
dissimilar verticals are very preliminary, 
and there is little that can be said aboutthem 
except for the fact that at times very 
noticeable gains over using the better single 
antenna are observed. 


Vertical Versus Horizontal Antennas 


The author used some horizontal 
antennas and observed the differences in 
performance between them and the vertical 


antennas at a particular location. Horizon- 
tal antennas were not tried on 7 and 3.5 
MH zany higher than 30 feet (9.14m)above 
ground, however. 

The first foothills of the Rocky Moun- 
tains rise up immediately to the west of the 
author’s QTH, the nearest ones subtending 
a vertical angle of about 10 or 15 degrees. As 
expected, propagation to the west is usually 
difficult. To the east there are some power 
wires running north and south. The land 
slopes off to the north, and has a line-of- 
sight view for 12 miles from the base of the 
antenna tower. 

The writer finds a tendency for horizontal 
antennas to be superior to the west, overthe 
mountains, and for verticals to be superior 
to the east. Standard theory explains these 
findings as follows: Probably many of the 
signals coming over the mountains are 
scattered by the surface of the ground. 
Those familiar with advanced electromag- 
netic theory remember that accordingto the 
Fresnel equations, the reflection coefficient 
is greater when the wave is polarized with 
the electric vector parallel to the surface 
(i.e., horizontal). Therefore, this scattered 
radiation is probably horizontally polar- 
ized. On the other hand, the electric field 
from the vertical antenna is perpendicular 
to the direction of the power wires and is less 
disturbed by them than the field of a 
horizontal antenna. 

Although very few firm results were 
presented, the author hopes he has 
suggested some procedures which will help 
those facing restrictions on grounding 
systems they can use. With a little 
persistence and ingenuity, they should be 
able to build effective antennas. It is 
possible to evaluate simple arrays yourself 
and to improve their performance accord- 
ing to your own communication require- 
ments. This material was originally 
presented in QSTby Yardley Beers, WQJF. 
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Vertical Antennas vu 


Some Plain Facts about Multiband Vertical 


Antennas 


Does engineering jargon, page-long equations and references to the /EEE 
Proceedings have you gnawing your nails in frustration? Take heart, for these 
bits of knowledge about multiband vertical antennas are given in plain lingo. 


oe discussions with newcomers, 
and old-timers for that matter, it becomes 
apparent that there is considerable confu- 
sion as to what exactly a multiband vertical 
antenna is. The confusion concerns the 
method of feed, how much mismatch one 
can expect, how many radials are required, 
how the particular antenna is built for 
multiband use, plus some other points. 

This article breaks the subject into simple 
language and provides the reader with 
sufficient expertise to assure him that he 
won't wind up with a system he really 
doesn’t want. Before goingintoa discussion 
of the different types of multiband 
“verticals” we will offer some simple 
antenna facts. 


Some Basic Theory 


The term “multiband antenna” has come 
to mean many things to hams. With trap 
antennas, tapped coils, random wires, and 
so forth, there is plenty of reason for the 
confusion. Simply, a multiband antenna is 
one that can beused on morethan one band. 
How we make it work on different bands is 
another story. 

Basically, any piece of wire of any length 
can be classed as a multiband antenna. For 
example, a length of wire4 feet (1.22m)long 
could by used on any amateur band, from 
160 meters on up. But how well the piece of 
wire would work is a completely different 
matter. 

In the feed point of any antenna there is 
radiation resistance. The energy supplied to 
an antenna is dissipated in the form of radio 
waves and in heat losses in the wire and 
nearby insulating materials. The radiated 
energy is the useful part, but so far as the 
transmitter is concerned it represents a 
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power consumption just as much as does 
the energy lost in heating the wire. In either 
case the dissipated power is equal to I?R; in 
the case of heat losses, R is a real resistance 
(ohmic losses), but in the case of radiation, 
R is an assumed resistance. This fictitious 
resistance is the radiation resistance. This 
brings us to our first important point about 
multiband antennas. 

Whenever one reduces the size (length) of 
an antenna physically, the radiation 
resistance is reduced also. As an example, 
assume we have a 20-meter quarter-wave 
antenna, which is approximately 16 feet 
(4.88 m) long. Let’s imagine we made it out 
of no. 40 wire, which has a resistance 
of about I ohm per foot, (0.31 m). The 
radiation resistance of a resonant quarter- 
wave vertical operated against a perfect 
ground is on the order of 35 ohms. In this 
case, the feed-point impedance of our 
antenna would be roughly 35 ohms in 
radiation resistance plus 16 ohms in ohmic 
resistance. If we were to feed 51 watts into 
this antenna 16 watts would bedissipated as 
heat (lost power) and the remainder — 35 
watts — would be radiated. Now, suppose 
we use this same antenna on 80 meters. As 
mentioned above, when we reduce the size 
of an antenna physically the radiation 
resistance is also reduced. On 80 meters our 
16-foot (4.88-m) antenna would have a 
radiation resistance on the order of | ohm! 
However, we would still have the ohmic 
resistance of 16 ohms. It doesn’t take much 
figuring to realize that just about all of our 
power would be lost as heat, 

Of course we wouldn’t use no. 40 wire for 
such an antenna. More likely the antenna 
would be made from aluminum tubing and 
the ohmic losses would be very low, but 


probably still more than the radiation 
resistance. There is an old axiom in 
Amateur Radio that offers some pretty 
good advice: Always make the antenna as 
long as possible and erect it as high as 
possible. Also, there is a joke that goes with 
that axiom — ifsuch an antenna stays up, it 
is too small! 

At this point we have only mentioned 
radiation and ohmic resistance in the 
antenna feed point. These are the two 
resistances that exist when the antenna is 
resonant. When the antennais not resonant, 
there is reactance present in the feed point. 
Reactance is also expressed in ohms, but it 
isn’t a real resistance in the sense that power 
can be dissipated therein. We won't go into 
a long discussion on reactance because it 
would take up too much space. Anexcellent 
explanation can be found in the League 
publication, Understanding Amateur 
Radio. Simply, reactancecan belikenedtoa 
gate or door that stops or hinders the flow of 
current into a circuit. When an antenna is 
operated at some frequency other than the 
resonant frequency there will always be 
reactance present. Keep in mind that with 
any antenna, multiband or otherwise, we 
always have a condition on some band or 
frequency where the antenna is not 
resonant. Therefore, there will be reactance 
at the feedpoint. 


Types of Vertical Antennas 


The basic and most popular type of 
vertical is one that is a quarter wavelength 
long and is operated against ground or ina 
groundplane configuration. The antenna is 
usually made from tubing and the radials 
are wire. An ideal groundplane (simulated 
earth ground) would beasheet of metal with 
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Fig. 31 — A typical multiband vertical antenna. A 
description of the system is given in the text. 


a radius of one-quarter wavelength or more. 
However, this is only practical at vhf so the 
customary method is to use wires as the 
radials. Probably the number one question 
asked about groundplane antennas is, “how 
many radials are required?” The answer is 
simply, the more radials used, the better the 
antenna will perform, at least up toacertain 
point. This should not beconstrued to mean 
that an antenna with only two or three 
radials won’t work. Such an antenna will 
work, but for maximum performance one 
should consider 40 or more radials. If the 
reader is interested in performance data for 
a few radials versus many, he should read 
the article in OST by Sevick.' 

The feed-point impedance of quarter- 
wave groundplane is on the order of 35 
ohms. The impedance can be raised by 
drooping the radials down until a 50-ohm 
match is obtained. Exactly how much 
droop is required depends on the number of 
radials. 

The quarter-wave groundplane is essen- 
tially a single-band antenna. However, a40- 
meter quarter-wave vertical can also be used 
on 15 meters, a happy circumstance for the 
Novice. In this case, a 40-meter quarter 
wave works out to bethree quarter waves on 
15 and any odd multiple of quarter waves 
will provide a relatively low-impedance 
feed. 


Multiband Verticals 


When we get into the field of multiband 
verticals we find that considerable confu- 
sion exists. As pointed out previously, any 
antenna can be ca/leda multiband antenna, 
but how we get power into such an antenna 
is another matter. 

Up until the 50s any amateur multiband 
antenna was a system that usually consisted 
of an antenna, tuned feeders, and an 
antenna coupler, In the early 50s more and 
more amateurs started to use coaxial cable 
for feeders, along with band-switching 
transmitters. The next logical step was the 
use of a multiband antenna system that 
required no adjustments and always 
presented a matched condition to the feed 
line — in other words, anantennathathada 
50-ohm feed-point impedance on every 
desired band and frequency within a given 





band. A logical development was the 
multiband trap antenna. 

By inserting traps in an antenna it was 
possible to make an antenna “look” like a 
resonant half-wave dipole in whichever 
band was used; or, in the case of multiband 
verticals, making the vertical look like a 
resonant quarter-wave antenna for the 
desired band. However, and this is 
important as far as the newcomer is 
concerned, to our knowledge there is mo 
multiband trap antenna that will provide a 
perfect match on all bands, regardless of 
what some antenna manufacturers may tell 
you. Many hams havespent countless hours 
trying to adjust trap antennas for that 
“perfect” match when actually, it is just 
about impossible to obtain such a condi- 
tion. 


Nontrap Multiband Verticals 


Several antenna manufacturers sell 
multiband antennas that consist of a 
vertical piece of tubing, usually 16 to 20 feet 
(4.88 to 6.10 m) long. The tubing is used with 
a loading coil at the ground end. By making 
appropriate taps and adjustments on the 
coil the antenna can be matched (or closely 
matched) on any given band. This type 
antenna has no traps. This in turn means 
that the coi] taps and adjustments must be 
altered when one changes bands. Some 
misguided amateurs buy these antennas 
expecting all they need dois putthem upand 
the antenna will work on all bands, 
automatically. Let’s make one point clear: 
such an antenna isa multiband antenna, but 
requires adjustment at the antenna when 
one changes bands. 

Of course, the next question should be, 
“Iftheantennaisthatsimplecan’t! build my 
own?” Yes, it is a very simple multiband 
antenna to make and install. Two or three 
sections of inexpensive 10-foot (3.05-m) TV 
mast sections can serve as the vertical 
radiating element. The mast can be 
supported on an insulator, such as a 
beverage bottle, and the mast guyed with 
nylon line. Fig. 31 shows a diagram of the 
antenna system. L! should beacoil made of 
bare wire, no. 12 or 14, so that it can be 
tapped at every turn. A convenient coil size 
is 2-1/2 inches (64 mm) in diameter, six 
turns per inch (25 mm), such as B & W 
3905-1 stock. The number of turns re- 
quired, assuming 80 meters as the lowest 
band to be used, should be about 30 turns 
with an antenna length of 25 feet (7.62 m), 

Adjustment of the antenna requires the 
use of an SWR bridge. Connect the coax 
line across a few turns of LI and makea trial 
position of the shorting tap. Measure the 
SWR, then try various positions of the 
shorting tap until! the SWR reaches its 
lowest value. Then vary the line tap 
similarly. This should bring the SWR down 
to a low value. Small adjustments of both 
taps should provide an SWR close to 1. If 
not, try adding Cl and repeat the adjust- 
ment procedure, varying Cl each time until 
a match is achieved. Radials will enhance 
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Fig. 32 — Drawing of the theoretical multiband 
trap vertical. In commercial practice, certain traps 
may be grouped together, giving the impression 
that only a single trap is used. 


the performance of the antenna. The 
number of radials is up to the individual 
amateur. 


Trap Verticals 


As mentioned earlier, traps can be 
installed in a multiband vertical. These 
traps are usually parallel-tuned circuits and 
the objective is to make each section of the 
antenna work as a quarter-wave vertical or 
odd multiple thereof on the desired band. 
Fig. 32 shows an example of this type 
antenna, 

The purpose in using this type antenna is 
to provide a system that always presents a 
matched condition for the feed line. 
Unfortunately, there is so much interaction 
between various sections of the antenna that 
it is impossible to come up with a perfect 
match on each band. What is an acceptable 
match is another story. 

Amateurs as a whole are inclined to 
attach too much importance to an SWR of 
|. They feel that if their SWR bridge isn’t 
showing an absolute zero reflected power 
that something is horribly wrong and they 
won’t work out. The plain fact is that usinga 
feed line such as RG-8/U (assume a 100- 
foot [30.48 m] length) one could have an 
SWR of as much as 5:1 and have no 
appreciable loss in the system. However, 
there is one clinker in this thinking! 

In many instances commercially made 
transmitters and transceivers are designed 
by the manufacturer to work into a 50-ohm 
load only. They don’t allow much leeway 
from this figure. When there is a mismatch 
in the antenna system, it can become 
impossible to load and tune the final 
amplifier of the transmitter. There just isn’t 
enough tuning range in the tank circuit of 
the amplifier to handle the reactance that 
may be present in the load. There is a way 
around this problem however, and that is 
using a Transmatch in the feed line to 
disguise the mismatch.? The Transmatch 
can be adjusted so that the transmitter 
“sees” a S0-ohm load regardless of the 
mismatch at the antenna. 


The Harmonic Problems 


Another consideration should be men- 
tioned. As pointed out earlier, any antenna 
can be a multiband antenna. By the same 
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token any harmonics generated in the 
transmitter that reach the antenna can be 
radiated. It is true that a single-band 
antenna will reject harmonicenergy, but not 
completely. In the case of a multiband trap 
antenna there is no rejection of some 
harmonics, simply because the antenna is 
designed to be resonant on all hf amateur 
bands. The solution to this problem is the 
use of a selective circuit installed in the feed 
line. A Transmatch is such a circuit and 
should provide adequate harmonic rejec- 
tion, 


Some Other Thoughts 


The question is frequently asked, 
“Should I mount my vertical onthe ground, 
or get the base up in the air?” Getting the 
antenna up in the clear is always better than 
having it mounted at earth level and 
surrounded by rain gutters, house wiring, 
trees, power lines and so forth. However, 


getting the vertical antenna up intheairalso 
means that radials, as many as possible, 
should be used. The average installation (if 
there is such a thing) usually consists of 
three or four radials (or more) cut for the 
lowest operating frequency. Such a system 
should give a good performance. 

Another important matter is that of the 
earth ground. When verticals are mounted 
at ground level the ground losses can be 
very important. Too many amateurs buy 
their verticals, get a 5-foot (1.52-m) long 
TV-type ground rod and drive it into the 
earth at the base of the antenna. They think 
this provides a good ground connection. 
As a matter of fact, the TV-type ground 
rods are practically worthless for amateur 
work. A good ground rod is the type used 
by the power company for home installa- 
tions. This is a rod that is heavily 
galvanized, 5/8 inch (16 mm) in diameter, 
and about 10 feet (3.05 m) long. The 


amateur should be able to buy these rods 
from any wholesale electrical supply house. 
If possible, tie your ground connection to 
the water-system piping, assuming metal 
piping is used. 

You'll hear the statement from fellow 
hams that verticals are poor antennas and 
radiate poorly in all directions. This isn’t 
true, because a vertical can by a good 
antenna, but you have to give it a fighting 
chance. This material was originally 
presented in QST by Lewis McCoy, 
WIICP. 
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Shunt-Feeding Towers for Operation on the 
Lower Amateur Frequencies 


The 160- and 80-meter DX antenna you've dreamed about may already be 
standing on your property — just waiting to be used as a DX vertical. Read this 
presentation and learn how to shunt-feed your tower on 1.8 and 3.5 MHz! 


___ a tower used to support 
beam antennas for 14 MHz or higher 
frequencies has obvious advantages for the 
amateur who wants to work all lower bands. 
If a good ground system is installed, the 
result may be a very effective antenna for 
DX work on 80 and 160. The shorter tower 
installations may work very well on 40 
meters, if the effective height above ground 
is less that 5/8 wavelength. Beyond this 
height the radiation angle goes higher, and 
the effectiveness for DX goes down. 

The shunt-fed tower is at its best on 160, 
where a full quarter-wavelength vertical 
antenna is rarely possible. Almost any 
tower height can be used. If the beam 
structure provides some top loading, so 
much the better — but anything can be 
made to radiate, if it is fed properly. A self- 
supporting, aluminum, crank-up, tilt-over 
tower is used at WSRTQ with a TH6DXX 
tribander mounted at 70 feet (21.34 m). 
Measurements showed that the entire 
structure has about the same properties asa 
125-foot (38.10-m) vertical. It thus works 
quite well on 160 and 80 in DX work 
requiring low-angle radiation. It canalso be 
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Close-up view of the base of the shunt-fed tower, 
showing the two bottom arms and their 
insulators. 


used on 40, but results are rather poor 
because of high radiation angle. WBSFKX, 
with a 37-foot (11.28-m) tower and a 21- 
MHz beam, finds that shunt feed on 40 
enables him to work DX that he never knew 
existed before. 


Preparing the Structure 


Usually some work on the tower system 
must be done before shunt-feeding is tried. 
Metallic guys should be broken up with 
insulators, They can be made to simulate 
top loading, if needed, by judicious 
placement of the first insulators. Don’t 
overdo it; there is no need to “tune the 
radiator to resonance” in this way. If the 
tower is fastened to a house at a point more 
than about one-fourth of the height of the 
tower, it may be desirable to insulate the 
tower from the building. Plexiglas sheet, 
1/4-inch (6-mm) or more thick, can be bent 
to any desired shape for this purpose, if it is 
heated in an oven and bent while hot. 

All cables should be taped tightly to the 
tower, preferably on the inside, and run 
down to the ground level. It is not necessary 
to bond shielded cables to the tower 
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Height of Wire-to- Tuned 
Wire-to- Tower Value of 
Tower Spacing Gamma 
Connection  ({in.) Capacitor 
(ft) 

68 30 150 pF 

75 24 125 pF 

63 8 300 pF 

68 24 225 pF 

47 44 400 pF 


Table 9 
Shunt-Feed Details for Several Towers Used on 160 Meters 
Height “Top-Hat" Average 
Station of (Beams) Height of 
Tower Beam 
(ft) (ft) 
WSRTQ- 69 THEDXX 70 
KSPFL 86 Stacked 95 
40, 20, 15, 
10M 
beams 
K4PUZ 64 THEDXX 66 
K8KAS 70 TH6DXX 77 
WiICER 50 QST 55 
20-M DX 
Weasel 
1 ft =0,3048 m 
Tin. = 25.4mm 





electrically, but there should be no 
exceptions to the down-to-the-ground rule. 

No rf problems have developed with 
rotators, beam traps, or even TV sets where 
the TV antenna is part of the radiating 
structure, as is the case at WB5FKX. His 
only precaution was use of coax on the TV 
antenna. It would be well to proceed with 
caution, as every installation could be 
different in this respect. 

Though the effects of ground losses are 
less severe with the shunt-fed vertical than 
with the simple quarter-wave antenna, a 
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Fig. 33 — Principal details of the shunt-fed tower 
at W5RTQ. The 160-meter fesd, left side, 
connects to the top of the tower through a 
horizontal arm of 1-inch (25-mm) diameter 
aluminum tubing. The other arms have stand-off 
insulators at their outer ends, made of 1-foot 
(0.31-m) lengths of plastic water pipe. The 
connection for 80/75, right, is made similarly, at 
28 feet (8.53 m), but two variable capacitors are 
used, to permit adjustment of matching with large 
changes in frequency. 





Though variable capacitors are shown in Fig. 33, 
they were all replaced with fixed-value units 
except one, which is inside a plastic box at the 
tower base. 


good system of buried radials is very 
desirable. The ideal would be 120 radials, 
each 250 feet (76.20 m) long, but fewer 
and/or shorter ones must oftensuffice. You 
can sneak them around corners of houses, 
along fences or sidewalks, wherever they 
can be puta few inches under the surface, or 
even on the earth surface. Aluminum 
clothesline wire is used extensively at 
WS5RTQ, and it stands up well. Neoprene- 
covered aluminum wire may be safer in 
highly acid soils. Contact with the soilis not 
important. Deep-driven ground rods, and 
connection to underground copper water 
pipes, are good, if usable. 


Installing the Shunt Feed 


Principal details of the shunt-fed tower 
for 80 and 160 meters are shown in Fig. 33. 
Rigid rod or tubing can be used for the feed 
portion, but heavy gauge aluminum or 
copper wire is easier to work with. Flexible 
stranded no. 8 copper wire is used for the 
160-meter feed at WSRTQ, because when 
the tower is cranked down, the feed wire 
must come down with it. Connection is 
made at the top, 68 feet (20.73 m), througha 
4-foot (1.22-m) length of aluminum tubing 
clamped to the top of the tower, horizontal- 
ly. The wire is clamped to the tubing at the 
outer end, and runs down vertically through 
standoff insulators. These are made by 


fitting 12-inch (0.3l-m) lengths of PVC 
plastic water pipe over 3-foot (0.91-m) 
lengths of aluminum tubing. These are 
clamped to the towerat I5to 20-foot(4.57to 
6.10-m) intervals, with the bottom one 
about 3 feet (0.91 m) above ground. The 
lengths given allow for adjustment of the 
tower-to-wire spacing over a range of about 
12 to 36 inches (0.31 to 91 m), forimpedance 
matching. 

The gamma-match capacitor for 160 isa 
250-pF variable with about 1/ 16-inch (1.6- 
mm) plate spacing, whichis adequate forthe 
power levels presently authorized. The 
omega match used for 80 and 75 permits 
retuning for large excursions in frequency 
encountered in using both cw and phone on 
this band, Two capacitors are required, 
each about 150 pF, with plate spacing of 
about 3/16 inch (4.8 mm) , if full power is 
used. They can be mounted in plastic 
refrigerator containers for protection 
against the weather. Use well-insulated 
knobs to avoid rf burns during the 
adjustment process, 

Separate 50-ohm lines run underground 
to the station. The shield side of their 
connectors should be grounded to the base 
of the tower and to the buried radials as 
directly as possible. 


Tuning Procedure 


It is suggested that the 160-meter wire be 
connected to the top of a structure 75 feet 
(22.86 m) tall or less, Note, from Table 9, 
that the monsterat KSPFL was fed at 75 feet 
(22.86 m) above ground. Mount the 
standoff insulators so asto havea spacing of 
about 24 inches (0.61 m) between wire and 
tower. Pull the wire taut and clamp it in 
place at the bottom insulator. Leave a little 
slack below to permit adjustment of the wire 
spacing, if necessary. 

Adjust the series capacitor in the 160- 
meter line for minimum reflected power, as 
indicated on an SWR meter connected 
between the coax and the connector on the 
capacitor housing. Make this adjustment at 
a frequency near the middle of your 
expected operating range. If a high SWR is 
indicated, try moving the wire closer to the 
tower. Just the lower part of the wire need be 
moved for an indication as to whether 
reduced spacing is needed. If the SWR 
drops, move all insulators closer to the 
tower, and try again. If the SWR goes up, 
increase the spacing. There will be a 
practical range of about 12 to 36 inches 
(0.31 to .91 m). If going down to 12 inches 
(0.31 m) does not give a low SWR, try 
connecting the top a bit farther down the 
tower. If wide spacing does not make it, the 
omega match shown for 80-meter work 
should be tried. No adjustment of spacing 
is needed with the latter arrangement 
which may be necessary with short towers 
or installations having little or no top 
loading. 

The two-capacitor arrangement is also 
useful for working in more than one 25-kHz 
segment of the 160-meter band. Tune up on 
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the highest frequency, say 1990 kHz, using 
the single capacitor, making the settings of 
wire spacing and connection point perma- 
nent for this frequency. To move to the 
lower frequency, say 1810 kHz, connect the 
second capacitor into the circuit and adjust 
it for the new frequency. Switching the 
second capacitor in and out then allows 
changing from one segment to the other, 
with no more than a slight retuning of the 
first capacitor. 

The omega match is recommended for 
80-meter operation, because of the wide 
tuning range required. It was found that the 
point of connection could be at 28 feet (8.53 
m), using a single support at the top of the 
first tower section. This served as a mount 
for the second standoff insulator for the 
160-meter feed, as well. 

A 40-meter feed, not shown, was 
connected at about 20 feet (6.10 m) up, with 
about 8 inches (203 mm) spacing between 
wire and tower. 


Substituting Fixed-Value Capacitors 


Depending on the frequencies used and 
the matching problems in a given installa- 


tion, it may be possible to put fixed-value 
capacitors in place of some or all of the 
variables shown in Fig. 33, and then switch 
them remotely, or by hand, when changing 
frequency. This was done at WSRTQ. The 
160-meter gamma capacitor is now a fixed- 
value, 150-pF type designed for high rf 
current service. It does not have to be 
weatherproofed, and it gives a satisfactory 
match over the small frequency range used 
on this band. 

Two or three similar capacitors connect- 
ed in series are used in covering the cw and 
phone frequencies in the 80-meter band. 
Operation around 3800 kHz requires about 
50 pF in the omega (parallel) capacitor, so 
the three 150-pF units are used in series. 
Moving to cw operation near 3500 kHz 
requires about 75 pF, so only two 150-pF 
capacitors are used in series. The only 
variable now in the system is the 150-pF 
capacitor mounted in the plastic refrigera- 
tor box at the base of the tower. It is the 
series or gamma capacitor in the 80-meter 
feed. Even this could be replaced with a 
fixed unit, as it has been found unnecessary 
to adjust itin thecourse of normal operation 
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of the station, if only small changes in 
frequency are made in using the two modes. 

Because every tower installation is likely 
to be different from every other one insome 
respects, the values and dimensions given 
here may be subject to change, but the 
general principles should hold. Proof ofthis 
was found in the May 1975 issue of Ham 
Radio,’ wherein W4OQ describes shunt- 
feeding in very similar terms. He also 
presented estimates of the electrical height 
of various tower-beam combinations that 
prospective shunt-feed users should find of 
interest. 

It is hoped that this information will 
inspire others to try shunt-feeding their 
towers. This method offers an effective way 
to fire up on the lower frequencies that is 
useful to many who may have wanted to 
work these amateur frequencies but have 
shied away from doingso because of limited 
antenna space. This material was originally 
presented in OST by Earl W. Cunningham, 
K6SE. 


‘Truc, “Shunt-Fed Vertical Antennas,” Ham Radio, 
May 1975. 


This 160-meter vertical antenna could be just the one for you, if you reside on 
property of city-lot size or are a mobile operator. You can make it from readily 
available, inexpensive material. 


nspiration for the design offered here 
resulted in part from the author’s survey of 
antennas in use by 160-meter operators, 
worldwide. An extensive report was 
compiled, which filled a loose-leaf note- 
book! A boil-down of the most useful 
information resulted in an 11-page report 
which was made available to numerous 
amateurs. Subsequently, the writer was 
encouraged to submit some of the data for 
publication. Approximately 60 operators 
were polled, The following information 
from that inquiry should be of interest to 
those who are curious about “preferred” 
antennas for top-band use. 

Question 1; “If you could put up any 
antenna for 160, what would it be?” Result: 
60% favored verticals, 30% said horizon- 
tals, and 10% indicated mixed feelings. (The 
term “vertical” includes various configura- 
tions — 1/4, 1/2, and 5/8 wavelength, 
vertical arrays, and inverted Ls.) 

Question 2: “Comparing antennas that 
an average ham could build, do you prefer 
verticals or horizontals for 1607” Result: 
70% said vertical, 17% favored horizontal, 
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5% inverted L, 2% horizontal and vertical, 
2% inverted V, and 3% had no opinion. 
Reasons given for the responses were, 
“Because of signal comparisons and past 
experience. A backyard-compatible verti- 
cal is more effective than a backyard- 
compatible horizontal.” 

Question 3: “Do you operate mobile on 
160? If so, what is the antenna used?” 
Result: Three used base-loaded verticals, 
eight used center-loaded ones, and one em- 
ployed a Heliwhip. Some of the operators 
used capacitance hats. Other questions in 
the survey dealt with receiving antennas, 
types of soil and terrain, besides requesting 
complete details of the present transmitting 
antenna. 

Fig. 34 shows some of the vertical 
systems used when the poll began in 1969. 
Additional configurations used by success- 
ful 160-meter operators are illustrated in 
Fig. 35. It can be seen that a great deal of 
useful “backyard theory” is represented in 
the systems shown. The experience and 
trials of others can save countless years of 
experimenting with antennas (not that 


some of us can’t use the exercise)! It is 
hoped that these data will be of value to 
future 160-meter operators. 


The Minooka Special 


The following is a description of an 
effective vertical antenna for 160 meters, 
designed with these objectives in mind: 


1) Highly effective for 160-meter DX 
and local work. 

2) Easy to build and adjust. 

3) Very economical. 

4) Fits neatly into back yard. 

5) Reasonable bandwidth. 

6) Good for portable and DXpedition 
work. 

7) Can be scaled down for mobile 
operation. 


The resultant antenna (Fig. 36) is top 
loaded inductively and can be built by any- 
one from readily available material. Only a 
dip meter and SWR indicator are needed 
for tune-up. Many versions were built and 
tested, ranging from 7-foot (2.13-m) 
mobile types to 60-foot (18.29-m) backyard 
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Fig. 34 — Illustrations of vertically polarized 160-meter antennas used by various operators for DX and 


75'(22.86m) 
33'|40.06m) 


WSYYG,WSYYF, 
VKSKO, WiBB 
80" 
(24.38m) K2GNC 
WSBKA/8 


80° 
32° (24. 38m) 
(9.75m) 
FEED 


55' TO 74' {20° 
(6.76-22.56m) {(36.58m) 


VE3QU,KSDUA, 
WIPL, WSOAR, 
KBOHT, WSPFT, 
W6ITY 


270° 
(82.30m) 


WIiDEO 


MATCHING 
INDUCTOR 


110°(33,53m) 
MINOOKA 


{' (0.3m) 
WASEYY 
25'(7.62m) 
4 6' 4.83m) 
SPACING 
SOOpF 270pF 





local work. L and C values are not specified in some of the examples because the data were not 





furnished by the users. 
Table 10 
No.1 No, 2 No. 3 No. 4 No. § No. 6 
x Sft Sft 4tt 4ft 19 ft Sft Sin. 
(1.52 m) (2.43 m) (1.22 m) (1.22 m) (5.79 m) {0.99 m) 
¥ 2ft 15 in. 3ft Gin, 4ft 11in. Sft 
(0.61 m) (381 mm) {1.07 m) (1.22 m) (279 mm) (0.91 m) 
Zz As long as possible 
Wire No. 20 No. 19 No. 18 No. 16 No. 19 No. 22 
Size 





Here is a 50-foot (15,24-m) version of the 
Minooka Special. It is tuned remotely at K9SKX, 
and is used on 160 through 20 meters, Nylon or 
polypropylene guy lines should be used. 


or DXpedition models. They have been 
used with good results from 20-foot 
(6.10-m)-wide backyards in cluttered Chi- 
cago, to vast beaches on Carribean islands, 
and in South America. The fixed-tuned 
bandwidths vary from 10 kHz for mobile 
versions, to 50 kHz for the larger fixed- 
station models (SWR 2:1 or better). 


Construction 


The physical layout of the antenna is 
centered around the use of 3/4-inch (19- 
mm) diameter rigid PVC water pipe. This 
sturdy tubing has an outside diameter of 
1 inch (25 mm). The inner diameter pro- 
vides an “interference fit” for 1/2-inch 
(13-mm) EMT conduit (thinwall). A 3/8-24 
nut is driven into a S-inch (127-mm) length 
of conduit, then aligned and braized into 
position. Next, the conduit is taper-ground 
and polished on the opposite end, then 
driven into the PVC tubing (see table of 
dimensions). 

In the construction of mobile antennas 
another piece of conduit is driven into the 
bottom of the PVC coil form and a 3/8-24 
bolt is brazed into the bottom end. The bolt 
will mate with standard mobile antenna 
mounts. For larger versions of the antenna 
the PVC material can be mounted in TV 
masting, or whatever. A standard 8-foot 
(2.44-m) stainless-steel whip between 3 
and 8 feet (0.91 and 2.44 m) in length 
can be screwed into the top section. For 
home-installed versions of the antenna a 
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Close-up view of the top section of a coil 
assembly. This unit was used during mobile 
operation for over three years (40,000 miles or 
64,374 km). 


*% 





A mobile version of the Minooka Special is shown 
mounted on the author's car. 





A portable version of the 160-meter vertical 
antenna. It was used by WSYYG and W9UCW at 
HK@6KX in January 1974, 
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Fig. 35 — Examples of additional antennas for 160 meters which proved effective for long-haul work 


3- or 4foot (0.91- or 22-m) piece of 
thin-wall tubing can be used in place of the 
whip. This will save on the cost of 
materials, and will eliminate the need to 
have brazing done. The coil wire should be 
soldered to the conduit to assure a good 
electrical connection. 


Adjustment 


Pick a set of dimensions from the table 
which suits your application, but add a few 
inches more of coil turns (all turns close 
wound) than are recommended. This will 
allow leeway for pruning the system to 
resonance. 

To simplify adjustment it is suggested 
that the system be assembled first with only 
the coil and top section (no base section). 


Place the antenna where it is in the clear (on 
the car or fixed-station site), and where it 
can be tuned against the proposed ground 
system — car body or ground radials. 

A three-turn link should be connected 
temporarily between the lower end of the 
coil and the ground system. This will permit 
rough tuning of the system to resonance by 
inserting a dipper coil into the link and 
adjusting the coil turns on the antenna until 
a dip is noted in the desired part of the band. 
Upon completion of the pruning the 
constructor can, if he wishes, cover the coil 
with weatherproof tape or shrink tubing. 
The antenna should be tuned for roughly 
2000 kHz if the entire band is to be used. 
Adjust the resonance for 1850 kHz if only 
the low segment will be utilized. 
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Fig. 36 — Electrical details of the Minooka 
Special. Table 10 gives specific information 
concerning dimensions X, Y and Z. L2 may vary in 
size from 1 to 20 turns, and L3 will contain 
between 5 and 10 turns, typically. L2 and L3 are 
made from no. 18 wire, spaced 1/8 inch (3 mm) 
between turns. The coil diameter is 1-1/2 inches 
(38 mm). Refer to text for tuning instructions. 


Erect the antenna with all of its parts — 
coil, top and bottom section — and insert 
inductors L2 and L3 of Fig. 36 as shown. 
With L3 temporarily out of the system, 
adjust L2 for the lowerest value of SWR 
obtainable at the desired operating fre- 
quency. Then, place L3 back in the circuit 
and adjust it for an SWR reading of 1}. 
Addition of the base section later on will not 
affect the resonant frequency of the overall 
system materially, provided the basesection 
does not exceed, say, 60 feet (18.29 m). 

The foregoing steps are used also in 
adjusting the mobile version of the antenna. 
However, because of the small size it is 
possible to adjust the antennain completely 
assembled form. Only L3 of Fig. 36 is 
needed for mobile antennas. The main coil, 
LI, is adjusted for resonance, then L3 is set 
for lowest SWR. L3 can be mounted inside 
the trunk or under the bumper in a 
weatherproof enclosure. 

For fixed-station operation it is recom- 
mended that a good ground system be 
employed. One should use at least 10 
radials of, say, no. 18 or larger wire, 10 to 
50 feet (3.05 to 15.24 m) in length. If you 
can manage 40 radials, 60 feet (18.29 m) in 
length, all the better.! 


Concluding Comments 


Three fixed-station versions of the 
Minooka Special have been tested and 
used at W9UCW. Each was compared 
against the regular antenna, which is a 
one-quarter wavelength vertical (130 feet 
(39.62 m] high), and operates against a 
radial system that contains 12,000 feet 
(3657.6 m) of wire. The short verticals were 
always inferior to the big antenna by 


approximately 5 dB. 

Using version no. 4 from the table (4-foot 
[1.22-m] base section), the author worked 
Ws through W6s from the mobile setup. 
The rig was an H W-18 transceiver, Contacts 
were also made with VP9 and K V4 stations 
from the car. 

While DXing from San Andres (HK®@) 
reports were received of signal strengths 
exceeding S9 plus 20 dB from Maine to 
Washington. Good reports were received 
from Europe also. 

Because the loading coil acts as an rf 
choke at 3.5 MHz and above, several 
versions of the antenna have been used 
successfully from 160 through 20 meters 
with an appropriate L-network matching 
section installed at the base of the system. 
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ed for best efficiency in a system of this kind. Detailed 
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Antenna Book, \3th Edition. The recommendations 
given by the author are no doubt based on the lack 
of space available in the typical urban lot, around 
which his design was established. See Hills, “The 
Grounds Beneath Us.” RSGB Bulletin. June 1966.} 


Inexpensive 5/8-Wave Vertical Antenna 
with Coaxial Transformer 


Te author's hastily constructed 5/8- 
wave vertical antenna (inspired by WQJF’s 
results!) consists of a supporting structure 
made from sections of 2 \ 2-inch (51 x 51- 
mm) lumber on which four lengths of 300- 
ohm TV ribbon are affixed. Each section of 
ribbon line is 41 feet 6 inches (12.65 m) long. 
A length of this line is attached to each side 
surface of the 2 x2 support mast, then the 
ends (top and bottom) of all four line 
sections are connected in parallel to forma 
single vertical conductor. The coax-line 
dimensions are near those of W2JTJ,? and 
are shownin Fig. 37. TheS WR variesfroma 
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Fig. 37 — Coax-line transformer for 20-meter 5/8- 
wave vertical antenna. 


flicker of reflected power at 14,000 kHz to 
1.5:1 at 14,350 kHz. (The next task is to get 
that lowest-SWR point shifted to 14,275 
kHz.) The whole thing is leaning against a 
tree, almost vertical, and seems to work 
well. This material was originally pre 

sented in QST by Robert J. Earl, 
WIDRYV. 
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A Backyard 160-Meter Vertical 


A 160-meter band was the favorite one 
at the author’s QTH this winter. The same 
could be said for many other amateurs and 
the simple antenna described here may be 
of interest. 

Some of the old-timers will tell the 
newcomer to 160 meters that the best 
antenna for local and DX work is the 
vertical. Since a full-size vertical would be 
very large, the question is finding atype that 
will fit into aclosely packed residentialarea. 

As astarter, the writer took an old 40-foot 
(12.19-m) telescoping mast and insulated it 
from the ground, (This can be done by 
setting it on top ofa large soft-drink bottle, 
or clamping it to a wooden post.) The 
antenna was fed at the base with RG-58A/U 
52-ohm coaxial cable. The shield was wired 
to a radial system and a ground rod. A hint 
for the radials — buy some aluminum 
clothesline and cut a number of slits in your 
yard with a flat spade. Next, push the wire 
into the slits and tamp the grass back 
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Fig. 38 — A space-saving vertical for 160 meters. 


While not always possible, it is desirable to have 
the wires for the top hat run off at right angles to 
the mast. 


together. If there are any swampy parts of 
the yard, these seem to makethe best ground 
areas. 

Rather than using a loading network at 
the base of the antenna, the author 
constructed a capacitive hat to load it at the 
top instead. The top hat was made from four 
50-foot (15.24-m) pieces of wire strung out 
from the top of the mast in guy-wire fashion. 
They are connected electrically to the top, 
and stretched until they are as close as 
possible to a 90-degree angle with respect to 
the mast. 

The system described works well with a 
40-foot (12.19-m) mast, but other lengths 
could be used instead. However, the top hat 
may have to be adjusted in order to bring the 
system to resonance. While my vertical 
occupies very little space, it seems to 
perform as well as do many “full-size” 
antennas on 160 meters. This material was 
originally presented in QST by Mike 
Mussler, WB8JJA. 


Chapter 2 


Yagi Antennas 


The antenna systems treated in this chapter 
are variations of the basic directional gain 
antenna devised many years ago by Yagi 
and Uda. Over the years the fundamental 
design and its variations have been referred 
to simply as the Yagi. How Mr. Uda was 
excluded from the credits remains a 
mystery, as he was a co-developer of the 
antenna under discussion. 

Yagi types of antennas appeal to all 
manner of hf- vhf- and uhf-band operators, 
The primary response characteristic of the 
Yagi is unidirectional, discounting minor 


response lobes offthe front, sides and rear of 
the antenna. The major lobe concentrates 
the radiated energy ina desired direction to 
provide gain in dB and discrimination 
against interference from unwanted direc- 
tions. 

Yagis can be used singly or in array 
combinations. In the latter case, each 
time the size of an array is doubled 
the system gain can be made to increase 
by 3 dB — assuming that the phasing, 
impedance matching, and aperture param- 
eters are correct. Thus, a pair of 3-element 
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Yagis which are “stacked” in an array 
to meet the foregoing criteria will ex- 
hibit 3dB more gain than a single 3-element 
Yagi. To effect another 3 dB increase 
in gain, four 3-element Yagis would 
need to be placed in a given array of Yagis, 
and so on. . 

This chapter deals with the cream of the 
Yagi crop, so to speak, as taken from past 
issues of QST. When zoning laws and 
available property permit, the Yagi is 
preferred over the single-element vertical 
antennas described in chapter |. 


Short antennas have always captured the interest of amateurs. 


t antenna presented here is a mono- 
band version of the Bite-Size Beam for 20 
and 15 meters published elsewhere in this 
chapter. It is designed for 20-meter 
operation only. Most of the parts were 
“lifted” from the original array. 

The reader is cautioned against attempt- 
ing to figure why some of the dimensions 
were selected. As a point of interest, they 
just happened that way. One new twist was 
added to this system — capacitance hats. 
The hats provided one noticeable improve- 
ment in performance which became 
obvious during the initial tune-up phase of 
the project. The hats lowered the Q of the 
elements and hence broadened the overall 
response of the system. While only 
conjecture, one might say that it is this 





Details of the loading coil and capacitance hat on 
one of the elements. 


broad tuning which causes the parasitic ele- 
ments to perform as they do, Element tun- 
ing on the Bite-Size Beam! was critical. If 
the dimensions given here are followed 
carefully, the antenna should provide 
excellent characteristics for gain and 
pattern. Front-to-back measurements 
indicate approximately 20 dB. The front-to- 
side ratio was measured in excess of 25 dB. 
There are no objectionable side lobes. The 
SWR is less than 2:1 at each end of the band 
when the gamma capacitor and rod are set 
for proper operation at 14.1 MHz. Thereis 
no need to select phone or cwas the primary 
mode of operation. 


Construction 


The boom and all the elements are made 
from 1-1/4-inch (32-mm) diameter alumi- 
mun tubing available at most hardware 
stores. The two boom sections and the two 
pieces which make up the center portion of 
the driven element are coupled using 15- 
inch (0.38-m) sleeves of 1-3/8-inch(35-mm) 
OD aluminum tubing. Sheet-metal screws 
should be used to secure the sections within 
the coupling sleeves. 

The loading coils are wound on I-1/8- 
inch (29-mm) diameter Plexiglas rod. 
Details are shownin Fig. I. Besuretoslitthe 
ends of the aluminum tubing where the 
compression clamps are placed. The coils 
are made from no. 14 enameled wire. The 
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Fig. 1 — Details for joining sections of aluminum 
tubing and Plexiglas rod. 


specified number of turns are equally 
spaced to cover theentire 9 inches(229 mm) 
of Plexiglas. 

The capacitance hats are constructed 
from 3/4-inch (19-mm) angle aluminum. 
Two pieces 2 feet (0.61 m) in length are 
required for each hat. The model shown in 
the diagrams has the angle aluminum 
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Fig. 2— Constructional details for the 20-meter beam. The coils on each side of the element are 
identical. The gamma capacitor is a 140-pF variable unit manufactured by E. F, Johnson Co, 


fastened to the element using aluminum 
strips and no, 8 sheet-metal screws, but 
sheet-metal screws alone can be used. 
Solder lugs are fastened to the ends of the 
angle aluminum and no. [2 or 14 wire 
connects the ends of the aluminum, 
resulting in a square loop. The wires should 
be soldered at each of the solder lugs. 

All of the elements are secured to the 
boom with TV U-bolt hardware. Plated 
bolts are desirable to prevent rust from 
forming. An aluminum plate 9 inches (229 
mm) square by | /4-inch (6-mm) thick was 
used as the boom-to-mast plate. 

A boom strut is recommended because 
the weight of the elements is sufficient to 
cause the boom to sag. A 1|/8-inch (3-mm) 
diameter nylon line is plenty strong. A U- 
bolt clamp is placed on the mast several feet 
above the antenna and provides the 

- attachment point for the center of the truss 
line. To reduce the possibility of water 
accumulating in the element tubing and 
subsequently freezing, crutch caps are 
placed over the ends. Rubber feet suitable 
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for keeping furniture from scratching 
hardwood floors would serve the same 
purpose. 

A piece of Plexiglas was mounted inside 
an aluminum Minibox to provide support 
and insulation for the gamma capacitor. A 
plastic refrigerator box would serve the 
purpose just as well. The capacitor housing 
is mounted to the boom by means of a U 
bolt. The gamma rod is made of 3/8-inch 
(10-mm) aluminum 40 inches(1.016m) long 
and is connected to the gamma capacitor by 
a 6-inch (152-mm) length of strap alumi- 
num. 


Tune-Up and Operation 


The builder is encouraged to follow the 
dimensions given in Fig. 2asastarting point 
for the position of the gamma rod shorting 
strap. Connect the coaxial cable and install 
the antenna near or at the top of the tower. 
The gamma capacitor should be adjusted 
for minimum SWR at 14.1 MHz as 
indicated by an SWR meter (or power 
meter) connected in the feed line at the 





Table 1 


Complete Parts List for the Short Beam 
Qty = Material 

2 10-foot (3.05-m) lengths of 1-1/4-inch (32- 
mm) dia. aluminum tubing (one for the 
reflector center section, one for the 
reflector end sections) 

3 8-foot (2.44-m) lengths of 1-1/4-inch (32- 
mm) dia. aluminum tubing (two lengths 
for the boom, one length for the director 
element center). 

4 6-foot (1.83-m) lengths of 1-1/4-inch (32- 
mm) dia, aluminum tubing (two lengths 
for the driven element center, two lengths 
for the director and driven element ends). 

2 15-inch (0.38-m) lengths of 1-5/8-inch 
(41-mm) dia, aluminum tubing, 

1 40-inch (12.19-m) length of 1-3/8-inch 
(10-mm) dia. aluminum tubing. 

4 6-foot (1,83-m) lengths of 3/4-inch (19- 
mm) angle aluminum. 

6 12-inch (0.31-m) lengths of 1-1/8-inch 
(29-mm) dia. Plexiglas rod. 

1 9-inch (229-mm) square, 1/4-inch (6-mm) 
thick aluminum plate. 

8 U bolts. 

12 Compression hose clamps. 

8 Crutch caps. 

No. 12 enameled copper wire. 
No. 14 enameled copper wire. 





gamma capacitor box. If a perfect match 
cannot be obtained, aslight repositioning of 
the gamma short might be required. 
Evaluation of performance is always a 
difficult task. The 20-Meter DX Weasel is 
mounted on top of a 50-foot (15.24-m) high 
toweratthe QTH of W1FB. Thetransmitter 
input power for the testing period was 3 
watts. Many European stations as well asa 
ZL have been contacted with ease. In fact, 
the Weasel has been responsible for 
cracking a few pileups on the first call! 


Obtaining the Material 


Table | lists all of the major parts used in 
the 20-meter Weasel. Most of the U-bolt 
hardware as well as the aluminum tubing 
should be available from large hardware 
stores. The Plexiglas rod, however, presents 
a bit more ofa problemas indicated by mail 
received by the ARRL Technical Depart- 
ment. Many large plastic supply dealers 
stock the cast rod. The problem is that there 
are not very many large dealers! Addition- 
ally, Plexiglas is a petroleum-base product 
which means the cost is no doubt higher 
than one would expect. Those amateurs 
who are unable to locate aluminum 
hardware or Plexiglas should consult the 
yellow pages to see who their nearest 


“supplier is. This material was originally 


presented in OST by Robert Myers, WIXT 
and Jay Rusgrove, WIVD. 
'See page 45. 


The HW-40 Micro Beam 


A helically wound 2-element 40-meter Yagi. 


) = pleas from apartment 
dwellers and other amateurs who live on 
property that is too small in area to permit 
the use of large 40-meter antennas prompt- 
ed the authors to develop the antenna 
described here. The particular dimensions 
represented in this design were dictated 
primarily by the kind of fiberglass tubing 
that was immediately available. Kirk quad 
spreaders were obtained for use as forms on 
which to wind the helical elements. Longer 
(or shorter) elements can be used with good 
results, This article is intended as a guidein 
the design of similar antennas. 

The HW-40 is scaled down to 28 percent 
of full size. Two elements are used, each 
being [8 feet (5.49 m) in length, tip-to-tip. 
Thus, the elements are just 2 feet (0.61 m) 
longer than those of a full-size 10-meter 
Yagi. A 16-foot (4.88-m)-long Reynolds 
aluminum-tubing boom (two 8-foot [2.44- 
m] lengths joined) provides 0.12-wave- 
length spacing between the driven element 
and reflector. The weight of the array is 
approximately 25 pounds, making it 
practical to use a TV-type antenna rotator 
with the system. 


Design Considerations 


Some may argue that helically wound 
antennas will tend to radiate off the ends of 
the elements (axial mode), and that the 
condition will prevent the Yagi from 
exhibiting normal front-to-side and front- 
to-back characteristics. It was established 
by Kraus,! that axial-mode radiation occurs 
only when a helix is one wavelength or 
greater in circumference. Generally, when 
the circumference is less than two-thirds 
wavelength, a nearly sinusoidal type of 
current distribution exists. This is effected 
by alternate reinforcementand cancellation 
of the two traveling waves which are 
directed oppositely. Each is of nearly 
identical current amplitude (Ig), hence the 
To transmission mode results for both 
traveling waves on the helix. Because of the 
foregoing condition the helices of this 
antenna radiate in the normal modeand will 
exhibit linear polarization characteristics. 
The diameter of these helices is merely 
0.0009469 wavelength, eliminating any 
opportunity for axial-mode radiation. 
Front-to-side and front-to-back checks of 
the beam indicate, indeed, that normal- 
mode radiation is occurring. A number of 
relative tests were performed locally at 
distances up to 20 miles, and the front-to- 
back characteristics indicate a 10-dB figure. 
Front-to-side checks confirm a figure of 
approximately 28 dB. The effect is not so 





The HW-40 beam, just 28 percent of full-size, is 
light enough to require only a TV-rotator. 


pronounced when receiving high-angle 
incoming signals. Depending upon the time 
of day, distance involved, and other 
propagation factors, various directivity 
traits will be observed. 

Helically wound elements were chosen in 
preference to lumped-inductance elements 
in order to obtain linear voltage and current 
distribution across the elements, and to 
make the matching technique less difficult. 
Even if end-loaded elements with capaci- 
tance hats were used, the 18-foot (5.49-m) 
dimension would make it impossible to use. 
a gamma match of conventional design. 
Because of the very low value of radiation 
resistance of short loaded antennas, other 
conventional matching schemes would not 
lend ease to matching a 50-ohm coaxial 
feeder to the system. 

There are certain penalties one must 
accept when using physically shortened 
antennas of this kind, and an in-depth 
treatment of the subject was given by Sevick 
in OST. It was a fortunate circumstance in 
this case that the feed-point impedance of 
the beam turned out to beapproximately 12 
ohms. Therefore, a 4:1 toroidal balun was 
installed at the feed point to providea near- 
perfect match to the 50-ohm transmission 
line. In addition to encountering low values 
of feed impedance, the bandwidth of loaded 
elements is greatly less than with full-size 
antennas. This beam was tuned for 
operation at acenter frequency of 7050 kHz. 
It works well from 7025 to 7075 kHz, withan 
SWR no greater than 2:1. It is flat at 7050 
kHz. Those wishing to duplicate this Yagi 
should be willing to accept this design trade- 
off in the interest of having an effective 


directional antenna. It is recommended, 
therefore, that it be tuned for one’s favorite 
part of the 40-meter band. The use of a 
Transmatch will, however, permit excur- 
sions into portions of the band where the 
SWR becomes greater than I:1. 


Construction Details 


The construction of the 40-meter beam is 
very simple and requires no special tools or 
hardware. Two fiberglass 15-meter quad 
arm spreaders are mounted on an alumi- 
num plate with U bolts, as shown in the 
photograph. A wooden dowel is inserted 
approximately 6 inches (152 mm) in theend 
of each fiberglass arm to prevent the U bolts 
from crushing the poles. The aluminum 
mounting plate is equipped with U-bolt 
hardware for attachment to the I-1/4-inch 
(32-mm) diameter boom. 

A plastic refrigerator box is mounted on 
each element support plate and is used to 
housea Miniductor coil. No. |4copper wire 
is used for the elements. The wire is wound 
directly on the fiberglass poles ata density of 
40 turns per foot (not turns per inch!) fora 
total of 360 evenly spaced turns. The wire is 
attached at each end with an automotive 
hose clamp of the proper size to fit the 
fiberglass rods. Since the fiberglass is 
tapered, care must betakento keep theturns 
from sliding in the direction of the tips. 
Several pieces of plastic electrical tape were 
wrapped around the pole and wire at 
intervals of | foot (0.31 m), All of the 
element half sections are identical in terms 
of wire and pitch. Coil dimensions and type 
are given in Fig. 3. 

The driven-element matching system 
consists of a 4:1 balun transformer and a 
link tightly coupled to the Miniductor. 
Complete details are given in Fig. 4. 

Mounted at the end of each element (held 
in place by the hose clamp) is ashortsection 
of stiff copper wire used to allow for final 
tuning of the system as well as to broaden 
the frequency response of the antenna. 
Since the overall antenna is very small in 
relation to a full-sized array, the SWR 
points of 2:1 are rather close to each other, 
as mentioned earlier. The antenna shownin 
the photograph provides an SWR of less 
than 2:1 within about 25 kHz either side of 
resonance, Tuning the antenna for phone- 
band operation should not be difficult and 
the procedure outlined below should be 
suitable. 


Tuning 


The parasitic element is adjusted to be 
about four percent lower in frequency than 
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Fig. 3 — Overall dimensions for the 40-meter short beam. The boom consists of two pieces of standard 
1-1/4-inch (32-mm) dia do-it-yourself aluminum tubing. 
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Fig. 4— Schematic diagram of the balun assembly mounted inside the plastic utility box. The coreis a 
single T-200-2 Amidon. The 12-turn link is wound directly over the 19-turn Miniductor. 


the driven element. A grid-dip oscillator 
was coupled to the center loading coil and 
the element tips were trimmed (a quarter of 
an inch [6 mm] at a time!) until the GDO 
indicated resonance to be at 6.678 MHz. 
For phone-band use, the ends could be 
snipped for 6.840 MHz. Adjusting the 
driven element is simple. Place an SWR 
meter or power meterat the input connector 
and cut the end wires (or add some if 


necessary) to obtain a proper match 
between line and antenna. 


Performance Characteristics 


Once the initial near-ground tuning of the 
elements was completed, the HW-40 was 
carried aloft and mounted on the 40-foot 
(12.19-m) tower at WIFB. Final touching 
up of the matching and element resonances 
was effected after the beam was in place on 
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the tower. It is important to realize that 
shortened antennas are sensitive to changes 
in environment because of their narrow- 
band characteristics. Thus, height above 
ground and distance from nearby objects 
will cause some change in resonance of the 
elements. The resonant frequency of the 
HW-40 changed some 150 kHz between 
tuning at several feet above ground to final 
tweaking atop the tower. 

It should be noted that the 40-meter beam 
has yet to be tested at an ideal height above 
ground. A distance of 40 feet (12.19 m) 
above the earth is not much more than one- 
quarter wavelength at 7 MHz, though 
performance thus far has been better than 
one might expect when using a beam or 
dipole less than one-half wavelength above 
ground. 


Comparisons were made between the 
beam and three types of wire antennas... 
an inverted V, a 3/4-wavelength end-fed 
wire, and a full-wave 40-meter loop (with 
its theoretical 2-dB gain). The results have 
been interesting, though at times rather 
confusing. The confusion results from the 
time-of-day/ propagation syndrome men- 
tioned earlier, At no time, however, did the 
inverted-V or 3/4-wavelength antennas 
surpass the performance of the HW-40. 
The beam was always as good as or better 
than the other two radiators, regardless of 
band conditions or time. During contacts 
with European or South American DX 
stations, the beam was always the best 
antenna, usually by two S units or more. 
During daytime contacts out to, say, 1000 
miles, the wire antennas equalled the beam 
at times. 

When comparing the beam to the full- 
wave loop, results became less easy to 
evaluate. That is, the antennas took turns 
being best. Frequently, the loop outper- 
formed the beam (inthe favored direction of 
the loop) both on short-haul and DX 
contacts. At other times the beam had the 
edge by a couple of S units. At this time it is 
impossible to say which antenna would 
provide the best all-year, all-around service. 
But, it has been observed that the beam is far 
less subject to pickup of man-made and 
atmospheric noise because of its narrow- 
band characteristics (the loop exhibits the 
opposite bandwidth trait— broad). Reduc- 
tion in noise during reception can be a 
blessing, especially when working with the 
weaker signals! Another beneficial effect of 
the narrow-band feature is that strong, 
near-frequency signals do not sv severely 
affect the receiver with respect to overload- 
ing and cross modulation, as is thesituation 
with other types of antennas. The proof of 
this came when trying to operate while 
WI1AW (two blocks away from W1FB) was 
transmitting code practice. Until the beam 
was erected it was impossible to use the 40- 
meter band, but with the beam connected to 
the receiver, and with the antenna pointed 
away from WIAW, it became possible to 
operate within 10 kHz of WIAW without 
knowing that station was on the air! So, if 


seh et qui ont été détectés ré- 
cemment a la surface de Mars. 

Le plus spectaculaire concer- 
ne les preuves matérielles qui 
ont pu étre rapportées sous la 
forme des photos stupéfiantes 
de Saturne et de ses anneaux, 
réalisées sous divers angles par 
les sondes ameéricaines Voya- 
ger | et Voyager 2. Sur les chi- 
chés et les films transmis 8 la 
Terre par ces deux stations au- 
tomatiques, apparaissent trés 
nettement d’énormes cilés vo- 
lantes qui semblient tre encore 
contrdlées... intelligemment, I) 
est méme possible d’y distin- 
guer de multiples sources lumi- 
neuses 

Des données techniques d’un 
intérct considérable ont bien ét¢ 
publiées, dés les années 80, a 
‘issue des missions spatiales 
des Voyager | et 2, d’aprés cer- 
tains résultats obtenus par leurs 





DP ‘struments de bord, Mais la NASA a 
jgneusement préservé le secret pen- 
$3! plus de quinze ans A propos 
feeerce dociments analysés au moyen 






microscope a cnregistreur cla 
uvoir lumineux. La sont appa- 
; gigantesques appareils spa- 
saturniens, étrangement inha- 
bitwels dans leur apparence et leurs 
dimensions colossales, 


Guy Tarade 
a dtesse 
un@carte 
mofrant 

la ition 
de is- 

se Spa- 
tia sur les 
anneaux de 
Saturne. 


En face de ces monuments de I'es- 
pace, indéniables preuves d’une super- 
intelligence extraterrestre, les scicnti- 
fiques américains ont préféré respecter 
« Vacte de T Espace » signé en 1958 au 
plan mondial. Ce traité stipule que « |e 
public ne doit étre informé gue de faits 


Guy Tarade, 

un specialiste 
des ovnis, 
avance plusieurs 
hypotheses 

a propos de 

ces planetoides 
geants. 


relatifs & l’espace qualifiés de 
non hostiles » 

Or, des engins de cette taille 
ont estimé les responsables de la 
NASA — qui peuvent se tromper 
lourdement, en l’ occurrence —, ne 
peuvent qu’étre considérés com- 
me « hostiles ». Et, a ce titre. leur 
existence ne devrait et n’aurail 
pas di étre révélée. Une cinquan 


taine d°initiés ont alors été fermement 
invités & garder Ile silence. Depuis 
quinze années sce sont écoulées ¢ 
autre philosophic est née chez certains 
de ces scientifiques qui se sont décidés 
a parler 

En publiant son ouvrage, Les An- 
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neaux de Saturne (non enco 





re €té édité cn France), Ic 
docteur Norman R. Bergrun 2 
choisi de mettre un terme au 
secret. placant ainsi sous un nouvel 
éclairage lirmtant mystére des 
fl répond aussi & 
certaines questions fondamentales po- 
sées par « | Union européenne des 
chercheurs pour le Droit de savoir », 
coordonnée depuis Villeneuve-Loubet, 


sou- 
coupes volantes 


prés de Nice, par Claude Cha- 
peau, un ancien chercheur du 
CNRS 

Porte-parole de cette associa- 
tion qui collecte en temps réel 
sur Internet et Compuserve des 
informations en provenance du 
monde entier, |'écrivain ufo- 
logue nigois Guy Tarade analy- 
se diverses hypothéses & propos 
de ces planétoides géants qui 
servent sans doute de bases aux 
ovnis surgissant de plus en plus 
fréquemment dans le ciel ter- 
restre, 

« Que se passerait-il si une 
de ces gigantesques “iles vo- 
lantes” quittait le voisinage de 
Saturne pour venir se mettre 
en orbite autour de notre pla- 
nete ? » 

Pas de doute : une terrible 
panique s’emparerait des popu- 
lations, confrontées par voie de 
conséquence & des cataclysmes 
ne laissant que peu de chances 

de survie a l’espéce huma- 
ne! 

Mais fort heureusement 
tel ne semble pas devoir @ 
notre trés proche avenir. Mé 
me si cerlaines prophétics 
laissent présager une apoce 

lypse, préludant elle-méme 4 

un renouveau pastoral p 
I*humanité pens 
tamment au 
de Nostradamus, celui qui am 
nonce larrivée d'un « G | 
Roy d’Elfrayeur » appelé a 
manifester avec son 
catastrophes a la date 

du 28 juillet 1999 

D’aultres pensent, te aa 
contraire, que l’aube du trotsem 
millénaire pourrait bicn mare 

un tournant positif pour les 

mes, établissant enfin des c 
pacifiques ct richissimes cn ex 
gnements avec des « pa 
resus ». Des tires issus d'une 
humaine exilée depuis des de 
millénaires sur d’autres planét 
de retour pour guider & temps Ib 








2) 








manite contemporaine vers d’ autre 


valeurs. Comme pour répondre a Ge 
rard de Nerval, potte visionnairc oa 
annoncait lis reviendront ces daeaa 
que tu pleures depuis toujours 
emps va ramener lordre des ances 
jours 





(*) Le Grand Monarque. La der 


prophétie de Nostradamus, par Ge 
Tarade. 


some kW operator lives down the street 
from you, this little beam could put you 
back in business. 

While running approximately 80 watts 
output, the short beam has been extremely 
effective in working DX. DX stations now 
answer our CQs, whereas with the wire 
antennas (loop excepted) this seldom 
happened. Signal reports from DX stations 
average 579, with many 589 and 599 reports, 
During QRP operation with the beam (2 
watts output), a number of DX stations 
have been raised and worked. The signal 
reports are lower of course, but RST 559 
and 569 indicates that something good must 
be happening! One unrelated event oc- 
curred while testing the beam and loop with 
the QRP setup: astation in the 4th call area 


called CQ and was answered. Hecame back 
and said, “No QRP lids, CQ k Ws only.” It’s 
unlikely that the HW-40 beam can be 
blamed for that, especially since we went on 
to work five European stations later that 
day with the 2-watt equipment! 


Acknowledgements 


The authors wish to express gratitude to 
those who helped construct, test and erect 
the 40-meter beam. Special thanksto K 1JX, 
who “clomped” upanddowntheARRL test 
tower and the WIFB station tower 
numerous times with test gear (and the 
beam) until the final design goals were met. 
Thanks also to WINPG (SK) who labored 
silently while winding the helices, and 
subsequently endured the unbearable 


Connecticut heat-wave temperatures of 
August, while putting two coats of exterior 
spar varnish on the completed elements. 
The element dimensions and turns informa- 
tion were developed by KITD to test a 
newly developed calculator program. This 
material was originally presentedin QSTby 
Robert Myers, WIXT and Doug DeMaw, 
WIFB. 


References 


'Kraus, Antennas, First Edition, McGraw-Hill Book 
Co., Chapter 7. 

*Sevick, “The Ground-Mounted Short Vertical,” OST, 
March 1973, p. 13. (See Chapter 1.) 

\DeMaw, “The Novi-Loop,” OST, October 1973. (See 
Chapter 4.) 


A Bite-Size Beam for 20 and 15 Meters 


Do you want to work DX from your space-restricted QTH with increased 
effectiveness? If the answer is yes, perhaps this two-band Yagi system is just the 


one for you. 


Taz is no doubt that a hundred-foot 
(30.48-m) tower with stacked monobanders 
for 20 and 15 meters is one way to generate 
an effective signal in the pileups. But what 
are the characteristics of this big system 
which make it perform better than a dipole 
strung between two trees? First, the tall 
tower places the antenna up in the clear, 
away from most of the surrounding ground 
clutter. Even a relatively short tower (40- 
foot [12.2-m] variety) provides this advan- 
tage in many instances. The ability to point 
the major radiation lobe of the antenna in 
the correct direction is another reason the 
high monobanders outperform the kinky 
wire. But if the antenna is capable of 
supporting its ownelements, the directional 
characteristics can be used to good 
advantage whether the beam is mounted at 
100 feet (30.5 m), or at 40 feet (12.2 m). And 
without any question, the ability to reject 
interference aids substantially in the 
reception of weak signals. 

A typical one-foot (0.3 1-m)-per-side tri- 
angle tower is self-supporting (when 
properly installed) to 40 feet in height and 
requires less than one square foot of 
property. For many amateurs, the major 
limiting factor is the inability to turn a 
monoband beam (or even a large tribander) 
without hitting some object like a tall tree. 
Hesitation on behalf of the amateur to place 
what might be considered by his neighbors 
an offensive amount of hardware inthe sky 
near his home is another reason beams are 
ruled out. The 2-element-per-band, 20- and 





15-meter, interlaced Yagi presented here, 
overcomes these problems, It is lightweight 
and is less than 16-feet (4.88-m) square. And 
it’s probably no more obtrusive than a large 
TV antenna. 


So What if It’s Short! 


A popular misconception among ama- 
teurs is that any element short of full size is 
no good inanantennasystem, Reducing the 
size of an antenna by 50 percent does lower 


the efficiency by a decibel or two, but the 
gain capability of a parasitic array out- 
weighs this small loss in efficiency. Mount- 
ing the antenna above the interference- 
generating neighborhood can greatly 
reduce susceptibility to man-made noise 
and certainly aids in the reduction of rf 
heating to trees, telephone poles, and 
buildings. It has been said that a brick wall, 
or dense foliage, can attenuate a signal 
passed through it by as much as 20 dB. 
Placing the antenna above these energy- 
absorbing objects is very desirable. 





The coils are wound on Plexiglas rod. 
Compression clamps are used to hold the 
Plexiglas in position Sheet-metal screws and 
solder lugs provide attachment points for the 
ends of the loading coils. 
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View of the short beam from the front yard at 
W1FB, 





The gamma assembly is held in place by means of 
asmail U bolt. The capacitors are mounted on 
etched circuit board. 


It is a generally accepted fact that traps 
are difficult to build and adjust, as well as 
their being lossy. Loading coils, onthe other 
hand, are easy to wind and require 
essentially no adjustment. If the wire size is 
large, losses are not a major factor. W2FMI1 
lauded the merits of short antennas in an 
earlier article explaining that in reality, 
short (50 percent) elements do not material- 
ly depreciate the gain.' With these ideas in 
mind, the authors designed and built a 
shortened-element, but wide spaced, 
director array for 20 meters interlaced with 
a similar 15-meter reflector configuration 
also having optimum spacingfor maximum 
gain. By placing the 15-meter driven 
element in front of the 20-meter array, the 
longer 20-meter elements tend to act as 
reflectors on 15 meters. There are no 
unwanted reflectors “in front” nor any 
directors “behind” the active array — 
elements which could cause pattern 
distortion and poor front-to-back ratio. 


Construction 


The dual-band beam has four elements, 
the longest of which is 16 feet (4.88 m). Allof 
the elements and the boomare made from I- 
1/4-inch (32-mm) diameter aluminum 
tubing available at most hardware stores. 
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Element sections and boom pieces are 
joined together by slotting a 10-inch (254- 
mm) length of I-1/4-inch (32-mm) tubing 
with a nibbling tool andcompressingitfora 
snug fit inside theelement and boom tubing. 
Coupling details are shown in Fig. 6. 

The loading coils are wound on I-1/8- 
inch (29-mm) diameter Plexiglas rod. The 
rod slips into the element tubing and is held 
in place with compression clamps. Be sure 
to slit the end of the aluminum where the 
compression clamps are placed. The model 
shown in the photographs has coils made of 
surplus Teflon-insulated miniature audio 
coaxial cable with the shield braid and inner 
conductor shorted together. A suitable 
substitute would be no. 14 enameled copper 
wire wound to the same dimensionsas those 
given in Fig. 5. 


RES. FREQ. 
14.050 MHz 


RES. FREQ. 
20.0 MHz 


30.5 TURNS 


20-METER 
ORIVEN ELEMENT 


15-METER 
REFLECTOR 


COAXIAL 
20° METER 
GAMMA CAPACITOR 


All of the elements are secured to the 
boom with common TV U-bolt hardware. 
Plated bolts are desirable to prevent rust 
from forming. A 1/4-inch (6-mm) thick 
boom-to-mast plate is constructed from a 
few pieces of sheet aluminum cut into 10- 
inch (254-mm) square sheets and held 
together with no. 8 hardware. Several 
cookie tins could be used if sheet aluminum 
is not available. One local amateur used a 
plate from a large electrical box as a boom- 
to-mast bracket. Since it is galvanized, it is 
quite resistant to the harsh New England 
winters. 

A boom strut (sometimes called a truss) is 
recommended because the weight of the 
elements is sufficient to cause the boom to 
saga bit. A 1/8-inch(3-mm) diameternylon 
line is plenty strong. A U-bolt clamp is 


RES. FREQ. 
14,7 MHz 


RES. FREQ. 
21.050 MHz 


15-METER 
ORIVEN ELEMENT 


20-METER 
DIRECTOR 





1S-METER 
' GAMMA CAPACITOR 
4 BOX 


(1.22m) (1.22m) 


(0.9fm) 


t 





6'(1,83m) ——— > 
9'(2.74m) 


15'(4,57m) 


V4-INCHIGmm) SLOT IN 1-174"(32mm) SHORT SECTION 


OF TUBING 


(B) 





Fig. 5 — Constructional details for the 20- and 15-meter beam. The coils for each side of the element are 
identical. The gamma capacitors are each 140-pF variable units manufactured by E. F. Johnson Co. The 
capacitors are insulated from ground within the container. Since the design is one-half size for each 
band, the tuning is somewhat critical. The builder is encouraged to follow carefully the dimensions 


given in the text. 





Table 2 
Complete Parts List for the Short Beam 
Qty =_ Material 


9 8-foot (2.44-m) lengths of aluminum 
tubing, 1-1/4-in. (32 mm) dia 


an U bolts 
2 Variable capacitors, 140 pF (E. F. 
Johnson) 


4ft Plexiglas cast rod, 1-1/8-in. (29 mm) dia 
16 Stainiess steel hose clamps, 1-1/2-in. (38 
mm) dia 
1 Aluminum plate, 8-in. (203 mm) square 
Aluminum solid rod, 1/4-in, (6 mm) dia 
2 Refrigerator boxes, 4 X 4 X 4 in. (102 X 102 
X 102 mm) 
Nylon rope, 1/8-in. (3 mm) dia 
16 No. 8 sheet metal screws 
16 No. 8 solder lugs 
8 Plastic (or rubber) end caps, 1-1/4-in, (32 
mm) dia 








The boom-to-mast plate. 


i} 1-174" (32mm) 
| ALUMINUM TUBING 


” 


9 
(229mm) 


1-1/8" (29mm) PLEXIGLAS 
ROD 


_-HOSE CLAMP 


Fig. 6 — Coupling details for joining sections of 
aluminum tubing, 





placed on the mast several feet above the 
antenna and provides the attachment point 
for the center of the truss line. To reduce the 
possibility of water accumulating in the 
element tubing and subsequently freezing 
(rupture may be the end result), crutch caps 
are placed over the element ends. Rubber 
feet suitable for keeping furniture from 
scratching hardwood floors would serve the 
same purpose. In fact, the rubber tips 
prevent the element ends from damaging 
surrounding objects during installation. 

A heavy-duty steel mast should be used, 
such as a I-inch (25-mm)-diameter galvan- 
ized water pipe. Steel TV mast is also 
acceptable. Any conventional TV-type 
antenna rotator should hold up under load 
conditions presented by this antenna. 
Nevertheless, certain precautions should be 
taken to assure continued trouble-free 
service. For instance, whenever possible, 
mount the rotator inside the tower and 
extend the mast through the tower top 
sleeve. This procedure relieves the rotator 
from having to handle lateral pressures 
during windy weather conditions. A thrust 
bearing is desirable to reduce downward 
forces on the rotator bearings. 


Hookup and Operation 


The monoband nature of the beam re- 
quires the use of'two coaxial feed lines. The 
coaxial cable is attached to the 15-meter 
element (at the front of the beam) at the 
gamma-capacitor box. The other end ofthe 
cable is connected to a surplus 28-V de 
single-pole coaxial switch.? The cable for 
the 20-meter element is connected in a 
similar fashion. The switch allows the use of 
a single feed line from the shack to a point 
just below the antenna where the switch is 
mounted, It is a simple matter to provide 
voltage to the switch for operation on one of 
the two bands. At the price of coaxial cable 
today, a double run of feed line represents a 
substantial investment and should be 
avoided if possible. 

An etched-circuit board was mounted 
inside an aluminum Minibox to provide 
support and insulation for each of the 
gamma tuning capacitors, Plasticrefrigera- 
tor boxes available from most department 
stores would serve just as well. The 
capacitor housing is mounted to the boom 
by means of U bolts. 

The builder is encouraged to follow the 
dimensions given in Fig. 5asastarting point 
for the position of the gamma rods and 
shorting bar. Placing the antenna near the 
top of the tower and then tilting it to allow 
the capacitors to be reached makes it 
possible to adjust the capacitors for 
minimum SWR as indicated by an SWR 
meter (or power meter) connected in the 
feed line at the relay. If the SWR cannot be 
reduced below some nominal figure of 


approximately 1.4:1, a slight repositioning 
of the gamma short might be required. The 
dimensions given are for operation at 
14.050 MHz and 21.050 MHz. The SWR 
climbs above 2:1 about 50 kHz in either 
direction from the center frequency. 
Although tests were not conducted at more 
than 150 watts input to the transmitter there 
is no reason why the system would not 
operate correctly with a kilowatt of power 
supplied to it. 

After many months of testing atthe QTH 
of WIFB, several characteristics were 
noted. First, the antenna withstood several 
wind and ice storms common to Connecti- 
cut. Performance turned out to be what can 
be expected from a 2-element Yagi. Since 
the 20-meter portion of the antenna is a 
director array, the front-to-back ratio is a 
bit less than 10 dB. On 15 meters, where the 
system operates with a reflector parasitic 
element, the front-to-back ratio is consider- 
ably better — on the order of 15 dB. 

This antenna was mounted atopa 40-foot 
(12.2-m) tower where previously there was 
connected a 20-meter sloping dipole 
pointed at Europe (a multielementarray for 
2 meters graced the top of the tower!). The 
number of European stations contacted 
increased rather dramatically with the 
installation of the beam. Except in pileups 
on rare DX stations, DX is now workedasa 
routine, even though WIFB is a QRP fan 
and typically runs less than 2 watts of output 
power. 

No doubt the increased effectiveness of 
the signal was caused by several factors. The 
antenna certainly has gain (although at 
ARRL hq. we have no way of making 
accurate measurements) and is well above 
the nearby small trees. More importantly, 
the antenna is now far from the aluminum 
house siding which once was directly in the 
pattern of the 20-meter “sloper.” Of course, 
the front-to-back characteristic has the 
tendency of making DX signals louder in 
relation to stateside stations and therefore 
makes receiving much easier. 

If previously you've felt that a beam and 
tower were not possible at your QTH, 
perhaps re-evaluation of the situation is in 
order, This antenna, as shown in the 
photograph, does not appear offensive 
when viewed from the front yard. Yet the 
overall amount of property occupied (at 
ground level) is less than one square foot. 
And the turning radius is slightly over 11 
feet (3.35 m)! This material was originally 
presented in QS7 by Robert Myers, WIXT 
and Clarke Greene, KIJX. 
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Linear Loaded 20-Meter Beam 


Build this novel minibeam for 20 meters ... it works! 


Phat antennas are fine if you have 

the height and room for them. But much of 
the advantage is usually lost with average 
installations. So why bother with a sad- 
looking monster a few feet atop the house 
when a trim, smaller model will do the job. 
This article deals with a method that 
eliminates the messy and expensive loading 
coils as well. 

Having built an HW-32A transceiver, the 
author’s 20-meter activity was restricted to 
the phone band. A homemade vertical 
antenna did a fair job in the states, but not 
for DX. This writer’s thoughts rantoa beam 
and the aluminum tubing that could be 
obtained for full-size construction. A 2- 
element beam was constructed, using a 
gamma match and information found inthe 
Handbook. The beam worked electrically, 
but the mechanical construction left much 
to be desired. It flopped in the wind like a 
wounded butterfly. The author tried to 
correct this with a wooden framework, but 
it was just as bad. Something with shorter 
elements was desired, something that was 
rigid and would still perform well. But all of 
the author's research turned up only loading 
coils or other methods involving a loss 
compromise. 

The author's aluminum supply included 
four 12-ft (3.66-m) lengths of 7/8-inch (22- 
mm) diameter tubing. This would give two 
elements of 24 ft (7.32-m) length and a 
minimum of sag. The problem was how to 
mount them and make up the difference in 
physical and electrical length for a half- 
wave length. Loading coils were ruled out. 
The possibility of folding wire under the 
elements seemed to have merit. (Later, this 
was found to be called linear loading.) This 
dictated a split element and standoff 
supports for the tubing. 

Two 2-ft (0.61-m) lengths of aluminum 
channel were obtained for the element 
supports (Fig. 7). each 12-ft (3.66-m) 
section was attached using I-in. (25-mm) 
ceramic standoff insulators. A 34-in. (19- 
mm) birch dowel was used to stiffen and 
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prevent crushing of the tubing where the 
attachment was made. Element supports 
were grooved and attached to a 10-ft (3-m) 
TV mast section using a single 5/ 16-in. (8- 
mm) U bolt. 

The folded additional loading wire was 
no. 12 copper house wire with theinsulation 
stripped off, and was supported by two 
bakelite blocks on each element section. 
The blocks were anchored to the tubing by 
small sheet metal screws. Ends of the wire 
sections were formed into a loop to hold 
their position. 


Tune-Up and Adjustments 


My thinking in regard to coaxial-cable- 
fed dipoles is that they should use a balun or 
matching device of some kind. This beam, 
having a split driven element, seemed to call 
fora 1:1 balunsinceit wasto be fed with RG- 
58/U (Fig. 8). Formulas found in hand- 
books for beam-element lengths did not 
seem to work for the linear-loading design, 
so cut-and-try was used many times. Infinal 
tests, a grid-dip meter was utilized with a 
calibrated receiver to determine the driven- 
element total length of 35 ft (10.67 m). A 
reflector with 10-ft (3.05-m) spacing was 
used. 

It was found that adding a reflector of 
five-percent greater length lowered the 
frequency (with the beam near the ground) 


SIDE VIEW 





The beam atop the author's tower. 


but on raising the beam to rooftop, the 
frequency had increased. The 10-ft spacing 
gave a 3:1 VSWR which was very difficult to 
reduce. Testing this arrangement on the air 
seemed to indicate more gain in the back 
direction than in the front. After many tests 
and much rebuilding of the wire lengths, the 
director element approach seemed to give 
the most encouraging results. The VSWR 
was down to 1.5:1 and the five-percent 
shorter director raised the frequency to the 
phone band. Spacing was reduced to 7 ft 6 
in. (2.29 m). 

More research brought out the possibility 
of inductive matching to get the VSWR 
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Fig. 7 — Construction details of the loaded beam. 
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Fig. 8 — Critical electrical dimensions, 


The Log-Yag Array 





down to a more reasonable level. Many 
hairpin lengths and widths were tried with 
varying results. The final hairpin was 23-in. 
long by 1-1 /2in. (580 X 38 mm) wide witha 
slight fan shape to fit the balun connections. 
This reduced the VSWR at 14,200 kHz and 
14,350 kHz with a flat response in between. 


On-the-Air Tests 


The help of other amateurs in tests for 
front-to back ratio was very helpful. 
Average reports have been 2.5 S units in the 
forward position over the back position. 
The author did not havea reference dipole 
for gain tests, but has heard and worked 
more DX than in the past 20 years. The 
beam is mounted on a rooftop 10-ft (3-m) 
steel tower 38 ft (11.6-m) above the ground. 
It weighs around 20 pounds and is rotated 
by an older-type TV rotator. This material 
was originally presented in OST by Cole 
Collinge, WOYNF, 


The Yagi antenna array has been around for years and years. A relative newcomer 
to hams is the log-periodic dipole array (LPDA), which offers nearly constant gain 
over a greater bandwidth than the Yagi. Guess what happens when you cross a 


Yagi withanLPDA.... 


War the decline in sunspot activity, a 


number of amateurs have considered 
monoband Yagi arrays. The first problem 
encountered seems to be array length, that 
is, overall size for a desired gain and 
bandwidth. The Log-Yag principle, as will 
be discussed shortly, has produced asystem 
which will provide the amateur with 
another alternative to the long-boom Yagi, 
stacked Yagis, or loop-antenna systems. 
The L-P Yagi (Log-Yag) array is not anew 
system; many such arrays have been 
designed and developed by Oliver Swan! 
and others,? This article, however, will 
provide the basic theory of operation, 
design procedure, and the construction ofa 
practical antenna. 


Theory of Operation 


The Log-Yag array utilizes an LPDA- 
driven} group of elements, designed to 
cover a desired bandwidth, in conjunction 
with parasitic elements to achieve higher 
gains and greater directivity than would be 
realized with either the LPDA or Yagi 
array alone. The Yagi array requires a long 
boom and wide element spacing for wide 
bandwidth and high gain. This is because 
the Q of the Yagi system increases as the 
number of elements is increased and/or as 





“ j " From the front to the back of the Log-Yag array. 
the spacing between adjacent elements is Note the truss provides lateral and vertical 


decreased.*.5 An increase in the Q of the support. 


Yagi array means that the total bandwidth 
of that array is decreased; optimum gain, 
front-to-back ratio, and side lobe rejection 
are obtainable only over small portions of 
the band. Dr, I, L. Morris, using a high- 
speed digital computer, has completed 
extensive research on 4-, 8-, and 10- 
director Yagi-Uda arrays.° His work is 
comprchensive and is recommended 
reading for all technically minded ama- 
teurs. The parameters varied in his study 
were element length, spacing, radius and 
number. As can be seen in Fig. 9, the 
forward gain and front-to-back ratio 





The completed Log-Yag array ready for use. The 
array mounted above the Log-Yag is a 7-element 
LPDA for 21 to 30 MHz. 
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Fig. 9 — The effects of director spacing on 
various Yagi arrays. The change in gain and front- 
to-back ratio is plotted for the change in director 
spacing. The reflector spacing has been held 
constant. 





The connections between the balun and the 
input terminals. 


deteriorate sharply as element spacings 
decrease. If the elements are closely spaced, 
then as the frequency is shifted either side 
of the array design frequency the electrical 
spacing between adjacent elements changes 
rapidly. This causes a higher SWR and a 
deterioration of forward gain and front-to- 
back ratio. 

The Log-Yag system overcomes _ this 
difficulty by using a multiple driven element 
“cell” designed in accordance with the 
principles of the log-periodic dipole 
array.”.® Since this log cell exhibits both 
gain and directivity by itself, it is a more 
effective radiator than a simple dipole 
driven element. The front-to-back ratio and 
gain of the log cell can be improved with the 
addition of a parasitic reflector and 
director. It is not necessary for the parasitic 
element spacings to be large with respect to 
wavelength, as in the Yagi array, since the 
log cell is the determining factor inthe array 
bandwidth. In fact, the element spacings 
within the log cell may be small with respect 
to a wavelength without appreciable 
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Fig. 10 — Beam patterns of 20-meter arrays. 
No. 1 — 3-el. log cell, dir. @ 0.1A, ref. @ 0.2A. 
No. 2 — 5-el. log periodic, « = 0.1. 

No. 3 — 3-el. log cell, ist dir. @0.1A, 


deterioration of the cell gain. For example, 
decreasing the relative spacing constant (a) 
from 0.1 to 0.5 A will decrease the gain by 
less than 1 dB. Hence, a further reductionin 
boom length. It can be seen that the Log- 
Yag array will exhibit high theoretical gain 
(11 dBd), high front-to-back ratio (30 dB), 
high cross polarization (front-to-side ratio 
—45dB), anda wideband response utilizing 
boom lengths approximately one half that 
of a Yagi with similar characteristics.” 

The author has built many monoband 14- 
MHz Log-Yag arrays in an attempt to find 
an optimum combination of elements, 
while holding the boom length to that ofa 
full-sized, three-element monobander Yagi. 
Relative radiation patterns for various 
element combinations are found in Fig. 10. 
The final array design takes the form of a 
four-element log cell, parasitic reflector 
spaced at 0.085 A... and parasitic director 
spaced at 0.15 Agax Where Amas is the longest 
free-space wavelength within the array 
passband. It has been found that array gain 
is almost unaffected with reflector spacings 
from 0.08 A to 0.25 A and the increase in 
boom length is not justified.? The function 
of the reflector is to improve the front-to- 
back ratio of the log cell while the director 
sharpens the forward lobe and decreases the 
half-power beamwidth, As the spacing 
between the parasitic elements and the log 
cell decreases, the parasitic elements must 
increase in length.!° 

The log cell is designed to meet upper and 
lower band limits with o= 0.05A. The design 
parameter 7 is dependent on the structure 
bandwidth, B,. When the log-periodic 
design parameters have been found, the 
element length and spacings can be 
determined. A review of the “Log-Periodic 
Dipole Array” is recommended though not 
necessary for the design of the Log-Yag 
array.3)78 

The method of feeding the antenna is 
identical to that of feeding the log-periodic 
dipole array without the parasitic elements. 
As shown in Fig. 11, a balanced feeder is 
required for each log-cell element, and all 
adjacent elements are fed witha 180° phase 
shift by alternating connections. Since the 
Log-Yag array will be covering a relatively 
small bandwidth, the radiation resistance of 
the narrow-band logcell will vary from 80to 
90 ohms (tubingelements) depending onthe 
operating bandwidth. The addition of 
parasitic elements lowers the log-cell 





2nd dir. @ 0.2d. 

No. 4 — 4-el. log cell, ref. @ 0.15A. 

No. 5 — 4-el. log cell, dir. @ 0.15A, ref. @ 0.0854 
(described in this article). 


radiation resistance. Hence, it is recom- 
mended that a I-to-! balun be connected at 
the log-cell input terminals and 52-ohm 
coaxial cable be used for the feed line. The 
measured radiation resistance of the 14- 
MHz Log-Yag installed at the author’s 
QTH is 37 ohms, 14.0 to 14.35 MHz. It is 
assumed that tubing elements will be used. 
However, if a wire array is used then the 
radiation resistance R, and antenna-feeder 
input impedance Z, must be calculated so 
that the proper balun and coax may be used. 
The procedure is outlined in detail in The 
ARRL Antenna Book.}.’ 


Design Procedure 


The following step-by-step design 
procedure may be used to design any 
monoband Log-Yag for any desired 
bandwidth. 


REFLECTOR — 
™~ 
at ~ 


—_ 


DIRECTOR 
| 
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Fig. 11 — Layout of the Log-Yag array. 


1) Determine the operating bandwidth, 
B, between f\, lowest frequency (band edge), 
and f,, highest frequency (band edge). 
ps & 

fy 

2) Determine the structure bandwidth 
(log-cell array) B,. 
B, = 1.15B 

3) Determine the design parameter r 
(based on 4-element log cell, note 1). 


| 
el 
V B, 

Note I. The design parameter 7 is chosen 
for a four-element log cell since it provides 
the best bandpass for most amateur bands. 
For log cells with any number of elements 


T= l 
a-hR— 
where n = number of elements within the log 
cell. 
4) Determine the apex half-angle a: 
Since o = 0.05 (relative spacing constant), 
then 


T= 


0.2 


cota = 
lr 


5) Determine the longest free-space 
wavelength Amax, log-cell boom length, L (ft) 
and longest clement length within the log 
cell |, (ft). 

_ 984 
Amax ” f; MHz 


ie oy 
L= ! (1 iO cot o Reva 


and 


1; = 7h 
la = ls 


6) Determine the element spacing (dj), 
distance between elements |; and |) (ft). 


dia =1 (1 -h) cot a 


2 
and 
dos = rdi2 
dys = rdos 


7) Determine the parasitic element 
lengths (ft) and spacings (ft). 


ewe = 2096 
REF” f, MHz 
_ 84 
deer = F MHz 
lore = -450:8 
DIR ~ tf; MHz 
_ 148 
dpir = fi MHz MHz 


This completes the design. 


The Finished Log-Yag 


The proof is always to be found in the 
completed and operating product. The 


REFLECTOR 


DIRECTOR 


BOOM TO MAST DETAIL 


CLAMP } 
OVER BAR, 
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DRIVEN ELEMENT TO BOOM DETAIL 





Fig. 12 — Assembly details. The numbered components refer to Table 6. 





The interconnection between the elements of the log cell changes sides between each element, 





Table 3 
Array Characteristics 


OMrINAMSAWN— 


. Frequency range 

. Operating bandwidth 
. Design parameter 

. Apex half angle 


Half-power beam width 


. Bandwidth of structure 
. Free-space wavelength 
. Log cell boom length 

. Longest log element 


. Forward gain over dipole 
. Front-to-back ratio 

. Front-to-side ratio 

. Inputimpedance 

. SWR 

. Total weight 

. Wind-load area 

. Feed-point impedance 

. Reflector length 


Director length 


. Total boom length 


14~14.35 MHz 

B= 1,025 

+ = 0.946657 

&@ = 14.92°, cot=3,753 
42° (14-14.35 MHz) 


B, = 1.17875 
Amax = 70.28 ft 
L=10.0ft 


/, = 35.14 ft (a tabulation of element lengths 
and spacings given in Table 2) 

11.5 dB (theoretical) 

32 dB (theoretical) 

45 dB (theoretical) 

Zo = 37 ohms 

1.3 to 1 (14-14,35 MHz) 

96 pounds 

8.5 sq. ft 

Zo = 37 ohms 

36.4 ft @6.0 ft spacing 

32.2 ft @ 10.5 ft spacing 

26.5 ft 


The mechanical construction of the log cell is identical to that described in The ARAL Antenna Book, 
except for the lengths and spacings.*.’ Fig. 12 shows how the log cell is constructed as well as the 


addition of the parasitic elements. 


1 ft = 0.30478 m 
neem SEEEnEnEEEEEE SEES 
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Table 4 
Array Dimensions 
Element Length Spacing 
Ft Ft 
Reflector 36.4 6.0 (Ref. to /;) 
4 35.14 3.51 (diz) 
h 33.27 3.32 (dis) 
‘4 31.49 3.14 (dys) 
/s 29.81 10.57 (/, to dir.) 
Director 32.2 
1ft=0.30478m 
Table 6 
Materials List 


1. Aluminum tubing — 0.047 in. wall thickness 
1 in. — 12 ft lengths, 24 lin. ft 
1in. — 12 ft or 6 ft lengths, 48 lin. ft 
7/8 in. — 12 ft or 6 ft lengths, 72 lin. ft 
3/4 in. — 8 ft lengths, 48 lin. ft 
3/4 in. —6 ft lengths, 36 lin. ft 
Stainless steel hose clamps — 2 in, max., 8 ea. 
Stainless steel hose clamps — 1-1/4 in. max., 
24 ea. 
TV-type U bolts — 1-1/2in., 6 ea. 
U bolts, galv. type: 5/16 in. X 1-1/2 in., 4 ea. 
U bolts, galv. type: 1/4 in, X 1in., 2ea. 
1 In. ID water-service polyethylene pipe 160 
Ib/in.? test, approx. 1-3/8 in. OD, 7 lin. ft 
1-1/4 in. X1-1/4in, X 1/8in. aluminum angle —6 
ft lengths, 12 lin. ft 
Tin. X 1/4 in. aluminum bar — 6 ft lengths, 6 
lin. ft 
10. 1-1/4 in. top rail of chain-link fence, 26.5 lin. ft 
11. 1:1 toroid balun, 1 ea, 
12. No, 6-32 X 1 in. stainless steel screws, 8 ea. 
No. 6-32 stainless steel nuts, 16 ea. 
No, 6 solder lugs, 8 ea, 
13. No. 12 copper feed wire, 22 lin. ft 
14 12in. X 6in. X 1/4 in. aluminum plate, 1 ea. 
15. Gin. X4in. X 1/4 in. aluminum plate, 1 ea. 
16. 3/4 in. galv. pipe, 3 lin. ft 
17. 1in. galv. pipe — mast, 5 lin. ft 
18. Galv. guy wire, 50 lin, ft 
19. 1/4 in, X 2 in. turnbuckles, 4 ea. 
20. 1/4 in. X 1-1/2 in. eye bolts, 2 ea. 
21. TV guy clamps and eyebolts, 2 ea. 


lin, = 25.4mm 
1 ft = 0.30478 m 


en 


eo Noms 


© 
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Table 5 
Element Material Requirements 


1-in, 7/8-in. 

Tubing Tubing 

Length Length 
Element (Ft) Qty. (Ft) Qty. 
Refiector mam 6 2 
‘ eo 6 2 
/; 6 2 6 2 
4h 5S 2 6 2 
Is 6 2 & 2 
Director 12 #1 6 2 
1 ft= 0.30478 m 


3/4-in. 1 1/4-in. 1 X 1/4-in, 
Tubing Angle Bar 
Length Length Length 
(Ft) Oty. (Ft) (Ft) 

8 iZ None None 

8 2 3 1 

S. ¢£ 3 1 

6 2 3 1 

6 2 3 1 

6 2 None None 





author’s 14-MHZ Log-Yag on-the-air 
performance on cw and ssb substantiates 
the theory. The characteristics of the array 
are given in Table 3. 

The materials needed are given in Table 5. 
In the construction diagram, Fig. 12, the 
materials are referenced by their respective 
material list number. The photographs 
show the overall construction picture, and 
the drawings show the details. 

The materials should be available from 
most hardware and electronic stores. 
However, some have found difficulty in 
obtaining aluminum tubing. This can be 
solved by writing to the manufacturer and 
asking for the name of their distributor 
nearest your locality. Commercial antenna 
manufacturers will sell their tubing, but the 
cost is at a premium. 

This array is in operation at K4EWGand 
W4BBP. The results on the air are nothing 
short of fantastic! It will give the stacked 
Yagis and long-boom Yagis a run for their 
money. 

It is the authors’ hope that this antenna 
design will stimulate additional work and 
research by other amateurs. The field seems 
wide open, and Yag-Log combinations are 


endless. The optimum designis by no means 
achieved in this article. It does seem, 
however, that a log cell of more than four 
elements would be necessary only where the 
array bandwidths, B, exceed 1.03(B=f,/f\). 

The authors wish to thank George 
Smith, W4AEO, for his work in substanti- 
ating a consideration for log periodic 
gain. This material was originally pres- 
ented in QST by P. D. Rhodes, K4EWG 
and J. R. Painter, W4BBP. 
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Chapter 3 


Quad Antennas 


A currently popular form of directional 
gain antenna is called the “quad.” In general 
performance principles, it compares 
favorably to the Yagi beams discussed in 
chapter 2. The proper namefor this antenna 
is the “cubical quad.” It was developed by 
Clarence Moore, W9LZX, in 1942 when he 
was an engineer for HCJB in Quito, 
Ecuador. The design came as a solution to 
large corona discharges at the ends of 
existing beam-antenna elements. The 
problem was caused by the highly ionized 


air at the transmitter location, some two 
miles above sea level. Operation was in the 
commercial 25-meter band, which for the 
intentions of the broadcaster, required a 
gain type of antenna. 

Moore concluded that a gain antenna 
with no ends was required to handle the 10- 
kW power without corona or flashover. 
Thus, the quad was born. Not only did it 
handle the power without difficulty, it later 
became a popular amateur antenna after he 
developed a mode! for use on 20 meters. 


The primary limitation of quad antennas 
is the unwieldy nature of the “beast,” 
especially at 40 and 20 meters, compared to 
a Yagi. The supporting framework is 
subject to extreme stress from ice and wind 
loading. Nonetheless, the quad has proven 
to be one of the most effective DX beams 
that an amateur can buiid at modest cost. 
This chapter contains data on various types 
of quads for a number of amateur bands. It 
is a compendium of the best on the subject, 
as published in past issues of OST. 


Quads and Yagis: Comparisons, Patterns 
and Working Dimensions 


Want a fresh look at the Yagi vs. quad question? This is “must” reading for the 


antenna-minded. 


ie material in the following sections 
will present a discussion of two time-tested 
antenna arrays. 

In this class of arrays the Yagi (more 
properly the Yagi-Uda) antenna is the 
grandfather of them all. There are very few 
antennas which can compete with the 
electrical operation and simplicity of 
construction of this array. However, in the 
early 1940s C. C. Moore, of radio station 
HCJB, brought into being a parasitic array 
of loop elements with properties very 
comparable to those of the Yagi-Uda array. 
Since its conception this array has become 
very popular in Amateur Radio circles. It 
has come to be known as the “cubical quad” 
or “quad” antenna because of the common 
use of square loops and box-like construc- 
tion.! 

The material to follow will attempt to 
present an unbiased comparison of these 
two arrays based upon the experimental 
and theoretical results of many workers. 
This material is prefaced by a short section 
of introductory antenna concepts and 
definitions so that certain terms and 
notation will have more meaning when the 
comparisons between the quad and Yagi 
antennas are made. Finally, in the last 
section, some of the experimental patterns 
of modeled quad and Yagi arrays are 


presented. A compilation of some of the 
working dimensions for both types of 
arrays are also given. This latter material 
should be of interest to the builder and 
experimenter. 


Introductory Antenna Theory and 
Definitions: Polarization 


Inspection of the radiation field of an 
antenna will show it to have plane-wave 
character and to be made up of electric and 
magnetic field lines which are perpendicular 
to each other. Polarization of an electro- 
magnetic wave is defined as that directionin 
which the electric field lines are oriented. If 
the electric field vector is fixed (in direction) 
in a plane it is said to be linearly polarized. 
For example, the polarization of a dipole is 
linear. If the plane in which this dipolelies is 
horizontal or parallel to some reference 
plane (e.g., the surface of the earth), it is 
called a horizontally polarized antenna. 
Vertical polarization would result if the 
dipole were placed perpendicular to the 
reference plane. Itshould be noted that if the 
electric vector does notstay fixed in position 
but rotates (its tip tracing out an ellipse), 
then the wave is said to be elliptically 
polarized. Circular polarization is a special 
case of elliptical polarization. Elliptical 
polarization will have a right- or left-hand 


sense, depending upon the direction of 
rotation of the electric vector. 


Directivity and Gain of an Antenna 


The degree to which a particular antenna 
can concentrate the antenna pattern into a 
beam is known as directivity. Mathemati- 
cally, it is the ratio of the power density (in 
watts per square unit of measure) that 
would be available at an observation point 
to the power density one would have if the 
total radiated power were radiated equally 
well in all directions.? Directivity is a 
function of the antenna pattern alone and 
does not take into account antenna 
efficiency or losses. 

The gain of an antenna can be defined in 
terms of directivity when antenna efficien- 
cy is taken into consideration. If K is the 
antenna efficiency, a number between 0 
and |, then antenna gain is given by 


G=KD 


where 
G = antenna gain 
K = antenna efficiency 
D = directivity 
The gain in decibels is then given by 
dB gain = 10 logis G. 
Please note that the above definition has 
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been such that it is a function of the 
observation point. In amateur circles gain 
is usually measured at that observation 
point where the maximum power density is 
observed. Further, when considering 
practical Yagi and quad arrays for the hf 
range, K is normally taken as |. Gain 
measured in the above manner is normally 
called gain with respect to an isotropic 
antenna. It is interesting to note thatsincea 
half-wave dipole concentrates its pattern 
into certain directions, it will have some 
gain with respect to an isotropic antenna. 
This gain with respect to isotropic is found 
to be 


G = 1.64 
or, in dB, 
Gan = 2.15 dB 


If the vertical and horizontal half-power 
beam widths are known fora given antenna 
the following formula will give (somewhat 
on the generous side) the gain of the 
antenna with respect to an isotropic 
antenna 


where 


Oy = horizontal half-power beam width 
in degrees. 

Ov= vertical half-power beam width in 
degrees. 


This formula assumes low-side and back- 
lobe levels for the antenna pattern. If the 
gain with respect to isotropic is known then 
the gain with respect to a half-wave dipole 
is obtained by subtracting 2.15 dB. 


Antenna Aperture or Area 


This concept is of most use when 
discussing a receiving antenna. It is a 
measure of the antenna’s ability to gather 
in available radiated power at some 
receiving position. Antenna area and gain 
are directly related 


A 
= 40> 
G are: 


where 


G = antenna gain 

\ = operating wavelength 

A = area (based upon square units of 
length measurement, with the length 
measurement the same as that assumed for 
A). It should be noted that one cannot have 
two antennas with the same gain and 
different areas. One hears this concept 
misused (in the sense of the above sentence) 
quite often on the amateur bands. That is 
to say, if you feel that one antenna has 
more capture area than another, then it 
must also have more gain. 


Antenna Patterns 


The pattern of an antenna may be plotted 
by recording the received electric field 
strength or power density as a function of 
viewing (observation) angle. The properties 
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of most antennas used by radio amateurs 
(below 30 MHz) can be described by two 
basic patterns. Consider a pattern due toa 
radiating half-wave dipole, this pattern to 
be obtained by moving a sampling or test 
antenna about the dipole in the horizontal 
plane which contains the dipole. This 
pattern is called the horizontal-plane or E- 
plane pattern (the pattern was taken in a 
plane containing the electric E-lines, hence 
the name E-plane pattern). If the sampling 
antenna is placed directly in front of the 
horizontal dipole (and in the horizontal 
plane) and moved up over the top of the 
dipole (in a plane perpendicular to the 
horizontal plane), and on around until it 
returns to the starting position, the result is 
the vertical-plane or H-plane pattern (since 
the test antenna moved ina plane parallelto 
the magnetic H-lines it is called an H-plane 
pattern). 

For Yagi and quad arrays these two 
patterns will give enough essential informa- 
tion to determine their expected radiating 
properties. 


Comparison of Quad 
and Yagi Arrays 


The cubical quad antenna was first 
introduced to the radio world in 1942 by 
Clarence C. Moore at HCJB to alleviate a 
serious corona problem occurring ona large 
commercial shortwave Yagi array. It is a 
parasitic array formed with loop elements 
which are approximately one wavelength 
in circumference. 

Important to proper operation of a quad 
antenna are considerations of proper 
element sizes, spacing between elements, 
boom length, feed impedance and so forth. 
The following material presents a discus- 
sion of these considerations and a compari- 
son of the quad and Yagi arrays. 


Polarization of a Quad Antenna 


The polarization of a quad antenna can 
be determined by considering the current 
distribution onthe driven clement. Tostress 
the point that square, diamond, or circular 
loop all produce essentially the same 
polarization, consider the current distribu- 
tion shown in Fig. |. A little thought reveals 


CURRENT 
MAXIMUM 


-t—— CURRENT MINIMA — 


—«— CURRENT MINIMA —> 


that fact that the vertical components of 
current produce radiated fields that cancel 
each other, and the horizontal components 
of current produce a radiated field 
(broadside to the loop) withall components 
adding. The polarization of any of these 
loops is then linear and parallel to an 
imaginary horizontal line drawn through 
the current minima. Hence, ifa quad loop is 
fed at the bottom it produces horizontal 
polarization, and if fed on the side it will 
have vertical polarization. The geometrical 
form of the loop, square, diamond or 
circular, does not mean that the (broadside) 
radiation has a possible combination of 
both horizontal and vertical polarization or 
circular polarization. This seems to be a 
common misconception in amateur circles. 
The linear polarization properties intro- 
duced above can be verified easily experi- 
mentally. It should be further noted that 
there are no noticeable differences in the 
radiating properties or impedance ofa loop 
| wavelength in circumference whether it be 
of the circle, diamond or square configura- 
tion. 


Angle of Radiation for a Horizontally 
Polarized Quad Antenna 


Placement of an antenna above a 
conducting ground will alter its free-space 
radiation pattern, positioning the maxi- 
mum of its main lobeat possibly anew angle 
with respect to a horizontal reference line. 
The angular position of this main lobe is 
called the angle of radiation. The angle of 
radiation of an antenna is a function of its 
height above the conducting ground and its 
polarization. Given the height and the 
polarization, the angle of radiation can be 
determined by using the concept of the 
antenna’s virtual image or ray theory and 
reflection of the wave by the ground. 

The following conclusions can now be 
drawn: 

The angle of radiation of a horizontally 
polarized quad antenna, at a given boom 
height, is essentially the same as that of a 
horizontally polarized Yagi at the same 
boom height. 

This must be so because the boundary 
conditions imposed upon the electromag- 
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Fig. 1 — Current distribution on circular, diamond and square loops 1 wavelength in circumference. 
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Fig. 2 — Vertical-plane radiation patterns for a 
horizontally polarized quad or Yagi array above 
perfectly conducting ground, 


netic wave at the surface of ground are 
completely insensitive to the fact that the 
wave is produced by a quad antenna as 
opposed to the wave produced by a Yagi 
antenna. 

Typical patterns of a quad or Yagi 
antenna placed at a height of 1/2 A or lA 
above a perfect ground are shown in Fig. 2 
at Aand B. 


Gain Comparisons of the Quad Antenna 
with the Yagi Antenna 


The gain of a quad array (of given boom 
length) seems to be somewhat higher than 
that of a Yagi array of the same boom 
length. This gain difference can be ex- 
plained by considering the theoretical work 
of Adachi and Mushiake of Tohoku 
University in Japan. In 1952 and 1957 they 
published two papers which discussed the 
current distribution, impedance, and 
radiating properties of loops of large 
circumference.3 

Fig. 3 shows the gain of asingle loop asa 
function of wavelength and wire diameter. 
Fig. 4 shows the variation of reactance and 
radiation resistance for asingle loop. Please 
note the dependence upon the circumfer- 
ence-to-wire-diameter ratio in these two 
figures. They showed that the broadside 
gain ofasingleloop 1A incircumference was 
approximately 2 dB above that of a half- 
wave dipole. This result implies that a 
parasitic array of loopelementsshould have 
the same gain advantage when compared to 
a Yagi array of comparable boom length. 

This gain differential for the quad array 
does appear and can be verified experimen- 
tally. Fig. 5 demonstrates this comparison. 
The points on the figure were obtained as 
follows: For the antenna under considera- 
tion Eand H plane patterns were made. The 
gain was then calculated using the Eand H- 
plane half-power beam widths of these 
radiation patterns and the formula dis- 
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Fig. 3 — On-axis gain of a single loop as a 
function of loop circumference. (From “Studies 
of Large Circular Loop Antennas” by S. Adachi 
and Y. Mushiake Sci. Rep. Ritu, B-[Elect. 
Comm.] vol. 9, no. 2, Tohoku Univ., Sendai, 
Japan, 1957.) 


cussed above. This gain and the boom 
length of the antenna were then used to 
determine a point on the graph given in Fig. 
5, where gainand boomlength represent the 
parameters under consideration. The data 
points for many, many antennas, both quad 
and Yagi, were then placed onthe graphand 
a smooth curve representing an average for 
each type of antenna was then drawn. 

The expected gain difference of 2dB does 
indeed appear in favor of the quad antenna. 
This gain differential is essentially that 
predicted by the results of the Japanese 
workers cited above. 

The measurements used to obtain the 
above gain comparisons were performed at 
440 MHz. A measuring frequency of 440 
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Fig. 4 — Reactance and radiation resistance of 
a single loop versus circumference. Note: {) is a 
measure of the ratio of loop circumference to 
wire diameter, 11 = 2In 8a/p where a = loop 
radius and p» = wire radius. 
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Fig. 5 — Quad and Yagi array gain as a function of boom length. 
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Table 1 


Quad Dimensions 

2-element Quad (W@HTH) 

Spacing (given below) 

Boom length (given below) 

Band 40M 20M 15M 10M 

Reflector 144 ft 11-1/2 in. 72 ft4in, 48 ft Bin. 35 ft 7in, 

Driven Element 140 ft 11-1/2 in. 70 ft 2in. 47 ft 4in. 34 ft 7in. 

Spacing 30 ft 13 ft 10 ft 6 ft 6 in. 

Boom length 30 ft 13 ft 10ft 6ft6in. 

Feed method Directly with 23 ft Directly with 11 ft Directly with7 ft | Directly with 5 ft 
of RG-11, then 7 in. RG-11, then 8-1/2in. RG-11, Bin. RG-11, then 
any length RG-8 any length RG-8 = then any length any length RG-8 
coax. coax, RG-8 coax. coax. 


(Note that a spider or boomless quad arrangement could be used for the 10/15/20 meter parts of the 


above dimensions yielding a triband antenna) 


4-element Quad* (W@AIW [20 M] /WGHTH"* /KOKKU/KOEZH/WEFXB) 


Spacing: equal; 10 ft 
Boom length: 30 ft 


Band 20M 

Phone CW 
Reflector 72ft1-1/2in. 72 ft5in. 
Driven Element 7Oft1-1/2in. 70ft5in. 
Director 1 69 ft tin. 69 ft Tin. 
Director 2 69 ft Tin. 69 ft Tin. 
Feed Method Directly with 

50-ohm coax. 


“Common boom used to form a triband array. 


15M 10M 

48 ft 8in. 35 ft 8-1/2in. 

47 ft 4 in. 34 ft 8-1/2in. 

46 ft 4 in. 33 ft 7-1/4in. 

46 ft 4in. 33 ft 7-1/4 in. 
Directly with Directly with 
50-ohm coax. 5ft9in, RG-11, then 


any length RG-8 
coax. 


**The 2-element 40-meter quad given above is added to form a four-band quad array. 


4-element Quad (WOHTH/K8DYZ*/K8YIB*/W7EPA"*) 


Spacing: equal; 13 ft 4 in. 
Boom length: 40 ft 


Band 20M 15M 10M 

Reflector 72 ft 5 in. 48 ft4in, 35 ft 8-1/2in. 

Driven Element 70 ft 5 in. 47[tOln. 34 ft 8-1/2 in." 

Director 1 69 ft Tin. 46 ft lin. (Directors 1-3 all 

Director 2 69 ft 1 in. 46 ft 1in, 33 ft 7 in.)* 

Feed method Directly with Directly with 7 ft Directly with 
50-ohm coax. 9in. RG-11,thenany 50-ohm coax. 


length 50-ohm coax. 


*For the 10-meter band the driven element is placed between the 20/15 reflector and 20/15 driven 
element. The 10-meter reflector is placed on the same frame zs the 20/15-meter reflectors and the 
remaining 10-meter directors are placed on the remaining 20/15-meter frames. The 10-meter portion is 


then a 5-element quad. 


6-element Quad (W@YDM, W7UMJ) 
Spacing: equal; 12 ft 
Boom length: 60 ft 


Band: 20M 

Reflector 72 ft 1-1/2 in. 

Driven Element 70 ft 1-1/2 in. 

Directors 1,2and3 69 ft 1 in, 

Director 4 69 ft 4 in. 

Feed Method Directly with 50-ohm coax. 
1 ft = 0.3048 m 





MHz was chosen so that | cm (at this 
frequency) is equivalent to | foot of 
measurement at 14 MHz. Hence, to relate 
these results directly to the 20-meter 
amateur band, boom length incm fromthe 
curve can beread as boom length in feet. For 
example, the gain of a quad on a 40-foot 
(12.19-m) boom should be slightly more 
than | dB above a quad on a 25-foot (7.62- 
m) boom. Comparison of the signals from 
these two antennasatareceivingstation will 
not reveal much difference; however, in the 
DX pile-ups the longerantennashould have 
a slight advantage. Another interesting 
interpretation of these results is to note that 
a quad on a 30-foot (9.14-m) boom is 
equivalent to a Yagi on a 55-foot (16.76-m) 
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boom. Hence the boom of a Yagi antenna 
must be about 1.8 times longer than the 
boom ofa quad in order for the two gainsto 
be comparable. 


Impedance Properties and Matching 


The driving-point impedance of a quad 
antenna depends upon the element spacing 
and number of elements. For 2-element 
quad antennas the results of Bill Orr in his 
Quad Antenna handbook can be used to 
determine the driving-point impedance. 
For multielement quads (3 or more 
elements)‘ the impedance will range from 
40 to 60 ohms. Matching of these multi- 
element quads is most easily done by direct 
feed with a 50-ohm coaxial line. A 1:1 
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Fig. 6 A: Shape factor as a function of the loop 
circumference-to-wire diameter ratio. B: Loop 
“resonant length correction factor" versus shape 
factor. (Circled values obtained from S. Adachi, 
and Y. Mushiake, “Studies of Large Circular 
Loop Antennas” Sci. Rep. Ritu, B-[Elect. 
Comm.] vol. 9, no. 2, Tohoku Univ., Sept. 1957.) 


balun can be used but experimental results 
show that it does not give performance any 
better than that obtained with direct feed. 
A gamma match can be used to obtain an 
exact match to any chosen coaxial line. For 
details of using a gamma match on a quad 
antenna see Bill Orr’s Quad Antenna 
handbook. 

If a single boom is used to construct a 
multiband quad antenna, then it is 
recommended that a separate feed line to 
each driven element be used. 


Approximate Formulas for Quad 
Antenna Element Lengths 


The multielement quad antenna gained 
its first real popularity following the work 


of Lee Bergren, W@AIW, in the early 
1960s. He published the results of his work 
in QST in 1963.5 Many experimentalists 
have used his dimensions for antennas in 
the 20-meter amateur band and have scaled 
them to other bands. Based upon Bergren’s 
work and others the following empirical 
formulas can be used to determine the 
element lengths of a quad antenna 


Circumference of _ 1005 f 

: -_— ect 
driven element face 
Circumference of _ 1030 feet 
reflector element — fur 
Circumference of se 975 feet 
director elements fun 


These results should only be used for 
quad antennas operating below 30 MHz. 
It is interesting to note that for quad 
antennas the reflector and directors 
are only 2-1/2 to 3 percent different 
in length from the driven element. This 
is a smaller change than that normally 
encountered in Yagi arrays. 

The above figures should not be used for 
vhf or uhf quad antennas. At these higher 
frequencies the circumference-to-wire- 
diameter ratio becomes small enough that 
its effect upon the resonant properties of 
the loop must be considered. Here again, 
the results of Adachi and Mushiake are 
useful and the effects of wire size on the 
resonant length of the loop can be taken 
into account. These results are given in 
graphical form in Fig. 6 where, based upon 
the circumference-to-wire-diameter ratio, 
a circumference correction factor can be 
obtained. Once the correct size of the 
driven element is determined (using the 
results of Fig. 6) a quad antenna can be 
designed by making the reflector approxi- 
mately 3 percent longer and the directors 3 
percent shorter. 

The above results can be used to obtain 
workable dimensions but, just as with 
approximate formulas for Yagi antenna 
element lengths, the “best” dimensions 
would have to be determined experi- 
mentally by tuning the array, 


A Collection of Quad and Yagi Patterns 
and Dimensions: E and H Plane 
Patterns for Quad and Yagi Arrays 


The previous section referred to a group 
of experimental tests, where a series of 
model antennas were constructed and the E 
and H plane patterns obtained. 

It should be noted that these patterns 
have direct interpretation in light of the 20- 
meter band. Recall that the experiments 
were performed at 440 MHz, where 
dimensions for boom length, element size, 
and spacing in cm are directly equivalent to 
dimensions in feet for the 20-meter band. 
For example, the patterns for a 440-MHz, 
5-element Yagi on a 55-cm boom can also 
be taken as the pattern for a 14-MHz, 5- 
element Yagi on a 55-foot boom. 

Perusal of these patterns will give a 


2-ELEMENT CUBICAL QUAD 
8-cm BOOM 
440 MHz 
(A) 


3-ELEMENT YAGI 
20-cm BOOM 
435 MHz 
(B) 


Fig. 7 — E and H plane radiation patterns for (A) 2-element quad antenna and (B) 3-element Yagi 
antenna. 
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5-ELEMENT YAGI 
55-cm BOOM 
445 MHz 
(B) 


4-ELEMENT CUBICAL QUAD 
30-cm BOOM 
445 MHz 
(A) 


Fig. 8 — E and H plane radiation patterns for (A) 4~-element quad antenna and (8) S-element Yagi 
antenna. 


7-ELEMENT YAGI 
80-cm BOOM 
440 MHz 
(8) 


6-ELEMENT CUBICAL QUAD 
60-cm BOOM 
440 MHz 
(A) 


Fig. 9 — E and H plane radiation patterns for (A) 6-element quad antenna and (B) 7-element Yagi 
antenna. 
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visual means of comparing the quad and 
Yagi arrays. It is interesting to note the 
dependence of gain and pattern beam 
width upon array boom length. Without 
further comment, typical patterns for both 
types of antennas are given in Figs. 7 
through 9. 


A Tabulation of Dimensions of Working 
Arrays 


Presented in tabular form are a few 
representative dimensions for both quad 
and Yagi antennas. These are dimensions 
presently in use by a number of amateurs. 
Most of the Yagi dimensions are due to 
amateurs across the country who sent their 
dimensions to Mr. Hal Wolff or the author 
to be modeled on the antenna range at the 
University of Denver. The quad dimen- 
sions also are those now in use by anumber 
of amateurs in this country and abroad. It 
should be noted that most of these 
dimensions, and the resulting model 
antennas, provided the necessary data used 
in the previous section to compare the quad 
and Yagi. Where known, either the user(s) 
or the originator of a set of dimensions is 
indicated. The first set of dimensions is for 
quad antennas, the second set for Yagi 
antennas. 


Summary 


A comparison between the quad and 
Yagi antennas, on the basis of gain, has 
been given, this comparison being based 
upon both theoretical and experimental 
results. The results indicate that if both 
antennas have the same boom length the 
gain of the quad array will be about 2 dB 
higher than that of the Yagi. For either 
antenna, gain is a function of boom length 
and will increase approximately 2.5 dB 
each time the boom length is doubled. 
Hence, a 2-dB gain advantage is equivalent 
to a boom-length advantage of 1.8. In 
other words, for the quad and Yagi arrays 
to have comparable gain, the boom length 
of the Yagi antenna must be 1.8 times 
longer than that of the quad. 

The size of the wire used for the loop 
element (relative to the loop circumfer- 
ence) will have an influence upon the 
resonance and radiating properties of the 
loop. The influence of this shape factor — 
i.e., the ratio of loop circumference to wire 
diameter — can be accounted for by using 
the referenced results of Adache and 
Mushiake. 

In conclusion, it might be stated that one 
type of antenna (quad or Yagi) is not 
necessarily better than the other. The 
choice between a quad or Yagi array will 
depend critically upon many factors. For 
example, if single-band operation is of 
main importance and the geographical 
area where the antenna is to be used does 
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Table2 


Yagi Dimensions 


3-element Yagi (W6SAF) 
Boom length: 24 it 


Band: 20M 
Element 
Length Spacing 
Reflector 34ft10-3/4in. R—DE: 
13 ft9-1/2in. 
DrivenElement 33ft2-1/2in. DE—D: 
10 ft 4-1/2in. 
Director 31 ft. 9-1/2in. 
3-element Yagi (WOOKC) 
Boom length: 26 ft 
Band:20M 
Element 
Length Spacing 
Reflector 35ft Gin. R—DE: 14ft 
DrivenElement 33ft 4in. DE—D:12ft 
Director 31ft 7in. 


3-element Yagi (WOCM, formerly WOJYW) 
Boom length: 30ft 


Band:20M 

Element 

Length Spacing 
Reflector 35ft 4-1/2in. R—DE: 13 ft 
DrivenElement 32ft 2-1/2in. DE—D:17ft 
Director 31 ft 10in. 
Feed Method Folded dipole 


4-element Yagi (KOKKU) 
Boomlength: 30 ft 


Band: 20M 

Element 

Length Spacing 
Reflector 35ft Gin. (allelements 
DrivenElement 33ft 4in. equally spaced) 
Director 1 31 ft 9-1/2in. 
Director2 31ft 2in. 


4-element Yagi (W4PLL) 
Boom length: 30ft 


Band:20M 

Element 

Length Spacing 
Reflector 35ft 4-1/2in. (allelements 
DrivenElement 33ft 4-1/2in. equallyspaced) 
Director1 31ft 9-1/2in. 
Director2 31ft 9-1/2in. 
1 ft = 0.3048 m 





not have high-wind problems, the best and 
simplest choice would bea long-boom Yagi 
antenna. If multiband operation is desired, 
or if wind problems were to limit the length 
of the boom to some nominal value, then 
the quad antenna would be a good choice. 


4-element Yagi (K6VIZ) 
Boom length: 32 ft 


Band:20M 

Element 

Length Spacing 
Reflector 35ft Gin. R—DE:10ft 
DrivenElement 32ft 8in. DE—D1:10ft 
Director1 31ft Bin. D1i—D2:12ft 
Director2 31ft Tin. 
4-element Yagi (W@OKC) 
Boomlength:36ft 
Band:20M 

Element 

Length Spacing 
Reflector 35ft Gin. R—DE: 14ft 
DrivenElement 33ft 4in. DE—D1: 10ft8in. 
Director 1 31ft 8-1/2in. DI—D2:11ft4in. 
Director2 31ft Tin. 


4-element Yagi 
Boomlength:40ft 


Band:20M 

Element 

Length Spacing 
Reflector 35ft Gin. R—DE: 14{ft 
DrivenElement 33ft 4in. DE—D1:12ft 
Director 1 31ft Zin. D1—D2: 14ft 
Director 2 31 ft Oin, 
5-element Yagi (WAG6ZZK) 
Boomlength: 40ft 
Band: 20M 

Element 

Length Spacing 
Reflector 34ft 10in. R—DE: 10ft 
DrivenElement 33ft 4in. DE—D1:9ft 
Director 1 32ft Gin. D1—D2: 10f16in. 
Director2 32ft 2in. D2—D3: 10ft6in. 
Director3 31ft 10in. 
5-element Yagi 
Boomlength: 46 ft 
Band:20M 

Element 

Length Spacing 
Reflector 35ft 7-3/4in. 
DrivenElement 34ft 5-3/8in. (Allelements 
Director1 33ft 2in. equally spaced 
Director 2 31ft 9-1/2in. at11ft6in.) 
Director3 30ft 4-1/2in. 


Likewise, the choice of available mate- 
rials in your locale, and the acceptance 
of the appearance of the antenna by 
your neighbors or family, constitute other 
determining factors. The best approach 
is to survey your requirements and 


5-element Yagi (K6EVR) 
Boomlength: 46ft 


Band: 20M 

Element 

Length Spacing 
Reflector 35ft 4in. R—DE:12ft 
DrivenElement 33ft Sin. DE—D1: 10ft 
Director 1 31 ft Bin. D1—D1:12ft 
Director2 31ft Bin. D2—D3:12ft 
Director3 31ft Bin. 
5-element Yagi (W8PWH) 
Boomlength:52ft 
Band:20M 

Element 

Length Spacing 
Reflector 35ft 11in. R—DE: 13 ft 10in. 
DrivenElement 33ft 4-1/2in. DE—D1:10ft5Sin. 
Director 1 32ft 10in. D1—D2: 13 ft 10in, 
Director2 31ft 2in, D2—D3: 13ft 10in. 
Director3 30ft 9in. 


5-element Yagi (W4EX, formerly W4DQH) 
Boomlength:54ft 


Band:20M 

Element 

Length Spacing 
Reflector 35ft Oin. R—DE: 13ft6in. 
DrivenElement 33ft 4in. DE—D1:11ft6in. 
Director 1 32ft Sin. D1—D2:13ft 
Director2 32ft Vn. D2—D3; 16ft 
Director3 31ft 11in. 


5-element Yagi (WEAR, formerly W6ITA) 
Boomlength:55ft 


Band;20M 

Element 

Length Spacing 
Reflector 34ft Qin. R—DE: 16ft9in. 
DrivenElement 33ft 7in. 
Director1 Sift 1M1in. (Allelements 
Director2 31ft 9-1/2in. equallyspaced) 
Director3 31ft Bin. 
6-element Yagi 
Boom length: 46ft 
Band:20M 

Element 

Length Spacing 
Reflector 35ft Sin. 
DrivenElement 34ft 5-1/2in. (Allelements 
Director1 32ft Tin. equally spaced 
Director2 32ft Sin. at9ft2-3/8in.) 
Director3 31ft 4-1/2in. 
Director4 31ft 1/2in. 


environmental restrictions, make your 
choice and proceed accordingly. 
Acknowledgements 


It is very difficult to acknowledge 
systematically and completely all those 


6-element Yagi (WOOKC) 
Boomlength: 46ft 


Band:20M 

Element 

Length Spacing 
Reflector 35ft 4in. R—DE: 10ft 
DrivenElement 33ft 4in. DE—D1:8ft 
Director 1 31ft 11in. Di—D2:9ft 
Director2 31ft 3-1/2in. D2—D3:9ft6in. 
Director3 31ft 1/2in. D3—D4:9ft6in. 
Director4 30ft 11in. 
6-element Yagi (W@OKC) 
Boom length: 74 ft 
Band:20M 

Element 

Length Spacing 
Reflector 35ft Sin. R—DE: 16ft6in. 
DrivenElement 33ft 4in. DE—D1:9ft9in. 
Director1 31ft 9-1/2in. Di—D2:14ft 
Director2 31ft 2-1/2in. D2—D3:17ft6in. 
Director3 30ft 11in. D3—D4:21ft 
Director4 30ft Bin. 
7-element Yagi (W6HAW) 
Boom length: 80ft 
Band:20M 

Element 

Length Spacing 
Reflector 35ft Sin, R—DE: 14 ft 
DrivenElement 33ft 4in. DE—D1:11ft 
Director1 31ft 8in. 01—D2:12ft 
Director2 31ft 4in. D2—D3: 13 ft 
Director3 30ft 8in. D3—D4: 14ft 
Director4 30ft Bin. D4—D5: 16ft 
Director5 30ft Bin. 
8-element Yagi (WAGEKD) 
Boom length: 100ft 
Band:20M 

Element 

Length Spacing 
Reflector 34ft Qin. (Allelements 
DrivenElement 33ft Sin. equallyspaced 
Director1 32ft 2in. at14ft4in.) 
Director2 31ft 11-3/4in. 
Director3 31ft 9-7/8in. 
Director 4 31ft 8in. 
Director5 31ft 2in. 
Director6 30ft 11-3/4in. 





who have made the quad antenna a 
successful communications antenna. How- 
ever, surely credit must be given to C. C. 
Moore, the father of the quad antenna, to 
William Orr, who presented the first 
written material on the theory and con- 


struction of 2-element quads; to Lee 
Bergren, who showed the feasibility and 
advantages of using multielement quad 
arrays; to the Japanese workers, Adache 
and Mushiake, of Tohoku University, who 
presented a detailed analysis and experi- 
mental verification of the electromagnetic 
properties of loop antennas of large 
circumference; and finally, to all the radio 
amateurs, in all corners of the world, who 
developed constructional and design 
techniques and proved or disproved their 
validity. 

The author would like also to acknowl- 
edge the help of Mr. Hal Wolff (WAQ(IOR) 
for his aid in constructing the model Yagi 
and quad arrays and running the patterns. 
These patterns were obtained by using the 
antenna range of the Denver Research 
Institute of the University of Denver. 
Many Denver-area amateurs have entered 
into these quad experiments, notably 
Messrs. Jim Snyder (KQ9ZCM), Butch Ford 
(WAQIMX), Ed Wood (KQKKU), Keith 
Farris (W@YDM), Warren Wheeler (WQR- 
EQ) and many others. The author gratefully 
acknowledges their assistance, help and 
encouragement. This material originally 
presented in QST by J. E. Lindsay, Jr., 
W7ZQ. 
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A Triband One-Loop Cubical Quad Element 


Why not trade gain for economy and structural reliability? This three-band “DX 
Getter” consists of a single quad loop. It will stay aloft in high winds and won't look 
like an ugly monster to those who dwell nearby. 


I advantages of a rotatable beam ~ 


antenna are well known to all DXers. A 
problem arises in many situations regarding 
just how a reasonable compromise between 
antenna performance and cost, size and 
weight can be obtained. Because this author 
likes to live in peace with the XYL, the 
neighbors and the local council, theantenna 
must not be considered dangerous or an 
eyesore as faras appearance is concerned. In 
addition, the antenna must not hang over 
the fence of the 50- X 150-foot (15- * 46-m) 
block, half of which is already occupied by 
buildings. With these limitations firmly 
implanted in mind, the author added such 
factors as cost and difficulty of erecting and 
supporting a full-size, 20-meter Yagi or 
cubical quad. After weighing all the facts, it 
was felt that the only way out was to 
construct an economy-style, reduced-size 
antenna. 

A single-loop, cubical-quad triband 
element is shown in Fig, 10. Such a cubical 
quad has only one-fourth the weight and 
wind resistance of a full-sized, three- 
element cubical! quad of the same mechani- 
cal strength. The mechanical and installa- 
tion difficulties are many times smaller; the 
cost of mast and rotor are also considera- 
bly reduced. Yes, the antenna is a compro- 
mise and the gain is less than that of a 3- 
element quad, but this antenna still puts a 
signal in good DX company. This quad, 
because of its smaller physical size, will be 
tolerated in many more locations than its 
big brother. If desired, this quad could be 
used as an indoor antenna strung between 
two opposite room walls. 

Rather than going to a complicated 
switching arrangement to change bands, it 
was decided to apply what the author called 
the “triband-antenna principle” to this 
antenna. The theory behind this principle 
evolves around the same general ideas 
outlined by Pichitinoin QST' several years 
ago. Antennas constructed along these 
guidelines do not operate harmonically and 


'Pichitino, “A New Principle in Two-Band Rotary- 
Beam Design,” OST, October 1948. 


60 Chapter 3 


RADIATOR ELEMENT 


|<——————11'10" { 3.60 m) >| 


1110" 
(3.60m)| 


110" 
(3-60m) 


s'7°—»] | | s'7*- 
(170m) \ (1.70m) 


\ 


TUNING UNIT 


TUNING UNIT 
28,8 MHz c2 





Fig. 10 — Single-loop triband cubical-quad 
element. Metric dimensions are shown; approxi- 
mate English-unit dimensions are given in 
parentheses. Frequencies shown for C1L1 and 
C2L2 are those to which these circuits are tuned 
when disconnected from the loop. 

Ci1—55 pF. 

C2— 49 pF. 

L1—7 turns, No. 12, 38-mm (1-1/2-inch) 
diameter, space wound to 16 mm (5/8-inch) 
length. 

L2 — 4 turns, No, 12, 38-mm (1-1/2-inch) dia- 
meter, space wound to 18 mm (11/16-inch) 
length. 

L3— 4 turns, No. 12, 38-mm (1-1/2-inch) 
diameter, space wound to 10-mm (3/8-inch) 
length. 


have only the desired resonances. The quad 
that was built is shortened only at the lowest 
operating frequency. It is full size at the 
middle operating frequency and much 
longer at the highest operating frequency. 
In addition, no heavy blocking tuned 
circuits are used near the element ends. 
With Cl giving 20-meter resonance 


depends mainly on the total element length 
and LI. Fifteen-meter resonance is con- 
trolled principally by C] and L2. Ten-meter 
resonance is determined by C2and L2. Once 
the antenna is constructed, it may be fine- 
tuned oneach band by varying the constants 
that control the resonant frequencies. After 
the quad was tuned up, the author found the 
SWR on each band to be very satisfactory. 
On 20 meters, the antenna resonated at 
14.15 MHz with a resulting SWR of 
approximately 1:1. With a 15-meter 
resonance at 21.3 MHz, an SWR of 1.3:1 
was measured. On 10 meters, 28.6 MHz was 
selected as the resonant frequency. The 
resulting SWR at resonance on this band 
was 1.5:1. The phase relationship of the 
fields in LI and L2 varies from band to 
band so that too much direct coupling 
between these coils should be avoided. 

Although the author used copper wire to 
make the loop element, you may desire to 
use aluminum tubing. The actual construc- 
tional details are left to the builder. The 
materials used and the methods of support- 
ing the antenna are limited only by your 
imagination. Thetechniques employed may 
be as simple or as sophisticated as you may 
desire. DJ2UT used short pieces of coaxial 
cable as capacitors and placed them inside 
the tubing which he used for the element. 
The coils and inner capacitor ends were 
sealed and molded in resin. Fifteen- and 10- 
meter resonances are obtained by shifting 
copper rings over the ends of LI and L2. 
This can be done without affecting the 
sealed coils in any way. 

The author concluded this antenna to 
be rather efficient based on observations 
that the tuning network does not become 
warm and a low SWR has been measured 
across each of the three bands. This writer 
wishes to thank OM Sommer, DJ2UT, and 
his co-workers for the very considerable 
amount of work carried out, and the many 
practical ideas which have made successful 
antennas with the triband principle 
possible. This material was originally 
presented in QST by Hans F. Ruckert, 
VK2AOU. 


A 2-Element, 15-Meter Quad for the Novice 


Why not build this 2-element quad for 15 meters? It is easy to construct, 
inexpensive and in many ways quite novel. 


Ni being blessed with a large area for 
antennas, the author decided on an 
optimum-spaced, 2-element monoband 
quad. The standard formulas were used for 
sides and spacing, and the antenna is fed 
with 50-ohm cable through a quarter-wave 
“Q” section of 75-ohm coax cut to the 
standard formula. The reflector has a 
tuning stub. 

The driven element grid-dips at 21,150 
kHz and the reflector was tuned by using the 
grid-dip oscillator asa signal generator. The 
grid-dip meter was placed in a neighbor's 
home. Then, the back of the quad was 
aimed at the dip meter, and the reflector 
was tuned for the lowest indication on the 
S-meter. 

One of the checks made on the antenna 
was with VESXH, in Swift Current, SK. 
Doug gave the following information: The 
quad has 2 S-units gain over my 1/4-wave 
groundplane which was at the same height. 
Strength off the front was S9 and totherear 
was §2, indicating a good front-to-back 
ratio. Because the constructional details are 
rather novel, the author felt that other hams 
might be interested in how this antenna was 
built. 


Construction 


The author used 1-1 /4-inch (32-mm) TV 
steel] mast pipe, 10 feet (3 m) long, for the 
boom. Also, 10-foot lengths of TV mast 
sections, but aluminum, are used for the 





The completed quad on the tower. For tune-up, 
the quad was temporarily mounted on the garage 
roof. 
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Fig. 11 — Detailed drawing of the quad. The cotter pin and cross-brace are required to prevent shifting 
of the spreaders. Small sections of split water hose are used for shims between the aluminum 


tubing and the plastic water pipe. 


spreaders. However, 10-foot long spreaders 
are not longenough fora 15-meter quad; 20- 
foot (6.1-m) lengths are required. Inorderto 
obtain the required length, 20-foot lengths 
of one-inch (25 mm) diameter, ridged 
plastic water pipe were run completely 
through the 10-foot aluminum pipe 
sections. Pieces of rubber hose were used as 
shims between the aluminum pipe and the 
plastic pipe and these were taped where the 
plastic pipe emerges from the aluminum. 

The plastic water pipe comes in 20-foot 
lengths, 80 feet (24.4 m) being required. This 
pipe was purchased from a local plumbing 
and lighting outlet; the cost was $10 forthe 
80 feet. It is ridged plastic, but is not strong 
enough to support itself; so the aluminum 
mast pipe is used for the center portion of 
the spreaders. 

The spreaders are clamped to the boom 
with standard U bolts, and one spreader in 
each element is pinned to the boom witha 
5/ 16-inch (8 mm) cotter key. Additionally, 


a piece of one-inch (25 mm) conduit is used 
in each element as a cross-brace, to hold the 
correct angle between the spreaders. 

The formulas and element lengths for 
21,150 kHz are as follows 


Driven element 





1005__ 
F(MHa * 47 feet, 6 inches (14.48 m) 
Reflector 
1030. _ . 
F(MHz) * 48 feet, 8 inches (14.83 m) 
Boom spacing 
984 
0.2 wavelength = 0.2 X FE) 


9 feet, 3 inches (2.84 m) 
75-ohm matching section 


246 V _ _ 162.4 
f(MHz) ~~ f (MHz) 





= 7 feet, 8 inches 
(2.34 m) 
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Fig. 12 — Side view, showing the mounting plate, Q matching section, and coax feed. 


The author used no. 14 soft-drawn 
enameled wire for loops and they were 
secured to the plastic pipe with double- 
nutted eye bolts. The reflector tuning stub 
was made from no. 12copperweld wire. The 
total length of my stub is 36 inches (0.91 m), 


and after tuning, the shorting bar ended up 
approximately 10 inches (254 mm) fromthe 
loop. 

The SWR showed almost a perfect match 
across the entire band. Since the quad was 
put up, the author has worked all continents 


A Practical 40-Meter Quad 


oe of the most perplexing problems 
continuously plaguing Field Day commit- 
tees is how to install a good antennasystem. 
For most clubs, finding a good location is 
generally the easiest job. The location must 
then be surveyed by the club antenna 
specialists. Deciding how many transmit- 
ters to use depends mostly on how many 
indivudual antennas can be set up for 
simultaneous operation as well as how 
many operators are available for the 24- 
hour stretch. Of course, an abundance of 
equipment is desirable. 

Propagation conditions for Field Day 
and Sweepstakes generally favor the lower 
bands since they usually remain open all 
night. Success on the higher frequency 
bands (10 and 15 meters) depends primarily 
on catching the short-duration openings. 
The old trick of tying a rock to the end ofa 
long piece of wire, tossing it into the tallest 
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tree and loading it with a coupler just won't 
“cut the mustard” anymore. Gain and 
directivity into the dense population areas is 
the goal. However, the antenna must be 
simple to construct, easy to tune, and 
moderately stable against the wrath of 
Murphy and Mother Nature. 

Our club decided to try a 2-element full- 
sized cubical quad for 40 meters. The 
immediate reaction within the more 
conservative ranks of our club was, “A 40- 
meter quad? It'll never work — the first 
breeze will knock it down!” With these 
objections in mind, we went ahead with our 
plans. Our location was approximately 
rectangular in shape, 60 feet wide, 500 feet 
long (18 X 152 m) and above the rest of the 
terrain. Of course, it just happened to be 
one of the highest locations in Winnebago 
County, IL! 

The sketch illustrates the basic construc- 
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Fig. 13 — The cross-boom bracket, made from 
3/8-inch (10 mm) aluminum plate. Ordinary TV 
U bolts are used to secure it to the boom and 
mast. 
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Fig. 14— The reflector tuning stub is 36 Inches 
(0.91 m) long. The shorting bar, a short piece of 
wire the same size as used in the stub was 
approximately 10 inches (254 mm) from the 
insulator when adjusted for maximum front-to- 
back ratio. Spacing between wires of the stub 
may be of the order of a few inches; this spacing 
is not critical since the stub length is adjusted by 
the shorting stub in the tune-up procedure, 


and 35 countries on the Novice band. 
Stateside contacts always run S8 to S9. The 
total cost of the antenna was $28 at the time 
the system was built. This material was * 
originally presented in QST by John 
Daebelliehn, WA9BJC. 


tion of the quad. Dimensions were estimat- 
ed using the formula 


_ 248 
L{feet) = Fay 


where L is the length of one side of the 
diamond. 

The parasitic element was constructed as 
a reflector using an extra long stub. Asmall 
relay shorts out the stub, thus converting 
the parasitic element from a reflector to a 
director (see Fig. 15). 

The resonant frequency of the driven 
element is 7150 kHz, the middle of the band. 
The distance L for the driven element is 34 
feet 8 inches (10.57 m). The parasitic ele- 
ment dimensionis 5 percent smallerthanthe 
driven element. The stub is constructed so 
that the total circumference of the parasitic 
element with stub in the line is 5 percent 
greater than the driven element. L for the 


Fig. 15 — Asimple relay arrangement is used to 
short out the stub and change the pattern of the 
antenna from one direction to another. A small 
plastic bag provides weatherproofing in the event 
it rains. (Doesn't it always?) 


director is 33 feet (10.06 m). The stub 
length is 6 feet 9 inches (2.06 m). Eight-inch 
(203-mm) plastic spacers are placed 
between the two wires of the stub. 
Supporting the quad is very simple. The 
mast is 50 feet (15.24 m) high, and guyed 
with nylon ropes. The boom is constructed 
from two telescoping sections of electrical 





conduit and is 18 feet (5.49 m) long. The 
elements are made from no. 14 stranded 
wire. The driven element is fed directly with 
RG-58/U coaxial cable. Location of the 
stub short is determined by the point of 
maximum front-to-back ratio. The boom- 
to-mast construction utilizes the support 
base from a Ham-M rotator. All it takesisa 
couple of U bolts and the boom-to-mast 
assembly is complete (see Fig. 16). The wire 
is strung from the end of the boom and is 
supported byasmall piece ofnylonropeand 
an egg insulator. 


Results 


Orientation for the quad was east and 
west. Favoring the eastern direction was the 
driven element/ reflector combination, 
whereas the driven element/ director 
combination was broadside to the western 
direction. A local amateur, approximately 
5 miles (8 km) west of the Field Day site, 
assisted in tuning the quad for maximum 
front-to-back ratio. The end result was 
approximately 25 dB. 

Results were a tremendous surprise! The 
antenna worked just as planned. The class 
of entry for simultaneous operation of two 
transmitters was used. One transmitter 
operated on 20 and 80 meters; the second 
transmitter was set up for 15 and 40 meters. 
Our club, W9AXD/9, scored third place in 
the two-transmitter class. Our biggest totals 
came from 40 meters — 693 contacts, over 
one third of our total number. For the first 
four hours of the contest, the antenna was 
aimed east. A rate of 90 contacts per hour 
prevailed for five solid hours. From that 
point on it was a steady decline afterasharp 
drop to about 45 contacts per hour. It was 
later surmised that the reason forthe dropin 





Fig. 16 — The bottom section of a CDE Ham-M 
rotor can be adapted to serve as a boom-to-mast 
bracket. 


contact rate was lack of activity and 
difficulty in finding stations that hadn’t 
been worked before, The East Coast QRM 
was drastically reduced by changing the 
switch from “east” to “west.” By midmorn- 
ing we were surprised to find only a dozen 
WS stations listed in the log. The antenna 
may not have been too effective in the 
southern direction. 

There is no reason why this arrangement 
could not be used for DX operating. The 
antenna could be positioned just under- 
neatha beam for the higher frequency bands 
with the peak of the diamond supported 
froma boom placed through the top section 
of the tower. 

This material was originally presented in 
QST by Peter H. Grillo, W6RTT. 


Build This C-T Quad Beam for Reduced Size 


This quad-beam antenna, while smaller in size than a conventional quad, performs 
like a veteran. The trade secret is to use Capacitive tuning. 


().. of the main drawbacks of the quad 
beam is its large size compared to the Yagi 
beam. Previous efforts to reduce the size of 
the quad have utilized systems of inductive 
tuning. Loading coils have been used on one 
or two sides! or in the corners. Linear 
inductors on the vertical sides have also 
been used.? The purpose of this article is to 
explain a simple method of capacitive 
tuning to reduce the size of the quad. The 
C-T (capacitor-tuned) loop is diagrammed 
in Fig. 17. 

It is well-known that the physical size of 
the dipole antenna can be reduced by 


replacing a portion of the antenna with a 
capacitive body and adding an inductor to 
restore the system to resonance. Itseems less 
well-known that the full-wave loop antenna 
also may be reduced in physical size while 
holding the resonant frequency of the 
system constant by adding capacitance at 
the voltage loops. No inductors are needed. 
The capacitance may be added by any of the 
methods shown in Fig. 18. 

The outside dimensions of the C-T loop 
may be anything chosen by the builder with 
the larger limit being the full-size, full-wave 
loop. The limit on the amount of size 


reduction effectively attainable depends 
both upon the electrical resistance in the 
circuit and upon the tendency in loop 
antennas for the current to become equal at 
all points in the circuit when the loop 
becomes very small in proportion to the 
free-space wavelength at the frequency 
under consideration. The geometrical 
shape of the loop is unimportant to basic 
operation provided that the capacitance is 
placed at or between the voltage loops. The 
bottom half of the chart in Fig. 2] shows the 
effective dimensional range of the C-T loop. 
The top half shows the tuning range thatcan 
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A winter snow sets the scene and accentuates the 
diamonds of the C-T quad-beam antenna at 
W7WKB. 


EACH SIDE LESS THAN 
A/4 AS DESCRIBED IN 
TEXT ANDO FIG. 21 


Fig. 17 — The C-T quad design with arrows 
indicating current flow for 1/2 cycle, The center 
capacitor is located at the minimum-current 
(highest-voltage) point in the loop, Each side is 
less than 1/4-wavelength long. See text and Fig, 
21. 


be expected by using various methods of 
adding capacitance to the diamond quad. 
These dimensions are intended as guidelines 
only. , 

The feedpoint resistance of the full-size, 
l-wavelength loop is about 100 ohms, The 
feedpoint resistance of the C-T loop 
decreases as it is made smaller but will offer 
a good match to a 50-ohm coaxial line over 
the entire usable range as shown in thechart. 
A gamma match may be used if an exact 
match is desired. 

More than one C-T loop may be used to 
form the C-T quad beam. A parasitic 
reflector was used in this installation 
because of the higher radiation resistance 
attainable while maintaining good gain. 
Maintaining the radiation resistance as high 
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Fig. 18 — Methods of adding capacitance to the C-T loop are shown here. In Fig. 18C, if the center-back 
wires are placed too closely to the center-in wires, they become ineffective. A 12-inch (0.3048 m) 
spacing from the end of the center-back wire to the center-in wire is satisfactory. Wires running back 
toward the loop center may be attached to the outside ends of the center-back wires if more 
capacitance is needed. In Fig. 18D, the capacitance added by the center cross wires varies with both the 


length of wire and spacing between wires. 


as possible is particularly important in 
small beams, both to keep efficiency high 
and to prevent the bandwidth from 
becoming too narrow. 


Tuning and Mounting 


The use ofa grid-dip meter to attain initial 
band resonance is very helpful. By using a 


grid-dip oscillator, this beam was tuned 
initially with the driven element to resonate 
at the center of the band of interest. The 
reflector was then tuned to resonate at a 
frequency three percent lower than the 
driven element. Final adjustments were 
made using a test oscillator located about 
1000 feet (300 m) away as a reference signal. 
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Fig. 19 — Dimensions for the 40-meter C-T 
quad are shown above. For the 2-element beam 
the spacing between the driven element and the 
reflector is 20 feet (6.10 m). The length of the 
center-back wire (dimension A) is 12 feet, 9 
inches (3.89 m) for the reflector, and 9 feet, 11 
inches (3.02 m) for the driven element. 


4-15716" 
(Simm) 
DIA. 


PLATES 


Fig. 20 — A variable capacitor is illustrated here. 
It can be used to tune the C-T quad. The eight- 
inch (203-mm) tubular portion is made from 
plastic water pipe. The cylindrical capacitor 
plates are formed from a copper sheet. One plate 
slides inside the eight-inch (203-mm) tube and 
the other over the outside of the tube. Maximum 
capacitance is approximately 25 pF. 


The director was tuned for lowest S WR and 
the reflector for best gain. If you lack a grid- 
dipper, initial resonance can be established 
by listening to your station receiver for a 
strong signal while making the adjustments. 
A dramatic increase in signal strength will 
be noticed at resonance. Tuning is accom- 
plished by shortening or lengthening the 
capacitance wires. 

The single loop or beam may be mounted 
either horizontally or vertically for horizon- 
tal or vertical polarization, butineither case 
it should be mounted as high above the 
ground as possible. Loop antennas operat- 
ing close to ground will show a much higher 
feedpoint resistance than normal and will 
waste considerable power in groundheating 
effects. A rough guideline is to mount the 
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Fig. 21 — The chart shown above, providing 
dimensional guidelines for asingle C-T loop, is 
based on the equation LF = C, where L is the 
outside dimension in feet, F is the frequency in 
MHz, and C is aconstant chosen for the size of 
the C-T loop to be constructed. Use the largest 
size possible for the best electrical results. This is 
particularly true when using C-T loop elements to 
form a parasitic beam. 

To use the chart, pick the largest C (up toC = 
1005) feasible for your application. Use bottom 
half of the chart to see if the C-T loop will operate 
at the dimensional size selected. Then refer to the 
top half of the chart for the recommended 
capacitance method. 





Table 3 


Data for plotting SWR curve. Information in this 
table is used for plotting the SWR curve for the 
40-meter C-T quad beam, as described In the text. 


Frequency (MHz) SWR 
7,500 4.87 
7,450 4.00 
7,400 3.08 
7.350 2.33 
7.300 1.82 
7.275 1.78 
7.250 1.94 
7.200 3.44 
7.150 5.25 
7.100 8.08 





antenna so that the bottom point is at least 
half the loop diameter above the ground. 

The working 40-meter version of the C-T 
quad beam had a diamond configuration 
because of the greater mechanical strength 
and because of the longer center wire for 
tuning purposes. Final dimensions are 
shown in Fig. 19. A good quality center 
insulator should be used because of the high 
voltages present at the center. 

A tubular tuning capacitor was originally 
installed in the driven element and worked 
well until the kW power level was reached. 
It then promptly arced over, leaving a 
conductive carbon deposit. A version using 
2-inch (5l-mm) plates as shown in Fig. 20 
adequately tuned the reflector even at the 
kW level for some time. The capacitors, as 


shown, were not tried under wet conditions, 
but would probably be satisfactory at power 
levels upto 400 watts. For long-term use, the 
method shown in Fig. 18Dis preferred over 
plate-to-plate capacitors because the high 
voltages are handled more easily. 

Because some dielectric heating was 
noticed in this capacitor, the wire-tuned 
version was adopted. The wire version is 
recommended over the methods shown in 
Fig. [8D and 18E, any time the loop is large 
enough to be tuned by no more than one 
doubled-back wire (as shown in Fig. 18C). 
Tuning wires eliminate the capacitor with 
its heat loss and allow somewhat better 
current distribution. Less center radiation 
occurs because of partial cancelingeffectsin 
the doubled-back wires. It would be wise 
initially to cut each center-back wire 12 
inches (0.31 m) longer than shown to allow 
tuning. Pruning each center-back wire by | 
foot (304.8 m) increases the resonant 
frequency by roughly 100 kHz in the 40- 
meter version. No. 14 Copperweld wire was 
used throughout. 


Performance 


The antenna described performed up to 
expectations and has prompted many 
complimentary reports. The SWR curve 
information shown in Table 3 was attained 
using a 75-ohm coaxial feed line without 
any matching network. The SWR would be 
lower if a 50-ohm line or if a matching 
network were used. Forward signalstrength 
as compared to the strength to the rear 
showed a maximum 30-dB difference as 
measured by means of the receiver S meter. 
Typical difference, as finally adjusted, was 
12 dB. 

The gain of the C-T quad over a 
comparable double Zepp (full wave on 40) 
was typically at least one S unit better when 
both antennas were at a height of 45 feet 
(13.7 m). The Zepp was better on very short 
skip but the C-T quad consistently was 
favored on longer skip. When elevated to 65 
feet (19.8 m), the C-T quad gave outstand- 
ing results. At this height, two S-units 
improvement over a vertical antenna at 
distant points was noted many times. 

The C-T quad may be built for any band. 
It should be most useful in meeting 
requirements for an inexpensive easily 
tuned wire-beam antenna where the full- 
size quad is unsuitable for mechanical or 
economic reasons. This material was 
orginally presented in QST by Roger 
Sparks, W7WKB. 


References 
‘Pinner, “The Short Quad,” QS7, February 1964. 


2Courtier-Dulton, “Some Notes on a 7-MHz Lincar- 
Loaded Quad.” See Chapter 4. 


Quad Antennas 65 


A Nearly Full-Size, Rotatable, 2-Element 
Quad for 80 Meters 


We don't expect readers to rush right out and duplicate this antenna system — 
but this doesn’t mean a lot of hams wouldn't like to! 


Mons hams have been thinking about 
new 80-meter antennas to improve their 
DX capabilities. On the higher amateur 
frequencies, antenna gain is relatively easy 
to acquire with a compact Yagi or quad. It 
is much harder in this respect on 40 meters. 
On 80 meters, however, the problem of 
securing any increase in antenna gain over 
a conventional dipole or groundplane is 
very difficult indeed, particularly where 


space is limited. Rhombics, Vs or multi-. 


element collinear arrays become complete- 
ly impractical on the normal urban or 
suburban lot. Even a phased vertical array 
is hard to handle on a city lot, and too 
often, performance is marginal because it is 
impossible to install an optimum ground 
system at such a location. 

The author solved this problem at his 
QTH by constructing an almost full size 2- 
element quad for 80 meters. A unique 
tuning arrangement permits this antenna 
to be operated at any frequency within the 
80-meter band with an SWR of close to 1. 
While certainly not adaptable to every 
individual’s situation or pocketbook, a 
description of this antenna should be of 
interest to many amateurs. As far as it is 
known, this is the first and only set of 
beams, on one rotatable tower, covering all 
bands from 2 to 80 meters. By connecting 
the 2 quad elements in series to form a 
rotatable, bidirectional loop, the frequency 
coverage has been extended to 160 meters. 

At this point, a few comments might be 
in order on the circumstances which led to 
this sizeable 80-meter antenna project. In 
June 1965, the writer returned to ham radio 
activity after a QRT of almost 30 years. 
During the first year of operation, the 
antennas of K3JH were a conventional 
commercial tribander for 10, 15 and 20 
meters mounted on a 60-foot (18.3-m) tilt- 
over tower, and a trapped, inverted V for 
40 and 80 meters. A bit of DX chasing soon 
led to the conclusion that better antennas 
were needed, Since the QTH is on a 
suburban lot about 175-feet (53.3-m) 
square, and heavily wooded, a “Christmas 
tree” array seemed the best alternative. 
Consequently, in the summer of 1966, with 
a great deal of help from Bob Scully, 
W2FXN, a 115-foot (35-m) rotary tower 
was installed along with full-size mono- 
band beams for all bands from 2 through 
40 meters, 
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The bottom support of the quad elements is 
shown in this view, along with the tuning- 
network box, which is mounted on the mast. 


This rotary steel tower is 16 inches (0.41 
m) OD at the base with I-inch (25-mm) 
thick walls. The tower rests in a |/2-inch 
thick steel bearing-tube 15 feet (4.57 m) 
long and 20-inches (0.51-m) OD. The bear- 
ing tube is imbedded in a block of con- 
crete 8 X 8 X 16 feet (2.44 X 2.44 X 4.88 
m) which weighs 70 tons. The tower tapers 
to 5-1/2 inches (140 mm) at the top, and 
was designed to carry nine full-size 
monoband beams through 125-mph winds, 

Initially, the antenna complement was as 
follows 

2/6meters — Vert. groundplane 

at 115 feet (35 m) 


Hi — 6 el at 113 feet (34.5 m) 

By — 15 el at 109 feet (33.2 m) 
| cad — Sel at 104 feet (31.7 m) 
IS‘? — 5el at 96 feet (29.3 m) 
1; — 6 el at 86 feet (26.2 m) 
40 ” — 3 el at 77 feet (23.5 m) 


A rotary ball-bearing ring and clamp at 
the 70-foot (2.13-m) level on the tower was 
used to support one end of an inverted L 
for 80 meters. This long wire, which could 
be used also on the higher frequencies, was 
fed through a Matchbox at the base. 

Performance on 40 through 2 meters 
with this antenna system was generally 
excellent. The L and inverted VY on 80, 
however, left much to be desired, especially 
when compared to the antenna perform- 
ance on the other bands. 

In attempts to improve this situation, 
several different 80-meter antennas were 
installed at various times between 1966 and 


the spring of 1969. Included in this effort 
were a top-loaded groundplaneand a pair of 
phased verticals. None of these antennas 
provided sufficient improvement in DX 
performance on 80 to be considered 
satisfactory, 

With the advent of the 5-Band DXCC, 
the question of how to do better on 80 
meters again became a matter of concern. It 
was at this time that the concept ofa quad of 
some sort, to be mounted on the rotary 
tower, began to emerge. Since 40-meter 
quads had beenconstructed previously, and 
were mechanically feasible, the thought at 
first was to build a half-size quad for 80 
meters, using loading coils. Preliminary 
calculations indicated the possibility of 
achieving some gain over a dipole in 
addition to the obvious advantage of being 
able to rotate the array. 

It was quickly determined that a half-size 
quad mounted at 57 feet (17.4 m) would fit 
underneath the 40-meter Yagi. Construc- 
tion could be quite conventional using 
fiberglass X frames in each element, and a 
spacing of 0.15 wavelength. 


Design Considerations 


The proposed design was discussed witha 
number ofamateurs including Jim Lindsay, 
W@HJ, Dunc Carter, WSIOU, and Claus 
Moeller, DL7CM, who were most helpful 
with advice and suggestions, A search of the 
literature disclosed that a number of loaded 
antennas of various types had been built. In 
most cases, however, performance had been 
judged empirically, and there was little in 
the way of specific comparative data on the 
performance of loaded versus unloaded 
configurations, or versusa reference dipole. 
Because of this, the decision was made to 
build and test a 14-MHz model ofa half-size 
quad. This would enable a direct compari- 
son between the performance ofa miniatur- 
ized quad and other antennas. Of particular 
interest was a comparison with a dipole, 
since this was the more normal antenna used 
by amateurs on 80 meters. 

Henry Pemberton, W3PN, who had 
become interested in the project, provided 
the X frames and supports from an old 20- 
meter quad, for use in the test model. Tom 
Consalvi, W3EOZ, provided some suitable 
coil stock for the test design. With this help, 
the 14-MHz model was quickly construct- 
ed. No trouble was experienced in pruning 


the coils and resonating the loops. Except 
for one bad piece of insulation on one coil, 
which promptly burst into flame when rf 
power was applied to the antenna, the 
driven element could be fed with a full 
kilowatt at an SWR of |. The SWR, 
however, would rise sharply when the coils, 
which had no protection from the weather, 
became wet from rain. All testing, there- 
fore, had to be done on dry days. 

Since the 80-meter version was to be 
mounted on the tower one-quarter wave- 
length above ground, the 14-MHz model 
was mounted for the tests at the same 
relative height. Standard procedures for 
tuning up the quad were used, and will not 
be detailed here. Impedance of the loaded 
loop was measured at 60 ohms, so itcould be 
driven nicely with a 50-ohm line. The 
bandwidth was 125 kHz, measured between 
frequencies each side of the resonant 
frequency where the SWR was 3:1. This was 
the result expected, due to the heavy 
loading. 

Extensive on-the-air comparisons were 
made between the model and various other 
antennas. These included a dipole at the 
same height above ground as the model, a 
3-element tribander at 60 feet (18.3 m), two 
different inverted Vs at 50 feet(15.2m)anda 
5-element monoband Yagi at 104 feet (31.7 
m). The regular antenna switching arrange- 
ments in the station were such that almost 
instantaneous comparisons could be made 
between the different antennas, minimizing 
QSB differences in the receiver. In the 
transmit mode, many amateurs compared 
signal differences between the test model 
and the other antennas. It is impossible to 
list the calls of all those who helped in this 
way. 

After considerable testing, adjustment, 
readjustment, and minor configuration 
changes in the model, the results were found 
to be quite discouraging. The simple 
conclusion was that a loaded half-size quad 
had insufficient gain compared to a dipole 
to warrant proceeding any further with an 
80-meter version. 


Further Exploration 


Before abandoning the 80-meter project, 
however, we decided to explore some 
practical ways to increase the size of the 
elements, preferably without using the 
normal-type quad X frames, which would 
be difficult if not impossible to handle when 
the antenna grew too large, This thinking 
developed the concept of using the 14-M Hz 
boom at 104 feet (31.7 m) to support 
diamond-shaped elements at the top, and 
using a boom and spreaders rather than an 
X frame to hold the elements at the center. 
The bottom of the quad elements could be 
supported easily with a relatively light 
boom and spreaders near the base of the 
tower. 

In order to reduce the size of the center 
boom and spreaders, the first model was 
kite-shaped with an included angle at the 
top of about 50 degrees. Unfortunately, the 





A detailed view of one of the quad elements, 
showing the method of supporting the loop. 


results were poor, and compared toadipole 
there was no gain. We concluded that this 
configuration was so squashed together 
that the antenna was acting like a dipole 
instead of a quad. A series of configurations 
was then drawn up on paper. The boomand 
spreader sizes were varied, but the included 
angle at the top of each diamond element 
was kept at 75 degrees or more. This helped 
to pin downaconfiguration which would be 
mechanically feasible, and which would bea 
reasonable compromise among the various 
considerations to be taken into account. 
The one selected is shown in Fig. 22. 

Because these elements are almost full 
size at 4 MHz, making a 20-meter model 
quite large, it was decided to build and testa 
model of this configuration on [5 meters. 
The test procedures for this model were the 
same as those previously described for the 
20-meter model of the half-size quad. This 
model showed substantial gaincompared to 
the reference dipole at the same height. 
Also, the model mounted only 15 feet (4.6 
m) above the ground compared favorablyin 
performance with the tribander at 60 feet 
(18.3 m). The 5-element monobander at 96 
feet (29.3 m) consistently provided better 
gain, as was to be expected. The impedance 
of the driven element was about 80 ohms. 
Bandwidth between SWR points of 3:1 was 
250 kHz, or about twice what was measured 
on the half-size model. 


Mechanical Considerations 


After a lengthy test period, during which 
many on-the-air comparisons were made, 
the results were good enough to make the 
decision to build an 80-meter version of this 
antenna. Because of the size of the proposed 
antenna, considerable thought had to be 
given to the mechanical design to assure 
longevity comparable to the other beams 


which are rated for 125-mph winds. The 
wire in the quad elements is no. [2 stranded 
copperweld. All other metal in the antenna 
is aluminum or stainless steel. The two quad 
elements are suspended from the 20-meter 
boomat 104 feet (31.7m). The insulators are 
five glazed porcelain knobs. Spacing is one- 
eighth wavelength, 36 feet (10.97 m). The 
20-meter boom is 46 feet (14.02 m) long, and 
is made from 4-inch (102-mm) OD, 1/4- 
inch (6-mm) wall T-6 aluminum tubing at 
the center, and similar material tapering 
from 3-1/2 inches (89 -mm) to 3-inch (76- 
mm) OD at the ends. A 1/4-inch stainless 
steel cable supports the boom 18 feet (5.49 
m) out from each side of the tower. 
Originally, the plan was to slide the quad 
elements down this cable from the tower. 
Unfortunately, the steel plates holding the 
Yagi elements to the boom on the other 
beams were found to be rusting because of 
poor plating. Rather than dismantle the 
beams, a crane was brought inso that these 
plates could be cleaned and painted by a 
man carried upina boatswain’s chair. Atthe 
same time, the elements were hung fromthe 
20-meter beam, and the center boom and 
spreaders for the quad were installed with 
relative ease. 


Dimensions 


The 36-foot (10.97-m) center boom at the 
57-foot (17.37-m) level of the tower is made 
of a single 24-foot (7.32-m) section of 3-1/2- 
inch (13-mm), |/4-inch (6-mm) wall, T-6 
tubing with 7-foot (2.13-m) sections of 3- 
inch (76-mm) OD pipe telescoped and 
bolted at each end. The boom is supported 
from the tower with a 3/ 16-inch (4.76-mm) 
stainless-steel cable. The spreaders at each 
end of this boom are 70 feet (21.34 m) long. 
Each consists of a 24-foot (7.32-m) piece of 
2-1/2-inch (64-mm) OD, 1/8-inch (3-mm) 
wall, T-6 tubing at the center, withtwo short 
pieces of 2-1/8 X 1/8-inch (54 mm X 3-mm) 
tubing telescoped and bolted at each end to 
make up a length of 30 feet (9.14 m). To 
complete the spreaders, 20-foot (6.10-m) 
sections of 1-1/2- and 1-1/4-inch (38- and 
32-mm) fiberglass poles are attached toeach 
end of the aluminum centerpiece. Use of the 
fiberglass reduces weight and eliminates 
a one-quarter wavelength piece of metal 
from the middle of the quad element. A I /8- 
inch (3-mm) cable and strut supports each 
spreader to minimize sag, which is very 
slight as may be noted in the photograph. A 
welded aluminum T structure and stainless 
steel clamps are used to hold the spreaders 
on to the ends of the boom. A stainless steel 
clamp and Teflon grommet is attached to 
the ends of each spreader to hold the 
element wires in place. The only function of 
the spreaders is to hold the two opposite 
sides of each quad element apart without 
too much foreand aft floppingaround when 
the antenna is rotated. The length of the 
spreaders, wind loading, and safety factor 
dictates the heavy mechanical design. 

The lower boom, which is 23 feet (7 m) off 
the ground, is made of a 24-foot (7.32-m) 
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section of 2-1/4 X 1/4-inch (57- X 6-mm) T- 
6 tubing with shorter 2- X 1 /4-inch (51-X 6- 
mm) pieces telescoped and bolted at each 
end to make the total length of 36 feet 
(10.97 m). To maintain symmetry, 17-foot 
(5.18-m) spreaders are attached to each end 
of the lower boom. These spreaders are 
made of 1-1/2-inch (38-mm) fiberglass. 
They are attached to the boom. with 
aluminum angles and stainless-steel 
clamps. A light stainless-steel cable and 
strut holds the lower spreaders firm against 
the pull of the quad-element wires, which 
are attached to each end of the lower 
spreaders with stainless-steel clamps. The 
wires are taped along the fiberglass almost 
to the center of the spreaders, and then go 
off at right angles to the tuning box, which 
is mounted on the tower 13 feet (4 m) above 
ground. The distance from the end of the 
lower boom to the tower is about 18 feet 
(5.5 m), and the 36 feet (11 m) of wire which 
connects the quad proper to the tuning box 
represents loading. 


Tuning 


Each element, including the 36 feet (10.97 
m) of connecting wire just mentioned, 
resonates at 4050 kHz. Thus, a small 
amount of additional inductive loading is 
required to tune the antenna to resonance 
within the 80-meter band. This is accom- 
plished by putting two relatively small 
motor-driven coils in series with each loop 
of the antenna. The reversible motor for 
each pair of coils in each loop is controlled 
by a two-way toggle switch mounted on the 
antenna control panel in the shack. In the 
case of the driven element, tuning is 
accomplished simply by applying power to 
the antenna and then adjusting the loading 
inductances by the motor-control switch to 
the point where the SWR is minimum, 
usually very close to |. Tuning the reflector 
can be accomplished by turning the back of 
the quad toward a distant signal, and 
adjusting the reflector loading coils for 


QUAD LOOP DIMENSIONS 


—t— 75° 


70° ACROSS ~ 
(21.34m) 


44-4172" 
(13.56m) 


18'(5.49m) 
THESE TWO WIRES RUN 
OFF AT NEARLY 90° 
TO THE PLANE OF LOOP 
TO THE TUNING 50x 


252'176.61m) OF WIRE int 
EACH LOOP, INCLUDING 
LEADS TO TUNING BOx 


Fig. 22 — Dimensions oi one of the quad loops. 
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Here is the complete antenna system, 2 through 
160 meters, all rotatable, directional arrays. 


minimum received signal. This seemed a bit 
cumbersome to do each time the operating 
frequency was changed from cw to ssb and 
vice-versa, so a microswitch was added to 
the reflector coils and motor assembly. 
Each revolution of the coils flicks the mi- 
croswitch, which actuates a light on the 
control panel in the shack. By counting the 
blinks of the light, and referring to a chart 
which shows the resonant frequency of the 
reflector versus the number of turns of 
inductance in the loop, the reflector can be 
tuned to any desired frequency. With this 
tuning scheme, it is quite easy to tune the 
quad for best performance at any point in 
the 80-meter band. The bandwidth between 
the 3:1 SWR points is close to 200 kHz, so 
retuning is required only for large frequency 
changes within the band, Frequency 
flexibility otherwise is quite good. 

The impedance of the driven element 
measures about 75 ohms. The antenna is 
coupled to the transmitter through a balun 
and 50-ohm line. The difference between the 
resonant frequency of the driven element 
and the reflector, when the latteris tuned for 
maximum front-to-back ratio, is in the 
order of only 1-1/2 percent. This probably 
results from the quad being only a one- 
quarter wavelength above the ground. The 
front-to-back ratio is about 20 dB, and the 
front-to-side, 50 dB. All measurements 
have an indicated gain over a dipole in the 
order of 6 to 7 dB. No degradation in 
performance, or SWR, has been observed 
during heavy rain. The small loading coils 
are protected from the weather, of course, in 
their aluminum tuner box, so the problem, 
which was encountered with unprotected 
load coils in the 20-meter test model, has 
been eliminated. 

Tests were conducted with the second 
element tuned as a director instead of a 
reflector; there was no noticeable improve- 
ment in gain, whereas the front-to-back 
ratio was diminished. It is felt that the best 


results are obtained with the reflector. 

Some thought was given to driving both 
elements at a 135-degree phase difference to 
obtain a cardioid pattern, Itis felt, however, 
that the conventional quad pattern, with 
deep nulls on each side, and a reasonably 
good front-to-back ratio, is more desireable 
for DX. So, nothing further has been done 
with such a phasing arrangement. 


Results 


DX results on 80 meters have improved 
considerably since the new antenna was put 
on the air. On cw, the gain seems to drop 
off somewhat as compared to the phone 
end of the band. Probably this is due to the 
fact that the relative size of the antenna is 
smaller at the cw operating frequencies. 
Nevertheless, reports usually are from one 
to several S units higher than other U.S. 
stations with comparable power input, and 
conventional antennas. In most instances 
during pile-ups in a recent cw contest, it 
took only a call or two to get through, 
whereas, previously, the station was 
usually last. It was found also that contacts 
could be made earlier, as the band opened. 
In several instances like this, it was 
amazing to get a response from a DX 
station, and then to hear other U.S. 
stations calling without success. 

Reports from overseas on ssb are 
outstanding. During a recent phone 
contest, several dozen DX contacts were 
made in just a few hours — everyone on the 
first call. 

During the day, on 80 meters, it is quite 
easy to work into Canada or the Carolinas 
with good signals at both ends of the 
circuit. On a dipole, very often the other 
station is completely unreadable, if not 
inaudible. This points up the fact that one 
notices great improvement in reception 
with the quad compared to a dipole, which 
on 80 is just as important as being able to 
transmit a better signal. 

Once it was determined that the quad 
worked well on 80 meters, the possibility of 
operating the antenna on 160 meters was 
explored. Since the loops independently 
resonated at 4050 kHz, and there was 
considerable inductive loading available in 
the coils, it was felt that it might be possible 
to resonate the antenna on 1.8 MHz by 
putting the two loops in series. Actually, 
with the load coils tuned to minimum, the 
series-connected loops resonated at 1775 
kHz because of the mutual coupling. By 
shortening out the coils entirely, the pair of 
loops were resonated at 1805 kHz. There- 
fore, the SWR at the low end of the 160- 
meter band is very low. 

Domestic reports on 160 meters have 
been excellent. Consistent directional 
effects have been noted by several observ- 
ers when the two-turn loop is rotated. The 
pattern is the typical figure eight, with deep 
nulls off each side of the loop. It remains to 
evaluate how well the antenna works on 
160-meter DX. 

Following completion of the antenna in 
September, there have been several severe 


storms, with winds gusting as high as 65 
mph. These velocities barely moved the 
wires and spreaders around. It is apparent 
that the heavy construction is adequate to 
handle the winds of much higher velocity 
for which the antenna was designed. 
Although it is probably one of the largest 
quads in existence, it certainly appears as 
though it will stay up a long time, even 


through rough weather. 

In conclusion, this project could never 
have been completed successfully without 
the help of many domestic and overseas 
amateurs. Their reports, advice, and 
assistance will always be appreciated. 
Although this has been a sizeable and 
difficult antenna task, a great deal of 
satisfaction has been derived from carrying 


The Folded Mini Quad 


it through from concept to on-the-air 
operation. The simple lesson has been 
relearned with regard to antennas — that 
one cannot get something for nothing. 
Mini-size antennas are better than no 
antennas, but there is no substitute for full- 
size antennas if one wants full-size results. 
This material was originally presented in 
QST by Joe Hertzberg, N3EA. 


A full-wavelength loop can take a variety of forms. Despite the shape suggested 
here, the author claims good results. 


Pi unusual type of full-wavelength 
wireloop antenna is in use here on 2 and 15 
meters. The design, which the author had 
not seen previously, provides an antenna 
that occupies minimum space; the antenna 
is omnidirectional, vertically polarized, 
broadbanded and requires no ground- 
plane. 

It evolves from a full-wavelength loop.! 
The loop, if fed on the side (x-y) as in Fig. 
23A, radiates a vertically polarized signal. 
The radiation pattern is bidirectional, with 
maximum radiation broadside to the plane 
of the loop and with the highest field 
strength in the plane A-A’. 

The loop can be deformed into a square, 
such as in the elements of a quad, and 
without much loss of efficiency into a 
rectangle (Fig. 23C). Vertical polarization, 
bidirectional signal pattern and maximum 
radiation from the plane A-A’ are 
retained. 
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A 90 degree bend at A-A’ and two 
further right angle bends at B-B’ and C-C’ 
transforms the flat loop into a cube. The 
circumference is still a full wavelength and 
each side of the cube measures 1/10 
wavelength. Again, vertical polarization is 
retained, but the appreciable bidirectional 
radiation from the sides of the cube 
adjacent to A-A’ leads to a nearly omnidi- 
rectional radiation pattern. 

My 2-meter antenna was constructed 
from aluminum clothesline wire; the length 
in feet was chosen by 1005/f MHz. It is fed 
with 50-ohm coaxial cable through a 
Pomona Electronics no. 1699 adapter and 
no matching device is used. The SWR is less 
than 1.2:1 from 144 to 146.5 MHz and 
climbs to 1.4:1 at 148 MHz. The radiation 
pattern was measured with a simple field- 
strength meter, using a half-wave dipole as 
pickup element and a 20-k? resistance in 
series with the 20-uA meter to improve 





Fig. 23 — Conversion of the full-wavelength loop to the space-saving cubical configuration. The 
length of the wire and the vertical polarization remain but the pattern changes from bidirectional to 
omnidirectional. The spacing between the feed point and the adjacent side is not critical. The 
spacing on 2 meters is about 1-1/2 inches (38 mm), and on 15 meters is about 4 inches (102 mm). 


linearity.? The front-to-back ratio is 1.8 dB 
with no prominent sidelobes apparent, buta 
rather sharp 3-dB dip is caused by the 
“shadow” of the feed line and hardware. 


Performance 


Fed with 10 watts and used as an indoor 
antenna, it gives consistent communication 
with 2-meter fm base and mobile stations 
within a 10- to 15-mile radius. It performs 
better on receive and transmit than a 1/4- 
wave whip at the same location. 

A 1|5-meter version of the antenna was 
then constructed and suspended in the attic 
with string and tacks. It is operated with 
100 watts and the rig loads almost as well as 
the 2-meter version, but with a slightly 
higher SWR. The first contacts were with 
California and it has since given excellent 
performance to the West, Midwest and 
South as well as to South America and 
Europe. 

The close proximity of antenna sections 
radiating out of phase may lower the 
efficiency over that ofaloop, yet, in terms of 
space requirement, construction cost and 
ease of installation (no radials!) and tuning, 
the antenna is hard to beat. As a full-wave 
loop it should have a slight edge over a 
vertical. The author recommends further 
experimentation and modification, e.g., 
into the even more space-saving configura- 
tion of a cylinder. This material was 
originally presented in OST by Max 
Blumer, WAIMKP, SK. 
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A Convenient Stub-Tuning System for 
Quad Antennas 


Le cubical quad has been a popular 
antenna with amateurs for a number of 
reasons — relatively light weight, small 
turning radius, low cost, and good DX 
performance at rather low heights when 
compared to other antennas. The authors’ 
experience with quads has demonstrated, 
however, that best possible performance 
requires careful parasitic-element tuning. 
Cutting elements according to various 
“established” length formulas has often 
yielded less than satisfactory results. While 
adjustments for maximum forward gain 
are generally uncritical, a mediocre front- 
to-back ratio often results unless time and 
care are taken to tune the parasitic 
elements, Factors such as spacing between 
elements, proximity of the antenna to 
ground, or influence of other objects 
(including the other concentric loops in a 
multiband array) require that the electrical 
length of the parasitic elements be adjusted 
using empirical methods if optimum 
performance is to be realized from the 
system, It was felt that if one was going to 
the trouble of erecting a good antenna 
system, it was worth seeing to it that the 
antenna was delivering the performance of 
which it was capable. 

These considerations led to the develop- 
ment of the parasitic-element tuning 
system described here. While the scheme is 
applicable to quads in general, whether 
rotary or fixed, the original intended 
application was in a fixed two-element, 
full-size 40-meter quad. The descriptions 
here apply to this 40-meter system, but the 
general information allows one to follow 
the same scheme with a quad for any band. 


A 40-Meter System 


This 40-meter antenna consisted of two 
non-rotatable full-wave wire loops sus- 





The matching network built by the authors for 
the modified 40-meter system. Relays, used in 
the switching circuitry, are not visible. The 
builder is left to choose a suitable network of 
his own to meet his operating requirements. 
Basic design information can be found in The 
Radio Amateur's Handbook or The ARAL 
Antenna Book. 
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pended from a boom which was mounted 
near the top of a tower. Spacing between 
elements was 22 feet (6.71 m). The corners 
of the loops were tied down to convenient 
anchor points by means of ropes, thereby 
eliminating the need for spreaders. With 
the elements thus fixed in place, the 
antenna was oriented in one general 
direction and could not be steered else- 
where. A driven-element and reflector 
combination was used. 

Early experiments with the antenna 
demonstrated the need for careful reflector 
tuning. Several trips were made up the 
tower to alternately prune and add wire to 
the reflector before the antenna exhibited 
good performance at the frequencies of 
interest. But when tuned properly, the 
quad really performed! In many instances 
signals which were inaudible while using an 
80-foot (24.4-m) high reference dipole were 
perfectly readable with the quad (at a 
median height of about 100 feet [30.5 m]). 
Reception was further enhanced by 
rejection of unwanted signals off the back 
of the quad. 

Now if only the quad could be made 
rotatable. . . . Unfortunately, a full-size 
rotating system (spreaders would be 
needed) was out of the question. The cost, 
difficulties of construction and installa- 
tion, and the severe effects of New England 
winters discouraged such ideas. The 
authors, being avid contesters and DXers, 
were willing to settle for the next best 
alternative — keeping the fixed quad, but 
electrically switching its pattern. 

The solution involved a tunable stub 
attached to one of the elements to lengthen 
or shorten it electrically. With the appro- 
priate stub switched in, the single element 
could be made to look like either a reflector 
or director and thus cause the pattern to be 
reversed. In order that adjustments be 
made quickly, easily, and from a conveni- 
ent location (such as the shack or the 
bottom of the tower), it involved more than 
the conventional short stub often used with 
quads. Rather, the situation called for a 
long stub — long enough to reach the 
desired remote location — terminated ina 
variable reactance. Tuning the element, 
then, involved nothing more than adjust- 
ment of the value of reactance which could 
be provided conveniently by means of a 
variable capacitor. 

The electrical principle is simple. One 
adds inductive reactance to lengthen an 
element electrically, or capacitive react- 
ance to shorten it. Typically, the former 
arrangement is used with quads in a driven- 
element and reflector combination in 
which both elements are cut to the same 
physical length. A stub, shorted at the end, 


is attached at the center of the bottom 
section of the reflector. By varying the 
position of a shorting bar along the stub, 
the amount of inductive reactance present- 
ed to the element can be varied and the 
electrical length altered correspondingly. 
Because the stub is short in length, this 
adjustment must be made at the antenna 
itself, preferably near or at its final height. 

Now, if the stub is cut to some different 
length which happens to be longer than in 
the above case, the parasitic element can 
still be made to see the proper amount of 
inductive reactance (if it is a reflector) 
provided the stub is terminated properly 
with some other reactance (in general, 
something other than a short). Varying the 
reactive termination is then equivalent to 
moving the shorting bar along the conven- 
tional stub. This is a consequence of the 
impedance-transforming property of 
transmission lines. The long stub can be 
treated as a transmission line. If we know 
its characteristic impedance, its length, and 
the impedance that must be seen at the 
parasitic-element end of the line, the Smith 
Chart can tell us what kind of termination 
is required at the opposite end. 

A reflector cut to the same physical 
dimensions as the driven element — self- 
resonant at the desired operating frequency 
— must “see” roughly 150 ohms of induc- 
tive reactance at the terminals where the 
stub is attached. Although little informa- 
tion is available about the use of directors 
with quads, it is assumed initially that a 
director, also cut to the same length as the 
driven element, must see a roughly equal 
but opposite amount of reactance, or about 
150 ohms of capacitive reactance. If one 
desires to make the termination at the end 
of the stub a variable capacitor for 
convenience of tuning, which was the case 
in the 40-meter system under considera- 
tion, the problem can be rephrased slightly: 
what length of line of a given characteristic 
impedance is required so that a variable 
capacitor (a 10- to 350-pF unit was used) 
causes the parasitic element to see the 
above reactances? This is easily solved with 
a Smith Chart. Two somewhat different 
systems evolved from these ideas. The 
second, a modification of the first, will be 
described last. 

The design procedure for the 40-meter 
version went as follows: The driven and 
parasitic elements were cut to the same 
length, given by the more or less standard 
formula, L = 1005/f, where L is the length 
in feet, and f the frequency in MHz. This 
resulted in a loop circumference of 143 feet, 
6 inches (43.74 m) at a frequency of 7.0 
MHz. In the practical installation, the 
loops were triangular in shape rather than 
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Fig. 24 — Configuration of 2-element switch- 
able 40-meter quad, Triangular loops are 
shown, although square or diamond loops can 
be used too. Both elements are cut to the same 
dimensions: 143 feet, 6 inches (43.74 m) for 7.0- 
MHz operation. The selection of either C1 or C2 
by means of K1 determines which direction the 
array is pointed. Switching components K1, C1 
and C2, can be installed inside the shack or on 
the ground. The stub line is cut long enough to 
reach them. Feeding the driven element with 72- 
ohm Twin Lead results in a low SWR. 

C1 — 10- to 350-pF air-variable capacitor, ad- 
justed for director operation as described in 
text. 

C2 — Same as C1, except adjusted for reflector 
operation. 

Ki — Dpdt relay (Potter and Brumfield KA11DG 
or equivalent). 


square or diamond, Shape is relatively 
uncritical — performance is approximately 
equivalent for the various geometric 
configurations, and ease of installation was 
considered more important. The triangle 
has the advantage of requiring only three 
tie-off points — one at the top where it 
hangs from the boom and two at the 
bottom — whereas the other two forms 
require support at four corners. Further- 
more, the triangle requires less vertical 
height — approximately 41 feet (12.5 m) on 
40 meters, assuming equal-length sides — 
as opposed to the diamond which needs 
about 50 feet (15.25 m). The square 
requires the least vertical height but is the 
most difficult to support mechanically. The 
resultant configuration is shown in Fig. 24. 

The stub line was made from 450-ohm 
open-wire transmission line because of its 
relatively low cost in commercially made 
form and its low-loss characteristics. The 
reactance range of the 10- to 350-pF 
capacitor by itself at 7 MHz was then 
plotted on the Smith Chart as shown in 
Fig. 25. (Recall that X* =2rfL and X= 
| /2mfC where X* and X° represent values 
of inductive and capacitive reactance 
respectively, given in ohmsy L and C the 
corresponding values of inductance in 
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Fig. 25— Example of Smith Chart calculations 
required to arrive at correct stub dimensions, A 
10- to 250-pF capacitor is used as the variable- 
reactance element which terminates the 450- 
ohm transmission line used for a parasitic- 
element stub. The chart is normalized to 450 
ohms. The arc between points A and B 
represents the range of reactance of the 
capacitor as it is tuned between the extremes of 
its range. If the capacitor is connected to a 
0.12-wavelength long stub (plus any multiple of 
one-half wavelength) with a 450-ohm character- 
istic impedance, the range of reactance 
represented by the arc between points C and D 
is presented to the parasitic element. This range 
is sufficient to cause a properly cut parasitic 
element to look like either a director or 
reflector. Further discussion of Smith Chart 
calculations can be found in the latest edition of 
The ARAL Antenna Book. 


henrys and capacitance in farads, and f, the 
frequency in hertz.) The low-capacitance 
end of the range is indicated as point B in 
Fig. 25 with the Smith Chart normalized to 
450 ohms in this example, while the other 
extreme comes out at point A. If the 
capacitor was then connected at the end of 
a 0.12-wavelength section of the 450-ohm 
line (approximately 16 feet [4.88 m] in 
open-wire line), the impedance seen at the 
other end of the line would vary between 
the range of slightly greater than +j300 to 
~j300, represented by points C and D. This 
would meet the +j150 and -j150 reactive 
loading requirements of the parasitic 
element for reflector and director opera- 
tion, respectively. Actually a stub length of 
0.12 wavelength, plus any multiple of a half 
wavelength, would work too, because any 
half-wavelength section of transmission 
line merely repeats at one end the imped- 
ance that appears at the other: Thus, the 
distance to the desired remote location 
dictates the minimum required line length. 
Another advantage of using 450-ohm line, 
as opposed to a line with a lower character- 
istic impedance, becomes apparent when 
working examples on the Smith Chart — 
for a given capacitor tuning range, the 450- 
ohm line produces a greater range of 
reactance change at the antenna end of the 
line. A 300-ohm line would serve almost as 
well, however, providing only slightly less 
tuning flexibility. 

The stub was terminated at a dpdt relay 
which was controlled from the station 


operating position and which was used to 
select one of two variable capacitors — one 
adjusted to provide reactance for reflector 
operation and the other for director 
operation, as shown in Fig. 24. In this 
manner, the pattern could be flipped 
around 180 degrees instantly from the 
shack. The driven element was fed directly 
with 72-ohm transmitting-type Twin-Lead. 
A low SWR was obtained with no special 
provisions made for matching. 

The director and reflector tuning should 
be done empirically, as was stated before. 
Experience has shown that quads tune 
rather broadly for maximum forward gain. 
It was found that fairly large changes in the 
settings of the variable capacitors did not 
alter the gain significantly. It is best, 
therefore, to tune for maximum front-to- 
back ratio, on which the settings had 
considerably more effect. On-the-air 
signals arriving from the rear direction can 
be nulled by tuning the capacitors. The 
nulls should be fairly pronounced if the 
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Fig. 26 — Configuration of modified 2-element 
switchable 40-meter quad. The lines from each 
element are both cut to the same length, which 
can be the same as the parasitic element line in 
Fig. 24 or other suitable length. Both elements 
are cut to the same dimensions as in Fig. 24. 
The positions of K1 and K2 determine whether 
an element is fed as a driven element or 
terminated as a reflector. The array pattern can 
be switched by determining which element 
operates as a reflector or driven element. Only 
one tuning capacitor is required, but a matching 
network is needed to match a coaxial feed line. 
C1,.— 10- to 250-pF air-variable capacitor, 
adjusted for reflector operation. 

K1, K2 — Opdt relays operated simultaneously, 
or both may be replaced by a single four- 
pole, double-throw relay (Potter and Brum- 
field KA11DG or equivalent). 
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system is set up as described here. The 
exact amount of attenuation of signals off 
the back of the antenna varies from signal 
to signal. It was observed that the 40-meter 
antenna exhibited the greatest front-to- 
back ratio for signals arriving from distant 
locations (at low radiation angles). Alter- 
natively, field-strength measurements can 
be made to determine the proper settings 
for minimum radiation or reception off the 
rear of the antenna. In this fashion, one 
capacitor is adjusted for director operation 
and the other for reflector operation. 
When making large excursions in 
operating frequency on 40 meters, it is 
necessary to touch up the tuning. A 
director tuned for operation in the low end 
of the cw segment is self-resonant approxi- 
mately in the middle of the phone portion 
and provides little usable gain at those 
higher frequencies. Retuning is done easily, 
however — something which is not 
possible using fixed-tuned elements. 


A Modified 40-Meter System 


The 40-meter system described above 
provided very good results over a period of 
months, including stateside and DX 
contest work and casual DXing. After 
some thought, however, a modified system 
was constructed. The new configuration 
provided some advantages over the orginal 
scheme. 

The same principle of operation was 
retained. The new system shown in Fig. 26, 
used only a reflector-type parasitic ele- 
ment, but the switching system now 
allowed either element to operate as the 
driven element or reflector. In this manner, 
the antenna pattern could still be reversed 
by choosing the appropriate element for 
the desired function. 

Several factors prompted the change, It 
was found with the original system that a 
considerably higher front-to-back ratio 
could be had using a reflector rather thana 
director. The latter yielded no more than 
about 10-dB discrimination against signals 
received off the back of the antenna, even 
with careful tuning, whereas with the 
former the figure was approximately as 
high as 25 dB. Although most available 
literature made little mention of quad 
performance using a director, this observa- 
tion agreed with what little published data 
could be found on the subject.! The 


Technical Topics,” Radio Communication, February 
1973, p. 101. 
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reflector-only model also had the advan- 
tage that just one tuning adjustment was 
required, since one stub reflector served 
both elements in an identical fashion. 
Furthermore, because the system behaved 
the same no matter which direction the 
array was switched, the SWR did not 
change when switching, and the transmit- 
ter was thus always tuned properly. With 
the original scheme the antenna feed-point 
impedance changed when switched be- 
tween director and reflector operation. 
Although the resultant SWR was not 
objectionable in either case (it did change, 
though), it was necessary to retune the 
transmitter after switching, or tolerate a 
moderate amount of mistuning. 

The design procedure for the new 
arrangement is basically the same as 
before. Both elements are cut to the same 
length. Only the stub requirements for a 
reflector need be considered now in doing 
the Smith Chart calculations. Once the 
stub line length is determined, two such 
identical-length lines, both made from the 
same type of transmission line, are cut, one 
for each element. A four-pole, double- 
throw relay, or two dpdt relays operated 
simultaneously, are required in the hookup 
shown in Fig. 26, to switch the two lines 
between the parasitic-element termination 
and the main feed-line matching network. 

The new system has one disadvantage, 
however. A matching network is required 
between the transmitter and driven element 
because of the mismatch between the main 
feedline, which is presumably coax, and the 
driven-element open-wire feed line. The 
original system required no special match- 
ing. This presented no problem in the 40- 
meter system considered here since a 
suitable network was easily constructed. 
The builder is left to choose a suitable 
matching network of his own as there are 
numerous possibilities to take care of the 
varied matching requirements which may 
arise under different situations. Depending 
upon one’s preferences and requirements, 
the modified scheme may or may not prove 
more attractive. 


Additional Remarks 


A few general comments can be made at 
this point. Although a variable capacitor 
has been designated thus far as the 
termination for the stub, there is no reason 
for not using a coil or some other 
combination of inductance and capaci- 
tance if it will work with a stub length 


which happens to be convenient, The 
builder can choose for himself. The 10- to 
350-pF capacitor described earlier had 
approximately 0.05-inch (1.27 mm) spac- 
ing between plates. While it is difficult to 
predict the voltages present in the parasitic 
element (and across the capacitor), no 
arcing between plates was observed during 
transmitting periods, even while running 
one kilowatt transmitter dc input. This 
suggested the plate spacing was adequate. 

The lines from each element should be 
brought away perpendicular to the ele- 
ments as much as possible, and open-wire 
line should be kept reasonably clear of 
nearby objects, especially metal ones, Also, 
the velocity factor of the line being used 
(0.95 for “ladder” line) must be remember- 
ed when computing physical lengths. 

The authors erected a single diamond- 
shaped 80-meter quad loop with its bottom 
close to the ground. The antenna was tried 
as both a vertically and horizontally 
polarized radiator. For DX work, the 
vertically polarized version yielded un- 
questionably superior results in terms of 
greater signal strengths at long distances 
and the beneficial feature of rejection of 
unwanted high-angle radiation from 
Stateside stations when receiving. A 
parasitic element to accompany the single 
loop was not tried. These observations 
suggest interesting possibilities for vertical- 
ly polarized ground-mounted quads for 
low frequencies. 

The ideas presented here are applicable 
to any quad antenna, but should be 
especially useful in designing large arrays 
which cannot be turned physically. The 
design procedure is simple in any case. The 
feature of continuously variable tuning 
eliminates the guesswork in cutting fixed- 
length, fixed-tuned elements. The system 
will serve well in any situation where, say, 
climbing the tower to work on the antenna 
is not convenient. 

A fixed, switchable array is an asset to 
the contestant or DXer who finds it 
necessary to change antenna headings ina 
hurry. From the northeastern U.S., asingle 
such array provides good coverage of 
Europe and Africa in one direction and of 
the western U.S. and the Pacific in the 
other. If two suitable supports spaced a 
reasonable distance apart are available, 
two arrays of this type, perpendicular to 
each other, can provide a wide range of 
coverage. This material was originally 
presented in OST by John E. Kaufmann, 
WAICQW and Gary E. Kopec, K8RX. 


Some Notes on a 7-MHz, Linear-Loaded 


Quad 


lf you like to experiment with antennas, here are enough new ideas about the 
construction of quad antennas to keep you going. 


Mas: amateurs who have a serious 
interest in working DX in the 3.5- to 28- 
MHz bands would like to have antennas 
providing them with forward gain on all of 
these bands. Today, a triband trap Yagi or 
cubical quad may be employed to achieve 
this objective on 14, 21 and 28 MHz. 
Rotary beams are, for all practical 
purposes, out of the question for 3.5 MHz, 
but it is possible to achieve some gain with 
a 7-MHz rotary beam without having to 
pay a fortune for a supporting structure. 

The Hy-Gain linear-loaded 2-element 
Yagi or the Mosley inductively loaded 
beam for 7 MHz can achieve this objective. 
The writer, however, prefers quads to 
Yagis, based on his own experience. 
Difficulties often arise when one seeks to 
mount beams for several different bands on 
the same tower without marked loss of 
performance on any band. The primary 
problem is, of course, that a full-sized 
cubical quad for 7 MHz is a monstrous 
structure. Such antennas have been 
erected, but they are not suited for the 
average amateur with a limited budget. 

The first step in building a 7-MHz quad 
is, therefore, to design a single 7-MHz quad 
loop of reasonable size which is mechani- 
cally strong enough to survive most 
weather conditions. 


Linear Loading 


As a general rule, a reduction in antenna 
size to two-thirds of full size can be effected 
without a noticeable drop in performance, 
providing care is taken to limit the losses 
introduced by the loading devices. This 
means that one can think in terms of a loop 
for 7 MHz with 24 feet (7.32 m) ona side 
instead of 36 feet (10.97 m) on a side. An 
additional factor in choosing a 24-foot-per- 
side length was that the longest bamboo 
spreaders that the writer could obtain were 
18 feet (5.5 m). Attempts were made to 
lengthen these spreaders, but results were 
not satisfactory mechanically. 

If a 24-foot loop is to be used, the next 
questions are where to put the loading and 
what form of loading to use. A full-sized 
quad loop has symmetrical current distrib- 
ution. The current maxima occur in the 
middle of the horizontal sections, and the 
current minima develop in the middle of 
the vertical sections. The current distribu- 
tion in the vertical elements is such that 








Fig. 27 — A method for linear-loading of one 
side of a quad element. 


25'S" (7.72m) 


Fig. 28 — Dimensions used for the 7-MHz quad 
elements when the loop has been cut for 
resonance at the low end of the band. 
Depending on the height above ground and the 
particular portion of the band to be operated, 
the amount of center loading at the vertical 
sides may have to be varied slightly. 


most vertical radiation is canceled out. It is 
desirable to retain this current distribution 
in the shortened loop. It is also desirable 
not to put the loading in the center of the 
horizontal elements, since maximum 
radiation occurs at the current maxima, 
and it does not make sense to cut out the 
portion of an antenna that does the most 
effective work. The writer, therefore, chose 
to put the loading in the vertical sides. 
There are two popular methods of 
loading, stubs or coils. The writer dislikes 
coils for loading since, if they are wound 
with a heavy-gauge wire (desirable in order 
to avoid undue losses), they are bulky and 
difficult to weatherproof. The choice was 
therefore stub loading. It would have been 
possible to insert a stub at each corner of 
the loop, tied back to the spreaders. But, 
the current flowing in such stubs would be 





Fig. 29 — Diagram of the matching section used 
on the 40-meter driven element. The gamma 
capacitor employs a 100-pF air variable and a 
100-pF high-voltage silver mica connected in 
parallel, 


unbalanced, and radiation in unwanted 
directions would take place from the stubs 
themselves. There is also the consideration 
that if the same spreaders are used for 14-, 
21- and 28-MHz loops, stubs at the corners 
of the 7-MHz loop would have to be 
mounted well clear of the loops for the 
other bands. 

The original linear-loaded 7-MHz quad 
element was tried by the writer in a four- 
band quad some years ago. A single stub in 
the center of each vertical side was used. 
The loading stubs were made 14 feet (4.27 
m) long and were tied on toa point near the 
center of the boom. Performance of this 
quad on 7 MHz was excellent, but the 21- 
MHz quad mounted on the same boom 
was almost useless, probably due to pickup 
at 21 MHz by the 7-MHz loop with 
subsequent reradiation. An attempt was 
made to find an efficient method of loading 
which did not involve long stubs “floating 
around.” The next step was to try folding 
the wires in the vertical sections back on 
themselves as shown in Fig, 27A, Current 
distribution either side of the center part of 
the vertical elements is symmetrical, as 
desired. This change resulted in a loop that 
was resonant near 7 MHz, although its 
resonant frequency was slightly high. 
Shortening of the stubs slightly, as shown 
in Fig. 27B, was tried. This had virtually no 
effect on resonant frequency. This is no 
doubt because the increased end-loading 
effect of the portion A almost equalled the 
reduction in stub length. Short stubs 
(abour 4 feet [1.22 m] long) were then 
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G3FPQ's compact 4-band quad has 2 elements 
for 7 MHz, 3 elements for 14 MHz, and 4 
elements for 21 and 28 MHz, Pairs of Yagi-type 
directors are used in place of the usual loop 
director for the three higher frequency bands. 


inserted at the center of the vertical sides, at 
right angles to the vertical sides as shown in 
Fig. 28, and resonance at 7 MHz was 
achieved. 

A four-band quad for 7, 14, 21 and 28 
MHz was then constructed. Much to the 
writer’s delight, there appeared to be no 
noticeable interference with the pattern of 
the 21-MHz quad by the 7-MHZ elements. 
The loading effect of the stubs would be 
different at 21 MHz since they would 
include current maxima; the result is to 


give a loop which, while resonant at 7 
MHz, does not appear to have a third- 
harmonic resonance in or near the 21-MHz 
band. 


Yagi-Type Directors 


The reader can probably see from the 
photograph that the directors for 14, 21 
and 28 MHz consist of pairs of stacked 
Yagi-type elements level with the driven 
elements. There are two pairs of Yagi 
directors for the 10- and 15-meter elements 
at approximately 6-foot, 6-inch (2 m) 
spacing, and one pair of Yagi directors for 
20 meters at approximately 13-foot (4 m) 
spacing. The overall length of the directors 
is 31 feet, 3 inches (9.52 m) on 20 meters; 20 
feet, 10 inches (6.35 m) on 15 meters; and 15 
feet, 2-1/2 inches (4.63 m) on 10 meters. 
Performance of the author's array on 10, 
15, and 20 meters at the moment is little, if 
any, better than an ordinary 2-element 
quad. The writer has only recently had an 
opportunity to start checking out the 
directors to see what adjustment they need. 
Current indications are that they require 
lengthening, but there is a good deal more 
experimental work to be done. Anyone 
who wants to try this system must be 
prepared to do a good deal of cut and try to 
tune the directors, if any real increase in 
performance over a standard two-element 
quad is to be achieved. 

One also has to bear in mind that when 
dealing with multiband quads the resonant 
frequency of Yagi-type directors is likely to 
be affected to a far greater extent by the 
proximity of other elements than would be 


the case for a quad-loop director. This is 
because a Yagi director is a comparatively 
high-Q element. From the theoretical point 
of view, the drawback to quad-loop 
directors is that the reactances involved are 
such that there is a comparatively low 
degree of mutual coupling between the 
quad-driven element and the quad-loop 
director. This, of course, reduces the 
efficiency of the loop as a director. This 
problem should not apply to the same 
extent with Yagi-type directors, and, in 
theory at least, they should prove to be 
more efficient than quad-loop directors. 
The question now is whether practice 
follows theory or not. This writer won't 
have an opportunity to conduct any 
detailed experiments until the summer. 
When deciding the original length for the 
Yagi directors, allowance was made for a 
rise in frequency of approximately 100 
kHz. But, the only way to cope with the 
effects on the director resonant frequency 
of the proximity of other elements is by 
field-strength measurements, coupled with 
a good deal of cut and try. As in any 
multiband quad, separate feed lines should 
be used for each band to minimize 
interaction between bands. 

The author's quad has been up for six 
months now, and final tuning remains to be 
done to the 7-MHz reflector loop to 
achieve maximum front-to-back ratio. But 
the results, even on a cut-and-try basis, are 
well worth the work that went into the 
array. This material was originally present- 
ed in OST by David. L. Courtier-Dutton, 
G3FPQ. 


Spider Quad Mount: Simplified 


There seems to be a growing interest in 
the spider quad. The photograph shows a 
version of a hub or “spider” mount. Usinga 
2-foot (0.61-m) length of 2-inch (51-mm) 
diameter steel pipe, a mount can be 
constructed easily, Two cuts, 10 inches (254 
mm) long, are made through the diameter 
at each end of the pipe. This leaves 4 inches 
(102 mm) in the middle for the boom. The 
cut ends are then bent to an angle to suit the 
desired spacing. The unit shown in the 
photograph is bent to 108 degrees. The 
spreaders may be attached to the boom 
mount with hose clamps, bolts or wire. 

The beauty of this design is that it can be 
made to any size desired. Also, it can be 
enlarged to a 4element version, as shown 
in Fig. 30. 
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One of these spider mounts is in use at 
KP4DJI (constructed by KP4DIO and 
KP4DJI) using bamboo spreaders. The 





results have been excellent. This material 
originally presented in QST by Lynda B. 
Crowley, KP4DIP. 





_ Cette découverte est 
tellement importante 
que la NASA avait pré- 


féré la tenir secré- 
te : trois gigantes- 
ques vaisseaux 
spatiaux auraient 
été repérés dans 
les anneaux de Sa- 
turne, de |’autre cé- 
té de notre systéme 
solaire ! L’un de 
ces astronefs a un 
diamétre voisin de 
celui de la Terre et 
un autre mesure 
plus de cinquante 
mille kilométres de 
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ancetres 


Ces dessins 
rupestres pre- 
colombiens, 
datant de sei- 
ze mille ans et 
représentant 
des person- 
nages avec 
des combinai- 
sons spatiales 
et des engins 
interplane- 
taires, ten- 
draient a de- 
montrer que 
lexistence 
des extra- 
terrestres 
était deja 
connue 

a cette 
epoque. 







Jusqu’ici 
la NASA 
avait 
garde le 
secret... 


long. De plus, le 
ballet des ovnis se- 
rait géré depuis ces 
mégastations de 
‘espace par des 
« para-terrestres », 
préts.a.nous venir 
en aide. 





















ISES & jour aux Etats-Unis 
par deux éminents scienti- 
igues — le docteur Walter 
prolesseur d'aéronautique et 
utique 4 luniversité de Stan- 

© docteur Norman R. Bergrun, 
ivre Ringmakers of Saturn 
éyélations dune présence d’en- 
ants autour de Saturne sont 
noins troublantes, Et de penser 
pressionnante mise en scéne 
independence Day est encore 
deca dune réalité sans doute 
© dans l’espace saturnien de 
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Two-Band Quad Matching 


While experimenting with a 2-element, 
2-band cubical quad antenna the problem 
of matching the antenna to a 50-ohm 
transmission line arose. The antenna is a 
“plain vanilla” quad built around informa- 
tion in W6SAI’s book, Quad Antennas. 
The author’s method of feeding the 
antenna did not produce fantastic front-to- 
back ratio or forward gain. It merely made 
the standing-wave ratio more accept- 
able to the 32S-3B used at the home 
QTH. 

After building the 2-band quad, the 
author checked it with a General Radio 
1606 impedance bridge and found the 10- 
meter antenna to be about 118 ohms and 
the 15-meter antenna to be about 91 ohms 
at resonance. This is 2.36:1 and 1.82:1, or 
approximately 2:1 for a 50-ohm transmis- 
sion line. The feed system described here 
made the VSWR much nearer the desired 
Bi, 

The heart of the system is a ferrite-core 
autotransformer. The measured imped- 
ance ratio is very close to 50:107 ohms. The 
insertion loss is less than 0.2 dB from 15 to 
30 MHz when terminated in 107 ohms. 
When it is terminated in 50 or 200 ohms the 
insertion loss is less than 0.35 dB from 15 to 
30 MHz. Several transformers were built 
before these figures were obtained, and 
after a suitable design was achieved it was 
connected to the quad as shown in Fig. 31. 
You do not have to sacrifice F/B ratio fora 
more acceptable VSWR by detuning the 
reflector stubs; simply adjust the tuning 
stubs for maximum F/B ratio and then 
design the transformer for the proper 
impedance ratio. Also, lowering the 
VSWR places a larger portion of the 
desired band within an impedance range 
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Fig. 31 — Two-band quad matching. 


the average pi-section tuner will accept. 

In answer to on-the-air inquiries: Yes, 
performance of the antenna varies consid- 
erably from one end of the band to the 
other. 
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Fig. 32 — Standing-wave ratio curves taken 
with a laboratory-type VSWR bridge, 
Measurements were made at the transmitter 
ends of the transmission line with the antenna 
array mounted on a steel tower 44 feet (13.4 m) 
above ground. 


This antenna feed system is a broadband 
device, so don’t forget to use a low-pass 
filter. This material was originally pre- 
sented in OST by Toney L. Magnino, 
WSMVK. 
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Chapter 4 


Miscellaneous Antenna Types 


Here is a potpourri of useful antennas for 
the hf-band enthusiast. This chapter 
contains information on how to build and 
operate loop antennas, limited-space 
antennas and variations of the quad. Once 
again, the work of numerous QST authors 


has been collected for a timeless volume of 
useful construction details that can benefit 
amateurs whose operating objectives are 
numerous and varied. 

For the most part, the antennas de- 
scribed in this section are simple and 


inexpensive to build. The performance 
characteristics are consistent with the 
operating needs of ragchewers, contesters 
and DX-chasers alike, assuming that the 
builder does not strive to have the loudest 
signal on the amateur bands. 


Beat the Noise with a “Scoop Loop” 


Operators on 160 and 80 meters fight a common foe — noise. Atmospheric 
QRN is compounded by the presence of man-made noise. Loop antennas for 
receiving may offer an economical solution to your noise problems. Here are 


some timely details. 


f you’ve been tempted to massage your 
receiver with a 10-pound hammer because 
you can’t copy some of the weak signals 
being heard by your colleagues, you may 
need a receiving loop! A high ambient 
noise level on 160 meters has stifled the 
author's DX work for several years, and 
more than once was ready to capitulate in 
favor of the man-made and atmospheric 
noises that the 75-foot (22.9-m) shunt-fed 
vertical responded to. “Grrrr,” would be 
the snarl as the author listened to stations 
with Beverage antennas: They were hand- 
ing out RST 579 signal reports to DX 
stations, and the author couldn’t find the 
DX signals in the noise, let alone copy 
them. 

Something had to be done. It was a 
matter of giving up on 1.8-MHz efforts 
toward DXCC, or putting forth a zealous 
attempt toward an improved signal-to- 
noise ratio. Some effective outdoor 
receiving antennas were erected (half- 
wavelength open loop — parallel to the 
ground, and a 200-foot [6I-m] end-fed wire 
a few feet off the ground), but they did not 
always respond well to DX signals: It 
depended on band conditions. Also, there 
was the danger of receiver front-end 
damage caused by unwanted excitation of 
the large receiving antennas (resonant) 
during the transmit period. They were in 
close proximity to the vertical antenna, 
which was used for transmitting purposes. 
Lethargy prevented the author from 


76 Chapter 4 


installing a protective circuit at the receiver 
front end, and as a consequence the writer 
“blew” a JFET preamp and two protective 
diodes in the front end of the FT-301D 
transceiver. 


Revisiting the Past 


While for many years experimenting 
with small receiving loops for 40, 80 and 
160 meters, the efforts were casual. The 
best of the loops was an outdoor one of the 
shielded variety, five feet (1.52 m) ona side, 
and fashioned from RG-59/U coaxial 
cable.! However, it was necessary to go 
out-of-doors each time to rotate it, and the 
author wasn’t enthusiastic about investing 
in a rotator to use with the loop. 

Recently, it seemed that some work 
could be done with indoor types of 
receiving loops. After all, loops of that kind 
have been around since radio was invented, 
and plenty of amateurs are using them 
effectively. After scanning available 
literature (Terman, Kraus, Jasik and 
Keen),? the author set about the task of 
building a framework for the chosen 
design. This time a multiturn loop would 
be tested (Fig. 1). 


Construction 


The photograph shows the general 
structure of the loop. In Fig. 2 are the 
dimensions of the wooden frame used to 
contain the antenna wires. There is nothing 
magic about the size of the antenna: Two 


pieces of wood that were stored in the 
workshop were used, each being 48 inches 
long, 1-1/2 inches wide and 3/8 inch thick 
(1.22 m X 38 mm X 10 mm). 

Arbitrarily, the author decided to make 
LI of Fig. 1 a five-turn winding. Holes were 
drilled (five) in each end of the cross-frame 
to accommodate the loop turns and hold 
them in place. Actually, there should be six 
holes at the bottom point of the frame to 
permit the final end of LI to be secured 
during the threading-through process. 

Five additional holes were drilled (Fig. 
2) 3/4 inch (19 mm) below the holes for LI. 
These are used to contain L2, the one-turn 
output link of the antenna. L2 requires two 
holes at the bottom member of the frame — 
again to provide an anchor point for the 
ends of L2. Alternatively, V-shaped 
notches can be filed on the ends of the 
cross-frame. The wire for L1 can be laid in 
the grooves rather than threaded through 
the holes shown in Fig. 2. L2 should, 
however, be wound inside LI, through the 
five holes shown in the drawing. 

A mounting base for the assembled 
antenna can be made to the builder's 
specifications. This writer used a piece of 
3/4-inch (19 mm) plywood which has 
dimensions of 30 X 12 inches (0.76 m X 305 
mm). A |-inch (25 mm) diameter hole was 
drilled in the center of the board to accept 
an 18-inch (457 mm) length of I-inch 
diameter dowel rod. The latter is lashed to 
the framework of the loop to enable the 


The silhouette is of an indoor version of the 
four-turn shielded loop described in this article. 
A wooden framework is used to support the 
main loop winding and the one-turn pickup link. 
The resonating capacitor is mounted on an 
aluminum L bracket along with a phono jack 
and an 860-pF disk capacitor. The latter is used 
between the output link and the phono jack 
instead of a trimmer capacitor, The framework 
was built by Technical Secretary Marian 
Anderson's OM, Bob. |t has been stained and 
coated with clear lacquer. 


operator to rotate the loop as desired. 
Although this is a “kluge” type of assembly, 
it serves its purpose adequately. A carpen- 
ter should be able to conceive a more 
practical base and support system for the 
antenna! 

Number 22 insulated hookup wire was 
used for the loop turns. There is nothing 
critical about the wire size, but it is best to 
use the larger gauges. This will make the 
loop more rugged. 


Performance 


A variety of feed systems were tried 
before the author settled for the method 
illustrated in Fig. |. Direct connection to 
the terminals of LI required careful 
balancing to assure a uniform loop- 
response pattern. Unbalance causes pat- 
tern distortion, and if it’s bad enough the 
maximum response can occur off the broad 
side of the loop rather than in the plane of 
the antenna. 

Addition of a one-turn coupling loop, 
L2, proved to be the easiest method for 
assuring good balance. Bandwidth of the 
loop is dependent upon the Q. The latter 
can be controlled by the amount of 
capacitance used at C2: the lighter the 
coupling, the greater the loaded Q. Loop 
resonance is effected by means of C1. Since 
there is interaction between L1 and L2, it is 
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Fig. 1 — Schematic diagram of the receiving 
loop. C1 and C2 are mica compression 
trimmers. The illustration at A shows the 1-turn 
link inside the 5-turn one, At B is an expanded 
diagram of the feed point for L2. 
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Fig. 2 — Dimensional drawing of the wooden 
frame which contains the Scoop Loop. Further 
information concerning the structure is given in 
the text. 


necessary to readjust Cl each time C2 is 
tweaked. In this application it should be 
stressed that C2 is not used for the purpose 
of obtaining an SWR of 1. It is purely a 
coupling device. Hence, a 50-ohm condi- 
tion does not necessarily exist at the loop 
output terminals. 

During initial experiments the pickup 
loop, L2, was connected directly to the 50- 
ohm input port of a 40-dB broadband 
preamplifier which was designed by 
W7ZO!] (Fig. 3). Without C2 in the circuit 
the coupling was excessive. This resulted in 
low Q, and the loop bandwidth was 


approximately 150 kHz at the 3-dB points 
of the response curve. After C2 was added 
and adjusted to provide a bandwidth of 25 
kHz, the loop gain increased 10 dB. 
Alternatively, one might make L2 smaller 
and locate it closer to the center of the loop 
frame in order to lighten the coupling 
between the two windings. This could be a 
somewhat tedious mechanical procedure: 
The writer’s inherent lassitude favored the 
addition of C2 for the purpose! 


Performance Characteristics 


A test range was set up for checking the 
null properties and relative gain of the 
loop. The equipment was arranged in an 
outdoor location, well away from power 
wiring and other station antennas. A 
crystal-controlled weak-signal source 
(2N2222A oscillator and 9-volt battery) 
was placed some 100 feet (30.48 m) from 
the test loop. It contained a 36-inch (0.91- 
m) whip antenna (vertically mounted) for 
radiation of the test signal. The 75-foot 
(22.86-m) transmitting vertical was shorted 
out at the feed point to prevent it from 
being resonant and affecting the loop 
antenna during the test period. 

A 50-ohm Tektronix step attenuator was 
placed in the coaxial line between the loop 
and the receiver. The attenuator was used 
to measure accurately the changes in S- 
meter reading on the FT-301D transceiver 
which was used as a detector during the 
measurements. 

A null depth of —21 dB was obtained 
with the loop. An extremely sharp null was 
noted. As the broad side of the loop was 
moved toward the signal source, the null 
began slowly, then fell deeply to —21 dB 
over the final 10 degrees of rotation. No 
evidence of pattern distortion was ob- 
served. The null was dead off the broad side 
of the antenna, and maximum response 
was directly off the thin side of the loop. 

A comparison between the 75-foot 
(22,.86-m) transmitting vertical (shunt-fed 
tower, top loaded and with buried radials) 
and the wire loop indicated that on 
groundwave signals the loop (without 
preamp in line) was —18 GB respective to 
the vertical. This suggested that in a 
practical installation a single JFET or 
dual-gate MOSFET preamp would pro- 
vide unity gain with the transmitting 
vertical. 


Using the Loop Indoors 


The author’s home has aluminum siding, 
and as is the case with all modern homes 
there is a network of water pipes, phone 
wires, TV lead-in conductors and house 
wiring. The author wondered how well the 
loop would perform within all of these 
unwanted signal obstacles, some of which 
form loops by themselves! The ham shack 
is at ground level inside the family room, 
and the loop was placed ona stand at floor 
level. The clutter of unwanted conductors 
disturbed the directivity of the loop 
somewhat, but the signal-pickup ability of 
the antenna was not impaired. 
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EXCEPT AS INDICATED, DECIMAL VALUES OF 
CAPACITANCE ARE IN MICROFARADS { pF); 
OTHERS ARE IN PICOFARADS ( pF OR yyF); 
RESISTANCES ARE IN OHMS; 

k* 4000, M#4000 000, 
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Fig. 3 — The W7ZOl broadband 40-dB preamplifier is shown at A. Capacitors are disk ceramic or 
chip types. Resistors are 1/4-w composition. The upper 3-dB point of the amplifier is at 65 MHz. 
Heavy feedback is used to stabilize gain and provide a 50-ohm characteristic. At B is a 1-dB 
attenuator pad which can be used between an antenna of unknown impedance and the filter at C to 
provide a proper load for the filter. The Butterworth band-pass filter at C is suitable for use with the 
preamp at A. It will help reject out-of-band signals to improve the IMD characteristics of the 
preamp. When the preamp is used with nonresonant receiving antennas, it will be necessary to 
employ the filter to protect the preamp from signals across its response range (be band through 
vhf). The preamp and filter would be fine for use with Beverage antennas. C1 and C2 are mica 
trimmers. L1 and L2 consist of 31 turns of no. 22 enameled wire on Amidon T68-6 toroid cores 


(5.1 pH) 


A step attenuator was inserted between 
the W7ZOI preamplifier and the station 
receiver so that unity gain could be 
established between the loop and the 160- 
meter vertical (22 dB of gain had to be 
gotten rid of). An antenna switch was 
added to the system to permit rapid 
comparisons between the antennas. 

Extensive tests proved that the loop 
outperforms the vertical by a substan- 
tial margin when it comes to digging 
weak signals out of the noise (man-made 
and atmospheric). The author has copied 
PAQHIP, PY@ZAE, G3MYI, W6RW, 
WO6BLZ, WSAB and others perfectly Q5 on 
the loop (indoors) when they couldn’t be 
found, or were unreadable on the vertical. 
It is only fair to say that on some occasions 
the vertical was the better antenna for 
receiving. Propagation conditions and 
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ambient noise levels at a given time will 
determine which antenna can provide the 
best reception. Typically, the ambient 
noise level from the W1FB vertical is S3 on 
a receiver that is calibrated to indicate S9 
on a 50-zV signal.) The same receiver 
shows no noise response when the loop is 
connected to it. However, static crashes 
(atmospheric noise peaks) are as loud with 
the loop as they are with the vertical whena 
storm is in the immediate area. Noise from 
distant storms can be discriminated against 
by turning the loop null toward the storm 
front. It appears that the major part of the 
author’s ambient noise is man-made in 
nature. At times it peaks as high as S8. 
When the loop is used indoors it 
responsds to unwanted 15.750-kHz TV 
spurs, and when appliances are actuated 
the transients kick the receiver S meter 
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Fig. 4 — The drawing at A shows the circuit of a 
7 X 5/8-inch (178 X 16-mm) ferrite-rod loop (see 
text). At B is the final version which employs an 
electrostatic shield. C1 and C2 are mica 
compression trimmers (see text for other 
details). The circuit at C was used ahead of the 
W7ZOI preamplifier to improve the system noise 
figure. 


rather hard. This is because the loop is 
contained within loops formed by house 
wiring. This type of interference has not 
been observed while using the vertical 
antenna, even though it is affixed to the 
rear of my house. To prove that the house 
wiring was causing the problem with TV 
birdies and transients, the loop was located 
out-of-doors for two nights, The interfer- 
ence vanished! 


Some Other Loop Experiments 


Ferrite-rod loops have been used to 
advantage for many years (bc-band radios, 
direction-finder receivers for boats and 
aircraft, etc.), so it seemed worthwhile to 
investigate a model of that type of antenna 
before concluding the tests. Two versions 
were tried, each with a preamplifier.* The 
first consisted of a single 7 X 5/8-inch (178 
X 16 mm) Amidon Assoc. ferrite rod on 
which was wound a 40-turn solenoidal coil 
of no, 22 insulated hookup wire. The loop 
was tuned to resonance by means of a 100- 
pF per section split-stator variable. A four- 
turn output link was wound over the center 
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View of the ferrite-rod loop and test setup accessories. In the foreground (left) is the Butterworth 
band-pass filter. Below it at the center is the broadband preamplifier, and the Tektronix 2701 step 


attenuator is at the far right. 


of the primary winding. The latter occu- 
pied approximately 3 inches (76 mm) of the 
center portion of the rod. A small alumi- 
num chassis served as the foundation for 
the antenna, and the rod was spaced some 3 
inches (76 mm) above the chassis. Perform- 
ance tests showed the antenna to be less 
efficient than the large 5-turn wire loop. As 
referenced to the 75-foot (22.86-m) verti- 
cal, the ferrite loop was —38 dB. Further- 
more, it was prone to the same induction 
effects which plagued the wire loop when 
both were used indoors. The rod-loop null 
was dismal — some 10 dB! 

An improved model of the loop was built 
by using epoxy cement to join together a 
pair of 7-inch (178-mm) ferrite rods, end to 
end. The sensitivity (uV per meter) 
increases with the length of the rod, but is 
dependent upon the length of the coil 
which is wound on the rod. A multilayer 
coil contained at the center of the rod 
should be considerably better than a 
solenoidal coil spread over the major 
portion of the rod: The shorter the coil, the 
higher the Q of the antenna. 

The author did not have Litz wire 
available, and was unable to build a 
multilayer coil, so a short solenoidal 
winding was placed on the center 5 inches 
(127 mm) of the 14 X 5/8-inch (356 X 16 
mm) rod. [t consisted of 32 turns of no. 12 
insulated wire, spaced one wire diameter 
between each turn. The ferrite rods are 
made of Q2 material (u = 125). 

Fig. 4 shows the schematic diagram of 
the rod loop, A four-turn output link is 
wound over the center of LI. Cl is a mica 
compression trimmer which tunes the loop 


to resonance, C2 is used as a coupling 
capacitor to control the loop loading. 

It seemed worthwhile to try shielding the 
loop, so a pair of aluminum L brackets 
were bolted to the chassis as shown in the 
photograph. Each bracket is 16 X 3-3/4 
inches (406 < 95mm). The shields are 


spaced | inch (25 mm) either side of the 
loop. 

The top of the U-shaped channel must be 
left open to prevent the shield from acting 
as a shorted turn. Proof of the effect can be 
seen by shorting across the open end of the 
trough (over the center of the rod) witha 
screwdriver, The received signal will 
vanish! An electrostatic shield, when used 
with a loop antenna, should minimize 
induced fields from nearby conductors and 
precipitation static, thereby making the 
system better for indoor use. 


Rod-Loop Tests 


The same outdoor test setup was 
employed for checking the performance of 
the rod loop. The nulls occur off the ends of 
the rod, and maximum response is found 
off the broad sides of the rod. A null of 
—23 dB was obtained with the loop, but 
efficiency was less than that obtained with 
the 5-turn wire loop. When compared to 
the 75-foot (22.86-m) vertical a reading of 
—31 dB was obtained, 13 dB inferior to 
the wire loop. The noise figure of the 
W7ZOI broadband preamplifier was too 
high for use with the new antenna, so a 
common-gate JFET pre-preamplifier was 
added between the loop output and the 
input to the 'ZOI unit. Ideally, a 30- or 35- 
dB preamplifier (two JFETs) should be 
used with the rod loop to assure a low noise 
figure and ample gain. 

With the coupling set for maximum loop 
gain, the bandwidth (measured with an HP 
spectrum analyzer) is 10 kHz at the 3-dB 
points. The loop was measured independ- 
ent of the shields and preamp for unloaded 
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Fig. 5 — Suggested circuit for using a sense antenna with the rod loop. The sense antenna can be 
mounted 6 to 10 inches (152 to 254 mm) in front of the broadside of the rod loop (centered). C1, 
C2, C3 and Ri are adjusted alternately for the deepest null possible off the rejection side of the loop 
(side opposite the sense antenna), It may be necessary to experiment with the length of the sense 
antenna to obtain the best null in the cardioid response pattern. The tuned circuits for the JFET 


preamp can be wound on T-68-2 toroid cores. 
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Q by means ofan HP Q meter. A reading of 
430 was obtained. 

The electrostatic shield cured the 
unwanted pickup of TV spurs and appli- 
ance transients during indoor use. The 
author would like to mention that the wire 
and rod loops are affected to some extent 
by the presence of the 75-foot (22.86-m) 
vertical. The latter is only 20 feet (6.10 m) 
away from the operating position. It tends 
to reradiate noise and signals. Some of that 
energy is picked up by the loop antennas. If 
an indoor loop is to be used regularly, or if 
it is outdoors, but within 100 feet (30.48 m) 
or so of the vertical, the latter should be 
shorted out or detuned during the receive 
period. An spst relay could be slaved to the 
regular antenna change-over relay to 
accomplish this. 





The 4-turn coax loop with electrostatic 
shielding. The trimmers are visible on aluminum 
brackets below the loop. 


An improvement in performance for 
either type of loop could be had by addinga 
sense antenna and appropriate phasing 
circuit (Fig. 5). This would provide a 
cardioid pattern and result in a unidirec- 
tional response. Greater reduction of QRN 
and QRM would be effected through that 
technique. A weatherproof system of that 
type could be placed out-of-doors for year- 
round use. A TV type of rotator would be 
useful for changing the loop position, as 
desired. 


The WIFB 4T-ES Loop 


During a final investigation of loop types 
and performance characteristics, an at- 
tempt was made to devise a shielded loop 
small enough to be practical indoors. The 
primary objective was to develop a loop 
from ordinary materials — something that 
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was inexpensive and easy to build. It 
should have efficiency comparable to that 
of the 5-turn wire loop described earlier in 
this report. A reasonable null depth and an 
undistorted pattern were sought also. 
From these criteria evolved the 4T-ES 
(four turn, electrostatic shield) loop shown 
in Fig. 6. 
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Fig. 6 — Structural details of the W1FB 4T-ES 
loop antenna. At A is an illustration of the total 
length of RG-58/U before the loop is formed. An 
expanded view of the loop turns and pickup link 
is given at B. Drawing C shows how the loop 
turns are taped together side by side as the 
antenna takes its final form. 


It consists of four turns of RG-58/U 
cable which are formed into a circular 
configuration to provide a diameter of 13- 
1/2 inches (343 mm). There is nothing 
critical about the diameter, and RG-59/U 
coaxial cable could be used instead of the 
type specified. The turns are formed side by 
side, then taped at several points to 
maintain the loop form, 

It is necessary to split the shield braid at 
the electrical midpoint of the loop. This 
prevents the shield from acting as a shorted 
turn. The principle is the same as that 
described for the ferrite-rod loop with its 
aluminum-channel shield. The braids are 
joined at the loop feed point and made 
common to one end of L2. The three 
grounded elements are then attached to the 
coaxial connector ground terminal on the 
loop support frame. 

Loop performance was checked by using 
the test procedure discussed earlier. A null 
depth of —26 dB resulted. There was no 


discernible pattern warping, and the null 
occurred deeply over just a few degrees of 
rotation, The 4T-ES was 18 dB inferior to 
the 75-foot (22.86-m) vertical antenna 
when checking distant signals. The un- 
loaded Q was measured by means of the 
HP Q meter. A value of 85 was obtained. 
Because C2 was set for light loading of the 
loop, a bandwidth (3-dB points) of 20 kHz 
was obtained when the preamplifier and 
receiver were connected to the antenna. 
Numerous comparisons were made on 
DX signals from Europe and the Carib- 
bean area during the ARRL DX Contest in 
March of 1977. In all instances the 4T-ES 
was as good as or better than the 75-foot 
(22.86-m) vertical. Ambient noise was 
considerably lower in amplitude while 
using the loop, even though all tests were 





Close-up view of the 160-meter indoor receiving 
loop at W1FB. The antenna is resting on a piano 
bench, and is situated near the operating 
position so that it can be hand-rotated as 
necessary. 


performed with the loop indoors at ground 
level. There was no reduction in atmos- 
pheric noise (which was high that weekend) 
because the maxima of the loop favored the 
N.E. and S.W. directions: The storm front 
was S.W. of Connecticut. However, 
rotation of the loop caused a drop of 26dB 
in the static crashes when the loop nulls 
were S.W. and N.E. Because of the 
electrostatic shielding there was minimum 
noise induction from the house wiring —a 
contrast to the performance characteristics 
of the unshielded 5-turn wire loop. The 
W7ZOI broadband preamplifier and an 
attenuator were used during the tests, 
There were some instances when the loop 
provided a stronger signal response than 
the vertical, even though the two systems 
were adjusted for unity gain. 

The 4T-ES is suitable for use indoors, 


but it could be weatherproofed for outside 
installations. Epoxy cement could be used 
to seal the open ends of the coaxial cable of 
LI, and the trimmer capacitors would 
survive the natural elements if housed ina 
metal or plastic container. 


In Summary 


The loops that have been discussed here 
should be suitable for use on 40 or 80 
meters if scaled accordingly. They may not 
show much directivity on sky-wave signals 
because of the “tumbling effect” at the 
higher frequencies. But QRM from nearby 
amateurs could be reduced greatly, and 


man-made noise sources could be rejected 
significantly by correct orientation of the 
loop. 

The author has attempted to discuss 
some of the characteristics of small loops 
which are not treated in most of the 
references contained in amateur journals. 
There is plenty of latitude remaining for 
experimentation, and the reader is encour- 
aged to apply his or herskills in developing 
better loops for amateur use. Meanwhile, 
why not build a small loop and scoop those 
weak signals out of the noise? It could 
mean some new countries for you on “top 
band” or 80 meters. This material was 


The Half Square Antenna 


originally presented in QST by Doug 
DeMaw, WIFB. 
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Do those 100 countries still elude you for 80-meter DXCC? In terms of dollars 
versus decibels, a half-square antenna may be your best bet for putting punch 


into your signal. 


Wer 5-band DXCC as bait, consider- 
able interest has arisen in DX and antennas 
for the lower frequency ham bands, The 
author’s attempts to get a decent 80-meter 
DX antenna have gone through an evolu- 
tionary cycle with a lot of iterative tries and 
with steadily improving results. The half- 
square antenna that is the latest of these has 
some interesting properties and gives about 
as many “dBs per buck” as any this author 
has seen. 

Before describing this configuration, it 
might be interesting to cover briefly the 
different antennas tried which didn’t work 
as well. The writer’s available options were 
set up by (1) a yard full of tall trees and (2) 
very little money to spend. The first 
antenna was an inverted V hung on the 75- 
foot (22.9-m) tower. This is really a quite 
good antenna — primarily because it has 
the high current part of the antenna at the 
highest support point. It provided a 
standard against which all succeeding 
antennas were checked. The next step was 
to add a parasitic element (director) which 
didn’t seem to help at all. This is perhaps 
not so surprising with the ground so close. 
Viewed simply, normal parasitic coupling 
is dependent upon a fair proportion of the 
current in the driven element being coupled 
to the parasitic element. When they are 
both close to the ground, the reverse 
polarity of the image of the driven element 
starts to couple heavily to both the driven 
element and the parasitic element, making 
it practically impossible to get the desired 
parasitic current at any useful spacings. 

This effect has been shown experimen- 
tally to be less with closed-loop type 
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Fig. 7 — Bobtail array. The dotted lines show the approximate current distribution along the 
antenna and the arrows indicate the relative directions. With this array, the high-current points occur 


at the highest points on the antenna. 
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Fig. 8 — The “half-square” evolved when one 
leg broke off the bobtail. The input impedance 
of both the bobtail and half-square antenna is 
very high, which eliminates the need for an 
elaborate ground system at the feed point. 
Either a parallel-tuned circuit or a quarter-wave 
transformer can be used to match to a 50-ohm 
feed line. 





antennas such as the quad. Based on this 
supposition, the author next constructed a 
2-element quad, supported at the corners 
by ropes tied off to trees. With only 75-foot 
(22.9-m) trees and the consequent sag, the 
bottom was only about 6 feet (1.83 m) off 
the ground. However, the quad did work, 
had an acceptable feedpoint impedance, 
and gave a few dB (about 1/2 an S unit) 
improvement over the inverted V on 
European contacts. Obviously, the only 
useful low-angle radiation in this antenna 
came from the upper half of it, the lower 
half serving to feed or excite the upper half. 
A major problem with the quad was 
keeping it up. It had to be very tightly 
stretched between trees to keep it from 
sagging to the ground and as a result the 
wire often broke. 
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Fig. 9 — Two-element half square array gives 
greater gain and a very wide bandwidth. 
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Fig. 10 — Measured SWR of the antenna shown 
in Fig. 9. 
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Fig. 11 — Computer-pattern plot for a 2-element 
half square array with 0.15-wavelength spacing 
between elements. The angles referred to in the 
drawing are shown in the inset. 


A=teoe 


dB GAIN 








ae T T i 
45> soe) 0645) goes 752 
ELEVATION ANGLE (#)} 


Fig. 12 — Computer-pattern plot for the antenna 
of Fig. 11 with 0.25-wavelength spacing. 
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To try another tack which would avoid 
the parasitic coupling problem an 8JK 
array with four half-wave elements was 
tried, all elements being fed. With the span 
of this being so long and with lots of high- 
voltage points which had to be kept from 
touching the trees, the author only 
managed to get it to a height of about 40 
feet (12.19 m). The signal-report results 
with this were essentially identical to the 
quad on the path to Europe. The horizon- 
tal beamwidth was noticeably less than the 
quad. It probably would have done better if 
the writer could have gotten it to 75 or 80 
feet (22.86 or 24.38 m) in height. 

The next antenna tried was the so-called 
bobtail which is shown in Fig. 7. This is a 
broadside vertical array with approximate- 
ly twice the current in the center leg as the 
two outer legs and with current distribu- 
tion in the horizontal wires which tend to 
cancel horizontally polarized emission.! A 
major reason for trying this was the 
author’s frustration with trying to use the 
maximum available height of the trees and 
still be able to feed the antenna and keep 
the high-voltage points clear of the tree 
branches. The author had avoided vertical 
antennas before because of the difficulty in 
getting a good low-loss ground. Also, the 
trees looked like great vertically polarized 
rf energy eaters. The bobtail is particularly 
nice for tree hanging since its highest 
support points (A, B, and C in Fig. 7) are all 
at low impedance and looked as if they 
could be directly slung over a tree limb with 
no insulators. It is fed from the bottom ata 
high-impedance point so the ground 
system doesn’t need to be as good as it does 
with low-impedance feedpoints. Also, like 
the inverted V, the bobtail has its maxi- 
mum current at the highest support point. 
It can be excited from a parallel-resonant 
tank circuit or a quarter-wavelength stub. 

The bobtail has been an outstanding 
performer. It’s at least an S unit better than 
the inverted V and works great on DX 
paths to the Far East (JA, KG6, and VS6). 
The author put up two of these at right 
angles and found their interaction to be 
practically nil even though their center legs 
are quite close. When switching, the author 
ground the feed point of the one not in use. 


The Half-Square Antenna 


With such fine results, it was thought the 
ultimate “tree-hung” antenna had been 
discovered. However, after a particularly 
bad storm, it was noticed that one leg of the 
bobtail had broken off and yet the antenna 
feed impedance hadn’t changed noticeably. 
Furthermore, the results compared with 
the inverted V seemed about the same as 
the full bobtail. Fig. 8 shows the configu- 
ration. It is a 2-element (instead of 3) 
vertical broadside array with the same 
current in both legs. It has all the 
advantages of the bobtail except that the 
radiation from the horizontal part of the 
antenna doesn’t cancel as well in all 
directions and some end-fire, horizontally 
polarized energy does spill off. This might 
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Fig. 13 — A 3-element half-square array. 


be considered an advantage or a disadvan- 
tage, depending on whether you're seeking 
coverage or discrimination! In discussing 
this with Ed Watters, WA3LGX, he 
pointed out the kinship this antenna has 
with the bisquare array. It’s sort of half ofa 
bisquare laid sideways with the ground 
image antenna making up the other half. 
That, plus its obvious shape, led the author 
to dub it the half-square antenna. 

After using a single half-square for 
awhile, it was decided to add another 
element with about 0.15-wavelength 
spacing. With the new element in place, a 
check was made to see what parasitic 
coupling there might be between elements. 
With several hundred watts fed into the 
driven element there was no evidence of rf 
on the parasitic element (using a neon 
bulb). This was a very gross measurement 
which tended to confirm what was ex- 
pected. The very close proximity of the 
antenna to ground tends to reduce greatly 
parasitic coupling to a nearby element. 
Being puzzled why it should appear so 
small, the only hope was to devise a means 
of measuring this coupling more accurate- 
ly. 
Having had to tear down the 8JK 
antenna to get enough wire for this 
antenna, as a first try for feeding it, the 
author just used the 8JK open-wire line and 
stub match as it existed. The one wave- 
length of wire for each element was taken 
directly from the 8JK also. Fig. 9 shows the 
configuration. Unlike the 8JK, which was 
narrowband (centered around the middle 
of the band), this configuration gave the 
very flat SWR shown in Fig. 10 — on the 
first try! The SWR was not very different 
whether the feed-line stub was connected to 
point A, B, or C (Fig. 9). B gives a 
bidirectional characteristic while connec- 
tion to A or C gives some unidirectivity. 
The author is still suspicious of the wide 
bandwidth and suspects the two elements 
may be different effective lengths, giving a 
stagger-tuned effect. If the spacing between 
these two were increased to a quarter wave 
and fed at point A or point C, it should 
theoretically add another couple of dB gain 





Fig. 14 — Any of the antennas mentioned can 
be bent as shown in order to keep the current 
loops at the upper corners. 


and give a more significant front-to-back 
ratio than with the 0.15-wavelength 
spacing. WA3LGX plugged the dimen- 
sions and shape of this antenna into a 
generalized computer program he has 
developed for wire antennas and got the 
curves shown in Figs. 11 and 12. Fig. 11 
defines the forward pattern for 0.15- 
wavelength spacing assuming a perfectly 
conducting earth. Fig. 12 is for quarter- 
wave spacing. The actual patterns will be 
modified at angles below 10° to 15° by the 
earth’s resistivity? as is the case with any 
vertical antenna. The 0.15-wavelength- 
spaced antenna was used for some time and 
consistently gave better results than the 
bobtail on the path to Europe. 

The writer took one other step beyond 
the 2-clement array and added another 
element at !/8-wavelength spacing (see 
Fig. 13). The extra element is fed, as are the 
other two, with an extension of the same 
open wire line. This antenna is consider- 
ably quieter (less QRN) than any of the 
other 80-meter antennas the writer had and 
has better than half an S unit advantage 
over the bobtail on European signals. It 
doesn’t require any retuning to cover the 
whole band. 

With these antennas not insulated at 





their support points, one might expect 
some effects when the tree sap rises or in 
wet conditions. The author hasn’t been 
able to notice any differences from dry 
weather to monsoon-type rains or wet 
snow covering everything. The trees are 
slightly over |/4-wavelength high on 80 
meters. Considered as antennas or absorb- 
ers, they would look like grounded 1|/4- 
wavelength vertical radiators. The vertical 
sections of the half-square antenna that run 
close to the trees are just the opposite. That 
is, at the bottom of the antenna the voltage 
is high and at the top, the voltage is low. 
This should minimize coupling to the trees, 
as opposed to, for example, using |/4- 
wavelength grounded verticals for the 
antenna elements. 


160-Meter Operation 


Now if you look closely, you can see that 
the 80-meter half-square whether I, 2 or 3 
elements, should make a good antenna for 
160 meters. Each element is 1/2-wave- 
length long on 160 meters, voltage fed on 
the end, and the high current part of the 
antenna is at the maximum height. True, a 
higher impedance part of the antenna 
touches the tree, but you can’t have 
everything free! While not having managed 
to work any DX with the few watts 
available on 160 meters, the author can 
hear Central European ham stations quite 
well on this band for the first time ever at 
this location. Of course, a different stub or 
tuning arrangement is necessary for getting 
a low SWR on 160 meters. The writer just 
unshorted the stub and put a tapped coil 
(about 14 microhenries) in series with the 
coax feed line to tune it. 


Construction Details 


These antennas were all built with no. 14 
soft-drawn copper wire. The elements are 
pulled over the top limbs of trees that have 
approximately the correct spacing and tied 
to nylon strings at about shoulder level. If 


your trees aren’t a full quarter wave high, 
the extra wire can be stretched out parallel 
to the ground at each end as shown in Fig. 
14. Note that you still get the maximum 
current point at the highest support point 
you have. 

The best technique found for getting a 
line over the highest tree is to use a 
fisherman’s casting reel (I use a Zebco 202) 
with an 8-pound nylon line and a I- or 
1-1 /2-ounce sinker. The reel is put in the 
RELEASE position and a sling shot is used to 
shoot the sinker and line over the desired 
tree. This is a very accurate technique and 
you can easily put a line over 90-foot 
(27,.43-m) trees. The light fishing line is used 
to pull over a heavier line. It’s a good idea 
to paint the sinker a bright color since the 
line is almost invisible. You can waste a lot 
of time looking for the sinker at the end of 
the line. 

Be sure to leave enough droop in the 
horizontal section of the antenna to allow 
for tree motion in high winds. The 
open-wire feed line used for the harness 
and stub sections is made with the same no. 
14 wire spaced 3-1/2 inches (89 mm). 

The avid Field Day or camping fan will 
notice the obvious advantages of the half- 
square antenna for that type of operation. 
It uses minimum materials, goes up very 
quickly, will really put out a booming 
signal on 80 meters, and can be taken down 
in just a few minutes. You can also make 
good use of the fishing rod in between your 
turns at the key. This material was 
originally presented in OST by Ben Vester, 
K3BC. 
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The HRH Delta-Loop Beam 


Here's an antenna that should excite the interest of the amateur fraternity. 
The Delta-Loop beam has all the features of a quad without many of the 


disadvantages. 


f= evolution and design of the an- 
tenna shown in the photographs came 
about’ primarily because of a lack of 
confidence in the mechanical durability of 
quads, Anyone who has ever built and 
used quads knows how difficult it is to 
keep them up in icing and high wind 
conditions. 

The author being an old-time mechanic, 
felt there had to be a better design for an 
antenna that used full-wave elements in a 
parasitic array, so some years ago a start 
was made to find that better design. One 
thing that nearly all readers will agree is 
that Mother Nature is about the best 
designer there is. Along these lines, just 
observe the growth of branches on tree 
limbs. You'll find that many of the smaller 
branches will grow up in a semivertical 
pattern from the limb; see Fig. 15. It takes 
a considerable amount of icing and wind 
to break such branches, indicating the 
soundness of the design. This same idea 
should apply to elements mounted on a 
boom. 

To test the idea, an element of alumi- 
num tubing was mounted on a boom. The 
element was mounted as shown in Fig. 17. 
The boom was then secured to the family 





This is a 10-meter, 2-element Delta Loop that 
is very similar in construction to the antenna 
described in the article. 
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Fig. 15 — The basic idea for the Delta-Loop 
beam was conceived from the growth of tree 
limbs and branches. Here are just a few of 
nature's configurations that lend themselves to 
antenna design! 


car with the element in a vertical position. 
The assembly was then tested at 65- to 75- 
mph. Even though the element was only 
secured to the boom as shown in Fig. 17, 
there was no “set” or permanent bending. 
This test opened the door to several 
possibilities in beam design. 

A loop aerial can take many shapes. 
Anyone who studies the history of the 
quad will find that many different configu- 
rations have been used. Why not use a 
triangle?! It should be possible to achieve 
a very good design using a vertical 
triangle. See Fig. 16. This shape appears 
ideal for a beam with full-wave elements, 
and has most of the advantages of the 
quad without many of the disadvantages. 
This led to the construction of several 
antennas of the type shown in the photo- 
graphs, and some of these advantages 
become quickly apparent. 

First, the entire antenna is above the 
boom. Second, the antenna is constructed 
primarily of aluminum tubing, which 
provides extra strength as compared with 
wire clements. Third, the antenna has 
Plumber's Delight type construction, 
meaning that the antenna is at ground 
potential for lightning protection, plus the 
fact that this type construction lends itself 
to gamma matching of the feed point, 
eliminating the need for a balun. Last, but 
not least, we find the antenna is very 
attractive in its symmetry. Of course, the 
important point is how well does the 
antenna perform? 

Several 10-meter models have been 
tested and the unit shown in the roof- 
mounted position is 20-meter Delta Loop. 
Using a gamma match with 50-ohm 
coaxial feed, a 10-meter model was 








matched at 28.8 MHz. The antenna 
consisted of a driven element plus reflector 
with the elements spaced 6-1/2 feet (2 m) 
apart, or approximately 0.2 wavelength. 
Surprisingly, the antenna was extremely 
flat across the entire 10-meter band, the 
worst mismatch being /ess than 1.2 to 1.? 

The author has no means of measuring 
gain or front-to-back ratios. However, 
with the spacing and element sizes the 
same as a quad, the gain should be the 
same, or at least so close the difference 
would be insignificant. On-the-air tests 
have shown the antenna to be as good as 
or better than quads the author has had 
up. Front-to-back and front-to-side re- 
ports have been outstanding, both on 
ground wave and skip. 


Element Lengths 


Many tests have been made on driven 
elements to determine the effect of element 
lengths on SWR. It was found that the 
flattest curve was obtained with the 
formula 


003 (feet) 
MHz 


for the driven element. The reflector 
should be about three percent longer, or 


1030 
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If directors are desired it would appear 
that a length three percent shorter than the 
driven element would be adequate. 
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Fig. 16 — This drawing shows the driven 
element and feed method of the Delta Loop. 
Tests have shown that the overall length of the 
antenna is slightly longer than a wavelength 
(1.02A), Each side of the antenna is 
approximately 1/3 wavelength long. The top, 
or wire section, is made slightly shorter to put 
tension on the vertical members. 
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Table 1 


Bill of Materials 


Tubing used is 6061 T6. 

4 — 12-foot lengths of 3/4-inch OD, 0,035 wall 
(elements). 

1 — 12-foot length 1-3/4-inch OD, 0.065 wail 
(boom). 

8 — 3/4-inch diameter stainless steel hose 
clamps. 

1 — 9-inch length of 3/8-inch OD by 5/16-inch 
ID. 

1 — 9-inch length of 1/2-inch OD to slide over 
3/8-inch section. 

25 feet of copper wire no. 12 or 14, or equiva- 
lent in stranded wire. 


Feet X 0.3048 = m, 
Inches X 25.4 = mm. 
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Fig. 17 — This drawing shows the method of 
mounting the element to the boom. A cotter 
pin is used on the under side of the boom 
and a hose clamp on the top to hold the 
element securely to the boom. 





Here is our roof-mounted 20-meter Delta-Loop 
beam that is now undergoing a series of tests. 
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Fig. 18 — Here are the details on the gamma-matching section. As mentioned in the text, the coax 
fitting can be a female type SO-239, mounted on a small bracket which is mounted on the boom. 
Spacing insulators for spacing the gamma line from the element can be made up from pieces of 


Lucite or Plexiglas. 


As to element spacing, the author has 
long been an advocate of wide spacing 
(0.17 to 0.2 wavelength) whenever possi- 
ble. In the 10-meter tests 0.2 wavelength 
spacing was used. 

For readers who are interested, com- 
plete construction information on a 10- 
meter model, including a list of the 
required tubing, follows. 


Construction Notes 


Fig. 17 shows the method of mounting 
the element tubing to the boom. The angle 
between the semi-vertical elements is 
shown as 75 degrees but this can vary a 
few degrees either way without any 
appreciable effect on the performance of 
the array. It is difficult to drill and line up 
the element support holes in the boom and 
come out to exactly 75 degrees. 

There are a couple of methods of 
making the holes in the boom to hold the 
elements. One of the simplest is to use a 
Greenlee-type chassis punch. This makes a 
clean hole in the boom. Another method is 
to drill holes large enough to take the end 
of a 3/4inch (19-mm) reamer and then 
ream out the holes to the necessary 
diameter. 

One not accustomed to working with 
angles might find it difficult to drill holes 
at a 75-degree angle. A simple method is 
to first drill holes to take a single element. 
Next, make a jig from a piece of stiff 
cardboard or similiar material, using a 
protractor to get the 75-degree angle. 
Then insert the single element into the 
boom and lay the jig along the element; 
this will give you the correct alingment for 
the other element. 

The elements are inserted through the 
boom just far enough to take a cotter pin 
on the underside of the boom. On the top 
side, a hose clamp is used to hold the 
element to the boom and prevent slippage. 
A length of copper wire can be wrapped 
around both elements just below the 
clamp to insure a good contact between 
the elements and the boom. Hose clamps 





are also used at the tops of the elements to 
hold the horizontal wire. 

Fig. 18 shows the details of the gamma 
matching section. The gamma section is 
made up from the inner conductor of the 
coax, including its insulation, and two 
sections of telescoping aluminum tubing. 
The outer covering and braid is removed 
from a 52-inch (1.32-m) length of RG-8/U 
coax. In Fig. 18, a male coax fitting is 
shown with a short length of braid, 2 
inches (51 mm) long, which is grounded to 
the boom via a clamp and bracket, If 
desired, a chassis-type coax fitting, type 
SO-239, could be mounted on the boom 
with a small metal bracket. The capacitor 
section is made of two lengths of tubing 
3/8-inch (10 mm), and | /2-inch (13 mm) 
diameter, respectively, and both 9 inches 
(229 mm) long. The 3/8-inch (10 mm) 
tubing fits over the insulation around the 
coax inner conductor while the 1|/2-inch 
(13 mm) tubing slides over the 3/8-inch 
(10 mm) material. The larger tube is 
drilled and tapped to take a locking screw, 
Spacing of the section from the element is 
3 inches (76 mm). 

In adjusting the gamma, figures given in 


44°10" 
{3,61m) 


a 12° 
(3.35m) 


(3.66m) 


Fig. 19 — For those interested in exact 
figures, this sketch provides the element and 
boom lengths for a Delta-Loop beam for 28.8 
MHz. 
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Fig. 19 can be used as a guide. In order to 
avoid matching errors, the gamma should 
be adjusted with the SWR bridge right at 
the beam. Set the shorting bar to the 
dimension given in the diagram and slide 
the 1/2-inch (13 mm) tubing over the 
smaller tubing, looking for a setting that 
gives a match. If one cannot be obtained, 
move the shorting bar and sliding tubing 
assembly a short distance, say an inch (25 
mm), and then try different settings of the 
1/2-inch (13 mm) tubing until you find a 
match. We found that the settings were 
not critical in getting a match. Once the 
beam is matched, the regular feed line to 
the station can be attached to the feed 


point. The connection should be taped to 
prevent moisture from getting into the 
fitting and coax. 

As stated earlier, the antenna is ex- 
tremely flat across the entire 10-meter 
band. The present model was designed for 
28.8 MHz and matched at this frequency. 
The SWR at the highest point, at 29.7 
MHz, was about |.2 to 1. This dropped to 


, 1 to 1 at about 29 MHz and stayed at | to 


1 all the way down to 28 MHz. This 
feature of the antenna certainly is a help 
when using a transceiver designed for 50- 
ohm output. The beam has proved its 
ruggedness through winds and icing 
conditions. All in all, we think the Delta- 


The Delta-Loop Beam on 15 


Loop beam is one of the best performers 
we have seen. This material was originally 
presented in QST by Harry R. Habig, 
K8ANV. 


References 


{Editor's Note: A triangular loop configuration also 
was described in QST in April 1968, “Technical 
Correspondence” by Norman Watson, W6DL, in- 
dependently of K8ANYV's design. Mr. Habig has 
been working for some years on this design and has 
a patent pending.) 

{Editor's Note: A 10-meter model of the Delta Loop 
beam tested at ARRL headquarters was matched at 
28.8 MHz and an SWR curve was made using a Bird 
Wattmeter, The largest mismatch also was less than 
1.2 to | MHz (at 29.7 MHz).] 


DX capability, low SWR and readily available construction materials are 
highlights of this 15-meter beam antenna. Similar to a quad, but rugged as a 
Yagi — those are the virtues of the Delta Loop. 


=e of the features of the |5-meter 
beam described in this article include a 
very low SWR across the entire band, use 
of readily available materials, “Plumber's 
Delight” type construction — which is 
always an appealing feature of any beam 
antenna — and last but not least, excellent 
performance. On the last point, the 
antenna shown in the photographs was 
tested during a DX contest with a trans- 
mitter input power of 100 watts. The 
boom of the antenna was mounted only 
eight feet (2.44 m) above the ground, but 
in about five hours of contest operation 58 
different countries were worked — and, 
believe it or not, the majority of the 
reports received were 59. Possibly condi- 
tions were above par, but even so the 
antenna shows it can do a real job under 
crowded band conditions. 
As stated above, the beam uses 
Plumber's Delight type construction, For 
the newcomer’s information, this type of 
construction has the antenna elements 
connected directly to the boom which in 
turn can be connected directly to earth 
ground without having any effect on the 
performance of the antenna. This is 
desirable because of the lightning protec- 
tion offered by the system. 

Fig. 20 is a drawing of the Delta-Loop 
driven element. The overall length around 
the driven element is slightly over one 
wavelength. Each side is approximately 
1/3 wavelength long. The reason we say 
“approximately” is that the top section of 
the antenna is made of wire and is slightly 
shorter than |/3 wavelength in order to 
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va GAMMA CAPACITOR 





Fig. 20 — Basic configuration of the Delta- 
Loop driven element. Each side is approxi- 
mately 1/3-wavelength long. 


put tension on the wire. A gamma-match 
feed system is used, eliminating the need 
for a balun. 

The formula used in figuring the driven 
element length is 


1005 
{Mux ” 


where f is the desired resonant frequency 
of the driven element. The answer will be 
in feet. The reflector length formula is 


1030 


fone” 


For a frequency of 21.2 MHz this figures 
out to a driven element 47 feet 5 inches 
(14.45 m) long and a reflector that is 48 
feet 7 inches (14.81 m) long. Element 
spacing is approximately 0.2 wavelength 
or about 9 feet (2.74 m). Fig. 21 shows the 





two elements with the lengths of each 
segment. 


Material Requirements 


The beam elements were built primarily 
from Reynolds Do-It-Yourself aluminum 
tubing, which should be available from 
most hardware dealers. The reason we say 
“should” is because in some sections of the 
country hardware stores don’t stock the 
tubing. However, most dealers will order 
the tubing for you. If you live in an area 
near or in a city of reasonable size, a look 
through the Yellow Pages will show any 
aluminum tubing dealers. The Reynolds 


45" 
REFLECTOR ig cm) 


Fig. 21 — The element dimensions and the 
boom length, All measurements on the 

elements are made from where the element 
enters the boom; the portion of the element 
extending through the boom Is not counted. 





2-3/4" x 3/8" 
(7Omm «x 
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BOLT 
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Fig. 22 — Construction details for the boom-to-mast mounting bracket. The U bolts holding the 
boom are 2-inch (51-mm) type. Those holding the mast will depend on the mast diameter — we 
used 1-1/2-inch (38-mm) U bolts for a 1-1/2-inch diameter mast 


Do-It-Yourself tubing comes in &-foot 
(2.44-m) lengths but most of the commer- 
cial tubing available from metal distribu- 
tors comes in 12-foot (3.66-m) lengths. If 
you obtain the |2-foot types, be sure to 
specify type 6061 (61S) alloy as this 
material affords excellent strength for 
antenna elements, The boom used in this 
antenna was made from this alloy and is 2 
inches (51 mm) in diameter with a 0,065- 
inch (1.65-mm) wall. Another source of 
aluminum or steel tubing is electrical 
supply houses; although this type of 
aluminum is a little too soft for the 
elements it would be suitable for a boom. 
Also, electrician’s thin-wall steel tubing is 
available in various sizes, including the 2- 
inch diameter, for a boom. In a pinch, the 
boom could be made of wood, such as a 
length of 2X 4, In such a case, the bottoms 
of the elements could be connected 
together with a length of wire to maintain 
the Plumber's Delight feature. The shop- 
ping list included here should prove of help 
in purchasing the parts. 


Construction 


The first step in building the antenna is 
to make up the vertical elements. The 
description given here is based on using 
the Reynolds tubing. Using a hack saw, 
cut the 7/8-inch (22-mm) tubing into 2- 
foot (0.61-m) sections. This particular type 
is made by Reynolds for the purpose of 
telescoping the |- and 3/4-inch (25-mm 
and 19-mm) diameter sections together 
and comes in 6-foot (1.83-m) lengths. 
After cutting off four 2-foot (0.61 m) 
lengths you'll have one 4-foot (1.22-m) 
piece remaining. Cut this into four I-foot 
(0.31-m) lengths and set these pieces aside 
for the time being. 

Next, cut two lots, the thickness of the 
hacksaw blade, about 2 inches (51 mm) 
deep in one end of each of the I-inch (25- 
mm) and 7/8-inch (22-mm) diameter 
lengths. Slide the 7/8-inch tubing inside 
the I-inch diameter to a length of about 6 
inches (152 mm) and then slip the hose 
clamps over the slots and tighten them. 


The 3/4-inch (19-mm) tubing can then be 
inserted into the slotted ends of the 7/8- 
inch (22-mm) tubing and these sections 
clamped with hose clamps. Two of the 
elements should be adjusted to the proper 
length for the driven element and two for 
the reflector, as per Fig. 21 (or whatever 
length you wish from the formulas). Some 
amateurs may prefer to cut their antennas 
for the cw portion of the band and others 
for the phone section. 

The next step is to cut the l-inch (25- 
mm) holes in the boom to take the ends of 
the l-inch diameter elements. We used a I- 
inch chassis punch to make the holes, but 
a l-inch metal reamer could also be used. 
The aluminum is easy to cut or punch so 
making the holes should be no problem. 
What can be a problem is lining up the 
holes so that the 75-degree angle between 
the elements is obtained. We made a jig 
from a piece of cardboard, using a 
protractor. Once one set of holes for the 
director and reflector were made the 
elements were temporarily mounted in the 
boom. The cardboard jig was laid on the 
elements and the 75-degree holes were 
marked off and drilled. 

When the holes are all drilled, the boom 
can be laid on the ground and the element 
ends inserted into the boom holes. We 
allowed about |/4-inch (6-mm) extension 
of the base of the elements through the 
boom so as to allow space for cotter-pin 
holes. However, before drilling the cotter- 
pin holes, insert the four |-foot (0.31-m) 
lengths of the 7/8-inch (22-mm) tubing 
into the elements at the boom. This will 
serve to give added strength to the 
elements at the support point. Drill each 
of the four ends to take the cotter pins and 
install the pins. Tighten down the hose 
clamps on the top side of the boom to 
secure the elements in place. 

Drill the tops of the elements to take the 
1/4- X |-inch (6-mm X 25-mm) aluminum 
bolts. The top wires can then be installed. 

The close-up view shows the gamma 
installation, The gamma capacitor is 
mounted inside a plastic freezer container 





Table 2 
Shopping List 


Quantity Length Diameter Reynolds 
(ft) {in.) no. 
4 8 1 4242 
4 8 3/4 4222 
2 6 7/8 4231 
1 9 2 See Text, 
3 feet of 3/8- or 1/2-inch diameter aluminum 
tubing 


12, 1-inch diameter hose clamps, stainless steel. 

35 feet of no. 12 or 14 copper wire, solid or 
stranded, 

1 variable capacitor, 100 pF maximum, 0,025 
spacing or greater. 

1 one-quart freezer container. 

1 SO-239 Coax chassis connector. 

5 1/4-inch diameter aluminum nuts and boits, 
1-1/4-inches long. 


Feet X 0,3048 = m. 
Inches X 25.4 = mm. 


which is held in place by a small metal L- 
shaped plate mounted on the box and the 
boom, using four self-tapping screws. This 
plate also holds an SO-239 coax chassis 
fitting to take the feed line. We like to 
install an SWR bridge directly at the beam 
when making SWR or matching tests to 
reduce matching errors, and having the 
fitting there simplifies the procedure. The 
gamma rod, made from a length of 3/8- 
inch (10-mm) aluminum tubing 36 inches 
(0.91 m) long, is flattened at one end fora 
length of 1-1/2 inches (38 mm).The flatted 
portion is bent over at right angles and 
drilled to take one of the | /4- X I-1/4-inch 
(6-mm X 32-mm) aluminum bolts, which 
is mounted through the top of the freezer 
box. The gamma rod is held in place by 
this bolt and by the shorting bar between 
the rod and the element. The shorting bar 
is made from a piece of aluminum, 1 inch 
(25 mm) wide and long enough to fit 
around the two pieces of tubing and 
provide a separation of 3 inches (76 mm) 
between the rod and the elements. 

How you mount the antenna boom to 
the supporting mast will depend a great 
deal on what type of tower or supporting 
structure you have, The method shown in 
the photo is a fairly simple one, and easy 
to make up. Fig. 22 shows details of the 
construction of the mounting unit. The 
one shown in the photo supporting the 
beam was made from two pieces of I/16- 
inch (2 mm) thick aluminum plate. 
However, we found that even with the 
double plate there was still too much 
“give” in the mounting setup, so a 
replacement was made from |/4-inch (6 
mm) thick aluminum. This made the 
mount competely steady. Either a plate of 
1/4-inch aluminum or 1/8-inch (3 mm) 
steel should be adequate for the jobs. The 
2-inch (51 mm) U bolts that hold the 
boom to the mounting plate were ade- 
quate, but just for added insurance, 3/8- 
inch (10 mm), 2-3/4-inch (70 mm) long 
machine bolts (two required) were in- 
stalled through the boom and mounting 
plate for greater holding strength. 
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This view shows the completed antenna being 
matched. 


During our tests, a weather front moved 
through the area and we had wind gusts 
up to 40 mph plus icing and snow loading 
on the antenna. The antenna and elements 
showed very little movement in these 
winds, and the entire antenna appeared 
very strong. 


Adjustments 


Adjustment of the gamma section is 
quite simple. Install an SWR bridge at the 
gamma feed point and tune up the rig on 
the desired frequency, Set the gamma 
shorting bar 24 inches (0.61 m) from the 
base of the gamma rod and tighten the 
gamma-bar nuts and bolts just enough to 
make electrical contact. Set the SWR 
bridge to read reflected power and adjust 
the gamma capacitor for a dip. The object 
is to find a setting of the capacitor and the 
gamma bar that gives a reading of zero in 
the reflected position. This may take a few 
tries, but you'll find the settings are not 
critical, If you adjust the antenna near the 
ground you may find it will require a new 
adjustment when it is up in its permanent 
location, 

How you mount the antenna in its 
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permanent location will depend on what 
you have to hold the antenna. If you use a 
boom mounting-plate-to-mast assembly 
such as already described, the U bolts 
holding the boom could be left slightly 
loose and the 3/8-inch (10-mm) bolts left 
out. The antenna could then be installed in 
an upside-down position and then rotated 
into place. Two men are better than one 
for this job, but one man can do the job. If 
a hole, say 1/2-inch (13-mm) diameter, is 
drilled through the boom a 1|/2-inch rod 
could be slid through to serve as a lever to 
rotate the boom and antenna into an 
upright position and the U bolts and 
hardware could be then tightened down. 

We think the Delta-Loop beam is an 
excellent antenna and offers many possi- 
bilities. Certainly the results obtained to 
this point prove the antenna is a real 
performer. Our tower is a crank-up job, 
making antenna testing a fairly simple 
project. The antenna was first matched at 
the 8-foot (2.44 m) level (boom height) 





The plastic freezer box is held in place by the 
small metal bracket which is attached to the 
boom with self-tapping screws. Also on the 
bracket is a coax fitting to take the RG-8/U 
coaxial feed line, The gamma rod is mounted 
on top of the box and is held to the element 
with the shorting clamp. 


and at the cranked-up height, about 55 
feet (16.76 m) above ground. A very slight 
readjustment of the gamma capacitor was 
required at the greater height in order to 
get down to a I-to-| SWR. However, the 
change in SWR from the 8-foot to 55-foot 
(2.44- to 16.76-m) heights was very small. 
Also, the highest SWR was at 21,450 kHz, 
the top end of the band, with a mismatch 
no worse than [.2 to |. At 21,300 kHz the 
SWR dropped to | to | and remained at 
that figure all the way to the lower band 
edge. 

The entire antenna weighs about 15 
pounds (using the aluminum boom) so the 
antenna could be rotated with a heavy- 
duty TV rotator. One last note: We 
sprayed the cotter pins and hose clamps 
with a clear acrylic spray to reduce 
corrosion. This simple precaution should 
be taken in all antenna construction to 
prevent or reduce rusting. This material 
was originally presented in OST by Lewis 
G. McCoy, WIICP. 


In this close-up view of the end of the boom, 
the mounting of the element ends are clearly 
shown. Cotter pins are used on the bottom 
end of the element and hose clamps on the 
top side of the boom, This secures the 
elements to the boom. The plastic freezer box 
that houses the gamma capacitor is clearly 
visible behind the elements. 


Antennas for Travel Trailers and Campers 


Pounding brass and rendering “lip service” from an RV or mobile home can be 
disappointing as all get-out if the antenna doesn't “play” well. Here are some 
tips for rig-mounted radiators that get the job done. 


Wr knows why so many hams liketo 


go camping? Perhaps it’s their Field Day 
training; perhaps it’s the next logical step 
after mobile operation, or perhaps they just 
cannot leave home without their rigs. At 
any rate, it is nice to have your own means 
of communication with the outside world 
when you are away from home in the 
Maine woods, at the Grand Canyon, or 
even down in Mexico. 

One thing all hams know is that no 
matter how good a transmitter you may 
have, you cannot get out without an 
antenna; and the better the antenna is, the 
better you get out. The antenna is usually 
no problem for the homestation. The sky is 
the limit, so to speak. A 65-foot (19.81 m) 
crank-up tilt-over tower with a triband 
beam on top, and a couple of inverted Vs 
for 40 and 75 are not at all uncommon. But 
did you ever contemplate transporting 
such an antenna system to a state park, or 
some other campground, and setting it up 
while your XYL cooked suppper? Obvi- 
ously, the mobile operator is faced with 
vastly different problems than those 
confronting the ham who stays at home, 
when it comes to antennas. 

In 1929, the author built a 14-foot travel 
trailer, which was christened “Black 
Maria.” Shortly thereafter, the writer gota 
ham license, and one of the first thoughts 
was toward a rig for the trailer. This was in 
the days when mobile operation was still a 
novelty, and the story of Black Maria was 
the author’s first contribution to QST, in 
1933. The rig used a pair of 33s in parallel 
operating from a B-battery pack. 

Over the ensuing 35 years, many 
portable antenna designs have been tried, 
and much has been learned about their 





The author's 30-foot (9.14 m) Airstream trailer 
with the 75-meter Airstream Loop in place. The 
“tuning” mast is the one carrying the flag. 


relative performance. The degree to which 
a trailer traveler is restricted in a choice of 
an antenna varies widely, of course, 
depending upon the facilities available at 
each stopping point. These are seldom 
known in advance, but to get the most out 
of the equipment, the trailer operator 
should be prepared to take maximum 
advantage of whatever facilities he may 
find on each occasion. 


Dipole Antennas 


Long ago, it was found that a simple 
dipole for 40 or 75 would far outperform 
the author's mobile whip, even with the 
dipole only a few feet above ground. While 
writing this, sitting in the latest Black 
Maria — a 30-foot Airstream job — up in 
Port Colburne, ON, the author was 
listening to the 75-meter phone band. The 
dipole is only 8 feet (2.44 m) above ground. 
When checking into the Airstream Travel 
Trailer Net, which meets every Sunday on 
3963 kHz at 8 a.m. local time, the writer 
worked other trailer stations in Connecti- 
cut, New Jersey, Maryland, Pennsylvania, 
New York and Ohio. Several times the 
author switched to the mobile whip and 
could not be heard through the QRM. 
Such a dipole can be prefabricated and, 
when rolled up, occupies very little storage 
space. 

When the length of the stay warrants it, 
and trees or other supports are available, 
the antenna will be even more effective 
when raised to a respectable height. A bow 
and arrow is kept on hand for shooting 
lines over taller trees. Incidentally, Hy- 
Gain makes a deluxe portable dipole 
consisting of two stainless-steel tapes in a 
double plastic housing. The tapes are 
calibrated in meters, and can be quickly 
reeled out to the proper length for use on 
any desired band. The unit is fitted with a 
coax connector, making installation very 
easy. 

If only a single support is available, the 
dipole can be used in “inverted-V” fashion. 
A convenient way of putting up such an 
antenna is to use three or four 5-foot (1.52 
m) lengths of I-1/4-inch (32 mm) alumi- 
num TV masting as a center pole, mount- 
ing it on the front of the trailer. The author 
has a mounting for such an arrangement 
clamped to the bumper, as shown in one of 
the photographs. The mast can be 
equipped with light nylon halyards for 
hoisting the center of the dipole. The ends 





Insulated mounting at one end of the “Airstream 
Loop” 75-meter antenna. The “tuning” mast can 
be mounted directly in one of the other sockets. 
The tuning will vary with the spacing between 
masts as well as the length of the “tuning” mast. 
The insulated mounting can be transferred to 
one of the side sockets to obtain maximum 
spacing. 


of the dipole can be attached to whatever 
may be handy, but the higher, the better. 


Loaded Antennas 


Of course, there are many times when the 
surroundings, or the shortness of the 
stopover, make erection of a conventional 
dipole impractical. On these occasions, the 
author used one or another of several 
arrangements shown in the accompanying 
photographs and sketches. Where the 
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An elevated mounting for a mobile whip at a top 
rear corner of the trailer body. The bracket is 
fastened by pop rivets. This point may also be 
used, with the whip removed, for feeding wire 
dipoles. 





A check with a 20-watt fluorescent lamp by 
W1WK2Z indicates the "hot" points on the 
Airstream Loop 75-meter antenna system. 


antenna system is one that requires a 
ground for operation, it was found that a 
quarter-wave wire counterpoise connected 
to the trailer, and strung out a few feet 
above ground, is usually a much better 
“ground” than the trailer alone, even if the 
trailer is actually grounded to a driven rod. 
The author carries two each of wires cut to 
lengths of 8, 16, 32 and 60 feet (2.44, 4.88, 
9.75 and 18.29 m) for use‘as counterpoise 
on the 10-, 20-, 40- and 75-meter bands, 
respectively. One end of each wire is fitted 
with a large battery clip, while the other is 
terminated in an insulator. Trailer awning 
poles come in handy as counterpoise 
supports when nothing else is available. 


“Airstream Loop” Antenna 


Of particular interest is the 75-meter 
folded configuration shown in the sketch of 
Fig. 23, which is called the “Airstream 
Loop,” although, strictly speaking, it does 
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A 25-foot (7.62 m) base-loaded antenna 
mounted on brackets attached to the side of the 
trailer. 


not function as a true loop. With the 
fittings that are provided, this antenna can 
be put up in a few minutes, and its 
performance seems to be about equal to 
that of a low dipole. It has the advantage 
that it is completely supported by the 
trailer, and requires no external supports. 
It is contained entirely within your own 
campsite. There are no wires strung out for 
you or your neighboring campers to trip 
over or be garroted by in the dark. A 30- 
foot (9.14-m) length of wire is strung 
between, and connected to, two poles made 
of aluminum TV mast sections. A third 
mast (A), of approximately the same length 
as the others, and connected to the trailer, 
is an essential part of the system. This 
arrangement appears to work as a folded 
half-wave antenna, the 30-foot (9.14-m) 
wire and the two poles connected to it 
forming one half of the antenna, while the 
other half is formed by the trailer body and 


mast (A). Probing with a fluorescent lamp 
shows that the end of the trailer opposite 
the feed point is “hot” while the feed-point 
end is “cold.” The system can be tuned by 
adjustment of the length of pole A, and/or 
changing the spacing between A and the 
adjacent pole. The spacing can be changed 
by a selection of the pole mounting sockets 
shown in one of the photographs. In this 
manner, the resonant frequency can be 
changed by almost 150 kHz. For any 
adjustment, the transmitter can be tuned 
about 30 kHz either side of the resonant 
point before the SWR exceeds 3 to I. Since 
the “hot” end of the trailer is the front end 
in my case, the tow car must be unhitched, 
and an insulating block used under the 
customary supporting jack. 

In a similar arragement for 40 meters, 
mast A is omitted, and a wire approximate- 
ly 21 feet (6.40 m) long is connected to the 
pole at the feed-point end. The open end of 
the wire is supported from the pole at the 
opposite end of the trailer by a length of 
nylon rope. 


40-Meter Monopole 


Another 40-meter antenna that has been 
used with considerable success is a 34-foot 
(10.36 m) length of 300-ohm ribbon line 
connected as a folded monopole, and 
strung up in the same manner as the 
antenna just described. One conductor of 
the ribbon is grounded to the trailer at the 
feed point, while the other conductor is 
connected to the center conductor of the 
coax line. The two ribbon conductors are 
connected together at the far end. 


Matching 


Standing-wave ratios up to 5 or 6to | are 
hardly worth worrying about at 4 MHzso 





A five-band antenna system, A New-Tronics 
mobile antenna base section is fitted with a 
Waters Add-a-Band adapter, The short 
resonators for 10, 15 and 20 meters are Waters. 
The 80-meter resonator (top) is New-Tronics. A 
threaded stud has been added to the vacant 
side of the adapter to take a New-Tronics 40- 
meter resonator. The system is fed at the base 
with a single coax line. 


30’ 


(9.14m) 


LUM. 
ST 
{3.96m) 


tt 
is 





An 80-meter dipole made of two New-Tronics 
75-meter mobile whip back to back, The 15-foot 
(4.57 m) mast is bumper-mounted. A 1-to-1 
balun is mounted on the center insulating panel, 
which is secured to the mast with U bolts. This 
antenna is quite narrow-band when operated on 
75 meters, making it necessary to retune the 
antenna for excursions of more than 30 or 40 
kHz. 


far as additional power loss is concerned. 
However, an SWR greater than | to | 
causes the line input impedance to vary, 
depending on the length of the line. The 
output circuits of many transmitters and 
transceivers are not designed to work into 
loads departing significantly from 50 
ohms. With these units, it may not be pos- 
sible to load the final stage, or components 
in the output stage not designed for the 
voltages that develop with higher- 
impedance loads may be damaged. Use a 


NO. 14 WIRE, CONNECT TO MAST AT EACH END 


INSULATED 


INSULATED 





Monimatch, or other reflectometer, and 
adjust the antenna for minimum SWR. 
The author carries along several mica 
capacitors ranging in value from 50 pF to 
0.002 uF with battery clips attached, which 
are used to shunt the line at the feed point. 
Start out with the lowest value, and double 
the capacitance in steps until you get an 
SWR of | to | somewhere in the band, and 
then adjust the antenna length for reso- 
nance at the desired frequency.! 

To get some idea of the relative perform- 
ances, a series of checks was made at 3825 
kHz on several of the antennas described. 
A receiver with a horizontal antenna was 
set up at a distance of eight miles from the 
trailer, and S-meter readings were taken 
with the results shown in the accompany- 
ing tabulation. All readings were made 
with identical input power to the transmit- 
ter, and with the antennas adjusted for an 
SWR of | to L. 

To sum it all up: 

1) Carry a complete set of mobile whips 
for lunch stops, or other occasions where 
you just do not have the time or room for 
anything better. 

2) If at all possible, use a 1/4-wave 
counterpoise clipped to the trailer when 
using a mobile whip. 

3) If you have the time or space, clip a 
1/4-wave wire, instead of a whip, to your 
mobile antenna mount, and run it outtoa 
bush or tree, 

4) In addition to (3), clip a 1/4-wave 
counterpoise to the trailer, and run itin the 
opposite direction. 

5) If you are stopping for a short time, 
or for the night, rig up the S-band mobile 
whip with five | /4-wave counterpoises, one 
of appropriate length for each band. 

6) If you want to concentrate on one 
band, put up the [6-foot (4.88 m) mobile- 


{Editor's Note: This method is equivalent to the use of 
a stepdown L network. It can be used when the 
antenna feed-point impedance is lower than the line 
impedance. To obtain a match, the antenna length 
must be somewhat longer than a resonant length, so 
that the antenna shows inductive reactance at the 
feed point. (This reactance serves as a substitute for 
the reactance of the coil of a conventional L net- 
work.) For an accurate match, it is necessary to 
adust the antenna length and the value of the 
capacitor until the appropriate transformation ratio 
is obtained. ] 





Brackets for mounting TV masting on the side 
of the trailer. The upper bracket is fitted with a 
removable U-shaped yoke bolted to the bracket. 
The brackets are fastened to the trailer with pop 
rivets. 





Table 3 


Hustler 75-meter mobile whip 
mounted vertically on top rear 
corner of trailer 
Same as above, with 60-foot 
counterpoise wire connected to 
ee $9 
Two Hustler 75-meter mobile whips 
back to back as a horizontal loaded 


PDO saxccc acces biicncnaeenuenered S9+ 5dB 
60-foot horizontal wire 8 feet high, 

using trailer as ground ...........5 $9 +10 dB 
Hustler 4BTV trap vertical with 75- 

meter resonator .,.........0..2-055 S9+10dB 
120-foot dipole, 15 feet high at 

QING g acicksnccndss en eteaasscveens S9 + 20 dB 
“Airstream Loop” antenna -........ S9 + 20 dB 


Home-station dipole 50 feet high ...S9 + 30 dB 
Feet = 0.3048 = m. 


whip dipole, if your space is limited. 

7) If you have plenty of room, put up a 
1/2-wave dipole for your favorite band. 

8) If you want to work all bands, and 
space for dipoles is limited, then put up 
your trap vertical with the 75-meter 
resonator tuned to your favorite frequency. 

9) If you are going to spend a week ina 
particular campground, shoot some lines 
over a couple of high trees with a bow and 
arrow, and get your dipoles up in the air as 
high as possible. 

10) The use of balloons and kites is 
good, but depends completely on the wind. 

11) Next best toa high dipole, put up the 
“Airstream Loop” antenna for 75 meters. 

12) If allelse fails, bring your 2-kW PEP 
linear and your 2.5 kW ac gas generator 
along. This will at least keep the other 
campers awake. Don’t forget a low-pass 
filter for TVI! This material was originally 
presented in QST by Philip S. Rand, 
WIDBM. 
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The Apartment Dweller’s Dilemma 


Having trouble getting a signal out from “concrete city"? Nonresonant, random- 
length wires can provide surprising results if a Transmatch is used to make the 
rig happy with the load it sees. 


t is apparent that many would-be 
amateurs living in apartment buildings 
believe it is impossible to get an effective 
signal on the air. They feel the need to have 
an outdoor antenna in order to make 
contacts. This isn’t true. Of course, the 
apartment dweller can always go mobile, 
but there comes a time when the amateur 
wants a home station. This article treats the 
problem and, hopefully, will get a few more 
hams on the air. 


Some General Considerations 


There are exceptions to the following 
rules but, in general, they can be depended 
upon, 

1) An outdoor antenna will work better 
than an indoor one. 

2) An antenna inside a frame building 
with wood exteriors is better than the same 
antenna in a steel-and-concrete building, 


JUMPER 
1-3,4-5, 
7-8 


Fig. 24 — Circuit diagram of the L-network 

Transmatch, The eight banana jacks are E. F. 

Johnson type 108-900, and three dual banana 

plugs are required, E. F. Johnson type 108-200. 

C1 — Variable capacitor. 350 pF (E. F. Johnson 
154-10). 

01, D2 — 1N34A germanium diode. 

J1, J2 — Chassis connector, type SO-239. 

J3 — Feedthrough terminal, isolantite. 
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3) The higher above ground, inside or 
out, the better the antenna will work. 

4) The bigger (or longer) you can make 
an indoor antenna, the better — even if it 
means running the wire around corners. 

5) Even a poor antenna should produce 
some contacts. 


The Coupling Problem 


Most transmitters are designed to work 
into a 50-ohm load, and contain little orno 
provision for adjusting the transmitter 
when the load is other than 50 ohms. 
Unfortunately, there is no random-length 
wire antenna that will present a 50-ohm 
load on all bands. What is required is a 
Transmatch. A Transmatch is simply an 
adjustable LC network that converts the 
unknown antenna impedance to 50 ohms. 
This unit, shown in Fig. 24 and the 
photographs, will cover the 80- through 





L1, L2 — See Fig. 25, part of etched circuit 
assembly. 

L3 — Variable inductor, 28 2H (E. F. Jonnson 
220-203). 

Mi — 100-yA meter. 

R1, R2 — 68-ohm, 1/2-watt carbon or 
composition, not wirewound. 

R3 — 25,000-ohm carbon control, linear taper. 

S1 — Spst toggle. 





The completed Transmatch. The counter dial 
and knob are James Millen Mfg. Co., Inc, 
products. Check with G. R. Whitehouse, 
Amherst, NH 03031. 


10-meter bands and can handle | kW of 
tf power. In addition to matching the 
transmitter to the antenna load, the 
Transmatch helps reduce harmonic radia- 
tion. Many Novices get in trouble with the 
FCC because of 2nd-harmonic radiation 
from the 80-meter signal. This unit should 
reduce such harmonic radiation. Also, the 
use of a Transmatch can provide better 
front-end selectivity for the receiver. Some 
receivers are subject to severe cross 
modulation when operated near a broad- 
cast station. The Transmatch should re- 
duce this effect. 


Circuit Details 


The unit shown in Fig. 24 is designed to 
be used in three configurations. They are 
shown at B, Cand D. With one of the three 
hookups, it should be possible to match 
practically any antenna to the transmitter. 

In order to get complete band coverage 
and avoid the complexities of band- 
switching, banana and jack plugs are used 
to change the circuit to the configuration 
needed. For example, if one wanted the 
setup shown at B, he would jumper 
terminals 7 and 8, | and 3, and 4 and 5S. 
Using the banana plugs makes for easy 
changing of the circuit. 

Whenever a Transmatch is used, the 
operator should have a way of knowing 
when the unit is adjusted correctly. The 
answer to this need is a Monimatch or 
other SWR indicator. If you have anSWR 
meter, it can be connected in the line 
between the transmitter and the coupler. If 





TO SCALE 


Fig. 25 — Etched circuit-board template. The foil side is shown, with etched portion shaded. 


not, you can build the Monimatch!' shown 
in Fig. 24, and include it in the cabinet with 
the Transmatch. 


Construction Details 


The chassis for mounting the Trans- 
match is made from a piece of aluminum 
measuring 10 X 19 inches (254 X 482 mm). 
The ends of the 19-inch length of aluminum 
are bent up to form a U-shaped chassis, the 
ends being 4-1/2 inches high to form a 
chassis 10 X 10 X 4-1/2 inches (254 X 254 x 
114 mm). The back side of the U has an 
opening cut out, 3-1/4 inches high by 4-1/2 
inches (83 X 114 mm) long. A piece of 
Plexiglas is mounted over this opening. 
The jack-plug sockets are installed directly 
on the plastic. Connections from the roller 
inductor, L3, and variable capacitor, Cl, 
are made to the banana jacks. Be careful 
when drilling the holes for the jacks to 
insure that they will mate with the plugs. 
Fig. 25 shows the details for a pc-board 
Monimatch. 

Methods for making etched circuit 
boards are given in detail in the construc- 
tion chapter of The Radio Amateur’s 
Handbook, so we won't treat the process 
here. When installing DI and D2 on the 
board, be sure to use a heat sink while 
soldering the leads. Too much heat can 
ruin the diodes. Shielded leads are used 
from the circuit board to SI to prevent 
unwanted rf pickup. 

Today’s equipment builder soon finds 
out that locating parts can be a tough 
problem. Fortunately, we have found a 
distributor who will furnish all the parts. 
With the exception of the chassis, the parts 
for the Transmatch can be purchased from 
Barry Electronics.? 


Some Antenna Ideas 


With this Transmatch one should be able 
to match any random-length antenna to his 
transmitter. To test the system, we strung 
up 25 feet (7.62 m) of wire inthe ARRL lab 
(a steel-and-concrete building, first floor). 
The Transmatch provided the desired 50- 
ohm impedance on all bands. We didn’t get 


any “60-over-9” reports, but we did make 
contacts. 

As to your antenna installation, we 
suggest running the wire up to the ceiling, 





around the room, perhaps into the next 
room, making the antennas as long as 
possible. If the X YL objects to the wire, use 
an invisible antenna. Nope, we're not 


The Monimatch is at the upper left, covered by a metal enclosure. Connections from the roller 
inductor and the variable capacitor to the terminals on the jacks are made with thin strips of copper, 
although no. 12 or 14 wire can be used instead. The two antenna terminals are at the rear right. The 
top terminal is for use with a coax-fed antenna, if desired. 
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joking! You can make the antenna from 
no. 26 or 28 wire, which will be practically 
invisible. Also, you can conceal the wire 
behind molding. Be sure to insulate the 
wire if it runs near any metal. In some 
cases, it is impossible to get the wire 
outside. However, if you have a screen in 
one of your windows, terminate the end of 
the antenna at the screen. The screen is 
outside and it will help the system radiate. 
While it may be difficult to install, the 
antenna length to shoot for is approxi- 
mately 120 to 130 feet (36.58 to 39.62 m) 
because this is a good length for multiband 
operation. 

If you cannot put an antenna on the 
apartment roof, there is still a trick or two 
for having an outside antenna. You can 
drop a wire out the window and let it hang 
down. How long the wire should be will 
depend on how high up you are. You can 
make the wire long enough to reach nearly 
to the earth, but high enough to be beyond 
the reach of passersby. Safety first, always! 
There is no electrical law that states that a 
vertical must be fed at the bottom. Just 
connect the end of the wire to your 
Transmatch and tune up the system. You 
can use small-diameter wire. Use a lead 
sinker on the end of the wire and possibly 
imbed the sinker in a small sponge-rubber 


ball. (That way, you won't break your 
neighbor’s window.) 

If there is a support to which you can 
attach the far end of the antenna you can 
use the invisible-wire trick. Use rubber 
bands for insulators. Erect no. 26 or 28 
wire. Don’t be too discouraged if the wire 
gets broken by passing birds! 

We know one ham who lived in a 
basement flat. He ran a wire through the 
wall to the bottom of a rain gutter, tuned 
up the system, and managed to work 
DXCC. (Safety first, again. The down- 
spout should be beyond the reach of 
human beings!) The general idea is to use 
ingenuity. With a Transmatch you never 
can tell what will prove to be a useful 
antenna. 


How to Tune Up 


Using the Transmatch is not compli- 
cated. Although it takes some time to find 
the correct combination of settings, once 
determined, they can be logged for later 
reference. Use a short length of 50-ohm 
coax to connect the Transmatch to the 
transmitter. Attach the antenna to the 
Transmatch. Tune up your transmitter on 
the desired band, making sure that the final 
amplifier is resonated, but with the power 
output reduced. With the Monimatch in 


A 40-Meter DDRR Antenna 


the forward-reading position, set the 
sensitivity control for a full-scale reading. 
You may have to increase the output of the 
transmitter to get full deflection, but be 
sure to keep the final amplifier tank in 
resonance. Switch the meter to the 
reflected position, and then adjust L| and 
Cl, until you get the lowest indication of 
reflected power. It should be possible to get 
the meter to read zero. When you have a 
zero reading in the reflected position, 
versus full scale in the forward setting, the 
Transmatch is correctly adjusted, and the 
SWR is I. You may have to change the 
circuit to one of the other configurations in 
order to get a match, but one combination 
should work. Once you have the Trans- 
match set properly, you can then adjust the 
transmitter to its rated power input. One 
other point: It isn’t always possible to get a 
good ground connectionin an apartment. 
Therefore, a connection to a cold-water 
pipe or earth ground should be used. This 
material was originally presented in OST 
by Lewis G. McCoy. WIICP. 


References 


IMcCoy, “An Etched-Circuit Monimatch for Checking 
Your Antenna System,” QST, October 1969, (See 
Chapter 5.) 

2Barry Electronics, 512 Broadway, New York, NY 
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This antenna consists of a 1/4-wavelength element grounded at one end and 
wound into a single-turn coil, a few conductor diameters above the ground 


(see Fig. 26). 


a after the author's article on a 
practical DDRR Antenna appeared,!' a 
number of inquiries were received regard- 
ing low-frequency versions of this antenna 
for operation at ground level. After a little 
experimenting, the author came up with 
this version of a 40-meter DDRR which 
works quite well. In early tests very fine 
QSOs were held with stations as far away 
as Phoenix, while the antenna was located 
inside the garage and surrounded by 
myriad metallic objects. When the antenna 
was relocated to the backyard, marked 
improvement was noted, even though this 
antenna site was marred by a sharp rise of 4 
feet (1.22 m) in ground elevation, plus close 
proximity to house wiring and power lines. 
In spite of these obstacles solid contact was 
easily achieved with stations up and down 
the West Coast. Encouraged by these 
results, we moved the antenna to a rooftop 
location which put it well in the clear 
insofar as metallic objects above the 
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Fig. 26 

RD = 0.078 A (28°) 

SP = 0.11D (2.5°) 

FP = 0.25 h (See Note 1) 

C = (See Note 2) 

D = (See Note 3) 

G = (See Table 4) 

Notes: (1) Actual dimension must be found 
experimentally. (2) Value to resonate the 
antenna to the operating freq. (3) d ranges 
upward from 1/2” (13 mm). The larger “d” is the 
higher efficiency is. Use largest practical size, 
e.g., 1/2" (13 mm) for 10 meters, 5” (127 mm) or 
6" (152 mm) for 80 or 160 meters. 


groundplane were concerned. In this loca- 
tion, the DDRR really proved its worth. In 
spite of its low profile, a little over 1 foot 
(0.31 m), and its very small span, a few 
inches over 9 feet (2.74 m), it was more than 
adequate when competing with any signal 
on the band. The obvious conclusion from 
my experiments is that the 40-Meter 
DDRR is the apartment-dweller’s dream. 
It is principally for that group that this 
article is prepared. Other interested ama- 
teurs might be those who are limited, as this 
author is, by too much house on too little 
real estate; or those who for other reasons 
cannot cope with high towers, masts and 
guy wires. 

Before this writer’s enthusiasm sends 
you out to rip down your inverted V or to 
dismantle your beam, remember this: The 
DDRR, for all of its capabilities, will not 
supplant a full-size single-frequency 
antenna which is properly erected over 
clear terrain. What it will do is provide an 
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Equatorial Diameter: 








Tangent Pointes 





The chicken-wire groundplane is evident in the background. The base plate can be seen at 
lower right. Note the relative positions of the 52-ohm coaxial feed at the left end of the plate, the 
flange on the foot of the post, and the tuning unit at the right-hand end of the plate. 
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Fig. 27 — Drawing of the base plate which can be made from either steel or aluminum, as 


described in the text. 





Table 4 

Dimensions for 1/4 Wavelength DDRR Elements 

Band (Meters) 160 80 40 20 15 10 6 2 
Feed Point (FP)* 12" 6" 6" 2" 1.5" 3” 2 is 1/2’ 
Gap (G) 16" 7" 5” 3” 2.5” 2" 1.8” 1" 
Capacitor, pF (C) 150 100 70 35 15 15 10 5 
Spacing (Height) (SP) 48” 24” 7 6S 43/4" 3” 1 1/2" 1" 
Tubing Diameter (D) 5” 4" 2" 3/4" 3/4" 1/2" 1/4" 
Ring Diameter (RD) 36’ 18° 9’ 45' 34" 2'4" 16 1/4" 6" 


*See Fig. 26 for explanation of designations. 


Feet X 0.3048 = m. 
Inches X 25.4 = mm. 





antenna which will enable communications 
of respectable quality, where heretofore it 
has been impossible because of inadequate 
space to erect a 40-meter antenna. 

Some consideration should also be given 
to the fact that the high-Q nature of the 
DDRR and its resultant narrow-band 
characteristics serve to reduce the noise 
level. Boyer?.3 reports that in the initial 
experiments it was found that DX stations 
which could copy signals from either a 
vertical or a DDRR could only be heard on 


the DDRR due to the reduction in 
background noise. So if you have a noisy 
location, it might be to your benefit to try 
the DDRR, regardless of what antenna 
you are presently using. 


Constructing the 40-Meter DDRR 


In this application, 2-inch (51 mm) 
diameter automobile exhaust pipe was 
used as the radiating element. The local 
muffler shop not only supplied the 
material, but also undertook to bend it to 





The braided lead across the flared joint is to 
assure electrical continuity. The screws used 
are self-tapping sheet-metal screws. The top 
end of the insulator (2-inch [51 mm] diameter 
PVC pipe) is a standard PVC pipe cap; the 
bottom is closed off with a cap from an aerosol 
can (2-inch [51 mm] ID). 


specifications. This was an obvious course 
since the material and the power bender 
were right at hand. 

The dimensions for 40 meters are: 
Ring — 9 foot (2.74 m) diameter, 
center to center. 

Height — 12 inches (0.31 m) from 
ground plant to element center. 

Gap — 6 inches (152 mm) from 
upright post center to open end of 
ring. 

In forming the ring to these dimensions, 
four 10-foot (3.05 m) lengths of tubing were 
used. A 10-degree bend was made at 9-inch 
(229 mm) intervals in three of the lengths. 
The fourth length was similarly treated, 
except for the last [8 inches (0.46 m) which 
were bent at right angles to form the 
upright leg of the ring. One end of each 
section was flared so that the sections could 
be coupled together by slipping the end of 
one into the flare of its mate. 

The required flares are easily made at the 
muffler shop with the aid of the forming 
tools. Another task which can best be 
completed at the shop is to weld a flange 
onto the end of the upright leg. This flange 
is to facilitate attaching the leg to the 
mounting plate which provides a chassis 
for the tuning mechanism and the coaxial- 
feed coupler. After bending and flaring is 
complete, the ring is assembled and minor 
adjustments made to bring it into round 
and tothe proper dimensions. This can best 
be done by drawing a circle on the floor 
with chalk and fitting the ring inside the 
circle. The circle must be slightly larger 
than the center-to-center diameter so that 
the reference line can be seen easily. For 
example, with two-inch (5l-mm) tubing 
the actual diameter of the reference circle 
must be 9 feet, 2 inches (2.79 m). When you 
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Fig. 28 — Circuit diagram of the power supply and control motor. 


D1 through 04 — 1 A, 50 PRV, or equiv. 
F1 — Fuse, 1A. 

J1, J2 — Two-terminal jack. 

MT1 — Motor (see text). 





P1, P2 — Two-termina! plug. 
$1 — Spst. 

S2 — Dpdt, center off. 

T1 — Transformer (see text). 


Clamps used to connect the feed line and the open end to the capacitor are standard hose clamps. 
The heavy black lead, center to lower right, is the 52-ohm feed line. The smaller line coming from 
the plastic housing is the motor contro! line. 


have a satisfactory fit between the tubing 
ring and the chalk ring, drill a 1/4-inch (6- 
mm) hole through each of the joints to 
accept a 1/4-inch bolt. These bolts will 
clamp the sections together. Also, they can 
be used to attach the insulators which 
support the ring at a fixed height above the 
groundplane. 


Making and Attaching the Insulators 


Insulators for the antenna were made 
from 11-inch (279-mm) lengths of 2-inch 
(51-mm) PVC pipe inserted into a standard 
cap of the same material. The PVC caps are 
first drilled through the center to accept the 
1/4-inch (6-mm) bolt previously installed 
at the joints. The caps are then slipped onto 
the bolts and nuts are installed and 
tightened to secure the caps in place. The 
11-inch length of pipe, when inserted into 
the cap and pressed firmly until it touches 
bottom, results ina total insulator length of 
12 inches (0.31 m). Four insulators are 
required: one at each of the joints and one 
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near the open end of the ring for support. It 
is wise to locate this insulator as far back 
from the end of the ring as possible because 
of the increasing high rf voltage that 
develops as the end of the ring is approach- 
ed.‘ As a final measure, the bottom ends of 
the insulators were sealed to prevent 
moisture from forming on the inside 
surfaces. Standard PVC caps could be used 
here, but we found that plastic caps from 
15-ounce aerosol cans fit well. 


Making the Mounting Plate 


The mounting plate is required to 
provide good mechanical and electrical 
connections for the grounded leg of the 
radiator, the coaxial feed-line connection, 
and the tuning mechanism. If you are using 
aluminum tubing, you should use an 
aluminum plate, and for steel tubing, a 
steel plate to lessen corrosion from the 
contacting of dissimilar metals. Dimen- 
sions for the plate are shown in Fig. 27, The 
important consideration here is that good, 


solid mechanical and electrical connections 
are made between the ground side at the 
coaxial connector, the ring base, and the 
tuning capacitor. 


The Tuning Unit 


We found that the 9-foot (2.74 m) ring 
resonated easily with approximately 20 pF 
of capacitance between the high end of the 
ring and the base plate or ground. A 35-pF 
double-spaced variable from the junk box 
was pressed into service here (Cardwell 
NG-35-DS). Any variable which will tune 
the system to resonance and which will not 
arc under full power should be satisfactory. 
Remember, the rf voltage at the high 
impedance end of this antenna can reach 20 
to 30 kV with high power, so if you are 
using the maximum legal limit, you would 
do well to consider using a vacuum variable 
capacitor. Since we limited our power to 
500 watts PEP, the double-spaced Card- 
well unit was satisfactory. To provide for 
full band coverage, the capacitor was 
coupled to a reversible, slow-speed motor 
which enabled the antenna to be remotely 
tuned from the operating position. An 
indicated SWR of 1.1 to | was easily 
achieved over the entire 40-meter band. 
The motor used was a surplus item made by 
Globe Industries of Dayton, OH. At 20 
volts de the shaft of this motor turns at 
about | rpm which is ideal for DDRR 
tuning. The gears used were surplus items. 
If you cannot obtain gears, string and 
pulley drive will do almost as well, or you 
can mount both the motor and the 
capacitor in line and use direct coupling. Of 
course, if you operate ona fixed frequency 
or within a 40- to 50-kHz segment of the 
band, you can dispense with the motor 
entirely and simply tune the capacitor 
manually. In any case, the tuning unit must 
be protected from the weather. We used a 
plastic refigerator box to house the tuning 
capacitor and its drive motor. 

Fig. 28 shows the electrical connection 
for the motor. A small train transformer or 
power supply for toy slot-cars will work 
admirably as a tuning motor power source. 
Standard ac zip cord was used for the 
connection between the control unit and 
the motor. 


Electrical Connections 
and the Groundplane 


The connection between the open end of 
the ring and the tuning capacitor is made 
with no. 12 wire or larger. On the end of the 
base plate opposite the tuning unit, and 
directly under the ring about 8 inches (203 
mm) from the grounded post, install a 
bracket for a coaxial connector. The 
connector should be oriented so that the 
feed line will lead away from the ring at 
close to 90 degrees. Install a clamp on the 
ring directly above the coaxial connector. 
Connect a lead of no. 12 or larger wire from 
the coaxial connector to the clamp. This 
wire must have a certain amount of 
flexibility to accommodate the movement 
necessary when adjusting the match. The 


matching point must be found by experi- 
mentation. It will be affected by the nature 
and quality of the groundplane over which 
the antenna is operating. The antenna will 
function over earth ground; however, in 
our location we found the electrical ground 
to be unpredictable. A groundplane 
surface of chicken wire (laid under the 
antenna and bonded to the base plate) 
provided a constant ground reference and 
improved performance. In a rooftop 
location sheet metal roofing should 
provide an excellent groundplane. A poor 


paint to minimize rust, If it suits you, there 
is no reason why a final coat of enamel 
could not be applied. 


Tuning Procedures 


Once the mechanical construction is 
completed, the antenna should be erected 
in its intended operating location. Cou- 
pling to the station may be accomplished 
with either 52-ohm or 72-ohm coaxial 
cable. Tune and load the transmitter as 
with any antenna. While observing an 
SWR meter in the line, operate the tuning 





The tuning motor, above the capacitor, couples to the capacitor shaft through the gears at left. 
Both the motor and the capacitor are mounted on a common bracket which attaches to the 

base plate by two bolts through the weatherproof housing. The lead passing upward through the 
grommet connects the stator of the capacitor to the open end of the ring. 


ground usually results in a matching point 
for the feed line far out along the 
circumference of the circle. In our installa- 
tion a near-perfect match was obtained 
with the feed line connected to the ring 
about 12 inches (0.31 m) from the ground- 
ed post. During testing, when the antenna 
was set up on a concrete surface without 
the groundplane, a match was found when 
the feed line was connected nearly 7 feet 
(2.13 m) from the post! 

As shown in photos, the compactness of 
the antenna is readily apparent. The 
groundplane is made up of three [2-foot 
(3.66-m) lengths of chicken wire, each 4 feet 
(1.22 m) wide, which are bonded along the 
edges at about 6-inch (152-mm) intervals. 
In our installation the antenna, with the 
groundplane, could be dismantled in about 
30 minutes. If portability is not important, 
it is best to bond all of the joints in the 
tubing so that good electrical continuity is 
assured. 

After all construction is completed, the 
antenna should be given a coat of primer 


motor. Indication of resonance is the 
noticeable decrease in indicated reflected 
power. At this point, note the loading of 
the transmitter; it will probably increase 
markedly as antenna resonance is ap- 
proached. Retune the transmitter and 
move the feed-point tap on the antenna for 
a further reduction in indicated reflected 
power. There is interaction between the 
movement at the feed tap and the reso- 
nance point; therefore, it will be necessary 
to operate the tuning motor each time the 
tap is adjusted until the lowest SWR is 
achieved. Don't settle for anything less 
than I.! to 1. With a good ground and 
proper tuning and matching, this ratio can 
be achieved and maintained over the entire 
band. Once the proper feed point has been 
located, the only adjustment necessary 
when changing frequency is retuning the 
antenna to resonance by means of the 
motor. If the antenna is to be fixed tuned, 
provide an insulated shaft extension of 18 
inches (457 mm) or so to the tuning- 
capacitor shaft for manual adjustment. 


This not only provides insulation from the 
high rf voltage but also minimizes body- 
capacitance effects during the tuning 
process. 


Alternatives 


A number of materials other than the 
steel tubing used here are well suited for the 
ring element. Standard E.M.T. or electrical 
conduit would work as well with a slight 
increase in weight. One advantage to be 
gained through the use of conduit is the 
elimination of the flaring operation since 
standard couplings would serve to connect 
each segment of the ring to its adjacent 
member. Another suitable material is 
copper tubing. This material is superior to 
either exhaust pipe or conduit in terms of 
its conductivity characteristics. Another 
advantage of copper is that it is available in 
continuous lengths and the joints could be 
omitted entirely. 

The 2-inch (51 mm) dimension is by no 
means mandatory. Smaller diameter 
tubing has been used with satisfactory 
results.° In fact, DDRR antennas have 
been fabricated with wire elements. But, if 
the element diameter is reduced, the 
antenna tunes more sharply. Some experi- 
menters may wish to go in the other 
direction and use a larger diameter. The 
author recommends the use of aluminum 
downspout with a diameter of about 4 
inches (2 mm). This material does not lend 
itself to bending, however, and the ring 
must be configured as a regular polygon of 
eight or more sides. Because of the large 
number of joints involved, welding is about 
the only practical means of joining the 
segments. Unless you are equipped to do 
this work yourself, the cost of welding 
might be prohibitive. Anyone who under- 
takes to make a DDRR antenna of a large 
element diameter will be rewarded in terms 
of improved performance. 


Performance 


Results have been quite encouraging, 
and it is hoped that more and more hams 
will equip themselves with the DDRR in 
the future. The antenna has proved its 
worth and deserves more investigation by 
the amateur fraternity than it has been 
given in the past. No intensive efforts have 
been made to work DX with the antenna 
described here: however, a low angle of 
radiation is conducive to DX, and this 
antenna demonstrates a low radiation 
angle. It was found that distant areas, such 
as the East Coast, are more easily contact- 
ed than are stations nearby. All of the 
results could be attributed to peculiarities 
of individual stations or skip conditions, 
but since they are charateristics which can 
be anticipated with high-efficiency anten- 
nas having low radiation angle, we prefer 
that interpretation. Besides, where else will 
you find an antenna for 40 meters that is 
small enough to fit into a corner of the 
backyard and not protrude above the 
fence; or for that matter, which could be 
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mounted on the roof of an apartment 
building or even a ranch-type house and 
not be visible from the street? 

Nearly everyone who listened to the 
description of this new antenna was 
enthusiastic, The author hopes to hear 
many hams on the air working with the 
DDRR in the near future. This material 
was originally presented in OST by W. E. 
English, W6WYQ. 


Parts List 


4 — 10-ft (3.05 m) lengths of 2-in. (51 mm) 
tubing, exhaust pipe, conduit or copper 
tubing. 

1 — base plate 7-1/2 X 19 X 1/8 inches (191 X 
482 X 3 mm), steel, aluminum, or copper to 
match tubing. 

4 — PVC pipe caps for 2-inch (51 mm) pipe. 


Novi-Loop 


4 feet (1.22 m) of 2-inch PVC pipe. 

2 clamps for 2-inch tubing. 

4— 1/4 X 4-inch (6 X 102 mm) bolts with nuts. 

1 reversible motor with 1-rpm shaft output. 

1 wide spaced variable capacitor. 5 to 35 pF 
(Millen 16550 or equiv.). 

1 coaxial connector SO-239. 

2 sets 2-connector plug and socket for motor 
control. 

36 feet (10.97 m) of 4-foot (1.22 m) chicken wire 
or equivalent. 

1 flange to attach tube to base plate. 

2— 1/2 X 1-inch (13 X 25 mm) bolts with nuts 
(flange mounting). 

8 — 3-inch (76 mm) bonding strips no. 8 
braided wire. 

4 plugs 2-inch (51 mm) ID for insulator bases. 


References 
Hicks, “The DDRR Antenna: A New Approach to 
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Horn, “The Half Wavelength DDRR Antenna,” CQ, 
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‘English, “A Practical DDRR Antenna,” 73, June 
1970. 

*Boyer, U.S. Patent Nos. RD 26196, RE 3,151,328 (All 
rights assigned to the Northrop Corporation.) 

‘Boyer, “Hula-Hoop Antennas; A Coming Trend?" 
Electronics, January 11, 1963. 

+Editor’s Note: Because of the danger of rf burns, inthe 
event of accidental contact with the antenna, precau- 
tions should be taken to prevent random access to the 
completed installation. 

sGlobe C-5A-1106 (available from Lectronic Research 
Labs Inc., 75 Arch St., Philadelphia, PA 19106). 

*Sce footnote 1, 


A medium-size roll of wire, some insulators and a day of good antenna ‘puttin’ 
up” weather can net you a Novi Loop. What will it do for you? Well, follow these 


instructions and get set to work 40-meter DX. Nuff said! 


(). of the sad facts of life for many 
beginners is the matter of poor antenna 
performance. Many enthusiastic Novices 
have fallen behind in their efforts to work 
DX because of bitter disappointment 
caused by poor performance in the antenna 
department. All too often it is suggested 
that a simple end-fed hunk of wire is ample 
for all-around Novice band operation, or 
that a dipole will suffice for most Novice 
operation. Sure, almost any kind of 
radiator that can be tuned to the operating 
frequency and marched to the impedance 
of the feed line and transmitter will enable 
the operator of a low-power station to 
make some contacts from time to time. It 
depends on how high the system is above 
ground, how free and clear it is of 
surrounding objects that can detune the 
radiator and absorb the energy radiated 
from it, and upon the condition of the band 
at a given time. It should stand as a firm 
rule, then, that any amateur who wants 
good results should erect the best antenna 
system he can, consistent with available 
space, finances and structural practicality. 
It is possible to advance beyond the plateau 
of simple dipoles and random-length wires 
in the quest for better performance, and 
without going to the expense and effort of 
erecting large directional beams such as the 
cubical quad or Yagi. 

What will be described here can be 
applied to any of the high-frequency 
amateur bands. However, the example 
given relates to only the 40-meter Novice 
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band. The antenna is a full-wave loop of 
wire, mounted through necessity at WI FB 
in a rectangular format, and matched with 
a simple quarter-wavelength coaxial 
transformer. It has given excellent per- 
formance in DX work and for making 
“solid” stateside contacts. Total cost for the 
antenna system (wire, matching transform- 
er and insulators) is under $12, exclusive of 
the feed line used to connect the antenna to 
the rig. 


Antenna Features 


Full-wave, closed-loop antennas are 
broadband, low-Q devices. This is a handy 
feature because it permits the operator to 
move his transmitter frequency within a 
particular band without need to compen- 
sate for an increase in standing-wave ratio 
(SWR) which might otherwise occur if 
other types of antennas were used. (The 
higher the Q of an antenna, the narrower its 
bandwidth, even though an SWR of | can 
be obtained at some frequency within the 
band for which it is built.) The foregoing 
tules out the need for a Transmatch with 
the loop antenna, provided the feed 
method recommended here is applied. 

Another interesting feature of this kind 
of antenna is the theoretical gain of 
approximately 2 dB it exhibits over a half- 
wave dipole. The angle of radiation from a 
properly erected full-wave loop is consid- 
ered to be lower than that of a dipole when 
both are less than one-half wavelength 
above ground. This feature suggests the 


superiority of the loop in situations where 
significant height above ground is not a 
practical goal for the chap wishing to put 
up a 40-meter antenna. 

A full-wavelength closed loop need not 
be square. It can be trapezoidal, rectangu- 
lar, circular, or some distorted configura- 
tion in between those shapes. For best 
results, however, the builder should 
attempt to make the loop as square as 
possible. The more rectangular the shape, 
the greater the cancellation of energy in the 
system, and the less effective it will be. The 
effect is similar to that of a dipole whose 
effectiveness becomes impaired as the ends 
of the dipole are brought closer and closer 
together. The practical limit can be seen in 
the “inverted-V” antenna, where a 90- 
degree apex angle between the legs is the 
minimum value used. Angles that are less 
than 90 degrees cause serious cancellation 
of the rf energy. 

The loop can be fed in the center of one 
of the vertical sides if vertical polarization 
is desired. For horizontal polarization it is 
necessary to feed either of the horizontal 
sides at the center. At the time of this 
writing there have been no data compiled 
to provide a comparison between the 
performance, vertical versus horizontal. 
Such an experiment could be interesting 
(and possibly productive) for the Novice. 


Erecting the Antenna 


Optimum directivity occurs at right 
angles to the plane of the loop, or in more 
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Fig. 29 — Details of the full-wave loop. The dimensions given are for operation at the iow end of 40 
meters (7050 kHz). The height above ground was 7 feet (2.13 m) in this instance, though improved 
performance should result if the builder can install the loop higher above ground without sacrificing 
length on the vertical sides, The inset illustrates how a single supporting structure can be used to 
hold the loop in a diamond-shaped configuration. Feeding the diamond at the lower tip provides 
radiation in the horizontal plane. Feeding the system at either side will result in vertical polarization 


of the radiated signal. 


simple terms, broadside from the loop. 
Therefore, one should try to hang the 
system from available supports which will 
enable the antenna to radiate the maxi- 
mum amount in some favored direction. 
The bidirectional pattern is maximized NE 
and SW at the writer's QTH. This gives 
good results in working Europeans and the 
stations “down under.” Excellent signal 
reports have been obtained off the sides of 
the loop when working within the USA. 
Just how the wire is erected will depend 
on what is available in one’s yard. Trees are 
always handy for supporting antennas, and 
in many instances the house is high enough 
to be included in the lineup of solid objects 
from which to hang a radiator. If only one 
supporting structure is available it should 
be a simple matter to put up an A frame or 
pipe mast to use as a remaining support. 
(Also, tower owners see Fig. 29 inset.) 


7.125 (MHz) 


The overall length of the wire used in a 
loop is determined from the formula 


1005 
f (MHz). 


Hence, for operation at 7125 kHz the 
overall wire length will be 141 feet (42.98 
m). The matching transformer, an electri- 
cal quarter wavelength of 75-ohm coax 
cable, can be computed by dividing 234 by 
the operating frequency in MHz, then 
multiplying that number by the velocity 
factor of the cable being used. Thus, for 
operation at 7125 kHz 


ae = 32.84 feet 


If coax with solid polyethylene insula- 
tion is used, a velocity factor of 0,66 must 
be employed. Foam-polyethylene coax has 


a velocity factor of 0.80. Assuming we are 
to use the solid dielectric coax, RG-59/U, 
the length of the matching transformer 
becomes 32.84 (feet) X 0.66 = 21.67 feet, or 
21 feet 8 inches (6.605 m). The transformer 
will convert the 100-ohm feed-point 
impedance of the loop to 50 ohms, a 
convenient value for connecting the system 
to the transmitter. The loop described here 
was measured with the KITD Macro- 
matcher! and found to exhibit an impe- 
dance of 110 ohms. Some inductive 
reactance was indicated. By removing |! 
foot (0.31 m) of wire from the overall loop 
the reactance dropped to zero, though the 
antenna loaded up fine prior to the final 
trimming. The feed impedance at 21 MHz 
was also 110 ohms, but considerable 
inductive reactance was observed. Most 
certainly one could use the antenna on [5 
meters with reasonable success, despite the 
SWR which might be present. 


Results 


During two weeks of testing the loop 
gave an excellent account of itself. It was 
compared with the writer's two-element 
short beam for 40 meters, and the results 
indicated that the loop was better than the 
beam on some occasions. At other times 
the beam provided better performance, or 
was at least equal to the loop. The 
differences noted were the result of band 
conditions and the time of day. High-angle 
signals can cause misleading results when 
comparing antennas for hf-band use. More 
meaningful tests can be made on ground- 
wave contacts, however, and several checks 
made between the loop and the beam 
indicated that radiation at right angles to 
the plane of the loop compared closely with 
that from the front of the beam. The beam 
is rotatable and installed 40 feet (12.19 m) 
above ground. 

With 150 watts de input to the transmit- 
ter PA, and operating at the low end of 
40 meters (loop was cut for 7050 kHz), the 
first night of operation resulted in the 
logging of three Russian stations, two 
Polish ones, two Yugoslavians, one Italian 
station and two English ones. The lowest 
report was RST 549. The highest report 
was RST 599. Generally speaking, the loop 
has outperformed the beam during most 
long-haul contacts, Though no effort has 
yet been made to work South American 
stations (off the side of the loop), they have 
been heard loud and clear, as have some 
VK stations via long path at approximately 
2300 UTC. 

It is quite likely that the Novice who 
chooses to erect his own Novi-Loop will 
have a commanding signal on 40 meters. If 
backyard space permits, it should be a 
worthwhile venture. Don’t forget, the 
formulas and guidelines given here are 
applicable to the other hf Novice bands as 
well. This material was originally presented 
in OST by Doug DeMaw, WIFB. 


'Hall, “The Macromatcher,” QST, January 1972. 
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Chapter 5 


Antenna Theory and Test 


Methods 


In order to obtain top performance from a 
given style of amateur antenna, it is 
important to understand the basic princi- 
ples of operation. Additionally, some test 
procedures are necessary if one is to ensure 


that his or her antenna is functioning at its 
best. This chapter contains assorted data 
on antenna theory, plus a number of 
common-sense test methods. 

These reprints of popular QST articles 


Quad vs. Triband Yagi 


were chosen for all amateurs, regardless of 
their technical-aptitude levels. There’s 
something to honor in the phrase, “Learn 
by doing.” This chapter will help to make 
that philosophy a reality. 


The controversy about quads working better than Yagis, or vice versa, may 
never end. But, we'll bet our newest roll of RG-8/U that you'll find some 
interesting reading on the subject in this report. 


Waive stationed in Japan, a sort of DX 
crossroads of the world, this writer had the 
opportunity to observe, firsthand, the 
excellent performance of the cubical quad 
in competition with the Yagi, dipoles and 
an assortment of other antenna systems. In 
pursuing this undertaking certain steps 
were necessary to insure than any conclu- 
sions made would be meaningful. With this 
in mind a play emerged. 


Objectives 


In the many articles written on the 
cubical quad, it is noteworthy that only on 
a few occasions have the authors been 
privileged to compare the quad with other 
types of antennas on a real-time basis, and 
from the same operating location. Further- 
more, when such comparisons were made, 
the authors generally compared against 
some type of monoband antenna system. A 
casual scanning of the 10-, 15- and 20- 
meter phone bands would lead one to 
conclude that the triband Yagi enjoys a 
rather high position of popularity among 
the antennas in general use. This being the 
case, it appeared that a worthwhile 
contribution to the data already available 
on the Yagi and quad might be made by 
conducting a series of controlled compara- 
tive tests, employing the triband Yagi and 
the quad. The test objectives were then 
defined: to compare various configurations 
of a cubical quad antenna with a represent- 
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Table 1 
Mod. Mod. Mod. Mod. 
1 2 3 4 
Reflector 
Element 72'3" 704" 72'S" 72’5" 
Driven 
Element 69" 70'4” 70'S’ 70'5" 
Director 
Element — _ - 69'1 
Spacing 
bi. 7'6-1/2" 8'5" 13’4" 13 
Spacing 
"B” > = a, 13" 
Stub 20-30" 34-38" — = 


Feet X 0.3048 = m. 
Inches X 25.4 = mm, 


ative commercial triband Yagi; such tests 
to be conducted over short, medium, and 
long transmission paths, and to arrive at 
conclusions regarding the relative merits of 
each antenna. 


Test Plan and Procedure 


Every effort was made to conduct the 
tests in a manner which would lessen the 
possibility of compromising the techniques 
employed by either the writer or participat- 
ing stations: 

1) The test to be performed by establish- 
ing communications with Amateur Radio 
stations located throughout the world ona 
random and scheduled basis. 


2) Amateur Radio stations volunteering 
to assist in this effort to be briefed on 
conduct of test and data desired. 

3) A voice ssb transmission to be made 
to the participating station, identifying the 
first antenna used as antenna “A .” 

4) The voice transmission to be followed 
immediately by an unmodulated carrier for 
a period of approximately 5 seconds. 

5) The antennas would be switched, and 
a voice transmission made identifying the 
antenna as “B,” and the procedures above 
repeated. 

6) Participating stations will note signal 
Strength related to each antenna, and 
provide a numerical value as observed on 
his S meter or other indicating device. 
These values to be logged, and the test 
reinitiated with another volunteer station. 


Equipment Preparation 


1) Antenna heights to be as nearly 
identical as possible. 

2) Center of antenna horizontal lobe 
patterns to be as nearly identical as possible 
when pointing the antennas toward a 
participating station. 

3) Resonant frequency of each antenna 
to be matched as closely as possible. 

4) Transmission lines to be matched to 
antennas and transmitter loading to be as 
nearly identical as possible with each 
antenna. 

5) Instantaneous transfer of antennas. 


6) Relative power and SWR to be 
monitored continuously. 

7) Prior to and after each data gathering 
session, equipment parameters will be 
verified. If a significant deviation in any 
parameter is noted, data collected will be 
discarded. 

Antenna performance conclusions to be 
based on an analysis of data derived froma 
minimum of 50 unmodulated-carrier 
observations with each antenna configura- 


much deliberation, and many discussions 
with amateurs throughout the world, the 
decision was made to test three models of 
the quad (a fourth mode! was tested as will 
be noted later). Since the physical charac- 
teristics of the quad are fairly standard, 
only the dimensions of the elements and the 
spacing between them was considered. The 
dimensions for the three models tested 
were obtained from a Japanese manufac- 
turer of cubical quads, from Orr’s book, 





Table 2 

Mod. 1 
Total Observations 50 
Less than 2100 miles 12 
2100 to 4800 miles 33 
Greater than 4800 miles 5 
Signal Difference 
More than 1 S unit better _ 
Less than 1 S unit better - 
No discernible difference 1 
Less than 1 S unit poorer 27 
More than 1 S unit poorer 22 


Mod. 2 Mod. 3 Mod. 4 
60 60 52 

2 3 3 

31 33 32 

27 24 17 

_ 7 3 

5 51 43 

46 2 - 

9 = an 





tion, and supplemented with data gathered 
during conventional ssb QSOs. 


Antenna Selection 


This writer had been using a four- 
element commercial triband Yagi (boom 
length 24 feet [7.32 m], and 55 feet [16.76 
m] above ground) for approximately 1-1/2 
years, so the properties of this antenna 
were fairly well established. Furthermore, 
in on-the-air comparisons with competitive 
models of triband Yagis in use by other 
U.S. amateurs operating from the Tokyo 
area, the antenna appeared representative 
of commercial triband antennas in general 
use by the amateur community. Therefore, 
the Yagi in use at the author’s station was 
selected as the reference antenna. 

Text material concerning quad anten- 
nas, available to the author in Japan, was 
reviewed. It became evident that there are 
almost as many variations in quad design 
as there are writers on the subject. After 
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Fig. 1 — Element spacing information for 
Table 1. 





All About Cubical Quad Antennas,' and 
from Dr., J. E. Lindsay, Jr., WQHJ.? 


Preliminary Testing 

Several days were spent “dry running” 
the test plan to validate the concept, and to 
smooth out the operating procedures and 
techniques. Of particular concern was the 
possible time required to make a valid 
data-gathering observation. If data were to 
be reasonably accurate, the transmission 
path had to be stable, and the signal- 
strength observations must be taken on 
each antenna during a short period of time. 
The dry runs were valuable in this respect. 

A problem became evident during the 
first day of testing. It appears that those of 
us who speak and understand English do 
not always convey the same message when 
using the same words. As a result it was 
necessary to modify the verbal format, 
utilizing simple sentences and placing them 
in a logical sequence. 

It also became apparent that the test 
could not be conducted under all transmis- 
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Antenna Theory and Test Methods 


sion-path conditions; that even under ideal 
conditions several observations were often 
necessary before a conclusive report could 
be compiled. It was decided to conduct the 
tests only on 20 meters. The operating time 
available to the writer favored openings on 
20 meters to Europe via the long path, and 
to Australia, the U.S. and various islands 
in the Pacific. It was also decided to orient 
the test antennas so that the topography 
and obstructions seen by each antenna 
would be essentially the same. (Physical 
separation between the two antennas was 
in the order of one wavelength.) 


Testing 


Dimensions of the first quad model 
selected were furnished by a Japanese 
manufacturer of cubical-quad antennas, 
(see Table 1). The antenna was assembled, 
utilizing commercially manufactured 
heavy-duty hardware and fiberglass 
spreaders. It was tuned to a center 
frequency of 14,200 kHz. Testing of the 
first model began in November 1967 and 
continued for one month. The results for 
this period are given in Table 2. 

In mid-December 1967 the first quad 
was replaced by a model constructed 
according to the formula and dimensions 
given in Orr’s book. The results obtained 
with model 2 are contained in Table 2. 

Construction of the third model (with 
wider element spacing) was carried out 
next, Two matching systems (Gamma and 
Q-section) were experimented with on this 
antenna. A satisfactory match could be had 
with either system. However, the Q-section 
was used for the test because it was the 
technique used with the previous two quad 
models (SWR with each antenna was never 
more than 1.3:] with a difference between 
antennas no greater than 0.1). The results 
conducted with this model were most 
enlightening, as shown in Table 2. The 
model antenna was also used extensively 
during the first weekend of the 1968 ARRL 
DX Contest. Though these contacts were 
not used in tabulating test samplings, it is 
interesting to observe that openings to the 
U.S. (using the quad) lasted 15 to 30 
minutes longer on each end of the period 
than with the Yagi. It is assumed that this 
phenomenon would also apply to each of 
the other quad models. 

The fourth quad tested was a 3-element 
wide-spaced model constructed according 
to more dimensions furnished by W@HJ. 
The results of the samplings were some- 
what disappointing and are given in Table 
2. (Frankly, the author felt that the 3- 
element quad would show a substantial 
improvement over the Yagi in every case.) 
The 3-element model did appear to have a 
better front-to-back and front-to-side ratio 
than either the Yagi or the other quad 
models. One positive comment: The 3- 
element model is a monster to assemble 
and put up! In the author’s opinion the 
difference in performance isn’t worth the 
small improvement. Perhaps, on the other 
hand, if one accepts the 2-element model as 
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the departure point between a simple 
mechanical structure and a major project, a 
4-element model might be more worth the 
effort. However, this is purely conjecture 
on the part of the author. 


Summary 


The antenna tests indicate that: 

1) One can expect to achieve the same or 
better results with a 2-element quad of 
proper dimensions than with a 3- or 4- 
element triband Yagi. 

2) A wide-spaced quad will perform 


substantially better than a close-spaced 
quad. 

3) Dollar for dollar, the quad appears to 
be a better investment than a Yagi. 
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High Versus Low Antennas Performance 
Tests Using Identical Arrays 


This section compares the performances of identical antennas mounted side- 
by-side at different heights, and produces some experimental evidence to 
support the practical importance of antenna height for most types of Amateur 


Radio communication. 


tt 

i» higher the better” is the tradi- 
tional rule of thumb for ham radio 
antennas. Few amateurs would disagree 
with this axiom, and most experienced 
antenna builders can recall how much 
better they got out after “raising the beam 
another 15 feet (4.57 m).” However, few 
empirical studies of the effect of antenna 
height on signal strength have been 
published in amateur circles. 

This is unforunate, since several ama- 
teurs have studied the question methodi- 
cally, including Dr. J. E. Lindsay, who has 
now published his definitive treatise on 
quads and Yagis' but not his excellent 
work in this area. And while both The 
ARRL Antenna Book and Orr's Beam 
Antenna Handbook? discuss the impor- 
tance of antenna height in theoretical 
terms, neither reports the results of 
practical studies in the field. 

With this in mind, the author set out to 
study the effect of height on signal strength 
at various distances, on several bands, and 
with various forms of propagation. Only 
amateur equipment was available for the 
study, but in other respects, the author 
strived to keep the methodology as 
rigorous as possible. 


The Method 

The author's approach was to erect 
identical antennas atop two towers of 
different heights and obtain comparative 
signal reports — with some safeguards to 
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The two cubical quads used by the author to 
study the effects of antenna height on 
performance. The antenna at right is atop a 34- 
foot (10,36 m) tilt-over mast described by the 
author in June 1969 QST. The quad at left is on 
a 72-foot (21.95 m) tower. 


minimize reporting errors and to assure 
proper statistical treatment for the result- 
ing data. For the main tests, one tower was 
72 feet (21.95 m) high (the practical 
maximum for the author's residential 


backyard at the time of the tests), while the 
other stood 34 feet (10.36 m) high (about 
the minimum usable height for DX work, 
according to Orr). The two towers were 
placed as far apart as possible without 
trespassing — about 50 feet (15.24 m). 
With this separation, no interaction was 
evident on any band. 

A pair of 2-element cubical quads were 
selected for the 10-, 15- and 20-meter 
experiments. Each had an eight-foot (2.44 
m) boom with all elements mounted 
concentrically on two sets of spreaders, and 
each antenna was fed with a single feed line 
(85 feet [25.9 m] of RG-8/ U in both cases). 
This design obviously involves some 
compromises in element spacing and 
impedance matching, but both quads 
developed good SWR curves and front-to- 
back ratios when tuned. And, more 
important for ourstudy, whatever compro- 
mises existed were essentially the same for 
both the high and low antennas. 

It became apparent during the tests that 
many amateurs regard cubical quads as 
exceptional performers at low heights, but 
(unlike Yagis) not much better if raised 
higher. This popular impression is contrary 
to Lindsay's findings, which suggest that 
quads and Yagis respond quite comparably 
to changes in their height. Accepting 
Lindsay’s conclusions, we assumed that 
our findings would be roughly the same if 
Yagis had been used for the primary 
experiments. 





Table 3 
Comparative Performance Data for High and Low Antennas 
No. 
No. favoring high 
Band/path reports antenna 
20/DX 16 16 
20/U.S. 18 15 
15/DX 12 12 
15/U.S. 36 20 
15/ground- 
wave 12 12 
10/DX 8 7 
6/ground- 
wave 5 5 
6/E-skip 10 2 
2/ground- 
wave 16 16 


No. No. Mean 
favoring low reporting high-antenna 
antenna no difference advantage 

0 0 2.1 S units 
0 3 1.4 S units 
0 0 1.8 S units 

0 16 0.9 S units 
0 0 2.2 S units 

0 1 1 Sunit 

0 0 2 S units 

7 1 -1.3 S units 
0 0 3.3 S units 





The author wanted to determine how 
well high and low antennas would perform 
not only on DX work, but on “Stateside” 
F-layer communications, ground-wave 
work, and E-skip as well. Thus, separate 
tabulations were kept for DX reports (i.e., 
those from stations more than 4000 miles 
away) and for reports from “Stateside” 
stations (i.e., F-layer reports over 1500— 
3000-mile paths) on each frequency band.? 
The author was careful to avoid seeking 
reports during anything that resembled an 
E-skip opening on 10, 15, and 20 meters, in 
the interest of studying E skip vs. antenna 
height separately on 6 meters. 

To study the effect of height on vhf 
groundwave signals, the author replaced 
the cubical quads on the two towers with 
two pairs of seven-element 2-meter Yagis, 
each fed in phase with ratio-dipole driven 
elements. A move to a new home prevented 
the use of the same two towers for 6-meter 
experiments, but the author later set up 
two 3-element 6-meter Yagis — one atop a 
new 90-foot (27.43 m) tower, and the other 
on a 42-footer (12.8 m) — to continue the 
study. 

On each band, the tests were conducted 
on ssb (except on 2 meters, where a-m was 
used), with an audio tone serving as a 
reference signal. The author switched 
between the high and low antennas 
repeatedly on each test, in an effort to 
counteract the effects of QSB. 

This test procedure does introduce some 
sources of error, including the variability of 
hams’ skills in observing the results, and 
the lack of receiver S-meter standardiza- 
tion. To cope with this kind of sampling 
fluctuation, the author obtained a number 
of reports on each band and then used t- 
distribution statistical methodology to 
evaluate the resulting data. Even with these 
efforts to make the study as rigorous as 
possible, however, the author makes no 
claim to finality for the results obtained. 
The findings on each band did prove to be 
statistically significant (at the 0.05 level of 
significance or better), but you don’t 
“prove” things or arrive at exact parame- 
ters this way. The only claim the author 
makes for his results is that they suggest 
general trends that will probably be 
confirmed if this study is replicated 


elsewhere. There is no implication here that 
a 72-foot (21.95 m) high antenna produces 
“12-dB gain” over a 34-foot (10.36 m) -high 
antenna in 20-meter DX work just because 
the mean advantage in our tests was about 
two S units in this instance. 


The Results 


The results of these tests, summarized in 
the accompanying table, were interesting in 
several respects. With the exception of one 
case on 10 meters, every single DX station 
reported a substantially better signal from 
the high quad than the low one. This is 
thoroughly predicted in the literature, but 
we also found that the high quad produced 
a significantly stronger signal (taking the 
mean, or average, figure) on “Stateside” 
work. And on ground-wave work, the high 
antennas were absolutely consistent in 
outperforming lower ones. However, E- 
skip contacts proved to be another story, a 
point to be covered in detail later, The 
mean advantage of the high quad over the 
low quad in DX work was 2.1 S units on 20 
meters, 1.8 S units on 15, and one § unit on 
the 10-meter band. 

Since the author’s linear amplifier (a 
commercial unit using two 3-400Zs) 
produces a signal gain of about two S units 
over the exciter alone on most S meters, it 
became apparent that many DX stations 
could not distinguish the kilowatt feeding 
the lower quad from the exciter “barefoot” 
with the higher array. The implications of 
this dramatic difference in signal strength 
for DX-contest operations are obvious: 
it’s no wonder the “big guns” using 
antennas 130 feet (39.62 m) high get 
through the pileups quickly, with or 
without big linears. 

On Stateside F-iayer work, the pattern 
was less consistent, although the high array 
continued to hold a significant edge. While 
a majority of the reports still favored the 
high quad by one or two S units, more than 
a third of the stations dissented, reporting 
equal or virtually equal signals from the 
two quads. No one reported a stronger 
signal from the lower antenna, perhaps 
because of the author's effort to avoid E- 
ship contacts in this phase of the study. The 
mean advantage of the higher quad was 1.4 
S units on 20-meter Stateside work, and 0.9 
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S unit on 15 — still a substantial advan- 
tage, but not enough to render a low 
antenna useless for portable work, as 
generations of Field Day operators can 
attest. In fact, the author previously 
described a portable quad‘ that stood only 
19 feet (5.79 m) high, but nevertheless 
worked very well for “back-home” contacts 
during a long vacation. An antenna only 19 
feet (5.97 m) high is clearly undesirable, but 
if higher antennas are not feasible, much 
successful hamming can still be done. (This 
is especially true on an occasion like Field 
Day, when almost everyone's antenna is 
low, and the few beams that are 40 [12.19 
m] or more feet high seem to dominate the 
bands; if the competition is using a low 
antenna you can too!) 


Ground-wave Tests 


Although the plan was to study the effect 
of antenna height on ground-wave com- 
munication only on vhf bands, a number of 
stations within 100 miles volunteered 
reports on the hf bands. These reports were 
not tabulated except on 15 meters, but they 
consistently favored the higher array by at 
least two S units. 

In the vhf experiments, height again 
proved decisive for gound-wave work. On 
both 2 and 6 meters, every station favored 
the high antenna. On two meters, the mean 
advantage was an amazing 3.3 S$ units. 
Surprisingly, the higher array appeared to 
be equally superior on contacts with San 
Bernardino-Riverside stations (some 30 
miles from Beaumont, CA, where these 
tests were conducted) and on contacts into 
the Los Angeles basin (almost 100 miles 
away).> 

After moving and acquiring the 90-foot 
(27.43 m) tower, the author put a single 7- 
element 2-meter Yagi up and took an S- 
meter reading on a nearby repeater with the 
new tower cranked down. As the tower 
ascended to its full height, the signal rose 
from S8 to 15 dB over S9 on a popular 
transceiver's S meter. 

On 6 meters, only a few ground-wave 
tests were conducted, but the results were 
similar: Everyone favored the higher 
antenna substantially. 


6-Meter E-Skip Tests 


However, on 6-meter E skip an entirely 
different relationship developed; The /ower 
antenna had the advantage in seven out of 
10 tests during single-hop openings.® Only 
one station favored the high antenna, and 
the low array had a mean advantage of 1.3 
S units over the high array! 

Although this finding is surprising and 
contrary to every other test conducted, it is 
consistent with the one previous practical 
study of antenna height vs. signal strength 
the author could locate in ham radio 
literature. Working in the late 1940s, Leroy 
May’ set up identical 6-meter Yagis at 
heights of 35 and 75 feet (10.67 and 22.8 m), 
and compared 350 received signals on the 
two arrays. He found that the low array 
was superior for distances below 1000 miles 
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while the higher array began to pull ahead 
at distances exceeding 1100 miles. 

The author made no attempt to fully 
replicate May’s work, but all of our 6-meter 
E-skip experience supports him: For 
contacts into many major cities from 
greater Los Angeles, a high antenna is a 
handicap! Much to his chagrin, the author 
has frequently seen his 90-foot (27.43 m) - 
high Yagi outperformed on 6-meter E skip 
by a beam sitting 10 feet (3.05 m) above 
somebody's roof on a TV mast. 


Conclusions and Recommendations 


It is customary when reporting a study 
such as this to conclude by summarizing 
the findings and making some recommen- 
dations. The conclusion here must be that, 
for every application except E-skip work, 
there are worthwhile advantages of having 


an antenna at least 70 feet (21.34 m) high. 
This height advantage is most pronounced 
on ground-wave and long-haul DX work. 

The only logical recommendation we 
can make, then, is that all hams should own 
towers 70 feet (21.34 m) high. May all of the 
XYLs, frightened neighbors, bill collec- 
tors, and zoning-conscious city officials of 
the world forgive us! 

Alternately, maybe we should suggest 
that all hams (except the author) use 35- 
foot (10.67 m) towers to give the author a 
better chance in DX contests. Or better yet, 
how about an antenna-height multiplier 
for the DX contests? Let’s see, that’s 1.5 if 
your antenna is below 75 feet (22.86 m), 2.0 
if it’s below 40 feet (12.19 m), and 3.0if you 
bury it in the ground... This material was 
originally presented in OST by Wayne E. 
Overbeck, N6NB. 
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Limited-Space Antennas and Methods Of 


Coupling 


When short, random-length wire antennas prove disappointing, chances are the 
installer didn’t follow a few basic rules for good performance. These tips should 
lead the way to better results with “randoms.” 


C2. very popular type of antenna, 
probably because of its simplicity, is a wire 
of either a predetermined or random 
length, fed at one end. It is common 
procedure among amateurs these days to 
refer to such an antenna as a “long wire.” 
Actually, this term is usually incorrect 
because, by definition, a long-wire antenna 
is a wire that is several wavelengths long at 
the operating frequency. But no matter 
what you call it, the end-fed wire can be a 
very simple antenna to put up and use, if 
certain steps are taken. 


Transmitter Loads 


Nearly all transmitters described these 
days are designed to work into 50- to 70- 
ohm loads, with little thought given to any 
load that departs very far from these 
figures. If the load is something different 
than the above figure it may be impossible 
to get the amplifier in a transmitter to load 
up. In order for the final amplifier stage to 
operate at its best efficiency, the load (the 
antenna system) must be within the design 
range of the amplifier. 

An end-fed wire may present a load of 50 
to 70 ohms, but if it does it will be a case of 
pure luck on the part of the user — and 
what’s more important, that load won't 
stay the same across a band. In other 
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The completed transmatch with the 80/40-meter coil plugged in. At the rear is the 20-meter coil and 
the 10/15-meter unit is to the front. In regular operation, the antenna would be attached to the 
standoff insulator at the top rear of the chassis. The clip lead visible below the coil is the one 


attached to the jack bar. 


Voyager 1 
(from NASA P23870) 


~——~ Interaction at ring tip 
demonstrates that no imaging malfunction exists, and that 
ine rings proper are not cut off by image framing. 


Figure 4: Figure 2 with brightness applied 
selectively to ring system only. 





The wiring below deck. At the rear of the chassis is 
the chassis. 


FEED~ 
La POINT 
LOAD 


> 
TRANSMATCH 


I 
SO-QHM COAXIAL CABLE 


EARTH 
GROUND 





Fig. 3 — This block diagram shows the set-up 
for using a Transmatch. Not shown is an 
antenna relay which normally would be inserted 
in the coaxial line. If a low-pass filter is used, it 
should be the last item in the line before the 
Transmatch. 


words, the antenna will present a 50- to 70- 
ohm load for only a very limited frequency 
range. Once we QSY the load may change 
to where it is no longer within the tuning 
range of the amplifier. Our problem boils 
down to having the transmitter a/ways see a 
load of 50 to 70 ohms, regardless of the 
band or frequency in use. This in turn 
means we must make the antenna system 
look like a 50- to 70-ohm load, no matter 
which band we use it on. 


The Transmatch, an Adjustable RF 
Transformer 


Let’s make one point clear about end-fed 
wires, or any antenna, for that matter: 
There is no way of predicting what the feed- 
point impedance (load) will be before 
making and installing the antenna. We can 


the Varimatcher section, C2 is at the left front of 


come close, but there are many factors that 
get into the act to determine what the 
impedance will be. The antenna’s height, its 
proximity to nearby objects, its length, and 
the antenna’s relation to earth ground are 
just a few of the factors. If we don’t know 
what the feed-point impedance is, how can 
we make the transmitter always work into a 
50-ohm load? The easiest way is to insert a 
Transmatch between the transmitter and 
the feed point. A Transmatch is simply an 
adjustable rf transformer that takes our 
unknown feed-point load and converts it to 
a desired load, 50 ohms in the case shown in 
Fig. 3. 

Note in Fig. 3 that we show a random- 
length antenna and an earth ground 
connection, In this case, our unknown load 
exists between the end of the antenna and 
ground. On the transmitter side of the 
Transmatch we have 50-ohm coaxial cable 
and inserted in this cable is a 50-ohm 
reflectometer or SWR (standing-wave- 
ratio) bridge. The reflectometer is simply a 
measuring instrument that tells us when 
our Transmatch is properly adjusted to 
convert our unknown load to a 50-ohm 
load. If the Transmatch has adequate 
matching range, we can convert any feed- 
point load to 50 ohms. And this means that 
we can take any random length wire and 
make a working antenna out of it for any 
amateur band or frequency. There are 
some practical limits as to how short a wire 
we can use, but actually the antenna can be 
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EXCEPT AS INDICATED, DECIMAL VALUES OF 


CAPACITANCE ARE IN MICROFARADS | pF) ; 
OTHERS ARE IN PICOFARADS {pF OR pyr), 


RESISTANCES ARE IN OHMS | 
k«# 1000, M*t000 O00. 


C2 — 150-pF variable (Millen 19140 or similar). 

D1, D2 — 1N34A germanium diode. 

J1 — Coax chassis fitting, type SO-239., 

L1, L2 — See Fig. 7. 

L3, L4 — See Fig. 6. 

C1 — 150-pF variable, (air gap 0.077 inch [2 
mm) or larger for high power, Millen 12515 
or similar; air gap 0.040 inch [1 mm] for low 
power, Millen 19140W or similar). 

M1 — 0-1 milliammeter (more sensitive meter 
can be used). 

Ri — 50-ohms, 1/2-watt carbon or composi- 
tion, not wire-wound, 

,R2 — 50 kf control, linear taper. 

S1 — Single-pole, single-throw toggle switch. 








Fig. 4 — Circuit diagram of the Transmatch and 
Varimatcher. Ali 0.001-uF capacitors are disk 
ceramic. 


quite short in relation to a wavelength and 
still work. 


Limited-Space Antennas 


Many hams live in apartments or loca- 
tions where it is impossible to put up an 
“antenna farm” or even a half-wave dipole 
for 80 or 40 meters. Random-length wires 
are sometimes the best bet in these 
circumstances. For hams who live under 
such conditions there are some general 
rules that can be followed for best 
performance. If possible, always get the 
antenna up on the roof. If not, get the 
antenna as high as possible. Make the wire 
as long as possible, even if it has to go 
around corners. Don’t overlook existing 
antenna possibilities, such as rain gutters 
or roof flashing. In a moment we are going 
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to describe a Transmatch that can be used 
to couple practically any wire or metal 
structure to the transmitter, including rain 
gutters. 

If it is impossible to get an outdoor 
antenna up (and don’t overlook “invisible” 
antennas'), an indoor antenna will work, 
but not as well as an outdoor one. With the 
Transmatch to be described, you canruna 
wire around the ceiling molding and couple 
the wire to the rig, maintaining that 50- 
ohm load we mentioned earlier. When you 
hear hams talking about loading up the bed 
spring, don’t laugh — many a ham has 
made contacts that way. All you need is 
some method of coupling the bed spring to 
the rig; that’s what our Transmatch will do. 


The Transmatch 


Shown in Fig. 4 is the circuit for a 
Transmatch that will do the job we've been 
talking about. This unit will match 
practically any wire to our 50-ohm rigs on 
any band from 80 through 10 meters. 
Depending on which capacitor plate 
spacing you use for Cl the Transmatch can 
be used for Novice powers or up to the legal 
limit of 1 kW. Actually, the closer-spaced 
capacitor will handle 200 watts or so. The 
same type coil stock is used for either 
power level, high or low. 

Also included in the Transmatch shown 
in Fig. 4 and the photographs is an SWR 
bridge. This is a necessary item in order to 
know when the Transmatch is correctly 
adjusted. If you already have a Monimatch 
or reflectometer, the unit described can be 
eliminated from the Transmatch. 

With the random-wire antenna we'll be 
dealing with various loads, depending on 
the frequency and band in use. Shown in 
Fig. 5 are the three basic circuit configura- 
tions used with the Transmatch. The circuit 
can be changed to conform with type A, B, 
or C by reversing the plug-in coil in the jack 
bar or by changing the capacitor Cl from 
the output side of the Lconfiguration, asin 
B, to the input side, as in C. The capacitor is 
changed by means of a clip lead connected 
to the stator. 

Some loads may require the circuit setup 
of A. In this configuration, a link-coupled 
parallel-tuned circuit is used, the antenna 
being tapped onto LI. 


Construction Details 


The chassis used to hold the parts is 2X7 
X 9 inches (51 mm X 178 mm X 229 mm) 
and the panel measures 7 X 9 inches (178 
mm X 229 mm). Any chassis large enough 
to hold the parts can be used. Cl and the 
jack bar for the plug-in coils are mounted 
on top the chassis, and the Varimatcher 
reflectometer and C2 are mounted below 


‘Any wire that is no, 28 or smaller is practically 
impossible to see when strung up as an antenna. 
Many hams use “invisible” antennas to prevent a 
touchy landlord situation. 
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Fig. 5 — Three possible configurations with the 
Transmatch as described in the text. To set up 
types B or C the plug-in coil is reversed in the 
jack bar and terminal no. 3 of the jack is clipped 
to terminal no, 2. 


the chassis top. The remaining components 
are mounted on the chassis front. 

A 4-inch (102 mm) length of RG-58/U 
coaxial cable is used for the pickup and 
conductor sections of the SWR bridge. 
Details for making this section are given in 
Fig. 6, Study these details and the 
photograph of the bottom view carefully 
before starting construction. The black 
outer covering of the coax is removed, 
leaving the braid and inner conductor with 
its insulation. The outer braid will be L3 
and the inner conductor L4. You'll notice 
that there is an open area at the center of 
the coax braid. This is to allow room for 
the connection of one end of the 50-ohm 
resistor to the center of the inner part of the 
coaxial line. Use a probe or pointed 
instrument to open up the area in the braid 
and then carefully tin the edges of the 
opening with solder so as to prevent any of 
the hair-like wires from shorting to the 
resistor lead or inner conductor. The ends 
of the braid can be wrapped with a few 
turns of solid wire and tinned. The wire 
ends will provide a support for the 
connection to the feed-through terminal 
and the inner pin of J1, 

The metal trough that houses the bridge 
section is made from a piece of copper 


flashing, although tin or aluminum could 
be used. It is a good idea to drill the holes 
for Jl and the feed-through bushing before 
bending up the trough intoa U. Also, when 
soldering the leads for the diodes, DI and 
D2, use a heat sink between the body of 
diode and the point being soldered, 
because too much heat can ruin the diode. 


Using the Transmatch 


In making the antenna, shoot for a 
length of at least 1/4 wavelength at the 
lowest operating frequency. In other 
words, if you plan on working 80 meters as 
the lowest band, then the antenna should 
be 60 feet (18.29 m) long, at least. This 
doesn’t mean that shorter wires won’t work 
— they will, but not nearly as well. A lot of 
hams will say they can’t get up a length of 
60 feet! The wire doesn’t have to run 
straight. You can go around corners, up 
and down, or what have you. The impor- 
tant point is to get up as much wire as 
possible. 

By the same token, many hams think 
(mistakenly) that they have to have a good 
earth ground connection in order for their 
station to work. It’s fine if you have one but 
if you don’t, forget it. If you have access to 
a water pipe or other earth ground 
connection make a connection to the rig 
and the Transmatch, but if you can’t, don’t 
worry. The antenna will still work. 

With the antenna connected and the rig 
on the desired frequency, feed enough 
power through the system to get at least a 
half-scale reading on the Varimatcher 
meter, and have the Transmatch set up as 
in (A). Tap the antenna onto the first turn 
of the coil LI at the “hot” end, or end 
opposite the ground. Incidentally, always 
turn the rig off when making any adjust- 
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Fig. 6 — Constructional details of the 
Varimatcher bridge section. The braided portion 
of the coax is L3 and the inner portion is L4. 


ments on the Transmatch. There may not 
be any dc voltages present but some very, 
very high rf voltages can be developed on 
the Transmatch coils and can cause a nasty 
rf burn. 

With the antenna tapped on near the hot 
end of L1 switch SI to read reflected power 
and adjust Cl and C2 fora dip or minimum 
reading. If you cannot get the reflected 
reading down to zero, or close to it, turn off 
the power and move the antenna tap closer 
to the ground end of the coil. You'll 
eventually find a tap point that will give a 
reading of zero in the reflected position 
versus full scale in the forward position of 
$1. If you find that the tap point on L1 is 
very close, say within 25 percent, to the 
ground end, you may want to try configu- 
ration B or C. 

In eight of these configurations, start at 
the antenna end of the coil and, using 
another short clip lead, short out turns or 
portions of turns as you move the antenna 
tap towards the transmitter end of the 
circuit. In other words, the antenna is 
always on the end of the coil, but you may 
have some of the coil shorted out in order 
to get a match as indicated by M1. 

Once you get a match for any given 
band, make a chart of the taps and so forth 
so you can return to the setup when you 
change bands. 

The main reason for using configura- 
tions B and C is that if the antenna is 
tapped near ground on LI inconfiguration 
A, extremely high rf voltages can develop 
across Cl even with Novice powers. We 
don’t recommend playing around with 





CUT WIRE AND = 1/2 TURN 


Fig. 7 — The 80/40-meter coil. To use the coil 
on 40 meters, short out 10 turns, counting from 
the “A" end of the coil. Shorting clips should be 
copper and the shorting leads should be 
insulated. Coil stock is no. 14 wire, 8 turns per 
inch (25 mm), 2-1/2 inches (64 mm) in diameter 
(Air Dux 2008T, B & W 3906-1, or Polycoils 
1775). 

The 20-meter coil consists of 4 turns of no. 12 
solid wire, 2-1/2 inches in diameter, with the 
turns spaced so that L1 is 1-1/2 inches (38 mm) 
long. L2 is one turn of no. 12, same diameter as 
L1, spaced 1/2 inch (13 mm) from the end of L1. 
The 15/10-meter L1 coil is 2 turns of no. 12 
solid wire, 2-1/2 inches (64 mm) in diameter, 
turns spaced to cover 1-1/2 inches (38 mm). L2 
is a single turn, same diameter as L1, spaced 
1/2 inch (13 mm) from L1. 

All coils are mounted on Millen type 40305 
plugs and the socket (jack bar) is a Millen 
41305. See G. R. Whitehouse ads in QST. 


“arcs” from coils but it might be wise to 
prove to yourself just how much voltage 
can be developed. With the antenna tapped 


near the ground end of LI, take a pencil 
and hold it by the wood, not at the eraser 
end but in the center. With the key closed 
and the rig loaded up to about 75 watts, 
touch the lead end of the pencil to the stator 
of Cl. You'll quickly see why caution is 
necessary. Such an arc can make a very 
nasty and painful burn. 

If you want to try using antennas that are 
very short for the frequency, such as 10 feet 
(3.05 m) long on 80 meters (similar to a 
mobile whip) certain additional steps may 
be required to obtain a match with the 
Transmatch. When you make the coil for 
80 and 40 meters you'll have some coil 
stock left over. With very short antennas, 
this can be used as a “loading” coil. 
Connect the antenna to one end of the coil 
and connect the other end to the antenna 
terminal on the Transmatch. Then go 
through the tune-up procedure. You may 
have to use a clip lead to short out turns on 
the coil but you'll find a setup that will 
permit matching with the Transmatch. 
Again, avoid coming in contact with the 
series loading coil because very high rf 
voltages can develop in such a setup. 

Some beginners may not be aware of it, 
but a fluorescent lamp or neon bulb will 
light up when in an rf field, if the rf voltage 
is high enough. If you have a fluorescent 
lamp (a burned-out one is OK), the lamp 
can be laid along the antenna wire where it 
leaves the Transmatch. This makes a good 
output indicator, showing when power is 
flowing in the antenna. This material was 
originally presented in QST by Lewis G. 
McCoy, WIICP. 


Off-Center-Loaded Dipole Antennas 


So you can't manage a buried radial system on your city lot, eh? Then why not 
scrap those plans for a vertical antenna and try K1TD’s version of a short 
dipole? Here are the design tips you need. 


n these times when much of our amateur 
population lives in urban areas, the subject 
of shortened antennas for the lower 
frequency amateur bands is a very popular 
one. Physically short ground-mounted 
vertical antennas with lumped-constant 
loading to make them resonant can be 
quite efficient radiators, if a good radial 
system has been installed. This has 
certainly been evidenced in Sevick’s series 
of QST articles! To many amateurs, 
however, the “hitch” in constructing sucha 
system is the installation of a good radial 
system. It must be admitted that for the 
“top” amateur bands, 160 and 80/75 


meters, an efficient system of buried radials 
requires a sizable amount of real estate, 
even for a physically short radiator. On the 
average city-size lot, 50 or 75 by 120 to 150 
feet (15.24 - 22.86 m by 36.58 - 45.72 m), it’s 
almost impossible to install a highly 
efficient radial system for 80/75 meters, 
much less for 160 meters, when structures 
like a house and perhaps a separate garage 
exist. Or to some amateurs, just the 
thought of burying hundreds or maybe 
thousands of feet of wire is enough to turn 
off any enthusiasm for the project. 
What’s the alternative? A dipole type of 
antenna with lunped-constant loading. At 
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modest heights, 30 or 40 feet (9.14 or 12.19 
m), such an antenna will prove to be quite 
satisfactory if it is physically longer than 
about 0.2 wavelength. Shorter lengths may 
also be used, at reduced efficiency. Such an 
antenna can be fed directly with 50-ohm 
coaxial line, and it can be operated with 
no earth ground. (Of course the chassis of 
the transmitter and/or receiver should be 
grounded adequately for protection against 
shock hazard.) 

Nearly all of us are familiar with the 
concept behind the use of inductive loading. 
A vertical antenna which is shorter than a 
quarter wave (or a dipole antenna which is 
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Fig. 8 — A dipole antenna lengthened 
electrically with off-center loading coils. For a 
fixed dimension A, greater efficiency will be 
realized with greater distance B, but as B is 
increased, L must be larger in value to maintain 
resonance. 


shorter than a half wave) will exhibit 
capacitive reactance at its base (or center) 
feed point. To cancel such capacitive 
reactance, a coil having the proper 
inductive reactance may be connected in 
series with the base feed point of the 
vertical. The same result will be obtained 
through the use of two such coils for a 
dipole, one coi] connected in series with 
each half. It is not necessary for the 
inductor to be installed at the feed point, 
however. In fact greater radiating efficien- 
cy results through improved current 
distribution if the inductor is located along 
the radiator some distance away from the 
low-impedance feed point, viz, in the 
manner of a center-loaded mobile whip 
antenna. Fig. 8 shows this concept ex- 
tended to a dipole element, with off-center 
loading. The inductors resonate the 
antenna to the operating frequency, but do 
little actual radiating themselves. (This is in 
contrast to helically wound or continuous- 
ly loaded elements, where a long thin 
inductor is the radiator as well as the 
loading element.) 

In the antenna represented by Fig. 8, 
there are many variable factors to be 
considered when a practical antenna for a 
given frequency is being constructed. Of 
primary consideration from an efficiency 
standpoint is the overall length, shown as 
dimension A. Another consideration for 
efficiency is the distance of the coils from 
center, dimension B. The longer the overall 
length (A), up to a half wave, and the 
farther the loading coils are placed from 
the center (B), the greater is the efficiency 
of the antenna, However, the greater is 
distance B (for a fixed overall antenna 
size), the larger the inductors must be to 
maintain resonance. Theoretically, if the 
coils were placed at the outer ends of the 
dipole, they should be infinite in value to 
maintain resonance. Capacitive loading of 
the ends, either through proximity of the 
antenna to other objects or through the 
addition of capacitance hats, will reduce 
this requirement to a more practical value. 


What Inductance Values? 


As a matter of personal interest, this 
writer has been doing experimental work 
for a number of years with off-center- 
loaded antennas. One big drawback to 
such experimentation was the ever-present 
need for a large amount of cut-and-try 
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where 


L yu = inductance required 
for resonance 
In = natural log 
f = frequency, MHz 
A = overall antenna 
length, feet 


work to arrive at resonance whenever a 
new set of dimensions was to be used. 
Probably the number of pruned-off turns 
from coil stock from such experiments, if 
straightened out and soldered end to end, 
would make up several full-sized half-wave 
antennas for the 160-meter band. There- 
fore, most of the writer’s work of late in this 
area has been in going through paperwork 
exercises, looking for a way whereby at 
least “ball-park” values of inductance 
needed for a particular system could be 
calculated. 

The equation contained in the Mobile 
chapter of The ARRL Antenna Book for 
determining the capacitance of a vertical 
antenna shorter than a quarter wavelength 
looked promising in early computations, 
and, indeed, it became the basis for the 
calculation procedure which finally result- 
ed. This procedure has been found to 
produce results much closer than mere 
“ball-park” values for the necessary 
inductance — for wire antennas “in the 
clear” at moderate heights, the final 
inductance values found by cut-and-try 
pruning for lowest SWR at the desired 
frequency have been so close to the value 
from calculations that a laboratory bridge 
was necessary to measure the difference. 
The results are equally good for elements 
using tubing. Once the needed inductance 
value is determined by calculations, it is 
generally found sufficient to obtain coil 
dimensions from an ARRL L/C/F Calcu- 
lator (see LaPlaca?) or by equation. Any 
significant pruning which has been found 
necessary could always be attributed to 
objects in proximity to the ends of the 
antenna. 

The complete set of calculations is 
expressed in the mathematical relationship 
as Eq. 1, presented here primarily for 
mathematics buffs or those having access 
to electronic computers. This equation 
yields the inductance required, in micro- 
henrys, for single-band resonance of a 
shortened antenna of a particular physical 


B = distance from center 
to each loading coil, 
feet 

D = diameter of radiator, 
inches 





size at a given frequency, for a specific 
position of the loading coils from the center 
of the antenna. To spare the reader the task 
of performing some rather tedious calcula- 
tions, Fig. 9 has been prepared from Eq. 1. 
The curves of the chart have been normal- 
ized, and may be used for any frequency of 
resonance. The chart is based on a half- 
wavelength/ diameter ratio of the radiator 
of approximately 24,000, (This corre- 
sponds to no. 14 wire on 80 meters or no. 8 
wire on 160 meters.) For “thinner” 
conductors, the required inductance will be 
somewhat greater than that determined 
from Fig. 9, and less inductance will be 
required for “thicker” conductors. 

The use of the chart is as follows: At the 
intersection of the appropriate curve from 
the body for dimension A and the proper 
value for the coil position from the 
horizontal scale at the bottom of the chart, 
read the required inductive reactance for 
resonance from the scale at the left. 
Dimensions A and B are shown in Fig. 8, 
and for use with the chart are expressed as 
percentages. Dimension A is taken as 
percent length of the shortened antenna 
with respect to the length of a resonant 
half-wave dipole of the same conductor 
material. Dimension B is taken as the 
percent of coil distance from the feed point 
to the end of the shortened antenna. For 
example, resonating an antenna which is 50 
percent or half the size of a half-wave 
dipole (one-quarter wavelength overall), 
with loading coils positioned midway 
between the feed point and each end (50 
percent out), would require loading coils 
having an inductive reactance of approxi- 
mately 950 ohms at the operating frequen- 
cy. If the antenna is hung “in the clear,” and 
if the length/diameter ratio of the conduc- 
tor is near 24,000, inductance values as 
determined from the chart will be very 
close to actual values required. (Eq. | 
above takes the diameter of the radiator 
into account, and thus may be used for any 
length/diameter ratio.) For practical 
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Fig. 9 — A chart for determining approximate inductance values for off-center-loaded dipoles. At the 
intersection of the appropriate curve from the body of the chart for dimension A and the proper 
value for the coil position from the horizontal scale at the bottom of the chart, read the required 
Inductive reactance for resonance from the scale at left. See Fig. 8 regarding dimensions A and B. 


purposes, dimension B may be taken as 
that distance from the center of the feed- 
point insulator to the inside eye of the 
loading-coil insulator, and dimension Aas 
the eye-to-eye distance inside the end 
insulators (which are not drawn in Fig. 8). 

Proximity of surrounding objects in 
individual installations may require some 
pruning of the coils, and the exact amount 
of final inductance required should be 
determined experimentally. If the antenna 
is hung in inverted-V style, with the ends 
brought near the earth, the required 
inductance will almost always be some- 
what less than that determined from the 
chart or equation. A grid-dip meter, 
Macrornatcher (see Hall and Kaufmann’), 
or SWR indicator may be used during the 
final adjustment procedure. 


Practical Antennas 


Although one might erect an inductively 
loaded antenna that is cut for a single 
amateur band, it is possible to use the 
antenna itself for two, three or more bands 
of operation, if provision is made to lower 
the antenna for band changes. A simple 
rope halyard and pulley arrangement at 
one of the supports will do the trick. Fig. 
10A shows a three-band antenna of this 
nature, for 160, 80 and 20 meters. If the 
insulators shown are left open, with 
nothing bridging them, the antenna is a 


simple half-wave dipole cut for 14.18 MHz. 
(The 48.5-foot [14.78 m] lengths act merely 
as support wires, and have negligible effect 
on operation of the antenna.) If the 
insulators are bridged with short lengths of 
antenna wire, the antenna becomes a 
center-fed 80-meter dipole, resonant at 
about 3.6 MHz. For 160-meter operation 
the 20-meter insulators may be bridged 
with loading coils to resonate the antenna 
at 1.8 MHz, as shown in Fig. 10A. Burndy 
or other manufacturers’ “Servit” type of 
electrical connectors may be used for ease 
in making band changes quickly, as shown 
in Fig. I1. 

The calculation procedure for determin- 
ing loading-coil values for the antenna of 
Fig. 10A, using the chart of Fig. 9, goes like 
this. If operation is desired on 1.8 MHz, the 
length of a full-sized half-wave dipole is 
found from the relationship 468/f to be 
260 feet (79.25 m). The 130-foot (39.62 m) 
length of Fig. [0A represents 50 percent of 
this size, meaning that the dimension-A 
curve marked “50 percent” in Fig. 9 is to be 
used. The position of the coils is 16.5/(16.5 
+ 48.5) X 100, or 25 percent of the distance 
out from center, dimension B. From the 
intersection of 25 (horizontal scale at 
bottom) and the 50 percent curve, the 
required inductive reactance is read from 
the scale at the left of Fig. 9 to be 650 ohms. 
The inductance, L, is 650/2mf or 57.5 
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Fig. 10 — At A, an 80-meter dhkole loaded for 
160-meter operation. The inductors are 37 turns 
of coil stock having a 3-inch (76 mm) dia and 10 
turns per inch (25 mm) (B & W 3035). At B, the 
impedance plot of this antenna installed at a 
height of 50 feet (15.24 m) (solid curve), and the 
plot of a 160-meter half-wave dipole (broken 
curve). 





Fig. 11 — Copper electrical service connectors, 
sold under one trade name of Servit, provide a 
simple means of installing the loading coils. The 
antenna wire and the ends of the coil wires 
should be tinned to prevent corrosion. In 
addition, a protective coating of acrylic spray 
may be used at each connection. 


microhenrys, if no. 8 wire is to be used. For 
smaller diameter wire, the inductance 
should be somewhat larger. (Calculations 
from Eq. | for no. 12 wire indicate the 
required inductance is 60.99 uH.) 

The radiation resistance of a shortened 
antenna loaded to resonance is less than 
that of a full-sized antenna. Further, the 
shortened antenna is “sharper,” meaning 
that the change in reactance versus 
frequency is greater. In other words, the 
shortened antenna acts as a tuned circuit 
having a higher Q than a full-sized antenna. 
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To check these characteristics, the line 
input impedances for the antenna of Fig. 
10A were measured with a laboratory 
bridge, and the electrical line length at the 
measurement frequency was then taken 
into account to determine the impedance at 
the antenna feed point. The antenna was 
constructed of no. 12 wire and hung at a 
height of 50 feet (15.24 m) as a “flat-top” 
radiator. 

The solid curve of Fig. 10B is a plot of the 
feed-point impedance versus frequency for 
this antenna. The plot on Smith Chart 
coordinates is more meaningful than a 
simple SWR-vs.-frequency curve because 
the magnitudes of the resistive and reactive 
components are shown, as well as the sign 
of the reactance. (Capacitive reactance is 
negative, plotted to the left of the vertical 
center line, and inductive reactance is 
positive, plotted to the right.) In this 
presentation, a 50-ohm nonreactive imped- 
ance will appear at the exact center of the 
chart. The SWR in 50-ohm line for a given 
frequency may be determined by first 
noting the distance from the center of the 
chart to the particular impedance plot on 
the curve, and next measuring this same 
distance down the vertical center line from 
chart center (a drawing compass is helpful 
for this task), and finally dividing 50 into 
the value read at that point on the center 
line. For example, the SWR at 1.8 MHz 
equals 120/50 or 2.4, as indicated by the 
segment of the 2.4 SWR circle in Fig. 10 B. 
It may be seen that resonance (zero 
reactance) occurs at approximately 1810 
kHz, where the resistance is about 22 ohms. 
The SWR at resonance is 2.33:1, and 
climbs to 3:1 at 1825 kHz. At 1850 kHz, the 
SWR is 10:1. Without any matching 
provisions the antenna is relatively sharp, 
as mentioned earlier. If one sets the usable 
bandwidth as the frequency range where 
the SWR is 3:1 or less, it is approximately 
35 kHz, or 1.9 percent of the resonant 
frequency. As far as efficiency is con- 
cerned, ohmic losses are low, and the 
antenna is a good performer on 160 meters. 
Because of its horizontal polarization, it 
has proved to be most effective at night, 
and stations several hundred miles away 
have been worked with S 9 reports received 
for the 50-watt signal. 

For a comparison of impedances, the 
broken curve of Fig. 10B is a plot of 
measured impedances of a full-size half- 
wave dipole, 260 feet (79.25 m) long 
overall, hung in place of the shortened 
antenna. From this curve it may be seen 
that resonance occurs at 1810 kHz, where 
the resistance is 59 ohms. The 3:1-SWR 
bandwidth for the half-wave antenna is in 
the order of 60 kHz, or 3.3 percent of the 
resonant frequency. It is interesting to note 
on this curve that the SWR at resonance is 
1.18:1, and that it is a somewhat lower 
value, 1.15:1, ata frequency a few kilohertz 
above resonance. (Measurements were 
made every 5 kHzacross this band, but plot 
points are shown only for 25-kHz incre- 
ments to avoid crowding of the data.) This 
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Fig. 12 — At A, a 40-meter dipole loaded for 80- 
meter operation. For resonance at 3.55 MHz the 
coils should be approximately 40 4H (27 turns 
of stock); 3.75 MHz, 35 nH (24 turns); 3.9 MHz, 
31 wH (22 turns); and 4.0 MHz, 29 wH (21 turns). 
These are calculated inductance values for no. 
12 antenna wire. Coil stock referenced above is 
3-inch (76 mm) diameter, 10 turns per inch (25 
mm) (B & W 3035). At B, the impedance plot of 
the 3.55-MHz version (solid curve) and of an 80- 
meter half-wave dipole (broken curve). 


evidence refutes the oft-heard statement 
that the SWR-vs.-frequency curve is 
always lowest at antenna resonance. Points 
to remember are that the SWR in a 
transmission line is completely dependent 
upon the characteristic-impedance value of 
the line in use. Using a line of different 
impedance may shift the position of the 
SWR curve along the frequency axis in a 
simple SWR-vs.-frequency plot. This is 
definitely true in this case — if the 160- 
meter half-wave dipole were to be fed with 
75-ohm line, the lowest SWR would occur 
at a frequency about 5 kHz below antenna 
resonance, whereas with 50-ohm line the 
lowest SWR is at a frequency slightly 
above resonance. The reason this happens 
is that the resistive component of the 
impedance, which consists of the radiation 
resistance plus any loss resistance, is not 
constant with frequency, even over a rather 
narrow frequency range. It must be 
acknowledged that the differences here are 
very slight, however, and for practical 
purposes the frequency of lowest SWR is 
(within a few kilohertz) the resonant 
frequency of the antenna. 

Another point concerning the SWR 
values bears noting. The values as deter- 
mined from the plots in the manner 
described above are quite accurate, having 
been determined by measurements with 
laboratory equipment. In contrast, meas- 
urements with simple SWR_ indicators 
usually cannot be relied upon for anywhere 
near the equivalent accuracy. 


For example, the author owns a com- 
mercially manufactured SWR indicator of 
the Monimatch type (see McCoy‘) which, 
under a particular set of conditions, 
indicates a 2.5:1 SWR in a line where 
laboratory measuring equipment shows 
the true SWR to be 4:1. A significant 
difference! Herein lies another reason why 
impedance plots on Smith Chart coordi- 
nates are more meaningful than a simple 
SWR-vs.-frequency curve — greater 
accuracy may generally be expected. 


A Half-Size 80-Meter Antenna 


Fig. 12A shows the 3-band concept 
described earlier as it can be applied to 80, 
40 and 20 meters. Its overall length is 66 
feet (20.12 m), not a difficult length to use 
on a small lot. This antenna was construct- 
ed for 80-meter operation with a design- 
center frequency of 3.55 MHz, using no. 12 
antenna wire and 40-uH loading coils — 27 
turns of stock having a diameter of 3 inches 
(76 mm) and a pitch of 10 turns perinch (25 
mm) (tpi). Feed-point impedances versus 
80-meter frequency for the antenna, hung 
at a height of 50 feet (15.24 m), are shown 
by the solid curve at B of Fig. 12. Actual 
resonance occurred at 3,54 MHz, where the 
resistance was about 26 ohms. The 
bandwidth within which the SWR is 3:1 is 
60 kHz, or 1.69 percent of the resonant 
frequency. 

Also shown in Fig. 12B, by the broken 
curve, are the feed-point impedances of a 
half-wave dipole, 132 feet (40.23 m) overall 
length, hung in place of the shortened 
antenna. Resonance occurs at 3.54 MHz, 
where the resistance is 43.5 ohms and the 
SWR is 1.15:1. The broader nature of the 
half-wave antenna is exhibited by the 
“tighter” curve which swings closer to the 
50-ohm center point of the chart than the 
shorter, loaded antenna. The SWR at 3.5 
MH zis 1.6:1,and remains below 3:1 to 3.67 
MHz. 


Capacitive and Inductive Loading 


One would assume that a combination of 
capacitive and inductive loading might 
provide a different feed-point impedance 
than would inductive loading alone, 
because of different current distributions in 
the radiators. To check out this assump- 
tion, the antenna of Fig. 12A was used asa 
“test bed” for comparative measurements, 
Capacitance hats were attached at different 
points along the 17-foot (5.18 m) lengths of 
wire outside the coils, and the coils were 
pruned to reresonate the antenna at about 
the same frequency as before. The impe- 
dance measuremnts were then repeated. 


Dangling End Sections 


First, “hats” consisting of 18 inches (457 
mm) of no. 12 wire were affixed to the 
antenna ends and permitted to dangle. This 
lowered the resonant frequency to 3435 
kHz. By calculations, this was approx- 
imately the same effect as that of extending 
the 17-foot portions of the antenna by the 
same amount as the dangling lengths, so it 
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Table 4 
Characteristics of Various Loading Techniques, 66-Foot, 80-Meter Dipole 


Approx. feed- 3:1-SWR band- 
point resis- SWR at width, % of 
Loading tance, resonance resonance resonant freq. 
40-yH coils only 26 ohms 1.92:1 1.69 
36.5-nH coils, 18" 26 1.90:1 1.79 
dangling ends 
36” hats outside 23 2.1571 1.68 
32.5-nH coils 
30-nH coils, 25 1,98:1 2.05 
36" hats at ends 
None (A/2 dipole) 43.5 1.15 Greater than 3.6 


Coil positions for each loaded antenna were 16 feet from antenna center. All antennas were 
constructed of no. 12 wire and installed at a height of 50 feet. 


Feet X 0.3048 = m, 
Inches X 25.4 = mm. 


OOOO 


would seem to make little difference 
whether short sections of extra length are 
added inside the supporting insulators or 
are at the ends, suspended at right angles to 
the main antenna wire. 

The inductors were reduced from 40 to 
36.5 4H (25-turn coils replaced the original 
27-turn coils), and resonance occurred at 
about 3575 kHz. At this frequency the 
resistance was 26 ohms and the SWR 
1.90:1. The 3:1-SWR bandwidth, 64 kHz, 
is 1.79 percent of the frequency of 
resonance. The impedance plot for this 
arrangement is shown as Curve A in Fig. 
13. The resistance at resonance for this 
antenna is identical to that with the coils 
alone, and the bandwidth is only 4 kHz 
greater, 64 kHz vs. 60. From these results, 
one would conclude that the main advan- 
tage offered by the “danglers” is a small 
saving of space over a flat-top antenna. 


Capacitance Hats near Loading Coils 


Next the dangling end sections were 
removed and a pair of capacitance hats was 
formed, each from two 36-inch (0.91 m) 
lengths of no. 12 solid wire. The two wires 
for a single hat were attached at their 
centers to the antenna wire at a point just 
outide one of the loading coils. The hat 
wires were then bent radially to form an X 
at right angles to the antenna wire, like four 
spokes of a wheel with the main antenna 
wire at the hub. The diameter of the X- 
shaped hat was thus 36 inches. The second 
hat was placed ina like manner just outside 
the second coil. Burndy connectors were 
used to affix the hat wires. The resonant 
frequency of this configuration with the 
original 40-~H loading coils was found to 
be 3290 kHz. The effect of adding the hats 
was about the same as that of extending the 
17-foot (5.18 m) lengths to 19 feet (5.79 m). 

When the inductors were replaced with 
23-turn coils (32.5 wH), the antenna 
resonated at about 3.575 MHz, the 
resistance being 23 ohms. The SWR at 
resonance is 2.15:1, and the 3:1-SWR 
bandwidth for this configuration is 60 kHz, 
1.68 percent of the resonant frequency. The 
impedance of this arrangement versus 
frequency is shown by Curve B of Fig. 13. 


It is surprising to note that, by the 
standards of most amateurs, the character- 
istics of this antenna are not as good as 
those of the same length antenna with 
loading coils alone. The SWR at resonance 
for the antenna with combination capaci- 
tive and inductive loading is higher (2.15 
vs. 1.92), and the 3:1-SWR bandwidths are 
the same, 60 kHz. Perhaps a significant 
factor here, though, is that the diameter of 
the capacitance hats used for these 
measurements was small, only 0.011 
wavelength. Supporting much larger hats 
presents mechanical problems with wire 
antennas, however, as even these were a bit 
flimsy and would require reshaping after 
gusty weather. 


Capacitance Hats at Antenna Ends 


Finally, the X-shaped capacitance hats 
were moved to the outside ends of the 
antenna, just inside the end insulators. 
With the original 40-1H coils, resonance 
appeared at 3215 kHz. From calculations, 
it was as if the 17-foot (5.18 m) end sections 
were actually 21 feet (6.40 m) long. With 
30-nH coils (22 turns) in place, the 
resonant frequency was 3560 kHz. At this 
frequency the resistance was 25 ohms and 
the SWR 1.98:1. The 3:1-SWR bandwidth 
is 73 kHz, or 2.05 percent of the resonant 
frequency. The impedance plot of this 
antenna is given in Fig. 14. 

It is interesting to note that the position 
and shape of the plot for this antenna on 
Smith Chart coordinates is nearly identical 
to that for the same length antenna with 
loading coils only, the solid curve of Fig. 
12B. For this antenna, however, the plot 
points for 25-kHz frequency increments 
appear closer together, which accounts for 
the increased bandwidth. 


Conclusions 


The measured characteristics of these 
various configurations of loading for the 
80-meter antennas are tabulated in Table 4. 
Remember that the overall “flat-top” 
length of each antenna arrangement is 66 
feet (20.12 m), and that the loading coils are 
always positioned 16 feet (4.88 m) each side 
of the center of the antenna, being pruned 
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Fig. 13 — Curve A Is the impedance plot of the 
antenna of Fig. 12A with 18-inch (457 mm) 
dangling end sections added and the coil 
trimmed to restore resonance near the original 
frequency. Curve B is a plot of the same 
antenna with X-shaped capacitance hats added 
at a point just outside the loading coils 
(dangling sections removed and coils trimmed 
to reestablish resonance.). 








Fig. 14 — Impedance plot of a 66-foot (20.12 m) 
dipole using a combination of off-center 
inductive loading and capacitive end loading. Of 
all the shortened configurations tried, this 
arrangement offered the greatest bandwidth. 


for resonance at approximately 3550 kHz. 
For comparison, information for a half- 
wave dipole is also included. 

Of the various arrangements, capacitive 
end loading decidedly provides the greatest 
bandwidth, excepting the full-size half- 
wave antenna, of course. Although there 
are slight differences in the resistance value 
at resonance, all are of the same order of 
magnitude. These values, as well as those 
for the 160-meter antenna discussed 
earlier, tend to confirm a broad rule of 
thumb that the writer has formulated for 
this type of antenna: The feed-point 
impedance value at resonance is roughly 
proportional to the length of the antenna. 
That is, a loaded antenna which is half the 
size of a half-wave dipole will have 
approximately half the radiation resistance 
of the full-sized antenna. 
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Eq. | given earlier or the chart of Fig. 9 
allows one to calculate loading-coil values 
for antennas with loading coils only. 
Additional capacitive loading is not taken 
into account. Calculating the effects of 
various capacitive loading arrangements 
appears to be difficult, and work remains 
to be done in this area. 


Multiband Antennas with Loading Coils 


All of the foregoing material has been 
devoted to the loading of an antenna for 
resonance at a single frequency. Resonated 
as described, the antenna is electrically a 
half wave in length. It will, however, 
operate well on higher frequencies — 
frequencies at which it is an odd multiple of 
half waves in electrical length . . . three half 
waves, five half waves, etc. Because of the 
Jumped loading of the shortened antenna, 
these higher frequencies will likely not be 
closely related to odd-order harmonics of 
the fundamental frequency, as the case 
would be for a nonloaded radiator. (For 
example, it is a well-known fact that a 7- 
MHz half-wave dipole operates well on its 
third harmonic, 21 MHz.) 

A loaded dipole will become an electrical 
3/2-A antenna at some frequency below 
that which is three times the fundamental 
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resonant frequency. Depending upon the 
overall antenna length, coil value, and coil 
position, it is possible for an 80-meter 
loaded dipole to become a 3/2-A performer 
on 40 meters. With such an arrangement, 
one would have a dual-band antenna 
without requiring the use of traps. The idea 
can be expanded upon to arrive at a loaded 
antenna without traps which will operate 
on more than two bands. This scheme 
offers considerable constructional simpli- 
fication as compared with trap arrange- 
ments. 

The multiband loading-coil concept has 
been recognized for better than half a 
century, but little use of the technique has 
been made by amateurs. Some years ago a 
very good article on the subject was 
published by William Lattin, W4JRW.5 
That article is recommended reading for 
anyone interested in more details on the 
concept. Supplemental information has 
been published by Buchanan.* Attempts by 
this writer to calculate antenna sizes and 
coil values for dual-band antennas have 
met with some success. From calculations 
and experiments to date, it appears that 
with only two loading coils (one each side 
of center), the antenna must always be 
greater than a half wave in physical length 
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for the higher of the two frequency bands. 
In other words any 80/40 meter arrange- 
ment, for example, apparently would need 
to be longer than 66 feet (20.12 m) from tip 
to tip. However, much work also remains 
to be done in this area. This material was 
originally presented in OST by Jerry Hall, 
KITD. 
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If you're cramped for space to put up a beam antenna, you'll want to investigate 
these ideas as one way to shrink ’er down to usable size. 


a antennas haye been popular 
with amateurs for either esthetic, space 
limitation or economic reasons. And most 


are inefficient radiators with narrow. 


bandwidth. This section will first define 
some limitations and problems of conyen- 
tinal short antenna designs. A design for a 
half-size 2-element Yagi, the performance 
of which is competitive with its full-size 
equivalent, will follow. 

It has been proved that no appreciable 
difference exists between the directive 
patterns of “short” and full half-wave 
horizontal dipoles. Since the gain ofa half- 
wave dipole over an isotropic radiator is 
determined by the dipole directive pattern 
and since the length of the dipole (up to 
A/2) has negligible effect on its directive 
pattern, the length of the dipole (up to A/ 2) 
has a negligible effect on its gain. An 
assumption is made that the efficiencies of 
both the short and half-wave dipoles are 
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equal. The efficiency of an antenna can be 
expressed as 


a roe 


eS Re + Rios 


Eq. 1 
where R, = radiation resistance 
Rioss = loss resistance of conductors, 
coils, etc. 


The radiation resistance (R,) of a horizon- 
tal dipole is determined by its length and 
height above ground. In free space, the R- 
of a half-wave dipole is 73 ohms. As the 
length of the dipole is reduced, the R, 
decreases as the square of the length. Thus, 
for a half-size dipole (as compared with 
A/2), the R,; decreases to a value one-fourth 
that of the A/2 dipole or approximately 13 
ohms. 

The efficiency of a half-wave dipole is 
very high, being on the order of 95 percent. 
The R, is large and Rio;; small by compari- 


son. If we reduce the overall length by a 
factor of two, the R, decreases by a factor 
of four. Input impedance at the center of 
the dipole is comprised of a low resistance 
and large capacitive reactance, so inductive 
loading is required in order to resonate the 
dipole. The inductive reactance needed to 
center-load the antenna will be approxi- 
mately | kO (depending on conductor size 
used for the antenna). Assuming a coil Q of 
200 and computing efficiency using Eq |: 
This means that 28 percent of the transmit- 
ting power applied to the antenna is 
dissipated in the loading coil. The author 
has neglected any additional losses in the 
matching network which would result if the 
above antenna were driven by a 50-ohm 
source, 

Let’s suppose we decide to build a 2- 
element Yagi using shortened center- 
loaded elements. The driven element by 
itself has an R, of 13 ohms. Addinga close- 
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Fig. 15 — Electrical equivalent for the center- 
loaded dipole discussed in the text. Efficiency is 
72 percent, as determined by Eq. 1. 





The 100-MHz “model” used by the author for 
testing shortened elements in a Yagi antenna 
design. 
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Fig. 16 — Electrical equivalent of a loaded 2- 
element antenna. The efficiency is 47 percent. 


spaced parasitic element reduces the 
radiation resistance by approximately a 
factor of three. Thus, the driven element 
has an impedance composed of approxi- 
mately 4.5 ohms resistive and 1 kQ 
reactive. Loading both the driven and 
parasitic elements with the same inductors 
that were used for the dipole and comput- 
ing efficiency 


4.5 
4.5+5 


This efficiency equates to slightly more 
than a 3-dB power loss in the driven 
element. The writer has neglected the 
sizable loss in the matching network since it 
must transform the 50-ohm source to the 
9.5-ohm impedance of the antenna at 
resonance. In addition, the loading coil of 
the parasitic element will contribute 
approximately | dB of loss. 

Taking into account the losses on 
loading coils of both the driven and 
parasitic elements and the loss on the 


Eff = = 47 percent 








driven element to feed-line matching 
network, we can easily account for a 5-dB 
power loss. Such a power loss would nullify 
the gain of a properly tuned Yagi, makingit 
little better than a full-size dipole. 

It should be obvious from the previous 
examples that the poor performance of 
short dipoles, and particularly Yagis, is a 
direct result of losses in loading inductors. 
If we can reduce these losses while raising 
the radiation resistance, the increase in 
efficiency will (might?) make the short 
dipole or Yagi competitive with its full-size 
counterpart. 


Test Antenna 


The helically wound whip antenna has 
always been appealing because the R; tends 
to be higher than that of the base-loaded 
whip. This is because it is continuously 
loaded. In fact, using end-loading (large 
capacitance hats), the current distribution 
will be much more constant, yielding an R,; 
of up to four times that of a base-loaded 
whip. The author decided to use the helical 
design for a short test dipole and investi- 
gate the properties of this antenna versus 
that of a full-size dipole. 

Conventional design for a helically 
wound antenna uses a form (wood, 
bamboo, fiberglass) wound with approxi- 
mately A/2 of no. 14 wire per A/4 element. 
The writer felt that the resistive Rios of this 
large amount of wire would be as great as 
that of the loading coils in the center- 
loaded dipole, making the helical design 
ineffective. As it is desirable to reduce 
conductor resistance, the surface area of 
the conductor must be substantially 
increased. Tubing is not mechanically 
suitable, and because skin depth is only on 
the order of 0.001 inch (0.03 mm),! the use 
of tubing is not required. Some 1/2-inch 
(13 mm) wide copper tape? was on hand 
and a study of its skin resistance revealed a 
loss per unit length of 12 percent less than 
that of the no. 14 wire. 

A helically wound dipole was con- 
structed (using the 1/2-inch [13 mm] wide 
tape) for use at 100 MHz. This frequency 
was chosen so that field-strength measure- 
ments could be performed using a local fm 
broadcast station as the signal source. A 
28-inch (711 mm) length of 3/4-inch (19 
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Fig. 17 — Curves depicting gain and FBR (front- 
to-back ratio) vs. frequency when the Yagi 
antenna is tuned for operation at 100 MHz. 
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mm) CPVC tubing (plastic water pipe) was 
wound with 38 equally spaced turns of the 
| /2-inch (13 mm) wide tape. Using a grid- 
dip meter, resonance was measured at 104 
MHz. Next, two 5-1/2-inch (140 mm) 
diameter six-spoke capacitance hats were 
attached to the ends. Resonance was again 
measured and found to be 84 MHz. A C- 
match? was constructed to transform the 
low impedance of the short dipole to 50 
ohms. The C-match requires that the 
element be made to look inductive by 
lowering its resonant frequency. A variable 
capacitor is then shunted across the feed 
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Fig. 18 — VSWR vs. frequency when the Yagi 
antenna is tuned for operation at 100 MHz. 


point and adjusted for resonance. This L/C 
ratio determines the impedance trans- 
formation. A 100-pF variable capacitor 
was shunted across the feed point of the test 
dipole and a 50-ohm coaxial cable was 
attached. Since the dipole is a balanced 
antenna, feed-line decoupling was neces- 
sary. The author used a quarter-wave 
sleeve (bazooka). 


Antenna Tuning 


Rf power was applied to the test antenna 
through an SWR meter (measurements 
were taken in a screen room). Turns were 
removed, one at a time, and the shunt 
capacitor adjusted until a I:1 match 
occurred. The capacitance hats were 
always installed at the tips of the element. 
When adjusted for a I:1 match, the dipole 
consisted of 32 turns of copper tape, center 
fed, with 40 pF shunting the feed point and 
an overall element length of 21 inches (533 
mm) which is 37 percent of the length of a 
full-size dipole. Tuning was very simple 
and took but 15 minutes to complete. 


Measurements 


The feed-point impedance was measured 
(with C-match disconnected) to be 20 
ohms. The skin depth -resistance was 
computed to be 0.24 ohm. Computing 
efficiency 


20 
20 + 0.24 


which is essentially the same as a full-size 
dipole. Bandwidth between 2:1 SWR 
points was measured to be greater than 6 
percent of the operating frequency. Large 
capacity hats (for 100 MHz) and wide tape 


Eff = = 98 percent 
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play an equally important role in reducing 
the Q of the antenna sufficiently to obtaina 
wide bandwidth. Next, a low-level signal 
generator and dipole were set up 5 
wavelengths away from the test antenna. 
Using an Empire NF-105 noise and field- 
strength meter, a comparison was made on 
field strength between the test antenna and 
a full-size dipole. Results indicated no 
apparent measurable difference between 
the short helically wound dipole and a full- 
size dipole. Field-strength measurements 
were then taken on the signal from a local 
fm broadcast station. Again, there was no 
apparent difference; not bad for an 
antenna that is less than half size. The next 
question to be answered was whether gain 
could be secured by the addition of a 
parasitic element. 

A boom and a parasitic element were 
added to the shortened test dipole. 
Although a director might provide better 
gain and front-to-back ratio (FBR), the 
decrease in radiation resistance, to a very 
low value (dipole by itself equals 20 ohms) 
because of the close spacing, was thought 
to decrease efficiency and bandwidth. A 
parasitic reflector was constructed, similar 
to that of the driven element. The element 
was split in the center and a 100-pF 
capacitor installed for tuning purposes. 
Element spacing was adjusted to 0.15 A. 
With the capacitor fully meshed, the six- 
spoke capacitance hats were physically 
positioned on the element (both equidis- 
tant from element center) so that the 
reflector resonated at 93 MHz. Nominal 
reflector tuning calls for reflector reso- 
nance approximately 5-percent lower in 
frequency than the driven element, or 95 
MHz. With the above configuration, the 
author was able to adjust reflector reso- 
nance, using the variable capacitor, 
anywhere in the range of 93 to 96.5 MHz or 
3.5 to 7 percent lower in frequency than the 
driven element. 


Using the same field-strength measure- 
ment set up as with the dipole, the reflector 
was aimed at the source signal and adjusted 
(using the variable capacitor at element 
center) for minimum pickup. The driven 
element was then readjusted fora 1:1 SWR 
and the process repeated until minimum 
rear pickup and a 1:1 SWR occurred 
simultaneously. Gain and FBR measure- 
ments were made at the design frequency 
and at points two percent of the design 
frequency on either side. The results are 
described in Fig. 17. The bandwidth 
measurements are given in Fig. 18. 

As can be seen from the curves in Fig. 17, 
a gain of 4 dBd, and a 15-dB FBR can be 
secured quite easily with a physically short 
Yagi. As with other Yagis, the gain is 
relatively constant over a wide frequency 
range. However, the FBR drops quite fast 
especially when trying to use the antenna 
below its design frequency. From curves 
given in Fig. 18, the bandwidth between the 
2:1 VSWR points is shown to be about 3,7 
percent. Translated to 20 meters this 
bandwidth would be 500 kHz, equal to or 
greater than the average 3-band trap Yagi. 
If indeed the design were scaled to 14 MHz, 
the antenna would have element lengths of 
slightly over 12 feet (3.66 m) and a boom 
length of 10 feet, 6 inches (3.20 m). 


Adapting Design to Ham Bands 


Since it has been shown that a physically 
short Yagi can provide significant gain and 
FBR, a few design pointers are in order. 
First, make the element length no shorter 
than physically necessary for your particu- 
lar situation. Bandwidth and efficiency will 
improve with greater lengths. Second, the 
use of large capacitance hats is recom- 
mended, as this reduces the helical 
conductor length and thus Rj. Third, use 
large forms of good dielectric quality 
(fiberglass). The larger the form diameter, 
the greater the length reduction for a given 


number of turns. Also, with large diameter 
forms, 1.5 inch (38 mm), the width of the 
conductor can be increased, thus reducing 
Rios. Fourth, regardless of the matching 
network used, construction of capacitance 
hats, etc., solder all joints and seal with 
silicone rubber. Do not rely on pressure 
joints. Fifth, to secure a reasonable FBR 
with any Yagi using a split driven element 
and fed with coaxial cable, some form of 
balun transformer is required to keep 
currents from flowing on the outside of the 
coax braid. Sixth, the use of a grid-dip 
meter is the only practical method to secure 
resonance with a fixed physical length. 
Construction will require some cut and try. 
Proximity to surrounding objects will 
affect resonance, and should be avoided 
when tuning the array. 

No doubt the author has left out items, 
which may prove to be a problem for the 
reader, This article was intended to be 
more thought provoking than construc- 
tional, although there should be enough 
information here to build your own 
antenna with a reasonable amount of 
experimental effort. My current plans call 
for construction of a 2-element 10-meter 
Yagi (for reception of OSCAR signals) 
with 6-foot (1.83 m) elements and a 5-foot 
(1.52 m) boom. The author wishes to thank 
Mike Povlich, WB9HGS and Russ Mills 
for their assistance with measurements, 
This material was originally presented in 
QST by Ronald J. Gorski, N9AU. 
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Simple Arrays of Vertical Antenna Elements 


Work DX with a vengeance! Simple arrays of vertical elements will provide good 
low-angle radiation. DXCC may be closer than you think if you can manage a 


system like this one! 


—_ of the excellent low-angle 
radiation properties of vertical antenna 
elements and because of the benefits to be 
gained by horizontal-plane directivity, it is 
interesting to attempt to determine “opti- 
mum” arrangments of elements to produce 
“beam” antenna arrays. Because of the 
enormous variety of configurations possi- 
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ble, and the great difficulty of either 
experimental modeling or calculating 
exact theoretical performance, it has not 
been practical in the past to arrive at valid 
conclusions. However, it is now quite easy 
to simulate such antenna arrays by 
computer programs, and these can produce 
relatively quick and precise answers to a 


very large number of postulated configura- 
tions. After a number of computer trial 
runs, “optimum” configurations can be 
found quite readily. Such a computer 
program for quarter-wave elements has 
been written and supplied by H. Hurwitz, 
WA2VBW. Using a modification of this 
program, the author has investigated a 
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Beam Beam 8ack Minor 
Case Element Current Phase x Y Direction Gain Radiation Lobes 
1 1 1 it) 0 0 0° 3 dB -3 dB -a 
1 -90 0.25 0 
2 1 1 0 0 0 o° 41dB 5.7dB “11.5 
2 1 -120 0.25 Oo 
3 1 1 0 0 0 90° 1.1dB OdB 0 dB 
2 1 0 0.25 O 
Table 6 
Beam Back Minor 
" 12 1 62 Gain Radiation Lobes 
1 0.8 0 -120 4.0 dB -5.5 dB -10.8 dB 
1 1 0 -120 41 -5.7 “11.5 
1 1.2 0 -120 41 -5.6 -12.5 
1 1 0 -100 3.4 -3.8 “1141 
1 1 0 -120 41 -5.7 “11.5 
1 1 0 -140 4.6 -6.6 “6.6 
Table 7 
Beam 8eam Back Minor 
Element Current Phase x Y Direction Gain Radiation Lobes 
1 1 0 0 18) 
2 1 -120 0.25 0 o° 5.6 dB -8.7 dB -8.7 dB 
3 1 -240 0.5 0 
Table 8 
Beam Beam Back Minor 
Element Current Phase x Y Direction Gain Radiation Lobes 
1 1 0 0 0 
2 1 0 025 0 90° 2.7 dB 0dB 0dB 
3 1 0 0.5 0 
Table 9 
Beam Beam Back Minor 
Element Current Phase x Y Direction Gain Radiation Lobes 
1 0.5 0 0 0.145 
2 1 -110 0.25 O o° 435dB -6.1dB -15. dB 
3 05 0 0 0.145 





large number of simple array configura- 
tions, which are potentially quite useful at 
the lower amateur frequencies, with the 
salient results given here. It is hoped that 
these will prove interesting to those 
considering construction of such arrays. 


Technique for Optimizing Arrays 

We must first try to define the problem 
and the parameters leading to an optimum 
design. The horizontal-plane pattern of an 
array of (vertical) elements depends only 
on the magnitudes of the individual 
element currents and their phases, and not 
on the way the currents are produced (e.g., 
driven or parasitic). The computer pro- 
gram allows one to specify the locations 
(x,y coordinates) of any number, n, of 
quarter-wave elements; also one must 
specify the magnitude of current and its 
phase in each element (usually normalized 
to unity current and zero phase for a given 
fiducial element). With these data inputs 
the radiation pattern is calculated and 
plotted out, giving the relative power gain 


in each azimuth angle interval, say, 5 or 10 
degrees. The power gain is normalized to 
that power which would have been 
radiated at the same azimuth by a single 
vertical element using the same input 
electrical drive power. By using trial values 
of the current in all elements, in both 
amplitude and phase, one soon develops a 
feel for the behavior of the system, and can 
usually arrive at a “best” value for all the 
currents and phases. One can then try 
different geometrical separations of the 
elements and in this way arrive at the “best” 
spacing. Usually this best configuration is a 
compromise between power gain and good 
pattern control, e.g., front-to-back ratio, 
or more generally, main lobe to minor lobe 
(side or back) ratio. 

In addition to the optimization de- 
scribed above it must be noted that if the 
array is to be used primarily to produce a 
“beam” in a given general direction with 
little emphasis on other directions, one 
usually finds a linear array of elements best 
(equivalent to an end-fire Yagi array). 
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However, if the array is to be used for all 
directions, a more (circularly) symmetrical 
array should be considered. These points 
will become clear in the discussion of 
results. 


Two-Element Array 


In the case of two elements there is only 
one possible configuration. Consider one 
element at the origin of the x,y plane 
(coordinates 0,0) and the other element 
along the x axis (coordinate x,0). The 
parameters available are x, which we 
specify in units of wavelength, A, the rf 
currents Il and [2 in each element (we shall 
normalize one of the currents, e.g., I1, to 
unity) and the phases, @1 and 2, of the 
currents (we shall generally normalize the 
phase of the current in element | as zero 
and specify the relative phase of the current 
in element 2 in electrical degrees, cither 
positive for leading currents or negative for 
lagging currents). It soon becomes appar- 
ent that the region of main interest is where 
the spacing x is in the neighborhood of 
0.25, ic. A/4, and there the currents are 
nearly equal in magnitude. The reasons are 
that, for spacings of 0.5 or greater, other 
strong lobes appear in the pattern, and for 
grossly unequal currents relatively poor 


115 





Element Optimum Beam Back Minor 
Spacing p2 Gain Radiation Lobes 
0.2 -130° 4.65 dB -6.5 dB -18 dB 
0,25 -120° 4.6 -6.5 -16 
0.3 -110° 4.4 -6.2 -14 
0.35 -110° 4.2 -5.8 -12 











Table 11 

Beam Beam Back Minor 
Element Current Phase x Y Direction Gain Radiation Lobes 
1 1 0 0 0 
2 1 -120 0.25 0 4 
3 1 -240 05 4 o° 7.4 dB -9.9 dB 9.9 dB 
4 1 0 0.75 O 
Table 12 

Beam Beam Back Minor 
Element Current Phase x Y Direction Gain Radiation Lobes 
1 1 0 0 0 
2 1 0 0.25 0 = 
3 1 0 05 0 90 4.2 dB 0dB 045 
4 1 0 0.75 0 














Table 13 

Beam Beam Back Minor 
Element Current Phase x Y Direction Gain Radiation Lobes 
1 1 0 0 0 
2 1 -110 0.25 0 
3 1 -220 025 0.25 45° 64 dB -18 dB -18 dB 
4 1 -110 0 0.25 
Table 14 

Beam Beam Back Minor 
Element Current Phase x ¥ Direction Gain Radiation Lobes 
1 1 0 0 0 
2 1 -120 0.25 O 
3 1 -120 025 025 o° 5.1 dB -11.5 dB -11.5 dB 
4 1 0 0 0.25. 
Table 15 
Square side oA $B Beam Back Minor 
Length (ind) opt. opt. Gain Radiation Lobes 
0.167 -130 -260 6.6 dB -22 dB -22 dB 
0.25 -110 -220 6.4 -18 -18 
0.333 -80 -160 5.6 -18 -18 





peak gain and pattern discrimination 
result. Although the spacing x is not 
especially critical in the neighborhood of 


examine the case where x = 0.25, and where 
I] = [2 =1. Best overall pattern discrimina- 
tion (minimum back lobe) for the endfire 
case occurs where 1 = 0, and #2 = 90 
degrees, and the power-gain pattern is 
shown in Fig. 19A. 

Peak gain is 2 (or 2 dB) and occurs along 
the x-axis direction. Fig. 19A shows the 
power pattern of the array, ie., it shows 
quantitatively where the radiated power 
goes, However, if one is looking at what an 
S meter would indicate, one can present 
exactly the same information on a vertical 
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logarithmic scale as shown in Fig. 19B. 
The vertical scale is shown in dB relative 
to the value for a single vertical radiator. 


lobes. For all future cases discussed here, 
both displays will be shown. 

It is possible to increase the gain of this 
array at the expense of some back lobe by 
increasing the phase Jag in element 2, e.g., if 
2 = —120 degrees the peak gain, again 
along the x axis, is 2.59 (or 4.1 dB) and the 
entire pattern is shown again in Figs. 20A 
and B. 

Note that the back lobe now shows a 
gain of 0.186, which is —11.5dBrelativeto 
the forward lobe. 

These two elements can be used to form 
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either a beam along the +x axis as shown, 
or reversed along the —x axis (by reversing 
the phase @2, i.e., making it +120 instead of 
—120 degrees) or if the two elements are 
driven in the same phase, i.e., d1 = 62 =0, 
one produces a bilateral broadside beam as 
shown in Fig. 21. 

Here the peak gain is 1.1 dB, but there is 
a “back” lobe of equal magnitude to the 
front lobe. Note that all patterns will be 
symmetrical around the x axis, or more 
generally around the line of any set of 
linearly-positioned elements. This example 
has illustrated some of the aspects of all of 
the results to be presented; namely, that: 

a) The best element spacing will be 
found to be in the neighborhood of 
0.25 wavelength. 

b) Current ratios and phases can be 
adjusted to produce either a best 
pattern discrimination (minor lobe 
rejection) or best main lobe gain. It is 
generally not possible to get both at 
the same time, and a compromise 
must be made, 

It may be useful to tabulate the salient 
results of each “best” case by noting the 
coordinates of the elements in the x,y 
plane, the individual drive currents, the 
individual phases, main beam heading in 
the x,y plane, main beam gain, and the 
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largest pattern gain (such as given by either 
the side of the main lobe or by minor lobes) 
observed anywhere in the entire 180-degree 
sector centered just opposite in direction to 
the main lobe. We shall designate this 
quantity as “back radiation” and express it 
in dB relative to the main lobe gain. We 
shall also tabulate the largest minor lobe in 
this sector and label it “minor lobe,” again 
expressed in dB relative to the main lobe. 
Thus for the cases just described, Table Sis 
presented. 

The sensitivity of these results to 
variations of currents and phases is not 
high. For example, one can summarize 
case 2 above with somewhat altered 12, or 
2, as shown in Table 6. 

The author feels that end-fire case 2, 
where @2 = ~—120 degrees, probably 
represents the “best” design with a good 
pattern and gain. Other more complicated 
cases presented below are optimized in this 
same way and only the “best” configura- 
tion will be shown with actual results. 


Three-Element Arrays 


For three elements, two different 
geometries suggest themselves: the linear 
array, best for a single preferred directional 
line, and an equilateral triangle configura- 
tion, the closest approach to circular 
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symmetry. The latter, as we shall see, could 
be switched to give “beams” in any one of 
six angular positions (every 60 degrees). 
Let us consider first the linear array. 
Linear Array — As in the 2-element 


linear array just discussed, the optimum’ 


arrangement seems to center around an 
element spacing of about 0.25 wavelength 
with approximately equal current drives. 
The optimum end-fire case is shown in 
Table 7; the broadside case is shown in 
Table 8. 

The patterns for these cases are shown in 
Figs. 22 and 23. 

Remember that for the end-fire case, 
which one can think of as a 3-element Yagi 
on its side, the rather large side lobe results 
because the pattern lies in a plane per- 
pendicular to the elements. Side radiation 
is hard to avoid, as one cannot take 
advantage of the nulls off of the ends of 
excited elements. 

Equilateral Triangular Array — For this 
case, the optimum situation appears to be 
as shown in Table 9. The behavior is very 
similar to the case of two elements in end- 
fire. See Table 5 (we have just split one of 
the two elements and have moved the 
separate pieces to the triangle corners). The 
pattern is shown in Fig. 24. 

Reversing the phases will reverse the 
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beam direction, and by rotating the drive 
currents (and phases) around the triangle, 
one can produce six beam directions (every 
60 degrees). This is an attractive feature, 
but it does not come free; the maximum 
gain of the system is somewhat less than 
one obtains with the three linearly- 
disposed elements (which are chiefly useful 
in a direction along the line of the array). 

The exact size of the triangular array is 
not critical — one must simply choose the 
best phase angle for the particular geome- 
try. The “best” phase angles, 62(¢@1 =$3 = 
0), as determined by computer runs, for 
different spacings (triangle side lengths 
expressed in terms of A) are shown in Table 
10. 


Four-Element Arrays 


With four elements, there are at least 
three configurations which are interesting 
to investigate. As before, the linear array 
with a preferred beam direction is one type, 
but there are two configurations which 
possess a measure of circular symmetry. 
One of these is described by three antenna 
elements at the corners of an equilateral 
triangle with the fourth element at the 
geometric center of the triangle. This one 
we shall designate as a center-filled 
triangle. The other type is a square array. 
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Let us take these three types in order. 

Four-Element Linear Array — For this 
case the optimum end-fire solution appears 
to be as shown in Table 11. The gain and 
major lobe shape of this configuration 
seems to be excellent. The broadside case is 
shown in Table 12. Patterns for this case 
are shown in Figs. 25A, B, and 26A, B. 

Note that for this array there is poor 
coverage in some azimuthal directions 
(e.g., +45 degrees) if only the two tabulated 
phase arrangements are used. 

Center-Filled Triangle — A large 
number of situations were examined for 
this configuration, but unfortunately no 
combinations of spacing, currents or 
phases were found that looked very good. 
The best pattern was not particularly better 
than that of the three-element triangle 
alone, and was substantially inferior to that 
of the 4-element square to be discussed 
next, 

Four-Element Square Array — For this 
case the best situation appears to be as 
shown in Table 13. Note that this arrange- 
ment fires diagonally and produces a 
respectable gain and excellent pattern. The 
“broadside” arrangement for the same 
square is shown in Table 14. The computed 
patterns are shown in Figs. 27 and 28. 

The diagonal-fire pattern is exceptional, 
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providing extremely low back radiation 
and minor lobes. The broadside pattern is 
not nearly as good, somewhat superior but 
reminiscent of the end-fire pattern obtain- 
able with just 2 elements (see Fig. 20). In 
fact, the power-gain coverage at all angles 
(including the broadside angle) just using 
the switched four diagonal beams is large 
enough that it probably is not worthwhile 
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using the broadside arrangement at all even 
to “fill” between diagonal beams. 

This square array is superior to the 
center-filled triangle, and to all other 
simpler configurations (circular) in both 
gain and pattern discrimination. It is 
sufficiently good that one might ask what 
particular properties of the square have led 
to the nearly ideal performance. The 
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author believes that there are two parame- 
ters which are noteworthy: first, the gain is 
respectable in diagonal fire because one 
can view the square along its diagonal as a 
three-element linear array in which the 
center element is split, each half being 
displaced to the other corners of the 
square. Thus the array behaves something 
like a 3-element (Yagi-like) linear array 
which is known to have a good gain. 
Secondly, the lobes are much smaller than 
the linear array due to the tendency for the 
phase cancellation of waves produced by 
the spatially-separated corner elements. 
Again, as in previous examples, the 
actual dimensions of the square are not 
very critical, as long as one adjusts the 
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phase (delay), @A in elements 2 and 4 and 
the larger phase delay, @B, in element 3 to 
the “best” value. Examples of such “best” 
phase values for different size squares are 
shown in the Table 15. 

It turns out that the calculated gain 
figures for the smaller arrays are actually 
slightly larger than the gain for the larger 
squares, but asa practical! matter this fact is 
probably offset by the larger (reactive) 
currents required for radiation. The larger 
currents are necessary because of the 
mutual coupling and phase relations 
between elements and the required phase 
relationships; in practice with the ineffi- 
ciencies usually caused by ground currents 
when using vertical antennas, the gain 


differences for the various squares are 
probably inconsequential. The patterns for 
all cases are quite good, but the best pattern 
is obtained for the A/4 square. Incidental- 
ly, the 0.167A and 0.33A square allows the 
possibility that a single square can be used 
for two amateur bands, and this has indeed 
become the subject of a practical antenna 
system. ! 


Conclusion 


Computer trial runs, through a program 
developed by WA2VBW, have facilitated 
the investigation of a large number of A/4 
vertical antenna-array configurations. 
“Best” configurations, drive conditions, 
power gains and patterns have been found 
for the cases of two, three and four 
elements. Especially interesting is the case 
of four elements arranged in a square 
whose side dimension is about one-quarter 
wavelength. 

Cases using more than 4 elements have 
been investigated, but the complexity, 
probable cost, and difficulty of installation 
of such configurations, reduces their utility 
and so they will not be reported here. 

The author wishes to acknowledge the 
contribution of Henry Hurwitz, WA2VBW, 
who supplied the original computer 
program for this investigation. This 
material was originally presented in OST 
by James L. Lawson, W2PV. 
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360-Degree Steerable Vertical Phased 


Arrays 


Microwave power-splitting and phasing techniques were applied to the design 
of this 80-meter array. It has established an outstanding record for performance 


on long and difficult paths. 


i possibility of providing effective 
360-degree horizontal coverage with an 
array switched electrically, rather than 
rotated mechanically, has long intrigued 
many designers. Such a solution to the 
directional antenna problem is of particu- 
lar interest to amateurs operating on the 
lower frequencies, where any mechanical 
rotation system is difficult and expensive to 
build. One of the authors, now WICF, 
writing under his old call, WIHKK, 
described an 80-meter switchable phased 


array of four quarter-wave in-line elements 
more than 10 years ago.! The present 
article describes several novel array 
designs, using up-to-date technology, 
which provide greatly improved operation. 
Also covered are techniques used for 
effective power division, the beam-forming 
phasing system, switching, and impedance 
matching. Ground radials, cable and 
connector selection, and dc continuity 
testing are discussed. 

One of these arrays recently constructed 
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for 80-meter use has a single 97-degree lobe 
with a gain over a single vertical of 
approximately 7 dB at low angles. Its front- 
to-back ratio is 25 dB, and its front-to-side 
ratio is more that 12 dB, over the whole 80- 
meter band. It is switchable over 360 
degrees in four 90-degree steps. 


Computer-Modeled Arrays and Patterns 


In the spring of 1975, while sitting overa 
cup of coffee, the three authors discussed 
the possibility of rebuilding the 1965 4- 
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Fig. 29 — Polar plot of relative power, and 
planar view of the four-element diamond array 
showing the pattern obtained with no dc voltage 
on the switching relays, as in Fig. 31. Minor 
lobes are too far down to show on this scale. 
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Fig. 30 — Bandwidth and side-lobe study of the 
four-element diamond array. 


element array, using many improvements 
in technology that have evolved in the last 
10 years. Dr. Joseph White accelerated the 
effort by coming up with a computer 
program written in Fortran IV, called 
ARRAY, which allows the user to plot 
patterns of arrays of from 2 to 99 elements 
in various spacings and combinations of 
phase and power, without ever leaving the 
computer terminal. Over 30 iterations 
using 4 elements were explored, and the 
computer-printed polar plots and other 
gain data analyzed, before we arrived at a 
configuration which provided good for- 
ward gain over a broad beamwidth, with 
no measurable unwanted lobes. 

The configuration selected has four 
quarter-wavelength vertical elements in a 
square, with quarter-wave spacing between 
adjacent elements, as shown, with its 
predicted pattern, in Fig. 29. All elements 
are fed with equal amplitudes, the rear 
element at 0°, the two side elements at -90° 
and the lead element at -180°. The beam is 
transmitted along the diagonal from the 
rear to lead element. Gain due to horizon- 
tal beam formation alone is about 5.3 dB 
over a single vertical element. Front-to- 
back ratio is 25 dB. Front-to-side ratio is 12 
dB, at 90° either side, increasing to much 
higher levels at 135° either side. Since most 
of the vertical energy is concentrated at low 
angles by the array, as much as 4 dB of gain 


120 Chapter 5 








additional to the predicted 5.3 dB in the 
horizontal plane can be achieved in theory, 
with perfectly conducting ground. The 
authors estimate that a good radial system 
and less-than-perfect ground yield an 
additional gain of 2 dB, or a total gain just 
over 7 dB for the system described. 

The computer predicts a half-power 
beamwidth of 97°, so a suitable switching 
matrix can be used to direct the beam to 
four different quadrants, with only a slight 
loss of forward gain at the cross-over 
points, and virtually no deterioration of the 
front-to-back and front-to-side suppres- 
sion. A computer study of the effect of 
variations in element spacing on forward- 
gain to maximum side-lobe level, plotted in 
Fig. 30, led to selection of A/4 spacing of 
the corners of the square array. The 80- 
meter beam erected according to the 
computer-synthesized array design has 
proven to be remarkably successful. On- 
the-air results clearly approximate the 
performance anticipated by the program. 


RF Power Dividers 


Good power splitters are essential to the 
operation of phased arrays. Two-way and 
three-way power dividers will be discussed. 
Amateurs in broadcasting are well aware 
that tapped coils are the mainstay for 
power division in their industry. This 
reactive technique presents many prob- 
lems.? The authors, being more versed in 
microwave techniques, thought it logical to 
scale up in wavelength the methods of 
power division used most successfully in 
the microwave region, particularly what is 
now known as the Wilkinson Power 
Divider,’ shown in Fig. 31. Power fromthe 
transmitter is fed through a 50-ohm line of 
any length to a coaxial T, feeding two 
quarter-wavelength 70-ohm lines, WI and 
W2. The two inner conductors of the 70- 


ohm lines are connected through a 100- 
ohm noninductive resistor, R1. This type 
of divider gives an equal power split, 
matches to 50-ohm loads at the two 
outputs, and has the unique property that 
any energy returning to the two outputs out 
of phase, due to mismatches or mutuals, is 
absorbed in the 100-ohm resistor. 

The 90-degree phase-delay cable (DL) 
used in one side of each of the three power- 
splitting hybrids serves to assure that equal 
power reflections from the antennas are 
absorbed. Theoretically the resistors 
absorb none of the forward power. This 
technique provides approximately 30 dB of 
isolation from one output terminal to the 
other, to unwanted energy. 

Reference is made in the 1965 article to 
difficulty in adjusting a phased array, 
because of element interaction due to 
mutual impedances between elements, The 
Wilkinson Power Divider, when used to 
feed phased arrays, reduces these problems 
and those resulting from imperfect match 
at the antenna inputs, and contributes to 
the realization of the predicted patterns. 
The “Wilkinson,” is a remarkably simple 
and uncritical solution to the problem of 
power division. The 3-element vertical 
array described later uses a three-way 
“Wilkinson,” shown in Fig. 33. It is 
constructed by splitting the 50-ohm input 
three ways, into three quarter-wave lengths 
of 93-ohm coaxial cable. The center 
conductors are connected together through 
150-ohm noninductive resistors. An alter- 
native approach is to return each center 
conductor to an ungrounded common 
point, through 50-ohm noninductive 
resistors. 


Feeding, Switching and Phasing 


The 4-element diamond array erected at 
WICF uses three Wilkinson two-way 





Terminations and switching relays at the center of W1CF array. 
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Fig. 31 — Schematic diagram of the Wilkinson Power Dividers, phasing lines, and switching relays 
(rf connections) for the four-element array. Dc switching commands for the four pattern headings 


are given at the lower right. 


power dividers, as shown in Fig. 31. 
Phasing is accomplished with three 90- 
degree sections of RG-8/U cable, DLI, 
DL2, DL3. The four outputs are at 0°, 
-90°, -90° and -180° respectively in phase 
relationship, with power from the trans- 
mitter divided into four equal parts. Every 
effort was made to preserve symmetry 
throughout the system, in the hybrids, 
phase shifters, rf switching, feeds, and 
antenna placement, in order to have the 
array perform uniformly as it is switched 
between the four headings. 

The switching can be done with six spdt 
coaxial relays, as in Fig. 31, or with one 
transfer relay and four spdt relays. With no 
voltage on the relay coils, the arms are in 
the positions shown in Fig. 31, giving 
northeasterly directivity (57° true, on 
Paris) the heading used most of the time at 
WICF. The array is about 500 feet (152.40 
m) from the transmitter, necessitating use 
of remote relays. A prospective user should 
consider the tradeoff between cable and 
relay costs. If the array is close to the 
station, four equal lengths of 50-ohm line 
can be brought into the station, and the 
switching done with a 4-pole, 4-position 
switch. 

The long run of line here was dictated by 


the desire to take advantage of ground 
qualities and concealment afforded by 
swampland 500 feet (152.4 m) from the 
house. Not wanting to be electrocuted, we 
used 28 volts de for operation of the 
switching relays. By judicious use of binary 
arithmetic, the switching commands 
require only three wires. Selection of the 
four beam headings is done at the operat- 
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Fig. 32 — Polar plot of relative power, and 
planar view of the three-element triangular 
array. 
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ing position with a 4-wafer, 4-position 
switch. Relays should be selected for 
reliability and ease of weatherproofing. 
The cluster of relays and teminations 
shown in the photograph is at the geomet- 
rical center of the WICF array. The 
connectors are protected against moisture 
by 3/4-inch (19 mm) heat-shrink tubing, 
which should extend from the bottom half 
inch (13 mm) of the connector 2 inches (51 
mm) down the cable. In addition, wide 
plastic wastebaskets are used to protect 
these components. The expensive precau- 
tions were taken as the result of hard 
experience with moisture in the cables and 
connectors in the 1965 array. 


Radiators and Radials 


Relays K1 through K4 (Fig. 31) connect 
to their respective radiators through equal 
lengths of 50-ohm line, with no special 
attempt made for matching. The radiators 
are 57.5 feet (17.53 m) tall, above the base 
insulators. Constructional details follow 
the 1965 article, except as outlined below. 
Base insulators are 2-inch (5l-mm) ID 
PVC pipe, I /4 inch (6-mm) wall, 18 inches 
(457 mm) long, affixed to the aluminum 
with PVC cement and self-tapping screws. 
Each radiator is guyed at three levels with 
3/ 16-inch (S-mm) galvanized cable, broken 
every 30 feet (9.14 m) with egg insulators. 

Though 120 radials are considered to be 
the optimum number, only 40 per element 
are used here. Most are 65 feet (19.81 m) 
long, no. 12 galvanized wire, lying directly 
on the ground. This presents no hazard, as 
there is no foot traffic through the swamp 
area, The center radials are interconnected 
to two common busses in the central 
region, as recommended in reference 2. The 
authors feel intuitively that the square 
geometry of the array, in addition to 
providing considerable symmetry of the 
mutuals, allows a higher packing density 
for the radials, reducing ground losses. 

Though the array has quarter-wavelength 
elements, all the feedpoints are at 50 ohms, 
and any type of vertical element can be 
used, provided an effort is made to match 
the inputs, and networks used for matching 
are the same for all 4 elements. Obviously, 
a height of 5/8 wavelength would be 
desirable, particularly for arrays built for 
higher frequencies. An indication of match 
would be to put rf voltmeters across the 
100-ohm resistors, and tune the matching 
networks simultaneously for minimum 
voltage across the resistors. A nice thing 
about the A/4 case is that the match is close 
enough that this step has not been 
necessary. 


Testing 


Before the array is fired up somebody 
should go to each element and short the 
input, while another person. watches an 
ohmmeter placed across the main line at 
the station end. Make sure that a very low 
de resistance is measured. Then, with the 
array in the normal position, as in Fig. 31, 
make sure that the resistance across the 
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Fig. 33 — Schematic diagram of a three-element vertical array and its directivity switching and 
power dividing circuitry. Interconnecting leads should be as short and symmetrical as possible. The 
50-ohm lines between the relays and antenna elements should be all the same length. 


input is high. If it is low, check for moisture 
in the cables or connectors or for other 
leakage resistance. Silicone grease in the 
connectors is a good moisture preventive 
measure, It is recommended that these 
resistance checks be repeated periodically 
to be sure that all is well. 

When the array is ready for use, go easy 
at first, as any reflected energy will be 
dissipated in the 100-ohm resistors. If they 
become hot, better matching is necessary, 
and if they blow up, perhaps higher- 
wattage resistors are needed. At WICF, 
resistor banks were made up of 6, 20-watt, 
150-ohm surplus resistors in series-parallel 
to give 100 ohms. These handle the 
dissipated power when the system is driven 
from a 4CX1000A amplifier, and after a 
month of operation there was no evidence 
of resistor damage. No attempt should be 
made to hot-switch the directivity. This 
was done inadvertently, and the result was 
the need for extensive emergency repairs — 
in midwinter. 


Performance 


In the short time that the array has been 
in use, all continents have been worked on 
80-meter phone, including several stations 
in Japan and India, tough paths from New 
England. Gain and side and back rejection 
on all signals except those arriving from 
very high angles are just what the computer 
program predicted. 

In receiving in the “search” mode, one 
hand tunes the receiver while the other 
operates the lobe selector switch, to see 
which position “listens” best. The big 
WICF rotary array for 10, 15 and 20 takes 
45 seconds to rotate 360°, which tends to 
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discourage frequent directional checks. 
With the phased array a complete scan 
takes but a few seconds. The high front and 
side rejection eliminates most of the 
interference from signals in unwanted 
directions, and in transmitting the clean 
patterns help to prevent ruffled feathers. 

A surprising by-product has been the 
reduced atmospheric noise pickup from 
unwanted directions. In particular, when 
listening toward Europe atmospheric noise 
coming from electrical storms in the 
southwest is greatly reduced, improving 
the signal-to-noise ratio on signals arriving 
from across the pond. The array is an order 
of magnitude better on both transmitting 
and receiving than any antenna previously 
used on 80 at WICF. It has more than held 
its own with the competition, in all four 
quadrants. Of special interest to operators 
who like to use both phone and cw on 80 is 
the fact that the SWR is close to unity, 
from 3.5 to 4 MHz. 


Triangle 3-Element Array 


Anticipating that some amateurs may 
wish to use three rather than four elements, 
the ARRAY program was used to explore 
equilateral triangle configurations. 
Though it was not reduced to practice, a 3- 
element vertical array with 0.288A spacing 
between adjacent radiators looks promis- 
ing. The lead element is driven at 0° and the 
two side elements at -90°. The forward lobe 
is 135° wide, with a gain of close to 5.5 dB, 
including an estimated | dB contributed by 
vertical focusing. Front-to-back ratio is 12 
dB. With suitable switching, the pattern 
can be aimed in six different directions, 
again providing 360-degree coverage. The 


three-way Wilkinson mentioned earlier 
must be used with three 90-degree sections 
of 50-ohm line, to provide the proper phase 
relationships. Several other configurations 
appear promising, but involve more 
complex switching and power-dividing 
circuitry. 


Applications for Other Frequencies 


The diamond and triangle antenna 
configurations may find uses at other 
frequencies, as was done with the 1965 
design.4 Formulas are given below for 
determining the line lengths and element 
spacings. A 2-meter phased array can be 
mounted on the roof of a car and wafer- 
switched to the desired directions. For 
people who like to experiment with logic 
and rf switching with semiconéuctors, 
circuits can be devised so that the receiver 
can scan periodically, and the antenna 
steered to the desired signal. 

The authors wish to thank the many 
people who have contributed to the 
success of this project, including WIFRR, 
KIGXT, WIHMV, WIFXT, KICCK, M. 
E. Hines, F. Howe, H. Wells, R. Rearwin, 
H. P. Scott, and many others. We also wish 
to thank Microwaves Associates, Inc., for 
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Formulas for length of quarter-wave 
(90°) phasing lines, and spacing of 
radiators, are given below: 


Electrical A/4, solid-dielectric coaxial line, 
50 or 70 ohms (RG-8, -I1, -58, -59): 


162.36 


frie 


Ln = 


Electrical 4/4, solid-dielectric coaxial line, 
93 ohms (RG-62, -71): 


206.64 


fn Hz 


300-ohm Twin-Lead — parallel three \/4 
sections to approximate 93-ohm cable 
(requires | input and 3 output 1:1 baluns): 


201.72 


fanz 


Ln = 


Ln = 


Radiator spacing, diamond array: 


246 
fn 


Radiator spacing, triangular array: 
283.4 
MHz 


Sn = 





> 0.25r 


f, 


This material was originally presented in 
QST by Dana W. Atchley, Jr., WICF, 
Harold E. Stinehelfer and Joseph F. 
White, Ph.D. 


Sa = > 0.288 A 
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An Etched-Circuit Monimatch for Checking 
Your Antenna System 


Why buy an expensive SWR indicator when you can build this slick little unit at 
home? Not only will you save money, but you'll learn something about how SWR 
meters operate. Try the W1ICP circuit — you'll like it! 


A Novice who reads the instruction 
manual that comes with his transmitter and 
uses a 50-ohm dummy antenna can follow 
the tune-up procedures fairly accurately. 
With the dummy antenna he will find that 
the settings for the tuning controls will be 
fairly close to those specified by the 
manufacturer. However, when an antenna 
system is attached to the rig, in many 
instances the adjustments are far removed 
from any “book” setting. When this 
happens the Novice finds that he cannot get 
proper tuning of the rig, or worse yet, 
actually damages the equipment by trying 
to “force” it to work. 

Nearly every transmitter these days, 
whether commercial or home-built, has a 
final amplifier stage that is designed to 
work into a 50-ohm load. If the load is 
something other than 50 ohms it may be 
impossible to tune the amplifier stage 
correctly. Of course, an important part of 
the problem is finding out what the load is 
— or, rather, how far from 50 ohms it 
happens to be. The piece of measuring gear 
described in this article is a device for doing 
just this. However, before describing the 
Monimatch and what it can do, let’s take a 
little closer look at antenna-system loads, 


The “50-Ohm” Load 


The evolution of transmitter design since 
WW II has been influenced by several 
factors that have led to design that is more 
or less standard these days. First off, 
television came along right after the war 
and the hams quickly discovered that 
extremely tight shielding of a transmitter 
was needed to prevent undesired radiation 
that could cause TVI. However, when tight 
shielding was installed, band changing 





Here is the completed Monimatch with the two 
meters and the sensitivity control in the box at: 
the right. The sensing unit is at the left. 


RECEIVER 


OPEN-WIRE LINE ——— 


OR TWIN-LEAD 





Fig. 34 — A typical setup for using a Monimatch in’a multiband antenna system using a single 
dipole. The length of the dipole is not critical but it should be at least 1/4 wavelength overall at the 
lowest operating frequency for good efficiency. The feed line can be any length. The antenna relay 


and low-pass filter may be omitted If not needed. 


without band-switching became a real 
chore because there were so doggone many 
screws to unscrew and rescrew. 

The one type of tank circuit that lent 
itself very well to the problem was the pi 
network. It was a fairly simple job to design 
a tightly shielded bandswitching trans- 


mitter, using the pi network, that would 
work into a 50-ohm load. Why 50 ohms? 
Simply because at this time 50-ohm coaxial 
cable had become a very popular type of 
transmission line. During the war, tech- 
niques were developed that made the 
manufacture of flexible coaxial cable a 





This is the sensing unit of the etched circuit Monimatch. As pointed out in the text, be sure to use 
a heat sink when soldering the diodes and resistors to the circuit board. The two shielded pickup 
leads are routed out the back of the Minibox, through a rubber grommet. 
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Fig, 35 — Circuit details of the etched-circuit 

Monimatch. The 0.001 ywF capacitors are disk 

ceramic. 

D1, D2 — 1N34A germanium diodes. 

J1, J2 — Coax chassis fittings, type SO-239. 

L1, L2 — See text and Fig. 36. 

M1, M2 — 0-50 uA meter (Lafayette 99 H 5049). 

R1, R2 — 68-ohm, 1/2-watt carbon or 
composition. 

R3 — 25 kM control, linear taper. 

$1 — Spdt switch. 


reliable and economical process. So TVI 
and the availability of coax feed lines were 
the primary contributing factors that led to 
our present-day transmitter design. 

If the load that is* attached to the 
transmitter is something other than 50 
ohms then the transmitter may be difficult 
to load, depending on a couple of other 
factors, While it is possible to design a pi 
network that will handle quite a wide 
variety of loads, many present day manu- 
facturers, in order to compete in given price 
ranges, use a minimum number of parts in 
the tank circuit of the amplifier. For such 
rigs to operate properly the load must be 
between 25 and 75 ohms. This of course 
means that the user mus furnish a load 
that will fall within this range. 


Transmission Lines 


The output terminal on all rigs these 
days is a coax fitting, which of course 
implies that a coaxial line must be attached 
to the rig. This doesn’t mean that the 
coaxial line has to go all the way to the 
antenna. It could be connected to a 
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Transmatch or a balun. What is important 
is that the first thing in the antenna system 
is the coaxial line that is attached to the rig. 

Many Novices mistakenly believe that if 
you attach a 50-ohm coaxial cable to rig 
you automatically have a 50-ohm load. 
This is not true. The 50-ohm designation 
on the cable merely means that 50 ohms is 
the characteristic impedance of the cable. 
The characteristic impedance of a trans- 
mission line is determined by the size of the 
conductors used, the spacing of the 
conductors, and the dielectric material 
used to separate and support the conduc- 
tors. The only time you would have a 50- 
ohm load using 50-ohm cable is when the 
line is terminated in its characteristic 
impedance. In other words, if the antenna 
has an impedance of 50 ohms then you will 
have a 50-ohm load on the rig. If the 
antenna has an impedance of other than 50 
ohms then the load at the transmitter will 
be something other than 50 ohms. This in 
turn leads us up to a short discussion of 
standing-wave ratio. 


SWR 


If a transmission line is terminated in its 
characteristic impedance, all the power fed 
into the line from the transmitter will be 
delivered to the load end — in this case, the 
antenna. Actually, not quite all the power 
will reach the antenna because there is 
always some loss in the transmission line 
itself. However, what is important is that 
when the line is terminated in its character- 
istic impedance none of the power that 
reaches the end is reflected back toward the 
transmitter; all of it is used up in the 
antenna. 

When the antenna impedance is different 
from the line impedance some of the power 
will be reflected back toward the transmit- 
ter end. Standing waves of voltages and 
currents will then exist on the transmission 
line. When this happens, the transmitter 
will no longer “see” a 50-ohm load. Exactly 
what the load will be will depend on several 
factors,'! but suffice to say it will be 
something other than 50 ohms. 

The standing-wave ratio on the trans- 
mission line is the ratio of maximum to 
minimum voltage or maximum to mini- 
mum current that exists along the line. If 
the line were matched in its characteristic 
impedance the voltage would be the same 
along the line and of course the SWR 
would be I to 1. The SWR is determined by 
dividing the resonant antenna impedance 
into the line impedance, or vice versa. For 
example, if the antenna impedance were 25 
ohms and a 50-ohm line were used, the 
SWR would be 2 to I. 

For a moment, let’s assume that regard- 
less of how bad a mismatch exists, we are 
still able to tune and load our transmitter. 
The question then arises, how does the 
mismatch affect the losses in the transmis- 
sion line? The answer to the question 
depends on how efficient the transmission 
line is. 

Remember earlier we said there are 


always some power losses in every trans- 
mission line. If we have a mismatch at the 
antenna end, some of the power that 
reaches the end will be reflected back down 
the line. In traveling back, some of this 
power will be dissipated in the line, and the 
higher the SWR the higher these additional 
losses will be, because a higher SWR means 
that a greater proportion of the power will 
be reflected. In a transmission line that is 
100 percent efficient (one that has no 
losses) it follows that regardless of how 
high an SWR exists, we wouldn’t have any 
losses due to the SWR. Unfortunately, 
there “ain't no such” line, although some 
types of lines are much less lossy than 
others. 

Also unfortunately, coaxial lines fall 
into the class that can be considered to be 
lossy lines. Just as an example, let’s assume 
that you are using 100 feet (30.48 m) of RG- 
58/U on the Novice 15-meter band, and 
you are getting 50 watts out of your 75-watt 
Novice rig. This 50 watts is what is leaving 
your transmitter on the way to antenna via 
the 100 feet (30.48 m) of line. The loss for 
100 feet (30.48 m) of RG-58/U at 21 MHz 
is 1.9 decibels. Translating this figure to 
power, we would lose about 20 of our 50 
watts in the losses in the feed line, leaving 
only 30 watts to reach the antenna and be 
radiated. This is assuming the antenna 
impedance to be 50 ohms, the same as that 
of the line. If there is a mismatch the losses 
will be higher, as pointed out earlier. 
Suppose the SWR is 3 to I, using the same 
setup. The additional loss in the system 
because of the SWR would be | dB, ora 
total of close to 3 dB. A 3-dB loss 
represents almost exactly one-half the 
power — that is, only 25 watts reach the 
antenna to be radiated. RG-8/U cable has 
the same characteristic impedance as RG- 
58/U but has less loss because it has larger 
conductors and more spacing between the 
conductors (and of course is more expen- 
sive). 

The closest thing to a lossless transmis- 
sion line is open-wire line. An open wire 
line on 21 MHz has only 0.08 dB loss per 
100 feet (30.48 m). Even with a very high 
mismatch — for example, an SWR of 20 to 
1, the additional losses are still less than | 
db! 

This should not be interpreted to mean 
that coax is an undesirable type of line to 
use. For beam antennas it is difficult to 
beat the ease and convenience of using 
coax. However, for a single antenna, such 
as a dipole that is to be used on all bands 
and all frequencies, the best system is one 
consisting of a Transmatch and a feed line 
of open-wire line, such as shown in Fig, 34. 
With this system you can forget about line 
losses, SWR on the line, and mismatches 
between the antenna and feed line. By 
correctly adjusting the Transmatch, you 
can always give your rig a 50-ohm load 
regardless of what the load is on the 
antenna side of the Transmatch. If we use 
an SWR bridge in the short length of 50- 
ohm coaxial line that connects the rig to the 
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Transmatch, we can adjust the Transmatch 
so that the 50-ohm line shows a match, or 
SWR of | to 1, and the transmitter always 
sees a 50-ohm load. 

The SWR bridge in the photographs and 
drawings is simple to build, and. when 
installed in 50-ohm cable, will show the 
relative mismatch in the line, and also will 
indicate when you get the Transmatch 
properly adjusted for a match. The SWR 
bridge can also be used as an output 
indicator, which is very handy when tuning 
up the rig. 


SWR Bridge Circuit Details 


The etched-circuit Monimatch shown 
here is a reflectometer that samples the 
forward and reflected voltage in a 50-ohm 
line. Fig. 35 shows the circuit diagram. L1 
and L2 are the pickup lines. In operation, a 


“forward,” the closer you come to | to |, or 
a matched condition. 

In the unit shown, two meters are used, 
one for the forward and the second for the 
reflected reading. However, if desired a 
single meter can be used and switched as 
shown in Fig. 35 at B. We used two meters 
in the indicator as this permits constant 
monitoring of what is happening in the 
line. The meters are inexpensive ones made 
in Japan. 


Construction Details 


Fig. 36 is a full-sized template of the 
etched circuit board. A QST article? went 
into detail showing simple methods for 
making etched circuits, so we won't treat 
the process here. In making this board, it is 
suggested that the board be covered with 
masking tape and then the pattern of Fig. 


much heat from the iron can ruin the 
component. 

The Monimatch and meters are mount- 
ed in separate Miniboxes, 2-1/4X2-1/4X5 
inches (57 mm X 57 mm X 127 mm). The 
two connectors on the Monimatch sensing 
unit, JI and J2, are mounted with their 
center pins 3-3/4 inches (95 mm) apart, 
center-to-center. In order to avoid an 
impedance “bump” in the feed line when 
the bridge is inserted in the line, the circuit 
board should be mounted 1/4 inch (6 mm) 
above the base of the Minibox. Quarter- 
inch (6 mm) spacers can be used under the 
circuit board at the screws holding both the 
board and the coax fittings to position the 
board accurately. 

Shielded conductors should be used for 
the connections from the diodes to the 
meter enclosure. The shields should be 
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Fig. 36 — Etched circuit board template. The foil side is shown; the etched portion is shaded. 


very small amount of power is coupled into 
the pickup lines and the rf voltages are 
rectified by DI and D2. The rectified 
voltages are then fed to the two meters, M1 
and M2, and the SWR then determined 
from the readings. 

While a Monimatch is not a precise piece 
of measuring equipment, the SWR read- 
ings will be close enough for practical 
purposes. In order to determine the SWR, 
the forward-reading meter is set to full 
scale by adjusting R3, the sensitivity 
control, and then the reading on the 
“reflected” meter is noted. The formula for 
the SWR using this system is 


F+R 

r=” 

For example, let’s assume the “reflected” 
reading is 5, with the “forward” reading 
being 10. Then 15 divided by 5(that is, 10+ 
5 divided by 10 — 5) would mean the SWR 
is 3 to 1. The closer the “reflected” reading 
is to zero, versus full-scale reading on 





36 transferred to the tape. Using a sharp 
knife edge or razor blade and a straight 
edge, the masking tape can be carefully and 
accurately cut to the pattern. 

After the board is etched, it can be 
positioned in the Minibox over the chassis 
connector holes and the board can then be 
marked at the drilling points for the 
mounting holes and the center conductor 
pins of the coax fittings. When installing 
the mounting screws, be sure they don’t 
short to the center — conductor portion of 
the foil on the board. 

There are a couple of other construction 
points that should be stressed. The lead 
lengths on RI and R2 should be kept as 
short as possible. Also, be sure to use 
carbon or composition resistors, mot wire- 
wound. When mounting the resistor and 
diode ends to the pickup sections, L1 and 
L2, the connections should be at the very 
ends of the sections. Also, use a heat sink 
when soldering the leads on any of the 
components mounted on the board, as too 
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grounded to the chassis at both boxes. 
These lead lengths are not critical, and the 
Monimatch can be remote from the meter 
indicator. 


Using the Bridge 

If you are using coax feed from the rigto 
the antenna, the bridge can be installed at 
any convenient spot in the line. If you are 
using a Transmatch, similar to the system 
as shown in Fig. 34, the Monimatch should 
be installed on the transmitter side of the 
Transmatch. Any relays or filters should be 
installed between the bridge and the 
transmitter, as shown. 

Set R3 so that the arm of the control is at 
the top of the resistance — in other words, 
with all the resistance in series with the 
meter circuit. Tune up your rig in the 
normal fashion, and once tuned up adjust 
the sensitivity of the “forward” meter by 
moving the arm of R3 until the meter reads 
full scale. You can then determine the 
SWR by the formula mentioned earlier. 
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When adjusting a Transmatch, feed just 
enough power through the system to 
obtain about half-scale reading on the 
“forward” meter and then adjust the 
Transmatch controls for a match, as 
indicated by zero reflected power. You may 
have to adjust R3 as you adjust the 
Transmatch to keep the “forward” meter 
from reading more than full scale. Once 
you have the Transmatch adjusted for a |- 
to-1 ratio as indicated by the bridge, the 
transmitter can be loaded up in the normal 
manner. We usually reduce the forward 


reading to about half scale, and then tune 
the rig for maximum output, as indicated 
by the meter. When doing this, you may no- 
tice that maximum output as indicated by 
the bridge meter occurs at some setting other 
than the normal transmitter plate meter 
“dip” reading. (Normally, the instruction 
manuals tell you to tune fora plate dip if the 
transmitter has no output meter.) However, 
the amplifier stage will work better if you 
tune for maximum output rather than the 
dip — keeping the plate loading within the 
transmitter ratings, of course. 


In-Line RF Power Metering 


Once you become familiar with the use 
of the bridge and interpreting the readings, 
you'll find it a very valuable device in your 
station. This material originally presented 
in OST by Lewis G. McCoy, WIICP. 
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Problems are frequently encountered in designing and building reflected-power 
meters and SWR bridges. Examples of practical in-line rf wattmeters are given 
here, along with complete details for building a unit that will provide two power 
ranges, forward and reflected, for use from 3.5 to 30 MHz. 


tis neither costly nor difficult to build an 
rf wattmeter. And, if the instrument is 
equipped with a few additional compo- 
nents it can be switched to read reflected 
power as well as forward power. With the 
foregoing feature the instrument can be 
used as an SWR meter for antenna 
matching and Transmatch adjustments. 

Perhaps the most difficult task faced by 
the constructor is that of calibrating the 
power meter for whatever wattage range he 
desires to have. The least difficult method 
is to use a commercial wattmeter as a 
standard. If one is not available, the power 
output of the test transmitter can be 
computed by means of an rf ammeter in 
series with a 50-ohm dummy load, using 
the standard formula, P = I?R. Or, if one is 
not interested in obtaining power readings 
the bridge can be used solely as an SWR 
indicator, as is done with the Monimatch- 
style SWR bridge.! 

The advantage of the circuits shown here 
over those of Monimatch bridges is that 
these instruments are not frequency- 
sensitive. Monimatch indicators become 
more sensitive as the operating frequency is 
increased, thus making it impractical to 
calibrate them in watts for more than one 
band, or for more than one portion of a 
given band. The units described here are 
more sensitive than Monimatches are. This 
makes it possible to calibrate them for 
power levels as low as | watt, full scale, in 
any part of the hf spectrum. 

All of the circuits shown in this article 
are similar to the basic one which was 
described in QST.? Some of the circuits are 
those of commercial power meters, and are 
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used to illustrate variations in the basic 
Bruene design. The reader may wish to 
experiment with some of these circuits. 


Design Philosophy 

Referring to the circuit of Fig. 37B, the 
circuit used by Collins Radio Company, 
the transmission-line center conductor 
passes through the center of a toroid core 
and becomes the primary of T1. The multi- 
turn winding on the core functions as the 
transformer secondary. Current flowing 
through the line-wire primary induces a 
voltage in the secondary which causes a 
current to flow through resistors R5 and 


R6. The voltage drops across these 
resistors are equal in amplitude, but 180 
degrees out of phase with respect to 
common or ground. They are thus, for 
practical purposes, respectively in and out 
of phase with the line current. Capacitive 
voltage dividers, C3C7 and C4C8, are 
connected across the line to obtain equal- 
amplitude voltages in phase with the line 
voltage, the division ratio being adjusted so 
that these voltages match the voltage drops 
across RS and R6 in amplitude. (As the 
current/ voltage ratio in the line depends on 
the load, this can be done only for a 
particular value of load impedance. Load 





values chosen for this standardization are 
pure resistances that match the character- 
istic impedance of the transmission line 
with which the bridge is to be used, usually 
50 or 75 ohms.) Under these conditions, the 
voltages rectified by D1 and D2 represent, 
in the one case, the vector sum of the 
voltages caused by the line current and 
voltage, and in the other, the vector 
difference. With respect to the resistance 
for which the circuit has been set up, the 
sum is proportional to the forward 
component of a traveling wave such as 
occurs on a transmission line, and the 
difference is proportional to the reflected 
component. 

The Collins circuit uses two 8-uF 
capacitors, C5 and C6, to permit the meter 
to approach the PEP level during ssb 
operation. The de voltages in the forward 
and reflected lines charge the capacitors to 
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permit a near-peak reading. The discharge 
rate is set by the series calibrating resistors, 
RI through R4, and is dependent upon 
which of them is switched into the metering 
line at a given time. The circuit of Fig. 37B 
uses two 43-pF capacitors, Cl and C2, to 
cancel the inductive reactances of R5 and 
R6. Such reactance may become manifest 
at the high end of the range for which the 
instrument is built. If reactance is present 
in that part of the circuit the meter readings 
may not be accurate, especially at 10 and 15 
meters. The capacitors were not needed in 
the circuit of Fig. 38, perhaps because the 
resistor leads were very short when they 
were mounted on the etched-circuit board. 


Some Design Hints 


It is important that the layout of any rf 
bridge be as symmetrical as possible if good 
balance is to be had. The circuit-board lay- 
out for the instrument of Fig. 38 meets this 
requirement. Also, the input and output 
parts of the equipment should be isolated 
from the remainder of the circuit so that 
only the sampling circuits feed voltage to 
the bridge. A shield across the end of the 
box which contains the input and output 
jacks, and the interconnecting line between 
them, is necessary. If stray rf gets into the 
bridge circuit it will be impossible to obtain 
a complete zero reflected-power reading on 
M! even though a 1:1 SWR exists. 

Referring again to Fig, 38, resistors R1 
and R2 should be selected for the best null 


reading when adjusting the bridge into a 
resistive 50- or 75-ohm load. Normally the 
value will be somewhere between 10 and 47 
ohms. The 10-ohm value worked well with 
the homemade instruments shown here. It 
was found that half-watt resistors ex- 
hibited somewhat less inductive reactance 
at 30 MHz than did some 1-watt units tried. 
RI and R2 should be as closely matched in 
resistance as possible. They need not be 
exactly 10 ohms, so a VTVM can be used to 
match them. The resistors used for the 
circuit of Fig. 38 were actually 10.5 ohms 
each, and were chosen from an assortment 
of “]0-percenters” on hand. 

Silver-mica capacitors C3 and C4 were 
close enough in value so that special 
selection was not required. There should be 
enough leeway in the ranges of C] and C2 
to compensate for any difference in the 
values of the 330-pF capacitors, Ideally, 
however, C3 and C4 should be matched in 
value, 

Diodes DI and D2 should also be 
matched for best results. An ohmmeter can 
be used to select a pair of diodes whose 
forward dc resistances are within a couple 
of ohms of being the same. Similarly, the 
back resistances of the diodes can be 
matched. The matched diodes will help to 
assure equal meter readings when the 
bridge is reversed. (The bridge should be 
perfectly bilateral in its performance 
characteristics.) Germanium diodes are 
used in the bridges described here, but 
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Fig. 37 — Schematic diagrams of typical in-line power meters. At A, the R. L. Drake W-4 instrument. It uses a center-tapped transformer at T1 and has 
but one capacitive voltage divider in the sensing circuit. The circuit at B is discussed in the text, and is used by Collins Radio Company. The capacitive 
voltage dividers in this circuit use two 500-pF feedthrough capacitors in place of the silver-mica capacitors specified in Fig. 38. Capacitors C5 and C6 
permit a charge time that enables the meter to read near-peak power on ssb. Calibrating resistances R1 through Ré4 are factory selected. The circuit at 
C |s similar to one used by Comdel in their power meter, In this circuit C1 Is a fixed-value (smal!) capacitor, and the bridge is nulled by the larger 


capacitor in the divider, C2. 
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Fig. 38 — Schematic diagram of a practical power wattmeter. A calibration scale for M1 is shown 
also. Fixed-value resistors are 1/2-watt composition. Fixed-value capacitors are disk ceramic unless 
otherwise noted. Decimal-value capacitances are in uF. Others are pF. Resistance is in ohms; k = 


1000, 

C1, C2 — 1.3- to 6.7-pF miniature trimmer [(E. F. 
Johnson 189-502-4. Available from Newark 
Electronics, Chicago, IL). 

C3-C11, incl. — Numbered for circuit-board 
identification. 

D1, 02 — Small-signal germanium diode. 
IN34A, etc. (see text) 

J1, J2 — Chassis-mount coax connector of 
builder's choice. Type SO-239 used here. 
M1 — 0- to 200-nA meter (Triplett type 330-M 

used here.) 

R1, R2 — Matched 10-ohm resistors (see text). 

R3, R4 — 5000-ohm printed-circuit carbon 


silicon diodes can also be used. Silicon 
diodes conduct at a higher voltage than 
germanium diodes do — approximately 
0.7 volt — and will not work too well in 
low-power wattmeters. Some silicon 
diodes were tried, but ceased to conduct at 
approximately 8 watts in the circuit of Fig. 
38. This effect can cause misleading results 
when low values of reflected power are 
present during antenna adjustments. The 
SWR can appear to be zero when actually 
it isn’t. The germanium diodes conduct at 
approximately 0.3 volt, making them more 
suitable for low-power readings. 

Any meter whose full-scale reading 
is between 50 microamperes and ! milli- 
ampere can be used at MI. The more 
sensitive the meter, the more’ difficult 
it will be to get an absolute reflected-power 
reading of zero. Some residual current 
will flow in the bridge circuit no matter 
how carefully the circuit is balanced, 
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control (IRC R502-B). 

R5, RE — 25,000-ohm printed-ciruit carbon 
control (IRC R253-B). 

RFC1, RFC2 — 500-uH rf choke (Millen 34300- 
500 or similar). 

S1 — Dpdt single-section phenolic wafer switch 
(Mallory 3222). 

$2 — Spdt phenolic wafer switch (Centralab 
1460). 

T1 — Toroidal transformer; 35 turns of no. 26 
enam. wire to cover entire core of Amidon T- 
68-2 toroid (Amidon Assoc., 12033 Otsego St., 
No. Hollywood, CA 91607). 


and a sensitive instrument will detect 
this current flow. Also, the more sensitive 
the meter, the larger will have to be 
the calibrating resistances, R3 through R6, 
to provide high-power readings. A 0- to 
200-microampere meter represents a good 
compromise for power ranges between 100 
and 2000 watts. 


Construction 


The power meter of Fig. 38 is built intwo 
sections. The rf circuit and the calibrating 
resistors are housed in a 4 X 4 X 2-inch (102 
> 102 < 51 mm) aluminum utility box. All 
components other than Jl, J2, and the 
feedthrough capacitors, are assembled on 
the etched-circuit board.) Switches S! and 
$2, and the meter, M1, are installed in a 
sloping-panel! utility box which measures 
5 X 4 inches (127 X 102 mm). Four- 
conductor shielded cable — the shield 
serving as the common lead — is used to 


join the two pieces, There is no reason why 
the entire instrument cannot be housed in 
one container, but it is sometimes awkward 
to have coaxial cables attach to a unit that 
occupies a prominent place in the operat- 
ing position. Built as shown, the two-piece 
instrument permits the rf pickup head to be 
concealed behind the transmitter, while the 
control head can be mounted where it is 
accessible to the operator. 

Toroidal! transformer Tl] fits into a 
cutout area on the circuit board. A I-inch 
(25 mm) long section of RG-8/U cable — 
vinyl jacket and shield braid removed — 
provides a snug fit in the center hole of the 
toroid, and is used to complete the line 
between J1 and J2. The inner conductor of 
the RG-8/U section solders to the circuit 
board, thus holding T! in place. 

A flashing-copper shield divides T] and 
its center-conductor line from the re- 
mainder of the circuit. This partition is 
shown in dotted lines in Fig. 38. It is 
mounted on the non-foil side of the circuit 
board and is secured at each end to solder 
lugs which are mounted under the retaining 
screws for J1 and J2. 

The circuit board is held in place, at the 
end near T1, by means of an aluminum L 
bracket. The circuit-board end nearest the 
feedthrough capacitors is held in place bya 
no. 6 spade bolt. A solder lug is mounted 
under the no. 6 nut (outside the case) which 
secures the spade bolt. The lug serves as a 
connection point for the common lead 
between the rf head and the control box. 
Two solder lugs are mounted under the 
bottom two retaining screws of each coax 
connector. The free ends of the lugs are 
soldered to the copper foil of the circuit 
board. 

A partition is visible in the foil-side view 
of the rf head. It can be eliminated if 
desired, since it did not prove necessary 
when the unit was tested. Similarly, an 
extra shield partition is shown on the top 
side of the board. It too can be eliminated, 
for it turned out to be unnecessary. The 
flashing-copper shield discussed earlier is 
the only one required for the circuit of Fig. 
38. 


Checkout and Tune-up 


Once the instrument is wired and ready 
to test it should be inspected for unwanted 
solder bridges between the circuit-board 
foils. It is usually a good idea to scrape out 
the rosin buildup between the foils, and this 
can be done with the blade of a small 
screwdriver. A continuity check for 
“opens” and “shorts” should also be made 
before power is applied to the unit. Make 
certain that the diodes are installed for the 
correct polarity — the banded ends 
(cathodes) toward Cl and C2. 

Connect a noninductive 50-ohm dummy 
load to J2. A Heath Cantenna or similar 
load will serve nicely for adjustment 
purposes. Place S2 in the FORWARD 
position, and set S1 for the 100- range. 
An rf ammeter or calibrated power meter 





Top view of the rf head for the circuit of Fig. 38. A flashing-copper shield 
isolates the through-line and T1 from the rest of the circuit. The second 
shield (thicker) is not required and can be eliminated from the circuit. 

If a 2000-watt scale is desired, fixed-value resistors of approximately 

22 kM can be connected in series with high-range printed-circuit controls. 


Or, the 25 kf controls shown here can be replaced by 50 kf units. 





Fig. 39 — Inside view of the 5- and 50-watt power meter rf head. Component values are the same as 
in the circuit of Fig. 38, except for the calibrating resistances (see text). An aluminum shield isolates 
the through-line and toroid from the remainder of the circuit. A 50-yA meter is used in this model. 


should be connected between J2 and the 
dummy load during the tests, providing 
power calibation points against which to 
plot the scale of MI. Apply transmitter 
output power to Jl, gradually, until MI 
begins to deflect upward. Increase trans- 
mitter power and adjust R4 so that a full- 
scale meter reading occurs when 100 watts 
is indicated on the rf ammeter or other 


standard in use. Next, switch S2 to 
REFLECTED and turn the transmitter off. 
Temporarily short across R3, turn the 
transmitter on, and gradually increase 
power until a meter reading is noted. With 
an insulated screwdriver adjust C2 for a 
null in the meter reading. 

The next step is to reverse the coax 
connections to J1 and J2. Place S2 in the 
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Bottom view of the rf head for the circuit of Fig. 38. The fixed-value 
resistor at the lower left does not belong in the circuit, but was added as 
a shunt for one of the calibrating controls which was too high in 

value — a 50 kf unit that was on hand. The shield partition shown here 
proved unnecessary and can be eliminated. 


REFLECTED position and apply transmitter 
power until the meter reads fullscale at 100 
watts output. In this mode the REFLECTED 
position actually reads forward power 
because the bridge is reversed. Calibrating 
resistance R3 is set to obtain 100 watts full 
scale during this adjustment. Now, switch 
S2 to FORWARD and temporarily place a 
short across R4. Adjust Cl for a null 
reading on M1. Repeat the foregoing steps 
until no further improvement can be 
obtained. It will not be necessary to repeat 
the nulling adjustments on the 1000-watt 
range, but R5 and R6 will have to be 
adjusted to provide a full-scale meter 
reading at 1000 watts. If insufficient meter 
deflection is available for nulling adjust- 
ments on the 100-watt range, it may be 
necessary to adjust CI and C2 at some 
power level higher than 100 watts. If the 
capacitors tune through a null, but the 
meter will not drop all the way to zero, 
chances are that some rf is leaking into the 
bridge circuit through stray coupling. Ifso, 
it may be necessary to experiment with the 
shielding of the through-line section of the 
rf head. If only a small residual reading is 
noted it will be of minor importance and 
can be ignored. In the circuit of Fig. 38 
there remained approximately one-half a 
meter division when the null was reached, 
and this occurred only on the 1000-watt 
range. Since this was representative of less 
than 2 watts of power, it was deemed 
inconsequential. 

With the component values given in Fig. 
38 the meter readings track for both power 
ranges. That is, the 10-watt level! on the 
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Inside view of the modified Heath HM-15 bridge. The new components are grouped at the center of 
the chassis on a 5-lug terminal strip. The nulling capacitors are connected between the inner line 
and the terminal strip, Press-fit aluminum shield covers are slipped over the trough line to aid in rf 
isolation. One cover Is in place; the other is at the right of the photo. Improved shielding might be 
effected by installing an aluminum plate between the terminal strip and the two nulling capacitors. 





Fig. 40 — Inside view of a 3-watt power meter for QAP rigs. Its circuit is given on page 16 of June 
1969 QST. Ceramic trimmers are used for nulling the bridge. Type SO-239 connectors are paralleled 
with phono jacks to add versatility. A 4 X 4 X 2 inch (102 X 102 X 51 mm) utility box houses the 


entire unit. 


100-watt range, and the 100-watt point on 
the 1000-watt range fall at the same place 
on the meter scale, and so on. This no 
doubt results from the fact that the diodes 
are conducting in the most linear portion of 
their curve. Ordinarily, this desirable 
condition does not exist, making it 
necessary to plot separate scales for the 
different power ranges. 

Tests indicate that the SWR caused by 
insertion of the power meter in the 
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transmission line is negligible. It was 
checked at 28 MHzand no reflected-power 
could be noted on a Bird wattmeter. 
Similarly, the insertion loss was so low that 
it could not be measured with ordinary 
instruments. 


Other Circuits 


Additional circuits and photos are 
shown for variations in the basic design 
used at Fig. 38. A low-power model, having 


Inside view of a 2000-watt power meter built by 
N1RM. This bridge is patterned after the circuit 
of Fig. 37B, Point-to-point wiring Is used 
throughout, thus avoiding the need for a circuit 
board. Two piston trimmers are used for the 
nulling capacitors and are mounted one above 
the other on a phenolic block. The two 500-pF 
feedthrough capacitors are part of the 
capacitive voltage dividers. 


Rt 
SENSITIVITY 
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Fig. 41 — Schematic diagram of the modified 
Heath HM-15 SWRA meter. D1, D2, M1, A1 and 
$1 are original components from the HM-15. T1 
is the same as in Fig. 38. See text for additional 
details, 


scales for 5 and 50 watts, is shown in Fig. 
39. It uses fixed-value resistors for meter 
calibration. The required values of resist- 
ance were first determined by temporarily 
inserting a potentiometer in the meter line, 
obtaining the required full-scale reading, 
then substituting fixed-value resistances of 
the proper ohmage. The meter readings for 
the two power ranges do not track in this 
model, 

A low-power meter was designed for use 
with the QRP transmitter described in 
June 1969 QST. It is shown in Fig. 40, and 
has a full-scale calibration of 3 watts. To 
obtain additional sensitivity, the primary 
of the toroidal transformer consists of a 


one-turn link instead of the single wire that 
would normally pass through the hole in 
the toroid core. 

Some experiments were conducted to see 
if a Heath HM-15 SWR bridge (a Moni- 
match type) could be modified to workina 
Bruene circuit. The results were satisfac- 
tory, and the circuit is given in Fig. 41. No 
attempt was made to obtain a calibration 
scale for the meter. The unit is being used as 
a simple SWR indicator, but now has 
better sensitivity in the lower part of the hf 
spectrum — 7 watts, full scale, from 3.5 to 
30 MHz. Also, the instrument is no longer 
“frequency-conscious” as was the case 
before modification. The original pickup 
lines were discarded, the FWD-REV panel 
switch was rotated 180 degrees so that the 
labels were correct for the new circuit, and 


press-fit shield covers were installed on the 
trough line as shown in the photo. A power 
scale could be plotted by setting the 
sensitivity control in a fixed position — 
possibly replacing the existing contro! with 
a screwdriver-adjust type. A new 100-nA 
meter could be installed to provide a better 
scale for calibration in watts. 

It was necessary to dismantle the trough 
line so that the toroidal transformer could 
be slipped over the inner line. A few wraps 
of mylar tape were wound over the center 
of the inner line to insulate the toroid 
winding from the line, and to provide a 
snug fit to keep the toroid in place. The 
trough was notched out with a nibbling 
tool to allow clearance for the toroidal 
transformer. Additional shielding can be 
added between the line and the rest of the 


circuit to further assure a zero meter 
reading in the reflected position. 

It is hoped that the experimenter will 
find sufficient information here to enable 
him to build a power meter that will satisfy 
his specific needs. This material was 
originally presented in QST by Doug 
DeMaw, WIFB. 
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A Resistive Antenna Bridge — Simplified 


SWR indicators are neat, but when it comes to making measurements of 
resonant impedances, you need a true bridge type of instrument. Measure those 
low antenna resistances directly with this W2FMI circuit, and do it up to 30 MHz 


with ease! 


A. shown previously,' a bridge using a 
single variable capacitor can be used to 
measure resonant impedances of antennas 
and losses in coils with reasonable accura- 
cy. With addition of an L/C network, the 
bridge can also be very useful in adjusting 
antennas for resonance conditions. Re- 
cently it was brought to the author's 
attention that a bridge using a variable 
resistance could also perform well. This is 


'Sevick, “Simple RF Bridges,” April 1975 QST, page 
li. 


possible because the range of antenna 
impedances is generally low enough to 
allow for low values of resistance in the 
arms of the bridge. Under these conditions 
parasitic capacitances are negligible up to 
30 MHz. 

Resistive bridges have the advantages of 
small size, readily available components, 
and dial calibrations which can be made 
practically linear. Two bridges are shown 
with their respective calibration curves. 
The first is a linear device. The second 
expands the lower portion of the calibra- 


tion curve, 0 to 30 ohms, to measure lower 
values of antenna impedance and coil 
losses more accurately. 


Bridge Details 


The resistive bridge with a variable 
resistance in one arm and equal resistances 
in the other two is shown in the photo- 
graphs, and schematically in Fig. 42A. The 
nonlinear bridge is similar mechanically. 
The small enclosures and compact layout 
minimize lead lengths. With the linear 
version the dial practically reads directly in 





Exterior and interior view of the resistive bridge. Appearance and component arrangement are |essentially the same for the two types described. 
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Fig. 42 — Schematic diagram and parts information for the linear (A) and nonlinear (B)\resistance 
bridges. Resistor wattages are the minimum recommended. 


01 — Germanium diode. 
J1, J2 — Coaxial connector, chassis type. 
J3 — Phono jack. 
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R1 — 100-ohm, 2-watt linear control (Allen- 
Bradley, Type J). 
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Fig. 43 — Calibration curves for the linear (A) and nonlinear (B) resistance bridges. The add-on L/C 
network used was described in the author's QST article on capacitive bridges. 


ohms. In using the L/C network described 
in the previous article, a constant offset 
occurs, because of ohmic loss in the coils. 


This can be as high as 20 ohms, as is shown 
by the 160-meter curve with the L/C 
network, Fig. 43A. 


Why a Transmatch? 


The variable resistor used in the bridges 
has a parasitic (stray) capacitance of the 
order of 10 to 20 pF, which has little effect 
even at 14 MHz. Other potentiometers of 
similar design can probably be substituted. 
The calibration curves provide a good 
check, If the difference between the 
calibrations for the lowest and highest 
frequencies to be used is greater than an 
ohm or two, parasitic capacitances are 
probably excessive. 

The nonlinear bridge uses most of the 
same components, but the control is 
connected in the differential mode, as 
shown in Fig. 42B. Resistance is subtracted 
from one arm and added to the other, 
tending to spread out the low end of the 
resistance scale for increased accuracy. In 
this version, the dial can be read easily to 
0.5 ohm. 


Results 


The author has found these resistance 
bridges to be entirely satisfactory for 
measurements in the range of 1.8 to 30 
MHz. Because of their greatly expanded 
scales, as compared with the capacitive 
bridges, and generally lower values of 
resistance in all arms of the bridge, they 
tend to have less marked nulls when used 
with very low-power signal sources. 
Increasing the minimum power to 20 or 30 
milliwatts, when using the sensitive meter 
described previously, should take care of 
this. 

In closing, the writer wishes to thank 
Roger A. Sykes, WIPP, for bringing the 
resistive bridge to the author’s attention. 
This material was originally presented in 
QST by Jerry Sevick, W2FMI. 


Let's cut away some of the mumbo jumbo about antennas. Here’s some basic 
information to help the newcomer make the decision that best suits his need. 


Wess days, nearly all transmitters have 
a pi-network tank circuit in the final 
amplifier. There are good reasons for this. 
With the pi tank it is possible to design a 
band-switching transmitter with excellent 
shielding (in order to prevent undesired 
harmonic radiation as far as TVI is 
concerned) and to accomplish the job with 
a minimum of complications. Additional- 
ly, the tank circuit easily can be set up to 
work into 50- or 70-ohm loads, the 
characteristic impedance of the popular 
types of coaxial feed lines. However, as we 
will see, this is where a “clinker” can get 
into the act. 
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When a pi network is designed to work 
into a 50-ohm load, the load must be 50 
ohms in order for the transmitter to work 
at full efficiency. Merely connecting 50- 
ohm coax to the tank circuit does not 
accomplish this. For the tank to “see” a 50- 
ohm load, the far end of the coax — the 
load or antenna end — must also have the 
same impedance as the coax, 50 ohms. If 
the load is not 50 ohms the pi network will 
see some other value than 50 ohms. 
Usually, too, the tank will see reactance as 
well as resistance when the line is not 
matched. While reactance is expressed in 
ohms, it isn’t a true resistance, and what it 


does is make it more difficult to put power 
into the line unless certain steps are taken 
to compensate for it. 


Pi-Network Tank Circuits 


In the conventional transmitter pi tank 
we have two controls, customarily referred 
to as the “tuning” and “loading” controls. 
The tuning control is the one that resonates 
the tank circuit to the desired frequency. 
The loading control, when adjusted 
properly, permits the final amplifier stage 
to be loaded to the desired input. To a 
limited extent it can also be used to 
compensate for the reactance in the load, 
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Fig. 44 — At the top is a simple half-wave dipole 
using coax feed. At the bottom is a drawing of a 
trap dipole. When a signal is fed to this antenna, 
for example an 80-meter one, the feed line 
“sees” a more-or-less resonant antenna on 80. 
When the transmitter is switched to 40, the traps 
“divorce” the 80-meter portion and the feed line 
sees a resonant 40-meter half-wave. 
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change frequency, the antenna is no longer 
resonant and reactance is introduced into 
the impedance. In turn, reactance is present 
at the transmitter end of the line. Whether 
or not the transmitter tank circuit can 
compensate for it will depend on the range 
of the loading capacitor. 

How do we go about getting an antenna 
that will look like 50 ohms over a wide 
range of frequencies within a band — and, 
for that matter, on several bands? It isn’t 
exactly easy. 

For example, if we cut an 80-meter half- 
wave dipole for the center of the band, 3750 
kHz, it is possible to obtain a fairly good 
match for 50-ohm coax at that frequency 
and approximately 50 kHz each side of 
3750 kHz. However, at the band edges, 
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Fig. 45 — This drawing shows an ideal multiband antenna system. The units can be connected 
together by either 50- or 70-ohm coaxial line. The SWR bridge must match the line used. By putting 
the antenna relay in this section of the line, the Transmatch can be used to advantage for receiving 


as well as transmitting. 


The clinker in this is that the reactance of 
many antenna-system loads may have too 
wide a range for the loading capacitor to 
handle. If you’ve ever been in the situation 
where is was impossible to load (or unload) 
the amplifier stage, the likely reason is that 
the load is too reactive to be handled by the 
tank circuit. 

Such a condition can lead to some 
serious difficulties. While a correctly tuned 
pi network will offer good harmonic 
attenuation, an improperly adjusted tank 
may provide no harmonic attenuation. In 
fact, many Novices who receive second- 
harmonic violation notices for their 80- 
meter operation can lay the blame on poor 
loads and incorrectly adjusted tank 
circuits. This leads us to the real crux of the 
problem. How do we get a 50-ohm load on 
the various bands and frequencies desired? 


Antenna Loads 


As we said earlier, in order for a trans- 
mitter to see a 50-ohm load the far end of 
the 50-ohm coax must also see 50 ohms, 
The point where you feed the antenna hasa 

‘certain impedance; in a half-wave dipole, 
for example, the impedance will be in the 
neighborhood of 50 ohms, depending 
somewhat on the dipole’s height above 
ground. Also, at resonance there will be no 
reactance in the impedance. When we 


3500 and 4000 kHz, the impedance will be 
very reactive and the mismatch between the 
coax and the feed point may be as high as 
10 to 1. It would be difficult, if not 
impossible, for our pi network to handle 
that type of mismatch. Actually, there is no 
“simple” antenna, by ham standards, that 
can be coax fed on 80 meters and cover the 
entire band with a reasonable match, The 
40-, 20- and 15-meter bands are narrow 
enough so that the pi tank will handle a 
coax-fed dipole under norma! circum- 
stances. However, a coax-fed dipole is 
essentially a one-band system so such an 
antenna is not the answer if we want to 
work “all” bands and all frequencies witha 
single antenna. 


Trap Antennas 


One type of multiband antenna with 
coax feed is the trap antenna, either 
horizontal or vertical. The horizontal 
variety is essentially a dipole with traps 
added to divorce parts of the antenna so the 
coax “sees” an electrically resonant dipole 
on the band in use. However, the trap 
dipole is no “broader” than a single dipole. 
Fig. 44 shows such a trap dipole antenna. 

There are a couple of drawbacks to trap 
dipoles. First, a coax-fed single-band 
dipole is essentially a selective circuit, in 
that it tends to discourage undesired 


Antenna Theory and Test Methods 


harmonics from being accepted and 
radiated. For example, a 40-meter har- 
monic would have a tough time in an 80- 
meter coax-fed dipole because the antenna 
and line are badly mismatched on 40, A 
trap system, however, does not discrim- 
inate against such undesired signals. Also, 
traps introduce power loss — probably not 
a great deal, but nevertheless loss. But if 
you want to use coax line and have 
multiband operation, the trap dipole is an 
answer. On the other hand, a Novice may 
ask, “Is there a better multiband system, 
one without the trap losses and harmonic 
problems?” The answer is yes, but before 
describing it let’s take a look at feed lines. 


Feed Lines 


Three common types of feed lines are 
used by amateurs: coaxial, twin-lead, and 
open-wire. Each has a certain amount of 
loss, with coax the lossiest, twin-lead next, 
and open-wire line the most efficient. An 
important point to keep in mind is that the 
greater the mismatch, or standing-wave 
ratio, on the transmission line, the greater 
the line loss. Also, the loss in any line 
increases with frequency: The loss will be 
least at 80 meters and will become 
progressively greater as we approach vhf or 
uhf. As an example, the loss in 100 feet 
(30.48 m) of RG-58/U line at 144 MHz is 
about 6 decibels, Translating this to power, 
if we had a transmitter that was putting out 
100 watts only about 25 watts would reach 
the antenna, at the end of a 100-foot (30.48 
m) line, to be radiated. The remaining 75 
watts would be dissipated as heat in the 
line! And, most important, this figure is 
based on the coax being matched at the 
antenna end. The mismatch or SWR will 
depend entirely on the impedance of the 
transmission line and the impedance of the 
antenna. If there is a mismatch, the losses 
increase. On 80 meters, this same coax has 
a loss of less than | dB for 100 feet (30.48 m) 
of line, so we could tolerate more of a 
mismatch. 

But don’t overlook the fact that if the line 
and antenna are mismatched it may be 
impossible to make the amplifier load, even 
if the extra loss can be tolerated. The 
question that then comes to mind is if we 
use a low-loss line so we can tolerate a high 
degree of mismatch, how can we make the 
transmitter see a 50-ohm load? The answer 
to this is to use a Transmatch between the 
transmitter and antenna. 


The Transmatch 


A Transmatch is simply an adjustable rf 
transformer that converts an unknown 
load (antenna side) to a desired load 
(transmitter side). It consists of induct- 
ances and capacitances which can be 
adjusted to provide a perfect 50-ohm load 
for the transmitter on any band or 
frequency. 

Let’s take an example to show how a 
Transmatch can do the job. The impedance 
at the center of an 80-meter dipole is 
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Approximate Attenuation in Decibels/100 ft. (30.48 m) 


Type Zo 3.5 7.0 14.0 21.0 
RG-58/U 525 068 1.0 1.5 1.9 
100W, Output 8 18 28 35 
RG-8/U 52. 030 045 O66 0.83 
RG-59/U 73 064 O90 13 1.6 
RG-11/U 75 0.38 O55 O80 0.98 
Twin-lead 300 0.18 0.28 0.41 0.52 
Open-wire _ 0.03 0.05 0.07 0.08 


28.0 50. 144 220 420 
2.2 3.1 5.7 7.2 10.4 
38 51 72 81 92 
0.98 1.35 25 3,3 48 
1.8 2.4 42 5.2 72 
1.1§ 155 286 3.8 4.9 
0.60 085 155 19 2.8 
0.1 0.13 0,25 





This chart shows the attenuation figures in decibels for common types of feed lines. Zo is the 
nominal impedance. In the case of open-wire line, the impedance will depend on the size of the 
conductors and their spacing. The second line of the chart indicates the amount of power that 
would be lost in a 100-foot (30.48 m) run of RG-58/U when properly matched. For example, on 21 
MHz, the loss per 100 feet (30.48 m) is 1.9 dB. With 100 watts output from the transmitter, 1.9 dB 
represents a loss of 35 watts in the line. A mismatch will increase the line loss. 


between 50 and 70 ohms on 80 meters. On 
40 meters, the impedance at the same point 
on this same antenna is about 4000 ohms. If 
we feed this antenna with 300-ohm twin- 
lead the mismatch on 40 would be on the 
order of 13 or 14 to 1. However, bear in 
mind that 300-ohm line has relatively low 
loss, so we can probably tolerate the high 
SWR if the line is fairly short — less than 
100 feet (30.48 m). Our only problem in 
making this antenna work on 40 is to take 
care of coupling the line to the transmitter. 
To do this the feed line is connected to the 
Transmatch and the Transmatch is then 
adjusted so that the transmitter sees a 50- 
ohm load. What we have now is an 80- 
meter dipole being used efficiently on 40, 
and our transmitter is working into the 
load it was designed for. 

Now let's suppose that we feed this same 
antenna with 50-ohm coax. On 40, the 
mismatch would be 4000/50, or about 80 to 
1! Because coax is not a low-loss line, the 
loss in the transmission line would be 
prohibitive. However, with twin-lead — or, 
even better, open-wire line — the loss is 
usually insignificant. 

Also, and most important, a Transmatch 
adds selectivity at the output of the 
transmitter. It will discriminate against any 
undesired harmonics or spurious signals. 
And, if the antenna switching is set up so 
that the Transmatch is in the circuit on 
receiving, it will provide more selectivity 
for the receiver. In fact, acommon problem 
for hams who live near broadcast stations 
is cross-modulation of 80- and 40-meter 
ham signals by the strong be signal. A 
Transmatch will provide enough selectivity 
in most cases to eliminate be cross 
modulation when it occurs in the receiver's 
front end. 

Many hams are reluctant to use a 
Transmatch because it requires additional 
adjustments. However, the advantages are 
so great in a multiband system that any 
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additional adjustments are more than 
worth the effort. With a Transmatch, the 
antenna doesn’t have to bea half wave long 
to work on any band. For example, we 
described a complete multiband system 
just recently! using an antenna only 100 
feet (30.48 m) long. Most hams can manage 
to get up a 60-foot (18.29-m) dipole, either 
horizontal or in an inverted-V configura- 
tion, and such an antenna also will work on 
80 through 10. One method of putting upa 
multiband system is to find two supports 
for each end of the antenna, cut a wire long 
enough to run between them, put an 
insulator in the center of the antenna and at 
each end, and attach open-wire or twin- 
lead feeders long enough to reach the 
station. That's all there is to it. Bearin mind 
that a dipole fed this way doesn’t have to be 
a half wave long; it can be any length, and it 
will work. Of course it is always a good idea 
to make it as long as possible and get it up 
as high as possible. Also, if possible, make 
it at least 1/4-wavelength long at its lowest 
operating frequency — about 60 feet (18.29 
m) for 80 meters, for example. 


A Few Notes 


Many hams are reluctant to use open- 
wire line because of the problems in getting 
it into the shack from outdoors. One simple 
answer to this is to bring the line to the 
entrance — window sill, doorway, or 
whatever — and at that point attach 300- 
ohm twin-lead (which is insulated) and run 
the twin-lead in to the Transmatch. The 
fact that the two lines are not alike is of no 
concern because the load at the antenna 
side of the Transmatch is going to be some 
unknown value anyhow. 
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At the left are two examples of coaxial feed 
lines. The three lines at the right are balanced- 
type lines, 70-ohm, 300-ohm twin-lead, and TV 
open-wire line. 


You may have read or heard that you 
must use coaxial lines in order to avoid 
TVI. Don’t believe it. If you have a well- 
shielded transmitter and use a low-pass 
filter with it you won’t have any harmonics 
coming out. Ask youself this simple 
question: “If there are harmonics, what 
difference can the kind of transmission line 
make?” The answer is, of course, “No 
difference.” 

One of the beauties in using a Trans- 
match is that the coaxial line between it and 
the rig can always be matched, and this 
matched section is where you put your low- 
pass filter. This eliminates any danger to 
the filter from excessive voltage or current 
caused by a mismatch. 

One typical Novice question is “If my 
transmitter loads properly and I have no 
TVI problem, do I need more matching 
between the transmitter and antenna? | am 
using coax feed. What good would it do me 
to pay for the additional complexity of 
changing from band to band?” The answer 
to such a question depends on several 
factors. Is the harmonic attenuation — not 
TVI, but low-frequency harmonics — 
adequate? This could be a problem the 
Novice isn’t aware of. As to the complexi- 
ties of band changing, this will depend on 
how much the Novice desires to work other 
bands. 

What we have tried to do in this article is 
to show the reader the problems and the 
recommended cure. There is nothing new 
about the multiband system using tuned 
feeders; it has been used for many years, 
and the interesting thing about it is that it is 
still the best multiband system. For further 
information it is recommended that the 
newcomer study Understanding Amateur 
Radio and The ARRL Antenna Book to 
gain a better insight as to how antennas 
work. This material was originally pre- 
sented in QST by Lewis G. McCoy, 
WIICP. 





The hole in the tree trunk that Meler claims wa: used by the 
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Photo analysis aside, Korff and other skeptics have suggested 
that the UFOs in Meier's photos are simply models. It was 
not extraordinary in the pre-Photoshop days of the 1970s for 
someone to hoax a UFO photo by photographing models, 


Frisbees, hubcaps, and other physical objects. And while some 
Meier supporters are quick to contend that it would be impossible 
for a one-armed man to stage UFO photos, Meier himself admits 
to taking pictures of UFO models. Burned photos of these models 
were allegedly found in Meier's trash can by Martin Sorge, who 
at one time was Meier's friend. As with many details of the Meier 
story, there are divergent accounts of this incident. While some 
accounts claim that Meier's children created models of the UFOs, 
other accounts credit Meler with creating the models. In UFO 

. Contact from the Pleiades, Stevens explains, “When | asked 
about the models of the spaceships he readily admitted trying 
to mode! them even though they did not come out well. He even 
tried photographing the models and the result was so bad that he 
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threw the pictures away.” 
* But a differant account |s presented by 
Guido Moosbrugger in And Yet. . «They Fiy!: 





in 1975, Semjase loaned Billy 
a model of her beamship for a’short period 
to take a few pictures of it and then be 
returned. On the basis of these snapshots, 
Billy planned to construct his own model 
spacecraft, but this plan never came to 
fruition. A serious mishap occurred to the 

+ negatives of these model photographs— 
they slipped off the office tabletop into a. « 
wastepaper basket and were not found until 
after the entire contents had landed ina 
fireplace. Kalliope, Billy's wife, discovered 
the more or less burned negatives in the 
ashes and handed them over to one:of the 
group members to be restored, if possible. 








Auleged photograph af Asket 


It is interesting to note that Billy and 
Kalliope civorced, and she has since stated 
in interviews with Kortf and Swiss UFO. 
researcher and author Luc Burgin that Meier 
hoaxed his UFO photos and-fabricated the 
tales of extraterrestrial encounters. However, 
this contradicts her previous staternents 
that Meier's contacts were real and that she, 
herself, witnessed events with Billy. 

Select Meler photos have received ‘ar 








are photos that Meier allegedly took during 
his travels through space and time with the 
extraterrestrials. Some of these photos show 
dinosaurs that Meier allegedly took on the 
planet Neber, But some researchers, like the 





that the dinosaurs in these photos are'simply 
illustrations from a book that was published 
in 1972 titled Life Before Man, which was 
written by Zdenek V. Spinar. The illustrated” 
dinosaurs In this book do appeartobe §, 
identical to the dinosaurs in the Meier photos. 

Another highly criticized set of photos 
purports to show Asket and Nera aboard a beamship. The 
women in these photos have been identified as Michelle 
DellaFave and Susan Lund, who were members Of the 
Golddiggers—a singing and dancing troupe that appeared on 
the Dean Martin Variety Show. According to a letter posted to the 
FIGU website by Meier in May 1998, the extraterrestrial Ptaah 
informed Meier that the photographs of Asket and Nera were 
actually of their American doubles. Meier went on to expl 
the “Men in Black” had intercepted his film, found look-alikes 
tor Asket and Nera, took pictures of them, and substituted these 
false images for the originals of the Asket/Nera ohotos. And, he 
claims the “Men in Black” performed this same trickery with most 
of his early photos. 

One lesser-known Meier photo shows Meier standing in the 
middie of what appears to be a ring of fiery light. This picture 
appears in Moosbrugger’s book, And Yet... They Fly!, and is and, without a doubt, 
explained to bé an “energy belt” of “burning static electricity” the most polarizing 
emanating from Quetzal's ship above Meier, which does not appear case in the history 
in the photo. Meier's arm is extended over his head in the photo, of ufology. <= 
allegedly holding a microphone to record the sound of Quetzal's 
ship. Multiple researchers have pointed out that the ring of fire 
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Still photo from th Martin Variety Show 
of the members of the Gokddiggers, allegedly 
th 1 Of Meier's photo of Asket. ( 

more skepticism than others. Among those 0 Prod 





According to Moosbrugger, analysis was 
from the University of Arizona who, “examined one of the matal fragments 
and analyzed it as a simple 'cooking pot metal’ or cheap cast metal alloy 
used to produce such things as tin soldiers.” 
Independent Investigations Group, contend Meier claims that an extraterrestrial woman, Alena, left a ray gun with 2 
him, but cautioned him not to fire it. Unabie to resist thé temptation, _ 
Meler fired the weapon at a nearby fruit tree, burning a hole 
completely through the trunk of the tree. Meier showed the tree 
to Stevens, who took photos of the hole in the tree, at 
* examined it with his finger. But to Stevens, the internal ; 
wood of this hole did not appear to have been burned. 


alsg conducted by a metallurgist 


provided in this article 

barely scratches the surface of the decades- 
long Billy Meier story. Meier claims to have 
much more evidence, including audio 





Of transcripts from his encounters 
that that are filled with extraterrestrial 

wisdom. Meier even asserts that, 
because of his claims, thers have 
been multiple assassination 

attempts on his life! From this 
brief overview, it is easy to 


Story is so controversial, 























































; veal 
‘ 4 ator 
in this photo looks suspiciously ey ba 
identical ‘o steel Wool baienas ¥ a hal B I | ly M e i er 
overhead by someone. 
: ed ate) ce) Debate 


Aside from his photographs, 
Meier furnishes other evidence 

to corroborate his claitis™ ~ eR Independent Investigations Group (liG) is a group 

of extraterrestrial'contact, dedicated to investigating paranormal claims. In 
including metal samples; and »~ fact, on their website, www.ligwest.com, IIG offers 

even an extraterrestrial “$50,000 to anyone who can prove paranormal abilities 
weapon, Meier gave * inder scientific testing conditions,” and states that, “Of 
these metal samples to se who have completed a test, not a single one has yet 
Stevens, and Stevens 4 demonstrated any paranormal powers.” Notably, liG has paid 
had these samples Particular attention to the Billy Meier UFO case and describes in its 
tested by various inline reports how Meier's evidence “can be created by non-extra 
labs. According 
to Stevens; tests In its investigations, |IG has specifically recreated many of 
showed that the the UFOs that appear in Meier's photographs, using common 
elements in the 4 household items from the time period of Meier's photographs, 
samples wera Such as storage container lids, Christmas ornaments, food 
“put together ina f platters, and pressure cooker lids. In an attempt to 
very unusual way debunk Meier's theories 
from normal Earth 
technology,” and that. 
most of the elements be 
studied showed rants 
Earthly c charaéterstics : 
Dr. Marcel Vogel, ‘a chemist; 
performed several tests on 
the metals. But according to? 
Kal Korff, Dr. Végel says the 
claims made in Stevens’s* 
book contradict his opinions. 





and show how a one-armed man during 
re)ech slave] (as-iple)oMel-\.-Molelt fe Molg-r-1(-M o)ale)Corele-|a)slMe) @-1-\lel- 1c 11-Ter te 
objects in the sky, IG demonstrates how clear fishing line on a pole and 
creative photography can create the image of a UFO in the sky. IIG's ability 
to mimic Meier's photos, howevér, does not necessarily prove that Meier's 
photos are fakes. 
In response to the debunking of one of Meier's most controversial photos known 
as the “Wedding Cake UFO," Michael Horn, the proclaimed “Authorized American 
Media Representative for the Billy Meier Contacts,” provides an argument as to why the 


photo is real on his website, www.thefly,com. In defense of Meier's photographs, Horn 
» provides various photographs showing how certain camera and focus 
“to recreate, and contends that this demanstrates that Meier's photos are real. Horn also 
says there are many unanswered questions that skeptics would have to address’in order to 
substantiate their accusations, such as, “Where was the model made and concealed?"; “Who in 
Meier's area possesses the specialized skills‘required for this precision level of manufacture, at 


S are Impossible 


How [were the models) suspended at 30 [feet] by a'‘one-armed man”; and “Why hasn't 


anyone] come forward to shaw that they made and/or now have [the‘models]? 
IG posted on its website’an allaged email correspondence between representatives of IIG and Horn 
regarding the Meier case. From the looks of it, the debate between IIG and Horn will surely continue, as will 
the debate between the Meier bellevers and skeptics alike. : 
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The Ultimate Transmatch 


Most hams would like to own a Transmatch that could cover 80 through 10 
meters, and work during coax-to-coax or balanced-lines conditions. Here is just 
such a unit. It will match the proverbial bedsprings, or any other nonresonant or 
resonant antenna — without plug-in coils or band switching — even on 160 


meters. 


-.. amateurs assume that because 
they use coaxial feed lines they don’t need a 
Transmatch. This can be an incorrect 
assumption, 


The Harmonic Problem 


A large number of hams have found to 
their sorrow that the harmonic suppression 
in their transmitters may leave much to be 
desired. The FCC issues many citations to 
Novices each year for second-harmonic 
violations. 

A typical Novice station might consist of 
a transmitter and receiver, with direct coax 
feed to a trap dipole or vertical antenna. In 
a properly adjusted transmitter of typical 
design, often there is insufficient attenua- 
tion of the second-harmonic energy. This 
can mean that the second harmonic of the 
signal can reach the antenna and be 
radiated. What is required to eliminate or 
reduce the second harmonic, and higher- 
order harmonics, is more selectivity 
between the transmitter and the antenna, A 
Transmatch is an excellent aid in taking 
care of the harmonic problem. 


The 50-Ohm-Load Problem 


Still another reason for using a Trans- 
match is that nearly all manufacturers of 
transmitters design their rigs to work intoa 
nonreactive, 50-ohm load. Any departure 
from this load impedance causes difficulty 
in tuning and loading the final-amplifier 
stage. It might be pertinent to point out 
that simply because a ham uses 50-ohm 
coax, it doesn’t necessarily follow that he 
will have a 50-ohm load. Basically, in order 
to have a 50-ohm load when using 50-ohm 
coax, the coax must be terminated in a 50- 
ohm resistive impedance. In other words, 
the antenna impedance must be 50 ohms. 

When the terminating impedance of the 
coaxial cable is other than 50 ohms, then 
the transmitter will be “looking” at some 
value other than 50 ohms. It is practically 
impossible to design a single antenna that 
will have an impedance of 50 ohms on all of 
the bands a ham might want to use. One 
answer to the problem is to employ a device 
that will “match” the unknown load to the 
50-ohm impedance required by the trans- 
mitter. One such circuit or device is a 
Transmatch, simply an adjustable rf 





The kW version of the Ultimate Transmatch. 
The knobs and dial counter are standard Millen 
components. The front bottom of the cabinet is 
tilted by means of two 2-inch (51 mm) standoff 
insulators used as feet. 


transformer that can match the unknown 
load presented by the transmitter end of the 
feed line to the required 50-ohm transmit- 
ter impedance. 


Receiver Cross-Modulation 


In addition to taking care of the 
problems just outlined, a Transmatch can 
serve another very useful function at the 
receiver. Some receivers are susceptible to 
what is known as cross-modulation, or 
front-end overloading, by strong nearby 
radio stations. This is particularly true on 
160 or 80 meters when a broadcast station 
is nearby. The be station overloads the 
front end of the communications receiver, 
causing “birdies” and other unwanted 
responses across the band, A Transmatch 
will eliminate or greatly reduce this 
problem in nearly all instances. 


The Ultimate Transmatch 


We shall describe two Transmatches — 
one for the Novice power limit, and 
another for the legal 2-kW PEP limit. We 
have found that many amateurs on the 
verge of taking their General, or higher- 
class licenses, would rather invest initially 
in a unit that will take care of all of their 
future needs. 

Some years ago, a Transmatch was 
described that was designed for use with 
coaxial feed lines.'! It was called “the 50- 
Ohm Transmatch.” This unit handles 
mismatches on the order of 4:1. It can 
transform a load of about 200 ohms, or 12 
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ohms, to a 50-ohm impedance. The circuit 
of the Transmatch described in this article, 
Fig. 46, is similar, but with two notable 
exceptions. In place of a tapped, switched 
inductor, a variable inductor is used. (The 
idea for this innovation came from Al 
LaPlaca, K2DDK.) The variable inductor 
is a coil wound on an insulated form that 
can be rotated so that a movable wheel 
shorts out and grounds the unused portion 
of the coil. Using the roller inductor, along 
with the two variable capacitors, the 
Transmatch provides an almost unlimited 
matching range, plus the feature of 80- 
through 10-meter coverage without band 
switching. With the values shown in the 
units, it is even possible to add one fixed 
capacitor to obtain 160-meter coverage. 

The other exception is the use of a 1:4 
(unbalanced-to-balanced) balun trans- 
former on the output side of the Trans- 
match, which permits the use of balanced 
feed lines. This means that a Transmatch 
can cover 160 through 10 meters (including 
the MARS frequencies). It can be used to 
match into coaxial lines, random-length 
end-fed wires, or balanced feeders, and can 
do the job without using switches. 

The two units shown in the photographs 
underwent extensive tests as to efficiency, 
power-handling capabilities, and methods 
of adjustment. In coax-to-coax tests, 
power inputs and outputs through the 
Transmatch were carefully measured while 
using Bird Thruline wattmeters and an 
adjustable dummy load. As carefully as 
could be measured, and with indicated 
mismatches of up to 15:1, the Trans- 
matches showed an efficiency of over 95 
percent. This small loss in efficiency more 
than outweighs the usefulness of the device. 

Many tests were made with the high- 
power version to check heating of the roller 
inductor and the balun. Under a key-down 
condition, with 1200 watts indicated power 
through the Transmatch, the transmitter 
was kept on for 15-minute periods. In one 
test, the measured rf current through the 
coil was in excess of 15 amperes. The roller 
inductor used in the unit is rated at 5 
amperes, so this was considered a fairly 
rugged test. The coil did get warm, but not 
enough to be a cause for concern. Keep in 
mind that in regular amateur work, 15 
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Fig. 46 — Circuit diagram of the Ultimate 
Transmatch. 

C1 — Split-stator variable, 250 pF per section; 
see text. For low-power version, E. F. Johnson 
type 16250; or similar, for high-power version, 
Millen type 16250, or similar. 

C2 — 200-pF variable, for low power, E. F. 
Johnson type 167-12 or similar, for high power, 
Millen type 16520 0.171-inch (0.43 cm) spacing, 
16520A, 0.077-inch (2 mm) spacing, or similar. 
J1, J2 — Coax chassis fitting, type SO-239. 

J3, J4, JS — Feed through insulators. 

L1 — Roller inductor, see text. If 160-meter 
operation is desired, total inductance should be 
28 wH, E. F. Johnson type 229-203; otherwise, 
18 yH is adequate, E, F. Johnson type 229-202. 
T1 — 1-to-4 balun; see text for detalls, cores are 
Amidon type T-200-2, 


minutes would be a ridiculous figure for 
continuous operation.? In cw and ssb 
operation, the duty cycle would be in terms 
of seconds or even fractions of seconds. 
The balun used for balanced operation 
in the high-power unit was made up from 
three Amidon 1-kW cores — more about 
that in a moment. NIRM has made 
extensive checks on a single-core balun. It 
was found that a single core would easily 
handle 500 watts of power during severe 
mismatch conditions. Failure of the core, 
most likely due to saturation and heating, 
took place at the 700-watt level. In the 
high-power Transmatch shown here, three 
cores are used. They are wrapped with glass 
insulating tape and then wound with 
Teflon covered wire. Wire insulation 
material can be important because of the 
extremely high rf voltages that may be 
developed with some load conditions. In 
many tests of long duration, using up to 
1400 watts output into a dummy load, it 
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was almost impossible to detect any 
heating of the balun. 

Bear in mind that the balun would only 
be needed if balanced-line operation were 
desired. For coax-to-coax or random-wire 
feed, the balun can be omitted. 


Construction Information 


A look at Fig. 46, at A, will show that the 
circuit is a very simple one. The input line 
from the transmitter is connected to the 
rotor of Cl, a split-stator capacitor. This 
means that the capacitor must be insulated 
from the chassis, using standoff pillars, and 
from the panel by means of an insulated 
shaft coupler. The same is true for C2. In 
the kW unit shown, we have installed a 
power bridge. Construction details are not 
given here for the bridge because such a 
unit was described in detail in QST3. Also, 
many amateurs already have a Moni- 
match‘ or some other type of SWR 
indicator. An SWR bridge or matching 
indicator is needed in the 50-chm line 
between the rig and the Transmatch to 
show when the Transmatch is correctly 
adjusted, 

Layout of the components should follow 
the same arrangement shown in the 
photographs — Cl at the input side, the 
roller inductor at the center, and then C2. If 
a balun is going to be installed, allow 
enough room behind the roller coil for 
mounting the balun. In the two units 
shown, the cabinets are made up from 
aluminum sheet stock. If desired, a 
commercial chassis and cabinet can be 
used. In the low-power Transmatch, leave 
at least 1/2-inch (13 mm) spacing between 
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Fig. 47 — At A, details for padding a low-value 
variable for C1 by installing a second variable, 
C3, the same value as the low-power unit C2, In 
the case of tuning 160 meters, using an Inductor 
of 28 »H for L1, and 250 pF per section for C1, 
a fixed capacitor of 100 pF can be used at C3, 
Centralab type 850-100N, or similar. At B, 
details for connecting the bifilar windings on 
the balun are given. The ungrounded leads a 
and b are connected to J3 and J4, the 
feedthrough insulator terminals. 


the edges of the capacitors and any part of 
the chassis and cabinet. Allow I-inch (25 
mm) spacing in the kW unit. 


Balun Details 


For the low-power Transmatch, a single 
toroid core will more than handle the 
power. Incidentally, the low-power unit 
was tested under all conditions at about 
100 watts through the Transmatch. The 


At the rear of the roller inductor is the 1:4 balun. The balun is set on top of a standoff insulator and 
is held in place with a piece of insulated board and a screw. The fixed capacitor mounted on the 
rear wall is the 160-meter unit. Both the variable capacitors and inductor are mounted on 1-inch (25 


mm) high standoff insulators. 





This is the low-power Transmatch. The salvaged 
roller inductor is mounted on the front panel, 
making use of the original mounting brackets. 





Here is an inside view of the Ultimate 
Transmatch as built by Al LaPlaca, K2DDK, who 
came up the idea of using the roller inductor. 
The installation on top the right-hand capacitor 
is the homemade 160-meter switch and fixed 
loading capacitor. 


power-handling capabilities of the units 
depend primarily on the plate spacing used 
for Cl and C2, aside from the balun 
requirements mentioned earlier. At the 
100-watt level, a plate spacing of 0.03 inch 
(0.8 mm) is adequate. A 0.045-inch (1 mm) 
spacing should handle 500 watts. Inthe kW 
unit shown, Cl has a 0,077-inch (2 mm) 
spacing. While a 0.077-inch spacing 
capacitor wasn’t tried at C2, such plate 
spacing should work at the kW level. 

In making the low-power balun, wind 
two layers of Scotch brand electrical tape 
around the core before putting on the wire. 
This will provide extra insulation, and will 
protect the edges of the wire to prevent the 
enamel from being scraped away. Fig. 47, 
at B, shows a sketch of the winding. The 
winding consists of 10 bifilar turns of no. 14 
Formvar insulated wire. Connected as 
shown, this will provide a 1:4, unbalanced- 
to-balanced configuration. 

Three cores are needed in the high-power 
balun. Each core is covered with two layers 
of 3-M type 27 glass-cloth insulating tape. 
Next, the three cores are stacked, then 
covered with two more layers of the tape. 
The winding consists of 15 bifilar turns of 
either no. 12 or 14 insulated wire. The 
insulation should have a minimum rating 
of 1000 volts and can be either Teflon or 
vinyl-nylon (or any other suitable covering 


with a minimum voltage rating of 1000 
volts). 

In making the low-power Transmatch, a 
roller coil from a junked 40-meter ARC-5 
transmitter was salvaged and installed in 
the unit. Many amateurs know other hams 
who have old ARC-S gear, and these units 
are a good source for the roller coils. 
However, some hams may not be able to 
locate used ARC-5 transmitters, so we 
have included some information on 
sources of surplus and new roller induc- 
tors. There may be surplus outlets in your 
area worth investigating. Look for a roller 
coil that has a minimum inductance of 10 
w#H when used with Cl having a value of 
200 pF per section. Such a combination 
will cover a low frequency of 3500 kHz. In 
the unit shown, in addition to the ARC-5 
roller, we used a value of 100 pF per section 
for Cl and padded that capacitor with 
another of 200 pF (single section) in order 
to provide the required coverage. This 
added capacitor is shown in Fig. 47 at A. 
By using this approach, it is sometimes 
easier to save money then when trying to 
locate a 200-pF-per-section variable for 
Cl, (Incidentally, you can use a variable at 
Cl of more than 200 pF per section for 
good coverage with the roller inductance 
specified above.) 

An even better approach to get the 
required capacitance for Cl, because it is 
better to maintain the symmetry of the 
circuit as shown in Fig. 46 at A, would be to 
gang two 200-pF variables to make up your 
own split-stator capacitor, with the desired 
plate spacing. (There may be some around, 
but we couldn't find any manufactured 
split-stator with the required plate spacing 
and capacitance). Still another approach 
would be to clip fixed transmitting-type 
mica capacitors across each section of Cl 
to obtain the required capacitance for use 
on 160 and 80. 


Finding the Parts 


As most hams are finding out, it is 
becoming more and more difficult to buy, 
or find, components for construction 
projects. Some searching was done, and 
the following information is worth passing 
on. Barry Electronics of New York City 
has informed us that they will fill any 
order for any amateur component at the 
manufacturer’s current amateur net price. 
The parts specified in Fig. 46 are currently 
manufactured items. Also, Fair Radio 
Sales in Lima, OH has some surplus roller 
inductors and counter dials in stock. The 
roller-inductor catalog number is 5950- 
199-6469, and the counter dial is listed as 
RT-45. Also, Millen components can be 
purchased directly from G. R. Whitehouse, 
Amherst, NH 03031. 


Using the Transmatch 


One of the first considerations in using a 
setup for “coax-to-coax” is exactly how 
much, or how high an SWR can be 
tolerated, As has been pointed out, this 
Transmatch will handle any mismatch on 
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the line. Without getting into a lot of 
details, a few observations about coaxial 
lines are in order. First, the higher the 
SWR, the greater the losses in coaxial lines. 
The amount of losses depends on the line 
construction and the frequency at which 
the line is used — the lower the frequency, 
the less will be the losses. For example, 
RG-8/U has a loss per 100 feet (30.48 m) of 
line of only 0.33 -dB at 3.5 MHz with an 
SWR of | (a matched condition). At 28 
MHz, this same line would have a loss of 
slightly less than | dB. However, as the 
SWR rises, so do the losses. With an SWR 
of 10:1, for example, the additional losses 
at 3.5 MHz would amount to about 0.6 dB, 
or an overall loss of about | dB. For the 
same SWR at 28 MHz, the losses would be 
about 2.5 dB, or a total loss of about 3.5 
dB. Since a loss of 3 dB would mean half of 
the ouput power from the rig would be 
dissipated in 100 feet (30.48 m) of line, one 
could easily tolerate the condition at 80 
meters, but the losses would be prohibitive 
at 28 MHz. This means that the amateur 
would be wise to keep the match at the 
antenna feed point as close to 50 ohms as 
possible, and thereby keep the SWR low. 

With trap or multiple dipoles, the SWR 
should be less than 5 to 1; the Transmatch 
would be ideal. Keep in mind that you must 
provide a load for a transceiver or amplifier 
that is close to 50 ohms. The Transmatch 
will provide a means. 

In a coax-to-coax system, set both Cl 
and C2 at maximum capacitance (plates 
fully meshed), then feed enough power 
through the Transmatch to get a full-scale 
forward reading on your SWR indicator. It 
is always important to use low power when 
adjusting a Transmatch. Next, switch the 
SWR bridge to read reflected power, then 
run the roller inductor slowly through its 
range. At some point you will notice a 
sharp dip in the reflected-power reading. 
Once this point is reached you should 
adjust Cl and C2, with possibly a slight 
adjustment of the roller coil, to get a perfect 
match. Power can then be increased to the 
desired level, You'll find that several 
different settings of the Transmatch may 
provide a perfect match. The one to shoot 
for is the condition that requires the most 
capacitance at Cl and C2 for a matched 
condition. 

If a random-length, end-fed antenna is 
used, merely connect the end of the 
antenna to terminal J3, Fig. 46B, and go 
through the adjustment procedures out- 
lined above. It is helpful to have an earth 
ground connection on the Transmatch. 
Also, if possible, use an antenna length that 
comes out to a quarter wavelength, or odd 
multiple thereof. Such an antenna will be 
of low impedance, and will reduce the 
chances of high rf voltages appearing on 
the Transmatch or associated equipment. 

If balanced feeders are used, the feeders 
should be connected to terminals J4 and JS 
with a short jumper connected between’ 
terminals J3 and J4. Again, the previously 
discussed tune-up and adjustment proce- 
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dures should be followed in setting up the 
Transmatch. 


Some Other Thoughts 


Some amateurs might be concerned 
about the amount of voltage that can be 
developed in a mismatched coaxial line. In 
a matched condition, with 1000 watts in a 
50-ohm line, the rf voltage would be about 
220 volts. With a standing-wave ratio or 


20:1 (!), the increase in voltage would be 
4-1/2 times, or approximately 990 volts. 
This however, is well within the rating of 
the RG-8/U cable. 

This Transmatch should satisfy the 
needs of those hams who desire a multi- 
band unit without switches or plug-in coils. 
Once the settings for the controls are 
determined, a chart can be made up for any 
given istallation. Band changing is then 


Build a Baby Ultimate 


quickly done. This material was originally 
presented in QST by Lewis G. McCoy, 
WIICP. 
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Got a match? Not a classic “match,” but one between the antenna and your 
QRP rig may be what you need. If so, this article is for you. 


Pe needs or wants a 50-pound 
Transmatch during a QRP junket to a 
favorite lake, campsite or other distant 
location. The entire point of QRP opera- 
tion is negated when the low-power station 
can be held on the palm of one’s hand, but 
the accessory gear needs to be transported 
by hand truck to the car, airport or 
whatever! Operators who prefer to use a 
random-length wire antenna for field work 
will require a matching network between 
the 50-ohm transmitter output and the end 
of the antenna, whose characteristic 
impedance can be anything from a few 
ohms to a couple of thousand. For low- 
power work (25 watts or less) it doesn’t take 
a big Transmatch to do the job, and some 
novel ideas can be applied to make the 
matcher cover 80 through 10 meters 
without a roller inductor or messy tapped- 
coil switching arrangement. This article 
shows some tricks that can be applied to 
meet that goal. 

The heart of the Baby Transmatch is the 
half-toroid variable inductor. It is the by- 
product of a few “skull sessions” between 
Andy Pfieffer, KIKLO, and the writer. 
Both amateurs are QRP “freaks,” and 
finding the proper mechanical technique 
for building a miniature panel-operated 
variable inductor of reasonable inductance 
range was challenging and productive, The 
machine-shop skill and impagination of 
KIKLO can be realized when viewing the 
accompanying close-up photograph. Early 
efforts along this line provided a slider type 
of full-toroid variable inductor (rheostat 
style), and dismal results were had: the 
inductor Q was very low, approximately 5, 
as a result of the shorted-turn syndrome. 
Finally, a powdered-iron Toroid core of 
Q! material, |-inch (25 mm) diameter, with 
3/16 by 3/16-inch (Smm by 5mm) walls, 
was sawed in half and cemented to a plastic 
arm. The arm was glued to the shaft of the 
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Exterior view of the Baby Ultimate. Dymo tape 
labels are used to identify the controls. 


control so that it would enable the operator 
to change the coil inductance by moving 
the semicircular toroid section in and out 
of the coil, 

The coil in this unit was air wound, then 
cemented to a semicircular piece of plastic 
which is affixed to a plastic disk of I-1/2- 
inch (38 mm) diameter, The overall coil- 
and-plastic assembly is glued to the 3/8- 
inch (10 mm) bushing and | /4-inch (6 mm) 
diameter control shaft. Although all of the 
metal work was done from scratch on a 
lathe, an old volume control or rheostat 
bushing and shaft can be modified to 
perform the function required. All that's 
needed here is some amateur ingenuity! 
The tuning range of the variable inductor is 
3 to 9 wH, and the unloaded Q was 
measured as 150 at 7.9 MHz. 

It is reasonable to conclude that the 
KIKLO “giz,” as he calls it, could be made 
to cover a greater inductance range by 
making the coil bigger in ID and cementing 
both halves of the toroid core together — 


Interior view of the matcher showing the KiKLO 
variable inductor (lower center). 


one atop the other — to provide greater 
permeability overall. Ferrite material is 
unsuitable for this component because of 
the hardness of ferrite. Without special 
cutting tools the latter will resist all efforts 
to saw through it. One-half of an Amidon 
1-kW  balun-kit, powdered-iron toroid 
should be excellent for larger units of this 
kind. 


Other Circuit Features 


As is shown in Fig. 48A, S1 is used to 
switch an additional variable inductor (L1) 
in parallel with the KIKLO unit, L2. This 
provides a lower minimum-inductance 
amount for operaion on 15 and 10 meters. 

Fig. 48B illustrates some variations 
which will extend the Transmatch range 
down to 80 meters. The model shown 
photographically was designed for 40 
through 10 meters. In the second example, 
$2 and L3 have been added to increase the 
total inductance to permit 80-meter 
matching. Also, Cl has been changed to a 


Fig, 48 — The diagram at A is for the 40- 

through 10-meter Transmatch. At B, a 

suggested circuit for coverage from 80 through 

10 meters. 

C1 — Dual-section air variable (Miller 2109, 
J. W. Miller Co., 19070 Reyes Ave., Compton, 
CA 90224). See text. 

C2 — Calectro or Archer single-section 
miniature 365-pF variable. 

J1-J3, incl. — Phono jack, 

L1 — 3.1-to 4.8-nH slug-tuned inductor (Miller 
4504 with red core), 

L2 — See text. Contains 32 turns of no. 22 
enam. wire, air wound, 7/16-inch (11 mm) OD. 

L3 — 5.5-to 8.6-nH slug-tuned inductor (Miller 
4505 with red core.) 

$1, S2 — Spat slide or toggle switch. 


two-section 365-pF, be-style variable, also 
for the same reason. A dual 365-pF 
capacitor can be used for the circuit at A, 
but the tuning rate will be much sharper 
than with the unit specified. 





Three phono jacks are used for external 
connections. The first photograph shows a 
pair of clip leads which have been soldered 
to two phono plugs. These are used for 
making connections to a single-wire 
antenna and ground. 

The slug screw of LI protrudes from the 
top panel of the small plastic meter case. 
This feature enables the operator to have 
additional control of the overall induct- 
ance amount during operation on I5 or 10 
meters. All internal ground connections 
are brought to a common point — J3, 
which has both of its terminals joined. 

The “Ultimate” design is based on one 
which was popularized by WIICP when he 
described in OST a 1-kW version of the 
circuit.! The network will match a wide 
range of impedances, but it should be 
pointed out that this circuit is not capable 
of providing much (if any) harmonic 
attenuation. Examination of the circuit 
will show that the network is basically a 
high-pass type. 


Building the Transmatch 


A I-1/2 X 2-3/4 X 4-inch (38 mm X 70 
mm X 102 mm) plastic meter style of case is 
used to house the Transmatch. The box 
used by the writer was made by RCA as an 
enclosure for a 9-volt regulated power- 
supply kit. Similar boxes are available at 
Radio Shack and other parts stores, but 
most have a metal cover. If the latter are 
used, it will be necessary for the builder to 
isolate the rotors of Cl and C2 from the 
metal plate. Adhesive-backed plastic feet 
are affixed to the bottom of the case. They 
will keep it from moving about on the 
operating table. 


Using the Transmatch 


When matching the 50-ohm transmitter 
to a given antenna (fed with coaxial line or 
single wire in nature), an SWR indicator 
will be necessary between the transmitter 
and the Transmatch.? Cl, C2 and L2 are 
adjusted one at a time for the lowest 
reflected-power reading on the meter. 
There will be interaction between the 
controls, so it will be necessary to go over 
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them several times to effect an SWR of 1. 

Some difficulty may be encountered 
while working with a voltage-fed (high 
impedance) wire antenna. The symptom is 
one of hand capacitance affecting the SWR 
reading. In such instances the tune-and-try 
method will be required, moving the hands 
away from the box after each adjustment. 
For this reason the builder may wish to 
house the circuit in a metal box and use 
insulating shaft couplings on Cl, C2 and 
L2. Of course, this will make the unit 
somewhat larger. 

The writer used this Transmatch for two 
weeks in October 1975 while on a QRP 
sortie to Barbados (8P6EU). Maximum 
power used was 20 watts output, and 
minimum power was 2 watts ouput. The 
40-, 20- and 15-meter bands were used, and 
all manner of antennas (end fed and 
coaxially fed) were employed. In all cases 
the SWR could be set for a I:1 condition. 
Insertion loss through the Transmatch was 
measured at 14 MHz while delivering 20 
watts to a test dummy load. The loss was 
approximately 0.1 dB at a matched 
condition. No heating of the components 
was noted. 

One final word is in order. Always use 
the maximum possible amount of capaci- 
tance at C2 when adjusting the Transmatch 
for an SWR of 1. There can be several 
settings of Cl, C2 and L2 which will 
provide a match. Best efficiency will always 
occur with maximum usable C at C2, and 
this is true of all variations of the Ultimate 
Transmatch. 

If you’re a QRP enthusiast, this matcher 
should be part of your setup when 50-ohm 
antennas aren't used. It is lightweight, 
small of size, and can be tucked away in the 
XYL’s handbag when enroute, if need be! 
This material was originally presented in 
OST by Doug DeMaw, WIFB. 
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Simple Broadband Matching Networks 


This article gives complete details on constructing broadband matching 
transformers for ratios of 4:1, 6:1, 9:1 and 16:1. 


a, you looking for a physically small 
DX antenna? To obtain low-angle radia- 
tion on 80 and 160 meters, many amateurs 
use vertical antennas. Horizontal antennas 
would have to be at elevations of a half- 
wavelength or greater to be comparablie. 
Suitable supporting structures are beyond 
the reach of most amateurs at these lower- 
frequency bands. Quarter-wavelength 
verticals require some 60 feet (18.29 m) on 
80 meters and 120 feet (36.58 m) on 160 
meters — still very tall structures! How- 
ever, short verticals over a good image 
plane have been shown theoretically! and 
experimentally? to perform practically as 
well as their full-size quarter-wavelength 
counterparts. The only problems are very 
low input impedances and narrower 
bandwidths. 

This paper describes broadband match- 
ing networks which can efficiently match 
50-ohm coaxial cable to verticals as short 
as 1/25 wavelength. Also included is 
information on short vertical antenna 
designs incorporating large top hats in 
order to improve bandwidth, such as a very 
short 40-meter vertical and a dual-band 80- 
and 160-meter short vertical with remote 
switching. In addition, loading coils using 
powdered-iron toroidal cores are dis- 
cussed. 


Broadband Matching Transformers 


Broadband transformers have been 
widely used because of their inherent 
bandwidth ratios (as high as 20,000:1) from 
a few tens of kilohertz to over a thousand 
megahertz. This is possible because of the 
transmission-line nature of the windings. 
The interwinding capacitance is a compo- 
nent of the characteristic impedance and 
therefore, unlike the conventional trans- 
former, forms no resonances which seri- 
ously limit the bandwidth.’ At low 
frequencies, where interwinding capaci- 
tances can be neglected, these transformers 
are similar in operation to the conventional! 
transformer. The main difference (and a 
very important one from a power stand- 
point) is that the windings tend to cancel 
out the induced flux in the core. Thus, 
high-permeability ferrite cores, which are 
not only highly nonlinear but also suffer 
serious damage even at flux levels as low as 
200 to 500 gauss, can be used. This greatly 
extends the low-frequency range of per- 
formance. Since higher permeability also 
permits fewer turns at the lower frequen- 
cies, high-frequency performance is also 
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Connie, W2FMI's better half, is making use of 
the shade under Jerry's 40-meter umbrella 
antenna. It is hoped that Jerry warns her about 
touching the antenna when he is running high 
power! 


improved since the upper cutoff is deter- 
mined mainly from transmission-line 
considerations. At the high-frequency 
cutoff, the effect of the core is negligible. 

The applications of broadband trans- 
formers to antennas and broadband 
circuits have been covered by a number of 
authors.*.5 This paper extends the applica- 
tion of these transformers to include the 
operation of short ground-mounted verti- 
cal antennas with impedances as low as 3 to 
4 ohms. Further design considerations 
illustrate variable matches to vertical 
antennas having impedances even greater 
than 35 ohms. 

Bifilar matching transformers for ground- 
mounted verticals lend themselves to 
unbalanced operation. That is, both input 
and output terminals can have a common 
ground connection. This eliminates the 
third magnetizing winding required in 
balanced-to-unbalanced (balun) opera- 
tion. By adding third and fourth windings, 
as well as tapping windings at appropriate 
points, various combinations of broad- 
band matching can be obtained. Fig. 49 
shows a 4:1 unbalanced-to-balanced 
configuration. This transformer can be 
used with verticals of 12.5 or 200 ohms 
when using 50-ohm cable. No. 14 wire can 
be used and it will easily handle 1000 watts 


of power. By tapping at points 1/4, 1/2 and 
3/4 of the way along the top winding, ratios 
of approximately 1.5:1, 2:1, and 3:1 can 
also be obtained. It should be noted that 
one of the wires was covered with vinyl 
electrical tape in order to prevent voltage 
breakdown between the windings. This was 
necessary when a step-up ratio was used at 
high power to match antennas with 
impedances greater than 50 ohms. 

Fig. 50 shows a transformer with four 
windings, permitting wide-band matching 
ratios as high as 16:1. A picture shows a 
four-winding transformer with taps at 4:1, 
6:1, 9:1 and 16:1. In tracing the current flow 
in the windings when using the 16:1 tap, 
one sees that the top three windings carry 
the same current. The bottom winding, in 
order to maintain the proper potentials, 
sustains a current three times greater. The 
bottom current cancels out the core flux 
due to the other three windings. If this 
transformer is used to match into low 
impedances, like 3 to 4 ohms, the currentin 
the bottom winding can be as high as 15 
amperes if the high side of the transformer 
is fed with 50-ohm cable handling a 
kilowatt of power. If one needs a 16:1 
match like this at high power, then 
cascading two 4:1 transformers is recom- 
mended. In this case, the transformer at the 
lowest impedance side only requires each 
winding to handle 7.5 A. Thus even no. 14 
wire would suffice in this application. 





A 4winding, wideband transformer (with front 
cover removed) with connections made for 
matching ratios of 4:1, 6:1, 9:1, and 16:1. The 6:1 
ratio is the top coaxial connector and, from left 
to right, 16:1, 9:1, and 4:1 are the others. There 
are 10 (quadrifilar) turns of no. 14 enameled 
wire on a Q1, 2.5 inch (64 mm) ferrite core. 


E2=2& 
4/214 


z2=E2 «424 





Fig. 49 — Four-to-one broadband bifilar 
transformer. Upper winding can be tapped at 
appropriate points to obtain other ratios such as 
1.5:1, 2:1 and 3:1. 


E2= 461 

12=1/4i4 
i3= 3/411 
Z2= 1621 





Fig. 50 — Four-winding, broadband, variable 
impedance transformer. Connections a, b and c 
can be placed at appropriate points to yield 
various ratios from 1.5:1 to 16:1. 


(178mm) 


2-1/2" 


(64mm) 





Fig. 51 — Final design and bandwidth 
characteristic of a short 40-meter vertical having 
an input impedance of 3.5 ohms and utilizing a 
commercial beach umbrella. This antenna 
established its worth as a prototype for the 
lower frequencies. 


The popular cores used in these applica- 
tions are 2.5 inch (64 mm) OD ferrites® of 
QI and Q2 material and powdered iron 
cores,’ of 2-inch (51 mm) OD. The 
permeabilities of these cores, pu, are 
nominally 125, 40 and 10, respectively. 
Powdered iron cores of permeabilities 8 
and 25 are also available. 

In all cases these cores can be made to 
operate over the 10- to 160-meter bands 
with full power capability and very iow 
loss. The main difference in their design is 
that lower permeability cores require more 
turns at the lower frequencies. For 


example, QI material required 10 turns to 
cover the 160-meter band, Q2 required 12 
turns, and powdered iron (jy = 10) required 
14 turns. Since the more common pow- 
dered-iron core is generally smaller in 
diameter and requires more turns because 
of lower permeability, higher ratios are 
sometimes difficult to obtain because of 
physical limitations. Although most of the 
author’s experimentation on these trans- 
formers was done on the 40-, 80- and 160- 
meter bands, the results indicated that they 
should operate on the higher bands equally 
well. When working with low impedance 
levels, unwanted parasitic inductances 
come into play, particularly on 14 MHz 
and above. In this case lead lengths should 
be kept to a minimum. 

All the results obtained by the author 
have shown that the transformers can be 
used to match a variety of loads and 
impedance ratios, they can be used over 
many bands, and that they exhibit negligi- 
ble loss in operation. More importantly, 
the core materials are readily available and 
low in cost. 


A Short Vertical Antenna Design 


These transformers permit efficient 
matching to impedances as low as 3 to 4 
ohms. This means, with some top-hat 
loading, antennas could be 4 to 5 feet (1.22 
to 1.52 m) tall on 40, 8 to 10 feet (2.44 to 
3.05 m) on 80, and 16 to 20 feet (4.88 to 6.10 
m) on 160 meters. With the capability of 
tapping off any portion of the transformer 
windings, thus providing variable match- 
ing, the heights of these antennas can be 


(25mm) 





-——DIA.* 2-3/8" 
(60mm) 








Fig. 52 — The 80- and 160-meter dual-band 
vertical system. The remotely switched 
matching network is described in the text. Not 
shown are three sets of polypropylene guy 
ropes at heights of about 9, 18 and 26 feet (2.74, 
5.49 and 7.92 m). 
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Fig. 53 — The remotely switched matching 
network for the 80- and 160-meter dual-band 
vertical antenna. The indicated switch positions 
are for 160-meter operation. 

$1 — Dpdt antenna relay. 

Ji — Coaxial connector, chassis type. 

L — Load coil for 160 meters, 22-1/2 turns, no. 
14 wire on 4 cores of 2-Inch (51 mm) OD 
powdered-iron, permeability of 10 (Amidon 
T-200-2). 

T — Broadband transformer (see text). 


increased at will depending upon the 
bandwidth desired. 

The first short vertical designed by the 
author was brought about by a trip to a 
local shopping center. The author saw a 
beach unbrella that had about the right 
proportions one would use in designing a 
short 40-meter vertical. The “antenna” was 
purchased (at a nominal price) and a 14- 
turn coil, connected across an insulated 
section about three feet (0.91 m) from the 
ground, was used to tune the vertical to 
resonance. The measured input impedance 
was 3.5 ohms and was matched easily to 50- 
© line with a 16:1 transformer. Fig. 51 
shows the final design and the bandwidth 
characteristic. Several months of operation 
on 40 meters verified the outstanding 
capability of this short vertical antenna 
(with an extensive radial system) and 
established its worth as a prototype for the 
lower frequencies. A further study showed 
that the 6-foot (1.83 m) diameter top- 
section was about the equivalent of a 4-1 /2- 
foot (1.37 m) diameter solid disk. 


A Dual-Band 160- and 80-Meter System 


The antenna shown in Fig. 52 is a dual- 
band design using a remotely switched 
matching network (see photograph) which 
not only changed a tap on a broadband 
transformer from 4:1 to 9:1, but also 
introduced a powdered-iron base-loading 
coil for 160-meter operation. 

The circuit diagram for the remote 
matching network is shown in Fig, 53. The 
loading coil was made with four powdered- 
iron (uz = 10, 2-inch [51 mm] OD) cores. 
They were first wrapped individually with 
several layers of vinyl electrical tape before 
being combined and wrapped again. The 
necessary inductance was obtained with 
22-1/2 turns. A slight adjustment of the 
loading coil and the height of the antenna 
was found necessary in order to put the 
minimum SWR at 1812 kHz. In general, a 
1-foot (0.31 m) change in height of the 
antenna changes the 80-meter resonance by 
60 kHz and the 160-meter resonance by 15 
kHz. A change of 1/2 turn on the 
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Bottom view of the matching network for the|dual- 
band 80- and 160-meter vertical. The loading coil 
is on the right and the trifilar 4:1 and 9:1 matching 
transformer on the left. The dpdt 24-volt antenna 
relay switches in or out the loading,coil and 
changes the taps on the transformer to the 
appropriate ratio, The enclosure is the 
conventional 4 X 5 X 6-inch (102 mm X 127 mm X 
152 mm) aluminum Minibox. 





The broadband bifilar transformer shown has 12 
bifilar turns, no. 14 wire, on a ferrite (Q1 
material, 2.5 inch [64 mm] OD) core. Taps are 
also placed at 3, 6, and 9 turns, thus yielding 
ratios of 1.5:1, 2:1, 3:1 and 4:1. This transformer 
has a connection at the 1.5:1 ratio tap. Extra 
insulation was provided for the enameled wire 
In order to prevent voltage breakdown when 
matching into loads greater than 50 ohms. 


powdered-iron core coil changes the 160- 
meter resonance by about 50 kHz. It 
should be noted that the windings had 
extra insulation (about one layer of vinyl 
tape) added on the inside part of the 
windings in order to prevent breakdown 
between them. 

Low-permeability ferrite material Q2 (z 
= 40, but still four times larger than the 
powdered iron material) was also investi- 
gated for use as a core for a 160-meter 
loading inductance. It was hoped that with 
several stacked cores of this material, the 
flux density would be reduced to a level 
where nonlinearities and permanent 
damage could be avoided. Two cores and 
about 10 turns of wire were used. The result 
was negative. Large changes in inductance 
were noted on voice peaks by the sudden 
large changes in the SWR. Also, small but 
permanent changes in the SWR were 
observed, indicating permanent damage. 
In contrast to ferrite, powdered iron 
maintains its linearity at high flux densities 
and suffers no permanent damage. As 
noted above, four cores of permeability 10, 
and 22-1/2 turns, provided the proper 
inductance (approx. 30 4H). The loss in 
this coil was about equal to the air-wound 
coil (33 turns, 6 tpi, no. 12 wire, 2-1/2-inch 
[64 mm] OD). Two stacked powdered-iron 
cores of permeability 25 were also investi- 
gated. This arrangement required about 17 
turns, but was rejected because the loss, 
which was mainly in the two cores, went up 
to 3 ohms. This is certainly intolerable 
since it is of the order of magnitude of the 
radiation resistance of the very short 
vertical, 


Concluding Remarks 


The predominant characteristic of the 
short antenna is probably its very low value 
of radiation resistance. One must be careful 
of excessive ground and ohmic losses in 
coils and matching networks. A good 
image plane can eliminate the ground-loss 
factor. The application of a top hat eases 


the problem somewhat because it increases 
the effective length and thus the radiation 
resistance, The radiation resistance can be 
increased five-fold® by resorting to com- 
plete top-hat loading ofa vertical. Combin- 
ations of top-hat and inductive loading can 
be used depending upon the radiator height 
and the bandwidth desired. One can also 
resort to a short folded unipole. With these 
combinations at his disposal, the designer 
is left with the problem of efficiently 
matching his transmission line to various 
impedance levels. The wide-band transmis- 
sion-line transformer can provide the 
answer. It is capable of operating very 
efficiently over a wide range of impedances 
and impedance ratios. 

The author would like to acknowledge 
the generosity of the following companies 
who supplied cores and information for the 
experiments: Indiana General Corp., 
Amidon Associates, and the Arnold 
Engineering Co. 

Finally, the author would like to thank 
his colleague Mort Fagen, WA2EIT, for 
his encouragement and discussions of the 
antenna papers the author has written. 
This material was originally presented in 
QST by Jerry Sevick, W2FMI. 
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An RF-Sensed Antenna Changeover Relay 


Flick of the switch, sir? Not 


Ci. subject that can be confusing for 
the newcomer to Amateur Radio is that of 
antenna-changeover systems. Several 
systems have been devised over the years 
and most can be classified into three or four 
main categories. Before delving into a 
discussion on these systems, a brief look at 
the simplest method of all might be in 
order, that is, no antenna changeover at all, 
With this setup two separate antennas are 
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with this system — it’s automatic! 


used, one for the transmitter and one for 
the receiver. This system is impractical for 
the most part since duplicate antennas 
would be required for each band of 
operation. There are instances, however, 
when separate antennas with different 
directive patterns can be used to an 
advantage, as in the case of specialized 
receiving antennas. Generally speaking, 
most stations use the same antenna for 


transmit and receiver purposes, so this is 
more the exception than the rule. 

Several antenna-changeover systems, 
designed to transfer a single antenna from 
the receiver to the transmitter, are shown in 
Fig. 54. At A, a manual switch is used to 
transfer the antenna connection. This 
scheme is simple and works well, but is not 
without several drawbacks. Good-quality, 
high-power rf switches are often costly and 





hard to locate and, of course, the operator 
is required to switch manually from receive 
to transmit. 

One of these problems was eliminated 
with the advent of the coaxial relay. These 
relays were, in most cases, mounted 
external to the transmitter and receiver 
with connecting cables running to and 
from the unit, as shown in Fig, 54B. Many 
of these relays were rated for a kilowatt a-m 
signal, and maintained the 50-ohm line 
impedance. The voltage needed for the 
relay field was switched on or off with a 
low-powered toggle or foot switch. Alter- 
natively, the transmit-receive switch might 
be located on the front panel of the 
transmitter with control voltage or a 
normally open or closed circuit available at 
a socket on the rear apron. Several extra 
sets of relay contacts were usually fur- 
nished with the relay to perform various 
functions, including that of muting the 
station receiver during transmit periods. 
Although this system of antenna transfer 
represented an improvement over the 
previous setup, it was still necessary for the 
operator to switch the antenna manually 
via the relay-control switch. 

It’s been said that laziness is the mother 
of invention and so it seemed natural that a 
more automatic system be developed. The 
relatively modern scheme at Fig. 54C has 
the transfer relay built into the transmitter. 
This system is quite popular and is used by 
most commercial manufacturers of ama- 
teur equipment that offer a separate 
transmitter and receiver. When the key is 
pressed the relay activates automatically 
and switches the antenna to the transmit- 
ter. A variable-length delay is usually 
included to hold the relay closed, thereby 
keeping the antenna connected to the 
transmitter during code characters. After 
the last group of code characters is sent, the 
relay will remain closed for a second ortwo 
— the amount of time controllable. When 
the relay deactivates, the antenna is 
reconnected to the receiver. 

Unfortunately, some amateurs who 
build their own equipment or purchase 
transmitters and receivers of different 
manufacture, sometimes resort to switch- 
ing methods A or B. These setups, of 
course, do not include the automatic 
features of system C. The circuit described 
here and shown in simplified form in Fig. 
54D was designed with this in mind. 
Basically, this system detects the presence 
of rf at the output of the transmitter and 





The inner layout of the antenna-changeover relay. Wiring or placement of circuit board and other 


components is not critical. 
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Fig. 54 — Several different antenna-changeover systems in block diagram form. 


immediately breaks the antenna connec- 
tion to the receiver. At the same time the 
antenna connection to the transmitter is 
made. One of the features of this system is 
that no modifications to either the trans- 
mitter or receiver are required. 


Circuit Description 


RI of Fig. 55 serves as an rf-voltage 
divider to permit the circuit to be used with 
transmitters of various power-output 
amounts. Rf energy is routed through Cl 
to the base of broadband amplifier QI. The 
amplified hf-band energy is supplied to a 
voltage-doubler (DI and D2) through a 
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broadband toroidal step-down transform- 
er, Tl, The rectified rf voltage at the output 
of D1 and D2is filtered by means of RFC2, 
C5 and C6. This prevents unwanted rf from 
reaching U1 and affecting its performance. 

C6, R7 and R6 comprise a timing 
network (variable) which governs the hold- 
in time of the relay, KI. The smaller the 
resistance amount at R6, the shorter will be 
the time delay. 

UI functions as an inverting amplifier. 
When the input de voltage at pin 2 
increases, the output dc voltage at pin 6 
decreases. The output voltage causes the 
base of relay driver Q2 to be forward biased 
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negatively when it drops below approxi- 
mately 1.4 volts. Diodes D5 and D6, by 
virtue of their combined barrier voltages 
{0.7 V each), establish the 1.4-V fixed bias 


level. Without the diodes, Q2 would 
conduct sufficiently to prevent the relay 
from dropping out during no-signal 
periods. D4 is used to suppress transients 
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Fig. 55 — Schematic diagram of the rf-sensed antenna-changeover relay. All resistors are half-watt 
composition type. Capacitors are disk-ceramic unless noted otherwise. Component numbers not 
appearing in the parts list are for identification purposes only, 


J1, J2 — Connector, SO-239. 
J3 — Connector, phono-type. 


K1 — Dpdt relay, 5-ampere contacts, 12-volt field. 


Ri — Linear potentiometer, 5000 ohms. 
R2 — Linear potentiometer, 2.5 megohms. 
RFC1, RFC2 — Rf choke, 42 turns no. 28 
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enam. wire on an Amidon FT-50-43 core. 
T1 — Broadband transformer. Primary: 25 

turns no. 28 enam. wire on an Amidon 

FT-50-43 core; secondary: 5 turns no. 28 

enam. wire wound over primary winding. 
U1 — Op amp, 741. 
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Fig. 56 — Circuit-board etching pattern for the changeover relay. The pattern is shown at actual size 
from the foil side of the board with gray areas representing copper. Decimal-value numbers alone 
represent capacitance in microfarads. Whole-number values with no units represent resistances in 
ohms; k = 1000. J = wire jumper. All components are mounted on the nonfoil side of the board. K 
indicates the cathode of a diode. 
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caused by the field coil of K1. When no 
rectified rf reaches U1, Q2 is cut off because 
of the high positive base voltage it receives 
from U1, and the relay contacts to the 
transmitter are open. 


Construction 


In Fig. 56 is a suggested printed-circuit 
board layout showing the foil pattern and 
parts placement. R1] and R6 may be circuit- 
board-mounted potentiometers if the 
builder desires, as the board layout was 
designed to accommodate such units. 
Potentiometers of this type are entirely 
suitable if the builder does not anticipate 
frequent changes in power levels and length 
of delay, as these controls must be 
readjusted for such changes. If the builder 
is interested in having access to these 
controls, panel-mounted potentiometers 
can be used at the front apron, in which 
case wires will have to be run from the 
circuit board to the controls. 

Our finished model was housed ina 5X3 
Xx 2-inch (127 mm X 76 mm X 51 mm) 
aluminum Minibox. RI and R6 were 
mounted on the front panel and Kurz- 
Kasch knobs were placed on the control 
shafts to dress up the appearance of the 
finished product. D4 is attached directly to 
the relay terminals, The rear panel 
supports the terminals for the transmitter, 
antenna, receiver antenna and power 
supply. SO-239 connectors were used for 
the transmitter and antenna connections, 
and a phono cennector was employed for 
the receiver antenna. Any type of connec- 
tors may be substituted to match those 
used in the builder's station. The power- 
supply lead is brought out through a 
feedthrough capacitor. This type of 
feedthrough is not necessary; a simple 
feedthrough insulator or wire could be 
used instead. In our case, the capacitor lead 
served as a convenient tie point during 
preliminary testing of the unit. 


Operation 


Connect the antenna, transmitter, 
receiver antenna lead and the power- 
supply connections to the appropriate 
terminals. Set R6, the time-delay control, 
to its minimum delay position (ccw) and 
the sensitivity control to its midrotation 
position. While keying the transmitter, 
decrease the setting of the sensitivity 
control to a point just above that where the 
transmitter no longer makes the relay 
energize. Once this has been set, it may be 
left in that position until a moderate 
change in power level has been made. The 
delay control should then be adjusted for 
the length of delay desired. The circuit 
shown has been tested from 1.8 to 30 MHz 
and at de power input levels up to and 
including 1000 watts. This material was 
originally presented in QST by Doug 
DeMaw, WIFB, and Jay Rusgrove, 
WIVD. 





Measuring Antenna Gain with Amateur 


Methods 


Beat the cost of expensive test gear. Make your antenna measurements using 
this unique method! A VU meter, a handful of parts and this simple explanation 


are all you need. 


—— excellent articles have been 
written about the techniques used at vhf 
conferences to measure antenna gains. 
Two such articles in particular, by Clark! 
and Knadle,? suggest very good antenna- 
range procedures. Both describe tech- 
niques which, if properly applied, will 
produce accurate relative antenna-gain 
data (in decibels) for vhf-uhf antennas. 
However, these antenna range- 
measurement systems require equipment 
most amateurs lack — ratiometers, precise- 
ly calibrated attenuators, or at least 
specialized detectors and commercial 
grade audio or VSWR meters. Moreover, 
setting up a near-field antenna range is a 
tricky business in itself. One text} simply 
warns amateurs not to expect accurate 
antenna-gain measurements if they try it! 
The problem, of course, is that outdoor 
antenna ranges invite all sorts of error- 
causing reflections from various objects, 
not the least of them being the earth itself. 


Ground reflections alone can completely 
invalidate the results on an otherwise good 
antenna range. At the 1973 West Coast 
VHF Conference, for instance, the author's 
8-element quagi for 432 MHz‘ was meas- 
ured at precisely the same gain as a well- 
built 15-element Yagi more than twice its 
size, despite the fact (established in other 
tests) that the bigger antenna had 2 to 3 dB 
more actual gain! The problem was that, 
even with the sophisticated measuring 
equipment in use, ground reflections were 
distorting the results. The best “gain” 
indication came with both antennas within 
a few inches of the earth, and the smaller 
quagi with its lower Q didn’t mind the 
detuning effects of the earth’s proximity as 
much as the bigger and higher Q array. 

With results like that, wild claims are 
sometimes made for one vhf antenna or 
another. And the claims may be even 
wilder on the hf bands, where an amateur 
may well be told his signal is two of three S 





For the antenna gain-measurement technique described here, two identical masts in a clear area 
(here a southern California beach) are required. With the test and reference antennas at equal 
heights and fed with identical feed lines, the signal produced by the two antennas is compared by 
rapid and repeated switching. Here an 8-element quagi is tested against an 11-element Yagi that has 
been modified for quagi-type drive. The modifled Yagi delivers 3 dB more gain than the 
conventional version, but 2 dB less than the quagi. 
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units louder than another ham's signal 
when the actual gain difference between the 
two antennas is insignificant. The ham who 
“won ” the comparison by several S units, 
of course, is likely to go away thinking his 
antenna is 12 or 18 dB better than the other 
guy’s, since S meters are supposed to show 
6-dB signal difference per S point. 


A Better Way 


This article describes a more reliable and 
valid way to estimate antenna gain, and 
without expensive or hard-to-find test 
equipment. The technique requires only 
this equipment: a cooperative nearby ham 
with a transmitter capable of generating a 
few watts of steady carrier, a receiver 
whose age can be turned off, an ordinary 
audio VU meter, and some antennas to 
measure. 

The technique is nothing more than a 
more rigorous application of the test 
procedure radio amateurs have always 
used when they asked for “comparison” 
signal reports. It takes advantage of the 
fact that audio VU meters, unlike S meters, 
are calibrated directly and fairly accurately 
in decibels, with easy readout down to 
fractions of a dB, And with the age turned 
off, most receivers will closely reproduce 
changes in the signal input at the antenna 
terminals with corresponding changes in 
audio output until they are badly over- 
loaded. 

This means that a nearby amateur’s 
signal transmitted at a reasonably low 
power level can be used to compare the 
gain of various antennas by rapidly 
switching back and forth between them 
and averaging the results. 

The only trick is to use a “test signal” that 
is coming from a point source — not a 
signal that is being reflected from sur- 
rounding objects. If your test antennas can 
“see” the signal source a few miles away 
and are well clear of nearby objects (and 
clear of the earth itself), valid results should 
be attainable if the procedures below are 
followed. 

The author has spent many hours 
working with both local antenna ranges 
covering a few dozen wavelengths, and on- 
the-air. signals from local stations. It is 
apparent that ground reflections and other 
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Fig. 57 — The audio VU-meter system for antenna gain measurements. 





Fig. 58 — This small box houses all the test 
equipment required for antenna gain measure- 
ments using the technique described here, The 
front-panel audio VU meter is calibrated directly 
in decibels, with readout possible to about 0.2 
dB in the most expanded part of the scale, Not 
visible are the meter level potentiometer (on 
rear), and small speaker which is mounted 
downward, 


such error sources are less serious problems 
when a steady, on-the-air carrier a few 
miles away — and not a local signal a few 
dozen wavelengths away — is the signal 
source, 


Test Procedures 


Here’s how the procedure works at vhf 
(at hf, it’s a little more complicated because 
antennas are larger, as we'll see later): 

1) Build an audio VU metering circuit 
like the one shown in the photo and Fig. 57. 
All parts should be readily available 
anywhere that consumer electronics parts 
are sold. The speaker and meter-gain 
control are handy to have when the receiver 
itself is located some distance away from 
the antenna test site, but they aren't 
absolutely essential. 

2) Get a nearby amateur (perhaps one to 
five miles away) to generate a steady carrier 
into an antenna of the same polarization as 
your test antennas. A small beam pointed 
toward your test site is much better than a 
dipole or groundplane antenna because it is 
less likely to invite reflection error. A beam 
pointed somewhere else is worst of all! 

3) Two of the antennas to be tested 
should be set up side by side, with identical 
lengths of feed line going to a coaxial relay 
or well-isolated switch. The two supporting 
poles should be high enough that the test 
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antennas are at least two wavelengths 
above ground (13 feet [3.96 m] or more at 2 
meters) and clear of nearby obstructions. 
To minimize interaction between the two 
antennas, the two masts should also be at 
least one to two wavelengths apart and 
standing side by side in relation to the 
signal source. 

4) Make sure you can raise and lower 
your antennas and move them from side to 
side by at least a full wavelength or so (81 
inches [2,06 m] at 2 meters) without the 
indicated signal varying more than about | 
dB. If you can’t do that, you probably have 
reflection problems that will have to be 
solved before you can make valid readings. 





NL 





If this is the case, try different sites until 
you do achieve nonspotty reception. 

5) Check the receiver agc to be sure it is 
off; then rapidly switch between the two 
antennas and record the difference in 
decibels. Do it several times and calculate 
the average figure (the mean, for statisti- 
cians). 

6) Next reverse the two antennas. Put 
antenna no. | on mast no. 2 and attachit to 
feed line no. 2. Move antenna no. 2 over to 
mast no. | and feed line no. 1. Do not 
eliminate this step and expect valid results. 

Now run the test again. If there are more 
than very slight differences from the 
previous test, one antenna or the other is 
seeing some obstruction or reflection 
source. Your site isn’t clear enough for 
good results; try a different one. 

Since this test procedure requires only 
receiving, there is no reason not to perform 
it somewhere other than at home — 
anywhere that is clear of obstructions. Use 
a receiver or transceiver that runs on 
battery power, if necessary. 

7) If you have followed steps one 
through six, you now have an accurate in- 
dication of the relative gain of your two 
antennas. Now you can make one of your 
antennas a “reference” antenna and 
compare any other antennas you or 








Fig. 59 — Here a 15-element long-boom quagi for 432 MHz is compared to a 16-element log- 
periodic Yagi, using the test procedure described in this article. The two antennas both deliver 15 
GB gain over a dipole, decisively better than any other 432-MHz antenna tested here. The antennas 
to be tested are set up side by side and fed with identical lengths of coax. The antennas should be 
at least two wavelengths above ground and clear of nearby obstructions. To minimize interaction 
between the two antennas, the masts should also be at least one to two wavelengths apart, and 
Standing side by side in relation to the signal source. 





Fig. 60 — An earlier version of the metering system in Fig. 57, with assorted elements of various 
lengths and the yardstick used to make temporary placements on the boom. 





Fig. 61 — The technique used to design a new vhf or uhf antenna experimentally. The boom is 
shown with the first few elements already in place, and each additional element is adjusted back 
and forth on the boom until a point of maximum indication of the VU meter is found. 


neighboring hams have against this 
reference. 

So how do you determine how much 
gain your antennas have over a dipole? 
Some people would say, “Simple, make the 
reference antenna a dipole.” But it may not 
be that easy, because dipoles are notorious 
for finding reflections that more direc- 
tional antennas can’t “see."’ At vhf 
conference gain-measurement seminars, 
dipoles have sometimes shown as much as 
3 or 4 dB gain over a dipole! 

The best reference antenna is probably a 
small beam of known (or approximately 
known) gain, assuming you don’t have the 


National Bureau of Standards type of 
reference antenna that professionals use 
for this purpose. A 3-element Yagi or a 2- 
element quad built to handbook dimen- 
sions will usually deliver about 6 dB gain 
over a dipole at 2 meters, if the SWR is 
okay at the design frequency. 

Thus, if you find that a particular 8- 
element antenna consistently produces 4.5 
more dB on the VU meter than your little 
reference beam, you'll know you have an 
antenna with about 10.5 dB gain. You 
won't be exactly correct, but you'll be close 
to the right figure. Conversely, if your 
bigger beam doesn’t show much gain over 
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the small one, and there are no measure- 
ment errors of the sort just described, you'll 
know for sure that something is wrong with 
the big antenna. 

Once you have established the integrity 
of your test site, you can even design your 
own antennas very accurately, using the 
audio VU-meter technique. To do that, set 
up your reference antenna and begin 
designing your new antenna by putting an 
empty boom on the other pole. Now start 
with 2 or 3 elements, get adecent SWR and 
try adding more elements. 

As you add elements, you will be able to 
actually see where each new element 
“wants to be” on the boom, and youcan see 
your new antenna gain over the reference 
antenna increase as you go along. Try all 
sorts of element lengths and spacings as 
you progress. 

Antenna design professionals call this 
process “perturbation” and they do it with 
sophisticated mathematics, but you can 
design antennas that work just as well as 
theirs on your own antenna range, once 
you master this technique. Then, if you do 
go toa vhf conference with your best home- 
designed antennas, you'll know about how 
much gain they have before you enter the 
gain contest. And you'll never come away 
from such an event with an antenna that 
has “minus 3 dB gain!” Moreover, you'll 
know that your measurements, made 
without any of the sophisticated equipment 
you saw at the vhf conference, are about as 
accurate as anybody's. In fact, you may 
find your own measurements are more 
valid than the ones at the conference, 
especially if the antenna-gain figure jumps 
all over the place when you raise and lower 
it at the conference antenna range. 


HF Antenna Measurements 

So far, all of this has been devoted to vhf 
antenna-gain measurements. Many read- 
ers will say, “That’s fine, but I want to 
measure the gain of my 5-element 20-meter 
beam!” Of course, an audio VU meter and 
a receiver without age are a much better 
way than the notoriously inaccurate S 
meter to compare two dissimilar hf 
antennas, The author has seen an S meter 
show three or four S units of signal 
difference between two antennas that are 
really only 3 or 4 dB apart in gain, 

However, the only accurate way to 
calculate the gain of an antenna is to 
compare it to a reference antenna at the 
same height and then switch the two 
antennas to opposite masts to validate the 
data, That may be impractical at hf, but 
perhaps not as much so as it seems at first. 
Most amateurs motivated enough to install 
a 5-element beam on a crankup tower can 
probably find a way to temporarily set upa 
smaller beam (not a dipole) on a 20-foot 
(6.10 m) mast above a roof. Then the two 
antennas at identical heights can be 
compared on stable, line-of-sight signals. 

The results of this test can be invalidated 
by obstructions or even by other antennas 
mounted on the same tower with the test 
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antenna, but at least this will be more valid 
than a comparison against another ham’s 
readings, when the two locations and rigs 
may be entirely different. 

And if you can switch your test reference 
hf antennas to opposite masts, you can 
measure the actual gain of one over the 
other. One suggestion before you put that 
giant, long-boom array on the big tower: 
Put a little beam on the tower and an 
identical one on the rooftop mast and 
perform the audio VU-meter tests to see if 
the two antenna sites do seem to be 
identical. If they are comparable, then you 
can put the big antenna on the tower and 
find out how much gain it has, if any, over 
the small one on your roof when the two 
are at the same height. 

This may seem cumbersome, and in fact 
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it is! That’s why most antenna designers do 
their research at vhf where antennas are so 
nice and small, and then scale their best 
designs up for the hf bands. But if you 
really want to know your big beam’s actual 
gain, this is probably the easiest way to find 
out. 


Conclusions 


The antenna gain-measuring technique 
described in this article has repeatedly been 
proved to be reliable and valid. The author 
has used it to design new antennas that 
work well enough for all kinds of contest 
and DX work, including moonbounce. For 
a dedicated amateur, working DX on a 
home-designed antenna far surpasses the 
thrill of working the same DX with an 
antenna purchased at a store! But remem- 


ber, whether you’re working 20 meters or 
23 centimeters, a signal source, a receiver 
with its age disabled and an audio VU 
meter are the only pieces of equipment you 
need to measure antenna gain with this 
technique. This material was originally 
presented in QST by Wayne Overbeck, 
PhD, N6NB. 
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Preface 


One reason for writing this book is to educate you so you can make an informed choice 
concerning the best antenna for you. Another reason is to dispel the many antenna myths that 
circulate in the amateur community. The third reason is a desire to teach basic antenna theory 
to the average ham. Therefore, to achieve that goal, you should read this book from cover to 
cover. It was written primarily for the newcomer and the non-technical old-timer. 


This book is about common medium wave and high frequency (short wave) antennas, but the 
theory presented here relates to antennas of any frequency. It is in a condensed form and the 
antenna theory is explained so most hams can understand it. Realizing many hams are 
mathematically challenged, only simple mathematics procedures are used. If you can add, 
subtract, and divide using a calculator, you will not have trouble with this book. 


A few principles in here are based on conclusions drawn from the Laws of Physics. Everything 


else in this book can be found scattered through The 4.R.R.L. Antenna Book and nothing in 
here contradicts what is written there. 
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1. 
Why All The Fuss 
About Antennas 


Definition: An antenna is a piece of metal, a conductor of electricity, to which you connect the 
radio. It radiates your signal and receives the signals you want to hear. 


Definition: An antenna system consists of the antenna, the feed-line, and any matching unit. 
Most antennas are made of copper or aluminum, while most mobile antennas are made of 
stainless steel. A feed-line consists of two conductors that carry the signal to and from the 
radio and to and from the antenna. A matching unit can be an antenna tuner, a series matching 
section, or one of several different kinds of matching circuits at the feed-point. 


Does the type of antenna make much difference? Here is an example: Once in 1959 two of us 
were involved in testing two antennas on 15 meters. The late R. Lynn Kalmbach, W4IW, using 
one antenna received a 30-dB better signal report on his antenna from a station in England 
than we did on our antenna. (Decibel or dB will be explained later). Thirty dB means his signal 
appeared that he was running 1000 times more transmitter power than we were. At that time, 
we didnt live that far apart so we couldnt blame it on propagation. We both were running about 
equal power. Both antennas were at 50 feet. The comparison proved that a good antenna could 
make a difference. Lynn used a home-built G4 ZU mini-beam; we were using a 15-meter 
2-element Mosely Mini-Beam, which had short loaded elements. Evidently, it had a lot of loss. 


Another example: Today we hear people breaking in to our ragchews with signals almost level 
with the noise. Why is that? The reason is they are using the wrong antennas. Their signals are 
20 to 30 decibels below everyone elses. They are making contacts, but just barely. The first 
question our group asks, “What kind of antenna are you using?” Experienced amateurs know 
the antenna can make all the difference. The guy with the poor signal sometimes will blame 
his bad signal report on band conditions or his lack of a linear amplifier. He is just sticking his 
head in the sand. 


What we are trying to prove is next to your radio, the most important part of your station is the 
antenna. Many years ago, an old-timer said, “For every dollar you spend on a radio, you 
should spend two dollars on your antenna.” That is also true today. You can do more to 
improve your signal strength with antennas than you can ever do by increasing your power. 
Having the ability to make contacts on a particular antenna doesnt mean it works well! Any 
antenna will make contacts, but your signals will be stronger on some antennas than on others. 
In addition, some antennas hear better than others. 
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2. 
How Antennas Work 


First of all to work properly the antenna system must be matched to the transmitter. That is, all 
modern transmitters have an output impedance of 50 ohms. Antenna systems range in 
impedance of a few ohms to several thousand ohms. There are several ways to match them: 
pruning the length of the antenna, using an antenna tuner, matching the antenna with a length 
of transmission line called a matching section, or the use one of several matching systems at 
the antenna feed-point. Antenna matching is beyond the scope of the material found in this 
book and it is suggested you consult a more comprehensive antenna manual. Simple half-wave 
dipoles eliminate the need for a matching system because a resonant half-wave dipole has an 
impedance near 50-ohms. 


You must understand electromagnetism to understand how antennas work. If you attach the 
two poles of a direct current (DC) voltage source to the two ends of a coil of wire, current will 
flow through the coil of wire and it will become magnetized. The magnetized coil is known as 
an electromagnet. Its magnetism will extend out to infinity becoming weaker with distance. 
Remove the voltage and the magnetic field collapses back into the coil. If an alternating 
current (AC) is connected to the coil, the magnetism moves out and collapses into the coil in 
step with the frequency of the alternating current source. The north and south poles of the 
electromagnet reverse on each half-cycle of the AC voltage. 


If voltage and current can cause a coil to become magnetized, the reverse is true: A magnetic 
field can produce a voltage and a current in a coil. This is known as Faradays Principle of 
Magnetic Induction. A voltage will be produced at the ends of the coil of wire as you move 
any permanent magnet close to and parallel to the coil. The difference in this case is the 
magnet must be kept moving. Move the magnet in one direction, and current will flow in one 
direction. Reverse the direction the magnet is moving and the current will flow in the opposite 
direction. Moving the magnet back and forth produces alternating current. An AC generator 
spins a coil of wire between the two poles of a magnetic field. It doesnt matter which one is 
moving. The coil or the magnet can be moving. Any moving magnetic field can induce current 
in anther coil. It doesnt have to be a piece of metal we call a magnet. Imagine a moving 
magnetic field produced by AC circulating in and out of a coil. If that moving magnetic field 
passes through a second nearby coil, it will induce an alternating current in the second coil. A 
transformer uses this method to work. Transformers have a continuous iron core running from 
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2. How Antennas Work 


the inside of one coil through the inside of the second coil to confine the magnetism inside the 
iron core. This makes the transformer nearly 100% efficient since only a little of the magnetic 
energy escapes. 


A straight wire that has an AC current flowing through it also has a magnetic field surrounding 
it. But it is a weaker field than is produced by a coil. The magnetic field from the wire radiates 
out into space and becomes weaker with distance. The radiating magnetic field from a wire is 
known as “electromagnetic radiation” and a radio wave is one type of it. The wire that radiates 
becomes the transmitting antenna. Some distance away, a second wire in the path of these 
waves has current induced into it by the passing electromagnetic waves. This second wire will 
be the receiving antenna. The voltage in the receiving antenna is many times weaker than the 
voltage in the transmitting antenna. It may be as weak as one-millionth of a volt or less and 
still be useful. The receiving antenna feeds that voltage to the amplifiers in the receiver 
front-end where it is amplified many thousands or millions of times. 


The dipole antenna is made of a wire broken in the center and where broken, each half of the 
wire connects to an insulator that divides the wire in two. Two wires from the voltage source, 
which is the transmitter, are connected across the insulator. On one side of the dipole, the 
current in the form of moving electrons flows first from the voltage source toward one end of 
the dipole. At the end, it reflects toward the voltage source. The same thing occurs on the other 
half of the wire on the other half cycle of alternating current. An antenna that is the right length 
for the current to reach the far end of the wire just as the polarity changes is said to be 
resonant. Because electricity travels at 95% the speed of light in a wire, the number of times 
the polarity changes in one second (frequency) determines how long the wire has to be in order 
to be resonant. 
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3. 
Polarization Of 
Electromagnetic 


Waves 


Electromagnetic waves travel away from the wire in horizontal, vertical, slanted, or circular 
waves. If the antenna wire runs horizontal or parallel to the earth, the radiation will be 
horizontally polarized. A wire or conductor that runs at right angles to the earth produces 
vertical radiation. A slanted wire has components of both horizontal and vertical radiation. 
Crossed wires connected by proper phasing lines that shift the phase from one wire to the other 
wire by 90 degrees will produce circular polarization. Amateurs working orbiting satellites at 
VHF, UHF, and microwave frequencies use circular polarization. 


When your high frequency signals are reflecting off the ionosphere, it isnt important if the 
other stations antenna has the opposite polarization from yours (the polarization does matter 
for line of sight communication). The reflected polarized waves passing through the 
ionosphere are slowly rotated causing fading signals (QSB). The reason the polarization of 
antennas is most important is that it determines the angle of radiation. Horizontally polarized 
antennas at ordinary heights used by hams produce mostly high angle radiation and weaker 
low angle radiation, but this doesnt mean there is no low angle radiation. It is there but is 
weaker than high angle radiation. However, you must put a horizontally polarized antenna up 
more than one-wavelength high to get a strong low angle radiation. One wavelength is 280 feet 
on 80 meters, 140 feet on 40 meters, and 70 feet on 20 meters. High angle radiation works 
nearby stations best and low angle radiation works distant stations (DX) best. A vertically 
polarized antenna produces mostly low angle radiation, with its high angle radiation being 
weak. For this reason, vertical antennas do not work as well as horizontal antennas do at 
ordinary heights for working stations less than about 500 miles away. 
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4. 
Frequency 


The number of times the polarity of an AC voltage changes per second determines its 
frequency. Frequency is measured in cycles per second or Hertz (Hz). A thousand cycles per 
second is a kilohertz (kHz). One million hertz is a Megahertz (MHz). The only difference 
between the 60 Hz electric power in your house and radio frequencies (RF) is the frequency, 
but 60 Hz electricity in a wire also produces electromagnetic radiation just like radio waves. 
Useful radio waves start at 30 kHz and go upward in frequency until you reach the infrared 
light waves. Light is the same kind of waves as RF except light is at a much higher frequency. 
Light waves are used like radio waves when they are confined inside fiber optic cable. Above 
the frequencies of light are found x-rays and gamma rays. 


The radio bands: The Long Wave Band (LW) starts at 30 kHz and goes to 300 kHz. The 
Medium Wave Band (MW) is from 300 kHz to 3000 kHz or 3 MHz. The High Frequency 
Band (HF) is from 3 MHz to 30 MHz. The Very High Frequency Band (VHF) is from 30 MHz 
to 300 MHz. The Ultra-High Frequency Band (UHF) is from 300 MHz to 3000 MHz or 3 
GHz. Above these frequencies are several microwave bands which are defined as the Super 
High Frequency Band (SHF). 
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The lonosphere and 


Modes of HF Propagation 


5.1 


In the upper air around fifty miles and higher where the air molecules are far apart, radiation 
from the sun strips electrons from oxygen molecules causing the molecules to become ionized 
forming the ionosphere. The ionized oxygen molecules and its free electrons float in space 
forming radio-reflecting layers. Ionization of the ionosphere varies by the time of day, seasons 
of the year, and the sunspot cycle. The strength of ionization also varies from day to day and 
hour to hour. Since the height of the ionosphere varies, the higher the ionized layer becomes, 
the farther the skip will be. 


The lonosphere 


The part of the earths atmosphere called the ionosphere is divided into three layers. The three 
layers are, from lowest to highest, the D layer, the E layer, and the F layer. Each layer has a 
different effect on HF radio propagation. 


Being at a lower altitude, the D layer molecules are squeezed closer together by gravity than 
those in higher layers, and the free electrons reattach to the molecules easily. The D layer 
requires constant radiation from the sun to maintain its ionization. Radio waves at lower 
frequencies such as the frequencies of the AM broadcast band cannot penetrate this layer and 
are absorbed. The higher frequency signals are able to pass through the D layer. The D layer 
disappears at night causing AM broadcast stations to reflect from the higher layers. This is 
why AM broadcast signals only propagate by ground wave in the daytime and they can be 
received from great distances at night. Like the broadcast band, the D layer absorbs signals on 
160 and to a lesser extent 80 meters during the day making those bands go dead. During solar 
flares, the D layer becomes ionized so strongly that all high frequency radio waves are 
absorbed, causing a radio blackout. 


E-layer propagation is not well understood. Being at a lower altitude than F layer, the E layer 
is responsible for summertime short skip propagation on the higher high frequency bands. The 
skip zone is around 1000 miles, but at times when the E-cloud covers a wide area in the 
summer, double hops can be seen. A double hop occurs when the signal reflects from the 
ionosphere, then returns to the ground, reflects from the ground back to the ionosphere where 
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5.3 
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5.2 Ground-Wave Propagation 


it is reflected back to the ground. A double hop can propagate the signal 2000 miles or more. 
The E-layer forms mostly during the day, and it has the highest degree of ionization at noon. 
The E layer like the D layer disappears at night. Even so, sporadic-E propagation can and does 
form at night. There is a minor occurrence of sporadic E propagation during the wintertime. 
On rare occasions, sporadic E propagation can surprise you by occurring anytime regardless of 
the sunspot cycle or the season of the year. 


The F layer is the highest layer and it is divided into two levels: F1 and F2. At night the F1 and 
F2 merge into one layer. During the day, the F1 layer doesnt play a part in radio propagation, 
but F2 does. It is responsible for most high-frequency long distance propagation on 20 meters 
and above. However, the F layer makes it possible for you to work DX on the lower bands at 
night. Sunspots are responsible for the ionization layers and in years with high sunspot 
numbers, worldwide contacts can be made easily on 10-20 meters by F2 layer propagation. In 
years of low sunspot numbers, working distant stations is difficult on those bands. 
Consequently, 10 and 15 meters will be completely dead most days and 20 meters will go dead 
at night. In years of low sunspot numbers DX contacts are easily made at night on 160, 80, and 
40 meters. The sunspot numbers increase and decrease in | 1-year average cycles. 


Since the curvature of the earth averages about 16 feet every 5 miles, an object 5 miles from 
you on perfectly flat earth will be 16 feet below the horizon. Because light travels in straight 
lines, you cannot see objects beyond the horizon. Radio waves travel in straight lines, but there 
are ways to get them beyond the horizon. This is referred to as propagation. 


Ground-Wave Propagation 


Ground wave works only with vertical polarization. One side of the antenna is the metal 
vertical radiator and the other side of the antenna is the earth ground. The surface wave in the 
air travels faster than the part of the wave flowing through the ground. The surface of the earth 
is curved like the curved part of a racetrack. On the curved track, a car on the outside of the 
track has to travel faster than the car on the inside lane to stay even, and the two cars travel in 
a curved path. Although the wave in the air travels faster than the wave on the ground, the two 
parts of the wave cannot be separated. Because of this, the radio wave also travels in a curved 
path that follows the curvature of the earth. 


The AM broadcast stations use ground wave propagation during the day and skywave 
propagation at night. Since radio waves at lower frequencies conduct better through the 
ground, an AM broadcast station on 540 kHz will be many dB stronger than a station on 1600 
kHz, if both run the same power. This fact is important in understanding why ground mounted 
verticals do not work as well at high frequencies as they do on the broadcast band. 


Direct Wave or Line of Sight Propagation 


Antennas located on high structures can “look” over the horizon and “see” the receiving 
antennas. Because refraction is involved, direct waves travel 20% farther than light waves due 
to scattering of radio waves by the environment. Trees and other foliage are invisible to HF 
radio waves. Direct wave propagation is possible at all frequencies, but this mode of 
propagation is seldom used on our high frequency bands, but it is the usual propagation mode 


5.4 Propagation by Refraction 


used by repeaters and others on VHF and UHF. If you watch TV on an outside antenna or ona 
“rabbit ears antenna,” you are receiving the signal by direct wave propagation. 


5.4 Propagation by Refraction 


Refraction occurs when the lower part of a wave travels slower than the top part of the wave 
because the wave is passing through two media. These media can be two layers of air at 
different temperatures or they can be air and a solid. One form of refraction is caused by a 
radio wave passing over a hill or ridge being bent as it passes over the obstruction. This is 
known as “knife edge refraction.” Another form of refraction occurs when layers of air of 
different temperatures bend the radio waves around the horizon. This is called tropospheric 
ducting. This mode of propagation makes long distance contacts possible at VHF frequencies. 
Tropospheric ducting does occur on 10 meters and lower frequencies and is noticeable when 
other forms of propagation are absent. On high frequency bands, many hams mistakenly call 
tropospheric ducting and direct wave “ground wave.” 


5.5 Skywave Propagation 


Skywave propagation occurs when radio waves are reflected from the ionosphere. Practically 
all HF communication is done by skywave. In the ionosphere, the waves are really refracted 
twice, and they just appear to be reflected. The reflections are frequency sensitive, meaning 
each ham band reflects differently from the others. Low frequencies, such as 80 meters, reflect 
mainly from the lower levels of the ionosphere and the reflected signal comes nearly straight 
back down. This causes 80 meters to propagate to points from local out to more than a few 
hundred miles in the daytime. At night, when the D layer and E layer are absent, signals 
striking the ionosphere at lower angles may propagate many thousands of miles on 80 meters. 
On the bands from 20 to 10 meters, high angle signals pass straight through the ionosphere and 
do not reflect back down to the nearby stations. The low angle signals on these higher bands 
reflect from the ionosphere near the horizon and return to the Earth some miles away. The 
in-between region cannot hear the transmitted signals nor can you hear signals coming from 
this region. The in-between region is called the “skip zone.” Only when the ionosphere is 
weakly ionized do you have a skip zone on 80 meters. 


Another interesting type of skywave propagation seen on the higher HF bands is called 
chordal hop propagation seen frequently in trans-equatorial (TE) propagation, which is 
propagation crossing the equator. When this occurs, signals entering the ionosphere are 
trapped inside the F2 layer then they are finally refracted back to earth across the equator 
thousands of miles away. There is no propagation between the signal entry point and the exit 
point. This is skip in the extreme. On many occasions, we have worked stations far away 
across the equator in the southern part of South America and stations in between could not be 
heard. We have frequently worked VQ9LA in the Chagos Archipelago located in the Indian 
Ocean. The path to The Chagos Archipelago is across Europe and the Middle East and finally 
across the equator to his location in the Indian Ocean. One time when he was working Europe 
and North America at the same time, we could not hear the European stations because our path 
to him was via chordal hop propagation. Another way of describing chordal hop propagation is 
to call it ionospheric ducting. 
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5.6 Greyline Propagation 


Skywave propagation sometimes produces an effect called “backscatter.” What happens is the 
radio waves that strike the ionosphere, instead of only reflecting father away from the 
transmitting station, part of the signal reflects backwards toward the transmitting station. 
Stations that are too close to hear each other by direct wave can communicate by the backward 
reflecting waves. Both stations that communicate by backscatter must point their directional 
beam antennas in the same direction although their direction toward each other may be at 
some other azimuth. Backscatter will confuse front-to-back measurements of directional beam 
antennas. This is because, when you turn the back of the antenna toward the station you are 
hearing, you may be able to hear him on backscatter from a direction opposite from him. You 
will be hearing him from the ionized atmospheric cloud in the opposite direction. During 
intense solar magnetic storms, when aurora occurs at high latitudes, stations are able to 
communicate by backscatter on VHF and UHF by both stations pointing their directional 
beams toward the aurora. This will be due north for stations in the Northern Hemisphere and 
due south for stations in the Southern Hemisphere. Audio from aurora backscatter will have a 
“wispy” sound. 


Greyline Propagation 


Greyline propagation occurs when the sun is low in the sky near dawn or dusk, although we 
have seen greyline propagation occur as early as two hours before sunset or as late as two 
hours after sunrise. It is often used to work stations on the other side of the world on 160 and 
80 meters. For example, at certain times of the year when it is approaching sunset here in the 
States, the sun will have just risen in Asia or Australia and vice-versa. At that time, radio 
waves propagate along the semidarkness path that encircles the Earth called the greyline. Both 
locations must be in the greyline in order to make 2-way contacts. The tilt of the Earth makes 
the position of the greyline change as the seasons change. Greyline propagation occurs 
between any two locations for a brief period of a few weeks. Afterwards, different places fall 
into the greyline. For several weeks in the fall of the year, an interesting example of greyline 
propagation occurs in the southeastern part of the U.S. On 3915 kHz, the BBC outlet in 
Singapore can be heard for about an hour before sunset coming in by greyline propagation. 
Stations to the east hear it before we do. Stations farther to the west can hear the fading signals 
after it fades out here because the greyline moves as the earth rotates. For those hearing it, the 
signal fades in, it peaks, and it slowly fades out. 


Long Path Propagation 


Long path propagation occurs when signals propagate the long way around the world. It can 
occur on any band. It usually occurs from stations on the opposite side of the world from you. 
We have worked South Africa via long path by beaming northwest early in the morning on 20 
meters. When this happens, we are working him long path through the nighttime side of the 
earth. Since at all times half the Earth has daytime and half the Earth has night, long path 
propagation is determined by whether the signal is propagated through the nighttime path or 
daylight path. Sometimes the daylight path will bring in stations by long path propagation and 
at other times the darkness path provides long path propagation. One night on 20 meters, we 
heard a station in India coming in short path and long path simultaneously, but the short path 
was stronger. At the same time, California was working India by long path and they could not 
hear him short path. They were working him through the daylight path, and he was stronger 
here on the East Coast via the nighttime path. 
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5.10 


5.8 160-Meter Propagation 


160-Meter Propagation 


Each amateur band propagates signals differently. The 160-meter (1.8-2.0 MHz) band is our 
only MW band and it acts similar to the broadcast band. It is primarily a nighttime and 
wintertime band as it suffers from high summertime static (QRN). Most hams that use this 
band for nearby contacts use horizontal dipoles or inverted-V antennas. Some hams use 
vertical antennas on this band to work distant stations (DX). These DX contacts are made in 
the fall and wintertime at night via F layer or greyline propagation when the static levels are 
low. Dipoles and inverted-V antennas do not work well for DX on this band. 


80-Meter Propagation 


The CW part of this band is called the 80-meter (3.5 4.0 MHz) band and the voice part of the 
band is known as 75 meters. Like 160 meters, eighty meters suffers from the same QRN in the 
summertime. Working DX on this band is a popular avocation during the fall and winter. 
However, 80 meters is used primarily for working nets and ragchewing. Eighty meters is 
primarily a nighttime band. This band can vary from being open most of the day in years with 
low sunspot numbers to being closed during the middle of the day in years with many 
sunspots. Many DX contacts have been made using dipoles and inverted-V antennas, but a 
vertical with many ground radials will be better. 


40-Meter Propagation 


The 40-meter (7.0-7.3 MHz) band has propagation that can act like either 80 meters or 20 
meters. It just depends on the stage of the sunspot cycle. During the years with high sunspot 
numbers, nearby contacts are possible all day. At night, the skip lengthens making contacts 
possible to those parts of the world where it is still dark. Working DX on 40 meters is a 
nighttime or greyline event. When the sunspots are low, 40 meters may have long skip during 
the day, and nearby contacts may be impossible or they may be very weak. During the time 
when we suffer from low sunspot numbers, many DX contacts are made during early morning, 
late afternoon, and at night. 


If your primary interest on 40 meters is SSB, our 40-meter voice band is a broadcast band in 
Regions | and 3. Region | is Europe, North Asia, and Africa and Region 3 is the Pacific, 
Southern Asia, and Australia. The top part of 40 meters is a voice band in Region 2, which is 
North and South America. To work SSB on 40 meters at night, you will have to find a 
frequency between broadcast stations. Strong broadcast stations heard at night begin to fade 
out slowly as the morning sun rises and moves higher in the sky. As the suns angle declines in 
the afternoon, the broadcast stations begin to break through the noise becoming stronger as the 
sun begins to set. It is only in the middle of the day when no broadcast stations are heard on 40 
meters. 


Since DX stations in region | and most of region 3 can only transmit below 7100 kHz, 
working DX on 40-meter SSB is still possible. Stations in those regions will have to transmit 
below 7100 kHz. (Australian and New Zealand amateurs can operate up to 7200 kHz.) They 
call CQ and announce where they are listening in our voice band above 7150 kHz. This is what 
is called “working split.” 
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5.11 30-Meter Propagation 


30-Meter Propagation 


The 30-meter (10.1-10.15) band has such a narrow frequency that the only modes allowed 
here are CW and digital modes. That means no SSB. Propagation here is much like 40 and 20 
meters. Unlike 20 meters, this band stays open longer at night during years with low sunspot 
numbers. During the daylight hours, it has much shorter skip than 20 meters. In the United 
States, we are allowed only 250 Watts. 


20-Meter Propagation 


The 20-meter (14.0-14.35 MHz) band is the best DX band because it is open for long-skip for 
more hours than any other band and it does not suffer from QRN as the lower bands. In years 
of high sunspot numbers, short-skip and long-distance DX can be worked at the same time 
during daylight hours. Although DX is there most of the time, most of the DX worked is at 
sunrise, sunset, and all night during peak sunspot years. During the years of low sunspots, it is 
common to work into Europe and Africa during the day and into Asia and the South Pacific 
during the evening hours and early at night. Low sunspot numbers cause 20 meters to go dead 
for east to west contacts at night an hour or so after sunset, but there is some TE propagation. 
During periods of moderate sunspot numbers, the propagation on this band is a blend of 
propagation of low and high sunspot years. 


17-Meter Propagation 


The 17-meter (18.067-18.167 MHz) band propagation acts much like 20 meters except it is 
affected more by low sunspot numbers than 20 meters. In periods of low sunspot numbers, this 
band does not stay open as late as 20 meters, fading out as the sun begins to set. Yet, the 
17-meter band does stay open all night when the sunspot numbers are high. The propagation 
on this band is like a blend of 20 meters and 15 meters, but it is closer to 20 meters. Most users 
of this band use dipoles and other simple antennas since triband beam antennas wont work 
here. 


15-Meter Propagation 


15 meters (21.0-21.45 MHz) is a fantastic DX band during the high sunspot years. This band 
may be open for 24 hours, and it is common to work more than 100 countries during a contest 
weekend on this band. Many have worked more than 300 different countries on 15 meters. In 
years of low sunspot numbers, 15 meters may be completely dead for several days in a row. 
When it opens during those years, you may hear only the Caribbean, South America, and on 
rare occasions the extreme southern part of Africa via TE propagation. 


12-Meter Propagation 


The 12-meter (24.89-24.99 MHz) band is much like 15 meters, but it is affected more by 
sunspot numbers. Because this band is little used, many hours can pass without hearing any 
amateur signals. Occasionally you will hear South American Citizen Band “pirates” on lower 
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Pterocarpus angolensis, or wild teak, looks like a perfectly normal tree until it's 
wounded. When you cut into it, it dribbles long trails of dark red liquid down its 
trunk. For this reason, wild teak has come to be known as bloodwood. 


This phenomenon is caused by tannin, a naturally occurring polyphenol found 
in plants, seed, bark, wood, leaves, and fruit skins. Regular plants typically 
contain about 12-20% tannin - wild teak sap contains about 77%. 


5.16 


5.16 10-Meter Propagation 


sideband. It is mostly a daytime band but openings to Asia and the South Pacific are common 
early at night during peak sunspot years. The reason this band is little used is that tri-band 
beam antennas don’t cover this band. 


10-Meter Propagation 


The 10 meter (28.0-29.7 MHz) band that is most affected by the sunspot numbers. You may 
have noticed in this discussion, the higher the frequency, the more it is affected by sunspots. 
During peak sunspot years, 10 meters can be open some days for 24 hours. Mostly it is a 
daytime band. When they are at the peak, the sunspots enable you to work worldwide with 
power as low as 5 Watts. A 10-meter confirmed country total of over 250 is common. In the 
low sunspot years, the band can be closed for days. 10 meters can open for very short skip by 
sporadic E propagation during the summer months. Very short skip means contacts as close as 
200 miles out to 1000 miles. Sporadic E propagation can suddenly occur without regard to the 
sunspot numbers. 
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6. 
Standing Wave Ratio 


A standing wave ratio bridge is used to measure the standing wave ratio, or SWR. SWR is an 
indication of how well the radiating part of an antenna is matched to its feed-line or how well 
the tuner is matching the antenna system. Most amateurs pay far too much attention to SWR. 

An SWR reading below 2:1 is acceptable, because the mismatch is so small that the feed-line 
loss can be ignored. If you are using a modern transceiver, its power may fold back to a lower 
power output above this SWR level. 


When you have mismatch between the feed-line and the antenna, part of the power feeding the 
antenna system reflects back toward the tuner and the transmitter. The part of the power going 
toward the radiating part of the antenna system is called forward power. The part reflected 
back down the feed-line is called reflected power. The larger the mismatch the larger the 
reflected power will be. 


If the feed-line and antenna are not matched, waves traveling toward the radiating part of the 
antenna system meet the waves being reflected back down the feed-line. The waves interfere 
with each other, and at certain points along the feed-line, the amplitudes of both waves 
combine. This will result in a current maximum to be found at that point; and at that point, the 
current will appear to be standing still. The length of feed-line and the frequency will 
determine where this point occurs. At another point, the forward and reflected waves interfere, 
and they subtract from each other. At that point, there will be a current minimum. If you could 
visualize this phenomenon, you would see a series of current maximums and minimums 
standing still along the feed-line. This is why we refer to them as standing waves. At different 
points along the feed-line, where you have high current, you will have low voltage, and where 
you have low current, you will have high voltage. At any point along the feed-line, multiplying 
the voltage times the current will equal the power in Watts. When the feed-line is matched to 
the antenna, current and voltage remain the same all along the feed-line because there is no 
reflected current to interfere with the forward current. 


As happens with the current, the voltage will also appear to be standing still. The voltage 
maximums and voltage minimums will not be at the same locations as the current maximums 
and minimums. SWR is the ratio of the maximum voltage to the minimum voltage on the line. 
It is called Voltage Standing Wave Ratio or VSWR, but we shorten it to just SWR. There is 


Understanding Antennas for the Non-Technical Ham 14 


6. Standing Wave Ratio 


also a current SWR or ISWR, and it is the same value as the VSWR. For example, if the 
standing wave voltage maximum is 200 volts and the minimum voltage is 100 volts, the 
VSWR will be 2:1. If the voltage maximum and voltage minimum are equal, the SWR will be 
1:1. If the voltage minimum is zero, the SWR is infinite. 


In measuring SWR at the transmitter, you need to realize that feed-line losses affect the SWR 
readings. If the feed-line losses are high, much of the power reflecting back from the antenna 
will be lost, and the SWR reading on the meter will indicate it is lower than it actually is. Ifa 
feed-line is so lossy that it consumes all forward and reflected power, it will measure an SWR 
of 1:1. 


When measuring SWR on an antenna having a small amount of reflected power, the length of 
the feed-line between the bridge and the antenna may affect your SWR reading. An example 
of this is a 70-ohm antenna being fed with 50-ohm coax. Different lengths of feed-line will 
give you small differences in SWR readings because at certain lengths, the mismatched 
feed-line starts to act like a series matching section. In the case of a 70-ohm antenna fed with 
50-ohm coax, if the feed-line is a half wave long, the SWR will measure 1.4:1. At some 
particular length of feed-line and on one frequency, the SWR will measure 1:1 because that 
length of that feed-line transforms the impedance to make a match. Some hams have adjusted 
their feed line length to get a perfect match. This is called “tuning your antenna by tuning your 
feed-line.” With other feed-line lengths, you will measure something different. Suppose the 
impedance of the feed-line and the antenna are perfectly matched. Then there is no reflected 
power. You will get a 1:1 reading on the SWR-bridge with any length of feed-line. 


There is a myth that reflected power is burned up as heat in the transmitter. The reflected 
power coming back down the feed-line sees an impedance mismatch at the transmitter or tuner 
and it reflects back up again. The reflected power does not get back into the transmitter. 
Because the reflected power reflects back and forth, the radiating part of the antenna system 
absorbs most of the power being reflected back up each time. All of it eventually is radiated 
except for the power lost in the feed-line. The losses in a real feed-line will burn up some of 
the power on each pass. This is why the feed-line loss increases with SWR. 


Built-in tuners are found in most modern transceivers. If yours doesnt have one, then you can 
use an outboard tuner to give the transceiver a proper load. The place you want a 1:1 SWR is 

between the output of a transceiver and antenna or between the transceiver and the input of a 

tuner in order for the transmitter to deliver its maximum power. Because built-in tuners are in 
most modern transceivers, many hams use them to match antenna systems having high loss. 
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7. 
Real Antenna 
Systems 


In this book, we will be talking about the losses that rob an antenna of its maximum 
performance. The ideal antenna system will radiate 100% of your transmitter power on all 
bands without a tuner and in the direction you want to work. Such an antenna system does not 
exist. Many new hams succumb to antenna advertisements making claims that are 
exaggerated. No antenna will have low SWR, work all bands without a tuner, and radiate 
efficiently at the same time. A dummy load has a low SWR and will load up on all bands, but 
it will not radiate a signal. A resonant coax-fed dipole antenna will have a low SWR and will 
radiate efficiently on the band for which it is resonant, but it will not work well on all bands. 
For example, if the tuning range of your tuner has a sufficient range, you will be able to load 
up any antenna with it, but it will not necessarily radiate a signal efficiently. It may have high 
tuner and feed-line losses. 


When you choose an antenna, you must decide how much loss you can accept. DXers and 
hams that work weak signals at VHF frequencies try to eliminate as much loss as possible. If 
your contacts are going to be made under good band conditions and without much 
interference, you can get by with high losses. In that case, coax-fed antennas used on bands 
where they are not resonant will allow you to make contacts. You can be greatly surprised by 
how little radiated power can be used to make contacts under ideal conditions. If you want to 
make contacts regularly under changing band conditions, you will want to eliminate as much 
loss as possible and use antennas with gain. Lower loss will enable you to hear weaker signals. 


Nothing will take the place of resonant half-wave dipoles, not because they radiate more 
efficiently, but because they dont require lossy tuners and dont have high coax losses. 
Remember that all antenna systems have compromises. 
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8. 
Half-Wave Resonant 
Dipole Antennas 


Most dipoles consist of two pieces of wire of equal lengths with one of the two ends connected 
together through an insulator. The far ends of the wires are also connected to insulators. The 
two conductors of a feed-line are separated and connected across the gap at the center 
insulator. The antenna is held up by rope that connects the insulated ends of the antenna to two 
supports. It is a “balanced” antenna, because equal currents flow on both halves of the antenna. 
Coax is an unbalanced feed-line. (The possible effect of using an unbalanced feed-line on a 
balanced antenna like a dipole will be discussed later.) The dipole that is stretched between 
two high supports is called a flattop dipole, distinguishing it from other configurations. 


The Half-Wave Flat-Top Dipole 


The simplest antenna system of all is the half-wave resonant dipole fed with coax and no tuner. 
The only reason for using a half-wave resonant dipole antenna is to eliminate the need for a 
matching device such as a tuner. The feed-point impedance will be near 50 ohms at ordinary 
heights and they can be fed directly with 50-ohm coax from the output of todays modern 
radios. The two halves of a dipole are fed 180 degrees out of phase, meaning when one side is 
fed positively, the other side is fed negatively. That is why a feed-line has two conductors. Of 
course, the sides swap polarity on each half cycle. 


If you could visualize the current flowing on the half-wave dipole, the current will appear to be 
standing still. The maximum current will be seen at the center of the wire and no current will 
be at the ends. This occurs because the electrons flowing out to the ends reflect back toward 
the center where they meet the next wave and the current is reinforced there. The minimum 
voltage occurs at the center and the maximum voltage occurs at the ends of the half-wave 
resonant dipole. If you were to measure the voltage and the current at any point on the dipole 
wire, the voltage times the current will equal the power in Watts. 
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8.2 Inverted-V Dipole 


Figure 8.1: Flat Top Dipole 


8.2  Inverted-V Dipole 


Another configuration for the half wave resonant dipole is one having one support in the 
center and the ends stretched down toward the ground. The single support can be a tree, mast, 
or tower. The ends of a dipole have high RF voltages on them, and need to be at least 10 feet 
above ground for safety. This antenna is called an “inverted-V,” because the shape of the 
dipole looks like a “V” turned upside down. Most dipoles illustrated in this book can be put up 
in the inverted-V configuration. This configuration works well because the current is 
concentrated on the middle two-thirds of the antenna at the apex. The current in an antenna is 
what is responsible for the radiation. The ends of the antenna have very little current in them 
and it doesnt matter if the ends are close to the ground. The middle of the antenna is up high 
where the radiation is taking place and that is the place you want the radiation to be. An 
inverted-V has an advantage that the horizontal space required for it is less than what 1s needed 
for a flattop dipole. The angle between the wires on an inverted-V needs to be greater than 90 
degrees. The gain of an inverted -V is 0.2 dBd and it has a radiation pattern nearly 
omni-directional. Since it is easy to construct and works so well, the inverted-V is the most 
commonly used dipole. An explanation of the decibel will come later. 


=E 


Figure 8.2: The Inverted-V Dipole 
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8.2 Inverted-V Dipole 
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Ga : 2.1 dBi = 048 (Horizontal polarization) 
Gh : -0.05 dBd 

F/B: 0.00 GB; Rear: Azim. 120 dg, Elev. 60 dg 
Freq: 3.850 MHz 

Z: 68.730 - j7.988 Ohm 

SWR: 1.4 (50.0 Ohm), 8.7 (600 Ohm) 

Elev: 0.0 dg (Free space ) 


Figure 8.3: Radiation Pattern of Inverted-V for 80-Meters at 65 Feet 


In Figure 8.3: Radiation Pattern of Inverted-V for 80-Meters at 65 Feet on page 19, the top 
graph shows how the radiation would appear to you, if you were situated above the dipole and 
you were looking down on it. The plane of the antenna runs from side to side on the top graph, 
and that graph demonstrates only a 5-dB null off the ends of the antenna. Therefore, it is 
essentially omnidirectional. The bottom graph shows how the radiation would appear if you 
were looking at the antenna from the end of the wire. As you can see, the pattern shows no 
radiation at the horizon and its maximum radiation is at about 40 degrees above the horizon, 
and the radiation straight up is only down 3 dB from its maximum. This antenna was modeled 
on 80 meters with the apex at 65 feet above ground and the ends at 35 feet. 


It is a myth that a horizontal antenna orientation makes a difference on 80 meters at heights 
used by most amateurs. I have heard many amateurs say on 80 meters, “The reason my signal 
is weak to you is because you are off the end of my dipole.” The radiation pattern from a 
dipole is essentially non-directional until the dipole is elevated more than a half wave, that is 
about 125 feet on 80 meters, and it is 65 feet on 40 meters. The main reason it makes no 
difference regarding orientation is because propagation for signals closer than 500 miles (the 
distance of most 80 meter contacts) is essentially by high angle radiation nearly straight up and 
down. Only signals radiated and received at low angles make a difference in antenna 
orientation even at low heights above ground. At low heights, there are nulls about 3 to 4 dB 
off the dipole ends. 
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8.3 


8.4 


8.3 Dipole Shape Variations 


Dipole Shape Variations 


The wire of a dipole doesnt have to be run in a straight line. A dipole does not have to be 
perfectly horizontal. Thats the way it is usually depicted in books and magazines, but you can 
bend the legs of the antenna up, down or sideways. 
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Figure 8.4: Two Dipole Shape Variations 


If you make either wire one-half wavelength long and carefully prune it to resonance, you can 
use it without a tuner on and near its resonant frequency. Both antennas have the current part at 
the top where most of the radiation takes place. The vertical parts of these antennas radiate a 
weak vertically polarized wave. The only reason these dipoles are contorted this way is to 
make them full-sized and to fit in the available space. Other shapes are possible, and you can 
be creative at your location. 


There are many more dipoles than the ones just described. We explore the other kinds of 
dipoles in Section 8. Half-Wave Resonant Dipole Antennas on page 17. 


Calculating the Length of a Half-Wave Resonant Dipole 


The approximate length in feet of a half-wave resonant dipole is found by dividing 468 by the 
frequency in MHz. The actual length of it will be determined by several factors. Using larger 
diameter wire will make the dipole resonate lower in frequency. Therefore, to make it resonant 
at the higher desired frequency, 
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8.5 


8.5 The Decibel 


It must be shortened. Raising a dipole higher above ground will make it resonate higher in 
frequency. An insulated wire will make the dipole resonate lower in frequency than a bare 
wire. 


Using the above formula, cut the antenna a little longer than the calculations say. If the SWR is 
best at a lower frequency than you desire, the antenna will have to be made shorter by pulling 
the excess wire through the end insulators, folding the ends of the extra wire back on itself. 
Then wrap the ends of the overlapped wire on itself so it wont come loose. This causes the 
excess wire to “short” itself to the rest of the antenna. If you are using insulated wire, you will 
need to cut off the excess wire. The reverse is true if the antenna resonates too high in 
frequency. The extra wire can be let out to make it resonate on a lower frequency. This is why 
you originally cut the wire a little longer. 


The Decibel 


The decibel (dB) is a unit of measurement for comparisons of the ratio of power, current, and 
voltage and is the term we will use in comparing antennas in this book. At one time, antenna 
comparisons were made using a dipole as a standard, but today most comparisons use the 
isotropic radiator as a reference. An isotropic radiator is an imaginary antenna that radiates 
equally well in all directions. It has no gain. The terms “dBi” and “dBd” are used to label 
which reference is being used. In this book, we will use the dipole as a standard for the most 
part. 


How do you derive decibels from power ratios? The formula for power ratios is dB = 10 log 
P1/P2. For voltage and current, the values are doubled. Formulas of this type are beyond the 
scope of this book. Doubling the power will produce a 3 dB stronger signal. Double the power 
and double it again will equal a 4 times power increase and that gives 3 dB plus 3 dB or 6 dB. 
Double 4 and that is a power increase of 8 and that adds 3 more dB for a total of 9 dB. 
Increasing the power from | Watt to 10 watts or increasing it 10 times will give a 10-dB 
increase. Multiply 10-Watts times 10 give us 100 watts, which adds another 10 dB above | 
Watt for 20 dB. Therefore, increasing the power another 10 times to 1000 Watts will produce a 
signal 30 dB stronger than 1 Watt. 


Your receiver, 1f modern, will have a signal strength meter or “S Meter.” That meter is 
calibrated in “S-Units” from one to nine and decibels over S-9. S-9 is usually calibrated using 
50 microvolts (uV) from a signal generator. Each S-unit is approximately a difference of 5 or 
6 dB. Therefore, a reading of S-9 is about 6 dB stronger than S-8. Therefore, from S-0 to S-9 is 
54 dB. On some low cost transceivers, the S-units and dB above S-9 are only relative signal 
readings and actually have nothing to do with decibels. 
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9. 
Antenna Basics 


Resistances and Reactance 


Two factors measurable in antenna impedance are resistance and reactance. When we refer to 
antenna resistance, we are referring to its radiation resistance. It is neither a resistance like the 
electronic component called a “resistor,” nor is it the same as the resistance found in all 
conductors. Those types of resistances, called “loss resistances,” change electrical energy into 
heat energy. Heat energy disappears by radiating out into its surroundings and it dissipates 
away to infinity. When we feed RF into the antenna, the energy put into the radiation 
resistance disappears from the antenna by radiation of electromagnetic waves, and that makes 
an antenna appear to have a resistor in it. Loss resistance robs power from the radiation 
resistance and lowers the efficiency of an antenna system, but the loss resistance in dipoles is 
very low if the feed-line loss is low. The efficiency of any antenna system is found from a ratio 
of radiation resistance and loss resistance. We can either calculate the loss resistance by the 
loss in the feed-line from published tables and by estimating the loss in tuning units. Feed-line 
loss and tuning unit loss can be measured, but that is beyond the scope of this book. 


Antenna systems having reactance prevent the transmitter from delivering its full power and 
the reactance needs to be tuned out. There are two kinds of reactance: capacitive and 
inductive. Antennas have both. In antennas, reactance is a virtual reactance meaning the 
antenna acts as if there were a capacitor or an inductor in the antenna, but neither is there. You 
can only measure the sum of both reactances but not a value for either one. Using an antenna 
analyzer, you can determine whether the sum of the reactance is inductive or capacitive. 
Inductive reactance is a negative number and capacitive reactance is a positive number. 


The reactance of an antenna forms the “J” factor in antenna impedance measurements. The “J” 
factor is measured in ohms and the reactance is expressed as + or “J” ohms depending on 
whether it is capacitive or inductive reactance. Capacitive reactance is expressed as +J ohms 
and inductive reactance is expressed as -J ohms. Capacitive and inductive reactance are 
opposite factors and one can cancel the other. An antenna having 6 ohms capacitive reactance 
or + J 6 ohms and an inductive reactance of J 5 ohms will result in an antenna with a reactance 
of 1 ohm capacitive or + J 1. Since one term is positive and the other term is negative, you 
subtract smaller value from the larger. The answer has the sign of the larger one. In antennas, 
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9.2 


9.2 Feeding Dipoles Efficiently 


the reactance and resistance together determine the overall impedance of the antenna. The J 
factor is mentioned here only because you may see it in other books and on the extra class 
examination, but it will not be used further here. 


A resonant antenna has equal amounts of inductive and capacitive reactance, and the sum of 
the reactance equals zero. As an example, when the inductive reactance equals J 5 and the 
capacitive reactance equals +J 5, their sum equals zero. When the sum of the total reactance of 
an antenna is tuned to zero, its impedance is totally resistive. The use of an antenna analyzer 
will tell you if the antenna is too long or too short for resonance. The simplest way to tune out 
antenna reactance is to change its length. The sum of the reactance of a long antenna will be 
inductive, and the sum of the reactance of a short antenna will be capacitive. If an antenna is 
short because it wont fit your property, it can be tuned to resonance by putting an inductor (coil 
of wire) in each leg. These coils are called “loading coils.” An equal amount of inductive 
reactance will cancel the excessive amount of capacitive reactance. An antenna with loading 
coils is described in section “X.” When an antenna is too long, the sum of its reactance will be 
inductive, and a variable capacitor can be inserted in each leg to tune out the inductive 
reactance. This is seldom done because it is easier to shorten the antenna. 


A resonant antenna may still have SWR if its radiation resistance is not exactly 50 ohms. Not 
many resonant antennas have a radiation resistance of exactly 50 ohms, and most real antennas 
have a small amount of SWR. An antenna is resonant only at one frequency per band. It will 
also be resonant on its harmonic frequencies, where its radiation resistance will range from 
high to very high. Hams talk about using resonant antennas. What is meant by this is they use 
an antenna on its fundamental frequency close to resonance, the resistance is near 50 ohms, 
and the SWR without a tuner is near 1:1. 


To calculate the impedance of an antenna with both resistance and reactance requires a 
mathematical procedure called the Pythagorean Theorem. That type of math is beyond the 
scope of this book. However, you should know how to use the Pythagorean Theorem to solve 
impedance problems on the Extra-Class test. Otherwise, you will have to memorize the 
answers from the question pool. 


Feeding Dipoles Efficiently 


For maximum power transfer from transmitter to the antenna, the antenna system must be 
resonant, and the resistance of the load (antenna system) has to be equal to the internal 
resistance of the source (transmitter). Notice we said an antenna system, not the antenna, must 
be resonant. As mentioned previously, an antenna system consists of the antenna, the 
feed-line, and any matching networks (tuners). A tuner at the input end of the feed-line can 
make a non-resonant antenna system resonant, and have a resistance of 50 ohms, and that 
matches the internal resistance of the transmitter. A tuner will not change the SWR between 
the tuner and the dipole part of an antenna system, and will not remove the reactance from the 
dipole. 


When the load of an antenna system does not match the source and the impedance is high, the 
load will not draw power from the source and high RF voltages will be present at the output of 
the final transistors. In this case, high RF voltages can damage the output transistors of the 

transmitter. When the impedance of the load is low, too much of the power may be dissipated 
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across the internal resistance of the transmitter possibly destroying the output transistors. 
These are the two reasons why transceivers “fold back” their power when the SWR is high. 


It is a myth that the dipole part of an antenna has to be resonant to be efficient. When power 
reaches the radiating part of the antenna system, it obeys the “The Law of Conservation of 
Energy.” The Law of Conservation of Energy states, “Energy can neither be created nor 
destroyed. Only its form can be changed.” (What is important is to get the power to the dipole 
itself, because in some systems power is lost in the feed-line, especially when using coax with 
high SWR) The miniscule amount of power in the dipole that does not radiate is changed into 
heat, another form of energy. Because the dipole part of an antenna system is made of 
conductors with low loss resistance, 99% or more of the power reaching it will radiate 
regardless of its length if that length is reasonable. The loss resistance of the conductors of the 
radiating part of most antenna system is so low it can be ignored. (Short mobile HF antennas 
are an exception because they may be lossy because of the very high current flowing in them.) 


Not all the energy fed into an antenna system will reach the antenna itself. If the system has a 
tuner, part of the power is lost in the inductor of the tuner and part is lost in the feed-line. 
When properly tuned, tuners using T-networks lose about 10% of the power and L-network 
tuners lose about 5% of the power being fed to them. Notice we said properly tuned. However, 
improper tuning of the antenna tuner may cause you to believe the feed-line is matched, but 
when this happens there is a very high circulating current in the inductor causing it to get hot. 
This causes extremely high losses, and very little power reaches the radiating part of the 
antenna. In addition, so much heat is produced in the inductor that it can be damaged. We 
melted the plastic insulation that forms the inductor on one tuner this way. For this reason, 
some hams dont like tuners, preferring to use resonant antennas. Read the instructions for your 
tuner for proper tuning or you may wind up with a poor signal and a damaged tuner. The 
resistive losses in the conductors of the feed-line and the dielectric losses in the feed-line also 
rob power from the system. These are the reasons for you to use the best tuners and feed-lines 
possible. 


Another loss to be considered is feed-line radiation. Any energy that radiates from the 
feed-line does not reach the radiating part of the antenna, and it may be absorbed by near-by 
objects and may not radiate in the desired direction. When coax radiates, it is called 
common-mode radiation. If the feed line can radiate, it can also receive signals. This can be 
detrimental because the coax can then pick up noise from near-by power lines, etc. Feed-line 
radiation will also destroy the directional pattern of a beam antenna. The causes of feed-line 
radiation will be described in the next section. 


As we pointed out earlier, when you are using a half-wave resonant dipole fed with low-loss 
coax without using a tuner, almost all of the power coming out of the transmitter will radiate. 
On its resonant frequency, the dipole is one of the most efficient antenna systems a ham can 
use. However, a half-wave resonant dipole has a finite bandwidth. Why use a tuner with 
resonant antennas? On 160 and 80 meters the bands are wide compared to the percentage of 
frequency. The width of 80 meters is 500 kHz and its frequency is 3500 kHz. The width of 80 
meters is 14% of the frequency. The 350 kHz of 40 meters is 5% of the frequency and most of 
the band can be covered without a tuner. The 350 kHz width of the 20-meter band is 350 
divided by 14000 kHz, or 2.5 % of the frequency, etc. The percentage of frequency for a band 
will determine if a resonant dipole will work the whole band without a tuner. If you are 
planning to move around on 160 or 80 meter bands, it makes sense to have a tuner, because the 
bandwidth of resonant dipoles on those two bands is narrow. For example, the normal 2:1 
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9.3 The Cause of Feed-Line Radiation 


SWR bandwidth of an 80-meter dipole is less than 200 kHz and the band is 500 kHz wide. 
However, if you have an antenna resonant for the voice portion of the band, you can still use a 
tuner to work the CW part of the band without inducing more than a dB of loss. Except for 40 
and 10 meters, full-sized resonant dipoles on the rest of the HF bands will have enough 
bandwidth for them to cover the whole band. 


The best place to insert a tuner is up at the antenna feed-point. However, if it is placed there, 
you wont be able to reach the tuners controls. Therefore, it is more practical to place it 
between the transceiver and the shack-end of the antenna feed-line. A piece of 50-ohm coax 
connects the radio to the tuner. With the tuner located in the shack, adjustments can be made. 
Remote automatic antenna tuners can be placed at the antennas feed-point, but the 
disadvantage of them is that the ones available today will not handle high power. 


A coax-fed dipole and a tuner should not be used to feed an antenna on its even harmonically 
related bands. The even harmonics are 2, 4, 6, etc, times the fundamental resonant frequency. 
If an 80-meter antenna being fed with coax through a tuner is used on 40 meters, it will put out 
a weak signal because the SWR will be around a hundred to one. Coax has a tremendous loss 
with SWR this high. Only a few Watts from a hundred-Watt transmitter will reach the antenna. 
However, you will be able to make contacts with those few Watts. If you want to use any 
antenna having high SWR, ladder-line has much less loss than coax. If you feed an 80-meter 
dipole on 40 meters using ladder-line and a tuner, it will only be slightly less efficient than a 
half-wave 40-meter coax-fed resonant dipole. However, the SWR will still be high between 
the tuner and the antenna, but this doesnt matter since ladder-line has an insignificant loss. 
Since the feed-point impedance will be high, the SWR will only be about 9:1 in the ladder-line 
because ladder-line is a high impedance feed-line. 


Extremely short antennas may not work at all because of the above mentioned reasons. To 
reiterate, the extremely high capacitive reactance may make it impossible for its reactance to 
be tuned out and reactance prevents a transmitter from delivering power to the antenna. Even 
if you are able to tune out the capacitive reactance, tuning it out requires an inductor and most 
of the power will be lost in the inductor. Do not take the statement about the Conservation of 
Energy to mean you can put up any piece of wire and it will radiate your entire signal. 


The Cause of Feed-Line Radiation 


Contrary to popular myth, SWR in a feed-line will not cause it to radiate. The cause of 
feed-line radiation is unequal current in the two conductors of the feed-line. What are the 
causes of unbalanced current in a feed-line? They are an unbalanced feed-line feeding a 
balanced antenna; the feed-line being brought away from and parallel to one leg of the 
antenna; the antenna not being fed in its center; and one leg of the antenna being close to metal 
objects. In coax, unbalance causes RF to travel on the outside surface of the coax shield, and 
the shield radiates. When everything is balanced, coax normally has current flowing on its 
center conductor and on the inside of its shield. The shield prevents it from radiating. 


Ladder-line will also radiate when it is fed from the output of a tuner not having a balun. 
Baluns are discussed in the next section. Since the output of a transceivers tuner is unbalanced 
and feeding ladder-line directly from your transceivers tuner, the currents in the ladder-line 
will not be balanced. When balanced, ladder-line has equal currents with a 180-degree phase 
difference, which produce waves that null each other out, and no radiation takes place. Hams 
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mistakenly refuse to bring ladder-line into the shack because of a fear of feed-line radiation, 
but ladder-line does not radiate when balanced. The simple cure for feed-line radiation is to 
use a balun at the antenna feed-point for coax and a balun at the output of the tuner when using 
ladder-line. 


Baluns 


The word “Balun” is a contraction of “balanced to unbalanced.” It is pronounced “bal un” like 
“bal” in “balanced and like “un” in “unbalanced”. Many hams mistakenly pronounce an “M” 
at the end of the word making it “balum.” A balun transforms the unbalanced transmitter 
output to a balance feed-line such as ladder-line. It is also used to connect an unbalanced 
feed-line such as coax to a balanced dipole. In the latter case, the balun is located at the 
antenna feed-point and is constructed so the balun takes the place of the center insulator. 


There are two kinds of baluns: voltage baluns and current baluns. They both accomplish the 
same thing. The difference in baluns is in the way they are wound. A voltage balun produces 
equal voltage with opposite polarity at its output. As its name implies, a current balun provides 
equal currents with opposite polarity at its output. 


Running the coax through ferrite beads can make a | to | current balun. In addition, you can 
build a | to 1choke current balun by winding 8 to 10 turns of coax around a two-liter soda 
bottle and placing the coiled coax at the antenna feed-point. Any balun is designed to 
“divorce” your antenna from the feed line. It is used to prevent common mode radiation of 
coax, which makes the coax to be part of your antenna. You want it to be able to deliver all 
your power to the radiator itself. A choke balun does this perfectly, without using any ferrite 
beads or toroids. In most cases common mode coax radiation does not occur when a balun is 
not used, but it is preferable to use one to be safe. 


Other baluns provide a step-up or step-down impedance transformation. A 4-to-1 balun steps 
up the impedance four times. It will transform a 50-ohm impedance to 200 ohms. This type of 
balun transformer is used at the output of tuners to increase the tuning range of a tuner 4 times. 
Ifa tuner without a balun can match 500 ohms, a 4-to-1 balun will increase the range of 
impedances it can match to 2000 ohms. Many hams think the 4-to-1 balun is used to match 50 
ohms to 450-ohm ladder-line but it is not. It would take a 9-to-1 balun to match 50 ohms to 
450 ohms, and it is not important to match the impedance to ladder-line. 


A balun should always be placed at the input end of ladder-line or open wire feeders to prevent 
feed-line radiation. When using ladder-line a step up balun is commonly used although a 1:1 
balun will work. 
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10.1 A Shortened Dipole Using Loading Coils 


If you are unable to put up a full-sized dipole on your property, putting loading coils into the 
dipole could shorten the antenna. See Section 11.1 End-Fed Zepp. A short antenna has 
capacitive reactance and the capacitive reactance can be tuned out with a coil. The overall 
length of the shortened antenna will be determined by the amount of inductance in the coil. 
Pre-tuned antennas of this type are available from at least one manufacturer. The main 
problem with loaded antennas is they are very narrow banded. If the loading coils are wound 
with small diameter wire, the coils may introduce unwanted loss into the antenna. Loading 
coils can also be found in shortened vertical antennas for high frequency (HF) mobile use. 
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Figure 10.1: A Shortened Loaded Dipole 
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10.2 All Band Dipole 


In Figure 10.2: All Band Dipole, a dipole is cut to a half wave on the lowest band you want to 
operate. Feeding it with ladder-line and a tuner makes it possible for you to work all the other 
higher bands. The only losses in this antenna system are the loss in the tuner and the very 
small loss in the ladder-line. This system is more than 90% efficient. As mentioned above the 
balun in the tuner will be used, or if your tuner doesnt have a balun, an external balun can be 
connected between the tuner and ladder-line with a short run of coax. Four-to-one baluns are 
the most commonly used ones for this arrangement. 
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Figure 10.2: All Band Dipole 


10.3 The Sloping Dipole 


A lower angle of radiation can be achieved by tying one end of a half-wave dipole to a high 
support and the other end near the ground. It is fed with or without a balun with 50-ohm coax. 
The sloping dipole will show some directivity and have low angle gain in the direction of the 
slope. More directivity can be gained if the dipole is strung from a tower, and the tower is 
acting as a passive reflector. The sloping dipole is mostly a vertically polarized radiator and it 
works well for DX. Since the sloping dipole is fed in its center, it does not need to be grounded 
to the earth as a quarter-wave vertical does. Make sure the bottom end of a sloping dipole is at 
least 10 feet above ground because like all dipoles there is high RF voltage on its ends. 


10.4 Half-Wave Resonant Sloping Dipole 


In Figure 10.2: All Band Dipole, the field of maximum radiation is in the direction of the slope 
or toward the right side of the picture. The formula for the length of a sloping dipole is the 
same for any half-wave resonant dipole. 
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10.5 The Folded Dipole 


The B&W Company makes a folded dipole that claims to have a good match on all bands and 
it does. However, on the low bands much of the power is burned up in the resistor that 
connects the two ends together. The power going toward the ends encounter the resistor and is 
consumed as heat. All that power is lost and does not radiate, and no power is reflected back to 
the feed point making the antenna have low SWR. On the higher bands, a large part of the 
power radiates before it reaches the resistor and the antenna is moderately efficient on those 
bands. On 80 meters the 90 foot-long dipole model will produce a signal at least 10 dB lower 
than that from a resonant dipole. 


If you remember the single channel TV antennas used years ago, the driven element was a 
folded dipole. Folded dipoles are very broad-banded. That is the reason they were used for TV 
antennas since a TV channel is 4 MHz wide. 


When constructing a folded dipole, the formula for calculating the length of it is the same as 
for any dipole. The folded dipole consists of two parallel conductors with the ends tied 
together. The conductors can be spaced from less than an inch to more than two inches apart 
when made from TV ribbon or ladder-line. At the ends, strip the insulation back several 
inches, Twist the bare wires together, solder them, and run them through insulators. The 
feed-point is in the center of only one of the two parallel conductors. 


The feed-point impedance of a folded dipole at resonance is close to 300 ohms resistive and 
can be fed directly with 300-ohm TV twin-lead or a tuner with its balun. This antenna was 
very popular years ago when coax was expensive and 300-ohm TV twin-lead was relatively 
cheap. A length of 450-ohm can be substituted for the twin-lead. An alternate feed method is 
placing a 6:1 balun at the feed-point and then feeding it with 50-ohm coax. The folded dipole 
will not radiate its second harmonic, so it is not good for a multi-band tuner-fed antenna. 
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Another folded dipole type is the three wire folded dipole. We have seen this dipole only in 
books and do not know anyone who uses one. The feed-point impedance is 600 ohms resistive 
and is fed with home-built 600 ohm open wire feeders. 
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Figure 10.3: Folded Dipole 


10.6 The Double Bazooka Dipole 


The double bazooka is claimed by its users to be broad-banded, a quality especially interesting 
for those hams operating on 75/80 meters. Tests done at the A.R.R.L. have shown the double 
bazooka is only slightly more broad-banded than a regular dipole, probably due to the use of a 
large conductor (coax) for the center part of the antenna. The double bazooka will not transmit 
its second harmonic, and its users say it does not need a balun. Other users say it is quieter than 
a regular dipole. 


The center of the antenna is made from RG-58 coax. To find the length of coax needed, divide 
325 by the frequency in MHz. The coax forms the center part of the double bazooka and a 
piece of number 12 wire on each end completes the antenna. The length of each of the end 
wires is found by dividing 67.5 by the frequency in MHz. To increase the bandwidth some 
builders use shorted ladder-line in place of the number 12 wire, which makes the end pieces to 
be electrically larger. 


The feed-point of the double bazooka is unique. At the center of the coax dipole, remove about 
3 inches of the plastic covering, exposing the shield. Cut the shield in the center and separate it 
into two parts. Do not cut the dielectric or the center conductor. Leave the center conductor 
with its insulation exposed. On the feed-line strip off about 3 inches of outer insulation, 
separate the shield from the center conductor, and strip about | inches of the insulation from 
the center conductor. To attach the feed-line, solder the two exposed feed-line conductors to 
the two pieces of the separated exposed shield of the dipole center. It goes without saying: seal 
the feed-point to prevent water from getting in. At each of the two ends of the coax forming 
the center of the antenna, the coax is stripped back and the center conductor and shield are 
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10.7 Broad-Banded Coax-Fed Fan Dipole 


shorted together and soldered. The end wires are soldered to the shorted coax ends, run to 
insulators at the end of the antenna, and the soldered joints are sealed against the weather. 
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Figure 10.4: Double Bazooka Dipole 


Broad-Banded Coax-Fed Fan Dipole 


A broad-banded dipole for 75/80 meters can be constructed by attaching two equal length 
dipoles to the center feed-point and spreading the ends about 3 feet apart using PVC water 
pipe to separate them. The completed dipole looks like a bow tie. This makes the antenna to 
appear electrically to have that of a large diameter conductor. Because of this, the overall 
length will need to be shorter than a single wire alone. When we used the antenna, we found a 
length of 110 feet would cover most of the 75/80-meter band without a tuner. It is fed with 
50-ohm coax. The use of a balun is optional. The antennas for most of the higher bands have 
enough bandwidth so they do not need broad banding. 


Two-Element Collinear Dipole 


The 2-element collinear dipole is an antenna that is a full-wavelength antenna having a 2-dBd 
gain. It can be fed with ladder-line and a tuner and used as a multiband antenna, or it can be 
fed with a quarter-wave-matching stub with 50-ohm coax cable to make it a single band array. 
In the stub matching system, a quarter wavelength of ladder-line is connected across the center 
insulator, and the opposite end of the ladder-line is shorted. A shorted quarter-wave piece of 
feed-line acts like an open circuit. Going from the shorted end of the ladder-line toward the 
dipole, there will be a point where a piece of 50-ohm cable will find a perfect match. The 
50-ohm feed-point will have to be found empirically (trial and error). 
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Figure 10.5: Broad-Banded Fan Dipole for 80 Meters 


10.9 4-Element Collinear Dipole 


The 4-element collinear dipole array consists of four half-wave segments connected 
end-to-end with an insulator between each two adjoining segments. The feed-point is at the 
center of the array. The antenna is fed with ladder-line through a tuner. A quarter wave shorted 
ladder-line stub hangs down vertically from the insulators between the inside and the outside 
half-wave segments. This stub provides a 180-degree phase shift so that all half-wave 
segments are fed in phase. This antenna has a 6-dBd gain and it radiates bi-directionally at an 
angle perpendicular or broadside to the plane of the wires. 


This antenna is too long for most hams to use on 80 and 40 meters, and the stubs hanging 
vertically will be too close to the ground. For 20 meters, the four-element collinear array will 
be 97 feet long and the stubs will be 18 feet. To find the length of each half-wave segment, 
divide 468 by the frequency in MHz, and for the quarter-wave stubs, divide 246 by the 
frequency in MHz. 


MFJ has begun marketing the four-element collinear monoband array. They have them for 20, 
17, and 15 meters. This antenna is so easy to build that you can do it yourself. All you need is 
5 insulators, antenna wire, and some ladder-line. 


It will have no gain if you use it on bands for which it is not designed because the stubs are 
used as phasing lines. It is definitely not a multiband antenna. 


It is possible to add more half-wave segments to the ends of this array to make it have 6, 8, 10, 


etc half wave segments. Adding more segments will add more gain and make the lobes 
narrower. 
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10.10 Coax-Fed Dipoles Operated on Odd Harmonic Frequencies 
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Figure 10.6: 4-Element Collinear Dipole 


10.10 Coax-Fed Dipoles Operated on Odd Harmonic Frequencies 


Antennas fed with 50-ohm coax can be used on other bands for which they are not cut. An 
80-meter dipole will have a relatively low SWR and will be resonant at a single frequency on 
10 meters and not 


much power will be lost in the coax even if operated off resonance. A 40-meter dipole will 
work the same way on 15 meters. Using coax, a dipole will work on its fundamental frequency 
and on odd-harmonic frequencies and it is not necessary to use ladder-line. The fundamental 
frequency is the frequency for which the antenna is a half-wavelength long, and the odd 
harmonics are 3 times, 5 times, 7 times, etc. the fundamental resonant frequency. A frequency 
of 21 MHz is 3 times or the third harmonic of 7 MHz, and 28 MHz is the seventh harmonic of 
4 MHz. 


Antennas operated on their odd harmonics will be resonant a little higher in frequency than 
exact multiples of their fundamental frequencies. Since the odd harmonic antennas input 
impedance is higher than it is on its fundamental frequency, many amateurs use a series 
quarter-wave matching section of 70-ohm coax to give it a better match. The 80 meter 
inverted-V dipole in use here has a 2:1 SWR on 10 meters indicating it has an impedance of 
around 100 ohms. However, modeling the antenna for 10 meters shows the resonance to be 
below 28 MHz, probably because the antennas fundamental resonant frequency is 3920 
instead of 4000 kHz. A quarter wave 70-ohm matching section should bring the SWR down to 
a much lower level. 


As said earlier, if you try to use coax with a dipole on its even harmonic frequencies, the 
feed-point impedance will be very high, the SWR will be extremely high, and the coax will 
absorb most of the power. In addition, when operating a coax-fed antenna on its even 
harmonics, the tuner may not be able to provide a match. Operating any antenna on any of its 
harmonic frequencies, odd or even, will work better if it is fed with ladder-line and a tuner. 


This antenna is matched by a quarter-wave 70-ohm series matching section. Three half waves 
will resonate higher than you would expect because the center half wave doesnt have to 
contend with end effects. To calculate the length of a three half-wave dipole, divide 1380.6 by 
the frequency in MHz. Five half waves is found by dividing 2316.6 by the frequency. 
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Figure 10.7: 3 Half-wave Dipole 


To use a 3 half-wave antenna on 15 meters, the 70-ohm matching section needs to be 7 feet 7 
inches and the antenna needs to be 64 feet long for a good match. It will be just a little long on 
40 meters. When using a 40-meter dipole with a 15-meter quarter-wave matching section, it 
will still have acceptable SWR on 40 meters. 
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Figure 10.9: Radiation Pattern of a 15-Meter Three Half-Wave Dipole at 65 Feet 


The pattern shows 6 lobes, 4 major lobes and 2 minor lobes. The vertical radiation pattern 
shows low angle radiation. 
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10.11 All Band Random Length Dipole 


A random length of wire cut into two pieces can be used as a dipole, and it will radiate 
efficiently. It has to be at least a half-wave length on the lowest band you want to work. It 
looks the same as the all-band dipole and is the same, except it is not resonant on any band. 
The random length dipole is being described here to emphasize that the radiating part of an 
antenna doesnt have to be resonant. Because it will have a feed-point impedance that is 
unusual, it must be fed with ladder-line a tuner, and a balun. Since you are using a tuner, it can 
be used on multiple bands. If you make it very long, it can have gain over a dipole. For 
example, if it is four wavelengths long, it will have 3-dBd gain. As you move to higher bands, 
the electrical wavelength of the antenna increases, and each higher band will have more gain. 


A half-wave antenna radiates perpendicularly to the plane of the wire. As you move to higher 
bands, this antenna begins to show some gain, and instead of two lobes of radiation, the two 
lobes split into four lobes and the pattern resembles a 4-leaf clover. As you make the antenna 
longer, the four lobes move nearer the to the ends, the gain increases, and there are minor lobes 
of radiation between the major lobes. These minor lobes make it possible to work in all 
directions. The longer the wire, the closer the antennas major lobes radiate bi-directionally 
toward its ends 


10.12AIl Band Center-Fed Random Length Dipole 


The problem with using a random length of wire for this antenna is you may find that because 
of limitations of your tuner, you may not be able to tune a particular length of antenna on some 
bands. Certain lengths will tune all bands and one of those lengths is 135 feet. That particular 
length will be nearly resonant on all bands of 80-10 meters. Resonance only makes it easier to 
tune, but it has no effect on efficiency. A length of 260 feet will tune from 160-10 meters. 
Lengths of 260 and 135 feet have been used here successfully. Some hams use random lengths 
of wire without problems. Then some hams have had problems with other random lengths. 
The ones having the problems solved the tuner problems by changing the length of the dipole 
wire. If you plan to put up this antenna using a random length of wire, you will need to 
experiment with various lengths until you find a combination that works. 


Tests were performed here using two towers of equal height and spaced 100 feet apart. On one 
tower, was an 80-meter inverted-V 120 feet long fed directly with coax, and running parallel to 
it on the other tower was a 135-foot long inverted-V fed with ladder-line and a tuner. At the 
resonant point of the coax-fed dipole and having tuned the ladder-line fed antenna, it was 
possible to switch antennas instantly and many hams were asked to look at their “S-meters” 
while the antennas were switched. All hams that participated in the test said the signals from 
both antennas were equal. The signals were measured on analog S-meters, not on segmented 
LCD meters found on most of todays transceivers. 


10.13A 2-Band Fan Dipole 


A 2-band dipole can be constructed by connecting together the feed point two dipoles for even 
harmonically related bands. It is fed with 50-ohm coax with or without a balun. The best 
example of this is 80 and 40-meter dipoles connected together. Both dipoles are cut for 
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10.14 Trapped Dipole for 75 and 40 Meters 


half-wave resonance on each of the two bands. They are fed together and the ends of the wires 
are spread apart. If the ends are close together, there will be interaction between the dipoles. In 
such an antenna system, both dipoles must be carefully pruned for lowest SWR one band at a 
time. The lower band will be tuned first since the shorter dipole will not interact with the 
longer one. Each dipole has a low antenna resistance on the band for which it is resonant. RF 
energy follows the path of least resistance, and it automatically selects which dipole will 
receive power. The remaining antenna will have a high impedance. High impedance will block 
RF. Such an antenna will have a narrower bandwidth than a single band dipole, but close to the 
resonant frequency of each dipole, a tuner will not be needed. To connect many dipoles for 
multiple bands is possible, but it is not recommended because multiple wires are prone to 
interact and it will be impossible to achieve a low SWR on some bands. However, on the two 
band model, the 40-meter dipole will resonate close to 15 meters, the 80-meter dipole will 
resonate close to 10 meters, and working four bands with this set-up is possible. Some hams 
are using this antenna successfully with a tuner on all bands, although the signal on 20 meters 
suffers somewhat because of high SWR. 
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Figure 10.10: Two-Band Fan Dipole for 40 and 75 Meters 


10.14Trapped Dipole for 75 and 40 Meters 


A trap is constructed from a capacitor and an inductor connected in parallel. It acts as an open 
switch on the frequency for which it is resonant. A trap is placed on each side of the dipole. 
For a 75 and 40 meter trapped dipole, the traps must be resonant on 40 meters, and each trap 
should be placed a quarter wave from the center insulator. The center section between the traps 
is electrically isolated from the ends of the dipole by the traps on 40 meters, and the center 
section of the antenna becomes a full-sized half wave resonant dipole for that band. This 
antenna is fed with 50-ohm coax and an optional balun. Wires connected to the outside of the 
traps are run to the end insulators and are tuned so the entire antenna resonates on 75 meters. 
The 75 and 40 meter trapped dipole will be shorter than a 75-meter dipole because the inductor 
in the 40-meter trap acts as a loading coil on 75 meters. In addition, the ends of the antenna can 
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10.15 The Extended Double Zepp Dipole 


be tuned to operate on the 80-meter CW band instead of the 75-meter voice band. Several sets 
of traps can be inserted at the correct points in the dipole to make a multi-band dipole. 
Multi-band trapped dipoles are being sold, but in many cases they will require the use of a 
tuner. If a good match is found at a frequency on some bands, the bandwidth without a tuner 
will be very narrowThe antenna is only 108 feet long instead of 120 feet because of the 
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Figure 10.11: Trapped 75- and 40-Meter Dipole 


loading effect of the traps on 75 meters. These dimensions are for antennas using the traps 
made by W2AU. If you use other brands of traps, the length of the end wires will have to be 
adjusted. What you do in that case is make the wire long, measure its resonant frequency on 75 
meters, and prune the ends to resonance at your favorite frequency. 


10.15The Extended Double Zepp Dipole 


An extended double zepp is a long dipole with 3-dBd gain. It is the longest dipole antenna, 
which will radiate at right angles to the plane of the antenna. To find the overall length of an 
extended double zepp, divide 1197 by the frequency in MHz. Each leg of the antenna is 0.64 
wavelength long and the total length is 1.28 wavelengths. An extended double zepp for 
75-meters at 3.8 MHz is 315 feet. Not many amateurs have space for that antenna. The 
extended double zepp is mostly fed with ladder-line. Another method of matching an extended 
double zepp is to use tuned lengths of 450-ohm ladder-line as a series matching transformer 
connected between the 50-ohm coax and the dipole. The length of the matching section of 
450-ohm ladder-line can be found by dividing 135 by the frequency in MHz. 


10.16The G5SRV Dipole 


An interesting antenna you can buy that will work somewhat on all high-frequency bands is 
the so-called GSRV antenna. It is named after the call letters of Louis Varney (SK) who 
designed it. It is a 102-foot long or three half-wavelength dipole antenna on 20 meters (14.150 
MHz), and can be used with a tuner on other bands as well. In his original design, Varney 
calculated the length to be 102.57 feet, but chose to make it an even 102 feet since a tuner was 
going to be used with it anyway. It was originally fed through a 34-foot 500-ohm homebrew 
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Figure 10.12: Extended Double Zepp Dipole 


open wire matching section from a 70-ohm coax or parallel conductor feed-line. The 34-foot 
open wire line is a half wavelength on 20 meters and at the end of a half-wave feed-line, you 
will see the antennas impedance repeated regardless of the feed-line impedance. The 
ladder-line helps partly to match the antenna on the other bands. 


The GSRV antenna is around 20 feet short of being a half-wave on 80 meters, and on bands on 
20 meters and up, it has theoretical gain. We believe that gain is negated by losses in the coax 
of the feed system, except for 20 meters. At the frequency of the best match, commercially 
made models of the GSRV are said to have a 1.8:1 SWR on 80 meters. Where the coax joins 
the open wire, Varney recommended using a choke made of 8 to 10 turns of coax. He advised 
against using a balun, because, as he says SWR of 2:1 or higher may cause the balun to heat 
and possibly burn out. The SWR will be moderately high or high on bands other than 20 
meters. Varney recommends using the lowest loss coax available and as short a run as practical 
because of feed-line losses caused by high SWR. This recommendation is very important 
today, as it was when Varney designed it. Some GSRV antennas put out decent signals and 
some others have relatively weak signals. Without further investigating, the only way to 
explain this is that some are using lossy coax and baluns while others are not, and the height 
above ground may play a part in how well it works. 


The GSRV antennas being made today use small diameter 50-ohm coax, 450-ohm ladder-line, 
and a balun between the ladder-line and the coax, contrary to Varneys suggestions. There are 
several variations of the GSRV antenna being sold today because many believe they can 
improve the original design. If you use a GSRV antenna, a tuner will be required. 


The G5RV shown in Figure 10.13: G5RV Dipole on page 39 is close to the original version of 
the antenna. This one pictured below is from an old article that K4EFW found somewhere. It 
is like the one he used. As you can see, it uses 300-ohm TV ribbon. The length of the parallel 
TV ribbon is 36 feet, but modern designs of this antenna use 34 feet of 450-ohm ladder-line. 
All these variations work equally well when they are used with a tuner. It is shown in the 
inverted-V configuration but it could be put up in the flattop configuration as is, with no 
modification. 
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Figure 10.13: G5RV Dipole 
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Jeff, AI8H, in Oxford, Georgia, had a pair of GSRV dipoles oriented in different directions. 
Recently he put up a 75-meter half-wave inverted-V. Being able to switch antennas, he ran 
A-B tests on 3902 kHz and the inverted-V was 10 dB stronger than the first GSRV and 15 dB 
stronger than the other one. Now if we are saying the stronger signal is 40 dB over S-9 and the 
weaker signal is 25-30 dB over S-9, no one will notice the difference. Only under marginal 
band conditions will the difference be important. In addition, the GSRV antenna will work 
better on the other bands. 


10.17 Off-Center Fed Dipoles 


A long dipole consisting of multiples of equal half-wave segments is normally fed in the 
center using ladder-line. Dipoles do not necessarily have to be fed in the center. They can be 
fed in the center of any one of these half-wave segments, even fed off-center. A fair match will 
occur if coax is used. 
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Figure 10.14: One Wavelength Off-Center Fed Dipole 


Understanding Antennas for the Non-Technical Ham 39 


10.17 Off-Center Fed Dipoles 


The dipole shown in Figure 10.14: One Wavelength Off-Center Fed Dipole on page 39 is a 
one-wavelength dipole. It is nothing but two half waves end to end. It is being fed in the center 
of one half-wave segment or a quarter wave from one end. It is possible to make it any number 
of half waves, and if it is fed a quarter wave from one end, it will have a fair match. The way it 
is shown above is an example of how to feed an antenna with even multiples of a half wave 
using coax. A 2:1 or 4:1 balun will improve the match on longer versions. 


The windom antenna is another example of an off-center fed antenna. The original windom 
was fed off center with a single wire. The other side of the transmitter was connected to 
ground. The feed-point impedance at the transmitter was reported to be 500 ohms on all bands. 
The antenna was designed by William L. Everett and J.F Byrne at Ohio State University. 
W8GZ, whose last name was Windom, described the antenna in the September 1929 issue of 
OST. 


A lot of research concerning the modern variations of the Windom antennas has been done, 
including the ones described by Fritzel, K4 ABT, W4RNL, The Carolina Windom, and 
ON4BAA. The main differences in these variations are the slight differences in the position of 
the feed-point and the impedance of the baluns used for matching. The Windoms are sensitive 
to the height over ground, meaning the height above ground affects the SWR. The offset 
position of the feed-point will also determine the feed-point impedance. The one sold by 
K4ABT is a variation of the Fritzel antenna, and the one sold by Radio Works, The Carolina 
Windom, (shown in Figure 10.15: Windom Dipole on page 41) claims it has a vertical radiator. 


There are two variations of Windoms, both claiming they have vertical radiators, The Carolina 
Windom and the one previously marketed by W4COX have two pieces of transmission line in 
series. The upper piece is connected to the dipole, and the lower piece is connected to the 
transmitter. The feed-point of the dipole is placed off center. In The Carolina Windom being 
marketed today, the upper transmission line is coax. The one made by W4COX had the upper 
piece made from ladder-line, but in either case, the principle is the same. The two pieces are 
connected together through a line isolator, a type of balun. The line isolator keeps the lower 
piece of transmission line from radiating. Because the antenna is fed off-center, the marketers 
of The Carolina Windom claims it causes an unbalance of current in the upper piece of 
transmission line. This is doubtful because there is a balun at the feed-point, which should 
prevent the feed-line attached there from radiating. The main difference between The Carolina 
Windom and the one sold by W4COX is that a 4:1 transformer is between the coax and the 
ladder-line, and a 1:1 line isolator is between the upper and lower coax cables. Both variations 
of this antenna show low SWR on several bands, but a tuner is used to match it. 


Another unique variation of the Windom dipole is the Fritzel antenna, named after its inventor 
and manufacturer, Dr. Fritz Spillenger (SK), a German ham, call sign DJ2KY. Alpha Delta is 
now selling an almost exact duplicate of the original Fritzel antenna. Alpha Delta calls it an 
OCF antenna and it is made by Buckmaster Antennas. There are two models of the Alpha 
Delta antenna: one for low power and one for high power, the power rating of the balun being 
the limiting factor. The Fritzels short side is 0.18 wavelength long and its long side is 0.32 
wavelength long. It is fed with coax and a 6:1 balun. Theoretically, the feed point impedance is 
300 ohms, and the balun provides a 50 to 300 ohm impedance transformation. Modeling the 
antenna on its lowest resonant frequency at 35 feet, it shows about 120 ohms impedance. The 
original Fritzel antenna being used by K4LMS reportedly will work all bands with a tuner, but 
it will work 40, 20, 17, 12, and 10 meters without a tuner with an acceptable SWR. The 
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Figure 10.15: Windom Dipole 


Windom being sold by K4ABT uses a 4:1 balun and the feed-point is at a slightly different 
location. That one is shown in Figure 10.16: Windom Dipole (Fritzel Type). 
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Figure 10.16: Windom Dipole (Fritzel Type) 


The difference between the Windom antenna sold by K4ABT and the original Fritzel is the 
difference in the offset of the feed-point. Since the K4ABTversion uses a 4:1 balun, it appears 
his is fed at the 200-ohm point, and the original Fritzel is fed at the 300-ohm point. On any 
resonant dipole, the lowest feed-point impedance is found at the center. As you place the 
feed-point offset toward either end, the impedance gets higher. The highest feed-point 
impedance occurs at the end of the dipole. 
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11. 
End-Fed Antennas 


End-Fed Zepp 


A half-wave resonant antenna can be fed from its end. When fed this way, it is also known as 
an end-fed zepp. An end-fed zepp will work on its fundamental frequency and on odd and 
even harmonic frequencies. The name “Zepp” goes back to the days of dirigibles or Zeppelins, 
which used trailing wire antennas that had to be fed at one end. The end of a half-wave antenna 
has very high impedance, and an antenna fed this way is said to be voltage fed. Feeding a 
half-wave resonant dipole in the center means it is current fed. The normal way of feeding the 
end-fed antenna is with ladder-line. One side of the ladder-line is connected to one end of the 
antenna and the other side of the ladder-line is connected to nothing. To secure the 
unconnected side of the ladder-line, it is connected to a short wire running between two 
insulators. Since the antenna is connected at its high impedance point, no current flows into an 
antenna, but there will be a large current in the center of this antenna. No current flows from 
the open side of the feed-line because it is at a zero current point. (See Figure 11.1: End-Fed 
Zepp on page 43.) 


The end-fed zepp can be matched by cutting the ladder-line to a quarter wavelength with the 
bottom end of the ladder-line shorted. A certain distance above the short is a 50-ohm feet-point 
and it can be fed directly with coax. MFJ is marketing antennas of this type made for single 
bands, and they are selling the parts separately so you can build your own. You will have to 
find the 50-ohm point by trial and error. This method of feed makes it a single band antenna. 


End-Fed Random Length Antenna 


Figure 11.2: End-Fed Random length or Long Wire Antenna on page 43 shows another 
end-fed antenna made from a random length of wire connected to the back of the tuner. The 
wire then exits the shack and goes to a high support where it then runs horizontally to another 
high support. The tuners groundside must be connected to a good RF ground, since a poor 
ground causes high losses. This antenna is commonly called a “long wire.” Since the end of 
the antenna comes in the shack, you will be exposed to high levels of RF. In addition, this type 
of installation may cause RF to be picked up in the microphone, noted by distortion. The 
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Figure 11.2: End-Fed Random length or Long Wire Antenna 


feed-point of the long wire being connected directly at the output of the tuner can have an 
impedance of a few ohms to a thousand ohms depending on the antennas length. If the wire is 
cut to a multiple of a half wave at the lowest frequency, the system will be efficient since it is 
fed at a voltage point and very little current flows into the ground. This antenna is really a 
variation of an inverted-L fed directly without a feed-line from the tuner. 


Understanding Antennas for the Non-Technical Ham 


43 


12. 
The Half Sloper 


The half sloper shown in Figure 12.1: Half-Sloper Antenna on page 45 is an antenna that is 
hard to categorize, since it is not a sloping dipole and it is not a vertical. The half sloper is half 
of a sloping dipole. To make one of these antennas, cut a quarter-wave radiator by dividing 
234 by the frequency in MHz and tie an insulator to both ends. One insulator is tied near the 
top of a tower and the radiator wire is run down toward the ground. Coax is split into its center 
conductor and shield, and it connects across the insulator at the tower. The center conductor of 
the coax is tied to the quarter wave radiator and the shield is grounded to the tower. This means 
the tower is acting as the missing half of the dipole. It is a difficult antenna to get a good match 
because the height above ground of the feed-point and the angle of the slope affect the 
impedance. Some users of this antenna say to mount the feed-point at 45 feet up on the tower 
and have a beam antenna on the tower above the feed-point to use as a counterpoise. Other 
users say you must find the 50-ohm point on the tower, which is a tedious task. It has also been 
said, “Some installations work super, while others do not work well at all.” The half-sloper is 
used almost exclusively on 80 and 160 meters. The Alpha-Delta half sloper was tried here and 
its performance was disappointing. The signal from it was down a least 10 dB below a dipole 
and the SWR wasnt low enough. The half sloper is mostly vertically polarized and it is 
directional toward the slope. 
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Figure 12.1: Half-Sloper Antenna 
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13. 
Vertical Antennas 


13.1 Why Verticals Are Used 


Vertical antennas have the radiator mounted at right angles to the earth. The vertical is used 
whenever you desire to radiate your signals in all directions at a low angle. Low angle 
radiation is needed to work DX effectively. Radio waves traveling to the ionosphere where 
they are reflected need to hit the ionosphere at a point near the horizon in order to reflect 
farther around the curvature of the earth. In order to get a dipole to radiate a strong signal at 
low angles, it has to be more than a wavelength above ground. A low dipole is not particularly 
a good DX antenna for 80 and 160 meters. However, the average dipole at modest heights will 
outperform any ground-mounted vertical having a poor ground system. Vertical antennas work 
very well at low frequencies such as the broadcast band, but the ground losses increase as we 
move higher and higher in frequency (Refer to Section 5.2 Ground-Wave Propagation 
concerning ground-wave propagation). It is very difficult to get a good ground for a 
ground-mounted vertical unless you live next to salt water. Vertical antennas, because they are 
unbalanced antennas, do not need baluns. They are normally fed with coax. 


If a ground mounted, quarter-wave vertical is all you can put up at your location (QTH), then 
use it. However, it will be a mistake to put up this antenna if you are not be able to have a 
ground radial system and are able to put up a dipole. Most ground mounted quarter-wave 
verticals manufactured today are trapped in order to work multiple bands. 


The ground-mounted vertical also needs to be put out in the clear away from RF absorbing 
objects. These facts do not apply to half-wave verticals, which are in themselves different 
animals, nor do they apply to high quarter-wave verticals using elevated radials. 


The approximate length of a full-sized resonant quarter wave vertical can be found by dividing 
234 by the frequency in MHz. Note: 234 is half of 468, the number we used to calculate the 
length of a half-wave antenna. The actual length for resonance may be a little different from 
what you calculate, because of the diameter of the vertical element. Trapped verticals are 
physically short of a quarter wave in length because the traps load them. The vertical is fed at 
one end at the bottom where it is insulated from the ground. The center conductor of the coax 
connects to the vertical element and the shield is connected to the ground system. 
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Figure 13.1: Ground Mounted Trapped Vertical 


13.2 Disadvantages of Using Quarter-Wave Verticals 


The most obvious disadvantage of using any vertical antenna is on 80 meters it has less than 
optimum high-angle radiation needed to work stations within a few hundred miles. 
Ground-mounted quarter-wave verticals use a ground system for the other half of the antenna 
and the ground system losses can be very high. The ground wave signal should eventually 
radiate in space at angles at the horizon, but since there are very high losses in the ground 
wave at amateur frequencies, a ground-mounted vertical has almost no signal down near the 
horizon. At angles below 10 degrees, the signal will be greatly attenuated. 


A ground-mounted quarter-wave vertical with an ideal ground should have an impedance of 
35 ohms resistive. If you were to measure its impedance, and it measures 60 ohms resistive on 
an antenna analyzer, it means it has a loss resistance of 25 ohms. Moreover, that loss resistance 
is mostly in the ground system. Under these conditions, only 58 percent of the power will 
radiate as RF, although you will have a 1.3:1 SWR. 42 percent of the power will be turned into 
heat by the loss resistance. With the feed-point being at ground level, some more loss comes 
from the radiated wave being absorbed by power lines, trees, and buildings with its associated 
wiring. That loss does not show up in antenna analyzer measurements. 


The best ground system for a ground-mounted vertical is 120 wires, called “radials, radiating 
from the feed-point like the spokes of a wheel. These radials need to be a quarter wave long. 
At the feed-point, the radials are bonded together and are fed from the shield side of a coax 
cable. Not many amateurs have the resources to build such a ground system. Many short 
radials will be more effective than a few long ones. When using a ground mounted vertical, 
many hams drive an 8-ft. ground rod into the earth for their ground system. The ground losses 
are very high in that case. Using a ground rod for the ground system of a vertical antenna 
confirms the old adage: “Verticals radiate poorly in all directions.” 
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13.3 Long and Short Verticals 


To eliminate ground losses, you can use an elevated quarter-wave vertical with an elevated 
ground system called a “ground plane.” The ground plane vertical, as it is called, needs to be 
mounted high enough to prevent the return path from coming back through the earth ground. 
Ground plane verticals need to be mounted above nearby objects that absorb RF. They will be 
nearly 100% efficient if they are high enough. The ground plane consists of two or more 
radials, but most ground planes have three or four. The ground plane radials do not have to be 
resonant, but should be at least a quarter wave long. An elevated ground-plane vertical will be 
more effective for working DX than a dipole. 


Long and Short Verticals 


Verticals can be less than a quarter wave in length. They can be loaded by coils or linear 
loading sections or a short vertical can be fed directly with a tuning unit at the feed-point. The 
loss resistance in a short vertical may be appreciable. Since the radiation resistance is very low 
at the feed-point of a short vertical, the current at the feed-point will be very high. The more 
current that flows into loss resistance, the higher the loss will be. Any coils used in the tuning 
unit and for loading should be made of as heavy a conductor as possible, since these can cause 
appreciable loss when the current is high. This is also true for the ground system. The loss 
described here is called “I squared R loss”, which means the loss in watts is found by 
multiplying the current times itself and then multiplying that answer by the loss resistance. 
That means if the current into a lossy antenna system is doubled, the power lost in watts is 
increased four times. Making a vertical very short and tuning it to resonance with an inductor 
will also result in an antenna with a very narrow bandwidth. 


A more subtle loss of energy in very short vertical antennas is coronal discharge from the tip 
end of the vertical. Corona occurs when the voltage is very high at the end and electrons flow 
out into the air. This can be visible at night if the transmitter power is high and you are at a 
high altitude. Power is lost from the antenna when corona is produced because corona is a 
form of light and light is another form of energy. 


In 1973 while we were working for radio station WWNC in Asheville, North Carolina, a 
trapped vertical for 10 through 80 meters was erected. The length of the antenna was only 
about 25 feet. A loading coil near the top made it resonant on 75 meters. The ground system 
was the metal body of a 75-foot long mobile home. Fair reports were received from this set-up. 
The reports were not bad because of our having a good ground. One night, while working 75 
meter SSB, one of the neighbors came over and said, “You’re tearing up my TV.” Checking all 
of the inside connections proved they were tight. Our wife keyed up the transmitter while we 
made a trip to the antenna to check the connection there. Before arriving there, looking up, we 
saw blue fire coming off the end of the vertical. The corona was responsible for the television 
interference ( TVI ). It was visible because Asheville is at a relatively high altitude and the 
transmitter was running 700 watts. An inverted-V was put up, the TVI disappeared, and better 
signal reports were received. 


You can realize up to a 1.5 dBd gain from a vertical antenna by making it longer than a quarter 
wave, but there is a limit to how long to make it and still get low angle radiation. That limit is 
5/8th-wave. To find the length of a 5/8th-wave vertical, divide 585 by the frequency in MHz. 
For example, to calculate the length of a 5/8th-wave vertical for 20 meters (14.000 MHz) 
divide 585 by 14.0. It equals 41.786 feet or approximately 41 feet 9.5 inches. A tuning unit 
will be needed at the feed-point of this antenna, as the impedance of a 5/8th-wave antenna is 
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13.4 Unscientific Observations of Verticals 


low and high current will flow into it. A tuning unit will usually have enough bandwidth to 
cover the entire band on each band of 20 meters and higher. A tuning unit is also called a 
matching network. It is similar to an antenna tuner, but has fixed inductors and capacitors. 
Tuning units for 80-and 160-meter verticals will cover only a portion of the bands. Outside the 
bandwidth limits of the tuning unit, you can use the tuner at the transmitter end. Radials or 
ground planes are needed for a 5/8th-wave vertical and they need to be a quarter wave long. 


The impedance of a half-wave antenna is high if fed at its end. An end-fed half-wave vertical 
will have a small amount of gain over a quarter-wave vertical. This antenna does not have the 
ground losses a quarter-wave vertical has because it is fed at a high impedance point and the 
current flowing into the ground is negligible. Commercially made resonant half-wave trapped 
verticals now on the market are end fed at the bottom. A built-in matching network is found at 
the base, and several very short radials are mounted below the feed-point to de-couple RF 
from the feed-line. These antennas should be mounted as high as possible away from RF 
absorbing objects. Because the ground losses are lower, the half-wave vertical will outperform 
a quarter-wave vertical by several dB and in many cases many dB. 


Unscientific Observations of Verticals 


At our home, an old Hy-Gain trapped quarter-wave vertical for 40-10 meters was erected in 
1961. It was mounted on the roof and had two quarter-wave radials for each band. It worked, 
but it was never compared to another antenna. It gave the impression it was a mediocre 
antenna. Other antennas replaced it. 


One time in 1964, a grounded 60-ft tower was shunt fed as a vertical on 75 meters. Without 
having any radials, the transmitted signal was 10 dB weaker on this vertical 650 miles away in 
New York than on the inverted-V. 


In 1969, a 4-band trapped vertical was put up on the top of a 60-ft tower. A 15-meter 
4-element yagi under it was used for the ground plane. It was probably the best vertical 
installation we ever tried. It was good because it was high and in the clear and the 15-meter 
yagi made a good ground plane. 


While we are on 80 meters, a ham 200 miles away frequently joins in the roundtable. He uses 
a trapped quarter wave vertical with a chain link fence as the ground. Several of the others are 
also 200 miles away run the same power. His signal is 10 to 20 dB below everyone elses on the 
frequency. It is good there are no interfering signals or noise or he will not be copied. 


Another ham uses a Hy-Gain Hy Tower vertical with 3 ground rods as the ground system. 
According to our S-meter, his signal is 40 dB down below those of the other guys. 


Charlie, ADSTH, works 40 meters using a Hustler 5-BTV vertical ground mounted with 72 
quarter-wave radials. He has an outstanding signal for a ground-mounted vertical. His 
installation is out in the clear away from RF absorbing objects. He says, because of antenna 
restrictions at his location, it is the only antenna he can put up. 


Another ham friend, N2HGL, has both a dipole and a half-wave trapped vertical on 40 meters. 
At a location 160 miles away, he is 10 dB stronger on the dipole, but he is equal in strength on 
both antennas in Indiana 600 miles away. This comparison shows the superiority of the half 


Understanding Antennas for the Non-Technical Ham 49 


13.5 


13.5 The Inverted-L Vertical 


wave vertical over the quarter-wave one because his signal with the half-wave vertical was 
equal to his signal from the dipole. If he were using a quarter wave vertical, we would expect 
his signal would be better on the dipole in Indiana. It also demonstrates the superiority of a 
dipole over a vertical for working short distances. 


Bill, W4ZQL, runs a ground-mounted SteppIR vertical. He lives beside a salt-water river in 
Florida that he uses for a ground. He puts out a very good signal on 40 meters. No ground 
losses! 


The Inverted-L Vertical 


The inverted-L antenna is a wire vertical antenna with part of the top end bent horizontally. It 
resembles an “L” turned upside down. The inverted-L is used to reduce the height required by 
a vertical and still keep the antenna resonant and full sized. It is fed at the end at ground level 
the same way a ground mounted vertical is fed, and all the losses we described for a 
ground-mounted vertical apply here. Some current flows in the horizontal part of the 
inverted-L and for that reason, it has both strong vertical and weaker horizontal polarization. If 
you make it a half-wave antenna, you wont need a good ground because negligible current 
flows into the ground. A half-wave inverted-L antenna needs to be fed with 50-ohm coax and 
a tuning unit. 


An inverted L for 160 meters is usually made of wire one-quarter wavelength long or about 
127 feet. It runs vertically from near ground level to the top of a support, perhaps 60 or 70 feet. 
Then the end runs horizontally and is tied to a nearby support. The antenna is coax fed at 
ground level between the vertical section and ground system across some type of insulator. A 
matching network at the feed-poimt will be required to match it if the impedance is not equal 
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Figure 13.2: Inverted-L 
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The picture shows an inverted-L running up the side of a tower. The feed-point is at ground 
level with the center conductor of the coax attached to the bottom end of the wire. The coax 
shield connects to a ground system of radials. The total length of wire used in this antenna is 
half of what is needed for a dipole since the other half of the antenna is the radial ground 
system. The inverted-L is used mostly on 160 meters, but some have built them for 80 meters. 
The inverted-L antenna can also be cut for a half-wave to reduce ground losses. 


13.6 Vertical Mobile Antennas 


We have heard many good signals from mobiles, many being stronger than those from hams 
using ground mounted quarter-wave verticals. The mobile antenna, being so short, has a large 
capacitive reactance. A coil is inserted in the antenna to provide an equal amount of inductive 
reactance to make it resonant. As we said in the paragraph on short verticals, a coil of this type, 
carrying a large amount of antenna current, causes some loss resistance in the system. To 
reduce losses in the coil, wind it with a conductor as large as practical. (Thats exactly what 
some mobile antenna manufacturers have done.) The sources of loss in mobile antennas are in 
the coil losses, losses in the conductors making up the radiating part of the antenna, corona 
discharge, and the ground loss from the vehicle on which its mounted. However, because of 
the large amount of metal in the body of the vehicle, the ground losses are not as high as the 
losses from ordinary ground mounted verticals. Matching transformers are now available that 
step down the impedance of 50-ohm coax to the very low impedance of the loaded vertical. 
Good advice is to use the transformers rather than to rely on the internal tuner of the 
transceiver. 


Some low priced single-band mobile antennas are constructed by using a polymer shaft and a 
small gauge wire encapsulated in polymer material running beside the shaft. The loading coil 
made of the same wire is also encapsulated in the polymer. The small wire, because of its size 
and because it carries a large RF current, will lose a lot of power by becoming hot. This type of 
mobile antenna is rated for 200 watts. If the wire didnt get hot, there would be no power limit. 


All mobile antennas have corona loss and for such, there is no remedy. Most amateurs, 
because they cant see it, dont believe its there. Corona will not be visible unless you run high 
power and it is dark. 


Ground losses from the vehicles body diminish with increasing vehicle size. This is why 
18-wheeler hams have such big mobile signals. To diminish the ground losses on any mobile 
installation, you should use as large as a conductor as possible to bond the coax shield to the 
vehicle body. All metal parts of the vehicles body, fame, and drive system need to be bonded 
together with heavy ground straps. To make the mobile antenna system more efficient, use an 
antenna with an adjustable inductor and use as long a “stinger” as practical above the coil. You 
will increase the radiation resistance by using a longer stinger, and then the loss will be less 
because you will require less coil inductance. The ratio of radiation resistance to loss 
resistance becomes larger by raising the radiation resistance and reducing the loss resistance. 
As we said earlier, the efficiency of any antenna system is found from the ratio of radiation 
resistance to total resistance, or radiation resistance divided by total resistance times 100%. 
The total resistance is equal to all the loss resistances plus the radiation resistance. 


The latest development in HF mobile antennas is motor driven variable inductors. These 
antennas are known as “screwdriver antennas.” The name refers to the electric screwdriver 
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motors used to vary the inductance. A control cable is run from the motor to a switch at the 
operators position so it can be tuned from the operators seat in the front of the vehicle. Because 
a mobile antenna has a very narrow bandwidth, you will have to tune it often as you move 
frequency (QSY). It hasnt been many years since we had to get out of the vehicle to make 
inductor changes or make changes in the length of the stinger when the frequency was 
changed. 


Mobile antennas for 20 through 10 meters do not require the care in installation that is needed 
for 160, 80, and 40 meters because the length of a mobile antenna becomes closer to a quarter 
wave as you move to higher bands. The radiation resistance increases on each higher band. 
While moving to higher bands, less inductance is needed to tune the antenna, and that lowers 
the loss resistance. A 96-inch mobile whip is just a couple of inches short of being a quarter 
wavelength on 10 meters and a loading coil is not needed there. The band that has the least 
mobile antenna efficiency is 160 meters. If you reach a radiation efficiency of 2% on 160 
meters on your mobile installation, you will be doing well. 


Below is some information concerning mobile antennas, which was received in an email. 
There was a 75-meter mobile “shoot-out” in California. (A shoot-out is an event where a group 
of hams gets together and compares signals radiated from various antennas.) Supposedly, 
equal power was applied to each antenna under test. Apparently, some type of field strength 
meter was used. A screwdriver antenna and a bug catcher, both with top hats, were used as the 
standard by which other antennas were compared because they put out equal signals. The other 
antennas are measured in how many dB they were below the standard. Here are the results of 
that test, and because it is hearsay, the accuracy of these figures is not guaranteed, but they do 
compare to what we have observed. 


Table 13.1: Antenna Shoot Out Results 


Screwdriver/bug catcher 0 dB reference 
with top hats 





Screwdriver/bugcatcher -3dB -50% 
without top hats 





Hustler -7 dB -80% 





Outbacker -9 dB -88% 





Hamstick -12 dB -94% 





Whip with autotuner -14 dB -96%. 








The efficiency of the best 75-meter mobile antenna is from 5% to 10%. In using the best 
mobile antenna on 75 meters, a 100-Watt mobile rig will radiate 10 Watts at most. This means 
that a Hamstick being fed with 100 Watts will radiate only 0.6 watts, which is 6% of 10 Watts. 
Ninety-nine and four tenths Watts will be converted to heat. The person sending this 
information said it was published on the Internet in some news group. Again with good band 
conditions, it is amazing how little signal can be used to communicate. 


The things that increase the efficiency of mobile antennas are: 
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¢ Place the loading coil about half way from the feed-point to the antenna tip. Efficiency 
decreases if you put the coil above or below this point 


¢ Mount the antenna as high up on the vehicle as possible. This reduces the ground losses 
because it reduces the capacitance of the antenna to ground 


¢ Use a loading coil with a Q as high as possible. See the ARRL Handbook for a discussion 
of coil Q 


¢ Make the antenna as long as possible. Note: long antennas are prone to strike tree limbs 
and bridge overpasses 


¢ Increase the size of the mast between the loading coil and feed-point 


¢ Puta capacity hat above the loading coil. The capacity hat reduces the number of coil 
turns needed to resonate the antenna 


¢ Make the coil with as large a diameter wire possible. This decreases the coil loss, which 
is a large part of the total loss of a mobile antenna. 


Any changes made in the antenna system that raises the radiation resistance will increase the 
efficiency 
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14. 
One-Wavelength 
Single Loop Antennas 


14.1 The Horizontally Oriented Loop 


To calculate the length in feet of any one-wavelength loop, divide 1005 by the frequency in 
MHz. Horizontally oriented one-wavelength loop antennas have become very popular on 160, 
80, and 40 meters and it is one type of NVIS antenna. (NVIS stands for “near vertical 
incidence skywave” because of its high angle radiation pattern.) It is claimed by its users that 
the loop antenna is quieter than other antennas. This is because it doesnt pick up the noise from 
power lines, thunderstorms, etc., coming in at low angles. These antennas radiate on their 
fundamental frequencies with a broad pattern straight up to put a strong signal for nearby 
contacts. Recently published articles on this type of antenna have called them “cloud 
warmers.” There are other types of antennas called NVIS antennas other than loops. They are 
dipoles at low heights or dipoles with parasitic reflectors placed under them to cause the signal 
to radiate mostly straight up. The NVIS antennas have an advantage in working nearby 
stations because you dont get the static noise and interference from far distances. They are 
definitely not DX antennas. An article on NVIS antennas appears in the December 2005 QST. 


On their fundamental frequencies, horizontally oriented loops take up half the horizontal 
distance as a half wave antenna for that band. Loops are two-dimensional antennas having 
depth as well as breadth. There are two loop configurations: The square loop and the triangle 
loop. Some hams have pulled the loops out in irregular shapes to fit where the supports are 
located. The only advantage in using a rectangular loop instead of a square loop is to take up 
less horizontal space. This is true because the gain of a rectangular loop is diminished below a 
square loop. The area enclosed by the perimeter of the loop determines the gain of a loop. A 
circular loop has the most enclosed area, but it requires an infinite number of supports. The 
gain of a loop comes from the loop having two maximum current points separated by a 
distance of one-quarter wavelength. From here on we will call a horizontally oriented loop a 
horizontal loop. 


We also modeled the gain of the horizontal loop for the 80-meter band over real ground. The 
maximum gain occurs with the loop at 7 meters or about 25 feet above ground. Mind you, this 
gain is straight up from the loop. At that height, its gain is about 9.25 dBi and that equates to 
about 7 dBd in free space. The gain of the loop diminishes slightly as the antenna is raised. 
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The feed-point radiation resistance at 7 meters height is 35 ohms resistive and 0.0 ohms 
reactance and you do not need a matching section of 70-ohm coax. At a height of 10 meters or 
about 33 feet, the radiation resistance rises to 63.5 ohms. There the SWR will be 1.27:1, if it is 
fed directly with 50-ohm coax. At 15 meters or about 50 feet, the radiation resistance rises to 
118 ohms and a 70-ohm matching section will be in order. The gain drops to a little less than 7 
dBi at that height. These figures may or may not be applicable to your QTH, because your soil 
conductivity may be different from the soil we used to model it. As you can see from the above 
numbers, the feed-point resistance rises as the loop is raised. 


The horizontal loops also are used on their harmonic frequencies. The loop with more gain and 
a superior pattern is a two-wavelength loop. An 80-meter loop is a two-wavelength loop on 40 
meters. The two-wavelength loop has a lower angle of radiation, but is a very large antenna for 
80 meters. At 3800 kHz it has a perimeter of about 530 feet. A two-wavelength loop is not an 
NVIS antenna. Using coax with a tuner is not an ideal way for working a loop on its harmonic 
frequencies. This is because of the high SWR in the coax on some bands will cause high loss. 
For example, an 80-meter loop fed on 40 meters will have an SWR of 8:1 and the SWR on 20 
meters will be 49.5:1. There will be some hams who will say they get satisfactory results this 
way, however theory suggests they will have a stronger signal if they use a ladder-line because 
ladder-line has less loss. Feeding a loop antenna with ladder-line makes more sense when 
working a loop on harmonic frequencies. 
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Figure 14.1: One Wavelength Horizontal Loop 


To realize maximum gain, make the square and triangle have equal sides. When the sides are 
equal, the loop has maximum enclosed area for whatever configuration you use. Other shapes 
will work, but the gain will suffer. 


To support a square loop, you will need four supports, one for each corner. We hope you will 
have trees or masts in the right places. A triangular loop will need three supports. Once you 
have cut the single piece of wire to the right length, run the wire through as many insulators as 
you have corners. At each corner of the loop, put an insulator and tie the corner to a support 
with a rope from the insulator. To make the feed-point, connect both ends of the loop to an 
insulator. Strip the insulation from the outer part of the coax. Separate the shield from the 
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center conductor. The ends of the coax are connected to the ends of the loop across the 
insulator. Most hams do not feed loops with a balun at the feed-point. 


The Vertically Oriented Single Loop for 40 and 80 Meters 


Vertically oriented loops radiate broadside to the plane of the loop. A horizontally polarized 
vertically oriented loop has both vertical and horizontal wires. From here on out, we will refer 
to a vertically oriented loop as just a vertical loop. When using this term, we are not referring 
to its polarization. If the feed-point is on one of the horizontal wires, the loop radiates 
horizontally polarized waves. The vertical wires radiate weaker vertically polarized waves. If 
the feed-point is on one of the vertical wires, vertically polarized waves will be radiated. The 
radiation from a one-wavelength vertical loop has both high-angle and low-angle radiation. It 
is a good antenna for both nearby stations and for DX contacts. It is better than a dipole for DX 
because the vertical loop puts out a stronger low angle signal than a dipole does. 


The gain of a vertical delta loop is 4.55 dBi or about 2.4 dBd. Its feed-point impedance is 
about 120.5 ohms. The square vertical loop has 5-dBi gain and about 2.85 dBd and the 
feed-point resistance is 143 ohms. They both need to be fed with a series quarter-wave 
matching section of 70-ohm coax. 
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Figure 14.2: One Wavelength Horizontal LoopSingle-Element Vertical Delta Loop 


Square vertical loops need two supports. The square vertical loop needs less vertical space 
than the delta loop. The vertical space needed for a square vertical loop for 80 meters is 92 
feet. For 40 meters the vertical space is half that. It is rare to find someone using the square 
vertical loop these days. The vertical delta loop is more common because it needs only one 
high support. The apex of a delta loop for 3500 kHz needs to be 102 feet high and on 40 
meters, it needs to be 62 feet. This assumes the bottom horizontal wire will be 20 feet off the 
ground. In order to make a vertical loop fit on a shorter support, the sides of the loop can be 
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reduced in length while making the horizontal wires longer. This will put the two maximum 
current points closer together, which has the effect of reducing the gain. 


Like the horizontal loop, the formulas for finding the length in feet of these loops are the same: 
1005 divided by frequency in MHz. In addition, because the feed-point resistance is nearly the 
same as horizontal loops, quarter-wave matching sections and other methods can be used to 
feed the vertical loops. The vertical loop is not as sensitive to height as the horizontal loop. 
Both vertical square loops and vertical delta loops can be operated on harmonically related 


bands. (See Figure 14.4: Radiation Pattern of a 30-meter Delta Loop on 15 Meters on page 
58). 
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Ga : 8.43 dBi = 0dB (Horizontal polarization) 

F/B: 0.00 dB; Rear: Azim. 120 dg, Elev, 60 dg 

Freq: 10.100 MHz 

2: 101.904 - j2.068 Ohm 

SWR: 2.0 (50.0 Ohm), 5.9 (806 Onm) 


Elev: 19.6 dg (Real GND :18.00 m height) 








Figure 14.3: Radiation Pattern of a 30-Meter Delta Loop on 30 Meters 


The Bottom Wire is at 18 Meters above Ground. 
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The horizontal pattern shown above demonstrates that the 30-meter delta loop has a bi-lobal 
pattern broadside to the plane of the loop. The vertical pattern below the horizontal pattern 
shows both high angle and low angle radiation. The angle of maximum radiation is at 35 
degrees above the horizon. The angle of radiation straight up is only down about 1.5 dB. This 
is pattern demonstrates the vertical delta loop is good for both nearby stations as well as DX. 
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Ga : 6.86 dBi = 0 dB (Horizontal! polarization) 
F/B: 0,00 dB; Rear: Azim, 120 dg, Elev, 60 dg 
Freq: 21.200 MHz 

Z: 544.350 + [314.303 Ohm 

SWR:; 14.5 (60.0 Ohm), 1.7 (600 Ohm) 

Elev, 35.4 dg (Real GND :18.00 m height} 


Figure 14.4: Radiation Pattern of a 30-meter Delta Loop on 15 Meters 
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15. 
Directional 
Beam Antennas 


15.1 The Monoband Yagi 


Between 1926 to 1929, Shintaro Uda and Hidetsugu Yagi developed a beam antenna that had 
sharp directivity and high gain. Later, work was done primarily by Mr. Yagi and yagi was the 
name given to the antenna until finally recognition was given to Mr. Uda. Its proper name is 
the Yagi-Uda Array. Most hams call it a beam. 


A monoband yagi is the name given to a yagi for a single band. The performance of any 
commercially made monoband yagi is touted to have its dimensions tuned for maximum 
performance. As you will see later, this is not always the case. Monoband yagis being sold 
today are much improved over older designs because of computer modeling programs 
available. 


The yagi is made of two or more aluminum elements mounted on and perpendicular to a 
boom. Hams use antenna rotors to turn the antenna in the direction of the station they want to 
work. However, there are wire beams, fixed in one direction, mainly on 80 meters, suspended 
between trees or other supports. Most high frequency beam antennas used by hams are in the 
horizontally polarized configuration, which means the elements are parallel to the ground. CB 
beam antennas and some 2-meter beams are vertically polarized with the elements at right 
angles to the ground (See Section 3. Polarization Of Electromagnetic Waves on page 5). 


A 2-element yagi has a gain around 3 to 4 dBd. A two-element yagi will have a driven element 
with either a reflector or a director. The driven element is the only element receiving power 
directly from the transmitter. The reflector and directors are called parasitic elements because 
they receive power from the driven element by inductive coupling. 


The 3-element yagi will have a gain of approximately 5 to 7 dBd or 7 to 9 dBi depending on its 
boom length. A three-element yagi has one reflector, one driven element, and one director. 
Because the yagi has a low radiation resistance, a matching system is located at the driven 
element feed-point. The ratio of the radiation off the front compared to the radiation off the 
back is called front-to-back ratio. Front-to-back ratio and forward gain are factors to be 
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considered in choosing a yagi design. Both measurements are given in dB. All yagis have a 
good front-to-side ratio, with the signal off the side being 50 dB below the front. 
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Figure 15.1: 3-Element Yagi 
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Ga: 13.47 dBi = 0 d8 (Horizontal polarization) 
F/B: 25.06 dB; Rear: Azim. 120 dg, Elev. 60 dg 
Freq: 14.200 MHz 

Z: 19.629 + j0.013 Ohm 

SWR: 2.5 (50.0 Ohm), 30.6 (600 Ohm) 

Elev: 14.4 dg (Real GND :20.00 m height) 


Figure 15.2: 3-Element Yagi Radiation Pattern 
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The reflector of a yagi is about 5% longer than the driven element. The reflector, being longer, 
will have inductive reactance. The inductive reactance shifts the phase of the re-radiated wave, 
which radiates and combines with the driven elements wave and reinforces it in the direction 
away from the reflector toward the driven element. A director is about 5% shorter than the 
driven element. The director, being shorter, has capacitive reactance, and this changes the 
phase of the reradiated wave to reinforce the wave away from the driven element opposite the 
reflector. 


The gain of a yagi is derived from radiation being concentrated in one direction at the expense 
of the other directions. One hundred watts fed into a yagi with a gain of 6 dBd will have an 
apparent power of 400 Watts in the main lobe. Because one hundred watts put into a yagi 
radiates only one hundred Watts, and because that one hundred Watts of power is concentrated 
in the main lobe, it is equal to the power from a dipole being fed with 400 Watts. This is 
referred to as effective radiated power or ERP, but a yagi is not any more efficient than other 
antennas. Because of the Principal of Reciprocity, an antenna having a 6 dBd gain on 
transmitting will also have a 6 dBd gain on receiving. 


Adding more directors and increasing the boom length will increase the gain of a yagi. 


The front-to-back ratio ranges from 18 dB for a 2-element yagi to over 25 dB for a 
multi-element yagi, provided the parasitic elements are carefully tuned. The gain of a yagi is 
generally proportional to the boom length and not necessarily the number of elements. 
Doubling the boom length, while keeping the proper number of elements for that boom length, 
will add about three more dB of gain. 


Tuning the yagi for maximum gain makes the bandwidth very narrow, and it will have a poor 
front-to-back ratio. For these reasons, we dont recommend tuning a yagi for maximum gain, 
because you will only increase the gain by a fraction of a dB at the expense of front-to-back 
and feed-point impedance. Tuning the yagi for maximum front-to-back will help eliminate 
interference coming from the rear of the antenna. The building of any yagi involves 
compromise spacing and element tuning. 


As you make the yagi larger by adding directors, the main radiation lobe becomes narrower 
increasing the gain and ERP. The gain of a yagi with four elements is about 7 to 8 dBd. You 
used to see 3 or 4 element yagis advertised claiming a gain of more than 10 dB, but they never 
said if that gain was referenced to an isotropic or a dipole. That gain also involves the gain 
derived from signals reflected from the ground adding to the direct wave. A more realistic gain 
figure is the “free space gain.” Some companies, who sell monoband yagis, inflate their gain 
figures. Beware! Increased spacing of the elements will increase the gain of a yagi up to a 
point. Increasing the spacing past that point will reduce the gain. The spacing of a reflector or 
director needs to be in a range of 0.1 to 0.3 wavelengths. With a 3-element yagi maximum gain 
occurs with both parasitic elements spaced at about a quarter wavelength. Second and third 
directors can have wider spacing. 


Most hams do not build yagis but buy them from the many companies who sell them. Ham 
catalogs are full of pre-cut and tuned yagis that come in boxes ready to be assembled in the 
back yard. Many of these are very good. However, there is a lot of satisfaction to be gained 
from building your own. 
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In 1971, we purchased, a 15-meter monobander being sold by a reputable company. Its 
performance was disappointing. It had only a 10-dB front-to-back ratio. That design is no 
longer being sold. After reading some books, we readjusted the antenna elements to some new 
dimensions and it performed much better. This was the beginning of our yagi building. 


During the last nearly 50 years, we built many yagis. During the period of 1979 until 1986, 
many multi-element yagis were constructed, gain measured, formulas derived for spacing and 
element length, and the radiation patterns plotted on graphs. In 1986, a computer program 
titled Yagi by Dean Straw, N6BV, was bought. From that point on, that program was used to 
design and set the element lengths to their proper values. Not much difference in performance 
of the new designs was seen over what was previously used, but tuning parasitic elements and 
running back and forth to the field strength meter was eliminated. There are many better 
computer programs available today for designing yagis and other antennas. 


The largest yagis we built were a 4 element 20-meter yagi on a 38-foot boom, a 5 element 15 
meter one on a 27-foot boom, and a 5 element 10 meter beam on a 24-foot boom. These are 
modest designs compared to some of the big antennas used by contest stations. All these yagis 
were stacked one above the other on a 20-foot mast coming out of the top of the tower. The 20 
meter one was on the bottom, next came the 15-meter, and the 10-meter yagi was on top. This 
method of stacking yagis for different bands one above the other makes what is called a 
“Christmas tree array.” These antennas worked well. Since retiring and moving back home, we 
use pre-tuned directional antennas because of the lack of a good place for an antenna range. 
Climbing is not now an option because of age and infirmity. 


If you make the reflector 5% longer than the driven element and the director 5% shorter than 
the driven element, you will be pretty much in the ballpark. The beautiful part about a yagi is it 
will work reasonably well with the element lengths only in the ballpark. By carefully tuning, 
you will get a fraction of a dB more gain or a few more dB front-to-back, because the spacing 
and diameter of parasitic elements affect the length required for those elements. A yagi can be 
tuned for maximum forward gain, maximum front-to-back ratio, or best impedance, but you 
can achieve only one of these conditions at a time. Element tuning, at best, is a compromise. 


Most hams who are yagi builders do not tune their antennas at all, but use published 
dimensions for building them. Yagi builders who do tune, tune for either gain or front-to-back 
and then match the driven element with a gamma match, hairpin match, a series-resonant coax 
matching section, or a step down balun. The feed-point of a properly tuned yagi is close to 25 
ohms. 


Formulas for calculating yagi element lengths will not be given in this book. Because yagi 
elements are made from telescoping aluminum tubing, the elements will be tapered. The 
diameter of the elements and the taper determine the lengths required for tuning of the 
elements. A tapered element will resonate higher in frequency than one not tapered. The 
formula to calculate the length of the tapered elements is complicated, but there are computer 
programs to do that. 


15.2 Trapped Multi-Band Yagis 


Some yagis have traps in the elements to make them into a multi-band beam. Many of these 
commercially made antennas are available at ham radio stores or directly from the 
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manufacturers. In a 3-element, 3-band design, the spacing on the booms is a compromise. A 
3-band beam is known as a “tribander.” The spacing is close on 20 meters, optimum on 15 
meters, and wide on 10 meters. You cannot tune the trapped elements for maximum 
performance on three bands simultaneously and have a good match on all those bands. Since a 
good match is important to most hams, gain and front-to-back ratio are sacrificed for a good 
match on triband beams 


The inductors in the traps load the elements in triband beams. Therefore, the elements are 
shorter than the elements of a 20-meter monobander. Regardless of the compromised design, a 
triband-trapped beam is much better for working DX than a dipole. Many hams have achieved 
working over 300 entities with tribanders having short booms. 


The radiation pattern from a yagi is at a lower angle than a dipole. This gives the impression a 
yagi has much more gain than it does. A dipole has unity gain, but that gain will be at a higher 
angle. The dipole puts out a weaker signal at the low angles needed to work DX, and a yagi 
puts a strong signal at low angles. In comparing a dipole to a yagi, the yagi may only have a 4 
dBd gain in its major lobe. The gain of the yagi at a low angle may be 10 dB or so better than 
a dipole at that same lower angle. The gain of any antenna is always measured in its major 
lobe, irrespective of where the angle ar which the maximum radiation lobe occurs. 
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Figure 15.3: Trapped 3-Element Yagi 
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Figure 15.3: Trapped 3-Element Yagi shows two sets of traps in two of the elements and one 
set in the rear element. The front element is the director with traps for 10, 15, and 20 meters (it 
takes two sets of traps to make the elements work three bands). Directly behind it is the driven 
element with traps also for 10, 15, and 20 meters. The rear element is trapped for 15 and 20 
meters (a single set of traps makes it work two bands). The entire lengths of the three longest 
elements are resonant on 20 meters. The short element is a reflector for 10 meters. Only the 
part of the antenna between the 10-meter reflector and the front director is used on 10 meters. 
The maximum signal is radiated in a direction coming out of the page toward you. Mosely 
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builds trapped antennas that have two traps in one enclosure and you can not determine the 
bands from the traps as you can on Hy-Gain and Cushcraft beams. 


Some triband beam models as the one above are built with longer booms so they would have 
more gain on 20 meters, a good match on all bands, and optimum 3-band performance. They 
achieve this by interlacing extra monoband reflectors and directors on the boom placed 
between the 20-meter elements as is done with the antenna in Figure 15.3: Trapped 3-Element 
Yagi on page 63. The extra elements have no effect on 20 meters or any band for which they 
are not resonant. Some amateurs mistakenly think the extra elements work on all bands, but 
they dont. The Cushcraft A-4 shown is not a beam with four working elements on any band. 
The old Hy-Gain TH6DXX and Mosley Classic 36 had six elements on the boom. They both 
had three trapped elements and three monoband elements. They had three working elements 
on 20 meters, three on 15 meters, and four elements on 10 meters. The trapped reflector 
worked on 15 and 20-meters. The trapped driven element worked on all three bands. The 
trapped director worked on 10 and 20 meters. On the boom was a resonant reflector for 10 
meters and one each resonant directors for 10 and 15-meters. When using one of them, we 
have often heard amateurs saying they were using a six-element beam. This gave the other 
station the mistaken idea they were working someone with an antenna with six working 
elements. Other beam antennas interlace additional elements of different lengths to make the 
tribander into a 5-bander covering 20, 17, 15, 12, and 10 meters. Hy-Gain makes a 5-band yagi 
for 20 through 10 meters that has 11 trapped and monoband elements. It is the Hy-Gain 
TH-11. Mosely makes a 6-bander that includes two elements for 40 meters. It is the Pro-67. 


In order to achieve better SWR curves over a wide bandwidth, some triband yagis have two 
driven elements spaced 3 to 5 feet apart. The front driven element is shorter than the rear 
driven element. Both driven elements are trapped. This double driven element scheme is 
called a log-cell. A log cell, by itself, has a small gain and may slightly increase the overall 
gain of the tribander. The KLM KT-34 and the HY-Gain TH-7 are examples of this kind of 
antenna. 


Is a monobander better than a tribander? We dont know if our tests can be duplicated and no 
one else has ever said he has actually compared the two antennas. It is “common knowledge” 
that traps have loss. Therefore, the ham fraternity believes a monobander has to be better. 
From the tests we performed here, we believe it is a myth a monobander is significantly better 
than a tribander having an equal boom-length. We believe the traps do not have enough loss to 
make enough difference to matter. However, monobanders having very long booms and many 
directors will outperform any tribander. 


Having two towers, both having the same height and being 100 feet apart, made it possible for 
us to do the experiment described here. The result is useful information because it was made in 
areal world situation that would be comparable to the average hams location. Both antenna 
element lengths were set to Hy- Gain specifications. The constants were terrain, antenna 
height, antenna boom length, frequency, coax length, and power level. The only variable in the 
tests was the two antennas being tested. The test was performed to see how much loss antenna 
traps have. Had there been more than one variable, the tests would not have been valid, 
because in any scientific experiment, the test is valid only when one variable is being tested. In 
addition, more than one test has to be made in order to average out the collected data errors. In 
this case, many tests were made. 
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On one tower was a 20-meter four-element Hy-Gain 204-BA monobander with a boom-length 
of 26 feet. This antenna is arguably not one of the best monobanders made, but it is what we 
had and it was about the same size as our tribander. On the other tower was a trapped 
6-element Hy-Gain TH-6 DXX tribander having a 24-foot boom. The entire tribander 
boom-length was used on 20 meters, so both boom-lengths were comparable. 


The transmitted signal strength of the two antennas was compared on 20-meters. This test 
involved many DX stations and one local amateur 5 miles away. With both antennas pointing 
toward the receiving station, a carrier power of 10 watts was fed from the transmitter, and held 
constant while the antennas were “hot” switched several times. (The power level was 
unimportant as long as it was held constant on both antennas). None of the many DX stations 
involved in this test could see any difference in either antenna, and, yes, their analog meters 
could discern a difference of one dB. These tests by themselves were not conclusive because 
of the possibility of fading signals (QSB). A second series of tests was performed with a local 
ham when 20 meters was dead. Testing with him was done to eliminate QSB from spoiling the 
results. He could also measure no difference on his S-meter. He could also see a one-dB 
difference on his analog S-meter. As a third series of tests, the antennas were switched while 
we looked at the signals on the S-meter from distant stations and the local station. No 
differences in received signals were noted. Maybe the difference was a monobander has only a 
few tenths of a dB less loss, such a small amount of difference no one was able to see it on 
receiver S-meters. Certainly, the difference in the two antennas was less than one dB. 


Conclusion: The Hy Gain TH6DXX and the 204-BA antennas perform equally well on 20 
meters at a height of 56 feet. 


15.3 The SteppIR Antenna 


The latest developments in yagi designs are found in the ones being sold by SteppIR Antennas. 
There are two, three, and four element versions. All these versions are frequency agile and 
cover continuously from 13.5 to 54 MHz. The MonstIR adds three very long elements for 6.9 
to 13.5 MHz. The elements are made of fiberglass tubes with beryllium-copper ribbons inside. 
Each element has stepping motors to wind and unwind the copper ribbons to change their 
lengths inside the tubes. A multi-wire control cable connecting the control box to the stepping 
motors accomplishes this. The proper element lengths for all frequencies in its range have 
been calculated by a computer and stored in the control boxs computer. As you move from 
frequency to frequency, the control box in the shack readjusts each element length. Thus, the 
antenna is configured into a properly tuned monobander for any frequency in its range. These 
antennas are expensive, but the hams who own them say they are worth the money. 


15.4 The Log-Periodic Array 


Another beam antenna that looks like a yagi is the log-periodic antenna. It is configured using 
many elements with each element being shorter than the one behind it. This means the longest 
element is at the rear of the array and the shortest element is at the front. All elements are 
divided in the center and insulated from the boom, and all elements are driven. On both sides 
of the insulator at the center of each element, wires run from the front element of the array to 
the rear element. Each wire criss-crosses the other ones but they do not touch. That makes a 
180-degree phase reversal from one element to the next one behind it. The feed-point is across 
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the insulator at the shortest element. The feed-point impedance is about 200 ohms and a 4:1 
balun is used to feed it. 


The advantage of the log-periodic antenna is, it that it is very broad banded and it can cover all 
frequencies with an SWR below 2:1in its design frequency range. The disadvantage is the gain 
of a log-periodic antenna is lower than a yagi with an equal boom length. There are designs 
being sold today that cover continuously from 14 to 30 MHz. In Fort Gordon, Georgia, there 
used to be a monster log-periodic at the MARS station that covered from 2 to 30 MHz. The 
boom length was 120 feet and the antenna was rotatable. 


15.5 Directional Cubical Quad and Delta Loop Antennas 


We built a number of quads at various times and with them on the test stand and with the 
bottom wire a foot or so above the ground, worked many DX stations. When we built yagis 
and they were on the same test stand nine feet above the ground, we could hardly get a signal 
out of the back yard. Since the vertical beam-width of a quad is narrower than a yagi and the 
radiation angle is lower, the quad will work better at low heights. Because of its lower angle 
radiation, many quad users claim a quad “opens and closes” the band. 


The two-element cubical quad is a square-or diamond-shaped loop antenna that has a second 
loop acting as a parasitic element. The quad configuration has all loops in the vertically 
oriented plane as Figure 15.3: Trapped 3-Element Yagi on page 63 demonstrates. Feeding it in 
one of the horizontal wires results in horizontal polarization, and feeding it in one of the 
vertical wires makes it vertically polarized. Every two-element quad being sold today uses a 
reflector for the parasitic element, although it is possible for it to have a director. The theory of 
operation is the same as that of a yagi. 


Some quad builders believe a diamond-shaped quad has more gain than a square-shaped one. 
Their logic is that since the maximum current points of both wires are spaced farther apart than 
with a square quad, the increased spacing of the current points should produce higher gain. To 
find out if this was true, we built both a diamond-shaped and a square-shaped quad for two 
meters. Using a commercial field-strength meter connected to a receiving antenna, we fed 
equal amounts of power to both antennas and measured the radiated field in each ones major 
lobe. Field strength measurements were made a few wavelengths away and many wavelengths 
away from the quads. No difference in the radiated field of either could be found. 


According to Bill Orr in his book about cubical quads, a two-element cubical quad is equal to 
a pair of 2-element beams; one is stacked over the other a quarter-wavelength. The ends of the 
beams bottom driven element are bent up and the top element has its ends bent down where 
the ends of the top and bottom elements are joined together on the side. When they are joined, 
this forms the square we call a quad. The bottom element is then feeding the top element from 
its ends. The parasitic elements have the same configuration except the wire loop has the ends 
bonded together to form a continuous square. 


There are multi-element quad designs that use one or more parasitic directors in addition to the 
reflector. Adding a director will lower the feed point impedance. The wire of the reflector is 
about 3% longer than the driven element, and each director has about 3% less wire than the 
driven element. Adding directors to a two-element quad makes the horizontal beam width 
narrower, producing more gain. 
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Another quad design “the delta loop” uses triangular-shaped driven elements. One or more 
triangular-shaped parasitic elements make the antenna complete. Theoretically, the delta loop 
antenna will have slightly less gain than the cubical quad, because there is less enclosed area in 
the triangular loop. We believe that there are no instruments available to hams to be able to 
measure the difference. 





Figure 15.4: Single Band Cubical Quad 


Most cubical quad and delta loop antennas that can be rotated are used on 20 meters and 
higher. A few ambitious hams have built rotatable quads for 40 meters. Others have made 
80-meter quads, supported between trees, fixed in one direction. 


In order to make the quad smaller, adding loading coils or linear loading sections in its wires 
has been suggested, but that will defeat the purpose of using a quad. Because the quads gain is 
produced by the enclosed area inside the loop, reducing the enclosed area will result in less 
gain. 


The wires for quads for 20 through 10 meters are strung around the perimeter of an “X shaped 
frame made of fiberglass poles or bamboo. Each element has its own X-shaped frame. A 
smaller X-shaped metal structure, called a “spider,” attaches the poles to the boom. The poles 
are referred to as “spreaders.” The four spreaders attached to the spider form the “X.” The “X” 
can be rotated 45 degrees on the boom to form a diamond-shaped quad instead of a square 
quad. A few have tried with limited success to make the spreaders out of PVC or aluminum. 


A wire is attached near the ends of the spreaders to form a loop around them. The two ends of 
the wire are connected to an insulator to attach the feed-line as is done on a dipole. The quad 
loop has a theoretical feed-point impedance of 100 ohms. To match it, you can use a 
quarter-wave matching section of 70-ohm coax, a gamma-match, or a 2:1 balun. More on this 
is in another paragraph. The delta loop is made much the same way, but it requires only three 
spreaders to form an equilateral triangular loop. It is matched the same way since the 
feed-point impedance is about the same. 


The reflector and director are formed the same way as the driven element except the two ends 
are shorted together to form a continuous loop. In order to get maximum performance from a 
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quad you need to tune the reflector for either maximum gain or best front-to-back ratio. For 
tuning purposes, the wire of the reflector is cut a little shorter than calculated and the ends of 
the loop are connected to an insulator. A shorted stub, consisting of two parallel wires, is 
connected to the loop ends and hangs down from the insulator. Another wire is shorted across 
the two parallel stub wires. The shorting wire is moved up and down the stub to tune the 
reflector. The stub is a means of adjusting the total length of the reflector. See Figure 15.4: 
Single Band Cubical Quad on page 67. A field strength meter is needed to do this and you 
need a large area and two people. The field strength meter needs to be placed several 
wavelengths away from the antenna. Low power is fed into the antenna while it is tuned. One 
person tunes the reflector while the other person reads the field strength meter. Tuning the 
reflector involves tuning the stub for minimum signal off the back. Once the shorting wire has 
found its proper position, it is soldered in place. Quads made by the formulas work 
satisfactorily without tuning. Tuning for maximum front-to-back ratio instead of maximum 


gain will do more for the performance of the quad. 
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Ga : 13.36 dBi = 0 dB (Horizontal polarization) 
F/B: 17.62 dB; Rear: Azim. 120 dg, Elev. 60 dg 

Freq: 14.150 MHz 

Z: 86.586 - j2.470 Ohm 

SWR: 1.7 (50.0 Ohm), 6.9 (600 Ohm) 

Elev: 13.1 dg (Perfect GND :20.00 m height) 





Figure 15.5: Radiation Pattern of a Two Element Cubical Quad at 65 Feet 
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Some believe you cannot stack another antenna above a quad. They assume that because the 
quad has both vertical parts of the loop, a metal vertical mast will couple to the vertical part 
and detune the quad. We believe a vertical mast will have to be resonant at the operating 
frequency to detune a quad. Using MMANA, the quad was modeled with a metal vertical mast 
going through the plane of the quad. The only difference observed was that the resonant 
frequency was changed by a couple of kHz. The gain and front-to-back remained the same. 


The gain of a two-element quad is nearly the same as an average 3-element yagi. The best part 
of the gain of a quad is the vertical beam width, or H-plane of the major lobe logically should 
be narrower due to it being equal to two stacked beams. For this reason, the 2-element quad 
has a lower angle of radiation. A horizontally polarized quad should have a slight advantage 
over a yagi. A lower angle is better for working DX. While operating using both quads and 
yagis, we have noticed that the horizontal beam width or E-plane of a quads pattern is wider 
than a 3-element yagi. We believe the horizontal beam-width of the quad is the same as a 
two-element yagi. This is why the 2-element quad is not as directional as a 3-element yagi. 


Modeling our 2-element quad in free space on 20 meters, we found its gain to be 5.49 dBd. 
The boom-length of the quad is 8 feet. A three-element yagi with a boom-length of 16 feet will 
have 6.4-dBd free- space gain on 20 meters. The free-space gain of a 20-meter optimum 
spaced monoband yagi on a 25-foot boom will only have slightly more gain. 


The compromise spacing for a 2-element multi-band quad for 20 through 10 meters is 8 feet. 
This spacing is 0.115 wavelength on 20 meters, 0.175 wavelengths on 15 meters, and 0.23 
wavelengths on 10 meters. These spacings are within acceptable limits. For a single-band 
20-meter quad, space the elements 12 feet apart. If you want to build a 12 and 17-meter dual 
band quad, the spacing will be 8 feet, the same as it should be for 15 meters. Eight feet is also 
a satisfactory spacing for a 10-meter quad, but it can be as close as four feet. 


With smaller perimeter requirements, loops for the higher bands can be strung inside and 
parallel to the lower band loops to make a multi-band quad. It is easier to make a multi-band 
quad than a multi-band yagi. Quad kits for triband and 5-band quads are available. These kits 
cost less than a multi-band beam. 


In the construction of most quads, an insulator is put in the bottom horizontal part of the wire 
on the driven element so it can be fed like a dipole. A 2-to-1-balun transformer will match the 
feed-point to 50-ohms, then you can tie all the feed-points of a multi-band quad together. The 
Lightning Bolt Antennas 32MCQ/WB quad feeds five loops this way and the SWR is 1.4:1 or 
less on all five bands. The person manufacturing the Lightning Bolt quad went out of business 
on December 12, 2005. 


With other more complicated schemes, each quad loop is fed separately, and each loop uses a 
70-ohm odd multiple of a quarter-wave series matching section placed between the 50-ohm 
coax and the feed-point. Used this way, the quarter-wave matching section will match 50 ohms 
to 100 ohms. A remote antenna switch will have to be mounted close to the feed-point to select 
the desired loop. Other builders use a separate gamma-match on each driven element to get a 
perfect match to a 50-ohm coax but this method would also require a remote antenna switch. 
Without the switch, several pieces of coax, one for each band, would have to be run into the 
shack. 
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If you are going to build a monoband quad, you need to use the following formulas to cut the 
wire loops to these approximate lengths: 


¢ For the driven element, you divide 1005 by the frequency in MHz. 
¢ For the reflector, you divide 1030 by the frequency in MHz. 
¢ For the director, you divide 968 by the frequency in MHz. 


¢ Make any additional directors the same length as the first one 


These formulas were derived experimentally from tests run here. The exact measurements will 
be determined by the element spacing, but the lengths cut by these formulas will be very close 
for any reasonable spacing. 


After giving you the advantages of a quad, here are the disadvantages: The two-element quad 
for 20 meters is large vertically and horizontally. When the 20-meter quad is on the ground, the 
boom is 8 feet high and most people arent tall enough to maneuver it by holding the boom. 
Some quads, which are made from lightweight materials, are flimsy, and they will suffer 
during wind and ice storms. The best-constructed quads have their spreaders made of heavy 
fiberglass. Those quads, although they are heavier, stand up well under adverse weather 
conditions. The Lightning Bolt quad used here has stood up very well during three ice storms 
in the past two winters. 


Here is some information we discovered after originally writing this book. The MMANA 
antenna-modeling program does not perform very well when modeling a quad. On 20 meters, 
the modeling program says the front-to-back ratio of our quad is at a maximum at 14525 kHz, 
but actually, it occurs at 14050 kHz. The measurements of actual front-to-back were made 
using a field strength meter. We reduced the power levels off the front to give the same field 
strength reading we got off the back. The front-to-back ratio in dB was calculated from the two 
power levels. What was interesting was the maximum front-to-back ratio occurs at a single 
discrete frequency and the front-to back deteriorates somewhat on either side of that 
frequency. While looking at the radiated field off the front, the field strength does not vary one 
dB across the whole band. Maximum gain and maximum front-to-back was very close to the 
same frequency. Not having tested them in this way, we believe yagi beams perform the same 
way regarding front-to-back ratio and gain. In working stations, the gain is the important 
parameter. Front to-back ratio is important in reducing interfering signals from behind the 
antenna. We decided to tune our quad for maximum front-to-back rather than for maximum 
gain. The next step is to lower the quad and carefully tune the reflector for each band. After 
running tests to determine the frequency where maximum front-to-back occurs, we found the 
maximum measured front-to-back ratio was 22 to 23 dB. 


Good news! After writing the above paragraph, we lowered the multi-band quad and reduced 
the reflector element lengths on the two-element Lightning-Bolt Quad. The original reflector 
lengths were too long according to the field strength readings we made. The formulas that 
were originally used to cut the reflector lengths were anywhere from 1029 to 1036 divided by 
the frequency in MHz. We derived from field-strength measurements that the maximum 
front-to-back ratio occurred when the reflector length was cut by dividing 1022 by the 
frequency in MHz. While searching the Internet, we discovered EI7BA in Ireland used 1019 
divided by the frequency on his multi-band quad. We decided to use his formula and we could 
lengthen the reflector by adjusting the stubs if necessary. After cutting the reflectors to the new 
dimensions, we made new field strength readings. The front-to-back ratio occurred near the 
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frequency of our calculations. In addition, the frequency of maximum field strength from the 

front also occurred inside each band. As an example, today we were listening to GD4PTV on 
the Isle of Man on 17 meters. On the front of the quad, he was S7. With the quad 180 degrees 
from him, he was inaudible. We also found that other stations were down by at least six S-units 
off the back. Originally, stations off the back of the quad were down only two S-units. 


Several months later it was discovered that a multi-band quad tunes differently from a 
single-band quad because the interlaced elements react to detune each other. That may be the 
reason we found the reflectors of a multi-band quad needed to be different lengths than the 
1030/frequency formula. 


Here are some words of wisdom about using a field-strength meter in trying to tune a quad: 


Tuning the quad reflector stubs can give you misleading data. If you look only for the 
minimum signal from the back of the quad, that may not be the point of best front-to-back 
because you may have detuned the quad so that the signal from the front may have also 
deteriorated. 


Using a field strength meter, keep the receiving antenna as short as possible to prevent the 
receiving antenna from being nearly resonant. Certain receiving antenna lengths seem to be 
frequency sensitive, that is, as you change frequency toward the receiving antennas resonant 
point, the field strength meter will give a false higher reading. The only problem with using a 
very short receiving antenna is the meter may not have enough sensitivity to make 
measurements from the back of the antenna. 


It will be impossible to achieve a high front-to-back ratio on certain bands on a 
multiband-quad because the reflector wires for adjacent bands affect the tuning by interacting 
with each other. When the Lightning Bolt Quad was designed, we are not certain which 
parameter was used in its design (gain, SWR, or front-to-back). From the field strength 
readings made with that design, it was impossible to draw any conclusions. If you are going to 
build a quad, what we said about designing a yagi is also is true for the quad: you can tune for 
best gain, best front-to-back, or best impedance match. You cannot tune for more than one of 
these parameters at a time. To tune a quad for maximum gain is relatively easy using a short 
antenna on the field-strength meter. 


While we were trying to measure the frequency of the highest forward gain on 17 meters, we 
found the maximum field strength occurred at the high end of the band on one receiving 
antenna. Subsequently, it was strongest on the low end of the band on another receiving 
antenna having a different length. No changes had been made to the dimensions of the quad in 
either case. Trying to move the frequency of the maximum field to the middle of the band, we 
adjusted the length of the reflector stubs and it made no difference to the frequency where the 
maximum field occurred. What caused the error was we were trying to measure the field 
strength 100 feet in front of the quad. The long receiving antenna connected to the field 
strength meter was acting like a parasitic element and was not accurately measuring the signal 
being radiated from the quad. 


Understanding Antennas for the Non-Technical Ham 71 


15.6 The Quagi 


15.6 The Quagi 


A variation of the quad and the yagi is a marriage of the quad and the yagi called the quagi. 
The quagi has a quad driven element, quad reflector, and yagi directors. Hams who have built 
the quagi report the yagi directors work better than quad directors, but we have never 
compared the two types of directors. 


At one time we converted a 2-meter yagi to a quagi and compared the field strength readings 
from both configurations. By changing the driven element and reflector to quad loops, we 
measured a signal increase of 1.8 dB. We also experimented to see what effect the quad 
reflector had on the signal. While using the quad driven element we changed the reflector back 
to a yagi reflector. What was surprising to us was the configuration of the reflector had no 
affect on the radiated signal. Only by changing the driven element from a yagi element to a 
quad element made any change in the field strength. All these field strength readings were 
made using a commercially manufactured field strength meter. To insure our readings were 
valid, the power being fed to the antenna was measured and kept constant. 
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16. 
Gain Versus 
Front-to-Back 


As we have said before the front-to-back ratio of a multi-band cubical quad can be maximized 
by careful tuning to achieve about 18 to 20 decibels front-to-back ratio. A properly designed 
yagi can achieve a front-to back ratio of better than thirty decibels. A two-element quad has 
about the same gain as a three-element yagi. You can tune a yagi or quad to either maximum 
front-to-back or maximum gain. You can also tune them to compromise settings somewhere in 
between. The question arises as to which maximum should either antenna be tuned? It is our 
opinion that either antenna should be tuned for maximum front-to-back ratio. In that case the 
maximum gain will be deteriorated by only a fraction of a decibel Let us explain why we 
reached that conclusion with an example. 


Today we were on 17 meters to work VP8TD on Pitcairn Island in the South Pacific Ocean. He 
is a visitor to the island and will be there for about two more months as of this writing. A 
resident of the island, VP6TC, Tom Christian hasnt been heard from in months. I suspect he is 
getting elderly and doesnt get on much anymore. Anyway VP6TD had an enormous pileup 
going. We were using a three-element SteppIR yagi up sixty-five feet on our tower. Also, the 
amplifier puts out about 1490 watts on 17 meters. We make up for a lack of antenna forward 
gain with the amplifier. We worked him with one call through the pileup. The SteppIR 
replaced the two-element Lightning Bolt Quad about 10 months ago. When VP6TD answered 
us I could hear him over the pileup. From the rear of the antenna were several very loud Italian 
hams calling him, one of which continued to call even when VP6TD answered someone. The 
Italians were 180 degrees from the front of our antenna, or directly off the back of where we 
were beaming. Because of the superior front-to-back of the yagi, I could hear the Pitcairn 
Island station over the Italians. Had we been using the quad, the Italians would have been at 
least 10 dB louder and we could have found it impossible to make the contact. 


Today, we were in contact with N4XPZ, Joe, on 75 meters while several more hams were 
talking about the VP6TD on 17 meters last evening. Joe said he tried to work the VP6TD 
station using a single wire antenna. He complained he could not copy the VP6 because of the 
Italians who continued to call even when the VP6 answered someone. That illustrated the 
point we are making in this section. The old adage is true: “You can’t work ‘em if you can’t 
hear ‘em!” 
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17. 
Feed-Lines Commonly 
Called Transmission Lines 


Always use the best feed-line you can afford. Resist the urge to be penny wise and 
pound-foolish. This is particularly true of coax. Better (less lossy) coax will cost more. This 
cable is carrying your precious RF signal to and from your antenna. 


The most common feed lines used by amateurs are 50-ohm coaxial cables. There are many 
types of 50-ohm coax such as RG-174, RG-58, RG8-X, RG-8, RG-213, RG-8 foam, and 9913. 
In this book we will only discuss these types. A suffix letter such as an “A” or “U” may be 
attached to the “RG” numbers such as RG-8U or RG-58A. All these cables have a center 
conductor surrounded by a plastic insulating material, called the dielectric, and a copper 
braided shield covering it. There is a plastic covering on the outside of the shield to protect the 
conductors from water. The center conductor and the shield carry RF currents. 


These are the common 50-ohm cables: 


¢ RG-174 has a very small diameter, 0.101 inches. This cable is used to carry small 
amounts of RF between circuits in equipment. RG-174 has the highest loss and the least 
power handling capability of any coax. It is useless as an antenna feed-line because of its 
loss and low power handling ability. 


¢ RG-58 is larger coax having a diameter of 0.195 inches. It can handle low power and can 
be used on the lower bands to feed antennas a one hundred feet or so away. It is not 
recommended to use RG-58 on 10 meters because it has a loss of 3dB per hundred feet on 
that band and half your power will be lost in the coax. 


¢ The next larger cable is RG-8X, sometimes referred to as mini-8. Its diameter is 0.242 
inches. The dielectric surrounding the center conductor is foam rather than the solid 
dielectric used in the most coax. Making cables with foam insulation can reduce the loss. 
Some hams are successfully feeding a kilowatt of power into RG8-X on the lower bands. 
You will lose 2 dB of power by using one hundred feet of RG-8X on 10 meters. On 
80-meters the loss of this cable is negligible. 


You will want to use RG-8 or RG-213 if you are planning to use a kilowatt or more of power 
from 160 to 10 meters or for short runs on VHF and UHF. RG-213 is RG-8 made to military 
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17. Feed-Lines Commonly Called Transmission Lines 


standards. Both have diameters of 0.405 inches. This cable has lower loss and can handle 
higher power because it has larger conductors and a larger diameter dielectric. RG-8 can 
handle 4000 watts peak envelope power on the broadcast band. RG-8 has only about 1dB loss 
on 10 meters per 100 feet. The loss becomes greater and the power handling rating of any coax 
decreases as the frequency of RF is increased. 


There is a lower-loss version of RG-8. It is called RG-8 foam. Beldens number for this product 
is 8214. Because of the dielectric being foam, a larger center conductor has to be used to keep 
the impedance 50 ohms. The loss resistance of the larger conductor is less than the smaller 
conductor used in regular RG-8. In addition, the foam having many air pockets has less 
dielectric losses. Other manufacturers also make RG-8 foam. One hundred feet of RG-8 foam 
has a loss of 0.9 dB on 10 meters. Many amateurs will not use RG-8 foam because they 
mistakenly believe the foam will soak up water. Cut off a piece of this foam material and put it 
into a container of water. It will continue to float ad infinitum, because it doesnt soak up water. 
Most of the water seen in coax gets between the dielectric and the plastic outer covering and 
within the braid shield. Water has also gotten into the strands of the center conductor. Water 
will get into any coax if the ends are not properly sealed. 


Solid conductors have less loss at radio frequencies compared to stranded conductors. Braid 
has more loss than a solid conductor used for the coax shield. A much lower loss coax, 
especially for higher frequencies, is available. The Belden 9913 is this product. This coax has 
a solid center conductor and the shield consists of a coating of aluminum foil covered with 
braid. The aluminum foil is a solid conductor. The braid over the foil is used to make a good 
solder connection because you cant solder aluminum. The mostly air dielectric material used 
in this product requires the center conductor to be larger to make the impedance 50 ohms. Air 
dielectric also has less dielectric loss than solid. There are a few manufacturers making 9913 
look-alike products. One hundred feet of 9913 will have a loss of about 0.66 dB on 10 meters. 
There is a coax that looks like 9913 but has a stranded center conductor to make it flexible. It 
has a little more loss. If you are going to use 9913 on an antenna that rotates, flexing the cable 
as the antenna turns will cause the center conductor to break. Run the 9913 to the top of the 
mast, and using a barrel connector, connect the 9913 to a short run of RG-8. Run the RG-8 
across the rotor to the antenna. 


Coax cables of other impedances are available such as 70-ohm cable. RG-59 and RG-11 are 
common 70 ohm cable. Hams, except to make quarter wave matching sections, do not use 
these cables much anymore. There are many other types of cable other than the ones described 
here. 


Open wire feeders, ladder-line, or window-line have much lower loss than coax. The three 
types are essentially the same except for the method of insulating the two wires from each 
other. When making open wire feed-line, you should use solid conductors, as large a conductor 
as possible, and as little dielectric as possible. These factors make open wire have less loss. 
There is so-called ladder-line for sale, which is really window line, which is made with 16 
gauge solid conductors. The solid conductors make for low loss. There is another grade of the 
same feed-line that has 14 gauge-stranded conductors. 
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18. 
Antenna Safety 


Erecting Antennas on Masts 


Erecting antennas pose some danger especially if they encounter power lines. Never erect an 
antenna near a power line. Make sure to leave enough clearance so if the antenna supporting 
structures fall they will clear the power lines. There are many cases of metal masts being 
raised accidentally encountering power lines, electrocuting the person or persons raising the 
masts. To raise a mast can expose you to a large force called leverage, which appears to 
increase the weight of the mast. Exerting oneself to raise a heavy mast can result in painful 
muscle and back injuries. Never try to raise a mast without sufficient help. 


Tower Safety 


A tower is a wonderful device for supporting wire and beam antennas, but a person who has 
never put up one should seek advice of people who have experience in erecting towers. The 
obvious danger is falling off the tower. It should never be climbed without a climbing belt. 
Most people falling off a tower do so because of some kind of equipment failure or the tower 
collapses because of overload. 


In erecting a tower, a gin pole strong enough to support the weight of the tower section being 
raised should be used. Do not use improvised gin poles, as the strength of them may not 
support the weight of the tower section and the force from the other end of the rope being 
pulled by the ground crew. To hold a 50-pound tower section stationary requires a hundred 
pounds of force, which is the weight of the tower section and 50 pounds of force of the ground 
crew. The ground crew must exert more than 50 pounds of force to cause the section to be 
raised. There would be no greater tragedy than the gin pole breaking dropping the tower 
section on the ground crew. Then there is the possibility of the person on the tower being 
knocked loose by the falling, broken gin pole. 


Another problem can arise if under-sized guy cables and clamps are used to support the tower. 
We have seen tower failure when guy cables broke in a windstorm, or an insufficient number 
of clamps holding the guy cable allowed the cable to pull through the clamps. Professional 
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18.2 Tower Safety 


tower people do not use cable clamps. They use “preformed tie-wraps” that grip the guy cables 
tighter as the force in the guy cables increases. Preformed tie-wraps are available from Texas 
Towers. Never tie the ground end of a guy cable to a tree. A tree swaying in a heavy 
windstorm can put enough force on the cable to cause it to break or to pull the tower over. 
Screw-in anchors available from mobile home suppliers make adequate anchors. Do not 
anchor a guy cable where a tree can fall across the guy cable. This could break the guy cable 
and cause the tower to fall. Never place a tower near a house, where if it falls, it could hit the 
house. Remember Safety First! 


These lengths are for coax having a solid dielectric with a velocity factor of 0.66 and foam 
dielectric with a velocity factor of 0.78. , You can use odd multiples like 3, 5, 7, etc. of the 
lengths below if those lengths are too short for your installation 


Table 18.1: Quarter Wave Matching Sections of 70-ohm Coax 


Foam dielectric cable 


160 meters 85ft 6in 106ft 4in 





80 Meters 43 ft 4in 51ft 9 in 





40 Meters 22ft 6in 27ft 6 in 





30 Meters 16ft Oin 19ft 6 in 





20 Meters 11ft 5in 13ft 10 in 





17 Meters 8ft 11 in 10ft 9 in 





15 Meters 7Tft 7 in 8ft 4 in 





12 Meters 6ft 6in 8 ft Oin 








10 Meters 5ft 8 3/8 in 6ft 11 in 











Questions? Email Jim Abercrombie n4ja@prtcnet.com. 
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By Frank Gue, VE3DPC, ex-VE6BH 


From QST, June 1968 





An 80-Meter Inverted V 
for Field Day 


It’s that time of year again when por- 
table operation is a delight. Here is a full- 
sized low-frequency antenna that you can 
put up in the field or at home without any 
help. 

A Field Day antenna for 80 meters 
should be light, portable, inexpensive, ca- 
pable of easy erection without any special 
equipment, and it should not contain any 
fragile parts. 

Of course, the antenna must perform 
adequately. 

The popular inverted V suggests itself 
as an answer to these requirements. It can 
be constructed so that it guys itself, mini- 
mizing the inevitable exasperating tangle 
of rope and wire, and it requires only one 
mast. Like all dipoles the inverted V can be 
fed at the center with low impedance line, 
and elements for several bands can be con- 
nected in parallel at the feed point of the 
antenna. 

The inverted V shown in the photo- 
graphs and sketches is simple, easily man- 
aged (20 minutes to erect, 10 minutes to 
dismantle), and costs under $15 for all com- 
ponents. Not only is ita convenient antenna 
for portable operation, but it can serve as a 
fine permanent antenna for the home sta- 
tion as well. In fact, that’s what has hap- 
pened to the inverted V pictured; it’s been 
in use in the back yard of VE3DPC ever 
since Field Day, 1967. 


Assembly 


As shown in Figure |, the antenna support 
consists of three 10-foot sections of 1'/s-inch 
TV mast. One end of each of the two lower 
sections is swaged, permitting all three sec- 
tions to be force-fitted together. Hooks of 
music wire were installed in the top section, 
so that the element wire and feed line could 
be easily coiled for storage. 

The center insulator (Figure 2) is made 
of maple; however, if this wood cannot be 
found, birch or fir can be used instead. 

Figure 2 shows how the center insulator 
was drilled and Figure 3 shows how the feed 
line and antenna element were attached. 
Dimensions are obviously not critical, and 








The inverted V as it looked this past winter 
in the author's backyard. 
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Upper portion of the 80-meter inverted V 
as it appeared at the Field Day site. 





the sketches are intended to show ina gen- 
eral way how the insulator was made, not 
to give precise detail. Just be careful where 
you drive the screws! 

Softwood (pine) was picked for the end 
insulators (Figure 4) because it is adequate 
for the application and easier to work with 
than maple. Fragile ceramics should not be 
used in place of the wood insulators. 

The 80-meter element (Figures 3 and 5) is 
made from small-gauge, Teflon-insulated, 
stranded Copperweld that was bought at a 
surplus outfit. This wire is worth looking for; 
it’s tough, durable, light, and easy to handle. 
If operation on both 80 and 40 is desired, the 
builder can connect a 40 meter element to 
points A and B in Figure 3.! 

The feed line can be 50-ohm coax, 72- 
ohm coax or 72-ohm Twin-Lead. I chose 
the latter because it is low cost, light- 
weight, very flexible, easy to store, and 
because it lends itself to such outrageous 
techniques as being tied in knots; however, 
since most transmitters have coax output, 
either a balun or an antenna coupler must 
be used between the feed line and the trans- 
mitter to maintain balance. If elements for 
more than one band are to be used, the an- 
tenna coupler is preferred because it will 
reject harmonics of the transmitting fre- 
quency that might fall in the range of one 
or more of the paralleled antennas. 


Raising and Lowering 


Transporting the antenna to and from 
the Field Day site is easy. Tape the three 
mast sections together, wrap them with 
cloth to protect the car’s finish, and tie the 
works between one of the door handles and 
the rear bumper. If the antenna extends past 
the back of the car, don’t forget to tie a red 
flag on the end of the bundle to alert other 
drivers. 

Upon arrival at the Field Day site, un- 
pack the antenna and join the TV masts to- 
gether. The three-section support is light 
enough to be “walked up” by one man, if 
the wind is under 10 miles per hour; how- 
ever, prior to the antenna raising, you must 
put stakes into the ground, determine the 
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5/32 Music Wire Hooks 
for Stowing Wire 


ieuldtey 10' of 1-1/4” O.D. Mast 


7/64" Drill for 72.9 Twin—lead. 
Countersink both ends. — 





20° (two 10’ Lengths of 
1-1/4"0.D. Mast (swaged) 





Two no. 8x1” brass round head 


wood screws driven part woy — 
for feed and antenna element 
electrical connections. 


Approx. 
18 


Drill and countersink 
two holes, diameter 

to suit wire used for 
antenna. 


™ 2" or eae | 
4” or more* 


» More if 40—meter elements 
are to be accommodated also, 


Not to Scale. 


Knot in 722 


Solder to Point "B” 
Twin—lead 


Antenna 
Element 


To Antenna Element 
Anchor Point 


Center 
Insulator 


Shaved to o toper for 
heavy drive fit into top of 
TV mast 


Take care when drilling 
and driving screws that all 
components miss each 
other. 


Center Insulator 


MATERIAL: Dry Hardwood dowel, 
1-1/4" Dia. 


FINISH: Boil in paraffin or apply 
thinned exterior paint before 
and after assembly 





To Feed Line 
Anchor Point 


a, 


To Antenna 
Element 
Anchor Point 





Top View of 
Center Insulator in Installed 
Antenna System 


Drill to suit antenna 
wire and countersink 
both ends. 


Antenna 
Element 





Drill to sult small diameter rope 
(polypropyene or similar) and 
countersink both ends 
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Antenna End Insulators 


MATERIAL: 1x1 Pine 


FINISH: Boil in paraffin 
or apply thinned out 
door paint 





Figure 1—The makings of the inverted-V 
center support. 


Figure 2—An X-ray view of the center 
insulator. 


Figure 3—Details of how the feed line and 
element wires should be attached to the 
center insulator, and a top view of the 
installed insulator. 


Figure 4—A sketch of one of the wooden 
end insulators. Two insulators are required 
for each dipole used. 








Ground Level Layout 
for Antenna Legs of 
Wire—66' 
Rope—25' 
Total—s1" 


Antenna 
Elements 


Tie Rope to Stake, 
Tree or Bush 


Take Feed 


Fleid Layout and Walking—Up Operation 





Figure 5—By using the dimensions and layout shown in the upper right corner of the 
sketch—so that ground stakes could be installed and proper length guys attached 
between them and the mast—the author was able to raise his 80-meter inverted V 
without any help. For other element lengths than shown, one man can easily put up the 
antenna by using simple geometry to determine the amount of rope required and the 


locations of the stakes. 


exact length the guys will be when the an- 
tenna is in its operating position, and attach 
the guys to the stakes (Figure 5). 

If help is available, it won't be necessary 
to install stakes or measure guys prior to 
putting up the antenna. Have the helpers pay 
out each half of the antenna element and 
keep slack out of the wire as the mast goes 
up. Station the men about 45 degrees off the 
line of the mast as it lies on the ground, and 
then, once the mast is up, have the helpers 
walk around to the final positions shown in 
Figure 5. The last few degrees of “walking 
up” is where your control is poorest. 

With the rear guy (feed line) in your 
hand, move quickly and smoothly past top 
dead center and promptly and firmly apply 
back tension on the antenna element. Once 
the feed line is snubbed, you can easily 
correct the mast for lean by lifting the base 
and putting it where it suits you. If you are 
fortunate enough to have three helpers, 
there is no problem at all. Give the third 


man the feed line, station him as far away as 
possible from the mast and antenna ele- 
ment, and have him take up the slack as the 
mast goes up. 

Base support can be little or nothing. The 
mast, which is now permanently erected in 
my back yard, rests directly on the grass. It 
was moved a couple of inches during each 
mowing operation, and no apparent harm 
came to the lawn. 

Lowering the antenna is brutal but quick. 
Release the back guy (feed line) and let the 
whole system fall. If the ground is reason- 
ably flat, this will be OK. But if the ground 
is very rough, the pipe may take a set as it 
strikes the ground. Under such conditions, 
it would be better to use helpers to reverse 
the erecting procedure. 

The antenna has been left up for a period 
of several months, during which there have 
been many autumn storms and a severe ice 
storm. It has shown no signs of distress, and 
it has performed normally when wet or 





A sideview of one of the wooden 
end insulators. 


loaded with ice. The small size of the in- 
verted V’s parts has led to little wind and 
ice loading and is probably the main reason 
for the antenna’s durability. 


‘Although dimensions for an 80-meter inverted 
V are given in Figure 5, these aren't neces- 
sarily the debe dimensions for every in- 
stallation: there are too many variables in- 
volved. If the antenna is not to be used with a 
transmatch and open-wire line, it is best to 
experimentally determine the length of the in- 
verted V. This can be done by starting with an 
overall length equal to about 525 divided by 
the frequency in megahertz. The ends of the 
inverted V should then be trimmed until the 
SWR is minimum at the operating frequency. 
A simpler method is described in footnote 2. 

An easier arrangement, sepa) for multi- 
band operation, can be achieved by using a 
transmatch and either 300-ohm Twin-Lead or 
450-ohm Ladder-Line. Only one dipole— 
about 100 feet long (length not critical)—is all 
that is necessary to cover all the amateur 
bands between 3.5 and 30 MHz. 
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By John C. Allred, W5LST From QST, October 1961 


-7-UP Antenna for 
75 and 40 


Full-size dipoles for the 75- and 40- 
meter bands occupy more space than is 
conveniently available on the 75 by 113- 
foot lot at WSLST. The increasing popu- 
larity of the “drooping,” or inverted-vee, 
dipole antenna among amateurs led us to 
investigate it for our somewhat crowded 
conditions. Based on the electrical design 
of Glanzer,! this system has performed 
meritoriously at WSLST. Requiring only 
one support, it was surprisingly easy to 
erect, gives a satisfactory s.w.r. over the 
phone bands and, importantly, the cost was 
less than thirty dollars complete. A plan- 
view sketch is shown in Figure 1. 


The Mast 
The mast is a telescoping Channel- 


1 Glanzer, “The Inverted V-Shaped Dipole,” 
QST, August, 1960. 











Figure 1—W5LST’s layout for effective 40- 
and 80-meter antennas on a small lot. The 
two “drooping” dipoles are fed in parallel 
with a single coax line. Nylon-line 
extensions are used to reach convenient 
anchorages. 
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master, capable of 50-foot height, but ex- 
tended only to 35 feet. Extending the upper 
sections to less than their full lengths gives 
rigidity to the mast, and has apparently 
eliminated the need for guys on each sec- 
tion, as recommended by the manufacturer. 
To date this mast has withstood gusts of 50 
miles per hour without a shudder; itis yet to 
be tested in a real gale, however. 

As shown in Figure 2, a 9-foot length of 
3-inch pipe is cast in concrete with 6 feet of 
its length extending above ground. Three 
pairs of clamps, such as those used on 
chain-link fence, secure the mast to the 
upright standard. During erection, these 
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Figure 2—The mounting for the antenna 
mast. The 9-foot pipe is guyed temporarily 
while the concrete is poured. 





clamps are loosened and all three lie at the 
base of the standard, so that the mast need 
only be lifted about 6 inches to be put in 
place. When the mast is in place, the clamps 
are raised and tightened. 


Rigging 

Except for the antenna conductors, all 
rigging is of nylon line of 500-pound test. 
A halyard is reeved through a pulley of suit- 
able size which is wired securely to the top 
of the mast. The two ends of the halyard are 
made fast to a harness snap which, in turn, 
supports the center of the antennas. Provi- 
sion of this halyard has proved to be a great 
convenience in permitting inspection of the 
antenna connections and the adjustment of 
tension in the wires without the necessity 
for lowering the mast. 

Nylon line has a tendency to ravel at its 
ends but this problem is easily solved. Most 
fastenings were made with two halfhitches, 
followed by sewing the end of the line to 
itself with thread, as shown in Figure 3A, 
and doping with one of the quick-drying 
model-airplane cements. 

Some weeks after the initial installa- 
tion, it became apparent that some addi- 
tional stabilization of the mast against 
occasional strong northerly winds would 
be desirable. Accordingly a nylon line was 
run from the harness snap at the top of the 
mast to a convenient anchor in the back 
yard, which happened to be the top of the 
children’s swing set. Experience seems to 
show that the antenna wires, together with 
the additional nylon line, stabilize the mast 
against aerodynamically-excited vibra- 
tion, without any appreciable strain on the 
antennas. 


The Antennas 

As shown in Figure 3, the two antennas 
are connected in parallel at the top of the 
mast. The lower ends are connected to con- 
venient tie points so that the two legs of a 
given antenna are more or less in a straight 
line. To our great surprise, very little effect 
is produced by moving the ends of the an- 
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Figure 3—The halyard and feeder arrangement. The coaxial cable is sealed securely 
with polyethylene tape after the connections are made. The harness snap of A at the end 
of the hoisting halyard engages the bridle between the two insulators in B. 





7A 7.2 
Frequency (MHz) 


3.8 3.9 
Frequency (MHz) 





Figure 4—SWR curves as indicated by a 
“Monimatch”-type SWR indicator. 


tennas either horizontally or vertically. 
There is apparently negligible electrical 
interaction between them as indicated by 
the s.w.r. bridge. 

Pruning of the antennas is, as always, 
desirable. In our case, the optimum lengths 
of each leg turned out to be 33 feet 9 inches 
for 40 meters and 59 feet 6 inches for 75 
meters. Figure 4 shows the performance of 
the antennas on 40 and 75 as measured by 
a Heath s.w.r. bridge. Although the anten- 
nas tune sharply, they are usable over the 
entire phone band in each case, and it would 
be difficult to imagine a better performer 
on the lower-frequency bands than this 
simple antenna system. 
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From QST, May 1972 (Hints & Kinks) 


A Zip-Cord Special 


Antenna 


Recently I found myself in need of an 
80-meter antenna to help me keep in touch 
with some of my friends back home while 
operating portable in Arizona. The antenna 
and feed line were not readily available, 
but I remembered that one of my friends 
had recommended zipcord as a substitute 
feed line for a dipole, provided low power 
was used. Going one step further, I felt the 
entire antenna could be made of this low- 
priced material. I purchased 80 feet of zip 
cord at a local hardware store (at 4 cents a 
foot) and peeled it apart for 60 feet. This 
gave me the required 120 feet for a dipole, 
plus a 20-foot feed line which was taped to 
prevent further splitting. The feeder was 
fastened to a 2x4 which was used as a cen- 
ter support. The ends were extended as far 
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as possible, then tied with heavy cord to a 
fence that was in the trailer park where I 
was staying. This made a slight inverted-V 
antenna. 

To reach the desired frequency of 3935 
kHz it was necessary to shorten the antenna 
somewhat. I did this by folding three feet 
on each end of the dipole back upon itself. 
This enabled me to keep skeds with many 
“7s” at home. 

Having met with success on 80-meters I 
immediately began to eye the 40-meter 
band for possible use. I then measured out 
32 feet from the center and cut the wire 
there, then tied a knot in the two pieces, 
leaving a couple of inches of bare wire 
dangling. Now for forty meters, I merely 
disconnect the wires and reconnect them 








for 80 meters. 

As the ARRL Antenna Book states, a 
40-meter dipole will often present a good 
match at 15-meters, and this one is no ex- 
ception; I have worked many stations 
across the country on 15 meters with low 
power while using this simple antenna. 

The Handbook or Antenna Book has not 
recommended this type of feed line in many 
years, though using a twisted pair at one 
time was usual practice in feeding a dou- 
blet. But, when the need is there for a quick 
and easy antenna, I don’t think you can find 
an easier one as long as you remember to 
use low-power transmitters (100 watts or 
less) and trim the wire for a low value of 
SWR. — Frank S. Wise, W7QYC 











By Jerry Hall, K1TD 





From QST, March 1979 





Zip-Cord Antennas- 
Do They Work? 


Zip cord is readily available at hardware 
and department stores, and it’s not expen- 
sive, The nickname, zip cord, refers to that 
parallel-wire electrical cord with brown or 
white insulation used for lamps and many 
smal] appliances. The current price is about 
6 cents a foot in hundred-foot rolls in most 
parts of the U.S. The conductors are usu- 
ally no. 18 stranded copper wire, although 
larger sizes may also be found. Zip cord is 
light in weight and easy to work with. 

For these reasons, zip cord is frequently 
used as both the transmission line and the 
radiator section for an emergency dipole 
antenna system. The radiator section is 
obtained simply by “unzipping” or pulling 
the two conductors apart for the length 
needed to establish resonance for the oper- 
ating frequency band. The initial dipole 
length can be determined from the equation 
& = 468/f, where # is the length in feet and 
f is the frequency in megahertz. (It would 
be necessary to unzip only half the length 
found from the formula, since each of the 
two wires becomes half of the dipole.) The 
insulation left on the wire will have some 
loading effect, so a bit of length trimming 
may be needed for exact resonance at the 
desired frequency. 

For installation, many amateurs like to 
use the electrician’s knot shown in Figure 
| at the dipole feed point to keep the trans- 
mission-line part of the system from unzip- 
ping itself under the tension of dipole 
suspension. This way, if zip cord of suffi- 
cient length for both the radiator and the 
feed line is obtained, a solder-free installa- 
tion can be made right down to the input 
end of the line. Granny knots (or any other 
variety) can be used at the ends with cotton 
cord to suspend the system. You end up 
with a lightweight low-cost antenna sys- 
tem that can serve for portable or emer- 
gency use. 

But just how efficient is a zip-cord an- 
tenna system? Since it is easy to locate the 
materials and simple to install, how about 
using such for a more permanent installa- 
tion? Upon casual examination, zip cord 
looks about like high-quality 72-ohm bal- 


Basic Amateur Radio: Parallel power cord is readily 
available and is easy to work with. How efficient is it 
when used at radio frequencies? Well, that depends. 


anced feed line. Does it work as well? Ask 
several amateurs these questions and 
you're likely to get answers ranging all the 
way from, “Yes, it’s a very good antenna 
system!” to “Don’t waste your time and 
money — it’s not worth it!” Myths and hear- 
say seem to prevail, with little factual data. 
The intent of this article is to rectify that 
situation. 


Zip Cord as a Transmission Line 


In order to determine the electrical char- 
acteristics of zip cord as a radiofrequency 
transmission line, we purchased a 100-foot 
roll and subjected it to tests in the ARRL 
laboratory with an rf impedance bridge. Zip 
cord is properly called parallel power cord. 
The variety purchased was manufactured 
for GC Electronics, Rockford, IL, being 18- 


Figure 1—This electrician’s knot, often used 
inside lamp bases and appliances in lieu of 
a plastic grip, can also serve to prevent the 
transmission-line 
section of a zip-cord 
antenna from un- 
zipping itself under the 
tension of dipole 
suspension. To tie the 
knot, first use the right- 
hand conductor to form 
a loop, passing the 
wire behind the 
unseparated zip cord 
and off to the left. Then 
pass the left-hand wire 
of the pair behind the 
wire extending off to 
the left, in front of the 
unseparated pair, and 
thread it through the 
loop already formed. 
Adjust the knot for 
symmetry while pulling 
on the two dipole 
wires. 


gauge, brown, plastic-insulated type SPT- 
1, GC cat. no. 14-118-2G42. Undoubtedly, 
minor variations in the electrical character- 
istics will occur among similar cords from 
different manufacturers, but the results pre- 
sented here are probably typical. 

As the first step, we checked the physi- 
cal length of the wire. GC generously 
provided nearly 4 feet over the specified 
100-ft length, and the extra length was 
promptly lopped off. 

We wanted to avoid measurement errors 
that might arise from coiling the wire on the 
supply spool (inductance between turns) or 
laying it out on the vinyl-tiled cement-slab 
floor (capacitance to a large surface), so the 
second step was to suspend the wire in a 
long hallway, about a foot or so below the 
false ceiling. Cotton twine was used for the 
supporting material. Undaunted by snide 
comments from fellow staff members about 
cheating the telephone company out of in- 
stallation work and facetious suggestions 


Dipole Section 


rae Text Regarding erties 


Transmission — Line 
Section, Any Length 


to Transmitter 
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that we use two paper cups and a string for 
our intercom, we continued with prepara- 
tion for the tests. 

With a General Radio 1606A rf imped- 
ance-measuring bridge, we made measure- 
ments at the input end of the line on 10, 15 
and 29 MHz, while the far end of the line 
was terminated first in a short and then in 
an open circuit. We did notice during mea- 
surements that our readings changed some- 
what as people walked in the hallway, es- 
pecially during the 29-MHz tests. After a 
seemingly endless period of shooing away 
would-be helpers who disrupted measure- 
ments by grabbing the line, hanging ob- 
jects on it, and so forth, we finally arrived 
at a set of readings considered to be satis- 
factory for our purposes. From there, a bit 
of work with an electronic calculator and a 
Smith Chart told us what we wanted to 
know — the electrical characteristics at ra- 
dio frequencies. 

The results? Well, as the saying goes, I 
have some good news and some bad news. 


First, the Good News 


If ever you need a balanced 105-ohm 
transmission line, then zip cord is the stuff 
for you! Its characteristic impedance was 
determined to be 107 ohms at 10 MHz, 
dropping in value to 105 ohms at 15 MHz 
and to a slightly lower value at 29 MHz. 
The nominal value is 105 ohms at hf. The 
velocity factor of the line was determined 
to be 69.5 percent. 

This reported change in impedance with 
frequency may raise a few eyebrows, but it 
is a fact that most lines do not exhibit a 
constant characteristic impedance across a 
range of frequencies. However, this writer 
has not previously encountered any line 
which was not “flat” between 3 and about 
50 MHz. Zip cord may be exceptional from 
this standpoint, especially considering that 
the insulating material was not chosen for 
its qualities at rf. 


And Now the Bad News 

Who needs a 105-ohm line, especially to 
feed a dipole? Most of us know that a dipole 
in free space exhibits a feed-point resistance 
of 73 ohms, and at heights above ground of 
less than 1/4 wavelength the resistance is 
even lower. An 80-meter dipole at 35 feet, 
for example, will exhibit a feed-point resis- 
tance of about 40 ohms. Thus, for a resonant 
antenna, the SWR in the zip-cord transmis- 
sion line can be 105/40 or 2.6:1, and maybe 
even higher in some installations. Depend- 


1-8 Chapter 1 


Figure 2—Attenuation 
of zip cord in decibels 
per hundred feet when 
used as a transmission 
line at radio freq- 
uencies. Measure- 
ments were made only 
at the three freq- 
uencies where plot 
points are shown, but 





the curve has been 
extrapolated to cover 
all high-frequency 
amateur bands. 














ing on the type of transmitter in use, the rig 
may not like working into the load presented 
by the zip-cord antenna system. 

But the really bad news is still to come— 
line loss! Figure 2 is a plot of line attenuation 
in decibels per hundred feet of line versus 
frequency. Chart values are based on the as- 
sumption that the line is perfectly matched 
(sees a 105-ohm load as its terminating im- 
pedance). For lengths other than 100 feet, 
multiply the figure by the actual length in 
feet and then divide by 100. 

In a feed-line, losses up to about one 
decibel or so can be tolerated, because at 
the receiver a 1-dB difference in signal 
strength is just barely detectable. But for 
losses above about 1-dB, beware. Remem- 
ber that if the total losses are 3 dB, half of 
your power will be used up just to heat the 
transmission line.! 

Based on this information, we can see 
that a hundred feet or so of zip-cord trans- 
mission line on 80 meters might be accept- 
able, as might 50 feet on 40 meters. But for 
longer lengths and higher frequencies, look 
out! The losses become appreciable. 


‘Additional losses over those charted in Figure 
2 will occur when standing waves are present. 
See Gibilisco, “What Does Your SWR Cost 
You?" January 1979 QST. Trouble is, you 
can't use a 50- or 75-ohm SWR instrument to 
measure the SWR in zip-cord line accucately. 


Frequency, MHz 





What About Zip Cord Wire as the 
Radiator? 


For years, amateurs have been using or- 
dinary copper house wire as the radiator 
section of an antenna, erecting it without 
bothering to strip the plastic insulation. 
Other than the loading effects of the insula- 
tion mentioned earlier, no noticeable 
change in performance has been noted with 
the insulation present. And the insulation 
does offer a measure of protection against 
the weather. These same statements can be 
applied to single conductors of zip cord. 

The situation in a radiating wire covered 
with insulation is not quite the same as in 
two parallel conductors, where there may 
be a leaky dielectric path between the two 
conductors. In the parallel line, it is this 
current leakage which contributes to line 
losses. The current flowing through the in- 
sulation on a single radiating wire is quite 
small by comparison, and so as a radiator 
the efficiency is high. 

Now back to the original question: How 
efficient is a zip-cord antenna system? 
Well, that does depend, on the length of the 
wire used for the feed-line section and on 
the frequency. Ina pinch on 160, 80, 40 and 
perhaps 20 meters, communications can 
certainly be established with this kind of 
antenna. For higher frequencies, especially 
with long line lengths for the feeder, you’re 
on your own. 





From QST, April 1973 (Hints & Kinks) 


Piggyback Antenna For 
The Ten-Meter Ban 


Most amateurs from Novices on up use 
dipole antennas for the eighty- and forty- 
meter bands, In many cases, these two an- 
tennas were all the Novice needed since the 
fifteen-meter band could also be covered 
with the forty-meter dipole. 

However, with the advent of the new 
ten-meter subband for Novices, a simple 
and inexpensive method of getting the 
needed coverage is to use a “piggyback” 
antenna. It can be easily added to an exist- 
ing dipole, eliminating the need for 
additional supports or feed lines. Also, it 
will have no effect on either an eighty- or 
forty-meter dipole. 

Of course, performance will not be as 
good as that obtained with a beam, but it 
should not be sold short either. A KH6 was 
worked during a recent contest with a 
power output of 1.8 watts. — Robert M. 
May, I, WA4DEG 
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By James E. Taylor, W2OZH 


From QST, August 1991 





RFD-1 and RFD-2: Resonant 
Feed-Line Dipoles 


During several decades of operation on 
the 80-meter band, I have encountered a 
number of hams who need an antenna sys- 
tem that is efficient, simple to construct, 
and yet can be deployed easily in difficult 
locations. The resonant feed-line dipoles 
described here provide an excellent match 
to the transceiver without a separate an- 
tenna tuner. They are easily transported on 
plastic cord reels. The basic design is ex- 
tensible to other bands—all of this without 
a dangling feed line to contend with! 

Consider some realistic situations en- 
countered by fellow hams in their efforts to 
get on 80 meters: 

Scenario 1: You live on a small subur- 
ban lot with trees, but there is no way to 
stretch a straight 120-foot-long dipole with 
a feed line. 

Scenario 2: Your small backyard ends 
at the edge of a steep decline. A radiator 
wire could be snaked through the trees, but 
running a separate feed line is out of the 
question. 

Scenario 3; You live in a high-rise 
building and could secretly stretch a wire 
upward or downward, but there is no way to 
install a feed line. 

Scenario 4: You're going on vacation to 
the mountains and you know that your cot- 
tage is nestled among hundred-foot-high 
pines You can take along a bow and arrow 
and cord, but then what would you do? 

In response to these problems, I began 
to search for a universal solution under the 
following ground rules. (1) No separate 
antenna tuner would be required, (2) the 
antenna could be deployed with no more 
difficulty than stringing upa length of coax 
and (3) the antenna could be easily stored 
and unwound from a cord reel without a 
tangle of cable and wire. 

Several years ago I used a 10-meter ver- 
tical linear coaxial sleeve antenna, as 
shown in Figure 1. A vertical dipole is con- 
structed from a quarter-wave whip and a 
quarter wavelength of shielding braid. Its 
feed line passes through the braid, yielding 
a simplified geometry. Although this con- 
cept could be adapted to 80 meters, who 
wants to deal with 60 feet of shielding 
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This unique design offers simplicity and general 
utility. In short, these are “reel” great antennas for 


the HF bands. 


braid? The important lesson I learned was 
that the RF current has no trouble traveling 
up the inside of the coax and making a 180° 
turn to travel back on the outside of the 
braid! 

Because this is true, perhaps we don’t 
need the separate outer braid. Why not just 
use the outside of the coax itself? If we do 
this, however, how do we let the RF “know” 
when it should stop flowing and reflect 
back toward the center of the radiator, as it 
did when it came to the end of the added 
braid in the 10-meter vertical? The current 
on the outside of the coax shield is called 
“common-mode” current—there is no 
counteracting equal and opposite current 
as there is inside the coax. One design ap- 
proach utilizes the primary function of a 
balun transformer: to place in unbalanced 
reactance in the path of this common-mode 
current without affecting the desired 
balanced transmission line currents. The 
development of this concept is discussed in 
the Appendix. 

The common-mode current on the coax 
shield is transformed by a quarter-wave- 
length stub to maximum near the trans- 
ceiver. It was not surprising to note 
experimentally that a coil of a few turns 
placed at the fed end of the dipole decreases 
the resonant frequency of the system sub- 
stantially (because of the added inductive 
reactance). However, an unexpected divi- 
dend of this is that, at the resonant fre- 
quency, an almost perfect impedance match 
to the 50-ohm source is realized! Now we 
have the design for our simplified antenna 
system! We can increase the resonant fre- 
quency by moving the coil along the cable 
away from the current maximum while re- 
taining the perfect match. And at the same 
time we can decrease the common-mode 
current on this part of the line, because of 
the coil’s inductive reactance. For the val- 
ues chosen, the coil is near self-resonance 


from the distributed capacitance of the coil 
windings. The equivalent parallel-resonant 
circuit serves to increase the reactance at this 
point in the antenna, which assures a reflec- 
tion when the RF reaches this virtual end of 
the dipole. To my knowledge, this configura- 
tion and method of resonating is unique and 
novel, and I refer to it as a T choke. 


Constructon, Installation and 
Adjustment 


The simple arrangement of the resonant 
coaxial linear dipole is shown in Figure 2.The 
dimensions and test results are for a nominal 
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Figure 1—A vertical linear coaxial sleeve 
antenna for 10 meters. 





frequency of 3.95 MHz. To dramatize the 
simplicity of the antenna, I list all required 
parts in Table 1. 

The coaxial cable connector is as- 
sembled at the input end of the coax for 
connecting to the transceiver. The center 
conductor of the far end of the cable is con- 
nected to the antenna wire to form a hook 
and eye, and is securely soldered. This junc- 
tion is potted in the center of a short length 
of PVC pipe to form a robust center insula- 
tor assembly. At the outset, 13 turns of cable 
can be wound on the cord reel at a point 
approximately 59 feet plus 25 inches from 
the center of the dipole. The 13 turns can 
then be taped in place on the reel with duct 
tape or equivalent. The remaining coax and 
wire can now be wound on the reel for ease 
of transporting. To avoid kinks when un- 
winding, secure the end of the wire and ro- 
tate the reel, keeping the wire and coax taut. 

Ground losses are a great enemy of an 
HF antenna, especially at the lower fre- 
quencies, so place the dipole for 80 meters 
as far above the ground as possible! After 
installation, check the resonant frequency 
with a noise bridge or an SWR meter. If 
these construction details are followed, the 
resonant frequency should be approxi- 
mately 3.95 MHz. If the resonance indica- 
tion is indefinite or if the resistance is not 
close to 50 ohms, adjust the self-resonance 
of the coil by moving the turns slightly on 
the reel. This alters the inter-turn capaci- 
tance, permitting adjustment of the reflec- 
tion of RF at the end of the dipole. During 
this adjustment, remember that the greatest 
effect is between the input and output turns, 
where the voltage difference is greatest. If 
you want to lower the resonant frequency 
of the antenna, remove the tape and rotate 
the reel to increase the 25-inch distance, 
thereby increasing the length of the dipole. 
This is done in a manner to retain the 13- 
turn coil—you are winding and unwinding 
equal lengths of cable. When the desired 
resonant frequency is attained, you are 
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to 
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ready to operate! This is a broadband an- 
tenna, and not much adjustment is required. 

The 13 turns is mentioned only as a 
nominal coil size. I have used both 1 l-turn 
and 13-turn coils. Self-resonance can be ad- 
justed as mentioned earlier. As the number 
of turns is increased, the initial 25-inch dis- 
tance will be decreased. For example, in 
my test installation a change from 11 turns 
to 13 turns altered this distance required 
for resonance from 68 inches to 25 inches. 
A greater impedance at this point serves to 
improve the isolation of the dipole from 
ground. 


The RFD-2 for Two-Band Operation 


The preceding construction information 
is for an antenna dedicated to a single ama- 
teur band, the RFD-l. With a slightly dif- 
ferent configuration, referred to as the 
RFD-2, the RFD-1 design can be extended 
to cover the 40-meter band without 
severing the coaxial cable. Conversion 
from 80 to 40 meters and back requires only 
a few minutes. The RFD-2 design allows 
you to change operation to 40 meters for a 
few days without permanently altering the 
80-meter lengths. In other words, the total 


Table 1 

RFD-1 Parts List 

1—118-foot length RG-8X (minifoam) 
coaxial cable 

1—59-foot length no. 12 stranded or 
Copperweld wire 

1—PL-259 male coaxial cable connec- 
tor 

1—10-inch-diameter cord reel 
(Doscocil model no. 32500 or 
equiv.) 

1—3-inch length of 1/2-inch OD PVC 
pipe (for center insulator) 

1—Epoxy potting compound (sufficient 
to fill pipe) 


T Choke 
Cooxial Cable 
Colled on Cord Reel 
13 Turns, 6” Diam 


dimensions of the 80-meter coaxial feed- 
line dipole are retained but operation is 
adapted to 40 meters. Tbis is done simply 
by winding coaxial cable on reels. This is 
teadily achieved by altering the winding of 
the coax on the original reel and then add- 
ing a second coil near the far end of the 
dipole. Once the values have been estab- 
lished, this band change is accomplished 
simply. 

The RFD-2, as it has evolved at 
W20ZH, is shown in Figure 3. Total di- 
mensions are given in Figure 3A. The 
length of the feed line has been increased 
from that of the RFD-1 to 143 feet to make 
allowance for the cable used in the 13-turn 
coil. This assures an isolating stub which is 
approximately 1/4 ) on 80 meters, and at 
the same time permits a stub length that is 
close to 1/4 2.0n 40 meters, thereby achiev- 
ing the desired high impedance for 
isolation on both bands. Also, the no. 12 
terminating antenna wire has been replaced 
by a length of coaxial cable—the outer 
jacket provides insulation so the coax can 
now be coiled to provide the desired dipole 
length on 40 meters. 

As pointed out earlier, a self-resonant 
coil is used to assure a high coefficient of 
reflection at the fed end of the 80-meter 
dipole. For other bands it is necessary to 
calculate the approximate number of turns 
required to approach self-resonance. A 
suitable winding for 80 meters was deter- 
mined to be 13 turns on a 6-inch diameter 
reel, so the numbers for other bands can be 
obtained by a simple scaling calculation. 
Details are given in the Appendix. For guid- 
ance in adapting the design for the other HF 
bands, the approximate number of turns for 
the terminating coils is shown in Table 2. 

For wavelengths shorter than 40 meters 
it may be desirable to use a radiating sec- 
tion longer then 1/2 A. The length either 
side of center can be any odd number of 
quarter wavelengths. For example, on 20 
meters the radiator could be 3/2 A (three 
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Figure 2—The RFD-1 (resonant feed-line dipole) antenna for 80 meters. 
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Figure 3—The RFD-2 antenna can be configured for either of two bands. Shown at A is the setup for 80 meters, and at B for 


40 meters. 


quarter waves either side of center). De- 
pending upon the antenna orientation, the 
additional! radiation lobes may be adyanta- 
geous. Also, the unused conductor lengths 
at the ends are less apt to cause trouble 
because of parasitic excitation from the 
main radiator. 


Arrangement and Construction 


FromTable 2, for the 40-meter band we 
need to reduce the resonant coil at the input 
end of the dipole to nine turns, and we need 
to move the coil along the coax to a point 
slightly more than 32 feet, 27/4 inches 
from the center. This is half the dipole 
length calculated for 7.26 MHz with an 
allowance for tuning adjustment, using the 
dipole-length approximation equation L = 
468/fyy4,- AS with the RFD-1, this coil es- 
tablishes the desired, high impedance at the 
fed end of the dipole. 

In addition, we need to establish a high 
impedance at the far end of the dipole be- 
cause, in this case, the desired end of the 
40-meter dipole does not coincide with the 
end of the conductor. This is because we 
want to retain the full length of the conduc- 
tor measured for the 80-meter band, rather 
than cutting it. The desired high impedance 
reflecting termination is achieved by use of 
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Table 2 
Scaling of RFD-1 to Other Bands 


Band Frequency Turns 

160 m 1.90 19 
80m 3.95 13 
40m 7.26 9 
30 m 10.12 8 
20m 14.29 7 
17m 18.14 6 
15m 21.38 6 
12m 24.96 5 
10m 28.65 5 


a second, 9-turn, self-resonant coil of coax. 

Figure 3B shows the RFD-2 configura- 
tion for 40 meters. A cord reel can be used 
for the second coil, although any suitable 
insulating 6-inch diameter form can be 
used. I wound the coil in two layers using a 
i-gallon windshield-washer-fluid bottle. 
After the windings had been properly ad- 
justed, I taped them in place with duct tape, 
and slipped the coil off the form so it be- 
came self-supporting. 

As with the RFD-1, it is desirable to 


place the antenna as high above ground as 
possible to reduce ground losses and to belp 
achieve low-angle radiation, if that is de- 
sired. The dipole does not have to be in- 
stalled in a straight line, andifyoucan gain 
appreciably greater height by bending it, 
this may be a desirable compromise. 

After the antenna with its two coils is 
erected, measure the resonant frequency 
using a noise bridge or an SWR meter. If 
the construction details have been fol- 
lowed, the resonant frequency should not 
be far from the nominal value of 7.26 MHz. 
The resonance point and the input resis- 
tance can be shifted moderately by both 
changing the 14-inch offset distance and 
changing the inter-turn spacing of the coils. 
The greatest effect is produced by chang- 
ing the spacing between the input and the 
output turns (that is, between coil turns 1 
and 9). This is because the voltage differ- 
ence, and therefore the change in capaci- 
tive influence, is greatest there. 


Results 

My experience in developing antennas is 
that the good concepts really “want to work,” 
and this antenna was no exception. Noise- 
bridge measurements with the RFD-1 indi- 
cated an input resistance at resonance of 








49 ohms, and from a practical standpoint 
the SWR is 1:1. An H-field antenna probe 
was used to evaluate the power radiated at 
the center of the dipole compared with that 
at the current loop near the feed-point. The 
current ratio was 5.5 to 1, which corre- 
sponds to a power ratio of 30 to 1, or 15 
decibels. This indicates that the coil is very 
effective in attenuating the common-mode 
current flowing back toward the feed point. 

For the RFD-2 with the 40-meter dimen- 
sions shown in Figure 3B, the initial reso- 
nance point was within the 40-meter phone 
band and the SWR was essentially 1:1. 
Slight adjustment brought the resonant fre- 
quency up to the desired value, and the in- 
put resistance was very close to 50 ohms. A 
salient characteristic of the RFD antennas 
is the ease with which an impedance match 
is attained. It-appears always to be easy to 
get a reflected power indication of zero. 
This is probably because the common- 
mode current on the shield of the coax is 
indistinguishable from the desired radiat- 
ing current—in other words, the common 
mode is used rather than avoided. 


Appendix 


When the separate outer braid of the 
antenna shown in Figure 1 is removed, 
there must be some way to let the RF 
“know” when it should stop flowing on the 
shield of the coax and reflect back toward 
the center of the radiator. A balun box that 
I made up for another purpose is one ap- 
proach: 30 turns of bifilar winding on an 
Amidon T-200-2 iron-powder toroidal 


core. The turns formula for such a balun 
transformer is 


where 
T = no. of turns 
A, = inductance index (microhenries 
per 100 turns) 


From this, the inductive reactance for 
unbalanced current is 
— 2nfT* A, 

L 10° 

At a frequency of 4 MHz, this 30-turn 
coil has an unbalanced reactance of only 
270 ohms. We would need about ten of 
these in series to support the RF field at the 
end of a dipole antenna! 

An alternative method involves plac- 
ing a toroidal isolation transformer in the 
coaxial line at the fed end of the linear di- 
pole. I actually wound such a transformer 
on two stacked T-200-2 cores, to provide a 
1-kW power capability. This configuration 
worked, after a fashion, but the impedance 
match was less than desired, probably be- 
cause of excessive capacitance between 
secondary and primary windings. How- 
ever, before I took steps to control this, a 
simpler approach came to mind. 

We need to isolate the transceiver from 
the fed end of the dipole, so why not cut the 


coaxial feed line to be a quarter wavelength 
long? (This length is measured in free- 
space, not in the line.) This serves to 
tranform the high impedance of the fed end 
of the dipole to the low impedance at the 
grounded transceiver. Any unused portion 
of this approximate 60-foot length of coax 
can be wound in a coil and used for further 
isolation and, as it turns out, for tuning the 
system to resonance. 


Scaling for a Second Band 
For coverage of a second band, we 
would like to have the same inductive reac- 
tance that we had for the 80-meter coil. 
From handbooks, the inductance of a 
coil of assumed dimensions is 


L = AN? 


where 
A =a constant determined by the coil 
geometry 
N = number of turns 


Thus, we have for the reactance 
X,, = 2nfL = 2nfAN? 


For equal reactances we can calculate N>, 
the new number of turns, at frequency fp, 
from N,, the known number of turns at fre- 
quency f,, by the equation 


in 
2 yf, 
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By Jerry Hall, K1PLP From QST, September 1974 


Off-Center-Loaded Dipole 


Antennas 


In these times when much of our amateur 
population lives in urban areas, the subject 
of shortened antennas for the lower fre- 
quency amateur bands is a very popular one. 
Physically short ground-mounted vertical 
antennas with lumped-constant loading to 
make them resonant can be quite 
efficient radiators, if a good radial system 
has been installed. This has certainly been 
evidenced in Sevick’s series of recent OST 
articles.’ To many amateurs, however, the 
“hitch” in constructing such a system is the 
installation of a good radial system. It must 
be admitted that for the “top” amateur 
bands, 160 and 80/75 meters, an efficient 
system of buried radials requires a sizable 
amount of real estate, even for a physically 
short radiator. On the average city-size lot, 
50 or 75 by 120 to 150 feet, it’s almost im- 
possible to install a highly efficient radial 
system for 80/75 meters, much less for 160 
meters, when structures like a house and 
perhaps a separate garage exist. Or to some 
amateurs, just the thought of burying hun- 
dreds or maybe thousands of feet of wire is 
enough to turn off any enthusiasm for the 
project. What’s the alternative? A dipole 
type of antenna with lumped constant load- 
ing. At modest heights, 30 or 40 feet, such 
an antenna will prove to be quite satisfac- 
tory if it is physically longer than about 0.2 
wavelength. Shorter lengths may also be 
used, atreduced efficiency. Such an antenna 
can be fed directly with 50-Q coaxial line, 
and it can be operated with no earth ground. 
(Of course the chassis of the transmitter and/ 
or receiver should be grounded adequately 
for protection against shock hazard.) 

Nearly all of us are familiar with the 
concept behind the use of inductive load- 
ing. A vertical antenna which is shorter than 
a quarter wave (or a dipole antenna which 
is shorter than a half wave) will exhibit ca- 
Pacitive reactance at its base (or center) 
feed point. To cancel such capacitive reac- 
tance, a coil having the proper inductive 
reactance may be connected in series with 
the base feed point of the vertical. The same 
result will be obtained through the use of 
two such coils for a dipole, one coil con- 
nected in series with each half. It is not 
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necessary for the inductor to be installed at 
the feed point, however. In fact, greater ra- 
diating efficiency results through improved 
current distribution if the inductor is lo- 
cated along the radiator some distance 
away from the low-impedance feed point, 
viz, in the manner of a center-loaded 
mobile whip antenna. Figure | shows this 
concept extended to a dipole element, with 
off-center loading. The inductors resonate 
the antenna to the operating frequency, but 
do little actual radiating themselves. (This 
is in contrast to helically wound or continu- 
ously loaded elements, where a long thin 
inductor is the radiator as well as the load- 
ing element.) 

In the antenna represented by Figure 1, 
there are many variable factors to be con- 
sidered when a practical antenna for a 
given frequency is being constructed. Of 
primary consideration from an efficiency 
standpoint is the overall length, shown as 
dimension A. Another consideration for ef- 
ficiency is the distance of the coils from 
center, dimension B. The longer the overall 
length (A), up to a half wave, and the far- 
ther the loading coils are placed from the 
center (B), the greater is the efficiency of 
the antenna. However, the greater is dis- 
tance B (for a fixed overall antenna size), 
the larger the inductors must be to maintain 
resonance. Theoretically, if the coils were 


placed at the outer ends of the dipole, they 
should be infinite in value to maintain reso- 
nance. Capacitive loading of the ends, ei- 
ther through proximity of the antenna to 
other objects or through the addition of ca- 
pacitance hats, will reduce this requirement 
to a more practical value. 


What Inductance Values? 


As a matter of personal interest, this 
writer has been doing experimental work 
for a number of years with off-center- 
loaded antennas. One big drawback to such 
experimentation was the ever-present need 
for a large amount of cut-and-try work to 
arrive at resonance whenever a new set of 
dimensions was to be used. Probably the 
number of pruned-off turns from coil stock 
from such experiments, if straightened out 
and soldered end to end, would make up 
several full-sized half-wave antennas for 
the 160-meter band. Therefore, most of the 
writer’s work of late in this area has been in 
going through paperwork exercises, look- 
ing for a way whereby at least “ball-park” 
values of inductance needed for a particu- 
lar system could be calculated. 

The equation contained in the Mobile 
chapter of The ARRL Antenna Book for de- 
termining the capacitance of a vertical an- 
tenna shorter than a quarter wavelength 
looked promising in early computations, 








Insulotor 





Insulator 


Figure 1—A dipole antenna lengthened electrically with off-center loading coils. Fora 
fixed dimension A, greater efficiency will be realized with greater distance B, but as B is 
increased, L must be larger in value to maintain resonance. 








and, indeed, it became the basis for 
the calculation procedure which finally 
resulted. 

This procedure has been found to 
produce results much closer than mere 
“ball-park” values for the necessary induc- 
tance — for wire antennas “in the clear” at 
moderate heights, the final inductance val- 
ues found by cut-and-try pruning for low- 
est SWR at the desired frequency have been 
so close to the value from calculations that 
a laboratory bridge was necessary to mea- 
sure the difference. The results are equally 
good for elements using tubing. Once the 
needed inductance value is determined by 
calculations, it is generally found suffi- 
cient to obtain coil dimensions from an 
ARRL L/C/F Calculator (see LaPlaca*) or 
by equation. Any significant pruning which 
has been found necessary could always be 
attributed to objects in proximity to the 
ends of the antenna. 

The complete set of calculations is ex- 
pressed in the mathematical relationship 
below as Eq. 1, presented here primarily 
for mathematics buffs or those having ac- 
cess to electronic computers. 

This equation yields the inductance re- 
quired, in microhenrys, for single-band 
resonance of a shortened antenna of a par- 
ticular physical size at a given frequency, 
for a specific position of the loading coils 
from the center of the antenna. To spare the 
reader the task of performing some rather 
tedious calculations, Figure 2 has been pre- 
pared from Eq. 1. The curves of the chart 
have been normalized, and may be used for 
any frequency of resonance. The chart is 
based on a halfwavelength/diameter ratio of 
the radiator of approximately 24,000. (This 
corresponds to No. 14 wire on 80 meters or 
No. 8 wire on 160 meters.) For “thinner” 
conductors, the required inductance will be 
somewhat greater than that determined from 
Figure 2, and less inductance will be re- 
quired for “thicker” conductors. 

The use of the chart is as follows: At the 
intersection of the appropriate curve from 
the body for dimension A and the proper 
value for the coil position from the hori- 
zontal scale at the bottom of the chart, read 
the required inductive reactance for reso- 
nance from the scale at the left. Dimensions 
A and B are shown in Figure 1, and for use 
with the chart are expressed as percentages. 
Dimension A is taken as percent length of 
the shortened antenna with respect to the 
length of a resonant half-wave dipole of the 
same conductor material. Dimension B is 


(Eq. 1): 


where 

Ly = inductance required for 
resonance 

In = natural log L 

f = frequency, megahertz 

A = overall antenna length, feet 

B = distance from center to each 
loading coil, feet 

D = diameter of radiator, inches 


taken as the percent of coil distance from 
the feed point to the end of the shortened 
antenna. For example, resonating an an- 
tenna which is 50% or half the size of a 
half-wave dipole (one-quarter wavelength 
overall), with loading coils positioned mid- 
way between the feed point and each end 
(50% out), would require loading coils 
having an inductive reactance of approxi- 
mately 950 ohms at the operating fre- 
quency. If the antenna is hung “in the 
clear,” and if the length/diameter ratio of 
the conductor is near 24,000, inductance 
values as determined from the chart will be 
very close to actual values required. (Eq. 1 
above takes the diameter of the radiator into 
account, and thus may be used for any 
length/diameter ratio.) For practical pur- 


poses, dimension B may be taken as that 
distance from the center of the feed-point 
insulator to the inside eye of the loading- 
coil insulator, and dimension A as the eye- 
to-eye distance inside the end insulators 
(which are not drawn in Figure 1). 
Proximity of surrounding objects in indi- 
vidual installations may require some prun- 
ing of the coils, and the exact amount of final 
inductance required should be determined ex- 
perimentally. If the antenna is hung in in- 
verted-V style, with the ends brought near the 
earth, the required inductance will almost 
always be somewhat less than that deter- 
mined from the chart or equation. A grid-dip 
meter, Macromatcher, (see Hall and 
Kaufmann*) or SWR indicator may be used, 
during the final adjustment procedure. 
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Figure 2—Chart for determining approximate inductance values for off-center-loaded 
dipoles. At the intersection of the appropriate curve from the body of the chart for 
dimension A and the proper value for the coil position from the horizontal scale at the 
bottom of the chart, read the required inductive reactance for resonance from the scale 
at left. See Figure 1 regarding dimensions A and B. 
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Practical Antennas 


Although one might erect an inductively 
loaded antenna that is cut for a single ama- 
teur band, it is possible to use the antenna 
itself for two, three, or more bands of op- 
eration, if provision is made to lower the 
antenna for band changes. A simple rope 
halyard and pulley arrangement at one of 
the supports will do the trick. Figure 3A 
shows a 3-band antenna of this nature, for 
160, 80, and 20 meters. If the insulators 
shown are left open, with nothing bridging 
them, the antenna is a simple half-wave 
dipole cut for 14.18 MHz. (The 48.5-foot 
lengths act merely as support wires, and 
have negligible effect on operation of the 
antenna.) If the insulators are bridged with 
short lengths of antenna wire, the antenna 
becomes a center-fed 80-meter dipole, 
resonant at about 3.6 MHz. For 160-m op- 
eration the 20-meter insulators may be 
bridged with loading coils to resonate the 
antenna at 1.8 MHz, as shown in Figure 3A. 
Burndy or other manufacturers’ “Servit” 
type of electrical connectors may be used, 
for ease in making band changes quickly, 
as shown in Figure 4. 

The calculation procedure for determin- 
ing loading-coil values for the antenna of 
Figure 3A, using the chart of Figure 2, goes 
like this. If operation is desired on 1.8 MHz, 
the length of a full-sized half-wave dipole 
is found from the relationship 468/f to be 
260 feet. The 130-foot length of Figure 3A 
represents 50% of this size, meaning that 
the dimension-A curve marked “50%” in 
Figure 2 is to be used. The position of the 
coils is 16.5/(16.5 + 48.5) x 100 or 25% of 
the distance out from center, dimension B. 
From the intersection of 25 (horizontal 
scale at bottom), and the 50% curve, the 
required inductive reactance is read from 
the scale at the left of Figure 2 to be 
650 ohms. The inductance, L, is 650/27f or 
57.5 microhenrys, if No. 8 wire is to be 
used. For smaller diameter wire, the induc- 
tance should be somewhat larger. (Calcu- 
lations from Eq. 1 for No. 12 wire indicate 
the required inductance is 60.99 WH.) 

The radiation resistance of a shortened 
antenna loaded to resonance is less than that 
of a full-sized antenna. Further, the short- 
ened antenna is “sharper,” meaning that the 
change in reactance versus frequency is 
greater. In other words, the shortened an- 
tenna acts as a tuned circuit having a higher 
QO than a full-sized antenna. To check 
these characteristics, the line input imped- 
ances for the antenna of Figure 3A were 
measured with a laboratory bridge, and the 
electrical line length at the measurement 
frequency was then taken into account to 
determine the impedance at the antenna 
feed point. The antenna was constructed of 
No, 12 wire and hung at a height of 50 feet 
as a “flat-top” radiator. 

The solid curve of Figure 3B is a plot of 
the feed-point impedance versus frequency 
for this antenna. The plot on Smith Chart 
coordinates is more meaningful than a 
simple SWR-vs.-frequency curve because 
the magnitudes of the resistive and reactive 
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components are shown, as well as the sign 
of the reactance. (Capacitive reactance is 
negative, plotted to the left of the vertical 
center line, and inductive reactance is posi- 
tive, plotted to the right.) In this presenta- 
tion, a 50-ohm nonreactive impedance will 
appear at the exact center of the chart. The 
SWR in 50-ohm line for a given frequency 
may be determined by first noting the dis- 
tance from the center of the chart to the 
particular impedance plot on the curve, and 
next measuring this same distance down the 
vertical center line from chart center (a 
drawing compass is helpful for this task), 
and finally dividing 50 into the value read 
at that point on the center line. For example, 
the SWR at 1.8 MHz equals 120/50 or 2.4, 
as indicated by the segment of the 2.4 SWR 
circle in Figure 3B. It may be seen that reso- 
nance (zero reactance) occurs at approxi- 
mately 1810 kHz, where the resistance is 
about 22 ohms. The SWR at resonance is 
2.33:1, and climbs to 3:1 at 1825 kHz. At 


1850 kHz, the SWR is 10:1. Without any 
matching provisions the antenna is rela- 
tively sharp, as mentioned earlier. If one 
sets the usable bandwidth as the frequency 
range where the SWR is 3:1 or less, it is 
approximately 35 kHz, or 1.9% of the 
resonant frequency. As far as efficiency is 
concerned, ohmic losses are low, and the 
antenna is a good performer on 160 meters. 
Because of its horizontal polarization, it 
has proved to be most effective at night, 
and stations several hundred miles away 
have been worked with S-9 reports re- 
ceived for the 50-watt signal. 

For a comparison of impedances, the bro- 
ken curve of Figure 3B is a plot of measured 
impedances of a full-size half-wave dipole, 
260 feet long overall, hung in place of the 
shortened antenna. From this curve it may be 
seen that resonance occurs at 1810 kHz, 
where the resistance is 59 ohms. The 3:1- 
SWR bandwidth for the half-wave antenna is 
in the order of 60 kHz, or 3.3% of the reso- 
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Figure 3—At A, an 80-meter dipole loaded for 160-meter operation. The inductors are 37 
turns of coil stock having a 3-inch diameter and 10 turns per inch (B&W 3035). At B, the 
impedance plot of this antenna installed at a height of 50 feet (solid curve), and the plot 


of a 160-m half-wave dipole (broken curve). 


nant frequency. It is interesting to note on this 
curve that the SWR at resonance is 1.18:1, 
and that it is a somewhat lower value, 1.15:1, 
at a frequency a few kilohertz above reso- 
nance. (Measurements were made every 5 
kHz across this band, but plot points are 
shown only for 25-kHz increments to avoid 
crowding of the data.) This evidence refutes 
the oft-heard statement that the SWR-vs.-fre- 
quency curve is always lowest at antenna 
resonance. Points to remember are that the 
SWR in a transmission line is completely de- 
pendent upon the characteristic-impedance 
value of the line in use. Using a line of differ- 
ent impedance may shift the position of the 
SWR curve along the frequency axis in a 
simple SWR-vs.-frequency plot. This is defi- 
nitely true in this case — if the 160-meter 
half-wave dipole were to be fed with 75-ohm 
line, the lowest SWR would occur at a 
frequency about 5 kHz below antenna reso- 
nance, whereas with 50-ohm line the lowest 
SWR is at a frequency slightly above reso- 
nance. The reason this happens is that the 
resistive component of the impedance, which 
consists of the radiation resistance plus any 
loss resistance, is not constant with fre- 
quency, even over a rather narrow frequency 
range. It must be acknowledged that the dif- 
ferences here are very slight, however, and 
for practical purposes the frequency of low- 
est SWR is (within a few kilohertz) the reso- 
nant frequency of the antenna. 

Another point concerning the SWR val- 
ues bears noting. The values as determined 
from the plots in the manner described 
above are quite accurate, having been de- 
termined by measurements with laboratory 
equipment. In contrast, measurements with 
simple SWR indicators usually cannot be 
relied upon for anywhere near the equiva- 
lent accuracy. 

For example, the author owns a com- 
mercially manufactured SWR indicator of 
the Monimatch type (see McCoy*) which, 
under a particular set of conditions, indi- 
cates a 2.5:1 SWR in a line where labora- 
tory measuring equipment shows the true 
SWR to be 4:1. A significant difference! 
Herein lies another reason why impedance 
plots on Smith Chart coordinates are more 
meaningful than a simple SWR-vs.-fre- 
quency curve — greater accuracy may gen- 
erally be expected. 


A Half-Size 80-Meter Antenna 


Figure 5A shows the 3-band concept de- 
scribed earlier as it can be applied to 80, 40, 
and 20 meters. Its overall length is 66 feet, 
not a difficult length to use on a small lot. 
This antenna was constructed for 80-m 
operation with a design-center frequency 
of 3.55 MHz, using No.12 antenna wire and 
40-uH loading coils—27 turns of stock 
having a diameter of 3 inches anda pitch of 
10 turns per inch (tpi). Feed-point imped- 
ances versus 80-m frequency for the an- 
tenna, hung at a height of 50 feet, are shown 
by the solid curve at B of Figure 5. Actual 
resonance occurred at 3.54 MHz, where the 
resistance was about 26 ohms. The band- 
width within which the SWR is 3:1 is 











Figure 4—Copper 
electrical service 
connectors, sold under 
one trade name of 
Servit, provide a simple 
means of installing the 
loading coils. The 
antenna wire and the 
ends of the coil wires 
should be tinned to 
prevent corrosion. In 
addition, a protective 
coating of acrylic spray 
may be used at each 
connection. 
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Figure 5—At A, a 40-meter dipole loaded for 80-meter operation. For resonance at 
3.55 MHz the coils should be approximately 40 wH (27 turns of stock); 3.75 MHz, 

35 tH (24 turns); 3.9 MHz, 31 yH (22 turns); and 4.0 MHz, 29 wH (21 turns). These 
are circulated inductance values for No. 12 antenna wire. Coil stock referenced above 
is 3-inch diameter, 10 turns per inch (B&W 3035). At B, the impedance plot of the 
3.55-MHz version (solid curve) and of an 80-m half-wave dipole (broken curve). 
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60 kHz, or 1.69% of the resonant frequency. 

Also shown in Figure 5B, by the broken 
curve, are the feed-point impedances of a 
half-wave dipole, 132 feet overall length, 
hung in place of the shortened antenna. 
Resonance occurs at 3.54 MHz, where the 
resistance is 43.5 ohms and the SWR is 
1.15:1. The broader nature of the half-wave 
antenna is exhibited by the “tighter” curve 
which swings closer to the 50-ohm center 
point of the chart than the shorter, loaded 
antenna. The SWR at 3.5 MHz is 1.6:1 and 
remains below 3:1 to 3.67 MHz. 


Capacitive and Inductive Loading 


One would assume that a combination 
of capacitive and inductive loading might 
provide a different feed-point impedance 
than would inductive loading alone, be- 
cause of different current distributions in 
the radiators. To check out this assumption, 
the antenna of Figure 5A was used as a “test 
bed” for comparative measurements. Ca- 
pacitance hats were attached at different 
points along the 17-foot lengths of wire 
outside the coils, and the coils were pruned 
to reresonate the antenna at about the same 
frequency as before. The impedance mea- 
surements were then repeated. 


Dangling End Sections: 

First, “hats” consisting of 18 inches of 
No. 12 wire were affixed to the antenna 
ends and permitted to dangle. This lowered 
the resonant frequency to 3435 kHz. By 
calculations, this was approximately the 
same effect as that of extending the 17-foot 
portions of the antenna by the same amount 
as the dangling lengths, so it would seem to 
make little difference whether short sec- 
tions of extra length are added inside the 
supporting insulators or are at the ends, 
suspended at right angles to the main an- 
tenna wire. 

The inductors were reduced from 40 to 
36.5 UH (25-turn coils replaced the original 
27-turn coils), and resonance occurred at 
about 3575 kHz. At this frequency the resis- 
tance was 26 ohms and the SWR 1.90:1. The 
3:1-SWR bandwidth, 64 kHz, is 1.79% of 
the frequency of resonance. The impedance 
plot for this arrangement is shown as Curve 
A in Figure 6. The resistance at resonance 
for this antenna is identical to that with the 
coils alone, and the bandwidth is only 4 kHz 
greater, 64 kHz vs. 60. From these results, 
one would conclude that the main advan- 
tage offered by the “danglers” is a small 
saving of space over a flat-top antenna. 


Capacitance Hats Near Loading Coils: 


Next the dangling end sections were re- 
moved and a pair of capacitance hats was 
formed, each from two 36-inch lengths of 
No. 12 solid wire. The two wires fora single 
hat were attached at their centers to the 
antenna wire at a point just outside one of 
the loading coils. The hat wires were then 
bent radially to form an X at right angles to 
the antenna wire, like four spokes of a 
wheel with the main antenna wire at the 
hub. The diameter of the X-shaped hat was 
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Table 1 





Characteristics of various loading techniques, 66-foot 80-m dipole. 


Approx. feed- 
point resis- 


Loading tance, resonance 
40-u1H coils only 26 ohms 
36.5-u1H coils, 18” 26 
dangling ends 
36” hats outside 23 
32.5-L1H coils 
30-uH coils, 25 
36” hats at ends 
None (A/2 dipole) 43.5 


3:1-SWR bana- 
SWRA at width, % of 
resonance resonant freq. 
1.92:1 1.69 
1.90:1 1.79 
2.1571 1.68 
1.98:1 2.05 
1.15 Greater than 3.6 


Coil positions for each loaded antenna were 16 feet from antenna center. All antennas 
were constructed of No. 12 wire and installed at a height of 50 feet. 


thus 36 inches. The second hat was placed 
in a like manner just outside the second 
coil. Burndy connectors were used to affix 
the hat wires. The resonant frequency of 
this configuration with the original 40-H 
loading coils was found to be 3290 kHz. 
The effect of adding the hats was about the 
same as that of extending the 17-foot 
lengths to 19 feet. 

When the inductors were replaced with 
23-turn coils (32.5 WH), the antenna reso- 
nated at about 3.575 MHz, the resistance 


Oy. 

ff 

[xx 
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being 23 ohms. The SWR at resonance is 
2.15:1, and the 3:1-SWR bandwidth for this 
configuration is 60 kHz, 1.68% of the reso- 
nant frequency. The impedance of this ar- 
rangement versus frequency is shown by 
Curve B of Figure 6. 

It is surprising to note that, by the stan- 
dards of most amateurs, the characteristics 
of this antenna are not as good as those of 
the same length antenna with loading coils 
alone. The SWR at resonance for the an- 
tenna with combination capacitive and in- 





Figure 6—Curve A is the impedance plot of the antenna of Figure 5A with 1.5-foot 
dangling end sections added and the coil trimmed to restore resonance near the original 
frequency. Curve B is a plot of the same antenna with X-shaped capacitance hats added 
at a point just outside the loading coils (dangling sections removed and coils trimmed to 


reestablish resonance). 
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Figure 7—Impedance plot of a 66-foot dipole using a combination of off-center inductive 
loading and capacitive end loading. Of all the shortened configurations tried, this 


arrangement offered the greatest bandwidth. 


ductive loading is higher (2.15 vs. 1.92), 
and the 3:1-SWR bandwidths are the same, 
60 kHz. Perhaps a significant factor here, 
though, is that the diameter of the capaci- 
tance hats used for these measurements 
was small, only .011 wavelength. Support- 
ing much larger hats presents mechanical 
problems with wire antennas, however, as 
even these were a bit flimsy and would re- 
quire reshaping after gusty weather. 


Capacitance Hats at Antenna Ends: 


Finally, the X-shaped capacitance hats 
were moved to the outside ends of the an- 
tenna, just inside the end insulators. With 
the original 40-H coils, resonance ap- 
peared at 3215 kHz. From calculations, it 
was as if the 17-foot end sections were ac- 
tually 21 feet long. With 30-11H coils (22 
turns) in place, the resonant frequency was 
3560 kHz. At this frequency the resistance 
was 25 ohms and the SWR 1.98:1. The 3:1- 
SWR bandwidth is 73 kHz, or 2.05% of the 
resonant frequency. The impedance plot of 
this antenna is given in Figure 7. 

It is interesting to note that the position 
and shape of the plot forthis antenna on Smith 
Chart coordinates is nearly identical to that 
for the same length antenna with loading coils 
only, the solid curve of Figure 5B. For this 
antenna, however, the plot points for 25-kHz 
frequency increments appear closer together, 
which accounts for the increased bandwidth. 


Conclusions: 


The measured characteristics of these 
various configurations of loading for the 80- 


meter antennas are tabulated in Table 1. Re- 
member that the overall “flat-top” length of 
each antenna arrangement, is 66 feet, and that 
the loading coils are always positioned 16 
feet each side of the center of the antenna, 
being pruned for resonance at approximately 
3550 kHz. For comparison, information fora 
half-wave dipole is also included. 

Of the various arrangements, capacitive 
end loading decidedly provides the greatest 
bandwidth, excepting the full-size half-wave 
antenna, of course. Although there are slight 
differences in the resistance value at reso- 
nance, all are of the same order of magnitude. 
These values, as well as those for the 160-m 
antenna discussed earlier, tend to confirm a 
broad rule of thumb that the writer has for- 
mulated for this type of antenna: The feed- 
point impedance value at resonance is 
roughly proportional to the length of the an- 
tenna, Thatis, a loaded antenna which is half 
the size of a half-wave dipole will have ap- 
proximately half the radiation resistance of 
the full-sized antenna. 

Eq. | given earlier or the chart of Figure 
2 allows one to calculate loading-coil val- 
ues for antennas with loading coils only. 
Additional capacitive loading is not taken 
into account. Calculating the effects of 
various capacitive loading arrangements 
appears to be difficult, and work remains to 
be done in this area. 


Multiband Antennas with Loading Coils 

All of the foregoing material has been 
devoted to the loading of an antenna for 
resonance at a single frequency. Resonated 





as described, the antenna is electrically a 
half wave in length. It will, however, oper- 
ate well on higher frequencies — frequen- 
cies at which it is an odd multiple of half 
waves, in electrical length . . . three half 
waves, five half waves, etc. Because of the 
lumped loading of the shortened antenna, 
these higher frequencies will likely not be 
closely related to odd-order harmonics of 
the fundamental frequency, as the case 
would be for a nonloaded radiator. (For ex- 
ample, it is a well-known fact that a 7-MHz 
half-wave dipole operates well on its third 
harmonic, 21 MHz.) 

A loaded dipole will become an electri- 
cal 3/2-A antenna at some frequency below 
that which is three times the fundamental 
resonant frequency. Depending upon the 
overall antenna length, coil value, and coil 
position, it is possible for an 80-meter 
loaded dipole to become a 3/2-A performer 
on 40 meters. With such an arrangement, 
one would have a dual-band antenna with- 
out requiring the use of traps. The idea can 
be expanded upon to arrive at a loaded an- 
tenna without traps which will operate on 
more than two bands. This scheme offers 
considerable constructional simplification 
as compared with trap arrangements. 

The multiband loading-coil concept has 
been recognized for better than half a cen- 
tury, but little use of the technique has been 
made by amateurs. Some years ago a very 
good article on the subject a was published 
by William Lattin, W4JRW.* That article is 
recommended reading for anyone interested 
in more details on the concept. Supplemen- 
tal information has been published by 
Buchanan,* Attempts by this writer to cal- 
culate antenna sizes and coil values for dual- 
band antennas have met with some success. 
From calculations and experiments to date, 
it appears that with only two loading coils 
(one each side of center), the antenna must 
always be greater than a half wave in physi- 
cal length for the higher of the two fre- 
quency bands, In other words: any 80/40 
meter arrangement, for example, apparently 
would need to be longer than 66 feet from 
tip to tip. However, much work also remains 
to be done in this area. 
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By Frank Witt, Al1H From QST, September 1993 


A Simple Broadband Dipole 
for 80 Meters 


A conventional coax-fed, half-wave di- 
pole doesn’t provide a low SWR over the 
entire 80-meter band—an inconvenience 
for those of us who like to operate phone 
and CW on that band. Several approaches 
to overcoming this limitation, short of an 
antenna tuner in the station, have been de- 
scribed.':* The antenna system described 
here is simpler than any of its predecessors 
and has the following features: 


* A 2:1 SWR or better is achieved over all 
or most of the 80-meter band. 
«Antenna length and appearance are the 
same as those of a conventional 
half-wave dipole. Consequently, it’s 
lightweight and has small wind and ice 

loading. 

*The antenna configuration permits multi- 
band operation with a single feed line. 
*The losses due to broadband matching are 

acceptable. 
*The cost is about the same as a conven- 
tional half-wave dipole. 


All the SWR data given in this article 
were measured at the transmitter end of the 
feed line. The reference impedance is 50 Q, 
since most equipment is designed for this 
impedance. The term antenna system as 
used throughout this article includes not 
only the radiating wire, but also the feed 
line, balun (if used), any lightning-protec- 
tion measures, antenna tuner and so forth. 

The dipole antenna itself is not broad- 
band; the system uses a broadband match. 
The key broadbanding element of this 
antenna system is the transmission-line 
resonator: Part of the transmission line 
compensates for the reactance presented by 
the dipole away from its resonant fre- 
quency. This part of the line is a multiple of 
an electrical half wavelength. Another part 
of the line presents an appropriate source 
impedance to the transmission-line resona- 
tor (TLR). 

First I'll describe a version of the broad- 
band antenna system, along with some 
practical results. Then I'll cover the impor- 
tant matter of antenna-system loss. Follow- 
ing that are some variations to suit specific 
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Turn your existing 80-meter dipole into a broadband 
antenna by simply modifying the feed line. Multiband 


operation is an option. 


requirements, and a method for using the 
antenna for several bands. I’ll also com- 
pare transmission-line-resonator broad- 
banding to other broadbanding methods. 


The 80-Meter Broadband Antenna 
System 

Figure | shows the simple broadband an- 
tenna system as used at my station. The an- 
tenna proper is a center-fed half-wavelength 
dipole. The transmission line is segmented 
into one electrical wavelength of 50-Q coax 
and an electrical quarter wavelength of 75-Q 
coax. The calculated and actual lengths are 
shown in Table 1. Lengths were calculated 
using the formulas given later in this article, 
using a center frequency (Fy) of 3.75 MHz 
and VF (velocity factor) of 0.66. The actual 
lengths resulted after I performed the tuning 
procedure described later. Manufacturing 
variations from the published cable velocity 


Transmitter |_| 


factors, and some stretching of the coax, con- 
tributed to the differences between actual and 
measured values. (The actual lengths were 
measured on untensioned cable.) The antenna 
is installed as an inverted V with a 140° in- 
cluded angle and an apex height of 60 feet. 
The wire size is #14, but is not critical. 


Table 1 


Calculated and Actual Lengths of 
the Broadband Dipole Antenna at 
Al1H 


Calculated Actual 
1/4-- Coax 43.3 feet 43.3 feet 
1-2 Coax 173.1 feet 170.5 feet* 
Dipole 124.5 feet 122.7 feet 


*Includes 11 inches for balun. 


Center—Fed 
Half—Wave Dipole 


Transmission—Line 
Resonator 


a ia. 759 


RG-11 





Figure 1—One form of the simple broadband antenna system. It resembles a con- 
ventional dipole except for the 1/4-wavelength, 75-Q segment. Points A and B are 


discussed in the text. 





This system's SWR (at the transmitter) 
as a function of frequency is shown in Fig- 
ure 2. For comparison, the SWR for the 
same dipole fed with about 5/4 wavelengths 
(214 feet) of RG-213 coax is also shown. 
(This is the same total length as the RG-213 
and RG-11 segments used in the broadband 
system.) The broadband system’s 2:1 SWR 
bandwidth is 2.2 times that of the conven- 
tional system—and the only difference is 
the feedline configuration! 

The radiating properties of the broad- 
band antenna over the 80-meter band are 
essentially identical to those of a dipole cut 
for any specific frequency in the band. 
Also, since the antenna system is designed 
for a 50-Q transmitter, the feed-line length 
may be extended by adding the required 
length of 50-Q coax between the transmit- 
ter and the quarter-wave segment (point A 
in Figure 1). 

A 1:1 current balun should be installed 
at the antenna’s feed point. I use the balun 
on general principles. Often, it provides no 
visible difference in operation, but the 
balun does minimize feed-line radiation. 
You can determine whether your antenna 
needs a balun by measuring the SWR ver- 
sus frequency with and without a balun 
installed. If the balun is not needed, the 
two sets of data will be identical. 


Antenna-System Losses 


It’s important to know the losses in any 
antenna system. This is especially true for 
broadband antennas, because loss alone 
can broadband an antenna system. As the 
next section shows, the configurations 
presented in this article do not yield a sig- 
nificant loss penalty. Although other loss 
contributors exist in antenna systems, we 
will focus on the primary ones: feed-line 
loss and mismatch loss. Other losses, such 
as ohmic loss in the antenna wire, are the 
same for both the conventional and broad- 
band systems described here. 

Feed-line loss is the easiest to under- 
stand. Itis unavoidable, and is lowest when 
the feed line is flat (when the line SWR is 
close to 1:1), At HF, feed-line loss results 
primarily from ohmic losses in the copper 
conductors. 

Mismatch loss occurs when the imped- 
ance seen by the transmitter is not the 
complex conjugate of the transmitter’ s im- 
pedance (when the line SWR at the trans- 
mitter is not 1:1). For a 50-Q transmitter, 
the mismatch loss is 0 dB when the load 
impedance is 50 Q. When the load imped- 
ance is not 50 Q, the mismatch loss can be 
made to be 0 dB if a transmitter with a tun- 
able output stage (such as a conventional 
tube-type linear amplifier) is tuned for a 
conjugate match. An antenna tuner can also 
provide this match. In this case, however, 
the antenna-tuner loss (perhaps as much as 
1 dB) replaces the mismatch loss in the 
total-loss equation. That subject isn’t dis- 
cussed here. 

If you don’t use an antenna tuner and 
the transmitter has a fixed-tuned 50-Q 
output, loads that present the transmitter 


with an SWR under 2:1 are highly desir- 
able. The impact of high SWR on mismatch 
loss will become clear in the next section. 

Loss must be kept in perspective. All of 
the broadband antenna systems described 
here have a worst-case total loss of less than 
3 dB—not enough to notice in many 80- 
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Figure 2—Measured SWR versus 
frequency for the broadband and 
conventional antenna systems. 
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Figure 3—Antenna-system configurations 
for long teed-line runs. The solid lines are 
SWR; the dotted lines are feed-line loss; 
and the dashed lines are feed-line loss 
plus mismatch loss. At A, a conventional 
system using an RG-213 feed line; at B, 
the feed line is a 1/4-A section of RG-11 
(75 Q) followed by 1 4 of RG-213; and at 
C, a 1/4-2 segment of RG-11 is followed 
by 1 A of RG-11 (one 5/4-A piece of RG- 
11). The total feed-line length in each 
case is 216.4 feet. 


meter QSOs. (If the loss is 3 dB, half of the 
transmitter’s output power is radiated and 
half is lost elsewhere.) The main effect of 
loss is stress on system components: that 
on the transmitter due to the mismatched 
load, and that on the transmission line due 
to heating. 


Variations 


The broadband antenna system 
described above is well-suited for the in- 
stallation at my station, where the distance 
between the shack and the antenna is rela- 
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Figure 4—Antenna systems for high power 
and shorter feed-line runs. The solid lines 
show SWR; the dotted lines represent 
feedline loss; and the dashed lines show 
feed-line loss plus mismatch loss. At A, 
the feed line is RG-213; at B, it’s a 1/4-A 
section of RG-11 followed by two para- 
lleled 1/2-A lengths of RG-213; at C, a 
1/4-2 segment of RG-11 is followed by two 
paralleled 1/2-A lengths of RG- 11, and at 
D, 1/4-2 of RG-11 is followed by 1/2-A of 
RG-213. The total feed-line length in each 
case is 129.8 feet. 
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tively long (more than 200 feet) and be- 
cause I use a 1-kW amplifier. Other feed- 
line combinations are better suited to other 
installations. Some of these are shown in 
Figures 3 through 5, along with calculated 
SWR and loss data. From this information, 
you can select an appropriate feed-line 
combination for your needs. 

The figures also show the characteristics 
of conventional dipole antenna systems. If 
you compare them, you'll see that the trans- 
mission-line resonator provides broad- 
banding without a significant loss penalty. I 
haven't tried all these combinations, but 
based on my experience, they should perform 
as predicted in most situations if the radiator 
doesn’t deviate significantly from the model 
I used in my calculations: a dipole 125 feet 
long, 40 feet high, and made of #14 wire. This 
model is based on data provided by Walt 
Maxwell, W2DU, in his book, Reflections.71 
chose his data since it is typical of many 80- 
meter installations. 

All of the broadband antenna systems 
use a 1/4-wave section and either a 1/2- or 
1-wavelength section. Figure 3 illustrates a 
system for long feed-line runs. It uses 
RG- 11 and RG-213 cable and should be 
considered for all power levels. Figure 3B 
covers the case shown in Figure | and used 
at my station. The feed line of Figure 3C is 
a continuous length of RG-11 cable 5/4 
wavelengths long. The transmission-line 
resonator is the 1-wavelength section of the 
cable nearest the antenna. 

This approach would also work with sur- 
plus 75-Q CATV Hardline. A 3/4, 5/4 or 
7/4-d section of 1/2-inch Hardline yields 
less than 2 dB feed-line loss plus mismatch 
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Figure 5—Antenna systems for low power 
and shorter feed-line runs. The solid lines 
show SWR,; the dotted lines represent 
feedline loss; and the dashed lines show 
feed-line loss plus mismatch loss. At A, 
the feed line is RG-58; at B, it's a 1/4-A 
section of RG-59 followed by 1/2 2 of 
RG-58. The total feedline length in each 
case is 129.8 feet. 
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loss over the entire band, and less than 1 dB 
total loss over any 300 kHz of the band. This 
configuration is particularly attractive to 
contesters and DXers, because even a fairly 
long line7/4 is 372 feet of 1/2-inch CATV 
Hardline—gives low loss and a very good 
match over, say, the 3.5- to 3.8-MHz range. 

Three broadband antenna systems are 
shown in Figure 4. All of these are candi- 
dates for applications requiring shorter 
feedline lengths. Figures 4B and 4C show 
the performance realized when coax cables 
are paralleled to achieve a low equivalent 
characteristic impedance. Figure 3B, which 
results from a 1-wavelength RG-213 trans- 
mission-line resonator, and Figure 4B, are 
very similar. The latter system uses the 
same amount of cable, but it’s cut in half 
and parallel-connected. This will become 
clear in the sidebar, “How It Works.” The 
configuration in Figure 4D is attractive be- 
cause of its simplicity. 

Lower-power applications without 
long feed-line runs can use RG-58 and RG- 
59 coax. Figure 5B shows how excellent 
broadbanding is achieved with a remark- 
ably simple feed line. Again, no loss pen- 
alty results from the broadbanding. 


Adjusting the Broadband Antenna 
System 

The antenna system is easy to build and 
adjust. First calculate the lengths (in feet) 
of the transmission-line segments: 


245.9 VF 
Louanter "See (Eq 1) 
1 _491.8VE 
ae | See (Eq 2) 
1. -983.6VE 
ful ~~ F (Eq 3) 
where 


Lauarter=length of quarter-wave segment 
Lyair = length of half-wave segment 
Lyyy = length of full-wave segment 

VF = velocity factor 


F, = center frequency in MHz 


A good starting point for the dipole wire 
length (in feet) is: 


467 


dipole F F, 


L (Eq 4) 


For the 80-meter application, I suggest 
using an Fy of 3.75 MHz. It’s a good idea to 
cut the wires so that the overall length is 
4 feet longer than necessary, in case you 
need to lengthen the wire during tuning. 
Pass 2 feet of the extra wire through each 
end insulator and wrap it back around the 
antenna wire. 

To tune the antenna system, you'll 
change only the dipole and transmission- 


line-resonator lengths. The best approach 
is to build the antenna system as I have 
outlined here and to measure the SWR at 
the transmitter end of the system. Any tilt 
or frequency offset in the SWR character- 
istic can be removed by increasing or de- 
creasing the dipole or transmission-line 
resonator length. Start by changing the 
length of the dipole. To improve the SWR 
at the high end of the band, the dipole must 
be shortened; to improve the SWR at the 
low end of the band, the dipole must be 
lengthened. Progressively add or subtract 6 
inches from both legs of the dipole until the 
SWR curve is symmetrical about the center 
frequency. 

Frequency offset may be required to 
center the SWR characteristic in the 80- 
meter band. You can move the entire curve 
along the frequency axis without causing 
asymmetry by changing both the dipole and 
transmission-line resonator lengths using 
the following equation: 


=L 


L 3750 —AF 
New — ~Old 


3750 (Eq 5) 


AF is the required frequency offset in 
kilohertz. Shortening the dipole and reso- 
nator moves the curve center up in fre- 
quency, and lengthening them moves the 
center down. The length of the quarter- 
wave segment need not be changed, since 
the SWR characteristic is not very sensi- 
tive to its length. 


Lightning Protection 


Every antenna system should be de- 
signed to minimize the likelihood of a light- 
ning strike. One part of this is keeping all 
parts of the antenna proper at ground po- 
tential. The grounding should be done out- 
side the shack, by means of a good ground 
rod. 

I recommend that you install a coaxial 
lightning protector, which bleeds any static 
charge from the center conductor, at point 
B of Figure 1. The protector (and therefore 
the feed-line shield) should be connected 
to a high-quality ground rod (the kind elec- 
tricians use) driven 8 feet into the ground. 


Conversion of Existing 80-Meter 
Dipoles 


A study of the cases shown in Figures 3B, 
4D and SB suggests that it’s possible to easily 
convert many existing 80-meter half-wave 
dipole antennas. Because the most popular 
way to feed an 80-meter dipole is with a 50- 
Qcoaxial feed line, the conversion to a broad- 
band antenna system is straightforward. First 
trim the dipole for resonance at about 3.75 
MHz. Then cut the 50-Q feed line at a mul- 
tiple of an electrical half-wavelength (at 3.75 
MHz) from the antenna. Calculate this length 
using Eq 2 or Eq 3. Add the 75-Q quarter- 
wave section, then complete the run to the 
shack (if necessary) with 50-Q coax. Then 
use the tuning procedure described earlier to 
optimize the system. 





Multiband Operation 


Most broadband 80-meter antenna sys- 
tems are usable only on the 80-meter band, 
because the broadbanding elements do not 
allow efficient power transfer on other 
bands. This is not true with the approach 
described here, since the structure consists 
only of a center-fed dipole and a transmis- 
sion line. Moreover, the transmission-line 
segments are close to multiples of an elec- 
trical half-wavelength near 40 meters and 
other bands. This opens the possibility for 
paralleling other half-wave dipoles with the 
80-meter dipole and sharing the feed line. 

To minimize their interaction, the vari- 
ous dipoles should be spaced from each 
other away from the feed point. Of course, 
some interaction will occur and you must 
tune the multiband system to meet your 
requirements, I recommend first tuning the 
80-meter broadband system and then the 
next-highest-frequency dipole, and so 
forth. Only the 80-meter antenna will be 
broadband, but such broadbanding is not 
required on the other bands, Figure 6 shows 
the result of adding a40-meter dipole to the 
Figure | antenna. Each dipole leg is 34.4 
feet long. Note that the SWR on 80 meters 
changes very little compared to Figure 2. 
No change was made to the 80-meter di- 
pole or the transmission line. 

The multiple-dipole approach described 
above achieves resonance on several bands 
and eliminates the need for an antenna tuner 
on those bands, Of course, if you use an 
antenna tuner, operation on all HF bands 
should be possible, but this arrangement is 
usually not as effective as the multiple- 
resonance antenna system described here 
because the feed-line loss is much higher. 


Comparison with the Coaxial- 
Resonator Match 


How does the simple broadband dipole 
described here stack up against other ap- 
proaches for achieving a good match over the 
entire 80-meter band? The coaxial resonator 
match broadband dipole* represents one of 
the more efficient designs published to date. 
It achieves broadband matching at the an- 
tenna by the integration of 1/4 wavelength of 
coaxial cable as a part of the antenna. 

Since the coaxial-resonator match 
achieves a good match at the antenna, the 
SWR on the feed line is low and the feedline 
loss is about the same as its matched loss. 
However, the coaxial cable in the match 
itself increases the system loss. The net 
result is that the total loss is about the same 
with the coaxial-resonator match, but the 
SWR at the transmitter is lower, never ex- 
ceeding about 1.6:1 between 3.5 and 4 
MHz. Once the SWR is less than 2:1, how- 
ever, a lower SWR has little value unless 
you're using a transmitter that significantly 
reduces power at such SWRs. 

Note that the approach described in this 
article uses a thin wire for the antenna. Most 
other broadbanding approaches use addi- 
tional wires or radiators made partly from 
coaxial cable and are vulnerable to damage 
from wind and ice loading. Their additional 





How It Works 


A fundamental way of achieving a 
broadband match to a resonant dipole 
antenna involves a parallel-tuned LC 
network and an appropriate source 
resistance. In an RF Design article,* | 
described the method for designing 
such networks, even with lossy reso- 
nators. The top of Figure A shows the 
equivalent circuits of the antenna and 
matching network. The bottom of Fig- 
ure A illustrates the corresponding el- 
ements in the antenna system. 

The role of the resonator is played 
by the transmission-line segment near- 
est the antenna. It must be a multiple of 
an electrical half-wavelength. The 
quarter-wavelength “Q”-section, made 
from 75-Q coax, transforms the 50-Q 
transmitter reactance to 112.5 Q 
(757/50=1 12.5). | won't go into the de- 
sign details here; they're the subject of 
another article,“Broadband Matching 
Using the Transmission-Line Resona- 
tor,” in preparation for The ARRL An- 
tenna Compendium, Volume 4. 

For the structure of Figure A to yield 
a broadband match, the characteristic 
impedance of the transmission-line 
resonator and the transmitter resis- 
tance must be within a range of values. 
Fortunately, commonly used transmis- 
sion lines, which are available in 50- 
and 75-Q characteristic impedances, 
work well in this application. The 
broadband systems of Figures 3 
through 5 show the usefulness of this 
approach. 


Lossy Resonator 
(Matching Network) 





Figure B makes another significant 
point. For this application, the network 
parameters of a one-wavelength 
transmission-line resonator (top) are 
similar to those of a half-wavelength 
resonator (bottom) with half the char- 
acteristic impedance of the upper 
resonator. Parallel-connecting two 
identical cables is a convenient way of 
achieving lower characteristic imped- 
ances. This explains the similarity of 
Figures 3B and 4B and the similarity of 
Figures 83C and 4C.—A/1H 


*F. Witt, “Optimum Lossy Broadband Match- 
ing Networks for Resonant Antennas,” RF 
Design, Apr 1990, pp 44-51 and Jul 1990, 
p 10. 
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Figure A—Lossy broadband-matching- 
network equivalent circuit (top), and 
corresponding simple broadband 
antenna system elements (bottom). 
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Figure B—These two transmission-line resonators behave essentially the same 
in this application. The characteristic impedance of each cable segment is the 
same, making the characteristic impedance of the lower resonator half that of 


the upper one. 


weight and complexity are also limitations. 
From the above comparison, the simple 
broadband antenna system has, by its very 
simplicity, an edge over the coaxial resonator 
match, at least in applications where the sim- 
pler approach is feasible. Because of the limi- 
tations of available coaxial cables, the oppor- 
tunity for a satisfactory design is constrained. 
On the other hand, the coaxial resonator match 
has more adjustment parameters, is useful 
over a much broader range of applications and 
yields the lowest SWR over the band. 
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Figure 6—Measured SWR for the 80- and 
40-meter multiband antenna system. 
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Summary 


The simple broadbanding technique I’ve 
described here capitalizes on the common 
availability of coaxial cables that fit the ap- 
plication. It overcomes the narrow bandwidth 
limitations of a conventional 80-meter, half- 
wave dipole without significant disadvan- 
tages. Even parallel dipoles for other bands 
may be fed with the same feed line. 

The limitation of available coaxial cable 
parameters can be overcome by using the 
transmission-line resonator as a resonant 
transformer. Applying this technique is de- 
scribed in an upcoming ARRL Antenna 
Compendium article, “Broadband Matching 
Using the Transmission-Line Resonator.” 

This work has benefited from the sup- 
port and encouragement of my wife, Bar- 
bara, NIDIS. Also, I must credit Andrew 
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Griffith, W4ULD, for helping to turn my 
attention to the approach described here. 
After reading my QST article on match 
bandwidth of resonant antenna systems,® 
Andy noted that antenna systems should be 
viewed from their match to a 50-Q. trans- 
mitter, even if the feed line does not have a 
50-Q characteristic impedance. He showed 
examples of the narrowing of match band- 
width to make his point. In my response, 
published with Andy’s letter in QST,’ I 
pointed out that match bandwidth of an 
antenna system may actually be increased 
by selecting the right cable length and char- 
acteristic impedance. As an example, I 
showed in Figure 3 of that correspondence 
the large match bandwidth of a dipole fed 
with a 5/4-wavelength, 75-Q RG-11 cable. 
Note that this is the same case shown in 
Figure 3C of this article. Thank you, Andy! 


Notes 
1G. Hall, ed, The ARRL Antenna Book, 16th ed 
ee rara: ARRL, 1991), pp 9-1 through 


2M.W. Maxwell, Reflections: Transmission 
Lines and Antennas (Newington: ARRL, 
1990), pp 18-1 through 18-6. 

3See Note 2, p 15-19. 1 frequency-scaled Walt’s 
data, which is equivalent to changing the wire 
length. This antenna has a Q of 13 anda reso- 
nant resistance of 65-Q. | took into account 
the fact that the antenna’s radiation resis- 
tance increases with frequency. 

4. Witt, “The Coaxial Resonator Match and the 
Broadband Dipole,” QST, Apr 1989, pp 
22-27. 

5F. Witt, “The Coaxial Resonator Match,” The 
ARRL Antenna Compendium, Volume 2 
(Newington: ARRL, 1989), pp 110-118. 

§F. Witt, “Match Bandwidth of Resonant An- 
tenna Systems,” QST, Oct 1991, pp 21-25. 
7A. Griffith and F. Witt, “Match Bandwidth Re- 
visited,” QST, Technical Correspondence, 

Jun 1992, pp 71-72. 











With reference to earlier items by K1TD 
and W7ZOI in QST, it is possible to design 
a simple, adjustment-free matching net- 
work that will make an 80-meter dipole 
have a reasonable SWR across the band.! 
When using Hayward’s RLC model of the 
dipole, a simple parallel-tuned circuit 
across the antenna feed point gives less than 
2:1 SWR across all but the bottom 10- to 
20-kHz of the band, as shown in Figure 1. 

This method does require a source im- 
pedance of 140 ohms, so a broadband 
matching transformer will be needed at the 
input. Isee no reason why you couldn't just 
tap the input down on L1 and use L1 as an 
autotransformer to accomplish the imped- 
ance matching function. In fact, although I 
have not tried it, it may be possible to in- 
clude the balanced-to-unbalanced trans- 


'J. Hall, “The Search fora Simple, Broadband: 
80-Meter Dipole,” QST, April 1983, p. 22. 
aw. Hayward, “Limitations to Broadband Im- 
pedance Matching,” Technical Correspon- 

dence, QST, July 1984, p. 45. 


Row Dipole 
\ (Zo = 70.2) 





From QST, June 1985 (Technical Correspondence) 


Once More With the 80-Meter 
Broadband Dipole 


formation in the same coil, as shown in Fig- 
ure 2. To tune this network, use a dip meter 
with no antenna connected. Then install the 
network on the antenna and adjust the input 
tap for the best compromise SWR across 
the band. 

By choosing a lower characteristic im- 
pedance, you can get much better SWR 
over a narrower bandwidth (Figure 1). Re- 
tune both the antenna and the network to 
center the response on either the phone or 
CW portion of the band. 

You can get better SWR in both the 
fullband and narrow-band case by adding a 
series-tuned circuit to the input (Figure 3). 
The improvement is marginal, however, 
and complicates the impedance step-up ar- 
rangement, so it is probably not worth the 
effort. It would be better to take Hayward’s 
suggestion and make the antenna itself in- 
herently more broadband. One method is to 
“fatten” the elements by using a wire cage 
arrangement or similar. Of course this 
would change the values of Zo, L1 and Cl. 


The original graphs for Figures | and 3 
were drawn with an HP-87. I would be 
happy to send a copy of the rogram to any- 
one who sends me an s.a.s.e.—Alan Bloom, 
NIAL 





Figure 2—Proposed method of feeding a 
balanced antenna with unbalanced line. 
The shielded conductor of the coax line 
must be connected at the exact center of 
the coil, which is an electrically neutral 
point in the antenna system. 
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Figure 1—Calculated reflection coefficient and standing-wave 
ratio vs. frequency for a single-wire dipole and dipoles with 
lumped constants (C1 and L1) at the feed point. 


120 ohms: 
For the curve where Zo is 140 For the curve where Zo is 100 Ci-3500 pF 
ohms: ohms: C2-60 pF 
C1 = 2000 pF C1 = 3500 pF L1-0.5146yH 
L1 = 0.9006 uwH Li = 0.5146 wH. L2-30.0211 wH 





3.8 
Frequency (MHz) 


Figure 3—Calculated reflection coefficient and standing-wave 
ratio vs. frequency for an antenna with shunt and series lumped 
constants at the feed point (C1-L1 and C2-L2, respectively). 


For the curve where Zo equals 


For the curve where Zo equals 
90 ohms: 

C1-—7000 pF 

C2-60 pF 

L1—0.2573 pH 

L2-30.0211 wH 
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By Robert C. Wilson From The ARRL Antenna Compendium, Vol 2 


Fat Dipoles 


Antennas without problems make radio 
communications enjoyable, I design over- 
seas radio stations for a living, so I'd rather 
not have to fight my own ham station when 
just relaxing and rag chewing. Fat dipoles 
do the things I want. They match the coax 
line well over a wide band, and they launch 
the signal remarkably well. 


Theory 

Making a dipole conductor thicker than 
normal with respect to wavelength will in- 
crease the bandwidth and modify the work- 
ing impedance of the antenna. The trick is 
to make a dipole “fat” in such a way that it 


3' Wood Spacer 


Support Wire 
Or Rope 
Length As 
Required. 


2 Slots No. 14 Ga, 


may be easily constructed from cheap ma- 
terials, be highly efficient and at the same 
time arrange things so that it will match the 
transmission line from the lower band edge 
to the upper band edge. 

I started with the assumption that my 
band of interest would be the 80/75-meter 
band. From end to end, this requires a 13% 
bandwidth to the 2:1 SWR points for my 
broadband-solid-state final. | also assumed 
that this antenna was going to be at anomi- 
nal height of 30 feet or 0.11 wavelength 
above ground. The calculations indicated 
that a dipole built of four quarter-wave- 
length no. 14 wires (0.064 inch) with a 


spacing of 0.0114 wavelength would pro- 
duce the necessary results. The correct 
length would have to be 0.45 wavelength to 
match a 50-ohm line. 


Length = 442.5/f feet 
Width = 11.25/f feet 
Height = 112.5/f feet 


where f = center frequency in MHz 


Construction 


Very few problems will be encountered 
in building this simple fat dipole if you fol- 
low the drawing (Figure 1). First you will 
need five good insulators. I prefer egg type 
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Figure 1—The fat dipole with construction details of the spreaders. See Table 1 for the length and spreader dimensions (A). 
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insulators but there is no critical problem 
here. One insulator is for the center of the 
dipole and the others are for the four ends. 
You will need four 3-foot-long broom 
sticks or 1-inch wood or plastic rods with 
good weatherproofing. I painted mine with 
auto undercoating but outdoor paint or var- 
nish should also work. Copperweld wire is 
very desirable because it won’t stretch and 
change the tuning of your antenna. This 
type of wire is available through advertise- 
ments in OST. The same source may also be 
able to supply the essential wide-band 
balun transformer and coax. Either the RG- 
58 or RG-8 types of coax cable are satisfac- 
tory but the latter requires more support 
because of its greater weight. 

Measure your wire carefully and leave 
enough extra so that the insulators can be 
attached. The final length will need to be 
the calculated value, from insulator wire 
end to insulator wire end. After building 
the four-wire section, attach dowel rods as 
shown to act as spreaders, Fasten each rod 
in place with pieces of wire threaded 


Table 1 


Dimensions and Bandwidths on 
Various Bands 


Frequency Length, Spacing (A), Bandwidth, 
MHz ft ft MHz 


1.9 233 5.9 0.252 
3.75 118 3 0.5 

7.15 62 1.6 0.951 
14.175 31.2 0.8 1.885 
21.225 20.85 0.53 2.823 
28.860 15.34 0.39 3.837 





through the holes and then wrapped around 
the antenna wire. Wrap these spreader 
wires tight enough so that the rods will not 
slip out of place. Snip off projecting wire 
ends wherever they occur to prevent RF 
corona power loss. Then, using either wire 
or rope, make a bridle to hold the ends of 
the antenna. 

Last, solder the balanced end of the 
balun transformer to the dipole. Each wire 
from the balun should go to the pair of wires 





on the same side of the dipole. The solder 
job should be of the best quality and perma- 
nent because it is hard to repair later. The 
coax needs to be connected to the 
unbalanced side of the balun. If you use 
large-diameter coax (3/8 inch) then think 
about ways to support the weight. Perhaps 
a piece of nylon rope from the dipole center 
insulator to the coax will help take the load, 
but I'll leave the details of the problem up 
to you. After this final construction step, 
haul the antenna up in the trees, using care 
that no twists are allowed. 


Operation 


For once I had a 75-meter antenna that 
worked better than predicted. The SWR 
was 1.6:1 or better from 3.5 to 4.0 MHz. 
Better yet, reports received were excellent 
with my old 100-watt solid-state trans- 
ceiver. Moving up and down the band gave 
no loading problems from the broadband 
final. The fat dipole is just what I needed 
for a good, relaxing rag chew after a hard 
day with the 500-kW rig at the office. 
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The Off-Center-Fed Dipole Revisited: A Broadband, Multiband Antenna 
From August 1990 QST 


improved Feed for the Off-Center-Fed Dipole 
From May 1996 QST (Technical Correspondence) 


Off-Center-Fed Dipole Comments, Part 2 
From October 1996 QST (Technical Correspondence) 


Off-Center-Fed Dipole Comments, Part 3 
From October 1996 QST (Technical Correspondence) 


Choke the OCFD 
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By John Belrose, VE2CV and Peter Bouliane, VE3KLO From QST, August 1990 


The Off-Center-Fed Dipole 
Revisited: A Broadband, 
Multiband Antenna 


The search for a simple broadband, 
multiband antenna with acceptable SWR 
over the entire 80/75meter band continued 
with the publication of the article by Witt, 
AIIH, in April 1989 QST. This inspired 
author Belrose, VE2CV, to reopen his files 
on the “Windom antenna,” or, more prop- 
erly, the off-center-fed dipole. Particularly 
since the opening of the 10, 18 and 24-MHz 
bands, this time-honored, somewhat con- 
troversial antenna is attracting a revival in 
interest and usage because of its multiband 
characteristics. Thus, the off-center-fed di- 
pole deserves an update. Certainly, most 
North American radio amateurs have not 
heard about the German version of this 
antenna. 


Even though it is one of the simplest 
antennas, the drooping dipole (a dipole with 
drooping ends, popularly referred to as an 
inverted V) is effective on 80 meters. For 
good DX performance, the apex of an 80- 
meter drooping-dipole antenna should be as 
high as possible above ground (at least 15 
meters [50 feet]), because the antenna’s 
vertical radiation angle decreases with 
height above ground. The arms of an 80- 
meter drooping dipole should not be too 
close to the ground (say, greater than 3 m 
[10 ft]). The input impedance (R, +jX,) of 
a drooping dipole depends on the operating 
frequency, the length of the dipole, the angle 
between its arms, the dipole’s height above 
ground, and-—particularly the resistive 
component—on the conductivity of the earth 
beneath the antenna. The included angle be- 
tween the arms of an 80-meter drooping 
dipole should be about 127°, since, in this 
configuration, the antenna’s pattern is di- 
pole-like, and its input impedance is about 
50 Q for antenna heights typically employed 
by radio amateurs. The principal disadvan- 
tage of such an antenna is that its SWR band- 
width-less than 200 kHz-—is too narrow to 
cover the 80/75-meter band. 

The broadband performance of an an- 
tenna can be improved through the use of a 


matching network at the feed point. This 
network can comprise discrete components 
(see Hall,! Hayward,” Bloom,? Hately,4 and 
Li, et al>); or transmission-line stubs 
(Snyder,® Hansen,’ and Witt,®). Authors Li, 
et al give a microcomputer program for the 
design of LCR networks for broadband 
matching. 

Another way to improve broadband per- 
formance is to use two dipoles fed in paral- 
lel: one dimensioned for the middle of the 
lower half of the band, and the other for the 
middle of the upper half of the band. The 
drooping-dipole configuration is ideal for 
this arrangement, since the ends of the two 
dipoles can be fanned (for angular separa- 
tion) in either the vertical or horizontal 
plane. An alternative is to use an off-cen- 
ter-fed dipole, which, in addition to 
broadbandedness, has multiband perfor- 
mance characteristics. This article is con- 
cerned with such an antenna. 


The “Windom Antenna” and Single- 
Wire Feed 


The original Windom antenna (devised 
in 1928-29), named after Loren Windom, 
W8GZ, the amateur who wrote a compre- 
hensive article about it,? employed single 
wire feed at a point of 1/6 to somewhat over 
1/7 of the antenna length from the center 
(see Figure 1A). Windom reported on a de- 
tailed experimental study by colleagues 
John Byrne, W8DKZ, Edward Brooke, 
W2QZ, Jack Ryder, W8DKJ, and Prof W. 
L. Everitt of the Ohio State University Dept 
of Electrical Engineering. They found that 
if ammeters were placed on the antenna, 
with the single-wire feeder at the position 
just described, the current distribution on 
the dipole was sinusoidal and symmetrical, 
with no discontinuity in the vicinity of the 
feed point, and no standing wave on the 
feeder. Clearly, the feeder was terminated 
in its characteristic impedance. 

This article did not discuss pattern, and 
it was many years before the computational 
tools for predicting pattern were available. 


Parfitt and Griffin! have recently analyzed 
the single-wire-fed dipole (the Windom 
antenna), and their results show, as antici- 
pated, that radiation from the feed wire does 
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Figure 1—Two versions of the off-center- 
fed dipole. At A, the original “Windom 
antenna”—actually a Hertz (1/2 A) element 
excited via a single-wire feeder; at B, a 
dipole off-center-fed via balanced line. 
The single-wire-fed version dates from the 
late 1920s; the balanced-line-fed version 
(sans balun) dates from the 1940s, and 
the balanced-line-and-balun version 
appeared in ARRL publications beginning 
in the late 1950s. 
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modify the antenna pattern, primarily at 
low elevation angles with the horizon. The 
feed line for their modeled antenna was 
vertical.!! The pattern was basically dipole- 
like, with a squint away from the broad- 
side. Current on a wire, whether uniform (a 
traveling wave) or sinusoidal (a standing 
wave) leads to radiation, unless the radia- 
tion that results from this feedwire current 
is canceled by an equal amplitude, out-of- 
phase current on an adjacent parallel wire 
(as ina balanced transmission line). For the 
Windom antenna, feederradiation could be 
significant, depending on the arrangement 
and the length of the transmission line. 

The Windom antenna was widely used 
during the 1930s and into the 1940s. For 
example, in author Belrose’s experience, 
the British Columbia Forest Service were 
using the single-wire, off-center-fed dipole 
in the mid-1940s. It was a simple antenna 
that was easy to tune and match with the rt 
network employed in the output circuit of 
their transmitter. 


The Off-Center-Fed Dipole and 
Balanced Transmission Line 


A later version (1940s) of an off-center 
fed dipole (miscalled Windom) employed 
300-Q ribbon feed at a point 1/3 of the an- 
tenna length from one end (see Figure 1B). 
Such an arrangement was the first antenna 
used by author Belrose for operation on the 
80, 40 and 20-meter bands in the 1940s. 
Scholle, DJ7SH, and Steins, DLIBBC, have 
more recently modified this antenna, devis- 
ing a double-dipole version that provides a 
good match to 50-Q line on all Amateur Ra- 
dio bands from 3.5 through 28 MHz.!? [See 
the Appendix for translations of this article 
and that cited in Note 13—Ed.] Note that their 
double-dipole version provides a good imped- 
ance match to coax on the 21-MHz band, 
which the single-dipole 80-meter antenna did 
not. A double-size version provides 1.8-MHz 
coverage as well.!3 

Scholle and Steins added a shorter off- 
center-fed dipole in parallel with the longer 
element, and employed a 50-Q feed coaxial 
cable with a 300- to 50-Q (6:1) balun lo- 
cated at the feed point. Table 1 summarizes 
information available on the element 


Center-Fed versus Off-Center-Fed 
Dipoles 


Acenter-fed dipole is a resonant an- 
tenna atits fundamental frequency’ (fy) 
and at 3fo, 5f,, 7f, and so on, whereas 
an off-center-fed dipole is resonant at 
fo, 2fp, 4fo, Bf, and its bandwidth (ap- 
parently) is greater. As a low-band, 
multiband antenna, this off-center-fed 
dipole has advantages over the cen- 
ter-fed dipole, but a disadvantage (or 
advantage, depending on the antenna 
configuration and one’s point of view) 
is that feeder radiation can contribute 
to the antenna’s resultant radiation 
pattern. The use of a current balun 
minimizes feeder radiation. —VE2CV 
and VE3KLO 
*The frequency at which it is 1/2 A long. 
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Table 1 








Summary of Element Lengths for Published Off-Center-Fed-Dipole 


Designs 
Figure 1B Version 


cq-DL double-dipole version 
cq-DL double-sized, double-dipole version 


Author's double-dipole version, (balanced 
coaxial-line feed, Figure 4) 


lengths for single and double off-center- 
fed dipoles. Since the dipole must be reso- 
nant on harmonic frequencies, its length 
must be somewhat longer than optimum for 
the 75-meter band, as noted by Scholle and 
Steins. Itis apparent from their SWR curves 
that the resonant frequency of their antenna 
is less than 3.5 MHz. 

In the arrangement employed by Scholle 
and Steins, the longer elements were hori- 
zontal and the shorter elements sloped (the 
included angle between the arms of which 
was A=100°). The authors’ version was a 
drooping-dipole configuration (A ~127°) 
with the angle between the arms of the two 
dipoles approximately 45°. This antenna 
was fed with two 15-meter (50-foot) 
lengths of RG-62A (foam dielectric) co- 
axial cable configured as a balanced trans- 
mission line.'4 

We fabricated a single off-center-fed 
dipole (dimensionally identical with the 
longer element of the Scholle and Steins 
“double dipole”) and used it as a Field Day 
antenna (in 1985) for 75/80 in. The stimu- 
lus for this, and for carrying out a detailed 
study, was a search for a simple all-band 
antenna conducted for the Canadian Na- 
tional Institute for the Blind.!> We experi- 


® Center—Fed, 1/2—2 
*, Drooping Dipole 


13.5 m (44.29 ft) 27.94 m (91.67 ft) 


13.8 m (45.28 ft) 
4.69 m (15.39 ft) 


27.7 m (90.88 ft) 
9.38 m (30.77 ft) 


25.88 m (84.91 ft) 
4.69 m (15.39 ft) 


51.77 m (169.85 ft) 
9.38 m (30.77 ft) 


23.3 m (76.44 ft) 
6.78 m (22.24 ft) 


48.2 m (158.13 ft) 
13.58 m (44.55 ft) 


mented with 4:1 and 6:1 baluns, primarily 
because 4:1 baluns are easier to come by 
(more on baluns later). The antenna was 
operated in a drooping-dipole configura- 
tion (A=127°), with the apex (which, in our 
case, was the feed point) at about 12 meters 
(40 feet). (In retrospect, we should have 
positioned the center of the antenna at apex 
height, since in this configuration the cur- 
rent maximum on the antenna [for 80-meter 
operation] would be at maximum height.) 
Extensive impedance and SWR measure- 
ments were made. To facilitate this, we 
employed a low-loss (foam-dielectric) co- 
axial feeder consisting of a 32.3-meter 
(106-foot) length of Belden 8214 (velocity 
factor, 0.8.) This feeder was 1/2 A long at 
3.5 MHz, | A at 7 MHz, and so on. High- 
quality commercial baluns (made by An- 
tenna Engineering, Australia!®) were used 
between the feed line and the antenna. 
Figure 2 shows our SWR measurements 
for the 80/75-meter band. With the 6:1 balun 
in line, the 2:1 SWR bandwidth was 3.47 
to 3.93 MHz—broadbanded, indeed. The 
SWR was even lower on 40 and 20 meters, 
and less than 2:1 for the lower half of the 10- 
meter band; see Figure 3. Clearly, these 
bandwidths are not in accord with simple 
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Figure 2—SWR vs frequency for a single off-center-fed dipole employing different baluns 
(4:1 and 6:1) at the feed point, compared with a center-fed 1/2-/ dipole. Both antennas 
were operated in a drooping-dipole configuration. 





6:1 Balun 


7.0 Ve 


Frequency (MHz) 


14.30 14.35 


9 


Frequency (MHz) 


(C) 





Figure 3—SWR vs frequency for the off-center-fed dipole of Figure 2 at 40, 20 and 10 


meters. 


theory.!” Fifteen-meter data are not shown 
because this single off-center-fed dipole 
was not resonant on the 15-meter band. 
The 4:1 balun provided somewhat 
sharper resonances and lower S WR at reso- 
nance in the 80/75- and 40-meter bands, 
but a low SWR was not obtainable in the 


20-meter band. The measured impedance 
at resonance in the 80/75-meter band with 
this balun was exactly 50 Q; hence the 
antenna’s effective feed-point impedance 
was 200 ©. This explains why the mini- 
mum SWR with the 6:1 balun was 1.5:1; 
the 6:1 balun, however, seems to be a better 





compromise if operation on other bands is 
wanted. 

As noted, we employed high-quality 
commercial baluns (from the AEA Model 
250 series). Radio amateurs have several 
alternatives in this connection; these in- 
clude using a 4:1 balun and 75-Q coax; or 
purchasing or winding your own 6:1 balun 
(see Orr, W6SAI'S),and using 50-Q coax. 

Aside from impedance matching, how- 
ever, there are other factors to consider in 
feeding an off-center-fed dipole and select- 
ing a balun for this service. Next, we ad- 
dress some of these aspects. 


Balun and Feeder Considerations 


In the autumn of 1989, we decided to have 
another look at off-center-fed dipoles. Be- 
cause of the multiple-resonant-frequency re- 
sponse of the double off-center-fed dipole, 
we decided to explore the potential of this 
antenna system for broadband frequency 
coverage. If used with a suitable antenna- 
system tuning unit (ASTU), a double off- 
center-fed-dipole system could perhaps be 
used on any frequency from 1.8 to 30 MHz. 
Since conventional baluns do not perform 
satisfactorily into reactive loads, we decided 
to eliminate the balun, at least insofar as the 
antenna and its feeder were concerned. We 
fed our antenna with a balanced 190-Q trans- 
mission line consisting of two 15-meter (50- 
foot) lengths of RG-62A (foam-dielectric) 
coaxial cable as shown in Figure 4 and 
described in the work cited in Note 15. 
Teflon-dielectric cable would have been 
preferable because of Teflon’s superior in- 
sulating characteristics but 95-Q, Teflon- 
dielectric coax is unavailable. 

We started out with a single dipole ele- 
ment dimensioned to 1/2 4 at 2 MHz. This 
antenna exhibited an antiresonant response 
(very high input impedance, measured at 
the transmitter end of the transmission line) 
at 7.6 MHz. Next, we installed the shorter 
dipole and dimensioned it to minimize the 
system’s impedance at 7.6 MHz. Figure 5 
shows the system’s impedance v frequency. 
Except for a narrow band of frequencies 
near 6 MHz, the input resistance fell in the 
range of 20 to 400 Q; and the input reac- 
tance fell in the range +j100 to —j200 Q. 
This double off-center-fed dipole system is 
rather easily tuned and matched, since its 
reactance is low. 

Figure 6 graphs antenna currents for a 
transmitter output power of 100 W. The 
antenna system was tuned using an un- 
balanced T network, with a ferrite-bead 
current balun of the type described by Max- 
well!? between the ASTU and the antenna. 
A balanced T network patterned after that 
described by Belrose was initially used 
since this is the type of ASTU that, in prin- 
ciple, should be used to tune and match a 
balanced antenna system. Unfortunately, 
however, this tuner employed a standard 
toroidal-core balun—a voltage balun, which 
applies almost-equal voltages to the wires 
of a balanced feeder. Even though the balun 
was on the “tuned side” of the ASTU—a 
practice we recommend—and the ASTU it- 
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Figure 4—A double-dipole, off-center-fed 
antenna with a balanced coaxial-line 
feeder. The pool dipole is dimensioned 
to 1/2 1 at 2 MHz; the shorter dipole is 
dimensioned to minimize the system at 
7.6 MHz. See text. 


Figure 5—Impedance (input resistance [R 
in] and input reactance [X in]) vs frequency 
for the antenna shown in Figure 4. 


Figure 6—Transmission-line currents (peak 
values for 100-W transmitter output power) 
for the antenna shown in Figure 4, tuned by 
means of an unbalanced T network anda 
ferrite-bead-choke (W2DU) current balun. 
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Figure 7—Transmission-line currents (peak values for 100-W transmitter output power) 
the Figure 4 antenna, tuned by VE2CV’'s balanced tuner, which employed a voltage 
alun. 
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Figure 8—At A, a 4:1, ferrite-bead current balun; at B, connections to the balun end of 
the dual-coax-balanced feed line. 








self was balanced, we found that the trans- 
mission-line currents (1, and I, in Figure 4) 
differed greatly in amplitude at some fre- 
quencies. The difference may surprise you; 
it did us (see Figure 7). 

For an antenna that is asymmetrical with 
respect to its feeder—such as an off-center- 
fed dipole—a current balun must be used, 
since this type of balun forces almost equal 
currents into each conductor of the bal- 
anced line. This is necessary if transmis- 
sion-line radiation is to be minimized. If 
these currents are exactly equal, there will 
be no difference in current flowing in the 
ground lead (I,,,), which connects the 
braids of the coax to the tuner ground. Any 
current on this lead is then due to radiation- 
coupled current (I,) induced on the outside 
surface of the coaxial shield. Clearly, we 
want this current to be small (to minimize 
radiation from the transmission line), and 
indeed it is small except at frequencies 
below 3 MHz (see Figure 6). (Our antenna 
was suspended from a bracket at the 12- 
meter [40-foot] level on a 21-meter [70- 
foot] aluminum-lattice mast. In the final 
analysis, reradiation by this mast should be 
considered because current may have been 
induced on the mast surface.) 


Off-Center-Fed Dipoles for the 
Amateur Radio Experimenter 


The off-center-fed dipole used by au- 
thor Belrose in the 1940s was fed with 
300-22 twin lead via a balanced ASTU that 
was link coupled to a balanced (push-pull) 
power amplifier. There was no concern 
about balun losses and what type of balun 
to use because the system contained no 
balun, 7° 

The authors’ double-dipole, off-center- 
fed antenna employed a balanced coaxial 
feed line. This antenna was attractive for 
the authors because it could be used 
throughout the HF range if fed via a suit- 
able matching network. If you decide to 
fabricate and try an off-center-fed dipole 
system, we suggested that you dimension it 
in accord with the Scholle and Steins ver- 
sions, which are optimized for the amateur 
bands. Furthermore, we suggest that you 
feed such an antenna with a balanced trans- 
mission line. We have used dual RG-62A 
cables to make a balanced 190-Q line, but 
one could use paralleled RG-63 (125-Q) 
coaxial cable, which would make a bal- 
anced transmission line more in accord (Z, 
=250 Q) with the traditional 300-Q-twin- 
lead feeder. In such a system, the balun, 
and the ASTU (if required), can be in the 
shack to allow experimentation in achiey- 
ing balanced current feed and reducing 
losses in the balun. Whatever method you 
use, feed your off-center-fed antenna via a 
current balun. 

A shield-choke current balun can be 
constructed by slipping ferrite beads (43 
or —73 material) over a length of coaxial 
cable, (Depending on the beads obtainable 
and the diameter of the cable you use, you 
may need to remove the cable’s outer jacket 
and install the beads directly around the 
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Figure A—Double Windom. 
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Figure B—SWR curves for the eight-band double Windom. [These curves do not cover 
all US amateur frequencies because allocations in the FRG differ from those in the US— 


Ed] 


shield.) As described in the work cited at 
Note 19, Walt Maxwell, W2DU, used 50 
beads of no, 73 ferrite (Amidon no. FB-73- 
2401, Palomar FB-24-73 or equiv) on a 
piece of Teflon-dielectric cable to make a 
practical, low-loss, 1.8-to-30-MHz balun 
about 12 inches long.”' Such a balun, how- 
ever, is a 1:1 transformer—not very useful 
for the present application, where imped- 
ance transformation is also required. A 4:1 
balun of similar type (see Note 20) can be 
constructed by using two equal lengths of 
RG-62 (95-Q) coaxial cable, each fitted 
with ferrite beads. The inputs to these two 
coaxial-cable baluns are connected in par- 
allel, and the outputs in series (see Figure 
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8). This makes a center-tapped 4:1 balun. 

Our antenna feeder has a center tap: the 
braid of the balanced coaxial transmission 
line. The braids of the transmission-line 
cables can be grounded to the center tap of 
the balun, or to the ASTU (or transceiver) 
ground. Connecting them to the transceiver 
ground is the better arrangement because 
the transmission-line currents are better 
balanced, and the braid current is less. (For 
the braid-to-ASTU-ground connection, the 
braid current is measured in the wire 
connection to the balun center tap; in the 
braid-to-transceiver-ground case, the braid 
current is measured in the connection to the 
equipment ground.) 


Performance 


Our single-element Field Day antenna 
worked well for us; as previously noted, 
however, we employed it only on 80/75 
meters. On this band, it is essentially a 
1/2-A dipole with unconventional feed. At 
higher frequencies, the pattern develops 
lobes because the dipole acts as a long-wire 
antenna. Provided that this directivity co- 
incides with directions of interest, the 
off-center-fed dipole is a good, simple 
broadband/multiband antenna. 

The authors’ 1989 (double-dipole) ver- 
sion, while not designed specifically for 
Amateur Radio communication, has been 
used on various amateur bands (during the 
winter of 1989-90). It works, but how well? 
We checked into various nets on 75 and 40 
meters. On 75, for instance, we checked 
into the ONTARS (Ontario Amateur Radio 
Service) net, and the Newfoundland Phone 
Net (1730 EST), two regions at quite dif- 
ferent distances from the Ottawa area. The 
reports received were comparable with 
those given to other stations by net control. 
On the 160-meter band, we found that we 
could work stations we could hear, pro- 
vided that they were running comparable 
power (100 W) and their local noise levels 
were reasonable. We have not yet deter- 
mined the antenna’s gain and pattern. 
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APPENDIX 


A Double Windom Antenna for Eight 
or Nine Bands 


This work, which originally appeared as 
two articles in cq-DL, was translated from 
the German by Dr. George Elliott Tucker, 
WASNVI. 


Part 1: A Double Windom Antenna for 
Eight Bands 


By Hubert Scholle, DJ7SH, and Rolf 
Steins, DLIBBC 

The asymmetrical dipole antenna devel- 
oped and described by Windom (W8GZ) in 
1929 has been used by many amateurs for 
many years as the FD4. This has also been 
the case in Germany. 

We discovered in an older periodical 
(QRV) the explanation by F. Spillner 
(DJ2KY) that this antenna, with the addi- 
tion of a small one-band Windom for 15 m, 
can be used as a five-band Windom. After 
the installation of the additional elements, 
this antenna worked very well fortwo years 
at DLIBBC. 

With the opening of new bands (10, 18 
and 24 MHz), the thought occurred to try 
out a new extension of the FD4 to eight 
bands (3.5 to 29.7 MHz). 

What worked for 21 MHz must also be 
possible for 10 MHz. 

So we took off the 21-MHz extension to 
my antenna and hung two elements of 4.69 
and 9.38 m (15.39 and 30.77 ft), respec- 
tively, on the FD4 and stretched these 
downwards from insulators as an inverted 
V (Figure A). 
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to TX 
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to 
ground 
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Figure C—A double Windom antenna for nine bands. 
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Figure D—Top view of the nine-band double Windom. [The elements are positioned to 
reduce coupling between the antenna’s two off-center-fed dipoles.—Ed.] 


To calculate the length we used the for- 
mula: 


L/2 = 142.5+f (Eq A) 


Whatever would work for 30 m should 
also work on 15 m. 

As suspected, it worked. 

As a by-product, it turned out in the 
measurements that this double Windom 
resonated just as well on 18 MHz and 24 
MHz. So our eight-band Windom came into 
being with really simple means. 


Construction 


Thanks to our neighbors, we were able 
to extend the basic antenna (FD4) to its full 
length. 

AtDLIBBC it was installed about 6.9m 


(22.63 ft) above the ground, rising to about 
8 m (26.25 ft) at each support point. At 
DJ7SH it hung about 5 m (16.4 ft) above 
the ground and partly ran over a garage 
roof. Both extension legs were stretched 
downwards as an inverted V with an angle 
of about 100°. Changing this angle allows 
the whole antenna to be easily tuned during 
final adjustments. 

After construction, the first measure- 
ments showed that because of the length of 
the 30-m elements, the 80, 40 and 20-m 
bands each had a resonance point that was 
shifted towards the low end of the band. 
This effect was eliminated by lengthening 
slightly the 30-m section, so the resonance 
points fell more in the middle of the bands. 

With this adjustment, the resonance 
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Figure E—SWR curves for the nine-band Double Windom. 


point on 30 m shifted slightly towards the 
end of the band, but this can be tolerated. 

With all measurements of the Windom, 
it was very clear that how the feed line ran 
played a decisive role. 

According to our results, it must be 
stressed that the feed line must run first ver- 
tically downwards from the feed point to 
the ground and only then to the shack, as 
otherwise the entire antenna may be 
detuned. This is especially the case when 
the height of the antenna is under 10 m (32.8 
ft). The 50-ohm-coax feed at DLIBBC was 
pulled through an old garden hose and then 
buried under the lawn. 

The lower antenna height at DJ7SH had 
the result that, with the first construction 
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attempt, the precalculated length of the 30- 
m elements was exactly right. The antenna 
delivered on all eight bands at the first go. 

As can be seen from the SWR charts 
(Figure B), at DL1BBC the match on 40 m 
turned out somewhat less favorable. How- 
ever, this was immediately fixed by chang- 
ing the antenna height slightly. At DJ7SH, 
no resonance curve ran above 1.5:1, which 
was the goal since neither station uses an 
antenna tuner. 


Performance 


First contacts were made with both an- 
tennas. These showed that the antennas had 
a good degree of performance for a long 
wire. Especially the downwards sloping 





extension elements have a clear advantage 
over the horizontal basic antenna for DX. 

With the first try on 30 m, many con- 
tacts were made with the US (East and West 
coasts), with signal reports between S6 and 
87 while running 100 W. 

At present, we cannot make a concrete 
statement about contacts within Europe. 

This article makes no scientific claims, 
but intends to stimulate the long-wire en- 
thusiast, and especially the friends of CW. 


Part 2: Adding Another Band 


Because the response was unexpectedly 
great to the publication of the above in cg- 
DL, we went to work again on an extension, 
as it was worthwhile to add 160 m. 

With a half wavelength at 1.835 MHz, 
we calculated the basic length of the an- 
tenna to be 77.65 m (254.75 ft). We tapped 
the antenna at 25.88 m (84.9 ft) from one 
end and fed it with 50-ohm coax through a 
6:1 balun. The basic antenna of this length 
was installed horizontally as a reclining L 
at DLIBBC. The additional elements, with 
lengths of 4.69 and 9.38 m (15.39 and 30.77 
ft), were attached at the balun. This addi- 
tional Windom for 10 and 21 MHz was 
again stretched downwards as an inverted 
V with an angle of about 100°. Here the 
additional Windom was mounted so that 
its elements were not extended in the 
same direction as those of the reclining L, 
which gave sufficient decoupling (Figures 
C and D). 

For the feed, the Fritzel company made 
available for testing a new 6:1 balun, series 
83, which can also handle high power. The 
SWR charts (Figure E) were obtained with 
the wire lengths given in the preceding 
paragraph. In case builders experience 
slight resonance shifts, these can be bal- 
anced out by lengthening or shortening the 
additional Windom. 


Performance 


First contacts were made with the an- 
tenna installed at DLIBBC. Here it was 
once again shown that the antenna has a 
good degree of performance for a long 
wire, especially for 1.8 and 3.6 MHz within 
Europe. The additional Windom again had 
the degree of performance described in the 
first part of this article. 

The authors welcome questions and ex- 
change of information. (When writing, 
please include return postage.) 
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Improved Feed for the 
Off-Center-Fed Dipole 


By Richard A. Formato, KIPOO 


Theoretical data suggest that the com- 
monly used feedpoint for the off-center-fed 
dipole (OCFD) may not be the best. The 
OCEFD is an attractive multiband antenna 
because it’s simple, inexpensive and re- 
quires no antenna tuner. Improving its per- 
formance simply by moving the feedpoint 
makes the antenna even more attractive. 
This note illustrates how the feedpoint in- 
fluences antenna performance by analyzing 
computer-modeled SWR data for three dif- 
ferent feedpoint locations. 

The OCFD (shown schematically in Fig- 
ure 1), consists of a single wire radiator of 
length L, fed off center a distance D from 
one end. The usual implementation uses a 
“l/s feed,” that is, the RF source is located 
one-third of the way from the end, so that 
D = L/3. Why the feedpoint should be lo- 
cated there is not exactly clear. The ninth 
edition of The ARRL Antenna Book,' for 
example, observes that there is not much 
theoretical justification for this choice. Nev- 
ertheless, the '/3-feed is accepted practice for 
building an OCFD. 

Design details for a '/3-feed three-band 
OCED (80, 40 and 20 meters) appear in the 
17th edition of The ARRL Antenna Book.2A 


‘The ARRL Antenna Book, 9th Edition 
(Newington: ARRL, 1960), pp 191 to 192. 





Table 1 


SWR Versus Feedpoint Placement 
(see Figure 1) 


Feedpoint 
Distance D(m) SWRA 
40 Meters 
8.65 
6.98 
3.65 
20 Meters 
8.65 
6.98 
3.65 
15 Meters 
8.65 
6.98 
3.65 
10 Meters 
8.65 
6.98 
3.65 
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4:1 current balun at the feedpoint matches 
this antenna to any length of 50-Q coax. 
More recently, Bill Wright, G@FAH, de- 
scribed a four-band, '/3-feed OCFD (40, 20, 
15 and 10 meters) fed with 300-Q ladder 
line.? Matching 50-Q coax requires a 4:1 
balun on 40, 20 and 10 meters, and a 1:1 
balun on 15 meters. Four-band operation, 
therefore, requires switching baluns. An- 
other minor limitation is that the ladder-line 
length can be only an odd multiple of the 
wavelength at 21 MHz because the line is 
used as an impedance transformer. A sim- 
pler approach to achieving four-band opera- 
tion is to feed the OCFD at a different point 
along its length. 

I computer-modeled a 21.03-meter (69- 
foot) long, 0.2053-cm-diameter (#12 AWG) 
OCFD in free space. The dimensions are the 
same as those in the G@FAH design. Free- 
space results are a good approximation for 
antennas high enough above the ground 
(typically a significant fraction of a wave- 
length), The band-center SWR was com- 
puted on 40, 20, 15 and 10 meters at the 
antenna-input terminals for a feed system 
impedance of 200 Q. The theoretical values 
of input resistance and reactance were used 
to calculate SWR (the antenna was not as- 
sumed to be tuned). Because the feedpoint 
impedance is 200 Q, a 4:1 balun is required 
to feed the antenna with 50-Q coaxial cable. 
The results for three different feedpoints 
appear in Table 1. 

For the conventional '/3-feed (D = 
6.98 m), the 40 and 10-meter SWR values 
are slightly over 2, while the 20-meter 
SWR is about 1.75. In marked contrast, the 


2R. Dean Straw, N6BV, Editor, The ARAL An- 
tenna Book, 17th Edition (Newington: ARRL, 
1994), pp 7-20 to 7-21. 

3Bill Wright, GOFAH, “Four Bands, Off Center,” 
QST, Feb 1996, p 65. 
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Figure 1—The basic off-center-fed dipole 
(OCFD). 


15-meter SWR is off the scale (the actual 
value > 20). It is this behavior that makes a 
special feed system necessary on 15 meters, 
a complication that can be avoided by moy- 
ing the feedpoint. 

When the OCFD feed is located 8.65 
meters from one end, the 40, 20, and 10- 
meter SWRs are somewhat higher than they 
are with the '/; feed, but the 15-meter SWR 
is very low (= 1.2). Moving the feedpoint 
1,67 meters closer to the antenna’s center of 
the antenna results in a much better average 
SWR. And, more importantly, special 
matching is not required to achieve SWR < 
2.5 at the antenna terminals on all bands. 
Balun and coaxial cable losses, which are 
inevitable, reduce the SWR at the coax in- 
put to even lower levels, For most installa- 
tions, it is probably reasonable to expect 
SWR at the transmitter to be less than 2 on 
all bands. 

With the feedpoint located 3.65 meters 
from one end, the SWR on 40, 20 and 15 
meters is excellent. The 40-meter SWR is 
only slightly above 2, and the 20 and 
1S-meter SWRs are below 2. The highest 
SWR occurs on 10 meters, where it’s ap- 
proximately 2.4, Because the SWR is re- 
duced by feed-system losses, it will be less 
than 2.4 at the coax input. And, because 
balun and cable losses increase with fre- 
quency, the SWR reduction will be greatest 
on 10 meters where it is needed most. Feed- 
ing the antenna 3.65 meters from one end 
may well provide the best overall four-band 
performance. 

Ina specific implementation, the OCFD, 
like any antenna, must be tweaked for opti- 
mum SWR. This is accomplished by adjust- 
ing the feedpoint location. Other antennas, 
nearby metallic objects, and the earth are 
typical factors that influence antenna per- 
formance. Since these factors are not in- 
cluded in the computer model, they must be 
dealt with empirically by adjusting the an- 
tenna on-site. The data presented here pro- 
vide a starting point for experimenting with 
different feedpoints. Depending on the to- 
tal antenna length L, height above ground, 
earth electrical parameters, and feed sys- 
tem Zo, it should be possible to operate a 
single OCFD on four or more bands without 
an antenna tuner or special feed arrange- 
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ment. It’s apparent that the OCFD’s SWR 
varies dramatically as the feedpoint is 
moved, and that the commonly used '/s-feed 
is not necessarily the best. Other feedpoints 
may therefore produce a better antenna. 

Dean Straw, NOBV, Senior Assistant 
Technical Editor, comments: 

I’ve modeled what Richard describes and 
find that he’s basically correct in his asser- 
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tions. However, I would add a couple of 

caveats: 

¢ The SWR across an individual band will 
vary. For example, the 40-meter SWR will 
rise above the level he describes at the ends 
of the band, because it is a rather large 
band, percentage-wise. This antenna is no 
different from an ordinary center-fed 40- 
meter dipole in that sense. 

* The azimuth patterns for this OCFD will 





not be symmetrical, as is the case for any 
such off-center-fed antenna. This is noth- 
ing new, but should still be mentioned, par- 
ticularly for those hopeful folks who want 
a “one-thing-to-all-people” antenna. 

* The ham who tries this approach on 30, 17 
or 24 meters may burn out the 200:50-Q 
balun transformer. The SWR is very high 
indeed on those bands. 
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Off-Center-Fed Dipole 
Comments, Part 2 


By Richard A. Formato, K1POO 


In an earlier correspondence,! I suggested 
that the conventional “'/3-feed” used for the 
off-center-fed dipole (OCFD) is not the best 
choice. This letter provides additional in- 
formation, and responds to comments made 
by Dean Straw, N6BYV, at the end of that 
correspondence. Before addressing the 
comments, it is important to examine in 
more detail the SWR data which are the 
basis of my earlier letter. Figure 1 plots 
computer-modeled free-space SWR for the 
prototype 21.03-meter long, 0.0253-cm- 
diameter OCFD. SWR for a 200-Q feed 
system impedance was calculated at the 
antenna-input terminals every 50 kHz for 
source frequencies from 5 to 30 MHz. Three 
feed-point locations were modeled, 3.65, 
6.98 (‘/s feed), and 8.65 meters from the 
end of the antenna; the curves are labeled 
accordingly. 

The most important features of the SWR 
curves are the locations of minima and 
maxima, and the corresponding SWR. 
Richard A. Formato, K1POO, “Improved Feed 


for the Off-Center-Fed Dipole,” QST, May 
1996, page 76. 








Table 1 

SWR Minima 

3.65 m 6.98 m ('/s-feed) 

Freq Freq 

(MHz) SWR (MHz) SWR 
6.95 1.27 7.05 2.03 

14.15 1.70 14.05 1.62 

21.20 1.91 — 

28.25 1.18 28.30 1.30 


8.65 m 
Freq Band 
(MHz) SWR (Meters) Fe 
7.05 2.49 40 “315 
14.00 1.61 20 14.20 
21.15 1.14 15 21.20 
28.25 1.41 10 28.85 





Table 1 lists minimum SWRs and the fre- 
quencies of the minima for the three feed 
points. For reference, the right-hand col- 
umns list the corresponding amateur band 
and its approximate center frequency. 

The main point of my previous corre- 
spondence was that the 3.65 and 8.65-meter 
feeds might permit four-band operation 
without a matching network, because these 
feed points each result in four SWR minima 
between 5 and 30 MHz (see Figure 1). By 
contrast, the 6.98-meter SWR curve has only 
three minima in that range. The '/3-feed an- 
tenna cannot possibly operate on more than 











three bands without some sort of matching, 
which is why the G@FAH design? requires 
two baluns and a specific transmission line 
length for 15 meters. 

How feasible four-band operation is de- 
pends only on where the minimum SWRs 
occur relative to the ham bands, and how 
low the SWR is across the bands. Table 1 
shows that the prototype OCFD has SWR 
minima very close to the 40, 20, 15 and 10- 
meter bands. With some on-site tweaking, 


2Bill Wright, G@FAH, “Four Bands, Off Center,” 
QST, Feb 1996, page 65. 
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Figure 1—A plot of computer-modeled free-space SWR for the 
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prototype 21.03-meter long, 0.0253-cm-diameter OCFD. SWR for a 


200-Q feed system impedance was calculated at the antenna-input 
terminals every 50 kHz for source frequencies from 5 to 30 MHz. 
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Figure 2—A plot of the prototype OCFD’s SWR from 100 kHz 
below to 100 kHz above the 40-meter band in 5-kHz steps. 


Chapter2 2-11 


it is reasonable to expect that this antenna, 
fed either 3.65 or 8.65 meters from the end, 
could provide good SWR across all four 
amateur bands without a matching network. 

The prototype OCFD dimensions were 
chosen because they correspond to the GOFAH 
design, thus permitting direct comparison with 
that antenna, not because they are optimized 
in any way. In fact, the prototype dimensions 
are not optimum for a four-band OCFD. In 
free space, the frequencies at which SWR 
minima occur, and the depth of the minima, 
are determined by three parameters: radiating- 
element length and diameter, and feed-point 
location. Changing any one of these changes 
both the frequencies of the SWR minima and 
the minimum SWR values. 

Optimizing a four-band, free-space 
OCED comes down to determining a set of 
antenna parameters that produces an accept- 
ably low SWR (typically less than 2) across 
the 40, 20, 15, and 10-meter bands. Al- 
though I have not determined optimum pa- 
rameter values, the very good predicted 
performance of the prototype antenna sug- 
gests that still better performance is almost 
certainly achievable. The purpose of my 
first letter was to encourage experimenta- 
tion with OCFD designs, which would hope- 
fully advance the state of the art by 
producing near-optimum designs. 

Turning next to the comments at the end 
of my first correspondence, they are ad- 
dressed as follows: 
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SWR Variation Across a Band 

In terms of SWR behavior, the OCFD is 
much different from an ordinary center-fed 
dipole (CFD). The CFD is intentionally cut 
(tuned) to place minimum SWR within the 
band, which is why SWR increases toward 
the ends of the band (moving away from the 
minimum). An OCFD may or may not ex- 
hibit this behavior, depending on where its 
SWR minima occur. To illustrate, Figure 2 
plots the prototype OCFD’s SWR from 
100 kHz below to 100 kHz above the 
40-meter band in 5-kHz steps. The SWR 
does not increase toward each end of the 
band. If the SWR minimum is either outside 
or at one end of the band, as it is in Figure 
2, the SWR will increase in one direction 
(up or down band), but decrease in the other, 
quite unlike an ordinary CFD. The OCFD’s 
SWR will increase at both band edges only 
when its SWR minimum is inside the band, 
which generally is not the case. 


Azimuth Pattern 


The OCFD does indeed have an asym- 
metrical azimuth pattern, because the radi- 
ating element is not symmetrical about the 
feed point. But feeding the OCFD 8.65 
meters from the end provides a higher de- 
gree of symmetry than the conventional '/3- 
feed. Locating the feed 8.65 meters from 
one end should result in a more symmetri- 





cal azimuth pattern than the conventional 
feed, not less. Of course, feeding the OCFD 
3.65 meters from the end increases its asym- 
metry compared to the '/3-feed, so that the 
pattern for this implementation would be 
expected to be less symmetrical. Even so, 
pattern asymmetry is not necessarily unde- 
sirable. Many operators may want to take 
advantage of the OCFD’s pattern by orient- 
ing the antenna to radiate in a preferred 
direction. This consideration applies to any 
antenna, even to the single-band CFD, 
which is an extremely poor radiator in the 
direction of the antenna axis at low to mod- 
erate take-off angles. 


Operating the OCFD Out-of-Band 

Regardless of where the feed is placed, 
or how it is implemented, certainly no at- 
tempt should be made to operate a 40, 20, 
15, 10-meter OCFD on any other band. 
High SWR conditions may very well result 
in balun damage. 

The data presented here provide additional 
insight into the advantages of feeding the 
OCEFD at points other than '/3 of its length from 
the end. With computer-models for wire an- 
tennas widely available, it should be possible 
to optimize the OCFD in free space and over 
typical ground so that multiband operation is 
achievable without a matching network. 


By Roy O. Hill, Jr, W4PID 


QST’s May 1996 Technical Correspon- 
dence column article “Improved Feed for 
The Off-Center-Fed Dipole” contained a 
statement that surprised me: “Why the feed 
point should be located ['/s of the way from 
the end] is not exactly clear. The ninth edi- 
tion of The ARRL Antenna Book, for ex- 
ample, observed that there is not much 
theoretical justification for this choice.” It 
seems to me that there is plenty of theoreti- 
cal justification. I am not an electrical engi- 
neer, and I am going to keep this simple. I 
won't say anything about computer simula- 
tions, ground effects, reactance, unbalanced 
feed-line currents, or adding 15-meter cov- 
erage; and | will use the lowest frequencies 
on the 80, 40, and 20-meter bands with full 
awareness that the frequencies actually used 
will be higher than that. 

Thirty or 40 years ago, it was more or 
less generally accepted that the impedance 
of a half-wave antenna was about 4 kQ at the 
ends, about 72 Q at the center, and that the 
impedance along the antenna could be accu- 
rately represented by a straight line on semi- 
log graph paper. Using these premises, I 
plotted the impedance along a half-wave 
3.5-MHz antenna on the graph of Figure 3. 
Then I added 7.0 MHz and 14.0 MHz plots 
for the same antenna. 

All three lines cross at two points at about 
the 280-Q impedance mark. These two 
points are '/s of the way (within 0.1 percent- 
age point as I measure it) from the ends of 
the antenna. The antenna can be fed with 
300-Q line at either of the triple-crossing 
points and it will work on all three frequen- 
cies. You could miss the exact crossing point 
(or change the frequency) somewhat and 
still have an impedance between 150 and 
600 Q, which would present an SWR less 
than 24—an allowable value for most trans- 
mitters. All this was pretty widely known in 
the 1950s. What happened to it? Was all the 
old low-tech knowledge thrown out when 
the modern high-tech stuff came along? 


‘This is only accurate if the impedance is purely 
resistive. With reactive impedances, it is 
entirely possible to have an SWR higher than 
2.—Zack Lau, KH6CP 





From QST, October 1996 (Technical Correspondence) 


Off-Center-Fed Dipole 
Comments, Part 3 
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Figure 3—Impedance plot of an OCFD for 3.5, 7 and 14 MHz as a function of distance (in 


feet) from either end. 


Also, the article mentioned that the 
“I/3-feed” antenna requires no antenna tuner. 
That is true, of course, for loading the an- 
tenna, but back in the days I’ve been talking 
about, the ARRL was stressing that you 
should not use a multiband antenna without 
an antenna tuner because of the danger of 
harmonic radiation. Do we not worry about 
harmonic radiation any more? 

A little over 30 years ago, using as a 
guide a graph like the one shown in Figure 
3, but using frequencies more like those on 
which I would be operating, I put up an an- 


tenna fed with 300-Q ribbon 80 feet from 
one end and 44 feet from the other. I have 
used this antenna ever since. I do use an 
antenna tuner with it. The system works fine 
and causes no RFI or TVI. I used similar 
antennas for about 12 years before that, at 
other locations. 

I just couldn’t pass up that “not much 
theoretical justification” quoted from an 
ARRL publication without comment. The 
43 feed has, not only plenty of theoretical 
justification, but plenty of practical justifi- 
cation—from use. 
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By Dale Gaudier MPAOP/K4DG 


After reading with interest Richard 
(K1POO) Formato’s technical correspon- 
dence,’ I would like to share some obser- 
vations made in the course of modeling, 
then constructing, an off-center-fed dipole 
(OCFD) using K1POO’s design suggestions. 

I first modeled K1POO’s designs (over- 
all length of 68 feet 5.5 inches or 21.03 
meters) with feed points at 3.65 meters (11 
feet 10.5 inches, or 17.4%) and 8.65 meters 
(28 feet 2 inches, or 41%) from one end 
using Roy (W7EL) Lewallen’s EZNEC 
V1.0. Using K1POO’s design criteria (a 
nominal feed point impedance of 200 22) the 
free-space SWR curves were a good match 
for those set forth in his correspondence. 

Based on the model data, it appeared that 
the design with a feed point at 3.65 meters 
(17.4%) from one end gave the best results 
overall for all four bands (40, 20, 15 and 
10 meters). 

I then built an antenna based on the 
3.65-meter-feed-point model. I constructed 
the dipole conventionally of #14 AWG 
stranded copper wire and mounted it ap- 
proximately 33 feet (10 meters) above 
ground. A commercial 4:1 balun at the feed 
point allows matching the 200 © antenna 
feed point toa 50 Q coax feed line. I used 


’Richard Formato, K1POO, “Off-Center-Fed 
Dipole Comments, Part 2,” Technical Corre- 
spondence, QST, Oct 1996, pp 72-73. 
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Choke the OCFD 





Table 1 
Results without the RF Choke 


Band Minimum 2:1 SWR Range 
(meters) (MHz) (MHz) 
40 ~8.5 (SWR >>3) 
20 14.17 13.250 - 15.500 
15 21.58 20.420 - 22.350 
10 29.69 28.550 - 30.480 





an SWR analyzer attached to the feed line 
to measure the antenna’s resonance and 
SWR. The results are shown in Table 1. 

The SWR minimum and 2:1 SWR range 
for the 10 meter band were higher than 
desirable for an antenna whose purpose is 
to minimize the need for a tuner. However, 
the real puzzle was the lack of resonance 
anywhere near the 40 meter band! The 
SWR minimum around 8.5 MHz was nei- 
ther pronounced nor deep, and certainly not 
what was predicted by computer modeling. 

I tried pruning the two dipole legs. This 
only caused the 8.5-MHz SWR minimum to 
shift somewhat. Pruning did not produce an 
acceptable (< 2:1 SWR) minimum anywhere 
in the 40 meter band; it also decreased the 
20, 15 and 10-meter band SWR minima. 

It occurred to me that the effects I was 
observing might be due to unequal currents 


Table 2 
Results with the RF Choke 
Band Minimum SWRA 2:1 SWRA Range 


(meters) (MHz) Minima (MHz) 

40 7.00 11 6.850 - 7.220 
20 14.10 1.2 13.520 - 14.420 
15 21.22 1.1 20.420 - 22.340 
10 28.34 1.4 27.460 - 29.050 





flowing at the feed point (possibly due to 
the asymmetrical design of the OCFD). I 
made a simple RF choke by coiling several 
turns of the RG-8X feed line close to the 
feed point and balun. After some initial ad- 
justments of the choke diameter and num- 
ber of turns, I had my 40-meter resonance! 
(See Table 2.) The coil is 5'/2 turns of 
RG-8X with an inside diameter of 9'/2 
inches (24cm). Note that the 40-meter band 
minimum and 2:1 SWR range can be raised 
by removing part of a turn from the RF 
choke. 

As is apparent, the OCFD design of 
K1POO is surprisingly broadband, and with 
a little adjustment, will cover virtually all of 
the 40, 20, 15 and 10-meter bands with an 
SWR of 2:1 or less. However, an RF choke 
appears to be necessary for this design to 
work on its fundamental frequency. 
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ATrap Collinear Antenna 
From August 1963 QST 


Antenna Traps of Spiral Delay Line 
From November 1972 QST 


Build a Space-Efficient Dipole Antenna for 40, 80 and 160 Meters 
From July 1992 QST 


Trap Construction Information for Al (W8NX) Buxton’s July 1992 Dipole 
From September 1992 QST (Technical Correspondence) 


Two New Multiband Trap Dipoles 
From August 1994 QST 


A Center-Fed “Zepp” for 80 and 40 
From May 1966 QST 


All-Band Antenna 
From March 1967 QST (Technical Correspondence) 


Multiband Antennas Using Decoupling Stubs 
From December 1960 QST 


“All-Band” Antenna 
From December 1954 QST (Hints & Kinks) 


Three-Band Matching System for a Forty-Meter Doublet 
From January 1975 QST (Hints & Kinks) 


A“Z” Antenna for the 10-160 Meter Bands 
From December 1979 QST (Technical Correspondence) 


Compact Multiband Antenna Without Traps 
From November 1981 QST 


Five Bands, No Tuner 
From June 1995 QST 


The NRY: A Simple, Effective Wire Antenna for 80 through 10 Meters 
From March 1993 QST 





By Wesley M. Bell, W7QB From QST, August 1963 


A Trap Collinear Antenna 


Simple 3-Band Radiator with In-Phase Elements 


This antenna covers the 15, 20, and 80- 
meter bands. On the two higher frequency 
bands the antenna operates with two ex- 
tended half waves in phase thereby realiz- 
ing some gain over the dipole operation of 
a conventional trap antenna. 


As your ARRL Handbook tells you, 
broadside gain over a dipole approximately 
equivalent to doubling transmitting power 
may be obtained by using a center-fed an- 
tenna about 1'/s wavelengths long (extended 
double Zepp). Advantage of this is taken in 
the three-band trap antenna shown in Fig- 
ure 1, The basic antenna is a dipole for 80 
meters. The traps isolate sections of ap- 
proximately 1'/s wavelengths for 20 and 15 
meters. Since the center of a 1'/s wavelength 
wire is not ata current loop, wire is added in 
the form of a short open-wire feeder to make 
the total length about 1'/2 wavelengths, 
thereby bringing a current loop at the point 
where the system is fed by coax line. A 
balun is used to couple the unbalanced line 


to the balanced antenna system. 


Trap Construction 


The coil and capacitor specifications 
given under Figure | should be adequate 
for transmitters running at 100 watts input 
or less. For higher power, the inductance 
and capacitance values should be the same, 
but coils should be wound with heavier con- 
ductor, and capacitors should be of the 
transmitting type, such as the Centralab 
850SL type. I made my own coils by wrap- 
ping a 2'/s-inch form with waxed paper and 
winding the turns with double strands of 
No. 18 wire, unwinding one strand and ce- 
menting the remaining turns with strips of 
model-airplane glue. When the glue was 
dry, the completed coil was slipped off the 
form. At least one full extra turn should be 
wound to allow for pruning. 

As shown in Figure 2, the capacitor is 
placed inside the coil, and the terminals of 
both capacitor and coil soldered to the 
heads of brass machine screws. These 





La 
14.2—MHz 
Trap 


1 
21,.2—MHz 
Trap 


3/4 at 21.2 MHz 


screws serve to hold the assembly central 
in a plastic waterproof container as shown 
in Figure 3. The container is the 1-pint size 
commonly found filled with chip dip, ice 
cream, potato salad, oysters and whatnot in 
grocery stores. The screws are fastened in 
the top cover and bottom of the container 
with nuts. The container is suspended from 
an insulator at the appropriate point in the 
antenna by short lengths of wire dropped 
from the insulator to the mounting screws 
where they are secured by a second set of 
nuts, 

After mounting the traps in the contain- 
ers, they should be resonated to the desig- 
nated frequencies by carefully pruning the 
coils while checking with a grid-dip meter. 
The strain insulator with its wire wraps 
must be included, as shown in Figure 3, 
since the insulator capacitance is in parallel 
with the trap capacitor. (See ARRL Hand- 
book.) As resonance is approached, final 
adjustment can be made by forming what is 
left of the last turn into a hairpin, and bend- 


21.2—MHz 
Trop 


14,.2—MHz 
Trap 





Balun 


1/4 at 3.7 MHz 


[— 3/42 at 14.2 MHz —————>» 





Figure 1—Sketch showing the approximate dimensions of the trap collinear. Wire lengths shown on left side are in terms of feet, while 
the approximate wavelength equivalents (electrical length) are shown on the right side. Frequencies and approximate wire lengths are 
for the centers of the three bands as a compromise for full-band coverage. It may be desirable to increase frequency for phone-only 

operation or lower frequency for c.w.-only operation. 


C1, C2—25-pf. 6000-volt disk ceramic. See text. 
L,—Approx. 2 \jH—4°/4 turns No. 18, 2'/s-inches diam., °/s inch 
long, or 5 turns No. 18, 2-inch diam., 16 tpi. See text. 


Z,—1 to 1 balun. 


L,—Approx. 5 »H.—8 turns No. 18, 2%/s-inch dia., 5/s inch long, or 
9 turns No, 18, 2-inch diam. 16 tpi. See text. 
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Figure 2—Trap components ready to be 
mounted in weather-proof container. 


ing or twisting the hairpin to alter its induc- 
tive relationship to the main part of the coil. 


Antenna Adjustment 

Antenna resonance can be checked by 
shorting the ends of the 7-ft. open-wire line 
and coupling to a grid-dip meter. Initially, 
the wire lengths should be made a foot or so 
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Figure 3—The completed 21-MHz trap and 
its supporting insulator ready for checking 
with a grid-dip oscillator. 


longer than the lengths shown in Figure 1. 
Start out with the 21-MHz sections only, 
anchoring the outer end of each wire sec- 
tion to one side of a 21-MHz trap insulator 
and connecting it to one side of the trap. An 
additional insulator should be attached 
temporarily between the other side of the 
trap insulator and the antenna-supporting 


rope. Then gradually shorten the wire until 
the grid-dip meter shows the desired reso- 
nant frequency. 

Then add the second sections and traps 
and adjust similarly for the desired fre- 
quency in the 14-MHz band. The end sec- 
tions of wire are then added and adjusted to 
show resonance at he desired frequency in 
the 3.5-MHz band. 

In making the antenna adjustments, do 
not adjust the traps after they have once 
been set with the g.d.o.; change only the 
lengths of the wire sections. Devote plenty 
of time and patience to the adjustments, The 
job just can’t be done correctly in a few 
minutes. 

I use a center supporting pole, and the 
balun is enclosed in a weather-proof box 
mounted at the top of the pole. 

Results with this antenna have been 
good. Using it in “ inverted-vee” fashion, 
with one pole at the center and the ends 
attached to bushes, fences, clotheslines, or 
whatever else might be handy, I changed 
directions by simply walking the ends 
around to different positions. Without half 
trying, I worked 44 countries with a DX- 
60. I’m moving to the country soon where 
I plan to put up several of these antennas. 1 
hope to add reflectors too. (Well, a guy can 
dream, can’t he?) 





By William J. Lattin, W4JRW 
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Antenna Traps of Spiral 
Delay Line 


Most “traps” used in amateur radio 
multiband antennas are made of lumped 
inductance and capacitance in parallel. 
These consist of inductors made of coil 
stock of No, 12 or No. 14 wire and ceramic 
capacitors having voltage ratings up to 
15,000 volts dc, which are relatively ex- 
pensive. Vacuum capacitors would be the 
best, of course, but are also rather expen- 
sive. 

Another type of trap has a capacitor 
made of two pieces of aluminum tubing 
arranged with a small-diameter tube inside 
a larger tube. Some have polystyrene di- 
electric, others air dielectric. The ARRL 
Handbook has a very complete description 
of these types. 

Quarter-wave stubs of transmission line 
can be used for isolating sections of an an- 
tenna.' Loading coils can be used to modify 
the harmonic responses of a doublet to the 
second, third, fifth, seventh, and so on, to 
obtain a multiband antenna.” However, the 
use of loading coils is quite complicated if 
more than two bands of frequencies are 
desired. Traps tuned to the desired reso- 
nant frequencies make it much easier to 
adjust the lengths of the antenna sections, 
and also to obtain closer spacing between 
bands than can be obtained with loading 
coils. 

Since quarter-wave sections of trans- 
mission line can be used as decoupling 
stubs for isolation of sections of an antenna, 
the idea occurred that perhaps quarter- 
wave sections of spiral delay line (SDL) 
might be used to make a very simple trap, 
without lumped capacitance. Spiral delay 
line is coaxial line with a helical inner con- 
ductor. 


Construction of SDL Traps 


Figure | shows the coil which is the he- 
lical inner conductor of the spiral delay 


‘Lattin, “Multiband Antennas Using Decou- 
pling Stubs," QST, December, 1960, p. 23. 

@Lattin, “Multiband Antennas Using Loading 
Coils," QST, April, 1961, p. 43. 


line, along with the polystyrene tubing and 
end pieces for the coil, and the aluminum 
tube. The completed assembly is shown in 
the title photograph and Figure 2. 

For a 28.5-MHz trap, a coil of No. 12 
magnet wire was wound on a '/2-inch rod, 
37 turns, close wound. The coil was 
removed from the '/2-inch rod and it 
sprang out to about */:-inch OD. The coil 
was 3'/4inches long. Enough wire was used 
to allow end wires straightened out to be 2 
inches long on each end of the coil. Two 
pieces of */s-inch OD polystyrene rod cut 
'/2-inch thick were drilled in the center to 
fit over the No. 12 wire ends and one was 
slipped over each end of the coil. This coil 
was placed inside a piece of l-inch OD x 
*/s-inch ID polystyrene tube 4'/;-inches 
long, and a piece of 1'/s-inch OD x 1-inch 
x 4'/s-inch long aluminum tube slipped 
over this. The assembly was held together 
with No. 6-32 x °/16-inch screws in holes 
drilled and tapped just far enough into the 
polystyrene end pieces to hold the screws 
in place. The short for this quarter-wave 
section of spiral delay line was made with 


Figure 1 — The parts used in 
the make-up of a W4JRW 
SDL trap. 

H1, H2 — End pieces of 
Ye-inch length of */s-inch 
OD Polystyrene rod with 
center hole for No. 12 wire. 

H3 —1-inch OD x %/s-inch ID 
polystyrene tube, length one 
inch greater than that of coil 
turns of L1 

H4 —1'/s-inch OD x 1-inch ID 
aluminum tube, length equal 
to that of H3. 

Li— Close-wound coil of No. 
12 enam. or magnet wire, 
%/<-inch OD to fit inside H3. 
See Figure 3 and text for 
turns information. 


a solder lug under one screw with a wire 
soldered between it and one end of the coil, 
as shown in the photographs. 

The curve in the graph, Figure 3, shows 
the number of turns of No. 12 wire required 
for quarter-wave sections of the above con- 
struction. A close-wound coil of No. 12 
magnet wire has approximately 12 turns per 
inch. The length of the assembly for a par- 
ticular frequency can be determined ap- 
proximately by dividing the number of 
turns on the coil by 12 to get the length in 
inches, 

The traps were adjusted to frequency 
through the use of a grid-dip meter (checked 
on a receiver for accuracy of each fre- 
quency). The coil can be changed quite eas- 
ily to the desired frequency by trimming 
turns if an extra turn or two is put on for this 
purpose. The coil can also be wound with 
spacing between turns and compressed 
or expanded to get the trap exactly on 
frequency. 

After the assembly is completed and 
tuned to frequency, the coil can be sealed in 
the polystyrene tube with polystyrene ce- 


Ht,H2 
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Figure 3—Resonant frequency of spiral- 
delay-line trap versus number of turns in 
coil. 


17’ 32'6" 





Figure 2—Assembly of the SDL 

traps. See Figure 1 and text for 

identification of parts not listed 
below. 

A1i—Solder lug and short 
length of wire assembled and 
soldered to short one end of 
H4 to one end of L1. 

A2, A3—See text. The screw at 
A2 must not contact the wire of 
i 


ment or coil dope. An inert gas 
could be sealed inside quite eas- 
ily, but there seems to be no par- 
ticular advantage to this. 


Trap Ratings and 
Performance 

The thickness of the polysty- 
rene tube used was 1/8 or 0.125 
inch. The average voltage rating for poly- 
styrene is given in various handbooks as 
500 volts per mil (.001 inch), This would 
be 62,500 volts for the thickness of 1/8 
inch. The maximum power rating of these 
traps has not been determined. They have 
been used with a 2-kW PEP ssb transmitter 
without any failures from either voltage 
breakdown or heating. Larger wire, poly- 
styrene tubing, and aluminum tubing can 
be used, of course, but the curve of Figure 
3 will be different. Formulas for character- 
istics of spiral delay lines can be found in 
radio handbooks and textbooks in which 
this type of line is described. 

The resonant impedance of the traps 
was measured and found to be approxi- 
mately 100,000 ohms. For comparison, a 
trap made of No. 12 wire and a ceramic 
capacitor gave about the same resonant 
impedance. Several lumped-constant 15- 
meter traps borrowed from triband beams 
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Figure 4—At A, dimensions for a 2-band spiral-delay-line antenna, resonant at 3.9 and 
7.2 MHz (not drawn to scale). At B, the measured SWR values with this antenna. 
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were measured and values from 16,000 to 
28,000 ohms were found! 

The SDL traps can be used in beam an- 
tennas, of course, with suitable mechanical 
modifications to fit the aluminum tube used 
in the beam. Spiral delay line can be used 
for other purposes, such as matching trans- 
formers, phasing, and any place where coax 
line is used but short dimensions are 
needed. The Zo (characteristic impedance) 
is a function of wire size, diameter, and 
spacing of the helical coil, dimensions of 
the insulator and external aluminum tube. 
Measurement with an rf bridge indicated a 
Zo of about 250 ohms for the construction 
used in these traps. 

Figures 4 and 5 give the dimensions of 
two doublet antennas experimented with 
here. The antenna of Figure 4 has two 
7.2-MHz traps and resonates at 3.9 and 
7,2 MHz. The antenna of Figure 5 has eight 
traps, two each for 10 meters, 15 meters, 20 
meters, and 40 meters. Resonances are at 
3.9, 7.2, 14.3, 21.3, and 28.6 MHz. The flat- 
top portions were made of No. 12 solid 
copper wire. The feeder used was RG-8/U. 
No balun was used in our experiments. It 
was found that if a trap was not tuned ex- 
actly to frequency, it could still be used by 
changing the wire lengths in the antenna 
adjacent to the trap to get the desired an- 
tenna resonance. An antenna shortened and 
using traps is sharper in resonance than a 
full-length doublet. This is generally very 
well known, but perhaps bears repetition. 

SWR curves are also shown in Figures 4 
and 5 for these two antennas. During mea- 
surements, the antennas were supported in 
the center about 30 feet high and were 20 
feet high at the ends. Measurements were 
made at the transmitter with 100 feet of 
RG-8/U coax between the transmitter and 
the antenna. 

It is advisable to support doublet anten- 
nas at the center as well as at the ends, with 
strain relief at the ends — a simple arrange- 
ment of a screw eye, plastic rope, and 
a sash weight or a brick will do.? Since 
RG-8/U coax is fairly heavy, the center 
support is helpful to reduce the strain on 
the antenna. The breaking load of No. 12 
copper wire is given in handbooks as 197.5 
pounds for soft or annealed wire and 261.6 
pounds for medium hard-drawn wire. In a 
high wind any type of support such as trees, 
towers, push-up masts, and so on, may 
move a few inches, putting thousands of 
pounds of tension on a wire stretched be- 
tween them. Is there any ham who hasn’t 
broken a wire antenna stretched between 
two trees when no strain reliefs were used? 

One spiral-delay-line trap was tested 
with a hoist and concrete blocks for weight 
and didn’t break at 200 pounds. As the No. 
12 wire used in the antenna was softer than 


3 [EDITOR'S NOTE: To reduce wear and even- 
tual breaking of the plastic-rope halyard, a 
pulley should also be used; large-diameter 
types sold in hardware stores as clothesline 
pulleys are economical and quite satisfac- 
tory.] 
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Figure 5—At A, the measured SWR values for a 5-band SDL antenna and at B the 


dimensions for this antenna. 


the No. 12 magnet wires in the SDL traps, 
it appeared that the antenna wire would 
probably stretch before the wire in the 
traps. We have had the antenna up for al- 
most two years, supported by three large 
trees, with strain reliefs at the ends. The 
antenna was not damaged at all by an 85- 
mph wind during a storm which bent the 
top section of our guyed crank-up tower 
into an inverted U shape with the triband 
beam hanging down. We did have one ice 
storm, but it wasn’t severe enough to lift 
the strain-relief weights at the ends of the 
antenna. 

If one desires, he can make the traps 
stronger by using two screws 180 degrees 
apart at each end, or even three screws at 
120-degree spacing. Also the ends could be 
made of copper-weld wire soldered to the 
inner coil. The materials are not difficult to 
obtain. Most cities now have plastic supply 
distributors, and also aluminum tubing sup- 
pliers. The magnet wire can be obtained at 
a motor repair shop or from an electrical 
supply distributor. 


Chapter3 3-5 





By A. C. Buxton, W8NX From QST, July 1992 


Build a Space-Efficient 
Dipole Antenna for 40, 80 


and 160 Meters 


A new trap design, using only RG-58 and PVC pipe, 
yields better space efficiency than conventional 


These days more than ever before, many 
hams who want to work the low bands need 
an effective antenna that fits on a small lot. 
I’ll show you how to build a shortened di- 
pole for 160, 80 and 40 meters using im- 
proved coaxial-cable traps that I call Super 
Traps. The antenna, which covers the three 
ham bands below 7.3 MHz, is about the 
same length as a fullsize 80-meter dipole. 
If you install the antenna as an inverted V 
with a 90° included angle, the baseline 
length is 88 feet. The antenna uses traps 
that are easily constructed, rugged and 
weatherproof, They use no exposed capaci- 
tors or inductors, 

You can feed the antenna directly with 
balanced 75-Q line or via a 1:1 balun with 
either 50- or 75-Q coaxial cable. Feed-line 
length is not critical. The antenna resonates 
at 1.865, 3.825 and 7.225 MHz. | installed 
such an antenna on my lot as an inverted V, 
with the apex 38 feet high and the ends at 
about 15 feet. 

As part of this project, 1 developed a 
BASIC-language computer program! for 
trap design; a listing is available from the 
ARRL.” You can use this program to de- 
sign these traps for frequencies of your 
choice, but you don’t need a computer to 
make the antenna described here. 

Figure | shows the antenna layout. The 


18.3 Feet 


3.8-—MH2 
Trap 


7—MH2z 
Trop 


coaxial traps. 


antenna is made of #14 stranded wire and 
two pairs of coaxial traps. Construction is 
conventional in most respects, except for 
the high inductance-to-capacitance (L/C) 
ratio that results from the unique trap con- 
struction. Tworecent QST articles give tips 
on dipole construction and feeding.*4 
The traps use two-layer windings of the 
core (dielectric and center conductor) of RG- 
58 coaxial cable. Coaxial cable with flexible, 
rugged stranded-wire center conductors is 
preferable to that with a more brittle solid- 
wire center conductor. Figure 2 shows the 
traps. The 3.8-MHz trap is shown with the 
weatherproofing cover of electrical tape re- 
moved to show the construction details. 


Precautions and Trap Specifications 
With this trap-winding configuration, 
there are two thicknesses of core dielectric 
material between adjacent turns, which 
doubles the breakdown voltage of the traps. 
The transformer action of the two windings 
gives a second doubling of the trap-voltage 
rating. Thus, the trap voltage rating is 5.6 
kV (four times RG-58’s 1.4-kV rating). 


1:1 Balun or 


Center Insulator 


32.2 Feet 32.2 Feet 


Feed Line 
to Radio 





Conventional coaxial-cable traps made of 
RG-58 have a rating of 2.8 kV. 

The 7-MHz traps have 33 LH of induc- 
tance and 15 pF of capacitance, and the 
3.8-MHz traps have 74 WH of inductance 
and 24 pF of capacitance. The trap Qs are 
over 170 at their design frequencies, as 
measured on a Boonton Q meter. 

These traps are suitable for operation at 
the 1-kW power level. When making the 
traps, do not use RG-8X or any other foam- 
dielectric cable. Winding such cables on 
small-diameter forms causes the center 
conductor to migrate through the dielectric 
toward the inside, decreasing the break- 
down rating and compromising trap perfor- 
mance. The core diameter also differs from 
that of RG-58, 


Construction 


Although these traps are similar in many 
ways to other coaxial-cable traps, the shield 
winding of the common coax-cable trap has 
been replaced by an outer winding that fits 
snugly into the grooves formed by the inner 
layer. Capacitance is reduced to 7.1 pF per 


11 Feet 18.3 Feet 


3.8-MHz 
Trap 


Figure 1—The shortened dipole resonates in the SSB portions of the 40, 80 and 160-meter bands. The antenna is 124 feet long. 
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Figure 2—The improved coaxial-cable traps use two layered windings to provide an 
unusually high inductance-to-capacitance ratio, higher Q, and twice the breakdown 
voltage of single-layer traps. The 3.8-MHz trap is shown without its protective electrical- 
tape wrap to show the details of trap construction. This construction method makes for 
simple, lightweight, rugged and weatherproof traps. 


foot, compared to 28.5 pF per foot with 
conventional coax traps made from RG-58. 
Trap reactance can be up to four times 
greater than that provided by conventional 
coax-cable traps. 

The coil forms are cut from PVC pipe 
available at plumbing-supply stores. The 
7-MHz trap form is made from 2-inch-ID 
pipe with an outer diameter of 2.375 inches. 
The 3.8-MHz trap form is made from 3- 
inch pipe with an outer diameter of 3.5 
inches. The 7-MHz trap uses a 12.3-turn 
inner winding and an | 1.4-turn outer wind- 
ing. The 3.8-MHz trap uses a 14.3-turn in- 
ner winding and a 13.4-turn outer winding. 
All turns are closewound. The inner-trap 
frequency is 7.17 MHz and the outer-trap 
frequency is 3.85 MHz. 

If you are unable to get PVC forms of 
exactly the same diameters as those called 
for here, compensate for the effect of form- 
size differences by taking advantage of the 
fact that the number of turns varies in- 
versely with the form diameter. Thus, if the 
form diameter you use is, say, 5% larger 
than mine, reduce the number of turns by 
5%. If necessary, add or remove fractions 
of a turn at the end of the outer winding. If 


you have a computer, you can use the 
BASIC programs? to calculate the exact 
number of turns for other form diameters. 
Stay as close as you can to the prescribed 
diameters because too much deviation 
changes the loading effect of the traps. A 
small change in trap loading may require a 
change in the lengths of the tip segments 
beyond the traps. 

Use a #30 (0.128-inch diameter) drill 
for the feed-through holes in the PVC coil 
forms. The start and end holes of the 7-MHz 
traps are spaced 1.44 inches center to cen- 
ter, measured parallel to the trap center line. 
The holes in the 3.8-MHz traps are 1.66 
inches apart. Wind the traps with a single 
length of coax core. The unspliced lengths 
are 17.55 feet for the 7-MHz traps and 
28.45 feet for the 3.8-MHz traps. These 
lengths include the trap pigtails and a few 
inches for fine tuning. 

Strip the jacket from the coax. This is eas- 
ily done using a wood vise with wide jaws to 
hold the cable while cutting the jacket longi- 
tudinally with a sharp knife or razor. The coax 
outer conductor (braid) is best removed by 
pushing (not pulling) it off. 

Use electrical tape to keep the turns of 


the inner-layer winding closely spaced dur- 
ing the winding process. This counteracts 
the tendency of the tension in the outer- 
layer winding to spread the inner—layer 
turns. Stick the tape strips directly to the 
coil form before winding and then tightly 
loop them over and around the inner layer 
before winding the outer layer. Use six or 
more tape strips for each trap. 

If possible, check the resonant frequen- 
cies of your traps with a dip meter. Try to 
maintain an accuracy of 50 kHz or better. 

For low-noise reception, erect the an- 
tenna as close to horizontal as possible. If 
you let the ends of the antenna droop to- 
ward the ground, as I have done with my 
inverted-V installation, you may have to 
accept a somewhat higher noise level in the 
interest of structural simplicity and reduced 
baseline length. Some feel that the inverted 
V configuration is better for DXing than a 
horizontal dipole at the same height. For an 
inverted V with a 90° included angle (legs 
that slope downward at 45°), you'll need a 
minimum apex height of about 55 feet and 
a baseline length of 88 feet. Get the apex as 
high as you can and keep the ends at least 
10 feet above the ground for safety. 


Contiguration and Performance 
Trade-Offs 


You seldom get something for nothing. 
This antenna proves no exception to that 
tule. As with all trap dipoles, this one has 
less-than-idea] bandwidth due to the load- 
ing effect of the traps. This is the price paid 
for multiband coverage and physical short- 
ening. This antenna covers 65 kHz of 160 
meters, 75 kHz of 80 meters and the entire 
40-meter band with SWRs under 2:1. The 
bandwidth limitations on 160 and 80 meters 
can be largely offset with an antenna tuner. 

It is also important to recognize that 
the traps are used in low-current portions 
of the antenna, minimizing I?R trap losses. 
A relatively high radiation resistance is 
therefore also retained. 

Good luck with your low-band antennas! 


Notes 
‘| wrote the program in GWBASIC 3.2. It uses 
generic BASIC commands and can be easily 
converted for use with computers other than 
IBM PCs and compatibles. 
2Fora copy of the BASIC program, send a busi- 
ness-size SASE to the ARRL Technical De- 
artment Secretary, 225 Main St, Newington, 
'T 06111-1494. Request the July 1992 QST 
BUXTON BASIC PROGRAM listing. 
3J. Healy, “Antenna Here is a Dipole,” QST, Jun 
1991, pp 23-26. 
4J. Healy, “Feeding Dipole Antennas,” QST, Jul 
1991, pp 22-24. 
5See note 2. 
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From QST, September 1992 (Technical Correspondence) 


Trap Construction Information 
for Al (W8NX) Buxton’s July 


1992 Dipole 


Several readers have written asking for 
clearer instructions on how to build the 
antenna traps described by A. C. Buxton, 
WS8NxX, in his July 1992 OST article, “Build 
a Space-Efficient Dipole Antenna for 40, 
80 and 160 Meters.” For those of you who 
didn’t write, but aren’t sure how to build 
the traps, here’s what you need to know. 

The trap-winding technique is decep- 
tively simple. Each trap is simply com- 
prised of one winding atop another, wound 
in the same direction. First, drill four holes 
in the form for wire entry and exit, as de- 
scribed in July QST. Starting from inside 
the form, pass the wire through the hole 
labeled “1” in Figures 1 and 2, Wind a layer 
of the inner conductor on the form. Then, 
run the wire end down through a second 
hole into the form (just below the one la- 
beled “EXIT” in Figure 2) and, inside the 
form, bring the wire back to a point adja- 
cent to where the first winding started. 
Bring the wire up through the hole marked 
“2” and wind another layer on top of the 
first, in the same direction as the first wind- 
ing. Pass the wire down through the hole 
labeled “EXIT” and you're done. The tape 
you see in the photos, described in the ar- 
ticle, helps hold the bottom winding’s turns 
together and the top winding in place as 
you're assembling the trap. 

The wires passing through holes in the 
form are strain-relieved, but use the two 
mounting holes you drilled in the form to 
support the trap, just to be on the safe side. 
—Rus Healy, NJ2L 
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Figure 1—An inside view of a W8NX two- 
layer trap shows how the windings enter 
and exit the form. Two holes at each end 
of the form pass the windings into and out 
of the form. 





Figure 2—An outside view of a partially 
assembled W8NxX trap. The bottom 
winding starts at hole “1" and reenters the 
form just below the “EXIT” hole. The wire 
then comes back through the inside of the 
form to hole “T,” and is used to make a 
second winding atop the first. It reenters 
the form at the “EXIT” hole. 
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By Al Buxton, W8NX 








From QST, August 1994 


Two New Multiband Tra 


Dipoles 


W8NX details a new 
coax trap design used in 
two multiband antennas; 
one covering 80, 40, 20, 
15 and 10 meters, and 
the other covering 80, 
40, 17 and 12 meters. 


Over the last 60 or 70 years, amateurs 
have used many kinds of multiband anten- 
nas to cover the traditional HF bands. The 
availability of the 30, 17 and 12-meter 
bands has expanded our need for multiband 
antenna coverage. A fortunate few have the 
space and resources for multiband anten- 
nas like rhombics or long Vs, but many 
hams have employed inverted-L long wires 
or parallel dipoles. Old-timers will recall 
the offcenter-fed Windom of the ’30s—the 
first version using a single-wire transmis- 
sion line, and the later design using 
two-wire feed line. Over the years, random- 
length dipoles with open-wire feeders and 
associated tuners have been used success- 
fully as multiband antennas. The GSRV 
multiband antennais a specialized example 
of this approach.! 

The log periodic array represents a kind 
of brute-force approach to the goal of 
achieving coverage of multiple HF ham 
bands. It seems inefficient because of the 
large gaps between our relatively narrow 
amateur HF bands. 

Over the last few decades, two factors 
have affected the development of multi- 
band antennas—the popularity of low-im- 
pedance (usually 50-Q) coaxial feed lines, 
and the appearance of untuned, 50-22 solid- 
state amplifiers. The impedance of an 
antenna is relatively low only at its funda- 
mental frequency and at odd-order harmon- 
ics. Although antenna tuners are often 
necessary to resonate an antenna system, 
the quest for expanded multiband coverage 





with simple antennas continues. 

At the end of the 1930s, a different tech- 
nological approach appeared in the form of 
resonant traps in antennas. The Mizms Sig- 
nal Squirter is the grandfather of modern 
day tribanders.? This article discusses in 
detail an innovative trap design employed 
in two multiband dipoles. 


One W8NX Trap Design—Two 
Multiband Dipoles 

Two different antennas are described 
here. The first covers 80, 40, 20, 15 and 10 
meters, and the second covers 80, 40, 17 
and 12 meters. Each uses the same type of 
W8NX trap—connected for different 
modes of operation—and a pair of short ca- 
pacitive stubs to enhance coverage. The 
new W8NX coaxial-cable traps have two 
different modes: a high- and a low-imped- 
ance mode. The inner-conductor windings 
and shield windings of the traps are con- 
nected in series in the conventional manner 


for both modes. However, either the low- 
or high-impedance point can be used as the 
trap’s output terminal. For low-impedance 
trap operation, only the center conductor 
turns of the trap windings are used. For 
high-impedance operation, all turns are 
used, in the conventional manner for a trap. 
The short stubs on each antenna are strate- 
gically sized and located to permit more 
flexibility in adjusting the resonant fre- 
quencies of the antenna. 

Figure 1 shows the configuration of the 
80, 40, 20, 15 and 10-meter antenna. The 
radiating elements are made of #14 
stranded copper wire. The element lengths 
are the wire span lengths in feet. These 
lengths do not include the lengths of the 
pigtails at the balun, traps and insulators. 
The 32.3-foot-long inner 40-meter seg- 
ments are measured from the eyelet of the 
input balun to the tension relief hole in the 
trap coil form. The 4.9-foot segment length 
is measured from the tension relief hole in 





Figure 1—A W8NX multiband dipole for 80, 40, 20, 15 and 10 meters. The values shown 
(123 pF and 4 uH) for the coaxial-cable traps are for parallel resonance at 7.15 MHz. 
The low-impedance output of each trap is used for this antenna. 
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Figure 2—A W8NX multiband dipole for 80, 40, 17 and 12 meters. For this antenna, 
the high-impedance output is used on each trap. The resonant frequency of the traps 
is 7.15 MHz. 


the trap to the 6-foot stub. The 16.1-foot 
outer-segment span is measured from the 
stub to the eyelet of the end insulator. The 
coaxial-cable traps are wound on PVC pipe 
coil forms and use the low-impedance out- 
put connection. The stubs are 6-foot lengths 
of 1/8-inch stiffened aluminum or copper 
rod hanging perpendicular to the radiating 
elements. The first inch of their length is 
bent 90° to permit attachment to the radia- 
ting elements by large-diameter copper 
crimp connectors. Ordinary #14 wire may 
be used for the stubs, but it has a tendency 
to curl up and may tangle unless weighed 
down at the end. [recommend that you feed 
the antenna with 75-Q coax cable using a 
good 1:1 balun. 

This antenna may be thought of as a 
modified W3DZZ antenna? (shown for 


Shield Turns 


Inner Turns 


Figure 3—Schematic for the W8NX 
coaxial-cable trap. RG-59 is wound on 
a 2%/s-inch OD PVC pipe. 





many years in various ARRL publications) 
with the addition of capacitive stubs. The 
length and location of the stub give the 
antenna designer two extra degrees of free- 
dom to place the resonant frequencies 
within the amateur bands. This additional 
flexibility is particularly helpful to bring 
the 15 and 10-meter resonant frequencies 
to more desirable locations in these bands. 
The actual 10-meter resonant frequency of 
the W3DZZ antenna is somewhat above 
30 MHz, pretty remote from the more de- 
sirable low frequency end of 10 meters. 
Figure 2 shows the configuration of the 
80, 40, 17 and 12-meter antenna. Notice 
that the capacitive stubs are attached im- 
mediately outboard after the traps and are 
6.5 feet long, 0.5 foot longer than those 
used in the other antenna. The traps are the 
same as those of the other antenna, but are 
connected for the high-impedance output 
mode. Since only four bands are covered 
by this antenna, it is easier to fine tune it to 
precisely the desired frequency on all 
bands. The 12.4-foot tips can be pruned to 
a particular 17-meter frequency with little 
effect on the 12-meter frequency. The stub 
lengths can be pruned to a particular 
12-meter frequency with little effect on the 
17-meter frequency. Both such pruning ad- 
justments slightly alter the 80-meter reso- 
nant frequency. However, the bandwidths 
of the antennas are so broad on 17 and 12 
meters that little need for such pruning 
exists. The 40-meter frequency is nearly 





Figure 4—Construction details of the W8NX coaxial-cable trap. 
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independent of adjustments to the capaci- 
tive stubs and outer radiating tip elements. 
Like the first antennas, this dipole is fed 
with a 75-Q balun and feed line. 

Figure 3 shows the schematic diagram 
of the traps. It explains the difference be- 
tween the low and high-impedance modes 
of the traps. Notice that the high-impedance 
terminal is the output configuration used in 
most conventional trap applications. The 
low-impedance connection is made across 
only the inner conductor turns, correspond- 
ing to one-half of the total turns of the trap. 
This mode steps the trap’s impedance down 
to approximately one-fourth of that of the 
high-impedance level. This is what allows a 
single trap design to be used for two differ- 
ent multiband antennas. 

Figure 4 is a drawing of a cross-section 
of the coax trap shown through the long 
axis of the trap. Notice that the traps are 
conventional coaxial-cable traps, except 
for the added low-impedance output termi- 
nal. The traps are 8/4 close-spaced turns of 
RG-59 (Belden 8241) on a 2*/s-inch-OD 
PVC pipe (schedule 40 pipe with a 2-inch 
ID) coil form. The forms are 4'/s inches 
long. Trap resonant frequency is very sen- 
sitive to the outer diameter of the coil form, 
so check it carefully. Unfortunately, not 
all PVC pipe is made with the same wall 
thickness. The trap frequencies should be 
checked with a dip meter and general cov- 
erage receiver and adjusted to within 50 
kHz of the 7150 kHz resonant frequency 
before installation. One inch is left over at 
each end of the coil forms to allow for the 
coax feed-through holes and holes for ten- 
sion-relief attachment of the antenna radi- 
ating elements to the traps. Be sure to seal 
the ends of the trap coax cable with RTV 
sealant to prevent moisture from entering 
the coaxial cable. 

Also, be sure that you connect the 32.3- 
foot wire element at the start of the inner 
conductor winding of the trap. This avoids 
detuning the antenna by the stray capaci- 
tance of the coaxial-cable shield. The trap 
output terminal (which has the shield stray 
capacitance) should be at the outboard side 
of the trap. Reversing the input and output 
terminals of the trap will lower the 40- 
meter frequency by approximately 50 kHz, 
but there will be negligible effect on the 
other bands. 

The title-page photos show a coaxial- 
cable trap. Details of the trap installation 
are shown in Figure 5. This drawing ap- 
plies specifically to the 80, 40, 20, 15 and 
10-meter antenna, which uses the low-im- 
pedance trap connections. Notice the 
lengths of the trap pigtails: 3 to 4 inches at 
each terminal of the trap. If you use a dif- 
ferent arrangement, you must modify the 
span lengths accordingly. All connections 
can be made using crimp connectors rather 
than by soldering. Access to the trap’s inte- 
rior is attained more easily with a crimping 
tool than with a soldering iron. 


Antenna Patterns 
The performance of both antennas has 





Figure 5—Additional construction details for the W8NX coaxial-cable trap. 


been very satisfactory. Iam currently using 
the 80,40, 17 and 12-meter version because 
it covers 17 and 12 meters. (I have a 
tribander for 20, 15 and 10 meters.) The 
radiation pattern on 17 meters is that of 
3/2-wave dipole. On 12 meters, the pattern 
is that of a 5/2-wave dipole. At my location 
in Akron, Ohio, the antenna runs essentially 
east and west. It is installed as an inverted 
V, 40 feet high at the center, with a 120° 
included angle between the legs. Since the 
stubs are very short, they radiate little 
power and make only minor contributions 
to the radiation patterns. The pattern has 
four major lobes on 17 meters, with maxima 
to the northeast, southeast, southwest, and 
northwest. These provide low-angle radia- 
tion into Europe, Africa, South Pacific, 
Japan and Alaska. A narrow pair of minor 
broadside lobes provides north and south 
coverage into Central America, South 
America and the polar regions. 

There are four major lobes on 12 meters, 
giving nearly end-fire radiation and good 





low-angle east and west coverage. There 
are also three pairs of very narrow, nearly 
broadside, minor lobes on 12 meters, down 
about 6 dB from the major end-fire lobes. 
On 80 and 40 meters, the antenna has the 
usual figure-8 patterns of a half-wave- 
length dipole. I have some pattern distor- 
tion and input impedance effects from 
aluminum siding on my house. Neverthe- 
less, DX is easily workable on either of 
these antennas using a 100-W transceiver, 
when the high-frequency bands are open. 
Both antennas function as electrical 
half-wave dipoles on 80 and 40 meters 
with alow SWR. They both function.as odd 
harmonic current-fed dipoles on their other 
operating frequencies, with higher, but still 
acceptable, SWR. The presence of the stubs 
can either raise or lower the input imped- 
ance of the antenna from those of the usual 
third and fifth harmonic dipoles. Again, I 
recommend that 75-Q, rather than 50-Q, 
feed line be used because of the 
generally higher input impedances at the 














harmonic operating frequencies of the 
antennas. 

The SWR curves of both antennas were 
carefully measured. A 75 to 50-Q trans- 
former from Palomar Engineers was in- 
serted at the junction of the 75-Q coax feed 
line and my 50-Q SWR bridge. The trans- 
former prevents an impedance discontinu- 
ity, with attendant additional undesired line 
reflections appearing at the 75 to 50-Q 
junction. The transformer is required for 
accurate SWR measurementif a50-QSWR 
bridge is used with a 75-Q line. No harm is 
done to any equipment, however, if the 
transformer is omitted. Most 50-Q rigs 
operate satisfactorily with a 75-Q line, al- 
though this requires different tuning and 
load settings in the final output stage of the 
rig or antenna tuner. I use the 75 to 50-Q 
transformer only when making SWR mea- 
surements and at low power levels. The 
transformer is rated for 100 W, and when I 
run my I-kW PEP linear amplifier the trans- 
former is taken out of the line. (I 
hope my absent-mindedness doesn’t catch 
up with me some day!) 

Figure 6 gives the SWR curves of the 
80, 40, 20, 15 and 10-meter antenna. 
Minimum SWR is nearly 1: 1 on 80 meters, 
1.5:1 on 40 meters, 1.6:1 on 20 meters, and 
1.5:1 on 10 meters. The minimum SWR is 
slightly below 3:1 on 15 meters. On 15 
meters, the stub capacitive reactance com- 
bines with the inductive reactance of the 
outer segment of the antenna to produce a 
resonant rise that raises the antenna input 
resistance to about 220 Q, higher than 
that of the usual 3/2-wavelength dipole. 
An antenna tuner may be required on this 
band to keep a solid-state final output stage 
happy under these load conditions. 

Figure 7 shows the SWR curves of the 
80, 40, 17 and 12-meter antenna. Notice 
the excellent 80-meter performance with a 
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Figure 6—Measured SWR curves for an 80, 40, 20, 15 and 10- 
meter antenna, installed as an inverted-v with 40-ft apex and 


120° included angle between legs. 
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Figure 7—Measured SWR curves for an 80, 40, 17 and 12-meter 
antenna, installed as an inverted-v with 40-ft apex and 120° 


included angle between legs. 
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Table 1 

Trap Q 

Frequency (MHz) 3.8 7.15 14.18 184 21.3 24.9 28.6 
High Z out (Q) 101 124 139 165 73 179 186 
Low Z out (Q) 83 103 125 137 44 149 155 
Table 2A 

Trap Loss Analysis: 80, 40, 20,15, 10-Meter Antenna 

Frequency (MHz) 3.8 7.15 14.18 21.3 28.6 
Radiation Efficiency (%) 96.4 70.8 99.4 99.9 100.0 
Trap losses (dB) 0:16 =1.5 —0.02 -0.01 —0.003 
Table 2B 

Trap Loss Analysis: 80, 40, 17, 12-Meter Antenna 

Frequency (MHz) 3.8 7.15 18.1 24.9 

Radiation Efficiency (%) 89.5 90.5 99.3 99.8 

Trap losses (dB) -0.5 —0.4 —0.03 —0.006 


nearly unity minimum SWR in the middle 
of the band. The performance approaches 
that of a full-size 80-meter wire dipole. The 
short stubs and the very low inductance 
traps shorten the antenna somewhat on 80 
meters. Also, observe the good 17-meter 
performance, with the SWR being only a 
little above 2:1 across the band. 

But notice the 12-meter SWR curve of 
this antenna, which shows 4:1 SWR across 
the band. The antenna input resistance ap- 
proaches 300 Q on this band because the 
capacitive reactance of the stubs combines 
with the inductive reactance of the outer 
antenna segments to give resonant rises in 
impedance, These are reflected back to the 
input terminals. These stub-induced reso- 
nant impedance rises are similar to those 
on the other antenna on 15 meters, but are 
even more pronounced. 

Too much concern must not be given to 
SWR on the feed line. Even if the SWR is 
as high as 9:1, no destructively high volt- 
ages will exist on the transmission line. 
Recall that transmission-line voltages in- 
crease as the square root of the SWR in the 
line. Thus, 1 kW of RF power in 75-Q line 
corresponds to 274 V line voltage for a 
1:1 SWR. Raising the SWR to 9:1 merely 
triples the maximum voltage that the line 
must withstand to 822 V. This voltage is 
well below the 3700-V rating of RG- 11, or 
the 1700-V rating of RG-59, the two most 
popular 75-Q coax lines. Voltage break- 
down in the traps is also very unlikely. As 
will be pointed out later, the operating 
power levels of these antennas are limited 
by RF power dissipation in the traps, not 
trap voltage breakdown or feed-line SWR. 
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Trap Losses and Power Rating 


Table | presents the results of trap Q 
measurements and extrapolation by a two- 
frequency method to higher frequencies 
above resonance. I employed an old, but 
recently calibrated, Boonton Q meter for 
the measurements. Extrapolation to higher 
frequency bands assumes that trap resis- 
tance losses rise with skin effect according 
to the square root of frequency, and that 
trap dielectric losses rise directly with fre- 
quency. Systematic measurement errors are 
not increased by frequency extrapolation. 
However, random measurement errors in- 
crease in magnitude with upward frequency 
extrapolation. Results are believed to be 
accurate within 4% on 80 and 40 meters, 
but only within 10 to 15% at 10 meters. Trap 
Q is shown at both the high- and low-im- 
pedance trap terminals. The Q at the low- 
impedance output terminals is 15 to 20% 
lower than the Q at the high-impedance 
output terminals. 

I computer-analyzed trap losses for 
both antennas in free space. Antenna-input 
resistances at resonance were first calcu- 
lated, assuming lossless, infinite-Q traps. 
They were again calculated using the Q 
values shown in Table 1. The radiation effi- 
ciencies were also converted into equiva- 
lent trap losses in decibels. Table 2A 
summarizes the trap loss analysis for the 
80, 40, 20, 1S and 10-meter antenna and 
Table 2B for the 80, 40, 17 and 12-meter 
antenna. 

The loss analysis shows radiation effi- 
ciencies of 90% or more for both antennas 
on all bands except for the 80, 40, 20, 15 


and 10-meter antenna when used on 40 
meters. Here, the radiation efficiency falls 
to 70.8%. A 1-kW power level at 90% ra- 
diation efficiency corresponds to 50-W dis- 
sipation per trap. In my experience, this is 
the trap’s survival limit for extended 
key-down operation. SSB power levels of 1 
kW PEP would dissipate 25 W or less in 
each trap. This is well within the dissipa- 
tion capability of the traps. 

When the 80, 40, 20, 15 and 10-meter 
antenna is operated on 40 meters, the radia- 
tion efficiency of 70.8% corresponds to a 
dissipation of 146 W in each trap when 
1 kW is delivered to the antenna. This is 
sure to burn out the traps—even if sustained 
for only a short time. Thus, the power 
should be limited to less than 300 W when 
this antenna is operated on 40 meters under 
prolonged key-down conditions. A 50% 
CW duty cycle would correspond to a 
600-W power limit for normal 40-meter 
CW operation. Likewise, a50% duty cycle 
for 40-meter SSB corresponds to a 600-W 
PEP power limit for the antenna. 

I know of no analysis where the burnout 
wattage rating of traps has been rigorously 
determined, Operating experience seems to 
be the best way to determine trap burn-out 
ratings. In my own experience with these 
antennas, I’ve had no traps burn out, even 
though I operated the 80, 40, 20, 15 and 
10-meter antenna on the critical 40-meter 
band using my AL-80A linear amplifier at 
the 600-W PEP output level. I have, how- 
ever, made no continuous, keydown, CW 
operating tests at full power purposely try- 
ing to destroy the traps! 


Summary 


Some hams may suggest using a differ- 
ent type of coaxial cable for the traps. The 
dc resistance of 40.7 Q per 1000 feet of 
RG-59 coax seems rather high. However, 
I’ve found no coax other than RG-59 that 
has the necessary inductance-to-capaci- 
tance ratio to create the trap characteristic 
reactance required for the 80, 40, 20, 15 
and 10-meter antenna. Conventional traps 
with wide-spaced, open-air inductors and 
appropriate fixed-value capacitors could be 
substituted for the coax traps, but the con- 
venience, weatherproof configuration and 
ease of fabrication of coaxial-cable traps is 
hard to beat. 


Notes 

'L. Varney, “The GSRV Multiband Antenna... 
Up-to-Date,” The ARAL Antenna Compen- 
dium, Vol. 71, p 86. 

2M. Mims, “The Mims Signal Squirter,” QST, 
Dec 1939, p 12. 

3 “Five Band Antenna,” The ARAL Antenna 
Book, 16th Edition, pp 7-10 to 7-11. 





By William C. Gann, W4NML From QST, May 1966 


A Center-Fed “Zepp” for 
80 and 40 


The center-fed “Zepp” antenna is re- 
viewed by W4NML, showing how com- 
plete coverage of a single band is made easy 
by using old concepts. Although the author 
shows how to use the Zepp on 80 and 40, 
only, the system can be used from 80 
through 10 meters by employing an all- 
band transmatch. 


Multiband antennas fed with resonant 
feeders were very popular in the pre-coax 
cable days. This article is presented to re- 
view a good, but seemingly forgotten sys- 
tem. This antenna should be of interest to 
traffic and contest operators, and to the 
casual operator who likes to use both the 
c.w. and phone portions of the 80- and 40- 
meter bands. 

Our section s.s.b. net meets on 3965 kHz 
and the c.w. net meets on 3575 kHz. Many 
schemes were tried to make one antenna 
usable on both ends of the band so that a 
low s.w.r. could be maintained while se- 
curing efficient operation at the different 
frequencies. None of the antennas tried 
would permit an excursion of more than 
300 kHz without a serious s.w.r. problem 
between the transmitter and the line. Get- 
ting from 80 to 40 meters with such an an- 
tenna was even more perplexing. The 
writer’s dilemma was finally solved by the 
installation of the old reliable center-fed 
Zepp antenna. 


Choosing the Dimensions 

In order to use the antenna on 40, 75, 
and 80 meters, tuned feeders are required!. 
So that the feeders can be matched to the 
transmitter, a transmatch is used at the 
“shack” end of the line. Parallel tuning is 
used to minimize the complexity of the 
transmatch. This requires that the transmis- 
sion line presents a high impedance to the 
transmatch on both bands. 

The charts in the handbooks did not give 
a set of Zepp antenna dimensions that were 
suitable for the author’s installation. Be- 


1Center-fed Antennas, A.A.A.L. Antenna Book, 
Chapter 6. 


Fast QSY for the Phone-C.W. Operator 


cause of the existing tower, which would 
permit the antenna to be supported at the 
50-foot level, and because the ham shack 
was adjacent to the tower, the prescribed 
feeder lengths were not practical. A graph 
was plotted to show the frequency extremes 
to which the antenna would be tuned, show- 
ing the minimum and maximum impedance 
points across the bands. It was determined 
that the combined length of one leg of the 
feed line and one section of the dipole 
would be 114 feet.? A length of 53 feet was 
used for the feed line and each leg of the 
driven element was cut to 61 feet. 

To broaden the antenna’s response, the 
driven element’s effective area was made 
larger by paralleling two lengths of No. 12 
copper wire as shown in Figures 1 and 2. 
With this arrangement, the Q of the antenna 


2 This ge is Pt hey 145 feet for operation 
in the 3.5- to 30-MHz range when the antenna 
is mounted horizontally (no droop), away from 
steel towers, and with a singlewire driven el- 
ement.—Editor 
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is lower, permitting the operator to QSY 
approximately 200 kHz without readjust- 
ing the transmatch. 


Construction Notes 


The driven element and the feed line are 
made from No. 12 copper wire. The 4-inch 
wide ceramic spreaders used to hold the 
feeder wires apart are made by the E. F. 
Johnson Co. Light-weight poly spacers are 
used to spread the driven-element wires and 
are sold as TV “clothespins” by the Telco 
Co. (Figure 2). All of the spreaders are at- 
tached to the No. 12 wire by short pieces of 
No. 18 copper wire. The distance between 
the spreaders is 4 feet for both the driven 
element and the feed line. 

Sections of 1 x 4-inch lumber are used to 
hold the feeders away from the steel tower 
(Figure 3). Each piece is 24 inches long, 
notched at one end, and is fastened to the 
tower with U-bolts. Porcelain telephone- 
type insulators are attached to the feed-line 
end of each board, offering low-loss anchor 


—— To Transmatch 





Figure 1—Layout of the 2-band Zepp antenna. Dimensions for each part of the antenna 
are shown. Feed point is anchored to one of the wooden support arms (See Figure 3). 
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Figure 2—Details showing how the driven 
element spreaders are attached to the No. 
12 wire. No. 18 copper wire is wrapped 
above and below each spreader to hold it 
in place. 


points for the transmission line. The up- 
permost support arm, at the 50-foot level, 
is used as a mount for the center of the 
driven element. 

The far ends of the antenna are sup- 
ported by 30-foot TV masts. A pulley and 
halyard arrangement is used for raising and 
lowering the ends of the antenna. Because 
the end supports are not as high as the feed 
point of the antenna, the dipole has a slight 
droop, but this does not seem to impair the 
performance. 

The transmission line is brought into the 
operating position by means of feed- 
through insulators, mounted on a plywood 
strip which fits under a partially raised win- 
dow. Insulated No. 12 house wire is used 
between the feed-through insulators and 
the transmatch. 


Transmatch 


Ideas for the author's tuner (Figure 4) 
were taken from the excellent transmatch 





Figure 3—Wooden support arms hold the 
transmission line away from the tower. 
Telephone-type insulators are mounted at 
the end of each board to make the feed 
line secure. 
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Feeders 








Figure 4—Schematic diagram of the W4NML transmatch. 


C,—100 pf. per section transmitting 
variable. (Split stator type with 0.175-inch 
spacing between plates.) 

C,—300-pf. variable capacitor(0.078 
spacing or greater). 

J,—SO-239 coax connector. 

L,—56 turns, 3-inch diam., 8 turns per inch 
coil. S, taps are 9 turns from ends of coil 
for 80 meters, and are 22 turns from ends 


article by McCoy.} Band changing is made 
possible by a large ceramic switch (origin 
unknown) which was obtained at a 
hamfest. An identical switch is used for 
selecting the taps for the feed line (Figure 
5). Coil L; contains 56 turns of No. 14 wire, 
is 3 inches in diameter, and has 8 turns-per- 


3 QST, July 1965. 


Figure 5—Top- 
chassis view of 
the transmatch. 
Cz is mounted 
under the 
chassis. 





of coil for 40 meters. S. taps are 5 turns 
from ends of coil for 80 meters and 17 
turns from ends of coil for 40 meters. (Air 
Dux 2408T or Polycoils 1779 usable.) 

L,—8 turns of Air Dux 2408T (center 
portion of L,). 

S;, Ss—Ceramic rotary, 2 poles, 2 
positions, 2 sections. 


inch (Air Dux 2408T). A stationary link, 
L,, at the center of L,, contains 8 turns of 
No. 14 wire and is a part of the Air Dux coil 
from which L, is made. The link is tuned 
with a 300-pf. variable capacitor. The au- 
thor did not have a unit of the correct type, 
so two 150-pf. capacitors were parallel- 
connected (mounted under the chassis). Ca- 
pacitor C, is a 100-pf-.per-section variable 





with wide spacing. To give L, some rigid- 
ity, itis mounted ona plexiglass tube which 
is supported by the frame of C, with stand- 
off insulators. 


Results 


While using clip leads, the correct tap 
points for the feeders were found by operat- 
ing the transmitter through a Collins wattme- 
ter and tuning C, and C, for zero 
reflected power. The transmatch permitted 
the transmitter to “see” 50 ohms in any part of 
either band. After establishing the correct tap 


points for the feed line, permanent connec- 
tions were made between L, andthe switches. 

Next, the tuner was used with the 
30L-1 amplifier at an output level of 700 
watts. After a 30-minute QSO, no evidence 
of coil heating could be detected. 

When compared to other antenna sys- 
tems used by the author, the new skywire 
showed improved performance. It was be- 
lieved that some sacrifice in efficiency 
would result from changing to the new an- 
tenna. Happily, it was found that we could 
have our cake and eat it too! Extended use 





indicated that the performance was, indeed, 
better than with previous antennas used. 

I wish to thank three friends for their 
help in making this article possible: 
K4WWN for his tower climbing and pho- 
tography work, K4ADK for building the 
transmatch cabinet, and Roy LeCrone for 
additional darkroom and photographic 
assistance. 

Although this antenna system is an old 
standard, it may be the answer to your QSY 
problems. The cost is nominal and the re- 
sults are most rewarding. 
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With reference to the article on a Cen- 
ter-fed Zepp for 80 and 40 in May 1966 
OST: 

I set out to accomplish several things 
with an antenna to be installed on a Cali- 
fornia lot which runs east-west: 

1) One pole. 
2) No guys. 
3) Good for short skip up and down the 
West Coast on 80, 75 and 40 meters. 
4) Throw lobes across populated DX areas 
on 20 and 15 meters with a fairly low 
radiation angle. 

5) Allow some onmidirectional DX on 40 
meters, 

6) Keep away from anything with critical 
antenna length or critical tuning. 

7) Minimum cost. 

Figure | shows the arrangement I ended 
up with. Results have been exceptional for 
a simple system of low height. 

I use No. 14 wire for the antenna. The 
feeders are also No, 14. The center is 
mounted on an unguyed wooden pole about 
34 feet high. Each section of the antenna is 
65 feet long and the ends are only 14 feet 
high. Thirty-foot feeders are used with se- 
ries tuning on 80 and 40 and parallel tuning 
on 20, 15 and 10 meters. Loading from 3.5 
to 30 MHzis excellent and not at all critical 
in tuning. The fact that the feeders are less 
than 1/8 wave on 80 allows reactance to be 
tuned out in the feeder-tuning arrangement 
on that band. The antenna is a bit long for 
the high end of 75 meters, but tuning there 
is good (this length was picked because of 
the slightly longer physical length required 
on the upper bands for end effect). 

I have the antenna itself running east- 
west, giving some directivity north-south 
for QSOs with short skip up and down the 
west coast on 80 and 40 meters (it was 
found in an earlier antenna... vertical... 
that a vertical was not satisfactory for high- 
radiation-angle short-skip operation). On 
20 and 15 the lobes tend to cut across major 
population DX areas. The tilt of the wire, 
which lowers the vertical radiation angle 
plus apparently some lobe addition, seems 
to give better results in the desired DX 
directions on 20 and 15 meters than 33- 
feet-high half-wave horizontal antennas 
oriented in the correct directions. Quite a 
bit of omnidirectional DX has been worked 
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From QST, March 1967 (Technical Correspondence) 


All-Band Antenna 


on 40 meters, undoubtedly because of the 
antenna tilt. DX operation on 15-meterc.w. 
has been really exceptional. Quite often I 
hook a DX station through the pileup when 
local beam stations miss (power output is 
about 150 watts). Since 10 has opened up I 
have used the antenna quite a bit on that 
band with very good results for both North 
American and DX contacts. 

As a result of playing around on 160 
meters with the bottom of the feeders con- 
nected together and working the antenna as 
a“ T” against ground, I decided to see what 
happened when it was operated as a top- 
loaded vertical on 80 and 40 meters. The 
feeders were tied together and the antenna 
worked against a ground consisting of two 
8-foot rods in water-soaked earth. On 80 
this places the maximum-current point di- 
rectly at the top of the vertical section (1/8 
wave long) and on 40 gives the effect of a 
1/4-wave vertical with maximum current 
at the bottom. This arrangement gave much 


Concrete 


better results than the Zepp where low- 
angle radiation was required, and less 
effective results than the Zepp where me- 
dium- and high-angle radiation was re- 
quired. Anexception is directly off the ends 
on 80 meters, where the vertical and Zepp 
seem to give the same results. The Zepp 
arrangement is therefore now used for short 
and medium skip on 80 and 40 and the ver- 
tical arrangement for long skip or DX. In 
receiving, the signal-to-noise ratio de- 
creases greatly with the vertical arrange- 
ment (vs horizontal), thus somewhat 
offsetting the overall advantage of the ver- 
tical for DX operation. If this condition is 
extreme, I use the Zepp for receiving and 
the vertical for transmitting, for DX opera- 
tion. It appears that the vertical transmitter 
and horizontal receiver is by far the best 
DX arrangement for metropolitan areas, 
but most likely the vertical for both would 
be best for rural areas where the QRN is 
lower. — Dave Hardacker, W6PIZ 


One 
Spreader 





Figure 1-The W6PIZ all-band antenna. Power is applied through a series- or parallel- 
tuned link-coupled matching circuit at X-X for operation on 3.5 through 30 MHz (see 
text). For 2 MHz, and also for certain types of work on 3.5 and 7 MHz, points X-X can 
be connected together and the antenna worked against ground. 





By William J. Lattin, W4JRW From QST, December 1960 


Multiband Antennas 
Using Decoupling Stubs 


Substituting Transmission Line Sections for Lumped- 
Constant Traps 


Since W4JRW obtained a patent on this 
multi-frequency antenna system nearly ten 
years ago we can’t call it “new,” but at 
least it should be welcome news to those 
seeking a simple way to get good radiation 
on several bands, Shorted 1/4-wavelength 
stubs provide r.f. insulation and also serve 
as part of the antenna. 


Since amateurs usually desire to oper- 
ate on more than one band, several methods 
have been devised to use a single antenna 
on several bands. The earliest arrangements 
employed various combinations of feeder 
lengths, antenna lengths, and series or par- 
allel tuning of the coupling circuit. Later 
on, the use of parallel-tuned “traps” with 
lumped constants which act as insulators at 
a particular frequency was invented.! A 
practical arrangement of this system for 
amateur use was developed? and is in rather 


wits Tsk. — 28—MHz a ————F | 

It is well known that the parallel-tuned ees Ce ae ar eT earns 
circuit and quarter-wavelength shorted stub 
of Figure | are very similar electrically. — 
Both configurations show a high imped- i 
ance across points A and B. However, if a ————— 28-MHz Stubs 
stub is connected to an antenna in this man- 
ner it does not act as an insulator but rather 7 
as a phase changer. The collinear antenna Figure 2—A two-band antenna for 28 MHz and some lower frequency. The center 

: portion is an ordinary 10-meter dipole. The shorted stubs are '/1 wavelength long at 

uses such stubs to operate a series of 58 \Hz and look like an open circuit at that frequency when connected to the dipole 
halfwave sections in phase. as shown. Extensions on the ends of the stubs can be used to resonate the antenna 
There is a different connection possible at any frequency less than half of 28 MHz. 
for the stub, that is from A to C, which will 
result in insulator action or decoupling in 
an antenna.° For instance, shorted stubs a 
quarter wavelength long at 28 MHz can be 








Figure 1—A parallel-tuned circuit has a high impedance at its resonant frequency, and 
so does a '/4-wavelength shorted transmission line. 





Paint Joint with 
attached to the ends of a 28 MHz dipole as Insulator Clamps —_ Tape 
in Figure 2, The 28 MHz dipole is effec- solar ee 
tively isolated or decoupled from the bal- 
ance of the antenna which can be made long => 
enough to resonate at 14, 7 or 3.5 MHz. If F 
another pair of stubs is added for 14 MHz, Wires Soldered One Wire Cut and sh 


Together Soldered to Other 
Conductor 


‘Morgan, “A Multifrequency Tuned Antenna 
System,” Electronics, August, 1940. : : 5 : : 

*Buchanan, “The Multimatch Antenna System,” Figure 3—Construction and dimensions of an antenna for 10 and 20 meters using 300- 
QST, March, 1955. ohm tubular Twin-Lead for both the dipole and stubs. Either a 50- or 75-ohm 

3 Lattin, Patent No. 2,535,298. transmission line can be connected at the center of the dipole. 
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(A) For 10, 20, 40 Meters 


(B) For 10, 20, 40, 80 Meters 
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Figure 5—From top to bottom, SWR 
characteristics of the antennas shown in 
Figures 3, 4A and 4B. A 50-ohm coaxial 
transmission line was used, and the 
measurements were made with a 
Micromatch. 


there will be isolation at both 28 and 14 
MHz, and a 10-20-40-meter or 10-20-80- 
meter antenna can be made. 

The stubs can be made of open-wire line, 
Twin-Lead, or coax. Their lengths can be 
found from the formula 


246 x Velocity Factor 
Frequency (MHz) 


The over-all length of an antenna con- 
taining decoupling stubs will be somewhat 
less than the figure given by the usual for- 
mula for a half-wavelength dipole — 
Length (feet) = 468/Frequency (MHz). For 
instance, an antenna for 10 and 20 meters 
must be 29 feet, 10 inches long for reso- 
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Length (feet)= 


Figure 4—Dimensions of stub-decoupled antennas for 10, 20 and 40 meters and 10, 20, 40 and 80 meters made of tubular Twin-Lead. 
Either antenna can also be used on 15 meters where the 40-meter section is °/s wavelength long. 







3.5-—MHz Dipole 


" 28’ 





27-5" 


7-—MHz Dipole 


7—MHz Stubs 





Figure 6—A stub-decoupled antenna for 40 and 80 meters. In this case wires must be 
hung from the ends of the 40-meter dipole to resonate the antenna in that band. 


nance at the lower frequency, whereas the 
formula gives a length of 33 feet. 

If open line with a velocity factor of 
nearly unity is used for the stubs, the over- 
all length of a two-band antenna would be 
nearly a full free-space wavelength at the 
higher frequency and the whole antenna 
would resonate at something /ess than half 
that frequency. Very fortunately, the ve- 
locity factor of 300-ohm tubular Twin- 
Lead (0.8) gives such lengths for the stubs 
that, in most cases, adding the stub makes 
the antenna resonate at just half the origi- 
nal frequency. 

Figure 3 shows how tubular Twin-Lead 
can be used for the antenna itself as well as 
the stubs and includes dimensions for 10- 
and 20-meter operation. The foam-filled 
type of Twin-Lead is recommended to keep 
out moisture. Lengths for three- and four- 
band antennas using the same construction 
are given in Figure 4. Figure 5 indicates the 
standing-wave ratios observed across vari- 
ous bands when these antennas were fed 
with 50-ohm coax. 

The antenna of Figure 6 can be used 
when only 40- and 80-meter operation is 
desired. Since the 40-meter portion is not 
made up of stubs it must be longer than the 
antenna of Figure 4A. However, the isolat- 
ing stubs must still be 1/4 wavelength long 
(allowing for velocity factor), and the 
whole antenna would resonate at a fre- 
quency below 3.5 MHz if the stubs were 
simply added to the ends of the 7-MHz di- 


pole. To get around this, the dipole is short- 
ened until the whole antenna tunes to 80 
meters. Then resonance at 40 meters is re- 
stored by adding extra lengths of wire at the 
stub junctions. These wires are short and 
can just hang down from the antenna as 
shown. 

Any of the antennas which will operate 
on 40 meters can be used on 15 meters as 
the 40-meter stubs will be approximately 
3/4 wavelength long and will provide 
decoupling . The result is equivalent to op- 
erating a 7-MHz dipole at three times its 
resonant frequency, and we have found the 
$.W.r. is usually not lower than 3 to 6 when 
using 40-meter antennas of any type on 15 
meters’. 

The power rating of the antenna will 
depend on the insulation at the stub junc- 
tions. These junctions can be painted with 
corona dope and covered with vinyl tape. It 
has been our experience over several years 
that the insulation will not break down with 
a kilowatt-input transmitter, 100 percent 
modulated, except when wet or very damp. 
In this case, the input should be reduced to 


4 Theoretically, a center-fed antenna 
working on its third harmonic shouldn't be 
more than about 50 percent higher in 
resistance than on the fundamental. One 
would expect an s.w.r. on the order of 2 to 
1 rather than such high figures. — Ed. 
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Sheet Aluminum 
Clamps 


8'-6" x 1/4" 0.0. Alumn. 


1/2" Spacing 


Standoff Insulators 


9'x1-1/8" 0.D. x 0.58" Alumn. 
(Use 10’ tube and slide rest 
into 1-1/4" tube) 


6'x1-1/4" x0.058” Alumn. 


Insulator 


3 Radials 8-1/2' 
Long and 3 Radials 
16-1/2' Long (May 
be port of guy wires) 


Supporting Pipe 


Same Construction 
as Top Section 


Dimensions and Construction Same os Above 








Figure 7—Dimensions and suggested 
construction for coaxial, ground-plane and 
tubing dipole antennas for 10 and 20 
meters. The arrangement in A might be 
mounted with standoff insulators attached 
to the 1'/s-inch sections near the center of 
the antenna. The dipole in C could be 
closed at the center and fed with a gamma 
or “T"-matching system. Similarly- 
constructed parasitic elements could be 
added to make a multiband beam. 


perhaps 500 watts unless special precau- 
tions have been taken to seal up the junc- 
tions at the open ends of the stub. Of course, 
on the lowest band for which the antenna is 
designed the stubs do not have voltage 
across them and will not be subject to 
breakdown or flashover, The high voltage 
across the open end of a stub occurs only at 
the resonant frequency of that stub. 

Figure 7 shows the construction of sey- 
eral 10 and 20-meter antennas which have 
been built and the dimensions required for 
resonance in these bands. The spacing be- 
tween the rods forming the shorted stubs is 
not critical—the same lengths were ob- 
tained with 1-inch instead of 1/2-inch spac- 
ing. Insulators should be made of low-loss 
material. Reflectors and directors for a 
multiband beam could be made up the 
same way. 
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From QST, December 1954 (Hints & Kinks) 


“All-Band” Antenna 


Figure | is a sketch of an “all-band” an- 
tenna system that I have been using with 
success for some time. The idea is not a 
new one, having appeared in QST at least 
10 years ago. However, I feel that there are 
many newcomers since that time who 
would be interested in a simple system that 
can be fed with a single 70-ohm transmis- 
sion line. 

The arrangement consists of dipoles, cut 
for each band and connected in parallel at 
the center. Although I have not checked 
standing-wave ratios, the results seem to 
indicate that it gets out as well as a bunch of 
individually-fed doublets. If you haven't 
tried it, you’re in for some surprises.— R. L. 
Cope, WSMOK 
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Coaxial Transmission Line 
(Any Length) 





Figure 1—-Sketch of W8MOK’s “all-band” antenna. Egg insulators are used at points “A” 
through “F.” 








Doublet 


A common method for energizing a 
half-wave antenna is to feed it at the center 
with parallel-conductor TV lead-in, or 
Twin-Lead as it is usually called, and to use 
an open stub for matching the 50- to 70-Q 
antenna resistance to the 300-Q impedance 
of the line. However, this technique, as 
described in the latest edition of The ARRL 
Antenna Book, generally gives proper 
matching on only one band. 

After a number of trial-and-error calcu- 
lations on a Smith Chart, along with lots of 
cut-and-try experimenting, I devised a 
three-stub matching scheme so that I could 
operate my 40-meter doublet on 40, 20 and 
15 meters. Figure | illustrates this method 
and gives the lengths of the stubs and their 
positions along the feed line. The dimen- 
sions shown are for standard Twin-Lead, 
with a velocity factor of 0.82. All of the 


From QST, January 1975 (Hints & Kinks) 


Three-Band Matching 
System for a Forty-Meter 


40—Meter Half—Wave Antenna 


3! 
sow. 
“3 es (see text) 


16°4 


75—Ohm Coax 
to XMTR 





stubs are open at the ends and are made 
from the same type of line as the feed line. 
Note that the two lower stubs are connected 
at the same point on the feed fine. 

The length of the longest stub is fairly 
critical. It should first be cut to 17 feet and 
then trimmed no more than two inches at a 
time, until the SWR is minimum in the cen- 
ter or the desired portion of the 20-meter 
band. The feed fine can then be matched 
with a 4:1 broad-band balun to a 75-Q co- 
axial cable from the transmitter. With my 
antenna, the described matching system 
gives an SWR of less than 2.5 to 1 over all 
of the three bands, with minimum values of 
1.3 to 1 on 40 and 15 meters, and 1.7 to | 
on 20 meters. As with any multiband an- 
tenna, one must guard against harmonic ra- 
diation. — Frank Stuart, K7UUC 
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From QST, December 1979 (Technical Correspondence) 


“Z” Antenna For the 10- 


160 Meter Bands 


One of my interests in ham radio is de- 
signing and constructing antennas for both 
general amateur use and for the Army 
MARS system. For the amateur who has 
limited space, I have designed a “Z”’ an- 
tenna that covers the bands from 10 through 
160 meters. It is easily constructed from 
wire. Spreaders for the transmission line 
are fabricated from Lucite strips or 
Plexiglas rods. (Refer to the yellow pages 
of telephone directories for the names of 
dealers who handle Plexiglas or the equiva- 
lent.) For two no. 14 wires, a 2-inch (51- 
mm) spacing is adequate. 

Although a height of 100 feet (30 
meters) is indeed desirable for this antenna, 
hams who settle for elevations between 
30 and 50 feet (9 and 15 meters) will still 
obtain good results, The angles o between 
the wire segments will depend on indi- 
vidual situations such as the placement of 
trees or other supports. Generally, the 
wider the angle, the better the performance. 

W1NH, the New Hampshire SCM, who 
is really into antennas, says my design is 
“FB.” My evaluation of the antenna is that 
the‘‘aerial” is great—John N. MacInnes III, 
WBIFPD 
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160-10 Meter 
Tronsmotch 





A 10- to 160-meter horizontal Z antenna. 
Inexpensive no. 14 copper-clad (electric 
fence) wire may be used. For complete 
information on open-wire transmission 
lines, see The ARAL Antenna Book, any 
recent edition. 








By Taft Nicholson, WSANB/AAR6AG 


From QST, November 1981 


Compact Multiband 
Antenna Without Traps 


Looking for an inexpensive, easy-to-build, portable 
antenna to use with your tube-type transmitter? This 
first cousin of the GSRV may be the aerial of your 


Do you need an antenna for portable 
operation? I do! My preference is for mak- 
ing things as simple as possible. I don’t like 
traps and matching units. The antenna 
shown in Figure 1 has no traps, needs no 
matching unit for the 10-, 20- and 40-meter 
bands (when used with vacuum-tube PAs), 
is lightweight and installs easily. What 
more could you ask for? 


Construction 


Construction is simple. Cut two lengths 
of stranded copper wire (such as Radio 
Shack 278-1292) to 44 feet, 2 inches each 
(m = ft x 0.3048). Attach 36 feet, 8 inches 
of 300-ohm twin lead as shown in Figure 1. 
Coaxial cable attaches to the other end of 
the twin lead at the points marked A and B 
in the diagram. I wound 7 feet, 2 inches of 
RG-58/U coaxial cable into an rf choke to 
minimize problems with rf flowing on the 
outside of the coaxial cable. This length of 
cable in the choke evolved from an attempt 
to match the antenna to the transmitter for 
operation on 15 meters. 

Alternatively, you could use open-wire 
feeders in place of the twin lead. If you 
choose that method, you will need to make 
the section 42 feet, 6 inches long. Or you 
could attach the twin lead or openwire con- 
ductors to a matching unit. When using a 
matching unit, there is no particular merit 
in the lengths given in the diagram. 


SWRA 


The SWR of the antenna is less than 3:1 
on 10, 20 and 40 meters. I have no difficulty 
loading transmitters with tube-type PAs 
(e.g., Galaxy V, Swan 350 or Drake T4X). 
This antenna will work with some transmit- 
ters on 15 meters, but tuning is quite critical. 

However, 80-meter operation is a 
problem. I have not been able to obtain full 
output power with these transmitters on 
frequencies below 3.750 MHz. The SWR 
measures between 5:1 and 8:1 for the 
lower part of the band. I constructed a 


dreams. 


loading coil to go between the choke and 
the twin lead (Figure 2). The coil consists 
of 44 inches of twin lead wound on a 7/8- 
inch diameter form (my left thumb). Once 
the coil was wound, I removed it from my 
thumb and used electrical tape to secure it. 
For 80-meter operation, attach ends C and 
D to the choke and ends E and F to the twin 
lead. Remove the coil for operation on the 
other bands. Banana plugs and sockets can 
be used to facilitate the insertion and re- 
moval of the coil. 


44'2" Insulated and 
Stranded Copper Wire 


36'8" Twin Lead 
Run Twin—Lead (300 2) 
to a Point Near 
Transmitter 


A B 
Load Here (see text) 


Lie ke ot 


RG-58/U Coble 
Wound into a 
3” Dia. Roll and 
Taped in Three 
Places 


To Transmitter 





Figure 1—Diagram of the compact 
multiband antenna. For 80-meter 
operation the loading coil is inserted at 
points A and B. Banana plugs and jacks 
may be added here to facilitate insertion 
and removal of the loading coil. 





Installation 


The antenna should be as high as practi- 
cal. I've had satisfactory results with the 
center of the antenna only 25 feet above 
ground, with the ends tied to fences or other 
convenient supports. Telescoping TV mast 
sections make a good supportif nothing else 
is available. The legs of the antenna serve as 
two of the guy wires. One or two additional 
guy supports should be added (nonconduct- 
ing material such as nylon rope is best). 

This compact multiband antenna works 
satisfactorily on all bands from 20 through 
80, and 10, meters. It has no traps and re- 
quires no matching unit when used with 
tube-type equipment. I have used it for por- 
table operation in and out of the country. It 
is easy to pack, carry and erect. Perhaps 
you might want to try one. I think you'll 
like it! A brief discussion of the theory of 
operation follows in the appendix. 


[Editor's Note: A description of the G5SRV ap- 
pears in the RSGB Aadio Communications 
Handbook. Gray described it in the June is- 
sue of Ham Radio Horizons. A similar design 
was depicted in the Collins Radio manuals of 
the 1930s.] 


Wind 44” of 300-Ohm 
Twin—Lead on itself 


Tape at G, H and I 


Figure 2—Loading coil for 3500-3750 kHz 
operation. Points E and F on the coil are 
connected to the coaxial cable. Points C 
and D are connected to the twin lead. 
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Appendix 

This multiband antenna evolves from 
two connected transmission lines with criti- 
cal length and ratios of surge impedances. 
The system is self-resonant at a fundamen- 
tal frequency and at most of the even har- 
monics and several of the odd harmonics. 
The first five are 2nd, 4th, Sth, 7th and 8th. 

Consider the transmission lines in 
Figure 3. 


The two lines are of equal length, “é” 
and different surge impedances, Z, and Z.. 
Looking into the lines: 


Z 
X9=——>— rand X, =Z, tan(2né/A 
°~ Tan(angTh) eo ot 2s tan 22/2) 
where 
i = wavelength 
X, = reactance looking into open line 
X, =reactance looking into shorted line 


From the theory of resonant circuits, we 
know if we connect the lines the system 
will be resonant at all frequencies 
where X,,=Xs provided the two reac- 
tances are of equal value and opposite 
signs. The open and shorted line provide 
this condition except at some harmonics. 

Joining the lines as depicted in Figure 4 
we find that 

Z 


ee: Se. = 
can ORETR) Z, tan (26/2) 


Z, 2 ° 
7 = tan? (2mt/A)=tan* (360°£/2) 





If the angle 21£/A is made 60°, then the 
amplitude of the tangent at 120° or second 
harmonic will be the same. This will be 
true for 240° (4th harmonic) and 300° (5th 
harmonic). Similarly, these harmonic re- 
sponses will continue at discrete angles 
above 360°, e.g., 7th, 8th, 10th, 11th, 13th, 
14th and so on. The signs of the tangents 
wash out when squared. 

The angle 2m£/A becomes 60° by mak- 
ing £ = A/6 (1/6 of a wavelength) at the 
fundamental frequency. 

Z 
Zi = tan” (360°x1/6) 
= tan” 60°=(1.73)° =3 


Therefore Z, = 3Z,. This equation 
makes practical the multiband antenna be- 
cause Z, can represent the antenna proper 
and Z, can represent the resonant feeder. 

Z, for the antenna may be computed 
from formulas in radio engineering hand- 
books or textbooks. For a piece of wire 
above the earth and parallel to it as shown 
in Figure 5C. 


7. 4h 
5 2138 log 


For no. 12 wire, d = 0.08081 in. 
Let h = 20 feet or 240 in. 





7p=138xlog{ 


960 
2 0.08081 
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Shorted Line 
(8) 





Figure 3—Two identical lengths of trans- 
mission line. Looking into the lines, the 
opposite ends are open and shorted at A 
and B, respectively. 


Figure 4—The two transmission lines from 
Figure 3 are joined to form one line. 


138 log (11879) = 562 ohms 


This value is not critical. One can use 
300-ohm twin lead or 400-ohm open line 
with 

If the wire size had been no. 18, 


20 605 ohms 


If we use no. 12 wire, then we would 
have 562 ohms on one side and + 562 ohms 
on the other side. 


Z Zz 


Z=5 +5 =11240hms 


N 


From the formula _ 


. = 20 UA -3746 inches 
good results. The harmonics will be dis- 
placed somewhat, but with variable tuning 
of the transmitter the system can be brought 
on frequency. 

The above indicates that Z,/2 varies 
with antenna height, wire size and configu- 
ration. The function is logarithmic and a lot 
can be done to the antenna before Z, 
changes very much. The inverted V works 
well; just use the Z,/2 formula for a hori- 
zontal wire and let h be the average height 
of the inverted V. A formula for surge im- 
pedance can be worked out for most any 
configuration, including a vertical. If the 
reader is interested in feeding a vertical 
antenna, he is referred to LaPort,! which 
has the fundamental information for find- 
ing surge impedance or characteristic 
impedance of antennas. 

The system could be used for a single- 
ended antenna fed with a balanced 
transmission line with a balun at each end. 
Another possibility for a vertical is the use 
of atwo-wire, grounded, open transmission 
line, as discussed in LaPort’s book.” The 
ground system would be critical. 

When experimenting with these multi- 
band lines, it is convenient to have some 








Earth 


Antenna 
(B) 


Transmission 
Line 


(A) 


Figure 5—At A and B, the open portion of 
the transmission line evolves into the flat- 
top portion of the antenna. At C, diagram 
illustrating the formula for calculating Z, 
for the antenna. 





Figure 6—Angular position chart useful for 
determining “stock numbers” to apply to 
the chart. 


“stock” numbers to apply to the lines (see 
Figure 6), One-sixth of a wavelength is one- 
third of a half wavelength. A convenient 
length for a half wave on 80 meters is 135 
feet. One-third of that is 45 feet or A/6 for 80 
meters. One-sixth of a wavelength on 40 
meters is 22-1/2 feet. When you are design- 
ing an antenna, these lengths need to be 
multiplied by the propagation constant of the 
line. After construction and testing, the di- 
mensions can be pruned for end effect, etc. 

When operated as a transmission line, 
the system as described may have applica- 
tion in end-feeding half-wave antennas, es- 
pecially two half waves in phase. The 
system transforms a high impedance to a 
low impedance as a quarter-wave line will; 
however, it will do this at several even har- 
monics, in contrast to the quarter-wave line 
that is only responsive to odd quarter 
wavelengths. 

The author wishes to thank Walt Max- 
well, W2DU, for his detailed analysis of 
the theory section of this article. 


Notes 


'E. LaPort, Radio Antenna Engineering (New 
York: McGraw-Hill Book Co., 1952). 
See note 1. 


By Bill Wright, GOFAH From QST, June 1995 


Five Bands, No Tuner 


Enjoy some of the advantages of a multiband, 
ladder-line-fed antenna without an antenna tuner. 


Reading “The Doctor is IN” (QST, Janu-_ § —————_ radio, this could be a problem. 
ary 1995) reminded methat the searchcon- Table 1 
tinues for a simple backyard antenna. A Calculated SWRs for a 94-foot Can It Be Done? 
wire dipole antenna fed at the center with Dipole Fed with 41 Feet of 450-Q A few years ago | attempted to design an 
450-Q ladder line isa goodchoice.Thelad- Ladder Line antenna that would work on several HF 
der line keeps your losses low—even at bands from 80 to 10 meters. Full details 
moderately high SWRs. All youneedis an Note: Although the antenna is cut for the were published in the spring 1992 edition 
antenna tuner and you’re in business. No CW portions of the band, expect similar of SPRAT, the journal of the G-QRP club. 
coils or traps necessary. results at other frequencies. My inspiration was the venerable 
But can you do away with the tuner and GSRV. | took a 94-foot-long dipole and fed 
still keep the ladder line? That would cer- fe — oe it with ladder line (see Figure 1). By cutting 
tainly make life simpler. To achieve this, 7 4 2 4-4 the ladder line to a specific length and us- 
your transceiver needs to “see” animped- 449 1.5:1 ing a 1:1 balun to make the transition to 


ance that looks reasonably closetoSOQon 184 


21 coaxial cable, I found that I could get close 
as many bands as possible. Without an an- 24.9 1.5:1 to 50-Q (and thus achieve reasonably low 
tenna tuner acting as the middleman be- 29 2.4:1 SWRs) on at least five bands: 40, 20, 17, 12 
tween the 450-Q ladder line and your50-Q =9——————————————_§ and 10 meters (see Table 1). 


The on-air results were better than I ex- 
pected. My radio was happy and I didn’t need 
to meddle constantly with an antenna tuner. 

Of course, you'll need an antenna tuner to 
apg work the bands where the SWR exceeds 3:1. 

A simple tuner will do the job, though. 
End Insulator ’ : 
Because you're using unbalanced coax 
ahead of the balun, you won’t need one of 
the more expensive tuners designed for 
balanced feed lines. 

For best results, put your antenna as high 
as possible. If the ends must bend down- 
ward to accommodate the size of your lot, 
450-9 Ladder Line (41') don’t worry. Run the ladder line to your 
balun and take your coax from there to your 
radio. Keep the coax portion as short as 
possible. 


Conclusion 


By eliminating the antenna tuner com- 
pletely, you lose the flexibility of loading 
your ladder-line-fed antenna on virtually 
any band. In return, however, you gain the 
convenience of operating on several bands 
without making tuner adjustments each 
time you change frequency. Your losses are 
50-9 Coaxial Coble held to a minimum, which means that most 
of the power your radio generates is radi- 
ated by your antenna. Not a bad compro- 
mise! Of course, the results I achieved will 
Figure 1—The wire dipole antenna is 94 feet in length. If you don’t have 94 feet of open —_— vary when used at other locations. Still, it’s 
space, don’t hesitate to droop the ends of the dipole to make it fit. Feed the antenna with a simple, fun project in the experimental 


41 feet of 450-Q ladder line that is connected to a 1:1 balun. From the balun to your spirit of Amateur Radio. 
radio, use 50-Q coax. 


1:1 Balun 
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By Rick Olsen, N6NR 





From QST, March 1993 


The NRY: A Simple, Effective 
Wire Antenna for 80 through 


10 Meters 


Hams’ thoughts ultimately turn to anten- 
nas. So it was with me a while ago. I had just 
moved to the emerald beauty of the Pacific 
Northwest and began pondering the 160- 
foot-tall Douglas firs in my backyard. I had 
considered putting up a crank-up tower, but 
decided that neighbors, architectural com- 
mittees and crank-ups don’t mix. Then I 
thought about topping a tree. Nope—I moved 
here because I love these trees. 

Istarted sniffing around for alternatives. 
I obtained a copy of fellow ARRL Techni- 
cal Advisor Roy (W7EL) Lewallen’s an- 
tenna modeling program, ELNEC, along 
with a copy of The ARRL Antenna Book, 
and began to incubate the seeds of what 
would become my most enjoyable antenna 
project since I built a four-element quad 
back in 1974. 

Hanging ropes from big trees is not a 
new idea.!* 1 began by pacing off the dis- 
tances between the monsters in my yard so 
I would know how much space I had to 
work with and how I could optimally direct 
my signal to places like Europe, Africa and 
the Caribbean. 

Next came the selection of a configura- 
tion. Because the trees are approximately 
120 feet apart, my first choice was a 
multielement collinear array. But a good 
friend, Terry Conboy, N6RY (in NRY, 'm 
the NR and he’s the RY), suggested stack- 
ing a pair of extended double Zepps. I filed 
his suggestion away in my memory for the 
time being. I started my analysis. 

The ARRL Antenna Book, on page 8-32, 
describes the basic function of the collinear 
array. In sum, it concentrates energy per- 
pendicular to the wire, hence the term 
broadside array, This antenna’s physical 
layout and pattern are shown in Figure 1. 
Such an antenna’s gain can be increased 
by varying the end-to-end spacing of the 
elements.? 

Chapter 8 goes on to explain three- and 
four-element arrays. Disappointment set in 
when I sized a four-element in-line array 
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Known as a broadside collinear curtain array, this 
antenna is simple to build, rakes in DX signals and 
has gain over a dipole on all the bands it covers! 


for 20 meters: It wouldn’t fit between the 
trees! What would fit, however, was a 
“two-over-two.” In fact, depending on the 
vertical separation, this array might even 
have some gain over the four-element col- 
linear arrangement.* 

My choice was made. I wanted to maxi- 








Figure 1—A two-element collinear array 
(A), also known as two half-waves in 
phase, is merely two half-wave wire 
elements placed end to end. This antenna 
has about 1.5 dB gain over a dipole in the 
same surroundings, and B shows its free- 
space patiern. 


mize performance on 20 meters and take 
what I could get on the other bands. I chose 
two 1-A, center-fed wires vertically spaced 
5/8 A apart. According to ELNEC, with the 
array 100 feet high at the top and modeled 


0.64 7 





Figure 2—At A, the physical layout of and 
current distribution on an extended double 
Zepp (EDZ), a special case of the two- 
element collinear array shown in Figure 
1A. This antenna exhibits more gain than 
the Figure 1A antenna because 
lengthening the elements to 5/8 4 has the 
same effect as spacing the element ends 
of two collinear half-wave elements 0.28 A 
apart. (See Note 3.) At B, the antenna’s 
azimuth-plane pattern in free space. This 
antenna has about 3 dB gain over a dipole 
in the same surroundings. 


over lossy ground, this antenna’s gain is 
approximately 12 dBi.> Not bad! The only 
problem is that this antenna’s 20-meter 
feedpoint impedance is very high. 

Reenter N6RY and the extended double 
Zepp. Take a look at Figure 2A. The ex- 
tended double Zepp is simply a 1.25-A, 
center-fed wire (two end-to-end 5/8-A ele- 
ments). There’s a hidden message here! 
Have you found it? 

Well, at first, I didn’t either. Terry ex- 
plained to me that the extended double 
Zepp (EDZ) is essentially two half-wave 
collinear elements spaced just over 1/4 
apart. The extended double Zepp’s added 
gain over two half waves in phase comes 
not from the extra 0.28 A of wire between 
them, but from the increased end-to-end 
spacing of the outermost pair of halfwave 
elements. (Radiation from the inner 0.28-A 
actually works against that from the outer 
halfwaves, but the gain increase from the 
new element spacing more than overcomes 
this disadvantage.) Figures 1B and 2B are 
similar. The EDZ has broader lobes and 
useful smaller lobes, both of which are at- 
tractive for a fixed array. 

Sure enough, it was right in front of me 
all the time in the Antenna Book (page 8- 
34, fifth paragraph). In fact, the whole 
darned array was right in front of me in 
Chapter 8! 1 just needed some help piecing 
it all together. I modeled this array every 
way I could imagine, looking for the best 
possible performance. My wife didn’t see 
me in the evenings for two weeks! Figure 3 
shows the final configuration. 

Figures 4, 5 and 6 show some of the re- 
sults of my modeling. I used a design fre- 
quency of 14.2 MHz, a height of 100 feet 
above ground (for the top wire), elements 
made of #14 copper wire, and ground coef- 
ficients typical of the Pacific Northwest. 
All the elements in this array are fed in 
phase, as described in a bit. 

As the figures show, the antenna’s gain 


Insulator or 


(6 places) 


Support Rope 
43'5" 


(2 places) 


and patterns are impressive. On the 80- and 
40-meter bands, the antenna has remark- 
ably dipole-like patterns and gains and 
seems to work at least as well as a dipole in 
the same height range. On the higher bands, 
it works much better than a dipole. Its pre- 
dicted gains in my installation are 9, 11 and 
14 dBi at 7, 10.1 and 14 MHz, respectively. 
At 18.1 MHz (Figure 6) and above, the ar- 
ray begins to take on long-wire properties. 
It has several major lobes in directions 
closer to the wire axis, which the lower- 
frequency patterns don’t provide. 

To help you evaluate the NRY’s pat- 
terns, Figures 4-6 superimpose the patterns 
of halfwave dipoles cut for 10.1, 14 and 
18.1 MHz, respectively, on the NRY’s pat- 
terns. These comparisons assume that the 
dipole is the same height as the NRY’s feed 
point (halfway between the elements, or 
about 22 feet lower than the top wire), and 
over the same ground. 

You may wonder about this antenna’s 
effectiveness as a function of height. Ac- 
cording to the Antenna Book, arrays like 
this have the best gain when the lower ele- 
ment is at least 1/2 A above the ground 
(33 feet at 14 MHz). And, of course, as with 
all horizontally polarized antennas, this 
array’s radiation angle decreases as you 
raise the antenna, which makes for better 
DX performance. The bottom line is that 
for DX work, you don’t have to get the ar- 
ray up 100 feet for itto work well—you just 
need to put it up as high as you can, For 
closer-in coverage, it will work well at 
lower heights. 

Another advantage of this array is that 
its feed-point impedances are manageable. 
To maintain my goal of broadband use, I 
decided to feed the antenna as shown in 
Figure 3. This is the “lazy-H” configura- 
tion described starting on page 8-37 of The 
ARRL Antenna Book. The attractiveness of 
this configuration is that it doesn’t rely on 
specific phasing-line lengths to work prop- 
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Figure 3—The broadside collinear curtain array—the NRY—in its final configuration. This 
antenna is cut for 20 meters, but works well on all the HF ham bands. The array hangs 
from a catenary rope via three short lengths of twine. The lower end insulators are 
supported by ropes to those of the top wire, and the center insulators are joined by the 
phasing line, which is 43 feet, 5 inches of parallel-wire feed line. The feeder to the radio 
is made of the same type of line connected at the halfway point on the phasing line. 


erly. To the extent made possible by the 
different mutual impedances between each 
element and the ground, the phase relation- 
ship between elements remains constant 
regardless of frequency. 


Final Dimensions 


The antenna’s physical dimensions (86 
feet, 10 inches long and 43 feet, 5 inches 
high, not counting insulators) are easy to 
remember because the height is half the 
length. Because the antenna is basically 
1.25 (5/4) A long, center-fed and vertically 
spaced 5/8 A apart, you can easily scale it to 
whatever band you like. For instance, to 
scale it to 10 meters, divide all the dimen- 
sions by two (28 MHz/14 MHz = 2). 


Construction 


Now for the really fun stuff: putting this 
thing up in the air! Building the antenna is 
a breeze. It took me all of about an hour to 
cut and solder the wires and attach the teth- 
ers. The harder part was preparing the trees. 

If you have a friend like Bernie 
Olshausen, N6RUX, you have it made. 
He’s a crack shot with a slingshot, similar 
to that described by Wade Calvert, 
WAQEZY, in QST a couple of years back.® 

Once Bernie landed the fishing lines 
over the right tree limbs, the next job was to 
pull up some lightweight twine (we used 
seiner twine—the stuff fish nets are made 
of) with the fishing line. This is important; 
rope sometimes snags as it goes over limbs, 
and you don’t want to try to pull it over with 
6-pound-test fishing line! With the twine, 
we pulled up some 800-pound-test nylon 
rope with a pulley on one end, using an- 
other piece of nylon rope through the pul- 
ley to act as a catenary for the array. 

It’s important to use a strong, weather- 
resistant catenary rope to hang the array, 
because the antenna loses its desirable 
properties quickly when it takes on the 
shape of a V. You can expect a 2-dB gain 


Outer Ring = 14.9 dBi 
Elevation Angle = 12° 





Figure 4—The NRY’s 14-MHz azimuth- 
plane pattern with the bottom wire at 56.5 


feet and top wire at 100 feet. For compar- 


ison, the shaded part shows the pattern of 


a half-wavelength, 14-MHz dipole at 78 feet 


(the same height as the NRY’s feed point). 
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Outer Ring = 11.4 dBi 
Elevation Angle = 16° 





Figure 5—The NRY’s 10.1-MHz azimuth- 
plane pattern with the bottom wire at 56.5 
feet and top wire at 100 feet. For compar- 
ison, the shaded part shows the pattern of 
a Hrig/eueabieeash HN 10.1-MHz dipole at 78 
feet (the same height as the NRY’s feed 
point). 


decrease at 20 meters with a 20° variance 
from the flat-top configuration. The rope, 
therefore, must be strong enough to mini- 
mize droop and maintain integrity in the 
sun and wind. We’ll get back to the rope in 
a minute. 

For the phasing harness | used low-loss, 
300-Q twinlead. Any parallel-wire feeder 
should work fine. Don’t use coaxial cable 
in the feed system. It’s too heavy, unbal- 
ances the array and has very high loss when 
operated at a high mismatch.’ 

To assemble the feed system, I used 
porcelain insulators and equal lengths of 
300-Q line. I then cut the #14 antenna wire to 
the proper length and soldered it to the feed 
system in a standard dipole configuration. 

Next came the tethers. For an antenna 
almost 87 feet wide and 43 feet tall, you 
need to provide some means of maintain- 
ing the proper element spacings. I used 
equal lengths of seiner twine (nylon or 
dacron rope would also work fine) to 
vertically space the element ends. I also 
attached plenty of line to the lower end in- 
sulators so I could tie them to the appropri- 
ate fence posts once the antenna was in the 
air. See Figure 3. 

The catenary rope is the trickiest part. 
The antenna won’t hang right if you don’t 
attach the top three insulators in the right 
spot. I know—I did it wrong the first time! 

I cut a piece of catenary rope 95 to 100 
feet long and carefully marked the center. 
Next, I measured the distances from the 
center to each end of the array. (The array 
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vs 


Outer Ring = 12.6 dBi 
Elevation Angle = 8° 





Figure 6—The NRY’s 18.1-MHz azimuth- 
plane pattern with the bottom wire at 56.5 
feet and top wire at 100 feet. For compar- 
ison, the shaded part shows the pattern of 
a half-wavelength, 18.1-MHz dipole at 78 
feet (the same height as the NRY’s feed 
point). 


itself is a handy measuring line.) Then I 
added about 10 more inches and marked 
the line. Ill tell you why in a minute. 

Then I cut three pieces of twine, each 
about 24 inches long. At the center of the 
catenary rope, | carefully opened the rope 
weave and passed about 6 inches of twine 
through it, then let the catenary rope retake 
its natural shape. Wrapping the twine 
around the rope several times on either side 
of the joint relieved the tension placed on 
the rope introduced by passing the twine 
through it.’ I then tied the other end of the 
twine to the top center insulator so that the 
spacing between the rope and the insulator 
is 12 inches. 

After doing that, I attached the twine at 
the end marks on the catenary rope in the 
same manner. The distance to the end insu- 
lators is 18 to 20 inches. This causes the 
ends to hang off the rope at an angle and 
provides strain relief. 

If you use a braided rope (with a weave 
you can’t open to pass twine through it), 
one good alternative is to use insulators in 
the catenary rope (at the points where I at- 
tached the twine) as tie points for the array. 

Now you’re ready to haul the antenna 
up on the lanyards. Consult your US Navy 
Marlinspike Seamanship manual (just kid- 
ding, of course) and join the ends of the 
catenary to the lanyards that are hopefully 
by now through the pulleys, up in the trees. 
Use a strong knot that won’t slip. 

Before hoisting the array into the sky, 
make sure that the connections to the feed 





harness at the top and bottom are the same 
(ie, that the left elements both attach to the 
same wire in the twinlead). This thing does 
not work right if the top and bottom are fed 
180° out of phase! 

Now you’ re ready to haul it up and con- 
nect the feed line to the antenna tuner. 
Check to make sure that the symmetry and 
top-to-bottom wire spacings are within rea- 
sonable limits, then tie the bottom tethers 
off so that the bottom wire is as flat as you 
can make it. 


You're Done! 


This is quite an effective antenna. I’ve 
installed two of them: One is boresighted 
on the Middle East and works like 
gangbusters into Europe as well; the other 
favors the Caribbean and most of the US. In 
the first three months after putting them up, 
I worked 105 countries on CW, including 
some rare ones, with a 100-watt transceiver. 
I’m surprised at how easily I can bust pile- 
ups—especially on 30 and 20 meters. 

I hope you have an opportunity to try 
this array on for size. Don’t limit yourself 
to just the backyard, either: It’s a great Field 
Day antenna, to say the least. It also comes 
in handy for emergency work where you 
need a gain antenna. 

You don’t have to be a rocket scientist 
to design effective antennas! Your old 
friend The ARRL Antenna Book, and other 
ARRL publications, like Walt (W2DU) 
Maxwell’s Reflections, the Handbook, the 
Antenna Compendium series and Wilfred 
Caron’s Anienna Impedance Matching, are 
serious reference guides and sources of 
numerous ideas. It doesn’t hurt to have your 
favorite antenna-modeling software loaded 
on your PC, either! 


Notes 

1D, Brede, “The Care and Feeding of an 
Amateur's Favorite Antenna Support—the 
Tree,” QST, Sep 1989, pp 26-28, 40. 

2J. Hall, ed, The ARAL Antenna Book, Chapter 
22 and pp 4-3 and 15-3. 

3The ARRL Antenna Book, Fig 8-38, p 8-32, 
illustrates how gain varies with the spacing of 
the two adjacent element ends. 

4The Antenna Book's Fig 8-45, p 8-35,suggests 
that a spacing of 5/8 to 2/3 A yields good 
broadside gain. For the four-element array, 
upwards of 8.5 dBi gain is obtainable. 

5dBi means decibels relative to an isotropic 
radiator (point source) in free space. It does 
not denote gain relative to a point source 
above real ground, or a dipole in any sur- 
roundings. 

SW. Calvert, “The EZY-Launcher,” QST, Jun 
1991, pp 34-35. 

7 The ARAL Antenna Book shows how coaxial- 
cable loss varies with matched loss and SWR 
in Fig 18, p 24-18. (The Antenna Book also 
contains a table of matched loss per 100 feet 
as functions of frequency and cable type in 
Fig 26, p 24-18). 

51 you use braided rope for the catenary, you'll 
need to use another method to secure the 
seiner twine to the catenary rope. 
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Dual Full-Wave Loop 


Antenna 


Achieving gain from an antenna at 7 and 
3.5 MHz normally requires a rather large piece 
of real estate, a high tower or both. To obtain 
significantly improved performance over a 
dipole at these frequencies, and to do it inside 
an average city lot, is a goal worth pursuing! 
With this in mind I decided to replace my in- 
verted-V dipoles on 7 and 3.5 MHz witha dual 
full-wave loop antenna, one inside the other. 

I had noticed the strong signals on 7 MHz 
from Pat Kearins, W7UI (now a silent key), and 
from Carl Winter, W6OAW, on 3.9 MHz, and 
was interested to find that both were using full- 
wave loops. Both signals would pin my S-meter 
and my QTH is well over 200 miles from either 
station, The antenna at W7UI was a loop sus- 
pended by a very high supporting structure. This 
loop resembled a square, with one corner facing 
up, one facing the ground, and the other two 
corners pulled outward by guy wires. 

My attention was attracted to a horizontal 
loop antenna used by another ham on 3.9 MHz 
that produced extremely strong signals. It was a 
square loop, 65 feet on a side, with each leg 
parallel to the ground but only 14 feet high. Fed 
by a tuned line, it functioned well, but it was 
most effective for relatively short ranges, up to 
200 miles or so. 

Of more interest to me, however, was the 
75-meter rectangular loop used at W60AW. | 
learned that this was a dual antenna, ie., a 
full-wave rectangular loop for 3.9 MHz sus- 
pended about 40 feet above ground, with an- 
other full-wave loop for 7 MHz inside the first, 
in the same plane. The 3.9-MHz loop is a 
closed circuit, whereas the 7~-MHz loop is an 
open circuit. This permits operation on 10, 15 
and 20 meters as well as 40 meters when used 
with open-wire feed line and a matching net- 
work. The outer loop is fed with coaxial cable. 


Design Planning 


In considering loop antennas for my 
lot, which is 75 feet wide by 125 feet deep, I 
found that I could use two 40-foot high pipe 
masts, 130 feet apart along a diagonal across my 
lot. I duplicated the W60AW arrangement, ex- 
cept that I hung the antenna vertically and made 
both loops closed-circuit designs. I could use 
them only on the bands for which they were cut, 
7.2 MHz and 3.8 MHz. Each is fed with a quar- 
ter-wave matching section of RG-59/U, which 
provides a 50-ohm match for the RG-8/U cables 
leading in to my operating position. 


Construction 


See Fig. 1 for construction details and di- 
mensions. Matching the 104-ohm antenna im- 
pedance to the 50-ohm line impedance requires 
a quarter-wave coaxial line having a character- 
istic impedance of 72 ohms. The formula for a 
'/s-wave section is: 


246 


f(MHz) ~¢ 


(Eq. 1) 


This result must be multiplied by the 
velocity-factor of the coaxial cable, 0.66 for 
RG-59/U 73-ohm cable. The quarterwave 
section was determined to be 42.7 feet for 
3.8 MHz and 22.6 feet for 7.2 MHz. These 
connect to RG-8/U cables for a 50-ohm match 
to the transceiver. 

The top section of the 3.8-MHz loop is fed 
at the center because of the length of the quar- 
ter-wave line, but the shorter matching sec- 
tion for the 7.2-MHz loop allows me to feed 
the bottom portion of that antenna. 

The inner loop is supported from the corners 
of the outer loop by means of nylon rope and 
suitable insulators. It is best to use lightweight, 
high-quality insulators and wire no larger than 
no. 14 to reduce the weight of the array. Pulleys 
(and rope) will be required at the tops of the 40- 
foot poles and also at the 18-foot level. The fact 


that the bottom horizontal section of the antenna 
narrowly misses the top of my house roof seems 
to have no deleterious effect on its operation. 

Measure the antenna sections carefully, 
and cut them to length. Pay particular atten- 
tion to locate the feed point at the exact center 
of the horizontal wire sections. This provides 
horizontal polarization. Feeding the loop at 
the center of either vertical section will pro- 
vide vertical polarization. 


Tuning 

If trimming is needed to resonate the antenna 
to your favorite operating frequency, cut or add 
equal length pieces at each vertical section. Do 
not shorten the sides to the point at which the top 
and bottom sections are less than 0.1 wavelength 
apart. Careful pruning of the horizontal sections 
would be required if such a problem develops. 

Information given to me by those using this 
antenna seems to confirm my results. A typi- 
cal comment is “Boy are you ever loud!” A 
gain of 1.8 dB overa dipole is claimed for this 
type of antenna. The principal difference ap- 
pears to be a lower angle of radiation. While 
it is possible to work stations off the ends of 
the antenna, maximum radiation occurs broad- 
side to the element. What I like about the an- 
tenna is the ability to hear weak stations. It is 
outstanding in this regard. 
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Fig i—Dimensions for the dual full-wave loop antenna. Input impedance is on the order 
of 104 ohms. A quarter-wave matching section of RG-59/U is used to provide a match to 


50 ohms. 
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By Brian Beezley, K6STI 





From QST, July 1994 


A Gain Antenna for 
28 MHz Give your 10-meter signal a boost with this simple 


Although in coming years the 10-meter 
band won’t provide the excitement it did at 
the peak of sunspot cycle 22, DX openings 
will still occur, especially during spring 
and fall. And who knows? With the large 
number of 10-meter operators and wide 
availability of inexpensive, single-band 
radios, the band may be the hangout for 
local ragchews that it was before the advent 
of 2-meter FM. 

I'd like to present a simple antenna for 
10 meters that provides gain over a dipole 
or inverted V. Similar designs have been 
published before, but because I never hear 
them on the air, I think they must not be 
fully appreciated. The antenna is a reso- 
nant, rectangular loop with a particular 
shape. It provides 2.1 dB gain over a dipole 
at low radiation angles when mounted well 
above ground. This represents a power in- 
crease of 62%. The antenna is simple to 
feed—no matching network is necessary. 
When fed with 50-Q coax, SWR is close to 
1:1 at the design frequency. SWR is less 
than 2;1 from 28.0 to 28.8 MHz for an an- 
tenna resonant at 28.4 MHz. 

The antenna is made from #12 wire (see 
Figure 1). For horizontal polarization at 
28.4 MHz, the loop is 73 inches wide and 
146 inches high (just larger than 6x12 feet). 
Feed the antenna at the center of the lower 
wire. Coil the coax into a few turns near the 
feedpoint to provide a simple balun. A coil 
diameter of about a foot will work fine. You 
can support the antenna on a mast with 
spreaders made of bamboo, fiberglass, 
wood, PVC, or other nonconducting mate- 
rial. You can use aluminum tubing both for 
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antenna. 
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3 turns, 
1' diameter 





Figure 1—Construction details of the 
10-meter rectangular loop antenna. 


support and conductors, but you'll have to 
readjust antenna dimensions for resonance. 

This rectangular loop has two advan- 
tages over a resonant square loop. First, a 
square loop has just 1.1 dB gain over a di- 
pole. This is a power increase of only 29%. 
Second, the input impedance of a square 
loop is about 125 Q. You must use a match- 
ing network to feed a square loop with 
50-Q coax. The rectangular loop achieves 
gain by compressing its radiation pattern in 
the elevation plane. The azimuth pattern is 
slightly wider than that of a dipole (it’s 
about the same as that of an inverted V). A 
broad pattern is an advantage for a general- 
purpose, fixed antenna. The rectangular 
loop provides bidirectional gain over a 
broad azimuth region. 

You should mount the loop as high as 
possible. To provide 1.7 dB gain at low 
angles over an inverted V, the top wire 
must be at least 30 feet high. The loop will 
work at lower heights, but its gain advan- 
tage disappears. For example, at 20 feet the 
loop provides the same gain at low angles 
as an inverted V. 

A small, 3-element Yagi can provide 6 
dB gain over a dipole and great rejection of 
signals to the rear. If you can install a beam 
and rotor, you'll find it much more effec- 
tive than a loop. But for a simple, cheap, 
gain antenna that can be thrown together 
quickly, the rectangular loop is hard to beat. 

Note: I used the AO 6.0 Antenna 
Optimizer program to automatically opti- 
mize the dimensions of a rectangular loop 
for maximum forward gain and unity SWR. 
I used NEC/Wires 1.5 to verify the design 
with the Numerical Electromagnetics Code. 


Among your readers that like to tinker 
with antennas there may be some that would 
like to try the antenna shown in Figure 1. The 
basic idea came from a station using a some- 
what similar configuration on 15 meters, and 
Imake no claim of originating the idea. How- 
ever, I have never heard of anyone using the 
antenna on 10 meters. Since it is currently 
nameless, and has features similar to both a 
Lazy H and a quad, perhaps it should be 
known as a “Lazy Quad.” 

The major advantages of the antenna 
are: (1) extreme simplicity, (2) feasibility 
of installation on a light unguyed pole, (3) 
small horizontal space requirements (as 
compared to a horizontal dipole), (4) low 
QRN in receiving (as compared to a verti- 
cal dipole), (5S) ability to withstand high 
wind loads and (6) broadband operation. 

When looking at loop 1 we see a hori- 
zontally-polarized full-wave loop radiating 
broadside, with maximum currents along 
the top and bottom horizontal wires H, and 
H,. When looking at loop 2 we see a similar 
horizontally-polarized loop with maxiinum 
current on wires H, and H,. When looking 
at wires H, and H, we notice two in-phase 
horizontal wires spaced a half wave, both 
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10-Meter “Lazy Quad” 





16’ to Ground 





Figure 1—W6PIZ’s “Lazy Quad” for 10 
meters. The loops are No. 14 wire, with 
the horizontal sections mounted an 8-foot 
lengths of 1x2 wood. The adjustable stubs 
are of the same type wire and are self- 
supporting since the length is only 6 
inches. The antenna at W6PIZ is mounted 
on an unguyed wooden pole 32 feet high. 


carrying maximum current. Minimum cur- 
rents appear on the vertical portions of the 
loops where the tuning stubs are inserted. 

I operate mostly on 10-meter c.w. and 
have the antenna peaked at 28,050 MHz. In 
my specific case the length of each stub is 
6 inches for this frequency. Loading is al- 
most constant from 28 to 30 MHz. 

The coax feed line is run straight down 
the pole (wood) to the ground, and there is 
little antenna effect on the feeder. 

Results have been consistently better 
than had been obtained with vertical or 
horizontal dipoles previously installed at 
the same effective height at the same loca- 
tion. Indications are that it outperforms 
some beams of the same approximate 
height, perhaps because of the broad verti- 
cal pattern (which allows longer QSOs 
under critical skip conditions), as com- 
pared to the beams. 

Perhaps some of your readers might be 
urged to try this basic idea with a reflector 
of the same basic configuration as the 
driven element. It would appear that the 
Double Lazy Quad would be anything but 
lazy in operation. — Dave Hardacker, 
W6PIZ 
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By Doug DeMaw, W1FB and Lee Aurick, W1SE 








From QST, October 1984 


The Full-Wave Delta Loop 
at Low Height 


Property size and antenna-support 
height are ever-present concerns of the ur- 
ban amateur. Many good antennas are un- 
tried because the radio amateur is unable to 
imagine how a large wire antenna could be 
squeezed onto a small lot. Certainly, this is 
typical in the case of full-wave loop anten- 
nas. But there is no rule that dictates using 
a symmetrical loop. It can be distorted 
rather severely without spoiling the perfor- 
mance. The same philosophy is appropri- 
ate with regard to height above ground and 
the plane in which the antenna is erected. In 
most instances, a less-than-optimum full- 
wave loop will outperform a dipole or in- 
verted V antenna that is close to the ground 
in terms of wavelength. It is possible that 
such a loop will give comparable or better 
performance than a vertical antenna that is 
less than 90 degrees (with respect to 
ground), or one with a substandard ground 
screen, 

We wantto discuss the Practical consider- 
ations of loops that can be supported from 
low supports on small pieces of property. 
The results we have obtained are noteworthy 
with respect to all-around “solid” communi- 
cations within and outside the USA. Perhaps 
you will be inspired to unroll some wire and 
try a loop at your QTH. 


Some Loop History 


Loops were used first as receiving anten- 
nas. While single- and multiturn small loops 
worked well for receiving, they were not 
satisfactory for transmitting: They were in- 
efficient in terms of gain, and the feed 
impedance was generally a fraction 
of an ohm, making them difficult to match. 
The losses were significant. But, it was pos- 
sible to use a compact loop (less than 
0.5 wavelength) for receiving in place of a 
fullsize version that could require thousands 
of feet of conductor. One of us owned a 
portable broadcast-band receiver in the 
1930s. The loop antenna was stored in the 
lid of the cabinet, and needed to be mounted 
atop the radio during reception periods! The 
radio was heavy: it weighed 91 pounds, in- 
cluding the various dry batteries. 
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You'll be surprised at the results you'll get from a 
full-wave loop at low heights. 


Receiving loops continued to be useful 
for many years in the commercial services, 
especially for LF and VLF applications. 
Amateurs also used them (and continue to 
do so) for improved reception on 160 and 
80 meters. The signal-to-noise ratio of re- 
ceiving loops is markedly better than that 
of vertical antennas, and they are direc- 
tional.! Many successful 160-meter DXers 
owe their success to the use of receiving 
loops with low-noise preamplifiers. Practi- 
cally, these loops are the next best thing to 
Beverage antennas.” 


Loop Characteristics 


What are some of the advantages of a 
closed, full-wave loop? Perhaps number 1 
on the list is the lack of need for a ground 
screen. The matter of effective height 
above ground is still a consideration, but 
we need not lay a ground-radial system as 
would be the case with a vertical antenna. 
Consideration number 2 is that a full-wave 
loop (depending on the shape) has some 
gain over a dipole. Number 3 relates to 
noise factor. A closed loop is a much “qui- 
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eter” receiving antenna than are most ver- 
tical and some horizontal antennas. 

To illustrate this point, the 160-meter 
antenna at W1FB is a */s-wavelength in- 
verted-L with twenty °/s-wave radials. 
Since this is essentially a vertically polar- 
ized antenna, it is noisy (man-made and 
atmospheric noise). There are times when 
an $9 signal is unreadable because of the 
ambient noise being S9 or greater in 
strength. Upon switching to the 75-meter 
Delta loop, the same signal will rise above 
the noise by | or 2 S units, while the noise 
and signal will drop well below S9. For ex- 
ample, the received signal may drop to S6 
on the loop, but the noise will decline to S4. 

Feed-point selection will permit the 
choice of vertical or horizontal polariza- 
tion. Various angles of radiation will result 
from assorted feed-point selections. The 
system is rather flexible when we want to 
maximize close-in or faraway communica- 
tions (high angle versus low angle). Figure 
1 illustrates various configurations that can 
be used. The arrangement at C is used al 
W1SE, and the shape at D is being applied 


Apex Feed 


Overall L Size in feet ot 
verall Loop Size in feet » a> 


Feed Impedance = 100 


Figure 1—Various configurations for a full-wave Delta loop. Radiation angles and 
polarization are affected by the feed-point placement and location of the apex. 





at WIFB. Both antennas are cut for 80- 
meter operation. The bandwidth at reso- 
nance is on par with that of a dipole. A 
Transmatch is used for matching the sys- 
tem to the transmitter in those parts of the 
band (75 and 80 meters) where the SWR is 
too high to deal with. 

Our loops are not deployed in a vertical 
plane, owing to the lack of tower height. A 
60-foot tower and 50-foot tree support the 
WISE antenna. A single 50-foot tower is 
used at WIFB. Both loops are tilted away 
from the supports at roughly 45 degrees 
(Figure 2). This shows the present W1FB 
system. The loop is broadside northeast and 
southwest for maximum radiation in those 
directions at 80 meters. More on this later. 

When these low-to-the-ground experi- 
ments began in the summer of 1983, we 
were joined by Bill Martinek, W8JUY, 
near Traverse City, Michigan. Bill experi- 
mented with various loop configurations 
so that he and WIFB could make signal 
comparisons locally and afar. He finally 
adopted the W1SE format with the apex 
down (Figure 1C, with the flat top strung 
between two 50-foot trees). In order to keep 
the loop completely vertical (not sloping), 
he chose a triangle that was not equilateral. 
The upper side of his triangle is substan- 
tially longer than the two downward sides. 
His signal on 75 meters is consistently 10 
to 20 dB stronger than with his inverted V. 
The point of this discussion is that you need 
not use an equilateral triangle if it will not 
fit on your property. Erect whatever you 
can, then give it a try! 


Feed Methods 


A Q section is used for feeding the 
WISE loop. A Q section is a quarter-wave- 
length line with an impedance that is some- 
where between the antenna feed impedance 
and that of the feed line. Calculation is a 
simple matter: 


Z (Q section) = JZ1 Z2ohms (Eq. 1) 


where Z] is the antenna impedance, and Z2 
is the feeder impedance in ohms. In this 
case, assuming approximately 100 ohms 
for the antenna. feed impedance, we would 
have {100 x 50 = 70.7 ohms for the Q- 
section impedance. This represents a close 
match to 52-ohm coaxial cable. The Q-sec- 
tion length (made from RG-59/U) can be 
determined from L(feet) = 246 V/f(MHz), 
where V is the velocity factor of the co- 
axial line for the matching section. (The 
length should be verified using a dip 
meter.) For operation at the W1SE-chosen 
frequency of 3.825 MHz, the calculation 
calls for a Q section of 42 feet 5 inches 
(Figure 3). 

Open-wire feed is used at W1FB (Fig 
6B) to permit multiband operation through 
10 meters. Unfortunately, a short run of 
RG-8/U was needed to bring the feed line 
to the ham station—under the driveway. The 
coaxial cable was buried in the ground for 
this reason. A homemade 4:1 toroidal balun 
transformer (two stacked T200-2 Amidon 
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Figure 2—A tilted Delta loop for 80 meters is used at WiFB. The tower height is only 50 
feet. Homemade open-wire line is used as the feeder to permit multiband use with 
vertical polarization and a low radiation angle. 
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Figure 3—At A is the feed method used at W1SE. A coaxial Q section closely matches 
the 100-ohm feed impedance to a 52-ohm coaxial line. Illustration B shows the W1FB 
feed arrangement. Open-wire line, a balun transformer and a short length of RG-8/U 
cable permit multiband use with a Transmatch. Ideally, the open-wire line would 
continue all the way to the Transmatch, and the balun transformer would be located at 
the Transmatch. 
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Figure 4 — Two methods for using a full-wave loop at half frequency. A switching arrangement could be applied at the feed point to 
change from a closed, full-wave loop to the first configuration seen here. The method at A performs as a ‘/s-wavelength radiator, but a 
ground screen is required. Method B is satisfactory as a '/e-wavelength open loop for half-frequency use. It requires opening the loop 
at the electrical point opposite the feed point. A relay could be used for this purpose. 


cores and Teflon-insulated no. 14 wire) was 
enclosed in a weatherproof box and 
mounted on one of the support poles for 
the 450-ohm open-wire line. The RG-8/U 
was run underground from that location 
(about 25 feet). Ideally, the openwire line 
would have been brought into the house, 
where it would be matched to the station 
gear with a Transmatch. Fortunately, the 
SWR at loop resonance is 1.3:1 without the 
Transmatch in use. 


Performance 


This is the part of our article that many of 
you have been waiting to read. Well, the 
W1EB results have been entirely gratifying. 
The loop replaced an inverted V with an apex 
height of 50 feet. This led to a pronounced 
improvement in all-around communications 
on 75 and 80 meters out to 500-600 miles. 
But, the loop proved to be very effective also 
for DX communications to Europe on 80 
meters. The first version was that of Figure 
1B. Although the antenna was outstanding 
for close-in 75- and 80-meter work, it offered 
dismal DX performance. The configuration 
at D of Figure 1 seems to offer a good com- 
promise in performance for local and DX 
work. The theoretical launch angle to the 
horizon at the loop fundamental frequency is 
10 degrees, as reported by VE2CV in a letter 
to WIFB. This assumes that the loop is 
erected vertically and at a reasonable height 
above ground. 

Harmonic operation of the loop, as de- 
picted in Figure 1D, is superb. At times it 
outperforms the trap tribander atop the 
tower during DX operation to Europe and 
Africa. The loop shows an average 6-dB 
signal increase on 20 and 15 meters in the 
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favored direction, owing to the gain and 
lower radiation angle of the loop. Radia- 
tion at the harmonics is in the plane of the 
loop rather than broadside to it. This makes 
it ideal for contacts into Africa. It is 
perhaps the most effective 40-meter DX 
antenna that has been used at W1FB from 
northwest lower Michigan. The Trans- 
match is required on all harmonic frequen- 
cies other than 18.111 MHz, where W1FB 
has been conducting propagation studies 
with Bill Orr, W6SAI, Prose Walker 
W4BW, Bob Haviland, W4MB and Stu 
Cowan, W2LX, under special experimen- 
tal/research licenses (KM2XQV). The loop 
has worked very well on 24.9 MHz as well 
during these tests. At 18.111 MHz, the 
SWR is 1.4:1. 

The operating results at W1SE also indi- 
cate that a tilted loop, close to the ground, 
functions quite well. With loop resonance 
at 3825 kHz, the 2:1 SWR points occur at 
3734 and 3934 kHz, respectively. This 
200-kHz bandwidth spectrum can be shifted 
up or down the band by lengthening or short- 
ening the loop conductor and Q section ac- 
cordingly. From the W1SE location in 
Newington, the loop has delivered impres- 
sive performance for local and DX work. 

A 40-meter Delta loop was constructed 
for use at W1SE after noting the fine per- 
formance of the 80-meter system. It was 
cut for resonance at 7016 kHz. This model 
was erected in a completely vertical for- 
mat, using 143 feet 3 inches of wire. The Q 
section is 23 feet 2 inches long. The apex 
(feed point) is 4 feet above ground. The 
SWR on 40 meters is less than 2:1 across all 
of the band. The 80- and 40-meter WISE 
loops showed resonance slightly apart from 


the design frequency, perhaps because of 
the proximity of the antennas to ground. 
Resonance on 40 meters was checked as 
7050 kHz. Both loops are performing bet- 
ter for local and DX contacts than any of 
the many antenna types tested at WISE. 
We would be even more impressed if we 
could elevate our Delta loops so the lower 
portions were a half wavelength or greater 
above ground. 


In Conclusion 


There is no rule that dictates the shape of 
a full-wave loop. The triangular format is 
convenient for mounting the radiator. If the 
apex is at the top, only one high support 
structure is needed. You may have one or 
more tall trees that can be used as supports. 
Circular, square or rectangular shapes have 
been used by many amateurs and the results 
were good. Certainly, a loop is an impres- 
sive receiving antenna, in terms of noise 
reduction. In some urban locations, that 
may be more important than transmitting a 
“death-ray” signal! There is something to 
be said about the age-old expression, “If 
you can’t hear °em, You can’t work ‘em.” 
An 80-meter Delta loop can be used on 

160 meters by adopting one of two simple 
methods (Figure 4). A closed loop does not, 
however, offer good results when the over- 
all length is a half wavelength. Either of the 
techniques in Figure 4 will work, but the 
method at A requires a ground radial sys- 
tem for best results. 
Notes 
1D. DeMaw, “Beat the Noise with a Scoop 

Loop,” QST, July 1977, and “Maverick 

Trackdown,” QST, July 1979. 
2H. H. Beverage and D. DeMaw, “The Classic 

Beverage, Revisited,” QST, Jan. 1982. 


By David J. Crockett, WB4DFW 








From The ARRL Antenna Compendium Volume 5 


A Triband 75/40/30-Meter 
Delta Loop 


I’ve been using horizontally mounted, 
coax-fed Delta Loop antennas on 75 meters 
for many years. I’ve found them to be su- 
perior to dipoles—they are generally qui- 
eter on reception (perhaps because they are 
dce-grounded), exhibit broader bandwidth 
(typically less than 2:1 SWR over more 
than 200 kHz using a coaxial matching 
section), and are often more easily adapt- 
able to available tree supports. They also 
don’t fall down very often when installed 
correctly! 

Outside of using an antenna tuner, a 
265-foot-long 75-meter loop doesn’t lend 
itself to working other bands—and I don’t 
have a tuner. So while listening to a virtu- 
ally dead 75-meter phone band one day and 
wishing I had a way to hit 30 meters for a 
long-overdue dose of CW, I had a brain- 
storm. Why not use traps? I’d homebrewed 
coaxial traps based on Sommer’s article! 
several times in the past, and I knew they 
were easy to make and adjust. 


The Traps 


A quick examination of the latest incar- 
nation of my 75-meter loop found it to be a 
reasonably equilateral triangle (a little over 
85 feet per leg). [calculated that a 30-meter 
dipole should be something over 46 feet in 
total length (465/frequency in MHz). It ap- 
peared to be a simple enough matter to sta- 
tion some homebrewed coaxial traps 23 
feet on each side of the feedpoint. A little 
more calculating found that it might even 
be practical to put in a pair of 40-meter 
traps as well. 

Sommer gives a useful set of nomographs 
for computing trap dimensions on PVC pipe 
forms, using either RG-58 or RG-174 coax 
(the former capable of handling a kW with 
few problems), I opted for the iarger cable. 
The 30-meter traps each require 46.8 inches 
of coax on a 1.62-inch OD section of PVC 
(6.75 turns). The 40-meter versions each use 
61 inches of coax on a 2.25-inch OD PVC 
section (6.0 turns). Both PVC sections can 
be any convenient length. I used four-inch 
long pieces. 


WB4DFW wanted to use his Delta Loop on other 
bands besides 75 meters, so he installed some 
coaxial traps. He also reveals an effective technique 
to prevent breakage when support trees sway in the 
wind. 


Support 


Close-Up of Supports (see inset) 


Insulator 


Strain Limit 
Loop 


Center 30M 


Support Insulator Trap Sige 


(see inset) 4 : v (see Inset) 


RG-59/U Quorter—Wave 
Motching Section for 
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Figure 1—Overhead view of the Triband 75/40/30-meter Delta Loop, which WB4DFW 
mounted 40 feet off the ground. The traps were constructed with RG-58 coax. See text 
for winding details. 
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I wound the 30-meter traps in less than 
an hour and inserted them in the loop an- 
tenna 23 feet either side of the feedpoint. A 
quick SWR check found them resonant well 
below the bottom of the 30-meter band, but 
spacing the turns slightly apart and secur- 
ing them with electrical tape raised the 
resonance easily enough, with the SWR 
bottoming out at 1.2:1 at 10.125 MHz. 

The 40-meter traps went together with 
similar ease. Placement in the existing an- 
tenna was a little more challenging than with 
the first set of traps. The loading caused by the 
30-meter traps made determining the physi- 
cal location for the 40-meter traps uncertain. 
Grebenkemper notes that traps in a half-wave 
antenna tend to “pull” an antenna toward reso- 
nance,” even if they are not placed at exactly 
the optimum location. So, I simply took the 
formula length for 40-meter resonance, gen- 
erously subtracted the physical length of the 
coax in each of the 30-meter traps and in- 
stalled the 40-meter traps accordingly. 

The approach was unscientific, but 
SWR was 1.3:1 at 7.1 MHz on the first try. 
Dumb luck, I guess, and I opted to make no 
further adjustments. The final antenna lay- 
out is shown in Figure 1, and a close-up 
photo of a trap is shown in Figure 2. 


The Matching Section 


The ARRL Handbook notes that the typi- 
cal impedance of a full-wave loop antenna 
is on the order of 100 Q, or about a 2:1 
SWR presented to a 50-Q feed line at reso- 
nance. The original WB4DFW 75-meter 
Delta Loop used a quarter-wavelength co- 
axial matching section (also described in 
the Handbook) between the feedpoint and 
the coax going to the shack. The matching 
section is merely 40.1 feet of RG-59 75-Q 
coax [(465/3.85)/2 x.66, the velocity fac- 
tor] and transforms the load of the antenna 
very close to the 50-Q characteristic im- 
pedance of the RG-8X feed line I use. 

I also use a five-turn loop of the match- 
ing section coax to form an RF choke near 
the antenna feedpoint to minimize feed-line 
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Figure 2—Close-up photo of one of the 40- 
meter traps. The ends of the coax cable 
used in each trap have been sealed 
against moisture with silicone caulking. 
See text for construction details. 





Figure 3—Photo of one of the support 
system springs, with rope used to limit 
total stretch. The rope is twice the length 
of the unstretched spring. 


radiation. The matching section has no per- 
ceptible effect on the new 40 and 30- 
meter antenna SWRs (checked empirically 
by temporarily removing the section and 
feeding the antenna directly with the 50-Q 
coax), so it has been left in service. 
Whateffect did all this have on my origi- 
nal 75-meter loop? As one might expect, 
the resonant frequency dropped as a result 
of the traps’ loading effects (nearly 200 
kHz). But pruning about 8 feet off the far 
apex end of the loop brought my normal 


1.2:1 resonant SWR back to my regular 
3.842-MHz stomping grounds. 


Keeping It Up in the Air 


Here in South Carolina, pines are a great 
source of antenna support but their sway- 
ing during summertime thundershowers 
can wreak havoc on long, unprotected wire 
antennas. Over the years, I’ve found a 
simple shock-absorber system using a 
run-of-the-mill screen-door spring placed 
between a support rope and each antenna 
insulator can save a lot of grief. See Figure 
3 for a closer look at the details. 

A special aspect of my system is the em- 
ployment of a “strain limit rope” in parallel 
with each spring. This piece of rope, ap- 
proximately twice the length of the un- 
stretched spring, keeps swaying pines from 
overly taxing the spring and gives a nice 
visual reference for gauging how much ten- 
sion the antenna is operating under. It also 
provides a fail-safe for the inevitable cor- 
rosion-caused failure of the spring after 
several years aloft. It makes a fine bird 
perch, too. 


So, How Does It Play? 


Performance on all three bands has been 
most satisfactory. The 2:1 SWR bandwidth 
of the 30-meter section far exceeds the band 
edges. Similar 40-meter bandwidth is about 
100 kHz (noticeably narrower than dipoles 
I’ve used, and I suspect partially attribut- 
able to my guesswork on the 40-meter trap 
placement). The 75-meter bandwidth is 
now approximately 150 kHz (slightly nar- 
rower than before the traps were installed). 
Signal reports both ways on all three bands 
are comparable to any other non-direc- 
tional HF antennas I've used. 


Notes and References 

‘Robert C. Sommer, “Optimizing Coaxial Cable 
Traps,” QST, Dec 1984, pp 38-42. 

2John Grebenkemper, “Multiband Trap and 
Parallel HF Dipoles-A Comparison,” QST, 
May 1985, pp 29-30. 





From QST, March 1989 (Hints & Kinks) 


A Two-Band Loop for 
30 and 40 Meters 


After trying to find a way to place a Weatherproof 
30-m delta loop inside an existing 40-m ibwuliitor tack: Connection 
loop, I remembered an article in All About Supported by 
Cubical Quad Antennas! describing a Tree or Pole 
1'/2-A, or “Mini X-Q,” loop. The gain of 
this antenna was said to be about | dB more 
than a 1-A loop. I installed a large, ceramic 
SPST knife switch in the center of the delta- 


23’ RG-11 
loop’s bottom leg (see Fig 11). With this (Solid Dielectric) 
switch open, the full-wave, 40-m loop be- 47' Long 
comes a 1'/2-A, 30-m loop! The resonant Each Side 


frequency of this arrangement was 10.5 
MHz. By adding 18-inch wires to the loop 
at both sides of the switch, I obtained reso- 
nance at 10.125 MHz. 
Since the bottom of the loop is only 12 PL-258 and 

ft above ground, it’s a simple matter to Two PL- 259s 
reach the band switch from ground level. (Weatherproofed) 
(Caution: High RF voltage appears at the 
switch when the antenna is used for trans- 
mitting on 30 m.) Incidentally, the loop 


“a: 


also works well on 15 m (SWR under 2:1 ee 
across the band) when set for 40 m, and I Switch 


have used the 30-m configuration success- 
fully on 80 m with the help of an antenna 
tuner.—James Brenner, NT4B 


1 

W Orr and S. Cowan, Al! About Cubical Quad a ia 
Antennas (Wilton, CT: Radio Publications, 48 Aner nr 
1970). 


Insulator Insulator 


Resonate Open Loop to Anchor 
ot 10.125 MHz 


1005 


Total Length (in Feet) of Loop (at 40M)= F (MHz) 


or 141° 





Fig 11—Jim Brenner's 30- and 40-meter loop. Note the 18-inch tuning wires used to 
lower the antenna’s 30-m resonance from 10.5 to 10.125 MHz. The antenna is top-fed 
via a ‘/s-A. 40-m matching section. See text. 


Chapter4 4-9 








After reading “The Full-Wave Delta 
Loop at Low Height,”! I found a satisfac- 
tory method of feeding an 80-meter loop at 
160 meters. See Figure 1. C1 tunes the an- 
tenna to act as a */s-A resonator and allows 
the SWR at the feed point to be no more 
than 1.1 to 1 across the 160-meter band. 
—Roy C. Koeppe, K6XK 


1D. DeMaw and L. Aurick, QST (Oct 1984, 
pp 24-25). 
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Open - Wire Feed Line 
(#12 Conductors, 
6” c-c, 30’ Long) 


Unbalanced 
50-2 
Feed Point 


From QST, April 1990 (Hints & Kinks) 


Feeding an 80-Meter Delta 
Loop at 160 Meters 


Loop Wire Length: 
268 ft (1005 + 
f[MHz]}) for 
3.75 MHz 





Figure 1—Roy Koeppe enjoys satisfactory 
160-meter operation with an 80-meter 
delta loop by feeding the loop as shown 
here. On 80 through 10 meters, Roy takes 
C1 out of the circuit and feeds the loop via 
its open-wire feed line and a balance 
tuner. 








The Extended Double-Zepp Antenna 
From June 1938 QST 


Try an Extended Double-Zepp Antenna 
From February 1992 QST (Hints & Kinks) 


Notes on Wire-Antenna Construction 
From March 1992 QST (Hints & Kinks) 


Collinear Arrays 
From The ARRL Antenna Book 18th edition 
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By Hugo Romander, W2NB From QST, June 1938 


The Extended Double- 
Zepp Antenna 


Simple Antenna Structures Having Improved Gain 


he questions of antenna directivity and 

antenna “gain” are becoming increas- 
ingly popular in discussions on antenna 
systems among amateurs, and it would 
therefore seem proper to preface an article 
dealing with directive antenna arrays witha 
warning, or perhaps a reminder, that one 
cannot have high gain and radiate in all di- 
rections at the same time. To most amateurs 
this is an obvious fact, but it may not be as 
well known that this principle is almost 
equally important in the vertical plane. 
Those of us fortunate enough to have avail- 
able large open spaces in which to hang 
wires will find long-wire antennas, such as 
the “V” and the horizontal diamond, the 
easiest way to obtain high gain, but the ra- 
diation from such antennas is restricted in 
the vertical plane fully as much as in the 
horizontal plane. The result may well be that 
in the very direction such an antenna is sup- 
posed to work best, a simple horizontal 
doublet will put in a far better signal at cer- 
tain distances. 

It would seem, therefore, that the most 
practical antenna for a variety of distances 
is one with a fairly wide radiation pattern 
in the vertical plane.! The “stacking” of 
elements or the use of long wires is not 
recommended for distances under 1000 
miles, except for the very short distances 
normally reached by the ground wave. The 
most universal high-gain antenna must re- 


' Although this viewpoint appears to be op- 
osed to that expressed in the article “Simple 
irectional Arrays Using Half-Wave Ele- 
ments,” by N. C. Stavrou, in May, 1938 OST 
there is no actual conflict. As the present 
author points out, ihe broad vertical charac- 
teristic is to be preferred when the antennais 
to give optimum results over short as well as 
long distances; the former article was con- 
cerned with long-distance transmissions, 
where the lowest possible angle gives best 
results under nearly all conditions. The type 
of work to be carried on naturally will be a 
determining factor. In any event, the simpler 
structures are not likely to be too sharp in 
either fg for satisfactory general work. 
—EDITOR 


and Horizontal Diversity 


strict its radiation in the horizontal plane 
only and its height above ground must also 
be considered to obtain the best compro- 
mise in the vertical plane. It is the purpose 
of this article to discuss the merits of a 
simple antenna array which combines these 
desirable features. 


THE DOUBLET 


Let us discuss, first, the simple doublet, 
since this antenna will serve admirably as 
our basis of reference or comparison. To be 
more specific, consider this doublet as sus- 
pended horizontally and fed at one end in 
the time-honored fashion of the Zepp 
feeder, as in Figure 1A. Ignoring, for the 
moment, the fact that the open-ended feeder 
wire will be at somewhat higher potential 
than the other feeder wire and will there- 
fore radiate, the horizontal radiation pat- 
tern about this doublet, if you’re lucky, will 


Figure 1—Basic 
Antenna Configurations 
(A) The half-wave 
Zepp; (B) Double Zepp 
or “two half-waves in 
phase”; (C) Extended 
double-Zepp. 


be about as shown on Figure 2. Of course, 
it is assumed the antenna is sufficiently re- 
mote from power-line wires and house 
plumbing to be unaffected by such linear 
conductors, since our problem is compli- 
cated enough without having to consider 
the mutual impedance between our doublet 
and the neighbor’s b.c.1. antenna! 

This pattern of the horizontal doublet is, 
no doubt, familiar to most amateurs. Less 
familiar, perhaps, is the vertical radiation 
pattern (in the direction of maximum hori- 
zontal radiation) as shown in Figure 3. Here 
it is assumed that the height of the doublet 
above ground is one-half wavelength and 
that the earth has perfect conductivity. For- 
tunately, even the relatively low-conduc- 
tivity soil and sand on Long Island reflects 
a high percentage of the horizontally polar- 
ized waves radiated at angles less than 50° 
to the earth’s surface. Such reflected 
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Figure 2—Horizontal 
pattern (relative field 
strength) of a doublet 
half-wave antenna. 


Figure 3—Vertical-plane 
pattern for a horizontal 
antenna, '/2-wave above 
perfect earth in direction 
of maximum radiation. 


Figure 4—Horizontal 

sos of a double- 
epp or two half- 

waves in phase. 
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waves, combining with the direct radiation 
from the antenna within the range of verti- 
cal angles in which we are most interested, 
are responsible for a maximum gain of 
nearly 6 db over the same doublet in “free 
space”; that is, without the presence of the 
earth. 

This gift of 6 db must not be taken too 
much for granted, however. Consider the 
fact that most amateur communications at 
high frequencies utilize vertical angles 
ranging from 10 degrees to 50 degrees. That 
6 db must, therefore, come from radiations 
reflected from the earth’s surface quite 
some distance from the doublet, and in the 
desired direction of transmission. If the 
ground slopes sharply upward, or houses or 
wires are in this area, it becomes question- 
able, indeed, whether any great portion of 
the available 6 db is realized. This is espe- 
cially true for the lower angles of radiation, 
but usually nothing can be done about this 
situation, so let us see if we can make up for 
our ground reflection losses by increasing 
the horizontal directivity. 


THE DOUBLE-ZEPP 


By the simple expedient of attaching an- 
other doublet to the open-ended terminal of 
the Zepp feeder, as in Figure 1B, and hang- 
ing this doublet parallel and coaxial with 
the original doublet, an appreciable gain 
may be obtained. The horizontal radiation 
pattern will be as shown in Figure 4. The 
gain should measure about 1.9 db, corre- 
sponding to a 55 per cent increase in power. 
This antenna is widely used among ama- 
teurs and is popularly known as the 
“double-Zepp” antenna, or “two half-waves 
in phase.” A fair amount of gain and a re- 
duction in interfering signals from end-wise 
directions is easily realized, but the gain is 
rather disappointing, since it would seem 
one is entitled to 100 per cent gain in power 
when doubling the number of radiating 
members. 

The reason why only 1.9 db is realized 
with the double-Zepp is made clear only 
after a mathematical study of the situation. 
Briefly, the close proximity of the two dou- 
blets causes a mutual coupling between 
them, and this coupling (mutual imped- 
ance) has an adverse effect on the radiation 
resistance insofar as gain in the broadside 
direction is concerned. Obviously, the thing 
to do is to move the doublets further apart, 
but this complicates the method of feed. A 
much simpler way of obtaining increased 
gain was evolved by Mr. A. A. Alford, of 
Mackay Radio and Telegraph Company, 
from the principles discussed in Mr. G. H. 
Brown’s article on broadcast antennas in 
the Proceedings of the I.R.E. for January, 
1936. Mr. Alford presented this idea in a 
paper delivered at an I.R.E. meeting in 
Washington. 


EXTENDED DOUBLE ZEPP 


The gain of the double-Zepp may be in- 
creased from 1.9 to 3.0 db by the simple 
expedient of increasing the length of each 
doublet until its electrical length is 0.64 





wavelength instead of 0.5 wavelength. In 
electrical degrees the double-Zepp consists 
of two 180-degree elements; the extended 
double-Zepp for maximum gain should 
consist of two 230-degree elements. See 
Figure 1C. In this way the power gain may 
be increased from 55 per cent to 100 per 
cent. The gain decreases rapidly for exten- 
sions beyond 230 degrees, and therefore, 
when operating over a band of frequencies, 
each of the two elements should not exceed 
240 degrees for the highest frequency. The 
horizontal pattern for the double 230-de- 
gree Zepp is shown in Figure 5. The verti- 
cal pattern in a plane perpendicular to the 
antenna will be the same as for the simple 
doublet. 


ANTENNA IMPEDANCE 


The impedance of this antenna at the 
termination of the transmission line is of 
interest, since it has an important bearing 
on the standing-wave ratio of current or 
voltage in the line, and it will be compared 
with that of the ordinary double-Zepp. The 
double 180-degree antenna presents an im- 
pedance of approximately 4400 ohms of 
almost pure resistance as a termination for 
the transmission line. This value will be 
slightly affected by the size of wire used in 
the antenna and, to a moderate extent, by 
the height above ground or the influence of 
nearby conductors, and so the “free space” 
value is given for No. 14 wire. With this 
antenna and a 600-ohm surge-impedance 
line the ratio of maximum to minimum cur- 
rent along the line will be 4400 divided by 
600, or 7.3. Incidentally, the terminating 
resistance of the simple Zepp-fed doublet 
is about 12,000 ohms, resulting in a stand- 
ing wave ratio of 20 on our 600-ohm line. 
For calculation of the surge impedance of 
the line the reader is referred to The Radio 
Amateur's Handbook. 

The impedance at the center of the 
double 230-degree antenna is not a pure 


Figure 5—Horizontal 
pattern of double 230- 
degree Zepp 


resistance, and hence its effect upon the 
transmission line be such that maxima or 
minima of voltage and current along the 
line will not be odd multiples of a quarter 
wave from the antenna, as with the ordi- 
nary Zepp or double-Zepp antennas. As 
might be expected, the current or voltage 
maxima will be shifted towards the an- 
tenna, since the two doublets are longer 
than normal, and this shift is approximately 
0.13 times the wavelength. At any rate, the 
antenna impedance is such that the equiva- 
lent pure resistance at any voltage maxi- 
mum will be about 6000 ohms; that is, the 
standing-wave ratio will be 10 on a 600- 
ohm line. 

Knowing the standing-wave ratio, it 
becomes an easy matter to calculate the in- 
put resistance to the transmission line if it 
was cut, let us say, at any current maxi- 
mum. Thus, for the simple Zepp-fed dou- 
blet, this resistance would be 600 divided 
by 20, or 30 ohms. For the ordinary double- 
Zepp antenna this resistance would be 600 
divided by 7.3, or 92 ohms. For the double 
230 degree antenna this resistance would 
be 600 divided by 10, or 60 ohms. Those 





who do not use correcting stubs or other 
methods to obtain a “flat” line (standing 
wave ratio of 1), but who cut their trans- 
mission lines at the maximum current point 
after the manner of the “tuned feeder,” will 
find these figures useful in calculating the 
power output of their transniitters. 


FEED LINES 


However, the use of flat lines, in ama- 
teur circles usually referred to as untuned 
lines, is becoming increasingly popular as 
their merits are more generally known, and 
the figures given are essential in calculat- 
ing the length and position, for example, of 
a correcting stub, the latter being one of the 
simplest devices for reducing the standing- 
wave ratio to unity. A discussion of the use 
of the correcting stub may be found on page 
307 of the Handbook (15th edition) where 
a table indicates the lengths and positions 
of the stub for various standing-wave ra- 
tios. The shorted stub or “loop” will gener- 
ally be most practical, and some idea of 
dimensions may be obtained from the fact 
that when using the double 230-degree 
Zepp on 14,200 kHz the stub should be 3.5 
feet long; that is, it should be composed of 
the same kind of wire as is used in the trans- 
mission line, this wire being 7 feet long and 
bent to form a U-shaped rectangle with a 
width equal to the transmission line. At the 
frequency mentioned, where each extended 
doublet is 43 feet long, the correct location 
for the stub will be about 8 feet from the 
antenna. 

Ordinarily the best place to introduce 
power into an antenna is at a point 
symmetrically located with respect to the 
opposite ends of the system. This will not 
always be practical, because of space limi- 
tations, and hence it may become neces- 
sary to feed the extended double-Zepp 
antenna at one end in true Zepp fashion. 
Some sacrifice in gain will result, due, for 
the most part, to unequal distribution of 
current between the two doublets and to ra- 
diation from the feeder because it has an 
unbalanced load. Physical dimensions of 
feeder, extended doublets, and phasing stub 
are shown in Figure 6. Note that the phas- 
ing-stub length is shorter than a quarter 
wavelength, but by an amount not exactly 
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Figure 6—End-fed double 230-degree Zepp with 600-ohm non-resonant transmission line. 
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equal to the extension of each doublet be- 
yond a half wavelength. This discrepancy 
is due to interaction between the doublet 
wires and the wires of the phasing stub. 
Again a reference frequency is given to 
simplify calculation of lengths at other 
frequencies by inverse proportion. The fig- 
ures given should be regarded as approxi- 
mations, and tests made individually to 
determine dimensions and positions of im- 
portant elements. 


ANTENNA ADJUSTMENTS 


One of the most effective methods of 
adjusting an antenna system is to use the 
transmitter to excite, at the desired fre- 
quency, another antenna stretched out, per- 
haps temporarily, at least 8 or 10 feet from 
the ground. This “exciter” antenna should 
preferably be at least one-half wavelength 
away from the antenna to be adjusted. If the 
two are parallel to each other, so much the 
better. Using the end-fed extended double- 
Zepp antenna as an example, the first con- 
sideration is the length of each doublet, and 
this brings up the problem of “end-effect.” 
We have approximately solved this by cut- 
ting our doublets 5 per cent short of the 
theoretical length. Actually the end effect, 
which normally exists only at the ends of 
the antenna, depends on the wire size and 
the size of the insulator fitting (if metal caps 
are used), as well as the frequency. More- 
over, the end-effect does not vary quite as 
rapidly as a direct function of the wave- 
length, so that if an end-effect of 1 foot is 
correct at 14,200 kHz, it is more nearly 1.5 
feet than 2 feet at 7100 kHz. 

The theoretical “uncorrected” length of 
each half of an extended double-Zepp an- 
tenna at 14,200 kHz is 44,3 feet. The end- 
effect may be no more than | foot, but since 
it is better that the antenna be a little too 
short than too long, let’s make the correc- 
tion 1.3 feet, so that each half will be ex- 
actly 43 feet long. At the center insulator 
which separates the two halves a “stub” 
must be connected, if the system is to be 
end-fed. Now, this stub will, take the form 
of a transmission line shorted at the end 
opposite from the antenna, and for the fre- 
quency under consideration its shortest 
length will be about 12 feet. Since it is our 
intention to make this transmission line 
somewhat longer than the anticipated 
proper position of the short in order to per- 
mit locating the correct position by sliding 
the short up or down, and furthermore since 
12 feet will ordinarily not bring the prob- 
able correct shorting point at a convenient 
distance from ground, it will be more prac- 
tical to add any multiple of a half wave- 
length (34 feet) to the transmission line and 
do the shorting experiment at a point along 
the line accessible from the ground. 

With all this done and with the Zepp 
feeder not attached to the main antenna 
(why not use it to feed the exciter antenna?), 
power may be fed to the exciter antenna 
and with a sensitive r.f. instrument con- 
nected in the short on the “stub,” a position 
of the short may easily be found where 
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maximum current flows. This assumes that 
the main antenna has been hauled up into 
its normal operating position. Note this 
maximum-current position of the short and 
measure in exact multiples of one-half 
wavelength from this point towards the an- 
tenna, thus arriving at the nearest point to 
the antenna at which a short may be placed. 
This will give the shortest possible center 
stub. Of course, it is not necessary that the 
center stub be made that short, since very 
little loss will be incurred if it is left a half- 
wave or even a wavelength longer-that is, 
if the wire is not smaller than No. 14. The 
Zepp feeders may now be attached to either 
end of the antenna, as it is now ready for 
operation. 

The method of adjusting the center stub 
just outlined is also useful where it is de- 
sired to feed any of the antenna forms dis- 
cussed above with an untuned transmission 
line—that is, a transmission line termi- 
nated by its surge impedance. Using the 
example cited in the previous paragraph, 
let us assume the point of maximum cur- 
rent through the short has been found and, 
after soldering a piece of wire across the 
line at this point, the extra length of trans- 
mission line is chopped off. The two-wire 
line from the transmitter may now be 
tapped in above this shorted end of the stub, 
and it is only a question of position of the 
feeder tap from the shorted end to termi- 
nate the line properly. See Figure 7. This 
point will be approximately 3.3 feet from 
the short for a 600-ohm transmission line. 
Of course, when all this is done, we will 
have the same transmission line with cor- 
recting stub discussed earlier in this article. 


LINE-CURRENT MEASURING 
DEVICES 


The same principle holds true for the 
double Zepp and for center feeding the 
simple doublet, the only ambiguous point 
being that of knowing when the transmis- 
sion line from the transinitter is connected 
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14200 kHz 
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at the right distance from the closed end of 
the stub. The transmission line will be prop- 
erly terminated when there is no appre- 
ciable variation in voltage or current along 
the line, and hence some method must be 
used which will detect any variation in volt- 
age or current. Simplest of all is the old- 
fashioned wood-covered lead pencil, for 
with this device bright arcs may be drawn 
from either wire and the voltage at any one 
point judged by comparison with the volt- 
age at another point. This method has the 
disadvantage of being both crude and li- 
able to error due to the presence of second 
or higher-order harmonics in the output 
from the transmitter. A little better is the 
small neon bulb, but this is also a voltage- 
operated device and subject to harmonic 
distortion. Then there is the current- 
squared galvanometer with a few small 
turns of wire connected to its terminals, 
these turns being coupled to either line. 
This device is quite good if one is careful 
to use constant coupling to the wire, but its 
disadvantages are that coupling between 
the meter and line is both inductive and ca- 
pacitive, causing the meter to read differ- 
ently according to how it is held up to the 
line, and that the meter will also be influ- 
enced by harmonics. 

The most satisfactory device seems to 
be a sensitive galvanometer in a miniature 
tuned circuit coupled to the line. Such a 
device combines sensitivity with freedom 
from harmonic distortion, but the effects of 
capacity are still there to some extent. The 
tuned circuit should therefore be carried 
along the line with its position relative to 
the plane of the two wires maintained con- 
stant. See Figure 8. Checking along one of 
the two wires only is usually sufficient, but 
if one suspects an unbalance exists, the 
other line should also be checked. If the 
antenna system is reasonably symmetrical, 
unbalanced currents will most likely be due 
to improper coupling to the transmitter, but 
that is another story. At any rate, if a cur- 
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Figure 7—Center-fed double 230-degree Zepp with 600-ohm transmission line. 


2" to 3" stiff wire parallel 
to and maintained at a fixed 
distance from either feeder 


About 0.5 inch 
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Figure 8—Portable line-current indicator. 


rent maximum (voltage minimum) appears 
at the junction of transmission line and 
stub, the connection to the stub is too near 
the shorted end, and if the current is a mini- 
mum the opposite, of course, will be true. 
If the current maximum or minimum (as- 
suming standing waves actually exist) does 
not occur near the stub, there has been a 
slip-up somewhere in the procedure, for 
this will be evidence that the stub itself did 
not tune the antenna to resonance. 


PARASITIC ELEMENTS 


The use of spreaders several feet in 
length to support each end of a “flat-top” 
antenna composed of two wires is again 
becoming popular, and for a good reason. 
Gains of around 5.5. db for a bi-directional 
array and around 7 db for a unidirectional 
array are thus made possible. One of the 
most promising arrangements is that of two 
double-230-degree antennas supported 
parallel to each other only 0.2 wavelength 
apart, as illustrated in Figure 9. Antenna A 
is excited by the transmitter using the same 








technique as when exciting a single double- 
230-degree antenna. Antenna B may be 
tuned by proper positioning of a short on 
its stub to become either a director or a re- 
flector. In fact, this stub might be extended 
by multiples of a half wavelength to enter 
the operating room where, by means of a 
single switch the shorting position may be 
changed from that corresponding to a di- 
rector to the position corresponding to a 
reflector, thus reversing the directivity of 
the antenna system. Information as to the 
gain of such an antenna system when one 
antenna is used as a director is not avail- 
able, but when it is used as a reflector and 
adjusted to give a minimum signal to the 
rear, the signal forward will be 7 db better 
than a simple doublet, and the signal back- 
wards will be 7 db less than from a doublet, 
resulting in a front-to-back ratio of 14 db. 
Adjustment of the reflector shorting bar 
should be on the basis of minimum back- 
ward signal from the antenna, or minimum 
signal received from a station in that direc- 
tion when using the antenna system for re- 
ception, since this adjustment can be made 
more accurately than one resulting in maxi- 
mum front signal. This will minimize QRM 
for both transmitting and receiving. The 
same principles hold true when adjusting 
the auxiliary antenna for use as a director. 

If adjustments of the auxiliary antenna 
are to be made when transmitting and an 
ammeter is temporarily inserted in the 
shorting bar, minimum backwards signal 
will occur for the reflector when the short 
is moved slightly further from the antenna 
than that position corresponding to maxi- 
mum current through the short. For the 
director, optimum conditions will be 
obtained when the short is slightly closer 
to the antenna than the maximum shorting 
current position. From this it can be seen 
that the proper adjustment of the auxiliary 
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Figure 9—Double 230-degree Zepp with parasitic reflector-director, 





antenna is quite critical and certainly very 
important. Since field strength instruments 
are not generally available, a receiver fit- 
ted with a signal strength indicator of some 
sort located within a few miles of the an- 
tenna and in the desired direction should 
prove to be the next best thing. Connecting 
your own receiver to the antenna, with the 
other fellow transmitting, is perhaps even 
more practical in search for that minimum- 
signal adjustment. 

The presence of the auxiliary antenna 
only 0.2 wavelength away from the driven 
antenna and adjusted properly for maxi- 
mum forward or backward radiation will 
obviously affect the radiation resistance 
and impedance of the driven antenna. As a 
result, if the auxiliary antenna is left open- 
circuited and the stub on the driven antenna 
is adjusted in accordance with the method 
previously given, this adjustment will not 
be correct when the auxiliary antenna is, in 
turn, properly tuned. Moreover, the imped- 
ance of the driven antenna will differ 
slightly according to whether the auxiliary 
antenna is tuned as a director or as a reflec- 
tor. If quick change from reflector to 
director is contemplated, some sort of com- 
promise is indicated in the adjustment of 
the stub on the driven antenna. From a prac- 
tical standpoint, however, the adjustment 
of the auxiliary antenna should be made 
first, be it reflector or director, with the 
driven antenna excited by the two-wire 
transmission line without a correcting stub. 
This may require temporary adjustment of 
the transmission-line length, either physi- 
cally or by means of series coils or con- 
densers, to bring a low-impedance point at 
the coupling coil to the transmitter in order 
to load the latter satisfactorily. In fact, if the 
line length from antenna to transmitter is 
not more than a wavelength or so, the re- 
duction in line losses resulting from the use 
of a correcting stub is hardly worth the 
trouble of installing it. The point is, if a 
“flat” line is desired, adjustments of the stub 
at the driven antenna should not be made 
until after the auxiliary antenna has been 
tuned to give the desired radiation pattern, 


LARGER COLINEAR ARRAYS 


Now let us suppose our backyard is big 
enough to hang up more than two doublets 
end to end. An interesting possibility would 
be a four-element array of 230-degree ele- 
ments. But here the principles of the ex- 
tended double-Zepp must be carefully con- 
sidered in designing the length of each 
element and the length of the phasing stub 
separating them. The actual arrangement 
will be as shown in Figure 10. Both degrees 
and dimensional designations are used to 
indicate the electrical and physical length 
of each element. The length of the stubs 
indicated is approximate only and must be 
adjusted for best results. The lengths of the 
various antenna elements as shown, how- 
ever, may be assumed correct. The trans- 
mission line can be tapped on to any of the 
stubs, but connection to the center one will 
give the greatest gain. 
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Frequency 
14200 kHz 


This point must 
be found by trial 


Figure 10—Four-element array with 230-degree elements. 


The principle of the design shown for 
four elements is to provide the same sepa- 
ration in space between each doublet cen- 
ter as is provided between the two doublet 
centers in the double-230-degree antenna. 
Each phasing stub will, of course, be 
considerably shorter than a quarter wave- 
length, and when adjusting their length to 
tune the whole antenna to resonance, all 
three stubs must be made the same length; 
that is, if one is shortened two inches, the 
other two must also be shortened by two 
inches, assuming they were all the same 
length to start with. 

This may prove to be an awkward and 
tedious method of adjustment, but the pro- 
cedure may be simplified by adjusting the 
length of the center stub only as a first 
approximation. The use of an “exciter” an- 
tenna temporarily rigged nearby is as- 
sumed. If itis found the center stub must be 
shorter than the other two stubs by 3 feet, 
for instance, in order to obtain maximum 
current through its shorting bar, the other 
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two stubs should be shortened by 1 foot 
and a new position found for maximum 
current through the center stub. This new 
position should correspond closely to equal 
length for all three stubs. This procedure of 
tuning the four-element array should be 
followed even though a stub at the center 
will not be used, finally, its place being 
taken by the transmission line itself. Such 
a connection will result in standing waves 
along the line and it will have to be “tuned” 
to permit easy coupling to the transmitter 
or receiver. 

The horizontal pattern of the four-ele- 
ment array just described will have two ma- 
jor lobes at right angles to the antenna and 
several minor lobes of small amplitude. The 
gain in actual practice has proved to be 
greater than anticipated, and probably is 
more than 7 db. The major lobes will be 
much narrower than for the double-230-de- 
gree antenna, thus requiring more careful 
“aim” in erecting the array, or provisions 
for swinging it about. It is assumed this ar- 
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ray, as well as the others described, is hung 
horizontally. It may be hung vertically, of 
course, but the possible restrictions due to 
sharp directivity in the vertical plane should 
then be considered. In general, the horizon- 
tally polarized antenna will prove most 
practical, chiefly because the ground reflec- 
tion usually encountered with vertically 
polarized radiations is inferior, and because 
high masts are not often available. 

The adjustment of the antennas de- 
scribed in this article may seem a bit 
involved as compared with the simple dou- 
blet or the double-Zepp antenna, but the 
extra gain thus made available should 
make their use worthwhile. For that matter, 
the double-230-degree antenna need not be 
tuned at all, its construction being made in 
accordance with the dimensions given and 
the transmission line tuned to fit the trans- 
mitter. In this respect the simplest of all 
directive antennas, size and gain also taken 
into consideration, is the extended double- 
Zepp. 








Although the extended double Zepp 
(EDZ) antenna (Figure 1) has been in just 
every antenna handbook since the year one, 
hams seldom use it. Its overall length is 
1.28 wavelengths (1.28 A), and it’s bi- 
directional broadside. Fed with open-wire 
line and a balanced antenna tuner, an EDZ 
also makes a fine multiband antenna. Let’s 
look at an extended double Zepp for 17 
meters. We can calculate the overall length 
of its two wire elements with the formula 


984 
f(MHz) (Eq 1) 


Using this formula, an 18.15S-MHz EDZ 
works out to be 69.4 feet long. At this fre- 
quency, the EDZ exhibits, 3 dBd gain [AB 
page 8-34]! in a figure-8 pattern with two 
major and four minor lobes. It still per- 
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From QST, February 1992 (Hints and Kinks) 


Try an Extended Double- 
Zepp Antenna 


forms usefully, when operated on several 
bands lower in frequency than 17, how- 
ever. At 20 meters, a 17-meter EDZ acts as 
two slightly long half waves in phase, ex- 
hibiting between 1.6 and 2 dBd gain [AB 
page 8-32]. At 40 meters, it’s a slightly 
long '/2-A dipole [AB page 2-16,2-17,3-11 
and 3-12]. All of these modes are direc- 
tional broadside if the EDZ is positioned at 
least '/2-A high at 40 meters [AB pages 3-8 
and 3-9]. At 15 meters, it exhibits a four- 
leaved-clover pattern, with minor lobes 
broadside; at 10 and 12 meters, it’s close to 
two full waves in phase and produces a 
pattern similar to that at 15 meters. It can 


'This and the other AB references in this item 
refer to pages in G. Hall, ed, The ARAL An- 
1301} Book, 16th ed (Newington: ARRL, 

1). 


even be used as a short 75-meter dipole— 
not bad for a 70-foot piece of wire. 

Scaled for 28.7 MHz-43 feet, 10 inches 
long—the extended double Zepp gives a 
3-dBd-gain, figure-8 pattern at 10 meters 
and a similar pattern with a bit less gain at 
12 meters. It acts as two halfwaves in phase 
at 15 meters, with about 1.6 dBd gain and 
a figure-8-pattern. At 17 and 20 meters, it’s 
somewhat long for a half-wave dipole; a 
tuner can make it work at 40, On all of these 
bands, assuming that it’s at least '/2 ) high 
at its lowest band of operation, the 
10-meter EDZ is directional broadside. 

There’s nothing magic about the ex- 
tended double Zepp. It’s a tried-and-true 
dipole that offers useful gain at its design 
frequency and good multiband perfor- 
mance. —Bob Baird, W7CSD 


Figure 1—Evolution of the extended double Zepp antenna. At A, the classic Zepp—a 
Ye-h wire end-fed via an open-wire feeder operated with one of its two wires unter- 
minated. (Antenna lore tells us that this feed method received its name from its use in 
zeppelin radio installations.) Commonly, Zepp systems use a feeder length of '/s A (or 
an odd multiple thereof) to transform the antenna’'s high feed-point impedance to a low 
impedance at the feeder terminals. Assuming efficient feed, this system exhibits 0 dBd 
gain—that is, no gain relative to a half-wave dipole cut for the same frequency and 


erected in the same position. 


B shows a double Zepp, also known as two half waves in phase or (incorrectly) a 
center-fed Zepp. This is a form of collinear antenna because each '/2-A wire acts as an 
element, and because both elements lie along one line. It's also a dipole—a full-wave 
dipole that exhibits about 1.6 dB gain relative to a half-wave dipole in the same 
position, As with the Zepp, feeders cut to an odd multiple of '/s 4 make for least hassle 
feed with the double Zepp, but a good balanced antenna tuner should be able to 
handle whatever impedance appears at the feed-line input terminals. 

A double Zepp becomes an extended double Zepp when you make its wires 0.64 A 
long instead of 0.5 A. Its gain increases, too—to about 3 dB relative to a half-wave 
dipole in the same position and cut for the same frequency. 

The rough feed-point impedances shown here are for wire elements (fatter elements, 
such as those made of aluminum tubing, will lower these values somewhat) and 
convey only the resistive portion of the antennas’ impedance. For more on the 
extended double Zepp antenna, see The ARRL Antenna Book and J. Reh, “An 
Extended Double Zepp Antenna for 17 Meters," QST, December 1987, pp 25-27. 
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From QST, March 1992 (Hints and Kinks) 


Notes on Wire-Antenna 
Construction 


Robert J. Zavrel, W7SX, seconds last 
month’s extended-double-Zepp hint as he 
reports on how he keeps three EDZs high in 
trees for world-encompassing coverage 
(Figure 1) at 80, 40 and 20 meters—Ed. 


What is a terminal DX hound todo when 
he suddenly moves to a rural area and has 
access to the stuff dreams are made of: sev- 
eral 100-foot-plus ponderosa pine trees 
atop a gentle rise in a reasonably clear area, 
only 500 feet from his house? The answer: 
Wire antenna arrays! A few months spent 
confronting the practical problems of 
installing three extended-double-Zepp an- 
tennas in these trees has yielded some 
solutions that I'd like to share. 

Counterweights. Although my pines are 


wonderful supports for wire antennas, they 
have a few minor disadvantages. Among 
these is the fact that they sway in the wind. 
Because too much tension can snap antenna 
wires and supporting cords in strong winds, 
a wire-antenna engineer must compensate 
for variable tension in a horizontal wire 
antenna strung between two of these ma- 
jestic plants. The textbook solution to this 
problem involves installing pulleys where 
the wires meet the trees. Ropes attached to 
the wire-end insulators pass over the 
pulleys and connect to counterweights 
hanging near the ground. Installed with an- 
tenna-to-counterweight lines of sufficient 
length, such a system also allows the an- 
tenna to be raised and lowered without fur- 
ther climbing. 


My system includes three extended 
double Zepps, each fed with 450-Q, low-loss 
TV twinlead. Including its supporting lines, 
each EDZ spans 165 feet. Counterweighting 
the ends of these antennas serves two pur- 
poses: It keeps tree movement from snapping 
them, and it keeps their wires reasonably 
horizontal. But how much weight is required, 
and what should the weights consist of? 
Charts exist for computing tension necessary 
to keep a singlewire span taut, but the pres- 
ence of a twinlead feeder at the span’s center 
renders such charts useless. 

Enter experimentation! I strung the ex- 
tended double Zepp, minus feed line and 
plus pulleys, between the two trees at about 
15 feet above ground. Next, I weighed the 
feed line. Then I located an object of simi- 


Figure 1—Proving the multiband effectiveness of the extended-double-Zepp antenna, “The W7SX Wire Farm” consists of three 
center-fed wires supported by three ponderosa pines that form a nearly equilateral triangle atop a small rise. (Total cost for the 
system, including all hardware, wire, feeders, control lines and $150 fee for the tree climber, approximately $700.) Because the 
ground slopes to the south at about a 10° angle, this system 
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Table 1 


works best for VK, ZL and long paths into Europe and Asia. To 
the north, the horizon is essentially level. Table 1 shows how the 
antennas function on the system's three bands. 

You're not a second-class citizen just because your best 
antenna is a dipole. You can easily set the pattern and gain of 
center-fed horizontal wire antennas by adjusting their length. Get 
the wires as high as possible, keeping them away from nearby 
objects, use a tuner and open-wire line for multiband feed, and 
have a blast! Surrounding terrain may greatly influence your 
antenna’s DX performance. 





The W7SX Extended Double Zepp Trio 


Band/Antenna Mode 


Length Height 80 40 20 
Antenna 1 82 ft 98 ft SD LD EDZ 
Antenna 2 82 ft 98 ft SD LD EDZ 
Antenna 3 164 ft 82 ft LD EDZ LW 


SD = short dipole; LD = long dipole; EDZ = extended double 
Zepp, LW = long wire (dipole legs 1 A or more in length). 
Because a dipole longer than '/2 A exhibits gain over a half- 
wave dipole in the same position, these three antennas exhibit 
gain over a half-wave dipole in all but the SD mode. 














Figure 2—Bob Zavrel uses a triangular 
relay box to switch feeders between 
antennas mounted in a triangular pattern; 
a square box in this situation twists 
feeders, en-couraging antenna sway to 
break feeder wires. (W7SX photo) 


lar weight, put it in a plastic bag, tied the 
bag at the antenna feed point, and experi- 
mented with various weights. Two 15-lb 
weights kept the antenna wire horizontal 
without overtension. 

Next, I needed to construct multiple 








Figure 3—A combination feedthrough 
insulator/strain relief made of fasteners 
and two plexiglass plates. 


15-lb weights at minimum cost—weights 
that had to be long and narrow to avoid col- 
lisions with the supporting trees and other 
nearby objects. I decided that slumpblock 
bricks inside a 2 x 4 wood frame would be 
satisfactory. (Slump blocks are long, nar- 
row and about 12 lbs each; some are just as 
wide as a standard 2 x 4.) Including bricks, 
wood and nails, each weight cost me about 
$1.50, so the price was right—and 2 x 4s 
can be easily drilled for attaching ropes. 
The relay box. A square relay box cen- 
tered between three antennas twists the 


antennas’ open-wire feeders at the feed 
points. I solved this problem for a triangu- 
lar, relay-switched vertical array’ and my 
three-EDZ system by building triangular 
relay boxes (Figure 2). (Use redwood, ce- 
dar or cypress and weatherproof the box 
with sealant.*) Plexiglass plates and screws 
insulate the feeder wires from the box, con- 
tinue the feeders to the relays and provide 
strain relief (Fiureg 3). 

Results with the system. Using a 600-W 
amplifier, I often get through pileups first 
on long path. Short path to Europe is more 
difficult because the ground slopes slightly 
upward in that direction. My blissful en- 
counters with nature’s gift to the RF enthu- 
siast continue!—-W7SX 


‘See Volume 3 of The ARAL Antenna 
Compendium. 

2In my work with wire antennas, | discovered 
a reference on wood that may be of interest 
to amateurs: Wood Handbook: Wood as an 
Engineering Material (Washington, DC: US 
Department of Agriculture, rev 1987), 466 
pages (for sale by the Superintendent of 
Documents, US Government Printing Office, 
Washington, DC 20402). This text describes, 
among many mechanical and structural 
considerations, electrical qualities of wood 
that come into play when wood supports are 
used in PF fields. 
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From The ARRL Antenna Book 18th edition 


ollinear Arrays 


Collinear arrays are always operated 
with the elements in phase. (If alternate el- 
ements in such an array are out of phase, 
the system simply becomes a harmonic type 
of antenna.) A collinear array is a broad- 
side radiator, the direction of maximum ra- 
diation being at right angles to the line of 
the antenna. 


Power Gain 


Because of the nature of the mutual im- 
pedance between collinear elements, the 
feed point resistance is increased as shown 
earlier in this chapter (Figure 9). For this 
reason the power gain does not increase in 
direct proportion to the number of ele- 
ments. The gain with two elements, as the 
spacing between them is varied, is shown 
by Figure 38. Although the gain is greatest 
when the end-to-end spacing is in the re- 
gion of 0.4 to 0.6 A, the use of spacings of 
this order is inconvenient constructionally 
and introduces problems in feeding the two 
elements. As a result, collinear elements 
are almost always operated with their ends 
quite close together—in wire antennas, usu- 
ally with just a strain insulator between. 

With very small spacing between the 
ends of adjacent elements the theoretical 
power gain of collinear arrays is approxi- 
mately as follows: 


2 collinear elements—1.6 dB 
3 collinear elements—3.1 dB 
4 collinear elements—4.2 dB 


More than four elements are rarely used. 


Directivity 


The directivity of a collinear array, ina 
plane containing the axis of the array, in- 
creases with its length. Small secondary 
lobes appear in the pattern when more than 
two elements are used, but the amplitudes 
of these lobes are low enough so that they 
are not important. In a plane at right angles 
to the array the directive diagramis acircle, 
no matter what the number of elements. 
Collinear operation, therefore, affects only 
E-plane directivity, the plane containing 
the antenna. At right angles to the wire the 
pattern is the same as that of the individual 
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1/2-A elements of which it is composed. 

When a collinear array is mounted with 
the elements vertical, the antenna radiates 
equally well in all geographical directions. 
An array of such “stacked” collinear ele- 
ments tends to confine the radiation to low 
vertical angles. 

If a collinear array is mounted horizon- 
tally, the directive pattern in the vertical 
plane at right angles to the array is the same 
as the vertical pattern of a simple '/2-A an- 
tenna at the same height (Chapter 2). 


TWO-ELEMENT ARRAY 


The simplest and most popular collinear 
array is one using two elements, as shown 
in Figure 39. This system is commonly 
known as “two half-waves in phase.” The 
manner in which the desired current distri- 
bution is obtained is described in Chapter 
26. The directive pattern in a plane contain- 
ing the wire axis is shown in Figure 40. 


Depending on the conductor size, 
height, and similar factors, the impedance 
at the feed point can be expected to be in the 
range from about 4 to 6 kQ, for wire anten- 
nas. If the elements are made of tubing 
having a low A/dia (wavelength to diam- 
eter) ratio, values as low as | kQ are repre- 
sentative. The system can be fed through 
an open-wire tuned line with negligible loss 
for ordinary line lengths, or a matching 
section may be used if desired. 


THREE- AND FOUR-ELEMENT 
ARRAYS 


When more than two collinear elements 
are used it is necessary to connect “phas- 
ing” stubs between adjacent elements in 
order to bring the currents in all elements in 
phase. It will be recalled from Chapter 2 
that in a long wire the direction of current 
flow reverses in each '/2-A section. Conse- 
quently, collinear elements cannot simply 








Figure 38—Gain of two 





collinear '/2-A elements 
as a function of spacing 
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Figure 39—A two-element 
collinear array (two half- 
waves in phase). The 
transmission line shown 
would operate as a tuned 
line. A matching section 
can be substituted and a 
nonresonant line used if 
desired. 
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be connected end to end; there must be some 
means for making the current now in the 
same direction in all elements. In Figure 
41A the direction of current flow is correct 
in the two left-hand elements because the 
transmission line is connected between 
them. The phasing stub between the second 
and third elements makes the instantaneous 
current direction correct in the third ele- 
ment. This stub may be looked upon simply 
as the alternate '/2-A section of a long-wire 
antenna folded back on itself to cancel its 
radiation. In Figure 41A the part to the right 
of the transmission line has a total length of 
three half wavelengths, the center half wave 
being folded back to form a '/s A phase-re- 
versing stub. No data are available on the 
impedance at the feed point in this arrange- 
ment, but various considerations indicate 
that it should be over 1 kQ. 

An alternative method of feeding three 
collinear elements is shown in Figure 41B. 
In this case power is applied at the center of 
the middle element and phase-reversing 


Figure 40—Free-space E- 
plane directive diagram 
for the two-element 
collinear array of Fig 39. 
The axis of the elements 
lies along the 90°-270° 
line. This is the horizontal 
pattern at low wave 
angles when the array is 
horizontal. The array 
gain is approximately 1.6 
dBd (3.8 dBi). 











Figure 41—Three and four-element collinear arrays. Alternative methods of feeding a three-element array are shown at A and B. 
These drawings also show the current distribution on the antenna elements and phasing stubs. A matched transmission line can be 
substituted for the tuned line by using a suitable matching section. 
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stubs are used between this element and 
both of the outer elements. The impedance 
at the feed point in this case is somewhat 
over 300 Q and provides a close match to 
300-Q line. The SWR will be less than 2 to 
1 when 600-Q line is used. Center feed of 
this type is somewhat preferable to the ar- 
rangement in Figure 41A because the sys- 
tem as a whole is balanced. This assures 
more uniform power distribution among the 
elements. In A, the right-hand element is 
likely to receive somewhat less power than 
the other two because a portion of the fed 
power is radiated by the middle element 
before it can reach the element located at 
the extreme right. 

A four-element array is shown in Figure 
41C. The system is symmetrical when fed 
between the two center elements as shown. 
As in the three-element case, no data are 
available on the impedance at the feed 
point. However, the SWR with a 600-Q line 
should not be much over 2 to 1. Figure 42 
shows the directive pattern of a four-ele- 
ment array. The sharpness of the three- 
element pattern is intermediate between 
Figures 40 and 42, with four small minor 
lobes at 30° off the array axis. 

Collinear arrays can be extended to more 
than four elements. However, the simple two- 
element collinear array is the type most used, 
since it lends itself well to multiband opera- 
tion. More than two collinear elements are 
seldom used because more gain can be ob- 
tained from other types of arrays. 


Adjustment 


In any of the collinear systems described 
the lengths of the radiating elements in feet 
can be found from the formula 468/fy44,. 
The lengths of the phasing stubs can be 
found from the equations given in Chapter 
26 for the type of line used. If the stub is 
open-wire line (500 to 600 Q impedance) it 
is satisfactory to use a velocity factor of 
0.975 in the formula for a 1/4-A line. On- 
the-ground adjustment is, in general, an un- 
necessary refinement. If desired, however, 
the following procedure may be used when 
the system has more than two elements. 

Disconnect all stubs and all elements 
except those directly connected to the trans- 
mission line (in the case of feed such as is 
shown in Figure 41B leave only the center 
element connected to the line). Adjust the 
elements to resonance, using the still-con- 
nected element. When the proper length is 
determined, cut all other elements to the 
same length. Make the phasing stubs 
slightly long and use a shorting bar to ad- 
just their length. Connect the elements to 
the stubs and adjust the stubs to resonance, 
as indicated by maximum current in the 
shorting bars or by the SWR on the trans- 
mission line. If more than three or four el- 
ements are used it is best to add elements 
two at a time (one at each end of the array), 
resonating the system each time before a 
new pair is added. 


THE EXTENDED DOUBLE ZEPP 
An expedient that may be adopted to 
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Figure 42—E-plane 
pattern for a four-element 
collinear array. The axis of 
the elements lies along the 
90°-270° line. The array 
gain is approximately 4.2 
dBd (6.4 dBi). 


Figure 43—The extended 
double Zepp. This system 
gives somewhat more gain 
than two ‘/2-A collinear 
elements. 


Figure 44—E-plane 
pattern for the extended 
double Zepp of Fig 43. 
This is also the horizontal 
directional pattern when 
the elements are 
horizontal. The axis of 
the elements lies along 
the 90°-270° line. The 
array gain is approx- 
imately 3 dBd. 





obtain the higher gain that goes with wider 
spacing in a simple system of two collinear 
elements is to make the elements somewhat 
longer than '/2 A. As shown in Figure 43, 
this increases the spacing between the two 
in-phase '/2-A sections at the ends of the 
wires The section in the center carries a 
current of opposite phase but if this section 
is short the current will be small; it repre- 


sents only the outer ends of a '/2-A antenna 
section. Because of the small current and 
short length, the radiation from the center 
is small. The optimum length for each ele- 
ment is 0.64 i. At greater lengths the sys- 
tem tends to act as a long-wire antenna, and 
the gain decreases. 

This system is known as the “extended 
double Zepp.” The gain over a '/2-A dipole 





is approximately 3 dB, as compared with 
approximately 1.6 dB for two collinear 
‘/2-h dipoles. The directional pattern in the 
plane containing the axis of the antenna is 
shown in Figure 44. As in the case of all 
other collinear arrays, the free-space pat- 
tern in the plane at right angles to the an- 
tenna elements is the same as that of a '/2- 
4 antenna—circular. 
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By Glenn Rattmann, K6NA From The ARRL Antenna Compendium Volume 5 


The K6NA 80-Meter Wire 


Beam 


This article describes a practical design 
for atwo-element, horizontal wire Yagi for 
the 75/80-meter band using just two sup- 
port towers. Designed with DXing and con- 
testing in mind, this radiator-and-reflector 
combination features moderate gain and 
good front-to-back ratio, combined with 
instant beam reversal and band-segment 
(mode) switching. Ituses tuned feeders and 
a balanced-output antenna tuner at the op- 
erating position for matching at the trans- 
mitter. Remote relays at ground level 
handle reversal and parasitic-tuning re- 
quirements, taking advantage of the conve- 
nient properties of half-wave transmission 
lines. 

I designed this antenna empirically, be- 
fore PC-modeling programs were readily 
available. ve confirmed that it really 
works, through years of successful 80- 
meter operation. Later, I verified this with 
computer modeling. Figure 1 shows the 
general layout of my system. 


Background 


At my former location I had two towers, 
70 and 100-feet high, fairly close together 
on a half-acre of property. There was an 
assortment of quads and Yagis for 10-40 
meters,! but as is often the case with all- 
band DXers, the 80-meter antenna was an 
afterthought. Through the years I experi- 
mented with many types, looking for the 
“silver bullet” antenna for 80 that would 
finally make this challenging band a plea- 
sure to operate. 

Each season numerous magazine ar- 
ticles and endless discussions by experts 
extolled the virtues of this or that magic 80- 
meter DX antenna. I even tried some of 
them: a diamond quad loop, a delta loop 
(bottom-fed or corner-fed), a pair of para- 
sitic deltas, phased quarter-wave slopers 
(tilted ground planes), a A/4 vertical with 
lots of radials. I always came back to a basic 
truth: with the tower heights available, and 
faced with the reality of rough, rocky, lossy 
earth, my 95 foot high inverted-V dipole 
was usually as good as—or better than—any 


Ever get crunched in a DX pileup on 80/75 meters 
by K6NA? Lots of folks have! K6NA reveals the 
secrets behind his two-element “killer” Yagi. 


of the “trick” antennas I had spent hundreds 
of hours building. As a bonus, usually the 
dipole was quieter on receive. 

Even Jim Lawson, W2PV, in an early 
QST article about broadbanding an 80- 
meter antenna, mentioned almost in 
passing that his high (110-foot) inverted-V 
was superior to his four-element phased 
vertical array, at least on transmit.” What | 
observed about 80-meter DXing in the 
1970s was that most attempts using verti- 
cally polarized systems to achieve low- 
angle radiation were not satisfactory. This 
was due to excessive ground losses (both 
near-field return-current losses and far- 
field reflective losses); in addition, verti- 
cals were generally noisy on receive. 

Neither vertically polarized antennas 
nor relatively low horizontal antennas were 
really getting thejob done. I resolved to 
construct my next station thinking about the 
80-meter band from the start.“High and 
horizontal” would be the goal. 


Design Criteria 


My new station would have two main 
towers, each 140 feet high. Because I had 
all-band contesting in mind, there would be 
numerous other antennas on the towers. | 
wanted to put a three-element 40-meter 
beam on top of one tower and a large 20- 
meter Yagi on the top of the other. Though 
it likely would be an excellent performer, a 
rotating beam of some type for 80 meters 
was ruled out because I did not want to dedi- 
cate the top of one tower to it. Also, there 
was the near-certainty of difficult mainte- 
nance problems with such a gigantic an- 
tenna. Instead, I settled on a design for a 
fixed-wire beam. These would be the main 
criteria for reliable, day-to-day operation: 


¢ Oriented properly for best results in both 
DX and domestic contests 

* Moderate gain, with a wide lobe for good 
azimuth coverage 

+ Instant beam reversal with a decent front 
to-back ratio 

* Near-instant band-segment (phone or 
CW mode) switching, especially for ca- 
sual, daily DXing 

* Easy, low-loss matching anywhere in the 
band 

* Horizontally polarized to minimize both 
ground-reflection losses and noise on 
receive 

* High enough to produce reasonably low 
angle radiation 

* Reliable and easy to maintain without 
disrupting other antennas on the towers. 


Design Discussion 


Some discussion of these interrelated de- 
sign criteria will aid in understanding the 
trade-offs and choices I made while plan- 
ning this antenna. For example, from San 
Diego the typical short path to Europe on 80 
meters is not the expected true Great-Circle 
path of about 25°. Rather, the short path 
toward Europe is almost always a “bent” or 
skewed path, where signals pass to the south 
or southeast of the highly absorptive auroral 
oval, propagating by means of a scatter 
mode that uses ionized patches over the 
central Atlantic Ocean. Consequently, our 
pseudo short-path heading toward Europe 
is commonly 50° to 90° in azimuth. Occa- 
sionally, European signals on 80 meters 
arrive in California from the southeasterly 
direction. Rarely, around the time of the 
Equinox, they may even arrive by scatter 
path from straight south, as reported by 
some rotary beam users in California. 
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Figure 1—The antenna farm at K6NA, showing the 80-meter wire beam installed on the pair of 140-foot towers, using 35-foot long 
crossarms made of aluminum tubing and fiberglass. The rearward truss and upper truss wires make each crossarm rigid. For clarity, 


the tower guy wires are not shown. 


I decided to orient the two support tow- 
ers so that the reversible wire beam, slung 
between the towers on a pair of horizontal 
crossarms, would point at 60°/240°. This 
would provide good coverage across the 
USA and into Europe (both short and long 
path), Africa, the Caribbean and South Pa- 
cific areas, which together make up about 
85% of my annual QSOs on 80 meters. 

[could build a simple two-element para- 
sitic design, using A/2 elements on a rea- 
sonable boomlength of about 35 feet, or 
i/8.3 Figure 2B shows that such a design 
has a half-power azimuth beamwidth of 
about 74° in the azimuth plane. I was will- 
ing to accept the slightly lower gain and 
front-to-back ratio compared to a three-el- 
ement design (which would be more diffi- 
cult mechanically), or a two-wire phased 
array using double-extended Zepp ele- 
ments. The Zepp would require the towers 
to be placed about 350 feet apart. Either of 
these antennas conceivably would provide 
more gain, but at the price of reduced azi- 
muthal coverage. A reversible, all-driven 
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array has the additional disadvantage that 
its phasing and matching networks become 
overly complicated to make it work prop- 
erly at both ends of the band. 

To achieve the twin requirements of 
easy mode-switching and beam reversal, I 
decided to construct a symmetrical, two- 
element Yagi beam. The elements are 
identical dipoles, self-resonant near 
3.675 MHz. This frequency is about 3% to 
4% lower than the phone operating area 
around 3.800 MHz, meaning that each ele- 
ment could be used as a reflector in the 
phone band with no additional loading. 
Each dipole is fed with A/2 of open-wire 
line. These lines come together in a relay 
box at ground level. Power is applied to one 
or the other driven element, and a short is 
applied across the base of the remaining 
feeder to force the remaining element to act 
as a parasitic reflector. 

To operate near 3.5 MHz, the reflector 
simply is retuned to about 3.4 MHz, using 
an inductor in place of the direct short in 
the relay box. Supplying RF to the relay 


box is accomplished using low-loss, open- 
wire feeders. A balanced-output tuner in 
the shack is simply touched up to move 
between phone and CW subbands, and to 
accommodate the change in SWR. There is 
no requirement for an exact match at the 
line input to the driven element because of 
the low-loss transmission lines, 

With the crossarm supports mounted at 
130 ft, the dipoles are about 1/2 high and 
thus produce fairly low-angle radiation. A 
horizontally polarized antenna is less re- 
sponsive to man-made noise sources, 
which have a large vertical component. The 
height allows A/2 lines to reach down to the 
switchbox near ground level. All switch- 
ing relays are in this weatherproof box, so 
the system is reliable and easy to maintain. 
No inaccessible relays or matching net- 
works are up at the elements, where fail- 
ures might occur. 


Construction 


No doubt, the 80-meter wire beam can 
be built and integrated into many existing 
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Figure 2—Patterns for the K6NA 80-meter wire beam 
at an average height of 125 feet over flat ground. At 
A, elevation pattern and at B, azimuth pattern at 15° 


elevation angle. The K6NA Yagi is well suited for the 
low elevation angles that predominate from Southern 


California to DX locations. 
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Figure 3—Top view of the 80-meter wire beam mounted on the towers, with details of the crossarms and rearward truss system that 
prevents the tensioned antenna wires from bending the crossarms inward. The tower-guy placement geometry provides several 
advantages for antenna-farm management! See text. 


multi-tower systems. I had the luxury of 
planning the tower and guy arrangement 
well in advance of building the antenna. 
This helped make erection and maintenance 
simpler. Such planning contributes to con- 
venient erection of other antennas too! 
Figure 3 shows the recommended two- 
tower layout that has served very well for 
this and other projects. Through symmetry 
of guy-anchor placement, any forces due to 
loading by wire antennas or temporary 
trams are balanced out. Note that each 
tower has an opposing, backward-facing 
guy exactly in line with its counterpart and 
parallel with the centerline of the towers. 


When the 36-foot crossarm is mounted 
about 10 feet below the top of the tower and 
the topmost guy bracket, the ends extend 
out beyond and above the sloping, upper 
guys. This arrangement keeps the dipoles 
in the clear, allowing them to be raised and 
lowered using ropes and pulleys with mini- 
mal guy-wire interference, without having 
to remove or move the crossarms. 

This tower/guy layout also presents two 
parallel tower faces on which to mount the 
booms and to correctly orient the wire an- 
tenna. Non-parallel tower faces can work, 
but the mounting brackets would be more 
complex and some advantages of symme- 


try would be lost. For safety, significant 
sideloads should be distributed across at 
least two tower legs. In addition, guys pass- 
ing through the central area between the 
towers would complicate the raising and 
lowering of the wire antennas, so this 
should be avoided if possible. 

Another advantage of the layout in Fig- 
ure 3 concerns the overall use and mainte- 
nance of other antennas in the system. Note 
that the 140-foot towers are 136 feet apart, 
and the guy radius (distance from tower to 
each of its guy anchors) is 105 feet. These 
facts, together with the generally unclut- 
tered work area between the towers, make 
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Figure 4—Photo of one of the crossarms (booms) mounted on the tower. The truss 





system and 80-meter folded dipoles are visible. Note that the truss, dipoles and pull- 
down ropes provide a stable truss/guy system for each crossarm. The large Yagi at the 
top of the tower is a full-sized three-element 40-meter beam. 
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Figure 5—Photo showing mounting method for installing the 80-meter crossarm and 
associated horizontal back-truss pipe. The horizontal riser prevents the crossarm from 
collapsing when the side load (antenna tension) is applied. Note how a plate with U- 
bolts is used to secure the back-truss pipe to one of the tower legs, while the other end 
is secured with an L-shaped bracket and U-bolts to the mounting plate for the crossarm. 


it convenient to run a temporary tram wire 
anchored at the base of one tower to the top 
(or anywhere along the length) of the other 
tower. The tram can be used to raise the 80- 
meter crossarms themselves, or to move other 
HF Yagis. If an upper-mast-mounted beam is 
to be erected, the 80-meter wires first can be 
lowered easily to the ground. If the tram has 
to reach only to the area of a side-mounted 
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beam, the wire antenna may stay in place 
above it. I can detach the 80-meter feeders 
from the feed-through insulators at the 
switchbox, and pull them away from the vi- 
cinity of the tram wire, if necessary. 


Crossarms and Trusses 


I made each crossarm (boom) using alu- 
minum and fiberglass. In order to eliminate 





the possibility of “boom resonance” that 
might interfere with nearby HF Yagis and 
to keep the 80-meter wire ends away from 
metal conductors, only the middle 14 feet 
of crossarm is made of 2-inch OD, 1/4-inch 
wall aluminum. This section is stiff and 
very strong. 

The outer extensions are fiberglass tub- 
ing, each about 11 feet long, for a total 
crossarm length of 36 feet. Surplus vault- 
ing poles were used but other types of 
fiberglass would also be suitable. The fi- 
berglass should be wrapped with high-qual- 
ity black tape (such as Scotch 33 or 88) to 
prevent decomposition due to ultraviolet 
radiation. At the end of each fiberglass 
pole, I mounted a six-inch sleeve of alumi- 
num tubing, before drilling aclearance hole 
for the forged eyebolt used to secure the 
pulley used to hoist each dipole. 

Each crossarm is clamped to the tower 
face using an aluminum plate and muffler 
clamps. See Figures 4 and Fig 5. Once in 
place, the crossarm is made rigid by means 
ofa dual truss system. When the dipoles are 
erected and tension is applied, the 
crossarms cannot collapse. The top and 
back truss system and dipole pull-ropes 
together transfer all the balanced forces to 
the tower. 

Layout of the truss system can be seen 
in Figures 1, 4 and 5. The horizontal riser 
behind the tower is the key to the truss sys- 
tem. This rigid support is a six-foot length 
of 1'/2-inch OD, 1/4-inch wall aluminum 
pipe, extending horizontally about five feet 
beyond the back leg of the tower. This 
“sideways riser” is anchored to the 
crossarm mounting plate with a right-angle 
bracket, and to the back tower leg by means 
of U clamps and a flat plate. The back- 
truss lines connect to eyebolts on the outer 
end of the riser using turnbuckles and 
shackles. 

The various truss lines and dipole pull- 
ropes are coiled and individually taped to 
the crossarm prior to erection. After the 
crossarm has been raised and installed, the 
back-truss riser pipe is brought up and 
clamped into the tower from the back side. 
Then, the crossarm is first trimmed to hori- 
zontal by attaching the top-truss lines to 
the tower legs and adjusting the turnbuck- 
les until the crossarm looks good, much like 
a Yagi boom truss is adjusted. Then the 
backtruss lines are untaped from the 
crossarm, one at a time, and connected to 
the far end of the horizontal back-truss 
pipe. This is an interesting maneuver, 
which should be accomplished only by an 
experienced climber/rigger! The turnbuck- 
les are adjusted initially for moderate ten- 
sion. Properly adjusted, the result is a 
crossarm that doesn’t sag downward or fold 
inward when antenna tension is applied. 

After the truss system has been rigged, 
the installer untapes one of the coiled-up 
dipole pull-ropes, which has been pre- 
rigged to extend along the arm to the outer 
crossarm pulley and back again to the vi- 
cinity of the tower. By attaching either a 
weight or tag line to the thimble, the di- 








pole-end of the rope is released to hang ver- 
tically from the pulley. The rigger then pays 
out the coiled rope until a ground man can 
reach the thimble end to attach the dipole 
insulator. The pull-ropes ultimately are 
brought to the tower legs through pulleys 
and thence brought down to ground level. 
The angle of the pull-ropes completes what 
is essentially a four-point guy on each end 
of the crossarm (antenna tension, back- 
truss, up-truss, and angled pull-down rope). 
This configuration presents a stable struc- 
ture when the dipoles are raised and ten- 
sion applied. 

I must emphasize that all subassemblies 
should first be fabricated and fitted to the 
tower at ground level. Make sure that all 
plates, clamps and hardware mate to the 
tower, referenced to diagonal braces, 
welds, or leg bolts. Premark the tower legs 
up at the target location ahead of time to 
preclude surprises on the tower! 


Construction of the Dipoles 


Two-wire folded dipoles were selected 
to help bring the feedpoint impedance up 
closer to the characteristic impedance of 
the feeders and to improve bandwidth. This 
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helps minimize tuner adjustments when 
moving within a subband, but there is no 
need to go overboard trying to effect a per- 
fect match at the load. 

Each folded dipole is built with #14 
stranded, non-stretch copper wire. The two 
parallel wires are held apart by seven hori- 
zontal spreaders located about every 20 feet 
along the wire length. These spreaders of 
black Delrin are 1/2-inch diameter rod, 18 
inches long (See Figure 6). They are held in 
position by tie wires, as are the ribbed end 
insulators. I used an unbroken length (about 
260 feet) of wire for each two-wire dipole, 
making the free ends come together at the 
center-feed insulator. The free ends of the 
wires and feeders are tied to the center in- 
sulator for strain-relief, and then the loose 
ends are soldered. This technique prevents 
breakage, because soldered connections 
(which are weaker due to wire heating) are 
not under strain, or flexing. After each di- 
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adjustments are complete, the feeder can 
be soldered to the antenna. 
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Figure 6—Folded-dipole center feedpoint with stabilizing cradle. The cradle encourages 
stability in the large, two-wire dipoles, preventing twist. See text. 








There is little point in making any sort 
of analyzer measurements at five feet off 
the ground because the results will be mis- 
leading. When the dipole is installed in the 
clear at a half-wavelength in height, it will 
perform as predicted. However, just to be 
sure, I grid-dipped one dipole at its final 
height through the half-wave line. I had 
first built the 1/2 transmission line and had 
checked for resonance near 3.650 MHz 
with a grid-dip meter. When the first dipole 
and its feeder are on frequency, the second 
dipole and feeder was cloned and the array 
was erected. The dipoles at K6NA are about 
130 feet long. 


Feed Line Construction 


Each feed line was constructed using 
old techniques but modern materials. Mini- 
mum weight is very important. The lines 
were made about 130 feet long, using #16, 
prestretched solid copper wire. Spacers are 
1/4-inch Delrin rods, three inches long and 
spaced every four feet along the feeder. 
Spacers were notched and drilled, and held 
in position using #18 copper tie wires 
through the holes. The result is a very light- 
weight, low-loss feeder with a characteris- 
tic impedance of about 575 Q.* To mini- 
mize sag in the dipole, avoid using heavy 
ceramic spacers. 

A good technique for constructing the 
long, open-wire feeder is to stretch two 
wires tightly between the towers about four 
feet above the ground. Space the wires three 
inches apart in a plane parallel to the earth. 
Precut all the tie wires and make a simple, 
four-foot long, interval-measuring rod 
from a piece of wood or tubing. With all the 
spacers, tie wires, rod and long-nose pliers 
in a tool bag, the installer begins at one end, 
moving easily along the line, installing 
spacers at the correct intervals. The feeder 
wires sit in the notched ends, while the tie 
wires pass through the holes and are twisted 
in place over the feeder wires. When com- 
plete, the suspended line is in a good posi- 
tion for checking resonance with a grid-dip 
meter, assuming the line is insulated from 
the towers. The final length of each feeder 
described here is about 128 feet and each 
weighs less than three pounds. 

Some additional comments about 
feedpoint construction will be helpful to 
those planning assembly of such a large, 
wide-spaced folded dipole and associated 
feeder. Initially, the dipole was built with 
upper and lower wires, as depicted in most 
antenna books. An 18-inch Delrin rod con- 
nected the lower feed insulator to the upper 
wire in order to distribute the weight of the 
feeder onto both wires and to maintain cor- 
rect spacing. This worked, but with unfore- 
seen side effects. When the dipole was 
raised under tension, the result was a half- 
twist in the parallel wires about halfway 
back toward the end insulator. This twist 
was not due to “live” or “kinky” wire! The 
twist was due to a catenary sort of effect. 

The solution to the twist problem is to 
avoid the upper wire/lower wire configura- 
tion, and allow all the spreaders (including 
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the center spreader) to lay over into the 
horizontal plane. To encourage this, a 
simple cradle was constructed to distribute 
the weight of the feeder at the center of the 
two antenna wires. This forces the wires 
(and all the other balanced spacers) to form 
a plane parallel to the earth. Fig 6 shows 
the centering cradle below the Delrin rod. 
The feeder passes over the cradle insulator 
(tie wires take the load) and continues up to 
the feedpoint. Small Dacron lines tie the 
cradle insulator to the other end of the rod, 
keeping the load centered. These large 
folded dipoles have been well behaved, 
even in high winds. 


Remote Switching 


A plywood “doghouse” was constructed 
under the antenna center, and mounted 
about four feet above ground for conve- 
nience. Fig 7 is a schematic of the switch- 
ing network housed in the box. Two DPDT 
relays control the direction of the beam 
pattern. The main feeder connects through 
K1 and K2 to one dipole, while the other 
dipole becomes a phone-band reflector due 
to the short across K3. In the shack, switch 
$1 activates K1/K2 for reversal. $2 is a 
phone/CW selector switch that allows K3 
to retune the reflector element to about 3.4 
MHz by means of an inductor. Relays are 
large, ceramic-base open-frame types. 

The center-loading inductor for a CW 
reflector is best chosen experimentally. A 
coil is connected across K3, $2 is set for 
CW, and the tuner in the shack is adjusted 
for a match low in the CW band. From the 
tuner, a coax cable is routed temporarily 
back to the switchbox. At the box, the tem- 
porary coax feeds a receiver, which is used 
to monitor signals arriving off the back of 
the antenna around 3,515 MHz. A variable 
tap is moved along the coil until the best 
front-to-back ratio is obtained. After a pe- 
riod of testing, the tap can be soldered. 
With the dipoles self-resonant around 
3.650 MHz, aCW reflector coil of about 17 
tH was required. This consisted of a 2- 
inch OD coil, 2°/s-inches long, on which 
were wound about 25 turns of #16 wire. 


Operation and Maintenance 


The 80-meter wire beam performs as 
expected. Typical F/B is 11 to 14 dB on 
both phone and CW modes. For high-band 
operators accustomed to quiet bands with 
low atmospherics, this level of F/B may 
not seem like much. However, on a consis- 
tently noisy band like 80 meters, this kind 
of rejection on receive is very important. 
The high wire beam makes it possible to 
work long-path Europeans (southwest 
heading, before sunrise in San Diego) ona 
regular basis in the winter months, due to 
effective rejection of storm noise over 
North America. The antenna performance 
is roughly comparable to that of a nearby, 
two-element rotary beam (195 feet high) at 
N6ND—we hear and work many of the 
same weak stations during DX sessions. In 
domestic contests, reports from the East 
Coast are excellent on both modes. 
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The wire beam has been very reliable 
for over 10 years. The first version of the 
antenna used # 16 solid-copper wire for the 
elements, and there was a broken wire or 
two after perhaps six years. The antenna 
was rebuilt in 1992 with #14 stranded wire 
and has been perfect since then. The origi- 
nal dipole pull-ropes of black, 1/4-inch 
polypropylene lasted about seven years 
before they were replaced. Black Dacron, 
readily available from several OST adver- 
tisers, would be an excellent replacement 
for the pull-ropes, but it is more expensive 
than polypropylene. Do not use any color 
except black, and do not use polyethylene 
lines for permanent antenna supports. 


Antenna Comparisons and Modeling 

Recently, I wanted to investigate this 80- 
meter wire beam using computer modeling. 
By comparing the predicted performance of 
this antenna with that of several other com- 
mon types of 80-meter DX antennas, the 
relative merits of each can be described 
briefly. Example antennas were modeled 
over average earth, with a dielectric constant 
of 13 and a ground conductivity of 5 mS/m. 
Gain figures listed are referenced to an iso- 
tropic antenna in free space. 

Fig 8A shows the elevation pattern of 
the wire beam 125 feet high over real earth, 
compared to single horizontal dipoles at 
heights of 125 and at 70 feet. Peak radia- 
tion for the Yagi occurs at 28°. The 
azimuth pattern shown in Fig 8B is at 15°el- 
evation, because low elevation angles are 


required for success on most DX paths from 
Southern California. For example, the W6 
short path to Europe supports signals be- 
tween 8° and 18° elevation, essentially 
100% of the time.> The Yagi has about 5 dB 
of gain over the high dipole. 

Note that a single high dipole is an ex- 
cellent DX performer, and likely will beat 
any sort of beam antenna on a 70 to 80-foot 
tower, In addition, a high dipole has better 
rejection of local (high-angle) signals, soit 
will be a superior DX receiving antenna, 
Inspection of Figure 8A indicates that the 
high wire beam probably will outperform a 
70-foot high dipole by nearly 10 dB at low 
elevation angles. 

Some people might say: “With 140-foot 
towers, you should be using quad loops!” 
Not so fast. Figure 9A shows that with the 
top of adiamond-like, full-wave loop at 135 
feet, the A/2 dipole at 125 feet is superior 
by at least | dB at all angles lower than 40°, 
in spite of the small stacking gain expected 
from the loop. The expected gain from the 
bigger loop cannot be realized fully be- 
cause the upper and lower wires are at 
drastically different heights (in terms of 
fractional wavelengths) relative to each 
other and the earth. This prevents proper 
phase addition. Further, the average height 
of the loop is lower, which results in a 
higher peak angle of radiation. The dipole 
has better high-angle rejection, too, and 
should be better on receive. If both anten- 
nas were up a couple of wavelengths on 80 
meters, the quad loop would beat the 
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Figure 7—Schematic of the feed system for the reflector-type, 80-meter wire Yagi. With 
two identical dipoles tuned at 3.650 MHz, only three relays and one inductor are needed 
to shift the antenna instantly from the phone to the CW subband, and to switch the beam 
direction. The relays are open-frame DPDT relays with ceramic insulation. Si is a DPST 
switch used to reverse the beam direction by activating Ki and K2. S2 activates K3 to 


tune the parasitic element as a CW reflector. 
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Figure 8—Comparison of patterns for K6NA two- 
element Yagi at 125 feet with two dipoles, at 125 
and at 70 feet heights. At A, elevation pattern 


comparisons and at B, azimuth pattern comparisons. 
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Figure 9—Comparison of elevation responses for full- 
wave diamond-shaped loop, K6NA two-element Yagi 
and a single horizontal dipole. The Yagi and dipole 


are at a height of 125 feet and the loop’s apex is at 


135 feet. 


dipole...but who has a 550-foot tower? 
How about a pair of half-wave slopers 
(that is, tilted vertical dipoles) tied from 
the tops of the 140-foot towers one A/2 
apart, and fed in phase for broadside gain? 
See Figure 10A. All the antenna books 
show the phased-sloper array to be a 4 dB 
gain, low-angle monster. The author had 
this exact antenna up for a few months in 
1980. It performed fairly well, but was very 
responsive to powerline noise. For com- 
parison, a single horizontal dipole was 
hung between the towers a few feet above 
the top ends of the slopers. With this single 
dipole, my local noise level dropped by 8 to 
10 dB, and stations in New Zealand re- 
ported a consistent transmit advantage over 
the sloper array. This was a real eye- 
opener. As seen in Fig 10A, the high wire 
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beam buries the phased slopers by 7 dB at 
the peak angle of 28°, and by 5 dB at 15° 
elevation! 

The famous W8JK is a bi-directional, 
all-driven wire beam made from two di- 
poles fed 180° out of phase. At 125 feet in 
the air, this antenna has excellent rejection 
of high-angle signals, and is only slightly 
down from the peak gain of the Yagi con- 
figuration. See Figure 11A. It requires no 
relay box. For DXing, it is inferior to the 
Yagi because there is no way to reject sig- 
nals (noise) off the back. Years ago, the 
author fed the two new folded dipoles as a 
W8JK for a few months prior to building 
the switchbox. It performed much like the 
patterns show, but once the switchbox was 
available to configure the array as a Yagi 
with good F/B ratio, the W8JK configura- 
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tion was abandoned. However, a W8JK 
antenna 100-feet high in Kansas City 
would be an outstanding Sweepstakes 
antenna. 

Figure 12 compares the horizontal wire 
beam to a similar antenna with inverted-V 
elements with a 90° included angle. The V- 
style gain is down a bit and the pattern is 
not as clean. But if you have a single tall 
tower and install this antenna (only one 
crossarm is required), you will be in the 
95th percentile of effective 80-meter 
DXing antennas. 

In Figure 13 the K6NA Yagi is com- 
pared to a quarter-wave vertical mounted 
over average ground. Since there are less 
losses due to ground reflection characteris- 
tics, horizontal polarization allows the 
Yagi to outperform substantially the verti- 
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0 dB = 11.06 dBi 


Figure 10—Patterns for a pair of 1/2 sloping dipoles fed in phase, 
compared with K6NA two-element Yagi and a single horizontal 
dipole. The slopers both start at a height of 140 feet and are 
mounted over rie ground, with a dielectric constant of 13 


and a conductivity o 


5 mS/m. The high horizontal Yagi is a 
decidedly superior performer. Surprisingly enough, even the 
simple horizontal dipole is a better performer than the phased- 
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sloper system. This is mainly due to far-field losses experienced 
by the mainly vertically polarized sloper system. 
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Figure 11—Comparison of elevation responses for a 
horizontal W8JK array and the K6NA two-element Yagi, 
both at height of 125 feet. As might be expected, the 
unidirectional Yagi has gain over the bidirectional W8JK 
design. 


cal at all angles of interest, even down to 
10°. In most locations, the vertical will be 
noisy on receive. An extensive local ground 
screen (or elevated radials) will not make 
any significant change in the pattern rela- 
tionship depicted here. Only by installing 
the vertical in, say, a saltwater marsh ex- 
tending perhaps 100 A would its low-angle 
performance be improved substantially.® 
The “Four-Square” has become popu- 
lar in recent years. Figure 13 also shows the 
beautiful pattern of this array, along with 
that of the two-element beam and a single 
vertical. In a quiet location this vertical 
system with a switching matrix makes a 
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15° Elevation 
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terrific receiving antenna, allowing full 
azimuth coverage in four directions. How- 
ever, the horizontal wire Yagi still has su- 
perior gain at all elevation angles of inter- 
est—note the 4 dB advantage at 15°—and 
the Yagi likely will be quieter on receive in 
all but the most remote locations. The re- 
marks in the paragraph above about at- 
tempts to improve the lowangle perfor- 
mance of the A/4 vertical also apply to the 
Four-Square array. 


Conclusions 


Someone once said: “All antennas 
work... some more so.” The sometimes- 
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large differences seen during model com- 
parisons can be misleading, as we know 
from our day-to-day operating. Propa- 
gation, pileup dynamics, and operator skills 
(one skill is picking a quiet location... ) are 
important factors that determine 80-meter 
DXing success. Virtually every antenna 
discussed in the comparison section of this 
report is a “good” antenna. The author’s 
first 180 countries on 80 meters were 
worked with an inverted-V dipole at 70 feet. 

If tall supports are available, a horizon- 
tally polarized, gain antenna will certainly 
provide a statistical increase in perfor- 
mance over the others. In lieu of really tall 








2-Ele.inv. V K6NA Yagi 


Figure 12—Comparison of the horizontal K6NA wire beam 
to a similar antenna using inverted-V dipole elements with 
a 90° included angle. The inverted-V configuration loses 
gain and directivity compared to the fully horizontal 

dipole Yagi, but the loss is only about 1 dB. The inverted- 
V style may be quite practical for those with a single, 
high tower. 


15° Elevation 
OdB = 8.91 dBi 


K6NA Yagi 


0 dB = 11.06 dBi 
(A) 


Dipole ©125' 


Figure 18—Comparison of K6NA Yagi to both a single 
ground-mounted 2/4 vertical on average ground 

(with a dielectric constant of 13 and a conductivity of 

5 mS/m), and a “Four Square” phased vertical array. 

Each vertical is assumed to have 120 radials, an “optimal” 
ground system. Again, far-field ground losses are 
detrimental to verticals over poor ground. 


towers, a well-installed vertical system can 
be an excellent antenna, especially in a 
quiet receiving location. As the computer 
models show, height above ground is the 
most significant variable when designing a 
lowband station using horizontally polar- 
ized antennas. [Hills help too!—Ed.] 

Itis hoped that some of the construction 
techniques for the crossarms, wire anten- 
nas, and feed lines described in this report 
will stimulate others to build even better 
horizontal arrays. You will enjoy special 


15° Elevation 
OdB = 8.91 dBi 


satisfaction using homemade open-wire 
lines, and a 40-year old Johnson Matchbox 
tuner makes a nice addition to your modern 
shack. 

The author would like to thank H. Shep- 
herd, W6US, for his valuable advice re- 
garding wire antennas and open-wire 
feeder construction; R. Craig, N6ND, for 
mechanical suggestions; E. Andress, 
W6KUT, for manuscript review; and 
N6ND and J. McCook, W6YA, for model- 
ing assistance. 


Azimuth 
3.8 MHz 
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By John J. Uhl, KV5E 





From QST, August 1986 


Construct a Wire Log- 
Periodic Dipole Array for 
80 or 40 Meters 


My desire to work DX and obtain DXCC 
certification caused me to build my first 
antenna in the early 1960s. I needed a di- 
rectional antenna that had reasonable gain, 
was inexpensive, lightweight and rotatable, 
and could be assembled with stock items 
found in large hardware stores. My choice 
of antennas then was the cubical quad. I 
had much success DXing with different 
quads, and I quickly earned DXCC certifi- 
cation. Quads are excellent antennas, but 
the ones I built lacked the mechanical sta- 
bility needed in southern Louisiana. I soon 
learned this when they were ruined by hur- 
ricanes. 

After my fourth quad was destroyed 
some years later, I purchased a triband 
Yagi and forgot about building antennas ... 
until the day I had a QSO with Ansyl 
Eckols, YVSDLT. What started as a nor- 
mal QSO that day in the late 1970s led toa 
full-fledged experiment with the design, 
construction, erection and use of log-peri- 
odic dipole arrays made of wire. At that 
time, YVSDLT was using a triband log- 
periodic dipole array (LPDA) for 20, 15 and 
10 meters. What immediately piqued my 
interest was that his beam was made of 
wire, and that his signal had outstanding 
quality and strength. 

During the QSO, I asked Ansyl for 
construction details of his antenna. His re- 
sponse was generous. He mailed me dia- 
grams, schematics and photographs of the 
LPDA that he had named Telerana. 
(He subsequently published his design in 
OST.') After reading and studying all of his 
data, I was convinced that his design had 
the mechanical stability to withstand hurri- 
canes, and I began plans in my mind to build 
a copy of Telerana. 

I began a search of the literature, read- 
ing all of the LPDA articles that I could 
find.?* By the time I gathered and read 
several references, three years had passed. 
Sunspot activity had diminished and band 
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These log-periodic dipole arrays are simple and 
easy to build. They are also lightweight, strong and 
inexpensive. The design parameters can be used to 
construct antennas for the other ham bands. 


conditions weren’t as good. Openings on 
10 and 15 meters were few and of short 
duration, and future conditions would be 
worse. I did not duplicate the Telerana for 
these reasons, but decided instead to apply 
the LPDA theory to the design of wire 
LPDAs for use on the 160, 80 and 40-meter 
bands. By making some preliminary calcu- 
lations I found that an LPDA for 160 meters 
would be too large to fit my lot size, but 
LPDAs for 80 and 40 would fit. However, 
it would not be possible for me to rotate 
these LPDAs. 


Figure 1—Typical 
4-element log- 
periodic dipole 
array erected on 
a tower. 


Element Stays 
And spacer Lines 


Elements 


LPDAs for 80 and 40 Meters 


I placed the same criteria on the LPDAs 
that I had placed on the quads—that they 
have reasonable gain, be inexpensive and 
lightweight, and that they could be as- 
sembled with stock items found in large 
hardware stores. This article is written to 
detail the design, construction, erection and 
use of wire LPDAs for the lower frequency 
bands. Figure 1 shows one method of in- 
stallation. You can use the information 
presented here as a guide and point of ref- 
erence for building similar LPDAs. 


Rear Feed -Line 
ers Element Connector 


Feed Line 


Feed Line 
Spacers 
~ Front Mount 
And Feed Line 
Connector 


y 


Anchor Points 


1/4" Nylon 
Forward Stay Line 











If space is available, the antennas can be 
“rotated” or repositioned in azimuth after 
they are completed. A 75-ft tower and a 
clear turning radius of 120 ft around the 
base of the tower are needed. The task is 
simplified if only three anchor points are 
used, instead of the five shown in Figure 1. 
Omit the two anchor points on the forward 
element, and extend the two nylon strings 
used for element stays all the way to the 
forward stay line. 

For the design procedure, refer to The 
ARRL Antenna Book. By using the formu- 
las given there and other data in the text, all 
of the dimensions can be obtained and the 
LPDAs will take shape on paper. The de- 
sign results are summarized in the conclud- 
ing section of this article. The next step is 
to fabricate the fittings; see Figure 2 for 
details. Cut the wire elements and feed lines 
to the proper sizes and mark them for iden- 
tification. After the wires are cut and placed 
aside, it will be difficult to remember which 
is which unless they are marked. When you 
have finished fabricating the connectors 
and cutting all of the wires, the antenna can 
be assembled. Use your ingenuity when 
building one of these antennas; it isn’t nec- 
essary to duplicate my LPDAs exactly. 

The elements are made of standard no. 
14 stranded copper wire. The two parallel 
feed lines are made of no. 12 solid copper- 
coated steel wire, such as Copperweld. This 
will not stretch when placed under tension. 
The front and rear connectors are cut from 
1/2-in-thick Lexan sheeting, and the feed- 
line spacers from 1/4-in Plexiglas sheeting. 

Study the plans carefully and be famil- 
iar with the way the wire elements are con- 
nected to the two feed lines, through the 


Forward 


Hole Size to 
Match Rope Used 


front, rear and spacer connectors. Details 
are sketched in Figure 4, Connections made 
this way prevent the wire from breaking. 
All of the rope, string and connectors must 
be made of materials that can withstand the 
effects of tension and weathering. Use ny- 
lon rope and strings, the type that yachts- 
men use. Figure 1 shows the front stay rope 
coming down to ground level at a point 120 
ft from the base of a 75-ft tower. It may not 
be possible to do this in all cases. In my 
installation | put a pulley 40 ft up in a tree 
and ran the front stay rope through the pul- 
ley and down to ground level at the base of 
the tree. The front stay rope will have to be 
tightened with a block and tackle at ground 
level. 

Putting an LPDA together is not diffi- 
cult if it is assembled in an orderly manner. 
It is easier to connect the elements to the 
feeder lines when the feed-line assembly is 
stretched between two points. Use the 
tower and a block and tackle. Attaching the 
rear connector to the tower and assembling 
the LPDA at the base of the tower makes 
raising the antenna into place a much sim- 
pler task. Tie the rear connector securely to 
the base of the tower and attach the two 
feeder lines to it. Then thread the two feed- 
line spacers onto the feed line. The spacers 
will be loose at this time, but will be posi- 
tioned properly when the elements are con- 
nected, Now connect the front connector to 
the feed lines. A word of caution: Measure 
accurately and carefully! Double-check all 
measurements before you make permanent 
connections. 

Connect the elements to the feeder lines 
through their respective plastic connectors, 
beginning with element 1, then element 2, 


Hole Size to 
Match Rope Used 


and so on. Keep all of the element wires 
securely coiled. If they unravel, you will 
have a tangled mess of kinked wire. Check 
that the element-to-feeder connections 
have been made properly. (See Figure 4.) 
Once you have completed all of the ele- 
ment connections, attach the 4:1 balun to 
the underside of the front connector. Con- 
nect the feeder lines and the coaxial cable 
to the balun. 

You will need a separate piece of rope 
and a pulley to raise the completed LPDA 
into position. First secure the eight element 
ends with nylon string, referring to Figures 
1 and 3. The string must be long enough to 
reach the tie-down points. Connect the 
front stay rope to the front connector, and 
the completed LPDA is now ready to be 
raised into position. While raising the an- 
tenna, uncoil the element wires to prevent 
their getting away and balling up into a 
mess. Use care! Raise the rear connector to 
the proper height and attach it securely to 
the tower, then pull the front stay rope tight 
and secure it. Move the elements so that 
they form a 60-degree angle with the feed 
lines, in the direction of the front, and space 
them properly relative to one another. By 
adjusting the end positions of the elements 
as you walk back and forth, you will be able 
to align all the elements properly. Now it is 
time to hook your rig to the system and 
make some QSOs. 


Performance 


The reports I received using the LPDAs 
were compared with an inverted-V dipole. 
All of the antennas are fixed; the LPDAs 
radiate to the northeast and the dipole to the 
northeast and southwest. The apex of the 


Hole Size to 
Match Wire 
Size Used 


Hole Size to 
Motch Wire 
Size Used 


Depends on 
Size of Balun 


Hole Size to 
Match Wire 
Size Used 





Figure 2—Pieces to be fabricated for the LPDA. At A, the forward connector, made from 1/2-inch Lexan. At B, the rear connector, also 
made from 1/2-inch Lexan. At C is the pattern for the feed-line spacers, made from 1/4-inch Plexiglas. Two of these spacers are 


required. 
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to Tower 


Elements Made From 


Feed Line Made 
From #12 
Copperweld Wire 


Mount Balun on 
Underside of Connector 
for Balance 


Figure 3—Typical 
layout for the LPDA. 
Use a 4:1 balun at 
the point indicated. 
See Table 1 for 
dimensions. 


Nylon 


Strings 


Nylon Rope 
1/4" or Larger 





Table 1 

Calculated Array Dimensions 

Element Length Half Length Element Spacing 
80-Meter Array 

£1 = 149.09 ft Ye £1 = 74.55 ft dy. = 17.89 ft 
£2= 125.98 ft '/e £2 = 62.99 ft dog = 15.12 ft 
£3 = 106.45 ft Ye £3 = 53.23 ft dg4 = 12.77 ft 
04 = 89.95 ft 2 £4 = 44.98 ft 

40-Meter Array 

él = 71.30 ft 1/2 £\ = 35.65 ft dyo = 8.56 ft 
£2 = 60.25 ft 1/2 2=30.13 ft  do3=7.23 ft 
£3 = 50.91 ft 1/2 £3 = 25.46 ft  de,=6.11 ft 
£4 = 43.02 ft 1/2 £4 = 21.51 ft 





dipole is at 70 feet, and the 40-and 80-meter 
LPDAs are at 60 and 50 feet, respectively. 
The gain of the LPDAs is in the range of 7 
to 9 dB over the dipole. This was apparent 
from some of the reports received: “The 
quality of the audio on the log is superior to 
the inverted V.” “The signal on the log is 
much stronger and steadier than the V, 
about 10 dB.” “The LPDA does not fade, 
but fading conditions are present on the 
inverted V.” During pileups, I was able to 
break in with a few tries on the LPDAs, yet 
it was impossible to break in the same pile- 
ups using the dipole. 

During the CQ WW DX Contest I was 
able to break into some big pileups after a 
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few calls with the LPDAs. Switching to the 
dipole, I found it impossible to break in after 
many, many calls. Then, after I switched 
back to the LPDA, it was easy to break into 
the same pileup and make the QSO. 
Think of the possibilities that these wire 
LPDA systems offer hams worldwide. 
They are easy to design and to construct, 
real advantages in countries where com- 
mercially built antennas and parts are not 
available at reasonable cost. The wire 
needed can be obtained in all parts of the 
world, and cost of construction is low! If 
damaged, the LPDAs can be repaired eas- 
ily with pliers and solder. For those who 
travel on DXpeditions where space and 


weight are large considerations, LPDAs are 
lightweight but sturdy, and they perform 
well. They’ll even withstand a hurricane! 


Calculations for Log-Periodic Dipole 
Arrays 

Design constants and the results of de- 
sign procedures follow. (Terms are defined 
at the end of this section.) 


T = 0.845 

o = 0.06 

opt =)" 0852 

cota = 1.548 

a = 32.86° 

Gain = 7.5 dBi (5.35 dBd). [By slop- 
ing the elements forward, 
the gain may be increased 
3 to 5 dB over this figure. 
—Ed.]} 

Oo’ = 0.065 

Bie = 1.39; see note 10. 

Ro = 70 


Fed with 50-ohm coaxial cable and a 4:1 
balun 


For the 80-meter antenna, 


fn = 4.1 

fl = 3.3 

B = 1.24 

Bs So1k72 

max = 298.18 ft 

L = 48.42 ft 

N = 4,23 (rounded to 4) 
£1 = 149.09 ft 

Ry = 70ohms 

h = 62.4 

a = 2.667x 103 
h/a = 23400 

Z,y = 937.26 ohms 
Zy = 80.72 ohms 
dio = 17.89 ft 


See Table 1 for calculated array dimen- 
sions. 


For the 40-meter antenna, 


fn = 75 

fl = 6.9 

B = 1.09 

B, = 1.51 

Amax = 142.61 ft 

L = 18.57 ft 

N = 3.44 (rounded to 4) 
£1 = 71.30 ft 

Ro = 70 ohms 

h = 32.727 

a = 2.667 x 10% 
h/a = 12273 

Ze = 859.82 ohms 
Zo = 81.76 ohms 
dio = 8.56 ft 


See Table 1 for calculated array dimen- 
sions. 


Definitions of Terms 


B = operating bandwidth = fn/f1 
fn = highest frequency, MHz 

fl = lowest frequency, MHz 

T = design constant 

o = _ relative spacing constant 





NOTES: 


Mount Balun on Bottom 
of front Connector 
for Balance 


@)Feed with 50.9 Coaxial Rack Connector 


Cable and 4:1 Balun 1/2” Thick Lexan 
Pay Close Attencion to 

Detail of Element 

Connection to Feed Lines 


Front Connector 
and Balun Mount 
to Front Stay 1/2" Thick Lexan 





Figure 4—Details of electrical and mechanical connections of the elements to the feed 
line. Knots in the nylon stay lines are not shown. 





value of o for optimum gain 
mean spacing factor 
apex half-angle 
bandwidth of the active group. 
See note 10. 
structure (array) bandwidth 
boom length for N elements 
number of elements 
longest element = 492/f1 
longest free-space wavelength 
= 984/f1 
characteristic impedance of 
feeder 
Rp = meanradiation resistance level 
of required input impedance 
of active region 
Z,y = average characteristic imped- 
ance of a dipole 


ao 
Kf 


poze wR 
nun won 


N 
rm) 
| 


120 (in -2.25} 


h = element half length 

a = radius of element 

£ = length of elements 

d = spacing between elements 
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8D, A. Mack, “A Second-Generation Spiderweb 
Antenna,” The ARRL Antenna Compendium 
Vol 1 (Newington, CT: The American Radio 
Relay League, Inc, 1985), pp 55-59. 

°See note 7. 

19See Ref 6, p 435. Ba, is found from the follow- 
ing equation: 

Bar= 1.1+7.7(1 —1)? cota 
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From a7, October 1986 (Technical Correspondence) | 
Input Impedance of 
LPDA Antennas 


The log-periodic dipole array (LPDA) 
has intriguing possibilities, some of which 
have been explored by Uhl.! Unfortunately, 
some misleading information in The ARRL 
Antenna Book has kept the subject from 
being more accessible to the amateur.” The 
design procedure called out by The Antenna 
Book and by Rhodes refers to graphs of Ro, 
the mean antenna input resistance, versus 
the log-periodic design parameters t and 
o.? It would appear that Rp is dependent 
solely on these parameters; such is not the 
case. As shown by Eq 2 and 4, Ry is depen- 
dent ont, 6, Z,, and Zp. This relationship is 
demonstrated by Carrel.4 The graphs in 
question are from the seminal experimen- 
tal study of the LPDA by Isbell, and are 
used to demonstrate the effect on Rg of 
changing t and 6; Z,, and Z) were con- 
stant. Since t and o are usually chosen to 
provide the desired antenna geometry and 
directivity (gain), Rg should be controlled 
by either Z,, or Zo. Z,, is usually con- 
strained by mechanical considerations, 
which leaves Z, as the easiest parameter to 
adjust for desired Ry. 

The erroneous procedure determines Ry 
from a graph. The correct procedure is to 
calculate the necessary Z based on the 
desired Ry. For most practical LPDA an- 


\J.J. Uhl, “Construct a Wire Log-Periodic Di- 
pole Array for 80 or 40 Meters,” QST, Aug 
1986, p 21. 

2G.L. Hall, ed., The ARRL Antenna Book 
(Newington: ARRL, 1982), pp 6-24 to 6-26. 

5P_D. Rhodes, “The Log-Periodic Dipole Array,” 
QST, Nov 1973, pp 16-22. 

4R.L. Carrel, “The Design of Log-Periodic Di- 
pole Antennas,” 1961 /RE International 
Convention Record, Part 1, Antennas and 
Propagation, pp 61-75; also PhD thesis, 
University of Illinois, Urbana, 1961. 

5D. E, Isbell, “Log-Periodic Dipole Arrays,” JAE 
Transactions on Antennas and Propagation, 
Vol AP-8, No. 3, May 1960, pp 260-267. 
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tennas, this results in a Zy of less than 100 
ohms, if an Ry of 50 ohms is chosen. Im- 
pedances in this range are difficult to 
achieve with open-wire line, the kind nor- 
mally used in an LPDA, because thick con- 
ductors and/or close spacing are needed. 
For this reason, it is usual to design for a 
higher Ry and use an impedance-transform- 
ing balun between 50-ohm coaxial cable 
and the antenna feed point. This is the 
method chosen by Uhl. Assuming a 4:1 
balun, an antenna-input impedance of 200 
ohms is required. Zp is then calculated (us- 
ing Eq 9 and 11 from page 6-25 of The 
ARRL Antenna Book) as follows: 


gia. 
Vt (Eq 2) 
2007 
a aS 
0 ~ $(0.065) (937.26) 





ee + 1 


= 298.26 ohms 


The actual impedance of the feed line 
used by Uhl can be computed from the for- 
mula on p 3-16 of The ARRL Antenna Book: 


2S 
Z,=276 log (2) (Eq 3) 


where S is the spacing between conductors, 
0.75 inch, and d is the conductor diameter, 
0.081 inch for no. 12 AWG wire. Therefore: 


2(0.75) 
0,081 
Although this appears to be consider- 


ably in error, recasting Eq 1 to solve for Ro 
based on the true value of Zp gives: 


Zo =276 log }-s49.860tuns 






a, 349.86 
Z 349.86 
1¢—_o-— st Sr 
402, 4(0.065)(937.26) 
= 224.17 ohms (Eq 4) 


which, when transformed by the 4:1 balun, 
results in a load impedance of 56.04 ohms; 
this is close to the design impedance. From 
this, we can infer that the actual Z) used is 
not critical, although it isn’t negligible, 
either. 

The design Zp values listed in the Uhl 
article are incorrect, since they were pro- 
duced using the erroneous procedure from 
The ARRL Antenna Book. The values 
should be 298.26 and 308.56 ohms for the 
80- and 40-meter antennas, respectively. In 
addition, Ry could be made closer to the 
design value of 200 ohms by using a differ- 
ent feeder spacing to change the feeder 
impedance. From Eq 2: 


ga 2 )1 (20/27) _f 0.081 ), :298.261276) 
2 2 
=0.488inch 


Rounding this value to 0.5 inch results 
in a Zp of 301.26 ohms and an Ro of 201.46 
ohms for 80 meters and 196.62 ohms for 
40 meters. These translate to load imped- 
ance of 50.37 and 49.15 ohms, respec- 
tively —Jon Bloom, KE3Z 


= 
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From QST, August 1980 (Technical Correspondence) 


The WA1AKR 40- and 
5-Meter Slopers 


Several amateurs have suggested that I 
submit a description of my sloper antenna 
system for publication in “Hints and 
Kinks.” Other amateurs may be interested 
in this adaptation of the 8JK beam. Con- 
struction information is shown for both the 
75- and 40-meter bands. 

As shown in the accompanying dia- 
gram, the array has two half-wave sloping 
elements joined by a 1/8-wave, 300-ohm 
phasing line. Transposing the phasing line 
should bring the element currents into 
phase. | find the antenna is broadbanded. 
There appears to be no need for a 
Transmatch. 

If one desires to suspend an additional 
sloper from the tower for a directional 
change, installation of remote switching at 
the top of the tower will permit the use of a 
single transmission line. Otherwise, sepa- 
rate transmission lines will be required. 

Ends of the antenna are suspended by 
ropes with the tops placed roughly 1 foot 





/\ 
| 
WA 
Ed 
Fa 
VA 
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FA 
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| 
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Fa 
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away from the tower. An angle of 45 de- RG- 8/U 

grees between the antenna and ground Transmission 

should be maintained. Do not use an angle g gd one a 

greater than 50 degrees. Resonance with : 3 

the dimensions shown should occur near —"* 


3.8 MHz for the 75-meter sloper and 7.150 
for the 40-meter antenna. 

How well do my antennas work? I have ReemaUlatOSs 
contacted stations “across the pond” while 
competing with the big boys who sport When Carl Bissonnette, WA1AKR, chases DX he uses a sioper like the one illustrated. 
three and four-element beams. I have also Carl's arrangement is fashioned after the famous 8JK beam. The feed system resembles 
experienced little difficulty in working that of the ZL Special. 

VKs and ZLs.— Carl Bissonnette, WAIAKR 
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From QST, June 1983 (Hints & Kinks) 


Inexpensive 30-Meter 
Beam Antenna 


In about two months of operating on 
the new 30-meter band I have worked all 50 
states and over 50 countries. My antenna is 
simple but effective. It is a rotatable 
inverted V beam. Figure 1 shows the con- 
struction details. The antenna boom is sus- 
pended from a tree branch about 50 feet in 
the air. The antenna can be rotated 360° 
simply by moving the two ground stakes. 
All of the materials to build this antenna 
cost me less than $25. 

Eq. 1 gives the driven element length, 


Insulator 


\ 


1/2" ie Pipe 


Eq. 2 gives the director length, and Eq. 3 
gives the element spacing that I used. 


D.E. length = 476/fyyy1, (Eq. 1) 
Dir. length = 450/fyqt4, (Eq. 2) 
Spacing = 120/fyy, (Eq. 3) 


The feed-point impedance is around 30 
ohms. I used a matching transformer made 
by connecting two 1/4-A sections of RG- 
59/U coaxial cable in parallel. One end of 
the transformer connects to the antenna, 


__——- Nylon Rope 


1/2" PVC 
Pipe Boom 


1:1 Balun 


Coaxial Cable 
to Shack 


and the other end goes to 50-ohm cable to 
the shack. Figure 1B shows how this is 
wired. Perhaps the easiest method to join 
the two pieces of 75-ohm cable is to use 
coaxial T connectors. You should use a 
balun at the antenna feed point to prevent rf 
from flowing on the outside of the shield 
braid. 

[also built an antenna of this type for 40 
meters, and it works great. | guess the key 
word is rotatable! —Jon Ferrara, N9DWR, 
Chattanooga, Tennessee 


Coaxial 
WP des 
Connectors 


1/4—) Stub 
2 Pieces 
RG-59/U 





Figure 1—Construction details for a 30-meter inverted V beam are given at A. A coaxial-cable impedance-matching transformer is 


shown at B. 
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By Roy W. Lewallen, W7EL From QST, June 1984 


Try the “FD Special” 


Antenna 


While the Field Day “juices” were flow- 
ing last year, my Field Day partners and I 
decided to become more competitive with- 
out compromising our general philosophy: 
Use all homemade gear, pack it in to the site, 
and don’t let operating interfere with watch- 
ing the scenery. Since most of our gear al- 
ready ran the accepted QRP power limit of 
10-W de input and had been designed to 
provide high output efficiency, the antenna 
seemed like the reasonable point of attack 
(our high quality superheterodyne receivers 
have not been the limiting item). The con- 
straints dictated that an antenna be light- 
weight, portable and easy to put up. It should 
also have substantial gain. 

Because of our West Coast location, the 
front-to-back ratio was not a concern. But 
having a reasonably wide lobe toward the 
East was. We desired a low SWR because 
of the relatively high loss of our RG-58/U 
and/or RG-174/U feed line. We were inter- 
ested only in the CW portion of the band, 
but this antenna works well over all of the 
band. It seemed that 20 meters would be 
our main “money-maker,” so we designed 
the antenna for that band. It can be scaled 
for other bands, too. 


The Research 


Although a number of antenna types 
might have done the job, I settled quickly 
on a horizontal, close-spaced, driven 
array. Experience has shown that driven 
arrays are generally more tolerant of im- 
perfect construction and erection than are 
parasitic arrays. Experience and much mea- 
surement have convinced me that horizon- 
tal arrays outperform vertical ones in the 
high-frequency bands, except perhaps from 
an exceptional location. In addition, we 
didn’t want the nuisance of establishing a 
decent ground system — which most verti- 
cal arrays require. 

The theoretical gain and front-to-back 
ratio of 2-element arrays with 1/8-wave- 
length spacing between the elements are 
shown in Figures 1 and 2. Note the lower 
curve of Figure 1. It shows the effect of 
losses on the gain (losses don’t affect the 


Looking for an antenna that’s simple, inexpensive, 
lightweight and easy to install? Here’s one that fits 


the description. 


front-to-back ratio, and change only the 
scaling of the pattern). Figure 3 shows the 
patterns of arrays with 135, 160 and 180- 
degree relative spacing. All are drawn to 
the same scale. The 1/8-wavelength spaced, 
135-degree-fed array is frequently called 
the “ZL Special.”! The close-spaced, 180- 
degree-fed array is known as an “8JK.”? 
From 135 to 160 degrees, phasing was 
chosen because of the combination of rela- 
tively high insensitivity to loss, reasonable 
gain and wide forward lobes. Note that the 
gain stays about the same in this range, 
ensuring good performance if the phasing 
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isn’t exactly as predicted. Actually, it’s 
much easier to generate and maintain pre- 
cise 180-degree phasing than the angles 
I’ve chosen — particularly over a wide fre- 
quency range. 

There’s one major flaw (usually fatal) 
in a simple analysis like the one presented 
here: It assumes that equal-magnitude cur- 
rents are flowing in the elements. This is 
not easy to realize, for even in arrays with 
elements spaced 1/2 wavelength or greater, 
mutual coupling has a profound effect on 
element impedances. This changes them 
dramatically and unequally, as a rule. This 


160 


Angle Between Element Currents (degrees) 





Figure 1—Curves that show gain versus phase angle for two-element arrays with 1/8- 


wavelength spacing. 
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Figure 2—Theoretical F/B ratio for a two-element array with 1/8-wavelength spacing. 


impedance change is a function of not only 
“mutual impedance,” but also the relative 
magnitudes and phases of the currents 
flowing in the elements. In an array as 
closely spaced as these, coupling is so inti- 
mate that it could be argued that the term 
“driven array” is amisnomer. For example, 
the feed-point impedances of the elements 
in a 1/8-wavelength-spaced array, assum- 
ing equal currents can be made to flow, are 


Phase Angle Loading Lagging 
Between Currents Element Element 
(Degrees) (Ohms) (Ohms) 
135 28—j46 28+ j46 
160 13—j22 13+ j22 
180 9+ j0 9+ j0 


This shows quite a change from the 74 + 
jO ohms value that each element exhibits 
when it is not coupled to another element. 
The fact that the resistive parts of the two- 
element impedances are equal, and the 
reactances are equal in magnitude, is a pe- 
culiarity of the particular element spacing 
chosen, For other spacings they will be 
unequal, and the reactances can be differ- 
ent in magnitude, as well as in sign. 

This mutual coupling isn’t undesirable; 
in fact, it’s essential for obtaining gain in 
the presence of rather severe pattern can- 
cellation that is common in these closely 
spaced arrays. The lower impedances cause 
more element current to flow for a given 
power input, thereby increasing the fields 
from the elements. In these arrays, the in- 
creased field strength is sufficient to com- 
pensate for the fact that the fields from the 
elements don’t add in phase in any direc- 
tion. They partially or completely cancel in- 
stead. But, the lower feed-point impedances 
make them more sensitive to losses, and the 
low resistance with relatively high reac- 
tance makes them tricky to feed properly. 

Why do these different and reactive feed 
impedances make feeding the arrays so dif- 
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ficult? The first problem is that, with few 
exceptions, the magnitude of current out of 
a line not terminated in its characteristic 
impedance won't be equal to the current 
into the line. In classic “If you can’t fix it, 
feature it!” fashion, this impedance-trans- 
forming property is put to good use in the 
form of the 1/4-wavelength Q section.? The 
second (and almost always overlooked) 
difficulty is that, again with only a few 
exceptions, the phase delay of current in 
an imperfectly terminated transmission line 
doesn’t equal the electrical length of the 
line. This effect isn’t minor: The phasing 
of a casually designed array can easily be 
off by tens of degrees. In one design I in- 
vestigated, an 80-degree line produced 139 
degrees of phase shift. 


The Solution 


There are a number of approaches toward 
correct feeding of an array. My choice was 
to investigate some simple feed systems to 
see if any would yield results that came close 
to the desired characteristics. I wrote a com- 
puter program that would solve, iteratively, 
for element-current magnitude and phase 
angle, plus feed-point impedances for this 
one type of array, given the array specifics. 
Several configurations looked promising, 
and one of the simplest proved adequate. 
This was an array of two folded dipoles that 
were self-resonant, spaced 1/8 wavelength 
apart and connected by a taut piece of 300- 
ohm TV ribbon with one half twist. The feed 
impedance was close to 50 ohms resistive. 
There was some inductive reactance that 
could be corrected by adding two small- 
value capacitors at the feed point. The ele- 
ment current ratio was 1.13:1, with element 
phasing that was 154 degrees. This was not 
the 124 degrees one might expect from the 
56 electrical degrees of line — assuming a 
velocity factor of 0.8 — minus the 180 de- 
grees caused by the half twist. 

It was this array that we used for Field 














Figure 3—Dipole array patterns for 135, 
160 and 180-degree relative phasing at 
4/8 spacing. Curves A, B and C, 
respectively, represent these conditions. 


Add 5 dB for dBd. These curves are based 
on the array being fed with equal currents. 
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Figure 4—Element current ratio (A) 
and phase angle (B) as a function of 
frequency. 


Day, with very good results (see section on 
performance). However, when the array 
was reconstructed at the home QTH, a dra- 
matic rise in SWR was noticed when oper- 
ating the antenna at other than the low end 
of the band. Computer analysis showed 
that, above the design frequency, the phase 
angle increased. This caused a substantial 
lowering of the element feedpoint imped- 
ance, plus narrowing of the forward lobe. 
The analysis also showed the antenna to be 
well-behaved below the design frequency. 
Consequently, a similar array was designed 
(figuratively speaking) for 14.5 MHz. It 
gave good results over the 20-meter band. 











Figure 5—Calculated antenna patterns for 
the high and low ends of the 20-meter 
band. Add 5 dB for dBd. 


Element phasing varies from 135 degrees 
at 14.0 MHz to 148 degrees at 14.35 MHz, 
with current ratios from 1.04 to 1.13:1 (see 
Figure 4). The gain can be calculated as 
fairly constant from 4.5 to 4.6 dBd across 
the band. Again, the array feed-point im- 
pedance can be corrected easily to provide 
alow SWR. The calculated patterns for the 
antenna at the top and bottom ends of the 
20-meter band are shown in Figure 5. These 
take into account the changes in element 
phasing, spacing, current magnitude and 
element self-impedance with frequency. 


Construction 


The antenna is made from quality 300- 
ohm TV line to the dimensions given in 
Figure 6. Sketches of the insulators are pro- 
vided in Figure 7. They are made from scrap 
pieces of epoxy-glass PC-board material. 
This results in ruggedness and minimum 
weight. The spreaders are readily available 
10-foot lengths of “1 inch” (15/is in OD)* 
schedule 40 PVC pipe. The capacitors are 
used only to provide a good match to 50- 
ohm feed line: They don’t otherwise affect 
the performance of the array. Small 500-V 
mica or monolithic ceramic units may be 
used for power levels up to a few hundred 
watts, since they are at a relatively low- 
voltage part of the system. Open-ended 
stubs could probably be substituted for the 
capacitors, if desired. I recommend that a 
balun transformer be used with this an- 
tenna. Attempts to measure the impedance 
of one element of this array resulted in a 
unique experience — the first substantial 
evidence of the need to use a balun trans- 
former. The antenna-bridge readings var- 
ied greatly as the measuring equipment 
was moved, or as I placed my hand around 
the feed line. This ceased when I added a 
balun transformer. The phenomenon is ex- 
plained by Maxwell in a recent paper.5 
Nearly any style of balun transformer will 
prevent the unwanted flow of current on 
the coaxial cable outer conductor. I use a 
choke type of balun transformer. It consists 
of 10 turns of small-diameter coaxial cable 





Direction of 


300-1 TV 
Maximum Radiation 


Twin Lead 


8' 5-3/4" 


4 


Similar to Fig 7 (A) 
without BNC Connector and 330 pF 


ct Insulators (6) 


(Fig 7A) 


poe 
(Fig 78) 
: 


Feed Line Spreader 


PVC Pipe 





Figure 6—Electrical dimensions for the W7EL array (A). Illustration B shows how the 
antenna is assembled on spreaders of PVC pipe. 


Phasing Line to 
Other Element 
To Balun Transformer 
Mounted on the Other 
Side of the Boord 


} Twin-Lead 


Slots in 
PC Board 
insulator (6) 


BNC Connector to Feed Line 
from Balun (see Fig 6) 


Nylon Cable Tie 
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Figure 7—Details for the antenna insulators used in the two-element 20-meter array. 
The drawing at A shows how the TV ribbon is affixed to the feed-point/phasing-line 
insulating block. The example at B provides details for the end insulators. 
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Figure 8—SWR curve obtained at the end 
of a 45-foot length of RG-58/U coaxial 
cable. 
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wound on a ferrite toroid core. The OD is 
approximately 1'/s inches, and itis mounted 
at the feedpoint insulator by means of small 
nylon cable ties. 

If you use the array for portable opera- 
tion, as we did, the 10-foot spreaders are 
out of the question, at least in their original 
form. We cut ours in half for “packing in,” 
then used PVC cement to glue them to- 
gether at the FD site. PVC pipe couplings 
were used to join the sections. The glue 
container was enclosed in polyethylene 
sandwich bags, just in case a leak devel- 
oped. At the end of our FD exercise, we 
used the saw blade of KQED’s Swiss army 
knife to cut the PVC pipes again for easy 
transport. The spreaders were glued to- 
gether again for use at the home station. 
The antenna is held horizontal easily by 
attaching a piece of twine to the nondirectly 
driven element insulator. This counteracts 
the weight of the feed line that is connected 
to the other element. 


Performance 

The “FD Special” has been in use at 
W7EL for some time. Array gain has been 
compared to that of an inverted V at the same 
height. The calculated performance values 
appear correct within the measurement ca- 








pability. The front-to-back ratio has not 
been measured. The SWR at the end of 45 
feet of RG-58/U feed line is shown in Figure 
8. The SWR is important only when a lossy 
line feeds the array, or when it is driven by 
an intolerant transmitter (with built-in SWR 
shut down), which is now the norm. 

Perhaps the most revealing performance 
indication was provided by a person who 
encountered us several times on 20 meters 
during Field Day. He was operating for 
another, very competitive local club. After 
the exercise he remarked,“The only reason 
I believe you guys were running an honest 
10 Wis that [know Wes Hayward (W7ZOI) 
was there.” Indeed, we used 10 W or less 
input while operating—and 0 W while 
watching the mountain scenery! 


Notes 

'My apologies to the first person who described 
or named this antenna. | don't know its his- 
tory. (See L.A. Moxon, “Two-Element Driven 
Arrays,” QST, July 1952, p 28.) 

2Named after W8JK, Dr. John Kraus, “Antenna 
Arrays with Closely-Spaced Elements,” Proc. 
IRE, Feb. 1940. 

3G. Hall, ed., The ARRL Antenna Book 
(Newington: ARRL, 1982). 

4mm = in x 25.4; m = ft x 0.0848. 

5wW. Maxwell, “Some Aspects of the Balun Prob- 
lem,” QST, March 1983. 


By Riki Kline, 4X4NJ 
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Build a 4X Array for 160 


Meters 


Is your lament acommon one —noroom 
for an effective DX antenna on 160 meters? 
This complaint is voiced frequently by 
amateurs who live in urban areas, or who 
are programmed toward horizontal wire 
antennas. But, a number of successful top- 
band operators have adopted the philoso- 
phy, “If you can’t go out, go up!” It is no 
secret that a physically short vertical an- 
tenna is generally more effective than a 
horizontal antenna that is close to the 
ground electrically, at least for DX work. 

My 4X array is electrically rotatable. It 
is compact and is effective as a low-angle 
radiator. Let’s examine how my antenna 
evolved from some basic designs. I will 
also cover the practical details of construc- 
tion and system performance. 


The Tilted Ground-Plane Look 


The tilted ground plane is almost iden- 
tical to the usual vertical. The physical 
format of this antenna resembles a four- 
conductor ground plane. The major differ- 
ence is that the radiating elements tilt up 
toward the supporting structure. The 4X 
array contains four sloping ground planes. 
Each of the slope wires is 100 feet long.! 
They are supported at the high end by an 
80-foot tower. A four-element, 20-meter 
Yagi antenna is atop the tower. 

Each of the sloping wires is fed sepa- 
rately near ground by means of a tapped- 
coil matching device (Figure 1) that is 
returned to radial wires and ground rods. In 
effect, each radiator is a ground-plane ver- 
tical antenna that is slightly less than 0.25 
wavelength. The matching inductor pro- 
vides resonance and effects an impedance 
match to the coaxial feed line. 

I believe that the metal tower and 20- 
meter antenna may possibly be functioning 
as areflector because the Yagi antenna and 
tower combined with ground wires are 
resonant slightly below 1.8 MHz. 


Two Tilted Ground-Plane Verticals in 
Phase 


I had excellent results with one sloping 
vertical. Next, I installed a second system 


Low-angle radiation and electrical rotation of 
directivity are the features of this vertically polarized 
top-band antenna. If you are interested in 160-meter 
DX, this system could be your secret weapon. 


in the opposite direction. Switching be- 
tween the two antennas (north-south 
sloping radiators) showed considerable 
front-to-back ratio (a relative reading of 
15-20 dB). Subsequently, I connected the 


Directivity « 


two antennas in phase. This gave a bidirec- 
tional pattern, east and west. Although I did 
not gather extensive data on the perfor- 
mance, I observed a 6-dB signal improve- 
ment with stations about 700 miles to the 





115° Total Coaxial Cable 
Length to Switching and 
Matching Networks 





Figure 1—Basic tilted ground-plane vertical. L has 25 turns of heavy conductor (see 
text); length is 5'/2 inches, and diameter is 3 inches. Radiator is tapped 15'/2 turns 


above ground. 
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east. Some of you may want to explore the 
possibilities further. Figure 2 shows the de- 
tails of the two-element phased system. 


The 4X Configuration 


Two more tilted ground-plane verticals 
were added, thereby providing east-west 
sloping radiators (Figure 3). A switching 
and phasing arrangement was added to my 
4X array. It allows me to feed any of the 
slope wires separately, adjacent pairs in 
phase, or all four wires in phase. When 
using adjacent pairs in phase, maximum 
radiation is along a line that bisects the 
angle between the two antennas (NE, SE, 
SW or NW directions). When I feed all four 
wires in phase I note that the radiation is 
essentially omnidirectional. All of the 
unfed radiators are resonated to serve as 
reflectors. This concept is described in The 
ARRL Antenna Book.* My switching net- 
work is shown in Figure 4. 


Phasing Networks 


Most phasing methods call for long 
lengths of non-50-ohm coaxial cable.? I 
found this economically prohibitive. This 
negative factor inspired the approach I am 
using. 

Each of my radiators is fed by means of 


115 feet of RG-213 coaxial cable (formerly 
Figure 2—Two tilted ground-plane antennas that can be fed separately or in phase. The RG-8A/U 50-ohm line). The coil at the base 


feed method is shown in Figure 1, with the method of Figure 7 used for feeding the of each wire is adjusted for the same reso- 
antennas in phase. 


nance and SWR as the remaining three 
coils. The verticals to be fed in phase have 
their transmission lines connected in paral- 
lel through a suitable network for changing 
the reflected impedance back to 50 ohms. 
My networks are shown in Figures 7 and 8. 


Tapped-Coil Matching 


By using inductance and no intentional 

parallel capacitance for my matching coils, 
Tam able to obtain greater effective antenna 
bandwidth because of reduced Q. Stray ca- 
pacitance and antenna capacitance to the 
tower and ground are present, however. All 
electrical connections are soldered, A 
simple rain cover is used over each coil to 
protect it from moisture and dirt. The ab- 
sence of switches, variable capacitors and 
rotary inductors enables construction of a 
highly reliable matching system without 
the need for weatherproof boxes. 
Tower Top This system is relatively easy to tune to 
obtain nearly identical performance from 
each antenna branch. This becomes a 
necessity when using “brute-force” paral- 
lel feed in the phased-pair and omnidirec- 
tional modes. Otherwise, the power 
distribution and phasing would be dis- 
turbed. This would distort the radiation 
pattern. Large-diameter, heavy-conductor, 
air-wound coils are best for this job. Two 
of my coils are made from silver-plated 
1/4-inch-diameter copper tubing. The two 
remaining coils are made from large, flat 
conductor material of the kind found in 
some rotary inductors. 

lused a dip meter to adjust the coils for 
resonance (coaxial cables disconnected). 
Figure 3—The 4X array as viewed from above the tower. My coaxial cables were tapped initially one 
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Figure 4—Switching system for the 4X array. L1 through L4, inclusive, are described in 
the text. A1, A2 and C are connected to the matching circuit shown in Figure 7. B1, B2 
and C are connected to the matching circuit shown in Figure 8. S1 is a heavy-duty 
ceramic rotary switch, five poles, nine positions. J1-J5, inclusive, are coaxial connectors 
of the builder's choice. 


third of the way up from the ground ends of 
the coils. Final tap placement is made while 
feeding power to the antenna and observ- 
ing an SWR meter. Alligator clips make 
this an easy matter to accomplish. When 


the SWR bottoms out at the same frequency 
for all four radiators, remove the alligator 
clips and solder the coil taps in place. Some 
interaction between the four antennas will 
occur, so make certain that all of the taps 

















Figure 5—Chart that shows SWR versus 
frequency in kilohertz. 
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Figure 6—Directivity pattern of the array. 
The pattern is a composite average of 
measurements made while receiving 10 
different stations. There is no apparent 
difference between the two directive 
modes—single radiator or phased pair. 


are where they belong before soldering 
them. 


Reflector Tuning 


The radiators not being fed are used as 
reflectors. This is done by switching small 
inductors in parallel with the ends of the 
coaxial feed lines. My inductors contain 
three or four turns of no. 16 wire wound 
around the center part of a 3/8-inch-diam- 
eter ferrite rod from a built-in AM broadcast 
receiver antenna. The coils are adjusted to 
give a resonance that is four percent lower 
than the resonant frequency of the radiators. 


Ground Conditions 


The efficiency and performance of the 
antenna depends on the quality of the 
ground system. Note 3 provides a good ref- 
erence for ground systems, and a bibliogra- 
phy. Each of my radiators is worked against 
a counterpoise that contains two or three 
1/4-wavelength wires, bent to fit in the 
boundaries of my property. In addition, | 
use a 10-foot rod in the ground. Water pipes 
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Figure 7—Phased-pair matching network. 
C is a 1000-pF variable, rated at 1000 V 
or greater. L is 30 airwound turns of heavy 
conductor (see text), 7 inches long and 
3'/e inches in diameter. 


and all other available underground metal 
objects are tied to my ground system. You 
should try to extend your radials in the di- 
rection of the preferred radiation. 


Insulators 


The top ends of the radiators contain high 
RF voltage. I use 15-inch-long Plexiglas 
strips as insulators, after having problems 
with 8-inch-long commercial plastic insula- 


6-24 Chapter 6 


c B2 BI 


Figure 8—Network for omnidirectional use. 
C and L are the same as for Figure 7. 


tors. Moisture and air pollutants caused these 
problems. The present insulators need to be 
cleaned periodically. High-quality glass in- 
sulators of the type used aboard ships should 
be excellent and, with luck, should not re- 
quire periodic cleaning. 


Receiving 


The antenna directivity enhances recep- 
tion by rejecting signals from unwanted 


directions. | was encouraged when I 
compared my 4X array to an 800-foot un- 
terminated Beverage antenna that is 
bidirectional NW and SE. In the past, the 
Beverage wire showed an 8-10 dB S/N ad- 
vantage over the tilted north vertical alone. 
During long-haul QSOs to North America, 
the 4X array, used in the phased-pair mode, 
comes within 3 dB of the S/N ratio pro- 
vided by the Beverage. 


In Conclusion 


Many European stations tell me my 
signals are as strong as local ones. On oc- 
casion they remark that I have the loudest 
signal on the band. 

It’s a pleasure to have a directional ar- 
ray on top band. I simply turn a knob to 
rotate the pattern — much faster than a mo- 
tor can rotate a typical beam antenna! The 
4X array is compact and can be supported 
by the existing HF-antenna tower. I hope 
that some of you will try this antenna, and 
I look forward to hearing from you about 
your results. 


Notes 

1m = ft x 0.3048; mm = in x 25.4; km = mi x 
1.609. 

2G. Hall, ed., The ARAL Antenna Book 
(Newington: ARAL, 1984), p. 8-12. 

3). Devoldere, 80-Meter DXing (Greenville, NH: 
Communications Technology, 1978). 





By Rod Newkirk, W9BRD 








From QST, June 1990 


The “BRD Zapper: A 
Quick, Cheap and Easy 
“ZL Special” Antenna 


Working Europe from Chicago with low 
power on 21 MHz, using an indoor, 
bent-ends W8JK bidirectional wire beam 
(Figure 1)!, is fairly straightforward fun. 
Voltage feed via a A/4 stub, gamma- 
matched to coax, is hard to beat for spartan 
simplicity. No worry about balancing ele- 
ment currents, no nit-picking with element 
lengths. Just make the whole system sym- 
metrical and dip it to your favorite fre- 
quency by adjusting the stub-shorting 
point.” The 8JK has a similar pattern and 
good gain all the way from the fundamental 
to the second harmonic, so it’s really a 
multiband antenna. You can roll the whole 
thing up in three minutes when it’s not in 
use. 

One problem: The bidirectional charac- 
teristics of the 8JK cause my ears to be flat- 
tened regularly by undesired signals from 
the direction opposite Europe. Unless 
you're in the geographical center of a three- 
way QSO, the unused lobe of this antenna 
can be a nuisance. Question: Is it feasible to 
convert easy 180° bidirectionality to tricky 
135° unidirectionality without resorting to 
clumsy center-feeding, multi-wire-dipole 
elements, balanced-gammas, etc?? 

Yes—because there’s a unidirectional 
ZL Special lurking in our little 8JK. The 
principal difference between the W8JK and 
the ZL Special lies in the phasing: In the 
8JK, the elements are fed 180° out of phase; 
in the ZL Special, they’re driven 135° out 
of phase. Therefore, instead of feeding the 
antenna near the stub’s shorting point, we'll 
need to feed it 4/16 from the stub’s shorted 
end. That’s where the feed path to one ele- 
ment is A/8 (45°) longer or shorter than the 
other, which, after the stub’s 180° phase 
reversal, produces the 135° phase shift that 
were looking for between the elements. 

You can find the proper feed point on 
the stub by “sniffing” signals of known 
origin along one side of the stub with the 
insulated center conductor of some coax 


Here’s a multipurpose directional wire antenna that 
has its origins in Kraus, Windom and Newkirk 
(who?-Ed.). 


hooked to a receiver. (Start looking for this 
point by measuring A/16 up from the bot- 


the S meter! Directivity is reversed at the 
opposite stub point (Figure 2). 


tom of the stub.) It’s refreshing to hear 
Europeans rolling in while most of the mur- 
derous rearward signals now barely budge 


So he’s in there all right, that ZL Spe- 
cial, but coaxing the wily rascal out for an 
honest day’s work is a challenge. The ZL 
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Coax to Rig 


Figure 1—W9BRD’s W8JK wire beam for 21 MHz, made to fit the dimensions of the 
townhouse bedroom that it occupies. Its dimensions aren't critical, although the element 
lengths should be close to 4/2 (total, each), the stub should be 4/4 or odd multiples, and 
the element spacing should be close to 1/8. At the bottom of the stub, connect both stub 
wires and the coax braid together, after resonating the system as outlined in Note 2. The 
12-inch tap distance and 100-pF variable capacitor constitute a gamma match that 
brings the stub impedance to 50 2. 
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Figure 2—The antenna of Figure 1 configured for unidirectional operation with 135° 
element phasing. Resonate the system as described in Note 2 and connect the coupler 
via a very short wire to one leg of the stub about 4/16 above the stub-shorting point. The 
coaxial choke is needed to eliminate feed-line radiation, which can ruin the rearward null 


that this system provides. 
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Choke (see text) 


Figure 3—Matching-network and coaxial-choke details for the ‘BRD Zapper. L consists 
of 10 turns of no. 16 wire, 1'/2 in. diameter, air core, space wound. For 100 W or less, 
broadcast-type variable capacitors are suitable. Adjust the inductor-tap point for lowest 
SWR. The coaxial choke is made of 30 turns of RG-58 wound on a ferrite rod. 


Special has a very sharp null in one direc- 
tion when the element phasing is right, but 
unbalancing the stub could cost us that null. 
Fortunately, when the system is resonant, 
the 135° tap point has a moderately high 
resistive impedance, making for easy 
matching of the antenna to 50-Q coax viaa 
T network (Figure 3). 

Pattern distortion through incidental ra- 
diation and pickup must be minimized. Ex- 
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cessive leakage would put us right back at 
the mercy of those loud signals from the 
other direction. Therefore, the coupler must 
be built in the most compact form possible, 
mounted right at the stub, and isolated to 
keep the feed line from distorting the pat- 
tern. Such isolation is done at W9BRD via 
a home-brew coaxial choke made of 30 
turns of the antenna’s RG-58 feed line 
wound on a ferrite rod just before the 


matching network. 

Because feeder radiation could upset the 
stub balance—and thus spoil the antenna’s 
rearward null—the single-wire run from the 
matching network to the antenna had better 
be no more than an inch or two. Here, I’m 
borrowing on the single-wire-feed theme by 
Windom. Any circuitry above the choke 
will be hot with RF, soa bulky meters-bells- 
and-whistles matching unit will not do. It’s 
best to use a compact, barebones, dedicated 
network. Run the stub all the way down 
from the flat top if possible. Incidentally, 
the tap point on the stub corresponding to 
the best rearward null is higher on the stub 
for element spacings wider than A/8. Sys- 
tem Q is also lower with wider spacings, 
but gain is maximum at A/8. 

As for the stub itself, TV twin lead is 
okay indoors, but close-spaced, end-fire 
elements mean high voltages and currents. 
If the stub is to be longer than a quarter 
wavelength (odd multiples only) or outside 
in the weather, low-loss, open-wire line is 
a must. You can run the stub of an outdoor 
version directly into the shack for handy 
directivity reversal. 

Though we’ ve been talking horizontal, 
this setup should be equally interesting as a 
vertical. By the way, when the elements are 
placed horizontally, one above the other, 
135° phasing accentuates radiation and re- 
ception at high angles. Neat for local traffic 
nets, Sweepstakes and Field Day! 


Notes 

'Dr John D. Kraus, W8JK, first described this 
antenna in QST in “Directional Antennas with 
Closely Spaced Elements,” QST, Jan 1938, 
pp 21-23, 37. Kraus also discussed this an- 
tenna in three articles in Radio magazine in 
1937 and 1939, and in Proceedings of the 
IRE, Feb 1940. 

The easiest way to do this is with a dip meter. 
Jab a straight pin into each leg of the stub 
near the bottom, short the pins together and 
couple the dip meter Into the system by bring- 
ing the dip motor close to the shorted pins. 
Locate resonance using the dip meter and 
measure the dip-meter frequency on your re- 
ceiver. Move the pins up or down the stub and 
repeat the process until the antenna is reso- 
nant at or near your frequency of Interest. 
When you've done this, cut the stub, strip and 
solder a short in the wires where the pins were 
located at resonance. 

course, this antenna can be center fed in 
either Its bidirectional or unidirectional 
modes. Such flat tops are describedin J. Hall, 
Ed., The ARAL Antenna Book, 15th ed, 
piewinskort: ARRL, 1988), Chapter 8, and J. 

evoldere, LowBand DXing (Newington: 
ARRL, 1987), pp 2-101 through 2-102. 





Combination Driven 


Arrays 


Broadside, end-fire and collinear ele- 
ments can readily be combined to increase 
gain and directivity, and this is in fact usu- 
ally done when more than two elements are 
used in an array. Combinations of this type 
give more gain, in a given amount of space, 
than plain arrays of the types just described. 
The combinations that can be worked out 
are almost endless, but in this section are 
described only a few of the simpler types. 

The accurate calculation of the power 
gain of a multi-element array requires a 
knowledge of the mutual impedances be- 
tween all elements, as discussed in earlier 
sections. For approximate purposes it is 
sufficient to assume that each set (collinear, 
broadside, end-fire) will have the gains as 
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Figure 1—A four-element array combining collinear broadside 
elements and parallel end-fire elements, popularly known as the 


W8UJK array. 
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Figure 3—Vertical pattern for the four-element antenna of Figure 
1 when mounted horizontally. Solid curve, height '/2 A; broken 
curve, height 1 4 above a perfect conductor. Figure 2 gives the 


horizontal pattern. 
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given earlier, and then simply add up the 
gains for the combination. This neglects the 
effects of cross-coupling between sets of 
elements. However, the array configura- 
tions are such that the mutual impedances 
from cross-coupling should be relatively 
small, particularly when the spacings are 
1/4. or more, so the estimated gain should 
be reasonably close to the actual gain. 


FOUR-ELEMENT END-FIRE AND 
COLLINEAR ARRAY 


The array shown in Figure 1 combines 
collinear in-phase elements with parallel 
out-of-phase elements to give both broad- 
side and end-fire directivity. Itis popularly 
known as a “two-section W8JK” or “two- 
section flat-top beam.” The approximate 
gain calculated as 
described above is 
6.2 dB with 1/8-A 
spacing and 5.7 dB 
with 1/4-A spacing. 
Directive patterns 


are given in Figures 2 and 3. 

The impedance between elements at the 
point where the phasing line is connected is 
of the order of several thousand ohms. The 
SWR with an unmatched line consequently 
is quite high, and this system should be con- 
structed with open-wire line (500 or 600 ©) 
if the line is to be resonant. With 1/4-A el- 
ement spacing the SWR on a 600-Q line is 
estimated to be in the vicinity of 3 or 4 to I. 

To use a matched line, a closed stub 
3/16 A long can be connected at the trans- 
mission-line junction shown in Figure 1, 
and the transmission line itself can then be 
tapped on this matching section at the point 
resulting in the lowest line SWR. This point 
can be determined by trial. 

This type of antenna can be operated on 
two bands haying a frequency ratio of 2 to 
1, if a resonant feed line is used. For ex- 
ample, if designed for 28 MHz with 1/4-A 
spacing between elements it can be oper- 
ated on 14 MHz as a simple end-fire array 
having 1/8-A spacing. 





Figure 2—E-plane pattern for the antenna shown in Figure 1. 
The elements are parallel to the 90°-270° line in this diagram. 
Less than a 1° change in half-power beamwidth results when 
the spacing is changed from ‘/a to ‘/s A. 
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Figure 4—Four-element broadside array (“lazy H”) using collinear and parallel 
elements. 








(0) 





Figure 6—Vertical pattern of the four-element broadside antenna of Figure 3, when 
mounted with the elements horizontal and the lower set '/2 A above a perfect conductor. 
“Stacked” arrays of this type give best results when the lowest elements are at least 

2 A high. The a is reduced and the wave angle raised if the lowest elements are 
close to ground. 








FOUR-ELEMENT BROADSIDE ARRAY 


The four-element array shown in Figure 
4 is commonly known as the “lazy H.” It 
consists of a set of two collinear elements 
and a set of two parallel elements, all oper- 
ated in phase to give broadside directivity. 
The gain and directivity will depend on the 
spacing, as in the case of a simple parallel- 
element broadside array. The spacing may 
be chosen between the limits shown on the 
drawing, but spacings below 3/8 A are not 
worthwhile because the gain is small. Esti- 
mated gains are as follows 


3/8-2 spacing—4.4 dB 
1/2-A spacing—S.9 dB 
5/8-A spacing—6.7 dB 
3/4-A spacing—6.6 dB 


Half-wave spacing is generally used. Di- 
rective patterns for this spacing are given 
in Figures 5 and 6. 

With 1/2-A spacing between parallel el- 
ements, the impedance at the junction of 
the phasing line and transmission line is 
resistive and is in the vicinity of 100 Q. 
With larger or smaller spacing the imped- 
ance at this junction will be reactive as well 
as resistive. Matching stubs are recom- 
mended in cases where a nonresonant line 
is to be used. They may be calculated and 
adjusted as described in Chapter 26. 

The system shown in Figure 3 may be 
used on two bands having a 2-to-1 frequency 
relationship. It should be designed for the 
higher of the two frequencies, using 3/4-A 
spacing between parallel elements. It will 
then operate on the lower frequency as a 
simple broadside array with 3/8-A spacing. 

An alternative method of feeding is 
shown in the small diagram in Figure 3. In 
this case the elements and the phasing line 
must be adjusted exactly to an electrical half 
wavelength. The impedance at the feed point 
will be resistive and of the order of 2 kQ. 


Figure 5—Free-space directive diagrams of the four-element antenna shown in Figure 4. At A is the E-plane pattern, the horizontal 
directive pattern at low wave angles when the antenna is mounted with the elements horizontal. The axis of the elements lies along 


ae 90°-270° line. At B is the free-space H-plane pattern, viewed as if one set of elements is above the other from the ends of the 
elements. 
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From QST, December 1979 (Technical Correspondence) 


More on “Half Slopers” 


The July 1979 QST article on quarter- 
wave slopers has prompted me to write you 
on the subject. I have had considerable ex- 
perience using them on 160 and 80, and I 
have tried them on 40. 

The first one I know who used this type 
antenna was W3AU. His success with the 
system on 160 caused him to recommend it 
to W7RM and me. The original configura- 
tion used more than one sloping element 
fed in parallel against the tower. It re- 
sembled a top-loaded vertical with a simu- 
lated ground system. All my results have 
supported the view that this is an omni- 
directional, vertically polarized radiating 
system, even when only one sloping ele- 
ment is used. 

All the antennas of this type I have tried 
have been at my father’s station, W6UA, 
and have been on a single tower, The tower 
is 82 feet (25 m) high, approximately 1'/2 
feet (0.45 m) in uniform triangular cross 
section, and has a single set of guys at the 
70-foot (21.3-m) level. The guys are 
broken with insulators at about 20-foot in- 
tervals, and the top section of each guy is 
electrically connected to the tower. The 
base has whatever insulation the concrete 
provides and there arc 10-, 15- and 20-meter 
Yagis on top of the tower. (This is an AB105 
tower, the same as is used by W3AU and 
W7RM.) 

The first antenna of the type in question 
was tried on 80 meters. It was attached at 
the 60-ft level, so that top-loading effects 
of the guys, as well as the rotaries, were 
probably effective. The attached wire came 
off at 30° to vertical and was trimmed for 
minimum VSWR. The resultant length was 
within 2 feet of the formula length, and the 
antenna then had a VSWR less than 1.5 
from 3.5 to 4.0 MHz. It worked well on 
transmit but was extremely noisy on re- 
ceive. The original wire sloped east, so I 
put up an identical system, attached to the 
same tower level, sloping west. Electrical 
characteristics were nearly identical, and 
no directivity difference between the 
two could be detected either on transmit or 
receive. 

This is logical considering how little of 
the antenna current in the sloping wire has 
any horizontal component, other antenna 
systems used on 80 at W6UA have been 


dipoles, inverted Vs, and a delta loop. The 
quartcr-wave sloper is better than any of the 
others for transmitting, but it is poor on re- 
ceiving. I have taken down all but the two 
slopers. They are used for transmitting and 
receiving, with frequent use of a 40-meter 
collinear antenna on receiving weak signals. 

Talso tried this system on 40, with a wire 
attached to the tower at 30 feet, coming off at 
30°. Perhaps because there was so much 
tower electrically above the attachment point 
— at least half a wavelength — this one was 
much harder to tune. The wire length, which 
was very critical, was some feet shorter than 
expected, and the VSWR behavior across the 
band less benign. Not much time was spent 
on this particular antenna because it seemed 
no better than a A/2 vertical. Both worked 
well, but neither was the equal of the col- 
linear types available. 

The most recent quarter-wave sloper 
system I have used has been on 160 meters. 
My first attempt was a single sloping ele- 


Insulator 


Two Wires, Each  --— 


130' Long ~~~ 


80’ of 300-20 
Twin Lead 


ment from the 75-foot level. This places 
whatever contribution there is from the top 
guy sections below the point of attachment. 
I couldn’t get this antenna to match by al- 
tering the length of the sloping wire, even 
while making rather severe adjustments. 
There did seem to be some promise for the 
system, so the next season | used two slop- 
ing elements of about the “correct” length 
and fed the arrangement with a matching 
network at the bottom of the tower, with 
300-ohm twin-lead going up the tower 
(Figure 1). This was the best antenna I have 
used on 160 at W6UA. Previously I had 
used an inverted V, a center-fed 80-meter 
dipole at 90 feet and a A/2 inverted L. Since 
the wires must come off the tower at about 
45-50° to vertical, the rationale of using 
two wires instead of one was to attempt to 
cancel the horizontal current component. 
As a matter of curiosity I tried adding a 
third wire and could find no change in set- 
ting of the matching components or in the 
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Figure 1—Illustration of the arrangement used at W6UM for a 160-meter half sloper. 
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overall effectiveness. Using some rough 
estimates of component values required for 
matching, length of feed line, etc., I calcu- 
late the feed impedance of the antenna it- 
self to be approximately 100-7300 ohms. 
My estimate of how well this antenna 
performs must be tempered by the realiza- 
tion that conditions during the past two 
years have been much worse than the pe- 
riod before. During the 160-meter contests, 
openings to W1, W2 and W3 have been 
marginal. I have worked nothing with this 
antenna I hadn’t worked before, but the 
impression remains that the antenna is bet- 
ter than those used earlier. It has done a 
consistent job into the Caribbean, SA, Pa- 





cific and Japan, as well as across the USA. 
Receiving remains a problem because of 
the noise. I have taken down the 160-meter 
version of this antenna. If I put it up again 
I will definitely install some auxiliary re- 
ceiving antennas. 

The net result seems to be that this is an 
effective antenna. Getting a good match di- 
rectly into coax appears easier if the sloping 
wire is more nearly vertical and if there is not 
too much loading above the attachment point. 
The system should be more efficient, up to a 
point, as there is more vertical structure above 
the feed point. There is no compelling reason 
to insist upon using a resonant configuration. 
The next attempt I make on 160 might well be 
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with the existing 80-meter system, fed at 60 
feet and with 80-meter sloping elements, but 
using a transmission line and matching net- 
work at the bottom of the tower as before. 

Given that the antenna does work, the 
areas I fee] need further investigation are 
better characterization and description of it 
for different parameters, e.g., measurement 
of the feed impedance as a function of fre- 
quency for different sloper attachment 
points, lengths, angles and conditions of 
top loading. I would also like to see the cur- 
rent flow on all of the structure mapped via 
a probe. If some of the results are forthcom- 
ing I hope to see them in an early issue of 
QST. — Charles Weir Jr.. W6UM 


Half-Sloper Variation For 


160 M 


I read the July QST article by WICF 
with great interest. I enjoyed it very much 
and learned something. 

A few days ago I was looking at my 80- 
meter sloper and it occurred to me that by 
using a loading coil and some more wire it 
would work on 160. So I took a 4-inch diam- 
eter coil of 10 turns of no. 10 wire out of the 
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junk box, attached the coil to the far end of the 
half sloper, added about 30 feet of wire and 
ran the wire to the corner of my garage. The 
noise bridge indicated it was too short, so I 
added another 10 feet. Presto! Resonance at 
1830 kHz with an SWR of 1.1:1. 

I think that by using a larger (higher 
inductance) loading coil, the added wire 
could be shortened considerably without 


seriously affecting the 2-to-1 SWR points 
on the curve. 

I have not made too many contacts on 
160 yet, as there is very little activity this 
early in the season around here. I have had 
several contacts though, always getting at 
least as good a report as I have given. 
—Philip True, W7AQB. 





By Gary E. Myers, K9CZB From QST, June 1980 


A Two-Band Half-Sloper 


Antenna 


The popularity of the half-sloper an- 
tenna seems to be increasing, as evidenced 
by recent articles in QST.'*? This type of 
antenna has some worthwhile advantages, 
particularly for the lower frequency opera- 
tor — low-angle radiation for antennas of 
modest height, compactness and simplicity 
of construction. On the minus side, narrow 
bandwidths and difficulties in resonating 
the system have been reported.’ 

The antenna system to be described here 
evolved from a simple-minded attempt to 
design a two-band half sloper for 80- and 
40-meter operation. A trap-type of antenna 
was selected as the design basis because of 
previous experience with trap antennas and 
because the inductive loading of the trap on 
the lower-frequency band allows a 
somewhat shorter overall length. The same 
inductive loading, however, was also ex- 
pected to increase the antenna Q and 
thereby further decrease the bandwidth. For 
this reason I was prepared to experiment. 

It is well that I was so prepared because 
the final form of the antenna bears little 
resemblance to the initial concept. But most 
interesting — and exciting — is the impres- 
sive bandwidth on 80 meters, 


The Design 


A diagram of the two-band half-sloper 
antenna system is shown in Figure 1. It can 
be seen that there is no obvious quarterwave 
dimension in the entire system. In fact, the 
radiator itself is a nonresonant device. 

Initial attempts to prune the wires to 
resonance resulted only in a mound of wire 
clippings and one frustrated amateur. After 
many hours of cut-and-try experimenta- 
tion, accompanied by a growing, gut-level 
appreciation for what apparently was hap- 
pening, the magic combination of wire 
lengths and trap component values was 
found. Impedances of 40 —/80 ohms at 7.2 
MHz and 60 —j40 ohms at 3.6 MHz were 
measured with a noise bridge. It was thena 
simple matter to cancel out these capacitive 
reactances with an inductor. 

For convenience, the inductor was 


When an off-the-wall empirical design like this works 
well, suspicion and skepticism are warranted. Maybe 
you'll agree that this sloper idea is an exception! 


placed in the transmission line, rather than 
at the feed point — final “tweaking” of the 
system is more easily performed on the 
ground than at 40 feet (12.2 m) in the air. A 
Smith Chart exercise shows that the SWR 
on the transmission line between the feed 
point and inductor L is 5:1 at 7.2 MHz and 
2:1 at 3.6 MHz. When RG-8/U is used, the 
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Figure 1—The two-band half sloper. To 
shield the transmission line from the 
antenna field, the line is routed up the 
inside of the support mast, which is 
grounded. Inductor L is needed to 
resonate the system. 


additional loss incurred because of these 
SWR:s is less than 0.5 dB at 7.2 MHz and is 
almost nonexistent at 3.6 MHz. 


Performance 


This antenna performs very well. Op- 
eration at K9CZB is primarily 80-meter cw, 
with some 40-meter ssb. Power output is 
nominally 100 watts. Signal reports on 80 
have been uniformly good, with comments 
such as U R LOUDEST 9 ON BAND AND VY 
FB SIG, VY STRONG. Voice operation on 40 
has also resulted in good signal reports, 
although the praise has not been so lavish. 
This is my only 80/40-meter antenna, so 
direct comparisons were not possible. 
However, it appears to greatly outperform 
two previous antennas, a 160-foot end-fed 
wire and a trap dipole, both strung 30 feet 
above ground. All in all, it is about what I 
expected from a half sloper. 

This kind of performance is nice, but 
nothing to write an article about, since that 
has already been done. The real perfor- 
mance story about this antenna can be 
summed up in one word: bandwidth. A 
glance at the SWR curves in Figure 2 will 
open the eyes of any 80-meter operator. As 
far as I know, this is unheard-of bandwidth 
for such a simple and compact antenna. Itis 
a real treat to QSY 400 kHz And see the 
SWR meter needle barely move. This isn’t 
alow-Qantenna— it’s ano-Q antenna! The 
bandwidth on 40 is far less impressive and 
is, in fact, similar to what has been reported 
previously for half slopers. 


Construction 


During experiments with prototypes of 
this antenna, I noticed some sensitivity to 
feed-line placement and length. Therefore, 
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Figure 2—Loading characteristics of the antenna. The SWR curves were determined from a Smith Chart. Impedance values were 


measured with a noise bridge. 


in later versions I ran the feed line up the 
inside of the support mast to shield it from 
the antenna field. This precaution seems to 
be effective, for no such sensitivity has 
been observed since. (J can’t help but won- 
der if this might improve the behavior of 
any cantankerous half sloper.) If a nonme- 
tallic support is used, or if there is no pos- 
sibility of placing the feed line inside the 
support, double-shielded coaxial cable 
should serve equally well, provided the 
outer braid is connected to the inner braid 
at the top of the tower and a ground is con- 
nected to the outer braid at the bottom of 
the tower. 

I used standard 10-foot TV mast sec- 
tions for my support, simply because they 
were on hand. This results in a very flimsy 
and flexible mast in a 40-foot length, 
though. The first 20 feet must be doubled 
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up with long U-bolts if the mast is to be 
walked up. The price of six sections of TV 
mast is about the same as a 36-foot tele- 
scoping push-up mast, but the latteris much 
sturdier and far easier to erect. If support 
materials are not already on hand, the tele- 
scoping mast is the better choice. I should 
mention that I took the trouble to bond all 
sections of mast together electrically to 
ensure good conductivity and to guard 
against TVI from rectification at joints af- 
ter inevitable corrosion sets in. The base of 
the mast should be grounded. Effects from 
the guy wires can largely be avoided by 
breaking them into nonresonant lengths 
with strain insulators placed at the mast and 
every 19 feet thereafter. 

The inductance and capacitance values 
shown in Figure 1 must be used for the trap. 
Construction techniques for the trap are 


covered in The ARRL Antenna Book. A 
novel and inexpensive method of trap con- 
struction has been described by 
WB9O0QM.> I built my trap using the 
method shown in Figure 3. Traps made in 
this fashion are much stronger than they ap- 
pear. I’ ve never had one break, even in high 
winds that caused property damage. In this 
antenna, however, the radiator also serves 
as one of the top guys. For that reason the 
trap was reinforced. Two 3/16-inch thick 
pieces of plastic were used with three lay- 
ers of glass cloth and epoxy sandwiched 
between them. A rotary wire brush serves 
well to rough up the inner surfaces of the 
plastic to ensure good adhesion. However, 
one may use coarse sandpaper for that pur- 
pose. Glass cloth and epoxy are sold as a 
repair kit in many hardware stores. 
Before the antenna wires are connected, 
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the trap must be tuned to resonance. A dip 
meter or noise bridge can be used to mea- 
sure the resonant frequency. Start with 
about 30 inches of RG-8/U for the coaxial 
capacitor. After connecting it to the coil, as 
shown, 26 or 27 inches of braid will re- 
main. At this point, the resonant frequency 
should be below 7.0 MHz. Trim the braid 
at the far end, a little at a time, snipping off 
the center conductor as you go. Recheck 
the resonant frequency each time. As 7.2 
MHz is approached, continue trimming the 
braid, but stop cutting the center conduc- 
tor. To increase the leakage path, the poly- 
ethylene dielectric should extend beyond 
the braid 1/8 to 3/16 inch (3.2 to 4.8 mm) 
when the trap is resonated at 7.2 MHz. Very 
close to 24 inches of braid should remain at 
completion. Tightly tape this end with sev- 
eral layers of plastic electrical tape. 

The component values for this trap are 
exactly the same as those used in the 
W3DZZ trap dipole,* so there are several 
commercially made traps that may be suit- 
able for this antenna. Traps made for a five- 
band, two-trap dipole, 108 feet long should 
have the proper values of capacitance and 
inductance. 

In any antenna system, the radiator feed 
point impedance repeats itself every half 
wavelength along the transmission line. 
Inductor L must be inserted in the trans- 
mission line at a half-wave point in order to 
exactly cancel the capacitive reactance of 
this antenna system, Itis, of course, advan- 
tageous to place L as close to the feed point 
as possible in order to minimize losses. A 
half wavelength at the lower frequency is 
as close as you can get without going to the 
feed point itself. The 90.2-foot length of 
RG-8/U shown in Figure | is an electrical 
half wavelength at 3.6 MHz for solid poly- 
ethylene dielectric coaxial cable only. If 
cable having a velocity factor other than 
0.66 (e,g., foam-dielectric coaxial cable) is 


Cement coil to plastic block 


Figure 3—A simple, sturdy trap. The coaxial capacitor should be taped to the antenna 
wire after installation. It is not necessary to enclose the trap. 


2-1/4 x3 x 3/8 in. 
Lucite or Plexiglas 


60—pF Coaxial Copacitor 
(see text) 


Twist braid and insert 
through this hole; connect 
to coil on other side 
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used, this length will have to be recalcu- 
lated from the equation 


£ = 492 V/3.6 feet 
(Feet x 0.305 = m) 


In this equation, V is the velocity factor of 
the cable to be used. Only RG-8/U ora simi- 
lar type such as RG-213/U should be em- 
ployed for this section of the transmission 
line in order to keep the losses low. If you 
don’t mind a dB or so of loss on 40 meters, 
RG-58/U is acceptable. The loss on 80 
meters will be negligible in any case. 

The value of inductor L should be 1.75 
tH, but I recommend that a coil having 
about 3-H inductance be used to allow 
some latitude for final tune-up of the sys- 
tem. I mounted 12 turns of a no. 3018 
Miniductor (1'/s inch in diameter, 8 turns 
per inch) in a small Minibox with SO-239 
coaxial connectors placed at each end. Af- 
ter tapping the coil for the best SWR curve 
on 40 meters, the entire assembly was 
sealed and waterproofed with bathtub 
caulk. 


Tune-up 


As seems to be characteristic of half 
slopers, this antenna can be very touchy to 
tune up. If the length of transmission line 
between the radiator and L is not an exact 
integral multiple of a half wavelength at 
3.6 MHz, tune-up can be a real “can of 
worms.” Since the oft-quoted value of 0.66 
for the velocity factor of standard RG-8/U 
is only a nominal value and can vary appre- 
ciably from brand to brand (in cheap cable 
from lot to lot), this length should be deter- 
mined with a noise bridge. 

If a noise bridge is not available, the 
following procedure may be tried. Cut this 
section of cable about 6 feet shorter than 
the calculated length. Prepare a section of 
RG-58/U, 12 feet long, with solderless con- 


Figure 4—SWR curve for 40 meters, 
showing the effect of tapping L and 
adjusting feed-line length between L and 
the transmitter to obtain the best SWR 
curve. Such adjustments have little effect 
on 80-meter characteristics. 


nectors on each end. Connect it to both the 
shortened feed line, using a PL-258 double 
female connector, and to L. Tap L to obtain 
the best combination of SWRs at 3.6 and 
7.2 MHz. Record the SWR figures and tap 
position. 

Now shorten the RG-58/U by 6 inches 
and repeat — and repeat — until you are 
certain you have passed through the point 
where the SWR values simultaneously bot- 
tom out at both frequencies. Prepare a 
length of RG-58/U (from the same lot) ex- 
actly as long as the best experimental 
length, using permanent coaxial connec- 
tors. Seal and waterproof all connections. 
RG-58/U is recommended for relative ease 
of pruning. If you don’t mind unsoldering a 
PL-259 each time, RG-8 could be used. 
However, the additional loss from such a 
short section of RG-58/U will be infinitesi- 
mal at these frequencies. 

This procedure is obviously tedious, but 
it is necessary to obtain good performance 
on 40 if a noise bridge is not available.® In 
fact, some adjustment of this section of 
transmission line may be necessary even if 
a noise bridge is used to measure the elec- 
trical length to obtain optimum two-band 
performance. The exact half wavelength 
should always be used as a starting point, in 
any case. 

Strangely enough, the above procedures 
are necessary only to optimize 40-meter 
performance. My experience has been that 
merely cutting the half-wavelength section 
of transmission line to the calculated 
length, then tapping L to obtain the best 
SWR at 3.6 MHz, is sufficient to obtain a 
ratio of 2:1 or less over the entire 80/75- 
meter band. So tune for 40, and 80 should 
take care of itself. 

Once the antenna system has been reso- 
nated, it may pay to experiment with the 
value of L and the length of transmission 
line between L and the transmitter. Chang- 
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ing these values will change the shape of 
the 40-meter SWR curve somewhat. By so 
experimenting, you may be able to tailor 
the shape of the 40-meter SWR curve to 
your operating preference. Don’t expect 
miracles, though, for the range of adjust- 
ment seems to be small. Figure 4 illustrates 
the results of such an effort. These adjust- 
ments will have very little effect on 
80-meter bandwidth within the range of 
acceptable SWR on 40 meters. 


Further Thoughts 


The first prototype was constructed 
close to my house, and I was therefore con- 
cerned that the performance might not be 
reproducible. The next prototype was 
erected in a far corner of my yard, over 100 
feet from the house and even further from 
any other structures or conductors. The fi- 
nal version was similarly located. Except 
for final tune-up parameters, all three be- 
haved almost identically, even though a 
number of physical changes was made each 
time. As a final test of the soundness of the 
design, I built scaled versions for 40/20 and 
20/10 meters. They exhibited very similar 
characteristics, although all parameters of 
the system seem to become very critical as 
the design frequency is increased. 
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The first two 80/40-meter systems were 
built using a 30-foot mast, yet their behav- 
ior was not markedly different from the fi- 
nal version with a 40-foot mast. Since the 
mast is an electrical part of the system, and 
since proximity to ground must play some 
role in the performance of the antenna, 
other heights, and supports that have beams 
attached, may yield different results. 

The reactance of the trap at 3.6 MHz is 
245 ohms. Therefore, there is a possibility 
of constructing an 80-meter-only version 
of this antenna by using a 10.8-\1H induc- 
tor in place of the trap. This has not been 
tried, however. 

Scaling up to 160/80 meters is an attrac- 
tive possibility. Conceivably, a mast height 
as low as 50 feet could be used. A starting 
point would be the doubling of all wire 
lengths, and using a 16.4-u:H coil with a 
120-pF capacitor for the trap to preserve 
the 245-ohms reactance at 1.8 MHz. 

There also seems to be a possibility that 
a slight increase in trap capacitor value, to 
resonate the tap at 7.1 or 7.15 MHz, might 
allow better coverage of 40 cw, but prob- 
ably at the expense of the phone portion of 
the band. Such a change might have little 
effect on 80-meter bandwidth, but another 
round of cut-and-try could prove necessary. 





Conclusions 

At this point, this is still an experimen- 
tal design. Further development may 
eventually allow a cut-to-formula type of 
construction, but until that happens, be pre- 
pared to experiment. The dimensions given 
in Figure 1 will put you in the ball park and 
should yield immediate results on 80. 

The convenience of Transmatchless 
operation overall of 80/75, plus a reason- 
able portion of 40, coupled with an excel- 
lent radiated signal, is ample repayment 
even for many hours of cutting and trying. 
Once tuned up, this antenna is very well 
behaved and enjoyable to use. I would like 
to hear from others who construct antennas 
based on this design. 


Notes 
‘Hopps, + tial DX Antenna,” QST, March 
, Pp 
2atchley, “Putting the Quarter-Wave ee to 
Work on 160," QST, July 1979, p. 1 
°DeMaw, “Additional Notes on the Half Sloper,” 
QST, July 1979, p. 20. 
aThe ARRL Antenna Book, 13th edition, 1974. 
SMathison, “Inexpensive Traps for Wire Anten- 
nas,” QST, Fe ruary 19 
§[Editor’s Note: A third alternative is to use a di 
meter to determine an exact half waveleng 
of line. See Downs, “Measuring Transmis- 
sion-Line Velocity Factor,” QST, June 1979.) 








By Deane J. Yungling, KI60 From QST, April 1986 


The KI60 160-Meter 
Linear-Loaded Sloper 


No room for a top-band antenna? Try this one on for size! 


After having good success using my linear- 
loaded, inverted-L antenna over the winter 
1984-85 160-meter season, I decided to try 
linear loading on a different type of 160-meter 
wire antenna, ' I have had considerable success 
with a quarter-wave sloper on 80 meters, but 
my city-sized lot isn’t deep enough to accom- 
modate a full-sized sloper for the 160-meter 
band. About 120 feet would be required for the 
sloper to be 10 feet off the ground at the low 
end; I have about half that distance to work 
with. Linear loading solved the problem. 

This antenna provides an effective band- 
width of about 70 kHz with an SWR of 2:1 or 
less. At the design frequency of 1.840 MHz, 
SWR is 1.1:1 with 50-ohm feed line and no 
matching network or tuner. 

Although the individual dimensions are 
not critical, the sloping wire and the ladder 
line must resonate at the desired frequency. If 
the sloping wire is less than 65 feet long, the 
ladder must be longer, and vice versa, If you 
use a different length for the sloping wire, 
you will need to experiment a bit to see how 
much to add or remove from the ladder 
length. 


Construction 


My sloper is hooked onto the tower at 
about the 55-ft level using a strain insulator 
(see Figure 1). The coaxial-cable feed fine is 
securely taped to one tower leg, and the shield 
is connected to the tower leg with a radiator 
hose clamp. The tower is grounded at the base 
with several ground rods. The center conduc- 
tor of the coaxial cable is soldered to the sloper 
at the strain insulator and is taped for weather 
protection where the center conductor and 
shield separate. 

The ladder portion of the antenna is made 
with the same type of wire as the sloping por- 
tion. The ladder spacers are made of 3/8-inch 
hardwood dowels that have small holes drilled 
1 inch from each end to hold the wires. The 
dowels should be soaked or sprayed with a 
wood preservative, prior to assembly, for 
weather protection. Plastic spreaders could 
also be used, if desired. The wires are firmly 
tied to the dowels with waxed lacing twine or 
similar material where the wires pass through 


'ID.J. Yungling, "The KIGO Top-Linear-Loaded 
160 Meter Inverted ‘L' Antenna,” CQ, Apr 
1985, pp 38-39. 


the holes. The dowel spacing can be adjusted, 
with some difficulty, after the dowels are tied. 
One end of the ladder is tied to the tower with 
heavy monofilament fishing line, with the other 
end tied to a tree or whatever else is handy. The 
tie-off lines are fanned vertically to keep the lad- 
der from twisting and should be tensioned enough 
to eliminate any sagging in the ladder. Monofila- 
ment fishing fine provides some cushioning if the 
supporting tree sways or if the wind is strong. 


Adjustment 


Initially, the ladder should be a few fect 
longer than shown, to allow for adjustment. 
The resonant frequency should be checked, 
and a few inches removed at a time from the 


Slight Directivity 
«4 


Electrical 
Small Connection 


Loops 


No Electrical 
Connection 


Monofilament 
Fishing Line 


No, 14 to 18 AWG 
Insulated, Stranded 
Wire 


tower end of the ladder until the desired fre- 
quency is achieved. At this point, the wires 
should be soldered together and then taped to 
the end dowel. It appears that there must be an 
BF beam, or something similar, on the tower 
for any quarter-wave sloper to work properly. 
This sloper is no different in this respect. Fi- 
nally, the antenna, particularly the sloping 
section, should be kept as far as possible from 
surrounding guy wires and other objects. 

This antenna requires no ground system, 
balun or matching network over its opera- 
tional bandwidth. The linear-loaded sloper is 
simple to construct and easy to adjust, and its 
performance is superior to my linear-loaded, 
inverted L. 


Connect Shield to 
Strain Tower Leg with 


seat Clamp 


Coax Taped 
to Tower Leg 





Solder and Tape 
to Dowel 


Monofilarnent 
Fishing Line 


<_— 
SO-— Coax to Radio 


All Dimensions Approximate 





Figure 1—Construction details for the KI6O 160-meter linear-loaded sloper. 
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By Roger Sparks, W7WKB From QST, December 1995 


The Super Sloper 


You can imagine my surprise when 
ELNEC' revealed that a parasitic element 
can be combined with a long wire to form 
a whole family of directional antennas. 
There on my screen, I was looking at useful 
combinations not found in that bible of 
antennas, The ARRL Antenna Book. | had 
been exploring combinations of full-wave 
parasitic elements with wire arrays. How 
far off center can I slide a parasitic element, 
I wondered? “A lot,” was the answer com- 
ing from ELNEC [and confirmed by 
EZNEC—Ed.}. As 1 offset a closely spaced 
(0.015 to 0.046 2) parasitic element by 1/8 
to 5/8 i, a whole family of antennas ap- 
peared (see Figure 1). 

I call the configuration a Super Sloper 
because the pattern resembles that of the 
well-known sloper, but it is greatly en- 
hanced (see Figure 2). Super Slopers pro- 
vide gain in the direction from the tall to the 
short pole. The amount of gain depends on 
antenna length, or more exactly, on the num- 
ber of half wavelengths in each element. 

Like slopers, Super Slopers require two 
supports, one tall and another shorter. At 
my station, and in this article, | considered 
only nonconductive supports. Other build- 
ers can explore the possibilities of Super 
Slopers suspended from metal towers, Su- 
per Slopers are very inexpensive to build 
(if you already have suitable supports). 
They require only wire and a few feet of 
PVC pipe. 

Unlike slopers, Super Slopers have high 
feedpoint impedances. A matching net- 
work is required when feeding a Super 
Sloper with a 50-Q line. The result is a 
broadband, low-Q antenna (Figure 3). 
Don’t think of this as just one antenna, but 
rather a whole family of antennas, one for 
each half wavelength of added length. 


Technical Concepts 

If you just want to build an antenna, skip 
ahead to the Practical Antennas discussion. 
Those with a technical inclination can con- 
tinue here, and they may even want to take 
a look at the discussion of long-wire anten- 
nas in The ARRL Antenna Book. 

An antenna is called a long wire if it is 
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Dramatically improve the front-to-back of a sloper. 





Table 1 
Spacing and Phase Angle for 
Various Antenna Lengths 


At the spacings listed, the current in the 
resonant parasitic element is equal to 
driven-element current 10%. (Derived 
from ELNEC, under free-space conditions, 
0.25-1 offset, at 7.1 MHz.) 








Phase 
Antenna Length Spacing Angle 
(A) (a) (degrees) 
0.5 0.046 -156 
1.0 0.030 -147 
1.5 0.023 —144 
2.0 0.018 —142 
2.5 0.015 -142 
3.0 0.015 —144 
Table 2 
Impedance and SWR versus 
Frequency (Figure 5) 
Frequency SWR Impedance 
(MHz) (200-2) 
14.0 1.54 293 + j48 
14.4 1.25 248 + 13 
14.2 1.16 172+) 
14.3 1.75 127 + 54 
14.4 2.61 107 + fi13 





1/4 Offset Shown 
| Feedpoint 


1 ow 


Nonconductive 
Pole 
=0.02 to 0.04 








one wavelength or longer. The radiation 
pattern can be described as the surfaces of 
two opposed cones that are coaxial with the 
wire and have their apexes meeting at the 
feed-point. The apex angle becomes 
smaller and the lobes grow stronger as an- 
tenna length increases. An azimuth plot of 
radiation pattern for single long-wire an- 
tennas over ground shows four principal 
lobes at low radiation angles. There are two 
principal lobes, in one direction, when the 
antenna is terminated in a matched, resis- 
tive load. 

ELNEC shows that a parasitic element 
added to a single long-wire antenna creates a 
unidirectional radiation pattern similar to that 
created by a resistive termination. Energy 
eliminated from the back goes into useful 
forward gain. The parasitic element can be 
tuned as either a director or a reflector. 

Experience with Yagis (and many other 
applications of parasitic elements) led me to 
believe that all parasitic elements must be 
nearly a half wavelength long and located 
within the span of the driven element. That 
concept is completely incorrect. Parasitic el- 
ements can be any resonant length and offset 
from the driven element, as long as there is 
adequate coupling between the elements. 

Here’s how Super Slopers produce 
front-to-back ratio (F/B) and gain. The best 


Maximum 
Radiation 
ve 


Parasitic Element 


Tilt Angle | = 


Driven 
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Figure 1—Drawing of a Super-Sloper antenna showing nomenclature. This is a 3-2/2 


model, See Figure 7 for construction details. 
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Freq = 7.2 MHz 
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Outer Ring = 7.52 dBi 
Max Gain = 7.52 dBi 
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2-/2 Super Sioper 270 
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Figure 2—Azimuth (A) and elevation (B) plots for a 45° sloper, 
2-A/2 (0.25-A offset, spaced 0.04 A, low end 0.119 2 above 
ground) and 62/2 (0.25-A offset, spaced 0.015 A, low end at 
0.066 4 above ground) Super Slopers. The high end of each is 


4/2 high. 


F/B results from a 180° phase shift between 
the currents in the driven and parasitic 
wires, as seen from a distant location where 
a pattern null is desired. A phase difference 
of 180° means that the signals completely 
cancel each other, if each element delivers 


Elevation Angle= 15.0 deg 


Azimuth Angle=0 deg 


Azimuth Plot 


6-2/2 Super Sloper 


Outer Ring = 6.40 dBi 
Max Gain = 6.40 dBi 


Freq = 14.25 MHz 


Elevation Plot 


Max Gain = 10.30 dBi 


Outer Ring = 10.30 dBi 


Elevation Plot 
Azimuth Angle =0 deg 


Azimuth Plot 
Elevation Angle = 10.0 deg 


240 


Elevation Plot 
Azimuth Angle = 40.0 deg 





Figure 4—Patterns of a 3-4/2 antenna with 0.36-A offset and 


spaced 0.04-A oriented flat at ‘/2 7 vs sloping from ‘/z A to 0.045 i. 
A shows the elevation patterns at 0°; B shows the azimuth 
patterns; C shows elevation plots at azimuth=40°. 


equal signal strength. A phase shift of 90° is 
possible with a 1/4-A offset, and the remain- 
ing 90° phase shift can come from the tuning 
(length) of the parasitic element. If the fields 
cancel in one direction, they will reinforce 








Figure 3—A plot of impedance and SWR versus frequency for the 2-4/2 antenna 


described in Table 6, placed as described in Figure 6. The data source is NEC/WIRES 
1.5 (see Note 3). 


in some other direction, to produce gain. 

By increasing the phase angle of the cur- 
rent in the parasitic element, the angle of 
maximum cancellation can be moved. This 
is particularly useful in Super Slopers be- 
cause the principal lobes of long wires lie 
at some small angle to the direction of the 
wire. From Table 1, notice that the current 
in a resonant parasitic element has about 
—144° to —156° phasing, which is about 
right for correct reverse-lobe canceling. 

If we want each element to deliver equal 
signal strengths to a distant location, nearly 
equal currents must flow in both the driven 
and parasitic elements: The coupling be- 
tween elements must be very close. Table | 
suggests the approximate spacings for 
currents to be equal within 10%. (The an- 
tenna also has gain at closer spacings 
because gain is affected less by unequal 
currents than is F/B.) 
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Designing a Super Sloper 

When placed near (and parallel to) the 
ground, Super Slopers show twin-lobed 
azimuth patterns with a null, often 10 dB or 
greater, on the axis of the wire. This center 
null can be filled by tilting the wire, with 


the low end in the direction of the null. 
Figure 4 shows the effects of tilting. 
When the antenna is tilted, the end of the 
parasitic element can become closer to the 
ground than that of the driven element. 
When considered as two separate antennas 


Element Spacing versus Phase Angle, Relative Current, Impedance, Gain 


Derived from ELNEC free-space model, 14.2 MHz, 2-A/2 elements, offset 0.25 4 


Table 3 
and Lobe Angle 

Phase Impedance 
Spacing Angle Relative of Driven 
(i) (degrees) Current Element 
0.01 —136 1.62 205 — j230 
0.02 —141 1.29 128 — fi38 
0.03 —144 Lede 103 — j94 
0.04 -149 0.97 80 - j59 
Table 4 


Lobe 
Gain Angle 
(dBi) (degrees) 
4.98 48 
5.54 48 
5.78 48 
6.1 48 


Offset versus Phase Angle, Relative Current, Impedance, 


Gain and Lobe Angle 


Derived from ELNEC, free-space model, 14.2 MHz, 2-4/2 elements, spaced 0.02 A. 
Notice how little gain changes with different offsets. 


Phase Impedance 

Offset Angle Relative of Driven 
(A) (degrees) Current Element 
0.1 -167 1.08 19 -/54 
0.15 -157 1.18 48-101 
0.2 —148 1.26 89 — 135 
0.25 -141 1.29 128 — /138 
0.3 -139 1.16 134 - f111 
0.35 -138 0.963 123-70 
0.4 —134 0.71 108 — 14 
Pattern Reversal Begins 

0.5 -26 0.25 83 + j46 
0.6 39 1.31 126 — 7 
0.7 43 1.71 192 — j180 


Freq = 14.25 MHz 14.2 MHz 
14.0 MHz 


14.1 MHz 





Outer Ring = 6.000 dBj 
Max Gain = 5.695 dBi 





Figure 5—A radiation pattern over a range from 14.0 to 14.4 
MHz. The pattern is that of a 3-2/2 antenna with 0.36 A offset, 
with the ends at '/2 A and 0.045 A. See Table 2 for the SWR 


tabulation. 
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Elevation Angle = 15.0 deg 


Lobe 

Gain Angle 
(dBi) (degrees) 
5.7 48 
5.67 48 
5.6 48 
5.57 48 
5.6 48 
5.58 48 
5.4 48 
3.0 54 
5.2 61 
4.0 64 


Freq = 7.2 MHz 


7,0MHz 
7.1 MHz 





at different heights, the driven and parasitic 
elements will not have the same patterns. 
This reduces performance, but locating the 
parasitic element so that its end height 
equals that of the driven element can solve 
the problem. That is, increase the spacing 
to place the parasitic element end above that 
of the driven element. Models give this 
design | to 2-dB gain advantage over more 
closely spaced antennas, but construction 
is a greater mechanical challenge. 
The driven element is fed at a current 
antinode, 1/4 4 from an end. The antennas 
can be made to exhibit a wide range of feed 
resistances: 20 to 300 Q, or more (see 
Tables 2, 3 and 4). High resistances and 
wide offsets combine to produce low SWR 
and useful gain over an unusually great 
bandwidth (Table 2). I’ve used 1/4-A 
matching lines (using RG-62, a 93-Q line), 
4:1 baluns and ladder lines to successfully 
match the antenna at high impedances. 
You can vary the antenna length (gain 
increases with length), height, offset, phas- 
ing and spacing as needed, These many 
variables would be difficult to work with if 
each were a critical adjustment, but fortu- 
nately, they are not critical. Tables 1, 3, 4 
and 5 show the tolerant design features of 
these antennas. From these tables, we can 
observe several trends: 
¢ Current balance greatly affects F/B, with 
less effect on gain. 

* Phase angles change very slowly with 
antenna length. 

* Gain changes very little with changes of 
current and phasing. 

* Gain varies by a little over 1 dB with a 
spacing increase from 0.01 to 0.04 A. 

* Gain is nearly constant with offsets mov- 
ing from 0.1 to 0.4 A. 
Good F/B is easy to achieve, even 


Ti 





Azimuth Plot 


Outer Ring = 6.000 dBi 
Mox Gain = 5.572 dBi 


Azimuth Plot 
Elevation Angle = 15.0 deg 





Figure 6—Pattern plots over a frequency range from 7.0 to 
7.3 MHz. The antenna is 2-A/2, with 0.25-A offset and 0.04-A 
spacing. The driven element is 1.02-A long; the director is 0.98-A 


long. See Figure 3 for an SWR curve. 


though the antenna is designed for best gain 
or easy construction. Improved F/B ratios 
and reverse-oriented patterns are possible 
from designs optimized at specific frequen- 
cies. Computer modeling is the best way to 
optimize reverse patterns. Figures 5 and 6 
show some possible patterns and how the 
patterns vary with frequency. Table 2 and 





Figure 3 show predicted SWR. 


Practical Antennas 

Table 6 describes Super Slopers con- 
structed at my station (refer to Figure I for 
nomenclature). The principal difference be- 
tween the two 3-//2, 20-meter antennas in 
Table 6 is the increased offset from 











Table 5 

Parasitic Element Length versus Phase Angle, Relative Current, Gain and 
Lobe Angle 

Derived from ELNEC, under free-space conditions with 14.2 MHz, 2-2/2 elements, spaced 
0.02 A’ apart. 

Percent Phase Lobe 

Short Angle Relative Gain Angle 

(A) (degrees) Current (dBi) (degrees) 

0 —140 1.30 5.54 48 

1 -125 1.47 5.33 49 

2 -107 1.53 5.02 51 

3 -89 1.43 4.70 52 

a -75 1.23 4.44 53 

5 -65 1.05 4.19 53 

Table 6 


Working Antenna Dimensions 


Use a 4:1 step-down transformation to match 50-Q line. 


Antenna Number 1 2 3 
Band 40m 20m 20m 
Length’ 2 3 3 
Driven (ft) 139.3 1065 105.6 
Director (ft) 134.3 104.0 102.2 
Offset (ft)t + 34.3 17.5 22 
Spacing (ft) 6 1.5 1.5 
Feedpoint (ft)* 34.3 17.5 17.25 


“Length expressed as a multiple of 4/2. 


4 5 6 
20m 15m 10m 
2 2 2 

70 46 34.5 
68 45 32.8 
17.5 11.5 8.6 
1.5 1.0 1.0 
17.5 11.5 8.6 


tOffset is 1/4, except for antenna 3, where the offset is 0.31 1. 
tFeedpoint and offset are both measured from the high end of the driven element. 


* Porasitic Director 





Offset 
0.25 to 0.364 


1/2" to 3/4” 
PVC Pipe 


* Driven Element — 


Length =N x4 


0.25} All Versions 


Length =N x x 


1/2” to 3/4" 
PVC Pipe 


Note 1, Spreader length is 2” longer 
than spacing. Wires are threaded 
through holes drilled in spreaders. 
Note 2. Tension member is 2” longer 
than 0.60 xspacing. Wires are threaded 
through holes drilled 1” from each end. 
%* Length must be adjusted for optimum 
gain or F/B ratio. Begin with lengths given in Table 6. 


A= Wavelength 





Figure 7—A method of constructing the long-wire parasitic antenna. Additional center 
spacers reduce the tendency of the wires to twist in the wind. 








17'/2feet to 22 feet. This changes the phasing, 
resulting in a slightly improved F/B ratio and 
slightly improved gain. The trade-offis a nar- 
rower pattern and a longer antenna. 

A 60-foot mast supported the 3-A/2 and 
2-A/2 20-meter versions. They were 
mounted back-to-back and tilted to fill the 
center null. Another 3-A/2, 20-meter unit 
was mounted from a 38-foot mast. The 40- 
meter version sloped from 60 feet down to 
6 feet. All antennas performed as predicted. 
Additional height at either end definitely 
increases low-angle radiation, but it re- 
duces high-angle radiation. 

Figure 7 shows how I assembled and 
spread the wires. The departure from 
straight lines (as depicted in Figure 1) has 
no practical effect on the antenna. Be sure 
to place the director over the driven ele- 
ment when erecting the antenna. A director 
placed at the side will skew the pattern, 
favoring the side of the director. Keep the 
Super-Sloper support lines tight to mini- 
mize sagging. Severe sagging leads to im- 
proper phasing and degraded results. I put 
a support under my 40-meter Super Sloper 
at midspan, but I just pull the 20-meter 
antenna support lines tight. The two ele- 
ments have a tendency to twist and wrap 
together in the wind. You can prevent this 
by using two support ropes at the low end 
or by using spacers as on transmission 
lines. Both methods work well. Super 
Sloper performance suffers from excessive 
ground losses when the low end is at ground 
level. | strive for an antenna slope (tilt 
angle) of 10° to 20° and a minimum height 
of 6 feet. Higher is better. 

A 200-2 feedpoint impedance is easily 
transformed to 50 Q with a 4:1 balun. Lad- 
der line and a tuner are another option. 
Refer to The ARRL Antenna Book for other 
methods of transforming high feed imped- 
ances to values acceptable for modern 
transceivers. Do not feed the Super Sloper 
directly with coax unless the coax is part of 
an impedance-matching section. 


Results and Conclusions 


I’ve built and used six Super Slopers 
very successfully. The F/B is often dra- 
matic. A difference of six S$ units is not 
uncommon when switching between two 
antennas built to favor opposite directions. 

This family of antennas has not yet been 
well researched and studied. Use an an- 
tenna modeling program before building 
designs that are substantially different (eg, 
longer or made from tubing) from those 
described in Table 6. 

Notes 

1ELNEC, and its successor EZNEC, are com- 

uter antenna gl ha rams available 

rom de Lewallen, W7EL. The description 
files for the antenna plots shown in this article 
are available as a self-extracting archive 
file named SUPSLOPE.EXE. This file can 
be found on the Internet (FTP to OAK. 
OAKLAND.EDU, directory pub/hamradio/ 
arri/qst-binaries). 

Parasitic elements offset more than 1/21 from 
the driven element, become reflectors. 

3NECIWIRES 1.5 is a computer antenna mod- 
op Brogiam available from Brian Beezley, 
K6STI. 
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By John F. Lindholm, W1XX 





From QST, January 1983 


The Inverted L Revisited 


City dwellers, don’t despair. Here is a good 
160-meter antenna that should fit on your lot! 


I'll never know what inspired me to 
make afew contacts in the ARRL 160Meter 
Contest. My antenna was made by tying 
together the open-wire feeders of my 80- 
meter dipole. The performance was not 
fantastic, but it was the first step in getting 
me “hooked” on the “gentlemen’s band.” 
Working three dozen European stations 
from a friend’s house got my interest up. 
My friend has a good 160-meter antenna 
system — and lots of property to fit it on! 

Returning to my 60 x 150-foot lot made 
me feel depressed. I suffered all winter 
while listening to the others working VKs, 
ZLs and even JAs at daybreak. What could 
I do to improve my signal? 

Many hours the following summer were 
spent trying to figure out how to cram a 
160-meter antenna within the confines of 
my small lot. Space restrictions dictated 
that my wire be no longer than a standard 
80-meter dipole. I began to consider alter- 
native antennas. 

Shunt feeding my 50-foot tower was 
investigated but dismissed for various rea- 
sons. This arrangement would require dis- 
connecting the shunt feed when cranking 
down the tower, and all guy wires would 
have to be broken up into nonresonant 
lengths with insulators. Additionally, my 
cables would have to be rerouted to ground 
level. I then considered a full-length dipole 
originating in a neighbor’s yard three 
houses to the east, crossing my property 
and finally terminating in the yard two 
houses to the west! This idea was rejected. 
The legal negotiation fees would have run 
into six figures! After much head scratch- 
ing, I settled on the inverted L, an antenna 
made popular by the grand master of 160- 
meters, Stew Perry, W1BB. I credit Stew 
for coming to my rescue! 


The Inverted L 


The inverted L was selected because it 
requires no more space than an 80-meter di- 
pole and I could utilize my 50-foot crank-up 
tower for attachment. The vertical part is 50 
feet long, and the horizontal part measures 
130 feet, for an overall length of 180 feet 
(Figure 1). This makes the antenna approxi- 
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mately 3/8 A, with the horizontal part pro- 
viding top-loading. W1BB advises making 
the vertical section as long as possible (de- 
pending on tower height), and that an over- 
all length of 160 to 180 feet works well. 


Construction 


With a bow and arrow, I successfully 
attached the far horizontal end of the an- 


tenna to the top of a 60-foot fir tree. From 
there, I ran the wire back to the top of the 
tower, where I bracketed a 30-inch-long 
two-by-four with an insulator screwed in 
the end (Figure 2). No. 14 Copperweld 
wire is used for the horizontal section, and 
no. 10 copper wire is used for the vertical 
section, which is spaced about 2 feet from 
the tower. These two wires are soldered to- 





Open Wire 
Transmission Line 


Transmatch 


Four or More Radials (125') 





Figure 1—The W1XxX inverted L is arranged in this manner. 





Figure 2—Detail of how the antenna is mounted to the top of the tower. TV-mast clamps 
are used to secure the wooden insulator. 







Figure 3—A ground rod at the tower base 
serves as a physical support for the 
insulator, and as an rf ground. Radial 
wires are connected to the rod by means 
of a ground bus, as described in the text. 





gether at the insulator. 

A plumb line was used to locate a point 
on the ground directly below the 90° bend 
in the “L.” At this point, a 10-foot copper- 
clad ground rod was pounded into the earth, 
leaving 18 inches sticking out. A two-by- 
four is clamped to the ground rod by means 
of TV-mast U bolts. The lower end of the 
vertical wire is attached to an insulator that 
is screwed into the top of the wooden block 
(Figure 3). Next, I stripped some coaxial 
cable (RG-8/U) of its outer braid and used 
this to make a ground bus around the an- 
tenna base. One side of the open-wire trans- 
mission line is soldered to the base of the 
vertical antenna element, and the other side 
to the bus, which is attached to the ground 
rod with a clamp. This bus also serves as 
a connection point for the radials. So far, 
less than an afternoon of work had been 
invested. 


Radials — the More the Better 


The next day, my objective was to in- 
stall radial wires, which are necessary 
because the inverted L is essentially a 
top-loaded vertical radiator. Previous 
meditation convinced me that several radi- 
als would fit on my lot. I'd make them fit! 
All radials were cut to 1/4 A (125 feet), 
using scrap wire. About 300 feet of surplus 
telephone ground wire provided a good 
start. Stripping some old coaxial cable with 
a single-edged razor blade produced two 
radials from one length of wire (outer and 
center conductors). My technique for ra- 
dial installation consisted of creasing the 
earth with a spade and shoving the wire in; 
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Figure 4—SWR curve for the inverted L, with the Transmatch adjusted for an SWR of 1 


at 1820 kHz. 


afterwards the turf was pressed back into 
place with my heel. 

With space a problem, it may be impos- 
sible to place all your radials in a straight 
line; don’t worry, because it is not neces- 
sary. My installation followed a zigzag 
path to avoid fixtures like the house and 
driveway. W1BB advises putting some ra- 
dials under the horizontal part of the an- 
tenna. Unfortunately, the location of my 
garage prevented this. Initially, only four 
radials were planted, but more were added 
later. As with all vertical antennas, the 
more radials you can put in the ground, the 
better the performance! 


Matching System 


Voltage-fed antennas approximately 
'/2-. long, such as the inverted L, will have 
a fairly high feed-point impedance. They 
will also exhibit inductive or capacitive 
reactance, depending on whether the an- 
tenna is slightly longer or shorter than 
'/> K. Since the inverted L does not have a 
50-ohm impedance, a matching system is 
needed. To make tuning adjustments 
easier, I opted for locating the Transmatch 
in the shack, using open-wire line to the 
antenna. Being able to adjust the antenna 
match conveniently is recommended, since 
the SWR climbs rapidly as you shift fre- 
quency. For example, adjusting the 
Transmatch for a 1:1 SWR at 1820 kHz 
produces an SWR of 2.4:1 at 1800 kHz (see 
Figure 4). With the Transmatch located in 
the shack, you can easily adjust for a 1:1 
SWR no matter where you operate in the 
band. My Transmatch consists of a plug- 
in, link coupled coil and variable capaci- 
tors — all scrounged at flea markets. Any of 
the configurations found in the ARRL An- 
tenna Book? should work well. 


Performance 


Does the antenna work? Having no com- 
parison antenna, my conclusions are sub- 
jective. But I’ve been on the air enough to 
know when, as they say, “it plays.” With 
only four radials in place, my first night of 
operation yielded plenty of U.S. contacts, 
plus a Caribbean DXpedition on the first 
call. Subsequently, many European sta- 
tions have been worked from my northeast 
location with good signal reports. Contest 
activity has yielded some respectable 
scores, including many QSOs with the Car- 
ibbean, and South and Central America — 
even Antarctica! 

By adjusting my Transmatch, I made 
limited tests with the L on 75-meter ssb. 
Comparisons were made to a 75-meter di- 
pole at 50 feet. For signals close in, the L 
was down by some 3 to 5 dB, but equal or 
superior to the dipole for signals from east- 
ern Europe. Apparently, the 160-meter 
inverted L also provides a low angle of ra- 
diation on this band too, On bands higher 
than 75 meters, the radiation angle will be 
tilted upwards, rendering the antenna inef- 
ficient for DX work. This phenomenon is 
explained in The ARRL Antenna Book. 

Giving up the 160-meter band for lack 
of sufficient real estate is unwarranted. 
With the inverted L, you can work Top 
Band from your urban lot. Installation is a 
breeze, and the performance is admirable. 
Now what's your excuse for missing out on 
the excitement of 160 meters? 


Notes 

'm = ft x 0.3048. 

2 The ARRL Antenna Book, 14th ed. (Newington: 
ARRL, Inc., 1982), pp. 4-1 through 4-8. 

3/bid., pp. 2-23 through 2-24. 
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From QST, July 1991 (Technical Corespondence) 


160-Meter Antennas 


A recent QST article! described two 
160-meter inverted-L antennas. The total 
length of one of the antennas (the vertical 
element and the horizontal arm) is approxi- 
mately 1/4 A; the other antenna is 1/2 A 
long. The current-driven 1/4-A antenna re- 
quires a fairly extensive ground screen to 
realize good radiation efficiency. On the 
other hand, the voltage-driven 1/2-A an- 
tenna requires only a ground stake-or no 
ground atall. Here’s some additional infor- 
mation to aid you in selecting between 
these alternatives. 

Because the current distribution of these 
two antennas is quite different, the radia- 
tion characteristics are also different. That 
explains why some signals are “. . . very 
loud or very weak,” depending on station 
distance, propagation conditions and which 
antenna is being used. 

In the captions for the figures illustrat- 
ing the two antennas, it’s stated that the 
support poles could be metal or wood. Be- 





Figure 1—Sketches for simple wire 
antennas for 160 meters (1.9 MHz); A, 
‘/e-A inverted L; B, ‘/z-A inverted L; and C, 
Ya-X T antenna. 
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cause the vertical element of the inverted L 
runs parallel—and rather close to—the sup- 
port pole, one may wonder whether, if the 
pole is metal, this proximity will influence 
antenna performance. 

The three antenna types I'll discuss are 
illustrated in Figure 1; they are (A) the 
1/4-2 inverted L; (B) the 1/2-A inverted L; 
and (C) the T antenna. Figures 2 and 3 show 
the calculated? radiation patterns for the 
two inverted-L antennas, assuming average 
ground (o = 3 mS/m, € = 13). The support 
poles are trees (or other wooden supports) 
50 feet tall. Note that the horizontal arm of 
the antenna is close to the ground, in terms 
of wavelength (0.1 A), and that, in this case, 
ELNEC overestimates the gain of horizon- 


Inverted L Tree Support 
Freq=1.9 MHz 


ISOS 


Outer Ring= 2 dBi 
Max Gain=1,16 dBi 





Outer Ring=2 Bi 
Max Gain = 2.04 dBi 


Azimuth Plot 
Blevation Angle = 25.0° 


(8) 





tally polarized antennas at a height of 0.1A 
by about 3 dB.? 

The reason the patterns are so different 
is because the vertical antenna element car- 
ries a heavy current when the antenna 
length is 1/4, whereas the vertical antenna 
element carries only a small current when 
the antenna length is 1/2 4. Hence, there is 
a great difference between the vertically 
and horizontally polarized components of 
the radiation field for these two inverted 
Ls, The former antenna has a monopole- 
like pattern, whereas the latter antenna has 
a dipole-like pattern. 

The lengths given in Figure 1 are those 
for resonance at 1.9 MHz. DeMaw’s di- 
mensions give wire lengths that are a bit 
too short for resonance (according to 
ELNEC). (In practice, one would trim the 
antenna length for resonance.) 

If you want to work DX, it is advanta- 
geous to deploy an antenna that has a deep 
overhead null in its radiation pattern. This 
minimizes high-angle sky-wave signals, 
noise and interference, and improves the 
signal-to-noise ratio of distant weak sig- 
nals. The T antenna exhibits this feature, 
Figure 1C provides dimensions for a T an- 
tenna with a resonant frequency of 1.9 
MHz; the radiation patterns are given in 
Figure 4. This antenna’s radiation field is 
almost entirely vertically polarized. 

For these plots, the antenna was in the 
X-Z plane (Z is the vertical axis and 0° azi- 
muth is in the + X direction). The 0° azi- 
muth for the inverted Ls is the direction 
that the horizontal arm points (away from 
the feed). There is a slight azimuthal pat- 
tern asymmetry for these antennas because 
the antenna structure is not symmetrical 


Figure 2—Radiation patterns for Figure 
1A’s antenna over average ground. The 
radiated field is dominantly vertically 
polarized—a monopole-like pattern. The 
absence of an overhead null in the vertical- 
plane pattern (compare Figure 2A with 
Figure 4A) is due to the horizontally 
polarized component of the field radiated 
by current on the antenna’s horizontal arm. 


160—M T Antenna Tree Support 


inverted L (Half Wavelength) 
MHz Freq=1.9 MHz 


Freq=1.9 


ES 


HOSED 


160-M T Antenna Tree Support 
Freq=1.9 MHz 


Outer Ring= 2 dBi fx 
9 “XS 


Azimuth Plot 
Max Goin= 2.25 dai (A) 


Elevation Angie = 25.0° 


\\ 
oN 
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Inverted L (Half Wavelength) 


Outer Ring=2 dBi 


Azimuth Plot 
Mox Gain =1.18 dB! (B) Elevation Angle = 25.0° 


Figure 4—Radiation patterns for Figure 
1C’s antenna over average ground. The 
radiated field is almost entirely vertically 
polarized. The horizontally polarized 
component of the field radiated by current 
on one horizontal arm of the T is canceled 


cuter noe ee by that radiated by the other arm. 


Max Gain = 7.86 dBi 


Inverted L (Holf Wavelength) 
Freq= 1.9 MHz 


s 


Outer Ring=9 dBi 


Max Gain = 8.05 dBi (C) Azimuth Angle = 90.0° 





Figure 3—Radiation patterns for Figure 
1B’s antenna over average ground. The 
radiated field is dominantly horizontally 
polarized in the plane broadside to the 
antenna, and vertically polarized in the 
plane of the antenna—a dipole-like 
pattern. Hence the almost circular pattern 
at the high elevation angle, 75° (B), and 
the broadside directivity at the lower 
elevation angle, 25° (A). 





with respect to the feed. 

The effect of a well-grounded metal 
support tower was also studied. Surpris- 
ingly (to me), the effect is rather small, 
particularly for the 1/4 A inverted L and 
1/4 XT antennas. The effect on the imped- 
ance of the 1/2-A inverted L looked at first 
to be significant, but this is only because a 
small change in the resonant frequency of 
the antenna (the metal tower couples reac- 
tance into the antenna system and so 
changes the system’s resonant frequency) 
results in a significant impedance change 
at frequencies near the anti-resonant fre- 
quency. Only aslightretuning of the match- 
ing circuit is necessary; the radiation 
patterns are affected relatively little. A 
6'/2-foot nonconductive rope connecting 
the top ends of the horizontal arm to the 
support towers is assumed. For 50-foot 
support poles, it matters little (for 160- 
meter antennas) whether the poles are metal 
or wood. 

But this is not the case if the support 
tower is also the mount for a 20-meter Yagi, 
because the tower and Yagi are much more 
nearly resonant than the tower alone. In this 
case, the tower carries a heavy current 
(0.8 A compared with the 1-A base current 
in the 1/4-) inverted L). Because the phase 
of the tower current is +145° with respect 
to the phase of the current on the vertical 
element of the inverted L, the antenna’s 
vertically polarized field is almost can- 
celed. Also, the inverted L is no longer 
resonant: In fact, it is far from resonant; its 
impedance is 1547 -j2635 Q, compared 
with the inverted L’s impedance of 14 Q 
with tree support.—/ohn S. Belrose, VE2CV 


Notes 
'D. DeMaw, “The 160-Meter Antenna Di- 
lemma,” QST, Nov 1990, pp 30-32. 
2ELNEC was used for all calculations. eee 
ram is available from Roy Lewallen, W7EL. 
SELNEC is a version of MININEC. MININEC 
assumes that the antenna is over a perfect 
earth for the purpose of calculating the 
antenna’s impedance and the current distri- 
bution. The result of this approximation is that 
for horizontally polarized antennas, MININEC 
overestimates the gain of the antenna by an 
amount that increases as the height of the 
dipole decreases below a height of about 
0.2 2. The effect of real ground on the shape 
of the radiation pattern is correctly predicted, 
however, since for the calculation of the far- 
field pattern the program employs Fresnel re- 
flection coefficients for the specified earth 
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By Brian L. Wermager, KOEOQU From QST, April 1986 


A Truly Broadband 
Antenna for 80/75 Meters 


With declining sunspots and poor con- 
ditions on the higher HF bands, 80 meters 
has suddenly become very popular. But, 
unfortunately, many hams are not able to 
use this band to its full potential. It offers 
every kind of ham activity from CW to 
phone, from nets and ragchewing to great 
DXing, but many hams are too limited by 
the frequency range of their antennas to 
enjoy this band completely. 

Antenna-matching networks are one 
answer, but they spoil the advantage of the 
no-tune feature of modern transceivers. 
Matching networks also are often less ef- 
fective than many hams think; they intro- 
duce losses. The losses can be significant 
at some settings which provide a match. 
With these things in mind, I decided to try 
some ideas that might give me a more 
broadbanded antenna, The prime require- 
ment was that it be fed with common 50- 
ohm coaxial cable, with no traps, coils or 
capacitors. 

First, I tried a quarter-wave sloper. This 
antenna worked very well, with a band- 
width of 300 kHz between the 2:1 SWR 
points, It still, however, limited me from 
operating CW DX at the bottom of the band 
and the phone nets at the top of the band. 
There had to be a better antenna. 

Antennas can be broadbanded by using 
large-diameter elements. With this in mind, 
1 began experimenting with two-wire 
slopers, attached to a common feed point, 
but with the wire ends fanned out from each 
other. (See Figure 1.) This seemed to help, 
but not as much as I had hoped. It did, how- 
ever, shorten the length required for the 
sloper. For those with a short tower, this 
idea could make an 80 or 160-meter sloper 
possible when a single-wire sloper would 
be too long. 


The Fickle Finger of Fate Strikes! 
While I was trying one of these two-wire 
antennas at a low height on my tower, the 
SWR was less than 2:1 from 3.5 to 4.0 
MHz! After several attempts to get it to 
work the same way at the top of the tower, 
I discovered that these results could be at- 
tained only when my old quarter-wave 
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Have you been dreaming about an antenna that will 
do justice to your no-tune, solid-state transceiver by 
letting you operate across the entire band from 3.5 
to 4.0 MHz? Then this may be the antenna for you! 


sloper was at the top of the tower and 
grounded to the tower. (See Figure 2.) The 
two antenna elements were obviously in- 
teracting with each other, broadening the 
bandwidth tremendously. Further pruning 
of the lengths of both the sloper and the 
two-wire element resulted in the amazing 
SWR curves shown in Figure 3. 


What’s Going On? 

I will leave the question of why it works 
to the experts. (See the sidebar to this ar- 
ticle.—Ed.) Like a true ham, I subscribe to 
the old saying, “If it works, leave it up and 
don’t mess with it.” My guess, however, is 
that it is something like one-half of a two- 
element log periodic seeking its mirror 





Figure 1—Arrangement of the original KOEOU experiment. The coaxial cable shield is 
connected to the tower, with both wires of the two-wire element connected to the center 
conductor. The wires are spread approximately 8 feet at the ends and are each 
approximately 52 feet long. 


The MININEC Analysis of the KOEOU Three-Element Half Sloper 


The Mini-Numerical Electronics 
Code (MININEC) analyzes thin-wire 
antennas, solving an integral equation 
representation of the electric fields 
using a method-of-moments tech- 
nique. MININEC solves for the cur- 
rents, impedance and patterns for an- 
tennas composed of wires in arbitrary 
orientations in free space and over 
perfectly conducting ground. 

The impedance at the feed point 
calculates to be 79.4 + 1859.8 ohms. 
This assumes a perfect ground be- 
neath the structure and simply a 3-foot 
extension of the tower above the con- 
nection of the upper wire. In practice, 
the impedance will be affected by both 
the ground conductivity and the top- 
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Azimuth Patterns: 


loading effect of a beam antenna atop 
the tower. 

A fair amount of current flows in the 
top section above the upper wire con- 
nection point. Top loading will affect 
the phase of this current, which will be 
reflected as a change in impedance at 
the feed point. In other words, the cal- 
culated data is not absolute. Use it as 
an approximation only. 

Arelatively high current flows at the 
base of the tower to ground—more 
than in any other part of the system. 
This indicates that a good earth con- 
nection, and even a radial system, 
would offer highest efficiency. 

The antenna patterns, Figures A, B 
and C, are also approximations. Polar- 


ization is predominantly vertical—at low 
angles it may be considered to be al- 
most completely vertical. Broadside to 
the direction of the wires, the polariza- 
tion becomes horizontal at high radia- 
tion angles, ie, above 75 degrees. At 
60-degrees elevation, the vertical 
component is almost 16 dB greater 
than the horizontal. The vertical com- 
ponentincreases significantly at lower 
elevation angles, being in excess of 30 
dB above the horizontal component at 
a 5-degree elevation. These figures all 
apply in a direction broadside to the 
wires. In the direction of the wires, both 
“front” and “back,” the radiation is en- 
tirely vertically polarized.—Gerald L. 
Hall, K1TD 


-2 
Here 


Horizontal 


v\ Polarization 


at The Horizon 
— — —30° Up from The Horizon 
60° Up from The Horizon 


(A) 


Vertical 


Polarization 


(Cc) 


Figure A—Antenna azimuth radiation pattern for the KOEOU three-element half sloper antenna. Values are in dBi. Add 6.0 dB to 


the values shown. 


Figure B—Antenna elevation radiation pattern, in the direction of the wires, for the KOEOU antenna. Values are in dBi. Add 6.0 


dB to the values shown. 


Figure C—Antenna elevation radiation pattern, in a direction broadside to the wires, for the KOEOU antenna. Values are in dBi. 


Add 6.0 dB to the values shown. 


image in the grounded tower. The top ele- 
ment is tuned for the lower portion of the 
band and the two-wire element for the up- 
per portion, In fact, there is a little SWR 
“bump” in the middle of the band that seems 
to give further evidence of this. 


How Well Does It Work? 


Although I have no way of scientifically 
plotting the antenna pattern, it does seem to 
be vertically polarized. Good DX perfor- 
mance from the antenna seems to verify 
this. Because many contacts have been 


made in all directions, the antenna prob- 
ably has a fairly omnidirectional pattern. 
On-the-air comparisons with a quarter- 
wave sloper across town show that the 
antenna performs at least as well as the 
sloper. It also seems to have a little less 
noise on receive than the sloper. 


Getting One Up for Yourself 

If you have a tower over 40 feet high, 
you should be in business. The element 
dimensions will vary according to the 
height of your tower. My friend Kelly 





Davis, KD7XY, constructed one of these 
antennas on his 50-foot tower so we could 
see how the dimensions would change. 

Measurements of his antenna are shown 
in Figure 4. 

It is interesting to note that the height of 
the feed point on the tower does not appear 
to be critical at all. The angle of the wires 
in the two-wire element does not seem to be 
critical either. The sloper element, how- 
ever, should come down between the two 
wires of the lower element. The sloper angle 
is about 45 degrees. As you attempt to get the 
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Figure 2—The antenna as constructed at KOEOU. The tower is 70 feet high. The feed 
point is as described in Figure 1 and is 15 feet above ground level on the tower. The 
sloper element is 74 feet long, is connected to the tower at the top end and slopes to a 
point 11 feet above ground level at the end. 





Figure 4—The antenna installation at KD7XY. The tower is 50 feet high. The sloper 
element is attached at 46 feet, is 78 feet long, and is only 1 foot above ground level at 
the end. The two-wire element is 53 feet long and is attached to the tower at 13 feet 
above ground level. Like K2EOU's antenna, it is virtually “flat” across the band; highest 
measured SWR is 1.4:1. 
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Frequency (MHz) 


Figure 3—SWR measurements for the 
antenna at KOEQU. The highest SWR 
measurement between 3.5 and 4.0 MHz 
is 1.2:1. 


lowest possible SWR from the antenna, re- 
member that the angle of the sloper to the 
tower and its distance from the ground at the 
end will have an effect on the bandwidth. 
Because these antennas can be pruned from 
the ground, the trial-and-error method is easy. 
When pruning the antenna, remember that the 
two elements are cut for different frequen- 
cies. Changing the length of the top element 
changes the performance at the lower part of 
the band. Changing the lengths of the two- 
wire elements changes the performance at the 
top part of the band. Don’t give up until your 
antenna SWR is, at the very most, 1.5:1 from 
band edge to band edge. 

Use good insulators at the ends of each 
of the three wires. I used nylon fishing line 
at first, but one foggy, wet night the wire in 
the top element burned through in three 
places. It surprised me that there could be 
such high currents in a part of the antenna 
not even connected to the feed line, but I 
should have known better. Remember also 
that other objects around the antenna, such 
as other antennas or guy lines, could ad- 
versely affect antenna performance. Keep 
the antenna as much in the clear as possible. 


Some Untried Ideas 

I hope others will try some modifica- 
tions to this antenna. For example, there 
should be no reason why a single wire for 
the bottom element won’t work. My small 
city lot doesn’t give me room to try a single 
wire, as it would surely need to be longer 
than the two-wire element. I would also like 
to see someone try cutting the top element 
for the high end of the band, and the bottom 
element for the low end. This could shorten 
the sloper element for someone with a 
shorter tower and may even give the an- 
tenna some gain in the direction of the two- 
wire element. It might also be possible to 
construct an antenna for another band in- 
side of this one (40 meters, for example). 
The same feed point could be used, but with 
another sloper element for the second band. 
Another possibility is to construct the an- 
tenna with two dipoles. It is my guess (and 
only a guess), that it is the merging of the 
ends of the elements that causes the 50-ohm 
impedance of the antenna. 

Winter gives us the best conditions on 
the 80/75-meter band. You can be ready to 
use the whole band with this simple-to- 
construct and very broadband antenna. 





From QST, August 1987 (Technical Corespondence) 


Improved 


Broadband 


Antenna Efficiency 


When Brian Wermager’s article. “A 
Truly Broadband Antenna for 80/75 
Meters,” arrived at HQ, I wanted to see if 
the antenna worked as well as claimed be- 
fore publishing the information in QST.! I 
stopped tuning the antenna when the SWR 
was less than 1.6 across the entire band. 

For working DX the antenna seemed to 
work as well as, or better than, a dipole at 
50 feet. Casual contacts were not difficult 
to make, but in contests, it was a different 
matter. The results were satisfactory, but 
could “satisfactory” be changed to “out- 
standing”? 

The key to improving the efficiency of this 
antenna is found in the sidebar accompanying 
the article. The MiniNumerical Electronics 
Code (MININEC) computer analysis done by 
Gerald Hall, K1TD, shows that: “A relatively 
high current flows at the base of the tower to 
ground—more than in any other part of the 
system. This indicates that a good earth con- 
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Figure 1-Graph showing SWR vs 
frequency for the KOEOU 80/75-meter 
antenna. The lower curve depicts results 
before adding ground radials; the upper 
curve was plotted after adding radials and 
retuning the antenna. 


nection, and even a radial system, would of- 
fer highest efficiency.” 

A system of radial wires improves an- 
tenna efficiency by cutting ground resis- 


tance losses. The decreased resistance in 
ground losses will also narrow the antenna 
bandwidth. The question now becomes: Is 
the narrowing of the bandwidth too much? 
I decided to investigate that question next. 

With help from my brother-in-law, I in- 
stalled 42 radials around, and bonded to, 
the tower base. As expected, SWR in- 
creased across the entire band. After I 
retuned the antenna, the SWR was below 
2:1 across the entire band (see Figure 1). 
As for results, DX stations are typically 2 
to 6S units stronger on the K@EOU antenna 
than on the dipole at 50 feet. Contest QSOs 
are now a reality. I am not the loudest East 
Coast station on the band, but I am very 
pleased with the performance of the broad- 
band antenna. (The dipole has been re- 
moved and stored!)—Chuck Hutchinson, 
K8CH 


'B. Wermager. “A Truly Broadband Antenna for 
80/75 Meters,” QST, Apr 1988, pp 23-25. 
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From QST, June 1994 





Simple, Effective, Elevated 
Ground-Plane Antennas 


This article describes a simple and ef- 
fective means of using a grounded tower, 
with or without top-mounted antennas, as 
an elevated ground-plane antenna for 80 
and 160 meters. 

Grounded towers have been used as 
shunt-fed verticals on the low-frequency 
amateur bands for many years. Generally. 
they required a gamma- or omega-type 
matching network and an extensive radial 
system for efficient operation. Recent com- 
puter studies reveal that simple elevated 
radial systems consisting of only four wires 
can produce results equivalent to 120 bur- 
ied radials. Typically, these antennas are 
modeled as isolated monopoles. Presum- 
ably, grounded towers could be used with 
an appropriate shunt-fed matching network. 

I’ve found an even easier method! 


From Sloper to Vertical 


Recall the quarter-wave length sloper, 
also known as the half-sloper. It consists of 
an isolated quarter wavelength of wire, slop- 
ing from an elevated feedpoint on a grounded 
tower. Best results were usually obtained 
when the feedpoint was somewhere below a 
top-mounted Y agi antenna. You feed asloper 
by attaching the center conductor of a coaxial 
cable to the wire and the braid of the cable to 
the tower leg. Now, imagine four (or more) 
slopers, but instead of feeding each individu- 
ally, connect them together to the center con- 
ductor of a single feed line. Voila! Instant 
elevated ground plane. 

Now, all you need to do is determine 
how to tune the antenna to resonance, With 
no antennas on the top of the tower, the 
tower can be thought of as a fat conductor 
and should be approximately 4% shorter 
than a quarter wavelength in free space. 
Calculate this length and attach four insu- 
lated quarter-wavelength radials at this dis- 
tance from the top of the tower. For 80 
meters, a feedpoint 65 feet below the top 
of an unloaded tower is called for, The 
tower guys must be broken up with insula- 
tors for all such installations. For 160 
meters, 130 feet of tower above the 
feedpoint is needed. 

That’s a lot of tower to dedicate to a 
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Here’s an easier and better way to use your 
grounded tower as a vertical antenna on 160 or 80 


meters. 


single-band antenna, especially for some- 
one with limited real estate. What can be 
done with a typical grounded-tower-and 
Yagi installation? 

A top-mounted Yagi acts as a large ca- 
pacitance hat, top loading the tower. Fortu- 
nately, top loading is the most efficient 
means of loading a vertical antenna. The 
amount of loading can be approximated by 
using an empirical formula developed by 
John Devoldere, ON4UN.! 

Devoldere found that the electrical 
height of a top-loaded tower can be ap- 
proximated by: 


L=0.38F(H+./2S—H/500) (Eq 1) 
where 
Lis the approximate electrical length in 
degrees 


F is the frequency in MHz 


1J. Devoldere, Antennas and Techniques for 
Low Band DXing (Newington: ARRL, 1994). 
Table 1 


Effective Loading of Common Yagi 
Antennas 


Antenna Boom Equivalent 
Length Ss Loading 
(feet) (area, ft?) (feet) 

3L20 24 768 39 

5115 26 624 35 

4L15 20 480 31 

3115 16 384 28 

5L10 24 384 28 

4L 10 18 288 24 

3L 10 12 192 20 

TH7 24 — 40 (estimated) 

TH3 14 — 


27 (estimated) 


H is the height of the tower under the 
Yagi in feet 
S is the area of the Yugi in square feet 


To check Eq 1, consider the case of no 
antenna on top, where S = 0. Then L = 
0.38 x 3.6 x 65=88.9°, whichis very close 
to the desired 90° quarter wavelength. 

The effective loading of a Yagi is the 
portion of the equation under the radical. 
The examples in Table | should give us an 
idea of how much top loading might be ex- 
pected from typical amateur antennas. The 
term H/500 is ignored as insignificant com- 
pared with 2S. 

The values listed in the Equivalent 
Loading column of Table | tell us the ap- 
proximate vertical height replaced by the 
antennas listed in a top-loaded vertical an- 
tenna. To arrive at the remaining amount 
of tower needed for resonance, subtract 
these numbers from the nonloaded tower 
height needed for resonance. Note that for 
all but the 10-meter antennas, the equiva- 
lent loading equals or exceeds a quarter 
wavelength on 40 meters. For typical HF 
Yagis, this method is best used only on 80 
and 160 meters. 


Construction Examples 

Consider this example: A TH7 Yagi 
mounted on a 40-foot tower. The TH7 has 
approximately the same overall dimensions 
as a full-sized 3-element 20-meter beam, 
but has more interlaced elements. I estimate 
its equivalent loading to be 40 feet. At 3.6 
MHz, 65 feet of tower is needed without 
loading. Subtracting 40 feet of equivalent 
loading, the feedpoint should be 25 feet 
below the TH7 antenna. 

I ran 10 quarter-wavelength (65-foot) 
radials from a nylon rope tied between 
tower legs at the 15-foot level, to various 





65—ft Radials 


75-2 
1/2-in. 
CATV Line 
to Shack 
(A) 


Matching Section 
RG-59, 75 9 


RG—59, 75 0 
46 ft 


(8) 





Figure 1—At A, an 80-meter top-loaded, 
reverse-fed elevated ground plane, using a 
40-foot tower carrying a TH7 triband Yagi 
antenna. At B, dimensions of the 3.6 MHz 
matching network, made from RG-59. 


supports 10 feet high. I tied nylon cord to 
the insulated, stranded, 18-gauge wire, 
without using insulators. The radials are all 
connected together and to the center of an 
exact half wavelength (at 3.6 MHz) of 
RG-213 coax, which willrepeat the antenna 
feed impedance at the other end. Figure | is 
a drawing of the installation. I used a 
Hewlett-Packard low-frequency imped- 
ance analyzer to measure the input imped- 
ance across the 80-meter band. 

An exact resonance (zero reactance) 
was seen at 3.6 MHz just as predicted. The 
radiation resistance was found to be 17 Q. 
The next question is how to feed and match 
the antenna, 

My approach to 80-meter antennas is to 
tune them to the low end of the band, use a 
low-loss transmission line, and switch an 
antenna tuner in line for operation in the 
higher portions of the band. With a 50-Q 
line, the 17-Q radiation resistance repre- 


sents a 3:1 SWR, meaning that an antenna 
tuner should be in-line for all frequencies. 
For short runs, it would be permissible to 
use RG-8 or RG-213 directly to the tuner. 
Since I have a plentiful supply of low-loss 
75-Q CATV rigid coax, I took another ap- 
proach. 

I made a quarter-wave (70 feet x 0.66 
velocity factor = 46 foot) 37-Q matching 
line by paralleling two pieces of RG-59 and 
connecting them between the feedpoint and 
a run of the rigid coax to the transmitter. 
The magic of quarter-wave matching trans- 
formers is that the input impedance (R;) and 
output impedance (R,) are related by 
ZS REXR, (Eq 2) 

For R;= 17 Qand Z,=37 Q,R,=80Q, 
an almost perfect match for the 75-Q 
CATV coax. The resulting 1.6:1 SWR at 
the transmitter is good enough for CW op- 
eration without a tuner. 


The Proof is In the Log 


How effective is this antenna? Well, I 
used to install a 60-foot aluminum tower 
and 100 radials, 100 feet long in a clear 
one-acre field every winter, and remove it 
every spring for mowing. The top-loaded 
reverse-fed elevated ground-plane antenna 
has replaced that antenna with no regrets. 
My only other 80-meter antenna is a dipole 
at 110 feet broadside to Europe and the 
South Pacific, 

use the elevated ground plane for South 
Africa, South America. the Caribbean, 
parts of the Pacific and Asia, both long and 
short path. With it I have worked every- 
thing I can hear, with 1200 W output, in- 
cluding HL (rare in Alabama); HS; UA9; 
UA®; UI; UJ; UL; most of the VK9s; XV; 
ZS1; ZS8MI; ZS9; 3Y5X; 8Q; 9M2; and 
9V 1. Whilerunning 5 W output. Ihave even 
worked two JAs with this antenna. which 
may say more for its effectiveness than 
anything else. 


Will It Work on 160 Meters? 


You bet it will, but it takes another 
tower. For the 160-meter band, a resonant 
quarter-wavelength requires 130 feet of 
tower above the radials. That’s a pretty tall 
order. Subtracting 40 feet of top loading 
for a 3-element 20-meter or TH7 antenna 
brings us to amore reasonable 90 feet above 
the radials, Additional top loading in the 
form of more antennas will reduce that even 
more. 

Recently, a friend moved to the country, 
and he needed a 160-meter antenna in a 
hurry for an upcoming contest. He had 


/4 Radials 





Figure 2—A 160-meter antenna using a 
75-foot tower carrying stacked triband 
Yagis. 


stacked TH6s on a 75-foot tower. I sug- 
gested he try four elevated radials at 10 feet 
above ground, with a tuner if necessary. He 
connected four radials about 120 feet long 
and a piece of RG-58. The SWR measured 
under 2:1 and he worked everything he 
heard in the contest. Figure 2 is a drawing 
of this installation. 

Another friend had a 120-foot tower 
with no antennas on it. He ran four elevated 
radials at 10 foet and obtained an SWR 
below 1.5:1 with a 50-Q feed line, During 
the contest, he even beat out some big guns. 

Elevated ground-plane antennas work! 
This simple, reverse-feed system makes it 
possible to feed grounded towers easily and 
efficiently. 
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By Brian Beezley, K6STI From The ARRL Antenna Compendium Volume 4 


Ungrounded Beverage 
Antennas 


Beverages are amazing receiving anten- 
nas. A good Beverage can turn a signal 
barely audible on your transmit antenna 
into solid, Q5 copy. A Beverage antenna 
(named after 1920s inventor H. H. Bever- 
age) is a long, low wire used for receiving. 
They're most popular on the 160, 80, and 
40-meter bands. Although occasionally 
pressed into service, Beverages are much 
too lossy for regular use as transmitting 
antennas. 

Conventional Beverages are fed against 
ground. Although very long wires may de- 
velop a few dB of front-to-back ratio, 
unterminated Beverages are essentially bi- 
directional. Terminating a Beverage 
through a resistance to ground at the far end 
creates a highly unidirectional pattern. 
Beverages typically are | to 15 feet high 
and | to 4 wavelengths long. 

Beverages are broadband, traveling- 
wave antennas. Power traveling toward the 
feedpoint is absorbed by the receiver, while 
that traveling in the opposite direction is 
absorbed by the termination resistance. 
Standing waves can’t develop. Because 
waves traveling toward the feedpoint accu- 
mulate substantially in phase, while those 
arriving from other directions tend to can- 
cel, the azimuth pattern of a long Beverage 
is highly directive. Beverages are non- 
resonant antennas and can be used over a 
wide frequency range. 

A very useful Beverage variation uses 
two parallel wires, with one grounded at 
the far end. Waves traveling toward the far 
end reflect and return to the feedpoint dif- 
ferentially as transmission-line currents. 
With suitable termination and switching 
circuitry at the feedpoint, you can receive 
signals from either direction. A two-wire 
Beverage thus can replace two single-wire 
antennas. 

For simplicity, I’ll consider just single- 
wire Beverages here. 


Eliminating Ground Connections 


Beverages normally connect to ground 
at the feedpoint and far end. See Figure 1A. 


SO you've heard how Beverages can help you hear 
better on the lower bands, but you’re still not 
convinced they're worth the bother. K6STI analyzes 
the Beverage, especially an easy-to-construct 


“ungrounded” version. 


However, obtaining a good, reliable ground 
can be difficult. A short ground rod may ex- 
hibit thousands of ohms resistance to ground 
when installed in dry soil or when corroded. 
Since Beverages require a termination resis- 
tance of just several hundred ohms, a poor 
far-end ground can grossly misterminate an 
antenna and destroy its pattern. A poor 
feedpoint ground can reduce signal levels 
and encourage coax-shield pickup. You can 
use multiple ground rods, a ground screen, 
or a ground-radial system to lower ground 
resistance, but this greatly increases the work 
required to install a Beverage. 

A ground connection isn’t essential for 
Beverage operation. You can place the ter- 
mination resistance about one-quarter wave- 
length from the far end of the wire. Since the 
impedance of a quarter-wave wire is low and 
resistive, the remainder of the wire just sees 
the termination resistor in series with a low 
resistance. Similarly, you can feed a Bever- 
age about one-quarter wavelength from the 
near end. Both ends of the wire are left un- 
connected. See Figure 1B. 

Ungrounded Beverages are simple to 
install and have stable properties. Their 
radiation patterns often are superior to 
those of their grounded counterparts be- 
cause they don’t suffer unwanted response 
from vertical wires. (This response can be 
reduced by lowering wire height. One way 
to do this is to slant the feed and termina- 
tion wires over a long distance.) 

The only real disadvantage of un- 
grounded Beverages is that they’re fre- 
quency-dependent. For example, the low- 


impedance, quarter-wave wire sections 
become high-impedance, half-wave sec- 
tions at twice the design frequency. I'll 
show you how to multiband an ungrounded 
Beverage later. 


Antenna Modeling 


While you can use a MININEC-based 
antenna- analysis program to model Bever- 
age antennas, you'll have to settle for ap- 
proximate results at best. The MININEC 
algorithm uses _ perfect-conductivity 
ground during current calculations. It takes 
lossy ground into account only later when 
calculating radiation patterns. Because 
Beverages are so close to ground, their 
current distribution is strongly affected by 
ground characteristics. NEC’s Sommer- 
feld-Norton ground model takes ground 
dielectric constant and conductivity into 
account when calculating wire currents. 
This lets you accurately analyze antennas 
in close proximity to earth. I used the NEC/ 
Wires 1.0 program to obtain all results pre- 
sented here. I modeled antennas over aver- 
age-quality earth (dielectric constant= 13, 
conductivity = 5 mS/m). 


Wire Height 


Figures 2A and 2B shows the azimuth 
and elevation patterns for a 1000-foot long, 
10-foot high, ungrounded Beverage on 160 
meters. The antenna uses # 18 wire and a 
650-Q termination resistance. It’s fed and 
terminated 120 feet from each end. The 
remarkable pattern is better than that of 
many HF Yagis. 
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Figure 1—Single-wire Beverage antenna feeding and termination configurations. At A, 
conventional method is shown using slanted-wire terminations. At B, ungrounded 
Beverage is shown with matching transformer and terminating resistor inserted 2/4 in 
from either end of wire. At C, ungrounded Beverage using full span of wire by employing 
perpendicular “tails” at both ends. The tails function as elevated counterpoise radials at 


160 meters. 


Figure 3 shows the azimuth pattern of a 
similar Beverage | foot above ground. The 
termination resistance for this antenna is 
750 Q and it’s fed and terminated 125 feet 
from the wire ends. The pattern is even 
sharper than that of Figure 2. Output is 
about | dB lower. 

If you’re tempted as I was to just lay a 
Beverage on the ground, take a close look 
at Figure 4. This is the Beverage of Figure 
3 but just 1 inch off ground (NEC provides 
accurate results for wire heights down to 
within several wire radii of ground). While 
still useful, the pattern has degraded con- 
siderably. Signal output is quite a bit lower. 
(Nevertheless, some users report excellent 
results from on-the-ground Beverages. 
Don’t hesitate to try one if it’s your only 
option.) 

In the West you can just lay an un- 
grounded Beverage in the chaparral a few 
feet off ground. In the East you can unroll 


8-2 Chapter 8 


one on top of a foot or two of snow (snow 
has very low dielectric constant and con- 
ductivity and should be transparent to RF 
at low frequencies). Beverages like these 
are very easy to install (no support poles or 
ground rods). You can roll one out just be- 
fore a contest. 

Occasionally a Beverage may have to 
clear a height-sensitive area. Figure 5 
shows what can happen when wire height 
varies. The first 200 feet of this antenna is 
3 feet high (chaparral height). Next, a 50- 
foot section slopes from 3 to 15 feet. This 
is followed by a 200-foot span 15 feet high, 
a 50-foot downslope, and finally the re- 
mainder of the wire at 3 feet. This model is 
similar to a Beverage used by K6TQ which 
must clear an agricultural area with pro- 
duce trucks. While the rear part of the pat- 
tern is relatively unaffected, the height 
variation causes a large sidelobe bulge. It 
doesn’t matter much if your Beverage is 
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Figure 2—Azimuth and elevation patterns 
at 1.83 MHz for 1000-foot long un- 
grounded Beverage mounted 10 feet off 
lat ground with average conductivity and 
dielectric constant. The worst-case rear- 
ward lobes are better than 18 dB down 
compared to peak response. Note that the 
gain is only —9.52 dBi at 10° elevation, 
peaking at —6.22 dBi at about 30° 
elevation. If the transmission line to the 
receiver is very long, a preamplifier may 
be needed. 
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Figure 3—Azimuth response for 10° 
elevation angle at 1.83 MHz for 1000-foot 
long ungrounded Beverage mounted only 1 
foot off flat ground. Compared to the higher 
antenna in Figure 2, this low Beverage has 
about 1 dB less gain, but the worst-case 
backlobes are suppressed even better. 


1000’ Ungrounded Beverage 1“ High 
oO 


10° Elevation 
0 dB=-—16.58 dBi 


Azimuth 
1.830 MHz 





Figure 4—Azimuth response for same 
antenna as in te aad 3, except that the 


height is now only 1 inch off ground. The 
rearward pattern suffers and the gain fails 
about 5.4 dB compared to the Beverages 
in Figures 2 and 3. 


high or low, but try to keep the height as 
constant as possible. 


Wire Length 


Figure 6 shows the azimuth pattern of a 
2000-foot ungrounded Beverage. The ter- 
mination resistance is 550 9. The pattern 
ofa very long Beverage like this may be too 
narrow for complete coverage of a general 
direction. 

Figure 7 shows the pattern of a 500-foot 
ungrounded Beverage. The termination re- 
sistance is 1100 92. While much broader 
than the patterns of longer antennas, it’s 
still quite directive and can provide a sub- 
stantial receive improvement. 


Feeding Ungrounded Beverages 


Conventional Beverages usually are fed 
with an autotransformer having a 3:1 turns 
ratio. This matches a 450-Q impedance to 
50 Q. Ungrounded Beverages typically 
have an input resistance of 500 to 1000 Q 
(roughly equal to the termination resis- 
tance) and an input reactance of up to 
100 Q. An exact impedance match isn’t im- 
portant; a better match just delivers a higher 
signal. Although usually not required to 
improve signal-to-noise ratio, a receive 
preamplifier can equalize Beverage and 
transmit-antenna signals for easier direct 
comparisons. 

Both grounded and ungrounded Bever- 
ages can be sensitive to unwanted coupling 
at the feedpoint. If you connect coax 
through an autotransformer to a Beverage, 
the outside of the coax shield can become 
part of the antenna system if it exhibits an 
impedance similar to or less than whatever 
connects to it. It’s the same thing that can 
happen with a coax-fed dipole. To prevent 
this, use a matching transformer with sepa- 
rate primary and secondary windings and 


1000’ Ungrounded Beverage, 
Voriable Height 







10° Elevation 
0 dB=-—9.92 dBi 


Azimuth 
1.830 MHz 


Figure 5—Azimuth response at 1.83 MHz 
for 1000-foot long, variable height 
ungrounded Beverage. The sidelobes at 
90° and 270° are larger than the antenna 
in Figure 2, but the pattern and gain are 
still quite acceptable. 


low interwinding capacitance. This will 
isolate the outside of the coax shield from 
the antenna. Alternatively, you can use an 
autotransformer followed by acurrent-type 
balun. (Because the feed tail of an un- 
grounded Beverage is likely to provide a 
lower-impedance termination than a typi- 
cal ground rod, these Beverages should be 
less sensitive to coax-shield pickup.) 


Terminating Ungrounded Beverages 

Optimal termination resistance depends 
on wire length, height, diameter, and 
ground constants. The termination resis- 
tance normally just affects the rear part of 
the pattern. It’s easy to find the optimal 
value by modeling the exact geometry of 
your antenna with NEC. If you use long 
spans of wire with considerable sag, model 
the sag using multiple wires. 

You can determine optimal termination 
resistance experimentally using a signal 
source to the rear of the antenna. Simply 
adjust the termination resistance for mini- 
mum signal. 

(Actually, minimum response directly 
to the rear isn’t quite optimal for most de- 
signs. This condition usually causes the 
pattern to degrade slightly over a broad 
region elsewhere. Nevertheless, adjusting 
for minimum response is close enough for 
all but the most fanatical Beverage enthu- 
siast.) 


Multibanding Ungrounded Beverages 

If you provide a termination resistance 
one-quarter wavelength from the far end 
for each band of interest, you can use a 
Beverage on several bands. At the near end 
use a separate quarter-wave tail for each 
band and connect them in parallel at the 
feedpoint. 

Figure 8 and Figure 9 show 160-meter 




















10° Elevation 


0 dB=—4.68 dBi 1.830 MHz 





Figure 6—Azimuth response at 1.83 MHz 
for 2000-foot long ungrounded Beverage 
mounted 10 feet over flat ground. The 
om is almost 5 dB higher than that of 

igure 2, and the backlobes are all 
suppressed in excess of 23 dB. This is a 
great 160-meter receiving antenna, but 
must be oriented carefully at desired 
receiving bearing because of narrow 
frontal lobe. 


500‘ Ungrounded Beverage 10' High 


10° Elevation 
0 dB =-16.43 dBi 


Figure 7—Azimuth response at 1.83 MHz 
for 500-foot long ungrounded Beverage 
mounted 10 feet over average ground. 
The gain is almost 7 dB less than Figure 2 
at 10° elevation. The side lobes are large, 
even though the rear lobes are well 
suppressed. 


and 80-meter patterns of a 1000-foot-long, 
10-foot-high, dualband Beverage. This an- 
tenna uses a 700-Q resistor 63 feet from 
the far end and a 350-Q resistor 125 feet 
out. The two termination resistances pro- 
vide near-optimum performance on 160. 
The backlobe of the 80-meter pattern is 
suboptimal but the sidelobes are still well 
down. I didn’t experiment much with ter- 
mination-resistance values or positions. I'll 
bet both can be improved. 

Another alternative is to use a single 
termination resistance with multiple quar- 
ter-wave tails. The resistor value will be- 
optimal on just one band since antenna 
length isn’t constant in wavelengths. But 
the value won’ tbe far off on any band if the 
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Dualband Beverage 


10° Elevation 
0 dB=—9.45 dBi 


Azimuth 
1.830 MHz 





Figure 8—Dualband Beverage on 1.83 MHz, 
using a 700-Q resistor 63 feet from the far 
end, and a 350-2 resistor 125 feet out. 


1000‘ Ungrounded Beverage 
1/4 Terminations Perpendicular 
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0 dB=—8.88 dBi 
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Figure 10—Ungrounded Beverage, 

1000 feet long with two 4/4 perpen-dicular 
termination “tails.” Pattern from 
ungrounded Beverage in Figure 2 is 
overlaid for comparison. At A, the 
azimuthal patterns at 10° elevation are 
shown; at B, the elevation patterns are 
shown. 
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Dualband Beverage 


10° Elevation 
0 dB=—4.30 dBi 





Figure 9—Dualband Beverage on 3.5 MHz, 
using same terminations as in Figure 7. 
The termination is not optimal for this band, 
but still yields desirable directivity. 


500‘ Ungrounded Beverage, 
Perpendicular Talls 


10° Elevation 
0 dB=—14.06 dBi 


Azimuth 
1.830 MHz 





Figure 11—Azimuthal pattern for un- 
grounded Beverage, 500 feet long with 
two A/4 perpendicular termination tails. 





wire is long. For best performance on all 
bands, use a separate resistor for each tail. 


Perpendicular Tails 


The ungrounded Beverages described 
so far really don’t make optimal use of the 
entire antenna length. Although they con- 
tribute power, the near- and far-end quar- 
ter-wave tails don’t support traveling 
waves. If space permits you can feed and 
terminate against a pair of quarterwave 
wires perpendicular to each end. See Fig- 
ure 1C. This effectively lengthens the Bev- 
erage by one-half wavelength. Essentially 
the perpendicular tails form two, two-wire, 
elevated radial systems. 

Figures 10A and 10B shows the azimuth 
and elevation patterns for a 1000-foot-long, 
10-foot-high Beverage with perpendicular 
tails, with the patterns from Figure 2 over- 
laid for comparison. This antenna uses a 
500-Q termination. The pattern is some- 
what narrower than that of Figure 2 and the 
backlobes are even smaller. The elevation 
plot shows that overhead response is about 
10 dB less with perpendicular tails and that 
the forward lobe cants at a lower angle. 

Since the quarter-wave tails of a 500- 
foot Beverage comprise half its length, you 
might expect a more dramatic improvement 
for perpendicular tails on this antenna. Fig- 
ure 1] shows the pattern of a 500-foot-long, 
10-foot-high Beverage with perpendicular 
tails. This antenna also uses a 500-Q termi- 
nation. Side response is down quite a bit 
from Figure 7 and forward response is 2 dB 
greater. 

While they provide better performance, 
designs with perpendicular tails are more 
complex and occupy additional space. You 
can make better use of the additional space 
by phasing two Beverages with in-line tails 
to obtain a much better azimuth pattern . . . 
but that’s another story. 








By Brian Beezley, K6STI From QST, September 1995 


A Receiving Antenna that 
Rejects Local Noise 


Noise can make a ham’s life miserable 
on any amateur band. As we approach the 
minimum of the sunspot cycle, many hams 
are discovering that noise can be particu- 
larly frustrating on the low bands. In sum- 
mer, static crashes caused by thunderstorm 
lightning can totally mask weak signals on 
the 160, 80, and 40-meter bands. During 
other seasons, power-line noise, noise from 
household appliances, and incidental ra- 
diation from home electronic products of- 
ten limits reception. 

A recent QST article by Floyd Koontz, 
WA2WVL)| describes a small receiving 
antenna for the low bands that provides a 
cardioid directional pattern. This pattern 
can reduce noise and QRM from the rear. 
As I marveled at the elegance and simplic- 
ity of Floyd’s design, I realized that the 
antenna did have one shortcoming: Be- 
cause it is vertically polarized, the antenna 
responds strongly to local noise propagated 
by ground waves. I wondered whether it 
was possible to devise a receiving antenna 
to better reject local noise. 


The Ground Wave 


Most hams who operate HF are familiar 
with the sky wave (or space wave) that’s 
responsible for long-distance ionospheric 
propagation. See Figure 1A. The space 
wave has two components: The direct wave 
propagates along a straight line from the 
transmit antenna toward the ionosphere. 
The ground-reflected wave bounces off 
the earth’s surface and heads in the same 
direction. 

The space wave also exists for local 
propagation, as shown in Figure 1B. The 
direct wave travels in a straight line be- 
tween the transmit and receive antennas, 
while the ground-reflected wave takes a 
midpoint bounce. But when the antennas 
are close to ground, the direct and reflected 
waves nearly cancel, leaving a very small 
residual space wave. When the antennas 


Simplicity and performance combine to give birth to 
a compact antenna you'll want to have! 


are right at the earth’s surface, the waves 
cancel completely. So what makes local 
communication possible? Answer: A third 
wave, called the surface wave, that exists 
for antennas close to ground. This wave 
diminishes in intensity as you increase an- 
tenna height. The surface wave exists only 
near the surface of the earth. The combina- 
tion of the direct wave, the ground-re- 
flected wave, and the surface wave is called 
the ground wave.” 

Surface-wave intensity varies with 
frequency and ground conductivity. It’s 
stronger at low frequencies and for highly 
conductive ground. But the most important 
property of the surface wave is its polariza- 
tion sensitivity. The surface wave is much 


Ground-Reflected 
Wave 


Ground-Reflected 
Wave 





Figure 1—At A, the direct and ground- 
reflected components of the space wave 
for ionospheric propagation. At B, the 
space-wave components for local 
propagation. 


weaker for horizontal fields. For example, 
on 80 meters the broadside ground-wave 
response of a short piece of wire is 
about 34 dB lower when oriented horizon- 
tally. The difference is about 42 dB at 
160 meters.? 

The surface wave makes local AM radio 
broadcasting possible. Because of the poor 
propagation of horizontally polarized 
ground-wave signals, AM broadcasters 
universally use vertical polarization. The 
same phenomenon causes vertical anten- 
nas to pick up much more local noise than 
horizontal antennas do. Even if a noise 
source has a stronger horizontal compo- 
nent, by the time the field reaches the 
receive antenna, the vertical component 
almost always dominates. 

These facts suggest that the first 
requirement of a receiving antenna with 
low response to local noise is insensitivity 
to vertically polarized radiation, the domi- 
nant component of the ground wave. 
Surprisingly, simply avoiding the use of 
vertical wires isn’t enough. An antenna 
composed only of horizontal wires can still 
respond to vertical fields. 


A Low Dipole 


Figure 2 shows the ground-wave re- 
sponse of an 80-meter dipole 10 feet high. 
An easy-to-install, inconspicuous dipole 
like this is sometimes used for receiving 
when the transmit antenna is vertically 
polarized. The pattern shows the electric 
field strength 10 meters above ground ata 
distance of 1000 meters for an input power 
of 1 kW (the dipole exhibits the same pat- 
tern on receive). This geometry might be 
representative of that for a noisy power 
pole. Although the pattern may look simi- 
lar to that of a free-space dipole, I think 
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10 Feet High 


Ground Wave 

Range 1000m 
Height 10m 

0 dB = 4.14£-02 V/m 





3.500 MHz 


Figure 2—Azimuthal plot of the ground- 
wave response of a 10-foot-high 80-meter 
dipole. The input power to the antenna is 
1 kW. The peak electric field is shown. 


Phased Dipoles 10 Feet High 


Ground Wave 

Range 1000m 
Height 10m 

OdB =1.41E-02 V/m 





Figure 3—Azimuthal plot of the ground- 
wave response of two parallel dipoles 10 
feet apart, 10 feet high and fed out of 
phase. The input power to the antenna is 
1 kW. The peak electric field is shown. 


you’ ll be surprised to know that the wire is 
oriented broadside to the pattern null. A 
low dipole actually responds to ground- 
wave fields best off its ends! 

Here’s an explanation for this peculiar 
behavior: The dipole has no response to the 
vertical component of a broadside ground 
wave because the electric field is perpen- 
dicular to the wire. The antenna responds 
only to the weak horizontal component. 
The vertical component also is perpendicu- 
lar to the mirror image of the antenna 
formed by the ground-reflected wave. But 
away from broadside, the dipole, its image, 
or both, have a nonvanishing projection in 
the vertical plane. This enables the dipole 
to respond to the vertical component of a 
ground wave, In addition, lossy earth 
causes the surface wave to develop a radial 
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component in the direction of propagation. 
Away from broadside, the radial compo- 
nent also projects onto the wire and induces 
current. The vertical and radial components 
induce maximum current when the surface 
wave arrives in line with the wire. 

When compared to a quarter-wave ver- 
tical with four radials elevated 10 feet 
above ground, the low dipole has a 12.5 dB 
lower ground-wave response in its most 
sensitive direction in line with the wire. For 
sky-wave signals arriving at 20° elevation 
from their weakest direction (also off the 
ends), the dipole has 10 dB lower response 
than the vertical. Therefore, the low dipole 
has a signal-to-noise ratio advantage of 2.5 
dB for signals and noise arriving from their 
worst-possible directions. In the most fa- 
vorable directions broadside to the wire, 
the S/N advantage peaks sharply at 26.1 dB. 

Raising the dipole broadens the broad- 
side S/N peak and improves S/N off the 
ends. For example, for signals arriving at 
20° elevation, a dipole at 50 feet has an 
S/N advantage over the reference vertical 
of 6.3 dB in line with the wire and 25.6 dB 
broadside. If you have just a single noise 
source and you can rotate a high dipole, 
you should be able to come within a few 
decibels of the latter figure most of the 
time, But when multiple noise sources in 
different directions arise (typical for 
power-line noise in times of low humidity), 
rotating the antenna won’t help much. The 
S/N advantage of the high dipole then is 
likely to be near the worst-case figure. 

These numbers illustrate the advantage 
of horizontal receiving antennas and sub- 
stantiate the notion long held by amateurs 
that “verticals are noisy.” But you can 
reduce ground-wave noise much more ef- 
fectively if you don’t rely on a simple hori- 
zontal wire. 


Canceling Ground-Wave Components 


Although a horizontal wire responds 
only weakly to a broadside ground wave, 
its response is substantial off the ends. If 
you could somehow eliminate the end 
response, you'd be left with the low broad- 
side response and whatever residual 
response developed at intermediate angles. 

Figure 3 shows the ground-wave re- 
sponse of two parallel dipoles 10 feet apart 
and 10 feet high fed out of phase. The phas- 
ing cancels everything arriving off the ends 
of the wires. The end nulls combine with 
the low broadside response to create a re- 
sidual cloverleaf ground-wave pattern. The 
peak of the cloverleaf is 9.3 dB down from 
the peak end-response of a single dipole.* 
(Wire losses are ignored here to illustrate 
the cancellation principle.) 

This antenna is just a very-close-spaced 
W8JK endfire array. Although it makes a 
good receiving antenna for the low bands, it’s 
pretty large. And there’s still considerable 
ground-wave pickup in the cloverleaf peaks. 
If the wires somehow could remain parallel 
for all directions, it might be possible to 
achieve complete cancellation of the vertical 
and radial components of the ground wave. 





In some sense, the sides of a circular 
loop are parallel everywhere. Current am- 
plitude and phase vary little in small loops 
of regular shape. Therefore, the currents in 
opposite sides of such loops are nearly 
equal and out of phase. Unlike a W8JK ar- 
ray, a small horizontal loop does not have 
a null anywhere along the ground. But its 
ground-wave response is uniformly low in 
all directions because the antenna responds 
only to the weak horizontal component. Ey- 
erything else cancels out (or nearly so). 

A small loop usually is defined as one 
with a total conductor length of less than 
0.1 2. But unless you use large-diameter 
conductors to minimize RF resistance, loops 
this small are inefficient. A preamplifier 
may be needed to overcome receiver noise. 
You can increase the output of a loop by 
increasing its size, but the larger you make 
it, the less constant the current becomes. 
This reduces groundwave cancellation. 

The antenna of Figure 4 overcomes this 
difficulty by using two feedpoints, each on 
opposite sides of the loop to force current 
balance. One of the phasing lines is twisted 
to maintain proper phase.» This loop can be 
made quite large and still exhibit very low 
response to ground-wave noise. 


Detail of Feed Point 





Figure 4—Basic diagram of the 80-meter 
low-noise loop antenna showing detail of 
the feedpoint arrangement. The antenna 
measures 25 feet on a side, is 10 feet 
high, and made of #14 wire. It's fed at 
opposite corners with phasing lines made 
of #14 wire spaced 1.5 inches. A small 
ferrite transformer at the junction of the 
phasing lines matches the antenna to 

50 Q coaxial feed line and also functions 
as a balun. The trimmer capacitor (a 
capacitance of about 40 pF is required) in 
series with the antenna-side winding 
resonates the loop at 3.5 MHz. 


A Practical Design 


The 80-meter loop of Figure 4 has a pe- 
rimeter of 0,36 A. It’s 25 feet on a side, 10 
feet high, and made of #14 wire. It’s fed at 
opposite corners with phasing lines made 
of #14 wire spaced 1.5 inches. A small fer- 
rite transformer at the junction of the phas- 
ing lines matches the antenna to 50 © and 
also functions as a balun. A trimmer ca- 
pacitor (about 40 pF is needed) in series 
with the antenna-side winding resonates 
the loop at 3.5 MHz. 

The ground-wave response of this par- 
ticular loop is shown in Figure 5 and its 
sky-wave response in Figure 6. For signals 
arriving at 20°elevation, the worst-case sky- 
wave response is 20.5 dB below that of the 
reference vertical. This signal level is quite 
usable on 80 meters without a preamp. Be- 
cause the loop reduces ground wave noise at 
least 45.1dB, S/N improvement is 24.6 dB 
for the worst-case combination of signal and 
noise directions. if you use a preamp and 
adjust for equal signal levels, ground-wave 
noise will be four S units lower on the loop 
no matter what direction it comes from! For 
signals arriving at higher angles, S/N en- 
hancement approaches 30 dB. 

Both the ground-wave noise pattern and 
sky-wave signal pattern are very uniform 
in azimuth. The antenna is essentially om- 
nidirectional with an overhead null, just 
like a vertical. An overhead null is useful 
for reducing near-vertical-incidence 
skywave signals from nearby stations. (The 
loop rejects their ground-wave signals 
along with local noise.) 

Although the S/N performance of this 
loop is not particularly sensitive to height, 
you can increase output level substantially 
by raising the antenna well above ground. 
For example, if you raise the loop to 
50 feet, the output increases 15.2 dB for 
signals arriving at 20° elevation. At this 
height, the output level is only 5.3 dB be- 
low that of the reference vertical. You'll 
never need a preamp with a loop this high. 
The S/N advantage drops 0.1 dB. At a 
height of 20 feet, output increases 7.2 dB 
and S/N drops 0.6 dB. 

You can shrink the loop to 10 feet on a 
side. The S/N advantage increases 0.5 dB, 
but the signal level drops 6.5 dB. You can 
raise the signal level 3.4 dB by doubling 
the loop side lengths to 50 feet, but the S/N 
advantage then drops 7.9 dB. You can thus 
trade-off loop size, S/N enhancement, and 
signal level. If you use smaller wire, output 
drops. For example, it’s 1.7 dB lower for 
#22 wire. 

Although this loop is a narrowband de- 
vice and must be carefully resonated, the 
resonance is much broader than that of a 
typical small loop. You can get away with 
a single capacitor setting for both 3.5 and 
3.8 MHz if you’re willing to accept some- 
what lower signal levels. The capacitor 
setting does not affect the patterns or 
skywave-to-ground-wave ratio—it simply 
alters output level. 

The input resistance at the junction of 
the phasing lines varies over a wide range 


with loop size, height, and phasing-line 
characteristic impedance. The input resis- 
tance is about 40 Q for the loop of Figure 4 
at a height of 10 feet. A transformer using 
atype-77 ferrite core (such as an FT-82-77, 
FT-114-77 or FB-77-1024) with 9 turns of 
any size enameled wire on the coax side 
and 8 wire turns on the antenna side pro- 
vides a good match to 50-Q coax.® The in- 
put resistance drops to about 20 Q when the 
loop is raised to 20 feet and to about 15 Q 
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Figure 5—Azimuthal plot of the ground- 
wave component of a 25-foot-square, 
80-meter loop at a height of 10 feet. The 
input power to the antenna is 1 kW. The 
peak electric field is shown. 
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Figure 6—The sky-wave responses of the 
10-foot-high, 25-foot-square, 80-meter 
loop. At A, the azimuthal plot; at B, the 
elevation plot. 





at 50 feet. Use 13 turns of wire on the coax 
side for 20 feet and 15 for 50 feet. 

Although the optimum transformer 
turns ratio varies with antenna height, little 
output is sacrificed if you use a fixed ratio. 

For example, output is only | dB less 
than optimal when a loop designed for 
10 feet is used at 50 feet. If you’re deter- 
mined to obtain the best possible match, 
use 16 turns of wire on the coax side and tap 
the winding for lowest SWR (alternatively, 
a switch can be used to select any of two or 
more taps). Use the lowest possible power 
when measuring SWR. It’s easy to punc- 
ture the dielectric of a small trimmer ca- 
pacitor with a momentary blast. 

The antenna’s resonant frequency shifts 
when the phasing lines get wet. If you use true 
open-wire line with plastic spacers, the fre- 
quency shift will be less than 100 kHz. Butif 
you use 450-Q line with segmented polyeth- 
ylene dielectric, the resonant frequency de- 
creases more than 200 kHz when the line 
becomes thoroughly damp. Although this 
won't affect signal-to-noise ratio, output 
drops in the desired frequency range. You 
may be tempted to try phasing lines of 300-Q. 
twinlead routed inside PVC tubing to avoid 
moisture effects, but line impedances this low 
work only for smaller loops. 

This antenna should be constructed as 
symmetrically as possible to maximize can- 
cellation of the vertical and radial compo- 
nents of the ground wave. Make the loop 
perfectly square and accurately align it in 
the horizontal plane. Cut the phasing lines 
to the same length. Although these loops 
perform well near houses, fences, and tow- 
ers, try to install the antenna as far from 
other conductors as possible to maximize 
current balance. Use the shortest possible 
leads to interconnect the matching compo- 
nents. Although it’s probably unnecessary, 
I like to split the antenna-side transformer 
winding and put the tuning capacitor in the 
center to promote equal currents in the 
phasing-line conductors. 

To minimize the number of supports, a 
loop about 17 feet on a side can be con- 
structed using a 20-meter quad spreader. 
You can mount the spreader well up on a 
tower to increase output. Alternatively, you 
may be able to eliminate supports alto- 
gether by stringing a loop in your attic or 
garage. However, the current balance of 
indoor loops may be degraded by electrical 
wiring, plumbing, heating ducts, or other 
nearby conductors. 


On-the-Air Performance 


Ed Andress, W6KUT, located in the 
San Diego suburb of Poway, constructed a 
loop 21 feet on a side and 10 feet high. Ed’s 
location is subjected to strong, chronic 
power-line noise. On 80 meters, Ed uses a 
pair of phased quarter-wave verticals for 
transmitting. We used the verticals as a refer- 
ence when evaluating the loop. A 20-dB 
preamp was available. With the preamp, sig- 
nals near loop resonance were about equal to 
those from the verticals. 

The loop performed as expected. It 
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dramatically enhanced the signal-to-noise 
ratio of most sky-wave signals. Sometimes 
the verticals did better during a momentary 
change in propagation; occasionally a 
particular noise arose that the loop didn’t 
attenuate much. But overall, the loop was 
far superior. It made little difference on 
strong signals. It made listening to moder- 
ately strong signals much more pleasant. It 
let us copy weak signals that were buried in 
the noise and unreadable on the verticals. 

During times of no detectable powerline 
noise, we often noticed a curious effect: 
The loop still enhanced signal-to-noise ra- 
tio by one or two S units, making copy of 
moderately weak signals more pleasant. On 
these occasions, we were unable to hear the 
telltale, raspy buzz of power-line noise (or 
any other noise signature) when we listened 
with the transceiver’s AM detector. Unless 
noise happens to arrive at low angles and 
signals at high, there’s no reason for the 
loop to enhance skywave S/N. We believe 
that the unidentified noise is local and 
propagates by the ground wave. We specu- 
late that it may be the sum of hundreds of 
weak man-made noise sources in the 
densely populated suburb. (The superposi- 
tion of a large number of noise sources 
tends to be characterless even when the 
individual sources aren’t.) 


Total Ground-Wave Cancellation 

If you stack two of these loops vertically 
and bring both feed lines into the shack, you 
can form a deep null on the horizon for all 
azimuth angles by combining the signals 
with a fixed amplitude and phase offset. 
Except for azimuth-response irregularities 
caused by nearby conductors and small el- 
evation-angle differences due to range, this 
system will cancel all ground-wave compo- 
nents. This noise canceler was to have been 
the original subject of this article. However, 
a single component loop worked so well in 
practice that I decided total ground-wave 
cancellation was overkill. 
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Comparison with Other Antennas 

Aconventional, single-feedpoint, small 
loop about two feet on a side—oriented 
horizontally—yields roughly the same S/N 
enhancement as the loop of Figure 4. How- 
ever, output will be down about 46 dB from 
the reference vertical. You'll need a low- 
noise preamp with a loop this small unless 
your receiver has a very low noise figure. 
Still, even with a preamp, a conventional 
small loop makes an attractive, low-profile 
alternative. You must construct a low-out- 
put antenna like this carefully to avoid stray 
pickup. A single capacitor setting won’t 
provide good output levels on both phone 
and CW. 

The WA2WVL cardioid antenna 
attenuates thunderstorm static and ground- 
wave noise to the rear. If you’re seldom 
troubled by omnidirectional local noise, it 
should make a more effective receiving an- 
tenna than the loop described in this article. 
The cardioid also requires fewer supports 
and less space. As a bonus, it’s inherently 
broadband. 

If you have room for a two-wavelength 
Beverage, it will outperform the WA2WVL 
cardioid on sky-wave noise and should re- 
duce ground-wave noise arriving more than 
45° off boresight by at least 15 dB. If local 
noise near boresight isn’t a problem, a long 
Beverage can tremendously improve your 
receiving capability. 

The easiest way to improve reception 
on 80 or 160 meters is to use the most sen- 
sitive horizontal antenna available at your 
antenna switch. Many hams with 80-meter 
verticals find that switching to a 40-meter 
dipole or beam improves copy of weak sig- 
nals even though the antenna is nowhere 
near resonant on 80 meters. When just a 
single noise source is active, you should be 
able to null it by broadsiding a 40-meter 
rotary. 


Scaling the Antenna to Other 
Frequencies 


While I’ve used the 80-meter band for 





illustration in this article, it’s easy to scale 
the design to other frequencies. Simply 
multiply lengths, heights, transformer turns 
and capacitor values by the number you get 
when you divide 3.5 by the target frequency 
in MHz. 

That said, I don’t recommend this an- 
tenna for use above 40 meters. If you’re 
using a vertical antenna on the upper HF 
bands, do yourself a favor and replace it 
with the highest horizontally polarized an- 
tenna you can manage. Not only will your 
receive noise decrease, your transmit sig- 
nal almost certainly will improve due to 
higher ground-reflection gain.’ (Excep- 
tion: If your vertical radiates over saltwa- 
ter, keep it!) If you’re already using a 
horizontal wire on upper HF, I think your 
next antenna project should be a rotary 
beam rather than a receiving loop. 


Notes 

1 Floyd Koontz, WA2WVL, “Is this Ewe for 
You?” QST, Feb 1995, pp 31-33. 

? Frederick Terman, Radio Engineers’ Hand- 
book, 1st ed (New York: McGraw-Hill, 1943), 
pp 674-709. 

3MININEC-based antenna-analysis programs 
do not compute the surface wave, nor can 
they accurately mode! antennas close to 

round. | used NEC/Wires 2.0 with its sur- 
ace-wave and Sommerfeld-Norton ground 
options for all antenna models in this article. 
All models assumed average ground charac- 
teristics (dielectric constant 13, conductivity 
5 mS/m). 

4A small cloverleaf peak requires very close 
wire spacing. For example, the peak is down 
only 5.4 dB for a spacing of 50 feet. 

5The feed arrangement is like that of an Alford 
Loop. In fact, the low-noise receiving antenna 
really is just a variant of the VHF/UHF loop 
devised by Andrew Alford for a different pur- 
pose in 1940. See Terman, pp 814-815. 

5Don't be tempted to eliminate the transformer 
and connect 50-2 coax directly to aloop. The 
transformer functions as a current balun. It 
keeps noise current induced on the coax 
shield from entering the receiver. Just a little 
pickup BY the shield can pollute the low-noise 
output of a loop. 

7For example, on 20 meters, a horizontal dipole 
only 35 feet high has 3 to 6 dB broadside gain 
over a vertical dipole at low angles over 
average ground. 
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The K9AY Terminated Loop— 
A Compact, Directional 


Receiving Antenna 


Low-band operators are always 
looking for ways to improve their hearing. 
As alow-band fan, I was impressed with the 
EWE antenna developed by Floyd Koontz, 
WA2WVL.!2 Koontz shows us how to 
build a compact, directional antenna—a 
design that quickly became very popular. 
But when I sat down at the computer to fig- 
ure out the best way to install my own 
EWEs, a surprising new design emerged 
from my modeling experiments. 


Ladies and Gentlemen... 


Allow me to introduce you to the fermi- 
nated loop, a concept that further shrinks 
the space required for a good receiving an- 
tenna without sacrificing performance! Fig- 
ure | compares the real estate requirements 
of my four-direction loop system to that of 
an equivalent EWE array. The new system 





Figure 1—A comparison of the real estate needed for four 
EWEs and the K9AY Loop system shows that the loops need 
only '/7 the area of the EWEs, yet they provide the same 
directional patterns. 


Wish you had enough room for an effective low- 
band receiving antenna? You do! This four-direction 
system fits in a 30-foot circle! 


is not only smaller, it’s easier to install, 
needing only one support instead of five. 
The terminated loop (see Figure 2) is 
physically and electrically quite simple. It 
consists of a wire loop of any convenient 
shape (diamond, delta, etc), hung from a 
single support and with a ground rod at the 
bottom. A 9:1 impedance-matching trans- 
former connects from one end of the loop to 
ground; a terminating resistor connects the 
other end of the loop to ground. This an- 
tenna is directional, favoring signals arriv- 


85 ft 


Feed Line 


Loop Wire, 


Total Length 


9:1 Matching 
Transformer 


Ground 
YY Le sabe 


ing from the feed point end, rejecting by 
several § units any signals arriving from 
the end connected to the terminating resis- 
tor, Rrerm: 

Here’s the real news: A very small termi- 
nated loop maintains its directional pattern. 
As the loop’s size gets smaller, however, the 
desired signal strength is also reduced. The 
antenna described here is small enough to fit 
into a corner of almost any backyard. The 
loop could be made smaller, but I wanted 
to collect enough signal energy so that 





Terminating 
Resistor 


5 ft 


UY, 





15 ft 


WM 





Figure 2—The basic design of a single loop in an easy-to- 
construct quasi-delta loop configuration. Exchanging the feed 
point and termination reverses the pattern. A four-direction system 
uses two of these loops installed at right angles to one another 


(as shown in Figure 1) and a relay controlled switching system. 
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to Top Support 


SS 


Insulator 


Rope Support Tied to: 
a) Nearby Tree 
b) Post 


Feed Line c) Ground Stake 


Ground 
OWS fp 


Di, D2 — 1N4001 

K1, K2 — 12 DC, DPDT 
* See Text 

@ Phasing 








Figure 3— 
Construction details 
of a terminated loop, 
showing the base 
connections and 
corner supports of 
one of the loops. The 
relay box also houses 
the 9:1 matching 
transformer. 





Figure 4—A photo of the central 
connection point at the base of a two-loop 
system, as installed at K9AY. 


even a modest preamp (such as those in- 
9:1 Transformer cluded in most HF rigs) can be used. More 
information on the antenna’s operation can 
be found in the sidebars “How Does the 
Terminated Loop Work?” and “Summary 
of Characteristics.” 
to Control Box To cover all directions, two loops using 
ond Rig the same support are oriented at right 
angles to each other. Each loop provides 
reception from two directions when the 
feed point and termination are reversed, 
for a total of four separate patterns. Here 
are all the details you need to build the 
K9AY Loop antenna system, including a 
relay-controlled pattern-switching system 
that uses the coaxial feed line to carry 
the switching system control voltage. 


Figure 5—Schematic of the relay box located at the base of the system. The relays 
switch between the two loops, reversing the feed point and termination connections. 


How Does the Terminated Loop Work? 


The terminated loop was developed after examining the 
behavior of the EWE. In theory, the EWE is a terminated 
half-loop. High-frequency directional couplers such as those 
used in the well-known Bird Thruline wattmeters are con- 
structed similarly, just much smaller.* My analysis deter- 
mined that a terminated full loop, fed and terminated to a 
single ground point at bottom center, behaves the same way 
as a half loop. 

How does a single loop achieve a directional pattern? By 
the way it responds to the electric (E) and magnetic (H) field 
components of the arriving electromagnetic wave. Let’s say 
we have a signal arriving at the loop from one end. As the 
wave passes, the loop’s wire intercepts the E-field like a 
short vertical antenna, creating a voltage at the feed point. 
As expected from a vertical, the E-field response is omni- 
directional. 

The magnetic field works differently. The H field is at right 
angles to the E field and induces a current as it passes 
through the loop. The voltage developed across the termi- 
nating resistor by that current is combined with the E-field 
voltage. If the wave arrives from the feed point end, the 
voltages add in phase. If the wave arrives from the opposite 
direction, the voltage is 180° out of phase with (and sub- 
tracted from) the E-field voltage. To maximize the front-to- 
back ratio, the terminating resistor must have a value that 
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balances the voltages created by the two field components 
so that their sum is close to zero. 

The resulting pattern is a cardioid with a single null. With 
an optimum terminating resistor, the null can reach 40 dB or 
more in depth—that’s more than six S units! The null is not 
at ground level, but at 20 to 55° elevation, depending on the 
shape of the loop and local ground conditions. Unless you 
build a short, wide loop or a tall, skinny loop, the null will be 
at 30 to 40° elevation, very convenient for reducing QRM 
from in-country stations. 

Ground is an essential part of the antenna—its resis- 
tance is part of the circuit. If ground conductivity is known at 
your location, it can be included in the computer modeling 
parameters. However, ground conditions can change over 
a short distance and vary with seasonal changes and mois- 
ture content. If you find that the antenna does not perform 
as modeled, adjustment of the terminating resistor value 
may be needed, as noted in the article. 

Ground does not need to be lossy, as is the case with a 
Beverage antenna. The loop has directivity even with per- 
fect ground. This means that you can install it over any type 
of ground, including a buried radial system (as long as it’s 
not too close to another structure).—Gary Breed, K9AY 


"Instruction Book, Model 43 Wattmeter, Bird Electronic Corp, 
Solon, OH. 


Let’s Build It! 


First, gather the following materials to 
construct the loops: 

e Two lengths of wire about 85 feet each. 
Although almost any wire size will do, 
#14 copper is probably the best fora long- 
lasting installation. 

e Ten simple insulators—anything from 
old toothbrush handles to fancy porce- 
lain insulators will do. 

e A three or four-foot length of copper 
pipe—the ground rod doesn’t need to be 
driven deeply—a depth of three to four 
feet is sufficient. Because copper-plated 
steel rods eventually rust, I prefer to use 
'/o or */s-inch-diameter copper water pipe. 

e One support 25 feet above ground—my 
antenna hangs from a limb of a Georgia 
Pine, but anything that gets the top of the 
loops up about 25 feet will work. The 
wooden A frame support described in The 
ARRL Handbook and Antenna Book is an 
excellent choice. A metal mast can be 
used, but make it only as long as neces- 
sary and insulate it from ground. Large 
metal objects affect the antenna’s per- 
formance, so install it in the clear. 


n.c. = No Connection 


eYou'll also need some rope—nothing 
fancy, just something strong enough to 
keep things in place. 

Now, grab your tools and head for the 
backyard. Attach the midpoint of each wire 
length to an insulator that will be posi- 
tioned at the top of the loop. The two loops 
must not touch each other, so leave some 
room between their insulators. I separated 
my insulators with about a foot of rope. 

Aligned directly under the tops of the 
loops, drive a ground rod, leaving a foot or 
so above ground as an attachment point. 
Using short ropes or wires, connect four 
insulators a few inches away from this post 
to receive the lower ends of the loops. 
Leave a foot of wire for a pigtail after twist- 
ing the ends of the loop wires around the 
insulators. Figure 3 sketches the important 
installation details, and the photo of Figure 
4 shows how my system is installed. 

The lower corners of the loops are sup- 
ported by insulators and ropes tied off to 
nearby trees, fence posts, or stakes driven into 
the ground. Pull out the corners with enough 
tension to maintain the loop shapes. At this 
point, the major mechanical work is finished 


DIRECTION 





Figure 6—Schematic of the control box located in the shack. The control voltage to 
operate the relays is delivered via the coaxial line. 


Summary of Characteristics 


When choosing a specific configuration or location for your KSAY Loop system, 


consider this list of characteristics: 


e Like all antennas, this one can be affected by nearby metallic objects or struc- 
tures. Do your best to keep the antenna in the clear, away from your tower, house 


and power lines. 


e Noise reduction in this antenna is achieved mainly by the directional pattern, 
although being grounded offers some reduction of wind, rain and snow static. Com- 
pared to the typical omnidirectional vertical or low inverted V, the reduction in 
overall noise and interference can be dramatic. 

e The maximum circumference of the loop is a little over '/s A at the highest 


frequency of operation. If the loop is larger, the E and H-field responses of the 
antenna can no longer be balanced. Smaller loops (or same-size loops at lower 
frequencies) retain the directional pattern, which makes this an excellent antenna 
for AM broadcast reception. Unfortunately, the received signal voltage is propor- 
tional to the area enclosed by the loop, so sensitivity decreases rapidly as the 
antenna becomes smaller. Unless you have a very good preamp, keep the loop 
sizes near the maximum. 

¢ The T-Loop is not just a low-frequency antennal It can be used at high frequen- 
cies for shortwave listening, or to provide improved reception over an omnidirec- 
tional antenna such as a vertical. Just scale the size to the desired frequency using 
the guidelines presented in the accompanying article—Gary Breed, K9AY 





and you should have something resembling 
an eggbeater, as shown in Figure 1. 


The Relay Box and Controller 


Figure 5 shows the relay circuit used to 
switch the feed and termination points of 
the loop wires. House the components in a 
weatherproof box having external connec- 
tion points for the four ends of the loops, a 
coax connector for the feed line and a 
ground-wire attachment. 

Ki is a DPDT relay that switches be- 
tween the two loops. K2, another DPDT 
relay, swaps the connections of the termi- 
nating resistor and matching transformer, 
thereby reversing the pattern, Relay power 
is supplied via the coaxial feed line. Cl 
keeps the control voltage from reaching the 
antenna, and C2 provides an RF ground for 
the transformer. 

Most builders will likely choose to ori- 
ent the loops for northeast/southwest and 
northwest/southeast directions. The relay 
box has four switching modes, one for each 
direction: 1) northeast, when neither relay 
is energized; 2) southeast, when K1 only is 
energized; 3) southwest, when K2 only is 
energized and 4) northwest, when both re- 
lays are energized. Switching is accom- 
plished using a single power connection 
through steering diodes D1 and D2. D1 al- 
lows K1 to operate when +12 V is applied, 
while D2 blocks the voltage from reaching 
K2. When —12 V is applied, K2 operates, 
but not K1. When 12 V ac is applied, the 
diodes rectify it to operate both relays. 

The matching transformer is a 9:1 im- 
pedance, 3:1 turns ratio type that should be 
familiar to many readers. Five trifilar turns 
of ordinary hookup wire are wound on a 
3/4-inch-diameter (0.825 inch) 43 material 
toroid. The terminating resistor (Rrgpy) 
value will be between 390 to 560 2, de- 
pending on your band preference. With 
average ground conductivity, a value of 390 
Q provides the optimum F/B at 160 meters, 
while 560 Q optimizes the loops for 80 
meters. A value of 470 Q splits the differ- 
ence for “pretty good” performance on both 
bands. I chose to optimize the antenna for 
160 meter operation, so used a 390 Q resis- 
tor. Use an Rrppy power rating of at least 1 
W in case some transmitter power ends up 
being coupled to the loops. I use a 2-W 
carbon resistor, but two parallel '/2-W or 
four '/s- W units of appropriate ohmic value 
can also be substituted. 

Figure 6 is a diagram of the contro] box 
that is located in the shack. One 12 V ac trans- 
former provides the ac relay power and feeds 
two half-wave rectifiers and filter capacitors 
to generate +12 V. One SP4T switch selects 
the proper voltage to apply to the coax. The 
RF choke and 0.1 pF capacitor keep the RF 
and control voltage separated at the shack end. 

Once the control unit and relay box are 
built and operating properly, mount the relay 
box at the ground rod and connect the four 
ends of the loops to their proper terminals. A 
length of 50 Q coax carries the signal and 
power between the antenna and the switch 
box in the shack. I highly recommend keep- 
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OdB = —26.48 dBi 
Freq = 1.825 MHz 


Figure 7—Vertical radiation pattern of the loops along the plane 


of the loop. 


ing the coax on the ground (buried is better) 
to minimize pickup of noise or energy 
coupled from your transmit antenna. A re- 
ceiving preamplifier is almost certainly 
needed, either your rig’s internal preamp 
or an external preamp. 


Evaluation and Adjustment 


Next, verify that the antenna is working 
correctly. Some listening is probably what 
you'll do first, but fading makes it almost 
impossible to determine the antenna’s ac- 
tual performance. At best, you will be able 
to confirm that the antenna has reasonable 
directivity. 

More accurate listening tests can be per- 
formed several ways. The best way is to enlist 
the aid of a nearby ham whose station is very 
close to being in line with one of the two loops. 
If such help is not available, the next-best op- 
tion is to identify a local AM radio station 
high in the band (1400-1600 kHz) and use 
that as your test signal. Switch the loops to 
their various directions. If the test station is 
directly in line with one loop, you should see 
a front-to-back (F/B) ratio of about 2 to 3 § 
units as the antenna is switched toward and 
away from the station. You won’t see a huge 
F/B because the deepest null is up at 30 to 40°. 

Local ground conductivity can affect 
performance. You might not get an optimum 
pattern at your particular location with the 
“normal-value” terminating resistor. If you 
aren't getting the expected performance, 
substitute a 1 kQ potentiometer for the ter- 
minating resistor and adjust it for best F/B 
while listening to your test station. Then, 
measure the pot’s resistance and install a 
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Elevation Plot 
Azimuth Angle = 0.0 Deg. 


OdB = —26.48 dBi 
Freq = 1,825 MHz 








Azimuth Plot 
Elevation Angle = 30.0 Deg. 





Figure 8—Horizontal radiation pattern of the loops at 30° 


elevation. 


fixed-value resistor of the same value. 


Antenna Performance 


The vertical pattern of the antenna, in 
line with the loop, is shown in Figure 7. 
Figure 8 is the azimuth pattern at 30° eleva- 
tion. Modeling was done using W7EL’s 
EZNEC program,’ which uses NEC-2 to 
evaluate the antenna over “real” ground.* 
Listening tests confirm that these modeled 
patterns are close to the as-built antenna 
performance. Much of the on-air pattern 
evaluation was done by listening to AM 
broadcast stations and to WWV on 2.5 
MHz, because the pattern of the antenna 
changes little over this frequency range. 
Stations at exactly the right distance and 
directions have verified the deep null off 
the back. For example, New York City area 
radio stations are exactly in line with my 
northeast/southwest loop, and show 40 dB 
F/B ratio when the arrival angle is just right! 

The front of the pattern is quite broad, with 
maybe one S unit F/S. The advantage of this 
antenna is its rearward null, which reduces 
local noise and distant QRM. I installed my 
system just 2!'/2 weeks before the 1996 ARRL 
160 Meter Contest, so it got a thorough evalu- 
ation in a short time. During the contest, 
changing the pattern direction often made the 
difference between Q5 copy and a busted 
contact. For example, pointing southeast to 
hear Caribbean stations reduced stateside 
QRM by 2 or3 S units, enough to easily hear 
the DX through unruly pileups. 


Higher-Performance Ideas 


The compact size of the K9AY Loop 
makes it easy to build more than one for a 


multielement array. Installing two of them 
in a broadside/endfire combination is one 
option, but a really ambitious approach 
would be to install a four-square! This ar- 
ray would have a substantial F/B over a 
wide angle, along with a much narrower 
front lobe than a single loop. The space re- 
quired for this high-performance array is 
far less than what is needed for Beverages. 
If you try this, remember to switch the in- 
dividual loops to the desired direction as 
you switch the feed system. 


Summary 


If you want improved reception on the 
low bands and don’t have a lot of room, the 
terminated loop is an excellent choice. It is 
small, easy to build and its directional pat- 
tern makes DX much easier to hear. 


Notes 

‘Floyd Koontz, WA2WVL, “Is This Ewe for 
You?” QST, Feb 1995, pp 31-33. 

2Floyd Koontz, WA2WVL, “More EWEs for 
You,” QST, Jan 1996, pp 32-34 

SEZNEC 1.0 by Roy Lewallen, W7EL, PO Box 
6658, Beaverton, OR 97007; tel: 503-646- 
2885, fax: 503-671-9046. 

‘The modeling accuracy of antennas with a 
direct connection to ground is somewhat un- 
certain, even with the power of NEC-2. The 
high accuracy ground characterization of the 
Sommerfield method gives answers that vai 
with the number of segments chosen for eac! 
wire. The MININEC-type ground model gives 
more consistent results, but on-air tests show 
that the deepest null is obtained with a lower 
value terminating resistor than this model 
indicates. The plots presented here are the 
“best fit” between modeled and observed 
performance. 


Photos by the author. 








From QST, May 1998 (Technical Correspondence) 


Hum Pro 


blems When 


Switching the K9AY Loops 


By Gary Breed, K9AY 


I am pleased to report that many hams 
have successfully built the receiving an- 
tenna described in the September 1997 issue 
of QST.' [had some concern that variations 
in local ground conditions and nearby struc- 





tures could reduce the antenna’s perfor- 
mance, but the performance I obtained 
seems to be readily duplicated. 


‘Gary Breed, K9AY, “The K9AY Terminated 
Loop—A Compact, Directional Receiving 
Antenna,” QST, Sep 1997, pp 43-46. 


9:1 Transformer 


Control 


to 
Box 


Figure 1—A revision of the schematic shown in Figure 5 of the September 1997 QST 


article. 


Fi 
0.254 


Ss 


120V <1 120V 


n.c. = No Connection 


An External 12V DC 
Power Supply can be 
Connected Here 
(Negative to Ground) 


12V 
300mA _1N4001 


Figure 2—Changes to Figure 6 of the original article. 


There is one problem that needs to be 
addressed. When the loops are switched to 
the northwest direction, an ac voltage is 
sent down the coax to the relay box. A few 
hams have reported hum or distortion 
when the antenna is switched in this direc- 
tion. Two explanations are possible: a 
ground loop due to widely separated an- 
tenna and station grounds, or modulation 
of the core of the matching transformer. 
The presence of hum was not evident in my 
prototype, but to avoid either cause of the 
problem, I recommend using a separate 
three-conductor control wire to operate the 
relays. The power is solely 12 V de, and no 
current flows through the transformer. The 
modifications are shown in the accompa- 
nying figures, which can replace Figures 5 
and 6 in the original article. 

Secondary benefits of this arrangement 
include the option of using an existing 12 V 
power supply to provide the operating volt- 
age, and the ability to use an additional 
conductor to carry power to an antenna- 
mounted preamplifier. 





Chapter8 8-13 


Maximum Vibration 


~ 
No Vibration 





m)) 4:05 / 11:26 





W 


| > 

® 
| a 
rr. 
rr. 


| > 
wr 
| > 


A Skyhook for the ’90s 
From May 1997 QST 


Balloon Skyhooks 
From August 1997 QST (Technical Correspondence) 


The Clothesline Antenna 
From July 1998 QST 


A Variable-Frequency Antenna 
From July 1949 QST 


Honey, | Shrunk the Antenna! 
From July 1993 QST 





By Don Daso, K4ZA From QST, May 1997 


A Skyhook for the 90s 


Some History, as Introduction 


By 1936, the Zeppelin company was 
without rival in the design, construction 
and operation of rigid airships. Flying suc- 
cessfully around the world, providing regu- 
lar passenger service between Germany 
and South America, the Graf Zeppelin air- 
ship was nonetheless unsuited for the hard- 
ship of crossing the North Atlantic. The 
Hindenburg was designed and built for this 
route. This huge airship was one of the larg- 
est flying machines the world has ever 
known. Her crash and destruction at 
Lakehurst on May 6, 1937, ended the era of 
passenger transport by airship.! 

Later, growing up on a farm near Ak- 
ron, [sometimes saw the Goodyear airships 
passing silently overhead. Twenty-odd 
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Figure 1—K4ZA fastens the antenna and 
tether to the miniature blimp prior to launch. 


‘The terms concerning lighter-than-air (LTA 
craft are often misapplied. Webster's Nint 
Collegiate Dictionary indicates that dirigible, 
airshipand blimp all denote an LTA with steer- 
ing and propulsion capabilities. Hence, the 
terms do notstrictly apply to the kytoon, which 
has neither steering nor propusion systems. 
Nonetheless, blimp is so commonly used by 
manufacturers, sellers and users to describe 
the kytoon that we continue that usage here, 
as well. —Ed. 





Is your group looking to put up a BIG vertical antenna 
for Field Day? The crew at N4ZC started their own air 
corps. Their full-size 160-meter quarter-wavelength 
vertical is not supported by hot air! 


PHOTO BY DON DASO, K4ZA 


Figure 2—Select a flying area free from 
obstructions so your blimp can fly with 
the wind in any direction at an angle as 
low as 45° from the ground. Do not fly 
in areas where there is any chance of 
the tether or antenna contacting 
buildings, power lines or trees. 
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years after the Hindenburg disaster, I be- 
gan to experiment with balloons myself— 
originally using surplus weather balloons 
to support wires, and more recently, with 
small blimps holding contest antennas. 
Many hams have considered using balloons 
or kites for antenna supports. Indeed, they 
come closer than anything else to that 
“skyhook” we all jokingly refer to on occa- 
sion. Yet, each one has limitations. 


The Kytoon 


Balloon-supported antennas tend to lose 
altitude in the wind, however slight. Kites 
cannot fly without wind. Satisfactory ser- 
vice from either support requires a 
limited range of wind and weather condi- 
tions—something that’s not too common. 
Combining features from each—the bal- 
loon and kite—solves several of these 
limitations. Indeed, the Kytoon is a small, 
inflatable blimp-shaped balloon with kite- 
like surfaces that cause it to fly into the 
wind. An early Kytoon—with a rigid skel- 
eton—is registered with the US Patent Of- 
fice and enjoyed some success as a 
skyhook, (See Bibliography for further in- 
formation.) 

Today, the early Kytoon’s bladder-and- 
frame construction has been replaced by 
completely inflatable balloons, made from 
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Figure 3—Here’s 
our miniature 
version of the real 
thing—fresh out of 
the box and ready 
for inflation. 


2 to 3-mil polyurethane film (see Figure 
1). Brilliant skin colors are common be- 
cause these miniature blimps are intended 
for advertising purposes. These small 
blimps are available from various sources, 
with prices varying according to size— 
typically from 10 to 30 feet long and start- 
ing at $300. [Beware: Many suppliers spe- 
cialize in advertising Kytoons and sell 
them for twice the price of those sold for 
scientific uses.—Ed.] 

The plastics used in their construction 
have been specially formulated for high 
elasticity, helium retention and paint appli- 
cation. Helium (a safe, inert gas) is avail- 
able from party suppliers or welding supply 
companies. One tank will easily support an 
antenna for the typical contest weekend. If 
you have some room, but maybe not the 
resources to put up a full-sized radiator, 
consider a tethered Kytoon. As a modern 
antenna support, these miniature blimps are 
the skyhook of the 90s. 


Tethered Flight 


Most hams considering these small 
blimps as antenna supports concentrate on 
their antennas. This natural inclination can 
create problems. Most hams have little 
knowledge or experience with the basic 
principles of LTA flight, knots and rigging 


PHOTO 8Y SCOTT DOUGLASS, K2SD 


Figure 4—Vertical antennas are real-estate intensive. K4ZA and KF4HK install radials in 
the horse pasture at N4ZC’s contest station. 
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tules, with FAA regulations, with weather 
and especially with how these all relate to 
tethered flight. It’s a complex process and 
serious business to lift an antenna aloft with 
a small balloon or blimp. 

These blimps consist of a closed enve- 
lope of gas—usually helium—that is lighter 
than the atmosphere. Gas balloons can only 
descend by losing lift (that is, by venting 
gas) or when some force overcomes their 
lift (retrieval by tether or powered flight). 
As a gas balloon rises, it will reach an equi- 
librium altitude, where it will remain until 
the lift-to- weight ratio changes. These prin- 
ciples—which are mostly associated with 
larger, cargo-carrying blimps—are impor- 
tant, especially because our balloon will be 
tethered. As with any tower or antenna 
project, use common sense and make safety 
your highest priority! 

Because space is three-dimensional, any 
“skyhook” can turn in the air—rotating in 
three axes: a longitudinal roll, a lateral yaw 
and a vertical pitch. The shape of these 
blimps allows them to “fly” in the wind, 
countering these motions, and the tether 
allows the blimp to move easily enough 
within those three axes. Generally, you will 
experience something like Figure 2. 

A 10 to 12-foot blimp is sufficient for 
most antennas suitable for low-band 
use. Most blimp applications will be for 
160 meters, because the sheer size of effec- 
tive antennas for this band makes them dif- 
ficult (and costly) to erect. A 10 to 
12-foot-long blimp of 3 to 4 feet in diam- 
eter holds about 70 cubic feet of helium 
and is capable of lifting two pounds. This is 
sufficient for an effective 4/4 wire vertical 
for 160 meters. 


Setup, Antenna and Ground 


You'll need a working area on the 
ground to inflate your blimp. A 20x20-foot 
area should suffice. It’s important to pro- 
tect the thin skin of the balloon. I usually 
lay the balloon out on a tarp to prevent any 
stubs or twigs from poking the plastic skin 
(see Figure 3). While the plastic seems 
sturdy and elastic, I’m always careful and 
treat the balloon gently. I hold the helium 
tank upright, and I usually lash it securely 
to a two-wheeled dolly, so I can move it to 
the field easily. Follow the manufacturer's 
inflation directions carefully (each will be 
slightly different). 

Inflation temperature is important: If 
possible, inflate the balloon at the same 
temperature it will experience in flight. 
Helium comes out of the tank cold. With 
rising temperatures, it expands quickly in- 
side the balloon. Sunlight and warm air 
cause further expansion. (In very hot 
weather, a balloon loses some of its lifting 
power, but this is usually not a problem.) 
Do not overinflate the balloon. Finger pres- 
sure will barely dent the surface of a 
properly inflated polyurethane blimp. Pay 
special attention while closing the neck of 
the blimp. With many blimps, you can sim- 
ply fold the neck back on itself several times 
and then fasten it in place with heavy rub- 
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Figure 5—WA4UNZ and K4ZA work inside 
the large copper ground ring installing the 
feed system. 


ber bands (folding them, if necessary) to 
provide a tight, leak-free fit. Refills are 
much easier when rubber bands, rather than 
knotted rope, seal the balloon. 

Use a quality ball-bearing swivel be- 
tween the end of the tether and the balloon’s 
attachment line. This allows the blimp to 
easily turn into the wind. Fishing line works 
well as a tether; so do some kite lines and 
other synthetic ropes. I’ve used 100-pound 
fishing line and '/s-inch nylon rope. 

Stranded wire is a lightweight antenna 
conductor. Aluminum welding wire is light 
and strong enough to use. (I use phosphor- 
bronze wire that was originally intended 
for use with the “Gibson Girl” rescue unit’s 
kite- or balloon-supported antenna. It 
comes on a small reel. The irony, weight 
and low cost appeal to me.) To save time, 
measure and mark the antenna length be- 
fore construction begins. I have found no 
instances where the addition of a tether 
created a problem, in launch, retrieval or 
during flight. The antenna has never bro- 
ken; and our balloon has never broken free. 
Obviously, it’s simple insurance, and you 
don’t want your antenna wire touching 
power lines or other hazards, which might 
happen with a runaway blimp. 

The original installations at N4ZC were 
all within a working pasture (see Figure 4). 
On-ground radials were easier to install 
than elevated radials, albeit more labor- 
intensive (easier because they need no sup- 
ports, labor-intensive because it requires 


more radials—4 versus 60). A large diam- 
eter ring of copper water pipe served as the 
radial connection point and made solder- 
ing easier. The ring also created a work 
space to stand in during set up and launch 
(see Figure 5). (Future installations will 
use a high, central wooden post, with at- 
tachment points for the antenna, tether and 
four elevated radials.) Our installation is 
over 150 feet from the nearest tower (the 
20-meter array). RG-213 runs from the 
feed point to the base of that tower, where 
it connects to Hardline running to the 
shack. 


Hints 


Always wear gloves when launching 
and retrieving the blimp. Let the blimp rise 
slowly; retrieve it slowly. The lift can be 
terrific, and the antenna wire and tether can 
easily cut your hands. Always have helpers 
coil up the antenna and tether on spools as 
you walk the balloon down. (I recommend 
reeling in the blimp during daylight hours. 
It’s a tempting target, and we hear gun- 
shots in the woods all the time at N4ZC’s 
somewhat country location. Make certain 
winds cannot push the blimp into nearby 
objects, even when it’s near the ground.) 

FAA regulations for flying tethered 
balloons—those under five pounds in 
weight—are clear: No person may operate 
a kite or balloon in a manner that creates a 
hazard to persons, property or other air- 
craft. 

Avoid all dangerous situations: opera- 
tion near airports, in wet or stormy weather, 
near electric power lines, over public 
streets or areas congested with people or at 
extreme heights (which is probably the first 
thing a ham will think of). Use common 
sense and play it safe. Using less than the 
legal limit with a single '/s vertical sup- 
ported by a 10-foot blimp, I’ ve been able to 
work any station heard on 160 meters. 


Sources 


Here are names and contact information 
for two suppliers of these inflatable blimps: 
Toy-Tex Novelty Company, 7315 N 

Linder, Skokie IL 60077. 

The Blimp Works, 156 Barnes Airship 

Dr, Statesville NC 28677. 





Annotated Bibliography 


There’s a wide variety of applicable in- 
formation and material available, but not 
much has appeared in Amateur Radio pub- 
lications. This is new territory, in many 
ways, that’s worthy of further experimen- 
tation. I recommend the following books 
and articles for further reference and 
study—before buying, building and flying: 
R. Carleton Greene, W8PWU, “More On 

Balloon Supported Antennas,” QST, 

Nov 1940, pp 38, 39 and 82. One of the 

earliest articles on using meteorological 

balloons as antenna supports, complete 
with lifting charts. 

David T. Ferrier, WILLX and William G. 
Baird, W9RCQ, “A New Kind of Sky- 
hook,” QST, Oct 1946, pp 24-25. The 
original use, as best I can determine, of 
the Kytoon as an antenna support. Al- 
though focused on emergency or Field 
Day use, the final line of the article pre- 
sents this challenge: “Perhaps long-wire 
vertical antennas can now be exploited 
with outstanding results.” 

Stan Gibilisco, WL1GY, “Balloons as An- 
tenna Supports,” The ARRL Antenna 
Compendium, Volume 2, (Newington: 
ARRL, 1989). A brief overview of the 
topic, with good descriptions and sev- 
eral safety tips. 

Maxwell Eden, Kiteworks, (New York: Ster- 
ling Publishing Company, 1989). An ex- 
cellent book about kites of all kinds— 
including building and flying them. 
It’s filled with tips and techniques. 

Will Hayes, The Complete Ballooning 
Book, (Mountain View, California: 
World Publications, 1977). Although 
focused on large hot-air balloons, the 
history, basics of flight and safety chap- 
ters are well worth your time. It also in- 
cludes the FAA regulations. 

John Belrose, VE2CV, “A Kite-Supported 
160- (or 80-) Meter Antenna,” OST, Mar 
1981, pp 40-42. A unique application of 
the Parafoil—a special type of kite. In- 
teresting tips and techniques applicable 
to blimp-supported antennas. 

“160-Contest Results,” OST, Jun 1976, 
pp 71-74. Pictures and text from W8LT, 
the Ohio State University Amateur 
Radio Club, using an original Kytoon to 
support a vertical antenna. 
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By Jack M. Hughes, WB6SOI 


I appreciated and enjoyed “A Skyhook 
for the ’90s.”! The company I work for, 
TCOM, L.P., has been doing this sort of 
thing commercially since 1981, but on a 
much larger scale, Since 1972, TCOM, L.P. 
has been an authority on and builder of aero- 
stats.? We manufacture and market an aero- 
stat system called the Tethered Aerostat 
Antenna Platform (TAAP). 

VLF and LF transmitters and receivers 
are used by the military and governments 
worldwide for high-reliability communica- 
tion of strategic information. A typical an- 
tenna system for VLF/LF communication 
is a complex array of wires suspended on 
insulated towers that take months to erect 
and place into operation. A unique scheme 


'Don Daso, K4ZA, “A Skyhook for the '90s,” 
QST, May 1997, pp 31-33. 

?Aerostats are essentially helium-filled, aero- 
dynamically shaped balloons that are teth- 
ered to ground. They're not cheap—a 
15-meter-long Aerostat system costs about 
$175,000. 
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From QST, August 1997 (Technical Correspondence) 


Balloon Skyhooks 


for the rapid deployment of a complete 
VLF/LF (up to 100 kW) communications 
system uses the TAAP. 

An aerostat is employed to elevate an 
encapsulated vertical antenna/tether to a 
height approaching one quarter wave- 
length for the frequency in use. At VLF, 
this technique enables the system to oper- 
ate with a high antenna-radiation effi- 
ciency unobtainable by other land or sea- 
based antennas. 

The radiated-power efficiency is further 
enhanced by the installation of a simple 
groundplane consisting of eight radial 
wires emanating from beneath the moor- 
ing-system trailer. The radial ends are se- 
cured by ground rods and copper wire. The 
entire system—antenna/tether, aerostat, 
mooring system, transmitter and equipment 
shelter—is designed to be transportable by 
land, air or sea and to be rapidly erected at 
a selected site. 

The aerostat is a helium-filled, aerody- 
namically stable tethered balloon typically 
32 meters long. Its antenna/tether is com- 


posed of Kevlar with optional fiber optics 
and two concentric outer sheaths of alumi- 
num braid. The Kevlar construction pro- 
vides up to five times the strength of a simi- 
lar-weight steel cable. A fiber-optic core 
provides for secure communication be- 
tween the ground and the aerostat, and 
the double-aluminum sheaths act as the ra- 
diating elements—as well as a path for the 
400 Hz electrical power to the aerostat. 

The aerostat is launched and retrieved 
at a rate of 200 feet per minute and it does 
not vent helium. In addition to the helium 
chamber, it uses an air-filled ballonet sys- 
tem that expands and contracts depending 
on the outside air pressure to keep the aero- 
stat rigid at all times. It can operate in winds 
of up to 50 knots and will survive in winds 
of greater than 70 knots. The system is de- 
signed to fly continuously for up to 21 days 
before replenishing it with helium. 

I commend author Don Daso for his cre- 
ativity and resourcefulness. He seems to 
have just as much of a thrill as we do in 
handling LTA vehicles. 


By Robert Victor, VA2ZERY From QST, July 1998 


The Clothesline Antenna 


Dry your laundry or work DX. Could this be the first 


Every once in a while, you run across an 
idea that seems so simple, so obvious, you 
can’t believe it hasn’t been done before. 
Surely (you say to yourself), you’re not the 
first person in the universe to have thought 
of this... 

That’s the case with the Clothesline 
antenna and me. While mulling over a va- 
riety of ideas for an antenna suited to my 
apartment, I started drawing some graphs 
of sine waves at various frequencies. One 
thing led to another and I wound up with a 
terrific solution for my antenna needs— 
and it was one that I haven’t found any 
references to anywhere. As far as I’m con- 
cerned, /’ve invented the Clothesline. Still, 
I’m not going to be surprised if someone 
shows me that it’s been done before! 

But even if this antenna design has been 
around since hydrogen, it may still be new to 
you. And even if you have seen something 
similar to the Clothesline, this design may be 
worth a second look. For hams in a variety of 
situations, this could be just what the doctor 
ordered to cure your DX dilemma. 


What It Is ... And Isn’t 
I will tell you what the Clothesline is, 





THAT LAST PAIR OF LONG JOHNS YOU 
REELED OUT MOVED MY FEEDPOINT 


dual-purpose antenna? 


but first I'll tell you what it is not. The 
Clothesline isn’t some dubious trick for 
loading up an actual clothesline with 12 
cubits of RG-213 looped four turns to the 
foot around your washing machine. This is 
an antenna, it works all the HF bands, and 
it gets great results. It doesn’t need a tuner 
because it’s dead-on resonant on the 160, 
80, 40, 20, 15 and 10 meter bands. A tiny 
tweak will bring in 12 and 17 meters, too. 

It’s remarkably easy to build. There are 
no traps, no stubs, no loading coils, no vari- 
able or fixed capacitors, no screws, no 
clamps, and you don’t have to drill any- 
thing. This antenna is so simple to put up, 
it hurts. The Clothesline consists of little 
more than a piece of wire, a center insula- 
tor, some feed line, and a couple of $2 hard- 
ware-store fittings. 

Too good to be true, you say? What’s 
the catch, you ask? 

Well, you do have to adjust this antenna 
for most band changes. But before you get 
too excited by the word “adjust,” I’m not 
talking about unwrapping yards of black 
tape to get at a loading coil, or tweaking the 
bare shaft (whoops, hot side—sorry!) of a 
50-year-old fleamarket variable capacitor. 


No, the Clothesline makes band changes a 
piece of cake. When you see how easy itis, 
you're going to chuckle! 


The Concept 


The easiest way to explain how the 
Clothesline works is to lead you through 
the simple reasoning I used to come up with 
the thing. I started with a drawing like the 
one in Figure 1. It shows a simple dipole 
for 80 meters. It’s 132 feet long and fed in 
the middle with coax. Next drew the graph 
of the voltage distribution along the an- 
tenna (at its fundamental resonant fre- 
quency). Note the voltage is at amaximum 
(with reference to ground) at the antenna 
ends. That's important for any dipole ra- 
diator. The ends of the antenna have to 
correspond to the high voltage points of 
the curve. 

I already knew that the curve the volt- 
age wave describes is a quarter of a full 
cycle—a quarter wavelength—on each 
half of the antenna. And that the distance 
between the two places where the voltage 
is highest, or in other words, from one end 
of the antenna to the other, is '/1 plus '/s— 
a half wavelength. That’s why they call it 
a half-wave dipole. 

I also understood why the feed point is 
in the middle. It’s located precisely where 
the voltage curve is lowest with respect to 
ground. To me, an antenna is just like a 
transformer—it transforms the low imped- 
ance coming out of the coax up to the im- 
pedance needed to couple to the cosmos. 
Come in low, go out high. So much for the 
plain dipole. 


ie Voltage Curve 


Dipole Antenna 


Feed Point (A) 
(Minimum Voltage) 





132 ft. 





Figure i—The voltage distribution along an 80-meter dipole 
antenna. Note that the voltage is at maximum (with respect to 
ground) at the ends of the antenna. 
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I then dropped a 7-MHz voltage curve 
over the original 3.5 MHz length (see Fig- 
ure 2). Because the new frequency is a 
whole multiple of our original frequency 
(3.5 MHzx2=7 MHz), there is still a whole 
number of half wavelengths from one end 
to the other, so the voltage peaks are still at 
the ends. This means this same length of 
wire will resonate at 7 MHz, which means 
it will radiate perfectly well at this fre- 
quency too. 

But I noticed right away that something 
had changed from our earlier situation—the 
point where the voltage minimum crossed 
ground was no longer in the middle. There 
were now two such points, neither of them 
anywhere near the middle. So the antenna 
was resonant—the voltage peaks were at the 
ends—but my original feed point was now 
useless! Alright, I reasoned. If I shift the 
feed line to the new minimum Ill have the 
perfect setup—high voltage at the ends, low 
voltage at the feed point. Look out DX, here 
I come! 

I thought about how far I’d moved the 
feed point. Looking at the curve, you can 
see that from (A) to (B) is a quarter wave- 
length at the new frequency, right? We 





Figure 2—Take the 80- 
meter dipole shown in 
Figure 6 and overlay the 
voltage distribution for a 
7-MHz signal. Note how 
the 7-MHz feed point (B) 
has shifted to the left 

of the 3.5-MHz feed 
point (A). 


Dipole 
Antenna 


doubled the frequency, which means we cut 
the old wavelength in half. So what used to 
be a quarter wave at the old frequency— 
from the middle to one end—will be twice 
that, or one-half wavelength, at the new 
frequency. And I wanted to get the feed 
point over to the new location at point (B), 
so I move it half that half—a quarter wave- 
length—over to the new minimum at (B). 

I also realized that I’d added a quarter 
wave to the right half of the antenna, 
making the right-hand side '/2 plus '/, wave- 
lengths, or a total of */; wavelengths long. 
Since */4 on the right plus '/; on the left 
equals 1, I now had a full-wavelength an- 
tenna with some gain compared to a dipole, 
fed one-quarter wavelength from one end. 

I kept going. I doubled the frequency 
again, and the same thing happened. The 
voltage peaks would stay at the ends, but 
I'd see the feed point moving further to the 
left by one-quarter wavelength at the 
new frequency for each time I doubled 
frequency. 

I tried it for other multiples—by 3, 5, 6, 
7 and so on. Just as I expected, I always 
wound up with some whole number of half 
waves, and voltage peaks at the ends. All I 





ever had to do was to move the feed point 
to the new quarter-wave point of the an- 
tenna. And for that matter, for any band 
other than 80, I had a choice of feed points. 
Each higher-band antenna had more than 
one voltage minimum point in its length, 
and I could feed at any one! 

Now I drew a bunch of these curves like 
the ones shown in Figure 2 for 80, 40, 20, 15 
and 10 meters. I dropped reference lines 
down from each voltage minimum to show 
where the feed points would lie along this 
single piece of wire, depending on the fre- 
quency. Because there are multiple feed 
points for each of the higher bands, I could 
see that any time I want to change frequency, 
I would just shift to the closest feed point for 
the next frequency, and away we go! 

But so what? How was I going to make a 
simple antenna with all these feed points? For 
that matter, what was simple about an an- 
tenna with all these feed points anyway? The 
answer was, “nothing.” What about a single 
feed point that somehow travels or slides 
along the antenna to anywhere I want itto go? 
Could I make that happen? I was looking out 
the window at my 40-meter folded dipole 
when I came up with the answer. 

Other than the fact that it’s fed with 
300-Q line rather than coax, the folded 
dipole is almost identical to the standard 
dipole. It resonates over the same lengths 
at the same frequencies, so my marvelous 
(but yet to be invented) multi-band, sliding 
feed-point antenna would be just as com- 
fortable with a folded dipole 132 feet long 
as it would be with a plain dipole. But what 
about the sliding feed point? 


132 ft. for Base Frequency of 80 meters (3.5 MHz). 264 ft. for 160 


Plastic Pulley 


Insulator 


300 2 Feed Line (any length) 


Plastic Pulley 


Coax to Transceiver (any length) 





Figure 3—The Clothesline antenna, Just set (A) or (B) to equal a quarter wavelength at your operating frequency. As long as itis a 
multiple of your base frequency (most HF ham bands are), your antenna is tuned. You can measure out your favorite bands, peak 
them by observing the SWR, and put color marks or tags on the bottom wire. Roll up to the mark and you're ready to couple to the 


cosmos! 
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What would happen with my folded di- 
pole if I just grabbed the feed line and tried 
to slide it along toward one end? It hit me: 
If the endpoints were run over pulleys the 
feed point would effectively slide! It would 
just run along the bottom of the antenna to 
anywhere you cared to put it. As far as the 
electrical nature of the antenna is con- 
cerned, absolutely nothing has changed— 
except the position of the feed point! And 
there it was—the birth of the multi-band, 
sliding feed-point antenna, otherwise 
known as the Clothesline! See Figure 3. 

But wait a minute, I thought. It’s a 
clothesline. It can’t possibly work. It’s too 
simple! 

Yet no amount of poking about on paper 
could find fault with it. Still very skeptical, 
I strung up a miniature version (for 10 and 
20 meters) running down my hallway. It 
worked! It loaded like a breeze, with the 
feed about 8 feet from the end on 10 meters 
and about 16 feet from the end on 20 meters, 
just where those graphs said it should. I 
bought some decent wire, a couple of plas- 
tic pulleys, 75 feet of 300-Q twin lead, and 
threw one up on the roof to cover 40 through 
10 (66 feet is all the horizontal space I have 
up there), Within a couple of days I had 
racked up dozens of DX contacts on every 
band. Most remarkable was the apparent 
gain on the higher bands. I consistently 
surprised other stations (and myself) with 
my signal strength, usually trading equal 
signal reports and getting lush praise from 
guys running far greater power and fancier 
antennas. My 100 W and a Clothesline are 
reaching the world! 


How to Build and Use the Clothesline 


Measure out enough wire for twice the 
lowest frequency. If this happens to be 80 
meters, you'll need 2 x 132 feet (plus a bit 
for trimming). String it up like a clothes- 
line, using nylon or rope leaders to attach 
the plastic pulleys to their supports. Just 
make sure that all the wire is used, so that 
the antenna is full-length. You can use long 
leaders if you want to hang one end off a 
distant support. Run each end of the wire 
through the pulleys top-to-bottom, attach 
the two ends to a center insulator and hook 
up your feed line. That’s it! 

If you’re building a version for 80 or 
160 meters, you’ll want to install a third 


little pulley to ride along the top run, at- 
tached by a short piece of cord to the center 
insulator, to help keep the top and bottom 
runs of the antenna roughly parallel. Build 
it for 40 as the lowest frequency and you 
won't even need this little extra. 

There is a full set of feed points between 
the middle of the antenna and half-way out 
to either end, so if you want to keep the feed 
line short, you can cut it to provide just 
enough slack to move within this range. Al- 
ternatively, because different feed points 
for the same frequency can affect the gain 
pattern, you may want the flexibility of 
having a choice of feed points for each fre- 
quency, and decide to leave more line slack. 
Losses in twin lead are so much lower than 
in regular coax, you can use all you want 
(within reason). Do be careful to stand it 
off from any metal it encounters on the way 
into the shack. 

Inside, the simplest way to match the 
twin lead to your rig is with a balun. I use 
a 6:1 balun to get the impedance down to 
the 50 Q my radio likes. A 4:1 balun works 
fine too, though the 6:1 usually presents a 
better match. Both baluns are sold by a 
number of QST advertisers. Ditto for the 
300-Q. twin lead. 

Speaking of the shack, if yours is on an 
upper level at your home, consider setting 
the Clothesline up with one end near a 
shack window. You'll be able to reach out, 
retune (that is, haul in the line), then go 
back to your rig to check your SWR meter. 

If you don’t have this luxury, don’t sweat 
it. [calibrated my Clothesline by setting my 
rig on tune-up power for each band, and 
going up to the roof of my apartment build- 
ing to peak the antenna with a field-strength 
meter. I confirmed each setting by checking 
the SWR back in the shack. On every band 
I tuned for, it was well below 1.5:1. As I 
found each feed-point setting, | marked 
them with various colored indelible mark- 
ers for each band. Now when | want to 
change bands, I just go up to the apartment 
roof, run the Clothesline out to the right 
color, and I’m tuned! It takes seconds. 

I can imagine other settings where you'd 
run the Clothesline right outside a window, 
out to some convenient support. Or vertical, 
up or down the side of a building, a tree, or 
a flagpole (tie a flag to it, if you like). If 
you're camped out in suburbia with diffi- 
cult, anti-antenna neighbors, a detachable 








feed line using alligator clips makes it the 
perfect disguised antenna. Who’s going to 
suspect a clothesline? You could even use it 
during the day to... wait for it... dry clothes! 
You could even make it out of your standard, 
garden-variety hardware-store clothesline 
kit—plastic pulleys, vinyl-covered wire, the 
works. This makes the Clothesline the only 
ham antenna kit I know of that you can buy 
complete (minus the feed line) from your lo- 
cal hardware store. (In a perfect world, your 
local hardware store would stock twin lead.) 
Yes, I know I said at the beginning that this 
wasn’t a trick for loading up a real clothesline 
and I’ve been true to my word. This is an an- 
tenna that happens to Jook like a clothesline. 

I mentioned covering 17 and 12 meters. 
If you cut the original length to resonate 
just a little up from the bottom of 80, at 
3.615 MHz, the fifth harmonic is smack dab 
on 17 meters. Cut it to 3.55 MHz and har- 
monic number seven is on 12 meters. In 
fact, these are such minor variations that 
you can surely find a convenient center fre- 
quency on 80 that'll put you right where 
you want to be on all bands. Though you 
don’t need it, a tuner (either in or out-board) 
can get you right down to zero reflected 
power. Remember, feeding with twin lead 
or other balanced lines keeps your losses 
way down, so a little elevated SWR at the 
band edges is no big deal. 

I’m now thinking about some kind of 
motor drive that'll permit me to tune up 
from inside the shack. My first reaction to 
this idea was, if I’m going to get into motor 
drives and the like, is that any simpler than 
a beam? I now think the answer is “yes.” 
The drive would be simpler, in that I 
wouldn't need any position feedback—all 
I need to do is watch my reflected power 
meter to know when I’ve hit resonance. It 
doesn’t need a whole lot of travel because 
a full range of feed points is available over 
just a quarter-length of the antenna. As 
well, few beams are all-band. And since the 
antenna you can put up is always simpler 
than the antenna you can’t, for those of us 
in apartment settings where a beam or 
other, more complex antenna systems are 
out of the question, a motorized Clothes- 
line might well be worth the effort. I've got 
a sneaking suspicion that, somewhere out 
there, there’s a cheap, off-the-shelf drive 
unit with “Clothesline” written all over it! 
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By Ralph O. Williams, W8AJC 





From QST, July 1949 


A Variable-Frequency 


Antenna 


Multiband transmitters and band- 
switching receivers make it easy for us to 
jump from band to band, but the antenna 
has not kept pace. Many of us are prevented 
from operating on several bands by the 
thoughts of the multiplicity of antennas 
demanded by the conventional approach to 
multiband work. Here, to go with the VFO, 
is the VFA — tunable to resonance from the 
operating position. It covers 11, 10, 6 and 2, 
and all the television and f.m. bands in be- 
tween, with the optimum performance all 
along the line. Ideas for the lower frequen- 
cies are included, too. 


It has been the writer’s lifelong ambi- 
tion as a radio amateur to have a universal 
antenna; one that would not only work on 
several bands, but also tune within a band, 
providing optimum operating conditions on 
any frequency. The memory of endless trips 
to the rooftop or out to the mast to lower the 
antenna and cut off or splice ona few inches 
of wire to hit a special spot in the band is 
still fresh in mind. The old Zepp was pretty 
good but it required spaced feeders and tun- 
ing at the transmitter end. The half-wave 
aerial split in the center for a 72-ohm trans- 
mission line required no tuning at the 
station end but necessitated a different an- 
tenna for every band. Often the resonant 
frequency of these antennas varied widely 
from the values indicated by the formulae 
because of conditions not always apparent, 
and under some circumstances it was diffi- 
cult to get adequate loading over an entire 
band. As the years passed matching sys- 
tems were introduced, and they, too, are 
usually one-band devices. With all their 
disadvantages the antenna systems were not 
too bad back in the days of crystal control, 
but now we have VFO and often operate 
anywhere within the band. It goes without 
saying that what we need to go with VFO is 
a good VFA! 

The group, other than amateur, most in 
need of a VFA, is that vast population try- 
ing to receive the various television and f.m. 
channels on a single antenna. A good half- 
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One to Ten Meters with a Single Antenna System 


wave dipole will outperform most of the 
existing elaborate receiving antennas pro- 
viding, of course, it is possible to adjust the 
antenna accurately for each channel. 

For years I have been giving thought to 
ways and means of feeding out and retriev- 
ing wire to make an adjustable center-fed 
half-wave antenna. The increased use of 
the VFO and the advent of television and 
f.m. broadcasting have made such an an- 
tenna practically a necessity. The folded 
dipole makes it a possibility, with rigging 
less complicated than the dial drives on 
some broadcast receivers! It is the purpose 
of this discussion to describe a remotely- 
controlled center-fed antenna capable of 
continuous adjustment from band to band 
and within the bands, using an untuned 
transmission line. 


Antenno Wire 


The Folded Dipole as a VFA 


The folded dipole lends itself admirably 
to rigging with cords and pulleys so that the 
length of the flat top may be varied simply 
by pulling down on the feeders (see Figure 
1). If the spacing between the center pul- 
leys is adjusted so that the characteristic 
impedance of the two parallel conductors 
is 300 ohms the feeders will match 
300 ohm ribbon regardless of their length 
and the length of the antenna. In this way, 
we have a tuned antenna with a flat line for 
any frequency, accomplished without re- 
sorting to sliding contacts at any point in 
the system. Figure 2 shows a practical hand- 
operated rigging that will enable the experi- 
menter to make a set-up and observe its 
characteristics. Antennas of this type may 
be made large or small but it is suggested 





Figure 1—Basic principle of the adjustable folded dipole. Dipole and feeder section are 
made of one piece of flexible wire. Antenna length is changed by pulling down on the 
feeder at point X. Spacing of the pulleys at the center is such that the characteristic 
impedance of the feeder section is 300 ohms. Twin-Lead is connected at points A and B. 








that the beginner make up small models for 
2 and 6 meters, or simply for the f.m. and 
television bands, to prove the merit of the 
antenna. 

The photograph and Figure 3 show the 
details of an experimental working model, 
made long enough to tune to 10 meters, but 
designed so it could be pulled down to a 
flat-top length of only a few inches. The 





Figure 2—Hand-operated version of the 
variable-frequency antenna mounted on 

a wooden frame. To minimize mounting 
space, the feeders are folded back over 
ratio pulleys, F. The 300-ohm line 
connects at A and B. With this arrange- 
ment the vertical movement of pulley F is 
equal to the end movement of the antenna 
pulleys. The supporting fishline or sash 
cord must be taut. 


Practical working 
model of the folded- 
dipole VFA of Figure 
3 used at W8AJC. 
The system is 
operated by the 
servo motor at the 
base of the mast, 
and is controllable 
from the operating 
position. 


tuning was fairly sharp and the results over 
conventional antennas for the reception of 
f.m. broadcasting were gratifying. A con- 
siderable improvement was noticed even 
within the 88-108 MHz f.m. band when the 
receiver was tuned to different stations and 
the antenna adjusted for maximum re- 
sponse. It was a real thrill to couple the 
feeders to the 10-meter transmitter and 


Antenna Wire 








watch the plate milliammeter go up as the 
antenna came into resonance, and then pass 
through, and return for maximum; then 
without changing antennas, to switch on the 
f.m. broadcast receiver, run the antenna 
down to about four and a half feet to pick up 
a Detroit station. It was interesting to ob- 
serve the effects on the received signal 
strength as the antenna was shortened from 
resonance at 10 meters to the proper length 
for the f.m. band, with the receiver tuned to 
a station on 98.5 MHz. Reception was pos- 
sible with the long antenna and became 
good as the flat top hit fourteen feet (three 
half waves), falling off to a very sharp null 
at 121.5 inches (critical), after which it re- 
turned to full signal strength at 56.25 
inches, approximately a half wave for the 
received signal. This ability to tune to an 
extremely critical null might find applica- 
tion in the elimination of an undesired, 
strong nearby signal under certain receiv- 
ing conditions. 

The uses to which acontinuously-variable 
antenna may be put are limited only by the 
operator’ s imagination. Once the mechanical 
details have been worked out they may be 
used singly or in multiple, as antennas or re- 
flectors, driven by common or separate servo 
motors and in various phase relations. Such 
antennas may be used for transmitting or re- 
ceiving, or for special applications such as 
field operations covering a wide band of 
frequencies, signal-strength measurements, 
target transmitters for lining up rotary beams, 
and antenna studies. Their greatest commer- 
cial application will no doubt be in the f.m. 
and television fields where simplified ver- 
sions, adjustable from the receiver, should 
find wide acceptance. 


Sash Cord 


Screen Door Spring 


Reversible Servo Motor 





Figure 3—Diagram of the remotely-controlled antenna shown in the photograph. This 
system is now in use at W8AJC for 28 MHz and up. It may be reduced to a flat top 


of a few inches. 
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Other Types of Adjustable Antennas 

Although the folded doublet lends itself 
most easily to continuous adjustment it 
might also be desirable to have a variable 
center-fed half-wave antenna suitable for 
use with coaxial or other low-impedance 
feeders. This may be done by the use of pul- 
leys, insulators and wire, but requires a slid- 
ing contact at the center where the wind-up 
drums are located, and unless operated fre- 
quently itis subject to all the ills of exposed 
slip rings. This type of antenna is shown in 
Figure 4 and although at present, untried at 
W8AIJC, it may prove worth-while on the 
lower frequencies, filling the long-felt need 
for a tunable 80-meter antenna that will 
work on 40 and 20 also! 


Folded-Dipole Design 


Useful information relative to the de- 
sign of folded dipoles may be found in the 
ARRL Handbook for 1948, War Depart- 
ment TM11-466, RCA’s little book A 
Practical Analysis of U.H.F. and ina paper 
by W. VanB. Roberts appearing in the RCA 
Review for June, 1947, page 289. The ar- 
ticle by Roberts, in which he tells of the 
work done by his group at Princeton during 
the war under Government contract for the 
study of the folded dipole, is very helpful 
in providing the reader with a mechanism 
for analysis of the antenna. The literature 
indicates that spacing of the conductors 
composing the flat top should be close, in 
the order of 1/100 wavelength. Since our 
antenna is to have flexible conductors it is 
desirable to work with a type of wire that 
has a large diameter for low r.f. resistance, 
and at the same time has a high degree of 
flexibility. Such a conductor may be com- 
posed of insulated wire with a braided cop- 
per shield, the shield acting as the antenna 
and thus combining large area with good 
flexibility. The rest of the design is based 
upon available materials, with emphasis 
upon methods and mechanical devices for 
carrying out the function of varying the 
length of the flat top and handling the feed- 
ers. Refinements in both electrical and me- 
chanical aspects will result from continued 
development. 


Construction 


When considering the construction of a 
tunable folded dipole many arrange- 





ments using springs or cords and pulleys 
will come to mind and it is up to the indi- 
vidual to select the method best suited to 
his particular use. In the beginning I tried a 
variety of springs, shock cords and weights 
to hold out the ends of the flexible antenna 
wire, but each of these methods had its own 
drawbacks and they all had the disadvan- 
tage of having to pull against a spring to 
shorten the antenna and depend upon the 
spring to pull it back out again. Metal 
springs come into resonance at certain fre- 
quencies. I tried metal-spring sash supports 
which would extend about 40 inches 
but they came into resonance in their ex- 
tended positions and were not very smooth 
in operation. 

It was finally decided to use cords and 
pulleys so arranged as to be in mechanical 
equilibrium and use the servo motor or 
other means only for the purpose of adjust- 
ment. This required less power in the servo 
and while it calls for more pulleys the result 
was smoother adjustment. I have found it 
convenient to support the antenna from the 
ends by means of insulated pulleys on a 
wood or other nonconducting structure. If 
the dipole is to be operated in a horizontal 
position there is no objection to using a 
vertical metal support pipe, but horizontal 
metal rods or pipes should not be used. For 
long antennas a center support must be pro- 
vided for the feeder pulleys and the wind- 
up mechanism. The ends may be supported 
by poles, trees or buildings. 


Servo Motors 

The servo motor shown in the photo- 
graph is from a surplus Azon bomb tail as- 
sembly. It has plenty of power and may be 
reversed at will. It requires a 4-wire cable 
to the battery or other d.c. source. The cur- 
rent consumed is small and since the time 
of operation is also small a few dry cells 
will provide power for operation over a 
long period of time. Contained within the 
unit are two selenium rectifiers placed there 
to short circuit reverse currents to prevent 
sparking. They may be removed and in- 
serted in a 30-volt a.c. line to the unit where 
they will provide sufficient d.c. for its op- 
eration. Reversal may be obtained at the 
station end by means of a double-pole 
double-throw toggle switch. Many other 
similar slow-speed servo motors are avail- 


Sash Cord 


Figure 4—A suggested arrangement for an adjustable motor-driven dipole suitable for 
use on the lower amateur bands. Reels D, and D, reel in the antenna wire, while D, 
plays out braided sash cord. The assembly is made from a Signal Corps reel, Type RL- 
42-B, fitted with three reels, Type M-235, all available on the surplus market. The 
antenna reels are fastened to the cord reel by means of stand-off bushings secured to 
the center insulation. Brushes 1 and 2 connect to a 72-ohm line running to the 
transmitter. Success of this system depends upon maintenance of good contact at the 


brushes. 
9-10 Chapter 9 





able on the surplus market, most of them 
reversible, and varying in size and power 
requirements. In some cases where d.c. is 
not available advantage may be taken of the 
gear train by connecting a universal cou- 
pling to the motor end and driving with a 
reversible universal fan or vacuum-cleaner 
motor operated from 115 volts a.c. 


Sources of Materials 


Antenna wire should be light, durable, 
flexible, of large diameter and a good con- 
ductor. For ease of adjustment it should pull 
around a one-inch pulley readily. Super- 
flexible stranded copper wire of large di- 
ameter would be quite heavy whereas an 
insulated stranded wire, if size 20 or so and 
covered by a braided tinned-copper shield, 
would be light in weight, adequately flex- 
ible and of sufficient diameter. Belden No. 
8885 shielded grid wire having an o.d. of 
Q. 1 inch has been found satisfactory. Too- 
stiff wire will make the system unwieldy. 

Pulleys must be free-running for smooth 
operation and have as little friction as pos- 
sible. A number of different kinds of pul- 
leys normally available at hardware stores 
were tried and all had mechanical imper- 
fections. Usually, though they seemed free- 
running when tried at the store, they turned 
out to have prohibitive friction when loaded 
and in the system. Since the number of pul- 
leys required is fairly large and the 
accumulated friction may be excessive, 
ball-bearing pulleys are recommended. The 
first ones used here were homemade and 
turned out of fiber and used small ball 
bearings in the center. The ball bearings had 
‘/s-inch holes and a */s-inch o.d. and were 
obtained from disassembly of surplus gear 
trains, bomb sights, computers and other 
equipment so plentiful on the surplus 
market. Later I found a source of one-inch 
aircraft pulleys (AN-210-1A) with ball- 
bearing centers. Air Associates sells them 
for $1.25 each but the surplus market offers 
them at a lower figure. Pulleys may be 
found in all sorts of surplus aircraft control 
equipment and sometimes it is cheaper 
to buy a unit containing several pulleys 
than to buy them separately. Homemade 
hardwood pulleys turned out of maple and 
boiled in paraffin and _ using 
'/s-inch brass axles should be satisfactory. 
The important thing is to have good low- 
friction bearings. 

Twisted rope will cause the pulleys to 
turn over and twist and short out the aerial; 
therefore it is recommended that braided 
sash cord or clothesline be used. This, when 
properly fed through the pulleys, will not 
cause twisting. A nice size that fits avail- 
able pulleys is a light braidcd clothesline 
‘/s-inch in diameter. Of course any flexible 
insulating line may be used such as dial 
cable, fishline or upholsterer’s twine. 
Spring loading to prevent slipping because 
of stretching is advisable in some cases. 

Limit Switches: If the antenna is not 
visible from the operating point Micro- 
Switches may be so placed that when the 
end of travel of the antenna is reached the 


circuit will be opened and the motor will 
stop, it being possible then to reverse it and 
run it to the other limit where another 
switch will furnish protection from 
overtravel. The switches should not be con- 
nected in the common lead to the motor but 


in the circuit controlling that direction only. 
(Switches and associated wiring must be 
placed so as not to interfere with the elec- 
trical operation of the antenna.) 


Conclusion 
The examples shown are but a few of 





many possible ways of setting up remotely- 
controlled variable-frequency antenna 
systems. It is hoped that this article will 
serve as a basis for further development of 
adjustable antennae for amateur and com- 
mercial use. 
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By Rod Newkirk, W9BRD From QST, July 1993 


Honey, I Shrunk the 
Antenna! 


Think small! Communicate with multiconductor 


Great energy and ingenuity go into ef- 
forts to boost the effectiveness of compact 
transmitting antennas—compact meaning 
configurations with circumferences of '/s 
wavelength or less. By this definition, a 
40-meter design could be a square with 4- 
foot sides. In the following discussion, I 
depart slightly from the square. | prefer 
3'/2 feet high by 4'/2 feet wide, suspended 
in the vertical plane, for convenience in my 
antenna’s location. 

The traditional small-loop approach is 
to insert capacitance in series with a one- 
turn loop, tune it to the desired frequency, 
and then attempt to feed power to it as ef- 
ficiently as possible-no simple matter. The 
antenna’s Q is astronomical, current and 
voltage are monstrous, bandwidth is razor 
sharp, and its radiation resistance is ridicu- 
lously low. This lossy situation can be 
improved by reducing the resistance of the 
loop material through the use of piping, 
foil, etc, but the resulting plumbers’ night- 
mares are hardly worth the pains. 

A more promising avenue toward prac- 





Figure 1—The three-turn loop antenna for 
40 meters. Each capacitor is about 40 pF 
to resonate and match the antenna toa 
50-Q feed line. 
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miniature loop antennas. 


tical, simple compact antennas would 
appear to be in the direction of varied con- 
figuration. The goal is to “cool” the system 
with better power distribution, and at the 
same time simplify the feed. For example, 
vast improvement in the key parameters is 
possible by application of the venerable 
“folded dipole” technique. This can be 
done by adding one more turn, tuned iden- 
tically, connecting the two turns in series, 
and re-resonating the antenna. Now, look- 
ing into one of the twin current nodes, the 


Increasing Multiturn Loop 
Efficiency 


Lots of hams use small loops in 
situations where they can’t erect a 
larger antenna. Making contacts with 
these antennas largely depends on 
high radiation efficiency. Here are 
some things you can do to increase 
efficiency and effectiveness of such 
antennas: 

* Use large-diameter copper wire. 
Keep the copper surface clean. Tin- 
plated wire is noticeably worse than 
copper in this application because of 
skin effect—most of the RF travels in 
the tin, which is far lossier than 
copper at RF. 

¢ Use low-loss capacitors. The key 
here is minimizing dielectric loss, 
which is most favorable in vacuum- 
and air-dielectric capacitors. You can 
also parallel several capacitors to 
decrease losses. 

Increasing the wire size used in 
these loops raises the antenna Q, 
narrowing the bandwidth and increas- 
ing the voltages and currents present. 
For this reason, you may have to use 
higher-quality capacitors than those 
used in the experimental versions if 
you increase the wire size. 

Remember that high voltages can 
exist on a multiturn loop antenna’s 
wires at power levels of a few tens of 
watts or more. Thus, it’s best to keep 
the antenna well away from other 
objects.—Aoy Lewallen, W7EL 





input impedance will have roughly qua- 
drupled. The one-turn loop’s skimpy 5 or 
6 Q rises to approximately 25 Q. Adding 
yet another such turn doubles this to about 
50 Q—a convenient match to common coax. 
See Figure 1. As with the folded dipole, 
more than four turns are unprofitable; di- 
minishing returns raise the input imped- 
ance. little faster than ohmic resistance. 
Note that the tuning capacitances, each 
about 40 pF, must be kept nearly equa! for 
overall system balance. 

Construction techniques, conductor 
material, insulation and components now 
become less critical because voltage peaks 
and current nodes are distributed through- 
out the system. I use ordinary zip cord, two 
lengths entwined, giving four available 
turns.! For proper continuity, the four wires 
on each side of the loop are clearly tagged 
at alligator-clip connectors, top and bottom 
centers. For 7 MHz, one turn is left open (at 
top and bottom), but will become useful on 
the lower bands as discussed later. A more 
classy construction might feature braided 
hook-up wire of contrasting colors. Small 
cardboard spreaders at the clips keep adja- 
cent capacitors separated. 

Midget receiver-type capacitors are 
adequate for CW power output up to 
100 watts. One of these should be conve- 
niently variable, preferably a double-gang 
or splitstator type, for tweaking the system 
to the desired center frequency as indicated 
by a1: 1 SWR. At7 MHz, each capacitance 
is about 40 pF in my antenna, so the old 
war surplus Hammarlund APC midgets 
do nicely. Bandwidth can approach that 
of a normal linear dipole if a slightly 
higher center frequency SWR is accepted 
by stagger-tuning. 

Excellent 40-meter results indicated 
that the same loop, dimensions unchanged, 
could have a shot at 80 meters. At3.5 MHz, 
it becomes truly a miniloop, only '/16 wave- 
length in circumference. Adding the fourth 
turn (Figure 2) raises the feed impedance at 
a slightly higher rate than ohmic resistance, 
so | included it. Armed with a bargain bag 





The Ingredient Called Belief 


Even though my busy family life 
keeps hamming time rare, the time | 
spend hamming has to be spent 
right. The idea isn’t just to get on the 
air and contact anyone anywhere— 
that's too easy. The idea is to do 
something a hair off-the-wall and see 
if anyone shares the same orbit. So 
I’m one of those guys who calls CQ 
QRP for ten minutes at 10149.5 kHz 
even as game clogs the band’s low 
end—someone who looks for (and 
expects) ragchews on 3560 at noon. 
And so | naturally was the guy to call 
a 5-watt, 3 x 2x 1 CQ at 7138 kHz at 
around 10 PM one night last fall 
when the broadcasters had long 
since muscled straight-thinking 
NovTechs off to safer terrain. And so 
| naturally was of course immediately 
answered by W9BRD. 

It figures. We've worked on 
schedule many times before, but he 
and |—he’s the father; I’m the son— 
have never had to prearrange each 
new “first contact” after changes of 
station setup or locale. Chance is too 
facile a word for this, but then | haven't 
looked too hard for a better word, 
either. | don’t need to; we just do our 
individual quirky things and click. 

This time, we both had new setups: 
I'd just relocated the armful of gear 
constituting my “shack” to the bedroom 
and was talking to a low dipole through 
100+ feet of mongrel coax; he was 
trying out an indoor, largely below- 
ground loop antenna—one of the 
versions shrunken in this article—with 
just a few tens of watts, tunneling past 
those steamroller broadcast signals as 
soundly as any medium-scale ham 
signal from Chicago. 

Enjoying the magic of yet another 
first contact, | hardly gave his setup 
a second thought. But you may 
wonder if such antennas really work. 
Gooch's Paradox explains it thus: 
“RF gotta go somewhere.” Seeking 
to soothe the linearless, towerless 
masses who toil with “only 100 
watts,” Newkirk's Tiresome Chant 
puts it, “Successful MF/HF radio 
communication may proceed at 
astoundingly low received-signal 
strengths.” Reduced to generic 
essentials, it’s this: The most 
important single factor in success 
with whatever you use is overcoming 
your own disbelief.—David Newkirk, 
WJ1Z 




























of small 1-k V ceramic capacitors, Il reached 
3.6-MHz resonance with a value of 100 pF 
for each of the four capacitances. One ca- 
pacitor was then replaced with an old 


broadcast-style, two-gang 300-300-pF 
variable for tweaking. I measured the feed 
impedance, at the center of one of the four 
turns, at about 18 Q—well within the range 
of simple gamma matching. So another 
junk-box broadcast variable, three 350-pF 
gangs paralleled, was suspended at the 
































Figure 2—Extending the Fig 1 concept to 
80 and 160 meters requires adding 
another turn to the antenna and increasing 
the capacitances. See the text for 
capacitor values. 


loop’s top center. Only about 650 pF was 
needed for a 1:1 match to coax after a 30- 
inch gamma lead was dangled to a tap at the 
center of one side of the feed turn. Then the 
system was tweakable over the entire 
80-meter CW range. The remaining ce- 
ramic capacitors get slightly warm at 80 
watts, which indicates significant power 
loss. These capacitors should be replaced 
with low-loss units for best performance, 
but I left them alone for my experiments. I 
easily contacted the East Coast and as far 
west as Arizona in the following few 
nights on the air. 

My next inclination, as you may sur- 
mise, was to try the little gem on 160 
meters. A four-foot-square transmitting 
loop for 1.8 MHz? I wasn’t overly optimis- 
tic. Years of tinkering at W9BRD had failed 
to produce a decent indoor compact 
antenna, even of much larger size, for top- 
band work. But I dug into my bag of ceram- 
ics and gave it a go. The four-turn loop, 
now only ‘/s2 wavelength in circumference, 
resonated at about 1.8 MHz with four 
350-pF capacitors. One of these was re- 
placed with an old broadcast-type 500-pF 
variable for tweaking the center frequency 
between 1.8 and 1.85 MHz. I double- and 
triple-checked the measured feed imped- 
ance—16 Q. Now I knew it would work. 
The gamma-match SWR dipped to 1:1 at 
about 800 pF using the same lead, tap and 
broadcast capacitor as on 80 meters. Imme- 
diate solid 40-watt CW QSOs with WNOW, 
KC4WWV, WK@B and W4VZB were most 
gratifying. 


Variations and the Higher Bands 

If such a '/ie-wavelength loop can 
function at 80 meters, the same should be 
true at 20 meters. So I wound a 1-foot- 
square, three-turn model on a cardboard 
box, hung it on a wooden bulkhead, and 
resonated it to 14.050 MHz with three 
50-pF ceramic capacitors. This time, in- 
stead of the usual fudging capacitor, | 
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Figure 3—At A, the 30/20-meter loop; at 
B, the 15/17-meter version, and at C, the 
10-meter variant. 


spaced the turns 1'/2 inches apart. Center- 
frequency tweaking thus could be done by 
uniformly edging the turns away from or 
toward each other. This spacing approach 
works fine for box-wound loops, but for 
the lower bands, I prefer closewound zip 
cord. Input impedance turned out to be 
about 11 22—I should have used a fourth 
turn—and gamma coupling worked okay, 
as on 80 and 160. The 1:1 feed-line dip oc- 
curred with a 120-pF series capacitor, with 
a gamma lead of 13 inches. In my installa- 
tion, this antenna is no low-angle DX ra- 
diator, to be sure, but I’ve received S9 re- 
ports during many stateside QSOs. Anyone 
for a 3-inch-square 2-meter version? 

Antennas smaller than necessary are 
interesting stunts that help prove a 
design. However, for the lowest HF 
bands I recommend the largest practicable 
circumference. 
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For operators limited to indoor installa- 
tions, floor-to-ceiling height is usually the 
limiting size factor. Thus, a cooler 7-foot 
by 9-foot job, requiring much smaller 
resonating capacitances, should be a natu- 
ral for 80 and 160. 

Incidentally, the configurations de- 
scribed are quite well balanced. Although 
in my tests the antennas were placed within 
tweaking distance of the operator, no shack 
RFI showed up on any band at the 80-watt 
level. Careful symmetry helps, notwith- 
standing the dangling gamma lead on 80 
and 160. The coax feeder should run down 
and away from the top-center feed point, 
equidistant from the vertical sides. A balun 
or coaxial RF choke might seem applicable, 
but I found such isolation unnecessary. The 
directivity pattern for such a loop is 
the usual figure-8, with most radiation in 
the plane of the loop. However, there will 
be sharp nulls perpendicular to the loop’s 
plane, which you should take into account 
when placing your antenna, 

My prime purpose here is to treat loops 
of '/s-wavelength circumference or 
smaller, but you may desire to use the same 
3'/2-foot by 4!/2 foot dimension on the 
higher HF bands, as I do. The hook-ups 
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shown in Figure 3 perform well on 30 
through 10 meters. Each provides a direct 
match to 50-Q coax. True, almost any old 
piece of wire gets QSOs on 10.1 MHz and 
above, but a balanced loop radiator is hard 
to beat for indoor hamming. A few hints 
and observations: 

* At 10. | and 14 MHz (Figure 3A), just 
two turns are sufficient to reach a feed im- 
pedance of about 50 Q. The two approxi- 
mately 20-pF capacitance values are 
slightly higher for the 30-meter band. 

* For 17 and 15 meters (Figure 3B), the 
loop must be made electrically smaller by 
splitting it symmetrically. Two split turns 
and four equal capacitances then bring a 
close 50-Q match. Note that the feed point 
is moved to the center of one of the four 
vertical sides. Capacitances are in the 15- 
pF range. 

* On 12 and 10 meters (Figure 3C), one 
split turn will suffice for a near-50-Q 
match, with two capacitors of about 12 pF. 
Here, splitstator midgets can ease adjust- 
ment by minimizing hand capacitance, but 
it’s a fancy junk box that includes them. 
The old APC midgets, whose rotors have 
little more mass than their stators, will 
maintain enough system balance. 





Cautions and Conclusions 


Like any indoor antenna, the loops I 
describe here generate substantial electro- 
magnetic fields in operation. Thus, they 
have considerable potential to generate 
RFI. For this reason and to prudently avoid 
placing yourself or others in large RF 
fields, you should keep all antennas as far 
from consumer electronic devices and 
people as possible, and use the least 
RF power necessary to conduct the desired 
communications. The current editions 
of The ARRL Handbook and The ARRL 
Antenna Book cover this subject in more 
detail.? 

A final comment: For overall results 
with compact antennas, like almost any 
skyhook, the higher above ground the bet- 
ter. In my case, radiation and reception 
strongly favor higher skywave propagation 
angles. All antenna configurations I de- 
scribe here were tested and operated in a 
cellar ham shack, where half of the system 
is below ground level! 


Notes 

‘See the sidebar, “Increasing Multitum Lae 
Efficiency,” for some ideas on optimizing suc 
an antenna’s performance. 

2See Chapter 9 of the Handbook and Chapter 
1 of the Antenna Book. 
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Preface 


Although we are surrounded by sophisticated computerised gadgets these 
days, there is still a fascination in putting together a few resistors, capacitors 
and the odd transistor to make a simple electronic circuit. It is really 
surprising how a handful of components can perform a useful function, and 
the satisfaction of having built it yourself is incalcuable. 


This book aims to provide a wide variety of radio and electronic projects, 
from something that will take a few minutes to a more ambitious weekend’s 
worth. Various construction techniques are described, the simplest requiring 
no more than a small screwdriver, the most complex involving printed 
circuit boards. 


Originally published by the Radio Society of Great Britain, the projects were 
all chosen to be useful and straightforward, with the emphasis on 
practicality. In most cases the workings of the circuit are described, and the 
projects are backed up by small tutorials on the components and concepts 
employed. In the 21st century it may seem strange that few of the published 
circuits use integrated circuits (chips). This is intentional as it is much easier 
to understand how the circuit works when using discrete components. 


Anyone buying the Radio and Electronics Cookbook will find that it will 
lead to hours of enjoyment, some very useful and entertaining gadgets, and 
increased knowledge of how and why electronics circuits work, and a great 
sense of satisfaction. Beware, electronic construction is addictive! 





WARNING: This book contains construction details of transmitters. 
It is illegal to operate a transmitter without the appropriate licence. 
Information on how to obtain an Amateur Radio Licence can be 
obtained from the Radiocommunications Agency, tel. 020 7211 
0160. 











A medium-wave receiver 


1 A medium-wave receiver 


Figure 1 Terminal strip — 
position of components 


Introduction 


Let us start off with something that is really quite simple and yet is capable 
of producing a sense of real satisfaction when complete — a real medium- 
wave (MW) radio receiver! It proves that receivers can be simple and, at the 
same time, be useful and enjoyable to make. To minimise the confusion to 


absolute beginners, no circuit diagram is given, only the constructional 
details. The circuits will come later, when you have become accustomed to 
the building process. In the true amateur spirit of ingenuity and 
inventiveness, the circuit is built on a terminal strip, the coil is wound on 
a toilet roll tube (as amateur MW coils have been for 100 years!), and the 
receiver is mounted on a piece of wood. 





Putting it together 


Start by mounting the components on the terminal strip as shown in Figure 
1, carefully checking the position and value of each one. The three 
capacitors are all the same, and so present no problem. They (and the 
resistors) may be connected either way round, unlike the two semi- 
conductors (see later). The resistors are coded by means of coloured bands. 
You can refer to Chapter 7 if you have difficulty remembering the colours 
and their values. 





ZN4142, 
OUT GND 
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Figure 2 The layout of the 
parts on the wooden base 


1. Brown, Black, Yellow 100000 ohms (R1, R5, R6) 
2. Green, Blue, Brown 560 ohms (R2) 
3. Red, Violet, Brown 270 ohms (R3) 
4. Brown, Black, Orange 10000 ohms (R4) 


The integrated circuit (the ZN414Z) and the transistor (the BC184) must be 
connected correctly. Check Figure 1 carefully before fitting each device. 


Now wind the coil. Most tubes are about 42mm diameter and 110mm 
long. Don’t worry if your tube is slightly different; it shouldn’t matter. Make 
two holes, about 3mm apart, about 40mm from one end, as shown in 
Figure 2. Loop your enamelled wire into one hole and out of the other, and 
draw about 100mm through; loop this 100mm through again, thus 
anchoring the wire firmly. Now wind on 80 turns, keeping the wire tight 
and the turns close together but not overlapping. After your 80th turn, 
make another two holes and anchor the wire in the same way as before. 
Again, leave about 100mm free after anchoring. Using another piece of 
enamelled wire (with 100mm ends as before), loop one end through the 
same two holes which contain the end anchor of the last winding, wind two 
turns and anchor the end of this short winding using another pair of holes. 
Figure 2 shows the layout. 
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A medium-wave receiver 


With some glass paper, remove the enamel from the ends of both pieces 
of wire which go through the same holes (i.e. the bottom of the large coil 
and the top of the small coil), then twist these bare ends together. 
Remove the enamel from the remaining ends of the coil. The coil is now 


finished! 


The baseboard can be any piece of wood about 150 mm square. Fix the coil 
near the back edge using drawing pins and connect the wires from the coils 
to the terminal strip as shown in Figure 2. Using short pieces of PVC- 
insulated wire (and with assistance if you have never soldered before), 
solder one piece across the two outer tags of the variable capacitor, shown 
by the dotted line in Figure 2, and then two longer pieces to the centre tag 
and one outside tag. Connect these to the terminal strip. Then solder two 
more insulated wires on to the jack socket (into which you will plug your 
crystal earpiece), the other ends going to the terminal strip. The last two 
wires (one must be red) need to be soldered on to the battery box, their 
other ends going to the terminal strip also. Make sure the red wire goes to 
the positive terminal on the battery, and is connected to terminal 9. The 
other connection to the battery goes to terminal 10. 


Attach the terminal strip to the baseboard with small screws or double-sided 
sticky tape. The other parts can be mounted the same way. 


Listening is done ideally with the recommended crystal earpiece. Don’t be 
tempted to use your Walkman earpieces; they are not the same and will 
not perform anything like as well. The receiver should work without an 
extra aerial, but one can be attached to terminal 1 if necessary. A long 
piece of wire mounted as high as possible is ideal. The Audio-frequency 
Amplifier project will enable you to use a loudspeaker with your receiver, 
using the signal from the jack socket. No circuit modifications will be 
needed! 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 
R1,R5,R6 10 kilohms (k) 


R2 560 ohms 

R3 270 ohms 

R4 10 kilohms (kQ) 
Capacitors 


C1, C2, C3 100 nanofarads (nF) 
500 picofarads (pF) 


Semiconductors 
ZN414Z, BC184 
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Additional items 
12-way 2 A terminal strip 
22 metres of 28 SWG enamelled copper wire 
A few short pieces of coloured PVC-insulated wire 
Crystal earpiece 
3.5mm jack socket 
1.5 V AA-size battery and box 
Toilet roll tube 
Double-sided sticky tape or selection of screws 


Tools required 





Small screwdriver, soldering iron. 





2 An audio-frequency 
amplifier 


Introduction 


This simple amplifier can be built by anyone who is able to solder 
reasonably well. It doesn’t require any setting up and, provided our 
instructions are followed exactly, will work very well. The circuit diagram is 
included for the benefit of our more advanced readers, but it is not needed 
in the construction process. Please practise your soldering before you start, 
and don’t use a printed circuit board (PCB) until you are confident that your 
soldering is up to scratch. 


The amplifier can be used with other projects; it will provide plenty of 
sound from the MW Radio or from the Morse Sounder projects. It will 
usually be built into other pieces of equipment, so a box is not supplied 
with the kit. There is no reason why it shouldn’t be put into a box and used 
as a general-purpose amplifier to help test other projects. 





The components 


Before you start, you should check that you have all the components to 
hand. A list and some helpful hints are given below. 


Figure 1 The toil pattern of 
the PCB — looking from the 
track side 


An audio-frequency amplifier 


. PCB. The plain side is the component side and the soldered side is the 


track side. Figure 1 shows the track side full size. Make the PCB from the 
pattern given in Figure 1. Otherwise, build the circuit on a matrix 


board. 


. Three resistors. Locate the gold or silver band around the resistor, and 


turn the resistor until this band is to the right. There are three coloured 
bands at the left-hand end of the resistor. Find the resistor whose colours 
are YELLOW, VIOLET, RED, and look at the resistor colour code chart 
which you will find in Chapter 7. From this, you will see that YELLOW 
indicates the value 4, VIOLET the value 7, and RED the value 2. The 
first two colours represent real numbers, and the last value is the number 
of zeros (noughts) which go after the two numbers. So, the value is 47 
with two zeros, i.e. 4700 ohms. In this way, the resistor coloured 
BROWN, GREY, BROWN has a value of 180 ohms, and the last one, 
BROWN, RED, GREEN, has a value of 1 200 000 ohms. The ohm (often 
written as the Greek letter omega (1) is the unit of resistance. If you do 
not yet feel confident in identifying resistors by their colours, use the 
Resistor Colour Codes given in Chapter 7. 


. Four capacitors. The two small ‘beads’ are tantalum capacitors and will be 


marked 4.7 wF or 4.7, with a ‘+’ above one lead. A tubular capacitor with 
wires coming from each end should be marked 220 wF, with one end 
marked ‘+’ or . This is called an axial capacitor because the wires lie on 
the axis of the cylinder. This is in contrast to the final capacitor, where both 
wires emerge from the same end. This is a radial capacitor, and will be 
marked 47 pF. Again, one lead will be marked ‘+’ or ~’. Capacitors 
marked like this are said to be polarised, and it is vital that these are placed 
on the PCB the right way round, so take notice of those signs! 


. Two diodes. These are tiny glass cylinders with a band around one end, 


and may be marked 1N4148; this is their type number. Like polarised 
capacitors, they must be put on the PCB the correct way round! 
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Figure 2 Positions of the 
components on the printed 
circuit board (PCB) 


5. Three transistors. One should be a BC548 (or a BC182), the other two 
should be BC558 (or BC212). 
. One volume control with internal switch. 
7. One loudspeaker. This is quite fragile — don’t let anything press against 
the cone. 
8. One PP3 battery clip with red and black leads. 


nN 


Putting it together 


Lay the PCB on a flat, clean surface with the track side downwards. It is 
always useful to compare the layout with the circuit diagram, given here in 
Figure 3. Although you can’t see it, the D-i-Y Radio sign should be at the 
top. Compare the hole positions with those shown in Figure 2. Bend the 
resistor wires at right angles to their bodies so that they fit cleanly into the 
holes in the PCB. Push each resistor towards the board so that it lies flat on 
the board. Then supporting each one, turn the board over and splay out the 
wires just enough to prevent the resistor falling out. Then, solder each wire 
to its pad on the PCB, and cut off the excess wire. When you have more 
confidence, you can cut of the excess wire before soldering; it often makes 
a tidier joint. 


INPUT 





Figure 3 The amplifier’s 
circuit diagram 


Figure 4 Connections to 
switch on back of VR1 
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Now fit the four capacitors. Each must be connected the right way round, 
so look at each component, match it up with the diagram of Figure 2, bend 
its wires carefully and repeat the soldering process you performed with the 
resistors, making sure that the components are close to the board and not up 
on stilts! Fit the two diodes the correct way round, and solder then as 
quickly as you can — they don’t like to be fried! 


Mount the transistors about 5mm above the PCB. Make sure the correct 
transistors are in the correct places, and that the flats on the bodies match 
up with those shown in Figure 2. 


Mount the volume control so that the spindle comes out from the front of 
the board. Use a piece of red insulated wire to the pad marked + on the PCB, 
and a black piece to the pad marked —, and solder these to the tags on the 
back of the control, as shown in Figure 4. Connect the two leads from the 
battery clip to the other tags on the switch; Figure 4 will help you. Finally, 
use two pieces of insulated wire about 100mm long, twisted together, to 
connect the loudspeaker to the PCB. 






PP3 Battery Clip 


OV (~) 


on FCB 
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Box clever! 


If you wish to put the amplifier into a box, there is no problem; almost any 
box that is big enough will do. All that is needed is one hole big enough to 
accept the bush of the volume control; the PCB will be supported by the 
volume control. The prototype was not fitted into a box, but mounted on an 
odd piece of aluminium, bent into an L-shape and screwed on to a wooden 
base. The loudspeaker was mounted on the aluminium panel by two small 
pieces of aluminium with 3 mm holes drilled in them, which acted as clips 
around the edge of the speaker. Drill a few holes in the panel in the position 
of the speaker to let the sound get out! 


Your input signal can be connected to the amplifier with two short pieces of 
wire, but if the connection needs to be long, use screened cable, with the 
braid connected as shown in Figure 2. 


If you decide to use a different loudspeaker, make sure that its impedance 
(the resistance value marked on the back of the magnet) is at least 35 ohms. 
Anything lower may damage TR2 and TR3, and will certainly run down 
your battery very quickly. You will be surprised at the uses you can find for 
this little amplifier! 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
180 ohms (Q) 
4.7 kilohms (kQ) 
1.2 megohms (MQ) 
25 kilohms (kQ) log with DPST switch 


Capacitors: all rated at 25 V minimum 
C1, C2 4.7 microfarads (\F) 
C3 47 microfarads (wF) 
C4 220 microfarads (uF) 


Semiconductors 
TR1, TR3 BC548 npn 
TR2 BC558 pnp 
D1, D2 1N4148 


Additional items 
PCB 
Speaker >35 ohms 
PP3 battery clip and battery 





A medium-wave receiver using a ferrite-rod aerial 





3 A medium-wave receiver 
using a ferrite-rod aerial 


Figure 1 Circuit and block 
diagrams of the radio 





Description 


The whole circuit is built on a 50 mm by 50 mm printed circuit board (PCB) 
designed to fit on the inside of the lid of a plastic box, and is stuck there 
using sticky pads, the shaft of the variable capacitor going through a hole in 


> Ppl )) 0:53/3:00 





Radio and Electronics Cookbook 


[ ware AM 





Figure 2a The PCB, solder side 
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Figure 2b The PCB, component side 


the lid. Only two pairs of leads are soldered to the board — one pair goes to 
the 1.5 V battery in its holder, and the other to the earphone socket. Figures 
2a and 2b show the printed circuit and the component layout double size for 
clarity. You are not obliged to build the circuit on a PCB. 


Building it 

1. Check and identify components. Tick the parts list. 

2. Carefully unwind the wire. Use paper to make an insulating tube (called 
a ‘former’) around the centre of the ferrite rod and secure it with 
Sellotape. Now, close-wind all the wire (leave no gaps between adjacent 
turns) around the paper former. Secure the winding with more 
Sellotape, leaving 50 mm of wire free at each end for connection to the 
circuit. See Figure 3a. 

3. Solder in VC1. 

4. Solder in the integrated circuit holder. There is a notch in one end of the 
holder; this should face VC1. Solder also the wire link and the 
capacitors. Be careful to avoid solder ‘bridges’ between adjacent tracks 
on the PCB. 

5. Solder the battery leads. These must be connected properly — the red 
battery lead to the + (positive) area and the black lead to the - 
(negative) area. 

6. Strip bare 1cm of insulation from the ends of two wires. Solder them 
between the PCB and the headphone socket (see Figure 3b). Use the end 
tabs on the socket. Using another pair of insulated wires connect the 
ON/OFF switch to the PCB tabs shown in Figure 2b. 


Figure 3 Details of coil and 
headphone socket 


10. 


11. 
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. Fix the elastic band. This goes through the holes at the top of the PCB, 


with the ferrite rod being slipped through the two end loops. (Note: 
although the coating on the copper wire is designed to melt away 
during soldering, it is quite common for difficulty to be experienced in 
obtaining a good soldered joint; to be on the safe side, remove the 
coating before soldering (with a small piece of sandpaper).) Carefully 
place the wire ends of the coil through the PCB just above VC1, and 
solder on the track side. 


. Fit IC1 into its holder. This should be done carefully, making sure that 


all the pins are located above their respective clips before applying any 
pressure! Make sure also that the notch on the IC (as shown in Figure 
2b) matches the notch in the holder, and faces VC1. 


. Put battery in its holder. Listen for some noise in the headphones as 


VC1 is rotated. Make sure the headphone plug is fully inserted into its 
socket. 

Fix the working board to the lid. Use the sticky pads and apply gentle 
pressure. Fit the tuning knob, the ON/OFF switch and the earphone 
socket. 

Test again. If all is still working, fit the lid screws and admire your 
completed radio! 
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Parts list 





Capacitors 
C1, C2 0.01 microfarad (uF) 
C3, C4 0.1 microfarad (wF) 
vcl 500 picofarads (pF) 


Semiconductor 


IC1 ZN416E 


Additional items 

Plastic box (recommended size 76 x 64 x 50 mm internal) 

8-pin DIL socket for IC1 

Printed circuit board 

Tuning knob for VC1 

Wire link for PCB 

2m of 30SWG copper wire, self-fluxing 

Piece of paper 25 x 50mm, to make the coil former 

Ferrite rod 70 mm long by 10 mm diameter, approximately 

Battery, AA size 1.5 V, with holder and attached wires 

Miniature earphone socket (3.5 mm stereo jack) 

ON/OFF switch (push-button SPST latched or slide switch) 

4 off 100 mm insulated connecting wires, for jack socket and 
ON/OFF switch 

Pair Walkman-type earphones 

Elastic band, to attach ferrite rod to PCB 

4 off sticky pads for securing PCB to box lid 


Kits 


Ready-made PCBs may be available from Alan J. Wright, GOKRU, 
Hewett School, Cecil Road, Norwich NR1 2PL. 








4 A simple electronic organ 


Introduction 


This project has nothing to do with radio but, let’s admit it, any electronics 
project is good experience! Why not build this little organ — it will keep the 
children amused at least! It uses the popular NE555 integrated circuit, 
which contains a circuit which will periodically switch the voltage on the 


output pin between the supply voltage and zero. Just how frequently this 
switching occurs depends upon the components external to the integrated 
circuit. If this switching occurs several hundred or thousand times a second, 
the change in voltage produced will generate a musical note when 
connected to a small loudspeaker. The circuit is shown in Figure 1. 





A simple electronic organ 





Figure 1 Circuit diagram 


Putting it together 


(a) Using a PCB. The job is very simple. The placement of components on 
the unsoldered side of the board is shown in Figure 2 and the design on 
the copper track is illustrated in Figure 3. Put each component, in turn, 
on the board, making sure that it lies flat on the board with its tags or 
wires going cleanly through the holes provided for it; then, solder the 
wires to the board, cropping them before or after the soldering, 





Figure 2 Position of components on the printed circuit board (PCB) 
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Figure 3 The connections l= 


Figure 4 Battery plug and 
loudspeaker connections 
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depending on your preference. If you choose to use a holder for your 
integrated circuit (highly recommended if your soldering is less than 
perfect), make sure that the end with a notch in it faces R1 and R2, as 
shown in Figure 2. Solder the two leads to the speaker to the tabs 
marked S (either way round), having looped them through the two holes 
to the right of the tabs in Figure 2. Looping them through the holes acts 
as a strain relief, ensuring that the soldered joints are not subjected to 
pulling and bending as you move the wires about. Do the same with the 
battery leads, the red lead going to the + tab and the negative lead to the 
— tab (which also has one speaker lead already attached to it). Figure 4 
shows this in detail. Treat the loudspeaker with care — the cone is quite 
fragile and must not be touched. 
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A simple electronic organ 


(b) Without a PCB. This is more difficult, and you may need to enlist 
some help. Using some matrix board (such as Veroboard) is probably 
the best way of replacing the PCB. You could arrange your circuit in 
exactly the same way as in the PCB in Figure 3, using wires to replace 
the copper track. 


A simple ‘keyboard’ 


The keyboard is a row of solder pins along the rear edge of the PCB, one 
for each note covering the range shown in Figure 2. A flying lead with a 
small spade on it is provided to touch any of the pins in turn, producing 
any one of ten different notes. 


Testing 


Check first that each component is in the correct place. When inserting 
the NESS5 chip, first make sure that the end carrying the notch lies over 
the end of the holder with the notch; then, make sure each pin of the 
chip lies directly above the hole into which it fits, before pressing 
gently to insert the chip into the socket. Make sure the battery connec- 
tions are correct, and insert the battery into the clip. Nothing should 
happen, except for a click from the loudspeaker; touching the spade on 
any of the pins should produce a coarse note from the speaker. If nothing 
happens, check everything again; don’t assume that wires go where you 
think they go! 


After you get the first note, all the others should work, too, but they will 
sound off-tune at first. The organ needs tuning up by adjusting the 10 
preset variable resistors P1 to P10. The approximate frequency to which 
each note should be tuned is given in Figure 2; if you can beg, borrow or 
steal a frequency counter, setting up is easy. If you have a piano, the 
organ can be tuned by comparison of the notes with those on the piano. 
The frequencies are given in Hertz (abbreviation Hz), and represent the 
number of times the IC switches on and off every second. If the sound 
coming from the loudspeaker is too loud or very distorted, then try 
putting an 3300 resistor (colour code orange, orange, brown) in series 
with the loudspeaker. This is done by taking the resistor and cutting its 
leads to about 5mm; then, disconnect one speaker lead from the tab on 
the PCB (it doesn’t matter which). Solder one end of the resistor to the 
vacated speaker tab, and the free speaker lead to the other end of the 
resistor. This will limit the volume of sound from the speaker, and 
lengthen the life of your battery. If it is still too loud, try a resistor of a 
larger value, or use a smaller resistor to make it louder. 
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Parts list 





Resistors: all 0.25 watt, 5% tolerance 


Capacitor 
Cl 


2.7 kilohms (kQ) 

1 Megohm (MQ) 

Preset resistor 100 kilohms (kQ) 
Preset resistor 50 kilohms (kQ) 
Preset resistor 25 kilohms (kQ) 
Preset resistor 10 kilohms (kQ) 


100 nanofarads (nF) or 0.1 microfarad (wF) 


Integrated circuit 


IC1 


NESS5S timer chip 


Additional items 


S 


Loudspeaker >60 ohms (Maplin) 

1 off battery clip (for PP3 battery) 

1 off spade terminal 

12 off solder pins ‘Veropins’ 

3 off 10cm lengths of ‘hook-up’ wire 


(This article is based on projects originally designed by Radio 
Scouting, Netherlands.) 
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5 Experiments with the 
NE555 timer 


Introduction 


Several of the projects in this book use the NE555 timer, an integrated 
circuit which is at the heart of many circuits whose processes are 
determined by time intervals. Figure 1 shows the circuit diagram of an 
audio oscillator using the 555. The timing voltages (governing the 


frequency of oscillation) are produced by R1, R2 and (2; a voltage appears 
at pin 3 which ‘switches’ at this frequency between zero and a voltage close 
to the supply voltage, which in this case can be anywhere between 6 V and 
14 V. The output current, when applied through R3 to a small loudspeaker, 
produces an audible tone, provided that there is a DC path between the two 
test leads. 
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Figure 2 Veroboard layout. 
If you can read a circuit 
diagram, the project can be 
built using other methods 
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Construction 


The simplest way to mount the components is on a piece of matrix board 
(Veroboard), available from any of the good suppliers. The prototype of this 
circuit used the type of board with copper strips along the underside; these 
strips are used like the copper tracks on a PCB, to join components together. 
Firstly, cut the four strips between the positions of the pins of the IC socket, 
as shown in Figure 2. You can buy a tool for this purpose, but a small twist 
drill (about 3 mm diameter) is just as good. Turn it between your fingers — 
if you use a drill you will end up with holes right through the board! Then 
solder in the IC socket (with the notch in the position shown), followed by 
the four links made with single-conductor insulated wire. Put in each 
component as shown, ensuring that C1 (an electrolytic or polarised 
capacitor) is connected correctly. When all the components have been 
soldered in, take the 555 chip and lay it on its socket, with its own notch 
lying above that of the holder. Then, making sure that each pin lies directly 
above its corresponding socket, press down gently on the chip, with the 
board supported on a flat surface. 


Testing 


Connect the circuit to a battery or small power supply, ensuring that the 
positive and negative leads are the right way round. Always use red and 
black leads here, then you are less likely to get it wrong! Switch on. Nothing 
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should happen until you short together the two test leads, when there 
should be a note from the loudspeaker. If this doesn’t happen, switch off, 
disconnect the circuit and check your wiring and soldering. Is it exactly like 
Figure 2? Are the soldered joints round and shiny? If any are dull, then 
‘sweat’ them briefly with a hot soldering iron until the solder runs, remove 
the iron, and check that they are as shiny as the rest. Check that there are 
no solder ‘bridges’ between adjacent tracks by holding your board up to a 
strong light. Then, reconnect, switch on and touch the test leads together. 
All should now work! 


Uses of your circuit 


1. Asa Morse practice oscillator. Simply connect the two test leads to your 
key and, each time the key is pressed, you should hear a note from the 
speaker. The frequency of the note may be altered by putting a resistor in 
series with the key. To do this, remove one test lead from the key and 
select a resistor; connect one end of the resistor to the free test lead and 
the other to the empty terminal on your key. Selecting the value of 
resistor that you need will be a useful experiment in itself. 

2. Asa continuity tester. You can check fuses and lamp bulbs by connecting 
them across your test leads. If the speaker remains silent, the fuse or bulb 
has blown. 

3. To indicate changes of resistance. Hold the ends of the test leads in each 
hand; you should hear a low note, because of the high resistance of your 
body. Squeeze the ends harder, and the frequency of the note should rise, 
because you are now making better contact. Repeat this with damp 
hands and the frequencies will be higher still. 

4. Asa thermometer. Connect the test leads to a thermistor (a device whose 
resistance changes with temperature) and warm it with a hair-dryer, or 
even in your hands, and you will hear the pitch changing with the 
temperature of the thermistor. A suitable ‘bead’ thermistor is available 
from Maplin (order code FX21). 

5. Asa diode tester. Use any diode, and connect the negative test lead to the 
end of the diode marked with the ring. This is the cathode of the diode. 
The other end, the anode, should be connected to the positive test lead, 
and a note should be heard from the speaker. This does not necessarily 
mean that the diode is working — yet. Reverse the connections and 
nothing should be heard. If this is the case, the diode is working. 

6. As a light meter. Use a photoconductive cell (a device whose resistance 
changes with light intensity) connected between the test leads. A note 
should be heard. Shading the device with your hand will increase its 
resistance and the note should decrease in frequency. A suitable device is 
the ORP12 cell from Maplin (order code HB10). 


There are many more applications. Do not connect the test leads to other 
circuits that are switched on. Your circuit, or the circuit you are connecting 
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it to could be damaged. Think of a passive device or circuit (i.e. one not 
requiring a power supply or battery) where changes of resistance occur, and 
you have found another application! 


Parts list 





Resistors: all 0.25 watt carbon film types 
R1 4.7 kilohms (kQ) — yellow, violet, red 
R2 39 kilohms (kQ) - orange, white, orange 
R3 330 ohms (Q) — orange, orange, brown 


Capacitors 
C1 100 microfarads (wF) 25 V radial electrolytic 
C2 22 nanofarads (nF) or 0.022 microfarad (wF) polyester 
type with 10 mm lead spacing 


Integrated circuit 
IC1 NESSS 


Additional items 
Miniature loudspeaker (preferably 35, 40 or 80 ohm) 
8-pin DIL socket for IC1 
0.1 inch Veroboard (‘stripboard’), size 11 strips by 13 holes 
PVC-covered stranded wire for test leads, loudspeaker and battery 
connections 
PVC-covered solid wire for links on the board 
A power source of between 6 V and 14 V, such as a 9 V battery (PP3) 


Component sources 





Cirkit 
Tandy — many high street shops 
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6 A simple metronome 


Introduction 


A metronome is a device used by musicians to indicate the tempo of a piece 
of music. Until electronics came on the scene, this ‘beating of time’ was 
achieved in much the same way as a clock keeps time, i.e. with a pendulum 


device, the clicking of the escapement indicating the beats of the music. 


Those of you who have already built the Morse Key and Buzzer from the 
designs in this book, will recognise the circuit of this metronome — it is 
exactly the same as was used to produce the note of the buzzer. This circuit 
is shown in Figure 1. 





The circuit 


Three components determine the speed at which the circuit oscillates - the 
speaker (LS), the resistors (VR1 + R1) and the capacitor (C1). VR1 is a 
variable resistor, so that the speed at which the oscillator operates can be 
varied. Compared with the component values of the Morse Buzzer (which 
operated at around 800Hz), these components now give an oscillation 
frequency of around 1.25 Hz, which is far too low to be heard as a note. 
What we do hear, however, is a series of clicks, as the voltage across the 
speaker changes quickly from 0 to 9V and back again. 


Figure 1 The metronome 
circuit is rather like the 
Morse oscillator 
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Figure 2 The component 
wires are pushed through 
holes in the circuit board 
and joined together 
underneath 
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Variation of speed could be achieved by varying resistance or capacitance. 
However, as you may already know, variable capacitors have values in the 
picofarad range, not the tens of microfarads used here, so it is very simple 
to employ a variable resistor (potentiometer) to control the oscillator. You 
could use a multi-way switch to switch in one of several capacitors, as well 
as having the variable resistor, but this was found to be an unnecessary 
complication. This design operates between about 100 clicks per minute 
and 200 clicks per minute. 


Making the prototype 


A single piece of plain matrix board (no copper strips) measuring about 
40 x 40mm is sufficient to hold all the components except the potenti- 
ometer and switch (see later). The case can be plastic or aluminium, and 
one measuring 65 x 100 x 50mm is about right. Make sure there are 
holes in the case beside the speaker cone to let the sound out, and larger 
holes for the potentiometer and switch. If a potentiometer is used with a 
combined ON/OFF switch, then the extra hole for the switch is not 
necessary! It is advisable to construct the circuit before putting it in the 
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box, so that it can be tested to ensure that everything is working. If it is, 
then you can exercise your ingenuity in mounting the speaker, battery 
and board inside the box. A final test can be made before starting the 
calibration process. 


Calibration 


There is no ‘easy’ way to do this. The frequencies involved are too low to be 
measured with the average frequency counter, so you will need to resort to 
using a stopwatch and counting the number of clicks per minute. 


Parts list 





Resistors: 0.25 watt, 5% tolerance 
R1 10 kilohms (kQ) 
VR1 47 kilohms (kQ) linear potentiometer 


Capacitor 
C1 33 microfarads (wF) electrolytic 


Transistors 
TRI 2N3053 npn 
TR2 2N2905 pnp 


Additional items 
$1 SPST ON/OFF switch 
LS 3 ohms (Q) loudspeaker 
Knob with pointer for VR1 
PP3 battery and connector 
Aluminium case, 65 x 100 x 50mm 
Matrix board (plain), 40 x 40mm 
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7 What is a resistor? 


Introduction 


Materials that carry electricity easily are called conductors. They include all 
metals and salt water, for example. We use wire as a conductor, and the 
ease with which it passes an electric current depends upon the material, its 
thickness and its length. Silver (symbol Ag), gold (Au), copper (Cu) and 


aluminium (Al) are the best metallic conductors. Most wires are made of 
copper, although the best conductor, weight for weight, is aluminium. 


Materials that don’t carry current (or, at least, do so very badly) are called 
insulators, and they include dry wood, rubber, plastic and glass among 
their number. Wires are often coated with a layer of insulator to prevent 
adjacent wires touching and causing an accident. 





Resistors 


If there wasn’t such a thing as resistance, the subject of electronics wouldn’t 
exist; only infinite currents would flow and voltages wouldn’t exist either! 
We need to reduce the flow of current if we are to make current do 
something useful for us. Components that resist the flow of current are 
called resistors, and they are said to have a resistance which is measured in 
ohms (Q), named after Georg Ohm, who formulated the law (also named 
after him) by which the voltage and current through a conductor are related. 
His law gave rise to the formula everyone remembers: 


V 
Ic, 
where I is the current flowing, measured in amps, 

V is the voltage across the conductor, and 
R is the resistance of the conductor, measured in ohms. 


From this equation, you can see that, for a constant value of voltage, V, if 
the resistance goes up, the current will go down, and vice versa. The circuit 
symbols for resistors are shown in Figure 1. You will find the upper symbol 
in older magazines; it is still preferred by many engineers. The lower symbol 
is the prevalent standard symbol. 


Resistors are made in several ways, the cheapest using carbon; another type 
is usually made from a ceramic cylinder (used only as a support) on which 
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| 
Figure 1 Circuit symbols for | 


resistors —  - 


is placed a very thin film of metal — the thinner the film, the greater the 
resistance. All resistors are coated with a thin film of insulation, for the 
same reason we discussed earlier. 


The colour code 


Each resistor has coloured bands on it which enable us to see what value of 
resistance it has. There are normally three (but sometimes four) at one end, 
and a single one at the other (see Figure 2). The colours indicate figures, 
according to the list below. 








Colour Value Colour Value 
Black 0 Green 5 
Brown 1 Blue 6 
Red 2 Violet 7 
Orange 3 Grey 8 
Yellow 4 White 9 
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Yellow 
Nit 
Violet 
Figure 2 Some examples of snort | L woo 
resistor colour codes; top Naz 
4700 Q. (4.7kQ) and bottom Black 
1000, ei 


Using the colour codes is easy, once you see the logic behind it. Hold the 
resistor so that the single band is towards the right. The three colours on the 
left are read in the normal order from left to right. The first two bands 
always indicate numbers; the third band gives the number of zeros to add to 
the right of these two numbers. So, looking at the top resistor in Figure 2, 
yellow, violet, red means 4, 7, and two zeros, giving 4700 ohms! Looking at 
the lower resistor, brown, black, brown means 1, 0, and one zero, giving 
100 ohms. 


Remembering the order of the colours may be difficult at first. The colours 
from red to violet are the colours of the rainbow, in order, so if you know 
those, you’re almost there! Around those colours are black and brown 
below the red, and grey and white above the violet, which you can imagine 
as getting brighter from black to white (well, almost!). It won’t be long 
before you don’t need to remember them at all. 


The isolated band on the right-hand side is not part of the resistor’s value; 
it indicates its tolerance, i.e. how close it might be to the indicated value. A 
brown band indicates +1%, a red band +2%, a gold band +5% and a silver 
band +10%. For example, a resistor marked as being 100 ohms with a +5% 
tolerance will have an actual value somewhere between 95 ohms and 
105 ohms. 
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8 Waves — Part 1 


Introduction 


Waves are responsible for most of the processes in life where energy is 
transferred from one place to another. Heat and light energy from the sun, 
for example, come to us as electromagnetic waves. Sound travels through 
the air as a wave; it is not the same sort of wave as light or heat, but it 
obeys many of the same properties. Damage is caused to coastal margins 
by the waves of the sea — again, another type of wave, but still obeying 


many of the same properties. Radio waves are of the same type as heat and 
light waves, as are gamma rays, X-rays, ultra-violet waves and infra-red 
waves. So, once we begin to understand what radio waves do, we are also 
learning about a huge chunk of physics at the same time! All these waves 
are part of the electromagnetic spectrum. The word ‘spectrum’ simply means 
a ‘range’, so what we have is a range of electromagnetic waves — that’s 
all! 





Sensing things 


Light waves are invisible, but our eyes can detect the effect they have on 
different materials because the waves produce an effect on the retina of the 
human eye which the brain can interpret. We cannot see heat waves either, 
but we can feel the effect they have on our skin. Gamma rays and X-rays are 
also invisible, but their detrimental effects on human tissue are well known. 
It is not surprising, then, that we cannot see radio waves. We cannot sense 
them, either, until we produce a device upon which they have an effect. That 
device is a radio receiver; it is able to process certain characteristics of radio 
waves, and make these characteristics audible by generating sound waves 
from the loudspeaker or headphones. Other characteristics of the same 
waves may be turned into light as a TV picture on a cathode-ray tube, or as 
a fax image on a sheet of paper. 


Visible waves 


Let’s start our description with some waves that we can actually see! When 
a small stone is thrown into a pond, we see circular water waves radiating 
from the point where the stone fell into the water, as Figure 1 shows. (Notice 
that we use the word radiating, even with water waves; it is not a radio 
term, but one which describes any motion where the radius of a circle is 
increasing. In this case, it is the radius of the circular waves which is 
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Figure 1 The waves move 
out from the point where 
the stone landed 


Figure 2 A water wave, 
viewed in cross-section 
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increasing.) If you were to watch the water waves down at the water level, 
perpendicular to the direction in which they are travelling, you would see 
something like the illustration in Figure 2. 


The horizontal line represents the water level before the wave started, and 
the vertical line represents the direction in which the water is displaced at 
any instant. 


All waves are described in the same way 


‘Freezing’ the motion of the water in this way allows us to define two very 
important characteristics of a wave, characteristics which we talk about 
every day — wavelength and amplitude. The wavelength of a wave is simply 
the distance (measured in metres) from any point on one wave to the same 
point on the adjacent wave. Look at the diagram and you will see what is 
meant by ‘the same point on the adjacent wave’. The amplitude of a wave 
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is always measured from the centre (undisturbed) position of a wave to the 
peak (or the trough) of the wave. Both these positions are shown, the arrow 
indicating that the measurement is taken from the centre to the peak or 
trough. The amplitude of a wave is defined as the maximum displacement 
of the wave from the centre position — the direction (up or down) of that 
displacement does not matter. Waves of greater amplitude carry more 
energy with them. 


If we now ‘unfreeze’ the wave, we will see it travel from left to right (or right 
to left, depending on where we are looking). The speed at which it moves is 
called its velocity, and is measured in metres per second. 


Another useful word is propagate; it means travel. We talk about radio 
waves propagating from a transmitter to a receiver. This velocity of 
propagation (for electromagnetic waves) is very fast indeed — they will cover 
300 million metres in one second. This is virtually incomprehensible, so 
think of a radio wave travelling around the earth — it can travel 74 times 
round the earth in one second! We use the symbol c for the velocity of radio 
waves (which is the same as the velocity of light, of course — all 
electromagnetic waves travel at this speed through air and space). 


The last thing we need to know about the wave is its frequency. Imagine a 
cork floating on the water in the path of the wave; it will bob up and down. 
If we were able to count the number of times it went through its highest 
position in one second, then that number would be its frequency. Any 
periodic motion like this is said to go through one cycle each time one 
complete wave passes a point (in this case, our cork). We are thus counting 
the number of cycles per second of the cork’s motion. The unit of frequency 
is thus ‘cycles per second’; this unit is now named after Hertz, a radio 
pioneer, and is abbreviated to Hz. 


Our description of the wave is now quite simple — we need only four 
quantities: 


(a) Frequency symbol f— unit, hertz (Hz) 

(b) Wavelength symbol A (Greek letter lambda, pronounced ‘lamb-da’) — 
unit, metre (m) 

(c) Amplitude symbol a — unit depends on application 

(d) Velocity symbol c — unit, metres per second (m/s or ms!) 


The basic formula 


Whatever may happen to a wave while it travels through different media 
(vacuum, air, brick, wood, etc.), one thing and only one thing remains 
constant — its frequency. Its wavelength, amplitude and velocity may 
change, but its frequency never does. Three of the four characteristics 
already identified are connected by the simple relationship 
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Remember that c is constant if the wave travels in air or in a vacuum. This 
means that waves having higher frequencies (f large) must have smaller 
wavelengths (A small) and vice versa. You can imagine frequency and 
wavelengths being on opposite ends of a see-saw! 


Divisions of units 


Because the frequencies of radio waves are so high (despite them having the 
lowest frequencies in the electromagnetic spectrum!) we have a problem 
with writing them down. Do you write in your log book that you have just 
heard a station on 14 100 000 Hz? Of course not, you write it as 14.1 MHz, 
knowing that the prefix mega (M) means ‘one million’. The prefixes which 
you need to know (when applied to frequency) are: 


kHz kilohertz meaning 1000Hz 
MHz megahertz meaning 1 000 000Hz 
GHz _ gigahertz meaning 1 000 000 000 Hz. 


Notice that the ‘k’ in kilohertz is a lower case letter. It is incorrect to write 
it as an upper case letter. ‘K’ is a computer-related prefix meaning not 1 000 
but 1 024! 


When we come on to discuss heat and light waves, we will use wavelengths 
rather than frequencies, because of the see-saw effect — as the frequencies get 
larger and larger, the wavelengths get smaller, and hence are numbers which 
are more manageable, both to talk about and to write down! 


Bands 


Gamma rays, X-rays, ultra-violet waves, light waves, infra-red waves are all 
part of the electromagnetic spectrum, but we divide them up because they 
have different properties. This is why we divide up our radio frequencies 
into different bands. The radio waves of top-band signals (around 2 MHz) 
have completely different properties compared with those in the 20 metre 
band, so we are dividing up the radio spectrum in the same way — by 
property. 
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9 A beat-frequency oscillator 


Introduction 


Many readers will know that, although they have a short-wave radio which 
covers at least one of the amateur bands (e.g. 7 MHz or 14 MHz), they are 
unable to listen to SSB or Morse signals. This is because the receiver lacks 
a Beat-Frequency Oscillator (BFO). We need the ‘carrier’ frequency of a BFO 
to replace the carrier that has been removed from the signal at the 
transmitter. When listening to Morse signals, the BFO signal ‘beats’ with the 


incoming signal to produce a note in the loudspeaker. If you are a 
musician, you will be familiar with the method of using ‘beats’ to tune one 
musical instrument from another; in the BFO, the beat frequency produced 
is the tone signal you hear. 


In the more complex amateur radio receiver, a BFO is incorporated as part 
of the whole system. In our model, it is an external circuit that sits 
alongside your radio. The circuit diagram is shown in Figure 1. 





Construction 


Built on a small piece of matrix board about 80 x 50 mm, the circuit can be 
fitted inside a small plastic box. For once, we don’t want to screen the 
circuit to prevent it interfering with other equipment; we want it to interact 
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Figure 2 Matrix board layout shown from the component side. Adjust IFT1 carefully for the best results 
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with our receiver! This is why we use a plastic box. Maplin Electronic 
Components supply a suitable box, complete with the matrix board to fit 
inside (order code YU46). 


Look at Figure 2 carefully before you start to build the circuit, so that you 
can position the components correctly. Firstly, inspect the intermediate 
frequency (IF) transformer, IFT1, and remove its metal screening can very 
carefully. Again, this is to allow some signal to escape from our circuit and 
enter our radio. Having done this, solder the components, using the matrix 
board as a support. Underneath the board, the components are linked by 
single-conductor, insulated wire. Take particular care with the polarity of 
the electrolytic capacitor, C3, and the connections to the transistor, TR1 (see 
Figure 1). 


The variable resistor, VR1, has a switch mounted behind the control itself, 
and the insulated leads to it from the battery should be about 10cm long. 
Connect these before fitting VR1 into the case, so that the BFO can be 
calibrated (adjusted) correctly. 


Calibration 


After a final check that all the components have been fitted and soldered 
correctly, connect the battery, switch on, and hold the transistor between 
your fingers, to check that it is not getting hot. Place the circuit close to your 
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receiver, and set RV1 to mid-position. Tune your receiver to find an amateur 
SSB transmission; the frequencies listed below will help you in knowing 
where to look. It may sound very strange, but don’t worry. Slowly turn the 
core of IFT1 with a small, non-metallic screwdriver or with the correct 
‘trimming tool’. The core into which the blade fits is very fragile, so attempt 
this process with care. When the speech sounds as natural as you can get it, 
leave the core at this position, and use RV1 to make the speech sound 
natural. 


Using the BFO 


For best results, you may have to move the BFO nearer or further away 
from your radio. At the lower end of most bands (for instance just above 
7.000 MHz or 14.000 MHz) you should be able to resolve Morse code 
(CW) signals. If you find that the BFO signal is a little weak, solder a 15cm 
length of insulated wire to pin 2 of IFT1, and place it alongside your radio. 
This should improve signal intelligibility. When you are happy with the 
performance, switch off, drill a 10.5mm hole in the box and fit RV1, 
followed by the matrix board assembly. Screw the base to the box, fit the 
knob, and the BFO is complete! 


Where to listen 


Band Frequencies (MHz) 
15m 21.000-21.450 
17m 18.068-18.168 
20m 14.000-14.350 
30m 10.100-10.150 
40m 7.000-7.100 

80m 3.500-3.800 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1 27 kilohms (kQ) 

R2 4.7 kilohms (kQ) 

R3 1 kilohm (kQ) 

R4 2.2 kilohms (kQ) 

VR1 4.7 kilohms (kQ), linear, with DPST switch 
Capacitors 

C1 100 nanofarads (nF) or 0.1 microfarad (wF), ceramic 

C2 47 nanofarads (nF) or 0.047 microfarad (uF), ceramic 

C3 10 microfarads (uF), 25 V radial, electrolytic 
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Additional items 


TRI 2N2222A npn 

IFT1 Toko type YHCS11100 

Box plastic, approximate size 100 x 70 x 45mm 
Board matrix, to fit inside the box 

Connector for PP3 battery 

Knob for RV1 
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Figure 1 
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Large and small 


We cannot go into the manufacture of capacitors here — after all, we are 
users of the devices, not the designers! First of all, beware of incorrect 
statements; the words ‘capacitor’ and ‘capacitance’ are not the same. For 
example, a large capacitor would be a description of one the size of a toilet 
roll. It need not have as large a capacitance as one the size of your little 
finger. A ‘large capacitor’ is one which is physically big, a ‘large capacitance’ 
refers to a capacitor which can store a larger amount of energy when a 
certain voltage is applied between its plates. The capacitors in a mains 
power supply are usually big and have large capacitances. High-power RF 
amplifiers may have large capacitors with small capacitances! 


Electrolytics. . . 


Electrolytic capacitors usually have capacitances of 1 uF or above. They 
differ from other capacitors in that they must be connected the right way 
round (i.e. they have positive and negative connections, just like a battery). 
They may explode if the connections are reversed! 


...and the others 


Other capacitors may be connected either way round, despite their names. 
We have polystyrene, ceramic, silver-mica and tantalum. Each has its own 
advantages and disadvantages, and the parts list for a project will always tell 
you which type is best. 


Storing energy 


If you were to connect a large capacitance across a 12 V power supply, 
nothing would appear to happen. Removing the capacitor from the 
supply and connecting it to a voltmeter would show that the capacitor has 
12 V between its ends. This shows that, while the capacitor was connected 
to the supply, energy flowed from the supply into the capacitor. We say 
that the capacitor was charged up by the supply. If you are using an 
analogue voltmeter (i.e. one with a meter and pointer), you will notice 
that the indicated voltage slowly drops until, eventually, there is no 
voltage across the capacitor. This is because the capacitor has discharged 
its energy into the voltmeter. If you had used a smaller capacitance, the 
same would happen, except that the voltage would drop to zero more 
quickly — the capacitor stores a smaller amount of energy because its 
capacitance is smaller. Capacitors behave like other things in life —- a small 
car can move more quickly than a large bus — a small piccolo emits a 


35 


Radio and Electronics Cookbook 


36 


higher note than a flute - the voltages in a circuit containing a small 
capacitance will change more quickly than those in a circuit with large 
capacitance. 


Varying the capacitance 


Some capacitors are capable of having their capacitance changed manually; 
these are called variable capacitors. They work like the basic capacitor of 
Figure 1. Imagine moving the top plate of the pair a little to one side; the 
capacitance is determined, not just by the size of the two plates, but by their 
area of overlap. As this decreases, so does the capacitance. Such devices are 
limited in their capacitance, about 500 pF being the maximum value. 


AC and DC 


Because the plates of a capacitor do not touch each other, a direct current 
(DC) cannot pass between them. However, an alternating voltage on one 
plate can induce an identical alternating voltage on the opposite plate, and 
thus a capacitor appears to pass an alternating signal, even though currents 
as such, do not pass between the plates. This property of passing AC and 
not DC is very important, and a capacitor used in this way is called a DC 
blocking capacitor or, simply, a blocking capacitor. A blocking capacitor 
can be used at the same time, to couple a signal from one circuit to the next; 
here it would be known as a coupling capacitor. Decoupling capacitors are 
to be found where the capacitor is employed to remove an AC signal while 
retaining a DC component. 


Finally... 


Unlike resistors, the manufacture of capacitors renders them susceptible to 
excess voltage, so if you find a capacitor labelled 10 wF 16 V, it means that 
operating it above 16V may fatally damage the device (and the circuit 
around it). This voltage is called the working voltage of the capacitor; on 
some electrolytics, you may find it expressed as volts working (i.e. 8 wF 
450 V WKG). 


Many smaller capacitors have their properties marked on them in a colour 
code, like resistors. Figure 2 shows these codes, and their meaning, and the 
table below summarises the values of the colours. 


What is a capacitor? 








Table 1 
Colour Value Voltage Voltage 
(tantalum capacitor) (polyester capacitor) 
Black 0 10 - 
Brown 1 - 100 
Red 2 - 250 
Orange 3 - - 
Yellow 4 6.3 400 
Green 5 16 - 
Blue 6 20 - 
Violet 7 - - 
Grey 8 25 - 
White 9 3 - 





Figure 2 Some capacitors 
have coloured bands or 
stripes, rather like resistors. 
The colour code, which is 
the same as the resistor 
code, is shown in Table 1. 
The band shown on the 
chart as ‘1st’ is the first 
number of the capacitor’s 
value in pico-Farads, ‘2nd’ is 
the second number and ‘M’ 
is the Multiplier or number 
of noughts. For example, a 
capacitor reads from the 
top: Brown, Black, Yellow, 
Black, Red. Its value is One, 
then Nought, then Four 
more noughts = 100 000 pF 
(also referred to as 0.1 wF or 
100 nF). Its tolerance (Black) 
is 20% and the working 
voltage (Red) is 250 V. The ‘V’ 
means the maximum 
working voltage. The band 
marked ‘T’ shows the 
tolerance, just like resistors, 
and the one marked ‘TC is 
only used on special 
capacitors designed to 
change their value with 
temperature 





in a 
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11 Waves — Part 2 


Introduction 


We left Part 1 with the concept that radio waves are divided up into bands 


which have different properties. Not al// the properties are different, 
though. We need to discuss several wave properties, so we will start with 
what happens to waves as they propagate over long distances. 





Getting weaker 


Imagine a torch battery connected to a bulb by wires about 1 metre long. 
The bulb lights normally. If we now take the bulb 100 metres away from the 
battery and wire it up, we would expect the bulb to be somewhat dimmer, 
which is exactly what would happen. It happens because of the resistance of 
the wires — the wires do not form a perfect conductor. A similar situation 
occurs with radio waves. 


All waves suffer from attenuation — they get weaker the further they travel. 
In cases of extreme attenuation, we need to apply some amplification before 
the attenuated wave can be used in a receiver. 


Carrying information 


When we speak over the telephone, the range of frequencies in our voices 
extends from very low frequencies up to about 15 or 20kHz. In audio 
terms, this is quite a large bandwidth (meaning a wide band of frequencies). 
For communications purposes, however, most of this bandwidth is not 
needed, and in the telephone system (and in our transceivers), this is cut 
down so that it extends from about 200Hz to 3kHz, a reduction in 
bandwidth from 20 kHz to about 3kHz. A bandwidth of 3 kHz has been 
found to be sufficient to convey speech intelligibly which, after all, is just 
what we need! 


The radio waves coming from an amateur transmitter convey our speech 
signals over long distances. By themselves, the speech signals do not travel 
very far, so they have to be combined with a radio signal that will travel long 
distances. This extra signal is called the carrier wave (or just the carrier), 
because its job is to carry the speech signals along with it! The process of 
combining the speech (or Morse code) with the carrier is called 
modulation. 
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Figure 1 Stations between 
B2 and B3 receive the 
ground wave 


Waves — Part 2 


Wider and wider 


Sending Morse code is achieved simply by switching (or keying) the carrier 
on and off. The bandwidth of the transmitted signal is only about 100 Hz. 
Speech, with its reduced bandwidth of 3 kHz, will produce a single-sideband 
(SSB) transmitted signal with a bandwidth of 3 kHz. If the same speech 
signal were used to produce an amplitude-modulated (AM) signal from the 
transmitter, it would have a bandwidth of about 6kHz. Perhaps you can 
now understand why the bandwidths needed to produce hi-fi broadcasts 
need to be so large. TV signals need bandwidths running into tens of 
megahertz! 


Waves need aerials 


Radio waves are produced whenever changing currents flow through a wire, 
and when that wire is made in such a way as to maximise the radiation from 
the wire, it is called an aerial or antenna. The same piece of wire will receive 
radiation from other aerials; an aerial will transmit and receive. This is an 
important property of the aerial: when a current flows through it, 
electromagnetic waves are launched into the air; when electromagnetic 
waves in the air encounter the aerial, currents are produced in it. 


From the simplest transmitting aerial, waves travel in all directions, like the 
waves on the pond that we considered in Part 1. They will travel a long way 
through air and space before they become too week to be received. They 
wont travel very far into the earth, however! The earth will reflect some of 
the wave and will absorb the rest. That portion of the wave which is 
reflected will again travel through air and space until it is totally 
attenuated. 


Look at Figure 1; A represents a radio transmitter, with B1, B2 and B3 being 
receiving stations. The two arrows pointing ‘downwards’ from A represent 
two of the waves from A which just graze the earth’s surface. Waves above 
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Figure 2 Reception of 
A's signals at B1 using the 
sky wave 
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these will travel on into space; waves below them will either be absorbed 
and reflected by the earth or received by aerials. B1 will not receive any 
signals from A, because it is below A’s horizon. B2 and B3 can receive A’s 
signals because they are just on A’s horizon. Any stations between B2 and B3 
will also receive A’s signals, which are known as ground-wave signals. The 
wave at C represents one which is reflected by the ground and travels into 
space. 


This description begs the question of how signals are received from stations 
well beyond the ground-wave range. 


Mirrors in space 


Suppose that there was something, out in space, that would reflect radio 
waves. Waves from A that travel out into space could be reflected off it and 
return to earth, enabling stations such as B1 to receive A’s signals. The 
situation just described is illustrated in Figure 2. 


Mires" 





Enson. Me7 


Just such a mirror in the sky really does exist. It is not man-made, of course! 
The earth is surrounded by the atmosphere, a mixture of many gases, such 
as nitrogen and oxygen. The energy contained in the radiation from the sun 
is more than sufficient to ionise these gases, thus making them into electrical 
conductors. When a gas is ionised, some of its electrons are physically 
stripped out of the atoms and are free to move about, just as the electrons 
of a metal do in a wire. Consequently, we can regard this part of the 
atmosphere (the part illuminated by the sun) as acting like a sheet of metal, 
which reflects radio signals! It is not a perfect reflector, but is sufficient to 
produce long-range (DX) radio propagation via the sky wave under the 
right conditions. (A more down-to-earth example of ionised gases conduct- 
ing electricity can be found in the fluorescent tube and the neon sign —- many 
gases glow when they are continuously ionised.) 


An LED flasher 


This conducting region at the extremity of the atmosphere is called the 
ionosphere, and it exists in layers between 60km and 700km above 
the earth’s surface. When the ionosphere is sufficiently ionised, it glows; this 
is the natural phenomenon known as the aurora borealis, or the northern 
lights. 


The property of the ionosphere that enables radio waves to be reflected does 
not act in a uniform way; it is very selective about which waves it reflects, 
and which waves go straight through it and into outer space. In general, it 
reflects only those waves with frequencies below about 30 MHz - the HF 
bands! 


In Part 3 we will look at families of waves. 


12 An LED flasher 


Figure 1 Circuit diagram of 
the LED Flasher. Pins 1, 3 
and 7 of the IC are not used 


Introduction 


The LM3909 is an integrated circuit (IC) which will flash a light-emitting 
diode (LED). Using only two extra components and a battery, the circuit is 
cheap and has a very low current drain from a 1.5V cell. The circuit can be 
used as a novelty flasher, an indicator for a dummy alarm bell box, or it 
could be attached to a torch so that it could be found easily in the dark! The 
simple circuit is shown in Figure 1. 
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Assembly 


The circuit can be built on a small piece of Veroboard (the piece shown in 
Figure 2 measures 15 holes by 10 strips). Using such a board, follow these 
instructions. 


Figure 2 Board layout 
viewed from the component 
side. The tracks are cut 
under the board where 
shown 


42 


. Depending on how far away you want the LED from the circuit board, 


solder a length of insulated wire to each lead of the LED. Use different 
colours of insulation - say, red and black, connecting the red lead to the 
anode (a) lead (the longer one) of the LED, and the black one to the 
cathode (k). Figure 2 shows these leads. 

Cut the copper tracks as shown in Figure 2, using a 3mm (% inch) 
diameter drill, rotated between thumb and forefinger, or use the proper 
tool. Make absolutely sure that the tracks are completely broken! 


. Fit the IC holder in the correct position, using the cut tracks as guides, 


and make sure the small notch is facing towards the top of the board. 
Solder the pins to the copper tracks. 

Mount the capacitor, positive end to the left, so that the positive lead is 
soldered to track F, which connects it to pin 2 of the IC; the negative lead 
is soldered to the right-hand side of track E, this being connected to pin 
8 of the IC. 


. Solder on the battery leads, positive to the right, and the extended LED 


leads, positive downwards. 
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An LED flasher 


6. Check the circuit, and hold up the board to a bright light and look 
carefully for solder bridges between the tracks and pieces of copper swarf 
which may have escaped your inspection in 2 above! Remove whatever 
you find. 

7. When all seems well, put the IC into the socket, ensuring that the notch 
or dot on the upper surface of the IC lines up with the notch on the 
holder. Line up each pin on the IC with the hole below it before pressing 
gently on the IC with the board supported on a firm surface. 

8. Connect the battery; the LED should start to flash. The circuit is 
complete and working! 


If you prefer, the whole circuit (battery included) can be mounted in a small 
plastic box, with the LED mounted on a clip and protruding through the 
panel. There are many other possibilities, and it is up to you to find an 
application for your own use. 


Parts list 





Maplin code 
LM3909 Integrated circuit WQ39N 
IC socket 8-pin DIL BL17T 
LED 5mm diameter WL27E 
100 microfarad (uF) — Electrolytic capacitor (10 V) FB48C 
Battery holder For AA-size cell YRS59P 
Battery 1.5V AA cell 


Small piece of Veroboard (15 holes by 10 strips) 

Small plastic box (if required) 

LED clip (if required) 

Two lengths of coloured, insulated wire for LED (as required) 


Availability 





All parts can be obtained from Maplin Electronics Ltd. 
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13 Waves — Part 3 


Introduction 


When we talk about the spectrum being divided up into bands, this is just 


for our convenience; there are no natural divisions although, as we have 
seen, some of the properties of different bands really are different! Let’s 
look at Figure 1, and see how the frequencies are divided up. 





The divisions 


@ Very low frequencies (VLF) cover the range from a few kilohertz up to 
30kHz. Very long-range communication is possible, but at very small 
bandwidths. It is used for special purposes. 

@ Long waves (LW) are used for medium-distance commercial broadcasting 
and have frequencies from 30 kHz to 300 kHz. 

@ Medium waves (MW) are used for commercial broadcasting, and use 
frequencies from 300 kHz to about 1.5 MHz (1500 kHz). Typical range is 
about 200km. 

@ Short waves (SW) encompass both the low-frequency (LF) and high- 
frequency (HF) amateur radio bands. There are nine narrow amateur 
bands in the SW spectrum between 1.8 MHz and 30 MHz. Some of these 
bands give round-the-world communication. 

@ Very high frequencies (VHF) span the range between 30MHz and 
300 MHz. Relatively short-range communication is possible. They were 
once used for broadcast TV before it moved to UHE There are now three 


1GHz 
S0KHe JOOkHs SMH E SOME ItOMHz (i0GOMH 2s) SOCKSHs 


MICROWAVE 





Figure 1 Diagram of radio frequency spectrum 
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amateur bands here — 6 m, 4m, and 2 m. Repeaters are used to extend the 
usable range of mobile stations. VHF waves are not usually reflected by 
the ionosphere, but when they are, ranges of several thousand kilometres 
are possible. Weather affects these waves on a regular basis, however. In 
addition to amateur users, the VHF part of the spectrum is also used by 
the police, the fire and ambulance services, weather satellites, and many 
others, 

@ Ultra-high frequencies, sometimes called centimetre waves, cover the 
range from 300 MHz to 1000 MHz (or 1 GHz). The only amateur band 
in this range is the 70cm band, and we share it with radar, TV and 
cellular telephone users as well. 

@ Microwaves begin at 1 GHz and extend to about 400 GHz. They are 
never reflected by the ionosphere, are partially attenuated by buildings, 
and are reflected from aircraft and cars. Microwave absorption in the 
atmosphere is quite significant, and rain and fog can attenuate 
microwaves quite heavily. 

@ Heat, light ... Above 400 GHz we run into the infra-red bands and on 
into the visible light and ultra-violet bands. We generally take 400 GHz as 
being the limit of what we class as radio waves. 


Bandwidth again 


Complex signals need more bandwidth than simple signals. Even if it were 
possible, we would not be able to transmit a single television channel in the 
whole of the MW broadcast band! When TV used part of the VHF band, 
only five channels were possible in the range from 45 MHz to 68 MHz. By 
moving TV to the UHF band, we now have 47 channels between 470 MHz 
and 855 MHz! 


lt’s your choice! 


The number of permutations you have amongst all the modes and all the 
bands is enormous! Only you can decide what you are interested in and 
what you want to learn about. That is the attraction of amateur radio! 
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14 Choosing a switch 


Figure 1 Some circuit 
symbols for different types 
of switch 
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Simple, but be careful! 


A switch is the simplest electronic component, but care is needed in 
choosing the correct one for the job. Here is a list of the main 
characteristics of a switch, which will help you to select what you 
want. 


1. 


Rating. This gives the maximum voltage and current that a switch can 
handle. For example, a 250 V 1.5A switch will switch mains voltage 
at a current not exceeding 1.5 A. If the current is greater than 1.5 A, 
the switch may get hot and fail. If the voltage is too great, the switch 
may arc each time it is switched off, thus wearing away the 
contacts. 


. Number of poles. A single switch can control many circuits; the 


number of poles tells you how many different circuits it can handle. 
See Figure 1. 


. Number of throws. This tells you the number of positions each pole 


can have. This is best illustrated in Figure 1. The simplest ON/OFF 
switch is a Single-Pole, Single-Throw (SPST) switch. A Single-Pole, 


o— Single- pole, single-thraw 


Single-pole, double-throw 
{also knownas a changeover 
switch ie, SPCO) 


_e- 
——T Double-pole, double-throw 
| 
oo 


{also Known asa 2-pole, 
Z.way switch) 


—f — Push-butten switch 


Figure 2 The rotary switch 
can select several different 
circuits at once 


Choosing a switch 


Double-Throw (SPDT) switch may also be used as an ON/OFF 
switch, but is used mainly to change between two parts of a circuit, 
and is commonly known as a Single-Pole Change-Over (SPCO) switch. 
Two or more SPCO switches can be operated at once; Figure 1 shows 
an example. The two switches are said to be ganged. See also “Types 
of switch’ below. 

4. Number of ways. When a switch has more than one throw, we tend to 
use the word ‘ways’ instead. This means that if a switch has one pole 
and six throws, we would normally call it a ‘1-pole 6-way’ switch. 
Such switches tend to be rotary switches, as are described below. 


Types of switch 


(a) Push-button. These are found on calculators, telephones, electronic 
games and most equipment with a digital display. 

(b) Rotary. These are switches controlled by a knob, and are turned 
instead of moved up and down. Figure 2 shows the rear of such a 
switch and its circuit symbol. The commoner types of rotary switch 
are: 1-pole, 12-way; 2-pole, 6-way; 3-pole, 4-way; 4-pole, 3-way; 
6-pole, 2-way. All these switches have 12 click positions, as you may 
have guessed, but each one comes with an adjustable end-stop so that 
you can set the correct number of ways according to the contacts on 
the switch. 

(c) Slide. This switch is common on the cheaper types of radio, mainly as 
an ON/OFF or band-changing switch. They are not very rugged, but 
are small and cheap to produce. Very small types are manufactured 
for use on PCBs. 


Rotary Switch 
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(d) Toggle. Available as two-way types or three-way, with a centre-off 
position. Can be manufactured to handle very high currents. 

(e) Micro-switch. These are devices which are usually operated indirectly, 
such as when the cover is removed from a high-voltage power supply, 
or when the door of a fridge is opened. The ‘micro’ part of the name 
doesn’t refer to the size of the switch, but to the small movement that 
is required to activate it. 
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15 An aerial tuning unit for a 
receiver 


Introduction 


Any length of wire will act as an antenna (or aerial) but, to get the best results 
from a transceiver or receiver, an aerial tuning unit (ATU) is required. This 
matches the impedance of your aerial to the impedance at the aerial socket of 
your radio. Impedance is like resistance, and is measured in ohms, but it is 
used for alternating currents, and hence is common in audio and RF 
engineering. Most receivers have an impedance at the aerial socket of about 
50 ohms (Q); aerial impedance, on the other hand, can be anywhere between 
20 © to over 1000 ©, depending on its length and its height above ground. 


Fortunately, you don’t need to be able to calculate your aerial’s impedance; 
all you need is a device that will perform the matching operation for aerials 
with a large range of impedances, and this is exactly what is described here! 
The subject of matching is a complex one, but all you need to know is that 
most signals will become clearer, and that there will be less noise and 
interference. Stations will become louder, so you will probably be able to 
reduce the setting of your RF gain control (always a good thing to do). 


This design of ATU covers all amateur and broadcast bands from 10m 
(28 MHz) to 80 m (3.5 MHz), and is very easy to build. The circuit is shown in 
Figure 1. 


ral 
conte HERR nay 


: BO ade A Yerlow 
Figure 1 Circuit diagram of 


the Antenna Tuning Unit, 

showing the use of a 2-pole, 
6-way rotary switch to select 
inductors (L) and capacitors 


( 
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Construction 


1. 


2s 


3. 


Firstly, you will need a simple plastic case in which to house the ATU. 
The size should be approximately 85 x 145 x 50mm. 

Start by drilling two 10.5 mm holes in the front of the case; these are for 
the 6-way switch and the tuning capacitor. 

Drill three 8 mm diameter holes in the left-hand side of the box, for the 
three sockets, coloured blue, yellow and green. 


. On the right-hand side of the box, drill two 8 mm diameter holes for the 


red and black sockets. 


. Now, fit the 6-way switch (SW1), the tuning capacitor (VC1), and all the 


sockets to the case. Check that the vanes of the capacitor rotate smoothly 
when the shaft is turned. 


. Wire up the inductors (coils). Figure 1 and the wiring diagram of Figure 


2, will help with this. As you can see, each one side of each coil is 
connected to two switch connections, the other end going to VC1. 


. Solder in the fixed capacitors. One end of each goes directly to the 


ground socket (black), and the other end goes to the switch. 


. Solder a wire between the green and black sockets. The output from the 


ATU comes from the red socket, and this is connected to the two tags in 
the centre of the switch, as Figure. 2 shows clearly. 


. Finally, connect the blue and yellow sockets to the tuning capacitor, and 


the ATU construction is complete. 





Figure 2 The internal view of the case shows the main tuning capacitor, VC1. This is a solid dielectric type, which has 


adjustable brass plates 
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Figure 3 You may find that 
parallel tuning gives best 
results with your antenna 


Figure 4 In other cases, 
series tuning could be the 
most effective arrangement 


In practice... 


Figures 3 and 4 show two different ways of connecting your aerial to your 
ATU. In each case you will need to select each switch position in turn, and 
rotate the tuning capacitor through its full range while listening to a station. 
You should find that one switch position enables VC1 to produce a peak in 
the signal strength in the loudspeaker. At this point, your aerial and receiver 
are said to be matched. Stations in the same band will probably peak with 
VC1 at the same setting of SW1, but different bands will almost certainly 
require different positions of SW1. 
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Parts list 





Capacitors (all rated at 16 V or more) 
C1 220 picofarads (pF) polystyrene 
C2 470 picofarads (pF) polystyrene 
C3 1000 picofarads (pF) or 1 nanofarad (nF) polystyrene 
C4 2200 picofarads (pF) or 2.2 nanofarads (nF) polystyrene 


Inductors 
L1 1.2 microhenries (wH) 
L2 8.2 microhenries (wH) 
L3 68 microhenries (4H) 


Switch 
SW1  2-pole 6-way rotary 


Sockets 
4mm type, one each of red, black, yellow, blue, green 


Additional items 
Plastic or metal case, e.g. Maplin type YU54 
Two large knobs for SW1 and VC1 





16 A simple 2m receiver 
preamplifier 


Introduction 


Designed specifically to complement the modified air-band portable (also 


described in this series), this can be used with some success on many 
receivers suffering from ‘deafness’ on VHF. 





The circuit 


An RF preamplifier is a device which improves the input signal to an 
existing receiver, enabling it to work more effectively. Because of the noise 
which is added to the signal by the preamplifier, very weak signals may not 
be usefully enhanced, but stronger signals will be improved considerably. 
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Figure 1 The integrated 
circuit is mounted upside 
down. Make sure you 
identify pin 1 which has a 
small dot next to it 


A simple 2m receive preamplifier 
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This little circuit (shown in Figure 1) uses a GEC/Plessey integrated circuit 
type SLS60C. With the addition of four capacitors, it is used between your 
aerial and the aerial input of the radio’s PCB. 


Putting it together 


1. 


Use a small piece of prototype (matrix) board about 25 mm square. Use 
an 8-pin DIL socket for the integrated circuit (don’t risk soldering the 
chip — it is seldom a risk worth taking). Figure 1 shows the connections 
to the socket, looking from underneath. 

Make special note of the pin numbers, so that you know how to put the 
chip into the socket when you have finished. The positive and negative 
connections to the circuit are taken from the main PCB after the ON/ 
OFF switch — so that the switch operates the preamplifier, too. 


. Unsolder the lead to the radio’s telescopic aerial and connect it to the free 


end of C4, as shown. Then solder a short lead between the telescopic 
aerial and C2. 

Sometimes it is possible to cajole your little preamplifier into the radio’s 
plastic case, provided there is room and that you make sure that none of 
the soldered joints on your little board touch any of the metal inside the 
case when you replace the back and screw it on again. 

If there is not enough room inside, then put the preamplifier into its own 
box, with battery and switch, and its own aerial. Keep the lead from the 
preamplifier to the aerial connection of the radio as short as possible — 
perhaps using screened cable. 


Because your preamplifier is untuned, you will find not only that it helps 
with reception on 2 metres, but also that reception on the FM broadcast 
band is improved! 
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Parts list 





Integrated circuit 
IC1 GEC/Plessey SL560C 


Capacitors 
1 nanofarad (nF) ceramic 
10 picofarads (pF) ceramic 
10 nanofarads (nF) ceramic 


Additional item 
Prototype broad approx. 25 x 25mm 





17 Receiving aerials for 
amateur radio 


Introduction 


For any radio receiver to work well, it must have some form of antenna, or 
aerial. In almost all domestic transistor radios, the aerial is built into the 
set, either as a ferrite rod (which looks like a rod of dark grey metal) on 


which are wound coils of wire, or as a chromium-plated telescopic metal 
rod. Some radios have both forms of aerial, using the ferrite rod aerial for 
long waves (LW) and medium waves (MW) and the metal rod for very high- 
frequency (VHF) stations using frequency modulation. 





There’s broadcast reception. . . 


No aerial is perfect, and these two types are far from perfect! As in most 
mass-produced equipment, they serve their purpose, which is not critical, 
and they allow the radio to be carried around easily, because they are not 
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big and bulky. The broadcast stations are very powerful, usually quite close, 
and the circuits in the radio are quite sensitive, so the need for large aerials 
disappears. 


...and there’s amateur DX 


Here we have an application which, in comparison with the broadcast 
situation, couldn’t be much more different. The stations do not use much 
power, they may be half the world away, and the requirement for good 
aerials and very sensitive receivers is paramount. The aerials must be large 
and they must be as high as possible, away from buildings and trees, which 
cause reduction in signal strength, and away from man-made sources of 
interference. 


You may not have thought about this but, in general, the larger an aerial 
becomes, the longer the cable (or ‘feeder’) must be in order to reach your 
shack and the receiver inside it. Cables reduce the received signal, so what 
your aerial gains by being large, the feeder (if you’re not careful) will 
lose! 


A simple aerial... 


We now know that a ‘good’ aerial is essential. But what is a ‘good’ aerial? 
It depends on your purse, your property and your enthusiasm! One of the 
simplest (and, incidentally, one which is not subject to the cable loss 
problem discussed above) is the Long Wire, shown in Figure 1. This is, quite 
literally, a long piece of wire going from a chimney stack to a tree or pole 
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Figure 1 A tree at the bottom of the garden can provide a useful antenna support. Insulators can usually be 
obtained from Tandy stores or TV aerial suppliers 
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Figure 2 An indoor antenna 
should be mounted as high 
as possible 
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at the end of the garden. The longer it is, the better. Notice that the wire 
itself is not used to loop around the tree or chimney. Rope is used for both, 
and is secured to the end of the wire using an insulator of the ‘dog bone’ or 
‘egg’ variety, to be found in profusion at rallies. 


The wire is brought into the house through a window into the shack where 
the receiver is situated. The long wire aerial is best used with an aerial 
tuning unit (ATU), which is also described in this book. One of the 
advantages of the long wire is that it can be used on several frequency 


bands. 


...and more complicated ones 


Next up the ladder of complexity is the dipole (meaning two poles, or two 
elements). One form of dipole for lower frequencies would take the same 
basic form as the long wire, except that the feed to the receiver is taken, not 
from the end, but from the centre. The wire is essentially cut into two 
halves, and the two ends at the centre are connected to one end of a coaxial 
cable, which is then taken to the receiver. A smaller form of this is shown in 
Figure 2, which is conveniently mounted in a house loft. Aerials should 
always be mounted outside for best results, but will work when mounted 
inside, and the loft space is the logical situation. 


The total length of the dipole should ideally be one-half of the wavelength 
of operation — hence the term ‘half-wave dipole’. For example, a dipole for 
use on 20m should be about 10m long. Dipoles are thus ‘single-band’ 
aerials. They can be modified for use on several bands, and then become 
known as ‘trapped dipoles’, having coils and capacitors at certain points 
along their lengths. 
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Indoor aerials 


For flat- or apartment-dwellers, an indoor aerial is often the only solution, 
in which case the dipole of Figure 2 may be of great use. Other popular 
types include the loop aerial, of which several types are shown in Figure 3. 
The shape of the loop is of secondary importance, but it should be as large 
as possible. 
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Figure 3 Try different 
shapes of loop antenna to 
see which works best 
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Ingenuity is called for when considering indoor aerials. A dipole can be 
mounted along a picture rail or pelmet. A vertical loop of aluminium foil 
can be stuck to an inside wall and covered with wallpaper! The designs are 
limited only by your imagination, and will give you hours of listening 
pleasure 


Outdoor aerials 


If you want to venture beyond the simple long-wire discussed earlier, then 
the erection of outdoor aerials can be a bit tricky; they can be more than a 
one-man job, and can involve seeking planning permission. Get some help 
advice from someone who has done it before — what about your local radio 
club? Plenty of designs for aerials appear in RadCom, so you should never 
be short of ideas! 


The Colt 80 m receiver — 
Part 1 


Introduction 


This is the first of four parts detailing the design and construction of a 
simple radio capable of good reception of amateur radio signals on the 80 


metre band. If you can solder and have some basic hand tools, at the end 
of Part 4 you will have a working receiver, in which you can take pride, and 
start some serious listening on 80m! For testing, all you will need is 
another receiver and a multimeter. 





Description 


The radio will be built in three modules, or stages, as illustrated in Figure 1. 
Each of these is built on a printed-circuit board (PCB) or matrix board and 
can be tested in its own right. The case will need some holes drilled, and care 
will be needed to mount the PCBs in the case. 


Get to it! 


Surprisingly enough, when you are building a radio section by section 
(which is always the best way), it is easiest to start at the output and work 


Figure 1 Build your Colt 
and watch it grow. A simple 
crystal set (a) becomes a 
direct conversion receiver (b) 
and finally an 80 metre 
amateur band superhet (c) 


Figure 2 The Philips 
TDA7052 integrated circuit 
(IC) used in the audio 
amplifier needs very few 
extra components. It has a 
signal voltage gain of 100 
times and the output is 
suitable for a loudspeaker or 
headphones 


The Colt 80m receiver — Part 1 





towards the input, and you can test what you have done stage by stage. You 
will see what this means as you progress with your construction. 


Every receiver needs some audio frequency (AF) amplification to make the 
sound signals big enough for you to hear. The circuit for the AF amplifier is 
shown in Figure 2. It uses the TDA7052 integrated circuit (IC) plus a 
handful of extra components. R1 in conjunction with C2 and C3 decouple 
the battery supply, preventing any audio signals getting through to it and 
affecting other parts of the radio, when they are connected. C1 acts to 
prevent high frequencies (above the 3kHz bandwidth) going into the 
amplifier input. A volume control, VR1, is connected across the amplifier 
input, so that the amplifier can accept signal inputs over a wide range. 
Figure 3c shows the connections, which are made with screened cable. The 
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Figure 3 It is important to 
check the component 
connections carefully. The 
diagram shows (a) top view 
of the IC, (b) electrolytic 
capacitor and (c) volume 
control (VR1) connected 
across the input of the 
amplifier 
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centre conductor of the left lead goes to the point marked ‘input’ in Figure 
2, the braid being connected to the amplifier earth (0 V) tag. The right lead 
to VR1 goes to whatever signal source you have for testing — see later. VR1 
is not mounted on the PCB. 


The circuit is constructed ona small PCB or matrix board. Make sure that the 
electrolytic capacitor, C3, is soldered into the board the correct way — its 
positive and negative connections are shown in Figure 3b for reference. If you 
are at all concerned about soldering the IC into the board, enlist some help, or, 
obtain an 8-pin DIL socket, which you can solder in and then carefully insert 
the chip into the socket, making sure that is the correct way round. The 
markings on the chip are shown in Figure 3a. 


The output leads from the amplifier go to a plastic 6.3 mm (% inch) mono 
jack socket, so that neither output lead is connected to the metal case. The 
amplifier will drive a pair of headphones or a small 8 © loudspeaker. 


The battery leads must be the right way round also; the battery itself can be 
a PP3 or PP9Y, or you can use a small DC power supply. 


Testing 


First, check that all the components are in the right places, that your 
soldering is good, and that you have headphones or a loudspeaker 
connected. Set VR1 about halfway along its travel. Connect the battery. 
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The Colt 80m receiver — Part 1 


A slight hissing noise should be heard; touching the input lead to the 
amplifier (the centre of the three connections on VR1) should produce a 
loud buzz. Touching the shaft at the same time will make the buzz quieter. 
This is the quickest way of confirming that your amplifier seems to be 
working. The only real test is to give it something meaningful to amplify! 
See the design of our Crystal Radio Receiver for full details. 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
22 ohms (Q) 
10 kilohms (kQ) log 


Capacitors 
C1, C2 0.1 microfarad (uF) 
C3 220 microfarads (wF) electrolytic 16 V 


Integrated circuit 
IC1 TDA7052 audio amplifier 


Additional item 
PCB (see below) 


Component suppliers: 
Maplin 
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The next part... 


The metal case will be marked out ready to receive the completed 
modules. 


19 A crystal radio receiver 


Introduction 


Here’s a quick project to fill in a winter’s evening! It was originally designed 


as a piece of test gear for the Colt receiver, but can be successfully used by 
anyone as a first radio project. Another use for it would be as test gear for 
any audio amplifier project requiring an audio input for test purposes; this 
is ideal, as it does not require any power supply! 





Details 


The initial rough-and-ready test for the audio amplifier of the Colt receiver 
will have whetted your appetite; you will want to prove more conclusively 
that your amplifier works, and in a way that others in the household will 
appreciate. Buzzing noises are not convincing in this respect! You are going to 
put together a simple crystal set — the simplest type of radio that there is — and 
use it as a signal injector for your amplifier. In this way, you build a real 
medium-wave (MW) receiver which drives a loudspeaker, as an intermediate 
product of the construction of an 80 metre amateur band receiver! 


The circuit diagram is shown in Figure 1. It has a 60-turn coil mounted on 
a small piece of paper or card wrapped round a ferrite rod. The coil has a 
connection made to its centre-tap (the middle turn of the coil). The tuning 
capacitor, VC1, is the most expensive part of the circuit but don’t worry, it 
will be used in the final design of the receiver also! Connect the diode, D1, 
from the centre-tap to the input to the potentiometer of the amplifier circuit 
of the Colt. Be careful to connect the aerial to the vanes of VC1, and not to 
its frame, or you will experience some strange effects when you are tuning. 
If your amplifier is working correctly, you should be able to receive local 
stations on medium-waves quite well. 


If you think the crystal set will be of use to you in the future as a signal 
injector, all you will need will be another variable capacitor! If you do not 
intend to use the amplifier, a small crystal earpiece will allow you to listen. 
Walkman-type headphones will not work! 


Figure 1 Both sets of 
moving vanes are joined as 
shown. L1 is wound on a 
ferrite rod with 32 SWG wire 
and centre-tapped. A single 
winding (no tap) can be 
used, joining D1 to the top 
of the winding 


A crystal radio receiver 
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Parts list 





Variable capacitor 
VC1 125 + 125 picofarads (pF) twin-gang 


Ferrite rod 
About 100mm to 140 mm long 


Diode 
D1 OA91 germanium diode 


Additional items 
Wire 2m of enamelled copper wire, between 23 SWG and 
32 SWG 
Earpiece High-impedance crystal type (only needed if you are 
not using the amplifier) 
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20 The varactor (or varicap) 
diode 


Introduction 


Many of the circuits for receivers and transmitters presented in this series 


rely upon the variable capacitor as a means of tuning. Another method of 
varying capacitance (without any moving parts) is provided by the varactor 
diode, sometimes called a varicap diode. This is a component which 
changes its capacitance as the voltage across it is varied. 





The details 


Figure 1 shows how a varactor diode might be connected to demonstrate its 
operation. Its symbol is that of an ordinary diode, with a capacitor symbol 
next to it. A variable voltage is applied across it in such a way that the diode 
is reverse-biased. This means that virtually no current passes through it — the 
positive voltage is applied to the cathode. Varactors are cheaper than 
variable capacitors, and they are tiny in comparison, very suitable for 
today’s miniature circuits. If A and B were connected across the tuning coil 
in a simple receiver (with a series capacitor to block the DC from the battery 
reaching the coil), the tuning operation would be accomplished by turning 
the knob on the 10 kilohm potentiometer. 


Varactors are available with different values, from less than 20 picofarad 
(pF) for VHF applications to 500 pF for medium-wave radios. They are 
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Figure 1 The capacitance of the varicap diode (between A and B) increases as the voltage is reduced, using the 
variable resistor 
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tuned usually by voltages between 2 V and 9V. For a real application of 
varactors, you should consult the circuit diagram of the Yearling 20 metre 
receiver, elsewhere in this book. 


In some circuit designs, several circuits are all tuned to the same frequency 
in order to improve the overall selectivity (the ability of the circuit to reject 
signals very close in frequency to the wanted signal). Special dual- and 
triple-varactors are available for circuits like this. Having been made at the 
same time from the same materials makes their individual characteristics 
virtually identical. Like all other diodes, they must be correctly wired into 
the circuit — their polarity is important. 


Changes in temperature will cause the capacitance to change which, if it 
were part of an oscillator circuit, would cause the oscillator to drift - you 
would have to keep retuning the radio! This can be corrected by using a 
special integrated circuit called a phase-locked loop (PLL). Modern TV sets 
and satellite receivers use varactors and PLLs in this way. 


Some useful varactor types 











Type No. Tuning range Description 
pE/V pE/V 

BB204B 42/2.0 15/12 Dual VHF 

BB212 560/0.5 22/8 AM tuning 

KV1235 450/2.0 30/8.5 Triple AM 

KV1236 450/2.0 30/8.5 Dual AM 

MV1404 120/2.0 9/10.0 HF tuning 





21 A portable radio for 
medium waves 


Introduction 


The ZN415E integrated circuit (IC) can be used to make a very efficient AM 
portable MW broadcast radio with a built-in loudspeaker. Here’s how! 
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The circuit 


Figure 1 shows the circuit diagram of the portable radio. It’s not as 
complicated as it may appear, especially after you have got started. L1 is a 
coil of wire mounted on a ferrite rod, acting as an aerial; VC1 is a variable 
capacitor which works, with L1, to tune in different stations. IC1 contains 
circuits of its own which boost the selected signal and it includes a detector 
which extracts the audio signal from the incoming RF signal. Earphones 
could be connected to the output of IC1 (between pins 4 and 5), but the 
output would not be powerful enough to drive a loudspeaker. 


More sound 


This is where IC2, an LM386 comes in. This is a small audio power 
amplifier which produces audio signals with enough power to drive a small 
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Figure 1 The circuit diagram of our easy-to-build portable radio. Take care to mount the ICs and LED the correct way 
round 
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loudspeaker, LS1. The radio uses a 6 volt battery, which is made by 
connecting four 1.5 volt AA cells in series (4 x 1.5 V = 6 V) using a battery 
holder designed for this purpose. Although a 6 V supply is ideal for IC2, it 
is far too great for IC1, which needs only about 1.3 V. This lower voltage is 
provided from the 6 V supply by TR1 (an npn transistor), R2 and LED1 (a 
light-emitting diode). When current passes through an LED (see the 
description of the LED in this series) a reasonably constant voltage of 1.9 V 
appears between the anode and the cathode. Because of the voltage (0.6 V) 
that always exists between the base and emitter of a working transistor, the 
voltage on the emitter is about 1.9 V — 0.6 V = 1.3 V, and this is used as the 
power supply for IC1. 


To keep the radio as simple as possible, no volume control has been fitted. 
Instead, you can use the directional properties of the ferrite rod aerial (see 
the information on ferrites in this book) to reduce the volume by rotating 
the set about a vertical axis using the handle provided. 


Putting it all together 


1. Start by covering the ferrite rod with Sellotape, or alternatively wrap a 
piece of paper tightly around it, and secure it with Sellotape. Then, with 
at least 2 metres of 24 SWG enamelled copper wire, wind 75 turns tightly 
around the rod. To be safe, leave about 50 mm of wire at the ends of the 
coil, then wrap the whole coil with Sellotape to hold the turns in place, 
leaving only the ends free. Then, using a small piece of sandpaper, 
remove the enamel from the last centimetre of each end of the coil. 

2. Most of the components are mounted on a piece of Veroboard (the type 
with parallel copper strips on one side). The piece used on the prototype 
measured 32 holes by 10 strips, as Figure 2 shows. Before you start 
fitting components, cut the copper strips as shown. It is easier to do it 
now than when the board is littered with components! The strips may be 
cut with a 3mm (% inch) twist drill rotated between thumb and 
forefinger. Resist the temptation to use a hand drill — the idea is just to 
cut the copper, not to drill right through the board! 

3. Solder the IC sockets and the other components on the board as shown in 
Figure 2. Make sure that the IC sockets are fitted with their notches 
towards the top of the board, as viewed in Figure 2. Do not insert the chips 
yet. Always keep the wires left over from cropping resistors and 
capacitors, they will come in handy at times like this: make the wire links 
that are clearly shown in Figure 2. Connect the electrolytic capacitors (C5, 
C6, C8 and C9), the transistor and the LED the correct way round; then 
check it again when you have done it! 

4. Finally, solder lengths of stranded insulated wire to act as ‘flying leads’ 
for future connection to L1, VC1, LS1, $1 and the battery connector. 

5. Apart from the battery holder, everything is mounted on the case lid. 
This makes assembly and testing much easier, and eases fault-finding if 
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Figure 2 Veroboard layout for the Portable Radio. Make sure that all the wire links are included 


the need arises! At the speaker position, make one large hole or a series 
of small holes to let the sound out. The ferrite rod may be stuck to the 
lid, as may the loudspeaker. Drill holes of the correct size to fit the 
particular types of variable capacitor (VC1) and switch (S1) that you are 
using. The Veroboard may be held in position by Blu-Tack or double- 
sided sticky tape. 

6. Before inserting IC1 and IC2, connect the battery and switch S1 on. The 
LED should glow dimly (you may have to shield it with your hand in 
order to see it). If you have a test meter, check that there is about 1.3 V 
between pins 6 and 4 of IC1. If the reading is around 6 V or there is no 
glow, you may have connected the LED the wrong way round! When 
everything seems normal, switch off and disconnect the battery. Insert 
IC1 and IC2, making sure that the pins are straight and lie immediately 
above their corresponding holes in the sockets, and that the notches line 
up with the notches in the holders. Then push gently downwards on each 
IC in turn until the chip is firmly seated in its socket. 

7. Switch on! By rotating the tuning capacitor, VC1, you should now be 
able to tune in many stations, rotating the radio to give you some volume 
control. 
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Final touches... 


The handle was made with part of an old leather belt, secured to the case 
with ‘number plate’ nuts and bolts from Halfords. The loudspeaker grille is 
the lid from a pot-pourri container, and some extra holes were drilled in the 
back to improve the sound. See what you can find to finish off your 
radio! 





Parts list 





Maplin order codes are given for most of the parts, but you should 
get used to using the ‘beg, borrow or steal’ technique, or to use your 
ever-expanding junk box. 


Maplin code 


Resistors: all 0.25 watt, 5% tolerance 


R1 68 ohms (Q) M68R 
R2 5.6 kilohms (kQ) MS5K6 
R3 10 ohms (Q) M10R 
Capacitors 
C1, C4 10 nanofarads (nF) or 0.01 microfarad 
(wF) ceramic BXO0A 
C2, C3, C7 100 nanofarads (nF) or 0.1 microfarad 
(wF) ceramic YR75S 
C5, C8, C9 100 microfarads (WF) electrolytic, 
at least 10 V FF10L 
C6 10 microfarads (uF) electrolytic, 
at least 25 V FFO4E 
Semiconductors 
IC1 ZN415E radio chip 
IC2 LM386 audio power amplifier UJ37S 
LED1 3mm green LED WL33L 
TR1 BCS48 npn transistor QB73Q 
Additional items 
LS1 Miniature 8 ohm loudspeaker WBO8J 
S1 Miniature SPST toggle switch FH97F 
Ferrite rod Length approx. 100 mm YG20W 
24 SWG enamelled copper wire BL28F 


69 





Radio and Electronics Cookbook 


70 


Additional items (continued) 


vcl1 Tuning capacitor 140 to 300 picofarads (pF) FT78K 
Tuning knob FK41U 
8-pin DIL IC sockets (two required) BL17T 
4 x AA-size battery holder (long) HF94C 
PP3-type clip for battery holder HF28F 


Plastic box approx. 158 x 95 x 54mm LH51F 
0.1 inch Veroboard, min. size 32 holes 
x 10 strips JP46A 
Plus 
Stranded insulated conductor for flying leads 
Multicore solder 
Materials for handle and speaker grille 
Double-sided sticky tape or Blu-Tack 
Sellotape 
Glue 


Four AA-size 1.5 V batteries 





22 The Colt 80m receiver — 
Part 2 


Introduction 


In Part 1 we constructed the audio amplifier module for the system and 


tested it in a very simple way. If you did what was suggested and built the 
simple Crystal Set to use as a signal source, you will know just how well the 
amplifier works. 





The case 


Metal cases for the project are available from Maplin, telephone 01702 554 
161 (code XB67). From the photograph on p. 72 you can see the way the 
components are mounted. The audio amplifier is seen at the top right of the 
base, to the right of the tuning capacitor VC1. The next in this series will 
deal with the variable-frequency oscillator (VFO) and VC1. The current 
part deals with preparing the case to receive the components. 
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Figure 1 Fixing holes for each module are best measured from each printed circuit board or matrix board 
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Figure 2 Position the slow motion drive to allow viewing of the tuning dial 
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Figures 1 and 2 show the markings for preparing the front panel and base. 
All the circuit boards and the tuning capacitor are mounted on the base 
using 10mm stand-off pillars with 6BA bolts. The board locations are 
shown in Figure 1. The front panel control positions are shown in Figure 2, 
together with the small rectangular hole for viewing the tuning dial. 


The best way to mark out the holes for the boards is to lie the boards flat 
on the base (before you’ve started soldering the components in) and 
marking the base through the holes in the boards. This minimises the scope 
for errors! 


A reduction drive is used between the tuning knob and the capacitor shaft. 
This is simply a gear mechanism that slows down the capacitor shaft by a 
factor of six compared with the tuning knob, and makes tuning very much 
easier. The recommended variable capacitor also has a pulley wheel 
mounted on the shaft. Glued to this wheel will be a scale marked with 
frequency and is visible through the rectangular hole in the front panel. 


The next part... 


The variable-frequency oscillator and mixer will be added to the project. 





A simple transistor tester 


23 A simple transistor tester 


Introduction 


Although transistors aren’t used as much as they were before integrated 
circuits came along, a transistor tester is still a useful piece of test 
equipment to have around the shack. This design is about the simplest 


possible and will produce an indication of whether a transistor is giving any 
current gain; this does not necessarily mean that the transistor is perfect 
but that it is working to a certain extent. This tester will not test field-effect 
transistors (FETs). If you buy a bag of transistors at a rally, this tester is 
useful for giving a yes/no indication of which ones go straight in the bin and 
which are kept for further use. 





How it works 


Figure 1 shows the simple wiring circuit. In order to explain the working of 
the circuit, a circuit diagram is shown in Figure 2, with the npn transistor, 
TR1, under test shown as part of the circuit. The pnp/npn selector switch, 
SW1, is omitted for clarity. 


Figure 1 Circuit diagram of To lest transestor 
the transister tester 
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Figure 2 Testing an npn npn pnp 
transistor E 


Any current that flows through the transistor, TR1, must flow from the 
battery, through the meter, M1, and through the protective resistor, R2. R2 
prevents excessive current flowing through the meter and damaging it. Even 
if there is a short-circuit between emitter and collector, the maximum 
current that will flow is given by the simple equation 


V 
I=— 
R 


where I is the current flowing in amps, 
V is the battery voltage, and 
R is the total circuit resistance in ohms. 


Putting in the correct values, gives 


= ——— = 0.000191 A, or 191 microamps (pA). 
47 000 


The resistance of the meter, M1, will cut this down a little more, but it is 
within the indicating range (200 wA) of the meter. 
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Figure 3 This shows how to 
wire up the tester 


A simple transistor tester 


As shown, with the push-button switch, PB1, open, a good transistor will 
not draw any current from the battery, and M1 will thus remain at zero. 
When PB1 is pressed, a very small current is injected into the base of the 
transistor. If the transistor is working, it will produce a much larger current 
between the collector and emitter, and this current will also flow through 
M1 and R2, giving a significant reading on M1, showing that all appears to 
be well. If an appreciable current flows when PB1 is open, then your 
transistor is suspect. 


Don’t be put off by the apparently complicated switch, SW1. It is there to 
allow the other type of transistor, the pnp type, to be tested. All it does is 
reverse the battery connections, so that the emitter goes to the negative 
battery terminal for testing an npn transistor, and to the positive terminal 
for a pnp type! 


Most transistors in common use are of the npn type, which is why Figure 2 
shows the testing of an npn type. The connections to the different transistor 
encapsulations (shapes) are given in any good component catalogue. Avoid 
the trial-and-error method to discover the connections to a transistor. This 
is unscientific, and can be very frustrating, particularly if the transistor is 
faulty in the first place! 


Box 
10x 75 3em 
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Construction 


The unit can be built into a small plastic box, the components being 
soldered directly to the fixed terminals of the meter and the two switches; no 
circuit board is necessary! Use different colours of wire for the three test 
leads, and make sure you know which is which! Check the connections 
against the wiring diagram of Figure 3. When you are confident that all is 
correct, connect the battery and make sure there is no reading on the meter 
when nothing is connected to the crocodile clips! 


Find any transistor for which you know the connections and the type 
(npn or pnp). Set the npn/pnp switch accordingly. Connect the three 
clips, making sure that they do not touch each other. A small reading on 
the meter at this stage means the transistor is suspect; a large reading 
means it is not working and should be thrown away! Press PB1 and watch 
the meter; a reading greater than half of full-scale indicates a good 
transistor. If it is less than half, you may have a transistor with ‘low gain’; 
it may be usable for non-critical applications, but if you are in any doubt 
— throw it away! 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
R1 100 kilohms (kQ) 
R2 47 kilohms (kQ) 


Additional items 
PB1 Push-button switch 
SW1  DPDT (double-pole double-throw) switch 
M1 Micro-ammeter — not less than 200 pA full-scale deflection 
Crocodile clips (3 needed) 
PP3 battery and connector 
Plastic box about 10 x 7 x 3cm 





Common types of transistor 


BC108, BC109, 2N2369A 

These are small-signal npn types, used in audio amplifiers. They are in metal 
cases (called TO18) and have a tab next to the emitter lead. Common types 
have a B or C suffix (e.g. BC109C). The C suffix indicates a higher current 
gain than those with a B suffix. The 2N2369A is specially designed for radio 
use at high frequencies. 


An introduction to transmitters 


2N3703, BC212L, BCY71 
These are pnp transistors, and so must be used with the collector and base 
negative with respect to the emitter. These three types are used in small 


amplifiers and audio oscillators. The first two have plastic encapsulations 
(TO92), while the BCY71 has a metal case (TO18). 


BFY50, BFY51, BFY52 

For slightly higher powers, these are ideal. They have been used in novice 
transmitters up to 600 milliwatts (mW). The TOS case is a scaled-up version 
of the TO18 case. They are all npn types. 


2N3055, 2N3773, TIP35C 

These are high-power transistors in bigger encapsulations. The thick metal 
TO3 case of the 2N3055 and 2N3773 is designed to bolt to a heat sink, a 
large piece of metal which conducts the heat into the air more rapidly than 
the transistor itself can. The TIP35C is made of plastic but has a thick metal 
tab by which it, too, can be bolted to a heat sink. 


24 An introduction to 
transmitters 


Introduction 


We usually think of a transmitter as being a ‘black box’. However, that is the 
form a transmitter takes for our use on the amateur bands. Many electrical 
circuits are transmitters, even though transmitting may not be their 
primary function! 


Anything that emits electromagnetic energy at any frequency is a 


transmitter, from radio at the low-frequency end of the spectrum, to 
gamma rays at the high-frequency end. We all know that a magnet will 
attract certain metals and that a comb rubbed on your coat sleeve will pick 
up small pieces of paper. The former is an example of the effect of a 
magnetic field, the latter of an electric field. Electromagnetic fields are 
combinations of both types of field, and are produced whenever an 
electromagnetic wave is transmitted. 





What frequency? 


Many everyday objects have a natural frequency of oscillation. This is called 
their resonant frequency. A wine glass will ring when struck gently; an 
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Figure 1 The basic electrical 
resonator. The energy in the 
circuit alternates between 
the inductor and the 
capacitor 
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empty wine bottle will sound if you blow across the top; a guitar string will 
vibrate when plucked. These are all examples of resonance, and the 
resonant frequencies will not change unless the objects themselves are 
changed physically in some way. These are resonances in sound; we are 
primarily interested in electrical resonances. 


The basic electrical resonant circuit is the combination of an inductor (coil) 
and a capacitor, as shown in Figure 1. 


(PASSE M162 


A pulse of energy applied to this tuned circuit will make it ring (oscillate) at 
its resonant frequency. The energy in the circuit transfers between the 
inductor and the capacitor every cycle of the oscillation. Just like the wine 
glass, its oscillation dies away because it is losing some energy to its 
surroundings — it is transmitting! The frequency of the resonance depends 
on the values of L and C. 


Keeping it going 

If we want to keep the circuit oscillating, rather than having it die away, we 
must supply the circuit with just enough energy to replace the energy lost 
both by radiation and by losses in the circuit itself. Because of this, you will 
find in all oscillator circuits, a transistor, valve or FET working with the 
tuned circuit to provide this extra energy. 


As it stands, of course, even with its transistor, our oscillator will not radiate 
very far. Connecting an aerial to it, and a Morse key to interrupt the power 
supply, it would become a very low-power CW transmitter. Add a couple 
more transistors to form a radio-frequency (RF) amplifier, and you have the 
basis of a simple low-power (QRP) transmitter. 


Resonant circuits can also be made using quartz crystals; these work at the 
crystal frequency only, and this is marked on the crystal case. 


Figure 2 The current path is 
interrupted when relay is 
energised as shown above 
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A tiny spark transmitter 


This is a simple piece of test gear that will increase your knowledge and 
understanding of resonance. You can use it to estimate the resonant 
frequency of most of the inductor/capacitor (LC) tuned circuits that you 
build. The circuit is shown in Figure 2. It operates around a relay. Any relay 
that operates from a 6 V to 9 V source and has contacts which are normally 
closed (i.e. closed when the battery is not connected). Fit the relay, a toggle 
switch and the battery in a metal box, and connected up as shown in the 
diagram. Some foam rubber inside the box may help to reduce the escaping 
noise of the relay. A small hole in the side of the box enables the 2-turn loop 
to emerge. This should be about 40 mm diameter, made with insulated wire. 
Switch on; there should be a loud buzzing noise from the relay. If not, you 
have probably chosen the wrong contacts on the relay! 


When it is working, bring the loop close to the aerial of a radio — it should 
produce a loud noise from the speaker! 


How it works 


When you switch on, current flows through the relay contacts and through 
the relay coil. The relay operates and opens the contacts, causing the relay 
to ‘drop out’. When it does, the circuit is completed again and the contacts 
are opened, and the cycle repeats. Each time the relay contacts open, there 
is a small spark between them, causing very rapid current surges through the 
wire loop. This makes the loop transmit RF energy, very briefly. In the early 
days of radio, this type of circuit was known as a spark transmitter. 


Metal box 
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Figure 3 Experiment with 
the spacing between the 
loop and the tuned circuit 
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Make a tuned circuit 


Use a discarded toilet-roll centre, and wind about 10 turns of enamelled 
copper wire round it, keeping each turn close to the next. Scrape off the 
enamel for about 1cm at each end, and solder a 100 picofarad (pF) 
capacitor (or a variable capacitor of about the same value) between the 
ends. The resonant frequency should be about 10 MHz. If you have used 
fewer turns or a smaller capacitor, the frequency will be higher. 


Measuring the resonant frequency 


Set up the buzzer as shown in Figure 3, with the loop around one end of 
your coil. Then make a similar loop, solder it to the end of a piece of coaxial 
cable going to the aerial socket of a calibrated receiver. Set the buzzer going, 
tune the receiver around 10 MHz, and search for the maximum noise level 
from the speaker. When you have found it, move the two loops as far away 
as possible from the main coil. This is called reducing the coupling between 
the coils, and it may result in a slightly different, but more accurate, 
resonant frequency. 


Coaxial cable 
to receiver 
under test 


Variable 
Capacitor 





Parts list 





Any small relay which operates between 6 V and 9 V 


Metal box — do not use a plastic box! 
9 volt battery and connector 

On/off (SPST) toggle switch 

Plastic foam, as required 
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25 The Colt 80m receiver — 
Part 3 


Introduction 


In Part 2 we marked out the case ready for installation of the modules 
when they are completed. In this part, the building of the variable- 
frequency oscillator (VFO) and mixer will be described. This will produce a 
type of receiver known as direct-conversion, because it converts the radio- 
frequency (RF) signal directly into an audio-frequency (AF) signal which we 
can hear in a loudspeaker after amplification. A block diagram of the 


system is shown in Figure 1. The modifications needed to make a full 
superheterodyne receiver will be left until later. 


The direct-conversion receiver covers the 80 metre amateur band and will 
receive both Morse (CW) and speech (SSB) signals. The audio amplifier was 
covered in Part 1, so your Colt is rapidly taking shape! By the time your 
construction has reached the end of this part, you will have a receiver ready 
to use, even if the project is not yet complete! 





The direct conversion process 


Like most things in radio, the principles of direct conversion are not 
difficult. From the aerial, the signal we want to hear is selected by the tuned 
filter, which rejects the signals we don’t want. The signal then enters the 


Audio segnal Audie 
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VFO signal Loudspeaker 


Figure 1 Stages of direct- 
conversion receiver 
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mixer, along with the signal from the VFO. The VFO produces a sine wave 
whose frequency can be varied across the whole of the 80 metre amateur 
band (3.5-3.8 MHz), by turning the knob on the tuning capacitor, VC1. 
The mixer produces, at its output, two signals; one signal is at the frequency 
of the sum of the signal and VFO frequencies, the other is at the difference 
of the two frequencies. It is the latter that we want. Let’s look at the 
numbers involved. If the signal is at 3650 kHz and the VFO is at 3651 kHz, 
then the sum frequency is 7301 kHz, and the difference frequency is 1 kHz. 
If we feed the output of the mixer into our audio amplifier, the 7301 kHz 
signal is automatically removed (it is far too high to be considered an audio 
signal!) and the resulting 1 kHz signal is amplified and fed to the speaker, 
producing a note which we can hear! 


Building the VFO 


Figure 2 shows the circuit of the VFO. It is a tried and tested circuit, and 
should work first time. It uses a field-effect transistor (FET) for TR1, the 
oscillator itself. RFC is a radio-frequency choke, a coil of wire which will 
pass a direct current (DC) but which will prevent radio-frequency (RF) 
signals getting through. 


All VFOs have a tuned circuit which, in this case, is formed by the coil L1 
and the capacitors C1 and VC1. The frequency will also be affected to some 
extent by C2, C3, C4 and CS. Transistor TR2 is an emitter follower, a stage 
which gives no voltage gain but provides a good buffer stage, isolating the 
VFO from the effects of the stages that follow it. When building a VFO, the 





Figure 2 The variable-frequency oscillator uses a field-effect transistor (FET) 
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parts must be securely mounted. If components move, so does the 
frequency! At worst, the oscillation will become unstable and the VFO will 
be useless. Keep the component leads as short as possible — this improves 
their mechanical stability as well as their electrical stability! 


Mount the parts on the printed-circuit board (PCB) or matrix board and, 
when completed, the VFO should look like the one shown on the left in the 
photograph on p. 72. Make sure that TR1, TR2 and D1 are the right way 
round. 


On completion, check the component positions then mount it in the case as 
shown in the photograph, to the left of the tuning capacitor when viewed 
from the rear. The VFO coil, L1, will need some adjustment, but that will 
have to wait until the mixer is built. Connections to the other boards are 
made with screened cable. 


The mixer board 


So far, we have an audio-frequency (AF) amplifier and a VFO; the addition of 
a mixer board gives us a complete direct-conversion receiver for 80m. The 
mixer circuit diagram is shown in Figure 3. Let’s follow the signal path. 


@ From the aerial, the RF signal goes to the gain control potentiometer, 
RV1. This reduces very strong signals, to prevent them overloading the 
mixer. 

@ To select the required band of signals, a bandpass filter is made up of RF 
transformers T1 and T2; these are tuned by C1 and C3, and are coupled 
together by C2. 
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Figure 3 The mixer board has a bandpass filter and stabilised supply 
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@ After the filter, the signal is coupled into the integrated circuit (IC) mixer 
type NE602, by the capacitor C4. Capacitors C5 and C8 decouple the 
supply line, to prevent unwanted signals on the supply from disturbing 
the VFO operation. The use of the term decouple is exactly the opposite 
of couple; when two circuits are coupled together, the signal passes from 
one to the other; when two circuits are decoupled, signals cannot pass 
from one to the other. 

@ The NE602 works with a 6 V supply; it is produced here from the 9V 
supply by the Zener diode ZD1 and the resistor R1. ZD1 operates at 
6.2 V, and gives a steady output for the mixer. The audio output from the 
mixer appears at pin 4 or IC1. This is taken to the audio amplifier board 
via C9 and the volume control (see Part 1). 


Care must still be taken to insert some components the right way round. 
These are the electrolytic capacitors, C8 and C9, the Zener diode, ZD1, and 
the integrated circuit, IC1. Check all component positions and make sure all 
your soldered joints are bright and shiny. 


Putting it together 


The interboard wiring, shown in Figure 4, uses screened cable; ideally, this 
should be thin coaxial cable, but screened microphone cable is suitable. The 
diagram shows how the two controls, the RF Gain and Volume, are 
connected to the boards. The leads marked ‘+9 V’ are all connected to the 
battery supply via a miniature on/off toggle switch. Double check all 
connections before connecting the battery. 


Setting the VFO 


Very little adjustment is needed to get the receiver going. Firstly, the VFO 
must be adjusted to cover the required band, in this case 3.5—-3.8 MHz. 


If you have a frequency counter, connect it to the output of the VFO. If you 
haven’t, read this part anyway so you understand the process, then another 
means of setting the VFO will be given especially for you! Rotate VC1 until 
the vanes are fully meshed. Very carefully, adjust the core of the VFO coil 
(L1) with a plastic trimming tool so that the frequency approaches and 
settles at 3.500 MHz. When you rotate VC1, the frequency should increase 
to at least 3.800 MHz at the far end of its travel. 


In the absence of a frequency counter, borrow a communications receiver, 
set it for SSB reception (USB or LSB) on exactly 3.500 MHz. Set VC1 with 
the vanes fully meshed and turn the core of L1 in both directions until you 
hear a whistle in the communications receiver. Rotate the core so that the 
whistle reduces in frequency. It will eventually fade out at around 200 Hz; 


Figure 4 Make sure that 
interconnections between 
the boards are correct, 
including cable screens 
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turn the core a little further and then leave it at that position. Rotate VC1 
right to the other end of its travel, and search for the whistle with the tuning 
knob of the communications receiver. Check that the VFO frequency is at 
least 3.800 MHz. 


Then, whichever method you are using for frequency measurement, mark 
the dial with frequency steps of 50kHz. Setting and calibration are 
finished! 


Setting the mixer 


Again, there are various ways of doing this. If you have a signal generator, 
inject a signal at a frequency within the 80 m band, and adjust the cores of 
T1 and T2 sequentially for maximum output. 
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If you haven’t a signal generator, connect an aerial to the mixer input, set the 
RF Gain to maximum (fully clockwise), and find a consistent signal. Adjust 
the volume control to a comfortable level. Rotating the core of T2 with your 
trimming tool, maximise the output. Then do the same with T1, although 
this will have much less effect. Find another station, and check that the 
positions of the cores aren’t too different for a maximum signal. 


You may find that your receiver benefits from the insertion of an aerial 
tuning unit (ATU) between the aerial and the input, to compensate for the 
impedance of your aerial not being 500. A design for such an ATU is 
presented in another part of this series. If the signals are still weak, connect 
the ATU to the junction of C1 and C2 via a 100 pF capacitor. 


Try listening! 


Remember that 80m is a variable band. During daylight hours, your will 
hear Morse signals at the lower end of the band, and some British and closer 
continental stations between 3.7 and 3.8 MHz. In the evenings, stations up 
to 1000 miles away should be heard. Look for Novices around 3.7 MHz! 


Parts list — VFO board 





Resistors: all 0.25 watt, 5% tolerance 
100 kilohms (kQ) 
100 ohms (Q) 
10 kilohms (k0Q) 
1 kilohm (kQ) linear 


12 picofarads (pF) polystyrene 
100 picofarads (pF) polystyrene 
470 picofarads (pF) polystyrene 

1 nanofarad (nF) polystyrene 

10 nanofarads (nF) polystyrene 
100 picofarads (pF) min. ceramic 
140 + 140 picofarads (pF) variable 


Semiconductors 
TRI MPF102 FET 
TR2 BC182 npn 
D1 1N914 silicon 


Inductors 
Toko KANK3334 
1mH RF choke 
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Parts list — mixer board 





Resistors: 0.25 watt, 5% tolerance 
1 kilohm (kQ) 
1 kilohm (kQ) potentiometer (linear) 


47 picofarads (pF) min. ceramic 

3.3 picofarads (pF) min. ceramic 

100 picofarads (pF) min. ceramic 

100 nanofarads (nF) min. ceramic 

10 nanofarads (nF) min. ceramic 

220 microfarads (uF) electrolytic 16 V 
1 microfarad (pF) electrolytic 16 V 


Integrated circuit 
IC1 Philips NE602 or NE602A 


Additional items 
T1/T2 Toko KANK3333 
On/off switch 
Miniature toggle switch 





The next part... 


The IF amplifier and the Beat-Frequency Oscillator will be added to convert 
the Colt into a superheterodyne receiver. 
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26 A two-way Morse practice 
system 


Introduction 


It is said that the pleasure of sending and receiving Morse code more than 


compensates for the learning effort needed. Transmitters for Morse code 
can be much simpler than those needed for any of the speech modes. 





Many people choose to learn sending and receiving on their own. It can be 
much more fun if you have someone to learn with you, and it is for this 
reason that the following project arose. It comprises just one small circuit, 
and you build an identical circuit for each of the people who want to learn 
with you. All the individual circuits are connected with their output leads in 
parallel, as the two-way circuit of Figure 1 shows. 


A simple circuit 


This diagram shows two identical circuits, as would be used if two people 
wanted to learn together. The circuit centres around our old friend the 
NE5SS5S integrated circuit (IC). As it is connected here, it works as an astable 
multivibrator, a daunting name for what is essentially an oscillator. Each 
circuit is self-contained, having its own battery, Morse key, sounder and 
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Figure 1 The circuit diagram shows two stations, but you could connect several more if needed 
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plastic box. The Morse key makes and breaks the power supply to the 
circuit, thus turning on and off the note emitted by the earpiece. The 
frequency of the note is controlled by the variable resistor RV1, resistors R1 
and R2, and the capacitor C1. The range given by RV1 is approximately 
from 500 Hz to 2200 Hz. 


R3 protects the output of the IC against accidental shorting either to the 0 V 
or to the 9V supply rails. For best results, a crystal earpiece or high- 
impedance headphones should be used. You could try Walkman-type 
headphones, but the volume may be too low for you. 


The units may be interconnected with thin twin cable (the sort used for 
wiring doorbells) and can be comfortably separated by 25m, more than 
enough to communicate between rooms, or even with a neighbour! 


In use 


When an operator presses his key, the note is heard by himself and by 
everyone else who is connected. If more than one key is pressed at the same 
time, two or more notes are heard by everyone! It helps if each person 
adjusts his own potentiometer, RV1, to give a note which is different from 
the others. When one operator stops sending, the other can start 
immediately, without pausing to change from transmit to receive. In 
practice, this technique is known as full break-in. 


The current drawn by the circuit is only 10 milli-amps (mA) when the key 
is down, meaning that the life of a typical PP3 battery will be virtually its 
shelf-life! No switch is needed, because the key acts as the switch. The 
current drain will be even less if the NE555 is replaced by an ICM7555 IC. 
It has exactly the same pin connections as the NE555, so no circuit 
modifications are needed. 


The circuit board 


The circuit is constructed easily on a small piece of Veroboard of the copper- 
strip type. Figure 2 shows the layout of the prototype, the board measuring 
18 holes by 10 strips. Be aware that there is no row ‘I’ when you are 
transferring mental images of where the parts are to real positions on the 
board! Break the copper tracks where shown with a 3mm (% inch) twist 
drill, rotated carefully between thumb and forefinger. Hold the board up to 
a bright light to make sure that the tracks are completely broken and that 
there are no fragments of copper swarf shorting adjacent tracks. Then, 
solder in the wire links shown in Figure 2, followed by the resistors, RV1, 
and the capacitors, C1 and C2. Solder the battery connector leads to tracks 
A and G, G being positive. Use insulated wire to connect from the board to 
the jack sockets used as connectors for the key and the earphones. If you use 
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Figure 2 The Morse Duet is an easy project to build on stripboard (Veroboard) 


different sized jack sockets (i.e. 2.5mm and 3.5mm) you won’t plug the 
earphones into the key socket! A two-screw terminal strip is useful to 


connect the cable runs between operators. 


The key 


The circuit is designed to be used with a straight key (one that moves up and 
down). It is a requirement of the UK Morse test that a straight key is used, 
so it is very sensible to learn sending with a straight key before you try 
anything more complex! You will find many to choose from at rallies. 





Parts list 





For each board, you will need: 
Resistors: all 0.25 watt, 5% tolerance 
R1,R2 10 kilohms (kQ) 


R3 1 kilohm (kQ) 
RV1 100 kilohm (kQ) min. preset 
(horizontal mounting) 
Capacitors 
C1 22 nanofarads (nF) ceramic, 25 V 
C2 47 nanofarads (nF) ceramic, 25 V 


Maplin 
order codes 


M10K 
M1kK0 
UH06G 


WX78K 
RA47B 
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Integrated circuit 


IC1 NESSS QH66W 
Additional items 

8-pin DIL socket BL17T 

Jack plug and socket 2.5mm HF76H, HF78K 

Jack plug and socket 3.5mm HF80B, HF82D 

Battery type PP3 

Battery connector HF28F 

Plastic box with lid 114 x 76 x 38mm LH14Q 

Veroboard 0.1 inch with copper strips 

18 holes x 10 strips JP46A 

Terminal strip (two section) FE78K 

Crystal earpiece LB25C 

Morse key 





27 The Colt 80m receiver — 
Part 4 


Introduction 


In Parts 1 to 3 of this series, the design of an 80 metre direct-conversion 
receiver has been described. In this final part, we are going to change the 


circuit to operate as a superheterodyne receiver, or superhet. Most radio 
receivers are superhets, and they change the incoming signal to another 
frequency, known as the intermediate frequency, or \F, before producing an 
audio signal. The use of a superhet in a good receiver is mandated by the 
requirements for good sensitivity and selectivity. 





Sensitivity and selectivity 


Figure 1 shows the block diagram of the receiver. If you look closely, you 
will see that it is two similar circuits, one after the other. The incoming 
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Figure 1 This is how the different stages of the Colt go together to make a superhet receiver 
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signal is filtered and fed to a mixer where it is combined (mixed) with 
the signal from the variable-frequency oscillator (VFO). This oscillator 
operates at a frequency which is 455 kHz higher than the incoming signal 
from the aerial, and the mixer output is therefore at a frequency of 
455 kHz. If you are not sure about this, please refer to the section “The 
direct conversion process’ in Part 3 of this project. This new frequency is 
called the intermediate frequency, or IF. This frequency doesn’t change; 
the tuning is accomplished by the VFO, and the mixer output is always at 
455 kHz. The extraction of the audio signal from the IF signal is identical 
with the direct conversion process which is used in your existing 
receiver. 


This may seem a long-winded way of doing things, but it has its advantages. 
A receiver must have a good sensitivity, or gain, so that it can receive very 
weak signals. In very general terms, it is easier to handle low-frequency 
signals than it is to handle high-frequency signals. We are changing our 
signal frequency from around 3.6 MHz down to 0.455 MHz (455 kHz), 
which is much lower and can be filtered and amplified relatively easily. A 
second advantage is that it is easier to provide gain at a fixed frequency than 
at a variable frequency. Remember that the IF is fixed, and providing gain 
is, again, relatively simple. 


Our receiver also needs good selectivity, the ability to separate (or select) 
one station from another very close to it in frequency. This requirement is 
significantly simplified by the fact that the IF is fixed, and a good filter in the 
IF circuits can do wonders for the rejection of adjacent-frequency stations! 
Several stages of IF amplification and filtering are possible in more 
adventurous designs. 


The filtered signal at 455kHz passes to another mixer which has an 
associated oscillator, usually called a beat frequency oscillator (BFO). When 
receiving CW (Morse) signals, the BFO is usually tuned about 1 kHz above 
or below the IF (i.e. at 454 or 456 kHz) to produce a 1 kHz beat note as the 
audio signal. This signal is then amplified and fed to a loudspeaker or 
headphones. 
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Figure 2 The IF board is 
connected between the 
mixer and audio amplifier 


The Colt 80m receiver — Part 4 


The circuit 


Figure 2 shows the circuit of the IF section shown in the photograph on p. 
94; this section is added to the existing circuit to make it a superhet. The 
existing mixer board (described in Part 3) is used as the first mixer. Between 
it and the audio amplifier is connected the new IF board. 


The signal output from the first mixer (at 455 kHz IF) is fed into a crystal 
filter, the most expensive part in the whole receiver. It provides the 
selectivity which makes the Colt such a good receiver. Another NE602 
mixer/oscillator chip follows the filter. The oscillator section is controlled by 
the tuned circuit in T1, the frequency of which can be altered by rotating the 
core inside the coil. Once set, it remains fixed. 


To audio 
From mixer board 
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At this stage you should have built the first mixer and the audio amplifier, 
and proved that they both work by using the circuit as a direct-conversion 
receiver. When you have finished constructing and checking the IF board, 
you will need to add it to your existing circuits. 


Adjusting and testing 


There are three pairs of connections to the IF board — the 9 V supply leads, 
the input leads and the output leads. The IF board should be mounted on 
the metal baseplate, along with the other boards. In making the following 
connections, make absolutely sure that the braid of each piece of coaxial 
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cable is soldered to the correct connection on each board. The same applies 
to the polarity of the 9V leads. Disconnect the screened lead which 
presently goes from the first mixer board to the AF amplifier at the amplifier 
end. Connect it instead to the input of the IF board. Connect a new piece of 
screened cable from the IF output to the vacated AF input. Now connect the 
9V supply leads to the same points as the supply leads from the other 
boards. Check these newly made connections. 


You should have confidence at this point that things should be right. After 
all, you have tested the direct-conversion process and you know it works. 
All that you are now testing is the IF board. This is the attraction of building 
a receiver in modules, working from the speaker backwards, and testing as 
you go! 


The VFO and BFO need to be correctly adjusted. Mesh the vanes of the 
tuning capacitor and, using the same frequency measurement method as you 
did originally, set the VFO frequency to 3.955 MHz (which is 3.500 MHz + 
0.455 MHz, if you hadn’t guessed!). The BFO can be set using a frequency 
counter, but it is just as good to set it by listening to SSB or CW signals. A 
high-pitched hissing sound should be heard in the speaker. As you rotate the 
core, the pitch should reduce, go through a minimum, then increase again. 
Set the core at the minimum pitch position. You may want to readjust the 
two cores a little as your listening skills improve but, once you are happy, 
they will never need to be altered again! 


In conclusion... 


You should now have built a superhet receiver capable of excellent results. 
It uses the same type of circuit as that found in far more advanced receivers. 





A simple crystal set 


The superhet is far more sensitive than the direct-conversion type, and can 
weed out those elusive DX stations. You may have found that a station will 
appear at two places on the dial of the direct-conversion receiver; you will 
have no such problem with the superhet. 


Parts list 





Resistor 
R1 1 kilohm (kQ), 0.25 watt, 5% tolerance 


Capacitors 
C1, C2 10 nanofarads (nF) min. ceramic 
100 nanofarads (nF) min. ceramic 
22 nanofarads (nF) min. ceramic 
1 microfarad (WF) 16 V electrolytic 
220 microfarad (uF) 16 V electrolytic 


Integrated circuit 
IC1 NE602 


Additional items 
Zener, 6.2 V 0.5 watt 
Crystal filter, Murata CFM455J 
Tuned inductor, Toko YHCS11100AC 





28 A simple crystal set 


Introduction 


There are many designs of crystal set — they are all ‘simple’, and even the 


most seasoned radio amateur will build one of these every so often because 
it is something that never ceases to amaze! Although using modern 
components, the design is a period piece! 
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Figure 1 Circuit diagram of 
the crystal set 
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Design and construction 


The circuit diagram of Figure 1 shows the simplicity of the circuit. The 
prototype was constructed on a wooden baseboard with an aluminium 
front panel, although this could be made of wood if you prefer. 


Winding the coil always causes the most groans but when finished, gives the 
most satisfaction. The construction of the coil is detailed in Figure 2. A 
discarded toilet roll centre is an ideal former on which to wind the coil. The 
coil will take up about 7 cm of the length of the tube, so assuming the tube 
is about 11 cm long, the ends of the coil will be about 2 cm in from each end 
of the tube. 


The aerial coil, the primary winding of this radio-frequency (RF) trans- 
former, is made from about 30 turns of 26 SWG enamelled copper wire, 
wound on the matchstick ribs. These ribs should be about 2 cm long, and 
are glued on top of the end of the secondary coil after the secondary coil has 
been wound. The secondary winding has 140 turns with taps every 10 turns 
for 70 turns. This coil covers most of the length of the cardboard tube. To 
make your coil-winding easier, here are some tips for completing the coil 
and still having some hair left at the end! 


@ Support the reel of wire on a dowel rod or pencil, clamped in a vice or 
held rigid in a vertical position by some other means. Don’t leave it to 
trail around on the floor. 

@ Have a small piece of sandpaper handy to remove the enamel from the 
copper wire, starting with the end coming from the reel. Remove about 
1cm only, until the shiny copper is visible all round the end of the 
wire. 


Detector diode 


g Earpiece 





Figure 2 The coil is 
mounted on a cardboard 
tube as shown. Exact size is 
not too important. Try 
different taps for best results 
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This part is the most difficult of all. Seasoned coil winders may have their 
own favourite ways of doing this, but for first-timers, play it safe and do 
it this way! Have a second bobbin (or a piece of stout card) ready, on 
which you will need to wind the wire loosely while you prepare the taps. 
Then, starting from the free end of the wire, measure 125 cm and, at this 
point, remove about 2cm of the enamel with the sandpaper. Bend the 
wire firmly back on itself in the middle of the bared area, and tin (cover 
with solder) the exposed copper. This is your first tap. Then repeat this 
six more times at 125 cm intervals, thus giving you seven taps; wrap the 
wire as you go, on to the second bobbin or piece of card. After the seven 
taps, you are half-way down your coil so, to begin winding it in earnest, 
wind the wire carefully from the second bobbin or card back on to the 
original reel of wire. 

Looking at Figure 2, make two small holes about 3 mm apart, about 2 cm 
down from the top of the tube, where wire C will be entering. Poke the 
end of the wire into one hole, then bring it out again through the other; 
leave about 10 cm of wire on the free end. Loop this wire in and out once 
more, thus anchoring the wire firmly. 

Then, begin winding; keep the wire tight and make adjacent turns touch 
neatly. As you pass each tap, make sure it sticks outwards while avoiding 
flexing the wire too much; the wire is inherently weak at each tap. 


@ When you reach the last 10 cm of wire, stop. Put two more holes, like the 


first, beside your stopping point, and anchor the end, D, of the coil in the 
same way as you did with end C. The secondary winding is complete. 
Take a break after you have completed the next step! 
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@ Prepare the six matchsticks for supporting the primary coil and glue these 
every 60 degrees around the end of the coil at D. Remove the enamel 
from the free end of the new copper wire on your reel and, using your 
favourite quick-drying cement, put a drop over the wire on one of the 
matchsticks, leaving 10cm free as before. If you are using 26 SWG 
enamelled copper wire, its diameter is 0.46mm, so 30 turns should 
occupy 14-15 mm of the 20mm matchstick length. This will allow you 
to position the glued point such that the coil will be roughly in the centre 
of the matchsticks. When the glue has set, wind the 30 turns and anchor 
this end of the coil in the same way. Then remove the enamel at the end 
of the 10cm lead. 


Assembly 


The coil former can be screwed to the baseboard at each end, before the 
front panel is screwed to the baseboard! As the photograph on the next page 
shows, the tuning capacitor is mounted in the centre of the front panel. Five 
solder tags (or drawing pins as a last resort) should be screwed into the 
baseboard. The two to the left of the photograph are the connections to the 
earphones, the two along the rear edge have the diode, D1, soldered to 
them. One end of the diode (and, for once, you can connect the diode either 
way round!) is connected to one earphone tag. The other end has a flying 
lead of about 10cm attached to it and terminated in a crocodile clip which 
is used to connect to one of the taps on the coil. The fifth tag secures the end, 
A, of the primary coil, to which you will attach the aerial. The earth tag on 
the tuning capacitor, C1, serves as an anchor point for the ground 
connections to B and D and to the other earphone tag. 


Use 


The longest piece of wire you have available to use as an aerial should be 
connected to the aerial tag just mentioned. If you can connect the earth tag of 
the tuning capacitor to a good electrical earth, this will help also. You should 
be able to hear something as you turn the tuning knob. Try adjusting the 
tapping connections on the coil — change only one at a time, or you will never 
find the optimum positions. You now have a fully operational crystal set! 


Simple it may be, but this circuit illustrates some important principles which 
are used even in the most expensive receivers. Firstly, the coil, L1, and the 
capacitor, C1, form a tuned circuit which resonates at the frequency of the 
station you have tuned in. This selects the signal you want to hear. The 
modulation on this signal is removed by the detector, D1, and fed to the 
earphones, which act as transducers, turning the electrical energy into sound 
energy which you can hear. It doesn’t need a battery or other power supply 
either! 


A simple crystal set 


Parts list 


Capacitors 
C1 Variable capacitor of between 200 and 500 picofarads 
(pF) maximum 
C2 100 picofarads (pF) min. ceramic 


Additional items 
D1 Germanium, type OA47 or OA90 

High impedance crystal earphone (not Walkman type) 

Tuning knob 

Wooden base, approx. 110 mm square 

Aluminium (or wood) front panel, approx. 80 x 100mm 

Cardboard tube (toilet roll centre), about 110 mm long, 
40mm diameter 

Reel of 26 SWG enamelled copper wire for both 
windings of L1 
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29 A crystal calibrator 


Introduction 


A crystal calibrator is a device that produces oscillations of a precise 
frequency which are rich in harmonics. A harmonic is an integer multiple 
of the fundamental frequency; for example, if our fundamental frequency 
was 100 kHz (as it is in this circuit), there would be harmonics of this 
frequency at 200 kHz, 300 kHz, 400 kHz, and so on. These harmonics can be 


used, when picked up by any receiver, to calibrate that receiver, as the 
harmonics are quite accurate in frequency (see later for an assessment of 
accuracy). However, a gap of 100 kHz between harmonics is rather wide for 
most purposes, so we reduce this frequency to 25kHz, so that the 
harmonics are then 25 kHz apart, thus producing a much more useful set 
of marker points. A calibrator such as this is often called a crystal marker, 
producing these marker points from 25 kHz to beyond 30 MHz. 





The circuit 


The circuit diagram is shown in Figure 1. The circuit around TR1 is the 
fundamental oscillator, and its frequency is controlled by the quartz crystal, 
X1. Even crystal oscillators are not 100% accurate, and the small trimmer 
capacitor, TC1, is able to ‘pull’ the frequency to one which is nearer the 
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Figure 1 Circuit diagram of the calibrator which uses easily obtainable components 
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correct one. TR2 is a buffer stage, which isolates the oscillator from the rest 
of the circuit. It acts as a switch, and applies a good signal (switching 
between 0 and 5V) to the input of IC1. 


IC1 is an integrated circuit which can be connected to do several things. It 
is connected here to divide the incoming frequency by a factor of 4, 
producing on pin 9 an output frequency of 25 kHz. 


The combination of R6, C4 and D1 produces a supply of 5 V for IC1; it would 
be damaged if the battery voltage were applied to it. You will no doubt be 
ready to assemble the circuit, so here is some information for you. 


Construction 


If possible, always build a circuit in individual stages, which you can test as 
you go along. It is not always easy in small projects like this, but even the 
crystal calibrator can be split into two for construction and testing. 


It is an ideal project for assembly on Veroboard of the copper-strip type; the 
prototype layout is shown in Figure 2, on a board measuring 11 holes by 24 
strips. First of all, remove the copper strip at the locations shown, using a 
3mm drill rotated between the fingers. Hold the board up to the light to 
ensure that there are no pieces of copper swarf bridging adjacent strips, and 
that the copper is completely removed where it should be! Assemble the 
circuit from left to right, but do not wire up anything around IC1. Be aware 
that the diagram shows the board from the component side. Although you 
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Figure 2 Stripboard, such as Veroboard, should be cut as shown to approx. 62 x 28mm 
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can use virtually any kind of crystal, you will need to mount it firmly. If you 
use a small one, it can be soldered directly in position on the board. With one 
in a valve envelope, you will need a B7G valveholder. Be prepared to mount 
the circuit in a metal container; the prototype used an (empty) tin of tuna! The 
valveholder mounts well on any metal case. 


Disconnect the aerial of your receiver, and replace it with about 30cm of 
wire laid near your oscillator circuit. Connect the battery and switch on. 
Tune the receiver around until you can hear a whistle on SSB. Rotate the 
tuning knob to reduce the frequency of the whistle and, as the whistle 
becomes too low to hear, you have reached one of the calibration markers, 
and your frequency will be an integer multiple of 100kHz. If you are 
already using a calibrated receiver, you will be able to verify this. Going up 
or down in frequency should locate another marker 100 kHz away, and so 
on right through the receiver’s tuning range. If the signals coming from the 
circuit are very weak, switch off the calibrator and connect another 30cm 
piece of insulated wire to the collector of TR2, and lay it close to (but not 
touching) the wire from the aerial connector. Switch on an try again; you 
should not now have a problem! If you have access to a multimeter, check 
that the voltage at the collector of TR1 is very close to 5 V. If it is close to 
9V, you have connected the diode, D1, the wrong way round! 


Having verified that the oscillator is working, you can now wire up the 
integrated circuit socket, being careful to put the notched end of the socket 
pointing towards R4, the collector resistor for TR2. 


Check your connections around IC1, and when you are satisfied that they 
are correct, line up IC1 with its socket, making sure that the notched ends 
are together, and press down gently to insert the IC into its socket. Insert the 
30cm piece of insulated wire into the output socket, connect the battery and 
switch on. You should still hear whistles in your receiver, but now they 
should be 25 kHz apart, rather than 100 kHz apart. 


All that now remains to be done is to mount the circuit rigidly inside whatever 
casing your have chosen. Make sure that none of the connections under the 
board touch the metal case, and secure the valveholder, on/off switch and 
output connector to the case. You now have a completed crystal calibrator. 


Calibration 


The simplest way to calibrate your circuit is with a frequency counter. Most 
clubs will have one of these and, if not, will know someone who has! Connect 
it to the collector of TR2, where the frequency should be 100 kHz. Do not 
connect it to any part of the circuit around TR1, or you may alter the 
frequency you are trying to measure! If the frequency is not exactly 
100.000 kHz, rotate TC1 until it is (or is as close as you can get it). Now your 
calibrator is as accurate as the counter with which you have calibrated it. 


A crystal calibrator 


Accuracy 


Despite your best efforts at calibration, by whatever means, your crystal will 
never have a constant frequency. Such a thing is a scientific impossibility. It 
is usual to express the accuracy of a crystal in parts-per-million (ppm), and 
it is governed by many things, principally its temperature. You will be very 
fortunate if your circuit maintains an accuracy better than about +10 ppm. 
Expressed in figures, it means that the true frequency can be anywhere 
between 99.999kHz and 100.001 kHz, i.e. within 1Hz of the correct 
frequency. 


Although this may seem more than adequate, it is as well to remember that 
the accuracy degrades as the frequency increases. At 1 MHz the error will be 
+10Hz and at 10 MHz it will be +100Hz. At 30 MHz it will be 300 Hz. 
Even so, this should be acceptable for most non-critical applications. 


Parts list 





Resistors: all 0.25 watt, 5% tolerance Maplin code 
R1 180 kilohms (kQ) M180K 
R2 15 kilohms (kQ) MI15K 
R3 6.8 kilohms (kQ) M6K8 
R4 1 kilohm (k) M1KO 
RS 2 kilohms (kQ) M2Ko 
R6 150 ohms (Q) M150R 


Capacitors 
C1, C2, C3 1 nanofarad (nF) or 1000 picofarads (pF) WX68Y 
C4 100 nanofarads or 0.1 microfarad (uF) YR75S 
C5 12 picofarads (pF) WX45Y 
TC1 60 picofarads (pF) trimmer WL72P 


Semiconductors 
TR1, TR2 2N3904 npn QR28F 
IC1 7473 or 74LS73N dual JK flipflop YF30H 
D1 5.1V 500 mW Zener QH07H 


Additional items 
100 kHz crystal 
B7G valveholder (found at most rallies) 
14-pin DIL IC socket 
Phono socket 
PP3 battery connector 
PP3 battery 
On/off switch 
Veroboard 
Metal case as required 
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30 A simple short-wave 


Figure 1 Just two simple 
stages make up the circuit 
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receiver — Part 1 


Introduction 


No apologies for yet another design of short-wave radio. This is the beauty 
of our hobby — there is always something new to try. Not all circuits operate 


in the same way; not all circuits work equally well; sometimes a simple 
design suits the operator better than a complicated design. So here is 
another one for your consideration; it’s a good project for a novice, and a 
good one-evening project for someone more experienced. 





A basic description 


Figure 1 gives the block diagram of the receiver, which employs a 
regenerative detector, one of the earliest techniques by which excellent 
selectivity (the ability to separate two stations very close in frequency) could 
be combined with good sensitivity (the ability to pick up very weak stations) 
using a very simple circuit. The receiver falls into the category known as 
tuned radio frequency (TRF), meaning that the whole circuit (prior to the 
extraction of the modulation from the carrier) operates at the incoming 
radio frequency. In other words, it is not a superhet. 


As you can see, the regenerative detector has what is called a feedback loop, 
which feeds a small amount of the output signal back to the input. You have 
heard the effects of feedback with a public address system, when the 
microphone gain is too great — everything becomes very loud and then 
bursts into a deafening squeal! This is exactly what the feedback does here, 
except that it is carefully controlled, thus providing both gain and 
selectivity. The resulting audio is then amplified for use with headphones. 


Feedback 


Regenerative 
detector 





A simple short-wave receiver — Part 1 


The circuit 


The circuit of Figure 2 shows the complete system. TR1 is an untuned field- 
effect transistor (FET) stage, and is used to match the aerial to the next 
stage. Occasionally, a regenerative detector produces unwanted signals, and 
TR1 also prevents them from reaching the aerial and being transmitted! The 
smaller of the two windings on T1 (the primary winding) will match a low- 
impedance aerial, the capacitor input matching a high-impedance aerial. 


Ignore TR2 for the moment — the next stage in the signal path is TR3, the 
detector, using another FET. The tuned circuit is formed by T2, VC1 and 
VC2 (remember TR1 is untuned). The primary winding on T2 taking the 
output from TR1. The reason for having two variable tuning capacitors, 
one large, the other small, is that the large capacitor is the main tuning 
capacitor, while the small one is used as a bandspread control (for very fine 
tuning). The tuned signals are then detected (converted to audio fre- 
quencies) by TR3. 





Figure 2 The circuit diagram showing the 10-turn potentiometer VR1. This is the regeneration control for the circuit 
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TR2 is a O-multiplier stage. It is a Colpitts-type oscillator which uses C8 
and C9 to give feedback and produce the oscillation. C7 couples the tuned 
circuit (and the input to TR3) to TR2. The tuned circuit thus controls the 
frequency of oscillation of TR2 and the signal passed on to TR3. 


The secret of the ease of operation of this receiver is VR2, a 10-turn 
potentiometer (or helipot). The resistance wire is wound in the form of a 
helix, giving a much greater wire length than in a normal potentiometer, and 
the shaft must be turned ten times to cover the whole length. Helipots are 
very useful when very fine adjustments have to be made. Here, VR2 sets the 
regeneration (or reaction) level, depending on the type of signal you are 
receiving, as will be discussed in Part 2. 


TR4 provides the first stage of audio amplification and, after the volume 
control, VR2, the audio amplifier integrated circuit, IC1, will drive a small 
loudspeaker or headphones. 


In Part 2, the construction will be discussed, together with the choice of 
aerial, the parts list, and advice on using the receiver. 


A fruit-powered 
medium-wave radio 


Introduction 


This is a one-evening project that will result in a working medium-wave 
(MW) radio, and will also teach you a little about the way electricity can be 


generated from the right metals and a little (safe) acid. All you need are 
three lemons or other citrus fruit, three pieces of copper and three pieces 
of zinc (or galvanised metal) for your power supply. 





Construction 


Figure 1 shows the circuit and Figure 2 its layout on a simple ‘plug-in’ 
prototype board. The six pieces of metal are connected as shown, to wire 
the three lemons in series; use ordinary wire between each lemon and the 
next. If you have a meter to measure the total voltage, it should be about 
1.8 V. Use a standard ferrite rod, and wind on it about 40 turns of single- 
conductor PVC-insulated wire. 


Figure 1 Most parts are 
plugged into the board as 
shown — soldering is not 
required 


Figure 2 Three lemons 
power the radio, which gives 
good results for such a 
simple circuit 


A fruit-powered medium-wave radio 
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Wire up the circuit on the board as illustrated in Figure 2. Soldering is not 
required with this type of board — just plug in the components and the wires. 
Only one transistor is needed. The tuning capacitor, VC1, selects the station 
you want to hear, and D1 helps to remove the carrier from the RF signal. 
The resulting audio signal is fed to TR1, a small transistor audio amplifier, 
which makes the signal big enough to drive a crystal earpiece comfortably. 
Walkman-type earphones will not work, so invest in a crystal earpiece 
which you can use in several other projects, too! If you use a smaller 
capacitor than that specified for VC1, you will need more turns on the aerial 
coil. 


Tests on the prototype indicated that the radio will run for about a week on 
three lemons! 
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Parts list 





Resistors: all 0.25 watt, 5% tolerance 
R1 1 megohm (MQ) 
R2 10 kilohm (kQ) 


Capacitors 
Cl 1 nanofarad (nF) min. ceramic 
vcl1 250-500 picofarad (pF) variable 


Semiconductors 
TR1 BC107 npn (or BC108, BC109C) 
D1 OA90, OAI1 germanium (not silicon) 


Coil 
L1 2 metres of single-conductor insulated wire on 
a standard ferrite rod 


Additional items 
Plug-in prototype board, e.g. Maplin YR84F 
Wire aerial at least 3m long 
Crystal earpiece 
Three juicy fruits 
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32 A capacitance bridge 


Introduction 


It is always valuable to have a means of measuring capacitors amongst your 
test gear. Universal LCR bridges (i.e. systems that can measure inductance, 
capacitance and resistance) can be found at most rallies, and you can work 
your way up to owning one of these. In the meantime, a piece of home- 
made equipment gives you experience as well as resulting in a useful 
measuring instrument. 


The circuit described here is called a capacitance bridge, because it balances 


the effects of one resistor/capacitor pair against another; if one capacitor 
has an unknown value, then the other can be calculated. The basic bridge 
circuit is shown in Figure 1. To avoid having calculations to perform, this 
instrument will be calibrated by using capacitors of known values. The 
bridge is a useful way of performing measurements, because a knob is 
turned until there is a null in the signal from an earpiece or loudspeaker. 
The ear is very precise in being able to perceive nulls, which makes the 
bridge easy to use and reasonably accurate. At the null, the bridge is said 
to be balanced. 





How does it work? 


Figure 2 is the circuit diagram for this capacitance bridge. Transistors TR1 
and TR2 form an oscillator. This is the audio oscillator shown in Figure 1, 
and produces an alternating voltage which is fed to the bridge. RV1 (in the 
collector lead of TR2) replaces both R1 and R2 in Figure 1 — that part of 


Figure 1 Simplified circuit 
of a capacitance bridge. R1 
is adjusted for minimum 
sound 
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Figure 2 Transistors TR1 

and TR2 give an audio C) Base view of BCIO8 
signal which is adjusted by 

variable resistor RV1 € 


RV1 above the wiper represents R1, while that part below the wiper 
represents R2. The voltage on one side of the earpiece is determined by the 
ratio of these values, and is adjusted by rotating RV1. The voltage on the 
other side of the earpiece is determined by the ratio of C3 to Cx, where Cx 
is the unknown-valued capacitor. When these two voltages are the same, the 
bridge is balanced and there is no current through the earpiece. 


Figure 3 shows the layout of the components on the matrix board of the 
prototype. It measures 10 holes by 14 holes, and is of the plain type, i.e. no 
copper strips. All earth connections are taken to a single solder tag. When 
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Figure 3 Components are 
soldered together on a small 
prototype board 
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Figure 4 Layout of the parts inside an aluminium box. The earpiece socket is insulated from 
the case 


mounting the board inside a metal box, a long screw is used with extra nuts, 
to earth the board to the case while providing a stand-off, thus preventing 
any unwanted short-circuits between the board connections and the case. Be 
aware that a crystal earpiece must be used; low-impedance headphones of 
the Walkman type are not satisfactory. Solder two flying leads as shown in 
Figure 4, about 15 cm long, terminated in small crocodile clips for attaching 
to the unknown capacitor. 


Calibration 


After checking the circuit carefully, attach the battery and switch on; a 
buzzing noise should be heard in the earpiece. This is the first sign that 
everything should be OK. If there is no buzz, switch off and recheck the 
connections. 
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You will now need a range of close-tolerance (1%) silver-mica capacitors 
covering the range 10 to 1000 picofarads (pF). Arrange the capacitors in 
ascending order and connect them to your bridge in sequence. After having 
prepared a neat piece of card or paper mounted behind the knob on the 
front panel, mark the dial at the positions of the nulls for all the capacitors. 
You have now calibrated your capacitance bridge. If you are more likely to 
want to measure larger capacitors, replace C3 by a 1 nanofarad (nF) 
capacitor, and the bridge will measure up to 10 nF approximately. 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
10 kilohms (kQ) 
100 kilohms (kQ) 
10 kilohms (kQ) linear 


Capacitors 
C1, C2 10 nanofarads (nF) ceramic 
C3 100 picofarads (pF) silver mica or polystyrene 
C4 47 microfarads (uF) 16 V electrolytic 


Semiconductors 
TR1, TR2 BC108 npn 


Additional items 

SW1 SPST on/off switch 
Battery connector, PP3 type 
Earpiece, crystal type 

SK1 3.5mm jack socket for earpiece 
Battery, 9 V PP3 
Matrix board, approx. 10 holes by 14 holes 
Aluminium case, approx. 10 x 8 x 5cm 
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33 A simple short-wave 
receiver — Part 2 


Introduction 


In Part 1, the design of this receiver was discussed in some detail. Now we 


are going to put it all together and see how it works. The receiver is laid out 
on a printed-circuit board (PCB) or on a matrix board. 





Construction 


The layout of the components is shown in Figure 1. Identify each part 
separately, insert it into the holes in the board and solder carefully. Long 
leads may be cropped before or after soldering, depending on your skill and 
preference. All electrolytic capacitors, T1, T2 and IC1, must be connected 
correctly. The front-panel controls are connected to the PCB terminals 
shown in Figure 1. 


The layout of the controls and the placing of the board inside the case are 
matters of personal preference. The size of the prototype front panel is 
shown in Figure 2. The prototype had a slow-motion drive fitted to VC2, 
the main tuning capacitor. This required the capacitor to be fitted on its 
own small panel. The bandspread control does not need any form of 
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Figure 1 Layout of the receiver circuit board 
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Figure 2 The case can be 
metal or made from PCB 
material 
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slow-motion drive. A tuning dial may be fitted behind the tuning knob on 
VC2 if required. The volume control, VR2, has its own on/off switch for 
the battery, which can be mounted behind the back panel, on which are 
mounted the aerial input sockets and the headphone/speaker socket. 
Check your soldering carefully, together with all the wiring between the 
board, the potentiometers and variable capacitors. When you are con- 
fident that everything is perfect, connect the battery and switch on. 


The first tests 


If you have a good aerial and are using an aerial tuning unit (ATU), use the 
low-impedance input. Excellent results are possible, though, with about 
3 metres of wire connected to the high-impedance input. Set the volume 
control to give a gentle hiss in the headphones or speaker. Advance the 
reaction control to give a definite hiss. As you tune in an AM station, the 
hiss will change to a whistle; back off the reaction until the oscillation just 
stops. The receiver is now correctly set for AM reception. 


On the amateur bands, the stations will be SSB or CW, and the reaction 
needs to be set just above the oscillation point, and will need slight 
adjustment from time to time for different qualities of signal. Juggling with 
the volume, reaction and tuning is part of the pleasure of using regenerative 
receivers! 


A simple short-wave receiver — Part 2 


In action 


Practice is needed for best results. The regenerative receiver is renowned for 
its versatility in being able to be set up exactly for all types and strengths of 
signal. The basic receiver tunes from 6.5 MHz to 11 MHz approximately; 
this includes two amateur bands at 7.0 MHz and 10.1 MHz and two 
broadcast bands. 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1, R10 330 ohms (Q) 

R2,R5,R11. 270 ohms () 

R3 22 kilohms (kQ) 

R4 47 kilohms (kQ) 

R6 3.3 kilohms (kQ) 

R7, R12 4.7 kilohms (kQ) 

R8 27 kilohms (kQ) 

RI 470 kilohms (kQ) 

R13 2.7 kilohms (kQ) 

R14, R15 10 ohms (Q) 

R16 1 kilohm (kQ) 

VRI 10 kilohm (kQ) linear 10-turn potentiometer 

VR2 10 kilohm (kQ) log potentiometer 
Capacitors 

C1 27 picofarads (pF) 

C2, C18, C22 100 nanofarads (nF) 

C3, C4, C6, 

C10, C13, C14 10 nanofarads (nF) 

C5, C11 33 microfarads (wF) 16 V electrolytic 

C7 68 picofarads (pF) 

C8, C9 330 picofarads (pF) 

C15 1 nanofarad (nF) 

C16, C17, C20 10 microfarads (wF) 16 V electrolytic 

C21, C23 150 microfarads (wF) 16 V electrolytic 

vcl 10 picofarads (pF) variable 

vc2 200 picofarads (pF) variable 
Semiconductors 

TR1, TR3 2N3819 

TR2, TR4 BC182 

IC1 LM386 

D1 6.2 V 0.5 W Zener 
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Inductors 
T1 3 turns primary, 15 turns secondary, 
wound on 2-hole ferrite bead, with 28 SWG wire 
T2 2 turns primary, 17 turns secondary, 
wound on a T68-2 toroidal former, with 28 SWG 
wire 


Additional items 
Printed-circuit board 
Battery connector 
PP3 battery 
8-pin DIL socket 
8 ohm speaker or headphones (Walkman type) 
Case to suit 
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34 A basic continuity tester 


Introduction 


This little device can be built on a plug-in breadboard, and is ideal for 
testing fuses and cables, as well as doubling as a signal source for testing 


amplifiers, etc. It can even be used for testing npn transistors by replacing 
either of the transistors in the circuit, and seeing if the circuit still 
works! 





Simple and quick to build 


Using a plug-in breadboard, this circuit is so simple it could almost be built 
when you need it, and then dismantled again! If you want the circuit to 
make a different sound, the components to change are R2, R3, C1 and C2. 
Always make sure that R2 = R3 and Cl = C2, or the sound may be 
excessively ‘edgy’ and lacking in volume. 


Basically, the circuit is an oscillator which drives a little loudspeaker 
directly. The fuse or cable you are testing is connected between the crocodile 
clips. If there is a current path between the two clips, the current also flows 
through the circuit, thus operating the oscillator and producing a sound 
from the loudspeaker. 


. Optional audio 


- 


Figure 1 The circuit 
diagram of the continuity 
tester 





{Battery ~) 
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If you want to use the circuit to produce a signal to test an amplifier, for 
instance, connect the croc clip which comes directly from the battery to the 
junction of R1, R2, R3 and R4. This supplies current to the circuit while, at 
the same time, bypassing the loudspeaker. Use the two components RS and 
C3 between the oscillator and your amplifier. The loudspeaker is bypassed 
because you will want to listen to the output from your amplifier, zot from 
the oscillator! 


Remember, NEVER test any equipment which is still connected to the mains 
electricity supply. Avoid testing anything which is switched on and has its 
own power supply. You may damage both your tester and the circuit you 
are ‘testing’! 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
12 kilohms (kQ) 
47 kilohms (kQ) 
390 ohms (Q) 
100 kilohms (kQ) optional 


Capacitors 
C1, C2 47 nanofarads (nF) ceramic 
C3 100 nanofarads (nF), 0.1 microfarads 
(wF) ceramic optional 


Semiconductors 
TR1, TR2 BC108 npn 


Additional items 
LS1 Loudspeaker (8 0) 
2 crocodile clips 
Prototype circuit board 
PP3 battery connector 
PP3 battery 
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35 A charger for NiCad 
batteries 


Introduction 


The cost of replacing dry batteries can be alleviated to a great extent by the 
use of rechargeable batteries such as those containing nickel and cadmium 
(called NiCads). They are more expensive than the batteries they replace, 
but they can be charged hundreds of times and thus prove cheaper in the 
long run. 


NiCads produce only 1.2V per cell, compared with the 1.5V of ordinary 
cells, so before you rush out and buy lots of these, please make sure that 


the equipment on which you plan to use them will work on the reduced 
voltage! For example, if you are using four cells to give you a 6V supply, 
NiCads will give you only 4.8 V, which is quite a reduction. Using six cells to 
replace a 9V battery will give you only 7.2 V. Not all equipment is happy 
with these reductions! 


However, we all use them when we can, and they save substantial amounts 
of money. Here is the circuit of a charger to keep them in prime 
condition. 





Charging NiCads — the ampére-hour 


NiCads require charging at constant current, which means that connecting 
one across a normal power supply (constant voltage) is useless and can 
destroy it. They need pampering to the extent of needing a long charge 
(around 16 hours) at a rate dependent upon the capacity of the battery. By 
the capacity of a battery, we mean how much energy it can store. You will 
probably know that energy is measured in joules. For the purposes of 
storing energy in batteries, the joule is zot the ideal unit, so we use one that 
is! This unit is the ampére-hour (Ah), and must be interpreted with some 
realism. For example, if the battery is rated at 2 Ah, it will deliver a current 
of 0.5 amp for 4 hours, or 0.25 amp for 8 hours. Provided the current is not 
too high, the product of the current (in amps) and the time for which it will 
flow (in hours) before the battery is flat will always be around 2 Ah. A 
workable ‘rule of thumb’ for calculating the charging current is that its 
value should be around one-tenth of the numerical value of the capacity; so, 
for our 2 Ah battery, a charging current of around 200mA (2 + 10=0.2A 
or 200 mA) would be used. 
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Figure 1 Voltage regulator 
arranged to produce a 
constant current 
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Constant voltage to constant current 


Many integrated circuit (IC) chips are available for use as voltage 
regulators, i.e. they supply a constant voltage. Most of these can be 
persuaded to become constant current supplies with one external resistor! 


The voltage regulator IC usually has only three connections - ‘input’, 
‘output’ and ‘common’. It is designed (in the case of the LM7805) to 
produce a constant 5V output between the ‘output’ and the ‘common’ 
connections, at currents of up to 1A. If a resistor is connected between 
these, the IC will maintain 5 V across it. If you look at Figure 1, you will see 
the circuit performing this conversion. 





For the previous example, we derived a charging current of 200 mA, so we 
now need to calculate the value of resistor that will produce this current. 
Using the equation which is derived from Ohm’s law: 


V V 
I = —, from which R = —, 
R I 


where R = R1, the resistance in ohms that we are calculating, 
V is the voltage across R1 (5 V), and 
Tis the current flowing (200 mA). 


So, 


5 
R1 = — = 250. 
0.2 


25 ohms is not a ‘common’ or ‘preferred’ resistor value, so we must choose 
the next largest value, which is 270. This reduces the current, but only 
slightly — it is now 185mA. When calculating resistor values in power 
supply circuits, we must always check the power that they dissipate and 
make sure we specify and fit a suitable resistor. 


Figure 2 The complete 
circuit including mains 
components 


A charger for NiCad batteries 


Power (in watts) is the product of the voltage across and the current through 
a device, so in this case it is given by: 


Power = VXI = 5 X0.185 = 0.925 W. 


Rather than use a 1 watt resistor operating very near its limit, it is safer to 
use a 2 watt resistor operating well within its limits. 


Looking again at Figure 1, we now have a constant-current source 
producing 185 mA, when R1 is a 27 0, 2 W resistor. For use with NiCads 
requiring charging currents other than 200 mA, you will need to repeat the 
two equations above, using a new value for I. 


The full circuit and its assembly 


This is shown in Figure 2, and can be broken down into two parts. The first 
is the AC to DC conversion produced by the mains transformer, T1, the 
bridge rectifier, BR1, and the smoothing capacitor, C1. The second is the 
constant-current section already discussed. 
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The prototype was assembled on matrix board measuring 18 holes by 12 
strips, although, as Figure 3 shows, this is much larger than is strictly 
necessary. No strip cutting is needed, but make sure that IC1 and C1 are 
inserted correctly. 


Warning! Before you attempt to wire up the transformer and the bridge 
rectifier, be aware that you will eventually be connecting the circuit to the 
mains supply, so there are three possibilities for you: (1) get a qualified 
friend to supervise your completion and testing of the circuit; (2) get your 
qualified friend to complete and test the circuit for you; (3) replace the 
transformer and bridge rectifier with a mains adapter. 
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Figure 3 The charger can be 
built on Veroboard 
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If you decide to use the mains adapter, its output is connected directly 
across C1, because T1 and BR1 are now no longer needed. Make sure the 
polarity (positive and negative) is correct and that the adapter output is set 
to 12 V. 


A quick test 


If you have built the mains version, make sure all connections are correct, 
and that there are no soldered joints which will touch other parts of the 
circuit. The box must be securely closed before tests begin. The RSGB 
cannot be held responsible for damage to equipment or batteries! The 
version using the mains adapter need not be closed during tests. 


Switch on. With nothing connected to the output, the unit should run cold. 
If this is not the case, switch off and recheck your circuit. If all is well, switch 
on again and connect a DC multimeter (on the current range) across the 
output. It should indicate only a slight difference from the calculated value 
of 185mA. You can now charge your NiCads! 


Other charging currents can be set by having different values for R1, 
perhaps selectable by a rotary switch. Remember to make sure that the 
values of both resistance and power dissipation are correct, and don’t 
exceed the 250 mA rating of the transformer (or the 1 amp rating of the IC 
if you are using a bigger transformer). 


An 80 metre crystal-controlled CW transmitter 


Parts list 





Resistor 
R1 As required — see text 


Capacitor 
C1 1000 microfarads (uF) 35 V electrolytic 


Semiconductors 
IC1 LM7805 5 V, 1A regulator 
BR1 W005 50 V, 1A full-wave rectifier 


Transformer 
Tl 9-0-9 V, 250 mA sub-min. transformer 


Additional items 
Case 
Veroboard, 18 holes by 12 strips 
Plug to suit NiCads 
Double-sided sticky tape as required 
Insulated wire for battery connections 





36 An 80 metre 
crystal-controlled CW 
transmitter 


Introduction 


A simple transmitter is ideally suited to anyone venturing into our 


marvellous hobby for the first time. If you are put off by the complexities 
and prices of the ‘black boxes’ then this is the transmitter you’ve been 
looking for! 
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The circuit 


The complete circuit is shown in Figure 1. It is a single-transistor crystal 
oscillator which is keyed (switched on and off) by the Morse key in the 
+12V supply rail. The circuit first appeared in OST (the American 
equivalent of RadCom) in 1982, and has since appeared in a modified form 
in the ARRL Handbook. The circuit can produce about 2 watts on 80m, 
and can be constructed on a piece of plain matrix board; the prototype 
board measured 7cm by 3cm, and its layout is shown in Figure 2. 


Note that a bare copper wire runs along the bottom edge of the board to act 
as an earth wire for the relevant components. The only ‘difficult’ part of the 
construction is the winding and wiring of T1. The main winding is 38 turns 
of 26 SWG enamelled copper wire, and there are two link windings of four 
turns each. Make sure that all windings are wound the correct way round 
the toroid — Figure 1 shows this and should be studied carefully. If the 
windings do not have the correct sense (i.e. a clockwise coil has been wound 
anticlockwise, or vice versa), or have been connected incorrectly to the rest 
of the circuit, the oscillator will not work! 


When putting components on the board, wire in the crystal socket without 
the crystal in it. Crystals do not like to be subjected to the horrors of a 
soldering iron, so keep your crystal to one side during the construction 
process! 


TRI 
252078 
RF out to 
1 f ' 1 changeaver 
doce 


TRI 
collector +12¥ 


UU... 21-turns af 22swg 
ire wound on 
Tl... 38-turns of 268wg wire wound 7.50. 2 toroid 
an T.50-2 toraid - 2 link windings at 
4-turns {each} wound with 2swg wire 





Figure 1 The simplest form of transmitter is a keyed crystal oscillator. Note that L1, C7 and C8 make up a /ow-pass 
filter which reduces unwanted harmonics (outputs at the transmitter frequency multiplied by 2, 3, 4, etc.) 
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Figure 2 Component layout is straightforward on a ‘matrix board’ (it has holes but no copper strips). The dotted lines 
are the connecting wires. The lower part shows the connections for the transmit/receive switch 


The output filter, which comprises C7, C8 and L1, is a low-pass filter, which 
helps reduce any harmonics present in your signal. Harmonics are integral 
multiples of your transmitter frequency, so if you are transmitting on a 
frequency, f, harmonics will be present at frequencies 2f, 3f, 4f,... and so 
on. L2 is another inductance using 22 SWG enamelled copper on a ferrite 
toroid. The changeover switch is external to the transmitter board, and is 
used to switch your aerial between the transmitter and the receiver; its 
wiring is shown in Figure 2. 


Use a dummy load 


A dummy load enables you to test your circuit without actually transmitting 
a signal. If you haven’t such a thing already, it is easy to construct one to use 
with this transmitter. Don’t use it for transmitters of more than 2 watts 
output, though. Use two 100 ohm, 1 watt resistors, connected in parallel 
across the end of a short piece of coaxial cable, terminated in a BNC, PL259 
or N-type free plug, as shown in Figure 3. Plug this into the aerial socket on 
your transmitter, plug in your crystal and connect the transmitter to a 12 V 
supply. Have another receiver switched on and tuned to the crystal 
frequency. Although the radiation from your dummy load is minimal, it will 
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Figure 3 A simple 2W 
dummy load can be made 
from two 100 2 (ohm) 
resistors in parallel. The 
plug should match the 
socket on your transmitter 


Figure 4 A simple dipole 
can be very effective. For 
the 3.5 MHz band, length L 
is 40 metres and height H 
should be as large as 
possible. The far support $ 
can be a tree, pole or 


building. Insulators | may be 


home made from strong 
plastic and the feeder F 
should be 50 Q (ohm) coax 
cable 


Figure 5 Your signal is 
radiated mostly from the 
centre of the dipole so the 
ends can droop or even be 
bent but the length may 
need shortening by a few 
centimetres because the 
ground and the bends will 
detune the dipole. Cords C 
are best made from strong 
plastic rope from a sailing 
or camping shop 
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be enough to be picked up by a receiver in the same room. Send dashes with 
the Morse key, and adjust VC1 until the received note is clean. It should not 
sound rough, or have a chirp (change its frequency during a dash or dot). 
Avoid tuning for maximum power; this is seldom the correct setting! 


You will need to put your completed transmitter in a metal box, using 
sockets for the power supply, aerial, receiver and Morse key. The sockets 
can be chosen to match your existing equipment. 


Figures 4—7 are taken from the RSGB book Practical Antennas for Novices, 
and may give you some ideas on the type of aerial to be used with your 
transmitter. 








An 80 metre crystal-controlled CW transmitter 


Figure 6 An ‘inverted-L’ 
takes up less space than a 
dipole and doesn’t need 
coax cable. Like the dipole, 
the end can droop or be 
bent to save space as in this 
case most of the radiation 
comes from the area around 
the top of the vertical part 


Wire to 
antenna 1(geniched) 


Figure 7 Almost any length 
of wire more than 10m or 
so long will work (though it 
will work better the longer 
and higher it is) but an 
Aerial System Tuning Unit sede 

(ASTU or ATU) will be aus 2 (autened } 
needed 
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Parts list 





Resistor 
R1 12 kilohms (kQ), 0.25 watt, 5% tolerance 


Capacitors 
C1 1000 picofarads (pF) polystyrene 
C2 100 picofarads (pF) polystyrene 
C7a, C8a_ 680 picofarads (pF) polystyrene 
C7b, C8b_ 68 picofarads (pF) polystyrene 
100 picofarads (pF) ceramic 
10 nanofarads (nF) polyester 
10 microfarads (uF) electrolytic 25 V 
100 picofarads (pF) trimmer 


Semiconductors 
D1 1N4148 
TR1 2SC2078 (see sources list) 


Inductors 
T1 38 turns 26 SWG enamelled copper on T-50-2 toroid, 
with two link windings of four turns 
L1 21 turns 22 SWG enamelled copper on T-50-2 toroid 


Additional items 
Ferrite bead 
Crystal (e.g. 3.579 MHz) and holder 
Metal box 
Socket for Morse key. 
This must be totally isolated from the metal 
of the box, as both connections can be at +12 V. 
Sockets for 12 V supply, aerial and receiver 
Switch — DPDT 
Heat sink for TR1 
RG174 miniature coaxial cable for signal leads (see Figure 2) 


Component sources 





Special components 
2S$C2078 Cricklewood Electronics Ltd, 40 Cricklewood 
Broadway, London, NW2 3ET. 
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37 A solar-powered MW radio 


Introduction 


What could be more ecologically friendly than a radio powered by the sun’s 


energy? This design is quite standard, and if you have built any of the other 
medium-wave radios in this series, then this one should present few 
problems. 





The solar panel 


The solar panel is to the solar cell as the battery is to the cell; in other words 
a solar panel is several solar cells connected in series. The solar panel quoted 
for this radio will generate about 9V at a current of around 30mA ona 
sunny day. The circuit will operate on a supply of around 2V, so bright 
sunshine is mot necessary for satisfactory operation. The volume will be less, 
of course. 


The circuit 


The radio uses the ZN415E integrated circuit (IC), connected as shown 
in Figure 1, the complete circuit diagram. The signal is tuned in by the 
combination of L1 and VC1. L1 is made by winding about 35 turns of 24 
SWG enamelled copper wire on a ferrite rod. A standard ferrite rod of 10cm 
length and 1cm diameter is used. 


Signals selected by the tuned circuit are passed to IC1, which amplifies the 
signals and removes the audio component, which is then amplified further 
by IC2 for driving a small loudspeaker. The removal of the audio 
component is the process we call detection. In addition to this, IC1 provides 
automatic gain control (AGC), which helps to keep the audio signal 
constant, even when the incoming RF signal may vary due to fading. 


The prototype board 


Veroboard (also known as matrix board or stripboard) is ideal for the 
construction of the radio. The layout is shown in Figure 2. The board size 
is 11 strips by 30 holes (please note that there is no row ‘T’, so take care 
with your counting!). Using a 3mm (% inch) twist drill rotated between 
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Figure 2 Follow the layout carefully, making sure that all connections are neatly soldered 
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your thumb and forefinger, break the strips at the points marked with a 
cross inside a circle. Hold the board up to the light to ensure that the 
tracks have been broken and that there is no copper swarf shorting tracks 
together. 


Firstly, solder in the 8-pin DIL sockets for the ICs, making sure that the 
notches in the sockets are facing upwards, as shown on the diagram. Then, 
solder in the wire links, resistors, capacitors and diodes, making sure that 
the electrolytic capacitors (C2, C6 and C7) and the diodes (D1 and D2) are 
connected the correct way round. Use different colours of wire for the 
connections to the volume control, VR1, to avoid incorrect connections. 
Note the wiring of the tuning capacitor (VC1) shown in Figure 2; a two- 
section type is used, and both sections are wired in parallel to give twice the 
capacitance of a single section. 


There is no on/off switch — just turn the volume down when you are 
finished using the set! The solar panel can be mounted parallel to the top 
of the case, or angled to receive the maximum energy from the sun, as 
shown in the photograph. You could have a battery available as a standby 
source to use the radio after dark; any battery of between 6 V and 9 V will 
do. Wire it with a simple changeover switch, so you can switch between 
solar and battery power. Ask a friend for help with this if you are not sure 
how to do it. 


You may need to adjust the number of turns on L1 to get the best results, 
but it should be possible to receive at least five stations at good volume with 
your sun-powered radio! 
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Parts list 





Resistors: 0.25 watts, 5% tolerance 


3.3 kilohms (kQ) 
100 ohms (Q) 
1 kilohm (kQ) log 


Capacitors 


C1, CS 10 nanofarads (nF) ceramic 

C2 220 microfarads (uF) electrolytic (10 V) 
C3, C4 100 nanofarads ceramic 

C6 10 microfarads (wF) electrolytic (10 V) 
C7 1000 microfarads (uF) electrolytic (10 V) 
vcl1 140-300 picofarads (pF) 


Semiconductors 


IC1 ZN415E (or ZN416E) 
IC2 TDA7052 

D1, D2 1N4148 

Solar panel 9V at 50mA 


Additional items 
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LS1 32-64 ohm miniature loudspeaker 
Ferrite rod 
24 SWG enamelled copper wire 
Plastic box, approx. 220 x 140 x 70mm 
Veroboard, cut to size 
8-pin DIL sockets, 2 required 
Knobs, 2 required 
Material for speaker grille 
Connecting wire 
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38 A receiver for the 7 MHz 
amateur band 


Introduction 


Listening on the 40 metre band (from 7.0 to 7.1 MHz) can be very rewarding 
— it is a popular haunt for HF Special Event stations, and at night there are 


signals to be heard from all over Europe. This receiver is designed purely for 
the 40 m band, and is ideal for those who have built the simpler receivers 
and are looking for something a little more challenging. The more 
experienced constructor may prefer to build this on prototype board. 





The circuit and its construction 


Figure 1 shows the circuit diagram. The receiver will work well with 
headphones or loudspeaker. Walkman-type headphones and speakers are 
ideal for use here. 
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Figure 1 The receiver gives good performance on the 7 MHz amateur band as well as being simple to construct and 
align 
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Figure 2 Rear view of the 
variable resistors. Check the 
connections carefully to 
make sure the wires are 
fitted correctly 
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Signals arriving at the aerial are coupled into IC1 via gain control VR1, 
which also functions as the on/off switch. Tuning is provided by varying the 
voltage on the varactor diode (or varicap), D1. VR3 is the main tuning 
control, and VR2 is the bandspread (fine tuning) control. The varactor 
diode is supplied as a dual device, which must be cut down the middle 
carefully with a sharp knife; with the lettering upwards, the ground lead 
(0 V) is on the left-hand side, as Figure 1 illustrates. 


Solder in the IC sockets first, followed by the coils. After this come the links, 
resistors, capacitors and varactor diode. Ensure that IC3, the voltage 
regulator, is wired correctly, and check the polarity of the electrolytics. The 
crystal, X1, is very fragile, so take extra care with it. The wiring of the three 
controls is shown in Figure 2. 


Before putting the ICs in their sockets, connect up the battery and check the 
following voltages with the negative voltmeter lead connected to the 
negative terminal of the battery: 


Pin 8 IC1 SV 
Pin 8 IC2 SV 
Pin 8 IC4 9V 
Pin 1 ICS 9V 


When all these have been found to be correct, switch off and put the ICs 
carefully into their sockets. Use wire of different-coloured insulation to wire 
up the front-panel controls. 


The case can be a small plastic box of size 22 cm by 15 cm by 8 cm, with three 
10.5 mm holes drilled in the front and two 8 mm holes in the side for the aerial 
and earth connections. On one side are a 6mm hole for the speaker socket 
and an 11mm hole for the optional external power supply. 


TUNING GAIN ON/OFF 


BANDSPREAD 
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Testing and tuning 


The aerial for the receiver should be between 30 and 70 feet of wire, mounted 
as high as you can make it, away from trees and buildings if possible. Connect 
the battery and switch on. Adjust L1 and L2 for the best results. Tune slowly 
with VR3; you should find CW stations at the lower end of the band 
(anticlockwise) and SSB stations at the upper end (clockwise). You may find 
that it is easiest to make these adjustments before mounting the board in the 
case with double-sided sticky tape or pads. If you are planning to use an 
external DC supply, make sure it is a safety approved stabilised 9 V type, and 
disconnect the battery before you use such a supply! 


If you suspect that the tuning doesn’t quite cover the lower CW end of the 
band, try increasing C9 to 1200 pE. If it is the upper SSB end which is 
missing, decrease C9 to 820 pF. 


It is always advisable to use an aerial tuning unit (ATU) between your aerial 
and the receiver. A suitable design of ATU is included as a project in this 


book. 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1, R4 100 kilohms (k®) 
R2, R3 1.5 kilohms (kQ) 
R5 220 ohms (Q) 
R6, R7 12 kilohms (kQ) 
R8 10 kilohms (kQ) 
VR1 4.7 kilohms (kQ) linear, with SPST switch 
VR2 4.7 kilohms (kQ) linear 
VR3 47 kilohms (kQ) linear 
Capacitors: all rated 16 V or more 
C1 470 picofarads (pF) polystyrene 5% 
C2 47 microfarads (wF) electrolytic 
C3 47 picofarads (pF) polystyrene 5% 
C4, CS 100 picofarads (pF) polystyrene 5% 
C6, C7 100 nanofarads (nF) ceramic 
C8 2.2 nanofarads (nF) polystyrene 5% 


C9, C10 1 nanofarad (nF) polystyrene 5% 
C11, C14 = 10 nanofarads (nF) ceramic 


C12 470 microfarads (uF) electrolytic 
C13 47 nanofarads (nF) ceramic 

C15 1000 microfarads (uF) electrolytic 
C16 1 microfarad (uF) electrolytic 
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Inductors 

L1 Toko KANK3335R 

L2 Toko KANK3333R 

L3 10 pH 5%, e.g. Toko 283AS—100 
Semiconductors 

C1, IC2 NE602 or NE602A 

IC3 78L05 5 V, 100 mA 

IC4 TLO72 

IC5 TDA7052 


Additional items 
Toko KV1236 cut into two sections (one half used) 
4.608 MHz (available from Cirkit) 
3 x silver knobs, one with pointer 
Plastic case approx. 22 x 15 x 8cm 
Speaker 8-32 Q, or headphones 
4 x 8-pin DIL sockets for IC1, IC2, IC4, ICS 
2 x 4mm sockets (red and black) for aerial and earth 
3.5 mm chassis-mounting jack socket for speaker 
DC power socket for external supply (if required) 
Prototype board 


Kits 





A complete kit is available from JAB Electronic Components. 
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39 Diodes for protection 


Introduction 


Many semiconductor devices can be destroyed in an instant if their supply 
is reversed. With the use of batteries as power sources, it is quite common 


for the battery to be connected ‘the wrong way round’, and the scope for 
damaging equipment is significant and very real. Diodes can protect 
equipment in several ways, and you may do worse than to consider one of 
these approaches to protect your next expensive project. 





Choose wisely! 


All the diode circuits given here are so simple as to invite calamity. The 
circuits are not foolproof but, with a little care, will work first time. 
Remember that a semiconductor diode has a forward voltage drop of 
between 0.5 V and 0.7 V, depending on its type and the current flowing. 
This will be mentioned later. 


The first thing you need to do is to insert a good multimeter in series with 
the circuit you want to protect; set the range to Amps DC, and switch on. 
Check that the circuit works properly. Then, decrease the current range on 
the meter until a good reading is indicated. Make a note of this current, as 
it is the normal running current of your circuit. 


To choose a diode, you must consult the catalogues or data sheets and 
find one where the quoted maximum forward current exceeds the current 
you have measured; preferably it should be at least twice your measured 
current. Secondly, the diode will have a peak inverse voltage (PIV); this is 
the maximum voltage it can withstand when the cathode is made positive 
with respect to the anode, i.e when it is reverse-biased and not con- 
ducting. This voltage must be greater than your battery voltage, again by 
a factor of about 2. Except in the case of the bridge rectifier (see later), 
these criteria will enable the selection of a suitable diode to be made 
easily. 


The series diode 


The simplest and most obvious way to protect equipment is to insert a diode 
in the positive supply lead, as shown in Figure 1, with the diode passing 
current only when the supply is of the correct polarity. Because of the 0.6 V 
that exists across the diode, your equipment will normally operate on a 
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Figure 1 Series diode 
protection 


Figure 2 Parallel diode and 
fuse 
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slightly lower voltage. If you imagine reversing the supply to this circuit, you 
will see that the negative terminal of the battery is connected to the anode 
of the diode; the diode becomes reverse-biased and will not conduct any 
current, thus protecting the load. Your equipment will not operate when the 
battery connections are reversed. 


The parallel diode 


The circuit of Figure 2 overcomes this voltage drop. It places the diode in 
parallel with the load (your equipment) but in a normally reverse-biased 
condition so that it draws no current when the battery is correctly 
connected. Reverse the battery connections, however, and a very large 
current will flow through the diode, thus blowing the fuse! For this 
technique to work successfully, the current drawn by the diode when the 
battery connections are reversed must be much greater than the maximum 
current drawn by the equipment, in order to blow the fuse. This is usually 
not a problem, however. 





The diode bridge 


For sheer elegance, the circuit of Figure 3 takes the biscuit! It uses four 
diodes connected in the form known as a bridge rectifier. Such rectifiers 
exist, and do not have to be made up from four discrete diodes. 


Figure 3 The diode bridge 


Diodes for protection 





Follow the current round the circuit from the supply, assuming initially that 
the top wire is positive and the bottom wire negative. It flows from the 
positive supply 


(a) through D2 
(b) through the load (top to bottom) 
(c) through D4 


and back to the negative of the supply. 


Now assume that the bottom supply lead is positive and the top lead 
negative. The current flows from the positive supply 


(a) through D3 
(b) through the load (top to bottom) 
(c) through D1 


and back to the negative of the supply. 


So, whichever way round the battery is connected, the current will always 
flow the same way through your equipment! 


The circuit does have a drawback, however. Whichever way round the 
battery is connected, there are always two diodes conducting the current at 
any time. In the first case it is D2 and D4; in the second case, D1 and D3. 
This means that there is a total voltage drop of about 1.2 V. If your 
equipment can tolerate that reduction in voltage, then you will not have a 
problem. 


Decoupling 


Whenever the supply rail to a piece of equipment, or even to an individual 
stage of a circuit, is broken for the insertion of a device that will drop 
voltage, strange things can happen. This is because the supply for any circuit 
is assumed to have a low resistance to DC and a low impedance to AC. 
(Impedance is the AC equivalent of DC resistance.) These two are not the 
same, and the insertion of a diode or diodes is certain to make a big 
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difference to them both. To overcome any irregularities in the operation of 
the circuit you are protecting in any of the ways described previously, the 
protected supply needs to be decoupled with a capacitor. 


If the circuit handles audio frequencies only, placing an electrolytic 
capacitor directly across the load in all three circuits should solve the 
problem. The parallel circuit of Figure 2 is less at risk than the other circuits. 
The size of the capacitor will be determined by the current taken by the 
circuit, and may need to be chosen within the range 100 pF to 10 000 pF, 
with a working voltage greater than the supply voltage. 


If the circuit is mainly handling RF currents, placing a capacitor of 0.01F 
across the load should prevent any problems. A second capacitor, also 
across the load, of between 10 uF and 100 wF may be needed. Again, the 
parallel circuit of Figure 2 is less at risk than the other two. 


Don’t be afraid to experiment, but confine your experimenting (at first) to 
small equipment and low currents, until you get a ‘feel’ for the technique. 


An RF signal probe 


Introduction 


A radio-frequency (RF) diode probe is a simple device which, when used 
with a conventional multimeter, enables the measurement of RF voltages in 


a circuit. When constructed, this will be one of the most useful pieces of test 
equipment for the experimenter who revels in the construction of 
transmitters and receivers. 





The circuit 


Figure 1 shows the simple circuit diagram. It is almost the same as a 
common diode rectifier circuit, but with a simple change to make it more 
sensitive. The circuit is known as a voltage-doubler, and is often found in 
high-voltage supplies, with beefier capacitors and diodes, of course! Because 
we are dealing with high frequencies and smaller voltages, the diodes and 
capacitors can be physically very small. The diode circuit of D1 and D2 
rectifies or detects the RF from the probe, and any remaining AC is removed 
(short-circuited to ground) by C2. This produces, at the output, a constant 
voltage proportional to the peak-to-peak RF voltage present at the input; 
the output voltage is fed to an ordinary multimeter (on a voltage range). 


Figure 1 The diode probe 
can be made from four 
electronic components 


Figure 2 The components 
are mounted on a copper- 
clad PCB 


An RF signal probe 


Probe + To multimeter 


—_—__..— : a 


(Stiff wire) 


Ground 
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Construction 


Although the circuit layout is not critical, a description of the prototype is 
given here for your information. Figure 2 has the details. The components 
are soldered to square pieces of copper-clad printed-circuit board (PCB) 
glued to a larger piece of PCB. The larger piece serves as a ground 
connection. Use a stiff copper wire as the probe, and an insulated flexible 
wire with a crocodile clip to connect the probe to the ground of the circuit 
under test. 


Cut a piece of plain PCB, 30mm by 45mm and another of 15mm by 
45mm. Cut the smaller piece into three measuring about 15 mm square. 
Stick the three small pieces to the larger piece, ensuring that there are small 
gaps between each, as Figure 2 shows. Solder the components in place. The 
connection to the multimeter should be thin coaxial cable or screened 
microphone cable. If you use unscreened cable, there may be RF pickup here 
which can lead to false readings. 


Simple to use 


Using the probe is simple. Connect it to the multimeter and set the meter to 
around 10V DC — you may need to reduce this, depending upon the 
magnitude of the RF voltage you are trying to measure. Hold the probe by 


To wire To 
probe : . z . multimeter 
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its base, being careful not to touch any of the components. Connect the croc 
clip to a ground point on the circuit and touch the probe on the circuit point 
to be tested. If an RF signal is present, there should be a reading on the 
multimeter. That’s all there is to it! 


Parts list 





Capacitors 
C1, C2 10 nanofarads (nF), or 0.01 microfarad (\F) ceramic 


Semiconductors 
D1, D2 Any germanium signal diode, e.g. OA91 or AA119 


Additional items 
Stiff copper wire 
Insulated flexible wire 
Copper-clad PCB 
Crocodile clip 
Coaxial or screened cable 


Source 





All components are available from Maplin. 





41 An RF changeover circuit 


Introduction 


The simplest entry route to operating an HF station is to buy or build a 
receiver, and to add a simple CW (Morse) transmitter. In theory, this sounds 
so simple, yet in practice there is one significant hurdle to be overcome. 


How can they both share the same aerial? A manually operated changeover 
switch is the obvious solution, but it takes time to perform the switching 
operation, by which time someone else has squeezed in before you and 
contacted the DX station! This small circuit accomplishes the changeover 
automatically, as soon as the transmitter is keyed. 





Figure 1 RF activated relay 


An RF changeover circuit 


How it’s done 


The circuit is shown in Figure 1, and uses the signal from the transmitter to 
operate a relay. A relay is a switch which is operated electrically in the 
following way. A coil of wire with an iron core is used as an electromagnet. 
When current flows through the coil, it produces a magnetic field which, in 
turn, is used to pull a set of switch contacts. These contacts will be used to 
switch the aerial from transmitter to receiver and vice versa. The relay used 
here has a double-pole changeover (or DPDT, or DPCO) switch. If you are 
confused by the different types of switch, look at the basic descriptions 
elsewhere in this book. The pole of a switch is the part that doesn’t move; in 
Figure 1, one pole is connected to L1 and the other to the aerial output. In a 
circuit diagram, the switch contacts are always shown in their normal state, 
i.e. when xo current flows in the relay coil. The changeover switch is normally 
in the receive position, so we say the receive switch is normally closed, and the 
transmit switch is normally open. We choose to have the circuit in the receive 
position normally, because everyone spends a lot more time receiving than 
transmitting. The relay is energised only when you are transmitting. 


There are three RF sockets — one for the transmitter, one for the aerial, and 
one for the receiver. When the transmitter is not in use, there is a direct 
connection (via the Rx normally closed contacts of the relay) between the 
aerial and the receiver. The transmitter (which is not keyed at this time) is 
connected to a 50 ohm dummy load, R1. 


When the transmitter is activated by pressing the Morse key, an RF signal 
appears at the transmitter socket. The wire carrying the signal to the relay 


Relay contacts 


ft Tt 


Transmitter 13-63 
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Tx contacts passes through a toroid (a ferrite coil former, looking like a 
black Polo mint), which has a five-turn coil wrapped around it. This five- 
turn coil picks up the signal, which is then detected by D1 and D2, and 
converted to a steady voltage. C1 removes any remaining RF and C2 
provides hang. Without it, the circuit would detect the gaps between every 
dot and dash being sent, and switch the aerial over very rapidly and very 
frequently! This is sot what we want. We need the relay to remain in the 
transmit condition at normal Morse keying speeds, and then return to 
receive when the sending is complete. The combination of C2 and R3 
achieves this. 


The voltage appearing across C2 is fed to a VMOS field-effect transistor 
(FET), TR1, which acts as an electronic switch. When a voltage appears 
across C2, the FET switches on and passes a current through the relay coil, 
changing the contacts from receive to transmit. The diode, D3, across the 
relay winding protects the FET from being damaged by the large reverse- 
voltage spike which occurs across the coil when the FET switches off. 


Construction 


This is very simple — a circuit board is not required. The prototype was built 
into an old 50g tobacco tin. All ground leads are soldered directly to the tin, 
thus supporting the components automatically. Phono sockets were used for 
the aerial, receiver and transmitter; you could use whatever connectors 
matched the rest of your station. The 12 V supply is fed through the tin 
using a 1000 pF feed-through capacitor, C3. 


The ‘dummy load’, R1, must be able to withstand the RF output power of 
the transmitter. For novice use, 4 watts is adequate. Two suggestions for 
making up R2 from standard resistors are shown in Figure 2. Six 330 ohm, 
1 watt resistors in parallel have a combined resistance of 330/6 = 55 O, at 
6 W. Two 100 ohm, 2 watt resistors in parallel have a combined resistance 
of 100/2 = 50 O at 4W. 
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Figure 3 Receiver input 
protection 


An RF changeover circuit 


Make sure all the contacts to the relay are correct; also ensure that TR1, C2, 
D1, D2 and D3 are correctly wired. 


Winding the toroid, L1, is very simple. It is made from PVC-insulated hook- 
up wire. Each time the wire passes through the centre of the toroid counts 
as one turn. The wire from the transmit socket to the relay simply passes 
through the centre! Use thin 50 0 coax for the leads to the three sockets. 


What happens to the receiver? 


On transmit, the receiver is not connected to the aerial, but is only the 
separation of the switch contacts (about 0.5 mm!) away from the transmit 
lead. The receiver will pick up the transmitted signal, and there is a 
possibility that this signal will be enough to damage the receiver’s sensitive 
input circuits. This can be prevented with the simple addition shown in 
Figure 3. Two diodes are connected back to back across the receiver socket. 
These act as a limiter, reducing the amount of signal that can enter the 
receiver. Solder these directly between the receiver socket and the tin. 
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Warning 


The wiring must be thoroughly checked. If the relay switch connections are 
wrong, there is a great probability that the full RF power will be applied to 
your receiver! You can check these connections as follows. With the 12 V 
supply connected, check that the relay energises (clicking sound heard) 
when the FET drain (d) is shorted to earth. Check the aerial and receiver 
connections with an ohmmeter or continuity tester. Disconnect the 12 V 
supply, and check that there is continuity between the centre pins of the 
aerial and receiver sockets. Reconnect the 12 V supply, short the FET drain 
to earth again (this will not damage the FET) and check that there is 
continuity between the centre pins of the aerial and transmitter sockets. If 
these tests show correct operation, disconnect the drain shorting wire (most 
important!) and your aerial auto-changeover is ready for use! Avoid using 
the device without the lid fitted. 
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Parts list 





Resistors: 0.25 watt, 5% tolerance, unless otherwise stated 
R1 50 ohms (Q) — see text and Figure 2 
R2 1 kilohm (kQ) 

R3 10 kilohms (kQ) 


Capacitors 
C1 100 nanofarads (nF), 0.1 microfarad (uF) 
C2 47 microfarads (wF) 15 V electrolytic 
C3 1000 picofarads (pF) feedthrough 


Semiconductors 
D1,D2,D4,D5 = 1N914 
1N4001 
VN10KM 


Additional items 
L1 T37-43 toroid 
Relay 12 V DPDT (DPCO) relay 
Three sockets to suit (phono, $O239, etc.) 
Thin coax cable and hook-up wire 





42 A low-light indicator 


Introduction 


This is a simple one-evening project that can be built for the pure fun of it, 


or to use as the basis of a more complex project to switch your shack lights 
on when it gets dark! In its prototype form, it simply flashes an LED when 
the ambient light level drops to a preset point. 





Operation 


The heart of the circuit shown in Figure 1 is a photo-conductive cell, also 
called a light-dependent resistor (LDR), a device whose resistance changes 
according to the amount of light falling on it. In bright light, the resistance 
is low (about 1kQ), whereas in the dark, its resistance is very high (up to 
10MQ). The cell is made from a semiconducting material known as 
cadmium sulphide (CdS), and is enclosed in a small plastic container. The 
semiconductor is laid on a flat insulating surface in the form of a small flat 
ribbon. The ribbon construction gives a good area of surface for a given 
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Figure 1 Circuit diagram 


Figure 2 Component layout 
on tagstrip 


A low-light indicator 
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length of ribbon, and the length of the ribbon is maximised by laying it out 
in a zig-zag pattern, as can be seen diagrammatically in Figure 2. In the 
dark, CdS is an insulator; when light falls on it, electrons are released inside 
the CdS, making it conduct. The more light there is, the more electrons there 
are, and the resistance falls. 


In this circuit, the LDR is connected across the 9 V supply in series with a 
variable resistor, VR1. In this arrangement, the voltage that exists across the 
LDR will be determined by the light level. As the light intensity increases, 
the resistance of the LDR falls, dropping a smaller voltage across it. The 
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reverse happens when the light intensity falls — the voltage across the LDR 
increases. This voltage is used to drive an npn transistor, TR1, connected as 
an electronic switch. As the voltage on the base (B) rises, it will reach a point 
where TR1 will suddenly start to pass current, just as an ordinary switch 
does when pressed. The current flowing through TR1 also flows through a 
flashing light-emitting diode (LED), D1 and its series resistor, R1. D1 can be 
a steadily glowing type, if preferred. If you want to make the circuit switch 
the LED on at a different ambient light level, adjust VR1. 


Construction 


The prototype was made on an eight-tag tagboard (Figure 2). The resistors 
R1 and R2 can be laid on the tagboard for soldering, the rest of the 
components lying above or to the side of the board. Check the circuit after 
you have soldered everything on, then connect the battery. The LED should 
flash if you put your hand over the LDR, and VR1 can be adjusted to vary 
the point at which the LED lights. The project can be housed in a small 
plastic box with holes provided for the LDR and LED and an on/off switch 
if you want one. 


Parts list 





Resistors: all 0.25 ohm, 5% tolerance 
R1 220 ohms (Q) 
R2 1 kilohm (kQ) 
VRI1 22 kilohms (kQ) linear pre-set 


Semiconductors 
LDR ORP12 
TR1 2N3053 npn 
LED1 Flashing LED 


Additional items 
Plastic box 
Tagboard with 8 tags 
PP3 battery connector 
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43 A J-pole aerial for 50 MHz 


Introduction 


For FM communication (i.e. voice and data) on the VHF bands, a vertical 
aerial is used to give all-round (non-directional) coverage. This is a half- 


wave aerial which can be fed at the end, thus removing the principal 
problem with the conventional vertical centre-fed half-wave dipole, which 
is that the feeder should leave the dipole at right angles. This is no problem 
when the dipole is horizontal, but can be difficult for the vertical dipole. 





Basic facts 


A feeder must be connected to an aerial at a point where the impedance 
(AC ‘resistance’) of the aerial closely matches that of the feeder. The 
difference between the two impedances gives rise to the voltage standing- 
wave ratio (VSWR), which is unity only when the two impedances are the 
same. With 50 Q feeders, the feed point of a half-wave aerial is at the centre, 
where the aerial impedance is around the same value. At the end of a half- 
wave aerial, the impedance is high, so it is not a suitable point to connect a 
50 O, feeder. 


Connection at this point can be effected using an RF transformer. RF 
transformers act in the same way as ordinary transformers, except that they 
are much smaller, and usually comprise wires of particular lengths adjacent 
to each other. Figure 1 is a good starting point. It shows the aerial in its 
diagrammatic form. Notice that the aerial is in the form of an elongated 
letter ‘J’; this shape gives rise to its nickname — the J-pole. The quarter-wave 
RF transformer is the lower ‘U’ section below the half-wave element. At the 
bottom of the U section, the impedance is zero (this may become clearer 
later) and at the top of the U section it is high, thus matching the aerial 
impedance. The coaxial feeder cable is connected part-way up the U section, 
where the impedance is around 50 2. 


The practicalities 


Figure 2 shows the aerial as constructed. As it is about 4.5 metres high, it 
may be too high for the average house loft, but is ideal for mounting 
outside, supported by a non-metallic pole or hung from a tree branch. The 
upper half-wave section is made from 1.5mm insulated copper wire, as 
used in domestic mains wiring. The quarter-wave transformer below the 
half-wave section is made from 300 2 balanced line (‘ribbon cable’). The 
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Figure 1 Overall dimensions 
of the 6 metre J-antenna 


150 


300cm 


145¢m 


45cm 


wires at the bottom of the transformer section are stripped of their 
insulation, twisted and soldered. At the upper end, only one wire of the 
balanced line is soldered to the bottom of the half-wave section. The other 
wire of the pair is not connected and is left insulated. 


At the feed point of the transformer, the insulation needs to be carefully 
stripped from the balanced line. You will need a standing-wave meter (VSWR 
meter) in the coaxial line between your transmitter and the aerial, and you 
will need to adjust the position of the feed point. 45 cm from the bottom was 
the best point on the prototype, but this position is dependent upon the 
immediate surroundings of the aerial, and must be done when the aerial is in 
its final operating position. Warning: Never make adjustments to the feed 
point when the transmitter is on. Make a VSWR measurement, switch off, 
move the feed point, switch on again, make another measurement, and so on. 
You will need to aim for the lowest VSWR you can — certainly better than 2:1. 
Having found the best position, wrap all the exposed wires with self- 
amalgamating tape, to seal them against the ingress of moisture. 


Figure 2 Construction 
details 


A J-pole aerial for 50 MHz 
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How it performs 


Figure 3 shows a computer prediction of how the J-pole radiates. It is 
called a polar diagram, and shows the distribution of your transmitted 
power when viewed ‘from the end of your garden’. Most of your signal is 
sent at a fairly small angle to the horizontal; very little signal goes upwards, 
which is a good thing, of course. This also shows why the J-pole (or any 
other vertical aerial) should not be called ‘omnidirectional’, which means 
it radiates in all directions. It is omnidirectional only in the horizontal 
plane. 
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Figure 3 This polar diagram 
computed for the J-pole 
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Safety 


Where you mount your aerial is a matter of personal preference and the 
restrictions of height and space, but the following safety rules must be 
applied. 


1. Never fix an aerial where it may come into contact with power lines or 
telephone lines. 

2. When climbing a ladder to put up an aerial outside, make sure the ladder 
is safe and that it is secured. 

3. Don’t do this alone. Preferably have someone with you. If this is not 
possible, make sure someone knows where you are. 


Parts list 





3.00 metres 1.5mm insulated copper wire 


1.50 metres 300 ohm balanced line 
As required 50 ohm coaxial cable 
As required Self-amalgamating tape 
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44 Measuring light intensity — 
the photometer 


Introduction 


Before the days of automatic ‘point-and-shoot’ cameras, a photographer 
would use a light meter or photometer to measure the light level, then 


manually convert this reading into shutter speed and lens aperture settings 
to ensure a correctly exposed negative. Modern cameras have quite 
sophisticated photometers, which control the shutter speed and _ iris 
settings automatically. 





A short explanation 


A simple photometer circuit is shown in Figure 1, and is based on a device 
called a light-dependent resistor, or LDR. As its name tells us, its 
resistance depends upon the amount of light falling on it. In bright light, 
the resistance is relatively low (about 1kQ), whereas in the dark, its 
resistance is very high (up to 10MQ). The cell is made from a 
semiconducting substance known as cadmium sulphide (CdS), and is 
enclosed in a small plastic container. The semiconductor is laid on a flat 
insulating surface in the form of a small flat ribbon. The ribbon 
construction gives a good area of surface for a given length of ribbon, and 
the length of the ribbon is maximised by laying it out in a zig-zag pattern. 
In the dark, CdS is an insulator; when light falls on it, electrons are 
released inside the CdS, making it conduct. The more light there is, the 
more electrons there are, and the resistance falls. 


©nrsGe oyiz2 YRI 
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Figure 1 Circuit diagram of | 
photometer PSV 


153 


Radio and Electronics Cookbook 


154 


The photometer circuit 


The circuit is simply a series connection of four things — the battery, the 
LDR, a variable resistor and a meter. A switch is also provided. The 
combination of the LDR resistance and that of VR1 determines the current 
flowing, which is indicated on the meter. Altering the resistance of VR1 sets 
the sensitivity of the photometer — you may want full-scale deflection of the 
meter needle for a bright light, or for a dim light. 


It is simple to make, and a plug-in type matrix board is ideal to test the 
circuit, so that you can decide if you want to make a permanent version. 
Connect all the components in series; the only change you may want to 
make is the connection to VR1. If you find that the sensitivity control seems 
to work ‘backwards’, simply unsolder the wire from the end tag of VR1 and 
solder it to the opposite end tag. Problem solved! 


In use 


As soon as you connect up the battery, you will probably have a meter 
reading because of the daylight falling on the LDR. Shading it with your 
hand should reduce the reading. If the meter needle is hard over against the 
end-stop, turn VR1 until it indicates about half-scale. The LDR is very 
sensitive, and will read zero only in a dark room. If you put on a torch to 
see what the meter reading is, the LDR will detect the torch light, and will 
give a reading! 


Here is a simple project where you can use the photometer in an experiment 
which has an analogy in radio. Draw a circle on a large (A3 or bigger) sheet 
of paper and divide it up into 30-degree sectors, as shown in Figure 2. Draw 
a series of smaller circles which divide the maximum radius into five. Look 
at the figure if you’re not sure about this. Bring the LDR away from the 
circuit by using two long, flexible wires. The experiment must be performed 
in a darkened room (preferably in total darkness). Prepare a table with two 
columns, the left-hand one headed ‘Angle (degrees)’ and the right-hand one 
‘Meter reading’. Fill in the left-hand column 0, 30, 60... and so on up to 
360°. 


Place the torch in the position shown, with its lens at the centre of the circle 
and pointing along the 0° line; switch it on. Place the LDR facing the torch 
and adjust VR1 until you have full-scale deflection of the meter needle. 
Suppose the meter indicates 10 units at this point. Enter this into your table 
in the 0° row. Keeping the torch the same distance from the circle centre, 
and pointing at it, move the LDR round all 30° positions and record the 
meter readings. Switch off the torch and take the sheet of paper and your 
tabulated results into daylight! 


Lay the large sheet of paper on a table with your results beside it; then, at 
each 30° interval, plot the point along the radius corresponding to the meter 


Figure 2 Torch light 
intensity pattern plotted at 
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reading. Then, join up all the points and you have what is called a polar 
diagram of light intensity. The use of the word ‘polar’ implies that the 
readings have been taken in a circle and plotted that way. 


Light waves and radio waves are both examples of electromagnetic 
radiation. The torch is designed to ‘beam’ its radiation in a particular 
direction, just like an aerial does. Hence the use of the word ‘beam’ for a 
directional aerial. If a similar polar diagram is drawn for a Yagi-type 
aerial, it will show the same general characteristics as does Figure 2, 
namely a main direction (or ‘lobe’) where most of the energy is 
concentrated, with evidence of sidelobes, indicated by ‘lumps’ on the 
otherwise smooth main lobe. 


Also in this book you will find a project for the construction of a UHF field- 
strength meter, which you could use to carry out a measurement of the polar 
diagram of a UHF aerial. 
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Parts list 





Resistor 
VRI1 50 kilohms (kQ) linear 


Semiconductor 
LDR1 ORP12 


Additional items 
Meter, 50 or 100 pA 
Battery clip for single AA cell 
AA cell 





45 A 70cm Quad loop aerial 


Introduction 


This is a description of how to make an aerial for the 70 cm band which has 


gain compared with the ‘rubber duck’ or the dipole aerial. It can easily be 
dismantled and reassembled, making it ideal for contest use. 





The principles 


Most aerials which comprise several similar elements arranged along a 
boom are variations of the design originated by Yagi and Uda, and which 
takes the name (for historical reasons) of the former, and is know as the Yagi 
array. Let us suppose we have a Yagi aerial beaming left to right in front of 
us. The elements get progressively shorter from the left (look at almost any 
TV aerial to see this). All the elements on a Yagi aerial are classified as 
follows: 


@ The reflector — the leftmost element as we look at the array. It is the 
longest. Next to it is: 

@ The driven element — this is the element connected to the feeder, which in 
turn runs down to the transceiver. It is slightly shorter than the reflector. 

@ Allthe elements beyond the driven element are called parasitic elements, or 
directors. They are shorter than the driven element and usually get pro- 
gressively shorter as we progress to the right along the boom. The directors 
are mainly responsible for the directivity (or beamwidth) of the array. 


A 70cm Quad loop aerial 


The progression from a simple dipole (a driven element in isolation) to a 
Yagi array is simple, but is nevertheless important. To make an aerial of two 
elements, a reflector (mot a director) is added to the driven element. For 
three or more elements, directors are added to the two-element design. 
Adding more and more directors soon becomes impractical, the reduction in 
beamwidth (such as it is) does not warrant the extra expense, weight and 
wind resistance that is incurred. 


Instead of using linear (straight) elements, as in the generic Yagi, this design 
uses loops. Designs using squares of wire instead of loops are known as 
Quad aerials, and HF designs require large X-shape frames to support the 
large squares of wire. At 70cm, however, the use of wire loops is easier, and 
they are self-supporting. 


Construction 


This is quite simple. Any type of material (metal, plastic, wood) can be used 
for the boom (the support for the elements) and for the mast. The elements 
are made from 14 SWG enamelled copper wire. 16 SWG hard-drawn aerial 
wire, which is not enamelled, has also been used with success. Thinner wire 
might result in a rather ‘floppy’ aerial! The separate parts of the aerial are 
held together with jubilee clips (hose clips). 


The driven element is secured to the boom with a jubilee clip and a three- 
connector plastic connector block as shown in detail in Figure 1, and in the 
photograph. Cut the wire for the driven element 70mm longer than the 
700 mm indicated in Figure 1. Then, using sandpaper, remove the enamel 
from one end to a distance of 20mm, and from the other to a distance of 
50mm. After forming the loop of the driven element, bend both stripped 
ends through 90°, and insert them into the first to holes of the plastic 
connector block (Figure 1). Do not tighten the screws yet. Push both ends 
into the block as far as they will go, then bend the 50 mm end back on itself 
and pull the ends back through the connector block so that the end you have 
just bent goes into the third hole in the block. Now tighten the screws in the 
block and in the jubilee clip. 


Each director and the reflector should be made 40mm longer than the 
circumferences shown in Figure 1. Strip the enamel, as before, from the last 
20mm at each end. Form the wire into the loop, slip the ends under the 
jubilee clip (Figure 1) and tighten it. You may find that it helps to solder the 
stripped ends together before securing the jubilee clip. 


The boom is fixed to the mast using jubilee clips and wire, as shown in 
Figure 1. Solder the feeder cable to the driven element, with the braid 
soldered to the end of the driven element which is connected to the boom 
(this applies to metal booms; with plastic or wooden designs, the feeder 
connections are not critical). 


157 


Radio and Electronics Cookbook 





ia 180 180 Gases ove 
mm mm mm 
Driven 
element 


Reflector Director 1 Director 2 











Wire dimensions reter 
to the circumterence 
of the elaments 


Jubilee Connector 
i Jubilee 


Boom clip 


Sti11 copper 

or sleel wire 
tone each side of boom) 
Wire 
element Boom 





Coax 


Element to boom detall Element to boom join detail 





Boom to mast connector detail 


Figure 1 70 cm 4 element quad construction, with detail of how hose clamps are used in the construction 


You will need a plug on the shack end of your feeder to suit the transceiver, 
aerial tuning unit (ATU) or the standing-wave meter (SWM) you are using. 
Always connect these in the order: transceiver - SWM — ATU - aerial. 


Testing 


Always test aerials outside and away from buildings (if possible!). This 
avoids getting misleading results. 


Use a rubber duck, or whatever aerial you usually use, and tune around to 
find a repeater or beacon signal which is consistent. Note the reading on the 
S-meter. Then, connect your new Quad loop. Rotate it to give the strongest 
S-meter reading (don’t forget it is directional). Verify that the meter reading 
varies as you rotate it. How does the S-meter reading compare with the 
original reading? Much depends on the siting of your original aerial; if you 
are comparing your Quad loop at ground level with a vertical on the 
chimney, you wouldn’t expect your new aerial, even with its gain, to 
outperform a vertical which is well elevated! 
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Now a test on transmit is called for. The use of an SWR meter is essential 
here. Find a clear frequency and check that it really is clear before 
announcing your presence and carrying out the test. A reading of 1:1 is 
excellent, but any value less than about 1.8:1 would be acceptable. You can 
measure the directivity of your aerial using the field strength meter, also 
described in this series. 


Materials 





4 metres of 14 SWG enamelled copper wire 
Material for boom and mast 

15 amp connector block 

7 Jubilee clips 


The enamelled copper wire is available from AA&A Ltd, Sycamore 
House, Northwood, Wem, Shropshire SY4 SNN. Everything else is 
available from most hardware stores. 
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46 A UHF field strength meter 


Introduction 


It is always interesting, and often useful, to know just where the radiation 
is going from your aerial. How much of your radiated energy is going in the 
general direction of the station you are in contact with, and how much is 
being effectively wasted? Some of these questions can be answered with 


the use of a field strength meter. A field strength meter is simply a receiver, 
stripped down to its bare essentials, such that it responds only to the 
magnitude of the carrier. The use of a field strength meter assumes that the 
aerial under test is radiating a continuous carrier. Don’t forget to find a 
clear frequency and identify your transmissions at least every quarter-hour, 
in order to comply with the terms of your licence. 





Description 


Two types of field strength meter are shown in Figure 1. You will 
recognise both circuits (Figure 1b particularly) as being types of ‘crystal 
set’ with a meter replacing the headphones. Figure 1a is a broad-band HF 
design (there is no tuning provision) and Figure 1b is tuned in the same 
way as the crystal set; with a loop of wire as an aerial, it will perform well 
in the VHF/UHF range. 





Figure 1 Construction of the 
UHF field strength meter (a) 


A tuned field strength meter also doubles as an absorption wavemeter if it 
is well calibrated. Such devices are useful for detecting transmitter 
harmonics also. This design is intended for use in the UHF band, so it will 
have to be sensitive around 432 MHz. 
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Figure 2 Assembly of the 
field strength meter 


A UHF field strength meter 


Construction 


The field strength meter comprises a loop of wire, 600 mm long, which acts 
both as aerial and as the tuning inductance, a diode, a capacitor, a connector 
block, a meter and a length of twin wire. All the components, with the 
exception of the meter, are fixed to a pole with a jubilee clip, as shown in 
Figure 2. The meter should have a sensitivity of between 50 wA and 100 pA, 
or a multimeter can be used. The multimeter is more flexible, as you can 
select different current ranges, giving you a range of sensitivities. 


Using the field strength meter 


Connect your meter to the ends of the twin wire from the pole. Place a hand- 
held transceiver about 2 metres away, and press Transmit. If there is no 
meter reading switch off the transmitter and check the wiring. If the needle 
attempts to go negative, simply reverse the wires to the meter. If the reading 
is too high, either move the transmitter further away, or increase the current 
range on the multimeter. Try changing the orientation of the transmitter 
aerial, and note how the signal varies. 
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To measure the polar diagram (a graph of the signal strength against the 
angle between the aerial boom and the field strength meter, plotted on polar 
axes) of a beam aerial, mount the loop as far away from the aerial as you 
can, preferably at the same height, and rotate the aerial, say 15 degrees at 
a time, and record the signal strength, until the aerial has been turned 
through 360 degrees. If you need help plotting the graph, enlist the help of 
a friend who has done it before, or one who knows about polar graphs! If 
you have already built the Photometer project, you will have measured and 
plotted the polar diagram of the light intensity from a torch. Now you will 
see the great similarity! 


Parts list 





Capacitor 100 picofarads (pF) 

Diode Germanium, OA79 or OA91 

Connector block 10 A, 3-way 

Wire 600 mm of 16 SWG enamelled copper 
Length of twin cable for meter connection 

Clip Jubilee (hose) clip 





47 Christmas tree LEDs 


Introduction 


A novelty ideal for the festive season, this circuit causes one LED at a time 
to light up around a small cardboard Christmas tree. 





Warning 


This circuit uses members of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
and can be completed destroyed if they come into contact with the 
magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
destruction has happened - all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 
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1. Before you open the little packet in which each IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains-earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 

3. Repeat the process with the second IC. 


The circuit is safe from destruction while it is connected to the battery. 
However, when the battery is removed, the same care should be exercised 
with its handling, because there are no supply decoupling capacitors across 
each IC. 


Description 


Figure 1 shows the layout, and how the wires are connected from the circuit 
board to the LEDs around the tree. The circuit, shown in Figure 2, is quite 
complicated, so you need to be confident in your logical approach to circuit- 
building before you attempt this one! It uses two common integrated 
circuits (ICs). IC1 is simply an oscillator which provides timing pulses for 
IC2, which ‘counts’ up to a maximum of 10. The outputs of the counter are 
indicated by light-emitting diodes (LEDs); red, orange, yellow and green are 
common colours which you can use. 


The circuit is built on a single piece of Veroboard measuring 29 holes by 12 
strips. Be aware that there is no strip labelled ‘I’, so don’t make mistakes in 
your counting! 


First of all, cut the tracks in the positions shown in Figure 1 using a 3mm 
(% inch) twist drill rotated between thumb and forefinger. Then, solder in 
the IC sockets, the notches facing row M. Wire up and solder in the links 
and then the Veropins for the connections to the LEDs and battery. Having 
done this, the resistors and the capacitor should be fitted. When wiring the 
LEDs, each cathode (the lead adjacent to the ‘flat’? on the LED encapsula- 
tion) is connected to R4, and the anodes go to separate pins on IC2. 


Testing 


Hold up your circuit board to the light and check carefully for solder 
bridges between adjacent tracks. Then check again that the wiring is correct. 
Place the ICs in their holders, with the notched ends lining up with those on 
the holders. Connect the battery, and the LEDs should illuminate in 
sequence. 


If you have no success, you are now wishing you had checked the circuit 
more carefully! Learn something from your mistake and it will not have 


163 


Radio and Electronics Cookbook 


0000000 





020.0 
ve | 7 coe] eoveece 
PoaooosoooadodAo coos oo s$GGoavo0n 





+e Component side of board shown @ =Pin 
. ose = 
Figure 1 Christmas tree, : eae 
component layout @©nrsex pv137 = Cut in copper track 


L_] a 
43 20 1098 


Figure 2 Christmas tree, 
circuit diagram 0602 010307 





164 


Christmas tree LEDs 


been in vain! The first thing to check is that the LEDs are the correct way 
round. If that is OK, then check the positions where the tracks are broken 
(intentionally!). After that, are the wire links in the right places — had you 
forgotten there is no row ‘I’? Check all the wiring, then check again for 
solder bridges, and switch on again. One of these tests should have revealed 
a fault. If it still refuses to work, perhaps one (or both) of your ICs were 
damaged by static electricity, despite your precautions — or did you choose 
to ignore them? 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
680 kilohms (kQ) 
10 kilohms (kQ) 
470 ohms (Q) 


Capacitor 
C1 0.47 microfarad (uF) min. metallised polyester film 


Semiconductors 
IC1 4011 
IC2 4017 


Additional Items 
D1-D7 5mm LEDs in choice of colours 
14-pin DIL socket for IC1 
16-pin DIL socket for IC2 
PP3 battery clip and battery 
Veroboard, Veropins 
Insulated wire for links 
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48 An audio signal injector 


Introduction 


An audio signal injector is a device used to test audio frequency circuits. It 
is simply an oscillator running at a frequency in the audio range, so that 


when its output is fed to the input of an amplifier, it will produce a sound 
in the loudspeaker if the amplifier is working. The oscillation is so rich in 
harmonics that the signal can also be heard (sounding rather different) 
when injected into an RF circuit. 





The design 


The circuit is shown in Figure 1, and is a basic astable multivibrator, a free- 
running oscillator producing a roughly rectangular-wave output. The two 
transistors, TR1 and TR2, operating as switches, switch on and off 
alternately at a frequency around 500 Hz. The prototype was constructed 
on plain matrix board (no copper strips), as illustrated in Figure 2. 


Both transistors are type BC108, which are only a few pence each new, and 
can be found at almost any rally. You can add an on/off switch, or simply 
disconnect the battery when you are finished using it. To make the unit in 
one piece, the battery can be taped to the board, as the diagram shows. 


The probe itself is made from a short piece of stiff insulated wire, soldered 
to a tag on the board; an earth lead is also soldered to the board, and 
terminated in a crocodile clip to attach to the ground lead of the equipment 
under test. 





Figure 1 Circuit diagram of 
the signal injector 
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Figure 2 Component layout of the signal injector 


° ° 

Using it 

After checking the wiring of the circuit, connect the battery. Find a transistor 
radio that is known to work. Carefully remove the case, switch on and apply 
the probe to the centre tag of the volume control. A very loud buzz should be 
heard from the speaker, indicating that the audio circuits of the radio are 
working. Using the injector to fault-find equipment you have made yourself is 
rather more instructive and rewarding, because you know where to inject the 
signal, and you should know what to expect when you do. 


Warning 


Do not work on any equipment connected to the AC mains. Work only on 
battery-powered circuits, for your own safety. 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1, R4 10 kilohms (kQ) 
R2, R3 330 kilohms (kQ) 
Capacitors 


C1, C2, C3 10 nanofarads (nF) or 0.01 microfarad (wF) ceramic 
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Semiconductors 
TR1, TR2 BC108 


Additional items 
PP3 battery and connector 
Matrix board 10cm by 3cm 
6BA solder tags 
Thick insulated wire for probe 
Crocodile clip 





49 Standing waves 


Introduction 


Everyone has, or should have, a standing-wave ratio (SWR) meter as part of 


his/her array of test gear. Most people know how to use it, but what does 
it really do? 





Before attempting to answer that question, we need to look at some aerial 
fundamentals. An aerial is a transducer, the word meaning ‘to lead across’. 
We use it whenever one form of energy is converted into another form. A 
bulb is a transducer; it converts electrical energy in the filament to radiated 
heat and light energy. Figure 1 shows the situation. 


An aerial, or antenna, is also a transducer; it converts radio-frequency (RF) 
energy in the feeder (or transmission line, to give it its proper name) into 
radiated electromagnetic energy, in the manner shown in Figure 2. The 
aerial has resistance, just like the bulb filament, and if the filament had zero 
resistance, there would be no radiated energy. In the same way, if the aerial 
had no resistance, there would be no radiation from it. 


Transmission lines should convey RF energy from transmitter to aerial with 
the minimum power loss. A common form of transmission line is the coaxial 
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Figure 1 The light bulb 
converts electrical energy to 
electromagnetic light energy 


Figure 2 The antenna 
converts RF current to 
electromagnetic radio waves 
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cable. As you might expect, any feeder cable has a DC resistance caused by 
the resistance of the copper wire from which it is made. It also has an AC 
resistance, caused by the capacitance between the centre conductor and the 
braid, and by the inductance of the cable itself. This means that the feeder 
has an impedance, which is constant for the particular type of cable. This is 
what we call the characteristic impedance and, for the cables used in most 
amateur radio applications, it is 50 0. 


If this impedance can be made the same as that of the aerial (it is already the 
same as the impedance of the transmitter output), then the transfer of 
energy will occur with minimum loss. If the aerial and cable impedances are 
not the same, then there is a mismatch, which causes some of the RF energy 
to be reflected back towards the transmitter. We now have a situation where 
RF energy is flowing along the cable from the transmitter to the aerial (the 
forward wave) and, at the same time, flowing from the aerial to the 
transmitter (the reflected wave). The two waves interact along the cable and 
form a stationary pattern of voltage and current. The pattern is known as a 
standing wave, and can be visualised from the waveforms in Figure 3. The 
ratio of the maximum voltage to the minimum voltage on a given wave 
defines the voltage standing-wave ratio (VSWR), or just standing-wave ratio 
(SWR) for short. 


The SWR meter is easy to use. It is positioned in the feeder between the 
transmitter and the aerial tuning unit (ATU) if there is one, or between the 
transmitter at the aerial otherwise. Most meters have a single meter and a 
four-position switch. The transmitter is first keyed and, with the switch in 
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Figure 3 Standing waves on 
a transmission line 
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the ‘calibrate’ position, the sensitivity control is adjusted to give full-scale 
deflection on the meter. The switch is then changed to ‘forward’ to read the 
forward power, to ‘reflected’ to read the reflected power, and to ‘SWR’ to 
read the value of the standing-wave ratio. When there is no reflection (see 
Figure 3), the meter should read 1:1 or, simply, 1. 


Most SWR meters remain in the feeder line while the transmitter is 
operating, so the condition of the aerial and feeder can be constantly 
monitored. Problems with the aerial (such as water entering the feeder at its 
junction with the driven element) are immediately shown up. Without the 
use of the SWR meter, the situation would slowly deteriorate over several 
months and you would be left wondering why so few stations were 
answering your calls! 


50 A standing-wave indicator 
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for HF 


Introduction 


The standing-wave ratio (SWR) meter shows how well the aerial system, 
including the feeder, is matched to the output of the transmitter. This 


design does not measure SWR, but it gives an indication of when the SWR 
is minimum for a given system of aerial and feeder. The design is usable on 
the HF bands from 1.8 to 28 MHz, and can be used at 50 MHz with reduced 
sensitivity. 





Figure 1 Circuit diagram of 
the SWR meter 


A standing-wave indicator for HF 


How it works 


There are two types of wave in any feeder: the forward wave, which travels 
from the transmitter to the aerial; the reflected wave, which travels back to 
the transmitter from the aerial. The presence of a reflected wave is evidence 
that some of your transmitted power is not being radiated, but is being 
returned to the transmitter to be lost as excess heat. When aerial and feeder 
are perfectly matched, there is o reflected wave, and all the power from the 
transmitter is radiated. 


Referring to the circuit of Figure 1, a tiny fraction of the signal is removed 
by the transformer, T1, and by the capacitors, VC1 and C1. It is then 
detected by the germanium diodes, D1 and D2, and any residual RF 
removed by the capacitors, C2 and C3. The currents through the diode and 
meter (depending on the position of switch, $1) represent the forward and 
reflected signals. VR1 acts as a sensitivity control for the meter. 


It pays to shop around for a suitable meter. Surplus types from tape 
recorders and hi-fi equipment are usually ideal for this purpose. A new one 
would cost several pounds. The more sensitive the meter, the more sensitive 
your indicator will be. Meter sensitivity is given by the current required to 
give full-scale deflection (FSD) of the pointer. One with an FSD of between 
50 and 200 micro-amps (A) is suitable for this circuit. The higher the FSD, 
the less sensitive the circuit. 


Construction 


The meter circuit and the sampling transformer (see Figure 2) are built and 
mounted on Veroboard of the copper-strip variety. It simplifies construction 


To 
Transmitter To aerial 
SK2 SK2 
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Figure 2 Component layout 
of the SWR meter 
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but reduces the operational range of the meter to below 30 MHz because of 
the capacitive coupling between strips. The board has 13 strips by 30 holes, 
although you can reduce this if you have a smaller case. 


Firstly, cut the tracks at the three points shown. Then insert and solder 
Veropins for connections to the external components, the switch, variable 
resistor and the meter. Solder in the components starting with the resistors 
and followed by the capacitors and the diodes, ensuring that the diodes are 
inserted correctly. 


Now you have to wind the transformer, T1, on a small toroidal ferrite core. 
Wind the secondary with 15 turns of 36 SWG enamelled copper wire, 
spaced evenly over about two-thirds of the former. The turns should not 
overlap, and considerable care must be taken; the wire is very thin, will kink 
easily and will break if you apply too much tension. The ‘primary’ is an 8 cm 
length of 50 0 coaxial cable which passes through the toroid on its way 
between the input and output connectors. The braid of the cable is 
connected to the case at only one of the connectors (see Figure 1); this 
prevents the screen and the metal case between the two sockets forming a 
single, shorted turn. 


The ends of the secondary winding must be carefully stripped of their 
enamel with sandpaper, before attaching the toroid to the board with cotton 
or nylon fishing line. On no account must wire be used for this! 


Solder the secondary connections of T1 to the board and thread through the 
coaxial cable ready for soldering to the connectors. 


A standing-wave indicator for HF 


The case used was an aluminium box (Maplin LF02C), but any suitable 
metal box could be used. Aluminium is preferable, as it is easily drilled with 
simple tools. Use standoff insulators to mount the board in the case. Once 
this has been done, the leads from the board to the chassis-mounted 
components can be soldered. So can the coaxial cable passing through the 
toroid. Make the lead from the input socket to VC1 as short as possible. 


Setting up 


You will need a 50 O dummy load and a transmitter to set up your indicator. 
Connect the transmitter to SK1 and the dummy load to SK2. Set the toggle 
switch, $1, to forward and the sensitivity control, VR1, to mid-travel. 
Switch on the transmitter, and set VR1 for maximum meter deflection. 
Switch to reflected and adjust VC1 until the reading is minimum (ideally 
zero). This completes the setting up! 


Using the indicator 


For setting up an aerial, connect your circuit between the transmitter and 
the cable leading to the aerial. With S1 in the forward position, key the 
transmitter and adjust VR1 for maximum reading on the meter. Switch to 
reflected, and then adjust your ATU to give minimum reflected power. If 
your adjustments are to be made to the aerial itself, to give minimum 
reflected power, you must make a note of the reflected reading, switch off 
the transmitter, make a change to the aerial, key the transmitter, and note 
whether the reflected power is greater or less than before. Then, make more 
changes to the aerial. Never adjust your aerial with the transmitter on. 
Make your adjustments on an unused frequency, and do it as quickly as 
possible, thus avoiding (or minimising) interference to other stations. 





Parts list 





Resistors: all 0.25 watt, carbon 5% tolerance 
(or Maplin 0.6 watt metal film) 
R1,R2 27 ohms (9) 


R3 2.2 kilohms (kQ) 
VRI 10 kilohms (kQ) linear 

Capacitors 
Cl 220 picofarad (pF) disc ceramic 50 VDC 
C2, C3 0.1 microfarad (wF) disc ceramic 50 VDC 
vcl 20 picofarad (pF) trimmer 
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Semiconductors 
D1, D2 OA91 germanium 


Additional items 

S1 Single-pole changeover (SPDT or SPCO) 

SK1, Sk2 Coaxial sockets to suit station standards 
Veroboard — 13 strips by 30 holes 
Veropins (7 off) 
Amidon FT 50-43 ferrite toroid 
Meter, less than 200 pA FSD 
36 SWG enamelled copper wire 
Short length of UR43 or RG58 coaxial cable 
Insulated stranded wire 
Aluminium box 
Standoff insulators for mounting the board 
Knob for the sensitivity control 





51 A moisture meter 


Introduction 


Dry rot (Merulius Lacrymans) can strike havoc in buildings, causing the 


timbers to decay and crumble to dust — hence the term dry rot. Wood is 
attacked only if its moisture content rises above 20%. 





Construction 


The circuit of the moisture meter is shown in Figure 1. The two probes 
touch the wood, and the current that flows between them depends on the 
moisture content of the wood. If the moisture is sufficiently high, the 
current, after amplification, will be enough to light the LED. 


The meter can be made on a piece of plain matrix board (no copper strips), 
as Figure 2 shows. The board is big enough (10cm by 2.5cm) to 
accommodate the PP3 battery, taped on. No case is needed, unless you want 


A moisture meter 
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to leave the meter in a damp location for a protracted period! Make sure 
that the transistors and LED are mounted correctly. In Figure 2, the 
connections as shown to TR1 and TR2 are illustrated as if the transistors 
were transparent. An on/off switch is not really necessary, as only a very 
small current flows when the probes do not touch anything. Use solder tags, 
screwed to the board, to act as probes. 


After the assembly is completed, check your circuit one final time, and then 
connect the battery. Nothing should happen at first. If you lick your 
forefinger and hold it across the probes, the LED should light. 
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° ° 
Using it 
The prototype was compared with a commercial moisture meter, and the 
LED lit when the moisture was around 20%. This was quite fortuitous, as 


the point at which the LED lights depends both on the separation of the 
probes and on the gain of the two transistors. 


In addition to searching for dry rot, the instrument may be used to monitor 
the moisture in the soil of household plants. In this case, probes made of 16 
SWG copper (mot enamelled) should be soldered on to the two tags, and 
should penetrate the soil to a depth of several centimetres, and R1 may 
require adjusting so that the LED extinguishes if the soil is too dry, and 
lights if the soil is sufficiently moist. If you wanted to leave the meter with 
the probes in the soil, an on/off switch would be necessary. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 100 kilohms (kQ) 
R2 15 kilohms (kQ) 
R3 180 ohms (Q) 


Capacitor 
C1 0.1 microfarad (wF) polyester 


Semiconductors 
TR1, TR2 BC108 
LED Any shape or colour will do 


Additional items 
PP3 battery and connector 
Solder tags (2 off) for probes 
Matrix board 10cm by 2.5 cm 
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52 Simple aerials 


Introduction 


The performance of any receiver or transceiver, no matter how expensive it 
is, is limited by the aerial that feeds it. Two of the most frequently asked 
questions are: 


@ Which is the best sort of aerial to use? 
@ Where is the best place to locate an amateur radio aerial? 


To answer these questions, you must ask yourself what sort of operation 
you want to do. Are you interested in local, chatty contacts on the lower 
bands or VHF, or are you more disposed towards long-distance (DX) 
contacts, and on what band? 


A house with a moderately sized garden is assumed in the diagrams here, 
to illustrate the configurations of some simple aerials. You would not need 
all these aerials festooned around your house, because one or two would 
be sufficient for your needs. The problems incurred by properties with 
more restricted space will be covered later. 





VHF aerials 


For VHF operation, the aerial should be mounted as high as possible, either 
on a mast or on a chimney. For all-round coverage on FM and the local 
repeaters, a vertical colinear is a good choice. For SSB and CW DX operation, 
a horizontal rotatable beam is needed. If satellite working is envisaged, you 
will need to contemplate mounting an elevator on top of your rotator, so that 
your beam can point in any direction, including vertically upwards! An 
advantage of satellite working is that the aerials do not necessarily have to be 
up in the air, provided you have a relatively uncluttered site. Your rotator and 
elevator can be at ground level, which is good! 


If the VHF aerial is mounted on the chimney, use a double mounting 
bracket, particularly if you have a beam and rotator. Keep the TV, broadcast 
FM and amateur aerials as far apart as possible, and keeping the feeders 
separated is also a good plan. 


The dipole aerial 


One of the simplest types of aerial for single-band operation is the half-wave 
dipole. (The name ‘dipole’ simply means ‘two poles’ or ‘two elements’, and 
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Figure 1 Layout for a dipole 
aerial 
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in this case the total length of the dipole is approximately half a wavelength 
at the operating frequency.) It is usually fed in the centre by coaxial cable as 
shown in Figure 1. The length of the dipole for the lowest frequency in each 
band is shown in Table 1. Normally, the length of the aerial will be 
‘trimmed’ to be tuned to the centre frequency of the part of the band in 
which you will operate. This is done using the data in the right-hand column 
of Table 1. As an example, suppose you wanted your aerial to be resonant 
at 3.7MHz. The table gives an overall dipole length of 42.86m for 
3.5 MHz. To resonate the aerial 200 kHz higher, then this length must be 
shortened by 2 x 0.595m = 1.190m. Your dipole would thus be 41.67m 
long. Remember to allow extra wire for fixing the dipole ends to the 
insulators. 


Table 1 Dipole lengths for lowest frequency of each band and the length to be 
trimmed from each to raise the resonant frequency by 100 kHz 





Band Dipole length Trim each end 
(MHz) (m) (mm/10 kHz) 
1.8 83.33 2190 
3.5 42.86 595 
7 21.43 150 
10 14.85 70 
14 10.71 35 
18 8.33 20 
21 7.14 15 
24 6.03 12 
28 5.36 10 
50 3.00 6 


Figure 2 Possible layout for 
a dipole aerial in a confined 
space 


Figure 3 Multi-band dipole 
aerial 
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On the lower-frequency bands, the lengths become rather large. In this case, 
you can ‘bend’ your dipole, as illustrated in Figure 2. The length of wire 
required to give an acceptable value of SWR (less than 2:1 on transmit) may 
need to be different from the calculated value, so be prepared to 
experiment! 


Dipoles are single-band aerials, although they will often work acceptably on 
the third harmonic of their design frequency: a 7 MHz dipole often operates 
reasonably well on 21 MHz. It is possible to operate several dipoles in 
parallel, as Figure 3 shows. Interaction between the elements can occur if 
the spacing between them is less than about 10cm. A multi-band dipole, as 
shown in Figure 3, has the elements separated with plastic spacers, and 
drooping ends to produce maximum spacing between the elements’ ends. 
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The long-wire aerial 


This aerial is simple, cheap, easy to erect, and suits most houses and 
gardens, as Figure 4 shows. Using an aerial tuning unit (ATU), an end-fed 
long wire can function on several bands when used with a set of radials or 
a counterpoise. Figure 5 illustrates the setup. The length of the aerial will 
determine the bands which will be covered. 
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Figure 4 Long-wire or 
inverted-L aerial 


Figure 5 How to connect a 
radio to a long-wire aerial 
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Long wire 
antenna 





Y%-wave counterpoise 
wires tor each band 


A wire length of 10.5 m will work on the 40, 30, 17, 15 and 12 m bands. 


A wire length of 15.5m will work (with an ATU) on the 80, 40, 20 and 
12m bands and possibly (depending on your ATU) on the 17 and 15m 
bands. 


A wire length of 26.5 m will operate on all bands, but may be difficult to 
load on 10m. 


The wire lengths given here may need some adjustment because of the 
geometry of your particular house and garden. For receive-only purposes, 
the lengths are far less critical. 


In general, you cannot get a good radio-frequency (RF) earth from a first- 
floor (or higher) shack. Unless a good RF earth exists within a small fraction 
of a wavelength of the transceiver, an artificial ground comprising a single 
} radial or counterpoise will be needed. You will need one counterpoise for 
each band you intend to use, and the wire can be concealed around the 
skirting-board of the shack, or under the carpet. Make sure that the free end 


Simple aerials 


Table 2 Lengths of elements for vertical antennas, radials for 
verticals and counter-poises for end-fed long wire antennas 





Band Element length 
(MHz) (m) 
1.8 39.66 
3.5 20.40 
7 10.20 
10 7.14 
14 5.1 
18 3.96 
21 3.4 
24 2.95 
28 2.55 





of each counterpoise is well insulated; this point can carry a very high 
voltage when you transmit; anyone coming into contact with this can suffer 
very severe RF burns. Counterpoise lengths can be read from Table 2. 


The vertical aerial 


The single-band vertical aerial is sometimes used by DX operators because 
it has a low angle of radiation, which favours long-distance propagation. 
However, it must be sited clear of obstructions and must have a good 
counterpoise or radial system. Illustrations of the vertical aerial are shown, 
and the lengths of the vertical and radial sections are given in Table 2. The 
centre of the coaxial feeder is connected to the vertical section, and the braid 
to the counterpoise or radial system, which is made up of four or more wires 
buried just below the surface and joined together near the base of the 
aerial. 


Cable entry to the house 


Bringing coaxial cable into the house by an open window must be regarded 
as a temporary measure. Wooden window frames can be drilled, one hole 
for each feeder. Make the holes slope downwards from inside to out to 
prevent rain entering, and treat these with wood preservative. Leads from 
long-wire and inverted-L aerials should be kept separate from other 
cables. 


Alternatively, a plastic pipe large enough to take all your feeders could be 
fitted into the brickwork (again, sloping downwards towards the outside). 
You may want to let a friendly builder do this for you. 


181 


Radio and Electronics Cookbook 


53 A breadboard 80 m CW 
transmitter 


Introduction 


In the early days of radio, many circuits were built on a wooden baseboard, 
the parts being screwed down on the board. This was called breadboard 
construction, because it was a breadboard that was frequently com- 
mandeered for the process! Wives have always been generous in this 
respect, it appears! 


This circuit was originally designed by GM30XX, and became known as the 
Oner, because it was built on a circuit board one inch square! The circuit 
appeared in the G QRP Club journal Sprat and, since that time, many 
hundreds of Oner circuits have been built and used on the air. It is a well- 
proven circuit. 


The transmitter has no tuned circuits in the power amplifier (PA) and thus 
has a rather high harmonic content. It must be used with the low-pass filter 
described elsewhere in this book. Without the low-pass filter, interference 
will be caused to other stations. 


Simple aerial changeover switching is provided, which allows this circuit to 
be used with any of the 80 m receivers, such as the Colt, described in this 
book. It can also be used with any kit or commercial receiver for the 80 
metre band. 





The circuit 


The transmitter circuit is shown in Figure 1. TR1 is a crystal oscillator, the 
frequency of which is controlled by crystal X1. A small trimmer capacitor, 
TC1, is added to allow the frequency of X1 to be varied by a small amount. 
If adjustment of this trimmer is made possible from the front panel, it is 
useful to adjust the transmit frequency to avoid other stations already on the 
crystal frequency. The collector load resistor, R2, of the oscillator transistor, 
TR1, determines the power output; a value of 3.3 kO, seems to work well in 
producing an output of 3 watts. 


TR1 is directly coupled to TR3, a VMOS transistor (a type of field-effect 
transistor (FET)). This acts as the power amplifier (PA) stage. TR3 should 
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Figure 1 Circuit diagram of 
the breadboard transmitter 
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give about 3 W output, which is then coupled to the output by C3. The 
radio-frequency choke (RFC) providing the drain load of TR3 is simply a 
few turns of wire on a ferrite bead. 


TR2 is an interesting addition to the circuit. It is used as a switch to ‘key’ 
the PA, TR3. The transmitter could be built without TR2, just placing 
the Morse key between the top of the RFC and the 12 volt supply. Adding 
TR2 is helpful, because it means that one side of the Morse key can be 
grounded (always a good thing), and some degree of shaping of the 
output RF waveform is provided by R3 and C1. This makes the 
transmission sound a little better and reduces the possibility of spurious 
frequencies being generated and transmitted. TR2 is a pnp transistor; note 
that it is the emitter of this transistor which is connected to the positive 
side of the supply. 


Some form of changeover switching is needed for the aerial. A double-pole 
changeover toggle switch can be used. See the chapter on switches, later on 
in this book. One pole is used to switch the aerial between transmitter and 
receiver; the other pole is connected in the 12 volt supply line, and is labelled 
RECEIVE/TRANSMIT - NETTING. Its use will be described later. In this 
simple circuit, the PA cannot work when the key is open, because the key 
breaks its supply (via the RFC). When the key closes, TR2 switches on and 
applies the 12 volt supply to the top of the RFC. C2 is a decoupling 
capacitor, which prevents any residual RF signals at the top of the RFC 
reaching TR2. 
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Building 

The prototype was put together as follows. Take a piece of plain printed- 
circuit board (PCB) measuring 5 cm by 4cm. Then, witha new, sharp blade in 
a junior hacksaw, draw the blade horizontally across the surface of the copper 
in order to make a pattern of 6 squares along the 5cm side and 5 squares 
along the 4cm side. No more pressure should be applied than is necessary to 
cut through the copper! All the parts will be soldered on these pads in a form 
of surface-mount construction. To do this, each active pad (i.e. one that is 
going to have a component soldered to it) needs to be tinned. This means 
coating the pad’s surface with solder, and is carried out as follows. Place the 
hot tip of the soldering iron on to the pad, and hold it there for a second or so. 
Then, with the tip still in place, touch the end of your reel of solder on the pad, 
not the tip of the iron. The solder should flow evenly all over the pad, and you 
can remove the iron. The solder should solidify in a rounded, shiny blob! This 
provides a good surface for making soldered joints. 


To join component leads to the pads, cut each lead about 1 cm long, and then 
bend the last 2 mm at right angles to the rest of the lead. As you did before, tin 
the 2 mm length of each lead. Place the tinned portion on to the pad, and place 
the tip of your iron on the pad, close to the lead. The solder on the pad and on 
the lead will melt and run together; remove the iron and hold the component 
still until the solder solidifies. When the joint has cooled, give the lead a gentle 
tug to make sure you have a good joint (a good mechanical joint is usually a 
good electrical joint, too!). Each transistor straddles three pads, so the centre 
lead will need to be shorter than the other two. Take care here to get the lead 
lengths right — if you do, you will be surprised how much more firmly the 
transistor is held than if you just botched the lead lengths by bending them to 
fit! Make sure the connections to the transistors are correct. 


Winding the RFC is quite simple. Seven (or more) turns of thin (32 SWG) 
enamelled copper wire are threaded through a small ferrite bead. This 
requires care, because the bead is small and the wire is thin. Trim the ends to 
within about 1 cm of the bead, remove the enamel carefully with sandpaper 
and tin the bare ends, prior to soldering the choke to the board. 


After completion of the wiring, check the circuit against Figure 1. Bread- 
boarding a circuit like this has its advantages, but it can have disadvantages, 
too. One of these disadvantages is that it can make circuit checking difficult. 
For a simple circuit like this, it is not too bad! Check that no solder has run 
between the pads. Plug in your crystal for the 80 m band, and connect up the 
12 V power supply. Do not connect the Morse key yet and do not switch on 
the power. 


Testing and operating 


Clear your workbench of all metallic objects, slivers of copper, bits of wire, 
etc., switch on your power supply. With an external receiver, listen on and 
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around your crystal’s frequency for a signal. Remember that the oscillator 
runs all the time and, because you haven’t yet connected the Morse key, 
your receiver is close enough to pick up the signal from the oscillator. This 
confirms that your oscillator is running. Switch off. 


Connect the station aerial to the transmitter’s aerial socket, and the receiver 
to the transmitter’s receiver socket. Connect the Morse key, put the Receive/ 
Transmit—Netting switch in the receive position and switch on. You should 
be able to hear stations in the normal way. Now put the switch in the 
Transmit—Netting position. Signals in the receiver should almost disappear, 
as the circuit has disconnected the receiver’s aerial. 


Tune the receiver until you can hear your own crystal oscillator signal. This 
is known as netting, tuning your receiver and transmitter to the same 
frequency. Pressing the key will now transmit your signals when the switch 
is in the Transmit—Netting position; switch back to the receive position to 
listen for stations answering your call. As soon as you are happy that your 
circuit is functioning properly, you must build the low-pass filter circuit 
before using the transmitter regularly. 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
R1 100 kilohms (kQ) 
R2 See text 
R3 1 kilohm (kQ) 


Capacitors 
C1, C2, C3 100 nanofarads (nF), or 0.1 microfarad (wF) 
TC1 3-60 picofarads (pF) trimmer 


Semiconductors 
TR1 ZTX651 
TR2 ZTX751 
TR3 VN10KM 


Additional items 
RFC 7 turns of 32 SWG enamelled copper on a ferrite bead 
Switch Double-pole changeover (DPDT or DPCO) toggle 
Crystal For 80m band 
Crystal 
holder HC25 type 
Sockets According to station fittings 





185 


Radio and Electronics Cookbook 





54 A 7-element low-pass filter 
for transmitters 


Introduction 


The simpler the transmitter, the more likely it is to radiate harmonics of its 
fundamental frequency. Harmonics are integral multiples of the frequency 
on which the transmitter is designed to operate. If you think you are 
transmitting on a frequency, f, for instance, you will also be radiating the 
harmonics of 2f, 3f, 4f, ... and so on. This results in your signals being 


heard on several frequencies, spread over a very wide frequency range. You 
are also contravening the terms of your licence. To avoid this, it is always 
advisable to use a /ow-pass filter between your transmitter and aerial. This 
is a filter which will pass your signal frequency, f, and all frequencies below 
it, but will not pass (attenuate) frequencies above f to any significant extent. 
The value of f is known as the cutoff frequency of the filter. 





A design of 7-element low-pass filter 


A 7-element low-pass filter (LPF) is so called because it has seven 
components, as the circuit diagram of Figure 1 shows. Filters containing 
any odd number of elements are possible: a 3-element filter would 
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Figure 1 Circuit diagram of 
filter 
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comprise C1, L2 and C3 only, and is sometimes called a pi-network 
because the element disposition resembles the Greek letter pi (m); a 
5-element filter would comprise C1, L2, C3, L4 and CS only, and so on. 
In general, the more elements the filter has, the more effectively it 
attenuates signals above f,. 


The circuit of Figure 1 is designed to have an input and an output 
impedance of 50 Q, which means that it can be placed in the aerial feed 
of any common transmitter. Filter design is a very complex business, and 
is best left to the experts. One such expert is W3NQN, who produced a 
number of computer designs of LPF using commonly available (preferred 
value) capacitors, and aimed specifically for use on amateur frequencies. 
The results of this work are condensed into Table 1. The inductors are 
wound on standard toroidal cores, and their details are included in the 
table. 


Table 1 Filter component values for each brand 








Band C1,7 3,5 12,6 14 Core Wire 

metres pF pF turns turns type SWG 
80 470 1200 25 27 137-2 28 
40 270 680 19 21 737-2 26 
30 270 560 19 20 137-6 26 
20 180 390 16 17 137-6 24 
15 82 220 12 14 137-6 24 
10 56 150 10 11 137-6 22 





Making the filter 


The filter was made originally as an adjunct to the Breadboard 80m CW 
transmitter, which you will also find in this book. It uses the same 
constructional technique, based on a single piece of plain, copper-clad 
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Figure 2 Layout and 
construction of filter 
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PCB, with ‘pads’ created by using a sharp blade in a junior hacksaw. The 
cuts in the copper are shown in the layout diagram of Figure 2. There are 
two ways of mounting the components: the first way is to drill small holes 
in each pad, as shown in Figure 2, and mount the components through 
the holes in the normal PCB manner; the second way is to solder the 
components directly to the pads, in the way that was described for the 
Breadboard transmitter. 


Winding the inductors is quite simple. All you need to remember is that 
each time the wire passes through the core counts as one turn. Cut off the 
spare wire at each end of each coil to about 1cm, scrape off the enamel 
with sandpaper, and tin the exposed copper. See the transmitter descrip- 
tion if you are unsure of how to do this. Note the wire links between each 
of the lower pads, forming a solid ‘ground’ for the elements. The 
prototype had a plug and socket on the ends, to match the transmitter 
and aerial terminations. 


The type of capacitor used in the design is not critical; the polystyrene 
type works well. 


Radio-frequency mixing explained 


55 Radio-frequency mixing 
explained 


Introduction 


Mixers find widespread use in electronic circuitry. Many of the projects in 


this book, together with every TV set and radio in the home, contain mixer 
circuits — a good indication of their usefulness. 





Confused? 


Audio mixers (as used in recording studios and radio broadcast stations) are 
used to add or ‘balance’ the signals from various sources such as 
microphones, CD players, etc. These have nothing whatsoever to do with 
radio-frequency (RF) mixers, and should never be confused with them. 


RF mixers and beat frequencies 


Instead of adding signals (as in the audio mixer), the RF mixer multiples 
them together. As you might expect, this has an entirely different effect. The 
two signals entering the mixer beat or heterodyne with each other to 
produce signals on other frequencies. One example of this occurs in sound, 
when two musical notes of almost the same frequency are heard together. 
Instead of hearing two separate notes, the listener hears one note whose 
intensity (loudness) appears to increase and decrease. This intensity 
variation is called a beat, and its frequency is equal to the difference in the 
frequencies of the two original notes. The technique is used by musicians to 
tune their instruments. If one note is known to be a correct frequency, the 
other can be tuned to it by making the beat frequency as close to zero as is 
possible. 


Multiplying together 


The process of mixing presupposes that we have a device which will 
automatically multiply two signals together. Fortunately, this is easy; so 
easy, in fact, that it often occurs when we do not want it! Multiplying is 
achieved by any device which is non-linear; this means a device whose 
output is not a constant factor larger than its input, something that can be 
achieved by many electronic devices and circuits. 
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Figure 1 The effect of 
multiplying (or mixing) two 
signals together 
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Let us look now at what a mixer does in concrete terms. Suppose two 
signals, of frequencies f1 and f2 go into our mixer. These signals are shown 
in Figure 1. Putting numbers in, to make the situation clearer, suppose /1 is 
1.000 MHz and f2 is 160 kHz. The beat frequency is the difference of these: 
1.000 MHz - 0.160 MHz = 0.840 MHz, or 840 kHz. A mixer also produces 
an output at the sum of these frequencies; in this case the new frequency 
would be 1.000 MHz + 0.160 MHz = 1.160 MHz. 


Suppose you fed the output of your mixer, operating with these input 
frequencies, into a receiver and tuned around to find what frequencies were 
present. You would find two signals, one at 840 kHz and one at 1.160 MHz, 
showing that the two ‘new’ frequencies were very real! 


In addition to drawing out the waveform of the resultant signal, as in Figure 
1, we can draw the inputs and outputs on a frequency axis, to form a 
spectrum of the signal components. This is done in Figure 2. The top two 
diagrams show the input signals at f1 and f2. The bottom diagram shows 
the output signals in relation to the input signals. Depending on the type of 
mixer used, one or both of the input signals would be removed. 


Figure 2 The result of 
multiplying or mixing two 
signals together as seen on a 
spectrum analyser 


Figure 3 The basic idea of a 
superhet receiver 
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A mixer in every radio 


Basically, a mixer is used to change a signal from one frequency to another, 
something it does without altering the characteristics of the incoming signal. 
If the incoming signal is amplitude modulated (AM), then the frequency- 
changed signal would be AM also. The same applies to FM, SSB, CW, and 
all other modulation forms you can think of. This explains why mixers are 
often called frequency changers. 
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Frequency changing is the key process in the type of radio known as a 
superheterodyne (or superhet). By mixing the incoming signal with a 
variable-frequency local oscillator as Figure 3, shows, the signal can be 
converted to the fixed frequency of a filter and amplifier. This is useful 
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because it is easier to make a very high-quality filter and amplifier at a single 
fixed frequency, than at a variable frequency. 


All TV receivers and virtually all radio receivers (and transmitters) use 
mixers. Both the Yearling and Colt receivers (see the relevant projects) are 
superhets, and use mixers. 


A voltage monitor for a 
12V power supply 


Introduction 


If for any reason, the stabilisation of your main 12 volt power supply unit 
(PSU) breaks down, it is possible that a voltage much higher then the 
nominal 13.8V will be applied to your precious equipment. If you would 


like to know the instant that this occurred, and hence be able to switch 
things off before it was too late, then this circuit is what you need. It will 
give audible and visual indications if the voltage rises above 14.4 V, and a 
visual indication only if the voltage is reduced. 





The circuit 


The circuit uses three ICs and is shown in Figure 1. The circuit is powered 
by the PSU whose output is being monitored, and the circuit’s immunity to 
supply line variations is secured by the 6 volt regulator, IC1. The heart of the 
circuit is IC2, an LM3914; it is a bargraph driver, which operates ten LEDs 
in a display resembling a thermometer - the string of lit LEDs increases in 
length as the voltage on pin 5 increases. 


The input voltage range on pin 5 is 1.2V maximum, making each LED 
correspond to one-tenth of this, which is 0.12 V, the step size. R1 and R2 act 
as a voltage divider, so that voltages of up to the maximum of 14.4 V may 
be applied to R1 without exceeding 1.2 V at pin 5. R3 sets the brightness of 
the LEDs and R4 determines the step size. 


IC3 is an opto-isolator, a device containing an LED and a phototransistor in 
one package. This enables the piezoelectric sounder to operate without 
affecting the operation of the bargraph driver. The input to IC3 is provided 
by the voltage on D8, so that if any of the LEDs at or above D8 are lit, the 


A voltage monitor for a 12 V power supply 





Figure 1 PSU monitor, circuit diagram 


sounder will operate, indicating overvoltage. Despite the fact that some of 
your other equipment might be damaged by this overvoltage, the monitor 
circuit itself is unaffected. 


Construction 


The prototype was built on two pieces of Veroboard of the copper-strip 
variety. The main (circuit) board measured 15 strips by 25 holes, and the 
display (LED) board measured 4 strips by 30 holes. Track cuts are necessary 
in each board. The correct places are shown for the main board in Figure 2, 
but there is sufficient flexibility in the layout of the display board for a 
prescriptive layout not to be needed. All the anodes of the LEDs are 
connected to the same strip, which makes things comparatively simple! 


For the main board, insert the Veropins and the wire links first, and solder 
them to the copper strips. Then fit the IC holders and the resistors. Fit the 
IC holders with their notches towards the top of the board. When fitting the 
voltage regulator, IC1, note than the centre lead (the ‘common’ lead in 
Figure 1) does not go to position A3; the track should be cut at A3, and the 
common lead soldered at B3. This is indicated in Figure 2. 


Wire up the LED board with its ten LEDs and 11 connecting wires, each 
about 10cm long. This length depends on how far away from the main 
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board you are planning to mount the display. The LEDs should have 
different colours: three orange, four green and three red, to indicate ‘low’, 
‘medium’ and ‘high’ voltage. 


Now solder the other ends of these leads to the Veropins on the main board, 
making sure that the order is correct. Finally, connect the piezoelectric 
sounder to the main board; the polarity is important, so make sure the red 
lead goes to pin 4 of IC3 and the black lead to the ground rail. If you were 
careful to fit the IC holders with their notches in the correct positions, 
match these up with the notches on the ICs before pushing home the ICs 
gently. Check your circuit for solder bridges and unwanted pieces of copper 
swarf before screwing the small heat sink to the voltage regulator, IC1. 


Testing 


(a) With a variable-voltage PSU. Set the PSU for 10 V, connect the circuit 
and switch on. Increase the voltage slowly, and check that each LED 
lights up after the one before it. As the voltage exceeds about 14.4 V, the 


194 


A voltage monitor for a 12 V power supply 


first red LED should light and the sounder should operate. If an LED 
does not illuminate, you should immediately suspect either a dry joint or 
an incorrect LED polarity. The voltage at which the first red LED lights 
can be adjusted by varying R1; increase R1 if the LED comes on too 
early; decrease R1 if the LED comes on too late. 

(b) Without a variable-voltage PSU. For your ‘variable supply’, you can use 
several AA-type 1.5 V cells (or 1.2 V NiCad cells) in series. The voltages 
produced by a range of cells is shown in Table 1 — because of the lower 
voltage of NiCad cells, more of them are needed to produce a given 
voltage. 


Once the operation of the circuit has been checked, it can be fitted into a 
plastic or metal box. Only two connections are needed for the PSU. You 
may want to drill some holes in the case to increase the apparent loudness 
of the sounder. 


Table 1 Test voltages available from batteries in series 








No. of batteries Voltage, nicads Voltage, dry cells 

7 8.4 10.5 
8 9.6 12 
9 10.8 13.5 

10 12 15 

11 13.2 - 

12 14.4 - 

13 15.6 - 








Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1 11 kilohms (kQ) - see text 
R2 1 kilohm (kQ) 
R3 1.2 kilohms (kQ) 
R4 18 kilohms (kQ) 
Semiconductors 
IC1 L7806 
IC2 LM3914 
IC3 Opto-isolator - Maplin code WL35Q 


D1-D3 3mm LED, orange 
D4-D7 3mm LED, green 
D8-D10 3mm LED, red 


195 


Radio and Electronics Cookbook 


Additional items 
LS1 Piezoelectric sounder, wire leads 
6-pin DIL socket for IC3 
18-pin DIL socket for IC2 
Veroboard - two pieces for main and display boards, see text 
for sizes 


Veropins 

Heat sink for IC1 

Single-core insulated wire for links 

Insulated stranded wire for interconnecting the boards 
Case as required 





57 A 1750 Hz toneburst for 
repeater access 


Introduction 


Repeaters across the UK and much of Europe need an access tone to switch 
the transmitter from standby ready for use. Commonly, this is a 1750 Hz 
tone of duration no greater than half a second. Although many UK 
repeaters may now be accessed using the continuous tone-coded squelch 


system (CTCSS — see the RSGB Yearbook), you may wish to access a repeater 
whose CTCSS frequency you don’t know; in this case, using the universal 
1750 Hz tone will gain you access. Commercial transceivers are usually 
fitted with an automatic toneburst, but if you are using a home-made 
design, then you may want to incorporate this little circuit. 





Warning 


This circuit uses a member of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
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and can be completed destroyed if they come into contact with the 
magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
destruction has happened — all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 


1. Before you open the little packet in which the IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 


The circuit is safe from destruction while it is connected to the battery. 


Circuit description 


The circuit is shown in Figure 1. The tone is generated by an integrated 
circuit oscillator (IC1), whose frequency is controlled by a ceramic 
resonator, XL1. Its frequency is very high, and is divided down to the 
1750 Hz needed by the same chip. The ceramic resonator is designed to 
operate at 455 kHz, the intermediate frequency of many receivers. Because 
all divider circuits use powers of 2, we need the oscillator to run at 448 kHz 
so that when it is divided by 256 (256 = 2°), we end up with 1750 Hz. Try 
it on your calculator: 


448 000 
256 


= 1750. 


St 
(see Fig 3) 





Figure 1 Toneburst module, 
circuit diagram ©RSGE by167 
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Figure 2 Veroboard 
component layout 


198 


We use C1, C2 and R1 to pull the frequency of the oscillator away from 
455 kHz to 448 kHz. The divider chain has eight counters in it, and each 
counter divides the frequency of the signal it sees by two, giving the final 
division of 256. 


This counting process can be stopped at any time by taking the voltage on 
the reset pin (pin 12) up to the supply voltage. When the circuit is switched 
on by closing $1, pin 12 is at 0 V because C3 is discharged. The oscillator 
runs, producing the output frequency of 1750 Hz. As time progresses, C3 
charges up through R2 and the voltage on pin 12 rises. When this has risen 
sufficiently, and in a time determined by the values of C3 and R2, the 
counter resets and stays in the reset state; no division takes place and there is 
no output. The duration of the toneburst is thus governed by C3 and R2. 


When S1 is opened, the circuit is switched off, and C3 is discharged through 
D1 and R3, ready for the next toneburst. If you have used a repeater, you 
will know that a toneburst is needed only to activate a repeater in the 
standby condition; it is not needed once a contact has been established. 


VR1 adjusts the amplitude of the tone fed to the microphone, and C4 
prevents any voltage that may be present on your microphone connector 
from damaging the integrated circuit. 


Construction 


The prototype circuit was built on Veroboard of the copper-strip variety, 
measuring 20 holes by 14 strips. The layout is shown in Figure 2. Make the 
track cuts first, and check that there are no slivers of copper wedged 
between adjacent tracks. Then, solder in the IC socket (with the notched end 
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Figure 3 Toneburst module: 


two alternative switching 
arrangements 
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facing towards track A), the wire links and the three Veropins. Having done 
this, solder in the resistors, capacitors and diode, making sure that D1 and 
C3 are the right way round! Using your best soldering technique, solder in 
the ceramic resonator quickly, to prevent heat damage. Recheck your 
circuit, check for solder splashes and bridges, and then gently insert IC1 into 
its socket, matching up its notch with that of the socket. 


Testing 


Set VR1 to half-way and connect a crystal earpiece to the output; apply 
power to the circuit. You should hear the tone, lasting for about half a 
second. If there is no tone, disconnect your circuit from the power supply, 
and check for dry joints in the vicinity of pin 12. Is the diode, D1, the correct 
way round? Is C3 the correct way round? Did you choose to ignore the 
CMOS safety precautions given earlier? 


Once the circuit is working, you need to decide how you are going to 
connect it to your transmitter. Two options are shown in Figure 3. If you 
have access to a point in your transmitter circuit that has between 9 V and 
12V positive on it during transmit, you can use this to power your circuit. 
As the toneburst is needed only for repeaters, the switch, $1, disconnects it 
when not needed, as shown in Figure 3a. If you want the circuit to be self- 
powered, then a 9 volt PP3 battery may be used; Figure 3b shows this 
configuration. 


Toneburst 
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The output from the circuit board is fed directly into the microphone socket, 
in parallel with the microphone itself; use thin coaxial or screened cable for 
this lead, or you may induce hum into the microphone circuit and suffer 
from RF breakthrough into the audio circuits. To adjust the setting of VR1, 
start with it at the zero output position and connect a dummy load to your 
transmitter. Slowly, increase the output while monitoring your transmitted 
signal on another nearby receiver. Make sure you do not increase the output 
so far that the signal sounds distorted. If you would prefer that the tone was 
on continuously while you made this adjustment, simply connect a wire 
across C3 remembering, of course, to remove it as soon as you have 
completed the test! 





Parts list 





Resistors: all 0.25 watt, 10% tolerance (or better) 


R1 1 megohm (MQ) 
R2 150 kilohms (k®) 
R3 12 kilohms (kQ) 


VR1 10 kilohms (kQ) horizontal preset 


Capacitors: all 16 V WKG or higher 
C1, C2. 1 nanofarad (nF) disc ceramic 
C3 4.7 microfarad (wF) tantalum bead 
C4 47 nanofarads (nF) disc ceramic 
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Semiconductors 
IC1 4060 
D1 1N4148 


Additional items 
XL1 XR455 
Veroboard (see text for size) 
Veropins (3) 


S1 Switch (momentary action push-to-make SPST) 
16-pin DIL socket for IC1 
Single-core insulated wire for links 
Coaxial or screened cable for microphone connection 





58 A circuit for flashing LEDs 


Introduction 


There are many occasions when one’s attention needs drawing to the fact 
that something important has happened. A single red light coming on is 
seldom sufficient to attract attention, particularly if it is surrounded by 


other lights and indicators. The eye is known to be very sensitive to changes 
in its peripheral vision; such changes can be brought about by movement 
or by differences in light level — a flashing light, for example. So, a circuit 
that flashes a single LED or a pair of LEDs finds plenty of uses in the 
amateur station. 





Warning 


This circuit uses a member of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
and can be completed destroyed if they come into contact with the 
magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
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destruction has happened — all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 


1. Before you open the little packet in which the IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 


The circuit is safe from destruction while it is connected to the battery. 
However, when the battery is removed, the same care should be exercised 
with its handling, because there is no supply decoupling capacitor across 
the IC. 


Basic description 


LEDs can be made to flash (switch on and off) by driving them from sources 
that switch on and off. Such a source is an astable multivibrator. If you have 
built or read about A basic continuity tester, elsewhere in this book, you will 
have come across such a beast before. That circuit used an astable 
multivibrator made from two transistors. This new circuit achieves the same 
behaviour from a single integrated circuit, the CMOS 4011. To give it its 
full description, the 4011 is a quad 2-input NAND gate. Quite a mouthful, 
but all it means is that inside the chip are four NAND gates, each with two 
inputs. 


A NAND gate needs a positive voltage (known as a logic 1) on both inputs 
in order to produce zero volts (known as logic 0) at the output. Two NAND 
gates can be connected, as are A and B in Figure 1, to make our astable 
multivibrator. The combination of A and B has been described as the most 
perverse circuit in electronics; as soon as the output goes to logic 1, the 
circuit decides that it would prefer to have a logic 0 there, and switches over. 
With logic 0 at the output, the circuit now prefers to have logic 1 there, and 
so it goes on! We are going to use this continuous switching backwards and 
forwards to flash two LEDs. The rate at which A and B ‘change their minds’ 
is the frequency at which our LEDs will flash, and is controlled by the 
charging and discharging times of C1 through R2 and C2 through R1. As 
the values of R1 and R2 are the same, and those of C1 and C2 are the same, 
the ON and OFF states of the circuit are the same. 


Gates C and D do not contribute to the flashing action; they act as buffers 
to isolate the LEDs from the multivibrator circuit itself. You will find in 
electronics that an oscillator is seldom used to drive another device directly; 
there is usually a buffer between it and the stage it drives. 


Figure 1 Flashing LEDs, 
circuit diagram 
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A characteristic of all multivibrators, astable or not, is that they have two 
outputs. In this case, those outputs are at pins 3 and 10, which are then 
buffered and appear at pins 4 and 11, respectively. When one output is at 
logic 1, the other is at logic 0, and vice versa. This means that LED1 is off 
when LED2 is on, and LED1 is on when LED2 is off, the two states 
switching backwards and forwards at the frequency of the oscillator. 


Construction 


Read the warning at the beginning of this article again. It is not intended to 
scare you off from building this, but is a genuine piece of advice which can 
save you time and irritation when all your labours result in a circuit that 
doesn’t work! That extra bit of care can make all the difference! 


Veroboard (the copper strip type) is used for the layout, shown in Figure 2. It 
measures 20 holes by 12 strips. Be aware that there is no row ‘I’ in the layout, 
so don’t miscount when you are placing components on the board! 


Firstly, cut the tracks using a 3 mm (% inch) twist drill held between thumb 
and forefinger; check that there are no slivers of copper bridging any of the 
tracks, and that the tracks have been completely cut by the drill. Solder in 
the components carefully. Leave the IC in its carrier for the time being, and 
solder in the IC socket, with the notched end facing row A. On completion, 
check the circuit carefully. If you are happy that it is correct, follow the 
instructions given earlier and fit IC1 into its socket, matching up the two 
notches. Connect the battery and switch on. The two LEDs should flash on 
and off alternately. If only one LED flashes, you have probably connected 
the other one the wrong way round. Switch off, check and correct if 
necessary. If neither LED flashes, you must have a significant error in your 
circuit, which will need checking again! Or did you choose to ignore the 
handling precautions for the CMOS chip? 
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Figure 2 Flashing LEDs, Component side ot Fve @©asee ov178 
component layout board shown via SW1 
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The board can be mounted near to the point where you want your flashing 
LEDs to be seen, although long leads to the LEDs are acceptable. The LEDs 
can be different colours — it’s all up to you now! 


Parts list 


Resistors: all 0.25 watt, 10% tolerance or better 
Rl, R2 4700 ohms (Q) 
R3, R4 1 kilohm (kQ) 





Capacitors 
C1, C2 47 microfarads (wF) 12 V WKG 


Semiconductors 
IC1 4011 


Additional items 
LED1, LED2 Any size of LED, any colour 
S1 SPST on/off 
Plastic box if needed, 8.5 by 5 by 2.5cm 


Source 





Components are available from Maplin. 
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59 Digital logic circuits 


Figure 1 Switches and lamp 
AND gate 


Introduction 


Logic circuits form the backbone of even the most advanced computer, yet 
their basic operation can be demonstrated by a couple of switches, a 
battery and a bulb. 





Logic using switches 


Everyone reading this article will look at Figure 1 and know immediately 
how it works and be able to write down something like ‘When switch A and 
switch B are closed, the light will come on’. Without knowing it, you have 
written down a logic statement involving the so-called AND operation; the 
light comes on only when switches A AND B are ON. Below the circuit in 
Figure 1, is a table showing the only possible positions of the two switches 
and the state of the bulb for each position. This is called a truth table, and 
is frequently used in logic analysis. 


Switch Switch 
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Figure 2 shows a different circuit. Here, the two switches are in parallel 
rather than in series, as was the case in Figure 1. Again, if you analyse the 
circuit in words, you would say that the light will be on when switch A OR 
switch B is ON. This is an example of the OR operation, and its truth table 
is shown in Figure 2. The statement above is not complete, however; can 
you see why? The truth table will show you. The light comes on if A is ON, 
OR if B is ON, OR if A AND B are both ON. That third condition is easy 
to miss, but don’t worry about it! 
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Figure 2 Switches and lamp 
OR gate 
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Believe it or not, some very complicated logic is possible (in theory) using 
switches and lights, but it is highly impractical and would be very slow. This 
is where electronic logic circuits come in. 


Switches with no moving parts 


You may have come across projects in this book where a statement is made 
such as ‘... the transistor is being used as a switch .. .’. Transistors can be 
used as switches, as were thermionic valves in the world’s first pro- 
grammable computer Colossus, at Bletchley Park. However, technology has 
moved on from valves, through transistors to logic gates, combinations of 
electronic switches designed specifically to perform logic functions. 


These act on voltage levels as their inputs and produce changes in voltage 
levels as their outputs. A positive voltage is called logic 1, and corresponds 
to a switch being ON in our previous descriptions; a zero voltage is called 
logic 0, and corresponds to a switch being OFF. The output from a logic 
gate (normally labelled Q) is also logic 1 or logic 0, corresponding to our 
light being ON or OFF, respectively, in our switch analogy. 


Many logic devices operate from a stabilised 5 V supply, and this determines 
the ideal voltages corresponding to the two logic states: 


logic 0 = OV, 
logic 1 = SV. 


The world isn’t an ideal place, so the real voltage ranges used by the logic 
gates are: 


logic 0 = 0.0 to 0.4 V, 
logic 1 = 3.0 to 5.0V. 


Figure 3 Electronic AND 
gate 


Figure 4 Electronic OR gate 


Digital logic circuits 


The AND circuit of Figure 1 is now called an AND gate, and requires logic 
1 inputs on A AND B to produce a logic 1 at the output. Figure 3 shows this. 
The truth table is identical with that of Figure 1 — logic 1 replaces ON and 
logic 0 replaces OFF. Now compare Figure 2 with Figure 4 — circuits and 
truth tables for the OR function. Again, we have exact similarity. 
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There is another very common logic gate, which performs the NOT 
function. It is easy to understand. Just ask yourself the question ‘What is 
NOT logic 0?’, and the answer is obviously ‘logic 1’. Similarly, logic 0 is 
NOT logic 1. A NOT gate simply changes the logic state of the input; it is 
also known (because of this behaviour) as an inverter. Its symbol and truth 
table can be found in Fig 5. Note the little circle on the output of the gate 
in Figure 5. In logic circuits, this symbol always implies inversion, or the 
presence of a NOT gate. Keep an eye open for it! 


So far, the logic functions we have discussed have all been words which we 
use in everyday language, which has made the electronic interpretation of 
them relatively easy. Now we must introduce a function for which there is 
no analogy in normal speech - the NAND function. This means a 
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Figure 5 Electronic NOT 
gate 


Figure 6 Electronic NAND 
gate 


Figure 7 Electronic NOR 
gate 
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combination of an AND gate and a NOT gate, and the sharp-eyed reader 
will have spotted the little circle added on to the normal AND gate symbol 
in Figure 6! 


To make things easier to understand, the truth table in Figure 6 has four 
columns, not three as in previous tables. The third column is the standard 
AND output — compare it with the third column in Figure 3. That is the 
output from the AND gate before it encounters the little circle that inverts 
it, so the final output from the NAND gate is the output of the AND gate, 
inverted! The third and fourth columns are the inverse of each other. 





Output 
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Digital logic circuits 


We can add the inverting operation to the output of an OR gate also, 
producing a NOR gate! The symbol and its truth table are shown in Figure 
7. Again, notice that the final output is that of the ordinary OR gate, 
inverted! 


These new functions of NAND and NOR are used more than the AND and 
OR functions because it makes other circuits easier to design using 
combinations of these gates. 


A taste of Boolean algebra 


The design of circuits using combinations of logic gates usually begins with 
a little mathematics, where the functions to be implemented are analysed. 
The mathematics used is surprisingly simple, and is a slightly changed 
version of ordinary algebra called Boolean algebra, which allows manipula- 
tion of logic functions to be made. Normal algebra has operations in it such 
as addition, subtraction and multiplication and division. The mathema- 
tician Boole found that the logical AND operation could be handled by the 
algebraic operation of multiplication (symbols x or ©), and the OR 
operation by the algebraic operation of addition (symbol +). The NOT 
operation involved a new symbol, that of a bar over the input being 
inverted, such as A. 


So, our five basic logic operators can now be written in a mathematical 
form: 


AND O=AxB 
OR O=A+B 
NOT Q=A 

NAND Q=AxB 
NOR OQ=A+B. 


Using logic operations in a mathematical form enables the most complex 
logic to be designed, simplified and converted into circuit diagram form in 
a very efficient and rapid way. There are more logic operators than the five 
we have considered here but, in general, they can all be broken down into 
combinations of these gates alone! 
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60 A resistive SWR indicator 


Introduction 


When a transmitter produces some output power, we want to make sure 


that as much as possible of this power is radiated by the aerial. This often 
requires the use of an aerial tuning unit (ATU), which matches the aerial 
impedance to that of the transmitter. 





How do you know when this matching has been achieved? The most usual 
way is to use a standing-wave ratio (SWR) indicator. If the impedance of the 
aerial does not match that of the transmitter output, some of your 
transmitter power (also known as the forward power) is reflected back 
along the aerial feeder and back into the transmitter, where it causes excess 
heating. The forward and reflected waves interact along the feeder to 
produce a wave whose position remains constant, and which is therefore 
called a standing wave or a stationary wave. An SWR meter simply indicates 
forward power and reflected power, and adjustments are made to your ATU 
until the reflected power is as small as possible (ideally zero, of course). If 
there is no reflected power then, by a process of elimination, all your 
forward power is reaching the aerial! 


Sampling the RF 


Whatever type of SWR indicator you use, it must use some sort of sampling 
circuit to pick up the forward and reflected waves. The project A standing- 
wave indicator for HF, elsewhere in this book, uses a toroidal transformer 
to separate the readings for the forward and reverse waves. This design 
differs in that it measures the voltages across resistors through which the RF 
current is passing. Its advantages are: 


(a) it uses cheap parts — four resistors, two capacitors and a diode, together 
with a rotary switch, a surplus meter, a preset potentiometer and two 
sockets; 

(b) within this SWR indicator, there is always a resistive path for the RF 
current from the transmitter, formed by R1, R2 and R3; this can prevent 
damage to simpler home-made transmitters, which may be damaged 
during adjustment of the ATU when using more conventional SWR 
indicators. 
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Figure 1 Resistive SWR 
meter, circuit diagram 


A resistive SWR indicator 


The only disadvantage of this form of indicator is that it must be switched 
out of circuit once the ATU has been adjusted for a particular band. 


Construction 


The SWR indicator is very simple to build, as most of the components can 
be mounted on the back of the 3-way rotary switch. This is shown in Figure 
1. The switch is a 4-pole, 3-way rotary type, of which only two poles are 
used. 





Input 1 1 Output 
from to 
transmitter antenna 
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Because the other switch contacts are not being used, they can be employed 
as support tags for other components. The ground wires are all soldered on 
to the metal frame of the switch. If your switch frame is of all-plastic 
construction, then a 12 SWG copper wire run around the switch will make 
a good earth connection to the metal case for the leads shown in Figure 1. 
The preset potentiometer used to control the sensitivity of the circuit can be 
mounted directly on the meter tag. 


Resistors R1, R2 and R3 handle the RF power during the tuning-up process. 
If you have them, use 1 watt resistors; otherwise, you can use two 100 ohm 
half-watt resistors in parallel for each of R1, R2 and R3. The meter, M1, can 
be any DC type of sensitivity around 200 pA. 


In use 


First, find a clear frequency, and without the indicator in circuit, check that 
the frequency really is clear by asking and identifying yourself. If it is, 
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connect the indicator between the transmitter and the ATU which, in turn, 
is connected to your aerial. Turn SW1 to the SET position and key the 
transmitter. Adjust VR1 until the meter reads full scale. Switch off the 
transmitter. Turn SW1 to the REF position and key the transmitter again. 
Adjust the ATU until the lowest reading is obtained on the meter. Switch off 
the transmitter. For the chosen frequency, you have adjusted your ATU for 
minimum reflected power and hence the lowest SWR. You will need to 
repeat the process when you change bands, and possibly when you change 
frequency within the same band. Switching SW1 to the OUT position, you 
are ready to transmit. You may have noticed that it is good practice to 
switch the transmitter off when operating SW1. Get into that habit! 


Parts list 





Resistors 
R1, R2,R3 47 ohm (Q) 1 watt (or 2 x 100 Q, 4 watt, see text) 
1 kilohm (kQ) 0.25-watt 
10 kilohms (kOQ) preset 


Capacitors 
Cl 1 nanofarad (nF) 
C2 10 nanofarads (nF) 


Semiconductors 
D1 1N914 or similar 


Additional items 
SW 4-pole 3-way rotary switch, of which only 2 poles are 
used 
M1 200 pA DC 
Case 
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Figure 1 CW filter, circuit 
diagram 


An audio filter for CW 


An audio filter for CW 


Introduction 


This is a simple passive circuit (it has no power supply) that adds some 


audio selectivity for Morse code reception and also includes a very simple 
noise limiter that gives a visual indication of when noise spikes are being 
removed! 





The circuit 


Figure 1 shows the complete circuit. The tuned circuit of C1 and L1 resonates 
very close to 800 Hz, so initially you will have to tune a signal in carefully 
until it sounds loudest — you will soon be able to do this without thinking. The 
two LEDs connected back to back across the signal path act as a noise limiter, 
reducing the amplitudes of static crashes and noise from car ignition systems, 
etc. The LEDs blink when they conduct — this is not necessary to the operation 
of the circuit, but adds a little colour to your listening! The noise limiter does 
make listening more comfortable, though. 


SW1DPDT 





D1, 02 LEDs 
@RSGB Dy202 


Construction 


The circuit layout is shown in Figure 2. Point-to-point wiring is used, with 
a small tag-strip being the only item used for the extra support of C2 and 
R1. The LEDs and $W1 support the other components. An aluminium box 
(Figure 3) is used to make the circuit tidy and usable. 
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Figure 2 CW filter, 


component layout Aluminium box tx 6 x 25cm rsa py20a 


Figure 3 CW filter, front 
panel “~ Phones 





You must use low-impedance headphones for the circuit to perform 
properly. Plug the completed unit into the headphone socket of your 
receiver and adjust the volume so that the LEDs are just not blinking on 
normal audio. The unit should be switched out of circuit for speech 
listening; this is the purpose of the toggle switch, SW1. 
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Parts list 





Resistor 
R1 10 ohms (Q), 0.25 watt, 10% tolerance 


Capacitors 
Cl 470 nanofarads (nF) 
C2 100 microfarads (wF) electrolytic, 16 V WKG 


Inductor 
LI 82 millihenries (mH) 


Semiconductors 
D1, D2 LEDs 


Additional items 
SwW1 DPDT 
ji 3.5mm jack socket 
PL Jack plug to suit receiver 
Aluminium box, approx. 11 by 6 by 2.5cm 


Source 





Components are available from Maplin. 





62 An electronic die 


Introduction 


Throwing a die is a venerable way of generating a ‘random’ number between 
1 and 6. A die is easy to lose, so here is an electronic die-throwing circuit 


which brings the technique up to date and serves as another application of 
logic circuits. If you need a reminder of the basics of logic, refer to Digital 
logic circuits. 





Warning 


This circuit uses members of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
and can be completed destroyed if they come into contact with the 
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Figure 1 Electronic dice, 
circuit diagram 
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magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
destruction has happened — all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 


1. Before you open the little packet in which the IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains-earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 


The circuit is safe from damage while it is connected to the battery. 


Description 


The circuit is shown in Figure 1. ICla and IC1b form an astable 
multivibrator, similar to that used in ‘An LED Flasher’ also in this book. It 
runs constantly, and its output is fed to IC2 via a single NAND gate, IC1c. 
The other input of IC1c is held at 0 V by R3 and C3. Whenever one input 
of a NAND gate is logic 0 (or 0 V), there can be no output from the gate, 
irrespective of what is happening at other inputs. So, despite the fact that the 
oscillator (or clock) is running all the time, its square-wave output never 
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An electronic die 


reaches IC2 until the ‘other’ input of IC1c is brought away from logic 0. 
This happens when SW2 is pressed. Pressing SW2 momentarily, as is 
normally done, charges up C3 to 9 V, putting a logic 1 on the second input 
of IC1ic and allowing the clock signal through to IC2. As the switch is 
released, C3 begins to discharge through R3, gradually lowering the voltage 
on pin 8 of IC1c. As this voltage crosses 4.5 V (half the supply voltage), IC1c 
then treats this input as logic 0, which cuts off the clock signal from IC2 
again. Thus, when SW2 is momentarily pressed, the clock signal is fed to 
IC2 for a short interval of time, before being blocked again. 


IC2 is a binary counter, and the outputs that concern us are from pins 14, 
11 and 6. Pin 14 is the most significant bit and pin 6 the least significant bit. 
See the panel for an explanation of what happens here. 


To understand these outputs, you should be able to count in binary, 
using three bits. At the start of the counting process, all the bits have 
zero values, i.e. 000. The left-most bit is called the most significant 
bit, and the right-most bit is called the least significant bit. (When 
we write numbers normally, a number 1 in the left-hand position 
represents one hundred, 1 in the middle column represents ten, while 
the number 1 in the right-hand position means one. One hundred is 
a more significant number than one, hence the nomenclature.) 


The three bits of our binary number have values, from left to right, 
of 4 (=27), 2 (=2!) and 1 (=2°). This means that a number 1 in the 
left-hand column signifies the normal number four, in the middle 


column it would represent two, and in the right-hand column, it 
would represent one. This should help you understand the patterns 
of bits which emerge as the clock waveform is counted, as the next 
paragraph explains. 


As each cycle of the clock enters IC2, it increments its internal 
counter and the values of that counter are shown by the states of 
pins 14, 11 and 6. After the first pulse, these three pins would have 
states corresponding to 001; after the second, 010; after the third, 
011; after the fourth, 100; after the fifth, 101; after the sixth, 110. 
This sequence of 3-bit numbers represents a binary count from 1 to 
6 in ‘normal’ parlance. These six states are used to illuminate the 
conventional pattern of dots on a die, using LEDs. 





As the clock cycles are counted, the LEDs flicker as the die is ‘rolled’. 
Resistors R4 to R7 are used to limit the current through the LEDs. When the 
counter stops, it can be in any of the positions shown in Table 1. Because of 
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Table 1 Dice number relative to counter output 





Step Pins Dice number 





14 11 6 


AuRWN OB 
=s5454000 
Oo-=co-02 
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the way in which the dots are grouped on the faces of a die, the wiring of 
the LEDs is simpler than it might otherwise be. You can see from Figure 1 
that there are really only three sets of connections to the LEDs — one from 
each bit of the counter output. When pin 14 is at logic 1, four LEDs are lit, 
corresponding to the number four. For the number five, pins 14 and 6 will 
be at logic 1. For the number one, only pin 6 is at logic 1. For three, pins 11 
and 6 are at logic 1, for six, pins 14 and 11 are at logic 1, and for two, only 
pin 11 is at logic 1. These conditions are summarised in Table 1. 


Construction 


Two pieces of Veroboard (of the strip type) are needed — one for the main 
circuit (Figure 2) and the other for the display LEDs (Figure 3). The display 
board is easier to build, so we will do that first. It measures 20 holes by 18 
strips. 


Cut the tracks as shown in Figure 3, using a 3 mm (/inch) twist drill rotated 
between thumb and forefinger. Insert and solder the Veropins, resistors and 
the wire links. Then solder the LEDs in place, making sure their polarities 
are correct. The LEDs are mounted proud of the board (Figure 4, which will 
help when you come to fix the board into a case. 


The main board measures 32 holes by 18 strips. As before, remove the 
tracks in the places shown in Figure 2. Note that track ‘LV’ is not broken 
under the position for IC2. Solder in the IC holders and the links. Solder in 
R1 and R2 vertically, and R3 horizontally. Then solder in C1, C2 and C3; 
these all being electrolytics, check their polarities. Solder in the Veropins 
and prepare the connections to those components not on the main board, 
using stranded, insulated wire. Check the circuit carefully, and read the 
handling precautions given earlier before carefully inserting the two ICs. 


An electronic die 
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Figure 4 D7 lead bending 
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A = Anode 


K=Cathode A K 
@ASGB DY¥207 


Testing and use 


When the circuit is switched on, it is likely that the centre LED only will be 
lit. Press SW/2, the ‘throw’ switch. All the LEDs should flicker, even after the 
switch is released, but only for a second or so. Then a standard pattern 
should show, signifying numbers between one and six. If this does not 
happen, switch off and check your circuit again. Are there any missing 
links? Are there any obvious dry joints (usually dull instead of shiny)? Can 
you see any solder bridges between tracks? Did you choose to ignore the 
handling precautions? If none of these results in a working circuit, try some 
fault-finding. 


@ Disconnect the lead to D7 on the main board (marked ‘to pin F1’ on 
Figure 2). Touch the lead on to the positive supply rail. D7 should light. 
Now transfer this lead on to pin 4 of IC1. If it flickers, then the oscillator 
is running (which it should). 

@ Transfer this lead to pin 10 of IC2. D7 should flicker when SW2 is 
pressed, but should be on permanently when it is released. This means 
that the correct signals are reaching IC2 from IC1. 

@ If one of the chains of LEDs (i.e. D1 and D2, D3 and D4, DS and D6) 
does not light, you may have one or both LEDs the wrong way round. 


When the die is working, you may care to experiment with the values of R1 
and R2, but you should keep their values the same, i.e. R1 = R2. The larger 
the values of these, the more slowly the die will appear to ‘roll’. 


Finishing touches 


On completion of the project, you will want to mount it in a smart case; any 
plastic box is suitable for this, with the display board mounted so that the 


An electronic die 


LEDs protrude through the top and are fixed to it using LED clips. The way 
in which you mount both boards to the case is entirely up to you. 


Parts list 





Resistors: all 0.25 watt, 10% tolerance, or better 
R1, R2 5600 ohms (Q) 
R3 15 kilohms (kQ) 
R4-R7 470 ohms (Q) 


Capacitors 
C1, C2 1 microfarad (pF) electrolytic, 16V WKG 
C3 68 microfarads (wF) electrolytic, 16 V WKG 


Semiconductors 
IC1 4011 
IC2 4029 
D1-D7 LEDs, any size and colour 


Additional items 

SW1 On-off switch SPST toggle 

SW Push-to-make, non-latching 
Veroboard, 2 pieces, see text for sizes 
Veropins, 10 
Stranded insulated wire for general wiring 
Single-core insulated wire for links 
PP3 battery clip 
PP3 battery 
Plastic box to suit 
LED mounting clips (7) 
Means of mounting boards to box 


Source 





Components are available from Maplin. 
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63 The absorption wavemeter 


Introduction 


The purpose of the absorption wavemeter is to check that a transmitter is 
radiating within the correct waveband, and to detect any spurious 
harmonic emissions. A harmonic frequency is an integral multiple of the 
carrier frequency — e.g. if the carrier is at a frequency f, the harmonics are 
at frequencies 2f, 3f, 4f ... and so on. 


It can also be employed as a relative field-strength indicator, being used in 
experimentation with aerials. What it cannot do is to measure the 
transmitted frequency accurately; all it can do is to place the signal within 
a particular band, say the 7MHz or the 18MHz band (or their 
harmonics). 





How it works 


You may recognise the circuit of Figure 1 as a crystal set with a meter 
replacing the headphones. It is simply the parallel combination of an 
inductance with a variable capacitance, which constitutes a resonant circuit 
with a variable frequency. A dial on the variable capacitor can be roughly 
calibrated with frequency. The fixed capacitor across the meter helps to 
improve the meter reading by making it read the peak value of the carrier 
wave rather than the average value. 
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Figure 1 Absorption 
wavemeter circuit 
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The absorption wavemeter 


When the wavemeter is situated in the vicinity of a relatively strong radio- 
frequency (RF) field, the inductor absorbs a small amount of energy from 
that field. If the circuit is resonant at the same frequency as that of the 
transmitter, an RF voltage is produced across the coil and is proportional to 
the strength of the RF field. The RF voltage is rectified, or detected (turned 
from AC into DC) by the diode and the second capacitor, and is displayed 
by the meter. 


The tuned circuit 


The formula for calculating the resonant frequency of a coil and capacitor 
is relatively simple. It is 


f 1 
> 2nJLC’ 


where f is the resonant frequency (Hz), 
L is the inductance (H), and 
C is the capacitance (F). 


If this formula puts you off, there is this slightly easier version: 
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Se. 

where f is the frequency in MHz, 
L is the inductance in microhenries (wH), and 
C is the capacitance in picofarads (pF). 


When a variable capacitor is specified, it is usual to quote its maximum 
capacitance, i.e. the value when the vanes are fully meshed. When the value 
of the capacitor is small, it is usual to quote its minimum capacitance also, 
the value when the vanes are fully open. If you use a variable capacitor of 
10-100 pF with a 100 pH inductor, you will use the value of 10 pF to 
calculate the maximum resonant frequency, and the value of 100 pF to 
calculate the minimum resonant frequency, giving a tuning range of 
1.6 MHz to 5 MHz. Check it yourself! 
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64 An HF absorption 


Figure 1 HF absorption 
wavemeter, circuit diagram 
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wavemeter 


Introduction 


An absorption wavemeter is basically a simple tunable detector circuit, 
such as would be used in a crystal set, but with the headphones replaced 
by a meter, in order to indicate the strength of the received signal. 





The circuit 


Figure 1 shows the circuit of the wavemeter. It is designed to cover all the 
HF bands from 1.8 MHz to 28 MHz in four switchable ranges. There is no 
built-in method of amplification, so a sensitive meter is needed in order to 
indicate sufficiently using the available absorbed energy. The meter does not 
need calibrating, it serves to produce only an indication of the absorbed 
power, vot its absolute value. 


An absorption wavemeter does not have outstanding selectivity, mainly 
because of the loading effect of the meter. This problem is ameliorated here 
(but only slightly) by the inclusion of R1 in series with the meter. It gives 
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An HF absorption wavemeter 


improved selectivity at the expense of a slight loss of sensitivity. The 
appearance of capacitor C1 across the meter is discussed in The Absorption 
Wavemeter, in the previous section. 


Coils 


These can be purchased (see the parts list) or hand-wound on short lengths 
of PVC water pipe or conduit, and the coil-winding details are given in 
Table 1. In theory, the 100 pF tuning capacitor would cover all the HF 
bands with only three coils, omitting the 22 wH coil. Sample calculations are 
explained in the previous article. However, its inclusion avoids the common 
problem of having some bands cramped at the extreme edges of the tuning 
scales. 


Table 1 Close-wound coil values 





L (pH) No of turns Span (mm) SWG 





PVC FORMER OF OUTSIDE DIAMETER 25 mm 


2.2 9 9 20 
10 24 24 20 
22 44 44 20 

100 110 60 26 


PVC FORMER OF OUTSIDE DIAMETER 20 mm 


2.2 10 10 20 
2.2 9 5 26 
10 32 32 20 
10 24 12 26 
22 63 62 20 
22 41 21 26 
100 134 70 26 


PVC FORMER OF OUTSIDE DIAMETER 19 mm 


2.2 11 11 20 
2.2 9 5 26 
10 35 34 20 
10 25 13 26 
22 68 67 20 
22 44 22 26 
100 157 79 26 
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Construction 


Hand-wound coils, using 19-25mm PVC formers, have single-layer 
windings, with their ends secured by threading the wires through two small 
holes drilled in the formers at each end of each winding. 


You may have wondered about the use of the two-pole switch $W1, as all 
the lower ends of the coils are grounded anyway. The answer lies in the ease 
of construction. Each coil can be mounted on the tags of the switch for 
support. If you are using the commercial coils, they are small enough to be 
accommodated on a miniature rotary switch; a larger rotary switch is 
required for hand-wound coils. The specification of a 6-way switch allows 
for the addition of extra frequency ranges at little extra cost. Rotary 
switches such as the 2-pole, 6-way variety have an adjustable end-stop 
which allows the number of ways to be set anywhere between 2-ways and 
6-ways. Remove the nuts from the switch, and a ‘washer’ will fall out. It is 
not a washer, really, and has a little piece of metal bent over at right angles 
to the washer. This fits into one of 12 holes in the body of the switch, and 
prevents the shaft from turning through 360° and selecting the number of 
ways. 


Calibration 


This process needs a commercial amateur-bands transceiver, if it is to be 
done quickly and accurately. 


@ Connect the transceiver to a dummy load, and connect a piece of flexible 
wire from point A in Figure 1 and wrap two or three turns around the 
cable between the transceiver and the dummy load. 

e@ Turn the transceiver power level control to minimum, and set the 
frequency at 1.81MHz and the mode to FM or AM. Switch to 
transmit. 

@ With the wavemeter set to its lowest frequency range (i.e. 1.8-3.5 MHz), 
rotate the tuning capacitor until maximum deflection is obtained from 
the meter needle. Write the frequency on the inner ring of the wavemeter 
scale at that point. 

@ Switch off and retune the transmitter to 3.5 MHz. Repeat the above 
process. 

@ Repeat, using switch range 2 for 3.5, 7 and 10 MHz, range 3 for 7, 10 
and 14 MHz, and range 4 for 14, 18, 21, 24 and 28 MHz. 


An alternative source of calibration signal could be an HF signal generator, 
with a single-turn loop of wire at the remote end of its cable, and the wire 
from the wavemeter brought close to the loop. 


Remember that the marks on the scale represent frequency bands, not 
precise frequencies. 


An HF absorption wavemeter 


Extending the range 


If you would like to experiment with increasing the range to the lower VHF 
band, then 50 MHz should be achievable with an additional self-supporting 
coil (no former). Try three turns of 20 SWG enamelled copper wire of 
25 mm ID (internal diameter). Wind it on some 25 mm PVC pipe, as before, 
then slide out the pipe! The same result could be achieved with four turns 
of 19 or 20mm ID, or 12 turns of 7.1mm ID. 


Parts list 





Resistor 
R1 


Capacitors 
C1 
vCcl1 


Inductors 


2200 ohms (Q) 0.25 watt, 10% tolerance 


1 nanofarad (nF) min. ceramic 
100 picofarad (pF) variable 


100 microhenries (4H) 
22 microhenries (jwH) 
10 microhenries (wH) 
2.2 microhenries (4H) 


Semiconductors 


D1 


Germanium OA91 or 1N4148 


Additional items 


SW1 





Rotary 2-pole, 6-way 

Moving-coil meter, 50 or 100 pA FSD (any meter 
of this sensitivity will do) 

Plastic box, approx. 150 by 80 by 50mm 
Connecting wire, coloured 
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65 A vertical aerial for 70 cm 


Introduction 


If the range of your hand-held transceiver is very limited, what you need is a 
vertical aerial mounted outside. This design is a half-wave dipole fed at the 
end instead of the middle. Because the impedance of the dipole is high at its 


ends (and low in the centre), a matching circuit is needed so that this high 
impedance can be matched to that of the low-impedance coaxial cable. All 
that is needed is a coil, which increases the electrical length of the aerial to 
%-wavelength. (Note that the electrical length (i.e. the length as it appears to 
an RF signal) is not necessarily the same as the actual length.) 





Construction 


The aerial element and the coil are made from a single piece of 1.5mm 
welding (brazing) rod, and the dimensions are given in Figure 1. Wind the 
coil around a 4mm rod or the shank of a twist drill. The lower end is filed 
to a point and then soldered into the centre conductor of a 4-hole panel- 
mounting BNC socket. (Try to obtain a good-quality BNC socket with 
PTFE insulation — the insulation of cheaper sockets is easily damaged.) Trim 
the element to 427 mm (top of element to top of coil) after the wire has been 
soldered to the socket. 


The base coil causes the aerial to be rather ‘whippy’, so a piece of 5mm 
plastic knitting needle can be cut to the length of the coil and then forced 
into it. 


The radials are made from four lengths of 3 mm welding rod. These are bent 
and soldered into the four mounting holes of the socket, and then cut to the 
lengths shown in Figure 1. 


Testing 


Using a standing-wave-ratio (SWR) meter connected between your aerial 
and the transceiver, measure the SWR (or obtain some indication of the 
reflected power) on transmit. If it is greater than 1.5, switch off the 
transmitter, trim about 3mm off the end of the element, and try again. 
Repeat the process until the measured SWR (or the reflected power) is as 
low as you can get it. 
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Figure 1 Construction of the 
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Installation 


The aerial is made waterproof by enclosing it in a 22mm diameter PVC 
waste water pipe. It is ‘weldable’, and available at plumbers’ merchants, 
usually by the metre. A coupler is slotted to take the radials (Figure 1). File 
the BNC socket as required, so that it slides inside the coupler until the 
radials poke out of the slots. Cut a length of plastic tubing which is 30 mm 
longer than the aerial, and push it into the coupler. You will then need a 
plastic bung or screw-top to waterproof the top end. 
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Plastic welding solution is now applied to the joints, sealing the aerial inside 
the tube. The coupler has been weakened as a result of making the slots, so 
it is worthwhile applying PVC tape around this joint until the welding 
solution sets. 


A support for the aerial is made from an off-cut of tube pushed into the 
lower end of the coupler and held with a self-tapping screw. 


Parts list 





4-hole panel-mounting BNC socket 

3mm brazing rod (may be available from a small garage) 
1.5mm brazing rod 

22mm PVC waste water pipe 

22 mm straight coupler 

Plastic welding solution 





A UHF corner reflector 
aerial 


Introduction 


The corner reflector is a well-known design and is capable of good 
performance on the VHF and UHF bands. At UHF, the practical 
implementation of the corner reflector is an ideal constructional project. 





Some details 


Expressed quite simply, the aerial consists of a } dipole (where d is the 
standard symbol for wavelength, making a ‘% dipole’ a half-wave dipole). 


Figure 1 70cm corner 
reflector antenna 


A UHF corner reflector aerial 


Nothing new in that, you might say. However, the interesting feature is the 
reflector, which is not the usual single element, but a 90° metal ‘corner’, 
acting rather like a parabolic dish as used for satellite signal reception. The 
wind resistance of this type of reflector makes it impractical so, to reduce 
the ‘windage’ quite significantly, we make the ‘corner’ from closely spaced 
rods, as illustrated in Figure 1. 
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a mount 
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driven element 








Reflector mount 
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The reflector consists of a number of 0.6\ rods, spaced from each other by 
0.1X. The aerial frame can be made of metal or wood, but wood is easier to 
work with, and mounting the elements to the frame is simpler. The 
prototype was made with wood of 20 mm by 15 mm cross-section, as Figure 
2 shows. The wood was varnished for protection. The elements were made 
from 1.5mm diameter copper wire, because a large reel of the wire 
happened to be available. The wire diameter is not critical; tubing could be 
used just as successfully. 14 SWG hard-drawn copper aerial wire would be 
even better than that used in the prototype. 
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Figure 2 Driven element 
dimensions, together with 
boom dimensions for driven 
element and reflectors 
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Construction 


This project is just as much a woodworking project as a radio project! 
Follow the instructions carefully, and you should have little trouble. 


@ Cut the booms for the reflectors, as shown in Figure 2. A mitre block is 
invaluable here in producing the 45° corners. 

@ Using the dimensions given on the diagram, mark the hole positions for 
the reflector elements, and then drill holes of a size which holds the 
elements firmly. 

@ Cut the driven element boom according to the diagram, and mark the 
point midway along the longer side, which will assist you later in 
positioning the driven element. 

@ Cut the back plate to size (about 120mm by 80mm). You may need to 
alter this size depending on the size of the U-bolt you will be using to 
clamp the aerial to the mast. 


A UHF corner reflector aerial 


@ If you want to be extra cautious in your construction, use the belt-and- 
braces approach, commonly known as ‘screw-and-glue’ to fix the booms 
to each other and to the back plate. 

@ Fix the reflector booms to the back plate first, then slide in the driven- 
element boom until it will go no further, then apply the wood glue and 
screw the two ends tightly to the reflector booms. Leave for the period 
prescribed by the glue manufacturers for the glue to harden. 

@ Varnish the whole structure. 

@ Cut the driven element to the correct size plus a couple of centimetres (the 
reason for this will be evident in the Testing section), and fix it to the 
centre of its boom (at the position you marked earlier) with a ‘chocolate 
block’ connector to which the coaxial feeder cable will eventually be 
connected. 

@ Cut and fix the reflector elements in place. If you find that these are a 
loose fit in the holes then, for each element, drill a pilot hole through the 
boom to intersect the hole for the element. File off the point of a 
woodscrew, and screw it gently into the pilot hole until it meets the 
element and grips it in place. You will now see why the point was filed 
off! Alternatively, you can glue the elements in place. 


Testing 


Place the aerial on a mast, clear of obstructions. Connect it to a transceiver 
with a length of coaxial cable, with a standing-wave-ratio (SWR) meter in 
circuit. Find a clear frequency, identify your transmission and ask if the 
frequency really is clear. If so, key the transmitter again and note the SWR. 
Do not stand in front of any aerial when it is radiating! The length of the 
driven element must be adjusted to obtain an SWR of less than 2. If you 
have to shorten the dipole, bend the ends over rather than cut them off. That 
way, if you go too far, your can lengthen them again! The dipole was 
initially cut too long intentionally, to allow for adjustment here! Bending the 
ends over also reduces the risk of physical damage to clothing, skin and 
eyes. You may like to consider applying the same technique to the reflector 
elements for that reason alone. 


Moving on... 


Once you have warmed to the idea of the corner reflector as an aerial, you 
might like to ring the changes regarding the reflector. How about replacing 
the 20 reflector elements with a wire mesh, such as garden centres sell as 
‘chicken wire’? Choose the finest mesh if there is a choice. Some extra 
support may be needed around the edges of the mesh, but you could go on 
to make a comparison of aerial gain between the two types, using the UHF 
Field Strength Meter described elsewhere in this book. 
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Materials 





Stiff wire or thin-walled tubing for dipole and reflector 

Frame — wood, 15mm by 20mm cross-section, lengths given in text 
Back plate — stout plywood, dimensions given in text 

U-bolt to suit mast 

Wood screws 

Wood glue 

50 W coaxial cable for feeder 

2-terminal ‘chocolate block’ for dipole connection to feeder 

Varnish 





67 A switched dummy load 


Introduction 


A dummy load is a pure resistor of value 50 ohms which can replace your 
transmitting aerial and enable you to operate the transmitter for test 
purposes without radiating a signal. It sounds simple enough, but there are 
two main problems. Firstly, it is impossible to delve into your junk box and 
emerge with a resistor that will dissipate 100W PEP and still retain its 
marked resistance value. Secondly, a ‘pure resistance’ is very difficult to 
achieve. A pure resistance is a device which has resistance but no reactance. 
All common resistors have significant reactance at radio frequencies, 


particularly the wire-wound varieties, which have a helical (i.e. wound like 
a coil) construction. This is particularly annoying, because wire-wound 
construction is normally used for large-wattage resistors. 


Although all resistors have some reactance, not all are quite as bad as the 
wire-wound type. Carbon film resistors are made by depositing a thin film 
of carbon on the surface of a small, hollow ceramic cylinder, the thickness 
of the film of carbon determining the value of the resistor. Provided the 
lead lengths are kept short, these resistors have a tolerably small reactance, 
and will be used in this project. 





Bearing the load 


A 2.W carbon film resistor is hardly going to withstand our 100 W PEP of 
SSB, so it is obvious that the design of our dummy load must be a little more 
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Figure 1 Basic circuit 
diagram 


A switched dummy load 


complex than a single resistor and a switch, despite what Figure 1 might 
suggest! In fact, it uses 20 resistors, each of value 1000 0 (1kQ). How does 
this solve our problem? 


Perhaps a little theory is in order here, but no more than is required by the 
Radio Amateurs’ Examination. 


When two equal resistors of value r are combined in parallel (i.e. side by 
side), the total resistance, Ry, is given by: 


Adding 1/r to 1/r gives 2/1, therefore: 


1 2. 
—=-, Le. Ry = 7/2. 
Ry r 


So, by connecting two equal resistors in parallel, we get a combined 
resistance which is half the individual resistances. If we combine three in 
parallel, we get a third of the resistance, and so on. 


Here, we are connecting 20 resistors of 1 kQ in parallel, so we will produce 
an overall resistance of one-twentieth of the individual resistance, i.e. 
1000/20 = 50 Q, which is what we set out to achieve! 










R1 
50R 
{26 x kR 2W) 
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This is not the only advantage, though. Each resistor is capable of 
dissipating 2 W, so 20 of them will safely dissipate 40 W, for short periods 
at least. This power dissipation is approximately the same as 100 W PEP of 
normal speech, so the design should be capable of use in an ‘average’ 
amateur station. The power-handling ability of any dummy load can be 
improved by providing a ‘heat sink’ which helps to conduct the heat energy 
away from the resistors, thus lowering their temperature. One popular heat 
sink is a can of transformer oil, into which the resistors are immersed. This 
design uses a rather more mundane heat sink, but which is adequate for the 


job in hand. 
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Figure 2 PCB resistor 
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A switched dummy load 


Pouring the heat away 


Two basic PCBs are needed, the details being given in Figure 2. Both 
measure 11 x 35 mm. Each has a set of 20 holes of diameter about 1 mm to 
take the ends of the resistors. Only one of them has two 3 mm holes which 
are used for mounting the completed load. Figure 3 shows how the heat sink 
is assembled. Solder one end of each resistor into the ‘earth’ PCB, and then 
mount this to the box using the two bolts as shown in the diagram. Between 
each rank of resistors is a ‘sandwich’ consisting of an aluminium strip and 
two pieces of ceramic wall tile, to act as a heat sink for the resistors. Heat 
sink compound is used to provide good thermal contact between the 
resistors and the tiles, and between the tiles and the aluminium strip. This 
is shown in the lower part of Figure 3. Thread the loose wires of the resistors 
through the holes in the second PCB, solder into place, and crop the 
protruding wires. 


Switching 


A changeover switch must be used so that the transceiver can be switched 
between the dummy load and the aerial without unscrewing connectors. For 
most purposes, an ordinary 10 A 230 V changeover switch will suffice, as 
found in many electrical shops and DIY stores. 


Wire this into the circuit as shown in Figure 1 and Figure 3. Check your 
wiring. Put $1 in the ‘dummy load’ position. If you have a multimeter which 
includes an ohmmeter, measure the resistance across the socket, J1, before 
connecting it to the transceiver. It should be very near 50 ©. With S1 in the 
‘aerial’ position, there should be an infinite resistance across J1. Move your 
ohmmeter to read the resistance across J2. It should be infinite for both 
positions of S1. If all seems correct, close the box and your dummy load is 
ready for use! 


Parts list 





Resistors 
1000 Q (1kQ) 2 W carbon film, 20 required 
Additional items 
10 A 230 V changeover (SPDT) switch 
SO-239 sockets, 2 required 
Aluminium box 120 x 95 x 53mm or similar 
Ceramic wall tile cut as required 
Aluminium strip, 18 SWG 
Nuts and bolts as required 
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68 A simple Morse oscillator 


Introduction 


This is an excellent project which uses the ‘junk box’ as its source of 


components. If you have trouble in finding the bits for this one, a good 
source of the components for this and many other similar projects is to be 
found with the parts list at the end of the project. 





The circuit 


This is shown in Figure 1, and uses an ‘unknown’ Plessey chip, which makes 
the overall circuit extremely easy to build. A 0.1 wF capacitor is connected 
between pins 7 and 8, a speaker (in the popular 8 to 25 O impedance range) 
is connected between pins 8 and 9. If a 9 V battery is connected with its 
positive terminal to pin 8 and its negative terminal to pin 1, 3 or 5, a tone 
will be produced in the speaker. 


To make this circuit into a good Morse practice oscillator, it is necessary 
only to insert a Morse key into the supply rail from the battery. 


However, there is another refinement which you may care to build into the 
circuit. The tone from the loudspeaker is different, depending upon which 
of pins 1, 3 or 5 you use. In the prototype, a single-pole changeover switch 
was used to select the tones from pin 1 or pin 3, and the Morse key would 
be connected to the circuit via a small jack socket. There is no need for an 
on/off switch, as the Morse key performs that function. The switch and the 
jack socket can be seen in the photograph. 


+9V 
on PP3 






Speaker 
Key jack 
O) 
Figure 1 Morse oscillator, -9V 
circuit diagram @Asa@e vy243 on PP3 
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A simple Morse oscillator 


The case 


Almost any small loudspeaker will do; the higher the impedance the better. 
The ‘impedance’ is the figure usually printed on the rear of the speaker 
magnet. It is a value given in ohms (Q). For simple circuits like this, you will 
usually find that the higher the impedance (within reason), the louder the 
sound it will produce. Speakers from old transistor radios will work, 
although their impedances can be rather low sometimes. 


Any case big enough to house the components and the battery will be 
suitable. The prototype used a ‘Walkman’-type speaker and case, and is 
shown in the photograph. 


To use the circuit, simply attach a 3.5 mm jack plug to your Morse key, and 
insert it into the socket. Nothing should happen until you press the key, 
when a tone should be heard from the loudspeaker. 


Another application 


Try soldering the two wires of a ‘twisted pair’ to the 3.5mm jack plug. 
Touching the wires together produces a tone from the speaker. This simple 
circuit can then be used as a ‘continuity tester’. Touch the two wires to the 
ends of a fuse. If there is no sound, then the fuse is blown. There are many 
other such tests you could perform with this device — to check whether there 
really is a connection between one end of a wire and the other, for example. 





239 





Radio and Electronics Cookbook 


240 


Warning 


You must never make such tests on any equipment which is connected to the 
mains supply, even if it is switched off. If you want to make any such tests, 
make sure you are supervised by someone who understands what you are 
doing and is competent to advise and supervise you. 


Parts list 





Plessey oscillator chip 

0.1 wF capacitor (disc ceramic) 

Loudspeaker 8 to 25 0, 

3.5mm jack socket (and 3.5 mm jack plug if needed) 
Single-pole changeover switch 


The Plessey oscillator chip is available from J. Birkett, 25 The Strait, 
Lincoln LN2 1JF, tel: 01522 520 767. 


John Birkett may also provide a kit of parts (the chip, capacitor and 
loudspeaker). 





69 A bipolar transistor tester 


Introduction 


This is a circuit which will test normal transistors, i.e. npn or pnp. It has the 


advantage of being able to test devices while they are still connected in 
their original circuits. However, when such tests are made, the circuit 
containing the transistor under test must not be switched on. 





The circuit and how it works 


The circuit runs from a 9 V battery such as a PP3 or six AA-type 1.5 V cells. 
Alkaline cells are to be preferred, as their electrolyte leakage properties are 
better. The circuit shown in Figure 1 uses a single CMOS integrated circuit 
type 4001 or 4011. CMOS circuits require special handling precautions 
which are described in the project Christmas Tree LEDs, elsewhere in this 


book. 


A bipolar transistor tester 


@) Used in text 
pin 14 to explain 

(B) operation R5 D1- D4 

100R IN4148 





IC1 
OV j pin 7 
Based * P Emitter 
@nRsGe vy229 Collector 


Figure 1 Transistor tester, circuit diagram 


Inside the IC are four logic gates (see Digital Logic Circuits) which are all 
connected as inverters, which means that the output signal is always the 
logical ‘opposite’ of the input. The first two gates are connected as an 
oscillator; the circuit being the same as that used in An Electronic Die. 


The output of the oscillator, at pin 11, is connected to the input of a buffer 
stage, IC1c, which helps to isolate the oscillator from the circuit that follows 
it. The buffer output appears on pin 3, which we shall label as test point A 
for future use. Another inverter, IC1d, follows this, its output at pin 4 being 
labelled test point B. 


There are two LEDs connected back to back at the circuit output. These are 
DS and D6, DS being red and D6 being green. Whatever the output of the 
oscillator at any instant, one of the LEDs must be lit and the other unlit. 
With point A positive and point B zero, the red LED is lit, when A is zero 
and B is positive, the green LED is lit. Because the oscillator output is 
repeatedly switching from one polarity to the other, the lit LED is alternately 
red and green. They switch between the two colours much faster than we 
can see, so what we think we see are both LEDs lit together. 


The two 100 ohm resistors, R3 and R4, provide the bias to the base of the 
transistor under test. When A is positive and B is zero, the base-emitter 
junction of the transistor will be forward-biased, and the transistor will 
switch on (if it is a working npn type). When the transistor is on, it 
effectively short-circuits D5 (the red LED) and it extinguishes. When point 
A is zero and B is positive, an npn transistor will be switched off and the 
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Figure 2 Transistor tester, 


component layout 
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green LED (D6) will light. Thus, for a working npn transistor, only the green 
LED is lit. 


If the transistor under test is a pnp type, it will switch on when A is zero and 
B positive, thus short-circuiting the red LED (D6). When A is positive and 
B zero, the transistor is off and the red LED (DS) is lit. Thus for a working 
pnp transistor, only the red LED is lit. 


To summarise, the states of the LEDs indicate the following conditions: 


e@ Both LEDs apparently lit: no transistor connected, or transistor 
permanently open circuit. 

@ Neither LED lit: a collector-emitter short-circuit is almost certain. 

@ Red LED alone: pnp transistor in working order. 

@ Green LED alone: npn transistor in working order. 


Construction 


The prototype tester was built on a piece of Veroboard measuring 15 strips 
by 18 holes. Cut the tracks using a track-cutting tool or a 3mm (% inch) 
twist drill, as shown in Figure 2. Notice that, in this diagram, there is no 
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A bipolar transistor tester 


track ‘I’, so try to avoid miscounting when you translate diagram positions 
to real positions on the board. Hold the board up to a strong light to ensure 
that there is no copper swarf shorting adjacent tracks together, and that you 
have made the cuts in the correct places. 


Having done this, insert and solder Veropins for all the connections to be 
made to components not on the board itself. Then solder in the IC holder 
and the wire links. Then insert the other components in the order resistors, 
capacitors and diodes D1—D4. Some resistors are mounted vertically so that 
their connections are on adjacent tracks. Double check the diode polarities 
— it is easy to make a mistake when wiring diodes in anti-parallel! Next, 
connect up the off-board components, again making sure that the LEDs 
have the correct polarity. The probe leads for the emitter, base and collector 
should be made from different colours of wire and terminated in probe clips 
(small insulated crocodile clips). 


Check carefully for dry joints and errant blobs of solder. Plug the IC into its 
holder, ensuring that it is inserted the right way round, as shown in Figure 2. 


Testing 


Without a transistor in circuit, and the battery connected, both LEDs should 
be lit. Connect a known good npn transistor and verify that the green LED 
lights. Now simulate two transistor faults: disconnect the base lead and 
both LEDs should light; remove the transistor and connect the emitter and 
collector leads together. Neither LED should light. 


Repeat the tests with a known good pnp transistor. The results should be the 
same, except that the correct indication should now be a lit red LED. On 
your computer, make a small label of the bulleted list above, to fit on your 
tester showing the states of the LEDs and what they mean. It will act as a 
useful aide mémoire when you use the tester in future. 


Using 


The circuit will test transistors in isolation or in an existing circuit, i.e. prior 
to use. You can check the lead identifications in component catalogues such 
as the Maplin catalogue. The tester is ideal for going through the large bags 
of unmarked transistors that you can buy for a song at rallies. You can sort 
them into three piles — npn, pnp and dud! 
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Parts list 





Resistors: all 0.25 watt, 10% tolerance or better 
R1, R2 5600 ohms (Q) 
R3, R4, RS 100 ohms (2) 


Capacitors 
C1, C2 1 microfarad (pF) electrolytic, 16V WKG 


Semiconductors 
D1-D4 1N4148 general-purpose silicon diodes 
D5 Red LED 
D6 Green LED 


Integrated circuit 
IC1 CMOS 4001 or 4011 


Additional items 
Veroboard, 15 strips by 18 holes 
Veropins 
PP3 battery and connector (or 6 x AA cells in PP3 clip holder) 
Switch, SPST 
Connecting wire 
One each of known working npn and pnp transistors for test 
purposes. 


Source 





Components are available from Maplin. 
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70 The ‘Yearling’ 20 m receiver 


Introduction 


Published to celebrate the first anniversary of D-i-Y Radio, this excellent 
receiver design forms a suitable ‘second receiver project’ for those who 
have successfully completed the MW receivers earlier in this series. The 
receiver is powered from a PP3 battery or from a mains adaptor, and can 


be built with the help of an experienced constructor, on a prototype board. 
The circuit diagram and some of the components used are shown in the 
separate diagram. Headphones or a loudspeaker can be used and, once the 
radio is completed, a few simple adjustments will make the Yearling spring 
to life! 





Building the receiver 


Before starting the constructional process, start by identifying all the parts. 
One by one, tick them off against the parts list. Are their values correct? The 
varactor diode is a twin type (see circuit diagram overleaf), and must be cut 
carefully down the middle, producing two devices, D1 and D2, with two 
wires each. 


First, solder the IC sockets, followed by the coils (inductors); L1 is pink 
inside the top, and L2 is yellow inside. Then, solder in the varactors; the 
lettering on D1 should be next to coil L1, and the lettering on D2 should 
face resistor R7. After those, the capacitors, wire links and resistors should 
be soldered to the board. Take care to wire the voltage regulator, IC3, 
correctly. Solder in the crystal X1 as quickly and deftly as you can — crystals 
do not take kindly to having their leads bent and being fried with a soldering 
iron! Make sure that the electrolytic capacitors C2, C12, C15 and C16 are 
fitted the right way round. Most electrolytic capacitors have only the 
negative lead marked. 


Figure 1 shows the rear of the front panel, illustrating the connections from 
the board and antenna socket to the controls. All normal connecting wires 
are 22 SWG or thereabouts, with insulation. Their lengths should be about 
15cm, except for the battery lead to the switch, which is about 8 cm. It is 
recommended that you use different-coloured wire for each connection to a 
control. Figure 2 shows this. The variable resistor section of VRS, the AF 
gain control, uses single screened cable connected to 0 V (ground) at the 


245 


Ir 


r 
1 
1 

‘| 
2 
i 
I 
1 
1 
I 
+ 


real — Behl veel 


8-8 and S40MH; 


Pa rein areheurs enjoy Gilding pa 
is Do-it: Yourself (D-i-¥) Radio, and itis 
successtudly built yoursell. Licen 
ailewed (by Ihe Government) to use ho 
fnn see how radio components are d 

init decree for § 


O--¥ Radio, ASGE, Lambda House, Cre 





Externa 
Dt power 
connector 


EXTERAAL Ot COHKE 


‘ee 


of their radio stations thamseives, this 
very sotistying te use a radio you have 
Woda ariabert are the ooly people 
2-built iransemithers. Cn this page you | 
wn on a cincudt diagram. This i& the full 


inbeqpaied Corciust 
O4-Y Bacio Yearling. 


nbome Road, Potters Bar, Herts. EMG SIE 





Radio and Electronics Cookbook 





~~ “DD 
U Ib PCB To PCB 
+5V stable OV 
To PCB a 
To RV4 (+5V stab) To PCB 
(C7) 
$V DC 
to PCB To DC power 







connector 


To earth 


To ~~ socket 





To PCB To PCB 
(RV5 ground) (OV) 
ie To PCB To PCB 
ek (R9) ee eae 
‘A To PCB 
(RV5 middle) 
@)ASGB DY233 


Figure 1 Rear view of the variable resistors. Check the connections carefully to make sure the wires fit the correct 
holes 
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Figure 2 It is helpful to use different colour insulated connecting wires. Wires between each variable resistor and the 
board should be twisted together to give a neat wiring outfit. 
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The ‘Yearling’ 20m receiver 


board end. Now fit the ICs into their sockets. Make sure that they are the 
right way round (see circuit diagram) and that each pin lies directly above 
its corresponding socket before applying gentle pressure with the back of 
the board firmly supported. 


Check that all the connections are correct (don’t assume this — check the 
ends of each wire against the circuit diagram) and that all your soldered 
joints are shiny. Lastly, drill the five 10.5 mm diameter holes for the main 
controls. On the side of the case, a 6.3 mm diameter hole is needed for the 
speaker socket, and 8mm holes for the antenna and earth sockets. The 
external power socket requires an 11mm diameter hole. 


Adjusting it 


Before you can make adjustments, and in order to hear anything on your 
Yearling, you will need to connect an antenna (aerial) to the antenna socket. 
About 8 metres of wire, preferably outdoors and as high as possible, is all 
you need to connect to the socket. Connect the 3.5 mm jack socket for the 
speaker, and a 3.5mm jack to your speaker leads. Connect a battery and 
switch on. 


1. Using a very small screwdriver or, better still, a non-metallic ‘trimming 
tool’, gently screw in the core of L2 as far as it will go, but don’t force 
it. Then unscrew it by three turns anticlockwise. 

2. Set VR1, VR2 and VR4 to mid-position and rotate the core of L1 
anticlockwise until the hissing noise you hear reaches a maximum 
intensity. Then adjust L2 for maximum noise. 

3. If you now tune carefully with the main tuning control, VR4, you should 
hear some amateur Single-Sideband (SSB) speech signals. You may have 
to adjust the bandspread (fine tuning) control, VR3, to make the speech 
sound normal. 

4. Having verified that everything is working, switch off and mount the 
controls on the front panel and the sockets on the side. To do this, it is 
much safer to disconnect all the controls and sockets, mount them in 
their final positions, and then wire them up again. 

5. Fit the front panel knobs, connect your aerial and switch on again, 
checking that everything is working. Then, locate the cluster of CW 
(Morse) signals to be found at the bottom of the 20 metre band, set the 
bandspread control to mid-position and slacken off the main tuning 
knob. Turn the knob (but not the control!) until the pointer lies a little 
clockwise of 14.0 MHz. The SSB signals should now lie roughly between 
the dial centre and 14.35 MHz. Tighten up the knob. 

6. Finally, fix the board to the rear panel, and secure the battery (if you are 
using one). Attach the rear panel to the back of the box, and you are 


finished! 
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Listening! 


Make a habit of keeping the bandspread control in its centre position when 
searching for stations; then you can adjust it either way to make the signals 
readable. Unless you have a very big aerial, it is best to have the ‘RF Gain’ 
control, VR1, at maximum. Use the ‘Antenna Tune’ control, VR2, to give 
the best signal, and control the volume with the ‘OFF/AF Gain’ control. You 
will find some excellent DX stations with your Yearling receiver, and it will 


serve you well. 





Parts list 





Resistors (all 0.25 W, 5%) 


R1, RS, RY 


100 kilohms (kQ) 
10 kilohms (kQ) 
1.5 kilohms (kQ) 
12 kilohms (kQ) 
200 ohms (Q) 


Capacitors (all rated at 16 V or more, tolerance at least 
what is quoted) 


C1, CS 


C16 


180 picofarads (pF) polystyrene 5% 

10 microfarads (wF) electrolytic 

47 picofarads (pF) polystyrene 5% 

100 picofarads (pF) polystyrene 5% 

100 nanofarads (nF) or 0.1 microfarad (uF) ceramic 

220 picofarads (pF) polystyrene 2% 

330 picofarads (pF) polystyrene 2% 

10 nanofarads (nF) or 0.01 microfarad (uF) ceramic 

100 microfarads (wF) electrolytic 

47 nanofarads (nF) or 0.047 microfarad (uF) 
polyester, 5% 

1 microfarad (uF) electrolytic 


Variable resistors 


VR1, VR3 
VR2, VR4 
VRS 


Inductors 
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1 kilohm (kQ) linear 
47 kilohms (kQ) linear 
10 kilohms (kQ) log with switch 


Toko KANK3335R 
Toko KANK3334R 
10 microhenries (wH), 5% 


Adding the 80 metre band to the Yearling receiver 


Semiconductors 
1C1, IC2 Philips/Signetics NE602 or NE602A 
IC3 78L05 5V 100 mA regulator 
1C4 TLO72 Dual Op-Amp 
ICS Philips TDA7052 audio amplifier 


Additional items 
D1, D2 Varactor diode Toko KV1236 (cut into two sections — 


see text) 
X1 Crystal 8.86 MHz type (from Maplin, etc.) 
4 off 8-pin DIL sockets for IC1, IC2, IC4 and ICS 
2. off 4mm sockets aerial (red) and earth (black) 
1 off 3.5 mm chassis-mounting speaker jack socket 
1 off DC power socket for external supply (if required) 
4 off Red knobs with pointers 
1 off Tuning knob with pointer (e.g. 37 mm PK3 type) 
1 off Printed-circuit board or prototype board 
1 off Plastic case approx 170 x 110 x 6mm (e.g. Tandy 
number 270-224) 
1 off Speaker 8-32 Q impedance (or headphones) 





71 Adding the 80 metre band 
to the Yearling receiver 


Background 


You will have noticed that your Yearling receiver has a dial which shows 
coverage of the 80-metre amateur band (3.5—3.8 MHz). This band is used 


for local contacts during the day, and contacts up to about 1600 miles in 
darkness. Longer distances are possible, particularly in the middle of 
winter. 





The modifications 


Only a few extra parts are required, as you may have noticed from the parts 
list. A low-pass filter, FL1 (one which passes low frequencies and rejects 
higher frequencies), is switched into the circuit on 80m. The circuit of the 
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Figure 1 The circuit 
diagram shows the extra 
components for 80m 
operation. Note the 
connections to the PCB ‘a’, 
‘b’, ‘c and ‘d’ 


Figure 2 The underside of 
the PCB. Wires are 
connected from the switch 
and filter as shown 
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Adding the 80 metre band to the Yearling receiver 


Figure 3 Internal view of 
the Yearling case. The filter 
FL1 is attached to the base 
with glue 


switch and its connections is shown in Figure 1. Before making the 
modifications, dismantle the receiver so that you have easy (and safe) access 
to the case and the track side of the PCB. 


1. 


2. 


The first thing to do is to drill a 6.5 mm diameter hole in the side of the 
case into which the switch fits. 

Then, using a sharp Stanley knife or scalpel, carefully cut the track on the 
PCB as shown in Figure 2, making a gap about 1 mm wide. 


. Using 10cm lengths of different-coloured insulated wire, make the four 


connections, a, b, c and d, to the PCB, as shown in Figure 2. 


. Solder the two links on the filter, and then make the connections to the 


switch, capacitors and PCB. You will have to disconnect the existing wire 
between the RF gain control, VR1, and pin 4 of L1 on the PCB. 


. Lastly, check your new connections carefully, then mount the switch in the 


new hole and fix the filter to the bottom of the case with a little glue, as 
shown in Figure 3. Reassemble the circuit, and replace the back of the 
case. 


More testing! 


Firstly, switch your new switch, S1, into the 20 m position, to check that the 
original circuit still works! If you find that the ‘Antenna Tune’ control peaks 
at a slightly different position, don’t worry. 





253 


Radio and Electronics Cookbook 


254 


Now switch to 80 m, and tune around the anticlockwise end of the dial; you 
should hear some SSB stations, particularly in the evenings and at weekends, 
when may people are on the air. At the other end of the travel of the tuning 
control, you should hear CW (Morse) stations. 


The Radio Society of Great Britain broadcasts amateur radio news every 
Sunday morning on or about 3.65 MHz; the table below has the details. 
Finally, a good antenna is more important than ever for 80 metre reception 
— aim for more height and length, and then consider the project concerned 
with making an Antenna Tuning Unit (ATU)! 


Parts list 





Capacitors (all rated at 16 V or more, tolerance 10% or better) 
Cx, Cy 100 picofarads (pF) polystyrene 


Filter 
FL1 Toko 237LVS1110 low-pass filter 


Additional items 
SW1 2-pole 2-way (changeover) toggle switch 
7 off Short lengths of insulated wire of different colours 





The RSGB news broadcasts, GB2RS — Sunday 
mornings 








Frequency (MHz) Local time Reception area 
3.650 0900 SE England 
3.650 0930 Midlands 
3.650 1000 SW England 
3.650 1100 Yorkshire 
3.640 1130 Aberdeen 
3.660 1130 Glasgow 





The Midlands transmission is repeated at 1800 (6pm) local time on 
3.650 MHz. All frequencies are approximate in order to avoid interference, 
and use lower sideband (LSB). If you also have a 40 metre receiver, there are 
GB2RS news broadcasts on 7.048 MHz at 0900 local time from Northern 
Ireland and from 1100 local time from the north midlands. 


How the Yearling works 


72 How the Yearling works 


Introduction 


The Yearling was designed to provide an introduction to Amateur Radio on 
the 20 m amateur band. Let’s look at how the different sections (or ‘stages’) 


of a radio work, and how they fit together to form a complete receiver. 
Figure 1 shows a block diagram which you can follow and compare with 
the circuit diagram of your Yearling receiver. 





The antenna (or aerial) 


Connected to your receiver, it will pick up not only amateur signals, but 
all other signals as well! This means that the receiver has to select the one 
signal that interests you, while rejecting all the others. The following 
stages do just that. 


The RF filter 


This stage (centred around L1) selects the band of radio frequencies (RF) 
containing the signal you want, in this case, those having wavelengths 
around 20m. Signals from the 40m band, for example, would not get 
through. 


The crystal oscillator 


This is an oscillator circuit designed around a quartz crystal (X1), and has 
a very stable frequency. It produces a single, very pure frequency to feed into 
the mixer. A crystal having a frequency between 8.800MHz and 
9.000 MHz is suitable for this circuit. The oscillator and mixer functions are 
both carried out inside IC1. 


The first mixer 


Yes, this stage ‘mixes’ two signals together. In this case, the two signals are 
(i) from the aerial via the RF Filter, and (ii) from the crystal oscillator. Two 
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Figure 1 Block diagram of the Yearling, showing how the various stages fit together to make a complete radio 


receiver 
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bands of signals emerge from the mixer. The first is centred upon a 
frequency equal to the incoming signal frequency added to the crystal 
frequency, and the second is centred upon a frequency equal to the incoming 
signal frequency subtracted from the crystal frequency. Look at an example 
- if the signal is at 14 MHz and the oscillator at 9 MHz, then the mixer 
outputs will be 14 + 9 = 23 MHz and 14 - 9 = 5 MHz. 


Intermediate frequency (IF) filter 


It is the purpose of the IF filter (centred around L2) to select only one of 
these two bands of frequencies emerging from the mixer. In this case, it is the 
lower band of frequencies (around 5 MHz) which we select. This is because, 
in general, lower frequencies are easier to handle than higher ones. 


Variable-frequency oscillator (VFO) 


The VFO (part of IC2) enables us to tune into a particular station, and 
operates over a band of frequencies between 5 MHz and 5.35 MHz in this 
receiver. You will notice that IC1 and IC2 are the same type of chip, so that 
you will be expecting another mixer stage to be associated with the VFO. 
You are quite right! 


The second mixer 


This mixer obeys exactly the same rules as those of mixer 1. Sum and 
difference frequencies are produced, like this. Mixing is between the 
incoming IF signals (around 5 MHz) and the VFO signals (around 5 MHz), 
producing output frequency bands centred upon 10 MHz and 0 MHz. The 
use of the words ‘band of frequencies’ throughout this explanation is 
intentional. If all the signals were pure, there would be no bands; the bands 
are produced because of one thing — the modulation imposed on the pure 
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frequencies at the transmitter. So, the ‘bands’ contain the one thing that we 
want to extract from the signal, and that is the speech or Morse code that 
the signal contains. The band of frequencies at 0 MHz is just that — the 
audio frequencies we want in the loudspeaker. Because of this, the audio 
frequency output of the second mixer is selected and passed on for 
amplification. 


The audio preamplifier 


Preliminary amplification of the minute audio signal which emerges from 
the second mixer is provided by IC4a, which will respond only to audio 
signals, automatically rejecting the 10 MHz signal. 


The audio filter 


The bandwidth of normal speech when transmitted by an amateur station is 
around 3kHz, so there is no advantage to be gained in amplifying 
frequencies greater than this. IC4b is known as a low-pass filter, because it 
passes (lets through) lower frequencies and rejects higher ones. 


The power amplifier 


ICS produces the final audio amplification and provides enough power 
(about 350 milliwatts (mW) to drive a small speaker. 


How does it work on 80 m? 


If you have fitted the 80 m modification to your receiver, you are probably 
wondering how the circuit works at this different frequency. Firstly, the 
filter which you fitted selects the 80m band instead of the 20m band. The 
only other slight difference lies in the way the first mixer stage works. Its job 
is to produce sum and difference frequencies from the incoming signal and 
crystal frequencies. On 20 m, it did this by subtracting the crystal frequency 
(9 MHz) from the incoming frequency (14 MHz) to produce an IF output of 
5 MHz. On 80m, the incoming frequency (3.5 MHz) is subtracted from the 
crystal frequency (9 MHz) to produce an IF output of 5.5 MHz, which is 
still within the tuning range of the VFO in the next stage. 
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73 A field strength meter 


Figure 1 Voltage doubler 
circuit 
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Introduction 


Having a reliable field strength meter is always useful. There are two basic 
types — the tuned variety (also known as an absorption wavemeter) and the 
broad-band variety. A project centred on the tuned variety can be found in 
this book (An HF absorption wavemeter), and the way it works is also 


presented (The absorption wavemeter). This project describes an untuned or 
broad-band type which is every bit as useful as the tuned type, when it is 
the level of RF in which you are principally interested. 


With the possible exception of the meter, you may have all the parts needed 
in your junk box. The prototype was distinguished by its meter, found at a 
rally, and marked ‘Safe’, ‘Dangerous’ and ‘Explosive’ on its scale. 





How it works 


The basic field strength meter uses the circuit of a crystal set, but with a 
meter replacing the headphones. A better design, which is used here, is that 
of a voltage doubler, giving more sensitivity. Figure 1 illustrates the voltage 
doubler circuit. 


The AC input shown will be our RF input, which will be explained soon. 
Diode D1 will pass the positive half of the signal and use it to charge up C1 
to the peak value of the signal. D2 uses the negative half of the signal to 
charge up C2 to the same value. Because C1 and C2 are in series, the peak 
voltage appearing across both of them (which is the DC output voltage) is 
equal to twice the peak input voltage, hence the name voltage doubler. If 
you’re wondering why DC is present at the output when AC comes in at the 
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Figure 2 Field strength 
meter 
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input, remember that capacitors pass AC (RF) but block DC; thus the RF is 
shorted out through C1 and C2, but the steady voltage (DC) remains across 
the two capacitors. The voltage is thus proportional to the size of the RF 
signal applied at the input. 


The circuit 


The voltage doubler is converted into a field strength meter using the circuit 
of Figure 2. A piece of wire serves as the aerial to provide an RF signal 
across the radio-frequency choke (RFC). A choke is an inductor which is 
large enough to prevent the RF passing through it — it ‘chokes’ the RE. This 
produces the maximum RF signal at the input to the voltage doubler, and 
the DC output from it is measured on the meter. 


Wire 
antenna 
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The parts used are not very critical. The RF choke can have any value 
between about 1mH and 2.5mH. Almost any common diode such as 
the 1N914 or 1N4148 can be used for D1 and D2. The two capacitors 
could be any value between 1nF and 100nF (0.001 wF and 0.1 wF). The 
meter should be reasonably sensitive, with a full-scale deflection (FSD) 
in the range SOpA to 100pA. Look for VU meters at rallies — these 
are ideal. 


Construction 


The prototype circuit was made on matrix board. If you don’t want to use 
pins with the board, simply push the component leads through the holes 
and make the connections on the underside of the board, either with the 
excess component leads themselves, or with ordinary connecting wire. 
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Figure 3 Board layout and 
interconnections 
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Component side of board shown. 
All connections are under board 


Figure 3 shows how the parts are placed and connected. The matrix board 
can be mounted directly on the meter using its terminal bolts! 


In use 


Needing no power supply other than an RF signal, just connect it all up 
and leave it to work! A short length of insulated wire is enough to pick up 
some RF and display it on the meter. Using a 200A meter, about 3 
metres of wire gave a good deflection on the meter. To increase deflection, 
the wire can be wrapped around the aerial lead, provided that the wire is 
PVC covered and doesn’t come into contact with the aerial wire. 


This requires a little experimentation. Try a long piece of wire first and 
adjust its position until the meter needle kicks whenever there is a 
transmission. It is very reassuring to see the meter moving during a 
transmission. Although SWR meters also indicate power, they are usually 
set to read reverse power, and show little or no movement during 
transmission. 


Preselector for a short-wave receiver 


Parts list 





D1, D2 1N914, 1N4148 or similar 
C1, C2 10 nF disc ceramic 

RFC Miniature axial choke (1 mH) 
Meter Surplus VU meter or similar 
Matrix board or similar 


Components are available from Maplin. 





74 Preselector for a 
short-wave receiver 


Introduction 


A preselector is a simple RF tuned amplifier which is inserted between the 
aerial and the receiver. It provides some extra gain and may improve the 
overall performance of the receiver. This project uses a Field-Effect 
Transistor (FET) amplifier in grounded-gate mode. 


The design has a tuned circuit at both the input and output which, with 
excessive gain and poor construction, would produce only one thing — 
oscillation! So, to avoid this happening, we will have only a low gain, and 
use a circuit which provides good isolation between input and output. The 
grounded-gate FET amplifier fulfils both these criteria. It will also cover a 
frequency range from about 7 to 30 MHz, which includes most of the HF 
amateur bands. 





The circuit 


This is shown in Figure 1. The signal from the aerial arrives at an RF 
transformer, the secondary of which is tuned with capacitor VCla. The 
output from the tuned circuit is taken from a tap on the secondary to the 
source of the FET. The gate is grounded (earthed) and the amplified signal 
appears at the FET drain, which is then fed to the primary of another RF 
transformer, which is tuned by VCib. The output to the receiver comes 
from the secondary of the RF transformer. 
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Figure 1 HF preselector, 
circuit diagram 
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Notice that the two RF transformers are identical, but they are used ‘back 
to back’, with the secondary of the first and the primary of the second being 
tuned. They are tuned with identical capacitors, fitted on the same shaft of 
a variable capacitor. We say that the two capacitors are ‘ganged’. Because 
L1 and L2 are the same, and VCla and VC1b are the same, both RF 
transformers should be resonant at the same frequency, no matter what that 
frequency is. 


Construction 


The final layout should look something like that shown in Figure 2. The 
external connectors and controls being two SO-239 sockets for connection 
to your receiver and aerial, a tuning control and its associated scale, and an 
on/off switch. 


The circuit can be put together on a plain matrix board, using pins to 
anchor the components, or simply by pushing the component leads through 
the board and making connections on the underside. The layout of the 
prototype is shown in Figure 3. Mounting the board to the aluminium box 
is accomplished with bolts, solder tags and stand-off insulators. 


Check your construction against the circuit diagram and against the layout 
diagram. Wire in the PP3 battery clip, put the switch in the ‘off’ position, 
and fit the battery. Testing can be carried out without fitting the top of 
the box. 


Figure 2 HF preselector, 
front panel layout 
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Testing 


Don’t fit your preselector yet. Tune your radio to a broadcast station, 
preferably a fairly weak one. Disconnect the aerial and fit your preselector 
between the aerial and receiver. Switch it on and rotate the tuning knob 
slowly. You should find a position where your original station is received 
more clearly than before. If it doesn’t work at all, recheck your wiring. Is 
there a positive voltage on the drain of the FET? If not, work back towards 
the positive battery terminal. Is there a voltage at the junction of L2 and R2? 
Is there a voltage at the junction of L2 and R3? Is there a voltage at the 
junction of R3 and the battery lead? If there isn’t a voltage at that point, 
then you have probably mounted your switch upside down, and it is off, not 
on! It’s a common mistake. 


Calibration 


This is not obligatory, surprisingly enough. However, if having a frequency 
scale appeals to you, then using an RF signal generator (or using the services 
of a friend who has one) is the simplest solution. Feed in a weak modulated 
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signal from the generator to the preselector, and rotate VC1 until the signal 
is maximum. Mark this frequency on your dial. Repeat the process for the 
frequencies shown on the dial in Figure 2. 


If you have a commercial transceiver, feed its output into a dummy load (such 
as the type described in A Switched Dummy Load, elsewhere in this book) 
using a distinctive modulating signal such as an idling RTTY signal. Set the 
receiver to the same frequency with the preselector out of circuit. Insert it into 
the aerial lead, and search for the signal with VC1 until it gives the maximum 
deflection on your S-meter, then mark the frequency on your dial. 





Parts list 





Resistors: all 0.25 W carbon film or better 


R1 270 O 
R2 1S 0 
R3 100 © 
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An audible continuity tester 


Capacitors 
C1, C2 100 nF (0.1 wF) ceramic 
vCl1 250/250 pF polyvaricon 


Inductors 
L1, L2 19 turns 26 SWG enamelled copper on T.50.6 toroid 
L1 has a tap 4 turns from ground end 
L1a and L2a — 3 turns wound over previous winding 


Semiconductors 
TR1 MPF102 FET 


Additional items 
Matrix board To fit aluminium box (see Figure 3) 
Aluminium box 12x9x3cm 
Battery and connector PP3 9V 
SPST on/off switch 
As required 
Sockets - 2 required 





75 An audible continuity 
tester 


Introduction 


This is not the only continuity tester in this book. This alone attests to 
their use, so you may well want to experiment with several designs, then 
come up with one of your own! The very simplest form of continuity 
tester is probably a battery and a bulb in series, with the circuit being 
closed by connecting it to a fuse or other object being tested for 
continuity. The bulb could be replaced by a buzzer to give an audible 


indication. The current taken by the buzzer could damage some 
components, however. An ohmmeter can also be used, and is very 
popular for the purpose, as it indicates whether the circuit is low, 
medium or high resistance. This project has the advantages of indicating 
whether there is no continuity, some resistance or good continuity, and 
making an audible sound, so that you don’t have to move your eyes from 
the circuit while making the test. 
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Figure 1 Continuity tester, 
circuit diagram 
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The circuit 


Using only one integrated circuit, four components and a battery, this is a 
particularly simple circuit, as Figure 1 shows. IC1 is usually used to flash an 
LED from a 1.5 V source, and to have a low current consumption. By 
changing the component values, IC1 is made to oscillate at audio 
frequencies, and we can hear these through the loudspeaker, LS1. Low- 
impedance speakers can be used, but result in an increased current drain, so 
the higher the impedance, the better. 
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Construction 


The layout of the circuit on Veroboard measuring 7 strips by 15 holes is 
shown in Figure 2. Start by making the four track cuts which will lie 
underneath the IC. Use a track cutter or a 3mm (% inch) twist drill rotated 
between thumb and forefinger for this. Solder the Veropins in place, 
followed by the wire link. Then solder in the IC holder, the resistor and the 
capacitors, making sure that the electrolytic capacitor, C1, is connected the 
correct way round. 


Check, with the board against a bright light, that there are no shorted 
tracks, either by large blobs of solder or by copper swarf from the track- 
cutting process. Then insert IC1 into its holder the right way round. The 
probes can be ordinary connecting wire, the free ends being tinned with 
solder to prevent wire whiskers from touching components other than the 
one you are testing. 


If you are happy that the circuit and the wiring appear to be correct, fit the 
battery into its clip. Nothing should happen until the probes are touched 
together, when you should hear a note from the loudspeaker. If nothing 
happens, all you can do is to recheck your circuit, as there is nothing else to 
go wrong! 


Figure 2 Continuity tester, 
component layout 
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Component side of board shown 


Any box can be used; there is no justification for a metal case, unless you 
want to make use of something, which is to hand, such as a tobacco tin. 
Alternatively, any suitable plastic box will do. 


Use 


The tester will give different pitch notes for resistances of different values. 
The higher the resistance, the higher the pitch from the speaker. Try it with 
small inductors, and you will learn to recognise the different tones produced 
by the IC. 


Safety notice 


Using the continuity tester on components in situ is not advisable, as the 
results could be misleading. It can be dangerous to make measurements in 
situ on equipment, which is operating. If you must make such tests, always 
disconnect the equipment form its power source first. 





Parts list 





Resistor 
R1 1000 2 (1kQ), 0.25 W carbon, 10% or better 


Capacitors 
C1 10 pF electrolytic, 16 V 
C2 0.1 wF subminiature polyester or ceramic 
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Integrated circuits 
IC1 LM3909N 


Additional items 
Veroboard 7 strips by 15 holes 
LS1 64 O miniature loudspeaker 
IC holder 


Veropins 

Connecting wire 

Test leads 

1.5V AA alkaline battery 





76 An experimental 70 cm 
rhombic aerial 


Introduction 


Most commonly used aerials can be classed as resonant or standing-wave 
aerials. There is another class known as non-resonant or travelling-wave. 
Resonant aerials, such as the dipole, are narrow-band; this occurs because 
resonance occurs only over a narrow band of frequencies. Travelling-wave 
aerials, on the other hand, can operate over a wide band of frequencies. 


The rhombic is an example of a non-resonant or travelling-wave aerial. It is 
often employed for fixed commercial and military short-wave radio links. 
Made with wire, it has a diamond shape when looking down on it from 
above. The four corners are supported on four masts. It is a very effective 
aerial, and has good gain, a quality which can be judged from the polar 
diagram shown in Figure 1. This has been obtained from a computer 
program, and so is the perfect shape for a rhombic aerial. 





Theory (but only a little) 


A polar diagram shows graphically the ability of an aerial to radiate (or 
receive) more effectively in one direction at the expensive of the radiation in 
other directions. Figure 1 shows the polar diagrams of two aerials, a simple 
70cm dipole and the rhombic described in this project. The dipole has the 
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Figure 1 The horizontal 
polar diagrams of the small 
rhombic antenna and a 
dipole compared 


An experimental 70cm rhombic aerial 
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well-known figure-of-eight shape, showing a symmetrical angular behav- 
iour about the direction of the aerial and about a direction perpendicular to 
the aerial. That of the rhombic, on the other hand, is quite irregular by 
comparison, but is still symmetrical about one axis only, not two. It’s this 
asymmetry that gives the rhombic its gain, by virtue of its front-to-back 
ratio. This is the ratio of the power radiated forwards to that being radiated 
backwards. Notice the large Jobe (lump) at the top of the polar diagram; this 
is the direction in which the aerial transmits best. The lobe in the opposite 
direction has been reduced significantly, allowing more power to be directed 
forwards, not backwards 


Problems 


The rhombic is not found in every amateur’s back garden, despite its 
attractions. To work best each edge of the diamond shape should be about 
two wavelengths long. Hence, a rhombic for the 20 metre band could be 
about 80 m from tip to tip! Another disadvantage is that, because of its size, 
it cannot be rotated. 
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It will operate well over a range of frequencies. An HF rhombic could work 
on the 7, 10, 14, 18, 21 and 28 MHz bands. One for the lower VHF 
frequencies could operate on the 50, 70 and 144 MHz bands. 


Its large size is less of a problem at UHE A portable rhombic can be made 
for 70cm which can be used with a hand-held transceiver. The aerial design 
to be described here will give a gain of up to 9 dB relative to a dipole. This 
is written as 9dBd, the second ‘d’ meaning ‘relative to a dipole’. This is 
equivalent to improving your signal by 1.5 S-points at the receiver or (and 
you may be surprised by this) by fitting a linear amplifier to your transceiver 
that would take 5 W input and produce 40 W output to a normal dipole! 
Consider the relative costs of the two approaches to producing the same 
received signal. You will also receive everyone else’s signals 1.5 S-points 
better than before! 


Unlike the popular Yagi aerial, this design has no critical dimensions and 
can be folded up for transport by car or bicycle. It has a fairly high input (or 
feed) impedance, being fed usually by balanced twin feeder. To feed it with 
standard 50 Q coaxial cable, a matching transformer in the form of a balun 
is required. A balun will convert the balanced (symmetrical) aerial 
impedance to the unbalanced and lower impedance of the coaxial cable. The 
details of how to build the balun, which in this case is a half-wave 
transformer, are included in the constructional details. 


Construction 


The aerial frame is made up of 1cm x 2cm strips of wood fixed to a 
plywood centre using 30mm long M4 bolts, as shown in Figure 2a. The 
outer bolts fixing the front and side supports can be removed for folding 
prior to transportation, as shown in Figure 2b. 


The wires are fixed to the front and rear supports using screw connectors, 
sometimes called ‘chocolate block’ connectors. Detail X and Y of Figure 2 
show how this is done. The side supports have holes in the ends through 
which the wire is threaded. 


The aerial must be mounted in the horizontal plane using a small shelf 
bracket attached to the centre plate, using the same bolts that hold the rear 
support. The other half of the bracket may be mounted to a vertical mast 
using screws or jubilee clips (hose clips). 


The balun 


Cut a 23 cm length of coaxial cable; this is to be our half-wave transformer. 
Cut and remove 2.cm from each end of the sheath. Make the braid into a 
pigtail at each end. Cut and remove 1cm of the inner insulator from each 
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Figure 2 Construction of the UHF rhombic antenna 


end, leaving 1 cm of the centre conductor exposed. Fasten this piece of cable 
to the chocolate block connector together with the coaxial feeder cable as 
shown in Detail Y of Figure 2. The braids of all three prepared ends are 
soldered together, but are not connected to anything else. The inner 
conductor of the feeder from the transceiver is soldered to one end of the 
centre conductor of the 23cm piece, and is connected to one end of the 
rhombic by one side of the chocolate block. The other end of the half-wave 
transformer also goes to the chocolate block, where it is connected to the 
other side of the rhombic loop. 
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The opposite corner of the rhombic, as shown in Detail X of Figure 2, shows 
that the loop is broken at the chocolate block, and is ‘terminated’ by two 
600 © resistors in parallel. This makes the aerial a broad-band travelling- 
wave device, and gives it its directivity and gain. There is a rule of thumb, 
which includes a safety factor, which says that the terminating resistor must 
be able to absorb one-half of the maximum transmitter output power. So, if 
you use two 2W 6000 carbon resistors (mot wire-wound resistors) in 
parallel, you can use a transmitter with an output of 8 W, which is more 
than adequate for 70cm hand-helds. 


Using the rhombic 


Fit the aerial to a pole or mast in the horizontal plane, if you intend to use 
CW or SSB, but in the vertical plane if you want to concentrate on FM 
work. In the latter case, a wood or fibreglass pole is mandatory. Tune to a 
local repeater, whose signal strength you know. Rotate the aerial to face the 
repeater, and you should see that the signal strength is greatly improved! 
Verify the directional properties of the aerial by rotating it and observing the 
changes in signal strength on your S-meter. 


Water level alarm 


Introduction 


This is a simple device which, when you have built it, you begin to wonder 


how you ever managed without it! It will sound a buzzer when the level of 
water reaches a particular point, which you can set and vary at will. 





Detecting water 


Water is not too difficult to detect electrically, because it is a conductor of 
electricity. Not a good one, but sufficiently so to carry enough current to 
control a warning circuit. 


The circuit is shown in Figure 1. If you imagine a resistor placed between the 
ends marked ‘water detector’, the circuit is then recognisable as a transistor 
used as an electronic switch. Whether the switch is off or on depends on the 
value of this resistor. If the resistance is low, the transistor switches on and 
the buzzer sounds. If the resistance is high, the transistor switches off and 
the buzzer stops. 


Figure 1 Circuit diagram of 
the water level detector 


Figure 2 Layout of the main 


board 
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Construction 


The unit is made in two separate sections — the detector board (Figure 2) 
and the main board (Figure 3). The main board is plain perforated board 
(without copper strips). The components are pushed through holes in the 
main board and connected together on the underside. The battery is held on 
with sticky tape. No on/off switch is used, as the circuit consumes virtually 


no current when it is not sounding the buzzer. 


Unlike some buzzers, this type is polarised, and the red lead must go to the 


supply as shown in Figs 1 and 3. 


The detector board is a piece of standard matrix board — the type with 
copper strips along one side. It measures 9 strips by 15 holes, and is wired 
in such a way that alternate strips are connected together, as Figure 2 shows. 
This gives a greater surface area for the water to touch, thus increasing the 


sensitivity of detection. 
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Figure 3 Water detector 
constructed from stripboard 
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The two boards are connected by ordinary twisted pair, enabling the 
detector to hang over the edge of the water container, with the buzzer circuit 
safely out of the way. When positioning the detector board, the left-hand 
edge (as shown in Figure 2) should face downwards, with the connecting- 
wire edge facing upwards. When the water level rises, the water causes 
current to flow between adjacent strips, and the higher the water, the lower 
the resistance between them. Eventually, the resistance will be low enough 
to turn on the transistor and sound the alarm. 


Parts list 





Resistor 
Rl 10 000 © (10kQ), 0.25 W 


Semiconductor 
TR1 BFYS1 


Additional items 
WD1 6V miniature buzzer (polarised) 
Battery PP3 
Battery connector 
Strip board 9 strips by 15 holes 
Perforated board 3.5 x 10cm 
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78 A delta loop for 20 metres 


Introduction 


HF aerials take up a lot of room when they are straight. Space can be saved 
by bending them and, at the same time, giving them properties which are 


quite different from their original linear forms. The delta loops shown in 
the accompanying diagrams have the shape of the Greek upper-case letter 
delta (A) upside down. It can be upright, except that it is more practical to 
have the feed point at the bottom than at the top. 





Putting the loop together 


This is the design for a loop to be used on the 20 metre band. It is a very 
popular band and carries most of the amateur radio DX traffic. The aerial 
is light in weight and operates best if the top section is at least 30 ft above 
the ground, with the feeder point being about 6 ft above ground. All you 
need is some good wire, some polypropylene rope, some insulators and a 
method of matching the output of this 75 0 balanced aerial to the 50 0 
unbalanced coaxial input of your transceiver or receiver. 


Each of the three sides must be 7.2 m long. Using tent pegs or six-inch nails, 
mark out the three corners on the lawn, making sure that each pair of pegs 
or nails is exactly 7.2 m apart. Put the wire around the nails, together with 
two insulators on the wire for the two top corners. These insulators can be 
of the ‘dog bone’ variety, or of the home-made type, using a piece of flat 
plastic with holes in each end. The use of these is shown in Figure 1. Located 
at the positions of two of the tent pegs or nails, they must be secured at 
those points by any convenient means. 


Now attach a support rope to the free end of each of the insulators, ready 
for suspension, as shown in the diagrams, from any convenient supports 
(house, tower, tree, etc.). The top section of the loop could be taped to a 
continuous piece of rope between the two supports. You might like to try 
this if you think it is easier. Then, when you find some dog-bone insulators, 
you can change the design and see if there is any noticeable change of 
performance. 


Connecting to the radio 


If you are the proud possessor of an aerial tuning unit (ATU) with a 
balanced output, all you will need is a length of twin cable soldered to the 
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Figure 1 Multiband version of the delta loop connected to the ASTU using 75 © twin feeder 


ends of your delta loop and connected to the balanced output terminals on 
the ATU, as Figure 1 shows. 


Another way is to buy a ferrite-cored 1:1 balun, and use it as indicated in 
Figure 2. This produces an aerial which will operate over the whole range 
of amateur and commercial short-wave frequencies, when used with an 


ATU. 


Delta loop 





Figure 2 Multiband version 
of the delta loop using 75 © 





coaxial cable. This ye 

arrangement requires an 

ASTU if used with a SOQ coaxial cable direct to receiver 
multiband antenna arses vv203 no tuner required 


276 


Figure 3 Single band 
version of the loop antenna 
using a coaxial balun. The 
direction of maximum signal 
strength is indicated by the 
arrows 
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However, since this aerial is designed to be a single-band type, there is a 
simpler answer to the problem of matching the aerial to your 50 0 coaxial 
cable — Figure 3 shows this. Make a tuned balun with a length of plastic 
water pipe, 25cm long and 4cm diameter and a piece of good-quality TV 
aerial cable. TV aerial cable has a characteristic impedance of 75 Q, 
compared with the 50 © of the coaxial feeder that we usually use with 
amateur radio equipment. Use the type with a brown sheath and a closely 
knit earth braid, not the type having an earth foil inside the sheath. 


The length we need for the balun is 3.8 m, but always allow between 3 and 
4cm extra for preparing the ends. Drill two small holes diametrically 
opposed in the top of the tube; these will be used to anchor the two ends of 
the delta loop, as shown in Figure 3. Drill another single hole in the bottom 
end of the tube, which will be used to anchor a nylon line going to the 
ground to add stability to the loop. Then, after drilling a pilot hole, drill a 
5 or 6mm hole near the top end of the tube, as shown in Figure 4. Prepare 
both ends of the coaxial cable, then feed one end into the tube, far enough 
for its ends to be soldered to the ends of the loop when the assembly reaches 
that stage. 


Now, close-wrap the cable around the tube until only about 3cm remain. 
Holding the cable tightly, drill another 6 mm hole beside the free end of the 
cable and feed it into this hole. At this point, feed the two ends of the loop 
into the top two holes and twist it back on itself. Figure 4 shows how this 
is done. Then, solder the ends of the coaxial balun to the ends of the loop. 
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The bottom ends of the balun are then soldered to the 50 Q coax which goes 
to your shack and to the transceiver. 


Hoist the aerial into position carefully, being careful not to pull too hard on 
the support lines. Then, take the nylon line from the bottom of the balun to 
a peg in the ground. This adds stability to the aerial. 


Using the delta loop 


It is a directional aerial, as Figure 3 shows. It produces maximum power 
(and has maximum receive sensitivity) along a direction perpendicular to its 
own plane. Don’t be too concerned with which direction it is pointing at 
first. Give it a try ‘on the air’ and see how it performs. Then you can 
contemplate how to point it in your favourite direction, to the USA, or 
Australia, for example. 


278 


A simple desk microphone 


Experimenting 


You may want to enclose the balun in some sort of weatherproof container. 
Plastic ice cream containers are favourites for this sort of job. Seal all the 
holes where wires enter it with silicone sealant or self-amalgamating tape. 


If you have used ordinary single-strand or multi-strand wire for your aerial, 
it will stretch over time under its own weight and that of the balun. Its 
operating frequency will fall slightly as a result. If you notice a significant 
difference, then dismantle it, remeasure and fix the sides and erect it again, 
perhaps facing a different direction. You can buy pre-stretched or hard- 
drawn wire for such purposes, if you feel that periodic tweaking of your 
aerial is a chore. 


You can make a delta loop for different frequencies simply by scaling the 
lengths of wire for the loop and for the balun according to the design 
frequency. If your maths isn’t quite up to this, enlist the help of someone 
well versed either in maths or aerial design! 


79 A simple desk microphone 


Introduction 


A hand-held transceiver is usually the first type used by most novices. It is 
ideal when used out of doors, in the shack or mobile. However, using one 
in the shack with an outside aerial is not the best of solutions. 


This article describes the design of a desk microphone which can be used 
either for transceivers using a common microphone and push-to-talk (PTT) 
line, or for those using a separate PTT line. 


It is a simple design, using the barrels of two plastic pens, the lid of an old 
coffee jar, and the plastic sheath of a DIN plug. 





Construction 


The end caps and the ink tubes should be removed from two ball-point 
pens, leaving only the two plastic shells. One of them is used for the vertical 
microphone support, while the other is used to hold the microphone 
element. 
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Figure 1 Vertical support 
made from ball-point pen 
shell 


Figure 2 The microphone 
stand base 
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The vertical support should have the pointed end shaped so that it holds the 
microphone support at a convenient angle, as Figure 1 shows. 


The base should be prepared next — see Figure 2. Four holes are required. 
Two, A and B, are small holes for the cable to be fed through. A third, C, 
is slightly larger and is used to take one of the plastic end caps. The fourth 
hole, D, is determined by the type of switch that you want to use for the PTT 
function. 
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Figure 3 Complete 
microphone stand assembly 


A simple desk microphone 


Some epoxy resin such as Araldite Rapid is used to mount the separate 
parts. Mix only a small amount at a time, and glue each part of the base 
assembly and allow to harden before moving on. Be sure to read and follow 
the instructions for the use of the glue to prevent accidents. 


Firstly, glue the end cap to the base, feeding it underneath and pushing it up 
through hole C. Then, the vertical pen body is placed over the protruding 
end cap and glued into place, making sure that the top (shaped) end is 
pointing in the right direction to hold the other plastic tube carrying the 
microphone. While the glue hardens, place the DIN plug sheath on the 
second pen body. Place and glue this pen body on the shaped top of the 
vertical support, making sure that the whole assembly is supported while 
the glue sets. What you should have now ought to resemble Figure 3, but 
without the microphone and wiring. Leave everything to set for 24 hours. 


Any switch of the press-to-make variety can be used for your PTT switch, 
but choose one which does not apply too much force to operate! If you find 
the whole assembly is too light and slides over your table, some plasticine 
can be pushed into the base when all the wiring has been completed. 
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Figure 4 Wiring diagram for 
hand-held radios 


Figure 5 Wiring diagram for 
radios which use separate 
PTT lines 
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The circuit 


A small electret condenser microphone is used, powered by a DC supply. 
Most hand-held radios use a single screened lead for both the PTT line and 
the microphone audio lead. In such cases, the circuit of Figure 4 will operate 
the PTT function. Note that the PTT switch is in series with the audio lead 
from the microphone. If you find that the PTT switch does not switch your 
radio into transmit, reduce R1 from its normal value of 33 kO to 27 kQ.. You 
should find that the original value works with most hand-helds. 
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For radios with a separate PTT lead, the circuit of Figure 5 is used. 
However, a power supply is needed for the electret microphone. This can 
be a PP3 battery, or can (in most cases) be derived from the microphone 
socket on the transceiver. You will need to consult the makers’ handbook 
for this information. Figure 5 shows the PTT switch wired in a ‘ground- 
to-transmit’ configuration, which is correct for most base-station trans- 
ceivers. If you’re in any doubt about what your radio needs, consult an 
experienced friend. 


+9 max 
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The last connections 


The microphone element should be connected with screened cable. Tape 
(masking or insulating) should be wound around the electret insert until it 
is a snug fit inside the DIN plug sheath. Feed the screened cable through the 
barrel of the pen until it emerges from the far end. Poke it through hole B 
and make the connections under the coffee jar lid. The components can all 
be mounted on the PTT switch or on a small piece of Veroboard mounted 
under the top surface. The output lead emerges through hole A and is of 
sufficient length to reach your transceiver. A suitable plug needs to be fitted 
to it. 


Parts list 





Resistors: all 0.25 W carbon, 5% tolerance 
R1 (Figure 4) 33 000 O (33 kQ) 
R1 (Figure 5) 1000 O (1kQ) 


Capacitors 
C1 (Figure 4 and 5) 0.1 microfarads (0.1 wF) disc 
C2 10 microfarads (10 wF) electrolytic 


Additional items 
S1 Push-to-make 
Mic Electret microphone (Maplin type FS34W) 
Screened cable As required 
Plug As required by your radio 
Veroboard If required 
PP3 battery and clip If required 
Two old plastic ball-point pens 
Lid of coffee jar 
Plastic sheath from DIN plug 
Araldite or similar epoxy resin glue 
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Figure 1 Circuit diagram of 
the sinewave oscillator and 
amplifier 
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Morse oscillator 


Introduction 


This is not the simplest Morse oscillator to build, but it differs from the 
simple circuits in that it produces a pure note, not a coarse, rasping sound. 
People who have practised Morse using a non-sinusoidal oscillator 


sometimes find that they have trouble copying Morse code with a pure 
tone. As the pure tone is the correct way to receive Morse code, it is 
important that you should learn to listen to the code from a pure oscillator 
— so here’s one! 





The twin-T 


There are many oscillator circuits, and there are many variations of the 
twin-T oscillator that we are going to use. Figure 1 shows one version of a 
very useful circuit. All oscillators must have positive feedback in order to 
work. The feedback determines the frequency of the note produced by the 
oscillator. 


Key 
(via socket) 
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Figure 2 Component layout 
and interconnection diagram 





Morse oscillator 


Here, the feedback circuit looks like two letter Ts. If you look at Figure 1, 
one T is formed by R1, R2 and C3, the other by C1, C2 and R3 — hence the 
name “Twin-T’. Notice that the two Ts are connected in parallel between the 
collector and base of TR1, so any signal appearing at the collector is fed into 
both Ts. What emerges is then fed back into the base, producing in turn a 
signal at the collector. And so it goes on, producing a sine wave output. 


The oscillator output is fed into an integrated circuit amplifier for output via 
a small loudspeaker. 


Putting it together 


The prototype was constructed on plain matrix board (the type without the 
copper strips), as shown in Figure 2. The components have their leads 
pushed through the holes in the board, and connections are made 
underneath. 


Build the amplifier circuit first, using a socket for IC1. Connect the 9V 
supply and touch pin 3 with an ordinary piece of wire. If a buzz is heard 
from the speaker, all should be well. If not, check your circuit and make 
changes until it does. 


Build the oscillator circuit, and connect its output to the volume control 
VR1 via C4. Set VR1 half-way along its travel and switch on. A note should 
be heard from the speaker when the Morse key is depressed. The component 
values making up the twin-T determine the frequency of the note. Try 
varying them if you think your note is too high or too low. Whatever 
changes you make, either to the resistors or the capacitors, always ensure 
that R1 = R2 and that C1 = C2. 


Plain perforated To +9¥ via To 4+9V senses Wires under 
board 35 x 9cm key socket via S1 board 


LS 
al jal 
' -= 
R3 mune’ 
mal C4 
Ofte t--- sii en iv os nif ae 
§BA Earth wire RY1 RY¥1 RVI LS 
solder tag 245WG tinned (top) (wiper) = (btm) 
copper wire @RSGB 0Ya13 
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Parts list 





Resistors: all 0.25 W carbon film 
18 000 ohms (18 kQ) 
4700 ohms (4.7 kQ) 
10 000 ohms (10kQ) 
10 ohms (10 2) 


10 nF (0.01 pF) 

47 nF (0.047 F) 

100 nF (0.1 pF) 

22 nF (0.022 pF) 

10 pF electrolytic, 16 V WKG 
22 pF electrolytic, 16 V WKG 
220 pF electrolytic, 16 V WKG 


Semiconductor 
TR1 BC109 


Integrated circuit 
IC1 LM386 


Additional items 
10kO, log potentiometer with switch 
8 O loudspeaker 
Matrix board 3.5 x 9cm 
Small jack socket for key input 
Box 
PP3 battery and clip 
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81 A simple 6m beam 


Introduction 


The attraction of building your own aerials is an abiding feature of our 


hobby. You can buy almost any shape or size of aerial, but one you have 
made yourself can often work every bit as well as a commercial device 
costing ten times as much. 





The design 


This aerial, designed for use on the 6 m band, is essentially a two-element 
Yagi, with the elements bent in order to reduce the physical size. It is known 


Total length of retlector 
3m 


Elements fixed to spreaders 
using plastic insulating tape 





Insulator A 
Tail Tad 
{see (see 
text) text) 
Total length of driven element 
2-98m 
Figure 1 Plan view of the Feed point 
complete 50 MHz VK2ABQ insulator B 
antenna @Rsee ov310 
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as the VK2ABQ beam, and was designed originally for the 20, 15 and 10m 
bands, principally because of its space-saving qualities. It is made using a 
wooden frame and wire elements, and is ideal for portable operation. 


Tools ready? 


The beam is shown in Figure 1. The driven element is the one whose centre 
is fed by the coaxial cable, and lies between the two insulators marked A 
and the feedpoint at B. The reflector is also anchored at the points A, and 
lies over the upper half of the frame. 


The wooden centrepiece is used to support the cross-pieces and to mount 
the aerial on the mast, using a common shelf bracket. The cross-pieces, 
known as spreaders, can be wooden canes or dowelling, and are mounted to 
the centrepiece using cable clips and adhesive. Figure 2 shows how this is 
done. 


If the aerial is to be a permanent installation, the spreaders should be 
weatherproofed using a good-quality exterior varnish. The wire elements 
are PVC covered and fed through holes in the spreaders. 


Arms 


Cable 


cm clips 





Clip and hole 
for coax 





Figure 2 Centre support 
piece @rsea pyz0g 
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The end insulators are made of drilled perspex, and the wire passed through 
the two holes and twisted, as shown in Figure 3. 


Note: if you have not drilled holes in perspex before, take care! The drill bit 
must be well-lubricated because it generates a lot of heat (enough to melt the 
perspex and jam the drill). Never turn the drill for more than a few seconds 
at a time, and moisten the bit in between. Start with a pilot hole and use bits 
of increasing size until the hole is the size you want. 


Another perspex insulator is used to secure the feeder to the aerial, as shown 
in Figure 3. The feeder then passes directly to the centrepiece, where it is 
fastened with a cable clip and then passes down the mast. 


Iem 
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Adjustment 


The driven element (A—B—A) in Figure 1 is fixed to the end insulators in 
such a way as to have ‘pigtails’ which are about 10cm long. Using an SWR 
meter between the aerial and the transmitter, trim the pigtails equally at 
each end for minimum SWR in that portion of the 6m band in which you 
plan to work. Make sure that the transmitter is off when you trim the ends, 
as high voltages can be present there. Always listen on the frequency before 
you transmit and, when you do, ask if the frequency is in use and identify 
yourself. Use as little power as possible. 


The prototype had an SWR of 1.2 at 50.2 MHz and performed well. If you 
look at Figure 1, which is a view of the aerial from above, you will 
immediately see that when the aerial is horizontal, it radiates with 
horizontal polarisation in a direction from the top of the page to the 
bottom. A metal pole or mast can be used for horizontal polarisation, but 
if you intend to use the aerial for vertical polarisation, it is much better to 
use a wooden or fibreglass pole. 


Portable use 


If you plan to operate portable with this aerial, the only real modifications 
you need are to the centrepiece and how it supports the spreaders. Instead 
of using glue and cable clips, nuts and bolts through the spreaders and 
centrepiece would allow the spreaders to be ‘hinged’ closed for transport. 


Materials 





Centrepiece Hardwood, 15 x 15x 25mm 

4 spreaders 110 cm long (cane or 6 mm dowel) 

Wire 1.5mm PVC-covered copper 

50 0 coaxial cable RGS58 or similar 

Cable clips 6 mm (12 off) 

Varnish Polyurethane for waterproofing 

Tape Self-amalgamating, to waterproof all soldered joints 
Insulators See text 
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82 An integrated-circuit 
amplifier 


Introduction 


A simple audio-frequency amplifier is a very useful building-block in many 


more advanced electronic circuits. It is also a very useful piece of test 
equipment. To have one spare in the shack can be a life-saver at times. 





Planning 


Get into the habit of planning your project. How do you want it to look 
when it is finished. Do you want it in a box? Do you want it ‘open-plan’, 
with all the components on view? 


The ‘minimalist? approach to any project is simply a front panel and a 
baseboard, on to which all the components are fitted. In this case, the front 
panel would accommodate the loudspeaker, the volume control and the 
input and output jack sockets, and the baseboard would support the circuit 
board. Once you have decided these things, and know the size of the board, 
speaker and volume control, you can decided how big the panel and 


baseboard should be. 


The amplifier 


Instead of building the amplifier from discrete components (i.e. transistors), 
as was done in the project An audio-frequency amplifier (which you will 
find elsewhere in this book), we are going to use an integrated-circuit (IC) 
amplifier. External resistors and capacitors are still needed but, compared 
with the number of components inside the chip, these are very few 
indeed! 


The IC we are going to use is the TBA820M. The circuit may look 
complicated, but with the use of a matrix circuit board it becomes quite 
simple. Figure 1 shows the circuit diagram and Figure 2 the layout on the 
board. The external connections to the PCB are shown in Figure 3. 


To avoid having a separate switch to switch off the power supply when 
the amplifier is not being used, a volume control which incorporates a 
switch is used. 
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Figure 1 Audio amplifier, 
circuit diagram @nses ov331 





Figure 2 Audio amplifier, 


component layout @ Rss bysa2 
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Figure 3 Connecting the 
circuit board to the speaker, 
volume control/switch and 
battery 
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What power supply? 


If the amplifier is to be used only for short periods, as a test instrument, for 
example, then it can be run from a PP3 battery, which can be mounted on 
the baseboard. If you intend to use it often, then a connection to an external 
power supply is preferable. For this option, you may want to consider fixing 
two terminals to the baseboard for this connection. 


83 A novice ATU 


Introduction 


Having an aerial tuning unit (ATU) is always useful. It is used for adjusting 
the aerial impedance, as ‘seen’ by the transceiver, to be the same as that of 
the transceiver itself, usually 50. This process is called matching, and 
ensures that the receiver and the power amplifier (PA) stage of the 
transmitter work efficiently. 


This design is due to the late Doug DeMaw, W1EFB, and uses readily available 
components. It will handle up to about 5W, and operates over the 
frequency range 1.8 to 30 MHz. 





Circuit evolution 


The basic circuit of one type of ATU is shown in Figure 1. On transmit, the 
input signal at L1 is coupled into L2, which forms a resonant circuit with 
C1. The signal across the resonant circuit is fed to the aerial by C2. The 
combination of L2 and C1 helps to remove signal harmonics, because they 
are not at the resonant frequency and are shunted to earth. On receive, only 
those signals which are within the pass-band of L2 and C1 will pass into the 
receiver. This improves receiver performance by rejecting many out-of-band 
signals which the simpler receiver doesn’t like. 
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Figure 1 Basic circuit of the 
ATU 


Figure 2 L6 added for 
160m 
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For this design, the all-important resonant frequency is chosen to be in the 
80 metre band. If we want to make the circuit operate on other bands, we 
need to change either L2 or C1. It is easy to change L2 by using a set of 
switched inductors (L3—L5) as shown attached to S1 in Figure 2. Forget 
about S2 and L6 for the moment. 





©)RSGB D324 


When S1 is in position 1, the circuit reverts to that of Figure 1. $2 should be 
brought into circuit only when S1 is in position 1. Looking at the way the 
circuit is drawn, you can see that when S2 is in position 2, we have two coils 
in series, which is equivalent to adding more turns to L2. More turns means 
more inductance, which lowers the resonant frequency still more, and gives 
coverage of the 160m band. 


Rather than having to remember to flick $2 to the correct position and move 
S1 to position 1 when we want to operate on 160m, both functions can 
be combined into one rotary switch with two wafers. This circuit is shown 
in Figure 3. 


Figure 3 Two-pole switch 
for all bands 


Figure 4 L1 is wound over 
L2 as shown 


A novice ATU 
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In all positions of S1a except position 1, the extra coil, L6, is shorted out. The 
two halves of the switch, $1a and $1b, move together, as the shaft is turned, so 
both halves are in position 1 at the same time, position 2 at the same time, and 
so on. The two switches, $1 and 82, are said to be ganged. 


Construction 


L1 is formed by winding four turns of 22 SWG enamelled copper wire over 
L2, as in Figure 4. L2 already exists on the purchased former. After scraping 
the enamel off the ends of the wire (with a sharp knife or sandpaper), one 
end of L1 must be soldered to one end of L2, as shown in Figure 4. The free 
end of L1 goes to the transceiver aerial socket. 


All components except the capacitors are assembled on the switch. Note 
that the rotor of C1 is earthed, but neither side of C2 is earthed. This means 
that the metal shaft of C2 is not earthed, and touching it will detune the 
ATU. Using a plastic knob for C2 will minimise this effect. If you decide to 
use a metal box, take precautions to ensure that no part of C2 is in electrical 
contact with the box. 


Ll To input 


(4 turns of socket! 
225 WG wire} 


L2 
{fas purchased} 


Licomected 


This 
to se 


for both coils 
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The capacitors are mounted using M2.5 screws. Make sure that the screws 
do not foul the vanes of the capacitor. If your screws are too long, a few 
washers between the box and the capacitor will solve the problem! 


In use 


The best indication of a good match is obtained with a standing-wave meter 
between the ATU and the transceiver. The controls are adjusted alternately 
to ‘feel’ your way to a better and better match. 


For receive-only use, the same alternate adjustments are used, watching for 
the maximum signal strength on the S-meter or, for a very weak signal, 
making the signal from the loudspeaker as large as possible. 


Parts list 





Capacitors 
C1, C2 350 pF variable 


Inductors 
See text 
27 pH 
10 pH 
2.2 pH 
1pH 
65 pH 


Additional items 
$0239 sockets (2 off) 
S1 2-pole 6-way rotary 
Box as required 
Plastic knobs (2 off) 
Stick-on feet (4 off) 
M2.5 screws for capacitors 
Screws, nuts and washers for mounting the input and output 
sockets. 
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84 CW QRP transmitter for 


Figure 1 Block diagram of 
the ceramic resonator 
controlled 80 m CW 
transmitter 


80 metres 


Introduction 


This is a relatively simple transmitter design having an output of 1W. The 


design is not new, having been described before in other amateur radio 
publications. The components are all available new and the total cost 
should not exceed £15. 





The circuit 


Like other simple transmitters (see An 80 Metre Crystal-Controlled CW 
Transmitter and A Breadboard 80m CW Transmitter elsewhere in this 
book) this one is crystal controlled. This assures frequency stability, but 
limits the usefulness of the transmitter. The key to increased frequency 
coverage without a conventional Variable Frequency Oscillator (VFO) is the 
use of a low-cost 3.58 MHz ceramic resonator. The ‘pulling’ range of a 
3.58 MHz ceramic resonator covers the UK novice 80 m sub-band and some 
of the CW segment below 3.525 MHz. 


A ceramic resonator is like a crystal, but not quite as stable in frequency. Its 
main advantage is its large pulling range. 


The block diagram is shown in Figure 1. It is very similar to a crystal- 
controlled transmitter, and includes an oscillator, buffer and final amplifier. 
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This amplifier is keyed, the oscillator remaining running all the time. This 
improves frequency stability because the oscillator is not being continuously 
stopped and started by the key. It is switched off while receiving, though, to 
avoid interference with the received signal. Transmit/receive switching is 
accomplished by a panel-mounted switch controlling both the aerial, 
oscillator and buffer switching. 


Figure 2 shows the transmitter circuit diagram. An unusual aspect of this 
transmitter is the use of a digital CMOS integrated circuit (IC) type 4069 for 
the buffer and oscillator stages. The IC houses six inverters, four of which 
are used in the circuit. One is used as the oscillator, two are used for the 
buffer stage, and the fourth provides an output for a direct-conversion 
receiver, should one be added at a later date. 


The frequency of the oscillator is changed by varying the capacitance in the 
ceramic resonator circuit. This is provided by VC1. 


The power amplifier (PA) is a small MOSFET (metal oxide semiconductor 
field-effect transistor), TR1. This is capable of providing an output power of 
2 W but, in this circuit, it is run conservatively to give 1.5 W. The output can 
be varied by changing the resistance (R5 + R6) in the gate circuit. Attempts 


A 
OG Variable @rsape Dvse1 


capacitor 


To direct connections 
conversion 
receiver O@o 
¢ b (see, text) 
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3-518 - 3-558MHz 
Figure 2 Circuit diagram of 80 metre transmitter 
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to raise the output power by decreasing the values of these resistors may 
result in immediate MOSFET failure. 


A pi-network (C8, RFC, C9) provides impedance matching to 50 Q, 
together with harmonic suppression. Like all inductors in this transmitter, 
the pi-network inductor is a pre-wound RF choke. A pi-network is so 
called because the components are arranged in the shape of the Greek letter 
pi (7). 


Keying is carried out by a pnp transistor switch, TR2. Closing the key earths 
the base and supplies 12 V to the collector of TR2 and to the drain of the 
MOSFET, TR1, allowing the PA to operate. 


Construction 


You must house your transmitter in a metal box, to avoid hand-capacity 
effects and the radiation of spurious frequencies. Size is not important, 
provided it is large enough to accommodate the transmitter without 
cramping the components. You may want to allow space for future 
additions such as a direct-conversion receiver, break-in keying, sidetone or 
a small power amplifier. A good size is 5 x 15 x 15cm. You can make your 
own box, buy it, or even use a biscuit tin! 


Front and rear panel connectors can be fitted first. The choice of these is a 
personal matter, but a good working choice would be: 


(a) Power socket — 2.1mm panel socket — centre pin positive. 
(b) Key socket — % inch jack socket. 
(c) Aerial and receiver connectors — panel-mounting SO239 type. 


Particular attention must be paid to the mounting of the variable capacitor, 
VC1. Make sure the hole for the shaft is amply big enough, and if you use 
screws to mount the capacitor on the front panel, then make sure they are 
not too long, otherwise they will touch the vanes of the capacitor! Mounting 


can be by means of glue, sparingly applied and kept well away from the 
shaft. 


A board size of about 6 x 10cm is adequate. Component layout on the 
board is suggested in Figure 3. The prototype used ordinary matrix board, 
which is preferable to stripboard for a design like this; stripboard has undue 
capacitance between adjacent strips. Component leads are fed through holes 
in the board and are connected underneath. Make sure that leads and 
connections are rigid because, if they can move, there is always the danger 
of short-circuiting, and capacitance changes. 


To facilitate construction, servicing and testing, it is advisable to use 
Veropins for connections to the variable capacitor, transmit/receive switch, 
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Figure 3 Component layout of the 80 metre transmitter. The transmit/receive switch is not mounted on the board 
and is not shown in this diagram 
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aerial and power sockets. Use screws and spacers to mount the circuit board 
to the box. Mounting the board horizontally assists troubleshooting. 


Use a socket for the IC, and observe the CMOS handling precautions given 
in An Electronic Die, elsewhere in this book. When soldering the leads to 
the ceramic resonator, do it quickly — excessive heat damages the device. The 
earth lead running acoss the bottom of the board must be connected to the 
metal case by a short length of stout wire. 


Testing 


After carefully checking your wiring, both against the circuit diagram and 
the layout diagram, it is time to test your circuit. You will need a multimeter, 
an 80m SSB receiver and a 50 Q dummy load. A good design of dummy 
load can be found in the project A Switched Dummy Load, also in this 
book. An RF power meter and frequency counter will also be useful, 
although if your receiver has a digital frequency readout and S-meter, the 
latter two items are not really necessary. You will also need a 12V 1A 
power supply unit (PSU) to power the transmitter. 


CW QRP transmitter for 80 metres 


Switch the transmitter to receive and switch on the transmitter. No current 
should be consumed. Switch to transmit and check that pin 14 of IC1 is 
6.8 V positive. With the dummy load connected to the aerial socket, press 
the key. The voltage on TR2 collector should now be 12 V, dropping to zero 
when the key is released. 


Now check the operation of the oscillator. In transmit mode, you ought to 
be able to find a strong carrier signal with the receiver, even though the 
dummy load is connected. Adjusting the variable capacitor should change 
the frequency. At the lower end of the frequency range, you may find that 
the oscillator is unreliable in starting, because the circuit is attempting to 
pull the resonator too low in frequency. If this is the case, set the trimmer at 
the back of VC1 to minimum capacitance. If your version of VC1 has two 
trimmers, and you don’t know which one to set, set them both to minimum 
capacitance. If there is still a problem, reduce the value of RFC1 to 6.8 or 
4.7 aH. 


In all probability, the unmodified circuit of Figure 2 will not require any of 
the changes outlined here. A coverage of 3.518 to 3.558 MHz should 
be possible, while preserving good frequency stability and reliable 
oscillation. 


A signal probe (see An RF Signal Probe, elsewhere in this book) is useful for 
checking the operation of the oscillator and PA. Alternatively, an RF power 
meter or the receiver’s S-meter can be used. With the PA running, the unit 
should draw between 200 and 300 mA. If TR1 becomes too hot to touch 
after a few seconds of transmitting, increase RS or R6 to limit the 
transistor’s heat dissipation. A small 6.3 V bulb connected across the aerial 
output is a simple way to check that the PA is working. An orange/white 
glow when the key is pressed is indicative of correct operation. 


The final test is to monitor keying ‘quality’. With your dummy load 
connected, press the key and listen to the note on the receiver’s loudspeaker. 
Then operate the key, sending a string of dits, for example. What you hear 
should be free of chirps and clicks, as well as being stable in frequency. This 
test is sometimes better performed with no aerial connected to the receiver, 
thus preventing receiver overload and its associated plops. No problems 
should be encountered here. 


Frequency tuning 


A peculiarity of ceramic resonators is that, every now and again, their 
frequency changes abruptly by 100 Hz or so, then remains stable for some 
time. This is certainly noticeable in the received signal, but does not detract 
from the QSO and no characters are lost as a result. Try to keep the area 
around the ceramic resonator cool, to avoid temperature variations. 
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Parts list 





Resistors: all 0.25 W, 5% tolerance 
10 megohms (MQ) 
2200 ohms (2.2 kQ) 
270 ohms (270 Q) 
1 megohm (1 MQ) 
1.5 megohms (1.5 MQ) 
1000 ohms (1kQ) 


100 nF 

100 pF 

47 pF 

1nF 

10nF 

560 pF 

820 pF 
10-160 pF variable 


Inductors 
RFC1 8.2 pH 
RFC2 10 pH 
RFC3 2.2 pH 


Semiconductors 
IC1 4069 
TRI VN10KM 
TR2 BC640 
D1 6V8 Zener 


Additional items 
Matrix board (see text) 
14-pin DIL socket 
Pointer knob 
Sockets (see text) 
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85 An audio booster for your 


Figure 1 Circuit diagram of 
the audio amplifier. The 
power is derived from the 
cigarette lighter socket and 
the fuse is in-line with the 
lead 


hand-held 


Introduction 


The audio output from many hand-held transceivers and receivers usually 
leaves much to be desired, so this little amplifier was designed to increase 
the output at minimal expense. 


All that is needed is a separate amplifier and bigger loudspeaker. This is 
accomplished using a single integrated circuit (IC), a few components, and 
a loudspeaker from the junk box. This circuit will enable the output from 
your hand-held to be heard easily in a car. 





The circuit 


This is shown in Figure 1. It uses only those components necessary to 
operate the IC amplifier. VR1 is the preset volume control, and varies the 
signal coming from the ‘External speaker’ jack on the hand-held before 
feeding it into the IC for amplification. C1 blocks any constant voltage 
present on the input. 
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Figure 2 Layout of the 
components within the box 
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The IC output comes from pin 4 and is fed via the electrolytic capacitor, C4, 
to the loudspeaker. The circuit is provided with an on/off switch, fuse and 
LED to indicate when the circuit is switched on. 


Construction 


The box is made of aluminium. This is necessary to help to dissipate some 
of the heat generated by the IC. Do not build the circuit inside a plastic box 
unless you take special precautions! The IC has a metal mounting tab with 
a hole, specifically designed to be mounted to a metal box or other metal 
heat sink. Apply plenty of heat sink compound between the tab and the box, 
tighten the nut and bolt, and then wipe off any excess compound. The box 
will get slightly warm in operation. 


The size of the box is not specified. You may want to decide on this when 
you find a loudspeaker. Choose one which will be able to handle 6W 
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output. Drill all the holes in the box first. Holes for the speaker, input phono 
socket and the LED. The amplifier can be constructed on ordinary matrix 
board, which can be mounted inside the box with screws and spacers. 


The layout is shown, for your guidance, in Figure 2. The components are 
mounted by pushing their leads through the holes in the board and making 
connections on the underside. The preset volume control, VR1, is set such 
that the hand-held’s volume control is sufficient to control the final output 
over a good volume range. Use a screened lead from the ‘External speaker’ 
jack socket to the phono plug. 


An external power supply is needed for this circuit. The normal dry battery 
which we usually use for small projects in this book will not work here, so 
you will need a proper mains power supply producing a stabilised 12 V. If 
you are going to use the unit principally in a car, then the cigar lighter socket 
can supply this voltage easily. Do make sure that the polarity is correct 
before you switch on! 


When you plug the jack plug from your booster into the ‘External 
speaker’ socket on your hand-held, its internal speaker will be muted, so 
don’t think that something dire has gone wrong! Adjust VR1 for a good 
volume range on your booster, when the volume control is turned on the 


hand-held. 





Parts list 





Resistors: all 0.25 W, 5% tolerance, unless otherwise stated 


R1 15 ohms (15 Q) 1 W 

R2 220 ohms (220 9) 

R3 2.2 ohms (2.2 Q) 

R4 470 ohms (470 Q) 

VRI1 1000 ohms (1k Q) 
Capacitors 

C1 10 pF 25V 

C2 470 pF 25 V 

C3,C5 220 nF (0.22 pF) Mylar 

C4 1000 pF 25 V 

C6 100 pF 25 V 
Semiconductor 

LED 5mm Red 


Integrated circuit 
IC1 TDA2003 
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Additional items 
Heat sink compound 
Nuts and bolts 
Loudspeaker 4 0 6 W 
3A fuse 
On/off switch (SPST) 
Matrix board 4 x 6cm 
Solder tags 
Plugs and screened cable for connecting lead 
Aluminium box 





86 A grid dip oscillator 


Introduction 


When an inductor and a capacitor are connected, whether in series or 
parallel, they form a circuit with a natural (or resonant) frequency. The 
circuit stores energy, and this energy is being constantly shifted from the 
inductor to the capacitor and back again. 


The dip oscillator is a simple instrument used to measure the resonant 
frequency of a tuned circuit without having to make any direct connection 
to the circuit. The circuit is more commonly known as the grid dip oscillator 
(GDO), from the days when the active device in the circuit was a valve. The 
FET or Field-Effect Transistor operates in a way which is very similar to that 
of the valve, so it is not quite a misnomer to call this instrument a grid dip 
oscillator, too. 





The circuit 


The GDO uses a calibrated, tunable FET oscillator in the circuit of Figure 
1. It has a frequency range of 1.6 to 35.2 MHz in four ranges using a set of 
plug-in coils, shown in Figure 2. When the oscillator coil, L1, is placed near 
an external resonant circuit, some of its RF energy is coupled into the 
external circuit. A gain in energy of the external circuit must mean a loss of 
energy in the GDO circuit, resulting in a change of current through TR1, 
which is measured by the meter, M1. 


The current through TR1 is of the order of 5 to 8mA, but the change 
of current may be only a few microamps. To measure a very small 


A grid dip oscillator 





* These components only required it you want 
to couple the GDO to a frequency counter @RsGe py3s0 


Figure 1 Circuit of an FET GDO. The coils are wound on DIN speater plugs, which provide both a plug-in base and a 
coil former 


Li winding 
{ see caption } 


Figure 2 Details of coil 
construction: 

Range 1: 1.6—4.0 MHz 55 
turns of 30 SWG 





Range 2: 3.3-7.9 MHz 27 2-pin DIN 
turns of 30 SWG eeapeaket 
Range 3: 6.3—4.0 MHz 14 piug 
turns of 26 SWG 

Range 4: 11.9-4.0 MHz 7 

turns of 24 SWG. ©nsce ov390 


change superimposed on a much larger standing current, the method of 
offset can be used. 


One connection to the meter goes to the source of the FET, while the other 
goes to a variable offset voltage set by VR1. M1 has a full-scale deflection 
(FSD) of 100 pA. If the current through TR1 changes, the voltage across R3 
changes. When there is no resonance, the voltage at the wiper of VR1 is set 
to be very slightly greater than that across R3, and there is a 75% FSD meter 
deflection. When the voltage across R3 decreases very slightly, due to 
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external circuit resonance, a significant ‘dip’ in the meter deflection is 
produced, hence the name of the instrument. 


The circuit is not difficult to make on standard matrix board. Provided you 
can follow a circuit and translate it into a good component layout, then this 
project is probably only an evening’s work. 


The most important part of the GDO is the tuning capacitor and its 
associated frequency-calibrated dial. New, air-spaced tuning capacitors can 
cost you up to £20, so it is worth delving around in junk boxes, or scouring 
the tables at a local boot sale or rally. The tuning capacitor from an old 
transistor radio should be perfect. It may even have a slow-motion drive and 
a dial which can be remarked for the project. 


Choose a coil plug and socket arrangement that is practical. Think about 
crystal holders or phono plugs and sockets. The prototype shown in Figure 
1 and Figure 2 used 2-pin DIN plugs, with the coil wound on the outside of 
the plastic plug cover. Figure 2 shows the coil construction and the winding 
details. 


If you use a variable capacitor, VC1, with a value different from that shown 
in the parts list, then the frequency ranges will be different. This does not 
matter, as it will be taken into account during calibration. 


Position VC1 so that the dial will be easy to see and to operate, while 
locating the coil socket as close to it as possible. Figure 3 shows the 
traditional layout of the GDO. 


Calibration 


Because the GDO also radiates a very small amount of energy, a general 
coverage receiver can be used to calibrate the dial. Don’t try to aim for great 
accuracy and clutter the dial with marks and figures! If you include C10, R7 
and R8 in your circuit, you can connect a frequency counter directly to the 
GDO and leave it in circuit all the time. 


The GDO in use 


Always try to place the external tuned circuit with its coil coaxial with the 
plug-in coil, as shown in Figs 1 and 3. If the coils are at right angles, the 
GDO may not produce any resonance. Set the offset control to give about 
75% FSD and slowly tune L1 through its whole range. If no dip occurs, you 
may have the wrong coil plugged in. When you eventually find a dip, move 
the external coil further away until only a minute dip is seen. You may have 
to retune the dip meter as you do this, but it gives a much more accurate 
reading of frequency. 


Remember that you cannot ‘dip’ a coil by itself — there must always be a 
capacitor present. 


Figure 3 Layout of a typical 
GDO. The dial, meter and 
the location of the coil to 
the circuit under test can all 
be viewed at the same time. 
It is shown measuring 
resonance of a tuned circuit 
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Figure 4 A wire antenna 
element can be looped into 
a single turn coil for 
increased coupling to the 
GDO 
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Aerial resonance 


Figure 4 shows how to check the resonance of a dipole aerial. Disconnect 
the coax feed at the aerial and place a short piece of wire, terminated with 
crocodile clips, across the centre insulator to short together the two ends of 
the aerial. By placing the GDO close to the shorting link, a dip should be 
seen on the meter while VC1 is turned. Alternatively, a loop in the element 
can be made around the coil, as in Figure 4, or the shorting link can be made 
long enough to loop over the coil. The latter method does not require 
tampering with the mounting and tensioning of the dipole wires. 





Loop in antenna 
element held 


Coax 
disconnected 












¥% Remove insulation to Insulator bridged 
allow clips to make by wire link 
@ good connection 
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Parts list 





Resistors: all 0.25 W, 5% tolerance 
100 000 ohms (100 kQ) 
56 ohms (56 Q) 
1000 ohms (1 kQ) 
5600 ohms (5.6 kQ) 
560 ohms (560 2) 
4700 ohms (4.7 kQ) 
1000 ohms (1 kQ) 
5600 ohms (5.6 kQ) 
1000 (1 kQ) linear 


Capacitors 
C1, C2 22 pF 
C3, C4 100 pF 
CS, C7, C9 100 nF (0.1 pF) 
C6, C8 1 nF (1000 pF) 
C10 6.8 pF 
vcl1 2 x 365 pF 


Semiconductors 
TR1 J304 or similar 
D1 1N4148 
LED 


Additional items 
See Figure 2 
1mH 
SPST 
100 pA 


Source 





Components are available from Maplin. 
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87 A CW transmitter for 160 to 


Figure 1 Transmitter circuit 
diagram 
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20 metres 


Introduction 


This very small transmitter is designed to work on any band from top band 


(160 m) to 20 m, with an RF output of 1 W. It will work on higher frequencies 
but with a reduced output. 





The circuit 


The three-transistor circuit is shown in Figure 1. It comprises a crystal 
oscillator using a BC182 transistor which drives a 2N3866 power amplifier 
(PA) keyed by a ZTX750 PNP transistor. The oscillator and PA are coupled 
by a capacitor and resistor; this provides a very small amount of positive 
bias to the PA. 


The oscillator can be used as a basic crystal oscillator but, by including a 
variable series capacitor as shown in Figure 1, the crystal frequency can be 
‘pulled’ slightly, making the oscillator a variable crystal oscillator (VXO). 


Construction 


The PCB layout is shown in Figure 2 and in the photograph. Although the 
prototype was built around a PCB, this circuit is equally amenable to 
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Figure 2 Component placing on the PCB. The external connections are also shown 


construction on a matrix board. Populating the PCB is very simple, and you 
can expect to be able to do this in about one hour. The radio-frequency 
choke (RFC) is made by winding 10 turns of 33 SWG wire on a ferrite bead. 
The enamel coating of the wire is intended to vaporise when soldered into 
the board, thus obviating the need to remove the enamel manually with a 
knife or sandpaper. However, if you do have problems with the PA either 
not working or keying intermittently, it is suggested that you investigate the 
RFC connections immediately! 


If you decide to make the VXO version, you will have to cut the track 
between the crystal and earth, and connect the variable capacitor (250 pF) 
across the break. 


In use 


After performing the usual checks on the accuracy of your circuit building 
and the wiring of the external components, it is time to connect a 12 V 
battery between the points shown in Figure 2. Do not switch on yet. An 
aerial needs to be connected to the output via an ATU and a crystal, of 
frequency matching that of the aerial, fitted. The variable capacitor should 
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give you a tuning range from about 14.058 to 14.064 MHz. ‘Netting’ (the 
process of tuning your transmitter to the same frequency as that of a 
received station) is achieved simply, because the oscillator is always running, 
and the leakage of the signal (despite the fact that the PA is not powered) is 
sufficient to bring the two frequencies to zero beat. 
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Warning 


Note that the transmitter has no filtering; harmonics are not suppressed. It 
is strongly recommended that you use this transmitter in conjunction with 
the excellent low-pass filter described in the project A 7-element low-pass 
filter for transmitters, described elsewhere in this book. 


Matching the end-fed 
random-wire aerial 


Introduction 


Many amateurs who do not have the space (or money) for a multi-band 
beam aerial, make use of the simplest possible alternative — the longest 
piece of wire that they can erect, with its end connected to the transceiver 
or receiver by an aerial tuning unit (ATU). 


The length of the wire is not of major importance. Any length between 10 m 
and 80m, with bends if necessary, will suffice. A good earth connection to 
the radio is just as important. Bends in the aerial wire can have some 
interesting effects on the directional properties of the aerial; V- or L-bends, 
or even a square shape are permitted. The only thing not permitted is to 
fold the wire back on itself in a tight hairpin bend! 





Longish wire aerials 


The term ‘long wire’ is usually used (incorrectly) to describe an end-fed 
aerial. How long is a piece of string? It depends what you mean by ‘long’. 
In aerial parlance, it means ‘long with respect to one wavelength’. Again, 
this depends on the band you are using. A long wire at 20m is somewhat 
different from a long wire at 160m. However, if you have sufficient real 
estate for a long wire on the 160m band it must, by definition, be a long 
wire on all the other bands, too! 
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This should put you on your guard when analysing published data about 
feed-point impedance and the directional properties of a long wire aerial. 
Such theoretical data relate to a real, ideal long wire which is straight, 
horizontal, very high above perfect (conducting) ground, and not obstructed 
in any way. So your aerial doesn’t quite match these criteria? Join the 
club! 


Don’t let this dampen your ardour when it comes to evaluating what the 
longish wire can do for you. The following should explain why. 


Feed-point impedance 


The impedance at the end of a longish-wire aerial can vary from a few tens 
of ohms to several thousand ohms, depending on the frequency in use and 
the wire length. It is also affected by factors such as bends, height above 
ground, proximity to buildings and wire diameter. 


The actual value doesn’t matter, provided we can make the aerial appear to 
have a 50 2 impedance at the aerial socket of the transmitter. This process 
is what we call impedance matching, or simply matching. It maximises the 
power transfer from the transmitter to the aerial, and from the aerial to the 
receiver. 


That is why an aerial tuning unit, or ATU, is almost (but not necessarily) 
obligatory. 


The ATU 


Many commercially produced HF receivers and transceivers have single 
50 0 coaxial sockets as their one and only means for connecting an external 
aerial. This means that an external aerial should have a 500 feed 
impedance if it is to work efficiently, and it rules out most of the aerials 
being used by amateurs on the HF bands. Some means is necessary to 
change the aerial feed impedance to ‘match’ that of the transceiver. Such 
impedance-matching, or Z-matching (because Z is the symbol for imped- 
ance, just as L is the symbol for inductance) is the réle of the ATU. 


These can be bought and will accommodate either an end-fed or a coax-fed 
aerial. They can be bought ready for use or in kit form. Whether you want 
one for receiving only, or for use with a low-power (QRP) or high-power 
(QRO) transmitter, will determine what you need and how much 


you pay. 


Figure 1 Parallel tuned 
circuit as single-band ATU 
for end-fed longish-wire 
antenna 
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A simple single-band ATU 


The simplest form of ATU is shown in Figure 1. It is simply a parallel LC 
(coil and capacitor) circuit, resonant at the chosen frequency, with taps on 
the coil for the aerial and the coaxial feed to the transceiver. If we assume 
the circuit is resonant, a high impedance exists at the top of the coil, and a 
low impedance at the bottom. 


We said earlier that the end-fed longish wire presented an impedance which 
was high (or at least higher than 50). This explains why the aerial is 
tapped to the coil near the top, where the impedance is high, and the 500 
coax is tapped near the bottom, where the impedance is low. 






End-fed 
wire 
antenna 


Tuned to 
required 
Wave-band 


@/RSGB DV394 


Because the feed-point impedance of the aerial changes with frequency, so 
must the point at which the aerial is tapped to the coil to achieve impedance 
matching. The value of C must be changed also, to ensure that the circuit is 
resonant, and the 50 tap will require tweaking also. 


Setting up an ATU is quite simple. Make up an LC parallel-tuned circuit 
consisting of 50 turns of enamelled copper wire on an empty 35 mm film 
plastic container (or similar), tuned with a 500 pF variable capacitor. Make 
sure the enamel is removed from the ends of the wire before soldering. 


Solder the inner wire of the coaxial cable from the radio to the first or 
second turn of the coil from its grounded end. Then solder the braid to the 
grounded end. Connect the aerial about one-third of the way down the coil 
from the top, removing the enamel at the connection point. 


Adjust the variable capacitor for maximum noise or signal strength in the 
receiver. Then, try different tapping points from the aerial, to maximise the 
signal again. This matches the aerial impedance to that of the tuned circuit. 
Repeat the process with the coax tap, thus matching the impedance of the 
radio and the cable to that of the tuned circuit. 
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Figure 2 Simple multi-band 
ATU for end-fed longish-wire 
antennas 
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You will no doubt find that the tapping process on the coil was not easily 
accomplished, especially when the enamel must be removed at each tapping 
point without shorting adjacent turns together. It is therefore logical to 
produce a design where the taps have been prepared during the winding of 
the coil, and are selected with a rotary switch. To this end, the following 
multi-band design is described. 


A multi-band ATU 


The same type of coil design around a 35 mm film container is used (see 
Figure 2). The tapping points can be prepared in advance by a little 
judicious planning. Dismantle your original coil and measure the length of 
wire on it. It will be a little more than a calculation of 50 x mD would 
suggest (where D is the diameter of the film container), due to the lack of 
tension in the coil and the wire diameter itself. You will need aerial tapping 
points at turns 1, 2, 3, 5, 10, 15, 20, 25, 30, 35, 40 and 45, corresponding 
to all the bands from 28 MHz to 1.8 MHz. The coaxial cable tap is fixed at 
turn 2 (an acceptable compromise). All the turns are counted from the 
earthy end. 


Cut another piece of enamelled copper the same length as you used 
originally. Then, with the aid of an ordinary calculator, work out the 
positions of the points where the enamel must be removed for the taps. For 
example, turn 15 will have to be made # of the way along the wire, turn 20 
tap made at 3 of the way along. So, if the length of wire is, say 4.7 metres, 
the two taps in question will be made at ¥ x 4.7 = 1.41m and 3 x 4.7 = 
1.88 m from one end. This must be repeated for each of the tap positions, 
and the enamel removed ready for the wire to be soldered to it. With a 
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Matching the end-fed random-wire aerial 


soldering iron, tin each tap point while the copper is shiny, thus ensuring a 
good, low-resistance connection. Do not solder on the taps yet. 


The coil can now be wound as before. The taps can be soldered on, taking 
the lead from each one to the wafer of a single-pole 12-way rotary switch, 
the pole being connected to the aerial. 


The tuning of the ATU is carried out by the same 250 pF capacitor, with a 
single-pole 5-way rotary switch used to select the band. Its tapping points 
will need to be chosen manually, using the method described earlier. Don’t 
attempt to make new tapping points on the coil for this — use the taps 
available on the wafer of the other rotary switch, and find which is optimum 
for each band. 


Notes 


@ For the aerial, use PVC-covered stranded tinned copper, of size 
16/0.2 mm or 24/0.2 mm. 

@ Make the wire as long as possible, but anything over 10m should be 
OK. 

@ Keep the wire as high as you can, in the clear and away from 
obstructions. 

@ Don’t worry about bends, but don’t use hairpin bends. 

@ Use a good insulator to attach your aerial — anything plastic will do. 

e@ Anchor the wire near the point of entry to the building, but use a U-bend 
to prevent ingress of water. 

@ The wire can be brought in through the corner of a window, the PVC 
acting as an insulator. If you must drill a hole in the brickwork, make sure 
it slopes upwards from outside, so that water is deterred from 
entering. 

@ Use a good RF earth (as opposed to an electrical earth) such as half a 
dozen bare copper wires buried under the lawn in a fan shape. They 
should be joined together at the point of the fan and strapped to the earth 
connector of your ATU. 
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Foreword 


If antenna gain alone is not sufficient to bridge the path between two stations, the 
alternative is to increase RF power, Hams have been aware of this fact since the earli- 
est days, and that is why RF power amplifier projects have always been popular, 

In RF Amplifier Classics we have assembled a collection of articles published in 
QST magazine, and its sister technical journal, QEX. The collection spans the early 
1980s through 2003 and includes many prominent authors. In those few instances 
where an author provided a design revision (or correction) after the article was pub- 
lished, that revision is included in the article as presented in this book. 

See the leatest issue of QST for other ARRL RF design-related publications, or 
visit our On-line bookstore at www.arrl.org/catalog. Please take a few minutes to give 
us your comments and suggestions on this book. There’s a handy Feedback Form for 
this purpose at the back, or you can send e-mail to pubsfdbk @arrl.org. 

Our thanks to the many authors whose work appears in this book, Without their 
willingness to share their knowledge with the amateur community, RF Amplifier 
Classics would not be possibie. 


Dave Sumner, K12ZZ 
Executive Vice President 
Newington, Connecticut 
August 2004 





By Gary Breed, K9AY 


From QST, February 1994 


An Easy-to-Build 25-Watt 


ME/HF Amplifier 


Hi: a 25-W, |.8- through 30-MHz, 
class-A linear power amplifier that’s 
simplicity itself. What makes it simple is 
the use of a self-biased transistor module 
requiring few external components. To 
control harmonic output, a set of five-sec- 
tion low-pass filters is included. Power- 
supply requirements are +28 V at 2.5 A and 
—5'V at 200 mA.! With a gain of about 13 
dB,a 1- to 1.4-W driving signal is all that’s 
needed to deliver 25 W output. Gain is flat 
within £0.75 dB across the covered fre- 
quency range. 

If 25W isn't enough for you, it’s easy to 
directly apply the design information to 
build a 50-W amplifier—all you do is use a 
larger transistor module! Another step to- 
ward project simplicity is the availability 
of kits, Each kit contains all the major com- 
ponents for either a 25- or 50-W version? 


Amplifier Design 

When designing a power amplifier, the 
first step is to select the right transistor(s). 
Excellent bipolar-junction — transistors 
(BJTs) and field-effect transistors (FETs) 
are available from well-known companies 
such as Moterela, M/A-COM PHI, 5GS- 
Thomson, Philips, Mitsubishi and others. 
A number of smaller companies also make 
power Lransistors, usually for more-spe- 
clalized applications. MicroWave Tech- 
nology, Polyfet RF Devices, and Directed 
Energy may be company names unfamiliar 
to you, but they all make power transistors 
for MF and HF applications. 

In this amplifier, | use the SLAM-O111 
from MicroWave Technology? 1 didn’t 
choose it because of its gain, its efficiency, 
or even its price; | selected it because it’s 
very easy to use. The device consists of two 
power JFETs (the particular specialty of 
MicroWave Technology), operating in 
push-pull. Since JFETs behave similarly to 
triode vacuum tubes, the company dubbed 
them Solid State Triodes. SLAM (Solid- 
state-triode Linear Amplifier Module) 
devices include thick-film bias resistors in 


Do you need a mecium-power linear amplifier for 
SSB or CW? Congratulations—you just found it! 





the package with the transistors. These re- 
sistors set the gate bias for class-A opera- 
tion, and establish a 50-a input impedance. 
At the rated power and supply voltage, the 
push-pull output impedance is also 50 Q! 
With such convenient input and output 
impedances, matching the devices to a 50-22 
system merely requires |:1 balun transform- 
ers at the input and output. Because the bias 
voltage is internally generated, the only 
other external circuitry required is a suitably 
bypassed and isolated 28-V power supply. 


Circuit Description 


The amplifier schematic is shown in Fig 
], The balun driving the gates of the 
push-pull transistors is a conventional 
transformer. The primary and secondary 
windings are each three turns of #28 wire, 
wound on a two-hole ferrite balun core of 
73 material (u; = 2500). These transform- 
ers are broadband enough to provide 1.8- 
to 30-MHz operation and offer de isolation 
with no additional components. The input- 
transformer primary is center-tapped and 
bypassed to provide access to the gates for 
external de bias (more on this later). 

The output transformer is constructed 
in the same manner as the input trans- 
former—it’s just larger, Two ferrite beads 


of 77 material (4; = 2000) make a two-hole 
core, with primary and secondary windings 
of three turns each, using #24 hookup wire. 
The primary (transistor side) is center- 
tapped and bypassed to provide de voltage 
to the drains. Feeding de through a center- 
tapped transformer eliminates the need for 
the usual bifilar RF choke seen in push-pull 
amplifiers—another reduction in the com- 
ponent count, Multiple bypass capacitor 
values (0.01, 0.1 and 10 LF) are used to 
cover the MF/HF range. That’s the basic 
amplifier block: two transformers, aSLAM 
device, and a few bypass capacitors! 


Class-A Operation Notes 

By definition, transistors operating in 
class A conduct over the entire 360 degrees 
of the signal (that’s all the time, of course). 
This operational mode assures that the tran- 
sistor is always operating in the linear 
region of its input-to-output transfer char- 
acteristic. To do this, the device must be 
biased to handle the maximum signal at all 
times, 

Obviously, this class of operation is 
pretty inefficient, since full current is 
drawn whenever the amplifier is on. A “per- 
fect” transistor operating class A can only 
be 50-percent efficient, and real iransistors 
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Values of capacitance are in 
microfarads (jF); resistances 
are in ohms. 


* See Text and Table 1 





Fig 1—Schematic diagram of the 25-W class-A amplifier, Unless otherwise specified, resistors are ‘/s-W, 5%-tolerance carbon- 
composition or film units, Equivalent parts can be substituted. 


Ji—Panel-mount BNC socket. 

J2—SQ-239 connector. 

J3—Phono jack. 

Pi—4-pin male Jones plug. 

K1—3PDT relay with a 24-¥V de cail. A 
surplus Potter & Brumfield KHP series 4- 
pole relay is shown in Fig 6; one pole is 
unused. (All Electronics catalog number 
4PRLY-24N [$4] or Ocean State 
Electronics R12-17D3-24 [$10.90} are 
suitable. See the Part Suppliers List on 
pp 35-40 of The 1994 ARAL Handbook 
for addresses and telephone numbers. 
—Ed.} 


do no better than about 40 percent. This 
amplifier draws 2.5 A from a 28-¥ power 
supply for an input power of 70 W. When 
it is providing 25 W, it’s 36-percent effi- 
cient. (When there is no input, it’s 0-per- 
cent efficient!) 

To help reduce the heat generated by an 
amplifier that requires 70 W, a negative 
bias can be applied to the gates when not 
transmitting. A bias of —5 V results in a 
0.25-A standby drain current instead of the 
full 2.5 A. The internal bias resistors are 
about 50 ~ on each gate, and dissipate a 
maximum of I W, Under these biasing con- 
ditions, the resistors each dissipate 0.5 W. 
Don’t try to cut off the transistors com- 
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$1—-2-pole, 7-position ceramic rotary 
switch. My switch is made from two 
surplus CRL 11-position switch wafers and 
an indexing assembly providing 
selectable stops. The wafers are spaced 
about 1'/2 inches apart. CAL PA-200 
series switch wafers and PA-300 series 
shaft and indexing assemblies are 
suitable (switches are available from 
Newark Electronics; tel 312-784-5100, 
fax 312-784-5100, ext 3107, to locate 
your nearest Newark distributor). 
Ti—Primary: 3 turns #28 AWG: 
secondary, 3 turns #28 AWG, center- 
tapped. Core: Fair-Rite #2873002402 
balun (Amidon BN 73-2402). 


pletely with greater bias voltage! You'll 
risk burning out the resistors. 

Some may ask, “If class A is this power 
hungry, why use it?” In a word: linearity. If 
you want excellent linearity (which means 
minimum distortion caused by harmonics 
or intermodulation), class A is the way to 
go. For example, all small-signal amplifi- 
ers for receivers and low-level transmitter 
stages operate class A because they must 
handle signals without distortion. How- 
ever, they operate at very low power, so 
power dissipation is rarely an issue. This 
power amplifier further minimizes distor- 
tion by using push-pull operation, which 
cancels even-order distortion products in 


T2—Primary, 3 turns #24, center-tapped; 
secondary, 3 turns #24, Core: two Fair- 

Rite #2677006301 beads (Amidon FB 77- 
6301). 

U1—SLAM-0111 ultralinear 25-W, class-A, 
self-biased power FET module or SLAM- 
0122, 50-W version (Microwave 
Technology, 4268 Solar Way, Fremont, 
CA 94538, tel 510-651-6700, fax 510- 
651-2208). 

Mise: RG-174 coax, enclosure (3'/2 x 7/e x 
5s inches [HWDJ}, heat sink (3 x 4'/s x 

1%a inches [HWD]}, PC-board material, 
knob, mounting hardware. 


the output and makes the next part of the 
design easier than usual. 


Harmonic Filter Design 

As mentioned previously, the amplifier 
uses several low-pass filters to cover the 
nine MF/HF amateur bands. Each filter was 
initially designed for a cutoff trequency 20 
percent higher than the upper end of their 
respective 160, 80, 40, 30, 20, 15 and 10- 
meter ham bands. The 15-meter filter is 
also used for 17 meters, and the 10-meter 
filter for [2 meters. 

With no filtering, even-order harmon- 
ics (2nd, 4th, etc) are more than 40 dB 
below the carrier, the result of good push- 


Table 1 


Filter Circuit and Comparison of Ideal and Final Component Values. 


ideal Filter Values 
Cutoff Freq. C1, C5 C3 


(MHz) (pF) — (pF) 
2.40 1521 2620 


L2, L4 
(ui) 
4.55 


Actual Filter Values 
Ct, C&S L2, L4 
(pF) 
1470 


(1000 + 470) 


4.80 761 1310 2.27 


(560 + 270) 


8.76 417 718 1.25 


12.18 300 516 0.900 


17.22 212 365 0.634 


| 25.74 142 244 0.424 


35.64 102 176 0.306 


In some cases it is necessary to parallel two 
values of capacitance for C1, C2 and C5 


2.37 
(22 t on T-50-2} 
1.25 
(16 ton T-50-2) 
0.960 
(14 ton T-50-2) 
370 0.706 
(270+100) (12 ton T-50-6) 
150 240 0.460 
{10 t on T-50-6) 
0.314 
(8 ton T-50-6) 
smaller-value capacitors to obtain the proper 


830 


1430 
(1000 + 430) 
820 


430 
300 560 
220 


100 180 


The inductors are wound on T-50-2 or T-50-6 cores. Inductors for the 160- and 80-meter 
fillers are wound with #26 AWG wire in order to fit all turns on the cores; the other inductors 


are wound with #22 wire. 


pull balance using factory-matched tran- 
sistors. The 3rd and 5th harmonics are more 
than 15 dB down. To reduce the 3rd har- 
monic to at least 50 dB below the carrier, a 
five-section Chebyshev filter with low 
passband ripple is an appropriate choice. 
This type of filter has a good SWR in the 
passband, and a smooth roll-off character- 
istic, The design process began by creating 
ideal designs using a public-domain filter 
design program.* 

Ideal designs rarely correspond to stan- 
dard capacitor or inductance values that 
can be realized with a discrete number of 
tums on common toroid cores. Using a cir- 
cuit analysis program,° the ideal designs 
were analyzed to see the effects of such 
realworld limitations on harmonic rejec- 
tion and SWR performance. 

First, the ideal component values were 
entered into the program, and varied +20 
percent to see which ones had the greatest 
effect on performance. Cl and CS (see Fig 
2 and Table 1) were found to be least sen- 
sitive to variations, L2 and L4 were moder- 


Aluminum 
Base Plate 


SP, A 





Fig 3—Mechanical assembly of the 
amplifier-module PC board, aluminum 
spacers and heat sink. 





ately sensitive; varying C3 had the greatest 
effect on both passband and stopband per- 
formance. The ideal capacitor values were 
then replaced with standard capacitor 
values or—in some cases— parallel com- 
binations of two common capacitor values, 
Inductors were given the near~st value 
available for coils wound on either T-50-2 
or T-50-6 toroid cores. The final filter de- 
signs are the result of trade-offs between 
inductance, capacitance and filter perfor- 
mance. Table | shows the filter topology, 
along with a comparison of the original 
ideal filter component values and the val- 
ues selected for the finished unit. 


Fig 2—Schematic of the filter used for 
each band. 


Construction 

I built my amplifier and low-pass filter 
modules on single-sided PC boards, using 
pads to mount the components. No holes are 
drilled (except for mounting screws) and all 
leads are attached by soldering them to the 
pads. The PC-board patterns for the ampli- 
fier and filters are available (see Note 2). 

Fig 3 shows the amplifier-assembly 
parts. This assembly is mounted to a heat 
sink (see Figs 4 and 5) capable of dissipat- 
ing more than 40 watts without excessive 
temperature rise. (This assumes a worst 
case of 50-percent transmitting time, and 
7-watts dissipation in standby.) A cutout in 
the middle of the amplifier board allows 
placement of the SLAM device, The PC 
board leaves a conducting path around the 
ends of the SLAM to maintain a ground 
potential across the entire board. Four 
mechanical components make up the am- 
plifier assembly. The first is a 0.1875-inch- 
thick aluminum base plate to which the 
SLAM is mounted, Next are two aluminum 
0.1-inch-thick spacers, which are placed 
between the base plate and the circuit 
board. These spacers set the proper dis- 
lance from the base plate to SLAM leads, 
The SLAM is installed through the top of 
the PC board, and its leads are soldered to 
the traces on top of the board. 





Fig 4—The assembled amplifier-module PC board in position and secured to the heat 
sink (see Fig 5, next page). 
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Fig 5—Rear view of the completed amplifier showing the hefty 
heat sink. 


Construction is easiest if the trans- 
former connections to the SLAM are not 
soldered until after the SLAM is installed. 
This eliminates the possibility that the 
transformer connections will get in the way 
when you try to solder the SLAM into 
place. As with any power device, place a 
thin coating of thermal compound between 
the SLAM and the base plate, and between 
the base plate and the heat sink. Solder 
bypass capacitors directly to the trans- 
former center tap and to the ground plane, 
with the minimum possible lead lengths. 

The low-pass filter board is constructed 
one filter at a time. First, install the capaci- 
tor at the center (C3), then the inductors 
L2, L4), and finally the end capacitors (Cl, 
C45). All inductors are wound with even 
spacing over three-quarters of the core cir- 
cumference. Simply solder the capacitors 
to the pads and ground plane. Silver-mica 
capacitors were used in the prototype be- 
cause they were on hand, Ceramic-disc 
capacitors with 200- to S00-V ratings will 
work equally well. 

If the band switch is located close to the 
filter board (see Fig 6), short lengths of 
hookup wire can connect the filters to the 
switch wafers. 

A spacious box houses the filter and 
amplifier assemblies, along with a TR re- 
lay that also switches the standby bias, 
Power and relay control leads are bypassed 
where they enter the enclosure. 

Before final assembly, I gave the pancls 
of the case a brushed look using a sanding 
block with ciled sandpaper. Band markings 
for the switch (see the title-page photo) are 
drawn on a large, adhesive-backed label 
attached to the front panel. 


Performance 


Amplifier gain ranges from 12.5 to 14 
dB between 1.8 and 30 MHz. The gain flat- 
ness is basically a function of the input and 
output transformers. (It’s possible to make 
the amplifier gain flat within | dB from 
] MHz to 100 MHz using transmission-line 
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Fig 6—This interior view of the amplifier shows its simple and 
clean layout. The band switch is centered on the front panel. 
Immediately beneath the band switch is the filter assembly. 
Behind the switch and to the left is the TR relay, «1. A four-pin 
Jones plug power connector is mounted on the rear panel behind 
and to the left of the relay. On the bottom, near the outside lip of 
the rear panel, is J1. Above it is J2, with J3 to its right. Most of 
the rear panet—from its middie to the right lip—is occupied by the 
SLAM IC PC board and the aluminum spacers secured to the 
heat sink mounted on the rear panel’s exterior. Rubber feet on 
the cabinet bottom help prevent scratching the supporting surface 
beneath and keep the amplifier from stiding. The band-switch 
knob center section is 1'/a inches in diameter; the skirt flares to a 
diameter of 1'/2 inches. 


transformers and frequency compensa- 
tion.) The required drive power for 25 watts 
output is 1.0 to 1.4 watts. 

On-the-air performance is excellent. 
Besides low distortion in the SSB mode, a 
small advantage of linear amplification is a 
complete absence of rise and fall distortion 
of a CW waveform, which sometimes 
occurs in class-C amplifiers. 


Summary 


This project shows how new RF prod- 
ucts can make home construction of ama- 
teur equipment very easy. Home-brewers 
can benefit from a growing trend in RF 
product engineering: reducing develop- 
ment time by using “super components” 
that require few external components and 
little engineering time to design them into 
a product. 

A secondary purpose of this project is to 
show how even simple software tools can 
be used to speed up design. The programs 
used to design the amplifier’s low-pass fil- 
ters are inexpensive, and accurate at fre- 
quencies in the MF/HF bands. In this case, 
they made it possible to examine tradeoffs 
among standard-value components for 
seven different filters, without having to 
build, measure and tweak cach one. 

The result is a linear power amplifier 
with good gain and performance, Its un- 
complicated design jeaves litthe room for 
error, and no fancy test equipment 1s 
needed to successfully build it. Projects 


this easy can make an old-timer forget 
about the “simpler” days of vacuum tubes! 


Notes 

'Power supplies are available fram Marlin P. 
Jones & Assoc, mc, PO Box 12685, Lake 
Park, FL 33403-0685, tel 407-848-8236; fax 
1-800-492-9937. 

2Parts kits for this project are available from 
Crestone Engineering, PO Box 3702, 
Littieton, CO 80161, tal 303-770-4709. Each 
kit includes all electronic and mechanical 
components for the amplifier module and 
lowpass filter assembly, includin9 circuit 
ooards, heat sink and rotary band switcn. Kits 
do not include an enclosure, connectors, or 
TR relay. A 25-W kit using the SLAM-0111 ts 
$115; a 50-W kit using the larger SLAM-0122 
is $190. Add $6 per kit for shipping. Payment 
may be made by check, money order, VISA, 
MasterCard or American Express. 

PS peard patterns for the amplifier and 
filters are availablefreefrom the ARRL. Send 
your request to the Technical Department 
Secretary, ARAL, 225 Main St, Newington, 
CT 061171. With your request for the BREEO 
AMPLIFIER PC-BOARD TEMPLATE, en- 
close a business-size envelope with one 
First-Class stamp. 

3Microwave Technolagy, 4268 Solar Way, Fre- 
mont, CA 94538. Their products are distrib- 
uted by Richardson Electronics, 40W267 
Keslinger Road, LaFox, IL 60147, tel 708- 
208-2200. 

4wike Ellis, “A Comprehensive Filter Design 
Program,” AF Design, July 1991. The 
program is available from the RF Design 
Scltware Service, PO Box 3702, Littleton, CO 
80161-3702, tel 303-770-4709 
#RFD0791, $15 postpaid). 

5NOVA, a shareware pragram by Robert 
Stanton, also available from the RE Design 
Software Service (part #RFD-0391 ,$15 nna). 
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A Compact 1-kW 2-50 MHz 
Solid-State Linear 


Amplifier 


A naa high-power linear amplifiers 
are becoming more and more popular 
in the field of ham radio as the prices of HF 
power transistors continue to fall. 250-W 
devices are now available for almost half 
the price they were selling for a few years 
ago. RF power FETs are still more expen- 
sive, but eventually their prices will also 
fall, although not as fast since they are still 
novelty items and the manufacturing yields 
are low due to ESD problems and require- 
ment for cleaner facilities for wafer pro- 
cessing. 


General 


It is much easier to design wideband 
power amplifiers with FETs than bipolar 
transistors mainly due to their higher input 
impedances at least up to VHF. Their input 
impedance also varies less with frequency 
than that of bipolar devices and changes in 
the output load line are reflected back to 
the input to a lesser degree because of the 
much lower value of feedback capacitance 
(collector to base vs drain to gate). Practi- 
cally all RF power FETs on the market 
today are of the enhancement MOS type, 
meaning that positive voltage at the gate in 
respect to the source is required to turn the 
device on, 

The 1-kW amplifier described here 
would be difficult, if not impossible, to 
design to cover four and a balfoctaves with 
comparable performance using inexpen- 
sive bipolar transistors. In addition, a sc- 
ries of power splitters and combiners 
would be required to reach high power lev- 
els, Biasing to class AB linear operation is 
also much simpler with FETs since the gate 
does not draw any de current, whereas a 
current equal to 1-(peak)/hpp must be sup- 
plied to the base of a bipolar device. One 
example of this and the splitter-combiner 
complexity is presented in the Application 
Note AN-758 by Motorola, Inc. 

This article features a state of the art 
extremely compact design using a pair of 


FETs rated for 600 W of power output cach. 
[t would be capable of a power output of 
1.2 kW as a push-pull circuit, but with the 
output matching employed, which is opti- 
mized at around 800 W, the unit starts satu- 
rating at around | kW at a 50-V de supply, 
resulting in high IM distortion. Similarly at 
a 40-V supply, it would be usable up to 
800 W. The type output matching trans- 
former employed allows only integers as 
{:4, 1:9. 1:16, ete. The 1:16 impedance 
ratio transformer would make the output 
matching optimized at 1400 W, which 
would result in a poor efficiency at 1200 W 
and lower power levels. The only way to 
compensate for this would be to adjust the 
supply voltage accordingly, in this case 
45-46 V. However, the 1:16 ratio trans- 
former of this type is physically much more 
difficult to fabricate than the lower ratio 
ones, and may not be available in the com- 
mercial market. 


The Blas Regulator 

The gate bias regulator (ICI in Fig 1) 
allows the main supply voltage to be varied 
or the use of an unregulated supply while 
keeping the gate bias voltages and the FET 
idle currents constant. Since the maximum 
operating voltage of the regulator [C is only 
40 V, a Zener diode (D1) is employed to 
keep it at a safe level. The regulator supply 
terminals are separated from the main 
power supply permitting the use of a sepa- 
rate bias supply if desired. There is also an 
option for a thermistor connection to stabi- 
lize the idle currents against temperature 
changes. The thermistor should be in a 
pliysical contact preterably with a mount- 
ing flange of one of the FETs. The gate 
voltages are individually adjustable (R1, 
R2) making gate threshold voltage match- 
ing of the devices unnecessary. In case of 
a device failure, such as a drain-gate short, 
D2 and D3 block the full supply voltage 
from being fed back to destroy the regula- 
tor. RIO, RL] and C3, C4 are merely AC 


HF/MF/VHF Amplifiers (1 to 54 MHz) 


filters to protect the regulator from possibly 
strong RF fields. To set the idle currents, Rl 
and R2 must be adjusted to minimum. R3 is 
then adjusted for a regulator output voltage 
of about double the FET gate threshold volt- 
ages (ICI, pin 3). The current is monitored 
at the main supply voltage point while ad- 
justing Ri for a desired idle current, typi- 
cally 800 mA-1.0 A, R2 is then advanced 
until the current is doubled, resulting in 
equal idle currents for both devices. After 
this procedure, the settings of Rl through 
R3 should remain until one or both FETs 
must be replaced. 


The RF Path 


The amplifier is designed to operate into 
the industry standard 50-ohm input and 
output interface. The impedance matching 
to the low impedance levels of the FETs ts 
accomplished with broadband RF trans- 
formers. Both the input transformer (TI) 
and the output transformer (T2) are of the 
so-called conventional type in contrast to 
transmission line transformers.'34 Both 
employ only one turn in the low impedance 
winding, T2 is far more critical than T1 
because it determines the efficiency and the 
high frequency end gain characteristics, 
plus it must be able to handle a large 
amount of RF power. For increased band- 
width characteristics, its low impedance, 
one turn winding consists of three paral- 
leled {Q-ohm coaxial cables, resulting in a 
tight and controllable coupling between the 
primary and secondary. According to for- 
mulas given in Refcrence 2, approximately 
twice the present 4.7 cm? ferrite cross sec- 
tional area would be required in order for 
the core nol to saturate with the calculated 
127 gauss flux density. The saturation 
mainly occurs at the lowest frequencies, in 
this case at 2-3 MHz. Unfortunately most 
ferrite manufacturers do not give informa- 
tion on saturation flux densities that applies 
to applications such as this. However, it is 
known that high permeability ferrites, in 
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Unless otherwise noted, all resistors are 
Ye-W metal film type. All chip capacitors 
except C13 are ATC type 100/2008 or 
Dielectric Laboratories type C17. 
(NOTE: The PCB mount BNC output 
connector used is type BNF34, available 
from ORA Electronics, te! 818-701-5848) 


Fig 1—Circuit Diagram—2 to 50 MHz Amplifier 2-50 MHz Amplifier Components List 


C5—0.01-uF ceramic chip capacitor 

C6,C12—0,1-uF ceramic chip capacitor 

C7,C8—Two 2200-pF ceramic chip capacitors In parallel each 
C9—820-pF ceramic chip capacitor 

C10,C11—1000-pF ceramic chip capacitor 

C13—0.47-pF ceramic chip capacitor or two smailer values in 


R1,R2—1 kQ single-turn Trimpots 
R3—10 kQ single-turn Trimpot 
R4—470 Q, 2 waits 

R5—10 Q 

R6,R12,R13—2 kQ 

R7—10 0 


R&—Exact value depends on thermistor R9 used (typically 5-10 kf) 
R9—Thermistor, Keystone RL1 009-5820-97-Di or equivalent 
R190,R11—106 Q, 1 W carben 


parallel 
C14—Unencapsulated mica, 500 V. Two 1000-pF units is series, 
mounted under T2. 


R14,R15—EMC Technology model 5308 or KDI Pyrofilm PPR 


870-150-3 power resistors, 25 Q 
Di—1 N5357A or equivalent 
D2,03—1N4148 or equivalent 
IG1 —MC1723 (723) voltage regulator 
C1--1000-pF ceramic disc capacitor 
C2,03,C4—0.1-F ceramic disc capacitor 


general, saturate easier than low perme- 
ability materials. Thus, the lowest perme- 
ability material should be selected that will 
satisfy the minimum inductive reactance 
requirement at the lowest frequency of 
operation. The formula to calculate this is 
NX, = 2Rgqj, where: X,=inductive reac- 
tance for one turn, N = number of turns, 
Rgi_) = source or load impedance. Low 
permeability material is also less lossy at 
high frequencies, resulting in less heat gen- 
erated in the transformer. T1, which must 
handle only 8-12 W of power, is made of 
higher permeability ferrite. This makes it 
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#20 AWG 


L1,L2—15 nH, connecting wires io R14 and R15, 1.5 cm each 


L3—10 pH, 10 turns #12 AWG enameled wire on Fair-Rite 
Products Corp ferrite toroid #5961000401 or equivalent 

T1,T2--9:1 and 1:9 impedance ration RF transformers, types 
RF800-3 and RF2067-3 R, respectively (RF Power Systems, 
3038 E Corrine Dr, Phoenix, AZ 85032) 


possible to make the unit physically small 
as well. In Ti, the secondary consists of 
metal] tubes (see Ref 1), where three turns 
of the primary wire is threaded through. 
Metal tubes are also used in T2, but only to 
hold the structure mechanically together. 

At high-power levels generated with 
solid-state devices, which operate at rela- 
tively low voltages, the impedance levels 
automatically become low. This creates a 
problem for finding passive components, 
especially capacitors to handle the high RF 
currents involved. In vacuum tube circuits 
a similar problem exists, but in the form of 


high voltages. In this design, C]4 gets the 
roughest treatment. It must be able to carry 
RF currents in excess of 10 amperes at the 
higher frequencies, although the voltage 
across itis only 75 V rms. At first, several 
good quality ceramic chip capacitors were 
tried in parallel, but temperature excursions 
caused them to crack resulting in AF arcs 
that burned the circuit board in the area as 
well. Finally, two unencapsulated mica 
capacitors (brand names such as Unelco, 
Underwood, Standex, Elmenco and Semco) 
were soldered in series by attaching the 
termina] tabs together, making it a sym- 
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metrical structure, Since each is double the 
total value required and with double the 
number of plates, this increases the RF 
current carrying capability and provides a 
larger area to be soldered to the board metal 
foil to make the cooling more efficient. The 
low impedance winding terminals are then 
soldered to the tops of the capacitor metal 
casings, leaving the effective capacitance 
across the winding. For further fine tuning, 
an Arco (Elmenco} #469 or Sprague #GM- 
40900 compression mica trimmer can be 
soldered to the fronttop terminals of the 
transformer. Slot openings in the metal foil 
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(Fig 7) located on each side of the output 
transformer, next to the drain terminals, 
were provided to increase the series induc- 
tance for certain highfrequency narrow- 
band applications. This tunes out some of 
the PFET output capacitance, resulting in 
increased efficiency. At lower frequencies 
(below 80 MHz) however, they only add to 
the IR loss and should be shorted. The loca- 
tion of C9 is also critical and should be 
placed approximately as shown in Fig 7. 
This will affect the input VSWR at frequen- 
cies above 30 MHz. 

Bypass capacitors ClO through Cl2 must 
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also be of good quality. The center tap of 
T2 should be free of AF if the circuit js 
balanced. This may not always be the case, 
in which case these capacitors will aid this 
function. L3 and Ci3 form an additional 
filter, ensuring that no RF energy is being 
fed back to the power supply. Switchmode 
power supplies especially are sensitive 
against RF and may actually get damaged 
from it, 

Negative feedback is provided through 
the networks LL-RL4 and L2-RI5, Its pur- 
pose is to produce a relatively flat power 
gain versus frequency response. It also 


1-7 


Multiphase Accelerator 


> Multiphase Coils 


4 The helicoidal moving forces both 
accelerate and confine the plasma 
Taki(e(=m dal-m a -t-lelale)ameial-|an) 0-1 a 








= INCH <4 


Figs 8A and 86-Circuii Board—Top Side and Boitem Side 


1-3 Chapter 1 





improves the input return loss and helps to 
stabilize the amplifier at low frequencies, 
where the power gain would be 25-30 dB 
without it. The feedback is at its minimum 
at the high frequency end and at maximum 
at low frequencies, where most power is 
dissipated in R14 and R15. This power is 
roughly the difference in power input with- 
out the feedback between 2 and 50 MHz 
assuming a constant power output (in this 
case 25-30 W), A simple formula for cal- 
culating the feedback resistor values as 
well as their dissipation ratings is given in 
Reference 5. Reference 5 also includes 
information on physical construction of RF 
transformers such as used here. 


Thermal Aspects 


Assuming a 50% worst case efficiency 
for the unit, each FET dissipates 500 W of 
heat in an area of 1 x 1.5 inch. It is impera- 
tive that the transistors are mounted on the 
surface of a material with low thermal re- 
sistance such as copper. This is called a 
heat spreader as it is then attached to a heat 


Fig 9—Ampiifier 
mounted to the 
Heat Spreader. 


sink made of material with poorer thermal 
resistance. It should extend about one inch 
beyond the edges of the FET mounting 
flanges at least on three sides. It is even 
more practical to make the heat spreader as 
large or larger than the amplifier itself. This 
would allow all circuit-board spacers to be 
an equal height of 0.125 inch. The thick- 
ness of the heat spreader should be a mini- 
mum of 0,375 inch. The heat spreader is 
then separately attached to the actual heat 
sink, which can be a 12-inch length of 
Wakefield Engineering type 4559 extru- 
sion or equivalent®, Heat sink compound 
must be applied to all thermal interfaces 
and the recommended transistor mounting 
procedure should be followed, including 
the screw torque. Fig 9 shows the amplifier 
mounted to the heat spreader. Although the 
heat sink is not shown, one must be used 
for continuous operation and for test peri- 
ods longer than a couple of minutes. For 
continuous operation, two 5-inch muffin 
fans under the heat sink will suffice. They 
will keep the device case temperature at 
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below 80°C, and the die temperature, 
which equals to device thermal resistance 
xX power dissipation + case temperature = 
0.13 x 500 + 80, at less than 145°C, which 
is well below the 200-degree maximum 
recommended value. We must realize that 
the 500-watt dissipation is only valid when 
the unit is operated into a 5Q-ohm load. 
Under mismatched conditions, depending 
on the phase angle, the dissipated power 
may be lower or higher than this value. 


Performance 


Some of the amplifier performance 
characteristics are shown in Figs 2 through 
5. Although at 30 MHz and above all 
harmonics are 25 dB or more below the 
fundamental, an output filter is required to 
comply with FCC regulations. However, it 
can be a simpler one than required for the 
low frequencies, where the third harmonic 
may be only attenuated 12-15 dB. In push- 
pull amplifiers, the even harmonics are not 
usually a problem since they are attenuated 
by the balanced operation of the circuit. 
Information on high power low-pass filters 
for applications as this can be found in Ref- 
erence 7. These filters are automatically 
relay switched with BCD code available in 
most modern transceivers. 
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By Mike Kossor, WA2EBY From QST, March 1999 


A Broadband HF 
Amplifier Using Low-Cost 
Power MOSFETs 


Part 1—With only 1 W of drive, you'll get over 40 W 
out—from 160 through 10 meters! 


Mii" articles have been written en- 
couraging experimenters to use 
power MOSFETs to build HP RF amplifi- 
ers. That’s because power MOSFETs— 
popular in the design of switching power 
supplies—cost as little as $1 each, whereas 
RF MOSFET prices start at about $35 each! 

Over the years, I tucked away several of 
these articles, waiting for an opportunity to 
experiment with them, That opportunity 
came when I received a call from Al, 
W2OB]. Al wanted a low-cost linear ampli- 
fier to use with his 5 W QRP transmitter 
when band conditions got poor. Ideally, the 
amplifier would generate at least 25 W on all 
the HF bands. Al’s inquiry renewed my in- 
terest in the topic and provided the motiva- 
tion I] needed to get my project underway. 

Al provided me with an extensive list of 
RF-amplifier construction articles that use 
power MOSFETs.'* These articles provided 
useful information about MOSFETs and 
general guidelines for working with them, 
including biasing, parasitic-oscillation sup- 
pression, broadband impedance-matching 
techniques and typical amplifier perfor- Be onicat and Kinks, Jon 1993 

put Power va Frequency 

mance data. It was clear from the perfor- Pin © 1, Veg = +28¥ DC 
mance data that Al’s desire to get 25 W out- (After hormenic filtering, off harmonics < 40.dBc) 
put from power MOSFETs on 1.8 to 30 MHz 
was going to be achallenge! The RF output 
power of most of the amplifiers described in 
the articles drops off to [0 W or less as fre- 
quency increases just to 14 MHz, 

















An Idea Brews 

After hundreds of hours of experimen- 
tation, I came up with a design that exceeds 
our original objective: One watt of input 
power produces over 40 W of output (after 
harmonic filtering) from 160 through !0 
meters, To the basic amplifier, I added an 


RF-sensed TR relay and a set of low-pass Figure 1—Jim Wyckoff, AA3X, “1 W In, 30 W out With Power MOSFETs at 80 M,” Hints 
filters designed to suppress harmonic out- and Kinks, QST, Jan 1993, pp 50-51. 
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TR SWITCH 


1N4148 


1N4148 


Except as Indicated, decimol 
volues of capacitance are 

in microforads ( #F); others 
are In picofarads { pF): 
rasistances are in ohma; 

k= 1,000. 

IC Pins not shown ore unused. 
T = Tantalum 

* = See text. 

@ = Phasing 
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a1 
IRF510 


Q2 
IRFS10 





4. J4 or 
8 ts18, Fig 3* 


to U3 or 
SIA, Fig 3* 


Figure 2--Schematic of the MOSFET all-band HF amplifier. Unless otherwise specified, resistors are V4 W, 5% tolerance 
carbon-composition or film units, Equivalent parts can be substituted. Part numbers in parentheses are Mouser (Mouser Electronics, 
968 N Main St, Mansfield, TX 76063; tel 800-346-6873, 617-483-4422, fax 817-483-0931; sales@ mouser.com; 


hitp://fwww.mouser.com); see Note 9. 


C1-C6—0,1 uF chip (140-CC5027104M) 

C9--47 pF chip (140-CC502N470J) 

C10—100 uF, 35 V (140-HTRL35V100) 

C11, C13—15 pF, 35 V (140MLR35V10) 

G12—1 pF, 50 V (140-MLRLS50V1.0) 

G14—2.2 pF, 35 V tantalum 
(581-2.2M35V) 

G16---0.01 pF chip (140-CC502B 103K) 

C16, C17—0.001 pF chip 
(140-GC502B102k) 

D1—1N4733A, 5.1 V, 1 W Zener dicde 
(583-1N4733A) 

D4—1N40044(583-1N4004A) 

D2, D3—1N4148 (583-1N4148) 

D5—1N4744A, 15 V, 1 W Zener diode 
(583-1N4744A) 

J1, J2—S0-239 UHF connector 
(523-81-120) 


Ki—12 V DPDT, 960 © coil, 12.5 mA 
(431-OVR-SH-212L) 

Li, L2—9"/2 turns #24 enameled wire, 
closely wound 0.25-in. ID 

L3—3'/2 turns #24 enameled wire, closely 
wound 0.190-in. ID 

Q1, Q2—IRF510 power MOSFET 
(570-IRF510) 

Q3—2N3904 (610-2N3904) 

Ri, R2—10 k2Q2 trim pot (323-5000-10K) 

RAG, R4—-27 Q, Ve W (293-27) 

R6—-1 kQ chip (263-1K) 

R7— 4.7 kQ chip (263-4.7K) 

R8—130 ©, 1 W (281-130); for 7 dB pad 
(5 W in, 1 W out) 

RI—43 Q, 2 W (282-43); for 7 dB pad 
(5 Win, 1 W out) 

RA10—130 ©, 3 W (283-130); for 7 dB pad 
(5 Win, 1 W aut) 


R8, R10—300 ©, '/ W (273-300); for 
3.d8 pad (2 W in, 1 W out) 
R9—18 Q, 1 W (281-18); for 3 dB pad 
(2 W in, 1 W out) 
R11—2.4 kQ, 42 W (293-2.4K) 
Ti—10 bifilar turns #24 enameled wire on 
an FT-50-43 core. 
T2—-10 bifilar turns #22 enameled wire on 
two stacked FT-50-43 cores. 
T3—Pri 2 turns, sec 3 turns #20 Teflon- 
covered wire on BN-43-3312 balun core. 
Misc: Aluminum enclosure 3.5086 inches 
(HWD) (537-TF-783), two TO-220 
mounting kits (534-4724), heat-sink 
compound (577-1977), amplifier PG baard 
(see Note 9), heat sink (AAVID [Mouser 
§32-244609B802]; see text), about two feet 
of RG-58 coax, #24 enameled wire and 
#20 Teflon-insulated wire. 
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put and comply with FCC requirements. 
The amplifier is built on double-sided PC 
board and requires no tuning. Another PC 
board contains the low-pass filters, Power- 
supply requirements are 28 V de at 5 A, 
although the amplifier performs well at 
13.8 V de. 

Several of these amplifiers have been 
built and exhibit similar performance. Al 
has been using his amplifier on each of the 
HF bands, logging well over 500 contacts 
in 18 months, Signal reports indicate a no- 
ticeable improvement in readability (about 
two § units on average) over his 5 W rig. No 
indications of in-stability, CW key clicks 
or distortion on SSB have been reported. 
To make it easy for you to duplicate this 
project, PC boards and parts kits are avail- 
able, all at a cost of about $100!" 


An Overview of MOSFETs 


MOSFETs operate very differently 
from bipolar transistors. MOSFETs are 
voltage-controlled devices and exhibit a 
very high input impedance at dc, whereas 
bipolar transistors are current-controlled de- 
vices and have a relatively low input imped- 
ance. Biasing a MOSFET for linear 
operation only requires applying a fixed 
voltage to its gate via a resistor. With 
MOSFETs, no special bias or feedback cir- 
cuitry is required to maintain the bias point 
over temperature as is required with bipolar 
transistors to prevent thermal runaway,!¢ 
With MOSFETs, the gate-threshold voltage 
increases with increased drain current. This 
works to turn off the device, especially at 
elevated temperatures as transconductance 
decreases and Rpg (gq) (static drain-to-source 
on resistance) increases. These built-in self- 
regulating actions prevent MOSFETs from 
being affected by thermal runaway. 
MOSFETs do not require negative feedback 
to suppress low-frequency gain as is often 
required with bipolar RF transistors. Bipo- 
lar transistor gain increases as frequency de- 
creases, Very high gain at de and low fre- 
quencies can cause unwanted, low- 
frequency oscillation to occur in bipolar 
transistor RF amplifiers unless negative 
feedback is employed to prevent it, 
Low-frequency oscillation can damage bi- 
polar transistors by causing excess power 
dissipation, leading to thermal runaway. 


MOSFET Limitations 


Of course, MOSFETs do have their limi- 
tations, The high gate impedance and the 
device structure make them susceptible to 
electrostatic discharge (ESD) damage. 
Some easily applied precautions prevent 
this: Use a soldering iron with grounded tip; 
use a wrist strap connected to ground 
through a 1 MQ resistor to bleed off excess 
body charge while handling MOSFETs and 
do all work on an anti-static mat connected 
to ground via a 1 MQ resistor, 

The sensitivity of a MOSFET’s gate to 
static and high-voltage spikes also makes it 
vulnerable to damage resulting from para- 
sitic oscillation. This undesired self-oscil- 
lation could result in excessive gate-to- 
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A rear panel view showing the heat sink. 


source vollage that permanently damages 
the MOSFET’s gate insulation. Another 
MOSFET limitation is gate capacitance. 
This parameter limits the frequency at 
which a MOSFET can operate effectively 
as an RF amplifier. I recommend reviewing 
the referents of Notes 1-3 if you are inter- 
ested in more detailed information about 
MOSFETs. 


Power MOSFET RF Amplifiers 


Of the several power MOSFET ampli- 
fiers I built to check their performance, the 
one providing the best performance is the 
push-pull design described by Jim Wyckoff, 
AA3X, in QST (see Note 3). I used IRF510 
power MOSFETs rather than the IRF511s 
specified. The performance of this power 
MOSFET amplifier design is summarized in 
Figure 1; its basic design is very similar to 
another amplifier described in the referent 
of Note 4, written 10 years earlier. That am- 
plifier uses a pair of more-expensive 
MRF138 MOSFETs designed specifically 
for RF applications, 

As Figure 1 shows, the Hints and Kinks 
amplifier performance is excellent from 1.8 
MHz to 7 MHz and far exceeds the pub- 
lished figure of 30 W output on 3.5 MHz. 
As frequency increases above 10 MHz, 
however, output drops off rapidly, falling 
below 10 W above 21 MHz. (These levels 
were measured after harmonic filtering.) 

Although the amplifier is identified as 
stable, my first attempt at duplicating the 
amplifier resulted in oscillations that de- 
stroyed one of the IRF510s. I was puzzled 
by this. At first, | thought the problem was 
caused by my substitution of the slightly 
more robust IRF510 MOSFETs for the 
called-for IRFS5lls. That idea proved 
wrong when my second attempt to power 
up the amplifier with IRF511 MOSFETs 





installed also resulted in a blown IRF511. 
(Thank goodness these are $1 power 
MOSFETs, not $35 RF MOSFETs!). I fi- 
nally achieved good stability when I added 
a small amount of inductance in series with 
the MOSFET source to ground (just two 
turns of #24 wire, 0.125 inch diameter). 
With this added inductance, I was able to 
remove the ferrite beads from the circuit 
without any sign of instability. ] believe the 
substitution of the IRF510 and minimizing 
source lead inductance are the reasons I 
obtained significantly higher RF output 
power and wider bandwidth than described 
in the referent of Note 3. This experiment 
underscores the need to observe exact con- 
struction techniques and physical layout if 
similar performance is to be expected, Even 
though I used PC board construction, I got 
significantly different results because my 
layout was not the same as the author’s. 


Modifying the Design 

Although the amplifier performed bet- 
ter than expected, its bandwidth was sig- 
nificantly less than desired. Considerable 
experimentation (and ] do mean consider- 
able!) resulted in the circuit shown in Fig- 
ure 2. This amplifier consists of two power 
MOSFETs operating in push-pull and em- 
ploys an RF-sensed TR relay. 

During receive, TR relay KI is deener- 
gized. Signals from the antenna are con- 
nected to J2 and routed through K 1 toa trans- 
ceiver connected to J!. (This path loss is less 
than 0.3 dB from 1.8 MHz through 30 MHz.) 
In transmit, RF voltage from the transceiver 
is sampled by C17 and divided by R6 and 
R7, D2 and D3 rectify the RF voltage and 
charge C16. Q3 begins conducting when the 
detected RF voltage across C16 reaches ap- 
proximately 0.7 ¥. This energizes K1, which 
then routes the transmitted RF signal from Ji 
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Figure 3—Low-pass filter schematic. In some cases, the actual filter component values 
differ from the calculated values of a standard 50 Q-input filter. Such differences 
improve the impedance matching between the amplifier and the load. Capacitors are all 


dipped mica units. 


C1, 03, C5—1500 pF 
(5982-19-500V 1500) 
02—2700 pF (5982-19-500V2700) 
C4, C6, C8B—820 pF (5982-19-500V820) 
C7, C9—430 pF (5982-15-500V430) 
C10, C12, C14—330 pF (6982-19- 
500330) 


to the input of the amplifier and sends the 
output of the amplifier to the antenna at J2. 
RF-sensed relay response is very fast. No 
noticeable clipping of the first CW character 
has been reported. 

I made provisions to include an RF at- 
tenuator (consisting of R8, R9 and RIO) to 
enable adjusting the amplifier input power 
to | W. (The parts list contains resistor val- 
ues to reduce the output of 2 or 5 W drivers 
tol W.) The | W signal is then applied to the 
primary of Tl via an input impedance- 
matching network consisting of L3. T1 is a 
1:1] balun that splits the RF signal into two 
ouiputs 180 degrees out of phase. One of 
these signals is applied by C1 to QI’s gate. 
The other signal is routed via C2 to Q2’s 
gate. The drains of Q1] and Q2 are connected 
to the primary of output transformer T3, 
where the two signals are recombined in 
phase to produce a single output. T3 also 
provides impedance transformation from 
the low outpul impedance of the MOSFETs 
to the 50 © antenna port. De power is pro- 
vided to the drains of QI and Q2 by phase- 
reversal choke, T2. This is a very effective 


C11—560 pF (5982-19-500V560) 

C13, C17—180 pF (5982-15-500V180) 
C15—-200 pF (5982-15-500V200} 

C16, C18—100 pF (5982-10-500V100) 
S1—2 pole, 6 position rotary (10YX026) 
Misc: low-pass filter PC board (see Note 9} 


method to provide power to Q! and Q2 while 
presenting a high impedance to the RF sig- 
nal over a broad range of frequencies. The 
drain chokes for Q| and Q2 are wound on the 
same core, and the phase of one of the chokes 
(see the phasing-dot markings on T2) is re- 
versed. C9 increases the bandwidth of im- 
pedance transformation provided by T3, es- 
pecially at 21 MHz. 

The 5 V bias supply voltage is derived 
from 28 V by Zener diode DI and current- 
limiting resistor R11. Bypass capacitors 
C3, C4, C5, C6 and C13 remove RF volt- 
ages from the bias supply voltage. Gate bias 
for Q1 and Q2 is controlled independently. 
RI adjusts Q1’s gate-bias voltage via R3 
and LI. R2 works similarly for Q2 via R4 
and L2. 

Al low frequencies, the amplifier’s in- 
put impedance is essentially equal to the 
series value of R3 and R4. L{ and L2 im- 
prove the input-impedance match at higher 
frequencies. The low value of series resis- 
tance provided by R3 and R4 also reduces 
the Q of impedance-matching inductors L1 
and L2, which improves stability. Dc block- 
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ing capacitors Cl and C2 prevent loading 
the gate bias-supply voltage. 

C14 keeps transistor Q3 conducting and 
K1 energized between SSB voice syllables 
or CW elements. Without C14, KI would 
chatter in response to the SSB modulation 
envelope and fast keying. Increasing the 
value of C14 increases the time K | remains 
energized during transmit. The reverse 
voltage generated by K1 when the relay is 
deenergized is clamped to a safe level by 
D4. D5 drops the 28 V supply to 13 V to 
power 12 V relay K]. D5 can be replaced 
with a jumper if K1 has a 28 V de coil or if 
you intend to operate the amplifier with a 
13.8 V de supply. 


Harmonic Filtering 


Although biased for class AB linear op- 
eration, this amplifier (like others of its 
type} exhibits some degree of nonlinearity, 
resulting in the generation of harmonics. 
This push-pull amplifier design cancels 
even-order harmonics (2f, 4f, 6f, etc) in the 
output transformer, T3. Odd-order harmon- 
ics are not canceled. Second-order harmon- 
ics generated by the amplifier are typically 
less than 30 dBc (30 dB below the carrier} 
whereas third-order harmonics are typically 
only 10 dBc. FCC regulations require all HF 
RF-amplifier harmonic output power to be 
atleast 40 dBc at power levels between 50 to 
500 W, To meet this requirement, it is com- 
mon practice for HF amplifiers to use low- 
pass filters, Separate low-pass filters are 
needed for the 160, 80, 40 and 30 meter 
bands. The 20 and {7 meter bands can share 
the same low-pass filter. So, too, the 15, 12 
and 10 meter bands can share a comimon 
low-pass filter; see Figure 3, 

Switching among the six filters can be a 
messy wiring problem, especially on the 
higher-frequency bands where lead lengths 
should be kept short for optimum perfor- 
mance. This problem is solved by mount- 
ing all six low-pass filters on a PC board. A 
two-pole, six-position rotary switch ($1) 
mounted directly on the same PC board 
manages all filter interconnections. One 
pole of S| connects the amplifier output to 
one of the six filter inputs, while $1's other 
pole simultaneously connects the corre- 
sponding filter’s output to the TR relay, 
K]. Only two coaxial-cable connections 
are required between the RF amplifier and 
the low-pass filter board. 


Next Month 


In Part 2, '1] wrap up with amplifier 
construction and adjustment, and discuss 
the amplifier’s overall performance. See 
you then! 


Notes 


‘Doug DeMaw, WiFB, “Power-FET Switches 
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®*Parts for this project are available in five modu- 
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346-6873, 817-483-4422, fax 817-483-0931; 
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Amplifier components (Mouser P/N 371- 
HFAMP'1) consisting of the amplifier PC beard 
and all PC-board-mounted components (ex- 
cept for the ferrite cores). Price: $35, plus ship- 
ping. Amplifier hardware kit (Mouser P/N 371- 

FAMP2) consisting of the aluminum eénclo- 
sure, two UHF connectors, two TO-220 mount- 
ing kits, AAVID heat sink and ene container of 
heat sink compound. Price: $30 pies shipping. 
Low-pass filter kit (Mouser P/N 371-HFAMP3) 
consisting of the low-pass filter PC board, ro- 
tary switch and all PC-board-mounted capaci- 
tors (inductor cores are no? included). Price: 
$35, plus shipping. Fa nornett diagrams 
accompany the PC boards. 

PC boards only are available from Mouser 
Electronics: HF amplifier board (#371- 
AMPPWEB-?); filter PC board (#371-LPPWB- 
2). Price $15 each, plus shipping. 

The following two kits aré available from 


Amidon Inc (Amidon, Inc, 240 Briggs Ave, 
Costa Mesa, CA 92626; tel 1-800-898-1883, 
714-850-4660, fax 714-850-1163): Amplifier 
ferrite kit (Amidon P/N HFAFC) containing the 
ferrite cores, balun core and magnet and 
Teflon wire to wind the transformers for the 
HF amplifier. Price: $3.50 plus shipping. Low- 
pass filter cores kit (Amidon P/N HFFLT) con- 
taining ail iron cores and wire for the low-pass 
filters. Price: $4.50 plus ship. 


10See Motorola Application Reports 1/95, 


HB215, Application Report ARS46. 

Thermal runaway is a condition that occurs 
with bipolar transistors because bipolar tran- 
sistors conduct more as temperature in- 
creases, the increased conduction causes an 
increase in temperature, which further in- 
creases conduction, etc. The cycle repeats 
until the bipolar transistor overheats and is 
permanently damaged. 
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Part 2—Let’s put the finishing touches on this all- 


a month,!! I covered the history ond 
velopment of this 40 W (average) am- 
plifier. I'm sure you're anxious iO get your 
amplifier finished and on the air, so fei’s 
pet going! 


Amplifier Construction 


The amplifier is constructed on a double- 
sided PC board with plated through holes 19 
provide top-side ground connections. ] used 
chip resistors and capacitors to simplify con- 
struction, but leaded capacitors may work if 
lead lengths are kept short. First, assemble 
all chip capacitors and resistors on the PC 
board, Tweezers help to handle chip compo- 
nents, Work with only one component value 
@ atime (chip caps and resistors are very 
difficult to identify!}, Chip capacitor and 
tesislor mounting is simplified by tinning 
One side of the PC board trace with solder 
before positioning the capacitor or resistor. 
Touch the soldering iron tip to the capacitor 
or resistor to tack it in place, Finish mount- 
ing by soldering the opposite side of the 
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Figure 4—RF output power comparison of the Hint and Kink 


amplifier and this design. 


band HF amplifier! 


component. Don't apply tea much heat to 
chip capacitors. The metalized contacts on 
the capacitor can be damaged or completely 
removed if too much heat is applied. Use a 
1S to 20 W soldering iron and limit soldering 
time to five seconds. 

Mount axial-leaded resistors, diodes and 
remaining capacitors next. To avoid dam- 
aging them, mount inductors and trans- 
formers last, LI and L2 are wound on a 
0.25-inch drill-bit shaft. By wrapping the 
wire around the shaft 10 times, you'll get 
9'/2 turns. The last turn arcs only a half-turn 
before entering the 
PC board, L3 is 
wound on a 0,]90- 
inch diameter drill 
bit with 3'% turns 
wound the same 
way as L1 and L2. 
Mounting K1 is sim- 
plified by first bend- 
ing all its leads 90° 
outward so it lies flat 
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From QST, April 1999 


on the PC board, Use a wrist strap con- 
nected to ground through a | M& resistor 
to bleed off static body charge while han- 
dling MOSFETs, and do the work on 
an anti-static mat connected to ground via 
al M92 resistor. The gate input can be dam- 
aged by electrostatic discharge! 

When winding T3, wind the primary 
first and add the secondary winding over 
the primary. Be sure to use Teflon-insulated 
wire for T3’s windings; the high operating 
temperatures encountered will likely melt 
standard hook-up wire insulation. 
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Figure 5—Efficiency comparison of the Hint and Kink amplifier 


and ihis one, 


Heat Sinking 


Together, Q) and Q2 dissipate up to 
59 W. A suitable heat sink is required to 
prevent the transistors from overheating and 
damage, I used an AAVID 244609B02 heat 
sink originally designed for de-to-de power 
converters, The amplifier PC board and heat 
sink are attached to an aluminum enclosure 
by two #4-40 screws drilled through the PC 
board, enclosure and heat sink at diagonally 
opposite corners. A rectangular cutout in the 
enclosure allows O1 and Q2 direct access to 
the heat sink. This is essential because of 
the Jarge thermal impedance associated with 
the TO-220 package (more on this topic 
later). Mark the locations of the transistor- 
tab mounting-hole location in the center of 
the heat sink in between the cooling fins. 
Disassemble the heat sink to drill 0.115 inch 
holes for #4-40 mounting screws, or tap 
#4-40 mounting holes in the center of the 
heat-sink fins, 

Use mica insulators and grommets 
when mounting QI and Q2 to prevent the 
#4-40 mounting screws from shorting the 
TQ-220 package drain connections (tabs) 
to ground. Coat both sides of the mica insu- 
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Figure 7—AF output power versus supply-vollage of this 
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lator with a shia layer of thermal compound 
to improve the thermal conduction be- 
tween the transistor tab and the heat sink. 
Be sure to install the mica insulator on the 
heat sink before assembling the amplifier 
PC beard to the enclosure and heat sink. 
The mica insulators are larger than the cul 
outs in the PC board, making it impossible 
to instal] them after the PC board is 
mounted, 


Low-Pass Filter Construction 
Inductor winding information for the 
low-pass filters is provided in Table 1. 


Single Band 

A PC-board trace is available on the 
amplifier PC board next to amplifier output 
(J3) to allow the installation of a single-band 
low-pass filter between the terminals of J3 
and K1’s input, J4, This is handy if you in- 
tend to use the amplifier on one band only, 
The input inductor of the low-pass filter 
connects from J3 to the single PC trace ad- 
jacent to J3. The output inductor connects in 
series between the single PC trace toJ4. The 
three filter capacitors connect from J3, J4 
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Figure 6—Input SWR comparison of the two amplifiers, 


and the PC-board trace near J3 to ground. 
This single irace is not used when muitiple 
jilters are required, Remember to remove 
the single trace adjacent to J3 on the ampli- 
fier PC board before attaching the amplifier 
board between the RF connectors on the 
enclosure’s rear panel. 


Multipie-Band Filters 


Using the amplifier on more than one 
band requires a different approach, A set of 


Table 1 


Low-Pass Filter Inductor Winding 
Information 


(Refer to Figure 3 in Part +)) 
fnducior No. of 
Number Turns 
Li, L2 30 tums 
La, L4 22 1urns 
L5, L6é 16 tums 
L7, L8 14 turns 
L9, L10 1iturns T-50-6 

Lii, Li2 8 turns T-50-6 

Note: All Inductors are wound with #22 
enameled wire except for L1-L4, which 
are wound with #24 enameled wire. 


Core 
T-50-2 
T-50-2 
T-50-2 
T-50-2 
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Figure B—Thermal performance of ihe amplifier during key-down 
conditions, 





IRF510 Thermal Data 


Paigg = 21-7 W per Transistor, 20 WPM @ 2.4 x B33 Dots/Sec 


Thermolly 63386 Heat Sink with Fan 
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six low-pass filters is built on a double- 
sided PC board with plated through holes 
to provide top-side ground connections. A 
PC-board mount, two-pole, six-position 
rotary switch does all low-pass filter selec- 
tion, Silver-mica, leaded capacitors are 
used in all the filters. On 160 through 
30 meters, T-50-2 toroids are used in the 
inductors. T-50-6 toroids are used for in- 
ductors on 20 through 10 meters, The num- 
ber of turns wound on a toroid core are 
counted on the toroid’s OD as the wire 
passes through the core center (The ARRL 
Handbook "* provides complete details for 
winding toroids). Assemble one filter sec- 
tion at a time starting with the 160, 80, 40- 
meter filter, then the 30-meter filter. With 
the switch mounting position at your upper 
left, the filter input (C1) is near the top edge 
of the board and the filter output (C3) is 
near the bottom edge. The last two filters 
are out of sequence; the 15-10 meter filter 
comes before the 20-17 meter filter) and 
the inputs/outputs are reversed to simplify 
the PC-board layout. The input capacitors, 
C13 and C16, are mounted on the board 
bottom edge, and outpul capacitors, C15 
and C18, are on the top edge. 

Use care when assembling the rotary 
switch, All 14 terminals must fit through 
the PC board without damaging or bending 
the pins. Make sure there are no bent pins 
before you attempt assembly. Insert the 
rotary switch into the PC board. Do not 
press the rotary switch al] the way into the 
PC-board holes flush with the ground 
plane! If you do, the top flange of the signal 
pins may short to the ground plane. 


Bias Adjustment 

The biasing procedure is straightforward 
and requires only a multimeter to complete. 
First, set RI and R2 fully counterclockwise, 
(0 V on the gates of QI and Q2). Terminate 
the RF input and outputs with a 50 © load. 
Next, connect the 28 V supply to the ampli- 
fier in series with a multimeter set to the 
0-200 mA current range. Measure and 
record the idling current drawn by the 5 V 
bias supply. The value should be approxi- 
mately 9.5 mA (28 — 5.1 V)/ 2.4 kQ = 
9.5 mA). Set QI's drain current to 1O mA 





Figure 9—Thermal 
performance of the 
amplifier during 
simulated CW 
conditions. 


by adjusting R1} until the 28 V supply cur- 
rent increases by 10 mA above the idling 
current (9.5 + 10 = 19.5 mA). Next, adjust 
R2 for a Q2 drain current of 10 mA. This 
is accomplished by adjusting R2 until the 
28 V supply current increases by an addi- 
tional [0 mA (to 29.5 mA}. 


Amplifier Performance 

With a 28 V power supply and | W of 
drive, the RF output power of this amplifier 
exceeds 40 W from 1.8 MHz through 
28 MHz, Peak performance occurs at 
10 MHz, providing about 75 W after filter- 
ing! A performance comparison between 
this amplifier and my modified version of 
the Hint and Kink amplifier mentioned 
earlier is shown in Figure 4. 

As shown in Figure 5, this amplifier 
achieves an efficiency of better than 50% 
over its frequency range, except at 7 MHz 
where the efficiency drops to 48%. In con- 
trast, the Hint and Kink amplifier delivers 
greater efficiency between |.8 and 7 MHz, 
but it drops rapidly to only 20% as fre- 
quency is increased. 

Figure 6 compares the input SWR of the 
two amplifiers. The Hint and Kink am- 
plifier’s SWR is acceptable (< 2:1) only at 
1.8 MHz. This amplifier is better, however 
it, too, exceeds 2:1 above 14 MHz. The in- 
put SWR of this amplifier can be improved 
to better than 2:1 on all bands by adding a 
3 dB pad (R8-R10 of Figure 2) at the input 
and supplying 2 W to the pad input, This 
keeps the amplifier drive at 1 W. 

Figure 7 graphs this amplifier’s RF out- 
put power as a function of drain supply 
voltage. During this test, the amplifier RF 
drive level was kept constant at | W. As 
you can see, even when using a 13.8 V de 
supply, the amplifier provides over 10 W 
output (a gain of more than 10 dB) from 1.8 
to 30 MHz. 


Operation 

The amplifier requires no tuning while 
operating on any HF amateur band. You 
must, however, be sure to select the proper 
low-pass filter prior to transmitting. If the 
wrong low-pass filter is selected, damage 
to the MOSFETs may result. Damage will 
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likely result if you attempt to operate the 
amplifier on a band with the low-pass filter 
selected for a lower frequency. For ex- 
ample, driving the amplifier with a 21 MHz 
signal while the 1.8 MHz low-pass filter is 
selected will likely destroy Q] and/or Q2. 

The amplifier can also be damaged by 
overheating. This limitation is imposed by 
the TO-220 packages in which Q1 and Q2 
are housed. The thermal resistance from 
junction to case is a whopping 3.5°C/W. 
This huge value makes it virtually impos- 
sible to keep the junction temperature from 
exceeding the +150°C target for good 
reliability. Consider the following condi- 
tions: key down, ] W input, 53 W output 
on 7 MHz (worst-case band for efficiency). 
The amplifier consumes 28 V x 4 A= 
112 W, of which 53 W are sent to the an- 
tenna, so 59 W (112 W-53 W=59 W) are 
dissipated in Q1 and Q2. Assuming equal 
current sharing between Q1 and Q2, each 
transistor dissipates 29.5 W. To keep the 
transistor junction temperature below 
+150°C requires preventing the transistor 
case temperature from exceeding 46.8°C 
(150 — [3.5 * 29.5]) while dissipating 
29.5 W. Also, there is a temperature rise 
across the mica insulator between the tran- 
sistor case and heat sink of 0.5°C/W. That 
makes the maximum allowable heat-sink 
temperature limited to 46.8 — (0.5 x 29.5) 
= 32°C. In other words, the heat sink must 
dissipate 59 W (29.5 from each transistor) 
with only a 7°C rise above room tempera- 
ture (25°C). Even if the junction tempera- 
tures were allowed to reach the absolute 
maximum of 175°C, the heat sink tempera- 
ture must not exceed 57°C, Accomplish- 
ing this requires a heat sink with a thermal 
resistance of (57 — 25) / 59 = 0.54°C/W. 
This is far less than the 1.9°C/W rating of 
the AAVID 244609B02 heat sink | used. 
The situation may seem bleak, but all is not 
lost. These calculations make it clear that 
the amplifier should not be used for AM, 
FM or any other continuous-carrier opera- 
tion. The amplifier should be used only for 
CW and SSB operation where the duty 
cycle is significantly reduced. 

Thermal performance of the amplifier 
is iNustrated in Figure 8. Data was taken 
under dc operating conditions with power- 
dissipation levels set equal to conditions 
under RF operation. A RadioShack brush- 
less 12 V de fan (RS 273-243A) blows air 
across the heat sink. Key down, the miaxi- 
mum rated junction temperature is reached 
in as little as five seconds as illustrated in 
Figure 8. Prolonged key-down transmis- 
sions should be avoided for this reason. 

Under intermittent CW conditions, the 
situation is very different. Transistor-case 
temperatures reached 66°C after operating 
four minutes under simulated CW condi- 
tions at 20 WPM (60 ms on, 60 ms off). 
The corresponding junction temperature is 
+141°C (based on an equivalent RMS 
power dissipation of 21.7 W per transis- 
tor). This keeps the junction temperature 
under the 150°C target (see Figure 9). One 
simple way to reduce power dissipation is 
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to reduce the power-supply vollage to 
24 V¥. RF output power will decrease about 
10 W from the maximum levels achieved 
with a 28 V supply. 

From a thermal standpoint, the IRF510 
power MOSFET is a poor choice for this 
RF amplifier application. Although I must 
say Iam impressed with the robustness of 
these devices considering the times I spent 
testing them key down, five minutes at a 
time, without failure. Q1 and/or Q2 may 
need to be replaced after a year or so of 
operation because of the compromise in 
reliability. Considering their low cost, that 
is not a bad trade-off, 


Stability 

High gain, broad bandwidth and close 
input/output signal routing (within the TR 
relay) all work against stability, With a 
good toad (< 2:1 SWR) the amplifier is 
stable from 1.8 MHz through 39 MHz. 
Oscillation was observed when the trans- 
mitter frequency was increased to 40 MHz. 
The output load match also affects stabil- 
ity. Oscillation was observed on 27.5 MHz 
when the load SWR was 3:1. This should 
not be a problem since the frequency is 
outside the ham bands. I spent a great deal 
of time trying to make this design uncondi- 
tionally stable even with loads exceeding 
3:1 SWR without sacrificing output power 
(gain) at 28 MHz without success. I did 
identify some reasonable compromises. 

One of the easiest ways to improve sta- 
bility and the input SWR seen by the RF 
source is to add an RF attenuator (pad) at the 
amplifier input. An attenuator is absolutely 
required if the transmitter (driver) provides 
more than | W to the amplifier. R8, R9 and 
R1O form an RF attenuator that attenuates 
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the transmitter drive level, but does not at- 
tenuate received signals because it ts only 
in the circuit when K] is energized. To drive 
this amplifier with a 2-W-output transmit- 
ter requires use of a 3-dB pad. The pad 
improves the amplifier input SWR and the 
isolation between the amplifier’s input and 
output. The drawback is that 1 W is wasted 
in the pad. Likewise, a 5-W driver requires 
use of a 7-dB pad, but 4 W are wasted in the 
pad. (Values for R&, R9 and R1O to make a 
3-dB pad and a 7-dB pad are given in the 
parts list.) Installing a pad requires cutting 
the PC-board trace under R9, otherwise RG 
would be shorted out by the trace. Make a 
small cut (0.1 inch wide) in the trace under 
R9 before soldering R9 in position. R8 and 
R1@ have the same values, but may have 
different power ratings. Connect R10 be- 
tween the RF input side of R9 and ground. 
Install R8 between the amplifier side of R9 
and ground. 

An impedance mismatch between the 
output of a 1-W-output driver and the am- 
plifier input can be a source of instability. 
(Obviously, if the driving transmitter’s out- 
put power is only 1 W, you can't use a pad 
as described earlier.) If you encounter sta- 
bility problems, try these remedies: Place a 
resistor in parallel with L] and L2 to de- 
crease the Q of the amplifier matching net- 
work (try values between 50 and 220 Q). 
Try reducing the value of L3 or eliminating 
L3 entirely, Both of these modifications 
improve stability, but reduce the amplifier’s 
output power above 21 MHz. 


Summary 


This project demonstrates how inexpen- 
sive power MOSFETs can be used to build 
an all-band linear HF power amplifier. Fre- 


quency of operation is extended beyond the 
limits of previous designs using the IRF510 
and improved input-impedance matching. 
Long-term reliability is recognized as acom- 
promise because of the poor thermal perfor- 
mance of the low-cost TO-220 package. 

If you have been thinking about adding 
an amplifier to your QRP station, this 
project is a good way lo experiment with 
amplifier design and is an excellent way to 
become familiar with surface-mount 
“chip” components, | made arrangements 
with Mouser Electronics and Amidon Inc 
to provide parts kits for this project al a 
discounted price (see the parts list in 
Part I). These parts kits make it very easy 
to get started and more economical to 
“homebrew” this project. 


Acknowledgments 


I want to thank the following individu- 
als associated with this project: Harry 
Randel, WD2AID, for his untiring support 
in capturing the schematic diagram and 
parts layout of this project; Al Roehm, 
W20OBJ], for his continued support and en- 
couragement in developing, testing, edit- 
ing and publishing this project; Larry 
Guttadore, WB2SPF, for building, testing 
and photographing the project; Dick 
Jansson, WD4FAB, for thermal-design 
suggestions; Adam O’ Donnell, N3RCS, for 
his assistance building prototypes, and my 
wife, Laura, N2TDL, for her encourage- 
ment and support throughout this project. 
Notes 


Mike Kossor, “A Broadband HF Amplifier 
Using Low-Cost Power MOSFETs—Part 7,” 
QST, Mar 1999, pp 40-43. 

1A, Dean Straw, N6BV, The 1999 ARAL Hand- 
book for Radio Amateurs, (Newington: 
ARRL), 76th ed, pp 25-234 





_— 


By Zack Lau, KH6CP/1 From QEX, May 1992 


A 1.8 to 54 MHz 5-Watt 
Amplifier 


Ni a rugged and stable amplifier for 
your multiband QRP rig? Not only has 
the design been optimized on a pricey com- 
puter program called Touchstone (by 
sesof) for unconditional stability, it has 
actually survived a variety of poor loads— 
it was used to sweep filters with 5 W of RF. 
The gain of the two stage amplifier was 
measured to be between 28 and 30 dB in 
the amateur bands, though there is another 
dB of gain around 37 MHz. 

For ruggedness and ease of design, a 
Motorola MRF 137 was selected as the fi- 
nal transistor. While the MRF 138 may be 
more linear, insufficient design informa- 
tion was available to ensure a stable 
design, While some amateurs will balk at 
the high cost of these devices ($24 in 
November 1991), such savings are easily 
lost if the cheaper device has a habit of 
blowing up. Also, one picks up a real clean 
$SB signal—the high-order IMD products 
are way down compared to typical bipolar 
amplifiers. For instance, the worst IMD on 
3.5,7,14 and 28 MHz was —38 dB on 28 
MHz, with the 3th order products 61 dB 
down (relative to PEP). The device was 
putting out 5-W PEP while being biased at 
0.5 A (28-¥V supply). 

Perhaps the biggest flaw is the power 
requirement— these FETs really like to see 
high voltages for best performance, and the 
MRF 137 is no exception. [ biased the MRF 
137 for 0.55 A and 28.2 V. It drew 0.6 A 
when putting out 4.6 W at 28 MHz, The 
driver runs off your normal 12-¥V supply. 

The input amplifier shown in Fig la is 
pretty straightforward—a bipolar 2N5109 
with the feedback networks adjusted to 
compensate the gain of the MRF 137. A 
series network of a 470-a resistor and a 
12-pF capacitor was tacked between the 
collector and ground to ensure stability at 
all frequencies. The MRF 137 rolls off a 
few dB at 54 MHz, but the bipolar ampli- 
fier adequately compensates for this gain 
deficiency. The input return loss is better 
than 18 dB between 1.4 and 29.9 MHz, but 
degrades to 12 dB at 50 MHz. The mput 
SWR was not tested with poor loads. 

By itself, the MRF 137 amplifier stage 


shown in Fig Ib (see next page) makes an 
excellent 16-dB gain block between | and 
32 MHz, having less than 0.5 dB of gain 
variation. The transmission line trans- 
former on the input seems to help the input 
return loss/SWR, keeping these numbers 
above 18/below 1.3 to 1 between | and 50 
MHz, I suppose that putting another trans- 
mission line transformer on the output 
could be used to get a more powerful am- 
plifier with less gain over a similar fre- 
quency range, but this variation has not 
been investigated. 

The simplest circuit board I could think 
of was used— I cut two pads in a piece of 
double-sided circuit board for the gate and 
drain leads. Then I wrapped the edges of 
the board with copper tape and soldered it 


Ql 
2N5109 


down for good grounding. After making 
holes for the MRF 137 transistor and the 
mounting screws in the board and a spacer, 
made of 0.050-inch aluminum, I attached 
the spacer, the circuit board, and the MRF 
137 to a heat sink tapped with 4-40 screw 
holes, Standard ground-plane construc- 
tion was used to attach the other parts. The 
2N5109 amplifier was built on its own 
ground plane —RF amplifiers work better 
if there isn’t too much gain in one place. 
Three additional amplifiers were built by 
Mike Gruber, WAISYF, for use in the lab. 
He noted that R& had to be changed from 
4.7 k& to 1 kQ to bias the amplifiers at 0.5 
amps. Apparently, the MRF 137s he used 
have a higher gate threshold voltage. Oth- 
erwise, performance was as expected. 


12 ¥ 
OC Input 





Fig 1a~-Low-level amplifier designed to compensate for the gain rolloff fram the power 


amplifier. 


Q1—2N5109, 2.5-W heat-sinked RF transistor, f; is 1200 MHz. 
T1—15 turns bifilar #28 on FT-37-43 toroid core. 
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Fig 1b—5-W TMOS power amplitier. 

L1I—26 tums no. 26 enameled wire on T-44-2 
toroid, 3.9 ph. 

Q2—MRF 137 transistor. 

R§—10-kQ turn potentiometer for bias setting. 

RFC1—21 turns of no. 26 enameled wire on 
FR-37-67 toriod. 

T2—4 tums 25-Q coax on FT-50-43 toroid core. 

The 25-2 coax is actually two 50-2 coax run 


side-byside, The prototype used RG-196/U +28 





coax. 
U1—78L05 5-V regulator. 
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By Joel Paladino, NGAMG From QST, September 1992 


An Experimental Solid- 
State Kilowatt Linear 
Amplifier for 2 to 54 MHz 


Many kilowatt amplifiers could anchor a small boat, 
and don’t cover 6 meters. Combined with its power 
supply, this kilowatt weighs less than 35 pounds. 


, article describes progress toward 
achieving a well-defined goal: building 
the smallest possible MF/HF/VHF 
amplifier capable of at least 1000 watts out- 
pot. Nicknamed the Solid State Kilowatt 
(SSKW), the project has its roots in an 
article by Helge Granberg of Motorola in 
October 1986 RF Design.' Two water- 
cooled amplifiers of that design, built by 
Mike Staal (KOM YC) of M2, had many prob- 
lems. Some of them were device-related; 
others, power-supply related. (More about 
these issues later.) In February 1990 I rebuilt 
one of the water-cooled units using the old 
design and two new transistors, Optimized 
for 50 MHz, this amplifier could just reach 
the 1000-watt level. After using it for three 
weeks of South Pacific DXpeditioning, I 
decided to construct an air-cooled unit. 1 
spent the spring, summer and fall of 1990 
building the SSKW and getting it ready for 
another DXpedition in the fall. 


Circuit Description 

Motorola’s article reprint AR-347 de- 
scribes the basic amplifier design. July 
1990 QEX also carried an article about it.? 
Fig | shows the amplifier schematic. 
Briefly, the circuit consists of two MRF154 
RF power MOSFETs in push-pull. Each of 
these transistors is capable of 600 watts 
output up to ]00 MHz. The input and output 
transformers, 9:] and 1:9, respectively, use 
cores of #67 ferrite material. The output 
transformer’s 1:9 ratio is a compromise that 
is optimum at about 800 watts. 

Incorporating the Motoroia building 
block into a DXpedition-ready package re- 
quired experimentation and problem-solv- 
ing,as Idescribed at the 199] Central States 
VHF Conference. Here’s where the sys- 
tem stands today. 





TR Switching 


The SSKW includes TR relays that by- 
pass the Fig | circuitry in receive mode, I 
designed their control circuitry to eliminate 
the possibility of the high RF fields in the 
amplifier compartment causing relay 
falsing problems, and to simplifies field 
repair by keeping parts count low. The re- 
lays are sequenced to allow the output 
relay to close before the amplifier puts out 
power. Because relays take a few millisec- 
onds to operate, sequencing is necessary to 
keep the relay from hot-switching the am- 
plifier output. (Hot-switching | kW will 
destroy a relay rapidly!) 

This design has two small problems. For 
the short time it takes the amplifier’s input 
relay to close on switching from receive to 
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transmit, the exciter operates without a 
load. This can be remedied by delaying the 
exciter keying. The other problem is the 
relay's closure time changes as the relay 
heats. This can be solved two ways: Use 
external electronics to do the delay, or tem- 
perature-compensate for the resistance 
change. 


SWA Protection 

I haven't yet built SWR protection into 
the amplifier. In January 1983 QST, Helge 
Granberg described an $3WR-protection cir- 
cuit for a 2- to 30-MHz amplifier.* A phone 
conversation with Helge indicated that this 
circuit will work to 54 MHz, so it should 
suffice. How much mismatch the MRFI54s 
can tolerate is unknown, however, so. don’t 
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6-Meters: DXpeditioning with a Difference 


Making the most of 6 meter DXpeditioning depends on 
knowing where and when to go If you want io work Europe 
from the Ganary Islands summertime is best because spo- 
radic E propagation is best then If you want to work the US 
from EA8 go when fall shifts into winter to take advantage of 
east/west F2 layer propagation It s always more exciting to go 
to a rare place but not necessarily more fun’ 

Once you ye decided on a DXpedition site plan your travel 
on the assumption that you II want to stay on site for at least 
two weeks This gives you about a 50% better chance of hav- 
ing good openings within a given month 

Pay particular attention to the RF prospects of your accom- 
modations Ideaily you d be able to see ocean in all directions 
lf that s not possible all s not lost A direct oceanic path isn t 
always the best propagation may be better over the backscat- 
ter path You Il want to get your antenna up as high as possible 
to minimize radiation angle and AFI And consider EMI and NI 
possibilities carefully Some areas of the world use NTSG 
channel 2; others, PAL on channel t—right in the middle of 
the band! If your RF gets into a resort's CATV system you Il 
drive 60 televisions crazy rather than one or two. 

Ghapter 6 of The ARAL Operating Manual covers 
DXpedition power, health, licensing and logistical concerns 
in detail so see that book for more about those topics II! add 
one thing though It helps to find a local ham with FAX capa- 
bility as well as HF who can help you with questions on licens- 
ing and living accommodations 

This can take 80% of the surprises out of the expedition! 


The author's setup at CN2JP, Rabat, Morocco. Efficiency 
counts more than neatness while you're busy making 900 
contacts on 6 and 20 on 2-meter EME! (DXpedition photos 





Equipment 

What | bring and use on 6-meter DXpeditions is based 
largely on the experiences of Jim Treybig, W6JKY, in his many 
years of 6 meter DXpeditioning. The core of the approach is 
pretty much this: Run as much power as permitted and bring 
as big an antenna as possible. There are practical limits to 
this, but let your ingenuity direct your thoughts. | consider t00 
W as a minimum, 500 watts good and 1000 watts as optimum. 
High power lets you take advantage of scatter paths that sim- 
ply won't work at 100 watts. It's very frustrating to hear a well 
equipped station that you cannot work! 


Which Antenna? 

A DxXpedition antenna must be compact, jight and repro- 
ducible The Yagi | use has six elements on a 30 foot boom, 
Optimized by Brian (K6STI) Beezley’s Yagi optimization pro- 
gram YO it’s fed with a T match and a half wave balun, Its 
boom folds down to two 40 inch sections, each 2 inches in 
diameter. Most of the element pieces fit inside the two 40-inch 
sections. The antenna is light enough to lift with one hand. 

A rotatable antenna is mandatory. You'll need to turn your 
antenna to find the best direction of propagation. The antenna 
mast, 20 feet long overall, consists of 40 inch sections of 
2-inch aluminum tubing joined with internal sleeves. The ro- 
tator is at the mast bottom and there’s a slip ring at the mast 
top just below the Yagi (Having the rotator at the bottom makes 
putting the antenna up easier by minimizing weight at the 
upper end of the mast.) 

| use Dacron rope for guying. How much rope should you 





courtesy of the author) 





want to use the SSK W to calibrate its own 
SWR-protection circuitry! 

The amplifier’s output can be reduced 
two ways: by turning down the exciter 
power via amplifier-generated ALC, or by 
reducing the amplifier bias. (These are en- 
hancement-mode FETs, so positive bias is 
necessary to turn them on.) The ALC option 
is better because it does not affect the 
amplifier’s linearity, A no-output-load con- 
dition must shut down the amplifier as 
quickly as possible. 


Overdrive Protection 


Overdrive can destroy power MOSFETs 
instantly, so a drive limit control is essen- 
tial, A threshold detector should be incor- 
porated. The SSKW's input includes a 
5-dB attenuator so 100-watt exciters can 
drive the amplifier without damaging it. If 
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DXpeditioning would be no fun at all without antenna work!’ 


the 5-dB pad fails to attenuate, or if the 
exciter puts out too much power, the ampli- 
fier must be shut down rapidly. 

The amplifier must also be shut down if 
the transistors’ flange temperature exceeds 
40°C. Shutdown can be done two ways, 
depending on how the amplifier is used. The 
first way is to just turn down the bias, which 
changes the amplifier’s linearity. The sec- 
ond way is to totally turn off the amplifier. 
This must be done gracefully so the ampli- 
fier does not shut down while producing 
full power. The following shutdown se- 
quence is essential: (1) Turn down the bias; 
(2) open the input relay; and (3) open the 
output relay. 


Bias 


The SSKW’s bias circuitry is straight- 
forward. R&’s value must be tailored to the 


particular MRF154s used. If the bias de- 
creases too fast with rising temperature, 
increase the value of R8. The LM723’s in- 
put voltage must never exceed 40 volts. 


Output Filtering 

Filtering must be added to make the 
amplifier comply with FCC signal-purity 
regulations. The reactance of these filters 
away from their intended passbands must 
be taken into account. Absorplive low-pass 
filters should be considered. Such filters 
dissipate harmonic energy as heat rather 
than reflecting it back to the amplifier tran- 
sistors. 


Packaging 

I intended to make this amplifier as 
small and light as possible. Most of the 
amplifier's weight is its aluminum heat sink 


take? Simple: Estimate what you need, multiply by 2.5 and 
you might make it! | usually bring two diameters, */te and 
Va inch. 


Radios 


Bring at least two radios: one for HF liaison (usually at 10 
meters) and another for 6 meters. | recommend maximizing 
fedundancy by taking two radios that both cover 10 and 6. At 
leastone of the 6-meter rigs should include an excellent noise 
blanker for power-line problems and motorbikes. It.must also 
be able to drive a kilowatt amplifier to full oufput on 6. (I use 
one Kenwood TS-6805 and one ICOM IC-575.) Receive cov- 
erage between 10 and 6 meters is another plus. Where it’s 
allowed, listening to nonamateur services between 45 and 
50 MHz can be very important in determining the direction of 


propagation. 


Additional Gear 


Bring 12-volt supplies capable of operating at the line 
voltage and frequency at your DXpedition destination. The 
supplies should also be able to handle wide line-voltage varia- 
tions around nominal. Carry two of them—one for each radio. 
| modify mine by adding line filtering and fusing. Parailel a 
standard receptacie of some kind with your supplies’ rig plug 
or cable. Two-prong, polarized Jones plugs work well. You 
can use them on everything for quick setup and breakdown. 

Bring a memory keyer for use as a beacon and in normal 
CW operation. Also consider taking a laptop computer. | now 
use a computer for logging, taking notes, calculating beam 
headings, and determining the footprint of the sun. 


Operating 

Several operating subjects are of prime importance, Ten- 
meter liaison comes first. You must use 10 meters to get up- 
to-date propagation information and find out who’s being 
heard. When you're feeling your way through a pile of sta- 
tions, you can sometimes miss very rare propagation oppor- 
tunities if you don’t check 10 meters often. 

Six-meter contact procedures come next. It’s very difficult 
making everyone happy on 6 meters when you're the DX. You 
must set rules and stick to them. Pick a frequency and do your 
best to keep it when the band gets busy. Try to not work the 
same stations over and over again, especially during pileups. 
Your goal is to give as many people as possible a new coun- 
try. Work each station as quickly as possible. Don't discuss 
names and grid squares—the time it takes just gives fewer 
people a chance to work you. Leave that info to the QSL 
cards! Which should you operate—phone or CW? The an- 
swer is “Probably both.” CW penetrates weak conditions 
detter than phone, and it gives more people at the edge of 


DXpeditioning is also about meeting people. Here’s Tarik 
Skiredj, CN8ST, and friends. 


propagation a chance at working you. Then, when you go to 
phone, everyone who can will work you again. | favor CW 
DXpedition operation because of my experiences on the non- 
DX end. ; 
Should you operate on a single frequency or split? Go to 
split when there’s a massive opening and you're being 
QAMed by peopie calling you. This usually happens during 
intense backscatter openings. Hams on the 10-meter liaison 
frequency can tell you when QRM gets too heavy. 


Conclusion 


Six-meter DXpeditioning is a blast. And the SSKW makes 
it even more fun: | can devote more weight to antennas!— 
N6AMG 





and copper heat spreader. How much heat 
sinking is needed depends on the duty cycle 
required. I decided that a duty cycle of 50% 
orless was acceptable. The resulting weight 
forthe package, I4 pounds, is very accept- 
able. The SSK W is 8 inches wide, 12 inches 
leng and 5 inches high. 

The key to making the package light was 
louse the smallest possible heat spreader. I 
decided to use enough '4-inch-thick copper 
lo surround each MRF154 with at least | 
inch of spreader. I machined the spreader 
flat and attached it to the heat sink, also 
machined flat. After attaching the copper to 
the aluminum, I resurfaced the copper again 
atthe transistor contact points to insure flat- 
ness. I spread a thin layer of heat-sink com- 
pound between the copper and aluminum, 
and another layer between the copper and 
the transistors. 


With two high-pressure, 24-volt fans 
blowing on the sink, the resultant duty 
cycle limit is a little less than 50%. These 
fans are in series across the amplifier's 
50-volt supply. The smail fan in the com- 
partment is a 12-volt unit that just barely 
fits, (The compartment needs to be a little 
deeper.) A fan is necessary here, however, 
because compartment airflow dramatically 
keeps the output transformer’s ferrite from 
getting hot. 

A heat sink with more fins and a thicker 
base, but the same fin depth, would raise 
the duty-cycie limit. (The copper spreader 
should be made larger as well.) These 
changes would also make the amplifier 
heavier. 


Construction Techniques 
A milling machine is required for 


surfacing all of the amplifier’s heat-con- 
ductive interfaces. Physical flatness is 
essential for maximum heat conductivity 
and to avoid warping the transistor cases, 
The Motorola bulletin specifies the torque 
of the screws on the MRF154s’ flanges. 
Tightening these screws uniformly assures 
that the flanges won’t warp during tempera- 
ture cycling. 

R14 and R15, the feedback resistors, are 
flange-mounted, Their beryllium copper 
leads cannot be flexed very many times be- 
fore they break. (According to their manu- 
facturer, that may be only once!) These two 
resistors just barely fit, So, make sure the 
two MRF154s are separated properly. 


Power Supply 


To keep the amplifier small and light, I 
use a switching power supply. A Lambda 
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C12 c10 on 
01 1000 


1000 


Except o8 indicated, decimal values of 
copocitance ore in microforads ( wF ): 
others are in pleoferads (pF): 
resistances are in ohme; k=1,000, 


Fig i—The basic SSKW circuit can produce at least 1 kW from 2 to 54 MHz. Duplicating this circuit requires additional information not 
given here. Output filtering is also necessary to ensure compliance with FCC emission-purity rules, See the text, Motorola Application 
Note AN-287, July 1990 QEX and the 1997 Central States VHF Conference Proceedings for details. The Central States write-up 
includes SSKW performance graphs and spectrograms in addition to a diagram of the amplifiér's relay-control circuitry. 


LFS-50-48 (net weight, 20 pounds) does the 
job, with good results, Sized at 15 inches 
long, 7,5 inches wide and 5 inches high, it 
can source 50 amperes at 50 volts. This 
power supply produces significant radio 
noise up to 30 MHz, most of it radiating 
froin the supply’s ac-line leads. I EMI-fil- 
tered the supply’s leads with good success. 
(We need better, RF-quieter switching sup- 
plies!) Because linear supplics generate 
little or no RF EMI, they are superior to 
switching supplies for fixed-siation use. 





Two Motorola MRF154 RF power MOSFETS in push-pull make 
the SSKW perk. A 20-watt wxciter drives the amplifier to full 
output. (amplifier photos by Kirk Kleinschmidt, NT@Z) 
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Overshoot is a regulated power supply 
characteristic that’s particularly trouble- 
some in switching supplies. Overshoot oc- 
curs when a regulator responds too slowly 
to keep its output voltage down in response 
to short-duration, high-current loading. In a 
50-volt switching supply, and depending on 
the load, overshoot transients of more than 
100 volts may result. I've seen overshoot 
destroy expensive transistors! The SSKW 
supply must be able to safely handle the 
variable power-supply demand that occurs 


during SSB and C'W transmission. 

Power-supply RF sensitivity is another 
consideration. Some power supplies are sen- 
sitive to RF. Their output voltages may vary 
with the presence and amplitude of RF on 
their input and output leads. The SSKW’s 
supply must be free of such effects. 


Hints and Kinks 

Be careful when applying de to the 
amplifier for the first time. Do not use a 
high-current supply for initial tests. Use a 





Without its two 24-volt fans, the SSKW’'s heat sink and spreader 
would have to be much Jarger. 


























rent-limited, 3- or 4-ampere supply to 
the regulator and set the bias. The 
plifier should have a reverse polarity 
protection diode rated at a voltage appro- 
priate to the supply. 

_ Make sure that you have a 50-ohm load 
on the amplifier output. The bias circuitry 
may not act correctly if there is no load. 
Slowly increase drive. Watch the output 
power and the current drain to make sure 
hey aré in line with efficiency. If the input 
matchis bad, check C7 and C8. If the am- 
lifier does not achieve its efficiency capa- 
bility, RF that doesn’t make it to the load 
May try to leave via the dc input line. This 
can cause C12 to explode off of the under- 
ide of the board. Also, under normal op- 
eration, the single unit Motorola specifies 
or C12 can barely handle the RF current 
hat passes through it. I recommend paral- 
eling 100-volt, 0.05- or 0,.1-yF chip capaci 
ors instead of using a single 0.1-yF chip. 
fhis problem is difficult to analyze because 
C12 is on the underside of the board. 

_ As mentioned earlier, the SSK W’s bias 
‘ircuitry may have to be tailored to the 
particular MRF154s used. One thing not 
mentioned on the schematics is the addi- 
tion of an Arco 365 variable capacitor (C15 
in Fig 1) across C14 to cancel some of the 


‘What luggage weight the SSKW amplifier conserves can be put to 
other uses—2-meter moonbounce gear, for instance. Operating as 
CN2JP, the author completed 20 EME contacts—Morocco's first— 
in November 1991, On the same trip, the SSKW performed like a 
savyweight through 900 contacts with 56 countries on 6 meters. 


Table 1 


Drive 
Power 
(W) 
24.5 
21.0 
17 
15.5 
19.6 
29 


Freq 
(MHZ) 





inductive reactance in the output trans- 
former at 6 meters. 


Performance 


With a 50-volt power supply, the SSKW 
can produce over 1.1 kW from 21054 MHz. 
At this power level, the MOSFETs’ drain 
current runs at around 40 amperes, depend- 
ing on the operating frequency. Table | 
shows amplifier performance data taken at 
six different frequencies, The SSKW can 
produce up to 1.5 kW below 30 MHz. 

Especially below 30 MHz, the SSKW's 
harmonic output rises with output power. It 
may be possible to use only four low-pass 
filters to cover the 2 to 54 MHz range if a 
second harmonic of -40.dB can be tolerated. 
Since the transistors operate in push-pull, the 
second harmonic is usually not a problem. 

Without its 5-dB input pad and operat- 
ing with a 50-volt supply, the amplifier ex- 
hibits an input SWR of less than 2:1 (re- 
ferred to 50 ohms) throughout its frequency 
range. Only below 5 MHz does its input 
SWR exceed 1.6:1. Inserting the 5-dB pad 
adds 10 dB of return loss and keeps the 
input SWR below 1.3:1 through the 
amplifier’s operating range. I have not yet 
measured the amplifier’s two-tone, 
thirdorder IMD performance. 
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SSKW Performance Versus Frequency 


Power 
Output Ip 
(Ww) (A) 
1000 39.1 
1000 33.4 
1000 32.4 
1000 «32,3 
1000 941.5 
1000 «39.7 


Gain Efficiency input 
(dB) (%) SWR 
16.1 51.2 1.41 
16.8 59.9 1.39 
16.8 59.9 1.39 
17.7 61.9 1.36 
17.1 48.2 1.87 
15.4 50.4 1.51 


Final Notes 


For now, I can say that my goal of a 
compact, lightweight amplifier capable of 
at least | kW output is a reality. The SSKW 
has served me well in its intended 
DXpeditionary application, Nonetheless, 
the amplifier in its present form is still ex- 
perimental. Before the SSKW could be 
acceptable for general use, output filtering 
and failureproof protection circuitry would 
have to be added. The next generation is on 
its way. The next project? Use the same 50- 
volt supply with power FETs capable of 
covering 144 to 432 MHz, and build it into 
a similar package! 
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By Jerry Pittenger, K8BRA From QST, September 1986 


An All-Band, 1500-Watt- 
Output 8877 Linear 
Amplifier 


Part 1—This rock crusher, rated for continuous 
full-legal-iimit output, can be built at home. It is, 
however, a major project requiring dedication 
and commitment. 


his article is the result of a 10-month 

project to build a legal-limit linear am- 
plifier. The amplifier uses the popular 
EIMAC 8877 (3CX1500A7) high-mu 
power triode that can provide a continuous 
RF output of 1500 W to the antenna. 

In recent years, I have built several dif- 
ferent linear amplifiers, and I must admit 
that this previous experience was neces- 
sary (o obtain the results achieved with this 
project.‘ I hope that by sharing this expe- 
rience, others will benefit from it. Any 
amplifier design depends on the various 
components used and individual prefer- 
ences. Therefore, you may not want—or be 
able—to duplicate this amplifier exactly. 

The comment I receive most often from 
the amateur fraternity is about the high cost 
to build an amplifier like this, The criticism 
is valid. This amplifier is not inexpensive 
to build. Plan to spend from $1000 to $1200 
for the RF deck, and another $500 to $600 
on the power supply. If you really think 
about it, though, these costs are a bargain 
when you consider the performance and 
quality of the final product and the cost of 
an equivalent commercial unit. 

This article is presented in two parts. In 
this part, I will describe the RF deck and 
power supply in general terms. Schematic 
diagrams and parts considerations are in- 
cluded. Part 2 gives detailed instructians 
for constructing the two units and consid- 
erations for the final testing and operation. 


Preliminary Thoughts 
Finding Parts 


Finding parts can be a big task. Even the 
most difficult parts to find, such as the 
vacuum variable capacitors, vacuum relays 


1-26 Chapter 1 





Table 1 

Recommended Tools 

¢ Drill press or drill fixture (with set of 
highspeed bits) 

* Band saw capable of cutting '/ie-inch- 
thick metal 

* Chassis punches (5/s inch to 1 inch) 


* Fiy cutter, 2-inch radius 
* Vise 


* Set of taps 

* Common handtools (screwdrivers, 
pliers, soldering iron and gun) 

* Volt-ohmmeter 

« Variable power supply (5-26 V, 1 A) 

¢ Dip oscillator 





and door-knob capacitors are available, 
however, and appear for sale in the ads 
(QST Ham-ads and the Yellow Sheets), or 
at hamfests and flea markets.° Probably the 
best source of parts is other hams who are 
actively building equipment. Go talk to 
these people and let them know what you 
are looking for. It’s amazing how others 
will help, and even let you into their per- 
sonal stores. There are people, like myself, 
who like to build amplifiers, Once you learn 
who these individuals are, keep in touch 
with them. They can help find the key parts. 

Parts that are not available in the sur- 
plus market can be purchased new. This 
will be necessary for some parts, such as 


—. 
~~. 
- 
a 
os 
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binets, etc. Just remember that when you 
ly anew commercial amplifier, you pay 
new price for every component. 


00s 

good assortment of hand tools, as well 
some power tools, are necessary to com- 
lete this project. Table 1 shows the tools I 
ommend. In particular, | recommend that 
drill press and band saw be available. You 
ap do the job without all of the tools listed, 
it the job will be much more difficult. 


Time is probably the most valuable re- 
arce for most of us, and the one that may 
ove hardest to find. This project took well 
250 hours to complete. The key is to 
each step right, and not hurry. Build the 
nplifier in a place where you can leave 
i¢ project on the table and walk away. Plan 
ch step.and build in discrete modules. 
fork an hour or so whenever possible, and 
evly, but surely, the modules will take 
ape. It is amazing how much you can 
mplish using these small time seg- 

ts. Also, great strides can be made on 
Saturday or a Sunday. Commitment and 
bisistency are the virtues required to fin- 
fh the job. 


F Deck Circuit Description 

The RF deck is designed to be a table- 
lop unit (see title photo). The power supply 
Sremotely controlled and can be located 
Imost anywhere. The amplifier design is 
sed on proven circuitry, Included are all 
ircuits required to provide a clean signal 
is well as adequate protection devices for 
he metal-ceramic 8877 tube. 


Control Circuitry 
Fig 2 shows the schematic diagram for 


3 1—Top interior view of the 8877 linear amplifier RF deck, 





























the amplifier control circuitry and low-volt- 
age power supply. The 117-V ac input from 
the high-voltage power supply enters the 
RF deck through a 5-conductor intercon- 
necting conirol cable. Each control line is 
terminated in a pi-section filter as it enters 
the RF deck, to prevent RF from getting 
into the control cable and power supply. 
The pisection filters are constructed as an 
independent module. 

The amplifier is powered up by the FIL 
ON/OFF switch, $1. Engaging SI turns on 
the blower, filament power and 26-V dc 
power supply. The current inrush to the 
tube is limited by Ri, in series with the fila- 
ment transformer primary. After approxi- 
mately 1 second, KI energizes and KIA 
shorts Ri thus providing full filament volt- 
age to the tube. The K1 delay is controlled 
by R2 and C1 across the relay coil. R3, in 
series with the other leg of the filament 
transformer primary, is adjusted to provide 
the proper filament voltage (4.85 V ac) to 
the tube under load. 

The 8877 requires a 3-minute warmup 
period to reach proper operating tempera- 
ture, A solid-state timing circuit, formed 
by Q1 and Q2, locks the amplifier out of 
operation until the warmup period has 
elapsed. When the 26 V de comes on, C2 
charges through the 500-kilohm time- 
delay adjust and |.2-megohm resistors. QI 
and Q2 form a high-impedance Darlington 
circuit, and the emitter of Q2 follows the 
voltage rise on C2. The high-impedance 
Darlington circuit is required to prevent the 
capacitor charge from draining through the 
transistors. After approximately three min- 
utes, the potential at the emitter of Q2 
reaches I8 V at which point the 4PDT re- 
lay, K2, engages. K2A applies 26 V de to 
the K2 relay coil, removing the relay cur- 
rent load from Q2. The voltage also turns 
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on the TIME pilot light located on the am- 
plifier front panel to indicate that the 
warmup period is over. The same line also 
applies 26 V dc to $2B of the HV-ON push- 
button switch, which, when engaged, sends 
26 V de to the RF input/output relay cir- 
cuits. K2B connects a 100-kilohm resistor 
across C2 to drain the charge from C2. This 
resets the 3-minute timer should the ampli- 
fier be turned off and immediately back on, 

K2C and K2D are wired in parallel and 
apply 117 V ac to HV-ON switch $2A to 
energize the high-voltage power supply. 
The high-voltage power supply can’t be 
turned on even if the HV-ON switch is 
engaged until after the 3-minute warmup 
period has ended. IN/OUT switch 83 al- 
lows the amplifier to be put in the standby 
mode with the amplifier turned on, Both 
H¥V-ON and IN/OUT front-panel push-but- 
ton switches must be engaged to key the 
amplifier, thereby making it impossible to 
operate the amplifier without high voltage 
on the tube. 

The amplifier is keyed by grounding the 
base of Q3 through the exciter TR-relay 
contact. A transistor is used to limit the 
current switched by the exciter VOX relay. 
This avoids a potential problem if the ex- 
citer VOX relay sparks on closure, which 
could damage the relay contacts. The “grid 
trip” break in the relay line causes the re- 
lays to drop out if the grid trip circuit actu- 
ates from too much grid current (approxi- 
mately 120 mA). During normal operation, 
the grid trip break is shorted by a normally 
closed set of contacts on K3 (see Fig 3). 

When the amplifier is keyed, the output 
RF relay must be closed before drive is 
applied to the tube—otherwise the tube will] 
transmit for a brief period without a 50- 
ohm antenna load. This would not only be 
harmful to the tube, but also cause the grid- 
trip circuit to actuate. Therefore, a timing 
circuit, comprised of a 50-ohm resistor and 
i00-~iF capacitor, is included across the RF 
input relay K4 to allow vacuum relay KS 
time to close. The capacitor value depends 
on the relay used. Do not make the delay 
too long, since during the delay time, the 
exciter does not have a proper 50-ohm load. 
Check the time delay by placing alow volt- 
age across the relay contacts and monitor- 
ing the contact closure on a dual-trace 
scope. I used a delay of about 20 ms.. 


AF Amplifier Circuit Design 

The RF amplifier circuit is shown in Fig 
3. The amplifier uses a tuned input network 
to minimize distortion products and provide 
a proper impedance match between the ex- 
citer and the tube. The input network is re- 
motely switched, using small DPDT relays, 
to connect the correct pi-section for the se- 
lected band. A homemade switch deck is 
mounted on the band-switch shaft, in front 
of the subpanel, to ground the 12-V de line 
for the proper input relay as selected by the 
main band switch. On [60 meters, the switch 
also controls a solenoid relay to add a 160- 
pF capacitance in parallel with the TUNE 
vacuum variable capacitor. 
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An effective ALC circuit, adjustable 
from a front-panel control, is included to 
avoid overdriving the tube. This feature is 
essential in this amplifier because the drive 
requirement is only about 80 W for 1500- 
W output. The ALC circuit samples the RF 
drive level through a 27-pF mica capacitor 
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to generate a de voltage that is fed back to 
the exciter for drive-power control. 

The grid-trip-protection circuit shuts 
down the amplifier if grid current exceeds 
[20 mA. This protects the tube from tuning 
errors or other problems such as losing the 
antenna, or a tube flashover during opera- 


Fig 2—Amplifier control circuit and low- 

voltage power-supply schematic diagram. 

Part numbers shown in parentheses are 

Radio Shack. 

B—Blower, Dayton 40004-i. 

D1-D6—Diode, 1 kV, 2.5 A. 

FB—Ferrite bead. 

K1-K4—4PDT 24-¥V de relay, 

Potter & Brumfield KHU17D11. 

K5—SPDT vacuum relay, 26-V dc coil. 

O1,Q2—2N3053 NPN transistor. 

Q3—TIP31 NPN transistor (276-2017). 

Ri—25 ©, 20 W. 

R2—1500,2W. 

RA3—25 ©, 25 W variable. 

AFC—10 turns no. 14 enam wire on 44-in- 
diam ferrite rod, 

$1,83—Alco 16TL5-11 SPST, 

S2—Alco 16TL5-22 DPDT. 

S4—Alco 16TZ pilot light. 

Ti—Filament transformer, 5.0 V ac, 10 A, 
Peter Dahl Go. 

T2—25.2 V ac, 1.0 A, Stancor P6469. 
U1i—50-V, 4-A bridge rectifier. 


tion, Although grid current flows through 
all paths from ground to the B — line, most 
of the grid current goes through RI. The 
current passing through R1| develops a volt- 
age drop. For example, if 100 mA of grid 
current is drawn through RI, | volt is devel- 
oped (E = IR = 90.100 x 10). This voltage is 
used to turn on the transistor switch, Qi. 
When Qi turns on, the grid-trip relay, K3, 
energizes and opens the grid trip break in 
the RF relay contro] line to shut the ampli- 
fier down, R2 sets the current level at which 
Qi turns on. The front-pane] GRID TRIP 
lamp goes out if the trip circuit is activated. 
The switch is reset by pressing 53. 

The plate tank circuit uses a pi-L con- 
figuration because this design provides 
approximately 20-dB better harmonic sup- 
pression than the conventional pi design. 
The TUNE and LOAD capacitors are 
vacuum variable types to minimize space 
requirements and also optimize perfor- 
mance on 12 and 10 meters where small 
capacitance values are needed to achieve 
an acceptable tank-circuit Q. The 10- to 40- 
meter tank coil is homemade from 44-inch 
copper tubing that is silver plated to mini- 
mize skin resistance. The 80-meter, |60- 
meter and L-coils are toroid designs to 
minimize space, Using a toroid for the L 
coil also helps isolate the L network from 
the rest of the tank circuit because of the 
toroid’s self-shielding characteristiés. 

Metering circuits monitor plate and grid 
current, as well as filament voltage. Plate 
current is monitored by placing a meter in 
series with the B — line. Therefore, only a 
smal] de voltage is across the meter. An 
additional position can be included on the 
FIL/GRID nieter for plate voltage, but one 
is not shown in this design because a sepa- 
rate high-voltage meter is included in the 
power supply. It would be a good idea ta 
include a high-voltage scale on the meter 
in case the RF deck is ever used with a dif- 
ferent highvoltage supply. Grid current is 
monitored by measuring the voltage drop 
across RI, R3 is adjusted to give the cor- 
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Fig 3—RF amplifier schematic diagram (see Part B an next page). 
Ci—Vacuum variable capacitor, 375 pF, 10 k¥. 
¢2—Vacuurn variable capacitor, 1000 pF, 10 kV. 

C3—Mica transmitting capacitor, 100 pF, 5 kV. 

C4—Mica transmitting capacitor, 3 x 400 pF, 5 kV. 
(G5—Fixed vacuum capacitor, 2 x 80 pF, 20 kV. 

Di—Diode, 600 V, 1A. 

02-D9—Diada, 1 kV, 2.5 A, HEP 170. 

Dt0—Zenar diode, 10 V, 1 W. 

Oli—Zener diode, 3.1 V, 1 W. 

Kt-K7—DPDT 12-¥ de DIP relay (275-21 3). 

KE—SPST 12-¥ de relay (275-241). 

AFC—10 tums no. 14 enam wire on ‘/-in-diam ferrite rod. 
AFG1—Plate chake, 2 A, Peter Dahl Co. 

AFG2—Alr-wound coil, 15 tums, 'z-in diam. 
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RFC3—Choke, 1 mH, 800 mA. 

RFC4—110 turns no. 20 enam wire on ‘/-in diam fiber rod. 

RFC5—Filament choke, 18 bifilar turns no. 14 enam wire on 
Ya-in-diam ferrite rod, 6 Inches long. 

PG—Three 150-ohm, 2-W carbon resistors in parallel with 2-inch 
horseshoe loop of '/o-inch silver-plated strap. 

L1-L65—See Table 2. 

M1,M2—Simpson Wide-Vue panel meter, 01253 bezel and 01165 
lighting kit (See text}. 

51—9-pasition, 2-pole switch, Radio Switch mode! 88, 13-kV, 
30-A., 

$2—Solenoid-controlled switch; see teod. 

Sa—SPST normally closed momentary switch, Alco 16TL-11 with 
67-2 rad lens. 
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Fig 3B—see previous page. 


rect gridcurrent meter reading. Filament 
voltage is measured by converting the ac 
voltage to de and displaying the dc voltage 
on M2, The 3.1-V¥ Zener diode expands the 
meter scale by not allowing conduction 
until the voltage reaches 3.1 V. 

A vacuum relay is used for the amplifier 
output. The relay is small in size, quiet and 
capable of handling large RF currents. 


RF Deck Parts Selection 


Finding all the parts for the RF deck is 
a major task. If you are planning to build 
an amplifier, begin collecting parts as soon 
as possible. It is the first step because the 
physical layout of the amplifier will de- 
pend on the components available. Don’t 
try to exactly duplicate the components } 
used. For example, vacuum variable ca- 
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pacitors come in many different shapes and 
sizes, with different mounting provisions. 
Actually, the parts you find may be better 
than the parts used in my RF deck. As an 
example, a 1500-pF vacuum variable 
LOAD capacitor would be much better 
than the 1000-pF unit I used. Therefore, use 
whatever resources you have available to 
acquire the parts— but a word of caution! 
Do not compromise too much when gath- 
ering components. If you cannot find what 
you need on the surplus market, buy the 
parts new. It may cost a little more, but if 
the project is not done right, you will never 
be happy with the final result. 


Vacuum Variable Capacitors 


Vacuum variable capacitors are often 
difficult to locate at reasnable prices. Plan 


to spend about $50 for the TUNE capacitor 
and $75 to $100 for the LOAD capacitor if 
vacuum capacitors are used. The TUNE 
capacitor should be at least 300 pF at 7 kV, 
and the LOAD capacitor should be at least 
1000 pF at 3 kV. 

An air variable capacitor can be used 
for the LOAD control, if desired. The mini- 
mum capacitance for the LOAD capacitor 
is 112 pF for 10 meters, which is not diffi- 
cult to obtain with an air variable type. A 
rating of 1 kV, minimum, is recommended. 
However, it is a different story for the 
TUNE capacitor. The minimum required 
capacitance is 26 pF. The direct inter-elec- 
trode capacitance of the 8877 tube in 
grounded-grid service is 10 pF; therefore, 
the TUNE capacitor must have a minimum 
value of not more than 16 pF for 10 meters. 

This is nearly impossible with a 300-pF 
air variable. In addition, the voltage re- 
quirements for the TUNE capacitor make 
any air variable rather large. For these rea- 
sons, a vacuum variable is recommended 
for the TUNE capacitor. 


Meters 


Good-quality meters with bezels are es- 
sential for good appearance. The Simpson 
Wide-Vue® meters I used were purchased 
at a hamfest. The bezels were ordered di- 
rectly from Simpson because they seldom 
appear on the surplus market. Actually, al- 
most any meter movement can be used, so 
don’t pass up a good meter just because it 
reads 50 ¥ or 100 mA on the scale. Any 
meter with a movement from 100 LA to 
5 mA can be used. This allows use of ap- 
proximately 90% of the meters available on 
the surplus market. I will give instructions 
later for calibrating any meter to read what- 
ever current or voltage is required. 


RF Band Switch 


Good RF band switches are very diffi- 
cult to locate. More problems are experi- 
enced with arcing band switches than with 
any other amplifier component. If the band 
switch selected has insufficient voltage in- 
sulation, it will arc to the wiper rotor on the 
high-impedance 10-meter position when 


_ operating on the lower-frequency bands. I 


obtained the band switch for my amplifier 
from Radio Switch Corp. The model 88 
switch is a 2-pole, 9-position unit with a 13- 
kV peak flashover/30-A contact rating. This 
switch will not arc! Its list price is currently 
$107, and it is well worth the money! 


Miscellaneous Parts and Materials 


Many of the small parts (capacitors, re- 
lays and resistors) can be purchased at | 
Radio Shack. Their parts selection is good, 
and continues to increase, You can usually 
find a store around the corner in almost any 
city. Pioneer Electronics is also a good 
source for commercial-grade components.” 
Good-quality PC-board material can be 
found at almost any hamfest. Don't com- 
promise here—use G10 glass-epoxy board. 
As for coils? Make them. Complete “how- 
to” instructions are given later. 











High-Voltage Power-Supply Circuit 
Description 
The key to continuous duty in a high- 
power linear amplifier is the power supply. 
Timust be able to deliver the required volt- 
fige and current on a continuous basis. 
Power supplies are usually the limiting 
factor in commercial linear amplifiers. 
_ AWORD OF CAUTION IS IN ORDER. 
fhe power supply is a very dangerous piece 
of equipment! Give it proper respect. One 
jake can be fatal, Use proper precau- 
fions in the construction and testing of this 
unt, and be careful to build a safe unit. 
Irecommend that the power supply be 
buill first. The construction is not complex 
and it can serve as a training ground for 
amplifier building techniques, particularly 
for the first-time builder. 


Power-Supply Design 

The power supply is shown in Fig 4, 
ind the schematic diagram is shown in Fig 
5. The hypersil power transformer has a 
234-¥ ac primary, and a 3300-V ac sec- 
padary that is tapped at 2600 V. This se- 
lection of two output voltages allows for a 
figh- and lowpower capability. An alter- 
hative to this approach is to include a 
Yariac® or Powerstat® autotransformer 
on the transformer primary, 
The primary circuit of the power trans- 
former includes a step-start circuit to pro- 
ect the diode bank during the initial 
charge of C1, the 53-pF filter capacitor, 
when the power supply is turned on. Two 
i-chm, 25-W resistors, one in each leg of 
ihe primary, are shorted by time-delayed 
elays approximately 3 to 4 seconds after 
pplication of power. The more current 
drawn through the resistors at start up, the 
ore voltage drop realized and this, in 
im, protects the diode bank, The delay is 
fovided by the time constant of the 500- 
jim tesistor and 100-pF capacitor, The 
ys must be dc types. Those [ used have 
0-V de coils which allows power to be 
applied from one 117-¥V leg of the pri- 
















{ ig 4—High-voltage power supply top interior view. 


mary. If 90-¥V relays can’t be obtained, 24- 
V dc relays can be substituted. A 24-V de 
power source must be provided if this is 
done. 

The rectifter unit is a full-wave bridge 
with eight diodes in each leg. A 470- 
kilohm resistor and a 0.01-yF, L-kV ca- 
pacitor are wired in parallel with each di- 
ode to equalize the voltage and protect the 
diodes from voltage spikes. 

The power supply is controlled re- 
motely from the RF deck. A test switch has 
been incorporated to allow the supply to 
be energized without the RF deck. A 
shorted Cinch-Jones plug must be inserted 
into a socket in the rear of the supply for 
test switch S1 to operate. 

Two pilot lights are mounted on the 
front panel. One pilot light is on whenever 
234 V ac is present in the supply. The other 
lights when the power supply is activated. 

A high-voltage meter is included on the 
front pane], The metering is done across a 
25-ohm, 5-W resistor in series with the 
bleeder resistor. This voltage divider 
keeps the total high voltage off the meter, 
A 50-ohm, 50-W resistor in series with the 
high-voltage B+ circuit protects the tube 
and power supply from any current surge 
resulting from a tube flashover or other 
cause. In addition, a 0.6-chm, |1-W resis- 
tor in series with the B+ line acts as a fuse 
resistor. A large current surge will cause 
the resistor to explode—an inexpensive 
protection device should a problem occur, 


High-Voltage Power Supply Parts 
Selection 
Transformer 

It is important to find a good power 
transformer that can provide the proper 
operating voltages for the tube. Remember 
that some voltage drop will occur when 
current is drawn from the transformer. The 
voltage drop depends largely on the quality 
of the transformer (core and wire size), and 
can range from 200 V to over 1 kV. The 
transformer should have a 234-V ac pri- 
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mary, Transformers with 117-V primaries 
are usable only if two identical units can be 
wired in series to provide a 234-V primary. 
The secondaries can by wired in series or 
parallel, depending on the voltage require- 
ments. Remember that the transformers 
must be identical. 

The required transformer secondary 
voltage depends on the fmal voltage re- 
quirement of the tube and the power-sup- 
ply circuitry. If a bridge rectifier is used, 
the power-supply high voltage will be 
about |.4 times the secondary voltage. If a 
voltage doubler is used, the high voltage 
will be about 2.8 times the secondary volt- 
age. A voltage doubler requires two filter 
capacitors, or more, so if a single oil-filled 
filter capacitor is to be used, the design 
can’t be a voltage doubler. The ARRL 
Handbook comiains circuits for both types 
of power supplies.® ‘ 

The power-handling capability of a 
transformer can usually be estimated by its - 
weight. As a rule, the heavier the trans- 
former, the greater the power capability. 
The transformer for a [500-W, continuous- 
duty amplifier will weigh 60-80 Ib, The 
transformer used in this power supply was 
obtained from Peter Dahl Co.? The hypersil 
design provides a gocd ratio of power ca- 
pability to size and weight. I have used 
several Peter Dahl transformer designs in 
the past and found them to be of excellent 
quality and reasonably priced. 


Filter Capacitor 


Enough filter capacitance is required to 
obtain good voltage regulation. What is 
enough? I have used as little as 18 WF and as 
much as 100 WF in power supplies. The re- 
quired capacitance can be obtained with a 
single oil-filled capacitor or with a series 
string of computer-grade electrolytics. Ei- 
ther way, I recommend at least 25 UF be 
used, with at least a 10% voltage safety fac- 
tor. The filter capacitor used in this power 
supply is a single oil-filled unit rated at 53 
WF at SkV de. The capacitor was obtained 
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Fig 5—High-voltage power supply schematic diagram. Part numbers in parentheses are RadioShack. 


C1—Oil-filled capacitor, 53 uF, 5 kV, Peter Dahl Ca, 
Di—Diode bridge rectifier assembiy, Peter Dahl Co, see text. 


D2,D3—Diode, 1 kV, 2.5 A. 
F1,-2—Fuse, 15 A. 


K1—2PDT mercury plunger relay, Dayton 6X598-3. 
K2,K3—SPDT relay, Potter Brumfield PRD1 DYO/9OVDC. 
M1—High-voltage meter, 3'/2-inch Simpson Wide-Vue, 01253 


bezel and 01165 lighting kit. 


21,22—MOV transient suppressor, 117 V ac (276-568) 


P2—Eight-pin Cinch-Jones connector. 
S1—SPST switch (275-690) 


$2—Modified 6PST switch, Fair Radio Sales. 
Ti—Power transformer, 2600/3300-V ac sec, Peter Dahl Co. 


Miscellaneous 


T2,T3—Transformer, 26 V ac, 300 MA (273-1336) 
Pilot lamp—Alco 16TZ, 6T-4 (yellow) and 6T-2 (red) lenses. 


Cabinet—CTS model MCLS 10-17-14 black and white, SPP 


Pi—Two-pin Cinch-Jones socket and plug (274-201 and 274-202) 


from Peter Dahl Co, and is physically very 
small for the voltage and capacitance rating. 


Diode Bridge Rectifier 

The full-wave, diode-bridge rectifier is 
made up with 1000-PIV diodes rated at 3 A. 
The unit is a commercial module sold by 
Peter Dahl Co, Each diode string is built on 
a separate glass-epoxy board. The module 
is supplied with |-inch angle brackets on 
each end, but because of space restraints, 
the angle was removed and the module was 
mounted in a vertical position using two 
Nylon bolts. 

Should you decide to build the rectifier 
assembly, use good-quality diodes, such as 
HEP-170s or 1N5408s. Be sure to parallel 
each diode with a 470-kilohm resistor and 
a 0.01-UF, 1-k¥ capacitor. 


High- Voltage Switch 


The transformer has two taps on the sec- 
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ondary to provide a high- and low-voltage 
capability. The front-panel VOLTAGE 
3600-4600 switch is fabricated from a 
6-position, heavy-duty ceramic switch (Ra- 
dio Switch Corp p/n 65). The switch detent 
and all but the second and fifth contacts are 
removed. New stops are fabricated from 
glass-epoxy board. Full high voltage appears 
across this switch, and therefore, it must be 
well insulated, The switch is mounted on two 
pieces of */1-inch Plexiglas® to provide 
2-inch spacing from any chassis or panel 
ground, A fiber shaft protrudes from the 
switch through the front panel. To protect 
the contacts, this switch must never be actu- 
ated when the power supply is on. 


Construction Details 


Neat month, [ will describe the unique 
construction details for building this high- 
power linear amplifier and power supply, 
In the meantime, should you be so inclined, 


10-14 black side panels. 


get out there and find the parts! Remember 
that you should build the power supply 
first, so concentrate on those components. 
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| By Jerry Pittenger, KBRA 


From QST, October 1986 


An All-Band, 1500-Watt- 
Output 8877 Linear 
Amplifier 


Part 2—Here’s what you've been waiting for: 
detailed instructions for building a 1500-W RF deck 


ast month I described the circuitry and 
Luparts required for the 8877 linear am- 
nlifier and high-voltage power supply. This 
month [ will cover the construction of both 
tnits, The power supply construction 
elails are given firsi. Assuming that we 
fave all the required parts in hand, we can 
determine the physical design of the power 
Upply. To avoid costly mistakes, it is im- 
bonlant to do adequate upfront planning 
afore the first hole ts drifted, 


Power Supply Construction 
feter Selection and Labeling 


Any meter with a movement from 100 
tA to 5 mA can be used for the high-volt- 
se meter. This meter measures the volt- 
ige across the 25-ohm resistor at the 
oltom (B—) end of the bleeder string (see 
fiz Sin Pari 1). The more sensitive the 
meter, the higher the resistance setting of 
he vatiable 1-kilohm calibration resistor. 
the setting of the resistor is a simple 
Jhm’s law problem. The maximum 
power-supply voltage on the meter scale 
lauses a current equal to the meter-move- 

ft rating to flow through the meter, and 
hus give a full-scale reading, For ex- 
imple, the maximum scale on the meter in 
this supply is 5 kV dc. The meter has a 
+-mA movement; therefore, if the supply 
pat 5kV,5 mA must flow through the 
jalibration resistor and the meter for a 
ftilscale reading. Locking at the complete 
bleéder string, the total resistance is the 
mm of the two 103-kQ bleeder resistors 
lus the 25-chm resistor, or 206,025 ohms. 
415 kY, approximately 24 mA (5000/ 
106,025) flows through the string. The 
lalue of the calibration resistor, therefore, 
selected to allow 5 mA through the 
meter and 19 mA through the 25-ohm re- 













and power supply. 


sistor. Using Ohm's law, the value of the 
resistor should be approximately 95 ohms 
(19 mA x 25 ohms/5 mA). The required 
wattage rating of the resistor is 0.23 W (PR 


= 0.005 = 0.003 x 95), and a [-kQ, 2-W 
potentiometer was used, The meter used 
originally had a 0-50 scale. The scale was 
changed to read 0 to 5 KY. 
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Fig 6—Typical computer-prapared layout drawing. Some component labels hava bean 


anlarged for legibility. 
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Panel/Chassis Layout 


I do all my layouts with an Apple® 
Macintosh computer. An example of this 
layout ts shown in Fig 6. A manual method 
may be used, instead. Cut out a piece of 
poster board the size of the front panel or 
chassis, as well as all the major compo- 
nents. Shuffle the pieces until you get an 
acceptable layout. This may seem like a lot 
of extra work, but “one picture’s worth 
1000 words.” You will save time in the long 
run by going through this procedure, and 
not have to correct errors that otherwise are 
certain to occur. The panel layout should 
be symmetrical. Align switches and center 
meters. Make sure that components are 
properly spaced to accommodate the physi- 
cal size of the parts behind the panel. 

The computer-generated or manual lay- 
outs serve as a guide during construction, 
but are by no means sacred. Once you start 
putting the parts in place, you probably will 
make minor changes, Go ahead and make 
the changes, but always update the docu- 
mentation. 


Front-Panel Assembly 


You probably will not be ready to cut 
metal until you are 3 to 4 months into the 
project. Do the front panel first, since the 
parts locations are fixed for symmetry. 
Parts behind the front panel can be moved 
to accommodate the front-panel design. 

Cover the front panel with 3-inch-wide 
masking tape. The tape not only protects 
the panel from scratches, but also provides 
a way to lay out the panel with a pencil or 
pen. Before any holes are drilled, place all 
the major parts in their proper place in the 
cabinet to be sure that nothing obstructs the 
area behind the panel. Remember you have 
only one chance. Miss and it means a new 
panel, or cabinet! 

Remove the front panel from the cabi- 
net and center punch the panel where holes 
are to be drilled, as marked on the tape. 
Carefully drill a very small hole at each 
punch mark to serve as a guide, then cut the 
holes to final size. Holes up to approxi- 
mately ‘/16 inch can be drilled with either a 
hand drill or a drill press. Holes larger than 
7s inch should be made with chassis 
punches. The meter hole is rectangular and 
is cut with a nibbler after drilling an access 
hole. Cut the meter hole about '/22 inch 
smaller than needed and finish with a large 
file to straighten the edges. Be careful us- 
ing the file—it is very easy to let the file 
slip out of the hole and make a big scratch 
in the panel. The meter hole doesn’t have to 
be perfect since a meter bezel is used. 

After the front-panel metal work is com- 
plete, carefully remove the masking tape. 
The front panel should be labeled before 
mounting the components. Labeling is 
done with dry-transfer lettering available 
from art stores or Radio Shack. Apply the 
labeling by laying the letter or figure on the 
panel in tjle proper position and rubbing 
over it with a soft pencil. The character will 
be transferred to the panel. If a mistake is 
made, the character can be removed with 
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masking or Scotch® tape. There is a 
mattefinish spray available to protect the 
lettering. I do not recommend using this 
spray. It will peel if bumped and does not 
work well, 

The parts can now be mounted on the 
panel, The cabling to the front panel is 
connected through nylon multipin connec- 
tors (available from Radio Shack) to allow 
easy panel removal. The same technique is 
used in the RF deck. 


Rear-panel Assembly 


Placement of parts on the rear panel is 
not as critical as on the front panel. Atten- 
tion should still be paid to symmetry, how- 
ever. I have found that it is best to mount 
rear-panel parts after the major parts have 
been mounted inside the cabinet. The rear 
panel is drilled and labeled in a manner 
similar to the front panel. The black rear 
panel requires white lettering. White let- 
tering kits are available at art supply stores 
and some electronics suppliers. 

Fig 7 shows the inside rear panel of the 
power supply. The control and power 
cables enter the rear panel and are routed 
directly to barrier strips. Each terminal is 
labeled for clarity, The rear panel is acces- 
sible by removing the front panel and the 
transformer. It sounds like a big job, but it 
can be accomplished in about 10 minutes. 
It is necessary to provide good strain relief 
for the cables. Immediately inside the rear 
panel, a piece of ?/2-inch aluminum angle 
stock is mounted, to which each cable is 
clamped. Large rubber grommets are used 
in the holes for cable protection. 


Major Chassis Assembly 


Power-supply components are extremely 
heavy and a good supporting structure is 
required. The ‘/1s-inch-thick bottom cover 
supplied with the cabinet is replaced with a 
'44-inch-thick base plate to provide an ad- 
equate foundation. The heavy plate is cut to 
size on a commercial metal shear. After the 
transformer, relays and filter capacitor are 
mounted, rubber-wheeled casters are bolted 
to the bottom so that the supply can be rolled, 
rather than carried from place to place. 

The cabinet sides are formed by two re- 
movable panels. Parts can be mounted to the 
inner panel using countersunk screws and 
then covered with the !/s-inch painted cover 
plate to provide a professional appearance. 
A “se-inch-thick sheet of Plexiglas® is 
mounted above the filter capacitor to sup- 
port the high/low voltage switch, the diode 
bank and the bleeder resistors. The Plexiglas 
is supported by drilled and tapped holes for 
no. 6-32 countersunk screws in the rear and 
side panel. A post of '/2-inch aluminum bar 
stock supports the front-leflt corner of the 
Plexiglas. 

The mercury-wetted power relay is 
mounted on the rear panel and must be posi- 
tioned vertically. Mercury-wetted relays 
have a tendency to buzz if mounted ona solid 
surface. Use a rubber grommet to make a 
bushing in each mounting hole, or mount the 
relay on a rubber pad. The stepstart relays, 
K2 and K3, are also mounted on '/4-inch- 
thick rubber sheet to minimize noise. 

Once the major components are 
mounted, wire them together, performing as 
much testing as possible along the way. 





Fig 7—Interior view of rear panel, Note the mercury plunger relay mounting. Relays K2 
and K3 are at the lower right. 









































font- and rear-panel components are 
ounted and wired before those that are 
ounied to the cabinet sides and base plate. 


ower-Supply Tasting 

When you are satisfied that the power 
upply has been correctly wired and care- 
lly checked, go have a cup of coifce and 
me back later when your mind is fresh 
i check ibe wiring one more time. Re- 
ember that this pawer supply can be a 
thal device. One wranp mave could be 


Final testing of the power supply is ac- 
plished in three steps. Remove the 
ring irom the primary of the transformer 
id place atemporary fine cord with asmail 
liable autotransformer directly from a 
17-¥ ac line to the primary. Tucn the 117 
¥on and slowly run the variable autotrans- 
nner up. At 117 V, the power supply 
puki be reading half-scale voltage. This 
wt verifies that the diode bank and filter 
ipacitor are correctly wired. Now is a 
mo? time to calibrate the front-panel 
Using the variable nuto-transtormer, 
tthe output voltage at a level that another 
OM can measure accurately. Por ex- 
mple, most VOMs can measure | k¥. 
idjust the calibration resistor so that the 
panel meter ccads the same as the 
‘OM. 

‘The second test checks the primary 234-V 
Circuitry, With the 234-¥ lines still dis- 
innected from the primary, plug the 
supply line cord into a 234-V 
source, Remember that the shorted two- 
pntact plug must be inserted into the rear- 
nel socket. Turn the power supply an 
ith the test switch and listen for a 3- to 4- 
econd time delay for the step-start relays. 
heck that 234 V appears across the two 
wires disconnected from the primary. 

The final test is to try the entire power 
ipply with 234 V upplied to the primary, 
Pheck the bigh- and low-voltage indica- 
ions on the front-panel meter. 


aower-Supply Performance 

“The design results in a husky supply that 
lelivers about 4.6 kV and 3.8 k¥ (no load) 
on (he high- and low-voltage positions, re- 
pectively. [n cither position the power sup- 
ly drops less than 400 V under full load. 
his is the performance you need to achieve 
ull-power capability and good linearity. 


iF Beck Construction 

The physical design of the RF deck re- 
wires planning long before construction 
begins. Again, ] used the Macintosh com- 
wuter for my initial “paper design,” but the 
ame process can be done using paper and 
pencil. The important thing is to lay out the 
major components so that everything fits 
properly before starting to drill holes and 
cnt metal. You must have all the major com~- 
ents in hand before doing the physical 
ign, so you know what you have to work 
with. 

Fig 8 shows the scaled Macintosh de- 
‘signs for the front, top and bottom views of 
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Fig 8—Scale layouts of the RF deck front, top and bottom views, as prepared on the 
Macintosh computer. Soma campanent labels have been enlarged for legtbitity. 
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the amplifier. It is necessary to match the 
designs so that the front-panel controls end 
up at the right place on the panel. Every- 
thing must be drawn to scale to obtain the 
relative positions of the components. 
When designing the bottom and top lay- 
outs, only the major circuit boards and 
components like the grid trip, input net- 
work, low-voltage power supply, coils, 
capacitors and filament transformer are 
considered, The smaller components can 
be fitted in later. It is important that the 
unit be designed with maintainability in 
mind. Every component, large and small, 
must be accessible after the unit is com- 
pleted. The amplifier was constructed in 
the following steps. Each major step is dis- 
cussed in more detail later. 

* Fabricate, build and test all printed 
circuit boards for the RF deck. 

* Cut the holes in the front panel. 

* Perform the major metal work on the 
subpanel and chassis plate, 

* Mount the vacuum capacitors and 
band switch to the subpanel. 

* Mount the PC boards, filament trans- 
former and tube socket to the chassis plate. 

* Wire and test the under-chassis con- 
trol circuits. 

* Fabricate and instal] the RF tank cir- 
cuit. 

* Label and calibraie meters. 

* Complete the front panel and mate it 
to the chassis and cabinet. 

* System test the amplifier with the 
power supply. 


Printed-Circuit Board Fabrication 


Making PC boards can be tedious, but 
with a little practice, good results can be 
obtained, Grouping interconnected circuits 
on the same PC board minimizes the cable 
harness between modules in the amplifier. 
In this design, nine PC board modules are 
required. 





the power supply required to actuate relays. 
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Fig 10—In-process testing of the input-network PC board. Each 
coil was trimmed to produce a 1:1 SWR into a 50-ohm load. Note 





Fig 9—Things don’t always work out. Three attempts were made to fabricate the grid-trip 
and bias PC board. The good board at left was subsequently damaged, requiring a 


fourth effort. 


Board Size 
1) Input network 4” x 6” 
2) Low-voltage power supply and timer 
circuil 4” x 6" 

3) Grid-trip and bias circuit 4” « 6” 
4) Switch bank harness interface to front 
panel I” x 6" 

5) Filament step-start circuit 27/3” x 33/1” 
6) RF input/output relay timing circuit 
2a" 
7) Line filters for control cable and 
blower ya «K Sia” 
8) Filament-voltage-meter circuit 
Ds" x 2” 
9) ALC circuit Va? x 24a” 
All boards, except nos, 4, 7, 8 and 9, are 
mounted on '/2-inch channel to the chassis 
plate. Therefore, the PC board layouts in- 
clude a ground strip on the edges of each 
board to mount the boards to the channel. 
The Macintosh computer, with a soft- 
ware package called “Draw,” was used to 
lay out the circuit boards, The design of PC 
beards with the computer is beyond the 





scope of this article. PC boards can also be 
faid out using pencil and paper. Once the 
design is laid out to scale, the layout must 
be transferred to the board. First wash the 
board with a mild detergent to remove all 
grease and dirt. Using tape and special dry 
transfers (Radio Shack p/n 276-1577), copy 
the design onto the board. The transfers are 
not exact, and the hand drawing only serves 
as a guide. Submerge the board into an ctch- 
ing solution to remove the exposed copper. 
I use ferric-chloride etchant. A flood lamp 
over the etching tray warms the solution and 
speeds the etching process, Agitate the solu- 
tion occasionally. The final result should be 
a nicely etched board ready for drilling the 
holes for mounting parts. Believe me, how- 
ever, it doesn’t always go as planned. 

Fig 9 shows three tries at making the 
grid-trip and bias board. Actually the third 
board, on the left, was damaged, and a 
fourth was necessary, However, once you 
get the hang of it, it usually goes well. 

After etching the board, polish it with 





Fig 11—Subpanel installation in the cabinet. Note position of 
chassis plate, vacuum variable capacitors and band switch. 
Aluminum angle stockis used to mount the subpanel to the 
chassis plate and cabinet sides, 





















































fe steel wool and drill the component 
mounting holes with a smafl drill. Use dry 
transfers to label the connections required 
to the board, before mounting parts. This 
will avoid wiring mistakes when the wir- 
ing harness is installed. Finally, mount and 
solder the components onto the board. 
Test each board as much as possible 
before final assembly. For example, Fig 10 
shows the input network being tested by 
hooking up coaxial cable and running 100 
through each section into a 50-ohm 
dummy load. The coils were adjusted at 
this time to give a flat 1:] SWR. A power 
Supply is needed to energize the relay for 
the pi-section being tuned. 


Front-panel Fabrication 

— Cover the front panel with masking tape 
to protect it from scratches, and mark the 
Mounting positions of the components. 
ake your time with this step since it is 
hard to recover if an error is made, Mark 
the front panel where the holes are to be cut 
and carefully drill a small pilot hole fol- 
lowed by the correct hole size. The holes 
for the band switch, capacitor control 
shafis, ALC contro] and multimeter switch 
are Ya-inch diameter and can be made with 
aregular drill bit. The holes for the power 
$witches are */s-inch diameter and require 
achassis punch. The meter-mounting holes 
are the most difficult to make. The rectan- 
gular cutouts are marked about '/x-inch 
smaller than required to protect against 
overcutting. Use a nibbler to cut the holes 
carefully, then file them to the exact size of 
‘the meter bezels. Be careful that the file 
‘doesn’t slip and scratch the panel (disas- 
1), Using a large file will help avoid this 
Wagedy. 

[recommend doing all the front-panel 
metal work at one time to ensure proper 
component layout. When the metal work is 
complete, leave the masking tape on the 
‘panel for protection as it will be used as a 
lemplate to locate the parts mounted be- 
hind the front panel, 


Chassis and Subpanel Metal Work 


This amplifier design has very little 
petal work that requires more than a hack- 
saw and a file, The chassis plate was pur- 
chased with the cabinet. The only other 
anel, except for front and rear panels, is the 
ubpanel that mounts perpendicular to the 
chassis plate, and 3 inches behind the front 
panel. The subpanel shields the meter com- 
Partment from RF and serves as a mounting 
support for the band switch, vacuum capaci- 
tors and 80-meter toroid coil. 

_ The chassis is mounted 34 inches from 
the bottom of the cabinet to allow room 
under the chassis plate for the filament 
transformer. Therefore, the subpanel is cut 
to 6/4 x 16'/2 inches, Referring to Fig U1, 
-inch aluminum angle is attached with 
ews to each edge of the subpanel to pro- 
vide a mounting flange to the chassis plate 
and cabinet side walls. The top piece of 
angle stock provides a mounting surface 
for a piece of gold-plated finger stock that 


seals the subpanel to the cabinet top plate. 

Two large holes are required. A 3-inch- 
diameter hole is required in the chassis plate 
for the tube socket. A 5-inch-diameter hole 
is cul in the cabinet top plate and aligned 
directly above the tube socket to vent the 
air flowing from the tube and chimney, Use 
a large fly-cutter, available at most hard- 
ware stores. For safety, the fly-cutter should 
be used only on a drill press—never with a 
hand drill. Therefore. if you don’t have « 
drill press, find a friend who has one, Be- 
fore cutting the large holes, use 3-inch 
masking tape to cover the chassis plate and 
top panel to mark where the holes are to be 
drilled, and to protect the surfaces. For 
safety, clamp the panels onto a board and 
the base of the drill press before drilling. 

Cut a piece of perforated aluminum 
stock to be slightly larger than the hole in 
the cabinet top panel. Clean the perforated 
metal well, and spray with paint to match 
the cabinet color. Fasten the perforated 
piece to the inside top panel with several 
small countersunk screws painted to match 
the cabinet. 


Mounting Vacuum Variable Capacitors 
and Band Switch 


The vacuum variable capacitors and 
band switch are mounted to the subpanel, 
but theircontrol shafts must be aligned with 
the front panel design. Allow enough slack 
in the positioning of these components to 
perform precise alignment with the front- 
panel holes when the front panel is in- 
stalled. To mark the hole positions on the 
subpanel, slide the subpanel against the 
rear of the front panel while both the front 
panel and chassis plate are bolted into place 
in the cabinet. Cover the subpanel with 
masking tape and mark the exact centers of 


tube socket. 
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Fig 12—Bottom view of the AF deck showing placement of PG boards, transformer and 


the holes fer the components. Drill the two 
holes in the subpanel for the vacuum vari- 
able capacitors with hole saws. Mount the 
vacuum variable capacitors and band 
switch on the subpanel. 


Mounting Major Components to the 
Chassis Plate 


The major components (PC boards, fila- 
ment transformer and tube socket) are 
mounted toihe chassis plate as shown in 
Fig 12. The PC boards are first mounted to 
o-inch aluminum channel using sheet- 
metal screws for easy removal. Cover the 
bottom of the chassis plate with masking 
tape. Position and mark the PC boards, fila- 
ment transformer and tube socket accord- 
ing to the planned physical layout. Drill the 
mounting holes in the chassis plate, then 
redrill the holes from the top with a coun- 
tersink bit to allow flat-head countersunk 
scfews to be used for mounting. This re- 
tains the flat surface on top of the chassis 
plate. With the '/2-inch channels on the PC 
boards, mark the hole positions on the bot- 
tom of each channel with a pencil, using 
the predrilled chassis-plate mounting holes 
as a template. Remove the channels from 
the PC boards, mount the channels on the 
chassis plate, and remount the PC boards 
on the channels, 


Under-Chassis Wiring 


Complete the under-chassis wiring, ac- 
cording to the schematic diagram, using 
Teflon®-insulated wire. The nylon con- 
nectors near the front of the chassis con- 
nect to the front-panel power switches, the 
ALC potentiometer and the multimeter 
switch, This allpws the front panel to be 
easily removed for rear-panel access. The 
smal] board in the front center of the chas- 
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Fig 13—Bottom view of the RF deck showing harness wiring in place. 


sis provides an easy way to mate the 12-pin 
nylon connector going to the power 
switches with the wiring harnesses under 
the chassis plate (see Fig 13). When mak- 
ing the PC boards, try to put all the connec- 
lions to the board on one side. This allows 
access to the boards for maintenance with- 
out removing the wiring. Just unscrew the 
board from the channel and fold the board 
upward, 

Each wire is labeled at each end with 
numbered tags, because the Teflon wire 
used Is mostly the same color. A version of 
the schematic diagram was maintained 
with the wire numbers noted for easy wire 
tracing. The final wiring is cabled into har- 
nesses with plastic cable ties. Don’t be 
afraid to use plenty of ties, but at first only 
put a tie every inch or two. The ties will 
undoubtedly be cut several times during 
wiring to put in missing wires that are over- 
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looked. When all wiring is complete and 
tested, put a cable tie every 2 inch on the 
major harnesses. 


Amplifier Tank Circuit 

The plate tank-coil set is shown in Fig 
14. Before making the coils, detennine the 
tankcircuit parameters for the given tube 
plate impedance. The plate impedance can 
be determined from Eq 1. 


Plate impedance = plate voltage/ (1.57 x 
plate current) (Eq 1) 


Assuming the amplifier runs at 60% 
efficiency, the input power required for 
1500-W output is approximately 2500 W. 
With 3200 V on the 8877 plate, plate cur- 
rent will be approximately 781 mA. From 
Eq |, a tank circuit designed for approxi- 
mately 2600 ohms is appropriate. A table 


Fig 14—Plate tank coil set. Above: the various coils of the tank 
circuit. Right: the L toroid mounted on the rear of the band switch. 
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of pi-L network component values is con- 
tained in Hoff’s article, and the values 
used in this amplifier are summarized in 
Table 2.!° 

The 80- and 160-meter coils are wound 
on an assembly of three T225-2 toroid 
cores taped together with Scotch no. 27 
glass-cloth tape. Use plenty of tape to pro- 
vide good voltage insulation from the 
cores. The 80-meter coil is wound with 11 
turns of no. 10 wire covered with Teflon 
sleeving. The 160-meter coil is wound with 
19 turns of no. 12 wire, also covered with 
Teflon sleeving. The cores of both coils are 
mounted from | to 2 inches from the 
mounting wall on ceramic insulators. Each 
coil is sandwiched between two pieces of 
fiberglass material held together by a ce- 
ramic standoff running through the middle 
of each toroid (see Fig 15), Wind all coils 
in the same direction (clockwise or coun- 
terclockwise), to avoid a “bucking” action 
between coils. 

The 10- through 40-meter coil is made 
from '/4-inch soft copper refrigerator tub- 
ing. Clean the tubing using fine steel wool 
(O00) until the surface is smooth and bright. 
Use a piece of pipe with an OD equal to the 
desired coil ID and carefully wind the cop- 
per tubing around the pipe. After the smaller 
diameter part of the coil has been wound, 
change the pipe to a larger diameter, and 
wind the larger part of the coil. The induc- 
tance of the coil can be easily checked using 
a known fixed-mica capacitor with low in- 
ternal inductance and a dip meter. After 
determining the resonant frequency, calcu- 
late the inductance using Eq 2. 
Inductance = I/(4 1 fC) (Eq 2) 

Always wind the inductor with a few 
extra turns and then remove turns until the 
desired inductance is achieved. The induc- 


10) M. Hoff, “Pi Network Design for High Fre- 
quency Power Amplifiers,” Ham Radio, Jun 
1978. 





i ee ee ee 


aia _ 


Table 2 


Pi-L Network Design Parameters (See Fig 3, Part 1} 


Li-L4 G2 LS 
(HH) (pF) (uA) 
22.02 2121. 8.90 
10.99 1132 4.45 
6.03 503 2.44 
3.08 245 1.24 
2.05 1640.83 
1.70 1300.70 
1.48 1120.60 


Freq GI 
(pF) 
462 


Q 


13.1 
13.4 
12,4 
12.2 
12.2 
12.0 
12.0 


1, 16-12 rneters—6 turns 'Y/s-inch silver-plated copper tubing, 2-inch outside diameter, 


2 inches long. 19-m tap at 3 turns. 


L2, 15-40 rneters—12 turns ‘/s-inch silver-plated copper tubing, 3'/s-inch outside 
diameter, 4 inches long. 15-m tap at 2 turns, 20-m tap at 4 turns, 40-m tap at 12 turns 

L3, 86 méters—11 turns of no. 10 wire in Teflon sleeving over three T225A-2 iron- 
powder toroidal cores taped together with Scotch no. 27 glass-cloth electrical tape. 

L4, 160 meters—19 tums of no. 12 wire in Teflon sleeving over three T225A-2 toroidal 
cores taped together with Scotch no. 27 glass-cloth electrical tape. 

L5, L Coil—20 turns of no. 20 wire in Teflon sleeving over two T300-2 iron-powder 
toroidal cores taped together with Scotch no. 27 glass-cloth electrical tape. Tap as 


follows: 
Band 10-12 
Turn no. 2 


tance measurement is only an approximate 
value because there is always stray induc- 
lance introduced by the interconnecting 
leads and the band switch. 

The copper tubing is silver plated only 
after the ends are configured to match the 
mounting lugs in the amplifier. Silver plat- 
ing issimple with the right materials. Go to 
aphotographic lab and get a couple of gal- 
lons of used fixer solution. Fixer solution 
is not usable when it becomes saturated 
with silver, The labs usually sel] the spent 
fixer for silver recovery, so you may have 
lo pay for it. Clean the coil by giving it 
another brushing with steel wool, wash it 
thoroughly in a mild detergent and rinse it 
well before plating. Put the fixer solution 
ina large plastic container and submerge 
thecoil init. A bright silver plate will form 
within seconds. The silver plate is not very 
thick, but it is sufficient to keep the copper 
from tarnishing. The coil taps are small 
wrap-around clamps made from silver- 
plated Y2-inch-wide copper strap. Plate 
about 2 inches of copper strap, then drill a 
hole in one end for a no. 8-32 screw. Using 
ashort piece of '/s-inch tubing as ajig, bend 
the end sharply around the tubing with a 
pair of duckbill pliers. Drill a second, 
matching hole, but squeeze the clamp in to 
provide a tight fit around the coil stock. 
Install the clamp with a flat washer on each 
side to provide a compression fit. The 
clamp should fit tightly. Don’t solder the 
clamps until after the amplifier is tested. 
When the tap location is verified, heat the 
clamp and coil with a large solder gun and 
flow solder into the connection. After sol- 
dering the coil taps, spray the coil with a 
thin coal of clear plastic to retain the bright 
silver finish. 

The L coil is wound on a pair of T300- 
2 toroid cores taped together with glass- 
cloth tape. The coil is mounted on the back 
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of the band switch and supported by the 
connections to the coil, The leads are not 
so!dered to the band switch, but are held in 
place with no. 6-32 screws. 

Other major considerations in the RF 
tank circuit are the TUNE and LOAD ca- 
pacitors. The TUNE capacitor is a 375-pF 
vacuum variable. Table 2 shows that 
though this capacitor will easily cover 10 
through 80 meters, it is too small for 160 
meters, One solution is to use a 500-pF 
vacuum variable, but units in this size class 
are not readily available in the surplus 
market, and you probably don’t want to buy 
a new one at approximately $500. I solved 
the problem by switching in an additional 
160-pF capacitor in paralle] with the 
vacuum variable for 160 meters. 

A 24-¥ de solenoid, mounted on the 
subpanel, grounds a pair of 80-pF fixed 
vacuum capacitors. The solenoid is pow- 
ered by a smal] 12-¥V relay that is energized 
by the 160-meter control line on the input 
network control switch. The grounding 
strap is made from a stiff piece of brass 
stock obtained at a hobby shop. A hinge is 
made by soldering a small piece of brass 
tubing to the strap and putting a solid rod 
through the tubing. The rod is supported on 
each end by a small piece of Plexiglas and 
allowed to pivot, thus forming a hinge. A 
piece of flexible braid is connected from 
the brass strap to ground for a good con- 
nection. The strap is held in the open posi- 
tion by asmall spring pulling the strap back 
toward the subpanel, The contacts on the 
strap and the vacuum capacitors are from a 
25-A power relay and soldered in place. A 
piece of '/s-inch brass bar stock is used to 
mount the contact on the vacuum capacitor 
side and to absorb the shock from the clo- 
sure. A rubber grommet on the brass strap, 
where the rod from the solenoid hits the 
strap, also absorbs some of the shock. This 
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Fig 15—Mounting details of 80- and 160- 
meter toroids. 


scheme works smoothly and once thought 
out, took about one evening to install. 
The LOAD capacitor is a 1000-pF, 3- 
kV unit with a fixed 100-pF, 5-kV fixed 
mica transmitting capacitor in parallel. 
This provides a total of 1100 pF for 80 
meters. On 160 meters, the band switch 
adds an additional 1200 pF in parallel to 
provide a total of 2300 pF. The |1200-pF 
capacitor consists of three 400-pF mica 
transmitting capacitors in parallel. 


Marking and Calibrating Meters 


Any meter with a movement from 
100 WA to 5 mA can be used for the front- 
panel meters, Use two identical meters, if 
possible, for esthetic reasons. In a very 
clean environment, begin by removing any 
internal meter shunts (on ammeters), or any 
series resistors inside the meter (on volt- 
meters) to obtain only the basic meter 
movement. Nothing else need be done for 
the multimeter, since the calibration resis- 
tors are a part of cach metered circuit, A 
shunt resistor must be made for the plate- 
current meter. Wind about 2 feet of no. 22 
enameled wire on a 2-W resistor of any 
value over 50 ohms, soldering the wire 
ends to the resistor terminals. Mount the 
resistor across the meter terminals to form 
a shunt, Connect the meter in series with 
another meter of known calibration and an 
adjustable power source, Trim the enam- 
eled wire | inch at a time until the meters 
read the same. If the meter being calibrated 
reads too low, the wire is too short. When 
the meters read the same, slip a piece of 
heat-shrink tubing over the resistor and seal 
the shunt. 

Carefully remove the plastic face cover 
and the calibrated face plate from the 
meter. Do this in a clean environment be- 
cause the magnet in the meter will attract 
metal shavings that could damage the 
movement. With a pencil eraser, rub off 
the original meter lettering, but not the 
analog scale tick marks. With small dry- 
transfer letters put the new numeric scale 
on the meter. Be careful not to bend the 
pointer when reassembling the meter. 


Mounting the Front Panel 
Remove the masking tape from the 
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panel, and carefully label the front panel 
with dry-transfer lettering before mount- 
ing any components. Mount the meters, 
potentiometer and switches in place, and 
complete the wiring. Wire nylon connec- 
tors to the power switches, ALC control, 
multimeter switch and meters to mate with 
the connectors in the RF deck. This will 
result in a totally removable panel. 

When mounting the front panel to the 
cabinet, give careful attention to aligning 
the vacuum-capacitor and band-switch 
shafts. Loosen the component mounting 
screws and mate the shafts, then retighten 
the screws. Continue the alignment process 
until the controls operate smoothly. 


Rear-Panel Assembly 


Up to now, nothing has been done to the 
rear panel. Mount the panel and decide 
where the components should mount to 
obtain short connections. Lay the rear panel 
out in the same way as the front panel, and 
cut the necessary holes. 

Mount the blower off the rear panel, 
located to allow good circulation of air up 
to the front of the under-chassis area and 
back to the tube socket. Positioning of the 
blower is not critical as long as air is not 
directly blown across the tube socket, 
which could cause backpressure. 

Mount all components to the rear panel, 
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and mount and wire the pane] to the RF 
deck. The rear panel is not easily remov- 
able like the front panel. 


Testing the Amplifier and Power 
Supply 

Testing is the b/g moment and the cli- 
max of several months’ work. First hook 
up the power-supply control] cable and the 
ground cable. Leave the high-voltage cable 
off. Test the control circuits to ensure that 
the power supply can be turned on from the 
RF deck and the 3-minute time delay 
works. Make sure that the tube filaments 
are on. This isn’t as easy as with a glass 
tube, which allows you to see the filaments 
glow, Let the tube run for about 10 min- 
utes, then turn the power off. Immediately 
remove the tube and feel if the base is hot. 

Test the amplifier first on 20 or 40 
meters, since these bands use the midrange 
of the TUNE and LOAD capacitors. With 
high voltage applied to the tube, first key 
the amplifier with no input drive power. 
The resting idle current should be between 
100 and 200 mA on the plate-current meter. 

Now apply a little drive power to the 
tube. The plate current should rise. Move 
the 1|JNE and LOAD controls until power 
output is indicated on a watimeter, Increase 
the drive while adjusting the TUNE and 
LOAD controls to achieve about 20 mA 


grid current and 650 to 700 mA of plate 
current, to realize 1500 W output. If the 
amplifier works properly on this band, pro- 
ceed to the other bands and repeat the tests. 

Efficiency should be at least 60% on all 
bands, except perhaps 10 and 12 meters, 
where efficiency may drop to 55%. If effi- 
ciency is poor, try moving the coil taps, but 
recognize that moving the taps also 
changes the Q of the coil. Decreasing the 
inductance and increasing the capacitance 
in the tank circuit will increase the Q. The 
amplifier may provide more power output 
over a larger frequency range with a lower 
tankcircuit Q, but harmonic suppression 
will also decrease and the amplifier could 
start generating interference or not meet 
FCC standards. 

I must warn you one last time. This de- 
vice could kill you in one instant if you get 
tied inte the high-voltage circuit. Puta 
geod ground en both power supply and RF 
deck, and treat the equipment with proper 
respect! 


Conclusion 

I have spent many enjoyable hours op- 
erating with this amplifier/power supply 
combination, with nothing but good signal 
reports. It was an exhausting task, but now 
that it’s finished, I’m glad | did it. Try 
building one and you’l] see what I mean. 





By David Rutledge, KN6EK, et al. From QST, May 1997 
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Power Amplifiers 


Part 1—With 3 to 12 W of drive, you can push 300 
to 500 W CW out of an $11 transistor! The trick is to 


se. 300 and 500-W 40-meter ampli- 

fiers evolved from a series of under- 
graduate student projects at Caltech. Our 
goal was to design an inexpensive ampli- 
fier that amateurs can easily duplicate.! 
The amplifiers use inexpensive, readily 
available power MOSFETs that can be 
driven by a QRP transceiver; in our case, 
the NorCal 40A. A block diagram of our 
setup is shown in Figure 1. The compo- 
nents of the station are shown in Figure 2. 

Our 300-W amplifier uses an Interna- 
tional Rectifier (IR) IRFP440; the 500-W 
amplifier employs an [RFP450. These tran- 
sistors are widely used in switching power 
supplies, but we have not seen them previ- 
ously reported for use as RF amplifiers. The 
MOSFETs have a maximum drain voltage 
of 500 V, with maximum RMS drain cur- 
rents of 8.8 A for the IRFP4406, and 14 A for 
the IRFP450. Both transistors are available 
from Digi-Key: The 440 costs $8; the 450 
cosis $11. 

Class-E amplifiers are extremely effi- 
cient---about 90%. Because of the low loss, 
nocooling fan is required. No TR switch is 
needed; the received signal is piped 
through the amplifier itself. Even without 
an external filter, the amplifiers meet the 
FCC requirements for spurious emissions. 
They can be built and tuned up with an RF 
power meter, a multimeter, oscilloscope 
and a dummy load. Tune-up consists of 
adjusting an input coil for matching and an 
output coil to set the power level. 


Operational Classes 

In addition to the well-known Class A, 
B, and C operational modes, there are Class 
Dand E.? In Class D and E, the devices 
Operate as switches, half the time com- 
pletely on, and the other half completely 
off. Butiransistors are not perfect switches. 
The MOSFETs have a resistance of about 
1Q when on, and a capacitance of several 
hundred picofarads when off. Losses are 
preatly reduced in switching amplifiers, but 


use Class E. 


there is a penalty: The 


output power no 
longer depends on the 
drive power, but 


rather on the supply 
voltage. This means 
that switching ampli- 
fiers are not linear 
amplifiers, and they 
are not suitable for 
SSB without addi- 
tional limiting and 
modulating circuits. 
However, they are 
fine for CW, FSK and 
FM. 

In a Class-D amplifier, a pair of transis- 
tors switch on and off, out of phase across an 
output transformer. Fred Raab, WA] WLW, 
recently developed a Class-D power ampli- 
fier that produces 250 W on 40 meters with 
an efficiency of 75%.) However, Class-D 
amplifiers are relatively complex. On the 
other hand, the Class-E circuit has signifi- 
cant advantages for the homebrewer because 
only one transistor, without gate bias or out- 
put transformer, is needed, and it can be 
driven by a low-power transceiver. 


The Class-E Amplifier 
The Class-E amplifier was invented and 


Oto +120¥ 
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patented by Nathan Sokal, WALHQC, and 
Alan Sokal, WAIHQB, in 1975.4 It mini- 
mizes heat loss by having as little overlap 
as possible between voltage and current. 
Figure 3 shows an idealized Class-E cir- 
cuit. As the switch opens and closes, the 
current alternately flows in the switch and 
in the load network. The switch voltage and 
current waveforms are shown in Figure 4. 
It may be easiest to understand the wave- 
forms by starting at the beginning of the 
off-time interval. When the transistor turns 
off, the current flows into the resonant load 
network, and there is a transient voltage 
that rises and falls. With a properly de- 





Figure 1—Block diagram of the Class-E amplifier station. 
HF/MF/VHF Amplifiers (1 to 54 MHz) 
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signed load network, the voltage returns to 
zero smoothly with zero slope. The transis- 
tor switches on when both the voltage and 
the current are small, keeping losses low 
even if the switching is slow or slightly 
mistimed. Once the transistor turns on, the 
current rises smoothly until it switches off 
again, and the cycle repeats. The resonant 
load network does limit a Class-E ampli- 
fier to single-band operation. 

For a given de input power, the power 
output of a 90% efficient Class-E amplifier 
is three times greater, and the dissipated 
power is seven times smaller, than that of 
a 30% efficient Class-A amplifier, This 
means that for a given dissipated power, 
we can get 2/ times more power from a 
Class-E amplifier. 


The Caltech Power Amplifiers 


Both amplifiers have a common dia- 
gram (Figure 5) and PC board, but use com- 
ponents with different values. Several com- 
ponents are added to the basic Class-E 
circuit for matching and filtering. The 
MOSFET’s gate impedance is rather low, 
and primarily capacitive, with a reactance 
of about 4 Q. There is also a resistive com- 
ponent of about 2 © from parasitic series 
resistance in the gate itself, and the drain 
on resistance that is capacitively coupled 
to the gate. TI reduces the 50-Q impedance 
of the drive circuit to about 2 Q to match 
the low resistance of the gate and sets the 
de bias to 0 V. L1 is adjusted to cancel the 
gate capacitance; the input SWR is typi- 
cally 1.5:1. C1 shunts L1 at high frequen- 
cies to reduce ringing in the VHF range. 
The 0-V gate bias ensures that the transis- 
tor is off when it is not driven, because this 
is far below the threshold voltage, which is 
about 4 V. We have never seen oscillations 
in these amplifiers. 

C3 and L2 form a resonant network that 
produces the rising and falling voltage 
waveform needed for the Class-E ampli- 
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Figure 2—The 
components of the 
Class-E amplifier 
station. Clockwise 
from bottom left: the 
diplexer, amplifier, 
resonant speaker, 
NorCal 40A and 
keyed power supply. 
The latter houses the 
keyer and a pulse- 
stretching and 
shaping circuit. 


* Ses Caption 
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Figure 3—An idealized Class-E amplifier. 
The transistor is represented by a switch 
that opens and closes at RF. 





Figure 4—Class-E voltage and current 


waveforms. Class-E amplifiers reduce loss 


by keeping the overlap between voltage 
and current low. 
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Figure 5—Circuit diagram and parts tist for the amplifiers. Mica capacitors are available 
from Newark. L2, L3 and L4 are made with #10 THWN solid, insulated house wire sold in 
hardware stores. T1's core is an AF400-0, available from Communications Concepts 
(see Note 1 for supplier information}. L1 is a Toko 10K (2.2 1H), available from Digi-Key. 
RFC1 is a J. W. Miller type 5240, available from Newark. 


Ci—1i0 pF, 500 V mica 

C2—300 W, 270 pF; 500 W, 390 pF; (For 
C2 through C5, Corneil Dubilier mica 
capacitors, type CDV19, 1 kV, 5% 

C3—300 W, 1500 pF; 500 W, 2000 pF 

C4—300 and 500 W, 100 pF 

C5—300 W, 680 pF; 500 W, 820 pF 

C6é--0.01 pF, 1 kV ceramic disc 

J1, J2—BNCG or SO-239 connectors 

Li—2,.2 pH, Toko 10K; available from Digi- 
Key. 

L2—300 W, 9 turns; 500 W, 8 turns #10 
THWN wound on 1'/s-inch-OD plastic-pipe 


form; spread turns to fit holes in PC board. 


L3—300 W, 4 turns; 500 W, 3 turns #14 
THWN wound closely spaced on a 
'Ye-inch-diam drill bit 


L4—300 W, 5 turns; 500 W, 5 turns #14 
THWWN wound on a ‘/e-inch-diam drill bit 
form, turns spaced to occupy 1 inch 

Pi—Cinch-Jones P302AB 

Q1i—IRFP440 for 300-W amplifier; IRFP450 
for 500-W amplifier; (use International 
Rectifier transistors only) 

RFC1—40 nH, 3A 

Ti—Pri: 300 W, 5 turns; 500 W 6 turns 
#26 stranded hook-up wire; wound on 
RF400-0 core, available from 
Communications Concepts 

Misc: Berquist K10-104 insulating pad 
{thermal resistance of 0.2-K/W, 6-kV 
breakdown rating); available from Digi- 
Key. 
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Figure 6—Inside the 500-W amplifier. The Jarge coll is L2; L3 is 
the small coil. The circuit board is mounted on ‘/2-inch standoffs. 
BNC connectors are used for the RF input and output. No harm is 
done if the RF input and output are accidentally interchanged. 


fier. C5 and L3 act as a notch filter for the 
second harmonic. Without the notch filter, 
ihe second harmonic is typically between 
-25 and —30 dBc instead of the -40 dBc 
that the FCC requires on HF. In addition, 
C$ and L3 transform the 50-Q antenna im- 
pedance to about 10.2, the appropriate load 
fora Class-E amplifier. RFC| converts the 
Oto 120-V de input from the power supply 
{0 a current source, and C6 helps keep RF 
energy out of the power supply. 

C4 and L4 form a low-pass filter to re- 
move VHF harmonics. Without the filter, 
there are several harmonics at levels from 
-40 to -60 dBc in the frequency range 
from 130 to 210 MHz, With the filter, the 
VHF harmonics are reduced to the —70 to 
-~$0-dBc level. 


Amplifier Construction 

The 500-W amplifier is shown in Fig- 
we 6 with its cover removed. The transis- 
ior is mounted on a 3ee4'/s-inch heat sink 
with |-inch fins (type HS50-3.0 from RF 
Parts, with a thermal resistance of 2 K/W 
with no fan) with a #6-32 bolt and nut. The 
transistor generates most of the heat (about 
10% of the dc power) in the amplifier, so it 
must have good thermal contact to the heat 
sink. Because the transistor’s case reaches 
high voltages, it must be electrically iso- 
lated from the heat sink. We use a Kapton 
pad manufactured by Berquist that has a 
thermal] resistance of 0.2 K/W and a break- 
down voltage of 6 kV. The heat-sink 
surface must be free of burrs, and the tran- 
sistor should lie flat on the surface with 
minimal stress on the leads, If a torque 
screwdriver is available, International 
Rectifier recommends a mounting torque 
of [0 inch-pounds. The heat-sink baseplate 
isan aluminum L bracket bent from 0,050- 
inch-thick aluminum sheet. A U-shaped 
enclosure cover is made of 0.016-inch- 
thick aluminum sheet. A hole in the cover 
allows insertion of a plastic screwdriver 
for tuning LI. 

Solder Q] and C2 flush to the PC board 
to reduce VHF ringing on the gate signal. 
Good electrical contact is needed between 
QI’s source lead and the heat sink. Use a 
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Figure 7—The measured efficiency plotted against RF input 
power. These measurements were taken with the heat sink at 
room temperature. In operation, the heat-sink temperature rises 
and the on resistance increases, so that the efficiency drops 
somewhat. Recommended drive power for the 300-W amplifier is 
3 to 4 W; for the 500-W amplifier, 6 to 12 W. The de input power 
was calculated from voltage and current measurements made 
with Fluke 87 multimeters; the RF output power was determined 
with a Bird 43P wattmeter using a 500-W element. Bird lists the 
accuracy of this wattmeter as +25 W, but we were able to 
improve the accuracy of the measurement to an estimated 1% by 
thermal calibration. AF input power was measured with a 
Diamond SX-200 wattmeter. 


#6-32 bolt and nut, with washer spacers so 
that the source lead does not bend. Scope- 
probe pigtails soldered to QI’s gate and drain 
leads poke through holes in the baseplate. 
Rubber grommets in the holes prevent the 
pigtails from shorting to the chassis. 

L4, L3 and L2 are made by winding solid 
insulated wire on pipe and drill-bit forms, 
Orient the coils at right angles to each other 
to reduce coupling between them. L2 has a 7- 
MHz Q of 350; L3 and L4, a Q of about 170. 
For C2, C3 and C5, use only [-kV mica ca- 
pacitors-——-even 500-V capacitors fail spec- 
tacularly with a burst of flame. If a 1-kV, 
100-pF capacitor is not available for C4, sub- 
stitute a series-connected pair of 500-V, 
200-pF mica capacitors. For best filtering, 
mount C4 and L4 directly on the center pin 
and ground lug of J2. Mount L4 with its axis 
vertical to reduce coupling to the other coils. 


The NorCal 40A Driver 


For a driver, we use a NorCal 40A,5 but 
its 2-W output is not enough to drive these 
amplifiers. Fortunately, the NorCal 40A 
can be modified to deliver greater power 
output. We recommend 3 to 4 W drive for 
the 300-W amplifier, and 6 to 12 W for the 
500-W amplifier. These drive levels give 
an efficiency in the 90% range (Figure 7}. 
Drive levels lower than these give poor 
efficiency; higher drive levels increase the 
dissipated power without improving effi- 
ciency. Don’t drive the 300-W amplifier 
with less than 2.3 W, and the 500-W ampli- 
fier with less than 5 W. At these low power 
levels, the transistor may not turn on fully 
at all supply voltages, subharmonic spuri- 
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ous components may be generated, and the 
amplifier may not key properly. 

The recommended drive powers pro- 
duce peak gate voliages of between 15 
and 20 ¥. International Rectifier specifies 
a maximum peak gate voltage of 20 V to 
avoid rupturing the gate. Although the 
drive levels are close to this limit, experi- 
ence shows them to be quite safe. The 
20-¥ limit is more appropriate for the low 
frequencies used in power supplies than 
for RF voltages. In controlled tests, we've 
pushed the 300-W amplifier to 60-V gate- 
voltage peaks, three times the manu- 
facturer’s voltage limit, without damage. 

Next month, we'll discuss the keyed 
power supply, keying waveform shaper 
and tune-up. Join us! 


Notes 
1A package of amplifier parts ony, including PC 
board, Components, connectors, heat sink and 
chassis is available at cost from Puff Distribu- 
tion, Department of Electrical eoginecting MS 
136-93, Caltech, Pasadena, CA 91125. Price: 
$50 for US orders, $60 for foreign orders. The 
price includes tax and shipping by surface 
mail. Make payment by check or money order 
only to “Caltech-Puff Distribution.” Foreign 
checks must be drawn on a bank with a US 
branch office. Please provide your Amateur 
Fadio callsign and specify which amplifier (the 
300 or 500 W unit) you want, For more infor- 
mation, contact Dale Yee by e-mail at 
yee@systems.caltech.edu, fax 818-395- 
2137, or you can download an order form from: 
http://www.systems.caltech.edu/EE/ 
Faculty/rutledge/poweramp.html, We do 
not offer power-supply components. Those 
parts are available from Communication Con- 
cepts, 508 Millstone Dr, Beavercreek, OH 
45434-5840, tel 513-426-8600; Digi-Key, PO 
Box 677, Thief River Falls, MN 56701-0677, 
tel 800-344-4539, http:/Avww.digikey. com: 
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Newark Electronics, (many branches through- 
out the US; check your telephone book for a 
branch near you); main office: 4801 N 
Ravenswood Ave, Chicago, IL.06040-4496, tel 
800-463-9275, 312-784-5100, fax 312-907- 
5217; RF Parts, 435 South Pacific St, San 
Marcos, CA 92089, tel 800-737-2787; Mouser 
Electronics, 2401 Hwy 287 N, Mansfield, TX 
76062, tel 800-346-6873, 817-483-4422, fax: 
817-483-0931 e-mail sales@mouser.com; 
http:/Avww.mouser.com. 
A template package is not available from 
the ARAL. 
2Historically, amateurs have built high-power 
amplifiers with vacuum tubes rather than tran- 
sistors to avoid complicated power-combining 
networks and many low-power transistors. 
See Dick Ehrhorn, W4ETO, “RF Power Ampli- 
fiers and Projects,” The 1996 ARAL Hand- 
book, Chapter 13. Exceptions to this are the 
elegant designs by Helge Granberg, K7ES/ 
OH2ZE (SK}, AF Application Reports, pub- 
lished by Motorola Inc, in 1995, contains over 
20 Application Notes and Engineering Bulle- 
tins written by Helge Granberg on amplifiers 
with output powers of 20 to 1200 W. Commu- 
nication Concepts sells the boards and com- 
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ponenis for these amplifiers. Radio Frequency 
Transistors, by Norm Dye and Helge 
Granberg, published by Bulterworth- 
Heineman, Boston, 1993, is recommended 
reading. Joel Paladino, NGAMG, adapted one 
of Granberg's transistor amplifiers (see “An 
Experimental Solid-State Kilowatt Linear Am- 
plifier for 2 to 54 MHz,” OST, Sep 1992, pp 19- 
23). However, the power transistors alone cost 
$900! This led us to look for a less-expensive 
way to make transistor power amplifiers. 

3Fred Raab, WAIWLW, “Simple and inexpen- 
sive High-Efficiency Power Amplifier,” 
Communications Quarterly, Winter 1996, 
pp 57-63, 

‘Nathan Sokal, WA1HQG, and Alan Sokal, 
WA1HGB, “Class-E, A New Class of High- 
Efficiency Tuned, Single-Ended Switchin 
Power Amplifiers,” /EEE Journal of Solid- 
State Circuits, Vol SC-10, Jun 1975, pp 168- 
175. This paper by father and son is a classi¢ 
in the radio engineering literature, and is still 
the basic reference for the Class-E amplifier. 

5The NorCal 404 designed by Wayne Burdick, 
N6KR, is available in kit form for $129 from 
Bob Dyer, KD6VIO, at Wilderness Radio, PO 
Box 734, Los Altos, CA 94023-0734, tel 415- 


494-3806, http:/www.fix.net/[parker/wild. 
html. The NorCal 404 Web address is: http: 
/www.tix.nel-jparker/norcal. html. 


84 number of NorCal 40 modifications were 


published in QAPp, the magazine of the 
Northern California QRP club that first made 
the NorCal 40 kit available. For information 
on subscriptions to QAPp and back issues, 
contact Jim Cates, 3241 Eastwood Rd, Sac- 
ramente, CA 95821. Wayne Burdick, N6KA, 
suggests increasing the Supply voltage for 
more power. If you do this, increase the volt- 
age rating of Zener diode D12 to accommo- 
date a larger peak collector voltage. For 3 W 
output, we use an MRF237 at Q7, the PA. To 
further increase the power to 7 W, we re- 
duced L7 from 16 turns to 11 turns, and L& 
from 18 turns to 14 turns. We replaced C45 
and C47 with 560-pF, 300-V mica capacitors, 
and C46 with a 1500-pF, 100-V mica capaci- 
tor. For other approaches to raising the out- 
put power, see Dave Meacham, W6EMD, “5 
Watts from your NorCal 404," QOAPp, Mar 
1995, pp 6-7, and Ron Manabe, KN6VO, “In- 
creasing the Output Power of the NorCal 40,” 
QRPp, Jun, 1994 pp 42-45. Ron reports an 
output power of 7 W. 
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Part 2—Class-E operation permits low-cost 
MOSFETs to develop considerable power. 


ast month’ we talked about Class-E 

amplifier fundamentals and began con- 
stmetion of a 40-meter unit. Now we'll 
tackle the power supply, keyed-waveform 
shaper and develop some power. 


AKeyed Power Supply 

Nonlinear Class-E operation sharpens 
the CW keying envelope, causing annoy- 
ing key clicks. To prevent this, we key the 
power supply to shape the supply voltage. 
Aseparate 4x7x1]2-inch (HWD) enclosure 
houses the de supplies. a stretcher circuit 
that delivers a stretched pulse to the driver 
and a shaper that produces the shaped pulse 
forthe amplifier. Figure 8 shows how these 
Circuits connect. 

So that the RF drive does not end before 
the shaping pulse, the keying pulse to the 
NorCal 40A driver is stretched a few milli- 
seconds, The stretcher (Figure 9) takes a 
keyer’s CMOS logic signal and provides a 
buffered keying waveform to the shaper and 
asiretched keying waveform to the NorCal 
40A driver. Dc supplies (Figure 10) pro- 
vide 12 ¥ dc to run the ICs and Oto 120 V 
dc for the amplifier. A wave shaper (Figure 
It) gives this 0 to-120 V de supply voltage 
acontrolled rise and fall time to avoid key 
tlicks. Figure 12 shows the keyed power 
fopply with its cover removed. 

There are other advantages 10 using a 
keyed power supply to control] the output 
power. The amplifier power dissipation is 
low at all supply voltage Jevels, so that loss 
is kept low throughout a keying pulse. Be- 
cause the keyed power supply also acts as 
a solid-state TR switch, a relay is not 
needed. This is because the supply voltage 
is zero except during key down. (This fea- 
ture works well with the NorCal 40A, 
because it, toc, does not use a relay for 
switching.) At zero voltage, the drain-to- 
fate capacitance in a MOSFET is quite 
large, and the signal from the antenna ts fed 
through the amplifier with a loss of only 
about 7 dB. The NorCal 40A reveiver sen- 
sitivity is excellent,? and a7 dB signal loss 


does not hurt reception at all. A 7-dB loss 
degrades the MDS to -130 dBm, still far 
below typical 40-meter antenna noise lev- 
els of -90 10 -110 dBm. On the positive 
side, with 7 dB attenuation, the receiver is 
less susceptible to intermodulation distor- 
tion from other signals in the 40 meter band. 


iciency Class-E 


In addition, the amplifier reduces AM 
broadcast signals by about 20 dB. The 7- 
dB loss does need to be made up at the audio 
end. For this, we mount a 2-inch-diameter 
speaker in a cardboard mailing tube cut to 
resonate at 650 Hz for CW reception. This 
gives a sound level that is quite adequate.? 





Transceiver, amplifier, and power supply for a 40-mater, 500-W station. Tha NorCal! 404 
iransceiver driver is on the lelt, a 500-W amplifier is in the center and the power supply 
on the right. The amplilier’s heat sink and transistor mounting screws are visible. The 
large dial controls the variable autotransformer, varying the RF output power. 


Stretched 


Stratched 
RF Pulse 


Shaped RF 
Output Pules 


Keyed Power Supply 





Figure 8—Block diagram showing the connections between the stretcher, dc supplias, 
shaper, NorGal 404 and the Class-E Amplifier. The stretcher, ine de supplies, and the 
shaper are in the keyed power supply. Power supply keying is done by a Curtis keyer IC 
{not shown) that provides a CMOS logic-level 1 dunng key down. The Gurtis keyer IG 
and application note are available from MFJ Enterprises Inc, Box 494, Mississippi State, 
MS 39762, tel 800-647-1800, 601-323-5869, fax 601-323-6551; e-mail mfg@ 
mfjenterprises.com; hitp:/Avww.mhjenterprises.com.(Keyer circuits using Curis ICs 
can be found in recent editions of The ARRL Handbook.—Ed.} 
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The Diplexer 

For greater reduction of spurious emis- 
sions, we recommend following the amplifier 
with a band-pass diplexer (see Figure 13) to 
terminate out-of-band spurious components 
ina50Q load.'"Our diplexer (in a 3.5x6x10- 
inch [HWD] box) uses the equivalents of a 
100-pF series capacitor, an !800-pF shunt ca- 
pacitor and ait-wound inductors. Stretch or 
compress L2 to achieve minimum SWR. The 
measured loss of 40-meter signals was ex- 
tremely low, only 4%. Our experience shows 
that 2 diplexer can reduce all spurious compo- 
nents to more than —55 dBc. 


1 wr 
Ceramic 


from Keyar 


Tune-Up 

Refer to Figure 3 in Part 1, There are 
two amplifier coil adjustments. First, with 
the cover on and the de input off, L1 is set 
for minimum input SWR with full RF in- 
put. Typically, the SWR can be reduced to 
1.5:]. If it cannot be brought below 2:1, try 
adding or subtracting a turn from LI. 

Output power is peaked by stretching or 
squeezing L2. Note: For safety, the ampli- 
fier’s cover should always be attached 
when the RF drive is applied. The cover 
also significantly lowers the inductance of 
L2. Be sure to turn off the supply voltage 


01 
2N2222A 


before you touch any amplifier parts! A 
high RF voltage will burn the skin. RF 
burns are deep and heal slowly. Having a 
keyed power supply helps here, because the 
amplifier supply voltage Is zero except 
during key down. 

Attach a dummy load and power meter to 
J2. With the RF input applied continucusly, 
slowly increase the dc input voltage, while 
monitoring the gate and drain voltages us- 
ing an oscilloscope with [0x high-imped- 
ance probes. (You should see waveforms 
similar to those in Figure 15, although the 
peak drain voltage should be about half of 


Keying Pulse 
to Shaper 
(Figure 11) 

i baal 


Stretched 
Keylng Pulse 
to XCVR 





Figure 9—Stretcher circuit diagram. NAND gate A acts as a buffer and produces a keying pulse for the shaper. One input has an RC 
delay to prevent keying glitches when the power is turned on. Gates B and C are connected by an RC network that causes a pulse to 
be triggered on a falling edge. R2 is adjusted to ensure that the RF output from the NorCal 40A lasts longer than the shaping pulse. 
The components are assembled on perfboard. 


120¥ 
250 VA 


Isotation 
XxFWR 


Varlable 


Transformer 


0-120 V AC 


{Figure 11) 
25k0 





Figure 10—Dc supplies diagram. There are two isolated supplies: one with an unregulated 0 to 120-V output controlled by an 
autotransformer, and another with a +12-V regulated output. Two bleeder resistors help keep capacitor voltages al safe levels when 
the supply is turned off or its output reduced. The 4-A bridge rectifier is an RS404LR by Diodes, Inc, available from Digi-Key. The 
Panasonic 1000 and 2000-pF electrolytics in the filter are available from Digi-Key. The Stancor C-2686 25-mH choke is available fram 
Newark. We scrounged the isolation transformer and variable autotransformer from old equipment. Look for them at swap meets, or 
purchase equivalents from Newark (Magnetek N55M 250-VA isolation transformer and the Staco 291 3-A variable autotransformer). 
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that in the figure.) The RF output should 
begin to rise. Increase the de input until the 
forward RF output power is 25% of full 
power. Make sure the output SWR is 1.5:1 
‘or less, Measure the de input voltage, and 
adjust L2 to give 25% power at 60: ¥V dc, 
Swetching L2 reduces its inductance and 
increases the output power, but usually 
wers the amplifier’s efficiency. Squeez- 
ing L2 reduces the output power and usu- 
ally increases amplifier efficiency. 
Increase the de input voltage until the 
amplifier reaches maximum output power. 
‘The de voltage should now be between 
115 and 120 V, and the peak drain voltage 
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Keying Pulse 
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(Figure 9) 










Figure 11—Shaper circuit diagram. A pair of optically isolated MOSFET drivers 
yollage up and down. Keying waveform rise and fall times are adjusted by R3 and R4, which control the current to each MOSFET 
driver. The 270-& resistors limit the LED current to a safe level. The TURN-ON potentiometer is also used to keep the overshoot from 
the unregulated power supply to a reasonable level. D1 prevents Q1's gate voltage from drifting negative. C1 and C2 are RF 
“bypasses. To keep the supply voltage from appearing across exposed contacts, a female socket is used at J1. All components are 
available from Digi-Key. Point-to-point wiring on perfboard is used. 


Figure 12—The keyed power supply with the cover removed, 

viewed from the side. T1 is mounted on the back plate, along with 
the fuse and connectors for the dc output, a keying line to the 

NorCal 40A and the ac line input. The TUNE switch keys the 
amplifier for testing. The variable autotransformer is on the left, 
mounted to the front panel. In the center foreground, mounted to the 
base plate, is L1, the 25-mH choke. Mylar sheets are taped to the 
penboards for electrical isolation. The large components are 
attached directly to the box. The IRFP340 is mounted on the bottom 
ofthe box using a Berquist K10-104 Kapton insulating pad, #6-32 
Screw and a torque of 10 inch-pounds, The other shaping circuit 
components are mounted on perfboard. Layout is not critical. 


of the RF-stage MOSFET should be be- 
tween 380 and 420 V. Larger peak drain 
voltages run the risk of transistor failures. 
Lower voltages may indicate an excessive 
drain current, which can lead to a failure, If 
the voltage is too high, stretch the coils a 
bit more. If the voltage is too low, squeeze 
the coils. Check the RF drivé and input 
SWR again. You may find that they have 
changed somewhat and that readjustment 
is needed. Measure the de supply current 
and voltage, and calculate the amplifier 
efficiency to ensure that it is 85% or above. 
Use a 0,001-WF capacitor to bypass the 
voltmeter terminals because an RF voltage 


40 -Meter Diplexer 


Note 1. 


415-595-2664) 


HF/MF/VHF Amplifiers (1 to 54 MHz) 


(from Figure 10) 


Except as indicated, decimal 
values of capacitance are 

in microfarads ( #F); others 
are in picofarads (pF); 
resistances are in ohms; 

k= 1,000, M= 1,000,000 

IC Pins Not Shown are Unused 





there can cause a significant measurement 
error. (In addition, you should realize that 
RF power meters often have error factors 
as high as 10%,) 


Keyed-Waveform Shaping 

The keying envelope is controlled by 
the three potentiometers in the shaper and 
stretcher circuits. R3 in the shaper circuit 
sets the rise time, R4 sets the fall time. R3 
also helps control the power supply droop 
as the amplifier is keyed. R2 of Figure 9 
determines the stretch in the pulse that keys 
the NorCal 40A, so that it does not stop 
transmitting before the end of the shaped 
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{type PVI1050) turn Q1 on and off to bring the supply 


See Caption and Text 
for Component Values 


Figure 13—Schematic of our diplexer. It uses six 150 pF 

capacitors, two 910-pF capacitors and air-wound inductors made 

of “/e-inch-wide copper tape (see Note 1}. 

C1-C6—150 pF, 1 kV mica 5%-tolerance (Cornell Dubilier type 
CDV19; available from Newark Electronics, see Note 1) 

C7, C8B—910 pF (same type as above) 

Li—24 turns of “/:s-inch-wide copper tape, 1°/s inch ID; see 


L2—4 turns of '/16-inch wide copper tape, 1 inch ID; see Note 1. 

R1i—50-Q, 2-W (approx) termination, Jameco part number 71458; 
available from Jameco Electronics, 1355 Shoreway Ra, 
Belmont, CA 94002, tel 415-592-8097; fax 415-592-2503 and 
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Figure 14—Keying waveform of the 500-W 
amplifier at 30 WPM. The horizontal axis is 
10 ms per division. The rise and fall times 
are about 3 ms. 


pulse. We recommend using a keyer with 
adjustable weighting to offset the pulse 
stretching. The potentiometer settings in- 
teract somewhat, and there are variations at 
different sending speeds, so it is best to set 
them at the speed you commonly use. Ad- 
just the controls for rise and fall times be- 
tween 2 and 5 ms, and for a smooth keying 
envelope. Figure 14 shows keying at 30 
WPM with rise and fall times of about 3 ms. 


VHF Ringing 

In many Class-E amplifiers, ringing in 
the VHF range can be seen on the gate and 
drain waveforms (Figure 15). This ringing 
can be quite pronounced, with bumps sev- 
eral volts high on the gate or drain or both. 
The bumps disappear when the RF input is 
removed, and that is why we refer to this as 
ringing rather than oscillation. We have 
compared measured spectral plots with 
PSPICE simulations and believe that the 
waves are driven by the sudden turn-on and 
turn-off of the transistor, acting rather like 
the gong of a bell. 

We notice two distinct time periods and 
frequency ranges for the ringing. During 
the time the transistor is on, the ringing fre- 
quency is about 80 MHz. This appears to 
be aresonance of the external drain capaci- 
tor combined with the internal inductance 
of the capacitor and the transistor and may 
indicate a mismatched load. The on-ring- 
ing is usually small if the load is matched 
so that the drain voltage comes smoothly to 
zero before the transistor turns on. 

The ringing while the transistor is off 
covers a broad range of frequencies—from 
130 to 210 MHz. If the output low-pass fil- 
ter is removed, the ringing can be seen eas- 
ily on a spectrum analyzer at levels between 
—40 and —60 dBc. The off-ringing appears 
to be caused by a resonance of the external 
drain capacitor and its internal inductance, 
together with the transistor’s internal drain 
capacitance and its inductance. The internal 
drain capacitance varies greatly with the 
drain voltage, so that the frequency is modu- 
lated as the drain voltage rises and falls. The 
low-pass filter reduces these harmonics to 
the —70 to —80 dBc range. 
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On the Air 


The amplifiers meet the FCC require- 
ments for spectral purity [confirmed in the 
ARRL Lab—Ed.}. NorCal 40A designer 
Wayne Burdick, N6KR, emphasizes that it 
is important to correctly tune the band- 
pass filter following the transmit mixer to 
minimize spurious emissions from the 
NorCal 40A.!! 

These amplifiers are excellent for chas- 
ing DX, schedules and “ragchews,” par- 
ticularly at this low point of the sunspot 
cycle. The amplifiers require no warm-up, 
no tune-up, and produce no fan or relay 
noise. We can vary the power from | W to 
full power via the variable autotransformer. 
The antenna SWR should be 1.5:1 or better 
because the amplifier is not protected 
against large mismatches. With a high 
SWR, the transistor will probably overheat. 
Check the dc voltage when the amplifier is 
delivering full power to the antenna to en- 
sure that it remains between 115 V and 120 
V. Readjust the coils if the voltage is too 
high or too low. 

Our most common problem has been a 
poorly mounted PA transistor. If the tran- 
sistor is not flat against the heat sink, heat 
transfer is poor and the transistor becomes 
quite hot; efficiency suffers (becoming 
usually less than 85%) and the amplifier 
may not reach full power. The output power 
may also drift downward, a sign that the 
transistor temperature is increasing and 
that the transistor is under stress. 

Component temperature can be a good 
diagnostic tool. For the 500-W amplifier, 
our experience is that for CW QSOs longer 
than 30 minutes, the temperature of C3, CS 
(Figure 5) and the heat sink rises to about 
60x C., For the 300-W amplifier, the heat- 
sink temperature is about 50x C. This is hot 
to the touch, and it can be checked with a 
lab thermometer. The temperature will vary 
according to your operating style, and if 
the temperature is higher than you like, you 
can add a fan. 


The Future 


We see room for improvements: pro- 
tection against antenna mismatches and 


Figure 15—Drain waveform and 
ringing. Oscilloscope trace of the 
gate and drain voltages of the 
300-W amplifier with 3 W drive. 
The de supply voltage is 120 V; 
the input SWR is 1.6:1. Time 
scale is 20 ns per division; the 
transistor off and on times are 
shown. The transistor is off when 
the gate voltage is below the 
threshold, typically 4 V, and on 
when the gate voltage is several 
volts above the threshold. Peak 
gate voltage is 16 V, and the peak 
drain voltage is 400 V, safely 
within the manufacturer’s ratings 
of 20 and 500 V, respectively. 





employment of an inexpensive keyed 
switching power supply that is as light- 
weight as the amplifiers. Finally, it would 
be interesting to develop Class-E amplifi- 
ers for the other bands. We have built a 
250-W amplifier for the 20 meter band that 
exhibits an efficiency of 88% with 10 W 
drive. We believe that Class-E amplifiers 
provide amateurs with good building chal- 
lenges and operating fun at modest cost. 
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By William E. Sabin, WOIYH 


| e two-stage amplifier described in this 
4 article and shown in Fig 1 is intended 
forSSB/CW/Data operation on all nine HF 
amateur bands. An input (R,,=50 ©) of 
about 10 mW (+10 dBm) is amplified to 
100 W (PEP or average), continuous duty, 
with a gain of 40 1.0 dB from 1.8 to 29.7 
MHz, Third-order, two-tone intermod- 
nlalion distortion (IMD) products are 35 to 
40dB below 100 W, and higher-order prod- 
ucts are also within the high-quality range 
for amateur SSB equipment, as shown in 
Fig 2. The main goal for this amplifier is to 
operate as a driver, with low adjacent-chan- 
tel interference, for a legal-limit 1500-W 
linear amplifier. At this power level, 
adjacent-channel reduction is especially 
important. And, of course, il is used in the 
barefoot mode as well. 

The power supply (40 V at 8 A) for the 
‘push-pull, class-AB MRP150MP (matched- 
pair) MOSFET output stage was described 
previously (see Note 1), Six diplexer filters 
(see Note 2) also known as invulnerable 
filters provide more than adequate har- 
Monic attenuation for all nine HF bands. 
They present a broadband load impedance 
to the MOSFETs that helps to assure free- 
dom from regeneration and oscillation, and 
good IMD performance. A resistive load 
impedance between 45 Q and 55 Q is rec- 
ommended for best performance. 

The MRF 150 was chosen because it is 
designed for linear, class-AB SSB opera- 
tion and because it has high gain (gm) at 
the 30-MHz end of the HF spectrum. A 
desirable feature of the MOSFET power 
Mransistor is its ability to achieve low val- 
tes of the higherorder IMD products.3+ As 
mentioned previously, these products 
contribute to adjacent channel SSB inter- 
ference. The first stage uses high-gain, 
class-A push-pull MRF426 (matched-pair) 
BUTs that require 13.5 V at about LOA 
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A 100-W MOSFET HF 
i mplifier 


We had the power supply in Mar/Apr’ and the 
diplexer filters in Jul/Aug,? here’s the main event: 

a reliable FET power amplifier that needs only 

10 dBm of drive to produce a pristine 100 W output. 


from a separate supply. This supply is also 
the main supply for other system compo- 
nents. Matched pairs of both transistors are 
available for a small extra fee from at least 
two sources.>4 They are both listed in the 
current Motorola manual.’ 

One main idea for this amplifier is to 
operate it in a very low-stress manner that 
helps assure a low probability of failure for 
a very long time, which offsets the initial 
cost of the high-quality transistors. The 
MRF150 is a 50-¥V transistor operated at 
40 V; the MRF426 is a 28-¥ transistor oper- 
ated at 13.5 V. The required input level ts 
low enough that most of the amplification at 
the signal frequency occurs in one gain 
block. Because of the good layout, circuit 


Fig 1—The 100-W broadband amplifier. 
HF/MF/VHF Amplifiers (1 to 54 MHz) 


design and decoupling, the 40-dB gain value 
does not result in any stability problems, 

The balanced amplifier greatly reduces 
even-order harmonics—especially the sec- 
ond—prior to any output fillering, as shown 
in Fig 3 for a 7.0-MHz signal. It should be 
40 dB or more below a [00-W CW signal 
for each amateur band, This reduction has 
been found reliable, once achieved. The 
lowlevel signal source that drives this 
amplifier must have at least 50 dB of sec- 
ond-harmonic attenuation, since this am- 
plifier will not suppress that harmonic. This 
is easy to accomplish, but must be consid- 
ered during the equipment system design 
(see Fig 9) and while bench-testing the 
amplifier as shown in Fig 4, 
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Fig 2—Two-tone IMD products: (A) 3.8 MHz, (B) 14.2 MHz, (C) 21.2 MHz, (D) 28.5 MHz. 


Circuit General Discussion 


Fig 5 is the schematic of the two-stage 
amplifier. It utilizes 1:1 choke baluns and 
1:4 (impedance) step-up and step-down 
transmission line (Guanella) transformers. 
The choke baluns significantly improve the 
balance of the input and output stages. 
Notice also that T2, T3 and T4 have float- 
ing center taps rather than bypasses to 
ground, This is recommended to improve 
the even-harmonic balance’ (verified). T4 
and TS run slightly warm as compared to 
conventional transformers that get quite 
hot. The 5-W feedback resistors get warm, 
but their large surface area limits their tem- 
perature rise. They also receive cooling air 
from the fan. All power resistors in the RF 
circuits are the excellent metal-oxide types 
(see Note 5) that are quite stable with age 
and temperature, and have very low reac- 
tance at 30 MHz (measured). Metal-film 
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1% resistors are used in several critical 
locations, 

The first stage has resistance and induc- 
tance loading from collector to collector. A 
powerful free-running oscillation in the 
first stage at about 32.5 MHz was being 
triggered occasionally at the moment of dc 
supply turn-on while a fairly large 28.0 to 
29,7 MHz input was present. The loading 
reduces stage gain and suppresses the para- 
sitic collector circuit resonance that pro- 
duced the oscillation. It also helps to 
flatten the amplifier frequency response. 

The second stage has a very low value 
of RF resistance, 15 ©, from each gate to 
ground that helps to assure stability. Be- 
cause these resistors are in parallel with the 
large input capacitance of the MOSFETs, 
they also help to flatten the frequency 
response. Both stages have negative feed- 
back networks that further assure stability 





{D) 


and flatness of frequency response. 

Two biasing networks are employed. 
The LM317 provides a highly regulated 
gate voltage for the second stage, The FET 
dissipation and linearity are very sensitive 
to this voltage; the bias voltage for SSB is 
fine-tuned for best signal purity using two- 
tone tests and a spectrum analyzer. Note 
the four 562-a resistors. If the LM317 fails 
short circuit, the voltage on the FET gates 
does not exceed 6.8 V, which will not dam- 
age the gates, The large drain current that 
results from this failure also does no dam- 
age because the 40-V power supply has 
current limiting and voltage fold-back that 
prevent harmful FET dissipation. The FETs 
are thus kept well within the safe-operat- 
ing-area (SOAR) as defined in data sheets? 
(verified). It is important that each 56241 
resistor from gate to ground be permanently 
attached directly between the gate and 





























source tabs of the FETs themselves so that 
the gates are never floating. Wrap the resis- 
torleads around the tabs so that they cannot 
come loose. This avoids accidental static 
‘charges that might ruin them. On the other 
hand, it is better to tack and not wrap the 
base-coliector and gate-drain signal leads 
so that they can be easily disconnected. We 
want to be able to test individual segments 
of the circuitry easily. In my experience, 
the MRFI50 has proven to be a rugged 
Wansistor, much more so when uperated 
Conservatively and with the power-supply 
feguards that ] mentioned. 

The LM317 provides about 5.8 V for the 
particular pair of FETs that I used. Indi- 
Vidual pairs of FETs will probably require 
adjustment of this voltage for idling cur- 
feat and for IMD products that resemble 
Fig 2. The adjustment procedure is described 
later. This bias value is set to emphasize the 
Teduction of the higher-order products 
‘father than third- and fifth-order products. 
These lower-order products do not contrib- 
ule aS much to adjacent channel interfer- 
ence; in fact, an SSB speech processor will 
make them worse anyway. The higher-order 
Products need to be reduced and the 
MEF 150 bas this capability, 

The 2N3906 PNP transistor is a bias- 
tuent source. The value of this current is 
determined by the 4.7- resistor and the 
e-to-ground voltage of the 2N3906. The 
two 562-02 resistors force equal base cur- 
fats into the MRF4265, This helps to 
assure equal performance. The 0.47-Q re- 
sistor is part of a negative-feedback bias 
joop. If collector current increases, the 
voltage across this resislor increases and 
this reduces the base current. Thermal run- 
‘away is avoided by this strategy because 


Signal 
Generator 
01 to 6OMHz 


the reduced base bias restricts the current 
increase to a smal value. Because of the 
low dissipation of the MRF426s and the 
good heat sink, this method is very effec- 
tive. These transistors are also well inside 
their SOAR requirements. This stage is 
very linear and contributes almost nothing 
to the overall IMD products. To verify this, 
it is necessary to turn off the drain voltage 
to the MRF1I50s and connect a spectrum 
analyzer across one of the 15-& resistors. 

The diplexer filter method was decided 
uponafter a lot of experimentation with 
other low-pass filter methods as a solution 
that is free of problems caused by complex 





interactions between the filters and the out- 
put transistors. A special peculiar problem 
is discussed later, The MRFLS5O has high 
gain into the VHF region; the diplexers 
eliminated all problems associated with this 
fact. This approach is recommended as a 
simple way to assure correct operation for 
HF amateur-band operation of these high- 
frequency MOSFETs. | was able ro get good 
enough operation with the more conven- 
tional low-pass filters, but this approach 
was by far the most satisfactory for an ama- 
teur-band amplitier, as confirmed by swept- 
frequency tests at all power levels into a 
50-2 load. More about complex loads later. 
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Fig 3—Wideband spectrum fer a 7-MHz signal. 
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Fig 4—Btock diagram for equipment setup, design and iesting of the MOSFET amplifier. 
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Fig 5—{left) Schematic diagram of a two- 
stage, 100-W amplifier. Unless otherwise 
specified, use 4 W, 5%-tolerance carbon 
composition or film resistors. Resistors 
marked with an asterisk are metal-oxide 
units. MF indicates metai-film resistors. 
Both the MRF426 and MRF150 devices 

are matched pairs. All capacitors are 50 V, 
unless otherwise indicated. 






























Frequency Compensation 

The bipolar transistors have gain val- 
ues that decrease as frequency increases. 
The MOSFETS have large capacitances 
that also affect frequency-response roll- 
off. It was a major exercise to design net- 
works that flatten the response from 1.8 to 
29.7 MHz. Fig 5 shows the approach. The 
idea is to compensate smoothly from input 
lo output in such a way that neither of the 
two stages is over-driven at any frequency. 
Thecriterion for this is to check IMD prod- 
uets-and harmonics during the design pro- 
cess, which involves approximate analysis 
(see the MOSFET Stage Simulation 
sidebar) and negative feedback.!° Beyond 
about 32 MHz, the gain falls off fairly rap- 
idly (but not too rapidly}. This is also de- 
sirable. 

When testing the frequency response 
using the test setup of Fig 4, it is necessary 
to measure the frequency response of the 
Signal path from tracking generator to 
Spectrum analyzer while bypassing the 
100-W amplifier. This reference response 
is then compared with the response with 
the amplifier in the path, as shown in Fig 6. 
Note the vertical scale: 1.0 dB per divi- 
sion. For the most credible results and ease 
of measurement, it is very desirable that 
the impedance looking back from the input 
be 50.0. 


Signal Level Testing 


We want to verify that the first stage is 
Operating normally by measuring its RF 


Fig 7—(A) drain and (B) drain-to-drain oscilloscope waveforms. 





Fig 6—Gain variation, 1.8 MHz to 29.7 MHz, 1.0 dB per division vertical scale—The 
lower trace is a reference sweep that bypasses the 100-W amplifier—The response 
bump at low frequency is an artifact of the tracking generator, 


voltages at 4.0 MHz. The class-A first- 
stage input impedance is close to 50 £2, and 
the input level is +10 dBm. Temporarily 
disconnect the signa] leads to the gates of 
the FETs. The voltage at each output of T3 
is about 1.35 V. Reconnect the gate signal 
leads. The final output over the entire range 
into an unfiltered, wide-band 50-Q load is 
then observed using the setup in Fig 4. A 
spectrum analyzer with tracking generator 
is very valuable for this. The accuracy of 
the wattmeter shauld be verified or cali- 
brated by some means at both the 100-W 
and the 25-W levels (the power of each tone 
of a two-tone, 100-W PEP signal) in each 
amateur band. 

If the second stage is working correctly, 
the output power is LOO W, or 7] VY RMS 
across 50 &2. These procedures assure that 
both stages are working properly and am- 
plifying as intended. Because of the varia- 
tions in the fabrication of the transistors, 
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the total gain can vary a decibel up or down 
despite the use of negative feedback in each 
stage. I suggest the 3-dB attenuator at the 
input not be modified for simplicity reasons. 

The drain-to-drain load impedance of 
the class-AB output stage is 12.5 Q and the 
CW output power is 100 W, so the drain-to- 
drain ac voltage is 35.4 V. Fig 7 shows the 
dual-trace scope waveforms (chop mode) 
on each drain, superimposed on the 40-V 
supply, and also the drain-to-drain wave- 
form that is confined to the linear region. 
The third-harmonic content is visible. It is 
interesting to note that although these 
waveforms show considerable non-linear- 
ity, the fundamental component is quite 
linear with respect to the gate signal level, 
] also found that a 50-¥V de supply created 
more heat, but at [O0W, did not improve 
linearity enough to make it worthwhile. 
The 35.4 V ac also appears across the two 
series-connected 100-Q feedback resis- 
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tors; they dissipate about (35.42)/200 = 
6.3 W, or 3.2 W per resistor (64% of the 
5 W rating). 

A broadband, untuned power amplifier 
with flat frequency response and low distor- 
tion is not, by necessity, especially energy- 
efficient (ratio of RF output power to de 
power). The output stage is less than 40% 
efficient for this reason. For SSB use, where 
the average power is not more that 25 W, 
even with speech processing, this is no prob- 
lem at all. For continuous key-down at 100 
W, the cooling fan is more than adequate. 

Here is an important caution about us- 
ing oscilloscope probes at the FET drains 
and the output connector; A 10:1 probe 
could be damaged (it happened to me) if 
used directly at this RF voltage level, espe- 
cially at the upper end of the HF range. Use 
instead the homemade probe described pre- 
viously (see Note 2) with a 50-Q terminat- 
ing resistor. 

The quality of balance is checked by 
looking at the second harmonic on a spec- 
trum analyzer using the setup in Fig 4 with 
the diplexer filters out of the signal path. At 
100 W output, check the harmonics in each 
of the nine amateur bands. Capacitor C, in 
Fig 5 is used (if needed) to improve the 
secondharmonic phase balance on the 
higher amateur bands. If the value is not 
well below 40 dBe, use C, at onc gate or the 
other to achieve 45 dBc. Extra pads are 
provided on the PC board for this capaci- 
tor. A value of between 22 pF and 56 pF 
should be adequate. Overkill is neither nec- 


essary nor desirable: The output filters will 
do the rest. For each decibel of power out- 
put below 100 W, the second harmonic 
normally drops about two decibels. 


Construction Notes 


Fig I shows how my version of the 
amplifier is constructed, A 0,+25-inch (or 
0.062-inch) double-clad PC board, 3,25 x 
8.0 inches, is firmly attached to the heat 
sink, I suggest using this compact size for 
best reproducibility. The heat sink shown 
may not be presently available from RF 
Parts (see Note 5), but I also purchased a 
Model 99 sink from CCI (see Note 6) that 
is 6.5x12 inches. This can be easily tai- 
lored to the appropriate size with a band 
saw that has-a metal-cutting blade. Pieces 
of angle and sheet aluminum can then be 
creatively fashioned to accommodate the 
fan (RadioShack #273-242) and the PC 
board that contains the bias circuitry. The 
transistors are bolted directly to the heat 
sink (through cutouts in the PC board) us- 
ing heat-sink compound and tapped (and 
carefully deburred) #4-40 holes. Careful 
mounting of the transistors is essential. The 
main PC board has small sections of copper 
removed underneath the base and collector 
tabs of the MRF426s and underneath the 
gate and drain tabs of the MRF150s, so that 
accidental grounding is avoided. Use a 
hobby knife to define the areas and a hot 
soldering iron to peel off the copper. 

A bottom cover is advised, as shown, so 
that air is funneled through the heat-sink 


Fins efficiently. For a 100-W, continuous, 
single-tone output, the exhaust air tempera- 
ture reaches 50°C. I used a RadioShack 
#22-174 multimeter with its temperature 
probe mounted inside the fins to monitor 
temperature during the design and testing 
phase. 

The components are mounted ona set of 
seven smal] PC boards, six of which are 
mounted vertically (as shown) and bolted 
to the drilled-andtapped heat sink through 
the PC board, using #4-40 screws and small 
angle brackets. I used stiff, right angle #6 
solder lugs that worked out very nicely. The 
seven PC boards are cut froma single 4x6- 
inch two-sided PC board, shown in Fig 8. 
The bias circuit board has a ground plane; 
the others do not. This set of boards is avail- 
able from FAR Circuits. "! 

I chose this method because it is easy, 
makes the amplifier more compact, reduces 
stray L and C that can degrade the wide- 
band frequency response and reduces stray 
couplings that can impair stability and har- 
monic balance, It also allows the ground 
plane to be one continuous surface, which 
is a plus factor. This approach worked out 
very well and | recommend it as a simple 
approach. 


Temperature Rise 

The cooling fan is important. This 
amplifier, as designed, should have the fan 
running, and I have found that a simple and 
reliable way to keep everything safe. It has 
been tested at 100 W continuously, for sev- 





Fig 8—Etching pattern for a 4x6 inch (finished size} PC board that provides the seven individual boards. 
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MOSFET Stage Simulation 


A simplified analysis of the second 
MOSFET stage is presented (Fig A) to 
iltustrate the effect of the resistive 
negative feedback of the 100-2 resis- 
tors and the 40-pF gateto-drain capaci- 
tance. The simulation diagram shows 
the voltagecontrolled current sources 
with a G,, of 6.0 S, which is assumed 
constant over frequency. The gate-to- 
source capacitance is 360 pF and the 
drain-to-source capacitance is 200 pF. 
These numbers are from the MRF150 
data sheets. 

The frequency plot (Fig B) obtained 
from the ARAL Radio Designer pro- 

ram shows the gain, MS21 (dB}, with 
flower trace) and without (middle 
trace} the 100-Q feedback resistors. 
The gain variation is reduced from 
about 6 dB to about 1.5 dB. In this sim- 
| plified model {good enough for this 
illustration}, the gain drop is caused by 
| the capacitors, especially the 40-pF 
Capacitor whose influence is greatly 
magnified by the Miller effect. If this 
40-pF capacitance is eliminated from 
the simulation, the frequency response 
yaniation—even without the feedback 
fesistors—is less than 1.0 dB, as seen 
on the upper trace. 

If the power output at 15 MHz is to 
be held constant, the turns ratio of the 
output transformer and the value of the 
feedback resistors can be manipulated 
to achieve that end. The simulation 
shows that a turns ratio of 1:,(2 anda 
resistor value of 120 £2 does this. The 

| FET load impedance is now 25 Q in- 
stead of 12.5 ©. The increased voltage 
gain makes the Miller effect greater 
and increases the gain variation (lower 
trace) to 2.3 dB. The drain-to-drain 
voltage is now 50 V instead of 35 V, 
and this results in higher drain effi- 
ciency for the MOSFETs, However, the 
push-pull 1:./2 -turns-ratio transmis- 
sion-line transformer is not as simple 
| asthe 1:2 that uses 25-Q coax, and for 
me, that was the determining factor. 


eral hours. The MOSFETswell separated on 
agood heat sink and with efficient airflow 
do not have a temperature-controlled gate- 
bias arrangement because I| did not find it 
Necessary at this power level. Because of 
the spread in threshold voltage of indi- 
vidual matched pairs, a one-time adjust- 
ment of gate bias is needed, The following 
simple procedure is used: 

*Replace R21 with a resistor decade 
box set at 750 11, 

* Place a 0-10 A meter in the +40-Y line. 

* With no signal input, switch on the 
amplifier and let the current reach its final 
value, which should reach about 1.5 A as 
the FETs warm up, 

»* Adjust the resistor value until DD is 
15 A. After each adjustment, allow time 
for the FETs to reach a steady current 
value. This final value is not critical, but 
should be within 10%. 

*Check the two-tone IMD at 100 W 


Fig A—A circuit used to analyze the PA output stage with ARD. 
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Fig B—The analysis results. 


PEP (50 W average) and make further small 
changes, if needed, to resemble the IMD 
patterns in Fig 2. 

In this amplifier, we are able to use the 
self-limiting feature of the MOSFET. This 
approach would not be appropriate in 
higher-power, higher-temperature amplifi- 
ers because of thermal runaway possibilities, 
where the decrease with temperature rise of 
the gate threshold voliage exceeds the de- 
crease of the de transconductance. !?-!5 [f fan 
reliability is a concern, add a thermal cutout 
switch to the +40-¥ line. 


Load Impedance 

Swept- and fixed-frequency tests at 
many signal levels and voltage valuesusing 
various values of parallel! conductance and 
capacitive/inductive susceptancedid not re- 
veal instability problems at SWR values less 
than 2:1, A tendency to oscillate in a pecu- 
liar manner occurred in the 20.0 to 29.7 MHz 
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Freq (MHz) 





range, but only with input signal applied (a 
driven oscillation) and certain values of 
drive level, supply voltages less than 30 V, 
SWR of 3:1 or more, and a certain range of 
shunt capacitance at the output of the ampli- 
fier itself or at the output of the 12/10 meter 
diplexer. The instability shows up as a 
Christmas tree pattern in which discrete, 
uniformly-spaced 2- to 4-MHz sidebands 
appear on the main carrier. It is due to a 
parametric effect! involving the voltage- 
variable capacitances of the MOSFET tran- 
sistors that is somehow enhanced by the 
shunt test capacitance. Shunt inductance did 
not produce the problem. The amplitude 
modulation of the carrier by the low-fre- 
quency oscillation is clearly visible on an 
oscilloscope. The Jow-frequency oscillation 
itself can be seen on a spectrum analyzer. Al 
SWR values less than 2:1 and drain voltages 
greater than 35 V (40 V is recommended), 
the safety margin is large. The 0.22-pH, 
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56-pF network at the output greatly assisted 
with this problem. A coax cable from the PA 
to the diplexer assembly that is a foot or less 
duplicates my test setup. Under these condi- 
tions, there is no stability problem on any 
band caused by load-impedance values that 
my testing could identify, Actually, a 
resistive load between 45 © and 55 22 is rec- 
ommended for best SSB linearity, as men- 
tioned previously. While driving a high- 
power linear amplifier to its rated two-tone 
SSB output, adjust its input impedance to 50 
Q resistive as closely as possible on each 
band, using a 50-Q directional wattmeter. A 
broadband (untuned) solid-state driver am- 
plifier such as this one requires such atten- 
tion to load value for best results as com- 
pared to pi-network vacuum-tube PAs that 
can transform a fairly wide range of com- 


Parts List 
C1—160 pF SM 


G2, 3,6, 7, 10-12, 14, 20-23—0.1 uF, 50-V CKO5 


C4, 8—0.0033 uF, 50-V CKOS 
G5, 90.047 wF, 50-V CKOS5 
C13, 25, 26, 28—1.0 uF, 35-V tantalum 


C15, 16, 18, 190.022 pF, 100-V CKOS 


C17—56 pF SM 

C24—0.1 pF, 100-V CKO5 
C27—470 uF, 35-V aluminum 
G29-—470 uF, 15-¥ aluminum 
DBi—1N4454A or equivalent 


plex load impedance values to the correct 
tube plate load resistance at resonance. 

It is difficult to achieve stability in a 
broadband, transistor power amplifier. 
Having done so, it is still wise to operate 
into the correct 50-@ load as closely as 
possible. The monitoring of forward and 
reflected power in Fig 9 is helpful for this 
and assures clean, stable and reliable op- 
eration. This circuitry will cut back the 
drive level to a value that protects the out- 
put stage from excessive drain current or 
gate drive. Incidentally, the first stage goes 
into saturation far below the level that 
would damage the MOSFETs. 


System Design 


Fig 9 suggests a system implementation 
of the amplifier. For the flattest frequency 


response of the complete system from 1.8 to 
29.7 MHz, the circuitry that drives this 
amplifier should also have a flat response 
and a 50-Q output resistance—both easy to 
achieve. If it is not perfectly flat or not ex- 
actly 50 92, it may be necessary to slightly 
adjust the drive level on each band, which is 
not difficult. As mentioned betore, the sec- 
ond-harmonic production of the circuitry 
preceding this amplifier must be of suffi- 
ciently Jow level (50 dBc) that balanced, 
push-pull operation is necessary. Narrow- 
band resonator filters are also very com- 
monly used for amateur-band harmonic re- 
duction in low-level exciter circuitry.!5!6 
The directional coupler detects exces- 
sive forward and reflected power. Both of 
these are displayed on a panel meter, The 
directional couplers forward port is also a 


R6, 7—12 Q, Va W, 5% tolerance 


R10—S1 ©, 2 W metal oxide 


R11—100 @, 2 W metal oxide 

Ri2, 16—51 2, 2 W metal oxide 

R13, 17—100 ©, 5 W metal oxide 

R14, 15, 18, 19, 26, 27—-562 2, va W metal film, 1% tolerance 
R20—215 , va W metal film 1% tolerance 

R21—767 ©, ve W metal film 1% tolerance, test selected 
R22—0.47 9, 5W wire-wound 

R23—4.7 @, Vs W 5% tolerance 

R24—5.6 kQ, Va W, 5% 


Li, 2—0.68 wH, T50-2 core, 10 turns #26 AWG 
L3—-0.80 WH, T50-2 core, 12 turns #26 AWG 
L4—BN-43-3312, 4'/2 turns #22 hookup wire 
L5, 8—2.7 wH molded 

LE6—0.22 WH, T50-2 core, 5 turns #26 

L7—2 FB-43-5621 cores, 1'/e turns #12 stranded 
Q1, 2—MRF426 matched pair 

Q3, 4—MRF150 matched pair 

Q5—2N3906 PNP 

Ri, 3—270 Q, '/s W, 5% tolerance 

R2—18 2, '/s W, 5% tolerance 

R4, 9-178 ©, Ya W metal film, 1% tolerance 
R5, 8—3.9 ©, '/. W, 5% tolerance 


R25—390 02, Vs W, 5% 

T1i—BN-43-202, 2'/2 turns #32 AWG, bifilar 

T2A, B—BN-43-202, 2'/e turns #32 AWG, bifilar 

T3A, B—BN-43-3312, 2'/2 turns 25-Q miniature coax* 
T4A, B—(2) FB-43-5621, 1'/2 turns 25-@ miniature coax” 
TS—(2)} FB-43-5621, 2'/2 turns 50-Q miniature coax 
U1—LM317 adjustable voltage regulator 


Notes 

*“Microdot D260-4ii8-0000 available from Communication Con- 
cepts, Inc. 

All cores are available from Amidon. 

Closely matched transistor pairs are from RF Parts (see Note 5). 
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Fig 9—-System implementation of the 100-W amplifier. 
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source of ALC voltage. These control volt- 
ages are fed back to the appropriate gain- 
controlled stages in the exciter. Gain 
control of the transistors in the 100-W am- 
plifier is not recommended because 
changes in base or gate bias will degrade 
amplifier linearity, [MD products and pos- 
sibly the flat frequency response. There are 
better ways to accomplish the gain-control 
task, such as preferably in a lowlevel IF 
amplifier. With respect to IMD, we are try- 
ing to control the odd-order curvature of 
the MOSFET transfer characteristic— 
especially for the higher-order products— 
by setting the gate-bias point. The bias 
value is found by looking at IMD on each 
amateur band and selecting the best com- 
promise value. This was discussed previ- 
ously in this article. 

The diplexer filters are linked to the 
other band-switch circuitry so that the cor- 
rect filter is always switched in. The TR 
relay is at the output of the diplexers. Do 
not hot-switch the diplexer filters because 
this might damage the inexpensive relays. 


Conclusion 


In conjunction with the power supply 
(see Note 1) and the diplexer filters (see 
Note 2), the amplifier described here is a 
basic module for homebrew equipment that 
should satisfy the requirements for a 100- 
W power level, a 1.8 to 29.7 MHz band- 
width and a high-quality signal. It should 
fun trouble-free for a very long time. The 
initial cost of the four transistors is about 
$180, but they will last indefinitely if cared 
for properly, The ones that I use were 
abused considerably during the experimen- 
tation and continue to work perfectly. The 


approach that I suggest is best implemented 
with diplexer filters and a preamplifier that 
has very low second-harmonic output and 
low IMDboth easy to get at +10 dBm. The 
payoff for me is excellent performance and 
reliability, once the design was completed. 

This project is suggested fer the 
homebrew enthusiast who has at least some 
part-time access to lab-quality test equip- 
ment, Others who do not care to build may 
find the article, together with numerous 
other sources, interesting background 
information regarding MOSFET power- 
amplifier design and test methods. 

Any attempt at building and testing this 
amplifier should also use the 40-V power 
supply in the referent of Note | or some- 
thing similar. The automatic current limit- 
ing at 8 A, the automatic reduction of drain 
voltage, the short-circuit limiting to 4 A 
and the manual control down to 24 V help 
to protect the MOSFETs from mishaps that 
are bound to occur. 


Notes 
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high_power/power_mosfets/mrt150.html. 
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a Motorola site—E&d.) 

®Dye and Granberg, pp 113-115. 
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Dye and Granberg, Chapter 12. 
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Dundee, IL 60118-9269; tel 847-836-9148 
(Voice mail), fax 647-836-9148 (same as 
voice mail}, tarcir@ais.net, http:/Avww.cl. 
ais.netvfarcir/. 
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cation Reports, AR313, p 424. 
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18 The ARAL Handbook (Newington, CT: 1995- 
2000 editions), ARAL Order No. 1832; pp 
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By Jim Valdes, WA1GPO From QST, June 2003 


The FARA HF Project 


Would you like an economical and relatively easy to 
build 30 W HF amplifier? For about $130 worth of 
parts you can give that QRP rig an extra 12 dB of 


Ov of the larger and more active radio 
clubs in the Cape Cod, Massachusetts 
area is the Falmouth Amateur Radio Asso- 
ciation (FARA). Some of its members are 
affectionately referred to as the “hackers’’— 
those who enjoy the construction phase of 
Amateur Radio. The renewed interest in 
low power (QRP) radios in the 2 to 5 W 
output range resulted in the desire for a 10 
to 12 dB gain RF linear amplifier produc- 
ing 30 to 40 W of oulput power. Commer- 
cial amplifiers capable of being driven with 
less than 50 W below 30 MHz are prohib- 
ited by FCC regulations.' As a radio ama- 
teur, you are permitted to construct one 
amplifier per year for your personal use. 
The amplifier described here is relatively 
easy to fabricate, given a basic knowledge 
of electronics and some familiarity with 
hand tools. This article describes in detail 
the construction of a ]2 dB, nominal 30 W 
output, 1.8 to 30 MHz RF power amplifier. 
It is intended for 12 to 14,7 V de operation, 
making it ideal for mobile use. 


Amplifier Description 


The design of the amplifier is based 
upon common engineering practices. Ideas 
gathered from researching the handbooks 
published by the ARRL and The Radio 
Society of Great Britain (RSGB), as well 
as articles published in OST and other jour- 
nals formed the basis of the design. This 
amplifier uses readily available compo- 
hents...many of the earlier designs were 
based on the Motorola MRF series of RF 
devices that are no longer available or are 
prohibitively expensive. 

The amplifier is housed ina 5 x 7 x 2 
inch aluminum box. It consists of two 
stacked circuit boards—an RF amplifier 
and a low-pass filter. The completed 
amplifier is shown in Figure 1. Figure 2 is 
the schematic diagram of the RF assembly 
together with the amplifier and low-pass 
filter parts list and Figure 3 is the low-pass 
filter schematic. The amplifier can be 
driven by 2 to 5 W at the RF input; an input 
attenuator consisting of RI, R2 and R3 
must be selected (as noted in Figure 2) to 
ensure the proper drive level (2 W) for the 
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muscle! 





Figure 1—The completed 30 W amplifier. The band switch takes care of output low- 
pass filter switching. 


push-pull (25C2312C device types) class 
AB amplifier stage. T] is wound on a small 
binocular core with a 4:1 ratio as detailed 
on the schematic. The low impedance sec- 
ondary is a single turn center tapped; it 
carries the bias voltage to the output tran- 
sistors, The bias voltage is derived from 
the LM317 regulator, which is operated as 
a switched current source. The LM317 is 
switched on when the internal PTT line is 
activated. Bias voltage is developed across 
the FES8J diode, which is in intimate ther- 
mal contact with the output transistors. The 
output transformer (T2) is also wound with 
a 4:1 ratio; it has a single-turn sense wind- 
ing. The single-turn feedback winding 
provides some degree of negative feedback 
to flatten the gain and stabilize the input 
impedance over the HF frequency range. 
The RC network in the input base circuit 
establishes the overall gain. The 6.8 W 
series resistors determine the gain below 
14 MHz, while the 4700 pF capacitors are 
effective above 14 MHz. 

Figure 4 shows the output power versus 
frequency characteristics of the amplifier, 


including the second and third harmonic 
response. All measurements were made 
with an IFR1600S Communications Ser- 
vice Monitor. In all cases, harmonics were 
greater than 40 dB down referenced to the 
fundamental frequency (-40 dBc), and the 
amplifier meets current FCC requirements 
for spectral purity.’ Note that the gain starts 
to decrease above 2] MHz, rolling off from 
a nominal 30 W to 20 W at 29 MHz. On 10 
meters this still represents 10 dB of gain, a 
worthwhile improvement. The de voltage 
to the output transistors is decoupled by the 
pi network at the center-tapped primary of 
the output transformer, T2, This winding 
carries substantial current and should be 
wound with #18 Teflon covered wire, Any 
IR drop in the dc circuit will severely de- 
grade the amplifier performance. TR 
switching is provided by relay K]. The PTT 
line can be operated manually (pulled to 
ground) or RF activated switching circuitry 
can be installed to eliminate the need for 
external keying controls. The value of C12 
(3.3 uF) determines the SSB time constant 
for the RF activated switch. 
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Filter 
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Mounted 
Components 


D8 
1N4004 


R13 
33k 


Dg 
Green 


C20 


wi 0.001 


Except as indicated, decimal values of capacitance 
are in microfarads (uF); others are in picofarads 
(pF); resistances are in ohms; k = 1,000. 


T1 Prim 2T, Sec 1T CT on BN - 43 - 303 Core 
T2 Prim 1T CT, Sec 2T, on T - 3/4 Core 

with 1T Sampling Loop. 

Wind with #24 Teflon Wire, T2 (sec) #18 Teflon 





Figure 2—The RF amplifier schematic and parts list. (M) denotes Mouser Electronics, 1000 N Main St, Mansfield, TX 76063; tel 
800-346-6873; www.mouser.com. (RF) denotes RF Paris Co, 435 § Pacific St, San Marcos, CA 92069; tel 800-737-2787; 
www.riparts.com. (A) denotes Amidon, Inc, 240 Briggs Ave, Costa Mesa, CA 92626; tel 800-898-1883; www.amidon- 
inductive.com. (F) denotes FAR Circuits, 18N640 Field Ct, Dundee, IL 60118; tel 847-836-9148; www.farcircuits.net. 


RF Amplifier Board 
Ci-10—0.01 uF capacitor, 

(M) 140-10025-1032Z. 
C1i—0.1 uF capacitor, 

(M) 80-CKO6BX 104K. 
C12--3.3 uF capacitor, 

(M) 80-C340C335M5U. 
C13—82 pF capacitor, 

{M) 5982-15-500V82. 
Ci4—150 pF capacitor, 

{M) 5982-15-500V150, 
C1S—200 pF capacitor, 

(M) 5982-15-500V200. 
Ci6, 17—4700 pF capacitor, 

(M) 140-50P5-472K-TB. 
C18-20—0.001 WF capacitor, 

(M) 140-10025-1022. 
Di-D4—1N914 diode, (M) 610-1N914. 
D5, D7, DB—1N4004 diode, (M) 583- 

1N4004. 
C6—-FES8JT diode, (M) 625-FES8JT. 
DS—LED, green, with mount, 

({M) 512-HLMP4719. 
DiO0Q—LED, red, with mount, 

(M) 512-HLMP4700., 


K1—Relay, 12 V dc coil, DPDT, 
(M) 551-MR-12USR. 
Q1, Q2—Transistor, switching, 2N2222, 
(M) 511-2N2222A, 
Q3, Q4— Transistor, RF, 25023126, (RF) 
28C2u12C. 
RAi-~-300 ©, 1 W, (M) 281-300. 
R2, RI—18 Q, 1 W, (M) 281-18. 
R4, RS5—6.8 , 14 W, (M) 30BJ250-6.8. 
R6, R7—18 Q, 14 W, (M} 30BJ250-18. 
R8, R9—120 2, 4 W, (M) 30BY250-120. 
R10—1.2 kQ, 4 W, (M) 30BJ250-1.2K. 
Ri1—10 kQ, 14 W, (M) 30BJ250-10K. 


R12-14—3.3 kQ, 14 W, (M) 30BJ250-3.3K. 


R1i5—1 kQ, potentiometer, 

(M) 531-PTC10H-1K. 
Ri6—27 QO, 1 W, (M) 281-27. 
R17—4,7 kQ, 4 W, (M) 30BJ250-4.7K, 
RFC1—RF choke, (RF} VK-200-3R. 
Ti—Transiormer core, (A) BN-43-303. 
T2—Transformer core, (AF) T-34 core. 
U1-—-IC, LM317T, (M) 512-LM317T. 
Misc 
2—TO-220 mounting kit, (M) 534-4724. 


HF/MF/VHF Amplifiers (1 to 54 MHz) 


2—TO-220 thermal insulator pad, 
(M) 526-NTETPO006. 
PC board, FARA RF amplifier, (F). 


Low-Pass Filter Board 
(see Figure 3 for component delineation) 
2—100 pF capacitor, 

(M) 5982-15-500V100. 
3—180 pF capacitor, 

(M) 5982-15-500V180. 
3—330 pF capacitor, 

{Mj 5982-15-500V330. 
2—430 pF capacitor, 

(M) 5982-15-500V430. 
1—560 pF capacitor, 

(M) 5982-15-500V560. 
3—820 pF capacitor, 

(M) 5982-15-500V820. 
3—1500 pF capacitor, 

(M) 5982-19-500V1500. 
1— 2700 pF capacitor, 

(M) 5982-19-500V2700. 
12—0.01 uF capacitor, 

{M) 140-100Z5-1022. 


[continued on next page] 
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{continuation of Figure 2] 


12—Relay, 12 V de coil, DPDT, 
(M) 655-T7NS5D1-12. 

1—Switch, 1 pole, 6 pos, 
(M) 10-Y¥XX026. 

HF Filter Kit, (A) HFFLT. Contains the 
cores and wire necessary to build the 
low-pass filters. 

PC board, FARA LP Filter, (F). 


Chassis Parts 
Chassis box, Bud, (M) 563-AC-402. 
Chassis cover, Bud, (M) 563-BPA-1589. 
Heat sink, (M) 532-244609B02. 
tre hex-type standoff, (M) 534- 

01 


9—4-40 x 4 pan head screw. 

4—4-40 x % pan head screw. 

6—4-40 flat washer. 

9—4-40 lock washer. 

2—4-49 nut. 

2—8-32 x 14 pan head screw. 

2—8-32 lock washer. 

2—BNC socket, chassis mount, 
{M) 161-9323. 

RCA-type socket, female, chassis 
mount, (M) 161-1005. 

Switch, toggle, SPDT, (M) 10TC320. 

Jones-type socket, chassis mount, male, 
2 pin, polarized, {M) 538-13023. 





The low-pass filter assembly utilizes 
relays to select the proper filter network for 
the various frequency ranges. Relays were 
chosen to simplify the RF switching and to 
minimize cost. The six filters cover the nine 
amateur bands from 1.8 to 30 MHz; the fre- 
quency ranges and circuit constants are as 
noted on the LPF schematic diagram. The 
inductor cores and wire to wind the coils 
are available as a kit of parts from Amidon,* 
The L/C constants are the same as those 
recommended by WA2EBY for the 
MOSFET RF amplifier in The ARRL Band- 
book.” The filters are not used when the 
amplifier is off or when the PTT line is not 
activated—this permits multi-band listen- 
ing and limited VHF use when a wide fre- 
quency transceiver is in use (like the Yaesu 
FT-817). There is no provision for ALC 
feedback, so caution must be exercised so 
as not to overdrive the amplifier. 


Construction Hints 


Although no step-by-step instructions 
are provided, a few hints will ease the 
assembly process. The circuit boards pic- 
tured are the prototype assemblies; they are 
not solder-plated. However, the available 
circuit boards (from FAR Circuits) are 
plated but do not have plated through- 
holes, so through-holes must be pinned and 
soldered.> Detailed drawings of the PC 
boards, the parts layout, coil-winding data 
and chassis templates can be found at 
www.arrl.org/files/qst-binaries/ 
faraamp.zip. Saul, KI BI, the FARA Web- 
master has also set up a site for the project. 
It can be found at www.falara.org/tektalk/ 
tektalkfs.html. The circuit boards as they 
appear before wiring can be seen in 
Figure 5. 


Figure 3—The low pass filter (LPF) 
schematic, 
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40 (C) 


Bandswitch 80 (B) 


160 (A) 


Cores T - 50 - X Amidon 

L In number of turns (#22) 
C in pF 

Band (E) Shown Selected, 
K3, K4 Energized. 


40 (D) 


20/17 (E) 


15120 (F) 


160 (A) 


Filter 
Out 


2047 (E} 


45/12/10 (F) 


Band Cs 
160 (A) 1500 
80 (B) 820 
40 (C) 430 
30 {D) 330 
20 - 17 (E) 180 
15-10 (F) 100 





Circuit Board Preparation 

* Given the large ground plane area, the 
boards must be clean or you will experience 
difficulty when soldering to the foil. Plated 
boards are best; they are easier to. solder. 
Some solder flux may improve the solder- 
ability of the board, but be sare to use onty 
rosin core solder and a non-corrosive flux. 

* Carefully inspect all soldered connec- 
tions for cold solder joints. Good soldering 
technique is crucial 10 the performance of 
the amplifier. 

® Periodically, the flux should be re- 
moved from the board during the construc- 
ion phase with a suitable chemical cleaner, 


Test Setup 


IFR - 1600S 
Service Monitor 


13.5 V de 
Power Supply 


Amplifier 


* There are a number of holes to be 
drilled and pinned on each board; these are 
noted on the parts placements diagrams. 
Wires should be inserted through the 
board, bent into the shape of a “Z,” formed 
flat against the board, soldered and cut. 

* The four corner holes on each board 
must be sized as a clearance hole for the 4- 
40 mounting hardware. 

« Components should be mounted flush 
to the board—fixed capacitors should be 
mounted as close to the foil as possible. 

¢ The large rectangular blocks on the RF 
board must be trimmed in order to mount 
the RF output transistors and the bias diode. 


12.0 V de 
Power Supply 


FT - 817, Power Oulout = 4.6 Watts + .2 W (with -3 dB Pad) 


FARA Amplifier Output Characteristics 


Frequency (MHz) RF Output (vv) 


1.8 23 
3.6 33 
72 33 
10.1 28 
14.2 31 
18.1 31 
21.2 30 
24.9 25 
28.4 21 


énd Harmonic (dB} 


3rd Harmonic (dB) 
-44 -43 
-55 -63 
-60 ~50 
-62 ~4§ 
-60 -5C 
-60 ~52 
-50 -47 
-60 -§3 
-60 -56 





Figure 4—Amuplifier output data, including second and third harmonic response. 





| igure 5—The circuit boards before wiring. The RF board is on the Jeft and ihe LPF 
‘board is to the right. Note the pinned and soldered holes. 





RF Amplifier Circuit Board 


A view of the completed RF board can 
be seen in Figure 6, The Following sugges- 
tions pertain to the amplifier board. 

¢ Wind the secondary winding on T2 
and mount it to the circuit board first. 

e The emitters of the 28C2312s (Q3, 
Q4) are intended to be grounded through a 
hole on the pad. The following modifica- 
tion is advised—bend a thin brass or cop- 
per strap into a “U" shape and solder it on 
both sides of the board. This lowers the im- 
pedance to ground. 

« Next, mount the smaller fixed compo- 
nents, the resistors and capacitors, 

®The semiconductors and the relay 
mount last. 

* Do not mount D6, Q3 and O4 until the 
assembly is fixed in the chassis and posi- 
tioned relative to the heat sink. 


Low-Pass Filter Circuit Board 


This is a double-sided board; the reverse 
side is a ground plane with clearance etches 
for the various components. The LPF board 
can be seen in Figure 7. It may be necessary 
to form the capacitor leads slightly to con- 
form to the hole spacing. 

¢ Mount the filter components first, fol- 
lowed by the bypass capacitors and the 
jumper wires. Refer to the schematic for 
component values by frequency range. 

® The relays mount last. Do not over- 
heat their mounting pins when soldering. 

« Do not mount the LPF assembly until 
the initial tune-up is completed. It is rec- 
ommended that you pre-wire the band 
switch, It mounts between the two circuit 
boards when they are instulled in the chas- 


Figure 6é—The completed AF assembly 
board. 
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Figure 7—The completed LPF board. Note 
the relays that are used as filter switches— 
they are selected by the band switch, 


sis and it is difficult to get to. 


Chassis, Panel and Heat Sink 

Full size templates for the chassis and 
panel can be found on the Web site. Trim 
the templates to size and fold and tape them 
to the aluminum box and heat sink. It is 
important to center punch the holes and 
drill a small pilot hole at each location, 
Enlarge the holes to size according to the 
dimensions, Letter the panel with dry trans- 
fer lettering available at office supply 
stores. Spray on several light coats of clear 
lacquer to protect the lettering. Mount the 
heat sink and the panel components, but do 
not mount the bandswitch at this time. 
Mount the RF amplifier board using a 
couple of 4-40 flat washers as spacers be- 
tween the chassis and the circuit board at 
each corner, Install the 4-40 standoffs to 
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hold the assembly in place. Mount D6, Q3 
and Q4, using the TO-220 thermal pads and 
hardware to isolate the transistor mounting 
tab from the chassis. It is not necessary to 
isolate D6. Use RG-174 miniature coaxial 
cable for the internal RF connections. 


Tune-up and Testing : 

As this is a broadband design there is no 
tune-up; only the bias adjustment needs to 
be set. A 12 to 14 V de current limited vari- 
able supply is recommended for initial ad- 
justment and testing. Use a dummy load at 
the amplifier output. Drive levels refer to 
the attenuator output, if used. 

* Connect a temporary jumper between 
the F,, and F,,,, pads on the RF board, 

® Preset R15 (1 k© potentiometer) so 
that the wiper is at ground. 

* Apply 12 V de and ground the PTT 
line (the relay should pull in). 

¢ Briefly drive the input with | W at 14 
MHz and note the power output. 

* Again apply 1 W and increase bias 
(R15) until the output increases about 13%. 

* Increase drive to 2 W and note the 
power output (about 25 W), 

* Increase voltage to 14.7 V de; note the 
output with 2 W of drive (about 35 W). 


Remove power; remove the temporary 
jumper; mount the band switch; connect 
and install the LPF board. Verify that the 
power output over the range of 1.8 to 29 
MHz is as expected. A view inside the bot- 
tom of the amplifier, with the LPF board 
visible, is shown in Figure 8. 


Final Comments 

The FCC has placed strict limitations 
on power amplifiers used below 30 MHz. 
Please review the appropriate FCC regula- 
tions before constructing this amplifier. 
Kits offered for sale, even partial amplifier 
kits that require additional parts, are pro- 
hibited by current FCC regulations.’ 

Construction time, assuming that all the 
components are on hand and the boards are 
properly prepared, is about 4 hours. SSB 
operation results in the heat sink barely 
getting warm, and cooling under key-down 





Figure 8—A bottom view inside the 
completed amplifier. The LPF board is 
mounted below the RF assembly. 


conditions is more than adequate. 

A project of this scope is more fun when 
others participate. Harry, W2RKB, pro- 
vided the necessary prodding to get it 
started. He also fabricated the circuit 
boards and the filter assemblies for the pro- 
totype amplifiers. Dave Hosom assisted 
with the photographs. A generous thank 
you is extended to them both. Give the 
FARA amplifier a try... it’s a practical and 
rewarding project! 


Notes 

'Federal Communications Gammission, Sec 
97.315. 

2Saa Note 1. 

%Amidon Associates, Inc, 240 Briggs Ave, 
Gosta Mesa, CA 92626; 800-898-1983; 
www_amidon-inductive.com. 

4The 2003 ARRL Handbook, pp 17.91-17.97. 

SFAR Circuits, 18N640 Field Court, Dundee, IL 
—e tel 847-836-9148; www.farcircuits. 
net. 

®Federal Communications Commission, Sec 
97.3 (19). 

See Note 6. 


By Pat Bunn, N4LTA From QST, October 1990 


A Compact “Brick” for 


6 Meters 


ost transceivers available for the 6- 

meter band provide 10 W output. This 
power level provides satisfactory commu- 
nications during good sporadic-E open- 
ings, but is not adequate for making 
long-haul contacts on meteor scatter or 
during F-layer openings. For the average 
station, an output level of 100 W seems to 
be a reasonable compromise between a 
10-W exciter and a kilowatt amplifier. 
Unfortunately, 50-MHz amplifiers in this 
power class are not readily available. 

I began operating on the 6-meter band a 
few years ago, near the lowest point in sun- 
spot cycle 21. Sporadic E kept my interest 
high, and soon it became evident that J 
needed an amplifier. Being a builder at heart, 
decided to “roll my own” and began to 
search the Amateur Radio literature for de- 
Sign examples. I found very few solid-state 
amplifiers, and only one in the 100-W class.! 

I built the amplifier as specified, and I 
got good results. My 6-meter effectiveness 
made a quantum leap! One highlight was 
working Europe with a | 2-foot-boom Yagi. 
The amplifier performed so well that sev- 
eral of my friends asked me to build them 
duplicates of it. With each revision, I tried 
to add design innovations, including on- 
board TR relays, a carrier-operated-relay 
(COR) circuit and transistor biasing, as 
well as low-pass filtering and more com- 
pact packaging. The product of these 
efforts is described in this article. At least 
25 of these units have been constructed and 
are now in use. Several of these amplifiers 
have been used on DXpeditions, in beacon 
service, and as drivers for kilowatt-class 
amplifiers, and results have been excellent. 

If you are looking for a low-cost L00-W 
amplifier, this proven design would make 
anice addition to your 6-meter station, This 
circuit can also be adapted for use with an 
MRFI40 FET, which produces over 160 
W output with less than 10 W drive. See the 
sidebar for more details. 


Does your six-meter signal need some extra kick? 
This inexpensive amplifier bridges the gap from 10 


to 100 watts. 





Circuit Highlights 

The amplifier circuit, shown in Fig 1, is 
a single-stage, 10-dB-gain, class-B design 
using the popular Motorola MRF492 tran- 
sistor. The RF circuitry is based on a test 
circuit in Motorola’s RF Device Data 
book.* Input and output impedance match- 
ing is done with low-Q lumped circuits 
rather than with broadband transformers. 
The amplifier’s bandwidth is about 1,5 
MHz, which covers the DX portion of the 
6-meter band with plenty to spare. And, the 
output network has a secondary dip at about 
53 MHz, allowing CW/SSB work and FM 
operation without the need to retune the 
amplifier. The narrowband nature of the 
matching networks helps reduce harmon- 
ics, A half-wave low-pass filter in the 
output circuit further reduces harmonic 
content to meet current FCC specifications 
(see Fig 2). 

The COR circuit is based on a high-gain 


operational amplifier that provides the sen- 
sitivity required for SSB operation. This 
circuit is much more effective than the 
Darlington-transistor COR circuits found 
in most commercial amplifiers. It works 
well with low-power SSB rigs that do not 
have easily accessible PTT lines, although 
a separate PTT input is also included. 
The amplifier PC board? is mounted in 
a die-cast aluminum box (Hammond 
1590R, Bud CU-247 or Jameco® part no. 
B5006) with an extruded-aluminum heat 
sink bolted to the bottom. (I used a 6-inch 
length of Wakefield no. 1527 heat sink. 
Any aluminum heat sink with similar 
dimensions should work fine.) The com- 
pleted amplifier is operated inverted, with 
the removable lid serving as the bottom. 
The enclosure is painted flat black and 
labeled with white rub-on lettering. Stick- 
on rubber feet are attached at the corners of 
the bottom cover. The finished product 
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Fig 1—Schematic of the 100-W 6-meter amplifier. Liberal use of bypass capacitors and ferrite beads helps ensure stability and keeps 


RF out of the power supply. 


C1—10 pF, ceramic disc. 

C2—0.01 uF, polyester film. 

C3, C10—0.001 uF, ceramic disc. 

C4, C6, C8, C9, C15-C19—-0.1 LF, 
polyester film. 

C5—9- to 180-pF mica compression 
trimmer, Arco no. 463. 

C7-—-1000 uF, 6.3 V, aluminum 
electrolytic. 

Cli —126 pF, 100 V, silver mica. 

C12, C22—62 pF, 100 V, silver mica. 

C13, C14, C20—50- to 380-pF mica 
compression trimmer, Arco no. 465. 

C21—25- to 280-pF mica compression 
trimmer, Arco no, 464. 

D1—1N4002. 

D2—1N1200 stud-mount diode. 

03, DA—1N4148. 

BSt—Green LED. 

DS2—Red LED. 


looks professional, and also does a good 
job of cooling the power transistor and bias 
diode. 


Construction 

The amplifier is assembled on a double- 
sided printed circuit board, All RF compo- 
nents are surface-mounted on the component 
side of the PC board (see Fig 3). The COR 
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FB1, FB3—Ferrite bead, Amidon no. 
FB43-901 or similar. 

FB2—VK-200 wide-band choke, 212 turns 
no. 24 solid wire on Amidon no. 

FB43-5111 ferrite core. 

J1, J2—Female AF connector (UHF, BNC, 
N, ete). 

J8—Phono jack. 

K1, K2—SPDT relay, 12-V de coil, Omron 
no, G5L112P-PS-DC1 2. Available from 
Digi-Key. 

Li, L2—4 turns no. 14 enam wire, 7/1 in. 
diam, */s in. long. 

L3—? turns no. 14 enam wire, %e in. diam, 
‘fz in, long. 

L4—no. 14 U-shaped wire loop, °/e in. 
diam, */:s in. finished length. 

Q1—MRF492, 

Q2—2N2222A. 


components, including the relays, connect 
to traces on the other side of the board. The 
remaining non-component-side foil serves 
as a ground plane, and is electrically con- 
nected to the component-side ground plane 
via platedthrough holes. If you make your 
own PC board, you can replace these plated- 
through holes with no. 18 AWG wires 
soldered to both sides of the board, or, pref- 


Ri—5-W bias resistor (see text). 
R2—10 22, Ye W, carbon comp. 

R3, R5—10 kQ, '/4 W, carbon comp. 
R4—1 MQ, Vs W, carbon comp. 
R6—100-kQ PC-board potentiometer. 
R7-R9—1 kQ, '/4 W, carbon comp. 
$1i—DPDT miniature toggle. 
$2—SPST miniature toggle. 
U1—LM358. 


Miscellaneous 

Suitable die-cast-aluminum enclosure and 
heat sink. 

Pair of binding posts or other suitable dc- 
supply connector. 

Two 1- x 3-in, strips of double-sided foam 
tape. 

Two LED holders. 

Seven no, 4-40 x '/a in. machine screws. 


erably, copper rivets such as those available 
from Frontier Microwave and Down East 
Microwave.? The relays also mount in 
plated-through holes. The PC-board pat- 
terns and part-placement overlay are avail- 
able from the ARRL Technical Department 
Secretary.° 

Drill the case for the switches, connec- 
tors and indicators you'll use. Begin PC- 








Fig 2—Worst-case spectral display of the 
100-W 6-meter amplifier. Vertical divisions 
are each 10 dB; horizontal divisions are 
gach 10 MHz. Output power was approxi- 
mately 100 W at 50.2 MHz. All harmonics 
and spurious emissions are at least 60 dB 
below peak fundamental output when the 
amplifier is tuned as described in the text. 
The 100-W amplifier complies with current 
FCC specifications for spectral purity for 
equipment in this power-cutput class and 
frequency range. Better spectral purity can 
be obtained by using an external output 
filter {see the referent of note 1 fora 
suitable filter circuit). 


board construction by mounting the parts 
that are soldered to traces on the other side 
of the board, This includes the COR parts 
and relays, the RG-174 jumper, and diode 
DI. Make sure that the diodes and Q? are 
properly oriented. 

The solder-side parts are surface- 
mounted. Keep lead lengths to a minimum 
{no more than ‘/a inch) on these parts. The 





Fig 3—This inside view of the 100-W am 


sm sets oS “3 a 
plifier shows the circuit’s simplicity. Qn the PC 


bypass capacitors should have the shortest 
possible leads, and should be surface- 
mounted on the PC board. 

Wind the coils using '/a- and */s-inch 
drill bits as temporary forms. Cut the coil 
leads to '/s inch, bend them 90°, scrape the 
insulation off the ends and solder the coils 
to the board. Some of the coils may need to 
be compressed or spread during tune-up to 
get maximum output power, so allow for 
this when mounting them. Use Fig 3 as a 
guide. Mount the mica trimmers by bend- 
ing the solder tabs parallel to the board and 
surface-mounting them. (Some trimmers 
have extra tabs that may short to the PC 
board: I cut these off with side cutters Io 
eliminate this risk.) When surface-mount- 
ing the larger components, a high-wattage 
soldering gun is useful, but be careful: The 
traces may separate from the PC board if 
excessive heat is used. 

When the PC board is complete, tempo- 
rarily place the MRF492 in its mounting 
hole in the PC board, making sure to orient 
the transistor properly (the beveled jead is 
the collector). Place the PC board inside 
the box assembly. Carefully mark the tran- 
sistor-mounting holes and the single PC- 
board mounting hole on the enclosure, 
through the PC board. Remove the PC 
board from the case, then drill and tap these 
holes for no, 4-40 hardware. Mark and drill 
the heat sink using the enclosure as a guide. 

Drill and tap four more no. 4-40 holes, 
near the corners of the case, through the 
ease and into the heat sink. Apply heat- 
sink compound between the die-cast box 





board, counterclockwise from upper left: the COR circuit; input-matching and bias 
networks, switches and indicators (lower left); MRF492 (lower center); collector choke 
and output network (lower right), Thé TA relays and connectors are at the upper center, 
and bias resistor R1 is just to the left of center. 





and the heat sink, then use no. 4-40 screws 
in these holes to secure the heat sink to the 
case. 

Place the PC board into the case/heat- 
sink assembly again, and mark the location 
of the stud-mounted bias diode. Remove 
the board and drill and tap a */4-inch-deep 
no. 10-32 hole in the case/heat-sink assem- 
bly. The diode’s threaded stud is more than 
4s inch long, and should be carefully cut off 
(with a hacksaw} to 4/16 inch. 

The rear of the PC board must be insu- 
lated from the box assembly, because many 
of the COR-circuit traces on the under- 
side of the board are not at ground poten- 
tial. I use '/s-inch-thick double-sided foam 
tape to cover the solder-side traces and to 
support the board away from the case. 
Make sure the component leads are cut off 
closely at the rear of the PC board so that 
they don’t punch through the foam tape and 
short to the box assembly. Mount the board 
Inside the case, then screw the bias diode 
snugly into its mounting hole in the case/ 
heat sink assembly. 

Solder the MRF492 onto the board as 
the last step, affer the transistor case has 
been mounted in the board and screwed 
into place. (This eliminates the possibility 
of cracking and ruining the $15 device!) 
Be sure to use a liberal amount of silicone 
heat-sink compound between the transis- 
tor and the box. 

Mount the front-panel LEDs, switches 
and the RF connectors of your choice to the 
box. Any suitable RF connectors can be 
used. The connectors are wired to the PC 
board with no. [8 tinned bus-wire jumpers. 
Make these as short as possible. I used no. 
24 insulated hookup wire to connect the 
switches and LEDs to the PC board. Fi- 
nally, mount the de-power binding posts to 
the rear panel. These are wired to the PC 
board with no. 18 bus wire run through 
FT-43-801 ferrite beads. 


Initial Testing 


After the switches, LEDs and connec- 
tors have been wired, carefully check all 
connections. Make certain that the jumper 
from the PC board to bias diode D? is con- 
nected! If all looks good, connect the 
amplifier to a 13.8-V power supply capable 
of sourcing | A, (If you have one, a small, 
current-limited power supply is best for 
testing.) If your power supply does not have 
reliable current metering, a meter capable 
of measuring 0-500 mA should be placed in 
series with the positive supply lead. 

With the amplifier turned off, turn on 
the power supply, The meter should indi- 
cate 0. Turn on the amplifier and note 
the total indicated current. It should be 
between 50 and 300 mA. If it is much 
greater than 300 mA, quickly turn off the 
power supply and look for problems. 

If the current is within these limits, you 
can go about setting the operating bias. 
This involves changing the value of RI 
until the collector current is between 75 
and 175 mA. Note that this is not total 
circuit current, which includes the diode 
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Using a MOSFET to Get More Power from the Basic MRF492 Amplifier 


Circuit 


The MRF492 amplifier circuit described in the main text is easily modified 
for use with an MRF140 VMOS power FET, which has about 15 dB gain and over 
160 W output—substantially more than the MRF492. Even the device cases are the 
same, so the changes required to operate this circuit with an MRF140 are quite 
straightforward. Specific details of the modifications required, including a schematic 
diagram, are available from the author for an SASE. 

The main differences between the devices are that the MRF140, a MOSFET, 
needs different biasing and a higher supply potential (28 V) than the MRF492, and 
is more expensive ($88 versus $15 for the MRF482, at this writing). But if you have 
a 28-V supply and need more than 100 W or have a 5-W exciter, the change is 
probably worthwhile. The MRF140 is easily biased with a three-terminal regulator 
(an LM317T works well), and requires very few component changes other than 
those in the bias circuit. An additional capacitor and inductor are also required at the 


MRF140's gate. 


Because the modified amplifier requires a 24- to 28-V supply, different TR relays 
must be used, or, alternatively, 12-V-coil relays can be wired in series. (The COR 
circuit needs no modification because the LM358 works fine at 28 V.) 

Good heat sinking is more critical to amplifier performance at the higher power 
level, so | used a 3- x 5- inch slab of '/e-inch-thick copper between the device and 
the case as a heat spreader. A larger heat sink and/or forced-air cooling are also 


desirable.—N4LTA 


current and POWER LED current. The best 
way lo measure collector current is to lift 
FB3 and insert a milliammeter in series 
with the collector-supply lead at that loca- 
tion. An alternative method is to use the 
foliowing equation to approximate collec- 
tor current: 


Te = lrorat — (Vai + RI) + 
[Vee — 1] = 1000)] 


where 
1. = collector current in milliamperes 
Vp\= measured voltage across R1 
Veco = measured supply voltage 


This equation lets you calculate collec- 
tor current by subtracting the current 
through RI (Vg, + R,) and the current 
through the POWER LED ([Vcc — 1) + 
1000) trom the total supply current, 

Using either method, substitute differ- 
ent resistors at RJ until the collector cur- 
rent falls into the 75- to [75-mA range. In 
almost every case, a 5-W resistor of 82, 91, 
106, 116, 120 or 136 Q will bring the cur- 
rent into that region. (I have never had to 
substitute more than three resistors to ar- 
rive in this bias-current range.) These 5-W 
resistors can be purchased for less than 
$0.40 each, so, although a 200-Q, 5-W 
wite-wound potentiometer could be used 
for RJ, all six resistors can be purchased 
for far less. And, these days, high-wattage 
potentiometers are hard to find. 


Tune-Up 

When the bias current has been set, the 
amplifier can be initially tuned. For this 
procedure, the amplifier should be con- 
nected to a power supply capable of deliv- 
ering at least 15 A at 13.8 V. A power meter 
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capable of indicating at least 100 W at 50 
MHz should be connected at the amplifier 
output, and the meters output to a 50-Q 
load. It is also desirable to measure input 
power from the exciter, as well as ampli- 
fier-input SWR, but these can be measured 
after initial tune-up if two meters aren’t 
available. 

Set the input-circuit trimmers (CS and 
C14) near midrange. Because the output 
circuit can be tuned several ways for the 
proper impedance transformation, it’s im- 
portant to preliminarily adjust the output 
circuit by compressing C13 all the way, 
then backing off one full turn, before be- 
ginning tune-up. Do the same for C21, then 
back C20 out almost all the way. Turn on 
the amplifier and apply about 2 W drive. 
The COR should sense the input RF and 
switch immediately into transmit, Using a 
nonmetallic tool, tune the two input-circuit 
trimmers for maximum power output, then 
tune the three output trimmers (C13, C20 
and C21) for peak output. These adjust- 
ments interact, so continue tweaking for 
maximum power, 

During tuning, pay attention to the tem- 
peratures of these variable capacitors. If 
heating is noticeable (especially in C13), 
reset these capacitors and start again. Limit 
key-down periods to 10 seconds, and allow 
for cooling in between. Increase drive to 
about 9 W, Output should be 95 to 105 W, 
and the output-tuning capacitors should 
be cool to the touch just after RF drive is 
removed. 

Input SWR should be less than 1.2:1. If 
not, adjust the input-circuit trimmers for 
the best compromise between low input 
SWR and maximum power output. The 
amplifier is now ready for operation. Some 
MRF492s seem to be “hotter” (exhibit 


more gain) than others; I have seen some 
devices produce 113 W easily and others 
strain to put out 95 W. On the air, the dif- 
ference is so slight that it can’t be detected. 
For best IMD performance, I recommend 
running the amplifier at about 85 W output 
on SSB. 


FM Operation 


This amplifier also works well on FM, 
but the power cutput should be limited to 
about 75 W because of FM’s more demand- 
ing duty cycle. As mentioned earlier, the 
amplifier’s bandwidth characteristic is 
double-humped; if it’s tuned up at 50.1 
MHz, the second hump falls in the 53-MHz 
area, allowing for SSB and FM operation 
without retuning. 

If the amplifier is to be used for beacon, 
CW or FM operation exclusively, I suggest 
you configure it for class-C operation. 
Efficiency in class-C operation is in the 
72% range, versus 60% for class B. To con- 
figure the amplifier for class-C use, con- 
nect the inductor using FB2 (the multi-hole 
ferrite bead) from Q1’s base to ground, and 
eliminate all of the other bias components, 
including D2. If you like, you can add a 
panel switch to change between class-C 
and class-B operation. 

The amplifier should never be operated 
class C on SSB. Doing s0 results in severe 
distortion, 


Conclusion 

I hope that you enjoy building this 
project, and will be motivated to try 30- 
MHz operation. As I write this, Japanese 
stations are being worked on the East 
Coast, and all continents are frequently 
heard. In the years to come, the regular 
occurrences of sporadic-E openings and 
meteor scatter will help fill the nulls be- 
tween F-layer openings. Hurry and get in 
on the excitement on the “Magic Band”! 


Notes 

17. Tammaru, “A Solid-State 6-Meter Linear 
Amplifier You Can Build," OST, May 1982, pp 
11-14. This circuit was based on an MRF492 
test circuit in Motorola’s AF Device Daia 
book. 

#Motorola AF Device Data, Fourth edition 
(Motorola Inc: 1986), pp 3-552 through 3-555. 

3A set of PC-beard parts, including a high-qual- 
ity PC board with plated-through holes, is 
available from the author for $100 (UPS de- 
livery included). Switches, LEDs, enclosure, 
terminals, heat sink and connectors are not 
included. The PC board alone is available for 
$17 postpaid, and a black ancdized-alumi- 
num heat sink is available separately for $12 
postpaid. (The ARRL and QSTin no way war- 
rant this offer.) 

4Frontier Microwave, AD 1, Box 467, Ottsville, 
PA 18942, evening tel 215-795-2648; Down 
East Microwave, RR 1, Box 2310, Troy, ME 
04997, tel 207-948-3741. 

5$end a business-size SAE with return poslage 
for 1 ounce with your request. Specify the 
information package for the 6-meter linear 
amplifier from October 1990 QST. This pack- 
age includes full-size etching patterns for the 
front and rear sides of the amplitier PC board 
and a part-placement overlay. 





By Richard Frey, K4xU 


From QEX, May 1999 


A 300-W MOSFET Linear 
Amplifier for 50 MHz 


Everyone is looking to go QRO on 6 meters. 
Build this “almost a brick” to boost your signals 


Jnanearlier article, | described a 50 MHz, 

{25 V, 250 W, class-C amplifier using 
ARF448AJB highveltage MOSFET de- 
vices.' This paper describes an improved 
“version of an amplifier that is capable of 
¢tlass-AB linear operation. The design 
‘changes required and the procedures 
involved are explained and demonstrated. 

omplete descriptions of the amplifier and 
its construction are presented, as well as 
the measured performance. 

High-voltage, high-power MOSFETs 

have been shown to be very capable RF 
pewer amplifiers. The metal-gate archi- 
leclure of the ARF series from Advanced 
Power Technology has raised the fre- 
quency limits for this type of device to 
100 MHz. The APT448A/B is typical of 
the series. It has a 68,000square-mil die 
with a breakdown voltage rating, BV,,, of 
450 V, The device is provided in the inex- 
pensive TO-247 plastic package, and is 
‘available in common-source symmetric 
pairs. Like all MOSFETs, the gate thresh- 
old voltage, V,,, has a negative tempera- 
ture coefficient. This makes operation as a 
linear amplifier difficult or impossible 
without compensation. 

When forward biased with a constant 
gate voltage, the quiescent drain current 
mises as the temperature of the die increases. 
Operating at the typical drain voltage for 
these parts, about one third of the rated 
BY,.., the power dissipation caused by the 
increasing ‘dq results in “hot spotting” and 

bsequent thermal runaway. This is an 
instable system. The dissipation increases 

w rapidly that the outside surface of the 
fase does not follow internal junction 

mperature well. As a result, a bias-com- 

sation scheme that uses temperature 
eising cannot keep up with the V,, shift, 
ind the device is destroyed. 

The power dissipation within the die is a 
firect function of the operating voltage. By 
OWering the operating voltage, the thermal 


from 15 to 300 W. 


Joop gain can be reduced to a point where 
the gateihreshold shift can be compensated. 
Thermal stability can be achieved by sens- 
ing the case temperature. Linear operation 
thus becomes practical at [00 V and below. 
While this is less than 25% of the rated BY j., 
and produces less gain, a very rugged and 
useful linear amplifier is the result. 


Amplifier Description 


The following were the design goals for 

the amplifier: 

* Frequency range 50 to 51 MHz 

¢ Input SWR < 1.5:1 

* Gain> [3dB 

* Qutput power 300 W PEP or CW 
¢ Efficiency> 50% 

* IMD3 > 25 dB below PEP 

A push-pull topology was chosen for 
best output power and minimum harmonic 
content. The previously reported class-C 
design used V4 = 125 ¥. Since this is too 
high for reliable class-AB operation, 80 V 
was eventually chosen for this design, This 
is a compromise between gain, efficiency 
and thermal! stability. 

Since the gate input impedance is very 
low, it magnifies the effects of any stray 
inductance in the gate matching circuit. In 
a push-pull design, it is critical to maintain 
absolute symmetry between the two sides. 
This fact was demonstrated during the ini- 
tial design work. One preliminary design 
had a slight asymmetry in the PCB artwork. 
The amplifier exhibited low efficiency, hot 
ferrite in the output transformer balun and 
poor distortion characteristics with asym- 
inetrical IMD product amplitudes. This 
clearly demonstrates the benefit of sym- 
metrically packaged devices. 

A multiple-aperture ferrite bead was 
chosen for the input transformer. Brass tub- 
ing was used for the secondary, and the pri- 
mary was wound inside the brass tubes to 
provide a very broadband balanced trans- 
former design with minimum leakage reac- 


tance. Several cores and construction 
methods were cyaluated, and this well- 
tried design proved best. 

The typical HF push-pull amplifier 
employs a bifilar choke to decouple the 
drain-voitage feed. As frequeney and 
power increase, this feed method becomes 
less practical because the need to reduce 
the number of windings to offset the stray 
capacity and the need te prevent core satu- 
ration conflict. In this design, a powdered- 
iron toreid was chosen for the feed choke 
core. This proved far superior to any of the 
ferrite cores evaluated. It is inexpensive 
and easy to reproduce. 


Design 

Three main areas must be addressed. 
The input matching must provide a bal- 
anced feed to a pair of low-impedance 
gates. The output must be matched to a 
suitable load impedance, and then trans- 
formed to a $0-Q unbalanced load. The bias 
must be thermally compensated to track the 
negative temperature coefficient of the 
gate bias threshold. 

The input is reasonably straightforward. 
Each gate input is 0.2 +/0.5, as estimated 
from the data sheet. The push-pull topol- 
ogy puts these two impedances in series, 
which makes the matching less difficult. A 
Smith Chart? program makes the actual 
design easy. The program used here is 
WinSmith4 The two gate impedances are 
added in series, and a network synthesized 
to transform the resulting impedance up to 
50 Q. The Smith Chart program only works 
with single-ended circuits, so the center tap 
was added later, See Fig 1. 

The input-transformer design was cho- 
sen for its simplicity and relative ease of 
construction. Of several attempts using 
different material permeabilities, multiple 
beads and different conductor types, this 
proved to be the best and most consistent 


performer. The core is a Pair-Rite> “multi- 
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Fig 3—50 MHz amplifier schematic diagram. 
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aperture” core, part number 2843010402, 
The type-43 material has a 1, of 850. At 30 
MHz, type-61 material {u, of 125) would 
also be satisfactory. This transformer is 
essential to provide balanced drive to the 
gates of the MOSFETs. The secondary 
winding is */is-inch brass tubing. Copper 
shim stock forms the connections to the 
brass tubing at each end of the transformer 
secondary, The two-turn primary is wound 
inside the tubing. This construction pro- 
vides a very reproducible transformer with 
minimum leakage reactance and a very 
broad frequency response. It would be a 
suitable input transformer for a broadband 
amplifier covering 1 to 100 MHz. 

The leakage reactance of the input trans- 
former—referred to the secondary—is 
about 18 nH and is represented as Li on the 
simplified input schematic in Fig 1, The 
gate load is represented by the “Load R,” 
L2 and C3. Using all three parts of the gate 
impedance allows proper evaluation of the 
network bandwidth. A pi network consist- 
ing of C1, TL! and C2 is used to step-up the 
gate load to the 12.5 & needed by the trans- 
former and compensztes for TI's leakage 
reactance. Notice that the net stray induc- 
tance of the gate is almost enough to effect 
a match with a single shunt capacitor. This 
has actually been done, but it was not easy 
to fit all the parts in the available space; so 
it was judged unacceptable here. To trans- 
form the network into the required balanced 
configuration, the series TL1 is split into 
two equal parts; the shunt capacitors remain 
the same, and a neutral center tap is pro- 
vided at the transformer secondary. 

Because of the high currents circulat- 
ing in the input network, it is imperative 
that C2 be a larger-sized, class-] dielectric 
{COG or NPO) capacitor. It must be a lead- 
less, surfacemount chip type, or the value 
will need to be adjusted, The input tuning 
capacitor, a 900 pF mica compression trim- 
mer, is mounted directly to the end of the 
input transformer. 

The output network is also straightfor- 
ward, The proper load impedance for class 


Except oa indicated, decima! 
values of capacitance are 

in microfarads ( 2F}: alhars 
aré i picelarads ( pF}: 
resietonces are In ohrnia; 

k= 1,000. 

n= amoforad (10-4) 





Fig 4—Amplifier parts layout. 


AB is calculated from the formula: 


_ 0.98 Vdd 


RL= OP, (Eq t) 


This is the load for each device, and Py, 
isone half of the total in a push-pull circuit. 
ltisshunted by the output capacitance, C,,... 
As was done for the gate circuit, both out- 
pot impedances are series-connected to rep- 
fesent the total output impedance. The 
tesult for both devices in push-pull is 
30.7 2 in parallel with 75 pF, half the out- 
put capacitance of a single device. Though 
‘the design goal was 300 W PEP, the ampli- 
fier was actually designed for a 400 W load 
line. This gives a good compromise be- 
tween efficiency and linearity. 
In a classical design, a suitable trans- 
former would be used to set the load imped- 
ance, and either the output power or the 
Operating voltage would be adjusted to fit 
the available turns ratio. Normally, in a 
low-voltage HF design, the output capaci- 
lance is ignored because it is shunted by a 
much smaller load resistance. At 50 MHz, 
the effects of the output capacitance must 
be compensated, so a slightly different ap- 
proach was taken in this circuit. 
WinSMITH was used again to design the 
utput matching. See Fig 2. The output 
impedance of 30 © is rotated south by the 
‘effect of the shunt output capacitance, C2. 
Two options present themselves for com- 
pensation. Some additional shunt capaci- 
tance could be added to further reduce the 
wivalent series real part to 12.5 G, a 
series L used to resonate the resulting se- 
ties C, then a 4:1 transformer used to go to 
30 2. However, building a reproducible 
low-loss 4:1] balanced transformer was very 
difficult, and compensating its leakage re- 
actance further complicates the design. The 
second option was used: The equivalent 
fies output capacitance was resonated 
inst, then more series inductance was 
added to rotate the load all the way up to the 
Yo-mho conductance circle. Finally, a 

unt capacitor was used to resonate the 
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Fig 5—PCB artwork (not to scale, original size 3.35 (7.00 inches). 


added X,. The extra L and shunt C form an 
L-network, which transforms the 20-0 
equivalent series output impedance up to 
50 0, This results in an easily duplicated 
design with a smooth, low-Q match. 

The de feed to the drains is provided 
through a shunt bifilar choke. At this fre- 
quency, most ferrite materials exhibit too 
much loss to be used at this impedance level. 
A powdered-iron core works famously here. 

The balun-transtormer function is pro- 
vided by a simple coax and wire trans- 
former. Two of the windings are provided 
by 30-9 Teflon coax, and the third balanc- 
ing winding by an additional single wire. 

The bias network requires some expla- 
nation. Power MOSFETs have normal lot- 
to-Jot variations in gate threshold voltage, 
Vin» forward transconductance, G,, and 
other parameters. A number of devices 
were checked for V,,, and they were all very 
close. They were all from the same die lot. 
The die lot number is marked on the pack- 
age. For comparison, devices from another 
lot were checked and were uniformly a half 
a volt lower. Were this the case for the de- 
vices to be used in the amplifier, a dc block 
would need to be added to each side at the 
transformer, and the bias-feed network 
duplicated for each device, Since these de- 
vices were uniform, the additional compli- 


cation of individual gate-bias adjustments 
was omitted in this design. 

Because the gate-bias voltage required 
to maintain a particular value of idling 
drain current decreases as the temperature 
of the die increases, it is necessary to ther- 
mally compensate the gate-bias source, or 
the devices will “run away.” A commonly 
avaiJable NTC resistor tracks the tempera- 
ture of the case. (Refer to Fig 3.) This bias 
circuit has been in the literature for many 
years.® The ratio of R1] to R3 in part deter- 
mines the degree of compensation. A 
smaller value of RI, ora larger value of RS, 
will increase the thermal sensitivity. A drop 
of thermally conductive glue keeps the 
thermistor in contact with the case. Proper 
operation is indicated when the set value of 
Jj, does not change after the heat sink gets 
hot from prolonged operation. 


Construction 

Refer to Fig 4 for the parts layout. A 
photo master of the artwork is shown in Fig 
5. The original size of the artwork is 3.35x7 
inches, The circuit board is I-ounce-cop- 
per, double-sided ‘/1s-inch G-10 PCB ma- 
terial. All four edges of the board and the 
three sides of the two rectangular cutouts 
for the transistors are wrapped with cop- 
per-foil tape that was soldered in place to 
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Fig 7—Amplifier efficiency and gain. 


Table 1—Amplifier Parts List 
C10—ipIF, 35 V electrolytic capacitor 





C1—215-790 pF Arco® #469 mica compression trimmer 

C2, C6, C7—1000 pF, 500 V NPO chip cap, KD9 #2020N102J501P 
C3—20-180 pF Arco #463 mica compression trimmer 

C4-C5, C8-CI—0.01 uF, 500 V chip capacitor 


Dbi—6.8 V, 1 W Zener diade 


L1-L2—=70 nH, 3t #18 AWG enameled wire 0.31-inch diameter 0.25-inch lang 
L3—2t #20 AWG on Fair-Rite #284301 0402 bead yp; = 850 


Q1 —ARF448A 
Q2—ARF448B 


R3—10 kQ NTC Fenwall? #140-103LAG-RB1 


Ré—1 ko, 0.5W 10-turn trimmer 


Ti—Primary 2t #20 PTFE, Secondary */1e-inch brass tube on Fair-Rite 42843010402 


balun core 


T2—6t bifilar #20 PTFE on Amidon #T-94-2 toroid jy = 10 
T3--3t RG-316 coax, 3t #20 PTFE on three Fair-Rite #5961001801 torcids 


j= 125 


TL1, TL2—30-22 printed line, 0.6 inches long 


provide a low-impedance continuous 
ground plane. The two cutouts for the tran- 
sistors and the six mounting holes are the 
only holes in the board. All of the parts are 
surface mounted, which permits the board 
to be mounted directly to the heat sink. 
This amplifier was built on a 7-inch 
length of AAVID #60765 heat-sink extru- 
sion. It is 3.5 inches wide, 1.5 inches deep 
and has nine fins. With 50 CFM of air 
blown across it, the devices will easily 
maintain thermal stability in a 30°C envi- 
ronment. The heat sink is not big enough 
for anything but very intermittent use with- 
out a fan to assure adequate airflow across 
the fins. The input and output connectors 
are each secured by two #4-40 screws and 
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holes tapped into the base of the heat sink, 
A cover is recommended for safety; fairly 
high RF voltages are present. 


Power Supply 

Power for the amplifier needs to be 
fairly well regulated, since any ripple will 
show in the output signal as undesired 120- 
Hz AM. For on-air testing at the author's 
home, a very simple power supply was 
constructed using a 500 W, 120 to 240 V 
isolation transformer to drive a full-wave, 
centertapped rectifier circuit with 50,000 
HF of filtering. Under SSB conditions, this 
is adequate. For CW, it needs some better 
regulation or the output power will sag over 
the length of a dash, and there will be some 


detectable hum. A regulated supply ca- 
pable of providing 80 V at 6 A is needed. 


Performance 


This is the first-known, class-AB appli- 
cation of the ARF448 parts. Until now, the 
only other linear application is in a pulsed- 
mode linear amplifier for magnetic-reso- 
nance imaging. The SSB performance was 
encouraging because these devices were 
developed to serve the ISM plasma-gen- 
eration market and no attention to linear 
performance was given in their design. The 
IMD performance with 200 mA of quies- 
cent bias was better than expected. (See 
Fig 6.) The amplifier was tested with up to 
0,5 A of Iyg. While the IMD performance 
improves somewhat at this level, the effi- 
ciency degrades significantly. 

The gain and efficiency objectives have 
been met, as shown in Fig 7. The gain is 
14.3 dB at 300 W PEP. The efficiency peaks 
at 51% at the same power, Under single- 
tone conditions, the drain efficiency is 61% 
at 250 W. The bandwidth of the amplifier is 
determined by the input network. The 
Smith-Chart plot of the input impedance 
shows the tracks for 50, 50.5 and 31 MHz. 
With the network adjusted for best match at 
50.5 MHz, the SWR at the + 0.5 MHz band- 
width points is ].3:1. It would be difficult 
to increase this SWR bandwidth enough to 
cover the full 4 MHz of the amateur 6-m 
band without resorting to resistive loading, 
which would then reduce the available gain. 


Conclusion 


This paper has presented a 50 MHz, 300- 
W PEP linear amplifier using plastic-pack- 
aged, high-voltage MOSFET transistors, 
This is the first-known implementation of a 
full-duty-cycleclass-AB amplifier using 
these transistors. The design challenges, 
approaches to their solution and the result- 
ing amplifier performance are shown. The 
parts, construction and mechanical layout all 
have been described in sufficient detail to 
permit duplication. The new line of plastic- 
packaged RF power transistors from APT 
offers designers a new cost-effective solu- 
tion for efficient layout and performance. 
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By Paul Hewitt, WD7S From QEX, July 2000 


A No-Bandswitch, Dual- 
Band VHF Desktop 
Amplifier 


An old design idea together with new tubes yields 
legai-limit output on 6 and 2 meters from a small 


ual-band VHF amplifiers are by no 

means new in Amateur Radio. Several 
designs have appeared over the years, both 
commercial and homebrew.!? The most 
fecent commercial design was the Henry 
Tempo 6N2, now out of production for 
more than 20 years. There has never been a 
desktop capable of the new 1500-W PEP 
amateur power limit for both the 6- and 2- 
meter bands, unti] now. The amplifier I 
describe was designed primarily for 
méteor-scatter and weak-signal work, but 
the conservative design of the power sup- 
ply and cooling system makes it well suited 
for EME (moonbounce) also. The 
amplifier uses a pair of Svetlana 
3CK800A7s, operating in class AB2-push- 
pull on 2 meters and AB2-parallel on 6 
meters. Features include: legal-limit out- 
put, no key-down time limit, no band 
switching, either-or operation, 50-60 W of 
drive for 1500 W PEP output on both bands, 
smal] size and light weight. In an effort to 
make this design easier to duplicate, off- 
the-shelf com-ponents and materials were 
used wherever possible. If you prefer not to 
“roll your own,” Alpha Power should have 
a commercial version available soon. 


Output Tank Circuit and Construction 
Details 


Since this was a new tank design, I 
decided to use a box-in-a-box approach for 
the layout to make adjusting and debugging 
much easier. This should also make dupli- 
cation of the tank circuits much easier for 
those of you who wish to use a separate, 
outboard power supply. The tank compart- 
ment (See Figs |, 2 and 7) starts with a 
7x7x2-inch Bud chassis with two surplus 


box. 


Il-pin ceramic sockets mounted three 
inches apart (center-to-center) and four 
inches from the rear of the chassis. The 
sockets are mounted '/4 inch below the chas- 
sis in 2'/:-inch-square holes with each 
socket oriented at 45° to the hole (Fig 3). 
This is similar to an Eimac 2216 socket for 
the 8877. The Eimac #1906 chimneys were 
used in the normal manner. This is prob- 
ably the upper frequency limit for this 


mounting scheme due to possible instabil- 
ity problems at UHF. One problem en- 
countered while mounting the sockets this 
way is the small amount of tube exposed 
above the chimney to grasp for removal. 
This is easily solved by connecting several 
Ys-inch-wide hose clamps together end to 
end, then clamping them to the anode cooler 
to serve as a temporary handle. 

The front, top and sides of the tank com- 





Fig 1—A top view of the amplifier. The plate transformer in the front right and high- 
voltage power assembly next to it occupy the majority of the control side with the blower, 
filament and control transformers sitting just behind. The tank compartment with the 
cover removed shows the plate line on its Plexiglas stand. 
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Fig 2—Side view of tank compartment, The 2-meter load capacitor on its ceramic 
standoffs mounted to the Plexiglas stand is in the center with the 6-meter tank coil just 
visible below the spline shaft assembly. The 6-meter tune capacitor on its L bracket is in 
the lower right front. 


we VEZ Seige) - 





Fig 3—Bottom view of amplifier with cathode compartment cover remeved The filament 
choke is to the right with the 2-meter input network visible centered between the tube 
sockets. Both input tuning capacitors are mounted on the rear panel and one of the 6- 
meter input coils is just visible on the left. Note the use of coax for exciter lines to keep 


feedback paths minimized. 


partment are all made from '/1s-inch alumi- 
num with Y/x'2x4s-inch aluminum angle 
brackets at all corners. The completed com- 
partment measures 7x6'/ax1l4'/2 inches 
(WHD). The front and right-side compart- 
ment panels extend to the top of the main 
cabinet cover to keep inlet and outlet air 
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separated. The compartment cover (not 
shown) has 176 0.2-inch holes above the 
tubes for cooling exhaust. When this box is 
attached to the floor of the main cabinet, it 
leaves a 4x7-inch hole at the back before 
the rear panel is attached. This opening 
serves as access for a dip meter when 


checking the 2-meter tank resonance and 
tuning range, 

The 2-meter tank circuit consists of a 
shorted A/4 balanced line section, tuned by 
a homebrew split-stator capacitor at the 
tube end of the line. Designing this type of 
tank circuit is made very pain-less with 
information and design exam-ples pro- 
vided in references.* There are several ad- 
vantages of using a push-pull tank circuit 
instead of a parallel arrangement at 144 
MHz. In the push-pull arrangement, C,,, 
and C,, of the tubes are in series, allowing 
a total C,,, and C,, that is one quarter of that 
with the parallel arrangement. This allows 
lower values of loaded Q, resulting in 
higher efficiency and reduced compo-nent 
heating, minimizing thermal drift. The low 
value of C,,,, in this case allows the use of 
a A/4 line in place of a A/2 line, increasing 
bandwidth and decreasing size. 

The line section, L2 of Fig 4, is made 
from 4/s-inch type-K copper pipe; the 
shorted end is made from one standard 90° 
copper elbow and one “strect” 90° copper 
elbow. The open ends of the line are closed 
with brass plugs of the same outside diam- 
eter as the pipe, with a portion machined to 
fit inside the pipe. Standard copper pipe 
caps could be substituted for these plugs. 
The total length of the line section is 7*/: 
inches, from the ends to the inside of the 
shorted end. The plate-to-anode con- 
nections are made with '/is-inch copper 
plate fastened between copper fuse clips 
on the anode connectors and threaded holes 
in the ends of the brass plugs. 

The line section is supported by a 
Plexiglas stand and held in place by two 
copper clamps. The stators of the 2-meter 
TUNE capacitor, C3, are sup-ported by 
I'f2-inch ceramic standoffs attached to the 
Plexiglas stand (Fig 5}. A */ex°*/s-inch ear 
from each stator attaches to a */s-inch-wide 
strap around each of the tubes’ anode cool- 
ers. The rotor of C3 is a two-inch disk of 
Yw-inch copper, which is mounted to a 
piece of '/sx28 brass all-thread rod, The 
threaded rod is held by a brass fitting 
(tapped for '/4x28) that is attached to the 
Plexiglas stand. The threaded rod is coupled 
to a sliding spline shaft consisting of '/+- 
inch Plexiglas rod inside a '/2-inch piece of 
Teflon rod that has been drilled through the 
center. The Teflon tube is attached to a 
short piece of '/a-inch stainless-steel rod 
that exits the tank compartment through a 
'fs-inch panel bushing. This shaft is coupled 
to the turns counter with a synchronous 
gear belt (Fig 6). This shaft relocation via 
the gear belt serves only to improve the 
front-pane! appearance; it may be omitted 
if desired. 

The 2-meter tank circuit is coupled to 
the antenna by an adjustable reso-nant link. 
The link position is adjusted by a #10-24 
screw through a threaded Plexiglas block, 
to which the link is attached (Fig 2). One 
end of the adjusting screw is supported by 
the top-cover angle bracket and the other 
end by a 2-inch-long piece of '/2-inch angle 
mounted to the front panel of the compart- 
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Fig 4— Details of 2-meter input and output tank indicators and the 2-meter TUNE capacitor stators. 





Fig 5—Rear view with the plate line removed showing the 2-meter TUNE capacitor. 


ment. The link is made from Ysx!/is-inch 
silver-plated copper strap, covered with a 
Ya-inch Teflon sleeve; it is attached to the 
Plexiglas block with four #10-32 nylon 
screws, Silver-plated coax braid attaches 


the link to the 2-meter LOAD capacitor, 
C2, and the isolation relay, K3. The link- 
adjustment screw is accessed through 
4/a-inch hole in the main cabinet top cover 
during initial setup, then the hole is cov- 


ered with a plastic plug. 

As with all push-pull circuitry, the key 
to successful operation is symmetry. All 
stray capacitance must be divided equally 
between both sides of the line and tubes. 
Also, try to keep ferrous materials out of 
the tank compartment to prevent imbalance, 

The 6-meter tank is a normal 7 network 
designed for a plate-load resistance of 1150 
W with a loaded Q of approximately 22. 
The design parameters are shown in Table 
1. The input of the m network is connected 
to the center of the shorted end of the bal- 
anced line section where a #10-32 brass 
stud has been soldered in place. This is the 
low-impedance point of the line section, 
and anything but a dead short can be 
attached here without affecting the perfor- 
mance of the line.* To verify that the physi- 
cal center of the line is also the RF center, 
couple a dip meter to the line and tune for 
a dip around 144 MHz. Then without 
moving the dip meter (DM), touch the tip 
of a lead pencil at points along the line until 
you find the spot that has the least effect on 
the DM. This is the attachment point for 
the plate choke and the 6-meter tank. 

To keep the loaded Q of the 7m network 
as low as possible, full 51-54 MHz opera- 
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Table 1—Print out of operating parameters for the 6-meter input and output networks 


The values for the Pi matching network were calculated with 
Elmer (W5FD) Wingfield'’s new formulas found in the more recent 


ARRL handbooks. 

FREEWARE Courtesy of KD9JQ 
Triode Amplifier Program Version 2.0 
For Grounded Grid Operation 


{2} USER Biased 3CX800A7 at 50.0 MHz Rated for FORCED AIR 
V (2500 ¥ Max) 


DC Plate Volts 
Max Plate Voltage 
Peak Plate Swing 
Min Plate Voltage 
Plate Current Peak 
Plate Current DC 
Grid Current DC 
Cath Current Peak 
Design Plate RL 
RL for Matching 
Plate Dissipation 
Grid Dissipation 
Cathode Bias 


2150.0 
2150.0 
1900.0 
250.0 
3.368 
1.119 
0.063 
3.651 
1128.1 
1154.8 
805.5 
3.2 
8.2 


it boi wt ob eo on a 


<SED0 ro rrc<c< 


tion was not attempted. The 6-meter TUNE 
capacitor, Cl, operates very near its mini- 
mum capacitance because of strays and the 
C,,, of both tubes. These strays account for 
a large portion of the 6-meter tune capaci- 
tance, which causes the majority of the tank 
circulating current to flow through the 
blocking caps, C7-C8. I used parallel 
Centralab 858 “door-knobs” for the block- 
ing capacitors and I haven't experienced 
any problems. Capacitors with larger cur- 
rent ratings (such as HT-57s) would be a 
better choice for longer duty cycles. 

The 3-30 pF vacuum-variable capac- 
itor is mounted to the floor of the tank 
compartment with an L-bracket bent from 
“is-inch aluminum. Use the bearing re- 
tainer nut to attach the capacitor to the 
bracket, but be sure to add shims to the 
bearing to make up for space lost by the 
thickness of the bracket, or backlash will 


( 
( 


Zin @ Cathode 
Pin Drive (PEP) 


PO @ Plate (PEP) 
PO to Load (PEP) 


DC Power Input 
Efficiency 

Power Gain 

Cath to Grid Cap 
Plate to Grid Cap 


T Match Input 
RS 50.0 © 
L2 
cl 
ui 
RFC 
Zin 
QL 


1600 W Max) 
8 W Max) 


unreuiu wt 





5.0 


occur. The other end of the capacitor is 
supported by a#6-32 brass screw in the end 
of the capacitor that passes through a piece 
of Teflon bar stock mounted to the floor of 
the cabinet. A #6-32 hex nut holds the end 
of L3 and a piece of */s-inch strap (which 
supports C7 and C8) tight to the end of the 
vacuum cap. The other end of L3 is sup- 
ported by a '/2x1-inch Tefton standoff. Sil- 
ver-plated braid ties this end to the 6-meter 
LOAD cap, which is mounted on the 
sidewall of the tank compartment. 


Seiting the Output Tanks 

The 6-meter tank can be checked 
for tuning range with an SWR analyzer at 
the output connector. Connect a 1.1 kQ, 
noninductive resistor from one of the tube 
anodes to ground to simulate the 1100-W 
plate-load resistance. You should be able 
to achieve a 1:1 match at both ends of the 





Fig 6—Front view of the amplifier with front panel folded down showing the location of 


high-voltage power-supply components at right and the 
bar-graph display PG board is visible in the lower left wi 


the two panel meters. 
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spe layout on the left. The 
the control board just beyond 


Conduction Angle 
Peak Grid Voltage 


0.521 1H 
44.924 pF 

0.422 tH 

0.195 pH 
22.6 9.92 





187.8 
36.8 
24.6 
41.0 

1600.0 

1637.9 

2405.5 
66.5 
16.0 
§2.00 
12.20 


nauvrn dt # tf ot 


ij 


Pi Match Output 


RP 1154.8 2 
cl 50.0 pF 

u4 0.2377 pH 
c2 232.0 pF 

RL 50.0 2 

aL 22.0 


desired tuning range. Some stretching or 
compression of L3 may be required to bring 
the tuning range to 50-51 MHz. Be sure the 
top cover of the tank compartment is in 
place, as the stray capacitance it intro- 
duces accounts for a portion of the tuning 
capacitance for 6-meters. 

The 2-meter tank was set up entirely 


Fig 7—AF deck schematic. Unless otherwise 
specified, use '/s W, 5%-tolerance carbon 
composition or film resistors. See Table 3 for 
part-supplier contact information. 


C1i—3-30 pF vacuum-variable capacitor 

C2—150 pF air-variable, 1400 V capacitor 

C3—Split-stator air-variable (see text and 
Fig 4) 

C4—325 pF air-variable, 1400 V capacitor 

C5, C6—4,3-75 pF APC-style air-variable 
trimmer capacitor 

C7, CB—1000 pF, 5 kV doorknob capacitor 

C9—2500 pF, 2.5 kV feedthrough capacitor 

Di—8.2 V, 50 W stud-mount Zener diode, 
IN2806B 

K3—Jennings RJ1A SPDT vacuum relay, 
26.5 V de coil 

K4, K5—DowKey model 260B with “C” 
Option, coax relay 26.5 V coil 

K6—SPODT relay, 10 A contacts, 24 V dc coit 

Li—See Fig 4 

L2—See Fig 4 

L3—2 turns of Yex'/6-inch strap, 1'/2-inch 
diameter, 2 inches long 

L4—See Fig 4 

| L5—8.5 inches of #14 Teflon covered copper 
wire with 6 inches tied tightly 
inside La 

L6—7 turns, Ye-inch IDx1'/e-inch long Teflon 
covered #14 AWG copper wire 

L?7—9 turns ‘/a-inch IDx1'/2-inch long Tefion 
covered #14 AWG copper wire 

L8—30 turns #26 AWG enameled wire on an 
Amidon T-37-17 powdered-iron core over 
center conductor of coax 

Mi—0-2 A, 3.5-inch Simpson panel meter 

M2—0-100 mA, 3.5-inch Simpson panel 
meter 

RFC 1—36 turns #18 AWG enameled wire, 
tight-wound on ‘Ye-inch-diameter Teflon rod 

RFC2, RFC3—Ohmite Z-50 

RFC4A—Ohmite Z-144 

V1, V2—Svetlana 3CX800A7 
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with a dip meter inserted through the open- 
ing in the back of the compart-ment. Set the 
output link about */s-inch from the top plane 
of the line; this is close to the final position 
and adds stray capacitance, To keep loaded 
Q low, try to set the line length so it doesn’t 
take very much tune capacitance (to reso- 
nate the line at 144 MHz. Start with a line 
section a little longer than shown and care- 
fully trim it to resonance. Remem-ber that 
] inch of line length equals approximately 
10 MHz of tuning range! The tank should 
resonate at 144 MHz with about '/s inch of 
space between the plates of C3. When the 
desired tuning range is found, install a 
74x28 lock nut on the threaded shaft of C3 
to stop travel at the upper frequency limit. 
This will prevent accidental tuning of the 
tank to the third harmonic of 50 MHz, 
which could potentially damage the front 
end of a 2-meter exciter, Remember that 
the isolation of most coax relays is very 
poor at 144 MHz: It was only 35 dB with 
the DowKey 260B used here. For this rea- 
son, a Jennings RJLA vacuum relay, K3, 
was added in series with the 2-meter trans- 
ferrelay. The vacuum relay disconnects the 
2-meter link from the coax and terminates 
the coax in a resistive load during 6-meter 
operation. Make sure the electrical length 
of the coax between the relays is more than 
/10 and less than 34/8 at 144 MHz. With 
these safety measures in place, third-har- 
monic energy at the 2-meter input port was 
measured at -)7 dBm during 1500-W 
6-meter operation. 


Input Networks 

The 2-meter input network consists of 
a single tuned-link, air-core transformer 
(Figs 3 and 4). This coupling method 
requires slightly more drive than a link- 


Table 3—Parts suppliers 

Fair Radio Sales Co, Inc 

1016 East Eureka St 

PO Box 1105 

Lima, OH 45804 

tel 419-227-6573, 419-223-2196 
fax 419-227-1313 

e-mail fairadio @ weoil.com 
URL http-/Awww. fairradio.com/ 


Mouser Electronics 

2401 Hwy 287 N 

Mansfield, TX 76063 

tel 800-346-6873 

fax 817-483-0931 

e-mail sales @ mouser.com 
URL http:/Avww.mouser.com/ 


Newark Electronics 

4801 N. Ravenswood Ave 
Chicago, IL 60640-4496 

tel- 800-463-9275, 773-784-5100 
URL http:/Awww.newark.com/ 
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Fig 8-—View of the right-hand side panel folded down showing the two transfer relays 
and the low-voltage power supply. The filament transformer is visible to the right of the 
plate transformer. Note the use of 80-mm fan covers for the cooling air inlets. 


Table 2—Operating parameters of the amplifier 


Plate voltage no load, 2350 V 
Plate voltage @ 1A, 2150 V 
Zero signal plate current, 35 mA 
6-Meter drive, single tone, 49 W 
6-Meter power output,1420 W 
6-Meter plate current, 980 mA 
6-Meter grid current, 75 mA 


Apparent efficiency, 67.4% {feed-through power not subtracted} 


2-Meter drive, Single tone, 50 W 
2-Meter power output, 1275 W 
2-Meter plate current, 950 mA 
2-Meter grid current, 68 mA 


Apparent efficiency 62.4% (feed-through power not subtracted) 


Peter W. Dahl Co, Inc 

5869 Waycross Ave 

El Paso, TX 79924 

tel 915-751-2300 

fax 915-751-0768 

e-mail pwdco@pwdahi.com 
URL. http:/Avww.pwdahli.com/ 


RF Parts Co 
435 S Pacific St 
San Marcos, CA 92069 


tel 760-744-0700, 800-737-2787 
(orders only) 

fax 760-744-1943 

e-mail rip@rfparts.com 

URL http://www.rfparts.com/ 





Surplus Sales of Nebraska 

1502 Jones St 

Omaha, NE 68102-3112 

tel 402-346-4750, 800-244-4567 
(Orders only) 

fax 402-346-2939 

e-mail grinnell@surplussales.com 
URL http:/Awww.surplussales.com/ 


Svetlana Electron Devices 
8200 S Memorial Pkwy 
Huntsville, AL 35802 

tel 256-882-1344, 800-239-6900 
fax 256-880-8077 

e-mail sales@svetlana.com 
URL http:/Avww.svetlana.com/ 














coupled, haif-wavelength resonant line, 
but saves a lot of space. Two references® 
7 sive formulas and rules of thumb for de- 
signing this type of transformer, but it still 
required a Jot of “cut and try” before suit- 
able sizes for L4 and L5 were found. The 
loaded Q of the resonant input link is ap- 
proximately 3.5 before the coupled-in re- 
sistance from the secondary modifies it. 
The degree of mutual coupling of air-core 
transformers is an elusive value that makes 
the final loaded Q difficult to calculate. 
The input tuning capacitor, C5, could be 


Filament 
Voltage 


Safety Power 


Except as indicated, decimal 
values of capacitance are 

in microfarads ( F); others 
are in picofarads (pF); 
resistances are in chms; 
k= 1,000, M = 1,000,000 
mf= Metal film 


changed to a 25-pF unit since the one used 
here turned out to be much larger than 
needed. Both sides of C5 are above chassis 
ground; it requires a nonmetallic screw- 
driver to adjust. 

Six-meter drive and B- are applied to 
the center tap of L4, providing parallel 
cathode drive for 50-MHz operation. A 
common T network, with a loaded Q of 
five, matches the 50-W line to the 24,6-Q 
input impedance of the parallel tubes. All 
the cathode pins of the sockets are tied 
together with buss wire in a star pattern. 













One-inch-long bus-wire leads connect the 
ends ‘of L4 to the center of the bus-wire 
stars on the sockets. Again, symmetry is 
a)]l-important in balanced operation. 

Both input networks were set up with an 
antenna analyzer and two 50-W carbon 
resistors to simulate the input load imped- 
ance. Tack-solder the resistors from cath- 
ode to ground on each socket with the 
shortest-possible leads. Short leads are 
very important on 2 meters because lead 
inductance and stray capacitance become 
quite significant. The resistors present 
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Fig 9—Power-supply schematic. Unless otherwise specified, use 4 W, 5%-tolerance carbon composition or film resistors. See Table 3 


for part-supplier contact information. 


Bi—Dayton #4C761 squirrel-cage blower 

Ci—64 pF, 4500 V oil-filled electrolytic 
capacitor 

C2, C3—500 uF, 50 V electrolytic 
capacitor 

01-D16—-1N5409 1200 PIV, 3 A Silicon 
rectifiers, four diodes per string 

Fi, F2—20 A, 250 V ceramic fast-blow fuse 

F3—-3 A, 250 V fuse 

F5—2 A slow-blow fuse 

K1—-DPST relay, 25 A contacts, 24 V de coil 

K2—3PST relay, 25 A contacts, 120 V ac coil 

MOV—130 V metal oxide varistor, V130LA5 


R1--150Q 25 W wire-wound resistor 
R2A, R2B—-50 kf 50 W wire-wound 
resistor 
R3—100 2, 1 W carbon resistor 
R4-R9—499 kL, 1 W metal film resistor 
R10-—3.9 kQ2, 1 W metal film resistor 
R11i—1.5 kQ, 1 W metal film resistor 
A12—70 Q, 25 W wire-wound resistor 
R13—25 ©, 25 W wire-wound resistor 
Ri4—250 9, 25 W rheostat 
Ri5—5 KQ, 10-turn potentiometer 


RFC1, RFG2—12 bifilar turns of #18 AWG 
enameled wire on '/2-inch-diameter 
Teflon rod 

S1—SPST 5 A lighted panel switch 

S2—Temperature snap-disc control 
Grainger # 2E245 

S3—SPDT 5 A microswitch 

T1—Peter Dah! plate transformer: 240 V 
primary, 1800 V, 1 A CCS secondary 

T2—240 V primary, 16 V, 5 A secondary 

T3—120 V primary, 20 V, 2 A secondary 

Ui--LM7824 TO-3 case 

U2Z—5 A, 50 V rectifier bridge 
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25 W to the parallel 6-meter network and 
100 W to the 2-meter push-pull network. 
Con-nect the analyzer to the respective 
input ports and adjust each network for 
lowest SWR. Some adjustment of the 
6-meter input coils (L6 and L7) may be 
required to achieve a 1:| match. If the 
2-meter network does not present a good 
match, some adjustment in length of L4 and 
L5 may be necessary. Again, the covers 
must be in place and tubes must be in 
their sockets when measuring the match. 
Both filament leads and the filament choke 
must be in their final positions because the 
cathode-to-filament capacitance affects 
input tuning at 144 MHz. Remember, this 
analyzer method only gets you close to the 
final tuning points; settings will be differ- 
ent under live conditions. Finally, don’t 
forget to remove the temporary resistors 
from the cathode and tank circuits after the 
initial adjustments are done. 


AC Mains and Low-Voltage Power 
Supplies 

Several protective measures are built 
into the amplifier to protect the tubes and 
the operator. The ac mains are brought into 
the amplifier with four-conductor cord to 
keep the neutral and ground separated per 
the NEC (Fig 9). Three fuses are used to 
keep the blower’s ac source separate from 
the fused plate transformer. This was done 
so the blower’s cool-down delay still func- 
tions atter a high-voltage fault, which 
removes ac from the entire amplifier in 
dual-fuse designs. A thermal snap switch 
in the tank compartment keeps the blower 
running after shutdown or a high-voltage 
fault if the exhaust air has been above 
110°F and is not yet below 90°. This only 
happens after several minutes of continu- 
ous Operation. You may want to use a 
switch with slightly higher ratings (120°F 
on, 1 10°F off) if your shack is often warmer 
than the 90° off point used here, The 
3CX800A7’s filaments dissipate only 20 
W each during cutoff and natural convec- 
tion is more than enough to cool the tubes 
when shut off. 

AC voltage for K2, the main control 
relay, is also taken from F3, the blower 
fuse, to make sure blower voltage is avail- 
able before the amplifier can be powered 
up. A safety switch that closes when the 
top cover is in place supplies ac to SJ, the 
main power switch, Power-supply inrush 
protection is provided by K1, which closes 
approximately one second after K2 and 
effectively removes R| from the trans- 
former primaries. The delay period is set 
by R3 and C3. There are two MOYs across 
the ac lines after the contacts of K2 and K1. 
Arcing at the relay contacts can and will 
produce voltage spikes and spike protec- 
tion on the fuse side of K2 will not always 
save the high-voltage diode strings and 
other components. Filament voltage is 
adjusted at the primary of T2 by Ri4, a 
250-2, 25-W rheostat. Filament voltage is 
measured at the filament choke via two 
leads brought to the back panel of the 
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amplifier. Purists may want to measure 
voltage at the filament pins, but the low 
filament-current demand of these tubes 
makes the voltage drop between the sock- 
ets and the choke negligible. The rheostat 
also provides passive filament-inrush pro- 
tection, 2 

The low-valtage supply—consisting of 
T3, Ul and U2—supplies regulated 24 V at 
] A. The bridge rectifier and 24-¥V regula- 
tor are mounted to a piece of */4«1-inch alu- 
minum angle that is placed directly in the 
cooling-air inlet path (Fig 8). 


High-Voltage Power Supply 


The high-voltage power supply consists 
of a Peter Dahl Hypersil plate transformer 


1/16" Base 


and a full-wave bridge rectifier with 
capacitor input filter. The supply is capable 
of producing 2150 V at | ACCS. The entire 
supply is assembled as one piece, then 
in-stalled on the floor of the main cabinet 
next to the plate transformer (Fig 6). The 
oil-filled filter capacitor is sandwiched 
between two 3x6'/-inch pieces of 
Plexiglas, in turn held together with four 
#10-24x5-inch-long flat-head screws. The 
rectifier strings and high-voltage-meter 
multiplier resistors are mounted to a 
3x6'f2-inch PC board supported by '/a-inch 
spacers on the same four screws. A 3x6'/2- 
inch piece of fiberglass board holding the 
two bleeder resistors, B+ current limit-ing 
resistor and B-— float resistor tops off the 


1/16" L Bracket 





Fig 10—Layout of the blower modifications for sound reduction. 


Fig 11—View of control board. 
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Fig 12—Control schematic. Uniess 

otherwise specified, use '/4 W, 

5%-tolerance carbon composition or tim 

resistors. See Table 3 for part-supplier 

contact information. 

Ci—22 wF, 50 V electrolytic capacitor 

C2—-100 pF, 50 ¥ electrolytic capacitor 

DSi—24 ¥ lamp part of S1 (see Fig 9) 

DS2, DS3, DS5—24 V panel light 

DS4—24 V lamp part of $1 

DSé—24 V lamp part of S2 

K7, Ka, K9—DPOF 5 A DIP relay, 24 V dc 
coil 

Ri—S MG PC-mount potentiometer 

R2, R3—1 kQ PC-mount potentiometer 

$1—Normally closed momentary-contact 
lighted panel switch 

S2—SPST lighted panal switch 


stack, All of the power resistors on the top 
board are mounted on one-inch ceramic 
standoffs. High voltage is routed to the tank 
compartment with test-lead wire and a 
high-voltage feed-through capacitor. The 
diode strings do not use equalizing resis- 
tors Or capac-itors as they are from the 
same batch and there is plenty of PIV head- 
room. Spike protection for the string is in 
the transformer primary, where it belongs. 
The high-voltage supply has three bleed- 
down paths for the filter capac-itor: the 
bleeder resistors, the high-voltage meter 
multipliers and a 7.5 M92, 7.5-k¥ resistor 
at the terminals of the capacitor itself. 
Even with these redun-dant safety mea- 
sures, #tever assume that they are working. 
Always follow standard safety procedures 
when working with any high voltage, in- 
cluding the ac mains: ft can Kill yout. 


Gooling 

Whole-cabinet cooling is accomp- 
lished via a Dayton model 4C 761 squirrel- 
cage blower. Cooling air is drawn into the 
cabinet at the right-hand side through two 
27/1-inch holes, one on each side of the plate 
trans-former. This removes heat from the 
bleeder resistors and other components be- 
fore it enters the blower inlet. The Svetlana 
3CX800A7 datasheet recommends airflow 
of LI cfm at a back pressure of 0.2 inches 
(of water), for 600 W dissipation at sea 
level and 25°C inlet air temperature per 
tube. For two tubes, this is 22 ¢fm at 0.2 
inches for 1200 W of dissipation. At a 
1500-W output level with 60% efficiency, 
the tubes only dissipate 960 W, 

The socket sub-mounting method [ used 
resuited in a back pressure of 0.2 inches 
with this blower, as méasured on my bench 
with a home-brew manometer. Since the 
blower is rated for 43 cfm at 0.2 inches (sea 
level assumed}, there should be plenty of 
headroom for different elevations and inlet 
air temperatures. Remember that the above 
calculations are for continuous dissi- 
palicn, while SSB and CW operation rarely 
approaches 50% of these values. 

The mounting flange at the botlom of 
the blower was cut off so the outlet can 
align with the 2-inch-tal! cathode chassis. 
The blower motor was taken off its squirrel 
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cage and mounted to an aluminum L 
bracket. The squirrel cage was mounted to 
a 4x4-inch piece of '/sc-inch aluminum that 
supports the L bracket through a piece of 
‘44-inch foam (Fig 10). This sound-isolation 
method was borrowed from Alpha Power 
Inc, and it works very well. 


Control Board and Metering 

The control PC board (Fig I1) is 
mounted on nylon standoffs just below the 
panel meters and above the row of switches 
and panel lights. As with most indirectly 
heated, oxide-coated cathodes, a warm-up 
period is required, for the 3CX800A7, a 
minimum of three minules is recom- 
mended. When the amplifier is turned on, 
regulated 24 V is applied to the warm-up 


Fig 138—(right) View of pane! showing K1 
and K2. The bias heal sink and assembly 
is vislbie below the filament rheostat. 





+24 from 
OPR Switch 
(Fig 12) 


iING14 oo 7% 


TN914 


Ground 
to 
Tranamit 


INSI4” (26k Isolation 


INa14 


+24¥ from 
OPR Sultch 
(Fig 12} 
Excapt as indicated, decimal 
INat4. vdlues of capacitance are 
] in microfarads ({ #F); others 
are In ploofarads ( pF); 
resistances are in ohms; 
k= 1,000. 


Tronamit 





Fig 14—Schematic of the dual keying-circuit PC board. Unless otherwise specified, use 4 'W, 5%-tolarance carbon compositian or film 
resistors. See Table 3 for part-supplier coniact Information. 
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delay circuit consisting of Q1, R1 and Cl 
(Fig 12). When sufficient voltage appears 
atthe base of Q], relay K7 closes, with one 
set of contacts latching the relay on while 
the other set of contacts resets C1]. If high- 
voltage is present, Q4 is switched on and 
K8 closes, lighting DS3 and supplying 24 V 
tothe rest of the amp-lifier. Diode DI was 
added between the field of K& and the field 
of K7 to make sure K7 closes first. The 
proximity of the contro] board to the mag- 
netic field of the plate transformer affects 
the timing of K7 slightly. 

With the low grid-dissipation rating of 
these tubes, grid over-current protec-tion is 
necessary. Grid current is mea-sured 
as voltage drop across R1 of Fig 7, a 10-Q, 
25-W wire-wound resistor. R3 on the con- 
trol board is set to fire K9 with Q3 at a grid 
current of 120 mA. One set of contacts 
latches the relay on; the other set interrupts 
the 24-¥ line to the OPR (operate) switch. 
Capacitor C2—across the field of K9— 
stops relay chatter on voice peaks. Lamp 
DS4 is part of the grid-reset switch $1, and 
itlights while K9 is energized, A second 
grid-current-sensing circuit, using Q2, is set 
to light DS7 on the front panel at 75 mA. 
This LED is used as a prid-current warning 
indicator and can be set at the grid-current 
level you prefer. The trip points of these 
two circuits and the grid-current meter 
feading are ad-justed while the amplifier is 
discon-nected from the ac supply. 

To do so, connect a 24-¥V external sup- 
ply to the 24-¥ bus of the amplifier after the 
timing circuit. Connect the positive lead of 
a variable-voltage de supply to the un- 
grounded side of R1 of Fig 7 through an 
accurate de milliammeter, Connect the 
external-supply negative lead to the 
chassis. With the grid-current panel meter 
disconnected, slowly increase the voltage 
ofthe bench supply until the milliam-meter 
teaches the set points of 120 mA for grid 
ttipand 75 mA for the warning LED. Adjust 
R3 and R2 (Fig 12), respectively, to set the 
trip points. After the trip points are set, re- 
connect the grid-current meter and adjust 
R4 (Fig 7) for a full-scale reading of 
100 mA using the same method as for the 
{ip points. This “cold” method of setting 
prid trip points is a lot safer for the tubes 
than removing B+ and then applying drive 
to induce grid current. 

The panel meter, M2, serves as the high- 
voltage meter as well as the grid-current 
meter. The calibration of the high-voltage 
portion was “roughed in” with the amplifier 
off and all voltages removed. A 1.5-V de 
supply was connected to the multiplier side 
of R15 on the high-voltage rectifier board, 
then R15 is adjusted for a full-scale read- 
ingon M2, This corresponds to a full-scale 
reading of 3000 V. Meter calibration was 
then checked with a high-voltage probe and 
an accurate DMM, after the amplifier was 
turned on. 

Plate current is measured directly in the 
B-line of the high-voltage supply, which is 
held slightly above ground by R12 on the 
power-supply assembly. Both meters are 





Fig 15—Details of the 2- and 6-meter low-pass filters. See Table 3 for parl-supplier 
contact information. 


50 MHz 

C1, C2—50 pF doorknob capacitor 

L1, L3-—4 turns #14 AWG copper, 4/-inch 
IDx'/z-inch long 

L2—5 turns #14 AWG copper, °/:e-inch ID 
x §/,-inch long 


protected by 1N5408 diodes; two series- 
connected diodes on the B- bus keep it 
below approximately 1.4 V and two more 
are connected back-to-back from the mul- 
timeter to ground. 

There are relative-output bar-graph dis- 
plays for each band above the tune and load 
controls. These displays use two LM3914 
bar-graph drivers per 20-segment display. 
A current-transformer pickup unit is used 
for 6 meters and a voltage-sensing pickup 
for 2 meters. The dual-bar-graph-display 
schematic can be found in Forrest Mims’ 
book® and the 6- and 2-meter pickups are 
shown in Fig 7. The displays look appeal- 
ing but turned out to be more trouble than 
they are worth, since I still use external 
wattmeters while I tune. The bar-graph dis- 
plays’ rapid response time would be better 
suited for plate- and grid-current meters. 


Bias and Keying 

Operating bias is developed across D1 
of Fig 7, an 8,2-V, 50-W stud-mounted 
Zener diode. The Zener, along with K6, R2 
and R3, is mounted on a 23-inch piece of 
0.100-inch aluminum that serves as a heat 
sink (Fig 13). The entire assembly is 
mounted on two '/:-inch Teflon stand-offs 
on the back panel of the cabinet. The 2-A 
cathode fuse is mounted on the back panel 


144 MHz 

C3, C6—25 pF doorknob capacitor 

C4, C5—40 pF doorknob capacitor 

L4-L6—3.5 turns #16 AWG silver-plated 
copper wire, Ya-inch IDx/16-inch long 


alongside the ac-line fuses, 

The keying PC board is mounted on the 
rear floor of the main cabinet (Fig 8). The 
PC board contains keying circuits for both 
6 and 2 meters (Fig 14). Because they are 
identical, I°ll only describe the operation of 
one, 

Atrest, Q2 is biased on, holding the base 
of QI low. Grounding J2 will take the base 
of Q2 low, turning it off. This allows volt- 
age to appear at the base QI, turning it on 
and energizing K5. Alternatively, applying 
+12 Vito J] will also turn QI on, keying the 
amplifier. Both keying inputs are logic- 
compatible. The bias relay is energized 
through DI or D2, which comprise a two- 
input OR gate. Each transfer relay is a 
DowKey #260B with the “C” option, which 
is a pair of DPDT signaling switches. Each 
of the relays’ supply voltages is routed 
through one of the opposite relay’s nor- 
mally closed signaling contacts, This 
mechanical EXCLUSIVE-OR gate keeps 
the amplifier from being simultaneously 
keyed on both bands. The normally open 
contacts are used to light transmit LEDs on 
the front panel; these are mounted between 
their respective tune and load controls to 
help eliminate confusion while tuning. 

With this type of transfer relay, input 
and output relay sequencing is obviously 
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(A) 





{B) 


Fig 16—The completed amplifier ready for its ride to the mountain top. (A) Front view, 


(B) back panel. 


not an option, and hot switching of the re- 
lays will result unless preven-tive measures 
are taken, One option is to key the amplifier 
and let it key the exciter. Each relay’s spare 
set of signaling contacts was brought 
to the back panel for this possible use. 
Another option, which I employ, is to use an 
outboard keying sequencer. The sequencer 
takes care of my mast-mounted preamplifi- 
ers as well as the exciter-amplifier timing. 
A suitable sequencer can be found in the 
references,” When using separate exciters 
for each band, the spare set of signaling 
contacts can be used for audio muting of the 
unkeyed exciter while transmitting. 


General Construction Notes 


The entire amplifier cabinet was built 
using common hand and power tools. All 
aluminum was cut with carbide saw blades 
in a radia] arm saw and table saw. Blades 
with a 5° negative hook angle seem to work 
best for aluminum. The main amplifier cabi- 
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het measures 18x16x7'/2-inches (WDH). 
The plate transformer determined the cabi- 
net height. The entire cabinet is built from 
0,100-inch aluminum sheet = and 
4axaxlfe-inch aluminum angle stock. All 
outside corners are secured with #8-32 pan- 
head screws tapped into the angle stock. The 
area under the plate transformer and high- 
voltage supply assembly was beefed up with 
a second layer of 0.100-inch aluminum on 
the cabinet floor. A square hole cut in the 
cabinet floor provides access the cathode 
compartment; it is normally covered with a 
piece of '/1s-inch aluminum, All round holes 
were cut with chassis punches. The cabinet 
was painted with Dupont Chromaclear, 
which is a two-step (color coat/clear coat) 
automotive paint. After the base coat was 
applied over the primer, dry transfer letter- 
ing was applied to the front panel controls 
and Brothers P-touch labels were applied to 
the rear panel. Two coats of clear were ap- 
plied over the base coat to finish the job. 


All interior wiring was done with scrap 
Teflon-coated wire. The wiring harnesses 
were arranged so that all side panels can be 
cemoved and laid flat next to the chassis for 
ease of alignment and debugging. The 
intern-al coax runs were made with Teflon- 
dielectric coax to handle these high power 
levels, most other coax falls short, particu- 
larly at 144 MHz. 


Adjustment and Operation 


Use an ohmmeter to check the ac paths 
and RF deck for possible shorts and wiring 
mistakes. Be sure to blow out the entire 
cabinet with compressed air to remove any 
hidden debris, Set the filament-voltage 
rheostat to maximum resistance. If you 
haven't already done so, apply 24 V from an 
external supply to the 24-V bus and check 
the timing, control and keying circuitry for 
proper operation. Connect the amplifier toa 
suitable ac mains supply and connect an 
accurate DMM to the filament-voltage test 
points. Connect a 2-meter exciter and 
dummy load. Turn on the main power 
switch and quickly set the filament voltage 
to 13.5 V, or slightly less. Never operate the 
filaments below the 12.9-V recommended 
minimum. Be sure to check the filament 
voltage again after 5 to 10 minutes to detect 
any thermal drift in the rheostat. Verify that 
the plate is at approximately 2375 V. 

Both tank circuits should be set to the 
tuning values found during initial setup. 
After the three-minute delay has elapsed, 
key the amplifier with no drive and check 
for a cathode idling current of approxi- 
mately 30-50 mA. Apply a little 144-MHz 
drive and tune C5 in the input circuit for 
minimum reflected power. The 2-meter 
output link should be preset approximately 
4; inch above the top plane of the balanced 
line. Still with little drive, adjust the 
2-meter tuning capacitor for maximum 
power output. Adjust the 2-meter load 
capacitor for peak output.power and then 
leave it there until] you are finished. Next, 
adjust link spacing as you would a load 
capacitor. Keep increasing the drive while 
increasing the link coupling for maximum 
power output, without exceeding grid-cur- 
rent limits and while also touching up the 
main tune capacitor, C3. Once the desired 
output power level is reached, check the 
link coupling by slowly decreasing the cou- 
pling until a slight decrease in output power 
is observed. Then increase the coupling 
slightly past the point where output power 
peaks and grid current is reduced to within 
operating limits. This should be very close 
to critical coupling, which will result in 
maximum efficiency, Go back and touch 
up the input network for minimum reflected 
power, The link is now set for operation 
and any further tuning adjustments can be 
made with C2 and C3. 

Tune the 6-meter tank circuit the same 
way you would any other p net-work: by 
slowly increasing drive and tuning for 
maximum power output and best efficiency 
while touching up the input network for 
lowest reflected power. Then increase 


oading until a 2% decrease in power out- 
put is observed. 

With values of loaded Q below 30 in the 
output tanks, there is no way to keep 
harmonics below the 60-dB-down figure 
required by the FCC without outboard fil- 
tering. Harmonic filters are a very small 
Price to pay for the higher efficiency, lower 
‘drive require-ment and reduced thermal 
drift that the lower loaded Q provides, I’ve 
included descriptions of two suitable fil- 
ters from the references;!°!! they are very 
easy to build. The silver-mica capacitors 
originally in the filters have been replaced 
with surplus door-knob capacitors for bet- 
ter power-handling capability. With both 
filters installed all harmonics and spurious 
signals are more than 70 dB down from the 
fundamental. 


Final Thoughts 
This amplifier was completed just be- 
fore the summer E-skip season and was 
immediately put on the air, On-the-air sig- 
nal reports were all good, and they com- 
pared weil to the 8877 amplifier i normally 
use. Close in IMD testing was done with 
the help of NN7DX who is located nine 
miles away, over flat ground. Results 
showed no excessive signal bandwidth 
while our antennas were positioned to bring 
signals down to §-9 levels during I1500-W 
output testing. The amplifier runs cool to 
the touch even after several hours. 

The biggest problem encountered with 
the operation of the amplifier had to do with 
interfacing with certain exciters, Some of 








the new multiband exciters provide mul- 
tiple antenna ports that can be configured 
for HF, 6- and 2-meter outputs, but provide 
only one buffered keying line. The ICOM- 
746 is built this way, but it does provide 
two unbuffered keying lines: one for HF 
and 6 meters and one for VHF. The ICOM- 
706-series radios also provide two unbuf- 
fered lines but only two antenna ports. Both 
of these radios require some sort of external 
switching for the keying line—and the an- 
tenna line in the case of the ’706—if this 
amplifier and an HF amplifier are both 
used. ICOM does provide band logic as a 
variable voltage at the radio’s ACC plug. 
I've designed a simple decoder/buffer that 
uses this logic and the radio’s internal 
power supply to automatically switch the 
keying line between HF, 6- and 2-meter am- 
plifiers. The buffer will sink up to 3 A of 
relay current. It also selects from three 
separate ALC input lines for those of you 
that employ sequencers using the ALC line 
for transmit inhibit, The decoder is de- 
scribed in “Automatic Amplifier Selection 
for the ICOM IC-746, -736 and -706MKII 
Transceivers,” QST, May 2000, pp 33-36. 
With the decoder in place, amplifier selec- 
tion with an [{C-746 becomes totally auto- 
matic when changing bands between HF, 6 
and 2 meters. For the IC-706 series, an ad- 
ditional coaxial relay can switch one of the 
antenna ports between HF and 6 meters to 
allow automatic selection. The decoder 
also works with the ICOM IC-736, choos- 
ing between HF and 6 meters. Although 
nat verified, I’ve been told that the Yaesu 


FT-847 does have separate buffered key- 
ing lines for each of its four antenna ports, 
making interface to this amplifier easy. 
Performance figures for the amplifier are 
listed in Table 2 and the completed ampli- 
fier is shown in Fig 16. Enjoy! 
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By Bob Larkin, W7PUA From QST, June 2000 


An 8-Watt, 2-Meter 
‘Brickette’ 


Put 20 mW into this little amplifier and get a 26-dB 
increase in transmitted power! Although the 
amplifier was designed initially for use with the 
DSP-10 transceiver, any 20-mW-output 2-meter 
exciter can enjoy the boost! 


he DSP-10 transceiver’ can be used 

with UHF/microwave transverters or as 
a very-QRP all-mode rig on 2-meters. The 
rig’s 20-mW power output is sufficient for 
“barefoot” QSOs with locals, but that’s 
hardly a big signal at any distance. Adding 
this little amplifier increases your fun quo- 
tient by raising the power level to 8 W, the 
high end of the QRP plateau, This brickette 
can also be used to drive an even higher- 
power, cascaded amplifier. Being a linear 
amplifier, it’s suitable for use on all modes, 
including SSB, CW and FM. 

The amplifier’s front panel is quite 
simple, consisting of five monitoring 
LEDs. Knowing that everything is working 
correctly justifies the small amount of cir- 
cuitry needed to operate these lights. The 
functions monitored include de power on, 
transmit/receive status, power output, SWR 
and de overvoltage. All amplifier control is 
done at the transceiver. Two RF cables con- 
nect to the transceiver output and receiver 
input, avoiding the need for an input relay 
in the amplifter. 

This amplifier isn’t limited to use with 
the DSP-10; any 2-meter transmitter that 
can deliver an output of 20 mW to drive the 
amplifier should work fine. In some cases, 
it might be desirable to use an input TR 
relay; there is sufficient room in the ampli- 
fier for adding one. 


Circuitry 

At the heart of this amplifier is an inte- 
grated power-amplifier module, manufac- 
tured by Mitsubishi. Such modules are used 
in many commercially manufactured trans- 
ceivers and using one here makes amplifier 
construction and alignment simple. Within 
the module are (wo cascaded linear-ampli- 
fier transistors, along with their associated 
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The five LEDs on the Brickette’s front panel signal the amplifiers operating status. The 
power-output (AF GUT) and SWA (HIGH VSWR) LEDs vary in brightness depending on 


the forward and reflected power leveis. 


matching networks and biasing circuits for 
class AB operation. The module has 50-92 
input and output impedances. All we need 
to do is add a circuit to turn on the bias 
supply during transmit, install a low-pass 
filter for harmonic contre! and include an 
antenna-switching relay. To monitor am- 
plifier operation, we tack on some simple 
circuitry. 

Refer to the schematic in Figure 1. At the 
input pin of the RF module, U1, we apply 20 
mW of drive. Blocking capacitors for the RF 
input and output ports are included within 
the module. Bypass capacitors on the three 
power Jeads are external, however. Ferrite 
beads, L6 to L8, prevent problems that might 
occur if RF gets on the power leads, 

An L network consisting of L] and C4 
improves the impedance match to the mod- 
ule, Adding the network increases the output 
power by about 0.25 dB. Following the am- 
plifier is a directional coupler (discussed 


later). Next is a five-pole low-pass filter. 
For simplicity, itis configured with the same 
coil and capacitor types as are used in the 
directional coupler, This filter attenuates 
the second and higher-order harmonics, 

Separate connectors are available on the 
DSP-10 fer the transmitter output and the 
receiver input. This simplifies adding the 
antenna relay for the amplifier since no 
switching is required at the amplifier input. 
A miniature relay is adequate at the ampli- 
fier output. Providing an isolation of about 
30 dB, the relay, along with the PIN attenu- 
ator that is part of the DSP-10, provides 
plenty of protection for the receiver. 

A lumped-element directional coupler, 
consisting of L2, L3 and C5 to C10, deliv- 
ers power samples of the forward and 
reflected output signals. This directional 
coupler works quite well, providing a cou- 
pling of about —28 dB and a directivity? of 
20 dB, but only over a narrow (12-MHz) 











bandwidth. For our application, this is ad- 
equate. Two diode detectors, built around 
Dé and D7, generate low-level de signals 
that indicate the forward and reflected pow- 
rs. These signals, in turn, are amplified by 
lwo sections of op amp U2. The resulting 
voltages are displayed on two LEDs, green 
for AF OUT (forward) power and red for 
HIGH VSWR (reflected) power. The LEDs 
serve as rough indicators of proper ampli- 
fler operation. 

The OVERVOLTAGE indicator lights 
when the de supply voltage exceeds 14.5 V, 
butdoes not automatically shut down the am- 
plifier. The idea here is to supply a warning 
mechanism. When RF is not applied to the 
amplifier, it is quite resistant to supply over- 
voltage. As long as the supply overvoltage 
condition sets an alarm light, an observant 
operator will defer applying RF until the 
voltage is reduced. 

Amplifier control is handled by the 
DSP-10, That transceiver has software- 
controlled relay sequencing, providing 
45 V during transmit. Q2 and Q3 drive the 
antenna relay from this control. A ferrite 
bead, LJ 1, and C24 keep RF at the antenna 
felay from getting back into the control cir- 
cuits. D10 shunts the inductive kick from the 
deactivated relay coil. An LED, D2 (XMIT), 
across the relay displays the amplifier TR 
Status. 

04 provides an output that can controla 
follow-on amplifier. This output ts an open- 
collector, ground-on-transmit type, com- 
palible with many commercial and 
homebuilt amplifiers. For added driver-cir- 
cuit protection, a reverse-voltage shunting 
diode, D11, is used. 


Building the Amplifier 


You could build the amplifier on a scrap 
ofPC board. In fact, my first version is built 
that way (see the sidebar), For many build- 
ers, however, a PC board’ is a more conve- 
fient way to assemble the project and that 
isshown in the photos. 

This PC board is double-sided, with 
plated through holes. The backside is a solid 
ground plane allowing the board to be fas- 
tened directly to the aluminum enclosure. 
Such construction works very well for RF 
boards because a low-inductance ground 
path can be maintained throughout, reduc- 
ing any interactions between the various 
circuits. However, this mounting method 
‘does not allow component leads to extend 
beyond the bottom surface of the board. I 
dealt with this primarily by using surface- 
Mount parts’ and by carefully bending the 
component leads so they behave like sur- 
face-mount parts. 

Allof the chip resistors, chip capacitors, 
ticdes. surface-mount ICs and ferrite-bead 
chips are soldered to their board pads con- 
ventionally. Install the amplifier module 
after the board is mounted in the box. The 
antenna relay, fuse clips and the variable 
resistor all have their leads bent away from 
their host. Avoid making any bends close to 
the component body; make the bends at a 
point about '/is inch away from the compo- 


nent body. This approach eliminates 
mechanical stress on the Jead attachment. 
These components end up about '/ie inch 
above the board’s top surface after they are 
soldered in place. 

Figure 2 shows the construction of the 
four toroidal inductors, L2 through L5. Ex- 
perience shows the inductor values are quite 
repeatable if the turns are always distributed 
in the same manner around the core, As the 
turns are pushed closer together, the induc- 
tance increases considerably. The matching- 
network coil, LJ, is noncritical and it should 
be wound as shown in the part list and Figure 
2; it should need little, if any, adjustment. 

The LEDs all have long leads and are sol- 
dered to the board after bending the lead ends 
by about '/s inch. Be sure to keep track of the 
LEDs’ longer (anode) leads: Those leads 
connect to the current-limiting resistors, 


Putting the Board in a Box 


Once the PC board is assembled, use it 
as a template for marking the hole loca- 
tions in the enclosure, a standard Hammond 
die-cast box. Mount the board flat against 
the box bottom using #4-40 hardware. Be- 
cause there will likely be some mold marks 
and box-identification letters where the 
board and RF module lie, make the 
enclosure’s inner-bottom surface reason- 
ably flat; you can do this with 60-grit sand- 
paper. Bend the leads of the five LEDs to 
apply aslight forward pressure on the lights 
as they slide into the holes in the box front. 
That holds the LEDs in alignment without 
needing adhesive. 

Take care when tightening the PA mod- 


ule mounting screws to be sure that no pres- 
sure is applied to the ends of the module 
cover. The leads from the module need some 
trimming, They are above the board and need 
forming to get to the board level for solder- 
ing. Don’t apply pressure at the edge of the 
module cover when doing this. You may 
need to hold each lead with needie-nose pli- 
ers to keep from damaging the case. It should 
be possible for the leads to reach the board 
surface within '/s-inch of the cover. 

Three short pieces of 50-22 coax attach 
the board to J), J2 and J3. Solder Jugs under 
the jacks provide for ground connections at 
one end and PC-board pads take cure of the 
other end of the coax. 

Three leads run between connectors 14, J5 
and J6 and the PC board. Each of these leads 
has a bypass capacitor (C28, C6 and C27, 
respectively} at the connector. Short, low-in- 
ductance leads are important on these 
capacitors. To help keep the RF signals inside 
the box, a small inductor wound on a ferrite 
core (LI4, LIS and L16) is placed on each 
wire. Position these inductors close to their 
connectors. If #22 of #24 stranded hook-up 
wire with thin insulation is used, it’s possible 
to wind the coils with the hook-up wire. 


Turning on the Amplifier 

Now, to see it work! First, connect a 
50-2 noninductive dummy load to the 
amplifier output.’ If you have a variable- 
voltage power supply to use for initial test- 
ing, slowly raise the de supply voltage from 
0 V to 13.8 V. Otherwise, you'll need to rely 
on the power-supply fuse as protection from 
any serious construction errors when apply- 


Did the Amplifier Always Look Finished? 


No, it didn’t. Some people may be able to put a finished amplifier on a PC board and have 
it work fine. | don’t seem to be able to do that! 

My first step in designing the amplifier was to search for suitable AF modutes, mostly 
via the Internet. Once | selected the M57732L as having suitable power, gain and de 
operating voltage, | drew a schematic in my notebook. Originally, the circuit had automatic 
shutdown for high SWR and full voltage regulation to deal with overvoltage. This looked too 
complex. It was necessary to cut off the drive to the amplifier, and the regulator had to be 
a low-dropout type (for these, the difference in voltage between the input and the output 
need be only a fraction of a volt). | couldn’t find an integrated regulator that met my require- 
ments and the thought of building one using op amps and transistors used more parts than 
{ could justify. 

| opted for simplification, putting alarm lights on for SWR and overvoltage and turned the 
automatic part over to the operator! A new schematic resulted, not unlike that of Figure 1. 
| went to he ARAL Aadio Designert and simulated the directional coupler and low-pass 
filter. A little playing around with the simulation showed that a singie inductor value couid 
be used for both subcircuiis, 

Next, | built the “breadboard” version using scraps of PG board. Testing showed that 
almost everything worked as expected. The avervoltage light did not have snap action, 
though. That was caused by using a resistor where the ferrite bead, L13, is now. | ran the 
input voltage temporarily up to 16 V and everything continued to function. Next, | left the 
amplifier running for an hour and nothing overheated. | checked the intermodulation prod- 
ucts and harmonics and found them to be at satisfactory levels. 

It was now time to layout the PC board. The experience of putting the breadboard 
together allowed a smarter final layout. The first version was on two boards and some of 
the connectors ended up on the front panel. This was all worked out for the final design. 
—Bob Larkin, W7PUA 
TARAL order no. 6796. ARAL publications are available from your local dealer, or directly from the 


AARL.. See the ARAL Bookcase elsewhere in this issue, or check cut the ARRL Web site at: http:/ 
/www.artlorg/catalog/. 
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| Figure 1—Schematic of the 8-W amplifier. 

| All resistors are 5% 1206 chips. These are 

available in small quantities from Mouser 

Electronics (Xicon). Unless otherwise noted 

| all Capacitors are elther 1206 or 0805 chips 
(either size fits on the board). Capacitors 

less than 470 pF are NPO, while values 

from 470 pF and up are any general- 

purpose ceramic, such as X7R ar Z5U. 

Component sources listed here are 

generally only a few of several that 

manufacture equivalent parts. If the 

amplifier is buill without a pre-made PC 

board, change the chip components to 

leaded types. Component designations for 

the LEDs differ from QST style. Parts used 

inthe amplifier are available from one or 

more of the following sources. Source 

abbreviations used in the parts list precede 

the company name: (DK) Digi-Key Corp, 

701 Brooks Ave S, Thief River Falls, MN 

$6701; tel 800-344-4539, 218-681-6674; 

htip:/www.digikey.com; (ME) Mouser 

flectronics, 958 N Main, Mansfield, TX 

76063; tel 800-346-6873, 817-483-4422; 

Aitp/iwww.mouser.com; (RS) 

RadioShack—see your jocal distributor; 

hitp/www.radioshack.com; (RP) RF 

Paris, 435 South Pacific St, San Marcos, 

CA 92069: tel 800-737-2787, 760-744- 

0700; hitp://www.rfparts.com. 

G22—47 wF, 16 V surface-mount 
electrolytic (DK PCE3033CT) 

026, C27, C28—470 pF, 50 V, leaded 

ceramic (ME 140-50P2-471K) 

Di—Yellow T1 LED (DK160-1079) 

02,D3—Green T1 LED (DK 160-1080) 

f4, D5—Red T1 LED (DK 160-1078) 

06, 07, DS, D1O—BAR74 diode (DK 

BART4ZXCT) 

4—5-A, 50-V power rectifier, SMC 

package (DK SSACDICT) 

Dii—1-A, 100-V power rectifier, SMB 

package (DK STBBDICT) 

{—SPDT 12-V de miniature relay, 

Omron G5V-1-BC12 (DK 2774) 

1—#21, #20 or 22, Ys-inch iD; see 

Figure 3. 

215—52 nH: 5 turns, #26 enameled 

wire on a 1-25-17 toroid; see Figure 3. 

6,L?7,L9, L10, Li1, Lt9—Ferrite SMT 

bead, 1206, 600 © at 100 MHz, Stewart 

HZ12068601R (DK 240-1019-1) 

8, L12—Ferrite SMT bead, 3 A, 1206, 

100 9 at 100 MHz, Stewart 

HH206N101A (DK 240-1008-1) 

114-L16—1.5 wH, 5 turns #22 or #24 

enameled wire on an FT-23-43 core: 

$eé text. 

—2-A, 5x20-mm fuse (DK F948) with 

two clips (DK F058) 

i, J5, J6—Phono jacks (RS 274-346) 

, J8—BNC jack (RS 278-105) 

1—5.5-mm OD, 2.1-mm ID power 

connector (RS 274-1563) 

01, Q23—FMMT3806 PNP transistor, 

$0T23 (DK FMMT3906CT) 

b2, 04—-F MMT3904 NPN transistor, 

| $OT23 (DK FMMT3904CT) 

Rif—2 kQ adjustable resistor, Bourns 

9329H- 1-202 (DK3329H-202) 

Yi—RF amplifier module, Mitsubishi 

M57732L, (RP M57732L) 

—LM3244M dual op-amp (DK 

| LM324AM} 

76L05 5-V positive regulator, SO-8 

package (DK LM78L05ACM) 

sc: PC board, enclosure 3.7x4.7 x1.3 

ches, Hammond 15908B (DK HMt52}, 

hardware. 
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Figure 2—Coil details. Arrange the turns on the four toroids as shown here. L2 and L3 
might need to have their turns spacing adjusted during tune-up. 
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Figure 4—-Measured intermodulation 
distortion with a PEP output of & W. 
Third-order products ara down about 

28 dB from peak power, fairly typical of 
this amplifier type. Perhaps more impor- 
tant fs that the fifth and higher-order 
products continue to drop off as the order 
increases. These higher-order products 
are farther from the operating frequency 
and thus generally more disruptive to 
néarby stations. The current drawn during 
this two-tone test was 670 mA, 
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Figure 3—Measured power output and dce-suppily current as a function of drive power. 
Notice that the output-power scale is not in decibels. This makes the output appear less 
compressed than it really is. The 1-dB compression point is at about 4 W. 


ing the full 13.8 V. At full voltage, the cur- 
rent drawn by the amplifier during receive 
should be about 10 mA. Next, set the OVER- 
VOLTAGE alarm. Adjust the voltage at the 
wiper terminal of R15 to 4.68 V.° If you can 
vary the de supply voltage, the OVERVOLT- 
AGE LED should light at about 14.5 V. 

When making the following adjustments, 
it is necessary to adjust the turns spacing on 
the toroidal inductors, Por safety, do this 
only when no RF drive is applied. 

Connect the TR control to the DSP-10 
and connect J1, the amplifier’s RF input, to 
the DSP-10 antenna connector. InCW mode, 
increase the DSP-10’s RF power slowly un- 
til the RF OUT LED (D3) glows. Then adjust 
the turns spacing on 1.2 and L3 to extinguish 
the HIGH VSWR light (D4). This indicator is 
about 10 times more sensitive than the RF 
OUT LED, but it should be possible to extin- 
guish the HIGH VSWR LED completely. 
Continue this adjustment process while in- 
creasing the drive power. You can measure 
the voltage at the output of the SWR op amp 
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Pretty outside and pretty inside, the Brickette's construction reflects a caring hand. At 
the top-left rear the RF-amplifier module can be seen fastened to the base of the 
enclosure, which serves as a heat sink for the module. The relay is at the upper-right 
and a kludge area is visible at the lower right behind the front panel. 





This rear-panel view of the 8-W Brickette shows compact but uncrowded I/O connectors 
clearly labeled. 


(U2 pin 14) and continue to minimize this 
voltage, although the VSWR LED is not [it. 

Optimize the amplifier matching by mea- 
suring the power cutput as indicated by the de 
voltage at U2 pin 7 and adjusting L1”s turn 
spacing (and perhaps changing the value of 
C4) for maximum output at high drive. Don’t 
expect major changes with these adjusiments 
as the amplifier is inherently quite well 
matched. 

While in transmit, check that the bias 
voltage at pin 3 of U1 is about 4.9 V and 
that the idling current with no RF drive ap- 
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plied is about 140 mA. 


Performance 


Figure 3 shows the power output and 
current level for various drive levels. The 
CW output is aver 8 W for the two devices 
that [ tested, When tested with a two-tone 
input signal and an output of § W PEP, the 
IMD level is down 28 dB for third-order 
products and 43 dB for fifth-order products 
{see Figure 4). The strongest harmonic is 
the second {at about 292 MHz) and this is 
65 dB down from peak output, more than 


enough to meet FCC 2002 requirements.’ 


Concluding Thoughts 


Several areas on the PC board have ei- 
ther a ground plane section or pads for 
mounting transistors, resistors and other 
components. These areas are available to 
you to use for modifications or additions to 
the amplifier (perhaps you have an appli- 
cation that needs an input TR relay or you 
need a different control circuit). 

Now you're ready to get on the air with a 
medium-sized signal. You can increase 
power even further by cascading another 
amplifier. Or, use some of the signal pro- 
cessing in the DSP-10 to work deeper into 
the noise. QRP power levels have pushed the 
idea of “working smarter instead of harder.” 


Notes 


1 Bob Larkin, W7PUA, “The DSP-10: An All-Mode 
2-Meter Transceiver Using a DSP IF and 
PC-Controlled Front Panel," QST, —Part j, 
Sept 1999, pp 33-41, —Part 2, Oct 1999, 34- 
40, ~—Part 3, Nov 1999, pp 42-45, Additional 
information on that project is available on the 
authors Web site, http:/Avww.proaxis. 
com/~boblark/dsp10.him. Any future infor- 
mation aboui this amplifier project will be 
placed at this Web site. 

“The directivity of a coupler is the differance, in 
decibels, between the forward signal and ihe 
reflected signal, when the coupler is properly 
terminated in its designed Icad, in this case, 
50 ©. Gouplers constructed from transmis- 
sion lines have high directivity over a very 
wide frequency range. These lumped-ele- 
meni couplers are restricted in the frequency 
range where their isolation is high, but offer 
simplicity instead. 

3Gerber files for making the PC beard can be 
obtained from the author. Alternatively, 
unpopulaied PC boards are available from 
Mashell Electric, PO Box 5, Eatonville, WA 
98328. Price: $20 each in the US, $21 in 
Canada {air mail) and $22.50 (air mail) else- 
where. These boards have plaied through 
holes, a solder mask on ihe component side 
and a silk-screened legend. Check iheir Web 
site http://members.aol.com/w7sib/fw7slb. 
htm for details. 

*See Sam Ulbing, N4UAU, “Surface Mount 
Technology—You Can Work with It!", QS 7— 
Part 71, Apr 1889, pp 33-39; —Part 2, May 
1999, pp 48-50; —Fart 3, Jun 1999, pp 34-36; 
—Part 4, pp 38-41. Additional comments fram 
Avery Davis, WB4RTP, can be found in the 
QST Technical Correspondence, Feb 2000, 
p 70. Surface-mount techniques are used for 
ihe DSP-10 transceiver. Some people were 
initially concerned about dealing with the tiny 
componenis, but afier constructing ihe board, 
most builders felt ihat it went well. 

5A satisfactory dummy load for 144 MHz can be 
constructed from four 200-0, 3-W metal-ox- 
ide resistors. Arrange them in parallel around 
a coax connector, Short leads are important. 
Do not use wire-wound resistors. 

®The OVERVOLTAGE alarm triggers when ihe 
dc supply voltage is greater ihan 14.5 V, IF an 
adjustable dc supply is available, you can sel 
this directly. Aliernatively, set the voliage at 
the wiper of R15 to 0.360x(V — 0.6}, where V 
is the dc supply voliage. 

7Larry Price, W4RA, and Paul Rinaldo, W4RI, 
“WARC97, An Amateur Radio Perspective,” 
QST, Feb 1988, pp 31-34. By these rules, an 
8-W 2-meter transmitter must suppress the 
harmonics by at least 52 dB. Greater amounts 
of suppression are required for higher power 
levels. 





By Dave Mascaro, WA3JUF 


903-MHz Linear 
Amplifiers 


Part 1—Looking for a gain block or two for your 
903-MH7z station? Here are eleven of them to 
cover just about any need you may have, from a 
simple receiving preamplifier to one with 23 dB 


he 33-cm Amateur Radio band (902- 

928 MHz) is becoming well populated 
in many areas of the country. Propagation 
on33 cm has traits similar to both 432 MHz 
and 1296 MHz, but has characteristics all 
its own at times, making it a very interest- 
ing band. Jt’s pleasantly surprising what 
you can do with a few watts on 903 MHz 
with high-gain loop-Yagi antennas. 

Articles have been published on trans- 
yerters, amplifiers and receivers for 33 cm. 
I described a 759-MHz local oscillator! 
intended to be used with a 144-MHz IF for 
operation on 903 MHz. If you’ ve built the 
lransmit section of a transverter that gets 
you to the 10-mW level, or if you’ve pur- 
chased a commercial transverter such as 
Down East Microwave’s low-power, no- 
tune unit,? you'll need to bring your trans- 
mitter power up to a usable level. Instead 
of showing a typical transmit-amplifier 
chain, many of which have been described 
in Amateur Radio literature, I will discuss 
eleven different gain blocks, for several 
different gains and power levels, in this 
Iwo-part series. 

I suggest that you build each amplifier 
in tts own enclosure, rather than trying to 
build more than one amplifier in one box to 
eliminate connectors or reduce size. If you 
are building your own equipment, you 
probably aren’t too concerned about size 
and compaciness, and having separate en- 
closures makes for much easier tuning and 
troubleshooting. Many transistors used in 
1296-MHz projects are suitable for use at 
903 MHz; some even have more gain at 
903, 

Transistors with SD prefixes used in the 
following designs are manufactured by 
8GS-Thomson Microelectronics.* Some of 
these transistors don’t operate at 12 ¥V. 


gain and over 4 W output! 


From QST, June 1990 





Again, in building your own equipment, 
this shouldn’t be a major problem. Gains 
listed are averages for several different de- 
vices tried. AU of the amplifiers can be 
driven harder than indicated—for CW or 
FM operation only—but should be used at 
or below their rated power output for SSB 
work. Al] the designs can be used at lower 
power output; they are all linear amplifiers. 


Construction 

Allofthe amplifiers are built using simi- 
lar techniques. Each design uses common 
Yie-inch-thick, G-10, double-sided, fiber- 
glass-epoxy PC board for the microstrip 
circuitry, The ground-plane side of each PC 
board is unetched. 

The microstrip boards can be made 
using What I call the “X-ACTO®-etch” 
method. This involves using a piece of clear 
tape as the resist. (Four-inch-wide clear 
tape is available at stationery stores.) After 
drawing the pattern on the board with a 
pencil or fine-lipped marker, cover it on 


both sides with clear tape and cut the pat- 
tern in the tape with an X-ACTO knife. 
Then, remove the tape from the areas to be 
etched and etch the boards in ferric chlo- 
ride in a crock pot on low heat. Do this ina 
well-ventilated area! Etching takes about 
half an hour without agitation. The crock 
pot is a no-mess way to etch boards. Only 
an inch or so of ferric-chloride solution is 
needed. Of course, you can also use a pho- 
tographic method to make boards, as I do 
for multiple or complicated boards. 

After the PC board is etched, clean it 
with steel wool and drill holes at all de- and 
RF-ground points using a no. 50 drill. No 
holes are needed for component leads, as 
all components aré mounted on the micro- 
strip side of each PC board. RF grounds 
must be located as close to the areas to be 
grounded as possible, to ensure low-induc- 
tance ground paths. There are at least two 
ways to do this. One is to instal] a rivet 
in each hole, flare it with an awl or ice 
pick, then flatten it by tapping with a small 
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E  §p1330 


—o— 
ies} 


E, 


Except as indicated, decimal 


volues of capacitance ore 
in microferada (uF); others 
are in pieotarada (pF); 
resietonces are in ohms; 


Fig 1—Schematic of the $D1330 receive preamplifier/low-level transmit stage. RFC1 and 
RFC2 consist of 8 turns of no, 24 enam wire closewound on a 0.1-inch-ID form (such as 
a 0.1-inch drilt), D1 is a 9.1-V,"/2-W Zener. C1, a 12.5-pF trimmer, is available from 
Mouser (part no, 24AA07T). 





Fig 2—Amplifier No. 1, a 10-mW-output stage that’s well suited to receiving applications, 
in prototype form. 


hammer on an anvil or other hard surface. 
Then, solder the rivets on both sides of the 
PC board. Alternatively, pieces of bus wire 
can be used for grounding. 

Because parts placement is quite 
straightforward, [ haven’t provided parts- 
placement drawings for all of the designs. 
The schematics and PC-board artwork 
should provide all the guidance you'll need 
to assemble the boards. I can help with any 
questions that you might have when build- 
ing any of the amplifiers. 

All of the amplifiers described, except 
those operating under the 300-mW level, 
require some heat sinking. A small brass 
sheet is sufficient for the studded parts, but 
a finned heat sink an inch or two square is 
needed for the flanged-device amplifiers. 


Fig 3—Full-scale PG-board artwork for the 
t0-mW SD1330 amplifier. Black areas 
represent unetched coppertoil. All parts 
are mounted on the foil side of the board. 
Crop the finished boards as necessary. 
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Thermally conductive compound is re- 
quired between the devices and their heat 
sinks. For studless devices, a small piece of 
brass shim stock soldered from the bottom 
of the device to the ground-plane side of 
the PC board should work fine. 

An easy way to enclose an amplifier like 
those described is to make a housing using 
double-sided PC board or brass sheet 
for the four walls and bottom cover. The 
amplifier PC board makes the top cover. 
Input and output connectors (N, BNC or 
SMA) ¢an be bolted or soldered to the end 
walls with their center pins soldered 
directly to the microstrip input/output lines 
in an end-launch configuration. When 
using PC-board material for housings, 
mount the side walls in such a way that the 
grounding is continuous from the connec- 
tors to the ground-plane side of the ampli- 
fier board. 

Various die-cast aluminum boxes, such 
as Bud CU-123 and CU-124 and the 
Hammond 1590 series, also work great for 
enclosing these designs. Die-cast boxes 
usually provide sufficient heat sinking for 
amplifiers operating at less than 2 W out- 
put. Device studs or flanges should be 
attached directly to the boxes in these 
cases. All component leads must be kept as 
short as possible. This also applies to trim- 
mer caps, Mount them flush to the PC board 
so that they act as capacitors—not as in- 
ductor/capacitor combinations. Use mul- 
tiple rivets (or bus wires) to ground the 
trimmers. 


Components 

Use ceramic chip capacitors for the de 
blocks and high-frequency bypassing. 
Some of the larger-value bypass capacitors, 
like 0.001 pF and 0.01 WF, are available in 
chip form also. These epoxy types are good 
for all the designs described here. [ use 
inexpensive chip caps from Mouser Elec- 
tronics.* Chip caps and Johanson piston 
trimmers are available from Microwave 
Components of Michigan. Transistors are 
available from RF Parts® and RF Gain, Ltd.’ 
Components, rivets and PC boards are 
available trom Frontier Microwave.® 


Tune-Up 

In most of these amplifiers, the quies- 
cent collector current [,,,) initially will have 
to be checked and set with no drive applied. 

To check bias current, disconnect the 
cold end of the collector choke and insert a 
milliammeter in series with the choke. 
Adjust I,, by changing the value of the 
collector-bias resistor or by changing the 
collector voltage. All amplifiers requiring 
12 V can be powered directly from low- 
current, 12-V de sources (a three-terminal, 
12-V regulator, for example). Amplifiers 
running on 14-18 V de or 2]-23 V de can be 
powered by an LM317T (or LM317K) ad- 
justable regulator. Set the regulated vollt- 
age to a minimum, and adjust it upward 
from minimum while monitoring I,,. Idling 
collector current can be adjusted to suit 
your gain and power-oultput requirements. 


Except as indicated, decimal 
values of capacitance are 
in microfarads ( uF); others 
are in picofarads { pf); 
resistances are in ohms; 


K= 1,000. 


$D1333 
$D13593 


c 





Fig 4—Schematic of the $D1333 and $D1359 amplifiers (Amplifiers No. 2 and Ne. 3). All components except Q1 are commen to both 


designs (see text). 


G1, C2—12.5-pF trimmer, Mouser no. 
24AA07 1. 


C7—0.01-uF disc ceramic, 
D1—9,1-V, '/e-W Zener. 





Fig 5—Full-scale PC-beard network for the 100- and 250-mW amplifiers. Black areas 
represent unetched copper foil. All parts are mounted on the foil side of the board. 


Amplifier No. 1: A Receive 
Preamplifier or 10-mW-Output, 
13-dB-Gain Transmit Stage 


The amplifier shown in Figs | and 2 is 
a low-power stage using an §D1330, 
Motorola MRF9O1 or NEC NE64535, This 
stage is best suited to the receiving side of 
atransverter. With a noise figure (NF) of 
2 dB, it makes a fine front end by itself. 
With a good, low-noise GaASFET pream- 
plifier in front of it, you'll have all the sen- 
sitivity you need in front of the receive 
mixer. For transmitting applications, 
where a low noise figure isn’t important, 
an MMIC amplifier would be better be- 
cause it is a lot easier to build for the same 
results. 

The $D1336 amplifier is built on 0-10 
double sided board; the artwork appears in 


Fig 3. After etching the board, instal] rivets 
at the RF and de grounds, To mount the 
device, drill a hole in the PC board the size 
of Q1’s macro-X case. This allows all four 
leads to be soldered to the microstrip with- 
out bending them. 

The idling current for this amplifier 
should be set to 5 mA or less for good noise 
figure. The idling current is kept constant 
for different transistors and over different 
voltages and temperatures by current-lim- 
iting resistors RI and R2 and Zener diode 
DI, Tune the input trimmer for best NF or 
maximum gain if an NF-measurement 
setup isn’t available. 


Amplifier No. 2: 10 mW In, 100 mW 
Out 


The $D1333 transistor, a macro-X plas- 


RFC1, RFC3—8 turns of no. 24 enam 
wire, 0.1 inch ID, closewound. 


tic-packaged device used in this design, 
delivers 100-125 mW. This device is 
capable of a reasonable noise figure (2-3 
dB) and good dynamic range, which allows 
it to be used as a second stage (following 
a GaAsFET preamplifier) in a receiving 
system. (Motorola’s BFR96/MRF96I/ 
MRF962 also work well in this circuit; the 
BFR96 has slightly less gain.) Fig 4 shows 
the amplifier schematic and Fig 5 shows 
the full-scale artwork. 

Zener-diode bias is used for simplicity 
and some temperature compensation, Set 
the quiescent current to 40-50 mA (not 
critical) by varying R). A pot can be used 
initially, then the pot can be replaced by a 
fixed-value resistor, Or the collector volt- 
age can be varied slightly. 

After the rivets are installed in the PC 
board, drill a hole the diameter of Q1’s 
molded package in the PC board, Mount 
the device in the board so its unbent leads 
are soldered directly to the microstrip 
board. Use the small variable capacitors to 
tune for maximum gain. 


Amplifier No. 3: 9 dB Gain, 250 mW 
Out 

This unit is a slightly higher-power ver- 
sion of the previous amplifier, using an 
$D1359 or Motorola TRF559 plastic-pack- 
aged device. The artwork and schematic 
are identical to that of Amplifier No. 2. 
Idling current, 40-50 mA, can be optimized 
by adjusting the collector supply between 
10 and 13 V to set the stage gain. 

After the PC-bourd rivets are installed, 
drill a hole in the PC board to accept Ql. 
Mount the device in the board so its unbent 
leads are soldered directly to the microstrip 
board. Tuning is as discussed with Ampli- 
fier No, 2. 
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Fig §—Schematic of the MSA 0204/MC5809L amplifier. 


C7, C9—100-pF chip. FL1—Two-stage Toko helical filter (Digi- RFC1-—8 turns of no. 24 enam wire, 0.1 
C8, C10—0.01-.F ceramic disc. Key no. TK23318). inch ID, closewound. 
RFG2—1-nH molded choke. 


Amplifier No.4:0.8 mW In, 200 mW 
Out 


The amplifier shown in Figs 6 and 7 isa 
high-gain unit that can be used to follow 
the output of your 903-MHz transmit 
mixer. An Avantek MSA 0204 or Mini- 
Circuits MAR-2 MMIC is used for the first 
stage, followed by a Toko two-stage hell- 
cal filter.!° (In the prototype amplifier 
shown in Fig 7, used two MMIC stages, in 
addition to the helical filter, before the 
final stage.) The output stage is an NEC 
MC5809L thick-film hybrid module. This 
NEC hybrid module is one of four such 
units intended for hand-held cellular tele- 
phones operating in the 800- to 960-MHz 
range. The MC5809-series amplifiers are 
rated at 150 mW minimum power output at 
7.5 V de. Using a more readily available 
power source (a 7808 regulator), the 
Fig 7—The 200-mW-output MSA 0204/MC5809L lifler. In thi tot I d MSA Sie eae aaa 

ig 7—The 200-mW-outpu amplifier. In this prototype, | use : 4 
0204 stages before and atten the helical filter to provide addiional pain, the biasing eee ae ee as 
components (the 7808 and associated parts) are mounted on the outside of the . ‘ 
The full-scale PC-board artwork is 


enclosure for convenience. Paty : . , 

shown in Fig 8. The helical filter is used 
between stages to clean up the transmitter 
signal by filtering out the local-oscillator 
and image frequencies, but isn’t required 
for applications where such Filtering is 
done in other stages. A three-stage Toko 
filter!’ will also fit on the board. and could 
be used for better filtering. The filter leads 
are bent to the side to allow soldering to the 
PCboard traces. See Fig 9 for parts place- 
ment. 

This amplifier is easy to build and get 
working. Because both active stages and the 
filter are designed for 50 {2 in and out, the 
amplifier uses 50-Q microstrip throughout. 
No trimmer capacitors are needed and no 
bias adjustments are necessary-—just apply 
the de voltages and the drive signal, and 
peak the helical filter for maximum power 
output at 903 MHz! 

Because more gain is available tromthis 
design than I needed, I tried mixing two 





Se 


Fig 8—Full-scale PC-board artwork for the 200-mW amplifier. Black areas represent signals at the input of the first stage. Using 
unetched copper foil. aT connection al the input of the first stage, 
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used the circuit to mix a 759-MHz local 
oscillator with a 144-MHz IF signal. The 
903-MHz output signal was about 175 mW 
and was fairly clean. Using MMIC ampli- 
fiers for gain blocks, almost anything can 
be used as a mixer! 


Amplifier No. 5: 35 mW in, 350 mW 
t 


The amplifier shown in Fig 10 is practi- 
cally as simple as an MMIC amplifier. The 
transistor, an SD1598, produces more than 
350 mW output when mounted in a 50-9 
line. The SD1598 (originally another part 
number) was designed by Bill Olson, 
W3HQT, years ago, when he was em- 
ployed by Solid State Microwave (now 
§G8-Thomson Microelectronics}, I’ve 
used this transistor, which J refer to as a 
“hot 2N3866,” in amplifiers and frequency 
multipliers at frequencies from 144 MHz 
to 3.3 GHz, The $D1598 is in a studded 
package and the $D1598-1 is a studless 
package; either style is suitable for use at 
$03 MHz. I’ ve built two-stage SD1598 am- 
plifiers with 50-2 lines that work from 400- 
1300 MHz. Such a two-stage amplifier fits 
nicely intoa 1.5 x 3.6 x ]-inch Bud CU-123 
the-cast box. Gain is 10 dB per stage at 903 
MHz and 8-9 dB per stage at 1296 MHz. 

PC-board artwork isn’t necessary for 
this amplifier, as the 50-Q line can be eas- 
ily made on a piece of G-10 PC board using 
an X-ACTO knife and a straight edge. A 
$0-Q line on 0-10 PC board is about 0.1- 
0.11 inches wide. After cutting the edges 
of the 50-Q line, cut another line about a 
quarter inch from, and parallel to, the 50-2 
line on each side of the 50-Q line. Using a 
soldering iron, heat the quarterinch-wide 
strips between the 50-Q line and the outer 
sections and remove them with the knife or 
a needle-nose pliers. Leave some copper 
tear (he transistor for connecting QI’s 


emitter leads to the microstripline. 

Drill a hole tn the board for the transis- 
tor such that the leads of the transistor can 
be soldered flush to the microstripline and 
ground foils. This is important: Excessive 
lead lengths drastically reduce the gain of 
this amplifier. Attach a smal] heat sink to 
the stud of the device. 

The §$D1598 can be powered by a 12-to 
18-V supply, depending on the gain and 
power output required. Use an LM317T 
voltage regulator in the power supply, and 
vary the voltage to set the gain of this 
lowlevel stage. This is an easy way to 
match the drive levels needed by the fol- 
lowing stages. 

Set QI’s quiescent current, [,,, to 30- 
50 mA. Vary RI to get the correct idling 
current. This bias current is not critical, 


7aoa 


fl C4 (solder tab to box walt} 


and depends on the device and the collec- 
tor voltage used, Tune up is simple: Adjust 
C8 for maximum power output. 


Amplifier No. 6: 100 mW In, 1 W Out 

A pair of SDI598s and a Wilkinson 
power divider/combiner combination are 
used in this design. The schematic for the 
combined amplifier is shown in Fig 11, and 
the PC-board artwork is shown in Fig 12. [ 
didn’t make an effort to terminate the 75-Q 
Wilkinson divider/combiner; the amplifier 
works fine as is. Power sharing between 
the two devices is excellent, and a 3-dB 
improvement in power output is available 
over a single device. Saturated power out- 
put is well over | W. 

The supply voltage and idling currents 
are the same as single-device Amplifier 


Rivets 


NEC 
NESS80SL 





Fig 9—Parts-placement diagram for the 200-mW amplifier. All paris are mounted on 
the foil side of the board. Note the locations of rivets, At each V,. lead on the MCS5809L 
(pins 5 and 9), install a 100-pF chip capacitor and a 0.01-uF disc to ensure proper 


bypassing. 


Fig 10—The 350-mW amplifier. Glue D1 to Q1’s ceramic body for thermal composition. 


C6—0.001-)F feedthrough. 
C8—0.6- to 8-pF Johanson piston trimmer. 
Di—1N4001. 


Q1i—SD1598. 
R1—--1.5-1.6 kQ, ‘ze W. 


+14-T1H ¥ 


$01598 





RFG1, RFC2—8 turns of no. 26 enam 
wire, closewound, 0.1 inch iD. 
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Fig 11—The 2x $D1598 arnplifier. Glue D1 te Q2's ceramic body for thermal composition. 


Ca, C9—0.6- to 8-pF Johanson piston Q1, 02—S5D1598. RFGI, RFC3—8 tums of no. 26 enam 
trimmer, Ri—1.5-1,6 kQ, Ve W wire, clasewound, 0.1 inch ID. 
Di—1N4001. 







Fig 12—Full-scate PC-board artwork for 
the 2x $D1598 amplifier. Black areas 
represent unetched copper foil. 


16-18 ¥ 


RF OUTPUT 













50- ff 
RF INPUT 


* See caption, 


§01598, S0159H—-1 


Fig 13—The 500-mW broadband amplifier. For power levels over 500 mW outpul, glue D1 to O1’s ceramic body for thermal 
compensation. RFC1 and AFC2 are implemented as PC-board traces. 


Q1—5D1598 or SD1598-1. RFC3—6 tums of no. 28 enam wire, 21-75—Microstriplines, See text and Fig 
R2—1.5-+1.6 kia, Ve W closewound, 6.1 inch ID. 14, 
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Ne. 5 (Fig 10). if this amplifier is mounted 

in a die-cast box, no additional heat sink- 
ing is required; If not, a small heat sink 
should be attached to the stud of each 
device. Adjust C8 and C9 for maximum 
power output. , 


Amplifier No.7: 12dB Gain, 500mW 
Out 

The amplifier shown in Fig 13 is a 
broadband design that’s been around for 
about 6 years. Bill Olson, W3HQT, de- 
signed it as a 1296-MHz amplifier. (The 
1296-MHz version differs in that it has a 
small piston trimmer on the output circuit, 
about an inch from Qi’s ceramic cap.) 

This amplifier is a very versatile design; 
it works from 900-1300 MHz and has a 
power gain of 10-13 dB over this range. | 
built two test amplifiers for this design: one 
for the studded transistor and one for the 
flanged version. Over a dozen different 
devices were tried in these test circuits, 
both at 903 MHz and at 1296 MHz. Classes 
A, AB, € and pulsed-class-C operation 
were all tried, and all worked well. 

The studded §D1598 is used in this de- 
sign. Full-seale artwork appears in Fig 14; 
Fig 15 shows parts placement. As with the 
other designs, rivets are used al all de and 
RF grounds. After the rivets are soldered 
in place, drill a hole in the board for the 
device. Trim Q's leads with scissors, then 
solder them directly to the microstriplines 
and ground foils. If the amplifier is to be 
mounted in a die-cast box, the box will 
provide sufficient heat sinking. If you use 
another mounting method, attach a small 
heat sink to Q1's stud. 

Power output for SSB is 500 mW, and 





Fig 14—Full-scale PC-board pattern 
for the broadband 500-mW SD1598 
amplifier. Black areas represent 
unetched copper foil. 





having wall 





Fig 15—Parts-placement diagram for the broadband 500-mW SD1598 amplifier. The PC- 
board edges are not shown. All components are mounted on the foil side of the PC board 
(except thase mounted to the enclasure). 


+14-18 ¥ 


Fig 16—The two-stage, 1-W $D15948 amplifier. Glue D1 to Q2’s ceramic body for ihermal compensation. 


C10—0.001-uwF feedthrough. 
G11, C13—0.6- to 8-pF Johanson piston 
trimmer. 


Qi—$D 1598 or SD-1698-1, RFC1-RFC5—S turns of no. 24 enam wire, 
Q2, Q3—SD1598. closewound, 0.1 Inch IC. 
R?2, R3—1.5-1.6 ko, "es W. 
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Fig 17—Full-scaie PC-board pattern for the two-stage, 1-W SD1598 amplifier. Black 


areas represent unetched copper foil. 


up to 1 W for CW and FM, depending on 
the device. In applications where the 
device will deliver over 500 mW, a IN4001 
(D1) diode can be glued to Q] for thermal 
stabilization, as shown pictorially in Fig 
15, Power gain at | W output is 7 dB or so. 
By varying R2, set QI’s 1, for 30-50 mA 
for power levels up to 500 mW, and 15-20 
mA for higher levels. 

For low-level stages (upto 200m W out), 
you can use the SD1598-1 studless part in 
this circuit, Solder the studless device to 
the microstrip, then solder a piece of hobby 
brass to the device’s gold-plated bottam 
area and to the ground plane. This provides 
enough heat sinking to dissipate a few hun- 
dred milliwatts, 

At 903 MHz, no output trimmer capaci- 
tor is required. Some improvement in the 
output match can be achieved by trimming 
the width of the output line by a few thou- 
sandths of an inch with an X-ACTO knife. 
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Amplifier No. 8: 10 mW In, 1 W Out 

A second I-watt amplifier, this one 
using a pair of SD1598's driven by a single 
SD 1598, is shown in Fig 16. This design is 
similar to that of Amplifier No.6, with the 
addition of a driver stage. The artwork 
appears in Fig 17. 

For the driver transistor, you can use an 
$D1598-1 studless device, as Q1 must pro- 
vide only a hundred milliwatts or so. The 
driver is mounted in a hole in the PC board. 
A small piece of brass shim stock is sol- 
dered to the bottom of the device and to the 
ground-plane side of the PC board for heat 
sinking. 

This amplifier runs on 14-18 V dc. The 
idling current for each device is around 30- 
50 mA. Again, the supply voltage can be 
provided by an LM317T regulator. Adjust 
R2 and R3 te individually set each device’s 
idling current. Then, tune the amplifier by 
adjusting C11, C12 and C13 for maximum 


output. Vary the supply voltage to optimize 
the required power output or gain. 

The 2.4 x 4.4 x I-inch Bud CU-124, or 
an equivalent die-cast box, is a suitable en- 
closure for this amplifier. Mount the con- 
nectors on the ends of the box, and place 
the amplifier PC board inside the box body, 
instead of on the inside of the cover. The 
box provides sufficient heat sinking for this 
amplifier. 

Next month, Ill describe three more 
903-MHz linear amplifiers, including two 
4-W units. 


Notes 
'D. Mascaro,"A 759-MHz Local Oscillator,” 
QEX, May 1988, pp 12-15. 

No-tune transverters, as weil as antennas and 
microwave components, are available from 
Down East Microwave, Box 2310, AR 1, Troy, 
i 04987, tel 207-948-3741. Catalog avail- 
able. 

3The amplifiers in this article use trans- 
istors manufactured by SGS-Thomson Micro- 
electronics, 211 Commerce Dr, 
Montgomeryville, PA 18936, tel 215-362- 
8500. 


4mMouser Electronics, 2401 Hwy 287 N, 
Mansfield, TX 76063, tel 817-483.4422. 
Catalog available. 

5Microwave Components of Michigan, 17141 
Merriman, Romulus, MI 48174, evening tel 
313-753-4581. Parts list availabie. 

SRF Parts, 1320 Grand Ave, San Marcos, CA 
92069, tel 619-744-0728. 

?$GS-Thomsen Microelectronics transistors 
are available through AF Gain Ltd, 100 
Merrick Rd, Rockville Center, NY 11570, tel 
800-645-2322. $50 minimum order. 

8Frontier Microwave, RD 1, Box 467, Mink Rd, 
Ottsville, PA 18942, evening tel 215-795- 
2648, 

5D. Mascaro,, “A Transverter Band-Switching 
Display and Universal Power Supply,” QEX, 
Aug 1987, pp 8-14. 

available from Digi-Key Corp, 701 Brooks 
Ave South, PO Box 677, Thief River Falls, 
MN 56701-0677, tel 800-344-4539. Catalog 
available. 

11Toka filters and other companents are avail- 
able from Steve Kostro, N2CEI, Box 341A, 
RD 1, Frenchtown, NJ 08825, evening tel 
201-996-3584. Parts list available. 





By Dave Mascaro, WAIJUF From QST, July 1990 


903-MHz Linear 
Amplifiers 


Part 2—Did you like the projects in Part 1? Here are 
three more amplifiers to sutt your 903-MHz, 50-ohm 
gain-biock needs. 


n Part |, } covered construction methods 

for building the 903-MHz linear ampliti- 
es described in this twopart series. The 
amplifiers described this month cover a 
higher power range than those in Part 1, 
starting with a 2-W-output design, and fin- 
ishing with a pair of 4-W output units (one 
with 13 dB sain, the other with 23 dB gain). 


Amplifier No. 9: 100 mW In, 2 W Out 
The transistor used in this amplifier, an 

SD1853, is a class-A device in a “strip- 

pac” flanged package. The PC-board art- 


work is shown in Fig 18, andthe schematic Fig 14—Fuli-scale PC-board pattern for the 2-W 01863 amplifier. Black areas 
appears in Fig $9. The parts-placement raprasent unetched capper foil, 
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Fig 19—-The 2-W 5D1453 amplifier. RFG1 and RFC? are implemented as PC-board traces. 


10, Ci1—0.3- to 3-pF Jehanson piston Q1i—SD1854, 21-Z5—Microstriplines. See 
trimmer. Ri—2-3 2, 1 W. text and Fig 18. 
Di—1N4747A4 20-V, 1-W Zener. RFC3—4 tums of no. 26 enam wire, 


closewound, 0.1" IB. 
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ms 7 diagram is shown in Fig 20, and a photo of 


auzing eat +\c¢ my prototype appears in Fig 21. i 

rd C+} f After the board is etched and rivets are 
— installed, cut a hole and file its edges to 

accept Q1’s flange. The SD1853 must be 
mounted to a heat sink. (A Bud CU-124 or 
equivalent die-cast box is adequate.) Use a 
piece of G-10 PC board between the ampli- 
fier board and the heat sink, to allow the 
device to be mounted flush to the 
microstrip, The device flange is the emit- 
ter, and a low-inductance ground connec- 
tion is a must. Make this connection by 
using a piece of copper-foil tape soldered 
to the microstrip ground plane and placed 
between QI’s Flange and the heat sink. 


= aivars Mount the transistor to the heat sink with — 





no. 4-40 screws. Use heat-sink compound 
Fig 20—Parts-placement diagram for the 2-W SD1853 amplifier. The PC-board edges between Q1 and the heat sink, 
are not shown. All components are mounted on ihe trace side of the PC board (except An LM317T (or LM317K) adjustable 
those mounted to the enclosure). regulator can be used to supply the voltage 


required by this amplifier. Use a |O-tumn 
pot for the ADJUST control; smooth 
adjustment of the supply voltage to this 
amplifier is a must. Insert a milliammeter 
in series with cucrent-limiting resistor R1, 
and slowly adjust the regulator output up 
from minimum until the idling current is 
200-225 mA without RF drive applied, The 
exact supply voltage depends on the beta of 


Fig 22 (below)}—-The 4-W, 2 x 801853 
ampiifier. 

C4-C6—0.3- to 3-pF Johanson piston 
trimmer. 

D1—1N4747A 20-V, 1-W Zener, 

Q1, Q2—S$d1853. 

Ai—2-3 0, 1 W. 

RFC1, RFC2—6 turns of no. 26 enam wire, 
closewound, 0.1" ID. 

21-25—Nicrostriplines. See text and Fig 
23. 
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Fig 23—Parts-placement digram for the 2 x $D1853 amplifier. The PC-board edges are 
not shown. All components mount to the trace side of the PC board (except those 
mounted to the enclosure). 


QL, the value of RI, and D1’s breakdown 
voltage. Idling current can be adjusted 
slightly to optimize gain and/or power out- 
put. The supply voltage must be removed 
during receive to minimize device heating. 
Tune-up is simple. Apply drive and tune 
C10 and Cll alternately for maximum 
power output. If you have access to a return- 
loss bridge or network analyzer, you may 
want to trim the width of Z2 to improve the 
input return loss. Verify stability (as indi- 
cated by no output and no change in supply 
current) by tuning the trimmers through 
their ranges with no input signal applied. 


Amplifier No. 10: 200 mW In, 4 W Out 

This high-gain design consists of a pair 
of SD1853s combined in a Wilkinson 
power divider/combiner. As before, I made 
no effort to terminate the 75-Q Wilkinson 
divider/combiner with balancing resistors. 
It worked just fine without them, Even the 
1296-MHz version, which uses the same 
board layout, worked well in this configu- 
ration. 

Fig 22 shows the schematic of this 
class-A amplifier, and Fig 23 shows parts 
placement. The PC-board pattern, the same 





Fig 24-—This protolype 4-W amplifier was built on a PC board with Fig 25—The 4-W amplifier's heat sink, boited directly to the 
aspare driver stage that's bypassed with a brass strip. devices, must be positioned such that cooling air can flow over 
it during amplifier operation. 
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Fig 26—The two-stage, 4-W, $D1598/SD1853 amplifier. 

C4, C12-C14—0.3- to 3-pF Johanson piston trimmer. 
Di—iN4747A 20-V, 1-W Zener. 

Qi--SD1598. 

Q2, @3—SD1853. 

R2—1,5-1.7 kQ, ve W. See text, Part 1, June 1990 QST, p 24, 
RA3—1-2 Q, 2 W. 

RFC1-RFC4—8 turns of no. 26 enam wire, closewound, 0.1" ID. 
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as that for Amplifier No. 8, is shown in Fig 
17 (shown in Part 1). The board's driver- 
stage traces are by-passed with a brass strip 
in this amplifier. Fig 24 shows my proto- 
type mounted in a PC-board enclosure. A 
single base-bias source, using a current- 
limiting resistor and Zener diode, feeds 
both devices. Total idling current, mea- 
sured in series with R1, is 400-450 mA. 
The same mounting arrangement used 
with the single-S$D1853 amplifier (Ampli- 
fier No. 9) applies to this unit, The device 
flanges must have low-inductance ground 
connections. Mount the transistors to a heat 
sink about 2 = 3 inches with '/2 inch or taller 
fins, as shown in Fig 25. Again, the supply 
voltage is switched on only during trans- 
mit, To tune this amplifier, adjust C4, C5 
and C6 alternately for maximum output. 


Amplifier No. 11: 20 mW In, 4 W Out 
A second 4-W amplifier, using a pair of 
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$D1853s driven by a single $D1598, is 
shown in Fig 26. The fmal stage is Ampli- 
fier No. 10, and the driver is the same as 
that used in Amplifier No. 8. The PC-board 
artwork is shown in Fig 17; the parts place- 
ment can be done using Figs 23 and 16 as 
guides. 

The power-supply and bias adjustments 
are the same as those for the previously 
described amplifiers using these devices. 
Transistor mounting is also the same as 
before, but extra heat sinking is required 
with this unit because of the class of opera- 
tion and the power output. 


Higher Power Output 

Higher-power devices usable at 903 
MHz are available from several manufac- 
turers, NEC’s NEL1320 (2803542) pro- 
duces 18-20 W linear output at 903 MHz. 
These devices also work on the 1296-MHz 
band. These transistors, as well as single- 


and dual-stage amplifiers based on them, 
are available from Down East Microwave 
(DEM). (The DEM two-stage 33 18PA runs 
around 18 W output for about | W input), 

SGS-Thomson Microelectronics also 
makes high-power devices for the 800- to 
960-MHz range. For example, the $D1423 
is a4-W-in, 30-W-out class AB device, and 
the $D 1660 is aclass-AB transistor thatruns 
a whopping 120 W output for about 35 W 
drive, Both of these devices run on 28 V de. 


Summary 

As I’ve shown in this two-part series, 
there’s really nothing difficult about build- 
ing your own 903-MHz equipment—-from 
the local oscillator to the final amplifier. 
This ease of construction is a vast improve- 
ment over what it was just a few years 
ago—and the 903-MHz band’s population 
has grown as a reflection of that, See you 
on the microwaves! 


By Dave Mascaro, WA3JUF From QST, August 1988 


5-Watt Linear Amplifiers 
for 144 and 200 MHz 


any hams have 2-meter and 220-MHz 

hand-held rigs and low-power por- 
table SSB rigs these days. Unfortunately, 
many of these radios have limited useful- 
ness because of their low power output. 
Also, as hand-held radios get smaller, so 
do the NiCd packs that power them—a few 
long-winded transmissions on high power 
and the battery is dead! The low-power 
mode is usually good only for short-range 
simplex operation, or repeater use when 
you're close to the repeater. High-capacity 
battery packs are available for most hand- 
held rigs, but using them takes away the 
size and weight advantage of today’s 
smaller hand-held transceivers. Some rigs 
offer the option of removing the battery 
pack and plugging the unit directly into 
12-¥ de, which gives you a small, light- 
weight rig, but you're still stuck with rela- 
tively low power. 

The solution to this problem is the addi- 
tion of a linear amplifier. An amplifier 
after the hand-held transceiver or portable 
rig that can give you 25 te 30 W of output 
power (depending on the output of the driv- 
ing rig) without imposing large weight, cost 
and current-drain constraints is a great 
addition to your VHF station, An amplifier 
also allows you to use the same low-pow- 
ered rig in the house and in the car with 
high power output. You can mount an 
amplifier under the seat or in the trunk of 
your car, and minimize the possibility of 
theft by taking the radio with you when you 
leave the car. 


Amplifier Design 

The amplifiers described in this article 
are capable of 25 to 30W of RF output for 
the drive power available from common 
handheld and portable rigs. The 2-meter 
and 220-MHz designs are so similar that 
we can describe them both in one discus- 
sion. The differences in the designs are 
covered in detail. Design, assembly, tun- 


Do you need more punch from your hand-held or 
portable rig for 2 meters or 220 MHz? These little 
amplifiers can supply it! 


ing and use of the amplifiers is virtually 
identical for both versions. Both versions 
even use the same PC board! (Note that two 
different boards are shown in the lead 
photo—they were prototypes of the fmal 
board design.) 

Receiving preamplifiers are included in 
both units. They, too, are quite similar, dif- 
fering only in some component values. 

This power amplifier uses a single 
§D1274 bipolar transistor manufactured by 
Thomson Components/Mostek Corp.! The 
device is operated class AB for all-mode 
Operation. Nominal de power-supply volt- 
age is [3.8. The amplifier will operate on 
any de supply voltage between 12 and 14.5 
(the typical automobile supply voltage 
range). 

The main amplifier PC board is a micro- 
stripline design on standard '/ie-inch- 
thick, double-sided, G-]0 fiberglass-epoxy 
board. Input and output tuning capacitors 
are provided for maximizing gain and 
power output in a given band segment. If 





desired, the amplifiers can be tuned for 
broadband operation with only a slight re- 
duction in power output across the operat- 
ing frequency range. 

The 2-meter and 220-MHz amplifiers 
are narrow-band designs. The 2-meter ver- 
sion gives 25 W output for 2 W of drive 
from 138 to 150 MHz, with a single tuning 
setting. When tuned for narrow-band 
Operation, the amplifier gives about 20 W 
output for | W of drive. With the Kenwood 
TH-21AT on high power, my 2-meter 
amplifier puts out 25 W. On low power, I 
can adjust the amplifier for a maximum nar- 
row-band gain, which gives about 7 to 8 W 
output. Efficiency is 50 to 60%, depending 
on tuning and power output. 

The tuning range of the 220-MHz am- 
plifier is 200 to 230 MHz. When tuned for 
narrow-band operation, the amplifier gives 
about 16 W output for ] W of drive. Driving 
the amplifier with my ICOM IC-3AT on 
high power (about |.5 W), the amplifier 
puts out 20 W. With the IC-3AT on low 
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Fig 1—Schematic of the 25-W VHF amplifiers. The 5-A fuse is included in ihe power lead (external to the amplifier). Be extremely 
careful when mounting the power transistor—see text for precautions, In the parts list below, values for the 220-MHz version are given 
in parentheses where they differ from those in the 2-meter version. Asterisks indicate parts not used in the 220-MHz version. 


Ci—15-uF, 6-V de. 

C2—470-pF disc. 

C3—2-pF silver mica. 

C4, C23, C26—270- to 470-pF silver mica 
or Unelco. 

C8—270- to 470-pF (100 pF} silver mica 
or Uneica. 

ee C7, C14, C16, C19, C24—0.01-pF 

isc. 

C6—).22-F disc. 

C9—43-pF silver mica or Unelcg. 

C10—Arco 404—4 to 60 pF (Arco 403—4 
to 40 pF). 

C11, G15—1-pF, 15-¥ tantalum. 

C12—180-pF (120-pF) Unelco. 

C13, C18—220-pF Unelso. 

17-—-68-pF (51-pF) Unelco. 

C20—10-pF, 36-V electrolytic. 

G21*—33 pF silver mica or Unelco. 


power (about 150 mW), [can tune the am- 
plifier 10 give 4W output, Effictency is 
about the same as the 2-meter version. 
The saturated power outpul for both 
versions is more than 35 W in FM opera- 
tion, The maximum FM power input is 
4W, Minimum power input for proper RF 
sensed keying operation is 100 mW. 


The Power-Amplifier Circuit 


See Fig 1, KI is similar to relays used 
in VCR RF circuits. I have switched up to 


2-40 Chapter 2 


G22—Arco 404—4 to 60 pF (Arco 402-- 
1,5 to 20 pF) 

C25—0.1-uF disc. 

C27—G.001-LF disc. 

C34, C35—25-pF (18-pF) Unelco, 

C36-——~10-pF trimmar. 

Di, De—1N4146 or 1N914, 

03, Dé—1 N4001 or equiv. 

D5—ECG 581 or equiv. 

OS 1—LED. 

FB—Ferrite bead. 

K1i-—Omren LZN203-UA-BC12 DPDT 
relay. 

L3—3 turns (1 turn) no, 18, closewound, 
0.2-in. (4-in.) ID. 

Q1—Thomson/‘Mostek SD1 274. 

Q2—MPS-A13 NPN Darlington. 

Ri, R4d—1.5-kQ, % W. 

R2—-500-kQ, 10-lurn potentiometer. 


40 W at 2 meters and 35 W at 220 MHz with 
ihese relays. They present a good match to 
5Q ©. The loss through the amplifiers 
(when not in use) resulting from these 
relays is less than I dB. This is typical for 
2-meter and 220-MHz amplifiers. 

In addition to switching the transmitted 
and received signals, the relays also switch 
the dc supply voltage. In the transmit mode, 
K1 switches 13.8 V de to the input of the 
bias regulator, UJ. The regulator IC and its 
associated resistors (R7, R&) and bias 


R3-—10-kQ, 4 W. 

R5—100-0 miniature potentiometer. 

Ré—?270-G, 14 W. 

Al, A8—160-8, 1% W. 

Ag—15-9, 4 WwW. 

RFC1, RFC?2, RFC4—0.47-u.H molded 
choke. 

RFCS*—0.15-H molded choke. 

RFC5—46 tums (5 turns) no. 16 enam, 
i4-in, ID, 

RFCG6—VK200/4B ferrite choke. 

$1—Miniature SPDT toggle. 

Ui—LM317T voltage regulator 

Miscellaneous 

2 BNC or N connectors (see text). 

4x4 1%-in, heal sink. 

5-A fuse and in-line holder. 

2 1-in, scrap of thin sheet brass. 


diode (D5) supply a stiffer bias voltage to 
the base of OL than the more-common volt- 
age-divider bias networks. This low-imped- 
ance bias source keeps the bias vollage con- 
stant over the range of RF drive levels. With 
a voltage-divider bias network, bias voltage 
can be upset by the base-emitter rectifiea- 
tion (self bias) developed by the RF driving 
signal. In such a case, over-driving the am- 
plifier causes the base bias to decrease, 
resulting in non-linear amplification. This 
effect is limited with the regulator-type bias 


circuit used in these amplifiers. 

TR switching is accomplished by an RF 
sensing circuit. A small amount of RF is 
sampled by C3 and rectified by Dl and D2, 
which turns on keying transistor Q2. Q2 
pulls in K1, which switches the amplifier 
into the line. 

When S] is in the SSB position, a short 
drop-out delay is added in the RF-sensed- 
keying circuit to keep the amplifier keyed 
during brief pauses in speech. This delay is 
adjustable by varying R3. In the FM posi- 
tion, no delay is needed. 51 does not change 
the class of operation of Q1—it merely 
switches in the delay circuit. 

The switching relays are wired so the 
amplifier can remain in-line at all times, 
with or without the supply voltage con- 
nected. Applying the supply voltage allows 
you to use the amplifier and preamp. With- 
out the supply voltage connected, all trans- 
mitted and received signals pass through 
the amplifier. 

The spectral output of these amplifiers 
is quile good, but to ensure clean signals, 
I’ve added filters to the output of each unit. 
Although there isn’t much extra room for 


the filter components inside the amplifier 
cabinet, you can mount them on the back 
cover or in another small enclosure. The 
filters, shown in the title photo, are very 
simple to build and tune. 


Construction 


Each amplifier consists of two PC 
boards: the power-amplifier board and the 
preamp board (if used). After the PC boards 
are etched, holes are drilled with a no. 50 
bit for installation of tinned grounding riv- 
ets at all RF and de grounds (see Fig 2).? 
Install the rivets on the board as follows: 
After inserting the rivets, flare the inserted 
end with an awl. Next, flatten the rivet by 
tapping it lightly with a hammer, using an 
anvil or other solid surface under the PC 
board as a support. Solder the rivets on both 
sides of the PC board, Alternatively, pieces 
of wire can be soldered through the board— 
but because the wires will not be flush with 
the board, mounting the heat sink may be 
difficult. 

Drill the holes for Q1 and the board- 
mounting screws as indicated in Fig 2. No 
holes are needed for component mounting 


Fig 2—Main PC-board layout 
for the 2-meter and 220-MHz 
amplifiers. Artwork is full scale. 
Because this is a microstripline 
design, do not change the 
geometry or routing of board 
traces. The board must be 
drilled for rivets, mounting 
hardware and transistor 
mounting at the locations 
marked. The transistor- 
maunting hole is 0.38-in. 

diam and should be drilled at 
the + near the center of the 

PC board. All other holes 
{except for the relay-mounting 
holes near the output micro- 
stripline) are for rivets and no. 
4-40 mounting hardware. 





because all parts are mounted on the trace 
side of the PC board. All the components 
except the preamp board are mounted next. 
(The preamp board is mounted after the 
amplifier has been tested, to prevent pos- 
sible damage to the preamplificr.) Connect 
a piece of miniature 50-Q Teflon® or 
RG-58 coaxial cable between K1] and the 
amplifier-input microstripline (see Fig 3). 

After drilling or milling holes for Q1 in 
a suitable heat sink (see Fig 4), tap the 
mounting holes in the heat sink for no. 4-40 
hardware, and mount the PC board to the 
heat sink. Trim the four leads of Q1 to about 
half their original length to make mounting 
easier. 

QI can be mounted in one of several 
ways. The distance between the underside 
of the leads of Q1 and the heat-sink mount- 
ing area of QI is larger than the thickness 
of '/is-in. G-10 beard material. Because of 
this, the heat sink must be milled (see Fig 
4), or small pieces of copper or brass must 
be soldered under each lead of QI to make 
up the difference in height. Alternatively, a 
second piece of G-10 material can be cut 
to the same size as the amplifier PC board 
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Fig 3—Parts-placement diagram for the VHF amplifiers. All parts ara mounted on the foil-irace side of the PC board. The power- 
transistor mounting stud passes through the board and inte the heat sink. DS is epoxied to tha ceramic cap of Q1. A2 (10-tum 
potentiometer) is epoxied to the PC beard as indicated, with the pins facing up.d 


and used as a spacer between the PC board 
and heat sink. 

Be careful not to crack the body of O1 
where the leads of the device meet it—this 
can release beryllium-oxide (BeO) dust, 
which és lethal. The leads of the transistor 
can be bent down slightly to the PC board 
without affecting RF performance, but 
never force them in the opposite direction 
after the transistor has been tightened to the 
heat sink. Mount the transistor to the heat 
sink first, then solder its leads to the board, 
and nof vice versa, Use thermally conduc- 
tive compound between QI's mounting 
surface and the heat sink. 

Cut a piece of hobby-store sheet brass 
aboul as wide as the bias regulator IC and 
twice as long as the body of the device. This 
will be a heat sink for the bias regulator. 
When mounting the regulator IC, use ther- 
mally conductive compound between it and 
the brass sheet, and between the brass and 
the main PC board. After tightening the IC 
hardware to the PC board, bend the brass 
sheet in a U shape over the IC, leaving 
enough clearance for heat to escape between 
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the IC and the brass heat sink. This heatsink 
arrangement can be seen near the bottom 
center of each amplifier in the lead phato- 
graph. 


The Preamplifier Circuit 

The high gain and low noise figure (NF) 
of a GaAsFET preamp are got necessary in 
amplifiers in this power class. I designed 
the preamp circuit (Fig 5} to use an inex- 
pensive U310 FET. It has more than enough 
gain lo overcome the losses of the amplifier 
switching circuits and the feed line to the 
amplifier. The preamp bas more than [2 dB 
gain and noise figure of about 2 dB. 

When 82 is closed, K2 closes, activat- 
ing the preamplifier by applying the dc 
supply voltage to the drain circuit of Q3 
and to the preamp ON LED, DS2. In the 
transmit mode, K! switches off the supply 
voltage to K2, allowing K2 to drop out. 

The preamp circuit is optional. and I 
didn't include it on the main amplifier PC 
board. If you’re not going to build the 
preamp, solder foil-tape or wire jumpers 
between the two points on the main ampli- 


fier PC board where the preamp connects 
during assembly. 


Building the Preamplifier 

The schematic of the preamplifier cir- 
cuit js shown in Fig 5, As mentioned 
earlier, although some component values 
differ between the 2-meter and 220-MHz 
versions, the (wo are essentially the same 
in all other respects. Components that have 
different values for the two versions are 
marked with asterisks on the schematic 
and the parts list. Unlike the main ampli- 
fier PC board, most preamp components 
are mounted through the board and sol- 
dered on the bottom side. The PC-board 
layout and parts-placement diagrams are 
shown in Figs 6 and 7, respectively. 

As with most FET VAF preamplifiers, a 
shield is necessary between the input in- 
ductor and the active device. Solder a piece 
of scrap brass sheet to the ground foil be- 
tween these circuit elements. (This preamp 
shield can be seen in the right-hand ampli- 
fier in the lead photo, just behind L1.} 

After building the preamplifier, tune it 
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Fig 4—Heat-sink drilling dimensions for the VHF amplifiers. Overall heat-sink size isn't 
critical, but should be close to the dimensions shown. As an alternative to milling the 
heat sink to accept Q1, a piece of Vie-in. double-sided PC-board material can be used as 
ashim. Be careful not to stress the transistor lead-to-body connections during mounting. 


for maximum gain with a signal generator 
or an on-the-air signal, If one is available 
to you, use a noise-figure meter and tune 
the preamp for best NF. 


Building the Output Filters 

I built the output filters for each ampli- 
fier on scraps of PC-board material. The 
construction is shown in the title photo. 
After building the filters, it’s a good idea to 
use some silicone sealant on the coil (espe- 
cially in the 2-meter filter) to hold the coil 
turns in place. Install the filter in a suitable 
enclosure, or in the amplifier cabinet. 

To tune the filters, youll need areceiver 
capable of receiving the second harmonic 
of the fundamental (288 MHz for the 2- 
meter filter, and 440 MHz for the 220-MHz 
filter), and a signal generator or an on-the- 


air signal. Connect the filter between the 
antenna (or signal generator) and the 
receiver, and tune C36 for minimum sec- 
ond-harmonic signal level. 


Enclosures 


I used the main amplifier PC board as 
the top cover for the unit (with the heat sink 
mounted on it), I made the sides and bottom 
cover of the enclosure from PC-board 
material. The side walls are soldered to the 
amplifier board, and the bottom cover is 
attached to the side walls with small brack- 
ets (also made of PC-board material) 
soldered to the bottom cover. Alternatively, 
the amplifier can be mounted in an alumi- 
num enclosure. 

Although I used BNC connectors for RF 
input and output, N connectors can also be 


used. Make the connections from the input 
connector to the PC board with a piece of no. 
16 wire or a '/s-inch-wide strip of brass to 
the input microstripline. At the output, con- 
nect de-blocking capacitor C26 between the 
microstripline and the antenna connector. 
Check the board for proper component 
placement and good solder joints, and get 
ready to tune up the amplifier! 


Amplifier Tune-Up 

As with the amplifier-circuit design and 
description, the tune-up procedure is very 
similar for both. The only difference is the 
exciter you use. Here’s how (to tune either 
version. 

Disconnect RFC4 from the base of Q1. 
Connect a voltmeter to the free end of 
RFC4. Apply 13.8 V de to the amplifier 
supply voltage leads. Using the voltmeter, 
verify that R5 is mounted so that output of 
UL increases with clockwise rotation of R5, 
Turn R5 fully counterclockwise (minimum 
UL output voltage). Reconnect RFC4, 

Set the quiescent (no-drive) current to 
Q1 as follows: Disconnect one end of RFC6 
and connect an ammeter in series with it. 
Apply 13.8 V de to the amplifier through a 
5-A fuse. Turn the preamp off. Do not apply 
RF drive during this adjustment. Using aclip 
lead, ground the collector of Q2. This should 
actuate KI, Check the TX LED, DSI, for 
operation, (If K! actuates and the TX LED 
does not light, the LED may be installed in 
reverse.) Slowly adjust R5 for an idling cur- 
rent (through RFC6) of 75 to 100 mA. The 
amplifier should be stable; instabilities are 
indicated by erratic variation of Q1’s quies- 
cent current as R5 is adjusted. 

Disconnect the ground lead of Q2. QI's 
collector current should drop to zero. If the 
collector current does not drop to zero, the 
amplifier is unstable. If all is well, remove 
the ammeter and reconnect RFC6, If the 
amplifier is unstable, check all bypass ca- 
pacitors and solder connections. 

Apply about 100 mW of drive to the 
amplifier and check that the COR and 
delay circuits work properly. Adjust C10 
and C22 for maximum power output. 
Increase drive power and retune for 
maximum output. After fmal assembly, 
tune the amplifier for the desired frequency 
and power level. 


Final Assembly 


The preamplifier board can now be in- 
stalled on the main PC board. Mount the 
preamp on its edge (refer to the title photo 
and Fig 3) and solder the input and output 
microstriplines in place. Solder the ground 
foil of the preamp board to the ground foil 
of the main board in a few places to support 
the preamp board, Connect S2 and DS2 to 
the preamp board with hook-up wire (see 
Figs 5 and 6 for connection points). Apply 
power and check for proper operation of 
§2, K2 and DS2. 

The enclosure can now be painted if you 
wish. Use masking tape to cover the con- 
nectors and heat sink. (Mount the LEDs and 
switches after painting.) You may want to 


VHF/UHF Amplifiers 2-43 


Fig 5—Schematic of the preamplifier 
circuit. K2 is identical to K1 on the main 


amplifier board. $2 and DS2 are mounted 


on the front panel of the amplifier. In the 

parts list below, values for 220-MHz 

version are given in parentheses where 

they differ from those of the 2-meter 

version. 

C28, C29, C33—0.01-yF disc. 

C30—2-pF silver mica. 

C31, C32—20-pF trimmer. 

DS2——LED. 

D6—-1 N4001. 

Li, L2-——6 turns (4 turns) no. 16 enam, 
0.3-in. ID. 

K2—Omron LZN203-UA-DC12 DPDT 
relay. 

Q3—-U310 FET. 

R10—1.5-kQ, 4 W. 

Rii—91-Q, 4 W. 

RFC7, RFC8—0.47-H molded choke. 

$2—Miniature SPDT toggle. 


Miscellaneous 
1x % in. strip of thin sheet brass 





| PREAMP 
$2 ON 


Fig 6—Full-size PG-board Jayout for the preamplifier circuit. Unlike the power-amplifier 
PC board, most of the preamplifier components are mounted on the non-trace side of the 


board, 





Fig 7—Parts-placement diagram for the VHF preamplifier. Mount all components on the 
unetched ground-plane side except for C30 and C31. Use a drill to clear the foil away 
from all mounting holes on the ground-plane side of the board (except for through-board 
ground connections). Solder all ground connections on both sides of the PC board (see 
text for rivet-installation instructions), Solder a brass-strip shield to the ground foil 
between Li and Q3 on the component side of the PC board. 


add stick-on rubber feet to the bottom cover 
to keep it from sliding around and being 
scratched. 


Amplifier Operation 
The 2-meter amplifier works very well 
2-44 Chapter 2 


with my Kenwood TH-21AT hand-held 
and ICOM IC-2028 SSB/CW transceiver. 
I use one in my shack and one mobile— 
both at more than 25 W output. I drive the 
220-MHz version of the amplifier with an 
ICOM IC-3AT (in its high-power mode), 





Limit the amplifier power output to 
25 W during linear operation. Ail SSB 
amplifiers have a rated linear power out- 
pat that should not be exceeded, ever 
though the amplifier may be driven above 
that level. Te keep your signal clean, do 
not overdrive any amplifier. For exciters 
with fixed power outputs that would over- 
drive the amplifier, use the loss of a length 
of RG-58, or a discrete attenuator, between 
the radio and the amplifier to prevent over- 
drive. The gain of the preamplifier (if used) 
will overcome the attenuator or cable loss 
during receiving. 

When using any amplifier or transverter 
in the shack, it is a good practice to “hard 
key” it. Hard keying is simply forcing the 
amplifier or transverter into the transmit 
mode with a switch closure or an applied 
voltage. To do this, run a keying line from 
the exciter to the amplifier. (Ground the 
collector of Q2 to hard key these amplifi- 
ers.) Ladded a phono jack to the 220-MHz 
amplifier to facilitate hard keying. If a 
positive voltage is used for keying, a 
2N2222 transistor inverter can be used 
between the transceiver and the collector 
of Q2 (see the inset in Fig 1). 


Summary 


These amplifiers have served me well 
in the car and at home. After building one 
of these amplifiers, you'll probably find 
what I did: They’re so handy to have 
around, and so easy to build, that you can’t 
build just one! 


Notes 

1Thomson Components/Mostek Corp, Semi- 
conductor Division, Commerce Dr, 
Montgomeryville, PA 18966, Thomson tran- 
sistors are available through RF Gain, Ltd, 
100 Merrick Ad, Rockville Center, NY 11570, 
tel 516-536-8868 or 800-645-2322. 

2The following parts are available from Fron- 
tier Microwave, RD 1 Box 467, Ottsville, PA 
18942: 100+ tinned rivets: $2; relays (1, 
K2): 2 for $8. Prices inciude shipping. The 
ARRL and @STin no way warrant this offer. 





By David D. Meacham, W6EMD From QST, April 1984 


A High-Power 2-Meter 
Amplifier Using the 
New 3CX800A7 


Tired of hearing exotic DX on 2 meters but not being 
able to work it? Build this amplifier, and you'll transform 
your pip-squeak signal into a real rockcrusher. 


he 3CX800A7 triode recently an- 

nounced by Varian EIMAC has a plate 
dissipation rating of 800 W and modest 
cooling requirements. Its oxide cathode 
gives high emission with only 20 W of 
heater power. With full ratings up to 350 
MHz, this tube is a scaled-up version of 
the 8874 — a proven performer in amateur 
and commercial gear. 

The amplifier described here is based on 
adesign presented by Raymond F. Rinaudo, 
W6ZO, in January 1972 QST. Most of the 
changes in the new amplifier (Fig. 1) are 
designed to accommodate the larger size of 
the 3CX800A7 and its attendant higher ca- 
pacitances and currents. A plate-current 
meter is not included because my station 
power supply is already well metered. How- 
ever, there is room on the front panel of the 
amplifier for a plate-current meter if an- 
other builder wishes to add one. Other 
changes to Rinaudo’s design are minor. 


Construction 

The amplifier chassis is mounted on a 
standard 19-inch wide, 544-inch-high alu- 
minum rack panel (Bud No. SFA-1833).1A 
3x 13 x 3-inch aluminum chassis (Bud No. 
AC-422) is spaced [*/s inches behind the 
panel by two aluminum end brackets. 
A 3'2 x 442 x J-inch aluminum chassis 
(Bud No. AC-1402) houses the input cir- 
cuitry and is mounted on the larger chassis 
between it and the front panel. The right- 
hand end bracket has a large lip on the rear 
for mounting the heater transformer 
and connectors. Fig. 2 shows mechanical 
details of the chassis and end brackets. The 
cabinet chosen is a lightweight aluminum 
unit made by TenTec (No. 19-0525). 





Input Circuit 

In the cathode-driven configuration, the 
input impedance of the 3CX800A7 appears 
as a nominal capacitance of 26.5 pF in par- 
allel with a resistive component that varies 
with operating conditions but is typically 
about 49 ohms. The computerdesigned in- 
put circuit of this amplifier operates at a 
loaded Q of about 2.1. It can be set any- 
where in the 2-meter band for a VSWR 
of less than 1.3:]. C1] and C2 are predomi- 
nantly matching and tuning controls, 
respectively; there is some interaction 
between them, however. When the input is 
tuned at 144.5 MHz, the input VSWR will 
he less than 1|.4:1 from 144 to 145 MHz. 

The tube socket is an EIMAC SK-1900 
ora Johnson part No. 124-311-100. Its cen- 
ter is mounted 2 inches from the end of the 
input box, adjacent to the mounting 
bracket. The tube pins and input circuit are 
cooled by asmall amount of air admitted to 
the input box from the pressurized output 
box. Three holes, made with a no. 50 drill, 
provide adequate flow. These holes are 
spaced in a close triangle and are located 


diagonally across from the variable capaci- 
tors. Air exhausts through the tuning hotes. 
Fig. 3 shows details of the input circuitry. 

The heater circuit includes two chokes, 
feedthrough capacitors, the filament trans- 
former, a voliage-dropping resistor and a 
switch. The chokes are wound with a turn- 
to-lurn spacing of about one-half the wire 
diameter, They are self-resonant (parallel 
resonant) just above the 2-meter band, 
Nominal heater voltage for the 3CX800A7 
is 13.5 V. The closest available commer- 
cial transformer has a 14.0-V secondary, 
so R3 is used in the primary. Switching is 
set up so that the blower must be on before 
the heater can be activated. Conversely, 
this arrangement aliows the blower to be 
left on after switching off the heater—a 
highly recommended practice. 

Cathode bias is provided by a 5.1-V 
Zener diode, D3, RI prevents the cathode 
voltage from soaring if the Zener fails. F2 
will blow if excessive cathode current is 
drawn, R2 nearly cuts off plate current on 
receive. Because the grid is at de ground, 
the negative supply lead must be kept above 
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Rosetta: Probe ~ y N ¢ Europe's Rosetta mission has 


made a historic first landing on a 

lands on ¢? comet, 510 million kilometres from 
Earth. The landing marks the highlight 

comet 4 of the decade-long mission to learn more 


a the origins of our Solar System 


Rosetta Philae @ =e 


fi orbiter lander 






67P/Churyumov- 
Gerasimenko 
Icy coreis 
around 4km 

(2.5 miles) wide 


ANATOMY OF HISTORIC LANDING 


El) 08:35am: Fridge-sized lander 
launched from mother ship. 20km 
descent will take seven hours 





F) 11:00GMT: Rosetta receives 
signal from Philae, which unfurls 
legs and starts taking pictures 





PHILAE LANDER: 











E] 16:05GMT: Philae lands on comet 
but harpoons that secure probe 

to surface fail to attach, meaning 
craft could bounce back into space 


Source: ESA Picture: ESA/Rosetta/MPS for OSIRIS Team 






Drill to extract 
samples into onboard 
laboratory to analyse 
comet's chemistry 

© GRAPHIC NEWS 








ENCE?T AS INDIO ATEC, DECIMAL VALUES OF 
CAPACITANCE ARE IN MICROFARADS [ uF 5; 
OTHERS ARE (Kh PICOFARADS L pF OR per T, 
RESISTANCES ARE in GMMS; 

he 1000, mel0G0 100, 


Fig. 1 — Schematic diagram of the 3CX800A7 amplifier. 


Bi — Blower (Dayton 4C012 or equiv.}; see text, 
C1, C2 — 1.7-14.1 pF air variable (E. F. Johnson 189-505-4 or 


equiv.}. 
C3 — 500.pF, 1.kV disc ceramic. 


text). 


NOTE; CONNECT THE HOT SIDE OF 


THE #7-¥ AC LINE TO THE FUSE. 


Th AS 
* 
rest 6 
(2) Cw) HP-¥ AG 
Fi 
oo Oo” 0-10 
82 Lh 


J2 — Type N ferrale connector (part of C19 assembly — see 


J3, J4 — High-voltage connector {Millen 37001 or equiv.}. 
L1 — 8 turns no. 16 tinned wire, */e-in ID, "/ie in long. 


C4, C5, C6 — Ceramic feedthrough, 1000 pF, 500 V 
(Erie 357-001}. 
C7 — EMI feedthrough filter, 1500 pF, 2.5 kV (Erie 1280-060). 
ca, C9 — 50 pF, 7.5 kV, NPO (HEC HT-50 852). 
C10, C11 — See text. 
D1, D2 — 1N4001. 
D3 — Zener diode, 5.1 V, 10 W (1N3996A). 
DS1 — NES1 in holder with built-in dropping resistor. 
F1 — Slow-blow fuse, 2 A (Buss MDL-2 or equlv.). 
F2 — 1.5 A fuse (Buss AGC 1'/2 or equiv.}. 
J1— BNC bulkhead feedthrough connector (UG-492 A/U). 


L2 — 6 turns no. 16 tinned wire, */e-in ID, "Vie in long. 
L3 — Plate line, 15/15 in wide, 87/16 in long. See text and Fig. 4. 
Ri, R4 — 200 ohms, 12 W. 
R2 — 10 kQ, 12 W. 
R3 — 35 ohms, 12 W. 
A5 — 50 ohms, 50 W. 
RFC1 — 1.0 nH choke, 300 mA (Miller 4602), 
RFC2, REC3 — 11 turns ne. 20 HF wire on */s-in Noryt rod. 
RFC4 — 10 turns no. 16 tinned wire, 'e-in ID, 18/16 in long. 
Ti — Filament transformer, 14.0-V, 2-A secondary 
(Triad F-215X or equiv.}. 


ground for grid-current metering by M1. 
R4 keeps the negative side of the plate 
supplyirom rising if Mi, D1] and D2 all 
open up. DL, D2 and C3 protect the meter 
from transients and RF voltages. 


Output Circuit 


The output tank circuit is a silver-plated 
quarter-wave strip line (Fig. 4) foreshort- 
ened by the tube, loading and tuning 
capacitances at, and near, its open end. It 
operates at a loaded Q of approximately 
20. The silver-plated anode collet (Fig. 4) 
is made of 0,062-inch-thick brass sheet 
with Tech-Etch 134B finger stock soldered 
on the inside. It is supported by two 
Teflon® standoffs ‘/2-inch in diameter and 
l inch long. At the far end of the line, a 
silver-plated shorting block contacts the 
chassis and the strip line. This block 
(Fig. 4} is made from 7/1s-inch-thick brass 
1%/16 inches wide and | inch high. EIMAC 
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CF-800 fmger stock is screwed and then 
soldered on both top and bottom. The chas- 
$18 and stripline are both slotted to allow 
Sft¢ inch of shorting-block travel to set the 
tuning range of the capacitive-tuning 
paddle, A l-inch-long Tefion standoff sup- 
ports the center of the line, 

The tuning (C11) and loading (C10) 
paddles are 1/1s-inch-diameter discs made 
from silver-plated, '/is-inch-thick brass. 
They are spaced |?/s inches center-to-cen- 
ter. The output loading paddle is nearest the 
tube, and its center is 1'/ie inches from the 
tube cooler surface. Spacing between the 
paddle and line during operation is about 
0.135 inch. The output tuning boss, EIMAC 
part No. 720362, is tapped for a 
44-28 threaded rod. The output loading con- 
tro] and output connector are two separate 
EIMAC assemblies combined into one unit. 
They are available from EIMAC as Support 
Assembly No. 720361 and Sliding Probe 


Assembly No. 720407, For this amplifier, 
the outer conductor was lengthened to reach 
the front panel, The grid collet is also avail- 
able from EIMAC as part No. 720359. 

In addition to RPC4 and feedthrough 
capacitor C7, an energy-absorbing resistor 
(R5) is wired in series with the de plate 
supply. This resistor will protect the tube 
and power supply in the event of a 
highvoltage arc. It provides necessary pro- 
tection while dissipating only 12.5 W at 
500-mA dc plate current, 


Cooling 

The blower specified provides a mea- 
sured 25 CPM airflow through the output 
box and tube cooler at 0.42 inch of water- 
column static pressure. This amount of 
cooling is sufficient for 8300 W of plate dis- 
sipation at sea level with inlet air tempera- 
tures up to 35° C. It is adequate for the same 
dissipation at 5000 feet of altitude with 


inlet-air temperatures up to 25° C, 

Not evident from the photographs is the 
care taken to separate outgoing hot air from 
incoming cool air. This is accomplished by 
the addition of a simple dividing wall 
inside the cabinet running from the rear 
chassis cover of the output box to the rear 
of the cabinet. The material used is rigid 
fiberglass insulation — the kind you cut 
with a saw. It provides a measure of blower- 
noise suppression in addition to assuring 
cool inlet air. 

Hot air leaving the anode cooler is di- 
tected to a homemade “honeycomb” RFI 
filter through a chimney made from rolled- 
up Teflon sheet. The filter is made of brass 
tubing and sheet with the honeycomb 
material soldered in place. See Fig. 5 for 
construction details. This filter acts as a 
waveguide-beyond-cutoff having high 
attenuation at 144 MHz. 

The equation for calculating attenuation 
by this type of filter is 
A, = 32 Did (Eq. Ll) 
where A, = aperture attenuation (dB), D = 
length of pipe, and d = inside diameter of 
pipe. In this case, the “pipe” is each cell of 
the honeycomb. The basic material for the 
honeycomb is cadmium-plated brass heat- 
radiator core.” Each hexagonal-shaped cell 
has a width between flat sides (diameter) of 
0.100 inch. The material is '/:-inch thick. 
Plugging these values into the equation 
yields an A, of 160 dB—more than enough! 
From 4 practical standpoint, it is usually 
sufficient to make cell length at least three 
times the nominal cell diameter. 


Tune-up 

Initial work may be done with a dip 
meter, particularly on the output circuit. 
With the tube in place, but with no voltages 
applied, the shorting block on the end of 
the plate line should be set to give a paddle- 
tuning range that straddles the desired 
operating frequency. Bear in mind that 
when the tube is “hot,” the resonant fre- 
quency will be somewhat lower than it is 
without electron flow. 

The input-tuning capacitor can be dip- 
méter resonated with the matching capaci- 
tor set at One-half mesh for a start. Further 
work here must be done “hot” witha VSWR 
measuring device on the input. 

Set the initial spacing between the out- 
put paddle and the plate line to '/s-inch. Con- 
nect the output to a 50-ohm dummy load 
capable of handling at least 7OOW at 144 
MHz through an accurate VHF wattmeter, 
such as a Bird model 43. Connect a driver 
capable of delivering about 20 W to the in- 
put through a VSWR-measuring device. 

The heater of the 3CX800A7 should be 
tun for at least three minutes before apply- 
ing plate voltage. After the warm-up, short 
the TR terminals and apply about 1000 V to 
the plate. This should result in a small 
amount of idling plate current. Next, apply 
enough drive to produce a rise in plate cur- 
rent, and adjust the plate tuning for a peak 
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Fig 2—Mechanical details of the chassis and end brackets. The end brackets are made 


from 0.032-in aluminum, 5052 alloy or softer. 


in output power. Now tune and match the 
input circuit for minimum input VSWR. 
Next, adjust the output loading paddle for 
maximum power output while keeping the 
plate current dipped with the plate tuning 


paddle. Apply full plate voltage and higher 
drive power, and then repeak the output 
tuning and loading controls. Touch up the 
input tuning and matching, and the ampli- 
fier is ready for service. 
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Fig 5—Mechanical details of the exhaust 
air RFI filler, The honeycomb material is 
soldered inside a 25/.-in OD, 0.065-in wall 
brass tube. The flange, which bolts to the 
Flg 3—Close-up of the inpul circuitry and tube-socket wiring. Keap all leads as short chassis, is made from 0.125-in-thick brass 
as possible. sheet. 
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Fig 4 — Mechanical details of the plate 
line, anode collet and shorting block, 
The plate line is made from 0,032-in- 
thick silver-plated brass, although 
copper or aluminum (5052 alloy or 
softer) of the same thickness may be 
used. The lip an the plate line ls 
screwed to the ane end of the blocking 
capaciters. The anode collet, which Is 
made from 0,062-in-thick silver-plated 
brass, is screwed to the oiher ends of 
the blocking capacitors. Tech-Etch no, 
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Fig 6—Various views of the completed 3CX800A7 amplifier. 





Fig 7—Rear view of the amplifier with the 
plate-compartment cover in place. Note 
the honeycomb RFI filter at the hot-air 
exhaust. 




















Table 1 


Operating Conditions for the 
SCX800A7 Amplifier 
Plate supply voltage 2200 V 
Zero-signal plate current* 65 mA 
Single-tone plate current 500 mA 
Grid bias (Zener bias) -5.1V 
Single-tone grid current” 40 mA 
Driving power 18.5 W 
Output power 707 W 
Gain 15.8dB 
Efficiency** 64% 
ates may vary considerably from tube to 
tube. 
**Actual tube efliciency is about one percent 
higher because of power loss in the 50- 
ohm series resistor in the plate lead (R5). 


A few words of caution are in order. Re- 
member that the heater voltage must never be 
applied without the blower running, and that 
the heater must warm up at least three min- 
utes before applying plate voltage. Never 
exceed 60-mA de grid current, even during 
tune-up. Also, because of the relatively low 
grid dissipation of the 3CX800A7, RF drive 
must never be applied unless plate voltage is 
applied to the tube and a suitable load is con- 
nected to the output. Following these simple 
rules will substantially increase tube life and 
amplifier reliability. 


Typical Operating Conditions 

With Zener-diode bias, the 3CX800A7 
is best operated in Class AB2 for linear 
service. The data in Table ] represent mea- 
sured performance in linear service at 144 
MHz. Complete data sheets are available 
from EIMAC. This amplifier is easily ca- 
pable of conservative operation at 700-W 
output. Two of these tubes will run at the 
1500-W output legal limit. 

This amplifier uses straightforward 
construction techniques and is easily du- 
plicated. Any builder wil] be rewarded with 
a great deal of satisfaction and a reliable 
amplifier. 


Notes 
‘mm = in x 25.4; m = ft x 0.3048. 
One source for the honeycomb radiator core 
material is Tachnit West Division, 320 North 
Nopal St., Santa Barbara, CA 93103. 
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The Quick Powerhouse 


Tired of missing a new grid square while waiting for 
your amplifier to warm up? Build this almost-instant-on, 
1.2-kW linear power amplifier for 2 meters. 


t's that typical, early summer afternoon, 
when, out of the blue comes co-channel 
interference to the low-band (channels 2 
through 6) TV channels. Time to turn on 
the 2-meter receiver. Whoops! There’s a 
sporadic-E opening, and stations are boom- 
ing in from over 1000 miles away. Quickly, 
T hit the switches to warm up my linear 
amplifier. Time marches on, and now the 
amp is ready—only tock 3 or 4 minutes. 
But that juicy, far-away clatter via sporadic 
E is gone! Woe is me! 
Having had this happen more than once, 
I was delighted to find that Eimac was pro- 
ducing a new tube with an almost-instant- 
warm-up filament that functions well at 
2 meters—the 3CX120027,! The 27 is dif- 
ferent from the 3CX1200A7 by virtue of its 
external grid ring, redesigned anode assem- 
bly and a 6.3-¥V ac filament. One advantage 
to the 3CX 120027 is the wide range of plate 
voltages that can be used, from 2000 to 
5500. This amplifier looks much like the 
easily duplicated W6PO design,” except for 
the plate collet and the addition of some 
control circuitry, The plate collet is adapted 
from the W6PO 222-MHz design.? The RF 
deck is a compact unit, designed for table- 
top use (Figure |). Table | gives some data 
on the 3CX120027; Table 2 lists CW oper- 
ating performance for this amplifier. 


Input Circuit 


The tuned-filament T network matches 
the 50-@ drive source to the filament input 
impedance, providing a very low input 
SWR. Tuning is easy and docile. Grid 
bias is provided by an 8.2-V, 50-W Zener 
diode. Cutoff bias is provided by a 10-kQ, 
25-W resistor. A relay on the control board 
shorts out the cutoff-bias resistor, to place 
the amplifier in the TRANSMIT mode. 

I didn’t use a tube socket. Instead, I 
bolted the tube directly to the top plate of 
the subchassis, using the four holes (drilled 
to clear a #6 screw) in the grid flange. Con- 
nections to the heater pins are via drilled 
and slotted brass rods. The input circuit is 
contained within a 3'/2x6x7!/.-inch (HWD) 
subchassis (Figure 3). 


2-50 Chapter 2 


Figure 1—This table-top 
2-meter power amplifier 
uses a quick-warm-up 
tube, a real plus when 
the band suddenly 
opens for DX and you 
want to join in. 


Table 1 
3CX1200Z7 Specifications 
Maximum Ratings 


Plate voltage: 5500 V 
Plate current: 800 mA 
Plate dissipation: 1200 W 
Grid dissipation: 50 W 


Table 2 
CW Operating Data 


Plate voltage: 3200 V 

Plate current (operating): 750 mA 
Plate current (idling): 150 mA 
Grid current: 165 mA 

DC Power input: 2400 W 

RAF Power output: 1200 W 

Plate dissipation: 1200 W 
Efficiency: 50% 

Drive power: 85 W 

Input reflected power: 1 W 








Control Circuit 


The control circuit (Figure 4) is a neces- 
sity, It provides grid overcurrent protec- 
tion, keying control, and filament surge 
control. To protect the tube filament from 
stressful surge current, a timer circuit 
places a resistor in series with the primary 
of the filament transformer, After four sec- 
onds, the timer shorts the resistor, allow- 
ing full filament voltage to be applied. C2 
and R4 establish the time delay. 

Another timer inhibits keying for a total 
of 10 seconds, to give the internal tube tem- 
peratures a chance to stabilize. C] and R3 
determine the time constant of this timer. 
After 10 seconds, the amplifier can be 
keyed by grounding the keying line. When 
the amplifier is not keyed, it draws no 
plate current. When keyed, idle current is 
approximately 150 mA, and the amplifier 
only requires drive to produce output. A 
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Figure 3—This view of the cathode-circuit compartment shows the input tuned circuit 
and filament chokes. 


Figure 2—-Schematic diagram of the 2- 

meter ampiifier. 

C1-C4—100 pF, 5 kV, type 850 

C5—1000 pF, 5 kV 

C6—Anode-tuning capacitor; see text and 
Figure 5 for details 

C7—Output-loading capacitor; see text and 
Figure 7 for details 

C8-C10—1000-pF silver mica, 500 V 

C11—30-pF air variable 

C12—0.01 pF, 1 kV 

D1—1600 PIV, 3-A diode, 1N5408 or equiv 

02.—8.2-Y, 50-W Zener diode, ECG 5249A 

J1—Chassis-mount BNC connector 

J2—Type-N connector fitted to output 
coupling assembly (see Figure 7) 

L1, L2—Plate lines, see text and Figure 6 
tor details 

L3—5 t no. 14, '/-inch diameter, close 
wound 

L4—3 t no. 14, */e-inch diameter, '/s-inch 
Spacing 

RFC1i~? t no.14, %/s-inch diameter, 15/6 
inch long 

RFC2, RFG3—10 t no. 12, 

5fa-inch diameter, 2 inches long 

Ti—Filament transformer, Primary: 120 V; 

secondary: 6.3 V, 25 A, center tapped 

Available from Avatar Magnetics 

(Ronald CG. Williams, WOJVF, 240 

Tamara Trail, Indianapolis, IN 46217, 

317-783-1211); part number AV-539 
M1—Grid milliammeter, 200 mA de full 

scale 

M2—Cathode ammeter, 2 A dc full seale 
MOT1 —140 free-air cfm, 120-V ac 
blower, Dayton 4C442 or equivalent. 

Sources for some of the “hard to get parts” 

include: 

Fair Radio Sales, 1016 E Eureka, Lima, 
OH 45802, tel 419-227-6573; 

Surplus Sales of Nebraska, 1502 Jones 
Street, Omaha, NE 68102, tel 402-346- 
4750. 


safety factor is built in; the keying circuit 
requires +12 V from the high-voltage sup- 
ply. This feature ensures that high voltage 
is present before the amplifier is driven. 
The grid overcurrent circuit should be 
set to trip if grid current reaches 200 mA. 
When it trips, the relay latches and the 
NORMAL LED extinguishes. Restoration 
requires you to press the RESET switch. 


Plate Circuit 


Figure 5 shows an interior view of the 
plate compartment.The anode collet is pat- 
terned after the one used in the W6PO 222- 
MHz amplifier. The differences are small. 
A 4x2'/4-inch tuning capacitor plate and a 
2x2-inch output coupling plate are cen- 
tered on the collet. These parts are the same 
size and shape as those used on the 2-meter 
W6PO amplifier. The remaining difference 
is the diameter of the hole for the 
3CX 120027 anode. Sufficient clearance 
must be left for the fingerstock. The hole 
diameter will be approximately 3*/s inches. 
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Keying Jock 


KEYING 
INHIBIT 
{1D Seconds} 


FILAMENT DELAY 
(4 Seconds) 


+12 V from 
H¥ Pwr Supply 
(Figure 8) 


KEYING 
RELAY 


to 
Figure +42 ¥ 
8 


Overcurrent Teip bo Grid Current 


Except as indicated, decimel Melon {Figure 2) 
values of copacitance ore 

In microforads ( uF }; others 45. 

ore in picofarada ( pF ); 1 

Fesisionces ore in ohms; 

ket OOD, Mm1,000,000. 

NC=not connected. 





Figure 4—Schematic diagram of the amplifier-control circuits. 


C3—0.47-nF, 25-V tantalum capacitor 

D1-D5—1N400i or equivalent 

B6—1N4007 or equivalent 

BSi—Yellow LED 

DS2—Green LED 

BbS3—Red LED 

Ki—eying-inhibit ralay, DPDT, 12-V de 
coil, 1-A contact rating (RadioShack 


275-249 or equivalent) 
K2—Amplifier keying relay, SPDT, So cw orine 
12-¥ de coil, 2-A contact rating plate 
(RadioShack 275-248 or equivalent) compartment 
K3I—Filament delay relay, SPST, 12-V de shows the 
coil, 2-A contact rating platetine 
(RadioShack 275-248 or equivalent) arrangement 
K4—Grid-overcurrent relay, DPOT, C1-C4 and the 
12-¥V de coil, 1-A contact rating output coupling 
(RadioShack 275-249 or equivalent} assembly. 


Q1, Q2, @5—2N2222A or equivalent 

Q3-—MPF 102 or equivalent 

Q4—2N3Bi9 or equivalent 

$i—Normally closed, momentary 
pushbutton switch (RadioShack 
275-1549 or equivalent) 

T1—Power transformer, 120-V primary, 
18-V, 1-A secondary 

U1--+12 V regulator, 7812 or equivalent 
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1/4" Teflon 
(Force Fit) 


Figure 7— 
Details of 

the output 
coupling 


assembly. 


foe 11/16" 


Figure 6-—Plate line details. Fingerstock 





Fingerstock 





240 V 





B+ 
to 
Figura 2 
B- 
to 
Figure 2 
+12 Vde 
+12 
to 
Except aa indicated, decimal values of Figure 2 
capacitance are In microfarade ( 4F ); 
others are in picofarade ( pF ); 
resistonces are in ohme; k=1,000 
Figure 8—Schematic diagram of the high-voltage power supply recommended for use with the power amplifier. 
D1-D4—Strings of 4 each, 1000-PIV, 3-A (i-mA meter movement used with series Ti—High-voltage power transformer, 
diodes, 1N5408 or equivalent resistors shown in drawing) 240-V primary, 2250-V, 1.2-A secondary 
K1—DPST relay, 120-V ac coil, 240-V-ac, MOT1—Cooling fan, Torin TA-300 or (Avatar AV-538 or equivalent) 

20-A contacts (Midland Ross equivalent T2—Stepdown transformer, Jameco 
187-321200 or equivalent) Q1—2N2222A or equivalent 112125, 240-V to 120-V, 100 VA 
K2—SPDT miniature relay, 12-V dc coil Q2—MPF102 or equivalent T3—Power transformer, Jameco 104379, 

(Radio Shack 275-248 or equivalent) S1—20-A hydraulic/magnetic circuit 120-V primary; 16.4 V, 1-A secondary 


M1—High-voltage meter, 5 kV dc full scale breaker (Potter and Brumfield (half used) 
W68X2Q12-20 or equivalent) 
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Figure 6 is a drawing of the plate line and 
Figure 7 is a drawing of the output coupling 
asssembly. 


Cooling 


The amplifier requires an air exhaust 
through the top cover, as the plate compart- 
ment is pressurized. You can fashion a 
chimney from a 3'/2-inch waste-water cou- 
pling (black PVC) and a piece of '/s2-inch- 
thick Teflon sheet. The PVC should extend 
down from the underside of the amplifier 
cover plate by I'/s inches, with the Teflon 
sheet extending down 7/4 inch from the 
bottom of the PVC, 

The base of the 3CX120027 is cooled 
by using bleed air from the plate compart- 
ment, which is directed at the tube base, 
through a ’/s-inch tube set into the sub-chas- 
sis wall at a 45° angle. 

The recommended blower will supply 
more tban enough air for any temperature 
zone. A smaller blower is not recom- 
mended, as it is doubtful that the base area 
will be cooled adequately. The 3CX 1200Z7 
filament draws 25 A at 6.3 V! It alone 
generates a great deal of heat around the 
tube base seals and pins, so good air flow is 
critical. 


Construction 


The amplifier is built into a 12x12x10- 
inch enclosure. A 12x10-inch partition is 
installed 7'/4 inches from the rear panel, The 
area between the partition and the front panel 
contains the filament transformer, control 
board, meters, switches, Zener diode and 
miscellaneous small parts. Wiring between 
the front-panel area and the rear panel is 
through a '/2-inch brass tube, located near the 
shorted end of the right-hand plate line. 

High voltage is routed from an MHV jack 
on the rear panel, through a piece of RG-59, 
just under the shorted end of the left-hand 
plate line. The cable then passes through the 
partition to a high-voltage standoff insula- 
tor made from nylon, This insulator is 
fastened to the partition near the high-valt- 
age feed-through capacitor. A 10-0, 25-W 
resistor is connected between the insulator 
and the feed-through capacitor. 

The plate lines are connected to the de- 
blocking capacitors on the plate collet with 
14/4x2-inch phosphor-bronze strips. The 
bottom of the plate lines are attached to the 
sides of the subchassis, with the edge of the 
L-shaped mounting bracket flush with the 
bottom of the subchassis. 

When preparing the subchassis top plate 
for the 3CX 120027, cut a 2!'/1c-inch hole 
in the center of the plate. This hole size 
allows clearance between the tube enve- 
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Table 3 
Power Supply Specifications 
High voltage: 3200 V 


Continuous current: 1.24 
Intermittent current: 2 A 
Step/Stan delay: 2 seconds . 





lope and the top plate, without putting 
stress on the envelope in the vicinity of the 
grid flange seal. 

Exercise care in placing the movable 
tuning plate and the movable output cou- 
pling disc, to ensure they cannot touch their 
fixed counterparts on the plate collet, 


Operation 


When the amplifier is first turned on, it 
cannot be keyed until: 

* 10 seconds has elapsed 

¢ High voltage is available, as confirmed 
by presence of +12 V to the keying circuit 

Connect the amplifier to a dummy load 
through an accurate power meter capable 
of indicating 1500 W full scale, Key the 
amplifier and check the idling plate cur- 
rent. With 3200-V plate voltage, it should 
be in the vicinity of 150 mA, Now, apply a 
small amount of drive and adjust the input 
tuning for maximum grid current. Adjust 
the output tuning until you see an indica- 
tion of RF output. Increase drive and adjust 
the output coupling and tuning for the 
desired output. Do not overcouple the out- 
put; once desired output is reached, do not 
increase loading. 

When you shut down the amplifier, 
leave the blower running for at least three 
minutes after you turn off the filament valt- 
age. I found the 3CX120027 to be an 
excellent tube. [tried it with exessive drive, 
plate-current saturation, excessive plate 
dissipation—all the abuse it’s likely to 
encounter in amateur applications. I had 
no problems, but I don’t recommend you 
repeat these tests! 


A Companion Power Supply 


A good, solid-state high-voltage power 
supply is a necessity to ensure linearity in 
SSB operation. Specifications of the power 
supply I built are given in Table 3. Figure 
8 is a schematic diagram of the supply, A 
power supply for a high-power linear 
amplifier should operate from a 240-V cir- 
cuit, for best line regulation. I have speci- 
fied a special, hydraulic/magnetic circuit 
breaker that doubles as the main power 
switch. I don’t recommend you substitute a 
regular switch and fuses for this breaker, as 


fuses won't operate quickly enough to pro- 
tect the amplifier in case of an operating 
abnormality. The bleeder resistor dissi- 
pates about 100 W, so I included a small 
fan to remove the excess heat. 


Power Supply Construction 


The power supply can be built into a 
17x13x10-inch cabinet. The power 
transformer is quite heavy, so use '/e-inch 
aluminum for the cabinet bottom, and rein- 
foree it with aluminum angle for extra 
strength. The diode bridge consists of four 
legs, each containing five diodes. 


Power Supply Operation 


When the front-panel breaker is turned 
on, the two, 25-9 resistors in the primary 
circuit limit inrush current as the filter 
capacitor charges. After two seconds, K1 
activates, shorting both resistors and allow- 
ing full line voltage to be applied to the 
transformer. 

As with all high-voltage power supplies, 
you must be extremely careful! Before 
opening the cabinet, remove the ac-line 
plug from its receptacle, and confirm that 
the filter capacitor is discharged before 
working on the supply. 


Conclusion 


This amplifier is a reliable and cost- 
effective way to generate a big 2-meter sig- 
nal—almost as quickly as a solid-state 
amplifier. 

To ensure that the output of my amplifier 
meets current spectral purity requirements, 
I use a high-power version of the half-wave 
output filter that appears as Figure 16 on 
page 39-10 of the 1993 and 1994 editions of 
The ARRL Handbook. Although I did not 
make spectral measurements of the outpul, 
I can run full output while my wife Mary 
Lou watches TV in a nearby room of our 
home. 

Another suitable filter is the one that 
appears in the 1990 ARRL Handbook (Fig- 
ure 150, on page 31-72) as part of the 
description of “A Legal-Limit 2-Meter 
Tetrode Amplifier.” 


Notes 

'Suggested retail price of the 3CX12002Z7 is 
$625. You can obtain it from: Henry Radia, 
2050 S Bundy Dr, Los Angeles, CA 90025, tel 
310-820-1234; Richardson Electronics, 40 W 
267 Keflinger Rd, La Fox, IL 60147, tel 703- 
208-2200; RF Parts, 435 South Pacific St, 
San Marcos, CA 92069, tel 619-744-0700. 

2W. Orr, Editor, Radio Handbook, 24rd ed. (In- 
dianapolis: Howard W. Sams and Goa., 1987), 
pp 18-2 through 18-7. 

8This project is also described in the Radio 
Handbook, pp 18-11 through 18-15. 


From QST, September 1984 





By David Munyon, W70VB 


A Cathode-Driven 
Tetrode tor 6 Meters 


Stability, power, low cost: Is this what you’re looking for 
in a 6-meter do-it-yourself project? If so, look what’s 


he advantages of grounded-grid ampli- 

fiers are numerous and have been 
proven over the years. They include: sim- 
plicity of design, good thirdorder IMD 
characteristics, inherent stability (gener- 
ally without the need for neutralization) 
and noncritical tuning. The only require- 
ment is abundant driving power. Usually, 
this is a small price to pay, unless the driver 
you intend to use is one of the many popu- 
lar, low-power (10- to 25-W-output) WHF 
transceivers. Also, with the tremendous 
increase in the use of 100%-duty-cycle 
modes such as RTTY and SSTV, many of 
us would rather not operate our exciters at 
half to full bore while driving an amplifier. 
If you're willing to sacrifice only one of the 
aforementioned advantages—simplicity 
—the remaining attributes of grounded- 
grid operation can be made available at a 
considerable reduction in driving power. 


Enter the Tetrode 

For many years, tetrodes (most often 
connected as triodes) have been used in 
grounded-grid circuits. But we have good 
reasons to consider the tetrode as a cath- 
ode-driven performer in its own right. 
First, the drive requirements are reduced. 
A 4-400A requires 40W of drive power for 
full output when triode connected. Only 
half that amount is needed to drive its class- 
ABI counterpart. The second reason is 
cost. Tetrodes are still available as hamfest 
and surplus items at a fraction of their origi- 
nal cost. (Some of the newer triodes cost 
more than the exciters that drive them!) 

But not all tetrodes can be triode con- 
nected. All of the external anode family 
of tubes, and a few others, have internal 
geometry that allows the control grid dissi- 
pation to be greatly exceeded if the tube is 
operated as a triode. Therefore, those tubes 
should be cathode driven only as tetrodes. 
The usual way to do this is to ground the 


here! 


control and screen grids to RF with low- 
inductance bypass capacitors, and then 
place operating voltages on them. The cath- 
ode can be driven in a normal fashion, and 
the tube operated in any class consistent 
with linear service. Class-AB | has the low- 
est drive requirements and is the easiest 
with which to work. 


Tetrode Vs. Triode 

I concede that the addition of a screen 
element complicates the overall circuit, 
especially if the screen-circuit provisions 
are made properly. But, the circuit need be 
no more complex than that of its grid- 
driven equivalent. The cathode-driven tet- 
rode requires grid bias and a well-regulated 
screen supply. Also, there is no correct way 
to load a tetrode without a meter to monitor 
the screen-grid current. This device is in- 
valuable and should not be omitted for the 
sake of economy. 





No discussion of the screen-grid circuit 
would be complete without some mention 
of an overcurrent-protection circuit. Sev- 
eral solutions have been offered in the past 
(including the use of no protection circuit!), 
and each has its disadvantages. Sensitive 
relays are expensive and their use can 
have an adverse effect on screen-voltage 
regulation. Current-limiting supplies do an 
excellent job of protecting the tube, but do 
not inform you when something is wrong. 
Since screen current is extremely sensitive 
to minor plate-voltage excursions and 
plateloading conditions, the builder has to 
be absolutely certain that these are correct, 
and that plate voltage is always present with 
screen voltage, if the screen-protection cir- 
cuit is to be eliminated. The protection cir- 
cuit is well worth the small cost involved. 
This amplifier incorporates an inexpensive 
and simple circuit that contains none of the 
disadvantages mentioned earlier, 
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To Grid Bias 
(Fig 4) 


*® ~ See Text 

Decimal values of capacilance 
are in microlarads (uF), others 
are in picofarads (pF); 
Resistances are in oltms; 
k=1,000, M=7,000,000. 


(See Fig 4) 


C1 — 470-pF, 2.5-kV disc-ceramic (see 
text). 

G2, C3 — 0.001-uF, 500.V silver mica. 
C4 — Part of tube socket assembly (see 
text), 

cs a 500-pF, 5-ky ceramic (Centralab 
8585-500 or equlv.}. 

C6 — See text (approx. 6 pF). 

C7 — 140-pF air variable, receiving type. 

C& — 75-pF ceramic (Centralab 850S-75N 
or equiv), 

Li —- 4'/2 turns no. 14 bare wire, ‘/2-inch- 
dia, 1'/# inches long, tapped one turn 


Fig. 1 — Schematic 
diagram of the 
6-meter amplifier 

RF section. Unless 
otherwise specified, 
resistors are ‘/2-W, 
10%-tolerance types. 
Feedthrough 
capacitors have 
500-V ratings; bypass 
capacitors are 
disc.ceramic, 1-kV. 





from hot end. 
L2 — 6 turns no. 10 bare wire, 1-inch-dia, 
1% inches long. 

RFC1 — 15 turns no. 16 enameled wire 
closewound on a ‘/2-inch-dia ferrite rod. 
RFG2 — 15s inches no. 22 enameled wire 
close-wound on a 4¥/s-inch-dia. Teflon® 

rod. 
RFCS — Ohmite 250 (or equiv. 5-10 WH 
RF choke). 
V1 socket — Eimac SK-600 or SK-620. 
V1 chimney — Elmac SK-606. 


TUBE SOCKET DETAIL 


*%-SEE TEXT 


TO INPUT 
SIRGUIT 


S.M.= SILVER MIGA 


TO SCREEN SUPPLY 
Of FIG. 41 


TO SCREEN. 
oF i 
(FIG. 4) 





Fig 3—Screen overcurrent-protection circuit. Resistors are 1/2-W, 10%-tolerance types. 


B11, D12—1-kV, 2.5-A silicon diodes. 
B14—4-A, 200-V SCR (Jameco C106B1, 
ECG 5455 or equiv.). 


2-56 Chapter 2 


K2—DPDT 12-V de relay, 1-A contacts 
(see text). 


A Cathode-Driven 4¢X250B 


I became aware of the cathode-driven 
tetrode years ago while trying to get a 
4-1000A to wotk on 50 MHz. The results 
were so good that, when it came time to 
build an amplifier for my new solid-state 
transverter, I decided that building a grid- 
driven amplifier would be a giant step 
backward. 

The 4CX250B is an excellent tube for 6- 
meter use. This tube has a high plate-dissi- 
pation rating for its small physical size, has 
reasonable power-supply requirements, 
and requires approximately 10 W of drive 
in a cathode-driven, class-AB] configura- 
tion, (If much more drive ts available, an 
appropriate attenuator must precede the 
input circuit.) The only differences be- 
tween this design and its grid-driven 
equivalent are the filament/eathode and 
control-grid circuits. 


Filament/Cathode Circuit 


In Fig. |, notice that the cathode and 
one of the filament connections are tied 
together. Normally, the isclation created 
by the physical separalion of the two ele- 
ments is sufficient to ensure stability, and 
a filament choke would not be required. I 
felt that this would not be the case on 50 
MHz, and a call to Eimac confirmed it. At 
Bill Orr’s recommendation, I tied the cath- 
ode and filament together, and fed the 
filament through a choke. The cathode 
impedance is approximately 120 ohms, In 
the interest of best linearity and minimum, 
drive requirements, a tuned input circuit is 
used. The tank coil is tapped to present an 
input impedance of 50 ohms. 

There are many sockets designed for use 
with this family of tubes. I recommend that 
you use one that incorporates a built-in 
screen bypass capacitor (1100 or 2700 pF); 
either one will do. A few of these types of 
sockets are so constructed that the four 
cathode pins ate grounded internally, do 
not use one of these. An Eimac SK-600 or 
SK-620 socket is recommended. The four 
cathode pins (2,4, 6, 8) and one of the fila- 
ment pins (7) of the socket must be wired 
together to form one low-inductance con- 
nection. The easiest way to do this is to 
carefully bend pins | and 3 parallel to the 
chassis, and then strap together pins 2, 4, 6, 
7 and 8. Make certain that this strap forms 
a complete circle around the socket, For 
strap material, I use some stretched 
and flattened shield braid removed from 
RG-58 coaxial cable. All connections 
made to the cathode, or the filament (pin 
7), can be made anywhere along this ring. 
See Fig. 2 for details. 


Grid Circuit 


The tube grid is accessed through the 
socket center connector and is bypassed to 
ground by CL. The capacitance of Cl is not 
as important as its physical size. Cl should 
be a high-voltage, disc-ceramic type (2 kV 
or more}, whose body nearly spans the dis- 
tance between the connection points. This 
provides for an absolute minimum lead 
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Fig. 4 — Power-supply section of the 6-meter amplifier. Unless otherwise specified, 
resistors are '/2-W, 10%-tolerance types; feedthrough and bypass capacitors have 500-V 


ratings. 


B81 — Squirrel-cage blower, 56 CFM 
(minimum), 117-V ac motor. 

D1-D10, incl. — 1-k¥, 2.5-A silicon diodes. 

D13 — 87-V, 5-W Zener diode. 

K1 — 3PDT 12-V de relay, 5-A contacts. 

K3 — SPST 234-¥ ac relay, 3-A contacts 
(see text). 


length. Use a solder lug on the grid pin, and 
solder the other capacitor lead directly to 
the inside of the air duct on the tube-socket 
bottom. 

When my amplitier was first tested, I 
found that the plate current idled at about 
40 mA, and was completely independent of 
grid voltage. This self-biasing was traced 
to a parasitic in the grid circuit, and was 
eliminated by the addition of a series-con- 
nected resistor, RI. If you wish to 
experiment, RI should be a '/2-W, carbon- 


T1 — 117-V primary; 6-V. 2.6-A secondary 
(see text). 

T2 — 117-¥V primary; 580-V c.t., 75-mA 
secondary with 6.3- and 5-¥ filament 
windings (see text). 

T3 — 117-V primary; 12-V. 1-A secondary. 


composition resistor with a resistance value 
that is the minimum required for complete 
stability. Rl should be placed as shown in 
Fig. 2; 1 found that a 3.9-ohm resistor kept 
my amplifier unconditionally stable. 

In the interest of stability, don’t use 
chokes in place of R2 and R3 in the grid 
and screen circuits. M1, the grid-current 
meter, can have a range of from 0-1 mA to 
0-20 mA or so, and is included only to en- 
sure that grid current is never drawn, and 
the operation remains class-AB I. 


Screen Circuit 


Relay contacts K2B are part of the 
screen overcurrent-protection circuit, the 
operation of which will be discussed later. 
Because the 4CX250B draws negative 
screen current on occasion, the screen-cur- 
rent meter should ideally be of the zero- 
center type. As these meters are expensive 
and not readily found, a standard meter can 
be pressed into service by using bleeder 
string, R4, Notice that 15 mA of bleeder 
current is drawn through the meter when- 
ever K2 is open (normal). This offsets 
the actual zero reading of the meter to the 
15-mA position and allows a negative cur- 
rent of 15 mA to be metered. This is more 
than adequate for the 4CX250B. If a zero- 
center meter is used, R4 may be eliminated 
unless the se¢reen supply shunt regulator is 
replaced by a series regulator. In that case, 
the bleeder would be necessary to offset 
the effects of secondary emission. 

For the overcurrent-protection circuit 
(Fig. 3), an SCR (DI4) seems to be a natu- 
ral, A very small gate voltage, developed 
across R7 by the screen current, turns on 
the SCR and causes K2 to close. This 
removes screen voltage from the tube and 
grounds the screen, preventing further 
abuse. A second set of relay contacts (K2C) 
is used to light a front-panel-mounted LED. 
D14 continues to lock out the screen volt- 
age until the SCR is reset by removing its 
anode voltage. This is done by momen- 
tarily pushing the RESET switch, $3. 

D11, C15 and the filament windings of 
T2 provide dc power for a 12-V relay 
at K2, A relay with a different voltage rat- 
ing can be used if this supply is modified 
accordingly. The value for R7 was found 
experimentally by substituting a variable, 
low-voltage supply for the screen supply. 
A 0-100 mA meter and load resistor were 
placed in series with R7, and the voltage, 
slowly increased until the gate threshold 
was reached and the SCR fired. The thresh- 
old current was noted, and R7 varied until 
the desired current would trigger the SCR. 
With R7 equal to 9.1 ohms, the SCR fired 
consistently at 45 mA. 

Since 15 mA of the current drawn 
through R7 will be bleeder current, this 
allows a maximum of 30 mA for screen 
current, which is well below the 12-W 
screen dissipation rating for the tube. Note 
that the entire overcurrent-protection cir- 
cuit is hot with screen voltage, so proper 
precautions must be taken during construc- 
tion. I built the protection circuit on a PC 
board, but it could have just as easily been 
chassis-mounted using terminal strips. 


Construction 

The amplifier is built on a3 x8 x 17-inch 
chassis; a 3 x 5 x 7-inch chassis houses the 
output network components. A 10'/- x 19- 
inch rack panel is used for the amplifier front 
panel. The general physical layout should be 
followed, as it is well dictated by the flow of 
the circuit. All RF leads should be kept as 
short as possible, especially the bypass ca- 
pacitor leads. Keep the de leads cabled and 
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Fig 5—The final-amplitier-compartment cover has been removed for this photo. 


as far away as possible from the RF leads. 
Most power-supply components are 
mounted on a fiberglass terminal board that 
is secured against the side of the chassis. 
K3, D9, Cl 1 and R5 (Fig. 4) constitute 
a time-delay circuit for filament inrush- 
current protection, and can be included if 
you feel that this is important. As it stands, 
the delay is approximately | second, which 
is more than ample. The 234-¥ ac relay is 
used on de, and closes at about 70 V. The 
charging rate of Cll is controlled by its 
capacitance and the ohmic value of R5, and 
can be varied by changing their values. 
Ideally, the input and output relays 
should be coaxial types, however, I used a 
single open-frame, 3PDT type and encoun- 
tered no problems. The center pole is used 
for control (K1C), as that increases the iso- 
lation between the input and output cir- 
cuits. In grid-driven amplifiers, I have 
never been able to use an open-frame relay 
for input and output switching. Because of 
the lower gain of this cathode-driven 
amplifier, J find no evidence of feedback or 
instability. Don’t use plug-in type relays in 
their original form for KI. Remove the 
case, plug and connecting wires, and 
bolt the relay directly to the chassis. Use 
coaxial-cable braid to make the RF con- 
nections, The power supplies (Fig. 4) are of 
standard design. They may be replaced by 
any supplies yielding similar voltages, and 
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need not reside on the same chassis as the 
amplifier. The high-voltage supply should 
produce 2-k¥ de under load, Si turns on all 
supplies, including the external high-volt- 
age supply. $2, the STANDB Y/GPERATE 
switch, supplies power to K1, which allows 
the amplifier to be placed in operation; oth- 
erwise, the amplifier is simply bypassed. 

Ifa 6.3-¥V ac filament transformer is used 
for T1, R6 will have to be.included to drop 
the filament voltage to 6 V. The ohmic value 
of R6 will have to be determined experimen- 
tally. Use a resistor with the highest wattage 
rating practical for good voltage stability, 
With an accurate voltmeter, measure the fila- 
ment voltage at the tube socket with the fila- 
ment choke in place, as there will be a slight 
voltage drop across the choke. Nothing will 
cause a4CX250B to “go south” quicker than 
high filament voltage, and that means any- 
thing in excess of 6 V, 

The filament choke (RFC1]) consists of 
15 bifilar turns of no. 16 enameled wire 
wound on half of an Amidon '/2-inch-diam- 
eter ferrile rod. The rod can be cut to a 
proper length by filing a small groove 
around its circumference, and then break- 
ing it clean. Cover the rod with heat-shrink 
tubing or electrical tape before and after 
winding the choke. This will keep the rod 
and winding together, and make it self-sup- 
porting by its four leads, 

The meters I used all have 0-1 mA 


movements and homemade shunts. The 
original meter-face calibration marks were 
carefully erased, and new ones applied 
using dry-transfer labels. Most such labels 
are ideal for panel marking, but are a bit too 
large for meter-face use. Your local statio- 
nery store should have transfers with 
smaller-sized numbers. During amplifier 
operation, care should be taken to avoid 
accidental contact with the plate-voltage 
meter, as it has high voltage on it. 

Most VHF amplifiers have a higher- 
than-necessary Q in the output circuit 
because of the use of high minimum- 
capacitance air-variable capacitors. This is 
acceptable providing the rest of the output 
components are heavy-duty types and can 
handle the higher circulating currents. (Fhe 
small vacuum variable I used is admittedly 
first class, and it may not be used by many 
other builders.) Rather than using an air- 
variable capacitor, a homemade two-disc 
system is a preferred choice. If you can find 
a neutralizing capacitor with plates of 2- 
inch diameter or so, that would be ideal. If 
you must use an air-variable capacitor, use 
one with the least minimum capacitance; 
remove all unnecessary plates leaving just 
enough to do the job. 


Tune-Up 

Before the tube is placed in the socket, 
close $1 and check that all of the operating 
voltages are correct. Ground the bottom 
end of the bias string at K1C, and check 
that the BIAS potentiometer range will 
supply —50 to -60 V; then set it at—55 V.J1 
should be connected to the external-circuit 
control jack of your exciter so that it is 
grounded when your exciter is keyed. Open 
$1] and make certain all voltages have bled 
down, then install the tube. Close $1 and 
$2, After the tube warms up, with no drive 
applied, key the exciter and adjust the 
BIAS potentiometer so that the plate idling 
current is exactly 100 mA. 

While the tube is idling, rotate all the 
tuning controls throughout their respective 
canges. If there are no sudden plate-currenl 
increases, the amplifier is stable. With a 
small amount of drive applied, tune the 
GRID and PLATE controls for maximum 
output. Once you are satisfied that both 
of these controls will provide resonance, 
apply full drive and retune the plate to 
resonance. Increase loading slowly, retun- 
ing the PLATE control each time, until a 
screen current of 5 mA (the meter actually 
reads 20 mA) is indicated. Observe how 
sensitive the screen current is to the opera- 
tion of the LOAD control, and that it is 
by far the best indicator of plate resonance. 
If grid current is indicated, you're over- 
driving the amplifier. 

Adjust the drive level and the plate 
TUNE and LOAD controls so that the 
platecurrent meter indicates 250 mA and 
the screen-current meter indicates 5 mA at 
resonance. Under these conditions, this 
amplifier develops a power output of about 
310 W, With modulation, voice peaks 
should not exceed 150 mA on the plate- 








Fig 6B—A bottom view of the 6-meter amplifier. The screen-protection circuit is mounted 
on the PC board to the right of the tube socket. 


current meter, and a small amount of nega- 
tive screen current is normal. 


Summary 

This amplifier has been in operation 
now for over a year, and all reports of its 
operation have been complimentary. ] hope 
that this amplifier will be duplicated by 


many who had previously resigned them- 
selves to grid-driven designs, Much of the 
material presented here is general enough 
to encourage interest in the cathode-driven 
tetrode as a viable alternative to the 
grounded-grid triode. [ will be glad to an- 
swer all letters of inquiry regarding this 
amplifier, please include an s.a.s.e. 





Fig 7—Spectral photo of the 6-meter 
amplifier without external filtering. Vertical 
divisions are each 10 dB; horizontal 
divisions are each 50 MHz. The 
fundamental (second pip from the left} has 
been notched approximately 40 dB by 
means of notch cavities to prevent 
analyzer overload. The seventh harmonic 
is approximately 48 dB below peak 
fundamental output. 





Fig 8—The addition of a simple filter (see 
Fig 9) at the amplifier output provides for 
excellent harmonic attenuation, and its use 
is recommended. All conditions are 
otherwise the same as those of Fig 7. 





Fig 9—This simple harmonic-suppression 

filler, or one of similar characteristics, 

should be used at the cutput of the 

amplifier. The filter may be contained in a 

ele x 2'y x 5-in (HWD) aluminum box. 

C16-C19, incl—110 pF, 1-k¥V silver-mica 
capacitors. 

L3, L5-—-4 turns no. 14, /ie-in-ID, ‘2 in 
long. 

L4—S turns no. 14, 7/6-in-ID, 5/e in tong. 
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By John Reed, W6I0J 


From QST, August 1987 


A UHF Amplifier-from 


Scratch 


Mi UHF RF equipment designs 
involve undefined reactance, For 
example, the self-inductance of a variable 
capacitor, or simply the method of attach- 
ing a 50-ohm cable to the circuit may 
constitute reactance that is critical to the 
operation of the circuit. The result is that 
complete success in duplicating a circuit is 
not likely unless the components and lay- 
out are exactly the same as in the original. 
This is nearly always a limiting factor for 
the do-it-yourselfer wanting to duplicate a 
project. This class-C UHF amplifier project 
uses homemade components that anyone 
can assemble, Tests show that their use has 
resulted in litthe or no compromise in the 
performance of the amplifier over a design 
using far more expensive commercial 
parts. My amplifier shows more than 45 W 
output with less than 2 W input at 435 MHz. 
The output stage efficiency is approxi- 
mately 60%, and includes a double-tuned 
filter for improved spectral purity. 

The key to this design is the glue-down 
stripline technique [ have used in many 
other UHF projects.! This method permits 
easy modification of stripline parameters 
for optimizing circuitry. Striplines are cut 
from double-sided, plass-epoxy PC board 
having the same dimensions that you would 
choose using the etched-PC-board method. 
One side of the stripline is smeared with 
glue (Radio Shack all-purpose adhesive, 
64-2307) and firmly pressed against the 
common base PC board. Parts can be sol- 
dered to the stripline immediately (without 
waiting for the glue to dry). No de connec- 
tion is required between the glueline foils, 
and changes can be made within minutes 
by lifting the glue-down stripline with a 
knife and replacing it with one having 
altered dimensions. This project gives 
another example of how stripline param- 
eters can be varied to optimize a circuit: 
homemade variable capacitors. 
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Combine PC-board material, transistors and glue—what 
do you get? Two watts in and 45 watts out at 4385 MHz! 





Circuit Details 


See Fig |. The two-stage amplifier 
uses an MRF641 (driver) and an MRF646 
(final).? They were chosen primarily 
because of their availability in the surplus 
market. These are controlled-Q devices 
with acombined minimum gain of 12.6 dB, 
Although the output stage is rated at 45 W, 
typical saturated output with a 13.6-¥ col- 
lector supply is about 60 W (including drive 
power). 

The home-brew compression-type vari- 
able capacitors, shown in Fig 2, dictated 
the overall design. I made them as small as 
possible (to minimize selfinductance), but 
kept them large enough to provide the nec- 
essary capacitance. The nominal %/:-inch- 
square compression plate results in a maxi- 
mum capacitance of about 10 pF. The 
material used for the capacitor plates is 
0.031-inch-thick Reynolds sheet alumi- 


num, which is available at most hardware 
and home-supply stores. [Hobby store 
sheet brass works well in this application, 
is also commonly available, and is far 
easier to solder; it is a good alternative to 
aluminum—Ed.] The capacitor dielectric 
material is 2.7-mi] polyethylene from a 
Dow Ziploc® heavy-duty freezer bag. 
Although I have tested this dielectric at a 
much higher voltage than it is subjected to 
in this application (at a high-impedance 
point in a vacuum-tube VHF amplifier), 
double thickness is used as a safeguard. The 
insulator between the adjustment screw and 
compression plate is made from plastic 
polymer. Most clear plastics used for mis- 
cellaneous household applications are of 
this type. I use plastic from a box used in 
packaging a tube of Grumbacher acrylic 
arlists paint. Glass-epoxy insulation 
will work also, but at the higher-voltage 
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Fig 1—Schematic of the 435-MHz 45-W amplifier. 


C1-C11—Homemade capacitors; see text 
and Fig 2 for details. 

C12, C17—4.7-nF, 35-V electrolytic. 

C13, 15, 16, 18, 20, 21—0.001-uF, 50-V 

disk ceramic. 

C14, 19—0.1-pF, 50-V disk ceramic. 


applications (especially at C10 and C11) 
there will be some loss and component 
heating. 

Once I settled on the capacitor configu- 
ration, the input and output stripline char- 
acteristics were determined experimentally 
for optimum matching to QI and Q2. The 
related glue-down stripline and pad details 
are shown in Fig 3. The L2 L4 '/s-inch-wide 
striplines act as RF chokes, making the 
inductance associated with the subsequent 
disc-ceramic capacitors uncritical. The 
pads include a number of the capacitor sta- 
tors (C1, C4, C5, Co, C7 and C9). Foils 
which contact stator-adjustment Screws are 
reamed oul to approximately /s-inch diam- 
eter to isolate the no. 2-56 screw from the 
stator. 1 did this with a large drill (*/s-inch). 
Screw contact with the bottom foil may also 
cause adjustment irregularities, so the foil 
was reamed appropriately. The stator plates 
must be completely deburred to prevent 
puncturing the plasticbag dielectric. 

The amplifier output is coupled through 
C9 to a Isl inductively coupled, double- 
tuned filter. This 50-ohm filter consists of 
two striplines that are mounted parallel to 
each other and close together above the 
base PC board, as shown in Fig 4. Their 
close positioning establishes the necessary 
mutual coupling. Each line is tuned to reso- 
nance with a variable capacitor. 

As indicated in Fig 1, dc-supply 
decoupling is identical for both stages. The 
0.1-pF disk capacitors eliminate a bother- 
some low-frequency instability mode. RF 
chokes following these capacitors include 
two-turn sections with pencil-lead cores to 
minimize the possibility of parasitics. The 
4,7-uF capacitors eliminate low-frequency 
power-supply instability problems. 


Ji—Female BNC connector. 

L1-L5—Glue-down striplines; see text and 
Fig 3 for details. 

L6, L7—Air-gap striplines; see text and 
Fig 4 for details. 


CAPACITOR 
PLATE 
TAB 


NO. 2-56 NUT 
SOLDERED To 
BASE PC BOARD 


cig Hy 620 2 
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L2 L,. & 
a2 


RFC 


LS 





Pi—Male BNC connector. 

Qi—MRF641. 

Q2—MRF646. 

RFC—10 turns, no. 26 enameled copper, 
air-wound, 4/16-in diameter. 


NO. 2-56 CAPACITOR 
40JUSTMENT SCREW 


3/8" DIK PLASTIC 
WASHER 


ALUMINUM PLATE 


GLUE DOWN STATOR PAD 


BASE PC BOARD 


FOIL REAM 
1/8" DIA 





Fig 2—Variable-capacitor construction details. The “rotor’ plates are made from 0.031- 
inch Reynolds aluminum sheet stock and polished with 320-grit sandpaper to ensure that 
no burrs are left that may puncture the dielectric material. Plate center holes are */1e-inch 
diameter. Connections are made to the capacitors by means of no. 26 tinned copper 
wire, tightly wrapped (and crimped in a vise) around the tab on the capacitor and 
soldered to the appropriate circuit board connection, Make these connections carefully 
to ensure good electrical contact. See text for details on the dielectric and washer 


materials. 


Assembly 


The transistor-lead configurations are 
slightly modified to accommodate the glue- 
down striplines. Both the base and collec- 
tor leads are bent up into an 5 shape so 
that the lead will overlap the stripline by 


approximately 1/16 inch when the transis- 
tor and stripline are mounted flush with 
the base PC board. The leads are only 
0.005-inch thick and can be bent easily with 
long-nose pliers. Care must be taken to 
minimize stress at the lead-ceramic junc- 
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Fig 3—Glue-down stator pad construction details. Slots are cut with a hacksaw and then polished with a pattern file, The material is 
0.062-inch-thick double-sided glass-epoxy circuit board material.® After cutting and filing, the pads must be polished with fine steel 


wool lo remove any burrs. 


tions. Also, */s2 inch of each emitter lead 
must be cut off with scissors to allow room 
for the glue-down pads, 

Details of the mounting arrangement 
are shown in Fig 5. My transistor mounting 
method was dictated by the dimensions 
of an old '/s-inch-thick aluminum panel 
(with many miscellaneous holes), which 
I pressed into service as a heat sink, First, 
I mounted each transistor on separate 
aluminum subbases. I then fastened the 
sub-bases to the heat sink. Thermally con- 
ductive compound is used between the 
transistors and the subbases and between 
the sub-bases and the heat sink. This ar- 
rangement permits removal of the heat sink 
without disturbing the transistor mountings 
when ! need access to the bottom PC-board 
foil. Note that the base PC board cutout 
includes notches at the base and collector 
leads of the transistors lo prevent shorting 
to the common foil. 

Detailed assembly like that shown in 
Fig 6 is easy once the transistors are 
mounted, Simply smear glue on the pads 
and fit them into position. Start by posi- 
tioning L1, followed by the C1 stator, then 
Ci, C2 and C3. Drill holes in the base PC 
board for the no, 2-56 capacitor-adjustment 
screws as you go along. Alt the same time, 
solder the no. 2-56 nuts on the reverse side 
(using a screw to hold them in position). 
Bend the capacitor tabs to make certain the 
plates will be flush with the stator, insert- 
ing the capacitor dielectric as the final step. 
Make certain the dielectric has been pushed 
in between the capacitor plates as far as 
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possible (maximum safety margin), and 
use an awl to puncture the dielectric at the 
adjustment-screw position. The adjust- 
ment screw can then be easily started 
through the dielectric. 


Gperation 
UHF transistors are great devices, but 
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L6,L? 
2% 3/16 X 116-INCH 
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COPPER 
S BRACKET 


they can be damaged permanently with just 
one voltage transient. For example, an ac- 
cidental short by a probe during a trouble- 
shooting exercise, or the discharge of a 
probe capacitor at the transistor’s base lead 
can be disastrous. Another common prob- 
lem is instability that causes selfoscillation 
and excessive collector voltage (no insta- 


ities 
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Fig 4—Gonstruction details of the double-tuned output filter. The assembly is supported 
by copper brackets and parts of the variable capacitors. 
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Fig 5—Pictorial of transistor mounting method. The same scheme is used for both the 


driver and fina! transistors. 


biliry modes are evident in the amplifier 
described here). These possible failure 
modes can be avoided by limiting the col- 
lector supply to 5 V (or Jess} during tune-up, 
as practically all instability modes will be 
evident at this lower potential (particularly 
if the input drive is varied over a wide 
range). Following alignment at 5 V, it is 
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surprising how little readjustment is re- 
quired when the collector potential is in- 
creased to 13 V. (If you can’t reduce your 
power supply voltage, you may want to use 
a 2N3055 as a pags transistor, driving it with 
an LM317T regulator [Radio Shack 276- 
2041 and 276-1778, respectively].) This 
low-voltage test procedure is mentioned in 
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Fig 6—Circuit board layout of the completed amplifier. Begin construction by measuring 
the center-to-center distance from Q1 to Q2 and then mount the transistors, working 
away from them as you mount the other components. Use great care when mounting and 
soldering the transistors into the circuit to avoid damaging them. The PC board 
measures 9'/2 in. x 6 in., and is made from double-sided, glass-epoxy material (Meshna 


PCB28—see note 1). 


Motorola Application Note AN-548A.? 


Initial Tune-Up 


The dummy load/power-measuring as- 
sembly and narrow-band peak detector 
pick-off assembly used in tune-up are the 
same as the ones that I used with my 15-W 
iransmitter.4 The dummy load consists of 
ten '/z-W resistors connected in parallel and 
arranged in a circle to minimize self-induc- 
tance. Power measurements were made by 
calibrating dummy-load temperature rise 
with a de input (ambient air-temperature 
conditions, no forced-air cooling). This 
information is then compared to the 
temperature rise of the dummy load result- 
ing from the RF output of the amplifier. 
The “thermistor” used for measuring the 
temperature rise is a 1N34A (reading the 
reverse resistance). 

Under key-down conditions during 
alignment, I place a blower at the chassis 
end to assist the limited heat-sink capabili- 
ties of the amplifier. Also, the dummy load 
requires forced-air cooling, as it becomes 
very hot in about two minutes under 
keydown conditions. 

Miscellaneous lengths of RG-8/M and 
RG-58 were used as attenuators to increase 
power measurement capability of this sys- 
tem.> In testing the 45-W amplifier, I used 
a total cable attenuation of 6.4 dB. This 
increases the power-measurement capabil- 
ity by 4.4 times. 

With a 5-¥ collector supply and 2 W of 
drive, first tune the input capacitors for 
maximum Q1 collector current, then tune 
the remaining capacitors for maximum 
power output. The output should be about 
8 W. Increase the collector supply to 13 V: 
minor readjustment will probably be re- 
quired, My final measurements showed an 
outpul of 48 W, 


Summary 


This is a well-behaved amplifier, After 
completing an experimental version on the 
breadboard, I built a new assembly using 
the data in this article, Alignment of this 
final mode] was completed without any 
problems, and operation is flawless. The 
glue-down stripline technique is very reli- 
able in this application, and is simple to use. 


Notes 

1J. Reed, “A Simple 435-MHz Transmitter,” 
QST, May 1985, pp 14-18, 45. 

2These transistors are available from AF Parts 
Company, 1320-16 Grand Aye, San Marcos, 
CA 92069, tel 619-744-0728. 

This note is reproduced in Motorola RF Device 
Data (fourth edition, first panne, 1986) on 
pages 6-61 through 6-65. Thus book is avail- 
able from Motorola Literature Distribution, Po 
Box 20912, Phoenix, AZ 85036, tel 602-994- 
6561. Cost is $4.75 (plus 15 percent of the 
total for shipping). 

‘See note 1, 

5My 435-MHz measurements indicated that the 

G-8/M | used has an attenuation of 9.0 dB per 
100 feet (specified as 7.5 dB per 100 feet at 
400 MHz); the RG-58 has 15.3 dB per 100 feet 
{specified as 12.0 dB per 100 feet at 400 MHz). 

Savailable from John J. Meshna, Jr. Inc, 19 
Allerton St, Lynn, MA 01904, tel 617-595- 
2275. 
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By Tarmo Tammaru, WB2TMD From QST, May 1982 


A Solid-State 6-Meter 
Linear Amplifier You Can 


Build 


he new breed of 8-to 10-W, solid-state 

vhf transceivers offer compactness and 
relative freedom from TVIJ. However, there 
are times when 10 W will not do the job. 
This amplifier can correct that situation, [ 
used it during the September vhf QSO party 
and was able to work every station | heard, 
except one. 

The transistor used in the amplifier is a 
Motorola MRF-492, which is designed for 
use as an fm amplifier in the “vhf low” pub- 
lic-service band. In this service, the nomi- 
nal output is rated at 75 W with a 12.5-V 
collector supply. The manufacturer's data 
sheet shows a maximum output of 120 W at 
16 V. Hence, inssb service, [ felt it would be 
safe to operate at the 100-W PEP level from 
a 13.5-V supply. Although no numbers 
are given, the MRP492 is claimed to have 
“load mismatch capability at high line and 
rf overdrive.”! 


Circuit Description 


The amplifier schematic diagram is 
shown in Fig. |. Since I do not believe in 
“reinventing the wheel,” the output match- 
ing network was taken directly from the 
Motorola data sheet. This network, incor- 
porating L2 and L3 in the signal path, 
should provide excellent harmonic rejec- 
tion. The network transforms the 50-Q load 
impedance to the optimum transistor load 
of 0.6 + f1.0 Q. Note that this unit, like most 
rf amplifiers, does not have a 50-Q output 
impedance. We simply adjust the output 
network to obtain the rated power into a 
50-Q load. Fig. 2A is an amplifier output 
spectral display. While the harmonic sup- 
pression is good, additional filtering is 
required before using the unit on the air. A 
simple, 5-pole, lowpass filter was placed 
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Does your 6-meter signal need a little more punch? 
This amplifier will solve your problem—without 


breaking the bank! 





at the amplifier output, and the resulting 
spectrum is shown in Fig. 2B. The low-pass 
filter circuit is given in Fig. 3. 

Because the data sheet does not give val- 
ues for input impedance in Class B service, 
the input circuit was derived basically by 
trial and error (the second version worked), 
The T matching network transforms the 
highly capacitive input impedance of 
approximately ] 0 to a 50-Q nonreactive 
load for the exciter. 

In a Class B amplifier it is necessary to 
forward bias the base-emitter junction. 
There are basically two ways of doing 
this: the shunt diode method, and the 
emitter-follower method, The latter method 
undoubtedly results in lower inter-modula- 
tion products, but I have destroyed too many 
transistors using that method to try it with a 
$20 device. Forward bias is achieved by 
using the shunt regulator diode DI. This di- 
ode must be connected to the same heat sink 
as the MRF492, Q1. The voltage across Dl is 


adjusted to give a QI collector current of 
100 mA with no drive applied. Do not at- 
tempt to set the bias point by measuring the 
base voltage of Q1] — use a milliammeter in 
the collector supply lead. [ used an un- 
marked, surplus, 15-A rectifier diode for Di. 
Almost any diode will work, including 
power Zeners. [ prefer a stud-mounted di- 
ode because it is easy to place in contact 
with the heat sink. Just be sure the polarity 
is such that the cathode is connected to the 
case. Several Motorola application notes 
specify a 1N4997 for this application. 
Unfortunately, ihis is a press-fit device. In 
any case, the heat sink must be grounded. 


Parts Procurement 

All parts, with the possible exception of 
an adequate heat sink, are readily avail- 
able. The MRF492 has recently been 
advertised by Westcom? and Semiconduc- 
tor Surplus. RFC1 is a Nytronics shielded 
ferrite choke, designed to reduce coupling 
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Fig. 1 — The schematic diagram of the amplifier circuit board. Decimal value capacitors 
are disc ceramic and oolarized caoacitors are electrolytic. Resistors are 10% carbon 


type. 

Ci — 9-to 180-pF mica compression 
trimmer, Arco 463 or equiv. 

C2, C4, C5 — 50- to 380-pF mica 
compression trimmer, Arco 465 or equiv. 

C3 — 80- to 480-pF mica compression 
trimmer, Arco 466 or equiv. 

D1 — 15-A, 50-V rectifier diode (see text). 

Fb — Ferrite bead, Radio Shack 273-1571 
assortment or equiv, 

Li — 2t. of no. 14 bare copper wire, 
%oo-inch (ID, 4/18-inch long, 





(A) 


L2— Half loop of no. 14 bare copper wire, 
9/42 inch high, '/s2 inch long (see 
photograph). 

L3— 2 t. of na. 14 bare copper wire, 

3/9-inch ID, ‘/«-inch long. 

Q1 — Motorola rf power transistor, 
MRF492. 

RFCi — 6.8 wH, Nytronics SWD 6.8 or 
equiv. (see text). 

RFC2 — No. 16 enameled wire, close 
wound over full length of a 330-Q, 2-W 
carbon resistor. 





Fig. 2 — The amplifier output matching network provides some harmonic suppression 
(A). To further reduce harmonics, a simple low-pass filter should be used (B). With the 
filter, au harmonics and spurious signais are more than 60 dB below the carrier, thus 
meeting current FCC spurious emission requirements for commercial equipment. In 
these displays, the carrier iavel has been reduced by means of a notch fiiter to avoid 
anaiyzer overload. Vertical divisions are each 10 dB and the horizonta! divisions are 
each 50 MHz. These measurements were made in the ARRL lab. 


between the base and collector circuit. The 
J. W. Miller 9250-682 should be as good, A 
toroidal inductor of | to 10 WH would also 
be suitable, since it is across an impedance 
of | 2. Arco trimmers should be available 
from your local jobber, [ used a surplus heat 
sink, measuring 3'/2 x 4/2 x 17/4 inches, 
which is quite adequate for ssb.* Anything 
much smaller will require a fan. Remem- 
ber, it must be flat on one side, A replace- 
ment heat sink for any of the 80- to 100-W 


2-meter amplifiers would be ideal. 


The Circuit Board 


All the components shown in Fig. | 
mount on, or through, the circuit board 
(Fig. 4). Use double-sided glass epoxy 
board and cut away narrow channels to 
separate the various land (foil) areas. To 
form the channels, use a steel ruler and a 
sharp utility knife to cut through the foil. 
Next, pull a hot soldering iron along the 





Fig. 3 — A simple low-pass filter for use 

with the 6-meter amplifier. The design 

information for this filter was taken fram 

the 1982 ARRL Aadio Amaiteur's 

Handbook. If the filter is mounted outside 

the amplifier cabinet, it should be enclosed 

in a metal box for shielding. 

C6, C7 — 82-pF, 1000-V sliver-mica 
capacitor. 

L4, L6 — 4t. of no. 14 enameied wire. 

%e-inch ID, Ya-inch long with ‘/e-inch leads 
(approximately 0.1 wH). 

L5 — 6 t. of no. 14 enameled wire, °/s-inch 
ID, Ve-inch iong with '/s-inch ieads 
(approximately 0.2 j1H). 


strip of foil to be removed. You should see 
it curl up and away from the board. Start at 
one end, and pry up with the knife if it gets 
stuck. You will have to drill two holes, 
slightly more than '/2 inch in diameter, 
through the board to provide clearance for 
Q1 and DI. Use a small round file to make 
the two clearance areas for the flanges of 
QL. Connect the ground foils on the top 
and bottom of the board together by plac- 
ing short lengths of wire through holes 
drilled in the board. Place the wires close 
to the transistor emitter tabs and near each 
corner of the board. Use pieces of the same 
type of wire you used to make the induc- 
tors, and drill the holes just large enough to 
pass the wire, Solder the wire on both sides. 


Assembly 


Make sure you have all the parts on hand 
before you solder anything to the board. 
This will ensure that everything fits prop- 
erly. To keep the inductors in place, J 
drilled holes through the board and stuck 
the ends of the wire into the holes. You will 
have to remove the foil from around these 
holes on the bottom of the board to keep 
from shorting the inductors to ground. A 
large drill bit works fine for this. Center the 
board on the heat sink, and drill the mount- 
ing holes for Q1 and DI. Although you may 
be able to use screws and nuts to attach Q1 
and D1 (depending on the heat sink design), 
a better method is to tap the holes for the 
desired screw thread. Mount the board to 
the heat sink near the corners, shimming it 
with washers to the same depth as the Q1 
mounting flange. Drop Ql in from the top 
of the board. The tabs of Q1 should rest just 
above the top of the board when the flange 
is in contact with the heat sink. Do not put 
any upward pressure on the transistor tabs. 
Never cut or file an rf power transistor body 
— they contain berillium oxide. It is highly 
toxic in powdered form and could be in- 
haled or absorbed through the skin. 

Fasten QI to the heat sink before sol- 
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Fig 4—Full-scale circuit-board pattern and parts-placement guide for the 6-meter amplifier. Black represents those areas where copper 
has been removed by cutting or etching. The 10-ohm base resistor is connected between the base and ground foils, and is positioned 


next to RFC1. 


EXCEPT AS INDICATED, DECIMAL 
VALUES OF CAPACITANCE ARE 

IN. MICROFARADS ( pF], OTHERS 
ARE IW PICOFARADS (pf OR pyF]; 
RESISTANCES ARE IN OHMS; 
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Fig 5—Schematic diagram of the bias-adjust circuit and other components not mounted 
on the circuit board. Decimal-value capacitors are disc ceramic, and polarized units are 
electrolytic type. Resistors are wire-wound type. 


D2—20-A, 50-V rectifier diode. 
RFC3—One turn of wire through a TV 


dering itin place. Use thermal grease when 
mounting Q1 and DL. Be sure to solder the 
full length of the tabs to the board, right up 
to the body of the transistor. This is espe- 
cially important for the emitter tabs, 
because nanohenrys of inductance here 
translate to decibels of gain loss. 

Break off the little tabs on the sides of 
the mica compression trimmers. Bend the 
ends of the mounting terminals with pliers 
to aid in soldering the trimmers to the 
board. In doing this, be sure the adjusting 
screw will not touch the board when it is all 
the way down. C2, C3 and C4 should be 
oriented so that the screw is connected to 
the ground end of the capacitor. For Cl and 
C5 let the screw end be the 50-Q side. 


Putting it All Together 


Tinstalled the circuit board and heat sink 
on the back wall of a 31/2 x 6 x 10-inch 
Minibox. This is much larger than neces- 
sary, but does provide room for relays and 
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balun core (part of Radio Shack 273-1571 
assortment or equiv.). 


a receiving preamp for an eventual remote 
installation. I usually discard the top (plain 
U-shaped) half of these boxes and bend up 
a new piece that fits over the other half, 
instead of sliding into it. 

Fig. 5 shows the biasing circuit and other 
chassis mounted parts. Control schemes for 
use with a transceiver are described by 
Kapplin® and Ridpath® (also see the ARRL 
Radio Amateur’s Handbook). D2 does not 
have to be heat sinked. It only has to last long 
enough to blow the fuse in case the wrong 
supply polarity is inadvertently applied. On 
the other hand, the 50-2 bias adjust control 
(R1) gets quite warm, and should be mounted 
to the enclosure. In wiring the bias circuit, 
attach one wire from RI to DI and another 
wire from DI to the bias point on the circuit 
board; all other connections are made to the 
circuit board. If Rl were connected to the 
circuit board, with a strap going to D1, you 
would almost certainly damage the transis- 
tor if the strap to D1 broke. 


Alignment 


It is necessary to set the bias before 
aligning the rf circuits. For an tnitial check, 
disconnect the wire between D1] and the cir- 
cuit board (RI is connected to D1), Apply 
power and measure the voltage across D1. 
It should be possible to lower it to 0.65 V, 
or less, by varying R1. Set R1 tor the low- 
est voltage and connect the wire from D1 to 
the circuit board. Now reduce the resistance 
of R1 until the collector current is 100 mA. 
Be sure you are measuring collector cur- 
rent and not total supply current (you have 
about 300 mA flowing into D1). 

For aligning the trimmers you will need, 
at least, an SWR indicator and a 50-Q 
dummy load. You will, of course, not know 
how much power you are getting unless 
you also have a wattmeter, Connect the 
amplifier output to a dummy load and 
apply about | W of drive to the input 
through the SWR indicator, Adjust Cl and 
C2 for an SWR of (:1. With CS snug, but 
not tight, adjust C3 and C4 for minimum 
collector current. With the SWR indicator 
or wattmeter connected between the 
output and the dummy load, adjust all the 
trimmers for maximum output. If more 
than one setting gives the same power, pick 
the one that corresponds to the lowest col- 
lector current. Slowly bring up the drive 
and keep readjusting all the trimmers. With 
8 W of drive you should get an output of 
100 W. The collector current will be ap- 
proximately 15 A. Readjust the input for a 
1:1 SWR at full power. This may, or may 
not coincide with maximum gain and you 
may have to compromise. 

During testing you might consider 
using a harmonica to generate a multitone 
signal to reduce the average power dissi- 
pation (keep the speech processor off). If 
at any time the heat sink gets so hot you 
cannot hold your hand on it for five sec- 
onds, let it cool off. As a rough indication 
of power output, ] found that at 100 W, a 








Interior view of ihe 6-meter amplifier showing the parts arrangement used by the author. 
The input matching network is at the right of tha photo. 


Drake DL 300 dummy load become too hot 
to hold after two minutes of key-down 
operation. To prevent rf burns, do oot touch 
the dummy load while rf power is applied. 
To maintain linearity, adjust the output 
circuits for 100 W, even if you are going to 
Operate at 75 or 80 W. I evaluated the am- 
plifier linearity by making two-tone IMD 
measurements with a spectrum analyzer. 
Ata PEP output of 100 W, the third-order 
products were 25 dB below the PEP. At 
80-W PEP they were down 30 dB. In over 
100 contacts, I have not received any ad- 
verse comments on the signal quality. 


Notes 

‘Motorola ine., Motorola AY Data Manual, 2nd ed. 
(Phoenix, AZ: Motorola Inc., 1980), p. 6-15. 

2Westcom, 1320 Grand Ave., San Marcos, CA 
92069. 

2Semiconductor Surplus, 282? N. 32nd SL, No. 
1, Phoenix, AZ 85008. 

4mm = inches x 25.4. 

5S, Kapplin, “Boots for QAP Rigs,” QST, July 
4981, pp. 15-20, 

®|_ Aldpath, “T-A Switching with PIN Diodes,” 
QST, March 1981, pp. 19-21. 
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By Wilson Hoag, WA5OLT 


Build A 6-Meter 
“Mini-Lini” 


Tired of being a QRP station? Boost your low-level 
signal with a pair of sweep tubes. 


s low power enough for equality on 6 

meters? Perhaps, but it has long been my 
contention that some stations are more 
equal than others! One of the great features 
of 6 meters is the ability to make contacts 
with just a few watts when the band is open. 
As solar activity begins to decline, band 
openings will be shorter and less frequent. 
This amplifier will add punch to your ORP 
signal. 

The current offerings of solid-state 
6-meter transceivers and transverters pro- 
vide operating ease and good signal quality, 
but at the expense of rf power output. This, 
coupled with the paucity of linear amplifi- 
ers, resulting from the infamous amplifier 
ban, has caused an overall reduction in the 
average power output on 6 meters, 

When I acquired my first solid-state rig 
(an IC-551) some time back, my tendency 
was to use its scan feature to locate a signal 
and then work the station with a 240-watt 
tube-type rig. A minor panic occurred when 
the tube rig “rolled over and died” midway 
through the ‘79-'80 F2 season, The Mini- 
Lini resulted from that panic. 


Design Approach 

The amplifier was designed to be com- 
patible with common power supplies, use a 
readily available tube, provide push-to- 
talk operation with the IC-55] and have 
approximately the same rf output as most 
tube-type transceivers, Fortunately, a de- 
sign incorporating most of these features 
had been developed by Ed White, 
WASRIA.! The major changes I made were 
in the methods of switching and bias 
adjustment, The tube used is the 6JB6, 
which is inexpensive, available and “happy” 
at 50 MHz. The biasing arrangement, an idea 
borrowed from Doug DeMaw,** allows the 
tubes to be matched for safe parallel opera- 
tion. This amplifier provides about 50 watts 
of output when driven by a 10-watt exciter. 
More than one year of almost daily use has 
been trouble free and productive (42 states, 
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including KH6 and KL7, plus JA and sev- 
eral Europeans). 


Circuit Details 


The circuit is conventional and typical 
of many low-band amplitiers. The original 
design used acapacitive input, but [ thought 
that the paralle]-tuned input method shown 
in Fig. 1 would provide more output when 
used with other QRP drivers. This was 
proven in practice: The amplifier delivers 
about 20 watts of output when driven by an 
IC-502. The potential problem of operat- 
ing unmatched tubes in paralle] has been 
avoided by biasing each tube individually. 
Component values shown will allow cov- 
erage of the entire 6-meter band. 

The output network wil] not reject har- 
monic energy, and the second harmonic, as 
measured in the ARRL lab, was less than 
40 dB below the fundamental (Fig. 2). This 
works out to a healthy 5 mW at 100 MHz. 


Most fm receivers in the neighborhood will 
detect this easily, FCC requirements for a 
commercial amplifier at this frequency are 
to have all spurious radiation at least 60 dB 
below the fundamental. 

To meet this requirement (and to pre- 
vent a lot of RFI complaints) a 7-pole 
Chebyshev low-pass filter was built from 
data given in the 1982 Radio Amateur’s 
Handbook, pages 6-11 and -12. Details of 
a filter with 0.0I-dB of ripple and a 60-MHz 
cutoff frequency are given in Fig. 3. The 
coils can be wound on toroids, or be air- 
core types. Amidon T44-10 (or larger) 
cores should be adequate. The number of 
turns required will depend on core size or 
coil diameter, and can be calculated from 
data given on pages 2-12 and 2-30 of the 
Handbook. This filter reduced the second 
harmonic output to more than 65 dB below 
the fundamental (completely gone for all 
practical purposes). See Fig. 4. 
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Fig. 1 — Schematic diagram of the 6~meter linear amplifier. The tube filaments can be wired In series, eliminating the need for a 


separate 6.3.V supply. 


C1 — 50-pF miniature air variable, 
Cardwell 148-4 or equly. 

G2, C3 ~- 220-F electroiytic, 50 V. 

G4 — 25-pf air-variable, wide-spaced 

Hammarnund HF30X or equiv. 

C5 — 100-pF air variable, Johnson 149-5 
or equiv. 

D1 — 1N914. 

b2,D3— 1A, 50 Vv. 

Ji, J38 — $O-239. 

J2 — Phono Jack, 





Fig 2—Spectral display of the amplifier 
output. Vertical divisions are each 10 dB, 
and horizontal divisions are each 10 MHz. 


K1 — 3pdt 12-V de coil, rf type preferred, 
or KAP14DG. 

L1— 6 turns no. 14 enameled wire, '/2- 
inch 'D x 1-inch iong, tapped at 
approximately 11/2 turns. 

L?2 — 5 turns no. 12 enameled wire, 1'/2 
inch 1D x 2!/2 inches long, 

L3 — 2 turns no. 12 enameled wire, 11/2 
inch ID x t/e-inch long. 

mA — 0-300 mA de meter. 

MOT — 117-V fan motor. 


Construction 


It should be possible to duplicate this 
amplifier for $40 or less, depending on the 
status of your junkbox. Oddly enough, the 
tube sockets proved to be the most difficult 
component to locate, since they are not 
a common catalog item. The 6JB6 uses a 
9-pin NOVAR socket, and the best source 
turned out to be a shop that specialized in 
TV replacement parts. Tuning capacitor C4 
is a junkbox item of questionable parent- 
age. Any spacing greater than about 0,060 
inch (mm = inches x 25.4) should be okay. 
RADIOKIT of Greenville, New Hamp- 
shire would be a good source for all of the 
variable capacitors. 

My amplifier is constructed on an & x 


Pi — Chassis-mount octal plug. 

Q1 — NPN power transistor, TIP31 or 
equivalent, (RS no, 276-2017). 

Ri, R2 — 10-kQ, 2-W potentiometer. 

RFC1 — 300-pH choke with ferrite bead 
on the ground lead. 

RFC2 — 83 turns no. 28 enameled wire on 
a '/-inch diameter ceramic form. The 
coil is 2 inches long. 

Z1, Z2 — 1 turn no. 16 enameled wire on 
47-Q, 2-W resistor. 


10 x 21/2 inch chassis (BUD AC-1418) for 
a base, with 8 x 8-inch end panels. The 
panels were flanged with '/2 x '/-inch alu- 
minum channel for attachment of a cane- 
metal cover for safety and TVI protection. 
Component placement is not critical, but 
all component leads should be as short as 
possible. The resulting layout was deter- 
mined largely by some mid-project design 
changes aimed at making the unit compat- 
ible with a newly acquired IC-502. Visible 
on the lower-right front panel are potenti- 
ometers that were reserved for control of a 
planned rf-operated T-R relay.* 

The tube sockets are modified slightly to 
ground the necessary tube elements. Copper 
washers, cut from flashing copper, fit inside 
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VALUES ARE IN PICOFARADS 


Fig 3—Schematic diagram of a 7-pole Chebyshev low-pass filter. 
Capacitors are silver-mica units, combined in parallel or series to 
obtain the design values. The text has information about winding 


the inductors. 








Fig 5—Bottom view of the amplifier chassis. Note the washers 
on the tube sockets, used to provide a ground connection for 
the appropriate pins. 


the pins on the underside of the sockets. Pins 
1,4, 7, 8 and 9 are bent over and soldered to 
the washer, The washers are grounded to the 
chassis with short pieces of no. 14 wire on 
opposite sides of the socket. Pins 2 and 6 of 
both tubes are bypassed to ground by con- 
necting 0.005-uF disc-ceramic capacitors 
from these pins to the copper washers (Fig. 
5). The control grids are raised above de 
ground while providing a path for rf return. 
It also permits us to apply a de bias to the 
control grid. This will establish the class 
of operation and cut the tubes off during re- 
ceive, if desired. 

Coils L1, L2 and L3 are wound with 
solid TW-insulated house wire from the 
local hardware store. | stripped the insula- 
tion from the wire before winding L1 and 
L2, but left it on L3 to prevent accidental 
contact with L2. The inside diameters 
shown are more the result of available 
cylindrical shapes than any electrical cal- 
culation. Coil spacing was adjusted, with 
the tubes in place, using a dip meter to 
ensure resonance at the proper frequency. 

Heat-dissipating plate caps and a small 
fan provide cooling for the tubes, See Fig. 
6. No thermal distress has been evident 
under any operating condition. The fan can 
be wired through SI or $2, depending on 
whether cooling is desired during standby 
operation. Power connections to the fan 
should be isolated from the chassis. 

A possible modification, shown on the 
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Fig 4—Spectral 
display of the 
amplifier output with 
a 7-pole Chebyshev 
filter. Vertical 
divisions are each 
10 dB, and 
horizontal divisions 
are each 10 MHz. 





Fig 6—Top view of the Mini-Lini chassis. Large heat-dissipating 
plate caps and a fan help maintain cool operation of the tubes. 


schematic diagram, involves the use of a 
3padt relay for K1. The ground legs of R) 
and R2 can be wired through one of the 
normally open contacts. This lifts the po- 
tentiometers above ground in the receive 
mode, applying full bias voltage and cut- 
ting off the tubes. 

The bias voltage source and relay driver 
are “hard wired” on a small piece of perf 
board. The signal for T-R switching is 
applied to J2. This + 8-V signal is obtained 
from pin 6 of the IC-551 accessory socket. 
For use with other rigs, a 9-V battery, wired 
through a foot switch, works well, Current 
drain on this battery is low. An rf-operated 
T-R relay could be used in place of the 
directly keyed one described in this article. 
$2 disables the relay driver by removing 
the 12.6-¥V ac source in the standby posi- 
tion to permit straight-through operation. 


Tune-Up and Operation 

Initial tune-up is simple and ordinary. 
Connect a dummy load and the power 
supply to the appropriate jacks. Any high- 
voltage power supply that has an output of 
750- to 1200-V de should be satisfactory. 
Turn on §1 and allow the heaters to warm 
up for a minute or more. Switch 52 to turn 
on the other voltages. Actuate K1 to ground 
the bias resistors, Rl and R2. Adjust Rl 
and R2 to obtain 15 mA of idling current 
for each tube (30 mA total). 


Connect the exciter to the amplifier 
through an SWR indicator. Actuate K1 and 
apply a small amount of drive. Adjust the 
position of the tap on LI for minimum 
SWR. Be sure to remove all voltages each 
time you move the tap position! 

Next, apply drive to the amplifier and 
adjust Cl, C4 and C5 for maximum power 
output. For those lacking a wattmeter, an 
SWR indicator set in the FORWARD posi- 
tion can be used in the line between the 
amplifer and the dummy load. 


Conclusion 


The Mini-Lini should be ideal for those 
looking for more output from their solid-state 
rigs. Typical operating parameters are 50 
watts out for 10 watts of drive, with 1050-V 
de on the plates. Reports of signal quality have 
been complimentary. Enhance your “equal- 
ity” and come join the fun on 6! I would be 
happy to answer any questions about the 
amplifier — enclose anvs.a.s.¢., please. 


Notes 

‘The design was taken from personal corre- 
spondence with Ed White, WASRIA. 

2D. DeMaw, “Some Ground Rules for Sweep- 
Tube Linear-Amplifier Design,” QS7T, July 
1968, p. 30. 

3D. DeMaw, “Some Thoughts About TV Sweep 
Tubes,” OST, Feb, 1980, p. 11. 

4D. DeMaw and J. Rusgrove, “An RF-Sensed 
Antenna Change-over Relay," OST, Aug. 
1976, p. 21. 
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Fig. 1 — Schematic diagram of the amplifier. 

B1 — 50-ft? (1.4-m?)/min blower, Ripley Sk2754-2A or equiv. 

C1, C2 — Ajir-variable capacitor, 15 pF, E.F. Johnson 189-0565- 
001, 160-0107-001 or equiv. 

C3-G5, incl. — Feedthrough capaciter, 500 pF, 300 V. 

C6-C8, incl. — Homemade “flapper” capacitor. Details of 
construction in taxt and Fig. 3. 

C9, C10 — Electrolytic capacitor, 500 uF, 25 ¥. 

D1 — 50-waitt, &.2-volt Zaner diode, IR Z-3307-C or equiv. 

D2-DS, incl. — 1-4, 1000-PIV dicde, 1N4007 or equiv. 

D6 — 50-wait, 21-volt Zener diode (optional — see text). 

F1, F2 — 3AG fuses. 

J1— Chassis mount BNC female connector, UG-1094/U. 

J2 — Chassis mount N female connector, UG-58A/U. 

J3 — High-voltage cennector, Millen 37001. 

J4, JS — Power connectors, as available. 

J6, J7 — ACA phono jacks. 

K1 — Time-delay ralay, 90 second, normally open contact, 
Amparita 115N0S0T. 

K2 -—— Contro! relay, 28-volt cail, 1-4 4pdt contacts. 

K3, K4 — Coaxial relays equipped with suitable connectors. K4 
should have N connectors, K3 may be BNC or N. 
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AMPLIFIER 

RF SWITCHING 
{CONTACTS 
NOT SHOWN} 


% OPTIONAL = GEE TEXT 





L1 — 3% tums no. 18 enam. wire, %s-inch (19 mm) long, Vs-inch 
{6 mm) diameter. 

L2 — 1% turns no. 16 enam. wire, ‘e-inch (16 mm) long, ‘fs Inch 
{8 mm) diameter. 

M1 — 1-mA meter movement with shunt to provide 600-mA full- 
scale deflection. 

M2 — 1-mA metar movement with shunts to provide 90-mA (grid 
currant) and 3-kV (plate voltage) full-scale deflection. 

R4 — Grid-current shunt. 

RFC1 — 16 turns no. 18 enam. wire, close wound, '/s inch 
(6 mm) diameter. 

RFC2, RFCS — 10 turns no, 16 enam. wire, close wound, Ya inch 
{6-mm) diameter. 

RAFC4 — 5 tums no. 16 wire, one inch (25 mm) long, ‘V/s inch 
{6 mm) diameter. 

$1 — Teggle switch, spst. 

$2 — Toggle swiich, spst. 

§3 — Rotary switch, single pole, three position. 

54 — Toggle swith, spst (optional, see text). 

T1 — Filament transformer, 6.3-volt, 3-4, Stancor P-6466 or 
equiv. 

T2 — Transformer, 12.6 volis, 1 A. 












nthe last few years I've built several 
high-power 432-MHz amplifiers that 
ed tubes from the 4CX250 family, While 
they worked well in Class C, their perfor- 
mance when biased for linear operation left 
something to be desired. My previous ex- 
perience with grounded-grid triode ampli- 
ers on 2 meters was sO good that I decided 
lo try the same approach on 70 cm. An 
Eimac 8874 high-mu triode was selected 
for this design and a crude prototype was 
ilt in a few evenings. After the design 
vas verified, the amplifier described in this 
ticle was built. It is stable, compact and 
livers over 500 watts output while re- 
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Grounded-Grid Kilowatt 
Amplifier for 432 MHz 


Stable, linear operation for tropo or moonbounce DX... 
that’s the end result of this project. 


quiring only a high-voltage supply and a 
source of about 25 watts of drive. The 
amplifier has been trouble free in over three 
years of heavy usage. 


Circuit Description 

A schematic diagram of the 432-MHz 
kilowatt is given in Fig. 1, W1 is a half- 
wavelength stripline which is tuned and 
loaded by C6 and C7 respectively. Plate 
choke RFC4 is connected at the approxi- 
mate electrical center of the plate line. C8 
functions as the plate-bypass capacitor. 
The half-wavelength cathode line is com- 
prised of W2, L2 and C2. L1 and Cl serve 


to match the tube input impedance to the 
amplifier 50-ohm input. As the grid is 
grounded for dc as well as rf, D1 is used to 
develop operating bias at the cathode. R3 
is switched in to supply near-cutoff bias 
during standby periods. M) is used solely 
to monitor plate current in the high-volt- 
age supply negative-return Lead, M2 is 
switched to read grid current, high voltage 
and relative output. The latter function is 
by means of an external line sampler.' 
With the exception of the multimeter func- 
tions the metering and bias circuits are 
similar to those in a 220-MHz amplifier. 

Separate coaxial relays attached to the 


high-power uhf amplifier. The toggle switches control filament power and standby/operate functions respectively. Multimeter 
ction is selected with the switch located between the meters, while the plate tuning and loading controls are at the right. Modern 
obs and homemade meter faces give the amplifier a commercial appearance. 
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input and output terminals allow the ampli- 
fier to be switched in and out of the line in 
a manner popular with hf amplifiers. Time- 
delay relay K1 prevents the amplifier from 
being switched into service for 90 seconds 
after the tube heater is energized, allowing 
the element to reach operating temperature. 
A normally closed contact of K2 applies 
full voltage to the heater during standby 
periods. The voltage is reduced during 
operation as recommended by the manu- 
facturer. 


Construction 


Plate and cathode-compartment con- 
struction is from 0.032-inch (0.8-mm) thick 
aluminum sheet attached to '/2-inch (13- 
mm) aluminum angle stock. Some angle 
stock may be anodized, giving the surface 
a dull appearance. This material must be 
lightly sanded to remove the anodized 
metal, which is a poor conductor. Holes are 
drilled in the angle stock to allow attach- 
ment of the covers; these are tapped for 
no, 4-40 screws. Details of the 10,5 x 4 x 
3-inch (267 x 102 x 76-mm) plate compart- 
ment may be seen in the top view photo. 
Construction of the cathode compartment 
is similar, and may be seen in the photo of 
the underside. It measures 4 x 4 x 14/4 
inches (102 x 102 x 44 mm). The alumi- 
num brackets holding the rf enclosures to 
the front panel also serve as end covers for 
the compartments. Compartment spacing 
from the panel is four inches (102 mm). A 
5'44 x 19-inch (133 x 483-mm) rack panel is 
used. 

The plate line was fabricated from a 
piece of '/16-inch (1.6-mm) thick brass. Fig. 
2 gives detailed information for making the 
line. In addition to brass, lines were made 
from copper, both unplated and silver 
plated, with no discernible difference in 
efficiency. Double-sided G-10 printed cir- 
cuit board would probably work as well. 
Best thermal stability was obtained with 
the unplated solid-copper line. The line 
is supported by 1.5-inch (38-mm) long ce- 
ramic insulators, although standoffs made 
of Teflon will also serve. C6 and Cl] are 
made from beryllium-copper sheet. Details 
of their construction appear in Fig. 3. These 
“flappers” are moved with fishing line 
which is tied to '/s-inch (6.4-mm) fiber 
shafts. These shafts may be seen in the 
underside view. 

The anode collet (Eimac no. 008294) is 
secured to the bottom of W1 with standard 
60/40 solder. Use no. 4-40 screws and nuts 
to hold the collet in place during the solder- 
ing operation. The grid collet (Eimac no. 
882931) is attached to the chassis with 
eight no. 4-40 machine screws and nuts. A 
poor ground connection for the grid will 
greatly increase the amplifier drive require- 
ments or make the unit totally inoperative. 

C8, the plate-bypass capacitor, is made 
from two brass plates, one mounted on 
either side of the plate compartment. A 
0,005-inch (0.13-mm) thick piece of Teflon 
sheet is used for the dielectric material. 
While this Teflon thickness may seem 





Top view of the amplifier, with the plate compartment cover removed. The tube, plate 
line (W2) and RFC4 may be seen at the top of the photo. Note the large number of 
holes drilled in the plate compartment to receive the cover hold-down screws. A tight 


seal is required to prevent rf and air leaks. 


{ 


Bi 





This bottom view shows the cathode compartment and the shafts for C6 and C7. A cover 
is placed over the cathode compariment during tuneup and operation. 


inadequate, itis rated at 1000 volts per mil 
(0,03 mm) thickness. It is necessary to coat 
the dielectric with Dow Corning type 
DC-4 silicone grease to fill in any imper- 
fections in the surface that might allow a 
leakage path and subsequent capacitor 
breakdown. This silicone grease has di- 
electric properties similar to Teflon* A no. 
8 (4-mm) brass screw is used to hold the 
plates in place, and also acts as the high- 
voltage feedthrough terminal. A 3/8-inch 
(10-mm) diameter washer was sliced from 
a Teflon rod and used to center the screw in 
the hole. Fig. 4 gives details of the remain- 


“Alternatively, an Erie 2498-001-X5U0-102M 
1000-pF 4-k¥V feedthrough capacitor may be 
used. This compenent is available from 
ae P.O. Box 546, East Greenbush, NY 





Fig 2—Dimensions of the plate line are 
given here. The line may be constructed 
from ‘Vie-inch (1.6-mm} thick copper or 
brass. Corners of the line should be filed 
to give a Yie-inch (5-mm) radius. 
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A Quarter-Kilowatt 23-cm 
Amplifier 


Imagine, a linear amplifier with great efficiency and 
long-term stability that is super quiet and small in 
size. Sounds like HF? Not exactly... 


ib me, there is nothing more frustrating 
than having to dig through a construc- 
tion article to find out exactly what perfor- 
mance you can expect from the finished 
product, So here it is: 

1) Grounded-grid 7289/2039 cavity 
amplifier, single tube. 

2) Linear operation (what you put in, 
you get out, only more of it). 

3) Covers 1240 to 1300 MHz. 

4) Power. gain ranges froth 12-20 dB 
depending on output power, input power, 
loading, anode voltage and grid bias volt- 
age. 

5) 50-ohm input and output — no stub 
tuner required. 

6) Power output greater than 200W 
with about 12-W drive. 

This is Part | of a two-part article. 
In this installment, [ describe the design 
and construction of the RF deck. Part 2 
describes power-supply construction, test- 
ing and operation. 

This amplifier is a tried and proven 
design. Much development work has gone 
into this project. The amplifier works well, 
is reliable and can be duplicated. More than 
50 of these amplifiers have been built to 
date. J have successfully worked many 
1296-MHz EME (earth-moon-earth) sta- 
tions with one of these amplifiers and a 
384-element loop-Yagi array during the 
past year. Amplifiers of this design were 
used on both ends of the first California-to- 
Hawaii QSO on 1296 MHz. Another unit 
has logged more than 20,000 hours of con- 
linuous operation at the KH6HME beacon. 


General Design Approach 

A cavity amplifier is similar to a conven- 
tional amplifier designed for lower frequen- 
ties. The tube anode excites a resonant 
circuit, and power is in turn coupled into a 
load, usually 50 ohms. Instead of using coils 
and capacitors, as at lower frequencies, the 





cavity provides the resonant circuit neces- 
sary to tune the amplifier output. 

The anode cavity of this amplifier is a 
squat cylinder, Cylinder height is set by 
mechanical tube requirements. The inside 
diameter of the cylinder sets the highest 
resonant frequency. Any capacitance added 
from the top to the bottom of the cavity will 
lower its resonant frequency, as will 
increasing the cavity diameter. 

This amplifier uses '/s-inch-thick cop- 
per plates for the cavity top and bottom, 
and a thick-wall aluminum ring, cut from 
tubing, for the walls.' This heavy construc- 
tion virtually eliminates all resonant-fre- 
quency variations caused by thermal and 
mechanical changes. 

Fig. 1 is a schematic diagram of the 
cavily amplifier. The circuit is simple. 
Filament voltage and cathode bias enter the 
RF deck through feed-through capacitors 


(C4, C5) and RFC1 and 2. High voltage is 
fed to the anode through RFC3, C8, the 
anode bypass capacitor, is homemade from 
Teflon® dielectric sandwiched between a 
copper plate and the chassis. 

The input pi network easily tunes the 
entire band at any power level. it is made 
from two Johanson piston trimmer capaci- 
tors and a “coil” made from copper wire. 
An input cavity is not necessary at 23 cm. 

Output coupling is through a rotatable 
loop that serves as a variable loading 
control. This allows amplifier-tuning flex- 
ibility; it may be tuned for maximum gain 
or for maximum power, Light loading can 
produce stable power gains of up to 20 dB. 

Amplifier tuning is accomplished with 
a homemade cylindrical coaxial capacitor 
with Teflon dielectric (C6), There are no 
moving metal parts to cause erratic perfor- 
mance. The Teflon rod/tube screws in and 
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Fig. 1 — Schematic diagram of the 23-cm 

amplifier. 

C1 — 3-pF dipped mica capacitor. 

C2, C3 — 1- to 10-pF piston trimmer 
capacitor (Johanson no, 3957, 5201 or 
equiv.). 

C6 — Anode-tuning capacitor. See text 
and Fig. 11. 

C7 — Anode-bypass capacitor, 90 pF. 
Homemade from copper plate and Teflon 
sheet. See text and Figs. 5, 12 and 15. 

C3 — Dise ceramic, 0.0047-F, 3-kV 
capacitor. 

Ji — 5-mm SMA connector, chassis 
mount, female. 

J2 — Modified Type-N connector. See text 
and Fig. 7. 

J3 — Female chassis-mount BNC 
connector. 

Li — Loop of no. 18 bus wire soldered 
between C2 and C3. See Fig. 15. 

L2 — QOutput-coupling loop. Part of output- 
connector assembly. See text and Fig. 7. 

RFC1, RFC2 — 5 turns no, 20 bus wire, 
34e-inch ID. 

RFC3 — 3 turns no. 20 bus wire wound on 
a 20-ohm, 1-W carbon-composition 
resistor. 


out of the coaxial capacitor, increasing or 
decreasing the capacitance by changing the 
amount of Teflon dielectric inside the cyl- 
inder, With the rod all the way in, the di- 
electric is all Teflon; with the rod all the 
way out, the dielectric is all air. 

Teflon has a relative dielectric constant 
(relative to air = 1) of 2.05, which means 
that the value of the capacitor with the 
rod all the way in is twice the value of the 
capacitor with the rod all the way out. Full 
capacitance will pull the resonant fre- 
guency of the amplifier down to 1240 MHz. 
Use of only one tuning adjustment means 
the amplifier will have more gain because 
cavity shunt capacitance has been mini- 
mized, 


Thermal Considerations 


The cavity walls are formed by a thick- 
wall aluminum ring, which is sandwiched 
between two thick copper plates. RF and 
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TEMPLATE CONSTRUCTION 


HOLES USED: 
RING — A 
ANCDE PLATE — A, B, C, F,H 
GRIG PLATE — A, C, 0, G, 4 
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¢ ALL PLATES ARE VIEWED FROM FRONT PANEL 
* HOLE DESIGNATIONS ARE MAINTAINED ON 

* ALL DRAWINGS 





Fig 2—Complete dimensions for the aluminum template. 


thermal properties of these two metals are 
reasonably close, whereas brass is rather 
poor in both respects, The 7289/2C39 
tube used in this amplifier is being run at 2- 
2'/2 times its normal dissipation rating; 
therefore it’s important to have a cavity that 
remains thermally stable. 

Most previously described amplifiers 
have used sheet brass in their construction, 
This has usually meant constant retuning 
of resonance to maintain output power at or 
near maximum. 

The copper and aluminum construction 
in this amplifier has solved all thermal sta- 
bility problems. The amplifier can easily 
be run key down for over an hour at 200-W 
output without retuning. This, of course, is 
obtained only with a good tube and water 
cooling. A practical water cooling system 
will be described in Part 2 of this article. 

Water cooling keeps the internal struc- 
ture of the tube thermally stable. When air 
cooling is used for output levels of 100 to 
150 W, output power fluctuations are a 
direct result of internal tube changes. These 
changes vary from tube to tube and must 
be tested for. In some cases, otherwise 
perfectly good RF tubes have had poor ther- 
mal stability. Such tubes can make good 
drivers at lower power levels. 


“Using Simple Hand Tools Will...” 
Hand tools are great if you are skilled 
and patient. Most people want to hurry up 
and finish their new project. If that’s you, 
then have a machine shop make all of the 
parts, leaving you only the final assembly. 
It should cost about $200. The parts are not 


difficult to fabricate, but the process is time 
consuming. If you have the time and 
patience to do it yourself, this amplifier can 
be very inexpensive. 


Gathering the Materials 


All of the materials used in this ampli- 
fier are fairly common and should be avail- 
able from suppliers in most metropolitan 
areas. Some suppliers have “short sale” 
racks, where they sell odd pieces cut off 
standard lengths or sheets at reduced 
prices. The parts for this project are small 
enough to be fashioned from cutoff stock. 
Surplus-metal houses have some great 
buys, so start there if one is nearby. 

The key to successfully completing this 
project is careful layout work before cut- 
ting or drilling any parts. Invest in a can of 
marking dye, a sharp scribe, an accurate 
rule, vernier calipers and several center 
punches. These tools are available at any 
machinists’ supply shop. The marking dye 
will make cutting and filing lines much 
easier to see. Measure all dimensions as 
carefully as you can and then recheck them 
before cutting. Mark with a sharp scribe 
because the sharper the scribe, the finer the 
marked line, and the finer the marked line, 
the closer your cut will be to where it should 
be. Remember—the accuracy of your 
drilled holes is only as good as your center- 
punching ability, so use a fine punch 
for the first mark and then a bigger one to 
enlarge the mark enough for drilling. 

Access to a drill press is a must, It's 
extremely difficult to drill holes accurately 
with a hand drill. Although they are 





not absolutely necessary, you should have 
access to a lathe or milling machine. 

Other tools that will aid you with this 
project are a nibbling tool, a set of punches, 
a new set of files and some sharp drill bits. 
If you don’t already have one, purchase a 
file card to clean metal shavings out of your 
files as you work. Clean, sharp files are 
faster and more accurate to work with. 
You'll also need an assortment of sandpa- 
per for the final finish work. 


The Template Approach 


I highly recommend fabrication of a 
single template for marking and drilling the 
anode plate, anode bypass capacitor, cav- 
ity ring, grid plate and front panel. The 
template shown in Fig. 2 has all of the holes 
for these parts. If you use the template, 
you'll only have to make the careful mea- 
surements once — after that, it’s simple to 
mark and drill the rest of the parts. 

The template approach offers several 
other advantages. A template makes it 
much easier to maintain accuracy between 
the anode plate, cavity ring, grid plate and 
front panel; these parts will fit perfectly 
because they were all drilled from the same 
master. The template approach also makes 
it possible to set up a small production line 
if you decide to build more than one of 
these amplifiers and combine them for 
higher power, or if a friend wants to build 
an amplifier along with you. 

See Fig, 2 for complete template dimen- 
sions, Start with a piece of '/e-inch-thick 
aluminum stock that is larger than you need 
and degrease it with soap and water. Dry it 
off and spray it with marking dye. Scribe a 
4-inch square on the stock and cut the tem- 
plate to size. A shear will make this job 
much easier, but it can be cut with hand 
tools and filed to size. 

Carefully measure and scribe all holes. 
Note that holes A and B are on the circum- 
ference of circles. Use a compass to scribe 
the circles, and then locate the holes, After 
you have marked and checked all holes, 
centerpunch and drill them. The holes 
should be drilled with a Yss-inch or smaller 
bit. Recheck all measurements. If you goof, 
start again. The time you spend making the 
template as perfect as you can will save 
you much time and aggravation when you 
make and assemble the other parts, 

When you finish the template, mark the 
front side for future reference. All plates 
made from the template are marked and 
drilled from the front side (as viewed from 
the front panel}. 


Making the Copper Plates 


Once you have completed the tempiate, 
it will be easy to make the copper plates. 
The anode plate, grid plate and anode- 
bypasscapacitor plate are all made from 
Ye-inch-thick copper. See Figs. 3, 4 and 5 
for the dimensions of these pieces. 

Measure and cut the three plates to the 
proper dimensions. Carefully break (deburr) 
all sharp edges to avoid small cuts to your 
{mgers and hands, 
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Fig 3—Drilling details for the anode plate. 
See Fig 2 for additional information on 
hole location. 
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Fig 4—Drilling details for the grid plate. 
See Fig 2 for additional information on 
hole location. 
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Fig 5—Drilling details for the anode 
bypass capacitor plate. See Fig 2 for 
additional information on hole tocation. 


Clean the plates with alcohol and spray 
them with marking dye. Clamp the alumi- 
num template to each plate, and carefully 
scribe the correct holes. Remember that all 
plates do not have the same holes. The an- 
ode plate uses holes A, B, C, F and H; the 
grid plate uses holes A, C, D, Gand H. The 
anode-bypass-capacitor plate uses holes B, 


E and H. 

Use a small center punch to punch all 
holes lightly. If they then look accurate, 
enlarge them enough for drilling. 

Copper isn’t the easiest metal to work 
with. It’s very stringy, and drilling it can be 
frustrating. You'll need the proper drill bits 
for best results. Special drills can be pur- 
chased, or you can use a grinder to care- 
fully remove the sharp points on the outer 
edge of the cutting surface of each side of 
a standard drill bit, This will eliminate any 
tendency for the copper to grab. Practice 
on an old bit and be sure to grind it sym- 
metrically. Modified drill bits can still be 
used on aluminum and other metals. 

Always start with a smaller drill and 
work up to the final hole size. It’s safer and 
more accurate. The larger holes can be cut 
with a flycutter, or you can drill a series of 
smaller holes around the inside of a larger 
hole and file to finish. Either way is fme. 
Use lots of cutting fluid to lubricate the 
drill bit, and wear safety glasses and an old 
shirt. Remember, some cutting fluids are 
not to be used on aluminum. 

Start with a no.50 (0.070-inch} or 
smaller bit and drill pilot holes at each of 
your punched marks, The details for fin- 
ishing each hole are listed in the drawings. 
Some holes are countersunk or tapped. Pay 
attention to the details, and take your time. 

When you are through drilling, you 
must deburr each hole. Copper is soft, so it 
tends to rise up around the hole during drill- 
ing and deburring. Use a flat file for the 
initial cut, and then remove any remaining 
material with a countersink. File the cop- 
per plates flat again; a flush fit on both sides 
of the aluminum ring is important. 

When all copper work is done, you 
should be able to stack the plates and see 
all pertinent holes align correctly. Enough 
tolerance is included in the dimensions to 
accommodate minor errors. After the holes 
are drilled, it can be difficult to tell which 
side of each plate is which, so mark the 
front side of each plate with a permanent 
marker, 


Machining the Ring 

The aluminum ring that forms the 
cavity wall is cut (sliced} from a length of 
3'f.-inch OD tubing with a */s-inch wall 
thickness. See Fig. 6. The tubing ID is 
about 2°/1 inches. The dimensions of the 
ring are the most critical in this amplifier. 
Tolerance of the ring thickness is + 0.005 
inch to maintain full band coverage. 

The ring can be hacksawed or band- 
sawed out of the tubing, but take extreme 
care to be accurate. Cutting tubing straight 
isn't easy. Clamp the tubing to prevent 
rotating on the band saw. The final finish 
cut is best done on a lathe or milling 
machine, but careful filing will work, 

Once the ring is the correct thickness, 
deburr the sharp edges and spray it with 
marking dye. Notice that the outside and 
inside diameters are not concentric. This is 
normal for large tubing. Lay the ring flat 
and fmd the thickest wall section. Scribe a 
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Fig 7—Output-probe/connector assembly 
details. 


line across the wall at this point, across the 
center of the ring and across the wall on the 
other side. The seribed lines on each side 
of the ring will be used to align the tem- 
plate. The output connector will be placed 
at the thick wall section. 

Carefully align notch | on the template 
with the line scribed on the thickest wall 
section on the ring. Clamp the template 
onto the ring. Mark each of the 11 holes 
labeled A on the template. After you mark 
the holes and remove the template, check 
alignment with the copper plates just in 
case. [f everything lines up, center punch 
all eleven holes on one side of the ring only, 
and drill each hole completely through the 
ring. Use lots of cutting fluid. File the ring 
flat before and after deburring, taking care 
not fo change the wall thickness. Tap each 
hole te accept no. 4-40 machine screws. 
Each hole will have to be tapped to a depth 
of at least */s inch from both sides because 


3-4 Chapter 3 


Fig 6—Details of the 
cavily ring. See Fig 2 for 


additional information on 
hale location. 


LEG THA AWD TAPPED 





long taps don’t exist. The inside of the ring 
doesn't need to be polished. 

The hole for mounting the ourput con- 
nector can now be drilled. There are two 
ways to mount this connector, and either 
scheme works fme. Read ahead to the sec- 
tion on making the output connector for 
more information, The first method of 
mounting the connector involves tapping the 
ring with a no. ‘4-24 tap and using a lathe 
to cut matching threads on the output con- 
nector coupling sleeve. Large taps are ex- 


pensive, but a tap and die for Type-M con- 
nectors are handy if you do much building. 

If you don't have access to a lathe ora 
large tap, the second method is easier. 
Make the output connector coupling sleeve 
from */s-inch-OD brass or copper tubing, 
and drill the ring to just clear it, Then drill 
and tap the grid-plate side of the ring above 
the output connector to accept a setscrew. 
Also, drill a clearance hole in the grid 
plate for che setscrew. Use the setscrew ta 
secure the oulpul connector. 


Output Connector 


A standard Type-N  chassis-mount 
female connector (silver plated) is used for 
the output probe/connector. See Fig. 7. 
First, remove the flange with a hacksaw 
and file flush with the connector body. 
Next, make the output-coupling sleeve that 
is right for your application (threaded 
orunthreaded, depending on how you fab- 
ricated the ring). The sleeve wil] be the 
same length in cither case. The output-cou- 
pling loop is fashioned from a piece of 
0.032-inch-thick copper sheet that is 4/2 
inches wide. Bend it to the dimensions 
shown in Fig. 7, We will solder the output 
connector together later. 


Grid Compartment 
The grid compartment measures 2 
inches square by I'/2 inches high. See Fig. 
8. It is made from brass and can be sawed 
out of square tubing or bent from sheet. 
The cover can be made from any material. 
I use two small PC boards (Fig. 9) for 
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Fig 6—Input-compartment details. 
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Fig 9—Cathode and filament PC-board 
details. 


holding the fmger stock that makes contact 
with the filament pin and cathode ring on 
the 2C39 tube. These boards are cut from 
‘as-inch-thick, double-sided G-10 glass- 
epoxy stock. The copper pattern is identi- 
cal for both sides of each piece. Mark and 
drill or file the holes first, and then cut the 
boards to size. Small boards are difficult to 
hold while drilling them, Mark each side of 
each board and score the copper foil with a 
sharp knife, 

The unwanted copper can be removed 
easily by heating the foil with a soldering 
iron and lifting it off, Use a flat file to 
deburr the boards. Do not use a countersink 
because the copper foil must be as close to 
the holes as possible to facilitate soldering 
the finger stock in place. 

The input connector that I use is a 5-mm 
SMA type. This is an excellent RF connec- 
tor, especially for low-power UHF appli- 


FRONT PANEL 
( VIEWED FROM FRONT) 


cations. I highly recommend use of an 
SMA, but any small screw-on connector 
will do. If you really feel you have to use a 
BNC then do so, but it’s a lousy connector 
at frequencies above 200 MHz. Remember 
to move the connector hole to accommo- 
date its larger size. 

The input connector must be as close as 
possible to the first input capacitor. The 
lead length of the input dc blocking capaci- 
tor must be as short as possible. The 3-pF 
capacitor is series resonant at 1200 MHz 
only with short ('/is-inch or less) leads. 


Miscellaneous Bits and Pieces 


There are still several small, but very 
important parts to fabricate. The front panel 
I use is shown in Fig. 10. It is made from a 
piece of '/s-inch-thick aluminum sheet. 
Some builders may wish to mount the 
amplifier on a rack panel. Wash and dry 
your front-panel material and spray it with 
marking dye. Clamp it to the template and 
mark the holes. Check the hole alignment 
with the copper grid and anode plates. If all 
lines up correctly, center punch and drill 
the holes. The only front-panel control is 
for the anode tuning capacitor, which is 
adjusted by a '/s-inch shaft protruding 
through a */s-inch panel bushing in hole C. 

The anode tuning collar, shown in Fig. 
11A, is made from a piece of '/:-inch OD 
brass rod. This rod has a ¥s-inch hole 
drilled through its center, and it is turned 
down to "/16-inch OD for half its length. The 
inside of the '/2-inch-OD end is tapped to a 
depth of '/a inch to accept *Ya-24 threads. 
This collar will be inserted into hole C on 
the grid plate. 

Fig. 11B also shows the anode tuning 
post. It is simply a length of */:2-inch-OD 


iG 


COUNTER 


brass rod that inserts into hole C on the 
copper anode plate. This rod will form one 
plate of the anode tuning capacitor. 

The anode tuner (Fig. 11C) is machined 
from a piece of */4-inch-OD Teflon rod. One 
end of the rod is drilled out with a no. 21 
drill. The outer wall of this end is threaded 
with a no. 3/s-24 tap. This is the end that 
will thread into the anode tuning collar and 
slip over the anode tuning post. The other 
end is turned down to fit inside a '/s-inch 
shaft coupler. 

Fig. 12 shows the remaining parts. The 
tuning shaft (A) is made from a piece of 
'fa-inch brass rod. A coupler (B) to connect 
the tuning shaft to the anode tuncr may be 
purchased or made. This also applies to the 
front-panel spacers (C). The Teflon dielec- 
tric for the anode bypass capacitor (D) is 
made from 0.010-inch-thick Teflon sheet. 
Use the template to locate holes B and H. 
Teflon washers and inserts (F) are used to 
insulate the mounting hardware for the 
anode bypass capacitor from the chassis. 
The inserts are made from '/s-inch-OD 
Teflon rod. The washers are made from 
Teflon sheet. Sharpen a piece of */s-inch 
aluminum tubing and chuck it up in a drill 
press. This tool will cut neat, round wash- 
ers from the sheet. 

The box that encloses the anode com- 
partment (Fig. 13) is fabricated from a Bud 
AU-1083 utility cabinet. Clean the chassis 
and spray it with marking dye. Secure the 
template to the side of the enclosure that 
contacts the anode plate and scribe the 
holes labeled F. Make sure that these holes 
line up with the holes on the copper anode 
plate. If they do, center punch and drill 
them to size. If air cooling is used, the 
blower will mount to this box. 
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Fig t0—Front-panel details. Fig t1—Anode-tuning capacitor details. 
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Fig 13--Anode-enclosure details. 


Soldering the Subassemblies 

Once all copper and brass parts are 
drilled and deburred, they should be 
cleaned with alcohol and Scotch-Brite®, a 
nonmetaffic pot cleaner, and washed in 
alcohol again. Set the pieces aside and 
avoid touching them. Fingerprints will in- 
hibit soldering. 

I have found that the best way to salder 
the heavy brass and copper parts is to first 
build the soldering fixture shown in Fig. 
14. This soldering fixture, made from !/2- 
inch-thick aluminum plate, will evenly heat 
the entire assembly to be soldered. Even 
heating will allow you to do a much better 
soldering job than you could otherwise. 

The soldering fixture should be pre- 
heated on a stove or hot plate until bits of 
solder placed on its surface just melt, At this 
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Fig 14---Dimensions of the soldering 
fixture. See Fig 2 for more information on 
hele location. 


point, reduce the heat slightly. Avaid exces- 
sive heat. If the copper parts placed on the 
fixture suddenly turn dark, it's too hot. 
Solder the grid plate assembly first. You 
will need the copper grid plate, grid finger 
stock, anode tuning collar and brass input 
compartment.* Look at the drawings again 
to be sure that you know which parts go 
where. Insert the grid finger stock into hole 
H on the grid plate. As viewed from the 
front-panel side, the curved fingers will 
protrude out the back side, away from you. 
Apply liquid or paste flux and set the grid 
plate in the soldering fixture. The finger 
stock will fit in hole H in the fixture, allow- 
ing the grid plate to rest flush with the sur- 
face of the fixture. Next, apply flux to the 
anode tuning collar and insert it in hole C of 
the grid plate. Part of the tuning collar will 


slip into hole C in the soldering fixture. 
Make sure the collar seais flush with the 
grid plate. The flux should start to bubble. 

Carefully apply solder directly to the 
joints of the installed parts. The solder 
should melt almost immediately and flow 
bright and smooth. Next, place the square 
brass input compartment in place and 
apply flux. In a few seconds, it can be sal- 
dered by running solder around the joints, 
inside and outside, If you have trouble get- 
ling it to flow on both sides, merely tap the 
brass box aside (‘/ie inch) and return it to its 
original position. 

Now comes the hard part — getting the 
soldered assembly away from the heat 
without disturbing the alignment. A pair of 
forceps is recommended, but Jong pliers 
will do, Carefully lift the assembly off the 
soldering fixture and set on a cooling rack. 
Do this without moving any part. The cool- 
ing rack can be any two pieces of metal that 
will allow clearance for the protruding 
parts. You can expedite cooling by using 
an ordinary hair dryer in the “cool” posi- 
tion to gently blow air across the assembly. 

While the grid assembly is cooling, 
assemble the output connector. See Fig. 7. 
Place the modified Type-N female connec- 
tor, threaded end down, on the soldering fix- 
ture. Apply flux to the top and install the 
output coupling sleeve. Allow bath parts 
to heat before applying solder. Carefully re- 
move the soldered output connector from 
thefixture. When it has cooled, solder one end 
of the loop to the center pin of the N connec- 
tor and the other to the output coupling sleeve. 

Now place the anode plate on the sol- 
dering fixture and allow to heat. Apply flux 
to hole C. Insert the anode tuning post 
C/s2-inch-OD brass tube) and a]low ta heat; 
apply solder. Remove the parts and cool. 
Next, solder the finger stock in hole H on 
the anode bypass capacitor plate.4 

This completes the work with the sol- 
dering fixture. Be sure to let it cool off 
before handling! Save the fixture for future 
construction; you never know when you 
might want it again. 

The anode plate and the anode-bypass- 
capacitor plate must be filed and then 
sanded flat on their butt surfaces to assure 
that there are no solder bumps or sharp 
points to puncture the Teflon dielectric. 
This must be done after soldering. The 
Teflon sheet is adequate insulation for 
many times the anode potential of this 
amplifier, but only if the surfaces it sepa- 
rates are smooth! 

Neat, clean the cathode and filament PC 
boards. Install the fmger stock in hole H of 
the cathode board. Apply flux to both sides 
of the board. Heat with a hot iron and apply 
solder around the circumference of hole H, 
soldering the finger stock on both sides 
of the board. Use the same technique to 
install the filament pin.* 

After all parts have cooled, usc a spray 
can of flux remover to clean them. Slight 
scrubbing with Scotch-Brite pot cleaner 
will finish them nicely. Congratulations: 
You have finished the pieces and are now 
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Fig 15—Assembly details for the filament 
and cathode boards (A), the anode-bypass 
capacitor (B) and the input pi network (CG). 





ready to bolt the amplifier together. 


Silver Plating 


Over the years, many people have 
pushed silver plating as the only way to go. 
You may wish to silver plate the amplifier 
components before soldering them to- 
gether, but I do not think it’s necessary. I 
tan several tests to prove how much vari- 
ous types of plating affect performance of 
this amplifier, Remember that the RF skin 
conductivity of aluminum and copper is 
pretty good at 23 cm; they are much better 
than brass. 

Four amplifiers were built for this test. 
They were plated as follows: 

1) Nickel plated 

2) Tin plated 

3) Silver plated 

4) Unplated 

There was no difference in performance 
among the tin-plated, silver-plated and 
unplated versions. The nickel-plated am- 
plifier exhibited 3-dB less gain. 

In other words, it is not necessary to sil- 
ver plate this amplifier; however, it does 
improve appearance by making the parts a 
similar color. Silver does tarnish, espe- 
cially with fingerprints, The decision to 
plate or not to plate is up to you. 


Assembly 

After fabrication of all parts, assembly 
is simple. Figs. 15 through 17 show assem- 
bly details. Loosely fasten the grid and 
anode plates to the ring. Mount the input 
connector and capacitors on the input com- 
pattment. Loosely install the cathode and 
ifiament boards and their respective spac- 
ems. See Fig. 5A. 

Now insert a 7289/2C39 tube. This will 
center up all finger stock. Place the Teflon 
anode tuner in its collar on the grid plate 
and screw it most of the way in, Now tighten 

all of the screws, The 7289/2C39 tube 
should slide in and out snugly, and the an- 
ode tuner should screw in and out smoothly. 





Fig. 16—The completed cavity ring and 
anode plate with anode tuning post 
soldered In place are shown at A. The 
photo at B shows the grid plate with finger 
stock, input compartment and anode 
tuning collar soldered in place. The 
completed anode tuner Is at the right. 

C shows the cavity ring attached to the 
anode plate. The anode-bypass capacitor 
is ready for installation. At D, the interior of 
the cavity as seen from the grid plate side 
is visible. The output probe/connector 
assembly is installed. The anode bypass 
capacitor and anode enclosure have been 
installed on the anode plate. 





(B) 


Fig 17--At A, the interior of the completed 
input compartment is visible. The photo at 
B shows the interior of the anode 
compartment with the anode bypass, 
AFCS3, C8 and J3 installed. 


The Teflon sheet and anode bypass 
capacitor plate can be installed now (Fig. 
15B). Assemble the remaining input com- 
ponents, the filament feed-through capaci- 
tors and RFC5 (Fig. 15C), Screw the 
output probe into the cavity ring (or pushin 
the probe and tighten the setscrew, depend- 
ing on which method you chose). Install 
the high-voltage connector and other parts 
in the anode box. Mount the amplifier on 
the front panel and install the anode tuner 
shaft. This completes the assernbly. Part 2 
of this article will describe a complete 
power supply for the amplifier, a practical 
water cooling system, testing procedures, 
microwave radiation safety hazards, and 
amplifier tune-up and operation. 


Notes 

‘mm = in x 25.4. 

The finger stock for this project is manufac- 
tured by Instrument Specialities, P.O. Box A, 
Delaware Water Gap, PA 18237. Contact 
them for the name of the closest distributor, 
The part numbers for this amplifier are: 
anode bypass capacitor plate, no. 97-70A; 
grid plate, no. 97-74A; cathode board, no. 97- 
420A; filament board, no. 97-280A. 

3See note 2. 

‘See note 2. 
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A Quarter-Kilowatt 23-cm 
Amplifier 


Part 2—Last month, we described the design and 
construction of a 23-cm cavity amplifier. This 
installment describes the rest of the components 


fter you complete Construction of the 

cavity amplifier described in March 
OST, you are ready to assemble the rest of 
the components needed to put il on the air. 
This month, ] will discuss the filament, bias 
and high-voltage supplies; a whisper-quiet, 
high-efficiency water-cooling system; lest- 
ing and hookup; and, finally, tune-up and 
operation. 


Power Supplies 

The filament and bias supplies for the 
cavity amplifier are shown schematically 
in Fig. 1, The manufacturer's specification 





needed to put it on the air. 


for the 7289/2C39 filament its 6.0-V ac at 
1 A. Thave found that the use of a standard 
6.3-¥ ac, 1-A transformer only slightly 
increases the lube emission without much 
loss of tube life. The filament should be 
allowed to warm up before operating the 
amplifier, so the filament, bias and high- 
voltage supplies incorporate separate pri- 
mary switches. 


Biasing 

Many biasing schemes have been pub- 
lished for grounded-grid amplifiers, Fig. 1 
shows a bias network that satisfies all of 


CXCEPT AS WOLCATED, DECIMAL VALUES OF 
CAPACTTANCE ARE Ot MICRCFARACS | pF}; 
OTHERS ARE Wi PICOFARADS (pF OR ppt, 


the following operating requirements: 

1) external bias supply referenced to 
ground 

2) low-power components 

3) variable bias lo accommodate tube- 
to-lube variations 

4) TR switchable with relay contact or 
transistor to ground 

5) bias-supply protection in case of a 
defective or shorted tube. 

U2 provides a variable bias-vollage 
source, adjustable by R1. The output of U2 
drives the base of Q1, which is used to 
increase the current-handling capability of 
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Fig 1—Schematic diagram of the cavity-amplifier filament and bias supplies. All resistors are '/s-W carbon types unless otherwise 


noted. 

Ji—Female chassis-nount photo connector. 

T1—Filament transformer. primary, 117 V; 
secondary, 6.3 V ati A. 

T2—-Power transformer. Primary, 117 ¥: 
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secondary, 24 to 28 V at 50 mA or 
greater. 
Ui—Bridge rectifier, 50 PIV, 1A. 
U2—Adjustable 3-terminal regulator 


(LM317T or equiv.). 

21, 22—20-V unipolar metal-oxide varistor 
(General Semiconductor SA20 or equiv.) 
or two 20-¥, 1-W Zener diodes. 


PRIMARY 
VOLTAGE AD. 


PRIMARY 


ALTERNATE 


cIRCUIT 


STEP START 


69-042 360 uF 
aso ¥ 


Fig 2—Schematic diagram of the amplifier high-voltage supply. 


Gi-C4—Electrolytic capacitor, 360 pF, 
450 V. 

Di-D4—Silicon rectifier, 1000 PIV, 3 A. 

Fi—High-voltage fuse, 2 kV, Tf A. 


the bias supply. QI must be mounted on a 
heat sink. JI ts connected to the station TR 
switching system so that R1 is grounded on 
transmit and disconnected on receive, The 
approximate range of the bias supply is 6 to 
20 V. ZI and Z2 provide protection tor Q1 
in case of a shorted tube. The amplifier can 
be run without Zl and Z2 if you keep the 
anode voltage below 1100 V. 


High-Voltage Power Supply 

A safe, reliable high-voltage power sup- 
ply is described here. Of course, you can use 
any readily available HV supply; keep in 
mind, however, that the 7289/2C39 anode 
potential should never exceed 1400-V de at 
full load and that the amplifier will withstand 
1900-V de at low cathode current and cut- 
off-bias conditions. For maximum power 
output, assuming adequate drive power is 
available, anode voltage under full load 
should be about 1200- to {400-V de. 

Fig. 2 is a schematic diagram of the high- 
voltage supply. A power transformer (T2) 
that delivers 900- to 1050-¥ ac is ideal. The 
type of rectifier circuit used will depend on 
the type of transformer chosen. Each leg of 
the rectifier is made from two 1000-PIV, 
3-A silicon diodes connected in series. Each 
diode is shunted with a 0.01-pF capacitor 
10 suppress transient voltage spikes, and a 
470-kQ equalizing resistor. 

Filtering is accomplished with a string 
of four 360-pF, 450-V electrolytic capaci- 
tors connected in series. R3-R6 equalize 
the voltage across each capacitor in the 
string and serve as bleeder resistors. Of 
course, a single oil-filled capacitor may be 
used here if available. Whatever type of 
filter you use, the total capacitance should 
be about 80 LF at a voltage rating of at least 
1500-V dc. This value allows adequate 
“droop” of the anode voltage under high- 
current loads to protect the amplifier in 


J1i—Chassis-mount female BNC or MHV 
connector. 

RA3-R6—Wirewound resistor, 40 kQ, 11 W. 

Ti—Variable autotransformer, 500 VA. 


case of RF overdrive or a defective tube, 


Protective Circuitry 


Some type of start-up protection should 
be incorporated in the primary. Fully dis- 
charged filter capacitors look like a dead 
short at supply turn-on, Initial surge cur- 
rent (until the capacitors charge) may be 
high enough to destroy the rectifiers. R1 
and R2 provide some surge-current limit- 
ing, but either of the two primary configu- 
rations shown in Fig. 2 should be used. TI, 
a variable autotransformer (Variac and 
Powerstat are two common trade names), 
is ideal. In addition to allowing you to bring 
the primary up slowly (and charging the 
capacitors gradually), it also allows full 
control of amplifier output power by vary- 
ing anode voltage. 

The second method, a “step-start” sys- 
tem, uses a resistor in the T2 primary to 
limit the turn-on surge current. When the 
capacitors have charged, K1 is energized, 
shorting out RI | and applying full voltage 
to the T2 primary. 

Fl and R7 protect against high-voltage 
arc-overs or short circuits. If sustained 
overcurrent is drawn, Fl will open and re- 
move B+ from the RF deck. Use a high- 
voltage fuse here; standard fuses may arc 
when blown and not interrupt the B+ .R7 
provides current limiting to protect the 
amplifier and power supply in case of a 
high-voltage are. 


Safety 

An HY meter should always be used to 
monitor the status of the power supply. The 
values for R8-R10 shown in Fig. 2 will give 
a 1500-V de full-scale reading on a 0-1 mA 
meter. RG-58 or -59 coaxial cable should 
be used for the high-voltage interconnec- 
tion between the power supply and the RF 
deck. Ground the shield at both ends for 
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T2—High-voltage transformer. Primary, 
117 V; secondary, 906 to 1050 V at 
500 mA. 


safety and a good dc return. 

Safety must be observed when working 
with all power supplies. These voltages are 
lethal! Always disconnect ac power and 
then discharge the filter capacitors before 
working on the power supply. Never guess 
or make assumptions about the status of a 
power supply. Assume it is hot. 


Metering 

Cathode-current monitoring is all that’s 
really necessary for observing amplifier dc 
performance. Cathode current (I_) is the 
sum of the plate (Jp) and grid (I,,) currents. 
Normally, when this amplifier is driven to 
300- or 400-mA I,, the grid current will be 
around 40 to 50 mA. The inclusion of a 
grid-current meter is not really nectssary 
and only makes biasing and TR switching 
complicated, 


Cooling 

Desired output power and the level of 
drive power available will dictate what type 
of cooling to use. For intermittent duty 
(SSB, CW) at output levels less than 50 W, 
air cooling is satisfactory. Any small 
blower may be easily mounted to the 
aluminum box surrounding the tube anode. 
For high-duty-cycle modes and/or output 
levels greater than 50 W, water cooling is 
highly recommended. Greater than twice 
the normal air-cooled output power can be 
obtained from a water-cooled tube, and 
water cooling is quiet. 


Tube Modification and Water Jacket 

The first step is to remove the air radia- 
tor from the tube. The air radiator screws 
on, so it may simply be unscrewed without 
damage to the tube. . 

First, place a hose clamp around the tube 
anode. Secure the radiator fms in a vise and 
grip the hose clamp with a pair of large 
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Fig 3—Details of the sclder-on water 
jacket. 
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Fig 4—Details of the screw-on water 
jacket. 


pliers. Gently unscrew the tube from the 
radiator. If the hose clamp slips slightly, 
tighten it. 

Some 7289/2039 tubes use an air radia- 
tor that is attached with setscrews. To 
remove the radiator, simply remove the 
setscrews and pull the radiator off. 

The air radiator will be replaced with a 
water jacket that allows water to be circu- 
lated past the tube anode and through a 
radiator, where it is cooled and circulated 
past the tube anode again. I have success- 
fully used two different types of water jack- 
ets; both are described here. 

The water jacket shown in Fig. 3 will 
work with any type of 7289/2C39. It is fab- 
ricated from a l-inch-OD copper tubing 
cap and two short pieces of */s2-inch-OD 
brass tubing. The copper tubing cap should 
be available from a local hardware store or 
plumbing supply house. Brass tubing is 
available from many hobby stores and 
metal supply houses. 

Mark and drill the copper cap so that the 
brass tubing is a snug fit. Thoroughly clean 
the parts until they shine. Push the tubing 
into the holes in the end cap and degrease 
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WATER-COOLING SYSTEM 
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Fig 5—Details of the water-cooling system. Recommended pumps are: (1) Little Giant 
Pump Go. Model 1-42A or larger, available from most hardware stores; or (2) Calvert 
Engineering, Cal Pump Model 875S (160 gal/hn), available from Calvert, 7051 
Hayvenhurst Ave, Van Nuys, CA 91406, tel. 213-781-6029. The flow indicator (Model 
15C; requires two '/:-inch NPT adapters) is available from Proteus Industries, 240 
Polaris Ave, Mountain View, CA 94043 tel. 415-964-4163. 


the assembly with alcohol, Using plenty of 
flux, solder the seam around each section 
of tubing. Allow the jacket assembly to 
cool. 

Meanwhile, thoroughly clean the 7289/ 
2C39 anode to a bright finish. Check the 
water jacket for fit. In some cases, you'll 
have to use a 0,005- to 0.010-inch-thick 
copper shim to fill the gap between the 
copper cap and the tube anode, This shim 
helps eliminate pin holes in the solder. 

Using plenty of flux, solder the water 
jacket to the tube anode. Solder it quickly 
with a hot, high-wattage iron. Allow the 
tube to cool in the air after soldering to 
avoid thermal shock and possible break- 
age. After the tube has cooled, use plenty 
of alcohol to remove all traces of flux from 
the tube and water jacket. 

The second type of water jacket is shown 
in Fig. 4. This jacket will work only with 
7289/2C39 tubes that have a screw-on air 
radiator. It is designed to thread onto the 
tube anode just like the air radiator did. This 
jacket is machined from a piece of 
]'/a-inch aluminum rod. The water inlet and 
outlet tubes are made from °/s2-inch-OD, 
'/a-inch-ID aluminum tubing that is epoxied 
in place. A rubber gasket seals the jacket 
against leaks. 

If you have access to a lathe, you should 
have no trouble duplicating the jacket. You 
could have one made up at a local machine 


shop. Complete screw-on water jackets are 
also available from the author. 

After you unscrew the air radiator from 
the 7289/2C39, check for and remove any 
burrs from the tube anode, The anode sur- 
face must be flat if the rubber gasket is to be 
effective. Screw the water jacket onto the 
tube. Tighten by hand only, Do not use any 
tools, or you could damage the tube or 
jacket! Do not use the water imlet and outlet 
tubes for leverage—they have thin walls 
and break easily. 


Water System 


Fig. 5 depicts the complete water-cool- 
ing system. Recommended pumps and 
accessories that have proven reliable and 
effective are listed in the caption. 

Any small pump, such as a fountain 
pump, that can deliver 160 to 200 gallons 
per hour can be used here. Most inexpen- 
sive pumps are not self-priming, which 
means that they won’t pump water if they 
have air in the rotor. Although water can be 
forced through the pump for the initial 
prime, my system uses gravity priming. The 
water reservoir is a 2-foot length of 3-inch- 
OD plastic pipe that is available from hard- 
ware or plumbing stores. The outlet is at 
the bottom, and the inlet about halfway up 
the column. The inlet is located here to 
eliminate aeration that ionizes the water 
and reduces its effectiveness. The outlet 


Microwave Radiation Safety 


Intense RF radiation concentrated on body tissues can 
produce heat damage; the extent and penetration wiil depend 
on the radio frequency In use and on exposure duration. You 
should be aware of the approximate intensity of AF radiation 
of the transmitting equipment and antennas you come in 
contact with. 

RF intensity is commonly expressed in milliwatts per 
square centimeter (mW/cm?), which is the power flowing away 
from a source through a unit sampling or interception area at 
some specified distance. Although the United States as yet 
has no federal RF protection standard, a useful interim guide 
is the 1982 standard of the American National Standards 
institute (ANSI 82}. The most stringent level in this standard 
Is 1 mW/cm? for frequencies between 30 and 300 MHz. Above 
300 MHz, the protection level rises until it reaches 5 mW/cm?2 
at 1500 MHz. Beyond 1500 MHz, the recommended level 
remains at § mW/cm?. These levels represent ihe average 
power density allowed over any six-minute period and are for 
the sum of all polarizations from a given source. 

At 1296 MHz, where one wavelength (2) equals 23 cm, a 
thick resonant dipole feeding a calibrated power meter with 
matched coaxial cable (itself free of pickup} may be used to 
obtain an indication of power density. A reasonably lossless 
resonant dipole has an effective aperture of 42/8; at 23 cm this 
is 66 cm?. The power meter reading in milliwatts, divided by 
66, is the indicated power density. For this to be a reliable 
indication, the dipole must be positioned far enough from the 
RF source to be in its far field. For a small source, the distance 
should be at least 4/2, and here that would be about 12 cm (45 
inches). The dipole should be oriented for alignment with the 
dominant polarization. Note that the power meter must be 
capable of readings well below 1 mW. 

This arrangement would be useful for checking leaks along 
the coaxial route that the high power (here 250 W) takes to a 
load, be it dummy load or antenna, Cable connectors may not 
be tightly secured, or they may be faulty. For equipment op- 
erating in the SHF region, waveguide flanges may not be 
clamped properly, 

Direct measurement of electric field strength near an 
antenna (with a calibrated instrument, preferabiy one with the 


indicating meter shielded and possibly positioned at the 
center of the sampling dipole) is another way to check 
for adequate protection, A field strength of 60 V per meter 
(V/m) corresponds to 1 mW/cm?; 134 V/m corresponds to 
5 mWicm®?. At a distance 60 crn (2 feet) from an isolated dipole 
fed with 26 watts, the field strength would be about 
60 V/m. This is a far-field field strength for all frequencies where 
the half wavelength is less than 60 cm, or for frequencies above 
250 MHz. For full 250 watts applied to the dipote, the 60 V/m 
level occurs at a distance of 1.8 meters (6 feet), and at this 
distance this holds for all frequencies above 80 MHz. 

With SSB or CW keying, the fields during Amateur Radio 
operation are highly intermittent, and usually include consid- 
erable pauses or intervals for listening. These factors reduce 
the average power density over the six-minute averaging 
period. 

Further information on AF safety and protection estimates 
can be found in Chapter 7 of The Satelite Experimenter’s 
Handbook, published by the ARRL. The following rules of 
good practice for RF protection are recommended: 

* Never operate an AF amplifier with equipment shielding 
removed. 

« Never handle antennas with RF power applied. 

* Never guess that RF levels are safe. Take the time to 
consult a reliable reference for an estimate, or measure lev- 
els carefully. Allow a “cushion” of about 6 dB (factor of four in 
power density). If possible, borrow an RF radiation monitor 
(after learning how to use it}, or consult with a ham who is well 
informed on RF protection. 

* Never look into an open end of a power waveguide; never 
paint a powered directive antenna (a beam or a paraboloid, 
for example) toward people. Keep all VHF and UHF transmit- 
ting antennas as high as possible, distant from humans. 

* Use good-quality, well-constructed coaxial cable and 
connectors to avoid RF ieaks. 

* Think RF and electrical safety first; test later! 

*» Watch QST for news on RF measurement techniques 
and progression, protection standards and proposed federal 
and state RE regulations.—-David Davidson, WiGKM 





ational vehicle suppliers are my main source 


directly feeds the pump. The pump and the 
reservoir outlet port should be mounted in 
the same plane. The pump should be ori- 
ented so that air bubbles will rise into the 
impeller output port and can be blown out 
once the pump starts running. 


Flow Indicator and Heat Exchanger 


Water cooling is best described as 
“super quiet.” There is no noisy fan to 
reassure you that the tube is receiving 
adequate cooling. If water {low is reduced 
or cut off during amplifier operation, tube 
damage is virtually assured. 

Flow interlocks and switches to shut 
down the amplifier if water flow is reduced 
are hard to find and expensive. Flow indt- 
cators, however, are inexpensive and 
reliable, A flow indicator has a spoked 
rotor thal turns as water passes through the 
unit. If the wheel is turning, there is water 
flow; if not, you have a problem. Changes 
in flow rate can be observed by watching 
forspeed changes in the rotor. A small lamp 
illuminates the flow indicator, making it 
easy to see rotation. The flow indicator 
should be mounted where it can be seen 
from the operating position and monitored 
during operation. 

Heat exchangers, or radiators, remove 
the heat from water as it passes through. 


For this application, a small automobile 
transmission-oil cooler works great. Most 
auto- parts stores and speed shops have 
a good selection. Pick one that is similar 
in size and aspect ratio to a whisper fan 
(approximately 4 x 4 * J inches). Some 
come with mounting brackets. Look for a 
cooler with the input and output ports on 
the top so air bubbles will rise to the top and 
move on without becoming trapped. 
Trapped air degrades cooler performance. 

If you use the amplifier for high-duty- 
cycle modes such as ATV or FM, or for 
long, slow-speed CW transmissions (EME, 
for example), you should use a smal] axial 
whisper fan to increase the effectiveness of 
the heat exchanger. A fan isn’t necessary 
during normal operation, or even for sus- 
tained operation at moderate power levels, 
but I highly recommend one if you plan 
prolonged operation at maximum power. 
Locate the fan so the warm exhaust air 
won't heat up other equipment. 


Hoses and Fitlings 


Most hardware stores carry a complete 
line of brass fittings and adapters that can be 
used for this project. Brass, however, will 
eventually corrode and pollute the water 
supply, Plastic fittings are cheaper and don’t 
corrode, but they are harder to find. Recre- 


for these parts. They are used extensively in 
drinking water systems for mobile homes 
and travel trailers. Procure the fittings when 
you have the rest of the parts in hand, as 
there are many variables to consider. 

You can use any relatively soft, thin- 
wall vinyl tubing for all water lines. The 
main runs aré made from */s-inch-ID hose, 
while '/4-inch-ID stock is used to connect 
to the 7289/2C39. water jacket, The 
Ya-inch-ID tubing fits snugly over the 
5#2-inch-OD inlet and outlet tubes on the 
water jacket, so no clamps are required. All 
other hose connections should be secured 
with stainless-steel clamps to prevent leaks. 
Any leaks mean air in the system and dete- 
rioration of cooling performance, 


Safety 

The tube anode, and hence the water 
jacket and water, are in direct contact with 
the high-voltage supply, so some safety 
precautions must be observed. Approxi- 
mately 12 to 18 inches of tubing should run 
between the 7289/2C39 jacket and any 
other component in the cooling system. 
This will allow enough resistance in the 
water to provide adequate current limiting. 
should the water contact any components 
that are grounded. 
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Fig 6—Performance graph of the water-cooling system. 


It is best to ground the water supply at 
the pump, Do this by replacing a short sec- 
tion of the tubing that runs to the flow indi- 
cator with a piece of brass or copper 
tubing. Solder a wire to this metal tubing 
and connect the other end of the wire to 
your station ground. Use at least 24 inches 
of vinyl tubing between the anode cooling 
jacket and the ground point. 

On the warm-water side of the 7289/ 
2C39, run 12 inches of vinyl tubing to a 
small] metal fitting or short section of metal 
tubing, and then another | 2 inches of vinyl 
tubing to a grounded point (this can be at 
the heat exchanger). You can measure the 
water leakage current to ground by placing 
a microammeter between the metal fitting 
that connects the two vinyl hoses and 
ground. Leakage current should be less 
than 10 pA with clean water and an anode 
potential of 1 kV. As the water ages, the 
Jeakage current will rise; when this hap- 
pens, replace the water. 

Grocery stores carry distilled water for 
Use in steam irons, it may be deionized and 
not truly distilled, but it works fine for 
about four to six months in this applica- 
tion. Filters can be purchased from scien- 
tific supply houses, but they're not really 
worth buying because deionized water is 
so cheap. 

Do not use tap water under any circum- 
stances! When you turn On the water sys- 
tem for the first time, run a gallon of water 
through it for half an hour to wash out fab- 
rication impurities. Replace with clean 
water before using the system to cool the 
amplifier. 

Water was chosen because it’s inexpen- 
sive, nontoxic, nonflammable and easy to 
clean up if you have a leak. Better liquid 
coolants are available, but they are toxic, 
Don’t use them! 


Cooling Performance 

I have used water-cooling systems for 
several years with no problems whatso- 
ever. Fig. 6 is a graph of several transmit/ 
receive cycles on a water-cooled, 500-W 
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output, 23-cm power amplifier. For this test, 
I used two of the amplifiers described in this 
artide coupled with a pair of hybrid combin- 
ers, This particular cooling system used | 
gallon of water. Experiments indicate that, 
during extended operation, the water tem- 
perature rises only 30° to 35°F above ambi- 
ent room temperature. Typically, the tube 
anode and water average 10° to 15°F above 
ambient during casual operating. 

Flow rates in this system are typically 
‘4s gallon per minute per tube, which is 
more than adequate. At this rate, more than 
300 W of dissipation from a single ineffi- 
cient 7289/2C39 were required to boil the 
water in the water jacket. The water should 
not be allowed to boil because this will heat 
the rubber gasket. 


Tubes 


It is not really necessary to buy a new 
7289/2C39, Used tubes can be found sur- 
plus for around $1 to $5 and, in many cases, 
will perform as well as a new tube. Most 
used tubes have been sitting around for 
several years, so it’s a good idea to run them 
through the dishwasher to clean them up 
and then run the filaments for about 24 
hours. This will restore operation in many 
cases. 

If you buy a new tube, you should be 
aware that the 7289/2C39 is being run far 
in excess of its ratings in this amplifier. 
The manufacturer's warranty will not cover 
tubes run in this application. 

Contrary to popular opinion, glass tubes 
will work. Physically, they are not as rug- 
ged as the ceramic version, but the glass- 
to-metal seal seems to provide better shelf 
life than the ceramic seal. The glass tubes 
make great driver tubes and will work fine 
for power levels up to 10G-W output. Pulse 
tubes (7815, 7211) are not recommended 
because of their poor thermal stability at 
high pewer levels. Also, they generally are 
30 to 40 MHz lower in resonant frequency 
in this amplifier compared to the 7289/ 
2C39. Some 7289 tubes can be as much as 
30 MHz lower in frequency. Minor length 


adjustment of the anode-tuning post may 
be required to accommodate amplifier and 
tube differences. 


Tube Insertion 


Extreme care must be exercised when 
inserting the 7289/2C39 tube, Never force 
the tube in place, as damage (bending) 
of the cathode finger stock may result. 
Observe the layout of the finger stock to 
get an idea of how the tube inserts. Care- 
fully position the tube so it is straight as 
you gently push. It should slide in snugly 
without any solid resistance, 


Testing 


After you have completed all of the 
parts for the amplifier, it’s time to test 
everything before hooking it all together. 
Test the water-cooling system by turning it 
on and watching for steady water flow as 
indicated on the flow meter. The tube and 
water jacket can be removed from the cav- 
ity amplifier for this test. 

Check all of the power-supply voltages 
first without connecting them to the RF 
deck. Then, without the tube in place, hook 
the bias and filament supplies to the cavity 
and check the voltages again at the tube 
fmger-stock connections. Connect the 
high-voltage supply to the RF deck and 
bring the voltage up slowly with a variable 
autotransformer. Monitor the high voltage 
on the anode-bypass-capacitor plate, 
and look and listen for any possible arcing 
between the anode-bypass-capacitor plate 
and ground. Use extreme care when mea- 
suring and testing the high-voltage supply. 
If everything looks okay with the power 
supplies, shut them off and disconnect 
them. 

You can make a safe, low-power test of 
the cavity resonance without applying any 
voltage. With the tube in place, insert a 
2-inch-long coupling loop on the end of a 
piece of coaxial cable between the spring 
fingers of the anode down into the cavity. 
Connect the amplifier output probe/con- 
nector to a device capable of detecting low- 
level] RF at 23 cm (for example, a spectrum 
analyzer or microwattmeter). Feed a sig- 
nal from an L-band signal generator into 
cable attached to the wire coupling loop 
that you inserted into the cavity, Set the 
signal generator for various frequencies 
in the 23-cm band and tune the amplifier 
anode tuner. There will be sharp peak in 
output at cavity resonance. 

This testing method can be used to 
determine cavity tuning range, anode-by- 
passcapacitor effectiveness and resonance 
of various tube types for use in this ampli- 
fier. Any cavity amplifier can be tested 
completely without ever applying high 
voltage. The better your test equipment, the 
easier the amplifier is to test. If all dimen- 
sions were followed strictly, the amplifier 
will tune as designed. 


Amplifier Hookup 


Installation and operation of this 
amplifier is relatively straightforward, but 


Moon Fuel or Moonshine for Reactors 


Ther moon ota ‘so rich in helium 3, that this could ‘solve 
humanity's energy demand for 10,000 years at least. 








as with any amplifier, several precautions 
must be followed. If these are adhered to, 
the amplifier will provide years of reliable 
service, 

The amplifier is designed to be operated 
in a 50-ohm system and should never be 
turned on without a good 50-ohm load con- 
nected to the output connector. Never op- 
erate it into an antenna that has not been 
tuned to 50 ohms! 

Drive power to the amplifier should 
never exceed 15 W. Never apply drive 
power in excess of | W unless all operating 
voltages are present and the tube is biased 
on, Otherwise, the tube grid-dissipation 
rating will be exceeded and you will prob- 
ably ruin it. 

As in all TR-switched systems, some 
type of interlock or sequencing of transmit 
and receive functions should be incorpe- 
rated. In most systems, the sequence for 
going into transmit is something like this: 
First, switch the antenna changeover relay 
from the receiver to the power amplifier, 
Next, bias the power amplifier on. Last, key 
the exciter and apply drive to the amplifier. 
To go to receive, unkey the exciter, remove 
operating bias from the amplifier and switch 
the antenna relay back to the receiver. 

If the antenna relays are switched while 
the power amplifier is operating and put- 
ting out power, damage to the relay con- 
tacts and/or the amplifier is likely. If there 
is a momentary removal of the antenna 
while the power amplifier is biased on, 
oscillation may occur, This can damage the 
TR relay, the tube or even the receive 
preamplifier, 


Tune-up and Operation 


This is it — the big moment when you 
will see your project come to life! Connect 
an accurate UHF power meter and a 
50-ohm antenna or load to the amplifier 
output connector. A Bird Model 43 watt- 
meter with a 100- or 250-W, 400-1000 
MHz slug will give reasonable accuracy, 
depending on the purity of the drive signal. 
Apply filament power and tube cooling, 
and allow 3 to 5 minutes for the filaments 
to warm up. Turn on bias supply (the 
amplifier will draw maximum current if the 
anode voltage is applied without bias). 
Apply 300 to 400 V to the anode. There 
should be no current flowing in the tube as 
indicated on the cathode-current meter. 
Ground J | on the bias supply to apply trans- 
mit bias and observe cathode current. As 
R1, the bias control, is turned clockwise, 
quiescent idling current should increase. 
Set for about 25 mA. 

Apply | W of RF drive power. Turn the 





23-cm AMPLIFIER PERFORMANCE - + 


WATER COOLED 


AIR COOLED 


f, WATTS 


#-Ep 360 ¥. Ig AT 250 W= SO mA 
WATER COOLING AT 9.5 GAL/MIN, 


CURVE A TUNED FOR MAX, POWER 
CURVE B— TUNED FOR MSX, GAIN 


Fig 7—Performance of the cavity amplifier 
under different drive and plate-current 
conditions. 


anode tuner while observing the RF output 
power meter and tune for maximum out- 
put. The output should go through a pro- 
nounced peak at’cavity resonance. Adjust 
C2 and C3 on the input tuning network for 
maximum amplifier output. If possible, use 
a directional wattmeter between the driver 
and the amplifier input to check that best 
input SWR and maximum amplifier output 
occur at roughly the same setting. 

Depending on the amount of drive 
power available, you may want to tune the 
amplifier for maximum power output or 
maximum gain. Fig. 7 shows what you can 
expect from different drive levels. 

Once the amplifier is tuned for best in- 
put SWR and maximum output with ] W of 
drive, anode voltage and drive power can 
be increased. Increase both in steps; be sure 
to keep the anode tuner peaked for maxi- 
mum output power. When you get to the 
100-W output level, very carefully read- 
just the input circuit for maximum output. 
The input capacitor closest to the cathode 
is critical and should need to be rotated less 
than 90 degrees maximum. Maximum out- 
put power will be roughly coincident with 
best input SWR, 

Increase the drive power and keep the 
anode tuner peaked for maximum output. 
Increase the drive until you reach the 
desired output level, but do ror exceed 
400-mA If At 1400-V de and 350-mA I, 
output power with a good tube should be 
about 230 to 250 W. At lower anode volt- 
ages, I, will be higher for the same output 


power. Higher anode voltages result in 
higher gain, lower drive levels, lower grid 
current and lower plate current for a given 
output power. 

The anode tuner’s tuning rate is ap- 
proximately 5 MHz per turn. Clockwise 
rotation of the tuner lowers the resonant 
frequency of the cavity. This control will 
require readjustment as you make large 
frequency excursions within the 23-cm 
band (for example, if you go from 1296 
weak-signal work to the 1269-MHz satel- 
lite segment). You should also check the 
input SWR if you move more than 15 MHz. 
Generally, amplifier tuning does not 
change much after initial setup. You should 
be able to turn it on and use it without re- 
tuning as it heats up. Slight adjustments 
may be necessary, however, depending on 
cooling, inherent thermal differences from 
tube to tube and duty cycle of the operating 
mode. Always keep the anode tuner peaked 
for maximum output, and check it from 
time to time, especially while you are first 
learning how the amplifier operates, 

The output loading control is the output 
connector and probe assembly. Loading is 
changed by minor rotational adjustment of 
the N connector. First loosen the jam-nut 
(or setscrew) slightly. While observing 
outpul power and keeping the anode tuner 
peaked, rotate the Joading control +30 de- 
grees maximum for greatest output power. 
This should be done only once and should 
not need repeating unless another tube is 
installed, Even then it may not be required. 


Conclusion 


This cavity amplifier for the 23-cm band 
is capable of safe, reliable operation at 
output powers in excess of 200 W. More 
than 50 of these amplifiers are in opera- 
tion, and you can build one, too, 1 would 
like to thank Mike Stahl, K6MYC, Bill 
Troetschel, K6UQH, William Jungwirth, 
AA6S, Lem Moeschler, W6KGS and Jo- 
seph Cadwallader, K62MW, for their help 
and encouragement during the develop- 
ment of this project. 
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By Zack Lau, KH6CP/1 


2-W, 13-cm Amplifier 


his amplifier uses a resistively stabi- 

lized Hewlett Packard ATF-44101/ 
AT-8 140 power GaAs FET running class A 
to provide 14 dB of gain and a 2-W output. 
It wasn’t too difficult to choose the 
device—there aren’t thal many linear 
devices that cover the 2.3 GHz band at this 
power level. Unfortunately, it is fairly 
pricey; the circa 1990 price was around $90. 
But since this transistor has been around a 
long time, it may be available surplus. Sev- 
eral hundred were sold at the bargain price 
of $3 each about a year and a half ago. I 
bought a few—I should have bought more. 

Even if you do buy your FETs at bargain 
prices, you still will want to ensure that they 
are biased safely. As has been pointed out 
many times in the literature, having the 
negative vate bias supply fail while the 
drain supply is applied may result in the 
destruction of the device. Thus, designers 
have devised elaborate protection schemes 
to shut off the drain supply if the gate sup- 
ply fails. 

Fig 1 shows a simpler power-supply cir- 
cuit. The drain supply is controlled by an 
ordinary 723 voltage regulator with current 
limiting. The current limiting protects the 
device—instead of the expensive PET get- 
ting hot and seif-destructing, the cheap TIP 
30 power transistor gets warm. Doing this 
eliminates the need for complex shutdown 
circuits to handle a failed bias supply. 
While there are more modern regulator 
chips than the 723, they aren’t significantly 
better for this application. In fact, some are 
“improved” to the point where they are 
tougher to use. For example, chips with 
better current-sensing circuils often require 
special low-value resistors. While you 
could use the copper wire table in the ARRL 
Handbook to make your own low-value 
resistors from wire, it makes more sense to 
me to use a 723 with standard, readily avail- 
able parts. 

The gate bias supply is produced by an 
NE555 timer running as an oscillator and 
driving a voltage inverter. An LM337 ad- 
justable 3-terminal voltage regulator con- 
trols the gate supply. Now, you have to be 
a litthe careful using adjustable voltage 
regulatorswith bias supplies. While I 
haven't experienced this myself, it is 
entirely possible that a noisy potentiometer 
could momentarily present an open circuit 
between the wiper and the resistance ele- 
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ment. Conceivably, in some circuits, this 
could result in voltage spikes at the output 
of the voltage regulator as the voltage is 
adjusted. The cure for this is to wire the 
potentiometer so that it never presents an 
open circuit, even with an intermittent 
wiper, as I’ve done with R9 in Fig 1. 

For some other GaAs FET circuits, it 
may be advantageous to use an active-bias 
supply which operates inside the feedback 
loop.of the current limited supply. This 
allows the bias point to be unaffected by 
temperature variations. The current limit- 
ing acts as a failsafe, protecting the transis- 
lor if a more negative gate supply voltage 
is unable to turn off the transistor. ve 
successfully used this circuit when only a 
milliamp of bias current was needed. Due 
to the high current required by the gate cir- 
cuit of the 2-W amplifier, I decided it was 
impractical to aclive-bias the FET in this 
application; the [CL7660 can’t provide the 
needed current. But there are highercurrent 
versions of this chip, for those who don’t 
mind the price, 


RF Design 


I found the AT-8 140 rather difficult to 
get unconditionally stable, [ ended up plac- 


ing a 10041 chip resistor from gate to 
ground, which resulted in pretty good sta- 
bility, except around 2.3 GHz. Unfortu- 
nately, it doesn’t appear possible to dc 
decouple this resistor without adversely 
affecting stability, so quite a bit of bias 
current is needed, Because of this, it is 
conceivable that you may find a FET that 
needs too much gate voltage for a typical 
10041 chip resistor to handle. Whether 
this is the case with a particular FET 
depends on both the threshold voltage and 
the transconductance of the device. The 
threshold voliage can vary quite a bit, 
particularly in older devices, though the 
manufacturers have tightened up this speci- 
fication in recent data books. Worst case 
would be a large negative threshold volt- 
age and a high transconductance. Stacking 
chip resistors in parallel might be a solu- 
tion, though this might also invite un- 
wanted parallel resonance effects, similar 
to what is seen with paralleled capacitors, 

While in-band stability is not too criti- 
eal, since the source and load impedance 
matching is usually pretty good at the oper- 
ating frequency, I used a series resistor in 
the gate decoupling line to make the ampli- 
fier unconditionally stable, according to 


Table 1—Measured Amplifier Performance 


Driver 
Output 


input to 
MGF 71801 
driver 


Output Gain 
{dm) 
19.8 
26.6 
29.7 
30.8 
31.7 
32.6 
33.3 
33.9 
34.1 
34.6 
34.9 


(a5) 
14.4 
14.1 
14.2 
14.3 
14,2 
14.2 
14.1 
13.6 
13.1 
12.5 
10.7 


(dBm) 
5.7 


12.5 
15.5 
16.5 
17.5 
18.4 
19.2 
20.3 
21.2 
22.1 
24.2 


AT 8140 AT 8140 


The 1-dB compression point is at 34.1/33.2 dBm output. 

Comparing measurements made using an HP8563E spectrum analyzer against those 
made with an HP 453B/8481A power meter, a signal that measures 4.7 dBm on the 
spectrum analyzer reads out as 3.8 dBm on the power meter. The values listed are 
from the spectrum analyzer, taking into account a 30.2-dB, 25-W Bird attenuator 
inserted between the amplifier and the analyzer. 
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Fig 1—Power supply for the 2-W, 13-cm amplifier. 


the computer model. This series resistor 
also improved the input match bandwidth, 
an important consideration if you don’t 
want to tune the amplifier. Of course, im- 
proving the bandwidth with resistance also 
reduces the gain. The loss isn’t too bad, 
however, seeing as this design is within a 
few dB of the maximum stable gain the data 
sheet specifies. The design was optimized 
with 150 © of series resistance, but I de- 
cided that such a high value was unwise. 
To accommodate such a high series resis- 
tance, it is entirely likely that the negative 
supply voltage would have to be more 
negative than the VGS limit. Then, if the 
10041 resistor were to fail opencircuited, 
the supply could damage the gate of the 
transistor. For this reason, I chose to use a 
5041 series resistor, I didn’t reoptimize the 
design for 50 22 of series resistance, since 
the likely improvement was small com- 
pared to the variations I’ve seen when op- 
timizing the unit on the bench. 

Finally, I discovered that additional 
gate circuit bypassing was required at 
audio frequencies to prevent the circuit 
from oscillating. This was done with a 
]-LF capacitor that is not shown in the com- 
puter model. This frequency range wasn’t 
covered by the model. 

Several dB of additional saturated output 
power was obtained by modifying the out- 
put network with foil tabs. AT-8140s satu- 
rate at about 2.2 W output with around 200 
mW of drive. An advantage to optimizing 
the circuit by modifying the 5041 striplines 
at the input and output of the amplifier is that 
the stability should not be adversely af- 
fected. But the board does have to be made 
larger to accommodate such tuning. 

The original design was optimized 
using Microwave Harmonica, with the re- 
sults shown in Table 2 and Fig 6. After I 
tweaked the output network to get maxi- 
mum output power, I entered the changed 
circuit components into the computer and 
analyzed the circuit, resulting in the analy- 
sis shown in Table 3 and Fig 7. Table | 
shows the performance of the circuit in its 
final configuration. 


Construction Notes 


To ground the drain bypass capacitor 
and the gate resistor, I cut slots in the board 
and connected the pads to the ground plane 
with |-mil copper foil. Copper foil was also 
used to connect the gate bypass capacitor, 
although in this case I trimmed the board 
so that it wasn’t necessary to cut a slot. 

For high-quality grounding without lots 
of tiny screws, I decided to try using a heat 
spreader made out of I-mil copper foil. 1 
cut a hole in the circuit board for the FET 
and then carefully soldered the foil across 
the hole in the circuit board, taking care not 
to put any solder where it would interfere 
with heat-sinking action. I didn’t want any 
air pockets, as they are extremely poor con- 
ductors of heat. Then, after attaching the 
board to a piece of 0.25-inch sheet alumi- 
num with suitably tapped holes, [ used a 
scribe to punch holes for the 0-80 screws to 
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Fig 3—Schematic diagram for the 2-W amplifier, 
G1, C2—10-pF, high-quality porcelain chip = J1, J2—SMA jacks. 


capacitors. | used 55-mil capacitors, Q1—Hewlett Packard ATF-44101/AT-8410 
although 100-mil capacitors should work medium power GaAs FET. This device 
just fine. must bé properly heat-sinked. 


03, C5—1000-pF NPO chip capacitors 
C4—1-uF, 18-¥ tantalum capacitor. 
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The absolute maximum channel 
temperature is 175°C. The case-to- 
junction thermal resistance is 23°GAV, 

TRL1-16—Microstriplines etched on 0.031- 
inch-thick, ¢, = 2,55 Teflon circuit board. 





Table 2—Microwave Harmonica Analysis 


(Griginal Circuit) 
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dp deg 
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-0.70 167.5 
ae -177.2 


-0.55 


Fig 4—Parts placement diagram for the 
2-W amoplilier, Points labeled XX should 
be connected to the ground plane using 
copper foil. 
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Fig 5—Etching pattern for the 2-W amplifier. Use 0.031-inch-thick, ¢, = 2.55 Teflon circuit 
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Fig 7—After the output network was optimized on the bench for 
maximum output power, Microwave Harmonica produced this 
analysis of the resulting circuit. 


Fig 6--Microwave Harmonica analysis of the circuit's & 


parameters after computer optimization. 


mount the FET, Ideally, clean holes would 
be punched into the copper, but I couldn't 
figure out a way to do that with the tools I 
have available. ] used 0-80 screws, which 
are the largest screws I’ve found that will 


fit in the mounting holes. While [ve used 
smaller screws in the past, I prefer using 
the largest screws possible since taps gen- 
erally get tougher to use as they get srualler. 
] built one amplifier using 0.125-inch thick 


6061 aluminum, but found that te be too 
thin to easily make the tapped holes for 
attaching the connectors and brass strips, 
although the finished mounting plate was 
stiff enough. 
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1296-MHz Solid-State 
Power Amplifiers 


Explore the DX possibilities of the 23-cm band with 


Wi the ever-increasing number of 
ready-to-go 1296-MHz transverters 
available on the market today, there is a 
great demand for a simple and economical 
way to generate higher power than the 
typical 0.5 to | W output these transverters 
provide. If 1 W or less is used to drive a 
typical 2C39/7289 stripline or cavity 
amplifier, the low output power is often dis- 
appointing, A tube-type amplifier run with 
| k¥ on the plate typically offers a gain of 
10 dB. This means that, at best, you can 
expect 5- to 10-W output from your 1-W or 
less input. 

A popular way of generating higher 
power is to cascade two tube-type amplifi- 
ers for 50- to 100-W output. Here T will 
show you an alternative: two solidstate 
amplifiers that can replace the tubetype 
driver amplifier and provide 10- to 20-W 
output—enough to drive a two-tube ampli- 
fier to full output, 

The NEC NEL1306 and the NEL1320 
1300-MHz power transistors are an eco- 
nomical solid-state approach to generating 
moderate power levels (10-20W) at 1269 
and 1296 MHz. These amplifiers can be 
used for terrestrial or sateffite work. When 
OSCAR 10 was designed, it was thought 
that 10 W into a modest gain antenna 
(20 dBi) would produce usable signals 
from the sateffite. Unfortunately, there 
were some problems, and the sensitivity of 
AQ-10 was not as originally expected for 
the Mode-L uplink. These amplifiers can, 
however, be used as a driver for a higher- 
powered tube amplifier for Mode-L ser- 
vice, If all goes according to plan with the 
launch of AMSAT-OSCAR Phase ITIC, 10 
to 20 W with a 20-dBi gain antenna will 
produce acceptable downlink signals. 

The NEL1306 is rated for 6-W output at 
1296 MHz at the 1-dB compression point; 
the NEL 1320 is rated at 20 W. These de- 
vices offer several advantages for amateur 
experimenters. They were designed for 
collector voltages of 12- to 13.6-V de, 
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these modern amplifiers. 


making them ideal for portable and mobile 
operation. Although the price may seem 
high to someone familiar with HF parts, 
these devices are less expensive than most 
microwave power transistors. The NEL 
1306 is in the $26 price range, while the 
NEL 1320 costs about $42. California East- 
ern Laboratories makes these transistors 
available in single-lot quantities, so you 
don’t have to be “in the business” to get 
your hands on them.! 

The performance of the amplifiers I 
built and tested is shown in Table 1, The 
NEL1306 is a good buy. With 1.5-W input, 
6- 10 8-W output can be achieved. When 
the amplifier is tuned up at lower power 
levels, power gain can be as high as 10 dB. 
With 200-mW drive from my homemade 
transverter, an output power level of 2 W is 
attainable.? 

Power gains as high as 17 dB are pos- 
sible with a two-stage amplifier (an 
NEL1306 driving an NELI320). With a 
mere 200 mW of drive, 10-W output is 
possible. When the pair of amplifiers is 


Table 1 


driven with | W and tuned for maximum 
power output, the 1-dB compression point 
of 18 W will be achieved. 


Circuit Details 


The basic design, shown schematically 
in Fig. |, is an adaptation of a circuit 
described in the NEL 1300 series data sheet. 
The design incorporates 30-ohm quarter- 
wavelength microstriplines on the input 
and output, C3, C4, C7 and C8, along with 
L1, form a pi network that matches the low 
input impedance of the device to 50 ohms. 
CS, C6, C9 and C10 and the 30-ohm trans- 
mission line (L2) form an output pi 
network that maximizes power transfer to 
50 ohms. C10 is not always necessary, de- 
pending on variations among devices and 
circuit-board material. 

I designed the amplifiers for 0,031 -inch- 
thick, double-sided glass-epoxy circuit 
board. A 30-ohm line in this dielectric 
equates to a Jine width of 0.121 inch, which 
is equivalent to the width of the collector 
and base leads of the NEL1300 series 


Typical Operating Conditions for the 1296-MHz Solld-State Power 
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Fig. 1—Schematic diagram of the NEL1306 and NEL1320 1296-MHz solid-state power amplifiers. The schematic is identical for both 
versions. Component values are the same except as noted. 


C1, C2, C11, C17—10-pF chip capacitor. 

G3, C4, G5, C6—3.6- to 5.0-pF chip 
capacitor. 

C7, C8—1.8- to 6.0-pF miniature trimmer 
capacitor (Mouser 244A070 or equiv. 

See text). 

c9, Ci0—Same as C7 and CB for the 
NEL1306 amplifier. For the NEL1320 
version, 0.8- to 10-pF piston trimmers 
are used (Johanson 5200 series or 
equiv.). 


C12, C14—100-pF chip capacitor. 

C13, G15—0.1-F disc ceramic capacitor. 

C16—10-pF electrolytic capacitor. 

Di—1N4007 diode. 

Li, L2—30-ohm microstripline, 
V4-wavelength long (see text). 

Qi—NEC NEL130681-12 (6 W) or 

NEL132081-12 (18 W) transistor. 

R1i—82- to 100-2 resistor, 2-W minimum. 

Vary for specified idling current. 


EN 


OUTPUT 





Fig 2—Parts-placement diagram and full-size etching pattern for the solid-state 
1296-MHz power amplifiers. All components mount on the etched side of the board. 
The same PC boards are used for each version. 


R2—10-Q, ‘/4-W carbon-composition 
resistor with “zero” lead length. See text. 

R3—15-2, 1-W carbon-composition 
resistor. 

RFC1I—8t no. 24 wire, 0.125 inch ID, 

spaced 1 wire diam. 

RFC2—it no, 24 wire, 0.125 inch ID, 

spaced 1 wire diam. 

RFC3—1-nH RF choke; 18t no. 24 enam. 

close-spaced on a T50-10 toroid core, 


devices. This minimizes the discontinuity 
between Li, L2 and Q1. 

Bias is provided by RI, R2 and D1. R1 
can be optimized, if desired, to adjust the 
collector idling current, 

I selected RFC! and RFC2 by choosing 
the lowest possible reactance that will not 
affect power gain or output power. The RF 
chokes and the 10-pF bypass capacitors 
afford adequate decoupling at the fre- 
quency of operation. The values of RFC] 
and RFC2 are purposely made different to 
avoid oscillations caused by bias-choke 
coupling. 

After building several of these amplifi- 
ers, I noticed that the transistors sometimes 
generated low-frequency spurious signals. 
Although these signals were very low in 
amplitude and caused no problems, they 
were annoying. I found that J could elimi- 
nate them by keeping the high-frequency 
RF chokes in the collector circuit as small 
as possible and adding the parallel! 
R3/RFC3 combination, as well as bypass 
capacitors C14, C15, C16, RFC3 must be 
capable of handling 1 A for the NEL1306 
and 3 A for the NEL! 320, so I made special 
RF chokes to withstand the current. 


Construction 


Identical construction techniques are 
used for both amplitiers. Most of the com- 
ponents are mounted to the PC board, and 
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the board and transistor are mounted to an 
aluminum base plate made from '/s-inch- 
thick stock. PC-board layout is shown in 
Fig. 2. Two separate boards are used—one 
for the input side and one for the output— 
and they are mirror images of each other. 
The copper is retained on the bottom side 
and serves as a ground plane, The grounded 
areas on the top side must have a good 
connection to the bottom ground plane for 
low-inductance grounding of the transistor 
emitter leads, matching capacitors and bias 
circuitry. Etched PC boards and partial 
parts kits for this project are available from 
A & A Engineering.? 

Several effective methods of connect- 
ing the top and bottom ground planes are 
summarized here. 

1) Plated-through holes at the critical 
grounding areas mentioned earlier. 

2) Use of pins or screws that penetrate 
through the circuit board into the alumi- 
num base plate at the critical areas. 

3) Use of “wrap-around” foils on all 
edges of the ground plane. 

Plated-through holes are often used in 
the commercial and military electronic 
marketplace but are not so easily repro- 
duced in the average builder's circuitboard 
shop. I’ve found that the best technique for 
the home builder is a combination of meth- 
ods 2 and 3, First, wrap thin copper or brass 
foil around the board edges and then solder 
the foil to the top and bottom. Sometimes 
called “shim stock,” thin sheet metal is 
often available from hobby shops or metal 
suppliers. Next, drill holes through the 
board and use no. 4-40 screws to tie the 
circuit board to the base plate at the critical 
areas shown in Fig. 2. 

The transistor must be mounted so that 
its leads lie flat against the PC board. This 
poses a slight problem, since the transistor 
leads protrude from the device 0.165 inch 
above the bottom of the flange, and the PC 
boards are only 0.03) inch high, There are 
a couple of ways around this problem. They 
work equally well, so choose the method 
that is easiest for you. 

If you have access to a machine shop, 
you can mill out a 0.240-inch-wide by 
0.090-inch-deep slot in the aluminum base 
plate to clear the transistor flange. This is a 
simple task on a milling machine, and you 
can probably find a local machine shop that 
will do small jobs when business is 
slow. The other method is to mount the 
transistor to the base plate and use a piece 
of 0,090-inch-thick aluminum sheet to 
bring the input and output PC boards up to 
the right height, The 0.090-inch dimension 
allows a wrap-around foil and solder 
buildup of 0.040 inch, maximum. 

I used 1-inch-long screws to secure the 
transistor to holes drilled and tapped in the 
aluminum base plate. The extra screw 
length that protrudes from the bottom of 
the base plate allows the use of an external 
heat sink, which is suggested if continuous 
operation is desired. 

The clearance holes in the NEL1300 
devices are for no. 4-40 hardware. I drilled 
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Fig 3—Construction details for the solid-state 1296-MHz power amplifiers. See text for 


additional information. 


out the holes to accept no, 6-32 screws to 
make the assembly more rugged, although 
this may not be necessary. Be careful if 
you decide to drill out the holes to accept 
no, 6-32 hardware; the transistor flange is 
soft copper, and you could damage the 
device. Use a small vise to hold the transis- 
tor flange during the drilling operation. 

Solder the components to pads on the 
board using surface-mounting techniques. 
Silver solder (2%) is recommended for the 
chip capacitors, but 5N63 will work fine. 
Usea 15-W iron and solder quickly to avoid 
burning the metallization off the capacitors, 

The transistor leads should be soldered 
in place only after the circuit boards and 
transistor have been firmly bolted down to 
the base plate. This is necessary to mini- 
mize any buildup of stress in the transistor 
leads. Chip capacitors C3, C4, C5 and C6 
should be soldered directly onto the leads 
of Q1 to ensure the shortest possible lead 
length. Keep D1] close to Q1, Thermal com- 
pound will enhance heat transfer to D1 to 
ensure minimal drift in idling current with 
temperature changes. 

In the original design of these amplifi- 
ers, Johanson piston-trimmer capacitors 
(5200 series or equiv.) were used for C7, 
C8, C9 and C10, These capacitors are fairly 
large, and in some instances the coupling 
between the bodies of C8 and C9 was 
enough to cause an in-band oscillation. 
Smaller variable capacitors should be used 
if at all possible. I’ ve used a 1.8- to 6,0-pF 
miniature ceramic trimmer capacitor, 
Mouser Electronics part number 244A A070, 
in the input and output networks of the 
NEL1306 amplifier and in the input net- 
work of the NELI320 amplifier with no 
performance degradation.’ I did use the 
Johanson piston trimmers in the output 
network of the NEL1320 amplifier because 
of the high RF currents involved. 

The PC board makes use of end-launch 
SMA-type connectors. Fig. 3 illustrates 
this technique, Four-hole, flange-mount 
SMA connectors can be mounted to the 
edge of the base plate using two of the four 
mounting holes. Drill and tap the base plate 
for no. 2-56 hardware. Be careful—it's 
easy to accidentally cross-thread orover- 
torque the no. 2-56 hardware, 

An alternative approach is to mount the 


amplifier in an aluminum die-cast box (Bud 
CU-124B or Hammond 1590B) and run 
miniature 50-ohm coaxial cable such as 
RG-174 from the amplifier board to the con- 
nector. The amplifiers shown in Figs. 4 and 
5 use standard SMA connectors mounted to 
the walls of the metal box. BNC or Type-N 
connectors should work equally as well. 
When preparing each end of the coaxial 
cable, try to keep the pigtail leads as short as 
possible ('/3 inch or less); otherwise the 
mismatch will be difficult to tune out. 

I compared the performance of an am- 
plifier with end-launch connectors to that 
of another that used the approach just de- 
scribed. I could measure no difference in 
gain or 1-dB compression point. 

Considerable effort was put forth to make 
sure the amplifiers are stable. The devices 
have fairly high gain at the frequency of 
operation, so layout and good construction 
practices are very important. Here are some 
construction hints that can help ensure am- 
plifier performance and stability. 


1) Use the smallest (physical) size vari- 
able capacitors that will still handle the RF 
current. 

2) Use wrap-around ground foils as 
noted. Grounding screws are required at the 
critical RF-ground areas near the shunt 
variable capacitors, shunt bypass capaci- 
tors and Q] emitters. 

3) Connect braids from the coaxial- 
cable jumpers to the same ground as the 
shunt variable capacitors. 

4) Use as little lead length as possible 
on R2—less than '/s inch. 

5) In some instances when the large pis- 
ton trimmers are used, a shield approxi- 
mately */4 inch high mounted on top of Q1 
and grounded via the mounting screws can 
improve isolation between C8 and C9, 


Tune-up and Operation 


Measuring RF power at 1296 MHz can 
be difficult. I used a calibrated 20-dB 
directional coupler along with enough at- 
tenuator pads to allow power to be read 
with a Hewlett Packard HP430C power 
meter and an HP477B thermistor mount. 
Even better is the HP431 power meter with 
its associated HP478A thermistor mount (a 
newer version of the HP430C that does not 








Fig 4—This NEL1306 amplifier was built inside a die-cast box, 
Miniature coaxial cable runs to the connectors. 


suffer from temperature-drift problems). 
Bird offers severa] low-power elements for 
the popular model 43 in this frequency 
range. Bird 400-1000 MHz elements are 
common, and they can be used with de- 
creased accuracy. 

Begin initial setup of each amplifier by 
terminating the input and output in good 
50-ohm loads. I recommend that you use a 
fuse in the collector lead of Q1 to protect 
the device until you are sure everything is 
working normally. Start with all capacitors 
at minimum. Apply 12- to 13.5-¥V dc to the 
Ver and bias terminals, The collector idling 
current should be as shown in Table 1. Vary 
the value of R1 for correct idling current. 

For the NEL1306 amplifier, start out 
with 50 to 100 mW of drive. Adjust the 
output network for maximum power out- 
put and then peak the input network for 
maximum output power. Increase drive 
and repeak both matching networks for 
rated performance as shown in Table 1. 
Similarly, start out with approximately | 
W of drive for the NEL1320 and follow the 
same procedure. After a minute or two 
of operation at maximum power output, 


remove RF drive power and check to see 
that the collector idling current has not 
increased more than 25% over the initial 
setting. Keeping D1 in close contact with 
Q1 will minimize drift in idling current 
with temperature changes. 

If you’re going to use transistor switch- 
ing to apply de to the power amplifier 
stages during transmit, consider the follow- 
ing technique. Apply 13.5-¥ de to the Ve, 
terminal during receive and transmit, Use a 
series transistor switch to apply 13.5-V de 
to the bias terminal during transmit. A 
power transistor capable of carrying only a 
few hundred milliamperes of bias current, 
as opposed to several amperes of collector 
current, will be required. More important, 
the voltage drop across the transistor 
switch in the Voc line will be eliminated, 
This will ensure maximum power output of 
the NEL1]300 devices by keeping Voc at 
13.5-¥V de. 

Switching the bias port off during 
receive is important for another reason, 
Normally during receive periods, the am- 
plifier is left unterminated. Sometimes the 
input port is also left open. Depending on 





fig 5—The NEL1320 amplifier is virtually identical to the 
NEL1306 version of Fig 4, except for the capacitors on the output 
strip line. C10 was not necessary on this version. 


the Jength of the unterminated 50-ohm 
cable on the amplifier ports, the unit may 
show signs of instability if it is drawing 
idling current. 

Several amateurs in the Dallas area have 
duplicated these amplifiers with no prob- 
lems. Other amplifiers of this design are in 
use in different parts of the country. The 
NEL1300 series amplifiers offer a simple 
and inexpensive means of generating me- 
dium power on 1296 MHz. You'll be 
amazed at what you can work with 18 W 
that you can’t with 1 W, 

I wish to thank everyone who offered 
technical advice, especially Wes Atchison, 
WASTKU, for helping with the construction 
and evaluation of the prototype amplifiers, 


Notes 

INEC transistors are available from California 
Eastern Laboratories, 3260 Jay St, Santa 
Clara, CA 95050, te!. 408-988-3500. 

2Complete construction details for this trans- 
verter may be found in Chapter 32 of the 1986 
ARAL Handbook. 

34, & A Engineering, 7970 Orchid Dr., Buena 
Park, GA 90620, tel. 714-521-4160. 

4Mouser Electronics, 11433 Woodside Ave., 
Santee, CA 92071, tel. 619-449-2222. 
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Amplifier Care and 
Maintenance 


With few moving parts, your amplifier can be 
easy to overlook. Here are some ideas for taking 


mplifiers come in all shapes and sizes, 

large and small, light or heavy, tube or 
solid-state, VHF or HF. Regardless, they 
allneed a litthe TLC from time to time. They 
can cost as much as tap-of-the-Lline radios, 
so it’s important that they get a little main- 
tenance on a regular basis. 

While this article focuses on amplifiers 
that use vacuum tubes, many of the ideas 
presented here can and should be applied to 
any amateur amplifier—HF or VHF/UHF, 
Solid-state amplifiers operate at lower 
voltages and generally have fewer points 
of failure, but they still need occasional 
maintenance. 


Safety First 


It is important to review good safety 
practices.! Tube amplifiers use power sup- 
ply voltages well in excess of 1 kV and the 
RF output at full throttle can be hundreds 
of volts, as well. Almost every voltage in 
an amplifier can be lethal! Take care of 
yourself and use caution! 

® Power Control—Know and control 
the state of both ac line voltage and de 
power supplies. Physically disconnect line 
cords and other power cables when you are 
not working on live equipment. Use a lock- 
out on circuit breakers. Double-check vi- 
sually and with a meter to be absolutely 
sure power has been removed, 

® Interlocks—Untless specifically in- 
structed by the manufacturer’s procedures 
to do so, never bypass or “rig” an interlock. 
This is rarely required except in trouble- 
shooting and should only be done when 
absolutely necessary. Interlocks are there 
to protect you. 

® The One-Hand Rule—Keep one hand 
in your pocket while making any measure- 
ments on live equipment. The hand in your 
pocket won't give current a chance to flow 
through you. It’s also a good idea to wear 
shoes with insulating soles and work on dry 
surfaces. Current can be lethal even at mil- 


care of amplifiers. 


liampere levels—don’t tempt the laws of 
physics. 

® Patience—Repairing an amplifier 
isn’tarace, Take yaur time. Don’t work on 
equipment when you’ re tired or frustrated. 
Wait several minutes after turning the 
amplifier off to open the cabinet--capaci- 
tors can take several minutes to discharge 
through their bleeder resistors. 

@A Chicken Stick—Make this simple 
safety accessory shown in Figure | and use 
it whenever you work on equipment in 
which hazardous voltages have been 
present. The ground wire should be heavy 
duty (12 gauge minimum) due to the high 
peak currents (hundreds of amperes) 
present when discharging a capacitor or 
tripping a circuit breaker. When equipment 
is opened, touch the tip of the stick to every 
exposed component and connection that 
you might come in contact with. Assume 
nothing—accidental shorts and component 
failures can put voltage in places it 
shouldn't be, 

® The Buddy System and CPR—It’s al- 
ways a good idea to use the buddy system 
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when working around any equipment that 
has the potential for causing serious injury. 
The buddy needn’t be a ham, just anyone 
who can be nearby in case of trouble. Your 
buddy should know how to remove power 
and administer basic first aid. Since hams 
work around electrical equipment fre- 
quently, it would be a good idea to have 
your buddy or someone in the househald 
know CPR, as well.? 


Cleanliness 


The first rule of taking good care of an 
amplifier is cleanliness. I realize that 90 
percent of ham shacks have just failed the 
first rule, Amplifiers need not be kept spar- 
kling new, but their worst enemy is heat. 
Excess heat accelerates component aging 
and stresses those expensive tubes and 
transformers. There are two areas to keep 
clean—the inside and the outside. 

Outside the amplifier, you need to pre- 
vent dust and obstructions from blocking 
the paths by which heat is removed. This 
means keeping all ventilation holes free of 
the ever-present dust bunnies, pet hair and 


3/4" PVG Pipe, 12 inches Long 


FE RSNA ARANETA 


ALAM 


ESAS SSR 


= Heavy - Duty 
Alligator - Type Clip 


Figure 1—The “chicken stick” is a great way to ensure that everything inside the 
amplifier that should be discharged actually is. It can be a life saver. 
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HELIUM-3 


An ideal candidate fuel for nuclear fusion. 
Formed in the Sun and carried through space on solar winds, helium-3 is 
extremely rare on Earth. 


Helium 3 is a light, non-radioactive isotope of helium with two protons 
and one neutron. 
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insects. Fan intakes are particularly sus- 
ceptible to inhaling all sorts of “goop.” Get 
out the vacuum cleaner and clean not only 
the amplifier, but the surrounding areas. 
Don’t even think about letting liquids any- 
where near the amplifier. One spilled cup 
of coffee can cause hundreds of dollars of 
damage. 

Keep papers or magazines off the 
amplifier—even if the cover is solid metal. 
Paper acts as an insulator and keeps heat 
from being radiated through the cover. 
Amplifier heat sinks must have free air cir- 
culation to be effective. There should be at 
least a couple of inches of free space sur- 
rounding an amplifier on its sides and top. 
If the manufacturer recommends a certain 
clearance, mounting orientation or air flow, 
follow those recommendations. 

Just as the outside needs to be kept 
clean, so does the inside. High voltage 
(H¥) circuits attract dust like crazy. The 
dust slows heat dissipation and will even- 
tually build up to the point where it arcs or 
carbonizes, Our friend the vacuum cleaner 
should make another appearance to remove 
any dust or dirt. If you find insects (or 
worse) inside the amp, try to determine how 
they got in and plug that hole. Window 
screening works fine to allow airflow while 
keeping out visitors. While you're clean- 
ing the inside, this is a great time to per- 
form a visual inspection as described in the 
next section. 

Vacuuming works best with an attach- 
ment commonly known as a “crevice 
cleaner.” Figure 2 shows a crevice clean- 





ing attachment being used with a small 
paintbrush to dislodge and remove dust, 
Don't use the vacuum cleaner brush attach- 
ment, they're designed for floors, not elec- 
tronics. Some vacuums also have a blower 
mechanism, but these rarely have enough 
punch to clean as thoroughly as a brush. 
Besides, that dust you blow all over is go- 
ing to wind up in some other equipment, so 
it’s best to take it out of circulation, so to 
speak, The brush will root dust out of tight 
places and off components without dam- 
aging them or pulling on connecting wires, 

If you can’t get a brush or attachment 
close enough, a spray can of compressed 
air will usually dislodge dust and dirt. If 
you use a rag or towel to wipe down panels 
or large components, be sure not to leave 
threads or lint behind. Never use a solvent 
or spray cleaner to wash down components 
unless the manufacturer advises doing so— 
—you might leave behind a residue or dam- 
age the component. 


Visual Inspection 


Once the amplifier has been cleaned, 
it’s time for a visual inspection. Remove 
any internal covers or access panels 
and...stop! Get out the chicken stick, clip 
its ground lead securely to the chassis and 
touch every exposed connection. Now, 
using a strong light and possibly a magni- 
fier, look over the components and 
connections. Amplifiers have far fewer 
components than transceivers do, so it’s 
quite feasible to look at every component 
and insulator. Look for cracks, signs of 


Figure 2—A small paintbrush and a vacuum cleaner crevice attachment make dust 
removal easy, 
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arcing, carbon traces (thin black lines), dis- 
coloration, loose connections, melting of 
plastic, and anything else that doesn’t “look 
right.” This is a great time to be sure that 
mounting and grounding screws are tight. 
While you’re in there, does anything smell 
burnt? The nose can quickly detect the 
odors of toasted transformer, cooked ca- 
pacitor or roasted resistor. Learn the smells 
of healthy and not-so-healthy components. 

Make a note of what you find, repair, or 
replace—even if it’s absolutely nothing, If 
you don’t keep a shack notebook, start one. 
A simple spiral notebook with notes about 
maintenance, wiring, color coding, antenna 
behavior and so forth can be a big time- 
saver, 


Electrical Components 

An amplifier contains many heavy-duty 
HV and RF components. These can be ex- 
pensive and hard to replace, so it’s impor- 
tant that you take good care of them. Let’s 
start with the power supply. 

There are three basic parts to amplifier 
power supplies—the ac transformer and 
line devices, the rectifier/filter and the 
metering/regulation circuitry. Transform- 
ers need little maintenance except to be 
kept cool and be mounted securely, Line 
components such as switches, circuit 
breakers and fuses, if mechanically sound 
and adequately rated, are usually electri- 
cally okay, as well. 

Rectifiers and the capacitors that filter 
the HV de require occasional cleaning. 
Look for discoloration around components 
mounted on a printed circuit board (PCB) 
and make sure that all wire connections are 
secure. HV capacitors are generally elec- 
trolytic or oil and should show no signs of 
leakage, swelling or outgassing around ter- 
minals. 

Located at the output of the filter, com- 
ponents that perform metering and regula- 
tion of voltage and current can be affected 
by heat or heavy dust. If there has been a 
failure of some other component in the 
amplifier—such as a tube—these circuits 
can be stressed severely. Resistors may 
survive substantial temporary overloads, 
but may show signs of overload, such as 
discoloration or swelling. 

Amplifiers contain two types of re- 
lays——control and RF. Control relays 
switch ac and dc voltages and do not handle 
input or output RF energy. The usual prob- 
lem encountered with control relays is oxi- 
dation or pitting of their contacts. A bur- 
nishing tool can be used to clean relay 
contacts. In a pinch a strip of ordinary paper 
can be pulled between contacts gently held 
closed. [Avoid the temptation to over-clean 
silver-plated relay and switch contacts, as 
the author points out later. It is easy to re- 
move contact plating with excessive polish- 
ing and while silver-plated relay and switch 
contacts may appear to be dark in color, oxi- 
dized silver (black) is still a good conductor. 
Once the silver’s gone, it’s gone; contact 
erosion will then be pervasive.—£d.| If 
visual inspection shows heavy pitting or 


discoloration or resistance measurements 
show the relay to have intermittent contact 
quality, it is best replaced. 

RF relays are used to perform transmit- 
receive (TR) switching and routing of RF 
signals through or around the amplifier cir- 
cuitry, Amplifiers designed for full break- 
in operation will usually use a high-speed 
vacuum TR relay, Vacuum relays are sealed 
and cannot be cleaned or maintained. When 
you replace RF relays, use a direct replace- 
ment part or one rated for RF service with 
the same characteristics as the original. 

Cables and connectors are subjected to 
heavy heat and electrical loads in amplifi- 
ers, Plastics may become brittle and con- 
nections may oxidize. Cables should re- 
main flexible and not be crimped or 
pinched under clamps or tie-downs. It’s a 
good idea to gently wiggle cables while 
watching the connections at each end for 
looseness or bending. Connectors can be 
unplugged and reseated once or twice to 
clear oxide on contact surfaces. Carefully 
inspect any connector that seems loose. Be 
especially careful with connectors and 
cables in amplifiers that have RF decks that 
are in separate enclosures from those of 
their power supplies. Those interconnects 
are susceptible to both mechanical and 
electrical stress and you don’t want an en- 
ergized HV cable loose on the operating 
desk. Check both the soldered electrical 
integrity and the mechanical stability of 
those cables and make sure they are tightly 
fastened. 

As with relays, switches found in am- 
plifiers are either control function orien- 
tated or RF routers. Adequately rated con- 
trol switches, if mechanically sound, are 
usually okay. Bandswitches are the most 
common RF switch—usually a rotary phe- 
nolic or ceramic type. A close visual in- 
spection should show no pitting or oxida- 
tion on the wiper (the part of the switch that 
rotates between contacts) or the individual 
contacts. Arcing or overheating will 
quickly destroy rotary switches. Figure 3 
is a photo of a heavy-duty band switch thal 
has suffered severe damage from arcing. 
Slight oxidation is acceptable on silver- 
plated switches. Phosphor-bronze contacts 
can sometimes be cleaned witha light scrub 
from a pink pencil eraser, but plating can 
be easily removed, so use caution with this 
method and be sure to remove any eraser 
crumbs. Rotary switch contacts cannot be 
replaced easily although individual wafer 
sections may be replaced if an exact match- 
ing part can be obtained, 

Amplifiers use all types of capacitors 
and resistors. When replacing them, be sure 
to use a part rated for the use to which it will 
be put. Voltage and power-handling ratings 
are particularly important, especially of 
those handling high RF currents, An RF tank 
capacitor replacement should be checked 
carefully for adequate RF voltage and cur- 
rent ratings, not just dc. HV resistors are 
generally long and thin te prevent arcing 
across their surfaces. Even if a smaller (and 
cheaper) resistor has an equivalent power 


rating, resist the temptation to substitute it. 
In a pinch, a series string of resistors of the 
appropriate combined value can be used to 
replace one HV unit. Don't use carbon re- 
sistors for metering circuits, use metal or 
carbon film types. The carbon composition 
types are too unstable, ; 

If you are repairing or maintaining an 
old amplifier and manufacturer-specific 
parts are no longer available, the ham com- 
munity has many sources for RF and HV 
components. Fair Radio Sales and Surplus 
Sales of Nebraska are familiar names.? 
Hamfests and Web sites such as www. 
eham.net or www.kldwu.net/hamtrader 
often have amplifier components for sale. 
You might consider buying another ampli- 
fier of the same type in non-working con- 
dition for parts use. 


Tubes 


The single most expensive component 
in an amplifier is usually the vacuum tube 
that performs the amplification. Good 
maintenance of tubes starts with proper op- 
eration of the amplifier. Follow the 
manufacturer's instructions for input drive 
levels, duty cycles, tuning and output 
power level, Frequently check all metered 
voltages and current to be sure that the 
tubes are being operated properly and giv- 
ing you maximum lifetime. Penta Labs has 
an excellent Web page on maintaining 
power tubes.* 

The interna] mechanical structures of 
tubes generally do not deal well with me- 
chanical shock and vibration, so be gentle. 
The manufacturer may also specify how 
the amplifier is to be mounted, so read the 
operating manual. 


arcing, 


Figure 3—The band switch section on the left clearly shows the signs of destructive 


Tubes generate a lot of heat, so it’s im- 
portant that whatever cooling mechanism 
employed is kept at peak efficiency. Air- 
ways should be clean, including between 
the fins on metal tubes. All seals and chim- 
neys should fit securely and be kept clean. 
Wipe the envelope of glass tubes clean af- 
ter handling them—fingerprints should be 
removed to prevent baking them into the 
surface. 

On metal tubes that use finger-stock 
contacts, be sure the contacts are clean and 
make good contact all the way around the 
tube. Partial contact or dirty finger stock 
can cause asymmetric current and heating 
inside the tube, resulting in warping of in- 
ternal grids and possibly causing harmon- 
ics or parasitics, 

Plate cap connections and VHF parasitic 
suppressors should be secure and show no 
signs of heating. Overheated parasitic sup- 
pressors may indicate that the neutralization 
circuitis not adjusted properly. Inspect socket 
contacts and the tube pins to be sure all con- 
nections are secure, particularly high-current 
filament connections. Removing and insert- 
ing the tubes once or twice will clean the 
socket contacts. 

Adjustments to the neutralizing net- 
work, which suppresses VHF oscillations 
by negative feedback from the plate to grid 
circuit, are rarely required except when you 
are replacing a tube or after you do major 
rewiring or repair of the RF components. 
The manufacturer will provide instructions 
on making these adjustments. If symptoms 
of VHF oscillations occur without chang- 
ing atube, then perhaps the tube character- 
istics or associated components have 
changed. Parasitic oscillations in high- 
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power amplifiers can be strong enough to 
cause arcing damage. Perform a visual in- 
spection prior to re-adjusting the neutral- 
izing circuit. 

Metering circuits rarely fail, but they 
play akey part in maintenance. By keeping 
arecord of “normal” voltages and currents, 
you will have a valuable set of clues when 
things go wrong. This is perfect informa- 
tion for the shack notebook. Record tuning 
settings, drive levels, and tube voltages and 
currents on each band and with every an- 
tenna, When things change, you can refer 
back to the notebook instead of relying on 
memory. 


Mechanical 


While the amplifier is primarily an elec- 
tronic beast, it has a significant number of 
mechanical parts that affect its well-being. 
Thermal cycling and heat-related stresses 
can result in mechanical connections loos- 
ening over time or material failures. 

Switch shafts, shaft couplings and panel 
bearings all need to be checked for tight- 
ness and proper alignment. All mounting 
hardware needs to be tight, particularly if 
it supplies a grounding path. Examine all 
panel-mounted components, particularly 
RF connectors, and be sure they’re at- 
tached securely. BNC and UHF connec- 
tors that are mounted with a single nut ina 
round panel hole are notorious for loosen- 
ing with repeated connect/disconnections. 

Rubber and plastic parts are particularly 
stressed by heat. If there are any belts, 
gears or pulleys, make sure they're clean 
and that dust and lint are kept out of their 
lubricant, Loose or slipping belts should 
be replaced. Check O-rings, grommets and 
sleeves to be sure they are not brittle or 
cracked. If insulation sleeves or sheets are 
used, check to be sure they are covering 
what they’re supposed to, Never discard 
them orreplace them with improperly sized 
or rated materials. 

Enclosures and internal shields should 
all be fastened securely with every required 
screw in place. Watch out for loosely over- 
lapping metal covers. If a sheet metal 
screw has stripped out, either drill a new 
hole or replace the screw with a larger size, 
taking care to maintain adequate clearance 
around and behind the new screw. Tip the 
amplifier from side to side while listening 
for loose hardware or metal fragments, 
which should all be retrieved. 

A great time to clean the front and back 
panels and get gummy finger deposits off 
before they cause permanent finish damage 
is during maintenance. If the amplifier is 
missing a foot on the cabinet or an internal 
shock mount, replace it. A clean unit with a 
complete cabinet will have a significantly 
higher resale value than a dirty, grubby one, 
so it’s in your interest to keep the equipment 
looking its best. 


Shipping 
When you are traveling with an ampli- 


fier or shipping it, some care in packing 
will prevent needless damage. Improper 
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packing can also result in difficulty in col- 
lecting on an insurance claim, should dam- 
age occur. The original shipping cartons 
are a good method of protecting the ampli- 
fier for storage and sale, but they were not 
made to hold up to frequent shipping. If 
you travel frequently, it is best to get a 
sturdy shipping case made for electronic 
equipment.° 

Some amplifiers require the power 
transformer to be removed before shipping. 
Check your owner’s manual or contact the 
manufacturer to find out. Failure to remove 
it before shipping can cause major struc- 
tural damage to the amplifier’s chassis and 
case. 

Tubes should also be removed from 
their sockets for shipment. It may not be 
necessary to ship them separately if they 
can be packed in the amplifier’s enclosure 
with adequate plastic foam packing mate- 
rial, If the manufacturer of the tube or 
amplifier recommends separate shipment, 
however, do it! 


Cleaning and Maintenance Plan 


This discussion should have given you 
plenty to think about. It’s easy to defer 
maintenance, but as with a vehicle, perfor- 
mance and lifetime are improved if a regu- 
lar program is put into place. For amateur 
use, there is little need for maintenance 
more frequently than once per year. If there 
is a period of the year in which you are 
most active, put a note on the calendar 
about six weeks in advance to “open the 
hood,” giving you time to obtain and re- 
place any components. 

Consider the maintenance requirements 
of your amplifier and what its manufacturer 
recommends. Sit down with your ampli- 
fier’s manuals and make up a checklist of 
what major steps and tools are required. 
When maintenance time rolls around, 
you'll be prepared and be able to perform 
the job in the most efficient manner. 


Troubleshooting 


A benefit of regular maintenance will 
be familiarity with your amplifier should 
you ever need to repair it. Knowing what it 
fooks (and smells) like inside will give you 
a head start on effecting a quick repair. 

The following discussion is intended to 
illustrate the general flow of a troubleshoot- 
ing effort, not be a step-by-step guide. Fig- 
ure 4 shows a moderately-high-level 
troubleshooting flow chart, Before starting 
on your own amplifier, review the amplifier 
manual’s “Theory of Operation” section and 
familiarize yourself with the schematic. If 
there is a troubleshooting procedure in the 
manual, follow it, of course. 

You might be surprised how many “am- 
plifier is dead” problems turn out to be sim- 
ply a lack of ac power. Before even open- 
ing the cabinet of an unresponsive 
amplifier, be sure that ac is really present at 
the wall socket and that the fuse or circuit 
breaker is really closed. Assuming that ac 
power is present, trace through any inter- 
nal fuses, interlocks and relays all the way 


through to the transformer primary termi- 
nals, 

Hard failures in a high voltage power 
supply are rarely subtle, so it’s usually 
clear if there is a problem and what compo- 
nents are involved. When you repair a 
power supply, take the opportunity to 
check all related components. If all defec- 
tive components are not replaced, the fail- 
ures may be repeated when the circuit is re- 
energized. 

Rectifiers may fail open or shorted— 
test them using a DVM diode checker. An 
open rectifier will result in a drop in the 
HV output of 50 percent or more but will 
probably not overheat or destroy itself. A 
shorted rectifier failure is usually more 
dramatic and may cause additional rectifi- 
ers or filter capacitors to fail. If one recti- 
fier in a string has failed, it may be a goad 
idea to replace the entire string as the re- 
maining rectifiers have been subjected to a 
higher-than-normal voltage. 

High voltage filter capacitors usually 
fail shorted, although they will occasion- 
ally lose capacitance and show a rise in 
ESR (equivalent series resistance). Check 
the rectifiers and any metering compo- 
nents—they may have been damaged by 
the current surge caused by a shorted filter. 
Power transformer failures usually mani- 
fest themselves by insulation failures with 
consequent arcing of the windings. Either 
can result in the unmistakable aroma of 
overheated transformer. A failed trans- 
former is generally not repairable. 

Along with the HY plate supply, tet- 
rode screen supplies occasionally fail, too. 
The usual cause is the regulation circuit 
that drops the voltage from the plate level. 
Operating without a screen supply can be 
damaging to a tube, so be sure to check the 
tube carefully after repairs. 

If the power supply checks out okay and 
the tube’s filaments are lit, check the rest- 
ing or bias current. If it is excessive or very 
law, check all bias voltages and de current 
paths to the tube, such as the plate choke, 
screen supply (for tetrodes) and grid or 
cathode circuits. 

Having exhausted power supply and dc 
problems, you will] then turn to the RF com- 
ponents or “RF deck.” There is a natura] 
tendency to forge ahead and swap in a 
known-good tube or tubes. Don’t! Tubes 
are expensive and if the problem is else- 
where, you may damage the spares, Wait 
to swap tubes until you are sure that the 
tube is likely to be defective. 

Check the input SWR to the amplifier. 
If it has changed (you did write down the 
normal SWR and drive levels, didn’t you?} 
then you likely have a problem in the input 
circuitry or one or more tubes have failed. 
Perform a visual check of the input cir- 
cuitry and the band switch, followed by an 
ohmmeter check of all input components, 

If input SWR is normal and applying 
drive does not result in any change in plate 
current, you may have a defective tube, 
tube socket, or connection between the in- 
put circuits and the tube. Check the TR 
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Figure 4—This moderate-level flow chart is a good way to identify amplifier problems 
quickly in jieu of a misplaced or nonexistent manufacturer's troubleshooting procedure. 


control circuits and relay. If plate current 
changes, but not as much as normal, try 
adjusting the output (uning circuitry. If this 
has little or no effect, the tube may be de- 


fective or a connection between the tube 
and output circuitry may have opened. If 
retuning has an effect, but at different set- 
tings than usual, the tube may be defective 


or there may be a problem in the tuning 
circuitry. A visual inspection and an ohm- 
meter check are in order. 

The key to finding the trouble with your 
amplifier is to be careful and methodical, and 
to avoid jumping to false conclusions or 
making random tests. The manufac-turer’s 
customer service department will likely be 
helpful if you are considerate and have taken 
careful notes detailing the trouble symptoms 
and any differences from normal operation. 
There may be helpful guidelines on the 
manufacturer's Web pages or from other 
Internet resources. Sometimes there is more 
than one problem—they work together to act 
like one very strange puzzle. Just remember 
that most problems are very simple and can 
be isolated by careful, step-by-step tests, 


Summary 


Amplifiers have been part of ham radio 
for many years. They are simple, reliable 
pieces of equipment that respond well to 
basic care and common sense. Take the 
time to know your amp—inside and out. If 
you take care of it, it will reward you with 
reliable service and maximum tube life- 
time. 


Notes 

‘Chapter 9 of the current ARAL Handbook for 
Rladio Communications is an excellent 
source of safety information. Available from 
your local dealer or the ARRL Bookstore, Or- 
der no. 1921 (softcover), no. 1948 (hard- 
cover). Telephone toll-free in the US 888- 
277-5289, or 860-594-0355, fax 860-594- 
0303; www.arriorg/shop/,; pubsales@ 
arrl.arg. 

2Instructions for CPR can be found at: about- 
the-web.com/spirltworks/web/Kaiser/ 
htmifaduit.htm. 

3Two sources of HV and RF parts include Sur- 
plus Sales of Nebraska (www-.surplussales. 
en and Fair Radio Sales {(www.fairradio. 
com). Others can be found at the ARRL Tach- 
nical Information Service database (www. 
arrl.org/tisisfind.html), 

‘Penta Labs, “Tube Maintenance & Education” 
(www.pentalaboratories.com/ 
maintenance.asp). 

5Pelican (www.pelican-shipping-cases.com) 
and Anvil (www.anvilsite.com) make excel- 
lent shipping cases suitable for carrying am- 
plifiers and radio equipment. 
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Foreword 





Antenna Tuners are mystical devices that are sometimes needed 
between antenna systems and transmission lines or radios to make 
everything play the way it’s supposed to. They are the subject of 
considerable confusion and misunderstanding by many Amateur 
Radio operators. 

This book is intended to assist readers who have a basic 
knowledge of antennas, such as conveyed by Basic Antennas — 
Understanding Practical Antennas and Designs, in gaining an 
understanding of whether or not they need an antenna tuner in their 
station.! If it turns out one is needed, this book will help the reader 
decide the type of tuner needed and where in the system it should be 
applied. Also provided are descriptions of appropriate applications 
of such devices and antennas that are well suited for such use.An 
additional chapter provides data collected from ARRL Laboratory 
product reviews of representative antenna tuners to assist in tuner 
selection. Design methodology and specific design details are also 
provided for those who wish to build their own tuners. 

As with all ARRL books, be sure to check to see if there are any 
last minute changes that didn’t get into the book before it went to 
the printer. Updates and errata, if any, can be found at www.arrl. 
org/product-notes/. 


David Sumner, K1ZZ 
Executive Vice President 


Newington, Connecticut 
October 2010 


1J. Hallas, W1ZR, Basic Antennas — Understanding Practical Antennas and Designs, Available 
from your ARRL dealer or the ARRL Bookstore, ARRL order no. 9994. Telephone 860-594-0355, 
or toll-free in the US 888-277-5289; www.arrl.org/arrl.store/; pubsales @arrl.org. 
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Chapter 1 





Why I Might Need an 
Antenna Tuner 





Amateur Radio station W1ZR, home station of the author. The unit on 
the far left is an early Ten-Tec 238 manual antenna tuner. 
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To transmit radio signals, you need 
a transmitter, often the transmitter 
side of a transceiver — a combined 
transmitter and receiver — and an 
antenna. Of course you will need a 
few other things such as legal author- 
ity to transmit, from the FCC in the 
US, a power source and an infor- 
mation source, such as a telegraph 


key, microphone or PC. In this book 
we will focus on the interconnec- 
tion between the transmitter and the 
antenna, leaving the other topics to 
other books. 

You might notice that, in spite of 
the book’s title, we didn’t mention 
antenna tuners — a device that goes 


Radio Incompatibility ? 


between the transmitter and antenna. 
This is because, strictly speaking, 

an antenna tuner isn’t necessary, at 
least not in all cases. The antenna 
tuner is only required if the transmit- 
ter can’t put its output power into the 
antenna because of an incompatibility 
between them. 





A radio transmitter comes with 
a set of specifications. For proper 
operation, the owner is responsible 
to ensure that the requirements listed 
in the specifications are met. Some 
are straightforward, such as “power 
required: 13.8 V de at 20 A max.” If 
we plugged such a radio into a 
120 V ac outlet, we wouldn’t have 
a right to expect it to operate prop- 
erly — in fact we might expect to see 
smoke and flames. We would need an 


intermediate device, called a power 
supply, to transform the 120 V ac in 
our outlet to the 13.8 V dc our radio 
wants, 

The compatibility issue we will be 
considering here is one relating to the 
ANTENNA IMPEDANCE specification. 
While not all transmitter specifica- 
tions include an explicit antenna 
specification, most will say some- 
thing like ANTENNA IMPEDANCE, 50. 
(Unbalanced) or possibly ANTENNA 


IMPEDANCE, 50 Q (Unbalanced) with SWR 
of 2:1 or less. These specifications 
indicate the load that the antenna 
system must present to the radio for 
proper operation. We will discuss the 
different parts of this specification 
and what they mean as we go 
forward. As with the power supply, if 
the antenna doesn’t meet the specifi- 
cation’s requirements, we might need 
an intermediate device — possibly an 
antenna tuner. 


Does My Antenna Have to be a Resistor? 





The indication “50 Q” does sound 
a lot like a resistor. The radio will 
be very happy to put its power into 
an actual 50 Q resistor, in fact that’s 
how we often test a radio when we 
don’t want the radio signal to go out 
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over the air. Unfortunately, a resistor 
absorbs the transmitter power and 
turns it into heat — it does not make 
a good antenna. 

In a properly designed antenna, it 


is often the case that the antenna’s 
radiating properties will be converted 
into a load that acts like a 50 Q resis- 
tor to the radio, but actually radiates 
the power as radio waves. 


So What’s the 


lmxolliaiime 





It would seem that we can solve our 
incompatibility problem by just buy- 
ing (or building) an antenna that has a 
compatible specification of a 50 Q 
resistive impedance and connect- 
ing it to our radio. This is quite true, 
and can be very successful — within 
certain constraints (see Figure 1-1 for 
the ideal case). This compatible case 
is referred to as a matched system. 
Unfortunately, the real world rears its 
ugly head in a few ways: 

© The biggest issue is that any 
antenna will have its particular design 
impedance on a single frequency. 
This is not an issue with many radio 
services — broadcast stations, for ex- 
ample — that operate on a single as- 
signed frequency. Some services, such 
as the Amateur Radio service, operate 
within assigned bands. Shifting 
frequency from one end of the band 
to the other can result in a significant 
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Figure 1-1 — Radio and antenna system with matched impedances. 


change in antenna impedance. 

® A real antenna is always installed 
at some height above the local terrain. 
The electrical properties of the soil 
and the height above ground will 
have a significant impact on antenna 


impedance. For example, perhaps 
the simplest antenna, a half wave 
horizontal dipole has an impedance 
that varies from around 40 to 100 Q 
as it moves from 0.1 to 0.35 X (wave- 
lengths) above ground. 


What Happens if the Radio and Antenna 


Aren't Matched? 





Most radios can tolerate a certain 
amount of mismatch from an antenna 
system without any problems. This 
is often specified in terms of stand- 
ing wave ratio (SWR), a measure of 
mismatch. Often the allowed value is 
2:1; which, for a 50 Q system, would 
represent resistive values of 25 or 
100 Q (50/2, or 50 x 2).' Note that 
while the radio will operate without 


‘In addition to these two resistive 
values, there is a whole set of com- 
binations of resistive and reactive 
impedance components that will 
also result in an SWR of 2:1. 


damage at this level of mismatch, it 
may not operate quite as well as if it 
were matched. 

A mismatched load impedance in 
early solid state transmitters could 
result in damage to components in 
the power amplifier stages due to 
higher voltages or currents than it 
was designed to handle. Modern 
transceivers have fold-back circuitry 
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that senses the mismatch and reduces 
transmitter power to avoid damage. 
Note that while the transmitter will 
not be damaged, and still can be used, 
it will put out less power, sometimes 
beginning to fold back at an SWR as 
low as 1.5:1. This is perhaps the most 
common reason that we might notice 
our 100 W transmitter actually put- 
ting out 25 W. 
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So What Can We Do? 





Perhaps not surprisingly, one 
solution to this issue is something 
that is generally called an antenna 
tuner. The antenna tuner is a variable 
impedance transforming device that 
can transform the impedance of an 
antenna system so that it appears to 
the transmitter as a SO Q load, while 
causing almost all of the transmit- 
ter power to be radiated from the 
antenna, just as if everything were 
matched. 

As shown in Figure 1-2, the an- 
tenna tuner can be placed directly at 
the transmitter and connect directly to 
an antenna. In many cases, a trans- 
mission line is used between the 
transmitter and the antenna. We will 
discuss transmission lines in more 
detail later, but for now be aware that 
a transmission line is frequently used 
if the transmitter and antenna are not 
in the same place. As shown in Fig- 
ures 1-3 and 1-4, the antenna tuner 
can be placed at either the antenna 
end or the radio end of a transmission 
line interconnecting the radio and 
antenna. It could even be put at an 
intermediate point. 

Much of this book will discuss the 
details of the different configurations 
and requirements of antenna tuners 
and where they are located, so you 
can make the most informed decision 
on what type of tuner to buy or build 
and where to install it. 
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Figure 1-2 — Antenna tuner collocated with the radio and the antenna. 
All the transmitter power reaches the antenna except for any loss in the 
tuner, generally less than 5%. 
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Figure 1-3 — Radio and antenna system with tuner located at the radio 
end of the transmission line. 
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Figure 1-4 — Radio and antenna system with tuner located at the antenna 
end of the transmission line. 


What’s in a Name? 





Over the years there has been 
some discussion of what to call this 
device I call an antenna tuner. There 
are those who would say that an- 
tenna tuner is a misnomer because it 
doesn’t actually tune the antenna, but 
really tunes the transmission line in 
most applications. 


Over the years many other terms 
have been used to describe this 
device. You will see references to an 
antenna coupler, antenna tuning unit 
(ATU) and a transmatch — all within 
various ARRL magazines and books. 
They all mean the same thing and 
refer to the same type of device. 


The best name I’ve heard for this 
function is antenna system matching 
device. Since that doesn’t resolve it- 
self to an easy to pronounce acronym, 
throughout this book I will use the 
most common term antenna tuner 
with neither apology nor regret. 
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Review Questions 


1-1 Under what conditions is there no requirement for an antenna 
tuner in a transmitting system? 


1-2 How can you tell if an antenna tuner is needed? 


1-3 What are the likely consequences of not having an antenna tuner, 
or having a misadjusted antenna tuner? 


1-4 If an antenna tuner is properly adjusted on one frequency, what 
must be done if the operating frequency is changed? 
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Chapter 2 





A Look at Typical 
Configurations 





The classic half-wave dipole — an antenna mainstay at 
many amateur stations. 
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A very popular antenna for a new 
radio amateur is called a half-wave 
dipole. This antenna is easy to 
construct from two pieces of wire 
with a total length of about 468/f, 
where f is the frequency in MHz and 
the result is in feet. The antenna is 
often fed with 50 Q coaxial cable as 


shown in Figure 2-1. Generally, the 
antenna length is trimmed equally on 
each side of center until the closest 
match to 50 Q is found. While it will 
function as shown, more predictable 
performance is often obtained by in- 
serting a device between the inherent- 


Wire Length (ft) Approximately Equal to 





Insulator 





Figure 2-1 — The half wave di 
construction and low cost. 


ly balanced antenna and unbalanced 
(with respect to ground) coaxial cable 
to provide an appropriate transition 
between them. This device is gener- 
ally called a balun — for balanced 

to unbalanced transition. We will 
discuss this in detail later in the book. 





468/f, when f is frquency in MHz 
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The Piece in the Middle 
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pole antenna. This is a very effective antenna, considering its ease of 





In most cases the antenna and 
radio are located in separate areas. 
Most often, the optimum location for 
the radio is somewhere that a person 
can comfortably operate a radio. 

For many types of radio systems, 

this means indoors. The antenna, on 
the other hand, is typically located 
outside so it can radiate with minimal 
obstructions and with at optimum 
height above the terrain. 

It is possible to meet both require- 
ments if an antenna is connected to 
the radio system through a transmis- 
sion line. An ideal transmission line 
conveys energy from one end to the 
other in a totally transparent manner. 
A real transmission line, on the other 
hand does so with some limitations: 

® Each type of transmission line 
has a characteristic impedance, Z,: 

If the transmission line is terminated 
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with an impedance equal to the Zo 

the same impedance will be seen at 
any length of line. Fortunately, there 
are many types of line that have a Z, 
of 50 Q, so such a line connected to 
an antenna with a 50 Q impedance 
will present a 50 Q load to the radio 
no matter the length of the line. It is 
worth mentioning briefly at this point 
that if the line is terminated in an 
impedance other than its Z,» the im- 
pedance at the far end in general will 
be neither the terminating impedance 
nor the Z, of the line. 

These topics will be covered in 
much more detail later, but it’s good 
to have an idea as we go through the 
basics. 

* Real transmission lines have 
some associated losses. Thus not 
all the power put into the bottom 


by the transmitter comes out at the 
antenna. The attenuation is higher 
with increasing frequency, for a given 
type of line. The attenuation is also 
directly proportional to line length. 
In addition, the attenuation increases 
with standing wave ratio (SWR, a 
measure of mismatch) — another 
reason to have a matched system, if 
possible. We will discuss this phe- 
nomenon later, 

© SWR is generally determined by 
measuring the ratio of reflected power 
to forward power. An SWR of 1:1 re- 
sults in no reflected power. If the line 
has significant attenuation, both the 
power getting to the antenna, and any 
reflected power will be attenuated. 
Thus a measurement of SWR at the 
radio end will appear to be lower than 
the real SWR at the antenna end. 





Dipole for the 40 Meter Amateur Band 





If we were to make a dipole of the 
form of Figure 2-1 for the center of 
the US 40 meter band, we would use 
the formula 468/f, with the f equal 
to 7.15 MHz to result in a starting 
length of 65.45 feet, or 65 feet, 5.4 
inches. As noted previously, this will 
vary with height, but let’s say we get 
it all correct and have a height that 
provides close to a 50 Q load at that 
frequency. If we then measure the 


= SWR Plot: 40 meter 50 ohm. dipole 


Freq 715 MHz 

SWR 1.044 

zZ 52.17 «| 0.1674 ohms 
RefiCoetf 0.0213 at -4.32 deg, 


Figure 2-2 — Plot of SWR of a 40 meter dipole with 
height and length adjusted for 50 © at 7.15 MHz. 


= SWR Plot: AQ meter 50 ohm 66 ft dipole 


Freq 


z 0.32 - 3.442 obs 
RefiCoet! 01712 at -7.97 deg 


Figure 2-4 — Plot of SWR of 40 meter dipole of 
Figure 2-3 raised to a height of 1/2, about 66 feet. 





standing wave ratio (SWR) across 
the band, 7.0 — 7.3 MHz, we would 
observe a set of SWR data very much 
like that plotted in Figure 2-2.'? 

Note that, as desired, we observe 
an almost perfectly matched condi- 
tion (SWR of 1:1) at our design fre- 
quency of 7.15 MHz. Note also that 
as we change frequency across the 


‘Notes appear on page 6. 


band, our SWR rises to 2:1 at each 
band edge. Thus, even though our 
antenna is only closely matched at 
the band center, if the transmitter can 
operate at full power with a 2:1 SWR, 
this antenna will be usable across the 
band, if trimmed very carefully. 


What About Height? 


We have previously mentioned that 
changing height will also change the 


= SWR Plot: 40 meter 50 chin 33 ft dipole 


Freq 
SwR 
z 


7A5 MHz 
153 
61 62+) 1.35 ohuns 


Refi Coeff 0.2405 at 1.86 deg. 


132 feet. 


Note the change in frequency of minimum SWR. It 
could be tuned back to mid-band by lengthening. 


A Look at Typical Configurations 





Figure 2-3 — Plot of SWR of a 40 meter dipole with 
height set to 1/4, about 33 feet. 


= SWR Plot: 40 meter. 50 ohm 132-ft dipole 


Ret Coeff 0.195 at 3.01 deg. 





Figure 2-5 — Plot of same antenna raised to 1 1, about 


2-3 


, SWR Plot; 40 meter 50 ohm 137 ft dipole 








z 74.78 -;1 659 obs 
Reficost! 04199 at-3.07 deg 





antenna impedance. In fact it will also 
change the resonant frequency of the 
antenna. To obtain the plot in Figure 
2-2, we lowered the antenna to a height 
of 12 feet. While such an antenna will 
operate, the combination of its direct 


Figure 2-6 — Plot 
of SWR of a1 
high 40 meter 
dipole trimmed 
for mid band. 


Source # 1 
zo 50 ohins 


signal and the signal reflected from 
the ground will result in most of the 
radiation going skyward. This makes 
it suitable for short and medium range 
communication. In many cases anten- 
nas are raised higher to increase low 


angle radiation to support communica- 
tion over longer distances. 


Impedance and Resonant 
Frequency at Greater Height 


Figs 2-3 through 2-5 are a series 
of SWR plots of the same antenna 
as it is raised, first to 33 feet (2/4), 
then 66 feet (A/2) and finally 132 feet 
(1 A). Observe the two phenomena 
happening as the antenna is raised 
— first, the impedance is changing 
and second the resonant frequency 
(frequency at which the impedance is 
resistive) is changing. Note that the 
impedance shown is that close to the 
resonant frequency. 

To improve the SWR, we can adjust 
the length by making it long enough 
so that the resonant frequency is 
moved back to mid band. The result 
is shown in Figure 2-6. Note that the 
antenna now has an SWR range across 
the band of 2:1 or less so it might still 
work well across the band without a 
tuner. Note that to achieve this result, 
it must be very carefully trimmed. 


A Dipole for the SO Meter Amateur Band 





A dipole for 80 meters (don’t 
worry, this is the last example) has a 
very different result. The US 80 meter 
(sometimes called 75 and 80 meters) 
band is wider than 40 meters, cover- 
ing 3.5 to 4 MHz. The result, again 
with the height lowered and length 
adjusted to match 50 Q at mid band 
is shown in Figure 2-7. This is a very 
different result from our 40 meter di- 
pole’s impedance over the band. The 
SWR at the band edges is now above 
7:1, and the bandwidth over which 
the SWR is 2:1 or less, the SWR 
bandwidth, is about 150 kHz — about 
half what it was on 40 meters. 
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= SWR Plot: 80/75 meter 50 ohm tow dipole 


Figure 2-7 — Plot 
of SWR of a 80/75 
meter dipole with 








zZ 52.07 +j 3.253 ots 
Ret Cost 0.63773 a $8.76 deg. 








height and length 
adjusted for 50 0 
at 3.75 MHz. 





Fractional Bandwidth 





The reduced bandwidth on 80 
meters illustrates a few interesting 
principles. First, for a band this wide 
at this frequency, it would take at 
least three dipoles with slightly differ- 
ent lengths to cover the whole band if 
we didn’t have a device to transform 
the impedance to a value we wanted 
— an antenna tuner. Second, we note 
that the key factor is not the band- 
width itself, but rather the fraction (or 
percentage) of the center frequency 
that we wish to be able to cover. 

In the case of 40 meters, we were 
able to cover a bandwidth (7300 — 
7000) of 300 kHz with an SWR of 
2:1. This is the fraction 300/7150 = 
0.042, or 4.2%. Note that on 80 me- 
ters we had about 150/3750 = 4%. We 
can use this as a predictor of whether 
a single thin dipole can cover each 
amateur band with the results shown 
in Table 2-1. 

Clearly, the problem is most pro- 
nounced on 80 meters, perhaps why 
we chose that example. In addition, 
160, 10 and 6 meters are wider than 
our threshold, as is the 70 cm band. 
Fortunately, the higher three of these 
bands have operations divided by 
mode, so that it is not unreasonable to 
have, for example, a horizontal 
6 meter antenna centered at the low 


Table 2-1 
Percentage Bandwidth of Each HF and VHF US Amateur Band. 
Band Upper Lower Bandwidth Bandwidth 
(Meters) Frequency (kHz) Frequency (kHz) (kHz) (%) 
160 2000 1800 200 10.5 
80 4000 3500 500 13.3 
60 5407 5330 77 1.4 
40 7300 7000 300 4.2 
30 10,100 10,150 50 0.5 
20 14,000 14,350 350 2:5 
17 18,068 18,168 100 0.6 
15 21,000 21,450 450 2.1 
12 24,890 24,990 100 0.4 
10 28,000 29,700 1700 5.9 
6 50,000 54,000 4000 Wiz 
2 144,000 148,000 4000 27 
1.25 222,000 225,000 3000 1.3 
70cm 420,000 450,000 30,000 6.9 


end for CW and SSB operation and 

a separate vertical antenna for FM 
designed for the high end. Many 
operators, however, like to work all 
portions of 160 and 80 meters, so that 
can be an issue. 


Notes 

‘This plot was obtained using an 
antenna modeling program named 
EZNEC. We will call upon this 
program repeatedly throughout the 
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book. Several versions of EZNEC 
antenna modeling software, including 
a free trial version, are available from 
developer Roy Lewallen, W7EL, at 
www.eznec.com. 

2For an introduction to EZNEC modeling, 
see Appendix A of J. Hallas, W1ZR, 
Basic Antennas — Understanding 
Practical Antennas and Design. 
Available from your ARRL dealer or 
the ARRL Bookstore, ARRL order 
no. 9994. Telephone 860-594-0355, 
or toll-free in the US 888-277-5289; 
www.arrl.org/arrl-store; pubsales @ 
arrl.org. See chapters 2-6. 
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Review Questions 


2-1 Under what conditions might a 4 wave dipole not be compatible with 
a radio system? 


2-2 Why can a transmission line tend to mask a high SWR? 


2-3 If a dipole should be able to cover a complete amateur band, but 
doesn’t because the minimum SWR is higher than the middle of the 
band, what can you do to improve the situation? 


2-4 If you have no antenna tuner, how many separate dipoles would be 
required to cover the entire 10 meter amateur band with an SWR of 
less than 2:1? 


Chapter 3 





So Just What Is an 
Antenna Tuner? 


On the left, inside view 
of a manually tuned 
1500 W L-network 

HF tuner (Ten-Tec 
238); on the right, a 
computer controlled 
100 W automatic 
tuner (Elecraft KAT3) 
designed to fit inside 
the compact Elecraft 
K-3 HF and 6 meter 
transceiver. 
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As noted in Chapter 1, the antenna 
tuner is a variable impedance trans- 
forming device that can transform the 
impedance of an antenna system to 
appear to the transmitter as a 50.Q 
load, while causing almost all of the 
transmitter power to be radiated from 


What’s In an Antenna Tuner? 


the antenna, just as if everything were 
matched. This sounds like just what 
we need to solve the problem of using 
an antenna system that has an SWR 
that the transmitter doesn’t like to 
deal with. 

While an antenna tuner may well 


be just what we need — they come 

in many flavors, shapes and sizes — 
not to mention specification ratings. 
Much of this book will deal with how 
to choose the best type of antenna 
tuner, as well as to determine the best 
place in the system to locate it. 





In order to perform its transforma- 
tion function, an antenna tuner must 
deal with any load that is within its 
specified limits (everything has its 
limits — no antenna tuner can match 
absolutely everything!). As noted in 
the sidebar, an SWR greater than 1:1 
happens if the load of the antenna 
system is different from the specified 
output load impedance of the trans- 
mitter, 50 Q for most current designs. 
Table B in the sidebar shows some 
representative values of resistance 
and capacitive or inductive series 
reactance that result in various values 
of SWR. 

Note that we could categorize the 
load impedance into four general 
categories that could all have differ- 
ent solutions: 

1. The load is a resistive impedance 
of 50 Q. In this case the SWR is 1:1 
and we don’t need an antenna tuner 
at all. We could bundle with this all 
loads that work well with the trans- 
mitter without change — perhaps 
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50 Load to 
Transmitter 


600 Q 
Line 


Transformer 
with 12:1 Impedance 
Transformation Ratio 


Figure 3-1 — A wide-band impedance transformer 
can serve the function of an antenna tuner for a 


resistive load. 
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Transmission 





those with an SWR of less than 2:1. 
There may be a bit of extra loss here 
or there, but generally everything will 
work well. 

2. The load is a resistive imped- 
ance other than 50 Q , and not close 
enough to allow proper operation. 
This could be loads with a 2:1 SWR 
such as 25 Q or 100 Q, a 3:1 SWR 
such as 16.7 Q or 150 Q, ora 10:1 
SWR such as 5 Q or 500 Q. All of 
these loads share the fact that they 
could be matched through the use 
of an ideal transformer, just as you 
would match an 8 Q speaker to a 
600 Q audio line with an audio 
transformer. 

For use in radio rather than audio 
frequencies, such transformers must 
be constructed differently to avoid 
also introducing reactive components, 
but the approach is feasible and 
sometimes encountered. One classic 
example is the matching arrangement 
employed in a wideband antenna of- 
ten used at HF called a rhombic. It of- 
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To 

Wide Band 
600 © Load 
such as a 
Rhombic 
Antenna 


50 Q Load to 
Transmitter 


“Antenna Tuner” 





fers an almost resistive load of around 
600 Q over a 4:1 frequency range and 
is often fed through a wideband 12:1 
impedance ratio transformer by a 

50 Q system. Figure 3-1 shows the 
idea. While most folks would call it 

a transformer rather than an antenna 
tuner, there’s no question that it is 
performing one possible class of the 
function we’re talking about. 

3. The load is composed of a 
combination of a 50 Q resistive 
component and a series reactance. 

A load with a parallel reactance can 
be transformed into one with a series 
reactance, but we’ll focus on the 
series version since it may be easier 
to visualize. 

This makes for an easy to imagine 
antenna tuner. If the series reactance 
of the load is inductive (+X, ), all the 
antenna tuner need contain is a com- 
ponent with a capacitive reactance 
of the same magnitude, (—X,.). The 
series combination of the two is just 
0 Q reactive, so the resultant is the 


Non-matched 
Antenna System 


35 Q Inductive 
Reactance 


35 Q Capacitive 
Reactance 


50 O Resistive Load 
in Series with 35 Q 
Capacitive Reactance 


Figure 3-2 — Antenna tuner for special case of 


reactance in series with resistive part equal to Zo. 


resistive component —SO Q as shown 
in Figure 3-2. 

Note that, unlike the wideband 
transformer, this will likely work 
only on a single frequency. If the 
antenna has an inductive reactance, it 
will tend to increase with frequency 
(X, =2xnxfxL), at least over a 
limited frequency range. In order to 
keep the total impedance resistive, we 
will need a variable capacitor, so we 
can adjust the capacitive reactance 
to match the changing inductive 
reactance of the load. Note that our 
“antenna tuner” now has a knob on 
the front, and is starting to look more 
like an antenna tuner. 

4. The load is a combination of 
resistive and reactive components 
that have an SWR greater than we 
can deal with and that falls in none 
of the other three categories. This 
is the general case — the one all 
general purpose antenna tuners must 
deal with, at least over some range of 
SWR. 

There are a number of circuit con- 
figurations that can be employed that 
will do a combination of cancelling 
the reactance and transforming the re- 
sistive impedance. We have cataloged 
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(A) Unbalanced Tuned 
Variable Transformer 


Z 4 Z<Z, 


(B) L-network for Z < Z, 


Hr. 


(D) 1-network 


rapes 


(E) T-network (High-pass) 


Figure 3-3 — 
Antenna tuner 
configurations 


that can be used 
to match the 
more general 
mismatched load. 


Z Bin x Pa z 


(C) L-network for Z > Z, 





them in Figure 3-3 so you will recog- 
nize the configurations as we discuss 
them. In many cases, if constructed 
of the same quality components, they 
will provide equivalent performance. 
As with all general purpose devices, 
there are certain advantages and dis- 
advantages of each, and some may be 
more appropriate for some applica- 
tions than for others. 


Antenna Tuner Controls 


(F) T-network (Low-pass) 


Another categorization that can be 
made is whether the tuner is designed 
to feed an unbalanced load, typically 
fed with coaxial cable or a single wire 
against ground, or is intended to feed 
a balanced load such as a dipole fed 
with balanced open wire transmission 
line. Each of these configurations can 
be adapted to either task, however, we 
will defer that discussion until later. 





Not surprisingly, many of the dif- 
ferent manual antenna tuner configu- 
rations have different control arrange- 
ments. 


L-Network Tuner Controls 


The L-network has two primary 
adjustments, an inductor and a capaci- 
tor. In the Ten-Tec 238 tuner shown 
in Figure 3-4, and in most L-network 
tuners, each control is adjustable 
throughout its entire range on any 
band, providing maximum flexibility. 
In addition, there is a switch to move 





Figure 3-4 — Front panel view of an L-network tuner, an early version of 
the Ten-Tec 238. 
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A Quick Discussion of Standing Wave Ratio 


We discussed standing wave ratio in Chapter 2 and 
noted that a matched antenna system has a standing 
wave ratio (SWR) of 1:1. That is the case in which 
there are no standing waves and all energy from the 
transmitter is delivered to the load with no reflections 
on the transmission line. This is a very straightforward 
situation that is easy to understand. Getting into the 
details of this topic can get lengthy and there are entire 
books devoted to the topic.* Fortunately, we won't need 
to get that deeply involved to understand antenna tuners 
and their applications. Still, we need to have some idea 
about SWR, what it means and what its consequences 
are to understand, when and if it is a problem and how 
to solve it. 


The Matched Transmission Line 


If we were to connect a battery to a long real 
transmission line with no load and monitor the current 
that would flow with a high speed oscilloscope we would 
notice an interesting effect. The combination of the 
line series inductance and shunt capacitance, and to a 
lesser effect the wire resistance, would result in an initial 
current that would flow, even though there is an open 
circuit at the far end. 

The current will continue to flow until the signal 
propagates to the end of the line and returns. When it 
reaches the end of the line (traveling somewhat slower 
than the speed of light) a reflected wave of the opposite 
polarity will propagate back because there can be no 
current flow at the open circuit. When the reflected wave 
returns to the source end of the line the combination of 
the forward and reflected wave will result in zero current 
— just what we would expect for an open transmission 
line. 

The ratio of the applied voltage to initial current is an 
impedance and we call this the characteristic impedance 
or 2, of the transmission line. This is the current that 
would flow into an infinite length of line no matter what 
is at the far end. Note that we didn’t say anything about 
signal frequency here, this is strictly a matter of the way 
the line is constructed, especially 
the capacitance and inductance 
that is distributed along its length. 
For the usual low loss line, ignoring 
resistance, we can determine Z, as 


typically Der foot or per meter. These values can often be 
founs " many manufacturers’ specification sheets. 


The Matched Transmission Line 

', 9steac of having an infinite line, we put a resistor 
with 2 résstance equal to the line Z, on the far end of 
the ine twill absorb the power as it arrives and there 
will De no reflection. The voltage and current relationship 
at the signal end of the line will appear as if it were the 
same reésstor, just located at the source. 

This is exactly what we wanted! If the source is a 
radio Gesigned to drive a 50 Q load, Z, is 50 Q and our 
load is @n antenna with an impedance of 50 Q, we get 
just what we want — to our transmitter it appears as if 
the antenna 's connected directly to the antenna. There 
iS NO reflected power, the SWR is 1:1 and all is well with 
the worid. 


The Mismatched Transmission Line 


There are an infinite number of cases in which a 
transmission line is terminated, not with its Z,, nor with 
an open or short, but with some other impedance. This 
results in a reflection of a signal that is smaller than the 
signal that was sent down the line. It is important to note 
that this signal does not represent lost power, because it 
is re-reflected from the transmitter back up to the line. It 
is true that the power delivered to the antenna will equal 
the forward power less the reflected power, however, 
because the power is re-reflected at the transmitter so 
the numbers go up together. This is illustrated in Table 
A for the case of perfect (lossless) transmission line, 
assuming the transmitter can put power into the SWR 
shown. 


So What's the Big Deal 


The key is the two reasonable assumptions noted 
above. Let's discuss each: 

@ Transmission lines are not lossless, and their 
losses increase with increasing SWR as we will discuss. 
Whether or not that’s a problem depends on the line 


Tale A 
Example of Net Transmitted Power with 100 W Transmitter versus SWR 


with Lossless Transmission Line 


follows: 
— SWRA Reflection % Forward Power 
Z = VUC 141 0 100 
: 2:1 10 111 
where L and C are the inductance 311 25 133 


and capacitance per unit length, 


the variable capacitor between the two 
ends of the inductor to allow tuning of 
both high and low impedance loads. 
This particular tuner uses a rotary 
inductor (see Figure 3-5) for adjust- 
ment of inductance. The coil turns 
with rotation of the shaft on the left 
end, As it turns, its point of connec- 
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Reflected Power Antenna Power 
0 100 

1 100 

33 100 
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tion to the small wheel on the top in 
the picture is moved up and down the 
coil. It requires about 30 turns of the 
knob to adjust from the minimum to 
the maximum amount of inductance. 
Some tuners use a switched induc- 
tance instead. The switch allows a 
quicker change of settings, but does 


not provide for values of inductance 
between the switched taps. This is 
not generally a problem, although 
there are some loads that can’t be 
tuned to a 1:1 SWR at some frequen- 
cies — still close enough works. Note 
that there is no bandswitch, on this 
model, since any available adjustment 


type, frequency and SWR as we will discuss later. 

™ Often a more serious problem is that somewhere in 
the range of SWR in Table A, typically by an SWR of 2:1, 
transmitters will reduce power to avoid damage due to 
the higher current or voltage that results from the higher 
than specified SWR. 

Note that the second problem is not a fundamental 
issue of SWR itself, but rather a design choice made by 
transmitter designers. Still, for transmitters that we may 
choose to use, it is a real problem that we have to deal 
with. 


What Kind of Load 
Results in High SWR 


Any load that is different from Z, of the transmission 
line will result in a SWR greater than 1:1. For the case 
of the frequently encountered 50 © coaxial cable, that 
means any load that is not 50 Q resistive. This can mean 
a load that is resistive with a value of other than 50 Q or 
a load that is resistive, but also has capacitive (-X) or 
inductive (+X) reactance, or any of an infinite number of 
combinations of the two. Some examples of loads with 
different SWRs are shown in Table B. 

Note that it is very easy to determine the SWR for 
the resistive case — it's just Z,/R or R/Z, depending on 
whether the load is greater or less than the Z,. 

Thus it is important to know not just the resistive part, 
but also the equivalent series inductive or capacitive 
reactance to determine the SWR. 


Determining SWR from Impedance Data 


While the case for resistive loads is simple, the case 
for loads with reactance or complex loads is well — 
more complex. Still, there are at least three ways that | 
know of to determine the SWR of a complex load, not 
counting measuring with an SWR meter, as follows: 

™@ Use the software TLW (Transmission Line for 
Windows) that comes packaged with recent editions 
of The ARRL Antenna Book.® If you plug in the R and 
X values and the appropriate transmission line Z,, it 
provides the SWR at each end of the line. You can select 
which end of the line has the measured Z (input or load). 
This is very handy since it will also calculate the line 
loss, 

This may be the most simple calculation to make 
graphically with a Smith Chart.° Recall that if the Z 
is just resistive (X=0), the SWR is either Z,/Z or Z/Z,, 
depending on whether the Z is lower or higher than the 
Z,. Recall also that a circle on a Smith Chart represents 
constant SWR. Thus if you enter the Z on the Smith 
Chart and draw a circle centered on the chart center, it 
will show the transformed Z for any length of line. Either 
point at which the circle crosses the resistive axis can be 





Table B 


Impedance of Loads that Result in 
Different SWRs. 


For Ideal 50 © Coaxial Cable 
RQ) X (Q) SWR 
0 


50 WW 
25 0 2:1 
100 0 2:1 
50 +35 24 
30 +18 2:1 
16.7 0 3:1 
150 0 3:1 
50 +58 3:1 
30 +40 O71 
5 0 10:1 
500 0 10:1 
50 +142 10:1 





used to calculate the SWR as described above. 

m@lf you have neither computer nor Smith Chart, 
you can compute the SWR directly. This can be found, 
for example, in a book | had as a text many years ago, 
a classic by the late John Kraus, W8JK, Antennas. In 
the first edition it is in the appendix on page 507. The 
calculation is done in two steps: 


1. Find the voltage reflection coefficient a: 

6 = (Z-Z,)/(Z+Z,) 

Note that the Z is a complex number, so the 
calculation is a bit tedious. 

2. Find the SWR = (1 + Jol) / (1 —|o}) 

where |a| indicates the magnitude of the complex 
reflection coefficient, o, found in step 1. 


Notes 

AW. Maxwell, W2DU, Reflections, check his Web site 
for information on availability of the latest edition at 
w2du.com. 

®R. D. Straw, Editor, The ARRL Antenna Book, 21st 
Edition. Available from your ARRL dealer or the 
ARRL Bookstore, ARRL order no. 9876. Telephone 
860-594-0355, or toll-free in the US 888-277-5289: 
www.arrl.org/shop; pubsales @arrl.org. 

°Paper copies of 50 Q Smith Charts are available from 
your ARRL dealer or the ARRL Bookstore, ARRL 
order no. 1341. Telephone 860-594-0355, or toll- 
free in the US 888-277-5289; www.arrl.org/shop; 
pubsales @arrl.org. 


is usable on any band — you just 
crank until you are within range. It 
may even be helpful for upper body 
development. 

The capacitor can be a single, or 
multiple section type or a combina- 
tion of a variable and fixed capacitors. 
In my tuner, the switch that moves the 


capacitor from one end of the inductor 
to the other has additional positions 
that switch in fixed capacitors in par- 
allel to extend the tuning range. The 
fixed and variable combination allows 
somewhat finer tuning, but in multiple 
steps. A larger variable with a multi- 
turn vernier dial may be equivalent, 


and may be quicker to adjust. 

An advantage of the L-network 
tuner is that there is only a single 
combination of L and C that will 
match a given load. As noted below, 
some tuners can offer more than one, 
but only one is optimum. 
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Figure 3-5 — Close up of a rotary inductor. 


Pi- and T-Network Tuner 
Controls 


Pi- and T-network tuners have three 
tuning controls — usually one inductor 
and two capacitors. Pi-network tuners 
that started out in the age of vacuum 
tube transmitters with pi-network out- 
put circuits often are built with similar 
components and are thus bandswitched 
as in the Drake MN-2000 tuner shown 
in Figure 3-6. In this tuner, the band- 
switch sets the inductance to a preset 
coil tap for the middle of the expected 
range and the capacitors on both ends 
are used to provide the closest match. 
This configuration can be useful, but 
generally has less tuning range than 
those with adjustable or switched 
inductors in small increments. 

Note that a pi-network tuner set 
to minimum capacitance on either of 
the capacitors essentially becomes an 
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Figure 3-6 — 1970's vintage bandswitched probinSex tuner. 





L-network tuner, with the high or low 
impedance determination dependent 
on which capacitor is set to around 
zero. 

With either the pi- or T-network 
tuners, sometimes multiple very dif- 
ferent settings can be found that will 
tune a particular load. In general, a 
setting with the minimum inductance 
is more efficient since the wire re- 
sistance of the inductor can dissipate 
power. 


Tuned Transformer 
Tuner Controls 


The tuned transformer is essential- 
ly the same as an output circuit from 
an earlier, before the pi-network, 
kind of transmitter. It typically has 
a balanced tuned circuit designed to 
resonate on a particular band (there 
weren’t as many back then) using a 








fixed inductor and variable capacitor. 
The typically balanced transmission 
line was tapped symmetrically on 

the coil — close to the center for low 
impedance loads, close to the ends 
for high impedance loads. Small clips 
were generally used to provide load 
connection points. Very low imped- 
ance loads were connected in series 
with the center of the inductor. 

Any reactance in the load would 
detune the tuned circuit that would 
then be readjusted by retuning the 
variable capacitor. The usual trans- 
mitter side connection was a link of a 
few turns that could be mechanically 
moved in and out of the center of the 
coil to provide adjustable coupling. 

It was actually simpler to adjust 
than describe. Once the tap points 
were located for a particular band us- 
ing the usual single antenna, the clips 
were fixed in place, and this became 
just one more coil to be changed 
while changing frequencies. Both 
transmitters and receivers of the pre 
WW? era often had plug-in coils that 
required changing each time a band 
change was desired. 

The 1950s era E. F. Johnson 
Matchbox antenna tuner (see Fig- 
ure 3-7) was a radical design change 
to the tuner transformer type of tuner. 
This was the era in which transmit- 
ters and receivers were generally 
bandswitched and the Matchbox was 
an effort to make antenna tuning just 
as easy. What made the matchbox 
unique was a patented differential 
capacitor design that allowed a vari- 
able capacitance to be made of two 
capacitors — one that increased and 
one that decreased as it was rotated. 

A pair of these were placed across 
the tuner resonant circuit allowing the 
transmission lines in the middle of 
each to be tapped across the resonant 
circuit using capacitive “taps” instead 
of the previous inductive taps. This 
allowed a continuously adjustable 
impedance setting to be made from 
the front panel. The bandswitching 
allowed bands to be changed without 
changing coils. This was very popular 
at the time, and they are still popular 
today. They do have some limitations, 
principally that they only work on the 
amateur bands of that day, not 30, 17 
and 12 meters — although they may 
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drive some loads on the higher bands 
by setting to an adjacent band. 


Antenna Tuner Metering 


Many antenna tuners include 
metering, either directional power 
meters or an SWR bridge. These can 
be used to monitor progress while 
adjusting the antenna tuner — either 
for minimum reflected power, or 
for minimum SWR. Arguably, this 
is somewhat redundant if the con- 
nected radio transmitter also has 
SWR or refiected power measurement 
capability, although some meters in 
tuners may be more sensitive or easy 
to read. 

While there is certainly no harm in 
having redundant metering, if your 
radio meter is easily visible from 
the antenna tuner location, and has 


Figure 3-7 — 
1950’s vintage 
E. F. Johnson 
Matchbox 
antenna tuner. 


sufficient sensitivity to allow proper 
tuning, there isn’t much benefit in my 
opinion. The early transceivers, and 
especially pre-transceiver transmit- 
ters, did not generally include that 
function, perhaps explaining why 
most tuner manufacturers still provide 
them. For most users with metering 
in the transmitter, transmission line 
current meters on the output side of 
the tuner would actually be more use- 
ful. To my knowledge, alas, no tuner 
manufacturers now include these.'? 


Tuner Limitations 


All tuners are composed of com- 
binations of inductors and capacitors 
in various combinations. Since the 


‘Notes appear on page 9. 


impedance at a high SWR can vary 
widely, the tuner needs to have a wide 
range of values in order to be able 

to accommodate all possibilities at 
every frequency within its range. It is 
generally the case that the lower the 
frequency, the more inductance and 
capacitance will be required. Thus the 
maximum available inductance and 
capacitance, generally determines the 
low frequency limit of operation. 

In the case of high power tun- 
ers with large components, it is not 
unusual for tuners that cover down to 
160 meters (1.8 MHz) to be in larger 
enclosures simply because the size of 
the components is larger. In a similar 
way, it is the minimum capacitance 
and inductance that sets the high 
frequency limit. In this case, one 
must often look beyond the specified 
values of the components themselves 
and look to the stray capacitance of 
wires and component frames to the 
cabinet, as well as the inductance 
of connecting wires between com- 
ponents. Some tuners have trouble 
matching loads on 10 meters (28 to 
29.7 MHz in the US) that would be 
easy to match at lower frequencies for 
this reason. 

Increasing power with high SWR 
can result in very high currents and 
voltages within the tuner, requiring 
large components for high power 
tuners. The large components, in 
addition to making the box much 
bigger, also make the control of stray 
inductance and capacitance more of a 
challenge for the designer. 
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Where are the Knobs on an Automatic 


Antenna Tuner? 





Automatic antenna tuners don’t 
generally have tuning knobs. Instead, 
they have a microcontroller that 
monitors SWR or reflected power 
and uses an algorithm to step through 
allowable values of L and C until 
a match is found. Any of the tuner 
topologies in Figure 3-3 could be 
used in an automatic tuner with an 
appropriate control mechanism. 

Some automatic tuners use rotating 
variable capacitors and rotary induc- 
tors, just as in many manual tuners. In 
fact some are adaptations of manual 
tuners with servo motors and control- 
lers added on as an additional physi- 
cal and logical layer. 

I do think it is safe to say, however, 
that the majority of auto tuners use a 
set of discrete components instead of 
variable ones. A range of inductance 
is provided by using relays to switch 
different sizes in series to reach the 
desired value. Similarly, a range of 
capacitance can be provided by hav- 
ing multiple capacitors switched in 
parallel. By having values available 
in a series such as 1, 2, 4, 8, 16, 32, 
64, 128, 256 for example, any value 
from | to 511 (either pF or wH) can 
be obtained in steps of 1 unit. Thus 
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any needed resolution and range can 
be easily provided. 

While such swit 
manually with tog 
make us go over the top, it’s duck 
soup for a microprocessor. The hard 









tions. Fortunately, that just needs t 
be done once and is provided “free” 
with the tuner. Most auto tumers can 
find a suitable match within ad 
threshold, often 1.5:1, withi: 
seconds with no additional informa- 


bility to memorize the a 
settings for a particular ! 
found. There are two approach 
this, both can be quite successful 
Memory stored by frequency. Per- 
haps most commonly found in tuners 
is the storage of tuning data based on 
frequency. Of course, this requires 
that the tuner measure the frequency 
before it can tune.* Most tuners have 
a number of frequency “bins” of 
a certain bandwidth, for example 
perhaps 25 kHz. If the frequency is 
within that bin, the last successful 











setting from a frequency within that 
bin will be used. If it doesn’t meet the 
threshold, the tuner will start tuning 
over. 

Obviously, the smaller the bin, the 
more successful the tune is likely 
to be, assuming the same antenna is 
used. On the other hand, this depends 
on previous operation within the bin, 
so it takes longer to accumulate data 
for all bins. Most tuners seem to have 
it about right, in terms of trade off. 

Memory stored by past success. 
A different approach is to just keep 
track of the last number of success- 
ful tuner settings, independent of 
frequency. Let’s say the tuner remem- 
bers the last 100 successful tuner 
settings. It just very quickly tries all 
those before it initiates its regular 
tuning algorithm. It is quite likely that 
recent conditions will be repeated. 
This approach is particularly advanta- 
geous for a single port tuner that is 
switched between multiple antennas 
making multiple successful tuner set- 
tings appropriate within a single fre- 
guency bin. Of course an advantage 
for the manufacturer is that the tuner 
doesn’t need to measure or otherwise 
determine transmitting frequency. 


What’s the Best Tuner for You? 





The best tuner for a particular ap- 
plication will depend largely depend 
on your antenna system and op- 
erational needs. Automatic antenna 
tuners inside transceivers are conve- 
nient and don’t require extra space 
or wiring. Check the specs carefully, 
many do not cover a wide imped- 
ance range (many are spec’d at 3:1, 
although some may do better than 
spec). Interestingly, the internal tuners 
from Elecraft, FlexRadio and Ten-Tec 
do provide wide range (to 10:1 SWR) 
tuning, perhaps others will follow in 
this direction. The other disadvantage 
of internal tuners is that you will need 
a tuner with a higher power rating if 
you use, or consider using a linear 


amplifier. A high power tuner will 
work fine at low power, if the linear is 
in your plans. 

Manual Tuners often offer antenna 
switching and control functions, not 
present in many auto tuners. Manual 
tuners also often provide continuous 
tuning to allow setting the controls 
for an exact 1:1 SWR, although that 
doesn’t really provide a significant 
benefit. 

Automatic tuners have a number of 
advantages and not many disadvan- 
tages. Some can be operated remotely 
at or near the antenna to reduce 
system losses. Either of the memory 
tuner types can reduce the tuning 
time for previously encountered 
antennas from a few seconds to a few 
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tenths of seconds. Arguably either 
is significantly quicker to get into 
operation than a manual tuner, even 
with recorded dial settings. 

The rest of the book will explore 
these issues in more detail. 


Notes 

'E. Nichols, KL7Ad, “Keeping Current 
with Antenna Performance,” QST, 
Feb 2009, pp 34-36. 

*P. Danzer, N1II, “A Simple 
Transformer to Measure Your 
Antenna Current,” QST, Sep 2009, 
p 35. 

3Internal, or brand specific tuners 
have the advantage that the 
frequency infomation can be 
made instantly available from the 
radio circuitry. 
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Review Questions 


3-1 What are two reasons to provide a matched, or nearly matched, load to a 
transmitter? 


3-2 What is the SWR of a 50 Q cable with a 500 Q resistive load? How about a 
500 Q transmission line with a 50 Q resistive load? 


3-3 If a 100 W output transmitter is connected to a lossless antenna system with 
a 3:1 SWR and it can deliver its full power, how much power reaches the 
antenna? How much power is reflected from the load? 
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Tuning controls of three manual tuners. On top, a 100 W 
Pi-network, in the middle a 1500 W L network tuner and 
on the bottom a bandswitched 1000 W Pi-network tuner. 
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By now we, hopefully, know what 
an antenna tuner is, and why it may be 
a good idea. The next question should 
be “how do we work it?” The answer 
to this depends a bit on the type of tun- 
er and your configuration. In all cases, 
the most important rule is: Don’t inter- 
fere with other users of the band! This 
is an issue because all types of tuners 
require the transmission of RF for at 


least the final adjustment. 

This is because tuning is consid- 
ered complete only if the SWR is 
close to 1:1, and it takes a signal 
be able to measure SWR. Even if 
the signal is of a reduced amplitud 
people have been known to make 
worldwide contacts with transmit- 
ters running less than | W, so don’t 
assume a low powered TUNE signal 





Tuning an Automatic Tuner 


won't go anywhere. 

If you are worried about loosing 
track of the current frequency that 
has a particularly desirable station; 


just put it in memory, tune off the 


frequency, adjust the tuner and, when 
tuning is complete, recall the desired 
frequency from the memory. You 
should be good to go, and you won't 
ruin it for someone else. 





As its name implies, tuning an 
automatic tuner should be, well 
automatic. If it’s a tuner that is part of 
the radio, or designed to operate with 
the radio, there is likely a TUNE button 
that reduces power, sends a carrier on 
the desired frequency and then forces 
the tuner to tune. Many after-market 
automatic tuners first measure the 
frequency and try the settings that 
worked the last time you used that 
frequency, or one close to it. 

If the tuner is one that is not 
designed to work with the radio, you 
generally will need to initiate the 
process in some way. In many cases, 
if a transmitted RF signal is sent to 
the tuner it will measure the SWR 
and automatically initiate the tuning 
process if it needs to, There are two 
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concerns here — first, many tun- 

ers want adjustments to be made at 
reduced power to avoid burning relay 
contacts — second, reduced power 
should also be used during tuning to 
avoid potential transmitter damage 
from trying to feed a mismatched 
load, as well as to reduce interference 
to others. 

You will need to find a way to 
easily reduce power for tuning. Some 
radios do exactly that with a TUNE 
button. On my transceiver, I have such 
a button and a menu selection allows 
me to set the tune power to any level I 
want. Pushing the TUNE button sends 
a reduced carrier out of the transmit- 
ter until I push it again. This button 
is also useful to start tuning a linear 
amplifier. If you don’t have a TUNE 


button, you may need to manually 
reduce power and then hit a key to 
send a signal. Note that I said key, as 
in radiotelegraph mode. Hitting the 
push-to-talk button on a SSB voice 
transmitter will switch to transmit, 
but not put out a signal until you start 
talking — so that doesn’t work well 
for this application. If your transmitter 
supports AM voice, it will usually put 
out a carrier of about 25% of full PEP 
when keyed, so that is a possibility as 
well, although that is usually some- 
what more power than desired. 


‘Transmitters such as the early 
R. L. Drake vacuum tube series use 
controlled carrier in AM mode and 
may not put out a carrier without 
speech. 


Tuning a Manual Tuner 





To tune a manual tuner, you can ac- 
tually start with the transmitter turned 
off. First look at the instruction 
manual and see if it provides suggest- 
ed settings for each band. While your 
actual settings will be somewhat dif- 
ferent, since you will have a different 
impedance on each band, they should 
make a good starting point. Hope- 
fully the controls on your tuner have 
calibration marks on each control, if 
not, imagine an analog clock face on 
each control. 

Next, practice tuning your tuner 
into a dummy load. Even though the 
tuner usually isn’t needed to match 
the 50 Q dummy load to the transmit- 
ter, if the tuner is in line, the tuner 
will require just as careful adjust- 
ments to tune into that load. Try the 
tuner on each band and record the 
settings. 


Adjusting a Manual Tuner 


Most manual antenna tuners 
have three controls. If it’s a Pi- or 
T-network, they will all be adjust- 
able inductors or capacitors, usually 
one of the former and two of the 
latter. An L-network will just have 
one of each but will usually have a 
switch to move the variable capacitor 
between the input and output side of 
the inductor as shown in Figure 3-3 in 
Chapter 3. Because the three controls 
interact to some degree, finding the 
right settings can be arduous, can 
stress the transmitter and can also 
cause interference to others as you try 
to find the right settings, hence the 
recorded table. I provide the follow- 
ing suggestions. 

Many antenna tuner instruction 
manuals have tables of typical values 
for each band. Use these as a starting 
point. 

Practice tuning your antenna 
tuner into a dummy load, as discussed 
above. 

®First tune as close as you can 
using the receiver as an indicator. If 
there are signals on the band, adjust 
for maximum S-meter indication. If 





there are no signals adjust for loudest 
band noise or meter indication. 

elf you have an antenna analyzer, 
use it instead of the radio to find set- 
tings that offer a matched load to the 
radio port as shown in Figure 4-1. 

elf you can’t quite get to a 
1:1 SWR, shift one of the controls off 
its minimum position and adjust the 
other one (or two) for minimum. If 
the result is better, move the first con- 
trol a bit more in the same direction. 
Repeat until it starts to get worse. If 
it’s still not satisfactory, repeat the 
procedure with a different control. 


i=] 
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Transceiver Antenna Analyzer 
Figure 4-1 — Using an antenna 
analyzer to adjust your antenna 
tuner reduces both stress to your 
radio and interference to other 
users of the band. The coax switch 
shown can be used to switch the 
output of the antenna tuner to either 
the radio or the antenna analyzer. 


Table 4-1 


lf there are multiple settings 
yielding a match, as there will likely 
be with T- and Pi-network tuners, 
select the one with minimum induc- 
tance — it will be more efficient 
because inductors tend to have more 
loss than air variable capacitors. The 
following example illustrates the 
point. 

A fairly typical “random” length 
of wire likely to be matched with an 
antenna tuner would be 57.5 feet long 
fed against ground. This would have 
an impedance of 25.6 Q resistive in 
series with 100 Q capacitive reac- 
tance at 3.7 MHz — a 10:1 SWR, just 
within the design range of most wide 
range tuners. A low-pass L-network 
tuner will just have a single value of 
L and C that would mach this imped- 
ance. It would be, according to TLW 
software (discussed later in detail), 
5.29 WH and 1000 pF. The loss in the 
L-network tuner would be 0.11 dB or 
2.5%. 

With a high-pass T-network tuner, 
there are an infinite number of combi- 
nations of tuner components that can 
result in a satisfactory match. Setting 
one value requires the other two com- 
ponents each be set to a particular 
value to obtain a match. As shown 
in Table 4-1, listed by selected value 
of output capacitor, not all combina- 
tions will have the same efficiency. It 
shows dramatically that by having a 


Examination of High-Pass T-Network Tuner Efficiency as a Function of 
Tuning: Load 25.6 © Resistive in Series with 100 © Capacitive at 3.7 MHz. 


Capacitor 
Output (pF) Intput (pF) Inductor (uH) 
5 9.2 130.6 
10 12.5 82.1 
30 25.7 34.4 
50 37.5 22.5 
100 63.2 12.8 
200 102.6 7.8 
500 171.2 4.7 
1000 223.2 3.7 
2000 264 3.2 
5000 297 2.6 


Loss (dB) Loss (%) 
8.5 85.9 
5.4 71.3 
2.4 41.7 
1.6 29.9 
0.9 18.4 
0.5 11.5 
0.3 6.8 
0.23 5.2 
0.19 4.4 
0.17 3.9 
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Table 4-2 


W1ZR Antenna Tuner Settings Table 
Antenna Tuner Settings — 100 Ft Dipole (4) 


FREQ Cc IMPED L 

1.8 8.0 L5 4-9.9 
3.55 5.6 H1 20-69 
3.8 1.0 H1 18-1.9 
5.3 4.3 H1 12-9.5 
7.0 1.2 H2 6-5.0 
ie 8.5 H1 8-1.0 
10.1-.15 8.8 H1 4-63 
14.0 2.0 H1 4-56 
14.2 1.3 H1 4-64 
18.068-.168 4.1 H1 2-7.7 
21.0 3.0 L1 2-6.5 
21.2 2.6 L4 2-6.2 
21.3 2.5 uu 2-63 
24.890-.990 1.5 H1 1-1.8 
28.0 1.0 Lu 3-5.4 
28.5 1.0 uu 2-9.6 
29.0 1.0 L1 2-6.0 
Antenna Tuner Settings — Tri-Band (2) 
FREQ Cc IMPED- L 
10.1-.15 4.0 L1 9-1.3 
18.068-.168 3.3 L1 4-8.2 


Antenna Tuner Settings — Ground Plane (3) 


FREQ Cc IMPED- L 
3.6 10.0 L1 9-1.7 


high inductance value, the loss will 
be higher than if an inductor with a 
lower value were used. All combina- 
tions will provide a 1:1 match to the 
transmitter which will happily pump 
power into the system. While some 
values would likely not be realizable 
at 3.7 MHz, the reactances all would 
be easily employed at 30 MHz. A 
1500 W transmitter with the 86% loss 
of the first entry would dissipate 
1290 W in the tuner as heat. The 
tuner would likely melt before your 
eyes! 

Note that Table | indicates that the 
highest efficiency is with the lowest 
inductance value — often the case. 

It also can happen that the high Q of 
a low inductance solution can result 
in large circulating currents resulting 
in additional loss. The best way to be 
sure is to measure the relative current 
going from the tuner to the antenna. 
The solution with the highest current 
will be the most efficient. 
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AMP SET 

SWR Load Tune 

25 0.0 8.0 
12.0 4.0 5.8 

9.8 8.8 4.7 

5.8 

4.6 7.8 2.7 

5.6 

4.4 

4.0 7.0 1.5 

3:7 7.0 1.4 

2.9 7.0 2.0 

3.7 6.2 1.5 

4.3 

4.5 6.0 1.3 

1.8 

1.6 5.0 2.0 

2.5 4.5 2.0 

3.6 

AMP SET 

SWR Load Tune 

5 

5 7 2.0 

AMP SET 

SWR Load 

2.3 4 5.8 


The actual value of the current isn’t 
usually significant since the antenna 
impedance is unknown. For any given 
antenna on a given frequency, what is 
important is that you have the solu- 
tion that provides the most current 
towards the antenna with the trans- 
mitter operating into its design load 
and within ratings. Unfortunately, I 
am not aware of any tuners now avail- 
able that provide for the measurement 
of antenna current. RF ammeters are 
available on the surplus market and 
one is available from MFJ. Alter- 
nately, a fairly simple antenna current 
transformer project article in QST 
described how to make your own. It is 
reproduced in the following sidebar. 

Once you have a match, reduce 
the inductance, retune the capacitors, 
and see if you can still obtain a match 
with an even higher current. Once 
you have the settings for a particular 
antenna, you won’t need to measure 
the current again unless something 


changes in the system. 

Record your data! All manual an- 
tenna tuners I’ve seen have calibrated 
scales on their front panel for each 
control. As soon as you have a match, 
write down the settings you found 
for future reference and use them for 
a starting point next time. I find that 
having a set of dial readings for at 
least the phone and CW portions of 
the band is useful. Table 4-2 is the 
actual table that I use at my station. 
Note that there are separate table 
segments for three different antennas. 
The fourth position is connected to a 
dummy load for testing and amplifier 
adjustment purposes. 


The Controls in My Table 


Since there’s a bit more here than 
you might need, let me explain the 
columns I have included in my chart. 
The tuner I use is an early Ten-Tec 
238 with front panel layout shown in 
the chapter title (center) figure. This 
is a 1.5 kW rated L-network tuner 
that provides four antenna connection 
ports, one of which (# 4) can be set 
up for either a balanced or unbal- 
anced load using an internal balun on 
the output side. 

® FREQ is the approximate frequen- 
cy that I made the adjustment for. 

°C is the approximate setting of 
the variable capacitor dial. It has 10 
divisions, but | “eyeballed” how far 
between the marks the setting was to 
get the tenths position. 

®|MPED is a switch that can set the 
configuration for high (H) or low 
(L) impedance and has five fixed 
capacitor settings for each, hence the 
numbers | through 5, in addition to 
the letter. 

is the setting for the variable 
inductor. The inductor setting has two 
numbers because it is a multiple turn 
rotary inductor. The first number is 
the value of the TURNS scale, while 
the second is the knob setting from 
the skirt on the knob. 


?Current models of this tuner have 
an improved drive for the rotary 
inductor that provides a single 
reading for the L value. 


@swn is the SWR measured with 
the tuner bypassed. This doesn’t play 
a part in the tuning, but is useful as 
a check to make sure the antenna 
hasn’t changed or fallen down since 
it was installed. The tuner will just as 
happily tune the antenna if it breaks 
and falls down, but the signal won’t 
go as far. 

©The two AMP SET adjustments 
are for my linear amplifier tuning 


controls. They share the spreadsheet 
because, as with the antenna tuner, if 
I change bands or modes, they need 
adjustment. These columns save 
having an additional piece of paper 
on the operating desk. If you don’t 
have a linear amplifier you don’t need 
these. 

Your tuner may have different 
control labels, and you may not want 
to include all my data, however, it 


should give you a starting point for 
your own record keeping. I maintain 
my records on a PC spreadsheet, 
although any convenient medium can 
be used. A small set of data might fit 
on a3 x 5 (or perhaps 5 x 7) inch file 
card. The spreadsheet has the advan- 
tage that it can be easily updated as 
antennas are changed or added. In my 
experience, amateur stations are never 
quite done! 
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A Simple Transformer to Measure 
Your Antenna Current 


SWR doesn’t give you the whole story 
— you need an RF current meter. 


Paul Danzer, NII 

a recent OST article, Eric Nichols, 
| KL7AJ, presented a good idea — 

monitoring the RF current into 
your antenna system to insure optimum tun- 
ing.! Actually, it was the second time it was 
mentioned to me — George Peters, KI EHW, 
suggested the same thing to me several 
months before. At the end of Eric's article, 
he proposed using a current transformer to do 
the monitoring. 


Making a Current Transformer 

This could be as simple as a turn of wire 
through a ferrite core and several turns of 
wire around the core to form a transformer.” 
The output of the transformer would be pro- 
portional to the current through the wire. 


Making it Happen 

This seemed simple enough, and the result 
of one hour’s work is shown in Figure 1, The 
core used was a T37-6, T37 designates the 
size (0.37 inches OD), picked so the insulated 
center conductor of RG-58 (or RG-59) would 
fit comfortably through the core center. The 
—6 designation relates to the frequency 
application of the ferrite mix, in this case 2 to 
50 MHz. 

Searching the ARRL suppliers’ data base, 
it appears that Alstar Magnetics offers this 
core; an alternate would be a Palomar F37 
with mix 61, There is no criticality here — if 
you want to try it, strip a core from any old 
source — perhaps from a junked PC power 
supply or computer cable. It may not be the 
most efficient RF transformer ever built, but 
if it works it will do the job. 

Wrap 20 turns of 24 gauge enameled wire 
as the transformer secondary. The secondary 
is connected to half wave rectifier consisting 
of a silicon diode (1N914), a 10 kQ resistor as 
the load and a 0.1 uF capacitor as a filter (see 
Figure 2). A high-impedance voltmeter (the 
$10 variety) is connected to the two pin jacks 
to serve as an indicator. 

The unit shown was tested with a 100 W 
transmitter on all bands from 80 through 
10 meters. Performance across each band 
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Figure 1 — View of 
the transformer and 
simple circuitry that 
make up the relative 
RF current meter. 


was relatively uniform, considering the prob- 
able variation of SWR and power though the 
feed line as the frequency was varied, 

Hook up the rest of the circuit as shown in 
Figure 2 and connect a meter to the terminals. 


What we Have 

The object here was not to get an exact 
measure of the antenna current. What | 
wanted was a relative measure, so I could 
see if anything was going wrong, or use it 
as a way to adjust my antenna tuner for the 
maximum signal to the antenna. Commercial 
stations use a current meter, mounted at the 
connection of the feed line to the antenna, to 
monitor output. Since they know the antenna 
impedance and their meters are calibrated, 
they can determine precise power into the 
antenna. 

If you enjoy low power (QRP, typically 
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Figure 2 — Schematic diagram of the 
relative RF current meter. Nothing about 
the circuit is critical. See text for parts 
information. 


From September 2009 QST © ARRL 
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5 W or less) or very low power (QRPP, less than 
1 W) operation, more turns may be needed and 
can easily be added.* Similarly, if your meter 
does not have enough sensitivity, more turns 
may be called for. If after assembly the core is 
not firmly in place, held by the friction of the 
secondary on the primary wire, a drop of glue 
can be used to secure it all together. 


Putting it to Use 


The current meter consumes a miniscule 
fraction of the output power, so, can be left 
in the line, or removed when not in use. You 
may even find a meter case and a surplus 
meter at a hamfest that will work with it to 
give continuous indication without tying up 
your bench meter. I suggest writing the rela- 
tive current indication for each band in your 
log. Later, if something seems amiss, it is 
then an easy job to compare your readings to 
the recorded ones to find out if the problem is 
in your antenna system. 

Notes 


‘E. Nichols, KL7AJ, “Keeping Current with 
Antenna Performance,” QST, Feb 2009, 


pp 34-36. 

?Each pass through the center of a toroid 
counts as a full turn. 

3Low power operators may obtain better 
results using a germanium diode, such as a 
1N34, in place of the silicon diode due to its 
lower forward voltage drop. 


ARRL Member Paul Danzer, NIII, was first 
licensed in 1953, and now holds an Amateur 
Extra class license. Paul has been operating 
40 meter CW almost constantly since he first 
started. He uses his years of experience as an 
electronic engineer to design and build small, 
one-night ham radio projects. Currently he is a 
Professor of Computer Science at Housatonic 
Community College in Connecticut. He can be 
reached at nlii@arri.net. 





Review Questions 


4-1 Why is it important to listen to the operating frequency before you 
start the tuning process? 


4-2 Why is it a good idea to manually initiate tuning with your auto-tuner 
before transmitting on a new frequency at full power? 


4-3 If there are more than one set of tuner settings that provide a 1:1 
SWR, which should you choose? 
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Chapter 5 





The Internal Tuner — 
How Does it Help? 





The Yaesu FT-2000 transceiver, one of many modern transceivers equipped 
with an automatic internal antenna tuner. 
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So far, our discussions about 
antenna tuners have made it appear 
that they are a separate device that is 
inserted between a transceiver and an 
antenna system. While that’s often 
true, we should also consider the case 
of a transceiver that has an internal, 


The Flavors of Internal Tuners 


almost always automatic, antenna 
tuner. 

The idea of an automatic antenna 
tuner is that it can sense the SWR and 
adjust the tuner to minimize it. This 
is most commonly accomplished by a 
configuration consisting of a collec- 


tion of inductors and capacitors that 
can be switched in or out of a match- 
ing network until the lowest SWR 

is obtained. A few automatic tuners 
actually rotate the shaft of a variable 
capacitor using an electric motor as 
the driving element. 





Some transceivers offer an internal 
tuner as an extra cost option, in many 
cases one that can be added if needed. 
In other cases, the transceiver with 
tuner is essentially a separate model 
that has to be specified at the time of 
purchase. Other transceiver lines come 
only with or only without an internal 
tuner. Thus, if you’re in the process 
of deciding on your next (or first) 
transceiver it’s good to think carefully 
about your requirements before you 
make a decision. Figures 5-1 — 5-3 
illustrate radios with some of the 
choices. 


Tuner Impedance Range 


As noted previously, all antenna 
tuners have limits on the range of 
impedances that they can transform to 
the desired load — almost always 
50 Q. In many cases the range of 
values is dependent on the frequency, 
often narrower on 6 meters than on 
the HF bands. Most tuner designs are 
limited on the low frequency end by 
the maximum values of the inductors 
and capacitors, and on the high fre- 
quency end by their minimum values, 
often the minimum capacitance of the 
elements to the metal case. 

Thus it is often the case that the 
range of impedance values that the 
tuner is able to match is greater in 
the middle of the range than on the 
ends — typically 80 or 160 meters on 
the low end and 10 or 6 meters on the 
high end. Most manufacturers provide 
a single specification such as “tunes 
SWR at least 10:1” or “matches 
from 5 to 500 2.” Note that the latter 
specification is not as general as the 
first — does it mean it only matches 
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Figure 5-2 — 
The ICOM 
IC-7600 

is only 
available 
with a built 
in antenna 
tuner. 
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Figure 5-3 —The 
Kenwood TS-480 is 
available as either a 100 
W version with internal 
tuner (TS-480 SAT) or 
200 W version without 
(TS-480 HX). 


Figure 5-1 — 
The Elecraft K-3 
is an entirely 
modular design, 
including the 
option of a 
wide-range 
internal antenna 
tuner. 







resistive loads? Probably not, since it 
would be hard to design a tuner that 
just did that, nor would it be very use- 
ful. I tend to think that both ratings 
actually mean the same 10:1 SWR. 

If they deliver on their promise, 
that would mean that they would 
actually tune the 10:1 range on the 
highest and lowest bands, and actu- 
ally tune a wider range in the middle 
— and many seem to do just that. 


Impedance Limits of 
Internal Tuners 


While most external tuners have 
rating similar to the 10:1 discussed 
above, many transceivers have inter- 
nal tuners rated at a 3:1, or 16.5 to 
150 Q tuning range. This seems to be 
particularly true of the radios provid- 
ed by the large Japanese companies 
— ICOM, Kenwood and Yaesu. In 
contrast, the US made HF transceiv- 
ers, Elecraft, FlexRadio and Ten-Tec, 
offer internal tuners specified to tune 
a 10:1 range. 

The tuners with a 3:1 range are 
intended to deal with a matched 
antenna operated somewhat away 
from its design frequency. A look at 
the SWR plots in Chapter 2 provides 
the idea. While a 3:1 range will easily 
cover a 40 meter dipole across the 
whole band, it will only cover about 
300 kHz of the 500 kHz width of 
80 meters with a standard 80 meter 
wire dipole (see Figure 2-7). 

The tuners with a tuning range of 
10:1 or greater are what I call wide 
range tuners. These tuners can not 
only deal with an 80 meter dipole 
across the whole band, but can be 
used to match a whole spectrum of 
antenna types ranging from random, 
non resonant, wires to dipoles fed 
on multiple bands and exotic high 
gain antennas such as V beams or 
rhombics. 


That Coax Connector 


All current internal tuners termi- 
nate on the back of the radio in a coax 
connector, just as do radios without 
a tuner. This is a signal that they are 
intended to drive into coax fed unbal- 
anced antenna systems. We will dis- 
cuss the various benefits of balanced 
and unbalanced transmission lines a 


bit later, however, it is worth point- 
ing out that many external tuners are 
set up to drive either. If your antenna 
system is balanced, you will need to 
make the transition from coax to bal- 
anced line outside the radio, tending 
to reduce the “all in one box” benefit 
of the internal tuner. 


Coax Loss — If Things Seem 
Too Good to Be True... 


It is tempting to try to use the an- 
tenna tuner to “force fit” an antenna 
to work on a band other than the one 
it’s designed for. This can often ap- 
pear to work, but appearances can be 
deceiving. Let’s take one example. 

Say you have a 20 meter dipole 
fed with 100 feet of RG-58 coaxial 
cable. The antenna works very well 
on 20 meters, and requires just a bit 
of trimming with the tuner for proper 
operation. So far so good. 

All of a sudden sunspots reappear 
after years of absence and 10 meters 
is wide open with great signals world 
wide (sooner or later it’s bound 
to happen). You have no antenna 
for 10 meters, so try using your 
20 meter dipole. Wonder of wonders, 
it actually tunes with the internal 
tuner — a perfect match! You hear 
your neighbors working distant 
stations right and left, but no one 
hears you — what’s the story? 

This is an interesting case that 
provides a cautionary tale, as well 
as outlines one of the challenges of 
designing multiband antennas. On 
20 meters, our dipole (depending on 
height) will have an SWR of around 
1:1. The 100 feet of RG-58 coax will 
have a loss of about 37% (less than 
2 dB), not noticeable in most cases, 
and all will be fine.' 

Move to 10 meters and the 
20 meter dipole will no longer pro- 
vide a good match. In fact, my model 
indicates that its impedance will be 
3836 Q resistive in series with 
790 Q capacitive reactance — an 
SWR of 81:1! The high SWR in- 


‘We will use decibels (dB) to express 
gain and loss ratios throughout the 
book. If you need a refresher on 
the topic, please see Appendix A. 


The Internal Tuner — How Does it Help? 


creases the loss of the transmission 
line to about 15 dB. That means that 
of our 100 W, only 3.1 W will reach 
the antenna — that explains why 

we aren’t being heard as well as our 
neighbors! 

The perhaps more interesting as- 
pect of this is that the power reflected 
by the mismatched antenna also is 
reduced by 15 dB on its way back to 
the tuner. Because of this, the tuner 
only sees an SWR at the bottom 
of the cable of about 3:1 and will 
happily adjust for a match. Thus the 
radio is happily transmitting, but 97% 
of its power output is heating up the 
transmission line. 


What Else is Going to be in 
Your Station? 


Another consideration as to wheth- 
er an internal tuner will be your best 
choice is whether you have, or expect 
to have, a linear amplifier follow- 
ing your transceiver. For some types 
of operation, being able to select 
whether you transmit 100 or 1500 W 
can make a big difference. 

If you have a linear amplifier and 
need a tuner, you will need an an- 
tenna tuner on the output side of your 
linear. A tuner in your transceiver 
can adjust for a mismatch in the input 
side of the amplifier (rarely needed), 
but can’t help with tuning the an- 
tenna system. That has to be done at 
the output of the amplifier — and at 
the higher power level. If the ampli- 
fier is turned off, the radio’s tuner 
can be used to match the antenna, but 
you will want to disable it when you 
switch to high power. 

Thus, if you have or expect to 
have, a linear amplifier as a part of 
your station; you may want to con- 
sider a transceiver without a tuner and 
instead purchase a tuner with a power 
rating that can handle your linear. 
Note that this is mostly a monetary 
statement, since there is no harm in 
having the additional tuner in your 
transceiver. It can be turned off if you 
don’t need it. I actually have one in 
my transceiver and another follow- 
ing the linear. I find the transceiver’s 
internal tuner handy when I take my 
transceiver on vacation and am forced 
to use “antennas of opportunity.” 
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Review Questions 


5-1 What are some of the advantages of an internal antenna tuner in a 
transceiver? 


5-2 What kind of antennas can be tuned with a tuner that can tune an 
SWR of 3:1? 


5-3 Why isn’t an antenna that can be tuned with an internal tuner always 
effective? 
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An External 


Tuner at the 
Radio 


Five high power 

(1 kW or higher rating) 
manual tuners, one 
choice for an external 
tuner to place near the 
transceiver 
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In place of an antenna tuner that 
is built into the transceiver, another 
option is to have one next to the 
radio. Note that this is the functional 
equivalent of an internal tuner, and 
shares the potential problem of ap- 
pearing to work well with an inap- 
propriate antenna, as described in the 
previous chapter. 

There are many available choices 
for such a device, including au- 
tomatic tuners from some radio 
manufacturers that integrate directly 


with radio controls. There are others 
from after market manufacturers that 
offer additional features and, in some 
cases, are less expensive than internal 
tuners. While you do have to have an 
extra box on or near your radio, exter- 
nal tuners may offer some significant 
advantages: 

@ As discussed in Chapter 3, they 
can have a wider tuning range than 
many internal tuners. 

© If you think you may want to add 


(or if you have) a high powered linear 
amplifier, you can select a tuner com- 
patible with the higher power. 

¢ Some external tuners offer both 
balanced and unbalanced outputs. 

¢ Some external tuners offer mul- 
tiple switched connections so differ- 
ent antennas can be quickly brought 
on line. 

e If you have multiple radios, they 
can be switched to the tuner input so 
only one tuner is needed. 


Automatic versus Manual Tuners 





The first decision you 
will be faced 
with if you want 
an external 
tuner is whether 
you prefer an 
automatic or a 
manual one. As 
the name implies, 
an automatic an- 
tenna tuner finds 
the optimum, or 
near optimum, set- 
tings by itself. The manual 
tuner usually has three controls that 
require adjustment to obtain the best 
match. 

In the past, automatic tuners were 
not available at high power levels, so 
those with high powered stations had 
no choice but to use manual tuners. 
That is no longer the case, as automat- 
ic tuners are available at all legal ama- 
teur power levels (See Figure 6-1). 
Over the years, the ARRL has tested 
many manual and automatic tuners 
as part of OST product reviews. I was 
surprised to find that to our level of 
measurement precision, there was not 
a big difference in efficiency between 
tuners in the two groups. Still, there 
are some benefits to manual tuners 
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Figure 6-1 — High 

power (1 kW or greater) 
automatic antenna tuners from 
Palstar, LDG and MFJ). 


and many amateurs are happy with the 
results they receive. 


Automatic Antenna Tuners 


To operate an automatic, you just 
feed it some power, hit a TUNE button 
and listen and watch while it finds 
satisfactory settings. Many tuners 
can do this in tens of seconds the first 
time and often remember the settings 
so the next time it takes just a few 
seconds or less for that antenna at that 


frequency. 

In my experience 
there’s not a lot not 
to like about an auto- 
matic antenna tuner. 
I have a number of 

them for particu- 

lar applications, 
although I still 
use a manual 
tuner for my 
main station 
tuner. The key is 
to select a tuner that 
will operate with your 
radio — some are radio independent, 
while some work with the same radio 
controls that would operate one from 
the manufacturer of the radio. 

One issue with some automatic 
tuners is just what happens if they 
sense a mismatch as you operate. 
Most automatic tuners are rated to 
tune at reduced power to avoid exces- 
sive arcing at relay contacts. If you 
change frequency or even if the wind 
blows your antenna around and the 
tuner starts tuning, the results could 
be dramatic. Some allow disabling 
the auto tune function once you have 
it tuned, others automatically cut back 
on power. In my opinion, it’s better to 


be able to take control yourself. 


Manual Antenna Tuners 


Manual tuners do often provide an 
additional level of control capability. 
Some have switch selectable outputs 
for multiple balanced and unbalanced 
antenna connections. One can be 


dedicated to a dummy load, if you 
don’t (yet) have enough antenna con- 
nections to fill up the jacks. Manual 
tuners often provide SWR and power 
metering independent of that of the 
radio. 

Most automatic tuners tune until 
they reach what they consider a 


reasonable match, perhaps 1.5:1. 
Hopefully it is a value that will allow 
your radio to operate at full power. 
The manual tuner let’s you set it 

to whatever threshold you think is 
best — although if your transmitter 
can put out full power, it won’t make 
much difference. 
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Review Questions 


6-1 What are three potential benefits of using an external tuner at the 
radio rather than an internal tuner in the radio? 


6-2 What are the benefits of an internal tuner? 


6-3 What limitation is common to either internal or external tuners lo- 
cated at the radio? 
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Transmission Lines 





Transmission lines come in many forms, serving many applications. 
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As we have mentioned previously, 
frequently the antenna and radio are 
not in exactly the same place. There 
are some notable exceptions, particu- 
larly in portable hand-held systems 
and various microwave communi- 
cations and radar systems. In most 
other cases, optimum performance 
requires the transmitter and receiver 
to be at some distance from the 


antenna. It may also be a matter of 
combat survival, especially if your 
enemy is equipped with anti-radiation 
weaponry designed to home in on a 
signal. The component that makes the 
interconnection is called a transmis- 
sion line. 

Transmission lines are used in 


places besides radio systems — for 
example, power distribution lines are 


Characteristic Impedance 


a kind of transmission line, as are 
telephone wires and cable TV con- 
nections. In addition to just transport- 
ing signals, transmission lines have 
some important properties that we 
will need to understand to allow us 

to make proper use of them. This 
section will briefly discuss the key 
parameters, 





A transmission line generally is 
composed of two conductors, either 
parallel wires such as we see on 
power transmission poles, or one wire 
surrounding the other as in coaxial 
cable TV wire. The two configura- 
tions are shown in Figure 7-1. Either 
type has a certain inductance and 
capacitance per unit length and can 
be modeled as shown in Figure 7-2, 
with the values determined by the 
physical dimensions of the conduc- 
tors and the properties of the insulat- 
ing material between the conductors. 
If a voltage or signal is applied to 
such a network, there will be an 
initial current flow independent of 
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Figure 7-1 — Parallel wire and coaxial transmission 


lines. 
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what’s on the far end of the line, but 
based only on the L and C values. 
The initial current will be the result of 
the source charging the shunt capaci- 
tors through the series inductors and 
will be the same as if the source were 
connected to a resistor whose value is 
equal to the square root of L/C. 

If the far end of the line is termi- 
nated in a resistive load of the same 
value, all the power sent down the 
line will be delivered to the load. This 
is called a matched condition. The 
impedance determined in this way 
is called the characteristic imped- 
ance of the transmission line, and is 
perhaps the most important parameter 


associated a transmission line. Com- 
mon coaxial transmission lines have 
characteristic impedances (referred to 
as Z,) between 35 and 100 Q, while 
balanced lines are found in the range 
of 70 to 600 Q. What this means to 
us as radio people, is that if we have 
an antenna that has an impedance of 
50 Q and a radio transmitter designed 
to drive a SO Q load, we can con- 
nect the two with any length of the 
appropriate SO Q coaxial cable and 
the transmitter will think it is right 
next to the antenna. The antenna will 
receive most (see next section) of the 
transmitted power and all is well with 
the world! 





Figure 7-2 — Lumped constant equivalent of an ideal 
transmission line. 


Propagation Velocity 





Signals in air dielectric transmis- 
sion lines propagate at almost the 
speed of light in air. Other dielectric 
materials between the conductors 
cause the signals in transmission lines 
to slow down just as we observe with 
light rays traveling through water. In 
many cases, this is not a matter of 
concern, since we often only care that 
the signals get out the other end, how- 
ever, there are some exceptions. 

The velocity can be shown to be 


Attenuation 


reduced by a factor of one over the 
square root of the relative dielectric 
constant of the insulating material. 
Some cable specifications provide the 
relative velocity as a fraction of the 
speed of light. If not, and you know 
the material, most engineering hand- 
books include tables of properties of 
materials. For example, polyethylene 
is acommon cable insulating material 
and has a relative dielectric constant 
of 2.26. The square root of 2.25 is 


1.5, so the propagation velocity in 
polyethylene insulated coaxial cable 
is about 3/1.5 x 10% or 2 x 10* m/sec. 

Some applications actually use 
coaxial cables to provide delayed 
signals in pulse and other applica- 
tions. Having a way to accurately 
predict the delay just by knowing the 
cable characteristics and measuring 
the length of the cable can save a lot 
of lab time. 





The ideal transmission line model 
shown in Figure 7-2 passes all input 
power to a matched load at the out- 
put. A real transmission line also has 
resistance associated with the wire 
conductors and some loss of signal 
due to the nature of the insulating 
material. As transmission lines are 
made larger, the resistance is reduced 
and as the dielectric material gets 
closer to low-loss air, the losses are 
reduced. The skin effect causes cur- 
rents to travel nearer to the surface of 
the conductors at higher frequencies, 
and the effective loss thus increases 
as the frequency is increased. 

‘igure 7-3 provides some real 
world examples of the losses as a 
function of frequency for the most 
common types of transmission line. 
Note that the loss increases linearly 
with length and the values are for a 
length of 100 feet. Note also that the 
losses shown are for transmission 
lines feeding into loads matched to 
their Z,. As will be discussed shortly, 
losses can increase significantly if the 
line is not matched. The “open wire” 
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Figure 7-3 — Loss of some typical transmission lines in dB per 100 

feet as a function of frequency. The RG-58 transmission lines are 50 Q 
polyethelene insulated coaxial cable slightly less than % inch in diameter. 
The RG-8 through RG-216 are 50 and 70 © polyethelene insulated 
transmission lines with a diameter somewhat less than % inch. The 
“hardline” types have a foam dielectric very near to air. 
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line shown consists of two parallel 
wires with air dielectric and infre- 
quent spacers, typically resulting in a 
Z, of around 600 Q. While the losses 
of such a line are low, they only work 
well if spaced from metal objects and 
lossey material and not coiled up, 
while coaxial cables have higher loss, 
all the signal is within the outer con- 
ductor and they can be run in conduit, 
coiled up, placed next to other wires 
and are therefore much more conve- 
nient to work with. 

Sometimes a long straight run of 
open wire line will be transformed to 
50 Q at the ends with coaxial cable 
used at the antenna and radio ends to 
take advantage of the benefits of both. 


Lines with Unmatched 
Terminations 


In our discussions so far, we have 
been talking about transmission lines 
feeding terminations matched to their 
characteristic impedance. In that case, 
the voltage-current relationship at 
the load will reflect the impedance 
of the load — not the characteristic 
impedance. Along the line the voltage 
and current will vary with distance 
providing a load to the transmitter 
end that is generally neither that of 
the far end Z, , nor the Z, of the trans- 
mission line. The transmitter load can 
be calculated knowing the Z, , the Z, 
and the electrical length of the line as 
discussed in the sidebar. 

The ratio of maximum voltage on 
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Caused By Standing Waves 
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Figure 7-4 — 
Additional loss 

of a transmission 
line when 
mismatched. This 
loss needs to be 
added to the loss 
in Figure 7-3 for 
mismatched lines. 
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Line Loss In dB When Matched 





the line to minimum voltage on the 
line is called the standing wave ratio 
or SWR. A matched line has an SWR 
of 1:1, a 50 Q line terminated with a 
25 or 100 Q load will have an SWR 
of 2:1. There are a whole family of 
complex impedances that will also 
have a 2:1 SWR, by the way. The 
computation is easier with resistive 
loads. 

There are some interesting special 
cases with a mismatched line. The 
load impedance, resistive or com- 
plex, repeats every 4/2, for example. 
The impedance goes to the opposite 
extreme in odd multiples of a A/4, 
For example our 25 Q load would get 
transformed to 100 Q in A/4 or 4A 
transmission line sections and vice 


versa. This effect can be used to our 
advantage if we wish to transform 
impedances at a specific frequency. 
In this case, the line is actually acting 
like a kind of antenna tuner. 

A generally less desirable effect of 
mismatched lines is that the losses in- 
crease. This is easy to see, if voltages 
and currents are higher, we might 
expect losses to increase as well. Fig- 
ure 7-4 provides the additional loss 
for a mismatched line that needs to be 
added to the matched loss in Figure 
7-3. As is evident, the combination of 
matched loss and high SWR results 
in dramatic increases in loss. This is 
why antenna designs that don’t use 
matched transmission lines often use 
air-dielectric lines. 


What Can We Do to Reduce Transmission 


Line Loss? 





By now you should have a clear 
understanding of what can happen 
to a signal if applied to an antenna 
system through even a relatively short 
length of coaxial cable that has a high 
SWR. Depending on the matched 
loss, length and SWR, much of your 
signal can disappear before it gets to 
the antenna. 

The insidious aspect of this is that 
while this is happening, the SWR at 
the radio with a collocated or internal 
tuner looks great — a perfect match 
and easy to get it. Losses are like that 
— they tend to result in a wide SWR 
bandwidth, as does a dummy load. 
Not a good thing if you want to com- 
municate over the air. Fortunately, 


there are three fairly straightforward 
approaches to solving this problem: 

* Change the antenna to one with 
either a wide enough bandwidth to 
cover all frequencies of interest, or 
one that covers multiple amateur 
bands with low SWR. This is not a 
topic for a book on antenna tuners, 
but is covered in many books on 
antennas,'? 

® Move the antenna tuner to, or 
close to, the antenna location. This is 
the subject of Chapter 8, or; 

* Use a transmission line that has 
low enough matched loss so that 
even a high SWR doesn’t result in 
high losses. This is the subject of 
Chapter 9. 


Notes 

'J. Hallas, W1ZR, Basic Antennas — 
Understanding Practical Antennas and 
Designs, Available from your 
ARRL dealer or the ARRL Book-store, 
ARRL order no. 9994. Tele-phone 860- 
594-0355, or toll-free in the US 888- 
277-5289; www.arrl.org/arri-store/; 
pubsales @arrl.org. See Chapter 11, 
“Wideband Dipole Arrays;” Chapter 12 
“Multiband Dipole Arrays” or Chapter 
21 “Log Periodic Dipole Arrays,” for 
example. 

?R. D. Straw, Editor, The ARRL Antenna 
Book, 21st Edition. Available from your 
ARRL dealer or the ARRL Bookstore, 
ARRL order no. 9876. Telephone 860- 
594-0355, or toll-free in the US 888- 
277-5289; www.arrl.org/arrl-store/; 
pubsales @arrl.org. 
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Determining the Input Impedance of an Unmatched 
Transmission Line 


The input impedance of a transmission line of TLW. Transmission Line Program for Windows Help | 
any length with any terminating impedance can be Jertinn 20. Copyeght 2000-2003, ARRL, by NEBV. July 22, 2003 s 
determined in a number of different ways. bie Typ ry zs ri 

The most straightforward way is through direct 


calculation. Unfortunately, this is also perhaps the most ef HE Beda MR 
time consuming and perhaps most error prone method, ; pa gre 
at least until you have it set up on a spreadsheet or other 
program that can handle he hyperbolic function. 

My favorite way to determine the input impedance, 
standing wave ratio (SWR) as well as the line loss, is to 
use TLW (Transmission Line for Windows) software that 


Matched-Line Lows: 1 555 dB/100 Feet 


Total Matched-Line Loss: 1.565 45 
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comes with The ARAL Antenna Book.’ The main screen Tenet) eae eee) 
is shown in Figure 7-A performing an analysis of an Gthalmeker 140 ~S 

antenna with a complex load impedance fed through 100 Additional Loss Due to SWR 

feet of coaxial cable. impedance at input 





The antenna input impedance (74.3 + /16.1) is 
inserted in the LOAD box. The + /16.1 indicates an 
inductive reactance with a value of 16.1 Q at the 
frequency of interest (10.1 MHz). A —j value would 
indicate a capacitive reactance, which would be entered 
with a minus sign. The output impedance through 
100 feet of RG-58A 50 2 coax 
is provided at the bottom in both 
rectangular (69.02 — /6.23) and 
polar coordinates (69.53 @ —5.15°), 
along with the SWR at line input 
(1.40:1) and output (1.62:1) as well 
as line loss (1.661 dB) — both for 
the matched case (1.555 dB) and 
the additional loss due to mismatch 
(0.106 dB). That's about everything | 
could think to ask, except which pile 
in the basement has the RG-58A! 

A third way to evaluate the input 
impedance is through a graphical 
method. A Smith chart, see Figure 
7-B, can be used to determine the 
input impedance of a transmission 
line. This was very commonly used 
before the personal computer 
became ubiquitous. In addition to the 
accuracy limitations due to the input 
and output resolution inherent in a 
chart, the Smith chart assumes that 
the line is lossless. This may result in 
significant errors depending on the 
amount of line loss. 


Figure 7-A — The main screen of TLW (Transmission 
Line for Windows) software is shown performing an 
analysis of the condition of the L/D of 10,000 case. 
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Bookstore at www.arrl.org/ 
catalog/ order number 9043 — 
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Figure 7-B — A Smith chart used for the graphical determination of the 
input impedance of a lossless transmission line. 
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Review Questions 


7-1 Describe three reasons it might be desirable to have a transmitter and an 
antenna in different locations. 


7-2 If you want to make a A/4 section of RG-213 for our 10 MHz system, 
how long would you make it? 


7-3 A 1000 W transmitter at 15 MHz is feeding a matched load through 
200 feet of RG-8 transmission line. How much power reaches the 
antenna? Repeat if the frequency is 150 MHz. Repeat both cases if the 
antenna has an SWR of 3:1. 


Transmission Lines 7-7 







Chapter 8 


Moving the Tuner to 
the Back 40 
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Automatic antenna tuners designed for remote mounting. 
On top, one from SGC, beneath a model from LDG. 
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Some automatic antenna tuners transmission line between the antenna 1:] SWR. The line will then have 


are designed to be mounted remotely, — system and the transceiver. With the only the matched loss between the 
rather than being collocated with the tuner at the antenna end, the load at radio and the tuner, not the additional 
radio. We can take advantage of this the antenna end of the transmission loss due to mismatch. 

in order to minimize losses in the line provides very close to a 


An Example of Using a Remote Tuner 


to Minimize Loss 





Figure 8-1 shows the configuration —_ line is RG-58 and that it is 100 feet We will again use the example 
of a transceiver with a remote auto- between the radio and the tuner plus from Chapter 4 of a 20 meter dipole 
matic antenna tuner at the antenna. the tuner is connected directly to the tuned by the tuner to operate on 
Let’s assume that the transmission feed point of the coax fed antenna. 10 meters where its impedance will 


Antenna 
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Figure 8-1 — 
Configuration of a 
transceiver with a 
remote automatic 
antenna located at 
the antenna. 
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Perhaps you will also not be satis- 
fied with moving your tuner to the 
antenna and still losing almost half 
your power in the RG-58. The lesson 
here is that RG-58, while available 


Table 8-1 


Comparison of System Losses for Remote and 
Collocated Tuners — RG-58 


Remote Tuner 


Loss Element Tuner at Radio Beneath Antenna aaik clei citemnateior. tanck te 

Loss in 100’ Cable (dB) 14.7 2.9 ae ee 

Percent Power Lost (%) 96.6 48.1 best choice for even a 100 foot run at 
Power to Antenna at 100 W (W) 3.4 51.9 28 MHz. Of course, it’s much worse 


as you move to VHF, and keep in 
mind that it effects both transmit and 
receive signals. 

One of the lowest loss flexible 
coaxial transmission lines that fits the 
usual UHF coax connectors is Times 
Wire LMR-400. There are similar 


Table 8-2 


Comparison of System Losses for Remote and 
Collocated Tuners — LMR-400 


Remote Tuner 


ee seed — pes at Radio ce Antenna cables by other manufacturers. 

oss in able : ; ‘ : 

Percent Power Lost (%) 86.3 14.1 bag ; a <i hi ly 
Power to Antenna at 100 W (W) 13.7 85.8 in Table | with the lower loss cable. 


Note that while there is measurable 
loss even for the matched case, it is 


ai 
be 3836 © resistive in series with bess than: Heo! an:S units hardly 


790 Q capacitive reactance — an 
SWR of 81:1. Table 8-1 provides the 
comparison in loss for a 100 W out- 


loss is usually very small. The result 
is rather dramatic and illustrates why 
just hitting the TUNE button on your 
internal tuner may not provide sat- 


noticeable, and much less than the loss 
for the tuner located at the radio that 
will result in about a 1.5 S-unit reduc- 


sale : tion on the receiving station’s meter.! 
put transceiver, in each case assuming 


the antenna tuner contributes no loss. 
While this is slightly optimistic, that 


isfactory results even if the result- 
ing radio SWR ends up at a perfect 


match. ‘Notes appear on page 5. 
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Intermediate Steps 





Not all antenna systems are struc- 
tured in a way to allow a tuner to be 
at a feed point. An example might be 
a dipole suspended between two sup- 
ports with a transmission line hang- 
ing in the middle. In this case, it is 
tempting to consider a short coax run 
from the antenna itself to the tuner as 
shown in Figure 8-2. This arrange- 
ment may also be necessary if the 


HF Transceiver 


ARRLO634 


tuner is not waterproof and requires 
shelter from the elements. 

This is a feasible arrangement; 
however, while a substantial portion 
of the loss can be eliminated in this 
way, the loss in the section between 
the tuner and the antenna can still be 
surprisingly high. For example, for 
the RG-58 case of Table 8-1, a 30 
foot run between the antenna and the 


Lightning 
Arrestor 


Multiple Tums 
on Ferrite Core 


tuner would have a loss of 4.4 dB, or 
64% of the power, leaving only 36 W 
from your 100 W transmitter to be 
radiated — if it got to and through the 
tuner without other losses. 

A better way to accomplish this in 
many cases will be to use a section 
of the low loss transmission line 
discussed in Chapter 9 between the 
antenna and the tuner. 


Remote 
Antenna 
Tuner 





Figure 8-2 — Configuration of a transceiver with a remote automatic antenna located beneath the antenna. 
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Remote Antenna Tuners — the Downside 





The use of a remote antenna tuner 
has a few disadvantages. I currently 
use three in various station locations 
and am quite happy with them in 
spite of the downsides: 

© One remote tuner is located near 
my main basement station. I share 
antennas with my spouse (Nancy, 
WINCY), who has an upstairs sta- 
tion. With an automatic tuner that 
can be patched to antennas from the 
W1ZR main station, she has access to 
any W1ZR antenna with low loss in 
the 100 foot coax run to her desktop 
setup. 

© On our sailboat, I use an insu- 
lated backstay as an HF antenna. This 
non-resonant system has a high SWR 
on all bands and requires a tuner 
at the feed point to feed it against 
ground. I have a short lead from a 
corner under the lazerette beneath the 
antenna feed with another short lead 
to the engine block where a ground 
connection is available. Not only does 
it work well on all HF bands, but by 
keeping the radiating portion of the 


system in the corner of the boat, I 
minimize interference between the 
radio and marine navigation systems. 

¢T also have a remote tuner in the 
trunk of my car for my mobile HF 
system. Typical HF mobile antennas 
have very narrow SWR bandwidths. 
By using a remote antenna tuner at 
the antenna base, I can cover entire 
bands, or even tune to lower frequen- 
cy bands than the antenna is designed 
for. While this sort of operation isn’t 
as efficient as adjusting the antenna 
itself, it is much easier than making 
adjustments while driving at highway 
speeds! 

There are a few aspects of remote 
tuner operation that might be disad- 
vantageous for some. One is the fact 
that in most such installations the 
tuner becomes integrated into a par- 
ticular antenna structure. If we have 
multiple antennas, each will need its 
own tuner — a potentially expensive 
proposition.? It also is the case that 
in addition to providing coaxial cable 
to the tuner, one must also provide 


operating power and sometimes con- 
trol signals to the tuner. Some tuner 
manufacturers package the coax, 
power and control into extension 
cable assemblies that can be used for 
this purpose. Another possibility is to 
use a bias-T to insert the power onto 
the coax cable, sharing it between the 
two functions.’ 


Notes 

'The Collins Radio established, 
now industry standard, S-meter 
calibration is that S-9 equals 
50 pV at the antenna terminals and 
each S-unit represents a change 
of 6 dB. To say that not all amateur 
S-meters follow this standard would 
be an understatement. 

2Remotly controlled antenna switches 
may be used to solve this problem, 
although commercial units cost 
as much as some remote 100 W 
antenna tuners. 

3S. Ford, WB8IMY, “Short Takes — 
MFJ-4712 Two-Position Remote 
Antenna Switch,” QST, Sep 2006, 
p 48. 
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Review Questions 


8-1 Why is the quality (loss) of a transmission line more important in the 
mismatched than the matched case? 


8-2 If using an internal tuner in a transceiver, why might the SWR before 
tuning be an important indicator of antenna system efficiency? 


8-3 Why is the SWR before tuning insignificant if an antenna located 
tuner can match to the transmission line Zp? 


Chapter 9 





Transmission Line 
Choices for Low Loss 





Coaxial cables going up one of the towers at 
W1AW, the ARRL Headquarters station 
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The ideal transmission line accepts 
the output power (as well as received 
signal) from its source and delivers 
it to its destination load without loss. 
If the characteristic impedance (Z,) 


is the same as the source and load 
impedances, it delivers it with the 
same ratio of voltage to current. That 
means, for all practical purposes, the 
ideal transmission line is invisible 


Hello Real World! 


to the system. Devices connected to 
both ends act as if they were collo- 
cated, except for the delay in signal 
arrival time, unimportant except in 
special circumstances. 





Unfortunately, ideal transmission 
lines don’t exist, although for many 
applications we can come remark- 
ably close. The primary issue in most 
cases is loss. We just don’t get as 
much power to the far end as we put 
in. There are three primary mecha- 
nisms that result in transmission line 
loss. They are conductor resistance, 
dielectric loss and leakage or radia- 
tion. 


Conductor Resistance 


Figure 7-1 shows the geometry of 
the two primary types of transmission 
line. At (A) is a balanced transmis- 
sion line, while at (B) we have 
coaxial cable of the type discussed in 
the earlier chapters of the book. Both 
propagate signals down the line as 
currents with their associated electric 
and magnetic fields. In a properly ter- 
minated transmission line, the mag- 
nitude of I, will equal that of I, with 
the result that fields at some distance 
will cancel. In the case of coaxial 
cable they cancel at the shield, while 
for balanced line they exist for some 
distance around the line, 

The action of the currents in an 
ideal line can be modeled as shown 
in Figure 7-2 in Chapter 7. The 
model can be analyzed with reason- 
able accuracy in comparison to real 
cable if there are at least 10 sections 
per wavelength, and if the inductors 
and capacitors are modeled as real 
elements, including the resistance of 
the wire and the dielectric loss of the 
capacitors. 

For the case of de, the wire loss just 
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equals the de resistance of the wire, a 
function of its diameter and material. 
As frequencies increase, skin effect 
results in the current moving to the 
outer edge of each conductor. This 
makes the wires electrically appear as 
tubes, with the tube walls getting thin- 
ner as the frequency rises. The thinner 
walls decrease the effective cross sec- 
tional area of the conductors resulting 
in an increase in resistance and thus 
increased loss with frequency. 


Dielectric Loss 


An ideal transmission line would 
consist of conductors with the insula- 
tion between them a perfect lossless 
vacuum. While some transmission 
lines approach this, with air (or even 
special gasses) as the primary di- 
electric, real lines always have some 
lossey material between the conduc- 
tors. 

A lossey dielectric has two signifi- 
cant effects on signals: First, it slows 
the signal to some fraction of the 
speed of light. This is often an im- 
portant consideration in multielement 
driven antennas that rely on accurate 
phasing of signals, but does not enter 
into this discussion. 

Second, dielectric loss results in 
yet another contribution to line loss, 
and this also increases with increas- 
ing frequency. 


Radiation or Leakage Loss 


While generally less significant 
a loss factor than the previous two, 
some signal is lost in a real line due 
to it leaving the transmission line 


before it reaches the intended load. 
In a sense this is more a misdirected 
signal than a lost signal, and, be- 
cause the signals end up in undesired 
places, the interference to other sys- 
tems may be more important than the 
slight reduction in signal delivered 
to the desired load. Still, for either 
reason it can represents a significant 
issue for real lines. 

In the case of coaxial cable, a por- 
tion of the shield resistance (depend- 
ing on the shield coverage) results in 
a current that appears on the outside 
of the shield. The outer shield current 
actually makes the outside of the 
shield act as an antenna with resulting 
radiation detectable along the length 
of the shield. For balanced transmis- 
sion line, the fields cancel wher- 
ever the distance to both wires is the 
same. For a perfectly installed line, 
that means all the places on a plane 
centered between the conductors and 
perpendicular to the line between 
them. 

If the line is not perfectly in- 
stalled, there will be some unbalance 
between the capacitance of each 
wire to ground resulting in a current 
unbalance that results in radiation. 

A similar effect occurs if the load is 
not perfectly balanced. Even in the 
case of perfect balance, there is some 
radiation in directions in which the 
distance to the wires is different. If 
the spacing is a small fraction of a 
wavelength, this radiation is dimin- 
ished within a few times the wire 
spacing. 


How Can We 


Determine Loss? 





Transmission line loss is a design 
parameter that is specified by each 
manufacturer for their cables. The 
line loss is generally specified over 
the usual operating range at a number 
of frequencies, often 1, 10, 100, 1000 
and 10,000 MHz. 


Matched Loss 


Figure 7-3 shows the matched 
loss per 100 feet of representative 
transmission line types. As you make 
choices of transmission line, it is 
important to note that this data is rep- 
resentative — the variation between 
attenuation of different manufactur- 
ers, and even different part numbers 
from the same manufacturer, can be 
striking. Check the manufacturer’s 
Web page for the data sheet of the 
transmission line you are consider- 
ing to be sure you know what you are 
getting. 

For lengths other than 100 feet, the 
loss scales linearly. For example if a 
line has a matched loss of 2 dB at 
100 feet, the same line, at the same 
frequency, will have a loss of 1 dB 
if 50 feet long, and 5 dB if 250 feet 
long. 


Additional Loss 
Due to Mismatch 


By now it should come as no sur- 
prise to find that a mismatched line 
has more loss than a matched one. 
The additional loss due to mismatch 
is a function of both the mismatch 
and the loss if matched. Figure 7-4 


shows the additional loss in dB that 
occurs as a result of a line not being 
matched. 

Note that the SWR shown is the 
SWR as measured, or calculated, at 
the load not the SWR measured at the 
transmitter end of the cable. This is 
particularly important in the case of a 
lossey line since the loss will reduce 
both the power reaching the antenna 
and the power of the reflected wave 
that is used to determine the SWR. 
This can give very optimistic, and 
erroneous results. 

To give an example of this effect, 
consider a 100 W transmitter driv- 
ing a 100 feet of coax with a loss of 
3 dB (50% loss). The antenna will 
see 50 W of power. Lets say 20% 
of the power is reflected due to the 
antenna mismatch. That will result in 
10 W being reflected back toward the 
source. The 3 dB loss results in 5 W 
showing up as reflected power at the 
bottom of the cable. This is quite dif- 
ferent than if the 100 W were applied 
to the antenna on lossless line — in 
that case, a reflected power of 20 W, 


Table 9-1 


not 5 W, would, show up at the SWR 
measurement device. 

Table 9-1 summarizes what we 
have at the two locations. Note the 
rather distressing result. A very ac- 
ceptable measurement of an SWR of 
1.6:1 at the bottom of the coax is the 
result of an unpleasant SWR of 4:1 
at the antenna. In this example, our 
100 W of power results in only 40 W 
radiated from the antenna — yet all 
of our measurements make us think 
we're doing well. Unfortunately, this 
example is not unusual, especially 
at the upper end of HF into the VHF 
range. If it happens at higher frequen- 
cies, it is usually more evident since 
nothing much ends up going in or out 
of the system! The sidebar discusses 
ways that this can be calculated, and 
perhaps avoided, through the use of 
software.' 


'J. Hallas, W1ZR, “Il Know What's 
Happening at the Shack — What's 
Happening at the Other End of my 
Feed Line?” QST, Feb 2007, p 63. 


Forward and Reflected Power and SWR as Seen at Each End 


of a Transmission Line with 3 dB Loss 


Measurement Bottom of Cable Top of Cable 
Forward Power (W) 100 50 
Reflected Power (W) 5 10 
Indicated Reflection Coefficient 0.224 0.447 
Indicated SWR 1.6 4.0 
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How is Transmission line Made? 





You may wonder what is it about 
transmission lines that makes their 
loss performance so different. It all 
comes down to how and of what they 
are made. Figure 9-1 shows typical 
construction techniques of parallel 
and coaxial transmission line types. 
Not shown are lines with mostly air 
as a dielectric, the lines with the least 
loss. Parallel line, so-called open- 
wire line, consists of two parallel 
bare wires with occasional spacers 
designed to keep them apart and at 
about the same distance. The tradi- 
tional insulators were ceramic, how- 
ever, recent lines have used plastic or 
PVC spacers. Mostly air-dielectric 


coax 1s sometimes encountered. Such 
cable that I’ve seen is formed from 
two concentric copper tubes with 
ceramic donut shaped spacers every 
foot or so. 

The characteristic impedance of 
cable is a function of conductor di- 
ameter and spacing. Thus as line gets 
larger, each conductor gets larger for 
the same Z, and thus the resistance is 
reduced, resulting in lower loss with 
larger cable. 

The balanced line (more next 
chapter) has progressively less attenu- 
ation as the Z, gets higher (the ratio 
of series resistance to load resistance 
goes down) and as the polyethylene 
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dielectric is replaced by air, partially 
in the case of window line (C) and 
more completely in open wire line 
described above. 

Coaxial cable loss is similar in that 
foam dielectric is part polyethylene 
and part air. The lines with double 
(E) and solid metal (F, G) shields 
have lower resistance and much less 
leakage. 

Perhaps not surprisingly, all the 
factors that make line have lower 
attenuation, make it more expensive. 
Still, in most systems, for reasonable 
distances, transmission line cost is a 
small part of total system cost, and of- 
ten provides a worthwhile investment. 
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Figure 9-1 — Construction techniques used in making flexible transmission lines. 
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| Know What’s Happening at the Shack — What’s 
Happening at the Other End of my Feed Line? 


If you want to find out — 


Joel R. Hallas, W1ZR here’s the easy way using TLW. 


Technical Editor, QST 





“= =a function of the SWR, not the par- 
| TLW. Transmission Line Program for Windows te} ticular impedance, you can just put 
Version 2.0, Copyright 2000-2003. ARSL, by NEBV, July 22, 2003 2 in an arbitrary impedance with that 
Cable Tyee: [ Belden IE 5] “same SWR and click the INPUT but- 
Fed oR Pra - ton. An easy arbitrary impedance to 
me Vania: uso is just the SWR tines the Z, of 
Charsctedetic 2 S02 3048 Cémns’ Matcheu.Laa Loox the cable, usually 50 ©. For example, 
you could use a resistance of 125 0 


I'm told that one of the more 
frequent questions received by 
QST's “Doctor” has to do with 
folks wanting to determine the 
impact of transmission line losses 
on the effectiveness of their 
antenna system. These questions 


1.87 dB/100 Feet 


Velocdy Factor O8 Max Voltage 300 V Total Matrhedtineloss: 2525 dB 


are often along the lines of 
“| measure an SWR of 2.5:1 at 
the transmitter end of 135 feet of 
RG-8X coaxial cable. My trans- 
ceiver's auto-tuner can tune it to 
1.1, but how can | tell what my 
losses are?” or “How much differ- 
ence will | have if | have a tuner at 
the antenna instead of using the 
built-in tuner?” 

These are important questions 
that almost every amateur opera- 
tor is faced with from time to time. An 
approximate answer can be obtained 
by using the graphs found in any 
recent edition of The ARRL Antenna 
Book showing the loss characteristics 
of many transmission line types, plus 
adding in the effect of an SWR greater 
than 1:1. The SWR at the antenna end 
can be determined from the bottom 
end SWR and the cable loss. Using 
these graphs requires a bit of interpo- 
lation or Kentucky windage, but can 
result in useful data. 


But There’s an Even Better Way! 


Packaged with each of the last few 
editions of The ARAL Antenna Book 
is a CD containing the pages of the 
whole Antenna Book as well as some 
very useful software. The program that 
| use almost daily is one written by 
Antenna Book Editor R. Dean Straw, 
N6BV, called TLW for Transmission 
Line for Windows. 

TLW provides a very easy to oper- 
ate mechanism to determine every- 
thing | usually need to know about 
what's happening on a transmission 
line. When you open the program, 
you are presented with a screen as 
shown in Figure A. This has the values 
plugged in from the last time you used 
it, often saving a step. Let's take a 
quick tour of the inputs: 

Cable Type — This allows you to 
select the cable you would like to 
analyze. A drop-down box provides for 
the selection of one of 32 of the most 
common types of coax and balanced 
lines. An additional entry is provided 
for User Defined Transmission Lines 
that can be specified by propagation 
velocity and attenuation. 





Figure A — The opening screen of TLW, 
illustrating the process described in the 
article. 


Length — In feet or meters, your 
choice. 

Frequency — This is an important 
parameter when dealing with transmis- 
sion line effects. 

Source — This defines the form of the 
input impedance data. Generally, you 
can use NORMAL. 

Impedance — The impedance can be 
specified as what you measure, resistive 
(real) and reactive (imaginary, minus 
means capacitive). This could come 
from your antenna analyzer at either end 
of the transmission line. Note, if you only 
know the SWR, not the actual imped- 
ance, all is not lost — see below. 


Now for the Outputs 


SWR — The SWR is provided at 
each end of the cable. This is an impor- 
tant difference that many people miss, 
important even with a moderate SWR at 
the transmitter end, as we'll see — the 
SWR at the antenna will be much higher 
due to the cable loss. With TLW, you 
instantly know the SWR at both ends, 
and the loss in the cable itself 

Rho at Load — This is the reflection 
coefficient, the fraction of the power 
reflected back from the load. 

Additional Loss Due to SWR — This 
is one of the answers we were after. 

Total Loss — And this is the other, 
the total loss in the line, including that 
caused by the mismatch. 


But Doctor, What if | can Only 
Measure the SWR — Not the 
Actual Impedance? 

Often the only measurement data 
available is the SWR at the transmitter 
end of the cable. Because the losses are 
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to represent an SWR of 2.5:1. This is 
what we've done in Figure A, using 
135 feet of popular Belden RG-8X. 

The results are interesting. Note 
that the 2.5:1 SWR as seen at the 
radio on 28.5 MHz results from a 
7.45:1 SWR at the antenna — per- 
haps this is an eye-opener! Note that 
of the 5.6 dB loss, more than half, 
or 3.1 dB, is due to the mismatch. 
Note that if we used something other 
the actual measured impedance, we 
can’t make use of the impedance data 
that TLW provides. We can use the SWR 
and loss data, however, but that's prob- 
ably what we wanted to find out. 

We can now do some “what ifs.” 
We can see how much loss we have 
on other bands by just changing the 
frequency. For example, on 80 meters, 
with the same 2.5:1 at the transmitter 
end, the SWR at the antenna is about 
3:1 and the loss is slightly more than 1 
dB. We could also plug in an impedance 
calculated at the antenna end and see 
what difference other cable types would 
make. For example, with the same 28.5 
MHz SWR of 7.45 at the antenna and 
135 feet of 1/2 inch Andrew Heliax, we 
will have a total loss of 1.5 dB at 
28.5 MHz. Note that the SWR seen at 
the bottom will now be 5.5:1 and our 
radio's auto-tuner might not be able to 
match the new load. 


But Wait There’s More! 


You can also click the GRAPH button 
and get a plot of either voltage and cur- 
rent or resistance and reactance along 
the cable. Note that these will only be 
useful if we have started with actual 
impedance, rather than SWR. 

Pushing the TUNER button results 
in a page asking you to select some 
specifications for your tuner parts. TLW 
effectively designs a tuner of the type 
you asked for at the shack end of the 
cable. It also calculates the power lost 
in the tuner and gives a summary of the 
transmitted and lost power in watts, so 
you don’t need to caiculate it! 

When you've finished, be sure to hit 
the EXIT button, don’t just close the 
window. Otherwise TLW may not start 
properly the next time you want to use it. 
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Review Questions 


9-1 What parameters make a difference in the matched loss of transmission 
line, mismatched loss? 


9-2 Why is it important to know the SWR at the load, rather than at the 
transmitter to determine transmission line loss? 


9-3 Does coaxial cable or parallel line transmission line tend to have the 
lowest matched loss? 
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Balanced vs 
Unbalanced Lines 





View of three popular types of balanced line. On far 
left, TV type 300 © twinlead, nominal 450 Q “window” 
line and 600 © open-wire line. 
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The careful observer might have 
noted that in Figure 7-3, in Chapter 7, 
the lowest loss line was not the fancy, 
expensive “hardline” coax, but rather 


the much less expensive balanced 
open-wire and window line. This is a 
hard combination to beat — low cost 
and low attenuation, which explains 


its popularity. The other side of the 
coin is that most current radio equip- 
ment is designed to operate with 
unbalanced coaxial line. 


What’s the Story About Balanced Line? 





Before we can go too far, we need 
to discuss what we mean by balanced 
and unbalanced. By a balanced sys- 
tem, we mean one in which the two 
sides are at the same impedance above 
ground. For example feeding the non 
ground end of two 100 Q resistors 
(see Figure 10-1) that have the other 
end grounded will result in a balanced 
200 Q system. In such a case the 
voltage on each side will be the same 
magnitude but 180° out of phase. The 
magnitude of the currents on each 
side will also be the same since the 
voltages and resistances are equal. 

Note that the system would be 
balanced whether or not the ground 
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Figure 10-2 — Two examples of inherently balanced 
antennas, one (delta matched dipole) with a central 
ground (A) and one (split dipole) without (B). 
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connection were there. No current 
flows in the ground lead of the per- 
fectly balanced system, so it could be 
removed without changing the opera- 
tional properties. Figure 10-2 shows 
two examples of inherently balanced 


I) = 1% 
IVal=1Val 





Figure 10-1 — Perfectly balanced 
load, both the current and voltage 
on each side will be in balance. 
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Figure 10-3 — Unbalanced 
resistive load. The signal is applied 
with reference to ground. 
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Figure 10-4 — Two examples of inherently 
unbalanced antennas, a gamma matched dipole at 
(A) and a vertical monopole at (B). 





antennas, one with a central ground 
(A) and one without (B). The ground 
in the first is not actually necessary, 
but can be beneficial for lightning 
protection purposes. For both cases, 
we note that some kind of transition 


The Benefits of Balanced Line 


is required to shift to an unbalanced 
system for connection to the radio. 
The types of transition will be the 
subject of the next chapter. 

An unbalanced system, on the other 
hand, is fed with respect to ground. 


That is, one side of the load is at 
ground potential. Figure 10-3 is an 
example of an unbalanced resistive 
load, and Figure 10-4 is shows two 
antennas with inherently unbalanced 
feed points. 





As noted earlier, balanced line has 
two primary benefits in comparison 
to coaxial cable. Most balanced 
lines, especially those with large 
portions of air dielectric, such as 
window line or ladder line, have a 
significantly lower matched loss 
than most coaxial cables. Even 
though their characteristic imped- 
ance is often higher than desired 
for many antenna systems, the total 
of matched and mismatched loss is 
generally much less than the loss of 
coax — particularly if the coax is not 
well matched to the impedance of 
the load. 

Balanced line is often very 
conveniently connected to balanced 
antennas and is most often encoun- 
tered in that application. It is also 
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Figure 10-5 — One method of 
making homemade low loss open 
wire line. By putting the line in slots 
and securing with tie wires, sliding 
the insulators the length of the line 
can be avoided. 
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frequently found in very long runs 
from unbalanced antennas in which 
the losses (or cost) of coax would be 
prohibitive. In that case, it may be 
worth the effort to transition (Chap- 
ter 11) from unbalanced to balanced 
near the antenna and then back at the 
radio end. 

Most balanced line is relatively 
inexpensive when compared to coax 
— often an important consideration. 
Excellent homemade open wire line 
can be fabricated at low cost from 
two rolls of wire (stranded works 
best, in my experience, particularly 
if subject to flexing) and insulators 
made from inexpensive household 
PVC tubing. Figure 10-5 shows one 
technique. 
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The Downsides of Balanced Line 





As with most aspects of life, there 
are downsides of balanced line as 
well as benefits. While coax cable, 
with its fields contained within the 
shield, can be rolled, buried (if it has 
a direct burial rating) or installed 
within or near pipes without impact- 
ing performance, this is not true of 
balanced line. With balanced line, the 
fields conveying the signal down the 
line are significant not only between 
the wires but outside as well for a dis- 
tance of a few times the wire spacing. 
This means that balanced line can’t 
be placed on the ground, run in metal 
ducts, run through lossey material or 
rolled up, without causing additional 
loss. 

While fields at a distance from bal- 
anced line are small, nearby fields can 
cause interference to other systems, 


particularly those interconnected 
by wiring. In addition, on receive, 
balanced line can pick up interfering 
signals from computers and other 
systems if run too close to them. 

Another potential issue, particu- 
larly with the twinlead or window 
line variants of balanced line is a 
change in characteristics when wet. 
Rainwater can accumulate on the 
web material between the conductors 
resulting in a change to the dielectric 
properties of the line.! 

There are a few things that can be 
done if this is a problem: 

Some have been known to care- 


'B. Allison, WB1GCM, J. Hallas, 
W1ZR,’ A Closer Look at Window 
Transmission Line.” QST, Nov 
2009, pp 66-67. 


fully cut away some of the web to 
reduce the water collection surface. 
To avoid weakening the line, don’t 
cut into the wire if you try this. 

¢[n the “old days,” some ama- 
teurs waxed their twinlead. This was 
reputed to cause the water to bead up 
and run off. Remaining water would 
be concentrated in droplets leaving 
most of the dielectric clear. I haven’t 
seen any data on how effective this 
actually is, nor have I heard of any 
modern amateurs having the patience 
to actually do it! 

In many cases, these potential 
problems can be largely avoided 
through careful planning and instal- 
lation design. If not, it is sometimes 
efficient to make a transition to coax 
cable for some portion of the trans- 
mission line run. 


What About Unbalanced Currents on Coax? 





In the above section, it probably 
sounded as if the fields in coax are 
completely within the coax, thus 
avoiding the downsides of parallel 
or balanced line. That is true for the 
ideal case of properly terminated 
coax, however, there are at least three 
ways in which coax can suffer the 
same limitations as balanced line in 
this regard. In all cases, this results in 
currents on the outside of the shield. I 
have listed them in order of likelihood 
and severity, based on my experience. 

©The coax is not terminated in a 
properly unbalanced load. This hap- 
pens if the coax shield is not con- 
nected to a ground reference at the 
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antenna. The result is that the current 
to the shield splits between the inside 
and outside of the shield. 

©The coax run is coupled to the 
antenna such that the net coupling is 
not balanced at the cable. For a center 
fed antenna, coax should be run per- 
pendicular to the antenna element so 
the coupling from each side cancels. 
If not, even with proper termination, 
there will be currents induced on 
the outside of the shield. For some 
antennas, monopoles or off center 
fed antennas for example, it is almost 
impossible to avoid such coupling. 

©The coax shield itself can be 
leaky. The shield of most coax is not 


perfect and some is far from it. The 
specification sheets often list “percent 
coverage” indicating how well the 
shield covers the center conductor. 
Cables with lower numbers will be 
leakier than those with higher cover- 
age. The current tends to increase as 
it is coupled over longer distances. 

In many cases, the effects of such 
currents are small, but be aware that 
they exist and check them out if 
strange problems appear. A quick 
test is to note the antenna tuning or 
SWR as you run your hand along the 
cable. With properly installed and 
isolated coax, the tuning shouldn’t 
change. 


What Happens If I Feed my Dipole 





Directly with Coax? 


Many amateurs connect their coax 
directly to a balanced center fed dipole 
— center conductor to one side, shield 
to the other as shown in Figure 10-6. 
This is a topic of some controversy 
with as many folk swearing that it 
works fine, as there are those who say 
it causes problems. 

The reason for the disagreement 
may be that there are actually people 
who end up in both camps because of 
the dimensions of their system. Recall 
that due to skin effect, the currents on 
the inside of the shield of a coax cable 
are within a small thickness from the 
inside wall. Thus the outside of the 
coax acts like a completely different 
conductor — it’s as if the insulated 
coax were installed in a pipe that is 
connected to the shield at the antenna 
end. 

If the half wave dipole in Fig- 
ure 10-6 had a center impedance of 
50 Q, typical for relatively low di- 
poles, the balanced antenna would act 
like a 25 © load to each connection 
of the coax, Z,,.. in Figure 10-6. The 
impedance of the outside of 
the shield at the antenna is a bit less 
obvious. This impedance depends 
on the impedance to ground at the bot- 
tom of the cable, usually at a ground 
level and grounded entrance panel, 
and the length of the cable between 
the antenna and the ground terminal. 

Just as with an antenna wire or 
transmission line, this impedance 
varies depending on electrical length. 
If the ground impedance is low and 
the length is a multiple of a half wave, 
the impedance at the top will repeat 
and also be low. On the other hand, if 
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the length is an odd number of quarter 
wavelengths, the impedance will re- 
verse and be high. Lengths in between 
will result in intermediate values of 
impedance, both resistive and reactive. 

If the impedance at the top of the 
shield is of the same order as the half 
dipole impedance, the current will 
divide between the two paths. This can 
have three effects: 

elf the ground at the bottom is not 
of a very low impedance, RF currents 
can enter the radio room and cause a 
number of strange equipment problems 
such as feedback or transmitter lockup. 

©The radiation from the transmis- 
sion line will distort the antenna 
pattern, usually adding an omnidirec- 
tional vertical component. For a single 
element antenna, this may not be all 
bad, since it may tend to fill in the 
nulls that otherwise would be in some 
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Figure 10-6 — 
Dipole fed directly 
with coax. The 
current on the 

left side divides 
between the left 
side antenna 
segment and the 
outside of the 
coax inversely 
proportional to the 
impedances as 
shown. 


Radio Equipment 





directions. For a directional array, 
however, such radiation will reduce 
both forward gain and front-to-back 
ratio — not good things. 

¢ If the transmission line runs past 
sensitive electronic systems, fire or 
intrusion alarm wiring, computers or 
telephone systems, for example, the 
radiation may cause harmful interfer- 
ence in either direction. 

Note that for a low impedance 
antenna, such as our dipole and most 
coax fed antennas, there are a small 
number of lengths that will result 
in such problems. With a multiband 
antenna the possibilities of problems 
increase directly with the number of 
bands covered. Thus it is not surpris- 
ing that many don’t think any precau- 
tions are necessary. Still, it can’t hurt 
to avoid them, much of the subject of 
the next chapter. 
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Review Questions 


10-1 Under what conditions is unbalanced transmission line most 
appropriate for antenna to radio connections? 


10-2 Repeat question 10-1 for balanced transmission line. 


10-3 Why do some people report problems with balanced antennas 
connected directly to coax while others observe no difficulties? 
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So What’s a Balun, 
an Unun, a Choke? 





Two homemade baluns 
surround a commercial balun. 
On the left a 1:1 choke balun 
made of miniature coax, in the 
center a commercial 9:1 balun 
designed for 450 © systems 
and on the right a homemade 
4:1 (200:50 ©) balun. 
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Baluns are devices that provide a 
transition between unbalanced and 
balanced systems, impedance trans- 
formation or a combination of both. 
The name balun comes from BAL- 
anced to UNbalanced and each part 
is pronounced the same way as in the 
separate words. 

Sometimes you will encounter 


When are Baluns Necessary? 


an unun. The unun (UNbalanced to 
UNbalanced) provides an intercon- 
nection between two unbalanced 
systems, either to change the system 
impedance, to force all currents into 
the inside of a coaxial transmission 
line or usually both. 

A choke refers to an inductance 
that offers a high impedance over a 


particular frequency range. A choke 
wound with coaxial cable has its 

high impedance only to currents on 
the outside of the coax shield, the 
inductances of the inner conductors 
effectively cancel. As we will discuss, 
such a choke can be used either as a 
balun or an unun. 





We have discussed unbalanced 
line such as coax cable, balanced line 
such as twinlead, window or ladder 
line as well as balanced and unbal- 
anced loads. We should point out that 
virtually all transmitters or transceiv- 
ers built since the 1950s are designed 
to work into an unbalanced load — 
made evident by the coaxial connec- 
tor used for the antenna connection.' 

There are many antennas designed 
to operate with a coaxial cable 
connection. These antennas can be 
connected directly to the radio with 
coaxial cable if they present the 
desired load to the transmitter. In 
this case, no transition is required, 
the entire system is unbalanced. This 
system can work well and neither an 


‘The shift to the use of coaxial cable 
happened because coaxial cable 
became available after WW2 
coincidentally with the popularity of 
broadcast television. Transmitters 
with shielding, filtering and coaxial 
RF connections were less likely, 
if properly designed, to cause 
interference problems with TV sets. 
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antenna tuner, nor a balun, is required 
for proper operation. The one excep- 
tion occurs if there is coupling from 
the antenna to the transmission line, 
resulting in undesired coax shield 
current in which case a common 
mode choke is recommended. 


What’s Wrong with 
this Picture? 


The unbalanced antenna, unbal- 
anced transmission line and unbal- 
anced radio make a simple and 
straightforward arrangement that 
is easy to operate. Unfortunately, 
in many cases, the antenna only 
provides an appropriate match over 
a narrow frequency range — often 
narrower than an amateur band, for 
example. This has two effects: 

elf the SWR at the transmitter 
reaches a higher value than the trans- 
mitter can operate into, it will usually 
reduce the power output to avoid 
damage to internal components. 

While the losses for matched co- 
axial cable can be made acceptable by 
selecting the proper cable for the fre- 
quency and length, the losses generally 
go up quickly with increasing SWR. 
As noted previously, this actually 


makes the SWR at the transmitter look 
better; however, significant power may 
be lost (turned into heat) in the cable. 
Many amateurs choose instead to 
use a balanced antenna fed with lower 
loss balanced line in this case. As will 
be discussed later, this often makes 
what would be a single band antenna, 
if fed with coax, into a multiband 
antenna. We then are faced with a 
balanced load and an unbalanced 
transmitter output connector. 


What Happens if We Plug the 
Balanced Line into our Coax 
Connector? 


While not recommended. you can 
actually make the connection, if 
pressed. Arguably, it is not much 
worse than the previously discussed 
case of hooking unbalanced coax line 
to a dipole antenna. In this case, how- 
ever, the shield side of the transmitter 
output is connected to ground and a 
fraction of your output power will flow 
in that direction radiating within the 
room instead of towards the desired 
direction. If the ground is not solid, 
you can end up with RF on all your 
equipment, causing various strange 
and sometimes uncomfortable effects. 


What do We Mean by Balanced 


to Unbalanced? 





The balun makes the transition 
from an unbalanced system, such as 
the transceiver, to a balanced system, 
such as a balanced transmission line. 
A balun can be used between a bal- 
anced dipole and a coaxial cable to 
avoid the problem of current being 
driven down the shield of the coax, 
or it can be used between the unbal- 
anced transmitter and a balanced line 
to result in the current going towards 
the antenna as shown in Figure 11-1. 

As noted previously, sometimes 
a balun is also used to transform 
impedances. For example, in the case 
of a 50 Q antenna, a 50 Q transmitter 
and the use of low loss 450 Q trans- 
mission line, a balun with a 9:1 im- 
pedance transformation ratio allows 
a straightforward interconnection as 
shown in Figures 11-2 and 11-3. 

Of course there is still no such 
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Figure 11-1 — A balun inserted between the 
unbalanced output of a transmitter or transceiver and 


a balanced antenna system. 





thing as a free lunch. In order to use 
the low loss balanced line in this 
configuration, the added loss in each 
of the two baluns must be considered 
as part of the equation. Measurements 
I’ve taken of commercial HF 9:1 
baluns have indicated that losses of 


Figure 11-3 — Photo of a model of the system of Figure 11-2 using 


about 0.5 dB each should be antici- 
pated. It doesn’t usually take too long 
arun of line before the balun loss is 
compensated for by the higher loss of 
the coax. This depends on both length 
and frequency. 





commercial 9:1 baluns. The twist in the window line is intentional. An 
occasional twist reduces wind effects and tends to maintain balance in 


the system if near objects. 
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Figure 11-2 — The use of baluns with a 9:1 impedance 
transformation ratio makes it easy to use low loss 


450 © balanced transmission line for long runs. 


So What’s a Balun, an Unun, a Choke? 
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Balun Location 





A balun can be inserted anywhere 
in a system between a coaxial con- 
nection and the balanced load. As 
shown in Figures 11-4 and 11-5, 
the connection between an unbal- 
anced radio and a balanced dipole 
can include a balun at either end of 
the transmission line run. Here we 
have used a dipole with a delta match 
adjusted to provide a 450 Q balanced 
load at the antenna. 

While the configurations of 
Figures 11-4 and 11-5 appear to be 
equivalent, and both can work well as 
shown, there are advantages to each: 

©The configuration of Figure 11-4, 
using a long run of 450 Q balanced 
line, will usually have less loss than 
the system in Figure 11-5 due to the 
characteristics of the transmission 
line. The difference will depend on 
the frequency, line length and type of 
coax. Some representative loss figures 
are shown in Table 11-1. 

© Using coaxial cable for the run, 
as in Figure 11-5, has its own advan- 
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tages. The principal one is that coax 
is less fussy about how it is placed 
than is balanced line. While coax can 
be run in metal conduit, coiled up and 
some types can be buried — this is 
not the case with balanced line. With 
properly installed coax, the fields are 
entirely within the coax, making it in- 
sensitive to its surroundings. Parallel 
conductor balanced line, on the other 
hand, has significant fields between 
the conductors and extending out to 


Table 11-1 


a few times the wire separation in 
all directions. In order to obtain the 
benefits of such line, it needs to be 
spaced that far from metal structures 
and lossey media. 

Note also that it is not necessary to 
have the run entirely with one type of 
line. For example, a long aerial run of 
balanced line can be transitioned to 
coax near the radio with a short run of 
coax going through conduit or other 
balanced line hostile environments. 


Comparison of Transmission Line Losses of Different Lines at 


Different Frequencies 


Line Type 

Balanced Line 1 
300 Q Transmit Twinlead 0.09 
450 Q Window Line 0.02 
600 Q Open Wire Line 0.02 
Coax Cable 1 
RG-58 0.37 
RG-213 0.18 
LMR-400 0.12 


Matched Loss at Frequency (MHz, dB per 100 feet) 


10 100 1000* 
0.3 1.1 3.9 
0.08 0.3 1.1 
0.06 0.2 0.75 
10 100 1000 
1.4 5.3 20 
0.7 2.5 8.6 
0.39 1.3 4.2 


*Spacing may be too wide for efficient operation at this frequency. 
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Figure 11-4 — Delta matched 450 © dipole fed by 
low loss 450 © balanced line to a 9:1 balun at the 
transmitter. 


Figure 11-5 — Dipole fed by a 9:1 balun and 50 © 
coaxial cable to the transmitter. 
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The Different Balun Configurations 





There are a number of different 
balun configurations. They range 
from simple chokes that force (most 
of) the current that otherwise would 
be on the shield of coax to the in- 
tended load to more complex devices 
that combine balanced to unbalanced 
transitions and impedance trans- 
formations in a single device. The 
following is a summary of the more 
common types. 


Choke Baluns 


Choke baluns are found on the 
coax side of a balanced to unbal- 
anced transition. As noted previously, 
if a balanced load, such as a dipole 
antenna, is fed directly by coax, 
the current on the shield side of the 
connection will split between the con- 
nected half dipole and the outside of 
the shield in a ratio inversely propor- 
tional to the two impedances. The 
idea of the choke balun is to increase 
the impedance of the outside of the 
shield by adding inductance and thus 
reducing the current that flows down 
the outside of the shield. If no current 
were to flow down the shield the cur- 
rent to the each side of the antenna 
would be the same as if the coax were 
a balanced line on the antenna side. 

Air wound coax loops — The 
simplest form of choke is just a coil 





Figure 11-6 — Choke balun made from a coil of 
coax. Such a balun can be effective over about a 2:1 
frequency range. 


of coaxial cable as shown in Fig- 
ure 11-6. Note that for the so called 
differential mode signal, the desired 
signal inside the coax, this coil just 
acts like a few feet of transmission 
line. The common mode signal, any 
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undesired signal on the outside of 
the coax, sees the effect of the coil 
inductance. 

This configuration has been evalu- 
ated at length with results reported 
in The ARRL Antenna Book. An 
example is a six turns in single layer 
coil of coax with a diameter of 4.25 
inches, This coil will have an imped- 
ance ranging from 514 Q at 14 MHz 
to 1079 Q at 29 MHz, very suitable 
for feeding a dipole or triband Yagi, 
for example. Such coils are some- 
times scramble wound rather than 
being wound in a single layer. While 





Figure 11-7 — Choke balun made by passing multiple 
turns of coax through a ferrite toroidal core. 


stiff coax. 


So What’s a Balun, an Unun, a Choke? 


Figure 11-8 — Using multiple single turn “coils” 
in series — a good solution for large diameter or 
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Figure 11-9 — The bazooka 
quarter wave choke balun made 
by providing a shorted line section 
around the shield of a coax cable. 


they can be moderately effective, they 
usually suffer at higher frequencies 
due to excessive capacitance between 
turns. The only other effect of the 
coax coil is any attenuation due to the 
additional length of coax, in this case 
about 7 feet. 

Ferrite toroid coils — The ef- 
fectiveness of a choke coil can be 
improved by winding it on a ferrite 
toroidal core, as shown in Figure 
11-7. The coil can be either a pair of 
wires wound together around the core 
or coax cable, either extra thin coax, 
or the type used for the transmission 
line. A coil of 12 turns of thin coax 
on a type FT240-61 core makes an 
effective choke over the range from 
1.8 to 30 MHz. 

A popular alternate method is to 
use a number of single turn ferrite 
“coils” in series as shown in Figure 
11-8. While this can be effective, it is 
worth pointing out that the inductance 
of N such inductors in series equals 
N times the inductance of a single 


11-6 Chapter 11 


75-Q Coax Any Length 





Figure 11-10 — The % wave 4:1 
impedance transforming balun. 


inductor. On the other hand, the in- 
ductance of multiple turns through a 
single toroid goes up by the square of 
the number of turns. Still if the coax 
is thick, or hard to bend tightly, this 
is a very workable solution. It has the 
additional advantage that the capaci- 
tance between “turns” is less than 
with a coil, so it will tend to be more 
effective at higher frequencies. 
Ferrite rod coils — Some baluns 
are wound on sections of ferrite rod 
rather than the toroid, donut shaped, 
cores. These can work as well as the 
toroids, however, the toroids have the 
advantage that the fields are con- 
tained within the core, while the rods 
have fields between the ends outside 
the core, making them more fussy 
about their surroundings. Sometimes 
the available space will point towards 
one versus the other. All other things 
being equal, | prefer the self shielding 


toroids, if feasible. 

Transmission line sections — A 
quarter wave long section of trans- 
mission line, shorted at the far end, 
has a high impedance at the near 
end. This property can be used as a 
choke at the particular frequency that 
the line section is that length (or odd 
multiples). This is called a bazooka, 
due to the use of large concentric 
structures as shown in Figure 11-9. 
This is a particularly popular arrange- 
ment at VHF and higher, since the 
dimensions are reasonable and wide- 
band properties of the ferrite baluns 
and chokes are often not required. 


Transformer Baluns 


The half-wave coax loop — One of 
the early forms of transforming balun 
was also made of coax cable, this 
time an electrical 2 wave long. This 
cable was formed into a loop with 
one end on each side of the balanced 
load as shown in Figure 11-10. The 
unbalanced line was connected to one 
side of the balanced load. 

The half wave loop provides a copy 
of the signal from the coax feedline 
delayed by 180°, and thus out of 
phase. Each of the two signals see 
an impedance of half of total 300 Q 
load, or 150 Q. Because the imped- 
ance on a halfwave (or multiple) of 
a transmission line repeats itself, the 
loop will bring the 150 Q impedance 
back to the feedline junction. The 
parallel combination of the two 
150 Q signals at the feedline junc- 
tion is thus 4 of the total load or 
75 Q. Note that since a half wave 
length of transmission line repeats 
whatever impedance is there, this 
will transform any impedance 
to 4 the value on the single fre- 
quency. 

The half-wave loop transforming 
balun is very efficient, with the only 
loss or imbalance a result of the loss 
in the loop of coax. A disadvantage 
is that they only operate on (or close 
to) the frequency at which the loop 
is 4 wave (or multiples) long. These 
are frequently used to feed VHF and 
UHF Yagis that operate on a narrow 
band of frequencies making the nar- 
row bandwidth irrelevant. 

Ferrite transformers — Broadband 


Unbalanced 


1:1 Balanced to Unbalanced 
Voltage Balun 


(A) 


Unbalanced 


Z-Unbal 
Toroidal ccgeeced 


42 
Balanced 


4:1 Balanced to Unbalanced 
Voltage Balun 


(B) 





Figure 11-11 — Schematic and pictorial view of a broadband ferrite core 


4:1 impedance transforming balun. 


baluns can be made using the same 
kind of ferrite structures described 
previously as transformers. They fre- 
quently are made with multiple wind- 
ings that can be connected in series or 
parallel to provide multiple transfor- 
mation ratios. The 4:1 balun shown in 
Figure 11-11 is an example of such a 
balun that functions similarly to the 

¥2 wave coax loop balun. 

Current and Voltage Baluns — 
Depending on the details of their 
design, a balun can be made to force 
either the current or the voltage on 
the balanced side to equal each other. 
Note that in a perfectly balanced 
load, in which each side has the same 
impedance to ground, if the voltages 
are equal so will be the currents and 
vice versa. 

Unfortunately, in our real world, 
often an intended balanced load, 
isn’t quite. For example, an other- 
wise balanced antenna may become 
unbalanced if one side is closer to the 
ground, or to a metal structure, than 
the other. If the balun is intended, as 
most are, to keep currents off the out- 
side of coax shields, then by forcing 
the currents to be equal your objec- 
tive is most likely to be met. 


Selecting Baluns for Use in Your System 





Within the constraints listed above, 
any of the general type of baluns 
described can be selected for use. 
Most baluns have a specified input 
and output impedance and power rat- 
ing. These should be matched to your 
application. The transformation ratio 
does not apply for any impedance, 
rather for the design center of the 
balun. For example a 4:1 balun de- 
signed to transform a 200 Q balanced 
load to 50 Q coax, can not counted on 


to provide a 4:1 transformation to a 
2000 Q balanced load. 

In practice, the transformation is 
likely to be close to the specified ratio 
for perhaps a 4:1 mismatch — in the 
previous case that would be from 50 
to 800 Q. Outside of that range, they 
may continue to function as a balun, 
however, the transformation ratio will 
be different and the losses will tend to 
increase. 


So What’s a Balun, an Unun, a Choke? 


A mismatch will also increase the 
stress on the balun. The current or the 
voltage will be higher by the square 
root of the SWR or mismatch ratio 
and thus the ratings should be in- 
creased appropriately. After use (with 
power off) a good check at a 100 W 
or higher power station is to put a 
finger on the balun to check the tem- 
perature. Any increase above ambient 
is cause for reconsideration. 
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REVIEW QUESTIONS meme 


11-1 Provide three reasons for using a balun. 


11-2 What are the relative advantages of having a balun at a balanced 


antenna feed point versus having a long run of balanced line to a 
balun near the transmitter? 


11-3 What are the consequences of operating a balun at an impedance far 
from its design point? 
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Chapter 12 





Balanced Antenna Tuners 





A classic 275 W E. F. Johnson “Matchbox” balanced antenna 
tuner from the 1950s. Still a viable tuner useful to 750 W PEP and 
available at hamfests and auction sites. A 1 kW model, useful 
above the US legal limit, was also offered. 
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We’ ve been talking about antenna tuners and balanced line in 
the same sentence, even though we haven't addressed the issue 
of the kind of tuners to use with a balanced load. Now it’s time. 


What’s a Balanced Tuner? 





While we haven’t specifically ad- 
dressed the question, the tuners we’ve 
been talking about so far have been 
really what could be called unbal- 
anced tuners. You can usually spot 
an unbalanced tuner by its input and 
output connector arrangements. In 
some cases, they have a coax connec- 
tor for unbalanced cable on both the 
radio and antenna system sides. Other 
unbalanced tuners have a coax con- 
nector for the radio side and a single 
terminal intended for a wire antenna 
and another for a ground connection. 

Some unbalanced tuners have 
another pair of connectors that are 
designated for “balanced loads” but 
the transition occurs after the tuner 
function using an internal balun. 
While these can be useful for driving 
balanced loads, as we will discuss, 
they are really two distinct pieces, 
an unbalanced tuner followed by a 
balun. 


Enter a Truly Balanced Tuner 


The tuner configurations shown 
in Figure 3-3, in Chapter 3, are all 
inherently unbalanced since ground is 
on one side of each, Any of them can 
be converted to a balanced configura- 
tion by essentially providing a mirror 
image on the other side of ground. 
The configurations of Figure 3-3 are 
shown in balanced form in Figure 
12-1. A quick look at the figure will 
indicate that we now have something 
we probably didn’t want — a bal- 
anced to balanced tuner! 

The one configuration that can 
be easily transformed to a balanced 
to unbalanced tuner is the tuned 
transformer in Figure 12-1 (A). This 
is because the transformer coupling to 
the radio (left) side of the transformer 
does not maintain the same ground 
reference. Thus one side of the pri- 
mary (left) winding can be grounded 
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resulting in an unbalanced connec- 
tion. This is exactly what the 1950s 
era Johnson Matchbox did, perhaps 
explaining why it is still in demand 
today. 


Unbalancing One Side 


The other configurations in Fig- 
ure 12-1 require a balun on the 50 Q 
side to fit into coaxial fed systems. 
While this may seem about the same 
as putting the balun on the antenna 
side of the tuner (more in next sec- 
tion), the difference here is that we 
transform the widely variable bal- 
anced antenna system impedance on 
the right side to a 50 Q balanced load 
on the left in Figure 12-1. We then 
can use a 1:1 50 Q balun to transform 
to unbalanced for coax connectivity. 
Alternately, some tuners are designed 
to transform to a 200 Q balanced 


50 Q 


(A) Balanced Tuned 
Variable Transformer 


ra pals Z<50 


(B) L-network for Z <Z, 


load, to be followed by a 4:1 balun 
for connectivity to 50 Q coax. 

In either the 1:1 or 4:1 case, we 
have the advantage that the baluns 
are Operating at their design imped- 
ance. They will offer minimum loss 
and will operate with their expected 
transformation ratios. 


There’s Always a Price 


A possible downside of the bal- 
anced antenna tuner designs is that 
the nature of the beast requires 
significantly more — but not quite 
twice — as many components as the 
same unbalanced configuration. The 
usual antenna tuner components, for 
medium to high power tuners, are 
both large and pricy. This results in 
ramifications in terms of both cost 
and size. There is, after all, still no 
such thing as a free lunch. 


D) Balanced 1t-network 


(E) Balanced High-pass 
T-network 


(C) L-network for Z > Z, 
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Figure 12-1 


F) Balanced Low-pass 
T-network 





— Configurations of balanced antenna tuner versions of the 


unbalanced tuners in Figure 3-3, in Chapter 3. 


A Balanced Tuner versus an Unbalanced 


Tuner with a Balun 





As you look over the features of 
commercial antenna tuners, you will 
see many with “balanced outputs.” 

In most cases, these are inherently 
unbalanced tuners, with a balun on 
the antenna side to transform to a bal- 
anced load. Many people, including 
your humble servant, have been hap- 
pily using such tuners for years — so 
what’s the problem? 

Well, the simple answer is — there 
may not be a problem! If the imped- 
ance at the bottom of your balanced 
feed line (generally quite different 
from either the antenna impedance 
or the transmission line characteristic 
impedance, if the line is not matched 
to the antenna) can transform to an 
unbalanced impedance through the 
balun without difficulty — there is no 
problem — you’re done! 

On the other hand, if the imped- 
ance at the balun is very different 
from its design point, you may have 
a number of problems, most signifi- 
cantly loss in the balun. While balun 
loss is not great in its own right — to- 


roid cores are not very good heat ra- 
diators. Any balun loss will transform 
itself into heat and may destroy the 
balun’s ferrite core in the process. 


The Good News Is 


While there are exceptions, many 
unbalanced tuners, including those 
with a balun for balanced loads, of- 
fer additional features compared to 
many “balanced” tuners. My fairly 
typical unbalanced L-network tuner, 
for example, has three outputs for 
unbalanced coax terminations and 
a fourth that can either be coax or 
balanced, using an internal 4:] balun 
on the output side. In addition to my 
main balanced multiband antenna, I 
have a few other antennas that are fed 
by coax. Thus the tuner provides a 
convenient point for them all to come 
together with easy switching between 
them. With a single switch on the 
tuner, I can instantly select any of the 
four antennas — either through the 
tuner, or bypassing the tuner, if they 
are matched systems. Most balanced 


tuners just provide a connection to a 
single balanced antenna system. 

In terms of keeping common mode 
RF currents out of your station, it 
really doesn’t matter which side of 
the tuner has the balun — its choking 
impedance has the same effect. 


If it Doesn’t Play 


If an unbalanced tuner with a balun 
doesn’t work well with your antenna 
system on a particular band, you may 
be able to recover. The fact that it 
doesn’t tune usually means that the 
balanced line has a high SWR (if it 
were matched, to say 450 Q, the tuner 
and balun combination could prob- 
ably handle it without difficulty). Be- 
cause of the nature of the mismatched 
line, changing the length will have a 
profound effect on the impedance as 
seen by the tuner. Try inserting about 
Ys wavelength of line and see what 
happens. Be sure to observe the usual 
cautions about balanced line — such 
as not coiling it up. 
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Another Possibility — The “Hot” Tuner 





Impedance transformation through 
an unbalanced tuner will not “know” 
it is unbalanced unless one side of 
the tuner is grounded. Thus it is quite 
possible to use an inherently unbal- 
anced tuner into a balanced load if 50.Q Output 50 0 Chok aaa seg 
it is isolated from ground. This can Transmitter Output 
be accomplished as shown in Figure 
12-2 for a remote automatic tuner. (to nner OUTER 

The configuration in Figure 12-3 _ Chassis only) _/ 
makes this quite convenient, how- 
ever, it can also be accomplished 
using a manual tuner in the station. insulated 
The difficulty with the tuner in the ARRLOS46 — 
station is that it generally is designed 
so that the cabinet is at what it thinks 





Figure 12-3 — Manually tuned version of an unbalanced tuner isolated 


is “ground” potential. [fit is isolated 9m ground driving a balanced load. Note the insulated additional layer of 
from ground, the whole cabinet is at cabinetry. 


the potential of half the RF voltage 
feeding the antenna. This can be 


uncomfortable for the operator, unless The hot chassis problem has been extensions on the controls as shown 
she uses oven mitts to make adjust- solved by at least one published de- in Figure 12-3. I’m not aware that 
ments. An unsuspecting cat can get sign in which what would be the cabi- this has been offered as a commercial 
quite a curl as it passes by during a net is insulated from and inside an product, however, it is feasible — if 
transmission! additional cabinet with insulated shaft not simple to implement. 


Remote 
HF Transceiver Lightning Antenna 
: oe aoe Multiple Turns Tuner 
or ; on Ferrite Core 
sistsisistsl 2 on a) 


ARRLO598 





Figure 12-2 — Unbalanced tuner isolated from ground driving a balanced load. The common mode choke on the 
radio side maintains the balance on the antenna side. Note that it is necessary to provide a choke on all bakin 
connections, as shown, in order to elevate the whole tuner above RF ground. REMoTE TUWER 
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Review Questions 


12-1 Why might an inherently balanced tuner be a good idea? 


12-2 What difference does it make whether a balun is on the input or 
output of an antenna tuner? 


12-3 What kind of problems might you have using an unbalanced tuner 
with a balanced load? 
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Antennas That Work Well 
with Antenna Tuners 


————— 130 Feet ——e 


“_ 450 or 600 0 
Balanced Line 
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Lightning saianu ama 
Arrestor fan Bo 


Station Earth 
Ground 





The center-fed Zepp is a very popular antenna with those having a wide-range 
antenna tuner. 
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There’s no magic antenna that goes well with a tuner — in fact, virtu- 
ally any antenna can benefit from a tuner under some circumstances. 
Here we will discuss how a tuner can increase the flexibility and 
usefulness of some popular antennas. 


The Coax Fed Dipole 





In Chapter 2, we discussed the 
nominally matched dipole and the 
limitations on its bandwidth within a 
given SWR. For example, to have a 
single low 80 meter dipole be useful 
across the entire band, we may need 
to deal with an SWR as high as a 10:1 
as shown in Figure 2-7, in Chapter 2, 
although at many heights, the SWR 
will not rise beyond 5 or 6:1 at band 
edges. Most other examples shown in 
Chapter 2 have more reasonable SWR 
characteristics. Still, in many cases an 
SWR higher than 2:1 may be encoun- 
tered, requiring an antenna tuner to 
permit proper transmitter operation at 
band edges. 


A Dipole Operated on an 
Odd Harmonic 


A special case of the dipole is one 
used on its third harmonic. A very 
popular amateur antenna is a 40 meter 
(7 to 7.3 MHz in the US) dipole 
also operated on 15 meters (21 to 


= SWR Plot: 40M thin Dipole 
Fle Edit Yew Options 


21.450 MHz). This is often stated as 
if it were a straightforward arrange- 
ment, however, it is just a bit more 
difficult to achieve than would be 
implied by some. A tuner makes it 
much easier. The difficulties arise 
particularly due to two factors: 

The nominal impedance of a 
¥% 2. dipole in free space is about 
110 ©, rather than 72 Q for a A/2 
dipole. While the actual imped- 
ance will vary above and below this 
number, depending on height above 
ground, this often gives us a higher 
SWR than 2:1 to start with. 

@The third harmonic of 7.15 MHz, 
the center of the 40 meter band, is 
21.45 MHz, the very top of the 15 
meter band. 

Figure 13-1 shows the modeled 
SWR of a wire 40 meter dipole cut 
for mid band at a height of 40 feet. 
Figure 13-2 shows the SWR of the 
same antenna operated on 15 meters. 
Obviously, this isn’t going to work out 


east 
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zo 


as Well as some folks hypothesize. 

Many wide range tuners could 
compensate for the SWR at the 
transmitter. As discussed in 
Chapter 7, however, the losses in a 
coax cable with a 10:1 SWR at 
21 MHz may result in more loss than 
can generally be tolerated, although 
it certainly could be used in a pinch. 
Because the losses in mismatched 
coax are less at lower frequencies, 
the concept can be salvaged by 
optimizing the dipole as a 15 meter 
% d. dipole with the results shown in 
Figures 13-3 and 13-4. 

Note that the lengthened antenna 
has an SWR of less than 3:1 across all 
of 15 meters, significantly reducing 
the transmission line loss associated 
with Figure 13-2. While the SWR on 
40 meters is no longer delightful, it is 
reasonable from a transmission line 
loss standpoint. The resulting antenna 
can work well with some nominal 
“3:1” SWR tuners that work beyond 
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Figure 13-1 — 50 ©. SWR of a 40 meter dipole at 40 feet 


cut for mid band. 
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Figure 13-2 — SWR of the 40 meter dipole of Figure 


13-1 across 15 meters. 
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Figure 13-3 — SWR of the 40 meter dipole of Figure 
13-1 lengthened to be optimized for 15 meters across 


15 the 15 meter band. 


their specs, and is an easy job for 
wider range tuners. 
Dipoles Can Benefit 


The preceding examples illustrate 
ways in which a simple dipole can 


Freq 
SWR 
zZ 


40 meters. 


benefit from an antenna tuner. For 
any dipole, the tuner can compen- 
sate for imperfect length adjustment, 
often a convenience. The one caution 
is that even if the tuner can match 
the resulting impedance, the loss in 


Tuned Yagi Arrays 
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Figure 13-4 — SWR of the lengthened (15 meter 
optimized) 40 meter dipole of Figure 13-3 across 


the mismatched transmission line 
between the tuner and the antenna 
can be an issue, even if all seems well 
at the transmitter. Take another look 
at Chapter 7. 





We often think of the popular HF 
Yagi beam antenna as one that is fed 
directly with 50 Q coax with low 
SWR and without any need for a tuner. 
This is certainly the sense one gets 
from the specification sheet, yet some 
highly tuned Yagis, particularly those 


operating on multiple bands, have 
trouble providing a close match from 
band edge to band edge, particularly if 


optimized for the CW or SSB segment. 


In most cases, even though the SWR 
may be marginal at the far edge, there 
is still beneficial gain and front to back 


Antennas That Work Well with Antenna Tuners 


ratio. This is exactly the place for a 
limited range internal tuner to be ap- 
plied, since the SWR is often less than 
3:1. My sense is this is what they had 
in mind when these 3:1 tuners were 
designed — compensating for the just 
out of tune coax fed dipole or Yagi. 
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Single Wire Fed Antennas 





There are a number of antennas 
that are designed to be fed as a single 
wire, without any transmission line. 
Some are field expedients, however, 
others are well thought out designs 
that can offer excellent performance. 


Single Wire Antennas 


Single wire antennas go back to the 
very beginning of amateur radio — 
the days before anyone thought of a 
transmission line. The most common- 
ly used transmitting antenna in the 
early days was a short vertical (we’re 
talking below 200 meters, so every- 
thing was short!) with top capaci- 
tance loading of multiple horizontal 
wires. They were used on shipboard, 
shore and ham stations alike, and 
worked well enough to get the signals 
through. 

These days, a “random length” 
single wire is often used as an easy 
to deploy temporary antenna or, 
for some, using very thin wire, as 
an unnoticeable stealthy antenna if 
neighbors or deed restrictions object 
to “antennas.” They can be effec- 
tive, especially if fed against a good 
ground system, and if they are at 
least 2/4 long at the lowest frequency. 
Such a A/4 wire fed against ground 
even has a name! This is called a 
Marconi antenna, and yes. it dates 
back more than a century. 

Random wire antennas will still 
work if shorter, but ground losses 
rapidly reduce efficiency as lengths 


get much shorter than A/4. 

The success of such single wiere an- 
tennas depends on all the usual factors 
including height, length, and ground 
conditions all played against desired 
frequency and geographical coverage. 
With a ground mounted radio and a 
higher wire antenna, there will always 
be some vertically and often horizon- 
tally polarized radiation as well. The 
combination can provide a useful mix 
of coverage, although the coverage in 
any direction will not be as good as 
that of an antenna designed for the job. 

The key element in making such an 
antenna play is a wide range antenna 
tuner that can match the widely 
variable load of the single wire on 
multiple bands to the 50 Q that 
modern radios require. So we have a 
place here for the antenna tuner, the 
question is “which place.” 

Antenna Tuner at the Shack — This 
can work and has been done, but in 
the most successful implementations, 
the antenna tuner is near the bound- 
ary between indoors and out. In some 
stations, that boundary is within or at 
the edge of the shack eliminating the 
distinction. 

A portion of a radiating antenna 
inside a building is generally asking 
for some kind of trouble. First there 
is the RF safety issue as applied to 
any people inside the structure. Even 
if your transmit power level does not 
require a formal assessment, you are 
not released from the requirement to 


not expose people to excessive levels 
of RF. Second, your indoor receiving 
antenna will pick up electrical noise 
from other equipment in the build- 
ing. Third, if the building contains 
any sensitive electronic systems, your 
signal has a good chance of caus- 

ing trouble, such as setting off fire 
alarms, or getting in to a television 
receiver while a spouse is watching 
an important show. In any case, any 
radiation that occurs within the build- 
ing structure is not likely to help you 
get your signal where you want it. 

None of this is to suggest that 
indoor antennas can’t be used, 
however all of the above issues need 
to be considered. Here we are talk- 
ing about an antenna that is partly 
inside a building, and partly outside. 
The point is that having as much as 
possible outside is generally a better 
solution. 

Antenna Tuner at the Antenna — 
The antenna tuner can also be located 
at the antenna, if it’s remotely tuned 
or sometimes remotely switched. 
Some remote tuners are waterproof, 
while others will need a waterproof 
enclosure to make them last. With 
the tuner at or near the antenna feed 
point, matched coax can run from the 
tuner back to the station, as discussed 
previously. By running the coax from 
the station out to the antenna feed 
point, the issues of radiation within 
the building can be largely avoided. 

This is the configuration used for 


2.5% 3A 
1170.0 to 1300.0 1404.0 to 1560.0 


585.0 to 668.6 
320.5 to 334.3 
230.5 to 231.7 
163.1 to 167.1 
128.8 to 129.5 
109.1 to 111.4 
93.6 to 94.0 

78.8 to 83.6 


702.0 to 802.3 
384.7 to 401.1 
276.7 to 278.0 
195.7 to 200.6 
154.6 to 155.4 
130.9 to 133.7 
112.4 to 112.8 
94.5 to 100.3 


Table 13-1 

Random Wire Antenna Lengths that Should be Avoided Due to Resonance and High Impedance. 

Band (Meters) 0.52 14 1.52% 2) 

160 234 to 260 468 to 520 702 to 780 936 to 1040 
80 117.0 to 133.7 234.0 to 267.4 351.0to 401.1 468.0 to 534.9 
40 64.1 to 66.9 128,2 to 133.7 192.3to 200.6 256.4 to 267.4 
30 46.1 to 46.3 92.2 to 92.7 138.3 to 139.0 184.4 to 185.3 
20 32.6 to 33.4 65.2 to 66.9 97.8to 100.3 130.5 to 133.7 
17 25.8 to 25.9 51.5 to 51.8 77.3 to 77.7 103.0 to 103.6 
15 21.8 to 22.3 43.6 to 44.6 65.5 to 66.9 87.3 to 89.1 
12 18.7 to 18.8 37.5 to 37.6 56.2 to 56.4 74.9 to 75.2 
10 15.8 to 16.7 31.5 to 33.4 47.3 to 50.1 63.0 to 66.9 

6 8.7to 9.4 17.3 to 18.7 26.0 to 28.1 34.7 to 37.4 
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43.3 to 46.8 


52.0 to 56.2 


many marine HF antennas. Ona 
sailboat, the typical HF antenna is an 
insulated backstay fed by a remote 
single wire tuner located near the 
antenna base and fed against the ship 
ground system, including salt water, 
if possible. 

But Watch Out for Tricky Lengths! 
— The so called random length wire 
antenna is not really random since any 
antenna does have a specific length. 
Such an antenna will work better at 
some lengths than others, making 
it best if not entirely random in its 
installation. The problems most often 
show up if the length happens to be 
a multiple of A/2. At this length, the 


impedance hits a maximum, often in 
the 1000 to 2000 Q range, depending 
on the usual factors. This results in an 
SWR of 20 to 40:1, higher than even 
a wide range tuner promises to deal 
with. 

The impedance gets somewhat 
lower with each multiple of a 4/2, but 
may still be a problem. A second con- 
cern is that the voltage on the end at 
the tuner is high. The voltage can be 
nearly 500 Vays with a 100 W trans- 
mitter. This can stress tuner capaci- 
tors as well as pose a safety hazard 
to unsuspecting people. Instead of 
the shock experienced by coming in 
contact with de or 60 Hz ac, contact 


The Vertical Monopole 


with RF results in a painful burn that 
is usually slow to heal. 

While it sounds like it should be an 
easy task to select a length, the mul- 
tiplicity of bands without harmonic 
relationship makes it difficult to find a 
length that won’t be likely a problem 
on some band. A look at Table 13-1, 
indicating approximate )/2 resonant 
lengths for each band, along with 
multiples, provides a list of lengths 
to avoid for the amateur bands. There 
are so few lengths available, that 
sometimes it makes sense to just try 
the length that fits the available spot 
and, if it has problems tuning on a 
band, add a few feet and try again. 





A popular antenna with those 
who like to operate long distances 
on the lower HF and MF bands is a 
vertical monopole. This can perhaps 
be considered a special case of the 
random wire antenna, except that it is 
generally of specific electrical length 
— typically 4/4 or % 2, depending 
on frequency and available supports. 
While a A/4 vertical monopole can 
usually be fed directly with 50 Q 
coax against ground, the other lengths 
do require matching networks or an 
antenna tuner for operation with a 
transmission line. A low impedance 
ground is a requirement for efficient 
operation of such antennas. 

A 43 foot tall vertical made from 
wire or tubing is a very popular 
antenna in some quarters. It is a 
% long monopole on 20 meters and 
thus provides the optimum low angle 
radiation from a single vertical radia- 
tor (see Figure 13-5), yet can provide 
excellent low angle performance on 
40 meters where it is somewhat lon- 
ger than 1/4, as well as on 80 meters 
where it is somewhat less than 4/4, 
but generally a manageable height. 
All the lengths share a complex 
feed point impedance that responds 


Max. Gain = 1.73 dBi 





Freq. = 14 MHz 


Figure 13-5 — Vertical radiation 
patterns of a 43 foot, % 1, vertical 
on 20 meters (solid) compared to a 
% i. monopole. Note the increased 
radiation at low elevation angles. 
{UE DoD PATTERN 15 FoR 
THE “4 A MoMopoLle. 


nicely to a remote tuner at the base, 
although at these frequencies, a short 
run of high quality coax may have 
sufficiently low in loss to be suitable 
for use with a tuner at the station. 


Inverted L 


A popular variant of the vertical 
monopole, particularly on the lower 
frequency bands, is the inverted L. 

A 4/4 monopole for 160 meters, for 
example, needs to be around 130 feet 
long — a bit of a stretch for most as a 
vertical arrangement. The inverted L 
is obtained by taking the same length 
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of wire and going as high as feasible, 
then bending the remainder horizon- 
tally. The antenna has the appearance 
of an upside down letter L — hence 
its name. 

The lower (vertical) portion has the 
highest current and will thus provide 
low angle radiation very similar to 
that of a full sized monopole. At the 
2/4 frequency, the inverted L can of- 
ten be fed directly by 50 Q coax with 
a reasonable SWR. An additional 
advantage of this arrangement, if fed 
with a wide range tuner at its base, is 
that it will provide low angle verti- 
cally polarized radiation at higher fre- 
quencies up to the frequency at which 
the vertical portion is just longer than 
% 2. Note the earlier concerns about 
feeding an antenna that is a multiple 
of 4/2, and if multiband operation is 
in the plan, make the inverted L lon- 
ger than 4/4 on the lowest band. 


The Bobtail Curtain 


An interesting, inexpensive and 
surprisingly effective directional ar- 
ray called the Bobtail Curtain is com- 
posed of three 4/4 vertical elements 
fed in phase and driven from the 
single wire center element as shown 
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Figure 13-6 — The Bobtail Curtain three element vertical phased 


array fed by a single wire. 
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Figure 13-8 — Elevation pattern 

of a Bobtail Curtain array (solid) 
compared to a full wave center 
fed antenna on the same supports 
(dashed). Note the superior low 
angle coverage. 


in Figure 13-6.' This antenna is com- 
posed of just four pieces of wire, yet 
provides significant gain in two fixed 
directions as shown in Figure 13-7. 
The low angle gain of this antenna 
favors long distance communication 
(see Figure 13-8) and is higher than 
that of horizontal antennas of the 
same height. 

The Bobtail Curtain can be fed 
by a single wire tuner located at 
the source shown in Figure 13-6, 


'For more about the Bobtail Curtain 
array, see J. Hallas, W1ZR, Basic 
Antennas — Understanding 
Practical Antennas and Designs, 
Chapter 15. Available from your 
ARRL dealer or the ARRL Book- 
store, ARRL order no. 9994. Tele- 
phone 860-594-0355, or toll-free in 
the US 888-277-5289; www.arrl. 
org/shop/; pubsales @arrl.org. 
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Max. Gain = 10.72 dBi Freq. = 10 MHz 





Figure 13-7 — Azimuth pattern of a 
Bobtail Curtain array at 10° eleva- 
tion. Note the high gain over 60° on 
each side, broadside to the array. 
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Figure 13-9 — Single wire fed Windom antenna configuration for 


80, 40, 20 and 10 meters. 


although the impedance is quite high, 
as discussed in the previous section. 
Making the middle wire a few feet 
longer may make it usable with most 
wide range tuners. The antenna can 
be used on other bands as a kind of 
top loaded monopole, although the 
results will not be in the same league 
as those at its design frequency. 


Single Wire Fed Windom 


An unbroken half wave antenna 
off-center fed by a single wire was 
quite a popular multiband radiator 
in the 1930s, following publication 
of a note by Windom in QST.? The 
Windom antenna, as shown in Fig- 
ure 13-9, with a fundamental fre- 


quency in the lower portion of 

80 meters, was said to operate equally 
well on 40, 20 and 10 meters, thus 
covering all the amateur HF bands of 
the day. 

There is some controversy over just 
how well this antenna works as a hor- 
izontal antenna; however, there is no 
question that it can work. Figure 13-9 
shows a choke or current balun in the 
coax from the tuner to the radio, since 
there will likely be significant com- 
mon mode current that should be kept 
out of the radio room. 


2L. Windom, W8GZ, “Notes on 
Ethereal Adornments,” QST, Sep 
1929, pp 19-22, 84. 


Balanced Antenna Systems 





For many amateurs, the antenna 
tuner really earns its keep by match- 
ing balanced systems for multiple 
bands. The classic system is one that 
is often called a center-fed Zepp, 
although there are some who suggest 
it really should have different names 
on different bands. 


The Center-Fed Zepp 

This antenna is actually a half-wave 
dipole if fed on its lowest band. The 
difference between it and the usual di- 
pole is that it is fed with low-loss bal- 
anced transmission line, such as open 
wire line or window type line. Since 
it doesn’t really need to be resonant to 
work well, and thus can be almost any 
length, a more accurate name might 
be the not always resonant tuned feed- 
er dipole. Still more folk will know 
what you mean if you call it a center- 
fed Zepp (CFZ). The configuration is 
shown in Figure 13-10. 

For the case in which it is reso- 
nant at its half wave frequency, the 
radiation pattern is the same as any 
half-wave dipole at the same height. 
The difference is that the SWR on 
the transmission line will be in the 
range of 4:1 to 10:1 depending on 
the height of the antenna and the 
transmission line type. While the loss 
with this kind of mismatch would 
be a problem with coax, it isn’t with 
low loss line. Including the loss due 
to mismatch, the total loss is compa- 
rable or even less than most matched 
coax situations at the same frequency. 

The antenna can easily be fed with 
a wide range antenna tuner, prefer- 
ably a balanced antenna tuner, but 
usually also with an unbalanced tuner 
equipped with a balun. The antenna 
will work very well on higher bands 
— into the VHF range. There may be 
some lengths of transmission line that 
will result in an impedance that the 
tuner can deal with on all bands. 

The antenna patterns become fairly 
complex at higher frequencies. For 
resonant antennas, there are gener- 
ally 2 x N main lobes where N is the 
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Figure 13-10 — Traditional center-fed Zepp antenna. With the length shown, 
the antenna will work well from 80 through 6 meters, and may even tune 

on 160 meters. The antenna length is not critical, however, it works best if 
close to }/2 on the lowest operating frequency as described in the text. 


number of full wavelengths. 

As mentioned, the antenna has no 
particular need to be resonant any- 
where to work well. The impedance 
is easier to match if the antenna is at 
least a half wave long at its lowest 
frequency, but there is nothing magic 
about that length. I use a 100 foot 
long dipole, center fed with 450 Q 
window line quite successfully on all 


= 66 Feet —] 


Antenna 
Tuner 


Station Earth 
Ground 


bands from 80 through 6 meters, for 
example. 

Another popular length is 86 feet. 
This provides the optimum gain on 
20 meters in single lobes in each 
direction perpendicular to the wire. 
While the lobes are sharp compared to 
a dipole, 35.6° on either side com- 
pared to 83°, the gain at the peak is 
more than 3 dB higher than a dipole. 


ARRLO649 


s—-—-—- 


HF 
Transceiver 





Figure 13-11 — End-fed Zepp antenna for 40, 20, 15 and 10 meters. This 
works as a horizontal antenna if the length is a multiple of 2/2 on each 
frequency used. On other frequencies the feed line will also radiate, usually 
with vertical polarization, and precautions must be taken to keep common 
mode currents from the radio equipment. Lightning arrestor not shown. 
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This length will usually be useable 
from 80 meters through the higher 
frequency bands, although some 
transmission line lengths may have 
problems with some wide range tuners 
on 80 meters. 

If there are problems matching par- 
ticular impedances, usually an extra 
10 feet or so of the transmission line 
will change the impedance enough to 
make the match possible. Be sure to 
check the other bands to make sure 
you haven’t just moved the problem 
around. Usually a length can be found 
that will work on all bands. Be sure to 
avoid coiling up the excess balanced 
line. Always keep it off the ground 
and away from metal — at least three 
or four times the distance between the 
conductors. 


The End-Fed Zepp 


A half wave antenna fed on the end 
with a A/4 matching section of low 


loss balanced line is called an end- 
fed Zepp. This is often a convenient 
antenna if the station is close to a 
property boundary, making a center- 
fed antenna a difficult proposition. 
The matching section transforms the 
high impedance on the end, typically 
close to 2000 Q, to a relatively low 
impedance that can be fed by a trans- 
mitter, or a narrow range tuner. This 
is the original Zeppelin antenna that 
was deployed beneath the aircraft’s 
gondola. It is also popular as a VHF 
vertical called a “J-antenna.” 

Some have had better results by 
providing a 4/10 or so of wire as a 
counterpoise on the other side of 
the transmission line, particularly if 
using it on multiple bands. On bands 
at which the antenna is a multiple 
of 4/2, it provides mostly horizontal 
polarization with minimal common 
mode current on the transmission 


Mobile Antenna Systems 


line. It can be made to work on bands 
at which it is not resonant, however, 
there will be a pronounced lack of 
balance on the transmission line. 

While the 4/4 matching section is a 
key part of the original Zepp design, 
it is not necessary if a wide range an- 
tenna tuner is provided to perform the 
matching as shown in Figure 13-11. 

The unbalanced line currents result 
in two effects. 

First, the line will radiate. This 
may not be a terrible thing, if the line 
is in the clear, but can cause problems 
if it is running near other equipment. 

© Second, the line will bring 
common mode current into the sta- 
tion. This can usually be addressed 
through a common mode choke at 
the point at which a transition to coax 
is made. Make sure the coax run is 
short, since the mismatch will result 
in much higher losses in coax. 





Antennas used in vehicles operate 
under the same principles as antennas 
in other applications, however, they 
often provide unique challenges. An- 
tennas for MF and the lower portion 
of the HF region must be shortened 
considerably in order to be practical 
on most motor vehicles, large ships 
are a notable exception. In addition, 
unlike the usual antenna environment, 
these antennas are usually quite close 
to both the radio equipment as well 
as the vehicle body. With the excep- 
tion of aircraft antennas, most mobile 
antennas are also quite close to the 
ground. 

While none of the above differenc- 
es by itself results in major problems, 
they all lead to certain limitations in 
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Figure 13-12 — Typical vehicle mounted monopole for the lower HF range. 
Because of practical limitations to do with garages, tunnels and trees, 
lengths tend to be 8 feet or less, from about % to 2 wavelength. The 
center loading shown improves efficiency. 


antenna design and performance. 


HF Mobile Antennas on 
Land Vehicles 


The lower HF bands, especially 80, 
40 and 20 meters, are popular with 
mobile operators. Depending on the 
sunspots and time of day, one or more 
can usually be counted on for reliable 
medium to long range communica- 
tion. The usual antenna is a relatively 
short monopole antenna mounted on, 
and fed against, the vehicle body as 
shown in Figure 13-12. 

As in the antenna in Figure 13-12, 
center loading is often used because it 
results in higher current in the lower 
section and thus less loss, although 
base loading, or even just using a 
solid whip with a tuner at the base 
are often encountered. A limitation of 
such an antenna is its SWR band- 
width, a typical case shown in Fig- 
ure 13-13 — much narrower than a 
full size antenna. 








Frequency (MHz) 


Figure 13-13 — Typical SWR plot 
of a mobile antenna of the type 
shown in Figure 13-12. The 2:1 
SWR bandwidth is likely to range 
from 20 to 50 kHz, with antennas 
having less efficiency tending to 
have wider bandwidth. 


This makes the shortened mobile 
antenna a good candidate for a wide 
range antenna tuner. The tuner can be 
used to allow full band coverage to be 
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obtained. I have even used a tuner to 
allow a 40 meter mobile whip to be 
used on 80 meters, although it is 

not as efficient as the center loaded 
80 meter arrangement. 


HF Mobile Antennas on 
Other Vehicles 


Those using HF on boats or aircraft 
do not generally share the same size 
restrictions as on land vehicles. Often 
either will use a convenient length 
of wire, for example the insulated 
backstay on a sailboat, or a wire from 
a short mast to a handy surface on an 
aircraft, to form an antenna similar 
to the random wire described earlier. 
This is almost always accompanied 
by a remote, usually automatic, 
antenna tuner very near one end or 
the other of the wire. This system 
can work very well if fed against the 
aircraft body or a metal hull. On my 
fiberglass sailboat, I feed it against 
the ship ground system. 
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Review Questions 


13-1 Under what circumstances can an antenna tuner be of benefit in feeding 
a simple coax fed 4/2 dipole? 


13-2 Why is it important to use low-loss transmission line such as window or 
ladder line if using a dipole on multiple bands? 


13-3 What are the possible consequences of common mode currents on a 
transmission line? 
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A Survey of Available Tuners 


A selection of modern 
balanced antenna tuners 
on the left with a 1950s 
John Matchbox tuner. 
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Key Tuner Paramaters 





Virtually every configuration of 
antenna tuner, capable of operation at 
every legal power level, is available 
commercially from one or more 
vendors. This can make selecting a 
commercial tuner a bit of a challenge, 
just as it is much tougher to select a 
meal from a restaurant with many 
good choices, compared to just a few. 

Fortunately, the choices can be 
quickly reduced if one can make a 
few decisions on key tuner param- 
eters. I will try to organize them in a 
way that will help make the selection 
easier. The following are the major 
decisions to be made, in this person’s 
opinion: 


What Frequencies Do You 
Want the Tuner to Cover? 


When talking about antenna tuners, 
we almost always are talking about 
the HF range, although there are also 
some tuners for VHF bands. This 
means that we want to cover the 
amateur bands from 80 through 
10 meters — that’s a given. Most 
current amateur transceivers also 
cover 160 meters. Is that of interest? 
If so, because it often doubles the size 
of many tuner components, it will 
likely add significantly to the cost and 
size of a tuner, all other things being 
equal. The 160 meter band is gaining 
in popularity since it provides 
interesting operational conditions at 
the bottom of the sunspot cycle, as I 
write this. If you have room for 
effective 160 meter antennas, having 
a tuner that supports operation here 
may be a good choice. 

On the other end of the spectrum is 
6 meters. More and more current 
amateur “HF” transceiver cross into 
operation on our lowest VHF band. 
This band is also quite popular now 
since there are long distance modes 
that don’t depend on sunspot activity. 
If you have, or expect to have, a 
dedicated 6 meter antenna, the 
chances are that it will be suitable to 
be fed directly with 50 Q coax anda 
tuner will not be needed. On the other 
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hand, if you will need to use your all 
band tuner fed antenna, such as the 
center-fed Zepp, on this band, you 
will want to include that capability in 
your tuner. 

The other frequency decisions 
may be more subtle. Operation on 
10 meters is sometimes a problem 
with larger tuners that have trouble 
ending up with sufficiently low 
minimum inductance and capacitance 
to provide the same impedance 
coverage on 10 meters as on the other 
bands — check the specifications to 
get an idea. In a similar vein, some 
tuners don’t have quite enough 
maximum inductance or capacitance 
to provide the tuning capability to 
cover 80 (or 160) meters with the 
same range as on the other bands. 


How Much Power Do You 
Expect to Run? 


For any given tuner design, there is 
no factor that influences tuner cost 
and size more than power level. This 
should not be a surprise since higher 
power means higher voltage and 
current stress on the components 
within. The obvious answer might be 
to pick a tuner with a power rating 
equal to the most power that your 
transmitter can put out — but be 
careful, there are four issues hidden 
here: 

©The power rating is based on the 
manufacturer’s SWR specification (if 
they did a proper design job). If it 
says a tuner is good for an SWR of 
10:1, typical for a wide range tuner, 
and you tune an antenna with a 20:1 
SWR, you may be able to get a 
match, but either the voltage or the 
current in the tuner can be higher by a 
factor of (20/10), or 1.41 times. That 
may explain the arcing, or the burning 
smell, you observe on some frequen- 
cies! The answer may be to go 
somewhat higher in power rating than 
you expect to actually run. 

@So you now have that shiny new 
100 W transceiver — you love it to 
death and can’t imagine that you will 


ever need more power. You buy a 
100 W antenna tuner (or better a 

200 W tuner, as discussed above) and 
happily make many contacts with 
your stealthy antenna. Now you 
decide to try for DXCC and notice 
that the DXpedition in Outer Slovenia 
can almost hear you, but can’t quite 
copy your call letters. A bigger 
antenna is out of the question — the 
only solution is a high power ampli- 
fier. Oops, now you have an almost 
new 100 W tuner that you can no 
longer use. 

@[n addition to taking up more 
space, and more lawnmowing money, 
high power tuners often, because of 
the physical size of the components, 
have trouble providing the tuning 
range some antennas need on the 
higher bands. Some switch out 
portions of the circuit on higher 
bands to avoid the problem, but some 
don’t. Keep your eye on that ball, if 
looking at higher power tuners. 

®On the plus side, higher power 
tuners usually have inductors that are 
wound with heavier wire. This 
reduces losses, although it may not be 
noticeable in the test results. 


Do You Want a Balanced or 
Unbalanced Tuner? 


If you expect to be feeding single 
wire or coax-fed antennas, an 
unbalanced antenna tuner will be fine. 
If you want to feed an antenna such 
as a center fed Zepp with balanced 
line, you will need to have some 
provision to feed a balanced load. 
This can be handled in one of three 
ways: 

© A fully balanced tuner is ideally 
suited to matching to balanced loads 
within its matching range. These are 
available in multiple power ranges 
and can work quite well. A disadvan- 
tage of these is that many do not 
include all the switching options of 
many unbalanced tuners — not a 
problem if you expect to use a 
single antenna. 

@Many inherently unbalanced 


tuners include an output connection 
through an internal balun. These work 
best with balanced loads within about 
4:1 SWR of the balun design imped- 
ance. Most use 4:1 baluns designed 
for a 200 Q load. That means they 
will work reasonably well with 
resistive loads from 50 to 800 Q, and 
with complex loads of a similar 
SWR. They will also work outside 
that range, although their response 
can be a bit unpredictable. If they 
don’t get hot, they are probably 
putting the power where you want it. 
*The same kind of balun can be 
added outside of an unbalanced tuner 
if you decide to move from coax to a 
balanced feeder system. The same 
concerns as noted above apply. 
However there are some advantages 
such as that you can custom design 
the balun for the impedance that each 
antenna has, and you can have the 
balun some distance from the station 
equipment — but watch out for 
mismatched coax losses if the 
distance is more than a few feet. 


Do Your Want a Remote or 
Local Tuner? 


An antenna tuner that is located 
next to the radio in the station area 
offers a lot of plusses in terms of 
control and monitoring. Some 
antennas, however, really want the 
impedance matching performed at the 
antenna. A big consideration here is 
that if the tuner is located with the 
antenna, it usually can only operate 
with that single antenna, although 
remote switching is possible. If the 
antenna tuner is near the radio, 


switching between antennas systems 
is usually much easier — sometimes 
provided within the tuner, sometimes 
outside — but always within reach. 


Do you Want a Manual or an 
Automatic Tuner? 


A manual tuner requires adjusting 
two or three controls (and often 
switches) every time either frequency 
is changed, typically by around 
50 kHz, depending on what band is 
selected or what type antenna is used. 
The adjustments can be tedious, 
although recording them makes 
returning to a proper tune under 
previously encountered conditions 
fairly easy. 

An automatic tuner, on the other 
hand, just requires a push of the 
button to obtain a tune. Many have 
some sort of memory arrangement so 
they can quickly return to previous 
settings. The tuning usually takes a 
few seconds the first time, a fraction 
thereafter. While it is possible to 
imagine a remote manual tuner, to my 
knowledge, all remote tuners are of 
the automatic flavor. So if you want 
remote, you get automatic. 

The idea of an automatic tuner 
sounds pretty good, and it is. There 
are just a few items to be aware of, as 
noted below: 

¢In general, an auto tuner will 
make a match within its specified 
SWR threshold, often 1.5:1, but 
check and compare with your radio’s 
requirement. With your manual 
tuner, you can usually find a 1:1 
setting. If the radio will put out its 
full power into the load, this is not 


worth worrying about. 

© Watch out for tuners that initiate a 
tune on their own, Some can be just 
too automatic to suit me. You tune 
your radio 25 kHz off your previous 
frequency to capture a neat DX 
station, start to call, and hear your 
antenna tuner relays clacking. 
Chances are the up and down tuning 
will result in the station missing some 
part of your call sign. 

Of more concern, if there is no 
circuitry to prevent it, many auto- 
matic tuners that can handle 100 W, 
for example, want tuning to occur at a 
lower power level to avoid burning 
relay contacts. If it starts up while 
you are operating, you can easily hit 
it at full power before you know 
what’s happening. In the mobile 
environment, this can also happen as 
you pass that 18 wheeler with a giant 
piece of aluminum detuning your 
antenna (it can also serve as a 
reflector, if you get it in the right 
place!), 

©] once thought that the small 
components in the usual compact 
automatic antenna tuner would result 
in more losses compared to the larger 
components, especially inductors, in 
the usual manual tuners. To my 
surprise, following the test results 
presented below, this does not seem 
to be the case, although it might be 
buried in the 5% minimum loss, 
below which we don’t report due to 
measurement uncertainty. If it is a 
loss of that level (0.2 dB), in my 
opinion, it should not be part of the 
decision process. 
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Product Review Testing 





The American Radio Relay League 
(ARRL), the US Amateur Radio 
organization publishes a monthly 
magazine, OST, for its members. In 
addition to its many technical and 
general interest features, each 
month’s issue includes detailed 
reviews of products of interest to its 
readers. These Product Reviews 
generally include laboratory evalua- 
tion of equipment operational 
parameters using professional grade, 
independently calibrated test instru- 
ments. Over the years, we have had 
many such reviews of antenna tuners 
and I have reproduced the results 
from some here. 

While many of the reviews include 
currently available equipment, some 
models covered are no longer 
available as new equipment. Even so, 
it may be of benefit in two ways: 

©There is an active used equipment 
market in Amateur Radio equipment. 
This may provide a way to knowl- 
edgeably purchase an antenna tuner at 
a lower cost. 

¢In some cases, manufacturers 
have made relatively small changes to 
equipment, so data on previous 
models may be directly applicable. 


ARRL Lab Antenna Tuner 
Testing Methodology 


The following method was used in 
the ARRL Lab to measure the loss of 
the tuners presented below. Two test 
fixtures were built which would hold 
combinations of high power 50 Q 
“non-inductive” carbon resistors 
(one fixture for parallel combinations 
and one for series), one shown in 
Figure 14-1. Even with the non- 
inductive resistors, some net fixture 
inductance was apparent at some 
frequencies, so a variable capacitor 
was used to compensate. The fixture 
accuracy was measured using the 
Lab’s vector impedance meter. 

Each fixture used an input connec- 
tion (for the tuner) and an output 
connection. The output connection 
went to a 50 Q input power attenua- 
tor, which took the place of one of the 
resistors in the load (for the series 
loads, it was always the one on the 
ground side of the network). The 
output of the power attenuator was 
connected to a high accuracy labora- 
tory wattmeter, and the actual 
attenuation was measured for each 
frequency. The tuners were matched 
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at low power, then 100 W of RF was 
applied at the input, with the output 
being measured by the Lab’s wattme- 
ter. 

Each tuner was connected to the 
load fixture at each resistive imped- 
ance level for testing in the ARRL 
Lab. A 100 W RF source fed the 
input of the tuner. The resistive load 
was connected to the antenna output. 
The load was connected to a 50 Q. 
power attenuator, which took the 
place of the final resistors. This is a 
close-up of the parallel load test 
fixture. The variable capacitor was 
used to compensate for fixture 
inductance encountered at some 
frequencies. While complex imped- 
ance loads could have been tested as 
well, the additional data points would 
have made testing impractical. We 
believe that the results at a particular 
SWR should be representative of 
other loads with the same SWR. 

Note that the reviews were 
conducted over a period of a few 
years and the data taken, as well as 
the presentation, varied slightly from 
review to review. Please make sure 
that you are comparing equivalent 
data. 


Figure 14-1 — Close up of test figure used to test 
antenna tuner efficiency into loads from 50 0 down 
using paralleled 50 © noninductive loads. 
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OST Reviews Five High Power Antenna Tuners 





Reviewed by Jim Parise, WIUK 
ARRL Technical Advisor 
QST February, 2003 

One piece of gear that finds its way 
into most everyone’s shack at one 
time or another is an HF antenna 
tuner. First of all, the name antenna 
tuner is something of a misnomer. It 
does not tune the antenna at all, but 
acts as an impedance transformer that 
provides your transmitting equipment 
with the proper load, usually 50 Q. 

Who needs an antenna tuner? Well, 
anyone who has the need to match an 
antenna with an impedance outside 
the range of their transmitter or 
amplifier’s output circuits. Modern 
transceivers often have built-in tuners 
that are capable of matching SWR 
mismatches up to 3:1. Beyond that 
they need help, and if you use an 
amplifier you most surely will need 
one. Many hams find themselves with 
limited antenna choices and the desire 
to operate on frequencies other than 


Table 14-1 
Comparison of Five Antenna Tuners 


Circuit Type 
SWR/wattmeter 
Balun type 
Manufacturer's claimed PEP rating 
Manufacturer's claimed Matching range 
Physical dimensions (HWD) 

in inches 


what they were designed for, or use 
non-resonant multiband antennas that 
require a tuner. The five HF tuners we 
tested are all in the kilowatt class, 
meaning the manufacturer rates their 
power handling capability at 1 kW 
output or more. 

With the wide range of frequencies 
in the HF spectrum and the huge 
diversity of antenna types in use, 
tuners are expected to perform under 
an incredible number of possible 
combinations. Some are more 
efficient at it than others. A measure 
of a tuner’s ability to transform 
impedances efficiently is energy loss. 
Under extreme conditions a tuner can 
get quite hot or arc over at power 
levels well under the manufacturers 
rating. Heat in a tuner is a product of 
loss. RF energy being dissipated as 
heat is lost power that will not find its 
way to your antenna and onto the air. 

Tuner losses generally get higher 
as the impedance of the load decreas- 


es. If a ham were running 1500 W 
into a tuner that was 50% efficient, 
750 W would be dissipated in the 
tuner. Most of the loss in a tuner 
occurs in the coil, and no coil can 
withstand 750 W of power. A 
high-power tuner could probably be 
safely used at 50% efficiency and 
100 W, but hams should be careful 
with high SWR and high power, or a 
tuner failure is a real possibility. Each 
tuner was tested into resistive 
impedances that ranged from 6.25 to 
400 Q, and their respective percent- 
age of loss and 1.5 SWR bandwidth 
measured. The tuners were also used 
in everyday communications on all 
bands at power levels up to 1 kW, 
matching a GSRV fed with balanced 
ladder line and a 160 meter inverted L 
fed with coax. 

The characteristicvs of the five 
uners tested are described in 
Table 14-1. Each tuner is described 
separately below. 


Ameritron MFJ Palstar Ten-Tec Vectronics 
ATR-30 MFJ-986 AT1500 CV 238A HFT-1500 
T-network T-network T-network L-network T-network 
Cross-needle Cross-needle Cross-needle = Single-needle Cross-needle 
4:1 current 4:1 current 4:1 voltage 4:1voltage 4:1 voltage 
3000 W 3000 W 1500 W 2000 W 2000 W 
35-500 35-500 20-1500 5-3000 Not specified 
5.25x13x14.4 4.1x11x15.2 4.5x12.5x12 5.5x13x11 5.5x12.5x12 
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AMERITRON ATR-30 


The ATR-30 (Figures 14-2, 3, 4) 
is Ameritron’s legal limit T-network 
antenna tuner offering. It is housed in 
a plain, all black aluminum enclosure 
with a scratch resistant coated front 
panel. A look under the cover reveals 
two large variable capacitors and an 
air core edge wound silver plated 
roller inductor. Like most of the other 
tuners reviewed here, the capacitors 
are adjusted with vernier reduction 
drives, and although they tune 
smoothly, they require a lot of force 
to turn. The roller inductor is 
adjusted with a plastic lever type 
knob and is quite stiff to crank. The 
roller itself is a pinch roller, and the 
physical resistance in turning the 
crank may be offset by lessoned 
contact resistance. 

The balun is constructed with three 
large cores and wound with wire 
covered with Tefion tubing. The 
cross-needle meter displays both 
average and peak power in switchable 
300 W or 3 kW ranges. The wattmeter 
requires dc to function. It is illumi- 
nated by either a 12 V barrel connec- 
tor on the back panel or a 9 V battery 
accessible through a trap door on the 
bottom of the unit. With 12 V, both 
the meter and inductor turns counter 
are illuminated. When a 9 V battery is 
used, the meter will function, but the 
panel lamps will not light. 

Finding a match on 80 meters on 
the GSRV required quite a bit of time 
finding the right combination of 
capacitor tuning and inductance, and 
the stiff controls didn’t make it much 
fun. Finding the sweet spot on the 
higher bands was much easier. There 
are three coax outputs on the ATR-30, 
including two that may be switched 
direct or through the T-network and a 
third direct only. Single or balanced 





feed lines connect to large ceramic 
binding posts with wing nuts. Test 


results are summarized in Table 14-2. 


Manufacturer: Ameritron, 116 


Willow Rd, Starkville, MS 39759; tel 
662-323-8211; fax 662-323-6551; 
www. ameritron.com. 2003 price: 
$599.95. 


Ameritron ATR-30 Loss and Bandwidth Test Results 


Table 14-2 
SWRA Load (Q) 
8:1 6.25 
41 12.5 
2:1 25 
1:4 50 
2:4 100 
41 200 
8:1 400 
Notes 


Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 


<10 
>5 


80m 40m 20m 10m 
12 <10 <10 <10 
3 >5 4 >5 
<10 <10 <10 <10 
4 >5 >5 >5 
<10 <10 <10 <10 
>5 >5 >5 >5 
<10 <10 <10 <10 
>5 >5 >5 >5 
<10 <10 <10 <10 
>5 >5 >5 >5 
<10 <10 <10 <10 
>5 >5 >5 5 
<10 <10 <10 <10 
>5 >5 >5 3 


Power losses are expressed as a percentage. A 21% loss of power is 1 dB. 
The 1.5-SWR Bandwidth (SWR BW) represents the bandwidth over which an SWR of 
1.5:1 or less was maintained as a percentage of the measurement frequencies 


(1.8, 3.5, 7.2, 14.2 and 29.7 MHz). 
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Figure 14-2 — Front panel of the Ameritron ATR-30. 
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Figure 14-4 — Rear panel connections on the 


Ameritron ATR-30. 


MFJ-986 


The *986 is one of more than 20 
antenna tuner products offered by the 
prolific MFJ (in 2003). It is rated for 
1500 W PEP within the 35-500 Q 
impedance range, positioning it along- 
side the ’989C as one of their high 
power units. Unlike the traditional 
T-network with a pair of variable 
capacitors, the 986 (Figures 14-5, 

6, 7)makes use of a single variable 
capacitor and a wire wound air core 
roller inductor with a three digit turns 
counter. The tuner uses what MFJ 
describes as a “differential” capacitor. 
It has two discrete sets of fixed plates 
and one variable set, with a single 
capacitor control, forming a T-network 
with the inductor. 

The cabinet is narrow and extends 
nearly 18 inches deep. The cross- 
needle meter has a high (3000 W) and 
low (300 W) setting switched by a 
front panel button, and it can display 
average and peak power as well as 
SWR. Providing 12 V to the connector 
on the back panel brightly illuminates 
the meter. Both the capacitor and roller 
inductor are directly driven. The in- 
ductance knob has a finger depression, 
which are often found on a trans- 
ceiver’s tuning knob, It is somewhat 
awkward to turn due to binding. The 
tuner had a tendency to creep around 
the operating desk when the inductor is 
rapidly turned. A check inside revealed 
several loose screws holding the induc- 
tor to the chassis. Tightening these did 
improve the smoothness somewhat. 

The ’986 provided a match to both 
antennas quickly, but arced over on 
80 meters with the inverted L at 
900 W. While this tuner does provide 
ease of use, one should give careful 
consideration to the loss figures in the 
tables. During operation the meter 
developed an intermittent problem 
with both needles going off scale even 
with very low power applied and a low 
SWR. Movement of the SWR bridge 


nuts. A 4:1 two-core current balun is 
provided at the output. Test results are 
summarized in Table 14-3. 

Manufacturer: MFJ Enterprises, 
Inc, PO Box 494, Mississippi State, 
MS 39762; tel 800-647-1800; fax 662- 
323-6551; www.mfjenterprises.com. 
2003 price: $329.95. 


circuit board on the inside back panel 
seemed to correct the problem. 

Two coax outputs are provided that 
can be switched to bypass the tun- 
ing circuit, as well as a third output 
for a dummy load. Balanced and 
single-wire feed lines connect to large 
ceramic feed through posts with wing 


Table 14-3 
MFJ-986 Loss and Bandwidth Test Results 
SWR Load (Q) 160 m 80m 40m 20m 10m 
8:1 6.25 Power Loss % 47 31 21 16 13 
1.5 SWR BW 1 1 2 4 >5 
4.1 12.5  PowerLoss % 33 22 14 12 11 
1.5 SWR BW 1 1 4 5 >5 
2:1 25  PowerLoss % 25 20 10 <10 10 
1.5 SWR BW 1 2 4 >5 >5 
121 50 PowerLoss % 22 12 <10 <10 <10 
1.5 SWR BW 2 3 >5 >5 >5 
21 100 PowerLoss % 15 10 <10 <10 19 
1.5 SWR BW 3 5 >5 >5 >5 
4:1 200 PowerLoss % 11 <10 <10 <10 <10 
1.5 SWR BW 3 >5 >5 >5 >5 
8:1 400 PowerLoss % 10 <10 <10 11 16 
1.5 SWR BW 3 >5 >5 >5 5 
Notes 


Power losses are expressed as a percentage. A 21% loss of power is 1 dB. 

The 1.5-SWR Bandwidth (SWR BW) represents the bandwidth over which an SWR of 
1.5:1 or less was maintained as a percentage of the measurement frequencies 
(1.8, 3.5, 7.2, 14.2 and 29.7 MHz). 
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Figure 14-5 — Front panel of the MFJ-986. Figure 14-7 — Rear panel connections on the MFJ-986. 
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PALSTAR AT1500CV 


The Palstar AT1500CV (Figures 
14-8, 9, 10) is a T-network tuner 
solidly constructed in a compact 
aluminum enclosure. Inside, the 
metering and SWR bridge circuitry 
are encased in their own aluminum 
boxes. The moderately sized variable 
capacitors are mounted side by side 
and feature large calibrated dials and 
silky smooth vernier tuning that 
allows for precise adjustment. Palstar 
indicates that newer units incorporate 
a roller bearing assembly which 
makes inductor adjustment smoother. 
The roller inductor is quite large. It is 
an air core silver plated edge wound 
coil with heavy-duty ceramic forms. 
Control of the inductor is via a lever 
handle and mechanical turns counter. 
It is not as smooth as some of the 
other tuners and tends to lurch as it is 
rotated during fine adjustments. The 
cross-needle meter displays SWR and 
average forward and reflected power 
in 300 and 3000 W ranges, with no 
option for peak power metering. It is 
illuminated with 12 V from an 
included wall adapter. 

Achieving a 1:1 SWR on the 
GSRV was possible on all bands from 
80 through 10 meters at its rated 
power maximum of 1000 W single 
tone. Similar results were noted on 
the inverted L. Although the tuning 
chart provided in the manual does not 
include settings for 30 meters, the 
tuner easily matched both antennas 
on that band. This tuner has a solid 
feel to it and doesn’t creep around 
while making adjustments. 

In laboratory tests, the AT1S500CV 
had more difficulties on 160 meters 
than on other bands. A 1:1 SWR was 
only obtainable with the 25 and 50 Q 
loads, the power losses at 160 meters 
were measurably greater than those 
on other bands at the same loads. The 
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Figure 14-8 — Front panel of the Palstar AT1500CV. 


14-8 Chapter 14 


Antenna connections on the back 
panel include three coax inputs. Two 
are available direct or through the 


variable capacitors are 240 pF maxi- 
mum, which explains the 160 meter 
performance. The tradeoff results in 


lighter weight. tuning network and one is bypassed 
Table 14-4 
Palstar AT1500CV Loss and Bandwidth Test Results 
SWRA _ Load (Q) 160m 80m 40m 20m 10m 
8:1 6.25 Power Loss % No Match 25 16 12 12 
1.5 SWR BW 1 2 >5 3 
41 12.5 Power Loss % No Match 16 13 <10 11 
1.5 SWR BW 2 4 >5 >5 
2:1 25 PowerLoss% 21 13 <10 <10 <10 
1.5 SWR BW 2 3 >5 >5 >5 
11 50 Power Loss % 13 <10 <10 <10 <10 
1.5 SWR BW 3 >5 >5 >5 >5 
2:1 100 Power Loss % No Match <10 <10 <10 13 
1.5 SWR BW >5 >5 >5 >5 
4:1 200 Power Loss % No Match <10 <10 <10 12 
1.5 SWR BW >5 >5 >5 >5 
8:1 400 Power Loss % No Match <10 <10 <10 <10 
1.5 SWR BW >5 >5 >5 5 
Notes 


“No Match” means that a 1:1 SWR could not be obtained. 

Power losses are expressed as a percentage. A 21% loss of power is 1 dB. 

The 1.5 SWR Bandwidth (SWR BW) represents the bandwidth over which an SWR of 
1.5:1 or less was maintained as a 
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Figure 14-9 — Rear panel connections on the Palstar 
AT1500CV. 


straight through. The bypass output 
can also be used with an optional 4:1 
balun available for $39.95 [2003]. 
Balanced or single wire feed lines are 
attached to Delrin terminal posts with 
wing nuts. 

Longer threaded material on the 
terminal posts would be a welcome 
improvement and make attachment of 


TEN-TEC 238A 


The Ten-Tec 238A (Figures 14-11, 
12 and 13) is the only tuner in our 
roundup to utilize an L-network. Us- 
ing an innovative switching arrange- 
ment, the ’238A actually provides 
five different circuit configurations 
to maximize efficiency. A look at the 
low loss figures in the table confirms 
this. The well-constructed tuner makes 
use of a single variable capacitor and 
a smooth turning wire-wound roller 
inductor to match impedances up to 
3000 Q. Additional capacitance can be 
switched into the circuit by means of a 
front panel switch. Five settings each 
are available for high and low imped- 
ances, as well as a bypass choice. 

A ceramic feed through post on the 
back panel provides a connection to 
add an additional 1000 pF capacitor 
(included with the tuner) to the circuit 
for matching 160 meter antennas. The 
small dual use meter can be switched 
to display SWR or RF power in either 
a 2000 or 200 W range. The meter 
lamp is powered by 12 V on the back 
panel. 

The *238A handily matched all 
bands on both test antennas at full 
legal limit power. On 10 meters using 
the GSRV, the capacitor and inductor 
controls were a bit sensitive to small 


CAPACITOR 
¥ 


larger gauge wire much easier. In one 


isolated circumstance during lab 


testing, our engineer felt an RF bite 


on 10 meters through the metal 
portion of the inductor crank. This 
did not seem to be a pervasive 


problem, and Palstar indicates that the 


grounding on the crank has also 


adjustments. One minor complaint: 
Measuring forward power in the high 
power range on the meter caused the 


indicator to slap the right extreme 
position during CW keying. 

In laboratory tests, the *238A 
did not match on 160 meters into a 
6.25 Q until 2700 pF of external 
capacitance was added. Ten-Tec 
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Figure 14-11 — Front panel of the Ten-Tec 238A. 
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recently been improved. Test results 
are summarized in Table 14-4. 

Manufacturer: Palstar, Inc, 9676 N 
Looney Rd, PO Box 1136, Piqua, OH 
45356; tel 937-773-6255; fax 
937-773-8003; www.palstarinc.com. 
2003 price: $429.95, optional 4:1 
balun $39.95. 


indicates they will provide additional 
capacitors to purchasers at no extra 
charge. Also, the power losses on 

10 meters were considerably greater 
than those on other bands. However, 
the ’238A performed very admirably 
on most other bands, quite often 
exhibiting the least losses on given 
band and load combinations. 
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Figure 14-12 — Rear panel connections on the Ten- 
Tec 238A. 
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Ten-Tec 238A Loss and Bandwidth Test Results 


Table 14-5 
SWR_ Load (Q) 
8:1 6.25 
4.1 12:5 
2:1 25 
11 50 
2:1 100 
4:1 200 
8:1 400 
Notes 


Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 


160m 
No Match 


<10 
>5 


“No Match” means that a 1:1 SWR could not be obtained, even with the included 
1000 pF external capacitor attached. A match on 160 m at 6.25 was achieved 
with 2700 pF of external capacitance; the power loss was less than 10%, and the 
1.5 SWR BW was greater than 5%. 

Power losses are expressed as a percentage. A 21% loss of power is 1 dB. The 1.5- 


SWR Bandwidth (SWR BW) represents the bandwidth over which an SWR of 1.5:1 
or less was maintained as a percentage of the measurement frequencies (1.8, 3.5, 


7.2, 14.2 and 29.7 MHz). 


VECTRONICS HFT-1500 


The first thing you notice about 
the HFT-1500 (Figures 14-14, 15 
and 16) is the LED bar graph on the 
front panel that is used to display 
relative peak forward power. The 
bright green bar graph is adjusted 
to its maximum scale with a level 
control on the front panel to a 
known forward power reading on 
the cross-needle wattmeter. While 
it doesn’t show actual power read- 


ings, it does give a quick visual 


indication of peak power. The 
cross-needle meter displays only 


average power and SWR in two 


power ranges selected by a pushbut- 


ton switch. 


The traditional T-network design 
uses two 4.5 kV variable capacitors 


adjusted with large comfortable 


Figure 14-16 — Interior circuitry of the VECTRONICS 
HFT-1500. 
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The four-position antenna switch 
on the front panel allows selection of 
four coax outputs or a balanced/ 
random wire. The balanced output 
and one coax connector share 
position four. A two-core balun is 
provided for matching the balanced 
output. The °238A is the only one of 
the five tuners reviewed here without 
an air-core inductor. The inductor 
here has a linen phenolic core. 

Since we purchased our review 
unit, Ten-Tec has produced a substan- 
tially identical antenna tuner, the 
°238B. The Tennessee manufacturer 
is now selling only the ’238B model. 
Test results are summarized in 
Table 14-5. 

Manufacturer: Ten-Tec, 1185 
Dolly Parton Pky, Sevierville, TN 
37862; tel 865-453-7172; fax 
865-428-4483; www.tentec.com. 
2003 price: $475.00 (’238B). 


nay 





Figure 14-14 — Front panel of the VECTRONICS 
HFT-1500. 
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Figure 14-15 — Rear panel connections on the 
VECTRONICS HFT-1500. 


Vectronics HFT-1500 Loss and Bandwidth Test Results 


Table 14-6 
SWR Load (Q) 
8:1 6.25 
4.1 12.5 
2:1 25 
1:1 50 
2:1 100 
4:1 200 
8:1 400 
Notes 


Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 
Power Loss % 
1.5 SWR BW 


160m 
45 

1 
32 
>5 
19 
2 
12 
3 
12 
3 
<10 
4 
<10 
4 


Power losses are expressed as a percentage. A 21% loss of power is 1 dB. 


The 1.5-SWR Bandwidth (SWR BW) represents the bandwidth over which an SWR of 
1.5:1 or less was maintained as a percentage of the measurement frequencies (1.8, 


3.5, 7.2, 14.2 and 29.7 MHz). 


knobs and very smooth vernier 
tuning. This tuner stays put on the 


desk while you utilize a lever handle 
and gear driven five digit mechanical 
turns counter to adjust the air wound 


roller inductor. 


Tuning the 160-meter inverted L 
and the GSRV on all bands except 10 
meters was easily accomplished, with 
no problems handling 
1 kW. In the field, the best SWR that 
could be obtained on 10 was 2.33:1; 
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this is possibly due to the additional 
“loading” when a human touches the 
all-metal inductor crank. The ARRL 
Lab adjusted the inductor with a 
wooden pencil in some cases to 
obtain a match. 

The HFT-1500 provides two coax 
inputs and a third that completely 
bypasses the tuning network. The 
balanced and single wire inputs are 
Delrin terminal posts connected to a 
large single core 4:1 voltage balun. 
In some circumstances during lab 
testing, our engineer felt RF bites 
through the metal portion of the 
inductor crank. Later units feature a 
metal shaft bushing that provides a 
better ground. This was not experi- 
enced in field testing, but tuner 
adjustments were not made at high 
power. Test results are summarized in 
Table 14-6. 

Manufacturer: Vectronics, 

300 Industrial Park Rd, Starkville 
MS 39759; tel 662-323-5800; fax 
662-323-6551; www.vectronics. 
com. 2003 price: $459.95. 
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Automatic Antenna Tuners — 


A Sample of the Field 





Reviewed by Joel R. Hallas, W1ZR 
QST Technical Editor 
QST May, 2004 

Automatic antenna tuners can 
provide a quick and easy method of 
matching multiband or nonresonant 
antennas quickly and effortlessly. 
Performance is on par with manual 
tuners and there is now a selection 
available providing a fit to most 
requirements. A few years back, we 
surveyed the antenna tuner market in 
these pages. All those tuners were 
manual ones. 

A few automatic tuners were 
available at that time, but they were 
the exception rather than the rule. 
Since then, a number of manufactur- 
ers have focused their attention on 
automatic antenna tuners and it seems 
as if there’s now one for every 
application. 

For this review we selected 
representative tuners from a number 
of manufacturers (see Figure 14-17). 
There are two general configurations: 
those providing remote tuning, with 
the tuner intended to be near the 
antenna, and those intended to be 
collocated with the station equipment. 
For those manufacturers having 
models in each camp, we selected one 
of each. 

As noted in the specifications, each 
tuner is different and they don’t 
exactly line up head-to-head, so a 
direct comparison is not always 
appropriate. Still, for each we will 


provide the basic data you would 
need to decide if one of these is a 
good fit for your needs. If you like the 
looks of a particular manufacturer, 
but the tuner reviewed doesn’t exactly 
meet your requirements, check their 
Web page or your dealer for other 
models at different power levels or 
with different features. 

For this review we stuck to those at 
the 100 to 200 W level and tried for a 
representative self-contained and 
remote tuner from each manufacturer. 
For these tests, we looked at units 
designed to work with any radio. In 
addition to these, most HF radio 
manufacturers offer external auto 
tuners designed to operate exclusively 
with their radios. One manufacturer, 
LDG, also offers tuners with the 
capabilities to operate with specific 
radios’ commands. Many HF radio 
manufacturers also offer internal 
auto-tuners as a part of their trans- 
ceivers. We generally review these as 
a part of the radios. We elected to 
stick to general purpose models for 
this review. 

Those selected for this test include 
the RT-11 and Z-100 from LDG, the 
MFJ-991 and from SGC the SG-237 
and MAC-200. 


Remote vs Collocated 
Autotuners 

It’s probably worth a paragraph or 
two to discuss the relative merits and 
appropriateness of the two configura- 


é 
s 


tions. If the antenna(s) to be matched 
terminate right at the station equip- 
ment, without a transmission line (or 
with a very short one), there is no 
particular advantage to having a 
remote tuner. 

On the other hand, that setup often 
results in problems with “RF in the 
shack,” or EMI within the house. I 
have one antenna setup of that form 
and whenever I use it, the RF resets 
the kitchen FM radio, causing it to 
lose track of time and memory. Most 
find it a better solution to have the 
antenna system stop somewhere 
outside the house and have a trans- 
mission line interconnect the radio 
and antenna. 

With a remote tuner, the matching 
can be at or near the antenna, 
resulting in a well matched transmis- 
sion line coming back to the radio. 
With the tuner at the radio, the 
matching takes place near the radio, 
and the SWR on the line out to the 
antenna will often be high. Note that 
in both cases the radio will be 
provided a good match and will 
happily put full power into the 
system. With the remote tuner, often 
more of the power will be radiated by 
the antenna and less will be dissi- 
pated as heat by the transmission line. 

Some radios now come with 
automatic tuners as part of the radio. 
These can be functionally equivalent 
to the local tuner. The separate tuner 
does offer two advantages over the 





Figure 14-17 — Automatic tuners from LDG, MFJ and SGC — 
ready for test. 
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internal tuner — it can support 
multiple radios, and most can match a 
higher SWR than many of the internal 
tuners. The key factor in deciding 
between a local and a remote tuner 
then becomes how much of the trans- 
mitter power actually reaches the 
antenna system and how much will 
heat up the transmission line. This is 
a function of operating frequency, 
SWR and line length. 

The place to start the analysis is 
with The ARRL Antenna Book.' 
Figure 23 in Chapter 24 provides the 
attenuation in 100 feet of matched 
transmission line for each of the 
common types. Table 14 in the same 
chapter provides the additional loss 
for the non-matched case as a 
function of SWR and matched loss. 
[The same data is in Chapter 7 of this 
book.] Using the two tables, you can 
determine the total loss of your 
transmission line. 

If the loss is acceptable, you can 
tune at the transmitter end. If not, by 
tuning at the antenna end you can 
eliminate most of the additional loss 
due to mismatch. 

An example might be helpful. A 
multiband antenna such as my GSRV 
might have a 5:1 SWR on parts of 


'Notes appear on page 14-35. 


LDG RT-11 and Z-100 


A look at LDG’s Web page, www. 
Idgelectronics.com, will show you 
their selection of tuners and accesso- 
ries. In addition to the RT-11 remote 
control tuner and the Z-100 local 
tuner, tested (see Figure 14-18), they 
offer an autotuner rated at 1000 W. 
As this review was being prepared in 
2004, they also announced a much 
more feature rich desktop unit to 
complement the very basic, but lower 
cost Z-100. 


10 meters. If we feed it with 150 feet 
of RG-58 cable we have a matched 
loss of about 3.5 dB and the 5:1 SWR 
adds about another 2 dB for a total of 
5.5 dB loss or about 71% of our 
power heating up the line! By moving 
the tuner to the antenna end of the 
coax, we reduce that to 55%. Another 
option is to change the transmission 
line (my solution immediately after 
making that calculation!). 

If we go with lower loss RG-8 
instead, we have a matched loss of 
about 2 dB (1.3 dB per 100 ft) and 
the SWR adds about another 0.3 dB 
for a total of 2.3 dB, or a loss of about 
41% of our power. With the tuner at 
the antenna, the total loss would be 
the 2 dB or 37%—not much of a 
difference. Note that I didn’t consider 
the tuner losses here, under the 
assumption that they would be the 
same at either location. The numbers 
get much more grim as the SWR goes 
up, by the way. 

Two notes of caution—first, if you 
measure the SWR at the shack end of 
the cable, it will appear better than it 
is, due to the cable loss; second, the 
matched loss from Figure 23 is the 
best matched loss for new and dry 
cable. The actual loss can only go up 
from there, especially if the cable 
came from some dark corner of your 
basement, or worse, from an un- 


known source at a fiea market. 

Note that all of these tuners are 
designed for unbalanced (coax) cable 
between the tuner and the radio and, 
with the exceptions noted, unbal- 
anced operation on the antenna side 
(coax or single wire antennas) as 
well. In order to use these tuners with 
a balanced load, it is best to decouple 
the ground side of the tuner from the 
transmission line. A coax choke can 
be used, or a balun (balanced to 
unbalanced transformer) can be 
employed. If you are using a balun, it 
is best to keep the line impedance 
within a SWR of about 4:1 (with 
respect to the usual 200 © impedance 
of a 4:1 balun) to avoid heating, loss 
and possible balun damage. A 
subsequent planned review will look 
at the special class of unbalanced to 
balanced tuners that sidestep this 
issue in an elegant way and are once 
again appearing on the market. 

A word or two about the data 
shown may be in order. Please note 
that we used the same precision 
resistive load set for each tuner. In 
most cases, this includes data outside 
the manufacturers’ specification 
range. We measured at a single 
frequency in each band, and for 6 
meters we just measured the case 
with a 1:1 load for all the tuners that 
claimed operation there. 





Figure 14-18 — LDG RT-11 (left) with control box and Z-100. 
A 12 ounce beverage container provides scale. 
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LDG RT-11 


The RT-11 is a rugged, weather- 
proof tuner designed to be used inside 
or outdoors. It has coax connectors on 
input and output and is rated at 125 W 
from 1.8 to 30 and 50 W to 54 MHz. 
It is rated to match antennas with an 
SWR of 10:1 to 30 MHz and 3:1 
from 50 to 54 MHz. This unit has an 
optional remote control designed to 
be used up to 100 feet from the tuner 
(15 foot cable supplied). 

The remote control provides the 
ability to force a new tune, set for 
semi or full auto operation, keep the 
unit from tuning and allows bypass- 
ing of the tuner (straight through 
operation for matched antennas or out 
of band receive). In addition, LED 
indicators let you know the status and 
whether the SWR is below 1.5:1. One 
caution with the remote, the mount- 
ing bracket screws are not captive so 
you may want to use double-sided 
tape to secure it to a surface. 

The RT-11 also has a jack to allow 
interfacing to radios designed to 
control proprietary tuners by emulat- 
ing their commands. Special cables 
are offered to hook to various Alinco, 
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ICOM, Kenwood and Yaesu radios 
for this purpose. 

In my trials at home, I found that 
the RT-11 effortlessly tuned every 
antenna I had on all bands with a very 
low SWR, always well below 1.5:1. 
The tuning seemed to take about 5 
seconds and hit the result the first 
time. 

While automatic operation is 
possible without radio interface or 
remote control, I would have trouble 
imagining it and would suggest the 
remote for those without a compatible 
radio. For one thing, once tuned, it 
won’t automatically restart the tuning 
process until the SWR reaches 3:1, a 
value that might cause many radios to 
“fold back” (reduce power) signifi- 
cantly. 

The manual mentions that tuning 
should take place at the 25 W level, 
with full power applied only after 
tune is achieved, so that relay life will 
not be reduced. They also indicate 
that if a radio has the common power 
output fold back with high SWR it 
will automatically reduce power 
appropriately. I wouldn’t count on 
that providing sufficient reduction, 


LDG RT-11 Remote Automatic Antenna Tuner 


Manufacturer's Specifications 


Input SWR range: to 10:1 (3:1 on 6 meters). 


Output SWR range: not specified. 
Frequency coverage: 1.8 to 54 MHz. 


Input power: 0.1 to 125 W, 50 W on 6 meters. 
Power requirements: 11 to 14 V de, 7 to 250 mA. 


Measured in ARRL Lab 
See below. 

See below. 

As specified. 


Measured power loss into resistive loads (%) / Input SWR at match: 


especially as the match is ap- 
proached; I would instead manually 
reduce power while tuning. 


LDG 2-100 


The Z-100 is a self contained desk 
top unit with a 125 W rating (SO W 
on 6 meters). This unit is the first of a 
new series of tuners being released by 
LDG, with others providing addi- 
tional features and controls. This is a 
basic unit corresponding to its low 
price, but none the less provides the 
needed tuning functions with straight- 
forward “one button” operation. It 
includes memory of the settings for 
the last 200 matches made and tries 
those before it branches to its 
unknown tune algorithm. This is a 
clever idea that avoids the need to 
measure frequency. It is particularly 
useful for the case in which more 
than one antenna is used, since it 
really doesn’t care — if it made the 
match before it will do it again, ina 
fraction of a second. 

A feature of this unit is that it only 
draws power when actually tuning. 
Upon completion, the relays remain 
latched without power required until 


Tested at 50 W on HF, 20 W on 6 meters. 
Idle O mA, max 140 mA at 13.8 V dc. 


SWR Load (Q) 160 Meters 80 Meters 40 Meters 20 Meters 10 Meters 6 Meters 
16:1 3.125 No Match No Match 27 22 <10 
21,551 2.6:1 <1.5:1 
8:1 6.25 No Match 17 17 19 20 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 
4:1 12.5 11 11 12 13 26 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <2:1 
2:1 25 <10 <10 <10 <10 23 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 2.1:1 
1 50 <10 <10 <10 <10 <10 21 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 2.1:1 
2:1 100 <10 <10 <10 <10 17 
<2:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 
4:1 200 <10 <10 <10 <10 15 
<2:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 
8:1 400 <10 <10 <10 <10 28 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 
16:1 800 <10 12 <10 <10 19 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 
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Table 14-8 
LDG Z-100 Desktop Automatic Antenna Tuner 


Manufacturer's Specifications Measured in ARRL Lab 
Input SWR range: to 10:1 (3:1 on 6 meters). See below. 

Output SWR range: not specified. See below. 

Frequency coverage: 1.8 to 54 MHz. See text. 


Input power: 0.1 to 125 W, 50 W on 6 meters. Tested at 50 W on HF, 20 W on 6 meters. 
Power requirements: 7 to 18 V dc, 250 mA. Idle 0 mA, max 160 mA at 13.8 V de. 


Measured power loss into resistive loads (%) / Input SWR at match: 


SWAR_ Load (Q) 160 Meters 80 Meters 40 Meters 20 Meters 10 Meters 6 Meters 
16:1 3.125 No Match No Match 15 10 <10 
<1.5:1 <1.5:1 <1.5:1 
8:1 6.25 No Match 13 15 15 20 
2.6:1 <2:1 <1.5:1 <2:1 
4:1 12.5 No Match <10 <10 <10 <10 
<1.5:1 <1.5:1 <2:1 <1.5:1 
2A 25 <10 <10 <10 <10 17 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 
11 50 <10 <10 <10 <10 <10 20 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 <2:1 
2:1 100 <10 <10 <10 <10 <10 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 
4:11 200 <10 <10 <10 11 <10 
22131 2.2:1 <1.5:1 <1.5:1 <1.5:1 
8:1 400 <10 <10 <10 11 <10 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <2:1 
16:1 800 11 14 15 33 43 
2.2:1 2.3:1 <1.5:1 <1.5:1 


<1.5:1 


and 3 seconds the tuner will attempt 
to find a match from memory 
(typically less than half a second), 
and only initiate a full tune if needed. 


improved internal decoupling that 
solved this problem and the results 
reflect that change. LDG states that 
this will be included in future 


the next tune is requested. This is 
particularly appealing for portable 
low power operations in which every 
milliamp-hour is carried in. 


The operation of this tuner is 
fundamentally different from the 
others in that it will only tune when 
the TUNE button is pushed. This has 
an advantage in that it will not start 
tuning inadvertently on high SWR, 


potentially applying full power during 


tune. Upon changing frequency, the 
operator can decide whether or not to 
initiate the tune cycle. By pushing the 
button for less than 0.5 seconds, the 
tuner goes to bypass. Between 0.5 


If the button is pushed for more than 
3 seconds a full tune cycle is initiated, 
ignoring any memorized settings. 
This is easier to deal with than it 
sounds since the LEDs provide a 
confirmation of tuning mode. A 
green LED also indicates if the match 
is less than 1.5:1 or between 1.5 and 
2:1, An early production unit 
exhibited some inconsistent tuning 
results on 6 meters. The manufac- 
turer has developed a method of 
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production units and that anyone hav- 
ing problems with 6 meter tuning on 
early units should contact them 
directly. 

Manufacturer: LDG Electronics 
Inc, 1445 Parran Rd, PO Box 48, 
St Leonard, MD 20685; tel 877-890- 
3003; fax 410-586-8475; www. 
Idgelectronics.com. 2004 prices: 
RT-11 Tuner, $209; Remote head, 
$39; Z-100, $149; 12 V power cube 
for either tuner, $10. 
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MFJ-991 


MFJ has recently announced a 
series of autotuners. All are in the 
typical indoor/ colocated configura- 
tion, but with the available remote kit 
(ordered, but not received in time for 
the review) can be used as a remote 
tuner if kept out of the weather. They 
offer the MFJ-991 (tested, as shown 
in Figure 14-19) 150 W rated tuner, 
a tuner with similar features rated at 
600 W and a 300 W autotuner with 
digital display, balun and two port 
antenna switch. As with the LDG, 
the MFJ tuners require their tuning 
be accomplished at reduced power. 

The MFJ-991 front panel provides 
full control capability and forward 
and reflected power metering with 
“crossed-needle” SWR measurement 
display. Two features of the 991 are 
not found on other tested units and 
are worth mentioning. First, the °991 
has the capability to allow manually 
adjusting the C and L values of the 
tuner while in receive. This is helpful 
if you are using your radio for 
receive only and wish to attempt to 
match in order to increase signal 
strength. The second feature is the 
ability to select the SWR threshold 


Table 14-9 





Figure 14-19 — MFJ-991 Autotuner. 


at either 1.5 or 2:1. 

In our testing the tuner went to 
the best match it could find in 
either case. The difference was in 
how far you could change frequency 
before it would automatically retune 
when you transmitted. If your radio 
can tolerate a 2:1 SWR, this could 
provide a benefit. The 991 could 
tune my GSRV on all bands and 
remembered the last setting for each 
frequency (1000 memories), with a 
one-click reset. Tuning the first 
time on a frequency was typical of 
the cycle time of the other units. 
This unit sounded somewhat louder 
(it has 18 heavy duty relays) than the 
other test samples, although not an 
issue for the single click associated 
with a memorized tune. 

The MFJ-991 can interoperate 
with ICOM and Alinco tuner control 


MFJ-991 Desktop/Remote Automatic Antenna Tuner 


Manufacturer's Specifications 
Input Impedance range: 6 to 3200 ©. 


Output SWR range: 1.5:1 or 2:1 selectable. 


Frequency coverage: 1.8 to 30 MHz. 
Input power: 5 to 150 W. 
Power requirements: 12 to 15 V dc, 1.0 A. 


Measured in ARRL Lab 
See below. 

See below. 

As specified. 

Tested at 50 W. 


commands. Appropriate interface 
cables are available from MFJ. 

In addition to the obvious con- 
trols and indicators, there are some 
subtle ones as well. There are a 
number of meter “signals” sent to the 
operator that will not be clear without 
a cruise through the manual. For 
example, if you forget to reduce 
power before tuning, the power meter 
swings to full scale and the tuner is 
bypassed. If you toggle between 1.5 
and 2:1 SWR threshold, the meter 
briefly jumps up to indicate that SWR. 

Manufacturer: To order, or for your 
nearest MFJ dealer, call MFJ Enter- 
prises at 800-647-1800 or order at 
www.mfjenterprises. com, fax 
662-323-6551; or write MFJ Enter- 
prises, Inc, 300 Industrial Park Rd, 
Starkville, MS 39759. [2004] Price: 
$220. 


Idle 90-300 mA, max 500 mA at 13.8 V dc. 
Measured power loss into resistive loads (%) / Input SWR at match: 


SWR Load(Q) 160 Meters 80 Meters 40 Meters 20 Meters 10 Meters 
16:1 3.125 No Match 27 20 15 <10 
<1.5:1 e521 44:5:1 <2:1 

8:1 6.25 12 14 15 24 19 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 2.6:1 

4:1 12.5 <10 <10 <10 <10 12 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 

2:1 25 <10 <10 <10 <10 <10 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 

154 50 <10 <10 <10 <10 <10 
<1:5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 

2:1 100 <10 <10 <10 <10 <10 
<1.5:1 <1.5:1 e185 <1.5:1 <1.5:1 

4:1 200 <10 <10 <10 <10 <10 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 

8:1 400 <10 <10 <10 11 11 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1.5:1 

16:1 800 <10 16 <10 <10 23 
<1.5:1 <1:621 <1:5:1 <1.5:1 <Uba 
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SGC SG-237 and MAC-200 


SGC has been making automatic 
antenna tuners for many years, and 
offers a wide selection. Until recently, 
they concentrated on remote tuners, 
usually the weatherproof type, at 
power ratings of 100 to 500 W. More 
recently, they have introduced a 
number of variations of their SG-237, 
a board version to build into your own 
radio or antenna cabinet, an open 
enclosure model for remote but indoor 
use and one with controls and 
indicators intended for portable use. 
They have recently released a Multiple 
Antenna Controller, MAC-200. The 
units we tested were an SG-237 (one 
that has fed the backstay of my 
sailboat for some years) and a 
relatively new combination unit, the 
MAC-200 (as shown in Figure 14-20). 


SGC SG-237 Autotuner 


The SG-237 was the first in a series 
of SGC tuners that were much more 
compact than their previous (and 
continuing) line, the SG-230 (200 W, 
1,6-30 MHz), SG-231 (100 W, 

1-60 MHz) and SG-235 (500 W, 
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1.8-30 MHz). The SG-237 is rated at 
100 W PEP, both for operation and for 
tuning (40 W continuous carrier 
power). The transmitter connection is 
via a 9 foot combined RF, control and 
power cable (25 and 50 foot exten- 
sions are available), while the antenna 
connection is via a single ceramic 
insulated terminal. While the tuner is 
designed to feed a single wire against 
ground, I have successfully employed 
mine into coax fed antennas as well as 
loops and single wires. 

This is a rugged unit in a compact 
waterproof aluminum enclosure that 
can slide in almost anywhere. It needs 
no remote control box to work, and 
I’ve used mine that way for years. An 


SGC SG-237 Remote Automatic Antenna Tuner 


Manufacturer's Specifications 

Input SWR range: corresponding to a 
minimum 7 foot antenna above 3.5 MHz, 
23 feet above 1.8 MHz. 

Output SWR range: 1.4:1 typical. 

Frequency coverage: 1.8 to 60 MHz. 

Input power: 3 to 100 W. 


Measured in ARRL Lab 
See below. 


See below. 
As specified. 
Tested at 50 W. 


Figure 14-20 — SGC SG-237 (left) and MAC-200. 


optional remote control is offered (and 
we tested with it) to provide a positive 
indication of match and to allow a 
lockout or a forced reset. The lockout 
can be handy in a portable or mobile 
environment to avoid the tuner 
attempting to retune due to the 
temporary proximity of outside 
objects while in motion, for example. 
The °237 provides a memory 
function that uses the measured 
transmitter frequency to result in the 
tuner settings last used to successfully 
tune to that frequency. This means that 
instead of taking 5 to 10 seconds to 
tune, the previously stored settings for 
a frequency are applied in milli- 
seconds and used if the resulting SWR 


Power requirements: 10.5 to 18 V dc, 300 mA. Idle and tuning 270 to 480 mA at 13.8 V dc. 
Measured power loss into resistive loads (%) / Input SWR at match: 


SWR_ Load (Q) 160 Meters 80 Meters 40 Meters 20 Meters 

16:1 3.125 21 21 19 No Match 
<1.5:1 <1.5:1 <1.5:1 

8:1 6.25 16 18 20 24 

<1.5:1 2.1:1 <1.5:1 <1.5:1 

44 12.5 11 12 15 17 

<1.5:1 <1.5:1 <1.5:1 S181 

2:1 25 <10 11 21 18 

<1.5:1 <1.5:1 <2:1 <2:1 

11 50 <10 <10 <10 <10 

<1.531 <1.5:1 <1.5:1 <1.5:1 

2:1 100 <10 <10 <10 13 

<2:1 <2:1 <1.5:1 <1.5:1 

4 200 No Match <10 <10 16 

2.431 <1.5:1 <1.5:1 

8:1 400 No Match <10 10 16 

diy <1.5:1 <1.5:1 

16:1 800 <10 <10 14 30 

<1.531 <1.5:1 <1.5:1 <1.5:1 
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10 Meters 6 Meters 


<10 


12 29 
<1.5:1 
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is less than 2:1. In some cases they 
won’t be right (and a new tune will be 
initiated), if a different antenna is 
used, for example, but their concept is 
that this tuner is out where the antenna 
is and thus should see the same imped- 
ance for a given frequency each time 
that frequency is employed. 


SGC MAC-200 Multiple 
Antenna Controller 


This device combines a 200 W 
autotuner, a five port automatic or 
manual antenna switch, power and 
SWR meters and a balun in one 
compact package. This is a nice unit 
and quickly grew on me in operation. 
It has enough controls and indicators 
to keep me entertained even when the 
bands aren’t open. 

For some time, most manual tuners 
have had provisions for switching 
antennas as well as tuning them. This 
is very handy, since even those with 
just one antenna should have a dummy 
load to switch to for tune up. I have no 
numbers, but I would guess more 
hams have more than one HF antenna 
than have only one. I don’t have fancy 
HF antennas, but I have a G5SRV I use 
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on 80 through 10, a Lazy-H, perpen- 
dicular to the GSRV for 30 through 10 
meters and a 70 foot wire vertical for 
use when it makes sense (not often in 
my part of New England). 

With the MAC-200, I can memorize 
which antenna to use on which band. It 
switches antennas on the first dot of a 
CW string (full power—no problem) 
and I’m there. As noted, at my station, 
on some bands the antenna is a 
function of the direction to the distant 
station, I can just touch the MANUAL 
button and I can select a different 
antenna by touching a button num- 
bered 1 to 5. 

As configured, antenna one is 
intended for balanced feed, antenna 
two has a terminal for a single wire 
feed, and three through five are 
terminated in UHF (SO-239) coax 
connector jacks. 

The separate meters for power and 
SWR are handy. The SWR meter is 
especially convenient in that it 
computes and indicates SWR indepen- 
dent of power level without an 
adjustment. The manual warns that the 
meters are not of the precision type 
and I can attest to that. Their meter 


SGC MAC-200 Desktop Automatic Antenna Tuner and Controller 


Manufacturer's Specifications 

Input impedance range: 5-1000 (feed line) 
0.2-5000 (long wire). 

Output SWR range: 2:1 typical. 

Frequency coverage: 1.8 to 60 MHz. 

Input power: 1.5 to 200 W. 


Power requirements: 10 to 18.5 V dc, 230 mA. 


Measured in ARRL Lab 
See below. 


See below. 
As specified. 
Tested at 50 W. 


Idle 240 mA, max 490 mA at 13.8 V dc (meter light off) 
Measured power loss into resistive loads (%) / Input SWR at match: 


indicated 80 W while my Bird 43 
showed 100. This is still very useful to 
let you know if all is well. 

This is a handy unit, in a cabinet 
matching the cross section of the 
SGC-2020 transceiver (but somewhat 
longer), it can be made to fit in most 
shacks. In mine it can slide beneath the 
shelf that holds my equipment three 
inches above the desk, for example. 

The one limitation some may have 
is it provides a “typical” match of 2:1. 
Well 2:1 is fine for some transmitters, 
while others may start to “fold back” 
above 1.5:1 and this may be a problem 
if yours is in that group. On the other 
hand, looking at the data it is clear that 
most of the time it was below 1.5:1 
with our loads. 

Our original unit remembered 
which antenna to use on each band, 
but didn’t memorize tuner settings. A 
warranty replacement unit had a 
flawless memory function. 

Manufacturer: SGC Inc, 13737 SE 
26th St, Bellevue, WA 98005; tel 
425-746-6310; fax 425-746-6384; 
www.sgeworld.com. 2004 price: 
SG-237, $360; Smartlock remote 
control, $59; MAC-200, $360, 


Idle 280 mA, max 530 mA at 13.8 V dc (meter light on) 


SWR Load(Q) 160 Meters 80 Meters 40 Meters 20 Meters 10 Meters 6 Meters 
6 Meters 
16:1 3.125 No Match 39 24 <10 <10 
<2:1 <2:1 <1,5:1 <1.5:1 
8:1 6.25 No Match 16 18 15 30 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 
41 12.5 <10 <10 <10 18 27 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <1,5:1 
2:1 25 <10 <10 <10 <10 25 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 2:1 
gf | 50 <10 <10 <10 <10 12 27 
<2:1 <1.5:1 <1.5:1 <1.531 <2:1 <2:1 
2:1 100 <10 <10 <10 <10 14 
<1.5:1 <2:1 <2:1 <2:1 <1.5:1 
4:1 200 <10 <10 <10 <10 14 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 <2:1 
8:1 400 <10 <10 13 15 17 
<1.5:1 <1.5:1 <1.5:1 41.571 <1.5:1 
16:1 800 No Match 22 14 25 31 
<1.5:1 <1.5:1 <1.5:1 <1.5:1 
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Medium to High Power Auto Antenna Tuners 


— The Evolution Continues 





Reviewed by Joel R. Hallas, WIZR 
QST Technical Editor, 
QST August 2006 

We last looked at a selection of 
automatic antenna tuners in May 
2004 (see previous section). At that 
time, we picked four examples, two 
designed for remote operation and 
two desktop units. While different in 
many ways, they all were limited to 
100 to 200 W. Higher powered 
automatic antenna tuners have been 
available, but they were either built 
into high powered amplifiers (ICOM 
or Yaesu, for example), were de- 
signed for remote operation as in the 
SGC SG-235, or have been discontin- 
ued, as in the case of the Ten-Tec 
2532 

High powered automatic antenna 
tuners initially appeared in the 1980s 
— the Heath 2500, J.W. Miller 
AT2500, and Daiwa CNA-1001 — 
but they were not as sophisticated as 
the units reviewed here, requiring 
some manual adjustment or presetting 
of the inductor for best operation.*49 

Modern solid state transceivers and 
linear amplifiers with their “no tune” 
output stages have been well re- 
ceived, especially by those of us who 
grew up in the vacuum tube era. 

The typical transmitter of that time 
required careful adjustment of the 
transmitter TUNE, LOAD and DRIVE 
controls, at a minimum, every time 
we changed frequency. Failure to do 
it right could result in destruction of 
the final amplifier tubes — sometimes 





Figure 14-21 — Medium power tuners from 


a pricey proposition. The other side 

of the coin is that those transmitters 
could be adjusted to match antenna 

loads with a much higher SWR than 
the current crop of radio gear. 

The modern no-tune feature 
generally means “no tune if the SWR 
is 1.5:1 or less,” something that often 
doesn’t fit with real world antennas 
and wide amateur bands. The answer 
has been an antenna system matching 
unit, often called an antenna tuner, 
even though many would argue that it 
doesn’t really tune the antenna — 
rather it transforms the impedance at 
the bottom of an antenna system to 
the 50 Q the radio equipment wants 
to operate into, Setting semantics 
aside, it seems that the controls we 
used to have to adjust haven’t 
disappeared but have moved from the 
radio to another box — the antenna 
tuner. 


Enter the Automatic 
Antenna Tuner 


To extend the no-tune concept all 
the way to the antenna requires a 
no-tune, or automatic, antenna tuner. 
As noted, these have been generally 
available for some time at the power 
levels of modern transceivers, Each of 
these tuners can effectively add an 
automatic antenna matching system 
to your medium to high power HF 
station, at least up to their power 
limits. Honor the caveats and you will 
appreciate the freedom they provide. 

For this review we have selected 


Palstar, LDG and MFJ. 
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three desktop models that span the 
medium to high power range and 
highlight some other differences as 
well. While they all fill the same spot 
in a station block diagram, they are 
quite different in several respects and 
thus should not be directly compared 
ona 1:1 basis. Rather, determine if 
one or more will meet your needs, 
desires and budget. 

All of the tuners reviewed in the 
2004 report shared the same adjust- 
ment mechanism — fixed inductors 
and capacitors switched by relays. 
The LDG and MFI tuners reviewed 
here share that architecture as well, 
but with beefier components designed 
to meet the higher power require- 
ments of their ratings. The Palstar 
AT-Auto is of a completely different 
design, a T network with a differen- 
tial variable capacitor, half on each 
side of a shunting rotary inductor. 
The Palstar makes its adjustments via 
stepper motors rather than relays. 
Interestingly, while standalone tuners 
have tended to be of the relay type, 
many internal tuners have used motor 
driven capacitors. Motor driven 
components were also used in the 
high powered automatic tuners from 
the 1980s mentioned previously, so 
this is a time-tested approach. We’ll 
look at each tuner in alphabetical 
order. These tuners from LDG, MFJ 
and Palstar offer the convenience of 
automatic tuning at medium to high 
power levels. 
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LDG AT-1000 Automatic 
Memory Antenna Tuner 


The LDG AT-1000 sits squarely 
in the middle of the pack, both in 
terms of price and power rating. The 
1000 W level fits nicely with a good 
selection of popular, not quite legal 
limit, linear amplifiers, including a 
couple announced at Dayton in 2006. 
All of the tuners reviewed here cover 
160 through 10 meters, but the 
AT-1000 offers operation on 6 meters 
at the 100 W level as well. 

The LDG, in common with the 
other units, has memories to allow a 
rapid return to the last previously 
matched settings. In the case of the 
AT-1000, there are 200 memory 
locations and the tuner will reset to 
them in less than half a second. If the 
antenna you are tuning does not have 
a memorized setting that works, the 
tuner can spend up to 8 seconds 
finding a match, but will remember 
for the next time. 

The LDG approach to memory man- 
agement is different from some. Some 
others tuners store settings based on 
frequency. This is a great approach if 
you will be tuning a single antenna for 
each band. In the LDG AT-1000, the 
last 200 successful matches are stored 
independent of frequency. A new 
match request quickly cycles through 
the 200 to see if a match is found be- 
fore it begins its tune algorithm. This 
is a particularly beneficial approach if 
you switch the tuner output to differ- 
ent antennas on the same band, since 
it doesn’t have to relearn parameters 
for a particular frequency every time 
you change antennas. It also avoids the 
need for frequency measuring circuitry 
within the tuner. 

The AT-1000 has a fairly Spartan 
front panel that doesn’t immediately 
show its capabilities. LDG has made 


t Dn | Tune 


AT-1000 Autotuner 


Figure 14-22 — Front panel of the LDG AT-1000. 
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Table 14-12 
LDG AT-1000 


Manufacturer's Specifications 
Maximum power, 1000 W SSB, 750 W CW, Tuning time: 1 to 8 seconds. 
0.5 second if memorized 
500 W digital, 100 W 6 meters. 
20 W while tuning (100 W with foldback), 
75 W (3:1 SWR), 125 W (1:1 SWR). 
Minimum power for tuning: 5 W. 
Frequency range: 1.8 to 54 MHz. 


Input impedance: 6 to 800 .. 
Power required: 11 to 15 V, 1A. 
Dimensions (height, width, depth): 
3 x 13 x 9 inches. 

Weight: 6 pounds. 

Measured power loss into resistive loads (%) / Input SWR at match. Tested at 50 W. 


SWR  Load(Q) 160m 80m 40m 20m 10m 
16:1 3.125 No match No match Nomatch Nomatch Nomatch 
n/a n/a n/a n/a n/a 
8:1 6.25 No match Nomatch * 20 22 
n/a n/a ae 1.6:1 ae 
41 12.5 12 : x - 18 
2.3:1 a vi 2.2:1 
2:1 25 * * * * * 
1 | 50 * * * * * 
2:1 100 . ; * * = 
“* “* “* 2. 1 | “ 
41 200 7 7 * * * 
8:1 400 16 2 . 22 17 
2.181 = a 2A ze 
16:1 800 No match 18 17 55 No match 
nia “* ue “* n/a 


*Power loss less than or equal to 10%. 
*“*Matched SWR less than or equal to 1.5:1. 


Figure 14-23 — Rear panel 
connections on the 
LDG AT-1000. 








Figure 14-24 — Interior circuitry of the LDG AT-1000. 


maximum use of the cross needle 
wattmeter on the front panel, going 
further with information delivery 
than I would have imagined with 
such a straightforward display. The 
cross needle wattmeter has two 
scales, reading forward (1000 W) and 
reflected (180 W) power simultane- 
ously. The point at which the meter 
pointers cross is a third scale directly 
reading in SWR. So far it’s just like 
every other cross needle meter we’ve 
seen. 

What sets the AT-1000 apart is that 
LDG has additional indicator 
functionality that appears as a set of 
semaphore signals between tuner and 
operator. Each needle is driven 
independently in this mode and each 
can vary in speed and position as it 
fills you in on the tuner’s condition 
and status. For example, if during a 


MFJ-994 Intellituner 
Automatic Antenna Tuner 


At first glance, the MFJ-994 
appears to be a very similar tuner to 
the AT-1000. It has almost the same 
controls and indicators as the LDG 
tuner, although they are on opposite 
sides of the front panel. It makes use 
of a similar set of semaphore indica- 
tions. The major differences are: 

©The MFJ tuner has a lower 
maximum power rating (600 vs 
1000 W PEP and 300 vs 750 W CW) 
and a correspondingly lower price. 

©The ’994 provides an interface to 
allow operation using the TUNE button 
on Alinco, ICOM, Kenwood or Yaesu 
radios equipped to control an antenna 
tuner. An accessory cable is required 
to activate this function. 

The °994 has more memory 
locations, all indexed by frequency. 

©The °994 offers a choice of two 





Figure 14-25 — Front panel of the MFJ-994. 


tuning cycle, both arms quickly raise 
fully (in surrender?) it means too 
much power has been supplied to 
allow it to safely tune. It then 
switches to bypass mode and goes on 
break until you reduce power and 
restart the tuning cycle. 

Another feature is the ability to 
change the inductance and capaci- 
tance parameters manually. This can 
be a benefit in at least two ways. First 
it allows manual fine trimming of the 
tuning in case you want a better 
SWR than the tuner finds automati- 
cally. Manual tuning can also be used 
to peak up the receive signal strength 
if you’re listening to a station on a 
frequency that you can’t transmit on. 
This could include shortwave 
broadcast frequencies or bands or 
segments for which you don’t yet 
have license privileges. 


power meter scales, 3000 or 300 W 
forward power with corresponding 
600 or 60 W reflected power at full 
scale. 

During the review process, we 
determined that the MFJ-994 has now 
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Figure 14-27 — Interior circuitry of the MFJ-994. 


How’d it Work? At my station the 
AT-1000 did everything I asked of it 
without problems. My antennas 
tuned satisfactorily on all bands. 
Memorized settings were recalled 
without difficulty in a fraction of a 
second. The 15 page multicolor 
manual does a good job of describing 
how to set up and use the tuner. A 
table of “meter bounce codes” is 
included, and you will likely want to 
keep a copy at hand, unless your 
memory is much better than mine. 
ARRL Lab test results are shown in 
Table 14-12. 

Manufacturer: LDG Electronics, 
1445 Parran Rd, St Leonard, MD 
20685; tel 410-586-8475; 

Idg @ldgelectronics.com; 
www. Idgelectronics.com. 2006 
price: $599. 


been superseded by the MFJ-994B. 
The functionality and operation are 
similar, with the same tuning and 
switching elements. The main 
difference seems to be the memory 
management function, with the B 


Figure 14-26 — Rear panel 
connections on the MFJ-994. 
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Table 14-13 
MFJ-994 


Manufacturer's Specifications 


Maximum power, 600 W PEP SSB, 300 W CW, Input impedance: 12 to 800. 


20 W while tuning (100 W with foldback). 
Minimum power for tuning: 10 W. 
Frequency range: 1.8 to 30 MHz. 


Power required: 12 to 15 V, 1A. 
Dimensions (height, width, depth) 
2.8 x 10.1 x 9.2 inches. 

Weight: 3.7 pounds. 


Measured power loss into resistive loads (%) / Input SWR at match. Tested at 50 W. 


SWR Load (Q) 160m 80m 40m 20m 10m 
16:1 3.125 No Match No Match 10 12 * 

n/a n/a 2.6:1 2.2:1 2.0:1 
8:1 6.25 13 13 i 13 15 

2.4:1 1.8:1 = il 2.2:1 

4:1 12.5 * + . * 15 

“* “* ” ”* 1.8:1 
2:1 25 * ss ® * " 
4:1 50 - * ® ¢ . 
2:1 100 - * * * * 
4:1 200 e * ¥ i e 
8:1 400 J * * 14 + 

ne 7 ee * 1 8:1 
16:1 800 ¥ 17 16 11 ~ 

ne ui mm 1.8:1 1.711 


*Power loss less than or equal to 10%. 
**Matched SWR less than or equal to 1.5:1. 


model including a virtual memory 
function said to store up to 10,000 
frequency data points versus 1000 in 
the earlier 994. The other difference 
noted in the specs is that the new one 
can tune with a minimum of 2 W, ver- 
sus 10 W in the original. 

The MFJ has some control 
flexibility hidden behind its few 
buttons. The “tuned” threshold can be 
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set to either 1.5:1 or 2:1. With the 
1.5:1 setting, the match is closer, but 
it will take a bit longer to find. While 
2:1 should happen more quickly, 
some radios won’t put out full power 
into a 2:1 load. It’s nice to have the 
choice. An “auto tune” function is 
also provided that causes the tuner to 
activate if the SWR goes above your 
threshold by a user selectable 0.5, 1.0 


or 1.5. This is handy as you change 
frequency, but be careful it doesn’t 
drop into tuning mode while you are 
at full power. Pushing in the AUTO 
button unambiguously disables the 
auto tune function, entirely avoiding 
this concern. 

In Summary The MFJ-994 did 
everything just as promised. It 
showed no problem handling the 
600 W we could deliver, the only 
tuner of the group that we could test 
to the limit! It was too quick for me 
to stopwatch the tuning speed, but my 
sense was, as expected, that the 
frequency based memories were a bit 
quicker if all operations were using 
the same antenna, It also appeared 
that the MFJ relays were a bit quieter 
than the other relay operated tuner, 
but that could have been because 
there were generally fewer cycles 
needed before it was matched. 
ARRL Lab test results are shown in 
Table 14-13. 

MF provided a comprehensive 23 
page, well illustrated, instruction 
manual that was clear in its descrip- 
tion of how the unit operated and 
what to expect of it. 

Manufacturer: MFJ Enterprises, 
300 Industrial Park Rd, Starkville, 
MS 39759; tel 662-323-5869, fax 
662-323-6551; www. mfjenterprises. 
com. 2006 price: $359.95. Auto tuner 
radio interface cables: MFJ-5124A 
for Alinco, $19.95 MFJ-51241 for 
ICOM, $19.95 MFJ-5124K for 
Kenwood, $59.95; MFJ-5124Y for 
Yaesu, $59.95. 


PALSTAR AT-AUTO 


As noted previously, the AT-Auto 
is of a different architecture than the 
other tuners in this review. Palstar is 
noted for its line of high quality 
manual antenna tuners, so it should 
not be a surprise that Palstar decided 
to build its first auto tuner using the 
same type of in-house constructed 
parts that have been successful in 
their other offerings. 

This is a large and complex device 
with features that I haven’t seen 
before in any tuner. The first feature 
you might notice is the cross needle 
wattmeter that takes up the left side 
of the front panel. This is the same 
display and circuitry built into their 
PM2000A standalone wattmeter. It 
provides both average and peak 
forward and reflected power readings 
at full scale power levels of 3000/600 
(forward/reflected) and 300/60 W. 
This is an upgrade to the Palstar 
WM150 wattmeter reviewed in July 
2002 with the addition of a PEAK 
HOLD setting with a 2 second hold 
time. 

The right side of the panel includes 
a two-line liquid crystal display 
(LCD), a knob for manual tuning 
(more later), MANUAL/AUTO and 
SELECT buttons. It is on this side of 
the panel that interesting things 
happen. As with most auto tuners, 
you apply power and it starts to 
match your antenna to 50 Q. What’s 
different with the AT-Auto’s tuning 
sequence is that it first measures 
frequency, tells you the operating 
frequency and then politely asks you 
to turn off your transmitter while it 
finds a close match. It has a default 
set of L and C values for each 
frequency and runs its quiet motors 
until they are in range. It then asks for 





Figure 14-28 — Front panel of the 
Palstar AT-Auto. 


another dose of RF to refine the tune. 
Every time it does this, like a good 
smart machine, it memorizes its 
settings and uses them the next time 
you use that frequency. This approach 
minimizes interference to others. 

A well thought out and, to my 
knowledge, unique feature of this 
tuner is its use of a radio interface. 
This, and many other auto tuners, 
make use of a radio’s tuner interface 
to initiate the tuning sequence and 
cause a reduced-power tune signal to 
be sent from the radio. The AT-Auto 
has an additional connection from the 
radio’s CAT (computer interface) 
port. The CAT port provides frequen- 
cy data from the radio to the tuner. As 
you tune the receiver, the tuner 
indicates the frequency and follows 
along with either its default or 


memorized values. This means that, if 


you’ve been on that frequency before, 
the tuner will be tuned before you hit 
the key or PTT! If you haven't been 
there before, it will use its default 
values and still be pretty close. 

This is particularly handy if you 
are listening to a frequency at which 
you aren’t licensed to transmit, for 
example WWYV or shortwave broad- 





cast frequencies. The cable for ICOM 
radios is provided. You do have to 
think a bit while you use it (yes we 
have to be even smarter than our 
smart devices!). The CAT frequency 
data reflects the frequency of which- 
ever VFO is active. If you are 
operating split frequency, it will tune 
back and forth between the two VFO 
frequencies as you switch between 
them. This is not likely much of an 
issue if you are operating in the 
typical “up five” (VFOs just 5 kHz 
apart) environment, but could be a 
disaster if you are operating cross- 
band split for some reason. The 
solution — while you have the VFO 
on your transmit frequency and the 
tuner properly tuned, tap the MANUAL/ 
AUTO button so that it will be in 
manual mode and the automation will 
take a break. 

The CAT function, as we wrote 
this, is available only for radios that 
support ICOM’s CI-V protocol. 
Palstar expects to have cables and 
software upgrades to allow interop- 
eration with Kenwood and Yaesu 
radios soon. Speaking of software, 
Palstar kindly provides a 9-pin serial 
cable designed to allow you to install 


Figure 14-29 — Rear panel 
connections on the Palstar 
AT-Auto. 





Figure 14-30 — Interior circuitry 
of the Palstar AT-Auto. 
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upgraded software when it is avail- 
able. As we write this, there is no 
information on how to do this in 
either the manual or on the Palstar 
Web site. On the other hand, there is 
no new software either, so presum- 
ably when there’s something new to 
download, they will tell us how to do 
it. We did successfully download 
upgraded software for their ZM-30 
Antenna Analyzer during that review, 
so they seem to be able to deal with 
the process. We understand from 
Palstar that revised firmware to 
improve 10 meter operation has been 
developed and will be available 
shortly. 

Another nice feature of the 
AT-Auto is that it has provisions for 
switch selection (via the front panel 
SELECT button) of either a balanced 
(through a 4:1 balun at the output) or 
an unbalanced (coax connected) 
antenna. The switch doesn’t just 
insert the balun, but provides two 
completely independent antenna 
connections, so both can be always 
available. The memory associates the 
settings with each antenna port 
separately, so if you switch between 
antennas while on the same band, it 
thoughtfully remembers the settings 
for each. 

New production tuners will also 
include BYPASS selection. A factory 
upgrade is said to be available for 
early production units. Want to do it 
Yourself? Poke the MANUAL/AUTO 
button and you are into manual tuning 
mode. The single knob below the 
LCD display is used to change the 
inductance or capacitance. It comes 
up ready to tune the C; push the knob 
in briefly and it changes the L. The 
value of L and C are displayed on the 
LCD panel as you change them, so 
you can record the values for later 
reference. It moves the adjustments 
via the stepper motors, so minimum 
effort is required — no heavy 
cranking needed. 

So how’d it work? We really liked 
the concept of this tuner. By its nature 
it can provide finer adjustment than 
the relay types we have seen, al- 
though their resolution could be made 
arbitrarily fine with additional relays 
and smaller increments of C and L, 
and higher cost. We also liked the 
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quietness of the motors compared to 
the clacking relays. The downside can 
be tuning time. As noted above, with 
a CATconnected radio and memo- 
rized settings it rapidly follows you as 
you tune. A change in bands can take 
longer. We measured the following 
times to retune between bands: 


From To Tune Time 
(Meters) (Seconds) 
80 40 11 
40 30 4 
30 20 3 
20 15 2 
15 10 2 
160 10 45 


The times shown are between 
memorized settings. To tune from a 
default setting to a finely tuned 
condition takes about 2 additional 
seconds if there isn’t already a memo- 
rized setting for the frequency. It 
seems especially quick with the CAT 
function, since it feels like it’s all 
tuned and waiting for you to catch 
up! 

The AT-Auto comes with a well 
illustrated 20 page manual. The 
manual assumes you know why you 
wanted an antenna tuner and where 
you are going to connect it. This 
wasn’t much of a problem since it has 
such an informative display, although, 
if you’re expecting “open left flap, 
remove tuner from box...” type 
instructions, this manual isn’t quite 
up to that standard. 

On the down side, we had just a 
few disappointments. Initially, the 
tuner wouldn’t match my antenna on 
12 and 10 meters. On 12 meters, my 
measured SWR was 6:1 at the tuner. 
While it couldn’t find a perfect 
match, and announced MATCH NOT 
FOUND! on the LCD panel, it actually 
got to within a 2.4:1 SWR, which my 
radio found acceptable. On 10 meters 
my antenna showed an SWR of 3:1 
and the best the tuner could do was 
2.78:1. In both of these cases, the 
LCD panel noted that the inductance 
was at L=000. 

This suggested to me that it was 
the particular value of complex 
impedance rather than the SWR that 
was causing the problem. I put in an 
additional 6 feet of 50 Q coax to 
move “around the Smith Chart” and 
the tuner was then able to find a 


perfect match in both cases. This is a 
good trick to keep in mind if faced 
with this kind of problem with any 
tuner. The indicator was very helpful 
in pointing me in the right direction. 

A less significant problem was that 
the frequency metering system 
required more power to determine the 
frequency on the higher bands. On 
160 through 15 meters, the 10 W that 
the ICOM transceiver put out in 
TUNE mode was plenty to allow the 
frequency to be read and the tune 
function to be initiated. On 12 and 10 
meters, at 10 W, I received a FRE- 
QUENCY ERROR CHECK CARRIER LEVEL 
message on the LCD. It took more 
power to allow the frequency to be 
read. This was no problem with 
another transceiver that allows me to 
crank it up as far as I want when the 
TUNE button is pressed, but the ICOM 
had a fixed level. A quick fix is to 
switch to AM or FM mode to put out 
more power. Just hit the bar on your 
PTT microphone or use a straight key 
in CW mode. 

Upon further investigation, I found 
that it worked fine on all bands with 
10 W to a matched load. At some 
impedances, apparently there was not 
enough signal for the measuring 
circuits. Another workaround would 
be to manually set it within range and 
then let the AT-Auto fine tune to 
perfection. A handy feature of this 
tuner is that it can be tuned at 1500 W 
with no relay contacts to burn. This is 
good since it sometimes notices a bit 
of reflected power and trims the 
adjustment after you turn on the 
amplifier. ARRL Lab test results are 
shown in Table 14-14. 

Manufacturer: Palstar Inc, 

9676 N Looney Rd, Piqua, OH 
45356; tel 800-773-7931, fax 
937-773-8003; info @ palstar.com; 
www.palstar.com. 2006 price: 
$1195. 


In Summary 


Each of these tuners did what they 
said they would over most of their 
frequency range and each could be of 
benefit to operators using higher 
power than that handled by other 
automatic antenna tuners. Some care 
needs to be taken with their opera- 
tion, beyond that found in the lower 


Table 14-14 
Palstar AT-Auto 


Manufacturer's Specifications 

Maximum power: 1500 W single tone. 
Frequency range: 1.8 to 30 MHz. 

Input impedance: 160 to 20 meters, 1200 
+j1200; 15 to 10 meters 1000 +/1000. 


16:1 3.125 54 33 19 
8:1 6.25 42 24 1 5 
4:1 12.5 30 17 1 4 
a 
“ oe fF Ls 
a wp LS 
4 200 1 i ee 
8:1 400 1 2 ss Wt 
16:1 800 16 25 24 
4, 2 2 


*Power loss less than or equal to 10%. 
**Matched SWR less than or equal to 1.5:1. 


powered units, because of the power 
involved and particularly because of 
the difference between “tuning 
power” and “operating power.” Each 
unit is specified to be tuned using 
reduced power from the exciter at 
somewhere in the 10 to 100 W range. 
Each tuner finds a match at that 
power level and then it should be safe 


Tuning time: 1-30 seconds. 

Dimensions (height, width, depth): 
5.5 x 12.5 x 16 inches. 

Weight: 25 pounds. 

Measured power loss into resistive loads (%) / Input SWR at match. Tested at 50 W. 


SWR Load (Q) 140m 80m 40m 


20m 


* 


et 


12 


10m 

No Match 
n/a 

No Match 
n/a 

No Match 
n/a 

26 


ae 
* 
** 


20 


ak 


43 


42 


49 


to switch on the linear amplifier 

— but is it? With the MFJ and Palstar 
tuners, there were conditions under 
which it would initiate the tuning 
cycle again at full power, even after 
being within specification at the lower 
tuning power. The reason is likely a 
combination of a larger sample of RF 
to make reflected power measurement 


and nonlinearity of the detectors, not 
surprising for analog circuitry. 
Different tuners will react differently 
under this circumstance. The Palstar 
actually doesn’t mind tuning at 1500 
W and will calmly trim up without a 
whimper. The MF] tuner will note 
that it is tuning above the specified 
tuning power spec and switch to 
bypass — whoops, you had the linear 
pre-tuned with a dummy load so that 
it would be ready to go, and now it 
sees a 9:1 SWR, or whatever your 
antenna has, going directly to the 
amplifier. This could cause a cata- 
strophic reaction in your amplifier! 
The LDG tuner is different in this 
regard. It only initiates a tune cycle if 
the TUNE button is pressed. 

So what to do? There are two 
potential solutions. One, manually 
trim up the tuning for an even lower 
SWR using the L and C up and down 
buttons. If the reflected power is fully 
nulled, it should avoid this problem. 
The other approach is to switch the 
tuner to manual mode after it finds its 
initial match. That will prevent it 
from automatically retuning while 
high power is applied. Or do both. 
Arguably this changes tuner operation 
from “auto” to “semi-auto,” but I 
recommend it for any high power 
relay switched tuner. The conse- 
quences of not doing so could be 
extreme to either the amplifier or the 
relay contacts or both. 
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A New Generation of Balanced 


Antenna Tuners 





Reviewed by Joel R. Hallas, WIZR 
QST Technical Editor 
QST September 2004 

A new breed of antenna tuner 
available in different flavors from 
multiple manufacturers addresses 
concerns about using baluns with 
high SWR to feed balanced antenna 
systems. Paul Danzer’s article in the 
April 2004 issue of QST brought to 
paper a concern many of us have had 
for some time — the use of baluns at 
the output of antenna tuners.° As 
noted in his article, if the balanced 
load is near the balun’s design 
impedance (typically 200 Q for the 
usual 4:1 balun) all is well. 

Unfortunately, the typical random 
sized center fed antenna with random 
length ladder line feed has an 
impedance at the feed point that 
varies dramatically with frequency. 
The result can be heating and loss 


(and occasional damage) at the balun. 


These effects were well documented 
in a series of QST articles by Frank 
Witt and later in a performance 
evaluation of unbalanced tuners with 
both balanced and unbalanced 
loads.78 


So How Do We Fix the 
Problem? 
As Danzer noted, the classic solu- 
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tion has been the use of an inherently 
balanced tuner. The commercially 
manufactured E.F. Johnson Matchbox 
tuners of the "50s worked reasonably 
well in their day, and over the bands 
that they covered (we didn’t have the 
60, 30, 17 and 12 meter bands back 
then). Now at least three manufactur- 
ers have begun offering balanced 
antenna tuners of a different configu- 
ration. For this review we selected the 
MFJ-974H and the Palstar 
ATILS00BAL and AT4K. Interest- 
ingly, each of the three uses a 
different architecture, and each is 
different from the design of the old 
Matchbox! 

In addition to those units, SGC has 
announced a low power self-con- 
tained auto-tuner, the SG-211, which 
shares the design concept of the 
AT4K and will be the subject of an 
upcoming Short Takes column. We 
thought it would be good to evaluate 
the performance of the medium and 
high-power units and provide a 
comparison to the old Johnson tuner. 


What’s in the New Tuners? 


Glad you asked! As noted, each of 
the tuners uses a different design 
configuration. Each can be directly 
compared to some of the common 
unbalanced configurations. Note that 


the power ratings and price of the 
Palstar tuners put them in a different 
category from the MFJ units and thus, 
direct comparisons may not be 
appropriate. Both the MFJ and the 
Palstar ATISOOBAL are fully 
balanced tuners — the MFJ a dual T 
section design with shunt L, and the 
Palstar a dual L section with shunt C. 
The Palstar AT4K tuner takes a 
completely different approach. It uses 
the insulated unbalanced scheme 
suggested in Paul’s article and 
described in detail in The ARRL 
Antenna Book.® 

The relationship of the designs to 
their more commonly encountered 
unbalanced configurations are shown 
in simplified schematics in Figures 
14-32 through 14-33. The other differ- 
ences between the units are in their 
ratings. The MFJ tuner covers 160 
through 6 meters, while the Palstar 
tuners top out at 10 meters. Both 
Palstar tuners are rated at 1500 W or 
greater (the AT4K has a reduced 
rating below a 25 Q load) while the 
MFI tuner is rated at 300 W PEP, 

150 W CW. 

The ratings of the Johnson Match- 
boxes were established in a day when 
amateur power levels were specified 
based on average de power input, 
rather than the current PEP RF output 


Figure 14-31 — From the 
top the MFJ-974H, the 
Palstar AT1500BAL and 
AT4K. On the right, they 
are being scrutinized by 
their logical ancestor, the 
Johnson Matchbox. 





Hi - LoZ 
Balanced 
3 ) } | Hi - Lo Z 
50 Q Unbalanced 50 Q Unbalanced \ Balanced 
(B) 


QS0409-ProdRev01 (A) 


Figure 14-32 — At A, 
the traditional balanced 
antenna tuner. At B, 
the Johnson Matchbox 
antenna tuner. 
Simplified view without 
bandswitching. 





power. A “275 W” Johnson matchbox 


QS0409-ProdRev02 was thus rated to work with transmit- 


500 Hi-LoZ 


ters running 275 W de input, or about 
200 W average output. This was in 


Unbalanced ) ) Unbalanced the day of plate modulated AM 


500 
Unbalanced 


500 500 Hi-LoZ 
Unbalanced Balanced Balanced 





Figure 14-33 — At A, an unbalanced T-network tuner. At B, a balanced 
T-network tuner. At C, an unbalanced T-network tuner for balanced loads. 


QS0409-ProdRev03 


50 Q 
Unbalanced 
Hi-LoZ 
Balanced 


500 Hi - LoZ 


Unbalanced } ) Unbalanced 


service, so that rating further trans- 
lates to 800 W PEP under today’s 
rules. Similarly, a “kW Matchbox” 
would likely be rated today as a 3 kW 
PEP tuner. 


Figure 14-34 — At A, an 
unbalanced L-network 
tuner with switched 
capacitor. At B, a 
balanced L-network tuner 
with switched capacitor. 
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MFJ-974(H) Balanced 
Antenna Tuner 


MFJ provides two versions of their 
°974, with (°974H) and without 
(974) the capability to cover 160 
meters. Both are rated at 300 W PEP, 
and 150 W CW. At only 7/4 inches 
wide, it takes up a small amount of 
desk space. Interestingly, it has about 
the same shape as the old 275 W 
Johnson Matchbox, but is 1 to 
2 inches smaller in each dimension. 
As noted above, this unit uses a T 
section design as in Figure 14-33B, 
so it is not necessary to switch 
capacitors from one side to the other 
as the impedance changes from high 
to low. 


Table 14-15 
MFJ-974H Balanced Antenna Tuner 


Manufacturer's Specifications 


The inductor is varied by selecting 
among 12 steps. The H model has an 
extra inductance for 160 meters that 
changes the tuning range as needed. 
A cross-needle two-range (30 and 
300 W full scale) power/SWR meter 
can be set to read peak or average 
power. Both the power level and null 
matched the meter on my transceiver 
quite closely. The capacitors are 
direct (1:1) drive, with plastic gearing 
between the ganged units. I found 
them easy to turn and to get a null. I 
used the old trick of tuning for 
maximum receive signal, first with 
the L switch, then with the capacitors. 

MFJ provides a page of nominal 
settings by band that you may find 


Measured in ARRL Lab 


Input load range: 12 to 2000 2. See below. 
Output SWR range: Not specified. See below. 
Frequency coverage: 1.8 to 54 MHz. See below. 
Input power: 150 W average, 300 W PEP. Not tested. 
Size: 6 x 7.5 x 9 inches (HWD). 
SWR_ Load (Q) 160 Meters 80 Meters 40 Meters 
Power Loss % 55 41 32 
8:1 6.25 SWR BW % 0.9 0.6 1.0 
Imbalance** 0 0 0 
Power Loss % 40 33 23 
4:1 12.5 SWR BW % 0.6 0.9 1.4 
Imbalance 0 0 0 
Power Loss % 25 22 <10 
2:1 25 SWR BW % 0.8 11 3.2 
Imbalance 0 0 0 
Power Loss % 22 15 32 
1:1 50 SWR BW % 141 1.4 2.1 
Imbalance 0 0 0 
Power Loss % 18 <10 <10 
2:1 100 SWR BW % 1.1 5 Bg 4.1 
Imbalance 0 0 0 
Power Loss % 17 <10 <10 
4:1 200 SWR BW % 4.1 2.8 2.5 
Imbalance 0 10} 0 
Power Loss % 12 <10 <10 
8:1 400 SWR BW % 1.5 3.4 75 
Imbalance 0 0 0 
Power Loss % 10 <10 <10 
16:1 800 SWR BW % 1.9 4.3 8.3 
Imbalance 0 0 0 
Power Loss % <10 <10 <10 
32:1 1600 SWR BW % 2.1 2.6 5.6 
Imbalance 0 0 0 
Notes 


helpful. When you switch to adjust- 
ing the tuner while transmitting, be 
sure to note their caution about not 
changing the inductor switch with 
power applied. You may burn the 
contacts otherwise. I also make it a 
practice to always tune at reduced 
power to avoid hitting my finals with 
a heavy mismatch at full power. 
When you have it set, turn up the 
power and confirm that all is well. 
One caution that applies to all T 
section tuners is to note that multiple 
settings can result in low SWR. 
Unfortunately, some will have higher 
losses than others. The rule of thumb 
is to use the setting with the smallest 
inductance (the L switch position on 


20 Meters 10 Meters 6 Meters” 
20 16 
2.0 2.0 Not Tested 
0 0 
<10 10 
2.8 3.4 Not Tested 
0 0 
<10 <10 
4.9 2.4 Not Tested 
0 0 
20 <10 <10 
2.1 12 10 
0 0 0 
<10 <10 
7.0 25 Not Tested 
0 0 
<10 <10 
9.1 10 Not Tested 
0 0 
<10 <10 
7.0 3.7 Not Tested 
0 0 
<10 <10 
Tr 3.7 Not Tested 
0 0 
10 11 
4.4 3.0 Not Tested 
0 0 


Power losses are expressed as a percentage. A 10% power loss represents less than half (0.46) a dB. 

The SWR bandwidth is the percentage of the measurement frequency that can be changed with the SWR staying under 1.5:1. 
*The ARAL test fixture is only usable at 50 . on 6 meters. 
**As defined in F. Witt, “Evaluation of Antenna Tuners and Baluns—An Update,” QEX, Sep-Oct 2003, pp 3-14. 
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this tuner) and highest capacitance 
that will provide a match. One 
limitation of the switched rather than 
roller inductor is that you can’t get 
values in between. I didn’t find that 
much of a problem, as I was always 
able to get to 1.5:1 or better SWR 
with my antennas. 

As you make adjustments, I 
suggest you log the settings for each 
frequency in a table such as the one 
supplied in the back of the manual. 
You may want to make photocopies 
or set up a spreadsheet so you will be 
able to repeat the process for your 
next antenna. If you find that you 
can’t get a match at some frequency, 
try adding 6 feet of ladder line at a 
time. The different length will move 
the impedance around and may solve 
the problem, but you will have to 
retune on the other bands and hope to 
find a length that will tune properly 
on all bands. 

Balanced loads are connected via 
standard (%4 inch) spaced multipur- 
pose binding posts. These accept wire 
ends, or dual banana plugs, a handy 
connector for balanced feed lines at 
this power level. The °974H also 
provides a capability to match 
unbalanced loads and provides a coax 





Figure 14-35 — MFJ-974H, 
inside view. 


connector for that purpose. It is 
necessary to provide a jumper 
between the lower balanced load 
binding post and the ground terminal 
to complete the unbalanced hookup. 
Note that the output is not switched, 
so an antenna should be connected to 
either the coax connector or the 
balanced jacks, but not both. 

Note that while the 974 is speci- 
fied to match a wide range of 
impedances on 6 meters, neither the 
Lab nor W1ZR could test at any 
impedance other than 50 Q. I tried 
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the unbalanced connection arrange- 
ment with my coax-fed GSRV. It 
worked fine until I tried it on 

160 meters, not one of the bands the 
antenna is supposed to operate on. I 
was able to quickly find a match at 
low power. When I turned up the 
power past 70 W, arcing was evident 
inside the unit. I opened it up and was 
surprised to find that rather than the 
expected arcing tuner element, I 
found the arcing source was at the 
metering circuit board. Measured Lab 
data is shown in Table 14-15. 

The unit went back to MFJ for 
repair under their warranty. Upon 
return, it worked fine at 100 W (my 
maximum power with the transceiver) 
and I was told by MFJ that a signal 
wire had been dressed too close to the 
meter board and arced. It was reposi- 
tioned and MF) installed the intended 
tie-wrap to hold it away from the 
meter board. The tuner was retested 
and had exhibited no problems. 

Manufacturer: MFJ Enterprises 
Inc, 300 Industrial Park Rd, 
Starkville, MS 39759; tel 800-647- 
1800; fax 662-323-6551; www. 
mfjenterprises.com. 2004 price: 
MFJ-974, $179.95; MFJ-974H, 
$199.95. 
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Palstar AT4K 
Antenna Tuner 


Unlike the other tuners in this 
review, the AT4K might best be 
described as an unbalanced tuner 
designed to feed unbalanced or 
balanced loads. This sounds contra- 
dictory, but really isn’t, as described 
in footnotes 1 and 6. If you just think 
of this tuner as a “four-terminal black 
box” (see Figure 14-33C) connect- 
ing a balanced load to a balanced 
source, followed by a 1:1 balun going 
to the transceiver, you may get the 
picture. 

An unbalanced T section, isolated 


from ground within the box, performs 
the required impedance transforma- 
tion to match the impedance at the 
bottom of the balanced transmission 
line to 50 Q to operate properly 
through the internal balun. This tuner 
also provides a heavy duty relay to 
connect the common points of the 
input, output and inductor to the 
chassis to convert it to a typical T 
section tuner for unbalanced loads. 
An additional feature, not found in 
any of the other tuners in this review, 
is antenna switching capability. The 
AT4K has a single pair of balanced 
output terminals, but also has three 


Table 14-16 
Palstar AT4K Balanced/Unbalanced Antenna Tuner 
Manufacturer's Specifications Measured in ARRL Lab 
Input load range: 8 to 2000 2. See below. 
Output SWR range: Not specified. See below. 
Frequency coverage: 1.8 to 30 MHz. See below. 
Input power: 2500 W single tone. Not tested. 
Size: 5 x 15 x 16 inches (HWD). 
SWR_ Load (Q) 160 Meters 80 Meters 40 Meters 
Power Loss % 24 14 10 
8:1 6.25 SWR BW % 11 2.6 6.4 
Imbalance 0.6 0.7 0 
Power Loss % 12 <10 <10 
4:1 12.5 SWR BW % 1.9 4.0 17 
Imbalance 0 0.4 0 
Power Loss % <10 <10 <10 
2:1 25 SWR BW % 3.0 74 39 
Imbalance 0 0.2 0 
Power Loss % <10 <10 <10 
1:1 50 SWR BW % 5.5 16 69 
Imbalance 0.3 0 0 
Power Loss % <10 <10 <10 
2:1 100 SWR BW % 6.1 26 49 
Imbalance 0.4 0 0 
Power Loss % <10 <10 <10 
4:1 200 SWR BW % 6.9 22 24 
Imbalance 0.5 0 0 
Power Loss % <10 <10 <10 
8:1 400 SWR BW % 7.8 1§ 14 
Imbalance 1.5 0.3 0 
Power Loss % <10 <10 <10 
16:1 800 SWR BW % V2 10 10 
Imbalance 2.6 0.5 0 
Power Loss % <10 <10 <10 
32:1 1600 SWR BW % 4.4 6.9 5.6 
Imbalance 4.9 0 0 
Notes 


coax outputs, Two can be tuned, or 
switched to straight through, while the 
third provides straight though 
operation only. This is a great spot to 
connect a dummy load, or a well 
matched Yagi. 

The inside view gives a sense of the 
heavy duty construction of this 
massive tuner. The rotary inductor is 
fabricated from silver plated strip 
stock, rather than the usual wire, and 
the rolling contact is designed to grip 
a significant portion or the coil, not 
just the edge. The inductor is driven 
by a smooth turn-count dial reading 
out to o of a turn and resetable in 


20 Meters 10 Meters 6 Meters* 
10 34 
49 0.5 
0.6 5.2 
<10 18 
8.5 0.7 
0.4 Th 
<10 <10 
21 415 
0.5 0 
<10 <10 
42 3.0 
0.4 0.3 
<10 <10 
44 10 
0 0 
<10 37; 
32 0.8 
0 3.4 
<10 Note 1 
15 
0 
<10 Note 1 
8.5 
0 
No Match No Match 


'According to the owner's manual for the AT4K, the matching range is limited on 10 meters. In testing, it was found that matches (SWR 
<1.5:1) could be obtained on 10 meters with some higher impedance loads by using a large amount of inductance. However, it is 
very likely that the tuner was close to self-resonance under these conditions, and this type of operation should be avoided due to the 


high losses in the tuner. 


Power losses are expressed as a percentage. A 10% power loss represents less than half (0.46) a dB. 
The SWR bandwidth is the percentage of the measurement frequency that can be changed with the SWR staying under 1.5:1. 
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between marks. As with its sister 
units, the capacitors are driven by 
5:1 reduction drives with 0 to 100 
logging scales. 

One design challenge with a 
tuner built of these large parts is to 
keep the minimum capacitance low 
enough so the unit will meet 
specifications at 10 meters. As 
shown in the data, Palstar has done 
a reasonably good job with this, 
but the limitations should be noted. 
I found that this unit could match 
all my antennas, balanced or 


Figure 15-36 — 
Palstar AT4K, 
inside view. 





unbalanced, except on 17 and 10 
meters where not all impedances 
are within range. Again, a change 
in transmission line length may 
move your impedance to a value 
within the tunable range. 

The metering was consistent 
with my other wattmeters, both 
in position of reflected null and 
forward power. I was able to 
easily return to a previous setting 
using the resolution of the dial 


scales. Measured Lab data is 


shown in Table 14-16. 
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Palstar AT1500BAL 
Balanced Antenna Tuner 


The Palstar ATISOOBAL is of 
the configuration shown in Fig- 
ure 14-34B. It is a legal limit device 
and a look inside makes me believe 
that it can handle serious power. The 
rotary inductors, two edge-wound 
silver plated ball-bearing monsters, 
driven by a toothed fiberglass belt and 
turns counting dial take up a lot of the 
interior space. The rest is largely 
occupied by a 450 pF 4.5 kV variable 
driven by a smooth 5:1 vernier dial. 

The inductors and capacitor are 
made in-house and work very well. I 
was particularly impressed with the 
resetability of the controls. The turns 
counter reads out to tenths of a turn, 





Figure 14-37 — Palstar 
AT1500BAL, inside view. 


and can be easily reset to 4 a tenth 
out of the 32 turns end-to-end. The 
vernier drive has a dial with 100 

divisions and no perceivable back- 
lash. Once you make up a table of 


Table 14-17 
Palstar AT1500BAL Balanced Antenna Tuner 
Manufacturer's Specifications Measured in ARRL Lab 
Input load range: 160 to 20 meters, 2500 + j2500 Q. See below. 
20 meters 1000 + j1000 ©; 10 meters, 500 + j500 2. See below. 
Output SWR range: Not specified. See below. 
Frequency coverage: 1.8 to 30 MHz. See below. 
Input power: 1500 W PEP. Not tested. 
Size: 6.5 x 12.5 x 15 inches (HWD). 
SWR_ Load (Q) 160 Meters 80 Meters 40 Meters 
Power Loss % <10 <10 <10 
8:1 6.25 SWR BW % No Match No Match 9.9 
Imbalance 0.3 0 0 
Power Loss % <10 <10 <10 
4:1 12.5 SWR BW % No Match No Match 1.3 
Imbalance 0 
Power Loss % <10 <10 <10 
2:1 25 SWR BW % 1.5 46 42 
Imbalance 0 0 0 
Power Loss % <10 <10 <10 
| 50 SWR BW % >100 >100 >100 
Imbalance 0.3 0 0 
Power Loss % <10 <10 <10 
2:1 100 SWR BW % >100 54 58 
Imbalance 0 0 0 
Power Loss % <10 <10 <10 
41 200 SWR BW % >100 29 26 
Imbalance 0.2 0 0 
Power Loss % <10 <10 <10 
8:1 400 SWR BW % 17 23 18 
Imbalance 0 0 0 
Power Loss % <10 <10 <10 
16:1 800 SWR BW % 11 11 13 
Imbalance 0 0 0 
Power Loss % <10 <10 <10 
3251 1600 SWR BW % 5.6 8.0 7.8 
Imbalance 0 0 0 
Notes 


tuning values by frequency, retuning 
should be a snap. I found the tuner 
easy to use at W1ZR, matching all 
reasonable antenna configurations 

I tried. I am only able to test at the 
500 W level and, as expected, 
encountered no difficulties. 

The cross-needle meter (300 and 
3000 W full scale ranges for forward 
average power) agreed closely with 
those on my equipment. One note, on 
many tuners, power is only required 
for meter lighting. On this unit, relays 
are used — both to switch capacitors 
from one end to the other and to 
switch in additional capacitance. The 
tuner will work only in the “high 
impedance/ no extra capacitance” 
mode if you neglect to plug in the 


20 Meters 10 Meters 6 Meters* 
6.6 5.4 
1.3 10 

0 0 
17 <10 
19 13 

0 0 

<10 <10 
>100 20 

0 0 

<10 <10 
56 61 

0 0 

<10 <10 
30 a7 
0 0 
<10 13 
20 1.7 
0 0 
<10 18 
13 4.0 

0 0 

<10 

5 No Match 

0 


Power losses are expressed as a percentage. A 10% power loss represents less than half (0.46) a dB. 
The SWR bandwidth is the percentage of the measurement frequency that can be changed with the SWR staying under 1.5:1. 
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supplied wall-wart or connect an 
external 12 V dc supply. I found I 
needed to exercise both relays to tune 
my antenna on all bands. 

Just after we purchased the 
ATIS500BAL tuner for evaluation, 
Palstar added the ATIKBAL tuner to 
their line. In spite of their product 
numbers, they both are specified to 
handle the US legal limit. There is a 
key difference, however. The 
ATIKBAL tuner has the capacitors 
on the output side only. This results 
in a tuner that is designed to match 
from around 100 © up and is similar 


to an early balanced tuner described 
by Measures. !9-!! 

Palstar has informed us that later 
this year they will replace the AT- 
1SOOBAL and the newer (and not 
tested) ATIKBAL with a new 
balanced tuner, the model BT1500A. 
This tuner will share the basic archi- 


tecture and design of the ATISOOBAL. 


It will make use of a new switched 
two-section variable capacitor 
designed to reduce minimum capaci- 
tance. This is intended to improve the 
tuning range, particularly on 10 
meters. It will also have the inductors 
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driven in tandem, removing the 
requirement for the drive belt and said 
to make for smoother tuning. Palstar 
expects to offer the BT1500A as their 
only balanced tuner once material for 
the others is exhausted. Measured Lab 
data is shown in Table 14-17. 

Manufacturer: Palstar Inc, 9676 N 
Looney Rd, PO Box 1136, Piqua, OH 
45356; tel 937-773-6255; fax 
937-773-8003; www.palstar.com. 
2004 prices: AT4K, $895; 
ATISOOBAL, $695.95; ATIKBAL, 
$595. 
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E. F. Johnson Matchbox 
Antenna Tuners 


Before WW II, the E. F. Johnson 
Company of Waseca, Minnesota, 
manufactured high quality variable 
capacitors, inductors and ceramic 
parts for electronics. By 1950 they 
were advertising their innovative 
Viking I transmitter in The ARRL 
Radio Amateur’s Handbook and the 
next year their Matchbox antenna 
tuner for $48.95. A kW version was 
advertised in 1957. These tuners were 
based on the classic prewar balanced 
tuned circuit tuner (Figure 14-32A), 
but with an added twist. While the 
classic tuner of the day used plug-in 
coils to change bands, and manually 
attached tap points on the coil to 


Table 14-18 


change impedances, the Matchbox 
was bandswitching and had a unique 
differential capacitor arrangement to 
adjust the transformation ratio from 
the front panel, as shown in Figure 
14-32B. 

Models were available with and 
without SWR metering and the units 
included a TR relay useful for the 
typical separate transmitter and 
receiver setups of the day. By the 
60s, the typical amateur antenna 
system had become one designed for 
resonant matched operation using 
coaxial cable without antenna tuners. 
Radios moved from AM to SSB, and 
Johnson changed their focus from 
amateur equipment to the commercial 
two-way FM radio market. 


E. F. Johnson 275 W Matchbox, Balanced Antenna Tuner 


Manufacturer's Specifications Measured in ARRL Lab 
Input load range: 25 to 1250 Q. See below. 
Output SWR range: not specified. See below. 
Frequency coverage: 80, 40, 20,15 and10meters See below. 
Input power: 275 W dc input. Not tested. 
Size: 7 x 10 x 10.5 inches (HWD). 
SWR_ Load (Q) 80 Meters 40 Meters 20 Meters 
Power Loss % 
4:1 12.5 SWR BW % No Match No Match No Match 
Imbalance 
Power Loss % 
2:1 25 SWR BW % No Match No Match No Match 
Imbalance 
Power Loss % <10 <10 
FES 50 SWR BW % 2 No Match >5 
Imbalance 0 0 0 
Power Loss % <10 <10 12 
2:1 100 SWR BW % 2 4 >5 
Imbalance 0 0 0 
Power Loss % 11 <10 <10 
4:1 200 SWR BW % 2 4 >5 
Imbalance 0 0 0 
Power Loss % 12 <10 <10 
8:1 400 SWR BW % 2 4 >5 
Imbalance 0 0 0 
Power Loss % 10 <10 <10 
16:1 800 SWR BW % 2 4 >5 
Imbalance 0 0 0 
Power Loss % 10 <10 
32:1 1600 SWR BW % 2 4 No Match 
Imbalance 0 0 
Power Loss % 10 
64:1 3200 SWR BW % 2 No Match 
Imbalance 0 
Notes 


Their tuners are still a popular item 
at flea markets and on electronic 
auction sites. While not exactly a part 
of this review, Matchbox data 
reported by Witt in his earlier article 
is presented for comparison. As noted 
in the tables, the Matchbox tuners 
work well, but over a typically 
smaller impedance range than their 
modern counterparts. They also do 
not have band switch positions for 
any of the newer bands, although 
there is enough tuning range so they 
can typically cover 17 and 12, but not 
30 or 60 meters. Within these limits, 
however, they can still be put to good 
use. Until the units discussed in this 
review became available, the Match- 
boxes were the only commercial tuner 


15 Meters 10 Meters 
No Match No Match 
<10 <10 
4 4 
0 0 
<10 <10 
>5 3 
0 
1 <10 
>5 3 
0 0 
<10 1 
>5 3 
0 0 
<10 11 
>5 3 
0 0 
<10 11 
>5 3 
0 0 
No Match No Match 


Power losses are expressed as a percentage. A 10% power loss represents less than half (0.46) a dB. 
The SWR bandwidth is the percentage of the measurement frequency that can be changed with the SWR staying under 1.5:1. 
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in wide use specifically designed to 
work with balanced antenna systems. 
Measured data from Frank Witt is 
shown in Tables 14-18 and 14-19,!2 


Notes 

1R. D. Straw, Editor, The ARRL 
Antenna Book, 21st Edition. 
Available from your ARRL dealer or 
the ARRL Bookstore, ARRL order 
no. 9876. Telephone 860-594-0355, 
or toll-free in the US 888-277-5289; 
www.arrl.org/shop; pubsales@ 
arrl.org. 

2The SG-235 is a 500 W version 
of the SG-230 with similar 
specifications, except needing a 
longer antenna. The SG-230 was 
reviewed in QST in November 
1993. 


3P. Pagel, “Product Review: Heath 
SA-2500 Antenna Tuner,” QST, 
Mar 1985, pp 39-41. 

4L. Aurick, “Product Review: J.W. 
Miller Automatic Antenna Tuner 
Auto-Trak Model AT2500,” QST, 
Jul 1981, pp 42-43. 

5S. Gerli, “Product Review: Daiwa 
CNA-1001 Automatic Antenna 
Tuner,” QST, Nov 1981, pp 41-42. 

§P. Danzer, N1II, “Open Wire Feed 
Line—A Second Look,” QST, 
Apr 2004, pp 34-36. 

7F. Witt, AI1H, “How to Evaluate Your 
Antenna Tuner—Parts 1 and 2.” 
QST, Apr 1995, pp 30-34 and May 
1995, pp 33-37. 

8R. Lindquist, N1RL, “Product 
Review—QST Compares: Four 
High-Power Antenna Tuners,” QST, 
Mar 1997, pp 73-77. 


9R. D. Straw, Editor, The ARRL 
Antenna Book, 21st Edition. 
Available from your ARRL dealer or 
the ARRL Bookstore, ARRL order 
no. 9876. Telephone 860-594-0355, 
or toll-free in the US 888-277-5289; 
www.arrl.org/shop; pubsales@ 
arrl.org. 

'0Most center-fed antennas longer 
than 0.5 Q are likely to meet this 
criterion. Very short antennas, or 
some low impedance driven arrays 
(8JK, for example) may have 
problems with this configuration, 
depending on feed line length. 

™R. Measures, AG6K, “A Balanced 
Balanced Antenna Tuner,” QST, 
Feb 1990, pp 28-32. 

12See Note 7. 


Table 14-19 
E. F. Johnson kW Matchbox, Balanced Antenna Tuner 
Manufacturer's Specifications Measured in ARRL Lab 
Input load range: 50 to 2000 Q. See below. 
Output SWR range: not specified. See below. 
Frequency coverage: 80, 40, 20,15 and10meters See below. 
Input power: 1000 W de input. Not tested. 
Size: 12.5 x 17.25 x 11 inches (HWD). 
SWR_ Load (Q) 80 Meters 40 Meters 20 Meters 
Power Loss % 
41 12.5 SWR BW % No Match No Match No Match 
Imbalance 
Power Loss % <10 
2:1 25 SWR BW % No Match No Match 2 
Imbalance 0 
Power Loss % <10 <10 
41 50 SWR BW % No Match 2 2 
Imbalance 0 0 
Power Loss % <10 <10 <10 
2:1 100 SWR BW % 1 2 2 
Imbalance 0 0 0 
Power Loss % <10 <10 11 
4:1 200 SWR BW % 1 2 2 
Imbalance 0 0 0 
Power Loss % <10 <10 <10 
8:1 400 SWR BW % 1 2 2 
Imbalance 0 0 0 
Power Loss % 10 <10 <10 
16:1 800 SWR BW % 1 3 2 
Imbalance 0 0 0 
Power Loss % 10 <10 <10 
32:1 1600 SWR BW % 1 2 2 
Imbalance 0 0 0 
Power Loss % 10 
64:1 3200 SWR BW % 2 No Match No Match 
Imbalance 0 
Notes 


15 Meters 10 Meters 
15 <10 

1 3 

0 0 

13 <10 

2 4 

0 0 

<10 <10 

2 4 

0 0 

<10 <10 

2 4 

0 0 

<10 <10 

2 4 

0 0 

14 11 

2 4 

0 0 

1 11 

2 4 

0 0 

No Match No Match 
No Match No Match 


Power losses are expressed as a percentage. A 10% power loss represents less than half (0.46) a dB. 


The SWR bandwidth is the percentage of the measurement frequency that can be changed with the SWR staying under 1.5:1. 


A Survey of Available Tuners 
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Review Questions 


14-1 What are some of the key issues to keep in mind if selecting a 
commercial tuner? 


14-2 What is the major advantage of an automatic antenna tuner? 


14-3 Why might it be important to use a remotely tuned antenna tuner 
near the antenna feed point? 
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Why Build a Tuner 





A quick look at the schematic 
diagram of a basic manual antenna 
tuner (see Chapter 3), not counting 
metering and switching functions, 
reveals perhaps the simplest of 


amateur equipment schematics. A 
tuner has very few parts, and very few 
connections. That should make it easy 
to duplicate — and it does. Unfortu- 
nately each of the parts can be quite 


expensive and perhaps hard to find. 
On the other hand, if you have — or 
can easily obtain — the needed parts, 
there is no reason not to try building 
one or more tuners. 


Special Purpose Tuners 





Most of the tuners we have 
discussed heretofore have been of 
the general purpose variety. That is, 
they were designed to match varying 
loads on multiple frequencies from a 
single box. In any given amateur sta- 
tion, that may not be what is needed. 
You may have a need to match your 
particular antenna system to your 
particular radio on a particular fre- 
quency. That describes a “tuner” that 
needs no knobs or controls — just a 
fixed matching network. 

The fixed network is more com- 
mon than we may think. Every Yagi 
antenna with a gamma, T or hairpin 
match at the driven element has es- 
sentially done exactly that. Each is 
a matching network located at the 
antenna to provide a match from the 
antenna to the transmission line for a 
low loss run to the radio. 

In a similar way, we can provide 
a network for each of our antennas 
that provides needed matching. The 
chapter title figure, a shot of a collec- 
tion of specialized antenna matching 
systems at, W6TC, the advanced Am- 
ateur Radio station of the late George 
Badger, illustrates the point. None of 
those networks looks quite like any of 
the usual commercial antenna tuners 
of the last chapter! Another shot of 
this collection of networks, annotated 
with descriptions of each tuning ele- 
ment is shown in Figure 15-1. 


Designing Your Special 
Purpose Tuner 


While the usual circuit design 
and analysis tools of an electronic 
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engineer can be used to design an 
impedance matching network, it can 
be a much simpler proposition for 
the amateur with a few software and 
hardware tools. The steps are straight- 
forward: 

@ Determine the (complex) imped- 
ance that the antenna system will 


1 — RG-213 coax cable from shack 
to input of vacuum relay box 
behind board (37) to connect to 


80 and 160 meter loop tuners. 

2 — RG-213 coax cable to SteppIR 
antenna. 

3 — Coax connector to 30 and 
40 meter balun (38). 

4 — 30 meter tuning inductor. 

5 — 30 meter vacuum variable 
capacitor. 

6 — 30/40 meter vacuum relay 
connected to loop. 

7 — 30/40 meter vacuum relay 
connected to loop. 

8 — 40 meter phone/CW vacuum 
relay. 

9 — 40 meter phone/CW inductor. 

10 — 40 meter tuning capacitor. 

11 — Motor drive for 40 meter 
tuning capacitor. 

12 — 40 meter tuning inductor. 

13 — 40 meter matching inductor. 

14 — Coax connector to 60 meter 
balun. 

15 — 60 meter balun. 

16 — 60 meter tuning inductor. 

17 — 60 meter tuning vacuum 
variable capacitor. 

18 — 60 meter vacuum relays. 


meter balun. 
20 — 80 meter balun. 


StepplR Yagi antenna or 30, 40, 60, 


19 — 80 meter coax connector to 80 


present to the radio or transmission 
line. 


Determining the impedance can be 


done in a number of ways. The best 
approach is probably to measure the 
impedance at the location that will 
have the tuner by using an antenna 
analyzer. Such analyzers include tun- 


21 — Motor drive for 80 meter 
vacuum variable capacitor. 

22 — Limit switches for 80 meter 
vacuum variable capacitor. 

23 — 80 meter vacuum variable 
capacitor. 

24, 25 — 80 meter tuning and 
matching inductors. 

26 — 80/160 meter vacuum relay. 

27 — 160 meter open end vacuum 
relay. 

28, 29 — Connection to loop on 
tower. 

30 — 160 meter receive vacuum 
relay. 

31-33 — 160 meter receive RC 
network. 

34 — Spark gap protector for 
160 meter receive RC network. 

35, 36 — 25-pair control cable to 
shack. 

37 — Vacuum relay switch box to 
connect to SteppIR Yagi or loop. 

38 — 30 and 40 meter balun. 

39, 40 — Feed-through to 80 and 
160 meter radial system. 

41 — Remote motor control. 

42 — Control shaft for 30 meter 
vacuum variable capacitor (5). 

43 — Motor control relay. 

44 — 160 meter balun. 

45 — Manual control for 60 meter 
vacuum variable capacitor. 

46 — Connector to 160 meter balun. 


The tuner panel includes separate remote controlled matching networks and connections for each of the 
HF bands from 30 to 160 meters. It is mounted at the base of the tower. At the top of the tuner panel are two 
connectors that connect to the two lower ends of the 30, 40, 60, 80 and 160 meter loop that extends from the 
left connector up to the 5 foot fiberglass boom extension on the left, up and over the 8 foot fiberglass mast 
extension at the top to the boom extension on the right, then down to the right connector. 


Building Your Own Tuners 
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able RF generators and displays that 
indicate actual complex (resistive and 
reactive) impedance, not just SWR. 
These are available from a number 

of manufacturers for a few hundred 
dollars, and are a valuable tool for the 
antenna inclined amateur. Figure 15-2 
shows a sampling that were tested for 
a QST product review. ' 

Some analyzers provide the resis- 
tive value of the impedance and the 
magnitude, but not the sign of the 
reactive part. In order to design a 
matching network, it is important to 
know whether the reactance is posi- 
tive (inductive) or negative (capaci- 
tive). Fortunately, it is usually easy 
to determine this. Just make a slight 
change in frequency and note the 
change in the value of reactance. If 
the reactance goes up as the fre- 
quency goes up it is inductive (+). If 
it goes down with increasing fre- 
quency, it is capacitive (—). This only 
works if the reactance does not go 
to zero between the two data points. 
Note that many programs use a lower 
case italicized letter j as part of the 
reactive value. This indicates that it 
should be mathematically considered 
perpendicular to the resistive value, or 
calculated as if an imaginary number. 
Don’t let this bother you if it is not a 
familiar concept. 

Another approach is to use antenna 
modeling software to determine 
the antenna, or the antenna system, 
impedance. The procedure I will 
outline will work with either. While 
modeling will result in a reasonable 
estimate of the impedance, it is rare 
that it provides an exact result, since 
generally not all conditions (ground 
parameters, for example) are fully 
known. This is what I did in the ex- 
ample that follows. 

A third approach is to rely on man- 
ufacturers’ or other published data. 
This also has its limitations in terms 
of the effect of the actual conditions 
at your location. 

Figure 15-3 provides the basis for 
a short example of how this process 
can easily be conducted. The antenna 
under consideration is a dipole cut for 
the low end of the 40 meter amateur 
band. Instead of feeding it directly 


1Notes appear on page 11. 
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Figure 15-2 — A sampling of hand held antenna analyzers from Autek, 


Kuranishi, MFJ and Palstar. 


ARRLO651 





Figure 15-3 — 40 meter dipole used as the example for the determination 
of a special purpose matching network. 


with coax, which would likely not 
require a matching network, we have 
selected to use 70 feet of nominal 
450 Q window line, so it can be fed 
efficiently on multiple bands. In order 
to use it on 40 meters, we determine 
(using EZNEC antenna modeling 
software) that the impedance at the 
center and each end of the band at 
the antenna feed point is as shown in 
Table 15-1. 

We then use the transmission line 
analysis program TLW, furnished with 
recent editions of The ARRL Antenna 
Book, to determine the impedance at 
the bottom of the mismatched trans- 
mission line as shown in Table 15-2. 
Note that we could have gone directly 
to Table 15-2 using many antenna 


analysis programs that are equipped 
with transmission line models. My 
version of EZNEC included an early 
transmission line capability that did 
not take losses into account, so I used 
TLW instead. Since we need TLW 
for the next step, it wasn’t any extra 
effort. One hint about using TLW — 
when finished don’t just close the 
program window — click on the EXIT 
button to avoid problems with it start- 
ing properly next time. 

© Design a network that will trans- 
form the impedance to the desired 
impedance of the radio or transmis- 
sion line. 

There are many techniques that 
could be employed to design a match- 
ing network to match any of the im- 


Impedance Predicted at the Antenna (Z,..,) as Shown in Figure 15-1. 


Table 15-1 

Frequency(MHz) Resistive Part (Q) 
7.0 82.3 

7.15 88.0 

7.3 94.1 

Table 15-2 


Reactive Part (Q) 50Q SWR 
-34.0 2.0 

0.37 1.8 
+33.1 2.2 


Impedance Predicted at Bottom of the 70 Foot Transmission Line (Z,,) 


as Shown in Figure 15-1. 


Frequency(MHz) Resistive Part (Q) 
7.0 87.7 
7.15 103.3 
7.3 236.5 


pedances in Table 15-2 to our desired 
50 Q transmitter. Perhaps the easiest 
is to just click the TUNER button on the 
TLW screen shown in Figure 15-4. 
The screen shown in Figure 15-5 will 
then appear, providing a place to input 
some common parameters including 
transmitter power and physical com- 
ponent properties. 

While the design power is a 
straightforward parameter, some 
of the other terms may not be. The 
inductor and capacitor Q are related 
to the losses in the components. Typi- 
cally, the biggest loss in an HF tuner, 
especially one with an air dielectric 


e ‘2 & 
TLW, Transmission Line Program for Windows uel | 


Reactive Part (Q) 450Q SWR 
+82.9 4.9 

+148.6 4.6 

+229.7 4.3 


capacitor(s), is due to coil wire resis- 
tance. If you are buying a coil, it will 
likely specify the Q. If not, you can 
measure the impedance of the coil on 
your antenna analyzer at the operat- 
ing frequency. The Q is just X,/R, 
both available on an antenna analyzer 
screen.* Values in the hundreds are 
typical, and the good news is the pro- 
gram results are not very sensitive to 
the value of Q. A 100% change in Q, 
in this example, results in less than a 
0.5% change in the value of the speci- 
fied inductor and capacitor — smaller 
than the usual component tolerance, 
thus we specify a Q of 200 and the 


Tiiner Selection, ILW. 


y Default Values 


resulting design should be fine for 
most real inductors. 

The OUTPUT STRAY CAPACITANCE 
value represents the capacitance of 
the wiring and components on the 
output side to the chassis. All wiring 
and components in the usual metal 
chassis or cabinet have capacitance to 
the metal walls. This is most impor- 
tant as the frequency goes up. Values 
in the tens of picofarads are common 
depending largely on component size 
and placement. 

The other choice on this screen 
is the TUNER NETWORK TYPE. There 
really isn’t too much to say about this 
— pick the one you like best, or bet- 
ter yet — try them all. I am somewhat 
partial to the low-pass L-network 
because it only has two components 
and provides some attenuation of 
harmonic signals. It also has only one 
solution for any load — more later. 
Pick any one to start, you will likely 
want to look at them all to find which 
one has components that are available 
or easiest to obtain. 

If you pick any configuration 
besides the L-network, it will ask you 
for a value to use for the capacitor 
on the output side (towards antenna). 
It will try to design a tuner for any 
value you pick. If it can’t make a 
tuner work with your value it will 
suggest making it larger or smaller. 
Make note of the power loss and try 
different values of output capacitor 


- Tuner Network Type 


© High-Pass L-Network 
© Low-Pass L-Network 
© Low-Pass Pi-Network 
© High-Pass Tee Network 


Version 3.00, Copyright 2000-2006, ARRL, by NSBV, Mar 14, 2006 R 
Cable Type: J 450-Ohm Window Ladder Line >| bs 


| © Feet | Length: 70.000 Feet Lambda Frequency: oe MHz 
C Meters | ee Ww autfix ter wavelengin (tor example 0 25w) 


| Unloaded Inductor Q: 
Unloaded Capacitor O 
Transmitter Power, VW: 
Tuner's Input Resistance: 


Characteristic 20 4049-j0530hms Matched-Line Loss: 0.068 dB/100 Feet 


Velocity Factor. 0.91 Max Voltage 10000 Total Matched-Line Loss: 0.048 dB Output Stray Capacitance, pF 


Draw Tuner 


; Output voltage phase, deg. 
@ Vok sCurrect 
© Resist Reac 


Resistance 

existe: Graph | 

Reactance: | -37 : 

Tuner | Print Exit 

SWR at Line Input; 4.49 SWR at Load 
Additional Loss Dueto SWR: 0.076 dB 


103.25 +j 14856 Ohms 


Rho st load 0.54295 
0.124 45 
Impedance at Input: 32 Chest 520 Degrees 





Figure 15-4 — Input screen of TLW transmission 
line analysis software used to determine the 
impedance at the bottom of the mismatched 
transmission line of Figure 15-1. 


Figure 15-5 — Antenna tuner Input screen of TLW 
software. Note the tuner configuration selected, 
LOW-PASS L-NETWORK, the power level, 100 W, that 
determines component ratings as well as the other 
parameters as described in the text. 
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until you achieve a design that has an 
acceptable amount of loss and reason- 
ably sized components. This illus- 
trates the fact that the three element 
tuners — Pi- and T-network — have 
more than one set of adjustments that 
will provide a satisfactory match to 
the radio. Unfortunately, while they 
will all look good to the radio, some 
will have more loss than others. 

Push the DRAW TUNER button. The 
screen shown in Figure 15-6 should 
appear providing the design details 
for the low-pass L-network tuner I 
selected. In addition to the compo- 
nent values needed to provide the 
match, the table above the schematic 
provides information on component 
stress levels and other key data. The 
primary selection criterion can be 
found by looking at the resulting 
tuner designs (next paragraph) in 
each configuration and seeing which 
ones have component values that are 
reasonable, and even better, that you 
have on hand. A look at the result- 
ing efficiency, expressed as POWER 
INTO LOAD, may also help you select a 
preferred topology. 

Table 15-3 shows the resulting 
design for the middle and both edges 
of the 40 meter band. This design can 
be used as a starting point for a single 
frequency, single load, matching 
network. I say starting point because 
even with careful analysis there are 
a few variables that are not known 
exactly, including actual component 
values — typical tolerances are 
+10% — for example. This is often 
taken into account by making one or 
both components variable, or trying 
slightly different component values 
until the desired result is obtained. 

Alternately, if coverage of the 
entire band is desired, the compo- 
nents could be made variable over the 
ranges shown. It is also possible that 


Low-Pass L-Network 


450-Ohm Window Ladder Line Length; 70.000 feet 


Frequency: 7.15 MHz 


At load: 88-j .37 ohms = 68 ohms, at-.2 degrees Load SWR= 46 


Ef, Q=2.3 1.5:1 SWR BW = 1257.3 kHz (17.6%) 2:1 SWR BW= Large 
Estimated power lost in tuner for 100 W input: 2 VW (0.07 dB = 1.5% lost) 
Transmission-line loss = 0.12 dB. Total loss = 0.19 dB. Power into load = 95.7 W 


At 100 W; 

Unloaded @ 

Reactance 

Peak Voltage 

RMS Current 

Est. Pwr Diss tw 
RMS Vin; 70.71 V at 66.70 deg 


2.55 uH 


el tr 
§0.0 Ohms 


Cc 





the values for the middle of the band 
will provide a satisfactory match over 
at least a portion of a band without 
requiring change. This can be deter- 
mined by trial and error, or simulated 
in an antenna analysis program by 
using modeled lumped “loads” at the 
bottom of the transmission line. 

@Build and test the network. 

As noted, the hardest part is often 
finding the needed components, es- 
pecially those needed for high power 
networks. Hamfest flea markets are 
often a good source for such items, 
although they often come with a level 
of uncertainty regarding ancestry and 
component value. Again, the trusty 
antenna analyzer can be used to mea- 
sure the reactance. Fixed or tapped 
inductors can be easily wound using 
plastic rod or tubing as a form. The 
ARRL Handbook provides a source 
of formulae for winding the desired 
inductance. 

As with all RF projects, keep leads 
short and direct. To minimize stray 
capacitance, keep the components 


some distance from the cabinet edges. 


Use high quality connectors and 
make sure you have provided direct 


RMS Vout 176.69 V at 0.00 deg 


103.25 +j 148.56 Ohn 


Figure 15-6 — 
Antenna tuner 
output (design) 
screen of 

TLW software. 
Note the tuner 
schematic with 
parts values 
shown. The data 


Print and table above 
ee provide additional 
eee important 


information. 


connectivity for all needed intercon- 
nections. 

The best way to test the network 
is to start with the antenna analyzer. 
With the network connected to the 
proper place on the transmission line, 
the impedance should read close to 
50 Q at the design frequency. Now 
take swept frequency type data by 
measuring the impedance and SWR 
every 25 or 50 kHz. By plotting these 
on a graph, you should have a good 
idea of what the network will do and 
whether or not it will work across the 
range. If it isn’t quite right, make a 
small change in one value and repeat 
the sweep. You should see an indica- 
tion of the extent and direction of the 
change. Since there are only two or 
three components, you should quickly 
converge on your result. 

Next hook it to your radio tuned 
to an unused frequency and note the 
transceiver’s SWR reading. It should 
be close to that of the analyzer. 
Slowly increase the power to just 
below the level you designed to, Turn 
off the transmitter and check to see if 
any components have become hot — 
they shouldn’t! 


Matching Network Components for 100 W Low-Pass L-Network to Match Z of Table 15-2 to 50 ©. 


Table 15-3 

Frequency(MHz) Inductance (uH) 
7.0 1:72 

7.15 2.55 

7.3 3.28 
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Inductor Current (A,) | Capacitance (pF) 


1.4 339.4 
1.4 264.7 
1.4 205.2 


Capacitor Voltage (V,) Efficiency (%) 


181 96.1 
250 95.7 
317 95.4 


160 and 80 Meter Matching Network 
for Your 43 Foot Vertical — Part f 


The popular 43 foot vertical works best with matching at 
the antenna base — here’s a way to do it for our two MF bands. 


Phil Salas, AD5X 


vertical for much of my lower frequency 

operations. This length antenna offers 
higher radiation resistance than shorter 
loaded monopoles. Increased radiation 
resistance improves efficiency by reducing 
the effects of ground losses, especially when 
you have an electrically short antenna — a 
characteristic of even a 43 foot antenna on 
160 and 80 meters. If fed with a 1:4 unbal- 
anced to unbalanced transformer (unun), a 
43 foot antenna has a reasonable compro- 
mise SWR on 60 through 10 meters, which 
means that cable and unun losses are pretty 
much negligible on these bands. 

This antenna is really not a good performer 
on 160 meters, and to a lesser extent on 
80 meters, unless you provide matching 
right at the antenna base. This is due to the 
high capacitive reactance and still relatively 
low radiation resistance of a 43 foot antenna 
on 160 and 80 meters. This makes the mis- 
match so bad that it is almost impossible to 
efficiently match from your shack. If you 
can match the antenna system from your 
shack, you will throw away a lot of power 
in your coax and unun due to the very bad 
mismatch at the antenna. 

I thus started experimenting with match- 
ing networks and wound up with two exter- 
nal impedance matching devices designed 
to significantly reduce SWR related coax 
losses and unun mismatch losses, and to 
help the inside tuner match on 160 and 
80 meters. This month we’ll look at the sim- 
pler version of the two matching networks. 
This version requires manual insertion of the 
matching network whenever you want to 
operate on 80 or 160 meters. 


it recently made the move to a 43 foot 


The Matching Requirement 
According to my AIM4170C antenna 
analyzer, my 43 foot vertical antenna has 
a Capacitive reactance of about 580 © on 
160 meters. This will vary based on the par- 
ticular construction of your 43 foot vertical, 
its proximity to other objects, and other fac- 


QS0912-Salas01 





Figure 1 — Schematic diagram of the two 
band matching unit. 80 meter connections 
shown with dashed lines. 
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Figure 2 —T400A-2 160 and 80 meter 
matching unit. 


tors. The reactance will almost certainly be 
in the 550 to 650 Q range. This amount of 
capacitive reactance needs approximately 
50 wH of inductance in order to resonate the 
antenna. On 80 meters, approximately 9 wH 
is needed to resonate the antenna. A 50 wH 
high Q inductor is going to be large. For this 
first solution, I elected to go with a toroidal 
inductor in order to keep the matching unit 
as compact as possible. 


Toroid Inductor Matching Solution 
This compact design will handle the full 
legal limit on 80 and 160 meters for low 
duty cycle SSB and CW modes. The induc- 
tor consists of 35 turns of #14 AWG solid 
copper insulated house wiring wound on a 


_ T400A-2 toroid core. The antenna feed point 


is tapped two turns from the ground end for 
80 meters, and three turns from the ground 
end for 160 meters. You should start with 
38 turns total on your toroid, but then remove 
turns as necessary to get the network to reso- 
nate where you want it in the 160 meter band 
(more on this later). 

I mounted the toroid assembly in a 
6 x 6 x 4 inch NEMA enclosure using a 
2’ inch long #10 machine screw and asso- 
ciated hardware along with a 2 x 4 inch 
piece of unplated fiberglass PC board mate- 
rial. Before you mount the toroid, prepare 





Table 1 


160 Meter Toroid Impedance Matching Assembly Parts List 


Description 

Banana plug (4 required) 
Binding post, black (4 required) 
Binding post, red 

NEMA Enclosure, 6 x 6 x 4 inch 
Glass cloth tape, 3M #27 
SO-239 connector 

Toroid, T400A-2 powdered iron 


Source/Part Number* 
Mouser 174-R802-EX 
Mouser 164-R126B-EX 
Mouser 164-R126R-EX 
Lowes/Home Depot 
ACE Hardware 

Mouser 601-25-7350 
Amidon T400A-2 


“Amidon parts are available from www.amidoncorp.com and Mouser parts from 


www.mouser.com. 
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it by scraping the insulation off the outside 
second, third and 11th through 13th wire 
turns. Because of the high voltages possible 
at legal limit power levels, especially on 
160 meters, wrap the toroid with two lay- 
ers of 3M #27 glass cloth electrical tape 
for added insulation between the #14 AWG 
wires and the toroid core. 

Figure | is the schematic of the match- 
ing assembly, Figure 2 shows the internal 
details of the assembly, and Table | lists the 
parts necessary. To select between 160 and 
80 meter operation, I used external jumpers 
across binding posts as shown in Figures 3 
and 4. Stainless steel #8 hardware (screws, 
washers, lockwashers and nuts) are used 
for the matching unit ground and RF output 
terminals. Internal to the matching unit, I 
used a 2 inch wide strip of aluminum duct 
repair tape as a good low impedance ground 
between the UHF connector and the ground 
screw on the bottom of the case. Finally, I 
used #14 AWG stranded insulated wire for 
all internal connections. 


1850 £50 kHz 


Figure 5 — Measured SWR across 160 
meters indicating a 2:1 SWR bandwidth of 
approximately 50 kHz. 
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Figure 3 — 160 and 80 meter input tap points. 








Figure 4 — 80 meter coil shorting jacks. 


Tuning the Matching Network 
to Resonance 

Your particular installation will almost 
certainly require you to change the resonant 
frequency of the matching network. This is 
because there will be some variations of the 
antenna impedance based on your particular 
antenna physical construction, proximity 
to other objects and final length, as well as 
your desired operating frequency range. The 
design is such that the overall inductance 
is too large for 160 meters, so the network 
should resonate at or below the lower band 
edge. Therefore, you will need to remove 
one or more of the upper inductor turns in 
order to resonate the network for the desired 
frequency on 160 meters. 

To do this, first solder wires from the sec- 
ond and third turn tap points on the coil to 
the two outer binding posts by the SO-239 
connector. The input tap points tend to be 
fairly noncritical and will probably be the 
same for all installations. Now solder a short 
wire from the SO-239 center pin to the mid- 
dle binding post. Next, externally jumper the 





Figure 6 — SWR across 80 meters 
indicating a measured 2:1 SWR bandwidth 
of about 150 kHz. 


middle binding post to the 160 meter bind- 
ing post (third turn). 

Connect the matching assembly to the 
base of your 43 foot vertical and see where 
the minimum SWR point is on 160 meters 
using your antenna analyzer. If the resonant 
frequency is too low, remove a turn of wire 
and see where the minimum SWR point is 
again. You'll see about a 50 kHz upward 
move in frequency per turn of wire removed. 
When you have your desired resonant point 
on 160 meters, it is time to move to 80 meters. 
Externally jumper the input tap middle bind- 
ing post to the 80 meter binding post (second 
turn), and use a clip lead to short from the top 
of the coil to turn number 12 and see where 
your minimum SWR frequency occurs. Move 
the tap point up or down until your resonance 
point (lowest SWR) is where you want it. 
Solder a wire from this tap point to one of 
the binding posts. Solder another wire from 
the top of the coil to another binding post. 
Now you will be able to externally jumper 
these binding posts to select either 160 or 
80 meters. 

My final test results for 160 and 
80 meters are shown in Figures 5 and 6 as 
measured with my RigExperts AA-200 
antenna analyzer connected directly to the 
matching network input at the base of the 
antenna. I’m a CW operator, so I favor 
resonance in the lower part of these bands, 
but you can adjust for your favorite portion 
of each band. The 2:1 SWR bandwidth on 
160 meters is about 50 kHz, and about 
150 kHz on 80 meters. Even a 3:1 SWR on 
these bands results in negligible SWR related 
cable losses for any reasonable length cable 
and is easily matched with my MFJ-998 in- 
shack tuner or most transceivers’ internal 
tuners. 





strapped for 80 meters. 


Operation 

Using the matching unit is simple. Just 
disconnect your normal unun when you 
want to operate on 160 or 80 meters and 


Figure 7 — Matching unit at the base of the author’s 43 foot antenna. In this view, it is 


x 


connect this matching unit to the base of 
the antenna. Select either 160 or 80 meters 
with the external straps. You can connect 
both the unun and this matching unit to the 





antenna at the same time, and just leave off 
the ground wire from the unit that is not 
used, The matching unit connected to the base 
of my 43 foot vertical is shown in Figure 7. 


Conclusion 


The matching network discussed in this 
article will permit very effective operation of 
your 43 foot vertical on the 160 and 80 meter 
bands. In Part 2, we'll look at a remotely 
switchable 160, 80 and 60 through 10 meter 
base matching unit. It is more complex, but it 
is also more convenient. Until then, see you 
on top band! 


Amateur Extra class operator and ARRL Life 
Member Phil Salas, ADS5X, was first licensed as 
WN3BCQ in 1964. Ham radio became the rea- 
son he subsequently pursued a career in electri- 
cal engineering. Phil earned BSEE and MSEE 
degrees from Virginia Tech and SMU, respec- 
tively, and worked in new product development 
for the next 33 years, Phil is now retired and 
spends his days split between ham radio related 
projects and enjoying time with his wife, 
Debbie, NSUPT. You van reach Phil at 1517 
Creekside Dr, Richardson, TX 75081 or at 
ad5x @arrlLnet. 


Building YourOwnTuners 15-9 


160 and 80 Meter Matching Network 
for Your 43 Foot Vertical — Part 2 


This dual band matching section design provides for remote band changing. 


Phil Salas, AD5X 

Part 1, I described a simple 160 and 
if 80 meter base matching assembly for 

a 43 foot antenna. While that unit 
is very effective and inexpensive to build, it 
is also a little inconvenient in that you must 
connect it when it is needed, and you must 
also manually enable 160 or 80 meter opera- 
tion using straps. This month, we'll look at 
a more versatile matching assembly that is 
completely remote-controllable for opera- 
tion on all bands. Again, this base matching 
network will significantly eliminate SWR- 
related coax losses and unun mismatch losses, 
and assist inside tuners in providing a match 
on 160 and 80 meters. 


The All Band Matching Solution 

As discussed in Part 1,' a 43 foot verti- 
cal antenna requires approximately 50 4H 
of inductance to resonate the antenna. On 
80 meters, approximately 9 uH is needed 
for resonance. For the matching solution 
shown in Figure 1, I used an MFJ 404-0669 
air wound coil and two Array Solutions 
RF-30 relays for up to full legal limit match- 
ing on all bands from 160 to 10 meters. A 
2.1 x 5.5 mm de power jack located below the 
SO-239 connector provides for relay control 
voltage inputs of 0 V, +12 or —12 V de. The 
control input MOVs and bypass capacitors 
are mounted on a 6 terminal strip inside the 
matching assembly. 

The matching unit operates as follows: 
With no control voltage applied, the induc- 
tor is disconnected and the unun is con- 
nected across the antenna feed point 
thereby preserving the original compro- 
mise SWR on 60-10 meters. 

When +12 V is applied, the inductor is 
connected across the antenna feed point 
and inductor turns are shorted to resonate 
the antenna on 80 meters. 

When the voltage is reversed, the short 
across the coil is removed and the matching 
section resonates the antenna on 160 meters. 
In both the 160 and 80 meter cases, the unun 
secondary taps into the inductor at the 200 Q 
point, providing a proper match to the unun 
on these bands. This keeps the unun second- 


INotes appear on page 35. 
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ary voltage reasonable, and the feed line and 
unun losses very low as well. 

I built the matching unit into an 8 x 8 x 4 
inch NEMA weatherproof box available from 
home supply stores (see Figure 2). This box 
is too small to fit the entire inductor length 
needed, so I split the inductor into two pieces 
as can be seen in Figure 1. The long induc- 
tor section consists of 61 turns, and the short 
inductor section consists of 12 turns. While I 
preferred the more compact size of this box, 
you may wish to use the larger 12 x 12 x 
4 inch NEMA box that can contain the full 
uncut inductor length needed. 

All internal wiring uses insulated #14 AWG 
stranded wire. I attached the wires to the coil 
tap points using the MFJ coil clips called out in 
the parts list. You can solder the wires directly 
to the coil, but this is difficult due to the #12 
AWG size of the coil wire and the spacing of 
the turns. The coil is mounted with #8 stain- 
less steel screws, washers, lock washers and 
nuts also used for the ground and antenna feed 
terminals. Figure 1 shows the final match- 
ing unit with all components mounted. Note 
the terminal strip with the MOVs and bypass 
capacitors. 





Since the antenna is unbalanced, a cur- 
rent balun or voltage unun is typically used. 
A voltage unun should be wired as shown in 
Figure 2. 


Relay Connections 


Some comments are necessary regard- 
ing the relay connections. See the sidebar on 
the OST binaries Web site for a discussion 
of how high the peak voltage across the full 
coil can be on 160 meters. As you can see, I 
connected relay contacts in series to increase 
the overall breakdown voltage. Also, the tap 
points on the inductor provide additional 
voltage above ground, which helps with the 
overall breakdown voltage. 

The main concern is with the contact-to- 
coil 5.3 kV peak breakdown rating. When I 
examined the relays, I observed that the outer 
SPDT contacts are connected via insulated 
internal wires that are well separated from the 
coil by 0.1 to 0.2 inches. The problem is with 
the center SPDT relay common wire, which 
is in contact with the coil. While the coil and 
common wire are both insulated, there is no 
air-gap separation between them. This com- 
mon wire-to-coil contact is obviously what 


Figure 1 — 
All parts 
mounted in 
the NEMA 
enclosure. 
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determines the breakdown voltage rating. The 
way I got around this problem was to use the 
center SPDT relay contacts for the lowest 
potential interfaces as indicated in the sche- 
matic (Figure 2). 

For the switched control voltage input, 
I used a 12 V, 1 A wall wart to keep the 
+12 V control voltages separate and isolated 
from the regular station voltage. This is to 
eliminate any possibility of shorting the main 
power supply when the control voltage polar- 
ity is flipped. 

I mounted the switch in a small plastic 
box that I attached to my transceiver support 
shelf. The unlabeled center-off position is for 
60 through 10 meter operation. The separate 
switch you see in the photo is for controlling 
other outdoor accessories, as I have two volt- 
age feeds going out to my antenna location. 


Matching Network Resonance 

As with the previous matching network, 
you will almost certainly need to adjust the 
resonant frequency of the matching network 
due to variations in particular antenna physi- 
cal construction, proximity to other objects 
and final length, as well as your desired oper- 
ating frequency range. The overall starting 
inductance is too large for 160 meters, so the 
network will resonate at or below the lower 
band edge. Therefore, you can simply short 
one or more of the upper (short coil) inductor 
turns in order to tune the network higher to 
your desired 160 meter frequency. 

To do this, first leave off the wire leads 
that attach between the relay contacts and the 
tap points on the coil. Build up short jumpers 


* Center SPDT relay 
contacts; see text 


1:4 Unun 


0 V: 60-10 m 
+12 V: 80 m 
-12V:160m C1 








using the test-clips and micro-clips (perfect 
for the coil turn taps) called out in the parts 
list, and attach these between the relay con- 
tacts and coil, using the suggested tap points 
shown on the schematic. 

Connect the matching assembly to the 
base of your 43 foot vertical (see Figure 3). 
Then enable 160 meter operation by apply- 
ing —12 V de, and jumper turns on the 12 turn 
inductor with a short clip lead until you find 
your desired 160 meter resonance point. Next, 
move the 160 meter relay tap point until you 
get minimum SWR. Now permanently short 
the turns on the short coil by soldering a piece 
of #16 AWG buss wire across these turns. 

As you can see from my photos, I needed 
to short six turns on this coil. Next enable 
80 meter operation (apply +12 V to the relays 





Figure 2 — Schematic of the remotely controlled matching network. The parts list is on 


the QST binaries version.2 
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Figure 3 —The 
completed all band 
remotely controlled 
switching and 
impedance 
matching network 
mounted at the 
antenna base. 


assembly) and select the coil shorting point 
for your desired resonant frequency and the 
tap point for best SWR. Finally remove the 
test clips leads, attach the coil clips, and sol- 
der wires between the coil clips and relay. 

The 2:1 SWR bandwidth on 160 meters 
is about 50 kHz, and about 150 kHz on 
80 meters. Even a 4:1 SWR on these bands 
results in negligible SWR related cable and 
unun loss, and is easily matched with my 
MFJ-998, an in-shack tuner. 


Operation 

Operation of this matching unit couldn’t 
be simpler. When no control voltage is 
applied, the antenna functions as it always 
has on 60 through 10 meters. For 80 meter 
operation, apply +12 V dc, and for 160 meter 
operation apply —12 V de. The matching unit 
connected to the base of my 43 foot vertical 
is shown in Figure 10. 


Conclusion 


The matching network discussed in this 
article will permit very effective operation of 
your 43 foot vertical on all bands from 160 
through 10 meters. Although on 10, 12 and 
15 meters the elevation angle of the peak is 
higher than optimum for DX, it will still allow 
contacts. Feel free to experiment a little. You 
might prefer to use the toroid from Part 1 in 
this design instead of the air-core inductor. If 
you are not running more than about 500 W, 
the less expensive RF-10 relays are all you 
will need. Have fun, and I'll see you on the 
low bands. 


Notes 

'P. Salas, AD5X, “160 Meter Matching Network 
for Your 43 Foot Vertical — Part 1,” QST, 
Dec 2009, pp 30-32. 

*www.arrl.org/files/qst-binaries. 


See Part I for Phil’s bio. You can reach Phil at 


1517 Creekside Dr, Richardson, TX 75081 or at 
ad5x @arrl.net. 
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Home Built General Purpose Tuners 





There are a number of approaches 
to the design and construction of gen- 
eral purpose antenna tuners. Perhaps 
the easiest is to replicate existing 
successful designs, although finding 
the exact parts called for is sometimes 
a problem. Fortunately, the exact 
values are not very critical. It is also 
possible, if somewhat tedious, to go 
through the 7LW based procedure 
described above at the extremes of 
frequency and mismatch to determine 
the range of values needed and then 
construct a tuner with variable and/or 
switched elements, often in combina- 
tion, that will cover the needed range. 

I have done this for the most popu- 
lar configurations, see Figure 15-7, 
the high-pass T-network, Pi-network 
and low pass L-network with the 
results shown in Tables 15-4 through 
15-6. I have provided the values for 
matching loads with a 10:1 SWR, the 
usual spec for a wide range tuner. In 
addition to the resistive loads at 5 and 
500 Q, I have made runs for moderate 
reactive loads of 25 + j25 Q and ex- 
treme reactive loads of 250 + j250 Q, 
all with approximately a 10:1 SWR. 

As noted in Chapter 4, the Pi- and 
T-network tuners have multiple solu- 
tions for any load, while the L-net- 
work has a single solution. It is worth 
stressing this in case you use one, 
whether a commercial unit or a home- 
built one. Look again at Table 4-1, in 
Chapter 4, to get the idea. 

Such “HF” tuners sometimes 
include the MF 160 meter amateur 
band as well as the 80 through 10 
meter HF bands. I have provided data 
for 160, 80 and above the top of 10 
meters so you can decide which way 
you want to go. Note that the addition 
of 160 meters makes a big difference 
in the component values required, 
one reason it often is not included. 

In addition, in some cases the larger 
inductor and capacitor(s) may have 
too high a minimum value to allow 
proper operation on 10 meters. 
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A T-Network Tuner from 
Surplus Parts 


A T-network tuner that I made some 
years back and used effectively for 
some time is shown in Figure 15-8. 
This is an example of a “use what you 
have and see what it does” approach to 
tuner design. The unit is built around 
a chassis and panel from a WW2 
surplus plug in tuning unit from a 
BC-375 transmitter used in bomber 
aircraft. The capacitor controls nice 
4:1 planetary drives with calibrated 
scales, along with the rotary indicator 
and its turns count dial also came from 
a cannibalized BC-375. Today they 
would all be preserved as antiques, but 
in 1965, they were sources of cheap or 
free parts for new transmitting equip- 
ment. 

Figure 15-9 shows the inside of the 
tuner, including a home built “Moni- 


Output to 10:1 SWR 
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Output to 10:1 SWR 


Figure 15-7 — 
Schematic diagrams 
of a high-pass 
T-network (A), 
Pi-Network (B) and a 
low-pass L-network 
(C) used as design 


examples in the 
text and Tables 
15-4 to 15-6 on the 
following pages. 


Output to 10:1 SWR 





match Mark II” type SWR indicator, 
along with a battery holder for the 
meter amplifier.’ Modern transceivers 
include SWR indication, so these may 
no longer be needed. The variable 
capacitors, one above the other on the 
right side, were of a few hundred pF 
each, and the rotary inductor (on left) 
was probably around 15 wH. In those 
days, no one knew for sure — but 

it successfully matched any of my 
antennas for years. 


Simple Breadboard 
Antenna Tuners 


Home-built antenna tuners don’t 
need to be as mechanically complex 
as my old T-match. Barry Shackl- 
eford, W6YE, has constructed a few 
using available variable capacitors and 
inductors fabricated in his workshop. 
While these won’t handle full power, 


Table 15-4 


Component Requirements for High-Pass (Shunt L) T-Network Antenna Tuners at 10:1 SWR 


Frequency/Z (Q) 
1.8 MHz 

5 

500 

25 + j100 

25 — 100 

250 + j250 

250 — j250 


Frequency/Z (Q) 
3.5 MHz 

5 

500 

25 + /100 

25 — j100 

250 + j250 

250 — j250 


Frequeney/Z (Q) 
30 MHz 

5 

500 

25 + j100 

25 — j100 

250 + j250 

250 — j250 


Table 15-5 


Output (pF) 
3000 


Output (pF) 
1500 


Output (pF) 
200 


Capacitor 
Input (pF) 
1136 
548 500 
343 300 
170 300 
308 200 
337 300 
Capacitor 
Input (pF) 
563 
265 200 
275 200 
104 200 
333 100 
136 100 
Capacitor 
Input (pF) 
79 
29 50 
91 30 
24 100 
36 100 
29 100 


Inductor (4H) 


Capacitor Voltage (V,,) 
100 W 1500 W 
180 710 
323 1250 
790 3070 
1040 4030 
380 1470 
525 2030 
Capacitor Voltage (V,) 
100 W 1500 W 
190 720 
343 1330 
613 2373 
880 3403 
381 1475 
670 2600 
Capacitor Voltage (V,) 
100 W 1500 W 
160 640 
370 1470 
400 1560 
440 1710 
300 1150 
360 1410 


Efficiency (%) 


Efficiency (%) 


96 
98 
95 
88 
98 
94 


Efficiency (%) 


Component Requirements for Low-Pass (Series L) L-Network Antenna Tuners at 10:1 SWR 


Frequency/Z (Q) 
1.8 MHz 

5 

500 

25 + /100 

25 — 100 

250 + j250 

250 — j250 
Frequency/Z (Q) 
3.5 MHz 

5 

500 

25 + /100 

25 — j100 

250 + 250 

250 — j250 


Frequency/Z (Q) 
30 MHz 

5 

500 

25 + /100 

25 — j100 

250 + j250 

250 — j250 


Output (pF) 
n/a 


Output (pF) 


Output (pF) 


Capacitor 

Input (pF) 

5254 

n/a 536 

n/a 1408 

1760 Wa 

na 713 

n/a 359 

Capacitor 

Input (pF) 

2700 n/a 

n/a 275 

n/a 720 
926 Wa 

n/a 367 

n/a 184 

Capacitor 

Input (pF) 

315 n/a 

n/a 32 

n/a 85 

140 n/a 

n/a 43 

n/a 22 


Inductor (UH) 


13 


6.8 
Inductor (1H) 


0.08 
0.79 
0.72 
0.58 
0.79 
0.79 


Capacitor Voltage (V,) 
100 W 1500 W 
100 390 
310 1210 
290 1120 
100 390 
310 1210 
310 1210 
Capacitor Voltage (V,) 
100 W 1500 W 
100 400 
310 1200 
290 1120 
100 390 
310 1210 
310 1210 
Capacitor Voltage (V,) 
100 W 1500 W 
100 390 
310 1210 
290 1120 
100 390 
310 1210 
310 1210 
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Efficiency (%) 


98 
98 
98 
97 
98 
98 


Efficiency (%) 


98 
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Table 15-6 


Component Requirements for Low-Pass Pi-Network Antenna Tuners at 10:1 SWR 


Frequency/Z (Q) 
1.8 MHz 

5 

500 

25 + /100 

25 — 100 

250 + j250 

250 — j250 


Frequency/Z (Q) 
3.5 MHz 

5 

500 

25 + j100 

25 — ji00 

250 + j250 

250 — j250 


Frequency/Z (2) 
30 MHz 

5 

500 

25 + /100 

25 — /100 

250 + j250 

250 — j250 








Capacitor 
Input (pF) Output (pF) 
5256 500 
2602 1000 
966 1500 
3410 500 
1931 1000 
1284 500 
Capacitor 
Input (pF) Output (pF) 
2706 500 
1287 500 
643 800 
1886 300 
934 500 
859 300 
Capacitor 
Input (pF) Output (pF) 
321 200 
118 50 
103 100 
205 30 
71 50 
TE 30 
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Inductor (uH) 


Inductor (pH) 


Inductor (tH) 


Capacitor Voltage (V,) Efficiency (%) 
100 W 1500 W 

100 390 98 

310 1200 96 

280 1110 97 

280 1100 96 

310 1210 97 

310 1210 97 

Capacitor Voltage (V,) Efficiency (%) 
100 W 1500 W 

100 390 98 

310 1200 96 

280 1110 97 

280 1430 95 

310 1200 97 

310 1200 97 

Capacitor Voltage (V,,) Efficiency (%) 
100 W 1500 W 

100 390 98 

310 1200 97 

290 1100 97 

285 1100 96 

310 1200 97 

310 1200 97 


Figure 15-8 — Front view of an 
early homemade antenna tuner. The 
unit is completely built of surplus 
parts. Note the handy tuning 

chart that was part of the BC-375 
transmitter tuning drawer. 


Figure 15-9 — Inside view of 

the home brew T-network tuner. 
The SWR meter (in2x 2x5 

inch box in left partition) and 
associated circuitry would likely 
not be needed to use with current 
transceivers. 
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Figure 15-11 — Another view of Shackleford’s T-network tuner. 


they should be fine at the 100 W 
level. Figures 15-10 and 15-11 show 
a T-network tuner that Barry made. 
Note the simplicity of construction. 
The only complication may be the 
homemade inductors. Barry used 
acrylic stock, cut and notched with 
his table saw, using a jig to set the 


spacing. You could use any technique 
that allowed the turns to be spaced so 
that his alligator clip tuning method 
can be employed. Barry stretched the 
wire before winding to work harden 
it and then secured it in his form with 
hot glue. 
Barry also made the L-network 
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Figure 15-10 — Homebrew breadboard T-network 
tuner made by Barry Shackleford, W6YE. This tuner 
uses smaller variable capacitors with a voltage 
rating appropriate for 100 W use. The inductor 

was homemade, as described in the text. Note 

the inductance can be changed by moving (with 
transmitter off) the alligator clip to a different turn. 


tuner shown in Figure 15-12. This 
uses two capacitors in parallel, one an 
old broadcast three-gang unit, making 
up the single capacitor for the L- 
network. The smaller capacitor makes 
it easy to make fine adjustments, once 
you're close with the larger unit. 


Making Tuners for 
Balanced Loads 


Many tuners; home made as well 
as commercial units, provide for 
balanced loads by including a balun 
between an unbalanced tuner and the 
balanced load. This is an appropriate 
approach if the load is within perhaps 
4:1 of the typical 200 to 50 Q balun 
often used for the purpose. If beyond 
that range, the balun does not perform 
very well and losses and even damage 
may result. 

A different approach was pre- 
sented by Richard Measures, AG6K, 
in a QST article some years back.° 
Measures presented a design that first 
transformed the balanced antenna 
system load to 50 Q balanced and 
then made the transition from bal- 
anced to unbalanced using a 1:1 
choke balun operating at its design 
impedance. 

Measures used a balanced L-net- 
work to perform the transition to 50 Q 
and followed it with a coax choke. The 
schematic is shown in Figure 15-13, 
with a photo of his breadboard ver- 
sion, less balun, in Figure 15-14, He 
went on to show an elegant design 
suitable for remote control using 
stepper motors with remote position 
indicators, available on the ARRL 
members Web site. However, for 
many, a duplication of his breadboard 
design may be more feasible. 

Measures found that inductors in 
the range of 15 to 20 nH maximum 
inductance were suitable, with a5 A 
current rating for 1.5 kW use. Induc- 
tors may be found at hamfests, or are 
available from MFJ (www.mfjenter- 
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Figure 15-12 — An L-network tuner made by Barry Shackleford, 


W6YE. The two capacitors are in parallel making a single equivalent 


capacitance with the smaller one used for fine adjustment. 


Choke Balun 


to 


Balanced 
High-Z 
Line 


Unbalanced 


Input ARRLO653 


Figure 15-13 — The balanced L-network tuner designed by 
Measures, AG6K. 
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Richard 


Figure 15-14 — 
Photo of 
Measures’ 
balanced 
L-network 
tuner. The 
choke-balun is 
not shown. 


prises.com). Suitable sprockets and 
drive belts to couple the inductors 
together are available from 
McMaster-Carr (www.memaster, 
com), or they may be coupled end-to- 
end with some loss of symmetry. 

Capacitors should be in the 200 to 
300 pF range, with a 1.5 kV rating if 
used at the 1.5 kW level. Note that 
both sides of the capacitor are hot with 
RF, so to avoid burns use an insulated 
shaft coupling on the way to the knob. 
Trust me, the set screw in an insulated 
knob will get you if you don’t! 

For the choke balun, Measures sug- 
gests using solid (not foam) dielectric 
RG-213, or equivalent, coax wound 
in a single layer on a | foot long, 

5 inch diameter, PVC pipe. Other 
choke configurations may be used, 
including winding the coax on a 
ferrite toroid core. An adaptation of 
the design is to use the L-network to 
transform to 200 Q, rather than 50 Q, 
and then use a 4:1 balun to finish the 
impedance transformation and make 
the transition to unbalanced coax. 

As shown, the L-network is de- 
signed to transform loads higher then 
50 Q. This is often, but not always 
the case with ladder and window line 
systems. If a lower impedance load is 
encountered, it will be necessary to 
move the capacitor to the other side 
of the inductors. 


Notes 

1J. Hallas, W1ZR, “Product Review — 
A Look at Some High-End Antenna 
Analyzers” QST, May 2005, 
pp 65-69. 

?Several versions of EZNEC antenna 
modeling software are available 
from developer Roy Lewallen, 
W7EL, at www.eznec.com. 

5R. D. Straw, Editor, The ARRL 
Antenna Book, 21st Edition. 
Available from your ARRL dealer or 
the ARRL Bookstore, ARRL order 
no. 9876. Telephone 860-594-0355, 
or toll-free in the US 888-277- 
5289; www.arrl.org/arrl-store; 
pubsales @arrl.org. 

‘Note that the value of R will be higher 
than the dc resistance because of 
skin effect. 

5L. McCoy, W1ICP (SK), “The 
Monimatch,” QST, Feb 1957, 
pp 38-40. 

®Richard Measures, AG6K, “A 
Balanced Balanced Antenna 
Tuner,” QST, Feb 1990, pp 28-32. 


Hairpin Tuners for 
Matching Balanced Antenna Systems 


Balanced Transmatch designs for 28 to 450 MHz. 





John Stanley, K4ERO 


nce more, the advantages of lad- 
() der line for HF antennas were 

well presented in July 2008 
QST.' Before WWII surplus brought 
us cheap coax, balanced feeders 
were almost always used for VHF 
as well. In the January 1942 QST 
reproduction that was included 
with The 2007 ARRL Handbook, 
we find that both home-brew and 
commercial VHF gear all used bal- 
anced lines.* For a given cost, open 
wire ladder line, window line or even 
TV twin lead can give you a lower loss 
installation than trying to buy large 
diameter coax in an effort to keep the 
losses to an acceptable level. This is 
dramatically demonstrated by compar- 
ing losses in various line types.? So, we 
wonder, why do so few present-day opera- 
tors use ladder line or twin lead on the VHF 
frequencies? Might one reason be the lack of 
suitable antenna tuners (transmatches) for 
those bands? If balanced tuners were avail- 
able, would ladder line be as popular at VHF 
as it has become at HF? 


Balanced Tuners for HF Use 


The ARRL Handbook, The ARRL Antenna 
Book and other ham publications have 
always included designs for balanced tun- 
ers.45 Adam Nathanson, N4EKV, has one 
of many good Web sites showing this type 
of tuner at www.n4ekv.com/ 
tuners.asp. I have used tuners 
like this for years with good 
results. Figure 1 shows the one 
I use at up to 100 W on the HF 
bands. 

As noted in Volume 6 of 
The ARRL Antenna Compen- 
dium, I lean toward tuners 
with a fixed link and tapped 
coil.© The match is found by 
tuning the capacitor and 
adjusting the output side to 


‘Notes appear on page 36. 








Figure 1 — K4ERO balanced tuner for 60 
through 15 meters. 


connect to a variable number of turns, keep- 
ing the taps equidistant from the coil ends. 
Other versions use the taps for coarse tune 
and a variable capacitor in series with the 
link for finer tuning. 


Balanced Tuners for the Higher 
Frequencies 

One of the problems with this type of 
tuner is that as the frequency goes higher, 
the number of turns on the coil goes down 


QS0904-Stanley02 


rfl 


Figure 2 — Balanced tuner configurations. At (A) conventional 
tapped coil based tuner, at (B) the hairpin equivalent. 


(B) 
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rather quickly. By the time you get to 
28 MHz, there may be only four 
turns on the coil. This means that 
the adjustment steps available 
are very limited. You can tap to 
either two or four turns, or if you 
are willing to unbalance the tap 
positions, or can access the oppo- 
site side of the coil, you could use 
one or three turns, In either case, the 
operation is compromised. Another 
approach is to connect one tap to the 
bottom of the coil, instead of to the 
top, effectively using fractions of a turn 
rather than whole turns, but this often 
is not feasible from a mechanical stand- 
point. In addition the symmetry and thus the 
balance are affected. If this type of tuner is 
to be used on 10 meters and higher, we need 
to rethink the design. 

Figure 2(A) is a schematic of the con- 
ventional tapped link coupled tuner. Figure 
2(B) is a representation of what I call a 
hairpin tuner. The electrical properties are 
essentially identical, but the physical layout 
of the hairpin type is optimum for the higher 
frequencies. By making the main inductor in 
the shape of a hairpin, or shorted transmis- 
sion line, instead of a single layer solenoid 
coil, as is used in the conventional design, 
the tuner becomes much easier to build and 
adjust. The use of a short short-circuited 
transmission line section as an inductor is 
nothing new. It has been used 
for VHF/UHF circuits for many 
years. 


Building Hairpin Tuners 
For some time I have been 
using a hairpin inductor in a 
balanced tuner for 6 and 10 
meters, and recently I built one 
for each of the 144, 220 and 432 
MHz bands. The approach is 
the same on each frequency. A 
section of transmission line was 
used instead of the coil typi- 
cally used on lower frequencies. 


15-17 



















‘Eves, Headaches 
: Esophagus, Bronch 
Throat, Lymph, Colds. 
, Thumb = Head, 
















Colds & 
Stross 





Rt. ale L. Shoulder 
snoulder Pituitary Gland 
Chest, 
Breast Heck, Thyroid 
ladda Adronal Gland 
ane ‘ over Kidnoy 
Liver Spine 
Pancreas st Spleen 
Transyv. Colon lll “Transyv. Colon 
Lymph Syst- Dued; Sm. intestines Lymph Syst. 
Ascend. Colon Ureter Tuba Descend. Colon 
(Lg. Intest.) (Lg. Intest.) 
; wail Sacrum/Tail Bone 
Ovaries/Testes ; Bladder. Ovaries/Testes 
Back Rectum, Prostate, Utoris/Penis 
RIGHT HAND 


11 THINGS TO KNOW 
IF YOU'RE LEARNING 





Brat. | aS ry = # % ay, a 2 2 ra asm i 
; L I 7 4 he Be I | - ff 1 | | ke a | a Ft it ae 
t's a Near J a i a ef Tor 2 a] i Kier & a q oe a © 
yo. ; 
r 1 ‘ | ms 
i / ae" ey 
4, . | | * = oe if ial 
> Splanic fF 4 ft , at? ’ 
i. i flexure (Solar a? Cl f 
- ples Was al i ; 
%/ ‘ AK 4 2 y. . , = a i ’ ss 
; A | A ote Tuat 
‘ “ Transverse, 4 | | zz \ ’ ue % >” 
ya ie descending & a, . er 
J sigmoid colon ad = = 
Transverse> | 


colon” 





; ——— 
Hepatic : 
. flexure” 
8 
1 = r 
" ake je 
. ines Buch Fi BN woes 
Ascending Appendix, MeL | 
colon! : 


@allbladder 


re 








Figure 4 — 144 MHz version of a hairpin tuner. 


The capacitor was a split stator or butterfly 
design. The input link is a single turn induc- 
tor that overlaps a portion of the main trans- 
mission line inductor and the output taps 
were taken at whatever point of the hairpin 
that gives the best match. 

The advantage of this layout is that moy- 
ing the taps to any point on the hairpin is 
the same as tapping on different numbers of 
turns on a coil, except that with the hairpin, 
it is very convenient to make the adjustment 
in as fine a step as may be desired. In all 
of my designs, the coupling loop is held to 
the main hairpin by cable ties. This allows 
some adjustment of the coupling loop, but 
holds the loop sufficiently snug so that it is 
not likely to move around accidentally. Use 
less loop coupling for higher Q with more 
selectivity and more loop coupling for low- 
est loss. 


Making them Play 


The frequency tuning range percent- 
age will depend on the capacitor used. For 


Table 1 


Hairpin Tuner Component Values, Dimensions and 


Frequency Range 


Band Capacitor Value Inductor Length Tuning Range 
(pF/Section)* (Inches)** (MHz)*** 

10 Meters 95-170 15 26-34 

6 Meters 15-90 15 36-90 

2 Meters 3-20 6 110-225 

222 MHz 3-10 4 220-330 

432 MHz 3-4 1.5 390-440 


*Effective capacity is ' of the value/section. 
**All inductors made of ¥% inch brass rod. 


***Range may by reduced or shifted by reactive loads. 
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widest range, select one with a high mini- 
mum to maximum capacitance ratio. All 
of the capacitors I have tried have provided 
adequate range to cover the desired amateur 
band. The range can be extended to cover a 
second band by putting fixed capacitors in 
parallel with the variable tuning capacitor. 
For example, the 6 meter version, shown in 
Figure 3, works for 10 meters with the addi- 
tion of a parallel 40 pF fixed ceramic capaci- 
tor, while the 220 MHz version, shown in 
Figure 5, works fine on 2 meters with the 
addition of a 12 pF ceramic. As it is, the 
2 meter version just makes it to 222 MHz, 
so two bands are possible without switching 
caps. A single tuner could also work on 10 
and 6 meters without switching by careful 
component selection. 


Capacitor Options 

The most difficult component to find will 
likely be the split stator capacitor. There 
are ways of designing your own capacitor 
and it is made easier because of the rela- 






Figure 5 — Hairpin 
tuner for 144/222 MHz 
enclosed in its box. 


tively small capacitance required at these 
frequencies. For all of the designs shown 
here, I took capacitors from my well stocked 
junk box. You less well equipped folks will 
have to search at a hamfest or check out 
the basement of one of the local old timers. 
Commercial capacitors are available, but the 
price may shock you. You could also choose 
to use a single section capacitor instead of 
the split stator. In that case, the capacitor 
shaft and frame will be “hot” and must be 
floated above ground. You will have to tune 
it via a long insulated shaft. And, of course, 
the balance will be somewhat compromised. 
The method does work and a suitable single 
section capacitor may be easier to find, 
however . Alternatively you could use a 
pair of identical capacitors to ground if you 
adjusted them each to the same setting or 
worked out a common shaft arrangement. 
Fussy, but it could work. Target dimensions 
and component values for the bands in this 
range are shown in Table 1. 


Inductor Choices 


The length of the hairpin will depend on 
the value of your capacitor. The values below 
represent tuners I have built and should give 
you a good starting point. Match the hairpin 
width to the spacing of the capacitor termi- 
nals, or bend the ends of the hairpin in or 
out at the capacitor end in order to make the 
connections. Spacing does affect the induc- 
tance value so keep it close to what you see 
in the photos. 

My inductors are inch diameter brass 
rod, but they could be soft copper tub- 
ing or wire in sizes from 12 gauge up to 
% inch. Brass welding rods from the hard- 
ware store could also be used. A smaller 
diameter means the hairpin should be short- 
ened a bit as the inductance per inch will be 
higher. The links should be insulated wire, 
either enameled or PVC coated or, best of 
all, Teflon insulated. The 6 meter tuner in 
Figure 3 uses the shield of Teflon coax as the 
link. My links do not make electrical contact 
anywhere with the main hairpin. The coax 
shield and center of the hairpin could both 





Figure 6 — 432 MHz version of a hairpin tuner. 


be grounded to a chassis, if desired. 


Tuning Up 

Tuning consists of setting the taps to 
an intermediate position and adjusting the 
capacitor for minimum SWR. If SWR is not 
as low as desired, move the taps a bit either 
towards or away from the capacitor and 
readjust the capacitor. You should be able 
to find tap settings that allow the SWR to be 
reduced to 1:1. 


Safety Considerations 

Note that neither of the tuners described 
above are shown installed within a chassis 
of any kind. This is to show the construction 
more clearly. Also, I must admit that during 
tests, I got away with this because I used low 
power and am very careful not to touch the 
hot parts of the circuit. I also have a non- 
metallic operating desk. The open construc- 
tion is useful during experiments. 

I definitely do not recommend this 
approach for general use. You will want to 
put your tuner in a shielded box of some 
kind, probably with a hinged lid to allow 
you to move the taps as shown in Figure 5. 


You should never adjust the tap clips with 
power applied. The tuning shaft should be 
brought out through the enclosure where an 
insulated knob should be installed for tun- 
ing even though with a split stator capacitor 
the shaft should be at ground potential. For 
high power, the use of a suitable enclosure 
is essential, especially if the tuner is to be 
installed close to the operating position. 
This is to prevent RF burns from contact as 
well as exposure to excess RF levels. 
Remember that your body is more sus- 
ceptible to pick up from VHF fields than is 
the case at HF. If you put the tuner well away 
from the operating position in a place that is 
protected from access by family members 
or pets, you may be able to use a somewhat 
more open construction as is sometimes 
done with conventional home brew tuners. 
Radiation from an unenclosed tuner of any 
type can be enough to cause interference 
with nearby electronics devices and could 
cause fires if anything flammable comes in 
contact with the hot parts of the circuit. 
These tuners have been tested with 100 W 
on 10 and 6 meters, 50 W on 2 meters and 
20 W on 70 cm, the maximum output of 


my rig. For higher power, the designs can 
be scaled, remembering that the bigger it 
gets, the lower the frequency for the same 
geometry. Thus, a design similar to that used 
here for 432 MHz, but three times larger, 
would probably work fine with a full kW, 
but on 144 MHz. Since my 20 W, 432 MHz 
design uses an inductor that is about as short 
as is practical (see Figure 6), getting up to 
1 kW at 432 MHz, might prove difficult with 
this design. At the least, a different type of 
capacitor would be required. 

I hope that these simple to build and 
adjust tuners will start a trend towards 
greater use of balanced feeders on the higher 
frequencies just as ladder line has become 
the favorite for many on the lower bands. 


Notes 

‘J. Hallas, W1ZR, “Getting on the Air—Your 
Second HF Antenna,” QST, Jul 2008, 
pp 69-70. 

2B. Goodman, W1JPE, “Receivers for 112-Mc. 
Ld Work,” QST, Jan 1942, pp 18-25, 

3The ARRL Handbook for Radio 
Communications, 2009 Edition, Figure 21.4. 
Available from your ARRL dealer or the 
ARRL Bookstore, ARRL order no. 0261 
(Hardcover 0292). Telephone 860-594-0355, 
or toll-free in the US 888-277-5289; 
www.arrl.org/shop; pubsales @arri.org. 

4See Note 3, p 21.13. 

5R. D. Straw, Editor, The ARRL Antenna Book, 
21st Edition, p 25-3. Available from your 
ARRL dealer or the ARRL Bookstore, ARRL 
order no. 9876. Telephone 860-594-0355, 
or toll-free in the US 888-277-5289; 
www.arrl.org/shop; pubsales @arrl.org. 

8J. Stanley, K4ERO, “The Filtuner;” ARRL 
Antenna Compendium, Volume 6. Available 
from your ARRL dealer or the ARRL 
Bookstore, ARRL order no. 7431. Telephone 
860-594-0355, or toll-free in the US 
888-277-5289; www.arrl.org/shop; 
pubsales @arrl.org. 


John Stanley, K4ERO, holds an Amateur Extra 
class license and has been licensed for over 
50 years. He has worked as a broadcast engi- 
neer most of his life, mainly with religious 
shortwave stations in many parts of the world. 
He graduated from MIT in 1962 with a BSEE 
degree. John is an ARRL Technical Adviser. 
He and his wife, Ruth, WB4LUA, live in Rising 
Fawn, Georgia. You can reach John at 

524 White Pine Ln, Rising Fawn, GA 30738 
or at jnrstanley @alum.MIT.edu. 
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Review Questions ———$—$—_——_—___— 


15-1 What are some major challenges involved with building an 
antenna tuner? 


15-2 Under what conditions is a special purpose tuner a viable option? 


15-3 Why might you decide not to include 160 meters in your tuner 
design? 
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APPENDIX A 


Making Sense of Decibels 


Joel R. Hallas, W1ZR 
uch of the technical data found 
in QST and other ARRL publi- 


M cations is expressed in decibels, 


generally shown as dB. Contrary to the belief 
of some, this is not done to mystify beginners, 
but rather is intended to make comparisons 
easier and avoid the use of very large or small 
numbers. 


So What’s this Decibels Business 
All About? 

Decibels are just a way of expressing ratios, 
often power ratios. If we are looking at the gain 
of an amplifier stage, the pattern of an antenna 
or the loss of a transmission line we are gener- 
ally interested in the ratio of the power out to 
the power in, or the ratio of the power in front 
of a beam antenna to that coming from the 
back. These are some of the places that we will 
find the results expressed in dB. 

Decibels are a logarithmic function. 
Logarithms are a handy mathematical tool 
based on exponents. An important feature of 
logarithms is that multiplication can be per- 
formed by adding the logarithmic quantities 
instead of multiplying them. Similarly, divi- 
sions can be accomplished by subtracting in the 
same manner. This becomes a benefit if you are 
dealing with multiple stages of amplification 
and attenuation — as we often are in radios 
— snatching a minuscule signal from the ether 
— amplifying and processing it so we can hear 
it out the loudspeaker. Instead of having to mul- 
tiply and divide at each stage to keep track of 
the progress of our signal processing — often 
with signal levels with many zeros to the right 
of the decimal point — we can just tally all the 
dB and have total gain of the system. 


So How do We Compute the 
Decibels? 

The deci in decibels refers to a factor of 
Yo, as in deciliters for io of a liter, while the 
bel relates to the idea of a logarithmic ratio, 
originally used to define sound power. 

To convert a power ratio into decibels, just: 

1. Find the base 10 logarithm of the power 
ratio. 

2. Multiply by 10. 

For example, if we have an amplifier with 
a power gain of 275, we find the logarithm of 
275 (see below, if you don’t do logs in your 
head) to be 2.44. We multiply by 10 and the 
result is that a power gain of 275 can be rep- 
resented as 24.4 dB. 


To convert decibels to a power ratio, we do 
the opposite: 
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Figure 1 — The Windows Scientific 
Calculator ready to calculate the effect of 
a2 dB cable loss. 





1. Divide by 10. 

2. Find the base 10 antilog of the result. 

Note that the base 10 antilog of a number 
is just 10 raised to the power of the number. 
This is also something you probably don’t do 
in your head, so let’s see how to easily per- 
form the computations. 

Understanding a few characteristics of 
logs will help avoid problems interpreting 
results. Note that a gain of 0 dB means that 
there is no change to the signal — not that the 
signal has vanished! The other important fact 
is that a power ratio of less than one (a loss 
rather than a gain) is represented as a negative 
number in decibels. 


Enter the Windows Scientific 
Calculator 

In the very old days, engineers and tech- 
nicians used tables to make accurate loga- 
rithmic calculations, and mechanical slide 
rules if three significant digits was sufficient 
precision.! Starting around 1970, scientific 
calculators became available. Initially they 
were expensive typewriter-sized devices that 
were typically shared within an engineering 
department. Within a few years pocket-sized 
units were available for less than $200, and 
now everyone could make calculations to a 
precision of nine significant digits, whether 
warranted by the data accuracy or not. Tables 
and slide rules were relegated to the pages of 
history with spark transmitters. 

The dawn of the reasonably priced personal 
computer seemed to push the fancy scientific 
calculator out of sight only about 10 years later. 
Unfortunately, for many functions a calculator 
may be a better choice, and decibel calcula- 


‘See, for example, Standard Mathematical 
Tables, CRC Press, any edition. In addition to 
tables of logarithms and trigonometric func- 
tions, it includes many handy formulas from 
geometry, trigonometry and calculus. 


tions may be one. The calculations may be 
easily performed on a PC by putting the equa- 
tions in cells of an Excel spreadsheet, but not 
everyone can do that without a lot of thought. 

If you have a suitable scientific calculator, 
that should easily make the calculations. Not 
all have an ANTILOG button, but if not, they 
will likely have a button that says X‘Y, which 
can be used as above. If you don’t have a hand- 
held calculator, you may not know that there is 
a very capable one included as an “accessory” 
within the Microsoft Windows operating sys- 
tem! Just click START then ALL PROGRAMS 
then ACCESSORIES. You should find an icon 
for the Windows Calculator. You could open 
it, but why not drag it onto your desktop first. 

On first opening, you may find a four- 
function grocery store type calculator. Have 
no fear, just click on VIEW then SCIENTIFIC 
to get the one you want. It should look about 
like Figure 1. 


Give it a Test Drive 


Let’s say you have a mismatched coax 
cable with a loss of 2 dB. You may want to 
know how many of the 100 W from your 
transmitter actually reach your antenna. 
Remember a 2 dB loss is a “gain” of —2 dB! 
We’ ll go through the inverse dB calculation of 
column 2. Using your Windows Calculator, 
either hit 2 on your keyboard, or: 

« Click on the 2 on the calculator “keypad,” 
then: 

» Click on the +/— key; the display should 
show — 2, as in Figure 1. 

Click on the / key to select the “divide by” 
operation. Enter the digits 1 and 0 for the 
number 10 and hit ENTER or =. Make note 
of the result (-0.2) or store it in memory 
(M+). 

Enter the digits 1 and 0 for the number 10. 

» Click on XY to raise 10 to a power. 

» Enter your earlier result, 

—2 and hit ENTER. 

» The display should show 0.63095734448 
019324943436013662234 or about 0.63. 
That is the fraction of your power left after 
a 2 dB loss. That means your antenna sees 
63 W and 37 W is heating your transmis- 
sion line. 

While you are using the Windows Scientific 
Calculator \ook over its other features. It pro- 
vides painless conversion between decimal and 
binary, octal or hex numbers, for example. 


Joel R. Hallas, WIZR, is QST Technical Editor. 
He can be reached at wizr@arrl.org. Q5%- 
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Antenna tuners are devices often misunderstood in the Amateur Radio world. While not 
every station requires an antenna tuner to transmit radio signals, often an incompatibility 
between the transmitter and the antenna system results in poor performance. An antenna 
tuner between them is the way to obtain efficient operation. 


The ARRL Guide to Antenna Tuners discusses the details of the different configurations 
and requirements of antenna tuners. It explores the design, construction and applications 
of the different types available. You'll learn if one is necessary in your station, what type of 
tuner is needed and where to install it for maximum improvement. This book will give you 
a better understanding of your antenna system and the way it can be enhanced through 
the selection and use of the appropriate antenna tuner. 
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PART II— 
BUILDING AND USING 
BALUNS AND UNUNS 


The 1:1 Balun 


Chapter A 





Sec 7.1] Introduction 


n this chapter I will introduce the most popular 
[css Balun in amateur radio use—the 1:1 

Balun. This topic been discussed in the amateur 
radio literature since the publication of Turrin’s 1964 
article.8 Although Turrin’s Balun is really a version of 
Ruthroff’s, which was introduced in his classic 1959 
article,? the real beginning of the broadband 1:1 Balun 
dates back to Guanella’s classic paper of 1944.3 
Guanella’s objective was to design a broadband 16:1 
Balun to match the balanced output impedance of 960 
ohms of a push-pull, 100-watt vacuum-tube amplifier 
to the unbalanced load of a matched 60-ohm coaxial 
cable. Use of his approach for 1:1, 4:1, and 9:1 Baluns 
has produced the designs of choice. They are present- 
ly called current or choke Baluns. 

This chapter begins with an introduction to the tech- 
nology of transmission line transformers. Other topics 
discussed include: 1} when to use a Balun; 2) high- 
lights of significant articles in the professional and 
amateur radio literature; 3) high-power, medium- 
power, and low-power designs; and 4) isolation trans- 
formers. The latter is presented here for the first time. 
The chapter closes with a brief summary of the signif- 
icant points included within. 


Sec 7.2. When to Use a Balun 


Baluns have taken on a more significant role in the 
past few decades with the advent of solid-state trans- 
ceivers and Class B lmear amplifiers with unbalanced 
outputs. That is, the voltage on the center conductor 
of their output chassis connectors varies (plus and 
minus) with respect to ground, In many cases, coaxial 
cables are used as the transmission lines from these 
unbalanced outputs to antennas like dipoles, inverted 
Vs, and Yagi beams that favor a balanced fecd. In 
essence, they prefer a source of power whose termi- 
nals are balanced (voltages being equal and opposite) 
with respect to actual ground or to the virtual ground 
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Figure 7-1. An illustration of the various currents at the 
feedpoint of a dipole. 1; is the dipole current and I>, the 
inverted L (imbalance) current. 


that bisects the center of the antenna. The question 
that is asked most frequently is whether a 1:1 Balun is 
really needed. 

To illustrate the problem involved and to give a 
basis for my suggestions, I refer you to Figure 7+1. 
Here we have, at the feedpoint of the dipole, two 
equal and opposite transmission line currents with two 
components each—I, and I;. Also shown is the spac- 
ing, 8, between the center conductor and the outside 
braid. Theoretically, a balanced antenna with a bal- 
anced feed would have a ground (zero potential) plane 
bisecting this spacing. However, because a coax-feed 
is unbalanced and the outer braid is also connected to 
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ground at some point, an imbalance exists at the feed- 
point giving rise to two antenna modes. One lies with 
I,, providing a dipole mode; the other lies with L,, 
providing an inverted L mode. 

If the spacing, s, is increased, the imbalance at the 
feedpoint becomes greater—giving rise to more cur- 
rent on the outer braid and a larger imbalance of cur- 
rents on the antenna’s arms. Several steps can be 
taken to eliminate or minimize the undesirable invert- 
ed L mode (that is, eliminate or minimize I,). The 
obvious choice is to use a well-designed Balun that 
not only provides a balanced feed, but also minimizes 
(by its choking reactance) I,—if the coaxial cable 
does not fie in the ground plane that bisects the center 
of the dipole. The other step is to ground the coaxial 
cable at a quarter-wave (or odd-multiple thereof) from 
the feedpoint. This discourages the inverted L mode 
because any radiating element will want to see a high 
impedance at these lengths instead of the low imped- 
ance of a ground connection. 

I conducted experiments with Baluns on a 20-meter 
half-wave dipole at a height of 0.17 wavelengths, 
which gave a resonant impedance of 50 ohms. VSWR 
curves were compared under various conditions, 
When the coaxial cable was in the ground plane of the 
antenna (that is, perpendicular to the axis of the anten- 
na), the VSWR curves were identical with or without 
a well-designed Balun—-no matter where the outer 
braid was grounded. A significant difference was 
noted only when the coaxial cable was out of the 
ground plane. When the cable dropped down at a 45- 
degree angle under the dipole, a large change in the 
VSWR took place. This meant that the inverted L 
mode was appreciable. 

It should also be mentioned that the direction of Ih, 
the imbalance current, can depend upon the side on 
which the coaxial cable is out of the ground plane of 
the dipole. For example, if the cable comes down 
under the right side in Figure 7-1 (that is, the angle 
between the horizontal arm and the coax is less than 
90 degrees on the right side and more than 90 degrees 
on the left side), then the direction of I, can be 
reversed by the imbalance in the induced currents on 
the outside of the braid. By the same token, by having 
the coaxial cable coming down on the other side, the 
value of I, is only increased in magnitude. 

However, feeding a Yagi beam without a well- 
designed 1:1 Balun is a different matter. Because most 
Yagi designs use shunt-feeding (usually by hairpin 
matching networks) in order to raise the input imped- 


ance close to 50 ohms, the effective spacing (s) is 
greatly increased. Furthermore, the center of the dri- 
ven element is actually grounded. Thus, connecting 
the outer braid (which is grounded at some point) to 
one of the input terminals, creates a large imbalance 
and a real need for a Balun. An interesting solution, 
which would eliminate the matching network, is to 
use a step-down Balun designed to match 50-ohm 
cable directly to the lower balanced-impedance of the 
driven element.? 

In summary, if you concur with the theoretical 
mode! of Figure 7-1, my experiments performed on 
20 meters, and the reports from radio amateurs using 
dipoles and inverted Vs without Baluns, then it 
appears that 1:1 Baluns are really needed for: a) Yagi 
beam antennas where severe pattern distortion can 
take place without one, and b) dipoles and inverted Vs 
that have the coaxial cable feed lines out of the 
ground plane that bisects the antennas, or that are 
unbalanced by their proximity to manmade or natural 
structures. In general, the need for a Balun is not so 
critical with dipoles and inverted Vs (especially on 40, 
80, and 160 meters) because the diameter of the coax- 
ial cable connector at the feedpoint is much smaller 
than the wavelength. 

If my model, which assumes that a part of the prob- 
lem when feeding balanced antennas with coaxial 
cable is related to the size of the spacing, s (shown in 
Figure 7-1), then the possibility exists for using 
Ununs for matching into balanced antennas with 
impedances other than 50 ohms and with small values 
of s. For example, half-wave dipoles at a height of 
about a half-wave, quads, and center-fed 3/2-wave 
dipoles—~which all have impedances close to 100 
ohms—could very well be matched to 50-ohm cable 
by a 2:1 Unun. As I will show, they are considerably 
easier to construct than 2:1 Baluns. Furthermore, 
Genaille!® has recently shown considerable success 
using Ununs im this kind of application. 

To wind up this section, I would like to comment on 
an article published by Eggers,!! WA9NEW, concern- 
ing the use of a Balun with a half-wave dipole, While 
at North Carolina State University, he conducted an 
experimental investigation of pattern distortion with- 
out a Balun at 1.6 GHz in an RF anechoic chamber 
(which simulates “free space”). Briefly, his results 
showed that, with a Balun (bazooka type), the antenna 
radiation pattern compared very favorably with the 
classic “figure-eight.” Without the Balun, the radiation 
pattern was severely distorted. 


Even though the author expressed difficulty in 
obtaining accurate measurements at this very high fre- 
quency, I have a question regarding the validity of 
performing the experiment in the first place. From the 
photograph in the article, it appears that conventional 
coaxial cable and connectors were used in the experi- 
ment. If we assume an effective diameter of 0.375 
inches for these components, then scaling up to 3.5 
MHz (457.14 fold) results in a coaxial cable with a 
diameter of 14.28 feet! I am quite sure that the large 
spacing, s, of 7.14 feet would bring about a noticeable 
imbalance resulting in appreciable pattern distortion 
even at 3.5 MHz. 


Sec 7.3 Highlights of Signiticant 
Articles on 1:1 Baluns 


Although there have been many articles on 1:1] Baluns 
published in the professional and amateur literature, I 
have selected for review a few that I believe have had 
the most impact on 1:1 Baluns for amateur radio use. 
As you will see, even though I consider some of the 
amateur articles significant, their impact upon the use 
and understanding of these devices has not always 
been positive. In fact, in some cases, the opposite has 
been true. 


In the professional literature 


There are actually only two significant articles in the 
professional literature that provide the fundamental 
principles upon which the theory and design of this 
class of transformers are based. It can be said that suc- 
ceeding investigators simply extended the works of 
the authors of these two articles. 

The first presentation on broadband matching 
transformers using transmission lines was given by 
Guanella in 1944.3 He coiled transmission lines 
forming a choke such that only transmission line cur- 
rents were allowed to flow, no matter where a ground 
was connected to the load. His single, coiled trans- 
mission line resulted in a 1:1 Balun. It ts shown sche- 
matically in Figure 7-2A. Prior to this, RF Baluns 
were achieved by the use of quarter and half-wave 
transmission lines, and as a result, had narrow band- 
widths. Guanella then demonstrated broadband 
Baluns with impedance transformations of 1:n2 where 
# is the number of transmission lines he connected in 
a series-parailel arrangement. 

Several important points should be made regarding 
Guanelia’s 1:1 Balun shown in Figure 7-2A. With 
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Figure 7-2. Two versions of the 1:7 Balun, {A} the 
Guanella Balun and the basic building block; (B} the 
Ruthroff Balun as originally drawn. 


sufficient choking reactance, the output is isolated 
from the input and only flux-canceling transmission 
line currents are allowed to flow. With matched or 
very short transmission lines, the grounding of termi- 
nal 5 (actually or virtually like the center of a dipole) 
results in terminal 4 becoming +V /2 and terminal 2 
becoming ~V,/2—-creating a balanced output. This 
type of Balun has lately been called a “current” or 
“choke” Balun. A significant feature of this model is 
that a potential gradient of ~V,/2 exists along the 
length of the transmission line. This gradient, which 
exists on both conductors, accounts for practically all 
of the loss in these transformers because the toss 
mechanism is voltage dependent (a dielectric-type 
loss). All transmission line transformers have some 
sort of voltage gradient along their transmission lines 
and are, thus, subject to the same type of losses. 
Furthermore, the theory and loss mechanism is the 
same whether the transmission lines are coax or twin- 
lead, or coiled around cores, or threaded through fer- 
rite beads, Additionally, it was shown? that higher- 
impedance Baluns or Baluns subjected to higher 
VSWRs have more loss because the voltage gradients 
are also larger. 

The second significant article on broadband trans- 
mission line transformers was published by Ruthroff.? 
His I:1 Balun, which is shown as originally drawn in 
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Photo 7-A. The two basic forms of the 1:1 Balun that first 
appeared in the professional literature. The two-conductor 
Guanella Balun is on the left and the three-conductor 
Ruthroff Balun is on the right. 


Figure 7-2B, used an extra winding to complete (as 
he said) the path for the magnetizing current. Even 
though his schematic drawing appeared to look like a 
trifilar winding, his pictorial in the article clearly 
showed that the third winding (5-6) was on a separate 
part of the toroid. With an equal number of turns, it 
forms a voltage divider with winding (3-4) placing 
terminal 4 at +V,/2 and terminal 2 at —V,/2. In his 
classic paper, Ruthroff also presented his form of the 
4:1 Balun (which is also different from Guanella’s), a 
4:1 Unun, and various hybrids. Photo 7-A shows the 
two basic forms of the 1:1 Balun that first appeared in 
the professional literature. The two-conductor 
Guanella 1:1 Balun is on the left and the three-con- 
ductor Ruthroff Balun is on the right. As was men- 
tioned before, the Guanella Balun has also been called 
a “current” or “choke” Balun. 

Before moving on to the significant articles in the 
amateur radio literature, some mention should be 
made of the differences between the two basic forms 
shown in Photo 7-A. Guanella’s 1:1 Balun came to be 
known as the basic building block for this whole class 
of broadband transformers. This term was coined by 
Ruthroff as he showed its 1:1 Balun capability when 
the load was grounded at its center (terminal 5), and 
as a phase-inverter when the load was grounded at the 
top (terminal 4). By connecting terminal 2 to terminal 
3 and connecting the bottom of the load to ground, 
Ruthroff demonstrated his very popular 4:1 Unun. I 


call this type of arrangement the bootstrap connection. 
By grounding terminal 2, there is no potential drop 
along the transmission line and, therefore, no need for 
magnetic cores or beads. This arrangement, which 
turns out to be an important function for extending the 
high frequency performance of this class of transform- 
ers, I call the “phase-delay” connection. 

Thus, with the flexibility shown by Guanella’s basic 
building block, a 1:1 Balun is now realized that not 
only presents a balanced power source to a balanced 
antenna system, but can also prevent an imbalance 
current (an inverted L antenna current) by its choking 
reactance when the load is unbalanced or mismatched 
or when the feedline is not perpendicular to the axis 
of the antenna. 

Interestingly enough, except at the very low end of 
the frequency response of the Ruthroff 1:1 Balun 
where autotransformer action can take place, his 
Balun takes on the characteristics of the Guanella 
Balun. The reactance of the third winding becomes 
great enough to make it literally transparent. This is 
not the nature of the trifilar-wound (voltage) Balun, 
which is sensitive to unbalanced and mismatched 
loads over its entire passband because it is actually 
two tightly coupled transmission lines. This distinc- 
tion was not recognized by most of those who pub- 
lished in the amateur radio literature. 


In the amateur radio literature 


R. Turrin, W2IMU—1964 

The first presentation in the amateur radio literature 
on 1:1 Baluns using ferrite cores was by Turrin in 
1964.8 Turrin, who was a colleague of Ruthroff’s at 
Bell Labs, took his small-signal design (which used 
No. 37 or 38 wire on toroids with ODs of 0.25 inches 
or less) and adapted it to high-power use. This was 
done by using thicker wire, larger cores, and (very 
importantly for high efficiency”) low permeability fer- 
rite. Ruthroff used lossy manganese-zine ferrites with 
permeabilities of about 3000 because efficiency was 
not a major consideration. 

Figure 7-3 is a pictorial and a schematic of Turrin’s 
design. As you can see, the third wire (winding 3-4) is 
placed between the two current-carrying wires (wind- 
ings 1-2 and 4-5). Photo 7-B shows (on the left) his 
actual design using a ferrite core; a popular design (on 
the right) using a powdered-iron core is available in 
kit form from Amidon Associates, Inc. Both Baluns 
use 10 trifilar turns of a single-coated wire like 
Formex™ or Formvar™ on a toroid. Turrin’s design 





Figure 7-3. (A) A pictorial of Turrin’s 1:1 Balun, and (B) 
a schematic of his Balun. 


uses a ferrite toroid with an OD of 2.4 inches and a 
permeability of 40. The Amidon Associates’ Balun 
uses a powdered-iron toroid with a 2-inch OD and a 
permeability of only 10. Both Baluns are specified to 
handle 1000 watts of power from 1.8 to 30 MHz. 
Figure 7-4 shows the response curves for these two 
Baluns when terminated with 50-ohm loads. The 
response curve for a popular 1:1 rod-type Balun that 
uses the same schematic and wire is also shown. It has 
8 trifilar turns, tightly wound on a rod of 0.5-inch 
diameter, 2.5 inches long, and with a permeability of 
125. The rod-type Balun is shown in Photo 7-C. 
Several important features should be brought out 
regarding the results shown in Figure 7-4. They are: 


Photo 7-B. Two versions of Turrin's 
design: On the left, the 1:1 Balun that has 
appeared in the amateur radio literature; 
on the right, a I:] Balun that has been 
readily available in kit form from Amidon 
Associates, Inc. 
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1. All Baluns had insufficient choking reactance 
and, hence, poor low-frequency responses. The pow- 
dered-iron version was especially poor. They all 
showed a drop in the input impedance and an induc- 
tive component at 2 MHz. This meant flux in the 
cores and an undesirable condition—especially for 
ferrite, which is a nonlinear material. Ferrite cores 
could not only suffer damage, but they could also gen- 
erate spurious frequencies under these conditions. In 
fact, the same condition could occur at 4 MHz with a 
VSWR of 2:1! Therefore, I don’t recommend any of 
these Baluns for use on 160 or 80 meters. 

2. The major problem at the low-frequency end is 
the role of the third winding (3-4) in Figure 7-3B. It 
has been claimed!? that the third winding improves 
the low-frequency response (over the two-conductor 
Guanella 1:1 Balun) because it enables autotrans- 
former action at the low end. However, recent mea- 
surements I have made on two-conductor Guanella 
Baluns and three-conductor Ruthroff (or Turrin) 
Baluns, with loads grounded at their centers, show 
insignificant differences. This type of load approxi- 
mates the actual condition when feeding a balanced 
antenna system. The negative feature of the third 
winding (3-4) is that, at the low-frequency end, there 
can be insufficient reactance to prevent harmful flux 
in the core because of a direct shunting path to 
ground. With the two-conductor 1:1 Balun, the only 
flux-inducing current is that of the imbalance current 
(the inverted L mode), which is usually far smaller. 

3. Another important feature of the curves shown in 
Figure 7-4 is the effect of the characteristic imped- 
ances of the coiled transmission lines. For example, a 
bifilar winding (wires tight together) on a toroid with 
spacing between adjacent bifilar turns exhibits a char- 
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Figure 7-4. The input impedance versus frequency, when terminated with 50 ohms, for the Turrin, typical rod-type, and 


Amidon Associates 1:1 Baluns. 


acteristic impedance of about 45 ohms. When wound 
on a rod with no space between adjacent bifilar turns, 
the characteristic impedance drops to about 25 ohms. 
With the third winding (3-4) between the other two as 
shown in Figure 7-3B, the characteristic impedance is 
raised to approximately 70 ohms in the toroidal case 
and to about 47 ohms in the rod case. If the toroidal 
Baluns were terminated in 70 ohms and the rod Balun 
terminated in 47 ohms, the high-frequency responses 
would be practically flat to at least 30 MHz. The dif- 
ference in high-frequency response between the two 
toroidal Baluns (with 50-ohm loads) is due to the dif- 
ferences in the lengths of their transmission lines. The 
transmission line on the powdered-iron core is appre- 
ciably less because the OD, as well as the cross-sec- 
tional area, is smaller. 

4. The trifilar-wound form of the 1:1 Balun also 
has an additional undesirable property. Its high fre- 
quency response is sensitive to unbalanced and mis- 
matched loads. This is because the third wire now 
forms two tightly coupled transmission lines. It is 
unlike the Ruthroff version shown on the right in 
Photo 7-A. In his second article,!2 Turrin pointed 
out this important distinction. 


J. Reisert, W1JR—1978 

The next significant article on 1:1 Baluns was pub- 
lished by Reisert in 1978.7 Reisert proposed winding 
some of the smaller (but still high-powered) coaxial 
cables around a 2.4-inch OD ferrite toroid with a per- 





Photo 7-C. A typical rod-type Balun. 


meability of 125. The windings also included a 
crossover, which is shown in Figure 7-5 and Photo 7- 
D. In addition, he recommended various numbers of 
turns, depending upon the low-frequency requirement. 
For example, he suggested 12 turns to cover 3.5 MHz, 
10 turns for 7 MHz, 6 for 14 MHz, and 4 for 21 and 
28 MHz. Because the characteristic impedance of the 
coaxial cable is the same as the coax feedline, the 
Balun only introduces a foot or two of extra length to 
the feedline. This is true in the HF and VHF bands. 
The coaxial cables recommended in the article were 
RG-141/U, RG-142/U, and RG-303/U. 

From the articles that followed in the amateur radio 
literature, it became apparent that few recognized all 
of the important features of Reisert’s Balun. They are 
listed below. 

1. An efficient, low-loss ferrite was used. 

2. The Baluns had sufficient choking reactances for 
the various low-frequency requirements. 


3. The characteristic impedance of the coiled trans- 
mission line was the same as that of the feedline, 
thus eliminating the extra transformer action of a 
length of transmission line with a different character- 
istic impedance. 

4. The Balun is a form of Guanella’s two-conductor 
1:1 Balun, which is not prone to core flux and, hence, 
saturation and the generation of spurious frequencies. 
It is also not susceptible to mismatched and unbal- 
anced loads as are the Turrin and “voltage” Baluns. 

After constructing several of Reisert’s Baluns and 
comparing them with other Guanella designs, I found 
that the crossover winding had virtually no effect up 
to 100 MHz (the limit of my equipment). In regards to 
Reisert’s VSWR comparison with a rod-type Balun 
when feeding a triband Yagi beam on 20 meters, I 
found that his Balun had a lower VSWR (practically 
1:1) at the best match point. The rod-type Balun had a 
best VSWR of about 1.3:1, but at a slightly higher fre- 
quency. He attributed the higher (and somewhat flat- 
ter) VSWR curve of the rod-type Balun to its greater 
ohmic loss. Because the rod-type Baluns I have inves- 
tigated used the same low-loss ferrite that Reisert’s 
did, I suspect that the differences in the VSWR curves 
were mainly due to the mismatch loss introduced by 
the rod-type Balun. 


G. Badger, W6TC—1980 

Badger published an in-depth, two-part series!3.-14 
in Ham Radio magazine in 1980 on air-core Baluns 
and Ununs. I am sure it was instrumental in advancing 
the technology of this class of wideband transformers. 
An article by Orr!5 also shows that there are many 
other radio amateurs who see the advantages of air- 
core transformers. 

What are the claims for air-core Baluns over their 
ferrite-core counterparts? First and foremost, propo- 
nents of air-core Baluns claim they don’t suffer the 
consequences of saturation that leads to spurious fre- 
quencies, heating, and ultimate damage. Secondly, it’s 
said that they are not subject to arcing from the wind- 
ings to the core. 

What are the claims for the ferrite-core Baluns over 
their air-core counterparts? Simply put, they have 
wider bandwidths and are more compact. 

After reading Badger’s two-part series, I found that 
my curiosity was piqued by his experimental data on 
harmonic distortion due to saturation in a ferrite-core 
1:1 Balun. Although many have expressed concerns 
regarding saturation in ferrite-core Baluns, Badger’s 
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Figure 7-5. A pictorial 
of the crossover used 
in Reisert’s 1:1 Balun. 


Balanced 





Photo 7-D. A Reisert, WIJR, 1:1 Balun. 


data could very well provide the only results avail- 
able. He used the two-tone test method, which com- 
bined two RF sources of 2.001 and 2.003 MHz, 
amplified it to 2 kW PEP and then fed it through a 
commercial 1:1 rod-type ferrite Balun. The data 
showed considerable distortion in the 3rd order and 
9th order distortion products. In other words, appre- 
ciable nonlinearity took place at this high power level. 

Several questions come to mind regarding these 
measurements. What was the low-frequency response 
of the commercial 1:1 rod-type Balun Badger used? 
From my measurements on a rod-type Balun (Figure 
7-4), I found a drop in the input impedance and an 
inductive component at 2 MHz. This indicates flux in 
the core and a problem when using this Balun at 2 
MHz. Because many rod-type 1:1 Baluns have been 
used over the years, it would have been instructive if 
he had also made these measurements at 4 and 7 
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Balanced 


Unbalanced 


Figure 7-6, Schematic of Badger’s 1:1 Balun with a com- 
pensating winding (1-2). Winding (3-4) is the outer-braid 
of the coax and winding (5-6) is the inner conductor. 


MHz. They would have given the readers a safe 
lower-frequency limit for these Baluns. 

I wondered why Badger didn’t make similar mea- 
surements on Reisert’s 1:1 Balun, which he included 
in his articles. As noted earlier, I consider Reisert’s 
1:1 Balun a very good design! I am sure that no dis- 
tortion products would have been found at 2 MHz 
with this Balun. The end result is that Badger chose a 
poor ferrite-core design for making his comparisons. 
This helped to contribute to an undeserved reputation 
for the ferrite-core Balun. 

Badger also suggested placing an insulated wire in 
parallel with the coax winding on Reisert’s 1:1 Balun. 
He called this a compensating winding, which provid- 
ed a superior balanced output. The third winding (1-2) 
is shown Figure 7-6. Winding (5-6) is the inner con- 
ductor and winding (3-4), the outer braid. Later exper- 
iments by myself and others have shown that a well- 
designed two conductor (Guanella) 1:1 Balun has a 
completely satisfactory balanced output for antenna 
applications. Furthermore, it does not suffer from an 
unbalanced and/or mismatched load and core satura- 
tion. Incidentally, Badger’s schematic of Figure 7-6 
now adds up to four different versions of the 1:1 
Balun. They are the two-conductor version of 
Guanella’s and the three, three-conductor versions of 
Ruthroff’s, Turrin’s, and (now) Badger’s. 

Badger and Orr also mentioned the Collins Balun in 
their articles. This Balun is comprised of a dummy 








length of coax wound as a continuation of the original 
coiled coax winding. Interestingly, it is connected as a 
Ruthroff 1:1 Balun (Figure 7-2B), which also uses a 
third winding. Because there is appreciable coupling 
between the two coiled windings, the Collins Balun 
should also be susceptible to mismatched and/or 
unbalanced loads. Badger claimed it was, by far, the 
best 1:1 Balun he had ever used. Again, it would have 
been very informative if he had compared it with the 
Reisert Balun (without the compensating third wire). 


M.W. Maxwell, W2DU—1983 

One of the more significant articles on 1:1 Baluns 
was published by Maxwell* in 1983. Maxwell intro- 
duced, what he called, the “choke” Balun. It was 
formed by placing high-permeability ferrite beads 
over about one foot of small (but high-powered) coax- 
ial cables similar to the ones used in the Reisert 
Balun. Photo 7-E shows the W2DU “choke” Balun 
removed from its plastic enclosure. 

Maxwell compared his Balun with (what he 
termed) a “transformer-type” Balun by measuring the 
input impedances versus frequency when the outputs 
were terminated in 50 ohms. The “transformer-type” 
Balun didn’t yield a true 1:1 impedance transfer ratio, 
which he claimed was due to losses, leakage reac- 
tance, and less than optimum coupling. Because 
Maxwell gave no description of the “transformer- 
type” Balun, I assumed it was the popular rod-type 
Balun shown in Photo 7-C. As you can see in Figure 
7-4, this Balun has a poor low-frequency response. 
Furthermore, it is really optimized for a load of 47 
ohms and not 50 ohms. 

What Maxwell failed to realize was that his Balun 
was a form of Guanella’s two-conductor type. That is, 
it is both a choke (a lumped element) and a transmis- 
sion line (a distributed element). Additionally, 
Guanella’s theory applies whether the transmission 
lines are coiled (about a core) or beaded, twin-lead or 
coaxial cable. From Ruthroff’s classic paper,? which 
extended Guanella’s work,3 we became aware of the 


Photo 7-E. The Maxwell, 
W2DU, “choke” 1:1 Balun. 


voltage drops along the lengths of the transmission 
lines. From very accurate insertion loss measure- 
ments,? we learned that the losses were mainly in the 
magnetic medium-—and that they were related to the 
voliage levels and the permeabilities. Maxwell didn’t 
take mto account these latter findings. He used lossy 
high-permeability beads (2500) and assumed that the 
main loss was in the transmission line. He claimed 
that the CW power-handling capability of his Balun 
was 3.5 kW at 50 MHz and 9 kW at 10 MHz-—the 
same as the coaxial cable itself. I seriously question 
these power ratings. Ironically, it is very likely that 
Maxwell’s Balun had more real loss than the so-called 
“transformer-type” Balun! 


R.W. Lewallen, W7EL—1985 

There is very little doubt that Lewallen’s interesting 
article® in 1985 contributed significantly to the better 
understanding and design of 1:1 and 4:] Baluns. In it, 
he coined the (now very popular) terms “voltage” and 
“current” Baluns. The “voltage” Balun, a three-con- 
ductor type, has output ports which have voltages that 
are balanced to ground. It is brought about (see 
Figure 7-6) by the voltage-divider action of windings 
(5-6) and (1-2). Because we have two tightly coupled 
transmission lines in the passband with the same 
potential gradients, terminal 6 is at +V,/2 and termi- 
nal 4 at ~V,/2 where V, is the input voltage. The 
“current” Balun, on the other hand, is a two-conductor 
Balun that produces equal and opposite currents on 
the output ports for any form of load impedance. 

Lewallen conducted a series of experiments on 10 
meters to compare the performances of “voltage” and 
“current” Baluns under balanced and unbalanced con- 
ditions. In the unbalanced (nonsymetrical) condition, 
the dipole was lengthened by five inches on one side 
and shortened by five inches on the other side. He 
then obtained a figure of merit for both Baluns (as 
well as for the case without a Balun) defined as the 
ratio of the average magnitude of the currents at the 
feedpoint over the magnitude of the imbalance (the 
inverted L) current. The magnitudes of the currents 
were obtained by current-probe toroids. Mcasure- 
ments were made at the antenna feedpoint and at a 
half-wave (physically) from it. 

The “current” Balun consisted of 15 turns of very 
small RG-178/U coax on an FT82-61 core (a ferrite 
toroid with an OD of 0.825 inches and a permeability 
of 125). The “voltage” Balun had 10 turns of RG- 
178/U coax with a No. 26 wire in parallel (closely 
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coupled) on the same toroid. The schematic is shown 
in Figure 7-6. 

Lewallen concluded (and 1 agree) that his experi- 
ments clearly showed that the “current” Balun gave 
superior performance at every measured point in each 
experiment. However, the “voltage” Balun still 
improved the balance over the no-Balun case. He also 
concluded that other experiments should be performed. 
in order to better compare the two forms of the Balun, 
One is to ascertain the difference when the feedline is 
placed nonsymetrical with respect to the antenna (to 
induce an imbalance current into the feedline), Others 
include determining the optimum point in the feedline 
to place the Balun, and tcsting the various kinds of 
core and beaded Baluns. 

Although Lewallen’s article pretty much speaks to 
Badger’s proposal of adding a third wire to Reisert’s 
Balun for better balance (i.e., avoid it), there are some 
comments and questions 1 have regarding his experi- 
ments and findings. They are: 

1. Why didn’t Lewallen use Reisert’s Balun as the 
“current” Balun and Badger’s suggested third-wire 
design as the “voltage” Balun? These would have 
been more realistic designs for comparisons. Instead, 
he used very small structures (which will only find 
use in QRP operations) and, as such, have higher fre- 
quency capabilities. Also, because the “voltage” 
Balun only had 10 turns (and hence a shorter trans- 
mission line and a poorer low-frequency response), it 
was favored in the comparisons on 10 meters. Had 
Lewallen used transmission lines of equal lengths on 
Reisert’s cores, the differences between the two 
Baluns would have been even more dramatic. 

2. It would also have been very useful if Lewallen 
had made comparisons between a “current” Balun that 
could handle the full legal limit of amateur radio 
power (again like the Reisert Balun) and “voltage” 
Baluns using Turrin’s schematic (Figure 7-3) with rod 
and toroidal cores which have been readily available 
for nearly three decades. 

3. Additionally, comparisons should not only be lim- 
ited to 10 meters. Because 1:1 “voltage” Baluns are 
configurations of coupled transmission lines with vari- 
ous characteristic impedances, their performances with 
mismatched and unbalanced loads are more sensitive to 
the higher frequencies than their “current” Balun coun- 
terparts. Therefore, making similar measurements on 
20 meters would also provide more useful information. 

4, Even though Ruthroff’s classic 1959 paper? has 
been the industry standard over the years, his 1:1 


36 UNDERSTANDING, BUILDING. AND USING BALUNS AND UNUNS 


Balun design has been practically nonexistent in the 
amateur literature. Turrin mentioned its advantage 
over his first design in his second article.!? But 
Turrin’s first design has prevailed in our amateur liter- 
ature. Because Ruthroff’s design has the third conduc- 
tor on a separate part of the toroid, it has the balanced 
output mentioned by Badger,!3 but still retains the 
flexibility of the Guanella? Balun. In other words, as 
the frequency is increased, the choking action of the 
third wire makes it practically transparent. This 
enables it to handle any form of load impedance. It 
would have been informative if Lewallen had pointed 
this out and also noted that Ruthroff’s 1:1 Balun, 
although looking like a “voltage” Balun, is really a 
“current” Balun. 

§. Lewallen and the others who have published in 
the amateur radio literature have failed to reference 
the first presentation on what are now known as “cur- 
rent” or “choke” Baluns, made by Guanella* in 1944, 
Even though Guanella used coiled transmission lines 
without a magnetic core, his theory on how these 
devices work is still applicable today. 


J.S. Belrose, VE2ZCV—1991 

The last article on 1:1 Baluns I considered worth men- 
tioning was written by Belrose> in 1991. In it, he 
described the W2DU Balun by Maxwell and how his 
technique of threading coaxial cable through ferrite 
beads could be easily applied to 4:1 and 9:1 Baluns. 

What immediately grabbed my attention in this arti- 
cle was the deck head (the editor’s comments), which 
included highly complimentary remarks regarding the 
beaded-coax Balun. In essence, it said, “In this break- 
through article. W2DU’s peerless 1:1 current-Balun 
design serves as the basis for excellent ferrite-bead- 
choke current Baluns capable of 4:1 and 9:1 imped- 
alice transformation.” 

However, if one reads the article carefully, it 
becomes apparent that this is not what Belrose said. 
His words were, “The current Balun of the type devel- 
oped by Walt Maxwell, W2DU—a Balun consisting 
of ferrite beads slipped over a length of coaxial 
cable—is the best so far devised (italics mine).” He 
did not say that W2DU’s Balun was “peerless.” In 
fact, in the article he said just the opposite. He pointed 
out that the W2DU Balun’s main disadvantage 1s that 
the beads are lossy at HF and heating becomes a con- 
cern when the transmitting power exceeds 125 watts! 
For high power (that is i-kW CW), Belrose recom- 
mended Roehm’s!® designs, which use lower perme- 


ability (850) beads nearest the Balun’s balanced out- 
put (where most of the heating takes place). 

However, I do question two of the advantages he 
claims for the W2DU Balun. They are: 

1. Its excellent power-loss and impedance-versus- 
frequency characteristics are much superior to those 
of a bifilar current Balun wound on a ferrite toroid. 

2. It has excelient power-handling capability, and 
can function quite satisfactorily when working into 
highly reactive loads. This is so because the magnetic 
flux produced hy currents flowing on this Balun's 
wires cannot saturate its ferrite beads. 

Belrose ohtained evidence for advantage number | 
by comparing the input impedance and power loss 
versus frequency of the W2DU Balun with a commer- 
cial Balun when they were terminated in 50 ohms. 
The commercial Balun was a bifilar wound toroidai 
type used in a differential-T tuner. What Belrose 
failed to realize was that the commercial Balun had 
heavily insulated wires, resulting in a characteristic 
impedance greater than 100 ohms. Thus, he was actu- 
ally comparing a 50-ohm transmission line with a 
longer line that had a characteristic impedance in 
excess of 100 ohms! As expected, his input imped- 
ance versus frequency curve for the commercial Balun 
was even more severe than that of the Turrin Balun 
shown in Figure 7-4. 

Advantage number 2 is based upon the premise 
that the magnetic flux produced by currents on the 
W2DU Balun’s wires cannot saturate the ferrite 
beads, while the windings of a bifilar wound toroidal 
current Balun can. This is an incorrect assumption 
because the magnetic flux of a two-conductor type 
Balun, like the beaded-coax or the bifilar-wound 
toroidal Balun, is generated by the imbalance (invert- 
ed L) current and hence is much lower than the trans- 
mission line currents. This is especially true with 
sufficient choking reactances. The perception that the 
toroidal type Balun still transmits the energy to the 
output circuit by flux linkages, could very well lead 
to this mistaken impression. 

For high power beaded-coax Baluns, Belrose re- 
ferred to designs by Roehm,!® who increased the 
power capability of this type of Balun by using lower 
permeability beads near the balanced output. He also 
increased the length considerably. For operation from 
80 meters to 10 meters, Roehm used 28 inches of 
beaded coax. For 160 meters to 10 meters, he used 36 
inches of beaded coax. Belrose’s suggestion of con- 
necting beaded coaxes in parallel on the low-imped- 


Photo 7-F. Two versions of Reisert’s 1:1 
Balun. The Balun on the left uses the 
crossover shown in Figure 7-5. The Balun 
on the right is continuously wound. Both 
have the same electrical performance in 
the HF band. 


ance side and in series on the high impedance side to 
obtain a broadband 4:1 transformation ratio would 
require transmission lines with characteristic imped- 
ances of 100 ohms. This means, for a high power 4:1 
Balun using beaded transmission lines, about 56 inch- 
es of beaded line would be required for the 80-meter 
to 10-meter operation and 72 inches for the 160-meter 
to 10-meter coverage. For a 9:1 Balun, it would be 
necessary to increase these lengths by 50 percent! 

It remains to be seen what Belrose would have said 
or done if he had compared the W2DU Balun of 
Maxwell’s with the W1JR Balun of Reisert’s. He cer- 
tainly couldn’t claim the advantages listed in his arti- 
cle for the W2DU Balun. Would he still have claimed 
that the type of Balun developed by Maxwell is the 
best so far devised? Given the evidence, I doubt it. 


Sec 7.4. High-, Medium-, and Low- 
power Designs 


In this section I’ll present my latest 1:1 Balun designs. 
Except for one Balun that appeared in the June 1993 
issue of CQ, the others appeared for the first time in 
the magazine’s April 1994 issue. Because I have 
favored Reisert’s design throughout this chapter, the 
first Baluns described here are my versions of his 
technique of coiling small (but high power) coaxial 
cable around a low-permeability ferrite toroid. For my 
wire versions, I could have used all sorts of adjectives 
to describe them like Guanella, two-conductor, choke, 
and current. However, in the process of writing this 
section, I thought Belrose’s adjectives were the most 
direct. Using his words, I call my wire versions of the 
1:1 Balun simply—bifilar toroidal Baluns. 
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Photo 7-F shows two versions of Reisert’s Balun. 
The one on the left uses the crossover shown in 
Figure 7-5. Because no difference in performance at 
HF was noticed without the crossover, a continuous- 
wound version is also shown on the right. The main 
advantage in the HF band with the crossover winding 
is purely mechanical. Having the input and output 
connections on opposite sides of the toroid is not only 
more convenient, but it also offers a much stronger 
method of mounting. 

For operation from 1.8 to 30 MHz, 10 turns of small 
coax like RG-303/U, RG-142B/U, or RG-400/U are 
wound on a 2.4-inch OD ferrite toroid with a perme- 
ability of 250. If the use is limited from 3.5 to 30 
MHz, then a permeability of 125 is recommended 
because it would yield a slightly higher efficiency at 
the high end. If one wants the highest possible effi- 
ciency and limits the operation from 14 to 30 MHz, 
then a permeability of 40 is recommended. With loads 
grounded at their centers, these conditions were found 
to give ample margins (handle a VSWR of 3:1 with- 
out any appreciable flux) at their low frequency ends. 

For ease of winding, I found TY-RAP™ Cable Ties 
very useful. Two were used at each end. Removing the 
covering on the outer braid also helps. Because about 
24 inches of cable is wound on the toroid, I recom- 
mend you start with at least 32 inches. Of the three 
cables noted above, I found RG-303/U cable the easi- 
est to wind and connect. Although it only has a single- 
thickness braid (the others have double-thickness 
braids), its power rating is still the same—9 kW at 10 
MHz and 3.5 kW at 50 MHz. 

The next high power design is shown in Photo 7-G 
mounted in a 4 inch long by 3 inch wide by 2.25 inch 
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Photo 7-G. My high-power design of a bifilar toroidal 
(Guanella/current) 1:1 Balun mounted in a 4 inch long by 
3 inch wide by 2.25 inch high Bud aluminum box. 


high Bud CU 234 aluminum box. It has 10 bifilar 
turns of No. 12 H Thermaleze wire on a 2.4-inch OD 
ferrite toroid. As with the Reisert versions, a perme- 
ability of 250 is recommended for 1.8 to 30 MHz, 125 
for 3.5 to 30 MHz, and 40 for 14 to 30 MHz. One 
wire is also covered with two layers of Scotch No. 92 
polyimide tape in order to raise the characteristic 
impedance to 50 ohms. With this added insulation, the 


Photo 7-H. Two “economy” versions of the 
high-power bifilar toroidal (Guanella/cur- 
rent) 1:1 Balun. The one on the right uses 
Reisert’s crossover technique. 





voltage breakdown of this twin-lead transmission line 
compares very favorably with RG-8/U cable (4000 
volts). In order to preserve the spacing, the wires are 
also clamped together about every 1/2 inch with strips 
of Scotch No, 27 glass tape 3/16 inches wide and a lit- 
tle over 1 inch long. 

Two “economy” versions of the high power bifilar 
toroidal Balun are shown in Photo 7-H. The one on 
the left shows the windings crowded on one-half of 
the toroid. The one on the right provides the same 
positions of the input and output connections by using 
the crossover. Their performances are identical. Both 
Baluns have 10 bifilar turns of No. 14 H Thermaleze 
wire on a 2.4-inch OD ferrite toroid. The choices of 
permeability, which trade off bandwidth for efficien- 
cy, are the same as those used in the two previous 
high power designs. The word “economy” here refers 
to economy in labor—this Balun is actually very easy 
to construct. 

This “economy” Balun, which also handles the full 
legal limit of amateur radio power, has a small trade- 
off in high frequency response. Because no extra insu- 
lation is used, the characteristic impedance of two 
tightly clamped No. 14 H Thermaleze wires is 45 
ohms. With one layer of Scotch No. 92 tape, it 
increases to 50 ohms. But for most of the HF band, 
the difference in performance between Baluns using 
transmission lines of 45 and 50 ohms should be negli- 
gible. Even without the extra insulation, the voltage 
breakdown should compare very favorably with the 
smaller, high-power coaxes used in the Reisert ver- 
sions (1900 volts). 
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Photo 7-I. Two low-power versions of the bifilar toroidal 
(Guanella/current) I:1 Balun capable of handling the out- 
put of practically any HF transceiver. The Balun on the 
left has the crossover. 


Photo 7-I shows two low-power versions of a bifilar 
toroidal Balun capable of handling the output of prac- 
tically any HF transceiver. One has a crossover wind- 
ing and the other, a continuous winding. They both 
have 10 bifilar turns of No. 16 H Thermaleze wire on 
a 1.25-inch OD ferrite toroid with a permeability of 
250. Since efficiency is not a major problem in low- 
power use, I found no reason to suggest the other two 
versions, which use lower permeabilities. It is also 
interesting to note that two tightly clamped No. 16 H 
Thermaleze wires have a characteristic impedance 
close to 50 ohms. Therefore, this small Balun (partic- 
ularly with its short leads) has a very good high fre- 
quency response. 

Photo 7-J shows two medium-power versions of a 
bifilar toroidal Balun capable of handling the full 
legal limit of amateur radio power under controlled 
conditions—when the VSWR is less than 2:1. Being 
smaller than its larger (2.4-inch OD) counterpart, its 
heat-sinking capability and, hence, power rating is 
less. As before, one Balun uses a crossover while the 
other doesn’t. Each has 8 bifilar turns of No. 14 H 
Thermaleze wire on a 1.5-inch OD ferrite toroid. The 
ferrite permeabilities and expected bandwidths are the 
same as the other high-power Baluns. Because the 
average magnetic path length in the core is about two- 
thirds that of the 2.4-inch core, only 8 bifilar turns are 
required in order to produce a similar low-frequency 
capability. Even though the characteristic impedances 


Photo 7-J. Two medium-power versions of the bifilar 
toroidal (Guanella/current) 1:1 Balun capable of handling 
the full legal limit of amateur radio power when the VSWR 
is less than 2:1. The Balun on the left has the crossover. 


of their bifilar windings are 45 ohms, their responses 
on 10 meters should be somewhat better than the 
“economy” models because the lengths of their trans- 
mission lines are shorter (18 compared to 24 inches). 

And now a few words on what sort of efficiency one 
can expect in trading-off low frequency response by 
using lower permeability ferrite cores. From earlier 
studies,? it was found that the efficiency (with suffi- 
cient choking, so only transmission line currents flow) 
is related to the permeability, the voltage drop along 
the length of the transmission line, and the frequency. 
The higher the permeability and/or voltage drop, the 
greater the loss. Additionally, the higher the perme- 
ability, the greater the loss with frequency. It was also 
found that a permeability of less than 300 was neces- 
sary in order to obtain the very high efficiencies of 
which these devices are capable. 

Here are some efficiencies that might be expected 
from ferrites under matched conditions, based on the 
results of the studies: 

1. With 250 material, an efficiency near 99 percent 
at 1.8 MHz and 97 percent at 30 MHz. 

2. With 125 material, an efficiency near 99 percent 
at 3.5 MHz and 98 percent at 30 MHz. 

3. With 40 material, an efficiency of 99 percent at 
14 MHz and at 30 MHz. 

When a Balun is exposed to a high impedance 
resulting in a VSWR of 2:1, the voltage, and hence 
loss, increases by about 40 percent. With a VSWR of 
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4:1, the loss doubles. With a VSWR of 10:1, the loss 
is more than three-fold. Since limited data was 
obtained in this study,? these increases in losses with 
increases in VSWR could very well be even greater. 


Sec 7.5 Isolation Transformers 


As was shown in the preceding sections, the 1:1 
Guanella (current/choke) Balun is in reality a two- 
conductor RF choke, or an isolation transformer. 
However, practical Balun designs don’t usually lend 
themselves to isolation use for mechanical reasons. 
They cannot be conveniently inserted into a coaxial 
cable system. Therefore, the objective is to mount the 
“Guanella Baluns” in enclosures that will allow them 
to perform as isolation transformers. 

Photo 7-K shows two examples of enclosures that 
should accomplish the mission. The example on the 
left shows one of the high-power units mounted in a 5 
inch long by 3.5 inch wide by 2.25 inch high alu- 
minum enclosure. The output connector (on the top) is 
insulated by a 0.125-inch-thick piece of plastic. The 
one on the right shows another high-power unit 
mounted in a 6 inch long by 3 inch wide by 2 inch 
high plastic enclosure, which is available from Radio- 
Shack. The descriptions of the high-power units are 
given in the preceding section. 

These isolation transformers can be used as Baluns 
when inserted in a coaxial cable one-half wavelength 
(physically) from a half-wave dipole® or between a 


Photo 7-K. Two examples of mounting the 
high-power 1:1 Guanella Balun in enclosures 
that allow isolation transformer operation. 


coaxial cable and a balanced L-C tuner.!® They 
should never be inserted in a coaxial cable system that 
presents a high impedance and, consequently, a high 
voltage. This could be harmful to the unit. 

Note that the high-power unit on the left in Photo 
7-K can also be used as a filament choke in a Class B 
linear amplifier. Its low-frequency response is much 
better than any rod-type, assuring 160-meter opera- 
tion. Obviously, it would not be mounted in the alu- 
minum enclosure shown in the photo. In addition, the 
two layers of Scotch No. 92 tape would not be 
required because the characteristic impedance of the 
winding is unimportant and the voltages involved are 
quite low. 

By the way, the designs discussed above can be 
used as phase-inverters. Simply connect the hot lead 
on one side to the ground on the other side. 


Sec 7.6 Summary 


In investigating the 1:1 Balun, I was quite surprised to 
see the ferrite- and powdered-iron-core designs that 
have been available in the literature and off-the-shelf 
since 1964. They not only had poor low- and high-fre- 
quency responses, but they were also susceptible to 
flux in the cores at their low-frequency ends. Further- 
more, since they only used single-coated wires, they 
were also prone to voltage breakdown. No doubt, 
these designs are responsible for the poor reputation 
that the Balun has had for many years. 


It wasn’t until 1978, when Reisert published his 
article, that a Balun which had all of the attributes of a 
good design became available, Namely: 

a) It is efficient because it uses a low-permeability 
core, 

b) It has sufficient choking reactance to meet its 
low-frequency requirement. 

¢) It is not prone to flux in the core (and, hence, sat- 
uration) because it has no third winding. 

d) It has a 50-chm characteristic impedance and 
maintains a 1:1 transformation ratio with a 50-ohm 
load. 

e) It has a good voltage breakdown capability (1900 
volts), 

f) It can handle a mismatched and/or unbalanced 
load, 

However, succeeding investigators failed to see the 
advantages of Reisert’s design and proposed their 
own, Surprisingly, they belonged to two distinct 
groups, One group favored “air-core” Baluns and the 
other, “choke” (beaded-coax) Baluns. 

The main argument given by the “air-core” follow- 
ers was that their Balun would never experience prob- 
lems with saturation, while the “ferrite-core” Balun 
would, However, the Reisert Balun is a current/choke 
type Balun that could only have flux in the core due to 
the imbalance {inverted L) current, which is much 
smaller than the transmission line currents. In fact, 
with any degree of choking reactance by the coiled 
transmission line, the imbalance current is essentially 
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negligible. Therefore, saturation is not a concern with 
a Balun like Reisert’s, In all fairness, it should be 
noted that it is a different story with the 4.1 current/ 
choke and voltage Baluns. All three of these types of 
Baluns have a “magnetizing inductance” in their low- 
frequency models and hence a possibility of saturation 
with a poor design, 

The advocates of the “choke” 1:1 Balun claim that 
their beaded-coax Balun can’t saturate while the bifi- 
lar (current) toroidal Balun can, This is untrue; they 
are basically the same kind of structure, and neither 
has a third conductor which could allow a flux-caus-~ 
ing current at the very low-frequency end, But of al! 
of the attributes listed above for the Reisert Balun, the 
first one has the “choke” Balun at a disadvantage in 
the HF band. Because its transmission line is not 
coiled about a toroid, it does not have the multiplica- 
tion factor of N2 (due to mutual coupling), where N is 
the number of turns, while the toroidal Balun does, 
Therefore, higher-permeability beads are required in 
order to obtain sufficient choking reactance, This 
results in lower efficiency. 

Finally, it should be poimted out that the 1:1 Balun 
using the small, but high-power, coaxial cable is capa- 
ble of 5-kW operation in the HF band, Because of 
current crowding, the bifilar toroidal Balun, even with 
No, 12 wire, has shown excessive wire heating at this 
level. Therefore, No, 10 or No, 8 wire, with added 
layers of Scotch No. 92 tape in order to obtain a 50- 
ohm characteristic impedance, 1s recommended. 


The 4:1 Balun 


Sec 8.1 — Introduction 


hapter 7 in this book discussed the most pop- 
Ci of ali Baluns—the 1:1 Balun designed to 

match 50 ohms unbalanced to 50 ohms bal- 
anced. It not only gave a review of the history, theory, 
and design of these broadband transformers, but also 
my viewpoint on published articles advocating later 
designs using coaxial cable wound around a toroid, 
threaded through ferrite beads, or just plain coiled in 
air (an air-core Balun). As was noted, I am in consid- 
erable disagreement with many of the claims 
advanced for these later 1:1 Baluns. 

Chapter 8 deals with the next most popular Balun 
—-the 4:1 Balun designed to match 50 ohms unbal- 
anced to 200 ohms balanced. Baluns matching 50 
ohms unbalanced to 12.5 ohms balanced are also 
included. It begins with a little information on the his- 
tory and design of these Baluns, followed by high- 
and low-power designs and comparisons with other 
Baluns that have been on the market or in the amateur 
literature. Guanella’s approach to the design of a 4:1 
Balun is particularly noteworthy. It not only yields an 
excellent Balun design, but also an Unun (unbalanced- 
to-unbalanced transformer) with practically the same 
performance. His design could very well be called a 
Balun/Unun. As in the first chapter, this one also closes 
with a brief summary of the significant points. 


Sec 8.2 A Litlle History and Design 
Information 


There are really only two classic papers that have 
established the principles upon which the transmis- 
sion line transformer (the Balun being a subset there- 
of) is based, The first one was written by Guanella in 
1944, Guanella proposed the idea of coiling a trans- 
mission line to isolate the input from the output, 
resulting in the (now popular) current or choke 
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Balun.3 The second was by Ruthroff in 1959, whose 
analysis of these transmission line transformers is the 
present industry standard.? Ruthroff also introduced 
the Unun and the hybrid transformer. 

Interestingly enough, both Guaneiia and Ruthroff 
had different approaches to their 1:1 and 4:1 Balun 
designs. Guanelia used a two-conductor i:1 Balun 
design, while Ruthroff used a three-conductor design. 
Ruthroff’s third conductor (which was said to increase 
the low-frequency response over the two-conductor 
Balun!2) lay on a separate part of a toroidal core. 
Investigators who followed failed to recognize this 
fact. Their comparisons were made with a three-con- 
ductor Balun that had the third wire in parallel with 
the other two, which then formed two coupled trans- 
mission lines. This gave rise to the term voltage 
Balun—an inferior design.6 

However, the differences between Guanella’s and 
Ruthroff’s approaches to 4:1 Baluns were even more 
striking. Guanella connected coiled transmission lines 
in a parallel-series arrangement, so in-phase voltages 
were summed at the high impedance side. His Balun 
has been called a current Balun.® Ruthroff, on the 
other hand, obtained a 4:1 transformation ratio by 
summing a direct voltage with a delayed voltage that 
traversed a single transmission line in a phase-inverter 
connection (see Chapter 7). His Balun has been 
calied a voltage Balun. The distinction between the 
operation of these two Baluns was also overlooked by 
practically everyone who followed. 

This section reviews the two different approaches 
taken by Guanelia and Ruthroff in obtaining 4:1 
Baluns. Of particular importance are the descriptions 
of the potential drops along the lengths of the trans- 
mission lines when the loads are grounded at various 
points. These voltage drops are not only relevant to 
the ohmic losses in the Baluns, but also to their elec- 
trical performances. These descriptions were quite 
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Figure 8-1. Electrical models of the Guanella 4:] Balun: (A) high-frequency, (B) low-frequency. 


possibly presented for the first time in the second edi- 
tion of my book Transmission Line Transformers.” 


Sec 8.2.1 Guanella’s 4:1 Balun 


Figures 8-1A and B show the high- and low-frequen- 
cy models of Guanella’s method of connecting trans- 
mission lines in parallel-series to obtain a 4:1 Balun. 
The high-frequency model (Figure 8-1A) assumes 
that the choking reactances of the coiled (or beaded) 
transmission lines are sufficient to isolate the input 
from the output, so only transmission line currents are 
allowed to flow. This occurs when the reactance of 
windings 3-4 and 5-6 (which are in series) is much 
greater than R, (at least by a factor of ten.? If two 
cores are used, the reactance is the sum of the reac- 
tances of windings 3-4 and 5-6. If a single core is 
used, the reactance is twice as large because of the 
mutual coupling between the windings. The other 
advantage of Guaneilla’s method (besides only using 
one core) is that shorter transmission lines can be 
used, resulting in better high-frequency performance. 

As with all transmission line transformers, the 
objective is to have the transmission lines see loads 
equal to their characteristic impedances, resulting in 
“flat lines.” This yields the highest frequency 
response, Because each transmission line in Figure 
§-1A sees one half of the load, Ry, the optimam value 
of the characteristic impedance is R, /2. Consequently, 
the input impedance, V;/1;, is simply the impedance 
of two identical transmission lines connected in paral- 
lef. It follows that the impedance transformation ratio 
is the load, R;, divided by the input impedance. 


Because the Guanella 4:1 Balun sums voltages of 
equal delays from identical transmission lines, his 
Balun is only limited in high-frequency performance 
by the deviation of the characteristic impedance of the 
transmission lines from the optimum values and the 
parasitics not absorbed into the characteristic imped- 
ance of the lines. I (and practically everyone else) had 
overlooked the simple and important statement, “a 
frequency independent transformation,” which 
appeared in Guanella’s 1944 article}—a fact that is 
evidenced by the scarcity of his designs in the litera- 
ture. Another interesting aspect of the Guaneila 4:1 
Balun is the analysis of his Baiun when the load is 
floating or grounded at different points. This leads fo 
the determination of the voltage gradients that exist 
along the transmission fines and the various functions 
of which his 4:1 design is capable. Assuming a 
matched load or very short transmission lines result- 
ing in V> = Vj, they are as follows. 


Floating Load 

With terminal 10 (which is at the center of R;) 
floating, the potential gradient along the top transmis- 
sion line in Figure 8-1A (windings 5-6 and 7-8) is 
—1/2V,; along the bottom transmission line (winding 
1-2 and 3-4) it’s -3/2V,. The voltage to ground on ter- 
minal 9, Vgp, is -1/2V}. Because the bottom transmis- 
sion line (in Figure 8-LA) has a voltage drop along its 
length three times greater than the top transmission 
line, it results in three times more loss because losses 
in transmission line transformers are voltage depen- 
dent (dielectric-type losses).? 


Even though a singie-core Guanella 4:1 Balun 
maintains the voltages (stated above) when feeding a 
folded dipole (of about 200 ohms) which has a virtu- 
al-ground potential at terminal 10, it still feeds equal 
currents to each side of the antenna because of the 
series-connection at its output. Since the output volt- 
ages are not balanced to ground, a reactive component 
is probably introduced into the input impedance. 
Additionally, the choking reactance of the windings 
also prevents antenna currents from flowing on the 
outside of the coaxial cable feedline. 


Load Grounded at Center 

When two cores are used and terminal 10 (the cen- 
ter of R;) is grounded, the voltage gradient along the 
top transmission line in Figure 8~LA is zero, and 
along the bottom transmission line it is -V;. The volt- 
age to ground on terminal 9 (Vp) is also zero. In fact, 
the core for the top transmission line isn’t needed. It 
merely acts as a mechanical support for the top trans- 
mission line, which now only operates as a delay line. 
Also, all of the loss now occurs in the core of the bot- 
tom transmission line where a longitudinal potential 
gradient exists. Furthermore, the low-frequency 
response, as seen from Figure 8-1B, is now deter- 
mined by the reactances of windings 1-2 and 3-4. This 
means that the low-frequency response with a floating 
load is better by a factor of two over the case where 
the load is grounded at its center. 

But the single-core case is a different matter. Since 
the potential at terminal 9 (Vgg) wants to be at 
-1/2V,, connecting a ground directly to the center of 
Ry, causes an imbalance that renders the single-core 
Balun unusable. {f the ground were placed at a point 
25 percent below terminal 8 (50 ohms from terminal 8 
with a 200-ohm load), no difference would be noted 


Figure 8-2. Electrical models of 
the Ruthroff 4:1 Balun: {A} high- 
Frequency, (B} low-frequency. 
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from a floating load. This condition also exists when 
two cores are used, 


Load Grounded at the Bottom 

it is when the load is grounded at the bottom (at ter- 
minal 2), that we have what is probably the most 
interesting case. The 4:1 Balun (with two cores) is 
now converted into a very broadband Unun (unbal- 
anced-to-unbalanced transformer). Because the bot- 
tom transmission line in Figure 8-1A has no potential 
drop along its length, it only acts as a delay line. The 
voltage to ground at terminal 9 (Vgg) is +V,, and the 
voltage gradient along the top transmission line is 
+V). This results in a voltage of 2V, across the load. 
The low-frequency response is now determined by the 
reactances of windings 5-6 and 7-8. This is just the 
opposite of the Balun case when the center of the load 
was grounded. A single-core 4:1 Guanella Balun can 
also be converted to an Unnun by putting a 1:1 Balun 
(for isolation) in series with the 4:] Balun.? 

There is a reason for claiming a very broadband 
response for a Guanella Unun (converted from his 
Balun)—the two in-phase voltages are now summed 
at the high-impedance side. The only other competi- 
tion for a 4:1 Unun design is that of Ruthroff’s,? 
where a direct voltage is summed with a delayed voit- 
age that traversed a single transmission line (and, 
hence, had a built-in, high-frequency cut-off). In fact, 
very little information can be found in the literature 
on a Guanella 4:7 Unun. 


Sec 8.2.2 Ruthroff's 4:1 Balun 


Figures 8-24 and B show the high- and low-frequen- 
cy models of Ruthroff's approach for a 4:] Balun. The 
high-frequency model (Figure 8-2A) assumes that the 
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Figure 8-3. A pictorial of the connections for a 4:1 
Ruthroff (voltage) Balun. 


choking reactance of the coiled (or beaded) transmis- 
sion line is sufficient to isolate the input from the out- 
put, so only transmission line currents are allowed to 
flow. This occurs when the reactance of winding 3-4 
{or 1-2, because they are the same) is much greater 
than R, (at least by a factor of ten). 

As Figure 8-2A indicates, the transmission line is 
connected in a phase-inverter function (see Chapter 
7). That is, a -V, voltage gradient now exists along 
the length of the transmission line. Therefore, the 
voltage across Ry, now becomes V,; + V>. Although 
Ruthroff analyzed his 4:1 Unun in his classic paper,? 
his results also apply to his Balun with a floating joad, 
because both devices sum a direct voltage with a 
delayed voltage. In essence, he used loop equations on 
the input and output and transmission line equations 
to eliminate one set of variables (I, and V3). Ruthroff 
also used a maxima technique (setting a derivative to 
zero) to solve for the optimum characteristic imped- 
ance of the transmission iine. As in the Guaneila case, 
he found the optimum value to be 1/2R,. 

An inspection of Figure 8-2A shows that the left 
side of Ry (terminal 3) has a direct voltage (Vj) to 
ground, and the right side (terminal 2) a delayed volt- 
age (~V>) to ground, which traveled the length of the 
transmission line. Also note, that if the line is electri- 
cally one-half wavelength long, the output is zero. As 
a result, Ruthroff’s design (which has a built-in cut- 
off) is sensitive to the transmission line length. 

1 have recently unearthed another interesting aspect 
of Ruthroff’s design.? If the center of the load is 
grounded, the high-frequency performance is vastly 
improved. The built-in high-frequency cut-off is elim- 
inated and the Balun appears to take on the character 
of a Guanella Balun that sums voltages of equal 
delays. A closer inspection reveais that the input 
impedance now consists of two impedances in paral- 
lel: one consisting of R,/2, and the other of a “flat 
line“ terminated by Rj /2. As a result, the currents are 
not in phase! 


Surprisingly, when matching into a folded dipole 
with an input impedance of 200 ohms, Ruthroff’s 
Balun exhibits a high frequency response that is 
much greater than expected (see later sections). 
Because the folded dipole has a virtual ground at its 
center, the Balun could very well be summing volt- 
ages of equal phases. 


Sec 8.2.3 Amateur Radio History 
and Design 


Looking back at old issues of amateur radio hand- 
books (I don’t have a complete set), I found that the 
first presentation on broadband 4:1 Baluns appeared 
in the 1955 edition of The ARRL Handbook. The sec- 
tion was called “Coil Baluns.” The schematic diagram 
was that of Guanella’s, shown in Figure 8-1A. What 
surprised me was that this section appeared to use 
many of the important words contained in Guanella’s 
article.3 It mentioned that the choking action of the 
coiled transmission lines should be great enough to 
isolate the input from the output at the lowest frequen- 
cy of interest. It also included the requirement on the 
characteristic impedance of the coiled transmission 
iines; namely. that the characteristic impedance 
should be equal to R; /2, where Ry is the load. 

However, the section also included two other state- 
ments which are not correct in light of today’s design 
practices. One recommended that the length of the 
winding in each coil be equal to about a quarter wave- 
length. The other stated that the principal application 
is in going from a 300-ohm balanced load to a 75- 
ohm coaxial line. With magnetic cores, the lengths of 
the windings are now considerably shorter than a 
quarter wavelength, and the applications include a 
host of different impedance levels. 

Recent issues of the handbooks now include the 4:1 
broadband coi! Balun (along with the same write-up 
that appeared in the 1955 issue}, and one with wind- 
ings on ferrite cores. They are now called 4:1 air-core 
current Baluns and “just plain” 4:1 current Baluns 
(ferrite cores being assumed). Unfortunately, what is 
lacking im the description of the 4:1 current Balun is 
information on the importance of the characteristic 
impedance of the windings and the value of the per- 
meability of the ferrite cores. The literature states that 
8 to 10 turns (of No. 14 Formvar-coated, close- 
spaced—I guess) on a toroidal core or 10 to 15 turns 
on a rod are typical values for the HF range. Ferrites 
with permeabilities from 850 to 2500 are also sug- 


gested. Nothing is mentioned regarding the dimen- 
sions of the cores. 

In essence, there’s very little information available 
today in our handbooks that would help one under- 
stand and construct the “popular” current Balun. Even 
the choices of recommended ferrites to be used are 
found wanting. Accurate loss measurements? have 
shown ferrites with permeabilities of 850 to 2500 to 
be lossy in Balun and Unun applications. Only when 
the permeabilities of ferrites are 300 or less will 
Baluns and Ununs exhibit the very high efficiencies of 
which they are capable. 

Even though the 4:1 voltage Balun has actually had 
a shorter history than the current Balun, considerably 
more construction detail (including an actual photo- 
graph) has been available in the amateur radio hand- 
books. As far as I can tell, the first presentation took 
place between 1965 and 1968. In looking through suc- 
ceeding issues (including the 1993 issue), I find the 
write-up hasn’t changed much (if any) over the years. 
The 4:1 Balun from the handbooks and a commercial 
rod-type are described and compared with my designs 
in the succeeding sections. 


Sec 8.3. 4:1 Ruthroff Balun Designs 


As mentioned above, the schematic of Ruthroff’s 
Balun is shown in Figure 8-2A. A pictorial represen- 
tation is shown in Figure 8-3. Photo 8-A (on the left) 
shows my construction of a design close to the one 
shown in the handbook’s photographs. It has 10 close- 
spaced, bifilar turns of No. 14 Formvar-coated wire on 
a 2.4-inch OD ferrite toroid with a permeability of 40. 
Figure 8-4 shows a plot of the input impedance ver- 
sus frequency when the 200-ohm load is center- 
tapped-to-ground (which is close to the actual case 
when matching into balanced antenna systems). As 
you can see, when compared to a design that has the 
proper characteristic impedance of the winding and 
sufficient choking, the response is very poor. 
Although this Balun has been rated at 1000 watts of 
RF power from 1.8 through 60 MHz, I would suggest 
it not be used below 6 MHz for fear of excessive flux 
in the core (especially when the magnitude of the load 
is greater than 200 ohms). Also, above 14 MHz, the 
transformation becomes considerably greater than 4:1. 

My design, on the right in Photo 8-A, has 14 bifilar 
turns of No. 14 tinned copper wire on a 2.4-inch OD 
ferrite toroid with a permeability of 125 or 250. The 
wires are threaded through No. 13 Teflon tubing with 
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Photo 8-A. Two designs of the 4:1 Ruthroff (voltage) 
Balun. The one on the left is taken from the amateur radio 
handbook. The one on the right is my improved version. 


a wall thickness of 20 mils. As you can see by its 
excellent high frequency response in Figure 8-4, the 
characteristic impedance of the bifilar winding must 
be very close to the ideal value of 100 ohms. Photo 
8-B shows two different views of my design mounted 
in a 4 inch long by 3 inch wide by 2.25 inch high Bud 
CU 234 aluminum box. The Balun, which is placed 
equidistant between the top, bottom, and sides of the 
enclosure, is securely mounted by soldering its leads 
to the two feedthrough insulators and the SO-239 
chassis connector. 

It should be mentioned that if the Balun is to be 
used mainly on the lower portion of the HF band 
(including 160 meters), then the 250 permeability fer- 
rite is recommended. Even though the difference in 
low frequency response between permeabilities of 125 
and 250 doesn’t show up in Figure 8-4, the 250 per- 
meability would provide an extra safety margin (from 
flux in the core) at the low frequency end. The trade- 
off lies in giving up a little in efficiency (about | per- 
cent) for an increase in the safety margin (a factor of 
2) at the low end. 

Incidentally, the handbooks also state that the Balun 
can be used between a balanced 300-ohm point and a 
75-ohm unbalanced line. Because I suspected this 
statement as well, I again measured the input imped- 
ances versus frequency of both Baluns when terminat- 
ed in a 300-ohm center-tapped-to-ground load. Figure 
8-5 shows the deterioration that takes place, especially 
at the high end. Even a Balun that is well designed for 
a 50:200-ohm impedance level is not recommended 
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for the 75:300-ohm level. Because the length of the 
transmission line becomes significant beyond 10 
MHz, standing waves then change the impedance 
ratio due to the mismatch with the Balun’s transmis- 
sion line. My design also shows more safety margin at 
the low end. I’m surprised that these simple measure- 
ments weren’t made many years ago. 

However, the Balun shown in the handbook does 
have one interesting feature. It uses a very low perme- 
ability ferrite (40), which has been shown by very 
accurate insertion loss measurements? to yield effi- 
ciencies in Baluns (and Ununs) of 99 percent at the 





Input impedance (ohms) 


Figure 8-4. The input impedance versus frequency 
for a 4:1 Ruthroff (voltage) Balun design from the 
amateur radio handbook and one optimized for the 
50:200-ohm level. The load is grounded at its center. 


Figure 8-5. The input impedance versus frequency 
for the two Ruthroff Baluns of Figure 8-4, but with a 
300-ohm load. Note the deterioration of the W2FMI 
design, which was optimized for the 50:200-ohm 
level. y 
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Photo 8-B. Two different views of the optimized version of the 4:1 Ruthroff Balun mounted in a 4 inch long by 3 inch wide 
by 2.25 inch high Bud CU 234 aluminum enclosure. 


50:200-ohm impedance level! This is even a percent 
or two better than the ferrite with a permeability of 
125. Because this ferrite permeability is so low, the 
major problem lies in obtaining sufficient choking 
reactance at the lowest frequency of interest, so that 
only transmission line currents are allowed to flow. 

The design chosen (in order to exploit this very high 
efficiency) is shown Photo 8-C. It uses 14 bifilar 
turns of the same wire, as with my previous Balun 
shown on the right in Photo 8A, on two 2.4-inch OD 
cores (bound together with No. 27 glass tape) with 
permeabilities of 40. The unmounted view shows how 
the two cores are bound together by glass tape. The 
other views attempt to give an example for mounting 
the Balun. The Balun is supported by two acrylic end 
pieces which are, in turn, held fast to the enclosure by 
a long bolt. The Balun is placed equidistant between 
the top, bottom, and sides of a 5 inch long by 3.5 inch 
wide by 2.25 inch high aluminum enclosure. A few 
washers at the point where the bolt comes through the 
enclosure help to position the Balun between the top 
and bottom. 

When matching 50 ohms (unbalanced) to 200 ohms 
(balanced), the response of this Balun is practically 
the same as mine, shown in Figure 8-4 using a single 
core. From 1.7 to 30 MHz, it can certainly handle the 
full legal limit of amateur radio power with an effi- 
ciency close to 99 percent. However, if the operation 
of this Balun is restricted to the HF band only (that is, 
from 3 to 30 MHz), then it could be rated conserva- 
tively at 10 kW of peak power and 5 kW of average 
power. It would be an ideal Balun for a log-periodic 
beam antenna. 

Finally, Photo 8-D shows three different views of a 
low power 4:1 Ruthroff (voltage) Balun designed to 
handle the output power of any HF transceiver easily. 
It has 10 bifilar turns of No. 18 hook-up wire on a 1.5- 
inch OD ferrite toroid with a permeability of 250. The 
enclosure is a 2.75 inch long by 2.125 inch wide by 
1.625 inch high CU 3000-A minibox. 


Section 8.4 4:1 Guanella Balun 
Designs 


Photo 8-E shows two high-power Guanella 4:1 
Baluns designed to match 50-ohm coaxial cable to 
loads of 200 ohms. They both use No.14 H 
Thermaleze wire with a covering of Teflon tubing giv- 
ing characteristic impedances very close to 100 ohms 
(the objective). Their responses are flat from 1.5 MHz 
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Photo 8-C. Three views of the very high-power 4:1 
Ruthroff Balun using two low-permeability (40) ferrite 
cores. Dimensions of the aluminum enclosure are: length, 
5 inches; width, 3.5 inches; height, 2.25 inches. 
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Photo 8-D. Three views of the low-power 4:1 Ruthroff Balun designed to handle the output of any HF transceiver. The alu- 
minum enclosure is a 2.75 inches high by 2.125 inches wide by 1.625 inches high CU 3000-A minibox. 


to well beyond 30 MHz. Both can easily handle the 
full legal limit of amateur radio power. 

The single-core version (on the left) has 8 bifilar 
turns on each of its two transmission lines. The dual- 
core version (on the right) has 16 turns on each core. 
The wires are clamped together with strips of Scotch 
No. 27 glass tape placed about every 3/4 inch. The 
cores are 2.4-inch OD ferrite toroids with a perme- 
ability of 250. The connectors are on the low-imped- 
ance sides. For ease of connection, the dual-core ver- 
sion has one winding clockwise and the other, coun- 
terclockwise. Also, in the dual-core case, the spacing 
between the two cores (which isn’t critical) can be as 
small as 1/4 inch. 

These transformers can also be wound with ordi- 
nary No. 14 (solid) house wire. The several samples I 


Photo 8-E. Two high-power 
versions of the Guanella 4:1 
Balun. The Balun on the left 
uses a single core while the one 
on the right uses two cores. The 
connectors are on the low- 
impedance sides. 


tried yielded characteristic impedances close to 100 
ohms (and, thus, were acceptable). The major differ- 
ence lies in the voltage-breakdown capability. Units 
wound with Teflon-sleeved No. 14 H Thermaleze wire 
have been reported to withstand 10,000 volts without 
breakdown! Obviously, this is beyond the capability 
of ordinary house-wire. 

Photo 8-F shows a Guanella (current) 4:1 Balun 
mounted in a 5 inch long by 4 inch wide by 3 inch 
high CU 3005-A minibox. It has 14 bifilar turns of 
No. 14 H Thermaleze wire on each of the two 2.4- 
inch OD ferrite toroids with permeabilities of 250. 
Each wire is covered with Teflon tubing, resulting in a 
characteristic impedance close to 100 ohms (the opti- 
mum). The windings also employ a crossover after the 
seventh turn, as shown in Figure 8-6. For ease of con- 








Figure 8-6. Construction of a crossover placing input and 
output connections on opposite sides of the toroid. 


nection, one toroid is wound clockwise and the other, 
counterclockwise. The spacing between the toroids 
can be between 1/4 and 1/2 inch. 

When matching 50-ohm cable to a balanced load of 
200 ohms, the transformation ratio is constant (within 
2 percent) from 1.5 to 45 MHz. This Balun can also 
handle the legal limit of amateur radio power. It 
would probably perform satisfactorily if wound with 
ordinary No. 14 house wire (solid), or with Teflon- 
covered No. 14 tinned wire. However, the design in 
Photo 8-F has withstood peak pulses of 10,000 volts! 
Considering this fact, it might be worthwhile to take 
the extra effort and use Teflon-covered No. 14 H 
Thermaleze wire. 

A single-core version using two coiled transmission 
lines on a single core looks interesting and should be 
investigated. It results in balanced currents and unbal- 
anced voltages. I would use two coiled transmission 
lines with 7 bifilar turns of the same wire on the same 
core as above. 

Photo 8-G shows two low-power Guanella 4:1 
Baluns designed to match 50-ohm coaxial cable to 
loads of 200 ohms. They both use No. 20 hook-up 
wire (solid) giving a characteristic impedance very 
close to the objective of 100 ohms. Their responses 
are flat from 1.5 MHz to well beyond 50 MHz. They 
are conservatively rated at 150 watts of continuous 
power and 300 watts of peak power. They have been 
exposed to 500 watts of continuous power (in a 
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matched condition) for a considerable length of time 
with virtually no rise in temperature. 

The single-core version (on the left) has 7 bifilar 
turns on each of its two transmission lines, while the 
dual-core version (on the right) has 14 turns on each 
core. The wires are clamped together about every 1/2 
inch with strips of Scotch No. 27 glass tape. The cores 
are 1.25-inch OD ferrite toroids with a permeability of 
250. The connectors are on the low-impedance sides. 
As above, the dual-core version has one winding 
clockwise and the other, counterclockwise. 

Photo 8-H is a step-down version of the Guanella 
4:1 Balun and uses two ferrite rod-cores 3/8 inch in 
diameter and 3.5 inches in length. Core permeabilities 
are 125, It uses the schematic of Figure 8-1A, but with 
the generator (which is grounded) on the right side and 
the load (ungrounded) on the left side. This 4:1 Balun 
is designed to match 50-ohm coaxial cable (on the right 
side) to a balanced load of 12.5 ohms. Each rod has 
13.5 bifilar turns of No. 14 H Thermaleze wire. Again, 
for ease of connection, one rod is wound clockwise and 
the other, counterclockwise. The response is flat from 
1.5 MHz to well over 30 MHz. This Balun is fully 
capable of handling the legal limit of amateur radio 
power. The connector is on the high-impedance (50 
ohms) side. Beaded versions of Guanella’s step-down 
4:1 Balun also look very promising for operations on 
the VHF and UHF bands. The technique requires mini- 
mizing the parasitics in the interconnections. Some 
examples will be shown later. 





Photo 8-F. A 4:1 Guanella Balun using the crossover con- 
nection of Figure 8-6 and mounted in a 5 inch long by 4 
inch wide by 3 inch high CU 3005-A minibox. 
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Photo 8-G. Two low-power versions of the Guanella 4:1] Balun. The Balun on the 
left uses a single core while the one on the right uses two cores. The connectors 
are on the low-impedance sides. 


Photo 8-H. A dual rod-core 4:1 Guanella step-down Balun designed to match 50- 
ohm cable to a balanced load of 12.5 ohms. The connector is on the 50-ohm unbal- 


anced side. 


It should be mentioned again that the three dual- 
core Baluns above also make excellent broadband 
Ununs. They only sacrifice a little in low-frequency 
response. However, because of their conservative 
designs, they can still handle the 160-meter band. 


Sec 8.5 Comparisons with Other 
Baluns 


After completing the study on 4:1 Baluns, I thought it 
would be interesting to characterize other Baluns that 
are commercially available, or that have been recently 
described in the amateur radio literature. My findings 
are as follows. 


The 4:1 Rod-type Ruthroff Balun 

Photo 8-I shows a photograph of the typical rod- 
type 4:1 Balun, which was practically the only one 
available for the past three to four decades. The Balun 
in the photograph is the HI-Q Balun. It is the 
Ruthroff design (now called a voltage Balun®) with 10 
bifilar turns of No. 14 wire on a 1/2-inch diameter fer- 
rite rod 2 inches in length. In terminating this Balun 
with 200 ohms, the useful range was found to be from 
7 to 15 MHz. Below 7 MHz, the input impedance 
showed a considerable inductive component—indicat- 
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ing autotransformer action and flux in the core (which 
could be harmful). Above 15 MHz, the transformation 
ratio increased and became complex. The optimum 
impedance level was found when matching 100 ohms 
to 25 ohms (indicating a characteristic impedance of 
the windings of only 50 ohms). The useful frequency 
range at this impedance level increased to 3.5 MHz to 
30 MHz. 

When matching 50-ohm coaxial cable to a 20-meter 
folded dipole at a height of 0.17 wavelengths (result- 
ing in a resonant input impedance of 200 ohms), the 
VSWR curve was indistinguishable from that of the 
best Guanella 4:1 (current) Baluns.© This Balun also 
presented no difficulty in handling the full power 
limit. However, on 10 meters, the difference due to a 
very low characteristic impedance of the coiled trans- 
mission line became evident. Figure 8-7 shows the 
poor VSWR curve of the rod-type Balun when com- 
pared to other Guanella and Ruthroff Baluns with 
characteristic impedances close to the optimum value 
of 100 ohms. The rod-type Balun with all of its inade- 
quacies, which include voltage-breakdown, is certain- 
ly not recommended. 

The high-power Ruthroff Balun is close to McCoy’s 
design.!7 It uses 11 bifilar turns of No. 14 H Therma- 
leze wire on a stack of three T200-2 cores. The wires 
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are also covered with 20-mil wall Teflon tubing yield- 
ing a characteristic impedance close to 100 ohms. I 
differ with McCoy’s design because I feel the charac- 
teristic impedance of his transmission line could be 
closer to 50 ohms. His Balun and others that use pow- 
dered-iron cores will be described further in the next 
chapter on Baluns for antenna tuners. 

The low-power units in Figure 8-7 used 14 bifilar 
turns of No. 18 hook-up wire on 1.25-inch OD ferrite 
toroids with a permeability of 250. The transmission 
lines of the low-power Baluns were just under 20 
inches, while those of the high-power Balun were 50 
inches in length. 

As can be seen in Figure 8-7, there are very small 
differences between the VSWR curves of the two 
low-power Baluns and the high-power Ruthroff 
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Photo 8-I. A typical 4:1 rod-type 
Ruthroff (voltage) Balun (HI-Q). 


(voltage) Balun. The differences could very well be 
attributed to the small variations in the characteristic 
impedances of the windings. Very likely, the most 
important information gleaned from Figure 8-7 is 
that, when feeding a balanced dipole with a virtual 
ground-plain bisecting it, the Ruthroff Balun takes 
on the character of a two-core Guanella Balun. In 
other words, the Ruthroff Balun loses its built-in 
high-frequency cut-off! 


4:1 Current Baluns 

I also characterized several so-called current 
Baluns® that recently appeared on the market. These 
are my findings: 

a) They are the dual-core (toroids) version of the 
Guanella Balun, which sums voltages of equal delays. 


_ 2 Low-power Guanella 


Low-power Ruthroff 


Pi ol ial Ruthroff 


Figure 8-7. Plots of VSWR curves on 10 meters for four different 4:1 Baluns. The high-power Ruthroff Balun is actually 
McCoy’s design with a 100-ohm characteristic impedance winding (and is described in the next chapter). The Hi-Q Balun 
is shown in Photo 8-1. The comparisons show the importance of having the optimum value of the characteristic impedance 
of the windings and that the high-power Balun with its much longer transmission line indicates a Guanella-type operation. 
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b) The electrical performances of these Baluns are 
vastly superior to the rod-type Balun described earlier. 

c) These Baluns should meet their electrical and 
power-rating specifications. 

d} My only criticism is that they could have more of 
a safety margin at the low-frequency end, where ex- 
cessive core flux (due to higher than expected imped- 
ances) could take place. More inductance in the wind- 
ings is recommended. 


The Beaded-coax 4:1 Balun 

A design in an amateur radio journal> advocated 
using beaded coaxial cable (of 160 ohms) in a 4:1 
Guanella design, Various claims were advanced for 
this approach. I constructed one of these Baluns using 
No.14 wire with Teflon sleeving, resulting in the 
required 100-ohm characteristic impedance. Here are 
my findings: 

a} The Balun had excellent margins at both the 
high- and low-frequency ends. The performance of 
this Balun verified the analysis (expressed earlier) 
with the high- and low-frequency models and the sub- 
sequent voltage gradients. In fact, the high-frequency 
performance exceeded the capability of my simple 
test equipment.” 

b) The major disadvantage is in efficiency. Because 
high-permeability (2500) beads are required in order 
to obtain the required choking reactance in the HF 
band, this Balun had considerably more loss than 
coiled-type Baluns using low-permeability (less than 
300) ferrite toroids.? A soak-test (transformers con- 
nected back-to-back and about 500 watts applied into 
a dummy load) with the dual-core low-power unit in 
Photo 8-G showed that the smaller Balun ran consid- 
erably cooler! The beaded transmission line technique 
is recommended mainly for Baluns (and Ununs) oper- 
ating at low impedance levels or on the higher-fre- 
quency bands. 


Sec 8.6 Summary 


Unlike the 1:1 Balun, the 4:1 Balun matching 50 
ohms unbalanced to 200 ohms balanced has had no 
real standard for comparison in the amateur radio lit- 
erature. As Chapter 7 showed, Reisert’s Balun in his 
1978 article? had all of the attributes of a good 1:1 
design. Therefore, he set a legitimate standard for 
others to follow or even attempt to exceed. Also 


shown were some of my variations in his design for 
mcreased efficiency and ease of construction. 

However, Chapter 8 has illustrated that the designs 
in the amateur literature (particularly the handbooks) 
are found lacking in bandwidth, or efficiency, or both. 
Even the 4:1 Baluns on the commercial market can be 
improved. This is especially true of the rod-type 
Balun that has been available for decades! 

In the process of investigating the 4:1 Balun for my 
series of articles in CQ and Communications Quarter- 
ly, I have arrived at some designs that could provide 
the beginnings of standards for this device. They are 
included in this chapter and are: 

1. For balanced applications like matching 50-ohm 
cable to the 200-ohm balanced input impedance of 
folded-dipole or log-periodic antennas, 1 recommend 
the single-core, Ruthroff design of Photo 8-A, It is 
capable of handling the full legal limit of amateur 
radio power. For a higher-power capability and a little 
less bandwidth, I recommend the Ruthroff design 
shown in Pheto 8-C. These designs are presently 
called voltage Baluns.® 

2. For unbalanced applications like the OCFD (off- 
center-fed dipole}, or a dipole that couid be unbai- 
anced by surrounding structures or by construction 
errors, | recommend the two-core Guanella design of 
Photo 8-E or Photo 8-F. It is a much more flexible 
unit that can operate successfully as a Balun when the 
load is grounded at its center (Figure 8-1A), or as an 
Unun when the foad is grounded at the bottom. 
Although not shown, it can even be grounded at the 
top, yielding a 4:1 phase-inverter. 

3. For low-power 4:1 Baluns, there really have been 
no designs in the literature for comparisons. 
Therefore, by default, the designs in this chapter are 
suggested as standards. Applications of the single- 
core Ruthroff Balun and the two-core Guanella Balun 
are the same as their higher-power counterparts. 

I am sure there are some who don’t agree with the 
recommendations proposed above. The Guanella (cur- 
rent) Balun appears to be the main Balun of choice. 
The question is: Why use a two-core Guanella (cur- 
rent) Balun when a single-core Ruthroff (voltage) 
Balun wil] do? They both have the same power rat- 
ings! For those who disagree with my views, designs, 
or recommendations, 1 encourage them to {as the clas- 
sic TV commercial used to say) put it in writing. Then 
we will all benefit from the new information. 


Chapter 9 


Baluns for Antenna Tuners 





Sec 9.1 Introduction 
Te 4:1 Balun, matching 50 ohms (unhalanced) 


to 200 ohms (balanced}, has found its most 

popular use in antenna tuners. Because the 
Balun rarely sees a resistive load of 200 ohms in this 
application, the primary objective is to take the bal- 
anced impedance (with respect to ground) of the input 
to an open-wire (or twin-lead) feedline and transform 
it into an mnbalanced impedance which has one side 
grounded and can be transformed into 50 ohms by an 
L-C matching network. This was well described in 
two CQ articles by McCoy. !718 

As Chapter 8 has shown, there are two different 
forms of the 4:1 Balun. One uses two transmission 
lines wound on separate cores (or threaded through 
ferrite beads in some cases} and connected in parailel 
at the 50-ohm side and in series at the 200-ohm side. 
This design was first presented by Guanella in 1944,3 
and is presently called a current Balun.® The other 
design, using a single transmission line wound around 
a core and connected in a phase-inverter configura- 
tion, was introduced by Ruthroff in 1959.9 This 
design, which has recently been called a voltage 
Balun,® is now perceived as the inferior design. 

This chapter presents another view of the 4:1 Balun. 
It not only includes the optimum design considera- 
tions for antenna tuner use, but also the design para- 
meters for multiband antenna systems using center- 
fed dipoles with open-wire or twin-lead feedlines. 


LC 1:4 o Balanced 
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Also included are my views on the GSRV antenna, the 
tuner using a 1:1 Balun before the L-C matching net- 
work, and the special cases of Ruthroft’s 4:1 design 
matching into a load that is actually or virtually 
grounded at its center. 


Sec 9.2. The Two Forms of 
Antenna Tuners 


Three of the more common items in amateur radio jar- 
gon are VSWR, antenna tuners, and multiband anten- 
nas (especially the GSRV). These have appeared upon 
the scene because of the ease at which bands can now 
be changed and the narrow limits in the range of 
matching impedances with modern rigs. 

The concept of using a wire antenna on many differ- 
ent bands isn’t new. Designs have been around for 
more than six decades. In fact, satisfactory circuits 
have also been available which couple transmitters to 
balanced lines that present loads different than the 
transmitter output impedance. These were known as 
series and parallel-tuned circuits.!9 The transforming 
of a balanced impedance to an unbalanced impedance 
was accomplished by the isolation provided by mag- 
netic coupling. Energy was transmitted from one cir- 
cuit to the other by either having two coils in close 
proximity or by “link” coupling. However, these 
methods of coupling have fallen by the wayside, 
together with rock-bound rigs, plug-in coils, separate 
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Figure 9-1. The two basic forms of the Transmatch (antenna tuner}: (A) the more popular design using an unbalanced L-C 
network and a 1:4 Balun; (B) a 1:1 Balun and a balanced L-C network. 
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receivers and transmitters, and (sad to say) the excit- 
ing flashing of mercury-vapor rectifiers. 

Today, the transmatch is most often used to convert 
the reactive/resistive load presented by an antenna 
system to a nonreactive, grounded 50-ohm load. The 
transmatch is also commonly known as an antenna 
tuner. The isolation role, that of converting a balanced 
impedance to an unbalanced one, is now provided by 
the Balun transformer. 

There are two basic forms of the transmatch, and 
they are shown in Figure 9-1. Figure 9-LA, which 
shows a 4:1 Balun between the L-C network and the 
balanced transmission line, has been the most popular. 
In some designs, a 1:1 Balun has been used. In either 
case, this form of antenna tuner places the burden on 
the Balun, not on the L-C network. Depending upon 
the dimensions of the antenna and open-wire (or twin- 
lead) transmission line, the Balun can see very high 
impedances that may be harmful. In turn, the L-C net- 
works are simple because of their unbalanced nature. 
Among the most popular networks are L, pi, T, 
Ultimate, and SPC types.?0-23 An added advantage to 
this approach is that the Balun can be placed outside 
the operating area and connected to the L-C network 
by a coaxial cable, 17.18 

On the other hand, Figure 9-1B takes the complexi- 
ty out of the Balun and places it on the L-C network. 
With a balanced network, the 1:1 Balun should see a 
lower voitage drop along the length of its transmission 





Figure 9-2. The two basic fornts of the 1:4 Balun: (Aj the Guanella 
(current) Balun; (B} the Ruthroff (voltage} Batun. 


Figure 9-3. The frequency response of a 4:1 Ruthroff (voltage) Balun 
with the load floating and with its center grounded. In the grounded 
case, the high-frequency response is similar to that of a 4:1 Guanella 
(current) Balun. 


R, grounded at center 


“— 


R, fioating 
Ruthroff = 1:4 balun 


R, = 2002 


eS a a 


§ 10 20 
Frequency (MHz) 


line (and, hence, less loss?} because its load is always 
close to 50 ohms. Additionally, the choking require- 
ments of a 1:1 Balun are considerably less than that of 
the 4:1 Balun in Figure 9-1A. 

Roehm has addressed the problems related to this 
form of transmatch in an article. !® In fact, he suggests 
a design using an unbalanced T network and a 1:3 
beaded-coax Balun. Although a balanced L-C net- 
work is inherently more complex and costly, it would 
be interesting to see its comparison with Rochm’s 
unbalanced design. Additionally, a comparison with a 
1:1 Balun using 50-ohm twin-lead or coaxial cable 
wound around a ferrite toroid with a permeability of 
less than 300 would also be useful. Because the 1:1 
beaded-coax (choke-type) Balun requires ferrite beads 
with permeabilities considerably greater than 300, it 
has more foss.? 

In any event, the basic form of the transmatch using 
the design in Figure 9-1B looks promising and merits 
further investigation. 


Sec 9.3. Another View of the 
A:| Balun 


This section presents my views and the results of my 
work on a 4:1 Balun designed for use in the very pop- 
ular “antenna tuner” shown in Figure 9-1A. Because 
the Balun may be exposed to harmful high voltage 
conditions in this application, the efficiency and 





Figure 9-4, Suggested model of the 4:1 Ruthroff (voltage) Balun 
when the load, Ry, is grounded at its center. 


Photo 9-A. The high-power Ruthroff 4:1 Balun used in the 
comparison with other Baluns (see Figure 9-7, and Figure 8-7 of 
Chapter 8). Except for some difference in the characteristic 
impedance of the bifilar winding, it is essentially the McCoy 


4:1 Balun. 


ruggedness of the core materials are important consid- 
erations. Experiments have shown that losses in 
Baluns are related to the impedance level? (and, 
hence, voltage level), and the permeability of the 
materials. Therefore, the losses are of a dielectric-type 
and not of a current-type, as in conventional trans- 
formers. Moreover, it is well known that powdered- 
iron is a more rugged and linear material than ferrite. 
A very important question to ask is which form of 
the 4:1 Balun should be used in this application— 
Guanella’s or Ruthroff’s? My conclusions may sur- 
prise many readers. 

As was mentioned at the beginning of this chapter 
and above, there are two basic forms of the 4:1 Balun. 
They are shown in Figure 9-2A and B. Figure 9-2A 
is Guanella’s approach. It uses two coiled transmis- 
sion lines (on separate cores) connected in parallel on 
the 50-ohm side and in series on the 200-ohm side. 
This has recently been called a current Balun.® In 
order to have “flat” transmission lines and obtain the 
highest frequency response, the characteristic imped- 
ance of the coiled transmission lines should be equal 
to the loads they see—namely, 1/2R,_ and, in this case, 
100 ohms. 

As Guanella said in his classic paper,? this Balun is 
literally “frequency independent.” At the low frequen- 
cy end, the reactance of the coiled transmission line 
should be much greater than 100 ohms (in this case) 
in order to assure that the energy is transmitted from 
input to output by an efficient transmission line mode. 
Beaded transmission lines aren’t recommended for 
use on the HF band at these impedance levels because 
of excessive dielectric loss. 

Figure 9-2B shows Ruthroff’s approach, which 
uses a single transmission line connected in the phase- 
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inverter configuration (see Chapter 7). By grounding 
terminal 4, a voltage drop of —V, appears across the 
length of the transmission line. As a result, terminal 3 
is at +V, and terminal 2 is at -V,;—a 4:1 transforma- 
tion ratio. 

It is when the load is actually grounded at its center 
that we see a very interesting feature of this approach. 
A simple impedance measurement will show that the 
high frequency response is vastly improved and that 
the Ruthroff (voltage) Balun appears to take on the 
character of a Guanella (current) Balun! Figure 9-3 
illustrates the measurements of the input impedance 
of a Ruthroff 4:1 Balun with the load floating, and 
when it is grounded at its center. These measurements 
(with a simple resistive bridge) were made on my 
design using a powdered-iron core, which will be 
described later. 

A model for the Ruthroff 4:1 Balun, when the load 
is grounded at its center, is provided in Figure 9-4. If 
the characteristic impedance of the transmission line 
in the 4:1 Balun is 100 ohms (the optimum value if 
the load is 200 ohms), then the generator sees R; /2 in 
parallel with a R,/2 from a “flat” line. As a result, the 
generator sees its match of 50 ohms—even though the 
currents in the loads are not in phase! 

However, when the Balun is connected to a center- 
fed, folded dipole, or log-periodic beam antenna with 
200-ohm input impedances, the virtual ground-plane 
bisecting the antennas presents an interesting case. 
Because there is no metallic connection to the center 
of the load, the currents in both halves of the antennas 
are in phase. This is unlike the situation in Figure 9-4, 
where the current in the load on the right is delayed 
compared to the current in the load on the left. As is 
evident in Figure 8-7 of Chapter 8, the VSWR curve 
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Photo 9-B. The Balun of Photo 9-A mounted in a 5 inch 
long by 4 inch wide by 3 inch high minibox. 


transmission 
. line 





Figure 9-5. A pictorial of the connections for a 4:1 
Ruthroff (voltage) Balun. 





for the high-power Ruthroff Balun has practically the 
same shape as those of the two lower-power units— 
even though its transmission line is more than two and 
one half times longer. 

Because the high-frequency response of a Ruthroff 
4:1 Balun with a floating load is highly dependent 
upon the length of the transmission line, Figure 8-7 
suggests that, in the virtual ground case, the Balun 
acts as a Guanella Balun which sums voltages of 
equal phases. It also suggests that the effective electri- 
cal length of the transmission line is one-half of its 
actual length. I am quite sure that this model of 
Ruthroff’s Balun was not proposed by him or by oth- 
ers that followed. However, it should be remembered 
that this condition only exists in the balanced case. 
With an unbalanced load, the Balun should introduce 
a reactive component that will limit the high frequen- 
cy response. In the unbalanced case, the Guanella 
Balun with two cores is the Balun of choice. 


Sec 9.4 Some “Hardy” 4:1 Designs 


Photos 9-A and 9-B show two views of a Ruthroff 4:1 
Balun, much like McCoy’s design, which has been 
used in his highly popular transmatch.?2 Figure 9-5 
shows a pictorial representation of the connections. It 
has 11 bifilar turns of No. 14 H Thermaleze wire on 
three (stacked) T200-2 cores. The cores are pow- 
dered-iron material with a permeability of 10. The OD 


Photo 9-C. The various 
Baluns used in the study of 
4;1 Baluns for antenna 
tuners. 


is 2 inches. The wires are also covered with a 15-mil 
wall Teflon tubing, yielding a characteristic imped- 
ance Close to the optimum value of 100 ohms. 

I differ with McCoy’s design here, because the char- 
acteristic impedance of his Balun could be closer to 
50 ohms. Photo 9-B shows the Balun mounted in a 5 
inch long by 4 inch wide by 3 inch high minibox. 
Because McCoy didn’t use a thickly insulated wire, 
he wound a layer of Scotch No, 27 glass tape on each 
toroid before stacking. This was followed by another 
layer in the stacking process. With Teflon sleeving 
over the wire, the extra insulation provided by the 
glass tape could be dispensed with. 

In order to improve the low-frequency response of 
McCoy’s Balun, I made a study of higher permeabili- 
ty powdered-iron cores. Photo 9-C shows the various 
Baluns used in the study. The object of this study was 
to determine the best core material for a 4:1 Balun to 
be used in antenna tuners where they can be exposed 
to high impedances (and, hence, hostile environ- 
ments). I knew, as the result of very accurate insertion 
loss measurements? that loss with ferrite materials 
was related to the voltage drop along the length of the 
transmission line and to the value of the permeability. 
Permeabilities of 40 (No. 67 ferrite) exhibited the 
lowest loss. The results taken on a single powdered- 
iron material—No. 2 material with a permeability of 
10—also showed the very same low loss. Because 
powdered-iron material has been known to be more 
rugged and linear than ferrite material, this suggested 
that other powdered-irons with greater permeabilities 
should also be investigated. 

I investigated four other powdered-irons with per- 
meabilities of 20, 25, 35, and 75. Their designations 
were Nos. 1, 15, 3, and 26, respectively. Comparisons 
were made on input impedances (with the outputs ter- 
minated in 200 ohms) and temperature rises (when 
handling 500 watts of power). The power test showed, 
convincingly, that No, 26 material was not to be used 
because it showed a definite rise in temperature while 
the other three didn’t. However, all four materials 
showed a definite lower input impedance than the No. 
2 material, which has a permeability of 10. As expect- 
ed, the higher the permeability, the larger the differ- 
ence with No. 2 material. Although an input imped- 
ance measurement does provide some indication of 
loss because it appears as a shunting path to ground, a 
very accurate insertion loss measurement would pro- 
vide a more precise indication of the trade-off that can 
be made in efficiency for low frequency response. 
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Photo 9-D. An 
improved 4:1 
Ruthroff design for 
antenna tuners. 


Photo 9-E. The improved 4:1 Ruthroff Balun mounted in a 
5 inch long by 4 inch wide by 3 inch high minibox. 


Because my simple loss measurements indicated 
that the higher permeability powdered-irons had more 
loss than the No. 2 material, I decided to design a 4:1 
Ruthroff Balun using this material—but with a larger 
core and more turns than the McCoy!7.!8 Balun. 
Although McCoy’s design has enjoyed considerable 
success over the years, I felt that a larger inductive 
reactance was desirable in order to assure better per- 
formance on the lower frequency bands (particularly 
160 meters). 


Roomba malebaricum 
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Photo 9-F. The top view of the 4:1 Balun of Photo 9-E. 


The specific design is shown in Photo 9-D. It has 
17 bifilar turns of No. 14 H Thermaleze wire on a 
T300A-2 powdered-iron core, which has an OD of 3 
inches and a permeability of 10. With this number of 
turns and a larger cross section than the three T200-2 
cores, the low frequency response improved by a fac- 
tor of about two over the McCoy Balun, which has 10 
to 12 turns on a stack of three T200-2 cores. 
Furthermore, the wires are also covered with 15-mil 
wall Teflon tubing, resulting in a characteristic imped- 


N = 21, T400A-2 core 


R,, (ohms) 


N= 11, 3-T200-2 cores 
(McCoy's balun) 


ance of 100 ohms (the objective). This well-insulated 
transmission line has been reported to handle 10,000 
volts without breakdown. Figure 9-3 illustrates the 
performance of this Balun (under a matched condi- 
tion) when the load is floating and when it is center- 
tapped-to-ground. Photo 9-E shows the Balun mount- 
ed in a minibox 5 inches long by 4 inches wide by 3 
inches high. Photo 9-F shows the top view of the 
mounted Balun. 

Because the Balun with the larger core and more 
turns showed an improvement by a factor of two in 
the low-frequency response over the McCoy Balun, I 
constructed an even larger design. This is shown in 
Photo 9-G. It has 21 turns of the same wire on a 
T400A-2 core with an OD of 4 inches and a perme- 
ability of 10. Even though Photo 9-G shows the 
toroid wrapped with Scotch No. 27 glass tape, as 
mentioned earlier, this extra insulation isn’t required 
because the wires are covered with Teflon sleeving. 

Figure 9-6 shows the comparisons in the input 
impedances versus frequency of these three “hardy” 
Baluns when they are terminated in 200-ohm loads 
grounded at their centers. As can be seen, the low-fre- 
quency response of the Balun with the most turns and 
largest core is the best. Even though the Balun with 
the 3-inch core has a poorer low-frequency response, 
it is an improvement over the McCoy Balun and 
should find considerable use in transmatches. Figure 
9-6 also shows that the high frequency responses of 
these Baluns with the loads grounded at their centers 
are remarkably similar. This is especially interesting, 
as the length of the transmission line on the larger 


Ruthroff 1: 4 balun 
R, = 200Q, grounded at center 


6 7 8 910 
Frequency (MHz) 





Figure 9-6. A comparison of the performance of the McCoy 4:1 Balun with Baluns having larger cores and more turns. 


Balun (with the T400A-2 core) is more than twice as 
long as the other two (115 inches compared to 50 and 
55 inches). If it is correct that my model of a Ruthroff 
(voltage) Balun feeding a balanced antenna or trans- 
mission line takes on the character of a Guanella (cur- 
rent) Balun because of the virtual ground, then this 
large Balun could have many applications. 


Sec 9.5 Multiband Dipoles 


Antenna tuners have been known to work well for 
some radio amateurs and not for others. This is due to 
the differences in the dimensions of their antenna sys- 
tems. With high impedances seen by the 4:1 Baluns in 
the antenna tuners, the Baluns not only fail to provide 
a good balanced-to-unbalanced conversion, but they 
can also be damaged by excessive heating. The high 
current, low impedance condition seen by the Balun 
isn’t a problem. Therefore, the object in multiband 
antenna design is to provide the most favorable 
impedances for the Baluns, especially on the three 
lowest frequency bands—40, 80, and 160 meters. 
Usually on the higher frequency bands, the imped- 
ances seen by the Baluns are not as high and the 
Balun’s choking reactances are greater (assuring bal- 
anced-to-unbalanced conversion). This section dis- 
cusses three cases of multiband center-fed dipole 
designs. They are 1) the “worst case” design, 2) a 
smaller design—the GSRV, and 3) a larger design. 
Others may have better designs for multiband opera- 
tion, but it’s clear that the “worst case” design ought 
to be avoided. Figure 9-7 shows the symbols for the 
dimensions of the center-fed dipoles. 


Sec 9.5.1 The "Worst Case” Design 


Apparently, an 80-meter dipole with a quarter-wave 
open-wire (or twin-lead) feedline is a logical design 
for a multiband dipole. In Figure 9-7 this would mean 
that L; = Ly = 59 to 67 feet, depending upon the 
favorite operating frequency. If one were to use 450- 
ohm twin-lead with “open windows,” Ly would be 
diminished by 10 percent; with 300-ohm TV twin- 
lead, it would be diminished by about 20 percent. This 
would make a good antenna system on 160 meters. 
Because L; + Ly is close to a quarter-wave, the cur- 
rent at the input to the feedline is at its highest value 
and the impedance at its lowest—a very favorable 
condition for the Balun. In fact, a 1:1 Balun at the 
feedpoint would probably do a good job. 
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Photo 9-G. A large 4:1 Ruthroff design using a 4-inch OD 
powdered-iron core and 21 bifilar turns. 


4 fie 


Lp 


7 


Figure 9-7. The symbols used for the dimensions of a cen- 
ter-fed dipole with open-wire feeders (or twin-lead with 
appropriate consideration of velocity factors). 


However, what does the input to the feedline look 
like on 80 meters? If 450-ohm feedline is used, the 
4:1 Balun sees a quarter-wave 450-ohm feedline ter- 
minated in approximately 50 ohms. Transmission line 
theory tells us that the Balun would see 4050 ohms— 
an impossible condition for most Baluns. The situa- 
tion becomes worse on 40 meters, where we may have 
a center-fed, full-wave dipole with a half-wave trans- 
mission line (a 1:1 matching transformer). In this 
case, the Balun could see an impedance approaching 
10,000 ohms—a more than impossible condition! 
Although high impedances would also be seen on 10, 
15, and 20 meters, the conditions are not quite as 
severe because the Balun’s choking reactances are 
usually greater and the impedances lower. In essence, 
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the “worst case” design for a 4:1 Balun is the “best 
case” design (except for 160 meters), if one still uses 
inductive coupling to a parallel-tuned circuit.!9 


Sec 9.5.2 A Smaller Design— 
The GSRV 


Varney,*4 GS5RV, designed a multiband center-fed 
antenna system capable of operation on all HF bands 
from 3.5 to 30 MHz. In contrast to multiband anten- 
nas designed as half-wave dipoles on 80 meters (the 
“worst case” design), the full-size GSRV antenna was 
designed as a three-half-wave antenna on 14,150 MHz 
with a 1:1 transmission line matching transformer. It 
was possible to accomplish this using the dimensions 
of 51 feet for L, and 34 feet for L,. For 450-ohm 
twin-lead with “windows,” L» would he 31 feet; for 
300-ohm TV ribbon, Lz would be 28 feet. Con- 
sequently, the input impedance at the hase of the 
matching transmission line was about 100 ohms on 
14,150 MHz, and a manageable impedance for 50 or 
80-ohm coaxial cable. 

However, with a total length for Ly + Ly of 85 feet, 
the impedances at the input to the transmission line on 
40, 80, and 160 meters are also manageable. Even 
though they have a reactive component on these 
bands, they aren't so high that a well-designed 4:1 
Balun in an antenna tuner can’t handle them easily. 
Varney also showed that the highest impedances 
occurred on the 18-, 21-, and 28-MHz bands, How- 
ever, this doesn’t present a problem with the design 
shown in Photo 9-D because it uses an efficient core 
material, and it also has the highest reactances of its 
windings at these frequencies. 

Varney? also wrote, at considerable length, on the 
unsuitability of a Balun being used to connect the 
base of the 34-foot open feeders to a coaxial cahle 
feedline. He stated that if a Balun is connected to a 
reactive load with a VSWR of more than 2:1, its 
internal losses would increase. Varney also men- 
tioned heating of the wires and saturation of the core. 
Evidently Varney was not familiar with McCoy's 
design, which uses a powdered-iron core (with a per- 
meability of 10) that can withstand VSWRs consid- 
erahly greater than 2:]—without showing any tem- 
perature rise. Furthermore, the wire doesn’t heat up; 
however, the core itself does via dielectric heating. 
Additionally, with sufficient choking reactance, 
Baluns can handle (equally) the resistive and reactive 
components of an impedance. 


Finally, after observing the voltage and current dis- 
tributions on all of the bands, it appears that a 2:1 
(100:50-ohm) Balun might he an interesting one to try 
on the GSRV antenna. It could he that many of the 
bands would not require the added matching of an 
antenna tuner. If some of the bands require an antenna 
tuner in order to be used, then 1 would suggest using a 
“hardened” Balun. That is what I call McCoy’s 
approach, which uses efficient and hardy powdered- 
iron cores. A 2:] Balun, comprised of a 1:2 Unun in 
series with a 1:1 Guanella (current) Balun, could be 
easily designed and built (see Chapter 10). 


sec 9.5.3 A larger Design 


Even though the GSRV antenna can be made to oper- 
ate on 160 meters with a suitable antenna tuner, an 
antenna system larger than the “worst case” design 
can provide better operation on the 40-, 80-, and 160. 
meter hands. As you might expect, an antenna system 
about twice as large as the GSRV offers these advan- 
tages. Suggested dimensions are L, = 80 feet and L, = 
100 feet. If the feedline is 450-ohm twin-line with 
“windows,” then Ly = 90 feet. If it is 300-ohm TV rib- 
bon, then L, = 82 feet. As with the GSRY, it’s the total 
length of L, + L, that presents favorable or unfavor- 
able impedances to the 4:1 Balun in the antenna tuner. 
Therefore, L, and L, could hoth be 90 feet, as weil. 
Only very small differences in performance would be 
noticed between these two systems, particularly on 
the lower-frequency bands. Obviously, other combina- 
tions totaling 180 feet are also possible. In the GSRV 
case, it’s 85 feet. 


Sec 9.6 Summary 


After reading this chapter, one might think that I 
have set this technology back a few years by advo- 
cating voltage Baluns and powdered-iron cores. | 
have even guestioned the professional literature. 
However, my conclusions were based upon three 
experimental results. These were: 1} measurements 
with my resistive bridge on input impedances of 4:1 
Ruthroff (voltage) Baluns with loads floating and 
center-tapped-to-ground, 2) VSWR measurements on 
folded dipoles with various 4:1 Baluns (large and 
small and, therefore, with many different lengths of 
transmission lines), and 3) McCoy's success with his 
4:] Balun. Also, as this chapter points out, it helps to 
have the dimensions of a multiband, center-fed 
dipole, and feeders favor the operation of a 4:1 Balun 


in antenna tuners. And, yes, there is a “worst case” 
antenna design! 

As in many investigations, supplying answers to 
some questions can jead to others that appear to be 
important. Specificaily, for powdered-irons, how 
would permeabilities in the 20 to 35 range perform? 
Simple impedance measurements showing lower val- 
ues on input impedances, indicate that there is more 
loss than with a permeability of 10; but accurate inser- 
tion loss measurements are needed in order to tell the 
complete story-—~the trade-off in efficiency for low- 
frequency response. 
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Finally, low permeability ferrite-like No. 67 materi- 
al with a permeability of 40 looks interesting for use 
in Baluns for antenna tuners. Accurate insertion loss 
measurements? have also shown the very same high 
efficiency that was exhibited by powdered-iron having 
a permeability of 10. With a sufficient number of 
turns on an appropriate size core, a Balun made of this 
material could be practical. Even though the amateur 
radio literature still refers to the problem of core satu- 
ration, there has been only one recorded case. This 
was on 2 MHz with a rod-type 1:1 Balun where insuf- 
ficient choking reactance exists, !3:14 


Chapter 10 


1.5:] and 2:1 Baluns 


Sec 10.1] Introduction 


here are many applications for broadband 
| Baluns with impedance transformation ratios 
close to 1.5:1 and 2:1. Two applications involve 
matching 50-ohm cable to balanced loads of 75 or 100 
ohms, which are the input impedances of a half-wave 
dipole at heights of 0.22 or 0.34 wavelengths above 
ground. Another, is the matching of 50-ohm cable to 
the 100-ohm input impedance of a quad antenna. An 
interesting, and somewhat unexpected, application is 
the matching of 50-ohm cable directly to the input 
impedance of the driven element of a Yagi beam 
antenna of 33 or 25 ohms. This would eliminate the 
common hairpin matching network presently used to 
raise their input impedances to 50 ohms. 

There are many versions of these two Baluns. They 
include: 1) high- and low-power designs, 2) designs 
matching 50-ohm cable to higher or lower imped- 
ances, 3) series- or parallel-type designs, 4) single- or 
dual-core designs, 5) dual-ratio designs, and 6) HF 
and VHF designs. The series-type Baluns use an 
Unen (unbalanced-to-unbalanced transformer) in 
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(A) 1:1.56 UNUN 41 Balun 





series with a Guanella (current) Balun. More details 
on these Ununs are provided in later chapters. In this 
chapter, you'll read about many high-power designs 
capable of handling the full legal limit of amateur 
radio power. They are optimized for sufficient mar- 
gins in choking reactance at their low frequency 
ends, and in efficiency throughout their passbands. 
Two of the 2:1 Baluns are specifically designed for 
2-meter operation. 


Sec 10.2. 1.5:1 Baluns 


In this section, I'll present two series-type 1.5:1 
Baluns (actually 1.56:1, which should be close 
enough). They both use 1.56:1 Ununs in series with 
Guanella 1:1 Baluns. Figures 10-1A and B show their 
schematic diagrams. Figure 10-1B has an extra input 
(to a tap), which provides another ratio of 1.33:1. 

The left-hand side of Phote L0-A shows a design 
using Figure 10-1A mounted in a CU 3006 minibox 
5.25 inches long by 3 inches wide by 2.25 inches high 
(RadioShack has carried a similar enclosure}. The 
1:1.56 Unun has 4 guintufilar turns on a 1.5-inch OD 


— oe 


1:1 balun 


(B} 1:41.56 UNUN 


Figure 10-1, Schematic diagrams of two 1.56:1 Baluns: {A} step-up, 50:78 ohms; (B} step-down, 50:37.6 ohms—connection 


A, 50:32 ohms-—connection B, 


65 


66 UNDERSTANDING, BUILDING, AND USING BALUNS AND UNUNS 





ferrite toroid with a permeability of 250. Winding 7-8 
is No. 14 H Thermaleze wire and the other four are 
No. 16 H Thermaleze wire. 

The 1:1 Guanella Balun has 11 bifilar turns of No. 
14 H Thermaleze wire on a 2.4-inch OD ferrite toroid 
with a permeability of 250. One wire is covered with 
Teflon tubing, resulting in a characteristic impedance 
very close to 78 ohms (the optimum value). 

When matching 50-ohm cable to a balanced load of 
78 ohms, the impedance transformation ratio is literal- 
ly flat (within a percent or two) from 1.5 MHz to 40 
MHz! You might be interested to know that (separate- 
ly) the 1:1 (75:75-ohm) Balun would make an excel- 
lent isolation transformer for 75-ohm hardline, and 
the 1.56:1 (78:50-ohm) Unun an excellent match 
between 75-ohm hardline and 50-ohm cable. 

The right-hand side of Photo 10-A shows a design 
using Figure 10-1B mounted in a similar enclosure. 
The 1.56:1 Unun has 5 quintufilar turns on a 1.5-inch 
OD ferrite toroid with a permeability of 250. Winding 
5-6 is No. 14 H Thermaleze wire and is tapped at one 
turn from terminal 5, The other four wires are No. 16 
H Thermaleze. 

The 1:1 Guanella Balun has 7 turns of homemade 
coaxial cable on a 1.5-inch OD ferrite toroid with a 
permeability of 250. The inner conductor is No. 14 H 
Thermaleze wire and is covered with Teflon tubing. 
The outer braid, which is from a small coaxial cable 
or from 1/8-inch tubular braid, is also tightly wrapped 
with Scotch No. 92 tape to preserve the low character- 
istic impedance. 


Photo 10-A. Baluns using the schematic 
diagrams of Figure 10-1, Balun on the left 
matches 50-ohm cable to a balanced load 
of 78 ohms. Balun on the right matches 
50-ohm cable to balanced loads of 37.6 or 
32 ohms. 


In matching 50-ohm cable to a balanced load of 
37.6 ohms (connection A), or to a balanced load of 32 
ohms (connection B), the response is essentially flat 
(within a percent or two) from 1.5 to 30 MHz. 


Sec 10.3 2:1 Baluns 


The 2:1 Balun lends itself to more choices in design 
than the 1.56:1 Balun. This is especially true because 
the parallel-type design, which provides a 2.25:1 
Balun with the widest possible bandwidth, can easily 
be employed. The 1.56:1 Balun is at a disadvantage 
here. This section presents many Baluns using both 
series and parallel-type designs. 


Sec 10.3.1 Seriestype Baluns 


Figure 10-2 shows circuit diagrams for two versions 
of the series-type Balun. Photo 10-B shows a design 
using Figure 10-2A mounted in a CU 3005-A mini- 
box 5 inches long by 4 inches wide by 3 inches high. 
The 1:2 Unun has 7 trifilar turns on a 1.5-inch OD fer- 
rite toroid with a permeability of 250. The output tap 
is located 6 turns from terminal 5. Winding 5-6 is No. 
14 H Thermaleze wire and the other two are No. 16 H 
Thermaleze wire. 

The 1:1 Guanella Balun has 14 bifilar turns of No. 
14 H Thermaleze wire on a 2.4-inch OD ferrite toroid 
with a permeability of 250. Both wires are covered 
with Teflon tubing, which results in a characteristic 
impedance of 100 ohms (the optimum value). A 
crossover, placing 7 turns on one side of the toroid 


(A) 1: 2UNUN 


(B) 1.78 : 1 UNUN 
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1:4 balun 


Figure 10-2. Schematic diagrams of two versions of the series-type Balun: (A) 1:2 (50:100 ohms) Balun; (B) 1:2.25 


(50:112.5 ohms) Balun. 


and 7 turns on the other, is used so the output and 
input are on opposite sides of the toroid. Figure 10-3 
is a drawing of the crossover. Although this technique 
has no electrical advantage at HF, the mechanical 
advantage is obvious. 

When matching 50-ohm cable to a balanced load of 
100 ohms, the response is literally flat (within 2 to 3 
percent) from 1.5 to 30 MHz. By connecting the out- 
put of the Unun to terminal 6 instead of to the tap, the 
Balun would match 50-ohm cable to a balanced load 
of 112.5 ohms with about the same response. 

Photo 10-C shows two slightly different versions of 
series-type 2.25:1 Baluns using the circuit of Figure 
10-2B. Both have the same 1.78:1 step-down Unun, 
which has 5 quadrifilar turns on a 1.5-inch OD ferrite 
toroid with a permeability of 250. Winding 5-6 is No. 
14 H Thermaleze wire, and the other three are No. 16 
H Thermaleze wire. Each version also has 8 bifilar 
turns of No. 14 H Thermaleze wire on both of the 1.5- 
inch OD ferrite toroids, with a permeability of 250. 

The differences are: 1) the Balun on the left in 
Photo 10-C has one layer of Scotch No. 92 tape on 
one of the wires in each bifilar winding and a 
crossover after the fourth turn, and 2) the Balun on the 
right has two layers of Scotch No. 92 tape on one of 
the wires on one toroid and no extra insulation on the 
wires of the other toroid. Therefore, one of the wind- 
ings in the 1:4 Guanella Balun has a characteristic 
impedance a little less than 50 ohms and the other a 
little greater than 50 ohms, resulting in a canceling 
effect. Furthermore, the crossover isn’t used in this 
design. The Balun on the left is mounted in a CU 
3006 minibox 5.25 inches long by 3 inches wide by 
2.25 inches high. The Balun on the right is mounted 
in a CU 3015-A minibox 4 inches long by 2 inches 
wide by 2.75 inches high. 





Photo 10-B. A series-type Balun using the schematic dia- 
gram of Figure 10-2A designed to match 50-ohm cable to 
a balanced load of 100 ohms. 


The performance of these two Baluns is essentially 
the same. When matching 50-ohm cable to balanced 
loads of 112.5 ohms, the responses are essentially flat 
(within 2 to 3 percent) from 1.5 to 30 MHz. 

From preliminary measurements on series-type 2:1 
Baluns, the Balun in Photo 10-B is the one I’d recom- 
mend for matching 50-ohm cable to balanced loads of 
100 ohms, while the Baluns in Photo 10-C would be 
best for matching to balanced loads of 112.5 ohms. 
Also, by replacing the 1.78:1 Unun in Figure 10-2B 
with a 2.25:1 Unun, and not adding any extra insula- 
tion to the windings of the 1:4 Balun, it’s possible to 
obtain an excellent Balun matching 50-ohm cable to a 
balanced load of 89 ohms. 

Figure 10-4 shows the schematic diagram of a 
series-type Balun designed to match 50-ohm cable to 
balanced loads of 25 or 22.22 ohms. Photo 10-D 
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Figure 10-3. Construction of a 1:1 Guanella Balun with a 
crossover placing the input and output terminals on oppo- 
site sides of the toroid. 





Photo 10-C. Two series-type Baluns using the schematic 
diagram of Figure 10-2B designed to match 50-ohm cable 
to balanced loads of 112.5 ohms. 


shows two versions of this dual-ratio Balun. The 
Balun on the left, for its Unun, has 6 trifilar turns of 
No. 14 H Thermaleze wire on a 1.5-inch OD ferrite 
toroid with a permeability of 250. Winding 3-4 is 
tapped one turn from terminal 3, yielding the 2:1 
ratio. The 1:1 Guanella Balun has 6 turns of home- 
made coaxial cable on a similar toroid. The inner con- 
ductor is No. 12 H Thermaleze wire and is covered 


with Teflon tubing. The outer braid, from a small 
coax or from 1/8-inch tubular braid, is tightly 
wrapped with Scotch No. 92 tape to preserve its low 
characteristic impedance. 

In matching 50-ohm cable to balanced loads of 25 
ohms (connection A) or to 22.22 ohms (connection 
B), the response is essentially flat (within a percent or 
two) from 1.5 to 30 MHz. 

The Balun on the right in Photo 10-D has similar 
windings on a single 2.4-inch OD ferrite toroid with a 
permeability of 250. Its performance is quite compa- 
rable to the Balun on the left. 


Sec 10.3.2 ParalleHtype Baluns 


As you saw in the previous section, the series-type 
Baluns presented here are combinations of Ununs 
with ratios of 1.33:1, 1.78:1, 2:1, and 2.25:1 in series 
with Guanella 1:1 or 4:1 Baluns. The Ununs, which 
are really an extension of Ruthroff’s? bootstrap tech- 
nique for obtaining a 4:1 Unun, sum direct voltages 
with delayed voltages that traverse a single transmis- 
sion line. Therefore, the Unun eventually limits the 
high-frequency response of the series-type Balun. 

On the other hand, the parallel-type Balun is an 
extension of Guanella’s technique of summing volt- 
ages of equal delays. Instead of simply connecting 
transmission lines in parallel-series, the parallel-type 
Balun connects Guanella Baluns in parallel-series. As 
I noted in Reference 25, two 4:1 Guanella Baluns can 
be connected in parallel-series, yielding very broad- 
band ratios of 6.25:1. This section shows how a 1:1 
Guanella Balun can be connected with a 4:1 Guanella 
Balun in parallel-series, yielding a very broadband 
ratio of 2.25:1. 

Figure 10-5 is the schematic diagram of the high-fre- 
quency model of a 2.25:1 Unun which is used for 
analysis purposes. Because the current through the load 
is 3/21), the transformation ratio is (3/2), or 2.25:1. 
Therefore, if the impedance seen on the left side is 50 
ohms, a matched impedance on the right side is 22.22 
ohms. Because two thirds of the 50 ohms appears 
across the input of the Guanella 1:1 Balun, its optimum 
characteristic impedance is 33.33 ohms. Similarly, this 
is also the value of the optimum characteristic imped- 
ance for the windings of the 4:1 Balun. Because the 1:1 
Balun wants to see 33.33 ohms on its output (a 
matched condition) and the 4:1 Balun wants to see 
66.66 ohms, placing these two values in parallel results 
in the confirming value of 22.22 ohms. 


If the 50-ohm generator is placed on the right side 
in Figure 10-5, the circuit becomes a step-up Unun 
matching 50 ohms to 112.5 ohms (on the left). If the 
ground is removed on the left side, the transformer 
becomes a Balun. A similar analysis as above, shows 
that the optimum characteristic impedance of the three 
bifilar windings now becomes 75 ohms. 

Photo 10-E shows a parallel-type 2.25:1 Balun 
designed to match 50-ohm cable to a balanced load of 
112.5 ohms. It has 9 bifilar turns of No. 14 H Therma- 
leze wire on each of the three toroids that have a 1.5- 
inch OD and a permeability of 250. Also, one of the 
wires on each toroid is covered with Teflon tubing, 
resulting in a characteristic impedance of 75 ohms 
(the optimum value). When operating as a Balun, the 
response is essentially flat from 7 MHz to over 45 
MHz. As an Unun, the flat response is broadened 
from 1.5 MHz to over 45 MHz. 

Because the coiled wire, parallel-type Balun didn’t 
provide any real advantage over the series-type Balun 
(in fact, the low-frequency response was poorer), I 
investigated the beaded transmission line version for 
possible use in the VHF band. Figure 10-6 shows a 
schematic diagram of one using coaxial cable. 
Obviously, twin lead could be substituted for the 
coaxial cable. Photo 10-F shows both versions. 

The top design in Photo 10-F has 4 inches of 3/8- 
inch OD ferrite beads with a permeability of 125 on 
each of the three 75-ohm transmission lines. It is 
designed to match 50-ohm cable on the right to a bal- 
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2:1, 2.25:1 UNUN 1:1 BALUN 

Figure 10-4. Schematic diagram of a dual-ratio series- 
type Balun. Connection A matches 50-ohm cable to a bal- 
anced load of 25 ohms. Connection B matches 50-ohm 
cable to a balanced load of 22.22 ohms. 


anced load of 112.5 ohms on the left (with the ground 
on terminal 1 removed). The transmission lines con- 
sist of two No. 14 H Thermaleze wires separated by 
the Teflon tubing covering one of them. When match- 
ing 50-ohm cable to a balanced load of 112.5 ohms, 
the response is essentially flat from 30 MHz to over 
100 MHz (the limit of my bridge). 

The bottom design in Photo 10-F also has 4 inches 
of 3/8-inch OD ferrite beads with a permeability of 
250. However, they are now threaded by homemade 
coaxial cable with a characteristic impedance of 33.33 
ohms. It is designed to match 50-ohm cable on the left 
to a balanced load of 22.22 ohms (with the ground on 
terminal 2 removed). The inner conductor of the coax 
is No. 14 H Thermaleze wire and is covered with 


Photo 10-D. Two series-type Baluns 
using the schematic diagram of Figure 
10-4 designed to match 50-ohm cable 
to balanced loads of 25 ohms or 
22.22 ohms. 


¢ TASTY ———_ >" 
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Photo 10-E. 
Parallel-type 
2.25:1 Balun 
matching 50- 
ohm cable to a 
balanced load 
of 112.5 ohms. 





Photo 10-F. Beaded transmission line versions of the 
2.25:] parallel-type Balun for operation in the VHF band. 
The top Balun matches 50-ohm cable to a balanced load of 
112.5 ohms. The bottom Balun matches it to a balanced 
load of 22.22 ohms. 


Teflon tubing. The braid is from small coaxial cable 
or from 1/8-inch tubular braid. The braid is also tight- 
ly wrapped with Scotch No. 92 tape in order to pre- 
serve the low characteristic impedance. When match- 
ing 50-ohm cable to a balanced load of 22.22 ohms, 
the response is essentially flat from 14 MHz to over 
100 MHz (again, the limit of my bridge). 


Sec 10.4 Closing Comments 


In closing, I’d like to make a couple of comments 
regarding parallel-type Baluns. 

First, if you are interested in a 1.78:1 ratio, replace 
the 1:4 Balun in Figures 10-5 and 10-6 with a 1:9 
Guanella Balun (three transmission lines connected in 








Figure 10-5. High-frequency model of the parallel-type 
2.25:1 transformer. Connections shown are for Unun 
operation. 





Figure 10-6. The coaxial cable version of the parallel-type 
2.25:1 transformer of Figure 10-5. 


parallel-series). This would yield an output current of 
4/31, and a ratio of (4/3), or 1.78:1. If you replace the 
1:4 Balun with a 1:16 Guanella Balun (four transmis- 
sion lines connected in parallel-series), the output cur- 
rent will be 5/41,, with a ratio of (5/4), or 1.56:1. 

Second, because the parallel-type Balun is really an 
extension of Guanella’s technique of summing volt- 
ages of equal delays,2°2’ the high-frequency response 
is mainly limited by the parasitics in the interconnec- 
tions. Therefore, beaded transmission lines offer the 
best opportunity for successful operation on the VHF 
band. It is also recommended that the ferrite beads 
have permeabilities of 300 or less? in order to achieve 
the very high efficiencies of which these transformers 
are capable. 


OF, 
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Sec 11.1 Introduction 


[= chapter is a combination of two articles | 
wrote for Communications Quarterly. One, on 
the 6:1 and 9:1 Baluns, appeared in the Winter 
1993 issue and the other, on the 12:1 Balun, ran in the 
Summer 1993 issue. I combined these two articles 
here because the three Baluns discussed have much in 
common. Commonalities include: 1) They are the 
most difficult to construct and are, therefore, the most 
expensive; 2} two of them, the 6:1 and 12:1 Baluns, 
use Ununs in series with Guanella Baluns, 3) two of 
them use the 9:1 Guanella Balun—the 12:1 Balun 
with a series 1.33:1 Unun; 4) they are generally asso- 
ciated with two-wire transmission lines with charac- 
teristic impedances of 300, 450, and 600 ohms, 
respectively; 3) when matching 50-ohm cable to high- 
er impedances, they have more loss than the Baluns in 
the preceding chapters; and 6} the optimum applica- 
tion of these Baluns requires a more critical under- 
standing of the trade-offs in low-frequency response 
for efficiency. 

Like the 2:1 Balun in Chapter 10, the 6:1 (actuaily 
6.25:1} Balun also comes in two forms: the series- 
type, which offers better low-frequency response in 
the HF band, and the parallel-type, which has a vastly 
greater high-frequency capability. The parallel-type 
6:1 Balun, together with the 9:1 Guanella Balun 
(which is also a parallel-type), offer the potential for 
designs capable of efficient and broadband operation 
on the VHF and UHF bands. 


Sec 11.2 6:1 and 9:1 Baluns 


Many radio amateurs associate the use of the 6:1 and 
9:1 Baluns with 300-ohm twin lead feeding folded 
dipoles, 450-ohm “ladder” line feeding single or 
multi-band antenna systems. However, what is 
neglected (in some cases) is the effect of the height of 
these antennas above earth and the length of the trans- 
mission lines feeding them. 


Broadband 6:1 and 9:1 Baluns are considerably 
more difficult to construct than the more common 1:1 
and 4:1 Baluns. This is especially trae when matching 
50-ohm cable to impedances of 300 and 450 ohms. 
Furthermore, there are some important trade-offs in 
low-frequency response for efficiency. 

From what I could gather “on the air” or talking to 
radio clubs, | have determined what I believe are 
probably two of the most common misconceptions 
regarding the use of these Baluns: 

1. 6:1 Baluns. In free-space, the folded dipole with 
300-ohm twin-lead has a resonant impedance close to 
300 ohms. The dipole also has this vaiue at a height of 
about 0.225 wavelength above ground. However, it’s 
only 200 ohms at a height of about 0.17 wavelength 
and 400 ohms (the maximum) and at 0.35 wavelength. 
ln many cases, the 4:1 Balun would actually do a bet- 
ter job of matching. 

2. 9:1 Baluns. Some are unaware of the relationship 
between the impedance at the input of a transmission 
line, the characteristic impedance of the line, and the 
impedance at the end of the line. Just because a trans- 
mission line has a characteristic impedance of 450 
ohms doesn’t necessarily mean that a 9:1 Balun will 
perform a satisfactory match to 50-ohm cable. Far 
from it. For example, if the line is terminated by a 
half-wave dipole with an impedance of 50 ohms, the 
9:1 Balun would see 50 ohms when the line is a haif- 
wave long and 4050 ohms when it’s a quarter-wave 
long! Broadband Baluns cannot be designed to handle 
impedances as high as 4050 ohms. It’s very likely that 
a well-designed 50:450-ohm Balun would experience 
(particularly on 80 and 160 meters) harmful ffx in 
the core and excessive heating because of the large 
voltage drop along the length of its transmission lines. 
This problem of presenting very high (and harmful) 
impedances to Baluns is quite prevalent with multi- 
band antenna systems. 

Clearly, there are many applications for 6:1 and 9:1 
Baluns. They not only include matching 50-ohm cable 
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1:1.56 UNUN 1:4 BALUN 


Figure 11-1. Schematic diagram of the series-type Balun 
with a 1:6.25 ratio designed to match 50 to 312.5 ohms. 


to balanced loads of 300 and 450 ohms, but also to 
balanced loads of 8 and 5.6 ohms, as well. Further- 
more, many of the designs in this chapter will perform 
almost as well in Unun (unbalanced-to-unbalanced) 
applications. The trade-off (which is usually very 
small) is in low-frequency response. Additionally, 
these Baluns could be used to exploit the low-loss 
properties of 300- and 450-ohm twin-lead where very 
long transmission lines are used. This is especially 
important at 14 MHz and above. 

In the pages that follow, I'll present a variety of 
Baluns matching 50-ohm cable to 300 ohms (actually 
to 312.5 ohms, a 6.25:1 ratio) and to 450 ohms, as 
well as 50-ohm cable to 8 and 5.6 ohms. Also includ- 
ed are two different versions of 6.25:1 Baluns. One is 
a series-type using a 1.56:1 Unun in series with a 4:1 
Guanella Balun and the other a series-paralle] 








arrangement using two 4:1 Guanella Baluns. Because 
the series-parallel Balun adds voltages of equal 
delays, you'll find its high-frequency capability is 
much greater. 

The 9:1 Balun is a conventional Guanella Balun 
with three transmission lines connected in series at the 
high-impedance side and in parallel at the low-imped- 
ance side. Therefore, it also sums voltages of equal 
delays. Some of the comparisons and analyses of 
these 6.25:1 and 9:1 Baluns were probably published 
for the first time in my Winter 1993 Communications 
Quarterly article. 


Sec 11.2.1] 6.25:] Series-Type 
Baluns 


Figure 11-1 shows the schematic diagram of a series- 
type Balun designed to match 50-ohm cable to a bal- 
anced load of 312.5 ohms. It consists of a 1:1.56 
Unun in series with a 1:4 Guanella Balun. The overall 
ratio of 1:6.25 should satisfy most of the 1:6 require- 
ments. Photo 11-A shows three examples. All three 
Baluns use the same step-up Unun that has four 
quintufilar turns on a 1.5-inch OD ferrite toroid with a 
permeability of 250. Winding 9-10 is No. 14 H 
Thermaleze wire and the other four are No. 16 H 
Thermaleze wire. Because this Unun sums only one 
delayed voltage with four equal direct voltages, it has 
an excellent high-frequency response.” 

The Balun on the left in Photo 11-A has eight bifi- 
lar turns of No. 18 hook-up wire on each transmission 
line of its 1:4 Balun. The wires are further spaced 
with No. 18 Teflon tubing providing a characteristic 
impedance close to 150 ohms (the optimum value). 
The ferrite toroid has a 2.4-inch OD and a permeabili- 
ty of 250. When matching 50-ohm cable to a floating 


Photo 11-A. Three examples of 
series-type 1:6.25 Baluns. The 
Balun on the right, with a double- 
| core 1:4 Balun, has both a balanced 
voltage and current output. The 
other two only have balanced-cur- 
rent outputs. 


4:1 BALUN 


1.56:1 UNUN 





Figure 11-2. Schematic diagram of the series-type Balun 
with a 6,25:1 ratio designed to match 50 to 8 ohms. 


load of 312.5 ohms, the response is essentially flat 
from 1.7 to 30 MHz. Under matched conditions, 500 
watts of continuous power and | kW of peak power is 
a conservative power rating. Because the 1:4 Balun in 
this series-type 1:6.25 Balun uses only one core 
instead of two, this transformer should never be used 
when the load is grounded at its center. Also, it is not 
recommended for balanced antennas. This series-type 
Balun presents balanced currents, but does not present 
balanced voltages. 

The Balun in the center of Photo 11-A has seven 
bifilar turns of No. 16 SF Formvar wire on each trans- 
mission line on its 1:4 Balun. The wires are covered 
with Telfon sleeving and further separated by No. 16 
Teflon tubing. Like the Balun on the left, the charac- 
teristic impedance is also close to the objective of 150 
ohms. The toroid also has a 2.4-inch OD and a perme- 
ability of 250. When matching 50-ohm cable to a 
floating load of 312.5 ohms, the response is essential- 
ly flat from 3.5 to 30 MHz. Over this frequency range, 
this Balun can easily handle the full legal limit of 
amateur radio power. Because this Balun also presents 
balanced currents and not balanced voltages, it should 
not be used when the loads are balanced to ground or 
grounded at their centers. 

The Balun on the right in Photo 11-A has 14 bifilar 
turns of No. 16 SF Formvar wire on each of the two 
toroids of the 1:4 Balun. The wires are also covered 
with Teflon sleeving and further separated by No. 16 
Teflon tubing. For ease of connection, one core is 
wound clockwise and the other counterclockwise. 
The two cores are spaced 1/4 inch apart with acrylic 
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sections. When matching 50-ohm cable to a 312.5 
load that is either floating, balanced to ground, 
grounded at its center, or grounded at its bottom (a 
broadband Unun), the response is essentially flat from 
1.7 to 30 MHz. Under this matched condition, it can 
easily handle the full legal limit of amateur radio 
power. Furthermore, this is a true Balun because it 
presents equal currents and equal voltages. If one 
were to measure the voltages-to-ground, when match- 
ing into a balanced load, one would find them to be 
equal and opposite. The other two 1:6.25 Baluns 
using single-core 1:4 Baluns, would have equal cur- 
rents but not equal voltages (see Chapter 8). Because 
they are easier to construct, it would be interesting to 
compare them with a true Balun. 

Figure 11-2 shows the schematic diagram of a 
series-type Balun designed to match 50-ohm cable to 
a balanced load of 8 ohms (perhaps a short-boom 
Yagi). It consists of a 1.56:1 step-down Unun in series 
with a Guanella 4:1 step-down Balun. The overall 
ratio is 6.25:1. Photo 11-B shows two examples. Both 
Baluns use the same step-down Unun, which has four 
quintufilar turns on a 1.5-inch OD ferrite toroid with a 
permeability of 250. Winding 5-6 is No. 14H 
Thermaleze wire and the other four are No. 16 H 
Thermaleze wire. The interleaving of the wires is such 
that the performance is optimized for matching 50 to 
32 ohms. 





Photo 11-B. Two examples of the series-type 6.25:1 Balun 
optimized at the 50:8-ohm level. The Balun on the left is 
designed to match into a floating 8-ohm load. The Balun 
on the right is designed to match into an 8-ohm floating, 
center-tapped-to-ground or grounded load (Unun). 
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The Balun on the left in Photo 11-B has four turns 
of low-impedance coaxial cable on each transmission 
line on the single-core 4:1 Balun. The inner conductor 
is No. i4 H Thermaleze wire, and it has two layers of 
Scotch No. $2 polyimide tape. The outer braid is from 
a small coax (or 1/8-inch tubular braid) and is tightly 
wrapped with Scotch No. 92 tape to achieve the 17- 
ohm characteristic impedance (the optimum value). 
The ferrite toroid has a {.5-inch OD and a permeabili- 
ty of 250, When matching 50-ohm cable to a floating 
load of 8 ohms, the response is flat from 1 to 40 MHz. 
In a matched condition, this Balun can easily handle 
the full legal limit of amateur radio power. 

The Balun on the right in Photo 11-B has six turns 
of the same coaxial cable on each of the two cores of 
the Guanella step-down Balun. The cores also have a 
1.5-inch OD and a permeability of 250. The perfor- 
mance of this Balun is practically the same as the 
above with the single-core 4:1 Balun. The important 
differences are that this 6,25:1 Balun also performs 
equally well whether the load is center-tapped-to- 
ground, balanced-to-ground, or grounded at the bot- 
tom (a broadband Unun). This is the one recommend- 
ed for feeding a short-spaced Yagi beam antenna. 


Sec 11.2.2  6,25:1 Parallellype 
Baluns 


The 6.25:1 series-type Baluns described in the preced- 
ing section consisted of a 1.56:1 Unun, which is an 
extension of Ruthroff’s bootstrap approach for 
Ununs,? in series with a Guanella 4:1 Balun. The 





Figure 11-3. Schematic diagram of the paratlel-type 
Balun (and Unun) with a 6.25:1 ratio. The currents and 
voltages are shown for analysis purposes {see text), 


upper-frequency limit for this combination is really 
set by the Unun, which sums a delayed voltage with 
four direct voltages. The parallel-type 6.25:1 Bajuns 
described in this section are really extensions of 
Guanella’s approach, which sums voltages of equal 
delays. Therefore, the upper-frequency limit is mainly 
dependent upon the parasitics in the interconnections. 

The 6.25:1 parallel-type Balun uses two 4:1 
Guanella Baluns connected in paralle! on the low- 
impedance side and in series on the high-impedance 
side. As you will see, one of the Baluns is reversed, 
giving the desired ratio of 6.25:1, Other combinations 
can produce different fractional-ratios (other than 1:n2 
where n is 1, 2, 3,...}, like 2.25:1 and {.78:1. 
Because very little practical design information is 
available regarding this family of very broadband 
Baluns,26-27 this section also includes my high-fre- 
quency analysis of the 6.25:1 parallel-type Balun. It 
should also be pointed out that very lite sacrifice in 
performance occurs whether the load is grounded at 
its center or at the bottom (as an Unun). 

Figure 11-3 shows the coiled-wire version of the 
6.25:1 parallei-type Balun. For analysis purposes, the 
voltages and currents are also shown. As can be seen, 
the top 4:1 Balun is connected as a step-down Balun, 
while the bottom 4:1 Balun is connected as a step-up 
Baiun. The Baluns are in series on the high-imped- 
ance side (on the left) and in parallel on the low- 
impedance side (on the right). As Figure 11-3 illus- 
trates, the lower 1:4 Balun adds a current of 0.5], to 
the load, resulting in a total current of 2.51,. Thus, the 
impedance transformation ratio is 2.52, or 6.251. 

For maximum high-frequency response, each trans- 
mission line should see a toad equal to its characteris- 
tic impedance. In other words, they should he “flat” 
lines. If the high side on the left is 50 ohms, then 40 
ohms appears on the input of the top Balun and 10 
ohms on the input of the bottom Balun. Consequently, 
the optimum characteristic impedance for ail trans- 
mission lines is 20 chms. On the low-impedance side 
on the right, the top Balun wants to see 10 ohms, 
while the bottom Balun wants to see 40 ohms. 
Because 10 ohms in parallel with 40 ohms equals 8 
ohms, each Balun conveniently sees its ideal load and 
a broadband ratio of 6.25.1 is obtained. 

If the Balun is required to match 50-ohm cable (on 
the right. side} to a balanced load of 312.5 ohms (on 
the left side), the same analysis shows that the opti- 
mum characteristic impedance of all the transmission 
lines is 125 ohms. 


Photo 11-C. Two beaded-line 
versions of the parallel-type 
6.25:1 Balun (and Unun). The 
top transformer is designed to 
match 50-ohm cable to 8 ohms. 
The bottom transformer is 
designed to match 50-ohm cable 
to 312.5 ohms. 


Because the parallel-type Balun (or Unun) sums 
voltages of equal delays and, therefore, has no built-in 
high-frequency cut-off, it has a real advantage over 
the series-type Balun on the VHF bands and above. 
Furthermore, beaded transmission lines with low-per- 
meability ferrite beads (125 and less) can be used, 
resulting in high efficiencies. On the HF band, where 
coiled windings are generally used, the series-type 
Balun is preferred because of its simplicity. 

Photo 11-C shows two beaded-line 6.25:1 trans- 
formers. The top Balun, designed to match 50-ohm 
cable (on the left) to 8 ohms (on the right), uses low- 
impedance coaxial cable lines. The schematic diagram 
is shown in Figure 11-4. It has 5 inches of 0.375-inch 
OD beads (permeability 125) on four coaxial cables 
with characteristic impedances of 20 ohms. The inner- 
conductors of No. 12 H Thermaleze wire have two 
layers of Scotch No. 92 polyimide tape. The outer 
braids, from small coaxial cable or 1/8-inch tubular 
braid, are also wrapped tightly with the same tape in 
order to preserve the 20-ohm characteristic imped- 
ance. When matching 50 ohms to 8 ohms, the 
response is essentially flat from 10 MHz to beyond 
100 MHz (the limit of my simple bridge). Under this 
matched condition, this Balun can easily handle the 
full legal limit of amateur radio power. Furthermore, it 
has practically the same performance when operating 
as an Unun (both terminals | and 2 grounded). In the 
Unun application, the bottom transmission line has no 
voltage along it and, therefore, requires no beads. 

The bottom Balun in Photo 11-C, which is 
designed to match 50-ohm cable to a balanced load of 
312.5 ohms, has 8 inches of 0.5-inch OD beads on 
125-ohm twin-lead transmission lines. The ferrite 
beads also have a permeability of 125. The wires are 
No. 14 H Thermaleze wire and are covered with 
Teflon sleeving. They are further separated by No. 18 
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Figure 11-4. Schematic diagram of the coaxial-cable ver- 
sion of the parallel-type 6.25:1 Balun (and Unun). 


Teflon tubing. When matching 50-ohm cable (on the 
right side) to 312.5 ohms (on the left side), the 
response is essentially flat from 20 MHz to over 100 
MHz. Under this matched condition, this Balun can 
also easily handle the full legal limit of amateur radio 
power. Additionally, this transformer performs practi- 
cally as well when used as an Unun. 


Sec 11.3 9:1 Baluns 


The broadband 9:1 Balun, matching 50-ohm cable to 
a balanced load of 450 ohms, is one of the most diffi- 
cult ones to construct because high-impedance trans- 
mission lines (150 ohms) are required for maximum 
high-frequency response, and greater reactances 
are needed in order to isolate the input from the out- 
put. So one can appreciate the task at hand, this sec- 
tion also provides a brief review of the theory of 
these devices.2 

Figure 11-5 shows the high- and low-frequency 
models of the Guanella 9:1 Balun that connect three 
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transmission lines in series at the high-impedance side 
and in parallel at the low-impedance side. Because 
Guanella’s Baluns (which can be easily converted to 
Ununs) sum voltages of equal delays, they offer the 
highest frequency capability. 

The high-frequency model (Figure 11-5A) assumes 
there is sufficient choking reactance in the coiled (or 
beaded) transmission lines to isolate the input from 
the output and only allow transmission line currents to 
flow. Under this condition, the analysis is rather 
straightforward as it only involves transmission line 
theory. Simply stated—the maximum high-frequency 
response occurs when each transmission line is termi- 
nated in a load equal to its characteristic impedance, 
Z,. Thus, the transmission lines in the 9:1 Balun have 
no standing waves. Because each transmission line 
sees one third of the load, the optimum value of Z, is 
R, /3. Except for parasitics in the interconnections and 
self-resonances in coiled windings, Guanella’s ap- 
proach is literally “frequency independent.” 

On the other hand, the low-frequency analysis of the 
Guanella 9:1 Balun is most important because it 
reveals the major difficulty in designing them for low- 
loss, wideband operation. Figure 11-5B is the mode! 
for determining the low-frequency response. It as- 
sumes that no energy is transmitted to the load by a 
transmission line mode. Although the terminology 
and analysis is the same as that used for conventional 
autotransformers, the similarity ends when there is 
sufficient choking reactance to only allow for the effi- 
cient transmission line mode. 


As with conventional transformers, one can analyze 
the low-frequency response of the 9:1 Balun from 
either the low- or high-impedance side. By putting the 
generator on the low-impedance side in Figure 11-5B, 
I’ve chosen to analyze it from that side. With the out- 
put open-circuited, the generator sees four coiled (or 
beaded) lines connected in series-parallel. The net 
result is that the generator sees the reactance of only 
one coiled (or beaded) line. To prevent a shunting cur- 
rent to ground (and/or autotransformer operation), the 
reactance the generator sees should be much greater 
than Ry {at least by a factor of 10 at the lowest fre- 
quency of interest). The inductance of the coiled or 
beaded line that prevents the unwanted currents is still 
known as the magnetizing inductance, Ly. 

What’s important to note here is that the low-fre- 
quency model of the Guanella 4:1 Balun does not 
have the series-parallel combination of coiled or bead- 
ed lines.? Only two lines, which are in series, exist in 
its model. Therefore, for a two-core Guanella 4:3 
Balun having the same number of turns (and same 
cores) as a 9:1 Guanella Balun, its low-frequency 
response is better by a factor of two! 

Another advantage that goes to the Guaneila 4:1 
Balun when matching 50 to 200 ohms, is in the num- 
ber of turns that can be wound on the same cores. 
Since 4:1 Baluns require characteristic impedances of 
100 ohms (instead of 150), the width of the transmis- 
sion lines is considerably less, thus allowing for more 
turns, Also, as will be shown later, the efficiency of 
the 4:1 Balun is greater because the potential drops 





Figure 11-5. Models of Guanella's 1:9 Balun, The high-frequency model, {A}, assumes that Z, = Rj /3, and therefore V>, the 
output of each transmission line, equals V;. The low-frequency model, (B), assumes no energy is transmitted to the load, Ry, 
by a transmission line mode. 





along the transmission lines are lower (less dielectric 
loss). Finally, as you can see from Figure 11-5B, by 
also grounding terminal 2 (Unun operation), windings 
1-2 and 3-4 are both shorted—degrading the low-fre- 
quency response because Ly is reduced by one third. 

Another interesting analysis with Baluns and Ununs 
concerns the potential gradients (voltage drops) along 
the transmission lines. Because the loss with these 
transformers, when transferring the energy via a trans- 
mission line mode, is a dielectric-type (voltage depen- 
dent), the higher the gradient, the greater the loss. The 
interesting cases occur when the load is: a) floating, 
b) grounded at the center, and c) grounded at the bot- 
tom (an Unun). 

Floating load. With terminal 13 in Figure 11-5A 
ungrounded, the top transmission line has a gradient 
of +V, and the bottom transmission line has a gradi- 
ent of —V ,. The center transmission line has a gradient 
of zero. Therefore, the center transmission line only 
acts as a delay line and doesn’t require a magnetic 
core or beads. As a result, the top and bottom cores 
(or beads) account for the dielectric loss. 

Load grounded at the center. With terminal 13 
grounded at the center of the load, the top transmis- 
sion line has a gradient of +V,, the bottom transmis- 
sion line has a gradient of —V,, and the center trans- 
mission line has a gradient of —-V,/2. This configura- 
tion results in about 25 percent more loss because of 
the extra gradient along the center transmission line. 
Incidentally, this condition exists when matching into 
balanced systems like 450-ohm transmission lines or 
antennas because they have virtual grounds at the cen- 
ter of the loads they present. 

Load grounded at the bottom. With terminal 13 
grounded at the bottom of the load (an Unun), the top 
and center transmission lines have gradients of +Vj. 
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Photo 11-D. Three broadband 
Guanella 9:1 Baluns designed to 
match 50-ohm cable to 450 
ohms. The transformer on the 
left, using No. 18 hook-up wire, 
can handle 500 watts from 1.7 to 
45 MHz. The transformer in the 
center, using No. 16 wire, can 
handle I kW from 3.5 to 45 MHz. 
The transformer on the right 
(with larger cores), using No. 16 
wire, can handle 1 kW from 1.7 
to 45 MHz. 


The bottom transmission line has no gradient and, 
therefore, no loss. It only acts as a delay line and thus 
requires no magnetic core or beads. 


Sec 11.3.1 Some Practical 9:1 


Balun Designs 


Photo 11-D shows three versions of the broadband 
Guanella 9:1 Balun designed to match 50-ohm cable 
to 450-ohm loads. The transformer on the left has 15 
bifilar turns of No. 18 hook-up wire on each of the 
three ferrite toroids with a 2.4-inch OD and perme- 
ability of 250. The wires are further separated by No. 
16 Teflon tubing, resulting in a characteristic imped- 
ance close to 150 ohms (the optimum value). The 
cores in this Balun, as well as the other two that fol- 
low, are spaced 1/4 inch apart by sections of acrylic. 
In matching 50 to 450 ohms, the response is essential- 
ly flat from 1.7 to 45 MHz. In this matched condition, 
this transformer can easily handle 500 watts of contin- 
uous power and | kW of peak power. 

The transformer in the center of Photo 11-D has 
14 bifilar turns of No. 16 SF Formvar wire on each 
of the three ferrite toroids with a 2.4-inch OD and 
permeability of 250. The wires are covered with 
Teflon sleeving and further separated by No. 16 
Teflon tubing. The characteristic impedance is also 
close to the optimum value of 150 ohms. In matching 
50 to 450 ohms, the response is essentially flat from 
3.5 to 45 MHz. In this matched condition, this trans- 
former can easily handle 1 kW of continuous power 
and 2 kW of peak power. Photo 11-E shows this 
Balun mounted in a minibox 6 inches long by 5 inch- 
es wide by 4 inches high. 

The transformer on the right in Photo 11-D is de- 
signed to handle 1 kW of continuous power and 2 kW 
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Photo 11-E. The Guanella 9:1 Balun shown mounted in a 
large minibox. 


of peak power from 1.7 to 45 MHz. Because this 
transformer uses larger cores with slightly higher per- 
meabilities (2.68-inch OD and 290 permeability), 
which are not as popular as those used in the other 
two Baluns, it is much more expensive to construct. It 
has 16 bifilar turns of No. 16 SF Formvar wire on 
each toroid. The wires are covered with No. 16 Teflon 
sleeving and further separated with No. 16 Teflon tub- 
ing. In matching 50 to 450 ohms, the response is flat 
from 1.7 to 45 MHz. 

Finally, Figure 11-6 shows the schematic diagram 
of a 9:1 Balun (or Unun) using coaxial cables wound 
around ferrite cores or threaded through ferrite beads. 
This form of the transformer is especially useful when 
matching 50-ohm cable to 5.6 ohms because the chok- 
ing reactance of the magnetizing inductance, Ly, only 
need be much greater than 5.6 ohms. Photo 11-F 
shows two different designs. 

The transformer on the top has 9 1/2 turns of low- 
impedance coaxial cable on each rod. The rods are 1/2 
inch in diameter, 2 1/2 inches long, and have a perme- 
ability of 125. The low-frequency response of this 
Balun is quite insensitive to the length and permeabil- 
ity of the rods.2 The inner conductors of the coaxial 
cables are No. 12 H Thermaleze wire with two layers 
of Scotch No. 92 tape. The outer braids are made 
from small coax (or 1/8-inch tubular braid). They are 
further wrapped with Scotch No. 92 tape to preserve 
the low-impedance of 17 ohms. In matching 50-ohm 
cable to 5.6 ohms, the response is essentially flat from 
1.7 to 30 MHz. The optimum impedance level was 


found when matching 40 to 4.45 ohms. The addition 
of another layer of Scotch No. 92 tape would optimize 
this transformer at the 50:56-ohm level, and the high- 
frequency response would exceed 100 MHz. This 
transformer is very efficient and should handle the full 
legal limit of amateur radio power easily. 

The bottom transformer in Photo 11-F is designed 
to match 50-ohm cable to a load of 5.6 ohms in the 
VHF band. It uses 3 1/2 inches of beads on three low- 
impedance coaxial cables. The ferrite beads have an 
OD of 3/8 inch and a permeability of 125. The inner 
conductors of the coaxes are No. 12 H Thermaleze 
wire with one layer of Scotch No. 92 tape. The outer 
conductors are from small coaxes or 1/8-inch tubular 
braid, and are also tightly wrapped with Scotch No. 
92 tape to preserve the low characteristic impedance. 
In matching 50-ohm cable to 5.6 ohms, the response 
is essentially flat from 7 MHz to over 100 MHz (the 
limit of my test equipment). This 9:1 Balun (which 
can be used as an Unun) can handle the full legal limit 
of amateur radio power under matched conditions, 
because of the low-permeability beads and the low- 
voltage gradients along the lengths of its transmis- 
sion lines. 


Sec 11.4 Concluding Remarks on 
6:1 and 9:1 Baluns 


One of the most important properties of broadband 
Baluns and Ununs (which all use ferrites) is their 
capability of having extremely high efficiencies. 
Knowing the loss mechanism in these transformers 
and the trade-off in low-frequency response for effi- 
ciency allows one to optimize their applications. In 
the paragraphs that follow, I'll discuss the losses and 





Figure 11-6, Schematic diagram of a coaxial cable (bead- 
ed or coiled) 9:1 Guanella Balun (or Unun). This design is 
especially useful in matching 50-ohm cable to 5.6 ohms 
over a very wide bandwidth. 


trade-offs involved with the transformers presented in 
the preceding sections. The approach used here should 
be applicable to all forms of transmission line trans- 
formers. This section ends with a review of two arti- 
cles that contained 9:1 Baluns. As you’ll see, I have 
some rather different views on the claims made in 
these articles. 

Accurate measurements on many broadband Ununs 
have found the losses to be related to the permeability 
and the impedance level.” Permeabilities greater than 
300 resulted in excessive losses. Because these losses 
are unlike the conventional transformer whose losses 
are current-dependent, it can only be assumed that 
their losses are voltage dependent; in other words a 
dielectric-type loss. Therefore, higher-impedance 
transformers have higher voltage gradients along their 
transmission line and, thus, have greater losses. Addi- 
tionally, it was found that the higher the permeability, 
the greater the loss with frequency. Taking into 
account the accurate measurements and the factors 
noted above, I offer these loss values for the trans- 
formers in the preceding sections: 

1.56:1 Ununs. The 1.56:1 Ununs (either step-up or 
step-down) used in series with Guanella 4:1 Baluns to 
form 6.25:1 Baluns have the lowest potential gradients 
along their transmission lines. Voltage drops of only 
about 0.2 V,, where V, is the input voltage, exist 
along their transmission lines. Accurate measurements 
have shown losses, in a matched condition, of only 
0.04 dB. If the cores, which have a permeability of 
250, were replaced with cores having a permeability 
of 125, the losses could be as low as 0.02 dB over 
much of the passband. The low-frequency response 
would still be acceptable at 1.7 MHz. This Unun is a 
natural for matching into 75-ohm hard line when long 
transmission lines are required. 

6.25:1 and 9:1 Low-impedance Baluns. Baluns 
matching 50-ohm cable to 8 or 5.6 ohms, also have 
very low voltage drops along their transmission lines. 
Generally, they are about twice that of the 1.56:1 
Unun. Therefore, the losses with these Baluns should 
be on the order of 0.1 dB in their passbands. 

6.25:1 High-impedance Baluns. The losses in the 
series-type Baluns are mainly in the 1:4 Guanella 
Baluns, which have potential gradients of about 1.25 
V,, where V, is the input voltage. From previous 
measurements at this impedance level, the suggestion 
is that the losses (with ferrites of 250 permeability) 
should be about 0.1 dB at 7 MHz and 0.2 dB at 30 
MHz. By using toroids with permeabilities of 125, 
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the losses could be 0.07 dB and 0.15 dB, respective- 
ly. However, with a permeability of 40, the losses 
could be as low as 0.05 dB within the passband. 
However, one must consider the sacrifice in low-fre- 
quency response incurred when using these lower- 
permeability ferrites. With a permeability of 125, it’s 
poorer by a factor of 2. With a permeability of 40, 
it’s poorer by a factor of 8! The 6.25:1 parallel-type 
Balun in this article uses ferrite beads with a perme- 
ability of 125 and, therefore, should have losses simi- 
lar to its series-type counterpart. 

9:1 High-impedance Baluns. As was shown in the 
preceding section, the potential gradient along two of 
the transmission lines is V,, where Vj is the input 
voltage. The third transmission line, with a balanced 
load (or as an Unun), has no potential gradient and, 
consequently, no loss in its core. Because the loss with 
the series-type Balun mainly exists in one core, the 
loss with the 1:9 Balun should be a little less than 
twice as great. With ferrite cores of 250 permeability, 
the suggested losses are 0.2 dB at 7 MHz and 0.4 dB 
at 30 MHz. With cores of 125 permeability, the losses 
are about 0.14 and 0.28 dB, respectively. Again, by 
using cores with permeabilities of 40, the losses are 
practically negligible—approximately 0.1 dB within 
its passband. 

As in the case of the 1:6.25 Baluns above, similar 
trade-offs occur in the low-frequency response. That is, 
if 125 permeability cores are used, the low-frequency 
response is poorer by a factor of 2; with 40 permeabili- 
ty cores, it’s poorer by a factor of 8. The major differ- 
ence here is that the low-frequency performance of the 





Photo 11-F. Two versions of the coaxial-cable 9:1 
Guanella Balun (or Unun) designed to match 50-ohm 
cable to 5.6 ohms 
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431.33 UNUN 





1 2 
1:9 BALUN 


Figure 11-7. Schematic diagram of the series-type 12:1 Balun using a 1:1.33 Unun in series with a 1:9 Guanella Balun. 


9:} Balun, as seen by its low-frequency model, isn’t as 
good as the 4:1 Balun that controls the low-frequency 
response of the series-type 1:6.25 Balun. Additionally, 
it should be pointed out that all of the suggested losses 
for the transformers in this chapter are for matched 
conditions-—that is with VSWRs of 1:1. If the VSWR 
is 2:1 due to a load twice as large as the objective, the 
input voltage to the Balun increases by about 40 per- 
cent. Therefore, the losses should increase by close to 
the same percentage. 

In closing this section, | would like to report my 
findings on two recent articles in amateur radio jour- 
nals that also described 9:1 Baluns matching 50-chm 
cable to 450 ohms. One? advocated using three 150- 
ohm coaxial cables threaded through high-permeabili- 
ty ferrite beads—a 9:1 Guanella Balen. Because of 
the low voltage-breakdown capability of the coaxial 
cable and the high loss found by accurate measure- 
ments on Ununs using these high-permeability fer- 
rites, the design was suspect. I built a copy of the 
design and found it to be, as expected, unable to han- 
dle any appreciable power. The second article?’ advo- 
cated using 14 trifilar turns of “magnet wire” on a 2- 
inch OD powdered-iron core (permeability of 10). 
This Balun was also constructed and tested. Again, as 
was expected, when matching 50-ohm cable to a 
floating load of 450 ohms, the 9:1 Balun barely 
reached a true 9:1 ratio at 7 MHz. Above 7 MHz, the 
ratio became greater than 9:1 and also introduced a 


reactive component. Below 7 MHz, there was insuffi- 
cient choking reactance to prevent flux in the core. 
My three objections to this design are: 1) a trifilar 
design has a poor high-frequency response because it 
sums a direct voltage with a delayed voltage that tra- 
verses a single transmission line and a delayed voltage 
that traverses two transmission lines, 2) the character- 
istic impedances of the transmission lines are only 50 
ohms {the objective is 150 ohms), and 3) the low-fre- 
quency response is poor because of the Jow-perme- 
ability powdered-iron core. I do not recommend either 
of the designs in these two articles. 


Sec 11.5 12:] Baluns 


Over the years, the broadband, 12:1 Balun has been of 
special interest 10 users of rhombic and V antennas. 
With the aid of this Balun, certain advantages over 
multi-element arrays can be fully exploited. Rhombics 
and Vs are easier to construct, both electrically and 
mechanically, and there are no particularly critical 
dimensions or adjustments. Furthermore, they give 
satisfactory gain and directivity over a 2-to-1 frequen- 
cy range. These antennas have also been found to be 
more effective in reception. Because their designs can 
present input impedances of 600 chms, and very long 
lengths of highly efficient 600-ohm open-wire line 
can be used between the shack and the antenna, an 
efficient and broadband 12:1 Balun is a natural for 
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Photo 11-G. Top view of the high-power 12:1 Balun. 


this application. However, to my knowledge, satisfac- 
tory Baluns have not been available for this use. 

I will present two versions of a series-type Balun 
designed to match 50-ohm cable to a balanced load of 
600 ohms. One is a high-power unit designed to han- 
dle the full legal limit of amateur radio power over a 
bandwidth of 7 to 30 MHz. The other is a medium- 
power unit capable of handling approximately one- 
half the legal limit of amateur radio power from 3.5 to 
30 MHz. Both Baluns use a 1:1.33 Unun in series 
with a 1:9 Guanella Balun. 

As you will see, these Baluns are not especially 
easy to design and construct. The major difficulties lie 
in trying to obtain sufficient choking reactances in the 
coiled windings to meet the low-frequency require- 
ments, and large enough characteristic impedances of 
the windings to meet the high-frequency require- 
ments. Because a coiled winding with a characteristic 
impedance of 200 ohms (the objective) is practically 
impossible to obtain with any reasonable wire size 
and number of turns, I used the compensating tech- 
nique first described in my book.? Because the char- 
acteristic impedances of the 9:1 Guanella Balun are 
somewhat less than 200 ohms, a compensating effect 
(and hence higher frequency response) can be ob- 
tained by having a higher (than the normal objective) 
characteristic impedance of the windings in the 1:1.33 
Unun. Earlier work (also described in my book) pre- 
sented a 12:1 Balun using a 1:3 Unun in series with a 


Photo 11-H. Side view of the high-power 12:1 Balun. 


1:4 Ruthroff Balun. The Baluns presented in this sec- 
tion using a 1:1.33 Unun in series with a Guanella 1:9 
Balun, are much improved designs. 


Sec 11.5.1 A High-power 


12:1 Balun 


Figure 11-7 shows the schematic diagram of the 
series-type 12:1 Balun used in both the high- and 
medium-power versions. Photo 11-G shows a top 
view of the high-power Balun. Photo 11-H shows a 
side view. 

The 1:1.33 Unun has 5 quintufilar turns on a 1.5- 
inch OD ferrite toroid with a permeability of 250. 
Winding 7-8 is No. 14 H Thermaleze wire and the 
other four are No. 16 H Thermaleze wire. Winding 7- 
8 is also tapped at 3 turns from terminal 7. 

The 1:9 Guanella Balun has 8 bifilar turns of tinned 
No. 16 wire on each of the three toroids. Each wire is 
covered with Teflon tubing and further separated by 
two Teflon tubings. The characteristic impedance of 
the windings is about 190 ohms (the objective is 200 
ohms). The ferrite toroids have an OD of 2.4 inches 
and a permeability of 250. The spacing between the 
toroids is 1/2 inch. 

In matching 50-ohm cable to a balanced load of 600 
ohms, the response is literally flat (within a percent or 
two) from 7 to 30 MHz. Within this bandwidth, it is 
capable of handling the full legal limit of amateur 
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radio power. In a matched condition, the expected 
insertion loss is about 0.25 dB. 


Sec 11.5.2 A Medium-power 
12:1 Balun 


Photo 11-I shows the top view of the medium-power 
12:1 series-type Balun. Photo 11-J shows the side 
view. This Balun also has the same 1:1.33 Unun as 
described earlier. 

The 1:9 Guanella Balun has 11 bifilar turns of No. 18 
hook-up wire on each toroid. The wires are further sep- 
arated by two No. 18 Teflon tubings. The characteristic 
impedance of the windings is about 170 ohms. The 
toroids have an OD of 2.4 inches and a permeability of 
250. The spacing between the toroids is also 1/2 inch. 

In matching 50-ohm cable to a balanced load of 600 
ohms, the response varies less than 5 percent from 3.5 
to 30 MHz. Within this bandwidth, the Balun can han- 
dle about one-half the legal limit of amateur radio 
power. As with the high-power version, the expected 
insertion loss is also 0.25 dB. 


Sec 11.6 Concluding Remarks on 
12:1 Baluns 


Many of the concluding remarks from the discussion 
on 6:1 and 9:1 Baluns (See 11.4) also apply to 12:1 
Baluns; therefore, I won’t repeat them here. But the 
following four remarks are specific to 12:1 Baluns 
and warrant mentioning: 

First, high-impedance transmission line transform- 
ers like the 12:1 Balun are particularly sensitive to 





Photo 11-J. Side view of the medium-power 12:1 Balun. 


metallic enclosures. If a minibox were to be used, I 
would suggest the one shown in Photo 11-E, which is 
6 inches long by 5 inches wide by 4 inches high. 
Smaller metallic enclosures would reduce the charac- 
teristic impedances of the windings and affect the 
high-frequency response. Even the spacing between 
cores had to be increased from 1/4 inch (for a 50:450- 
ohm Balun) to 1/2 inch. The subchassis shown in the 
photographs were used because they provided the 
necessary electrical and mechanical support. 

Second, the 12:1 Baluns described in this section 
also make excellent Ununs, albeit with some compro- 
mise in the low-frequency response. I would suggest 
using the high-power unit only between 14 and 30 
MHz and the medium-power unit only between 7 and 
30 MHz. 

Third, for the readers interested in VHF operation, I 
would suggest the parallel-type approach described in 
the earlier section on 6:1 Baluns. In this case, a 9:1 
Guanella Balun is connected in series-parallel with a 
1:4 Guanella Balun. This would produce a broadband 
ratio of 12.25:1. By using 170-ohm twin-lead (about 
10 inches long) threaded through ferrite beads with a 
permeability of 125, it appears that it is possible to 
match 50-ohm cable to a balanced load of 612.5 ohms 
throughout the VHF band. 

Fourth, by using torids with a permeability of 125 in 
the 1:9 Guanella Baluns (of the 12:1 Baluns), the 
insertion loss would be reduced by around one half 
(0.12 dB), with a trade-off in low-frequency response. 
The high-power unit would now cover about 10 to 30 
MHz, and the medium-power Balun would cover 
about 7 to 30 MHz. 


The 4:] Unun 


Sec 12.1 Introduction 


om an analysis standpoint, the 4:1 Unun can be 
B= to have received the most attention in the 

literature. It began with Ruthroff’s introduction 
and complete analysis of this device in his classic 
paper published in 1959.9 Ruthroff’s paper then 
became the industry standard for this class of devices 
known as transmission line transformers, These are 
devices that transmit the energy from the input to the 
output by an efficient transmission line mode, and not 
by flux linkages (as in conventional transformers). 

However [5 years earlier, Guanella had introduced, 
in his classic 1944 paper, the first broadband Baluns 
by combining coiled transmission fines in a series- 
parallel arrangement, yielding ratios of {:n* where n = 
1, 2, 3,... and so on. It has also been shown that 
Guanella’s technique also lends itself to Ununs as 
well.? In fact, in this chapter, you will see that his 
technique of summing voltages of equal delays 
promises to yield high-power designs capable of oper- 
ating on the VHF and UHF bands. 

The 4:1 Unun also exemplifies (more than any other 
transformer) the many choices that can be made in its 
design. These include: 1) Ruthroff’s or Guanella's 
designs, 2) wire or coaxial cable transmission lines, 3) 
coiled or beaded lines, 4) rods or toroids, 5) low- 
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power or high-power designs, 6) HF, VHF, or UHF 
designs, and 7) the trade-offs in efficiency for low-fre- 
quency response or for high VSWR. The 4:] Unun is 
the most prevalent of all the Ununs. It finds extensive 
use in solid-state circuits and in many antenna appli- 
cations involving the matching of ground-fed anten- 
nas—-where impedances of 12 to 13 ohms must be 
matched to 50-ohm coaxial cable. This chapter pro- 
vides information on many 4:1 Unun designs. 


Sec 12.2 The Ruthroff 4:1 Unun 


Figure 12-1 illustrates two versions of Ruthroff’s 
approach to obtaining a 4:1 unbalanced-to-unbalanced 
transformer (Unun). As can be seen, one uses a coiled 
wire transmission line, while the other uses a coiled 
coaxial cable. Depending upon the frequency, beaded 
transmission lines may also be used. 

Ruthroff’s design uses a single transmission line 
connected in, what I call, the bootstrap configuration. 
That is, terminal 2 is connected to terminal 3, lifting 
the transmission line {at the high-impedance side) by 
the voltage V). If the reactance of the coiled winding 
or beaded line is much greater than Rg, then only 
flux-canceling transmission line currents are allowed 
to flow. Ht is also apparent that the output voltage is 
the sum of a direct voltage, V;, and a delayed voltage, 


Figure 12-1. The Ruthroff 
4:1 Unun (Ryp=4Rg): (A} 
coiled bifilar winding; (B) 
coiled coaxial cable, 
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V>, which traverses a single transmission line. This 
delay in V> eventually limits the high-frequency 
response. For example, if the electrical length of the 
line is a 1/2 wave, the output is zero. Ruthroff also 
found that the optimum value of the characteristic 
impedance of the transmission line (for maximum 
high-frequency response) is R, /2. 

Therefore, the electrical length and characteristic 
impedance of the transmission line play major roles in 
Ruthroff’s design. Because his work was mainly con- 
cerned with small-signal applications, Ruthroff was 
able to obtain broad bands of a few tens of kilohertz 
to over a thousand megahertz. This was possible 
because he used a few turns (5 to 10) of fine wire 
(Nos. 37 and 38) on high-permeability toroids as 
small as 0.08 inches in OD. As a result, the phase- 
delay with these very short transmission lines was 
very small. However, large-signal (power) applica- 
tions present an entirely different picture. For opera- 
tion in the HF band (including 160 meters), transmis- 
sion lines vary between one to three feet in length 
(depending upon impedance level). Consequently, 


Photo 12-B. Two higher-imped- 
ance Ruthroff 4:1 Ununs: 100:25- 
ohm (on the left); 200:50-ohm (on 
the right). 


Photo 12-A. Two versions of the 
Ruthroff 4:1 (50:12.5-ohm) Unun: 
coiled wire rod (on the left); coiled 
coaxial cable toroid (on the right). 


phase-delay can play a major role, as will be seen in 
the following examples. 


Sec. 12.2.1 50:12.5-ohm Ununs 


Photo 12-A shows two examples of efficient and 
broadband 4:1 Ununs matching 50 to 12.5 ohms. The 
rod version (on the left) has 14 bifilar turns of No. 14 H 
Thermaleze wire on a low-permeability (125) ferrite 
rod 0.375 inches in diameter and 3.5 inches long. The 
connections are shown in Figure 12-1A. The cable 
connector is on the low-impedance side. The response 
is flat from 1.5 to 30 MHz. In a matched condition, this 
Unun can easily handle the full legal limit of amateur 
radio power. Because a tightly wound rod Unun yields 
a characteristic impedance very close to 25 ohms (the 
optimum value), this is quite likely the easiest one to 
construct that covers the above bandwidth. 

The toroidal version (on the right in Photo 12-A) 
has 6 turns of homemade, low-impedance coaxial 
cable on a 1.5-inch OD ferrite toroid with a perme- 
ability of 250. The connections are shown in Figure 








12-1B. The cable connector is on the low-impedance 
side. The inner conductor is No. 14 H Thermaleze 


wire and is covered with Teflon tubing. The outer 
braid is from a small coaxial cable (or from 1/8-inch 
tubular braid) tightly wrapped with Scotch No. 92 
tape in order to obtain the desired characteristic 
impedance. In matching 50 to 12.5 ohms, the response 
is flat from 1.5 to 50 MHz. Because the current is 
evenly distributed on the inner conductor, this small 
Unun has an exceptionally high power capability—at 
least 5 kW of continuous power and 10 kW of peak 
power (in a matched condition). 


Sec 12.2.2. 100:25-ohm Unun 


In some combiner applications, an Unun matching 
100 to 25 ohms is required. The smaller toroidal ver- 
sion, pictured on the left in Photo 12-B, shows a 
Ruthroff design that can satisfy many of these require- 
ments. It has 8 bifilar turns of No. 14 H Thermaleze 
wire on a 1.5-inch OD ferrite toroid with a permeabil- 
ity of 250. One wire is also covered with a single 
layer of Scotch No. 92 tape, providing a characteristic 
impedance close to the desired value of 50 ohms. In 
matching 100 to 25 ohms, the response is essentially 
flat from 1.5 to 30 MHz. This Unun can easily handle 
the full legal limit of amateur radio power. 


Sec 12.2.3. 200:50-ohm Unun 


When dealing with this type of Balun, the Ruthroff 
approach cannot yield the broadband response of the 
lower-impedance designs shown above. Because more 
turns are required in order to obtain the necessary 
choking reactance, and a 100-ohm characteristic 
impedance that requires more spacing between the 
wires is used, the cores must be considerably larger. 
This results in longer transmission lines. Consequent- 
ly, the high-frequency response is now limited by the 
greater phase delay of this high-impedance Unun. 

The larger transformer, shown on the right in Photo 
12-B is my optimized version of a Ruthroff 200:50- 
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Figure 12-2. The Guanella 4:1] 
Unun (R,=4RG): (A) coiled 
bifilar windings; (B) coiled or 
beaded coaxial cables. 


ohm Unun. It has 16 bifilar turns of No. 14 H 
Thermaleze wire on a low-permeability (250) 2.4-inch 
OD ferrite toroid. Each wire is covered with Teflon 
tubing, resulting in a characteristic impedance of 97 
ohms. Because of the long transmission line (36 inch- 
es), the impedance transformation ratio (in matching 
200 ohms to 50 ohms) varies from 4 to 4.44 from 1.5 
to 30 MHz. A conservative power rating (under a 
matched condition) is 2 kW of continuous power and 
4 kW of peak power. Because this higher-impedance 
Unun has a larger voltage drop along the length of its 
windings, its loss (a dielectric-type?) is a little greater 
than the lower-impedance Ununs described earlier. In 
a matched condition, the efficiency is about 97 per- 
cent, while the others experience efficiencies of 98 to 
99 percent. 


Sec 12.3 The Guanella 4:1 Unun 


Even though Guanella’s investigation? was directed 
toward developing a broadband Balun to match the 
balanced output of a 100-watt, push-pull, vacuum- 
tube amplifier to the unbalanced load of a coaxial 





Photo 12-C. Two Guanella 4:] (50:12.5-ohm) Ununs: rod 
version (on the top), 1.5 to 50 MHz; beaded version (on 
the bottom), 10 MHz to over 100 MHz. 
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cable, his technique of connecting transmission lines 
in a parallel-series arrangement has only recently been 
recognized as the design for the widest possible band- 
width in an unbalanced-to-unbalanced application.? 
Some have labeled his approach the “equal-delay net- 
work”.26 The major difference in Guanella’s approach 
(from Ruthroff’s) is that by summing the equal-delay 
voltages of coiled (or beaded) transmission lines, he 
minimizes the dependence of the high-frequency 
response on the lengths of the transmission lines. As 
was mentioned before, Ruthroff’s method of summing 
a direct voltage with a delayed voltage that traversed a 
single transmission line has a limited application, 
especially with high-power, high-impedance Ununs 
(like 200:50 and 300:75 ohms). 

Furthermore, Guanella’s approach is also important 
in designing high- and low-impedance Baluns and 
Ununs with impedance transformation ratios other 
than 4:1, Connecting three transmission lines in paral- 
lel-series results in a 9:1 ratio, four in a 16:1. Also by 
connecting a fractional-ratio Unun in series with his 
Baluns, or by using various combinations of parallel- 
series transmission lines,2627 Ununs and Baluns are 
now available with a continuum of ratios from 1.36:1 
to 16:1. Moreover, these ratios now make it possible 
to match 50-ohm cable to impedances as low as 3.125 
ohms and as high as 800 ohms. A major factor in the 
success of these designs rests in the understanding of 
the low-frequency models of these various transform- 
ers.2 This section looks at the 4:1 Unun using 
Guanella’s approach. As in the Ruthroff case, the opti- 





Photo 12-D. Two higher-impedance Guanella 4:] Ununs: 
100:25-ohm (on the left); 200:50-ohm (on the right). 


mum value of the characteristic impedances of the 
transmission lines for a Guanella 4:1 transformer is 
also R, /2. 


Sec 12.3.1 50:12.5-ohm Ununs 


Figure 12-2 shows the schematic diagrams of the 
coiled-wire and coaxial cable (coiled or beaded) ver- 
sions of 4:1 Ununs using Guanella’s technique of con- 
necting transmission lines in parallel-series arrange- 
ments. As can be seen in Figure 12-2, the lower trans- 
mission lines are grounded at both ends and, there- 
fore, have no potential drop along their lengths. Thus, 
the coiling or beading has no effect. The core only 
acts as a mechanical support and the beads can be 
removed. In essence, the bottom transmission line 
plays the important role of a delay line. In addition, 
the low-frequency response of this form of Unun is 
solely determined by the reactance of the top coiled or 
beaded transmission line. 

The top Unun in Photo 12-C shows a rod version of 
Guanella’s 4:1 Unun. There are 13.5 bifilar turns of 
No. 14 H Thermaleze wire on low-permeability (125) 
ferrite rods 0.375 inches in diameter and 3.5 inches 
long. For ease of connection, one winding is clock- 
wise and the other is counterclockwise. The cable 
connector is on the high-impedance side. In matching 
50 to 12.5 ohms, the response is flat from 1.5 to over 
50 MHz! This Unun, in a matched condition, is capa- 
ble of handling the full legal limit of amateur radio 
power. Furthermore, with the 50-ohm generator on the 
right (in Figure 12-2A) and a 12.5-ohm balanced load 
on the left (perhaps a Yagi beam), this transformer 
makes an excellent step-down Balun. 

The bottom transformer in Photo 12-C shows a 
beaded-coax version of a 50:12.5-ohm step-down 
Unun designed for 2-meter operation. It has 3.5 inch- 
es of beaded coax on the top transmission line 
(Figure 12-2B) and no beads on the bottom transmis- 
sion line. (Actually, the bottom rod in Figure 12-2A 
can also be removed with no change in performance.) 
The beads are low-permeability (125) ferrite. The 
inner conductor of the coaxial cable is No. 12 H 
Thermaleze wire with about 3.5 layers of Scotch No. 
92 tape (two 0.5-inch tapes wound edgewise like a 
window shade), providing a characteristic impedance 
close to the optimum value. The outer braid is from a 
small coaxial cable (or from 1/8-inch tubular braid). 
This homemade coax is further wrapped tightly with 
Scotch No. 92 tape in order to preserve its low charac- 
teristic impedance. The cable connector is on the low- 


impedance side. The response of this Unun is essen- 
tially flat from 10 to 100 MHz (the limit of my 
bridge). It can also (easily) handle the full legal limit 
of amateur radio power. 


Sec 12.3.2 100:25-ohm Unun 


The Unun on the left in Phote 12-D is a Guanella 
version that matches 100 to 25 ohms. There are 8 
bifilar turns of No. 14 H Thermaleze wire on each 
1,5-inch OD low-permeability (250) toroid. One 
toroid is wound clockwise and the other is wound 
counterclockwise. One of the wires (on each toroid) 
is covered with one layer of Scotch No. 92 tape. The 
cable connector is on the low-impedance side. The 
response is flat from 1.5 MHz to well over 30 MHz. 
This Unun can also handle the full legal limit of ama- 
teur radio power. 

It is interesting to note that when used as a Balun 
(the ground removed from terminal 2), and placed in 
series (on the left side) with a 1.78:1 Unun (see 
Chapter 13), this compound arrangement provides an 
excellent Balun for matching 50-ohm coaxial cable 
directly to quad antennas having impedances of 100 to 
110 ohms. 


Sec 12.3.3 200:50-ohm Unun 


The transformer on the right in Phote 12-D is an 
excellent Unun (or Balun with terminal 2 removed 
from ground) for matching 50 te 200 ohms. it has 14 
bifilar turns of No. 14 H Thermaleze wire on each 
low-permeability (250) toroid with a 2.4-inch OD. 
Each wire is covered with Tefion tubing, providing a 
characteristic impedance of 98 ohms {which is quite 
good because the optimum yalue is 100). Again, for 
ease of connection, one winding is clockwise and the 
other is counterclockwise. When operating as an 
Unun or a Balun and matching 50 to 200 ohms, the 
response is essentially flat from 1.5 to 30 MHz. A 
conservative power rating (in a matched condition) is 
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5 kW of continuous power and 10 kW of peak power. 
This transformer has been reported to handle peak 
pulses of 10,000 volts! 


Summary 


Since its introduction by Ruthroff in 1959,? the 4:1 
Unun has been the most popular transmission line 
transformer matching unbalanced impedances to 
unbalanced impedances. As I mentioned at the begin- 
ning of this chapter, there are many choices to consid- 
er when designing these broadband and efficient 
transformers. One of the most important choices 
involves whether to use the Ruthroff or Guanella 
approach, In fact, the Guaneila design should proba- 
bly be designated a Balun/Unun. Recently, it has 
become the design of choice in the higher frequency 
bands. From the designs presented in this chapter, I 
offer the following recommendations: 

j. For Ununs in the HF band with impedance leveis 
of 100:25 ohms and lower, the Ruthroff approach is 
recommended because of its simplicity. 

2. For high impedance levels in the HF band (like 
200:50 and 300:75 ohms), the Guanella approach is 
recommended. 

3. For low-impedance operation on the VHF band, 
the beaded-coax Guanella approach is recommended. 

4, For high-impedance operation on the VHF band, 
the coiled-wire Guanella approach appears to be the 
preferred choice, and should be investigated first. 
Obviously, the number of turns should be reduced from 
the examples shown in this chapter because the reac- 
tance of the winding is proportional to the frequency. 

5. For high-power use on the HF band, the Ruthroff 
Unun with low-impedance coaxial cable on a toroid 
(on the right on Photo 12-A) is recommended. It is 
easy to construct and can very likely handle more than 
5 kW of continuous power, 

6. Also, at high-impedance jevels, one might con- 
sider using lower permeability ferrites for higher effi- 
ciencies. Look at permeabilities of 125 and 40. 


Chapter \3 
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Sec 13.1 Introduction 


ittle practical design information has been 
available on Ununs with impedance transfor- 
mation ratios of less than 4:1 (these are cailed 
fractional-ratio Ununs). However, many important 
applications can be found for efficient and broadband 
Ununs with ratios like 1.33:1, 1.5:1, and 2:1. Some 
examples include the matching of 50-ohm coaxial 
cable to: a) vertical antennas, inverted Ls, and ground- 
fed slopers (all over good ground systems), b) 75-ohm 
hardline cable, c) a junction of two 50-ohm coaxial 
cables, d) shunt-fed towers performing as vertical 
antennas, and e) the output of a transceiver or class B 
linear amplifier when an unfavorable VSWR condi- 
tion exists. 

These three Ununs also play an important role in 
making other useful Baluns possible. Examples given 
in earlier chapters include: a) connecting a 1.5:1 Unun 
(50:75 ohms) in series with a 1:1 Balun (75:75 ohms) 
results in a broadband 1.5:1 Balun (50:75 ohms); b} 
connecting a 2:1 Unun (50:100 ohms) in series with a 
1:1 Balun (100:100 ohms) results in a broadband 2:1 
Balun (50:100 ohms); c) connecting a 1.5:1 Unun 
(50:75 ohms) in series with a 4:1 Balun (75:300 
ohms) results in a broadband 6:1 Balun (50:300 


ohms), and d) connecting a 1.33:1 Unun (50:66.7 
ohms) in series with a 9:1 Balun (66.7:600 chms} 
results in a broadband 12:1 Balun (50:600 ohms). 

It has been shown? that a continuum of ratios can 
now be obtained with Ununs matching 50-ohm cable 
to impedances as low as 3.125 ohms and as high as 
800 ohms. In addition, by using higher-order wind- 
ings (trifilar, quadfilar, etc.), Ununs can be construct- 
ed with two broadband ratios like 1.5:1 and 3:1, or 2:1 
and 4:1. Furthermore, by tapping some of the wind- 
ings of these higher-order Ununs, multimatch trans- 
formers can be constructed with many broadband 
ratios. As a result of this class of fractional-ratio 
Ununs, a continuum of Ununs and Baluns is now 
available to match 50 ohms unbalanced to unbalanced 
or balanced impedances as low as 3.125 ohms and as 
high as 800 ohms. 

My first attempt to obtain ratios less than 4:1 was 
made by tapping one of the wires in a Ruthroff 4:1 
bifilar Unun. My experiment met with only moderate 
success.” An adequate low-frequency response with a 
1.33:1 ratio was difficult to obtain. Also, the 2:1 ratio 
had considerably greater loss than higher or lower 
ratios. Recently, I found that higher-order windings 
(trifilar, quadrifilar, etc.), some with taps, provide 
much wider bandwidths and higher efficiencies. This 





Figure 13-1. Schematic diagrams: (A) matching 50 to 25 ohms (B-A) and 50 to 22.22 ohms (C-A); (B} matching 100 to 50 
ohms (B-A} and 112.5 to 50 ahms {C-A). 
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Photo 13-A. Bottom 
view of the 2:1 Unun 
designed to match 50 
ohms to 25 ohms or 22.2 
ohms (Figure 13-1A). 
The connector is on the 
low-impedance side. 
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Photo 13-B. The 2:] Unun mounted in a 4 inch long by 2 
inch wide by 2.75 inch high minibox. 


chapter describes fractional-ratio Ununs using these 
higher-order windings. 

The next section discusses the practical aspects of the 
2:1 Unun. This Unun is not only one of the more useful 
transformers, but it also serves as a good introduction 
to the trifilar and quadrifilar designs. What follows is 
an introduction to the most difficult fractional-ratio 
Unun—the quintufilar design, which results in very 
broadband 1.33:1 and 1.5:1 Ununs. A more complete 
discussion appears in Part I of this book. 

This chapter closes with construction tips. As you 
will see, these Ununs can be difficult to construct. 


Sec 13.2 2:1] Ununs 


Figure 13-1A shows the schematic diagram of an 
Unun designed to match 50-ohm cable to an unbal- 
anced load of 25 ohms (2:1 ratio with connections A- 
B) or 22.22 ohms (2.25:1 ratio with connections A-C). 
It has 6 trifilar turns of No. 14 H Thermaleze wire on 
a 1.5-inch OD ferrite toroid with a permeability of 


250. Winding 3-4 is tapped at 5 turns from terminal 3. 
Photo 13-A is a photograph showing the various con- 
nections. The connector is on the low-impedance side. 
Photo 13-B shows the transformer mounted in a CU- 
3015A (4 inches long by 2 inches wide by 2.75 inches 
high) minibox. In matching 50 ohms to either 25 or 
22.22 ohms, the transformation ratio is constant from 
1 to 30 MHz. 

Because the transmission lines are very short, this 
Unun does quite well as a step-up transformer. That 
is, when matching 50 ohms (on the left side) to 100 
ohms (connections A-B) or 112.5 ohms (connections 
A-C) on the right side, the transformation ratio is con- 
stant from 1 to 15 MHz. Because of the extremely 
high efficiency of this transformer (98 to 99 percent 
under matched conditions), this small version can eas- 
ily handle the full legal limit of amateur radio power. 

Figure 13-1B shows the schematic diagram of an 
Unun designed to match 50-ohm cable to an unbal- 
anced load of 100 ohms (2:1 ratio with connections 
A-B) or 112.5-ohms (2.25:1 ratio with connections A- 
C). It has 7 trifilar turns on a 1.5-inch OD ferrite 
toroid with a permeability of 250. The top winding 5- 
6 is No. 14 Thermaleze wire and is tapped at 6 turns 
from terminal 5. The other two windings are No. 16 H 
Thermaleze wire. Photo 13-C shows the various con- 
nections. The connector is on the low-impedance side. 
In matching 50-ohm cable to 100 ohms (A-B) or 
112.5 ohms (A-C), the transformation ratio is constant 
from | to 30 MHz. 

Again, because the transmission lines are very short, 
this Unun does quite well as a step-down transformer. 
In matching 50-ohm cable (on the right side) to 25 
ohms (A-B) or 22.22 ohms (A-C), the transformation 
ratios are constant from | to 15 MHz. As above, this 
transformer can easily handle the full legal limit of 
amateur radio power. 

Although the quadrifilar Unun shown in the sche- 
matic diagram in Figure 13-2 and in Photo 13-D has 
an impedance transformation ratio of 1.78:1, it should 
also satisfy many of the 2:1 requirements. This Unun, 
which is designed to match 50-ohm cable to an unbal- 
anced load of 28 ohms, not only has a very broadband 
response (1 MHz to over 50 MHz), but also offers 
other possible wideband ratios that will be covered in 
succeeding chapters. 

Specifically, the Unun has 5 quadrifilar turns on a 
1.5-inch OD ferrite toroid with a permeability of 250. 
Winding 5-6 is No. 14 H Thermaleze wire and the 
other three are No. 16 H Thermaleze wire. Like the 


Photo 13-C. Bottom 
view of the 2:1 Unun 
designed to match 50 
ohms to 100 ohms or 
112.5 ohms (Figure 13- 
1B). The connector is on 
the low-impedance side. 





Photo 13-D. Bottom 
view of the 1.78:1 Unun 
designed to match 50 to 
28 ohms. The connector 
is on the low-impedance 
side. 





two 2:1 Ununs described above, this one also easily 
handles the full legal limit of amateur radio power. 

As with most coiled Ununs that have little spacing 
between adjacent turns, current-crowding (between 
adjacent turns) can eventually limit the power-han- 
dling capability of these devices. It’s possible to 
improve the ability for handling higher currents by 
using thicker wires, or by using coaxial cables where 
current-crowding is nonexistent. Figure 13-3 shows 
the schematic diagram of a tapped-trifilar transformer 
that uses two sections of coaxial cable yielding 
impedance ratios of 2:1 and 2.25:1. Photo 13-E 
shows two trifilar toroidal transformers using low- 
impedance coaxial cables with their outer braids con- 
nected in parallel and acting as the third conductor. 
These transformers are conservatively rated at 5 kW 
of continuous power. 

The smaller transformer in Photo 13-E has 7 trifilar 
turns of low-impedance coax on a 2-inch OD toroid 
with a permeability of 290. The No. 14 H Thermaleze 
wire inner conductors have four layers of Scotch No. 
92 tape. The outer braids are made from small coaxial 
cables (or 1/8-inch tubular braid), and are also 
wrapped with Scotch No. 92 tape in order to preserve 
the low characteristic impedances. The inner conduc- 
tor of the top coax in Figure 13-3 is tapped at 6 turns 
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Figure 13-2. Schematic diagram of the quadrifilar Unun 
designed to match 50 to 28 ohms (1.78:1 ratio). 





Figure 13-3. Schematic diagram of a tapped-trifilar Unun 
that uses two sections of coaxial cable, yielding impedance 
ratios of 2:1 and 2.25:1., 


from terminal 5. When matching 50 ohms to 22.22 
ohms or 25 ohms, the impedance ratio is constant 
from | to over 50 MHz. 

The larger transformer in Photo 13-E also has 7 tri- 
filar turns, but on a 2.4-inch OD toroid with a perme- 
ability of 125. The inner conductors of No. 14 H 
Thermaleze wire now have a 15-mil wall of Teflon 
sleeving, yielding the low-impedance coaxial cable. 
The outer braids are the same. Because the ferrite per- 
meability is lower and the lengths of the transmission 
lines are longer than those of the smaller unit, this 
transformer’s bandwidth is not quite as good. When 
matching 50 to 22.22 ohms (this particular Unun 
doesn’t have a tapped winding), the impedance ratio is 
constant from 1.7 to 30 MHz. 

Although not shown, these very high-powered 2:1 
Ununs can also be easily designed to match 50-ohm 
cable to unbalanced loads of 100 and 112.5 ohms. 
This is done by using small but high-powered coaxes 
like RG-303/U, RG-141/U, or RG-142/U. 


Sec 13.3 1.5:] Ununs 


Figure 13-4 shows three basic forms of a quintufilar 
1.56:1 Unun that should satisfy most of the 1.5:1 
requirements. As can be seen, the only difference in 
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Photo 13-E. Two toroidal transformers using coaxial 
cable and designed to match 50 to 22.22 ohms (2.25:1). 
The smaller transformer is also tapped, yielding a match 
of 50 to 25 ohms (2:1). 


the schematic diagrams is in the interleaving of the 
windings. This is done to optimize the performance of 
these Ununs at the various impedance levels. Sche- 
matic A is optimized for matching 50 to 75 ohms. 
Schematic B is optimized for matching 32 to 50 
ohms. Schematic C, while optimized for matching 40 
to 62 ohms, still yields quite broadband ratios at both 
50:75 and 32:50-ohm levels. It should be a useful, 
general-purpose Unun. 

Photo 13-F is a photograph of the bottom views 
(showing the connections) of the three different de- 
signs. They appear in the same order as the schemat- 
ics of Figure 13-4; i.e., a) the Unun on the left is 
designed to match 50 to 75 ohms, b) the Unun in the 
center is design to match 32 to 50 ohms, and c) the 


Unun on the right is designed to work quite well at 
both impedance levels. The SO-239 connectors are all 
on the low impedance side of the Ununs. 

All three transformers have four quintufilar turns on 
a 1.5-inch OD ferrite toroid with a permeability of 
250. Their differences are: 

1. 50:75 ohms (on the left on Figure 13-4 and 
Photo 13-F). 

Winding 9-10 is No. 14 H Thermaleze wire. The 
other four windings are No. 16 H Thermaleze wire. 
When matching 50 to 75 ohms (actually to 78 ohms), 
the transformation ratio is constant from 1 to over 30 
MHz. In matching 50 ohms (on the right side in 
Figure 13-3A) to 32 ohms, it is still constant from 1 
to 15 MHz. 

2. 32:50 ohms (in the center in Figure 13-4 and 
Photo 13-F). 

Winding 5-6 is No. 14 H Thermaleze wire. The 
other four windings are No. 16 H Thermaleze wire. 
When matching 32 to 50 ohms, the transformation 
ratio is constant from 1 to over 30 MHz. In matching 
75 ohms (on the right side in Figure 13-3B) to 50 
ohms, it is still constant from 1 to 15 MHz. 

3. 50:75 ohms; 32:50 ohms (on the right in Figure 
13-4 and Photo 13-F). 

Winding 7-8 is No. 14 H Thermaleze wire. The 
other four windings are No. 16 H Thermaleze wire. In 
matching 32 to 50 ohms, the transformation ratio is 
constant from | to 30 MHz. In matching 75 ohms (on 
the right side in Figure 13-3C) to 50 ohms, it is still 
constant to 21 MHz. This is quite a good general-pur- 
pose design. 





Figure 13-4. Three basic forms of a quintufilar 1.56:1 Unun: (A) optimized to match 50 to 75 ohms, (B) optimized to match 
32 to 50 ohms, and (C) optimized to match 40 to 62 ohms, resulting in a good general-purpose design. 


Even though a small toroid (with only a 1.5-inch 
OD) is used, these Ununs are still very sturdy trans- 
formers. Because their efficiencies are so high (98 to 
99 percent), they can easily handle the full legal limit 
of amateur radio power.” Furthermore, the windings 
carrying the majority of the current (80 percent) are 
all No. 14 wire. Only when well-designed Ununs are 
subjected to very high VSWRs will excessive heating 
occur. Ununs (and Baluns) should never be exposed to 
these severe conditions. 


Sec 13.4 A 1.33:1 Unun 


The circuit shown in Figure 13-5 evolved after many 
attempts were made at obtaining a broadband match 
of 50 to 66.7 ohms (1.33:1). Photo 13-G shows the 
bottom view of an actual design. The SO-239 connec- 
tor is on the low impedance side. Photo 13-H shows 
the Unun mounted in a CU-3015A minibox. 

Specifically, this Unun has five quintufilar turns on 
a 1.5-inch OD ferrite toroid with a permeability of 
250. Winding 5-6 is No. 14 H Thermaleze wire and is 
tapped at three turns from terminal 5 (Figure 13-4). It 
is also covered with one layer of Scotch No. 92 poly- 
imide tape, optimizing the performance at the 
50:66.7-ohm level. The other four windings are No. 
16 H Thermaleze wire. 

In matching 50 to 66.7 ohms (A-B), the transforma- 
tion ratio is practically constant from 1 to 30 MHz. 
The ratio only decreases by 3 percent across the band. 
In matching 50 to 32 ohms (C-A), the transformation 
ratio is constant from 1 to 30 MHz. In matching 75 to 
50 ohms (C-A), the ratio is constant from | to 15 
MHz. In matching 50 to 37.6 ohms (B-A), the ratio is 
constant from 1 to 15 MHz. As you can see, the Unun 
has some useful broadband multimatches. 


Photo 13-F. Photograph of the three differ- 
ent Unun designs shown in Figure 13-4: A) 
on the left, 50:75 ohms, B) in the center 
32:50 ohms, and C) on the right, a general 
purpose design matching both impedance 
levels quite well. 
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Figure 13-5. Schematic diagram of a quintufilar Unun 
specifically designed to yield a broadband 1.33:1 ratio 
(66.7:50 ohms; connection B-A). Connection C-A also 
yields a broadband 1.56:1 ratio (50:32 ohms). 


As in the cases of the other three Ununs, this 
tapped-Unun also easily handles the full legal limit of 
amateur radio power. Like the 2:1 Unun, for higher 
power capabilities, thicker wires or a three-coax 
quintufilar design can be used.” 


Sec 13.5 Construction Tips 


Most of my Unun designs use the bootstrap connection 
that sums direct voltages (on the high-impedance side) 
with a delayed voltage, which traverses a single trans- 
mission line.2 Therefore, in order to achieve the very 
wideband responses, small toroids (which allow the 
shortest transmission lines) are used. The small 1.5- 
inch OD toroids offer this advantage. Furthermore, 
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Figure 13-6. Pictorials of higher-order windings: (A) trifilar and (B) 


quadrifilar. 


Photo 13-G. Photograph 
of the 1.33:1 Unun 
(66.7:50 ohms). This 
transformer also has a 
broadband 1.56:1 ratio 
(50:32 ohms). 





quintufilar (and higher-order windings) Ununs are also 
eventually limited in their high-frequency responses by 
self-resonances. Shorter winding lengths keep these 
self-resonances well out of the HF band. For the Ununs 
in this chapter, they occur between 45 and 65 MHz, 
with Figure 13-4A having the higher value. 

There is also a mechanical advantage in using the 
smaller toroids. You'll find that the popular CU- 
3015A minibox makes an excellent enclosure for the 
1.5-inch OD toroid. Furthermore, because ferrite is a 
ceramic and, therefore, unaffected by moisture, no 
special precautions need be taken for out-of-doors 
use. Potting the transformer in plastic is unnecessary. 
One must only keep the Unun out of a pool of water. 

Because well-designed transformers have virtually 
no flux in the core, their power ratings are mainly 
determined by the ability of the transmission lines to 
handle the voltages and currents. Furthermore, it can 
be shown that the losses in these transformers are 
related to the voltage gradients along the transmission 
lines.2 Thus, they are dielectric-type ferrite losses. 
This means that the efficiency can be severely degrad- 





Figure 13-7. Pictorial of a quintufilar winding. 


ed with very high VSWRs since higher voltage gradi- 
ents occur under these conditions. 

Several suggestions can be made regarding the con- 
struction of Ununs using these higher-order windings 
(trifilar, quadrifilar, etc.). They are: 

1) Make a ribbon out of the wires and wind them all 
at the same time. This keeps the wires as close as pos- 
sible, resulting in the maintenance of the optimum 
characteristic impedance of the transmission lines. I 
found that strips made with 1.25- by 0.375- to 0.55- 
inch glass tape (Scotch No. 27), clamped about every 
1/2 inch, hold the wires in place very well. The start- 
ing lengths of the wires should be about 5 inches 
longer than one would calculate knowing the number 
of turns and the length around each turn. 

2) Because work-hardening of the copper wire takes 
place in coiling it around a toroid, a pair of pliers and 





Photo 13-H. The 1.33:1 Unun mounted in a CU-30I5A 
minibox. 


a strong thumb (and arms) are indispensable tools. It 
takes considerable effort to wind these transformers, 
Also, because these designs have adequate margins at 
their low-frequency ends, some space between the 
windings and the toroids can be tolerated. 

3) It is helpful to recognize the various patterns that 
appear at the ends of the windings. Figure 13-6 shows 
a drawing of the trifilar and quadrifilar patterns and 
Figure 13-7 shows the guintufilar pattern. Note that 
terminal 1 and terminal 6 or terminal 8 or 10 are the 
outside terminals of the patterns. Also, note that termi- 
nal i is always grounded in the schematic diagrams. 

4) Tapping windings can be one of the more diffi- 
cult tasks in constructing these transformers. Winding 
a tapped transformer is also more difficult. I found 
that the edge of a small, fine file does the best job in 
removing the insulation. About 1/8 to 1/4 inch is 
removed around the wire. It also helps to remove 
some of the copper. Then a flat 1/8-inch copper strip 
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or No, 14 wire flattened on one end is soldered to the 
bare wire, The soldered connection is then rendered. 
smooth using the edge of the file. Finally, two pieces 
of Scotch No, 92 polyimide tape are placed on the 
joint to insulate it from the neighboring turns. I also 
found that a tap placed one turn from the end of the 
winding is best made approximately 4 inches from the 
end of the wire (when the wire is straight), 

Finally, a comment should be made about low- 
power Ununs. Practically all of the transformers in 
this chapfer can be easily designed for low-power use. 
Designs capable of handing the full output of HF 
transceivers can be readily constructed. Cores with an 
OD of 1.25 inches are recommended, The same num- 
ber of turns, but with one size smaller wire, is also 
recommended, Because smaller cores and thinner 
wires are used, these lower-power units are not only 
easier to construct, but they also have wider band- 
widths due to the shorter lengths of the windings. 


Dual-Ratio Ununs 


Chapter |4 





Sec 14.1 Introduction 


arlier chapters in this book on Ununs have 
Pisses covered single-ratio transformers. 
Broadband ratios of 1.33:1, L.5:1, 2:1, and 4:1 
were the design objectives. The 1.33:1 ratio was 
obtained by tapping a 1.5:1 (actually 1.56:1) quintufi- 
lar-wound Unun. The 2:1 ratio was obtained by tap- 
ping a 2.25:1 trifilar-wound Unun. Although these 
transformers can be considered to have two broad- 
band ratios (1.33:1 and 1.56:1 or 2:1 and 2.25:1), 
their two ratios were not different enough for many 
practical applications. This is especially true of anten- 
nas where the input impedance varies with frequency. 
My earlier work? and an article by Genaille! have 
shown that a host of ratios (less than 4:1) can be 
obtained by tapping the bifilar winding of a Ruthroff 
4:1 Unun.? However, the bandwidths obtained using 
this technique are quite limited with each ratio and are 
highly dependent upon the impedance level. This is 
particularly true when a rod core is used because it 


requires more turns {resulting in longer transmission 
lines) in order to obtain the necessary choking reac- 
tance that isolates the input from the output. 
Furthermore, ratios around 2:1 exhibit more loss 
because autotransformer action also enters into the 
matching process. 

By using quadrifilar and quintufilar windings on 
small 1.5-inch OD cores, and connecting them in 
such a way that the characteristic impedances of the 
windings are near optimum, two very different and 
broadband ratios matching 50 ohms to lower imped- 
ances are obtained. Furthermore, because the trans- 
mission lines in these transformers are so very short 
(8 to 9 inches in length), these transformers do quite 
well in matching 50 ohms to higher impedances (as 
step-up transformers). 

This chapter presents two Ununs which have two 
broadband ratios that differ by a factor of two! One 
has a 1.5:1 and a 3:1 ratio (actually 1.56:1 and 
2.78:1). The other has a 2:1 (actually 1.78:1) and a 4:1 
ratio. Also, this chapter introduces the novel tech- 





Figure 14-1. Schematic diagrams of dual-ratio Ununs, (A) 1.78:1 connection C-A, 4:1 connection C-B; (B) 1.56:1 connec- 
tion C-A, 2.78:1 connection C-B. 
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nique of connecting these two transformers in parallel 
on their 50-ohm sides, resulting in four very broad- 
band ratios. 


Sec 14.2. 2:] and 4:1 Ratios 


Figure 14-1A shows the schematic diagram of the 
quadrifilar Unun yielding ratios of 2:1 (actually 
1.78:1) and 4:1. Figure 14-2A provides a pictorial of 
its windings. On the left in Photo 14-A, you see the 
bottom view of an Unun. The cable connector is on 
the 28-ohm (1.78:1) side. This Unun has four quadri- 
filar turns of No. 14 H Thermaleze wire on a 1.5-inch 
OD toroid with a permeability of 250. 

In matching 50 to 28 ohms (connection C-A), the 
response is flat to within 1 percent from 1 to 30 MHz. 
From | to 50 MHz, it’s flat to within 2 percent. In 
matching 50 to 12.5 ohms (connection C-B), the 
response is flat to within 3 percent from 1 to 30 MHz. 

Because very short transmission lines are used, this 
transformer performs quite well as a step-up trans- 
former. In matching 50 to 200 ohms (connection B- 
C), the response is flat to within 3 percent from 1.5 to 





Figure 14-2. Pictorials of higher-order wind- 
ings: (A) quadrifilar, (B) quintufilar. 


10 MHz. In matching 50 to 89 ohms (connection A- 
C), the response is flat to within 5 percent from 1.5 to 
30 MHz! 


Sec 14.2.1 Construction Tips 


Start with about 14 inches of straightened wire. Form 
the wires into a ribbon with clamps of Scotch No. 27 
glass tape every 1/2 inch. I found that strips 3/16 inch 
wide and about 1.5 inches long do a good job. The 
clamps should be long enough to go around the wires 
twice. After winding, connect terminals 2 and 7. Then 
connect terminals 3 and 8. Finally, connect terminals 
4 and 5. Because work-hardening takes place quickly, 
you will find that a pair of pliers and a strong thumb 
(and arms) are necessary tools. You will also find that 
winding these exceptionally performing transformers is 
not easy. As in all endeavors, practice really pays off. 


Sec 14.3. 1.5:1 and 3:1 Ratios 


Figure 14-1B shows the schematic diagram of the 
quintufilar Unun yielding ratios of 1.5:1 and 3:1 


Photo 14-A. On the left, a quadrifilar Unun with 
ratios of 1.78:1 and 4:1; on the right, a quintufilar 
Unun with ratios of 1.56:1 and 2.78:1. 





(actually 1.56:1 and 2.78:1). Figure 14-2B is a pictor- 
ial of its windings. On the right side in Photo 14-A 
you see a bottom view of an Unun. The cable connec- 
tor is on the 32-ohm (1.56:1) side. This Unun has four 
quintufilar turns on a 1.5-inch OD toroid with a per- 
meability of 250. Windings 3-4 and 7-8 are No. 14 H 
Thermaleze wire. The other three are No. 16 H 
Thermaleze wire. Winding 7-8 also has two layers of 
Scotch No. 92 polyimide tape, which optimizes the 
1.56:1 ratio. 





Photo 14-C. The two dual-ratio Ununs connected in paral- 
lel on their 50-ohm sides providing four broadband ratios 
close to 1.521, 2:1, 3:1, and 4:1, The quadrifilar unit is on 
the left and the quintufilar unit is on the right. The enclo- 
sure is a 5 inch long by 3 inch wide by 2 inch high minibox. 
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Photo 14-B. The dual-ratio quintufilar Unun 
mounted in a 4 inch long by 2 inch wide by 
2.75 inch high minibox. 


In matching 50 to 32 ohms (connection C-A), the 
response is essentially flat (less than | percent varia- 
tion) from 1 MHz to over 40 MHz. Without the two 
layers of Scotch No. 92 tape, the response varies by 4 
percent from | to 30 MHz. When used as a step-up 
transformer matching 50 to 78 ohms (connection A- 
C), and with the two layers of Scotch No. 92 tape on 
winding 7-8, the response is flat to within 5 percent 
from 1 to 15 MHz. Without the extra insulation on 
winding 7-8, the response is flat to within 5 percent 
from | to 7.5 MHz. 

In matching 50 to 18 ohms (connection C-B), the 
variation in response is less than 3 percent from 1 to 
40 MHz. The response is the same whether winding 
7-8 is covered with the extra insulation or not. As a 
step-up transformer matching 50 to 139 ohms (con- 
nection B-C), the response is flat to within 3 percent 
from 1 to 10 MHz (with or without the extra insula- 
tion on winding 7-8). Photo 14-B shows this Unun 
mounted in a 4 inch long by 2 inch wide by 2.75 inch 
high minibox. The two cable connectors on the low 
impedance side could be replaced with feedthrough 
insulators for antenna use. 


Sec 14.3.1 Construction Tips 


Prepare the ribbon as was described for the quadrifilar 
Unun. If you choose to use the two extra layers of 
Scotch No. 92 tape on winding 7-8, make sure this 
winding is on the outside position of the ribbon (refer 
to Figure 14-2B). I found the best order in which to 
connect the wires is as follows: first, connect terminal 
2 to 5; second, connect terminal 6 to 9; third, connect 
terminal 3 to 10; and, finally, connect terminal 4 to 7. 
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As was mentioned before, because a small toroid is 
used in order to achieve the best response (due to 
shorter transmission lines), this transformer also 
requires considerable strength and patience in the 
winding process. 


Sec 14.4 Parallel Transformers 


One of the most picasant surprises I received with 
these efficient and broadband transformers was to find 
that they can be connected in parallel on their 50-ohm 
sides and still possess the same performance levels. 
Because the loading effect of one transformer on the 
other is minimal (like a short length of transmission 
line), the transformer that is properly terminated takes 
the power, while the other one is transparent. This lets 
you obtain four very wideband ratios with the two 
dual-ratio Ununs described in this chapter. Obviously, 
this technique eliminates one transmission line. 
Furthermore, Baluns can also be connected this way 


for feeding, with a single coaxial cable, beams and 
dipoles with different resonant impedances. 

Photo 14-C shows two transformers connected in 
parallel on their 50-ohm sides using the two dual-ratio 
Ununs described in this chapter. As was mentioned, it 
now yields four wideband ratios very close to 1.5:1, 
2:1, 3:1, and 4:1. I have used this matehing network to 
feed a host of ground-fed antennas (over a good 
ground system). In one case, I had a 10-, 15-, and 20- 
meter trap vertical, slopers for 40 and 160 meters, a 
|2-meter vertical, and an inverted L for 80 meters ail 
matehed to a single coaxial cable at the same time. It 
was a simple matter of connecting each antenna to the 
output terminal that presented the best match (lowest 
VSWR). This technique is actually an extension of 
connecting dipoles for different bands, in parallel. The 
antenna that presents the correct impedance takes the 
power, and the others are essentially transparent. in 
many eases, I found that only one transformer with 
two broadband ratios performed adequately. 


Multimatch Ununs 


Sec 15.1 Introduction 


B roadband multimatch Ununs capable of high- 


power applications have been the goal of many 

designers over the years. Some have resorted to 
using conventional autotransformers with tapped wind- 
ings to obtain the many impedance transformation 
ratios. However, these attempts met with little success 
because of the device’s limited bandwidths and effi- 
ciencies. Others (including myself)? have tried tapping 
a bifilar Ruthroff Unun.? Although these designs yield- 
ed the high efficiencies of transmission line transform- 
ers, they had limited bandwidths. Furthermore, their 
best bandwidths (for the various ratios} occurred at odd 
impedance levels. In other words, they didn’t meet the 
objective of broadband operation with one of the input 
or output ports at 50 ohms, 

Chapter 14 presented two Ununs which had two 
broadband ratios that differed by a factor of two, One 
had a 1,5:1 and a 3:1 ratio (actually 1.56:1 and 
2.78:1). The other had a 2:1 (actually 1.78:1) and a 
4:1 ratio. This chapter describes two multimatch 
designs that are capable of many more broadband 
ratios. For the most part, both are capable of broad- 
band operation from 1.7 to 30 MHz. 

One Unun has the following five ratios (which are 
close to}: 1.5:1, 2:1, 4:1, 6:1, and 9:1. Because the 
two lower ratios work well in either direction (that is 





Chapter 15 


stepping up or down from 50 ohms), this design can 
match 50-ohm cable to impedances as high as 100 
ohms (actually 112.5 ohms} and as low as 3.6 ohms 
over the frequency range. As a result, it has seven 
usable applications. Furthermore, because this is a 
transmission line transformer that cancels out the flux 
in the core, losses (in a matched condition) of only 
0.04 to 0.08 dB can be expected. 

The novelty in this design lies in the use of a trifilar 
winding (with one winding tapped) on a very small 
ferrite toroid, resulting in the shortest possible lengths 
of transmission lines. The windings are alse connect- 
ed in such a manner as to optimize their characteristic 
impedances from an overall standpoint. 

I have used the adjective ultimate to describe the 
second Unun design. Although it might be risky busi- 
ness, | assume that this design will meet one of the 
most common definitions for this adjective—namely, 
beyond which it is impossible to go. For many of us, 
the classic use of this adjective was made by Lew 
McCoy in describing his popular transmatch.2? 
Although there have been some improvements to 
Lew’s design, his use of this definite (and strong) 
adjective can be said to have withstood the test of 
time. I hope my use meets with similar success. 

While the tapped-trifilar design provides five broad- 
band ratios and seven practical applications, the witi- 
mate design presented in this chapter goes well 


Figure 15-1. Circuit diagrams for the 5-ratio 
Unun: (A} diagram for analysis; (B) transposed 
windings for best overall performance. 
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Photo 15-A. Bottom 
view of the 5-ratio 
Unun of Figure 15-1B. 
The upper-left lead is 
terminal C. The upper- 
right lead is terminal 
B. The lower-left lead 
is terminal H. The lead 
pointing straight down 
is grounded (terminal 
3). The lower-right 
lead is terminal L. 





beyond this number. It uses a tapped-quadrifilar 
design that yields the following 10 broadband ratios: 
1.36:1, 1.56:1, 1.78:1, 2.25:1, 3.06:1, 4:1, 6.25:1, 9:1, 
12.25:1, and 16:1. Because the four lower ratios also 
work quite well in either direction, this design offers 
fourteen applications in matching 50-ohm cable to 
impedances as high as 112.5 ohms and as low as 
3.125 ohms. It also has the advantage of using a small 
low-loss toroidal core. Additionally, the windings are 
also interleaved in a pattern that optimizes their char- 
acteristic impedance. 

However, this achievement comes at a price—diffi- 
culty. The 5-ratio Unun, which uses a trifilar wind- 
ing, is considerably easier to wind. In addition, the 
quadrifilar 10-ratio Unun has two of its windings 
tapped, while the 5-ratio Unun has only one (see 
Chapter 13 on tapping windings). If you have had 
little experience in winding Ununs or Baluns, 





Photo 15-B. The high-power unit mounted in a 4 inch 
long by 2 inch wide by 2.75 inch high minibox. 


attempt simplified versions of these two multimatch 
Ununs first. These versions eliminate the tapping of 
the windings. For the trifilar Unun, the remaining 
ratios would be: 2.25:1, 4:1, and 9:1. For the quadri- 
filar Unun, they would be: 1.78:1, 2.25:1, 4:1, 9:1, 
and 16:1. 

For those interested in the design considerations of 
these broadband multimatch transformers, a brief 
review is presented in each section. These sections are 
followed by others describing high-power designs 
capable of handling the full legal limit of amateur 
radio power. Finally, the remaining sections present 
low-power designs capable of handling the output of 
any HF transceiver. Because transmission line trans- 
formers can be made so efficient in matching 50 to 
100 ohms or less, their small sizes will surprise many 
readers. Therefore, the combination of using small 
ferrite toroids with the maximum allowable perme- 
ability (less than 300) for high efficiency,” and with 
sufficient turns to meet the low-frequency objective, 
results in the excellent performance exhibited by the 
designs in this chapter. 


Sec 15.2. The 5-Ratio Unun 


Let’s first look at Figure 15-1A because it is the easi- 
est form of the trifilar-wound Unun to explain. For 
example, if the input voltage to ground, Vj, is con- 
nected to terminal H, the output terminal B, has a 
voltage to ground of 3/2V,. This results in a transfor- 
mation ratio, g, of (3/2)* or 2.25:1. This should satisfy 
most 2:1 requirements. If the output is at terminal A 
to ground, then the output voltage is: 


Vo Vv; + V,(n/2N) 
= V,(1 + n/2N) (Eq 15-1) 

where: 

N = the total number of turns on the winding 

n = the number of turns from terminal 5. 


The transformation ratio, g, then becomes: 


g =(V/V We 

= (1 +n/2N)? (Eq 15-2) 
If the input voltage to ground, V,, is connected to ter- 
minal L, then terminal C has twice the voltage of 
V,—tesulting in a 4:1 ratio. Terminal B has three 


times the voltage resulting in a 9:1 ratio. With termi- 
nal A, the output voltage is: 


V, = 2V; + V;(n/N) 
= V,(2+n/N) (Eq 15-3) 


The transformation ratio, g, then becomes: 


g=(2+n/N)2 (Eq 15-4) 


Sec 15.2.1 A High-power 


5-Ratio Unun 


After several attempts at rearranging the windings of 
Figure 15-1A for the best overall performance (opti- 
mizing the effective characteristic impedances of the 
windings), Figure 15-1B evolved. Photo 15-A shows 
the bottom view of an Unun, using the circuit of 
Figure 15-1B, capable of handling the full legal limit 
of amateur radio power. Photo 15-B shows the unit 
mounted in a CU-3015A minibox. It has five trifilar 
turns on a 1.5-inch OD ferrite toroid with a perme- 
ability of 250. Winding 5-6 is tapped at two turns (n = 
2) from terminal 5. 

If the 9:1 ratio matching 50 to 5.6 ohms (connection 
B-L) is to be used at full power, then winding 3-4 
should be No. 12 H Thermaleze wire. If not, then all 
windings can be No. 14 H Thermaleze wire. 

A listing of the expected performance across the 
band from 1.7 MHz to 30 MHz, with the various 
ratios, is as follows: 


9:1 (B-L); 50:5.6 ohms 
Ratio is within | percent! 
5.75:1 (A-L); 50:8.7 ohms 
Ratio decreases by 5 percent. 
4:1 (C-L); 50:12.5 ohms 
Ratio increases by 15 percent (the greatest devia- 
tion of all the ratios). 
2.25:1 
a) (B-H); 50:22.22 ohms 
Ratio decreases by 4 percent. 
b) (H-B); 50:112.5 ohms 
Ratio increases by 8 percent. 
1.44:1 
a) (A-H); 50:35 ohms 
Ratio decreases by 10 percent. 
b) (H-A); 50:72 ohms 
Ratio increases by 2 percent. 
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Photo 15-C. The 
low-power unit 
mounted in a 
homemade 2 inch 
long by 1.5 inch 
wide by 2.25 inch 
high minibox. 


Several comments should be made regarding the 
expected results shown above. First of all, the greatest 
deviation from a flat response at any ratio occurs 
when matching 50 to 12.5 ohms (connection C-L; a 
4:1 ratio). If an accurate insertion loss measurement 
was made at this ratio and impedance level, the result 
would show an insignificant difference across the 
band. Secondly, the major part of the deviations for all 
ratios occurs beyond 15 MHz (the effect of standing 
waves). Finally, the higher ratios should never be used 
to match 50 ohms to 450 ohms, 288 ohms, and 200 
ohms, respectively. The characteristic impedances and 
choking reactances do not allow for broadband opera- 
tion under these conditions. 


Sec 15.2.2 A low-power 
5-Ratio Unun 


Photo 15-C shows a low-power unit mounted in a 
homemade 2 inch long by 1.5 inch wide by 2.25 inch 





Photo 15-D. The three 5-ratio Ununs together. From left 
to right, the high-power unit mounted and unmounted, the 
low-power unit. 
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Figure 15-2. Circuit diagrams for the 10-ratio Unun: {A} diagram for analysis; (B) transposed windings for best 
overall performance. 


high minibox. It has six trifilar turns of No. 16 H 
Thermaleze wire on a 1.25-inch OD ferrite toroid with 
a permeability of 250. The tap on winding 5-6 is 
located three turns from terminal 5, yielding ratios of 
6.25:1 and 1.56:1 instead of the 5.75:1 and 1.44:1 
ratios of the high-power unit. In actual use, these dif- 
ferences should be negligible. 

Because this Unun has shorter transmission lines 
than its high-power counterpart, the deviations of the 
ratios across the band are even smailer. It is also inter- 
esting to note that, if No. 14 H Thermaleze wire was 
used in winding 3-4, this very small Unun could very 
well be rated at 500 watts of continuous power! 

Photo 15-D shows all three 5-ratio Ununs together. 


Sec 15.3. The 10-Ratio Unun— 
The Ultimate Multimatch 


Figure 15-2A is presented here because it is the easi- 
est form of a quadrifilar-wound Unun to explain. With 
the input voltage, V;, connected to the various termi- 
nals on the left (the low-impedance side), and with 
very short transmission lines compared to the wave- 
length, we have the following transformation ratios: 


1. V, connected to terminal A 

a) At terminal D the output voltage V, is 4/3Vj. 
Therefore, the transformation ratio, g, with connection 
A-D is: 


g = (4/3)? = 1:1.78 (Eq 15-5) 


b) At terminal F the output voltage is: 


V,=V;(1 + n/N) (Eq 15-6) 


where: 
N = total numher of turns 
n= number of turns from terminal 7. 


The transformation ratio with connection A-F then 
becomes: 


g=(V,/V\)? = (1 + n/3N)? (Eq 15-7) 


2. V; connected to terminal B 
a) At terminal E the output voltage is 3/2V,. Thus, 
the transformation ratio with connection B-E is: 


g = (3/2)* = 1:2.25 {Eq 15-8) 
b) At terminal G the output voltage is: 
V, = Vy(i + n/2N) (Eq 15-9) 


where n = number of turns from terminal 5. 
The transformation ratio with connection B-G 
becomes: 
g=(V,/V))? = (1 + a/2N)? (Eq 15-10) 
c) At terminal D the output voltage is 2V,. The 
transformation ratio with connection B-D is: 


g=(2)=1:4 (Eq 15-11) 


d) At terminal F the output voltage is: 
Vo = V¥4(3/2 + n/2N) (Eq 15-12) 


where n = number of turns from terminal 7. 
The transformation ratio with connection B-F, 
then, is: 


g=(V,/V;)? = (3/2 + n/2N) (Eq 15-13) 


3. V, connected to terminal C 
a) At terminal E, the output voltage is 3V,. The 
transformation ratio with connection C-E becomes: 


g=(3)?=1:9 (Eq 15-14) 
b) At terminal G, the output voltage is: 
V,=V,(2 + n/N) (Eq 15-15) 


where n = number of turns from terminal 5. 
The transformation ratio with connection C-G is: 


g =(V,/V1)2 = (2 + n/N)? (Eq 15-16) 


c) At terminal D, the output voltage is 4V,. The 
transformation with connection C-D becomes: 


g = (4)? = 1:16 (Eq 15-17) 
d) At terminal F the output voltage is: 
V,=V,@G +n/N) (Eq 15-18) 


where n = number of turns from terminal 7. 
The transformation ratio with connection C-F is: 


g=(V,/V\)* = (3 + n/N)? (Eq 15-19) 


Sec 15.3.1 A High-power 
10-Ratio Unun 


Figure 15-2B evolved after several attempts at re- 
arranging the windings of Figure 15-2A for best over- 
all performance (optimizing the effective characteris- 
tic impedances of the windings). Photo 15-E shows 
the bottom view of an unmounted Unun using the cir- 
cuit of Figure 15-2B. The top-left lead is terminal E. 
The top-right lead is terminal D. The bottom-left lead 
is terminal B. The center lead (connected to the SO- 
239 connector) is terminal A. 
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Photo 15-E. Bottom view of 
the 10-ratio Unun. The con- 
nector is on terminal A, 








Photo 15-F. Three differ- 
ent views of the 10-ratio 
Unun mounted in a 4 
inch long by 2 inch wide 
Ny] by 2.75 inch high CU- 

| 3015A minibox. 


106 UNDERSTANDING, BUILDING, AND USING BALUNS AND UNUNS 


Photo 15-G. The 
low-power unit 
mounted in a 
homemade 2.25 
inch long by 1.5 
inch wide by 
2.25 inch high 
minibox. 


The bottom-right lead is terminal C. Below these 
three bottom leads is a ground connection (terminal 3 
in Figure 15-2B to the SO-239 connector. Photo 15-F 
shows three different views of this high-power unit 
mounted in a 4 inch long by 2 inch wide by 2.75 inch 
high CU-3015A minibox. 

This 10-ratio Unun has four quadrifilar turns of No. 
14 H Thermaleze wire on a 1.5-inch OD ferrite toroid 
with a permeability of 250. Winding 5-6 is tapped at 2 
turns from terminal 5 and winding 7-8 is tapped at 2 
turns from terminal 7. 

If the 9:1 ratio (connection C-E), the 12.25:1 ratio 
(connection C-F), and the 16:1 ratio (connection C- 
D), are to be used at the full legal limit of amateur 
radio power, then I suggest that winding 3-4 be 
replaced with No. 12 H Thermaleze wire. If not, then 
these three ratios should be used at lower power levels 
(of 500 watts continuous and | kW peak). It should 
also be mentioned that using No. 12 wire for winding 
3-4 adds a greater degree of difficulty to the construc- 
tion process. 

A listing of the expected performance across the 
band from 1.7 to 30 MHz, with the various ratios, is 
as follows: 


16:1 (D-C); 50:3.125 ohms 
Ratio is constant up to 21 MHz. It then decreases 
by 15 percent. 
12.25:1 (F-C); 50:4.08 ohms 
Ratio is constant. 
9:1 (E-C); 50:5.56 ohms 
Ratio increases by 5 percent. 
6.25:1 (G-C); 50:8 ohms 
Ratio is constant. 
4:1 (D-B); 50:12.5 ohms 
Ratio decreases by 5 percent. 





3.06:1 (F-B); 50:16.3 ohms 

Ratio decreases by 10 percent. 
2.25:1 
a) (E-B); 50:22.22 ohms 

Ratio increases by 4 percent. 
b) (B-E); 50:112.5 ohms 

Ratio increases by 50 percent (the greatest devia- 
tion across the band of any of the ratios). 
1.78:1 
a) (D-A); 50:28.1 ohms. 

Ratio is constant. 
b) (A-D); 50:89 ohms. 

Ratio increases by 15 percent. 
1.56:1 
a) (G-B); 50:32 ohms 

Ratio increases by 10 percent. 
b) (B-G); 50:78 ohms 

Ratio increases by 40 percent. 
1.36:1 
a) (F-A); 50:36.8 ohms 

Ratio decreases by 9 percent. 
b) (A-F); 50:68 ohms 

Ratio increases by 1.5 percent. 


Sec 15.3.2 A low-power 
10-Ratio Unun 


Photo 15-G shows a low-power unit mounted in a 
homemade 2.25 inch long by 1.5 inch wide by 2.25 
inch high minibox. It has five quadrifilar turns of No. 
16 H Thermaleze wire on a 1.25-inch OD ferrite 
toroid with a permeability of 250. The tap on winding 
5-6 (Figure 15-2B) is at three turns from terminal 5 
and on winding 1-2; it is three turns from terminal 1. 
Because the number of turns is different from the 
high-power unit, so are the ratios that use the taps. In 
this case, they are a little larger. Specifically, the 
tapped ratios are now: 1:12.96, 1:6.76, 1:3.24, 1:1.69, 
and 1:1.44. If the taps were at two turns from termi- 
nals 5 and 1, the ratios would be a little less than those 
of the high-power unit. You can play with the equa- 
tions in the first section of this chapter and arrive at 
many different ratios. 

Because this Unun has shorter transmission lines 
than its high-power counterpart, the deviations of the 
ratios across the HF band are generally smaller. Also, 
if winding 3-4 (in Figure 15-2B) were replaced with 
No. 14H Thermaleze wire, this low-power unit could 
very well be rated at 500 watts of continuous power 
for all ratios! 


Chapter ite 


Ununs for Beverage Antennas 





Section 16.1 — Introduction 


he Beverage antenna!? is well known by 160- 
meter enthusiasts for enhanced signal-to-noise 


ratios when there are high levels of interference 
and atmospheric noise. If erected properly, Beverages 
also have excellent directivity. However, they are quite 
inefficient and, therefore, not generally suitable as 
transmitting antennas. Important considerations with 
Beverages are the terminating resistor (for the more 
common single-wire version) and the input matching 
Unun Cunbalanced-to-unbalanced transformer). The 
terminating resistor and the impedance ratio of the 
Unun are determined by the characteristic impedance 
of the antenna acting as a long transmission line with 
one good conductor and one poor conductor (the 
earth). This line is generaily between 400 and 600 
ohms, and theoretically given by: 


Zo = 138 x log(4h/d) (Eq 16-1) 
where: 

Z, = characteristic impedance of the Beverage 

h = height of the wire above ground 

d = diameter of the wire. 

This chapter presents low- and high-power versions 
of multimatch Ununs designed to match S0-ohm cable 
to unhalanced loads from 450 to 800 ohms. The low- 
power unit, which is capable of handling continuous 
power levels up to 100 watts, is specifically designed 
for the Beverage antenna when it is performing as a 
receiving antenna. The high-power unit, which is 
capable of handling 1 kW of continuous power, can be 
used with the Beverage or any other traveling wave 
antenna when used as a transmitting antenna. Also 
presented are high-power designs capable of flat 
response, including the entire AM broadcast band. 
These multimatch Ununs could be of interest to 
designers of high-power amplifiers for the broadcast 


band. A little theory on how these devices are 
designed is also provided. 


Sec 16.2 Alittle Theory 


Transmission line transformers* (the Unun being a 
subset thereof) are known for having greater band- 
widths and efficiencies than their counterparts, the 
conventional transformers. Design considerations for 
the two types of transformers are also vastly different. 
Transmission line transformers use chokes and trans- 
mission lines, while conventional transformers use 
flux linkages. 

High-impedance Ununs (and Baluns), which match 
50 ohms unbalanced to impedances as high as 800 
ohms, lie at about the edge of this technology’s capa- 
bility. The reasons are: 1) the windings require more 
turns because higher reactances are needed for isofat- 
ing the input from the output, and 2) they require 
higher characteristic impedances in the transmission 
lines because the loads they see are greater. Therefore, 
when winding one of these devices, you'll just run out 
of space on your toroidal cores when trying to satisfy 
the low frequency and high frequency objectives. 
Incidentally, beaded transmission lines are not recom- 
mended at these impedance levels because of their 
excessive losses. 

There are two methods for obtaining broadband 
operation at these high impedance levels. One uses 
Guanelia’s 9:1 and 16:1 Baluns, which are converted 
to Unun operation.* The other uses higher-order 
windings (quadrifilar in this case) on a single core, 
which is an extension of Ruthroff's bootstrap 
approach.2 The Guanella approach, which uses coiled 
transmission line connected in series at the high- 
impedance side and in parallel at the low-impedance 
side, results in very broad bandwidths—but with diffi- 
culty in meeting low-frequency objectives. Low-fre- 
quency models? show that, with ratios above 4:1, 
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Figure 16-1. Schematic diagram of the quadrifilar design, 
using Ruthroff’s approach for high-impedance, low-fre- 
quency Ununs like the Beverage matching transformer. 


some of the coiled windings are connected in parallel, 
resulting in reduced reactances. However, with the 
Ruthroff approach, all of the inductances (at the low- 
frequency end) end up mutually aiding each other. 
However, Ruthroff’s approach suffers at the high-fre- 
quency end because a direct voltage is summed with 
three voltages that traverse various lengths of trans- 
mission lines. As a result, Guanella’s approach of 
summing voltages of equal delays is preferred for the 
higher frequency bands, and Ruthroff’s approach is 
most often used for the lower frequency bands. This 
chapter presents designs using Ruthroff’s approach. 

Figure 16-1 shows the schematic diagram of a 
quadrifilar-wound Unun. If the lengths of the trans- 
mission lines are very short compared to the wave- 
length (therefore, phase delay and standing waves are 
negligible), then: 


V1, =V2=V3= V4 (Eq 16-2) 
at terminal 6, 

Vo= V1 + V2+ V3=3V, (Eq 16-3) 
and the impedance ratio becomes: 

g=(VJ/V))?=9 (Eq 16-4) 
At terminal 8, it becomes: 

g= 16 (Eq 16-5) 





Photo 16-A. The bottom 
view of the low-power Bev- 
erage antenna Unun. 


The voltage at the tap in winding 7-8 is: 


Vo = 3V) + Vs 
= 3V, +n/NV, = V)(3 + n/N) 
= V,(3 + n/N) (Eq 16-6) 
where: 
N = total number of turns 
n = number of turns from terminal 7 
The impedance ratio, using the tapped winding, 
becomes: 
g =(V,/V})2 = (3 + n/N)? (Eq 16-7) 
When the lengths of the transmission lines are sig- 
nificant, then important phase delays can occur and 
reduce the high frequency response. As you can see in 
Figure 16-1, V> travels one transmission line, V3 
travels two transmission lines, and V4 travels three 
transmission lines. Additionally, the high frequency 
response is further diminished if the characteristic 
impedances of the transmission lines are not at their 
optimum values (which is hard to do at these imped- 
ances levels). Even with these major flaws, the 
Ruthroff approach is better for Beverage antenna use 
because this antenna’s greatest advantages are on the 
lower frequency bands (80 and 160 meters). 


Sec 16.3 A low-power Design 


Photo 16-A shows the bottom view of a 5-turn 
quadrifilar-wound Unun designed to handle 100 watts 
of continuous power with constant ratios from 9:1 to 
16:1 in the 40- and 80-meter bands. It uses the 
Ruthroff approach of Figure 16-1 and is shown here 
to give the reader a method for making the various 
interconnections. For operation on the 80- and 160- 
meter bands, I would use 6 quadrifilar turns on a 1.5- 





Photo 16-B. The low-power Beverage 
antenna Unun mounted in a 4 inch 
long by 2 inch wide by 2.75 inch high 
minibox. 


inch OD ferrite toroid with a permeability of 250. The 
bottom winding is No. 20 hook-up wire and the other 
three are No. 22 hook-up wire. Winding 7-8 is tapped 
at 2 turns from terminal 7, yielding a 11.11:1 ratio, 
and at 3 turns from terminal 7, yielding a 12.25:1 
ratio. Therefore, with outputs also at terminals 6 and 
8, this Unun matches 50-ohm cable to loads of 450, 
555.6, 612.5, and 800 ohms. 

Photo 16-B shows the unit mounted in a 4 inch long 
by 2 inch wide by 2.75 inch high minibox. The output 
(the feedthrough insulator) is connected to one of the 
taps. A grounded binding post is also shown. 


Sec 16.4. High-power Designs 


Photo 16-C shows three high-power designs. The 
one on the left is specifically designed to cover the 
frequencies generally used with traveling wave struc- 
tures like the Beverage antenna. This design has 10 
quadrifilar turns on a 2.4-inch OD ferrite toroid with 
a permeability of 250. Winding 1-2 is No. 14 tinned 
copper wire, and the other three are No. 16 tinned 
copper wire. The wires are also covered with Teflon 
sleeving. Winding 7-8 is tapped at 5 turns from ter- 
minal 7, yielding a ratio of 12.25:1. When matching 
50-ohm cable to loads of 450 ohms (terminal 6), 
612.5 ohms (the tap), and 800 ohms (terminal 8), the 





UNUNS FOR BEVERAGE ANTENNAS 109 





Photo 16-C. Three high-power, low-frequency Ununs using a quadrifilar design 
with Ruthroff's approach. The one on the left is designed to cover the 80- and 
160-meter bands. The other two are designed to cover the 160-meter and AM 
broadcast bands. 


variation in response is less than 5 percent from 1.5 
to 4 MHz. At 6.5 MHz, the variation (which is an 
increase in the impedance ratio) increases to about 
20 percent. Photo 16-D attempts to provide a better 
view of the connections. 

The other two high-power Ununs in Photo 16-C are 
specifically designed to cover the broadcast and 160- 
meter bands. The one in the center has 9 quadrifilar 
turns (of the same wires as above) on a stack of two 
2.4-inch OD ferrite toroids with permeabilities of 250. 
The tap on winding 7-8 is now at 4 turns from termi- 
nal 7, yielding a ratio of 11.86:1. When matching 50- 
ohm cable to 450 ohms (terminal 6), 593 ohms (the 
tap), or 800 ohms (terminal 8), the response is literally 


Photo 16-D. The bot- 
tom view of the high- 
power Beverage anten- 
na Unun, 
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flat from 0.5 to 2 MHz. At 4 MHz, the ratios increase 
by about 6 percent. At’? MHz, they increase by about 
20 percent. 

The Unun on the right in Photo 16-C illustrates 
another way of obtaining the same performance as 
above. In this case, the design has 12 quadrifilar 
turns (of the same wires as above) on a 2.68-inch OD 
ferrite with a permeability of 290. The tap on wind- 
ing 7-8 is at 6 turns from terminal 7, yielding a 


12.25:1 ratio (instead of 11.86:1 as above). Aithough 
the performance of this design is practically the same 
as the one above (using the two 2.4-inch OD cores), 
it is a much more expensive design because the 2.68- 
inch OD core is not nearly as popular. However, if a 
broadband, high-power and high-impedance Unun 
{or Balun) is required to cover 1.5 to 30 MHz, then 
these expensive 2.68-inch OD ferrite cores are very 
likely the only alternative! 


Chapter V 


Concluding Remarks 





Sec 17.1 Introduction 


s I’ve often said, there is little information that 
Ak with aspects of design and applications 

of practical hardware. Most companies are 
reluctant to publish their results for fear of giving 
away their hard-earned secrets. Textbooks only con- 
tain a few paragraphs on the subject. Therefore, very 
few people fully understand this technology, and, as a 
result, it is still far from reaching its full potential. 

This book not only contains my designs, which have 
appeared in series written for CQ and Communica- 
tions Quarterly, but also my views on other articles 
that have appeared in the amateur radio literature. 

In the process of converting and combining the arti- 
cles into appropriate chapters, one section in my arti- 
cle in the CQ, March 1993 issue entitled “Dual-Ratio 
Ununs,” stood cut as having broader applications. It is 
entitled “Reflections on Power Ratings” and is pre- 
sented here. This information is followed by a section 
on misconceptions and one on the “state of the art.” 

After reading this book, some might think | was 
overly critical and didn’t agree with any of the designs 
or explanations (or both) presented in the amateur 
radio literature. This is quite true. In taking this stand, 
I was hoping to provoke, in return, critical comment 
on my work. In this way, we can help our amateur 
friends—and perhaps even our professional friends— 
by advancing the understanding and application of 
these very useful transformers. 


Reflections on 
Power Ratings 


Power rating is one of the most controversial and least 
understood specifications for the transmission line 
transformer. As of today, no professional group has 
yet set the standard for this specification (as well as 
any other) for this popular class of matching trans- 


Sec 17.2 


formers. In fact, manufacturers of ferrites, which are 
mainly the materials used with these devices, only 
specify them for their uses as conventional transform- 
ers and inductors, or microwave devices. 

It is well known that power ratings for practically 
all conventional devices are based upon catastrophic 
failures (usually exceeding a voltage or current limit}, 
and failures over a relatively short period of time due 
to an excessive rise in temperature. 

With transmission line transformers, there are really 
two catastrophic-type failures that can occur. One is 
voltage breakdown. If the device is misterminated 
with a high impedance (especially an open circuit), a 
breakdown of the insulation can occur. This is particu- 
larly true of the 1:] Balun (50:50 ohms) that is termi- 
nated with the very high impedance of a full-wave 
dipole or inverted V. Using heavily coated wires (but 
still maintainmg a characteristic impedance close to 
50 ohms), or small but high-power coaxial cable, can 
help under these conditions. 

The second catastrophic failure occurs at the low- 
frequency end of the transformer’s passband, when 
the energy is not completely transmitted to the output 
circuit by a transmission line mode. This takes place 
when the reactance of the coiled or beaded transmis- 
sion line is not sufficient to prevent conventional 
transformer currents or shunting currents to ground. 
Under these conditions, harmful flux can take place in 
the core or beads. Nonlinearities can also occur if the 
flux becomes appreciable. The objective in design at 
the low-frequency end is to have a margin of safety 
such that, with a termination of about three times 
(hence VSWR of 3:1) that of a matched condition,2 
no flux will appear in the core or beads. 

The failure due to an excessive rise in temperature 
is the least understood of the two because it involves 
the failure mechanism in transmission line transform- 
ers when only transmission line currents are allowed 
to flow. Unlike the conventional transformer whose 
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losses are current dependent (wire, eddy current, and 
hystereis losses), the transmission line transformer’s 
losses are voltage dependent {a dielectric-type). That 
is, the greater the voltage drop along the length of the 
transmission lines, the greater the loss. Furthermore, it 
can be shown that only low-permeability ferrites (less 
than 300) yield the extremely high efficiencies of 
which these transformers are capable.? 

Because all transmission line transformers have 
yoltage drops along their transmission lines, we must 
look at their high-frequency models to determine the 
magnitude of these drops and, hence, the temperature 
rise that can be expected. Here are some examples: 

If V; is the voltage that appears on the 50-ohm side 
of the transformer, then: 

1} For a quintufilax-wound Unun, the longitudinal 
voltage-drop is V,/5 in matching to lower impedances 
(like 32 or 18 ohms) and V,/4 in matching to higher 
impedances (like 78 or 139 ohms). 

2) For a quadrifilar-wound Unun, the longitudinal 
voltage-drop is V,/4 in matching to lower impedances 
(like 12.5 or 28 ohms) and V,/3 in matching to higher 
impedances (like 89 or 200 chms). 

3) For a trifilar-wound Unun, the longitudinal voit- 
age-drop is V,/3 in matching to lower impedances 
(like 22.22 or 25 ohms) and V ,/2 in matching to high- 
er impedances (like 100 or 112.5 ohms). 

4) For a bifilar-wound Unun, the longitudinal volt- 
age-drop is V;/2 in matching to a lower impedance of 
12.5 ohms and V, in matching to a higher impedance 
of 200 ohms. 

Because the quintufilar-wound Unun has the lowest 
voltage drop, it is expected to have the highest effi- 
ciency. Furthermore, it can be seen that the highest 
efficiencies occur in matching to lower impedances. 
Very accurate measurements* have shown that 4:1] 
Ununs, using ferrite cores with permeabilities of 125, 
have exhibited losses of only 0.02 to 0.04 dB in 
matching 50 to 12.5 ohms from 1 MHz to over 30 
MHz. Even though the Ununs in this book have most- 
ly used permeabilities of 250, and should have slight- 
ly greater losses, many use higher-order windings (tr- 
filar, quadrifilar, and quintufilar) and, hence, have 
lower longitudinal voltage drops. Therefore, they 
should have losses of only 0.02 to 0.04 dB, as well. 

When matching at the 1 kW level, the figures above 
mean that only 5 to 10 watts would be dissipated in 
the Unun. As a heatsink, these small transformers 
should be able to handle this loss easily. In fact, they 
should be able to handle several times this level of 


continuous power. Also, because they use heavily 
coated wires, their peak power ratings should be 
greater by more than a factor of two! 

Another important power rating consideration is to 
determine what happens when the transformers are 
misterminated. Because the losses being considered 
now are dielectric-types and, hence, voltage-depen- 
dent, the harmful terminations are greater than that for 
which the transformers were designed. For example, 
if the termination is three times greater (a VSWR of 
3:1), the voltages along the transmission lines would 
increase by a factor of 1.73. This means the losses 
would practically double. The Ununs described in this 
series, when matching to impedances lower than 50 
ohms, should easily handle this mismatch. Obviously, 
mismatches in the range of 10:1 would result in much 
lower efficiencies and should be avoided. 

The analysis of the losses in Baluns follows the 
same pattern. The voltages are as follows: under 
matched conditions for a [:1 Balun (50:50 ohms), 
V,/2; for a 4.1 Balun (50:200 ohms), V,; for a 9:1 
Balun (50:450 ohms}, 1.5V,; and for higher-imped- 
ance Baluns it could be 2V,. The higher voltage 
drops, together with high VSWRs, means that high~ 
impedance Baluns (and Ununs} have more loss and 
require larger structures to dissipate the heat. It should 
also be pointed out that there is a tradeoff in efficiency 
for low-frequency response with Baluns (and Ununs) 
when matching 50 ohms to higher impedances like 
200 ohms, 300 ohms, 450 ohms, and higher. This is 
done by using permeabilities of 125 and lower. 

Finally, I thought it might be useful to give some 
general guidelines as to what efficiencies you might 
expect with Baluns and Ununs when using ferrite 
cores or beads with a permeability of 250. Here are 
some expected efficiencies when matching 50 ohms to 
various loads under matched conditions: 


Loads Efficiency 

50 ohms or less 98 to 99.5 percent 
50 to 100 ohms 97 to 98 percent 
106 to 200 ohms 96 to 97 percent 
200 ohms and above 93 to 96 percent 


As I mentioned earlier, these efficiencies would be 
reduced by a percent or two with a VSWR of 3:1, 
which increases the loss by a factor of about two. 
Also, the efficiencies can be increased by a percent or 
two with high-impedance loads (greater than 100 
ohms) by resorting to lower permeability ferrites that 


trade off efficiency for low-frequency response. In 
closing, I would like to say that high-permeability 
manganese-zine ferrites should be avoided because of 
their much higher losses. Furthermore, their losses are 
highly frequency dependent, while low-permeability 
nickel-zinc ferrites are not. 


Sec 17.3. Misconceptions 


From recent discussions on the air and phone calls 
concerning Baluns, | think the most expensive mis- 
conception regarding Baluns is the assumption that a 
9:1 (450:50 ohm) Balun would match 50-ohm cable 
{or the output of a linear or transceiver) to 450-ohm 
twin lead, without considering the effect of its termi- 
nation. In truth, the 9:1 Balun would only see 450 
ohms if the line were terminated in 450 ohms. In real- 
ity, if the line were terminated in a 50-ohm dipole, the 
Balun would see 50 ohms when the line is a half-wave 
long and 4050 ohms when is a quarter-wave long. The 
9:1 Balun is clearly useless in this application. 

By far, most misconceptions regarding Baluns are 
due to the many radio amateurs who perceive these 
devices as conventional transformers that transmit the 
energy from input to output by flux linkages and not 
as transmission line transformers, which transmit 
energy by an efficient transmission line mode. This is 
clearly shown by the writers who have compared their 
“new” coaxial cable (coiled about a toroid or threaded 
through ferrite beads) Baluns with Baluns using wire 
transmission lines coiled about a ferrite rod or toroid, 
They claim their Baluns are better because the others: 
1) were limited by leakage inductance, 2) did not 
exhibit true 1:1 impedance transformations, 3) were 
prone to core saturation, 4) added a reactive compo- 
nent to the input impedance, 5) were susceptible to 
unbalanced and mismatched loads, and more impor- 
tantly, 6) had more loss. 

If the writers had accepted the correct model for 
these devices (given to us by Guanella and Ruthroff}, 
which shows that they are really chokes (lumped ele- 
ments) and configurations of transmission lines (dis- 
iributed elements}, then there are several parameters 
they should have considered in their comparisons. 
They are: 1) the characteristic impedances and 
lengths of the transmission lines (the high-frequency 
capability), 2) what form of the 1:1 Balun or 4:1 
Balun is used by the other Balun, 3) the low-frequen- 
cy capabilities (safety margins), 4) power capabili- 
ties, and finally 5) efficiencies. 
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Now, had the writers used the proper parameters in 
their comparisons, they would have found that mis- 
match loss was mistaken for real (ohmic) loss; high- 
frequency response was limited by standing waves, 
and not leakage inductance or shunting capacitance, 
the beaded-coax Balun had more loss than a well- 
designed Balun using wire or coax transmission lines 
coiled about a toroid; and that their comparisons were 
made with either the trifilar (voltage) 1:1 Balun or the 
Ruthroff 4:1 Balun, which are inferior designs. 

In fact, the perception that the transmission line 
transformer is actually a conventional transformer is 
so prevalent, that a new name for this class of devices 
should be considered—broadband transmission line 
matching networks. This name (without the word 
transformer) would help in dispelling inaccurate per- 
ceptions and in standardizing the schematic diagrams. 
It would place the coiled or beaded transmission lines 
(in the high-frequency models) horizontally, and elim- 
inate the phasing or polarity dots. 


Sec 17.4 The State of the Art 


Until very recently, the radio amateur had only two 
types of Baluns available in the literature and on the 
market. They were the so-called {:1 and 4:1 “voltage” 
Baluns. As was shown in Chapter 7, the comparisons 
by others with new 1:1 designs using coaxial cable 
(called “current” Baluns} were made with an inferior 
trifilar-wound Balun, instead of Ruthoff’s design that 
appeared in his 1959 paper and became the industry’s 
standard. Ruthroff’s third conductor on his 1:1 Balun 
was on a separate part of the toroid, thus giving it 
practically the same characteristics as the Guanella 
(“current”) Balun. These articles on newer designs not 
only gave a new language to our Baluns, but also pre- 
sented questionable statements regarding their perfor- 
mances. It would be interesting if the authors of these 
articles compared their Baluns with well-designed 
Ruthroff or Guanella Baluns using 50-ohm bifilar 
windings or coaxial cables on low-loss ferrite toroids 
(less than 300 permeability). I am quite sure their 
claims would be greatly diminished. 

As was noted in Chapter 8, the 4:1 voltage Balun 
appeared in the amateur radio journals about 25 years 
ago (the same time as the “inferior” 1:1 voltage 
Balun). Considerable design information appeared in 
the handbooks of the time regarding the construction 
and performance of this Balun. Furthermore, this 
information also stayed the same over these many 
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years. As was shown in Chapter 8, the design was 
found lacking. However, with some rather simple 
changes, like doubling the cross-sectional area of the 
core, increasing the number of turns from 10 to 14, 
and using extra insulation on the wires to increase the 
characteristic impedance of the coiled transmission 
line from about 50 to 100 ohms {the objective), a 
much better design emerged. In fact, for balanced 
antenna systems, this new design might well be 
described as “peerless.” 

A 4:1 Guanella (current) Balun has now appeared in 
our handbooks. This more flexible Balun uses two 
transmission lines wound on separate cores and con- 
nected in series at one end and in parallel on the other. 
Literally, no design information is given on its con- 
struction. What is offered are recommendations for 
the permeability of the ferrite cores. Values from 850 
to 2500 are proposed. However, use of these high per- 
meabilities would result in lossy Baluns. 

1 also found it interesting, in my work on these 
devices, that the classic papers of Guanella* and 
Ruthroff? are still the cornerstones of this technology 
known as transmission line transformers. To be sure, 
some of us have extended the work of these two by 
using better measuring equipment, creating more 
complicated configurations, and finding new applica- 
tions. However, it is apparent from the articles pub- 
lished in the amateur radio journals and discussions 
on the air and at club meetings that most radio ama- 
teurs still perceive these devices as conventional trans- 
formers. They don’t look at these devices as Guanella 
and Ruthroff did—as chokes and transmission lines. 
As a result, there has been a lack of good design 
information in our literature. 

There are many new and useful designs possible 
with this technology, as discussed in Part I of this 
book. They include: higher power levels, applica- 
tions on the VHF and UHF bands and above, and 
new Baluns and Ununs with ratios other than 1:n2 
where n= 1, 2,3,..., etc. This book presents some 


designs* and suggestions for higher-power and high- 
er-frequency applications. 

I see two reasons for the lack of emergence in this 
technology. They are: 

1) This subject is not adequately covered in any col- 
lege textbook, and it generally has not been of interest 
to academics who rightfully view their role as basic 
research and not applications. As a result, there are 
few graduates with any skill in the design of transmis- 
sion line transformers—in contrast to the areas of 
transmission line, waveguide, and antenna theory. 

2} The professional societies don’t receive enough 
application papers. Although much of the research 
and development work performed in industry is highly 
innovative, important to the advancement of the tech- 
nology, and certainly publishable in scientific jour- 
nals, corporations are often reluctant to allow publica- 
tion for fear of “aiding” their corapetition. It has been 
stated? that in the past few decades, the submission 
of application papers to the technical journals of the 
JEEE has declined. In fact, a survey by one of the 
technical societies showed that 85 percent of the sub- 
missions now come from universities, not industry! 

In order to assist technologies, like transmission 
line transformers, which are far from reaching their 
potential applications, IEEE has instituted a program 
called Emerging Practices in Technology (EPT), The 
object of the EPT program is to facilitate the devel- 
opment of new standards by disseminating and mak- 
ing available various EPT papers to the broadest pos- 
sible audience worldwide. The papers on practices in 
various areas of technology are peer reviewed by rel- 
evant IEEE Technical Committees, and have the 
potential for standardization in the future. The papers 
(mine is Reference 30) are published by the TERE 
Standards Press. 


POOFNOTE 


*iits and finished units available from Amidon Associates. lac., 240 Briggs Ave., Costa Mesa. CA 
92626. 
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SWR POWER METER FOR 80 
THRU 10m BANDS 
James Lee W6VAT 


W 1TH the declining sunspots, usage of the 
lower frequency bands is definitely in- 
creasing. The resulting increased QRM is 
helpful to no one and only efficient equipment 
and operating procedures will result in a 
maximum number of QSO’s. The SWR/PWR 
meter described here won’t make you a better 
operator, but it can help you be sure that you 
are delivering the most rf to your antenna 
from your rig. Fig. 1 shows a front view of 
the meter. 

The basic circuit is a directional coupler 
switched to sample either forward or reverse 
voltage and a voltmeter to read this voltage. 

This type of coupler has an output propor- 
tional to length, power, and frequency, The 
longer it is, the more output it gives. Since 
it puts a small impedance “bump” in the line, 
the length of the coupler should be limited to 
not over 1/20 wavelength at the highest fre- 
quency, or it may begin to contribute notice- 
ably to the SWR itself. For a given power, 
if the frequency of the rf flowing through the 
coupler is reduced, the maximum coupler out- 
put is reduced. This means that you can get 
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What is Your SWR, OM? 


full scale readings on 10 M with a lot less 
power than on 80 M. The meter described here 
gives half scale deflection on 40 M, at maxi- 
mum sensitivity, with about 350 watts of for- 
ward power. If your rig is a KW this meter 
will fill the requirements for SWR/PWR 
measurements nicely. It can be left in the line 
at all times to monitor SWR or Power deliv- 
ered to the antenna or other load, If desired, 
a Barker and Williamson type 551A coaxial 
switch can be used to insert the meter in the 
line for test purposes and then switch it out 
during operating periods. 


Construction 


The unit is built in a gray hammertone 
LMB type 141 box. The dimensions of this 
box are 8” x 4" x 6”, Fig. 2 shows the parts 
placement and should answer any questions 
concerning layout. 

The coax directional coupler is made from a 
14” length of RG-8/U. The outer covering is 
slit lengthwise with a knife and peeled off. 
Take care here not to cut into the woven braid. 
The woven braid is then bunched toward the 
center to loosen it. Next, a length of #22 
enameled wire is passed through the braid 
at about 24%" from one end and run under 
the braid next to the inner insulation, It is 
brought out at the other end, again 2%” 
from the end of the shield braid. When this 
is done, smooth the braid back to its original 
position carefully to avoid scratching the 
enamel on the #22 wire. The #22 enameled 
wire should lay as straight as possible under 
the braid. It should have no slack nor should 
it twist around the inner insulation to any 
great degree, The ends of the shield braid are 
trimmed back far enough to be soldered to 
Amphenol 83-1H hoods. The inner insulation 
is trimmed off so as to expose about 3/16” of 
the inner conductor. The inner conductors are 
then soldered to Amphenol 83-1R female type 
chassis mount coax connectors, The coupler 
may now be set aside and the rest of the meter 
constructed. 

Potentiometer R,: is mounted on 1/16" x 1” 
x 4” piece of bakelite and positioned approxi- 
mately in the center of the box to minimize 
capacity to ground. The metal rear cover is 
removed from the pot for the same reason. 
The pot ground lead is to the center of the 
coax and is wire in last. The diode D, should 
be protected from damage by heat when solder- 
ing it in the circuit. Long nose pliers gripping 
the leads near the body of the diode are sat- 
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isfactory. The directional coupler is the last 
item soldered in place. As can be seen in the 
photos—the coax connectors are mounted from 
the inside of the box. When the #22 enameled 
leads are soldered to S: they should be the 
same length, and again, take care not to 
scratch the enamel or a short circuit may 
occur and you'll have to do it all over again. 


Calibration 


There are any number of ways to calibrate 
the SWR/PWR meter, but the way most hams 
will use is their own rig and a suitable dummy 
load. Though very limited in power, a 2 watt 
50 ohm resistor such as made by Ohmite, 
IRC and others, mounted inside an Amphenol 
83-1SP male coax plug makes a very good 
dummy load, Although not completely non- 
inductive, this dummy load is far superior to 
such real unknowns as light bulbs, electric 
iron heating elements, etc. This particular load 
is 50 ohms shunted by 6 mmfd over the range 
of 3-30 me. It is a good dummy load—though a 
low power one. 

With the back cover off, attach the dummy 
load to J2, the load jack. Set R1, the Sensitivity 
Control, to maximum and S, to FORWARD. 
Next apply power by hooking your rig (or 
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other rf source) to J:, the transmitter jack. 
Make sure that the rf applied is 28-30 me, 
or, the highest frequency you operate in the 
3-30 me region. This meter is sensitive to fre- 
quency, Stray capacities and other unbalances 
will have their greatest effect at the highest 
frequencies. In any event, calibrate the unit 
on the highest frequency your rig will tune 
in the 8-80 me region. With power applied, 
set Rs so the meter reading is at least half 
scale and switch S: to REVERSE, This will 
result in a lower meter reading. R, should then 
be adjusted for a minimum reading on the 
meter. Using the suggested load, you will not 
get a complete null, but the null should not 
be much more than 50 ua for half scale de- 
flection in the FORWARD position on S:. 
Don’t put too much power into the dummy 
load since excessive dissipation can ruin it 
and change its characteristics greatly. If you 
have a higher power dummy load whose char- 
acteristics you know accurately, by all means 
use it, but remember a light bulb is not a 
good load. Once nulled, lock the nut on R, 
taking care not to disturb the setting, Replace 
the back cover and using the dummy load, re- 
check the null to make certain that it has not 
shifted. 


Using The Meter 


To make SWR measurements you need only 
insert it in the line and set S: to FORWARD 
and S, to SWR. Adjust the sensitivity control 
for at least a half scale reading. Then switch 
S$: to REVERSE and read the value. SWR 
is then caleulated by the following: 


liwa “+f Trey 
swR= —— 
Iiwa —_— Trev 
For example: 


let Tews = 500 ua and Irv = 50 ua, then 


500 + 50 
swrR = ——_ 
500 — & 


The meter is useful for tune-up purposes 
where exact SWR is not needed, Just keep the 
FORWARD reading at a constant value and 
tune for minimum REVERSE readings. The 
exact SWR can be calculated when you have 
found the lowest REVERSE position. 
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The POWER position may appear to be 
essentially the same as the SWR position and 
it is. When measuring power into a load of 
known fixed value you only need to know 
the yoltage aeross (or the current through) 
the load. The POWER position on S: is used 
with S, set to FORWARD. R: is merely set 
to a scale reading that is convenient for all 
bands if only a relative reading is used. If a 
good 50 ohm high power dummy load is avail- 
able, you may make accurate calibrations by 
using a VTVM plus high frequency detector 
probe and measuring the actual voltage across 
the load. Just put a T-connector on the load 
jack J,. Put the dummy load on one arm of 
the “T” and read the voltage at the other arm. 
200 volts across a pure resistive load of 50 
ohms is equal to 800 watts of power. If your 
rig delivers a key down 800 watts to a load 
then you could set R, at 0.8 ma on the scale, 
ete. The scale will not be precisely linear, 
particularly at low powers, but if enough re- 
sistance is used at Rs the effects should be 
minimum. Since the coupler voltage is fre- 
quency sensitive one setting of R; will not 
hold for all bands, If desired, R» could be re- 
placed with a switch and a number of selected 
resistors (one for each band). This would keep 
the scale factor constant between bands. This 
could be done for Rs as well, but complicates 
an otherwise simple device 


Operation 
Once calibrated, the meter is very simple to 
use. Just hook it in the line at some con- 


venient point and apply power, With S, set 


to FORWARD and S&S: set to SWR, adjust 
R; for at least a half scale reading. Switch 
S: to REVERSE and you will then be able to 


continuously monitor your reverse power. For 
power measurements, set S, to TORWARD 
and §, to PWR. Apply power and the meter 
will be monitering your forward power con- 
tinuously. R; is a screw driver adjusted pot. 
It can be set, and locked at a point which al- 
lows operation on all the bands you operate. 
The seale reading on each band will be differ- 
ent, but once set, these readings can be jotted 
down in your log book and any change quickly 
noted. This meter is also an excellent device 
for the antenna “‘tinkerer,” or if you have coax 
coupling between stages in your rig it can be 
used to provide proper power transfer, Best 
of all, it is not expensive nor diMleult to con- 
struet. Try one and you won't be without one 
again. 


AN ETCHED CIRCUIT SWR BRIDGE 
Ed Lawrence WASSWD 


Several of these boards have been etched 
and units assembled, and all have been satis- 
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Schematic diagram of SWR_ bridge 
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factory. I have used mine, with a 200 micro- 
amp meter, from a kw on the low bands 
up to a “Twoer,” with no problems with 
sensitivity. 

Since Bud Miniboxes are commonly avail- 
able, I scaled this board to fit into the Bud 






TO DIODE 
DETECTORS 


Fig. 1. Metering circuit for the etched 
circuit SWR bridge. 








Fig, 2. Layout jor the printed circuit board. 


Minibox CU 2102A or CU 3002A. If you 
want to include the metering in the same 
package, the CU 2103A or CU 3003A should 
be used to give more room, 


If you use the CU 2102A, center the 
coax connectors on the ends. If the CU 
2103A, mount the connectors {8 inches from 
the open end. I used solder Jugs bent at 
right angles to mount the P. C. Board to 
the chassis. The. photograph shows the 
mounting much better than 10,000 words. 


The meter sensitivity control circuit shown 
has a wider control range than the one 
shown in the ARRL Handbook, since the 
pot shunts the meter at low settings. This 
action could be accentuated by putting a 
fixed resistance in series with the meter 
movement, at the expense of sensitivity. 


Although the virtues of operating transmis- 
sion lines with low standing wave ratios 
(SWR) have been discussed many times in 
the past, evidently the economics of main- 
taining low SWR’s are not readily apparent, 
particularly if the frequency of operation is 
low and the transmission line short. This 
has been reflected in various pseudo-techni- 
cal QSO’s where many have been led to the 
utter disregard for standing wave ratios, Most 
members of the amateur fraternity exist on 
limited budgets at best and when a significant 
portion of that precious transmitted power is 
eaten up by transmission line losses and mis- 
interpreted standing wave ratios for naught, 
something should be done. 
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A look at the graph in Fig. 1 will show you 
the percentage of power reflected for various 
standing wave ratios. For instance, if you are 
presently tolerating an SWR of about 5.8:1 
(not uncommon in many ham shacks), 50% 
of the power which reaches the antenna 
is actually reflected back down the transmis- 
sion line, heating up the final tank and causing 
TVI. Nor is only the transmitted signal effect- 
ed, a high SWR will similarly degrade the 
received signal. This is particularly important 
in the reception of the extremely low level 
signals often encountered in DX and VHF 
operating. Stereophonic buffs should take heed 
too. A recent report by the IEEE (Institute 
of Electronic and Electrical Engineers) Pro- 
fessional Group on Broadcasting noted that a 
high SWR on receiver antenna inputs causes 
a reduction of stereo quality. 
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Attenuation vs frequency. 


Many of the amateur stations on the air 
today make use of RG8A/U coaxial cable. Its 
excellence is proven out by its extensive use by 
the military, but a look at the loss graph (Tig. 
2) for this cable indicates that it is not com- 
pletely lossless! Even at 4 me it has approxi- 
mately 0.3 db loss per 100 feet, and on six 
meters there is a loss of 1.4 db for the same 
length. A look at Fig. 3 indicates that on 75 
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rise 
Attenuation vs Power transmitted. 


meters only 94% of the transmitted power is 
delivered to the antenna if 100 feet of 
RG8A/U is in use. At 50 me the loss has 
sky rocketed to 26% for the same length of 
line. However, there is one big hooker for 
these conditions to exist: the SWR must be 
1:1. For any other value of SWR there will 
be further line losses as shown in Fig. 4 be- 
cause standing waves have the property of 
multiplying attenuation. This graph indicates 
that if a transmission line is operating at an 
SWR of 3.7:1, the line loss will be multiplied 
by a factor of two. For the previously men- 
tioned situation on 50 me, an additional 24% 
loss could be expected with an RG8A/U line 
operating at an SWR of 3.7: 1, 

It should be obvious by now that the use 
of an SWR bridge in the line at all times is 
very advantageous in the maintenance of a 
low SWR at the operating frequency. How- 
ever, contrary to popular belief, the SWR 
bridge does not tell all. Since there is loss or 
attenuation in any length of transmission 
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line, the reflected wave will be attenuated in 
the same matter as the transmitted or inci- 
dent signal. Because the standing wave ratio 
is the ratio of the incident wave to the reflected 
wave, attenuation of the reflected wave will 
give erroneous SWR measurements when the 
SWR bridge is conveniently located at the 
transmitter. In this location the bridge will see 
the full power of the transmitter, but only a 
portion of the reflected signal. In some cases 
where the length of the transmission line is 
excessively long, the reflected wave will be 
attenuated to such a degree that the SWR 
will appear to be very close to 1:1, while in 
reality it will be a good deal higher. This 
fact is graphically represented in Fig. 5. 
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For example, 143 feet of RGSA/U at 50 
me would result in approximately 2 db attenu- 
ation. If an SWR bridge inserted in the line at 
the transmitter indicated an SWR of 2:1, this 
graph shows that an SWR of 3:1 exists at the 
antenna. A look at Figs. 3 and 4 will indicate 
that a 3,3 db loss (2 db times 1.65 multiplier) 
occurs, amounting to 47% loss of transmitted 
power in transmission line losses, Of the re- 
maining 53% power arriving at the antenna, 
24% will be reflected back down the line. A 
little simple arithmetic will show that of the 
total power transmitted, only 30% will be ra- 
diated! This simple mathematical fact should 
make the merits of low standing wave ratios 
immediately obvious if we wish to get the 
most out of our equipment. By keeping trans- 
mission lines short and by insuring that the 
SWR is as close to 1:1 as practicable, line 
losses will be minimized, maximum power 
will be delivered to the antenna and more 
successful and reliable radio communications 
will result. 


CHECKING YOUR SWR INDICATOR 
Carl Drumeller WSEHC 


Many articles have been published on 
how to build and even some on how to 
calibrate a VSWR indicator. The calibration 
instructions usually tell you to terminate 
the indicator’s output with a purely-resistive 
52-ohm load and then to adjust the device 
so that a maximum forward and minimum 
reflected meter deflections are obtained. 
Sometimes they'll go further and tell you 
to reverse the device and recheck for op- 
posite indications. 

This is all very well. It assures you that 
the VSWR indicator will be telling you the 
truth when it says “All’s well!” while look- 
ing into an utterly-flat transmission line. 
It doesn’t tell you a thing about what the 
indicator will have to say when it gets tan- 


gled up with a line that has a wildly-mis- 
matched termination. 

As most transmission lines, in actual prac- 
tice, are terminated in loads which are not 
only mismatched in the matter of resistance 
but also in the inclusion of a considerable 
magnitude of reactance, it would be well 
to explore the indications you'll get under 
realistic circumstances. After all, these are 
the situations under which you'd want to 
take corrective steps. Accurate indications 
of undesired conditions, therefore, are im- 
perative if intelligent remedial actions are 
to be taken. 

Fortunately, some quite enlightening tests 
are made easily. All you'll need are some 
lengths of coax transmission line (the same 
as you're using in your antenna feedline) 
equipped with male fittings at each end 
and a few female-to-female junctions. Se- 
lect the frequency at which you want to 
make the test. Usually it’s wise to make 
the test on the highest frequency band you 
plan to use. With this in mind, make up 
three one-eighth wavelength sections of 
transmission line and mount the male 
fittings on the ends of each section. 

If your antenna presents an unmatched 
load to your transmission line, you may 
elect to skip over this paragraph and go 
directly to the next one. If it does not 


(Ah, you dreamer!), you'll need another 
piece of transmission line. It should be fairly 
long, perhaps a half wavelength. Put a male 
fitting at one end and attach a termination, 
which is deliberately made to be a sad 
mismatch, at the other end. Don’t just mis- 
match it by using too high or too low a 
value of resistance. Throw in some react- 
ance, too! You might use a resistor with an 
inductor in series. Or, you might try a ca- 
pacitor in series with the resistor. Or, you 
could use either an inductor or a capacitor 
in parallel with a resistor. In fact, it would 
be best to experiment with all four! 

Now that you have a transmission line 
available that you know is mismatched, 
you're ready to start the test. The first 
check (the “control”, you might call it) 
is made with everything normal. That is, 
you'll have the transmitter feeding directly 
into the VSWR indicator’s transfer box and 
the transmission line (either the one to your 
antenna or the substitute line to the mis- 
matched load) attached to the output of 
the: transfer box. Note the VSWR indicated. 
Also note your transmitter; insure that 
it’s tuned to resonance and is adjusted to 
a power you can maintain throughout the 
first portion of the tests. Jot down these 
indications. Now, insert an cighth-wave 
section between the transfer box and the 
transmission line and without making any 
other changes or adjustments, note the 
VSWR. Repeat these steps, adding an ad- 
ditional eighth-wave section each time until 
you've used all three. Did you detect any 
change in VSWR? If there was even the 
slightest change. your VSWR_ indicator is 
not trustworthy! 

Now for two more checks. Try varying 
the transmitter power output. Does this 
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have any effect upon the indicated VSWR? 
If it does, your VSWR indicator is not trust- 
worthy! Then try varying the transmitter 
output tuning, deliberately throwing the 
stage out of resonance. Does this have any 
effect upon the indicated VSWR? If it does, 
your VSWR indicator is not trustworthy! 


Few VSWR indicators under the $150 
class will pass these basic tests. If yours 
doesn’t, don’t be perturbed. You have an 
instrument that stil] has a useful field of 
application. You can use it as a comparative 
indicator. For instance, if you're adjusting 
the gamma match at an antenna, it’ll serve 
quite well; in this application, you're holding 
all of the significant variables constant, with 
the exception of one (the gamma match), 
the effect of which you want to observe. 
Your tests will have shown you the para- 
meters you'll have to hold constant for any 
other than simple comparisons. In all prob- 
ability, you will have found that measure- 
ments taken with different (electrical) 
lengths of transmission line are invalid. Also, 
it's probable that, owing to the non-con- 
gruity of diode curves, measurements will 
have to be taken at precisely the same level 
of rf power if accurate comparisons are to 
be made. 

If you'll keep its very real limitations in 
mind, you'll find that even an inexpensive 
VSWR indicator has excellent potentials for 
useful measurements, But don’t ask it to 
perform at levels that even its expensive 
siblings can’t attain! 


HOME BREW BRIDGE CALIBRATION 
Clifford Honess W4OAB 


This table is useful for all homebrew SWR 
bridges and gives the % reflected power and 
the % full scale reading in the reflected mode, 
when the meter is set at full seale in the for- 
ward mode. 





SWR % Pwr, Refi. Refl. Rdg. in % of Pull Seale 
1.2 12% ABS 
1.2 38 a. 
1.3 1.7 13.1 
14 2.8 16.7 
1.5 4.0 20,0 
1,6 5.3 23.1 
17 6.7 26.0 
1.8 8.2 28.6 
1.9 9.7 31,1 
2.0 11.0 ore 
2.1 12.6 56.6 
2,2 14.0 7.5 
2.3 15.5 30.4 
24 17.0 AL2 
2.5 18.4 42.0 

i 19.7 4 
2.7 21.1 45.9 
2.3 22.5 47.4 
2.9 23.8 48,7 
3.0 25.0 50.0 
4.0 26.0 60.0 
57 49.0 T0 
9.0 64.0 80.0 
19.11 B10 no 


MINI SWR BRIDGE 
John Schultz W2EEY 


Most SWR meters today are of the coupled 
variety which can be left in a transmission 
line while a transmitter is operated at full 
power. However, for a number of prolonged 


tune-up operations, involving antenna match- 
ing systems, for instance, such couplers have 
several disadvantages. 

On 160 and 80 meters, especially, a rea- 
sonable amount of power is necessary to 
produce full deflection—up to 100 watts 
with some configurations. With a very low- 
powered transmitter, making adjustments at 
this power level certainly may damage the 
output tube or tank-circuit components with 
a high SWR. This will not be the case with 
higher-powered circuits but, in any case, a 
signal strong enough to cause needless QRM 
will be radiated. 

Another disadvantage of the coupled SWR 
meter, if it is home constructed, is that it 
must be carefully calibrated since its re- 
sponse is very dependent upon the mechani- 
cal configuration of the coupling circuit. This 
is unlike the bridge-type SWR meter (de- 
scribed in this article) where a standard 
SWR curve may be used with a good degree 
of accuracy, 

The above factors, plus the fact that I 
didn’t need an SWR meter continuously in 
the transmission line, Jed me to construct 
the little resistance type SWR bridge shown 
in the photograph. It is just about as simple 
and inexpensive a unit as can possible be 
built. 
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Fig. |. SWR Bridge Circuit. See text for values of 
Ri, Rs and Rs. R, and R; may be any matched value 
from 10 k to 47 k. Di and Dz are IN34, IN54, or 
similar types. All capacitors are disc ceramic, .005 
MF, 100V. 





Construction 

‘wo SO-239 coax chassis connectors are 
joined back to back by two Li inch threaded 
hex spacers. The two four-lug terminal strips 
ure mounted at the ends of one of the spac- 
ers. The wiring of diodes D, and Dy as shown 
in Fig. 1, should be such that the incidental 
voltage-measuring point appears on the 
terminal strip mounted on the “input” SO- 
239 connector, in order to avoid confusion 
in measurement. Short leads, of course, 
should be used but hardly anything else is 
possible with only 14 inches between con- 
nectors. 

Some attention must be paid to the com- 
ponents used if accurate readings are to be 
obtained. Resistor Rg must closely match the 
impedance of the coaxial line used (52 or 
75 ohms). For 52-ohm lines, a suitable re- 
sistor (within % to 1 ohm) can usually be 
found from a group of standard 10% toler- 
ance, 47-ohm resistors; and for 75-ohm Jines, 
from a group of 68-ohm resistors. Resistors 
R, and R, can have any value from about 
30 to 100 ohms, but it is important that they 
are as closely matched as possible. One trick 
which may be used to affect very small 
resistance changes is to file “V” notches in 





Fig. 2. Simplified diagram of SWR Bridge. Y: rep- 
resents incident voltage and Y. the reflected voltage. 


a composition resistor to raise its resistance. 
Two-watt units are suggested for these re- 
sistors because of their longer-term. stability 
and endurance in case too much input power 
is applied. 

Resistors R, and R, serve as linearizing 
resistors so that almost any meter with a 
basic movement of | mA or less can be used 
as an indicator. The lower de voltage ranges 
on almost any VOM will work fine. These 
resistors as well as diodes D, and Dz should 
be checked to see that they match reason- 
ably well (the resistors within a few precent 
and the diodes within a few percent for 
their forward and reverse resistance read- 
ings). 


Calibration 


There are really no adjustments that can 
be made to the bridge, and calibration 
really consists of checking the balance. Fig. 2 
is the de circuit of the bridge (a simple 
Wheatstone bridge with resistance amns). 
If the balance of the bridge is good, Vs 
should be the same when points Rx are 
opened or shorted so long as V, is held con- 
stant. This can be checked on the actual 
bridge by applying an input at the highest 
frequency of interest (6 or 10 meters), short- 
ing Js, and checking that incident and re- 
flecting voltages are the same. The same is 
done with J. open. If the voltages are not 
equal, the difference can be taken as an in- 
dication of how accurate the SWR readings 
will be. If the difference is too great, R, or 
R. will have to be changed for a better match 
or the mounting of the components changed 
to reduce stray couplings. 

A further check is to connect a known 52 
or 75 ohm resistor across Jy. The retlected 
voltage should, of course, read zero, 


Operation 

As noted in Fig. 2 the actual SWR is a 
simple function of the incident and reflected 
voltage readings. Fig. 3 presents this func- 
tion in graphical form. The incident veltage 
is simply adjusted for some convenient value, 


Fig. 3. SWR values for selected reflected voltage 
readings taken as % of incident voltage reading. 


9. 


say 10 volts reading on the de scale of a 
VOM (possible with most SSB transmitters 
by adjusting the carrier balance control with 
no audio input). The reflected voltage is 
then read as a percentage of the incident 
voltage and the SWR found from Fig, 3. 
The input power required to operate the 
bridge is essentially independent of frequen- 
cy, being about 1-2 watts maximum, 

It should be remembered that such a bridge 
can measure only the resistive portion of an 
impedance. When using it to adjust a circuit, 
if a SWR minimum null but not a zero read- 
ing for reflected voltage can be obtained, 
it indicates some reactive component must 
still be present. 


VSWR SUPREME 
EOL. Klein WABRS 


One of the most valuable tools used by the 
amateur is the Voltage Standing Wave Ratio 
Meter. It ranks with the grid-dipper and the 
plate current meter as an indispensable in- 
strument around the ham shack. We know 
that the VSWR meter is very handy in indi- 
cating relative power output when tuning a 
transmitter, particularly when the plate dip 
is not too discernable. It is most useful, how- 
ever, in proving that the last available watt 
has reached the antenna where it can do 
some good, 


Why a good match? 


Although a good copper connection is 
mide all the way to the antenna, an efficient 
transfer of power may not be achieved be- 
cause of a mismatch between the characteris- 
lic impedances of the various portions of 
the transmission The interesting 
thing is that the “match” is different for each 
frequency because the antenna is essentially 
single frequeney device, 

We can appreciate the importance of a 
proper match between the transmitter and 
the antenma when we are told, for exaniple, 
that a VSWR of 3 to T causes a power loss of 
nearly 3 dB for 200 feet of RG-8/U coaxial 
line at 30> MIEz. The table below provides 
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Fig. | Schematic of basie VSWR Meter and as- 
sociated switching circuits. 


Table | Transmitter 
Power 
Needed to 


Power Loss Provide 1 kW 


VSWR (dB) at the Antenna 
[.5:1 2.1 1600 watts 
2:1 2.3 1700 
331 2.8 1900 
4:1 3.3 2000 
5:1 3.7 2300 
7:1 4.5 2800 
10:1 53 3400 


Additisnal power needed to compensate for a poor 
impedance match between transmitter and antenna. 
Figures are based upon 200 foot of RG-8/U cable 
at 30 MHz. 


the real reason why we should be concerned 
with the impedance match. Notice how much 
the transmitter power would have to be in- 
creased to make up for a poor match be- 
tween the transmitter and the antenna. In- 
cidently, this match involves each and every 
part of the total transmission system includ- 
ing connectors, antenna relay, low-pass filter, 
balun, ete., as well as the transmission line 
itself and that particularly critical point at 
which it is connected to the antenna. 


A new approach 


Most VSWR meters today are an external 
accessory to the transmitter. But this practice 
is not good, Coaxial connectors are expensive 
and cause unwarranted mismatch and power 
loss. Meter faces usually end up behind the 
transmitter or in some other inaccessible 
location. When switching from forward to 
reverse, the little accessory box scoots across 
the table leaving scratches and a distraught 
operator, 

The transmitter plate current meter is no 
longer a plug-in accessory. Why should the 
VSWR meter be? (Believe it or not, plate 
meters used to be plugged in with phone 
jacks.) Using the simple design described 
here, the home constructor as well as the 
commercial manufacturer can now build the 
VSWR meter into the transmitter in the 
smallest possible space and at only pennies of 
cost. 


The circuit 


Nothing is new about the cirenit, It has 
heen adequately described in the past in 
magazine articles and handbooks. However, 
for the convenience of the reader, the VSWR 
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meter circuit is reproduced in Fig. 1 for 
handy reference. Terminating resistors Rl] 
and R2 should be 33 ohms for a 50-ohm 
transmission line when the physical configura- 
tion, as shown here, is used. One-half watt 
or smaller size resistors may be used. Diodes 
CRI and CR2 are any matched pair of sili- 
con diodes or germanium. The types which 
are enclosed in glass cases are the easiest to 
use because of their small size. The ohmmeter 
can be used to select and match the diodes 
of the ten-cent surplus variety found in ad- 
vertisements in ham magazines such as 73, 
Bypass capacitors Cl and C2 are 1500 pF 
Centralab type FT-1500. 


Physical components 

Parts used in this VSWR meter are illus- 
trated in Fig. 2. The brass tubing is about 5 
to 7 inches long and of 544 inch outside di- 
ameter. This size tubing fits snugly around 
the inner polyethelyne insulation from RG- 
8/U coaxial cable. About 10 inches of coax 
is stripped of its outer jacket and braid. The 
inner insulation is trimmed to extend ¥% inch 
past each end of the brass tubing. Two large 
solder lugs are selected to fit over the % inch 
threaded shank of the bypass capacitors. 
These lugs should be of the long variety so 
they may be shaped and soldered to the 
brass tubing as shown in Fig. 3. Two 8-inch 
pieces of #22 enameled copper wire are also 
required, 


Assembly 
After soldering the lugs to the brass tub- 
ing about 5s inch in from each end, the by- 
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Fig. 2 Componeni parts used in making the VSWR sensing unit. 
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pass capacitors are assembled to the lugs. 
Place several fiber washers under the ring 
nuts prior to tightening them down on the 
threaded shank of the capacitors. This per- 
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Fig. 3 Solder lug is shaped ro fit one-quarter way 
around the brass tubing. 


mits careful soldering of the capacitors to 
the lugs without danger of also soldering 
the nuts in place. 

Two small grooves are now cut 180 de- 
grees apart for the total length of the poly- 
ethelyne insulation. A small wood carving 
gouge or carefully manipulated razor blade 
can be used for this purpose. These grooves 
provide a space for the enameled copper 
wire which is held in place when assembling 
as shown in Fig. 4. Prior to this operation, 
the wire should be stretched and work-hard- 
ened by jerking it between two pairs of pliers. 
Be sure that the plane described by the two 
wires lies at right angles to the chassis on 
which the unit is mounted. This permits all 
resistors and diodes to have equal lead 
lengths. 

When the inner assembly has been tugged 
and shoved into place within the brass tub- 
ing, the #22 wire ends are trimmed, stripped 


Fig. 4 Assembling the 
inner components into 
the brass tubing. 


and soldered to their respective resistors and 
diodes. Much care should be exercised at 
this point to prevent melting the insulation 
or damaging the near zero-length component 
leads. 
Application 

A completed sensing unit for the VSWR 
meter is shown mounted on a typical chassis 
in Fig. 5. It will be noted that no conven- 
tional box or housing is used because the 
total outside of the unit is at ground rf and 
de potential, save for the component connec- 
tions at each end. By mounting the bypass 
capacitor in the chassis, the low-voltage 
rectified current fed to the meter switch is 
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Fig. 5 Finished VSWR sensing 


isolated from high-power rf on the other side 
of the chassis. It can readily be seen that 
the finished sensing unit occupies no more 
space than would be used by a coaxial lead 
running from an antenna relay to the antenna 
connector on the chassis. 

A further refinement is shown in Fig. 6. 
Complete isolation of the high-power rf is 
provided by the coaxial hood. Impedance 
discontinuity is also minimized by use of the 
hood, which was designed for this purpose 
and is readily available. 


Length of sensor 

The dimensions given for the length of 
the sensor element, including its outer tub- 
ing and inner conductor, are not critical. 
They are, however, directly related to the 
power of the transmitter with which the 
VSWR meter is used. For example, with a 
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Fig. 6 Recommended chassis connection for output 
of VSWR meter sensing unit. 
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unit mounted on a typical chassis. 


one kilowatt high-frequency CW transmitter 
and a 0-1 milliammeter as the indicating 
meter, the Jength of the sensor can be as 
short as 2-3 inches. A sensor which is con- 
structed approximately 7 inches long, as 
Ulustrated in this article, will work fine with 
the same meter on a 25-200 watt high fre- 
quency transmitter. If meters with higher 
current ratings are used, a longer sensor is 
required, and, conversely, a more sensitive 
meter would provide adequate full-scale 
deflection with a shorter sensor element. 
Obviously, it is impracticable to vary the 
length of the sensor element in order to vary 
the sensitivity of the VSWR meter as a 
whole. It is for this reason that the adjusting 
resistor is provided in series with the meter, 
For VHF use, the sensor can be shorter, 

All that has been said above can be de- 
picted graphically. Fig. 7 shows the general- 
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Fig. 7 The approxi- 
mate relationship be- 
tween sensor length and 
transmitter power is 
shown for two common- 
ly used meter move- 
ments. Other meter yal- 
ues may be used as dis- 
cussed in the text. 
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ized relationship between the sensor length 
and transmitter power with which it is used. 
The two curves represent different meter 
sensitivities. A 0-1 milliammeter offers a good 
compromise. With a 5-7 inch long sensor 
and the proper series resistor, all powers 
normally encountered in amateur work can 
be handled, However, if space requirements 
so dictate, a shorter sensor unit can be em- 
ployed with some small sacrifice in accuracy. 


Terminating resistor 


Small variations in mechanical construc- 
tion and lead dress will have an effect on the 
value of the terminating resistors, Ri: and Ra. 
Also, a carbon resistor does not display the 
same reactance at high frequencies as its 
measured resistance at de. The value of the 
33-ohm resistor was therefore determined 
empirically. 

To verify the proper value of the terminat- 
ing resistors, the test set-up shown in Fig. 8 
is used, A radio-frequency source of approxi- 
mately 10 to 20 watts is required. A trans- 
mitter exciter stage operating on the 10- 
meter band is preferred for this purpose. 
Ten meters, or even fifteen meters, will pro- 
vide better accuracy than one of the lower 
frequency bands. A dummy load is also re- 
quired. This load must be capable of dissi- 








Fig. 8 Test set-up for 
verifying the proper 
value of the terminat- 
ing resistors which are a 
part of the sensor unit, 
Tho value of the dummy 
load should match the 
characteristic impedance 
of the sensor unit and 
have a total wattage 
rating nearly equal to 
the source power. 


pating the power of the radio-frequency 
source used in making the test. Three or four 
2-watt carbon resistors of the proper value 
in parallel to provide 52 ohms will suffice if 
the power is not left on continuously. 

In making the test, the selector switch is 
first placed in the “forward” position. With 
power applied, immediately adjust the sensi- 
tivity control so that the meter reads full 
scale. Upon switching to the “reverse” posi- 
tion, the meter should read near zero and be 
at or below the 1:1 calibration point on the 
meter scale. Several resistors may be substi- 
tuted until the proper value is found. The 
important thing to remember is that both of 
the resistors should be simultaneously sub- 
stituted and that they must be as near 
identical as possible as measured on a rea- 
sonably good ohmeter. Lead lengths should 
also be as short as possible and of identical 
length. 
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Fig. 9 Full-size photomaster of the VSWR meter 
dial. A multi-purpose meter was used in the auth- 
or's transmitter so that the grid and plate currents 
could also be read on the upper scale. 


The dial scale 


Using the standard formula for calculating 
VSWR, it is possible to calibrate the meter 
face as follows: 


VSWR = forward + reverse 


forward — reverse 


Fig. 9 is a full-scale illustration of a meter 
face used with the VSWR Supreme. This 
seale fits the Triplett Model 327, as well as 
a number of other meters of the same size 
category. A word of caution—don’t assume 
that the scale calibration, or linearity will 
be the same for all makes of meters. The in- 
dividual meter movement selected should be 
checked by using the above formula and 
marking off radials representing 4-5 different 
VSWR values. With the scale from your 
meter at the center of an oversized radial(s) 
drawing, it is possible to verify the angular 
placement of each VSWR calibration point. 

The VSWR Supreme is truly a novel ap- 
proach to an old standby. Using the con- 
struction methods outlined in this article, it 
is possible to fabricate the sensor unit so that 
it occupies the smallest possible space. This 
sensor can now be built into a transmitter 
and take up no more room than the coaxial 
lead which it replaces. 


A SIMPLE VHF SWR METER 
John Schultz W2EEY{K3EZ 


meter antenna and since no other instru- 
ment was handy, started to use an SWR 
meter manufactured for use on the high 
frequency bands. After some erratic results, 
it was decided to check the SWR meter 
accuracy on 2 meters with some carbon 
resistors to simulate different SWR’s. The 
results readily confirmed that the SWR 
meter was useless al VHF unless one didn’t 
care whether a SWR was really 1:2 or 1:5, 
Rather than purchase another SWR meter, it 


Tei wanted to do some work ona 2 


was decided to construct one that would 
render reasonable results, within 10% ac- 
curacy or so,on the VHF bands, particularly 
144 and 220 MHz. 

There is nothing basically new in the 
circuitry of the SWR meter to be described. 
What is different about it is that it utilizes a 
particularly simple and inexpensive method 
of construction that yields reasonable re- 
sults. It can be constructed as a completely 
self-contained SWR meter or only the pick- 
up element can be constructed and used 
with an external meter. The circuitry as 
shown here for the meter utilizes two meter 
movements so one can read forward and 
reflected power simultaneously and avoid 
the annoyance of having a forward-reflected 
switch arrangement for a single meter. 





The heart 


of the SWR meter is a carefully 
constructed pickup element. Details of construc- 
tion are discussed in the text but the photo shows 
how closely the diodes and terminating resistors 
must be soldered to the pickup element. 


Pickup Element 

The “heart” of any SWR meter of the 
reflectometer type is the pickup element. 
Many elaborate forms for such elements 
have been devised which involve complicated 
mechanical construction, Such complicated 
construction does become necessary if very 
accurate results are desired and if the meter 
is to maintain linearily over a very wide 
frequency range. However, over a smaller 
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Fig, 1. SWR meter circuit. Two identical meters 
should be used (current range and internal resis- 
tance). 
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frequency range and with some minor sacri- 
fice in accuracy, the construction of a 
pickup element can be greatly simplified. 
Basically, the pickup element should not 
cause any discontinuity in the transmission 
line section in which it is inserted but yet be 
long enough so enough voltage can be picked 
up in both the forward and reflected direc- 
tions to make the meter usable with even 
low power transmitters. 

The pickup element | devised is shown in 
the photo. It is a 2-7/8" long piece of 
allernate grid pre-punched perf-board stock. 
The board is about 7/16" wide and within 
this width contained 4 separate copper strips 
spaced about 1/16” or less apart. The center 
two strips are soldered together to act as the 
inner conductor continuation of a coaxial 
line section. To solder the two inner strips 
together tack solder a bare piece of hookup 
wire between the two strips and then cover 
the entire two strips with solder. 

Without the use of pickup wire, it will be 
nearly impossible to develop a smooth solder 
flow between the strip. Each outer strip acts 
as a pickup element for the SWR meter 
circuit shown in Fig. 1. The terminating 
resistor and diode are soldered to each end 
of the outer strip as shown in the photo and 
with minimum excess lead length to the 
strip, The use of a heat sink on the diode is 
necessary to prevent damage during solder- 
ing. 


Mounting The Pickup Element 


The pickup element made from the board 
stock is mounted belween two approxi- 
mately spaced SO-239 chassis connectors, 
The center strip of the board is soldered at 
each end to the center post of the SO-239 
connector. The terminating resistor at each 
end is grounded as directly as possible to a 
ground lug held in place by one screw of the 
S$O-239 mounting hardware. These details 
are shown in Fig. 2. It is important that the 
terminating resistor be grounded in this 
manner with minimum lead length. The 
enclosure in which the pickup element is 
contained should just be wide enough to 
accommodate the SO 239 connectors so that 
when the enclosure is secured together, the 
pickup element is boxed in by a metal 
surface on each side except directly above it, 
Many chassis or enclosure types are suitable 
lor this purpose and the overall size of the 
enclosure will depend, of course, on the 
meter used and sensitivity control place- 
ment. These details not covered here 
because they can be made as desired. They 
will not affect the basic accuracy of the 
meter as long as the pickup element is 
properly mounted and enclosed, The by pass- 
ing of the pickup rectifier diodes must also 
be done with us shart leads as possible on 
the bypass capacitor. As shown in Fig. 2, a 
two lug terminal strip (one lug grounded) 


are 


mounted on the side wall of the enclosure 
immediately at the cathode end of the diode 
will perform this task very well. The length 
of the IN34A diodes is such that the bypass 
capacitor cannot be connected to the sume 
ground lug used for the terminating resistor. 
The leads on the capacitor would be too 
long and it will be ineffective. 
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Fig, 2, Center strip of vector board is soldered to 
center post of SO-239, Other components are 
mounted at each end of board as shown (only one 
end shown here). 


Operation and Results 

The dual meter circuit of Fig. 1 reads 
forward and reflected power simultaneously. 
The sensitivity potentiometer is set to read 
full scale on the forward meter and the SWR 
read directly from the reflected meter. The 
latter meter can be calibrated for various 
SWR’s by the use of small carbon resistors 
(1002 to simulate a 1:2 SWR in a 50Q line, 
etc,), Usually, it is only necessary to cali- 
brate the reflected meter for SWR’s of 1.5, 2 
and 3 al the frequency of interest. Culibra- 
ted in this manner, the accuracy of measure- 
ment will be roughly 10% and is certainly 
good enough for most general antenna work. 
A particularly nice meter display can be 
made if one can find a two meter movement 
in one enclosure, | purchased a surplus 
stereo VU meter which had dual 200 UA 
movements and used iL in the SWR meter, 

The sensitivily of the SWR meter is such 
that transceivers of the 1-2 watt outpul class 
can easily be used with it on the VHF bands, 
The basic meter, of course, can also be used 
on the lower frequency bands as well and it 
will retain good accuracy. The only problem 
on the lower frequency bands is that the 
pickup strips are so short that more trans- 
milter power has lo be used to activate the 
meter than is usually convenient to use 
during antenna experiments. No exact tests 
were made but probably 70-100 watts 
would be needed to use the meter on as low 
a band as 80 meters. The meter was used and 
checked, however, on 40 meters. The accu- 
racy of the meler remained very good and 
full scale deflection of the forward. level 
meler required a power level of 60 walts. 
Being an in-line type meter, it can be left 
permanently in line when used on any band 
with a minimum of loss, 


DIRECTIONAL COUPLER AND YSWR 
BRIDGE FOR VHF AND UHF 
Bob Kolb WA6SXC 


The acrospace industry has [fostered the 
development of many new components and 
materials. Hams, being the kind of people 
they are, are quick to see practical appli- 
cations for these materials that never occur 
to design engineers. I have often heard the 
criticism that it is impractical to publish arti- 
cles or design ham gear with these new or ex- 
pensive materials, because most OM’s don't 
have access to them. Yet I’ve often been 
dismayed when J learn of an application 
for a piece of surplus equipment after it 
is no longer available. For this reason | 
feel that we should publish any applica- 
tion that is practical regardless of how 
immediately it can be used. Sooner or later, 
the material will show up on the surplus 
market and then we'll know what use can 
be made of it. 


Reliable test equipment for the VHF-UHF 
bands is difficult to come by on a low 
budget. The literature is full of “relative” 
measuring devices but few pieces of home- 
brew gear are engineered for repeatable 
performance, Several directional couplers 
have been built according to the descrip- 
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Fig, |. A typical directional coupler. This davice 
is the heart of a VSWR bridge, and can also be 


used for many other applications. 


tion in this article and each has measured 
to within +.5 dB of the designed value. 
This is due in part to the mechanical rigidity 
and close tolerance of RG-141 “coaxitube.” 
No special tools are required outside of a 
cheap pair of vernier calipers. The tools 
used to make the original coupler were an 
Xucto knife, file, soldering gun, vernicr 
calipers and a vise. Don't let the calipers 
scare you. If you're not after a closely cali- 
brated device they may be omitted. 


This UHF directional cou- 

pler is very simple to make, 

yet offers excellent perform- 

ance on the 70 and 23 cm > 
bands. wetttt 


The design goal was a directional coupler 
with about 30 dB directivity in the pass- 
band with a low insertion loss. Each milli- 
watt measured at the coupling arm equals 
one watt through the main line. Such a de- 
vice is the heart of a good quality VSWR 
Bridge. The measured values were 30.3 dB 
coupling and 38 dB directivity at 432 MHz. 
Data presented in the graph was taken us- 
ing HP608C and 614A signal generators 
and a General Microwave R. F. Power Me- 
ter. The measured insertion loss was 0.2 dB. 

Resolution of the smallest possible VSWR 
is limited by directivity. Few of the hand- 
book VSWR bridges or the low cost type 
attractive to the CB trade achieve as much 
as 20 dB directivity. Thus the minimum dis- 
cernable VSWR is approximately 1.7:1. With 
38 dB directivity, 1.02;1 VSWR’s can be 
accurately measured. 

Directivity may be defined as the isola- 
tion of arm D from arm A, over and above 
the coupling as shown in the Fig. 1. Coupling 
is achieved by removing part of the jacket 
between adjacent coax conductors. If the 
input is at arm A, incident power can be 
sampled 30 dB down at arm C but ap- 
pears —68 dB at arm D. Reflected power 
entering arm B is sampled —30 dB at arm 
D while at arm C it is —68 dB. It stands 
to reason if the directivity is low, one can- 
not tell with certainty if he is measuring 
incident or reflected power. Port D may 
be used as the de return for a detector at 
port C and vice versa. 

This device will have its fundamental pass- 
band where the length exposed between the 
two lines is \/4 yer. It will also have a pass- 
board at (2n — 1) 4/4 ver or at three, five, 
seven, ete., times the frequency for which 
it is a quarter wave. Hence a coupler de- 
signed at 432 MHz is usable at 1296 MHz. 

This coupler has also been used to meas- 
ure relative power and modulation at 2 me- 
ters where its coupling factor for incident 
power is approximately 40 dB but’ the 


directivity is poor, heuce arm D must be 
terminated in 50 ohms. It’s a real aid for 
tune up and will give a good indication of 
increased power with AM modulation right 
in the rf. line. RGI41 will handle 500 watts 
of rf up to 2000 MHz. 
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Fig. 2. Details of the construction of the UHF 
directional coupler. 
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The formula for determining coupling 
length is 


e Ac oor 300 x 10°em 
Hover Aver 4xfoxvV2.152.54 o/, 
= \c inches 
4Ve 


v2.1 = 1.449 


ver tor Teflon 
From these calculations \coupling at 432 
4 


MHz is 4.73 inches. With an Xacto knife cut 
two pieces of line 8.73 inches long and care- 
fully bend them so that they form the shape 
shown in Fig, 2A. 


Clamp the bent coax into the vise and 
file away the copper jacket taking care that 
the filed surface is smooth and flat. A belt 
or stationery disc sander works well too. 
A cross section of the filed piece should 
look like Fig. 2B. Next fit the two pieces 
together so that a cross section would look 
like a figure 8 and secure in a vise, Heat 
with a soldering gun only. Do not use a 


Or] [a 
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torch. Avoid excessive heating. Flow solder 
between the two lines as shown in Fig. 2C. 
The “arms” can now be bent into any con- 
venient configuration provided cnough al- 
lowance is made at the ends for connector 
assembly. A good rule to follow is a mini- 
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Fig. 3. Use of Kings A-51-05-11 adapter for us- 
ing GR-141 with standard BNC connectors. 
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Fig. 4. Coupling and directivity for a directional 


connector that will accept RG 58/U can 
be used on RG 141 provided a sleeve is 
made up to make a snug fit in the clamp- 
ing nut, A special adaptor is made by Kings 
for this purpose and sells for 45 cents. The 
connector assembly is shown in Fig. 3, Three 
RG 88E/U and one RG 89C/U connectors 
were used on the coupler shown in the photo. 


Vig. 4 gives the measured directivity and 
coupling for this type of directional coupler 
at both 70 and 23 cm. You can see that 
performance is quite satisfactory. 


Fig. 5 lists a number of applications for 
a directional coupler. The detectors in the 
measuring instruments should be suitable 
for use at 500 or 1300 MHz. 
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coupler similar to the one discussed in tho text. 


This device used a coupling wavelength of 4.635 inches rather than the 4.73 inches specified in the 
text. The only effect of the longer wavelength is to center the curves on 432MHz instead of about 


500 MHz. 


mum bend radius of half an inch although 
a quarter inch radius is permissible. The 
arms should be approximately two inches 
long. 

RG 141 has the same cross section as RG 
58/U without the vinyl jacket therefore any 
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Fig. 5. Applications of the directional coupler described in the text. Unlike most pieces of ham-made 
test equipment, this one is good at 450 and even 1300 MHz. 


14 


A SLOTTED LINE FOR 1250 MHz 
Silas Smith WASCHD 


The SWR bridge is a very useful—and 
sometimes badly neglected—tool, Especially 
on 1250 me with only two or three watts of 
power, you should measure your SWR and do 
something about it if necessary. I recently 
joined the 23 em boys, though I have only 
worked 1234 me so far. My first attempt to 
communicate with WSVKQ on the other end 
failed but after two evenings of diligent work 
with a meagre amount of test equipment we 
made contact. It would have been a lot easier 
with test equipment good in the 1250 me 
range since most hams are not equipped to 
measure frequency and adjust their rigs at 
these frequencies, 

After that experience, I made the slotted 
line indicator described in this article. The 
cost is next to nothing and it’s easy to build, 
but it does a good job. The unit is built around 
a one inch thin wall copper tube 104%" long 
(Fig. 1). This tube has a %” slot cut length- 
wise for 7%", about % wavelength at 1250 me. 
This is long enough to get a fair sampling of 
the standing wave or null points. 


Three other pieces of i” copper pipe are 
needed. Two are 5/16” long and ane is 1%" 
long. The two 5/16” pieces each have 4” cut 
out and are reshaped to fit inside the 1” tube. 
These two pieces were each soldered to 1/16" 
plates as in the detail in Fig. 1. This process 
makes two cup-like structures which should 








?e_— 10% —————_—_+ 
—— Ye’ SLOT = | 
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Fig. 1, The slotted coaxial Iine and probe for 1215 to 1300 me described In this article, 


fit within the end of the 1” pipe. Drill nine 
holes in each cup: four holes for attaching the 
cup to the slotted line, four to fit the BNC 
connector mounting plate and one %” hole to 
pass the main body of the connector. File two 
notches for the connector ears. You can fasten 
the cups to the slotted tube with small sheet 
metal screws, threaded holes or nuts soldered 
to the back of the holes. 

The 1" x 1%” piece of pipe is for the probe 
carriage. It is cut lengthwise on one side, 
slipped over the 1” tube, centered, and a 24" 
hole drilled through it over the slot in the 1" 
tube. 

The probe is built from ‘\” and 3s" brass tub- 
ing from your hobby shop. At the probe end 
is an insulator from a coax fitting and on the 
other end is a jack made from an octal tube 
socket. A small piece of i” brass tubing is 
used to make the diode socket (see detail A). 
A piece of 22 gauge wire is inserted in the 
probe end of the 1/16” tubing and soldered. 
A IN21 diode works very well, 

Use Fig. 2 to choose the proper size for the 
line in the center. Each end of this line should 
be tapered and soldered to the coax fitting as 
in detail B, The center conductor should be 
7/16” for 50 ohms or 5/16" tor 73 ohms, 

The meter used should have a range that 
permits a full seale reading and should be 
calibrated with some scale, 


Uses: Measuring frequency 


Frequency can be measured with the slotted 
line in two ways: the distance between null 
points at one half wavelength (4/2) or the 








Fig. 2. Ratio of outer tube to inner line for various 
impedances. 


distance between peaks. See Fig. 3, Measur- 
ing between the nulls is preferable since the 
peaks are very broad. If your line is fat, the 
peaks and nulls may be very small, so vou 
may have to induce a mismatch in the line. 
Likewise, vou may have to induce a mismatch 
to get the two nulls to fall within the 74" of 
the line. The easiest way to induce a mis- 
mateh is a short in the line. 

Measure the distance between the nulls 
carefully with a centimeter rule. Twice this 
distance divided into 30,000 will give you 
your frequency in megacycles. [t would be a 
wood idea to check this against a standard or 
at least avoid operating too close to the edye 
of the band. 


Measuring VSWR 


Measuring voltage standing wave ratio 
(VSWR) with the slotted line is easy, too, We 
are looking for a ratio of E,,j,, the minimum 
voltage on the line, and E,,,.. The ratio: 


Sinn = VSWR 


Byuin 


However, there is a slight complication of 
vectors in E,,,,, and E,,j,, So that to find them, 
you must first determine the highest voltage 
read on the meter, E, and the lowest voltage 
read on the meter, E. with the same setting 
of the shunt resistor, as the probe carriage is 
slid along the line. Now, Ejay = Ey + Ey, and 


Eww = Ey — Ey so’ that 
row — Bet Ee 
VSWR = Eh 


Au even simpler method is to set the meter to 
full scale (100) at the highest reading, and 
reading the VSWHE directly from Fig. 5. 


4-4-4 


REFLECTED wave 
Fig. 3, Left. Measuring frequency. Fig, 4, Right 
Measuring VSWR 
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Fig. 5, Left. VSWR scale. Fig, 6, Right. Impedance 


measurements. 


Impedance measurements 


Its a little harder to measure impedance, 
but even it’s not bad if you do it step by step- 
First, consider the high impedance on your 
line when vour antenna is open or shorted. 
Perhaps you don’t think of it as a change in 
impedance. This is what we are looking for. 
Remember that there is a definite relationship 
hetween impedance and frequency. Fig. 6 
shows the voltage relationship between a short 
and open. On a short set the probe for a null 
point, usually the first mull from Joad end of 
the slotted line. This will be our reference 
point. You will note that when the load point 
is open there is a shift of 90° or a quarter 
wavelength either side of the reference point. 
This adds up to one half wavelength. Any 
impedance between infinity and zero ohms 
will lie somewhere along the half wavelength 
of the line. It will be noted that an open is 
equidistant from the reference point toward 
the generator and toward the load, however 
the line has moved toward the load (capaci- 
tive reactance), To measure this reactance, 
we replace the load that we measure with a 
short. We set our probe to the first minimum 
reading from the load end of the slotted line. 
Mark this spot with a scribe. This is our ref- 
erence point. Now we remove the short and 
add our load under measurement. It will be 
noted that the voltage has moved upward, 
Move the probe toward the load. Tf the volt- 
age goes down, you are heading in the right 
direction, Tf the voltage starts to go up change 
direction toward the generator. Move the 
probe as ubove to the new null point and note 
the direction that the probe has been moved. 

Here's a step-by-step example. First, you'll 
need the frequency and wavelength, VSWR, 
direction of probe, distance between refer- 
ence point and new null, and impedance of 
the slotted line. 

Let's say as we measured the frequency, 
the distance between the null points was 12 
em. This is half the wavelength, so the wave- 
length is 24 em. The frequeney is 30000/24 or 
1250 me. 

Let's say we read 80 as a maximum and 20 
as a minimum on a point scale in measuring 
the VSWR: 

Eyas = E, + Ey = $0 4 20 = 100 

— E, = 60 
perce: TOO 
VSWR = 66 = 
Or set E, to 100 by adjustinent of R, then Es 
would read 25 on the meter, a VSWR of 1.66 
by Fig. 5. 

As in Fig. 6, the probe was moved toward 
the load. 

Let’s assume the distance from the reference 
point to the new null was 2 cm. What part of 
a wavelength is 2 cm? Wavelength is 24 cm, 
so 2/24 = ,083 wavelengths, 

This is a movement of .083 wavelengths 
toward the load. 


thax, — 


Esilit =H E, 


1.66 








«Bat A “ 


Fig. 7. Smith chart fee decarining impedance, 


The slotted line used has an impedance of 
50. ohms, 

We are now ready to plot this information 
on the Smith chart (Fig. 7, better get out your 
magnifying glass). 

Draw the VSWR circle at the prime center 
with a radius of 1.6. 

Draw a line from .083 wavelength toward 
the load from the prime center, 

At the intersection of the circle and line, 
follow the constant resistance circle to 74 and 
the capacitive reactance circle to .31. Our 
load impedance is then: 

P= Ly Aad = Sh) 


Z = 30 (.74 — .31i) 
Z,, = 37 — 15.5 
Well, there are some of the things your 


slatted coax line can do besides telling you 
that you're on the air. A commercial version 
would cost $750. I guarantee that you'll get 
your dollar's worth out of this one as it costs 
less than $1 to build. I hope that it helps you 
get on 1250 me. 


SOME DIRECTIONAL WATTMETERS 
AND A NOVEL VSWR METER 


PG, Martin G3PDM 


ost conventional reflectometers can- 
M::: be used for accurate power 
measurement because their sensitivities are 
frequency dependent. This is due to the use 
of combinations of reactance and resistance 
in the sampling circuits which detect the 
transmission line current and voltage. 


This basic problem can be solved by the 
use of conventional luniped components 
instead of the distributed parameters of a 
trunsmission line, The line voltage can be 
sampled by two resistors or two capacitors 
used as a voltage divider, rather than one 
resistor and some distributed capacitance. 
The line current can be monitored by a 
properly designed current transformer in- 
stead of an inductance and resistance. High 
frequency current transformers consist of 
primary and secondary windings on a ferrite 
or iron dust toroidal core, with a low value 
of load resistance across the secondary 
winding. 


All SWR bridges and directional watt- 
meters need to generate two dc voltages 
proportional to the forward and reflected 
voltages or currents of the transmission line. 
To achieve this one has either the current 
detector or the voltage detector providing 
two antiphase signals so that addition and 
subtraction can be performed. 

A Frequency-Independent Directional Watt- 
meter 

M. B. Allenson G3TGD, has designed a 
wattmeter using the above principles, where 
the low resistance in the current transformer 
secondary circuit is splil into two equal 
parts. The center connection is taken to the 
voltage sampling point so that sum and 
difference voltages are available at the ends 
of the transformer secondary winding, see 
Fig. 1. 

With two meters, this circuit can be used 
as a versatile calibrated directional watt- 
meter over the freqnecy range 100 kHz to 
70 Milz, with an accuracy of about 10 per 
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Fig. 1. Circuit of the basic frequency-dependent 


directional wattmeter due to G3TGD. The two 
meters indicate forward and reflected powers. 


cent. Precise calculations of SWRand_ trans- 
mitter efficiency can be made. 

Maximum sensitivity with a 50 uA meter 
is less than five milliwatts, but with the 
multiplier resistors specified in Fig. 1, full 
scale deflection corresponds to power of 1, 
10, 100 and 1000 watts. Calibration is 
non-linear, because the instrument samples 
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Fig. 2. Calibration curves for the instrument 
described in Fig. 1. 
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Fig. 3. Linear and logarithmic scales. The inherent 
advantages of the logarithmic form are immedi- 
ately obvious. 


voltage, and power is proportional to voltage 
squared. 

Unfortunately, two transmission line im- 
pedances are in common use in coaxial 
systems: 50Q and 75Q2. As it is not possible 
to design instruments whose sensitivities are 
independent of line impedance, some com- 
ponent values must depend on the im- 
pedance in use. For simplicity, only one of 
the voltage driver resistors need be changed, 
but instrument calibration will be different. 
By changing the current transformer resis- 
tors as well as one of the voltage divider 
resistors, the calibration is the same for both 
line impedances. This technique has been 
adopted here, and the calibration curves in 
Fig. 2, are correct for 50 or 75Q lines 
provided the resistor values in Table | are 
used. 


The Logarithmic Wattmeter 

The basic instrument can be simplified by 
including a logarithmic network so that the 
power range switch is redundant and a single 
meter scale can be used for powers from, 
say, one watt to 1000 watts. A logarithmic 
scale has the 1, 10, 100 and 1000 watt 
points equally spaced (see Fig. 3). 

The advantage of a logarithmic instru- 
ment is that one can measure very low 
reflected powers and very high forward 
powers simultaneously with the same per- 
centage accuracy, without having to switch 
meter ranges. 

It is simple to add a reasonably accurate 
wide-range logarithmic network to the meter 
in Fig. | (see Fig. 5). The basis of its 
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Fig. 4. Smoothed experimental! plot of the current 
/voltage characteristic of a 1N4002 silicon junction 
diode, showing its logarithmic properties. 


operation is that the voltage dropped across 
a forward-biased p-n junction diode is pro- 
portional to the logarithm of the current 
passing through it (see Fig. 4). To reduce the 
potential dynamic range of the circuit, a 
relatively insensitive meter is used, and a 
small resistance is added in series with the 
logarithmic diode to restore a logarithmic 
form to the scale (see Fig. 6). 
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Fig. 5. Basic wide-range logarithmic converter. 


An experimental logarithmic wattmeter is 
shown in Fig. 7. Figure 8 gives the calibra- 
tion scale for 50 or 7522 lines, provided the 
correct resistors are used (T'able I). 


A Direct-Reading SWR Meter 


A particularly useful device would be an 
instrument giving a direct measurement of 
the standing wave ratio on a transmission 
line, independent of the absolute power 
levels or the frequency in use. Such an 
instrument, with its single meter, would be 
ideal for incorporation into transmitters and 
transceivers (especially with the physically 
small sampling circuits associated with it). 

The swr can be expressed in terms of the 
forward and reflected voltages according to: 
swr = seat | (1) 

Er — Ey 
We wish to generate this function elec- 


tronically, so that outputs of the two detec- 
tors can be used to generate a meter current 


proportional to SWR.This would be rather 
tedious, though not impossible. 

Conveniently, manipulation of equation 
(1) shows that: 


Ep = SWR +1 (2) 


E, SWR -1 

which although not proportional to SWR, is a 
mathematical function of it only. Electronic 
division of Ef by Ey is easily done by taking 
logarithms and subtracting. That is: 


log Ef = log Ef — log Ey 


Ey 
Table | 
2 Q 
Line impedance 50 75 
R3 and R4 27 33 
R2 220 180 


Values for R2, R3 and R4 to be used in 50 and 
7582 transmission lines. 


In Fig. 9, the two silicon diode voltages 
are proportional to the logarithms of their 
currents, which in turn are proportional to 
the forward and reflected voltages. The two 
diode voltages can be subtracted directly by 
connecting a meter between them, rather 
than from each one to chassis. 
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Fig. 6. Circuit of the logarithmic directional 
wattmeter. D3 and D4 are matched (see text). 


The meter cannot be calibrated linearly in 
SWR, because of equation (2), and because 
the circuit does not take anti-logarithms after 
subtracting the logarithms. The outcome of 


this is beneficial: the SWR meter is in- 
creasingly sensitive as the standing wave 
ratio approaches |:1. This is where one 


wants make the final 


most sensitivity: to 





Fig. 7. An experimental logarithmic wattmeter. 


adjustments to aerial arrays, to measure the 
variations in SWR over a band, and so on. Fig, 
10, shows a calibration curve for SWR meters. 
Naturally the meter sensitivity cannot be 
completely independent of the power level 
in use. Accuracy falls when the reflected 
power is less than about half a watt (this 
corresponds to an SWR of 1,05:1 when the 
forward power is 1 kW). 

A differential amplifier could be added to 
the circuit of Fig. 9, to enable a less sensitive 
meter to be used. 
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Fig. 8. Calibration curve for logarithmic watt- 
meters, 
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Construction of the Instruments 


Layout of the sampling circuits is fairly 
critical, see Fig. 11. The tnput and output 
sockets should be set a few inches apart, and 
connected together with a short length of 
coaxial cable. The coax braid must be 
grounded at one end only, so that it acts as an 
electrostatic screen between the primary and 
secondary windings of the toroidal trans- 
former, Twelve turns of 24 AWG enamelled 
wire, equally spaced around the circum- 
ference of the ring, form the secondary 
winding. The primary is formed by simply 
threading the ring onto the coax. 


A suitable ferrite ring is the Mullard 
FX1596, made in England, although other 
types suitable. The FXIS96 has an 
outside diameter of half an inch, and ts 
designed for wideband rf applications be- 
tween 5 and 20 MHz, The main requirement 
is that the ferrite material should maintain a 
high permeability over the frequency range 
in use, 

Other components in the sampling cir- 
cuits should have the shortest possible leads. 
R1, R2 and R must be non-inductive solid 
carbon types: for high power levels (about 
100 watts) Rl should consist of two or three 
2 watt carbon resistors in parallel. WRI 
should he a miniature skeleton potentio- 


ure 


meter lo keep stray reactance Lo a minimum, 
although it may be dispensed with by trying 
resistors for 
under 


R2 until the 
matched condi- 


various fixed 
reflected indication 


tions Is zero. 






_ Bo # 


Fig. 9. Complete circuit for a power-independent, 
frequency-independent direct-reading SWR meter. 





The detector diodes need to be matched 
for similar voltage drop, using the circuit in 
Fig. 12. Point contact germanium types with 
a PIV rating of 80 volts or so are recom- 
mended. 


Logarithmic diodes should be modern 
medium-current silicon junction types, such 
as conventional rectifier diodes, The IN4002 
is specially recommended for its good loga- 
rithmic properties. Log diodes should also be 
matched with the circuit in Pig, 12. 

The 0.01 uF decoupling capacitors should 
be a disc ceramic type. 

In designing a toroidal transformer differ- 
ent to that specified, several factors should 
be borne in mind. As the number of secon- 
dary turns increases, the self-capacitance 
rises and causes the response to fall at high 
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Fig, 10. Calibration curve for SWR meters of the 
type described in Fig. 9. 


frequencies. Failure of this nature causes the 
reflected power indication to rise; in other 
words the directivity of the instrument falls. 
If the 27Q resistors are raised appreciably in 
value, the instruments will eventually be- 
come frequency sensitive. 

The ratio of the voltage sampling resistors 
(RI and R2) in the HF designs is determined 
by the sensitivity of the current sensing 
circuit, and the two sampling voltages must 
be equal in magnitude under matched con- 
ditions. VR1 provides fine adjustment of the 
ratio. Absolute values of the resistors can be 
varied considerably, bearing in mind that as 
their values increase the stray capacitance 
across them may need to be compensated 
for. 

Useful Equations 

Let the linc current be I amps, the line 
voltage be V volis, and the characteristic 
impedance of the transmission line be Zo. 
Then V = IZo. 

If the current transformer has a ratio of 
I:n, and each of the resistors in its secon- 
dary circuit has a value of RQ), then the rf 
voltage across each of them is given by: 


IR . 
iy (3) 
The voltage detector output is obviously 

VR? R2 


YO" RT ERg Ry FRG 





IZ 


Which is, to a good approximation, 





4 bis wee 
Fig. 11. Photograph showing layout of sampling 
circuits used in an experimental swr meter. 


The main design equation for all the HF 
instruments is therefore: 


where the value for R2 includes the effect of 
VR1, if fitted. 

The dissipation of some of the com- 
ponents specified is quite high. For those 
planning different circuits, the following 
equations express the dissipation of R] and 
the current transformer resistors R: 

Zo.W 


W(R1)= Ri watts, 


where W is the transmitter output power, 


Wor 
=—s=— watts. 
WR) Zo wa 
In the instruments described, W(R |) is about 
5 watts, and W(R) 2 watts for a transmitter 
power of 500 watts. 


Calibration 


If any of the instruments are built exactly 
as described, and used in systems of the 
correct impedance, the calibration given in 
Figs. 2, 8 and 10 will be sufficiently accurate 
for most purposes. For those designing their 
own circuits, the following procedure is 
recommended. 

Test equipment needed includes a high 
power rf source (a transmiller) and an rf 
voltmeter. The instruments can be calibrated 
with less accuracy without the rf voltmeter. 
The wattmeters are calibrated by feeding 
power through the meter into an appropriate 
dummy load (50 or 7592). VR1 is set for 
minimum reflected power indication, and 
the power scale is marked according to the rf 
voltage appearing across the load. If an rf 
voltmeter is not available, a peak-reading 
type can be made with a diode, capacitor 
and de voltmeter. As the detector output is 
equal to the peak rf voltage applied to it, 
equation (4) leads to: 


R2 LS 
Videt) = 2.8 V Ri =2.8 WZy Ri 


lt would be difficult for most amateurs to 
obtain sufficient high power carbon resistors 
to calibrate an SWR meter by means of 
deliberate mismatching. An indirect method 
is therefore recommended. 
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Fig. 12. Hookup cireuit for matching detector 
diodes for equal forward voltage drop, and silicon 
junction diodes for similar logarithmic properties. 
The meter should be as sensitive as possible (say 50 
UA fsd), and should not deflect appreciably as the 
voltage is varied between zero and nine volts. 
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Fig. 13, Circuit used to calibrate SWR meters(see 
text). 





Disconnect R5 and R6, Fig. 9, from the 
detectors, and connect them instead as 
shown in Fig. 13. One voltage is fixed at 
about 20 volts, and the other is varied 
between zero and 20 volts. The ratio of 
these voltages corresponds to adefinite SWR 
which can be determined from equation (1). 
Before carrying out this procedure, however, 
VR2 should be set for full scale deflection of 
the meter under matched conditions at the 
highest power level to be used. 


Conclusions 


All of the instruments described in this 
article have been tested under actual 
operating conditions, on all amateur bands 
between 1.8 MHz and 30 MHz. Power levels 
used varied from 100 to 1200 watts. With 
the components specified, the instruments 
will sustain power levels well above the 
kilowatt level for periods of tens of 
seconds. 

It is hoped that by introducing frequency 
independent directional wattmeters, one will 
be able to make useful comparisons of 
absolute power levels and accurate assess- 
ments of standing wave situations. The 
logarithmic scales are an added convenience, 
and the direct-reading SWR meter offers a 
saving in meters. 


SWR BRIDGES USING ZERO-CENTER 
METERS 
John Schultz W2EEY/K3EZ 


The basic coaxial cable swr meter, which 
samples both the forward and reflected 
voltages on a transmission line, is an essential 
instrument in setting up an amateur station. 
Although a low transmission line swr in itself 
doesn’t guarantee that an antenna system 
will work, knowing what the swr is remains 
an essential bit of information in evaluating 
the status of the transmitter/antenna inter- 
face. 

The virtues of the usual coaxial line swr 
meter — economy and simple circuitry — are 
offset by the awkwardness involved in using 
the instrument: that is, switching back and 
forth between ‘‘forward" and “reflected” 
switch positions and adjusting a sensitivity 
control for sull-scale deflection in the for- 
ward position. This awkwardness of opera- 
tion is partly relieved by dual-instrument swr 
meters so the forward/reflected switch is no 
longer necessary — but the cost of the 
instrument increases. The awkwardness of 


operation can be completely relieved by 
special dual movement meters with crossing 
pointers and/or special circuitry, but then 
the cost really soars. 


Another approach is the usage of some 
different circuitry to detect the swr which 
can then activate a zero-center meter so one 
can peak up the antenna coupler, etc., for 
minimum swr ona transmission line with the 
same ease as one tunes an FM entertainment 
receiver for a zero-center reading on the 
discriminator meter. In the end analysis, 
practically no line is set up for any specific 
swr, but simply for the lowest swr that can 
be achieved. So, why not make the process 
as simple as possible? Circuitry to do this has 
actually been available for many years and 
was especially developed for use with the 
automatic servo-tuning of military trans- 
mitters. The zero output when tuning con- 
ditions were correct, and the plus or minus 
output when they were not, allowed, after 
sufficient power amplification, the activa- 
tion of motors to tune transmitter PA task 
circuits, coupling circuits, etc. Now, with the 
economical availability of toroids and 
imported zero-center meters, zero-center swr 
type circuits can be applied to amateur usage 
and meet the criteria of being easy to 
construct and economical. They offer a real 
challenge to the conventional type of swr 
meter, especially when one is using a multi- 
band antenna and tuner arrangement, or just 
leaves an swr meter in a transmission line to 
verify that the line swr is holding constant. 
In the former case, one usually knows the 
approximate transmitter/tuner settings on 
each band, and the swr meter is used to peak 
up the adjustments. Such peaking-up, as 
mentioned before in the case of an FM 
receiver, is certainly facilitated by just 
having to look at a zero-center meter. In the 
latter case, a zero-center meter will more 
readily reveal slight changes in transmission 
line swr from an established norm. Perhaps 
the only place where a conventional swr 
meter is still to be preferred is when one is 
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dealing with experimental antennas where 
extreme swrs exist and a conventional swr 
meter can help to more quickly obtain 
“ballpark"’ antenna coupler or loading coil 
settings. The zero-center type circuits 
operate on a slightly different basis than the 
conventional swr meter circuits, and just a 
brief review of transmission line operation 
will be helpful to understand the different 
basis for the functioning of the two types. 


If a transmission line is attempting to 
deliver power to a load, both voltage and 
current values exist along the line. If the 
antenna load impedance is resistive and 
equals that of the line impedance, all the 
power feed into the line reaches the antenna 
less any power loss in the line itself because 
of the line's inherent loss. If the load is not 
equal to the line impedance or reactive, part 
of the power the line tries to deliver is 
rejected by the load and reflected back along 
the line. This sets up standing waves of 
voltage and current which are not in phase 
with the original voltage and current waves 
the transmitter is trying to pump” into the 
line. 


Conventional swr meters sample a portion 
of the voltage or current wave traveling 
towards the load and a sample of that 
traveling back from the load, The relative 
amplitude of the two samples is the swr and, 
of course, the desired condition is that there 
be no reflected wave from the load. If there 
is no reflected power from the load, the line 
is often referred to as being ‘‘flat."’ This term 
is a bit misleading. Although the reflected 
power may be zero under matched con- 
ditions, the power flowing to the load via 
the line will still set up normal sine wave 
distributions of voltage and current along 
the line. 


Another way to sense that the load is 
matched to the line is to determine first of 
all that the phase difference between the 
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voltage and current on the line is zero and 
that the ratio of the in-phase voltage and 
current is correct for the impedance of the 
line being used. If there is no reactance 
present in the load, there will be no phase 
difference between voltage and current, as in 
any ac circuit feeding a resistive load. If the 
load is not only non-reactive but also of the 
correct resistance, the ratio of voltage and 
current on the line will have a definite 
relationship correct for a given line impe- 
dance. The zero-center meter circuits are 
designed to monitor both of these line 
conditions. 


Practical Circuits 


Two separate circuits are used to monitor 
the line conditions just described. One could 
switch a separate zero-center meter between 
the two line monitor circuits but with 
imported zero-center meters available for as 
low as $1.50, it is hardly worthwhile to do 
so. (A good source of the 100-0-100uUA 
meters needed is Edlie Electronics, 2700 
Hempstead Turnpike, Levittown NY 11756. 
Their meters with order number DA798 or 
DA792 cost only $1.50 but they have a 
$7.50 mail order minimum.) Also, for many 
installations, it is not necessary to use both 
circuits. For instance, in a home installation 
feeding a set of various fixed antennas, it 
would probably be of primary interest to 
have the impedance monitor circuit 
(voltage/current ratio). Once the antennas 
have been set up and operate satisfactorily, 
one would primarily just be interested to 
know that some impedance condition on the 
line has not changed. In a mobile installa- 
tion, where some reactance cancelling L or C 
needs to be adjusted with frequency 
changes, it would be of prime interest to 
have the phase monitor circuit once the 
installation has been initially set up for a 
correct impedance match, and the reactance 
cancelling component only needs adjustment 
during actual operation. 


Phase Monitor 


Fig. 1 shows the circuit of the phase 
monitor. It is a basic discriminator circuit, 
The voltage on the transmission line to 
ground is sampled via R1. The current on 
the line induces a voltage in the windings on 
the toroid placed in the line which, of 
course, is 90” out of phase with the voltage 
sample. The voltage proportional to the line 
voltage is divided across R1 and R4 (Cl and 
C2 are rf bypass capacitors). The voltage 
proportional to line current (across the 
toroid winding) is divided between R2 and 
R3. Referenced to the center point of R2 
and R3, these voltages are 180° out of phase 
with respect to each other and either one is 
90° out of phase with respect to the voltage 
across R4, The voltages across R2 and R4. 
are rectified by D1 and, because of the diode 


polarity, produce a voltage with the polarity 
indicated across R5. Similarly, R3 and R4 
and D2 produce a voltage of opposite 
polarity across R6. When the transmission 
line current and voltage are in phase, the 
voltages across R5 and R6 are equal and 
opposite, and the resultant voltage output 
which drives the meter is zero. For an 
out-of-phase condition, some output voltage 
exists whose magnitude indicates the 
amount of the phase difference and whose 
polarity would indicate whether the line 
voltage leads or lags the line current. 

One could actually calibrate the output 
meter for different magnitudes and direc- 
tions of phase difference, but this would be 
very tedious and not of real use for just 
checking the adjustment of a line for reac- 
tance cancellation. The only calibration that 
has to be checked is to excite the circuit into 
a resistive dummy load and to be sure that 
the zero-center feature works. If it does not, 
it indicates that some unbalance has been 
introduced during construction or some of 
the components (R2/R3 and R4/R5) are not 
closely enough matched. If the meter excur- 
sions off zero center become too violent 
with a high power transmitter, some addi- 
tional resistance can be introduced in series 
with the meter to limit. the maximum 
current flow, 


Impedance Monitor 


Fig. 2 shows the circuit of the impedance 
monitor, which is also a form of discrimin- 


ator circuit. Samples of the transmission line 
voltage and current when they achieve the 
desired ratio produce an output voltage from 
the circuit which is zero. As in the previous 
circuit, a toroid placed around the center 
conductor of the transmission line develops 
by transformer action a voltage proportional 
to the line current. A sample of the line 
voltage to ground is taken via the variable 
capacitor C5. Unlike the previous circuit, 
both the sampled voltages are rectified, 
producing voltages across load resistors R3 
and R4, without paying any attention to the 
phase differences between the sample 
voltages. It is only the amplitude of the 
sample voltages which determines the ampli- 
tude of the voltage across R4 (for the line 
voltage) or across R3 (for the line current). 
Because of the diode polarities, the voltages 
across R3 and R4 are of opposite polarity. 
They will cancel when equal, producing zero 
outpul voltage, and since C5 is variable, this 
condition can be set to occur at any desired 
line voltage to current ratio. 

The difficulty with this circuit is that the 
sample voltages generated by the toroid 
transformers and the CS coupling are fre- 
quency dependent. The rest of the com- 
ponents in the circuit (R1/C1 and R2/C2) 
are there to help eliminate the frequency 
sensitive output of the coupling elements 
over a reasonable range. 

C5 is set with Cl and C2 at mid-range to 
provide a zero voltage output from the 
circuit on 20m when the line is terminated 
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in a resistive load equal to the line impe- 
dance. Going to 10m, C2 is adjusted to 
restore balance and on 80m, C1 is used to 
restore balance. The adjustment has to be 
gone through several times before a good 
balance is achieved over the entire HF range. 
It would be possible to calibrate the meter 
with different value load resistors for differ- 
ent swrs. For high value loads, the meter 
would move off center in the opposite 
direction for low value-loads. But, such 
calibration would only hold true for non- 
reactive loads. 


Construction 


Many conventional swr bridge circuits 
have been described over the last year or two 
in amateur literature where a toroid trans- 
former, rather than a parallel wire to the 
center conductor of a coaxial line, has been 
used as a pickup element. The construction 
of such units applies equally well to the 
circuits shown here. It is only the circuitry 
following the pickup element that is really 
different, plus the added RI pickup in Fig. 
1, or the C5 pickup in Fig. 2. Note that it 
doesn’t matter on which side of the toroid 
these pickups are placed. However, as in any 
rf circuit, all leads must be kept as direct and 
as short as possible. The circuits shown are 
for the HF range, but by changing the toroid 
and values of the bypass capacitors, they can 
be extended, by experienced experimenters, 
into the VHF range. 
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ANY. PEAY 
What most people ses asa 
pesky weed is actuaily rich 
in folate,magnesium, fiber, 
calcium, iron and vitamins 
A, Cand EB. It also may 
lower blood pressure, treat 
acne, foster weight loss and 
reduce the risk of urinary 
tract infections. 


Intornally, sage can aid 
indigestion, fiatulence, 
and help boost your mood. 
Externally, sage can 
soothe insect bites and 
skin infections. 
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This sterile plant blended 
from watermint and 
Spearmint can help treat 
the symptoms of irritable 
bowel syndrome, 
including gas, bloating, 
pain, and diarrhea. 


SELF-HEAL 


This member of the mint 
family is rich in 
antioxidants and minerals 
and is used to treat wounds 
and control gingivitis 
beoause of its antiviral 
properties. 
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MATLOWS 
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a 
Mallow, once commonly 


used to make 
marshmallows, has 
anti-inflammatory 
properties, and can soothe 
a sore throat and aid cell 
renowal when healing 
bites, minor wounds and 
burns. 


ts. 


Erg . 
SAT RR. 


USNEA 


oe... Were 
Usnea grows on trees and 
is a combination of fungus 
and algac. Usnes can be 
used to aid weight loss, 
relieve pain, heal wounds, 
and reduce throat 
congestion. 


a ow. 
A member of the daisy 
family, echinacea has 
been used as a treatment 
for colds and flu, But it 
also could help provide 
some relief from acid 
indigestion, ADHD and 
chronic fatigue syndrome. 
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CHICKWEED 
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This nutritioius weed has 
anti-inflammatory 
properties and is used to 
reduce minor aches, pains, 
and menstural cramps. 


THISTLE 


Taken intoranily, this 
plant can aid liver 
function and help manage 
blood sugar and 
cholestero) levels. 


PRIMROSE 


eS 
Primrose roots can be 
eaten as a vegetable or 
made into tea and is 
useful in treating eczema, 
breast pain, premenstrual 
syndrome, and 
rheumatoid arthritis. 


This lemon-scented plant 
can be crushed and 
rubbed on the skin asa 
natural mosquito 
repellent or to heal bites. 
Lemon baim tea can help 


combat a cold or soothe 
an upset stomach. 


This herd is a natural 
antideprssant used to 
improve mood, reduce 
anxiety, and improve 
sleep. 
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Chapter II 


How to Measure RF Impedance 


THE ANTENNASCOPE — AN EFFECTIVE 
TOOL 
W. R. Carruthers VESCEA 


There are two types of antennas, com- 
mercial and amateur. A commercial antenna 
is generally designed for one frequency, has 
many acres of ground around it, no obstruc- 
tions and miles of heavy copper cable buried 
underground to provide an “effective” 
ground. These antennas work as de 
signed — very well. The amateur antenna, on 
the other hand, is just that — an amateur 
design and construction. 

This antenna is subject to all ills, roof 
tops, buildings, trees, TV masts, house elec- 
tric wiring, telephone wires and what not. 
It’s a wonder they work at all! But they can 
be made to work and thousands of amateurs 
make them work. They make them work by 
pruning or lengthening the feeder cable and 
by using an antenna coupler. These are 
always empirical steps, the “let’s cut and try 
and see what happens’? method. How much 
better it would be, and a time saver too, if 
we tested our antenna systems electrically 
and Anew what was happening and then 
could take intelligent action to put the 
whole antenna system into resonance. 

This fact is well Known — an antenna can 
only accept power and radiate properly 
when it is operating at its resonant fre- 
quency. This is no problem for the com- 
mercial people who operate at one fre- 
quency. The amateur, however, wants to 
“roam the band” and may wish to operate 
over frequencies hundreds of thousands of 
cycles wide, even megacycles wide. How can 
he do this with a fixed antenna system? The 
answer is, he can’t! But he can construct an 
antenna system for a certain frequency and 
take the penalty of reduced radiation when 
he moves far away from it. However this 
actually works very well, because each ama- 
teur has his own particular part of a band in 
which he likes to operate — and his friends 
tend to stay there too, On this particular 
spot, the amateur works diligently to “put 
out a good signal?’ 


The question arises —- how can we make 
sure our antenna system is radiating well at 
the particulaf frequency we wish to use? 
One answer is to use electrical test equip- 
ment to show us what is happening on the 
whole antenna system, which includes the 
antenna and the feed line. 


One of the most useful devices for this 
purpose is the rf bridge. generally called the 
Antennascope. It is a simple device, inexpen- 
sive to construct and very effective in 
results. It is usually powered by a grid dip 
oscillator. Such bridges should be used at the 
junction of the feed line and the antenna 
and will show the resonant frequency of the 
antenna itself and the radiation resistance at 
the feed point. 


Making such measurement up in the air is 
a difficult thing for the average amateur and 
impossible for those whose antennas are 
supported at the ends. If we are willing, 
however, to accept a small degradation in 
results, we can use the rf bridge at the 
station end if we have a half wave, or 
multiple of a half wave, feed cable, At every 
half wave point ona feeder cable the vollage 
and current vectors are in phase, which 
simply means that the electrical condition 
seen at the end of the cable is repeated every 
half wavelength in the cable. We can use the 
rf bridge then, at the station end of the feed 
line, if we are willing to agree that the results 
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will not be 100% but reasonably close to it, 
The results will be affected by all the various 
factors that affect amateur antenna reso- 
nance and these effects may give us some 
peculiar results, but they can be overcome 
and the final results may be quite valuable to 
us. 

Let me give you an example to illustrate 
what I’m talking about and to show you 
how effective the use of the rf bridge can 
be: — 

A friend of mine constructed a 40 meter 
inverted V antenna, held at the feed point 
40’ up on his beam tower, 66” legs down to 
supports which held the ends about 8’ off 
the ground. Feed line was 100’ of Twin 
Amphenol cable, velocity factor .68. The 
antenna was difficult to feed, swr was high, 
radiation was poor. He asked me to have a 


look (electrical) at it. I took my grid dip 
meter, rf bridge and vtvm. 

The first thing done was to check the 
feed line length. 1/2 wave length at 7.1 MHz 
was 492 x .68/7.1 or 47.1 feet. Two 1/2 
wave lengths (to get into the station) would 
be 94.2 feet. 

The first conclusion was that the feed line 
was 5.8 feet too long. 

Next Test No. 1 was made using the rf 
bridge with results as shown in Fig. 1, the 
results being shown in table form and also 
plotted in graphical form. 

{t was obvious from this graph that the 
antenna system was resonating outside the 
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band as shown by the dotted lines. This test 
was repeated and the results were taken 
down to 6.4 MHz. They showed the system 
to be resonant at 6.6 MHz. 

Test No. 2 was made next using the feed 
line cut to 94.2 feet. Fig. 2 shows the 
results. 

it was obvious the resonant point of the 
system was rising. 

Test No. 3 was made next, cutting the 
feed line to 91.2 feet long. Fig. 3 shows the 
results. 
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Fig. 3. 91.2’ Feedline Test No. 3. 
The resonant point was rising, but not far 
enough yet. 
Test No. 4 was made using the feed line 
cut to 88.2 feet long. Fig. 4 shows the 
results. It was obvious that we were very 
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Fig. 4. 88.2’ Foadline Test No, 4, 


close to the resonant frequency of 7.1 MHz 
which my friend wished to use. 

Test No. 5 was with 85.2 feet in the feed 
line. Fig. 5 shows the results. 
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Fig. 5. 85.2’ Feadline Test No. 5. 


Test No. 6 was with the transmitter (300 
watts CW) and antenna coupler connected. 
There was no trouble in loading and no 
trouble in balancing the coupler to obtain an 
swr of | to 1 ratio. 

The results on the air were interesting, 





5/9+ reports to the Eastern half of the 
U.S. A., 5/8 reports to Germany etc. Con- 
clusion: The results shown above are not 
precise, nor can they be expected to be 
precise. There are too many unknown fac- 
tors entering the electrical picture, such as 
those which required a shortening of the 
feed line, in this example, to somewhat less 
than a half wave length. But the bridge 
showed us the overall picture and suggested 
what was required to be done. The on-the-air 
results show that it was giving us a good 
picture and a result that was very satis- 
factory for my friend’s needs, 

Why not construct an rf bridge and check 
you own antenna system? I suggest it will 
pay off and be very informative to you, 
showing you what your antenna system 
looks Jike electrically and what to do to 
bring your whole system to the resonant 
frequency you wish to obtain. ... VE3CEA 


HOW TO BUILD AN ANTENNASCOPE 
Paul Franson WA1CCH 


A type of simple bridge used for measur- 
ing antenna impedance is called the 
Antennascope, shown in Fig. 1. This bridge 
is designed for low power operation — a grid 
dip meter usually gives plenty of power. It 
should be built very compactly with short 
leads. The potentiometer should be of high 
quality; an Allen-Bradley Type J is fine. The 
bridge can be calibrated with regular com- 
position resistors. Simply connect the resis- 
tors in turn to the antenna terminal and 
adjust the pot until the meter reading dips to 
zero, Then mark the value of the resistor by 
the pot pointer, In use, the meter reading 
will not null completely except for resistive 
loads, so it will not read zero for reactive 
antennas. Nevertheless, the minimum 
reading will occur at the approximate impe- 
dance reading, Remember that all antenna 
bridges should be used between the antenna 
and the transmission line. 





Fig. 1. The Antennascope is a simple antenna 
impedance bridge. It should be constructed com- 
pactly for best high frequency use. 


THE MARK II] RF IMPEDANCE BRIDGE 
Mark Cholewski WOCRT 


N= to measure the input impedance of that 
new beam? Or maybe to find out just what 
is the Q of the coils in your final? Or even to 
determine how much signal is being soaked up 
by your coax? If you ever want to do these, 
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or any similar jobs, then the Mark III RF 
Impedance Bridge is the thing for you. 

You can build it for a total cost of about 
$80 (exelusive of shect metal) and, if you fol- 
low instructions closely, it will be accurate to 
closer than 10 percent throughout its operat- 
ing range. Unlike the more common resistive- 
bridge and reflectometer methods of measuring 
impedance, the Mark III operates equally well 
at resonance or far away. It will measure both 
resistance and reactance present in resistors, 
capacitors, inductors, antennas, and transmis- 
sion lines at any frequency between 2 and 30 
me. 

Before we start into the actual construction 
of the Mark III, one thing must be emphasized. 
Accuracy can be assured only if the com- 
ponents, circuit, and parts layout are abso- 
lutely duplicated. The original instrument’s 
calibration was obtained through tedious lab- 
oratory techniques. If you make any changes, 
the calibration curves will no longer apply. 
However, if instructions are followed to the 
letter you need have no worries about aceu- 
racy. A test model, built by W6BJU following 
these instructions, checked out to 2 percent 
accuracy at 2 me and 10 percent at 30 me. 

Construction of the Mark III divides into 
three major sections: Preliminary metalwork, 
actual wiring, and calibration. Each will be 
described separately. Ready? Let’s go! 


Preliminary Metalwork 


1. Cut, drill, and bend to shape from soft 
aluminum shields $1, $2, and $3 as shown in 
Figs. C1, C2, and C3, 

2. Cut, drill, and tap plexiglas insulators I, 
I2, and I3 from bulk rod stock as shown in 
Figs. C4 and C5. When tapping plexiglas, use 
water as lubricant. 

8. Cut, drill, bend, and solder tubular shields 
S14, S2A, and S38A as shown in Fig. C6. Cop- 
per or brass may be used; aluminum should be 
avoided because of solding difficulties. 

4. Assemble shielded resistor assembly R2/S4 
as shown in Fig. C7. The copper tubing must 
be drilled out to clear the body of R2. When 
soldering, hold the assembly in a vise to pro- 
tect R2 from excessive heat. 

5. Cut, drill, bend to shape, and solder box 
shields S1B, S2B, and 83B as shown in Fig. 
cs. 

6. Drill S85 (a 3x4x6 LMB unpainted chassis 
box) as shown in Fig. C9. 

7. Cut, drill, and bend to shape shield parti- 
tion S5A as shown in Fig. C10. 


Shielded Transformer 


While classified under the “preliminary 
metalwork” section for reasons which will 
become obvious, construction of the shielded 
transformer is the most critical part of the 
entire project. Before proceeding, read and 
re-read steps 8 through 24 and be sure that 
you understand them fully. Take special eare 
when soldering—three transformers were built 
for the original instrument before a non- 
shorted one was achieved, 

8. Cut to length, drill, and tap transformer 
mounting insulator 14 from 5/16-inch plexi- 
glas rod, 


9. Cut and drill two bobbin-end washers as 
shown in Fig. C12 and solder them to a length 
of copper tube as also shown. Then cut half- 
way through the bobbin with a hacksaw. 

10. Pull the shielding from an 18-inch length 
of RG58/U. Save 8 inches for step 19 and use 
the rest in step 11. 

11. Solder one end of the 10-inch shielding 
into the U-shaped slot on the bobbin end, 
using an aluminum rod or small drill to keep 
the inside of the shielding open. It must pass 


Do not overheat the winding; the plastic cover- 
ing melts easily and a short is almost impos- 
sible to detect. 

17. Connect an SO-239 coax connector and 
UG-177/U hood to the shielded primary lead 
as shown in Fig. C15. 

18. Wind one turn of %-inch diameter half- 
hard copper tubing around a l-inch diameter 
form. Saw the tubing as shown by “phantom 
lines” in Fig. C14. Drill as shown in Fig. C14 
and clean off all burrs. 

19. Locate the 8-inch piece of shielding left 
over from step 10. 

20. Using same technique as in step 11, solder 
one end of the shielding into the %-inch hole, 
Clean off all solder splatter and burrs. 

21. Solder one end of another length of No. 
26 plastic-covered hookup wire to point A (see 
Fig. C14) and wind three turns inside the 
tubing in the direction shown, 

22, Feed the free end of the hookup wire 
through the shielding. Bend the tubing into 
final shape as shown in Fig. C14. Pull up the 
three turns snugly, making sure that the plas- 
tic coating is undamaged. 
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C3—Shield $3 (1 REQ), 


Mat'l Aluminum 
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12. Wind 48 turns of No. 26 plastic-covered 
hookup wire on the bobbin in three lays of 16 


turns each. Solder the start of the winding at 


point A (see Fig. C12) and wind in the direc- 
tion shown by the arrow. 

13. The last turn will end at the shielding 
attached in step 11, Feed the free end of the 
wire into the shielding, draw the turns tight, 
and secure the winding with plastic tape. 

14, Cut a piece of brass or copper shim stock 
as shown in Fig. C13 to a length which will 
wrap around the bobbin but will not allow 
the ends of the shim stock to touch each other, 
15. Tin the shim stock along the edges. 

16. Place the wound bobbin in a vise, wrap * 
the shim stock around it, lining up the free 
ends of the shim with the slot cut in step 9, + 
and solder the shim to the bobbin ends. Caution. 
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25. Connect a male phono plug to the free end 
of the shielded wire as shown in Fig. C15. 
Length of the wire is critical. 
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C10—Shield Partition S5A, Mat'l 
Aluminum 


lator I4, Mat'l 
Ploxglas 





Ci3—Shiold PSIA, Mat'l .005 
Brass or Copper 

Ci2—Primary bobbin PSI, 
Mat'l Brass or Copper 


Mat'l copper 
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Fig, 2—Inside view 


24. Using four pieces of 44-inch diameter plex- 
iglas rod as spacers, assemble the primary and 
secondary shielded windings as shown in Fig. 
C15, Attach insulator 14 to the transformer 
by cementing it into the bobbin hole with Duco. 
Cement both windings to spacers with Duco 
and allow to dry overnight. This completes the 
transformer. 

25. Remove top and bottom from the 8x10x10 
utility box. Remove all paint from flanges; 
clean to bare metal to provide adequate rf 
shielding on reassembly. 

26, Remove paint from inside of bottom plate 
for 44 inch in from each edge. 

27. Remove paint from inside of top plate as 
shown in Fig. C16 by “phantom lines.” 

28. Drill the top plate as shown in Fig, C16. 


Note that drawing shows INSIDE surface of 
plate. 

29. Cut shafts of all four variable capacitors 
to %-inch length. Remove all trimmer capa- 
citors. 

30. Tap the threeholes on the face of each 
cupacitor, using a 6-32 tap. Take care not to 
damage the first stator plate; a bottom tap 
may be necessary. Attach three type 12 insul- 
ators to C1 and C2, using 14-inch-long 6-32 
set screws as shown in Fig. 3. This completes 
preliminary metalwork. 


Actual Wiring 


81, Attach C1 and C2 to shield box S5 using 
six 4-inch-long 6-32 machine serews, Connect 
stator lugs of Cl to those of C2 with No. 18 
tinned wire, as shown in Fig. 3. 

82. Mount two soldering lugs as shown in Fig. 
3 and connect remaining stator lugs to them, 
using No. 18 tinned wire. 

33. Press the Erie CF-408 feed-thru into the 
0.136-inech diameter hole in S5. Solder a short 
No. 18 tinned lead from the inside terminal 
of this insulator to the wire installed in step 
$1, as shown in Fig. 3. 





34. Attach shield partition S5A, using three 
14-inch-long 6-32 machine screws. One of the 
screws installed in step 32 must be temporarily 
loosened and removed. 

35. Attach four type 13 insulators to shield 
box S5 as shown in Figs. 3 and C9. 

36. Attach three more soldering lugs to Sh 
as shown in Fig. 3, using \-inch-long 6-32 
machine screws. 

87. Attach four type I3 insulators to shield 
platform Sl, using the 4%4-inch-spaced holes 
n $1 and 6-32 screws. Attach S1A to 81, using 
6-32 screws from the inside of $1. Attach the 
female phono socket to S1 in the 7/16-inch 
diameter hole. Attach four type Il insulators, 
using %4-inch-long 6-32 serews. Do not tighten 
the screw in the hole marked “Hole A” in Vig. 
CL; this serew will hold a cable clamp later. 
See Fig. 4 for details of insulator placement. 
38. Attach four type I1 insulators to shield 
platform S2, using the 2%4-inch-spaced holes in 
$2 and %-inch-long 6-32 screws. Attach S2A 
to $2. Attach capacitor C3 with 1-4-inch-long 
6-32 screws, using two nuts on each screw as 
shown in Fig. 4, Mount a soldering lug under 
one nut as shown, Align the capacitor by «adl- 
justment of the mounting screws and nuts. 
39. Solder a No. 18 tinned wire to the female 
phono socket and pass the wire through the 
corresponding hole in S2. Attach $2 to S1 with 
t,-inch-long 6-32 serews going into the type 
1 insulators attached to $1 in step 37. 

40. Attach C4 to shield platform 83 using 
54-inch-long 6-32 serews with dual nuts (same 
as in step 38). Attach S3A to S83. 

41. Connect two of the stator lugs of C4 with 
No. 18 tinned wire as shown in Fig. 4. Slide 
shield assembly $4 into S3A. Center assembly 
S4 in S3A, using a piece of %4-inch-long insul- 
ating tubing. Make certain that opposite ends 
of S4 and S3A are even as shown in Fig. 4, 
and cement tubing in place with Duco. Solder 
the shorted end of resistor R2 (which is in 
S4) to the wire connecting stator lugs of Cd. 
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42, Attach shield platform S3 to S2, using 
\-inch-long 6-32 screws going into the type 
Il insulators installed on S2 in step 38. 

43. Place a %-inch-long 6-32 screw in the 
flange of $3 as shown in Fig. 4, with a solder- 
ing lug. Connect this lug to the stator lug of C3 
with No. 18 tinned wire. Using %-inch-long 
6-32 serews, mount a soldering lug in Hole 
B (see Fig. C1) of S1 and another in $2 as 
shown in Fig. C2. These lugs are mounted in 
a direction opposite to that of the platform 
flanges. 

44, Attach the “unknown” ground lug to the 
panel next to the “unknown” coax connector 
hole, as shown in Fig. C16. Attach the “re- 
ceiver” coax connector to the panel, from the 
inside. Attach the “IND-CAP” switch to the 
center of the panel, using an extra nut to 
position the switch as far as possible from the 
panel. Orient the switch as shown in Fig. 5. 
Place a soldering lug under each nut. Mount 
C5 and C6, using 44-inch spacers between the 
capacitor frames and the panel. Connect the 











Fig. 3—Resistance box—Inboard view 


rotors of C5 and C6 to the lugs of the switch 
with No. 18 tinned wire as shown in Fig. 5. 
45. Solder a 244-inch length of No. 18 tinned 
wire to the “COMMON” terminal of the 
switch. Connect the stators of C5 and C6 to 
the remaining switch terminals, as well as 
resistors R3 and R4. Complete connections are 
shown in Fig. 5, 

46. Attach the “unknown” coax connector to 





Fig, 4—Reactance Assembly—Inboard view 


the panel, placing a soldering lug under one 
mounting screw. Connect the “unknown” 
ground lug to this soldering lug to provide a 
good bond. 

47. Mount panel bearings for capacitors C2 
and C4. Mount the special panel bearings fur- 
nished with the Johnson Vernier Dial assem- 
blies in place. Attach the two large dials to 
dummy shafts and mount the dial indicator 
in the position you prefer. Remove the large 
dials and dummy shafts after placing the dial 
indicators. 


1038 





Fig. 5—Switch Assembly 


48. Mount S6 at the left side of the panel (as 
shown in Fig. C16) and mount the assembly 
of $1, S2, and $3 at the right side. See Pig. 2, 
49. Attach shaft couplers to the four capaci- 
tors. Cut the plexiglas shafts to length and 
mount them in place. Attach the large vernier 
dials. Set the dial of C2 so that it reads “0” 
at minimum capacity. Set the dial at C4 so 
that it reads “100” at maximum capacity. 
Mount the two Calrad dials on the panel, set- 
ting them so that they both read “0” at maxi- 
mum capacity. Attach the knob to the “IND- 
CAP” switch. 

50. Connect resistor R1 (270-ohm deposited- 





carbon) from the soldering lug on S2 to the 
lug in line on S5. Connect R3 (220 ohms) and 
R4 (100 ohms) to the soldering lugs on S5 
which were installed in step 36. R3 will be 
the resistor nearest the bottom of the panel. 
51, Connect a No. 18 tinned-wire lead from 
the “detector” coax connector to the lug on 
85. Connect a No, 12 (note different wire size) 
lead from the “unknown” connector to the 
free end of R2. Make sure that R2 is not 
shorted to any shield. 

52. Attach the transformer, completed in step 
24, to the bottom of the panel as shown in Fig. 
2. Attach the coax connector connected to the 
transformer to the panel in the “signal gen- 
erator” hole. In the hole between the trans- 
former and the connector, mount a cable clamp 
to hold the shielded primary lead. Secure the 
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shielded secondary lead with another ¢lamp 
held by the loose serew installed in step 37. 
58, Mount a soldering lug to S1B with a 4- 
inch-long 6-32 screw, placing the lug in the 
direction of the box opening. 

54. Place %4-inch-long 6-32 screws in all re- 
maining tapped holes in S1, 82, and $3. Start- 
ing with S3, place all shield boxes in place and 
secure screws. Connect a No. 18 tinned lead 
from the soldering lug installed in step 53 to 
the Erie feed-thru on S5, Set C5 and C6 to 
mid-eapacity. 

55. Attach four rubber feet to the bottom 
plate of the case and four more to the bottom 
side of the utility cabinet. Restore the front 
plate in place and secure with the sheet-metal] 
screws provided, This completes construction 
of the bridge. After calibration, it will be ready 
for use. 


Calibration and Use 


Since the Mark III is a null-type instrument 
(adapted from the Schering bridge circuit) it 
can only be used with a signal generator and 
a detector. Both must be shielded; however, 
a Heath SG-8 will do nicely as the signal gen- 
erator and any decent communications receiver 
will serve as the detector. For best results, it 


should be calibrated with the signal generator 
and receiver with which it will be used. 

56, Connect the bridge to the signal generator 
and the receiver, using coax cable from the 
panel connectors to each. 

57. Set both the signal generator and the re- 
ceiver to 2 me. 

58. Short the “unknown” terminal and ground 
terminal using a banana plug in the connector 
or a coaxial short made by soldering the pin 
of a PL-259 connector to the shell through a 
copper disc. 

59. Set the “IND-CAP” switch to “CAP.” 

60. Set the “Reactance” dial to 15. 

61. Set the “Resistance” dial to 5. 

62. Tune the signal generator, only, for max- 
imum signal in the receiver. 

63. Using the two small “balance” dials, re- 
duce the signal in the receiver to the lowest 
level possible. This is the “null” or “balance” 
condition, The dials will interact, and multiple 
adjustment will be necessary. However, all 
receiver and signal generator adjustments 
must be left alone during this step. 

G4. Replace the short across the “unknown” 
connector with the 620-ohm deposited-carbon 
“test” resistor, 

6h. Using only the large “resistance” and “re- 
actance” dials, null out the signal once more. 
Record the final reading of the “resistance” 
dial. If this reading is 95, you are extremely 
lucky and the first half of the calibration is 
complete. If not, proceed with step 66. 

66. If the “resistance” dial reading is less 
than 95, increase the capacity of C6 slightly 
and repeat steps 60 through 65, If the reading 
is larger than 95, decrease the setting of C6 
and repeat steps 60 through 65. Continue this 
process until the reading comes out at 95. 

67. When capacitive calibration is complete, 
set the “IND-CAP” switch to “IND,” and the 
“reactance” dial to 30. 

68. Repeat steps 60 through 65; if the final 
reading of the “resistance” dial is other than 
95, proceed with step 69. 

69. If the reading is less than 95, increase the 
capacity of C5 slightly and repeat steps 60 
through 65. If the reading is larger than 95, 
decrease the setting of C5 and repeat. Continue 
until the reading is 95. This completes calibra- 
tion, and the curves shown here can be used 
for readings. 


Using the Mark III 


To use the Mark III, set the instrument up 
as described in step 56 of the calibration pro- 
cedure, Set the signal generator to the desired 
frequency and short out the “unknown” termi- 
nal of the bridge as described in step 58. 

If you're measuring an inductive impedance, 
set the “IND-CAP” switch to “IND,” the re- 
actance dial to 95, and the resistance dial to 
5. Null the signal with the small balance dials. 

Now remove the short and connect the un- 
known. Rebalance the bridge using the large 
dials, note the readings, and convert the read- 
ings to ohms by use of the calibration curves. 

These initial values must be corrected. The 
reactance value ix corrected by dividing the 
value read from the curve by the frequency 
(in me) at which the reading was taken, The 
resistance value is corrected by abtaining the 
correction factor due to frequency from Fig. 5 
and multiplying the reading by this factor. 

If you're measuring a capacitive impedance, 
set the switeh to “CAP.” Then estimate the 
reactance of the unknown and set the large 
renctance dial to a value just larger. Set the 
resistance dial to 5 and short out the “un- 
known” connector, Null the signal with the 
short and again with the unknown, the same 
as for an inductive impedance, 

Correct the resistance reading in the same 


manner as for an inductive impedance. How- 
ever, the reactance reading is corrected differ- 
ently: Subtract the value taken from the cali- 
bration curve from the value originally set on 
the reactance dial. Now divide this remainder 
by the frequency (in mc) at which the reading 
was taken. The result is the true value of 
capacitive reactance. 

A few minutes’ practice will make operation 
of the Mark III far more simple than the de- 
tailed directions would indicate; in practice, 
you can make a reading in less time than it 





takes to read these paragraphs. 


Parts Substitutions and Design Changes 


Since few hams are content to build a 
“Chinese copy” of someone else's design, a few 
words on the effect of changes are necessary. 

Naturally, the Mark III doesn’t represent 
the only possible—or even necessarily the best 
—way in which such a bridge can be built. 
Any part, or all, may be changed. However, 
any such change will invalidate the calibration 
curves, and is not recommended unless the 
builder has access to laboratory equipment. 

Even then, before making any substitutions, 
these three design articles should be read and 
fully understood: 

“4 Radio-Frequency Bridge for Impedance 
Measurements From 4000 KC/S to 60 MG/S," 
D. B. Sinclair, Proceedings of the I.R.E., No- 
vember, 1940, pages 497-502, 

“A High Frequency Model of The Precision 
Condenser,” D. B. Sinclair, General Radio 
Experimenter, October-November, 1938, pages 
1-7. 

“The Effect of Stray Capacitances to Ground 
in Substitution Measurements,” M. Reed, 
Wireless Engineering, May, 1936, page 284 ff. 











Parts List 
es 
Quan. Item Description Cat. No 

lea. Ci.c2 Has, 10-405 mmf/sect. .... 2uiz 

Ten. C3, C4 ... Miller, 10-365 mmf ........- zu 

fen. C5, C6 ...50 mmf air padder (coud 
apteabity) oles eee cee ses APC 

tea. Jt, J2,4%. 80-249 Panel ceax connector 

1 GE soorre- Phone glug 

1 45 ... hone socket 

1 Bl cesinse \erovex 1% L/2W 270 ohm 
“CarboRiny™” -..-. <2 222.000 Type-CP 

1 R2 .......:90 obm 5% 1/2W Carbon Resistor 

: RS ......, 22H ohm 5% IW Carbon Resistor 

1 BA Vececas 100 ohm 5% IW Carbon Resistor 

1 Test ss565 Aerovox 1% 1/2W 620 ohm 
’Carbofilm” .,......sceeee 

1 BW eis5s Centralab 3p; 1 Seet 





Position 
(revet stop to two positions only) 
&, FB. Johnson Vernier 
(0-100 CW)  sevcccvecccceny 116-285-1 
....E. F, Johnson Panel Bearings 115-255 
.» Metal 4 shaft couplers 
.. 4 inch diameter plastic rod x 12” 
1, inch diameter plastic rod x 6’ 
.,..%\ ineh diameter plastic rod x 12 
.. “Culrad’ 1-18/32 inch Vernicr 
Dial 


rr ee tere VD-B6 
Binding Post (greund lug) 
Bud carrying case 10°x10"x8" CC-1100 
LMB box (plain) 3” x 4" x 6" 
UG 177/U coaxial cable hood 
.. Erie feed-thru insulator .... 
..+. PL-259 coaxial male connector 
..Walsco clamp for 1% to 3/16 
SRING i vs nivakichos ona tienen se 7 


CF+408 





Of the above list the critical parts are: 
Cl, C2, C3, CA, J2, Ri, Test resistor, Case, 
LMB box, UG 177/U, Erie feed-thru. 





* This author hand engraved these dials per Figs. 6 
and 7, 


MEASURE RF IMPEDANCE WITH YOUR 
SWR BRIDGE 
Warren McDowell W2AOO 


S: far, the great majority of antenna 
impedance bridges that we have found 
in construction articles are devices that 
function only with a low power rf source. 
The run-of-the-mill impedance bridge is de- 
signed to operate with a grid dipper as the 
source of rf excitation. Operation with tube 
type dippers is generally intended as the 
transistor dippers produce an rf level that is 
too low for excitation of this bridge type. 

The conventional antenna bridge cannot 
be left in the transmission line continually as 
excessive rf energy would soon destroy the 
device. This means that each time measure- 
ment of antenna impedance is desired, the 
transmission line must be opened and the 
bridge inserted and grid dip excitation ap- 
plied. Grid dippers are not necessarily the 
most accurate rf source for a specific fre- 
quency in an amateur band . . . therefore the 
station receiver must monitor the dipper 
output for any bridge accuracy. A low 
power bridge will not often present the true 
operating impedance of the antenna... 
especially antennas with parasitic elements. 
A bridge that operates under full transmitter 
power will present a much more accurate 
picture of your antenna system at a specific 
frequency. 





Fig, 1, Conventional swr bridge. 


Inspiration for the “In Line’’ full power 
bridge came from information concerning 
the standard swr bridge. Just about every 
amateur has in his possession some sort of 
swr bridge and the great majority are of the 
type illustrated in Fig. |, This bridge consists 
of a section of transmission line near which 
are placed two inductors. These inductors 
are actually two bridges along with their 
associated diodes and resistors. One of the 
bridges reads forward power and the other 
reflected power. The resistors (Rx) at the 
end of the inductors LI and L2 are critical 
for accurate bridge null (balance) and there- 
fore must be the proper value for the 
specific transmission line used. For the 
average swr bridge the value for Rx is 1002 
for 75Q line and 150Q for 50Q transmission 
line. Considering that resistor Rx is critical 
for the impedance of the line in use, varying 
the value of Rx and devising a system of 
calibration for Rx would enable us to 
determine the impedance of a line when a 
null is achieved on the bridge meter. 

The “reflected” inductor which is L1 in 
Fig. | is the portion of the bridge circuit we 
are interested in for impedance measure- 
ments. The value of Rx and the transmission 
line must balance the bridge for a null to be 
realized. Any variation from the above para- 
meters will mean changing the value of Rx 
so that the bridge again balances at a new 
impedance value, 

By experimenting with various values of 
resistance at Rx, it was determined that a 
100022 potentiometer represents a fair value. 
The 10002 potentiometer is inserted in 
place of Rx on inductor L} (see Fig. 2). This 
is the inductor with the diede pickup lo 
cated toward the load or antenna end of the 
swr bridge. 

Make sure that all leads to the 10002 
potentiometer are short and that the metal 
case (shell) of the potentiometer is well 
grounded. Excessive lead length or induc- 
tance will create inaccuracy of the device. 


The position of the potentiometer will be 
determined by the physical layout of your 
particular swr bridge. It must be set at a 
point where the shaft can be extended 
through the front panel of your swr bridge. 
Allowance must also be made for a dial or 
other indicating device which can be cali- 
brated in ohms (impedance) on the front 
panel. It might even be desirable to mount 
your entire present bridge in another larger 
case so that all functions can be acconr 
modated. 

Calibration of this intine bridge was the 
major problem. An ordinary grid dip meter 
will not provide sufficient excitation for 
readings. With full power applied, especially 
a kilowatt, it becomes difficult to find 
resistive dummy loads of various values to 
calibrate the bridge. Even with 100W of rf, 
proper resistive load values are not common, 

The solution to the calibration problem 
came to us in the form of an (ouch!) CB 
transmitter. A CB transmitter is fortunate if 
it is able to put out 3W of rf and at the same 
time is well within the frequency range of an 
swr bridge. The most important fact is that a 
CB transmitter will provide adequate excita- 
tion for calibration of the bridge with 
ordinary SW 5% carbon (garden variety) 
resistors. For calibration, a good assortment 
of these resistors is necessary. Use values 
such as 5, 27, 47, 75, 100, 150, 220 and 
4702. Intermediate values can be then 
interpolated on your scale. The calibration 
procedure is simple ...first borrow your 
neighbor’s CB, then attach the 5W resistors 
across the antenna coax connector of the 
bridge and excitation of the CB transmitter 
is applied to the remaining connector on the 
bridge. The bridge sensitivity should be set 
for a middle scale reading of the meter and 
the 100022 potentiometer is varied until you 
reach a null on the meter. Mark the value of 
the calibration resistors on the potentio- 
meter scale (dial). Do this for all of the 
available resistors and your bridge will be in 
fair calibration. 

At this point we should mention that this 
system does not measure reactive com- 
ponents in the antenna system. If your 
antenna is reactive, either inductive or capa- 
citive, the meter will present a shallow, 





TO METERING 
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Fig. 2, The modified bridge leads to 1K pot should 
be as short as possible and shell (case) of pot 
grounded. 
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poorly defined null at the operating fre- 
quency. A sharp, well defined null will 
indicate a purely resistive impedance. 

When using the bridge in its former 
function as an swr bridge, set the resistance 
dial to the value of your transmission line. 
When measuring impedance, vary the dial for 
maximum dip on the meter and read the 
resistance (impedance) directly. 

As a final point, it is wise to insert the 
swr/impedance bridge at a half-wave or an 
even multiple of a half-wavelength from 
your antenna. At half-wave points from the 
antenna, the antenna impedance is repeated. 
This will enable your measurements to be 
much more accurate. When determing half- 
wavelength points, take into consideration 
the velocity factor of your particular coax. 


USE YOUR GDO AND Z METER 
Denys Fredrickson WOBMW 


The GDO is one of the most versatile pieces 
of test equipment available. Yet there are 
many hams who don't know how or when to 
use one. The writer will try to describe and 
explain some of its various functions. 

The GDO is basically a variable high fre- 
quency oscillator with a frequency range of 
approximately 550 ke to 250 Mc. It may also 
be used as a diode detector or wave meter. 
The GDO gets its name from the fact that a 
meter measures the grid current and when 
the oscillator circuit is coupled to a resonant 
circuit a reduction in grid current is obtained. 
This is called the grid dip. However, when it 
is used as a wavemeter and coupled to an rf 
source, an increase in current is obtained at 
resonance. 

The GDO and impedance meter can be 
used to accomplish the following: 

1. Determine the resonant frequency of 
tuned circuits, including antennas. 

2. Determine the impedance of circuits, re- 
ceiver inputs and antennas. 

3. Determine the length of half-wavelength 
or quarter-wavelength transmission or tuning 
stub lines. 


4, Determine the “Q” of a circuit or com- 
ponent with the aid of a VTVM. 

5. Determine the resonant frequency of 
individual coils, capacitors or crystals that are 
within the range of the GDO. 

6. Determine the rf frequency of ener- 
gized circuits. 

7. Monitor a radiated rf signal with the 
aid of headphones. 

8. Neutralize rf stages. 

9. Locate parasitic oscillations. 

10. To align receivers and television sets. 
11, Determine where BCI and TVI is ente:- 
ing the radio or television receivers. 

12. Determine unknown inductance. 

13. Determine unknown capacitance. 

Now if you will step into the lab we will 
try to demonstrate how these instruments can 
be put through their paces. Let’s begin with 


the simple functions and then gradually creep 
up to those which are more complex so they 
don't scare us before we get started, 


An oscillator-detector 


Simply plug in a pair of headphones (if 
GDO has facilities for them) and “zero-beat” 
with the radiating signal. This then will be 
the frequency of the radiating signal. 


Crystal frequencies 


Connect a one turn loop of wire across the 
crystal and couple the GDO close enough to 
get a dip of the meter when resonance is ob- 
tained. It is always wise to check lower fre- 
quencies to be sure it is the fundamental fre- 
quency that is being indicated. 


Frequency determination 


Generally the GDO has a switch which is 
used to remove the plate voltage from the 
tube. The tube will then serve the function 
of a diode and the meter as a diode load. 
When a peak deflection of the meter is ob- 
tained this will indicate the frequency of the 
radiating signal. 


Resonance of an RF choke 


When an rf choke is used as a parallel or 
shunt fed circuit, it must be free of self reso- 
nance over the operating frequency range of 
that circuit or it may bum up. The popular 
pi tank circuit is an example. Place a short 
circuit across the choke and then determine 
its self resonant frequency by coupling the 
GDO close enough to indicate a dip on the 
meter when the resonant frequency is ob- 
tained. 


Neutralization 


Apply plate power to the exciter stages and 
filament power only to the stage being neu- 
tralized, Use GDO as a wavemeter and cou- 
ple close to the tank coil in the stage being 
neutralized. Vary the frequency of the GDO 
until maximum reading is obtained and then 
adjust the neutralization for minimum GDO 
meter reading. The cireuit being neutralized 
may have to be retuned and the above pro- 
cedure repeated with a closer coupling of the 
GDO to the Tank coil. 


IF alignment 


Tune the GDO to the desired frequency 
and couple it close to the if coil to be aligned, 
Adjust the if coil until a dip is observed on 
the meter. The if coil will then be tuned to 
the desired frequency. 


Inductance and capacitance checking 


To determine the value of an unknown ca- 
pacitor, connect it across a known inductance 
and use the GDO to find the resonant: fre- 
quency of the cirenit, With these known 
values a reactance chart will give the value 
of the capacitor. Some GDO’'s supply a chart 
which corresponds to the coils supplied with 
the GDO as the known inductances. To deter- 
mine the value of an unknown inductance, 
connect a known capacitance across the coil 


and use the GDO to find the resonant fre- 
quency. Again, the reactance chart may be 
used or the following formula (which may be 
used for either inductance or capacitance) for 
resonant circuits: 


1 | 


ee < e = . 
L=soas (mpc ™ 39.45 ([2) L 


Where f= cycles per second 
L= inductance in henries 
C = capacitance in farads 


The inductance of an air core coil can be es- 
timated by the following formula: 

= __ (tN)? 
Yr * 1lOw 


Where L = inductance in microhenries 
N = number of turns 
r= radius of coil in inches 
w= length of coil in inches 


Q measurements 


Connect a condenser across the coil so the 
lank cirenit resonates at the desired fre- 
quency, Connect a VI'VM across the tuned 
circuit and tune the GDO until maximum 
reading is obtained on the VTVM. The GDO 
coupling may be changed until a convenient 
value is obtained on the VTVM and then it 
must not be moved during the remainder of 
the test. Note the resonant frequency f[,. then 
detune the GDO to a lower frequency until 
the VTVM reads 70,7 percent of its original 
or peak value and call this frequency f,, Now 
detune the GDO to a higher frequency until 
the VITVM again reads 70.7 percent of its 
original or peak value and call this frequency 
f.. The Q is then calculated by using the fol- 
lowing formula: 


oe 

Q ie fx 
Where f, = is the center of resonant frequency 
f, =the difference between f, and f. 


Parasitic oscillations 


By using a pair of headphones with the 
GDO, the parasitic oscillation frequency may 
be determined. Turn the power off of the 
stage being checked and then use GDO to 
find the circuit which resonates at the para- 
sitic frequency by moving the GDO slowly 
around the wiring. When a “dip” is observed, 
moisten the finger and touch an ungrounded 
point of the cireuit. If a change in the dip is 
observed, it indicates that it is the portion of 
the circuit that would be a likely suspect, 


BCI and TVI locator 


Most of the BCI and TVI problems can 
only be resolved at the receiver, either by in- 
stallation of filters, resistors or condensers or 
a combination of all three. The problem is— 
where is the rf entering the receiver? Use the 
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GDO tuned to the frequeney which produces 
the greatest amount of interference. Probe 
around with the GDO until the most sensitive 
spot is located, which is indicated by watch- 
ing or listening to the receiver interference. 
After the point of entry is determined then 
the appropriate corrective action can be ac- 
complished. 


Antenna measurements 


Space does not permit to discuss all types 
of antennas and adjustments so only a few 
will be mentioned to give some idea on the 
use of the instruments, At this point it should 
be mentioned that inductive type coupling 
should be used between the GDO and antenna 
when checking near the current’ maximum 
point and capacitive coupling when checking 
near the voltage-maximum point. 

The beam antenna has gained tremendous 
popularity in recent years plus many head- 
aches for those striving to obtain the maxi- 
mum effectiveness. Most of the headaches can 
virtually be eliminated by using the GDO 
and Impedance meter (Z-meter), Let’s take 
a look at a 3 element yagi and see what has 
to be done to obtain a good adjustment. The 
element lengths must be physically adjusted 
or electrically loaded to obtain resonance at 
the desired frequencies and the feed point 
impedance must match the impedance of the 
transmission line. These two points are not 
the only considerations for beam adjustment 
but they are the most important factors. The 
GDO can be inductively coupled to each ele- 
ment and the elements adjusted until each 
one is resonant at the desired frequencies. It 
is best to make the measurements while the 
antenna is in operating position. This is very 
difficult to do in many cases but let’s assume 
you can. After the elements have been ad- 
justed, the feed point must be adjusted to 
match the line. The Z-meter and GDO will 
be used to accomplish this adjustment. The 
Z-meter is basically a resistance type bridge 
with a calibrated potentiometer as one of the 
bridge arms. Connect the Z-meter directly to 
the antenna feed point. Couple the GDO to 
the Z-meter inductively thru a couple loops 
of wire connected to the other terminals of 
the Z-meter. Tune the GDO to the resonant 
frequency of the beam and adjust the Z-meter 
to the dip or null. If the impedance indicated 
by the Z-meter is not the same us the trans- 
mission line then readjust the matching net- 
work and redip the Z-meter until the imped- 
ances are equal, 

Now-—if you can't adjust the antenna in the 
operational position you still can determine 
the resonant frequency and the impedance by 
standing on the good old Terra-Firma. The 
procedure is a little more involved but effec- 
tive. First-we must have a means of elec- 
trically connecting the instruments to the an- 
tenna. This is best accomplished by a trans- 
mission line a half-wave or a multiple of a 
half-wave in length. Determine the height of 
the antenna above ground and calculate how 
many half-wave Jengths of line will be re- 
quired by using the following formula for a 
halfsvave lenuth of line: 


i = (492) (kK) 
ae: 


Where L = feet 
F= megacycles 
K= propagation constant 
(RG/8 is .66) 


This is an approximate length so be sure and 
cut it-extra long because now we will find the 
exuct physical length. Why an exact physical 
length? A halfwave length of transmission line 
will reflect the resistance placed across the 
output at the input end of the line, ie. if a 
50 ohm non-reactive resistor is placed across 
one end of a half wave or multiple Jength 
thereof, the GDO and Z-meter will indicate 
50 ohms at the other end of the line. Cut the 
line somewhat longer than calculated above, 
short one end and connect the Z-meter to the 
other end of the line. NOTE: Keep twin lead 
off the ground and away from metal objects. 
Set the Z-meter to zero impedance and couple 
the GDO inductively to the Z-meter, Adjust 
GDO frequency until the fundamental fre- 
quency causes the Z-meter to dip or indicate 
a null, The frequency indicated should be 
Jower than the desired frequency. Simply cul 
a few inches of cable off, short the end again 
and readjust the GDO. Repeat this procedure 
until the desired frequency (which should be 
the same as the resonant frequenev of the 
antenna) is obtained, You will then have an 
electrically halfwave length of line or a multi- 
ple thereof. 

Coax or twin-lead may be used for the half- 
wave length line when checking the imped- 


ance of the antenna. Connect the line to the 
antenna, hoist the anterma up to its operating 
position and adjust both the Z-meter and GDO 
for the null indication. If the antenna is not 
resonant at the desired frequency, the driven 
element should be readjusted a measured 
amount and then note the frequency change. 
This will give vou an idea how much the 
resonant frequency changes with a  corres- 
ponding element change. Now adjust the 
matching network to the desired impedance. 
This will be accomplished when the Z-meter 
dips at the desired impedance with the GDO 
set at the resonant frequency of the Antenna. 

What would you do if your 100 foot coax 
cable developed a short someplace along the 
line? Replacing the whole line would be too 
expensive. Simply connect the Z-meter to one 
end of the line, adjust the Z-meter for zero 
impedance and then adjust the GDO for low- 
est frequency which will produce a null on 
the Z-meter. Use this frequency in the for- 
mula given for a halfwave length line and 
carefully calculate the length which will be 
the distance from the input end to the short. 

A quarter wave length tuning stub can also 
be determined by using the procedures just 
outlined for the halfwave length line except 
a quarter wave line reflects a short at the in- 
put when the output end is electrically open. 
Now that we have mentioned the quarter 
wave length line, some may be wondering 
just what useful purpose does it serve, The 
quarter wave tuning stub (as it is sometimes 
called) may be used for antenna matching, 
TVL elimination or matching two units which 
have different impedances. The quarter wave 


matching stub can be used as a matching de- 
vice on antennas which is explained in most 
antenna handbooks. It may also be used to 
eliminate an interfering frequency from en- 
tering the TV. This is accomplished by con- 
necting a quarter wave stub to the TV an- 
tenna terminals which is a quarter wave in 
length at the interfering frequency. 

Another use for the quarter wavelength 
matching stub is to permit maximum signal 
transfer between the source and a load which 
have different impedances. If the signal source 
impedance was 100 ohms and the Joad imped- 
ance was 52 ohms, a 72 ohm quarter wave- 
length of line would give a good impedance 
match, Hold it just a minute, how in the 
world did we come up with that 72 ohm busi- 
ness? Simple—another formula will give us this 
information. 


LoaV Ze Z 
where Z, = Impedance of quarterwave match- 
ing stub 
Z, = Impedance of the source 
Z, = Impedance of the load 


Very little has been said concerning the 
various methods of GDO coupling. Actually— 
only two types of coupling are used; inductive 
and capacitive. Capacitive type coupling may 
be used on shielded coax cable, the ends of 
antenna elements and generally where the 
voltage maximum exists. To obtain the great- 
est accuracy, the GDO should be loosely cou- 
pled. Parallel coupling to inductors can be 
used to obtain maximum coupling. 





Chapter HI 


Measuring RF Power Output 


MEASURING RF OUTPUT 
Paul Schuett WA6CPP 


So your new Bandjammer 5000-O is 
rated at 752W peak power. Big deal. How 
much of this is getting out where it counts? 

It's easy to find out by inserting an rf 
ammeter in series with the line. A more 
exact reading would be to have the rf 
ammeter at the antenna input terminals, 
but that might be impractical when it 
comes to reading the meter (although you 
could put a diode there and a remote- 
reading meter in the shack). 

Recently I found an rf ammeter al one 
of the mail-order surplus houses for $2.95, 
| installed this in a little cabinet, put two 
coax connectors on the back (in and out) 
und now can read rf current in the line, 
into the dummy antenna, or wherever it is 
going 

Remember the formula P=I7R? Square 
the reading on the meter, multiply by the 
impedance of the line you're using, and 
you have the power past that point. At the 
antenna, you could determine the antenna 
resistance and take the current reading at 
that point. 

For those who have difficulty with mental 
computations and can't find a pencil, the 
following chart fives the computed power 
levels present in matched 50 and 70 Ohm 
cowxial lines for various levels of rf current: 


RF Current Power Output in Watts 
Amperes 50 Ohm Line 70 Ohm Line 

0.5 12.5 75 
1.0 50 70 
2.0 200 280 
3.0 450 630 
4.0 800 1120 
5.0 1250 1750 


When tuning up the rig, place the 
ammeter on the antenna side of any tuning 
or matching devices and tune for maximum 
current. 





Inside wiring is extremely simple. Note ground 
wire installed to insure continuity of the shield 
circuit. 





The completed instrument showing the coax 
connectors on the rear. 


It’s amazing to learn how much (or how 
little) current these rigs produce, For 
instance, my Swan 250-C puts 1.35A into a 
50Q line. My friend’s SB101 from Heath- 
kit put out 0.7A until we worked on the 
antenna — then it put out about 1.25A. My 
Heathkit SB401 puts anywhere from 2 to 
0.6A into a 50Q Cantenna, depending on 
what band it's on. 

Commercial stations determine their 
power by the antenna current. Knowing 
the antenna resistance at the operating 
frequency, they multiply that by the cur- 
rent squared, If the antenna resistance is 
6242, 4A rf would be | kW into the 
antenna. 126.48A would be 1 MW. 

Remember the ammeter does insert a 
little reactance in the line (1 never leave it 
in all the time), and the calibration changes 
with frequency, although you can tell what 
side of the ballpark you are on. An rf 
ammeter in the shack makes a nice piece of 
test equipment. 
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LIGHT BULBS AS RF INDICATORS 
John Houser WB2GQY 


he major appeal to the amateur - as 
of iget as some commercial applica- 
tions — of light bulbs as rf power indicators 
is low cost. To this must be added the 
universal availability of bulbs and screwbase 
sockets for pennies. 

As low cost is of primary interest to well 
over 50% of those interested in any project, 
and as | have always had an insatiable desire 
to find out the why's and wherefore’s of 
standard light bulbs as rf power indicators, | 
decided it might be the opportune time to 
do a resarch project and determine once and 
for all just which bulbs might be suitable and 
which might not be, and also to determine 
whether light bulbs would make good rf 
power indicators, or poor, and to find out 
what precautions might have to be taken if 
one decided he was going to take this 
low-cost path of determining his transmitter 
output power rather than go for a more 
expensive power output meter. 

Also, power output meters in the higher 
wattage ranges become quite expensive com- 
pared to the $2 to $5 which might be 
expended in a light bulb indicator. In 
general, porcelain screw bases are available 
for from 12¢ to 2S¢ each, and bulbs from 
15¢ to 6S¢ each, and not more than four of 
each are necessary for up to 3 KW power 
indication. 

Table | lists most of the common types 
of electric light bulbs readily available. One 
look at this table immediately reveals why 
such light bulbs might not be such good rf 
power indicators a§ some folks may have 
thought they were in the past. It also reveals 
that some very special precautions have to 
be taken in using them, or the user may find 
he has overloaded his transmitter and bumed 
up a few components which might be 
expensive to replace. 
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Table 1 


Variation in Resistance, Cold to Hot State, 
Common Variety of Electric Light Bulbs. 


Table 2 


Possible Configurations for Various Power Outputs 
at Various Impedance Terminations 


Bulb Rating Cold Hot Ratio A. — Nominal 70 to 7322 Impedance Loads: 
Watts Filament Filament Cold to Hot 175W Load: 3-—690W bulbs tn parallel (732) 
At 115V Resistance Resistance Filament Res OR 
{Approx.) 7-—25W bulbs in parallel (70) 
7.5 166 1750 110 10 3,000W Load: 

25 40 529 110 13 4—750W bulbs in series (7192) 

40 27 331 11012 

60 20 219 4to1 B. ) Nominal 50 to 5582 |!mpedance Loads: 

100 9 132 1to 15 250W Load: 4—GOW bulbs in parallel (54.992) 
150 6 83 110 14 S00W Load: 2--150W bulbs in series, 
200 45 65 110 14 both paralleled by 
250 3.5 53 1 to 15 1—150W buib (55Q) 
500 2 26 1t0 13 1,000W Load: 2—SOOW bulbs in series (53.62) 
750 + 17 110 15 2,250W load: 3-—750W bulbs in series (53.12) 


The extremely high ratio of cold to not 
filament resistance in all types of these bulbs 
immediatoly. struck me as being the most 
undesirable factor in using them, 


It is very easy to see, for instance, that if 
one wished to use a 250W bulb for indi- 
cation on a 250W transmitter, and he com- 
puted the resistance at 250W to be 5322, 
(which it is, but only when Aor), he would 
assume he had just about a perfectly 
matched indicator to plug in in place of his 
52.5Q feed line. 


However, from this table, it is apparent 
that this 53Q resistance is attained only at 
full brilliance and wattage, and the actual 
cold resistance is only 3.5Q. In other words, 
if the bulb were connected to the antenna 
terminals of the transmitter, and the trans- 
mitter keyed full power, the transmitter 
would be looking into nor 53Q, but 3.5Q, 
which is a lot of difference, and an extreme- 
ly low value for any pi network to match. 

For a few seconds, until the filament 
attained full brilliance, the transmitter 
would be subjected to a terrific overload, 
due to this impedance mismatch. 

Therefore the first precaution which 
might be emphasized in using light bulbs 
would be not to key the transmitter at full 
power with a cold bulb, but to gradually 
bring the power from some lower value to 
full power as the bulb attains full brightness 
(and hot, matching resistance). 

Not until 1 got into this project did I 
realize the very high ratio of resistance of 
these filaments from the cold to hot state;1 
don't suppose very many people do, It also 
brings to mind how the house electric meter 
must jump every time a bulb ts snapped on 
in the house. This is not an ad for those light 
dimmers being sold at all the electrical 
stores, but it sure brings to mind that power 
bills could be cut appreciably through their 
use, ie., bringing the bulb gradually to full 


brilliance instead of just snapping on a 
switch, 
Getting back to the bulbs, Table 2 gives 


in various configurations series, and/or 


parallel combinations which would be most 
likely to give the amateur a load for a 
particular transmitter power output, in 
nominal impedances near $2 and 7292. If the 
configuration mentions 200W, this does not 
mean that it would be suitable for indicating 
the output of a LOOW output transmitter, 
because at half brightness, the resistance 
offered by the bulb is not identical to that at 
full brightness. 

While a differance of an ohm or two 
would not be serious, nor would a difference 
of as much as five, or even ten watts, at high 
power levels, at low power levels less than 
10GW, for instance, such differences would 
be seen to become increasingly serious from 
the matched impedance standpoint, The 
configurations given match quite a variety of 
standard line impedances and a wide range 
of power outputs. Matches can be obtained 
for RG-8, 11, 17, 13, 58 and 59 type cable.' 

One may not realize without measure- 
ment that the lead length of the filament 
support wires alone inside the 25—150W 
bulbs is very close to 18 cm. Even though 
they are coiled on a 2 to | ratio, the 
filament is inductive in every sense of the 
word. At higher frequencies, the filament 
support wires would appear inductive, and 
to these factors must be added the parallel 
capacity of the screwbase shell and the 
central base contact wafer. Even though 
such capacity is small, it would become 
significant at most amateur [frequencies 
above the 30 MHz range. Though the 22 cm 
total wire path would perhaps indicate a 
bulb could be used up to 300 MHz, such is 
not at all the case. 

It is easy to see that the sometimes 
suggested trick of using a capacitor in series 
with a light bulb as a load should be 
approached with caution, for it would be 
very easy indeed to run into a series resonant 
circuit which might result in damage to the 
transmitter to which such circult were con- 
nected. 

in the course of my preparation of this 
article. | discussed the ramifications with a 
number of interested hams, Some of them 
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suggested | extend the research to include 
the use of the smaller types of indicator 
(pilot) bulbs as loads for testing out trans- 
mitters with power outputs in the 1W to 
20W range, not only just for amateur ap- 
plications, but also with a view to using 
them as loads in testing FM transmitters. 
When one considers that there are well 
over 100 types of these small bulbs, rated 
from .00!1W to 2W, and if all of these were 
to be considered individually, it could take a 


_vast amount of time — and eventually one 


would end up with perhaps only five or so of 
these bulbs that would be at all suitable, so 
such research was not included in this 
article. However it did open up a field in 
which there may be a demand for informa- 
tion and may be the subject of a subsequent 
article. 


Frequency Ranges 


The use of standard screw-base ceramic or 
steatite porcelain light bulb sockets is en- 
tirely feasible for all of the configurations 
shown and will handle all amateur bands, 
160 through 10. Naturally the leads from 
socket to socket should be as short as 
possible in either the series and/or parallel 
configurations, | found these leads can be 
kept to approximately 2 cm for such inter- 
connections. Likewise, the coax termination 
lead should be kept to 2 cm or less. 

If extra precautions as to lead lengths are 
observed, und the bases of the bulbs re- 
moved to enable connections directly to the 
stem wires, it would appear reasonable to 
suspect that these bulbs might be used for 6, 
$5, and perhaps 2 meter bands, but it is also 
quite evident the 2 meter band would be the 
practical limit. 

One should be able to conjecture that 
light bulbs as power rf indicators are not 
quite the equal of well-designed power out- 
put meters which maintain their rated im- 
pedances over u very wide power output 
range bulbs do not — but then, they are 
cheap in comparison. 

Visual comparison of brightness is com- 
pletely satisfactory for comparison purposes. 


For instance, a SOOW bulb connected to the 
115¥V mains should show the same brilliance 
us one of the 5OOW bulbs as used in the | 
KW load. 

Actually a transmitter supposedly putting 
out 2,000W PEP is putting out something 
less than 1,000W with average voice modu- 
lation: it would be more of the order of 
500--750W average power. Remember that 
the light bulb is only going to show average 
power output, not peak, and as ham trans- 
milters are limited to 1,000W de input to 
the final amplifier, one cannot expect much 
more than 500—750W output (average) un- 
less the efficiency of the final amplifier stage 
approaches 85% which is very unusual, 
although I am hearing lately that certain 
high-power transistors are in development 
which will deliver such high efficiency 
figures; a bit above that which heretofore 
has been obtainable with tubes. You should 
be hearing a lot more about these super- 
efficiency transistors in the near future: and 
| expect them to be appearing in certain ham 
transmitters within a year or so. 

Naturally a CW transmitter with the final 
operated Class C may deliver as much as 
850W with 1,000W de input, while a DSB 
transmitter on phone could not be expected 
to deliver more than 650W with Class A or B 
modulation. 

The research and conclusions I reached 
on this project brought to mind the old 
subject of using light bulbs in series with 
primaries of transformers to reduce the 
secondary output voltages, which is a trick 
which has been used for years by hams and 
others. The information contained herein 
indicates they are not only quite suitable for 
such usage, but in fact make quite ideal 
voltage regulators of a sort. 

In fact, the question immediately arises as 
to why bulbs would not make rather ideal 
voltage regulators for high voltage supplies if 
used as a variable-resistance de regulator in 
the de leg. This again opens up a field which 
might bear intense investigation. 


‘Solid Dielectric RE Transmission Lines, W8LUQ, 
Radio News Oct. 1946. 

Line Matching: Table of Power and Voltage Loss in 
DB, Radio News Feb. 1947. 


BUILD YOURSELF A 
LIGHT WATTMETER 
Carl Henry 


Every week brings something new in the 
hectic field (or pasture) of electronics. At- 
tempting to solve old problems with new com- 
ponents is an interesting pastime for electronics 
enthusiasts, but they must be careful not to 
put their foot in the wrong thing. One of the 
new components is the cadmium sulphide/ 
selenide photocell. A semiconductor sensitive to 
light is not an entirely new concept, since 
selenium cells have been around for some 
time, but the degree of sensitivity makes the 
cadmium cell stand out. 


44 MERCURY BATT, 


Fig. 1. Circuit of Light Wottmeter, 


In measurements especially, there are many 
possible applications for cadmium photocells. 
One measurement in particular is usually diffi- 
cult for the amateur, and this is power meas- 
urement. There is a way of using cadmium 
photocells to measure power, and I call this 
circuit a “light wattmeter”. Operation is just 
as the name implies, that is, the power is used 
to generate light which is measured by the 
photocell. 

You have probably realized by now that we 
are going to use a light bulb as a load. Now 
this is frequently done in amateur circles, but 
no one will go out on a limb as to its accuracy. 
Except me. We know that the ordinary lamp 
filament has a positive temperature coefficient. 
Vig. 5 illustrates the variation of a typical 
lamp filament resistance with input power. 
By keeping this in mind, fairly good accuracy 
can be had. OF course, if you use a different 
lamp, the curve will still apply, but the resist- 
ance will be different. 

You can run your own graph, however, by 
using the setup shown in Fig. 2. Either de or 
ac can be used, and since the lamp has little 
inductive or capacitive effect, the readings 
taken will be good to better than 100 me. After 
you have a graph on the lamp you are using, 
you can effect any kind of impedance match 
you wish. 

Using a lamp as a load simplifies the prob- 
lem of power measurements because loads for 
this service are hard to come by. Power re- 
sistors are too inductive, and when they ap- 
proach 1000 watts, they become downright 
expensive. However, even a 1000 watt lamp 
is not too expensive, 

Fig. 1 shows the circuit that I used as the 
basis of this article. A standard 150 watt 
lamp was used here as a load. The photocell 
is mounted about five inches from the bulb. 
A wooden box houses the wattmeter, com- 
pletely sealed internally against extraneous 
light. Figs. 3 and 4 illustrate the variation of 
resistance of the photocell with variation of 
power applied to the Jamp. Even very small 
amounts of power are measureable, if the cell 
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Fig. 2. Method of calibrating lamp and de- 
termining resistance. 
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Fig. 3. Response of CdS cell to 150 watt 
lamp. 
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Fig. 4. Response of cell to 7 watt lamp. 
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Fig. 5. Resistance versus power input, 150 
watt lamp. 


is shielded from external light. 

The wires from the input connector to the 
lamp are kept as short as possible by remov- 
ing the lamp base and soldering the lamp 
wires directly to the coaxial connector. Switch 
S1 selects three ranges, which can be set by 
the builder to anything he desires, In my 
case I used three ranges which cover from 0.5 
watt full scale to 250 watts full scale. With 
some photocells a 1.35 volt mercury battery 
can be used instead of the 4 volt battery 
shown, Also, I used a 50 microamp meter. 
because of convenience (mine), but even a 
10 ma meter will work. Don’t exceed the rated 
power dissipation of the photocell, and_re- 
member this may derate with increasing am- 
bient temperature. One thousand watts in a 
box can be a lot of ambient temperature. 


























Fig, 6. Calibration curve for Light Watt- 
meter. 


Getting back to the accuracy, if I were to 
tell you what the meter would read with such 
and such a lamp, and a given power input, 
your calibration would be off ten to twenty 
per cent when the construction was finished. 
The best way of getting a good calibration is 
something you've heard before; “if you want 
a job done right around here you've got to do 
it yourself”. 

Now obviously you can’t calibrate the watt- 
meter at 14 me, because this is what you are 
trying to measure to start with. Luckily the 
light from the lamp filament is primarily a 
power function, and it doesn’t matter whether 
this is de power, or 100 me power. 

So, to calibrate the wattmeter, apply ac or 
de as you wish. Measure the input voltage and 
current, and read the meter. Make a graph of 
input power vs. meter reading, and there you 
have it. Fig, 6 is the graph that I use with 
the circuit in Fig. 1. Keep the impedance 
variation in mind, and select a lamp with the 
power impedance so that standing waves won't 
eat up lots of your power. As a dummy load 
and approximate power indictor this is not too 
critical, of course. But if you wish accurate 
power measurements, your impedance should 
be approximately matched. 


LOW POWER LIGHT WATTMETER 
Bill Hoisington KICLL 


his article describes a very useful 

gadget for determining the rf power 
output of solid-state VHF-—UHF trans- 
mitters in the difficult range to measure, 
from about 10 mW upto 5 watts. It does 
not read watts directly; but by a simple 
comparison of calibrated pilot light bril- 
liance, it will tell you how many watts 
you are putting out, to within less than 
5%. It allows you to check power 
increases and estimate your efficiency 
quite close, 
Principle Involved 

We'll start right in with this part 
because, while this unit is not by any 
means a “trick,” it does not read rf 
directly. You first light a pilot light as a 
good dummy load, matching it into the rf 
tank circuit of your transmitter by the 
normal means, also noted here. 

You then switch on a second bulb of 
the same type by means of a battery, 
controlling the light output with a $1.30 
wirewound potentiometer in series, as 
shown in Fig. |, This pot must be 
previously calibrated in milliwatts, as by 


PRIS 


Fig. 1. The circuit supplies the brilliance ‘‘stan- 
dard” for comparison. When the “standard” 
lamp is mounted adjacent to the dummy load, 
the pot permits variation of the standard to 
match the load. If the resistance is panel- 
marked in watts, a good power indication is 
achieved, 
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the method of “volts times milliamperes 
equals milliwatts.” You then match the 
brilliance of the bulb lit up with rf or its 
dull glow at some 18 to 25 milliwatts if 
you're just getting your transmitter going, 
and read the watts on the wattmeter dial. 
It’s astonishing how well it works, how 
repeatable it is, and how you wouldn’t be 
without it once you build and calibrate it. 
Brilliance Standard 

Figure 2 tells almost the whole story 
at a glance. You can, of course, put as 
much calibration on the dial as you have 
time for. It is quite important to orient 
the bulb filaments in the same relation to 
your eyes for best matching. There isn’t 
much in back of the panel except one 6V 
battery which can be obtained in any 
hardware store. 


TAB CAPACITOR, 
SPACED |/32 in, TO 
\/6 in. FROM 

GROUND PLANE 
ABOUT 3/6 in SQUARE 
WIRE LEAD NO 
LONGER THAN (78 in 





Fig. 3. Matched pilot light load for the UHF 
version. 


RF Matching 

Not that it is particularly critical, but 
be sure and note the need for a large 
range of series capacitors for the rf pilot 
lights as you go up in frequency. This can 
be seen clearly in Figs. 2 and 3. The block 
diagram, Fig. 2, shows a 6 meter setup. As 
you go up in frequency the series capaci- 
tance drops. A good matched load on 432 
MHz can be obtained as shown in Fig. 3. 
I sometimes remove the tin base from the 
bulbs, but this is not an absolute neces- 









Fig. 2. A series capacitance loads the rf indicator for comparison. The capacitance value will decrease 


inversely with frequency increases. 
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sity. It is important to vary the amount 
of coupling, and thus the series capacity, 
by spacing the tab capacitor closer or 
further away from the ground plane, as 
detailed in Fig. 3. You also can use as 
many bulbs as you can solder onto a 
tuned rf inductor, even though they don’t 
all light up with the same brilliance. You 
can match them all up, but you don’t 
have to. Just check the wattage, or milli- 
wattage, of each one and add them up for 
the total. 

The number 48 or 49 bulb, listed at 
2V and 60 mA, is rated at 120 mW, and 
glows dim at about 12 to 15 mW; so it 
can be used for low-power receiver oscil- 
lators, etc. With two other bulbs found in 
hardware stores, connected and matched 
to the rf inductor, such as the PR13 (5V 
at 500 mA), you can read correctly up to 
5W. From there on up you're on your 
own, although a good variable 115V de 
supply can be made up to work around 
50 to 100W. I generally use a variety of 
115V bulbs of different wattage, light 
them up with rf, and use their rated 
wattage. 


YET ANOTHER LIGHT WATTMETER 
John Meisner KSCXN 


MVM: VHF operators would like a 
cheap, accurate instrument to mea- 
sure rf power. The same desire is frequent- 
ly expressed by operators of the HF bands. 
Here is a very simple wattmeter which 
when used with a 5022 transmission line or 
load has all of the following desirable 
characteristics: 


1. Easily calibrated to good accuracy 
(+5%) with your multimeter and a variable 
de source; 

2. Perfectly flat from de to 450 MHz; 

3. Insertion VSWR less than 1.05 

4. Power readings in the 2 to 50 watt 
range (higher power can be measured with 
slight design changes); 


The operating principle of this watt- 
meter is stark simplicity. A pilot lamp 
across the rf line senses a small portion of 
power in the line and glows brighter with 
increasing power. An appropriately located 
photovoltaic cell connected to a micro- 
ammeter measures the light output which is 
proportional to the power flowing in the 
line. Of course a good deal of nonlinearity 
is involved in the various elements — both 
the lamp’s resistance and its spectrum 
output change with heating; output of the 
photovoltaic cell varies considerably with 
both the amount and frequency of the 
light shining upon it. Some of these factors 
tend to cancel out however, because the 
photovoltaic cell produces some current 


with only infra-red lamp output at low 
power levels before the lamp even produces 
a visible glow, and the cell tends to 
saturate, increasing its output quite slowly 
at more intense illumination levels. 

Probably the biggest single requirement 
of any wattmeter is that it must be capable 
of being inserted into a transmission line 
without disturbing the operating conditions 
in the line (low insertion VSWR). It might 
be argued that hanging a lightbulb across a 
transmission line will seriously affect the 
line impedance. Ordinarily, this is true, but 
the undesirable changes can be minimized 
and indeed approach an insignificant level 
if the resistance of the lamp filament is 
very large when compared to the line 
impedance. In general, a factor of 15 or 
more times the line impedance is suffi- 
ciently large to produce negligible effects. 
In the case of the suggested 10V, .014 
Ampere pilot lamp, the mismatch produced 
in the line gives a VSWR of 1.05:1 at the 
power level of | watt. This mismatch 
decreases rapidly with increasing power. It 
falls to well below 1.01:1 at 50 watts. 
Another point of interest with regard to 
this particular choice of lamp is that it is a 
long-life type with a life expectancy of 
10,000 hours. This implies two advantages: 
(a) The lamp will operate at well over its 
rated voltage without burnout (50.0V at 50 
watts), and (b) the interior of the lamp 
envelope will resist darkening which would 
negate the wattmeter calibration. In addi- 
tion, the filament structure of this type of 
lamp is a single-strand straight tungsten 
wire. The coiled type of filament structure 
introduces undesirable inductance into the 
circuit which can distort wattmeter read- 
ings in the UHF range. 

The wattmeter shown is constructed in 
two boxes for the sake of convenience. The 
sensor can be located in the transmission 
line at any point and the meter can be 
placed beside the transmitter. For test 
work, the whole unit could easily be put 
into a single box. Coaxial fittings and cable 
were used for interconnection, but since de 
only flows in this circuit, any type of 
wiring would be satisfactory. 

The photovoltaic cell used in this watt- 
meter is a unit obtained from the local 
Allied/Radio Shack store. (Catalog No. 
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276-115.) Output of the cell is rated .5V at 
.6 mA in sunlight. 

Since the cell generates considerably 
more than 20 mA under moderate illumina- 
tion, a switching arrangement is incorpora- 
ted into the wattmeter to shunt it into 
progressively higher current ranges with 
increasing power. Alternatively, a 50 or 
100 milliammeter could be used with less 
switching at a sacrifice of sensitivity in the 
1—3 watt range. 

Calibration of the wattmeter is a simple 
process. By solution of the formula P = 
V?/R for voltage, the following tabulation 
is made for a 502. line impedance: 


VOLTAGE POWER 

(rms or dc) (Watts into 5092) 
7.07 ] 

10.00 2 

12.24 3 

14.14 4 

Lash! 5 

17.32 6 

18.71 rf 

20.00 8 

21.21 9 

22.36 10 

31.62 20 

38.71 30 

44.71 40 

50.00 50 


Using the tabulation, fasten a metered 
variable dc supply into the wattmeter ac- 
cording to the following diagram. Now 
simply note the reading on your wattmeter 
for each of the selected voltages in the 
table and tabulate this reading with the 
corresponding power in watts in a table of 
your own. It may even be possible to 
remove the front of the meter case and 
mark new calibrations directly on the dial. 
This was not possible with some hermeti- 
cally sealed meters. It is best to disconnect 
the wattmeter from the antenna feedline 
for this calibration. If the meter is left with 
a transmission line attached and the an- 
tenna happens to be fed through a balun 
device with near zero resistance, the power 
supply, and perhaps the balun, will suffer. 

it must be pointed out again that this 
power meter is intended for use either 
with 5092 coaxial line systems with low 
VSWR or with 508 dummy loads. A 
coaxial line that is not “flat” (unity 
VSWR) or a dummy antenna that does not 

look like” 50Q, which is the case with 
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Fig. 2. Calibration diagram. 


most HF loads used at VHF or UHF, may 
cause distorted power readings. If you have 
doubt about your transmitter’s power out- 
put when using this meter, you should 
check it while using a known S02 load 
rated at the transmitter’s output frequency. 

I mentioned before that this power 
meter was easily adaptable to higher power 
readings. To upgrade the meter, the only 
change required is to insert the correct 
higher voltage pilot lamp having low cur- 
rent, long-life specifications. Suggestions for 
some of these are the following Dialco 


Lamps: 

Part No. Max Power Level (Watts) 
24CS 100 

48CS 200 

60PSB 340 

120PSB 800 


A LOW COST RF WATTMETER 
Mark Leavey WA3AJR 


ou say you just finished building that 

2 meter rig and want to find out how 
much power you're running but can’t 
afford to buy a wattmeter? You've been 
calling “CQ 80 QRP” all day with your 
quarter-watt wonder and nobody is answer- 
ing? Then get yourself up, go down into 
the workshop, and build yourself a neato- 
keeno handy-dandy wattmeter. 


If we are going to build a wattmeter, 
let's consider what we want. Accuracy and 
ease of calibration, as well as simplicity in 
construction are prime requisites. The 
meter described here is as accurate as 
components allow, and it’s easy to build, 
The calibration is logarithmic, which means 
that a simple graph is possible, and easier 
than changing the meter scale, 


For the mathematicians, | will present 
the formulas upon which this device is 
based, and ways of modifying it; for those 
of you who avoid math whenever you can, 
look at the graphs and skip these few 
paragraphs. 


To spare undue complexity, 
§1Q line — other values can be dealt with 
later. Perhaps the easiest parameter to 
meusure, and one thal is proportional to 
power, is rf voltage. A voltmeter can be 
made most easily with a series resistor and 
uO -1 mA meter. Now let’s plunge into the 
actual calculations, 


assume 


Assume W is the full-scale meter reading 
in watts, Z is the line impedance, E is the 
voltage measured, I is the full-scale meter 
reading in amps of the basic meter, and R 
is the value of the series resistor in ohms. 
We know that the voltage (IR) is equal to 


the square root of “impedance times 
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Fig. 1. Logarithmic plots for determining power. The upper curve gives resistance values for 
determining what the full-scale meter deflection will be (remember to multiply the series resistance 
value shown on the chart by 12 kQ). The lower curve will allow you to determine your precise power 


out if you use a 0-1 mA meter. 
power,” or 14.270V. Now, since the volt- 
age and the current (.0OI1A because the 
full-scale movement is | mA) are known, 
simple division yields 14,270. The resistor 
value, then, is 14.270 kQ. The upper 
portion of Fig. | is a graph that will enable 
the nonmathematician to choose the value 
of the resistor for full-scale readings up to 
4 kW, with 51Q line and aO~-1 mA meter, 

Why 4 kW with an amateur power limit 
of 1 kW? A look at the bottom half of Fig. 
1 will explain, Although this is the calibra- 
tion of the prototype, for 4W full scale, it 
will double for 40, 400, or 4000W. A 
half-scale reading, 0.5 mA, corresponds to 
IW (1 KW, etc.), This spreads out the range 
below 1 kW for reading and 
measuring. 


case of 


Now get out that soldering copper and 
gas pliers, and build it. As the schematic 








Front view of unit. 
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(Fig. 2) shows, the circuit is a basic 
rectifying type rf voltmeter. The prototype 
was built in a small can of the plug-in- 
module variety that was scrounged from 
the junkbox, About the only critical part is 
the series resistor, The capacitors in the 
prototype were mica, but 
would work as well. The diode can be a 
IN34A, 1N270, I1N52, IN38A, or just 
about anything else. Use the old ham’s rule 
of thumb: “When in doubt, try it out!” 

Two sockets might prove more con- 
venient rather than one with a coaxial tee 
as shown. Conventional minibox construc- 
tion or building into a new or existing rig 
will be more than adequate. Point-to-point 
wiring is used to permit compactness and 
reduce lead length. 

“Fine,"’ you say, “but I don’t have a 
huge mound of test equipment. How do I 
calibrate it?’’ That is the beauty of it — 
you don’t! If the series resistor is accurate, 
the meter will be self-calibrating to a log 
scale. Remember, you know R and Z, and 
the full-scale W. Now assume a half-scale 
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Fig. 2, Schematic diagram of the simple, accu- 
rate, and easy-to-build rf wattmeter. 


















Connection to transmitter with dummy load (see 
text). 


reading, 1=0,0005, and calculate W for 
half-scale. Plot these two points at 1.0 and 
0.5 mA on Fig. 1, and connect by a 
straight line, which you may extend the 
length of the graph. 





Connection to transmitter with antenna con- 
nected. 


Install the meter through a coaxial tee 
at your antenna connector, or through 
some other predetermined means, and 
terminate with a dummy load. The one 
seen in the picture is three 1502 resistors 
in parallel, dipped in epoxy, shielded with 
a copper braid, and installed on a BNC 
plug. Apply power and reac the meter. 
That’s it! The meter can be used with an 
antenna if your swr is below about 1.2:1, 

So what did | promise? A low-cost, rf 
watimeter that is inexpensive enough for 
the Novice, practical and useful enough for 
the General, and “Extra” accurate. Go raid 
the junkbox, and add a worthwhile piece 
of gear to your shack. 





RF POWER MEASUREMENT USING 
HOT CARRIER DIODES 


Frank Jones WOAIE 


J bes rf wattmeters are shown here, one 
with a range of 25 mW to LOW and 
the other covering the range of 5 to 300W. 
Both are useful from low radio frequencies 
on up through 450 MHz. 

The low-power version (Fig. 1) makes 
use of a 20W Sierra dummy antenna built 
into the meter case, though the metering 
circuit only goes up to 10W. If the maxi- 


mum is to be 20W, the reference meter 


reading could be about 45 vA instead of 
30. The minimum power reading would be 
doubled, In this wattmeter, the power 
range potentiometer is calibrated and only 
a reference line on the meter is used when 
making rf measurements. The dummy 502 
antenna resistor is rated up to 1000 MHz 
so is excellent from 450 MHz down. 

The range potentiometer had an audio 
(nonlinear) taper. By connecting the 
“high” resistance end to the diode, the 
watt range scale is spread out quite well in 
the 0.1 —1OW range. The hot carrier diode, 


an HP 2900, has a 10 PIV rating, which 
means that 
should be less than 3V for safe operation. 
At 10W of rf power, the rms voltage would 
be a little over 22V, which means a voltage 


the rms rf voltage across it 


Bottom view of 10W unit with the rf dummy 
antenna clamped in one corner. 
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Top view of low powered rf wattmeter covering 
.025 to 10W. Built into a 8x4x2 chassis with wire 
screen bottom plate for ventilation, 


divider is needed to keep the applied diode 
voltuge down to about 2V. An HP 2800 
diode with a 75 PIV rating would be more 
desirable, especially if the meter was to be 
calibrated for 20W maximum. This diode is 
about $1 and has a little higher capaci- 
tance, which would require a different 
shunt capacitance across parts of the resis- 
tor divider to make the device work with 
the same power range calibration, 

The divider should use '2W resistors of 
the carbon or metal film type, sinve these 
units are part of the rf circuil, It is better 
to use three ’W 3002 resistors in the 
string rather than a single 90022 2W resis- 
tor: this is because the rf resistance charac- 
teristic is usually better in %4 or ‘4W types 
in certain ranges of resistance. Livery resis- 
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Fig. 1. .025 to 10W RF wattmeter. 


tor has some inductance and shunt capaci- 
tance which becomes part of the voltage 
divider, The diode shunt capacitance is in 
parallel with that of the 110Q '4W resistor 
in Fig. 1. However, nearly any combination 
of resistor sizes can be equalized within 10 
to 20% over the desired frequency range. 
lhis divider is across the 5022 duminy 
antenna, should not shunt the 
down to less than 49 or 482. This divider 
has to dissipate a little rf power also. Its 
total resistance should be at least 20 times 
as high as the dummy antenna load resistor. 

The values shown in Fig. | are just 
about the minimum that should be used. 
Too high values makes it more difficult to 
extend the frequency range to the upper 
end, though it can be done, as was dis- 
covered in the higher-powered wattmeter 
of Fig. 2. 

All diodes are poor rectifiers at applied 
rf voltages below their forward bias values 
of 300-700 mV (peak). By using a for- 
ward de bias voltage to make the diode 
conduct at least 5 or ]0 mA, the detection 
sensitivity is increased as much as 5 or 10 
times. This requires a small battery, a 
couple of fixed-value resistors, and an 
adjustable pot to balance this current out 
of the meter when measuring rf powers 
below 100 mV. If the power range is 
limited to a minimum of '4 or 4W , no bias 
circuit is needed in this 10W instrument. 
The range scale in either case has to be 
hand calibrated. 


so value 


A low-powered radio transmitter or 
exciler can be used as a 1OW power source 
when calibrating the power range pot scale. 
The transmitter can use stage detuning to 
reduce power outputs down to the lower 
values needed. Many swr meters have watts 
of power calibration and one of these can 
be put in the coax line to the rf wattmeter 
for calibration service. A more accurate 
calibration can be made by comparing the 
power readings against some reliable com- 
mercial rf wattmeter within its frequency 
range and calibration charts. This scheme Is 
usually necessary for checking the calibra- 
tion at VHF or UHF. Another method is to 
use an accurate rf volimeter across the 
dummy antenna connection to ground and 
read the power values in watts = E?/R. For 
example, 5V (rms) squared is 25; and 
divided by 5022 is equal to 500 mW. 


INPUT 


The Sierra 50Q dummy antenna has no 
connection available at the high end of the 
resistor, which terminates in a type N 
fitting. The metering circuit has to connect 
to this point as close as possible by getting 
into the inner conductor of a coax fitting, 
or by drilling a 3/8 or 2 in. hole through 
the shell of the dummy antenna close to 
the rf fitting end. This can be done and the 
first 300Q2 resistor in the voltage divider 
soldered to the inner connection to the 
large 50Q resistor. A long 1/8 in. diameter 
soldering iron tip is needed. The divider 
resistors, diode, and four .001 pF stud- 
mounted bypass capacitors were all mount- 
ed around this large hole in tapped 6-32 
holes for the four capacitors. Larger values 
of bypass capacitors can be shunted across 
these 0.001 uF values to ground to extend 
the frequency range down to low rf or even 
af values. For example, a .02 uF capacitor 
shunt would allow operation to 2 MHz, A 
miniature 50 or 100 uF electrolytic shunt 
would function at audio frequencies down 
to 300 Hz. The diode must have a low- 
impedance path to ground over the desired 
frequency range to function as a peak 
rectifier and get as much dc output voltage 
as pussible for the meter circuit. The 
microammeter in series with a variable 
range resistor is simply a dc voltmeter. The 
diode rectifier converts rf voltage to dc, so 
the diode should be equally efficient over 
the whole rf range. 

The 5—300W unit was built to use with 
a large dummy antenna rated up to 500 
MHz, which is a massive unit external to 
the box shown in the photographs. Quite a 
bit of rebuilding went into this device to 
make one calibration of the range poten- 
tiometer fit all frequencies from 450 to 2 
MHz. The input and output coax fittings 
had to be finally mounted so the inner 
conductor tips could be soldered together 
and the resistor divider connected to this 
point. The latter consisted of two 4300Q 
2W carbon resistors and a 6822 | W resistor 
in series to a copper sheet inside of the 
aluminum box. 

The watt range variable resistor was a 
500 kQ linear potentiometer which was 
limited to a lower value by shunting it 
from the moving arm to the diode connec- 
tion end with a 220 k® resistor. This gave 
a maximum power reading of 300W when 
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Fig. 2.5 to 300W RF wattmeter metering circuit. External 300 or 400W during antenna load. 
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Top view of 5 to 300W metering circuit for use 
with external high powered dummy antenna. 


the reference line was drawn on the meter 
face at 12 wA. The import, low priced, 
O—30 wA meter had a large meter scale. A 
smaller O—50 wA meter would have been 
usable, since the meter is used only as a 
reference. The range pot knob is adjusted 
when rf power is applied to run the meter 
reading up to the line drawn on the meter 
scale face. 

The circuit shown in Fig. 2 was equal- 
ized to within about 15% error over the 
range of 2 to 450 MHz by shunting a S pF 
capacitor across the 682 resistor in the rf 
divider. 

Calibration of this device was made at 
144 MHz using a transmitter having up to 
400W available carrier output. The 
izing unit was connected to a large Bird rf 
wattmeter at the external fittings of the 
latter. Several thermocouples had to be 
used to cover the wide range of power for 
the calibration. This required reading a 
chart curve for each Bird wattmeter read- 
ing and using correction factors for fre- 
quency in order to obtain the actual watts 
of rf power. Now, the large unit is used 
without the thermocouples, charts, rf 
choke, etc. simply as a dummy antenna, 
The new metering circuit connects directly 
into the antenna fitting, with a few feet of 


meter- 


502 coax over to the transmitters being 
tested. 


This power measuring device can be 
used in any 5022 coaxial line to monitor 
the actual power going toward the antenna. 
The swr in the line should be low, or near 
unity, in order for the calibration to be 
reasonably accurate. 


VHF DUMMY LOAD WATTMETER 
Glen Zook KYSTH 
The unit 

The unit described herein is similar to 
some 60 watt units which may be found ar- 
ound many commercial two-way radio shops. 
This dummy load has provision for connec- 
tion to an external relative output meter. 
This external output meter may become an 
accurate wattmeter if the following criteria 
are net: 

1, Frequency bandwidth of 10% of cal- 
ibration frequency. 

2. RF output kept within power dissipa- 
tion of dummy load. 

3. Accurate initial calibration. 

These criteria may be easily met in ama- 
teur vhf operation if only one band is con- 
sidered for each set of calibration data. Since 
most vhf amateurs operate on 50 mhz, 144 
mhz or 432 mhz, the ~ 10% frequency limi- 
tations may be easily met. This limitation 
givesa 10 mhz bandwidth at 50 mhz, 29 mhz 
bandwidth at 144 mhz, and 86 mhz at 432 
mhz. The limitation to the power ratings of 
the dummy load is only common sense, for 
if a resistive network is overloaded, the im- 
pedance may be drastically increased, caused 
by damage to the load resistors. The calibra- 
tion limitation may be overcome ifa standard, 
previously calibrated unit, or commercial unit 
is used. 


The unit consists basically of 16 220 
Ohm resistors in a series parallel arrange- 
ment. The metering circuit consists of a 
germanium diode pickup with necessary rf 
filtering. The meter movement is generally a 
yom, but any 50 ua meter movement should 
suffice. Exact physical layout is not 
extremely critical, but it is suggested that 
the layout be made similar to the unit shown 
in the accompanying photographs. This unit 
is acceptable for 60 Watt output transmitters 
without modification, The power capability 
may be increased to about 200 Watts if the 
resistive network is suspended in | quart of 
oil, HW this is done, care musi be taken to 
keep the metering circuit out of the oil. The 
lead from the diode to the resistive network 
must, of course, be partly submerged, but 
keep the diode itself out of the oil. | do not 
personally use this arrangement, but I know 
of two units which have been in use at a 
large Southeastern two-way radio shop for 
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11) 
Fig. 1, Schematic. R1 and R2 consist of eight resis- 
tors each, in parallel, 


several years. The same shop has jincor- 
porated a range switch with several meter 
shunts for various maximum scale power 
readings. This feature is especially useful to 
the amateur vhf FM operator who may be 
working with equipment of from % to 250 
Watt outputs. The schematic appears as Fig. 
1, and the basic circuit for various meter 
shunts as Fig. 2. 





inde Coantetion 


Parts layout and interior view of Dummy Load — 
Wattmeter 





External view. 


Calibration 


Calibration is best accomplished by using 
a Bird ‘“Thruline” or similar commercial vhf 
inline wattmeter. Second choice is a Bird 
“Termaline”’ or similar dummy load-wattme- 
ter. In both cases, a graph should be created 
by plotting meter divisions on the horizontal 
axis, and power on the vertical axis. The 
meter shunt should be placed at minimum re- 
sistance and increased to give maximum read- 
ing at the desired power level (this holds pri- 
marily true for units using the metering cir- 
cuit of Fig. 2) or, if a vom or vtvm is being 
used the range switch should be placed ona 
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Fig. 2. Metering shunts. 
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high voltage setting and reduced a setting at 
a time until the desired reading is obtained. 
The transmitter should be adjusted for vari- 
ous power levels on the standard watitmeter 
and the voltage or current reading on the new 
meter recorded on the graph. In the case 
where the standard meter is of the dummy 
load-wattmeter type, it will be necessary to 
switch the coax from one unit to the other. 
Do not retune the transmitter, for each unit 
will present almost the same load to the trans- 
mitter (50 ohms). Take the reading and re- 
cord as with an inline type of meter. The 
points on the graph should now be connected 
with a smooth curve (use of a draftsman’s 





Using the Dummy Load — Wattmeter to check 
output of FM unit. 


range switch is used, it will be necessary to 
calibrate for each switch position. Also, if 
multi-band use is expected, the graphs must 
be made for each band. Use of the wattmeter 
now requires only the connection to the 
transmitter, setting of range switch to the 
proper level, and reading the graph. 

Uses 


The uses of this dummy load-wattmeter 
are as varied as the amateur mind can devise. 
One very important use is determining the 
losses of 50 ohm coax. Measure the output 
of the transmitter at the transmitter. Then 
measure the output at the end of the length 
of coax. The losses in the line become ap- 
parent. The loss in db may be calculated by 
the standard power ratio formula, 10 log) 9 
Power out of coax/Power into coax. 

Another use is the determination of effi- 
ciency of final amplifier stages. This efficien- 
cy may be calculated by Power out (measured 
by dummy load-wattmeter)/Power in (meas- 
ured by plate current/plate voltage meter) x 
100%. A third use is determining once and 
for all which amateur really has the most 
output. This list may be expanded by the 
builder to suit his own tastes. 

Conclusion 


This dummy load-wattmeter is not a Bird 
“Termaline’” nor should it be regarded as a 
substitute for any other laboratory equip- 
ment. However, with a little care in calibra- 
tion, (assuming a 5% accuracy standard is 
used for initial calibration) the accuracy 
should be within 10%, and this, my friend, 
is not bad for a wattmeter costing less than 
$10. 


Chapter IV 


Measure Your Field Strength and Frequency 


THE RF SNIFFER 
Jim Kyle KSIKX 


Every now and then there’s a need to know 
if any rf is present in a circuit. Frequency 
isn’t so important—the question is simply. “Is 
there rf here?” 

Your grid-dipper can frequently answer this, 
if used in the wavemeter mode, but occasion- 
ally it’s not sensitive enough—particularly if 
you’re working with a receiver oscillator where 
power is measured in microwatts. 

Here’s an rf Sniffer which will indicate the 
slightest trace of rf in a circuit. In addition to 
checking receiver oscillators, it’s a perfect 
gadget to ensure perfect neutralization of a 
transmitter final. 

Connect the components as shown in [he 
schematic. Use long-nosed pliers as a healt sink 
between the diode and the solder joint when 
wiring, to prevent diode damage. Note that the 
pickup loop of 14 gauge wire is insulated with a 
strip of spaghetti. 


Mount capacitor and diode on back of meter 
with shortest possible leads. Attach pickup loon 
directly to neaative moter terminal; it's stiff 
enough to do without other mechanical support. 


1N3 44 





PICKUP LOOP 
14 WIRE 

2" LONG 

1/2" SPACING 


Amplifier Neutralization—Couple the Sniffer 
to the antenna terminal with a temporary 
two-turn link around the pickup loop. Remove 
plate and screen voltage from the final ampli- 
fier. Apply drive. Adjust neutralization for 
minimum indication on the Sniffer—but don’t 
expect to be able to get it down to zero. 


Oscillator Cheecking—Place the pickup loop 
near the oscillator coil. If the oscillator’s work- 


ing, the Sniffer will indicate rf. Touching 
either the grid or plate lead (use an insulated 
tool for this test, not your fingers) should re- 
duce the Sniffer’s indication, 

Receiver Troubleshooting—Check the oscil- 
lator as described above. If it’s okay, next 
check the mixer plate coil by placing the Snif- 
fer pickup loop near it. If you get an indica- 
tion here, move to the first if stage and place 
the pickup loop near the plate pin of the tube 
socket, Proceed through the receiver until you 
lose the indication. The trouble is somewhere 
between the last indication and the point at 
which it disappeared. 

Field Strength Meter—Couple a short an- 
tenna to the pickup loop by two turns of wire 
around the loop. Field strength will be in- 
dicated in a comparative manner by the meter. 
Tt cannot be calibrated, but proves useful in 
tunine mobile or beam antennas, ete. 

SWR Measurement—(Parallel lines only). 
Move the Sniffer long the line. Mark maximum 
reading and minimum reading over a half- 
wavelength. Divide minimum into maximum. 
The quotient is, roughly, your VSWR. This 
method is by no means exact, but will indi- 
cate whether the line is under or over a 2:1 
SWR. 

UHF Frequency Measurement—Set up 
Lecher wires. Couple the rf Sniffer lightly to 
the tank cireuit instead of using a flashlight 
bulb. Use Lecher wires in normal fashion, read- 
ing Sniffer indications for maximum and mini- 
mum. This is much more exact than the nor- 
mal methods. 

Improvised Grid-Dipper—If you have a sig- 
nal generator available, it can be used with 
the rf Sniffer to serve as a “grid-dip” meter 
to locate resonance for any tank circuit, 
Couple both the generator and the Sniffer 
lightly to the unknown tank. Vary generator 
frequency. A sharp rise in Sniffer indication 
indicates the resonance point. 


THE PINK TICKET REJECTOR 
A. D. Taylor GW8PG 


H: sometimes get into trouble with 
the FCC because they have made a 
mistake in tuning a frequency multiplier or 
PA stage. For example, if the multiplier 
stage following a 3.5 MHz oscillator is 
accidentally tuned to 10.5 MHz instead of 
7 MHz, the PA can be loaded on 10.5 MHz; 
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and if this is done even a short transmission 
is likely to produce an unwanted “QSL” 
from the FCC! Mistakes like this can be 
prevented by using the simple, easily built 
absorption wavemeter shown in Fig. 1. 
Only one coil is required in this meter, the 
low frequency range being obtained by 
switching a padding capacitor in parallel 
with the variable tuning capacitor. With 
switch S1 open the tuning range is approx- 
imately 6.8 to 30 MHz, and with S1 closed 
it is approximately 3.5 to 6.8 MHz. 

Construction of the wavemeter is sim- 
ple. It can be put together in a metal utility 
box, on a wooden panel and baseboard, or 
even in a cracker can of the right size, The 
coil can be wound on any type of % in. 
diameter form. If nothing else is handy, a 
short length of dowel could be used. The 
coil winding consists of 7 turns of 20-gage 
wire, close wound. Both the tuning capaci- 
tor (C1) and the padding capacitor (C2) 
should be 500 pF components, but the 
values of the other components are not 
critical. 

Any meter having a full-scale deflection 
between 100 wA and | mA can be used. If 
the wavemeter is built in a metal box, L1 
must be mounted outside the box. A 
slow-motion drive is not needed. If Cl is 
fitted with a pointer type knob and a 
cardboard scale is cemented onto the front 
panel, the calibration points can be written 
on the scale in ink. 


Be. ae 
PrETS 


Fig, 1, LI —7 turns 20 gage enameled copper 
wire, close-wound on a % in. form; Cl — 500 pF 
variable capacitor; C2 — $00 pF fixed capacitor; 
C3 — Fixed capacitor, any value between 1000 
pF and 0.01 uF; D1 — Silicon or germanium; 
M1 — Moving coil-meter (100 mA—1 mA). 








When it came to calibrating the wave- 
meter I thought of a simple method that I 
have not seen described before. I soldered 
about 2 in. of wire onto one end of LI, 
and about 10 ft of wire onto the other end. 
1 then connected the short lead to the 
antenna terminal of my receiver and strung 
the 10 ft of wire up as a temporary 
antenna. I then tuned the receiver to a 
steady signal at each frequency at which | 
wanted a calibration point, and adjusted 
Cl until the strength of the received signal 
suddenly dropped sharply, indicating that 
the wavemeter was tuned to the frequency 
of the signal. | was then able to mark this 
frequency on the cardboard tuning scale. 
The drop in signal strengh was very sharp 
so calibration was easy. Once enough cali- 
bration points had been obtained the tem- 
porary wires were unsoldered and the 
wavemeter was ready for use. 

The only frequency which may require 
a little adjustment is 30 MHz. If the 
wavemeter will not tune as high as this, 
push the top turn of coil L1 about 1/8 in. 
away from the other turns. This should 
reduce the inductance sufficiently; a spot 
of cement will hold the turn in its new 
position. 

To use the wavemeter for checking a 
transmitter, bring coil L! close to the tank 
coil of the stage being checked, apply 


power to the stage and rotate Cl until a. 


maximum reading is obtained on the me- 
ter. The output frequency of the stage can 
then be read off from the wavemeter 
tuning scale. 

The wavemeter can also be used as a 
radiation meter for tuning up single-wire 
antennas. If it is tuned to the transmitter 
output frequency and placed near to the 
antenna wire, maximum reading on meter 
M1 will indicate maximum output power 
from the transmitter. 

Many readers will have realized that the 
calibration method I suggest uses the prin- 
ciple of the rejector circuit. That is why I 
have called the little gadget ‘‘the pink 
ticket rejector’! 


A USEFUL ACCESSORY FOR THE 
HAM SHACK 
Rex Morris W2WHX 


aad we are dealing with something we 
4 cannot see, namely electrons and electro- 
magnetic radiation (we only see their effects), 
we must acquire the ability to use test equip- 
ment, in order to understand and find our way 
in this invisible realm. 

The piece of test equipment about to be de- 
scribed is one of the more useful instruments 
that the amateur should have in the shack. 
While this instrument serves primarily as a 
field strength meter, it will also serve as a 
phone monitor, neutralization indicator and a 
sensitive wavemeter. 

Referring to the circuit diagram, meter M1 
is a sensitive instrument which indieates the 
pressure of rf when the device is used as a 


field strength meter, wavemeter or neutraliza- 
tion indicator. 

To use this instrument as a wavemeter, a 
pickup loop is substituted for the short whip 
antenna at the top. Switch S1, the band switch 
on the right of the panel, is placed on the 
proper position. Coil L1 tunes the vhf range 
of approximately 90 me to 170 me (2 meters). 
L2 tunes 28 me to 100 me (10 meter and six 
meter bands). L3 tunes to 7 me to 80 me (40, 
20, 15 and 10 meter bands). Ld tunes from 
2 me to 7 me (80 and 40 meter bands). With 
switch $1 on the proper tap, condenser C2, on 
left of panel, is used to peak the reading on 
meter Ml. Using a calibrated dial, frequency 
may be read directly. Toggle switch $2 is a 
high-low range switch for meter M1, providing 
a means of keeping the meter on scale and 
protecting it against burn-out, Potentiometer 
R1 (center of panel) is a vernier shunt control, 
also for keeping the meter on scale. 

lor use as a phone monitor, rf should be fed 
into the input jack with a link or pick-up wire. 
Once again the LC circuit is resonated to the 
frequency we desire. Earphones inserted in 
jack J2 will open the meter circuit and allow 
you to monitor the signal. Switch S2 is placed 
in the Hi position. 

Field strength readings can be taken by 
using a short pickup antenna. Again the LC 
cireuit should be tuned to resonance. Meter 
M1 will give an indication of field strength. 





SORE ae oa oe 





With switch S2 in the Hi position the meter 
is very sensitive and potentiometer R1 is a 
variable shunt providing much range of scale 
adjustment. For use as a remote reading field 
strength meter an external microammeter 
(with up to 200 feet of wire) may be plugged 
into J2. For making transmitter adjustments 


40 





this is @ very desirable feature. 

Now notice that one position on the band- 
switch S1 is vacant, this vacant position pro- 
vides a very broad band—low sensitivity posi- 
tion for those extremely high rf fields where 
even R1 and $2 cannot provide enough atten- 
uation. 

Neutralization measurements are made by 
coupling the instrument through a pick-up link 
to the tank coil involved, with S2 in the Lo 
position. When the instrument is tuned to 
resonance it becomes a very sensitive rf indi- 
cator, It is so sensitive that it will readily be 
seen that complete neutralization exists in 
theory only, 

As in all simple gadgets there are a few 
simple construction techniques which make the 
difference between gadget and instrument. In 
this case the important thing to keep in mind 
is that from the antenna to the crystal is the 
rf portion, and from the crystal to the jack J2 
is the de portion (with audio superimposed). 
With this in mind, construction is such that 
the two parts are separated, thereby giving 
some measure of protection from rf energy to 
the very sensitive microammeter M1. Also note 
the extensive use of sheet metal screws on the 
aluminum ease. The only rf we want to enter 
the case is the rf we are attempting to measure 
via the antenna jack. Note again, we have here 
an instrument for detecting electromagnetic 
radiation, from approximately 170 mc to 2 me. 
We now have an instrument for visualizing 
what cannot be seen. 

The usefulness of this instrument is limited 
only to one’s ability to apply it and interpret 
the results it gives. These only come with ex- 
perience, trial and error and determined appli- 
cation. 





Coil Data 


Li—One turn hairpin loop. 
f turns of £18 enamel wire space wound 1” din. 
J—24 turns 222 cloth covered wire, close wound, 54” 
ilin, 








TWO THRU TWENTY FSM 
Howard Pyle W70E 


1 used a small LMB aluminum meter cabi- 
net with a hole for a 2" meter; any equivalent 
cabinet can of course be used. With a small 
enclosure such as this (4”x4”) the meter oc- 
cupies the face of the cabinet and all controls 
are on the rear, Using a somewhat larger 
housing both the meter and the contro] knobs 
can be placed on a front panel if you prefer, 


Seward “ys 


Enoki 


Delicate in flavor and 


Chanterelle 


Orange or yellow, meaty and funnel-shaped, the chanterelle has a fruity 
smell, reminiscent of apricots and a mildly peppery taste. Most flavor 
compounds are fat soluble, so preparations using cream, butter, or oil 


are also quite tasty raw in salad make the best use of these mushrooms. They are not typically eaten raw. 


or on sandwiches. The flavor is 
sometimes described as slightly fruity. 


seg. Brown 
Button “a tae De Beech 


The classic white mushroom =F at el 7 ‘This clustered mushroom has nutty, 
is very versatile. Though be: : . ”™ £12 ay buttery flavor, and a firm, crunchy 
their flavor is subtle when d; . a? texture. Can be eaten raw, but most 
raw, it deepens nicely as they are lll wi western palettes best enjoy beech 
cooked, especially sautéed. They can “eS mushrooms baked, steamed, or 

be used to good effect in preparations where a mushroom <—_ sautéed in olive oil. 

flavor is desired, but is not the focus of the dish. 


Cremini 
Shita ke These look just like a button mushroom, except 
for their brown skin. They have a somewhat 
The most commonly available asian deeper flavor that white buttons. They can be 
mushroom, it has a robust flavor that used in any preparation that calls for button 
adds depth to stir-fry, soups, and any mushrooms and make especially handsome 
other dish needing an wmami flavor stuffed mushrooms, 
note, The stem tends to be unpleasantly 


fibrous, so the cap is usually separated 
before cooking, 


Maitake 


Firm textured with a robust, 
earthy flavor, Maitake is 
sometimes referred to 
as “Hen of the Woods” Re = 
They make a good 
meat substitute and can 
be used in any recipe 
that calls for mushrooms. 
Health benefits are legion-these 
mushrooms help booster the immune 


, fight and are especially rich . 
Spanien MODEL eden Oy ster 


These delicate, softly colored mushrooms are prized for 
their aromatic qualities and sweet, meaty flesh. They 
should be cooked, and can be used in their entirety, 
though the stems should be cooked slightly longer. The 
caps cook quickly and can be used in stir-fries, soups, 
sauices, risottos, or pan-fried and enjoyed on their own. 


Portabella 


‘These are really just cremini mushrooms let to grow larger. 
Their size and shape makes them excellent candidates for the 
grill, but they are also good sliced and sauteed. 





Rather than wind up the three coils I 
found that the J. W. Miller Company RF 
chokes with minor modifications were admir- 
ably suited for a compact job. One each of 
their catalog numbers 4606, 4588 and 4580 
were required to cover the three frequency 
spreads from 2 through 20 meters, The #4606 
coil should have five turns carefully removed, 
to cover the 10-20 meter bands; remove three 
turns from #4588 for six meters and two turns 





from the #4580 coil to handle 2 meters. These 
can all be resonated with a 50 pf midget vari- 
able tuning capacitor; a Hammarlund HF-50 
or the equivalent is excellent. Any of the small 
multi-point selector switches can be used for 
band switching. A JBT lever switch type SS- 
14-ILS will handle the job or, if you prefer 
a rotary switch you can use a Mallory type 
3215] as I did, leaving two positions unused. 
(I might want to add a couple of coils and try 
40 and 80 later!). 

Resistors R-1 and R-2 shown in the schema- 
tic, need be only % watt, A single flashlight 
cell will serve for the battery although I chose 
a 1.4 volt mercury transistor battery to con- 
serve space. Other items shown on the sche- 
matic are obvious and all parts are readily 
available from most electronic parts distribu- 
tors as well as from the electronic mail order 
houses. 

Build this little F/S meter and know what 
your VHF outputs are doing. If you want to 
check your modulation quality, a phone jack 
may be added as shown, making this little 
gadget really versatile. 





Side view of the FSM. 





Fig. 1. transistorized field 


The bandswitching, 
strength meter for two through twenty meters. 


AN AMPLIFIED, CALIBRATED SIGNAL 
STRENGTH METER 
J. L. Hiffe VESCES 
ecently, | had the problem of tuning a 
four element quad. As you may or 
may not be aware, these beasties are sup- 
posed to be tuned from the rear for mini- 
mum signal. A quick check showed none of 
my friends had a signal strength meter, so I 
prepared to degrade myself and buy one. A 
look at a few prices convinced me to build. 


Since | wanted some other information 
on the quad, like front to back ratio and the 
effect of more or fewer elements, | decided 
to add a calibrated attenuator and enough 
gain to make a fairly wide input range. It 
also had to be cheap! 

The result is shown in Fig. 1. 





Fig. 1. Diagram of the field strength meter. 


To use the normal rf attenuator method 
of switched T-pads requires complicated 
shields and quite a few resistors. Also the 
attenuator has to be terminated in its charac- 
teristic impedance to read correctly. To 
bypass this problem | first detect the rf, then 
attenuate the dc. This has the added advan- 
tage that the circuit is no longer frequency 
sensitive. 

The incoming rf is tuned by C1-L2. Cl 
can be any small variable. I used both 
sections of a dual 15 pF because my local 
surplus store has them for 60¢. For VHF use 
only | section. 

L2 is wound ona plastic pill bottle about 
1” in diameter and tapering to 7/8". To 
cover 13—24 MHz, | used 11 turns spaced 
over about an inch. L1 is 2 tums over top of 
L2. I tried bandswitching with another pill 
bottle fastened on the other side of the 
shield from L2. The idea was to bandswitch 
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another frequency range but | find it more 
convenient to wind on coils as needed. Use 
the grid dipper to get you in the ballpark. I 
have used this meter as high as 72 MHz 
without trouble. D1! can be any diode. I used 
a 1N34 because | could then specify it and 
know it would work, but I tried a computer 
type which also worked. If you prefer the 
meter to peak rather than dip, reverse D1. 

Rectified rf from D1 is put on the top of 
Rl, the calibrated attenuator. R2 in series 
with R1 gives the O dB point at its junction. 
For a 30 dB range, R2 is 47K if Rl is1 MQ 
This doesn’t quite fill the range but is close. 
Changing the value of R2 will change the 
range but 30 dB is considerably more than 
the F/B ratio of most beams. 

Qi is a 2N5033 FET. The high input 
impedance of QI allows us to set the 
calibration of RI directly by de voltage 
measurements on the VTVM since it does 
not draw any base (gate) current. It is a 
p-channel device. If you use an n-channel 
type you will have to change the entire 
biasing of the circuit and also reverse D1. 

Q2 and Q3 form a differential amplifier 
to drive the meter. Q2 is necessary to avoid 
loading Q1 and I had quite a bit of trouble 
balancing the meter against battery voltage 
changes until | added Q3. It will now 
operate from 8.5—9,.2 volts with no trouble. 
The 10K pot in Q3’s base centers the meter. 
The meter I used is a 250 wA tuning meter 
with no markings on it except a red/white/ 
blue bar. This is all you need since we 
calibrate on R1, not the meter. 


Operation 


The meter is quite sensitive and with a 
two foot antenna I could get a reading 
several hundred feet behind my quad at 60 
watts input. First tune the input (which is 
quite sharp) with the attenuator set at zero. 
This is the least sensitive position. Now set 
the meter for a convenient reading near the 
center scale with the incoming signal still on 
using R3. Adjust your antenna. When you 
feed it power again the reading will not be 
quite on scale on the meter but turning up 
RI will allow you to put the meter back to 
the original position. Do not touch R3. The 
reading on R1 is now the increased gain in 
dB needed to bring the signal back to its 
original strength. In other words, the de- 
crease in signal strength. 

Note that during measurements you need 
a received signal to use RI. With no signal 
the meter will be off scale. 

I have also used the meter to align 
oscillators and doublers in my two meter 
receiver. A probe can be made for this from 
two turns of wire on the end of a piece of 
coax. The high gain available allows the 
pickup loop to be quite far away which 
reduces detuning. Adjustments show up well 
on the meter. 


FREQUENCY MEASURING EQUIPMENT 
AT MICROWAVE FREQUENCIES 
Silas Smith WAY VFG 


lees article is not intended to give the 
theory, but rather a practical solution 
to the building and use of wavemeters at 
micro-vave frequencies, 

In microwave work, frequency is one of 
the most important measurements. It must 
be understood the wave length in the devices 
described here is not the exact frequency 
wave length. A well-constructed wavemeter 
that has been calibrated can be very precise. 
They can be within 1.5 MHz at 10 GHz or 
less than half of a MHz at 1250 MHz. 
Temperature has some effect on the frequen- 
cy. Most commercial wavemeters are con- 
structed of Invar, a metal that changes very 
little with temperature. Some parts are of 
bi-metal construction to compensate for 
temperature. For the average experimenter, 
brass and copper will have to suffice. Al- 
though silver plating is desirable, it isn’t an 
absolute necessity. Frequency at microwave 
frequencies can be measured by three meth- 
ods: wavemeters, slotted lines, and frequen- 
cy comparisons. All of these methods are 
used commercially, The frequency compari- 
son is usually used in the laboratory to 
calibrate the wavemeter and the slotted line. 
As a general rule, any method of frequency 
measurement used at lower frequencies can 
also be used at the microwave frequencies, 
but are not always practical. The resonate 
cavity as a wavemeter is used in microwave 
measurements. 

There are three types of cavity wave- 
meters: the transmission type, Fig. 1A and 
1B, the reaction type, Fig. 1C, and the 
assorption or absorption type, Fig. 1D. All 
are resonate cavities. The way in which the 
wavemeter is used determines the type. 

All wavemeters are adjusted for maxi- 
mum readings except the assorption type. 
The assorption is adjusted for a dip in power 
output. The most popular wavemeter used 
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by the beginner is the open circuited trans- 
mission line type, Fig. 2. This type of 
wavemeter is the equivalent of lecher wires. 
(Open circuit refers to the standing wave 
within the cavity, not the physical construc- 
tion except as it pertains to the frequency 
wave length.) The practical physical dimen- 


Fig. 2. 


sions are not many. The inner circumference 
of the main tube should be less than one 
wave length at the highest frequency to be 
measured. The rod should be small com- 
pared to the tube. If inductive coupling is 
used, the inductive coupling should be close 
to the shorted end. For probe coupling, the 
probe should be close to the middle, The 
open circuited transmission line is generally 
used in two ways. This type can be used “in 
line’ (Fig. 1B) as it has very little loss when 
it is resonated. However, it should be re- 
moved from the line before transmitting, as 
it will act as a narrow band filter. The half 
wave length is the measurement between the 
two successive points at which the generator 
will load to maximum, as the rod is inserted 
or withdrawn. 

Another method in the use of the open 
circuited transmission line calls for the use 
of an additional circuit, as in Fig. 3. The 
circuit is a simple crystal diode detector 
connected to a microampmeter. The diode 
and condenser are usually built into the 
connector, as the leads should be kept as 
short as possible. The half wave length 
measurement is made on the rod between 
two successive maximum readings on the 
meter, as the rod is inserted or withdrawn. 
See Fig. 1A and 1B for the setup. 


CRYSTAL 
O100E MICROAMMETER 





Fig. 3. 


The quarter wave coaxial cavity is actual- 
ly a shorted coaxial line one quarter wave 
length long (Fig. 4, 5, 6). As illustrated in 
these figures this type makes a very good 
cavity to use as a standard. To calibrate, a 
chart is made of the micrometer settings at 
different frequency wave lengths from a 
calibrated source generator. Don’t tell them 
so, but the Public Relations Department of 
the Telephone Company may help you here, 
if they have any microwave technicians close 
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by. The quarter wave coaxial cavity can be 
either physically open or closed. If closed, 
the closed end should extend at least a 
quarter of an inch beyond the center con- 
ductor at its lowest frequency. The closing 
of the end will lower the resonate frequency. 
Probe (capacitance) coupling as used for 
coupling in Fig. 5 will shorten the center 
conductor, and loop (inductive) as used in 
Fig. 4 will lengthen the conductor. In Fig. 4 
we change the length of the center conduc- 
tor to change its one quarter wave length, In 
Figs. 5 and 6 the center conductor remains 
the same, and we change the resonate 
frequency by capacitance. This method 
makes it necessary to construct the center 
conductor very short as compared to the full 
quarter wave length as in Fig. 4. These 
devices are not longer, so caution must be 
used when calibrating. The closed wavemeter 
as indicated in Fig. 7 is a shorted coax line at 
each end. The wavemeter uses a shorting 
plunger which is movable along part of its 
length. If used as the quarter wave coaxial 
cavity, the center conductor must be longer 
than a quarter wave length. 





Up to this point we have covered most of 
the wavemeters that could be used from 
around 144 MHz up to approximately 3000 
MHz. 1000 MHz to 3000 MHz are usually 
called the lower microwave frequencies. If 
the inner circumference of the outer tube is 
kept less than one wavelength, these wave- 
meters will operate in the desired TM mode. 

There are four ways to couple energy into 
a wavemeter, loop (Fig. 4), probe (Fig, 5), 
direct (Fig. 6) and slit (Fig. 8). The most 
commonly used is the loop, as it has very 
little effect upon the electric field. The usual 
methods for changing loop coupling is to 
change the size and orientation of the loop, 
Loop coupling is usually placed in the high 
current area of the wavemeter. Capacitative 
coupling is changed by the size of probe and 
the distance from the center conductor. 
Capacitative coupling is usually placed at the 
high voltage portion of the wavemeter, As in 
Fig. 5, a small probe — say % in. piece of No. 
22 wire, for example —may require an 
external voltage amplifier. The smaller the 
probe, the less effect on the resonate fre- 





quency of the wavemeter. In direct coupling 
as in Fig. 6 the primary concern is imped- 
ance. To increase the impedance, move the 
coupling up the line away from the shorted 
end. To decrease the impedance, move the 
coupling down the line toward the shorted 
end. Slit coupling (Fig. 8) can be a small 
hole or a series of small holes or a slit. Its 
purpose is to allow a certain amount of 
leakage. In all forms of coupling, it is 
desirable to use loose coupling, as the 
wavemeter will haye less effect on the 
system, and the Q of the circuit will be 
higher. 


Above 3000 MHz, usually only the 
tunable wavemeter is used. The cavity is one 
quarter wave length long. The cavity can be 
coupled in three ways: loop, probe and slit. 
Because of the high frequencies, the slit is 
usually used, and the meter is most often 








Fig. 8. 


kept as an assorption meter. In the assorp- 
tion method, the wavemeter should be de- 
tuned when not in use. Some of the cavity 
wavemeters have a little lossy material added 
to absorb some of the energy, as in Fig. 7. 
Lossy material can be made from graphite 
impregnated cloth in epoxy. 

There is one other type of wayemeter 
that can be briefly mentioned; it is the 
reference wavemeter. The reference wave- 
meter is of any design as described, but 
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would be constructed more like Fig. 6. It 
can be locked when adjusted to a selected 
frequency and used as a reference standard. 
The micrometer assemblies can be made 
from any micrometer with additional parts 
welded on. I constructed one using an 
oversized tube over the main cavity, and 
dimpled it at various places around its 
circumference until it fit smoothly over the 
cavity, and I used a piece of 3/8 threaded 
brass pipe as the main adjusting screw. | am 
sure you can come up with a good one 
without any backlash. This wavemeter 
spread the 1250 MHz band out to over 100 
inches by rough measurements. I haven’t 
calibrated it, so | can’t say for sure just how 
far. There are three nice veeder root count- 
ers in the APX 6 which would make ex- 
cellent wavemeters plus sliding contact ma- 
terial. One could even use the entire cavity. 

The last method of microwave measure- 
ment that we will look at is the slotted line 





(Fig. 9). The slotted line is a section of coax 
line along which is cut a slot. A probe, which 
is a simple crystal detector with 2 one 
quarter wave length shorted stub for a de 
return path, is moved along near the center 
conductor of the slotted section. In this case 
we are looking for two successive minimum 
readings along the line. The distance be- 
tween these readings is one half wave length. 
A slotted line should also be calibrated. If 
calibrated at one spot near the intended 
frequency to be measured, a chart will not 
have to be made — just a K factor obtained. 
The distance between two successive read- 
ings times the K factor should equal the 
frequency half wave length. There are a few 
accessories that can be either built in or used 


Fig. 10 


externally, One is a coax attenuator shown 
in Fig. 4. It will slide in and out of the other 
half. It too can be calibrated if one wishes. A 
502 resistor can be used for an impedance 
match for 502 lines if inductive coupling is 
used such as in Fig. 10 and when the loop is 
small. The line stretcher (Fig. 11) is useful 
with the slotted line. It merely consists of 
two coax sections, one sliding into the other. 
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Fig. 11. 


FREQUENCY METER — I to 10 GHz 
AMATEUR MICROWAVE 
Bill Hoisington KiCLL 


A quarter wave coaxial cavity is used up 
to about 5 ghz, and from there to over 10 
ghz the three quarter mode is used. A 
complete explanation of these types of 
operation is given. 

The same type of unit can be used asa 
very good tuned mixer from | to 10 ghz. 
The Coaxial Cavity 

The basic circuit of ‘the coaxial cavity is 
shown in Fig. 1. A cylindrical outer cavity 
wall encloses a round rod some 4 inches long 
which is the center conductor—this center 
conductor is grounded at one end. 

The Shape of the Cavity 


The exterior shape of the cavity is shown 
in Fig.2. and is seen to be rectangular in 
cross section, with two thin walls and two 
thick side walls. Believe me, this configur- 
ation was not arrived at in one day! De- 
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Fig. 1. Basic coaxial cavity. 
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Fig, 2. Shape of the cavity. 


signing tuners for X Band, | gaily started in 
with sections of thin-wall round pipe, the 
way I’d always done on uhf. The first thing 
you run up against is, how do you make the 
diode bypass capacitor? Machine out a cur- 
ved saddle piece to fit exactly over the outer 
wall? Possible, but too expensive, And then 
how do you introduce the rf probe coupling 
into the cavity? Add on a ‘“‘saddle’’ with a 
hole in it? These considerations and others, 
such as mounting (more saddles?) led to the 
abandonment of the pipe as a shape for 
microwave cavities; but not until a lot of 
time had been spent on the above mentioned 
items, 
Diode holder and capacity 

Looking at Fig. 3. you will see the first 
answer arrived at; but only after weeks and 
weeks of making different types and shapes. 
The center conductor is slightly flattened 
and drilled out to fit the diode prong, An 
8/32 copper machine screw is drilled out to 
fit the other prong, then slotted with a fine 
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Fig. 3. Diode holder and capacitor. 


Jeweller’s saw, and then compressed slightly 
to an inside diameter a shade less than the 
OD of the diode prong. In this way the 
copper screw will hold the diode as you 
insert it into the cavity. Believe me, that 
helps! 


The second answer is also evident from 
Fig. 3. as the diode bypass capacity can now 
be made efficient at X-Band. As mentioned 
before, you cannot “buy” a capacitor “good 
for X-Band. You can make it though, as 
shown in Fig. 3., if the cavity body has been 
designed correctly for it. One of the thin 
wall sides of the cavity is drilled out (or 
machined out) just wide enough to clear the 
diode and it’s holder, which is the 8/32 
copper screw. The copper capacitor plate, 
which is thick enough to take at least a half 
dozen 2/56 threads, is drilled and tapped for 
the 8/32 screw, and clearance drilled in the 
corners for the 2/56 mounting screws. A 
soldering lug for the de connection is used 
under one of these, and a three mil (three 
thousandth of an inch) thick sheet of fiber- 
glass cut out to fit, larger than the plate. 
This helps to keep metal particles from 
lodging inside the tiny crack that might be 
there if the fiberglass sheet did not extend 
out beyond the plate all the way around. 
You can begin to see some of the detail 
needed at X-Band. 


Further reasons for the rectangular cross- 
section now show up in Fig. 4., which details 
the rf probe connections. This item was also 
very troublesome in first models using pipe 
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Fig. 4. RF probe connector detail. 


walls, where “more saddles’ was the only 
solution. All “saddles” are eliminated by the 
rectangular shape. Small semi-rigid cable is 
used for the connector. I have some short 
lengths with X-Band antennas connected to 
them for use as “‘In-Space”’ pick-ups, feeding 
directly into the wavemeter cavity. There is 
at times an advantage in this type of ‘energy 
collection” (antennas) which will be taken 
up later. 

Fig. 5. shows detail of the treatment of 
the cavity end of the rf cable, or probe. The 
outer conductor is cut away for about one 
quarter inch in length and removed. About a 
sixteenth or so of the Teflon is left, which is 
then removed from the center conductor. A 


44 


COPPER PLATE 
(SOLDER TO CENTER COND.) 





INSULATION 


COAK CABLE 
TEFLON INSULATION 


Fig. 5. RF probe detail, 


thin copper washer (which I generally cut 
out of sheet copper since the hole to solder 
the center conductor is quite small) is then 
soldered to the center conductor, making 
the “capacity probe’’, as shown in Fig. 5. 

Mylar tape or other good insulation is 
fastened to the side of this washer facing the 
center conductor. With this insulation in 
place you can push the probe all the way in, 
while testing, and still not have a dead short. 
Different thicknesses of fiberglass sheet can 
also be cemented on, to make up more 
permanent types of fixed capacitors, of 
different values. 

For some uses, particularly in this one as 
a wavemeter, loose coupling is desired, but it 
must be securely locked with the set screw, 
otherwise your dial calibration and fre- 
quency reading will suffer. 


Plunger fingers 


Here is the most difficult item. It is 
hoped to have stock pieces made up for this 
work that you can purchase at reasonable 
cost. The fingers should be made of tem- 
pered beryllium-copper, which is not easy to 
work with. 

Fig. 6. shows some details of the plunger 
and fingers, I assume, having been told so by 
“well-informed sources” (mechanical engi- 
neers) that these units should be made in a 
machine shop by competent machinists. 
Maybe so, as the ones I have made here in 
the shack by hand tend to lose their tension 
if not handled carefully. 





Fig. 6. Plunger details: A)End view, 8)Outer 
fingers, C)Center fingers. 


Fig. 7. shows the desired fit for these 
fingers. The plunger body should be an 
easily slide-fit inside the “% inch cavity, and 
the center hole in the plunger after the 
fingers should also be an easy fit over the 
center conductor. 


Fig. 7. Desired shape and curvature of the 

plunger fingers. 

Two steel push rods lead back from the 
plunger through small holes in the back end 
of the cavity (see Fig. 1.); these terminate in 
the brass block which is furnished with a 
pointer for the frequency scale. Maximum 
extension of the plunger should be up 
against the end piece, as a positive reference 
point for the dial, in case of trouble after 
calibration. This point should be indicated 
on the scale as “minimum frequency” in 
order to reset the pointer if it should ever 
become displaced after calibration. 


The diode 


At present, the diode used is an X-Band 
“pill package,’ with a prong at each end as 
shown in Fig. 3. These are point-contact 
diodes, like the famous 1N23 ceramic car- 
tridge types of World War II fame, only a lot 
smaller. Referring again to Fig. 3. always 
make sure that the ceramic part of the diode 
is, as nearly as possible, in the open space 
between the inner and outer conductors. 
This space is where the rf is! It is also 
important to make sure that there is as much 
metal surface continuity as possible along 
the cavity wall, across the fiberglass sheet 
X-Band capacitor insulation onto the diode 
capacitor plate, and from there over to the 
diode holder and onto the metal end of the 
diode. 

The rf is at a maximum between the inner 
and, outer conductors, which is an air space 
of a sixteenth of an inch. and that is where 
the diode should be. 

The diode rf bypass capacitor, formed by 
the diode plate and the flat top of the cavity 
body, need only have a capacity which is 
relatively small; anything over about 20 pF 
is sufficient. What it must have is the proper 
lack of inductance! The details of how this 
act has been covered in previous paragraphs, 
and if you follow those details you will find 
little or no rf on the outside of the diode 
capacity plate or the dc lead from it. 

X-Band is not just short waves. It is really 
short; like a quarter wave at X-Band equals 














FULL WAVES 


Fig. 8. Full waves for S, C and X-Bands on 
millimeter scala, 


9/32 of an inch as you can plainly see, if you 
get one (or more) of those little plastic 
millimeter rulers in a stationery store for 5 
or.10¢. Be sure and get some, by the way, if 
you’re going to do anything above two 
meters. 

Fig. 8. shows the millimeter scale, with s, 
C, and X-Band plainly showing. 


A handy wavelength-frequency chart is 
included here for your convenience, which is 
useful from the khz range way up above 
X-Band. See Fig. 9. Get to know the easy 
reciprocals, like 1 centimeter equals 30,000 
mhz, 3 centimeters equals X-Band, 10 centi- 
meters equals S-Band (3,000 mhz), 1,000 


mhz equals 30 centimeters, etc. Very useful! 
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Fig. 9. Wave-length/frequency converter. 
Use of multiplying factors such as those at 
the bottom of the graph will cover any 
portion of the electromagnetic-wave spac- 
trum. 


The 3/4 mode and harmonics 

Don’t worry about that word “mode.” 
Generally when something odd takes place 
in a cavity or waveguide, certain types of 
engineers tend to fall back on obscurantism 
(I seem to have fallen for that $64 word. It 
just means covering up). They say, “‘It 
jumped mode”, or, “Spurious showed up,” 

Here’s the straight dope. Fig. 10 shows 
the quarter wave ‘mode’ of operation. 
Starting at | ghz you will find one point of 
maximum de output. If the oscillator under 
measurement is “running hard’ with lots of 
2nd and 3rd harmonic energy content, these 
will be found at 2 and 3 thousand mega- 
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pc Fig. 10. Quarter wave in cavity. 
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hertz, and possibly higher ones, which 
should drop steadily in power as you go up. 
The diode itself may cause some of these if 
hit too hard with the rf input. 


Fig.11. shows the 3/4 wave mode, which 
is a very “natural” type of operation. Don’t 
forget that in an instrument of this,kind you 
are looking for standing waves and you want 
them to be of the greatest amplitude pos- 
sible (within reason). So, if you tune the 
cavity by the plunger so that it measures 
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oc Fig. 11. Three quarter waves in cavity, 


some three quarter wayes on it (allowing for 
length-loading of the diode on the first 
quarter), you will find two peaks on the 
meter due to the situation shown in Fig.11. 
The higher the Q, and the lower the losses 
along the line, the more quarter waves can 
be found. For the 4 inch cavity shown, three 
quarter waves at S-Band are the longest that 
will fit. 

A check on this operation is easy. Using 
the millimeter scale on the “‘dial’, take 
several readings between maximums, for 
example, 22, 37, 51, and 67, add the 
spacings together, which comes to 45 milli- 
meters, divide by three (the number of 
samples), and you will find an average of 15 
millimeters for the waves which are standing 
on the center conductor (or “along the 
cavity”’, if you prefer) and there you are, 15 
millimeters for the half wave, 3 centimeters 
for the full wave. Which is X-Band at 10,000 
mhz or 10 ghz. 





Fig. 12, Double input detail. 
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Fig. 13. Test 
element’’. 


antonna~X-Band ‘'two- 
If you find numbers which are not well 

known, you can find the frequency on the 

chart, at least close enough to put you in 

one of the microwave amateur bands, such 

as 5,650 or 10,500 mhz. 

Use as a Microwave Mixer 


This same type of cavity can be used 
from | to 10 ghz as a mixer for the front 
end of a superhet receiver covering those 
frequencies. 

This application will only be touched on 
briefly here as the whole receiver is detailed 
in another article in 73 Magazine. 

Fig. 12. shows how to do it, so you can 
plan on this use, and make more than one, if 
you wish to. 

Looking at Fig. 12., you can see how 
useful it is to have two thick sides on the 
cavity, one for rf input and one for the local 
oscillator input. 
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Fig. 14. Test antenna—S-Band. Dimensions 
suitable for amateur S-Band 2,400 mhz 
(omni-directional). 


Conclusion 


That about covers the details and some 
uses. The whole unit can be mounted on a 
piece of copper-clad, along with a 50 ma 
meter, the dial scale, and the centimeter- 
frequency chart. | broke down on this one 
and used a “regular” small microwave input 
connector for the rf, (Instead of an “RCA 
Phono Jack”.) For connections to other 
units, such as oscillators and multipliers, 
small flexible cable may be used. 

Fig. 13 shows a test antenna for X band, 
not the best in the world but good enough 
for a starter. With a lens in front it really 
picks up signals. Fig. 14 shows an S band 
antenna for the 2,400 MHz amateur fre- 
quencies. 


LAMBDA LINES 
James Ashe W2DXNH 


Over the past few years, new kinds of com- 
mercial gear and military surplus have made it 
quite easy to generate VHF frequencies. But 
the problem of measuring the frequencies has 
not become any easier for amateurs short on 
calibrated instruments. Of course this means 
the newcomer to VHF! What can he do to 
find what ballpark « circuit is radiating in, if 
there are no accurate devices available? When 
this problem came up recently, a simple solu- 
tion appeared quite by accident. It was so 
simple, in fact, that its simplicity must be the 
feature that has kept it out of the ham pub- 
lications. Another first for 73! 

The traditional solution to the rough fre- 
quency measurement problem is to make up 
a Leecher Wire system. There is some question 
about the value of one of these in the modern 
ham shack. Narrow-band — crystal-controlled 
techniques guarantee frequency and _ stability 
once the multipliers are tuned properly. In the 
old modulated oscillator days things were not 
that stable . . . so why go to all that carpentry 
and construction work for what fairly well 
promises to be a use-it-once gadget? Particu- 
larly when a little reflection (pun intended!) 
may bring out a cheaper, faster and better 
arrangement? 

Ham and commercial builders of VHF gear 
have been using tuned stubs for years to match 
impedances, tune out frequencies, tune in 
others, etc. Yet it seems to have occurred to 
very few workers indeed that it might be 
possible to cut stubs to length accurately 
enough to serve as frequency standards, Ap- 
parently this can be done, with an accuracy 
of about 5%! This compares very favorably in- 
deed with the performance of lower-frequency 
grid dip meters and some signal generators. It's 
pretty good for a pencil and yardstick opera- 
tion: the only other items required are some 
understanding of how it works and a piece of 
300 ohm twin lead. Belden #8235 recom- 
mended. You can calibrate that new GDO for 
432 at a cost of just a few cents! 


Theory 


Many kinds of things show a property of 
tuning sharply to a certain frequency. This 
property is called resonance. We hear it 
when a struck piece of metal rings, and see it 
in the pendulum of an old grandfather clock. 
The grid dip meter shows a drop in grid cur- 
rent of an oscillator when a nearby resonant 
circuit steals energy from the oscillator. And 
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it is the nearby resonant circuit that is the 
subject of this article. 

The basic circuit is the quarter-wave stub, 
A little browsing around in the handbooks and 
earlier issues of 73 and other ham magazines 
will tell you lots about quarter wave stubs. 
The important practical points are that the 
stub resonates at certain frequencies, and that 
at these frequencies it can be dipped at its 
shorted end in the same way as any other reso- 
nant circuit. 

But the term ‘quarter-wave’ has to be taken 
with a grain of salt, The tuned stub will be 
shorter than a free-space quarter wave, be- 
cause the dielectric has a slowing-down effect 
on the rate at which the RF bounces end-to- 
end along it. Suppose you laid out a mile or 
so of twin-lead and transmitted a signal, at the 
same time sending off a reference signal by 
space wave. The reference signal would arrive 
at the other end first, in about 5.35 microsec- 
onds. The twin-lead signal would arrive a full 
microsecond later, about a 20% delay. Since 
this applies even to short lengths of twin-lead, 
the delay must be taken into account for ac- 
curate measurements. Also, there is a consid- 
erable difference in velocity factors between 
different brands and qualities of twin-lead. 

Crystals are often used in overtone oscilla- 
tors for generating stable VHF frequencies. 
The various modes of oscillation are pictured 
in the handbooks. Tuned lines will also show 
overtone resonances, and in the case of large 
uncertainty, it might just happen that reason- 
able errors could lead to a consistent but very 
wrong result. A halfwave line will resonate at 
a frequency f, and also at 2f, 3f, and so on. 
Note both odd and even multiples! All other 
resonant lines have a similar overtone reso- 
nance property. The problem is slightly aggra- 
vated by the convenience of using relatively 
long lines at the higher frequencies because 
they are easier to handle. The solution is to 
cut a pair of lines whose collections of reso- 
nant frequencies have only one resonance in 
common. The recommended lengths are a half- 
wave and a three-quarter wave line. 


Fig. 1 shows four basic tuned lines, Just 
which resonance is an overtone and which is 
not depends somewhat on the application, The 
simplest way out of this problem in semantics 
is to say that the three-quarter wave line really 
doesn’t have that resonance at f/3, ignore the 
quarter and fullwave lines, and stick to the re- 
maining two for test work. 

At 432 MHz a wave in free space is about 
27.3 inches long. Suppose we are using Belden 
#8235 twin lead, which Belden says has a 
velocity factor or propagation constant of 0,77. 
The twinlead wavelength than is 27.3 times 
0.77 or 21 inches. The halfwave stub must be 
10.5 inches long, shorted on both ends; and 
the three-quarter wave stub 15.75 inches long, 
shorted at one end. These are convenient 
lengths, not too long to use on the workbench, 
nor so short that percentage accuracy in cut- 
ting becomes a big question. 


Using the stubs 


The commercially available grid dip meters 
are not noted for accuracy. It’s commonly 
estimated that the scale calibration can be 





trusted to within about 20%. With some care, 
calibration points taken from twin-lead resona- 
tors appear to be good to about 5%, The first 
precaution is accurate construction, Cut the 
strips slightly long, short one end of each, and 
cut the three-quarter wave line to length. 
Then go more carefully at the other end of 
the halfwave line, which must be shorted at 
both ends. It should not be too hard to get 
the correct lengths within one sixteenth inch. 





When making frequency checks, the lines 
must be held off the workbench an inch or 
two. Use small boxes or pieces of cardboard. 
Probably the better part of a foot distance is 
in order if the workbench is of metal or has 
a copper surface. At two meters, a perceptible 
change in calibration can be detected if the 
line is laid out on a wood surface! It’s very 
good practice to make up lines for two meters 
or lower, and practice dipping them. Some 
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Fig. 2. Some overtone resonances of a halfwove 
stub (shorted at both ends). Fl, F2, F3 and F4 
should be IF, 2F, 3F, 4F, 


refinement of technique will certainly be re- 
quired before a halfwave and a three-quarter 
wave line can be made to dip at the same 
point on a standard dip meter. Once the trick 
is mastered, it can be carried up to the higher 
frequencies 

The lines are dipped in the same way as 
any coil. Because they have a very high Q. 
there will be a tendency for the dip oscillator 
to pull, or to seem to give different readings 
when tuning down to frequency and tuning 
up to frequency. The remedy is less coupling: 
move the dip meter a little further away from 
the line and try again. Dip the stub at its 
shorted end! 

But what was that trick for calibrating a 
dip oscillator, mentioned earlier? Can't make 
up a pair of lines for each frequency. No need 
to! That's simply the reliable way for finding 
the right ballpark. When you're there, you 
can set the lines aside, make up another three- 
quarter wave resonator cut for the lowest 
frequency, and after marking that point on 
the scale, trim the stub up to the next cali- 
bration frequency. Throw the remainder away 
when done calibrating, 

The half-wave stub is also useful as a tuned 
coupler, Suppose you want to tune an oscilla- 
tor to a particular frequency but have nothing 
to indicate at that frequency. Loosely couple 
the RF into one end of the half-wave stub, 
and take it out the other end with a hairpin 
loop, through a diode to a 50 nA meter. You 
will only get a reading at the resonant fre- 
quency of the half-wave stub. Simple! 


ZERO-BEATING WITH A FREQUENCY 
METER 
Jim Harrison WB4ATBX 


After putting an LM-18 in service, | 
found it a nuisance to plug in headphones 
every time it was necessary to adjust the 
corrector control to produce Zero Beat at 
one of the crystal check points. | hooked 
up a phone plug to the plate winding of an 
audio output transformer, and then con- 
nected a small loudspeaker to the secondary 
winding. I leave the phone plug inserted in 
the LM phone jack at all times. After 
using this setup for a while, it occurred to 
me that the last few cycles either side of 
zero beat might not be audible, so | tried 
a parallel hook-up off the primary side of 
the transformer. The other end of the cable 
was connected to the Vertical input of an 
oscilloscope. Now, when adjusting the 
corrector control for zero beat, you will see 
low amplitude sine waves even after you can 
no longer hear the beat note. You tune out 
the sine waves until you have a perfectly 
straight reference line on the scope. The 
Heterodyne oscillator is then corrected to 
calibration much more accurately than trust 
ing Lo the ear alone. The principle is not 
new, yel the idea may nol have occurred to 
some people. Any old scope will do, as the 
frequencies are in the audio range. 

Another bit of frustration occurred when 
trying to adjust the corrector knob. | would 
pass Che zero beal point lime and lime again, 
due to the stiffness of the control. Remem- 
ber, these units are built for ship-board use, 
and loose controls cannot be tolerated. | 
dug up a small vernier tuning drive, similar 
to the Jackson Planetary-Vernier drive. 
(about 5 to | ratio). | mounted this drive 
on a right-angle aluminum bracket and 
attached it to the LM using the two screws 
on the upper right side of the unit. Bore 
holes slightly oversize to allow for accurate 
alignment of the control shaft so that it 
will not bind. Cut out a portion of the 
bracket so the “High-Low” knob can be 
moved. The precise Zero beat adjustment 
can now be made very easily with the re- 
duction drive. 


Chapter V 


RF Signal Generators 


HAND CALIBRATE THE BC-221 
FREQUENCY METER 
Carl Henry 


At present many amateurs have an oppor- 
tunity that may not repeat itself. I refer 
to the many army and navy surplus frequency 
meters now available, through MARS and sur- 
plus sales. Many of these meters have the 
original calibration chart missing, and are con- 
sidered virtually useless. This is demonstrated 
graphically by prices, the frequency meters 
with charts costing $100, the meters without 
charts selling for one-third this amount. 
Meters without charts are worth more than 
this would seem to indicate. It is no great 
job to calibrate one of these meters, but it is 
time consuming. A little care is required, but 
you do not need to be a super technician or 
electronic engineer to do the job, Neither is 
elaborate equipment required. 


Essential to the calibration are several items 
not commonly available around the shack, but 
easy to build. Figure 1 illustrates the first 
requirement. This is a 10 ke multivibrator, 
which will operate from a 100 ke xtal cali- 
brator, and give 10 ke markers up to 20 me. 
Tam assuming here that you have or can beg, 
borrow, or steal a 100 ke calibrator, this being 
au common item. In fact, some receivers have 


them built in. Using this 10 ke marker source, 
the high band of the frequency meter ean be 
calibrated. Interpolation to 1} ke points is then 
possible, and if care is used an accuracy of 
will result. 


better than 0.005; 
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Figure 1. 10 ke multivibrator for use with 100 ke 
crystal oscillator, providing 10 kc beats with 
frequency meter, 
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Vig. 2 shows a vimple beat detector that can 
be used with earphones to get an exact zero 
beat. It took about ten minutes to wire up a 
1629 (army surplus magic eye tube) tempo- 
rarily for this purpose, and it is certainly 
worth while in the interest of increased 
accuracy. 

With your equipment assembled, connect the 
frequency meter to its power supply. Allow 
at least one hour for proper warm-up so that 
all equipment will stabilize, including the 100 
ke calibrator and 10 ke multivibrator. Set the 
CALIBRATE control on the frequency meter 
to center, and be especially careful not to 
move it until the calibration is complete. After 
the warm-up period the 100 ke calibrator 
should be zeroed against WWYV, at as high a 
frequency as possible. The 10 ke multivibrator 
must be checked to see that it gives nine beats 
between each 100 ke beat. This can be done 
with your communications receiver, and i¢ will 
be easiest to do it on as low a frequeney as 
possible, say 600 to 700 ke. Now type several 
sheets of paper, listing the high range of 
your frequency meter by 10 ke points. If you 
are in doubt as to the range, check it with 
your receiver. To do this sect the dial to the 
low end of its range, turn on the internal xtal, 
and zero in on the strongest beat at or near 
the low end. Turn off the internal xtal oscil- 
lator and find the signal from the frequency 
meter with your receiver, Note the frequency. 
Tune your receiver until you reach another 
harmonic from the frequency meter. The dif- 
ference between the first and second readings 
is the frequency of the meter at the low end 





Figure 2. A simple zero-beat indicator for use 
in conjunction with he»dphones. 


of its dial, Now do the same thing at the 
high end, and you have the primary coverage 
of your frequency meter. Most have a range 
of 125 to 250 ke on the low band and 2 to 4 
me on the high band. 

When you write up the frequency range by 
10 ke points, leave a space between notations, 
since you will be adding information here 
later. Now, using the 100 ke xtal, check the 
high band of the frequency meter at 100 ke 
points, listing the dial readings. Now go back 
and cheek the dial at 10 ke points, listing all 
the dial readings. The checks should agree 
with the 100 ke checks at every tenth point. 
This is a handy method of cross checking 
yourself. You might note that on equipment 
of this type, always approach the final read- 
ing from below. If you pass the zero beat 
point, don’t jockey the dial back and forth for 
zero beat. Go back below the beat by 5 ke 
or so and approach again from below. This 
procedure will help to eliminate error from 
dial backlash. 

After your 10 ke points are all listed, in- 
terpolate to 1 ke points, This is the hardest 
part of the job, and is very time consuming. 
A big pot of coffee and a patient and loving 
XYL will be a big help here. The patient XYL 
can be replaced with an adding machine if 
you have one available, but you'll still need 
the coffee. 

The difference between each 10 ke point 
must be listed. Note this in the space you left 
on your sheets. Each 1 ke will be 10% of this, 
so add 10% to the 10 ke listing for 11 ke, 
10% more for 12 ke, 10% more for 13 ke, 
and so on. When you reach the next listed 
10 ke point, the calculated listing and the 
measured listing must agree, another cross- 
check. This will take 2000 individual additions. 

After the high band is finished, you may 
wish to calibrate the low band in the same 
fashion. Referring to Figure 1, change the 
grid-plate capacitors to 0.01 mfd. This will 
put the multivibrator at approximately 1 ke 
intervals. If you have trouble syncing the 
multivibrator, you may have to build another 
to operate at 10 ke, and sync the 1 ke from 
this. No trouble should be had with a strong 
output xtal calibrator, however. Calibrate 
the multivibrator as before, except with 1 ke 
intervals instead of 10 ke. 

A calibration book can be prepared when 
you finish. It is a good idea to file all your 
original calculations and papers, should the 
book ever be destroyed. The frequency meter 
is now as good as any with original calibra- 
tion book, at a good saving of money. 


HIGH ACCURACY VHF FREQUENCY 
MEASUREMENTS 
Howard Burgess WSWGF 


Accurate frequency measurements can be a 
problem for the amateur with a limited budget, 
However with some home construction and 
careful operation the average ham can make 


VHF frequency measurements to an accuracy 
better than .00015% at two meters. This is the 
equivalent of measuring the distance from New 
York to Los Angeles with an error of only 
25 feet. Many commercial units cannot equal 
this figure. The same method can also be used 
for HF and UHF measurements, 

There are many ways to measure frequency 
but few of them are satisfactory for use at the 
very high frequencies. The well known hetro- 
dyne frequency meter becomes unstable when 
its oscillator is operated at VHF, It can no 
longer be held or read to any degree of accu- 
racy, The oscillator can be operated at a low 
frequency and one of the harmonics used at 
VHF, but any error in the oscillator will be 
multiplied by the number of the harmonic 
used. A frequency meter that can be held to 
within 200 hertz at 4 MHz will be off by 7.4 
kHz at the 148 MHz harmonic. 

A second method of much greater accuracy 
uses low frequency crystals which are refer- 
enced to a known standard such as WWV. The 
harmonics of these oscillators will be quite 
accurate and useful far into the UHI region. 
However this system has its limitations. Even 
when used with multivibrators and harmonic 
amplifiers it produces only spot frequencies. 

Although neither of these two methods is 
satisfactory when used alone, they can be 
combined to make an accurate and versatile 
system. If you haven’t guessed it by now, the 
system works like this. A crystal oscillator 
operates on 5 MHz. This oscillator can be kept 
to zero beat with WWV with very little effort. 
With a simple harmonic amplifier following it, 
strong markers are available every 5 MHz far 
into the UHF region. To fill in between the 5 
MHz points, and get full tuneable coverage, all 
that is required is to add the output of a stable 
low frequency VFO to the proper marker, 
Example: To measure 146,25 MHz just add 
1.25 MHz from a calibrated tuneable oscillator 
to the 145 MHz harmonic of the crystal. The 
same results can be had by using the 150 MHz 
marker and substracting 3.75 MHz. 

The tuneable low frequency oscillator of this 
hetrodyne system can be any stable, calibrated, 
oscillator that will give the desired frequencies. 
A good signal generator can be used but better 
yet is the old faithful BC-221 frequency meter. 
The crystal oscillator that supplies the 5 MHz 
markers should be designed for high stability. 
However, even simple crystal-controlled units 
can be kept zero beat with WWY for periods 
long enough to make most measurements. 
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Fig. 2. Schematic of the oscillator, 
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Fig. 1. Block diagram of the VHF frequency meter. 


Earlier we quoted a figure of .00015% or 
better for the accuracy of this system. Perhaps 
we should show how this is possible. The 
crystal oscillator can be held to near zero beat 
with WWYV but due to propagation errors in 
the signal of WWYV, we can never be sure that 
our crystal is closer than 2 parts in 10 million, 
This would be 2 hertz of error at 10 MHz 
or an uncertainty of 29 Hz in the 145 MHz 
marker. The BC-221 is normally considered to 
be a .05% instrument. This would be an error 
of about 1.75 kHz at 3.5 MHz. However with 
care in calibration, and reading it is not diffi- 
cult to reduce this value to 200 hertz or less. 
In a hetrodyne system the error of the VFO is 
not multiplied at VHF but is just added to the 
error of the crystal marker used. 


The total error at 2 meters is 29 Hz con- 
tributed by the crystal and 200 Hz by the VFO 
for a total of 229 Hz. This is a little. more 
than 1.5 hertz per million hertz for a tuneable 
system. Of course these values are approximate 
and with careful operation they can be re- 
duced by 50% or more. 


In the 146.25 MHz example used earlier, 
the VFO was required to furnish less than 1% 
of the total output. To put it another way, the 
only wobble is in the smallest cog and its 
contribution is so small it can’t shake up the 
machinery too much. 


The circuit shown in Figs. 1 and 2 has been 
used for monitoring MARS, CAP, and several 
other services. The crystal oscillator is quite 
stable but can be tuned enough to zero with 
WWY. Tuning is done with Cl. One stage of 
harmonic amplification is sufficient to give 
strong signals well above 150 MHz. The plate 
circuit of this amplifier stage is tuned to the 
harmonic to be used. This feeds one input 
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mixer for using a BC-221 on the VHF ham bands. 


grid of the mixer. The other grid of the mixer 
is driven by the output of the BC-22] fre- 
quency meter. The tuned circuit shown in this 
grid resonates broadly in the 2-4 MHz range of 
the BC-221, This helps to keep the higher 
harmonics of the BC-221 out of the mixer. 

The output of the mixer is resonated to the 

desired operating frequency. This will be 
either the sum or difference of the two input 
signals. The level of the output signal can be 
controlled by R6. 

Operation of this system is simple. The 

“cook book” would read as follows: 

1. Couple the output to the antenna of the 
VHF receiver. 

2. Determine the crystal harmonic and VFO 
frequency that will give the frequency of 
the signal to be checked. 

3, ‘Tune the VHF receiver to the signal to 
be checked. 

4, Tune the BC-221 until the output of the 
frequency monitor zero beats the re- 
ceived signal. 

5. If required, peak the tuned circuits in the 
monitor for maximum output and adjust 
R6 as needed. 

G. The frequency of the received signal 
will be the erystal harmonic plus (or 
minus) the reading of the BC-221. 


Many details cannot be covered in one story 
due to lack of space. The operator will have to 
determine the most effeceive method of 
coupling to this particular receiver. He will 
also have to explore the many combinations 
of frequencies which can be used. These and 
many other questions cannot be included at 
this time. However those who require such a 
system as this will probably be capable of 
filling these details. 

One word of caution is in order. With two 
oscillators that are rich in harmonics, there can 
be many unwanted “birdies.” These present no 
problem after the operator has gained experi- 
ence but the new user should be very cautious. 
Many times an unwanted beat can be elimi- 
nated at a critical spot by changing the two 
frequencies that are being mixed (shift from 
sum to difference). 

Perhaps we should emphasize that this 
system is a “trade off”? where the amateur can 
trade his skill and patience for highly accurate 
measurements with simple equipment. 


A TRANSISTORIZED LM METER 
Charles Landah! WSSOT 


TT last word may never be written 
about the BC-221 and LM frequency 
meters. The LM is particularly attractive 
because it is in the smaller package. With 
transistors replacing tubes, it has features 
most everyone wants — il is rugged, port- 
able, and accurate, to name a few. | will 
describe a conversion of an LM-15 fre- 
quency meter in which field-effect trans- 
istors replace tubes; the power supply 
becomes a standard 9V transistor radio 
battery and the current drain is less than 3 
mA when all functions are energized. In 





sere 

THIS RESISTOR! vFO 
NEEDEO FOR )—. ry? 

SOME FET'S 47% 6 

q cam 
£109 
TERMINAL 
109 
curt cap, 


RT 














eno 
¢ 





co 
6 

















VOLTS) 
24, 
O o 
o 
o oO 





TO 
CHASSIS 


Fig. 1, Modified schematic of frequency meter. 


addition, | offer calibration information 
which will be of interest to anyone having 
a BC-221 or LM without the official 
calibration book. I bought an LM-15 for a 
temptingly low price (Fair Radio Sales Co., 
Lima, Ohio, $14.95). The set is sold in the 
“as is’ condition with tubes and crystal 
but without calibration book, It is a good 
idea, bul not necessary, to start with a set 
which is working before making the change 
to FETs. Resistance measurements will 
show if the circuits are complete. Impor- 
tant values are marked on the schematic of 
Fig. 1. 


Smash Tubes 


The most difficult part of my conver- 
sion was getting up the courage to smash 
the tubes! | wanted the bases for mounting 
transistors. Place the tubes one at a time in 
a paper sack, hold the top closed and with 
a metal object, strike the glass through the 
paper. The flying glass is caught and 
collected for disposal. Scrape and clean the 
mastic from the inside of the tube bases. 
Should you choose to mount a transistor 
socket in the wall of each tube socket, you 
can use the original wires; otherwise, un- 
solder the old wires and replace the needed 
ones with about 2 in, of sturdy new tinned 
wires. The appropriate tube base pin con- 
nections are shown in Fig. 2. Actually 
there is no preferred mounting scheme. Use 
whatever appeals to you. 

Check for clearance between socket and 
walls. My conversion used transistor sock- 
ets mounted on metal plates which were 
bolted to the wall of the salvaged tube 
bases. This allowed FET substitution to 
determine which ones would work best in 
the several circuits of the LM. All FETs 
used are N-channel. 
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Modification 


With cover removed and the LM in the 
upright position, front panel toward you, 
on the left side wall, look through two 
oblong machined slots and see mounted on 
a phenolic board a 50 k&2 plate resistor. 
Parallel it with about 6 k2. Turn the LM 
upside down, panel toward you. On the 
underside, two resistors must be shorted 
and a jumper wire made up and connected. 
Short R115, which is a 15 kQ wirewound 
resistor, quite visible on a phenolic board 
at the left of the 1000 kHz crystal can. 
Run an insulated wire from a terminal of 
this shorted resistor to the 260—470V tap 
contact of the link switch. This wire can be 
about 6 in. long and conveniently passes 
ihrough a wall slot behind the crystal 
socket, The link switch and its terminals 
are on a phenolic board in the compart- 
ment aft of the crystal socket. The jumper 
wire will cross near the grid resistor, R109, 
of the crystal oscillator. While there, 
change the 100 k2. (R109) to | MQ. Next, 
unfasten the screws holding the phenolic 
board located to the left of the power plug. 
Tip up the board and short across R108. 
This is a 20 k§2 composition resistor which 
is in the plate voltage line to the audio 
amplifier. Also, at the power plug, locate 
pin 36. Short it to chassis ground. On most 
sets pin 36 is the ground return for the vfo 
cathode. The circuit was closed through 
external connections in a power supply. 
You have completed the surprisingly few 
changes needed to make the LM work on 
FETs and a 9V battery. 


The VFO 


With FET source connected to pin 5, 
drain to pin 2, can to pin 1 (if needed), 
plug the FET into the vfo socket. Connect 
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a solid wire between terminal E109 and the 
gate of the FET. (Terminal E109 held the 
grid cap wire for the vfo tube.) Connect a 
9V battery to the power plug pins. PLUS 
to 26 and MINUS to terminal 41, If you 
have a milliammeter in the baltery lead, it 
should read about 1.5 mA when you turn 
on the FIL and PLATE switches, Provided 
you were fortunate in the choice of FET, 
you should hear a clear CW signal in your 
receiver. Set your receiver to 2 MHz or 4 
MHz. You may need to connect a wire 
from the rf coupling post on the front of 
the LM to your receiver antenna. Rotate 
the LM dial between 0300 and 0600 on the 
readout, Your vfo will be on the low end 
of 125-250 kHz or 2—4 MHz depending 
on the position of the low or high band 
switch. The XTAL and MOD switches 
should be off. The FET selected for the vfo 
may require a 47 kQ2 resistor between gate 
and chassis ground. | found this to be true 
for the RCA 3N128, 3N142,and one of the 
two 40559A FETs. On the other hand, one 
RCA 40559A and one of several 2N3085 
silicon N-channel FET from Poly-Paks 
worked beautifully without adding 47 kQ 
to the gate. 

Apparently junction and insulated-gate 
field-effect transistors have slightly differ- 
ent characteristics which show up in this 
peculiar vfo circuit. My own choice is the 
3N128 with the additional resistor on the 
gate. You may find it necessary to “tune” 
the source, drain, and gate resistances in 
order to have your vfo working well with a 
particular FET. I used potentiometers 
across the various elements to arrive at the 
recommended values. My vfo works reli- 
ably from 10V down to 6V and the 


maximum drain current is 1.5 mA. 
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Fig. 2, Suggested semiconductor hookups for 
tube sockets. 





Caution 


Other oscillator hook-ups may occur to 
you, and they will work — but the tuning 
range and linearity of the vfo will suffer! 
Linear tuning is most important, so stick 
with that shown. 


The AFO and AF Amplifier 


The audio oscillator and amplifier 
wasn’t as fussy as the vfo. I used a Radio 
Shack 276-664 FET — it is said to replace a 
C-610 or 2N3088. I found that the Poly- 
Paks “hobby” FET 92CU588 will work 
equally well. In making up the socket, gate 
goes to tube pin 3, source to cathode pin 4, 
and drain to plate pin 2. That is all there is 
to this one, Plug in the FET. When you 
next turn on the 9V power, the milliam- 
meter will barely increase a few hundred 
microamps as you switch on the modula- 
tion control. At this moment a rather 
pleasant 500 Hz tone will appear on the 
vio frequency no matter which harmonic 
you have tuned in on receiver. Your 
modulator is finished. The audio amplifier 
is too, for that matter. You just won’t hear 
anything in the headphones until you 
complete the crystal oscillator and the 
mixer circuits. 


Crystal Oscillator 


The reference oscillator is not much 
trouble. You have already changed the gate 
resistor from 100 kQ2 to 1 MQ. Actually 
this change may not be necessary because 
some crystals are more active and will 
oscillate well with the original resistor. 
Mine went into oscillation better with the 
higher value. The FET you select for this 
circuit can be one of several. Mine is a 
Motorola MPF-107. | found the Radio 
Shack 276-112 and the Poly-Paks 2N3085 
also work, but draw more current. Which- 
ever you choose, the gate connects to base 
grid pin 5, source to cathode pin 6 through 
a 2.2 kQ resistor. Drain hooks to plate pin 
4. 

Now, when 9V is turned on, MOD off, 
XTAL on, you should hear the crystal 
oscillator signal every 1000 kHz on your 
receiver. The milliammeter should increase 
about 1.5 mA or less when XTAL is turned 
on. If you don’t hear the crystal frequency, 
bring the receiver antenna wire close to the 
crystal FET. We still haven’t made the 
connection which adds the crystal- 
oscillator signal to the rf coupling post on 
the front of the LM. Assuming you have all 
circuits in working order up to this point, 
we move to the mixer. 


Mixer 


There is no single FET substitute for a 
pentagrid converter tube. The dual-gate 
MOSFET comes closest; however, use of 
one would have defeated my goal of 
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simplest conversion. Therefore, four 
N-channel FETs are needed to do the work 
of three tubes, but what a saving in power 
supply! The mixer concerns itself only 
with beat frequencies occurring between 
the reference oscillator, vfo, or an external 
signal —all audio work. Thus, a hobby 
FET was selected. | used the Poly-Paks 
N-channel FET. A Radio Shack C-610 
replacement will also work. Connect source 
to chassis ground through pin 6 of the tube 
socket; the drain connects to plate pin 2, 
gate to mixer grid cap wire through the lug 
in tube socket wall. 

Finally, connect a capacitor (200—300 
pF) from the top of the 2.2 kf crystal 
oscillator source resistor to the gate of the 
mixer FET (grid cap wire). You are in 
business. 

With 600Q phones plugged into the LM, 
you should hear all the necessary beat 
frequencies occurring between the vfo and 
the crystal oscillator as you tune the vfo 
through its range. XTAL must be on and 
the MOD switch off. Otherwise, the audio 
amplifier becomes the modulator and you 
hear nothing in the LM phones. 


What Next? 


With the beat notes loud and clear you 
are ready to calibrate. This is quite the 
most fun part of the work because the 
linear tuning rate of the LM is almost 
unbelievable. The slow rate is due to the 
series combination of the A section of 
C109, C101, tuning LIO! or L102. The 
amount of the matter is that one revolu- 
tion of the 100-division circular dial pro- 
duces about 3 kHz change on 125-250 
kHz range, and about 50 kHz per revolu- 
tion on the 2—4 MHz range. The actual 
calibration of my unit was 2.89 kHz and 
45.17 kHz per revolution. 

The linearity can be checked by how 
little you need to vary the “corrector” for 
each zero-beat checkpoint. Each LM or 
BC-221 will be slightly different. Now, 
when you consider that the vernier allows 
you to split one division into tenths, then 
it is clear that you can set a frequency to 
better than 0.5 kHz over the range of the 
frequency meter, May I repeat: 

1 dial revolution of 

100 div = 45.17 kHz 

1 division = 0.4517 kHz 

1/10 div=45 Hz 
Therefore, all you need is a checkpoint at 
which to zero the vfo and start counting 
revolutions, divisions and tenths of divi- 
sions to accurately set any frequency with- 
in the two ranges of the yfo, I found it 
useful to construct graphs on K&E 358 
11L graph paper. The grid is 10 X 10 (per 
0.5 in.). The paper has 20 units vertical and 
30 horizontal. This allows graphing 100 
division and leaves room for 10 vernier 


divisions on the right hand end of the 
paper. Use the crystal checkpoints listed in 
Table | to locate your dial settings. Once 
graphed, a frequency can be selected di- 
rectly from the chart, or, depending on the 
accuracy desired, interpolated between 
checkpoints. 


Table I, Crystal Checkpoints 


Approximate 


Dial 
KHz VFO XTAL Settings 

Low Band 
125 8 1 0320 
150 20 3 1192 
166.667 6 1 1750 
200 5 1 2935 
222.222 9 2 3700 
250 4 1 4647 

High Band 
2000 1 2 0396 
2250 4 9 0945 
2500 2 5 1493 
2750 4 | 1050 
3000 1 3 2606 
3250 4 13 3150 
3500 2 7 3711 
3750 4 15 4262 
4000 1 4 4812 


It is obvious from this discussion that 
the low band of the LM is fabulous. You 
can squeeze down to about 3 Hz by use of 
the vernier scale. By the way, hidden 
behind two cover plates just beneath the 
corrector knob, are “high’’ and “low” 
padder capacitors. These were used when 
vfo tubes were replaced to bring calibration 
book values into usefulness. The padders 
should be set near the middle of their 
range, 


Make it Handy! 


Fasten a handle to the case, strap ona 
9V battery, go forth and have fun with 
your rejuvenated frequency meter. I use 
mine for its intended purposes as well as a 
band-edge marker and keying monitor. 


AN I-F SPOTTER 
Howard Burgess WSWGF 


If you have ever tried to find the if fre- 
quencies of unfamiliar and inoperative pieces 
of surplus gear with no schematic, it is a waste 
of time to tell you how rough it can be. Even 
a single if transformer from the junk box can 
be a problem if it has no part number or 
identification. 

Of course in some cases a grid dip meter 
can be used to find the operating frequency. 
However, few grid dippers cover the important 
if frequencies below 2 mc. To complicate 
things, if a dipper is used on a shielded trans- 
former above 2 me, the resonant frequency of 
the transformer may be shifted if the shield is 
removed, 

If these problems sound familiar to you, we 
would like to suggest a little gadget that can 
help solve them. With just two resistors, two 








The if spotter. The switch for changing the 
coupling capacitor is at the upper left 
marked “HI and “’LO."' The posts on the 
end are X1 and X2. 


capacitors, and a tube, don’t expect it to give 
a digital read-out to all your questions, but it 
can put you in the ball park. 

The principle of operation is as simple as the 
construction. The tuned circuit in question is 
merely made to oscillate at its resonate fre- 
quency. The frequency can then be determined 
by tuning in its radiated signal on the ham 
receiver. To set the unknown coil into oscilla- 
tion requires the use of a simple “two terminal” 
oscillator. Such an oscillator is shown in the 
schematic of Fig. 1. When any tuned circuit is 
connected to the two points marked X, the cir- 
cuit will oscillate at its resonant frequency. 

In this oscillator the twin triode is a tube 
such as the 12AT7. The section V2 fumishes 
the necessary feedback and eliminates the 
need for extra coils or feedback connections, 

The construction is simple. The unit could 
have been built in a larger case with its own 
power supply and would have become a nice 
piece of bench equipment. However, due to the 
few parts required and the small amount of 
plate power used (3 mils at 90 volts) it was 
built as an overgrown probe. The power is 
robbed from another piece of test equipment 
or the receiver. 

As a probe it can be used on the work bench 
to test individual coils and transformers or it 
can be held in contact with the various trans- 
formers in a receiver. 

There is only one point of caution that 
should be observed in construction. The lead 
from the grid contact of VI to the XI post 
should be kept as short and direct as possible 
with the least capacity to ground. This lead 
becames part of the oscillating tuned circuit 
and limits the upper frequency to which the 
unit will operate. 

The coupling capacitor from the grid of V1 
to the plate of V2 furnishes the feedback re- 
quired to maintain oscillation. To reduce the 
loading on the tuned circuit, this capacitor 
should be held to the smallest value that will 
sustain oscillation. Because of the wide range 
over which this instrument operates, a switch 
is provided to change values. With the capaci- 
tors shown, operation is possible from about 
60 me down to well below 50 ke. The larger 
value is used at the lower frequencies and is 
switched in only when required. With coils 
of medium Q the switching point is around 
3 to 5 me, 
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The connectors X] and X2 can be almost 
any kind of posts. The ones shown on the unit 
here are banana plugs. These can be used as 
test points, or alligator clips can be slid over 
them for use in clipping to coil leads. 

The meter shown is a three mil meter and is 
used to read the total plate current of both 
halves of the tube. This will indicate when the 
circuit is oscillating. When the tester is not 
oscillating the meter will indicate a current of 
about 1 mil (with 90 plate volts). Under oscil- 
lating conditions the meter will rise to as much 
as 3 mils with a high Q coil, The actual amount 
of current is not so important as the fact that 
the upward shift indicates that the coil is not 
open and is oscillating. A 5 or 10 mil meter will 
serve the purpose just as well. 

As the pictures show, this unit was built in 
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Circu:t diagram of the if spotter 


.O1 Ceramic capacitor 

50 pf Mica capacitor 

10 pf Ceramic 

68 K V2 watt carbon resistor 


22 K 2 watt carbon resistor 

Milliammeter in range of 3 to 10 ma 

Slide action Double Pole-Single Throw 

switch ($1) 

2 Banana plugs (x! and x2) 

}2AT7 tube 

Minibox (size depends on type of meter 
used) 


9 pin minioture tube socket 


a small 5" x 3% x 2” box. The unit will work just 
us well if it is built on a small piece of peg 
board with a couple of leads run out to the 
multimeter. This is for the man in a hurry. 


When the unit is finished, apply power with 
the “X” points open (no coil across them). Be- 
cause of the open grid of V1, the meter will 
drift about. After the tube has had time to 
warm up, short the X posts with a heavy piece 
of bus or copper, The meter will now come to 
rest somewhere around 1 mil. This is the “no 
oscillation” current and should be kept in mind 
as a reference point for future use. Now re- 
move the short and connect almost any kind of 
an LC circuit across the posts. The meter read- 
ing will now rise from the “no oscillation” 
value indicating that the coil is oscillating. Do 
not use the large coupling capacitor unless 
the cirenit refuses to oscillate with the smaller 
value. 


To check a single if transformer, all that 
is necessary is to hook one of the tuned coils 








Inside view showing extreme simplicity of 
the "Spotter." The tube is mounted at an 
angie to keep the grid lead to the “un- 
known” as short as possible. 





socket showing ports 


Close up of tube 


placement. 


to the input terminals of the tester. Some 
transformers have a number of terminals 
which may not go directly to the tuned 
circuit inside. To obtain oscillation there 
must be both a de and an rf path between 
the two pots. 

!f the transformer is one whose frequency 
falls in the range below the broadcast band it 
is quite convenient to have one of the surphis 
receivers that covers the range down to 200 kc 
However the check can still be made with a 
regular broadcast receiver. All that is neces- 
sary is to find the harmonics of the tester as 


they fall in the broadcast band. They will be 
separated by a value equal to the frequency of 
the coil being tested. As an example, if a 
signal is spotted at 900 ke and the next one 
higher is found at 135 ke, it is a pretty good 
bet that the transformer is operating on 450 ke 
(1350 — 900 = 450). 

To find the operating frequency of an jf 
stage it is not necessary to have the amplifier 
in operating condition or the tubes hot. Just 
connect the two contacts across the primary or 
secondary of the transformer in question and 
watch for signs of oscillation on the meter, 
Some transformers have a portion of the bias 
system inside of the can. This can usually be 
overcome by connecting the tester from grid 
to ground of the tube in the stage being tested. 

In addition to checking transformers it can 
also be useful in testing the range over which 
a transmitter tank will tune. Just make sure 
that the high voltage is turned off and connect 
the probe across the tank to be tested. Now 
you can tune the tank and follow its entire 
usable range with the receiver. If the tank 
being checked happens to be the final, the 
meter on the probe will indicate when the 
antenna is brought into resonance. 

This little tester was built to do just one 
thing—sort out some old ifs in the junk box. 
After we tried it we found that it would do u 
lot of useful chores around the ham shack. 
With proper care and feeding, it can probably 
learn to do tricks that we haven’t even thought 
of. 


430-470 kHz SWEEP FREQUENCY 
GENERATOR 
Edward Lawrence WASSWD 


Here isa simple sweep frequency generator 
for aligning the most common /f strips. The 
unit has only one transistor because the sweep 
voltage is taken from the oscilloscope it is 
used with. Most general purpose oscillo- 
scopes have a sawtooth output jack. By using 
this sawtooth, the frequency is locked to the 
position of the trace. 

The oscillator is made to deviate in fre- 
quency instep with the voltage applied to the 
base bias circuit, cither the sweep voltage or 
the dc voltage applied at the control point. 
If no sweep or control voltage is applied, the 
oscillator runs at the center frequency, and 
may be used as a conventional signal genera- 
tor. 

The 2.5 mh choke and the two 150 pf 
capacitors form a very broad tank circuit, 
so it is easy to FM the oscillator without a 
great change in amplitude. As to how the 
change in base voltage causes the frequency 
shift, | am not quite sure. All I know is that 
it is quite linear and is a positive shift (Fig. 3). 
That is, an increase in base voltage causes an 
increase in frequency. Also, a change in col- 
lector supply voltage will shift the frequency, 
so be sure to use a Stable supply. 

Since an rfc is used as part of the tank, 
you may have to compensate for a variation 
in center frequency by changing the 150 pf 
capacitors to some other value to get 455 
khz as your center value. 
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SAWTOOTH SWEEP CONTROL 





Fig.1. Sweep generator circuit diagram. 


If you do, then run a plot of de control 
voltage vs frequency and adjust the voltage 
divider R2 and R3 so that 1 volt P-P at the 
sweep pot wiper gives plus and minus 5 khz 
(10 khz total). This is not as hard as it 
sounds. Just listen for the harmonics on a 
broadcast band radio. For instance, the sec- 
ond harmonic of 430 khz is 860 khz, and the 
second harmonic of 470 khz is 940 khz, both 
handy on the BC radio. Note the de voltages 
at the control point required to obtain these 
frequencies. Take the difference and divide 
by four. The answer is the P-P voltage re- 
quired to shift the oscillator plus and minus 
5 khz. Then apply a low, known ac voltage 
to the wiper of the sweep pot with the switch 
in the sweep applied position. Adjust the 
value of the divider resistors to get the proper 
fraction. In my case it was 0.43. 

It is advisable to run the sweep rate as 
slowly as possible, in order to display the re- 
sponse curve as accurately as possible. The 
sharper the skirts, the more slowly the gener- 
ator must pass through the bandpass. With 
this generator, the amount of frequency devi- 
ation is controlled by the P-P amplitude at 
the sweep pot arm. If you are looking at the 
response of a regular ff, you would set the 
sweep amplitude high to see the entire re- 
sponse curve. As far as an accurate display is 
concerned, this is fine, since the slope of the 
skirts is shallow. But if you were looking at 
the response of a sharp filter, you could not 
tolerate such a wide sweep, because the fast 
rate-of-change would tend to skew the dis- 
play. To correct this, reduce the sweep am- 
plitude to reduce the frequency deviation 
down to the edges of the skirts of the re- 
sponse curve. This reduces the rate of change 
and minimizes the skewing of the display. 
Also, it is better to display the if before de- 
tection, if possible, to prevent the detector 
time constant from possibly distorting the 
display. 

If you have the sweep generator set up as 
described, then it is easy to set the sweep for 
a known deviation, and then procede to read 
the 3 or 6 db points from the face of the 
scope. Be sure to disable the AGC for this 
test. 

For those who aren't familiar with the set- 
up for obtaining the response curve display, 
refer to Fig. 2. and the following outline. 
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APPLIED SWEEP 


Fig.2. Interconnections of sweep generator. 


First, hook up the equipment as in Fig. 1 
Set horz gain for desired sweep width. Adjust 
sweep amplitude pot on generator for de- 
sired frequency range. Set output level to 
mid-range. Adjust the vert gain for the desir- 
ed pattern height. 

If we wish to change the total frequency 
deviation and the horizontal display width at 
the same time, use the scope’s horz gain con- 
trol. This presumes that the amplitude of the 
sawtooth output is also varied by the horz 
gain control. 

If we wish to change the frequency spread 
and not change the width of the scope dis- 
play, adjust the sweep amplitude control. 
This allows you to take a better look at the 
sidelobes or any ripples in the passband, de- 
pending on how the controls are adjusted. 

You don’t have to use a sawtooth to sweep 
with if it isn’t handy. 

Sixty hz can also be used, but it will pro- 
bably skew the passband you are trying to 
display, so I don’t recommend it. One note 
here: when the sweep generator is first turn- 
ed on, or the setting of the sweep amplitude 
is changed, the frequency will drift for a few 
seconds. This is due to the charge on Cl 
changing to a new level, C1 is large to couple 
the low frequency sweep with as little distor- 
tion as possible. 
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Fig.3. Sweep frequency vs de voltage. 


DC CONTROL VOLTS FREQUENCY 
5.86 430 
6.27 440 
6.69 450 
6.90 455 
Tal2 460 
7,33 465 
7.55 470 


AN ARMSTRONG SWEEPER 
Al Donkin W2EMF 


Sometime ago while experimenting with 
SSB crystal filters at 480 ke, it occurred to me 
that a manually swept Armstrong oscillator 
with a pot coupled to the tuning capacitor 
for ‘scope sweep voltage would save point by 
point frequency measurements with a BC221 
while adjusting the filter for minimum in-band 
ripple. A cireuit was hurriedly developed, 
and the results were even better than expected. 
Simple though it may be, I'm sure anyone 
who is working with crystal filters will appre- 
ciate its usefulness. The effects of tuning and 
“diddling” were immediately visible in the in- 
band ripple and the skirts down to about 20 
db could be observed with a few twists of the 
knob. 

With this encouraging experience, a sturdier 
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model was constructed. The circuit was as- 
sembled on a small piece of Vector-board, 
with the tuning capacitor and batteries mount- 
ed in a 3X 7X3" aluminum chassis. An alu- 
minum bracket was bent to hold the “sweep” 
pot and mounted behind the tuning capacitor, 
spaced to aecomodate the mechanical shaft 
coupling. The Vectorboard was also mounted 
on the bracket. 

The oscillator circuit is simple, using a 1 
mh rfe for the tank inductor. The range of the 
circuit as shown is about 400 ke to 500 ke, at 
center frequency. The tuning capacitor is a 
Hammerlund MC-50-M with two of the 
rotor plates removed, resulting in a range of 
approximately 7-25 mmfd. An untuned ampli- 
fier provides isolation of the oscillator from the 
reactance of the load, | used 2N404 transistors 
but most PNP if transistors will work. 

In addition to sweeping crystal filters, [| have 
found this little box handy as a general pur- 
pose low frequency oscillator and sweeper for 
receiver if's. The persistency of most oscillo- 
scopes produces a much better display than 
might be expected, and it certainly beats the 
point by point method of plotting filter re- 
sponses. 
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A NEW BROOM 
Dick Gridley K 6JHJ 


This unit is a sweep generator of simple 
design, with many uses. Besides being useful for 
filter alignment, as shown in the diagram, it is 
useful for optimizing receiver and transmitter 
performance. 






scope 
SWEEP FILTER 
@) Gen TO BE 
Saw TOOTH ALIGNED 
our 


8, DIONE PROBE 


The heart of the rig is an inexpensive item 
called the Vari-Cap by International Rectifier 
Corp. Two are discussed here, the 6,8S5C20 
and the 100SC2. The 6.88020, according to 
the manufacturer, will vary its capacitance 
from 50 mmfd at .lv to 2.5 mmfd at -200v. 
The 100SC2 will vary from 600 mmfd at .lv 
to 100 mmfd at -10v. These units each cost less 
than $3.00. The construction is not critical in 
any way, nor is layout a problem—just use 
good ham practices. Any power supply de- 
livering 150 v de at 60 ma regulated will do. 
The oscillator tank must be grounded and I 
did have some trouble until I removed the un- 
used winding from the 455 if transformer used 
for the oscillator tank. 





Sawtooth energy is applied to R1 which 
regulates the amount to be amplified by V1. 
R2 linear control merely puts a portion of 
regulated voltage on the Vari-Cap and thus 
sets the capacity of Vari-Cap close to its 
center, so the suwtooth pulse creates a linear 
frequency swing. This circuit gives about 6 ke 


sweep. I have used TV horizontal coils for 
L1 and increased Cl and C2 to .003 for 85 ke 
and 50 ke operation. However, to get enough 
swing at low frequency, the Vari-Cap was 
changed to a 100 SC2. For 200 ke to 10 me 


the 6.88C20 gives plenty of sweep. 


A note here about scopes, Most of the aver- 
age do not go below 15 cycles and the sweep 
rate should be about 10 cyeles. Some do not 
have a sawtooth output jack. The sawtooth 
output can be picked off the syne circuit. I 
found the best point is on the feed side of the 
syne pot through a .25 mfd capacitor. Some 
scopes have a couple of jack pins to aid ca- 
pacity externally, some don’t. You will find 
little trouble adding about .25 mfd across the 
slowest speed. 
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The use of the rig is simple. Plug the lead 
from RIL into the scope’s sawtooth output. 
Couple the output from the cathode follower 
section of V2 to the filter input through a .001 
mfd capacitor. The vertical input of the scope 
is connected to the filter output through an rf 
probe, Adjust R1 and R2 about % open. With 
C3 about 44 meshed, adjust the trimmer in the 
if can to put you in the ball park, and then 
use C3 for fine adjustments of frequency, Ad- 
















TO 
FILTER 
INPUT 


LI STANDARO IF TRANSFORMER WiTH 
ONE WINOING REMOVED. 
SM- INDICATES SILVER MICA 


ditional minor adjustments of Rl and R2 may 
be necessary. Of course, when used to align 
a receiver, the diode probe is unnecessary if 
the input to the scope is picked off of the 
diode detector, It goes without saying that it 
is necessary to plot an index for the scope 
bezel so that a ready reference is available 
for band pass width and depth of skirt. 

Some one now says “This is just like setting 
ye old TV—#f band pass.” That it is. The only 
difference here is the frequency and the sweep 
generator cost was junk and $5.00, 

The unused switch, shown in the photo, was 
installed to select one of three frequencies. 
However, this rig has been used on about six. 
I don’t think I ever will decide which three to 
use. The unidentified tube is a 6U8 used as a 
1 ke audio oscillator with cathode follower 
output. 


LOW COST SIGNAL SOURCE 
Howard White VE3GFW 


i many years the Measurements Cor- 
poration Model 80 signalgenerator has 
been the industry standard for tuning rigs. 
Many hams have wanted to have a labo- 
ratory-grade signal source of this type but 
the $800 price tag is prohibitive. This ar- 
ticle describes a signal source that has 
many of the same features as the 80 ex- 
cept that it only costs 1% as much. That’s 
why I call this the Model 0.8. 

You wonder at some of the features of 
the marvelous little device? To briefly list 
them, it has: 

@ Variable output from about 80 nV 

to 50 mV of rf power. 

@ Frequency range from 1.8 to 450 

MHz so you can cover 160 through 
% meters. 

® Crystal-control frequency stability. 

@ Fairly clean output signal. 

@ A 51Q antenna load. 

® Safety feature to prevent the destruc- 

tion of the device in case a trans- 
mitter is accidentally loaded into it. 
The Circuit 


The circuit is the combined brainchild 
of many ham engineers and technicians in 
our local 2m FM club — the Toronto FM 
Communications Association. More than 
300 of these units have been built in the 
past two years, so the circuit has been 
exceptionally well tested in the field. 
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The unit consists of a single 2N5130 
NPN transistor oscillator configuration. 
Other transistors, such as the 2N706, can 
be used in this circuit with slightly differ- 
ent biasing arrangements; however, the 
2N5130 appeared to give the cleanest 
output signal. 

Output level can be varied from less 
than 80 n¥ (the best we could measure) 
to 50 mV. It is controlled by a 1 kQ pot 
in the transistor collector circuit. Power is 
obtained from a 1.5V penlight cell by- 
passed for rf by a 0.1 uF capacitor. 

My present “0.8” signal source has 
been used intermittently for more than a 
year without any degradation of output. 
However, remember to shut the unit off 
when you're finished with it; the battery 
doesn’t last forever. 





Fig. 1. Schematic diagram of the “Point Eight" 
Signal Source, the “poor man's Model 80."" 


The unit is built on a PC board. The 
parts layout is almost exactly the same as 
that of the schematic shown in Fig. 1. 
The electronic components are placed on 
the copper side of the board. The on-off 
switch-level control, frequency adjust- 
ment, output jack, and crystal socket are 
on the other side (Fig. 2). The unit can 
be packaged in a minibox. 

Almost any crystal in the 1.8-—12 MHz 
will oscillate in this unit, The output is 
tich in harmonics to 450 MHz, so you 
can tune up any receiver from 160 to %4 
meters, 

The output impedance of the signal 
source is 51§2, a value which simulates a 
perfect antenna load to the receiver. This 
is the manner in which this is accom- 
plished: A 5192, 4W resistor is connected 
across the terminals of an RCA phono 
jack, No physical connection is made to 
the circuit except through the common 


XTAL 
SOCKET 


LEVEL 
CONTROL 





Fig. 2. Minibox layout of the signal source 
panel. 


ground of the PC board. The maximum 
output level depends on the lead lengths 
of the resistor, (The unit has plenty of 
output when the lengths are about % in. 
long.) This design has an added safety 
feature, too; if by accident you load a 
transmitter into the unit, all that is 
destroyed is the 4W resistor. 


Operatioi. and Uses 


These units were originally designed to 
tune up 2m FM receivers. The procedure 
is quite simple. You connect the signal 
source to the antenna input on your 
receiver, Plug in a transmit crystal, and 
adjust the frequency control for a zero 
treading on the discriminator, Adjust the 
output level to the desired signal strength 
(below first limiter saturation) and tune 
up the receiver. 

There are a myriad of other uses for 
the signal source. Using a 3.5 MHz crys- 
tal, you have a band edge marker. With 
the transmit crystals on a Twoer or any 
other transmitter you have instant fre- 
quency spotting without modifying the 
circuit of the transmitter. Of course, the 
signal source can be used to tune up any 
receiver, peak tuned circuits, be an rf 
source for an antenna noise bridge, and so 
on. 


RECEIVER TWEAKER 
Matcolm Oakes K6UAW 


I’ve found that the singlemost piece of 
needed test equipment by the amateur on 
FM is a receiver alignment generator. Most 
of us, however, do not have access to a signal 
generator. (Come on now, you wouldn’t 
really call that TV thing a signal generator 
would you?) 

The unit to be described is a very 
functional device that will allow you to 
scrape every ounce of sensitivity from your 
receiver. The generator can be built so small 
you can carry it around in your shirt pocket. 
Compactness, combined with its battery- 
powered portability make it ideal for ser- 
yicing mobile receivers. Stability? It’s crystal 
controlled and is as good as the rock you 
plug in (you obtain the rock from your 
transmitter). Output reactance? Nearly zero 
degrees, allows proper tuning of rf stage. The 
attenuator shown does not have a great deal 
of dynamic range due to distributed capacity 
of the potentiometer. However, I said 
before, the unit was “functional” and it is 
just that. The signal can be attenuated into 
the noise and brought up to approximately a 
30 uv level; overly sufficient for a normal 
alignment. 


Construction 

The circuit layout is not particularly 
critical, and if laid out in a manner similar to 
the schematic, no problems should be en- 
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OUTPUT JACK: 
Li- 4 TURNS NO, 18 fou OR BNC 


Fig. 1. Schematic diagram of Tweeker, The ragistor marked 


may have to be changed to one of lower value if the rec- 


ommended transistor is not used, 


countered. The attenuator section should be 
completely shielded away from the oscillator 
and multiplier stages, so rf leakage will not 
be a problem. A crystal socket should be 
provided so the unit is versatile for any 
frequency. However, if you plan on using it 
on only one channel and can spare a crystal, 
build it with the crystal inside. Two glass 
piston screwdriver adjusted trimmers must 
be provided {to “rubber the crystal” and 
tune the output to resonance) as front panel 
controls. 

Circuit 

Transistor Q1 in the first stage is a crystal 
escillator which is very loosely coupled to 
Q2 the multiplier. This stage is biased into 
“class C” so as to multiply the 6 mhz crystal 
24 times, up to the two-meter band. (3 mhz 
crystals will also work at a multiplication of 
48.) Another important function of this 
stage is to attenuate the oscillator output 
(about 6-7 volts peak-to-peak) to a level 
usable at the two-meter frequency for align- 
ment —30 to 40 uy. The potentiometer 
adjusted attenuator takes the signal down to 
a level as desired by the operator. 

I developed this unit for use on two 
meters. Several have been built and all work 
fine. But, for those of you who need a 
six-meter generator, this same circuit should 
work fine with the only modification needed 
being the final tank frequency. {A few more 
turns on the coil and a slightly larger 
trimmer capacitor.) 

Adjustment and operation 


Connect the output of the generator to 
your rig. Plug in a crystal and tune fer zero 
(with frequency adjustment) on the discrim- 
inator (center frequency). Now, looking at 
the first limiter voltage, peak the final tank. 
Attenuate the generator as necessary to 
avoid saturation of the limiter. Repeat as 
necessary until a definite peak is reached. 

If the generator will not go down into the 
noise with the attenuator control, the final 
tank may be detuned as necessary to provide 
the desired range on the attenuator. 
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CITIZENS BAND ALIGNMENT AID 
Edward Lawrence WASSWD 


It is obvious that the front end of a 
receiver should be tuned to respond equally 
well across the band, and thus have consis- 
tent sensitivity at any frequency in the band, 
if maximum usefulness is to be obtained. 
The usual method of insuring reasonable 
results is to tune at the middle, and check 
the ends. This is rather spotty, at best, as it 
would be better to check all channels. This is 
involved since you must set both frequency 
and amplitude 23 times in a single pass. 

Naturally, a good sweep generator could 
be used, and the rf-mixer tracking set with 
it instead, but this was not available to me at 
the time. The circuit in Fig. 1 was originally 
a Super-regenerative receiver taken from the 
GE Transistor Manual. These, as is well 
known, tend to spray a lot of rf back out the 
antenna. With this in mind, I listened with a 
communications receiver and noted strong 
modulation products about 10C kHz above 
and below the ‘‘carrier.’’ Deducing this to be 
caused by the quench frequency, | brilliantiy 
decided to drop the quench frequency into 
the audio range, by increasing the capaci- 
tance across the base bias resistor, Lo and 
behold! Suddenly the entire Citizens Band 
was alive and jumping with a mass of “line 
noise,’ which at first appeared to be like 
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Fig. 1. Schematic of the alignment aid, Ll is 15 
turns No. 22 tapped at 9 turns from the collector 
end, No switch is shown, so remove battery when 
not in use, 
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NEW REPEATER ATLAS eink RF AND DIGITAL TEST 
Hundreds of new listings ... listed by both Speight EQUIPMENT YOU CAN BUILD 
location and frequency ... dual listing, in- RF burst, function, square wave generators, 


variable length pulse generators — 100 kHz 
marker, i-f and rf sweep generators, audio osc, 
af/rf signal injector, 146 MHz synthesizer, digital 
readouts for counters, several counters, prescaler, 
microwavemeter, etc. 252 pages. $5.95. 


WEATHER SATELLITE HANDBOOK 
WEATHER Simple equipment and methods for 
VHF ANTENNA HANDBOOK SATELLITE getting good pictures from the weather 
The NEW VHF Antenna Handbook details satellite. Antennas, receivers, monitors, 
the theory, design and construction of hun- facsimile you can build, tracking, auto- 
dreds of different VHF and UHF antennas. . . matic control (you don’t even have to 
A practical book written for the average be home). Dr. Taggart WB8DQT $4.95. 
amateur who takes joy in building, not full of 
complex formulas for the design engineer. 
Packed with fabulous antenna projects you 
can build. $4.95 


valuable for your car .,. find those repeaters 
as you travel. This is the ONLY complete list 
of repeaters being published. Almost 3000 
repeaters listed in this issue .. . repeaters from 
all over the entire world. only $1.95 
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SSTV HANDBOOK 
This excellent book tells all about it, from 
its history and basics to the present state of 
the art techniques. Contains chapters on 
Circuits, Monitors, cameras, color SSTV, test 
equipment and much more. 
Hardbound $7 Softbound $5 


re cen om nm += FASCINATING WORLD OF 
The Fascinating World of RADIO COMMUNICATION P 4 
Interesting stories of the history of radio 
73 DIPOLE AND LONG-WIRE ANTENNAS ager pioneering and discovery. Also includes the 
by Edward M. Noll W3FQJ svn exw fundamentals of broadcast band DXing. A 
This is the first collection of virtually every ‘ : must for every radio amateur. $3.95. 
type of wire antenna used by amateurs. 
Includes dimensions, configurations, and de- 
tailed construction data for 73 different 
antenna types. Appendices describe the con- 
struction of noise bridges, line tuners, and 
data on measuring resonant frequency, 
velocity factor, and swr. 160 pages. $5.50 





ANTENNAS _ by Edward M. Noll W3FQJ 
Describes 73 different antennas for amateurs. 
Each design is the result of the author’s own 
experiments: each has actually been built and 
air-tested. Includes appendices covering the 
construction of noise bridges and antenna line 
tuners, as well as methods for measuring 
resonant frequency, velocity factor, and 
standing-wave ratios. 160 pages. $5.50 
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TEST EQUIPMENT LIBRARY 

A multi-volume anthology that you won't 
find anywhere for three times the price! The 
editors of 73 present a complete guide to 
testing that is both basic and complete and 
aimed at everyone from beginners to amateur 
Extras. Everything from how to test diodes to 








2M FM HANDBOOK The 2-Mater FM Handbook 














iGang 10 ine eadeor oka frequency counters. Plus a cumulative index 
Contains almost every conceivable circuit RE | ... all in 73’s all new TEST EQUIPMENT 
that might be needed for use with a repeater. LIBRARY Vol. | — Vol. III. 
All circuits explained in detail. All aspects 
covered, from the operator to the antenna. Vol. 1 — Component Testers — $4.95 
$5.95 Vol. Il — Audio Frequency Testers — $4.95 
Vol. Ill — Radio Frequency Testers — $4.95 
Practical Test Instruments You Can Build 1001 PRACTICAL ELECTRONIC CIRCUITS 
37 simple test instruments you can make — Tab's new 1001 circuits is available for only 
covers VOMs, VTVMs, semiconductor testing $9.95 ppd. The next time you want a circuit for 
units, dip meters, wattmeters, and just about just about anything, eat your heart out that you 
anything else you might need around the test didn't send for this book the first time you read 
lab and ham shack. $4.95 about it. You'd better order the book right away, 


before they run out. $9.95 


tC OP-AMP COOKBOOK gs VHF PROJECTS FOR AMATEUR AND 
by Walter G. Jung. Covers not only the : es is a 8s EXPERIMENTER 


basic theory of the IC op amp is great 


‘ A must for the VHF op. Opening chapters on 
detail, but also includes over 250 practical 9 P 


Operating practices and getting started in VHF, 
both AM and FM, followed by 58 chapters on 
building useful test equipment, modifying exist- 
ing and surplus gear. $4.95 


circuit applications, liberally illustrated. 
592 pages, 5% x 8%, soft bound. $12.95 





Hewlett Packard 6384A 
power supply 


SPECIFICATIONS: 
sola DC Output: 4 to 5.5 Vde @ 8 Amps 
Load Regulation: 2 mV no load to full load 
Line Regulation: 2 mV for line changes between 104 and 127 Vac at any 
® output voltage and current within specifications 
a 2 Ripple & Noise: Less than 5 mV peak to peak 
" Crowbar, Factory Set at 6.25 V, Automatic cutback limit circuit and overvoltage 
crowbar protection. 


HEWLETT PACKARD 6384A Power Supply $99.95 


Power design 1210 
regulated 


power supply 


Output: 0 to 12 V @0 to 10 Amps 
Regulation: 0.01% or better. 
Ripple and Noise: Less than 500 uV rms. Voltage Controlled, Metered. 


POWER SUPPLY 1210 - Regulated Power Supply - $149.00 


a full range, 5-function 
3% digit multimeter 


DC CURRENT: 0 to +1.999/19.99/199.9/1999 mA 

AC CURRENT: 0 to 1.999/19.99/199.9/1999 mA 
RESISTANCE: 0 to 199.9 {2 through 19.99 Megohms (6 ranges!) 
ACCURACIES 


DC VOLTS: +0.2% F.S, +0.2% of reading 
(1000V range: 40.5% F.S. 0.5% of reading). 
AC VOLTS: +0.7% F.S. 1% of reading 
(1000V range: 40.7% F.S. 2% of reading). 

DC CURRENT: 40.5% F.S. £0.8% of reading 
(1000 mA range: 40.5% F.S. 1.8% of reading). 
Sc : AC CURRENT: 40.5% F.S. £1.3% of reading 
(1000 mA range: 40.5% F.S. 2.3% of reading). 
RESISTANCE: +0.5% F.S. 0.8% of reading 
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RANGES (10 megohm range: +0.5% F.S. 1.8% of reading). 
DC VOLTS: 0 to £1.999/19.99/199.9/1500 Volts 
AC VOLTS: 0 to 1.999/19.99/199.9/1000 Volts DATA PRECISION MODEL 134 — $169.00 


20 Republic Road, North Billerica MA 01862 
(617) 667-8541 








TEST EQUIPMENT LIBRARY 
Vol. Ill, Radio Frequency Testers 














Radio frequency waves are the common denominator of Amateur Radio so here is a book for all hams, 
No matter what your specific interest, such items as SWR, antenna impedance, line impedance, RF output 
and field strength should interest you. This book not only gives detailed instructions on testing these items 
but includes sections on signal generators, crystal calibrators, grid dip oscillators, noise generators, dummy 
loads and much more. {t’s a must for all up-to-date shacks. 

Test Equipment Library 
Wal 12 sRBOIO FIEQUCNEY LESIONS: csssis accesteia teste GI RN AURIS IEP RS HR RIGS TONG DATS, KG. St SRN $4.95 





TEST EQUIPMENT LIBRARY 
VOL. Il, Audio Frequency Testers 


HOW'S YOUR SPEECH POWER? YOUR SHIFT? YOUR SYNC? 


You can find out easily with a little time and a junk box full of parts. It’s all right there in the new 
Volume || of the 73 Test Equipment Library ... Audio Frequency Testers... jam packed full of all kinds 
of audio frequency test equipment. So if you’re into SSB, RTTY, SSTV, etc., this book is a must for you 
... good book for hi-fi addicts and experimenters too! 

Test Equipment Library 
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TEST EQUIPMENT LIBRARY 
VOL. |, Component Testers 


Just out is Volume | of the 73 Test Equipment Library 
. how to build transistor testers (eight of ‘em), diode 
testers (3), /C testers (3), voltmeters and VTVMs (9), 
ohmmeters (8 different kinds), inductance (3), capacity (9), Q measurement, crystal checking (6), 
temperature (2), aural meters for the blind (3) and all sorts of miscellaneous data on meters. . . using them, 
making them more versatile, making standards, things like that. Invaluable book, ridiculously low priced. 
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pees Cl Cash enclosed © Check enclosed 
| CIV eli acusin ees Component Testers @ $4.95 

LASTER ssasacdees Audio Frequency Testers @ $4.95 ; 3 
| PIG ik cones Radio Frequency Testers @ $4.95 CO BankAmericard © Master Charge CU American Express 
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Moshe 


New England's *1 
Surplus Dealer For Over 20 Years. 


Send for our latest catalog. 


PO Box 62 E. Lynn, Mass. 01904 





sAtbhle Mushrooms 


‘an 
Cantharellus cibarius Boletus edulis Pleurotus ostreatus Morchella esculente 
(Chanterelle) (King Bolete) (Oyster Mushroom) (Yellow Morel) 


oprinus cometus Gomphus clavatus Gomphidius glutinosus Lepiota procera 
(Shaggy Mone) (Pig's Ear Gomphus) (Slimy Gomphidius) (Parasol Lepiota) 


ip 
a ty f 
re < 


.~ a? 

co 

be 
3 


+ ne 
ree. 


operdon perlatum Lactarius deliciosus Suillus grevillei Sparassis crispa (Rooting 
-studded Puffball) (Orange-latex Milky) {Larch Suillus) Cauliflower Mushroom) 





Wild Edible Mushrooms by SovereignMan Zazzle 








Fig, 2, Full size PC board layout (foil side ). 


natural noise. Then | turned on the BFO, 
which showed it to be many, many, many 
clos8ly spaced ‘“‘carriers.”” | presume the 
lower quench frequency develops a much 
larger bias swing on the base of the transis- 
tor, FM’ing it across the entire band. This 
stuff is concentrated in the region of 27 
MHz, with very little spill-over into 10 or 15 
meters, although the level across the design 
The nearly constant 
rf level is what I needed to simplify tuneup 


runge is rather constant 


of the front ends of the units | was working 
on 
Figure 2 is the layout of the P.C, board I 
made to facilitate reproduction of this useful 
eircult fora few interested friends and Fig, 3 
is the Component layout, 

| used 6 ft of antenna 
to the the 
with 9 ft of wire on the battery side of the 


wire aS an 


connected emitter side of ric, 
tfc as a counterpoise. Since this made it a bit 
large, | carefully hung it vertically in a handy 
tree nearby. Of since this put a 
strong signal on every channel into every CB 
receiver within 300 yards. | limited the use 
of this device inter- 
ference to the deserving users of the band 
However, one fellow accidentally launched 
his into a tree too high to recover with an 
over-ambitious heave, and ut ran for about a 
month in the dead of winter in a nameless 
northern city, helping every CBer for miles 
around align their sets! It only draws about 
half a milliamp from a 9 volt battery. 


course, 


to avoid unnecessary 


Since | am sure many others would like 
to align their 11 meter receivers for opti- 
mum results, | am presenting this circuit as a 
very low cost and worthwhile aid. 
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Fig. 3. Component side parts placement. 


FET CHIRPER 
Chuck Hines K6QKL 


The Chirper is an automatically keyed, 
crystal controlled, signal source which may 
be used to optimize the signal-to-noise ratio 
of a receiving converter. Homebrew or com- 
mercial, converters are a common thing 
around an amateur station. And, most of the 
VHF Tribe have read thru a jungle of 
esoterica dealing with low noise front ends, 
the velvet beauty of FET’s on Two, noise 
generators and eternal truth, and how to 
copy 20 db below the noise by the selective 
use of liquid helium. With a kind of re- 
lentless evolution converters have been 
getting better and better, noise figures be- 
come lower, and the prices of suitable front 
end devices are dropping by the hour. But 
when it comes to aligning these converters 
the scene is one of wretchedness. A black art 
at best, the job is taken up with an enduring 
combination of blunt instrument and myth. 
The latter have a certain charm. Are you 
convinced your converter is in top notch 
condition because you can “hear noise” 
when you attach the antenna — or better 
yet, when you place a 50 ohm resistor across 
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the input? Try putting a complete short 
across that same input. Shorts aren’t much 
good as noise sources. You'll find the short 
gives about the same change in noise level as 
the 50 ohm termination. What has changed 
is the impedance the front end “sees”, The 
same is partially true of the noise from the 
antenna. Neither is indicative of the 
performance of the converter. Peaking the 
system up for maximum on either a weak 
signal or on noise gets you nowhere. The 
diode noise generator which every VHF 
book of substance describes is a good and 
useful tool when used properly. The assump- 
tion is that everyone already knows full well 
how to use it and does so. Few in fact do. 

I'm sure you've read of it before in many 
places, but a little redundancy is in order. 
The noise with which you are concerned is 
the noise generated internally by the first 
tube, transistor, or other active device the 
signal encounters upon its arrival at your 
converter. By fiddling with the external 
reactances, adjusting the voltage and current 
and otherwise manipulating the things 
soldered to the device, one may minimize 
the internally generated noise. At the same 
time the reason the front end exists is to 
amplify the signal. One usually desires as 
much amplification possible, short of smoke 
and oscillation. Minimum noise and maxi- 
mum amplification is the game. Though the 
two are not quite mutually exclusive a 
certain amount of compromise takes place, 
Thus, the signal to noise ratio, When aligning 
a converter’s first stage every adjustment 
effects both signal and noise. Given a con- 
stant signal source coupled into the cof- 
verter thru an appropriate impedance, the 
job is finished when the front end has been 
adjusted for the greatest difference between 
signal and noise of which it is capable. 

The Chirper is designed to help you do all 
this by letting you see what effect cach 
adjustment has on both signal and ncise. The 
TIS34 oscillates at a frequency controlled by 
the crystal. With the constants shown, that 
can be anywhere between 8.2 and 36 MHz. 
The variable capacitor must be adjusted for 
resonance. It isn’t particularily critical but 
its setting peaks the rf output at either the 
fundamental or some harmonic. For 6 
meters an 8.35 MHz crystal is used. A 9.0 
MHz rock will pin the meter when the 
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Fig. 1. Schematic of the FET chirper, 


Chirper is connected into a 2 meter con- 
verter. The Amidon toroid is wound with 
No. 30 enameled, 40 turns for the primary 
and 5 turns for the secondary. After it is 
wound, spread the turns to fill the toroid 
and paint it with Q dope. The diode and § 
pF coupling capacitor are connected with 
the shortest possible leads, the diode being 
grounded at the rf connector. The harmonic 
output is excellent and quite useable at 1200 
Mhz. 

The oscillator is turned on and off by a 
multivibrator combination of unijunction 
and NPN transistor adapted from the G. E. 
Transistor Manual. The rate at which the 
multivibrator cycles is determined by the 
jarge value capacitor, in this case 33 mF. The 
polarity of the capacitor is critical. Observe 
it. To increase the cycling rate, decrease the 
capacitance; and, to decrease the rate, put in 
a larger value, Mine cycles a little under once 
per second. A value somewhere between 30 
and 40 mF should suit your needs. You are 
better off scrounging some odd value from a 
defunct computer board because of the 
tolerance problem. If it says 33.2 mF, its 
probably pretty close to that value. Other- 
wise you're dealing with tolerances of plus 
100% and minus 50% or something equally 
grotesque. The SOK pot determines the 
portion of the cycle during which the 
oscillator is On and is mislabeled rate on the 
Chirper shown. The HEP-310 is generally 
available and inexpensive. Other unijunc- 
tions were not tried. On the other hand 
almost any NPN of reasonable quality will 
work in place of the 2N718. A number of 
2N388 and 2N3478’s were tried and be- 
haved well. It’s a good place to use those 
transistors you’ve replaced with FET’s. Use 
something with a Beta of 50 or better for 
best results. The 5100 ohm resistor in series 
with the pot is for current limiting. It’s 
deletion will increase battery drain with no 
increase in Chirper performance. Normal 
current from the 9 volt battery is around 5 
mA. 








Fig. 2. Test set-up for converter alignment. 


Construction is non-critical and pretty 
much a matter of taste. Mine is built on a 
piece of vector-board and mounted in a 
Suzurando box, model M-IN. It measures 
3%X2X 4" and there is still room inside 
for additions, It sells for 330 yen, about 92c. 
A slide switch is used to turn the power on 
and off. Paint one well of the slide switch 
with red paint — Testor’s Pla, a model plastic 
paint, is good — and the switch will indicate 
its position. Red for On and black for Off. 
It saves batteries. Check your work and the 
polarity of the large capacitor. Re-check the 
connections to all the semi-conductors. With 
four different kinds of devices things can 
become confused. Set the pot to the middle 





of its range. Insert a crystal in the socket. 
Connect the Chirper to your converter, turn 
the switch on and adjust the variable capaci- 
tor for the highest reading on your S-meter. 
The oscillator will turn on and off, Varying 
the pot will extend or diminish the amount 
of time the oscillator is on. Whatever you 
do, don’t connect the chirper to an external 
antenna. The harmonic content is high and 
even at this power level is sufficient to cause 
severe interference to television receivers 
within a two block radius. 

For converter alignment, the test set-up is 
illustrated in Fig. 2. The Chirper is fed to the 
converter thru an attenuator for two 
reasons. First, the power output of the 
Chirper is too high on six and two. You 
don’t want to align with a forty over nine 
signal. Something around S-5 to S-7 is 
desired. Second, the attenuator maintains a 
50 ohm termination for the converter. A 
converter cannot be aligned with a floating 
input impedance. Fixed and variable attenu- 
ators of excellent quality are available thru 
surpius and homebrew data is available. See 
73, January 67, p. 40 for one that will do 
the job. Turn the receiver ave off. The 
read-out options are diverse. The best is 
probably a scope connected to the iff A 
vtvm can be used, connected to the audio 
output. And, the S-meter can be used with 
the ave on fast. This will vary with the 
receiver and it’s particular time constants. 
What needs to be avoided is ave pumping 
that interferes with your readings. 

Turn the Chirper on, adjust the attenua- 
tor for a convenient signal level. When the 
oscillator is on, you're reading signal. When 
the oscillator is off, you're reading noise (on 
the scope, vtvm, S-meter, etc.). As you make 
adjustments on your converter, observe the 
effect on both signal and noise. Adjust for 
the greatest difference between the two. 
Turn the Chirper off and re-check the 
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converter neutralization. If necessary, re- 
neutralize the converter and go thm the 
whole thing again. Talking about it makes it 
seem somewhat complex. It really isn’t and 
the whole business won’t take long once 
you’ve done it. It will become quickly 
apparent that highest signal level and lowest 
noise level do not coincide. You can vary the 
bias, voltage, etc., and observe the effects of 
each on the signal-to-noise relationship. You 
can, in short, optimize your converter’s 
performance. 

A number of things can be done with the 
Chirper. There is room in the box to build 
another oscillator section connected to the 
transistor collector, operating in parallel and 
simultaneous with the first oscillator. By 
appropriate choice of crystal and attenua- 
tion, both signals can be introduced into the 
converter in order to adjust the mixer for 
minimum cross modulation. 

Or, instead of using an oscillator at all, 
you can use the switching section of the 
Chirper to key a noise generator on and off. 
This has a certain attraction where an 
integrating network is used prior to a vtvm. 
In this case noise is used as a signal. 

In spite of it’s name, the Chirper is 
remarkably stable. Chirp becomes apparent 
from two meters or so, but is no problem. 
Build one and take the myths out of your 
converter. 


UHF SIGNAL SOURCE 
Bill Hotsington KICLL 


The UHF experimenter learns early that the 
UHF ham bands don't always furnish a signal 
when you need them, When I build receivers 
and converters for 432 and 1296, 1 find that | 
need a small signal generator for alignment 
and band spotting. Not much power is needed 
for this work, so transistors are the ideal choice 
for generating the signal. This signal source is 
in three parts, a 432 source, a tripler to 1296 
and a modulator, 


The 432 Driver 


I started with a low-cost 27 me crystal that 
I found in my junk box. (Never mind how it 
got there!) I used my usual phase-reversing 
crystal circuit followed by a bunch of doublers. 
Lower-priced transistors were used in the early 
stages and the UHF ones saved for later. 
You really need good ones on 1296! Each 
doubler is biased from rectification of rf from 
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Fig. i. Schematic diagram of the 432 mc 


signal source. The transistors aren't critical in most 


cases and other UHF and VHF ones will work fine 
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Fig. 2. Details of the 432 me collector cir- 
cuit. 


the previous stage. If you need more output 
than this circuit gives you, use less than a 1 k 
resistor in the emitter, but watch out for high 
collector current. Fig. 1 shows the schematic 
of the 432 me generator and Fig. 2 gives de- 
tails of the 432 me collector circuit. 





Fig. 3. The tone oscillator for the 432 mc 
signal source. 


The tone modulator 


This is a crude modulator (Fig. 3), but it 
works, The modulation transformer is not ab- 
solutely necessary, but seems to improve re- 
sults. You can apply the modulation almost 
anywhere for this application, but modulating 
across the 1 k emitter resistor gave the cleanest 
sound with the doubler used. 


Now to 1296 


I built this tripler to 1296 just for the fun of 
it. But it worked quite well, I normally don't 
hold with triplers at this frequency, but it’s 
an easy way to get 1296 me energy from the 
432 me driver. The transistor I used was a 
Motorola 2N1141]. It’s several vears old and 
there are better ones that are far cheaper now, 
But it does work on 1296. I couldn't get it to 
work with grounded emitter, but grounded 
base is fine. Fig. 4 gives the schematic but 
Fig. 5 gives the details, which are vital. The 
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Fig. 4. Schematic of the 1296 mc tripler. 
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Fig. 5. Pictorial loyout of the 1296 mc 


tripler. 


input on 432 tunes very nicely. But I had to 
reduce the emitter resistor in the doubler to 
432 to get enough drive. It ended up at 200 
ohms. The collector circuit is short, but tunes 
smoothly. The 1296 me output registers 100 a 
in the 1296 cavity in the May 73. 

You might try a small amount of modulation 
on the 1296 me tripler. Also a waveguide at- 
tenuator. Be seeing you on 23 cm. 


CRYSTAL CONTROLLED SIGNAL 
SOURCE WITH INFINITE ATTENUATOR 
FOR 144, 432 AND 1296 MHz 

Bill Hoisington KICLL 


ne of the most useful test-equipment 
tee the homebrewer can build is a 
signal generator. The one described here is 
of commercial quality and it can be com- 
pletely contained inside a waveguide. Posi- 
tioning, by sliding along the waveguide, 
provides a variable-strength stable signal of 
one millivolt, one microvolt, one nanovollt, 
or less, dropping down gradually to a true 
zero. It does this in a perfectly smooth 
fashion without steps or jumps so that 
every fraction of a decibel in lower noise 
figure shows immediately on the slide dial. 









| GENERATOR 


What’s more, the slide can be calibrated so 
that FM’ers can use the device for directly 
measuring receiver sensitivily in denths of a 
microvolt. 

In building a 6 meter receiver recently 
for maximum absolute sensitivity | nalur- 
ally had to check especially on the first- 
stage rf transistor and circuit for minimum 
noise figure. (For this type of work you 
must have a signal generator capable of 
being attenuated out of sight with any 
receiver you can buy fer any money.) The 
usual generators on the market under $100 
do not do this, And many of the very 
expensive generators get so leaky that they 
have to be used 200 ft from the receiver. 
Al any rate, the generator described here 
can be made up quickly and at low cost, 
and it iy stable, reliable, and infinitely 
variable. 

Waveguide 

The only possible difficulty might be in 
obtaining the piece of waveguide needed. 
The piece | used is 4% in. wide by 2 1/8 in. 
high, and is 24 in. long. If you have a 
choice, get a piece a little longer, You 
could make up this item out of brass or 
copper if you had to, because in this case it 
is not used to carry energy but to attenuate 
it, so the worse you make it the better! 

The waveguide must not have any holes 
in it and should be reasonably smooth 
inside; otherwise your dial would not read 
smoothly in attenuation. You could use 
copper or aluminum drain pipe, although | 
have not tried them yet. Working directly 
on the rf, this attenuator is good for any 
kind of modulation, including SSB, FM, 
pulse, or what have you. 


Construction 
Figure | shows the basic idea. When the 
signal generator plate is close to the 
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CARDBOARD OR PLYWOOD 
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Fig. 1. Sketch shows plan-view layout of unit inside waveguide attenuator. The oscillator unit is 
mounted on a flat wood or cardboard strip that can be calibrated to give accurate indications of out- 


put signal. 
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Fig. 2, Schematic of generator. This entire assembly about 3 x 4 in. including small 9V battery and 
switch must be entirely inside the waveguide. No wire or metal of any kind can be brought outside. 


receiver pickup plate, you can get about 
100 mV of signal into the receiver, and it is 
handy for checking diode receivers. When 
the two plates are about 8 in. apart, the 
signal is just detectable on a good receiver. 
Additional spacing between plates amounts 
to “waveguide beyond cutoff.” I do not 
believe that there is any receiver in the 
world that can pick up the signal much 
beyond the 8% in. point. 

Pretty soon in your receiver “peaking” 
work you get to that signal that may be 
but a tenth of a microvolt or so, and you 
begin dreaming about cryogenic front ends, 
masers, and such. As mentioned, every 
fraction of a decibel lower in noise figure, 
every improvement in sensitivity comes out 
rigorously and relentlessly on that slide 
dial. You can easily check which of your 
low-noise transistors is really low, whether 
that MOSFET will do a better or worse job 
for you, and in which circuit, 

As you go up in frequency you may 
have to make smaller and smaller oscil- 
lators in order to fit in smaller waveguides 
to get the cutoff effect. (That will not bea 
problem if you read 73; the May issue 
described a “‘postage-stamp-sized"’ rf gener- 
ator that is an ideal candidate for the signal 
source.) 


Circuit 

A crystal oscillator, an af oscillator, and 
a simple class A modulator do an excellent 
job to start with, Figure 2 shows the 
present unil as used on 6 meters. It must 
be stressed again that no wire or other 
piece of metal may be allowed to reach the 
outside from this assembly. I'm making up 
another for 2 meters soon (still my favorite 
band) and will try one on 450 a little later. 


Audio 

A controlled-feedback — transformer- 
coupled af oscillator does a good job in 
furnishing a sine wave. A Motorola 
HEPSS is used for the oscillator, with 
feedback to the base from the collector 
through transformer Tl, controlled by 
resistor R2. Audio output is taken off the 
5 kQ winding of T1, is fed through R4 the 
modulation control, and then to the base 
of af modulator Q2. Transistor Q2 is set up 


for low-power class A operation because 
not much modulation is needed for the 
signal generator. Transformer T2 is an old 
SW unit from “tube-type portable” days. 
The secondary of T2 feeds a modulated 
+9V signal to Q3, the crystal-controlled 50 
MHz oscillator. 

This rf oscillator is one of my negative- 
feedback jobs with phase reversal in the 
crystal. A 1% in. square plate is tied onto 
the collector, radiating energy to the 
receiver pickup plate facing it inside the 
waveguide. This energy is rapidly attenu- 
ated as you move the plates apart, and 
should be impossible to detect after some 9 
or |0 in. of separation. 

Once again, do not bring any wires or 
any other metal or conductor out from the 
oscillator assembly. If you want an outside 
controlled switch or other control, bring it 
out as a wooden dowel handle, 


That’s about it. Tune everything up 
outside the waveguide on the bench; when 
you're satisfied, plug your best 6 meter 
receiver into Jl, push the oscillator plank 
along the waveguide (or rather | should say 
pull it along) away from JI, You'll get a 
surprise! Hope this helps you with your 
low-noise receiver work. It did a lot for me. 


LOW COST 220 MHz SIGNAL 
GENERATOR 
Bill Hoisington KICLL 


his article describes the design and 
construction of an easy to build, inex- 
pensive, crystal controlled signal generator 
for the 220 MHz band, including a very low 


STANDARD ALUMINUM MAST, | 1/4 INCH 0.0., 





COPPER CLAD, 23 cm WIDE, 215 cm LONG 


cost attenuator that goes from a quarter volt 
down through 1/20th of a microvolt and on 
to a real zero (of rf power). It is very useful 
for receiver front-end tuneup, low noise 
tests, and as a portable field generator for 
overall antenna tests through the receiver. 
For signal identification purposes, af and FM 
modulation are included. 

If you really want to fight for a low-noise 
front end, this piece of equipment will be of 
great assistance to you, because the attenu- 
ation really is infinite and without any 
difficult bypassing or shielding. 


Design of the attenuator. 


Infinite attenuation is achieved here by 
the use of a 50¢ piece of aluminum tubing, 
as shown in Fig. 1. You cannot drive 220 
MHz signals more than a few inches down 
inside of a piece of aluminum tubing. By 
pulling everything — battery, on-off switch, 
circuit and all — on the movable generator 
strip and sliding it in and out of the tubing, 
you avoid all touchy, difficult and expensive 
bypassing, costly attentuator pots, shielding, 
etc., and provide a simplified means of 
varying the attenuation with stable, smooth, 
easy repeatability. Calibration is of the slide 
tule variety and also simple as far as writing 
down the microvolts on the scale is con- 
cerned. 

This principle is older than radio tubes; in 
fact Sir Oliver Lodge used it in his 1890 
microwave work. 


Attenuator Construction Details 


Figure | tells most of the story, with 
details in Figs. 2 through 9. An adequate rf 
seal can be made at the pickup end of the 
aluminum tubing, standard TV masting, 1% 
O.D., by 2 or 4 tabs in one end as in Fig. 3 
and bending them back as shown, then 
cutting off the excess tubing. Install the 
pickup, plate, output jack, and end plate as 
shown in Fig, 1. | used time-saving external 
mounts for fastening it down to the wood 
baseboard as shown in Figs. 2 through 5. 
Drill a 4 in. hole for a screwdriver as in Fig, 
2, and use angles for the pickup end, Figure 
2 also shows the scale in use for attenuation 
settings, and Fig. 3 shows pointer details. 
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Fig. 1. Sideview, 220 signal generator and infinite attentuator. 
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Fig. 2. Top view of the 220 signal generator and 
details of the calibration pointer. 


Figures 6 and 7 show pictorials of the 
layout, top view and side view. 
The Generator 

Nothing too fussy here, but attention to 
details will assure reliable af and rf oscilla- 
tion at low power and low battery drain and 
good frequency multiplication. Figure 8 
shows the schematic with the details of the 
two oscillators, the crystal in the 44 MHz 
range, and the quintupler. The af uses a 
standard circuit which, however, has one 
item to watch. Contrary to a transformer 
coupled circuit, which is seldom mentioned, 
this twin-T job has a nasty trick of not 
starling every time. However a small cap 
from collector to ground cures this and 
makes it 100% reliable in that respect. The 
emitter being grounded, | suppose this estab- 
lishes the correct in-phase relation with the 
collector, in which both of these elements 
should be in phase. You can put a small trim 
pot af gain control between the modulator 
and the oscillator if you wish, watching out 
for de voltages of course. As shown here, 
there is plenty of modulation for signal 
identification, both AM and FM. 

Referring to Fig. 8, at the left is the af 
oscillator. It is not down symmetrically, but 
you can note the two 22K resistors and the 
two .02 frequency settling caps, along with 
the .05 and the 2.2K terminating the lines. 
All of these set the frequency, and to change 
the frequency you should vary all of them in 
at least their approximate present ratios. It 
is around SOO cycles as shown. Do 
not forget the “starting cap” from collector 
to ground, 


Fig. 3. Cable end view tubing. 





Fig. 4. Open end view. 





8 9V BATTERY 


The output goes to the antenna plate on 
the forward end of the baseboard plank. 
When this plate is moved all the way in so 
that it is only % in. from the cable pickup 
plate in the end of the aluminum tube, a full 
scale reading may be obtained on a 50 
microamp meter on the output of a tuned 
diode detector (see Fig. 9). My first model 
here has marks on the scale (see Fig. 2) for 1 
rf stage; 2 rf stages; mixer (feeding into a 
good i-f strip); mixer plus | rf, etc. At the 1 
rf plus mixer, you begin to hear all the 
repeaters within 100 miles or so. With 2 rf 
plus mixer (followed by a sensitive i-f of 
course) you are really getting sensitivity. 
This is where you put a scope in line in order 
to have an electronic comparison point for 
signal coming out of the noise purposes, and 
then can really get into the low-noise bit, if 
you have a hermit location. Just happens | 
have one here. When | hear the noise of a 
car, it’s a visitor! 





Fig. 6A. Layout, top view, 


This audio is fed to the base of the 
multiplier where it provides some AM and 
some FM modulation for signal identi- 
fication purposes. When working with receiv- 
er oscillators, and in particular with high- 
ratio multipliers, this is very important. It 
may also be locked into any old scope sync 
for noise figure and sensitivity comparisons. 
The scope sync gives a reference point where 
the signal to noise ratio will always be the 
same, without resorting to guess work. The 
crystal oscillator is my old tried and true 
crystal phase-reversing job, which uses nega- 
tive feedback from the collector coil, which, 
after going through the crystal, reverses 
phase and becomes positive, thus assuring 
oscillation but only on the crystal frequen- 
cy. A HEP 75 (similar to the famous 3866) 
is used for the quintupler. A lot more output 
is noted with this powerful but smooth 
operating old faithful, still good to 450 
MHz. 


SUBMINIATURE SWITCH 





2 TIE POINTS 4 TIE 
( FOR AF ol POINTS 


Fig. 6B. Tie-point construction. 


Output 

You will see for yourself as soon as you 
Start testing that the attenuator is smooth- 
working and stepless, and that true infinite 
attenuation is at hand. An rf input state 
(pre-amp) with a noise figure a fraction 
better than another shows right away on the 
scale. For example, adjustment of the fixed 
bias voltages on the two gates of a 3N200 or 
3N201 shows right away on the scale as the 
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Fig. 7, Side view of the signal generator, 220 MHz. 
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Fig. 8. Schematic. L} = 16 turns No, 26 output tap at 2 turns, crystal feedback tap at 4 tums, from 
cold end. Wound on phenloic form .6 cm O.D. L2 = 6 turns No. 18 bare, air wound, .6 cm O.D., 2.5 
cm long between tie points. RFC = about 40 turns No. 40, on phenolic form .3 cm O.D., 1 cm long 


{not critical). 


push-rod is moved in and out and the signal 
is locked onto the scope. This work you can 
do right on the bench and at low cost. 

There is quite a bit of mechanical work in 
the unit, depending on just how much 
“finish” you want it to have. You can also 
bring a dowel rod for ‘ton and off" use. 
Do not, under any circumstances, bring out 
a conductor. You can do this, but only with 
an extreme amount of filtering, which is not 
part of this article. Be sure to set up the 
baseboard, antenna plate and battery first, 
and get them working mechanically. With a 
drawn-out shape like this I generally start 
with a longer piece of copper-clad than 
needed, build from one end, and then cut 
off what is left over. Understandably, once 
you have made the first one you can always 
see, after it is done, many ways of improving 
it. However, someone has to make the first 
one, and that’s generally my job. 

Antenna and Field Tests 


around the quadrupler coil and then to 
ground, returning L2 for maximum output, 
this little rig puts out a lot of signal on 220. 
Especially if you reduce the oscillator emil- 
ter resistor! Up to several volts of rf can be 
obtained ina tuned diode receiver if you push 
things along, which is around 5 to 10 mW. If 
you place this generator out in a field several 
hundred yards or more away, you can then 
line up your antenna on the car or house, 
check antenna cables, antenna input align- 
ment, and match or mismatch for lowest 
noise figure, etc. 

Front end alignment should first be done 
with a relatively broadband i-f strip on 10.7 
MHz. Be sure nothing metallic on the genera- 
tor strip protrudes enough to touch the 
inner wall of the tubing, or “scratch” will 
occur in the high gain receiver. A piece of 
thin fiberglass or other insulating sheet 
wrapped around the whole generator 
movable plank is a good precaution. 





Out of the tubing, and with a small Once again I include a 220 MHz tuned 
antenna connected via a one turn link diode detector, which is an absolute must 
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Fig. 9. Tuned diode detector, 160—460 MHz. 
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for frequency multiplication, especially 
quintupling and such, where the other un- 
wanted harmonics are as little as 20% away 
from the desired frequency. Figure 9 shows 
this piece of test equipment in pictorial 
schematic form. Remember, shape is of 
considerable importance as you go from 
VHF into UHF. It is quite easy to make the 
square trough line out of an old piece of 
copper clad, Or even a new piece! And this 
particular one described and shown in Fig. 9 
goes very well to over 450 MHz and thus is 
very nice for the next band also. If you 
make it just as I’ve shown it, it will do a 
good job for you. 

Calibration will present some difficulties, 
so line up some other lads around who are 
already on these bands and get your calibra- 
tion that way. 

So good luck, friends, more coming — 
lot’s more! Keep reading. 


UHF SIGNAL GENERATOR 
Jim Kennedy K6MIO 


Several requirements were the basis for the 
design of this signal generator: operation on 
both 432 me and 1296 me, high stability e.g., 
crystal control, variable rf amplitude, provision 
for insertion of various types of modulation, 
and lowest possible cost consistent with satis- 
factory operation. 

I had a 27.005 me overtone crystal left over 
from a brief period of disillusionment about CB 
and, since 27 times 6 is 432 which times 3 is 
1296, this seemed a likely place to start. 

Fig. 1 shows the final result. The overtone 
oscillator is voltage regulated and is left operat- 
ing at all times when the generator is on. The, 
crystal is mounted undemeath the chassis to 
protect it from rapid temperature changes from 
drafts, ete., further enhancing the stability. 

The use of diode multipliers at 432 me and 
1296 me greatly simplifies developing UHF rf. 

Direct coupling the modulation into the 
cathode of the last vacuum tube multiplier 
provides a modulation input that will aecomo- 
date almost any signal from audio to video, or 
even pulse. 

A four position mode switch on the front 
panel allows the choice of carrier, no carrier, 
carrier with 60 cycle modulation and finally 
carrier with external modulation, 

Construction 

Building the unit presents no special prob- 
lems except getting it all under the chassis. The 
3 x 9% x 2% chassis doesn't leave much useful 








Front view of signal generator. 
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LI—10 turns = 28, 38° slug form 
L2—3 turns #28, 38” slug form. 


room to spare, but it does make for a very 
compact device. 

The lengths of the diode multiplier tuned 
lines were determined primarily by the space 
available and bear only the slightest relation 
to the wave lengths involved; hence, it was 
necessary to pad both lines with additional 
capacitances in order to resonate them proper- 
ly. 

Both lines were folded from 1/32 inch brass 
sheet stock. The inner conductors are made 
from % inch brass tubing. The 432 line is 1” 
x 1” x 7”. The input diode is tapped onto 
the inner conductor 14 inches from the other 
end. The signal output loop is about 14 inches 
long. The output diode is tapped 2 inches 
from the loop end of the line. 

The tuning capacitor is made by soldering 
a 10-32 nut over a hole in the middle of the 
line shell. This provides the threads for the 
10-32 serew which actually serves as the 
capacitor, 

Round # inch disks are soldered to the bot- 
tom of the center of the inner conductor and 
to the end of the turning screw to provide 
additional range. 

The 1296 line is similar except it is only 3% 
inches long, The multiplier diode is tapped on 
the inner conductor % inches from one end. 
The signal output loop is about 4 inches long 








Closeup showing the oscillator and vacuum 
tube multipliers. 
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and is located at the other end of the line. The 
tuning capacitor is identical to the one used 
in the 432 line. 

The 15K 10 watt resistor in the carrier OFF 
position limits the no load voltage from ex- 
ceeding the ratings on the filter capacitors. 


Operation 

The tune up of the tube stages can be easily 
accomplished with a grid dipper. The UHF 
stages should only need to be peaked with a 
converter and receiver. 

Shields on all tubes and a bottom cover on 
the chassis are important requirements if stray 
leakage at the signal frequeney or lower har- 
monies is to be eliminated as a possible source 
of measurement error. These were removed for 
the photographs but are always used in prac- 
tice. 

For best results it is a good idea to employ 
a 50 ohm (or 75 ohm as the case may be) pad 
between the signal generator and the equip- 
ment under test. This will insure that the 
generator will appear as a resistive load as 
much as possible. This is necessary if the 
generator is to duplicate the conditions pre- 
sented to the receiver by a good antenna. 

This pad can take many forms. The two 
easiest ways to make one would be to use 
sufficient lengths of some lossy coax. At 432 
me higher, 20 or 30 feet of RG-58 (or RG-59) 
seems to be quite adequate for most applica- 
tions. The other approach would involve build- 
ing a conventional resistor pad into a male and 
female BNC connector soldered back to back. 

> 


Fig, 2 shows such a pad. 


Aside from receiver testing. this device has 
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Fig, 2. 20 db 52 ohm pod. Resistors mount- 
ed in BNC connector. 
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Closeup view showing details of diode multi- 
pliers lines. 


several other uses to which it can be put. It is 
also useful as a signal source for antenna tests 
and it may be used as frequency standard. 

‘Lnis last use can be of great value at UHF 
because of the persistent problem of crystal 
tolerance versus frequency multiplication. A 
converter can easily be 40 or 50 ke or more 
off of the indicated frequency at 1296 me. 
This can be quite a problem if you are hunting 
for a moonbounce signal through a 5 cps 
filter. 

Though not shown on the diagram or in 
the pictures, it was found that a 50 mmid 
variable capacitor connected across the crystal 
was sufficient to reduce 27.005 me to the 
27.000 . . . me required to put the generator 
on 432.00 .. . and 1296.00 . . . me. It will 
probably be necessary to retune the oscillator 
plate circuit for best operation; some loss in 
output will be encountered but this should 
not be a serious problem. However, if such 
operation is contemplated, it might be of some 
advantage to obtain a 27.002 me crystal and 
employ a smaller variable capacitor, 

In order to make the frequency standard 
really something of a standard, a 1 me cali- 
bration oscillator should be employed. Some 
harmonic of the oscillator (5 me, 10 me, ete.) 
should be zero beated against WWV. The 
signal generator should then be zero beated 
against the 27 me harmonic of the 1 me cali- 
brator—presto!|—a_ 432-1296 me frequency 
standard. 

Though there are many refinements which 
can be made, the unit described has done a 
yeoman service in all the varied tasks asked of 
it. 


LAB TYPE IF/RF SWEEP GENERATOR 
USING ICS 
Ray Megirian KADUC 


Mies about every kit-type sweep genera- 
tor on the market starts life out at 
around 3 or 4 MHz and ends up at 200 MHz 
or so, This always made analysis or display 
of 456 kHz i-f amplifier response character- 
istics a tedious step-by-step plotting pro- 
cedure or required time out to rig up a 
temporary gimmick to do the job. No more. 
The sweep generator to be described here 
will do the job with ease and precision. Even 
if you do not intend to duplicate the 
instrument, you may find parts of it useful 
for other applications. 
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Fig. 1. Schematic of the MC1648 IC. 


The generator covers a frequency range of control provide a maximum attenuation of NUT op ii T =~ 


from 400 kHz to 30 MHz in five bands. It 
can be operated in the CW mode as well as 
swept, thus allowing it to be used as an 
ordinary signal generator. Maximum outpul 
is 350 mV p-p across 5022. When sweeping, 
the return trace may be blanked or not, as 
desired. Two calibrated dials are provided 
for setting the start and stop frequencies and 
the maximum sweep width would be the 
entire band in use, The frequencies covered 
by the five bands are: 400 to 900 kHz, 850 
kHz to 2.3 MHz, 2 to 6 MIlz, 5 to 15 Miz 
and 10 to 30 MHz. Sweep time is variable 
between 20 ms and 6 seconds per sweep. A 
Step attenuator in conjection with a vernier 
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Fig. 2. Tuning the MC1648 with a single diode (A) 
and using back-to-back diodes (B). 


the output of 120 dB. An input is provided 
for a post-injection marker system built into 
the unit, A synchronous ramp with gain 
control is provided for driving the oscillo- 
scope horizontal sweep. Blanking pulses are 
also brought out to a connector in case they 
are needed for synchronizing external equip- 
ment, 


A New IC 

The heart of the generator is a new 
Motorola [C, the MC1648 emitter-coupled 
oscillator. It was intended for use in phase- 
locked loop systems operating in excess of 
150 MHz, but may be used in many other 
applications such as this one, The device 
provides output of high spectral purity and 
incorporates an internal age system which 
simplifies design of the sweep generator by 
eliminating the need for external leveling. A 
buffer amplifier and emitter-follower output 
are also incorporated on the chip, elimina- 
ting the need for external amplifiers. Figure 
| is a schematic of the MC1648 IC. Figure 2 
illustrates two methods for tuning the oscil- 
lator. The device is packaged in a 14-pin DIP 
and requires a 5V de supply. Since it was 
intended to be used with Motorola MECL II] 
logic, either polarity is permissible. A posi- 
live supply is used here, connected to pins | 
and 14 with 7 and 8 grounded. 

All the information covered by the data 
sheet for the MC1648 dealt with operation 
from 10 MHz up to about 180 MHz. Since 1 
was interested in going as low as 400 kHz, | 
had to do some experimenting with tank 
circuits, My best results were obtained with 
the use of cup cores for the two lowest 
bands. I also found that ordinary molded 
iron core rf chokes of the miniature variety 
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did an excellent job the rest of the way. Use 
of these tiny components made possible a 
very compact 5-band assembly. 


The VCO 

In order to facilitate shielding and simpli- 
fy construction, electronic band switching is 
employed. Figure 3 is the schematic for the 
rf portion of the generator, The 2N439] 
J-FET has a low ‘on’ resistance and works 
very well as a switch. One of these transis- 
tors is placed in series with each tank cireuil 
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Fig, 3. Schematic of the rf assembly using de band 
Switching. 


Completed rf assembly ready for mounting in the 
cabinet. A plastic version of the 2N4391 was used 
with a considerable savings in parts cost. 


and can be tumed on by application of a 
positive voltage at the gate. This allows the 
use of a strictly dc-operated remote switch- 
ing arrangement. The entire assembly is built 
on a 2 x 3 in. pe board and mounted in a 
Pomona Model 3306 enclosure with a Model 
3328 bottom mounting plate. 

A BA163 tuning diode by ITT is used to 
sweep the oscillator. Although it is intended 
for be band use, it performs admirably at 
these higher frequencies and its high capaci- 
tance ratio allows wide sweep excursions. If 
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Fig. 5. Pictorial demonstration of ramp generation. 


you are planning to use this oscillator for 
VHF applications, a more suitable diode 
would be in order. According to the data 
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Fig. 4. (A) Foil side of rf pc board. (B) Location of parts on component side, 


65 


sheet on the MC1648, typical maximum 
output frequency is 225 MHz. 

The vernier attenautor is a 1002 RV6 
style potentiometer mounted inside the en- 
closure. A coupling and extension shaft are 
used to bring the control out to the front 
panel. The value of the resistor at the 


bottom end of the pot will have to be 
selected so that a range of 20 dB ts provided 
with full swing of the control. Since end 
resistance varies from one control to 
another, an exact value will have to be 
arrived at experimentally. 

The output from the VCO is a square 
wave. If sine wave output is desired, the age 
characteristic may be modified by intro- 
ducing resistance between pin 5 and ground. 
The small trimmer incorporated on the 
board is used for this purpose. It was my 
experience, however, that this may intro- 
duce instability with some MC1648s. Al- 
though the trimmer was left in, the one in 
my unit is turned to maximum resistance 
where it has no effect and left there. It 
would do no harm to leave it out altogether 
since no other changes would be needed. 


If any readers are contemplating exact 
duplication of this generator, you will find 
the cup cores I used are no longer ayailable. 
These were Ferrox-cube part number 
332P133B4-3C and are obsolete. | had a 
large number of these on hand left over from 
another project and saw no sense in buying 
more. I am sure some of the presently 
available cup cores will make excellent sub- 
stitutes. Those used here are about 3/8 in. in 
diameter and are ungapped. You may have 
to experiment with the number of turns in 
the coil to obtain the coverage you require. 
One handy trick you can pull with a cup 
core is to rotate the slots in each half so that 
fractional turns are produced when the coil 
wires are brought out separately through the 
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two spaced holes. Exerting pressure on the 
core by means of the mounting screw will 
also shift the frequency and is almost like 
having a slug to tune. Increasing pressure 
seems to raise the frequency, The rf chokes 
used for the higher bands may also vary 
slightly from piece to piece and several may 
have to be tried to get the desired coverage. 
There isn't much we can do to alter the 
frequency where the chokes are used, Of 
course, slug-tuned coils may be used if the 
pe layout is modified. | do not recommend 
their use on the two lowest bands, however, 
since my results were rather unsatisfactory 
with this sort of tank circuit. 

One final point would be in order before 
leaving the VCO. Note that the 10 KQ 
resistor going to the tuning diode, the 2.2 uF 
rf output capacitor and each of the 12 KQ 
resistors going to the transistor gates are not 
mounted on the board. One end of each has 
a hole provided on the board and then the 
component itself is used to make the con- 
nection to its final destination. This saves 
board space and eliminates separate wires. 
The small resistor at the bottom of the 
vernier attenuator is similarly mounted be- 
tween the board and the bottom lug on the 
control. These points are more clearly seen 
in the photo. Also note that the cup cores 
are fastened directly to the board by means 
of |-72 screws into threaded holes. 


The Ramp Generator 

In contrast with kit-type sweep genera- 
tors that use the 60 Hz line for sweeping the 
oscillator, laboratory instruments have in- 
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Fig. 6, Schematic of the ramp generator circuit. 


ternal circuitry designed for this purpose. In 
our case, as with most sweep generators, a 
voltage ramp is used to control the oscillator 
during the sweep period. The circuitry has 
been arranged so that we can adjust the 
starting point (de level) of the ramp indepen- 
dently of the stopping point. This simply 
means that we can set the frequency at 
which the sweep starts as well as the 
frequency at which it stops. We can also 
control, over a fairly wide range, the time it 
takes for a complete sweep. In this case, the 
sweep time is continuously adjustable be- 
tween 20 ms and 6 seconds per sweep. 

To get a better idea of how the ramp 
generator produces the results we've de- 
scribed above, let’s look at Fig. 4. Note that 
a negative-going linear ramp (start) is com- 
bined with a positive-going linear ramp 
(stop) to produce the resultant ramp being 
applied to the varactor diode. If either input 
ramp is zero, the resultant will be the same 





The ramp and blanking generator pc assembly. The 
leads going to external points will go in the holes 
visible on the board. 
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as the single ramp since adding zero to 
anything will not change its value. Naturally, 
if both are zero, the output will be zero and 
the oscillator output frequency will be con- 
stant during the sweep period. The same is 
true whenever both ramps are of equal 
amplitude, except that the output will be a 
steady voltage other than zero. Alsc note 
that the resultant ramp could have a negative 
slope if the ‘stop’ input is lower than the 
‘start’ input, and the oscillator would ob- 
viously sweep down in frequency rather than 
up. 
The schematic for the ramp generator is 
shown in Fig. 6. Operational amplifiers Al 
and A2 form a triangle wave generator with 
Al acting as a threshold detector and A2 as 
an integrator. One half of the triangle 
(negative-going) represents the sweep period 
while the other half represents the retrace 
time. Since a square wave is generated at the 
output of Al, we have a convenient source 
of blanking voltage built right in. This signal 
is positive during the sweep period and is 
connected to the band switch when Swept 1 
{blanked retrace) operation is selected. 
During retrace the square wave drops to zero 
and actually disconnects the tank circuit 
until the next sweep starts. An emitter- 
follower, Q3, buffers the square wave outpul 
for external use. 

The output of inverting amplifier A3 isa 
positive-going ramp during the sweep period 
and is used for both the ‘stop’ signal and 
horizontal sweep for the oscilloscope. Since 
an additional inversion takes place in the 
output of A4, the negative-going ramp at 
this point is used as the ‘start’ signal. These 
two ramps are applied across front panel 
controls which have 6:1 reduction drives and 
are fitted with dials calibrated in frequency 
for the five operating bands. The outputs 
from these two pots are fed to summing 
amplifier Ql, where the output will be the 
resultant ramp we discussed above. Because 
the output Q] is in the negative region (PNP 
transistor), a second common-base (NPN) 
amplifier is used to shift the output back to 
where it will always be positive. 

The ramp and blanking generator is con- 
structed on a pe board 2.6 x 4.1 in. in size, 
For convenience, all the trimmer resistors 
were mounted along one edge. As seen in the 
photo, this board was mounted by means of 
two small brackets in a vertical position with 
the trimmers facing up. To simplify pattern 
Jayout, unused pins 1, 5 and 8 on each of 
the-four 741 opamps were clipped off right 
at the case. Color-coded wires were con- 
nected to all necessary points on the board 
before it was mounted, with the leads made 
long enough to reach their destinations. For 
those interested in building this unit, a 
detailed procedure for setting up the ramp 
generator will be given later. 
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The Mixer/Amplifier 

In order to provide a means for displaying 
frequency markers, a mixer and amplifier 
circuit was built into the sweep generator. 
The schematic for this circuit is shown in 
Fig. 6. A marker generator was not included 
inside the sweeper because other rf genera- 
tors were available for use as markers and 
the added expense seemed unnecessary. Be- 
cause the mixer board was to be installed 
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inside a shielded box, de gain control was 
resorted to as with the band switching 
discussed earlier, A 2N4391 is used as a 
variable resistor to control the signal input 
to the amplifier stage. This in turn controls 
the size of the marker being displayed on the 
curve. A 2N3819 FET is used in a simple 
mixer circuit which worked the best of 
several tried. Incidentally, the PNP and NPN 
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7 (A) Foil side of ramp generator board, (B) location of parts on component side. 


transistors used here and on the ramp 
generator board are unknown surplus silicon 
units. 

The pe board for the mixer is 1.5 x 2.9 
in. and is mounted in a Bud CU-124 die-cast 
aluminum box. Note that here again some of 
the components are mounted between the 
board and their external connectors. These 
include both the 10 pF and 100 pF input 
capacitors to the 2N3819 and the 10 KQ 
resistor going to the gate of the 2N4391. 


The Power Supply 

Figure 7 is a schematic for the power 
supply. Voltage requirements for the sweep 
generator are +1SV, —15V and +5V de. The 
current drawn by any of the above circuits 
runs no more than 30 or 40 mA maximum, 





Completed mixer/amplifier board mounted in the 
die-cast housing. 
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Fig. 10. (A) Foil side of power supply pc board. 
(B) location of parts on component side. 


making the use of small IC voltage regulators 
ideal. Motorola MFC6030 (plastic) regula- 
tors are used in each supply and are overload 
protected against accidental short circuit. 
Varo type VEI8 molded bridge rectifiers, 
together with 1000 yw filter capacitors, 
supply the dc input to the regulators. The 
+1S5V and +5¥V regulators are both fed from 
the same source. The power transformer was 
a surplus unit with a 30V CT secondary, The 
center tap was uncovered and the two leads 
separated so as to provide two independent 
15¥V windings. A small trimmer is provided 
in each supply for voltage adjustment. 

The pe board for the power supply is 2.6 
x 4.1 in. All components but the transform- 
er are mounted on the board. The transform- 
er is mounted directly on the chassis. Rela- 
tive placement of the various components 
making up the complete generator can be 
seen quite clearly in the photo. 


Control Circuits 

Figure 8 is the wiring diagram for the 
control circuitry. Note that for CW opera- 
tion of the generator, a de vollage is applied 
to the varactor by way of the Start pot. In 
order for the dial calibration to be valid in 
either mode, the de level applied to the 
control] must be exactly the same as the peak 
amplitude of the ramp during swept opera- 
tion. As will be explained in the set-up 
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The power supply pc assembly. 


procedure, the ramp will vary from a starting 
point of approximately +1.4V and peak at 
412V. Resistor R1 in series with the +15V 
line is selected for a +12¥V level at the high 
end of the pot. R2 is selected for a level of 
+1.4V at the low end. The reason for the 
offset of L.4V at the low end is because the 
pin to which the tuning diode is connected 
at the MC1648, sits at this level. The source 
of this bias is the drop developed across two 
forward-biased junctions within the IC and 
not from any external source. Once these de 
levels have been set for CW with the fixed 
resistors, the ramp can be made to match by 
means of the trimmers in the ramp generator 
circuit. 

The rest of the control circuitry is quite 
straightforward. In position 2 (Swept 1) of 
the mode switch, positive pulses from the 
ramp generator are fed to the band switch 
during the sweep period. When retrace oc- 
curs, the pulse drops to zero and the 
oscillator shuts off until the next sweep 
starts, In the CW and Swept 2 positions of 
the mode switch, a steady +15V is applied to 
the band switch and the oscillator runs 
continuously. 

The final function performed by the 
mode switch is to route the de for CW or the 
ramp for swept operation to the tuning 
diode. The two fixed resistors are mounted 
point-to-point behind the panel since all 
points are readily accessible within every 
short distances. The fixed resistors asso- 
ciated with the marker gain control are also 
mounted the same way behind the ,panel. 
The switches are ordinary rotary types and 
the potentiometers are all ordinary carbon 
controls. The Start and Stop controls as well 
as all gain controls have linear tapers. The 
Sweep Time pot is an audio taper type with 
built-in switch for ac power. 


Setting Up the Ramp Generator 


For best results, a calibrated de scope is 
required to properly adjust the ramp genera- 
tor, Test points have been provided on the 
pe board and short pieces of bare wire 
connected to each of these points make 
excellent tie points for the scope probe, The 
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Fig. 11, {A) Foil side of power supply PC board. (B) Location of parts on component side. 


circuit may be aligned either before or after 
installation. The Start, Stop and Sweep Time 
pots can be connected at the ends of their 
respective leads if the unit is checked outside 
the cabinet. 

Set all seven trimmers to mid-range. 
Connect the scope to TP! and adjust the 
horizontal for a full sweep of 20 ms. Set the 
Sweep Time control to minimum resistance 
and apply power. Some sort of triangular 
wave should be displayed, Adjust R} fora 
3V p-p amplitude of the waveform. Turn R2 
cw until the negative-going portion of the 
triangle is 20 ms long, Since R! and R2 
interact, you will have to stop occasionally 
and reset R1 for proper amplitude. Once the 
ramp is set at 20 ms with the Sweep Time 
pot at minimum, the slow speed end will 
automatically be about 5 or 6 seconds with a 
1 MQ2 pot. 


Transfer the scope probe to TP2 where a 
positive-going ramp should be seen. Set the 
starting point of the ramp to zero volis by 
means of R3. Amplitude of this ramp must 
be 10V. If it is not, go back and adjust R! 
slightly until it is. If necessary, reset R2 for 
20 ms trace length. As soon as a 1OV, 20 ms, 
zero-based, positive-going ramp has been 
achieved at TP2, go on to I'P3. 

At TP3 there should be a negative-going 
ramp. Once again we require a zero base line 
or starting point. Adjust RS to accomplish 
this. Amplitude should once again be 10V 
and is controlled by R4. Once you have a 
10V, zero-based, negalive-going ramp, move 
on to TP4, 

Connect the probe to TP4 and set the 
Stop control to full cw. The Start pot should 
be at minimum setting. A positive-going 
tramp should be present at TP4. By means of 
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Fig.12 Control circuit wiring schematic. 


trimmer R7, move the ramp up or down 
until the starting point is approximately 
+1.4V. Ordinarily the ramp will not go 
below zero but will flatten out as the 
positioning control is adjusted. This is due to 
clipping in the output amplifier. If the ramp 
generator is going to be used with another 
type of VCO, the ramp can be set to exactly 
zero if desired. In our case we can’t as 
explained previously. 


Because a substantial amount of capaci- 
tance change occurs in the tuning diode up 
to 12V, the final ramp amplitude is set to 
12V by means of R6. Because R6 stretches 
the signal in a negative direction, R7 will 
have to be used to reset the base line at 
1.4V, Other than for checking tracking 
between the CW and swept modes, this 
completes the alignment procedure for the 
ramp generator. 

When the generator is finished, you can 
check the tracking by observing actual sig- 
nals at the input to the VCO. Connect the 
scope probe to the feedthrough capacitor on 
the VCO assembly that goes to the tuning 
diode and set the Start control to maximum. 
Switch rapidly between the CW and Swept | 
positions of the mode switch. The CW input 
will be a straight line sitting at +12V while 
the swept input will be a ramp peaking at 
+12V,. Next, turn the Start control to 
minimum and again compare levels. If the 
Stop control is also at minimum, both 
signals will be straight lines at +1.4V. If 
there is any substantial difference between 
the two modes, use R6 and R7 on the 
generator board to make the ramp agree 
with the dc levels. That completes all phases 
of the ramp set-up procedure. 





This bird's eye view of the interior shows the 
location of all major assemblies, 


Construction 

The cabinet used here is one manufac- 
tured by Sorensen Electronics in their 
Mod-U-Line series. These are the most 
reasonably priced instrument enclosures I've 
come across so far and I’ve used them for 
several projects. This one is a Model 
MCH-5129 with a CP-129 chassis plate. 
Dimensions are: 5% in. high by 12 in. wide 
by 9 in. deep. 

The 5-step attenuator was picked up 
surplus from Fertik’s Electronics for about 
$10. It is well made and designed for 502 
systems operating up to | GHz. It has an 
integral female BNC output connector on 
the front face along with four threaded 
mounting holes for ease of installation. The 
input connector is a BNC male at the end of 
a short piece of coax. 

All rf assemblies are interconnected inside 
the cabinet by means of coax cables, This is 
clearly evident in the photo. 

The Start and Stop pots were mounted 
on brackets behind the front panel so that 
Jackson Brothers type 4511/DAF reduction 
drives could be installed for easier tuning. 
The two circular dials are slightly under 2 in. 
in diameter and were cut from sheet plastic. 
While operating in the CW mode, one of 
these was calibrated in pencil to provide a 
pattern for the finished product. A master 
was laid out using Rubylith® film and 
rub-on numbers, A negative of this was then 
made using 3M reversing film. From the 





The finished sweep generator makes a professional 
appearance. 


negative a finished set of dials was printed 
on aluminum material of the presensitized 
variety. These were cut out and stuck to the 
plastic by means of their own pressure- 
sensitive adhesive backing. The nameplate 
was made from the same material, The two 
index pointers are clear plastic with hairlines 
scored on the inside surface. They are 
mounted on spacers directly over each dial. 
All remaining labeling was done with tub-on 
lettering. 

Vendor Addresses: 

Fertik’s Electronics, 9th & Tioga Sts., Phila- 
delphia PA 19140, 

Sorensen Electronics Co., Ine., 418 Queens 
Lane, San Jose CA 95112. 

P.O. Box 2436, El Cajon CA 


Wescom, 
92021. 


100 KHZ THIN-LINE PULSE 
GENERATOR 
James Ashe W2DXH 


Ordinary 100-kHz frequency standards are 
usually audible up to a few tens of mega- 
hertz. A good one might be usable at 50 
MHz. The circuit described here uses a dual 
NAND gate to generate a 100 kHz signal 
whose harmonics are usable to 432 MHz or 
higher. And it can be built without benefit 
of special instruments and knowledge, 


The thin line pulse 


One rather surprising result of higher 
mathematics is that all repetitive signals are 
composed of harmonically related sine and 
cosine waves. For example, the familiar 
square wave is composed of a fundamental 
frequency, which sets its basic repetition 
rate, and of odd harmonics only of its funda- 
mental, which contribute to its square cor- 
ners, If the harmonics’ amplitude or phase 
relationship is upset, the square wave is dis- 
torted, This feature makes the square wave 
very useful for amplifier testing, but its har- 
monic content is not very good for frequency 
standard applications. 
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Now suppose that we start adding up sig- 
nals of F, 2F, 3F, and so on, phased in so 
that they all reinforce each other once per 
cycle. Let’s say thay are all the same ampli- 
tude. What would we get? See Fig. 1A. 

The five equal amplitude sine waves peak 
simultaneously at the beginning of the fun- 
damental’s cycle. Everywhere else, until near 
the end of the cycle, they are more or less 
out of phase. Trying to see what will happen, 
we try adding the first two frequencies. 
Fig. 1B, the result, might suggest something 
to a mathematician. 





(8) 
Fig. |. Five sine waves (A) and the waveform as a 
result of point-by-point addition (B). 


As the number of frequencies is increased, 
their amplitudes tend to average to zero 
everywhere except at the beginning of the 
cycle, Here, they all add up to a short, sharp 
pulse. It follows that a short, repetitive, one- 
sided pulse should contain odd and even 
multiples of the fundamental frequency. 

An ideal thin line pulse has infinite fre- 
quency content.° No real signal could meet 
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10 MICROSECONDS TO NEXT PULSE ——s 


100 


NANOSECONDS 
Fig. 2. Real circuit output as seen by a Tektronix 
545A oscilloscope. A faster scope shows shorter rise- 
time and sharper corners. 


this spec, but a fast digital IC can produce 
a very workable approximation, Fig. 2 
shows a Tektronix 545A view of the gen- 
erator output and tests with other scopes 
indicate the real pulse has better rise time 
and sharper corners than shown here. 

If this pulse is viewed on a low-perform- 
ance service variety scope, its appearance 
will be greatly changed. There will be an 
apparent loss in amplitude, since the pulse 
occurs and terminates before the slow cir- 
cuitry can properly respond. The apparent 
duration is increased, also because of the 
slower viewing circuitry, And the fast pulse 
may excite circuit resonances, so that the 
thin line pulse appears as a damped oscilla- 
tion. But these problems do not interfere 
with constructing the generator, because 
the very simple NAND gate circuitry con- 
tains no critical elements or adjustments. 


How it works 


There are four circuit sections, shown in 
Fig. 3, A 100-kHz crystal-stabilized oscilla- 
tor sets the basic frequency, and a dual 
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Fig. 3. Schematic of the 100 Hz thin-line generator. 





NAND gate circuit converts the oscillator 
output to a thin line pulse. A 1-Hz astable 
generates the output marking signal. A 6 
volt de power source is provided by a volt- 
age doubler zener-regulated supply. 

Multivibrator oscillators are not ordinarily 
very stable frequency sources. But if the os- 
cillator is designed to run slightly below 
required frequency, and an appropriate crys- 
tal is connected between transistor base 
terminals, oscillations are stabilized at the 
crystal frequency. 

The crystal does not change the multi- 
vibrator’s style of operation. It synchronizes 
the astable to its own frequency, by trigger- 
ing the OFF transistor into conduction short- 
ly before normal RC turn-on. The output 
is a squarish wave with good fall time, but a 
long rise time as shown in Fig. 4A. 

In passing through the first NAND gate 
the pulse is squared up and becomes slightly 
unsymmetrical. See Fig, 4B. A differentiat- 
ing network, C7 and R11, converts the square 
wave into the pulses shown in Fig. 4C. These 
pulses, applied to the second NAND gate, 
reappear as the thin line pulses shown in 
Fig. 4D. 

Since one CW signal sounds just like an- 
other and there may be several in the vicinity 
of a check point, a marker feature is re- 
quired. This is provided by the 1-Hz astable, 
which paralyzes the second NAND gate part 
of the time. Its base bias resistors are un- 
equal, giving a distinctive duty cycle to the 
output signal. A switch disables the astable 
if a continuous signal is required. Fig. 5 
shows the output when the second astable 
is operating: the output is locked in the up 
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Fig. 4. Signals at four critical points in the goner- 
ator, as displayed on a Tektronix 545A oscilloscope. 
They are shown in time coincidence. 


condition during half of each 1-Hz astable 
cycle. 

Sometimes an astable oscillator will refuse 
to start oscillating when it is turned on, It 
does not start because both transistors are 
in saturation. This reduces loop gain so 
that available noise cannot be amplified 
around the loop. It would never start with- 
out some strong, outside interference. 

A pair of diodes, D1 and D2, provide a 
reliable remedy. The diodes are arranged 
so that base bias must come from whichever 
collector is at the higher voltage. If both 
transistors are in saturation, their collectors 
are at perhaps 1 volt, which cannot provide 
enough base current to keep the transistors 
in saturation. This contradictory situation 
does not arise in the real circuit, which 
starts reliably. 

Additional diodes, D5 through D8, appear 
in the base circuit of the 1-Hz astable. 
These are protective diodes. The collector 
swing at turnoff of about 5 volts is con- 
veyed powerfully to the opposite base 
through the large coupling capacitors C5 
and C6. The reverse B-E breakdown voltage 
of these transistors is not known, so the 
diodes are provided to prevent the turnoff 
voltage exceeding 2 volts or so. 

DC power for the Generator circuitry 
comes from a voltage doubler supply based 
on a low-current filament transformer, Its 
design is conventional, but a large capacitor, 
C12, is provided across its output to mini- 
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Fig. 5. The second NAND gate locks in its up posi- 


tion part of the time to produce an_ intermittent 
output. 


mize noise on the supply line. The supply 
could be replaced with some batteries, 
shunted by a 50 uF or larger capacitor to 
absorb transients. The original breadboard 
ran very well, powered by four flashlight 
batteries. 


Construction 


The generator is built in a Premier #PMC 
1008 3x5x7 inch heavy aluminum box, Its 
top cover was refinished in light green enam- 
el, and four % inch grommets in the bottom 
piece serve as protective feet, 

Inside the box, the 6.3-volt transformer 
and cheater cord connector are mounted on 
the left-hand wall. A pilot lamp, fuse, and 
two switches are mounted on the horizontal 
panel, at the extreme left. This leaves just 
enough open space for the two circuit boards 
which occupy most of the box. Two banana 
jack output connectors are placed on the 
right-hand side, just below the panel. 

The circuit boards are cut to 4% x 5 
inches, from Vector %42 inch pattern A stock 
and mounted parallel to the panel. The up- 
per board is spaced an inch from the panel, 
and carries both astable oscillator circuits. 
The other board is mounted one ha'f inch 
below, and carries the digital IC and the 
power supply circuitry. Assembled, the two 
boards make a sandwich with wiring sides 
together. 

Both boards are mounted on the same 
four centers. These are through the second 
hole diagonally inward from each corner. 
The 1 inch 6-32 internally threaded spacers 
are modified by adding a short length of 
6-32 threaded shaft to one end of each, sim- 
plifying assembly. 

Component assembly on the boards is 
largely a matter of plugging in Vector T9.4 
lugs. The finished product looks much bet- 
ter if some thought is given to facing the 
lugs in one of two directions. Mounting and 
transistor holes should be drilled and reamed 
to size before installing lugs. 

The general arrangement puts all wiring 
on one side of the board and _ practically 
all components on the other side. This ap- 
proach seems a little inflexible but is straight- 
forward and looks good. 

Possible board orientation problems may 
be overcome by working out a handling and 
wiring procedure that doesn’t require con- 
stant reference to actual components. A good 
approach assumes that the board is only 
turned over an imaginary hinge at its 
bottom edge, so that top down when one 
side is up becomes bottom up when the 


other side is down. This preserves left-right 
relationships. Another useful convention is 
that all supply wiring goes to left-hand end 
of components. 

Wiring is carried out one network (plus 
supply lines; ground lines; interstage lines, 
etc.) at a time, with prearranged color 
coding. Bare wire goes for short runs and 
where there is no chance of a short. Solder 
each lug when convenient. #22 solid wire 
fits the T9.4 lugs well, but flexible stranded 
wire is used for the four ‘lines from one 
board to the other. 

Transistors precede other components in- 
to the board, because they are convenient 
position markers. They are placed in their 





Inside the assembled thin-line generator showing the 
component side of the power supply and IC board. 


mounting holes in the board from the com- 
ponent side, and their leads brought to the 
T9.4 lugs. Then the other components are 
mounted on the boards. Diode and electro- 
lytic capacitor mounting polarity should be 
double checked. The T9.4 lugs may need a 
little bending before they will take a good grip 
on the components, but no component solder- 
ing is done until everything is installed. 

Trimmer capacitor C3 is mounted on its 
tabs just under the top panel, Then a small 
screwdriver access hole is drilled over it in 
the panel, before painting, for vernier fre- 
quency adjustment after final assembly. 

Certain components are matched before 
installation. An ohmmeter and a capacitor 
checker will do a satisfactory job of select- 
ing Cl and C2, and R4 and R6, for equal 
values. These components are chosen alike 
for best symmetry of the 100-kHz oscillator 
operation. It might be good planning to 
leave these components unsoldered until tun- 
ing is completed, but everything else can be 
soldered to the board at this point. Note 
that the R3 and R5 sites do not get resistors 
until later. 

Two optional capacitor sites are included. 
These are for C4, an additional and prob- 
ably unnecessary padder across the crystal; 
and C7A, which can be added to increase 
the width of the thin line pulse. 

Apparently, the digital IC comes in a 
specially designed package for testing before 
use. To mount the IC, solder a * inch 
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piece of #22 wire in each of the T9.4 
lugs carrying supply and signal voltages to 
the IC. Place the IC between the two rows 
of lugs, bend the wires against the proper 
terminals, and solder. No other mounting is 
required. 

The original breadboard showed a lot of 
transient noise in its supply circuit. This 
originated from the IC, which was trying 
to get big chunks of current to manufacture 
pulses. Since the IC cannot deliver frequen- 
cies not available from the supply lines, very 
careful bypassing is indicated. 

High-frequency bypassing consists of C9, 
a .OluF dise ceramic capacitor across the 
IC supply terminals on the wiring side of 
the board, and C10, a 100 picofarad capaci- 
tor soldered directly between supply termin- 
als on the IC, The capacitor leads are pro- 
vided with spaghetti insulation and placed for 
minimum open space between the capacitor 
leads and the IC’s supply leads. 

Testing before final assembly is very easy, 
because the odd appearing board layouts 
go together giving a structure that opens out 
like a book, The hinge is the four leads 
between boards, Leave transformer leads long, 
so that the circuit may be tested well free 
of its cabinet. 

The upper half of the Premier box is pre- 
pared by a powerful cleaner which removes 
its original paint. After thorough removal 
of the cleaner, the metal is roughened with 
wet sandpaper, rinsed in vinegar solution 
and then clear water, leaving a very good 
surface that does not require priming for 
excellent paint adhesion. Watch out for 
greasy fingerprints. 

Rustoleum #868 Green applied from a 
convenient spray can gives a fine finish. 
Follow instructions on the can. After drying, 
the fresh, clean enamel will take water- 
proof India ink, applied with a Leroy draft- 
ing pen. When the ink is thoroughly dry, a 
final coat of Rustoleum #717 Clear finishes 
the job. The enamel is soft at first, but 
hardens into a coat durable in normal Jab 
use, 
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View of the component side of the astable oscilla- 


tors board. 


COMPONENT SIDE 
OF ASTASLE BOARD 


THREADED STUD 
INSIDE 





Fig. 6. Mounting dimensions and spacer assembly 
diagram. 


Table of special parts 
Crystal: 100 kHz parallel resonant 32 pF. shunt ca- 
pacitance normally designed quartz crystal. 
The following parts were obtained from Solid State 
Sales, P. O. Box 74, Somerville, Mass. 02143. 
Tl & T2: 2N2060 type dual NPN transistor 
D1, D2, D3, D4: fast point-contact Germanium 
diodes coded IN59 
D5, Dé, D7, D8: fast point-contact Silicon di- 
odes marked $284GM 
Gl: surplus digital integrated circuit 
Solid State Sales type Gl. (comes with data 
sheet} 


Tuning up 


The generator should be zeroed to fre- 
quency before installation in its case. This 
is a two-step process. First, the LOO-kHz 
astable base resistances are adjusted by 
choosing resistors for R3 and R5 to bring 
the oscillator frequency within trimmer range 
of 100 kHz, perhaps a few hundred eycles 
high at 15 MHz. Then the trimming capaci- 
tor brings the frequency to accurate coinci- 
dence with WWYV. 


To roughly zero the generator, set the 
trimmer capacitor, C3, at minimum capaci- 
tance. Identify WWYV. on a short-wave re- 
ceiver, and tune around a bit to familiarize 
yourself with what's happening in the vicin- 
ity. It would be nice if things are fairly 
quiet. 

Then put 4.7k resistors into the astable 
board at the R3 and R85 sites, turn on the 
generator, and look around for the signal. 
Depending upon actual values of Cl and 
C2, the signal may be on either side of 
WWY but is likely to be on the high side. 
If so, try again with resistors one size larger, 
which will lower the frequency. You should 
shortly find resistors that bring the fre- 
quency near enough to WWY for final zero- 
ing with the capacitor. Verify tuning range 
on both sides of WWYV. 

Correct values for R3 and R5 may be 
approximated very quickly if a good trig- 
gered scope is available. Try selecting re- 
sistors for a period of 11,4 microseconds with 
the crystal removed. 


Using the thin line generator 


A breadboard test showed that (as might 
have been expected) there should be some 
way to distinguish generator signals from 
other CW signals. The continuous/intermit- 
tent feature provides the marking, and once 
the correct signal is located the generator 
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can be switched to “continuous” for accurate 
work. 

At low frequencies, the generator output 
and behavior resembles a conventional 100- 
kHz standard. The signal simply is not as 
strong. A greater difference appears at 
higher frequencies: the original model yields 
an audible beat note at 80-MHz from a diode 
mixer through an inexpensive audio ampli- 
fier. And another test shows a usable signal 
at 432 MHz: the 4,320th harmonic. 

Some connection to the receiver or other 
detector is required. This is a natural con- 
sequence of a circuit design that puts the 
signal where it belongs, rather than spray- 
ing it all over the lab. A few picofarads 
coupling capacitance is sufficient at all fre- 
quencies. 


Perhaps this circuit can be used for pur- 
poses other than a frequency standard. Its 
moderate amplitude but wideband output 
should be ideal for detecting changes in 
receiver sensitivity over a broad tuning 
range. In fact, with a little decoupling of 
the input leads and provision of a coax out- 
put connector the generator should do well 
as a stable, reliable small-signal source. A 
piece of adjustable waveguide-below-cutoff 
would make an excellent attenuator for 
work not requiring exact measurements. An- 
other thought that occurs is possible further 
development by provision of some arrange- 
ment for detecting which harmonic is actual- 


ly being heard. 


ALL BAND BAND-EDGE MARKER 
Charles Berner WA2HRZ 


This calibrator is complete with its own ac 
supply, eliminating the need for taking power 
from the receiver. If ac outlets are at a premi- 
um at your shack, the on-off switch and the 
line plug can be eliminated and the ac line 
connected across the receivers ac input so 
that the calibrator comes on whenever the re- 
ceiver is turned on. A high density selenium 
rectifier was used and this contributes greatly 
to the compactness of the unit. The whole thing 
runs very cool and even after 24 hours opera- 
tion, still isn’t hot. 

Wiring isn’t too critical, but keep all leads 
short and direct. Using an octal socket for a 
xtal holder lets you use the unused pins as 
tiepoints and jis recommended. 

A Petersen type Z-2 xtal was used because 
it has a tolerance of .002%. This is one reason 
why no provision is made for “zeroing” the 
calibrator against a standard. The other is 
that there isn’t any such standard as WWV 
for use. However, if this provision is desired, 
C1, the 56 mmfd capacitor, connected to pin 
1 of the GBH6 thru the 18K resistor, can be 
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Chapter VI 


Crystal Calibrators 





made variable. Also, if band edge markers are 
wanted for 50 me and up, a 6 me xtal may be 
substituted when this function is wanted and 
Cl made variable for “zeroing” against WWY, 

This gadget can also be used as a xtal ac- 
tivity checker by simply replacing the marker 
xtal with the xtal to be tested, Tuning your 
receiver should get vou a strong signal at the 
xtal’s fundamental if it is OK. 


Table 1: 
Harmonic 


Band 35 me 00ke Marker Frequency 
80 meters I 35 3.5 me 
40 “44 ed 70 7.0 me 
2) id a 140 14.0 me 
1h i 6 210 21.0 me 
In n 8 280 28.0 me 
6 4 15 525 62.5 me 
2 5 42 1470 147.0 me 
regs 63 2205 220.56 me 
1%” 64 2240 224.0 me 


THE MULTICAL 
KOR. Davisson KOVXL 


What is the “Multical’? As the name im- 
plies, “multi” would suggest several uses, and 
“cal” might infer a calibrator of some sort. 

Well, that’s right, but there is slightly more 
significance to the name. “Multi” is also a 
short form term used to describe flip-flop cir- 
cuits known as multivibrators. 

By combining the basic characteristics of a 
free-running multivibrator (astable) with crys- 
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tal control, you have a simple, stable, virtually- 
insensitive-to-temperature-changes, crystal cali- 
brator for that receiver you have been wonder- 
ing about. 

The circuit uses no inductors and depends 
upon the crystal for the proper feedback for 
oscillations. Temperature stability is partially 
due to the absence of capacitors. 

Transistor stage Qs. operates with unity gain, 
whereas transistor Q; operates at considerably 
more gain. Both stages are operating as feed- 
back amplifiers. The harmonic generator diode 
D, is a 1N128. Any general purpose diode 
may be used. 

By using the multivibrator circuit, the wave- 
form obtained is comparatively rich in har- 
monics and could be used without any further 
refinements. However, to insure useful har- 
monics through 30 MHz starting from a 100 
kHz crystal, a harmonic generator consisting 
of Rg and D, shown in Fig. 1 was added. The 
capacitors C, and Cy, are used strictly for 
coupling and have no effect on frequency sta- 
bility. 

Crystals from 100 kHz up to 1 MHz may 
he used in the Multical with no changes. The 
circuit will oscillate from voltages as low as 2 
volts and can be operated safely from voltages 
as high as 20 volts, This wide range of voltage 
operation allows the source to be obtained 
from virtually any place. 

Output from the calibrator may be fed di- 
rectly into the receiver’s input, or may be 
coupled to a short whip antenna. With a whip 
antenna, close coupling to the receiver's input 














Fig. 1. Schematic of the Multical. 
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Fig. 2, Suggested printed circuit board layout for 
the Multical. A gives the copper side, B the com- 
ponent side. A board for the Multical is available 
for $1 from the Harris Company, 56 E, Main 
Street, Torrington, Conn. 


may be required at higher frequencies, (Es- 
pecially at the lower voltage levels.) 

For the more ambitious builders, Fig. 2 
shows the printed circuit board layout for the 
Multical. Due to its small physical size 
(1” x 2”), room can probably be found even 
in the most compact of receivers. Fig. 2A 
shows the foil side, and 2B shows the parts 
placement. 

So the next time you wonder about the ac- 
curacy of your receiver calibration, give this 
simple circuit a try and you'll know for sure. 


100 KHZ MARKER GENERATOR 
W. W. Davey W7CJB 

This useful piece of equipment generates 
usable harmonics from 100 kHz to 225 MHz. 
It is completely self contained and portable 
which makes it convenient not only to use 
in the ham shack, but also in the mobile 
unit or at a field day location, Its use lies 
mainly in accurately spotting band edges 
and 100 kHz calibration points throughout 
the ham bands. 

Most modern day home receivers are 
equipped with calibrators, but these cali- 
brators are of little use when needed to 
spot frequencies on VHF and UHF conver- 
ters or portable equipment. 

The generator is constructed in a 2% x 
4% x 1% inch handi-box. The parts are 
mounted on a vector board, and the entire 
unit is powered by one #216 nine volt 
battery or its equivalent. 

Hints on construction First obtain some 
vector board. The piece I used was cut 
from the board supplied in a “GE experi- 
menters aid hobbyist kit.” The board must 
be cut to size before construction and will 
measure 34 x 2 inches. This will allow 
room for the 9 volt battery in the end of 
the handi-box. Make sure the newly cut 
vector board will fit inside the handi-box 
before you start mounting parts. It might 
save a lot of trimming at a later date. 

The parts layout is not critical, Com- 
ponents may be arranged as shown in the 


photo or in any other arrangement suitable 
to the components you may be using. I 
used sockets for the transistors, as I wanted 
to be able to experiment to see which 
transistors from my junk box would give 
the most output in the VHF and UHF 
bands, I ended up using the 2N404 for the 
oscillator and a 2N384 in the multiplier 
stage. I also found that Japanese 2SA83 
trarsistors which had been removed from 
the if stages of a junked transistor radio, 
would work equally well in both sockets. 
All components are mounted on the top 
of the Vector board with the exception of 
C4 and C5. For the most part, wiring can 
be completed with existing leads on com- 
ponents. The push-in terminals furnished 
with the GE experimenters kit were used 
for the battery connections, antenna con- 
nection and for mounting the crystal sock- 
et. The circuit board can be mounted to 
the handi-box with three Me inch bushings. 
This leaves room for a slide switch to be 
mounted on the cover of the handi-box. Two 
of these bushings were purposely placed at 
the end of the board to form a sort of 
socket to hold the 9 Volt battery. The 
antenna output connector which is mounted 
on the handi-box is a switcheraft 23501FP 
phono jack. A small hole may be drilled in 
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the bottom of the handi-box through which 
a screwdriver may be inserted for adjusting 
Cl. For extreme accuracy C1 is adjusted to 
zero beat with WWY. 

A 36 inch piece of insulated wire soldered 
into a phono plug may be inserted into the 
phono jack and used as a test antenna. The 
intensity of the markers may be varied by 








moving this test antenna near your receiver 
antenna lead-in. If you are using a coax lead- 
in you can couple by drilling a small hole in 
your coax relay so that the test antenna can 
be inserted near the relay armature. You will 
find that most SWR meters provide an easy 
method of coupling to the center conductor 
of the coax. As a last resort you can always 
couple to the receiver or converter antenna 
coil, 

I have made very good use of this gadget 
to spot frequencies in the 144 and 220 MHz 
bands. It was well worth the time and effort 
it took to build it. 


ALL BAND FREQUENCY MARKER 
Kenneth W. Robbins WIKNI 
C rystal controlled marker generators are 
useful adjuncts in any frequency deter- 
mining situation requiring high accuracy, 
such as locating band edges, sub-bands and 
calibrating receivers. IF you've been enter- 
taining thoughts about construction of one, 
a version is described here which uses the 
new C/MOS integrated circuits powered by a 
9 volt transistor radio battery. And instead 
of the usual rotary harmonic selector switch, 
a multi-pin |C connector strip and three test 
plugs serve as a miniature patch panel to 
enable various divisions of the reference 
crystal, with a maximum countdown of 256. 
“Rocks” from 100 kHz to 4 MHz oscillate 
readily in this circuit. In this model an 
FT241 xtal set to 400,000 Hz has been 
chosen for control and has usable receiver 
calibration divisions down to 2.5 kHz. The 
harmonic spectrum extends to at least 160 
MHz, the tuning limit of a transistor super- 
regen used in testing. When used in densely 


Divide by 


Output, kHz 
400 
200 
100 


occupied HF bands, an AM beeper can be 
switched on as an identification aid, 
Referring to Fig. 1, one third of a hex 
inverter makes up a crystal controlled oscil- 
lator and buffer, another third is a slow rate 
pulser and the two remaining units function 
in the dividing section. These are all standard 
circuits described in RCA'’s COS/MOS Data 
Book #SSD-203. An emitter follower mini- 
mizes loadirg on the IC outputs, speeds up 
rise time to increase harmonic content, and 
provides a low impedance output. The AM 
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Fig. 1, Schematic. 


beeper is a simple clamp that gates rf on or 
off to following stages. 

Photo 1 shows all components mounted 
on Vector P pattern perf-board that fits 
inside a Bud minibox. Sleeving 3/8” (10mm) 
long is slipped over the wire trap terminals 
of the contact strip to space it up from the 
board. A DPDT center-off miniature toggle 
switch acts as one board to panel spacer. 
Diagonally across from it, a 4-40 threaded 
rod conducts emitter follower output up 





Photo 1. 
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through the front panel via a 1/2” (13mm) 
insulating spacer and plastic shoulder 
washers. Two regular 4-40 screws and 
spacers complete the four corner mounting. 
This spacing allows the contact strip to 
project partly through a panel cutout so that 
it is mechanically secure without fastening. 


Photo 2 (completed assembly) shows a 
stick-on label with patching connection call- 
outs for various division ratios. If only one 
crystal is employed, labeling could indicate 
most used frequencies instead. A typical 
frequency ys division listing for this model is 
shown in Table 1. You can easily make up a 
complete table of all possible ratios, remem- 
bering that each CD4015 shift register 
divides by even numbers ONLY, starting at 2 
and ending at 16, 


Uses to which a marker generator may be 
put have been described before: i-f align- 
ment, BFO, scope linearity, etc. A type that 
divides down to the audio range like this one 
is especially useful in checking superhets. A 


15/60pF trimmer 

01 uF 

xtal; see text 

xtal socket 

Alco #MST205P switch 
Bud #CU-2115HG minibox 
Vector #44P29-062 perfboard 
216 battery 

Battery connector 

16 pin IC sockets 

Augat patch pins or equiv. 
20 pin contact strip 

SAE =Series 7000 


= G3, ie ees aa eh Se 


Table 2, Parts List. 
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Photo 2. 


very broad and flat spectrum of overlapping 
signals is generated and an audio Lone will be 
heard no matter where the set is tuned. If its 
tracking and sensitivity are top-notch, the S 
meter will hold steady over the tuning range. 
Tracking adjustment amounts to tweaking 
for maximum meter reading or loudest audio 
tone. Then patch for 100 KHz markers and 
check calibration. It’s a lot faster and easier 
than using a conventional signal generator. 


POOR MAN’S UNIVERSAL FREQUENCY 
GENERATOR 
John Schuitz W2EEY 


A: precise frequency control and 
measurement becomes more and more 
a part of the amatcur radio game, the need 
develops for test instruments that deliver a 
wide range of both rf and af signals of high 
accuracy. It would be ideal if everyone could 
have a frequency counter and a synthesizer 
type rf and af generator but that is hardly 
the case. Most amateurs must utilize their 
basic station gear along with selected 
accessory items to test out and adjust 
equipment. This article describes a very 
useful accessory item that for a modest cost 
goes a long way toward having some of the 
expensive test equipment just mentioned. 
The item to be described is somewhat like a 
grid-dip meter in that it is basically a simple 
type of oscillator but as one gets to know 
and use it, new uses for it are found and its 
versatility constantly expands. 


Circuit Description 

Figure | shows the circuit diagram of the 
test generator, Basirally, it consists of a 
string of SN7490 decade counters which are 
used to divide down a selected inpul signal 
by a factor of 10 or 2. The input signal can 
come from a | MHz master oscillator, a 
special crystal oscillator for externally used 
crystals or from any external sine-wave 
source. The special crystal oscillator which 
uses a SN7400 will operate with almost any 
basic or overtone crystal in the hf range. It 
can be used for crystals in the low frequency 
and lower VHF range also by a simple 
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modification. One gate of the SN7400 
crystal oscillator is used to drive a LED 
which will indicate that the crystal is osvcil- 
lating so if serves as a crystal activity 
indicator as well. When an external sine-wave 
source is used, it is first coupled through a 
SN741 21 multivibrator. This stage squares 
off the sine wave so it can better drive the 
subsequent frequency divider chain. 

The frequency divider chain is fixed, 
although one could easily switch the indi- 
vidual SN7490 units to divide by different 
ratios when desired. This should be obvious 
by noting the wiring of the divide by 2 
SN7490 with that of the divide by 10 units. 
However, the variety of frequencies which 
can be generated then with different input 
sources becomes confusing and more than 
would normally be needed. 

The fixed divider chain follows the se- 
quence: divide by 10, divide by 2, divide by 
10, divide by 10. A separate branch after the 
first divide by 10 unit goes through two 
other divide by 10 stages. In the case of the 
divider chain being driven by the | MHz 
master oscillator, this results in the following 
output frequencies being simultaneously pre- 
sent: | MHz (basic oscillator output), 100 
kHz, 50 kHz, 10 kHz, 5000 Hz, 1000 Hz 
and 500 Hz. With any other frequency 
input source you can easily calculate what 
frequency outputs the divider chain will 
bring in both the rf and af regions, Many 
surplus crystals will produce interesting fre- 
quencies of high stability in the af region 
that can be used for test purposes. 

When using the special crystal oscillator, 
the LED will glow to indicale that oscilla- 
tion is taking place. As shown with a 150 pF 
capacitor from one side of the crystal 
oscillator circuit to ground, the oscillator 
will work satisfactorily with hf crystals. Its 
range of oscillation can be extended to If us 
well us high frequency overtone erystals by 
changing this capacitor. The value of capaci 
tor required in picofarads is 500 divided by 
the frequency of the crystal in MHz. This 
value need, however, to be only approximute 
unless you require an absolutely square wave 
output from the unit. 

When using the multivibrator input about 
a 1% to 2V peak input, either sine-wave or 
approximate square wave is required- 


Construction 

The whole unit can be constructed on a 
piece of perforated board about 3 x 2 in. 
and made completely portable if powered by 
a 4%V battery (Burgess No.532) or just 
three D cells in series. This arrangement does 
not provide the absolutely best stability for 
the 1 MHz master oscillator but unless you 
intend to use the unit for marker frequency 
generation in the VHF range, it is a perfectly 
satisfactory arrangement, Alternatively, one 
could power the ICs from any standard 5.5V 
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Fig. 1. Diagram of universal frequency generator, Output frequencies shown are 


for using 1 MHz oscillator, 


regulated supply used for IC digital circuitry. 

I constructed my unit for battery 
powered operation and enclosed the unit in 
a small aluminum mini-box. The output of 
each divider was brought to a pin jack on the 
front panel of the unit. 

One simple way to wire the relatively 
small number of ICs involved is to purchase 
perforated board which has hole spacing to 
fil standard DIP and preferably with a 
copper pad still left around cach hole. The 
ICs are then placed on the board and the 
appropriate pins which either go to ground 
or to the 4.5V line bent in different diree- 
tions. The ground line is run along one side 
of the IC and the 4.5V line along the other 
side and bare wire used to connect the 
appropriate pins to cither line. Figure 2. 
illustrates the wiring for one of the divide by 
10 ICs. When one starts this process on the 
board, it will be surprising how fast the 
wiring is completed. Individual insulated 
Wire jumpers are used to make the input/ 


output connections between ICs, The wiring 
is not critical and using a receiver to hear the 
markers, or an audio amplifier for the lower 
frequency outputs, one should be able to 
determine quickly if the circuit is working, 
The frequency of the 1 MHz master oscil- 
lator may be brought exactly on frequency 
using the 25 pF trimmer in the circuit and 
checking against WWV with a harmonic of 
the oscillator or by using a counter, 


Applications 

As I mentioned before, the applications 
that you can find for the generator really 
begin to unfold only after you have had it 
around the shack for awhile, Some of the 
applications would be: 

1. A frequency marker generator for 
receiver calibration. The markers are usable 
up into the VHF range. 

2. To extend the range of present rf or af 
signal generators into lower frequency ranges 
than they presently cover. 
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Fig. 2. Perforated board wiring of ICs. One SN 7490 divide by 10 unit is shown wired. 
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3. To perform stability checks on high 
frequency variable oscillators, The divider 
chain will always perform precisely and you 
can monitor the change in frequency of a 
higher frequency oscillator with a stable low 
frequency receiver. 

4. A frequency generator to generate 
precise rf or af square wave signals at any 
frequency desired by choosing the proper 
crystal. 

5. A crystal activity checker. 

6. By taking two or more of the simul- 
taneous outputs together via mixing diodes 
and a series tuned circuit resonant at the 
desired frequency, you can also mix the 
divider outputs to generate a variety of 
intermediate frequency outputs. 


CALIBRATE THAT CALIBRATOR 
Mitchel Katz W2KPE 
ost modern receivers and transceivers 
in use today rely upon a 100 kHz 
crystal oscillator to calibrate the tuning 
dial. While some of the calibrators are built 
in, others come as outboard accessories. In 
any event the operation of each is the 
same. 

By this time we all probably know what 
“zero beating” is. The 100 kHz oscillator 
in order to serve as a calibrator must be 
“zeroed” to some standard frequency such 
as the WWV carrier frequency on 5, 10, 15, 
20, etc. MHz. With a CW or AM receiver, 
we can very easily tune through the zero 
beat point. On SSB receivers because one 
of the sidebands is missing we can only 
hear the one side as we approach zero, The 
other side of zero is greatly attenuated and 
may possibly not be heard at all. To 
further complicate matters for us in trying 
to calibrate the 100 kHz oscillator, as we 
can only hear down to about 20 Hz, we 
can’t zero in any closer than this. Leaving 
the receiver at this point, we next turn on 
the 100 kHz calibrate oscillator. After a 
suitable warm up period, we turn the tune 
control of the oscillator and again adjust 
for a zero beat condition against the WWV 
frequency. With this method of calibration 
we have several possible sources of error. 
First in zeroing WWV with the receiver 
beat frequency oscillator and then zero 
beating the 100 kHz calibrator against the 
bfo. Each of these adjustments is limited to 
the lower limit of our hearing range, as well 
as the fact that we are obtaining the zero 
beat at a relatively low i-f frequency. 

A more accurate method of calibrating 
the 100 kHz oscillator will now be dis- 
cussed. After the receiver and calibrator 
oscillator have been warmed up for about 
30 minutes, tune in WWV on a frequency 
that produces a fairly good, steady signal. 
Adjust the tuning for maximum reading on 
the S-meter, Having tuned in WWV, turn 
off the beat frequency oscillator. Now turn 


on the 100 kHz oscillator that is to be 
calibrated. If a harmonic of this oscillator 
is fairly close to the WWV frequency, a 
beat note will be heard. At this time adjust 
the calibrator “‘crystal tune” control and 
the S-meter will start pulsing from a 
maximum to a minimum value, The closer 
you get to dead center the slower the 
pulsing action will become. It is fairly easy 
to come down to | pulse per second with 
this method. If your receiver doesn’t have a 
meter, you can also hear this pulsation very 
clearly. In any event you would always 
tune for the slowest pulse rate. 

Note that with this method we have 
adjusted the calibrator frequency harmonic 
directly to the WWV carrier rather than to 
a low i-f. We have eliminated one zero 
beating step, and this, together with the 
fact that we are obtaining the zero beat at 
a much higher frequency, will provide 
greater accuracy. 

Having described the method, here are a 
few points of general interest: 

1. Before attempting any calibration let 
the equipment heat up for at least a half 
hour to stabilize. 

2. After tuning in WWV, wait until the 
400 Hz modulating tone goes off before 
adjusting the calibrator. If not, you may 
find later that you zero beat the 400 Hz 
instead of the carrier frequency! 

3. The levels produced in the receiver by 
WWV and the calibrator oscillator should 
be about equal to produce a good beat 
between the two frequencies. 

4. Use the highest WWV frequency that 
will produce a good, stable signal in the 
receiver. Certainly a 1! pulse per second 
beat at 20 MHz will provide greater calibra- 
tion accuracy than | pps beat at 5 MHz or 
better yet than 455 kHz! The accuracy will 
be considerably greater and it is no more 
difficult to come by. 


A SIMPLE FREQUENCY DEVIATION 


METER 
A frequency-deviation meter allows one to 
read the deviation plus or minus that a 
received signal is off frequency. Depending on 
the meter range desired and used, a deviation 
of ten or less cycles can be read either high or 
low. Such a device is especially useful when 
used on MARS nets or when frequency checks 


John Reinartz K6BJ 





are desired of any incoming signal and the 
answer must be in cycles low or high of a 
desired frequency. Those grinding their own 
erystals or desiring to compare crystals will 
find this device especially useful. 


Two fundamental circuits were investigated, 
one using diodes only and the other using tran- 
sistors only. These are shown in Fig. 1 and 
2 respectively. A 0-50 microampere meter 
should be used for the diode type and a 0-1 
milliampere meter will serve nicely for the 
transistor type, although a 0-50 or 0-100 micro- 
ampere meter will also serve nicely in the 
transistor type frequency-deviation meter sys- 
tem. Silicon diodes were used for the diode 
type and 2N123 for the transistor type. An 
input voltage of 25 is needed for the diode 
type and 7 volts or less for the transistor type 
depending on the meter sensitivity, being 2 
volts when a 50 microampere meter is used. 

Whatever scale reading is desired, be it 250 
eycles low or high or 500 cycles low or high, 
the meter cover is removed and new figures are 
added below the meter seale with a zero in 
the center of the scale and maximum readings 
at each end of the scale as appropriate. Pen- 
cil markings will do, The 250 cycle can be read 
to 10 cycles per division and the 500 cycle 
scale can be read to 20 cycles per scale divi- 
sion. Each can be read to half these values or 
5 and 10 cycles respectively. 

In use, you set your frequency meter, LM 
or 221 either 250 cycles or 500 cycles lower 





Fig. 2 


than the frequency to be checked. If the fre- 
quency to be checked is right on, the frequency- 
deviation meter will read zero at the center 
of the seale on the meter; if the frequency is 
low, the meter will read low and if higher, 
the meter will read higher. The answer in 
eycles will be the value indicated by your 
new markings. In use the frequency-deviation 
meter is connected across the high impedance 
output of your receiver in the case of the 
diode type and across the low impedance out- 
put in the case of the transistor type. 

In those cases where a definite frequency 
will be under observation, it will be found 
advantageous to grind or obtain a crystal that 
is adjustable to 250 cycles low or 500 cycles 
low, as appropriate, and to use it in the tran- 
sistorized oscillator shown in Fig. 3. Any 
erystal holder that has an adjustable air gap 
will do. Some of the TCS surplus erystal hold- 
ers have a three point adjustable top plate 
and are about the best obtainable, Since your 


best and probably only method of adjusting 
the erystal is by the use of your LM or BC221, 
be sure that your frequency standard is ac- 
curate. It is best to use the low frequency posi- 
tion and with the 1 me erystal switch on, tune 
the meter to that portion of the desired fre- 
quency less the me part. For instance, to set 
the LM for a reading of 2,732,000 cycles, set 
the LM on the low frequency for 732,000 cycles 
or 732 ke. The 1 me crystal will furnish the 
me part of the reading. In my case I set the 
LM to 731.5 ke and adjust the crystal to that 





Fig. 3 
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frequency in the adjustable TCS holder, The 
transistorized oscillator holds the frequency 
to such a close tolerance it has not been nec- 
essary to make adjustments in weeks. A hand 
held push switch connected into the positive 
battery lead allows the oscillator to be turned 
on as needed to check the frequency of a 
MARS station on 2782 ke to an accuracy of 
plus or minus 10 cycles of that frequency. The 
frequency-deviation meter is of course checked 
against the 440 or 600 cycle tone of WWY, no 
other check is necessary since the seale is 
linear. 


THE [INDICATING OSCILLATOR 
Ken Brown KH6AF 


elatives of this little gadget have been 
boas a long time! Even the tran- 
sistorized versions, which usually leave 
something to be desired. With an FET, 
however, we are back in business as with 
tubes, but with many advantages. 

The range of this oscillator is fantastic. 
That is, without any circuit tricks or 
special handling. The low frequency end 
was carried down to the 1 MHz in order to 
cover the lowest ham band. The high end 
takes care of 250 MHz easily. This can be 
extended with a little more effort. 

Use of a field-effect transistor (FET) 
allows operation more nearly like the tubes 
with which we are, perhaps, more famil- 
iar. However, we are not tied lo the power 
lines, which alone makes it worthwhile. 

A 2N4221 FET was used in this indi- 
cating oscillator. Very likely other FETs 
will work also. The MOSFETs also should 
be as good, if not better, The new ones 
with built-in diode protection would be 
much easier to handle. 





Standard banana plugs spaced % in. make ideal 
bases for the coils. The iower frequency coils are 
wound on polystyrene forms. 


Chapter VII 


GDOs 


SOpF S5OpF 





Fig. 1. Indicating oscillator circuit diagram. 


The circuit (Fig.l) is not critical. How- 
ever, the sensitivity control should not be 
bypassed. Layout could possibly be im- 
proved with a slightly larger box, allowing 
the dial to be placed on the face with the 
meter, It is a good idea to keep the layout 
symmetrical as far as possible, particularly 
the tuned circuit. This can be seen in the 
photo of the inside view. The box used was 
an LMB 532 EL with the cover reversed to 
allow for coil mounting insulator (poly- 
Stryrene or other good rf insulating 
material), The meter should be a 50 pA 
movement; otherwise, a meter amplifier 
such as the one shown schematically in Fig. 
2 will be necessary. This is no problem, as 
there is room for this amplifier on the 
circuit board. 

A thumbwheel from a BC-375 tuning 
unit could be used very nicely as a dial. 
Three sides have been left clear for ease in 
placement of unit when tn use. Plug-in coils 


80 


makes for easy bank change and applica- 
tion to the job at hand. Standard-spaced 
banana pins allow for use with other 
accessories, Use 5/8 in. polystryrene tubing 
and stud-type banana pins. 

A dual banana plug can be used during 
construction for setting the spacing 
accurately. The coils shown have the pins 
wired in place for stronger mechanical 
assembly. Drill a hole for about 24 AWG 
copper wire on each side of the pin studs 
which will lie along each side of the poly 
tubing. Use a number 59 or 60 drill. One 
wire is enough on each pin. Form a hairpin 
with about an inch of wire, push it through 
the drilled holes from the outside. Now 
twist tightly with longnose pliers, cut it off 
short, but not so short as to allow the wire 
to untwist! Then apply several coats of 
liquid ‘“‘poly’’ cement. Be sure to move the 
coils frequently during the hardening 
period to make sure the liquid “poly” 
flows evenly over the stud and forms a 
slight fillet with the tube. Epoxy doesn’t 
seem to work well with polystyrene. 
Neither Allied nor Newark list liquid poly- 
styrene any longer, but your neighborhood 
hobby shop should be well stocked. 

The lowest frequency coil (number 1, 
0.95—2.2 MHz) was made from a Miller 





Fig. 2, This meter amplifier will increase the level 
of the signal so that a less-sensitive meter than 50 
MA may be used. 





Interior view of oscillator with coil attached shows construction of the author's version. 


951 ferrite 0.5 mH choke with 6 or 8 turns 
removed — just enough to slip inside the 
poly tubing. Some reaming may be neces- 
sary. The number 2 coil (2.2—5.4 MHz) 
was made from a Miller ferrite antenna unit 
with the slug permanently installed in the 
top end and all lugs and mounting hardware 
removed. This coil was also mounted inside 
the poly tubing. The number 3 coil 
(5.4—13.5 MHz) consists of 32 turns of 28 
AWG enameled wire, close-wound on the 
outside of the poly tubing. All coils are 2% 
in. long with windings as near the end as 
practical. The number 4 coil (27—50 MHz) 
consists of 10 turns of 24 AWG enameled 
wire, close-wound. The number 5 coil 
(45—100 MHz) consists of 2 turns of 14 
AWG enameled wire, self-supporting. The 
number 6 coil (60—270 MHz) is one 
hairpin loop 3/8 x | in. 

A jack is provided for headphone use. 
The screwdriver-adjusted miniature pot is 
for zero adjustment of the meter amplifier. 
It can be seen in the photograph. 


THE LITTLE GATE DIPPER 


John Aggers WSETT 


Pe you now own a grid dipper, 
but is it small, easy to handle, and 
cordless, making it completely portable? If 
not, you will want to build this gate dip 
meter. The cost is extremely low — only 
about $7. All parts are readily obtainable 
and construction is simple. The plug-in coil 
forms, using battery plugs and polystyrene 
tubing, are easy to make. 
The Circuit 

An MPF 102 FET is used ina modified 
Colpitts circuit. Except for the #1 coil, 
where a choke is used, the B+ is fed to the 
centertap of the coil. This is necessary to 
obtain a fairly constant gate current as the 
oscillator is tuned to its end frequencies. 
Drain current varies from 4 to 1 mA 
proceeding from 225 to 1.7 MHz. At the 


same time the gate current varies from 20 
to well over 50 pA. 

From this, it is apparent that the 
stronger the oscillations the smaller the 
drain current and the larger the gate 
current. In gate dip operation, as power is 
drawn from the oscillator the drain current 
will increase and the gate current will 
decrease or dip. 

Limited wavemeter operation, obtained 
by switching off the B+, is accompanied by 
a slight shift in calibration. When the 
circuit picks up rf, the FET suddenly goes 
into oscillation using the rf as its battery. 
Thus, the amount of rf picked up must be 
large enough or there will be no oscillation 
and no meter indication. However, despite 
these deficiencies, it is still considered a 
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Fig. 1. Schematic diagram of the little gate 
dipper. 


useful mode of operation and for that 
reason has been included. It is only neces- 
sary to wire the sensitivity control so that 
the resistance is maximum when the switch 
is in the off position. 


Construction 

A natural finish aluminum minibox (4 x 
2-1/8 x 1-5/8 in.) is used for the meter 
case. The variable capacitor came from an 
old transistor radio and measured | 3/8 x 
1/2 x | in, The shaft was already squared 
and tapped for a small screw. Since those 
listed in the catalogs have a plain or flat 
shaft, you will have to use a collar with 
setscrew, or drill and tap the shaft. The 
trimmer capacitors are not used and should 
be removed. 





The little gate dipper with spare coils. 
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Meter is held against the front panel bya small bracket. The FET is the small black object in the center. 


To make the coil socket you will need 
three pin receptacles from an octal socket, 
two pieces of 1/8 in. Plexiglas approxi- 
mately 7/8 x 3/4 in., and one battery plug 
for a pattern. The pins of the battery plug 
form a triangle. | shall refer to the holes at 
the base as the outside holes. Drill holes in 
one piece of plastic to match the pins of 
the battery plug. Match the two pieces of 
plastic, clamp in a vise, and drill the two 
outside holes in the second piece. Bend the 
lug part of each socket pin to a right angle. 
Slip one over each outside pin of the 
battery plug. Using this as a jig, sotder the 
lug portions to the stators of the variable 
capacitor. Remove the plug, and the pieces 
of plastic should fit down over the variable 
capacitor, The lug part of the center socket 
pin is brought out between the two layers 
of plastic. 

File a small notch in the bottom piece 
to accommodate the lug. Before cementing 
the two pieces together and to the frame, 
make each hole slightly larger than the 
diameter of the socket pins. This will allow 
for expansion when the plug is inserted. 


The dial is made of 2-1/4 in. diameter 
1/8 in. Plexiglas. To give the dial a rough 
edge, for good thumb traction, | heated an 
old gear wheel and rigged up an arrangement 
to rotate the dial against it. The gear should 
have rather coarse teeth and rotate with the 
dial, or you will create flat spots. 

The variable capacitor can now be 
mounted in the case. Position it so that the 
top and sides of the dial will be just about 
even with the edges of the case. 


The dial marker is mounted on square 
aluminum posts. The top post (2 in. long) 
has 1% in. of its length filed down to a 1/8 
in. thickness to reduce its bulky appear- 
ance. To make the hairline, scribe a line in 
a % in. wide piece of plastic and fill in with 
a ballpoint pen. 


CLEAR PLASTIC 
578 OIA 
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GATE DRAIN CT 


The sensitivity control I used was 
already prepared for the knob shown. If 
you don’t have one like it, use a dime-size 
pot and a setscrew knob. Any resistance 
from 5 to 10 kQ will be fine. 

Keystone light meters are available from 
Olson Electronics in a package of five 
($3.99) or Transistors Unlimited Co. (75¢ 
each). Some modification of the meter is 
necessary. Remove the light cell and series 
resistor. Drill two holes, spaced 4 in. apart 
in the back of the case to pass 4—40 
machine screws for easy soldering, make 
sure the heads and nuts are clean and free 
of any nickel plating. The screws should be 
filed even with nuts in order to make room 
for the battery. Solder the leads from the 
meter movement to the terminals, but be 
quick because the plastic case tends to melt 
in a hurry. 

Wiring is just a here-to-there proposi- 
tion, requiring no terminal boards or ter- 
minal lugs. The FET is soldered in place 
supported by its own leads. With reason- 
able care you should not damage it. A 
battery holder was found unnecessary; 
however, it is a good idea to wrap a layer 
of tape or stiff fiber paper around the 
battery to prevent the metal case from 
shorting out the meter terminals. 


Coil Construction 

Figure 2 and the photo give the neces- 
sary dimensions and show the parts needed 
to make the coil forms. The battery plugs 
are listed in the catalogs to fit #482 and 
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3/8 x 1/2 in. FOR 17-3 MHz) 
60T WOT FOR 1.7-3 MHz) 
CLOSEWOUND 30-AWG SILK 


60T (OT FOR 1,7-3 MHz) 


Fig. 2. Coil configurations for various frequencies of resonance. 
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M3 batteries. The center pin should be 
filed slightly shorter to make the plug seat 
evenly in the socket. While you are at it, 
file the nickel plating from the ends of all 
plug prongs. This will make for easier 
soldering. 

Complete coil information is given in 
Fig. 2. However a little explanation may be 
in order. The irregular method of winding 
the #2 coil is necessary to reach 85 MHz 
and still maintain oscillation. With 4 turns 
close-wound the highest was too low. With 
the 4 turns spaced, oscillation ceased at the 
highest frequency. The 30 AWG silk wire 
was taken from a TV flyback transformer. 
The resistors in the centertap of the last 
three coils improve the meter’s sensitivity 
slightly. They are mounted right next to 
the coil winding. With a slight groove filed 
inside the insulating sleeve, it should slip 
over the resistor. 

The #6 coil is layer-wound as space 
permits and scrambled wound the rest of 
the necessary turns. The top winding of all 
coils should end near the very edge of the 
coil form. This will make for easier 
coupling to a tuned circuit. After the coils 
are checked out the insulating sleeves may 
be glued to the plug base. 

Allow the glue to dry for several days 
before plugging the open ends of each coil 
with a small cardboard disk. The coils are 
painted with colored lacquers. Colored 
paper between the coil and the insulating 
sleeve will probably work just as well. 
Calibration 

For calibration purposes, you will need 
another indicating oscillator or dip meter. 
Operate it in the diode or wavemeter mode 
and loosely coupled to the gate dipper. I 
calibrated only 5 points on each scale plus 
any ham bands which appeared, Remember 
the dipper is not a frequency meter but 
something to get you in the ballpark. 
Conclusion 

The little gate dipper was checked 
against a well known commercial tube 
equivalent and, as near as | could tell, they 
were just about even. The battery should 
last for a long time because the current 
drain is extremely low. 


THE GREAT DIPPER 
John E. Boyd WAQAYP 


Test equipment is essential in the ham- 
shack, as those of us have found when we 
attempted to get that new piece of home- 
brew perking for the first time. One of the 
most useful pieces of test equipment is the 
grid dip oscillator or simply, the GDO; be- 
sides being relatively inexpensive, it is partic- 
ularly versatile. Need an indicating absorp- 
tion wave meter? The GDO will do that. 


not purchase one of several books on the 
subject. 

Every item used in this GDO was selected 
with an eye toward the average home build- 
er. There are no parts which must be spe- 
cially purchased from the West Indies Ex- 
port Company or similar outfit. Nearly all the 
parts, except for the meter, miniature pot, 
and mode switch, were obtained from the 
junkbox, or rather, from several junkboxes. 
If you insist on buying all new parts, total 
cost of the project will be about $20. 


Circuit description 

The grid-dip oscillator, in this case more 
properly termed an emitter-dip oscillator, 
gets its name from the fact that emitter cur- 
rent in transistor Q, decreases when the 
tuned circuit C,-L, is in resonance with a 
nearby circuit. This decrease is easily seen 
by the dip of the meter indicating pointer. 

When switched to the diode position, B-+- 
is removed from the oscillator and the in- 
coming rf is rectified by diode D,; the volt- 
age developed across the 2k resistor is am- 
plified by the meter amplifier and monitored 
by the 0-1 mA meter. In switching to the 
signal position, B+ is removed from the 
meter amplifier but applied to the modula- 
tor, and a 1 kHz tone is available from one 
of the output jacks. In the modulated oscilla- 
tor position, B+ is reapplied to the oscilla- 
tor, and the oscillator is modulated by the 
1 kHz tone. 

Like a patch-work quilt, this GDO was 
built using circuits from already published 
articles or books and modified where nec- 
essary. The whole circuit is composed of 
three separate  entities—oscillator, meter 
amplifier, and audio tone generator. The 
circuit is not particularly critical, but lead 
lengths and dress in the oscillator must fol- 
low good VHF practice, if stable VHF oscil- 
lation is to be maintained. 

My operating time is spent on the various 
bands from 28 mHz to 432 mHz. Quite natu- 
rally, when | discovered that the GDO would 
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not oscillate satisfactorily over the entire 
range from 2 mHz to 200 mHz, I juggled 
values so that it would oscillate well at 216 
mHz (for tuning frequency doublers to 432 
mHz); then I tried to get as low in fre- 
quency as possible. Oscillation was vigorous 
to about 20 mHz. Coils and scales were then 
made to cover the respective ranges. It you 
don’t do any homebrewing on the VHF 
bands perhaps you will find it necessary to 


Fig. |. Circuit diagram of the great dipper. Note that although the 2N2398 is a PNP transistor, the 
2N918 is NPN, and if used as the oscillator transistor, problems would arise with voltage polarity. The 
diode D.’may be almost anything that you have available. The | pF gimmick capacitor consists of 
1/2” of twisted wire. 


How about a modulated signal source? It 
handles that too. If you are interested in 
discovering its whole variety of uses, why 
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Internal construction of 
the great dipper. The 
modulator and oscilla- 
tor boards are to the 
right—tho oscillator 
transistor is mounted 
right next to the coil 
jacks, 


change the value of the emitter-collector 
feedback capacitor, and to juggle the emitter 
and base resistor values in order to sustain 
oscillation at your desired frequencies. 


Construction 

Vector board was used, mainly because | 
wanted to experiment with component val- 
ues; however, a printed circuit would be just 
as good, especially for something such as a 
club project. It can be seen from the photo- 
graph that the meter amplifier and audio 
oscillator are built on separate boards. This 
is due to the fact that I built several differ- 
ent amplifiers; the layout would look neater 
if they were on the same board. Positioning 
of the rf oscillator and capacitor C, as 
shown in the photograph is recommended, 
but the placement of other parts is not 
critical, 

Fiberglass board is used as an insulator 
for mounting the banana jacks and plugs. 
It cuts and drills easily and appears to work 
fine. Three banana jacks were used, the 
third jack being used merely to provide me- 
chanical rigidity. It could also be used, if 
necessary, to shunt additional capacitance 





OSCILLATOR 


Fig. 2. 





across the emitter and collector on the lower 
frequencies. 

Because a shear and a brake were available, 
I constructed my own chassis, consisting of 
two U-shaped pieces of Yio” aluminum. Using 
the GDO is a breeze, for it fits the hand 
very comfortably; if placed on the work- 
bench, it doesn’t roll off each time it is 
bumped. The completed case (1%” H x 
2h” W x 6K” L) is exceptionally rigid 
and imparts a reassuringly solid feel when 
handled. Commercially available miniboxes 
could be used if you don’t have facilities 
available for rolling your own. 

In building the rf oscillator, keep all the 
rf leads as short as possible; especially the 
short lead from C, to Q,; and from circuit 
ground to chassis ground, It was found that 
false dips could be completely eliminated if 
a copper strap 4” wide was added from the 
capacitor ground lug directly to chassis 
ground. Apparently the ground on the var- 
iable capacitor C, is not quite good enough 
at frequencies above 100 mHz. Various 
transistors were tried in the oscillator; the 
PNP type 2N2398 was found to be a good 
performer, as was the NPN type 2N918. 


MODULATOR (FRONT) 


Layout of the two circuit boards used in the great dip,.er. Alrnough iwo boards were used in this 
case, the circuit could be easily adapted to ono board, and even to printed circuitry. 
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Fig. 3. Construction of the plug-in coil assemblies. 
The coil forms were made from the plastic con- 
tainers which hold Polaroid print coater. 


However, the use of the NPN type could 
lead to problems with battery polarity. Ca- 
pacitor C, is a 1%” length of twisted wire 
positioned near the collector lead of Q,. This 
slightly modified oscillator circuit is from a 
book describing, among other things, a tran- 
sistorized GDO which you may wish to use 
as a reference. 

To keep cost low, a 0-1 mA meter was 
used in conjunction with a simple meter 
amplifier, If you happen to have a 0-50 “A 
meter lying in the junkbox, that would work 
equally well, and the circuit could be sim- 
plified accordingly. Several circuits were 
built for the meter amplifier; the one chosen 
was a compromise between cost and per- 
formance. A germanium transistor was used 
because it requires less voltage to turn it on. 
Leakage is low, the pointer of the meter 
resting just off zero when no coil is in place. 
Turther information can be obtained from 
January 1966 73 Magazine, which was the 
source for this circuit. 

A transistorized audio tone generator is 
coupled by a 2 uF capacitor to the base of 
the oscillator transistor for modulation. This 
modulated oscillator allows the GDO to be 
used as a versatile signal source. An output 
jack is included on the panel to allow the 
1 kHz tone to be used without turning on 
the oscillator. 


4-POSITION SWITCH (25 CENT VARIETY 
FROM RADIO SHACK OR LAFAYETTE) 


SIGNAL 


METER AMP, 
O1OOE 
AUOIO OSC. 
Osc. 
RF OSC. 
moo. OSC. 


o————0 +3 


Fig. 4. Wiring the four-position slide switch for 
the great dipper. 


The three plug-in coils 
for the Great Dipper. 
Three ranges cover from 
28 to 216 MHz. The sec- 
ond harmonic of 216 
MHz may bo used for 
juning up 432 MHz con- 


verters and such. 


48-105 MHz 





105-215 MHz 





Fig. 5. Full-seale dials for the great dipper. If tho 
construction shown in the photographs is followed 
closely, the calibration of these dials should bo 
within several percent. 


There are a couple of components which 
not everyone will want to duplicate. One, the 
sub-miniature 10k pot with SPST switch, was 
chosen because a very limited amount of 
space was available; if the unit is built on a 
larger chassis, the more commonly available 
Midgetrol could be used. The other, a four 





position switch used to select the desired 
mode, is a 29c variety available from Lafa- 
yelte or Radio Shack. It has a peculiar 
switching arrangement and if you duplicate 
this project, several hours of experimenting 
could be eliminated by following the pic- 
torial diagram included in this article. A 
disadvantage of this particular switch is that 
the meter does not indicate in the modulated 
oscillator position. 

Using individual scales on each plug-in 
coil assembly greatly enhances scale leg- 
ibility, reducing the chance of reading error 
and speeding frequency identification. This 
scheme; however, is not original. It was de- 
scribed in a 1957 issue of Short-twave Maga- 
zine, and is currently being used on a com- 
mercial GDO. It requires little additional 
effort ta build the coil assembly in this man- 
ner and is, to me, well worth that extra 
effort. For want of anything else, the coil 
forms were made from the plastic tubes which 
contain the film coater supplied with each 
roll of Polaroid film. 

Lastly, ease of tuning is accomplished 
largely through the use of a 1” skirted knob. 
Small knobs are simply too difficult to use 
comfortably. 


Calibration and operation 


It is best to calibrate this GDO by listen- 
ing for the oscillator, modulated by the 1 
kHz tone, on a general coverage receiver. 
An alternate method is to use another GDO, 
placing one in oscillate and the other in 
diode, tuning for either peak or dip. The 
scales which were used on this GDO will 
serve if parts and layout are followed closely. 

To use this unit as a dipper, place the 
mode switch in oscillate, and place the dip- 
per coil next to the coil under test. The turns 
of both coils should be parallel, and not at 
right angles to each other. To keep from 
pulling the oscillator frequency, keep the two 
coils separated as much as possible, while 
still maintaining a meter dip. This assures 
that dial accuracy will be kept high. If a coil 
is inaccessable, twist a pair of wires togeth- 
er, forming a two turn coil on each end; 
slip this coupling link over the two coils. 
Keep in mind that a coil, when it is in a 
circuit, may not dip at the same frequency 
as when it is out of this same circuit. 
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GREATER DIPPER — MODIFICATION 
John E. Boyd WAQAYP 


Introduction 


To the uninitiated, a grid dip oscillator is 
neither glamorous nor exotic, even if it does 
happen to be transistorized. But to those 
who have ever tried to put a coil on 
frequency, one is worth its weight in micro- 
circuits, 

The original model of the Great Dipper 
proved to be a versatile, if unexciting, grid 
dip oscillator. Intended to be used mostly at 
VHF, the dipper was limited to frequencies 
above 28 MHz. To those who seldom oper- 
ate above 10 meters, the lack of frequency 
coverage below 28 MHz was a definite 
handicap. Expanding the frequency coverage 
downward extends the dipper’s usefulness 
considerably. 

Component changes made were not 
extensive, nor were the physical dimensions 
of the unit changed. The schematic diagram 
of the modified circuit is shown in Fig. 1, 
and the pictorial diagram of Fig. 2 is included 
to supplement the photographs printed in 
the original article. 


Modification 


First, the oscillator circuit board should 
be rotated 90 degrees from its original 
position so that transistor substitution or 
replacement can be made easily. A micro- 
wave diode might be substituted for the 
original glass computer-type diode; this 
results in better performance at VHF, but its 
effect cannot be accurately predicted. A 
1N21 or 1N23 diode could be used in place 
of the D4900 called for in the schematic. 
Best oscillator performance over a wide 
frequency range results from using a 5 pF 
capacitor as the collector feedback coupler, 
but this was a compromise value. If oper- 
ation is likely to be confined to either the 
HF or VHF segments of the radio spectrum, 
some experimentation with this capacitor 
should result in improved performance over 
that particular range. For experimentation, 
use a 3-12 pF or 4-30 pF trimmer. 





Fig. 1. Schematic of modified circuit, with com- 
ponent changes indicated by *. L1; 13-23 MHz, 
14% turns No. 20; 22-44 MHz, 5% turns No. 24, 
45-90 MHz, 1% turns No. 24; 90-195 MHz, 24% x 
3/8 in. 
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Fig, 2, Pictorial view of the dipper and its circuit 
board. 


To perk up meter amplifier performance, 
the 2N388 meter amplifier is replaced by a 
2N918, a relatively high gain, low leakage 
transistor. 

Although the change was not made in this 
unit, a 6-100 pF (MAPC-100) variable capa- 
citor could be substituted for the existing 
5-50 pF unit. As can be seen from the 
full-size scales, frequency coverage is narrow 
on the 13-23 MHz plug-in coil. Those who 
frequently construct HF gear might benefit 
from the substitution. 

Operation 

Operation of the dipper is the same as 
before, except the frequency range is 
greater. Another coil must be wound for the 
10-25 MHz range, but existing coils were not 
modified. Calibration is now different from 
before; full-size scales are included with this 
article for those who do not have a general- 
coverage receiver or another grid dip oscilla- 
tor on hand for calibration. 

Oscillation is still vigorous at 13 MHz, 
which indicates lower frequencies may be 


90-195 MHZ 


45-90 MHZ 
ORO 
«SES Lp 
So oe 


So 


reached with a suitable coil plugged in. 
Similarly. oscillation is still noticeable at 195 
MHz, so operation at higher frequencies may 
be possible. 


Finishing Touches 


Appearance of the dipper was improved 
after enlisting the help of a draftsman, The 
dial and meter scales were professionally 
inked. Figure 3 provides full-size copies of 
these scales, 

To improve the legibility of the labels and 
scales, they were inked on yellow cards 
rather than on conventional white paper. It’s 
a small point, but for those who use test 
equipment frequently, the black-on-yellow 
technique results in less eye strain. 


ETCHED CIRCUIT UHF DIPMETER 
Bob Corbett WIIFL 


| made three models of the dipper. They 
cover 130-175 MHz, 175-250 MHz, and 250- 
{80 MHz. The first two models use the same 
size inductor, with the 130-175 MHz model 
using a larger capacitor for tuning with a ce- 
ramic trimmer across it. This trimmer is not 
shown in the schematic; its value is 7-45 pF 
and it should he adjusted to cover the proper 
range. 

The 250-480 MHz dipper uses a smaller 
inductor than the others. It also has a copper 
jumper (shown in the Jayout) that the lower 
frequency dippers don’t have, 

Each dipper is complete (including the bat- 
tery) except for the meter. The meters were 
omitted to save space and money, but can be 


13-23 MHZ 


22-44 MHZ 





Fig. 3. Dial designs for the various MHz ranges, full size. 
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The three dippers shown here cover 130-480 


included if you wish to use a slightly Jarger 
case. 

Each dipper uses one RCA 2N3478 NPN 
silicon transistor. These transistors cost only 
$1.90 apiece, but it’s likely that other tran- 
sistors that are even cheaper could be used. 
The 2N3478 has odd basing—the only refer- 
ence is the short case-shield lead—so don't 
shorten any Jeads until you're sure that you 
can keep track of the connections. 

The copper side of the board for the 
dipper is shown in Fig. 2 with the com- 
ponent side in Fig. 3, Use glass or Teflon 
based board. Paper or bakelite board 
probably wouldn't be satisfactory. Trim the 
board to the proper shape with a nibbler. 
The inductor should be coated with coil 
dope to keep from shorting it when you use 
it. 
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Fig. 1. The etched circuit dipper is very sim- 
ple. The circuit is almost identical to the 
one described by WAI1CCH in the December 
1965 73, but the construction is quite dif- 
ferent, C1 is Johnson 160-104 (9 pF) for the 
two higher frequency dippers, and 160-107 
(14 pF) for the 130-180 MHz model. There 
is a trimmer across Cl in the 130-180 MHz 
model; see text. 


To mount the boards, youll have to cut a 
thin slot near the edge of the Minibox used 
as a case. One way to do it is to drill a num- 
ber of holes of the proper size in a row. then 
use a file to finish the slot. You'll have to hend 
that side of the Minibox ont to get the board 
in, It’s held in place by an extra set of nuts 
on the shafts of the potentiometer and the 
tuning capacitor. Be sure to trim the leads 
projecting from the copper side of the board 
so that they won't touch the metal of the case, 
The battery is held in place with a simple clip 
made from serap metal. 

The dipper is very easy to use. But before 
we get to that, let’s check it out and calibrate 
it. 
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inside of one of the dippers. 


Here's the 






130-175 MHz 
175-250 MHz 


275-480 MHz 
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Fig. 2. The copper side of the etched circuit 
board used in the dipper. This layout is full 
size. Use board suitable for these frequencies: 
fiber glass or Teflon. 


Plug a 2 to 5 mA meter into the meter 
jack. You can use a more sensitive meter if 
you shunt it with a resistor that gives the 
proper scale. Put the resistor across the meter 
jack terminals in the dipper if you use the 
meter for other things. 

Turn on the dipper by twisting the poten 
liometer knob clockwise until it clicks. The 
meter should show very low current. As you 
turn the pot, the current should suddenly 


jump to about 1 mA. That means that the 
transistor is oscillating, If you touch the coil, 
the meter reading should drop and the dipper 
muy stop oscillating completely. Now tune the 
capacitor through its range. There should be 
a little variation in current, but not too much. 

Now you're ready to calibrate the dipper. 
The easiest method is a sensitive wave meter 
that covers the range, but it's quite easy to do 
the job with a TV set. A TV set covers 176 
to 216 MHz (channels 7-13) for the low cali- 
bration, Then the second harmonics of the 
dipper tuning 235 to 445 MHz can be received 
on a UHF TV set (470-890 MHz). If vou have 
a two meter receiver, that gives you another 
maker at 146 MHz. You can put on the panel 
markings with Ami-Tron or Datak rub-on 
lettering. 

The dipper should be complete now, and 
ready for use. Bring the dipper near a res- 
ouant cirenit in the dipper’s range and tune 
the frequency control. You should get a promi- 
nent dip in current when both circuits are 
tuned to the same frequency, The amount of 
dip depends on the setting of the pot in the 
dipper, the distance from the tuned circuit, 
the Q of the circuit, and the type of coupling. 
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Fig. 3. Component side of the dippers. There 
is a 7-45 pF ceramic trimmer across Cl in 
the lowest frequency model. See the text. 


In many eases it’s easiest to leave the dipper 
stationary and tune the other circuit. 

The dipper can also be used for monitoring 
AM transmitters by plugging a set of head- 
phones in the meter jack and adjusting the 
tuning and pot. You can also use the dipper 
for determining the frequency of another oscil- 
lator, Simply tune the oscillating dipper with 
headphones plugged in until vou hear a slight 
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click, You prebably won't be able to get a 
zero beat at these frequencies. 

Be careful that you don’t use the dipper 
around an energized transmitter of more than 
a few watts output or the dipper may be 
damaged. 

These dippers are simple, inexpensive and 
non-critical to build. After you've build them, 
you'll wonder how you ever tried to build 
UHF equipment without a good dipper. 


UHF GRID DIPPER 
J. Fisk WA6BSO 


When building or testing equipment for the 
420 me band, amateurs invariably run into the 
problem of, “Where am I?”. It becomes a little 
difficult to tell whether you are actually in the 
band or somewhere nearby. The uninitiated 
will counter that you should be able to figure 
close enough, after all the band is 30 me wide; 
but even the experienced old timer will con- 
firm that this just isn’t so. 

The 420-450 me amateur band falls be- 
tween the VHF and UHF television assign- 
ments and there is very little to use for a 
frequency reference point. It is nearly impos- 
sible to tell exactly where you are without re- 
sorting to expensive commercial gear or lecher 
wires. Nor is the problem confined to the % 
meter band; when building crystal controlled 
converters for 432 or 1296, it’s nice to know 
that the Just tripler is really tripling and not 
doubling or quadrupling. Even with a 45 or 
50 me crystal, it’s quite easy to tune up on 
the wrong harmonic, Remember that a 40 me 
change at 400 me is analogous to a 400 ke 
change on 75 meters. 

There are several commercial instruments 
that fill this requirement nicely, but the cost of 
the least expensive of these would buy a pretty 
respectable all band receiver. Occasionally 
suitable test equipment appears on the surplus 
market, but again, the price is prohibitive. 
The simple UHF grid-lipper described in this 
article was designed specifically to economi- 
cally fill this need. It covers the frequencies 
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Fig. 1. Schematic of the rf head of the UHF grid 
dipper. 





from 300 to 680 me at a total cost that is 
comparable to a low-frequency kit-type grid- 
dipper. By using junk-box parts and = smart 
horsetradesmanship this cost may be substan- 
tially reduced. I should hasten to point ont 
that substitution of parts in the tuning head 
should be avoided if accurate dial calibration 
is desired. 

This particular grid-dipper has been dupli- 
vated several times and in each case calibra- 
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tion has been within several percent of the 
original unit; at Jeast as accurate as the 
familiar kit-type grid-dipper. This is helpful 
to the ham who does not have access to com- 
mercial equipment for calibration purposes. By 
using the layout and parts described in this 
article, the precalibrated dial illustrated in 
Fig. 8 may be used with a minimum of error. 

Although an accessory power supply, modu- 
lator and indicator are included in this design, 





Fig. 2. Power supply and modulator for the UHF grid dipper. 


an enterprising ham could use the power sup- 
ply and meter presently available in any lower 
frequency tube type grid-dipper. Although us- 
ing a modified low-frequency dipper is simple 
and inexpensive, the power/indicator box spe- 
cifically designed for the UHF tuning head 
has several features that are not available in 
inexpensive kit-type units. These include in- 
ternal 1,000 cycle modulation, provision for 
external modulation, and voltage regulation 
which provides the necessary stability at the 
ultra high frequencies. 


The rf tuning head 


The heart of this instrument lies in the tun- 
ing head itself. There is nothing particularly 
new or different about the circuit, but at these 
frequencies stray inductance and capacitance 
in circuit layout and construction will seriously 
affect the end result. All the lead lengths must 
be as short as humanly possible and physical 
circuit layout must follow standard UHI 
practice. One of the big problems in building 
tunable oscillators at UHF is to obtain an os- 
cillator that will tune from one end of the 
range to the other with no “holes,” frequency 
jumping or instability. The series tuned 6CW4 
nuvistor oscillator shown in Fig. 1 fills these 
requirements. 


Insofar as possible, all the tuning head wir- 
ing is done on a point-to-point basis with the 
components mounted directly to the 6CW4 
tube socket or button capacitor lugs as illus- 
trated in Fig. 3. To obtain the desired accu- 
racy with the precalibrated dial, this diagram 
should be followed as closely as possible. 


To keep stray circuit inductance to a mini- 
mum, all wiring between the coil and tube 
socket is done with one-quarter inch wide 
strips of thin copper sheet. In addition, the 
rotor of the variable capacitor is connected to 
the 6CW4 grid (pin 4) with a short strip of the 
same material, The only tricky part of this 
Wiring is the installation of the series capacitor 
C4. This capacitor is a 500 picofarad button 
type mounted as shown in Fig. 5. The “S” 
shaped bracket (“A”) is made from a one- 
quarter inch wide copper strip, one and one 
half inches long and soldered to the mounting 
stud of the capacitor. Connection to the 6CW4 
plate (pin 2) is made with the soldering lug 
on top of the button, 





Fig. 3. Critical wiring around the 6CW4 socket. 
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serew holes are drilled with a standard % inch 
drill to pass 4-40 screws; 342 inch holes will 
be requived if 6-32 screws are used. 

The dial window is cut from a sheet of Mis 
iuch clear plastic to the dimensions shown in 
Fig. 4. A hairline is scribed in the center of 
this window; if a more distinct line is desired, 
this scribe mark may be filled in with black 
india ink, After the tuner enclosure is com- 
pleted, this dial window is epoxied in place 
over the dial cutout. 

The coil socket is made by installing two 
banana jacks (E. F. Johnson type 108-740) on 
14a inch centers in the Teflon connector insu- 
lator illustrated in Fig. 4 (if Teflon is not 
available, Polystyrene may be used). This 
“socket” is installed over the large oblong hole 
cut in the end of the chassis. The screw holes 
used for mounting the connector insulator are 
match-drilled to the holes in the insulator it- 
self, In this way it is properly mated to the 
enclosure. Although nylon attaching screws 
were used in the original model, they are not 
necessary and regular metallic screws will not 
alter any of the oscillator’s characteristics. 

To reduce stray capacity to a minimum, the 
oscillator circuitry is mounted on an insulating 
sheet. Teflon was used for this purpose in the 
original unit, but epoxy board with the copper 
peeled off would be perfectly suitable. Shect 
polystyrene is not too desirable in this location 
because of its susceptibility to heat. The en- 
velope of the 6CW4 gets very hot and the 
ambient temperature within the confines of 
the small chassis is quite high. 

The general layout of the Teflon oscillator 
support and associated support angle are also 
shown in Fig. 4. The angle is cut out from a 
piece of Me inch aluminum sheet and bent in 
a vise to form the angle. When these two 
pieces are mated together, the metal angle 
will probably interfere with the lower nuvistor 
socket mounting screw. It must be drilled out 
using the hole in the oscillator support as a 
guide. This additional hole is not shown be- 
cause its exact location will vary from unit to 
unit and depends upon the accuracy with 
which the parts are laid out. 

The dial mechanism is not complicated, but 
it is hard to ascertain from the photographs 
exactly how it is put together. The exploded 
drawing of Fig. 6 should help in this respect, 
The vernier mechanism is an Eddystone 10:1 


Fig. 4. Layout of the tuner chassis, chassis cover, dial, connector insulator, oscillator support and oscil- planetary drive that provides both smooth 


lator support angle. 


Connection to the stator of the variable ca- 
pacitor is accomplished with another short 
strip of thin copper as shown in Fig. 5 (“B”). 
This piece of copper is bent so it touches both 
stator mounting pins when the unit is assem- 
bled; then it is saldered in place. 

The oscillator and tuning mechanism are 
housed in a standard 2% x 2h 4 inch chassis 
box Iaid out as shown in Fig. 4. Although the 
author’s unit is based on an LMB type 107 
chassis box, other manufacturers have simi- 
larly sized boxes which are equally suitable. 
The layout of the enclosure is straight-forward 
and no difficulty should be found in duplicat- 
ing it. The cial and coi] socket cutouls are 
made by drilling or punching round holes and 
then cutting out the area between them as 
shown in the drawing. This is easily done 
with an Adel “nibbling” tool. All of the small 
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Fig. 5. Exploded view of the connections between 
the 6CW4 and the coil socket, 


action and repeatability in a small package. 
Although this unit is manufactured in Eng- 
land, it is available from many of the larger 
electronics parts houses in this country. 

Substitution of similar drives should be per- 
fectly satisfactory as long as they don’t extend 
more than one inch beyond the front panel 
of the tuner chasssis. 

The vernier drive is connected to the vari- 
able capacitor through a 4 inch polystyrene 
shaft I-4 inches long and the usual “K to k” 
shaft couplers. Polystyrene or some other in- 
sulator must be used here because the rotor of 
the capacitor must be isolated from ground. 
Because of the space limitations inside the en- 
closure, the coupler at the variable capacitor 
end of this shaft is only one-half of a standard 
coupler. A standard “4 to 4" coupler is sawed 
in two and one-half is epoxied to the end of 
the polystyrene shaft. Save the other half; it 
will be used for the dial drum hub. 

The 8 pf variable capacitor was designed 
for screwdriver adjustment and its ie inch 
shaft must be made compatible with the 
standard coupler, This is accomplished with a 
bushing made from sheet copper. A_ short 
piece of K inch wide, Mz inch thick copper 
strap is formed around the capacitor shaft and 
takes up the slack between the shaft and the 
coupler. 

The drum dial in the original unit was 
made from the metal top of a Johnson's Shoe 
Shine Kit (49¢ at the local grocer's), but any 
similar closed cylinder 1-"%u inches in diam- 
eter and about J-'Mq inches long should be 
suitable; other diumeters will void the accu- 
racy of the precalibrated dial. The “skirt” or 
bottom rim is cut off the metal can at the cir- 
cumferential notch and a % inch hole is drilled 
in the center of the top. The remaining half of 
the % inch shaft coupler that was left over 
from the polystyrene shaft is then epoxied in 
place over the hole to provide a dial drum 
hub, Another hole is drilled in the side of the 
can 4g inches from the top; this provides ac- 
cess to the shaft coupler on the rear end of 
the vernier drive. 

The precalibrated paper dial may now be 
cemented in place. It’s a good idea to cement 
a piece of white paper the same size as the 
dial between the dial and the drum, otherwise 
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Fig. 7. The coils for the UHF grid dipper, 


the label on the can will show through the 
paper dial. Rubber cement is recommended 
at this point to prevent excessive wrinkling 
and distortion of the dial. 

When all of the dial parts are completed, 
they are put together as shown in Fig. 6. It's 
a little crowded in the small box, but all of 
the parts will fit. However, in order to get all 
of the dial machinery into the box in the right 
order, a correct assembly sequence must be 
followed. First the polystyrene shaft and cou- 
pler are inserted into the dial drum from the 
rear. Next insert the Eddystone drive assembly 
through the hole in the front panel and mute 
it with the end of the polystyrene shaft. Place 
the bushing over the capacitor shaft, attach 
the polystyrene shaft and tighten the coupler; 
also tighten the coupler at the back end of the 
Eddystone drive thru the access hole pro- 
vided in the dial drum. Install the vernier 
drive mounting screws. Now completely mesh 
the capacitor plates, center the low edge of 
the dial in the window and tighten up the 
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dial drum hub, Disassembly must be accom- 
plished in reverse order. 

The tuning head is attached to the indica- 
tor/power unit through a four-conductor cable 
three feet long. This cable is attached to the 
box with a plastic cable clamp mounted in a 
hole provided immediately adjacent to the 
oscillator support angle and exits through a 
rubber grommeted hole at the front end of the 
enclosure. There is not enough room at the 
rubber grommet to use a cable clamp, so the 
stble is epoxied to the box at this point. Be- 
fore installing the cable, however, check for 
sufficient clearance between it and the dial 
drum. It will probably be necessary to route 
the cable along the corner of the chassis to 
gain enough clearance. 


Power indicator modulator 


The power/indicator unit is housed in a 


standard 9 x 6 x 5 inch utility box (Bud type 
AU-1040 or equivalent). The layout of this 
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Fig. 6. Assembly of the dial. 


circuitry is not at all critical, and just about 
anything that suits the builder may be used, 
The only particular caution that must be ob- 
served is with the transistorized 1 ke phase 
shift oscillator. This unit is built on a piece of 
perforated epoxy board (Vector 32AA18) 1-Yin 
inches wide and 1-'%46 inches long. To pre- 
clude any 60 cycle pickup, this board is sit- 
uated on the opposite side of the chassis from 
the power transformer. 

In the author's case all the power/indicator 
components were mounted on a 4 x 5 x 1 
inch aluminum chassis. This chassis was then 
mounted to the front panel of the utility box 
with the phone jack and power plug mounting 
nuts. Two large diameter holes (1-% inch) are 
punched in the rear panel to provide access to 
the fuse holder and to pass the AC power 
plug. A chassis handle (Bud H-9168) on the 
top and rubber feet on the bottom just about 
complete the unit. There is one other addition 
however; five pairs of 4 inch holes, drilled on 
1146 inch centers along the rear edge of the top 
of the box provide convenient storage for the 
five frequency determining coils. A coat of 
spray paint and some Datak “Letraset” dry 
transfer labels are the finishing touches. 


Calibration and operation 


Without uccess to existing 420 me equip- 
ment with known frequency characteristics, 
exact calibration in this band is impossible. 
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However, this grid-dipper may be checked on 
the other ranges with the uid of an all-band 
television receiver. If the circuit layout and 
construction techniques described are closely 
followed, good correlation can be obtained 
and reasonable accuracy insured. The bands 
that are likely to be the furthest off are the 
lowest and the highest. In the lowest the coil 
spacing is quite critical and in the highest a 
slight change in length will move the fre- 
quency several megacycles. An accuracy of 2% 
at 600 me is plus or minus 12 me; close atten- 
tion to the specified dimensions should provide 
accuracy better than this. 

Operation of this grid-dipper, is exactly the 
same as any lower frequency unit. It may be 
used in determining circuit resonance, detect- 
ing parasitic oscillations or as a signal genera- 
tor, Because of its extended range, it has been 
found to be very useful in determining the 
series resonance point of rf chokes and ce- 
ramic bypass capacitors. 

In the detect mode. this unit will indicate 
rf voltages as low as 50,000 microvolts. More 
sensitive operation may be obtained if it is 
used as an oscillating detector. In this case 
headphones are used and an audio beat note 
will be heard when the grid-dipper is tuned to 
the oscillator being checked, In the upper 
frequency ranges, it is usually difficult to ob- 
tain an actual beat note, and only a “tick” 
will be discernible when you tune by the 
frequency of the unknown energy. 
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When the oscillator is tuned between 605 
and 650 me, there is sufficient second har- 
monic energy to provide a strong reference 
signal in the 1215 mc amateur band. This is 
particularly useful in the initial tune-up of 
converters for this band. Use of the internal 
1000 cycle modulation aids in distinguishing 
the grid-dipper signal from other rf sources 
that are present throughout the spectrum, 


WIDE RANGE VHF-UHF DIPPER 
Bill Hoisington KICLL 


Most dippers for amateurs that I have 
seen so far, not counting the $400 ones, 
stop around 200 MHz just as you are about 
to enter the fascinating UHF region. We 
do have the 432 and 1296 bands, so let’s 
become more familiar with them. 

After all these years of “grid-dipping™ 
we find ourselves without a grid; so it just 
becomes a “dipper”. To retain the prestige 
of a hyphenated name we can call it a 
“dipper-generator”. Most grid-dippers have 
been used as generators, but this one has 
built-in modulation, variable input-output 
coupling, controlled Q, and several other 
interesting features. Best of all, it goes all 
the way up to 1296 MHz. 

When this little unit is completed it may 
be used as a dipper for determining the 
resonant frequency of VHF and UHF cir- 
cuits, as an indicating frequency meter with 
an adjustable Q-multiplier, a field strength 
meter and modulation monitor, a sensitive 
regenerative receiver, or a CW and MCW 
signal generator. You can also use it as a 
harmonic monitor or as a frequency trans- 
fer unit from one transmitter to another. 

Several circuits must be considered when 
building a wide band instrument such as 
this. For example, you should change cir- 
cuits around 100 MHz and again at 600 
MHz, give or take a few hundred. Below 
100 MHz coils are good; from there to 
600 MHz you can use & wave resonators, 
and after that the & wave job becomes 
rapidly the best method, up to 1300 MHz. 


Plug-in rf heads 


I have made no attempt to cover the 
complete range from 130 to 1300 MHz with 
one oscillator. By using plug-in tuners you 
may vary the components to suit the fre- 
quency. On 50 MHz for example, you may 
use a low cost transistor, a coil, and a 25 
or 50 pF capacitor. From 100 to 600 MHz 
you use a better transistor, a { wave strap, 
and a 10 or 15 pF capacitor, In the micro- 
wave region up to 1296 MHz you use the 
best transistor you've got, % wave lines, 
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Fig. |. Basic VHF/UHF oscillator circuit. 
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Fig. 2. 130 to 300 MHz tuning head. 


and a small butterfly capacitor of 3 to 5 
pF. 

If you break the circuit at the right point, 
it’ simplifies things—then the two halves 
muy be connected through a miniature 7- 
pin socket and plug as shown in Fig, 2. 
All four leads are reasonably dead to rf. 
You can leave out some of the audio if you 
like, but it’s very handy to have a modu- 
lated signal. If you're running triple or 
quadruple conversion, it’s nice to know by 
it’s modulation which is the signal and 
which might be a birdie. As far as dials 
are concerned—it makes calibration and 
reading a lot easier to have only one band 
or range per dial. 


130 to 300 MHz oscillator 


Fig. 1 shows the basic X wave circuit; 
Fig. 2 the complete rf unit with control, 
uf output and modulation. 

The circuit itself is very simplified, as 
seen in Fig. 1; there being only one in- 
ductance, L1, and no choke coils. This should 
make for a flat tuning oscillator without 
power dips as it is tuned over a 2 to 1 range 
in frequency, and it does just that. With 
a 2N1726 in the circuit there is a smooth 
power output curve from about one volt rf 
at 130 MHz down to # volt at 300 MHz, 

The rf coupling jack Jl couples the rf 
energy both in and out. This is because 
LI acts as either a detector resonator or 
an oscillator resonator, as required. Actual- 
ly this rf jack can be used as shown in 





Fig. 3, 300 to 600 MHz oscillator with variable link. 


Fig. 2. Pl is a variable link to L1 and is 
plugged into Jl; JIA has a few inches of 
cable between the white ABS plastic front 
panel and the copper clad bakelite sub-panel. 
Because the phono plug is rotatable, a nice 
variation in rf coupling can be obtained. The 
coax cable and J1B get the rf out to the 
front panel for easy use with antennas, 
probes, cables, etc. 

The emitter goes to a 1K resistor then 
through a coaxial bypass capacitor which 
gets the de in and out and leaves the rf 
behind. These feed-through type bypasses 
are very necessary—do not skimp on this 
item. 


300 to 600 MHz unit 


Fig. 3 shows that this unit is essentially 
the same as the last, except for dimensions. 
I used a 2N1141 here although many others 
will work too. It tunes smoothly from 300 
to 600 MHz; use the variable link feature 
as in Fig. 2. 


900 to 1100 MHz 


For this frequency range we need a little 
different approach. From Fig. 4 we can 
see that we now have two 4 wave lines 
on which low-voltage points can be found 
to attach the base and collector resistors. 
Most of the K wave portion of the lines 
on the transistor end are actually inside 
the case. The places where the base resistor 
and the 500 ohm collector resistor are at- 
tached to the % wave lines can be found, 
or checked, by watching the rf meter and 
touching the lines with a pencil, At the 
proper point no change occurs in the rf 
output; sometimes it even increases. 

The diode circuit of Fig. 6 is not ideal 
but it works. I have several of these around 
the shack and they work very well for de- 
tecting 1296 Mhz energy. Even ordinary 
hook-up wire will support the assembly of 
Fig. 6 about % inch below the rf lines; 
you will soon find the best spot with the 
unit oscillating. The rf input jack and as- 
sociated loop L3 are fastened so that L3 is 
in place over L1 and L2, and it’s coupling 
can be varied in a semi-fixed fashion. 

At this point we should mention that as 
a “dipper” the circuit is still working fine; 
also as a signal generator. It also serves 
as an rf detector but as the frequency gets 
up into the microwave ranges it is not 
quite as good as the tuned rf detectors fea- 
tured in another article in 73 Magazine. 
Ideally, you should use the dipper on micro- 
waves as a modulated generator and couple 
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Fig. 4. 900 to 1120 MHz oscillator circuit. 
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Fig. 5. 1200 to 1300 MHz oscillator and layout. 


it into the unknown circuit; then a probe 
attached to another tuned detector should 
be coupled into the unknown circuit. There 
are quite a few variations using the dipper 
as an oscillator that you will find useful 
if you use a little ingenuity. 

In the microwave detector line, my ex- 
perience indicates that the plunger tuned 
coax cavity line is the best, the tuned 
trough line next, and the circuit of Fig. 5 
next best. As a dipper, generator and re- 
generative receiver it is still good at 1296 
MHz. Just to check, I plugged an antenna 
into J1, put an audio amplifier across the 
diode and copied a small transistor oscilla- 
tor across the room. The base bias control 
works as a very smooth regeneration con- 
trol. Smooth regeneration, as we will see 
later, is very important for maximum sensi- 
tivity when looking for harmonics and weak 
signals, 


1200 to 1300 MHz unit 


Fig. 5 shows the 1296 unit; I have used 
this circuit for many months as a dipper, 
variable-frequency generator, modulated- 
oscillator source, and as a regenerative re- 
ceiver for 1296. In this circuit I used a 
negative de grounded collector return. Don’t 
short the base plate to the modulator base. 
Note that one end of the diode is tied to 
the base plate; this lead is brought out 
as the minus 12 volt lead. You can also 
use it ungrounded as in Fig. 4—you can 
use a 5th lead in the 7-pin plug and keep 
the diode isolated from the minus 12 volts. 
Suit yourself, just remember that all units 
have to use the same leads, as they all. 
plug into the single modulator rf unit. 

I just plugged a little 12 element Yagi 
antenna into this dipper and it works nice 
and smooth as a_ regenerative receiver. 
Please note, this is only for test purposes 
around the shack. You can hear with it, 
but not that good! 

I had to put a choke in the cathode Jead 
on this one, and tune it (the choke) with 
a piece of copper foil. A choke was needed 
in the collector lead too; after all this is 
the L-band microwave region. 

The rf input jack Jl is mounted on a 
bakelite upright. Be careful of vertical metal 


pieces attached to the base plate; they only 
need to be two inches long or so to be- 
come Marconi antennas on 1296! Bring the 
base resistor and the collector choke away 
from the lines in a perpendicular fashion— 
it helps. 

The total length of the diode and it’s 
two leads, from ground to the tiny .001 
capacitor C2 is about 1% inches; it is spaced 
about 3/16 from the ground plane. The bot- 
tom edges of the lines are about % inch 
from the ground plane. 

The transistor presently in the unit is 
a selected 2N2398; about half of the dozen 
or so I have here go to 1300 MHz, a couple 
go to 1400, and the rest to 1100 or 1200. 

Don’t be alarmed that Ll and L2 are 
longer than those of Fig. 5, the smaller 
butterfly capacitor does that. You can make 
a choice as to capacity, length of brass, 
and desired rf range. You can use a 5 or 
10 pF capacitor for Cl, shorter lines, and 
tune over 1800 MHz. In fact, I have reached 
1600 MHz with this circuit! 


Modulation and control 


Fig. 7 shows the circuitry for bias con- 
trol, modulation and audio. Don't let it 
scare you. It’s just the same old deal of 
doing what has to be done for control pur- 
poses, and from then on just turning the 
knobs to get what you want. 

I have found that a very good plug and 
jack can be made by using an ordinary 7 
pin socket and a Methode 7 pin bakelite 
plug. Unfortunately, I have never found a 
miniature tube with a bakelite base; they 
are always made of glass, so you will prob- 
ably have to buy the 7 pin plug. 

The minus 12 volt lead goes to the col- 
lector meter jack and then to the minus 
12 volt of the power supply. This puts the 
rf panel ground at minus 12 volts and the 
audio af panel at plus 12. Of course, you 
don’t have to ground the plus 12 on the 
audio panel, I just have that habit. 

The base return goes through a 5K re- 
sistor and then to the bias control potenti- 
ometer. The diode de/af output goes to af 
jack J2 and the meter M1 through the 
meter sensitivity control. This potentiometer 
is selected to suit the meter; I have used 
a 10 K unit with a 500 microampere meter. 
Note that part of this resistor should be 
used when af output is desired, otherwise 
the meter shorts out the af. 


Audio modulation 


You might think that just about everyone 
knows how to build an audio oscillator. 
Mine did oscillate, but the tone! And the 
wave-shapes, hoo-boy! I used an af trans- 
former with the collector on one side and 
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Fig, 6. RF detection loop for half-wave oscillators. 
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Fig. 7. Power control, modulation and audio cir- 
cuitry, This circuit is used with all the rf heads. 


the base on the other. So, once again to 
the handbooks and once again practically 
zilch. I did get the idea for a phase shift 
yscillator out of one of them, even if the 
circuit didn’t work at first. After consider- 
able experimentation I can recommend the 
circuit shown in Fig. 7. It works! In addi- 
tion, the modulation may be adjusted to 
exactly 1000 MHz. This is very useful as 
many microwave test amplifiers have built- 
in narrow band af audio filters centered on 
1 KHz. There is also a modulation gain 
control. This helps if a nice tone is desired. 

Almost any small transistor output trans- 
former will do the job for the-af transform- 
er, but don’t go over 400 ohms impedance 
in the collector winding. Note the 1K re- 
sistor between the collector and the phase 
shift network; this reduces feedback to the 
base and may have to be increased or de- 
creased depending on the gain of your 
transistor at 1000 Hertz. 

I usually run the rf current (collector 
de) between one and two mils with the 
2N1726 transistors; other transistors may 
take more. A number 48 bulb in the col- 
lector lead may save you a $3 transistor. 
With the 2N1141 the rf output keeps climb- 
ing up to 4 or 5 mA collector current. You 
will readily find the best place to operate. 
When the collector mils keep climbing and 
the rf output starts to drop off, back off! 


Operation 
Dipper 

As a general rule “dipping” is easier in 
the VHF region and gets more difficult as 
you go into the microwave region. On HF 
you couple one coil end on to the other; 
on VHF you bring it near, and on UHF 
you have to work to get the necessary 
coupling or use a probe, 

With nothing near the dipper, swing the 
dial through the range to make sure it has 
no dips of it’s own. The VHF/UHF units 
without chokes described here do not gen- 
erally have such dips. Unwanted dips can 
be caused by chokes, resonant feed wire 
lengths, metal supports, and rf links and 
cables among other things. 
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When you do get a dip after coupling 
to the unknown circuit be sure and change 
the resonance of that circuit for a final 
check while watching the dipper meter, If 
the test circuit is a tuned circuil vary the 
tuning and see if the dipper will follow it— 
it should, Wf all else fails, use the dipper 
as a generator. Since it is very difficult to 
get the far end of a cable matched exactly 
over much of a frequency range, expect to 
find external dips in the dipper when using 
a cable. 


Indicating frequency meter 

Always keep the transistor plugged in 
and the base bias at zero so the diode is 
doing the work. When you advance the bias, 
collector capacity will cause the dipper fre- 
quency to change a little—-more with some 
transistors than others. 

For finding a weak signal you can use 
regeneration by turning up the base bias, 
but watch out for slight frequency changes. 
This regeneration can be very handy for 
finding weak oscillators or hard-to-find rf 
energy. Use the rf input loop with care; 
the least coupling is the best. Remember that 
some cables and terminations will detune L1. 


Field strength meter and modulation 
monitor 


The first part is obvious; use a small 
antenna or probe, get some signal in, and 
go ahead. Do not use any base bias to start 
with. If you are working with a very weak 
signal you might have to push the bias up 
for regeneration. 

The modulation monitor is simply our 
often-described system of diode detector, 
transistor amplifier, and padded car-phones, 
You can actually hear what your own trans- 
mitter sounds like to others. I use it on 
every new rig and after every circuit change. 
You don’t need much of an antenna or 
probe when listening to your own rig; don't 
overload the diode when checking modula- 
tion. In fact, use light rf coupling and plenty 
of audio gain to hear yourself as others 
hear you. 

Regenerative Receiver 

Plug an audio amplifier into J2, Fig. 7, 
advance the bias control, and tune. I have 
heard several UHF TV stations from Massa- 
chusetts up here in Peterborough, so it is 
really sensitive. One nice feature of this cir- 
cuit is that the regeneration turns into os- 
cillation very smoothly. Stability is good too, 
You can heterodyne a crystal controlled 
two meter signal and copy CW with it. Not 
bad for a 144 MHz blooper! 

To transfer signals from one transmitter 
(A) to another (B), just tune in A, then 
shut it off; listen for B and tune it in. 
That's all. Harmonic monitoring is easy: 
just tune over the suspected range in the 
regenerative condition. It is particularly 
good because only one frequency is present 
in the receiver. This is not the case when 
using a super-het receiver for monitoring 
harmonics. 


Signal generator 


One of the big features of this circuit 
is the presence of an rf meter right in the 
proper place circuit-wise. The modulation 
also helps, especially when running triple 
or quadruple conversion in a receiver. The 
modulation control is very convenient, at 
full on its spreads the signal across 20 or 
30 kHz on a selective receiver. For check- 
ing a difficult to get at circuit, use a cable 
and probe, either capacitive or inductive, 
to get the signal into the unknown circuit. 

I often use one of these units for an- 
tenna and receiver tests. I just plug a little 
two element beam into the rf jack and set 
it out away from the shack; often one or 
two hundred yards away. There is nothing 
like tuning up pre-amps with your antenna 
system connected. For antenna tests it is 
used in reverse. 


EXTRA SERVICES FROM YOUR 
GRID-DIP OSCILLATOR 
W. B. Cameron WA4UZM 


One of the handiest instruments around 
the average ham shack is the grid dip 
oscillator, but many hams do not get all of 
the advantages this little instrument can 
offer. Most people know that it is useful for 
finding the resonant frequency of an LC 
circuit, or for generating a signal someplace 
in the range, although it is not quite a 
substitute for a well calibrated signal gener- 
ator in this respect. 

Many people do not realize that the grid 
dip oscillator makes an excellent crystal 
calibrator as well. The typical grid dip 
oscillator uses a two-terminal coil and a two- 
section variable capacitor, connected in the 
form of a Colpitts oscillator circuit, with the 
variable capacitor providing the voltage 
division for proper feedback. This same 
circuit, with a quartz crystal replacing the 
coil, becomes a very satisfactory crystal 
oscillator. In this case, the variable capacitor 
becomes a trimming capacitor capable of 
putting the crystal on the proper frequency 
with considerable accuracy and also allowing 
a fairly wide latitude higher or lower for 
checking bandpass. 

The meter reading gives an index of 
crystal activity. What is required is an 
adapter to match the pins of the crystal 
holders to the coil socket of the grid dip 
oscillator. I have made up such an adapter 
for my particular unit which consists of a 1% 
inch by 4% inch piece of masonite which 
carries two banana plugs to insert into the 
oscillator socket, and several different sizes 
of crystal holders, all connected in parallel, 
to accommodate any crystals | happen to 
have around the shack. I carry in my tool kit 
various assorted crystals. These give me 
spot frequencies for band edges and other 
teference points on all of the amateur bands. 





GRID DP OSCILLATOR 


Crystal socket adapter for grid dip oscillator ex- 
tends the unit's capability by enabling it to read 
crystal activity. 


In checking the higher frequency bands, I 
find it useful to add a diode clipper and have 
one permanently wired on the same adapter 
board. This is a 1N69 which simply goes 
from one side of the crystal to a terminal 
point at which I can attach an antenna ora 
lead to the input jack of the receiver. By sim- 
ply attaching a short length of wire approx- 
imating a quarter wavelength at this frequen- 
cy, I can provide a strong enough signal from 
the shack to enable me to check out my 
direction finding loop in the automobile 
fifty feet away. 

In tuning up my 2 meter FM gear, I 
plug in a 3061.25 crystal (which is the 
transmitter oscillator crystal for my Link 
2m FM unit) and then couple from the 1N69 
to the input of the receiver. This provides a 
signal stronger than most of the local signals 
on the band, and adequate for initial tune- 
up. For finer adjustment of the i-f strip, I 
clip the lead from the I1N69 to the chassis 
close to the antenna input jack and the 
leakage provides a signal of the order of 
.2 wv, which is useful for final adjust- 
ment of the critical tuned circuits, the 
squelch control, and others. For best results, 
IT leave the oscillator and the receiver on for 
a half hour or so to warm up, and then with 
the variable capacitor in the grid dip oscilla- 
tor, | zero-beat the incoming signal of a station 
generally considered to be on frequency. 
Once this is done, | have a signal source on 
the bench with which to check the receiver 
for passband balance as indicated on the 
microammeter connected to the discrimin- 
ator output. 


GDO TO FIND C 
F.C. Rayer G3OGR 


WM: amateurs have a grid dip 
oscillator lying around, and an easy 
accessory can allow it to be used to read 
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the values of unknown capacitances up to 
about 1000 pF. This is useful for 
unmarked surplus, those with obliterated 
markings, or to find the swing of small 
variables. Or we may check the best value 
found in some circuit position with a 
preset or variable, then measure this and 
substitute a near value fixed capacitor. 

Figure | is the circuit. C1 and C2 are on 
the lid of an insulated box, carrying also 
spring terminals for CX. The capacitors 
have good knobs with pointers. Coil L can 
be half a dozen turns of stout wire, 
self-supporting, or anything which comes 
within a convenient range of the GDO (say 
2.5—10 MHz) with both variables fully 
closed. 

To calibrate, close Cl and C2 fully. 
Tune the GDO for the usual dip. Note the 
frequency on the box for future use. Take 
a few 1% capacitors, such as 100 pF, 200 
pF, and so on, up toa total of about 1000 
pF. Clip one to CX, Open C2 to restore the 
dip on the GDO. Mark the capacitor value 
on C2 dial. Series and parallel capacitors 
give more values. For example, 100 pF plus 
200 pF in parallel gives 300 pF, while 500 
plus 200 gives 700 pF, and so on. 

Restore C2 to its fully closed mark. 
Repeat to calibrate Cl, this time using 





Fig. 1. GDO to find C, 


capacitors such as 5 pF, etc., up to about 
50 pF. When you see how the scales mark, 
estimate intermediate markings, to fill in. 

Once calibration is finished, it is easy to 
find a capacitance value from about 2.5 to 
1000 pF. Close Cl and C2. Put the GDO 
near L and tune the GDO for dip. Clip the 
unknown capacitor across CX. Open Cl or 
C2, as appropriate, to restore the dip. Read 
off the value from the scale. That’s all 
there is to it! 


GDO COIL EXTENSION 
Bill Turner WAQA BI 


f\ grid dipper is a great piece of test 
equipment and belongs wherever rf 
equipment is to be designed, constructed, or 
serviced. All writings on the subject seem to 
be prefaced with this comment, and | 
hesitate to break tradition. Now that the 
formalities are over, we will proceed with 
the subject matter. 

Probably the one most inconvenient fea- 
ture of all grid dip meters is the physical size 
of the instrument. This holds true for the 
two unit commercial models as well as the 
more common self-contained types. It is not 


so much that they are large but rather that 
the head will not always fit into the nooks 
and crannies which seem to be designed into 
most equipment. This situation will more 
than likely become more severe as integrated 
circuits come into more general use. At 
lower frequencies the coil assembly is us- 
ually long enough to reach to within shout- 
ing distance of the desired circuit, but as the 
frequency is increased the dipper coil shrinks 
to perhaps an inch protruding from the case. 
Try getting this even near a circuit buried 2 
or 3 in. deep in a chassis and you will fully 
appreciate the magnitude of the problem. 


There is a way of relieving the difficulty 
which requires neither a great deal of time 
nor expense. It is only necessary to put to 
use some basic theory which each of us was 
required to know in order to get a ham 
license. Required are perhaps a 3 ft length of 
small coax (RG 174/U), 6 in. of hookup 
wire and a ballpoint pen casing. The innards 
of the pen are removed, and the business end 
reamed slightly to accept the ends of a % in. 
diameter one turn link formed of hookup 
wire. Inside the barrel of the pen the ends 
are soldered to the coax, insulated, and 
cemented in place. The remaining wire is 
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formed into a 2 turn link which fits snugly 
on the coil form of your grid dipper. This 
link is soldered to the opposite end of the 
coax and secured. Shrinkable tubing is per- 
fect to cover the joint. 


The next time you face this perplexing 
problem hold your head high and fear not. 
Merely slip the link over the coil form, place 
your probe so as to allow coupling into the 
desired circuit and proceed as usual, The only 
difference will be a more or less fixed load on 
the oscillator which doesn’t affect its ability to 
indicate resonance. As always, best results are 
obtained with minimum coupling. 


SIMPLE NOISE GENERATOR 
George Rubis KIONT 


As anyone knows that has done any work at 
all on receivers, whether it is a conversion or 
simply substituting a “hotter” tube in the front 
end, we get to the point where we begin to 
wonder if the adaptation was worth while or 
have we been fooling ourselves. 

A noise generator using one of the noise 
diodes (IN21 or IN23) can give an indication 
if any improvement has been made. 

The circuit is straight forward, but with one 
addition that others that I have seen do not 
have, The voltage is regulated by a Zener 
diode. 

The reason is obvious to anyone who has 
worked with the simpler type of noise gen- 
erator. The results are not always consistent 
from measurement to measurement and from 
day to day. The voltage and current vary with 
the setting of the variable resistance and due 
to the normal aging of the battery. 

The Zener Diode eliminates this by main- 
taining a constant line voltagy In our particular 
instrument it is six volts, Of course we must 
use a battery in excess of six volts, Nine volts 
is a good value. | have found that used 
transistor radio batteries still have enough life 
in most instances to last for many tests. 

One of the main requisites of a noise 
generator is that it must be shielded through- 
out, Therefore we must give some thought as 
to the placement of the various components. 

A Mini-box 2% x 2M x 4 is an ideal size. As 
for a connector I used the SO-239 coaxial. I 
find that this connector allows more flexibility 





To avoid excess wear and tear on the zener 
diode and the bottery a 200 ohm resistor 
should be inserted between the 9 v battery 
ond SI. 


Chapter VIII 


Noise Generators 





than any other. If a direct connection to the 
receiver is desired merely attach it through 
the double connector type DKF-2 made by 
Dow Key. On the other hand if it is desired to 
have the controls of the noise generator close 
at hand merely connect a length of Coax of 
eighteen inches or so. I haven't been able to 
discover that it has affected any measurements 
to any degree. 

In the construction of this noise generator 
just remember a few basic rules. Keep all 
connections as short as possible. The noise 
diode and bypass condenser and resistor (50 
or 75 ohms as the case may be) as close as 
possible to the output plug. Remember to use 
pliers to absorb the heat when soldering the 
leads of the diodes. 

To mount the silicon diode, which has one 
large end and one small, we must improvise to 
a certain extent. For the small end a lug from 
one of the old tube sockets will do. For the 
large end use a small fuse clip. 

Don’t be too fussy about the variable re- 
sistor. For most purposes any value from 10M 
up to 50M can be used. 

The battery you choose will determine the 
manner of mounting. 

No need to give detailed instructions as to 
the use of this noise generator. There are 
ample instructions to be found in various 
magazines as well as handbooks. 


» «+» KSONT 


Parts List 
2—'4 x 234 x 4 Minibox 
Br—9 volt battery 
Cri—6 Voit Zener Diode 
Cr2—IN 21 or IN 23 Silicon Diode 
RI—I0M-30M Variable 
R2—51 ohm or 75 ohm (according to your line) 
CI—.061 to .003 disk ceramic 
$1—S.P.ST. this may he on your variable resistance 
Pi—So-239 
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A CRYSTAL DIODE NOISE 
GENERATOR 
Karl Tipple WSTEV 


Most amateurs who do very much oper- 
ating at the higher frequencies where re- 
ceiver sensitivity rather than QRM often deter- 
mines success eventually come to the conclusion 
that their present receiving equipment is not 
as sensitive as would be desirable and that a 
change is in order. And once that change has 
been made, whether it takes the form of a new 
converter or modification of existing rf stages, 
one nearly always wonders whether the new 
really is better than the old. Comparisons of 
signal strength with new and old equipment 
are erratic and unreliable at best and do not 
necessarily give the desired information since 
the absolute output level or “S” meter reading 
is not the problem. What is actually of con- 
cern is whether the signal to noise ratio of the 
receiving system has been improved. Or in 
other words, does a given rf signal produce an 
audio output signal from the new receiving 
equipment that is louder in comparison to the 
background noise than did the same input 
signal with the original receiving equipment. 
If it does, the noise figure of the new receiving 
equipment is smaller (better) and it should be 
possible to copy a weaker signal than before. 

Unfortunately few of us own or have access 
to a signal generator of the proper frequency 
range, with an accurately calibrated attenu- 
ator and shielded output, for making the type 
of measurements mentioned above. For the 
majority of amateurs something less expensive 
and more readily available is needed. A crystal 
noise generator, which can be constructed for 
a few dollars and which will enable anyone to 
make before and after comparisons of noise 
figure, is such a device. 

Briefly, the theory behind the use of the 
noise generator follows. The sensitivity of a 
receiver is highly dependent on the ability of 
the rf stages to amplify a weak signal as much 
as possible while adding a minimum amount 
of noise to the signal. Noise of this type will 
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be heard at the receiver output as a familiar 
hiss or “rushing” sound. Now, if an external 
source of broadband or white noise (random 
noise independent of frequency) is connected 
to the receiver antenna terminals, an increase 
in noise or hiss will be noted at the receiver 
output. And if the noise generator output is 
adjusted to provide exactly twice as much re- 
ceiver output noise as existed before the appli- 
cation of the noise generator, then the gener- 
ator must be providing a noise signal equal 
to that generated in the receiver. Thus, if the 
receiver can be modified so as to reduce the 
noise generator signal required to double the 
receiver noise output, the noise figure of the 
receiver will have been improved. 

A noise generator of the type deseribed in 
this article can not be used for measurement of 
absolute noise figure without additional cali- 
brating equipment. It can, however, be used 
for comparison of noise figures. It enables one 
to determine whether a receiver really has been 
improved and it can be used to determine 
which of a number of possible modifications 
will yield the best results in terms of minimum 
noise figure (maximum sensitivity). Use of the 
device will be discussed in more detail later. 

A basic noise generator circuit is shown in 
Fig. 1. The noise is produced by CR1, a silicon 
diode of the 1N21 or 1N238 variety. These diodes 
have been widely available on the surplus 
market for several years. They are also readily 
available new at small cost; however as will 
be explained later, it may be desirable to use 
a surplus diode rather than a new one. 
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Ri=10,000 ohm pot--log taper preferred 

R2='/, watt non inductive resistor equal to line im- 
pedance 

Other parts samo as Fig. | 


The current supplied to the diode from the 
battery and therefore the noise generated by 
the diode is determined by the setting of 
Rl. The best value for Ri is necessarily a 
compromise since in its maximum resistance 
position it must limit the current to a low value 
but it must also not change resistance too rap- 
idly at the low resistance end of the range 


or the normal operating range of the instru- 
ment will be limited to only a few degrees ro- 
tation of the Ri shaft. A 10,000 ohm log taper 
pot should prove satisfactory. 

The value of R2 should be about the same 
as the transmission line impedance. A good 
value might be 56 or 68 ohms, although if it 
is desired to use the noise generator with 
equipment which normally operates from high- 
er impedance lines, a larger value should be 
selected for R2. In this case one might com- 
promise with a value of 100 ohms. Cl serves 
as bypass capacitor and may be either mica 
or disc ceramic. 

A more elaborate arrangement was used in 
the construction of the unit shown in Photo. 3. 
A schematic of this generator appears in Fig. 
2. Here a tapped battery (2 pencells) was used 
to minimize the range to be covered by R1. It 
should also be noted that the diode is shown 
reverse biased in Fig. 2. Many of the surplus 
diodes available have very poor reverse re- 
sistances, which will allow reverse bias opera- 
tion, and when operated under these condi- 
tions will generate considerably more noise 
for the same bias current than when operated 
in the more conventional configuration shown 
in Fig. 1. The diode must have a reverse re- 
sistance of only a few thousand ohms or less 
if it is to work successfully in the reverse bias 
connection, Therefore unless the reader can 
obtain some surplus diodes and select one with 
a low reverse resistance, it will probably be 
necessary to operate the diode forward biased 
and to use the higher battery voltage of Fig. 1. 

The meter range depends upon the battery 
voltage and the resistance of the diode in 
whichever connection it is used. The meter used 
in Fig. 2 was a O-4 ma surplus meter. How- 
ever, if the diode is operated in the forward 
biased connection a meter of somewhat high- 
er current rating will probably be needed. 
Therefore, it is suggested that a low range 
meter be obtained and if more than full scale 
current is required for the diode to develop suf- 
ficient noise, a shunt resistance can be placed 
across the meter terminals to extend the meter 
range. An inexpensive meter can be used since 
all that is needed is a relative indication of 
current. 


VOLTMETER 
riG 3 


For those not familiar with the IN21-1N23 
type diodes it might be mentioned that they 
have no wire leads. The anode connection is a 
brass shell on one end of the unit and the 
cathode connection is a brass pin at the other 
end. Although external connecting wires might 
be soldered to the brass ends, there is danger 
that the diode will be over heated and de- 
stroyed by such techniques. It is safer to make 
connections by clamps made from small plate 
or grid caps or fahnstock clips. 


It should be evident from the above discus- 
ion that there is nothing critical about the 
construction of a noise generator of this kind 
and that a number of different circuit varia- 
tions are possible. Even if the device were 
constructed entirely of new components the 
cost should be less than $8 and with a little 
ingenuity the cost can be reduced substantially 
through the use of surplus parts. 

Perhaps use of the noise generator can best 
be illustrated by considering an example of 
noise generator application. Suppose that you 
want to use either one of two available 6 meter 
converters with your low band receiver and 
that you wish to determine which converter 
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will provide the best weak signal reception. A 
test set-up is shown in Fig. 3. 

The ac voltmeter is used to measure the 
audio output of the receiver and may be either 
a multimeter or a VTVM. It can be connected 
across the speaker terminals or across the head- 
phone line. Higher voltages can generally be 
obtained from the headphone output and this 
connection will probably have to be used if 
a multimeter without a very low ac range is 
used. 

The measurements can be started by measur- 
ing the ac noise output voltage from the re- 
ceiver with the noise generator turned “off”, 
Then the noise generator should be turned 
“on” and the generator level adjusted until the 
output meter reading has doubled. At this point 
a note should be made of the noise generator 
setting. The above procedure can now be re- 
peated with the second converter connected to 
the receiver. Whichever recciver-converter 
combination requires the smaller noise gener- 
ator current setting to double the noise output 


is the combination that will provide the best 
weak signal reception. 

The noise passed by the receiver is a fune- 
tion of the bandwidth of the receiver. Also the 
reading given by a particular output meter is 
dependent on its bandwidth. Therefore the 
bandwidth of the receiver should not be 
changed during measurements and the same 
output meter should be used thoughout a set 
of measurements. 

The technique described above can also be 
used to determine which of a number of rf 
amplifier tubes will give the best performance. 
The noise generator can be used for alignment 
of rf stages. 

For the man who constructs his own con- 
verters or receivers the device is a tremendous 
boon since such adjustments as determining the 
optimum antenna to grid coil coupling can be 
made simply by adjusting for maximum in- 
crease in noise when the generator is switched 
“on. (This technique gives the same results 
as adjusting for minimum noise generator 
setting to double noise output and it is a bit 
easier to use when adjustments must be made.) 
If the input circuit uses a single tapped coil 
instead of two coils, the best tap position can 
be determined. 

The uses mentioned above are only a few of 
the possible applications of this noise gen- 
erator, and for the amateur who constructs 
his own receiving equipment the device is in- 
dispensable, 


TEMPERATURE LIMITED DIODE 
NOISE GENERATOR 
PL. Themas 





Recently I was confronted with the necessity 
for a good noise generator. All of the noise 
generator designs available in any of the 


amateur publications at hand were of the 
crystal diode type. The disadvantage of this 
type of instrument lies in the fact that the 
current through the diode has no simple 
relation to the noise output. Unless expensive 
calibration equipment is on hand this type of 
generator is useful only on a comparative basis. 
Consequently it was decided that a temperature 
limited diode noise generator would be built. 

The noise output of a temperature limited 
diode noise generator is simply related to the 
current flowing through the diode.2 The noise 
figure of a receiver may be calculated directly 
from the magnitude of the current by the 
following equation: 

Noise figure in db.=10 log (20 I R)—(1) 

Where I=current through temperature 
limited diode required to make the noise out- 
put power of the receiver double the value it 
was with no current through the diode. 

R=antenna impedance 

The actual noise generator is quite simple, 
consisting of half a 6AL5 with a milliammeter 
in the cathode leg and the appropriate resist- 
ance for the antenna circuit connected to the 
plate by means of a selector switch. The 
heater current is controlled by a 20 ohm 
potentiometer in series with the heater. The 
unit is battery operated for convenience. High 
current capacity, small sized mercury cells 
are used throughout. The whole unit is con- 
tained in a 3” x 4” x 5” Minibox. 


Construction 


The resistors are mounted on the switch, 
making the leads as short as possible. The tube 
socket is mounted on a small bracket screwed 
onto the side of the chassis, placed so that the 
distance from the switch is a minimum. The 
meter calibration potentiometer and the heater 
supply battery holders are mounted on another 
bracket placed over the meter as shown in the 
photograph. 


Operation 


To use the generator it is connected to the 
receiver antenna terminals, the AVC is turned 
off, and the audio output is measured with the 


0.01 utd 





Bl—four Mallory RM1I2 or RMI12R in 
series (lifetime of this circuit should be 
greater than 10 opercting hours) 

B2—Mallory TR-135R 

M—O-1 ma (Lafayette TM-60 or equiva- 
lent) 

R1—20 ohm potentiometer 

R2—20 ohm Potentiometer 

J1—«coox connector 

SI—DP 5 pos miniature rotary switch 


generator off. The generator is then turned on 
and the current through the diode is increased 
until the power output is double what it was 
before. At this point the voltage output will 
only be 1.41 times the original. The current 
necessary to give this noise increase is noted 
and the noise figure calculated according to 
equation (1), or estimated from the figures 
given in Table I. 


Noise Figure Current, ma., for antenna impedance of 


in db, 
502 722 On 600 
2 1.40 1,15 - - 
4 2.25 1,60 0,42 - 
if 4,55 2,85 : - 
8 5,65 4,50 1,05 0.53 
10 5.85 T.15 - - 
2 14.2 1.3 2.63 1.22 
1 - 6.65 3.30 
20 = mi 16,6 B.42 


The unit described is useful for noise figures 
up to 13 db at 72 ohms. For higher noise 
figures a higher current capacity diode and a 
higher heater voltage and current supply is 
required, necessitating an ac operated power 
supply. With a suitable power supply a 6X4 
may be satisfactorily operated up to a noise 
figure of about 22 db. In both cases the 
maximum noise is obtained by passing more 





than the allowable average current through the 
diode. Consequently readings at these extremes 


should be made and the current lowered 
again in only a few seconds, or damage to the 
diode will result. 

Table I shows the current readings for 
various noise figures with different antenna 
impedances. 

The generator will operate satisfactorily up 
to at least 50 me, and probably considerably 
higher. 


Editor’s Note: By substituting flashlight 


batteries for the mercury cells and a 20 mA 
meter instead of the 1 mA meter witha shunt 
the of construction can be 


greatly reduced, 


across it, cost 
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CALIBRATED NOISE GENERATOR 
FOR 432 
Hank Olson W6GXN 


As pointed out in previous articles—the 
temperature-limited noise diode is the best 
tool for measuring the sensitivity of one’s re- 
ceiver. The measurement made with this de- 
vice is “noise-figure” or “noise-factor” and this 
is the magic number by which you can com- 
pare your VHF or UHF receiver with Joe's 
down the street, or Sam's in Massachusetts. 
These measurements will be comparable be- 
tween any two receivers because bandwidth, 
type of detector, and other miscellaneous fea- 
tures (different for each receiver) do not 
affect the measurement, if it’s carefully made 
(that is, if one’s measurement of 3 db power 
increase, when the diode is turned on, is 
true). 

Past amateur articles on noise-diodes and 
their use in noise-factor measurement have 
only shown how to construct units for up to 
about 200 me. The noise generators described 
previously, for amateur use, have used the 
5722, the diode wired 24G (3C24), or the 
diode wired 801A, as their tungsten-filament 
diodes. The 15E and O1A have also been used 
occasionally as diode-wired triodes, too. Com- 
mercial UHF noise generators use a variety 
of tungsten-filament tubes, all of which are a 
bit expensive for most hams. If you can lay 
your hands on one of these tubes, used or 
otherwise surplus, by all means employ it 
in your noise generator. Table | is a list of 
such gems. 


Philco: L1262A 
RCA: R6212 
Bendix: 6144 
Marconi: CV2171 
Table | 
The tube I used is a triode, a Western 


Electric 708A, originally designed for ground- 
ed-grid UBF amplifier service. The grid and 
filament are used as the diode elements, ignor- 
ing the plate altogether; the plate, if used, 
could only increase transit time and shunt 
capacity. The tube is used, as it was intended 
to be used, with the metal shell (grid) 
grounded. The 50 9 load is connected in the 
filament cricuit; the filament power is fed in 
by means of a concentric inductor, which also 
tunes ont the stray capacity of the tube. 





RF Circuitry 





Fig. 1. Power supply. 


C,, a small “tweaker,” adds in a tiny addi- 
tional capacity to make adjustment to 432 
me easier; it makes tuning to anywhere in 
the 420 to 450 me band possible. L, is con- 
structed of a 1%” length of \” copper tubing 
and has a piece of No. 20 teflon insulated 
wire inside it. The use of teflon insulated wire 
is only necessary because teflon will withstand 
the heat of soldering. 

The effective circuit, then, is as in Figure 
2 

At 432 me, if Cgk+C,=3 mmfd, then 
L must be 0.04 yh to be parallel resonant. 
The reactance of either Cek+C, or L, is 
about 100 9, so the system has a Q of 4, and 
hence will be rather broad in its noise output 
spectrum—just as we want it to be. 

The WE 708A tube was recently available 
from a Los Angeles surplus emporium at the 
price of 39 cents each or ten for a dollar. We 
bought a buck’s worth, figuring some would 
be NG, but all were perfect and saturated 
well. One was lost in initial test, when we 
applied too much filament voltage; it was sub- 
sequently hack-sawed open to find out the 
details of its construction and to confirm con- 
nections. The details learned are presented in 
Figure 3 along with its saturation curve. 

The filament is a single, fine, straight, tung- 
sten wire through the grid helix. The grid 
helix is perhaps 1/16” diameter and is welded 
every turn to the shell. All this adds up to: 
good cylindrical diode configuration, close 
cathode-grid spacing to cut down transit time, 
and low grid to case inductance. In short, we 
have a nearly ideal noise diode for a dime a 
piece, 

Construction details: The rf section of the 
generator is constructed on an aluminum 
plate bent into an L, the WE 708A protrudes 
through a 1%” round hole to expose its fila- 
ment pins next to where the UGSSA/U con- 
nector is mounted on the other side of the L. 
The WE 708A is held in place by five 8-32 
binding-head screws that are tapped into the 
plate. The UG5SA/U has four 2000, ! w re- 
sistors soldered to it each at 90° to ils neigh- 
bors to form a less inductive load, approximat- 
ing a resistive sheet. These resistors are 


WE TOBA 





Fig. 2, Basic noise generator circuit, 


soldered to the UG58/U before it is mounted 
to the aluminum sheet to make soldering easier 
(less heat required). Then L, is formed and 
soldered from the WE 708A filament pin to 
Cy. The center filament lead of L, is fed 
through and soldered to the other filament pin 
and to Cy, Cy is then soldered in; be sure 
this is the type called for or a similar low in- 
ductance stand-off ceramic. The rest is straight 
forward. Diode and power supply were each 
built in an LMB 141 box chassis. The details 
of wiring the diode circuitry are shown in 
Fig. 4. 

A word about R, (the “fine” adjust) is 
worthwhile. Make sure this one is a 2w type 
A.B. (ohmite) molded carbon pot, if not both 
R,; and R,. This will make smooth diode- 
plate current adjustment easy; a wire wound 
pot will cause the plate current to vary in 
steps because of the effect of the pot's sliding 
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Fig. 3. Connections of 708A and graph of 
relationship between ‘‘plate’’ current and 
filament voltage. 


contact sequencially contacting each wire (the 
same applies if you use a Varine). 

To align on 432 me, Cy is temporarily re- 
moved and a UNF grid dip meter coupled 
to Ly, loosely. C, is adjusted for a dip at 432 
me. Then C, is reinstalled, and we should be 
ready for receiver checks. 
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Fig. 4. Circuit of diode noise generator. 
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The above noise generator was compared 
with a Hewlett Packard 343A noise diode us- 
ing my own 432 me converter as the “to be 
measured” device. The results showed less 
than 0.5 db difference. 

The author wishes to thank Gene Howell, 
WARLU, for his photography of the unit. 


ANOTHER WAY TO MEASURE 
NOISE FIGURE 
Jim Kyle KSIKX 


Many times it’s been said, but it can always 
bear repeating. Noise figure is probably the 
least-well-known measurement in any amateur 
station. 

At least a part of the difficulty with noise 
figure lies in the means usually employed to 
measure it, While it’s not too difficult to figure 
out the power input to your final, or even the 
power output (often a surprisingly different 
figure), measurement of receiver noise figure 
tends to be a complicated and somewhat in- 
accurate process at best. It requires special 
equipment, and even then may be no more 
accurate than plus-or-minus 100 percent. 

The classic means of measuring noise figure 
is to use a noise generator and crank in addi- 
tional noise until receiver output is doubled. 
This means, of course, that the noise gen- 
erator output is then exactly equal to the orig- 
inal noise, and if the noise-generator output 
is accurately known then the original noise is 
also known. All this has been gone into in de- 
tail in another article. 

However, a noise generator with accurate 
calibration isn’t so easy to come by, and an 
inaccurate noise generator doesn’t do much 
good for measurement purposes (although 
it's fine for tune-up). 

There is another way to do it, which is ac- 
tually much more in line with amateur prac- 
tice. This other way also requires some test 
equipment, but it might be more easy to come 
by. 

Before we get into the details of the “other 
way” to measure noise figure, let’s take an- 
other look at the reason for using noise-figure 
measurement as a yardstick for receiver sensi- 
tivity in the first place. 

To start, we're really interested in the an- 
swer to the question “How weak a signal can 
I hear?” In the 3-30 me range, the question 
can be answered directly—how many micro- 
volts must the receiver have to give readable 
output? 

As the vhf region is entered, though, the 
fractional microvolts become alarmingly small. 
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Fig. 1. Construction of T-pads 





Somebody figured out that most of the prob- 
lem lay in the receiver's own internal noise, 
and came up with the idea of a “perfect” re- 
ceiver which would have no noise at all. This 
is a noise figure of 0 db, Now by comparing 
existing receivers to this perfect ideal, and 
comparing the internal noise in db, we had 
a way of discussing receiver sensitivity. 

Since we're now talking about noise, which is 
equally present at all frequencies throughout 
the spectrum, we can see that the amount of 
noise present in a receiver’s output is at least 
partially determined by how much of the 
spectrum we are looking at. A broad receiver 
has more noise output than a narrow one, all 
other things being equal. If you don’t believe 
it, fiddle with the selectivity switch on your 
own rig and listen to the change of noise out- 
put. 

This dependence of noise on bandwidth is 
another reason for using noise figure as a com- 
parison, The actual amount of noise is can- 
celled out in the comparison, leaving only the 
relative amounts of noise in the “perfect” re- 
ceiver and the receiver under test to be 
measured, 

When all this became established, nobody 
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Fig. 2. Test set up. 


was paying much attention to receiver band- 
width and it was felt that a true determina- 
tion of the effective noise bandwidth of a re- 
ceiver was much more complicated than the 
comparison measurement. However, in these 
days of SSB and special filters, that’s not so 
true any more. 

As you may have guessed by now, the 
“other method” of determining noise figure 
depends on a microyolt measurement and 
knowledge of the receiver's effective noise 
bandwidth. The only reason for converting 
the results back to noise figure is to allow 
comparison with measurements made in the 
more conventional manner. 

With typical ham measurement techniques, 
the results won’t be of National-Bureau-of- 
Standards accuracy. However, if you're rea- 
sonably careful, results using this method will 
be at least comparable in accuracy to those 
made with a homebrew noise generator. 
Ready? Let’s go: 

You'll need two items of test equipment 
(only one if you're really lucky). These are 
an rf signal generator covering the desired 
frequency range on fundamental output, and 
an rf VTVM reasonably accurate at the de- 
sired frequency. If you have access to a “mi- 
crovolter” or similar laboratory signal gen- 
erator, you won't need the VIT'VM. 

In addition, you'll need a whole handful 
of 50 ohm T-pads; these can easily be put 
together in a hurry by following the sche- 
matic in Fig. 1. You'll probably need about 


8 20-db pads, as well as one each in 3-db, 
6-db, and 12-db values. 

Turn on both the receiver and the signal 
generator and let them warm up. For protec- 
tion against any leakage from signal-generator 
to receiver through the power lines, it’s best 
to supply them from separate circuits and to 
use a power-line filter such as that used to 
eliminate rf interference between the power 
line and the unit. 

Connect a string of six 20-db pads to the 
signal-generator output as shown in Fig. 2, 
and adjust output of the signal generator to 
0.1 volt. If you have a microvolter or equiv- 
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Fig. 3. Noise figure vs. microvolts. 
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alent, use only one 20-db pad and set gen- 
erator output to 1 microvolt. 

In either event, the output of the final 
T-pad will be a 0.1 microvolt CW signal. This 
should be more than adequate for any reason- 
ably-sensitive receiver to allow spotting of the 
signal. 

Switch the receiver’s ave off and the bfo 
on, and place the selectivity switch in any 
position for which the selectivity is accurately 
known. The selectivity marked on the front 
panel will not be the effective noise band- 
width, but you can use it as a starting point 
to guesstimate the noise bandwidth. If your 
receiver uses 2 mechanical filter or other de- 
vice with approximately the same skirt se- 
lectivity, effective noise bandwidth will be 
about 1% times the bandwidth marked on the 
front panel. If it is one of the older types with 
reasonably broad skirts, noise bandwidth will 
be about 3 times the marked value. Both 
these correction factors are approximate, of 
course; if you have any means of measuring 
effective noise bandwidth, use it instead. 

For a start, use a fairly broad selectivity 
position; this requires more signal and makes 
things a bit easier. 

Now tune in the signal from the generator, 
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leaving gain controls at maximum but tuning 
for maximum signal strength just as if it were 
the new state you need. The 0.1-microvolt 
signal should be easy to find. 

Next step is to reduce the generator output 
by hooking in additional T-pads until you lo- 
cate the point of “minimum discernible sig- 
nal.” The 3, 6, and 12 db pads may be 
hooked up in series in any combination to 
give you from 3 to 24 db additional attenua- 
tion in 3-db steps. Using another 20-db pad 
will give you from 20 to 44 db more attenua- 
tion, and the signal is sure to become too 
weak to copy before you reach 44 db below 
one-tenth of a microvolt! 

The point of MDS is approximately equal 
to a 0-db signal-to-noise ratio for most of us, 
and is considerably easier to determine than 
would be a true output S/N ratio. When you 
find this point, record the db below 0.1 micro- 
volt and the selectivity (in kilocycles) used. 

Now switch to a different bandwidth on the 
receiver and repeat the test. Record its results 
also. For maximum accuracy, repeat each of 
the tests 10 to 12 times and average the result. 

The signal level in microvolts corresponding 
to db below 0.1 microvolt is given in Table I. 
Locate it there and move to Fig. 3, the graph 
of signal versus bandwidth by noise figure. 

Enter the graph from the side with effec- 
tive noise bandwidth, and move across until 
you intersect the line corresponding to signal 
level in microvolts. The diagonal lines are 
noise figure; if one passes through the inter- 
section point, read noise figure in db from it. 
If not, interpolate between the lines. 

In reading Fig. 3, use the 10 ke-100 eps 
scale with the .01-.1 microvolt scale, and the 
100 eps-1 eps scale with the .001-.01 microvolt 
scale. If your bandwidth-signal level combina- 
tion falls off the graph to the left, use the 
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Fig. 4. Relation of noise and signal bandwidths. 


lower signal-level scale with the higher band- 
width scale and subtract 20 db from the re- 
sulting noise figure. 

In the happy event that all your errors (and 
our approximations) cancel out, you'll find 
the noise figure to be the same at both the 
narrow and the broad bandwidth positions. 
However, it’s more likely that you'll measure 
different noise figures at different positions of 
the selectivity control. Its safest to take the 
highest noise figure measured as being closest 
to correct, but you can average them if you 
prefer. Either way, you will probably be 
within 1 db of the real figure—and this is as 
accurate as most noise-generator techniques 
can be, also. 

That completes the measurement, but be- 
fore we wind this up let’s take a more detailed 
look at the idea of “effective noise bandwidth” 
which is such a key part of this measurement 
technique. 

Most of us are familiar with the idea of a 
“perfect” curve for receiver selectivity such 


as that shown at A in Fig. 4. Here the receiver 
has equal response over the desired band, and 
response drops to zero at the band edge. Such 
a curve is said to have a shape factor of 1, 
and is of course impossible to achieve in prac- 
tice. 

Now back to noise; it’s spread out equally 
over the spectrum. A noise bandwidth of 1000 
cycles per second contains 10 times as much 
noise as one of 100 cps. Thus “noise band- 
width” inherently has a shape factor of 1. 

Since such a shape factor is impossible to 
achieve, it follows that “noise bandwidth” and 
actual receiver bandwidth must differ, If re- 
ceiver bandwidth is measured at the —60 db 
points, the noise bandwidth will always be 
smaller than this receiver bandwidth. If re- 
ceiver bandwidth is measured at the points 
where response drops 1 db below peak, the 
noise bandwidth will always be greater. 

The mathematical expression for noise band- 
width is an integral equation involving differ- 
ential gain, which is a cumbersome thing to 
solve. In general, the noise bandwidth of a re- 
ceiver is said to be approximately equal to the 
bandwidth between points which are 3 db 
down from peak response. 

In practice, if the shape factor (6 to 60 db) 
of the receiver is 2, the effective noise band- 


db BELOW MICROVOLTS 
0.1 MICROVOLT 
07 
6 05 
9 035 
12 025 
15 018 
18 .013 
20 Ol 
21 009 
23 .007 
24 .0063 
26 ,005 
29 -0035 
32 .0025 
35 -0018 
38 .0013 
41 .0009 


Table |. 


width will be approximately 1.3 times the 
6-db bandwidth. If shape factor is between 
2 and 10, noise bandwidth will be approxi- 
mately equal to the square root of the shape 
factor (6 to 60 db) times the 6-db band- 
width. Few receivers have shape factors 
greater than 10. 

The approximations quoted earlier (1.5 
times marked bandwidth for SSB-selectivity 
receivers, 3 times marked bandwidth for 
others) are based on these relat'ons. If you're 
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really interested in calibrating your receiver's 
noise bandwidth for using this measurement 
technique, however, you might take a con- 
verter and have it measured for noise figure 
by the generator technique, then run_ this 
technique backwards to determine the effec- 
tive noise bandwidth of your receiver in each 
position of the selectivity control. 

The technique described here, incidentally, 
assumes that no audio filters are used follow- 
ing the detector. If they are, all results are 
off, since the effective noise bandwidth will 
have been changed in an unpredictable man- 
ner by the audio filters. 


However, you can remove the audio filters 
from the hookup for measurement purposes, 
determine noise figure, then return the audio 
filters to the circuit and run the measurement 
backward to find out your effective noise 
bandwidth with filters present. Don’t be sur- 
prised if it comes out in the region from 1 to 
10 cycles per second; a good audio filter can 
work wonders with weak-signal reception. 

For additional details on this technique of 
measuring noise figure, you can consult Refer- 
ence Data for Radio Engineers, 4th edition, 
published by IT&T and available from Radio 
Bookshop, or any good radar text. 


Chapter IX 


Attenuators and Dummy Loads 


LOW POWER ATTENUATORS FOR 
THE AMATEUR BANDS 
George Daughters WB6AIG 
Will Alexander WA6RDZ 


In the evaluation of rf amplifiers, filters and 
many other devices, a variable attenuator is 
indispensable. This article describes attenuators 
built and tested by the authors. These attenu- 
ators are flat from de to over 50 MHz and 
usable to over 450 MHz. They use low cost 
parts, are very simple to build, and are more 
accurate than ordinarily required in amateur 
applications. 

The basic attenuator section is the sym- 
metrical pi shown in Fig. 1. Resistance values 
are given by the relations: 

R, = R, (VK + 1)/A(VK — 1) 

Ro = R, (K— 1)/(2VK) 
where R, is the characteristic impedance of 
the pad (equal to the source and load im- 
pedance) and K is the attenuation factor, 
Pis/ Poke 

Resistor values for the most commonly used 
impedance (50 ohms) are shown in Table 1. 
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Fig. 1. Basic pi-network attenuator section. 


Nominal Calculated Measured 
atten- atten- atten- 
uation Rr R: uation uation 
indB in ohms in ohms in dB in dB 

1 910 6.2 1.1 1.1- 1.2 

2 430 12 2.1 2.1- 2.3 

3 300 18 3.0 3.2 

6 150 39 6.2 6.3- 6.6 

10 91 68 10.2 9.6-10.1 

20 62 240 19.6 19.5-19.7 


Annenuation measured at 50 MHz and lower. 
Table |. Resistor values for 50-2 attenuators. 


Notice that the use of standard value 5% half 
watt composition resistors allows accuracy 
within 1 dB of the calculated value of attenua- 
tion and within 1 dB of the desired nominal 
value. 





Amateur low-power attenuator made from in- 
expensive slide switches, 5% resistors and 
fiber glass, copper-clad board. 


The attenuators are built in small channel 
boxes made of copper-clad etched circuit board 
material. Aluminum channel boxes commer- 
cially available would probably work equally 
well. Small, inexpensive DPDT slide switches 
(H. H. Smith No. 518 cr equivalent) are 
soldered directly to the copper board and the 
resistors are soldered to the switch terminals 
(which have been cut short) with the shortest 
Jeads possible. 

Two wiring variations have been tried, one 
with the series resistors (R.) mounted between 
the switch wiper contacts (type B), and one 
with all resistors connected to the attenu- 
ator in terminals (type A). See Fig. 2 and the 
photo of the interior of the attenuator. It was 
found that the latter arrangement, type A, 








Fig. 2. Two types of attenuator construction. 
Type A has lower insertion loss than type B 
at high frequencies, so A is recommended. 
Resistors Rl and R2 are 5% composition, 4 
watt. The switches are H. H. Smith 518 or 
equivalent, The connectors can be of any type 
to suit. 
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Details of attenuator construction. The top 


style, with complete shielding, is recom- 


mended. 



























































—}—__— >——$—__ 
3 ' —~ 
= 
| ld a ——— ——- —<—<———~ 
J aa 4 
~ 
é 
ae) J. 
5 TYPE "A" 
ALL SECTIONS 
SSELOED 
-20 
-25 
(Meu Our 100 Mee tour 
FREQUENCY 
° 
~\ 
\ 
-3 } + 
a \ 
be 
z= -» 
= 
= 
5 
= 
a 
Ss =: 
« TYPE “a” 
2068 Onn 
SiELOED 
-20 ———_=__— 
nt L_ at - 
2 wie Bron 100 wee Tame 


FREQUENCY 





Fig. 3. Insertion loss versus frequency for the 
two types of attenuator construction: all sec- 
tions shielded (A) and only the 20 db section 
shielded (B). 


provided less insertion loss than the former 
at high frequencies, so this type of construc- 
tion is recommended. Also note that dividing 
shields are desirable between input and out- 
put elements of a single section. These shields 
prevent capacitive feedthrough at the high 
frequencies, and are desirable on the high 
attenuation sections (anything over 10 dB) 
even at low frequencies. On the low attenua- 
tion sections, very little difference is evident 
below VHF. See Fig. 3 for the attenuation 
of the attenuators up to over 450 MHz. Build- 
ing attenuators with greater than 20 dB at- 
tenuation per section by this method is not 
recommended for high frequency use. 


S-UNIT ATTENUATOR 
Ed Lawrence WASSWD 

Since the topic of ‘‘S meters” is a popular 
one among radio amateurs, a lot of time is 
spent describing these devices, usually along 
the lines of how generous or “Scotch” the 
meters are at the QTH of the parties in the 
QSO. After a few such QSO’s, | decided to 
build an attenuator, calibrated in ““S”’ units. 
My aim was to attain an accuracy of 1 db or 
better, using 5% ‘aw resistors and simple 
construction so it would be easy to dupli- 
cate. 

As a sidelight, I started out by calculating 
both “tee” and “pi pads, and used “pi” 
because all values of resistance are close to 
standard values, but (especially for high 
attenuation pads) the values for “tee” pads 
can get quite small; and expensive. 

I figured the values required from the 
tables in the Allied’s “Electronics Data 
Handbook”, page 8, Sth edition. (Allied 
Radio, 7Sc, full of good info.) 

Since ‘*‘S”’ units are supposed to be 6 db, | 
figured data for steps of 1,2,4 and 8 times 
that amount, or 6,12,24 and 48 db. With 
these steps, any number from 0 to 15 “S” 
units of attenuation could be selected. How- 
ever, 8 ““S” units proved to be too much for 
one step, as shown by the lowered attenua- 
tion at 30 MHz, due to the inherent shunt 
capacitance of the resistor used in the series 
leg, plus the stray capacitance of the switch. 
So I removed the 8 “S” unit step and 
installed another 4 “S” unit step. This allows 
selected steps of attentuation from 0 to 11 
“S$” units. 

Here are the values I calculated, and the 
actual values used, based on SI ohms. The 
steps are switched in series, as required for 
the desired attenuation. 





Looking inside the attenuator. 


Resistance Values for 51 Ohm Attenuator: 
R1 R2 
ideal actual 


"S" units DB ideal actual 


1 6 154 150 38 8639 
2 12 85 82 96 100 
4 24 58 56 405 390 
8 48 57-5 St 6400 6800 


After the attenuator was completed, the 
attenuation was measured at 3 kHz and at 30 
MHz. With the test equipment available it 
was possible to measure more accurately at 
30 MHz than at 3 kHz. Below is the data 
from the tests. 


Atten Step Predicted Measured Measured 
“S" unitsDB attenDB at3kHz at 30MHz 
1 6 6.2 6.0 6.02 
2 12 12.3 12.2 12.16 
4 24 23.3 24.2 24.05 

8 48 48.5 47.5 39.11 


Now if we want to make an educated guess 
as to how far up we can expect good results, 
say | db error out of 24 db, then we can use 
the measured error in the 48 db step to cal- 
culate the capacitance across the scrics leg, 
and from that calculate the frequency where 
the | db error will occur. Go through the 
math if that is how you get your kicks, or 
take my word for it. It comes out to about 
2 pF. And this will cause a reduction of | db 
at about 220 MHz. And since the resistor is 
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Fig. 1, Diagram for one step in the atten: 

uator. 
of a lower value for the smaller steps, they 
should hold their values to even higher fre- 
quencies, but | expect other factors would 
get into the act along the line somewhere. | 
will state that still works well at 2 meters. 

If you want to get fancy, you can always 
figure the values for 1, 2 and 3 db steps and 
have from 0 to 72 db attenuation in 1 db 
steps. 

Referring to the photos; you can see | 
built my attenuator in a Bud Minibox 
CU-2102-A, 4" X 2-1/8"? X 1-5/8”. Four 
steps is the maximum in this size box, unless 
different switches are used. Mine are Cutler- 
Hammer 7592K6. The shielding was made 
from transformer strap, but could be any 
soft copper available. Try a Hobby Shop and 
get the thin sheet that is used for embossing 
if all else fails. 





Front panel showing the switches for the 
various steps of attenuation. 
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Here are some of the uses an attenuator 
of this type is suited for: 

Checking receiver “S”’ meter calibration. 

Attenuating signals to aid in peaking 
receivers and converters. 

Calibrating diode voltmeters for rf meas- 
urements. 

Checking antenna gain. Or gain of that 
outboard rf stage. 


P, S. My “S” meter lies, just as I thought! 


THE EVER-USEFUL T-PAD 
Jim Kyle KSIKX 


Most of us have transmitters; let's hope that 
an equal number of us have receivers also. 
Antennas and microphones are usual station 
accessories, with a few determined diehards 
here and there clinging to the trusty old key. 
But how many of us have much in the wav 
of test equipment? 

Now and then somebody pops up with a 
VOM, and occasionally you can even find an 
operator who uses a scope. But the kind of 
special-purpose test gear you find in a well- 
equipped laboratory is almost always absent 
in the ham shack, 

Which is more or less as it should be, since 
were hams, not laboratory technicians. But 
with the present trends toward VHF, at least 
some specialized test gear is necessary. Other- 
wise, the regular station equipment can’t be 
tuned for maximum performance. 

One of the simplest such items is a noise 
generator, for getting the VHF receiver in per- 
fect tune. This gadget has been described 
many times before, so we won't repeat it again 
—but we do have something which transforms 
the usual noise-generator Jashup [rom a so-so 
item to an instrument capable of laboratory 
accuracy. 


Before going into detail, let’s look at the 
normal method of using a noise generator: 
you connect the generator to the antenna 
input, tie the converter to the receiver, turn 
the ave off, connect a voltmeter to the detector 
load resistor in the receiver (or put an ac volt- 
meter across the speaker leads), and measure 
the voltage produced by just noise. Then you 
turn on the generator and adjust it for a 3 db 
(1.4 times the voltage) increase in output; 
the object is to achieve the 3 db increase with 
the minimum amount of current flowing in the 
hoise generator, 

However, this technique of using the noise 
generator is pretty sloppy, since it assumes 
that the receiver's detector is absolutely linea: 
for small signals—and this assumption is almost 
always incorrect. 

A far better technique is to hook things up 
just as before, except now you place three 
T-pads in the line between converter and re- 
ceiver. The T-pads on each end of the string 
serve merely to clamp the line impedance al 
50 ohms, but the one in the center is built for 
precisely 3 db loss. 

Now take the 3 db pad out and take you 
reading as before with the noise generato: 
off; you don’t have to tum off ave or hook up 
a voltmeter. The receiver's S-meter can be 


used instead, since we're not measuring any- 
thing with the meter itself. It merely serves as 
an indicator so we can come back to the same 
point, 

Then replace the 3 db pad in the line, turn 
on the generator, and crank it up until you 
get the same meter reading as before. Since 
you now have 3 db of added loss between 
converter and receiver you must have increased 
the noise power output of the converter by 
that same 3 db, and you could care less about 
the linearity of the detector! 

This whole method is far from new, but 
previous descriptions of it have left something 
to be desired in the way of telling how to 
build the T-pad. The gadget is so simple that 
it must have seemed obvious to previous 
writers—but it does have its tricky points too. 

For instance, since a T-pad consists merely 
of 3 resistors, it is pretty easy to just wire 
them up by their leads. But they are hanging 
in the receiver antenna lead, and present-day 
receivers are rather sensitive. If you happen 
to find a 20-meter signal, it’s going to foul up 
your measurements! 


PHONO JACK . 





CABLE 


T-Pad construction details 


One of the quickest ways to sidestep this 
problem is to shield the pad against all out- 
side influences—but how do you shield anything 
so tiny? 

The answer here is to use discarded 35-mm 
film cans, which all photographers who shoot 
35-mm cameras have in abundance. The Kodak 
kind seem to work best. This type has a thread- 
ed cap, with a flat spot in its center just right 
for drilling a % inch hole to take a single-hole- 
mounting phono jack. At the other end, a % 
inch hole can be punched and lined with a 
rubber grommet for coax cable to enter. 

Next step is to place the jack in the hole 
in the lid, with its solder lug on the inside (be 
sure to clean the paint so that a good electrical 
contact will result), The T-pad can be as- 
sembled as shown in the drawing with short- 
est possible leads, and supported by its lead 
connecting to the jack. Thread a short length 
of RG-58 through the grommetted hole, and 
connect its center conductor to the other lead 
of the pad; the shield and shunt lead of the 
pad connect to the solder lug of the jack. 


All that’s left is to wire-brush the threads 
on the film can for good contact, and screw 
the lid down tight. Presto, a shielded T-pad. 
A phono connector should be put on the free 
end of the cable. 

You can make up a whole bunch of these 
in various loss values, and get virtually any 
amount of loss you want by stringing them to- 
gether. And this has a whole lot more use 
than just using with a noise generator. . . 

For instance, when you want to test an an- 
tenna, arrange for a steady signal, strong 
enough to register on your S-meter with the 
back of the antenna pointed at it. Then swing 
the antenna in small steps, and bring the S- 
meter back to the same reading by inserting 
additional loss between converter and receiver 
with the T-pads. The difference between this 
and S-meter indications may amaze you, 

Or if you are called upon to measure the 
difference in signal strength between two sta- 
tions, the same approach can be used. Note 
the S-meter reading of the weaker, then knock 
the stronger one back to the same reading by 
putting T-pads in the converter-to-receiver 
line. Read the db off the pads and add them 
up. 

You can even use this in place of an S-meter 
if you really want to know the signal-to-noise 
ratio of an incoming signal with accuracy; take 
a reading on noise, then knock the signal back 
to the same point. Total up the db, and there’s 
your answer. 

Though resistance values in the pad must 
be precise for absolute accuracy, the pad has 
an inherent tolerance of small errors and you 
should have better than 2 percent accuracy if 
you use 5-percent resistors. Specifically, a 10- 
percent error in the resistance value of any 
one arm produces less than % db error in the 
pad loss, and less than 4 percent error in im- 
pedance. Using 5-percent resistors would, of 
course, cut these error limits in half. 

If you want to follow the approach of using 
a string of these pads for all purposes in the 
shack, it’s best to make them up on a “binary” 
approach since this gives you the maximum 
number of db values with the minimum num- 
ber of parts. A basic assortment might be two 
1 db pads, and one each of 2 db, 4 db, 8 db, 
16 db, and 32 db, Using them in series in 
various combinations, you can get any whole 
number of db from 0 to 64, which pretty well 
covers the range of values you may ever need. 
For an example, to get 50 db you would use 
the 32 db pad, the 16, and the 2. For 60 db, 
you would use the 32, the 16, the 8, and the 4. 

If the ability to increase loss in 1 db steps 
seems a bit exotic to you in view of the fact 
that 3 db is only half an S-unit, then you 
can use a binary progression in 3 db steps; 
this takes one 3 db pad, one 6 db, one 12 db, 
and one 24 db. The range is from 0 to 45 db, 
3 db at a time. 

For clamping a line’s impedance, it’s a good 
idea to use at least a 3 db pad and a 6 db 
unit might be even better. The lower-loss pads 
pads may not have the ability to swamp out 
impedance variations on their other sides. 

About all that’s left to make this complete 
is a chart of resistance values for various loss 
figures. Here it is; all are for use with a 50 
ohm line; to use at any other impedance, 
multiply these values by the ratio of the new 
impedance to 50 ohms: 
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LOSS AMOUNT RI, R2 R3 
1 db Pe | 430 
2 db 5.6 220 
3 db 8.2 150 
4 db im 100 
6 db 16 68 
8 db 22 47 
12 db 30 27 
16 db 36 16 
24 db 43 6.2 
32 db 47 2.2 
COMBINATION DUMMY LOAD/ 
ATTENUATOR NETWORK 
John Schultz W2EEY 
There are many instances when it is 


desired to use an existing transmitter as an 
exciter unit for a high-power linear ampli- 
fier. Many such linear amplifiers require a 
drive level that is only a fraction of the 
transmitter’s output. To some degree, the 
transmitter can be detuned in order to 
reduce its output level, but this procedure is 
rarely possible when several orders of magni- 
tude reduction in the power level are neces- 
sary. In such a case one can either internally 
modify the transmitter for a lower output 
feyel or use an alternator network between 
the transmitter and linear amplifier. In the 
latter case, the transmitter can be operated 
at its normal power input level and with its 
tuning controls at their normal settings. 

The unil described in this article func- 
tions as both an rf attenuator and as a 





A simple method of construction is em- 
ployed, Based mainly on ‘sandwiching’ the 
resistors used between two pieces of vector- 
board, Details are given in the text. SO-239 
is used as coax input connector, The circuit 
function switch is located below the output 


connector, 


dummy load. The latter capability allows a 
transmitter to be properly tuned alone for 
correct Operation before it is used to drive a 
linear amplifier. An optional wattmeter cir- 
cuit is included which when calibrated al- 
lows direct reading, in watts, of the full 
transmitter output or of the drive level 
supplied to the linear amplifier. 

The unit described was built for use with 
a nominal 100 output transmitter used 
primarily for SSB service. The construction 
used, however, can be extended to other 
power levels for transmitters operating on 
80-10 meters. Also, using the information 
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Fig. 1. Approximate resistor factors for “‘T” 
Metwork attenuators over the ranges nor- 
mally desired for exciter power output 
reduction. 


supplied, the same type of attenuator/ 
dummy load can be designed for other than 
50 ohm transmission line systems. The atten- 
uator was not designed as a precision net- 
work in order to allow the use of inexpen- 
sive resistors. However, the attenuation 
characteristics are quite satisfactory for the 
intended usage. 

Besides its application as a power reducer 
when driving a linear amplifier, the unit can 
be used with a transmitter whenever a quick, 
known level of power output reduction is 
needed for operating purposes, approximate 
gain measurements, etc. 


Circuit 

Fig. 1 shows the circuit values for a 
generalized T network attenuator that can 
be used in any impedance unbalanced trans- 
mission line. The scaling factors are only 
shown for those power reduction levels most 
likely to be needed when driving a linear 
amplifier with a 75-200 watt transmitter, in 
order to avoid unnecessary detail, Factors 
for intermediate power reduction values can 
be found by interpolation to a satisfactory 
degree or one can consult an electronics 
handbook. The basis of the attenuator/ 
dummy load network is to find the combina- 
tion of resistor arms that will provide the 
desired attenuation and still be able to be 
connected together to form a dummy load 
of the correct value, Fig. 2 shows one 
possible combination. Each resistor bank has 
a value of about 20 ohms (5 resistors of 100 
ohms each in parallel). In one position of the 
DPDT switch, the resistor banks are formed 
into a ‘“T’’ network attenuator, In the other 
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Fig. 2. Circuit of one possible dummy 
load/attenustor network providing about 10 
db power reduction. Optional wattmeter 
circuit is also included. 


switch position, all three banks are placed in 
series as a dummy load connected across the 
input only. The resistance values which 
result are not exactly those shown in Fig. 1 
for a 10db alternator. However, they are 
close enough to be effective and some 
tailoring of the individual legs is possible 
since each of the resistor bank values vary by 
a few ohms due to the tolerance of the 
resistors used, An optional voltmeter circuit 
is also shown in Fig. 2 connected to one pole 
of the DPDT switch. It can be used as a 
relative power output indicator or if cali- 
brated, as described later, actually measure 
the power output of the transmitter and of 
the attenuator. 

Many variations of the basic idea are 
possible. Fig. 3 shows the use of four banks 
of 100 ohm resistors. All four are used to 
form an attenuator that comes reasonably 
close to the values required for 7dbattenua- 
tion in a 50 ohm system. Only three are used 
in series for the dummy load function. In 
this case only a simple SPST switch is 
necessary to disconnect the output. The 
same rf voltmeter circuit as used in Fig. 2 
may be added if desired. The switch, in fact, 
could be eliminated entirely if one were 
willing to disconnect the output termination 
in order to use the dummy load feature. 

Whatever combination of resistance banks 
are used in order to achieve a desired 
attenuation value and the correct dummy 
load resistance, care must be taken that each 
resistance bank has sufficient power dissi- 
pation capability. The dissipation in each leg 
of the “T” network varies according to the 
attenuation level and can be calculated by 
Ohms Law. In general, a continuous power 
rating for a resistor bank equal to about 
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(Wat TMETER CIRCUIT 
OF FIG 2.1F DESIRED! 


Fig.3. Another dummy _load/attenuator 
configuration possible with the 100 ohm 
resistor banks. It provides about a 1/5 
power reduction (7db) when used as an 
attenuator. 


one-third of the SSB peak power rating 
seems to suffice, including for quick tune-up 
on CW. For keyed CW service, the power 
tating should be increased to at least one- 
half the key-down power level. 
Construction 

The approach of using a relatively large 
number of 2 watt composition resistors is far 
less expensive than using specific value rf 
non-inductive resistors of 10-30 watts power 
rating. In quantities of more than 10, IRC 
type RC-2, 2 watt, 10% tolerance resistors 
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Fig. 4, Similar resistor banks are connected 
together on the undorside of the assembly. 


cost about 9 cents cach. So, one can achieve 
a 40 watt unit for less than $2 resistor cost. 
Banks composed of these resistors work well 
up to 30 me as long as the interconnecting 
leads are kept short. 

The photograph shows the construction 
used by the author for the circuit of Fig. 2. 
Similar construction can be used for larger 
size units as well. As shown in the photo- 
graph, the 15 resistors in rows of 5 each are 
sandwiched between two 1-1/8” x 1-7/8” 
pieces of vectorboard. None of the resistors 
physically touches. The wiring is done using 
the resistor leads, This construction is some- 
what compact to expect full, continuous 
power dissipation from the unit but suffices 
for intermittent use. The frame measures 
2%” x 1%" x 1%". A cover is not absolutely 
necessary since the minor radiation that 
takes place is not important in this applica- 
tion. If a cover is used, it certainly should be 
of a perforated type to allow maximum air 
flow. A SD-239 connector is used at one end 
of the frame for the input. A dual connector 
is used at the other end, but normally one 
would use two RCA type phono jacks—one 
for the output and one for a meter circuit. 
The switch is located immediately below the 
output connector—a miniature Alco MST 
type. 

Calibration 


If it is desired to calibrate the voltmeter 
circuit as a wattmeter, it is necessary to use a 
probe and VTVM. Using the unit as a 
dummy load, the rf voltage is measured at 
the input and the power calculated. The 50K 
ohm potentiometer is used to set the meter 
at full scale for the highest power level used. 
The rf voltage is measured and the power 
level calculated in order to calibrate the 
meter for lesser power levels leaving the 
potentiometer at its “set’’ value. The same 
procedure is followed to calibrate the meter 
for the output power level by measuring the 
output rf voltage when the unit is used as a 
“T" attenuator and connected to a reguiar 
dummy load. The calibration should be 
made on the lowest frequency band used 
and rechecked on the highest frequency 
band used. If the readings differ significantly 
on the highest frequency band from those 
established, it may be necessary to add a few 
mmf capacitance across the diode in the 
voltmeter circuit in order to compensate for 
the slightest reactance present in the circuit. 
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Fig, 5. Sketch showing details of resistor 
“sandwich” assembly. 


Operation 

When used between a transmitter and the 
50 ohm input of a linear amplifier, the unit 
is first used as a dummy load for tune-up of 
the transmitter. The unit is then switched 
(with the transmitter unkeyed) to its atten- 
uator position. In most cases, no retuming 
of the transmitter should be necessary unless 
the input of the linear amplifier is particu- 
larly reactive. 


Summary 


The unit described is not intended as a 
precision attenuator or power measuring 
device, However, it will perform very well 
for its intended applications and costs far 
less than more sophisticated units per- 
forming the same functions. 


THE MINICAN 
Sam Kelly W6JTT 


The Heathkit “Cantenna” has proven to be 
a major breakthrough in the field of dummy 
loads for ham use. Unfortunately, it isn’t the 
most convenient thing to use on a small work 
bench with low power rigs! Borrowing their 
idea, 1 built this load for use with transmitters 
in the 5 to 15 watt range. The parts are few: 
a Campbell soup tin can, four one watt re- 
sistors, a UG-254-A connector, a short piece 
of 5/16 inch brass tubing and transformer oil. 

Fig. 1 is a sketch of the assembled unit. The 
50 ohm resistance was made up of three 15 
ohm and one 5 ohm one watt carbon resistors. 

First sand a can lid from a larger size can 
until it is free of paint. Drill a % inch hole 
through the center of the lid, and a ¥ inch 
hole on the perimiter. Mount the coaxial con- 
nector through the center hole. Solder a 1 inch 
length of 5/16 in. brass tubing over the ¥ inch 
hole. Solder the resistors as shown. Center the 
lid on the can and solder the lid to the can. 
Use a file to remove all rough edges. Mask 
the connector with masking tape and paint the 
can to prevent rusting. 


Fig. 1. Construction of the 
Minican. Main ports ore a soup 
con, coax connector and re- 
sistors. 








The Minicon in use with the companion detector, 


Fill the can with transformer oil. A good 
grade of automatic transmission fluid was used 
in one load with no degredation in perform- 
ance. However, it probably is not advisable as 
the fluid has a relatively low ignition tempera* 
ture and might create a fire hazard. 

The load was tested by running it for five 
hours with an input of 15 watts of 50 MHz rf. 
The can became warm, but the resistors 
showed no signs of overheating. 

A maximum VSWR of 1.5:1 was obtained at 
234 MHz. The measurement was made at this 
frequency because an automatic test set was 
available. 

A companion rf detector unit shown in Fig. 
2 was built in a two inch section of % inch 
square extruded brass stock. A Dage 394-1 
BNC connector is mounted on one end for 
connecting to the RF circuit, while the DC 
output to the VTVM is a tip jack. 


Fig. 2. Rf detector for 
use with the Minican. 





THE TINY TERMINATOR 
Jim Kyle KSJIKX 


AVE you ever feit the need for a dummy 

load which would also indicate accurately 
the actual rf output power of a transmitter? 

You can buy such a beastie, you know, The 
Bird Termaline, standard of the two-way com- 
munication industry, shouldn’t set you back 
much more than a C-note ... 

But you can also build one at considerable 
less outlay, and that’s what this article is all 
about. 

As the photographs show, there’s almost 
nothing to the “Tiny Terminator”—nothing, 
that is. but a 50-chm load for any transmitter, 
which will absorb 20 watts for days on end 
and will handle 40 watts for brief periods (a 
minor modification can double these ratings), 
will not radiate rf into the ether after the 
fashion of the “standard” light bulb load, will 
allow accurate measurement of output power 
up past 225 me, and can be built in less than 
two hours for less than $5. 

You can see by the schematic that there’s 
nothing to the device electrically; the tricks 
are all mechanical. Electrically, the Tiny Ter- 
minator consists of 20 (that's what we said) 
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1000-ohm 1-watt resistors connected in paral- 
lel, with a erystal diode running from the hot 
end of the composite resistor to the meter 
jack and a 27 mmfd capacitor bypassing the 
meter, 

Mechanically, the big problem with a unit 
such as this is the problem of keeping the load 
resistive regardless of frequency. Resistor 
leads have inductance (about 25 millimicroh- 
enries per inch) so we get rid of the leads as 
completely as possible. This is done by punch- 
ing holes in a flat plate, passing the lead 
through the hele until the resistor is flush with 
the plate, and soldering rapidly with a hot iron 
(an Ungar 47-watt 1100-degree tip was used 
in building the model shown) so that the re- 
sistor bedy won’t cook before the leads and 
plate are joined. 

The flat plate has capacitance. This is 
avoided by keepingg the plate shielded from 
outside influences, and separated as far as pos- 
sible from its shield. 

The shield, incidentally, is the bottom of 144 
inches of a Canada Dry cola, soldered all 
around the edge to the front resistor plate. 
This confines all rf inside the terminator. 





12 Best Wild Edible Plants of Australia 









Fat hen 
Leaves in stir-fry 
Seeds as flour for bread 


Dandelion 
Leaves in salad 
Roots as coffee substitute 


SS apee 
Amaranth 
Leaves in soups and casseroles 
seeds in breads and cakes 


Chickweed 


Young leaves used in 
salads or as garnish 














Wild fennel 7 “ Nettle Rambling dock 
Young fronds as herb Young leaves mfnttata f A nutritious plant Leaves as pother 
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3 Warrigal greens 3 
3 Young leaves in salads or Leaves and stems in curries z 
£ saute’ in oil with lemon and as a potherb Flowers as garnish : 





OAK CONN 


Addition of the erystal diode (an 1N34 was 
used, but a higher-voltage unit is reeommended 
if you ever expect to measure power higher 
than 8 watts) and the bypass capacitor pro- 
vide the power-measuring feature, These two 
components, in conjunction with an external 
voltmeter of at least L000 ohms per volt sensi- 
tivity, provide you a peak-reading ac volt- 
meter, The voltage indicated on the meter will 
be equal to the peak value of rf voltage pres- 


ent across the load. Squaring the voltage and 
dividing by 50 (the resistance) will give you 
the peak power, Most power ratings are in rms 
values rather than peak; multiplying the in- 
dicated voltage by 0.707 before squaring will 
give you the rms power output. 

The unit shown in the photos used perfor- 
ated brass stock for the resistor plates; this 
happened only because a length of the brass 
was on hand in the junkbox at the time. A 





eut-out tin ean lid will work equally well and 
will be much less expensive, 

Not visible in the photos is the means of 
connecting the hot end of the resistor plate, A 
hole was punched in the middle of the hot 
plate and a length of No. 14 bare wire was 
soldered in, then filed off flush on the rear side. 
The bare wire was threaded through the coax 
connector and soldered to the center contact 
after checking for possible shorts. 

The coax connector itself is held in place by 
a solder joint all around the rim of the cable- 
end aperture (see photo). This joint, if well 
made, provides plenty of strength. 


Earlier, we mentioned that a minor modifi- 
cation would double the power rating. That 
modification is this: instead of l-watt resis- 
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tors, use the 2-watt variety. If you really want 
to go high-power, use 50 2700-ohm 2-watt re- 
sistors and have a terminator which will ab- 
sorb 100 watts continuously and 200 watts 
ICAS. However, one that big will cost more— 
and you'll probably have to use a coffee can 
for the shield instead of the cola can used here. 
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Basic Principles of Radiofrequency 
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Although the widespread use of radiofrequency identification (RFID) is 
recent, the technology itself is several years old. RFID was first developed 
during World War II in order to distinguish between friend and enemy 
aircraft. Several years later, thanks to the technological advances in micro- 
electronics, wireless communications, and computer networks, RFID has 
come of age. It has now become a technology that is mature enough to be 
mass-marketed at competitive cost and become a critical player in the global 
market. This chapter introduces the reader to the different parts that make 
up a RFID system and provides an overview of the different concepts that 
will be described in depth in the upcoming chapters. 





1.1 Basics of RFID 


The basic function of an RFID system is to automatically retrieve the infor- 
mation that has been previously inserted into specific integrated circuits, as 
seen in Figure 1.1. RFID systems were first developed in automatic identifi- 
cation laboratories as a natural evolution of the different technologies they 
use. Different automatic identification systems use different methods to 
transmit the identifying information. For example, bar code technology uses 
light as the transmission media, while RFID systems use radio waves. In 
this context, the two main elements of RFID systems are the devices used to 
carry this information and the equipment used to automatically capture or 
retrieve the information. 

The devices that store and carry the information are called transponders or 
tags and are shown in Figure 1.2. Although the industry commonly refers 
to them as tags mainly due to their physical shape and the fact that they are 
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FIGURE 1.1 
Information transfer in an automatic identification system. 





FIGURE 1.2 
Several types of transponders used in RFID systems. 
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mostly used to tag pallets or cases of goods, the name transponder reflects 
better the function of these devices. 

The device that is used to capture and transfer information is commonly 
called a reader, because in earlier RFID systems they were only able to read 
the information sent by the transponders. However, with the development 
of new functions and applications of RFID systems, the name interrogator 
reflects better the function of this subsystem. Therefore, this book will use 
the names transponder and interrogator when referring to these elements. 

Transponders must have the circuitry needed to harvest power from the 
electromagnetic fields generated by the interrogator, the necessary memory 
elements, as well as the different control circuits. The simplest transponders 
contain only read-only memory (ROM), while more sophisticated transpon- 
ders also include random access memory (RAM) and nonvolatile program- 
mable read-only memory (PROM) or electrically erasable programmable 
read-only memory (EEPROM). ROM usually contains the identification string 
for the transponder and instructions for its operating system. RAM is nor- 
mally used for temporary data storage when the transponder communicates 
with the interrogator. PROM or EEPROM is normally used to incorporate 
additional functionality depending on the application. The memory capacity 
of transponders ranges from a single bit to several kilobits. Single-bit tran- 
sponders are typically used in retail electronic surveillance in which there 
are only two possible states: article paid and article not paid. Memory sizes of 
up to 128 bits are enough to store the individual transponder identification 
number with several check bits. Memories up to 512 bits are normally user 
programmable, in which in addition to the individual identification num- 
ber the memory can hold additional information required by its application. 
Higher capacity memories can be seen as carriers for the transport of data 
files. They are also used in applications in which there are several sensors 
attached to the transponder. 

Interrogators have vastly different complexity levels depending on the 
type of transponders they support as well as their specific purpose. In any 
case, they all must provide the basic functionality to communicate with the 
transponders, first by energizing them and second by establishing a com- 
munications link. The complexity of the communications link can also vary 
considerably depending on the desired reliability. The reliability of the com- 
munications link between transponder and interrogator can be enhanced 
by adding parity checks, error detection, and error detection and correction. 
However, the use of these schemes will result in a lower transmission rate. 
Figure 1.3 shows a picture of a basic interrogator in which it is possible to see 
the coiled antenna and some of the electronic circuits. 

RFID systems contain more elements in addition to the transponder and 
interrogator. First, the communication between transponder and interroga- 
tor is not possible—or becomes extremely deficient—without the appropri- 
ate radiant elements that will transfer the information between these two 
subsystems in the form of electromagnetic energy. Both transponder and 
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FIGURE 1.3 
Basic RFID interrogator operating in the low-frequency (LF) range. 


interrogator need to use the appropriate antennas to transfer information. 
As will be discussed in Chapter 2, the antenna dimensions in commercially 
available transponders and interrogators are much shorter than their ideal 
dimensions. This results in seriously limiting the transfer of energy between 
interrogators and transponders. 

In addition to the transponders, the interrogators, and their antennas, the 
RFID system requires a host computer connected to the interrogator. This host 
computer provides a certain level of intelligence and acts like the interface 
between the RFID system and the ultimate application. Therefore, the inter- 
rogator must have the means to at least perform basic communication func- 
tions with the interrogator. A large number of today’s applications require 
more than one interrogator running on a network rather than the single, 
stand-alone interrogator that was typical of earlier systems. Finally, an edge 
server is normally used between the host computer and the network in which 
the application is running. 

In addition to these elements (shown in Figure 1.4), most of them hardware 
based, a typical RFID system contains several software elements. The firm- 
ware is the software that runs inside the interrogator in order to provide it 
with its basic functions. Some interrogators may also run one or more soft- 
wate applications that enhance the versatility of the interrogator. The name 
middleware encompasses the software applications that run in the background 
of the system, typically after the host computer. Finally, most applications 
require the use of one or several databases used to link the stored message 
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FIGURE 1.4 
Basic structure of an RFID system. 


sent by the transponder with more detailed information that can identify the 
transponder and provide additional information. 





1.2 Passive versus Active RFID Systems 


Passive RFID systems are those systems that use passive transponders. 
Passive transponders do not have an internal power source. They harvest the 
energy needed by their internal circuits from the electromagnetic field gen- 
erated by the interrogator. For this reason, they have a short range, limited 
to a few feet and often, more realistically, to a few inches. Because they don’t 
have an internal source of energy, the user does not need to worry about the 
status of the battery. Furthermore, their manufacturing and production costs 
are very low. The RFID transponders and systems described in this book are 
all passive. 

Active RFID systems, on the other hand, use active transponders. Active 
transponders have an internal power source, typically a battery that allows 
broadcasting the signal to the interrogator. Because of not being limited to the 
power harvested by the antenna, they have an extended read range, typically 
several hundred feet. However, the inclusion of the power source increases 
their cost in two ways: the cost of the battery itself as well as the maintenance 
costs required to check the status of the internal power source and replace 
it when it has reached an unacceptably low level. The cost of an active tran- 
sponder is approximately 100 times higher than the cost of a passive tran- 
sponder. Active transponders typically operate in the ultra-high-frequency 
(UHF) and microwave ranges. A new type of active RFID transponder is 
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linked to the use of RFID-enabled cell phones that can emulate an active tag. 
In this case, the problem of battery maintenance is solved as the user keeps 
the cell phone charged as part of its regular maintenance. 

A third type of transponder is called semipassive or battery-assisted tran- 
sponder. These transponders also include a battery, but contrary to active 
transponders, the battery is not used to generate the power to transmit the 
signal to the interrogator. Instead, the battery is used to support secondary 
functions like the data logging from different types of sensors. These tran- 
sponders also harvest the energy from the electromagnetic field generated 
by the interrogator to power its internal circuits other than the sensing and 
data-logging parts. 


————————— ee — $< 


1.3 Functional Classification of RFID Transponders 


A functional classification of RFID transponders is based on their electronic 
product code (EPC) class. EPC is the application of one specific type of RFID 
technology within the consumer packaged goods industry. Within this classifi- 
cation, RFID transponders are divided into different classes and generations: 


Generation 1, Class 0: Passive tags with read-only functionality. These 
are also called write one, read many (WORM) transponders. These 
transponders are programmed at the factory with their unique iden- 
tification number. The user is not able to change it or include addi- 
tional information. 


Generation 1, Class 0+: These are also WORM transponders. They differ 
from Generation 1, Class 0 transponders in that it is the user who 
programs them. After they have been programmed by the user, no 
further programming or changing of data is allowed. 


Generation 1, Class 1: These transponders were similar to Generation 1, 
Class 0 or 0+ transponders, but could be read by interrogators from 
other companies. Gen 1, Class 1 transponders have evolved into the 
different transponders from Generation 2. 


Whereas Generation 1 transponders employ proprietary data struc- 
tures and can be read only by interrogators manufactured by the 
same vendor, Generation 2 transponders are vendor neutral in their 
specifications. This means that as they have developed (following 
agreed upon standards), they can be read with interrogators from 
multiple vendors. These transponders provide additional features, 
for example the elimination of duplicate reads within the read 
range. They are also more reliable than Generation 1 transponders 
and support faster read rates. The user of Generation 2 transponders 


© 2011 by Taylor and Francis Group, LLC 


Basic Principles of Radiofrequency Identification 7 


can access specific parts of their memory as these are rewritable 
transponders. 


Generation 2, Class 1: These transponders are WORM transponders. They 
are also programmed at the factory, but they can be read with equip- 
ment from different vendors, support the higher read rates, and have 
more noise immunity than the Generation 1 transponders. 

Generation 2, Class 2: These transponders are rewritable transponders. 
They can be written several times by the user using equipment dif- 
ferent from the vendor’s equipment. 

Generation 2, Class 3: These transponders are the semipassive or battery- 
assisted transponders. 

Generation 2, Class 4: This refers to active transponders. 

Generation 2, Class 5: These transponders are essentially interrogators. 
Transponders that follow Generation 2, Class 5 must be able to power 
other transponders. 





1.4 Applications and Frequency Selection 


RFID systems come in different flavors from the point of view of the fre- 
quency they use. Selecting the most adequate frequency is a function of 
two variables: the technological developments of systems at the different 
operating frequencies—directly related to the cost of systems—as well as 
the properties of electromagnetic waves at those different frequencies. 

The initial users of RFID systems found systems operating in the low- 
frequency (LF) range followed a few years later by systems operating in the 
high-frequency (HF) range. Therefore, their selection of systems was lim- 
ited to these two broad frequency ranges even if those were not the most 
adequate for their specific applications. Recent years have seen an increase 
in the number of available RFID systems operating in the UHF range as well 
as a reduction of their economic cost. It is possible to expect a similar trend 
in upcoming years for RFID systems operating in the microwave range to 
become more available and more affordable. This will help the final users to 
make decisions on what type of RFID systems to deploy based on technical 
reasons rather than based on the availability and cost of these systems. 

Table 1.1 presents a broad view of the frequency spectrum used by RFID 
systems as well as the most common frequencies for each band. It is nec- 
essary to note that Table 1.1 is not exhaustive because it is possible to find 
systems, within each frequency band, operating at other frequencies. 

The LF band has been used by RFID systems for several years. This fact, 
together with the less stringent requirements of the electronics operating 
in this frequency range, has made these systems very cost-effective. Their 
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TABLE 1.1 
Commonly Used Frequency Band for RFID Systems 





Typical Frequencies 





Frequency Band Frequency Range Used in RFID Systems 
Low Frequency (LF) 100 kHz — 500 kHz 125 kHz 

134.2 kHz 
High Frequency (HF) 10 MHz - 15 MHz 13.56 MHz 
Ultra High Frequency 400 MHz -950 MHz 866 MHz Europe 

(UHF) 915 MHz United States 

Microwaves (uW) 2.4 GHz - 6.8 GHz 2.45 GHz 

3.0 GHz 





major drawback is that due to the low frequency of the carrier, these sys- 
tems can only communicate at low frequency rates. The main advantage of 
LF RFID systems is that electromagnetic waves operating in the LF range 
are the least affected by the presence of metals due to the penetration 
depth of these frequencies. This makes them ideal to be used in applica- 
tions in which the transponders are surrounded by large metallic masses. 
Furthermore, LF waves can travel through water with minimal attenuation 
compared to waves of higher frequencies. This property makes them the 
frequency range of choice for the identification of animals due to their high 
water content. Most of these applications are based on implanting these tran- 
sponders in livestock and pets. Figure 1.5 shows a picture of two different 
transponders that operate in the LF range in which it is possible to see the 
multiple loops used by these transponders. 

RFID systems operating in the HF range can support higher read rates 
than LF systems. Although signals in the HF range are more affected by 
metal and have more attenuation when traveling through water, the tran- 
sponders used for HF systems can be manufactured at a lower cost than 
the transponders operating in the LF range. This is due to the fact that the 
antennas for HF transponders can be made smaller, as shown in the two 
transponders seen in Figure 1.6. The need for less conductive material to 
construct the antennas results in a lower cost. Finally, the global uniformity 
across the world in the frequency of 13.56 MHz makes HF systems able to 
operate in any country. 

While HF RFID systems operate at the single frequency of 13.56 MHz, 
UHF RFID systems can operate at different frequencies in the UHF band. 
Moreover, different countries have established different frequency ranges 
for their UHF RFID operation, making the compatibility between systems 
more difficult. For example, in North America the assigned band is from 902 
MHz to 928 MHz, while in Europe it is from 860 MHz to 868 MHz and in 
Japan is from 950 MHz to 956 MHz. Other countries and regions have other 
different allocated frequency ranges. Despite this challenge and due to the 
developments in microelectronics that allowed the decrease in cost for these 
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FIGURE 1.5 
Low-frequency (LF) RFID transponders require antennas of several hundred feet of coiled 
wire. 





FIGURE 1.6 
High-frequency (HF) RFID transponders can use shorter, smaller antennas. 
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systems, UHF systems have established themselves as a viable alternative to 
the existing LF and HF systems. One of the main advantages of UHF RFID 
systems is that their higher carrier frequency allows for a much faster read 
rate of the transponder information, thus allowing the transmission of higher 
amounts of data. The communication between transponder and interrogator 
used in UHF systems is by electrical field instead of the magnetic coupling 
used by LF and HF systems. The antennas required by UHF systems can 
also be smaller than the antennas used for LF and HF systems, resulting in 
higher efficiency. These last two factors contribute to extended read ranges 
for UHF RFID systems. However, UHF systems also present several draw- 
backs compared to HF and LF systems. The antennas for transponders oper- 
ating in the UHF range have very different physical dimensions depending 
on the parameters that the manufacturer wants to optimize in a given tran- 
sponder. Figures 1.7 and 1.8 show examples of several UHF transponders in 
which it is possible to notice these differences. 

UHF systems do not work well around metals as these reflect their elec- 
tromagnetic waves. In addition, water absorbs UHF waves, making them 
unusable for animal implantation. Furthermore, the extended read range of 
UHF transponders may become a drawback for those applications that want 
to keep the read of transponders confined to a certain area. 

Although 2.45 GHz is within the UHF range (UHF extends from 300 MHz 
to 3 GHz), the RFID systems operating in the frequency range extending 
from 2.45 GHz to 5.8 GHz are commonly called microwave RFID systems. In 
this frequency range, the propagation is limited to line of sight. Microwave 
signals are also attenuated by water and reflected by metallic objects. The 
cost of interrogators and transponders used in the microwave range is higher 





FIGURE 1.7 
Ultra-high-frequency (UHF) RFID transponder. 
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FIGURE 1.8 
Several types of antennas used by ultra-high-frequency (UHF) RFID transponders. 


than for any other type of system. On the positive side, it is possible to achieve 
very high read rates, and with the help from spread spectrum techniques, it 
is possible to achieve very high reliability rates and noise immunity. The 
higher end of the range, from 5.5 GHz to 6.8 GHz, is still currently under 
research and development. 
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The purpose of the antenna in the transponder of an RFID system is mul- 
tiple: first, it has to collect power from the electromagnetic field generated by 
the interrogator. In addition, the antenna must transfer the collected power 
to its load that is the chip in the transponder in order to turn it on. Finally, the 
antenna must radiate the data signals generated by the chip back to the inter- 
rogator. The antenna should be optimized to minimize energy losses dur- 
ing this process by choosing the type and dimensions of the antenna suited 
for a specific application and matching its impedance to the impedance of 
the load. Because these requirements may lead to contradictory solutions, the 
designer of the system must evaluate them carefully when considering the 
possible solutions. 

This chapter explores the design and performance considerations for 
antennas in transponders. It starts by presenting a basic review of antenna 
theory with special emphasis on the differences used for systems in the 
low-frequency (LF) and high-frequency (HF) ranges compared to the anten- 
nas used for ultra-high-frequency (UHF) systems. The chapter continues 
by describing the types of antennas found in commercial transponders. 
This is followed by considering the requirements for antenna tuning and 
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antenna matching. The following section describes the different methods for 
attaching the antenna to the chip on the transponder. The chapter finishes 
with a review of other antenna factors that affect their performance. 





2.1 Review of Basic Antenna Theory for RFID Transponders 


2.1.1 Antennas for RFID Transponders Operating 
in the LH and HF Regions 


Electrical current flowing through a conductor generates electromagnetic 
fields. From the point of view of the concepts described in this chapter, it is 
possible to distinguish two field regions. The first region is called the far-field 
region. In this region, the generated fields are radiated fields, meaning that the 
energy propagates through the space with an energy density proportional to 
the inverse of the distance. The second area is called the near-field region. In 
this area, radiated fields are not prevalent. Instead, attenuating fields, in which 
the strength of the field decreases with 1/r°, are dominant. Furthermore, the 
power in this region is reactive. 

Given these two regions, it seems obvious that antennas for RFID transpon- 
ders should be designed to operate in the far-field region. However, the boundar- 
ies between far-field and near-field regions depend on the relationship between 
the physical dimensions of the antenna and the wavelength of the propagat- 
ing signal. In particular, the dimensions of the antenna should be comparable 
to the wavelength of the signal in order to achieve optimal performance. The 
wavelength of signals operating in the LF region is around 2.4 km (1.5 miles), 
while the wavelength for signals operating in the HF region is 24 m (78 feet). 
Therefore, at these frequencies it would not be practical to build antennas with 
dimensions similar to the wavelength of their signals. Any antennas that can 
be built in a practical manner for RFID transponders operating in the LF or HF 
ranges will be electrically small and therefore highly inefficient. In contrast, 
RFID signals operating in the UHF region have a wavelength of approximately 
30 cm. Although this dimension is still very large for building practical anten- 
nas, the following sections will explore how they can be modified to obtain 
antennas for UHF transponders that will operate in the far-field region. 

RFID transponders operating in the LF or HF frequencies cannot use 
dipole antennas because of the mismatch in dimensions. An alternative solu- 
tion to this problem is to use a small-loop antenna instead of a dipole. While 
the near fields radiated by a dipole are mainly electrical fields, the near field 
from a loop antenna is a magnetic field. A small-loop antenna is a closed 
loop with a maximum dimension that is less than about a tenth of the wave- 
length of the signal. It can be shown that the small-loop antenna is the dual 
equivalent of an ideal dipole, thus making it suitable for antennas incorpo- 
rated in transponders operating at LF or HF frequencies. 
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Let’s consider a conductor of infinite length carrying a magnitude of cur- 
rent of I amps. The magnetic field (Bg) measured at a distance of r meters 
from the conductor can be found using Ampere’s law as 


By = pel (Weber /m?) (2.1) 
TY 


where /iyis the permeability of free space (4 1 10-’ H/m). 

However, a conductor of infinite length is not realistic. Its practical imple- 
mentation is based on building a loop antenna by bending the original, finite 
wire, which carries a current of I amps ina circle with a radius of a meters. In 
practice, the wire is bent in such a way that produces a total of N turns as this 
allows using a longer wire with a relatively small diameter. In this situation, 
the value of the magnetic field in the z-coordinate direction (B,) for a point 
located at a distance of r meters from the plane of the coil and located along 
the axis of the coil, as shown in Figure 2.1, can be found as 


Wo I Na? 
z 2 (a2 + 72/92 (Weber / m?) (2.2) 
where a is the radius of the loop in meters. 
Assuming that the distance at which the field is measured, 1, is much larger 
than the radius of the coil (77 >> a), equation (2.2) can be simplified as follows: 








<V 





FIGURE 2.1 
Magnetic field produced by loop antenna. 
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_ Hol Na? 


B, 
2 r3 


(Weber / m7?) (2.3) 


As shown by equation (2.3), the magnetic field created by the small-loop 
antenna is dependent on 1/r°. This causes a strong decrease of field intensity 
as one moves away from the location of the coil antenna, and will seriously 
limit the read range of transponders using this type of antenna. However, 
even with this limitation, the small-coil antenna is more desirable than an 
electrically small dipole. 

The antenna in the RFID transponder has to be both a receiving antenna 
and a transmitting antenna. It has to collect enough energy from the 
electromagnetic field generated by the interrogator to be able to power its 
integrated circuit, and it also has to transmit the data signal generated by the 
chip back to the interrogator. The reciprocity theorem indicates that the receiv- 
ing and transmitting patterns for a given antenna are identical, and therefore 
the same antenna can be used for either task. 

The voltage induced in a coil consisting of N loops immersed in a time- 
variant magnetic field can be calculated using Faraday’s law as 


Vs=N— (2.4) 


with ¥ being the magnetic flux. 
The magnetic flux, in turn, can be calculated as 


y = i BedS (2.5) 


where 
B = the magnitude of the time-variant magnetic field 


S = the surface area of the coil 
- = the inner product operator 


Equation (2.5) indicates that the magnetic flux, and consequently the volt- 
age induced in the coil, is dependent on the relative orientation between the 
coil and the magnetic field. This has some important implications at the time 
of using interrogators and transponders. Assuming that the magnetic field 
B was generated by the interrogator using another loop antenna, the maxi- 
mum received voltage will occur when both coils are placed parallel to each 
other. Because the voltage generated in the coil that will be used to power the 
chip in the transponder is proportional to the intensity of the magnetic field 
(B), this voltage will also be dependent on (1/r°). This is important because 
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it limits the maximum distance between the interrogator and transponder 
coils that will produce the threshold voltage necessary to power the chip on 
the transponder. 

Although the previous equations describe the full underlying relationships 
between the variables involved in this process, it is more desirable from a 
practical point of view to study how these equations evolve in specific cases. 
Assuming that the coil is specifically tuned to the frequency of the time- 
variant magnetic field, the induced voltage in the coil is as follows: 


V) =2n f N SQBycosB (2.6) 


where 
V, = the induced voltage in the coil 


f =the frequency of the time-variant magnetic field 
B, = the intensity of the field 
N = the number of loops in the coil 
Q = the quality factor of the coil antenna 
S = the area of the coil 
B = the angle between the plane of the coil and the direction of the field 


Keeping in mind that the magnetic field generated by the coil in the interro- 
gator is perpendicular to its plane, and that equation (2.6) will be maximized 
when B = 0, the induced voltage will be maximized when the interrogator 
and transponder coils are placed parallel to each other. Once again, the limit- 
ing factor in equation (2.6) comes from the intensity of the magnetic field (B,) 
decreasing with the cube of the distance between coils (1/r°). 


2.1.2 Inductance of Coil Antennas Operating in the LF and HF Regions 


Because, as shown in equation (2.6), the induced voltage is proportional to 
the quality factor (Q factor) of the coil antenna, it is desirable to increase the 
Q factor as much as possible. This can be achieved by carefully choosing the 
value of the inductance of the antenna. This section discusses the values of 
inductance found in typical antennas operating in the LF and HF regions. 
Typical RFID systems use inductance values for antennas in transponders 
of few mH, while antennas for the interrogators have typical values between 
10 and 100 times lower. It is necessary to keep in mind that the calculation of 
inductance values presented here can only be considered as approximated 
values. These calculations do not take into consideration the finite value of 
the conductivity of the wire that results in Ohmic losses, and, more impor- 
tantly, they do not take into account the distributed stray capacitances that 
appear in the coil. A more detailed and comprehensive analysis and calcula- 
tions of inductance values in antennas are beyond the scope of this book, but 
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they can be found in any book on electromagnetism. If the designer requires 
an accurate value of inductance, the best option is to measure it with a com- 
plex impedance meter. This instrument is also able to measure the Q factor 
of the antenna, providing good characterization of the antenna. 

The inductance of the coil shown in Figure 2.2, made with a single layer of 
wire and with n turns and a core of air, is approximately: 


ree. 
_ vr aa 27 
ied+ 40) tH) oo 


where 
d = the diameter of the coil in inches 
n = the number of turns 
1 = the length of the coil in inches 


Equation (2.7) shows the square relationship between inductance and 
number of turns; if the number of turns is doubled, the resulting inductance 
is quadrupled. 


Example 2.1: 


Calculate the number of turns required to achieve an inductance of 10 pH by 
winding a piece of wire over an air core with a diameter of 1 inch. The length of 
the resulting coil must be equal to 1.25 inches. 

Solution: 

In this situation, / = 1.25 inches, and d = 1.0 inches. Therefore, we can write 


(1.0)? n? 


10= 
18-1.0 + 40-1.25 





Solving for n gives n = 26.07 turns. Given the limitations of the approximation 
for equation (2.7) plus the stray capacitance issues mentioned earlier, a good start- 
ing point would be to choose 26 turns. In this case, the value of inductance that 
we would measure in practice is likely to differ from 10 pH. The designer would 
have to adjust the number of turns after measuring the actual value of inductance. 
A recommended procedure is to start by choosing a larger number of turns and 
therefore a larger number of inductance, and proceed by removing turns until the 
coil achieved the required inductance. 


Although this type of structure to create the antenna for an RFID system 
is not the most commonly used, it is nevertheless employed in some applica- 
tions, especially in those that required a hermetically sealed transponder. 
Figure 2.3 shows an RFID transponder operating in the LF frequency in 
which it is possible to see the coil antenna and its windings. 
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FIGURE 2.2 
Single-layer, air-core coil. 





Antenna coil 


Support circuits 


FIGURE 2.3 
Detail of coil antenna in a commercial radiofrequency identification (RFID) transponder for 
the low-frequency (LF) range. 


The practical problem associated with the use of this type of antenna is 
the three-dimensional space that it requires. Such antennas are not practi- 
cal for applications that require a flat transponder, such as a credit card, 
and they are limited to applications that can support the tubular shape, 
for example in animal implantation. For this reason, the majority of tran- 
sponders in the LF and HF frequency regions use antennas formed on 
a single plane, using several layers of conductor to achieve the desired 
inductance. Figure 2.4 shows this configuration for a multilayer circular 
coil with n turns. 


© 2011 by Taylor and Francis Group, LLC 








Purple Prairie Clover 
Dalea purpurea 


Wild White Indigo 
Baptisia lactea 





New England Aster Golden Alexanders Canada Milk Vetch —_~Prairie lazingstar 
aa em Zura aurea Astragalus canadensis Liatris pyenostachya 


© Heather tolm 
PollinatorsNativePiants.com 





f PollinatorsNativePlants 





20 RFID Design Fundamentals and Applications 





—— 


Wires to 
form N 
turns 


FIGURE 2.4 
Multilayer, circular-coil, N-turn antenna. 


The inductance of this coil is 


0.31 a2 n2 
__931a*n* 2.8 
éa+9ohe10p “HH ee 


where 
a = the radius of the coil in cm 


n = the number of turns 
b = the winding thickness of the coil in cm 
h = the winding height in cm 


This configuration allows building coils with the required amount of 
inductance with minimal thickness, therefore minimizing the transponder’s 
footprint. A variation of this antenna that results in an even thinner antenna 
is the spiral wound coil with a single layer shown in Figure 2.5. 

The inductance of a single-layer spiral antenna is 


_ 0.3937 a? n? 


satiip (Ht?) ve 
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FIGURE 2.5 
Single-layer, spiral-coil antenna. 


where 


. as Ger 
a = the average radius of the coil in cm (a =+—* 


2 





) 
b=ro-riincm 

n = the number of turns in the spiral 

This structure results in a thinner antenna, although the number of turns 
in the antenna is limited to the number of turns that is possible to pack in a 
single layer. This limits the inductance of the antenna as this value depends 
on the square of the number of turns. Other forms of planar coil antennas 
are the multilayer square-loop coil antenna with n turns and the multilayer 
rectangular-loop coil antenna, also with n turns, shown in Figure 2.6. 

The inductance for the planar multilayer square loop coil antenna with n 
turns, shown in Figure 2.6(a), is 


L=0.008 a r2 [2.3t08{ 40.2235 07% 4 0.726] (uH) (2.10) 
a 


where 
n = the number of turns 


a = the distance from the center of the coil to the side in cm 
h = the thickness of the winding in cm 
b = the width of the winding in cm 
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FIGURE 2.6 
(a) Multilayer, square-coil antenna. (b) Multilayer, rectangular-coil antenna. 
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The inductance for the planar multilayer rectangular-loop antenna with n 
turns, shown in Figure 2.6(b), is 


0.0276 n2(x+y+2h) 
~ 1.908 (x+y+2h)+9b+10h 





(uH) (2.11) 


where 
x and y = the dimensions of the coil in cm 


h = the thickness of the coil in cm 
b = the width of the winding in cm 
n = the number of turns 


It is necessary to state once again that these equations, used to calculate the 
inductance of various coils are only approximations and need to be taken with 
some care. In particular, equation (2.11) is valid only when the dimensions 
x and y of the coil are quite different. For example, if the two dimensions of 
the coil in equation 2.11 (x and y) were identical, thus resulting in a square 
coil, the inductance values calculated by equations (2.10) and (2.11) will be 
different. These equations are provided as a starting point for the designer 
of antennas for RFID transponders. 

Some antennas in transponders are configured as planar rectangular spi- 
ral structures, as shown in Figure 2.7. Figure 2.8 shows an example of a com- 
mercial transponder using this type of antenna. 

There is not a full and closed equation to calculate the inductance of this 
type of antenna. However, its inductance can be calculated as the sum of 
the self-inductances for all the straight segments minus the sum of the 
mutual inductances existing in the arrangement. The mutual inductance is 


(x) 


(y) 


FIGURE 2.7 
Single-layer, rectangular planar spiral antenna. 
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FIGURE 2.8 
Commercial transponder using a planar, rectangular-spiral antenna. 


the inductance that results from the magnetic fields produced by adjacent 
conductors. This mutual inductance will be positive when the direction of 
the current in the conductors is the same, and it will be negative when it is 
opposite. 


2.1.3 Antennas for RFID Transponders Operating in the UHF Region 


When the transponder is operating in the UHF region, the wavelength 
of the electromagnetic radiation is now comparable to the dimensions of 
the antenna. Because the antenna is no longer electrically small, a dipole 
can now be used. A short dipole is defined as a dipole whose length does 
not exceed one-fiftieth of the wavelength of the current signal. A short 
dipole, as depicted in Figure 2.9, produces an electric field that in near- 
field conditions has both radial and zenithal components, as given by 
equation (2.12): 








E,= len om : a oe Jone 
. (kr) (kr) (2.12) 
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FIGURE 2.9 
Electric field produced by a short dipole. 


ny 


where > 
k = the wavenumber [i = "| 
No = the intrinsic impedance of free space [n= = = 1207 
0 


r = the distance for the center of the dipole at which the field is measured 
@ = the zenith angle at which the field is measured 


Assuming that the far-field approximation is valid (r >> A), the radial 
component of the electrical field can be neglected, and therefore equation 
(2.12) becomes 


E, =k, sin@ (2.13) 
4u 





jkr 
I! e/ 
r 


The short dipole, however, does not radiate effectively because it has a very 
small radiation resistance, normally below 1 0, making it unsuitable for a 
good impedance match. Therefore, other dipole alternatives are preferred 
when possible, such as the half-wave dipole. The half-wave dipole, depicted 
in Figure 2.10, receives its name because its length equals half of the wave- 
length of the current signal traveling through the antenna. 

A half-wave dipole also produces an electric field only in the zenith com- 
ponent that can be described by equation (2.14): 
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FIGURE 2.10 
Electric field produced by a half-wave dipole. 


cos{ Tos 0| 
i j 601, 2 e-ikr (2.14) 





One of the main advantages of the half-wave dipole is that its radiation 
resistance, around 73 Q, is much larger than the radiation resistance of the 
short dipole. This makes the half-wave dipole better suited to match the 
impedance presented by its load, the integrated circuit in the transponder. 

The wavelength for the typical UHF RFID frequency of 915 MHz is approxi- 
mately 33 cm. Therefore, the length of a half-wave dipole is 16.5 cm. This value is 
valid only for free space; for an antenna mounted on an inlay, the actual value of 
its half wavelength decreases as the dielectric constant of the substrate increases. 
Although this distance is achievable, it presents some drawbacks. First of all, 
16.5 cm may still be too large for some applications that require or would benefit 
from smaller transponders. More importantly, the power transfer characteris- 
tics for this antenna are very small and therefore require substantial matching 
approaches. Antenna matching is described in further detail in Section 2.2. 

The space required by the antenna can be shortened while keeping the 
length of the conductors to the required 16.5 cm, for example by bending or 
even folding the wires that make up the dipole, as shown in Figure 2.11. This 
process can be repeated several times, bending the wires of the antenna in 
different directions as shown in Figure 2.12, which results in the structure 
known as the meandered dipole. 
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FIGURE 2.11 
Strategies for reducing the size of ultra-high-frequency (UHF) antennas. (a) Original half-wave 
dipole. (b) Bent dipole. (c) Folded dipole. 


FIGURE 2.12 
Examples of meandered dipole antennas. (a) Meandered dipole in a single direction. 
(b) Meandered dipole in two directions. 
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(b) 


FIGURE 2.12 (Continued) 
Examples of meandered dipole antennas. (a) Meandered dipole in a single direction. 
(b) Meandered dipole in two directions. 


bGovorcsu CoXeyp) 





FIGURE 2.13 
Detail of the inner loop used in some UHF antennas. 


However, bending the dipole degrades the electrical characteristics of the 
antenna: the current lines flowing in opposite directions through adjacent 
paths have a canceling effect that in turn increases the radiation resistance of 
the antenna. Because this effect depends on the distance between the paths, 
the canceling effect becomes stronger when the antenna has multiple bends 
closely packed. In practice, the total length of a bent or meandered dipole is 
longer than the straight half-wave wavelength, although the total size of the 
antenna will be smaller. 

Some antennas operating at the UHF range also incorporate a low DC 
resistance path closer to the center of the antenna known as the inner loop. 
This inner loop, shown in Figure 2.13, presents a series of advantages that 
makes its use common in this type of antenna. 
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First, the inner loop presents a low DC resistance that helps reduce the 
potential of damage to the integrated circuit due to high-voltage electro- 
static discharges that may occur in the antenna or its vicinity. Second, the 
inductance of the inner loop can be used in conjunction with the input 
capacitance of the integrated circuit to form a resonance circuit that will 
couple with the magnetic near field, producing enough voltage to power 
the integrated circuit. Near-field communications for UHF RFID systems, 
although not very common yet, are growing rapidly. Third, the inner 
loop can be used like a transformer to help match the impedance of the 
integrated circuit to the antenna. Finally, the impedance of the antenna 
can be lowered or increased by changing the width of the trace in the 
inner loop. 





2.2 Antenna Tuning for RFID Transponders 


Antenna tuning for RFID transponders operating at LF or HF frequen- 
cies attempts to make the antenna resonant at the frequency of transmis- 
sion, thus maximizing the current or the voltage in the system. Because 
the antenna has a marked inductive component, resonance is achieved by 
placing a capacitor of the adequate value in series or in parallel with the 
antenna. 

When the capacitor is placed in series with the antenna, the resulting 
series resonant circuit has an impedance minimum at the resonance fre- 
quency and therefore maximizes the current being delivered to its load. 
This type of configuration is typical for interrogators and will be studied 
in Chapter 4. When the capacitor is placed in parallel with the antenna, the 
result is a parallel circuit that exhibits an impedance maximum at the reso- 
nant frequency and therefore maximizes the voltage across its terminals. 
This is the typical configuration for transponders. The tuning capacitor 
in RFID transponders can be created over the same substrate as shown in 
Figure 2.14. 

The resonant circuit can therefore be modeled as a parallel circuit, similar 
to the one shown in Figure 2.15, in which L represents the inductance of the 
antenna, C represents the capacitance of the capacitor that must be added, R 
represents the resistance of the load that is the integrated circuit that must be 
powered, and the value r represents the resistance of the coil. Because nor- 
mally r << R, the value r will be ignored in the calculations needed to find the 
value of required capacitance. However, the resistance r of the inductor con- 
tributes to degrading the overall performance of the antenna. These effects 
will be studied in the last section of this chapter. 

The complex impedance presented by the circuit shown in Figure 2.15, 
neglecting the Ohmic losses 1, is 
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FIGURE 2.14 
Tuning capacitor in the antenna of a high-frequency (HF) transponder. 
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FIGURE 2.15 
Parallel resonant model used to analyze antenna resonance. L: antenna inductance. C: external 
tuning capacitor. R: load (chip to energize). r: Ohmic losses in the antenna. 
jo 
Z( jo) a C (2.15) 


lie“) FR 
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where @ = 2nf. 
The resonant frequency for the parallel circuit is the frequency that creates 
the maximum for Z(j@). This frequency is 


eo 
° VLC 
(2.16) 
f _ 1 
° AnVLC 
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From equation (2.15), it can be seen that at the resonant frequency, the 
impedance of the parallel circuit is real and equal to the value of the resis- 
tance of the load. This is the maximum value for the impedance. 


Example 2.2: 


Consider the value of inductance for the antenna in Example 2.1 (10 pH). Calculate 
the value of parallel capacitance required to make the antenna resonant at the 
typical RFID frequencies of (a) 125 kHz for LF systems and (b) 13.56 MHz for HF 
systems. 


Solution: 
Solving for C in equation (2.16) yields 


a 
L(2nf) 


Therefore, the values of capacitance required for resonance are as follows: 
Chas kz = 162 nF 

and 

Ci3.56 mz = 13.7 pF 


The same calculations for resonant frequency can be applied to the devices 
that communicate data by tuning and detuning the antenna. This can be 
accomplished by using, for example, two capacitors or two inductors in the 
parallel RCL circuit. In order to detune the antenna, the controlling device 
can, for example, shorten one of the capacitors or inductors, resulting in a 
new resonant frequency. This, in turn, results in a minimal transfer of energy 
back to the interrogator. 

The devices MCRF355 and MCRF360 from Microchip Technologies oper- 
ate following this principle. Figure 2.16 shows one of the configurations used. 
Here, the antenna will be tuned when both inductors are active and will be 
detuned when the device shortens the inductor L,. 

Using equation (2.13), the resonant frequency when the antenna is tuned 
is ftuned = 1/20 JL; C , with L; being the total inductance between point A 
and ground. When the device detunes the antenna by shortening inductor 
L,, the new resonant frequency becomes fictunea = 1/20 VL, C . Because Ly > 
L, (Lp=L,+L,+2kJL,L, , with k being the coupling coefficient between the 
coils), Feuned < ee 

The difference between the tuned and detuned frequencies must be cho- 
sen to maximize the Modulation Index and the read range. If it is necessary 
to choose the tuned and detuned frequencies such as frunea <faetunear this can 
be achieved by using the configuration shown in Figure 2.17. 

The operation is similar as shown before. Here, fineg = 1/20 JL C,, with 
Cr=C,C,/ C,+C,. The device detunes the circuit by shortening the capacitor 
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FIGURE 2.16 
Tuned and detuned circuit using two inductors and one capacitor. This configuration results 


in frunea < iaetuned: 


Chip Cl 


C2 


FIGURE 2.17 
Tuned and detuned circuit using two capacitors and one inductor. This configuration results 


in frunea > Fatetuned: 


C,, resulting in the following detuned frequency: fictunea = 1/2 VLC, . 
Because C; < C,, this results in fiunea <faetuned: 
Equation (2.15) can also be used to calculate the bandwidth of the system 


defined as its —3 dB cutoff. This is 


B= : 
2n RC 





(Hz) (2.17) 


An important parameter ina resonant circuit is its quality factor (Q), which 
compares the energy stored in the circuit with the energy that it dissipates: 
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Q= fe (2.18) 


Equation (2.17) can be rewritten taking into account the values of compo- 
nents in the resonant circuit by combining equations (2.16) and (2.17): 


Q= r|c (2.19) 


Equation (2.6), found earlier, was used to calculate the voltage induced in 
the coil. Substituting equation (2.19) into equation (2.6) yields 


Vo =2nfNSQB,cosB = 2nfN sre By cosB (2.20) 


This equation indicates that the voltage induced in the antenna transpon- 
der is inversely proportional to the square root of its inductance, and propor- 
tional to both the number of turns in the coil and its surface. 





2.3 Antenna Matching for RFID Transponders 


The purpose of matching an antenna to its load is to ensure that the antenna 
transfers the maximum amount of power to its load. In an RFID transponder, 
the load of the antenna is the integrated circuit that will be powered by the 
energy supplied by the antenna. Antenna matching is generally based on 
altering the complex impedance presented by the antenna at its operating 
frequency, by modifying its physical dimensions, inserting a reactive com- 
ponent, or a combination of both. 

Consider a simple circuit, as shown in Figure 2.18. The power transferred 
by the voltage source V, to the load resistance R, is 


R 
P.=—4—_ vy 
i RaRy (2.21) 


The goal of power matching is to find a relationship between R, and R, that 
will maximize the power transferred to the load. In mathematical terms, this 
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FIGURE 2.18 
Simplified model for power transfer calculations. 


is equivalent to finding the relationship between R, and the rest of the circuit 


elements that will make the first derivative of equation (2.21) zero. That is, 


dP, _ (R,+R,)? -2R, (R,+R,) 
dR, (R, +R,)* 





Vv2=0 > R,=R, (2.22) 


In a transponder, the voltage source models the voltage induced in the 
antenna, and the load models the integrated circuit that must be powered. 
These are not purely resistive elements such as those depicted in Figure 2.18, 
but they have resistance and reactance. Therefore, a more accurate model for 
this situation is shown in Figure 2.19. 

Equation (2.23) shows the power transferred to the load that is the real part 
of the impedance of the integrated circuit: 





Ps Ae — v2 (2.23) 
2| (Rant Ri.) + (Sue + Xi) ] 


There are now two conditions that must be met in order to transfer the 
maximum amount of power between the source (voltage generated by the 
antenna) and the load (integrated circuit to be powered). These are 


R,, oe Rant 
(2.24) 
Xj;=—-X 


ic ant 

Equation (2.24) can now be understood by saying that the amount of power 
transferred from the antenna to the integrated circuit will be maximum when 
their impedances are conjugate. This is an advantageous condition for RFID 
systems as the impedance of the antenna has an inductive behavior and the 
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Z_ant 


ant 


FIGURE 2.19 
Model for power transfer calculations in an RFID transponder. 


input impedance of the integrated circuit presents a capacitive behavior. The 
model shown in Figure 2.19 can be further refined as the model shown in 
Figure 2.20. 

It is necessary to point out that the series impedance model used in 
Figure 2.20 is not the most common way to represent the input impedance of 
an integrated circuit or any other electronic device. Generally, input imped- 
ance is expressed using a parallel model with the input resistance and the 
input capacitance. However, to preserve the parallelism used in Figures 2.18 
and 2.19, it is more convenient to express it using the series model. Given 
the values of parallel resistance and capacitance, it is possible to find their 
equivalent series values using equation (2.25): 


(2.25) 


Example 2.3: 


The specifications for the chip MCRF200 from Microchip used in RFID transpon- 
ders indicate a parallel capacitance of 2 pF. Assuming a parallel resistance of 3 kQ, 
find the equivalent series model at the frequency of 915 MHz. 


Solution: 


Equation (2.25) gives the following values of the equivalent series model: 

R, = 2.6 © and C, = 1.96 pF. In general, the values of series and parallel 
capacitance will be approximately the same. However, the values of the series 
and parallel resistances are very different for each model. 
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circuit 
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FIGURE 2.20 
Series model for the transponder antenna and chip to be energized. 


It is also interesting to calculate the gain or attenuation between the voltage 
delivered to the integrated circuit and the voltage generated by the antenna 
in the optimal case of maximum power transfer. Using the model shown in 
Figure 2.16, the voltage across the integrated circuit produced by the antenna 
can be calculated as follows: 


(2.26) 


Example 2.4: 


Using the values given in Example 2.3, calculate the voltage gain or attenuation at 
the input of the integrated circuit at the frequency of 915 MHz. 


Solution: 

Using equation (2.26), V,./ Van is equal to 34. This means that the voltage at the 
input of the integrated circuit in the transponder at the resonance frequency will 
be 34 times larger than the voltage generated by the antenna. In practice, this 
number will be lower because equation (2.26) has not considered factors such as 
the effect of the Q factor and other losses in the system. Typical voltage gains in 
practice are around 10 to 15. In any case, this represents an important benefit for 
the designer of the RFID system. 


It is necessary to consider that, in practice, there will be some mismatch 
between the impedance of the integrated circuit and the impedance of the 
antenna as these will not be perfect conjugates. This mismatch will produce 
losses in the power being delivered to the integrated circuit, resulting in 
decreasing the sensitivity and read range for the transponder. This factor 
becomes more important for UHF antennas designed for global operations 
that have a frequency bandwidth of 860 MHz to 960 MHz rather than those 
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designed for operation at a single frequency. In this case, the usual design 
approach is to place the matched frequency at the geometrical mean of the 
two frequency ends, resulting in 908 MHz. This will result, however, in mis- 
match losses at frequencies close to 860 MHz and frequencies close to 960 
MHz. 





2.4 Antennas in Commercial RFID Transponders 


Coil antennas are used in the different type of encapsulated glass tran- 
sponders, similar to Figure 2.21, operating in the LF region manufactured 
by Texas Instruments. Glass transponders are hermetically sealed, mak- 
ing them waterproof and therefore suitable to be immersed in water and 
other fluids. 

These transponders are marketed toward access control, vehicle identifica- 
tion, container tracking, asset management, animal identification, and waste 
management applications, as described by the literature provided by their 
manufacturer. Texas Instruments has different versions of these transpon- 
ders depending on the size of the memory in the chip and its ability to be 
rewritten by the user. The transponders are also available in different sizes, 
in particular lengths of 12 mm, 23 mm, and 32 mm. Figure 2.22 shows the dif- 
ferent sizes of these glass transponders that operate at the central frequency 
of 134.2 kHz, corresponding to the LF range. Other operational characteris- 
tics of these glass transponders are listed in Table 2.1. 





FIGURE 2.21 
Glass transponder used for RFID applications in the LF range. 
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FIGURE 2.22 
Three commercial glass transponders of different sizes used for application in the LF range. 


TABLE 2.1 


Operational Characteristics of Glass Transponders 





Main Operational Parameters Glass Transponders Texas Instruments — LF Region 


Modulation FSK: 134.2 kHz and 123.2 kHz 

Transmission Principle Half Duplex 

Read Range Less than 100 cm 

Maximum Operating Temperature Range = — 25°C to + 85°C 

Read Time Less than 70 ms 

Case material Glass 

Protection Hermetic seal 

Weight 0.8 grams 

Memory on board 4 different options depending on specific part 
number 





Other transponders operating in the LF region use planar coil antennas 
similar to those shown in Figure 2.23. The dimensions of the larger tran- 
sponder are 25 mm for the outer ring and 20 mm for the inner ring, while the 
dimensions for the smaller antenna are 14 mm for the outer ring and 9 mm 
for the inner ring. 

These antennas consist of a length of conductor wire coiled multiple times 
in order to create the desired inductance. The manufacturer specifies their 
use for the same general type of applications as the glass transponders, with 
the advantage of being much thinner. 

Antennas for transponders operating in the HF frequency (13.56 MHz) are 
normally planar antennas, having a structure similar to the planar anten- 
nas used in the LF region. However, because HF antennas require a lower 
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FIGURE 2.23 
Commercial planar coil antennas. 


inductance, the number of turns for these antennas is much lower, normally 
less than 10 turns. Planar antennas for RFID transponders operating in the 
HF region are also manufactured in different sizes and thicknesses depend- 
ing on the intended application. Figure 2.8 showed a picture of an HF tran- 
sponder manufactured by Texas Instruments under the name of Tag-it™. 
This type of transponder is marketed toward product authentication, library 
applications, supply chain management, asset management, and ticketing 
or stored value applications. The antennas are built over a polyethylene- 
terephthalate (PET) substrate giving a maximum thickness of 0.085 mm for 
the antenna area and 0.355 mm for the chip area. Figure 2.24 shows three 
antennas from this same family. The larger rectangular antenna has maxi- 
mum dimensions of 75 mm x 45 mm and consists of seven turns; the small 
rectangular antenna has a maximum dimension of 39 mm x 22 mm and has 
six turns; the square antenna has maximum dimensions of 45 mm x 45 mm 
and contains nine turns. 

The number and type of different antennas for transponders operating in 
the UHF region are higher as each commercial product has been optimized 
with an application in mind in terms of the different antenna parameters or 
the type of substrate better suited for a specific purpose. Figures 2.25, 2.26, 
and 2.27 show three examples of the diverse UHF transponders manufac- 
tured by Alien Technology. 

Figure 2.25 shows the Alien ALN-9640 Squiggle® Inlay from Alien 
Technology. This is a general-purpose transponder used for packages that 
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FIGURE 2.24 
Diverse planar rectangular antennas used in commercial HF transponders. 





FIGURE 2.25 
Commercial UHF transponder based on a meandered dipole and using capacitive tip loading. 


include metal or water. The largest length dimension of this antenna is 98 
mm, and the largest width of the overall antenna is 8 mm. This antenna 
exhibits a radiation pattern similar to a half-wave dipole. This antenna is 
based on a half-wave dipole that has been made shorter by bending the 
wires and adding shunt and series inductors to create the adequate resonant 
frequency for the integrated circuit that will be powered by the antenna. The 
large conductive areas located at each end of the antenna serve as capacitors 
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used to increase the antenna capacitance. This technique is known as capaci- 
tive tip loading. Since the magnitude of capacitive reactance decreases as the 
capacitance increases, a tip-loaded dipole exhibits a more inductive behav- 
ior than a dipole of the same length without the additional capacitance at its 
ends. 

Figure 2.26 shows the Alien ALN-9534 2x2 Inlay from Alien Technology. 
This antenna exhibits a more omnidirectional radiation pattern and is mar- 
keted toward item-level tagging applications such as apparel or baggage. The 
maximum dimensions of this antenna are 46 mm x 40 mm. This type of 
antenna, in which the conductors are thicker than the previously studied 
wire antennas, presents the advantage of having higher capacitance and lower 
inductance than the wire antennas, therefore making it easier to match to the 
characteristics of its integrated circuits. Furthermore, these antennas made 
with thicker conductors exhibit a wider bandwidth than the wire antennas. 

Figure 2.27 shows the Alien ALN-9554 M Inlay from Alien Technology. 
This antenna exhibits a better omnidirectional radiation pattern and is mar- 
keted toward tagging plastic totes, pallets, and other reusable assets. The 
maximum dimensions of this antenna are 98 mm x 38 mm. This type of 
antenna presents the higher bandwidth for the same reasons described ear- 
lier. When using conductive inks to create the antenna, the additional ink 
required to create them results in a cost increase for this type of antenna. 

Figure 2.28 shows an example of a meandered dipole antenna with an 
inner loop for use in the UHF range manufactured by RSIID technologies. 





FIGURE 2.26 
Commercial UHF transponder using a more omnidirectional antenna. 
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FIGURE 2.27 
Commercial UHF transponder having a higher bandwidth response. 


RSI-645 





FIGURE 2.28 
Meandered dipole antenna for UHF applications. 


The maximum dimensions of this antenna are 67 mm x 13.5 mm, thus 
making it suitable for applications with limited available space. Figure 2.28 
is just one example of the different configurations available for meandered 
dipoles. 

shows a dual dipole transponder. These transponders have 
two dipole antennas to make them more insensitive to the orientation of the 
transponder in reference to the interrogator. The potential drawback of this 
approach is the additional space required by the transponder that may not 
be suitable for all products. Furthermore, the front end of the integrated cir- 
cuit that will be powered by the antenna increases in complexity as it needs 
to respond to two different antennas. However, for longer range applications 
in which the position of the object can change, this type of antenna presents 
a clear advantage. 
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FIGURE 2.29 
Dual dipole antenna for UHF transponders. 


While the majority of transponders operating in the UHF range are pow- 
ered by far-field electromagnetic radiation, in some cases the relatively 
large area that they require may be larger than the available surface in the 
transponder. The solution in this case is to use UHF antennas that oper- 
ate in the near-field region, accepting the drawbacks associated with this 
mode of operation. These antennas operate based on the same inductive cou- 
pling principles used by LF and HF antennas. However, it is possible to add 
shunt and series inductors or capacitive tip loads to create what are known 
as hybrid antennas. These hybrid antennas, examples of which are shown 
in Figures 2.30 and 2.31, are able to operate in the near and far fields even 
though the performance in the far-field region is degraded compared to the 
performance of a typical dipole antenna. 





2.5 The Connection between the Chip and the 
Antenna in RFID Transponders 


Acritical step inthe manufacture of RFID transpondersis the connection between 
the antenna and the integrated circuit in the transponder. There are main meth- 
ods of doing this connection: chip-on-board and direct die attachment. 
Chip-on-board (COB) is an assembly technology for semiconductors in 
which the electronic chip is directly mounted on and connected to its final 
board instead of undergoing the traditional packaging process for integrated 
circuits. This process reduces space requirements and cost, and also increases 
the performance of the system due to the decrease in connection lengths 
and increase in reliability. This approach is normally used for wire-wound 
antennas. During the COB process, the capacitor used to create resonance is 
also packaged in the device. The device is then covered in epoxy in sucha 


© 2011 by Taylor and Francis Group, LLC 


44 RFID Design Fundamentals and Applications 





FIGURE 2.30 
Hybrid UHF antenna able to communicate in near field and far field. 





FIGURE 2.31 
Hybrid UHF antenna with tip loading. 


way that only the two cables to connect to the antenna emerge from the pack- 
age, as shown in Figure 2.32. The majority of COB packages are used in cards 
that need to meet the requirements for standard thickness of these cards at 
0.76 mm. With this requirement, the typical thickness of COB packages is 
about 0.41 mm. Although the COB package is designed to protect the internal 
silicon device during the card lamination process, it is necessary to be care- 
ful to prevent mechanical cracks on the device as a result of the mechanical 
pressures and hot temperatures. 

Direct die attachment can be achieved using two techniques: wire bond- 
ing or flip-chip. Flip-chip is a technology for interconnecting semiconductor 
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FIGURE 2.32 
Connection of the antenna wires to the chip in the transponder. 


devices by creating conductive bumps in the pads of the chip. In order to 
connect the chip, this has to be flipped so the bond pads are in contact with 
the matching pads in the circuit. In the wire-bonding technology, the chip is 
mounted upright and wires are used to connect the chip to the circuit. In the 
case of RFID transponders, the bumps or wires are connected to the antenna, 
thus being an ideal method to use for printed, etched, or stamped antennas. 
In this case, the resonance capacitor can also be etched on the substrate of 
the transponder, and therefore this technology does not require binding it 
with the chip as COB does. Figure 2.33 shows an example of this type of 
connection. 

The choice between printing, etching, or stamping the antenna is a trade- 
off between cost and performance. The Q factor of the antenna, which as 
discussed earlier has a strong effect on the read range for the transponder, 
is inversely proportional to the resistance of the antenna. With this in mind, 
it is desirable to use an etched antenna instead of a printed antenna made 
of conductive material. The etching process is also less expensive than the 
printing process. For large antennas, however, etching and stamping waste 
too much unwanted material. In this case, a printed antenna becomes a more 
desirable solution. Figure 2.34 shows the general structure of the chip-to- 
antenna connection, independently of the specific technique being used. The 
antenna is connected between one of the terminals in the die and its ground 
connection (GND). 

This connection creates a problem due to the crossing of the connection 
to the antenna with the ground ring around the die, creating a parasitic 


© 2011 by Taylor and Francis Group, LLC 


46 RFID Design Fundamentals and Applications 





Pe “ew | 


FIGURE 2.33 
Direct connection between the chip and the antenna in the transponder. 
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FIGURE 2.34 
Strategy for reducing the stray capacitance when connecting the chip to the antenna in an 
RFID transponder. 
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capacitance. Depending on the technology being used to make this connec- 
tion, the parasitic capacitance can have a value of up to 20 fF, influencing 
the resonant frequency for the antenna. To limit this effect, the ground ring 
around the die is narrowed in the vicinity of the pad for the antenna connec- 
tion, thus reducing the parasitic capacitance. 





2.6 Additional Factors That Affect the Performance 
of Antennas in RFID Transponders 


As discussed in the preceding sections, the quality factor of an antenna is 
influenced by its Ohmic losses. For the coil antennas used for transponders 
operating in the LF region, these Ohmic losses come from the wire used to 
build the coil. The resistance in DC of a conductor of length J, with a uniform 
cross-section S, is 


Ree 
be = 2.27) 


where o is the conductivity of the material. 

Because of the need to manufacture the antenna as small as possible, 
designers opt for choosing the narrowest possible diameter, resulting in 
an increase in its resistance as shown by equation (2.27). More important, 
however, for the design of antennas is their losses in AC. The density of 
AC current through a wire is not constant through its surface, but the cur- 
rent tends to flow through the outer section of the wire, thus decreasing its 
effective area. This is known as the skin effect. Similarly, the skin depth for a 
conductor is defined as the value of its depth at which the current density 
falls to 37% of the current density along the surface. As shown in equation 
(2.28), for a given material, its skin depth is dependent on the frequency of 
the AC current: 


1 


where 
6 = the skin depth 


pi = the permeability of the material 
o = the conductivity of the material 
f = the frequency of the AC current through the material 
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Example 2.5: 


Calculate the skin depth for copper wire at (a) 125 kHz and (b) at 13.56 MHz. 


Solution: 


Copper has a relative permeability of 1, so its total permeability is p = 4 1 107 
H/m. Its conductivity is equal to o = 5.8 107 mho/m. Therefore, equation (2.28) 
can be rewritten for copper as 


_ 0.066 


If (m) 


A. The skin depth of copper at 125 kHz is equal to 0.186 mm. This means that 
the current density of a point located 0.186 mm away from the surface of 
the conductor is only 37% of the current density on the surface. 

B. The skin depth of copper at 13.56 MHz is equal to 0.018 mm. At this fre- 
quency, the skin depth is about one-tenth of the skin depth at 125 kHz. 
Therefore, at 135 MHz the majority of the current is flowing through the 
surface of the conductor. 


5 


The total resistance of a wire to AC current (R,,) is a combination of its 
DC resistance (Rp-) and its skin depth (6): 


a 
R,.= Roc =< . 
ac DC 25 (2 29) 


where a is the radius of the wire. 
For etched coil antennas, commonly found in planar transponders, the 
AC resistance is given by equation (2.30): 


_ 1 [mf 
““Go4nV o (2.30) 


where 
w =the width 


t = the thickness of the conductor on the substrate 


Etching is a wasteful process as metal is removed from the substrate in 
order to create the antenna. Although some of the materials may be recycled, 
etching also requires large amounts of chemicals and energy to use in the 
process. To respond to this concern, newer processes based on conductive 
inks or copper deposits have been developed, especially for antennas operat- 
ing in the UHF frequency range. Because of the higher conductivity of copper 
compared to silver-based conductive inks, antennas made with deposited 
copper can be substantially thinner than those made with conductive inks. 
In general, both materials can be effectively used to create antennas. 
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The two main components of a transponder are its internal circuits and its 
antenna. The antenna, studied in Chapter 2, is used to collect energy from 
the electromagnetic fields in which the transponder is embedded as well as 
to transmit the information back to the interrogator. The integrated circuit, 
also known as the chip or device, is the key component in the transponder, 
and for this reason this chapter uses the names transponder, chip, and device 
interchangeably. The integrated circuits have the ability to store information 
to be transmitted to the interrogator, execute a series of commands, and, in 
some cases, store new information sent by a remote station. 

This chapter describes the fundamental blocks that make up the transpon- 
der. Because there are a large number of transponders in the market, each 
one with its own specific differences, this chapter focuses on the functional 
blocks common to them using commercial transponders to illustrate these 
concepts. Therefore, the devices used in the examples should not be seen as 
an exhaustive list of transponders but just as examples used to illustrate spe- 
cific concepts and ideas. This chapter starts by describing the analog front 
end commonly encountered in these devices. The analog front end contains 
the radiofrequency section that is necessary to match the electrical proper- 
ties of the device to the electrical properties of the antenna as well as the 
circuits used for harvesting and managing the power necessary to turn on 
the device. This section is followed by the description of the main encoding 
and modulation methods commonly used by transponders. This is followed 
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FIGURE 3.1 
Block diagram of a generic RFID transponder highlighting its main functional components. 


by the description of the different memory structures to store data and con- 
figuration parameters as well as the codes used to ensure the integrity of the 
digital data. The next section briefly describes the methods for programming 
the transponder by either a contact programmer or a contactless program- 
mer. The last two sections in this chapter present a summary of the electrical 
and mechanical specifications found in commercial transponders as well as 
a description of their most common assembly methods. 

Figure 3.1 depicts the block diagram of a basic and generic RFID transpon- 
der showing its main functional blocks. It is important to note that not all 
the blocks shown in the figure will be always present in any transponder 
depending on its use, intended application, and cost. 





3.1 The Analog Front End 
3.1.1 Radiofrequency Stage 


When the transponder is immersed in an electromagnetic field of the 
appropriate frequency, a radiofrequency voltage appears across the antenna 
terminals. The task of the front-end stage is to rectify that radiofrequency volt- 
age and convert it into a continuous voltage (DC) with a value high enough to 
power the rest of the circuits inside the device. Different transponders have 
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different requirements regarding the minimum voltage required to become 
operational depending on their internal structure and fabrication technology. 

The first step in the energy conversion process between the electromagnetic 
field and the DC voltage is the resonant circuit tuned to the frequency of the 
field. The different possible configurations for the external resonant circuit 
described in Section 2.2 are now studied, taking into account the structures used 
in commercial transponders. Figure 3.2 shows the possible alternatives for the 
external resonant circuit using two commercial devices: the MCRF355 and the 
MCRF450, both from Microchip Technology and both operating at 13.56 MHz. 

Some devices incorporate one or two capacitors inside their integrated 
circuit, eliminating the need for using an external capacitor and therefore 
reducing the size required for the overall transponder inlay. Figure 3.3 shows 
the resonant circuit using commercial devices that incorporate one or two 
capacitors in their internal circuitry. 

The devices MCRF360, MCRF451, and MCRF455 from Microchip Technology 
have a single internal capacitor with values of 100 pF, 95 pF, and 50 pF, respec- 
tively. The device MCRF422, also from Microchip Technology, has two inter- 
nal capacitors of 50.6 pF and 65.4 pF. All these devices operate at 13.56 MHz. 


I -_ i f ao 
tuned In {Lp detuned mn ic 


MCRF355/450 


Lp=L, +L y+Ly withLy=k JLiLy (0< ks) andl, >Ly 





1 1 





Sruned a ‘On JE Cr Sf detuned = On LC, 
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Cc / OG 
Y and C,>Cy 
Cy, + Cy 





FIGURE 3.2 

Alternatives for the external resonant circuit found in commercial transponders. These tran- 
sponders require a capacitor in the inlay to create the resonant circuit. The inductor in the 
circuits models the antenna. 
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Internal capacitance values: 


MCRF360: 100 pF 
MCRF451: 95 pF 
MCRF455: 50 pF 
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Crequiv = 30 pF 





FIGURE 3.3 

Alternatives for the external resonant circuit for devices that incorporate the resonance capaci- 
tor in the die of the integrated circuit. (a) Structure with a single internal capacitor. (b) Structure 
with two internal capacitors. 


The path between one of the antenna connection nodes and ground, shown in 
Figures 3.2 and 3.3, is shortened according to a control signal. The path is short- 
ened using a transistor, called a modulation transistor, that exhibits a low ON 
resistance, normally below 5 0 and a very high OFF resistance of several MQ. 
In this situation, the transponder exhibits two different resonant frequencies. 

The resulting resonance frequency when the modulation transistor is OFF 
is chosen to be equal to the frequency of the electromagnetic field emitted by 
the interrogator. As shown in Figure 3.4, because of the resonance condition, 
the energy of the field is transmitted through the front end to the device, 
resulting in the radiofrequency voltage at the input of the device being 
maximal. This situation is called uncloaking. When the modulation transis- 
tor is turned ON, it shortens one of the inductors or capacitors, resulting 
in a resonant frequency for the circuit different from the frequency of the 
electromagnetic field. When it shortens one of the two inductors connected 
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FIGURE 3.4 
Cloaking and uncloaking modes produced by the control transistor in the transponder and the 
different resonant frequencies generated. (a) Uncloaked. (b) Cloaked. 


in series, the resulting resonant frequency is higher than the frequency of 
the field; when it shortens one of the two capacitors connected in series, the 
resulting resonant frequency is lower. In any case, the frequency of the cir- 
cuit and the frequency of the field are different, and therefore most of the 
energy of the electromagnetic field is rejected by the filter, resulting in the 
voltage generated at the input of the device being minimal, ideally zero. This 
situation is called cloaking. The same cloaking-uncloaking approach is used 
by the transponder to transmit data to the interrogator. Using this approach, 
the digital signal controls the modulation transistor. 


Example 3.1: 


Calculate the values of the external inductors needed to use in a transponder 
based on the MCRF451 device. 


Solution: 


The MCRF451 has an internal capacitance of 95 pF and operates at a frequency 
of 13.56 MHz. Using the equations shown in Figure 3.3, the total inductance 
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necessary is L; = 1.45 pH. With this inductance, the circuit resonates at 13.56 
MHz, and therefore the energy from the electromagnetic field is passed to the 
device. The L, = 1.45 LH of external inductance will be split between L, and L,. 

The value of L, can be calculated using the equations from Figure 3.3 now 
for the case of detuned frequency. The detuned frequency should be between 3 
MHz and 6 MHz away from the tuned frequency. For the structure used by the 
MCRF451 device, the detuned frequency will be higher than the tuned frequency. 
Using for example a frequency shift of 4 MHz, the detuned frequency becomes 
17.56 MHz, resulting in a value of L, equal to 864 nH. Assuming initially a value 
for the coupling coefficient between L, and L, equal to zero (k = 0), the required 
value for L, is 586 nH. It can be observed that L, > L, as it is required. In a more 
realistic situation, the value of the coupling coefficient will be between 0 and 1, 
resulting in a lower value for L). 


3.1.2 Power Management 


In order to be operative, the transponder needs to convert the radiofrequency 
voltage detected by the antenna into a DC voltage. The voltage required to 
bias the internal components in the transponder is higher than the voltage 
detected by the antenna. Therefore, the transponder requires the use of volt- 
age multipliers to reach the values necessary by the biasing voltage. 

A voltage multiplier is a circuit that converts a lower AC voltage into a 
higher DC voltage. Figure 3.5 shows the basic structure of a simple voltage 
multiplier called a voltage doubler. 

Assuming initially ideal diodes for simplicity, diode D1 is forward biased 
during the phase of negative input voltage, while diode D2 is reverse biased 
and therefore capacitor C2 is disconnected from the rest of the circuit. In this 
stage, capacitor Cl charges to a DC voltage ideally equal to the amplitude of the 
AC signal. Afterward, during the phase of positive input voltage, the biasing 
of the diodes reverses: D2 is forward biased, and D1 becomes reverse biased. 
This causes capacitor C2 to be directly connected to the input of the AC sig- 
nal. Taking into consideration the voltage at which capacitor C1 was originally 
charged, the DC voltage at capacitor C2 will be equal to twice the amplitude of 


C Dy 





FIGURE 3.5 
Structure of a single-stage basic voltage multiplier. Vz; models the voltage generated by the 
electromagnetic field in which the transponder is immersed. 
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the input voltage. Considering now the minimum ON voltage for real diodes, 
the voltage at the output of the structure shown in Figure 3.5 is 


Vou = 2(V, - Vow) G.1) 


out 


where 
Vout = the output DC voltage, 


Vp = the peak voltage detected at the antenna terminals 
Von = the minimum direct voltage across the diode to turn it on 


Figure 3.6 shows the intermediate signals observed at the different nodes 
in the voltage doubler structure. The voltage supply models the radiofre- 
quency signal detected at the terminals of the antenna in the transpon- 
der. The graph of the output voltages shows how the output capacitor is 
being charged until it reaches the steady-state level predicted by equation 
(3.1). Once the transient disappears, the output voltage stabilizes and will 
remain at that level as long as the transponder is immersed in that electro- 
magnetic field. 

In practical RFID systems, because the RF voltage detected at the antenna 
terminals is relatively small, the voltage doubler structure shown in Figure 3.5 
does not produce a high enough voltage to power the integrated circuit in the 
transponder. This situation can be resolved by connecting additional voltage 
doublers. The resulting structure is known as a Dickson charge pump, result- 
ing in an output DC voltage equal to 





FIGURE 3.6 

Signals observed at diverse points in the single-stage voltage multiplier. (a) Input signal. (b) 
Intermediate signal consisting of the input signal plus a DC component equal to its peak value. 
(c) Output signal. After the transient disappears, the output signal is a DC signal with a value 
equal to the double of the peak amplitude of the input signal. 
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Vou = 2N(V,— Von) (3.2) 


out 


where N is the number of basic voltage doubler cells. 

Figure 3.7 shows a three-stage Dickson charge pump. Its output voltage is 
equal to six times the peak voltage for the input minus the turn-on voltage 
for the diodes. Figure 3.8 shows the intermediate signals observed at several 
nodes in this structure. The sensitivity of the different graphs in volts per 
division has been kept the same to better observe how at each intermediate 
node, the AC signal has an additional offset equal to its peak value. The final 
DC output voltage is predicted by equation (3.2). 

There is, however, a practical limit to the number of stages that is reason- 
able to consider for use in a practical application. As the number of stages 
increases, the number of required diodes increases by a factor of 2, and 
therefore the power dissipated by the charge pump also increases in the 
same ratio, decreasing the overall efficiency of the circuit. The efficiency of 
the charge pump is given by equation (3.3): 





n = Pia = Vout (3 3) 
pump - 
Proad + P opisiinied Vout + 2N Von 


where N is the number of stages in the charge pump. 


Voltage doubler 
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FIGURE 3.7 
Dickson charge pump structure used to increase the DC voltage extracted from the radiofre- 
quency signal generated by the electromagnetic field in which the transponder is immersed. 
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FIGURE 3.8 

Signals observed at different points in the Dickson charge pump. After each stage, the overall 
signal increases its DC component until it only contains a DC component at the output of the 
last stage. 


Equation (3.3) shows that the efficiency of the charge pump will increase 
by using diodes with a lower turn-on voltage. To this extent, several types 
of devices have been used and several more types are being currently inves- 
tigated. The most common approach is to use Schottky diodes due to their 
electrical characteristics that make them extremely attractive for this pur- 
pose. However, using Schottky diodes increases the complexity of manufac- 
turing the transponder, thus resulting in a higher cost. For this reason, the 
use of ultra-low-power complementary metal oxide semiconductor (CMOS) 
diodes appears to be an attractive alternative as they can be manufactured 
with the rest of the transponder and therefore they will not increase the cost 
of manufacturing the transponder. 





EE 
3.2 Signals in the Transponder 
3.2.1 Signal Encoding 


The digital signals in the transponder are encoded using one or more of these 
common encoding schemes that are represented in Figure 3.9. 
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FIGURE 3.9 

Common signal-encoding techniques. (a) Nonreturn-to-zero (NRZ): 1 represented by a high 
logic level; 0 represented by a low logic level. (b) Differential biphase: 1 represented by a change 
in level at the start of the clock period; 0 represented by no change in level at the start of the 
clock period. There is always a change of level at the middle of the clock period. (c) Manchester: 
1 represented by a high-to-low transition at the middle of the clock period; 0 represented by a 
low-to-high transition at the middle of the clock period. 





These encoding techniques are as follows: 


NRZ (nonreturn to zero): There is no data encoding done. The 1’s and 
0's are clocked from the data array directly to the output transistor 
that will close or open the switch in the analog front end, as was 
shown in Figure 3.4. Although extremely simple, this encoding tech- 
nique presents problems if the data to transmit have long strings of 
1’s or 0’s because these may be misunderstood as the presence of a 
DC voltage in the line. 


Differential biphase: Multiple encoding approaches using this method. 
This method embeds clocking information with the data and 
will help to synchronize the interrogator to the bit stream. In this 
approach, a level change occurs at the middle of every bit clock 
period. 1 is represented by a change in level at the start of the clock. 
0 is represented by no change in level at the start of the clock. 


Manchester code (biphase level, biphase_L, or split phase): This is a vari- 
ation of the previous encoding method. There is not always a transi- 
tion at the clock edge, but there is always a transition in the middle 
of the clock cycle, thus allowing one to extract the clock signal from 
the data signal. In Manchester code, a 1 is represented by a high 
to low level change in the middle of the clock. A 0 is represented 
by a low to high level change at the start of the clock. This type of 
encoding is used in the MCRF355/360 and the MCRF45X family of 
transponders manufactured by Microchip Technology. 
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Example 3.2: 


Assume that we are using a biphase-L format (Manchester) for encoding the digital 
data at a frequency of 70 kHz. The data bit 0 is sent by first detuning (cloaking) 
the device during 7 ps and then tuning (uncloaking) the device for an additional 
7 us. The data bit 7 is sent by uncloaking the device and then cloaking it for the 
same time periods. 


3.2.2 Modulation and Demodulation 


Modulation refers to changing one or more parameters in the carrier radio- 
frequency signal as a method to transmit the encoded signal. In practice, 
only one of the parameters (amplitude, frequency, or phase) of the radiofre- 
quency is usually changed when transmitting simple digital data. 

When the amplitude of the carrier changes depending on the encoded sig- 
nal, the resulting modulated signal is called amplitude shift keying, or ASK. 
In this case, a high voltage in the envelope of the radiofrequency signal sig- 
nifies a logic level 1, while a low voltage in the envelope signifies a logic 
level 0, following the appropriate signal-encoding method being used. ASK 
modulation is also known as direct modulation in RFID systems. ASK modu- 
lation offers the possibility of high data rates due to the simplicity of the 
process. The spectrum of the ASK signal is relatively narrow as it contains 
only energy at the frequency of the carrier signal and at each of the two 
sidebands. One sideband is located at the frequency of the carrier minus the 
frequency of the modulating signal, and the other sideband is located at the 
frequency of the carrier plus the frequency of the modulating signal. The 
bandwidth efficiency of a binary-modulated ASK signal is 1 bit/second/Hz. 
The detection of the ASK signal can be done using a coherent detector or 
a noncoherent detector. Noncoherent detection increases the simplicity of 
the overall system, although it reduces the ability to differentiate between 
the desired signal and noise. The immunity to noise can be increased by 
using a coherent detector, although the immunity to noise is overall lower 
than using an FSK or PSK modulation process. The bit error probability for 
noncoherent ASK modulation, assuming an additive white Gaussian noise 
limited channel, is 


ZEp 
Plas = 0.5e4No + 0.5erfc(JE, /2N, ) (3.4) 


NONCOH 


where 
P = the bit error probability 


E./No = the average bit power 
erfc(x) = the complementary error function for the argument x 


© 2011 by Taylor and Francis Group, LLC 


Amaranth Amaranth seedling Annual nettle 


e 


Creeping Maliow Dandelion flower Dandelion seed head 


Dove's Foot Geranium t Heartsease Pansy Herb Robert Flower & 
Seedhead 





60 RFID Design Fundamentals and Applications 


Similarly, the bit error probability for coherent ASK modulation is 


Pl pee =O Sere E, / 2NG,) (3.5) 


COH 


Figure 3.10 shows the bit error probability values obtained using equations 
(3.4) and (3.5) for different values of energy transmitted. From this graph it 
is possible to observe the decrease in bit error rates for coherent ASK mod- 
ulation, which is especially significant when increasing the energy per bit 
transmitted. 

When the encoding signal changes the amplitude of the carrier being trans- 
mitted, the resulting modulated signal is called frequency shift keying, or FSK. 
When the modulating signal is binary, FSK results in using two different 
frequencies for transmitting the digital data. The most common approach 
to FSK in RFID systems is called Fc/8/10: this means that a 0 is transmitted 
as an amplitude modulated clock cycle with a period corresponding to the 
carrier frequency divided by 8, and a 1 uses a period that corresponds to the 
carrier frequency divided by 10. Figure 3.11 shows the time representation 
for this FSK modulation. 

The logic level 0 is transmitted by sending a total of eight cycles of the 
RF signal; the first four cycles have a higher amplitude than the last four 
cycles. The logic level 1 is transmitted by sending a total of ten RF cycles, 
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FIGURE 3.10 
Error probability (Ps) for coherent and noncoherent ASK modulation as a function of the 
energy received (Eb/No). 
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FIGURE 3.11 

Structure of the FSK-modulated signal. The symbol 1 is represented by sending 10 RF cycles, 
while the symbol 0 is represented by sending 8 RF cycles. The message sent in the figure is 
10011. 


with the first five cycles having a higher amplitude than the last five cycles. 
The change in amplitude between the first and second halves of the cycles 
allows one to count the number of cycles between transitions and therefore 
to differentiate between logic levels. In other words, the 1 and 0 are differen- 
tiated by looking at the number of periods between transitions. 

Other FSK approaches used by other transponders are Fc/10/8, Fc/5/8, 
and Fc/8/5. Table 3.1 lists the relation between the encoding signal and the 
data transmitted. 

The bandwidth required by the FSK signal is dependent on the existence 
or not of phase changes when changing frequencies. Obviously, in those 
FSK modulation approaches that exhibit abrupt phase changes, there will be 
more spectral components at higher frequencies, thus increasing the band- 
width. The bandwidth efficiency of a binary-modulated FSK signal depends 
on how the modulation process has been performed, but it approaches 2 
bits/second/Hz. Similarly to ASK modulation, FSK signals can be recovered 
using noncoherent detectors or coherent detectors, with a coherent detec- 
tor providing stronger noise immunity. The calculation of the bit error rate 
for FSK signals depends on the separation between the frequencies used to 
transmit the FSK signal. The optimal frequency selection occurs when these 
frequencies are a multiple of the frequency of the encoding signal. These are 
called orthogonal frequencies. 

The bit error probability for noncoherent FSK modulation, assuming an 
additive white Gaussian noise limited channel, is 


~Ey 


Plese = 0.5e2No (3.6) 


NONCOH 
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TABLE 3.1 
Different FSK Modulation Approaches 





Logic Level “0” Logic Level “1” 


Fc/8/10 8 RF cycles 10 RF cycles 
Fe/10/8 10 RF cycles 8 RF cycles 
Fe/5/8 5 RF cycles 8 RF cycles 
Fe/8/5 8 RF cycles 5 RF cycles 
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FIGURE 3.12 
Error probability (Ps) for noncoherent FSK and coherent FSK as a function of the energy 
received (Eb/No). 


The bit error probability for coherent FSK modulation is 


Plc O.berfe( JE, /2Ny) (3.7) 


COH 


Comparing equations (3.5) and (3.7) shows that if the two frequencies that 
make the FSK signal are chosen to be orthogonal, then the bit error rates for 
coherent ASK and coherent FSK signals are essentially the same. Figure 3.12 
shows the probability of bit error as predicted by equations (3.3) and (3.4) for 
different values of energy per bit. This figure shows that the difference in 
performance between noncoherent detection and coherent detection for FSK 
signals is lower than for ASK signals. This has resulted in the widespread 
use of noncoherent FSK modulation due to its simplicity. 
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Example 3.3: 


Calculate the bit error rate for coherent and noncoherent ASK and FSK demodulation 
for the following signal-to-noise ratios (E,/N,): (a) 5 dB, (b) 10 dB, and (c) 15 dB. 


Solution: 


The bit error rates for each type of demodulation are given by equations (3.4) to 
(3.7). The first step is to express the signal-to-noise ratio in linear units. This results 
in the following values: 

A. E,/N,=5 dB ® E,/N, = 3.16 (linear units) 

B. E,/N,= 10 dB =» E,/N, = 10.0 (linear units) 

C. E,/N,= 15 dB ® E,/N, = 31.6 (linear units) 


Bit error rates for noncoherent ASK demodulation are predicted by equation (3.4), 
resulting in the following: 
With E,/N, = 3.16 (5 dB): P, 
transmitted) 
With E,/N, = 10.0 (10 dB): P, 
transmitted) 
With E,/N, = 31.6 (15 dB): P, = 0.185 10> (approximately 1 error every 5400 
bits transmitted) 


0.264 (approximately 1 error every 4 bits 


0.042 (approximately 1 error every 24 bits 


Bit error rates for coherent ASK demodulation are predicted by equation (3.5), 
resulting in the following: 
With E,/N, = 3.16 (5 dB): P, = 0.037 (approximately 1 error every 30 bits 
transmitted) 
With E,/N, = 10.0 (10 dB): P, = 0.78 10> (approximately 1 error every 1300 bits 
transmitted) 
With E,/N, = 31.6 (15 dB): P, = 9.47 10-9 (approximately 1 error every 100 mil- 
lion bits transmitted) 


Bit error rates for noncoherent FSK demodulation are predicted by equation (3.6), 
resulting in the following: 
With E,/N, = 3.16 (5 dB): P, = 0.103 (approximately 1 error every 10 bits 
transmitted) 
With E,/N, = 10.0 (10 dB): P, = 3.37 10> (approximately 1 error every 300 bits 
transmitted) 
With E,/N, = 31.6 (15 dB): P, = 6.87 10-° (approximately 1 error every 14.5 mil- 
lion bits transmitted) 


Bit error rates for coherent FSK demodulation are predicted by equation (3.7), 
resulting in the following: 
With E,/N, = 3.16 (5 dB): P, = 0.037 (approximately 1 error every 30 bits 
transmitted) 
With E,/N, = 10.0 (10 dB): P, = 0.78 10> (approximately 1 error every 1300 bits 
transmitted) 
With E,/N, = 31.6 (15 dB): P, = 9.47 10-9 (approximately 1 error every 100 mil- 
lion bits transmitted) 
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These results show that the performance of coherent demodulation has a much 
better performance than noncoherent demodulation. Even for relatively noisy sig- 
nals, coherent ASK shows a much lower bit error rate than when the demodulation 
is performed noncoherently. Therefore, it seems obvious to choose a coherent 
demodulation scheme when using ASK. While coherent FSK demodulation also 
shows a lower bit error rate than noncoherent FSK demodulation, the difference is 
not as strong as in the ASK case. For this reason, a noncoherent FSK demodulation 
may be preferred as it will reduce the complexity of the system without exces- 
sively degrading its performance. 


When the encoding signal changes the phase of the carrier, the resulting 
modulated signal is called phase shift keying (PSK), as shown in Figure 3.13. 
PSK is basically the same approach as FSK with the difference being that 
only one frequency is used. The information is encoded here in the change of 
phase between clock cycles. PSK also allows for different approaches on this 
encoding. Because the receiver is only looking for changes of phase, it is pos- 
sible to transmit information in a smaller number of radiofrequency cycles, 
resulting in using faster data transfer rates compared to FSK. 

Some devices like the MCRF200 and the MCRF250, both from Microchip 
Technology, support two PSK modulation modes called PSK_1 and PSK_2. 
In PSK_1, the phase of the RF signal changes when the encoding data 
change. This means that, for example, the phase of the RF signal will 
change when the encoding signal changes from 1 to 0 or from 0 to 1. In 


PSK-Modulated Signal 





Detected change 


FIGURE 3.13 
A generic PSK-modulated signal. The figure shows that the PSK signal requires less RF cycles 
to transmit the digital data. 


© 2011 by Taylor and Francis Group, LLC 


Transponders 65 


DATA | 


PSK_1} 





PSK_2 


FIGURE 3.14 

Two variations of PSK modulation. In PSK_1, the phase of the carrier changes every time there 
is a change in the symbol transmitted. In PSK_2, the phase of the carrier changes every time 
the symbol transmitted is 1. 


PSK_2, the phase of the RF signal changes every time the encoding data 
have the logic level 1. For example, the phase will change when the encod- 
ing data change from 0 to 1 or from 1 to 1, but it will not change when the 
encoding data move from 1 to 0 or from 0 to 0. Figure 3.14 depicts these two 
PSK modulation approaches. 

A third PSK modulation mode available in some other devices—for exam- 
ple, the T5557 from Atmel®—is based on a phase change on the rising edge 
of the encoding signal. 

The spectral occupancy of the PSK signal is identical to the ASK signal 
assuming that there are no phase changes abruptly occurring at the symbol 
boundaries. However, in contrast to ASK and FSK, the detection of PSK sig- 
nals requires a coherent demodulator. The bit error rate for PSK signals is 


Plpsx = 0.5erfe(JE, / No) (3.8) 


COH 


When comparing the different modulation methods and assuming equal 
average energy per symbol transmitted, the different PSK modulation 
approaches present the strongest immunity against noise. Coherent FSK 
modulation with orthogonal symbols or coherent ASK modulation is the next 
best approach followed by the noncoherent FSK modulation. Noncoherent 
ASK modulation exhibits the poorest performance. For example, a bit error 
rate of 10-° requires a value of Eb/No slightly above 10 dB for a PSK sig- 
nal, but it will require a value of Eb/No of about 18 dB for a noncoherent 
ASK signal. Similarly, an energy Eb/No of 10 dB will result in a bit error 
rate of 1.5 10->in using PSK, but the bit error rate will increase up to 1.5 10? 
when using noncoherent ASK. This represents moving from 1.5 errors 
every 100,000 bits transmitted (PSK) to 1.5 errors every 100 bits transmitted 
(noncoherent ASK). 
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3.3 The Logic System 
3.3.1 Data Memory 


The memory of RFID transponders is divided into data memory and con- 
figuration memory. Data memory stores the information that will be trans- 
mitted back to the interrogator. Configuration memory stores data regarding 
the configuration parameters for the transponder. Memory varies in size, 
rewriting capabilities, structure, and characteristics similar to those found 
in memory used in other products. The size of the memory ranges from 1 bit 
to 64 kbits or even larger, with the most common values being around a few 
hundred bits. One of the most important differences between transponders 
is whether the data stored in their memory can be rewritten by the user. This 
gives rise to the distinction between read-only transponders and read/write 
transponders. Because memory types, sizes, and structures can greatly dif- 
fer between different transponders, the following examples are not intended 
to be viewed as a comprehensive guide, but to highlight some of the most 
commonly used approaches to memory in transponders. 

The device MCRF200 from Microchip Technology contains a memory of 
140 bits; 128 bits are data bits, and the remaining 12 bits are used for the con- 
figuration register. This is a one-time programmable (OTP) device that oper- 
ates as a read-only device once it is programmed. The data memory can be 
programmed by the user using a contactless programmer or can be directly 
programmed by the factory at the time of production. The configuration reg- 
ister can only be programmed at the time of production. The manufacturer 
specifies memory data retention better than 200 years. 

Figure 3.15 shows the block diagram of this device. The EEPROM memory 
is addressed by the column and row decoders at the clock rate. The output 
from the memory array is a bit stream that is directly fed into the modula- 
tion control and modulation circuit in order to be transmitted back to the 
interrogator. Figure 3.16 shows the description of the different bits for the 
configuration register in this memory. 

CB12 is the bit that allows programming the device. Once CB12 is set 
to 1, the device cannot be programmed or erased. Because the MCRF200 
does not support anticollision, bit CB11 is always 0. However, for the 
device MCRF250 that is similar to the MCRF200 with the only exception 
that MCRF250 supports anticollision, its bit CB11 is always set to 1. CB10 
is used to establish the transmission rate when PSK modulation has been 
selected. Bits CB9 and CB8 establish the modulation for the encoded data 
using the modulation types shown in Section 3.2.2. Bits CB7 and CB6 deter- 
mine how the data are encoded, as described in Section 3.2.1. Bit CB5 is 
always set to 0. Bits CB4, CB3, and CB2 are used to set the baud rate at 
which data are transferred. The default timing (CB4 = CB3 = CB2 = 0) is 
MOD128, meaning that the transmission rate is set at 128 RF cycles for bit. 
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Structure of the circuitry for memory reading, writing, and control. 
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Because the MCRF250/251 device operates in the LF range, assuming a 
carrier frequency of 128 kHz, this setting will result in a transmission rate 
of 1 kHz. Conversely, the fastest transmission rate is MOD16, which will 
result in a transmission rate of 8 kHz. It is also important to keep in mind 
that MOD 128 is the data rate used when programming the device. Finally, 
CB1 is used to specify the size of the data memory of 128 bits or 96 bits 
depending upon the needs of the user. 


Example 3.4: 
The configuration register for a MCRF 200 device is set to $08D. Describe the 
settings for the device. 


Solution: 
The binary values for the configuration register are shown as follows: 





CB12 CB11 CB10 CB9 CB8 CB7 CB6 CB5 CB4 CB3 CB2 CB1 
0 0 0 0 1 0 0 0 1 1 0 1 





CB12 = 0. The device has not been programmed yet. 

CB11 = 0. MCRF200 does not support anticollision; therefore, CB11 is set to 0. 

CB10 = 0. Rate of PSK modulation is equal to half of the carrier frequency. 

CB9 = 0 and CB8 = 1. The modulation chosen is PSK_1. This means that the 
phase of the modulation signal changes at the change of the encoded data. 

CB7 = CB6 = 0. Data encoded using nonreturn to zero level (NRZ_L). 

CB5 = 0. No special meaning because CB5 is always set to 0. 

CB4 = 1; CB3 = 1; CB2 = 0. Baud rate is MOD32, resulting in a 4 kHz baud rate. 

CB1 = 0. Memory size is 128 bits. 
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Example 3.5: 


State the configuration register for a transponder based on the MCRF250 device 
with the following parameters: 

Blank (not programmed device) 

Modulation: PSK_1. 

PSK rate: Frequency half of the carrier frequency 

Data encoding: NRZ_L 

Baud rate: MOD 32 

Memory size: 128 bits 


Solution: 

The MCRF250 is a device similar to the MCRF200, with the only difference being 
that it supports anticollision. Therefore, the configuration bit CB11 will be set to 1. 
The rest of the configuration bits have the same meaning as the MCRF200. The 
values of the configuration bits in this case are as follows: 





CB12 CB11 CB10 CB9 CB8 CB7 CB6 CB5 CB4 CB3 CB2 CB1 
0 1 0 0 1 0 0 0 1 1 0 1 


Therefore, the hexadecimal value stored in the configuration register is $48D. 


The devices MCRF355 and MCRF360, also manufactured by Microchip 
Technology, operate at the HF frequency of 13.56 MHz. They both have a 
total of 154 bits of memory that must be programmed using a contact pro- 
grammer. This makes them act as read-only devices when they are used in 
the field but gives them the flexibility to be reprogrammed by the user when 
necessary. The data retention specified by the manufacturer is also better 
than 200 years. 

The family of devices MCRF450/451/452/455 also operates in the HF fre- 
quency range at 13.56 MHz. As was discussed in Chapter 2, the different 
devices in this family use internal or external capacitors to modulate 
the radiofrequency signal. In discussing their internal memory structure, the 
concepts described for the device MCRF450 are also valid for the rest of 
the devices in this family. All of these devices have their memory organized 
in two areas: main memory and stored cyclic redundancy check (SCRC) 
memory. SCRC memory is used in the operation of the cyclic redundancy 
code necessary for the operation of the anticollision algorithm, as all of 
these devices support anticollision. The explanation of the CRC procedure 
is shown in Section 3.3.2. 

The main memory of the MCRF450 and similar devices contains a total 
of 1024 bits and is structured in 32 blocks, each one with 32 bits. The SCRC 
memory is organized in 32 blocks, each one with 16 bits. Figure 3.17 shows 
the structure of the user memory in these devices. 

The first three blocks (BO—B2) of the main memory are used to set up the 
operation of the device in a manner similar to a configuration register, while 
the remaining 29 blocks (B3—B31) are for user data. All the blocks of the main 
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Structure of the user memory for the MCRF 450 family of transponders. 


memory with the exception of Block 1, which contains the ID or serial num- 
ber of the transponder, can be individually rewritten block by block by a con- 
tactless programmer. Block 1 is programmed at the factory and is protected 
against being rewritten. The main memory is read or written in blocks of 32 
bits, with the exception of bits 30 and 31 in Block 0 that can be selected indi- 
vidually. Blocks 3 to 5 constitute the fast read field (FRF) that is used by the 
interrogator in the transmission of commands to the transponder. 

Block 0 is split into 21 bits of general memory available to the user and 
11 bits containing operational parameters for the transponder. These opera- 
tional bits, shown in Figure 3.17, are as follows: 


FR (Bit 31). When FR = 0, the transponder will respond to the fast read 
bypass (FRB) command but will not respond to the fast read request 
(FRR) command from the interrogator. When FR = 1, the previous 
situation is reversed. These interrogator commands are further 
explained and described in Chapter 6. 


TF (Bit 30). TF = 0 sets the transponder in interrogator talks first (ITF) 
mode. This means that it will wait for an FRR command. TF = 1 
sets the transponder in tag talks first (TTF) mode if FR = 1. In this 
case, the transponder will send a fast read response without waiting 
for an FRR. 

TFT (Bits 29-28). These two bits set the value for the parameter TCMAX 
when the transponder is in TTF mode. TCMAX is the number of 
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TABLE 3.2 

Configurations for TFT Bits 

Bit 29 Bit 28 TCMAX 

0 0 1 

0 4 Z 

1 0 4 

1 1 Continuous 
TABLE 3.3 
Configuration for DF Bits 
Bit 27 Bit 26 TCMAX 
0 0 32 Bits 
0 1 48 Bits 
a 0 64 Bits 
1 1 96 Bits 





fast read responses that the transponder can send after an FRR com- 
mand, as shown in Table 3.2. For example, TCMAX = 2 means that 
the transponder can send its response twice for acknowledgment. 
If TCMAX is set to continuous mode, the transponder will send its 
response approximately every 80 ms until it receives the correct 
response from the interrogator. This is the default mode. 


DF (Bits 27-26). These two bits set the length of the data transmitted 
by the transponder according to Table 3.3. The default data length 
is 32 bits. 


MT (Bits 25-24). These two bits are hardwired and cannot be changed 
by the user. At the current state of production, these two bits 
are both set to 0. The remaining values are reserved for future 
applications. 


TM (Bits 23-22-21). These three bits set up the total memory size. These 
three bits are also hardwired. Currently, there are only two possibili- 
ties allowed: 000 and 001. The code 000 describes a transponder with 
512 bits of memory, while the code 001 describes a transponder with 
amemory size of 1 kbit. 


Block 1 contains a unique 32-bit identification number for the transponder. 
This identification word is serialized by the manufacturer. 

Block 2 contains the bits that set each block in write-protect mode. Each bit 
corresponds to its 32-bit block. For example, bit 5 will set Block 5 as writable 
or write-protected. When the write-protect bit is set to 1, the block is writ- 
able; when the bit is set to 0, the block is write-protected. It is important to 
note that once a block is write-protected, it cannot be changed back to being 
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writable. The transponders are shipped to the user with all the write-protect 
bits to 1 with the exception of bit 1. This means that Block 1, which contains 
the unique ID for the transponder, cannot be changed by the user. Bits 31 and 
30 in Block 0 (bits FR and TF) are not write-protectable, thus allowing the 
user to change how the transponder is operating. Finally, it is also important 
to note that Block 2 can also be set to be write-protected. 

Blocks 3 to 5 contain data bits for the fast response. The size of the fast 
response was set by bits 27 and 26 (bits DF) in Block 0. 

The SCRC memory section is organized into 32 blocks, each one with 16 
bits as shown in Figure 3.18. The blocks contain the CRC code for the cor- 
responding memory block sent back to the interrogator in order to check for 
anticollision. 

One of the family of transponders operating at 13.56 MHz manufactured 
by Atmel® has an internal user memory ranging from 1 kbit to 64 kbits 
with the distinct feature that this memory is encrypted, thus providing 
an additional layer of protection. The CryptoRF EEPROM family offers 
user memory of 1 kbit, 2 kbits, 4 kbits, 8 kbits, 16 kbits, 32 kbits, and 64 
kbits. In addition to the user memory, all these devices have a configura- 
tion memory of 2 kbits. This configuration memory is used to store eight 
sets of passwords for reading and writing, four crypto key sets, security 
access registers for each user zone and password, and key registers for each 
zone. The transponders in this family also support anticollision. Figure 3.19 
shows the block diagram for these types of devices. As shown in the figure, 
while the analog front end is similar to that of any transponder, it differs 
in the existence of authentication and password verification prior to the 
device sending data. 
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FIGURE 3.18 
Structure of the stored CRC memory used in the MCRF 450 family of transponders. 
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FIGURE 3.19 
Transponder with encrypted memory showing the additional components needed for this 
process. 


In the transponders with user memory size of 64 kbits, 32 kbits, or 16 kbits, 
the EEPROM user memory is divided into 16 user zones. Figure 3.20 shows 
the memory map for the 64 kbit memory transponder. As seen in the figure, 
each user zone is configured for storing 512 bytes (4096 bits), giving a total 
user memory of 64 kbits. For the 32 kbit transponder, its memory is also 
divided into 16 user zones, each one of 256 bytes (2048 bits); for the 16 kbit 
memory, the size of each user zone is 128 bytes (1024 bits). 

The transponder from the same family with a memory of 8 kbits has a 
similar structure, although the memory is divided into eight different user 
zones. Each zone can store 128 bytes (1024 bits). The memory for the tran- 
sponders with 4 kbits, 2 kbits, and 1 kbit of user memory are all divided into 
four user zones. For the 4 kbit memory, each user zone stores 128 bytes (1024 
bits); for the 2 kbit memory, each user zone stores 64 bytes (512 bits); and for 
the 1 kbit memory, each user zones stores 32 bytes (256 bits). 

In all cases, the access to the user zones is only possible after having some 
security requirements are met. These are defined by the user during the 
setup of the device. The initial state for the transponders in this family is to 
have all the security features disabled. The user must set up the level of pro- 
tection by configuring the security requirements for the transponder. These 
security requirements are stored in the configuration memory. 

All the transponders in the CryptoRF family have a configuration mem- 
ory of 2048 bits. This memory stores passwords, keys, codes, and security 
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FIGURE 3.20 
Memory map divided into 16 user zones, each one containing 4096 bits for a total of 65,536 bits 
(64 kbits). 


definitions for each one of the user zones. The access rights to the configura- 
tion memory are defined in the control logic and cannot be altered by the 
user. The transponder can be programmed so each zone uses a different set 
of passwords. This is especially useful in the case of different users accessing 
the transponder. In addition, the transponders include three fuses that must 
be blown during the setup process. The fuses lock some of the portions of 
the configuration memory. 

Atmel® also manufactures families of transponders that operate in 
the LF range, as well as in the UHF range. For example, the transponder 
ATA5558 can operate between 100 kHz and 200 kHz, while the ATA5590 
operates in the UHF range from 860 MHz to 960 MHz. Both devices con- 
tain an internal EEPROM divided into a user memory of 1024 bits and a 
system memory of 320 bits. The user memory is organized in pages of 128 
bits, and each page in blocks of 32 bits. Each one of the blocks must be 
programmed separately. Pages are protected against overwriting by the 
use of a lock bit that, as shown in Figure 3.21, is the most significant bit of 
each block. 

The system memory in the ATA5590 transponder contains a page with the 
identification information for the transponder (Tag_ID page), a page with 
system-level information available to the user, and two blocks with system- 
level information for the manufacturer of the transponder. 
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FIGURE 3.21 


Memory map with lock bit. The lock bit is located at the MSB in each address. 


3.3.2 Cyclic Redundancy Check for Error Detection 


The cyclic redundancy check is the most used method for ensuring the integ- 
rity of the digital signals in some RFID transponders. In particular, CRC is used 
as a method of error detection in the digital stream transmitted and received 
by the transponders that support CRC. It is important to note that although the 
CRC algorithms detect the existence of errors, they do not make corrections. 
The CRC method is based on appending additional information to the 
message being transmitted. This additional information is mathematically 
related to the message and therefore is redundant. At the receiving end, 
the receiver checks this additional information to verify that it agrees with 
the message being transmitted. This allows the receiver to determine with 
a certain degree of probability the existence of an error in the transmis- 
sion. However, this method implies that not all errors are subject to detec- 
tion. Simply stated, the CRC method is implemented by dividing the entire 
numeric binary value of the message by a constant. This constant is called 
a generator polynomial. The reminder in the division is then appended to 
the message. The polynomial that is used for the division is chosen from a 
family of polynomials with certain mathematic properties whose study is 
beyond the scope of this book. The transponders from Atmel and Microchip 
both use a polynomial known as the CRC-CCITT-16, although their specific 
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implementation is somewhat different. This polynomial is also used in other 
digital transmissions such as CDMA and Bluetooth, among others. The CRC- 
CCITT-16 polynomial is 


CRC —CCITT —-16: x16+ x24 x5+ x? 


Reading the polynomial from most significant bit (MSB) to least significant 
bit (LSB) (normal representation) results in a value of 1021 hexadecimals. We 
must take into consideration that CRC polynomials have always had their 
MSB equal to 1, and for this reason it is not considered in the calculation of 
their values. Reading the polynomial from LSB to MSB (reverse representa- 
tion) results in the value of 8048 hexadecimals. Microchip Technology uses 
reverse representation, while Atmel® uses normal representation. 

CRC can be hardware-implemented using shift registers and exclusive-OR 
(XOR) gates in the feedback process shown in Figure 3.22. The encoder shown 
in Figure 3.22 consists of 16 shift registers and the exclusive-OR gates. The ini- 
tial value loaded into the shift registers is $FFF in the Microchip Technology 
approach and $000 for the Atmel approach. The encoder performs the exclu- 
sive-OR function and shifts the registers until the last bit of the data stream 
is entered. At that point, the CRC value of the data set is equal to the values 
in the shift registers. When the transponder transmits data, the calculated 
CRC value is attached to the data. 

The receiver performs an identical process and verifies that the CRC code 
generated by the receiver is equal to the CRC code appended to the message. 
The advantage of the CRC method is that the current state of one of the shift 
registers is a result of considerable past history, as it has to go through a 
lengthy process. Therefore, it is unlikely that a burst of errors will produce 
a CRC code equal to the one generated in the absence of errors. In fact, the 
CRC-CCIT-16 code is able to detect all error bursts of 16 bits or less as well as 
99.9% of error bursts of more than 16 bits. 
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Structure of a generic CRC encoder using the CRC-CCITT-16 polynomial. 
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Different manufacturers may also follow different approaches as to whether 
they append the CRC value with its LSB or MSB first. The specification docu- 
ments for the transponders describe how the CRC value is attached to the data. 
The previous section described the structure of memory in some specific tran- 
sponders. For example, the user memory for the MCRF450 family of transpon- 
ders from Microchip Technology is divided into 32 blocks. When the interrogator 
tries to write data into any of these blocks, before doing any processing, the tran- 
sponders check the CRC. If the CRC data are correct, the transponder proceeds 
with storing the data and the CRC in memory. Then, the transponder immedi- 
ately transmits back the data and stored CRC to the interrogator for verification. 
If the CRC received by the transponder is incorrect, the transponder ignores the 
received message and waits for the next command with a valid CRC. 





3.4 Transponder Programming 


The programming of the transponders can be done by the manufacturer at 
the time of production or by the end user. Programming the transponders means 
to store a unique identification number in its memory, as well as to set up the 
configuration parameters for the communication between the transponder 
and the interrogator and additional parameters such as password protection. 
Transponders can be programmed using contact or noncontact methods. 

The MCRF200/250 family of transponders manufactured by Microchip 
Technology is an example of a contactless programmable device. Because 
the MCRF200/250 family is made up of one-time programmable devices, the 
device can only be programmed when it is blank from the manufacturing 
process. Programming this device requires a specific sequence of radiofre- 
quency signals applied following this sequence: 


Initial, power-up RF signal (125 kHz for the MCRF200/250 family) last- 
ing between 80 ps and 180 us. 

Absence of RF field lasting between 50 ps and 100 ps. 

A continuous FSK signal that serves as a verify signal, lasting 131 ms. 
This signal is required for the transponder to be energized in order 
to output all the data contained in its 128 bits of memory. Because the 
device is blank at the time of programming, the output data are all 1. 

Programming data: After completing the verify mode, the device 
enters the programming mode. The device is programmed starting 
with bit 1 and finishing with bit 128. The symbol 1 is programmed 
by sending a low-power RF signal with an amplitude similar to the 
one used for the initial power-up. The symbol 0 is programmed by 
sending a high-power RF signal with an amplitude approximately 
equal to 2.2 times the amplitude used for the symbol 1. 
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Device response: After the 128 bits have been programmed, the device 
responds by transmitting the programmed data. 


The MCRF355/360 family of transponders, also from Microchip Technology, 
has 154 bits of memory that can be programmed by using a contact pro- 
grammer. Also, the memory in this family of devices can be reprogrammed. 
Figure 3.23 shows the pin diagram for this device. 

Note that Pin 3 (Ant. A) and Pin 6 (Ant. B) are used to connect the external 
capacitors and inductors, as was shown in Figures 2.16 and 2.17, while Pin 5 
(Vss) serves a ground. In order to program these devices, Pins 3, 6, and 5 are 
connected to ground, Pin 8 (Vdd) is connected to the positive voltage source, 
Pin 2 (CLK) is connected to the clock, and Pin 1 (Vprg) is connected to the 
signal that will be programmed in the transponder. 

Some specific codes are used to carry out specific functions in the memory 
of the device. For example, because this device is reprogrammable, when the 
user wants to write new data into memory, the existing data must be erased 
first. This is done by sending the code 0111010100 through the VPRG pin, as 
shown in Figure 3.24. 

Similarly, to start the programming sequence, the user must transmit the 
code 0111010010, followed by the data bits to store in memory. In total, there 
will be a total of 166 bits sent to the device: the first 12 bits are the command 
to program, and the remaining 154 bits are the data to be stored in memory. 
Finally, the data stored in memory can be read by transmitting the code 
0111010110 to the device. After this code has been transmitted, the device 
will output the data stored in its memory. 
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FIGURE 3.23 
Pins for the MCRF355/360 transponders. 
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FIGURE 3.24 
Code sent to erase existing data in memory using a contact programmer. 





3.5 Summary of Electrical Specifications 
for RFID Transponders 


The manner in which manufacturers specify the performance of their tran- 
sponders varies greatly, not only among different manufacturers but also for 
devices from the same manufacturer. Tables 3.4 to 3.7 attempt to show the 
most important performance specifications from different manufacturers of 
RFID transponders. Table 3.4 does not pretend to be an exhaustive list of 
available devices, but just aims to show specific examples of device perfor- 
mance. The values of the parameters found in Tables 3.4 to 3.7 should be seen 
as somewhat typical performance values. 

Table 3.4 shows the performance characteristics of three RFID transpon- 
ders manufactured by Microchip Technology. The device MCRF200 is listed 
as a 125 kHz microID® Passive RFID Device; the MCRF250 is exactly similar 
to the MCRF200 but incorporates anticollision; the MCRF355/360 family of 
devices is listed as 13.56 MHz Passive RFID Devices with Anti-Collision Feature; 
and the devices in the MCRF450 family are listed as 13.56 MHz Read/Write 
Passive RFID Devices. 

Table 3.5 shows the electrical performance characteristics for four tran- 
sponders manufactured by Atmel®. The ATA5567 device is listed as a 
Multifunctional 330-Bit Read/Write RF Identification IC; the ATA5570 is listed as 
a Multifunctional 330-Bit Read/Write RF Sensor Identification IC; the ATA 5558 
is listed as a 1 kbit R/W IDID® with Deterministic Anticollision; and the T5557 is 
listed as a Multifunctional 330-Bit Read/Write RF Identification IC. 

Table 3.6 shows the performance parameters of two additional transpon- 
ders from Atmel®. The device TK5530 is listed as a read-only transponder, while 
the TK5551 is listed as a standards read/write ID transponder with anticollision. 
The difference between these transponders and those evaluated earlier is 
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Summary of Electrical Parameters for Several RFID Transponders Manufactured 


by Microchip Technology 





Parameter MCREF 200/250 MCRF 350/360 MCRF 450/451/452/455 
Operating frequency 100 kHz to400kHz 13.56 MHz 2 MHz to 35 MHz 
Dynamic coil current 50 pA 
Operating current 5 pA 7 pA 20 pA 
Maximum current 50 mA 40 mA 40 mA 

through antenna pads 
Current leakage 10nA 
Turn-on voltage 10 Vpp between 

antenna pads 
2 Voc 
Reading voltage 24V 2.8V 
Testing voltage 4.0 V 
Programming voltage Vin: 2.8 V 
Vy 12V 

Coil voltage while 4 Vpp 4 Vpp 

reading 
Coil clamp voltage 32 Vpp 
Programming time 2 sec (for all 128 bit 5 ms (for a 32-bit 

array) block) 
Sleep time 50 ms to 200 
ms 
Modulation resistance <40, <5 0 
Internal capacitance 2pF 100 pF 95 pF (MCRF451) 
30 pF (MCRF 452) 
50 pF (MCRF 455) 

Data retention 200 years 200 years 200 years 
Maximum storage -65°C to +150°C -65°C to -65°C to +150°C 

temperature +150°C 
Maximum ambient -40°C to +125°C -40°C to +125°C 

temperature 
Maximum dissipated 500 mW 


power 





a Blank spaces in the table indicate that the manufacturer did not provide information for that 
specific parameter. 


that the ones shown below incorporate the coil for the antenna within the 
transponder. Moreover, the operating characteristics are given as strength of 
magnetic field instead of voltage or current. 

Table 3.7 summarizes the most important characteristics of several tran- 
sponders manufactured by Texas Instruments under their Tag-it™ commer- 
cial name. The manufactured has also chosen to specify their reading and 
writing thresholds as field intensity. 
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TABLE 3.5 
Summary of Electrical Parameters for Several RFID Transponders Manufactured 
by Atmel® 
Parameter ATA5567 ATA5570 ATA5558 T5557 
Operating frequency 100 kHz - 150 100 kHz — 150 100 kHz-250 100kHz-150 
kHz kHz kHz kHz 
Supply current read 4pA 4pA 7pA 4pA 
mode 
Supply current 40 pA 40 pA 40 pA 
programming 
Maximum DC 20 mA 20 mA 20 mA 20 mA 
current 
Maximum AC 20 mA 20 mA 20 mA 20 mA 
current 
Coil voltage normal 3.6 V 4V 4V 
mode 
Coil voltage >6V >10V >6V >6V 
Read / Write 
Coil voltage >8V >6V >8v 
Programming 
Clamp voltage 17V-23V 17V-23V 7V-16V 17V-23V 
Internal capacitance 78 pF 340 pF 78 pF 78 pF 
Start-up time < 1 msec <3 msec <3 msec <3 msec 
Programming cycles 100,000 cycles 100,000 cycles 100,000 cycles 100,000 cycles 
Data Retention 50 years 50 years 50 years 50 years 
Maximum storage -40°C to +150°C = -40°C to +150°C_—_-40°C to +150°C_ -40°C to 
temperature +150°C 
Maximum operating -40°C to +85°C -25°C to +105°C_ _-40°C to +85°C_— -40°C to 
temperature +85°C 
Maximum dissipated 100 mW 100 mW 100 mW 100 mW 


power 








3.6 Mechanical Considerations and Transponder Assembly 


The integrated circuits or chips in which the transponders are based are 
available in different packages. While commercial transponders use the 
chip-on-board (COB) technique described in Chapter 2, this package is not 
adequate for the development of prototypes. For this reason, most of the 
transponders are also available in the more common plastic dual-in-line 
packages (PDIPs) or small outline plastic packages (SOICs). 

For example, some of the transponders described in this chapter, such as 
the MCRF200/250, the MCRF355/360, and the family of MCRF450 transpon- 
ders, all manufactured by Microchip Technology, are available in these three 
packages (COB, SOIC, and PDIP). In their SOICs or PDIPs, these are available 
in eight pins; four of the pins are for testing purposes, two of the pins are for 
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TABLE 3.6 

Summary of Electrical Parameters for Several RFID Transponders Manufactured 

by Atmel® 

Parameter TK5530 TK5551 

Resonance frequency 121.4 kHz — 129.2 kHz 120 kHz — 130 kHz 

Inductance 3.95 mH 3.8 mH 

Quality factor 13 13 

Max field strength before 2A/m 4A/m 

modulation 

Field strength operation 30 A/m (-40°C) - 17 30 A/m (-40°C) -17 A/m 
A/m (+85°C) (+85°C) 

Field strength programming mode 50 A/m 

Modulation Range 4.0 V (20 A/m) - 8.0 V 4.0 V (20 A/m) - 8.0 V (100 
(100 A/m) A/m) 

Programming time 16 ms per block 

Data retention 10 years 

Programming cycles 100,000 cycles 

Absolute maximum field strength 1000 A/m 1000 A/m 

Maximum storage temperature -40°C to +125°C -40°C to +125°C 

Maximum operating temperature -40°C to +85°C -40°C to +85°C 





connecting the transponder antenna, and the two remaining pins are not- 
connect pins. The devices ATA5570 and ATA5567/5558 from Atmel® are also 
available in COB packages and PDIPs, also using eight pins. The ATA5570 
uses four not-connect pins, two pins for connecting the antenna, one pin for 
ground, and one pin for connecting the output of an external sensor. Because 
the ATA5567 and ATA5558 do not use an external sensor, their pinout is 
much simpler using six not-connect pins and two pins for connecting the 
external antenna. The dimensions of the COB version for all these transpon- 
ders are 8 mm x 5 mm with a thickness of 0.4 mm. This extremely reduced 
size makes it ideal for incorporating the transponder and its antenna into 
the inlay. Transponders, especially in their COB form, are extremely sensi- 
tive to issues such as electrostatic discharge and their exposure to ultraviolet 
light that may result in erasing the contents in their memory cells. However, 
the use of X-rays for die inspection does not harm the device or erase their 
memory cell contents. 

The process for assembling the whole transponder varies depending on 
the frequency range at which it will operate as well as the specifications 
for the final product. For transponders operating in the LF region, the 
assembly process starts by preparing the die and the capacitor and testing 
the functionality of the combined die-capacitor element. This is followed 
with preparing the antenna coil used in this frequency range and creating 
the inlay formed by the coil and the COB. After the inlay has successfully 
passed the test, the finished transponder is processed depending on the 
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desired final product, such as card lamination and plastic molding. The 
last step in this process is a final functional test. 

Transponders operating in the HF region can be assembled using three dif- 
ferent methods. The first method, which results in the transponder with the 
COB, is based on the same assembly process as described earlier for LF tran- 
sponders. A second method results in creating the transponder with direct 
wire bonding to the antenna that can be etched, printed, or stamped. This 
assembly method starts by preparing the die; preparing the antenna on the 
substrate etched, printed, or stamped; and then making the inlay by direct 
wire bonding to the antenna. After the inlay test, the finished transponder is 
created by using card lamination, plastic molding, or another method. The 
last step is a final functional test. The third method creates a transponder 
with a flip-chip process using a bumped die. The process starts by die bump- 
ing for flip-chip assembly, preparing the antenna on the substrate by etching, 
printing, or stamping it. The inlay is then created using the flip-chip process 
to attach the antenna to the die. This is also followed by the inlay test, and 
the finishing of the transponder by lamination or plastic molding. As always, 
the last step is a final functional test. 
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This chapter describes the principles of design for interrogator antennas. 
The basic theory that describes the behavior of the antennas used in inter- 
rogators is the same that was used to describe the behavior of antennas 
used in transponders. However, in the case of antennas for interroga- 
tors, the size of the antenna is much less critical: because the interrogator 
has less size restrictions, the antenna can have larger dimensions. This 
results in an increased antenna performance. Furthermore, antennas for 
interrogators can be created with thicker conductors that can substation 
higher currents, resulting in stronger electromagnetic fields. The chapter 
starts by describing the basic principles used in the design of antennas 
for interrogators operating in the high-frequency (HF) and low-frequency 
(LF) bands. It continues by describing auxiliary elements such as tuning 
indicators, multiplexers, and preamplifiers used with those antennas in 
order to improve the overall performance of the system. The next section 
describes the basic principles used in the design of antennas in interroga- 
tors operating in the ultra-high-frequency (UHF) band. The last section in 
this chapter shows different examples of commercially available antennas 
for interrogators. 
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4.1 Antennas for HF and LF Interrogators 
4.1.1 Design of Antennas for HF and LF Interrogators 


Antennas for interrogators operating in the HF and LF ranges are designed 
for parameters such as maximum read distance for transponders, transpon- 
der read rate, as well as regulations such as the maximum field allowed in 
some specific conditions. The majority of antennas used in HF and LF inter- 
rogators are variations of the coil antenna that generates a magnetic field. 
These antennas are typically called portal antennas because due to their physi- 
cal dimensions and geometry, they can be placed in portals. A small number 
of antennas for HF and LF interrogators are based on a small dipole that gen- 
erates an electric field. These antennas are normally called stick antennas. 

In general, the distance at which a transponder can be read increases with 
the size of the antenna. However, this size cannot increase arbitrarily. This is 
due to the practical limitations in using an antenna of a large size and also to the 
limitations due to regulatory issues. Examples of these factors are the decrease 
in the signal-to-noise ratio as the size of the antenna increases; the potential for 
exceeding the regulatory limits of field strength; the need for shielding nearby 
electronic equipment to avoid unwanted interaction with the generated field; 
the increase in the area of null zones in which the generated field is zero; and 
the increase in the inductance of the antenna to a point that makes matching the 
antenna to the reader extremely difficult, if not impossible. 

Interrogators working in the HF range expect an antenna tuned at the fre- 
quency of 13.56 MHz, with an input impedance of 50 O and a loaded quality 
factor (Q factor) of less than 20. Similarly, interrogators operating in the LF 
range expect an antenna tuned to the appropriate LF frequency, an input 
impedance of 50 0, and a loaded Q factor of less than 20. In both cases, for 
best performance, the match of the interrogator with the antenna should 
have a voltage standing wave ratio (VSWR) lower than 1.2. 

The VSWR is a measure of how much of the energy sent through a trans- 
mission line is reflected back to the transmitter instead of being transferred 
to the antenna in order to be converted to the electromagnetic field. Standing 
waves occur as a result of the existence of incident and reflected waves. The 
ratio of reflected voltage to incident voltage is called the reflection coefficient 
and is denoted by the symbol I: Mathematically, the reflection coefficient is 


r= (4.1) 


1 


where 
T =the reflection coefficient 


E, = the reflected voltage 
E, = the incident voltage 
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The reflection coefficient can also be expressed in terms of the impedance 
of the transmission line and the impedance of the load as 





0 (4.2) 


where Z, = the impedance of the load and Z, = the characteristic impedance 
of the transmission line. 

Equation (4.2) shows that when the transmission line is terminated with a 
load with an impedance equal to its characteristic impedance, the reflection 
coefficient is zero. This means that all the energy present in the line has been 
transferred to the load. When the line is terminated with either an open cir- 
cuit or a short circuit, the absolute value of the reflection coefficient is equal 
to 1. This indicates that none of the energy present in the line has been trans- 
ferred to the load, but is being reflected back to the transmitter. For any other 
terminations, including complex impedance values, the value of the reflec- 
tion coefficient is, in absolute value, between 0 and 1. This indicates that a 
portion of the energy present in the line has been transferred to the load and 
some other portion of the energy remains in the line. 

The VSWR is defined as the ratio of the maximum voltage in the line (E 
compared to the minimum voltage in the line (Ein): 


mand) 
VSWR = Emax (4.3) 

Ei 
The VSWR can also be defined as a function of the reflection coefficient (I): 


1+|T| 
1-|T| 





VSWR = (4.4) 


Equation (4.4) shows that in the case of maximum reflection due to the 
transmission line terminated in an open or a short circuit, which results in 
| [| = 1, the value of the VSWR is infinity. Conversely, when the line is 
terminated with its characteristic impedance that results in | T | = 0, the 
value of VSWR is equal to zero. 


Example 4.1: 


The designer of a RFID system specifies a match between an interrogator and the 
antenna, resulting in a VSWR better than 1.2 using a 50 © coaxial cable as the 
transmission line. Calculate the maximum reflection coefficient and the allowed 
range of antenna impedance, assuming it is perfectly resistive. 
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Solution: 

The relationship between VSWR and the reflection coefficient is given by equa- 
tion (4.4). Algebraic manipulation of this equation yields | [| = 0.1. This is the 
maximum value allowed for the reflection coefficient. 

The relationship between the reflection coefficient and the impedance of the load 
is given by equation (4.2). When solving for the value of Z, using this equation, it is 
necessary to consider the two signs associated with the previous result of | T | = 0.1 
as the impedance of the load can exceed or be below the impedance of the line. 

T = 0.1 results in Z, = 61 QO, while T = —0.1 results in Z, = 41 Q. Therefore, 
an antenna impedance ranging from 41 © to 61 © will result in a VSWR better 
than 1.2. 

Note than the range of allowed load impedances is not symmetric referred to 
the impedance of the line (Z,). There is more tolerance for values above Z, than 
for values below Z,. 


A transmission line that is not perfectly matched (i.e.,a VSWR value higher 
than 1) reduces the amount of power from the interrogator that reaches the 
antenna. More importantly, however, is the fact that a fraction of the power 
that remains in the transmission line can break down the dielectric of the 
line or increase its temperature due to the power dissipated. Therefore, it is 
critical to achieve the best possible matching. 

Antenna analyzers are a very versatile and useful tool at the time of design- 
ing antennas and matching them to their transmission lines. Figure 4.1 
shows an image of a low-cost antenna analyzer. The configuration of this 
analyzer is done through software, and the results are displayed and stored 
in a personal computer. 


ARRAY SOLUTIONS 


RUN 





FIGURE 4.1 
Antenna analyzer from Array Solutions. The control of the unit and the display of results are 
done by software. 
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This unit shown in Figure 4.1 allows the measurement of the com- 
plex impedance of a transmission line or an antenna, the measurement 
of reflection coefficient, insertion losses, and other parameters of inter- 
est. The front panel only contains an ON/OFF switch, two light-emitting 
diodes (LEDs) that indicate whether the unit is energized and whether 
the unit is running a test, and a single Bayonet Neill-Concelman (BNC) 
connector. The back panel contains the power supply connection and a 
DB9 connector for a serial cable from the control computer to configure 
the instrument and transmit the results. The user can select the range of 
frequencies for the sweep-starting frequency, ending frequency, and step- 
or central frequency and bandwidth. This unit can also act as a fixed radio 
frequency source by generating a user-selected single frequency signal. 
The output values are shown graphically on the screen as conventional 
graphs (parameter versus frequency) or Smith charts. The data can also 
be stored as a text file for further processing. The graph can display one 
or more of the following parameters: impedance magnitude, impedance 
phase, reflection coefficient, return loss, stationary wave ratio, series load 
circuit, or parallel load circuit. Figure 4.2 shows an example of the output 
showing the magnitude and phase of a transmission line between 25 MHz 
and 40 MHz. 

Figure 4.2 depicts the magnitude and phase of the impedance measured 
by the antenna analyzer for a transmission line with an electrical length 


WF Antenna Analyzer - AlM 4170 version 623 


Fie Furctions Calbrate Setup Sends Utiities Help 
Min SWR = 84.757 @ 30.300 MHz 
Resonant freq: 33.0864 





Freq= 33.074 
Freq Step = 0.100 
Zo= 50.000 
SWR = 88.847 
imag = 4376.980 
Theta= 2.716 


Refi Coef = 0.978 
% refi power = 95.6 


Equivalent Circuit: 

Rs = 4372.064 
Xs = 207.390 
Ls= 6.996 uH 
Rp = 4381.901 
Xp = 92376.245 

FREQ (1,00 MHzAdi Lp= 444.526 uh 
FILES: 
calibration 1 acal 
aim _623_detautt.ctg 


Mor 4,08 16:14:48 
Scan Rescan Recycle | Point Cota 








FIGURE 4.2 

Frequency behavior of a transmission line terminated with a short circuit for frequencies 
around a quarter wavelength. This display shows the magnitude and the phase of the imped- 
ance at the near end. 
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equal to one-quarter of the wavelength, terminated in a short circuit. Due to 
the impedance transformations at this specific electrical length, the theoreti- 
cal value of the transformed impedance seen at the near end of the line is 
infinity. In practice, the losses of the line make the impedance have a large, 
yet finite, value. The output also displays other values described earlier in 
this section, such as the reflection coefficient and the VSWR, among others. 
Similar results could also be obtained using other commercially available 
antenna analyzers. 

When designing the antenna, it is also necessary to take into consider- 
ation the write range of transponders that is about 70% of their read range. 
This is due to the higher amount of power needed to rewrite a transponder 
compared with just reading it. The orientation of the antenna with respect 
to the transponder is also a factor in determining the maximum read range 
in a given application. As shown in Figure 4.3, the field generated by the 
coil antenna does not have the same strength in all the spatial directions, 
but instead it has regions of maximum values alternating with regions of 
minimal strength. 

An additional parameter that may limit the maximum read range of a sys- 
tem is the presence of metal objects in the vicinity of the antenna. Metal objects 
close to the antenna have the effect of detuning it, and therefore it loses its 
efficiency at the desired frequency. As the size of the antenna increases, the 
minimum required separation distance between the antenna and the metal 
objects also increases. For antennas operating in the HF frequency range, the 
minimum distance between antenna and metal has to be greater than 10 cm. 


Zone of minimal Zone of maximal 
field strength field strength 


7 
7 


FIGURE 4.3 
The radiation diagram for the loop antenna in the interrogator shows areas of maximum and 
minimum field strength. 
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Even at 30 cm of separation, there is a considerable decrease in the reading 
range. When the distance between antenna and metal object reaches 50 cm, 
there is no measurable difference. Similarly, the presence of other antennas 
in the vicinity also affects the overall performance of the system. 

Antennas can be built using any conductive material. However, they are 
normally built using copper or aluminum. The type of material used for the 
antenna and the dimensions of the tube or strip lines depend on the desired 
mechanical parameters of the antenna as well as the maximum inductance 
that must be matched to the interrogator. In addition to the conductors, the 
matching process requires the use of capacitors and resistors. These must be 
rated for the high voltages that may arise in resonant antennas as well as for 
the power that they must dissipate. Typical power values for these resistors 
range from 2 W to 50 W. 

The dimensions of the antenna have an effect on the read distance between 
interrogators and transponders. The strength of the magnetic field for an 
electrically small-loop antenna is 


UI Na? 


ge yee Weber / m2) 45) 


with a being the radius of the loop and r being the radial distance from the 
center of the loop. To study the effects of the antenna radius, the rest of the 
parameters in equation (4.5) can be considered constant. Assuming that all 
antennas have the same amount of current and also the same number of 
turns, the only parameter that changes is the radius of the loop. Figure 4.4 
depicts the values of magnetic fields for coils with three different radii (0.2 
m, 0.4 m, and 0.8 m). Because the graph is only intended to highlight the 
dependence of the field with the distance from the center of the coil, it uses 
arbitrary units for the strength of the field depicted in the vertical axis. 

It is interesting to note that, although larger coils produce stronger fields, 
this only happens after a certain distance threshold has been reached. In 
particular, for read distances closer to the antenna, the stronger fields are 
produced by the coils with the smallest radius. Antennas with smaller 
radii produce stronger fields in the vicinity of the antenna, but these fields 
decrease faster for longer distances. Therefore, the design of the antenna 
must consider the range of distances between transponders and the inter- 
rogator when selecting the size of the loop. 

The resonant frequency of an antenna (@, or f,) is 





1 
0, =,/—> or 
fe 
- i (4.6) 
° InvLC 
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FIGURE 4.4 
Strength of the magnetic field as a function of the distance from the coil for loop antennas of 
different diameters. 


An antenna will reach its resonant frequency when its inductive impedance 
is equal to its capacitive impedance. The loop antenna has an inherently induc- 
tive behavior. Therefore, it needs an external capacitor to provide the capacitive 
impedance required for resonance. The value of this external capacitor can be 
calculated using equation (4.6). It is important to note that the capacitance and 
inductance of the antenna are inversely related. A problem may arise if the 
inductance of the antenna increases to a point that may make it difficult to use 
a capacitor of suitable value. For example, a loop antenna with an inductance 
of 5 pH operating in the HF range requires a matching capacitor of 27 pF. For 
these small capacitance values, the parasitic capacitances that have not been 
taken into account when modeling the antenna may contribute significantly to 
the overall capacitance and therefore modify its resonant frequency. It is then 
important for antennas to be designed with lower inductive values. This may 
require one to use, for example, low-resistance conductive tube instead of wire 
at the expense of increasing its physical dimensions. 

The inductance of the antenna made with copper tube, shown in Figure 4.5, 
can be estimated as 


L(uH) = 0.008 a [in{o.707 ;) + 0.379 (4.7) 


where 
L = the estimated value of inductance 


d = the diameter of the tube in cm 
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60 cm 





60 cm 


FIGURE 4.5 
Basic structure of a loop antenna made with copper tube. 


a= the length of the side of the antenna from center to center (as shown 
in Figure 4.5) 


Example 4.2: 


An interrogator operating at HF uses a loop antenna made of copper tube with a 
diameter of 2 cm, with a rectangular shape of 60 cm x 60 cm. Estimate the value 
of the inductance for the antenna. Estimate also the value of the capacitor required 
to tune the antenna for resonance. 


Solution: 

Using equation (4.7) with d = 2 and a = 59 yields L = 1.6 pH. This value of induc- 
tance can now be used in equation (4.6) to calculate the estimated value of capaci- 
tance. The estimated value of capacitance is 86 pF. 


The previous equations provide an estimated value of antenna inductance. 
After the antenna has been built, its inductance must be measured in order 
to choose the correct value for the tuning capacitor. This can be done with 
an impedance analyzer that allows the selection of the measurement fre- 
quency. However, impedance analyzers are expensive and may not be avail- 
able in most cases. In this case, a low-cost LCR (inductance [L], capacitance 
[C], and resistance [R]) meter that operates at the frequency of 1 kHz can 
give a reasonable approximation of the antenna inductance. The antenna 
analyzer shown in Figure 4.1 is another low-cost alternative for measuring 
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the inductance of the antenna and the resonant frequency of the antenna- 
capacitor system. 

The last parameter that needs to be calculated and measured when design- 
ing the antenna is its Q factor. The Q factor is a measure the frequency selec- 
tivity of an antenna. The Q factor is related to the range of frequencies above 
and below its resonant frequency that the antenna will be able to transmit or 
receive with losses below 3 dB. The Q factor can be estimated as 


a 
2 BW sap (4.8) 


where Q is the quality factor of the antenna, f, is its resonant frequency, and 
BW_sqp is the bandwidth of the antenna at 3dB of attenuation. 

A high Q factor indicates an antenna that is very narrow in frequency, 
that is, highly selective. This may be good in order to reject interfering sig- 
nals that otherwise would be detected by the antenna. However, the RFID 
signal has a certain bandwidth. If the antenna is too selective, it may distort 
the components of the transmitted signal that fall outside the selectivity of 
the antenna, as shown in Figure 4.6. A good experimental compromise is to 
choose a Q factor of around 20. 

If the Q factor of the system made of the antenna and capacitor is higher 
than 20, it needs to be brought down by using a dampening resistor in par- 
allel with the antenna in order to widen its bandwidth. This technique is 
shown in Figure 4.7. 

The introduction of the dampening resistor produces Ohmic losses in 
the system, lowering the Q factor. The Q factor is related to the parallel 
resistance as 


R 


— __ “par 
Q= on fL (4.9) 





An additional problem arises when using equation (4.9) in order to select 
the value of the parallel dampening resistor: the value R,,,, in the equation 
is the combination of the external dampening resistor (Rgamp) in parallel with 
the resistance of the antenna at the frequency of interest (R,,,,). The measure- 
ment of the resistance of the antenna at the operating frequency is difficult 
and requires the use of expensive instrumentation. However, the Q factor 
for an antenna is relatively easy to measure experimentally with an antenna 
analyzer or using a radiofrequency signal generator and a spectrum ana- 
lyzer. Therefore, the resistance of the antenna R,,,,at the operating frequency 
can be calculated indirectly by measuring the Q factor of the antenna with- 
out an external dampening resistor. Once this value has been found, it is now 
possible to calculate the required value of the total parallel resistance R 
to achieve the desired value of Q. Because R 


par 


par iS the parallel of R,,, and the 
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Q too high 





FIGURE 4.6 

Q factor of an antenna and its relationship with the antenna performance. (a) A very low qual- 
ity factor (Q factor) does not provide adequate selectivity. (b) A very high Q factor may reject 
components of the transmitted signal. 


Dampening Resistor 
(Roar) (Roar = Raamp//Rant) 


—\\\— 











Antenna (L) 


FIGURE 4.7 
Dampening resistor connected in parallel with the antenna. This is used to lower the Q factor 


to the desired value. 


external dampening resistor Rgmp, it is now possible to estimate the value of 
this external resistor. Example 4.3 illustrates this procedure. 


Example 4.3: 


Consider the antenna for the RFID system from Example 4.2. Estimate the value 
of the external dampening resistor necessary for the system to achieve a Q factor 
of 20. The initial measurement of the Q factor for the antenna-capacitor system 
resulted in a value of 55. 
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Solution: 

Using equation (4.9) with a Q factor of 55, an inductance value for the antenna 
of 1.6 tH, and a frequency of 13.56 MHz results in a resistance equal to 7.5 kQ. 
Because the Q factor of 55 was measured without the use of external resistors, the 
value of resistance obtained is the resistance of the antenna: R,, = 7.5 kQ. 

Now, we must calculate the value of the total parallel resistance needed to 
reduce the Q factor to the desired value of Q. We use again equation (4.9) with 
the same operational parameters as before, with the exception that the new value 
for Q results in a resistance equal to R,,, = 2.7 kQ. 

Considering that the total value of the resistance found above is equal to the 
resistance of the antenna in parallel with the dampening resistor (Ry. = Rant // 
Ruamp), it is now possible to calculate the value of the external dampening resistor. 
This results in Rgamp = 4-2 kQ. Because this is not a standard resistor value, the 
designer should use the next standard value, which is 4.3 kQ. 

Therefore, the addition of 4.3 kQ results in lowering the Q factor from its initial 
value of 55 to the desired value of 20. Because the value of inductance used for this 
calculation could be an estimated value, the design process involves measuring 
the Q factor with the external dampening resistor of 4.3 kQ and adjusting its value 
if necessary to reach a Q factor of 20. Finally, it is also necessary to keep in mind 
that this external dampening resistor must be sized to dissipate the power transmit- 
ted by the interrogator. 


4.1.2 Antenna Matching 


Matching the impedance of the antenna to the impedance of the transmis- 
sion line (normally a coaxial cable of 50 ©) ensures that all the power from 
the interrogator is transferred to the antenna, and there is no power reflected 
in the line. In practice, a VSWR of 1.2 or lower is acceptable as the majority 
of the power is transmitted to the antenna. From the several approaches to 
match an antenna to its transmission line, the most widely used matching 
methods for interrogator antennas in RFID systems are gamma matching, 
T-matching, transformer matching, and capacitance matching. 

Gamma matching is a technique based on connecting the two conductors 
of the coaxial cable that make up the transmission line to the two points in 
the antenna that exhibit a resistive impedance equal to 50 ©. The shield of 
the coaxial cable is normally connected to the point in the antenna that is 
opposite to the gap used to connect the resonance capacitor and the dampen- 
ing resistor. The central connector of the coaxial cable is then connected, by 
means of an additional conductor, to the appropriate point in the antenna as 
shown in Figure 4.8. 

In practice, the point at which the central conductor of the coaxial cable is 
connected (point A) must be determined by experimentation. The designer 
of the system connects an antenna analyzer at the far end of the coaxial 
cable and moves point A until the antenna analyzer reads a VSWR value 
equal to 1. This indicates that the impedance of the antenna between point 
A and the connection of the central conductor is equal to 50 0. The value 
of the capacitor used to tune the antenna to the resonance frequency was 
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C = 86 pE 
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FIGURE 4.8 
Connections for gamma matching. 


determined using an approximation for the value of the antenna induc- 
tance. Therefore, a variable capacitor is initially used in order to tune the 
antenna to its resonant frequency. Once the correct value of capacitance 
has been determined, it is then possible to substitute the bulkier variable 
capacitor with a fixed capacitor. 

T-matching is similar to gamma matching with the difference being that 
in T-matching, both the internal and external conductors of the coaxial cable 
are tapped to two points in the antenna, as shown in Figure 4.9. It is based on 
the fact that two points of the antenna, equidistant from the center, exhibit a 
purely resistive impedance. 

The two tapping points are located symmetrically with respect to the gap 
used for connecting the tuning capacitor and the dampening resistor. The 
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Transmission line 
(coaxial cable) 


FIGURE 4.9 
T-matching. 


two tapping points are found by using an antenna analyzer until the VSWR 
value is equal to 1. Higher values of the Q factor results in the two matching 
points being closer together. 

Transformer matching has the advantage that it electrically isolates the 
antenna from the interrogator, thus breaking the Ohmic continuity between 
these two parts of the system. This is useful when the RFID system is affected 
by noise as it breaks any ground loop that may exist. Figure 4.10 shows the 
electric diagram of transformer matching. It is important to note that the 
matching occurs at the gap in the antenna that is used to connect the reso- 
nance capacitor and the damping resistor instead of their opposite point, as 
it happens with gamma and T-matching. 

Transformer matching requires the design of two elements: the matching 
transformer and a balum (balanced—unbalanced) transformer. The design 
of the matching transformer requires one to size the number of turns of the 
primary (N) that is connected to the transmission line and the secondary (M) 
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FIGURE 4.10 
Transformer matching. Notice how the matching point is the same point at which the capacitor 
and resistor are connected. 


that is connected to the antenna. The ratio of turns can be found using the 
following: 


N fr Zi Being 
in] ~ Qn f Ly? a 


where (N/M) is the primary to secondary ratio of turns, Z, is the impedance 
of the transmission line, R,,, is the parallel resistance of the antenna and the 
dampening resistor, and L is the inductance of the antenna. 


Example 4.4: 


Using the values from the previous examples in this chapter, calculate the number 
of turns for the primary and secondary of the matching transformer. Assume a 
characteristic impedance of 50 ©. 


Solution: 


Using equation (4.10) with Roar = 2.7 kQ, L = 1.6 pH, and f = 13.56 MHz, the ratio 
of turns is equal to 2.7. Using, for example, M = 3 results in N = 8 windings. 


The balum transformer is used to connect unbalanced transmission lines 
such as a coaxial cable to balanced antennas such as the loop antenna. 
Although they can be connected directly, as with the gamma matching, 
the common mode currents that appear in the antenna and line due to 
the unbalance may cause excessive noise and disturb the circuits. In this 
case, the connection of a balum transformer between line and transformer 
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FIGURE 4.11 
A balum is used to connect unbalanced transmission lines to balanced antennas. 


solves these problems. The structure of a balum transformer is shown in 
Figure 4.11. 

Both the matching transformer and the balum transformer are normally 
made with a toroid ferrite core. The balum transformer can be tested by con- 
necting a 50 © load to the balanced side and measuring the VSWR through 
a coaxial cable connected to the unbalanced side. The VSWR should be 
close to 1.0. 

Capacitance matching attempts to match the antenna and its transmission 
line by adding to external capacitors between the resonance capacitor and 
the dampening resistor, as shown in Figure 4.12. 

Because of the stray capacitances inherent to the system, it is very difficult to 
predict the adequate values for the two matching capacitors, which requires 
extensive experimentation. Furthermore, for larger antennas, the values of 
the two matching capacitors tend to be very small, making the matching 
process very sensitive to stray capacitances. In Figure 4.12, the series combi- 
nation of C, and C, must be equal to the capacitance value required to tune 
the antenna at the correct frequency. 

The value of the matching capacitor C,,, can be estimated as 


C, = uate ae (4.11) 


where C is the total capacitance required for tuning the antenna, R,,,, is the 
equivalent value of the AC resistance of the antenna in parallel with the 
damping resistor, and R,,, is the desired matching impedance, typically 
50 ©. The value of C, can be calculated through the series capacitance of 
C, and C,. 
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FIGURE 4.12 
Capacitance matching. 


Example 4.5: 


The antenna used in Example 4.4 must be matched to a 50 Q transmission line 
using capacitance matching. Calculate the values of the two matching capacitors 
required. 


Solution: 


The required tuning capacitor has a value of 86 pF, and the parallel resistance has 
a value of 2.7 kQ. The required value for R,,is 50 ©. Using equation (4.11) yields 
a value of C, = 632 pF. The equivalent series capacitance is 86 pF, allowing one to 
calculate the value of C, equal to 99 pF. 
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Transmission line 
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FIGURE 4.13 
Balanced capacitance matching. 


Some antennas require a matched capacitance so the capacitance seen by 
both conductors of the coaxial cable is the same. This can be achieved by 
using the structure shown in Figure 4.13. In this structure, the value of C, is 
doubled and added to each side of C,. 


Example 4.6: 


Using the results of Example 4.5, calculate the capacitor values required for bal- 
anced matched capacitance. 
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Solution: 


From Example 4.5: C, = 99 pF and C, = 632 pF. To achieve balanced capacitance, 
Ci, = Cig = 198 pF. C, remains at the same value of 632 pF. 


4.1.3 Multiple Antenna Systems 


It is not uncommon for several antennas to be located in close proximity. This 
may be due to different interrogators being close to each other or for multiple 
antennas to be connected to a single interrogator. When designed correctly, 
the mutual coupling between the antennas can enhance the performance of 
the overall system. However, a careless positioning of the multiple antennas 
may result in their mutual coupling, severely degrading their performance. 
When several single-antenna interrogators coexist in close vicinity to each 
other, it is necessary to minimize their interaction with each other. The cou- 
pling between these antennas depends on the distance between them as well 
as their relative angles. Although the radiation pattern of a single antenna is 
well known and easy to predict, this radiation pattern becomes distorted due 
to the coupling. The best approach for locating the optimal placement of two 
or more antennas is by using an antenna analyzer in order to find the mini- 
mum of radiation by measuring the voltage generated in the nearby antenna. 
A technique sometimes used to enhance the radiation pattern of the 
antenna in a single interrogator is to place another matched but unconnected 
antenna, opposite to the antenna connected to the interrogator. This con- 
nected antenna is a driven antenna, while the unconnected antenna is a reflec- 
tive antenna. The combination of both antennas directs the energy from the 
driven antenna to a narrower area. Once again, an antenna analyzer should be 
used in order to determine the best arrangement between the two antennas. 
Instead of leaving the second antenna unconnected, making it a reflective 
antenna, it is also possible to drive it with the signal from the interrogator by 
means of a splitter. In this case, the output of the interrogator is connected 
to the input of the splitter, and each output from the splitter is connected to 
a matched antenna. Splitters also offer the possibility to have the two output 
signals in-phase or out-of-phase. Splitters introduce losses, but when the 
two signals are connected in-phase, the reading distance between interro- 
gator and transponders increases more than the reading distance with just 
one antenna without the losses from the splitter. The increase in the read- 
ing distance is at the cost of reducing the radiation pattern in the directions 
perpendicular to the arrangement of antennas. Therefore, this technique is 
only useful when the transponders are located only in known areas. When 
the signals fed to the two antennas are out-of-phase, the radiation pattern 
changes significantly, resulting in a pattern opposed to when the two signals 
are in phase. This gives the designer of the system the ability to configure the 
radiation pattern depending on the needs of the system. 
Other techniques based on systems with multiple antennas are directed 
toward specific applications. In one of them, two identical antennas located 
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in a crossed arrangement are connected to the output of a splitter but use 
different lengths of transmission line. In particular, if the different between 
lengths is a quarter of a wavelength, the two fields are shifted in 90°. This pro- 
duces a field that changes the direction of its maximum, giving the appear- 
ance of a rotating field. Some other commercial antennas have an additional 
input that allows connecting an out-of-phase signal from a complementary 
antenna in order to maximize field strength in a single direction. 





4.2 Auxiliary Elements for LF and HF Interrogator Antennas 
4.2.1 Antenna-Tuning Indicators 


Tuning indicators are used to facilitate the process of antenna tuning with- 
out the need to use antenna analyzers or other instrumentation. They present 
the advantage of being a self-contained system that has been optimized for 
specific interrogators and antennas. On the other hand, because of their spe- 
cific nature, they can only be used with a limited number of antennas. 

For example, Texas Instruments manufactures the RE-ACC-ATI2 antenna- 
tuning indicator used to help tune their LF antennas. The tuning indicator 
is connected to the interrogator and indicates to the user if the inductance or 
capacitance in the interrogator needs to be increased or decreased until the 
optimal value has been achieved. Some interrogators have a tuning capaci- 
tor, while some others have a tuning inductance that can be adjusted for 
optimal performance. 


4.2.2 Antenna Multiplexers 


Antenna multiplexers are used to connect multiple antennas to a single inter- 
rogator. This can be done to take advantage of the multiple coupling between 
antennas or when it is necessary to read data from multiple interrogators 
located at distant points not covered by a single antenna. The majority of 
multiplexers in the market work with two, four, or eight antennas. The mul- 
tiplexer is connected between the radiofrequency output of the interrogator 
and the antennas, as shown in Figure 4.14. 

It is not necessary for all the antennas connected to the multiplexer to have 
the same inductance. This presents the advantage of being able to choose the 
antenna most adequate for a specific application without having to physi- 
cally connect and disconnect them from the interrogator. However, because 
most multiplexers do not include a tuning feature, each antenna must be 
tuned to the appropriate resonance frequency with their own individual 
tuning method described in Sections 2.2 and 2.3. 

Antenna multiplexers are normally created by the manufacturers of 
interrogators, although there are some third-party companies that also 
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Multiplexer for connecting multiple antennas to a single interrogator. 





manufacture them. For example, Skyetek manufactures multiplexers for 
the HF frequency range that can control four or eight antennas, having 
insertion losses lower than 0.7 dB and isolation between adjacent channels 
better than 45 dB. 


4.2.3 Preamplifiers 


Increasing the reading distance between interrogators and transponders 
requires a double approach. First, the electromagnetic field transmitted by 
the interrogator has to increase in order to generate enough power to turn on 
the distant transponders. This is relatively easy to do and is mainly limited 
by standards and regulations on maximum power and maximum allowed 
field strength. Second, reading distant transponders requires the interro- 
gator to detect signals closer to the noise level. The increase in the detec- 
tion sensitivity can be achieved with the use of preamplifiers, as shown in 
Figure 4.15. 

The factor that limits the read range in RFID is ultimately the inherent noise 
that accompanies the signal received by the interrogator. A correctly designed 
preamplifier is able to increase the level of the signal without degrading the 
signal-to-noise ratio. The design of the main preamplifier is normally based 
on a low pass filter in order to reject the frequency generated by the field and 
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FIGURE 4.15 
Preamplifier for extending reading distance. 


allow the transmission of data. This stage is followed by an AC amplifier 
that increases the signal levels to the point that can be easily understood by 
the interrogator. The design of the preamplifier must consider the trade-offs 
between increasing the reading distance and the settling time required by 
the system. This means that the interrogator will be optimized for reading 
distance or for settling time, but cannot be optimized for both parameters. 

Even when using preamplifiers, it is necessary to minimize the other 
potential sources of noise in the system. These can be the use of bad con- 
nectors between the interrogator and the antenna, improper installation of 
the transmission line between interrogator and antenna, an antenna that is 
not tuned correctly, the existence of interfering signals from nearby elec- 
tronic equipment, and noise emanating from the power supply lines, among 
others. The designer of the RFID system should ensure that all these sources 
are minimized or at least known, and their values measured. 





4.3 Antennas for UHF Interrogators 
4.3.1 Design of Antennas for UHF Interrogators 


Given the wavelength of signals in the UHF range, it is possible to design 
antennas for interrogators that operate in the far-field region as interroga- 
tors do not have the same space limitations of transponders. The resulting 
radiation pattern of two dipoles located at a short distance from each other 
can be easily modified by carefully arranging the distance between them as 
well as the phase shift of the signals that they radiate. A further modifica- 
tion of the radiation pattern comes from placing a large metal surface at a 
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specific distance from the two dipoles. The metal surface acts like a shield that 
effectively removes half of the radiation pattern. Furthermore, if the distance 
between the antennas and the metal shield is one-fourth of the signal wave- 
length, the phase shift due to the distance between antenna and shield, com- 
bined with the phase shift created by the reflection in the metal shield, places 
the reflected signals in phase with the signals originated by the antenna. This, 
in turn, has the effect of doubling the power transmitted in the area away 
from the metal shield, as shown in Figure 4.16. It is necessary to remember 
that the increase of power in that specific direction comes at the expense of 
having no power in the area behind the metal shield, also known as a passive 
reflector. This structure is commonly used in patch or flat antennas. 

An additional advantage of working in the far-field region is the pos- 
sibility to take advantage of polarization. Polarized signals have their 
electric fields oscillating in a known and constant direction in space. This 
way, the signal recovered by the receiving antenna has a marked depen- 
dence on the geometrical relationship between the direction of the electric 
field and the direction of the antenna. Therefore, the energy recovered 
by the antenna in the interrogator ranges from a maximal value to zero 
depending on the relative orientation between the antennas in the inter- 
rogator and transponder. Using polarized signals allows discriminating 
between transponders. When the discrimination between transponders is 
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FIGURE 4.16 
Metal shield increases effective radiated power in one specific direction. 
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FIGURE 4.17 
(a) Basic structure of a patch antenna. (b) Parallel equivalent circuit for a patch antenna. 


not required, the use of dual dipole antennas in the transponders ensures 
that the interrogator will receive an adequate amount of energy. 

The design of an antenna for the UHF RFID band represents an increased 
engineering challenge compared to designing it for the HF or LF bands 
because of the higher bandwidth needed for signals in the UHF band. It also 
becomes more difficult to maximize the performance of the antenna over 
the wider frequency range allocated for RFID systems in the UHF band. For 
this reason, while most of the HF and LF antennas follow the same basic 
design, engineers have developed several approaches to the design of UHF 
antennas for interrogators based on different performance parameters. This 
is especially critical for handheld applications in which the limited size of 
the antenna degrades its performance. 

The patch antenna shown in Figure 4.17(a) is one of the most commonly 
used antennas for UHF interrogators. In its basic form, it consists of a metal 
patch of approximately one-half of a wavelength long and mounted over a 
ground plane. Figure 4.17(b) shows its equivalent electrical model. 

Typical values for the equivalent circuit shown in Figure 4.17(b) are around 
150 © for the radiation resistance of the antenna, between 9 and 10 pF for 
its capacitance, and from 2 to 4 nH for its inductance. The matching of the 
transmission line with a 50 0 characteristic impedance to the relative high 
radiation resistance of the antenna is done by changing the location at which 
the transmission line feeds into the metal patch away from its center. The 
bandwidth of the patch antenna is a function of its dimensions and the sepa- 
ration between the metal patch and the ground plane. The type of dielectric 
used between the planes is also important, as dielectrics other than air will 
increase its equivalent capacitance. 
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The patch antenna, by its very own design of using a ground reference as 
part of the antenna, is an unbalanced antenna. Because unbalanced antennas 
do not operate well when they are close to dielectric materials, and the human 
body can be essentially considered as a dielectric material at UHF frequencies, 
patch antennas are not the best choice for handheld interrogators. Furthermore, 
the size and weight limitations required by mobile and handheld interrogators 
further limit the use of patch antennas in these applications. A better solution 
for handheld and mobile interrogators are balanced antennas, that is, anten- 
nas with symmetric and opposed currents as shown in Figure 4.18. 

When the antenna is fed using an unbalanced transmission line, such as a 
coaxial cable, it is necessary to use a balum transformer to match the unbal- 
anced line to the balanced antenna. The basic theory behind this balum is 
the same as was described for HF and LF antennas. Although the structure 
shown in Figure 4.18 is technically feasible, an additional problem may arise 
due to the size required by half of a wavelength, especially for handheld 
interrogators. At the frequency of 915 MHz, the length of half of a wave- 
length is equal to 16 cm. While this is a very reasonable distance for a station- 
ary antenna, it may be excessively large for applications involving handheld 
readers. In this case, it is possible to bend the dipoles in a similar way as is 
done for the antennas in transponders, as shown in Figure 4.19. 

The reduction in size for the bent dipoles comes at the expense of degrad- 
ing the electrical specifications of the antenna. In particular, its radiation 
resistance decreases and therefore the bandwidth of the bent dipole struc- 
ture also decreases compared to the bandwidth of the regular dipole. 

A different type of antenna used in UHF interrogators (either stationary or 
mobile) is based on the Yagi-Uda antenna. This structure, shown in Figure 4.20, 
consists of a driven element and two or more parasitic elements: one reflector 
and one or more directors. The parasitic elements direct the majority of the 
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FIGURE 4.18 
Balanced half-wavelength antenna. 
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FIGURE 4.20 
Yagi-Uda antenna. 


energy radiated by the antenna toward the director. Therefore, this structure 
helps to minimize the interaction of the radiated field with a person who may 
be holding an antenna for handheld interrogators. Moreover, because this 
is a balanced antenna, this interaction between the energy radiated by the 
antenna and that radiated by the human body is further minimized. 

In its original form, however, Yagi-Uda antennas can still be considered too 
large to use with handheld interrogators. In this case, it is possible to bend 
the dipole and longer elements, as described above. The existence of the para- 
sitic elements will provide additional gain compared to the single dipole. 
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4.3.2 Transmission Lines and Connectors for UHF Interrogators 


Contrary to LF and HF systems, the coaxial cables and connectors typically 
used in UHF RFID systems have the potential to extremely degrade the sig- 
nal they transmit. The main reason for this problem is the skin depth. Skin 
depth describes the effect that the current flowing through a conductor flows 
through a portion of its inner surface. Equation (4.12) shows that the skin 
depth (8) is inversely proportional to the frequency of the signal: 


1 


b= 
TUO f 





(4.12) 


where 6 is the skin depth, « the magnetic permeability of the conductor, 
o its conductivity, and f the frequency of the current flowing through the 
conductor. 

Therefore, an increase in the signal frequency results in a smaller portion 
of the conductor being used to transmit the signal. For a typical conductor 
made of copper, the skin depth for an LF signal is 0.2 mm, the skin depth for 
an HF signal is 55 um, and for a UHF signal it is 2 um. Consider a copper 
conductor with a radius of 0.2 mm. At LF frequencies and below, the current 
will flow through all the conductor area. When the frequency increases to 
13.56 MHz, only the first 55 pm are actually available as a path for the cur- 
rent. The effective area has been reduced to a half of the area available for 
an LF signal. Because the conductivity of the conductor depends on its area, 
the conductivity of this conductor at HF is about half of its conductivity at 
LF. The situation changes more dramatically at UHF frequencies, as the skin 
depth of 2 um means that current can flow only through the outer 1 percent 
of the conductor. With this, the conductivity of the copper wire for UHF sig- 
nals has been reduced in a factor of 62 compared to the conductivity at LF. 
This strong decrease in conductivity introduces considerable losses that may 
render the system unusable. Figure 4.21 further illustrates this situation. 
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FIGURE 4.21 
Skin effect at (a) low frequency (LF), (b) high frequency (HF), and (c) ultra-high frequency 
(UHF). Current flows through the shaded areas. 
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With these considerations, the layout of the transmission line used to con- 
nect the UHF interrogator to its antenna becomes critical. The most effective 
approach to improving the performance of the system is to minimize the 
length of transmission line between the output of the interrogator and its 
antenna. It can also be possible to use transmission lines with larger diam- 
eter wires; however, the slight increase in effective area does not compen- 
sate for the additional cost of these lines or their increased rigidity. It is also 
important to choose a coaxial cable that has a continuous outer conductor 
instead of a multistrand ribbon for its shield. 

The use of adequate connectors is also critical for RFID systems working 
in the UHF band. The BNC connectors that are commonly used in the LF 
and HF bands could be used without significant performance degradation in 
UHF applications. However, other types of connectors, specifically designed 
for higher frequencies, produce more reliable results. TNC connectors were 
conceived as a threaded version of the BNC connectors, being suitable for 
use up to 10 GHz. Type-N connectors are commonly used in high-frequency 
applications as they are suitable to carry signals up to 10 GHz and even 18 
GHz with their recent enhancements. They are also mechanically robust 
and well suited for outdoor use. Figure 4.22 shows a male type-N connector, 
while Figure 4.23 shows a female type-N connector. 

Because type-N connectors are available in 50 0 and 75 Q versions and 
the connectors are typically not labeled, it is very easy to confuse them, 
originating an impedance mismatch. Furthermore, the dimensions of their 
inner conductors are slightly different, so mismatching the connectors may 





FIGURE 4.22 
Male type-N connector. 
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FIGURE 4.23 
Female type N-connector. 





FIGURE 4.24 
Male and female subminiature version A (GMA) connectors. 


also damage them physically. Subminiature version A (SMA) connectors, 
shown in Figure 4.24, are perhaps the most widely used microwave con- 
nector and are becoming more used in RFID systems. SMA connectors can 
transfer signals up to 18 GHz and have a 50 Q impedance. The main prob- 
lem using this type of connector is that they have not been designed to be 
connected and disconnected constantly, like for example a BNC connector. 
Even with the best of care, they cannot exceed a few hundred connections 
and disconnections. 


© 2011 by Taylor and Francis Group, LLC 


114 RFID Design Fundamentals and Applications 





4.4 Commercial Antennas for RFID Interrogators 
4.4.1 Antennas for RFID Interrogators 


Antennas for interrogators are available from the same manufacturers that 
make transponders and interrogators, as well as third-party vendors that 
build interrogator antennas for specific applications. Some manufactur- 
ers offer systems in which the antenna and the interrogator are integrated 
together, as is the case with handheld RFID systems. 

Texas Instruments manufactures two types of antennas for the LF band under 
the generic name of Series 2000. These antennas are divided into gate antennas 
and stick antennas. Table 4.1 shows the specifications of these antennas. 

As shown on Table 4.1, gate antennas mainly differ in their size. Designers 
of RFID systems choose the size of the antennas based on the required appli- 
cation, depending on the area that they have to cover. The stick antennas 
SOIC and S02C are identical, with the only difference being the length of 
their coaxial cable: 1 meter for S01C and 3 meters for S02C. Choosing between 
gate antennas and stick antennas is also application dependent. In general, 
gate antennas offer a larger read zone and more read distance, while stick 
antennas offer a more focused zone. Therefore, if for example it is necessary 
to distinguish between different transponders, stick antennas will be more 
useful due to their more defined radiation field. 

Some manufacturers have designed HF antennas that are shaped in a 
particular way for a specific application. For example, Unified Transponder 
Concepts, Inc., produces several antennas specific for laundry systems. One 
of them is shaped like a garment portal to be used with standard garment 
racks for clothes with an embedded RFID transponder. Another example 
from the same manufacturer is an antenna in the shape of a chute, used 
for the detection and control of deposited items tagged with the appropriate 
transponders. In addition, they also manufacture the more traditional panel 
and handheld antennas. The power levels accepted by these antennas ranges 
from 1 W to 4 W, and they all exhibit a resistance of 50 0 at 13.56 MHz. 








TABLE 4.1 
Specifications for Some Texas Instruments Series 2000 Antennas Operating 
in the LF Band (134.2 kHz) 
Model Inductance Dimensions Weight 
Gate Antennas GO1E 27 pH 0.7mx0.2m 745 grams 
G02E 27 pH 0.2mx0.2m 425 grams 
G04E 26 pH 1.1mx0.52m 2500 grams 
Stick Antennas SO01C 27 pH 0.14 m x 2mm (QO) 134 grams 
$02C 27 pH 0.14m x2 mm(@) 185 grams 
PO2A 116 pH 0.13 m x 21.3 mm (@) 105 grams 
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TABLE 4.2 
Specifications for UHF Antennas Manufactured by NetHome 





Dimensions (mm) Gain Polarization Connector 
NT-900-SPP 90 x 90 x 25 0 dBi Right / Left hand SMA 
NT-900-MPP 120 x 120 x 25 0 dBi Circular SMA 
NT-900-CP 200 x 200 x 25 6 dBi Right / Left had SMA 
NT-900-FP 360 x 260 x 25 6 dBi Circular TNC 


TABLE 4.3 
Specifications for MTI Wireless Edge Antennas Operating in the 400 MHz Range 





Frequency Dimensions 
Model (MHz) (mm) Gain Polarization Connector 
MT182018 430 — 440 305 x 305 x 25 3.5dBi Circular LH N-type Female 
MT182016 430 — 437 370 x 370 x 30 9 dBi Circular LH N-type Female 























MT181033 430 — 440 305 x 305 x 25 3 dBi Linear N-type Female 
MT182011 405 — 450 370 x 370 x 40 8 dBi Linear N-type Female 
TABLE 4.4 

Specifications for MTI Wireless Edge Antennas Operating in the 865 MHz 

to 870 MHz Range 

Model Dimensions (mm) Gain Polarization Connector 
MT242032 190 x 190 x 30 7 dBi Circular LH or RH N-type Female 
MT242040 190 x 190 x 30 7.5 dBi Circular LH or RH N-type Female 
MT242033 540 x 470 x 220 8.5 dBi Circular LH or RH N-type Female 
MT242034 685 x 626 x 220 8.5 dBi Circular LH or RH N-type Female 
MT242027 260 x 260 x 30 8.5 dBi Circular LH or RH N-type Female 
MT242014 305 x 305 x 25 8.5 dBi Circular LH or RH N-type Female 
MT242017 371 x 371 x 40 10 dBi Circular LH or RH N-type Female 
MT243017 650 x 320 x 40 11 dBi Circular LH or RH N-type Female 





There is a larger number of independent manufacturers for antennas oper- 
ating in the UHF range. For example, the Korean manufacturer NetHom 
offers flat, patch antennas that operate in the 902 MHz to 928 MHz range and 
have an input impedance of 50 0, as shown in Table 4.2. 

Another manufacturer, MTI Wireless Edge Ltd., offers a vast array of stand- 
alone antennas for a wide number of frequencies and applications. Table 4.3 
shows specifications for their line of antennas in 400 MHz UHF RFID range. 
All the antennas shown in Table 4.3 have a maximum input power of 6 W 
and an input impedance of 50 2. 

The same manufacturer also offers antennas that operate in the 865 MHz 
to 870 MHz frequency range, have an input impedance of 50 0, and have a 
maximum allowable power of 6 W. Table 4.4 shows the rest of the specifica- 
tions for these antennas. 
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TABLE 4.5 
Specifications for MTI Wireless Edge Antennas Operating in the 2.4 GHz Range 
Model Dimensions (mm) Gain Polarization Connector 
MT343024 190 x 190 x 30 13 dBi Circular LH or RH N-type Female 
MT344034 305 x 305 x 15 15.5 dBi Circular LH or RH N-type Female 
MT345014 371 x 371 x 40 19 dBi Circular LH or RH N-type Female 
Tuning ( 
coil 
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FIGURE 4.25 
Schematic for the tuning board in the Series 2000 Reader from Texas Instruments. 


It is also possible to purchase antennas similar to those shown in Table 4.4 
dual polarized, that is, being both right-hand (RH) and left-hand (LH) cir- 
cularly polarized. In this case, the antennas have two N-type female con- 
nectors, one for each polarization. Other models for antennas in the same 
frequency range of 865-870 MHz are available for linear polarization. In 
addition, this manufacturer also offers antennas for the 902-928 MHz and 
950-956 MHz frequency ranges with dimensions and gains similar to those 
shown in Table 4.4 for either single or dual polarization. 

Table 4.5 shows the specifications for a sample of antennas from MTI 
Wireless Edge Ltd. operating in the 2.4 GHz to 2.5 GHz frequency band and 
having an input impedance of 50 0. 

Once again, antennas with similar dimensions and gains for the 2.4 GHz 
range are also available for single- and dual-linear polarizations. 


4.4.2 Tuning Boards for Interrogator Antennas 


Tuning boards are the circuits that are used to provide the high resonance 
needed to increase the strength of the field generated by the antennas 
in the system. Tuning boards can be found as stand-alone systems or as 
part of the interrogators. This subsection describes the Antenna Tuning 
Board that is part of the 2000 Series Reader System manufactured by Texas 
Instruments as an example of this type of circuits. As shown in Figure 4.25, 
the tuning board consists of a series of capacitors that are connected in 
parallel with the inductance of the antenna by means of several switches 
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TABLE 4.6 


Resulting Capacitance for Different 
Configurations of Switches in Tuning Board 











Switch Capacitance (nF) Connection 
sw1 33 C, ON 

SW2 16.5 C,, C, in series 
Sw3 33 C, ON 

Sw4 33 C,ON 

SW5 16.5 C,, C, in series 
SW7 15 C, ON 

SWws 75 C;, C, in series 
sw9 15 C; ON 

SW10 10 Cs ON 

SWw11 5 C,, C, in series 





(SW1-SW11) in the same board, thus allowing one to match a wide range of 
antenna inductances. 

Table 4.6 shows the capacitive effect of each one of the switches in the tun- 
ing module. It can be seen that the lowest capacitance occurs when only SW11 
is closed, resulting in a total capacitance of 5 nF. The highest capacitance that 
can be achieved with the board is equal to 139 nF, which occurs when SW1, 
SW3, SW4, SWZ, SW9Y, and SW10 are closed. 

The initial, coarse tuning adjustment is done with the capacitors, while 
the fine tuning due to the steps in the overall capacitance is done with the 
tuning coil located at the end of the tuning board. This process is repeated 
while monitoring the strength of the field generated by the antenna until it 
reaches a maximum. 
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Interrogators have two basic functions: to generate and transmit the radio- 
frequency signal used to energize the transponders and to receive and 
decode the backscattered signal generated by the transponders. In addi- 
tion, some interrogators may also transmit specific commands to the tran- 
sponders. The interrogator also handles the bidirectional communication 
with a host computer used to process the information from the transpon- 
ders and to issue commands to the interrogator. Figure 5.1 shows a basic 
block diagram of a generic interrogator with its basic constituent blocks. 

If the transponder is able to accept commands from the interrogator, the 
radiofrequency signal generated by the interrogator has to be further modu- 
lated with the specific code; otherwise, the interrogator will only transmit 
the radiofrequency carrier. In either case, the radiofrequency signal is then 
amplified to specific power levels and passed through the tuning circuits 
before reaching the antenna. The antenna is also used to detect the back- 
scatter signal generated by the transponder, which, after being filtered, is 
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Basic block diagram of a generic interrogator. 
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then amplified and demodulated if necessary. The resulting signal is then 
sent to a microcontroller that will transmit it to the host computer using the 
appropriate communications protocol. The microcontroller also manages the 
timing for the interrogator to act as a transmitter or a receiver. 

This chapter starts describing the transmitter and receiver sections in 
an interrogator. It continues by studying the most commonly used digital 
modulations in RFID systems. Afterwards, the chapter discusses issues 
related to extending the read range between transponder and interrogator 
as well as the requirements for interrogator synchronization when two or 
more interrogators coexist within the same general area. The last section in 
this chapter provides a description of the structure in different commercial 
interrogators. 





5.1 Transmitter and Receiver 


The basic structure of the transmitter section in the RFID interrogator con- 
tains an oscillator operating at the frequency of interest, a voltage or power 
amplifier, and the tuning circuits to match the impedance of the transmitter 
to the characteristics of the antenna. In addition to providing the radiofre- 
quency signal to energize the transponders, some interrogators also transmit 
commands to the transponder. They can also be able to write new data into 
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the transponder’s memory. Transmitters in a RFID system must generate an 
accurate radiofrequency signal while minimizing the spurious radiation that 
they produce. Spurious radiation, common to all transmitters, is the amount 
of energy that falls outside the desired transmission band. In addition, they 
have to be as efficient as possible in order to reduce the amount of energy dis- 
sipated as heat. Excessive heat can severely reduce the life span of electronic 
components and must be reduced to acceptable levels. 

For read-only transponders, the interrogator continuously transmits the 
radiofrequency signal and receives the response from the transponders. This 
mode of operation is known as fag talks first. When read/write transponders 
are being used, the interrogator must send commands for reading or writing 
them. For example, in the devices used by Microchip Technology, the inter- 
rogator uses amplitude modulation to transmit commands to the transpon- 
ders. The communication starts by the interrogator sending specially timed 
gap pulses called fast read request (FRR) and fast read bypass (FRB). These gaps 
that are periods of time without electromagnetic field, are 175 is wide, hav- 
ing a 100% modulation depth. The FRR or FRB pulses contain five of these 
gaps within 1.575 ms, as shown in Figure 5.2. 

For RFID systems using magnetic coupling, one of the easiest approaches 
to drive the resonant circuit connected to the antenna is by using a D-drive 
circuit. Although either a full-bridge or a half-bridge will work correctly, 
most of the circuits use the half-bridge structure as it is less costly and easier 
to implement. Figure 5.3 shows a basic schematic for the half-bridge drive. 

With a digital signal driving the circuit, the voltage at the node Vg is a 
square signal with voltages between Vcg and Vpp. Depending on the reso- 
nant quality factor (Q factor), the voltage across the antenna can reach a few 
hundred volts peak to peak. This is important to note at the time of selecting 
the electronic components used. An additional advantage of this structure is 
that although the driving digital signal has a very rich harmonic component, 
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FIGURE 5.2 
Fast read request (FRR) and fast read bypass (FRB) pulses. 
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the signal across the antenna consists mostly of the fundamental component 
due to the filtering effect and the high Q factor value at the antenna. There 
are several devices commercially available that integrate the inverter and the 
two metal oxide semiconductors (MOSs) or metal oxide semiconductor field 
effect transistors (MOSFETs) in a single package. In addition to being able to 
operate at the high voltages generated, the capacitors used must have very 
low tolerance values due to the requirements for an elevated Q factor. 

The typical rise and fall times for the signals using the circuit shown in 
Figure 5.3 range between 120 ps and 200 us. This limits the data transmission 
rate that can be achieved. A modification of the circuit to increase transmis- 
sion rates by reducing rise and fall times needs to accelerate the turn-on or 
turn-off response of the driver. This can be achieved by using the modified 
driver circuit shown in Figure 5.4. 
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FIGURE 5.3 
Half-bridge structure used to drive the resonant circuit. 


+E) Antenna 


~o>4 por 
6) 











Enable 
full bridge 


a 




















FIGURE 5.4 
Modified bridge for increased transmission rates. 
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The idea behind this circuit is to decrease the start-up time by starting the 
driver in full-bridge mode until the voltage has reached the desired value, 
at which point it can be switched back to half-bridge mode. Because the 
driver is started by driving the two half-bridges 180° out of phase, it effec- 
tively operates like doubling the input source voltage. With this structure, 
the circuit can respond up to three times faster. It is also necessary to keep 
in mind that the voltage across the capacitor will also increase and therefore 
the capacitor must be rated for that higher voltage. In order to reduce the 
electromagnetic interference generated by the circuit, the Triac is typically 
fired at zero. 

The basic structure of the receiver in the RFID interrogator also contains 
a detector, typically an envelope detector, a signal amplifier, filters, and 
the appropriate pulse-shaping circuits. These circuits convert the distorted 
received signal at the output of the filters into pulses. These pulses are, in 
turn, connected to the input of a microcontroller that will send the appropri- 
ate data to the middleware or host computers for further processing. 

Selectivity and sensitivity are key parameters for any radiofrequency receiver. 
Selectivity is defined as the extent to which a receiver can differentiate between 
the desired signal and unwanted signals present in its bandwidth. Sensitivity is 
defined as the minimum input signal that produces the minimal required out- 
put to be interpreted as information. Other important characteristics for receiv- 
ers are their dynamic range, cross-modulation, and intermodulation distortion. 
Dynamic range refers to the range of signal levels simultaneously applied to the 
input for which the receiver will operate correctly. Cross-modulation and inter- 
modulation distortion originate as a result of the nonlinear effects in the receiver 
that cause it to create new, undesired components. 

For RFID systems with magnetic coupling, the transponder communi- 
cates with the interrogator by changing the value of the magnetic field. The 
transponder is magnetically coupled to the front end of the receiver in the 
interrogator. In this structure, changes in the magnetic field become voltage 
changes at the antenna in the interrogator. Figure 5.5 shows a basic block 
diagram following this approach. The peak detector extracts the envelope 
of the signal being transmitted. The peak detector is followed by a filter to 
remove the DC component of the envelope. A further low-pass filter removes 
the radiofrequency component, leaving only the envelope of the modulated 
signal. The output of the comparator is a digital signal with the information 
from the transmitted signal. 

The peak detector must operate with the relative high voltages that may 
appear at the input of the tuning circuit. Moreover, it should not become 
a load to the tuning circuit either. Other requirements for the peak detec- 
tor are to reduce the ripple in the carrier as much as possible, maintain the 
modulation of the signal, and possess low setting times, among others. It is 
not possible to optimize all these parameters simultaneously, thus requiring 
the designer of the system to find an acceptable compromise depending on 
its overall requirements. 
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FIGURE 5.5 
Basic structure for the detector in the RFID interrogator. 


Example 5.1: 


Discuss possible solutions for reducing ripple in the carrier. 


Solution: 

The ripple in the carrier can be reduced by increasing the value of the capacitor 
used in the peak detector. However, increasing the value of the capacitor will 
degrade the settling time for the detector, and will increase its loading effects. A 
possible solution would be to use an active peak detector. However, given the 
range of voltages expected at the input of the detector, the cost of the detector 
would significantly increase. 


The voltage at node V, increases quickly when the input voltage increases 
due to the low impedance of the diode in forward mode. When the input volt- 
age decreases, the voltage at node V, decreases extremely slowly due to the very 
high impedance presented by the diode in reverse conduction. This situation 
could be solved to some extent by placing a resistor in parallel with capacitor C, 
to help discharge it. However, this resistor has to be large enough for the peak 
detector to avoid loading the input circuits. A value of 10 MO is typically used. 

The goal for the decoupling stage is to reject the high DC voltages present 
in the signal without excessive loading the front end. This stage should also 
have a fast dynamic response and stabilize quickly after detecting energy. 
The time constant of this stage is equal to the product of the resistance by 
capacitance C,. The component values can be calculated by considering the 
delay time in establishing the communication after detecting the presence 
of radiofrequency energy as well as the minimum allowable voltage after 
the settling time. The cutoff frequency of the resulting high-pass filter has a 
strong effect in distorting and attenuating the digital signal that contains the 
information. With these conflicting requirements for the time constant, the 
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simple RC circuit is not appropriate for removing the DC component of the 
received signal. Instead, it is necessary to use a circuit with either a nonlinear 
or a controllable time constant, as shown in Figure 5.6. 

The diodes start conducting when the voltage across the resistor is above 
(Vrer + Von) or below — (Veep + Von). This results in lowering the effective 
resistance seen by the circuit, and therefore it lowers its time constant. An 
additional benefit from using the diodes is that they protect the low-pass 
filter against positive or negative voltage spikes. The additional resistor R, is 
controlled by the switch. The switch is closed during transient periods and 
opened when data are being received by the circuit. 

The low-pass filter stage is best implemented using an operational amplifier 
configured as an inverting amplifier, as shown in Figure 5.7. This structure 
not only allows controlling the gain in the pass band, but also minimizes its 
output impedance. 

The cutoff frequency depends on the values of R; and C;. This frequency 
should be chosen at least two decades above the cutoff frequency from the DC 
blocker. It is also necessary to limit the gain of the filter to avoid the satura- 
tion of the operational amplifier. For some systems, the simple filter shown in 
Figure 5.7 may not provide enough attenuation at the desired frequencies. If 
this is the case, it can be substituted by a more complex filter. The three most 
common active filter topologies are Chebyshev, Butterworth, and Bessel fil- 
ters. Chebyshev filters have the steepest transition between the pass and stop 
band, although they have ripple in the pass band. Butterworth filters have 
the flattest pass band, but their transition is not as steep as Chebyshev filters. 
Bessel filters have linear phase response with a smooth transition between 


+Vret —Vret 





Input from Cy 


peak detector 


FIGURE 5.6 
Circuit for implementing a nonlinear time constant. 
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FIGURE 5.7 
Low-pass filter stage. 


pass band and stop band. When selecting one of these filter structures, it is 
necessary to consider not only their frequency response but also their tran- 
sient response. For example, although Chebyshev filters have the best fre- 
quency response due to the fast transition between pass and stop bands, this 
results in an underdamped transient response with overshoot and ringing. 
Therefore, it has a very long settling time. Although Butterworth filters have 
a better transient response, they still exhibit some overshoot. The Bessel fil- 
ter, although it has the worst frequency response, exhibits the best and fast- 
est transient response and therefore is a very attractive candidate for this 
type of application. 

The final stage is a comparator with some degree of hysteresis. The level of 
hysteresis is chosen to provide the required immunity against noise. The out- 
put of the comparator should be a digital signal that can be directly connected 
to the input of a microcontroller for further processing and transmission. 





5.2 Modulator and Demodulator 
5.2.1 Amplitude-Shift Keying (ASK) Modulation 


Amplitude-shift keying (ASK) is the most basic form of modulation for digi- 
tal signals. In ASK, data are represented as variations in the amplitude of 
the radiofrequency carrier. In binary ASK, there are only two symbols to 
be transmitted: the symbol 1 is normally represented by the full amplitude 
of the carrier, while the symbol 0 is represented by the minimal amplitude 
of the carrier. In this case, these two different symbols are represented by a 
single bit. In general, for M-ary ASK symbols, n bits are used to represent M 
symbols as 


M=2h (65.1) 
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Detector in the receiver section of a commercial interrogator. 


A M-ary ASK system requires distinguishing between M different ampli- 
tude levels for the radiofrequency carrier. While M-ary systems increase the 
transmission rate because each symbol encodes n different bits, the amplitude 
levels of the different symbols become closer to each other, making the 
system more susceptible to transmission errors. Therefore, there is a trade- 
off between the transmission rate and acceptable transmission errors. 

The ASK signal is demodulated by detecting the envelope of the carrier, 
normally using a half-wave rectifier. This detects the peak amplitude of 
the signal generated by the transponder and feeds it into an RC circuit that 
charges and discharges accordingly. The time constant of the RC circuit must 
be chosen with these two considerations: (1) it must be small enough so the 
voltage across the capacitor diminishes fast enough in order to keep with the 
changes in the envelope of the signal, and (2) it must be high enough to avoid 
excessive ripple in the detected signal. After the envelope has been detected, 
the resulting signal is passed through a low-pass filter and a signal-shaping 
circuit and finally fed into a microcontroller. Figure 5.8 shows the schematic 
of the detector in the receiver section of a commercially available interroga- 
tor working in the LF range at 125 kHz. 

The capacitor C, provides the resonance for the inductance of the antenna. 
An additional advantage of this structure is that because C, is grounded, the 
carrier finds a path to ground. The diode and C, form the half-wave rectifier 
for which the resistor R, provides a discharging path. The time constant of 
this circuit is approximately 850 ps. The signal is further low-pass and high- 
pass filtered before entering the comparator for processing. 


5.2.2 Frequency-Shift Keying (FSK) Modulation 


Frequency-shift keying (FSK) is a form of modulation in which the digital signal 
to be transmitted changes the frequency of the carrier within a predetermined 
set of available frequencies. The most basic case, in which only two instanta- 
neous frequencies can be transmitted, is called binary FSK (2FSK). For more 
complex systems, and in order to increase the bit transmission rate, the number 


© 2011 by Taylor and Francis Group, LLC 


128 RFID Design Fundamentals and Applications 


of possible instantaneous carrier frequencies is higher, normally a power of 2. 
This situation is called M-ary FSK, where M represents the total number of dif- 
ferent possible instantaneous frequencies, as shown in equation (5.1). 

Binary FSK transmits two different frequencies f) and f, to represent a logic 
0 ora logic 1 following an established protocol. The transmission of 2FSK can 
be easily accomplished by having two oscillators operating at frequencies fo 
and f,, followed by a switch that selects one or the other based on the digital 
input. Although this is a simple procedure, it results in discontinuities of 
the carrier frequency at the time of switching, thus resulting in a greater 
prominence of high-frequency components that implies the need for a much 
wider bandwidth transmission. 2FSK can also be generated using the VCO 
approach as is done for analog signals. Because the digital modulating sig- 
nal will never have a zero rise or settling time, this digital modulation is in 
fact an analog modulation with a very short transition time. In this case, 
the carrier has a continuous and smooth transition, therefore guaranteeing 
phase continuity and requiring a narrower spectrum for transmission. This 
method is known as continuous-frequency shift keying (CPSK) and can also 
be readily applied for multilevel modulation systems. 

FSK signals can be detected by noncoherent detection or coherent detection. 
Noncoherent detection is based on simultaneously injecting the 2FSK signal 
into two band-pass filters, each one tuned to the transmitted frequencies, fo 
or f;, as shown in Figure 5.9. In this case, the output of each filter is connected 
to an envelope detector and their outputs are combined to reconstruct the 
baseband modulating signal. 

An alternative method for noncoherent FSK detection is based on injecting 
the FSK signal to the input of a phase-locked loop (PLL). The output of the 
internal voltage-controlled oscillator (VCO) will switch between frequencies 
following the signal at the output of the PLL, thus locking on to the incom- 
ing FSK signal so that the output changes between the logic levels of 0 and 1, 
depending on the frequency of the incoming signal. 

Figure 5.10 shows the basis for coherent detection of FSK signals. This 
approach requires the generation of two carriers with the same exact fre- 
quencies and phases as those used by the transmitter. In this case, only one 
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FIGURE 5.10 
Coherent FSK demodulator. 


of the filter outputs contains a signal at any given time. Therefore, after the 
addition of the two paths, the transmitting signal is recovered. 

The coherent detection of FSK-modulated signals requires a more complex 
receiver than the noncoherent detection of the same signal, although it decreases 
the rate of errors for the transmission. Consequently, the designer of the system 
must consider the trade-offs between bit error rates and system complexity. 


5.2.3. Phase-Shift Keying (PSK) Modulation 


Phase-shift keying (PSK) modulation is one of the most effective methods to 
transmit digital signals. In PSK, the information is contained in the instan- 
taneous phase of the modulated carrier. Usually, this phase is imposed and 
measured with respect to a known and selected phase of the carrier. For 
2PSK, in which the modulating signal has two levels, the phase states are 0° 
and 180°. In M-ary modulation systems, the phase associated to each trans- 
mitted symbol is distributed equidistantly from each other around the 360° 
circle. When M = 4 (n = 2 bits), the resulting modulation is called quadriphase 
phase-shift keying (QPSK). QPSK, in which the phases are separated by 90° is 
a common modulation used in communication systems. 

Figure 5.11 shows a simplified version of one of the methods to generate 
a 2PSK signal. After the radiofrequency carrier is shifter by 180°, the result- 
ing signal as well as the original signal are fed at the input of a 2-to-1 selec- 
tor. This selector is driven by the digital signal. The output of the selector is 
either signal (a) or signal (b), depending on the value of the digital signal that 
controls the output of the selector. 

PSK signals always require coherent demodulation, and therefore the PSK 
detector needs to know perfectly the phase of the unmodulated carrier. This 
requirement can be problematic as any phase error of the locally generated 
carrier reduces the effective voltage at the output of the detector in cos(®), 
thus degrading the signal-to-noise ratio. A solution to this problem is by the 
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FIGURE 5.12 
2PSK demodulation. 


demodulator itself deriving a phase coherent reference to use in the demodu- 
lation process, as shown in Figure 5.12. 

The output of the squaring circuit contains information at DC as well as 
at a double of the radiofrequency carrier. The band-pass filter eliminates the 
DC component. The frequency divider divides the frequency of the resulting 
signal by two and shifts its phase. The resulting signal is then multiplied by 
the original 2PSK signal that, after being filtered, will result in a DC signal 
with amplitude either positive or negative, thus shifted in 180°. 

Figure 5.13 shows the generation process for QPSK signals. The digital- 
modulating signal v,,(¢) is connected to a 2-bit serial to parallel converter, so 
the resulting signals v,(t) and v,(t) change at half the rate of v,,(t). This has the 
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FIGURE 5.13 
Quadriphase phase-shift keying (QPSK) generation. 
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FIGURE 5.14 
QPSK demodulation. 


advantage of reducing the required transmission bandwidth as is the case 
of M-ary modulations. The output QPSK signal contains two components at 
the same frequency but shifted in 90°, and therefore there is no interference 
between them as they are in quadrature. That is, all the spectral components 
of the first term are 90° out of phase with those of the second term, making 
them independent from each other. 
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The detection of the QPSK signal, as shown in Figure 5.14, follows an 
inverse process. The intermediate output signals V,(t) and V(t) contain 
energy at DC as well as a frequency double the radiofrequency signal. This 
last component is eliminated by the low-pass filter, resulting in two separate 
streams of digital data. There are combined into a single data stream by the 
parallel-to-digital converter, thus recovering the original digital-modulating 
signal. QPSK modulation allows for sending information at twice the speed 
of 2PSK using the same bandwidth without compromising the performance 
of the system from the point of view of error rates. 

Figure 5.15 shows a basic diagram of a 2PSK demodulator used in a com- 
mercial RFID interrogator operating in the LF range at 125 kHz. Capacitor C, 
provides the capacitance for resonance with the inductance of the antenna. 
The two diodes are used for detecting the envelope of the signal; each diode 
is on during half of the cycle. The 1 MO resistor is used to discharge the volt- 
age store in capacitor C, used for the envelope detection. The envelope signal 
is fed into a series of active filters and pulse-shaping circuits not shown in 
Figure 5.15. The output of the last pulse-shaping circuit is a square wave at a 
frequency that is half of the radiofrequency carrier signal. This signal exhibits 
a 180° phase shifts according to the digital data sent by the transponders. This 
signal is now used as the clock for a D-type flip-flop. The input to the flip-flop 
is a signal at the same frequency derived from the transmitting signal. As 
the phase of the detected signal V,,,, changes, the output of the flip-flop also 
changes, thus recovering the digital information sent by the transponder. 

One of the major problems with the design shown previously is that the 
phase of the returned signal can be, in certain conditions, unpredictable. 
For example, if the transitions of the incoming signal and the reference 
signal occur at the same time, the output of the flip-flop becomes unpre- 
dictable. This situation can be avoided with additional circuitry that inten- 
tionally shifts the phase between the signals to 90°, making it ideal for PSK 
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2PSK demodulator in a commercial interrogator. 
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5.3 Long-Range Considerations 


When evaluating the read range of transponders, it is necessary to under- 
stand that long-range operation may not always be a desirable condition. For 
example, in an environment where several interrogators communicate with 
their own transponders, it is necessary to ensure that a specific interrogator 
reads data from only the transponders that it has been assigned. Data from a 
distant transponder would then be treated like an interfering signal. 

If long range is truly needed, it can be achieved by one or more of the fol- 
lowing design considerations: 


Increasing the transmitter output power. This can be achieved by design- 
ing the power amplifiers in the transmitter section in the interroga- 
tor with higher gain. Alternatively, when it is not possible to modify 
the interior of the interrogator, it is then possible to use an external 
preamplifier. In any case, it is necessary to comply with the limits 
set by the appropriate regulatory agencies on limits of power for 
different frequency range. Also, some regulatory agencies may also 
limit the ability of a user to modify a system that has already been 
approved and certified by the regulatory agency. This comes from 
the fact that the modification of the gain in the amplifiers can have 
effects on the frequency stability, spectral purity, and other charac- 
teristics of the transmitted signal that are specified by the regula- 
tory agencies. 


Modifying the size of the antenna. As described in Chapter 4, the size 
of the antenna and its quality factor (Q factor) affect the charac- 
teristics of the signal being transmitted and therefore the range at 
which transponders receive enough energy to activate their internal 
circuits. A correctly sized antenna becomes critical for long-range 
applications. 


Optimizing the sensitivity of the receiver. Merely increasing the power 
in the transmitter section may not have a significant effect in the 
read range of the system if the signals generated by the transpon- 
der cannot be detected by the receiver. Therefore, interrogators to 
be used for long-range applications must have front-end amplifiers 
with high enough sensitivity that will allow them to detect the sig- 
nals from the transponders at the longest distance from the inter- 
rogator that has been specified. In addition to the optimal design of 
the receiver, the sensitivity of the interrogator can be increased by 
reducing the amount of noise and interference added to the desired 
signal. This can be achieved by appropriate shielding of the front- 
end components, by placing the interrogator away from electrically 
noisy sources and using pass-band filters. 
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5.4 Interrogator Synchronization 


Synchronization is used to prevent interference between the interrogators 
in applications that have multiple interrogators operating in the same area. 
Synchronization is based on preventing interference by coordinating their 
transmission and reception windows. Synchronization is only required 
when the different interrogators are located physically close to each other. 
Therefore, when working with multiple interrogators, it is critical to deter- 
mine if synchronization is required. However, the distance between interro- 
gators alone is not sufficient to determine the need for synchronization. The 
electrical path between interrogators is affected by the presence of metallic 
structures such as buildings, the existence of conveyors, the layout of nearby 
power or data cables, and even the existence of reinforcing metal bars in 
concrete floors. Assuming only radiated signals, Texas Instruments has pub- 
lished some guidelines for the maximum distances that require synchroni- 
zation for interrogators using some of their antennas as shown in Table 5.1. 
It is important to note that Table 5.1 assumes the two interrogators are using 
the same antenna type. 

Table 5.1 shows that antennas with larger dimensions require more separa- 
tion. Because this table assumes only radiated signals, in more realistic situa- 
tions, this distance can be highly reduced due to the additional paths available 
to the different radiofrequency signals. This table can also be used as a start- 
ing point when working with interrogators using different antennas. 

The next step, after determining that synchronization between inter- 
rogators is needed, is to decide on the method used to synchronize them. 
Although the following are the synchronization methods available to some 
of the Texas Instruments interrogators, the same methods are used by inter- 
rogators from other manufacturers. 


5.4.1 No Synchronization at the Interrogator Level 


This method can only be used with a single reader or in the case of syn- 
chronization by software. It represents the fastest method for receiving 


TABLE 5.1 


Separation between Interrogators After Which Synchronization Is No 
Longer Necessary Assuming Only Radiated Signals 





Minimum Separation 





Antenna Type Antenna Dimensions Distance 
$02-C (stick antenna) O =21 mm;1=140 mm 18 meters 
G02-E (gate antenna) 200 mm x 200 mm 32 meters 
GO01-E (gate antenna) 715 mm x 170 mm 55 meters 
G04-E (gate antenna) 1018 mm x 518 mm 105 meters 
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information from the transponders. If all the interrogators are connected to 
the same network, the coordination can be carried out by the host computer 
issuing commands to read transponders simultaneously and buffering the 
results, or issuing different commands to different interrogators in turn. In 
any case, the coordination is done by the host computer rather than by the 
interrogators. 


5.4.2 Wireless Synchronization 


In wireless synchronization, when a specific interrogator detects increased 
energy at the frequency of the carrier, it assumes that this energy has been 
generated by another interrogator. This makes it stop itself before starting its 
own cycle. Obviously, this method only works when the background noise 
is low for the type of antenna being used. Larger antennas, which are more 
sensitive, present a clear disadvantage in this situation. When the environ- 
mental conditions change and there are additional reflections of signals in 
the immediate electrical environment, this approach is not valid either. 

The receiver in each individual interrogator is adjusted in order to deter- 
mine the level of background noise in the absence of signals from other inter- 
rogators. This determines the level after which the interrogator assumes that 
another interrogator is transmitting and therefore waits for a predetermined 
amount of time before starting its own cycle. This situation is illustrated in 
two situations depicted in Figure 5.16. 

Figure 5.16(a) shows a time diagram involving wireless synchronization 
when the interrogator has not detected the presence of other signals. The 
interrogator starts by transmitting the radiofrequency signal for 50 ms that 
is used to energize the transponder. After the transponder is energized and 
recognizes the end of the radiofrequency energy burst, it starts transmit- 
ting its data for 20 ms. Once the transponder has finished sending its data, 
the interrogator waits for another 20 ms before starting the whole process 
again. This additional period is build as a precaution to avoid corrupting the 
data from other transponders to other interrogators. Because the interroga- 
tor does not detect any signals during this last 20 ms period, the whole cycle 
takes 90 ms. 

In Figure 5.16(b), however, after the transponder has completed sending 
its information to the interrogator, the interrogator detects the presence of 
radiofrequency energy, and therefore responds by waiting 70 ms before 
starting its new cycle. This additional period gives enough time for the sec- 
ond interrogator to finish its own cycle. After the 140 ms have elapsed, the 
first interrogator starts its own cycle regardless of the presence of radiofre- 
quency energy. This is done in order to prevent the interrogators always giv- 
ing priority to other interrogators and therefore not being able to read their 
own transponders. 

Wireless synchronization has the advantages that it does not need wires 
to interconnect the interrogators and all the interrogators are autonomous 
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FIGURE 5.16 
Wireless synchronization: (a) no other interrogators detected, and (b) delayed cycle due to 
other interrogators detected. 


as there is not a master unit. It is very useful when handheld units have to 
coexist with fixed interrogators for these reasons. Wireless synchronization, 
however, is not adequate when large antennas are used in noisy environ- 
ments because these large antennas are too sensitive to the background noise 
levels. Also, it cannot be used when the environmental conditions change, 
for example when vehicles enter or leave the read area as it changes the back- 
ground energy. Finally, it cannot be used when other interrogators write data 
to the transponders. 
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FIGURE 5.17 
Structure of the control modules in interrogators using wired synchronization. 


5.4.3 Wired Synchronization 


The approach in wired synchronization is the same as for wireless synchroni- 
zation with the only difference being that it uses wires to detect the presence 
of other interrogators instead of detecting radiofrequency energy. Therefore, 
the cycle for a single interrogator lasts 90 ms or 140 ms as described for wire- 
less synchronization. This presents the advantage of being able to operate 
regardless of the environmental noise level, using a single twisted pair cable. 
This approach does not need a master unit. The main problem with wired 
synchronization is that if the power for a single interrogator fails, the bus 
fails and therefore the whole system fails. It is also not suitable for read/ 
write transponders. Figure 5.17 shows the standard connection for the con- 
trol modules of the interrogators using wired synchronization using the fol- 
lowing nomenclature: 


SYNC RX+: Noninverted data input 
SYNC RX— Inverted data input 
SYNC TX+: Noninverted data output 
SYNC TX-: Inverted data output 
GND: Signal ground 


5.4.4 Combined Wired-Wireless Synchronization 


Using this approach, interrogators synchronized using a hard wire con- 
nection are also detecting the amount of radiofrequency energy to decide if 
another interrogator is already operational. This method resolves the indi- 
vidual disadvantages of each single approach. 


5.4.5 Master-Slave Synchronization 


In this approach, which is probably the most commonly used method of syn- 
chronization, one of the interrogators is configured as the master while the 
rest of the interrogators are configured as its slaves. Master—slave synchroni- 
zation can be carried out using three variants: 
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Master-slave without acknowledgment. This method is the fastest 
approach for reading transponders as it assumes that all the inter- 
rogators are part of the same synchronization bus. This requires 
the interrogators to have a synchronization bus that connects all 
the readers, using for example a single twisted pair as shown in 
Figure 5.18. 


Once the master has finished a complete read cycle, it transmits a 
synchronization pulse in the bus. Any slave that has finished its 
own cycle is waiting for this pulse in order to start a new cycle, as 
shown in Figure 5.19. 


This approach presents the advantage of needing only a single 
twisted pair. It also has the fastest read rate and can be used when 
transponders are rewritten by interrogators. It is necessary, however, 
to keep in mind that if the master fails, the rest of the units stop 
working. Also, if a slave reads a transponder and the master does 
not, the slave may miss the next pulse as it is busy processing the 
information from its transponder. 


Master—slave with acknowledgment. In this approach, the master has to 
wait until all the slaves have completed their cycles before starting a 
new master cycle. This requires using four wires: two for the pulse 
from the master and two for the information from the slaves to the 
master, as shown in Figure 5.20. 


All the interrogators are running free while buffering the data via 
a point of data connection. A slave will not respond to a command 
from the host computer unless it has received the pulse from the 
master. This method presents the advantage that all the interroga- 
tors wait for the slowest to be complete and all the units are able to 
write to the transponders. This happens at the price of using a twin 
twisted pair instead of a single. 


Master-slave triggered synchronization. This is similar to the previous 


approach, although in this case, the pulse is generated by an external 
device instead of an interrogator in the chain. All the interrogators 
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FIGURE 5.18 
Structure of the control modules in interrogators using master-slave synchronization without 
acknowledgment. 
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FIGURE 5.19 
Master-slave synchronization without acknowledgment. 
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FIGURE 5.20 
Structure of the control modules in interrogators using master-slave synchronization with 
acknowledgment. 


are configured as slaves with the external master issuing the syn- 
chronization pulses at suitable intervals. This is required for interro- 
gators that must read and write to multipage transponders in which 
different interrogators require different window times. In this case, 
the master has total control over the coordination of the devices in 
the chain. However, the master must be a more complex system and 
requires additional intelligence. 


5.4.6 Carrier Phase Synchronization 


This method is used when several antennas are located close together with 
the possibility that the field generated by each one of them may interact 
with the others. Because of the different transmission phases at each inter- 
rogator, the interaction may result in destructive interference. To avoid this 
effect, all the interrogators must be operated from the same carrier signal. 
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5.5 Structure of Commercially Available Interrogators 


Interrogators for RFID systems take different approaches depending on 
the specific needs of their intended application: from large and complex 
systems to single-chip interrogators. The following pages describe these 
different approaches through examples from commercial interrogators. 
It is necessary to view them just as specific examples as the number of 
available systems is higher, each one of them using a different approach. 
However, these examples provide valuable information about the structure 
of interrogators. 


5.5.1 Interrogators for LF RFID Systems 


The Series Reader 2000 from Texas Instruments is an example of a complex 
interrogator for an RFID system operating in the low-frequency range. Its 
main component is the $251B reader. This interrogator has a communica- 
tions interface as RS232, RS422, or RS485; eight general-purpose input/out- 
put lines; two open collector outputs; one synchronization bus; one carrier 
phase synchronization bus; as well as a power connector and an antenna 
connector. Table 5.2 shows the electric specifications of the eight general- 
purpose input/output (I/O) lines in this unit. 

This interrogator supports two different communication protocols: the 
ASCII protocol or Texas Instruments’ own TIRIS protocol. The ASCII proto- 
col that is used to send commands to the interrogator can only be used with 
the RS232 or RS422 interface. The TIRIS bus protocol is a binary protocol 
between a host computer and one or more interrogators. 

The interrogator has two main modules: the control module and the radio- 
frequency module. The control module contains all the electronics needed for 
the communication between the interrogator and the host computer in order 
to control the radiofrequency module. It also has circuits used to optimize 
the performance of the antenna by correctly tuning the module. The radio- 
frequency module handles all the analog functions needed to generate the 


TABLE 5.2 


Electrical Specifications of S251B Reader (Texas Instruments) 





Parameter Minimum Maximum 





General Purpose I/O Voltage 


Low Level mae 0.9 V 

High Level 3.15 V 5.25 V 
General Purpose I/O Current 

Low Level a= 25 mA 

High Level == 16mA 
General Purpose I/O 1 to 4 Total output current aoe 10 mA 
General Purpose I/O 5 to 8 Total output current = 10 mA 
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signal that energizes the transponders, send commands to the transponders, 
and detect their responses. These two modules will be studied in deeper 
detail in Sections 5.5.1.1 and 5.5.1.2. 

The synchronization bus operates in differential mode with a maximum 
data rate of 10 Mbits/s and allows for a maximum cable length of 1200 m. It 
can handle up to 32 different drives or receivers on the line. The outputs of 
the bus are protected against short circuits with a current limit of 150 mA 
to ground and 250 mA to the power supply. In addition, this unit contains 
three banks of dual in-line package (DIP) switches that allow for configura- 
tion changes. One of the banks is for setting up the control module, another 
bank for the settings of the communications protocol, and the third one for 
synchronization settings. 


5.5.1.1 Radiofrequency Modules 


The functions of the radiofrequency modules in the RFID system are to trans- 
mit the radiofrequency signal to the transponder via the antenna, to receive 
and demodulate the response of the transponder, and to write information 
to the transponder. Figure 5.21 shows a simplified block diagram of a generic 
radiofrequency unit in an interrogator. 

For the modules that are part of the Series 2000 Reader manufactured by 
Texas Instruments, it is possible to distinguish the following submodules: 


Power supply. This submodule provides the necessary voltage to power 
the rest of the electronics in the radiofrequency module. The majority 
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Simplified block diagram for the radiofrequency unit. 
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of modules contain two voltage regulators, one to power the logic 
circuits and the other to power the rest of the module. 


The manufacturer stresses not using a switching power supply, as 
at their typical frequency of operation their harmonics will create 
strong interfering signals. 


Transmitter. The radiofrequency signal is generated by a crystal oscilla- 
tor operating at the RFID frequency of 134.2 kHz. This signal is then 
fed into the pulse width modulator for which the user can select 
the width ratio between 3% and 50%. It is necessary to consider that 
decreasing this ratio also decreases the energy of the transmitted 
signal, thus providing a method to control the power transmitted by 
the interrogator. 


Antenna circuit. The purpose of this submodule, shown in Figure 5.22, 
is to match the impedance of the transmitter to the impedance of 
the antenna in order to maximize the radiated power as well as its 
Q factor. 


The circuit consists of the inductance of the antenna in series with 
an adjustable inductance for fine tuning as well as the capacitive 
part formed by the capacitors C,, Cy, C;, Cy, and S eanie: The switch is 
used to connect or disconnect C, for coarse tuning. It is necessary to 
connect several capacitors in series because of the high voltages that 
can be developed across the antenna terminals during resonance. 
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FIGURE 5.22 
Antenna-tuning circuit. 
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The capacitive resonator is driven by the pulse-width modulation 
(PWM) signal from the transmitter by two MOSFET power transis- 


tors through the inductor L.oupie- 


Receiver. The receiver in this module demodulates the FSK signals 
generated by the transponders, with a low symbol specified by 
a frequency of 134.2 kHz and a high symbol by a frequency of 
123.2 kHz. The module can operate with a single antenna used 
for transmission and reception or with specific transmission and 
reception antennas. The path for the received signal depending 
on the type of antenna used is selected by the multiplexer at the 


front end. 


Table 5.3 describes the different pins and its connections for the standard 
radiofrequency module in the Series 2000 Reader from Texas Instruments. 
Modules from other manufacturers have similar connections. 

The most important electrical characteristics for these pins and connectors 


are shown in Table 5.4. 


As shown in Table 5.4, the radiofrequency module incorporates a signal 
strength detector whose output is the RXSS- pin. This allows adjusting the 
threshold level for the detection of radiofrequency energy required by wire- 
less synchronization. The adjustment is done by means of a potentiometer 
on the board. Different types of antennas require different threshold levels 
even if they operate in the same environment. 

















TABLE 5.3 

Pins and Connectors in Standard Radiofrequency Module 

Signal Name Connection Description 

GND IN Ground logic circuits 

TXCT- IN Transmitter control input for activation 
VSL IN Supply voltage 

RXDT OUT Receiver data signal output 

RXSA IN / OUT Adjustment for receiver threshold level 
RXCK OUT Clock output receiver 

GNDP IN Ground power stage 

RXAO IN Select signal for multiplexer 

GNDP IN Ground power stage 

RDTP OUT Test pin for receiver 

VSP IN Supply voltage power stage 

RSTP OUT Test pin for receiver 

VSP IN Supply voltage power stage 

RXSS- OUT Signal strength output in receiver 

VD IN / OUT Internally regulated voltage 

RCTP OUT Test pin for receiver 
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TABLE 5.4 

Summary of Electrical Characteristics Radiofrequency Module 

Parameter Min Typ Max Unit 
Internal regulated voltage 4.75 5.00 5.25 Vv 
Supply current receive mode 9.0 mA 
Supply current transmit mode 11.0 mA 
Low level input voltage at TXCT- and RXAO 0 0.8 Vv 
High level input voltage at TXCT- and RXAO 24 5.0 Vv 
Low level output voltage at RXDT and RXCK 0 0.8 Vv 
High level output voltage at RXDT and RXCK 4.0 Vv 
Low level output voltage at RXSS- 0.8 Vv 
Cable length for connection to control module 0.5, 2.0 m 
Number of slave modules that can be driven 1 2] 

Inductance of antenna tuning coil 13 3.0 4.7 pH 
Total antenna resonator capacitor 46 47 48 nF 





This radiofrequency module, as well as most of the modules available in 
the market, can be used with the transmit-receive antenna or with special 
receive-only antennas. The type of antenna to be used is selected by a multi- 
plexer in the receiver section. 


5.5.1.2 Control Module 


The control modules provide the functionality needed for the radiofre- 
quency module to communicate with the rest of the devices. They control 
the Transmit and Receive commands from the radiofrequency modules 
according to the commands sent by the host computer. They also process the 
information from the transponders received by the radiofrequency modules, 
decode them, check their validity, and convert the signals to the protocol 
used for communication with the host computer. The control modules used 
in conjunction with the radiofrequency modules described in the previ- 
ous section are available using the RS232C, RS422, or RS422/485 interfaces 
depending on the needs of the user. These control modules also handle the 
different synchronization methods described in Section 5.4 that need to be 
followed when more than a single interrogator is being used. 

During the charge time, the control module activates the transmitter in the 
radiofrequency module. As long as this is active, the antenna resonates at the 
oscillator frequency and generates a radiofrequency field around its vicinity. 
This field charges the capacitor incorporated in the transponders energizing 
them. The typical length of the charge time is 50 ms. During this time, the 
receiver is disabled and cannot read any data. The charge time is followed by 
the read time, as shown in Figure 5.23. This time typically lasts 20 ms, during 
which the transponder sends the information back to the interrogator. 
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FIGURE 5.23 
Charge and read times. 


All the data formats consist of 128 bits. After being received by the radio- 
frequency module, they are checked by the control module. The different 
types of transponders supported by these interrogators are differentiated 
from each other by using different Start, Stop, and End bytes. The data struc- 
ture for these transponders is shown in Figure 5.24. It is important to note 
that the first bit being transmitted is the least significant bit (LSB) and the last 
bit is the most significant bit (MSB). 

The data structure for read-only transponders is shown in Figure 5.24(a). 
The data format starts with 16 pre-bits that are all set at zero, followed by the 
start byte ($7E). The next 64 bits are the identification data bits programmed 
into the transponder at the time of manufacturing; they cannot be changed 
by the user. The next 16 bits comprise the data protection bits (BCC). The fol- 
lowing byte is the stop byte, which has the same structure as the start byte 
($7E). Afterward, the transponder sends 16 end bits, all of them set to zero. 
During the last bit, the transponder discharges its capacitor, therefore deen- 
ergizing its internal circuits. 

Figure 5.24(b) shows the data structure for read/write transponders. It also 
starts with the 16 pre-bits set at zero followed by the start byte that in this 
case is set at $FE. This tells the interrogator that the data come from a read/ 
write transponder. The next 80 bits are the data bits that can be programmed 
by the user. The manufacturer recommends splitting these bits into 64 bits of 
data identification transmitted first and 16 bits for data protection bits (block 
check character, or BCC). The stop byte that is transmitted next has the same 
value as the start byte ($FE). The final 16 bits reflect the 16 LSBs of the read 
data that must be checked for validity by the control module. Once again, 
the last of these 16 bits makes the transponder discharge its capacitor and 
deenergize its internal circuits. 

The data structure for the multipage read/write transponder is shown in 
Figure 5.24(c). The data start again with the 16 pre-bits set at zero, followed by 
the start byte with a value of $7E. This start byte is the same as for read-only 
transponders, meaning that the distinction between these two structures will 
be possible after the reception of the read address and read address frame 
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FIGURE 5.24 


Data structure for several transponders: (a) read-only transponders, (b) read/write transpon- 
ders, and (c) multipage read/write transponders. 


BCC. The start byte is followed by 80 data bits that can be programmed by 
the user. The manufacturer also recommends splitting them into the first 64 
data identification bits and 16 bits for protection data (BCC). The next 8 bits 
make up the read address byte; this contains a status field (2 bits), which is 
transmitted first, and a page field (6 bits). The 2 bits that make up the status 
field inform the control module about the function that the transponder has 
executed and the type of page that has been received. The final 16 bits make 
up the read frame BCC. One bit after having sent the first 128 bits, the tran- 
sponder discharges the capacitor and deenergizes its internal circuits. 

The function of the 16 pre-bits is to give enough time to the radiofrequency 
module to recover from the overload that it may have experienced during 
the 50 ms in which the transmitter has generated the radiofrequency signal. 
This is especially important because the transponders may start transmit- 
ting data immediately after having been energized. This period is known as 
the waiting time, lasting less than 1 ms. 

After this time has elapsed, it is necessary to detect the first low-to-high tran- 
sition for the start byte. After successful detection, the radiofrequency module 
synchronizes its clock and its data. The control module must also ensure that 
it receives all the high bits in the start byte. Otherwise, if a low bit is received, 
the process tops and the control module goes back to waiting for the detection 
of the low-to-high transitions. If the start byte has been successfully detected, 


© 2011 by Taylor and Francis Group, LLC 


Interrogators 147 


the control module receives the next 80 bits and starts the generation of the 
cyclic redundancy check (CRC) to ensure the validity of the data. The last step 
in the decoding process is to determine whether the transponder that gener- 
ated the data stream was a read-only transponder or a multipage read/write 
transponder as they both use the same start byte. This is done by checking the 
content of the CRC generator at the end of the process. If this value is equal 
to $0000, this indicates that a multipage read/write transponder originated 
the data. Otherwise, it indicates that it came from a read-only transponder. 
Figure 5.25 shows an overview of this sequence for the control module. 
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FIGURE 5.25 


Control module sequence. 
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The control module is also used to control the flow for writing to the tran- 
sponder. Writing to the transponder is used to transfer commands, addresses, 
and data to the transponder. Before writing to the transponder, this must be 
energized. Therefore, writing to the transponder occurs after the transmitter 
has sent the 50 ms radiofrequency pulse to energize the circuits in the tran- 
sponder. The actual process of writing is done by switching the transmitter 
off and on. To write a high bit, the transmitter is inactive during 1 ms fol- 
lowed by being active during 1 ms. To write a low bit, the transmitter is inac- 
tive during 0.3 ms followed by being active during 1.7 ms. The total time for 
writing a single bit is 2.0 ms. 

To program the write data into the transponder’s memory, the transmitter 
must be active for at least 15 ms immediately after the previously described 
write function has been executed. This is known as the programming time. 
Having the transmitter on for this time enables it to energize the circuits in 
the transponder. The write data format is shown in Figure 5.26. 

All the data bits are transmitted to the transponder with the LSB first. The 
8-bit write keyword ($BB) and the 8-bit write password ($EB) are sent to the 
transponder to initiate the transmission of the 80-bit data. The manufacturer 
recommends splitting the 80-bit data into 64-bit identification data transmit- 
ted first followed by 16 protection data bits (BCC). The write data format is 
terminated by a 16-bit write frame that must be set to $0300. After write frame, 
the transmitter will be active for 15 ms to allow the transponder to program 
the received data into its memory. The actual programming will only take 
place if the write keyword and write password bytes are received, the write 
data have the correct number of bits, and the radiofrequency field generated 
by the transmitter is high enough to produce the voltage required to pro- 
gram the transponder’s memory. This voltage exceeds the voltage required 
to read the memory. Once after the programming time has elapsed, the tran- 
sponder responds by sending the data that it has stored into its memory. This 
data follow the 128-bit format described previously in this section. If the read 
data received are structurally valid, they must be compared against the write 
data that were sent to the transponder to ensure that the correct data were 
written into the transponder. If the structure or the contents of the read data 
are not valid, the process must be repeated. 

The last main function for the control module is to handle the synchroniza- 
tion tasks between different interrogators. For this to occur, a synchronization 


Write Write Write 


Energize keyword password Write data frame Program Read 





8b | 8b 80b 16b 
50 ms 16 ms 16 ms 32 ms 15ms 20ms 
LSB MSB 


FIGURE 5.26 
Format for writing data. 
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Sync time Energize time Read time Processing 
4} _______}____,.___, 
0 to 70 ms 50 ms 20 ms 
(20 ms typical) 
FIGURE 5.27 


Synchronization sequence. 


time must exist before the transmitter in the interrogator generates the radio- 
frequency signal to energize the transponders, as shown in Figure 5.27. 

The synchronization allows the different interrogators in the overall 
system to detect each other and delay the activation of their own transmitters 
until other interrogators have finished their read functions. For this reason, 
the synchronization times vary depending on the number of interrogators 
in the application as well as the relative order of one interrogator in refer- 
ence to the others in its vicinity. 


5.5.2 Interrogators for HF RFID Systems 


The Series Reader 6000 from Texas Instruments is an example of an RFID 
interrogator that operates in the HF range. The structure of the system is simi- 
lar to the 2000 Series Reader described in the previous section. The Midrange 
Reader Module in this system provides the communication between tran- 
sponder and interrogator. Output power levels can be adjusted between 100 
mW and 1000 mW by means of a potentiometer placed on the radiofrequency 
module of the interrogator. The communication from the interrogator to the 
transponder is by ASK modulation, normally at 20%. The communication 
from the transponder to the interrogator is done by FSK modulation. 

The TRF7960/1 also from Texas Instruments comprises multistandard 
fully integrated circuits containing the analog front end and the data- 
framing system. Their internal receiver enables them to modulate ASK 
and PSK, and it also includes automatic gain control and selectable band- 
width. In addition, the receiver includes a framing system allowing one 
to perform CRC checks, parity checks, or both. The output data are then 
sent to a microcontroller. The output of the transmitter only needs to be 
connected to the same impedance-matching circuit used for reception. 
Figure 5.28 shows the basic structure of the RFID system using this inte- 
grated circuit. 

The receiver has two inputs that must be connected to an external filter. 
The external filter also converts the PSK modulation from the transponder 
into an amplitude-modulated signal. The two receiver inputs are multi- 
plexed to two receiver channels: a main receiver and an auxiliary receiver. 
The main receiver contains a radiofrequency detection stage, a gain, a fil- 
ter with automatic gain control, a digitizing stage, and an indicator for the 
strength of the received signal. The auxiliary receiver has a similar structure, 
although it is mainly used to measure the strength of the received signal. 
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FIGURE 5.28 


Structure of an interrogator using the TRF7960/1 circuits. 


This is done by measuring the voltage of the demodulated signal and latch- 
ing at its peak value. 

The digital part of the receiver contains the bit decoders for the vari- 
ous protocols that supports the framing logic. The bit decoders convert 
the decoded signal into a bit stream. It has been specifically designed for 
maximum error tolerance, thus allowing the correct decoding of signals 
that have been partially corrupted due to noise or interference. The fram- 
ing section packages the received bits into bytes, removing the control 
bytes sent by the transponder. This results in raw data that are sent to the 
microcontroller. 

The transmitter contains the radiofrequency oscillator at 13.56 MHz, the 
processing circuits, and the radiofrequency power stage. The power levels 
available are 20 dBm (100 mW) or 23 dBm (200 mW) when the circuit is pow- 
ered with 5V. When it is powered with 3 V, the available power levels are 15 
dBm (33 mW) or 18 dBm (70 mW). The digital portion of the transmitter is 
very similar to that of the receiver as these circuits frame the command sig- 
nals originated by the microcontroller. 


5.5.3 Single-Chip Interrogators 


In contrast to the complex systems described earlier, some interrogators have 
minimal components, normally an integrated circuit containing the trans- 
mitter and receiver and circuitry to communicate with a microcontroller or 
a microprocessor. 

The core of the Series 6000 Reader from Texas Instruments is the RI-R6C- 
001 Integrated Circuit manufactured by the same company. This chip, whose 
block diagram is depicted in Figure 5.29, is a transceiver that provides the 
transmit and receive functions necessary for communication with transceiv- 
ers operating at that frequency range. 
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Simplified structure of the RI-R6C integrated circuit. 


This transceiver integrated circuit communicates with its remote control- 
ler, normally a microprocessor, by a simple three-wire serial link. The com- 
munication between the transceiver and the transponders is generated by 
the microprocessor that sends the commands directly to the transceiver. The 
transceiver, in turn, applies the necessary carrier modulation and generates 
the radiofrequency signal. 

The U2270B integrated circuit manufactured by Atmel® is another example 
of a single chip that serves as an interrogator. As shown in Figure 5.30, the 
U2270B incorporates an on-board power supply, an oscillator, tuning cir- 
cuits, and other signal-processing circuits to produce an output that can be 
read by a microcontroller. 

This specific chip has been designed to operate in the low-frequency 
range. It can be configured to work with different ranges of voltages for 
power supplies (from 5 V to 16 V). The low-pass filter in the receiver is a 
fourth-order Butterworth designed to remove the remaining energy of the 
carrier signal and other high frequencies after the demodulation process. 
The cutoff frequency can be selected by the user depending on the type of 
communication between the chip and the transponder that is being used. 
The possible choices are a Manchester code or biphase modulation typically 
at 5 kbaud. 
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Simplified structure of the U2270B integrated circuit. 
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FIGURE 5.31 
Simplified structure of the U3280M integrated circuit. 
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One of the main applications of this chip is as an electronic immobilizer 
for the automotive industry in order to reduce auto theft. The interrogator 
and the associated microcontroller are located inside the vehicle, while the 
transponder with its unique identifier code is carried by the lawful owner 
or user in the vehicle. Unless the interrogator receives a valid code from a 
transponder, the microcontroller keeps the electronic ignition of the vehicle 
disabled. An additional benefit of this approach is that because the power to 
the transponder is supplied by the interrogator through the electromagnetic 
field it generates, the user of the vehicle does not need to worry about carry- 
ing fresh batteries like in traditional wireless fobs. 

Atmel® also manufactures another chip, the U3280M shown in Figure 5.31, 
which, although marketed as a transponder interface for microcontrollers, 
functions as an interrogator. The chip can supply the energy required to 
power an external microcontroller and can also accept an external battery. 
The distribution of power is controlled by a power management circuit that 
either operates in automatic mode or is controlled by the microcontroller. 
The communication of this device with its microcontroller is carried out fol- 
lowing a serial format. Modulation is carried out by changing the magnetic 
field generated by the antenna by varying its load. For example, a high logic 
level results in an increase of current through the antenna while the voltage 
becomes damped. The low logic level is generated by a decrease of current 
through the antenna that results in an increase in its voltage. 
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Interrogators communicate with the host computers in order to transmit 
commands to the transponders and collect their information. This chapter 
explores some of the protocols used for linking interrogators with the host 
computers using as examples the different protocols employed by some 
interrogators manufactured by Texas Instruments. These examples show 
the basic communication processes between interrogators and their host 
computers as a stepping-stone to understand the control of interrogators 
from other manufacturers. The chapter starts by describing the TIRIS Bus 
Protocol, developed by Texas Instruments. It continues by studying how the 
ASCII protocol is used in some commercial interrogators. The next section 
explains the protocol used in some LF interrogators manufactured by Texas 
Instruments. The chapter ends by describing the communication protocols 
used in interrogators operating in the HF range. 





6.1 TIRIS Bus Protocol: Texas Instruments 


The TIRIS Bus Protocol is a proprietary protocol developed by Texas 
Instruments for communications between its interrogators or between 
interrogators and a host. This is a half-duplex byte-count protocol. It allows 
efficient communication between a single master and multiple slaves. The 
protocol allows communication with a single slave unit on a RS232 line and 
up to 31 slaves on a RS422 or RS485 line or using parallel links. 

All the data transfers using the TIRIS protocol are initiated by the host; 
the slave units only send data upon request from the host unit, therefore 
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eliminating the possibility of data collision on the bus. Furthermore, the 
protocol uses positive acknowledgment with the slave units indicating the 
reception of a message from the master. All the messages have the same for- 
mat independently of the direction they travel. Table 6.1 shows the structure 
of an N-byte message using this protocol. 

Command-message-codes describe the action that the master requires 
from the slave. Its most significant bit (MSB; Bit 7) is the queued-response flag, 
while the following seven bits contain the command code. When the queued- 
response flag is set to 1, it indicates to the destination unit that it should 
acknowledge and execute the command but its response should be queued 
until requested by the master. This is normally used with commands that 
have a delayed response in order to avoid suspension of the line activity. 
When the flag is set to zero, the response is immediate following the execu- 
tion of the command. 








TABLE 6.1 

TIRIS Bus Protocol Format 

Byte Content 

0 Start Mark? 

1 Destination Address? 
2 Source Address* 

3 Message Code* 

4 Data length 

5 Data field (1) 

6 Data field (2) 

N+4 Data field (N) 

N+5 MSB for CRC-field (1) 
N+6 CRC - field 

N+7 End Mark 





a The start mark signifies the beginning of a message and is repre- 
sented by $01. This corresponds to the ASCII character Start-of- 
Heading. 

6 The second byte, destination address, indicates the address of the 
unit to which the message is directed. The binary value of this 
byte corresponds to the ID of the destination address. The ID for 
the different units ranges from $00 to $FE, although the maxi- 
mum number of units in a specific application is limited by the 
physical limitations of the link. Broadcast messages are indicated 
by using a destination address of $FF. 

© The source address is the third byte in the message format. It indi- 
cates the ID of the unit sending the message. 

4 The fourth byte is the message code byte. This byte is used to define 
the content of the message. When the message is from the master 
to the slave, this byte is a command-message-code. When the mes- 
sage is from slave to master, this byte is a response-message-code. 
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The response-message-code describes the acknowledgment that the slave 
unit has received the command. The four MSBs in the code are flags, while 
the four remaining least significant bits (LSBs) are the response code. The 
different flags are as follows: 


The MSB (Bit 7) is the error-flag. When it is set to 1, it indicates that the 
slave has detected an error in the transmission or in the contents of 
the command. The error code is indicated in the last four bits. 


Bit 6 is the busy-flag. When it is set to 1, it indicates that the slave is tem- 
porarily unable to accept commands. 


Bit 5 is the data-available-flag. When it is set to 1, it indicates to the 
master that there is at least one message in the output queue in 
the slave. In order to read this message, the master must send the 
appropriate command. 


Bit 4 is the broadcast-received-flag. When it is set to 1, it indicates that a 
broadcast message, issued previously, has been received correctly. 
The response to the broadcast command is placed in the queue. The 
master can read the response by issuing the appropriate commands 
at which point the flag is reset to 0. 


Bits 5-8 in the Response-Message-Code byte indicate the type of 
response. Their meaning varies depending on the state of the Error- 
Flag bit as shown in Table 6.2. 


Bit 5 in the TIRIS protocol is the data length byte. This byte shows the num- 
ber of bytes that follow as data field. If the command or response does not 
require any data, this value will be zero. 

The following N bytes in the TIRIS protocol make up the data field, with N 
being the value specified in the previous byte (Data Length byte). The con- 
tent of this field depends on the message being sent. 

The two bytes after the Data-Field bytes are CRC-field bytes. These bytes 
contain the Cyclic Redundancy Check values to ensure the integrity of the 
message. The TIRIS Bus protocol supports two methods of generating the 
CRC field. The first method is the Reverse CRC-CCITT algorithm that was 
described in Section 3.3.2. The second method supported by this protocol 
is called Longitudinal Redundancy Check (LRC). This is based on XORing 
each character with the previous value and storing the result in the LSB byte 
fin the CRC-Field. The MSB byte of the CRC-Field is generated by storing the 
1’s complement of the LSB byte. Using this method, if the MSB and LSB are 
ANDed together, the result should be zero. Consequently, any value differ- 
ent from zero indicates an error in the received message. This method is not 
as secure as the Reverse CRC method but it is faster. 

The final byte is the end mark byte that indicates the end of the message. 
This is represented by $04 that corresponds to the ASC II character end of 
transmission. 
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TABLE 6.2 
Response Codes 
Error-Flag = 0 Error-Flag = 1 
Bit Process Response Error-Response 
0 Command Anon-queued Transmission Slave received a message 
Complete command received and Error with its ID but found 
executed correctly error on data 
1 Accepted A queued response Command Message received 
command received Invalid correctly but command 
correctly. Response will code is not valid for 
be placed on the queue this slave 
2 Queue No message in the Error — Data field _ Data field length wrong. 
Empty queue length Command not executed 
3 Nothing to No information to Error - Parameter Invalid parameter. 
Resend resend available Command not executed 





Note: The following N bytes make up the data field, with N being the value specified in the previ- 
ous byte (data length byte). The content of this field depends on the message being sent. 


Using a two-wire, half-duplex circuit is not possible to execute flow con- 
trol. Therefore, all the units in the bus must be able to receive and buffer the 
maximum length of the message at the operating speed for the line. When a 
unit is unable to handle correctly the incoming data, it cannot send an error 
message until the original message has ended. At that point, it can transmit 
the appropriate error message. 

The data flow for the commands that do not require queuing from the 
slaves is always controlled by the master. The first steps for the master unit 
are to enable the transmitter, send the command message, and disable the 
transmitter. The slave unit, which is always monitoring the line, receives the 
incoming message and checks for the correct destination address. If the des- 
tination address is incorrect, it ignores the message and returns to monitor- 
ing the line. Because in this case the slave does not give any response to the 
master, the master will resend the command. 

If the destination address is correct, the slave unit checks for errors in 
the message. If it detects errors, it sends an error response to the master, 
disables its transmitter, and returns to monitoring the line. Upon reception 
of the error response, the master unit processes the error code and resends 
the original command. If no errors are detected, the slave unit processes the 
command, sends the appropriate response message, disables the transmitter, 
and returns to monitoring the line. Upon reception of the response message, 
the master processes it and proceeds to transmitting the next command. 

Broadcast messages transmitted by the master are not acknowledged in 
the normal way. After the master has sent the broadcast command, the slave 
checks for errors in the received message. If it detects errors, it ignores the 
message, sets the error flag, and returns to monitoring the line. If it does not 
detect errors, it sets the broadcast-received flag, processes the command, and 
places the response in its queue. The master accesses the special status bit in 
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the response-code field in the slave’s response to evaluate the correct recep- 
tion of the previous message. 


Example 6.1: 


Describe the operations taken by a master unit that wants to initiate an operation 
on all slaves simultaneously. 


Solution: 

The master unit sends a command with a destination ID of $FF. The master unit 
then waits the expected operation time and proceeds to poll each individual 
slave. The master is looking for the broadcast-received-flag that verifies the cor- 
rect reception of the command. The absence of this flag in a slave unit triggers the 
master to broadcast the command again. 


Queued messages use a slightly different format from the format used 
by broadcast or immediate commands. The Nth data field byte contains a 
sequence number, given by the master, that is used to have a reference when 
the queued messages are requested from the slave units. The slave unit indi- 
cates that a command requiring a queued response has been received and 
is being processed by sending a response message to the master with the 
accepted flag set. This response is not transmitted directly by the slave unit, 
but it is placed on its queue for the master unit to access it when ready. 

When interrogators are asked to queue a response, these responses are 
placed in a 30-position circular buffer. The buffer has two pointers: store- 
next-message and read-next-message. Because of the circular structure of the 
buffer, it is not necessary to delete responses as they are overwritten when 
the pointer is incremented. 





6.2 ASCII Protocol for TIRIS Interrogators: Texas Instruments 


Some of the interrogators from Texas Instruments accept commands using a 
simple ASCII protocol. This ASCII protocol can only be used with a RS232 
or RS422 communications line. Once the interrogator reinitializes, the first 
character to be transmitted is $02 (Start of Text, or STX), followed by $0D 
(Carriage Return) and $0A (Line Feed) through the serial interface. Any char- 
acters that may have been transmitted before the STX character are treated as 
random characters generated by the start-up process and therefore discarded. 

Using this protocol, the interrogator can operate on four different modes: 
execute, normal, line, and gate. In execute mode, the interrogator triggers 
a single command, while in the other modes the read function is continu- 
ously triggered. The interrogators are also able to distinguish between three 
types of transponders: read-only, read/write, and multipage. The serial 
communications protocol from the interrogator to the host computer is 
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introduced as a single character that describes the type of interrogator that 
originated the message: R (read-only), W (read/write), or M (multipage). 

After receiving data from a transponder, the interrogator performs a data 
check. The result of this data check is one of the following: identification 
received correctly, identification invalid, or no identification detected. After receiv- 
ing a correct identification, the interrogator proceeds to send the information 
through the bus. This is done by placing the identification string in a buffer 
that is accessed, read, and cleared by the host computer. The TIRIS protocol 
can distinguish between two groups of transponder identification: animal 
code numbers and industrial (nonanimal) code numbers. 





6.3 Series 2000 Micro-Reader System: Texas Instruments 


The Series 2000 RFID interrogators operate in the LF range. Table 6.3 describes 
the structure of an N-byte message sent from the host computer to the inter- 
rogator in these systems. 

The following set of bytes are the data field bytes. These bytes only exist if 
required by the command field. 








TABLE 6.3 

Series 2000 Host-to-Interrogator Message Format 
Byte Content 

0 Start Mark? 

1 Message length? 

2 Command Fields (1) 

3 Command Field (2) - not always present 
4 Data field (1) 

5 Data field (2) 

N+3 Data field (N) 

N+4 BCC 





Note: If the second command field is not used, the length of the mes- 
sage is N + 3 bytes. In addition, messages are limited to a total 
of 41 bytes. 

2 The first byte is the start mark that indicates the start of a message. 

> The second byte is the message length byte that indicates the length, 

in bytes, of the command and data fields that follow. 

¢ The third and fourth bytes (when the second command field byte 

exists) are the command field bytes. These bytes define the mode of 
operation for the interrogator and determine the operation that the 
interrogator must carry out on the transponder. Depending on the 
type of command, the information in the data fields may or may 
not be transmitted to the transponder. The meaning of the different 
bits for the command field (1) is described in Table 6.4. 
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TABLE 6.4 
Command Field (I) Bit Description 
Bit Description Value Operation 
Oand 1 Operation Mode 00 Perform single command 
01 Read in continuous Normal Mode 
10 Read in continuous Line Mode 
11 Send interrogator software version 
2 FBCC Calculation Oorl 1 = interrogator calculates FBCC 
3 Power burst I Oorl 1 = duration determined in data field 
4 Power burst pause Oorl 1 = duration determined in data field 
5 Power burst II Oorl 1 = duration determined in data field 
6 Data Oorl 1 = determined in data field 
7 Command Expansion Field Oorl 1 = Command Field (2) is used 
TABLE 6.5 
Command Field (2) Bit Description 
Bit Description Value Operation 
0 Special write timing Oorl 1 = Must be determined in data field. 
1 Wireless synchronization Oorl 1 = Wireless synchronization being used. 
2 Database consistency Oorl 1 = Interrogator calculates DBCC. 
check (DBCC) calculation 
3to7 Reserved Oorl Reserved. 





The following set of bytes are the data field bytes. These bytes only exist if 
required by the command field. 

The last byte in the message is the block check character (BCC) byte. This is a 
one-byte value that results from XORing each one of the bytes in the preced- 
ing message with the exception of the start mark byte. 

As shown in Table 6.4, the existence of command field (2) is set by bit 7 of 
command field (1). Table 6.5 shows the meaning of the bits in command field 
(2) when it is present in the message. 


Example 6.2: 


Calculate the BCC for a message containing the following hex bytes: 04 23 38. 


Solution: 
BCC is calculated by XORing the bytes of the message. Start by first XORing 04 
and 23: 

04 0000 0100 

23 0010 0011 

XOR 0010 0111 


The resulting value (0010 0111) is now XORed with 38: 
Previous XOR 0010 0111 
38 0011 1000 
XOR 0001 1111 

Therefore, the resulting BCC is $1F. 
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The following three examples illustrate the structure of messages between 
the host computer and the interrogator for a variety of different commands 


and applications. 


Example 6.3: 


The following is the structure of a message transmitted from the host computer to 
the interrogator in commanding the interrogator to read a read-only transponder: 








Byte Code Content Description 

0 $01 Start Mark Start Mark 

1 $02 Length Two bytes follow (excludes BCC) 

2 $08 Command Field (1) | Perform single command — Power burst 

3 $32 Data Field (1) Power burst for 50 ms to energize transponder 
4 $38 BCC BCC over previous bytes excluding Start Mark 





Example 6.4: 


The following is the structure of a message transmitted from the host computer to 
the interrogator in commanding the interrogator to write the following data in a 


read/write transponder. 








00 OA FE 32 66 00 00 01 
MSB LSB 

Byte Code Content Description 

0 $01 Start Mark Start Mark 

1 $11 Length 17 bytes follow (excludes BCC) 

Z $E8 Command Field (1) Perform single command, no FBCC 
calculations, send power burst to energize 
transponder for reading and writing. Data 
command on following field 

3 $06 Command Field (2) Use wireless synchronization 

4 $32 Data Field (1) Power burst to energize transponder for 
reading (50 ms) 

5 $0F Data Field (2) Power burst to energize transponder for 
writing (15 ms) 

6 $0C Data Field (3) 12 data bytes follow 

7 $BB Data Field (4) Write Keyword 

8 $EB Data Field (5) Write Password 

9 $01 Data Field (6) LSB of data to write 

10 $00 Data Field (7) Data to write 

11 $00 Data Field (8) Data to write 

12 $66 Data Field (9) Data to write 

13 $32 Data Field (10) Data to write 

14 $FE Data Field (11) Data to write 
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Byte Code Content Description 

15 $0A Data Field (12) Data to write 

16 $00 Data Field (13) MSB of data to write 

17 $00 Data Field (14) Write frame 

18 $03 Data Field (15) Write frame 

19 $9C BCC BCC over previous bytes excluding Start Mark 
Example 6.5: 


The following is the structure of a message transmitted from the host computer 
to the interrogator in commanding the interrogator to read page 2 of a multipage 








transponder. 

Byte Code Content Description 

0 $01 Start Mark Start Mark 

1 $04 Length Four bytes follow (excludes BCC) 

2 $48 Command Field (1) | Perform single command — Power burst with 
data 

3 $32 Data Field (1) Power burst for 50 ms to energize transponder 

4 $01 Data Field (2) One data field follows 

5 $08 Data Field (3) Write address specifying general read of page 2 

6 $77, = BCC BCC over previous bytes excluding Start Mark 





The structure of the messages sent from the interrogator to the host com- 
puter is described in Table 6.6. 
The bytes following BCC are the data field bytes. 





TABLE 6.6 

Series 2000 Interrogator-to-Host Message Format 
Byte Content 

0 Start Mark? 

1 Message length> 

2 Status® 

3 Data field (1) LSB byte 

4 Data field (2) 

N+2 Data field (N) MSB byte 
N+3 BCC 





a 


The first byte is the start mark that indicates the start of a 
message. 

The second byte is the message length byte that indicates the 
length, in bytes, of the command and data fields that follow. 
The third byte is the status byte. This provides feedback 
about the preceding read or programming operation 
according to Table 6.7. 
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TABLE 6.7 
Description of Bits in the Status Byte 
Bit Value Operation 
Oand 1 00 Read Only transponder 
01 Read/Write transponder 
10 Multipage transponder 
11 Other transponder 
2 Oorl 1 = Start byte was successfully detected 
3 Oorl 1 = DBCC was successfully performed 
4 Oorl 1 = DBCC was successfully performed 
5 Oorl 1 = Software version for interrogator follows 
6-7 Reserved 
TABLE 6.8 
Description of Data Field Bytes 
Number of Bytes 
Type of Response in Data Field Description 
Read Only 8 Identification data. LSB first 
Read/Write 8 Identification data. LSB first 
Multipage 9 Identification data. LSB first and Read Address 
Other 14 Complete transponder protocol without pre-bits 
assuming a successful start byte was detected 
No Read 0 No data fields, no start byte. Status is $03 
Software version 1 Software version. For example $12 means 


software version 1.2 





The last byte in the message is the BCC byte. This is a one-byte value that 
results from XORing each one of the bytes in the preceding message with the 
exception of the start mark byte. 

The length and meaning of the data field bytes are shown in Table 6.8. 


Example 6.6: 


The following is the structure of a message transmitted from the interrogator to the 
host computer after a successful read of a read-only transponder. 








Byte Code Content Description 
0 $01 Start Mark Start Mark 
$09 Length Nine bytes follow (excludes BCC) 
zZ $0C Status Valid RO, Start byte detected, DBCC is correct 
3 $6A Data Field (1) Identification data (LSB) 
4 $58 Data Field (2) Identification data 
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Byte Code Content Description 


3} $4C Data Field (3) Identification data 
6 $00 Data Field (4) Identification data 
7 $00 Data Field (5) Identification data 
8 
9 





$00 Data Field (6) Identification data 
$00 Data Field (7) Identification data 
10 $00 Data Field (8) Identification data (MSB) 
11 $7B BCC BCC over previous bytes excluding Start Mark 





Example 6.7: 


The following is the structure of a message transmitted from the interrogator to the 
host computer after an unsuccessful read attempt. 











Byte Code Content Description 

0 $01 Start Mark — Start Mark 

1 $01 Length One byte follows (excludes BCC) 

2 $03 Status Other, no Start byte detected, DBCC is not correct 

3 $02 BCC BCC over previous bytes excluding Start Mark 
Example 6.8: 


The following is the structure of a message transmitted from the interroga- 
tor to the host computer after successfully programming page 2 of a multipage 








transponder. 

Byte Code Content Description 

0 $01 Start Mark Start Mark 

1 $0A Length Ten bytes follow (excludes BCC) 

2 $1E Status Valid Multipaage, Start byte detected, DBCC is 
correct 

3 $47 Data Field (1) Identification data (LSB) 

4 $C6 Data Field (2) Identification data 

5 $2D Data Field (3) Identification data 

6 $00 Data Field (4) Identification data 

ti $00 Data Field (5) = Identification data 

8 $00 Data Field (6) Identification data 

9 $00 Data Field (7) Identification data 

10 $00 Data Field (8) Identification data (MSB) 

11 $09 Data Field (9) Read address specifying successful programming 
of page 2 

12 $7B BCC BCC over previous bytes excluding Start Mark 
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6.4 High-Frequency Interrogators: Texas Instruments 
6.4.1 TIRIS Protocol for Series 6000 Reader System Interrogators 


The Series 6000 Reader System interrogators are RFID interrogators operat- 
ing in the HF band, manufactured by Texas Instruments. These interrogators 
use a RS232 line to communicate with the host computer. The data packet 
from the host to the interrogator is known as the request, while the data from 
the interrogator to the host are known as the response. All communication 
sequences are initiated by the host that is the primary station. Using this 
protocol, the host waits for the response before continuing, thus assuring 
that the host does not have to handle large sequences of open requests. This 
is a binary, byte-count-oriented protocol in which the data length is passed 
as a parameter in the message. 

Table 6.9 shows the structure of the messages used by these interrogators 
for the request message (host to interrogator). 

The contents of byte 5 (command flags) are used to control the actions of 
the interrogator. The meanings of the different bits in this byte are shown in 
Table 6.10. 

The BCC, used to ensure the integrity of the message, is a 16-bit code cal- 
culated on all the bytes of the packet including the start mark. The BCC con- 
tains two parts: its least significant byte is a longitudinal redundancy check 
(LCR) calculated by performing a cumulative XOR operation on all the bytes 
of the packet. The most significant byte in the BCC is the one’s complement 
of the LCR. 

The structure of the message sent from the interrogator to the host 
(response) is shown in Table 6.11. Most of these bytes are similar to the bytes 
in the request message. 

The data field in response messages is limited to a maximum of 23 bytes. The 
contents of byte 5 (command flags) are used to report on the actions of the inter- 
rogator. The meanings of the different bits in this byte are shown in Table 6.12. 

The different error codes that the interrogator transmits to the host 
computer when bit 4 of the command flag byte is set to 1 are described in 
Table 6.13. 

The contents of byte 5 (command flags) are used to control the actions of 
the interrogator. The meanings of the different bits in this byte are the same 
as for the request message shown in Table 6.10. 


6.4.2 Host Protocol for Tag-it™ Series 6000 
Reader System Interrogators 


This protocol defines the communications between the Tag-it™ Series 6000 
Reader System Interrogators and the host computer. It handles the commu- 
nication between the host and the interrogator, and carries out the requests 
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TABLE 6.9 

Series 6000 Host-to-Interrogator Message Format 
Byte Content 

0 Start of Frame? 

1 Message length? - LSB 
2 Message length - MSB 
3 Node address‘ - LSB 

4 Node address - MSB 
5 Command flags? 

6 Commande 

7 Dataf 

8 Data 

a Data 

N+6 Data 

N+7 BCCs 

N+8 BCC 





a The first byte is the start mark that indicates the start of a 
message. This byte is equal to $01. 

6 The second and third bytes are the message length bytes that 

indicate the length of the whole packet, including the start 

mark. 

Bytes 3 and 4 constitute the node address. Its value is $0000. 

Byte 5 is the command flags byte. It controls the actions taken 

by the interrogator. The value of this byte is dependent on 

the command being transmitted. 

Byte 6 is the command byte. It specifies the actions that must 

be taken by the interrogator. The value of this byte is depen- 

dent on the command being transmitted. 

The following N bytes are the data bytes. These contain the 

parameters and the data for the command. 

The last two bytes are the BCC bytes used to ensure the 

integrity of the preceding message. BCC is performed on 

the previous bytes, including the start mark. 


e 


a 


° 


aq 








TABLE 6.10 

Bit Functionality in Command Flag Byte (Request) 

Bit Description 

0 Reserved for future use 

1 Reserved for future use 

2 Reserved for future use 

3 Reserved for future use 

4 1 = Command to be performed only on transponders with 


an address that matches the data section of the message 
Reserved for future use 
6 Reserved for future use 
7 Reserved for future use 
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TABLE 6.11 


Series 6000 Interrogator-to-Host Message Format 








Content 


Start of Frame 
Message length - LSB 
Message length - MSB 
Node address - LSB 
Node address - MSB 
Command flags 
Command 

Data 

Data 

Data 

Data 

BCC 

BCC 





Bit Functionality in Command Flag Byte (Response) 





Description 





Byte 
0 
1 
2. 
3 
4 
5 
6 
7 
8 
N+6 
N+7 
N+8 
TABLE 6.12 
Bit 
0 
1 
2 
3 
4 
5 
6 
7 


Reserved for future use 
Reserved for future use 
Reserved for future use 
Reserved for future use 
Error flag. 1 = command was unsuccessful. Data section 
of response packet contains the code of the error 
Reserved for future use 
Reserved for future use 
Reserved for future use 





TABLE 6.13 


Error Codes 





Code 


Description 





$01 
$02 
$03 
$04. 
$05 
$06 
$07 
$OF 


Transponder not found 

Command not supported 

Packet BCC invalid 

Packet flags invalid for command 
General write failure 

Write failure because of locked blocks 
Transponder does not support command. 
Undefined error 
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for commands as well as their responses. Additionally, the protocol man- 
ages some aspects of the functionality of the reader and enhances the func- 
tionality of basic transponders by requesting the execution of compounded 
commands. This protocol is intended for point-to-point, half-duplex commu- 
nications in which the host is the primary station. In some situations, how- 
ever, the host may receive responses without sending a request first. This is 
a binary, byte-count-oriented protocol in which the data length is passed as 
a parameter in the message. Similar to the TIRIS protocol, the message from 
the host to the interrogator is called a request, while the message from the 
interrogator to the host is called a response. 

The communication between host and interrogator is performed using a 
frame structure. The frame structure is essentially the same for requests and 
responses with the exception of the flag as they have different meanings. 
Requests use control flags, while responses use status flags. In this protocol, 
the length of the message data is limited to 4091 bytes. Table 6.14 describes 
the structure of the request and response frames. 

In pass-through-service mode, the interrogator passes the information that 
it has received from the host to the transponder immediately without doing 
any other action. When the interrogator receives a response from the tran- 
sponder, it also passes it directly to the host without further action. If the 
interrogator does not receive a response from the transponder in a specified 
period of time, it sends a message to the host with the error flag set and the 











TABLE 6.14 

Structure of Request and Response Frames 
Description 

Byte Request Frame Response Frame 

1 Start Code* Start Code 

2 Data Length? Data Length 

3 Data Length Data Length 

4 Service Code‘ Service Code 

5 Control Flag Status Flag 

6 Message Data Message Data 

— Message Data Message Data 

N-1 Message Data Message Data 

N+6 BCC BCC 

N+7 BCC BCC 





a The first byte contains the start code. This is the start frame 
delimiter using the value $D5. 

> The next block is the two data length bytes that specify the 
number of data bytes that follow that block. The minimum 
length is 4 bytes (the service code, control flag, and two BCC 
bytes), while the maximum length is limited to 4095 bytes. 

° The service code indicates the type of command that is being 
sent, as shown in Table 6.15. 
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TABLE 6.15 

Service Codes 

Code Description 

$01 Pass-through Service 
$02 Single Service 

$03 Compound Service 
$04 Ancillary Service 





appropriate error code. Using pass-through service, the host directly con- 
trols the transponder. 

In single-service mode, after receiving a request from the host, the inter- 
rogator analyzes and verifies it before formatting and sending a single com- 
mand to the transponder. Also, when the interrogator receives a response 
from the transponder, it analyzes it, verifies it, formats it, and sends a unique 
response to the host. 

The compound-service mode is used by the host to instruct the interrogator 
to perform specific actions on transponders using the transponder protocol. 
The difference between these actions and the actions from a single-service 
request is that in compound service, the interrogator performs complex 
operations involving multiple commands before returning a response to the 
host computer. After receiving a compound-service request, the interrogator 
also analyzes and verifies it before sending the appropriate commands to the 
transponder. The interrogator also analyzes and verifies all the responses 
received from the transponder before sending a single response to the host. 
This response, however, may consist of more than one frame depending on 
its size. Compound service increases the performance of the system because, 
for example, it takes less time to send a single command to read four blocks 
of memory and transmit the information to the host, rather than issuing four 
different reading commands while transmitting the intermediate informa- 
tion to the host after each one has been performed. 

Ancillary-service mode is used to instruct the interrogator to perform certain 
actions that do not involve communication with the transponder. Examples 
of such actions are interrogator reset, read interrogator version, and perform 
interrogator diagnostics. They are also used to upload new software versions 
in the interrogator or to set up new communication parameters. 

Table 6.16 lists the available service codes with the exception of the pass- 
through-service codes as they are defined by the transponder protocol. The 
different transponder protocols are described in Chapter 7 The different 
commands are described in further detail in the next sections of this chapter. 
Table 6.16 can also be used to understand the type of commands available for 
each service code. 

For control flags, four of the bits in byte 5 are used to specify instructions 
to the interrogator or they carry information about the message, as shown in 
Table 6.17. 
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TABLE 6.16 


Commands Available for Different Service Codes 





Service Code 








Command Command Code Single Compound Ancillary 
Tag Version $03 $02 

Read Block $12 $02 

Read Multiblock $02 $02 $03 

Read Block SID $FE $03 

Read Multiblock SID $FD $03 

Write Block $05 $02 

Write and Lock Block $07 $02 

Write Multiblock $06 $02 $03 

Lock Block $08 $02 

Lock Multiblock $09 $02 $03 

Repeat Last Request $01 $04 
Send Last Request $02 $04 
Stop Continuous $04 $04 
Start Synch $05 $04 
Reader Reset $10 $04 
Reader Version $11 $04 
Reader Diagnostic $12 $04 
Read Reader Setup $13 $04 
Start Flash Loader $16 $04 
Factory Lock Block $3D $02 

Write SID Code $3E $02 

Factory Programming Off $3F $02 





The next byte, byte 5, is the control flags byte. This byte has a different 
meaning depending on the direction of the message. For Request Frames 
(host-to-interrogator), byte 5 is called the control flag byte. For response frames 
(interrogator-to-host), byte 5 is called the status flag byte. 

For status flags, four of the bits in byte 5 are used to provide information 
about the result of the request, as shown in Table 6.18. 

Bit 0 (exception flag) indicates whether the request was successfully routed 
to the interrogator. When bit 0 is reset to 0, it indicates that no exception 
occurred and the request was completed satisfactorily. When bit 0 is set to 
1, it indicates that an exception occurred. In this case, the error code that 
describes the exception can be found in the first byte of the message. These 
errors are shown in Table 6.19. 

Bit 1 (more flag) informs the interrogator whether more data follow (bit 1 = 1). 
Bit 2 (emulation flag) informs the interrogator whether the transponder 
completed the request using a compound command to emulate a complex 
command (bit 2 = 1). Bit 3 (auto-repeat flag) informs the interrogator where 
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TABLE 6.17 

Bits for Control Flags 

Code Description 

0 (LSB) Reserved 

1s More Flag 

2 Emulation Flag 
3° Auto Repeat Flag 
44 BCC Flag 

5 to 7 Reserved 





2 When bit 1 (more flag) is set to 1, it indicates to the interrogator that 
it should expect more frames until the host sends a frame in which 
bit 1 is reset to 0. When bit 1 is reset to 0, it indicates to the interroga- 
tor that there are no more data associated with the request either in a 
single message or at the end of a series of messages. 

6 Bit 2 (emulation flag) indicates the interrogator if it is allowed to 
emulate a complex request by sending multiple single requests. This 
results in substituting a complex command with a compound com- 
mand. When bit 2 is set to 1, this means that if the command cannot 
be performed using the current transponder version, the interroga- 
tor will attempt to use a compound command. When bit 2 is reset to 
0, the substitution is not allowed. 

© Bit 3 (auto-repeat flag) specifies whether or not the interrogator 

should automatically repeat the execution of the request. When Bit 3 

is set to 1, auto-repeat is on. In this case, the interrogator will execute 

the request, send the response it has received from the transponder 
back to the interrogator, wait for a specified amount of time, and 
send the request again. This process is repeated until it receives 

another instruction with bit 3 reset to 0. 

Bit 4 is the BCC flag. It specifies the type of block code check used to 

ensure the integrity of the message. When bit 4 is reset to 0, the mes- 

sage uses CRC-CCIT, while when bit 4 is set to 1, the message uses 

LRC. Although LRC is simpler to implement and requires less pro- 

cessing time than CRC, it does not offer as much protection as CRC. 


a 








TABLE 6.18 

Bits for Status Flags 

Code Description 

0 (LSB) Exception Flag 

1 More Flag 

2 Emulation Flag 

3 Auto Repeat Flag 
4 BCC Flag 

5 to 7 Reserved 
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TABLE 6.19 
Error Messages Associated to Exception Flag 
Code Description 
$00 Reserved 
$01 Request data corrupted and not executed 
$02 Application not supported 
$03 Data format error and request aborted 
$04 Continuous mode not available for this request 
$05 Reserved 
$06 Reserved 
$07 Reserved 
$08 Reserved 
$09 Reserved 
$0A Reserved 
$0B Reserved 
$0C Reserved 
$0D Reserved 
$0E Reserved 
$OF Undefined error and request aborted 
TABLE 6.20 
Structure of Single Service Messages 
Length Description 
5 bytes Frame 
1 byte Command 
1 byte Format 
1 byte Synch 
< 4088 bytes Message Data 
2 bytes Frame 





the transponder performed the request once (bit 3 = 0) or continuously (bit 
3 = 1). Bit 4 (BCC flag) specifies the method used to generate the BCC byte: 
CRC (bit 4 = 0) or LRC (bit 4 = 1). 

The next byte or set of bytes are the message data bytes that carry the actual 
message. The actual format of the message depends on the type of com- 
mand that was specified in the service code byte. In pass-through-service 
messages, the interrogator is transparent to the request from the host to the 
transponder. The communication from the host to the transponder uses the 
transponder protocol. Because this is a bit-oriented protocol, it may be neces- 
sary to add the necessary bits to the message to ensure that the whole frame 
falls within a byte-oriented protocol. These are called pad bits. The structure 
for single-service messages is shown in Table 6.20. 
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TABLE 6.21 
Format Byte for a Request Message 
Bit Name Description 
0 (LSB) Reserved 
1 Code Extension 0 = No extension code 
1 = Code extension used 
2 Addressing 0 = Not addressed 
1 = Addressed. Address contained in first 4 bytes of data field 
3 Format 0 = Fixed format 
1 = Variable format 
4 Transmitter 0= Turn transmitter off after executing command 
control 1 = Leave transmitter on 
5 Reserved 
6 Reserved 


7(MSB) Reserved 











TABLE 6.22 

Format Byte for a Response Message 

Bit Name Description 
0 (LSB) Error 0 = No error 


1 = Error occurred. Status code is first byte of data field after 
any address information 


1 Code 0 = No extension code 
Extension 1 = Code extension used 

2 Addressing 0 = Not addressed 

1 = Addressed. Address contained in first 4 bytes of data field 
3 Format 0 = Fixed format 

1 = Variable format 
4 Reserved 
5 Reserved 
6 Reserved 
7 (MSB) Reserved 





The structure for single-service messages is shown in Table 6.20. 

The format byte contains information about the format and status of the 
message. The contents are different depending on whether the message is a 
request or a response. Table 6.21 shows the description of the format byte for 
a request message, while Table 6.22 shows the description of the format byte 
for a response message. 

Table 6.23 shows the meaning of the synchronization codes for both request 
and response messages. 

The structure for compound messages is shown in Table 6.24. 

Tables 6.25 and 6.26 show the structure of the format byte for request mes- 
sages and response messages, respectively. 
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TABLE 6.23 
Synch Byte for a Request or for a Response Message 
Bit Name Description 
0-2 Synchronization type 000 = No synchronization 
001 = Master Slave synchronization (Master) 
010 = Master Slave synchronization (Slave) 
011 = Cascaded synchronization 
3 Action on “No Transponder” 0 = All responses sent to host 
1= “No transponder” responses not sent to host 
4 Alternate Operation during 0 = All valid data responses sent to host 
continuous mode 1 = Identical responses sent to host only once 
) Reserved 
Reserved 
7 Reserved 
TABLE 6.24 
Structure of Compound Messages 
Length Description 
5 bytes Frame 
1 byte Command 
1 byte Format 
1 byte Synch 
< 4088 bytes Message Data 
2 bytes Frame 
TABLE 6.25 
Format Byte for a Request Compound Message 
Bit Name Description 
0 (LSB) Reserved 
1 Reserved 
2 Addressing 0 = Not addressed 
1 = Addressed. Address contained in first 4 bytes 
of data field 
3 Format 0 = Fixed format 
1 = Variable format 
4 Transmitter  0= Turn transmitter off after executing command 
control 1 = Leave transmitter on 
5 Reserved 
6 Reserved 


7 (MSB) Reserved 
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TABLE 6.26 

Format Byte for a Response Compound Message 
Bit Name Description 
0 (LSB) Error 0 = No error 


1 = Error occurred. Status code is first byte 
of data field after any address information 











1 Reserved 
2 Addressing 0 = Not addressed 
1 = Addressed. Address contained in first 
4 bytes of data field 
3 Format 0 = Fixed format 
1 = Variable format 
4 Reserved 
5 Reserved 
6 Reserved 
7 (MSB) Reserved 
TABLE 6.27 
Structure of Ancillary Messages 
Length Description 
5 bytes Frame 
1 byte Command 
< 4090 bytes Message Data 
2 bytes Frame 





Note: Because this type of command does not involve com- 
munication with the transponder, it does not require 
the format or sync bytes present in the other types of 
messages. The last two bytes contain the BCC code of 
either CRC or LRC. This is performed over all the pre- 
ceding data with the exception of the start-of-frame 
byte. 


The description of the synchronization bit is the same as for single mes- 
sages that was shown in Table 6.23. The structure of ancillary messages is 
shown in Table 6.27. 

The method of flow control demands for each request to receive a response. 
The flags in the response message indicate the presence of an error or other 
exceptions. After a certain time without receiving a response, the request can 
time out. The control is done by the host that acts as the primary station. Data 
lengths are variable for each message, although the maximum data length in 
a single message is 4091 bytes. 
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This chapter describes the communication methods used to transfer infor- 
mation from the interrogator to the transponder and from the transponder 
to the interrogator. The communication from interrogator to transponder 
is usually known as the forward communications link. This consists mostly 
of commands sent from the host computer to the transponder via the 
interrogator. It also contains the data to be written for those transponders 
whose memories can be rewritten. The communication from transponder 
to interrogator is known as the return link or the backscattered communi- 
cation. This consists mostly of the transmission of the data stored in the 
transponder’s memory. 

While there are several standards that specify the critical elements of the 
communications protocol, the implementation of these standards especially 
varies not only among different manufacturers but also among different 
products from the same manufacturers. Therefore, this chapter does not pre- 
tend to be a comprehensive collection of all the air communication methods 
employed by RFID systems. Instead, this chapter explores the most common 
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approaches to the communication between these elements of the RFID sys- 
tem using specific systems as general examples. This should give the read- 
ers the basic information while preparing them to search for more specific 
details if they so require. 

This chapter starts by describing the different air communication proto- 
cols followed by the study of the elements that make up the forward and 
the return communications link. It continues by talking about the different 
modes of operation available to transponders. The last section in this chapter 
describes the different arbitration methods and the anticollision procedures 
that allow effective communication when there is more than a single tran- 
sponder in the radiofrequency field. 





7.1 Communication Protocols 


7.1.1 Communication Protocols for Systems 
Operating in the LF and HF Ranges 


The T5557 is a transponder with a 300-bit memory manufactured by Atmel® 
that operates in the low-frequency range and is similar to other transpon- 
ders from different families of manufacturers. The communication between 
transponder and interrogators starts with the chip in the transponder being 
initialized after it has reached its threshold voltage. Afterward, the chip 
will be ready or will experience an additional delay of 67 ms depending on 
the status of one of its configuration bits. In read mode, the data from the 
memory are transmitted serially by modulating the load across the antenna 
terminals, starting with bit 1 from block 1. This process continues until 
the last bit from the specified number of blocks has been transmitted. The 
number of blocks to be read is defined by one of the bits in the transmitted 
command. 

The transmission from the transponder to the interrogator uses amplitude- 
shift keying (ASK) modulation by switching a load connected to the antenna 
terminals on and off. Figure 7.1 shows the waveform across the load for dif- 
ferent types of coding. 

The transponder has the ability to insert a special pattern in order to syn- 
chronize the interrogator before transmitting the first block. This pattern 
consists of four bit periods in which the modulation is turned off and on, as 
shown in Figure 7.2. 

In order to write data to the transponders, the interrogator uses on-off key- 
ing. It interrupts on and off the electromagnetic field generated as shown in 
Figure 7.3. The time between the gaps is used to encode the data to be trans- 
mitted: 24 periods of the RF field for a 0 and 54 periods of the RF field for a 1. 
The process finishes after the transponder has detected that there is no gap 
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FIGURE 7.1 
Waveforms across load for different types of coding. 





FIGURE 7.2 
Synchronization patterns for Manchester and frequency-shift keying (FSK) modulations. 


Read Mode Write Mode 


<+>+_ st 


10 to 50 * 
clock cycles 8 to 30 clock cycles 


‘1’: 48 to 63 clock cycles 
‘0’: 16 to 31 clock cycles 


FIGURE 7.3 
Gap sequences used in data transmission. 
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for more than 64 periods. The initial gap triggers the communication from 
the interrogator to the transponder. This initial gap can be accepted at any 
time after the system has been initialized. 

After the initial gap, the transponder expects to receive a valid command 
sequence. A standard write command needs the operation code, the lock 
bit, the 32 bits that make up the data, and the 3-bit address. Writing to a 
protected transponder requires the additional 32-bit password that is placed 
between the operation code and the data address bits. The password bits are 
compared bit by bit with the contents of the password stored in memory. If 
the bits do not match, the transponder returns to read mode. The complete 
writing process is shown in Figure 74. 

After all the information has been correctly received, the transponder can 
be programmed. There is, however, a delay of one clock period between the 
end of the writing sequence and the start of the programming. The typi- 
cal programming time is 5.6 ms, including the reading for data verification. 
Figure 75 displays the voltage measured across the antenna after program- 
ming a memory block. 

For the Tag-it™ family of transponders manufactured by Texas Instruments, 
the communication between interrogator and transponder is done by ampli- 
tude modulation of the carrier. This allows the interrogator to generate 
enough energy to power the chips on board the transponders while simul- 
taneously sending data. The encoding for the logic symbols 1 and 0 is done 


Read | Write | Read 
—— 
1 ' 
l 11 
' 1 | ‘4 Block {| Block | | pyoorammin 1 
ger a data address ; . . 
Opcode 
gap 
FIGURE 7.4 
Writing sequence. 
\ Programming andData , Read Programmed , ‘ 
Write | Verification | Memory Block | POR } Read 
eth 
\ 
1 
FIGURE 7.5 


Voltage across antenna terminals after programming a block. 


© 2011 by Taylor and Francis Group, LLC 


The Air Communication Link 181 


by pulse width modulation: 1 is encoded as a power burst lasting 150 ps, 
while 0 is encoded by power bursts lasting 100 ps. Data are framed between 
a start-of-frame (SOF) signal and end-of-frame (EOF) signal. SOF consists of 
a 50 ps burst followed by a standard duration pulse, terminating with a 150 
ps pulse. The EOF signal consists of a 50 ys burst followed by a standard 
duration pulse, terminating with a 100 us pulse. 

The communication between the transponder and the interrogator uses the 
modulation of the antenna as it tunes and detunes the signal to generate the 
backscattered information. The signals being transmitted are encoded using 
a Manchester code, taking advantage of the clock frequency being embed- 
ded in the transmitted signal. With the load modulation, a Manchester high 
level is represented by a frequency of 423.75 kHz, while a Manchester low 
level is represented by a frequency of 484.29 kHz. 


7.1.2 Communication Protocols for Systems Operating in the UHF Range 


Transponders operating in the UHF range manufactured by Atmel® are 
based on the interrogator talks first (ITF) approach to establish communica- 
tion with the interrogator. The communication always starts with a forward 
message, that is, a message from the interrogator to the transponder. After 
receiving this initial message, the transponder responds by backscattering a 
message to the interrogator. This is known as the return link. This backscatter 
communication is done using a binary phase-shift keying (2PSK) modula- 
tion based on changing the imaginary part of the input impedance in the 
transponder as a function of the message between sent. 

The communication is based on a system of frames, as shown in Figure 7.6. 
The first frame is the header frame that is used to adjust the timing. The 
second frame is the data frame that is used to transport the data. The length 
of this frame depends on the command sent and the addressing mechanism 
being used. The last frame is the end-of-transmission (EOT) frame that marks 
the end of the transmission. Once the transmission has finished, the interro- 
gator enters into listening mode after having received another header frame. 

While the interrogator is transmitting data, the transponder remains in 
listening mode. During the transmission of the interrogator header frame, 
it is possible for the transponder to operate in full duplex. It transmits data 
back to the interrogator in a loop until the EOF frame is sent. 
































Interrogator - 4 i ; 
Transponder | Header Data EOT | Header Listen 
Transponder - ; Full 
Interrogator Listen Duplex Data EOT | 
FIGURE 7.6 


Frame communications during default transmissions. 
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The communication between transponder and interrogator must be reli- 
able even in the noisy environments in which these systems normally oper- 
ate. To improve the reliability of the communication link, the interrogator 
transmits periodic clock ticks to the transponders, ensuring reliability 
because it helps to block other radiofrequency sources. In addition, the 
link between transponder and interrogator operates synchronously, and 
because the interrogator controls the speed and modulation ticks, the result- 
ing transmission has a higher signal-to-noise ratio than an asynchronous 
communication. 

The general structure of the frames is different between the forward or 
return link as well as the type of commands that it carries. All the frames 
start with a header frame. The data frame in the forward link depends on 
the type of command carried, as shown in Figure 7.7, which shows frames 
for different types of commands. Data frames contain the command and its 
cyclic redundancy check (CRC), data-setting parameters, address informa- 
tion, and data for programming. For example, short commands consist of 
6 bits and its 2-bit CRC, while long commands consist at least of the com- 
mand fame, the CRC, and the parameter field. In the transmission of a long 
command, these frames are followed by a CRC frame of 16 bits. The trans- 
mission ends with an end-of-transmission frame that is made of two EOF 
symbols. 

Figure 78 shows the general structure for the return link frames. The 
communication link starts with a header frame that is used to obtain ref 
erence symbols, adjust modulation, and set the timing for the EOF char- 
acters. This is followed by a data frame, a CRC frame 16 bits long, and an 


Header | Command | CRC _ | 48 bits: Parameter, address, and programming data 
Header | Command | CRC 40 bits: Parameter and programming data 
Header] Command| CRC | Parameter 


FIGURE 7.7 
Examples of data frames in a forward link. 
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FIGURE 7.8 
General structure for return link frames. 
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end-of-transmission frame. The data frame can have a length of 8 or 16 bits 
depending on the type of data carried. The silent frame shown in Figure 7.8 
is only used during programming. During the silent frame period, the inter- 
rogator only transmits a continuous wave. The length of this period depends 
on the strength of the electromagnetic field. 

The general structure of the communications flow for these transponders 
is shown in Figure 79. The transponder is continuously waiting for a notch 
indicating the presence of the external field. After it has been received, it will 
check for a valid header frame that indicates the beginning of a transmis- 
sion. After the header frame has been received correctly, the transponder 
performs several additional verifications while transmitting the different 
parts of the message, including checking for the anticollision requests. The 
process ends after receiving the EOF data. 
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FIGURE 7.9 
General structure of communications flow. 
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7.2 The Communications Link 
7.2.1 Elements of the Communications Link 


Because the transponder is powered by the electromagnetic field generated by 
the interrogator, it must measure the strength of this field continuously. If the 
strength of the field decreases in such a way that causes the voltage after the 
rectifier to be lower than a certain threshold, the circuits in the transponder 
activate an internal reset. For voltages higher than this threshold, the oscillator 
and the rest of the circuits in the transponder circuit are enabled. Figure 7.10 
shows the time events between the different signals involved after the tran- 
sponder is turned on for some transponders manufactured by Atmel®. 

The duration of the power on reset (POR) period depends on how fast the 
signal ramps up. This in turn depends on the strength of the electromag- 
netic field. After the POR has executed, there is an additional waiting period 
called the band gap that is needed for stabilization of the rest of the internal 
circuits before the signal to enable the oscillator switches its state. Finally, 
there is a delay of 64 clock cycles (approximately 160 ps) before the oscillator 
in the transponder achieves operational status. 
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FIGURE 7.10 
Chronogram of signals during power up. 
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When the electromagnetic field decreases, the voltage after the internal recti- 
fier also decreases. Once it reaches a certain threshold level, the oscillator stops. 
This results in lowering the current required by the circuit that in turn results in 
the voltage supply decreasing with a lower slope as shown in Figure 711. Finally, 
if the voltage decreases below another threshold, the circuit executes a reset. 
The difference between the two voltage levels allows for taking into account 
variations in the strength of the field without having to execute a reset. 

The communication between transponder and interrogator normally hap- 
pens in a noisy environment. Therefore, the designers of the system must 
ensure bit error rates as low as possible. This is achieved by using a com- 
bination of several techniques including generating notches in the system 
clock, making the return link synchronous to notch signals generated by the 
interrogator, using different coding techniques, and using CRC to protect 
the integrity of the data. CRCs for commands are 2 bits long, while CRCs for 
data are 16 bits long. Figure 7.12 shows the concept of notch timing, which 
results from generating notches at periodic intervals in the signal generated. 
For a typical value of signal level between 450 mV and 600 mV, T;, lasts 4 us 
and Toten Lasts 2 ps. 

Other techniques include using pulse interval encoding to define the symbols 
1 and 0, whose timing and timing differences are controlled by the interroga- 
tor as an additional element to increase the robustness of the link. The fact 
that the return link is synchronous to the interrogator allows it to close the 
communication as soon as it detects a transmission error. 

The communication from the interrogator to the transponder is known 
as the forward link, while the communication from the transponder back to 
the interrogator is known as the return link. The forward link carries the dif- 
ferent type of commands to the transponder, while the return link carries 
the data from the transponder to the interrogator. These data will only be 
available for those commands that require the return of data. Because the 
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FIGURE 7.11 
Chronogram of signals during power down. 
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FIGURE 7.12 
Notch timing chronogram. 


handover mechanism from the forward to the return link happens synchro- 
nously, there is no need to wait for a cycle between them. Once the forward 
link sends its last frame that consists of an end-of-transmission message, the 
transponder is ready to transmit its return link header. 

Texas Instruments RFID systems operating at low frequency use a fre- 
quency of 134.2 kHz to encode a low bit and a frequency of 123.2 kHz to 
encode a high bit. Because each bit uses 16 radiofrequency cycles to trans- 
mit, the duration of a low bit is different from the duration of a high bit. 
The low bit needs 119.9 ps to transmit, while a high bit needs 129.2 ps. 
The interrogator sends information to the transponder to transfer com- 
mands, addresses, or data. The writing process is always initiated by turn- 
ing the radiofrequency transmitter on for a period of time of up to 50 ms. 
Afterward, the interrogator starts sending the bits that make up the com- 
mand and associated data. Write bits last 2 ms. The differentiation between 
high and low bits is based on the duty cycle for each one of these bits. As 
shown in Figure 7.13, a high bit has a duty cycle approximately equal to 
50%, while the low bit has a duty cycle approximately equal to 20%. The 
program phase consists of a continuous radiofrequency field for the dura- 
tion of this period. 


7.2.2 Forward Link 


The forward header in most Atmel® transponders has four symbols, as shown 
in Figure 7.14. This header is accepted by the transponder if the length of the 
symbols check1 and EOF is larger than the length of the symbol 0". 

Figure 715 shows that the information being transmitted is encoded in 
the timing between pulses. After the frame has been accepted and the 
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FIGURE 7.13 
Write and program signals. 
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FIGURE 7.14 
The four symbols in the forward header. 
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FIGURE 7.15 
Pulse timing used to encode information. 
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interrogator transmits data, the transponder measures the time between two 
pulses or notch signals. This is used by the transponder to decide whether 
the received symbol is a 0 or a 1 by comparing its length with the length of 
the symbols 0° and EOF’, as shown in Figure 7.15. 

This figure shows that a symbol will be interpreted as a 0 if its timing 
is shorter than the time that was sent in the Header for the symbol 0°. A 
symbol will be interpreted as a 1 if the time used by that symbol is longer 
than for the symbol 0° but shorter than the time used in the header for the 
symbol EOF’. Finally, EOF will be interpreted for a symbol that lasts longer 
than the EOF’ symbol. This approach increases the reliability of the link 
as the transponder does not have to measure absolute but relative time 
intervals. 

The communication from the interrogator to the transponder for the 
Series 2000 Texas Instruments RFID systems is based on transmitting bursts 
of energy of specific duration at specific intervals. For example, the com- 
mands used to read read-only or read/write transponders consist of an ini- 
tial power burst lasting 50 ms followed by a period of 20 ms in which the 
radiofrequency field is turned off. In fact, all these transponders use the 50 
ms power burst as the initial identifier for an upcoming command in addi- 
tion to providing the energy to power the transponder. The following are 
some examples of formats for the different commands supported by these 
transponders. Figure 7.16 shows the protocol to transmit the command used 
to program a rewritable transponder. 

The command starts with the 50 ms power burst followed by the specific 
command keyword and the password if necessary. These are followed by 
the 80 data bits used by this family of transponders and the 16 bits that 
make up the write frame. The last information being sent is the PBI, after 
which the transponder will read the new data stored in its memory to be 
verified by the interrogator. Figures 717 and 718 show the communication 
protocols for the commands lock page (of multipage transponders) and selec- 
tive read page (of multipage transponders), respectively. 
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FIGURE 7.16 


Protocol used to transmit a command to program a rewritable transponder. 
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FIGURE 7.17 
Protocol for the lock page command. 
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FIGURE 7.18 
Protocol for the selective read page command. 


7.2.3 Return Link 


The return link in the majority of Atmel® transponders uses synchronous 
communication and angular modulation (binary PSK) in order to increase 
the signal-to-noise ratio and reduce the bit error rates because the return 
signals have extremely low power values. The synchronicity occurs as the 
transponder transmits its signal between two notches from the signal gener- 
ated by the interrogator. 

The return link starts with the return link header that is used to provide 
the timing information for the signal similar to the forward link header. 
Figure 7.19 shows the structure of the return link header for different types 
of coding styles used for the communication. In any case, the return link 
header always contains four symbols. The function and structure of each one 
of these symbols are shown in Table 7.1. 

The return link header waits for a notch in the radiofrequency field gener- 
ated by the interrogator before starting the generation of the reference tim- 
ing. The data in the return link can be encoded using any of these coding 
techniques: bit stream (raw data), notch-locked non-return-to-zero-inverted 
(NRZI) encoding, soft-locked NRZI, FMO, and 3phasel. The EOT frame con- 
tains two EOF symbols. 
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FIGURE 7.19 
Structure of the return link header for different coding styles. 
TABLE 7.1 
Function of the Symbols in the Return Link Header 
Symbol Function Additional Comments 
1 Main timing and power Used by interrogator to affect transmission 
management rate of return link 
ond Timing Reference Used for anticollision control 
grt Same timing as symbol 4 When using NIRZ, modulation is on 
4in Timing reference for EOF detection 





Figure 7.20 shows the transmission protocol used by the transponder to 
send information back to the interrogator as its response to a Read Data 
command for Texas Instruments transponders using their TIRIS protocol. 
All parts of this message are transmitted, with the least significant bit (LSB) 
being the first bit transmitted. 
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Transponder data sent back to the interrogator. 
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FIGURE 7.21 


Return link for a multipage transponder. 


After transmitting the pre-bits and eight bits that specify the start sequence, 
the transponder sends the 80 bits stored in its memory. The 64 first bits are 
the data bits, while the following 16 bits are the block check code (BCC) used 
to ensure the integrity of the data. These are followed by the stop and end 
bits. In order to be ready for a new activation, the transponder finishes the 
process by discharging its internal capacitor at the end of the transmission. 
The same protocol is used for rewritable transponders. Figure 7.21 shows the 
return link when accessing a multipage transponder. 

In this case, following the BCC data, the transponder transmits the 
read address. This consists of a 2-bit status field that provides informa- 
tion about the function that that transponder has executed and a 6-bit 
page field that provides information about the page that was affected by 
the execution. The data format ends with reading the frame block check 
character (FBCC). 





7.3 Transponder Operating Modes 
7.3.1 Transponders Operating in the LF and HF Bands 


After the transponders are initialized, they can enter into two differ- 
ent states, interrogator talks first (ITF) or public mode or electronic surveil- 
lance, depending on the status of their operating mode flags. In ITF mode, 
the data stream received through modulation from the interrogator 
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undergoes different verifications. If they all result in a valid status, the 
transponder is synchronized with the data stream. At that point, the tran- 
sponder is ready for communication. This communication always starts 
with a forward message, which is a message from the interrogator to the 
transponder. This communication method is used in multitransponder 
applications due to its anticollision capabilities. In this mode of operation, 
the transponder can be in any of the following states: power down, ready, 
selected, or quiet. 

When the transponder is not able to harvest enough energy from the sur- 
rounding electromagnetic field to energize its internal chip, it enters power 
down state. The transponder can also enter the ready state after having 
received a reset command. The transponder enters the selected mode after 
having received an explicit command with its own serial number from the 
interrogator. It is possible to set several transponders into the ready state 
by sending a specific command containing a matching partial identification 
number. It is necessary to set a transponder into the selected mode before 
being able to access it. The quit state is entered after a selected state after the 
interrogator selects another transponder or receives a specific command to 
enter this state. 

Public mode communications start with the SOF pattern, which is followed 
by continuously streaming the data from the user memory. As shown in 
Figure 7.22, the first bit being sent is bit 31 from data block 0. When the tran- 
sponder reaches its final data block, it starts transmitting data block 0 again. 
This process terminates when the electromagnetic field that energizes the 
transponder is turned off or when the transponder receives the appropriate 
command from the interrogator. 

Electronic surveillance mode is a particular operating mode in which the 
transponders are attached to specific retail articles. By programming all bits 
in block 0 of the user memory to 0, the transponder is set to an unpaid state. 
After the article has been purchased, the cash register sets the bits of block 
0 to 1, thus entering the paid state. Additional security can be achieved by 
protecting the bits of block 0 with a write password. If a transponder in the 
unpaid state enters the electromagnetic field generated by the interrogator 
located at the doors of the store, it will modulate the field. Consequently, the 
presence of a transponder marked in the unpaid state will be detected by the 





_ POR | Repeat 
i delay >i Start of frame — Data oa data 
FIGURE 7.22 


Initial sequence for the public mode. 
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FIGURE 7.23 


Signals from the transponder in electronic surveillance mode: (a) article unpaid, and (b) article 
paid. 


—_——__ 


interrogator, triggering the appropriate alarms. Conversely, a transponder 
marked as being in the paid state will not alter the electromagnetic field and 
will be transparent to the interrogator. Figure 7.23 shows the signals for these 


two cases. 
Figure 7.24 shows the relationships between the different states for the 


transponders depending on their operational mode. 


7.3.2 Transponders Operating in the UHF Bands 


The possible states for the transponders manufactured by Atmel® operating 
in the UHF band are RF Field OFF, RF Field ON, Start, Mute, Observe, Ready, 
Active, and Isolated. These states and the paths between them are shown in 
Figure 7.25 and discussed here. 


¢ The initial state is the RF Field Off state. Here, the transponder is 
not able to operate because there is no external radiofrequency 
field for which it can draw power. The transponder is able to store 
some configuration information for about 8 seconds after the field 
has ceased. After this time, the contents of these registers become 
undefined. 

¢ When the transponder enters a region with an existing radiofre- 
quency field whose magnitude allows the transponder to power 
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FIGURE 7.24 
Different transponder states. 











FIGURE 7.25 
Operational states for UHF transponders. 
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its internal circuitry, this generates a power on reset. This is the RF 
Field On state. After the POR has occurred, the internal oscillator in 
the transponder is switched on. It is important to note that for this 
process to occur, the frequency of the external radiofrequency field 
must match the resonant frequency of the transponder’s antenna 
and associated circuitry. Once this process has finished, the tran- 
sponder moves into the Start state. 


¢ Inthe Start state, the transponder refreshes the contents of the status 
registers and reads their configuration from its memory, enabling 
or disabling its trigger function. After this process, the transponder 
is able to detect the modulation ticks that signify information being 
sent from the interrogator. From this state, the transponder can move 
to the Mute state or to the Observe state. 


¢ Inthe Mute state, the transponder cannot respond to operations such 
as programming, arbitration, or backscattering data. The transpon- 
der leaves the Mute state after some of its internal configuration reg- 
isters have been modified. 


¢ The Observe state allows the transponder to become synchronous 
with the interrogator for performing operations such as program- 
ming. To become synchronous the transponder checks that the 
forward header received from the interrogator is valid, that the com- 
mand received is within the list of known commands, and that its 
CRC is also valid. If all these checks are passed successfully, the 
transponder moves to the Ready state. 


¢ During the Ready state, the transponder receives the parameters 
associated with the type of commands sent by the interrogator. If 
any of the parameters are false, the transponder enters the Mute 
state. Otherwise, the transponder enters the Active state. 


¢ In the Active state, the transponder is able to execute the command 
sent by the interrogator after receiving and checking the rest of the 
forward frame. If there are any errors in the information sent after 
the header frame, the transponder moves into an Isolated state or 
Mute state depending on the type of errors received. If the informa- 
tion sent in the forward frame is correct, the transponder executes 
the command. Once the transponder has finished the execution it 
moves back into the Ready state. Figure 7.26 shows with more detail 
the processes that occur during the Active state. 


¢ The first step in this process is to verify the length of the received 
stream. If this is correct, the transponder checks for the validity of 
the position of the end-of-transmission frame. Depending on the 
result of this check, the transponder knows if the anticollision pro- 
cedure has been activated in order to select that specific transpon- 
der. If this is the case, the transponder will enter the appropriate 


© 2011 by Taylor and Francis Group, LLC 


196 RFID Design Fundamentals and Applications 






Check 
EOT 





Receive 
data 








Program 








Arbitration 
Status2 





Return 
CRC 





Read 
operations 





FIGURE 7.26 
Processes during the active state of transponders. 


anticollision and arbitration procedures. The transponder can also 
enter into receiving wakeup commands or other types of commands 
sent by the interrogator. 


e In the Isolated state, the transponder is isolated and waits for either a 
POR or reset command to leave this state. 





es 
7.4 Arbitration for Transponders 
7.4.1 Principles of Arbitration 


When there is more than one transponder immersed in the electromagnetic 
field generated by an interrogator, it is necessary to develop and establish a 
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procedure to select a single transponder or a specific group of transponders 
for carrying out specific functions. Alternatively, it can also be necessary 
to isolate a specific transponder or a group of transponders so they do not 
disturb communications. In some applications it may also be interesting to 
know whether there are transponders in the field or not. All these functions 
require the use of arbitration procedures. The two main types of arbitration 
procedures are deterministic arbitration procedures and time-slot based proce- 
dures, also known as aloha procedures. 

Deterministic procedures are based on a tree-walking function in which the 
interrogator acting as the control node uses the individual IDs of transpon- 
ders to select one or a group of them. The interrogator starts by polling all 
the transponders in the field. If there is more than one, their responses will 
collide and the interrogator will not receive the message. Therefore, in the 
next step, the interrogator polls only a specific subgroup of transponders 
based on their IDs. If the responses also collide, the interrogator reduces the 
population by polling only a specific subgroup from the previous subgroup. 
This process is repeated until the interrogator receives a response from a 
single transponder. 

Aloha procedures are controlled by slot commands. After the transpon- 
ders are turned on, they calculate random values for as long as they are pow- 
ered. Once the transponder has received a slot command, it creates a random 
number from its generator, which points to a slot number in the chip. After 
receiving a start command, the transponders transmit their information to 
the reader during the first slop. If the random number matches the first slot 
number, it calculates a new one during this slot. When the random num- 
ber matches the slot number controlled by the interrogator, that transponder 
becomes active. This allows the transponder to communicate with the inter- 
rogator. If the numbers do not match, the transponder enters a mute state and 
therefore does not respond to any commands. When the transponder receives 
anew slot command, it calculates if it is supposed to be active or mute. 


7.4.2 Principles of Anticollision 


The aim of anticollision procedures is to detect and identify the transpon- 
ders that are present within the range of the electromagnetic field gener- 
ated by the interrogator. While the implementation of specific anticollision 
procedures may vary between manufacturer and models, the principles of 
anticollision are common to all of them. For transponders manufactured by 
Atmel®, the communication with a single transponder or a group of tran- 
sponders is controlled by the interrogator. The arbitration is initiated by the 
interrogator issuing a command for the transponders to transmit their iden- 
tification numbers. The command can be tailored to the transponders that 
the interrogator expects to be in its area of influence. If the interrogator does 
not know anything about the transponders that are expected to be, the com- 
mand is general and the detection encompasses all transponders. Otherwise, 
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the command can use parameters such as a partial transponder identifica- 
tion number that will cause only transponders with partially matching IDs 
to respond to the command. 

After the interrogator receives responses from the transponders, it scans their 
ID number from the most significant to the least significant bits. Each time slot 
corresponds to a specific bit position in the ID number. Because all transpon- 
ders respond simultaneously with their modulated signal, their responses will 
be superimposed on one another. Therefore, because of the modulation being 
used, a damped signal overwrites a nondamped signal. With this, a logical 1 
prevails over a logical 0. Consequently, the transponders with these ID num- 
bers are removed from the process. When the interrogator detects a logical 1, 
it responds by broadcasting a gap in the radiofrequency field. The detection of 
a logical 0 does not originate any response from the interrogator. The gap in 
the field that is created as a response to the logical 0 is monitored by the tran- 
sponders in the field and deduces, by comparing their ID number to the gap 
that was just broadcasted, if that specific transponder should continue in the 
current anticollision loop or eliminate itself from it. The transponders that are 
eliminated are muted and return to the ready state, in which they will remain 
until the interrogator initiates a new anticollision loop. 

The transponders that have not been eliminated remain in the current loop 
as long as the final bit of the identification number has not been reached yet, 
and the process repeats itself. By the time the last bit has been interrogated, 
there will be a single transponder active as all the other transponders will 
have been eliminated through the previous steps. At this point, the interroga- 
tor is able to identify the associated ID for that specific transponder, and the 
transponder enters into the Selected state. Now, the transponder can estab- 
lish direct communication with the interrogator and can be read or written. 
The transponder remains in the Selected state until the interrogator starts a 
new anticollision loop. 

The MCRF450 family of transponders manufactured by Microchip 
Technology also supports anticollision. Their algorithm is based on time 
division multiplexing the transponder responses in which each transponder 
is only allowed to communicate with the interrogator during its time slot. 
This algorithm contains four control loops: Detection, Processing, Sleeping, 
and Reactivation. 

The control of these loops is done by five commands as well as the tran- 
sponder internal flag bits. The commands that control the anticollision loops 
are as follows: 


e Fast read request (FRR). With an internal flag set, the transponder will 
respond only to an FRR command. An FFR command consists of 
five timed gap pulses, as shown in Figure 7.27, in which the period of 
the gap contains specific information. There are a total of nine pos- 
sible pulse positions allowed in this protocol. 


© 2011 by Taylor and Francis Group, LLC 


The Air Communication Link 199 


t (us) 
> 
200 400 600 1000 1600 








FIGURE 7.27 
Structure of a fast read request (FRR). 


¢ Fast read bypass (FRB). This command is used in the reactivation loop. 
Upon reception of this command, the transponder responds with a 
block of data. The structure of this command is similar to the FRR 
command, with the difference being in the period of the gaps. 


¢ Matching code 1 (MC1). This command is used with the transponder 
and does not require any further processing. The command con- 
sists of time calibration pulses and pulse position modulation (PPM) 
signals. Upon the reception of this command, a transponder in the 
detection loops enters the sleeping loop. 


¢ Matching code 2 (MC2). When a transponder in the detection loop 
receives this command, it enters the processing loop. The structure 
of this command is similar to that of MC1. 


e End process (EP). This command causes a transponder in the process- 
ing loop to exit it and enter the sleeping loop. 


Transponders can enter the detection loop by waiting for an FFR command 
or by transmitting a fast read (FR) response without waiting for a command. 
The first operation mode is called interrogator talks first (ITF), while the second 
operation mode is called tag talks first (TTF). The read and write operations 
are carried out during the processing loop. Only transponders with a special 
flag set in this loop respond to write or read operations. The sleeping loop is 
used to keep all processed devices in a silent condition in which they do not 
respond to external commands. The reactivation loop is used as an interme- 
diate step by the interrogator to set transponders into different loops depend- 
ing on the command that is transmitted to transponders in this loop. 


7.4.3 Deterministic Anticollision Procedures 


Deterministic anticollision procedures are based on the transponder backscat- 
tering the information to the interrogator only if the result of a compare condition 
is true. The compare condition is set up by the interrogator while broadcasting 
a specific command. Deterministic anticollision procedures are also called tree- 
based procedures. The interrogator sends a series of queries, each one with a 
prefix that is part of the transponder’s ID code. Only those transponders with 
matching IDs respond to the interrogator’s query. If there is more than one tran- 
sponder with matching partial IDs, these transponders respond at the same time 
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Frequently Asked Questions 





1. How to you make your schematics? 


| hand draw my schematics using the Paint Program that ships with all Microsoft Windows(tm) operating systems. 


| strive to make schematics as clear and as small in file size as possible. The Windows Clipboard is used extensively to copy and paste the 
desired components from previous schematics to new schematics — very few new components are ever drawn; rather they are recycled from 
schematic to schematic. My system allows me to paste color 3-D labels and small photographic bitmaps into schematics. 


The raw 24-bit bitmap drawings are compressed to 16-bit png files. Prior to May 17, 2010, bitmaps were compressed as 8-bit gif files. An 
example drafted circuit using the Windows 7 Paint program follows. 


| Home | View 


ow 

ral v 
I: @ Saan SOO wy 
L f—K\ A a L. TT | 

a yg »# . Brushes Shapes . | i | ham | i a 


Edit 
colors 


TDA7052 Power Measurement 


ft 





1 402 « 3i2px Size: 368,1KB 


At least 25 people have sent or recommended software for making schematics. Thank you for this kind gesture, but | prefer my current method 
and after 15 years — make schematics quickly. 


2. How come you don't supply parts lists? Other people do. 


The answer is simple; lack of time. It takes considerable time and effort to put up a new web page and also to maintain a large web site. | save 
time by leaving the parts list up to the builder. In addition, this site is about experimentation and using what parts you have on hand. 


3. Why didn't you answer my email? 


| answer all legitimate emails as soon as possible. Our POP3 server gets an average of 2016 spam emails per month (December 2013 data), 
however, our software removes 99.27% of these and | never see them. Occasionally, legitimate emails are filtered in error and | apologize. I've 
received as many as 83 legitimate emails in a single day so can get behind. Please keep emailing — when readers stop emailing, I'll know the 
site has fallen totally obsolete [it may already be obsolete] and delete it. 


Our mail server software logs and analyzes the network information of all spammers and may automatically filter and/or block their addresses or 
even their entire ISPs at the router level. Analysis indicates that 90% of our SPAM comes from just 3 countries and if you happen to live in one 
of these countries, the filtering will be especially sensitive. 


This sounds dogmatic and unfriendly, however, until you've set up a domain and must handle ++ spam emails, endure and then develop router 
control software and other strategies to handle DDoS attacks and so forth, your completely naive about the ‘dark side’ of running a homebrew 
web server. Massive amounts of bandwidth might be otherwise wasted by allowing unwanted server use unless we actively counter these 
activities to keep the site running well for legitimate hobbyists. Not to mention all the wasted time. Further: 


The 3 host web servers, the power, the server software, the security apps, the internet bandwidth etc.are owned or purchased by my family, and 
as you know, nothing is free. Despite many offers by companies to place ads on my pages, I've kept the site advertisment free and running 
pops.net costs us a few thousand dollars each year. We ask you to please respect our site for the sake of the experimenters who visit. 





Pops.net server rack in our warehouse. 


While | appreciate that some people might want to email invite me onto their social networks, | do not have time to participate. All email traffic 
from or involving social networks see this page for a list is deleted automatically by our POP3 server control software. 


| never buy or sell parts via email, nor exchange hyperlinks. Never. | do give free parts to those in need though. 


All email with the .info domain is blocked. 


The number of people selling kits has jumped up by ~4 dB in the past 5 years. Increasingly, builders who need help with kits were emailing me 
for support. | rarely build kits and my knowledge regarding kit building is nearly 0. Please contact your kit seller for help. 


You may wish to enquire with the kit seller about their online support polices and promptness prior to purchase. Additionally you might try the 
“support” email address provided and see if and how promptly they reply. Most of the popular kit sellers (AADE, Kits and Parts, etc.) provide 
excellent support to their customers. Like anything else online; buyer beware. 


4. How come you didn't link to my web site - I linked to yours? 


A big thanks to the folks who link to this web site! The QRP/SWL HomeBuilder site focus is content, not web links. Making a lot of links means 
spending time testing for and tracking down dead links - the so called "link rot". Time spent on the web site is time away from the electronics work 
bench. In addition, it is not logistically possible to reciprocate in kind, as hundreds of web sites and blogs have linked this site. 


5. | see the word "popcorn" used a lot on this site- what's this all about? 


Popcorn connotes the essential theme of the web site; simple, frugal, without fuss and over use of technical jargon, or complex math and 
engineering techniques. The QRP/SWL HomeBuilder web site is referred to as the popcorn site by many. The site targets hobbyists. The 
emphasis is fun. The hope is that it will attract new people to electronic design, measurement and experimentation. Hopefully, this site stimulates 
interest in QRP homebrew electronics. 


Soon after | began building electronic circuits, my teachers and the popular electronic-related media of the day pushed me towards etched, 
printed circuit boards. | complied and this killed my passion for electronics. For me, habitually stuffing circuit boards lacks creativity and freedom. 


Later, | discovered people were building guitar and bass amps using point to point wiring techniques with terminal strips and partial circuit 
boards. | became interested in building and repairing guitar amps and this passion continues today. In 1992, the discovery of 2 QST articles 
changed everything for me (complete reference provided): The Ugly Weekender: parts 1 and 2 by Roger Hayward, KA7EXM and Wes Hayward, 
W7ZOI; published in QST for August 1981 and June 1992. This was my first exposure to Ugly Construction and it was immediately adopted as 
the defacto standard bread boarding method in my electronics work shop. In fairness, etched circuit boards are a great tool, but not essential for 
the experimenter. 

After working with Ugly Construction over time, considerable progress was made in understanding RF circuits and one output was the launch of 
this web site in 1998. 


Currently, little has changed, | continue to prefer scratch-homebrew rather than kit-homebrew electronics. My interest in Short Wave radio and 
analog electronics has grown considerably. For me, electronic circuits hold a certain mystique which arouses my curiosity to learn, enjoy and 
share. As a lay person, this web site has facilitated meeting some awesome people through email from all continents and it has been a privilege 
to learn from them, my mentors, book and web authors and often enough; from my mistakes. 





5. What do you mean by a 5K1 or 3K3 resistor value? 


For E24 or 5% tolerance resistors 5K1 = 5.1K, 3K3 = 3.3K and so on. For E96 or 1% resistors 31.6K is written as 31.6K. All resistors are 1/4 
watt unless otherwise specified. 


6. How do you measure audio amp output power? 


Please see Figure 4 on this web page. Any amp when cranked, outputs much greater power than when it is providing a clean sine wave. The 
quoted power for any audio power amp on this web site is the maximum average power it will give before the pure sine wave becomes distorted. 


7. [noticed a new web page appears and then it is edited for 1-2 weeks. When is the web page completed? 


When a new web page is added, it takes a week or so to find and change some of the grammar and spelling errors. Sometimes new ideas or 
feedback will cause me to further edit a web page at any point in time. This whole web site is a work in progress. The last date any given web 
page was edited is posted on the bottom of the web page. 


8. Do you buy or sell stuff? 


No and no. | receive numerous emails from people asking me to sell them stuff. | do not sell anything - no parts, books, coffee cups, ball caps, 
tee-shirts, ad space — nothing. | do not buy parts in commercial-quantity volumes and have no need to make contracts for obtaining any 
electronic components. Every week, Asian companies email to ask about buying their parts — please note, my answer is always the same: no 
thank you. 


9. Questions and concerns about printing and printability 
Each year, a few readers email to complain how poorly the web pages print. This is true and | apologize. 
Some people prefer pdf files for easy printing. | have resisted going to pdf format for 3 main reasons: 


1. The web site audience is international and many are using web translators. PDF files are 8-bit graphic image files and do not translate. 
2. More and more readers are using mobile computer devices and pdf files are a pain for them. 
3. We should all print less often to save resources 


As an experimenter, | dislike crammed, small-size schematics and feel they should be drawn for maximum clarity. Therefore, my schematics 
tend to have a lot of white space and color contrast. | try to make them no wider than 700 pixels, although sometimes it's impossible to do this. 
Big schematics are not printer friendly. The only practical solution is to click on and open them in a separate browser window for easier sizing 
and printing. 


| also feature big photos which burn up a lot of printer paper. Project photos are important to me; they provide a more intimate glimpse into the 
bench work and promote the real purpose of the site — building stuff. 


A potential printing solution for Microsoft Explorer 8 users; Click 
10. | have noticed in your CMOS logic photographs, you don't always ground unused input gates. Isn't this bad? 


Proper CMOS logic practice mandates the grounding of all unused input gates. In prototypes and experiments, | don't always do this as | 
generally want to re-use the IC in other experiments. This is a cost saving measure. When you build a lot of stuff, it can get expensive and 
recycling parts makes sense. In keeper circuits or critical prototypes, unused input gates are directly soldered to the copper clad board. This also 
anchors the IC very well. 


11. What is the proper URL of the home page? 
http://www.qrp.pops.net 
The following pre-2006 URL was decommissioned August 6, 2010: http:/Awww.qrp.pops.net/default.htm 


12. What are the QRPHB Design Centers and Professor Ivanenko character about? 





This web site is about design and not just providing circuits to copy; I'm hopeful that the QRPHB Design Center concept initiated in 2011 will 
invigorate the site. Design Centers are the presentation of simple, but useful algorithms for amateur builders to advance their skills on the bench. 


Professor Vasily Ilvanenko (), a fictitious retired Russian physics professor wants to share his knowledge and give back to society. He signifies 
each Design Center. Professor lvanenko was drawn for me by Rod Adams in 1996 using the Paint program that ships with Windows (the same 
app | make my schematics with). Rod did all of the other original bitmap art for this website including the coil guy and junk box pictures. This 
character was inspired by one of my favorite photographers: Irving Penn — this photograph, which is all over the web. 


A new character; Dr. Natasha Petrovna appeared in late Summer 2012. 


The professors are just a good bit of fun — add intrigue, characters on whom to focus and a means of identifying Design Centers. Electronics 
with just math and physics bores us all. Adding splash, color, clear photographs and characters such as the coil guy or the Professors boosts the 
site's appeal and provides a creative outlet for me. 


13. Why did you kill your blog? 


Time mostly. My blog wasted yours and my time. | carefully analyzed my personal yield from blogs in 2012 to 2013 — for the most part, blogs 
just entertain + share trivia, or rehash someone elses idea(s), or ‘innocently’ attract you in hope to sell stuff — and sometimes, just fulfill the 
author's need for attention. | don't seek, nor have time for entertainment or spectacle within my RF hobby and | certainly don't wish to waste your 
time. Each to his own, | suppose. 


My analysis showed that unfortunately, blogs rarely boosted my understanding of electronic design or measurement practices. My ardent focus is 
to learn + improve and then pay some of this knowledge forward on a web site. Of course, everything in context — many exceptional people 
blog. For example, Dave AA7EE, or Jason, NT7S. 


Most of the RF design and measurement people | follow keep old fashion web sites and provide generous email support. Design and 
measurement web sites, plus reputable and/or peer-reviewed industry and hobbist books, journals and multimedia work best for me. 


Further, great elmers don't just publicly hang-out on blogs, or web server groups, or publish Utube videos — some just check their emails and 
when asked — give wonderful support without fanfare. Hats off to these humble folks. Thank you! 


14. What oscilloscope should | buy? 


Yikes — a tough question | get nearly every month. Please do your research. My best answer is buy the best 'scope you can afford. Are you a 
casual experimenter, or sit in your lab a lot? | prefer DSO's , however, made due with a old boat- anchor CRT for my first 10 years. The Rigol 
1052/1152 seem popular entry-level choices due to their cost versus performance ratio. On the other hand, view this video to see how much 
Rigol DSO technology has changed. 


| owned and sold my 1052 to a builder in Michigan — a worthy choice like many other ‘scopes. IMHO, the FFT and math functions on the 1052 
and 1152 suffer due to low memory depth and clock jitter. 


Even if you only work at HF, a bandwidth 5X higher than your main frequencies of interest works better for showing harmonics. Again, | advise 
people to simply buy the best 'scope they can afford since it will form the heart of your test bench. 


15. I'm a beginner — what toroids should | buy? 


Opinions will vary, but here's what | recommend. Buy any quantity you wish, but sometimes minimum quantities apply and shipping to some 
countries costs dearly, so | tend to order enough parts to last me for awhile. 


A basic HF toroid starter kit might look like: 
Quantity Part# Type 


10-25 FT37-43 ferrite 
10-25 T50-6 powdered iron 


Above that, perhaps add these toroids 


10-25 T68-6 powdered iron 
10-25 137-2 powdered iron 
10-25 T50-2 powdered iron 
10-25 FT50-61 ferrite 


That's about it -- These will build most things RF on a HF beginner bench 
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Oct 5, 2014 --- The end of QRPHB? Expect the Qrp site to go down each day for 1-4 hours. As | wrote before, we're losing an average of 10% 
of the outgoing packets and this peaks as high as 40% when many people are accessing the site. See an example graph below. 


pfsense.bedrock - GW_WAN :: Quality - 1 day - 5 minutes average 
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On Oct 2, 1 of our ISP's techs came and tested our WAN -- "it's better than most" he said. Hopefully they can do something to boost the 
performance on their side. Wave bought out all the local competition and we're stuck with them [this is happening everywhere]. Click for 1 of the 
many links writing about the emerging internet cable company monopoly. 


You'd think that in 2014 we could properly host a web site like we've done since 1998? To boot, Stuart is paying for a high bandwidth business 
account and getting less than 1% of the promised bandwidth. We chatted today and will wait patiently for Wave to improve our outflow - but only 
for so long. 


If Wave can't or won't boost performance, | am leaning towards taking this web site down as opposed to moving it -- it's been a good run. QRPHB 
creates a lot of work and | could get way more done without the web site hassles. So, 2014 might be it for me. If so, thanks for coming here all 
these years and best of luck with your experiments! 


--- Sep. 19 --- Wave Broadband, our Internet provider suffered major problems recently and | shut the site down for 4 days rather than have it 
limp along pathetically. Well the Wave saga continues: the site loads slowly and pictures are missing etc. 


Our email server remains working even when the main site is down. You can always email me if the site is not working for you -- or if you have a 
comment or question. 


Vistor volume rose this Summer so we added a better router that provides bit by bit data performance collection and new features to help 
throughput. At minimum user bandwidth, a unique visitor hits the site every ~0.7 minutes. I'll start formal bench experiments on October 3 --- to 
kick off the sites' 16th season. 
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August 31, 2014 — Kit to upgrade my HP frequency counter to 3 GHz added as Section 5 on Caitlyn 310 — UHF Beginnings. 


August 18, 2014 — QRP-POS Data on the Sundry Web Page. Look at the end of Section 8: Popcorn AF Amps For Receivers — Reprise. This 
new, all-discrete AF stage will go into the Funster Line receiver and ranks as 1 of my best in terms of power and headroom. 


August 12, 2014 — Funster Line: a QRP 40M band CW trans-receiver added to HF Embarcadero web page as Menu item 4. Click here for 
Funster. Only the transmitter is presented for now. 


June 18, 2014 — | tweaked the page now called About... on the top level menu. Also, on this web page, | added a new essay for 2014 just 
under the essay for 2010. I'm off the bench until Fall, but hope to add a little content on rainy days or such. I'm about 2 years behind in 
presenting some of my experiments. 


May 22 and 26, 2014 — New Supplemental Web Page for VHF-FM launched. This page and another supplement will house some new 
receivers over time. The new supplement is linked on the original VHF-FM web page in section number 4. 


May 5, 2014 — Section 7: NE612 Mixer Diddy added to VHF Veronica 
April 14, 2014 — Completion of Return Loss Bridge Experiments [ added Bridge #4 ] on Caitlyn 310. 
April 7, 2014 — Return loss and VCO experiments added to Caitlyn 310. 


March 7, 2014 — Section 3 added to VHE-FM. A DC Converter for VCOs. March 25 QRP-POSDATA for March 2014 Poor Hams Scalar 
Network Analyzer (PHSNA) added to Section 1 of Sundry. 


February 14, 2014 — Caitlyn 310 — New repository web page for my venture into UHF. Click. Surprisingly, the site averages ~ 3000 unique 
visitors every 24 hours. Click for the Feb 25 tally 


January 15, 2014 — The FAQ was often missed and therefore moved to the top level menu + editted/augmented. 
January 4, 2014 — A follow-on version of the K3NHI QEX power meter added to RE Workbench 5 as section 6. 


December 15, 2013 — | added Section 3 to HE Embarcadero. VXO and VCXO Notes. | significantly updated the VFO-2011 web page on Dec 
17, 2013. 


November 7, 2013 — Section 6 added to VHF — Véronique. 1 photo added to the end of the Ugly Construction page. Severe Fall weather 


conditions took down the server for ~1 hour today. 


November 1, 2013 — | added Section 2 to HE Embarcadero. A vestigal set of notes regarding my attempts to update the Popcorn Superhet 
receiver. 


October 31, 2013 — Section 5 added to VHF — Véronique. 
October 27, 2013 — VHF-FM re-formatted and Section 2 added. | imagine this page will disinterest many. 


October 18, 2013 — 3 rarely accessed web pages removed from drop down menu, but not deleted from the server. New QRP-Posdata added 
to HE-Ragbag (near the end). Section 3 edited and Section 4 added to VHF — Véronique. 


October 11, 2013 — Build Season 15 begins [I bench experiment Oct to May]. | added HE Embarcadero to hold all my HF and perhaps AF 
experiments this season. I'll also add content to VHF FM, VHF — Véronique and RF Workbench 6 over the next 12 months. Thanks. 


September 9, 2013 — Blog deleted. 


August 8, 2013 — Section 2 of RE Workbench 6 added. Measuring PA collector V and | to calculate efficiency. On August 16 — | added a new 
essay on the Ugly Construction page called Is Ugly Construction Less Reproducible than Manhattan? 


June 25, 2013 — | started RF Workbench 6. It will take 1 year to complete 
April 14, 2013 — | added Section 3: 50 OQ MMIC Bench Amplifer to the VHF 2013 Veronica web page. 
March 31, 2013 — | started a new content page called Pin Outs 


March 25, 2013 — Section 9: an essay about the 1981 Progressive Receiver, plus the final section — 10: Miscellaneous Pictures and Figures 
added to Sundry 2012-13 


March 18, 2013 — Section 8. Popcorn AF Amplifier for Receivers — Reprise added to Sundry 2012-13 

March 10, 2013 — | added a new VHF content page for 2013: VHF-2013 - Veronica 

February 16, 2012 — | added Section 7 -- A Journey Above HF -- to the Sundry Experiments 2012-13 web page. 
February 14, 2012 — | added Section 6 -- Non-Mechanical lambic Paddle -- to the Sundry 2012-13 web page. 
February 1, 2013 — A seperate QRP—POSDATA added to_RF Workbench 4. Now QRP— POSDATA 1, 2 and 3. 
December 15, 2012 — | added Section 4 to Sundry Experiments 2012 - 2013 . A PLL circuit from EMRFD. 


January 5, 2013 — | added Section 5 to Sundry Experiments 2012 - 2013 . A simple AF feedback amp. An essay concerning L-C meters was 
also added on RFE Workbench 5. Section 5. 


December 22, 2012 — | deleted the web page Tuning VFOs with a PN Junction since some of the experiments were poor quality and 
performed back in 1998 when | was more ignorant than now. I've learned much since then and my new VCOs from the past 1-2 years reflect this 
knowledge. The Selected QRP Reading list and Cascode 7 Receiver web pages were also wiped. 


December 15, 2012 — | added Section 4 to Sundry Experiments 2012 - 2013 . A PLL circuit from EMRFD. 
December 3, 2012 — | added Section 3 to Sundry Experiments 2012 - 2013 . Interview with Jason from Etherkit 
November 13, 2012 — QRP — Posdata added to the VHF to the Max web page. Section 5: Z-Comm VCO. 


November 1, 2012 — Sundry Experiments 2012 - 2013 web page added. 
QRP — PosData added to Section 2 of Power Meter Calibrators on RF Workbench 5 and updated again on Nov 22, 2012. 


October 16, 2012 — VHF FM web page added. Already, it has spawned a first supplemental web page 
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Sept 24, 2012 — QRP — Posdata added to the end of the HE Ragbag web page. | added a bypass and decouple network for HF to lower VHF. 
August 17, 2012 — QRP — Posdata #2 added to bottom of the Receiver Band-pass Filters web page. 


August 6, 2012 — Section 5: Some Experiments with RF Bypass Capacitors added to the HE Ragbag web page. Also a new QRP — 
Posdata added to the bottom of the Crystal Parameter Checker web page. 


August 1, 2012 — QRP — Posdata added to the Receiver Band-pass Filters web page. 


July 12, 2012 — | added a corrected schematic on the Wee Willy page: Wayne. MOWAY — 14 MHz PA under August 25, 2011. Also, added a 
new essay on Microphonics in DC Receivers. See Section 4 on the HF Ragbag Page 


June 23, 2012 — RF Workbench 5 added. Click here. 


May 31, 2012 — Galina discovered that | neglected to publish the proper version of the Hobby and Fun 2011 page and corrected my error. A 
fine-tuneable Wien Bridge Oscillator idea from Ken Kuhn now appears at the page bottom. 


April 21, 2012 — | heavily edited RF Workbench 1 and 2. 


April 13, 2012 — Web site purge. | removed RF Filters, VFO 1998, QRP Workshop Ideas, Miscellaneous Schematics and Photos, Base-biased 
VFO, Funster Transceiver, Miscellaneous Circuits and Ideas 2005 and Crystal Oscillator Offsets. Reason: substandard. 


April 6, 2012 — 50 MHz Receiver Pre-amp and Filter added to VHF to the Max web page .Section 4. 

March 26, 2012 — HF Ragbag web page added to top-level menu. Non-VHF experiment repository for 2012. 

March 19, 2012 — VHE to the Max web page added to top-level menu. 50 MHz VCO experiments added to this page in Section 3. 
March 14, 2012 — EMRED review edited. 


February 29, 2012 — Minor edits to the Audio Transistor Input Impedance Experiments web page. Also, | updated the calculation of the common 
emiiter amplifier base input resistance using the better formula: Rin = (B+1)*(re + RE’) [while ignoring REB]. This is my favorite web page on the 
site. 


February 26, 2012 — QRP— Posdata added to the bottom of the 2nd NDB web page 


February 17, 2012 — | introduced a new miscellaneous VHF page: VHE to the Max — I'll slowly add stuff over 2012. Major editing done to the 
Broadband Transformer web page. 


February 4, 2012 — RF Workbench 1 and 2 significantly edited. 2 new photos added. 


January 28, 2012 — QRP — Posdata added to Crystal Parameter Checker web page and to QRP Modules 2011 under 7 MHz VCO 
Experiments on this web page. | re-wrote the temperature compensation section of the VFO-2011 web page and added 3 photographs. 


January 3, 2012 — Web site change: | update web essays with an “epilogue section”. In 2012 and on, they will be called QRP — Posdata 
(Spanish for post-script or epilogue). Posdata #2 added to the RF Workbench 4 web page. 


December 17, 2011 — The Butler Did It ! - First VHF Experiments 2011 web page added. A 50 MHz frequency doubler added Dec 26, 2011. 


Nov 12, 2011 — Our server went down for 16 hours. Both AC power and cable Internet to the warehouse failed after a rain storm and wind gusts 
knocked down some trees that severed the hydro and cable wires. Expect more weather-related down time as Winter approaches. 


Oct 15, 2011 — VFO-2011 added. 


Oct 2, 2011 — RF Workbench Page 4 added. On Oct 17, 2011 | added an epilogue. 





Sept 20, 2011 — Double Stacked Toroid VFO 2008 web page pulled off. It was substandard and some of the material will re-emerge on a VFO 
2011 page this Winter. 


Sept 19, 2011 — | updated the SWL essay since it was 6 years old and much has changed with respect to Internet radio. Over time | have 
received ++ emails expressing different views. | am more a SWL than a Ham and offer just 1 opinion and live by a “each to his own" mantra. 
Context is everything - this is a radio electronic experimenters site that recognizes SWL'ers are important members of the radio community. 
Click. Wee Willy web page updated again! 


Sept 12, 2011 — Design Center concerning popcorn receiver band-pass filters added. Click. 

Aug 26, 2011 — Minor update at the end of Wee Willy DSB transceiver. New Junk Box Blog format. Change is good. 
July 30, 2011 — New web page ORP Modules listed on the main menu. Currently under construction. 

March 31, 2011 — 2 photos added to the Ugly Construction web page 

March 19, 2011 — New content; Hobby and Fun 2011 . I'll slowly add more stuff over the year. 

Feb 12, 2011 — New content. Miscellaneous RF Experiments 2011 

Dec 29, 2010 — New content. RF Workbench Page 3 

Dec 12, 2010 — Final additions to the the 2010 Hobbyist Page added — these concern matching FETs, BJTS and diodes. 
Nov 10, 2010 — Some editing and 2 photos added to RF Workbench page 2. 


Oct 9, 2010 — This October marks the 12th season of experiments for the site. | have 4 partially completed web pages on the go — pure 
craziness. | decided to finish them 1 at a time and then add them sequentially. Today, a new web page was added and is 1 of 2 supplements to 
a future main QRP audio page: Audio Transistor Input Impedance Experiments. The first new "permanent" content since March 2010. 


Oct 7, 2010 —The Junk box page lay out was simplified: Accommodating the various modern Web devices plus screen resolutions proved 
difficult with the old html code. Although less impressive, the new format updates quickly and looks the same on every computer. 


Aug 15, 2010 — The cable supplying the Internet connection failed. The site went down for 25 hours. Expect more shut downs over the next 
couple of days as we resolve any remaining problems. 


August 6, 2010 — | decommissioned the historic home page URL http:/Awww.grp.pops.net/default.htm. This page was a html hard-coded 
parallel version of the the correct home page URL hittp:/Awww.grp.pops.net. It was just too much work to continue to update the old (pre-2006) 
home page in addition to the proper home page. 


June 28, 2010 — Web subtitle change : Amateur Radio Electronic Design to shorten the name and reflect the site's main purpose. 


Effective May 17, 2010 — Schematics now use the 16-bit png format. | have abandoned the 8-bit gif format 
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May and June 2010: The pops.net net control crew rest up for the next big wind storm. The servers lost power for many hours on May 4 and 
June 12 due to bad weather. Severe storms arising from the Pacific Ocean threaten our AC power lines each Spring. 





March 2010 


Wide Range L-C Oscillator added to Hobbyist 2010 page. Link March 7 
JavaScript Applet K added to the QRP Tools page March 11 
RF Workbench Page 2 added. Link March 15 


February 2010 


JavaScript Applet J added to the QRP Tools page Feb 6 
Editing of the Low Noise Crystal Oscillator web page Feb 22 
RF Workbench Page 1 added. Link Feb 18 


January 2010 


Experiment #6 added to the Hobbyist page Jan 2 

New content Low Noise Crystal Oscillator Jan 10 

2 photos added to the bottom of the Ugly Construction web page. Jan 12 

1 photo added to the Broadband Transformers page Jan 12 

New content Hobbyist Page 2010 Jan 13 

New content: Supplement to JavaScript Applet G which is located on the QRP Tools page Jan 11 

Additions to the Low Noise Crystal Osc page: the DSO versus CRO essay, plus 5 MHz crystal oscillator added Jan 31 
JavaScript Applets H and | added to the ORP Tools web page Jan 31 


December 2009 


It has been brought to my attention that the email replies | am sending are not compatible with some of the latest email software such as 
Thunderbird etc. The reason was that | was using a homebrew email program written over 10 years ago. It is now obsolete. A new email platform 
is now in place along with a completely new email address. Consult the email web page for more information. Dec 30 

Experiment #5 added to the Hobbyist page FAQ updated and edited. Dec 30 

Experiment #4 added to the Hobbyist page Dec 26 

Experiment #3 added to the Hobbyist page Dec 23 

What does the output of a diode ring mixer look like in your oscilloscope? This has become a FAQ. The question is answered in a contribution 
by Wes, W7ZOI. Big thanks to Wes for this content. Dec 22 

| am very pleased to present the Mike, KL7R Memorial Receiver Experiments. Click here Dec 19 

New bulleted list format added to this page to improve readability Dec 19 

A minor addition was added to the bottom of the Ugly Construction web page. Flux pen photo and text. Dec 19 

Minor updates to the VFO 2008 "Stacked Toroids" web page under Epilogue - December 19, 2009 

Update to JavaScript applet Item E: Calculate Cut off Frequency for an RC Low Pass Filter. Now has a capacitor range from 0.1 nF to 
1500 nF. ORP tools page. Dec 19 

Editing plus a photo added to the broadband transformer page. This page was improved to support an upcoming project. Dec 17 

Drafting errors on this schematic corrected (fuse position+ negative rail LED polarity). From this web page. Thanks to Paul, KOEET and Tom 
for the good eyes and their emails. Dec 16 

VFO Experiments 2009 updated again; 3 images added. Supplemental web page added and updated Dec 13 

New JavaScript applet added to ORP Tools page; Item F: dBm calculator. Dec 12 


Nov 22-27, 2009 


1 Hertz Precision Time Base added to the Hobbyist Page. 


VEO Experiments 2009 added 
The top level menu item "Java Tools" was renamed QRP Tools. This menu provides a link to my Webmaster's page and some basic 


JavaScript applets. Some new material will appear on the Junk Box page during this time. 


Nov 20, 2009 


Finally; Fall-Winter experiments begin. A small update on the VFO 2008 web page under A 3.5 MHz VEO for Diode Ring Mixers was added. 

The RF Preamp page was updated with some content that was first presented on the Junk Box web page. | have received a lot of email about 
these amps and decided to permanently add them to the site. 

The W7ZOlI file linked on this page is now in pdf format. 


Nov 1, 2009 


The Ugly Construction web page was augmented and re-written. 2 new photos were added. This term actually came from Wes and Roger 
Hayward. 
A new Electronic Hobbyist page was added to the drop down 2009 menu. 


Oct 25, 2009 


Some small updates to the Junk Box page were made. | don't ever think | have been so excited about upcoming Fall and Winter experiments as 
there are a number of cool, new ideas in my notebook. Extra work and travelling have kept me off the bench, but this will cease in mid 
November. After that, it's back to the work bench. The Fall-Winter experiments will include some HAM, SWL, general electronics and tube guitar 
amp experiments. Thanks for your feedback and ideas! 


Oct 19, 2009 


RSS feed. Click on the orange RSS icon above to establish a feed. | will only show 1 item; the latest addition of major new content to the site. 
Additions to the Junk Box page will occasionally be counted as "new content" and will be included on the feed. 


Can anyone guess what brand of beer is in the tool box ? Yes.... its 
Oct 12, 2009 


Fall weather has come to Western North America! Thanks to Cor, PA3COR for debugging the JavaScript code on this page. Apps number D 
and E now work in Firefox. Rediscover the fun and learning of scratch homebrew electronics! 
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About My Web Site 





Welcome Friends! 


Introduction 


Welcome to the QRP and SWL Homebuilder 
web site. | write about my experiments with 
relatively simple and primitive electronic 
circuits. 


Avoiding excessive algebra and obscure parts, 
| emphasize and show fundamental bench 
practices. 


Through real experiments | examine topics to 
challenge and intrigue amateur designers — 
providing examples and describing ways to 
plan, problem solve, breadboard and measure 
your circuits. 


As amateur experimenters we ought to 
advance in our hobby; not just perform 
cookbook electronics. Designing and improving 
your circuits requires considerable knowledge 
and effort. Fortunately, others selflessly share 
their ideas to teach us. 





In time, you may recognize your electronics 

workbench as your greatest teacher. Bench experiments involve us thinking about and measuring our circuits so we know what's happening 
instead of relying too much on folklore, guessing and copying others. Designing and/or simulating circuits with software can enhance your 
learning but does not obviate the need to spend time in the trenches with meters, wires and solder. 


People often learn skills by modeling others. We need sound examples of how other builders work and think to inform our own designs — 
inspired, creative and active learning driven by experience and reflection. 


At some level, our bench experiences are stories of growth and realization sparked by going and doing. For example, why did the designer 
choose a particular resistor value? You try different resistor values while measuring the results and increase your knowledge. Collecting 
schematics, kit building or just thinking do not provide as intimate a learning experience as soldering your ideas on a bare copper board. Talking, 
tweeting or day dreaming about design is not the same as doing it. 


Russian novelist Fyodor Dostoyevsky describes the contrast between real life and passivism; "love in action is a harsh and dreadful thing 
compared to love in dreams", The Brothers Karamazov, bpatba Kapama3osbl. Dare to dream, but better yet, dare to innovate — to design and 
build your own circuits. You may start by just modifying a favorite circuit or scaling a stage to another frequency. We need more innovators and 
less imitators to grow and sustain our great hobby. 


Electronic design produces more than a completed circuit. On the bench, even joy is experiential - a moment of discovery (or several discrete 
moments) yields more pleasure than stuffing a circuit board or operating a piece of gear. Creativity trumps process every time! 


| hope this site demonstrates my passion for building basic, "popcorn" circuits and sharing ideas. Please remember | am just a lay person 
experimenter and not an electrical engineer. 


Regards, Todd, VE7BPO 


Essay for 2010 


Building or buying test equipment and acquiring a good reference library are important to your experiments. Spurred by the realization that sound 
bench measurement practices are at the heart of good design, test equipment receives greater focus in 2010 and on. 


A reference library is vital to our electronic experiments; good examples lead to better experiments. Poor circuits are everywhere and some 
builders can't tell a good design from a bad one. Minimalism and simplicity aren't excuses for sloppy design when your goal is to learn. Collecting 
and sharing well designed circuits helps us avoid wasting time and experiencing frustration. Circuits with attributes like well defined input or 
output impedances, low noise or harmonic distortion are desirable to fuel experimentation. Look for better quality circuit examples in 2010 and 
on. 


The Internet is changing how we read and write. The prevalence of small portable web devices such as iPhones, ever increasing numbers of 
web sites and blogs, and the use of search engines create fierce competition among sites. Modern sites attract your attention with varied visual, 
aural and textural media and unfortunately, hype and pseudo-journalism. Narrative writing is more skimmed than read. Brief is in — bullets, 
subtitles, lists and graphics replace long lines of narrative prose which no one seems to have time for anymore. 


Have you noticed the changes on this website? New content still contains lots of narrative writing, but assumes an active voice, with emphasis 
on brevity, clarity and speaking directly to you, the reader. Sharing mostly obsolete, analog 1970's-style circuits, QRP/SWL HomeBuilder attracts 
a tiny, niche audience. | believe the success of this website depends on providing good and diverse content — not Tags, RS feeds, adopting net- 
speak, or self promotion. You be the judge. 


Essay for 2014 


The Internet of Everything? 
Bucking the trend, my contribution to amateur RF homebrew remains informational and not social. Why? 


Social media information represents a Pandora’s Box of good science and opinion, mediocre thought, or trash potentially created and/or 
disseminated by anyone who's connected. We accept that much of our social media content doesn’t come from the best or brightest — some 
people are just plain interesting, or express themselves vigorously, seem like-minded, or touch our hearts. 


Some builders, like me, seek objectivity and not just “likes” and “follows” based on sentiment and spectacle. While a few radio builders may 
prefer to join hands and sing Kumbaya, or pat themselves and others on the back simply because their breadboard actually works, a trifling of us 
care more about how and why our circuits work. We like measures and measurement tools and follow science, experiments and the works of 
those who shine brightly. 


What’s wrong with plain information, unfettered discovery, experimental rigor, objectivity and rational, kind thought? 


It’s not that these characteristics don’t attribute social web clients — they do, but the negative impacts of social media worry me a little. A brief list 
of concerns: loss of privacy, the threat of wasting time while really just isolating ourselves from our real friends + family. The numbing exposure 
to the Internet of Ads and Spam. Still too, bubbling up like purulent sores come the charlatans, the misinformation peddlers, the opinion 
spammers, and those who anonymously leave stinging sarcasm, or outright hatred [ hostile online comments that attack people, or divert a 
healthy flow of ideas ]. 


Running a low-tech web site with nearly 0 commercials suits me better. 
SEO — Search Engine Optimization 


I’ve read that Google analyses your web site content, the number and quality of the sites that link to your pages, their search engine clicks and 
so forth. In part, Google seems to rank a site based on how relevant and authoritative they believe it is. Some people specifically employ SEO 
techniques to gather in more traffic. 

To my surprise, each year, tens of thousands come to this site via search engines like Google. | don’t think my material seems too relevant or 
authoritative. I’ve made no effort at SEO, so | conclude that you, my readers have more to do with the site’s success than anything I’ve ever 
done. 


Thank you. 


Hope Invigorates 


Invigorated by the excellent work either emailed to me by experimenters such as Michel F6FEO, or Dick, N4HAY; or posted on blogs or 
Community sites like Yahoo, | feel hopeful about the future of our hobby in 2014. The PHSNA Yahoo group leaders, the recent work of Jason, 
NT7S, Steve VE7SL and many others show that amateur design experiments still have a pulse + respirations. 

The aforementioned get my vote for their MOF like behavior: a strong blend of creativity, tradition and quality. 


Looking Ahead — Future Site Content 


Most of my new receiver work involves quadrature and in-phase mixers fed with (2) local oscillators; 1 output shifted 90 degrees from the other 
— essentially, EMRFD Chapter 9. Even my Funster [ a personal, lowbrow trans-receiver | drag onto hill and dale ] now contains phasing receiver 
circuitry to reduce the opposite sideband by 20 dB along with further low-pass filtering. | hope to add some Funster content to HF Embarcadero 
in Winter 2014. Like many of you, the 1 resource | lack the most is time. 

While I'm thrilled with the notion of a receiver appliance that contains just an antenna, LNA, ADC and some sort of “wonderfall” display or 
speaker, I’m still smitten by analog design with hardware. Still, the |-Q mixer will offer a nice transition into SDR should | ever wish to spend my 
free time writing C# and not melting solder. 


Kambaya Factor 


Unit = dBk 
Asks how, why Rehash old topics without 


& what next? Review re-engineering or analysis 


article 
Advance 


knowledge Kumbayva 
base : 


7a eee: Folklore, 
feel good, 
fall back 


sain 10 dBk 


Test and Matrix to evaluate Trivia and 


Measurement Entertainment 


Amateur Radio 


New ideas technical material Hold hands 
and circuits and sing Kumbaya 





Best to you! 





Miscellaneous 
My special thanks to Wes Hayward, W7ZOI for his generous support and elmering over many years. 


EMRED is the main reference of my site 


All permanant content circuits were built and tested. Schematics are drafted as carefully as possible. Please accept that bench and/or drafting 
errors may occur. No liability arising from the application, use, or misuse of these projects that results in direct or indirect damage or loss is 
assumed. 


Full price is paid for all parts used and no monies are or were received for promoting any products or companies on this web site. Any ads, 
hyperlinks or mention of commercial products or companies is out of courtesy only. 


"Until you build and measure it, you don't know what you don't know"; 
Rick Campbell, KK7B; VHF Open Sources — Design of Low Power High-Stability Low Phase Noise Single Frequency VHF Sources with High 
Spectral Purity; 2008 





Information Regarding the Compression of Schematics 


| see many electronics web authors compressing black and white schematics as jpg files. This results in distortion of the schematic. Schematics 
are best compressed using the 8-bit, lossless LZW algorithm which means converting the file to a png, gif, or even pdf format. The files sizes will 
typically be smaller than .jpog compression, have no distortion and can be edited easily. 





a RAC is the National Amateur Radio Society of Canada 


oe For my web page concerning support of the Radio Amateurs of Canada, please c 











sas The hand drawn image bitmaps on this web site (logo etc.) are by Rod Adams. All website photographs were taken by VE7BPO except as 
indicated. 


QRPHB Design Center 


Java Script 
Applets 





1. Click for the old QRP HomeBuilder Graphics page. Click for my Pin Outs page. Click for my Homepage 


2. Some simple tools written in JavaScript for the QRP/SWL HomeBuilder: 
Minimal input error checking 


A. Calculate DC Voltage Divider Bias 


Voltage 
R1 
Bias voltage 
R2 
Enter Voltage: Enter R1: Enter R2: Bias voltage = 


B. Calculate Inductive Reactance 





Enter Inductance in uH: Enter Freq in MHz: XL (ohms) = 





C. Calculate DC Current for a Current Mirror 
RC 


vcc 


Enter VCC: Enter RC in ohms Current (mA) = 


—___—_—_——- Half Wavelength —————————> 


rope fOp= 






- | 
1:1 Baku end insulator 


enc insulator 





50-75 Orwn Coax 


TUNED HORIZONTAL DIPOLE ANTENNA 





D. Calculate # of Turns To Obtain a Desired Inductance on a Ferrite Torroid 





_ 


Enter Inductance in millihenries: Select Core: FT37-43 Turns = 
The AL for this ferrite core is = 





E. Calculate Cut off Frequency for an RC Low Pass Filter 


~~. =—. 8 
aw. “WvVVv~4 


V—-Oay 


Enter resistor value in ohms: Select capacitor values in uF: 0.01 3 dB down frequency (Hertz) = 





F. Calculate Power in dBm and mW from Peak to Peak Voltage 





Enter measured peak-to-peak voltage into a 50 ohm load: dBm, mW 


Application Note: This web site follows the EMRFD standard for dBm power measurement. dBm = the power delivered into a 50 
Ohm resistive load which is temporarily substituted at that point in the signal chain. 


G. Calculate Lm and Cm For a Crystal using the G3UUR Method 





Enter frequency in MHz written on crystal (Series resonant frequency): 


Enter measured frequency in MHz with switch open: Enter measured frequency in MHz with switch thrown: 


Enter crystal capacitance in pF: Enter open switch circuit capacitance in pF: 


Cm = _ femto Farads, Lm = Henries 


Supplemental web page for this applet: Crystal filter measurement and adjustment Link 


H. Calculate Decibel Power Gain or Loss from 2 Peak-peak Voltages 
voltage 1 voltage 2 


39 


+1504 
5022 


-6 dB 


Enter voltage 1: Enter voltage 2 dB gain or loss = 


I. Calculate Decibel Power Gain or Loss from Input and Output power 








Enter input power in watts: Enter output power in watts dB gain or loss = 





J. Calculate dBm and mW from RMS Voltage (50 ohms) 
ee 
a 


Enter RMS voltage dBm mW 








K. Calculate Return Loss and VSWR (50 Ohms Detector) 





Enter the detector signal in pk-pk volts when the unknown port is terminated in an open circuit: 


signal in pk-pk volts when the unknown port is terminated in the unknown impedance: 


Return loss = dB, VSWR=1: 


Measurements per Figure 7.41 EMRFD. Schematic here 


Enter the detector 





L. Calculate Power from the DC Output of an AD8307 Meter 





1. Linear calibration steps: 


Enter measured DVM voltage at -10 dBm: Enter measured DVM voltage at -20 dBm: 


2. Calculate power in dBm from DVM voltage: 


Enter measured DVM voltage: Power = 





M. L-C-C Tee Network 
te 
Rl 3 ci 4 | R2 


Enter frequency in MHz: 


Enter R1 in Q: Enter R2 in Q: R1 must be < R2, but the network is bi-directional 


Enter Q: Perhaps start with 2-5 


Ci= pF, C2= pF, L= uH 


N. Parallel Resistor Values (2-4 resistors) 


R1 $R2 $R3 $R4 


Enter R1: Enter R2 Enter R3: Enter R4: 


R= ohms 





O. LCR -- a Reactance Calculator in beta -- do not use ! 





Mode: _L C to Reactance Inductance: uH Enter frequency in MHz 





This page last updated: September 21, 2013 
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RF — Test and Measurement 


KOPOTKOBONIHOBOE Pano 


Short Wave Listening 











Introduction to Short and Medium Wave Radio Listening 


Short wave radio listening was a childhood passion and | enjoy 
being an SWL just as much today and log at least 800 hours of 
SWL per year. There seems to be many web pages devoted to 
construction of radio equipment for the amateur radio 
experimenter but relatively few for the shortwave radio devotee. | 
decided to expand this web site to include projects for the SWL 


Homebuilder in 2005. 
My favorite bands are 49 meters (5.9 - 6.2 MHz) at night-time and 


19 meters (15.1-15.8 MHz) during the daylight hours. | also listen 





to medium wave DX around 1400 - 1600 KHz. 


Why Listen to Analog Short Wave Radio? 


Is analog short wave radio dead? | think not. 
World band radio: Almost 1/2 of the world's population lives on $2.00 USD or less per day. The Internet (the main alternative to shortwave 
radio) poses a luxury to many poor people living in lower-income countries — experienced travelers or those who support people in developing 


countries will understand this statement. In some countries now, ranking in the middle class just means you have a full-time job. In addition, 


No doubt, short wave radio has passed its prime and is slowly dying, however, it's still fun and/or relevant to some. 
oppressive governmental regimes may limit foreign media and Internet access: LW, MW and SW radio can break through obstacles such as 


natural or man-made disasters, borders, poverty and censorship. 
For SWL hobbyists, analog shortwave radio entertains, informs and best of all, provides opportunities to analyze propagation and experiment 


with real radio topics including static, solar flares, QRN, antennas, grounding, baluns, coax, and wire. SWLing poses an adventure — it's 
unpredictable, challenging and increasingly difficult as stations decrease and QRN increases. I've built many antennas and even some noise 


cancelling circuits just to pull in a few Dx stations. The sport of SWL lies in making DX contacts: a theme shared with Ham radio. 


What About Internet Radio? 
| think Internet radio is great, but fundamentally a very different medium from that enjoyed by SWL fans 
Internet radio involves a radio player decoding a stream of compressed bits fed from a Internet radio station or virtual receiver. In some cases, the 


Radio by definition is the transmission and reception of electromagnetic waves of radio frequency; but perhaps blue-tooth or Wi-Fi reception 
material originates from a real radio station that also broadcasts an AM or FM signal. For example, you can tune FM station Rooskie Radio 


from a hot spot qualifies as radio in the modern era? Just as peanuts aren't nuts, Internet server or webcasted radio is not RF broadcasted radio. 


"“Pycckoe Paguo" in much of Slavik Europe or play them on a computer device anywhere you can get an Internet connection. 
For lovers of foreign content, listening to Internet radio makes sense; providing convenience, a good signal when bandwidth is high and 24 hour 
per day listening on 1 IP address. Internet radio offers a much cheaper way for content providers to beam their news and music services around 

the globe — we've seen numerous large broadcast radio services such as the BBC World Service reduce or drop analog SW and add Internet 


radio, satellite and digital SW transmissions for their customers. 
The exciting growth of independent and niche Internet radio stations increases personal freedom of choice and provides opportunities for unique 


interest providers and consumers to find each. Media streaming companies and manufacturers of Internet radio players and their worldwide 
distributors benefit too. 


This technology is a far cry from tuning the SW bands with a homebrew or commercial radio frequency receiver and a length of wire slung ina 
tree. Perhaps, the greatest advantages of Internet radio are that you don't have to get up early, or stay up late to pull in some rare Dx, nor do 
you need any radio skills or special equipment — perfect for the majority of listeners. But we're SWL radio hobbyists: people who listen for both 
content and because we love radio propagation and gear. 


There is nothing wrong with Internet radio, or any of the modern data streaming techniques however, SWL aficionados driven by skill, the thrill of 
Dx and love of their experimental hobby share a special bond that Internet radio doesn't give them. 


Assembling a station The most important component 
in your radio shack is your antenna. Don't hesitate to 
safely experiment with the many antenna designs 
available on the world wide web. Your sure to find a 
commercial unit or home brew antenna design that suits 
your real estate and budget. 


| Soom | 


SO CmNTTY Fi. 


Your next task is to find a receiver. It is difficult to 

fa tS meee recommend any one receiver because there are so many 
‘ excellent commercial receivers to choose from. If you are 
thinking about purchasing a used receiver, you might 
consider checking eBay to find a receiver or to learn the 
going price for used gear. The ultimate SWL experience 
in my opinion is to build and operate a receiver on at 
least 1 band. 


Twit PSY 











Favorite SWL and SWL-related Web Sites 


Wikipedia-Shortwave Bands A good description of the bands 
and their general propagation. 


Canada's SWL-DXer website “ Hard core Canadian web site 
dedicated to SWL. Thanks gentlemen! 





http:/www.bobsamerica.com/swl 





http:/Iwww.dxing.info/ 


Doug's Shortwave Radio Page 
AAG6V's SWL Links 


Method for soldering a PL-259 to RG-213 or RG-8 








Digital Modes For SWL Fans 





= VE7BPO - DigiPan 


File Edit Clear Mode Options View Lock Configure Help 


Lookup | Co | Call 3 | Call | BTU | Signoft | File | Brag | TAR | Squelch| Clear | Multi | “| 
Call: Name: H: Rec'd: Sent Band: Notes: BB 
hz — [ [fom x] 


\ng theory and slowing down for everyone else on the air.. hihi but now days i would be doing real well to 
get 5 wpm.. hihi love psk ..started working it last sep and its a great mode to rag chew with... i also work 








3000 








There are a number of about this relatively new HAM mode. All that you minimally need is a receiver dialed in at 14.070 USB (or another 


PSK31 frequency), a microphone hooked to your computer sound card and some free software. The software (DigiPan 2.0) is available at 


http:/Awww.digipan.net/ . 
| use a USB interfaced microphone and place it about 2 cm from my receiver speaker. If HAMs are operating; you should hear some warbles and see 


some waterfalls on your screen. Click on one of the waterfalls to begin receiving the text. | knew nothing about this mode, but was up and running in 
15 minutes. 


Additional Short Wave and Medium Wave Receiver Photos 
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W1FB 6M RF Preamp 


Discussion: 

Here is a schematic sent to me by W1FB many 
years ago. It is very similar to a 6M two-stage 
preamp that he published in QST in the mid 
eighties. Doug really favored the grounded gate 
FET for narrow band preamps. His published 
work is replete with examples of them on just 
about every band. | built that amp and remember 
getting about 10 dB gain, which is all that | 
wanted for the 6M direct conversion receiver 
using a diode ring detector that | was building. 
The great feature of the amp is that it combines a 
band pass filter and preamp in one. | lost the 
original schematic that Doug sent me but was 
delighted to see that | made a bitmapped drawing 
of it on a floppy disk that was recently re- 
discovered when we were moving an old desk. 
The shield shown in the schematic was a small 
piece of grounded ,double sided PC board in 
which, | made a small chamfered hole in to pass 





RF Preamps 








6M W1FB Preamp 


50 ohms 7-40 pF 


Input 





Q1 MPF102, J310,U310 

T1 Main = 11 turns # 24AW6G on a T37-6 or T37-10 
Ant winding 1 turn, Q1 source winding 3 turns 

T2 Main = 11 turns #24AW6G on a T37-6 or T37-10 


Drain tap is 3 turns from variable cap end of main winding 
Output winding is one turn 


the lead going to the T2 tap. The shield, along 








with very short component leads will help 
minimize parasitic oscillations. The T2 tap is 3 


turns down from the end of the T2 main winding that connects to the variable capacitor. Doug specified T37-10 cores for the inductors, but | 
substituted T37-6 cores and used the same number of windings as specified for the T37-10 core inductors. It worked fine. 


VE7GC Popcorn RF Preamp 


Discussion: 

Here is an easy RF preamp by Dick Pattinson, VE7GC. It 
uses a single tuned circuit at the front end and can connect 
directly to a mixer or product detector in a simple receiver 
project. Note how Dick provided adjustable RF gain control 
for this circuit in his Wee Willy project on this website. If you 
can not find Tak Lee green 10.7 MHz IF coils, probably any 
other brand of 10.7 MHz slug tuned IF transformer would 
work. The Mouser catalog number is 421F123 . If your 10.7 
MHz IF coil has a built in capacitor at the base , remove it. A 
fixed inductor may also be wound using a powdered iron 
torroid core and then all or a portion of the C1 capacity would 
be made variable. The input impedance is 50 ohms and the 
output impedance is low due to the Q2 emitter follower stage. 


A Low Noise, High Dynamic Range 
Broadband RF Amp 





VE7GC RF PREAMP 


Input 


[le ye ™ 





¥CC 12 volts 











100 


0.1 uF 
4K? 


47 pF Q1 
T1 


Jo. uF 


T1 = «10.7 MHz IF coil ( TAK LEE or equivalent ) 
C1 = 100 pF for 7 MHz, 300-400 pF for 3.7 MHz 
Q1 MPF102 

Q2 2N3904 or 2N2222A 





Discussion: 


This schematic is a version of a circuit developed and patented by 
David Norton and Allen Podell in June 1974. This variation was 
described by Joe Reisert, W1JR in the now defunct Ham Radio 
Magazine. The Norton design uses transformer coupling to achieve 
“noiseless negative feedback" and is really outstanding. 

A great article utilizing and augmenting on this technique receivers is 
by Jacob Makhinson, N6NWP in QST magazine for Feb 1993 with "A 
High Dynamic Range MF/HF Receiver Front End". Makhinson 
arranged 2 in push-pull to obtain excellent results. Obtain a back- 
issue of QST for closer study. Note that the fore mentioned Feb QST 
article has the coil phasing wrong and the correct phasing can be 
seen at this web site from QST for July 1996. There is also 
information about Norton feedback RF amplifiers in EMFRD. 


If you are building a contest-grade receiver and need a good RF 
preamp and/or post mixer amplifier, the Norton type is quite suitable. 
An amp built using a 2N5109 can have a noise figure in the 2.5 - 3dB 
range. | have also built them with 2N3866, MRF517, MRF581 and a 
2N5179 although the last transistor would be a somewhat poorer 
choice. This schematic with a 2N5109 is good from 1.8 to 150 MHz 
with a 1.2:1 VSWR or less according to Joe Reisert. | have even put 
one in a friends CB radio and he was delighted. 


Winding and Construction Hints 

Making the Norton amps requires some planning to keep all 
component leads as short as possible. The transistor leads and any 
connecting components should be trimmed as short as practical to 
promote stability. Sketch the component layout on a piece of paper 
and modify it until you are satisfied you have designed a good layout. 
The ferrite beads on the transistor collector aid in stability and should 
be used to preserve the noise figure by squashing any oscillations 





High Dynamic Range RF Amp 






GO cc 


| 01 uF 






8K2 pi Ferrite Beads 


-01 uF 


[—/ output 


-01 uF 


/—f Input 


Q1 2H5109 or MRF581 
Balun Core BH43-2402 
Ferrite Bead FB43-101 
50 ohms Z In and Out 





Four Practical Transformer Ratios Balun Core Winding Info 
e1 @u eM 1a aa) 
a_i 
R 
Load Ma 
SS] 
H=1, M=2, GAIN=6 dB —_<€ " \ 
H=5, M=3, GAIN = 9.5 dB Nb 
N=11, M=4, GAIN =412dB a | 
N=19, M=5, GAIN =14dB Mb 





should they develop. The 22 uH choke can be the little epoxy coated units that are color coded and look somewhat like resistors. Do not use a 


choke less than 22 uH. 


Before winding, the builder must first decide how much gain is needed from the amp. For an RF preamp, the stage should have gain equal to or 

greater than the passive stages after it. Also there will be losses in the transformer, so the theoretical gain of the Norton amp maybe 1 dB off and 
will need to be factored in. For the purposes of discussion, a 9.5 dB amp is desired , so N = 5 and M = 3. The first step is to mark one side of the 
core with a dab of liquid paper, paint or a small piece of tape. This will allow you to keep track of the transformer later. To mark, hold the core so 


that both channels are parallel to the floor, one on top of the other. Apply your dab of paint to the top of the core and use the marked top to 
denote the A windings. 1a, Ma and Na will all start from the top channel in the balun core. Using 32 AWG wire for all three windings, start with 
winding 1 and wind the single turn from point 1a to 1b. Cut off the leads so they are shorter than 5 centimeters (2 inches). Next, wind Ma to Mb 
three complete turns through the binocular core and trim the leads if needed. Tie a small knot in the wire at both ends. This will clearly mark this 
M winding. Both windings should look like the diagram under the schematic. 1a to 1b are on the left of the balun core and winding Ma to Mb are 
on the right side of the core. Mb has a distinguishing knot at the tip of both wire ends. Ma starts from the top of the core which you have marked 
with a dab of paint or something. Finally, wind Na to Nb five complete turns through the core in the same direction as the previous winding M. 
Strip wires Na and Mb (Mb has the knot), twist together and solder. Scrape the enamel off the leads very gently with a sharp hobbyist knife. 


Insert the transformer in your circuit and cut the leads to their proper length and then solder away. It maybe preferable to pre-strip the leads on 
winding 1 as it is hard to strip the enamel off a fine wire that has only one turn and it may accidentally pull out of the core. If it does, just re-insert 
it into the balun core on the correct side. Once you have soldered Na and Mb you can always identify the windings later because you have 
marked the top of the balun core which denotes the A windings. Try and make your windings gently tight as if there is too much slack you may 
have difficulty getting the last few windings thru the core channels. A 14 dB gain amp maybe impossible to wind with 32 AWG wire, it may best 
to use 34 AWG for that amplifier. | have never built one for greater than 12 dB. The transformers are a bit tedious to wind, however persevere 
and the results will be well worth it. For HF, you can substitute 0.1 uF caps for the 0.01 caps shown if you like. 


Toroidal Inductor Norton Amp Experiments 





Discussion: 


The amp shown in the schematic to the right uses a ferrite Figure 1 
torroid for the transformer and has ~10 dB gain. Winding 

1 turn of wire over the cold end as shown in the 

schematic is tricky. Try to keep this link as short as 

possible. A ferrite bead or a 22-51 ohm resistor on the 

transistor collector is desirable. You can try increasing the 

turns (1:21:5 etc ) to experimentally obtain more gain from Cam 
this amp. The torroid version is a valid option for builders 

who do not have balun (binocular) core ferrites in their input 

junk box. Toroidal inductors are certainly easier to wind 

then binocular core versions. 


In 2007, | built several Norton "noiseless feedback" RF 
amps using FT50-43 and FT37-43 ferrite torroids. These 
are outstanding and | recommend using them in projects. 
The input and output Z is 50 ohms. The overall BJT 
topology is reminiscent of a common base amp. | have 
some basic information concerning this amp on this web 
page . They are straight forward to build. The biggest ~10 dB gain 68 DC voltage in purple 
problem is the phasing of the single turn link. Get it wrong 142mA 

and your amp can turn into an oscillator. 





Q1 = 2N5109 or NTE 123 etc 
T1 = Secondary: 15 turns with a tap a 4 
turns from the cold end. 


Primary: 1 link over cold end 
T1: use FT50-43 or FT37-43 ferrite 














Shown above. The breadboard of Figure 1. 









Figure 2 


~4dB gain 


a T1 = 15t FT50-43 Ferrite, tap @ 4t | Output 


Shown above is the Figure 1 amp above (labeled Figure 2) with a 50 ohm -10 dB pad on the input and output, so gain is low. | used these pads 
to evaluate the amp in a number of experiments. | never got around to writing up these experiments on the web site and likely never will. | wish | 
had more time as my notebooks are full of unpublished experiments that would be great content for this web site. 









Figure 3 


10.7 dB gain 


x T1 = 26t FT50-61 Ferrite, tap @ 5t Output 








The amp above (labeled Figure 3) is a hot one; 10.7 dB gain even with 10 dB of attenuation. You can leave off the input pad and decrease the 
output pad to -6dB if you want or require a wide band, low noise RF amp with lots of guts. Most builders use binocular ferrite cores for the 
inductor, but torroids work fine for many applications. 


phased lin 


; 


ma correctly — ‘ = : pe yes ’ 
i phased link | ncorrectly = 





Shown above is a photograph of 1 of the experiments from 2007. The one turn link from the Norton amplifiers just above is shown phased 
correctly and then phased incorrectly. Note the oscillation in the "badly wired" amp at 14.86 MHz. | routinely check all of my noiseless RF amps 
using the oscilloscope. Occasionally, | will put a shunt coil and cap (from input to ground) on the input to "exaggerate" any oscillations. This has 
proven to be a useful technique for testing if the phasing of the one turn link was done correctly. 





RF preamp for the 40 Meter band with 3 tuned filters 






50 ohms 






RF 
in 47 pF 
220 pF 


CV 68pE Li 










24 12 


I 


50 ohms 





L1= 2.luH = 23t T50-6 

T1= 23t T50-6; tap 5 from gnd 
T2 = 24: 4 turns on a T50-6 

CV =$-70 pF trimmer cap 


~ around 7 dB gain 


[603 eveenaewegs (MHz = [0.20 Freq sdiv stop [2-03 [CADou 


An experimenter's 40 Meter band front end for CW. This has a double-tuned filter and a low gain, lower noise RF amp. Great circuit for isolation 
of a product detector or mixer in a popcorn receiver. 









A photograph of the above 40 meter band front end, double-tuned filter plus tuned common gate RF amplifier. Input and output Z is 50 ohms. 
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QRP HomeBuilder Software 





Disclaimer: 


THE QRP HOMEBUILDER SOFTWARE OFFERED HEREIN ("THE SOFTWARE") DOES NOT COME WITH ANY WARRANTY, EXPRESS OR 
IMPLIED. IF YOU MAKE USE OF THE SOFTWARE, PLEASE BE AWARE THAT YOU DO SO AT YOUR OWN RISK. NEITHER THE 
AUTHORS OF THE SOFTWARE AT JENNA DESIGN NOR ANY OTHER PARTY WILL ACCEPT RESPONSIBILITY FOR ANY OCURRING 
OR UNFORESEEN CONSEQUENCES OR DAMAGES THAT ARISE AS A RESULT OF THE USE OR MISUSE OF THE SOFTWARE. 


Technical Info and Distribution 


The QRP HomeBuilder applications are written in C++ for speed and compactness. Apps will specified as GUI ( graphical user interface ) or 32- 
bit console based ( DOS look ). Anyone may display or distribute these applications via website or diskette providing that they do not charge for 
the program(s). | know longer have a C++ compiler and no future work on these applications is anticipated. 


QRP - RELATED APPLICATIONS FOR DOWNLOADING 


CoilBuilder_99 


CoilBuilder_99 is a powdered iron inductor winding application. Enter desired inductance, select core size and mix and press the Calculate button 
to determine the correct number of windings for your inductor. Data is also given showing, core color, permeability, frequency range, AL value 
and maximum number of turns versus wire guage for the chosen core size. Encompasses 12 different core sizes and 8 different mixes of 
powdered iron. Calculated results can be stored on a disk file or printed out. 


Style: GUI, File size: 90K, zipped, 44K. 
Bug Fixes: Some missing AL values for # 7 material added April 24/99. KEWHP's superior version is linked below. 


Current Version is: 4 / 24/1999 
Download the CB99.zip file 


PI Filter Designer 


PI Filter Designer is a simple 3 element 50 ohm input and output impedance pi filter designing application. This program allows the user to design 
simple lowpass filters by selecting from a variety of standard capacitor values either empirically or to suit what you have on hand. The filter 3 dB 
cutoff frequency and required L1 inductance are automatically calculated and displayed. In addition, the user may select an additional capacitor 
value to put in parallel with both caps C1 and C2. In this app XL = XC = 50 ohms impedance. No other impedances can be calculated with this 
program. 


Style: GUI, File size: 47K, zipped, 22K. L4 


Current Version is: 1/14/1999 
Download the pifilter.zip file c1y rT C2 





CapCoder 


CapCoder gives the capacitance in microfarads, nanofarads and picofarads and tolerance of any capacitor code entered into its input section. 
Example : 104J. This app uses numeric spin-buttons and a combo box so that no typing is required for data entry. 


Style: GUI, File size: 48K, zipped, 22K. 
Bug Fixes : A nanofarad conversion error was corrected July 2, 1999. 


Current Version is: 07 / 02 / 1999 
Download the capcoder.zip file 


Resistor Coder 


Resistor Coder gives the resistance in ohms of any resistor color code entered into its input section. Four or five band resistors can be 
accommodated by this program. This app uses drop-down combo boxes so that no typing is required for data entry. Results may be saved to a 
disk file or directly printed. 


Style: GUI, File size: 58K, zipped, 27K. 


Current Version is: 1/16 / 1999 
Download the resistor coder.zip file 


Ferrite 


Ferrite is used to calculate the number of turns required on toroidal ferrite cores to achieve the desired millihenry-value inductance. 15 different 
ferrite toroids are included in this application. This program will calculate the winding data for an inductance range of 0.001 to 27 millihenries. 


Style: Console, File size: 64K, zipped, 31K. 
Bug Fixes: Thanks to PA3CKR for the bug report; fixed Jan 19/99. 


Current Version is: 1/19 / 1999 
Download the ferrite.zip file 


Universal Diplexer 





Universal Diplexer calculates the inductance and capacitance values for a Bridge-Tee diplexer based 1 C1 
upon a chosen superhet receiver intermediate frequency. The diplexer is the Joe Reisert, W1JR 
popularized design discussed under Diplexer Topics on this web site. The user inputs an IF and 
presses the Calculate button to have the capacitor and inductor values given in pF and uH 
respectively. The diplexer schematic is included in the application. Note that the this is for the Q = 1 
version of the Bridge-Tee Diplexer. 





50 ohms 





Style: GUI, File size: 49K, zipped, 22K. C2 | L2 


Current Version is: 1/19 / 1999 
Download the diplexer.zip file 








HF Dipole 


A very basic program for calculating the length of each leg of a 1/2 wave wire dipole antenna. Program good for 1 - 500 MHz, although intended 
for MF - HF useage. This app does nothing more than the standard 468/freq (MHz) type calculations. It was written for DOS many years ago and 
ported to Windows. The output shows the 1/2 wavelength and 1/4 wavelength design wire length in feet and meters. This app is probably of no 
help to experienced antenna designers. 


Style: GUI, File size: 46K, zipped, 22K. 
Update : Minor improvements made Feb 9, 1999 


Current Version is: 2/9 / 1999 
Download the hf_dipole.zip file 


Ft Total 
Total 


60M 
49M 
41M 
31M 
25M 





Resonator 


This application calculates the inductor and capacitor values for the tank circuit of a simple bipolar transistor RF 
amp. The basic schematic is shown above. Enter the center frequency plus the inductive/capacitive reactance you 
desire and press the Calculate button to calculate the necessary inductance and capacitance for L and C 
respectively. 


Style: GUI, File size: 50K, zipped, 21K. 


Current Version is: 1 / 23 / 1999 
Download the resonator.zip file 











NPN DC-BIAS 





This application calculates the various voltages and 
currents of a simple voltage divider bias NPN bipolar VCC 
transistor amp. The following is calculated: IB, IC, IE, VE, 
VB, VC, VCE and detection of Saturation or Cutoff. The 

user can alter the VCC, VBE, transistor beta and any of R1 RC 
four resistor values R1, R2, RC and RE by picking the 
transistor value from a standard-value resistor table or 
manually entering the value. The schematic illustrates 
some of the voltage measuring points on the transistor VC 
schematic. This app is in final BETA. 





Style: GUI, File size: 73K, zipped, 32K. 





Current Version is: 16 / 04 / 1999 
Download the nbias.zip file 
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Popcorn Direct Conversion Main Frame 





Discussion: 


eucee Popcorn DC Receiver Main Frame 


Note: if you click on a schematic, a larger 
version will appear in a new web browser 100K 
window. 


Shown to the right is the schematic to a low 
cost popcorn direct conversion receiver main 
frame. To complete the receiver, a front end 


band pass filter and a VFO with an output Te Ts 
power of 7 dBm is required. This is indeed a : 
frugal project using 4 cheap transistors, an RC : Low Pass AF Fitter 
low pass filter and an LM386N for output — Choose an 

, Gj lector AF Diplexer 
PaWer ia Hall’ Gl faded impedante : AF Preamp Q1.Q4 23904 , 2N2222a etc 
headphones. The builder also has a choice of Detector 50 ohm Diode Ring Bixer 
5 diplexers and an optional mute circuit. This C1-C3 CW 047 uF 


ae ; : é . SSB .015 uF 
receiver is easily built using Ugly Construction 


and can be built in 3-4 hours with a bit of luck. 


AF Amp i Phones 


z 10,1 
Product Detector and Diplexers ene 


The 50 ohm diode ring product detector can 

be commercial units such as the Mini-Circuits SBL1 or 
TUF-1 or homebrewed 50 ohm impedance units. Five 
simple "diplexers" are shown in the lower "Adjuncts" 
schematic for you to choose from. The one you choose will 
depend on available parts, cost and your requirements in a 
popcorn receiver such as this. These diplexers are mostly 
of the low pass filter variety and provide a ~50 ohm 
termination to the diode ring mixer and some matching to 
preserve the product detector dynamic range. | realize that 
except for (A) and (D) these audio frequency filters are not 
truly diplexers and will not provide DC to daylight matching. 
The intent of this web site is not high performance-high cost 





10 mH 20 turns 
A — a #28 ANG c 


2.7 mH FI37.43 


a cae Ee oo ies im Lad Pym PY 
AB . a 2a ; 22uF 
4 uF i. 
51 || 10 mt §1 : 


POPCORN DC 
RECEIVER 
ADJUNCTS 


design and please do not confuse it as such. Note that 
electrolytic capacitors that bypass to ground such as the 1 
uF caps must be non-polarized or bipolar for best results. 


The (A) diplexer is by W7ZOI and is described on the 
Diplexer Web Page on this site. 


The (B) and (D) diplexers are my designs and the (D) 
diplexer is the (B) diplexer with out the high pass 
component. 


The (B) diplexer shown has a 3000 hertz 2 pole high pass/2 
pole low pass design. This 2nd order filter provides ° Pot 
reasonable overall matching Capacitors are standard-value, 
non-polar electrolytic types. drawn July 11, 1999 





The (C) diplexer is a very basic, but very practical choice for 
this receiver. 


The (E) diplexer is one that | used in one of my first DC receivers and the 47 millihenry inductor is a standard value unit sold by Mouser 
Electronics and others. 


Another diplexer choice for this receiver might be the unit described by Rick Campbell, KK7B in his Binaural I-Q receiver project published in the 
March 1999 issue of QST. 


Update May 15, 2009 


There was confusion regarding the 2.7 to 47 mH inductors mentioned on this web page. | originally wound just the 2.7 mH inductor on a ferrite, 
but not the others. This is not a great idea as losses are high. For millinenries-value inductors, commercial parts should be purchased. A good 
brand to consider might be Epcos. Sorry for causing confusion. 


10 milliHenry inductor 


* Not wound at home 





AF Preamps 
The AF preamp section follows that of the Ugly Weekender Receiver designed by Wes Hayward, W7ZOI. | tried many other configurations 


and came to the conclusion that these two simple but elegant stages give a winning combination of low noise, good gain, low parts count, 
low hum and good AM broadcast band rejection. The Q1 transistor decouples the receiver preamp very well and no hum was detected in 
the headphones providing a well filtered DC power supply was used. The Q2 grounded base amp provides a low impedance termination of 
the product detector and diplexer stages. Q2 and Q3 are direct coupled and provide lots of gain to drive the succeeding low pass filter 
without it adding a huge abundance of noise to the signal. The bypass capacitor (0.022 uF ) is essential to bypass any broadcast AM 
detected in the Q1 stage to ground. Other values of capacitors maybe tried, but do not omit this critical part. 


Low Pass Filter 

| cannot handle listening to a DC receiver on a crowded band without some low pass filtering. The high pitch heterodynes effect my 
concentration and give me a headache. Nevertheless, it is neat to temporarily listen to an unfiltered DC receiver; to hear the pure and 
wonderful signals possible by beating RF directly into audio. | prefer low pass to band pass filters at audio and have used many 
combinations of active filters using discrete components and op-amps, as well as passive designs using AF inductors to build wave filters. 
This receiver uses none of these devices, however they could be easily substituted for the filter shown. Connected to Q3 is a simple, cheap 
RC low pass filter based upon the design criteria given on the Discrete Component RC Audio Filters web page on this web site. The cutoff 
values you calculate will be ballpark and values of 0.047 uF for CW and 0.015 uF for SSB were chosen, but other values could just as 
easily been used and please do not hesitate to experiment with the caps and/or the resistors to suit the parts you have on hand. For the 
capacitors in the low pass filters, avoid using ceramic disk type caps if you want the best possible performance. Polyester, polypropylene, 
polystyrene or polyester film type are all suitable, however, ceramic caps will work if you are really going junk box/low cost. 


| attempted to make a wave file to demonstrate the low pass filter. | came right off the headphone jack into the input of the of my 16-bit PC 
sound card via a step up audio transformer and the results were a little disappointing. Sixty-cycle hum and distortion of loud stations were 
added by the sound card. The sound file is big (636 KB ) and is a digital recording of me tuning through a 30 meter pile-up using the lowest 
sample rate and frequency possible on my computer. The low sample rate/frequency also degraded the sound somewhat as well, but | 
decided to put it on the page, warts and all. The DX station was a VK2 and sure did cause a lot of excitement on 30 meters that night 
around sunset on the left coast. Actually the wave file demonstrates how good the receiver sensitivity and AM radio immunity is. In addition, 
the low receiver background noise is also very apparent underneath the constant 60 cycle hum. The 60 cycle hum and clipping of loud CW 
signals is not heard in the headphones and is a soundcard manifestation. Perhaps the best method would be to come of Q4 and go right 
into the sound card with a smaller line-in signal voltage. Download the popdc wave file 


AF Driver and Final Amp 

Connected to the input and output of the Q4 stage are small value capacitors to provide some high pass filtering for the receiver amplifier 
chain. Some emitter degeneration is used on Q4 to provide a better termination of the preceding RC low pass filter. The receiver amplifier 
chain has a lot of gain and when the 10K pot is turned to minimal resistance ( cranked ) , the LM386N can be driven into distortion. You 
may want to limit the maximum gain with a series resistor connected to the 10K pot after building and testing this receiver. 


The final AF amp is the perennial LM386N, a low cost, easy to use AF amp. Turn it upside down and solder pins 2 and 4 right to your 
copper ground plane to anchor this part. It can easily be configured to drive a small speaker. 


An optional mute circuit is shown in the "Adjuncts" schematic and is labeled (F). This circuit is a simple transistor switch which grounds the 
output from Q4 and mutes the receiver audio. This circuit switches rapidly and there are no annoying pops or clicks to be heard in the 
headphones when it is switched. Apply the VCC to the diode as shown to mute the receiver during transmit if the receiver is used in 
conjunction with a transmitter. Q5 in the mute circuit can be a 2N3904 or 2N2222a or substitute. 


In addition, a suggested side tone input to the LM386N is shown. | have started to use simple one section RC filters on the output of my 
side tone oscillators to smooth the waveform into a more pleasing audio tone. 


Conclusion: 


This popcorn receiver can be made very inexpensively and has good sensitivity and a reasonable noise level and selectivity. | tested this 
main frame on 30 and 40 meters and really enjoyed it. This receiver main frame could be combined with an inexpensive VFO using tuning 
diodes to keep cost down and the popcorn factor up. Although it does not use tuning diodes, a 40 Meter band VFO schematic has been 
placed on the VFO page. 


Here is a YouTube Link using the receiver with a different front end filter and VFO. This is not my radio or video. 


A blog post from Peter AK6L --- it's good to see builders moving beyond kits. 
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RF — Test and Measurement 





40 Meter Popcorn Superhet Receiver 





Discussion: 


Note: if you click on a schematic, a larger 
version will appear in a new web browser 
window. 





To the right is the schematic for a no-frills, 
relatively low-cost CW superhet receiver with a 
4.00 MHz Intermediate frequency. There is no 
AGC or RF gain control, however this receiver 
has good large signal handling capability. This 
receiver uses just 6 bipolar transistors and an 4 
op amp for reasonable volume into ] 40 METER POPCORN SUPERHET 
headphones. Much of the ideas/design of the 
various stages must be credited to Wes 





Hayward as | borrowed heavily from his ver 300 pF 300 pF 
previous work and through ideas obtained by . 5 mn eee 1 a Sal al? 
discussion. If one were to homebrew the diode ; } ener? a ; = 

F : . . > >. Se A 1N4148 ™ 
ring mixers, indeed this would be a very low $ > > se \ VW ; 
cost receiver giving reasonable performance } ¢ x ; Pa oF 560 3 758 
which outperforms any NE602 based superhet | semen? conuseter ; | i kaa 
receivers that | have built or listened to. Below Fan 
the main schematic is a diplexer diagram that 

. L1,L2 32 tuens of ©26 AWG on a 150-6 toroid core, Tap 5 turns up from grounded end, 

allows the builder to choose from one of two 14,12 4a bifiier fume &20 ANG on anFT37-4Staroid care, 
RF and AF diplexers used to terminate the L318 turns #26 AWG on an FT37-43 toroid core, 

i . , O14 2N3904 , 2N2222a , 285179 etc . 
diode ring mixers. Q2 2N3006 , 2N5109 etc. 





Band pass Filter and RF Preamp — eee 


From the 50 ohm receiver antenna jack, first off 
is a double-tuned band pass filter which was 
designed by Rick Campbell, KK7B and works 
very well. The trimmer caps can be the 5 - 20 
pF units sold by Digi-key and Mouser. The 
fixed-value caps in my prototype were 
inexpensive monolithic ceramic capacitors 
purchased from Digi-key. Rick used an NPO 
ceramic for the 10 pF coupling cap plus silver- 
mica type for the 100 pF caps in his original 
design. For possible lower insertion loss, the 
probable best/cheapest way would be to use 
all NPO ceramics for the fixed value caps in 
this filter. 


an7 T <1 100K 


AS Ainps /Faters 





The RF amp is my favorite popcorn RF amp ; a 
50 ohm feedback amp. A grounded-gate JFET 
amp was tried in its place and was also found 
to be quite suitable and does not require the - 
6dB pi attenuator that follows the feedback 


amp as shown in the schematic. The feedback g-1 Diode Ring 
amp's 50 ohm input impedance properly maxer 800 pF } 2.0 uH 
terminates the band pass filter. The -6 dB RF DIPLEXERS I ' 


attenuator pad following the amp to helps 
provide a 50 ohm input impedance for the 

mixer and to reduce stage gain which aids in piper 
preserving the signal to noise ratio of the FT37-43 {Lop 
receiver. If a builder wants a little more 
sensitivity, the pi attenuation pad could be 
reduced to -3 dB however this may effect the 
receiver dynamic range. The transformer T1 is 
one of 2 broadband transmission line 
transformers in this receiver. It transforms the 
200 ohm collector impedance to 50 ohms for 
the succeeding stage. 


Diotle Ring 
Mixer 


Diode Ring 
Mixer 


AF DIPLEXERS 





Mixer and Diplexer 

A 50 ohm diode ring mixer (7dBm) such as the Mini Circuits SBL-1 or TUF-1 or homebrew are all suitable. Following the mixer is an RF diplexer 
of your choice. The more complex Brifge-Tee ( Q = 1 )diplexer (A) is an excellent design, however maybe overkill in a popcorn superhet such as 
this. For the (A) diplexer, to get the necessary 800 pF for the capacitors, simply parallel a 470 with a 330 pF or a 120 pF with a 680 pf capacitor. 
The inductors at 2.0 UH are wound on powdered-iron torroids. You can use # 26 AWG wire and it requires 22 turns on a T37-2 core or 20 turns 
on a T50-2 core. In addition, you can use a #6 material torroid to wind the inductors. This diplexer is described elsewhere on this web site. 


The simpler (B) diplexer uses a ~3 times the IF frequency that | have seen this basic design in many textbooks and articles and provides 
reasonable matching with a 50 ohm inductive and capacitive reactance. The cutoff frequency chosen was 11.78 MHz as this allows the use of a 
standard value capacitor (270pF ). To wind the 0.68 uH inductor use 13 turns on a T37-2 torroid or 12 turns on a T50-2 powdered iron torroid 
core. You can easily use 24 - 26 AWG wire for the inductor. 


IF Preamp , Crystal Filter and IF Amplifier 

Except for the inductors, the IF preamp and IF amp are identical and both warrant a small clip-on heat sink as they draw reasonable current. The 
standing current maybe increased or reduced by changing the 47 and 75 ohm resistors connected to the Q2 and Q3 emitter respectively. 
Factors such as available power supply current versus dynamic range requirements may come into play. One may want to stand more current in 
the IF preamp and less current in the IF amp. For example, the 75 ohm resistor on the Q3 emitter could be increased considerably and/or the 5.6 
ohm degeneration resistor could be increased as well if less stage current draw is wanted. The 2N3866 transistor is usually a cheaper way to go 
for these amps than the 2N5109, but the choice is up to you as you may have something available in your junk box. The 200 ohm -6dB pad 
following the IF preamp should not be omitted as it helps prevents the stage from seeing reactance's created ahead by the crystal filter. The four 
diodes form a 13dB limiter to protect the crystal filter should a catastrophically large signal be present in the receiver's front end. They maybe 
omitted. A -3dB 50 ohm resistive pad terminates the IF amp and helps establish a 50 ohm input impedance for the product detector ahead. Click 
here for more on the IF preamp. 


This receiver has a narrow IF Cohn Crystal filter. Bandwidth is ~ 405 hertz, which unfortunately makes tuning quite sharp however this filter is 
very nice for crowded band conditions. The IF filter crystals should be closely matched in frequency to prevent unwanted ripple in the pass band. 
Generally, you have to buy 10 and then if you have a frequency counter, use the receiver BFO stage to test your crystals for matching. Pick the 
closest 4 crystals and use them in your filter. It does not matter if the crystals have series or 20 pF load capacitance, but it does matter that they 
are matched in frequency within 40 hertz of one another or better for this receiver. For my prototype receiver, | purchased ten 20 pF load 
capacitance 4 MHz crystals and luckily found 4 that matched each other within 9 hertz! For those builders who do not have a frequency counter, 
some QRP parts retailers sell matched sets of crystals. It is important to note that the BFO should be set on the high side of the IF frequency as 
simple crystal ladder filters have a steeper upper passband than lower pass band. 


The crystal filter is terminated by the 4:1 transmission line transformer and then 50 ohm impedance of the IF amplifier. The -3dB pad following the 
IF feedback amplifier helps to terminate the crystal filter by helping ensure a 50 ohm IF amp input impedance and should not be omitted. Place a 
75 and a 220 ohm resistor in series to get the required 295 ohm resistance on each leg of the pi attenuator. 


Many may balk at just one stage of IF amplification, but since there is no AGC and this is a CW receiver, it works well. A feedback amp is once 
again used to provide correct input and output impedances for stages connected to the IF amp. Following the IF amp is another attenuator set 
for -3dB and then a 50 ohm diode ring mixer. 


Product Detector, AF Diplexer and Audio Amplifiers 


The mixer/detector can be SBL-1 or TUF-1 types or homebrew if you want to reduce costs further as the mixers are the single most expensive 
components in this receiver. 


Again a choice of diplexers is required. The (C) AF diplexer is very simplistic but very practical if you are trying to keep costs low. The (D) 
diplexer is designed by W7ZOI and is from the Diplexer Web Page on this site. 


Following the diplexer, a grounded base audio amp provides a 50 ohm termination to the product detector. AF gain and some AF filtering are 
provided by Q5 and Q6 which together attenuate frequencies less than 72 hertz and greater than 638 hertz. This amplifier pair are described on 
the discrete AF filters web page on this web site. Keep your leads short on all the AF transistors. 


The final AF amp is the perennial LM386N, a low cost, easy to use AF amp. Turn it upside down and solder pins 2 and 4 right to your copper 
ground plane to anchor this part. There are a number of low-noise alternatives to the LM386 available which are generally more expensive but 
would be quite suitable. Discrete component AF amps can also be used, but a popcorn part such as the LM386N maybe cheaper and easier. 


VFO and BFO 


VEO schematic 
BEO schematic 


Alternate version of this receiver 


Construction Ideas 


When constructing any project, build in small modules and test each one separately. For instance, the AF amp should be built first and then 
tested by injecting a very low-level audio frequency tone into that stage and listening for output in your headphones. Every QRP workbench 
should have a simple AF tone oscillator from a schematic similar to the ones used for keying side tones in CW transmitters. The encased 
oscillator should have to a 100K or so potentiometer connected to the output to vary the output signal amplitude. Generally use maximum 
resistance on the 100K pot to start with and reduce this resistance slowly as the in-test amplified oscillator output could be very loud!. After 
testing the AF amp, build the 3rd AF preamp stage including the 10K panel mounted pot so you can vary the gain going into the AF amp. Now 
inject the AF oscillator output into the input on the pot and vary the 10K pot to ensure that the stage you built is working. It should be a lot louder 
now and should go up and down in volume with the 10K pot. Finally build the remaining preamp stage and once again test the circuit with your 
AF oscillator. The output into the phones should be painfully loud now when cranked up! The next stage to build would be the BFO. If you do not 
have a scope, peak the tuned circuit by watching the S meter on a radio receiver located nearby. Ensure that you put a load on the output 
winding of the BFO such as 47 ohm resistor to ground. A small piece of wire can be used as an antenna if the BFO signal is too weak to activate 
the S meter on your receiver. Once peaked, you can now use the BFO to match your IF crystals. To use the BFO to match your crystals, use a 
small wire to bypass or disconnect the 60 pF variable capacitor that is used to connect the crystal to ground. In other words, the bottom lead of 
the crystal is connected to ground with a short piece of wire. This makes testing your crystals a little more scientific as the variable capacitor 
cannot influence the crystal frequency during testing. You can also use the BFO in conjunction with a scope or voltage probe to test the various 
RF amps in the receiver. | do this all the time with my scope. Proceed with this build a stage, test a stage method and you should be rewarded 
with a functional end product. 


KK4RF's version of the 40 Meter Band Popcorn Superhet 

Marty, KK4RF emailed me and described his version of the popcorn superhet from this web page and contributed some great info and photos of 
his receiver. Of note is Marty's use of Radio Shack IC boards for mounting the components for each stage other than the VFO circuit. This is yet 
another variation from ugly construction that | have also used which works extremely well. Marty built the VFO using pure ugly construction and | 
was glad to hear that he is enjoying good frequency stability even with the lid off the VFO enclosure. 


He built the receiver into an old Heathkit HW-12 single-bander case from the 1960's and it is a very attractive receiver to say the least. He found 
an old National Velvet Vernier Drive at the Virginia Beach Hamfest this year and used it to tune the VFO. Don't you love Hamfests! For the BFO 
he used an BFO circuit with a 4 mHz crystal from a different receiver project (a project that never quite worked.) He built a small power supply 
and located it along with the BFO under the chassis. 


| like Marty's generous use of ground plane and neat stage layout. He reports good selectivity with his IF filter and apparently built four superhets 
that did not work before building this popcorn version. This is more a testimony to Marty's perservance to home building than to this receiver 
design in my opinion. | won't tell you how many rig failures | have personally incurred, as it would take a long time! Many thanks to Marty, KK4RF 
for the feedback and great pictures. 
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Broadband Transformers plus Diode Ring Mixers 





Discussion 

There are 2 basic types of broadband Ground or VCC 
transformers used in most QRP work 4-1 Broadband Transformers Ground or voc 

— conventional and transmission line 

style. Both types may be wound on Ground or VCC 


ferrite toroids, pot cores or rods, 
however, | only discuss the toroidal alia 

transformers we employ to give a 4:1 “ High Impedance Low Impedance 
impedance transformation. 


| use these transmission line 


transformers on many projects on the | ices teacsinas 
QRP / SWL HomeBuilder web site. Low impedence “ 
For MF and HF uses, a ferrite core High Impedance 





permeability of 850-900 is generally High Impedance FY37-43 

required and the FT37-43 ferrite core 

proves suitable. Shown above are 3 

equivalent schematics of the 4:1 transmission line transformer. You'll probably find that the center drawing easiest to conceptualize, however, 
with closer examination, all 3 schematics are the same and transform signals from unbalanced 50 Q impedance up to 200 © unbalanced 
impedance or visa-versa. 


The high impedance is 200 Q and the low impedance is 50 © in all cases. It is important to know that these transformers are symmetrical and the 
points labeled Ground or VCC can be switched with the point labeled High Impedance. Click on the schematic to enlarge it. 


Winding the 4:1 Transformers 
Wire Twisting 


Transmission line transformers are wound with bifilar (2 wires — generally twisted together). Winding these transformers is very easy. All you 
need are two ~18 cm (7 inch) pieces of #28 AWG enamel coated wire and an FT37-43 ferrite toroidal core. 


A shop vise, a ruler, plus a brace and bit hand drill may aid your construction — | bought my brace and bit drill at a garage sale for 2 dollars. You 
need to twist the 2 pieces of wire together to get ~3-4 twists per cm (8-10 twists per inch) in the wire. To do this, loosely twist the wires at one 
end and place these twisted ends in a bench vise. Next, place the free wire ends together in your brace and bit drill chuck (no drill bit) and 
tighten up the chuck so that the wires are held securely. 


Try to keep wire length and tension equal. Start turning your drill to twist the wires together and every once and a while measure how many 
twists per cm with a ruler. When you get to 3-4 twists per cm (8-10 twists per inch) you're done and then may trim the excess leads with a wire 
cutter in preparation for final winding and soldering. 


At VHF, | often use just 3 or 4 total turns on an FT23-43 toroid with a piece of wire just a few cm long. | place the 2 wires in the vise and twist 
them using a pair of pliers held parallel to the wire. 








Transmission line transformers will also work if the wires are untwisted. 3-4 twists per cm only serves as a non-criticial guide. Never wind your 
simple 4:1 transformers with bare wire. 





A brace and bit hand drill plus a vise provides a good way to twist your wires. 


Final Wiring and Soldering 
Leaving a 2.5 cm (1 inch) lead, wind ten complete loops through the toroidal core leaving a small gap between the start and finish leads. 


Untwist the leads a little so that you have 4 separate wires. One set of these wires wires will be called winding #1 and the other winding #2. You 
need to identify them and further break them into 1a, 1b and 2a and 2b. Generally | regard the the top two windings as (A) and the the bottom 
two wires (B), however, use whatever system works best for you. Strip off the enamel at the tips of all four leads and then get your ohmmeter or 
better yet, a beeping continuity tester. 


Start on one of the top (A) wires by connecting the ohmmeter or continuity beeper to it and then touch one of the bottom wires and then the other 
bottom wire. Whatever bottom wire (B) shows continuity with your top wire should be marked along with the source top (A) wire with paint, liquid 
paper, tape, or whatever you like. 


| prefer to wind 2 different colored wires if possible. 


Designate the marked wire pair winding number 1. You may also want to test for a short circuit — there should be no connection between wire 
set 1 and wire set 2 at all. So now you have 2 wires sets, winding set 1 is marked and winding set 2 is unmarked. The top two wires are 
arbitrarily labeled A and the bottom two wires are labeled B . Refer to the schematic above for clarification. Connect 1b to 2a and twist them 
together and then solder. Your done! 


It's really easy to make these things don't you think?. 





A trio of bifilar transformers wound on FT37-43 ferrite toroids. 2 colors of wire reduces errors and speeds up construction. Consider making up 5 
at a time, so you have them on hand and do not have to interrupt your experiments. 





Homebuilding Diode Ring Mixers 


Discussion: 

Easy to make, homebuilt diode ring mixers give a low-cost alternative to 
commercial diode ring mixers. A double-balanced diode ring mixer has 2 
unbalanced to balanced transformers and a diode ring. The impedances 
at the three ports is 50 Q. The transformers are wound with #28 AWG 
enamel coated wire on a FT37-43 ferrite toroidal core using a trifilar (3 
wire) technique. 


The wire twisting and winding technique is done as described above for 
the bifilar transformers. The connections 2b and 3a are twisted together 
and soldered. Again you will have to develop a technique to help you 
distinguish the wires from 1 another. Click on the schematic to enlarge 
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A sample of the enamel coated copper wire collection | wind inductors and transformers with. In stock are wire gauges from 18 to 34. Like 
everything else, this collection started small and grew over time. Be vigilant for bargains and when you find a good price, purchase a whole 
bunch as it does not go bad. The Belden wire (orange spool ends) is over 40 years old and the enamel insulation remains perfect. 


Diode Matching for Mixers 


Discussion 

For optimal results Schottky or Hot-Carrier diodes should be used. However, common diodes such 
as the 1N914, 1N4148 or 1N4454 are all quite suitable and are much cheaper. The four ring 
diodes should be matched to help mixer balance and thus carrier suppression. At MF and HF the 
most critical matching required is the forward voltage drop across the diode and this is easily 
performed with a sensitive voltmeter. 


Set your voltmeter on the 2 volt scale to give you 3 decimal places for matching the voltage drops. 
Try and find 4 diodes close to one another. In addition, best results maybe obtained if all the 
diodes are the same type (i.e. all 1N4148) and if they are all from the same manufacturer. Look 
above for easy schematic to match your diodes with a voltmeter. Give the diode under test at least 
20 seconds to warm up and stabilize before taking your voltage measurement. 
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Diplexers Topics 








Introduction 


My original web page on diplexers was rather incomplete and received some criticism from electronic engineers albeit the focus of this web site is 
“popcorn” designs. Wes Hayward, W7ZOI provided me some excellent schematics, analysis and simulations for diplexers which terminate doubly 
balanced mixers and these are presented below. After this section, the W1JR Bridge-Tee RF Diplexer from the original QRP HomeBuilder 
diplexer web page is presented along with new commentary and simulations by W7ZOI. 


The final section presents a practical diplexer for terminating a product detector. All graphical images labeled as Figures 1-24 are copyright and 
property of W7ZOI and may not be presented elsewhere. Updated September 23, 2000. 


W7ZOI Diplexer Notes 

The usual amplifier is a two-port circuit. That is, it has an input port consisting of two terminals and an output consisting of two more. One 
terminal (ground) can be shared between the ports. Many filters are also two-port networks, including most of the ladders networks we use so 
often. Many other networks have three or even more ports. A common example is a mixer, which has three ports. Another example of a three 
port network is a diplexer. This linear network is usually designed around two port filters where one end of two different filters are paralleled to 
form an input port. This is illustrated as Figure 1. The purpose of a diplexer is usually to force a frequency constant impedance to occur at the 
input port, even though we usually only use one of the two output ports for signals. The simplest form of diplexer uses a pair of 1 element filters, 
a low pass and a high pass. This is shown in Figure 2. 


Figure 1 
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the 





Figure 2 











equations give the L and C that provide a perfect match. The angular frequency is 
— called the cross-over. A familiar example is the cross over used in audio systems. 
The network that splits signals is a diplexer. Here is an example where both outputs 





are used. Another form of diplexer is the band pass/band-stop combination. This is 
shown in Figure 3: 


Let's now consider further some examples, some that work and some that don't 
work as well. First, let's look at an audio diplexer that follows a product detector 
in a DC receiver. The load of interest is the first audio stage, which has a 50 
Ohm input resistance. The diplexer offered is Figure 4. Note that this is not the 
combination of filters. It just looks like a low pass with an extra resistor. The 
response of this circuit is shown in Figure 5. The transmitted signal never gets 


up to the desired 1 volt in the low pass passband while the impedance match, 
represented by reflection coefficient, never gets down to the desired zero. The 
response is just that of a lossy low pass filter. 


In 2012; Click on many of the diplexer images to see the original sized 
version 





This isn't even a diplexer, t's iust 
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Figure 3 








The normal filter circuit without the extra resistor is Figure 6. The corresponding output response is shown in Figure 7. Note that the transmitted 
signal is now up at 1 while the reflection is down to zero, both within the passband. Transmission goes to zero while reflection is 1 in the 
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Now let's use the low pass and put a high pass with it to try to form a diplexer. This is shown in Figure 8 where we now have just guessed at 
component values. The response, shown in Figure 9, has high pass and low pass outputs that we might expect. The match is good at the 
frequency extremes, but is only so-so in the transition band. 
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Let's now look at a carefully designed pair of two element filters. The circuit is Figure 10 an is a final example. The corresponding response is 
Figure 11. It is hard to see, for the response merges in with the baseline. However, the reflection is zero and it is zero everywhere. This filter was 
designed for a 1 kHz crossover, so it can be scaled to other frequencies with ease. 
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Figure 12 is another final audio example. This circuit is very similar to the one used in the past by Roy Lewallen, W7EL, although the inductor 
was smaller at 100 uH in his Optimized rig. The response of this diplexer is shown in Figure 13. This is not perfect, but it is probably quite a good 
performer in typical receiver situations. 





| @ 
a 
C4 
ui —j}— oulHi en 
R3 <9 400n | 
= 450 
0 RS > 


This is an approximate diplexer forrnat. This is like what Roy did. if 


Figure 12 


| 4.0 ~~ ~-- 





Figure 13 


0.5uU 


qu — - —- = ~ 
1mMiz 1, UKH2 TEEKHZ 1aMiz 
U(gan) « VtoutHi) + UCoutLow) 
Freguency 





Finally, here's a higher frequency example. 5th order low pass and high pass filters are combined. The filters have a cross over at about 150 
MHz. Note that there is a slight reflection in the transition band. This is probably just the result of our having rounded some values in the design 
process. Figures 14 and 15. An outstanding reference on this is Nic Hamilton, G4TXG, "Improving Direct Conversion Receiver Design," Radio 





Communications, April 1991. 
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Bridge-Tee RF Diplexer 
This is an excellent bandstop/bandpass diplexer popularized by Joe Reisert W1JR. U1 cl 
This easy to build diplexer has a low parts count and is easily built using Ugly 
Construction. Resistors R1 and R2 present a 50 ohm impedance to the mixer output 


and a 50 ohm impedance to the input of the post mixer amplifier. The IF frequency is RI R2 POST 
passed through the diplexer while out of passband RF is given a low impedance path MIXER MIXER 
to ground. The capacitance for C1 is generally built up by substituting the nearest IF AMP 


standard value capacitor or by placing 2 or more capacitors in parallel with each other 
to achieve the desired value. The same procedure is then repeated for the C2 
capacitance. For more strenuous purposes, a portion of C1 and C2 or the inductors L1 
and L2 can be variable and adjusted on the bench. The inductors can easily wound on 
powdered-iron toroid cores. | have used T50-2 or T50-6 type toroids with good results. 
The Q of the inductors is 1. 

It is possible to design a more generalized form of this diplexer with a higher loaded Q in the resonators. The diplexer shown and used in the 
program has a Q of 1. This was used by W1JR in his VHF/UHF World Column in the now defunct HAM Radio Magazine for March and 
November 1984. It was also more recently used by Jacob Makhinson, N6NWP in his A High-Dynamic Range MF/HF Receiver Front End in QST 
for February 1993. The actual formulae for this diplexer is far more complex than the simplified formula shown below or used in the program, but 
both provide a very good approximation for the Q = 1 version as used by W1JR and N6NWP. If you wanted Q=10, the series tuned circuit would 
use L that is 10 times as high with C to resonate. The parallel tuned circuit would then use C that was 10 times higher with L to resonate. 

A supplemental web page with some hard-core mathematics for this diplexer can be found on the Diplexer Supplemental Page. 


50 ohms C2 | | L2 50 ohms 








Simplified Formulae (Q = 1): 

R1 and R2 are always 51 ohm resistors. 

Inductors L1 and L2 -> 50 / (6.283 * frequency in Megahertz) 
Capacitors C1 and C2 -> 1/ (6.283 * 50 * frequency in Hertz) 


Example 1: For a 9 Mhz IF , L1 and L2 = 0.88 microhenrys and C1 and C2 = 350 picofarads 
Example 2: For a 4.92 MHz IF , L1 and L2 = 1.62 microhenries and C1 and C2 = 647 picofarads 


| wrote a simple program to do the math for the Q = 1 version. Download the Bridge-Tee RF Diplexer Diplexer Program 


Comments and analysis by W7ZOI 


This is a double ended version of the first order bandpass/bandstop design presented earlier. But it's a good one, within the constraints of what it 
can do. The first is the simulation schematic for the diplexer, which is better termed a Bridge-Tee Diplexer. (There are bridge Tee filters and 
attenuators too.) That figure is entitled Figure 16. 











Bridge-Tee Diplexer 







| Figure 17 
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The response for this circuit is shown in Figure 17. This is extremely good. The through response is very flat owing to the low Q of the series 
tuned circuit. But even better is the match. It is very good. Indeed, it would have been perfect except for slight roundoff errors that occurred as 
we designed the networks. 
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This kind of thing works fine if you really have a perfect match following the diplexer. But what if you don't. There are some places where they do 
not do the job that some folks think they will do. For example, a diplexer WILL NOT cause the impedance to be flat if it is followed by a filter. The 
diplexer must still be properly terminated at both output ports. In Todd's usual applications, he is worried about providing a good mixer 
termination for a product detector. The audio amp that he uses will usually have a common base first stage and that will present a good 
wideband load to the diplexer, so he is okay. But other folks have placed a diplexer after a switching mode mixer that then drives a narrow filter. 
The diplexer then does little good. To illustrate this situation, | designed a "crystal like" two pole LC bandpass filter with a 50 kHz bandwidth. This 
represents the general case where we try to put a diplexer between a mixer and a filter. The filter response by itself is shown in Figure 18. The 
schematic for the diplexer and following filter is in Figure 19. 


The response for the combination is in Figure 20. Here we see a 
passband response that is fine; it's just the repeat of the filter 
response we already saw. However, the input impedance looking 
into the diplexer, the impedance that would be seen by a mixer, is 
terrible. The return loss is 0 dB at all frequencies except where we 
get within the passband of the filter. 





[Bad ' Din 


Kat Jesce Pit Yew Tools wow Eelp 


Q) OO) fr|5¢]2] eS )26)/ 88] e 


Figure 20 


' S output response 
604 , . 
8. AMZ 8.62 8. Shit2 9. Melz 9.22 9 .uMH2 = «9. 6MH2 
s OB(UCout)) bE(UEganna>) 
Frequenc 


| 
Rstoit| Boon | Bpexciee.| Baicro...| Ee veero..| FP szic...| Fi minn Pra 


Building a diplexer to follow a product detector is not a cheap endeavor. 
Audio inductors and capacitors such as metalized polyester film types are 
not common in many builder's junk boxes. | really like the design shown in 
Figure 10 and wished to use it because it uses just 2 inductors and 
capacitors which is in keeping with the popcorn nature of this website. The 
main difficulty is that the inductors and capacitors are not standard value 2.2uF 2.2 uF 
types and series connecting components to achieve the desired values ul 

would add to both the cost and size of the finished product. 








Practical Diplexer 


10 mH 


Obviously, it will not likely match from DC to daylight. That is not the 51 | 10 mH 
intention of this simple design or this web site in general. | asked Wes to 
place just 2 standard value capacitors and inductors in the Figure 10 
diplexer design and see what happens. 





Here was his response to my request: 








OK, here are some "practical values." Note that things don't really change 
that much. We start with 11.x mH and 2.25 uF. Change the inductor to 10 
MH and get Figure 21. Then change the cap to 2.2 uF and see almost no change in Figure 22. 
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But now move into the world of even greater reality and acknowledge that many of the inductors we use at audio are very low Q. Change Qu of 
L to 10 at 1 kHz, so! put 6.3 Ohms in series with each L to get Figure 23. And do the same thing, but with a dB scale, for Figure 24. Note that 
we can see the difficulties, but things are still pretty good. We see some loss (about 1 dB) in the low pass path and less than perfect match. But 
the match is still very good. 20 dB is about 1.1:1 vswr, much better than 99.9% of the hams can really measure. (A 10 dB match is about 2:1.) 
Hope this is what you were after....Wes 


It was and | will use this "practical" diplexer in my next popcorn DC receiver project. Note that the practical diplexer input and output impedance 
is 50 ohms and the 2.2 uF caps should not be polarized capacitors such as regular electrolytic types which have a positive and negative polarity. 
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Many thanks to Wes Hayward, W7ZOlI for his work on this page. 
A version of this web page in Russian Cyrillic 





FQMEBUfLDER 


My 
RF — Test and Measurement 





Ugly Construction 











Discussion 

We enjoy many ways to build electronic circuits. For . 
example, you might breadboard on a perforated circuit — —_—— —_~—.. 
board, an etched PC board, a sheet of copper clad board, Chemicals 


or even a piece of copper wire. In the hay day of tube 
electronics, builders used terminal strips and point-to-point 
wiring within the project chassis. | mostly breadboard using COPPER CLAD BO ARD 
Ugly Construction. 


Complies with Mil-S-13949H-GFK. Stress Relieved UV Blocked 
Ugly Construction, "dead bug", or "ground-plane Flame Retaw)nt - UL Rated 94-VO. UL-FR-4, 1 oz Copper 


construction" involves building circuits on top of a double or 
single-sided copper clad board (copper side up for single- 
sided board). The copper ground-plane provides a low 
impedance ground and mechanically supports the parts 
soldered to it. Component leads requiring grounding are 
soldered directly to the copper surface, while the 
ungrounded leads of these parts anchor any ungrounded 
parts connected to them. Isolated sections called stand-offs 
hold other ungrounded or remotely located parts. 





Example stand-offs include high value resistors (10 

Megohm or greater), terminal strips, or small copper islands glued onto or cut into the copper ground-plane. Parts such as transistors, IC's or 
commercial diode ring mixers are generally flipped upside down and anchored by their grounded lead(s). Metal encased parts such as crystals 
can be grounded by a short wire or directly soldered upside down to the copper board. 


DC voltage wires, or decoupling resistors may be supported by soldering 1 lead of a bypass capacitor to the ground plane while the other lead 
holds the DC voltage carrying part up off the copper board a short distance. | mostly use grounded caps for stand-offs and not 10M resistors. 





Shown above — a 10 Megohn,, half-watt, stand-off resistor anchors the "hot" inductor terminal plus supports the ungrounded trimmer capacitor 
terminal. The coil's 24 gauge wire provides additional mechanical stability. The signal loss from adding the 10M resistor was about 0.1 volts peak 
to peak in 1 experiment. 


Ugly Construction allows the experimenter total control over the design of a project and in my opinion, its greatest strength is speed. Ugly 
Construction yields rapid and flexible bread boarding — very appealing for prodigious home builders. 


The Origin of the Term "Ugly Construction" 


Roger Hayward, KA7EXM and Wes Hayward, W7ZOI coined the term "Ugly Construction" while writing the "Ugly Weekender" published in the 
August 1981 issue of QST. | asked Wes about this in 2009. The term was a takeoff from the 1958 book entitled The Ugly American by William 
Lederer and Eugene Burdick. 


A big part of the learning of the QST article was Ugly Construction! The term and the bread boarding technique emphasized the fact that there is 
no correlation between the "prettiness" of a construction project and the way it works. According to Wes, the goal had a couple of corollaries. 
"First, people like myself who do NOT have the knack for doing pretty projects can still build successful radios. Second, is that we all need to 
look at our projects after the fact to discover what it is that really makes them work well. In the case of the Ugly Weekender, the thing that makes 
it fly is that there is a wonderful ground plane with that PC board material". 


Indeed, this transceiver functions very well; especially after you temperature compensate the VFO. Wes also built versions for the 30 and 80 
meter bands. | have versions on 15, 40 and 80 meters. The transmitter portion is a true QRP classic; both as a Ham radio transmitter and 
because it promoted "ugly" ground-plane or dead bug bread boarding techniques to the scratch homebrew community. 


Classic Ugly Construction 


This term emerged in Spring 2010 and describes the archetype popularized by Roger and Wes Hayward. All ungrounded leads not anchored to 
other parts are attached to the copper ground-plane via high ohm resistors — no glued pads or islands cut in the copper board. 


In-situ comparisons of a 10 megohm resistor versus islands cut into the ground plane and glued-on Manhattan-style pads demonstrated that the 
resistor had the lowest capacitance; around 1 pF versus 4 pF or greater for the pads or islands. Click for a high resolution transmitter chain built 


with 100% Classic Ugly Construction. Click for a crystal oscillator. 








Above — Classic Ugly Construction using a high ohm stand-off resistor. The top of the 10 megohm resistor is the VCC connection point. It feeds 
a 150 ohm / 47 uF decoupling network connected to a transistor collector resistor. Bypass capacitors also serve as stand-offs and | prefer thick 
lead (100 volt or greater) caps for stand-off duty. 








Above — The original Ugly Weekender. Photograph used by permission of Roger, KA7EXM. 








Above — The original Ugly Weekender. Now this is Classic Ugly Construction. Please refrain from building this transceiver and adding modern 
notions such as a PIC microcontroller keyer — that's just wrong! 


Photograph used by permission of Roger, KA7EXM. 
Ugly Construction Variants 


The most popular Ugly Construction variant is called Manhattan style. Manhattan or "paddy board" construction uses small square or round pads 
cut or stamped from PC board that are glued copper side up onto a large copper clad board also placed copper side up. The small pads or 
"islands" serve to anchor ungrounded components. Components soldered to the pads such as transistors or ICs are generally not positioned 
upside down like in Classic Ugly Construction. Many Manhattan style builders use IC sockets as well. These hobbyists sometimes build beautiful 
looking layouts — Manhattan is a wonderful bread boarding technique. Google for more information. The best Manhattan construction and copper 
board chassis bashing I've seen comes from Dave, AA7EE. Click for a blog describing his version of the WBR regenerative receiver. Linked with 
the permission of Dave, AA7EE. 


Another interesting variant is used by Dick Pattinson, VE7GC. The circuit board is placed copper side up and holes are drilled and countersunk 
so that the holes are isolated from the ground plane. Ungrounded components are connected underneath the main board through the 
countersunk holes. There are many such variations. Each Ugly Construction variant has advantages and disadvantages. 


On this website, stand-offs are created by cutting a few lines into the copper board with a small, motorized hobbyist cutting tool; with high 
megohm value resistors, and occasionally by a small Manhattan style pad or 2. Manhattan pads are great for supporting components needing 
solid anchoring such as a trimmer capacitor or potentiometer. 


Classic Ugly Construction dominates circuits breadboarded after May 2010. 


The motor tool may also be used to grind off the copper underneath where VFO toroidal inductors will lie, so that the inductor Q is not effected by 
the being glued onto a copper surface. In audio projects, | may also grind off the copper around the copper board mounting bolts so that they are 
isolated from the chassis and do not provide multiple grounds and create the potential for ground loops. 


Is Ugly Construction Less Reproducible than Manhattan? 


I've received well over 1000 emails about Ugly Construction since launching the site in 1998. Some feel that circuits made with Manhattan pads 
are more reproducible than Classic Ugly Construction builds. This might be true, but to my knowledge nobody has performed a comparison trial. 


The important question is why would this happen? I've read/heard opinions that the stray L and C from the long component leads associated 
with Ugly Construction might wreck circuit reproducibility, but respectfully disagree from DC to HF. In microwave breadboards, we fabricate 
lumped element inductors and capacitors (i.e. precisely dimensioned Manhattan pads) right into the PC board — Manhattan pads glued all 
around a breadboard may potentially exhibit much more stray L and C than a few component leads in an Ugly build. Also, wise Ugly builders 
keep their lead lengths short where it counts: for example, RF bypass + ground and at the input/output of a BJT or FET that offers gain into UHF. 


| conjecture human error probably inflicts more problems for Ugly Construction builders — Manhattan building, with its slower pace might trigger 
less mistakes by newbies. Still, too, Manhattan builders tend to make prettier, squared and aligned circuits and it's easier to spot trouble — plus 
they look nicer in photographs and some builders carefully document and photograph their builds for others to admire and strictly copy. I've see 
Manhattan build photos where every resistor tolerance band pointed in the same direction — wow! | think it might be difficult to put such a 'work 
of art’ into an RF-tight metal box for much-sought isolation. 


Further, in Ugly Construction — upside down parts might wreak havoc on the "spatially challenged" builder. Who knows? I'm comforted knowing 
that kit sellers who provide a screened printed circuit board with explicit instructions, still must provide major email support to mitigate build 
errors. To err in an ugly fashion is human? 


Whatever variant of construction you choose, it's sure to be a winner! 


Further Discussion 
Wire 


Non-stranded (solid core) copper wire such as the 22 AWG 3-color package sold by Radio Shack seems a good choice for hook up wire. With 
non-stranded wire, you do not have to worry about little stay wire hairs causing shorts and it's easier to wrap around components leads. | use 
red for wires that carry positive voltage, green for grounding and black for wires that carry AC signals short distances. In addition, RG-174 or 
shielded wire is used to carry AC signals for distances greater than 10 cm, and for connecting stages requiring 50 ohm input or output 
impedances such as diode ring mixers or low-pass filters. 











Your Health 
Please consider the following safety comments: 
For regular soldering, ensure ventilation of your room — flux fumes can be harmful. Open your shop window and/or use a small fan to improve 


fresh air intake; 


Whenever possible, perform high wattage soldering outdoors; 


When grinding paths on copper clad boards, wear a small particulate respirator, gloves, plus ear and eye protection and most importantly; do 
it outside for yours and your family's health; 


Wash your hands after soldering and handling freshly cut, fiberglass dust laden copper clad boards. 
Soldering Irons 
For soldering copper clad boards together, AC grounds on tube guitar amp chassis and performing antenna work, | currently use a Weller SP 


80L (80 watt) soldering iron. It is heavy and unwieldy, so you have to be very careful when its plugged in. These high wattage soldering irons 
produce lots of smoke. 





Shown above is an 80 watt "heat torch". My main soldering irons are typically in the 30-35 watt range. Consider keeping at least 1 back up 
soldering iron, as you never know when a soldering iron is going to burn up. My current 35 watt iron is shown below. These Weller irons have a 
built in lamp which lights when they are plugged in; a very nice feature. | also keep a small stock of new soldering iron tips. 


Ly 





Copper Clad Board 
Some builders ask about sources for copper clad board. | personally use boards made by MG Chemicals as they have dealers in my city and are 


reasonably priced and good quality. Try the search words copper clad board plus your country name in your favorite web search engine. A 
few links follow, but as | have only used boards sold locally, | can't comment about the online companies. 


MG Chemicals Worldwide distributer index 


Electronic Goldmine_ Online store 
Circuit Specialists Online store 


Miscellaneous 


Shown below is a schematic and the Ugly Constructed version of it. 


1N4148 


The second half of 1458 is set 
up as a voltage follower 
Fabulous tone and sine wave 


270 Hertz 





Above. The schematic of an adapted sine wave audio frequency oscillator taken with permission from EMRED , Figure 12.4. EMRFD is the main 
reference for this web site. The original schematic author was Wes, W7ZOI 








Above. | built this circuit from start to scope in about 25 minutes. This was a scrap, pre-used board with a positive voltage path and a 
potentiometer holder already on it When miniaturization is not your goal, construction is much easier and faster. | re-use parts and boards to 
save money. You may remove entire stages from 1 board and solder them onto another. 








Above. Note how the 10K output potentiometer holder is soldered to the main copper clad board. The grounded 10K resistor is used to anchor 
the 22K resistors connected to IC pins 2 and 3 and can be seen in the foreground. 
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Shown above is another project. Entire control panels can be built from copper clad board for prototype circuits. In this board are numerous cut 
paths, 7 potentiometers, 3 jacks and a switch. Do not build an LC VFO over double sided copper clad board; lest it become "a capacitor" and 
affect your frequency stability. 








Shown above is a CD4013B D Flip-Flop soldered "dead bug" style. Pins 4, 6,7, 8 and 10 are grounded to the copper surface; well anchoring this 
part. Using proper static precautions, | have never had a CMOS device failure using Ugly Construction and also save the price of an IC socket. 





Above — a method to anchor op-amps using a split (negative and positive) power supply. Pins 4 and 8 are soldered to the copper board via a 10 
megohm resistor. A 0.1 uF ceramic bypass capacitor is also connected to these pins. The resistor leads were left a little long to allow easy 
connection of the power supply wires. | write each pin's polarity on the board to avoid wiring mistakes. 





Shown above is another use for copper clad board; heat sinks. In this case, 2 scraps are epoxy glued to 2N3904 and 2N3906 transistors. 





A flux pen like this one from MG chemicals is a handy item for the QRP workshop. They are great for applying liquid flux to allow easy and 
precise soldering of SMT components. Also sometimes when adding components to ground in already built up circuit boards, it can be difficult to 
get your soldering iron down at a low angle for proper heat transfer. Some flux can help solder a part to the copper ground plane in these 
situations. 





Shown above are the basic tools used to cut copper clad board. A felt pen marker, small square and a set of straight aviation shears. If you 
press one end of the copper board into the side of your bench and keep pressure on the handle of the aviation shears with your thigh, it is 


possible to make long, straight cuts. The board will flex and move out of the way as you cut. Your leg provides the force to advance the aviation 
shears. 





The motorized grinding/cutting tool used to carve out small pathways in copper clad board. 


MANUFACTURED BY 
THAMESVILLE METAL PRODUCTS LIMITED 
THAMESVILLE - ONTARIO 





Steel wool used to clean up copper clad board before construction. A box like this will last for years. 





For 15 years, I've used this 9 mm cutter to scrape the enamel insulation off the magnet wire wound on toroidal inductors. 
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VE7GC Wee Willy 75 Meter DSB Transceiver Project 





Introduction 


| meet a lot of interesting amateur radio enthusiasts online and on the air. Among them is Dick Pattinson, VE7GC who was first licensed in 1934. 
When Dick isn't sailing he builds and operates his homebrew QRP gear to hams around the west coast of Canada and the U.S. 


Presented is a double sideband transceiver that Dick calls "Wee Willy". This rig has a low parts count and is easily built using non-etched PC 
board techniques. Dick even makes his own radio case using copper clad PC board for the front and back panels and cardboard for the rest of 
the case. The set itself is in a case 1 1/4 by 2 1/4 by 5 1/2 inches. There is a separate container which holds a 6 volt rechargeable battery and 
speaker. The speaker/battery case is about 2 1/2 inches cubed and is not shown. 


The circuits are built in three sections on the circuit board, namely TX, RX, and VFO. An electret condenser microphone is on front panel along 
with T/R switch, volume and frequency adjust. The back panel has the antenna jack, power input cord and the speaker jack. The battery pack 
has a 100 uF capacitor to across the power leads for additional filtering and is shown in the VFO schematic. 


The text that follows is clipboard pastings from email that Dick sent me with some additional comments and expansions by me. Dick's project 
exemplifies practicality and innovation and with that is a major contribution for the QRPHB site. 


Construction Methods 

Dick's electronic construction method is quite fascinating and represents yet another derivation of ugly construction. The electronic wiring is done 
on single sided PC board, copper side up. Small holes are drilled through the PC board material to allow component leads to pass through them. 
Then the holes carrying active leads are chamfered ( countersunk ) with a larger drill bit which is not run all the way through the PC board. This 
leaves an ground-insulated side to the hole and prevents a component lead short circuit. The copper being topside allows both convenient and 
short component grounding. The Wee Willy parts layout is extremely neat and compact. Dick, presumably through practice has great skill with 
this technique and | plan to try it in the future. 


The project case is constructed from 1/16th inch cardboard which is cut and bent to fit the electronic PC board. Once cut, the outer surface and 
edges at the front are covered with tissue paper or Kleenex (tm) type tissues soaked in white glue. The applied tissue paper and glue is allowed 
to dry and then additional coats are added to build up a body. Alternately, the cardboard case can be coated with lots of glue and the covering 
material imbedded in the glue. The air bubbles are pressed out and extra glue is added where necessary. When enough material has been 
added to cover up and strengthen the case joints and the glue is perfectly dry, the case is painted with Rust Coat Enamel available at hardware 
stores. The end result is a glossy, durable finish which looks very sharp. 


Transmitter 

This transmitter uses an electret condenser microphone ( Dick used an Archer 270-90 ). The mic is built right into the front panel of the chassis 
and this of course guarantees short mic leads. A 741 op amp is used as a speech amplifier which in turn drives the balanced modulator a 
Signetics NE602 doubly balanced mixer. The input and output impedance of the NE602 mixer is around 1500 ohms. 


To adjust the transmitter, set the bias control on the VN10 stage to ground and tweak L1 to resonance using an RF probe or scope on the VN10 
input. The input signal must be audio, spoken into the front panel microphone to get the DSB. Once L1 is tuned, connect a 50 ohm load to the 
antenna with some sort of RF indicator (such as a RF power meter) and advance the bias control to give a watt or so output. Then speaking into 
the microphone should result in a DSB signal suitable for communicating on QRP! No audio input should result in no RF output. The supplied 
voltage should be kept at 6 volts, remembering that NE602's cannot stand voltage greater than 9 volts. With suitable voltage control such as a 
6.8 volt zener diode on these chips, one could use higher input voltage with a corresponding RF output. 


There is another way of setting the bias on the VN10. After aligning L1, with a ammeter in the six volt supply line, advance the bias control until 


the input current increases about 10 mA (with no modulation). If you do not have an FT37-77 ferrite core, substitute 10 bifilar turns on a FT37-43 
ferrite core for the T1 transformer 





Wee Willy Transmitter 
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L1 10.7 MHz tunable Tak Lee IF coil 

L2 47 uHRF choke 

L3 22turns #24 AWG ona T50-2 Powdered Iron Core 
T1 +11 is 6 turns Bifilar wound #24 wire on FT37-77 core 
Q1-Q3 YN10 nJFETs 











Receiver 


The receiver is a direct conversion type with a manual RF gain control in the form of a 5K potentiometer. Listening to a weak signal on the 
desired frequency the RF stage and the mixer core ( T1 and T2 ) adjustments are made until you hear the loudest possible signal, keeping the 
input test signal as low as possible. When the receiver is connected to a doublet antenna there is no lack of incoming signal, which can be 
controlled by the front panel RF gain control. 


The antenna and 6 volt supply is switched manually from TX to RX mode and back by a front panel mounted switch. If you can not find Tak Lee 
green 10.7 MHz IF coils, probably any other brand of 10.7 MHz slug tuned IF transformer would work. The Mouser catalog number 421F123 
would work well and in another 80 meter project | used it with a 470 pF capacitor instead of the 330 pF cap shown. | would start with Dick's 330 
pf cap and if it will not tune to resonance sharply, slightly increase the cap value up to see if a bit more capacity is required to resonate it on the 
desired 75 Meter frequency. Note that the secondary coil on the L1 transformer in the transmitter schematic is unused. If your 10.7 MHz IF coil 
has a built in capacitor at the base, remove it. 


During receive, the standby drain current at 6.0 volts was 24 mA and on loud signals it rose to 100 mA. If this is too much, probably the easiest 
thing to do would be to put in a series resistor from positive to the LM386 to limit the drain current. To get output on the speaker it is a matter of 
how loud you want it for the drain you draw. If earphone only reception is okay, then the drain could be reduced considerably. 








Wee Willy Receiver 
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Dick's diagram indicate that this VFO was based upon a design presented in SPRAT for summer 1995. The main inductor L1 is wound with #32 
AWG wire on a 1/4 inch slug-tuned coil former. This coil would have an XL somewhere between 250 - 310 ohms, so if you cannot find a coil 
former as described , you could easily wind one on a powdered iron toroid and make a portion of the C1 capacity variable for adjustment. A 
suggested alternate inductor is 53 turns of #26 AWG on a T68-6 core powdered iron core. 


Dick suggests checking an old television to find suitable coil formers such as the one he used. It would probably be best to distribute the 120 pF 
C1 capacity among 3-4 capacitors to enhance stability. These caps should be NPO ceramic for best results with frequency stability. 


Dick's oscillator uses the slug tuned core to put VFO frequency close in frequency to where you want to operate and the variable resistor tuner 
on the front panel allows adjustment around the incoming signal to get the correct pitch. The desired band-edge is easily set by adjusting the slug 
while listening to the VFO frequency as audio on another receiver that has a frequency readout or directly with a frequency counter. 


The L2 150 uH RF choke can be a simple epoxy unit which resembles a resistor. The D1 variable capacitance diode is a BB104 which has ~ 35 
pF capacitance on each side. These are available at Dan's Small Parts and Kits whose URL is in the Links section of the site info web page. 
Experimentation with other tuning diodes could produce a practical alternative to the specified D1 part. 
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Operating Wee Willy 

Dick sent me Willy in the mail and the first available moment | fired the little rig up and spanned the VFO which tuned from ~ 3721 to 3738 KHz. | 
then proceeded to tune 3729, the frequency of BCEN, our SSB provincial public service net and on my first break was able to check in with one 
call sign repeat to the net control station. The band conditions were noisy and most signals were S8 or lower, however Wee Willy's 1.5 watts 
P.E.P. were able to check me in with my folded Marconi antenna. | later changed the L1 slug and worked some stations higher up the band. My 
audio reports were favorible and no one knew | was running DSB. This is a fun radio and it looks cute to boot! 


When transmitting, | had to be careful to keep my hand away from the VFO compartment to prevent pulling the VFO frequency with the 
capacitance change from my hand. The VFO has reasonable long term frequency stability and copying CW stations with the receiver was 
possible without frequent tuning readjustments. 


The following are some digital photos of Wee Willy taken by VE7ZAC. 


Move your mouse over the images for a larger version. 





From left to right the electret mic, TX/RX switch, RF gain control and VFO tuning control. The number 375 is Dick's 
project identification number. He has given me many schematics of his projects and each has a unique number and 
case color. For the non-Canadians, the large coin on top of Willy is our "Loonie" a 1 dollar coin. The large 2 color coin 
in front of the rig is our "Toonie" a 2 dollar coin. 


The hole on the left of this rear panel shot is for adjusting the L1 slug for the VFO. From 
wherever on the band the VFO is set a front panel tuning range of about 17 KHz was 
possible. Also shown are the speaker jack , BNC antenna connection and DC power 
leads. 








Wee Willy with the cover off. 


These top view shots clearly shows the 3 distinct compartments. From left to right the TX , 
RX and VFO sections. The VFO has a PC board seperator for shielding. Dick's 
construction method is well illustrated with this photo. The IC's are in sockets. The 3 
VN10s have a small tab on the top. There are no heat sinks on the VN10 finals and they 
do require any for a 6 volt supply voltage. The rear panel jacks and VFO inductor are all 
mounted in PC board material. 





Here is a bottom shot showing the connecting wiring through the chamfered PC board 
holes. Many thanks to Dick Pattinson, VE7GC for allowing me to present one of his 
projects. 








Wee Wee Willy by NM8T 


NMS8T Builds Wee Wee Willy 


Steve White, NM8T emailed me a few weeks ago that he was building Wee Willy and was not getting the expected output power. | forwarded his 
email to Dick and they problem solved the issue. It turns out that the VLOKM's were the culprit. 


Unbc!anced Ferrite Beods 


Bolanced 
Cooxial Cable 





Here are their final two emails: 


Steve: | think you have found a solution to your problem. | did not know that VN10's are different. | bought mine in 1994 from a radio parts 
supplier and they are marked VN1OKM F324A1. Have fun with your new rig and let us know how you are doing with it. 73, Dick 


Dick, | have completed my little rig and have had a blast with it so far. My first CQ yielded me 3 contacts in Pittsburg, Pa. My friend across town 
gave me a 20 over S9 report. The three hams in Pa. were astounded that | had only 1.5 watt PEP. | had to use 12 volts and used small 5 volt 
regulators to feed the NE602's. This works very well. | even used a little homebrew tuner with it and got my swr flat. | am going to take the little 
rig to Dayton Hamvention next year. | go every year and take a little project each year to show everyone. | hope it is ok to call my little rig Wee 
Wee Willy, since itis a little smaller than your version. | want to thank you for your help in getting this rig completed and also thank Todd for his 
help in getting me in contact with you. Your little rig is very neat and right up my alley for a QRP rig. | look forward to working you someday on 
QRP. I'm 47yrs. old on the 24th of this month. | have a whole room full of QRP rigs such as HW-7, HW-8, HW-9, Argonaut 509, 515, Powermite 
PM-3a. Have built a Cascade, LCK, Spider, MXM, Keyers, Tuners, and all kind of other projects. | love QRP and hope to build many more soon. 
The Wee Willy is one of my favorite rigs. Here are some pictures for you and Todd. Thanks and Hpe CU Agn. 73's NM8T (No more 8 Tracks) 
Steve White - Fayetteville, WV 





My special thanks to Steve White and Dick Pattinson. 





Countless builders have constructed the Wee Willy on several bands. Here are 2 more examples. Paul, KE7HR Linki and Link 2. The finals 
even made it into the the BITX17 transceiver. Allan Yates published some good work on the final amp. 


I've also tweaked Dick's design, but decided to leave his little rig and this web page alone out of respect to him. It's always easier to improve 
rather than actually design something. I'll never better the experiences | had operating and documenting his transceiver. 


Update February 15, 2011 


| lost touch with Dick and decided to call him on Feb 10, 2011. He's 95 years old and no longer building. Sadly, his wife Christina died 2 years 
ago. She was a beautiful person and a gifted painter. Dick remains astonished that Wee Willy - Project 375 ORP Radiophone has been built by 
at least 50 people (that | know about) world wide, the subject of blogs and the basis/inspiration for numerous radio projects. | met Dick on 80 
meters and my wife and | once visited his residence and spent 2 glorious, days on Saltspring Island with he and his wife. 


Dick sent me the radio and documentation on Aug 13, 1998. He was a hardcore builder and a professional electronics technician who, for a time, 
flew his float plane to service equipment in the Gulf Islands of British Columbia. Dick keeps many binders full of his carefully numbered and well 
documented projects. He gave me a few sheets for my reference library as a gift. Dick's work inspired me early on and | cherish the time | had 
Wee Willy in my radio shack - blown away by DSB, QRP and such a novel little radio. 


Dick asked me to send his greetings to all QRP Homebuilders everywhere. 


More Updates 
Aug 25, 2011 


Hi. Been viewing your web site for a while, lot of great information for builders. | thought i would let you know that | built the "Wee Willy", it works 
great, so good that | decided to try building one for 20m. | built the 20m version with a 14.318 crystal instead of a VFO ideal for my local net, also 
changed the PA circuit using IRF510 giving me 2.5W output, the transistor can run 5W, but it does get rather hot, | must say that the quality of 
the transmitted audio is amazing, everyone comments how good it is and some do not believe it is home-brew!!! | have put a few CQ calls out 
with a simple dipole and made contacts into Belgium, Netherlands, Finland and Saudi Arabia. Many thanks again for putting the Wee Willy on 
your website, it has opened my eyes to how well you get get out with QRP power. 


Regards Wayne. MOWAY. Click for Wayne's fabulous Wee Willy bread board. 
Sept 19, 2011 


Wayne, MOWAY wrote again, 
| built another Wee Willy and put it into a box, but with a few extra bits: 


A new VFO was added that runs 14.190 — 14.350 MHz (an 11 MHz crystal oscillator + a 3.2 MHz VFO + a band-pass filter) | got the power up to 
4W, however the audio was a little over powered from the extra RF, so | had to reduce the audio gain and added an antenna switching circuit, 
after | burnt out my receive circuit with the 4W output. 


Here's Wayne's PA (from the NE602 on ** updated July 12, 2012 ** ) Click for a photo of his latest incarnation. Thanks again! 
Oct 19, 2011 


Mark, WA4JAT built a "O cost" Wee Willy from 100% junk box parts including a CB radio transistor for the final. Click and click. Mark tunes the 
VFO using an air variable capacitor mounted in the former Heath Kit signal tracer project chassis. The cable running out of the front is the 
microphone coax with an electret mic at the end. Employing large size VFO, Rx and Tx boards facilitate easy future modifications. Awesome 
work Mark! 
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RF — Test and Measurement 





JFET BIASING TUTORIAL BY W7ZOI 





This tutorial is copyright © 2000-2001 by Wes Hayward, W7ZOI. 





JFET Biasing and an Amplifier Design W?IZOLI, 30Dec00. 


Junction Field Effect Transistors (JFETs) are generally no 
more difficult to bias than a bipolar transistor. In many 
ways they behave essentially like a classic triode vacuum 
tube. The current flowing between FET drain and source is 
controlled by the gate-to-source voltage, Vge. (This is the 
voltage you would measure with a voltmeter connected 
between the gate and the source.) 


The Fig. 1 schematic defines the parameters we use to 
describe the DC behavior of a JFET. The 100 Ohm resistor 
is added to preserve UHF stability during measurements. 

The gate voltage, V, is then varied while measuring drain 
current. The results are then plotted, as shown in Fig. 1. 
The FET is characterized by the simple quadratic equation 
below the schematic with the two FET related parameters of 
Ipsg and Vp. Ipgg is the drain current when the gate is 
short circuited to the source. The pinchoff voltage, Vp, is 
Veg when the drain current is essentially zero. 
in Fig. 1 has Ipses=20 mA and Vp=-4 volts. 
current are identical in the JFET. 


The example 
Source and drain 


V 2 


ICV) := Ig..:/1 - — 
dss v 
P 
Tice = 20 mA Vo = -4 volts Figure 1 





Basic behavior of an N-Channel depletion mode JFET. 
The numbers shown basically illustrate the ideas. 





The experimenter wishing to use a JFET in a circuit will 
most often use the method called "self biasing" where a 
resistor is placed in the source lead. The gate is 
grounded. The FET current also flows in the resistor. The 
current generates a voltage drop that elevates the source 
voltage above that of the gate, which is the same as 
biasing the gate negative with respect to the source. This 
establishes a drain current less than Ipss. 


Drain voltage is not critical so long as it is a few volts 
greater than the source. 


The resistor value for a desired bias is calculated with 

Equation 1 if Ipss and Vp are known. But these parameters 

are rarely well specified. For example, the popular J310 
is characterized only by ranges: Ips 1s 24 to 60 mA and Vp 
is -2 to -6.5 volts. 





Ipgg and Vp are easily measured for a specific FET with the 
circuit shown in Fig. 2. The circuit is built with a 
variety of source resistor values and the source voltage is 
then measured for each with a high impedance voltmeter. 

The pinchoff voltage will then be the negative of the 
source voltage when Rg is a large value such as 100K. 
Grounding the source through a current meter generates a 
direct reading of Ipss. This brief measurement will provide 
enough data to allow biasing. 


Figure 2 





Circuit used to determine FET DC parameters. 


This experiment was performed with a junk box 2N5454, 
producing the parameters Ipec=1ll mA and Vp=-2.8 volts. The 
current equation from Fig. 1 is plotted in Fig. 3 with 
these parameters. Additional points were measured 
producing points close to the curve. 
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Data and smooth curve for a 2N5454 we measured. 
This FET has a pinch off of -2.8 volts and a IDSS of 11 mA. 





This exercise SHOULD be done with virtually every FET that 
the experimenter uses. It is not enough to obtain data for 
a given FET type, although if a group of parts are 
available from one manufacturing batch, moderate uniformity 
might be expected. 


We mentioned the J310 earlier with an Ips spread from 24 to 
60 mA. That 2.5:1 span range is one of the better of 
commonly available parts. The historically popular MPF-102 
has a 10:1 spread in Ipee (2 to 20 mA) with Vp extending from 
-0.5 to -7?.5 volts! Clearly, this part should be used only 
with extreme care. It's a good RF part, but one MPF-102 
may not resemble the next. 


Assume the FET we summarized in Fig. 3 was to be used in an 
amplifier and that we wished to bias the FET for 5 mA. The 
5S mA point can be picked on the graph and matches Vg of 
approximately -0.9 volt. 0.9 volt drop from 5 mA matches a 
resistor of 180 Ohms. Application of Eq. 1 produces 182 
Ohms. Crosshairs indicating the 5 mA point are included in 
Fig. 3. 


Once a FET has been biased, it can be used in a 
small-signal amplifier. The significant gain parameter is 
the transconductance, given by Eq. 2. Transconductance is 
the drain signal current flowing for each volt of signal 
applied to the gate. Note that gy depends upon the bias 
current. The gy value given in data sheets corresponds to 
operation at Tass. 


Lacy = 011 Vo = -2.8 Vos = -0.9 


tass {,_ VSS 3 


& mn ~ 5-33163-10 


bs 





Figure 4 


Data used to produce transconductance for the FET used in our sample amplifier. 


Evaluation of gy from Eq. 2 for our 5 mA bias produces the 
data in Fig. 4. 


Consider the amplifier shown in Fig. 5. We will use this 
as an output buffer for an oscillator. Assume that we have 
tapped a signal from the oscillator tank where a voltage of 
1 volt peak-to-peak is available. When this is applied to 
the FET gate, a current of 5.33 mA pk-pk will flow. The 
transformer uses a 15 turn drain winding and a 3 turn 
output link on a FT37-43 ferrite toroid. This turns ratio 
transforms the 50 Ohm load to appear as 1250 Ohms in the 
drain line. A current of 5.3 mA pk-pk flowing here 
produces a voltage of 6.25 V pk-pk. The no-signal drain 
voltage will be about 11 volts, so positive and negative 3 
volt excursions will not cause voltage limiting. The 
current will vary from the 5 mA DC value down to nearly 3 
mA (still well above zero) and up to nearly 8 mA, still 
below Igss. The signal at the 50 Ohm load is reduced by the 
transformer to 1.33 V pk-pk. This is about +6 dBm, enough 
power to drive a diode ring mixer. This simple circuit is 
a low noise, efficient, and very useful amplifier. 


Figure 5 








Common source amplifier biased for 5 mA drain current. 





Figure 6 shows a FET amplifier that uses "long tail” 
biasing. A negative power supply is now used, forcing the 
biasing resistor to behave like a constant current source. 
This method can accommodate a wide range of FETs of a given 
type if the bias is set up for Iqg<Iass-min. 








Figure 6 








Amplifier with “long tail" biasing. This amplifier is biased for 5 mA and is identical in performance to that of Figure 5, but does not require the 
careful device characterization. 
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EMRFD Review 





Experimental Methods in RF Design 


First published by the ARRL in 2003, EMRFD serves as the main QRP/SWL 
Homebuilder site reference. 


Written by Wes Hayward, W7ZOI, Rick Campbell, KK7B and Bob Larkin, 
W7PUA, EMREFD is the follow-on to the 1977 ARRL publication, Solid State 
Design For The Radio Amateur (SSD). 


A treasure trove of narrative and tabled information, schematics, references 
and photographs adorn this lengthy (512 page) book that comes with a data 
CD filled with software and key reference papers. With the included CD, 
EMREPD is about twice the size of the original SSD. 


Wes and crew emphasize fundamental radio equipment design and bench 
testing rather than providing the usual catalog of circuits to just casually copy 
and not carefully examine. 


Since we amateur builders own varied skills, abilities and test equipment, 
some sections may intimidate readers, while others may inspire and drive 
your bench practices to a higher level of competence and joy. The heart of 
RF design lies in measurement and reason: EMRFD emphasizes this and in 
doing so alienates some readers. 


For some, homebrew radio electronics and kit building are synonymous — 
plenty of kits are sold to builders who chose to build someone else's design, 
rather than capture their own ideas on a scrap of copper board, or at least, to 
modify their equipment to suit their needs. EMRFD may appeal to builders 
who enjoy learning about RF design, or want more innovative and creative 
bench experiences — 1 stage at a time. 





Although stressing that build and measure = a proven way to improve in this 
hobby, Wes and team share other pearls including bread boarding techniques, parts lay out, hot parts and pitfalls to avoid. 


The first chapter is simply called Getting Started. On page 8, Wes shares his first simple receiver design — this page starts your breadboarding 
in haste! EMRFD features information and designs for all levels of experimenters, although basic electronics knowledge and some experience 
are needed to get the most out of its content. 


Replete with sidebar examples about measuring or calculating data for common circuits, EMRFD also offers general purpose stages including a 
universal monoband superhet receiver front end or AF chain instead of less versatile, single- application circuits. The design information feels 
vibrant and flexible and some of the material is original, or presented in a way that adds to the existing amateur radio knowledge base. For 
example, new front-end mute circuits, or the cascode JFET mixer and RF amplifier. 


Wes also shares some new ideas for RF and IF amplifiers ranging from simple to state-of-the-art. This book has something for everyone — | 
prefer to describe EMRFD's influence on our hobby in simple action verbs such as: improve, innovate, inspire, explore and transform. 


Software: 


The Microsoft Windows programs run on everything up to and 
including Windows 7. While a few programs are new, others 
represent updates of the historic W7ZOI Ladpac applications. 
Upon mastery of the Ladpac program suite, you'll generate the 
needed stages to boost your designs. 


For example you can design complex double or triple tuned band- 
pass filters for your projects without any math — the software 
gives you the series capacitor values so you need not worry about 
putting links on your inductors to match input or output 
impedances. 


EMRPFD = the must have reference book for your homebrew 
workshop. 


ARRL EMRED web link 


Link to the W7ZOl errata page for EMRFD 


See CD-ROM contents 
immediately foliows C 
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Tapped Capacitor Impedance Transformation in LC Bandpass Filters 


copyright © Wes Hayward, W7ZOI, April 30, 2003. 


We often use a pair of capacitors to match impedances at the termination ends of LC bandpass filters. The 
circuit consists of a shunt capacitor at the termination followed by a series capacitor connecting to the high Z 
end of a parallel tuned circuit. Some readers have asked about how the capacitors are picked. Although there 
is considerable flexibility in some of the choices, it is not empirical as some have guessed. A simplified double 








tuned circuit design sequence is presented in the sidebar on page 3.14 of EMRFD and this is the beginning of 3u | 172.3 


the analysis used in the programs DTC.exe and TTC.exe contained on the EMRFD CD. I'll not go into too 
much detail here, for it’s in EMRFD, beginning on page 3.8, and in chapter 3 of IRFD. Here is what happens 


in the programs: 


Bandpass filter design begins with an almost arbitrary choice of inductor. We pick 3 uH for a 7 MHz double 
tuned bandpass filter that we will use to illustrate the ideas. This L resonates at 7 MHz with 172.3 pF. 


A bandwidth and center frequency are picked for the filter. This establishes a filter Q. The Q of an 
end section is then determined by the desired filter shape (Butterworth, etc)Let’s say we want to doa 
7 MHz center frequency Butterworth filter with BW=0.2 MHz. Filter Q is then 35=7/0.2. QE will then 
be 35x(root(2))= 49.5. The QE value in the sidebar (p3.14) includes the effect of finite inductor Q. 
Assume a lossless inductor for this example. 


So what does this mean? It means that the end tuned circuit, when not coupled to the rest of the 
filter, needs to be set up to have a Q of 49.5. This is experimentally significant. (ref: QST, Dec, 
1991). The reactance at 7 MHz of our 3 UH inductor is X=131.9 Ohms, so we need to load each end 
with a resistance R=QX=6.53K-Ohm. 


What this means is that we would realize our double tuned bandpass filter with center frequency of 7 
MHz and bandwidth of 200 kHz if we terminated a simple double tuned circuit in 6.5K at each end. 











6. 








The filter is shown below where we have used additional equations (EMRFD p 3.14) to calculate the coupling and tuning capacitors. 


This is a useable filter design, for it will generate the desired shape and 
bandwidth. But, it is not very practical; it does not fit in our low impedance 
world. 


The filter can be redesigned. One classic, but usually impractical solution is to 
scale the filter to lower impedance levels. For example, if we dropped L from 
3 UH to 23 nH, we could directly load our filter with 50 Ohms and get the 
required end section Q. But this is not at all practical. First, it’s difficult to 
build inductors with L this small and still have reasonable Q at 7 MHz. 
Second, the parasitic inductance of the rather large (high C) capacitors that 
we would attach to this inductor would begin to compare to 23 nH. A better 
re-design would use transformation circuits, schemes that will let us use a 50 











Ohm termination (or whatever we need) and make it function as a 6.5K 
resistance when seen by the inductor. 


One such scheme is a transformer. This could be realized with ferrite cores or with links inductors wound on the existing 3 microHenry parts. But 
link coupling with design precision is a challenge of it’s own. Conventional two and three element transforming networks (L, pi, Tee) are also 


suitable. 


The simplest transforming circuit uses a series capacitor. Let’s do some analysis to see how this works: 


We have arbitrarily picked a 10 pF capacitor to illustrate the idea. At 7 MHz, the reactance of a 10 pF capacitor 





is 2274 Ohms. Hence, the complex impedance of the 50 Ohm resistance and the series capacitor is Z=50- 50 4 


j2274. The impedance transformation behavior of this circuit is studied by transforming the series impedance to 


a parallel admittance. Recall that Y=1/Z. So Y=1/(50-j2274). The result is Y=(G+jB)=9.67E-6 + j4.4E-4. Of 10 pF 


special importance is the resistive real part of the admittance. 


The 10 pF series capacitor in our example makes the 50 Ohm resistor 
look like a 103 K-Ohm resistor in parallel with a capacitor that is nearly 10 
pF. The general case causes a RO value resistor to look like a value of Rp 
with a series capacitor with reactance given by 


This equation is #3.1-5 from IRFD where it is derived. 


Our original example filter needed a parallel resistance, Rp, of 6.5K- 
Ohms, which is produced by a series capacitor with a reactance of 568 
Ohms. This is a capacitor of 40 pF. Another version of our double tuned 
bandpass filter is then 


Notice that the tuning capacitors, the elements across the inductor, have 
dropped as C is added at the ends. 





A capacitor in series 
with a resistance 
produces higher 
equivalent resistance. 


Consider a parallel 50 200 ¥=Gij-B 
combination. Here we pF 

pick a value of 200 pF = = where 

as the parallel C and 1 

calculate the G=— and R=qm-C 
admittance. This is then R 





converted to an 
impedance with Z=1/Y 





X,=2274 


Z=50-j 2274 
at 7 MHz 
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and the individual components are evaluated. This result is shown to the right. 


The parallel capacitor transforms the 50 Ohms to behave like a lower value. 
In this case, we obtain about 42 Ohms in series with a 1236 pF capacitor. 


A series 


capacitor 


while a parallel 
capacitor 
“transforms to” a 
lower R. Clearly, 
the combination 
of the two can 
generate about 
any result we 
need, realizing 
that they will 








transforms a C s 
termination to R 
“look like” a —> . T 
higher resistance R 
0 Cc —l = 
al 

















also produce 
reactance that 


must be absorbed into the existing tuned circuits. The mathematics (now symbolic and not just number manipulation) is messy, but not difficult. A 
resistive termination RO (50 Ohms or whatever) is paralleled by a capacitor Cp. The admittance is calculated and is converted to an impedance. 
The impedance of a series capacitor, Cs, is then added. The result is converted back to an admittance. The resistive real part is extracted and 
inverted to yield Rp. This expression is then solved to yield a design equation: 


This is the equation used in the programs. A related expression provides the equivalent capacitance, needed to calculate the tuning capacitor for 


each resonator. 


If we use the program with the center frequency and 
bandwidth presented earlier, we find that the minimum 
allowed series capacitance is 40 pF. If we then insert a 
value of 47 pF, we see that parallel 240 pF capacitors are 
needed to properly load the resonators. This variation is 
shown to the right. Circuits using the capacitor tap are 
practical, for they allow existing junk box parts to be used. 
The topology has little other utility, offering virtually the 
same response as a filter using only series capacitors for 
loading. 


Useful link shared by Tim, KE7VYD on Feb 4, 2014. Click 
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More Active Antenna Experiments 


Introduction 


Many builders emailed me requesting a simple, 
broadband VPA (voltage probe antenna) design with 
more power gain than the common gate versions | 
have presented elsewhere on this web site. 
Connecting a whip antenna to a cascode JFET stage 
described by W7ZOI in Experimental Methods in RF 
Design is 1 method | considered. 


| built the version shown in Figure 1 almost 2 years 
ago. This VPA. although more powerful, overloaded 
the front end of my test receiver with multiple RF 
signals. Clearly some tuning on the input was 
needed. 


The Tuned Whip 


Previous experimentation confirmed that it is easy to 
tune a short whip antenna by connecting it to the hot 
end of an L C (inductor and capacitor) tank circuit. 








Experimental Broadband Cascode JFET VPA 


9VDC 50 ohms output 


a 


Hi Z output 


1N4148 x 2 


Q1,Q2 MPF102 
T1 30t primary, 3t secondary on a FT50-43 core 


Figure 1 Feb 2005 by VE7BPO 


The high impedance whip antenna was "matched" to a JFET RF amplifier by placing a high value (1 megohm or greater) on the JFET gate to 
ground. Although this method is practical, | desired a network to transform the output impedance of the tuned whip tank tank circuit to a known 
impedance. | do not possess the knowledge or mathematical skill to design such a network and asked Wes Hayward if he might consider doing 
this for me. My desired parameters for the network were 10.0 MHz, a 50 ohm output impedance and a 4 foot (122 cm) whip. Please refer to Wes' 
calculations and schematic in Figure 2 below. This math is difficult, however, a practical design for experimentation is provided. 


Antenna Network. The antennais a short whip at 10 MHz. VVe assume a length of 4 ft with a 
diameter of 0.25 inch. EZnec modeled this as 7.58 pF in parallel with 3.3 MegOhm. Ve 
assumed a perfect, ideal ground for a vertical with 46 antenna segments. 


R=3310° Ax75e10 ) Cy = 47-10 
12 


Cy = 470-10 Z = 50 
6 Q, = 200 


12 


L=3-10 
f:=10 F is in MHz. 


For given values of C1, C2, 7,A,R,L, 
Qu, we wish to calculate the value for 
needed for tuning to the desired 
frequency (10 MHz) and the overall 
network QQ. 


= 2:10°-n-f 


“whiptune. gif" 


Pig Cy 452 eC) tote One al 
See 3 

Ry = 8.343 x 10 
oc,2z Z 


2 2 
(1 +Z0-C,C, +0 ofz*) 


Cz = 439 x 10° 
(22.0?.c,? Mi a 6. Cee S + 1) 7 


Co = Cy: 11 


The inductor resonates at f with Cnet, obtained with the usual resonance condition. 


We must now subtract the C of the whip plus that fram the load to get 
the variable needed to tune. 


Note: If CY is negative, we must reduce L or C1 to get a postive 


Cy = 3.295 x 10° 


The net resistance across the inductor is the parallel combination of RZ, R(antenna), and the R 
related to Qu, Rp=QueL. 


Ret = 6817 x 10° 


The net Q is given as 


Figure 2 By W7ZOI Feb 27, 2005 





Common Gate Amplifier Version 


| built the circuit shown in Figure 3 and Figure 4 and tested it on a medium grade SWL receiver (Realistic DX 300), rather than an expensive 
Amateur Radio receiver. | required this active antenna for experimenting with a 10 MHz WWYV superheterodyne receiver | am designing. For 
practical analysis, VE7TW and | did listening tests with a commercially made 4 foot telescopic whip antenna that is fitted to a standard PL-259 
connector (Figure 5) and his deluxe multi-band commercial SWL antenna up a 25 foot tower. 


The Figure 3 VPA was very quiet 
and pulled in WWV much better 


10 MHz Tuned Whip Active Antenna 


than the plain 4 foot whip of 
Figure 5, however, received 
station signal strength was quite 
weak when compared to the 
outside antenna. Our conclusion 
was that considering the 
significant losses of the 4 foot : 9-12 volts 
whip antenna it was connected to, i ah 

the common gate RF amp does 1 

not likely have enough voltage 50 ohms Z 
gain to please most builders. This 

amp did present a low impedance 
to the whip network and no 
spurious oscillation were CV 470pF 
measured on the bench. Do not 
omit the 22 ohm or similar value 
resistor in the drain of the FET. It 12.9 mA @ 9 volts 
is used to to push the UHF 
parasitic oscillation tendency into 


is ete pear mil L1 = 3 uH = 23t T68-2 or 35t T50-2 powdered iron torroid 
intermodulation perornanee: L2 =3 uH = 25t T50-2 with tap 6 turns from cold end 

CV = 10-40 pF trimmer capacitor 
The 150 ohm source resistor can RFC = 4.7 -22 uH 
be increased in value and/or 1 of , Q1 = Q2 = 2 similar JFET types such as MPF102 or J310 
the JFETs removed if you wish to Figure 3 
reduce the current draw on a9 
volt battery. It might be better to 
substitute 1 better JFET such as the J310 rather than use the "popcorn" MPF102 as shown. This VPA may be practical for a receiver that has an 
existing broadband RF preamplifier. The tap on L2 was found experimentally and the output impedance is probably higher than 50 ohms, but is 
likely a reasonable low impedance match to most receiver front ends. A broadband transformer for L2 might also be a good choice. 


150 


drawn Mar 4, 2005 YE?BPO 








Figure 4 above: For the whip network, it is critical that you use a inductor that has an unloaded Q of 200 or above. Practically speaking, this 
means you cannot use a fixed value inductor such as an epoxy coated or molded RF choke. Use a powdered iron torroid instead. In my test VPA 
designs, for L1, | used a T68-2 core wound with (the green) 22 gauge enamel coated wire to get as high an unloaded Q as possible. If you use 
the T50-2 core, use 24 gauge wire if possible. Higher Q = lower losses. 


Figure 5 above: This is a 4 foot whip antenna factory connected to a PL-259 that came with the Realistic DX300. It presents a very high 
impedance to the test receiver front end and probably wasn't a good choice to compare the VPA designs to. 


Cascode JFET Amplifier Version 


It was decided to use a cascode JFET amplifier to obtain more power gain. The whip network was changed to try to match the 10K input of the 
JFET amplifier shown in Figure 6. The whip network capacitor values (150 and 33 pF) were calculated to the best of my ability. This amplifier 
was tested in the same manner as the Figure 3 design. It worked very well. The WWYV signal that morning was not very strong and could not 
even be heard with the plain 4 foot whip. The signal strength of the tuned whip was just below that of the outside antenna. The outside antenna 
was much quieter however and had less fading. The tuned whip antenna was quite noisy in comparison. The high gain RF amp brought up the 


strength of the environmental noise sources in the house. The RF gain of the receiver was reduced to compensate for the added noise. 


Another problem was noted with this and other tuned drain versions of the cascode JFET amplifier; instability. 


Recently, | connected a tuned drain version of the Figure 1 VPA to a receiver that contained a tuned input stage and was able to measure 
oscillations in the VPA with my scope. The FET drain tank and the tuned input amp seemed to be interacting. 


A "swamping" resistor was placed 
across the VPA drain tank circuit. | 
had to use a resistor value of less 
than 1200 ohms to eliminate this 
instability. This greatly reduced the 
gain and selectivity advantage of a 
tuned output and | realized that 
output tuning may be impractical for 
many reasons. Some SWL builders 
use regenerative receivers and such 
a problem would be disastrous. | sent 
the Figure 6 schematic to Wes 
Hayward and he suggested using a 
broad or wide band amplifier as 
shown in Figure 8. 


Instability can also occur in 
broadband output versions and a 
swamping resistor is still necessary 
but is used mostly to force an output 
impedance so that a transformer can 
be designed. 


All of the cascode JFET amplifiers 
shown have fixed bias on Q2. 
Variable gain is possible by changing 
the bias voltage on Q2 with a voltage 
divider and/or modifying the amplifier 
circuit to give a greater range of bias 
controlled voltage gain. Please refer 
to EMRFD page 6.17 for information 
regarding this. A switchable resistor 
attenuator might also be practical for 
some builders. 





10 MHz Tuned Whip Active Antenna 


Hi Z output 


4 foot whip | .001 


150 pF 
us| : 


CV 


~11 m& current 


L1=3 uH= 23t T68-2 or 25t T50-2 powdered iron torroid 
L2 = 3 uH = 23t T50-2 with a tap 6 turns from the cold end 
CV = 10 - 40 pF trimmer capacitor 

Q1 = Q2 = MPF102 nJFET 


Figure 6 


Figure 6 above: The tuned whip network is connected to a 
cascode JFET amplifier. A dual gate MOSFET would also be a 
great choice. | have many on hand, but chose the cascode JFET 
topology because many builders no longer have access to these 
devices or prefer not to use the more available surface mount 


types. They are also more expensive. 


Figure 7 to the right: Detail of the tapped L2 inductor should you 
decide to experiment with a tuned drain version or need one for 
another project. Wind your coil and leave an extra long loop for 
your wire tap. Cut the tapped loop at the midpoint and use a small 
piece of folded ~150 grit sandpaper to remove the enamel from 
each of the 2 wires. Twist the now bare wires together and lightly 
solder them. Cut the end wires to the required length and use the 
sandpaper to remove the enamel. A method to strip enamel off 
wire is a frequently asked question for me and sandpaper works 
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Broadband Output Version 


Figure 8: The broadband version W7ZOI suggested to try building. Wad 

| modified the output transformer in the Figure 6 project and tested and 

it with Tom, VE7TW. We really liked it. By adjusting the network 

trimmer capacitor, | was also able to tune the 30 meter Amateur 12t:2t 
radio band as well. For 30 meter band use, | peaked the tank FT37-43 


circuit at 10.125 MHz by listening to receiver noise with a home 
brew direct conversion receiver and was suitably impressed. 


This is the active antenna design | wll use for my future projects 
where strong voltage gain is required. If your receiver has a higher 
impedance such as 500 ohms, you might try using a couple more 
links on the output transformer secondary winding. 


Tuning a Whip To Other Frequencies 


The ability to 
calculate the ; 
network values 4 foot whip 
for different 
frequencies may 
prove difficult for L | 
those who lack 
software and/or 
math skills. To 
that end, a table 
follows which 
has some radio Figure 9 
frequency bands 
and some 
suggested starting values for the Figure 9 parameters. Please note these are calculated and are suggested starting points based upon my limited 
understanding of radio electronics. Experimentation is the best method to find what component values will work for you. 


Figure 8 W7ZOl March 6, 2005 





Emails regarding the component values used in actual experiments is greatly welcomed. 


The R value is the input impedance of your RF amplifier. In the case of the cascode JFET amp, it is the Q1 gate resistor. 


Note that the actual circuit CV value is typically much lower than the suggested (calculated) CV value from the chart. CV is used to resonate the 
tank. CV is dependent on several factors including the capacitance of the whip antenna, your RF amplifier input capacitance , your circuit layout, 
component lead lengths and variations in the powdered iron core and C1 and C2 capacitors values. Expect that your whip antenna will exhibit 
between 8 and 15 pF of capacitance. You need to subtract this from the suggested (calculated) CV value from the Figure 10 table. 


Wes, W7ZOI told me that the whip antenna capacitance will remain constant as you change frequency providing you are below 1/4 wavelength 
for a given frequency. Here is a good web site applet to calculate wire or whip 1/4 or 1/2 wave lengths per frequency: 


http://www.csgnetwork.com/antennagenericfreglencalc.html. 


The actual circuit CV might include a trimmer capacitor plus a parallel fixed value capacitor. 


How to find the correct trimmer capacitor for any tuned circuit you wish to resonate 

| suggest you chose a circuit CV value by placing a variable trimmer capacitor in your circuit that when set to minimum will be below half or more 
than the calculated CV value. Then peak the whip tank circuit using a test oscillator and scope or RF probe or by just using receiver noise. Now 
temporarily add a 5-10 pF capacitor in parallel with trimmer capacitor. Just barely solder it in place or even just hold it in place without touching 
the leads. If the output increases, you were under the correct circuit CV value. Add more capacitance and check again. Repeat until you are 
satisfied with your chosen circuit CV value. 


If after adding the initial 5-10 pF capacitor, the output 


decreases, try peaking the tank again to see if you can . . 
restore the signal strength you had before you added the Tuned Whip Suggested Starting Values 


temporary capacitor. If after peaking, the signal strength is Band |Freq (MHz)_|CV ( pF) [C1 (pF) |c2 F) IL 


down, you now have too much capacitance and can remove 20M 1 
the temporary capacitor. 
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You just might also have too much capacitance. You might 
try a smaller variable cap or reduce the value of any fixed 
capacitors in parallel with your trimmer to make sure your 
minimum capacitance is not too high to properly resonate the 
input tank circuit. 


© 


The point is you need to be able to tell if you have too little or 
too much capacitance for CV and by going under and over 
you can tell if you are truly resonating the tank when you 
adjust the trimmer capacitor. Experimentation will tell you. 
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Another option is to put in a front panel adjusted variable 


90M _[3. 
75M _|3. 
49m |4. 
41M |. 
B1M_[9. 


oS 


cen Seton bie, Aa i Some Amateur ORP Frequencies 

capacitor. Front panel switchable inductors might also allow 

other bands to be tuned with 1 tuned whip network. 

Moving your body as you adjust the trimmer capacitor can 14.06 

change the tuning, so please keep this in mind. 16.069 
isM_[21.06 

Figure 10 above. Picking an inductor value for the whip 31.06 by =—iCstBsi‘(<é‘zic RD Ud UOK 

network can be tricky and sometimes trial and error is 5M [24 O6 

required. This table may be used to find starting values for 58.06 

the Figure 9 network. Below 41 meters, | suggest trying a OM 58 06 bo—ti‘<‘wAwS.tCé<éaSCédi SB CStoK.Cd 


lowered RF amp input impedance as shown to allow practical 
component values. Most of these calculations have not been 
tested. 


—_ 





| think an indoor active antenna for 74 meters or below might just be a noise generator. 


| chose a frequency mid band for any given SWL band on the chart. The bandwidth of the input network is wide enough so this should be 
suitable to cover a good portion of the band. 


Building An Active Antenna 


To build this active antenna, chose the input tank network values from the Figure 10 chart or from your own calculations and then use them in the 
Figure 6 circuit. The Q1 source resistor can practically be from 100 to 390 ohms depending on how long you need your 9 volt battery to last. 
Increasing this resistor value will reduce the amplifier power gain. Try different values and see for yourself! 


Some Practical Examples: 40 and 41 Meter Band 


An active antenna that would provide coverage of the entire 40 meter Amateur Radio and 41 meter Shortwave band was designed. A varactor 
diode was used as the tuning element. The tuning voltage to the varactor was controlled by a 10K potentiometer which also had an integral 
switch. The finished VPA is shown in Figures 11 and 12. 





aS 


Figure 12 





Figure "1 


Figure 13 below: A hotter JFET, the J310 was used in this VPA. In the test receiver, | was able to peak a signal from ~ 6.90 to 7.60 MHz. Tuning 
is very sharp but peaking is easily performed by turning the potentiometer gently back and forth while listening to receiver noise or a station. It 
might have been better to use a smaller value zener diode as when the 9 volt battery fades below 7.5 VDC, the zener diode will not conduct and 
the voltage regulation will fail. Having said that, this "hotter" VPA is intended for use with an external power supply as current draw at 9 and 12 
volts is 19 mA and 28.9 mA respectively. 


| tried using this VPA as the 
antenna for the Cascode 7 
receiver shown elsewhere on 
this web site. When the VPA 
was peaked at the receiver 
tuning frequency, loud 
oscillations occurred. The 
receiver and the VPA were 
about 1 meter apart. | had to 
turn on the -10 dB attenuator 
and detune the VPA for the 
oscillations to stop. Moving my 
hand near the whip antenna 
varied the oscillations. The 
high gain, tuned circuits of the 
Cascode 7 receiver are nota 
good choice for an active 
antenna. 


Future receivers projects will 
have a integral VPA and 
clearly the front end of these 
receivers will have to be 
designed carefully. A low cost 
Grundig receiver was also 
overloaded with this VPA. 


This VPA worked well with 
other receivers which did not 
have a tuned, high gain 
preamp. 


Figure 14: From the chart, the 
MV209 exhibits about 44 pF 
(guessing) when 0 volts are 
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40 - 41 Meter Band Active Antenna 


L1 = 5.1 uH = 30t #22 ona 
T68-2 of 32t #24 on a T502 


T1 = 12t primary : 2t 
secondary on FT3?7-43 


D1 = 7.5 volt zener diode 
D2 = MV209 varactor diode 50 ohms 
Q1 = Q2 = J310 nJFET output 





Figure 13 Mar 12,2005 VE7BPO 
applied to it. 


The VPA was built and tested before the tuning diode components 
were added. A 7.039 MHz crystal oscillator with a piece of wire for MV209 DIODE CAPACITANCE 
an antenna was used as an RF source. The T2 secondary was 
connected to ground via a 47 ohm load resistor. 


A 47 pF fixed capacitor was lightly soldered in parallel with L1 and 
the voltage was measured with an oscilloscope. A 10 pF capacitor 
was then carefully held across L1 and the voltage increased by 0.25 
volts. A 22 pF capacitor was then tried and the voltage decreased 
much below that of just the 47 pF capacitor. The nearest standard 
value | had on hand above 47 pF was 56 pF. The 47 pF capacitor 
was removed and replaced with the 56 pF one. | tried holding a 5 pF 
capacitor in parallel with the 56 pF and the measured voltage 
decreased. | had experimentally determined that to resonate L1 at 
7.039 MHz | needed between 47 and 56 pF for the CV value. This 
range should be close enough to resonate the tank at 7.0 MHz as 
well. 


Or , CAPACITANCE - pF 


Va, REVERSE VOLTAGE (VOLTS) 


| then chose a varactor diode. The MV209 would be perfect for my Figure 14 
project based upon the Figure 14 chart. | anticipated that | might 
have to place a small trimmer capacitor in parallel with the varactor 
to resonate the tank at the my lowest design frequency which was 7.0 MHz. As it turned out, in addition to the varactor capacitance, the voltage 
control circuit added additional capacitance and | actually needed 0.30 volts (measured between the 10K pot and the 220K resistor) to resonate 
the whip at 7.039 MHz. This was perfect; | did not need a trimmer capacitor! At 0 volts to the varactor diode, my whip resonated ~ 6.90 MHz. 





5 MHz WWV Cascode Bipolar Amplifier 


| wanted to build a non-FET version as shown 
in Figure 15. The tuned whip tank was originally 
resonated with a 5 - 40 pF trimmer capacitor. | 
unsoldered this trimmer capacitor and Q1 = Q2 = 2N3904 

measured it with a meter; it was 27 pF. A 27 pF L1= 10 uH = 42t #26 AWG on 
fixed value capacitor was soldered in and a T68-2 powdered FE torroid 


T1 = 12t: 2t FT37-43 


5 MHz Cascode Bipolar Active Antenna 


tested. The circuit was resonant at 4.98 MHz. 
This was close enough for me and also the 3 
high Q fixed value capacitors provided a very 
narrow 6 dB bandwidth along with the inductor. 
The output impedance value of the tuned whip 


is around 200 ohms to match the Q1 bipolar Current ~ 10 mA 
amp input impedance. 6dB bandwidth 140 KHz 


Listening tests indicated that this circuit 
probably had too much gain at 5 MHz. It might 

be favorable to lower the Q1 emitter current to 4 foot whip Th 
7 mAor so by raising the Q1 emitter resistor or i 
decreasing the Q1 bias voltage. Also, a series 
feedback, degenerative resistor on the Q1 
emitter might be considered. This active 
antenna was comparable to the outdoor 
reference aerial for signal strength, however, | 
predictably was much noisier. 


1 J 





27 pF 180 pF 


Final Comments 
| found that using lower Q trimmer and fixed 
value capacitors undesirably increased the =p 

F F F . voltages 
tuned whip bandwidth presumably by lowering Figure 15 g March 19,2005 VE7BPO 
the resonant circuit Q. The inductor unloaded Q 


was the dominant factor however. The worst 
case scenario was a tuned whip built with junk-quality parts which had a -6 dB bandwidth of ~390 KHz. 





| also learned that you should expect high gain amplifiers to oscillate and specifically design to reduce or suppress this tendency. 


The 2005 Active Antenna experiments were fun and provided many learning opportunities. An active antenna is a perfect weekend project. There 
is no substitute to learning by building and testing electronic circuits with your own hands. 


My sincere thanks to all of the friends who helped me with these experiments. 


Experiments by Other Builders 


What follows are some VPA experiments by others that were sent to me by email. | seek your feedback and photographs to help improve this 
web site and also to gain motivation to add more new content. 


Joe, K9LY 
Hi, Todd : 


Attached are some photos of a voltage probe amplifier that | built using ideas from your 
excellent website. | use a TenTec 1254 receiver in the car and listen to some shortwave 
broadcasts during the daily commute to and from work. The antenna is a 4-foot whip that 
screws into the trunk-lip mount shown. The amplifier is held to the bottom of the trunk lid 
by a magnet and has survived for several weeks without falling off. 


The amplifier is tuned by a varicap diode and covers approx. 9-14 MHz. The tuning 
voltage comes from a potentiometer that | added to the front panel of the receiver. 





| decided to use the 2N3904 cascode amplifier because | liked the idea of using the 
most common transistor possible. The LC-tuned input is nice because the antenna whip is held at chassis ground potential, which should help 
prevent damage to the amp caused by static buildup. 


The TenTec 1254 Receiver. _http://radio.tentec.com/kits/Receiver 








Above left: Inside Joe's trunk lid SWL Active antenna. Great ugly construction in a sturdy Hammond chassis. 
Above right: Joe's remotely tuned SWL active (or voltage probe) antenna amp and whip holder. Thanks Joe! 
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Fun with LEDs 





Introduction 
This summer | built several LED projects including sequential LED chasers (sequentially left to right) and also "Nite-Rider" style which > 
go (sequentially left-right-left-right-etc). Many more LED schematics can be found on the World Wide Web via a Google search. LED ay 





projects are great fun for both HAM's and SWL's alike. They are also a lot of fun for children to experiment with. Currently, | am 
experimenting with PIC microcontrollers to perform LED "tricks". 


| also built several very bright LED flashlights which run on a single 1.5 volt battery. For ultra-bright LED flashlight schematics, check out Dick 


Cappel's excellent and very informative web site. He has a number of LED driver circuits and other great schematics and theory. To wind the 
inductor for these LED flashlights, | had good success using an FT-37-43 ferrite torroid core. | used at least 40 turns of wire which is generally 


center tapped. 


LED Chasers 


GZborda 





SIMPLE 10 LED CHASER 


Updated Feb 25, 2011 





Above. This is the schematic for a very basic 10 LED chaser | built. | prefer my "chasers" to run slower than most and chose a 10 uF capacitor 
for C1. The 10K pot can reduce the flash speed from not moving to whatever minimum time constant is possible with the C1 value you choose. 
Don't bother with ultra-bright LEDs for these "chaser" projects as cheaper, lower millicandela (mcd) LEDS work fine. | favor blue and green 
LEDS. The 4017 decade counter is a fabulous part and can be driven to flash a row of LEDs with a 555 timer chip or a discrete BJT multivibrator. 


Update Feb 25, 2011: Many "experts" have emailed, or flamed me on web forums to say this circuit can't possibly work. | really hope these 
unhappy men cultivate enough humility to study and understand the 555 and more importantly; to reap some of the happiness and joy that 
comes from being positive and helpful to others. Since 2005, greater than 300 builders have emailed to say this simple circuit works and they 
want to learn more about electronics. 


My intent was to have the least number of parts to flash some LEDs. Some new builders become overwhelmed when the parts count is high — | 
once shared this fear and relate. You'll see a number of different bias circuits for the 555. Many builders run the reset pin; Pin 4 high (connected 
to the 9 volt battery) and as a rule, this is a good thing to do, but it's not necessary for the circuit to work. Pin 7 is an open collector output to 
ground — its primary purpose is to discharge the capacitor. 


It's important for the DC voltage in the pot wiper to not become too close to the + 9 volt rail or VCC (This happens when when the pot is rotated 
so that maximal DC voltage appears on pin 7), as pin 7 would draw excessive current. In my original schematic | left out a series resistor from 
VCC to the pot to eliminate this problem. After some thought, | added a 1K resistor on Feb 25, 2011, although this limits the rate somewhat. | run 
the pot on my circuit about mid-range and it hasn't been re-adjusted (or turned off) since 2005. 


Also, the rotated pot wiper shouldn't get within a couple of hundred ohms of the capacitor as that too would cause excessive current spikes into 
pin 7. Generally, | prefer not to have much current on the wiper of a pot or, at least, try to keep the current small. Often, you can use a pot to set 
the desired timer speed and then remove, measure and substitute 2 standard value fixed resistors. A better way is to use math and calculate the 
resistor values, but this involves math and some people want nothing to do with equations. 


This circuit is meant to provide a minimalist working circuit, but doesn't provide a great example of 555 design. Happily, for those wanting to learn 
more, countless great 555 tutorials may be found on the web. One of my 555 favorite sites is that managed by fellow Canadian Rob Paisley. 
Increasingly, | am exchanging electronics-related emails with model railroad enthusiasts across the globe and many of them know of Rob's 
wonderful web site. 


Matthew Ritchie built and posted a nice version of the LED Chaser on YouTube. A reader sent in this breadboard photo. 


By far, the coolest device incorporating the LED chaser lies within a sculpture called Cyanic by Seattle-area artist Allet. Click for his web site. 
Cyanic may be found on the New Sculpture Build section on his web site. You have to start the Quick Time video manually with a mouse click. | 
love Allett's work and his lastest light sculpture exemplifies how the Internet can unite creative people with a positive attitude. 


A 10 LED sequential flasher in a blue Hammond chassis. The 
schematic is shown above. 





An RC oscillator designed for a 3 volt LED chaser. It 
oscillates quite slowly so the LED chaser it triggers will 3 Volt Astable Multivibrator 
not be overly distracting. Some RC oscillator design 
details are discussed later. This oscillator triggered a 
4017 decade counter instead of the 555 timer chip shown 
in the "Simple 10 LED Chaser" schematic. There are 
many links describing the theory of the 2 transistor 
astable multivibrator on the World Wide Web. | also have 
some information on this web page. 


23.09.05 by VE7BPO 





Above . This is a tiny 3 volt chaser which uses an LED 
bar instead of discrete LEDs. It draws 3.8 mA peak 
current on pulses. It uses the optimized BJT astable multivibrator 
shown directly above which fires at ~120 cycles per minute 
(slowly). The 3 volt battery pack is hidden behind it and should last 
several months. Soldering the LED bar was not an easy task. The 
plastic Hammond case measures 2.46 by 1.38 inches (6.25 by 3.5 
cm). 








A schematic to allow the 4017 decade counter to sequentially 
flash 6 LEDS left-right-left-right-etc. Connect your favorite square 
wave oscillator to pin 14. | built 4 of the 
and LED colors. You might 
consider using lower DC voltages 
and if so, may adjust the 1K 
current limiting resistor by using 
ohm's law. The 10 small signal 
diodes may be any appropriate 
type including the 1N914 or 
1N4148. None of my 4 projects 
exceeded 6 mA peak current draw, 
so battery life is excellent. | 
increased the 1K resistor to 1K5 in 
my 4th project as | found the LED's 
that | used too bright. 


Q VallOus O alO 





The prototype "nite-rider" project 
with messy wiring. The holes for CD4017B 
the LEDs were bored with a hand 
drill and it shows! The discrete 
transistor multivibrator can be 
seen behind the 4017 IC. 


To oO 
Oscillator 9 VDC 


drawn on 11.09.05 VE7BPO 





One 
of the 
four 
"nite- 
rider" 








project chassis | built. After completion, this one was given to the son of VE7KPB. When drilling in a plastic chassis, | learned it is best to use a 
drill press set to a lower speed. 


Sequentially Off LED Pulser 
This circuit uses a series of transistors with an RC pair to pulse a string of LEDs. 


This the favorite LED experiment | 
performed this summer. This flasher 
circuit is different in that it turns off 
alternate LEDs for about 1 second 
in sequence. When you connect this 
circuit to the 9 volt battery, all of the 
transistors are usually placed in 
saturation and therefore all the 
LEDs are on. Closing the switch on 
the base terminal of Q1 for a 
moment initiates the correct pulse 
sequence. The pulse initiates in Q1 
which turns off the LED connected 
to the Q1 collector for about 1 


Sequentially Off LED Flasher 


second. When Q1 turns back on 
(goes into saturation), Q2 turns off. 
When Q2 turns back on then Q3 
turns off and so on. The circuit is a 
closed loop and many more stages 
may be added. 


You can experiment with different 

base resistor and coupling capacitor 

values to vary the speed of the LED 24.09.05 VE7BPO 
string or to create a sense of 
randomness by varying each 
transistor's RC stage separately. This is a fun circuit! 








Youtube link (not mine). 





The prototype 3 transistor version. | just used a piece of wire to 
ground the Q1 base terminal and establish the correct pulse 
sequence after powering it up. For the LEDs, transistors, resistors 
and capacitors you can use whatever appropriate parts that you 
happen to have on hand. Current draw is less than 10 mA with a 
fresh 9 volt battery. Decrease the 1K5 current limiting resistor to 
1K or so if you want brighter LEDs at the expense of more current 
draw. Do not operate this circuit above 9 volts unless you connect 
diodes from the transistor emitters to ground to prevent emitter- 
base breakdown. 









Ss XS ae ™~ = 


LED 1 and 2 are on and LED 3 is off at this moment in time. 





Above and below photographs. This low current version has 9 LEDs connected in a chain and is powered by 3 volts. The 10th LED (extreme 
right hand side) is a flashing LED which is directly connected to the 3 volt supply and also uses a 1K current limiting resistor. Total peak current 
draw is only ~ 7 mA, yet it is still bright enough to see at night-time. The power supply is 2 D-cell batteries connected in series and then to the 
circuit by soldering wires directly onto the batteries with a 100 watt soldering iron. 





NoNot counting the 10th flashing LED, 5 of the 9 LEDs are on at 
any given moment. A sequential flash effect is noted (the state of 
each LED flip-flops and shifts over 1 position each flash). If you 
build this project with an even number of LEDs, the sequential 
effect is not seen. Half of the LEDS (spaced every other LED) are 
on and the other half are off at any moment. The same LEDs are 
lit or unlit each pulse. Thus the effect is more like a typical 
multivibrator LED flasher. This variable, even versus odd number 
of stages property makes the circuit quite versatile. 








Conclusion 
| hope that you have some fun experimenting with these and other 
circuits. 
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SWL Receiving Antenna Experiments 


Introduction 


| have a lot to learn about SWL antennas. What follows are some 
brief experiments | performed in late October 2005. | have been 
experimenting with a half wavelength end-fed wire for use asa 
portable 40M band HAM transceiver (receive and transmit) 
antenna. This wire antenna is 67 feet long. End fed wires are very 
popular with those who pack a small portable transceiver when 
backpacking and camping. No feed line is required and the far 
end of the wire can be strung up using objects such as nearby 
trees or collapsible, portable poles. An elaborate ground system is 
not required. The return for the RF energy to ground might be 
grounding rod(s), short or long radial(s), or even just capacitively 
coupling to the local environment (including the operator!). Simple 
tuners are easily built to transform the high (thousands of ohms) 
wire impedance to the 50 ohms or so required by the transmitter. 


| wanted to know if | could use this antenna as a tunable receive 
antenna for the the 30 and 31 Meter bands in addition to a tunable 
transmit/receiver antenna for my HAM radio work on 40 Meters. 
What | verified is that tuning a multiband receive only antenna 
is not very practical. When you tune a receive antenna you 
increase received noise and desired signals proportionally and 








therefore do not improve the signal to noise ratio in a meaningful way. Sometimes until you perform some experimentation, you don't really 


believe even good advice. 


To the right: A computer simulation of a 40 Meter band end-fed Wire 
performed by W7ZOI on W7EL's EZnec program. The simulation was for 10.1 
and 7.0 MHz with a 22 and 12 gauge wire. One 33 ft radial was used from the 
base of the 23.7 ft piece up 0.3 feet from the ground in this simulation. Z is 
impedance. Z and j are complex numbers used to represent the multi- 
dimensional quantities of the AC analysis of this antenna. In actual fact, j is an 
imaginary number. | suggest you might just ignore j unless your are well 
informed about impedance arithmetic. 





Antenna Matching 


A tuner can help match the impedance of the wire antenna and feed line (if 
used) to the input impedance of the receiver at a given frequency. This will 
result in more received signal and noise voltage to the receiver's input. HAM 
radio enthusiasts use antenna tuners to transform the impedance between the 
radio and the antenna tuner to 50 ohms to allow maximal output power from 
their transmitter. Non- amateur radio operators, can not use transmitters to 


Simulated with 
EZnec 4.0 
from W7EL 





End Fed Half Wave Antenna for 
Portable Use wizoi, 24 Oct 05 


Z2(7)=5204 + | 35 with #12 wire 
Z2(7)=6374 + 7 1239 with #22 wire 
Z2(10.1)=148.3 + 7 168 with #12 wire 


match their antennas. This leaves either using receiver noise, S-Meter or an Z(10.1)=146 + j 186.6 with #22 wire 
antenna analyzer such as the MFJ259. | just used my ears and S-meter. All of 
the tuners presented work as transmitter tuners as well. Any network used for transmitter work must be able to handle the output power of the 


transmitter final amplifier. 





The Wire Antenna Experiments 


| tried 3 different antenna tuners to see if | could tune an 18 gauge wire on 40-41 and 30-31 meters. My wire went from my computer room in the 
basement out a hole in the wall and sloped at ~ 50 degrees up to a rope tied to a tree in my backyard. The tip of the antenna is about 50 feet (15 
meters) high. A 10 gauge insulated ground wire also passes from the computer room outside under the back lawn. It is "earthed" to two, 2 meter 
copper grounding rods hammered into the ground. No direct connection to the house ground system and the outside antenna grounding system 
should be made as this may result in increased receiver noise. 


Antenna Tuner 1 


The schematic on the left below, is very popular with HAMS who use it to to tune monoband end-fed wires. It is very simple and works 
reasonably well. Although the capacitor was able to resonate the 35 turns inductor, the T1 turns ratio was wrong and reducing it to 28:3 was 
required to get the maximum receiver signal in my experiments on the 40 and 41 meter bands. The alternative was to shorten or lengthen the 
wire antenna which is not very practical as it meant repeatedly climbing a tree. 








Antenna Tuner 1 Improved Antenna Tuner 1 


, F 
Ce High & 
Load 


21.10.05 VE7BPO 
67 foot 
wire 
| Ke 
50 wm | 10-150 pF i ine 
This is much better, 
= for it will allow a 


= perfect match. 





22.10.05 W7ZOl 





Above right: An improved version of the Antenna Tuner 1 schematic from W7ZOI. This tuner has 2 user "tweaking" adjustments much like most 
modern commercial antenna tuners (which typically also have a band changing adjustment). 
| did not build this version. 


In addition, this tuner would not tune the 67 foot wire on the 30 or 31 meters band. This was no surprise. When | turned the variable capacitor, | 
noticed some change in received signal, but not much. The signal strength was very poor and | could not hear much of anything. 


Below. Two built up views of the Antenna Tuner 1 schematic. | soldered the antenna wire to the circuit in the isolated area connecting the 
inductor and capacitor. The outside antenna ground wire was soldered to the large copper ground plane. 








Antenna Tuner 2 





This was the next tuner | built. Antenna tuner 2 Antenna Tuner ? 
tuned very sharply on the 40 and 41 Meter 


bands. It is designed to match a high impedance 
antenna, so it could not match the medium 
impedance (~150 ohms) wire to the 30 and 31 67 fi 

ince ~ 15-150 pF ie 
meter bands very well at all. Since ~ 150 ohms is p wire 
fairly close to my receivers 50 ohm input 
impedance, | just connected the wire antenna 


directly to my receiver. The received noise and 4 
signals were then much stronger than those with 50 ohms L1 =4uH = 27t T68-2 
the Antenna Tuner 2 network in the circuit on 30- or 29t T50-2 


31 meters. 22-450 pF 





Above: Two constructed views of the Antenna Tuner 2 schematic. The variable capacitors were bought at a HAM festival in 1992 for 2 dollars 
each. 





Antenna Tuner 3 


The next antenna tuner topology | tried was the familiar L network. Circuit A is Antenna Tuner 3 
configured in a shunt L (inductor to ground) and series C (capacitor) and isa 
high pass L network. Circuit B is configured in a series L and shunt C and isa 


low pass L network. 
A 67 foot 


wire 


| v1 





L networks (especially the low pass form) are very popular as random wire 

tuners. MFJ sells an excellent version as the model MFJ-16010. A photograph 
of this tuner is shown below right. The above left photograph was taken by 23.10.05 VE7BPO 
DS5CKP who also sells a random wire antenna tuner at: 


http://user.chollian.net/~cyberline/ckptuner.htm 
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MFJ ANTENNA TUNER 
Worlel WE)-16910 


MPJ-16016 Circuit Diagram a. 








Above. MFJ web publishes their manual including the schematic for the MFJ-16010 random wire antenna tuner. The inductor is actually wound 
on 3 stacked (probably ferrite) cores which are tapped. The taps are connected to a front panel mounted 12 position switch. This allows coverage 
from 2-30 MHz. As a simple experiment, | tried stacking 2 and then 3 FT-50-61 ferrite cores and was able to get a wind range of inductances 
from the 6 taps | made on my test inductor. 


Numerous examples of the L network antenna tuner can be found on the web and in print including the 2006 A.R.R.L. handbook. | decided to try 
the high pass L network topology to experiment with. 


| built part A of the Antenna Tuner 3 schematic with shunt L and series C. 
On the 40-41 meter bands | tried 3 different inductors; 4 UH, 2.1 UH and 1.3 
uH. | tuned the network to get the greatest receive noise and S meter 
reading and measured the variable capacitor value. At 7.30 MHz, the 
capacitance values were 86 pF, 141 pF and 182 pF respectively. Although 
non-critical, | settled on a 2.6 uH inductor (23 turns on a T50-2 powdered 
iron torroid) so | could use a junk-box 10-150 pF variable capacitor to 
resonate it. Later | decided just a trimmer capacitor might do. You need 
around 125 pF at 7.30 MHz to tune the network with a 2.6 uH inductor (to 
give you a ballpark C value to start with). 





30-31 and 40-41 Meter Receive Antenna Tuner 
C1 





$0 ohms (6) 
| C1 = 10-70 pF trimmer 
hase L1 = 2.6 uH = 23 t T50-2 
DPOT 


05.11.05 VE7BSO 





Schematic to the right: A very small receiver tuner that allowed the L network to be switched in and out of the antenna path was constructed. The 
L network is tuned on 40-41 meters via a small trimmer cap on top of the double pole, double throw switch. A small plastic alignment screw 
driver is used for signal peaking. An air variable capacitor would be much easier to tune as you move up and down these bands. 


Below left: Front view. Technically, the switch label should indicate 40M and bypass as the bypassed antenna could be used on any band. 


Below right: Rear view The trimmer cap can be seen on top of the switch. 





Below left: Side view, the antenna wire is held via an alligator clip. This allows me to unclip and ground the antenna when it is not in use. The 
antenna ground wire is soldered to the copper ground plane. 


Below right: A T6-8 core wound with with 24 gauge wire. | used larger powered iron torroids to wind my inductors, however, they can also be 
wound on ferrite cores or be air-wound. The core size, wire gauge and type of inductor used can affect the selectivity and insertion loss of the 
tuner network, however for practical receiving purposes it is not a major concern. 


NM 








Conclusion 


The final experiment allow me to easily switch between a matched and direct 67 foot wire antenna on 40 and 41 meters. | performed several 
listening tests and generally agree with those who Say receive antenna tuners offer little to no improvement in signal readability. The only 
advantages | can think of for matching a receive antenna to a reasonably quiet and sensitive receiver are: 


There may be some improvement in the receiver front end filter function as these filters are designed to have a specific input impedance. 
Certain balanced mixers may function better with the correct impedance on their RF port. 
The tuner itself (depending on design) may marginally improve the front end selectivity of the receiver it is connected to. 


| do like the noise roar and louder signals with the matched antenna on 40 and 41 meters, although this is totally subjective. | think the reason for 
this is that as a HAM radio operator who always matches the antenna for any band | am on, | am used to louder signals and noise levels. | also 
spent most of my first 10 years of HAM radio operation on 80 and 160 meters which are relatively noisy bands and have been conditioned so 
that noise is "normal". 


On 30-31 meters the bypassed antenna worked quite well and the L network can be switched in as an attenuator. Perhaps you might build up a 
tuner and try for yourself! 


Although they are simple, low cost and easy to put up, it is likely unwise to use an end-fed wire without coaxial feed line as a receiving antenna. 
The ground wire is part of the antenna system and easily picks up household generated noise which will present to your receivers input. The time 
honored and easiest methods to reduce receiver noise are to get your antenna away from the house and other noise sources, use buried coaxial 
cable feed line to the house and directly earth ground the shield of the feed line with stakes. Antenna/ feed line "link coupling" by a transformer 
may also reduce noise (especially if the antenna system is balanced) and this topic begs further study. 


Suggested Links 
There are some fabulous web sites on the topic of SWL antennas and reducing receiver noise. | suggest these 5. Try a Google search for more. 


http://www.dxing.info/equipment/ 
http://www.hard-core-dx.com/nordicdx/antenna/feed/feed1.html 
http://www.aa5tb.com/efha.html 


http://www.nyx.net/~dgrunber/ 


As usual, | learned a great deal from the process of experimenting. | look forward to spring when some more antenna experiments can be 
performed. 
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Experiments with JFET Biasing 





The most common way of biasing a Junction Field Effect Transistor (JFET) is with a source resistor. This method, shown in Fig 1 below, has the 
advantage of offering negative feedback to stabilize the bias conditions. This is the same thing that happens when a bipolar transistor uses an 
emitter resistor. Self bias can be used as a method to evaluate a JFET to determine the critical parameters that describe it: Idss and Vp. These 
are discussed in Chapter 2 of Experimental Methods in RF Design and many other places. 


The method used in our experiment is to set up the FET of interest 





in a test fixture with a power supply, bypass capacitor, resistors in 
the drain and gate to suppress parasitic oscillations, and a handful V-dd=+10 
of extra resistors, R-test, that can be paralleled with an existing 
100K source resistor. A digital volt meter (DVM) is the basis for the 
measurements. We begin by using the DVM to measure the 
resistance of our test resistors, for the values will be used in 
calculations. The DVM is then attached to the FET source to 
measure the DC voltage. The first value we measure is with no 
attached R-test. The measured value will be very close to the FET 
pinchoff voltage. 





100 


The measurements we will perform infer drain current as a function 
of gate to source voltage. The physics of the FET support the 
model that there is no gate current so long as the gate is not 
forward biased with regard to the source. Hence, the drain current 
equals that in the source. We will measure the source current by 
measuring the voltage drop across the source resistor. The gate is 
at ground potential, for there is no gate current, so the gate to 
source voltage is just the negative of the source to ground voltage. 


: -test 
The resistors that | pulled from my stock for some measurements —— 


were marked as 22, 39, 68, 100, 150, 300, 510, 680, 1K, 2K, 3.3K, — 


6.8K, and 10K Ohm. The measured values are shown in attached 





figures. A systematic pattern was noticed with all of the measured 
resistances under the marked value, suggesting an error in the 
calibration of my DVM, a Fluke Model 73. All resistors were 2% 
carbon film 0.25 Watt. However, when | measured a 499 Ohm, 1% metal film resistor, it came up exactly at 500 Ohms. The differences between 
the measured values and those marked on the part were small enough that | neglected the details and used measured values for calculations. 


The first FET | examined was a 2N5454, a common JFET that | had in my junk box. The source voltage was 3.26 with nothing but the 100K for 
source bias. | started my measurements with the largest resistor, 10K. The voltage dropped to 2.90 and was stable. | merely held the resistor in 
place rather than soldering it. The resistor was kept in place long enough to get a stable reading that | could record in my lab notebook. All 
results were of the same character until | got to the 300 Ohm resistor. At that point | started to notice a slight heating effect. The source voltage 
was 1.523, but slowly dropped to 1.518 volts. This behavior continued through the lower value resistors. The 22 Ohms produced 264 mV on the 
source that then dropped to 256 mV. 


Later | examined a J310 JFET. This is a much larger area part than the 2N5454 with an Idss that is about three times larger. With the 22 Ohms 
in the test fixture, V-source went to 701 mV, but settled at 652 mV. The drain current was then 32 mA. With a 10 volt power supply, there was 
nearly 200 mW dissipated in the FET. This is within ratings, but high enough to produce heating. Operation at higher voltages and at Idss would 
further tax the part. One must take care when doing these measurements to be sure that the source voltage is observed quickly. 


Attached are the MathCad documents that | used to examine the data. A spread sheet such as Excel could be used, but | prefer the graphics of 
MathCad. The second page for the 2N5454 shows a graph for the observed data as well as a calculated one. The two FET parameters for the 
2N5454 were varied to obtain a good correspondence between the two. The part had Idss=15 mA with Vp=-3.5 volts. This is similar to the 
popular MPF-102, but close to the high Idss extreme for that part. 


The data presented for the J310 is more abbreviated with only two points shown. | picked the 22 Ohm and 1K source resistors. This still 
produced data that is very close to that obtained with many more data points. 


My initial analysis suggested that we could characterize the FET by measuring the source voltage with 100K in place to approximately determine 
Vp, and to then short circuit the source through the mA scale on the DVM to obtain Idss. This is a reasonable start. However, the pinchoff will 
usually be a few percent more negative (for an N-channel depletion mode part). The long leads in the source also make me feel uncomfortable 
with regard to parasitic oscillations. 


After the DC measurements were done, | thought it wise to look at the potential for oscillation. The J310 was in the test circuit at this time. The 
TO-92 J310s are parts that are well known for their propensity for oscillation, so | guessed that it would not be difficult to coax this one into such 
a mode. But this was not what | found. | eliminated the 100 Ohm drain resistor, but moved the FET close to the 0.1 uF bypass. This bypass is not 
a very good one for VHF and upward. No oscillation was seen. | then eliminated the gate resistor, replacing it with the normal gate lead. Still no 
oscillation. | eventually added a gate inductor and a parallel tuned circuit in the source. The source bias resistor had a RF choke in series with it. 
| finally saw a robust VHF oscillation, but nothing else up through 1.5 GHz. 





Experiments with JFET Biasing, after correspondence with VE7BP0O on 14Feb06. (See earlier 
Mathcad file "Jfet_bias1_ve7bpo.mcd) Measurements on 2N5454. 


n:=0..12 index for measurements and calculations. 
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38.6 
66.9 
93.3 
149.4 
298.3 
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Use Mathcad 
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operator. 
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0.429 
0.654 
0.85 
1.09 
1.523 
1.845 
2.001 
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Vsn=measured source voltages. 


Ven = O- Vsy 





Let pinchoff be Up = -3.5 and lass = 15 
uc -3,-29..0 


2 
Iu) = Ides - [ 2 *) 
Up 


Try various values for pinchoff and Idss to get a reasonable match. 
Blue is measured data while red shows calculated behavior. 
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Experimental Note: During the measurements, | noticed a definite thermal change in 
Idss when dissipation was high. This occurred at higher currents, with low source bias 
resistors. The Vg values | used in my data were the first ones recorded with the DVM. 
The most extreme case was with the 22 Ohm source R. The source V started at 264 mV 
and went down to 256 mV. The effect was more dramatic with a larger part, a J310. 
That part, when operated with a 22 Ohm R, started with 701 mV and dropped to 652 mV. 





Experiments with JFET Biasing, after correspondence with VE7BPO on 14Feb06. (See earlier 


Mathcad file “Jfet bias 18feb06.mcd) Measurements on J310. 
Here we examine a minimal data set of just two points. 


n=0.1 index for measurements and calculations. 
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18 Feb, 2006 by W7ZOl 


Many thanks to Wes, W7ZOI for this contribution. 
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10 MHz WWV Receiver Experiments 





New feature: Click on a schematic to load it into a separate browser page for printing 


Introduction 

For nearly a year, | have been trying to develop a tuned radio frequency (TRF) 10 MHz, WWYV, AM receiver. My initial RF stages were common 
emitter or common source stages with tuned input and output. Despite careful layout, parasitic oscillations plagued these designs and they were 
discarded. Later, | discovered that only tuning the input of RF stages reduced this tendency towards instability and still provided reasonable 


selectivity. Different detectors were also tried and evaluated 
A simple receiver that sounds great and is fun to build and 
experiment with follows. My special thanks to Wes, W7ZOI for 


performing many of the simulations and providing suggestions 


which kept me going. 





WWYV Audio Files from Sept 26, 2006 
WWYV Eile 1 

WWYV Eile 2 

WWYV Eile 3 


The audio was digitally recorded using an electret condenser 
microphone held 3 cm away from the receiver speaker. The files 


were compressed using the WMA format 


Supplemental Web Page added June 29, 2007 


Receiver Front End 











WWYV Receiver Front End 


12 volts 






To Xtal 
filter 






Ferrite bead 


.001 


CcV1 
Q1 = Q2 = dual gate MOSFET 40673 or ECG 222 
s L1 = 4.1 uH = 27 turns T-68-2 using 22 AWG wire. 
Tap 2 turns from ground 
Gt oo ” CV1 = 10 - 40 pF trimmer cap 
G2 L2=L4= 12 turns on a FT37-43 Ferrite core 
sition te L3 = 3.0 uH = 25 turns # 26 AWG on a T50-2 core 


CV2 = 10 - 70 pF trimmer capacitor 
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Above schematic. The receiver front end has just 1 single-pole filter. For even greater selectivity (but greater insertion loss), consider moving the 
L1 tap to 1 turn from ground. My receiver was connected to a 80 meter dipole via an antenna tuner. The antenna tuner provided additional 
selectivity. No local broadcast band (BCB) signals were heard when the chassis lid was tightened on. You may require additional RF high pass or 
band pass filtering in your location. 


The RF gain control is very basic and only the first 1/3 of the 10K pot is used to go from minimal to maximal gain. Modifications to allow more 
precise variation in RF gain for dual gate MOSFETs or cascode JFETS are shown in EMRFD. The method shown works fine. For the most part, | 
keep it set to minimal gain. Using higher gain than necessary, increases receiver noise and may overdrive the detector. 


TRE receivers require careful layout. A piece of wire greater than 2-3 cm between the stages may be enough to plague your receiver with local 
BCB interference depending on your layout and chassis integrity. For interstage connections that had greater than a 2 cm gap, shielded 50 ohm 
cable was used to prevent BCB interference. 


Dual gate MOSFETs provide adequate gain and low noise. you might consider cascoding 2 JFETS for each RF stage if you cannot obtain them. 
titleernatively, bipolar feedback amplifiers may be used and examples are provided later on this web page. 


XTal Filter and RF Amplifier 


XTAL FILTER AND RF AMPLIFIER 


100 (Ge 


a . 100K 


47K 





12 volts 


- 3dB Bandwidth 6 KHz on 


Detector 


Y1 Y2 Y3 
C1 c4 
vot 
oo, ae 


C2 C3 


C1 =C2=C3=C4=20 pF 
Y1 = Y2 = Y3 = 10.0 MHz 


Q1 = dual gate MOSFET 40673 etc. 
L1 =12tFT 37-43 Ferrite toroid cnn 








Schematic: The Q2 output impedance is 2000 ohms to match the input impedance of the Cohn crystal filter. This filter was designed by Wes, 
W7ZOI. Matched, computer grade, 10 MHz crystals were used. Choose 10 MHz crystals that are marked for a 20 pF or 32 pF load capacitance 
if possible. Using a 10 MHz crystal oscillator, find 3 that are closest to one another in frequency. 


You may substitute 2K2 resistors instead of the specified 2K with a slight penalty in pass band shape. 


$21 Ref. 


7 cap ser 19.60 

8 rb ser 0.00 

98 Source R = 2000.0 
99 Inductor G = 100.0 


Crystal Parameters: 
100. Freg.= 10.0000 
101. Lm = 0.0200 
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Reset Cursor | 





Above graphic. A simulation of the receiver crystal filter using GPLA, a program written by Wes, W7ZOI that comes with EMRED. EMRFD is the 
major reference for this web site and | recommend that you add this book and companion software to your home library. The pass band is not 
symmetrical. It is mistuned for the lower pass band frequencies and would serve better as an upper sideband filter. Nevertheless, it works 
reasonably well and is simple to build and tolerant to component variation and match. At certain times, a very strong shortwave station at 9.985 
MHz can be heard along with WWYV. This usually occurs in the early evening when the WWYV signal is not that strong at my location. For most of 
the day and night, whether WWYV is present or not, very little interference has been detected. 





Bypassing the crystal filter is an interesting experiment. As many as 5 stations were heard simultaneously and these varied as time passed. | 
heard Radio Vatican, Radio Habana and many other broadcasts during 1 evening. At one point | heard a station at 9.75 MHZ, WWV and a 
strong CW carrier at 10 .110 MHz! 


Click to Review Circuit | 
Sis S21 Ref 








98 Source R = 2000.0 
99 Inductor G = 100.0 
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Above graphic. This is a sweep that goes from 200 kHz below to 200 kHz above 10 MHz to show the stop band response of this filter. This filter 
has a pretty decent response considering the low cost and effort involved. 
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VK4FUQ AM Detector 


12 VDC 






Sensitivity 


input Z ~ 
2000-3300 
ohms 


1000 pF 


D1 = Silicon Small Signal Schottky Diode; NTE 112, 1N5711, 
SK3089 etc. 
Q1 = Q2 = MPF102 nJFET 
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Above schematic. This detector is fabulous. It was designed by Felix Scerri, VK4FUQ. He has a web page explaining his high fidelity detectors at 
the Elliot Sound Products (ESP) site: http://sound.westhost.com/articles/am-radio.htm 


The ESP web site is a personal favorite. Rod Elliot has one of the best do-it-yourself electronic web sites available. The main URL for his site is 
http://sound.westhost.com/index2.html 


My sincere thanks to Rod and Felix for permission to present Felix's detector on this web page. 


His improved AM detector has 3 positive advantages; it has high bandwidth, low distortion and incredible (and variable) sensitivity. | cannot get 
over how nice this detector sounds compared to others | have built and analyzed during weak and strong signal testing. The variable bias 
control allows the listener to adjust the bias to maintain detected audio fidelity even when the RF signal is weak. 


This detector uses a UHF mixer diode often found in older television sets. Increasing the diode bias from O volts towards maximum causes three 
things to happen: 


Increased sensitivity. 
Increased audio high frequency response. 
Slight increase in receiver noise. 


When the WWV RE signal is weak, turning the bias off may result in the detected WWYV signal disappearing. Increasing the bias will bring WWV 
back in. | generally run the bias control pot about 1/2 way and of course, higher as WWV fades out. | like the fidelity that the bias adds even 
when the WWYV signal is strong. Note how the WWV audio quality continues to be high in fidelity as WWV fades out in this sound file. 


Felix called for a 1 mH radio frequency choke. The largest | 
had in stock was a 1000 UH choke. | had to decouple it as 
shown to prevent oscillations from occurring in my receiver. 
For the 1 uF and 2.2 uF capacitors, | used polyester film types 
which sounded better than electrolytic capacitors. 


Oct 13, 2006: Note. The 1000 pf input cap to the detector 
was omitted in error in the original schematic which is 
now correct. 





To the right: The detector board. On the left is an op amp 
preamp stage that was later disconnected as it was not 
needed. Note the copper is removed where the chassis 
mounting nut contacts the copper board. Both audio boards 
were isolated from chassis ground and star grounded to a 
single point. The speaker negative terminal was also directly 
connected to this point. There is no hum. 





Audio Amplifier 





42VDC Audio Amplifier 
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Q1 = Q2 = 2N3904 
Q3 = 2N3906 


NE5532 low noise, dual op amp from EMRFD 
by KK7B 
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Above schematic. Rick, KK7B designed this low noise audio amplifier. It is from EMRFD. This superb AF amp greatly compliments the VK4FUQ 
detector. This is the best speaker audio amp under 1 watt | have ever used. Distortion is very low as long as it is not over-driven. | increased 

some capacitor values compared to the original schematic. Please refer to EMRFD for details on this stage. The chassis of this receiver greatly 
increases the low frequency response. On the 1 second pulses of WWY, the receiver "knocks" like a metronome. This does not occur when the 


chassis lid is off. 


WWYV web site: All the often 
subtle pulses and tones transmitted at various times during the 
hour can be heard with this receiver. 


To the right: A bread board of the AF amp. This is the audio amp | 
shall use in future projects which contain a speaker. Kudos to 
KK7B. 








Below 3 images: Different views of the TRF receiver. On the front from left to right are the bias "sensitivity" control, volume control with integral 
power switch and blue LED "power on" indicator. 


On the rear from left to right are the 12 VDC input jack, an unused switch (was an -10 dB attenuator at 1 point), the RF gain control and a coaxial 
SO239 connection. 





Further Experiments 


What follows are some of the ideas and circuits tried over the past year. 


Schematic to the right: A 10 MHz, 
double tuned RF band pass filter that 
may be used ahead of the receiver. 
Insertion loss is ~ 3 dB and this filter 
uses a5 pF coupling capacitor which 
are not too difficult to find. Filters with 
bandwidths of 150 - 180 KHz were 
also tested. 


To the right: A GPLA simulation of 
the popcorn DTC shown above. 
titlehough a little mistuned, it is 
reasonable for a filter that uses 
common junk box values and has 
low insertion loss. 


Double Tuned Filter iy 


34 MHz 3 dB bandwidth 


5 pF 
50 ohms 47 pF 47 pF 50 ohms 


pe A 
220 pf 1; | | i 220 pf 


100pF c1 1 L2 C2 100pF 











L-Match AM Detector 





L-Match and AM Detector 


12 VDC 





2.2 uF ToAF 


Q2 stage 
L1 =5 uH = 32 turns T50-2 Powder Fe torroid 
CV =15 - 55 pF trimmer cap 5K6 
D1 = Silicon Small Signal Schottky Diode; NTE 112, 1N5711, 
$K3089 etc. 
Q1 = Q2 = MPF102 nJFET 
Sept 2006 by VE7BPO 





Above schematic. The VK4FUQ detector can also be used to follow a 50 ohm output impedance stage by using an L-match as shown. The L 
match tunes very sharply. | peaked the L-match with the bias at 0 volts. 


The input impedance of the detector is related to 
the DC current flowing in the diode. This is 
established by the adjustable bias current or 
“sensitivity control". The input resistance will be 
26/I, where | is the current in mA. 


For example, if the current in the diode is 10 
microamps (0.01 mA) the input Z is 2600 Ohms. | 
have found that any input Z value from 2000 to 
5100 ohms worked well with this detector. 


Image to the right: A photograph of the L-match 
connected to a - 6dB 50 ohm pad which 
terminated the 50 ohm feedback amplifier that 
drove the L-match. 








Feedback amplifiers 


50 ohms input/output Z Feedback Amplifiers 


12 VDC 
220 
B 
| | 
pl A 
771 
B 
F | 
3K3< 3K3 
Qi 4 
680 
220 3.9 


Q1 = Q2 = 2N3904 
T1 = T2= 12 bifilar turns FT37-43 


220 
1 | -6dB 
ye 1 36 
T2 
Oo 

! 150 450 
A 
3K3 

Q2 .1 
680 

220 3.9 
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Above schematic. Feedback amplifiers may be used as RF amplifiers for a TRF receiver. This stage followed the crystal filter in one version of 
my TRF receiver. Stability was excellent. This feedback amplifier was designed by Wes, W7ZOI. It has ~ 20 dB gain and draws a little over 5 mA 


current. 





Above graphic. 2 feedback amplifiers are shown on this breadboard. The double tuned filter (DTC) shown earlier is also built on this board. In this 


version, the crystal filter was omitted and replaced with the DTC. 
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Above graphic. Using software that ships with EMRFD, W7ZOI designed the feedback amplifier used in this version of the receiver. 


J NPN Bias 
File About Bias 


(base) = 0.049 


(3300 


Ss 


[V(base) = 1.7401 Volts 


[i(emitter) = 4.9552 mA [Cal. Dis. = 45.4150 mi 





Above graphic. The feedback amplifier bias resistor values were also calculated using software written by W7ZOI and included with EMRFD. 


10 MHz Crystal Bandpass RF Filter 






12 volts .01 






BE 







7 
-3dB BW 6 KHz 
CV | 
T1 
26 C1 C4 A 
3 
23 ee so 
bd a 





C2 C3 





T1 = 3.4 uH ; secondary 26 turns T50-2, tap 7 turns from grounded end, 
primary 3 turns over secondary at grounded end 


T2 = 12 turns FT37 - 43 
CV = 10-70 pF variable trimmer capacitor (need ~ 50 pf) 


Q1 = Q2 = MPF102 nJFET or equivalent 
C1 =C2=C3 = C4= 20 pF 





Sept 30, 2006 by VE7BPO 





Above schematic. This circuit has the crystal filter matched to 50 ohms input and output stages using JFETs. The JFETs also serve to provide a 
little more gain. Careful layout is required to reduce BCB interference for all stages in a TRF receiver. 





Popcorn Crystal Filter 
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Above schematic. This is the original crystal filter that | designed. The input and output impedance is 477 ohms. The input was matched to the 
preceding 50 ohm stage using an L-network. A emitter follower is used to match the output to the 50 ohm stage which followed. Later, the emitter 
follower was replaced with the source follower (with a 470 ohm gate resistor) that is shown in the schematic directly above. The source follower 


had greater immunity to BCB interference and provided a better termination for this filter. This popcorn filter worked well, titlehough occasionally 
there was another station in addition to WWYV, in the pass band. This also happened with the filter used in the final version of this receiver. 


7 cap ser 99999.00 

8 rb ser 0.00 

98 Source R = 477.0 

99 Inductor G = 100.0 


Crystal Parameters: 


brown = with 33 pF end caps 
red = with no end caps 
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Above graphic. Here are GPLA simulations of the popcorn filter with and with out 33 pF series end capacitors which serve to tune the filter. The 
brown tracing illustrates that it is better to include a series 33 pF cap at each end of the "popcorn" crystal filter. | did not use this filter because 
the dual gate MOSFET RF amps used in the final version, have better gain driving or following the 2000 ohm filter designed by W7ZOI. 


GPLA is a "must-have" program. You can "tune" filters with different or asymmetric input/output impedances. 


10.0 MHz Test Oscillator 


100 a 


2N3904 x2 


vcc 
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1 75 





2K2 100 100$ 50 ohms 





Above schematic. This 10.0 MHz crystal oscillator has a - 10 dB, 50 ohm pad on the output and was used to match the crystals, test the RF 
amps and align the filters used in these experiments. 





Above graphic. A breadboard of the test oscillator shown above. 
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Above graphic. Some of the bread boards developed during experimentation. My final receiver layout (and potentiometer positioning) is not 
optimal, however this is a prototype and | had no idea what the finished version would look like. 


Common Base RF Amplifier Experiment 
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ra le 
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1 6 27 Z| 58 27 exe 


a 

25 DC voltages 

150 1.26 | 3 1.28 in brown 
T 4 4K I ae 1K 


50 
3.58 mA IE 47pF [CV : 3.68 mA IE 


Q1 = Q2 = 2N3904 
T1 = 22 turns FT-37-43 ferrite core 


L1 = 25 turns # 24 AWG on T-50-2 powdered Fe core; 3 turn secondary 
L2 = 22 turns FT-37-43 ferrite core; 2 turns secondary 
CV = 10 - 40 pF trimmer capacitor 
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Above schematic. This is one RF amp that was built for this receiver. The turns ratios on L1 is too drastic to afford much gain. 


oe ee 


- a= 





Above graphic. | have been told many times that my breadboards are very ugly looking. This breadboard of the schematic directly above, shows 
that occasionally, | can build a nice looking circuit! 


Conclusion 


The highlights of these experiments were VK4FUQ's detector and KK7B's AF amplifier. 


When constructing such a receiver, build backwards. Install the speaker and then build and test the AF amp. Test it by touching your finger to the 
input and listening for noise or BCB radio. Turn the 10K pot and verify that the noise increases or decreases appropriately. Perhaps test it using 
an AF oscillator. 


If it works, you get immediate positive feedback and motivation to continue. If it does not work, you only have 1 stage to trouble shoot. 


Next, build the detector. To test it, connect a piece of wire about 25 cm long between the RFC and the anode of the diode. You should then hear 
local BCB radio. Slowly turn the bias potentiometer from 0 to fully on. Notice how increasing the bias may bring in 2 or more stations compared to 
when it was at 0. Also notice how it changes the tone and sensitivity of the detector. Try shortening the "test antenna" and observing how 
sensitive this detector is with the bias increased. 


If all went well, you now have an AM radio! 


Next add in the Q3 RF amp and again test it using a short piece of wire. Then continue on until you arrive at the antenna connection for your 
receiver. 


Best regards, VE7BPO 
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MF and HF Receiving Antenna 


Introduction 


My first shortwave antenna was a simple end-fed wire which 
started at my bedroom window and extended out horizontally to a 
tree which was 25 feet away from our house. The antenna feed 
line was a short piece of wire that connected to the near end of 
the antenna and entered the house through a small hole | made in 
my wooden window sill. This feed line was directly connected to 
my receiver's high impedance antenna input. My station ground 
was long piece of wire that was connected to a copper pipe 
located in the bathroom next door. While this antenna brought in 
“the world" to my bedroom, it was extremely noisy. Directly 
connecting your antenna feed line and house ground system to 
your receiver are not good RFI reduction practices. This web page 
will explore some experiments in trying to minimize the Radio 
Frequency Interference (RFI) arising from my local environment. 


Indoor RFI sources are usually plentiful. Electrical appliances such 
as washing machines, televisions, DVD players, computers and 
electrical wiring may all emit RFI which your antenna, or directly 
connected house ground system may pick up and feed to your 
receiver. Certain indoor devices may be really strong RFI sources 
and will have to be eliminated or decoupled. Outside of your 
house are also potential sources of RFI. These may include such 








things as power transformers, electric fence and garage door openers. RFI location and reduction is out of scope for this web page, however a 
good place to learn more is the ARRL RFI book (out-of-print: search on Amazon). To find RFI sources in your home and neighborhood, try using 
a battery powered AM radio. At my QTH, | located a noisy VCR inside the house my Grundig S350. We rarely use this VCR and now just leave it 
unplugged until we actually need to operate it. | tuned the receiver to an empty frequency and found this VCR by trial and error. Please note 
this web page is concerned with feeding a shortwave listening antenna and does not describe providing protection against lightning. 
For web sites which covers lightening plus RF ground please refer to this offering from W8JI or eHam.net. 


Protect your home and family from lightening !! 





Outdoor MF and HF Antenna 


The schematic to the left summarizes the outdoor 
VE7BPO MF and HF receiving antenna system for 
summer 2007. Although modest for a big city lot, this 
antenna seems to pull in the DX and is relatively free of 
RFI. This antenna was just a case of "putting as much 
wire in the sky as possible" and the dimensions are 
indicated for interest sake only. The 27 meter long 
horizontal section is supported between 2 trees at a 
height of about 14 meters high. The weight of the 


VE7BPO SWL Antenna 


21m 


6m 


Tree Tree 






Receiver 


Shack ground 
buss 


Buried radials 


= 


T1 = 30 primary and 10 secondary turns on a FT114-43 





and the earth-grounding system were undertaken. 


vertical element wire plus slack in the horizontal wire 
droop it to about 13 meters high in the center. The 
vertical section is soldered to the horizontal wire 6 
meters from the nearest anchoring tree and runs straight 
down to the antenna feed point which is about 1 meter 
off the ground. The feed point is a piece of copper-clad 
PC board (with isolated sections created with a hobbyist 
motor tool) and is bolted to a long copper pipe which 
serves as the first station earth-grounding stake. A 
transformer (T1) configured as a UNUN (unbalanced-to- 
unbalanced) is used to interface the antenna with 50 
ohm coax that runs through the house and into the radio 
shack. Some rudimentary experiments with the UNUN 


The methods | used to potentially lower unwanted RFI to my antenna system are as follows: 


. The receiver and power supply are independently connected to a single, central ground point (ground buss) in the radio shack. 
. 6-10 gauge wire is used for my ground system (not including the radials which are bare 12 gauge wire). 
. The ground wire connecting to my first earth stake to the station ground buss is just outside the shack window and is short as possible to provide 


a low impedance and low inductance path for MF and HF frequencies. 


. There is a second ground stake located 1 meter from the primary ground stake (I will add 2-4 more in time). 
. | have a large piece of steel buried underneath the soil tied in to my system as well as 3 bare copper radials. The radials are 3 - 7 meters in 


length. 
. New RG58/U coax was used as the feed line. 


. All wire splices in the grounding system are soldered and taped up. | used conductive grease (to prevent oxidation at the wire-stake interface) 


on any clamps connected to ground stakes. My ground stakes are ~ 2 meters long. 
. The earth grounding area soil is moist and peat-laden and is watered regularly. 
. | plan to maintain this ground system every 2 years. 





4:1 UNUN 


My antenna is almost an end-fed wire with both a vertical and horizontal section. | do 
not have the gear to measure the impedance versus frequency in the MF and HF 
bands. | do know that on some bands it may present an impedance of several 
thousand ohms and a transformer can smooth out the variation in impedance versus 
frequency so my receiver sees a relatively low impedance on most bands. The 
transformer also serves to help reduce RFI from my antenna system by eliminating 
unwanted common mode currents flowing on the outside of the coax braid. 
Grounding the antenna via the UNUN will also prevent static electricity from building 
up on the antenna. My first UNUN had a 4:1 impedance ratio. It is shown to the right. 
The antenna connects to point A. The ground stake connects to point B. Point C 
connects to the inner wire of the coax and point D is connected to the braid and also 
the grounding stake. | used 24 AWG wire and A FT114-43 ferrite core. You can 
clearly see there are 20 primary windings and 10 secondary windings loosely 
coupled. | chose the FT114-43 core because | had it on hand and the 24 gauge wire 
provides good mechanical support for the coil. | could have used an FT50-43 ferrite 
torroid as well with a smaller wire gauge. You can also use a bifilar transmission line 
type transformer. | was very happy with this UNUN and however it did not have as 
much signal strength as | expected on the 160 meter amateur band and below. 





9:1 UNUN 





Next | tried a 9:1 impedance ratio UNUN. This an extremely popular impedance transformation 
ratio for end-fed or random wire SWL antennas. | wound 30 primary and 10 secondary turns 
on a FT114-43 ferrite torroid. The connection points are identical to those described in the 
above 4:1 UNUN. Remember that the impedance transformation ratio is the square of the 
actual turns ratio on your transformer; thus my 3:1 turns ratio is a 9:1 impedance ratio. 
Electrical engineers commonly use a rule when winding broadband transformers such as these. 
The inductive reactance (XL) of the smaller winding must be at least 4 times the load 
impedance at the lowest frequency that the transformer "looks" into. So for 50 ohm coax, the 
XL should be at least 200 ohms at 500 KHz which is the lowest frequency | intend to receive. 
The formula for XL is XL = 6.28 X F X L. Frequency (F) is in Hertz and L is the inductance in 
Henries. 


At 500 KHz my inductor has an XL of 189 ohms which is almost perfect. | should have used 11 
turns which is an XL of 229 ohms and strictly observes the 4X rule. Therefore my UNUN ideally 
should have used 33:11 turns on the FT114-43 torroid. If you use a FT50-43 torroid, use the 
same 33:11 turns ratio; this will provide 198 ohms XL at 500 KHz. For practical purposes, my 
30:10 UNUN should work fine as | rarely tune frequencies less than 1000 KHz. | found this 
UNUN to have strong signals all the way down to MF and decided to use a 9:1 impedance 
ratio for my antenna system. Many experimenters and a few commercial UNUNs recommend 
the 9:1 impedance ratio for multiband end-fed or random wire antennas. Eventually | will 
encase it in a water and UV proof enclosure. 








Conclusion 


My experiments while constructing a reasonable quality MF and HF receiving antenna 
confirmed that using a UNUN, coax and a good RF ground system can reduce 
common mode RFI in my receivers. 

| also tried temporarily connecting my ground system to a copper water pipe located 
in my shack while listening to WWV at 5 MHz and immediately the noise level rose 2 
S-units on my receiver. 

This pipe was clearly not grounded in my house where there is a mixture of plastic 
and copper water pipes. Additionally, my antenna wire and feed point is away from 
the house in a quiet area according to listening tests using a Grundig S350. 


It is relatively easy to construct a UNUN on your bench using a ferrite torroid. Many 
builders have emailed me to say they do not feel comfortable winding torroids. 
Torroids are easy to use and by winding a couple and experiencing some success, 
your confidence working with them will surely improve. If you live in a part of the world 
where you can not easily obtain a suitable ferrite core, just email me and | may send 
you an FT50-43. You can also choose a ferrite with a different core permeability. 
Some builders use number 75 material. | used the FT114-43 because | get all my 
torroids from W8DIZ and just use what he has in stock for my projects. If you really do 
not want to construct a UNUN, commercial products are available on the web on sites 


such as http:/Awww.arraysolutions.com/Products/baluns.htm. 





| wish you good luck with your own antenna experiments and please be safe! 


Some SWL Antenna Related Links 


L.B. Cebik, W4RNL was a respected antenna expert. There is great information on his web pages 





Build a Shortwave Antenna. A good overview of home brew multi-band antennas by N4UJW 
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MF and HF Receive Antenna Splitter 


Introduction 


As a radio experimenter, | have numerous MF and 
HF receivers to listen to but usually only 1 main 
outdoor antenna. Typically, this means that only my 
main radio receiver is connected to the outdoor 
antenna and my other receivers must use small 
indoor antennas with or without RF preamplifiers. | 
wanted to to permanently connect my main radio 
shack receiver and the receiver in the room directly 
above the shack to my main MF and HF antenna at 
the same time. The solution was to build a simple 
antenna splitter which allows the 2 radio receivers 
to connect to the single coaxial antenna feed line 
while preserving the correct impedance at all 
connection points. This project is based upon the 
splitter presented in EMRED labeled Figure 3.81. 





Each receiver and the antenna feed line have a 50 
ohm characteristic impedance. This in-phase 
splitter is passive and has a loss of just over 3 dB. 
It is designed to operate from 500 KHz up to 30 
MHz. 


Please do not transmit through this device. 


Project Schematic 
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The schematic to the left illustrates the entire splitter 
network from the antenna input to the input of the 2 
receivers. T1 and T2 are broadband ferrite transformers 
with enough inductive reactance to tune down to the 
bottom of the broadcast band. If you only require a 
splitter for HF, then wind T1 with 10 total turns and a tap 
at 7 turns from the grounded end and T2 with just 10 
bifilar windings. | used FT50-43 cores to allow the use of 


MF- HF Receive Antenna Splitter (Ge 





Antenna T2 
Input 


T1 = 14 turns FT50-43 ferrite torroid. Tap at 10 turns from 
grounded end for 25 ohm point 
T2 = 11 bifilar turns FT50-43 ferrite torroid 





Circuit Building Details 


The antenna splitter breadboard is shown to the right. | used 3 
colors of 22 gauge enamel covered wire to make my inductors. 
T2 is the actual splitter network coil and is the lower transformer 
in the photograph. The 100 ohm resistor serves to isolate the 2 
ports connected to the receivers and absorbs impedance 
mismatches which may present when one terminal is not properly 
terminated. Note that the characteristic impedance at the input of 
this 3 port network is only 25 ohms. You can choose to ignore this 
or use an additional network such as a broadband transformer or 
an L- match between your antenna coax and the splitter to match 
this 25 ohm impedance. 


| chose to use T1 which is an autotransformer with a tap at 
approximately the 25 ohm point. The splitter network worked well 
during my tests. Having only 1 receiver versus 2 receivers 


thicker gauge wire which provides reasonable 
securement of the coils without external anchors, and 
because bigger inductors are easier to photograph. The 
FT37-43 ferrite core would also be a good choice, 
especially if miniaturization is a design goal. 





connected made no difference to the signal strength due to the excellent output port isolation. 


Note that Wes, W7ZOI uses this 3 port network network several times in EMRFD. One example is the Lichen transceiver while another is the 6M 
superhet receiver presented in Chapter 6. Consult EMRFD for further discussion of this and other multiple port networks. 


T2 is a bifilar transformer. The 2 wires were twisted together by securing one end of the 2 wires in a vise and the other end of these 2 wires in 
the chuck of a brace and bit (manual) hand drill. | twisted the hand drill until | had 8 twists per inch on the 2 wires . | used 2 color wire for ease of 
construction, however, it is almost as easy to tell the windings from one another by using an ohm meter or audible continuity tester. 





Chassis 


To the right is the completed project showing the SO-239 
connectors which are wired to the antenna splitter output ports. A 
chassis from an old project was recycled for this new project. The 
large bolts seen in some of the of the photos were used to fill in 
holes which had been drilled for the old project. This was done to 
provide improved RF shielding. The bolts also increased the 
weight of the chassis and help keep it from tipping over. Although 
it does not look as attractive as if | had used a brand new project 
chassis, considerable cost savings were realized. These little 
Hammond project boxes are getting very expensive. Also the 


splitter is kept an the back of my main radio desk where it is out of 
sight anyway. 








Update August 10, 2008 - Contribution by 
Dave, G4AON 


This original network was designed for use in the MF to HF spectrum. Limiting this network is the input matching transformer T1 which 
negatively effects the T2 output port isolation; especially at 41 meters and higher. Testing by Dave, G4AON confirmed this. Dave designed, built 
and tested a trifilar wound, UNUN input matching transformer which provides a much flatter response for T2 port isolation from 0.1 to 52 MHz. 





To the left you can see the G4AON input circuit for T1. In keeping 
FTSO-43 core FTS50-43 core with a design optimized for higher frequencies, less total turns are 
TE used on the transformers. His trifilar wound input transformer version 
M1 T2 is going to generate an impedance of (16/24)2 x 50 = 22 Ohms at 


mid-band. My variation will generate (10/14)*2 * 50 = 25.5 ohms at 

mid-band. Using his version of T1 as opposed to my simple auto- 
bad 100 transformer, Dave was able to provide better isolation of the output 

ports than the original design across a wider range of frequencies. 


INPUT 


In the two popular, commercially sold RF splitters we have 

RX 2 examined, the company did not even bother to match the input to the 
T2 transformer and some builders have written me to say they just 
omitted T1 and for their typical SWL listening this worked out fine for 





them. Increasing isolation across a wider frequency band and also 
matching the T2 input are issues that you the builder will have to 
consider. Certainly the lossy and often non-predictable #43 ferrite material is a factor which might affect your transformer performance. While a 
trifilar transformer is a little more difficult build for a novice as compared to an auto-transformer, this improved design might work very well at your 
QTH. Testing like Dave did is certainly the way to go and | greatly appreciate his contribution. 


To the right are Dave's excellent bench measurements. He used a 
Marconi 2018 signal generator, a Racal 9301 RF millivoltmeter and a Bird 
load on the other port. Kudos to Dave for performing this experiment and 
contributing to the receive antenna splitter knowledge base. 


Dave's web site. 





Conclusion 


Getting it as Mish anc) Clear 








It is really awesome to be able to connect 2 receivers to the same outdoor antenna. 
The 3 port network and cabling to the additional receiver does not seem to increase 
receive noise levels from RFI in the house. Most likely this is due to the fact | am 
using shielded coax, a shielded project box and have a good RF ground system. 


This is a simple project you can build in one evening. 
| hope you receive some good DX! 73 es CUL, VE7BPO 


Here is a link from F6AOJ 





Additional Photos 











oy ry as Fh ra a re vs Rr \ wry 
y f \ oy ly y j y 
\ y * YY HY 


iba Lin LAN iL oy 





; \ ; 
. i ‘ i i i \ i 
\ a, a, 1 i a, iy 


i j ) \ j \ 
f \ y j 


ws oN 


Amateur and Short Wave Radio Electronics Experimenter's Web Site 


Ws us 





Medium Frequency TRF Receiver 





Introduction 


This series of experiments was initiated in 2006, 
stalled, and was finally completed 16 months later with 
the inspiration provided by work regarding zero power 
receivers web-published by Wes, W7ZOI in late 
summer 2007. 


Described is a complete receiver, built and presented 
backwards from the audio stage to the antenna. The 
design goals were to build a Tuned Radio Frequency 
broadcast band receiver with one RF amplifier, a high 
performance detector and a simple, headphone-level 
audio stage. 











Receiver Block Diagram 





The receiver block diagram is shown to the left. The 

antenna is a ~ 1 meter long whip purchased from Radio 
(Ge Shack in the USA. A single cascode bipolar junction 
transistor amplifier boosts the RF voltage and drives an 
envelope detector which is terminated by a JFET source 
follower. The source follower connects to a 10K volume 
potentiometer which controls the AF signal voltage into a 
headphone-level audio amplifier. Like most of the 
projects on this site, the intention is to present some 
circuits and ideas for experimentation. This receiver is 
designed for local broadcast band AM radio reception, 
however, the various circuits could be used in or titleered 
for DX receivers as well. 
A Supplemental Page can be found here 






1 meter 


whip antenna headphones 





Sem end RF Amplifier Detector AF Amplifier 
ilter 








Audio Stage 


The AF amplifier is a superb design by Rick, KK7B and 
is featured in many projects in EMRED. This audio 
amplifier uses one 5532 op amp and has low noise and 
high gain. The 220 pF feedback capacitors can be 
increased to boost the low frequency response. | have 
built 6 or 7 versions of this stage and have used 
feedback capacitors up to 560 pF for this purpose. In 
the audio path, polyester film capacitors were used to 
try to improve the audio quality. Additionally, the value 
of the 15 uF capacitor connected to pin 2 is flexible. The 
quiescent current draw of this stage at 12.2 VDC is 12. 
3 mA. Some builders may have to increase the 100 uF 
filter capacitor on the main 12.2 volt line to overcome 
motorboat oscillation. None occurred in my breadboard 
version. | suggest using this audio stage instead of the 
LM386 or discrete component final audio amplifiers in 
all projects which call for a headphone-level audio 
power amplifier on this web site. 











AF Stage 





220 pF 


Nov 3, 2007 by VE7BPO 











Close up of the KK7B audio amplifier breadboard from the 10K potentiometer to headphone jack 





Cascode BJT RF Amplifier and High Performance Detector 


(Ge RF Amp and Detector 


400 12.2 VDC 


4 
aL 470 pF pm 
ies 470K 


12 
| 2.2 uF 
27K ; d 
42K 3B ot ; 2.2 uF 


Ril i alae 
dow TT a ee 


220 - 470 pF 
3K3 270 pF . 


Q1 = Q2 = 2N3904 
Q3 = J310 
‘1 D1 = D2 = Germanium diode 
T1= 30 primary and 12 CT 
secondary on FT50-43 





Ri -V Bias 


12K O03v Chosen R1 = 100K 
22K «0.54 v 


47K «1.1 
100K 2.1v Nov 2, 2007 by VE7BPO 








Above is the combined RF amplifier, detector and JFET source follower schematic. 


Cascode BJT RF Amplifier 


To the left is a simplified RF amp diagram taken from the schematic above 
indicating the measured DC voltages for reference purposes. 


T1, the output transformer was wound on an FT-50-43 ferrite toroid. An 
FT37-43 would also be suitable. Number 28 gauge enamel coated magnet 
wire was used for the 30 turn primary and 26 gauge wire was wound over 
top to make the secondary 12 turn, center-tapped winding. The 26 gauge 
wire was used for the secondary winding because it provided good 
anchoring of the transformer by the center tapped ground connection. 


You may consider substituting a 22 to 100 ohm resistor for the ferrite bead 
on Q1. It suppresses VHF oscillations. 


Detector 


To the right is a photograph of the 
detector from the Q1 transformer 
through to the JFET source 
follower. Schottky/hot carrier 
diodes or germanium diodes such 
as the 1N34A with a low forward 
voltage drop are strongly 
recommended. | have found there 
to be significant variation in 





12.23 






DC Voltages 


Gy sensitivity between different types 
of these diodes. The 2 germanium 
diodes | used were matched as 
described on this web page. A number of detectors were built and tested for this receiver, however, the 
design shown had the best audio quality when compared to the others. The virtues of this detector 
include low noise, high bandwidth, high sensitivity and low distortion. although a little complex, this is a 
detector worthy of consideration in your AM receiver projects. The center-tapped Q2 transformer 
secondary and the 2 diodes provide full wave detection. This serves to reduce distortion somewhat and 
cancel even-order harmonics in the carrier signal. You may eliminate one of the diodes and convert the 
Q2 transformer secondary to a conventional, single link. 


A 470K ohm resistor and R1 form a voltage divider that sets the detector bias voltage ( V Bias). Some 
measured R1 values and corresponding bias voltages are shown in the schematic. | chose an R1 value 
of 100K for my final version. You may have to increase or decrease the R1 value to suit your local 
detector sensitivity requirements. You could also substitute a bias potentiometer for front panel 
adjustment of the receiver sensitivity. In this detector, changing the R1 value also changed the detector 
frequency response. | built a separate voltage divider with roughly the same V bias consisting of a 68K 
and a 15K resistor and swapped it for the 470K and 100K pair. Interestingly, the 470 K and 100K pair had better low frequency response and 
slightly higher sensitivity than the 68K and 15K voltage divider. 

Diode detectors are best driven with a high impedance source and followed by a high impedance load. Q3, a simple JFET source follower 
provides a high impedance load. You might want to substitute a "popcorn" MPF102 for the high Idss J310 indicated in the schematic as a J310 is 
not really required here. If you substitute a MPF102, please increase the source resistor from 2K7 to 4K7 ohms. 








Front-end Band Pass Filter and Antenna 


In late summer 2007, Wes, W7ZOI conducted 
experiments with zero power receivers (crystal sets and 
such). He wound some inductors using ferrites with an 
unloaded Q of over 270 at MF! Please check out Wes' 
web site. His work with high Q ferrite inductors illustrates 
the importance of quantitative measurement and also 
provided the following revelation; we really do not have 
to resort to large, air core, Litz wire coils to build high- 
performance inductors at MF! The early prototype front 
end for this project was built using FT50-61 ferrite cores, 
however after Wes emailed me his work on zero power 





receivers, | had to get some FT-114-61 ferrites for the 
front end of this receiver. The next day, | emailed Mark 


Laurain from Amidon Associates Inc and ordered some FT-114-61 ferrite toroids. The arrival of these ferrites prompted me to finish this project 


and put it up on the web. 


The schematic on the right is the final band pass filter 
used for the front end. | initially tried using just L3 for 
the front end, but | was unable to just tune a single 
station. In my city, there are 2 powerful AM radio 
stations at 630 and 1150 KHz. With a single inductor, | 
could peak one of the stations, but the other could be 
heard in the background. Thus, the double-tuned band 
pass filter presented was designed and built. Now only 
one station can be detected with this circuit and tuning 
is sharp. Most builders would use a dual-ganged 
variable tuning capacitor, however, | elected to use 2 
separate variable capacitors. Considerable flexibility 
with this circuit is possible. You will have to experiment 
to best determine your local sensitivity versus selectivity 
needs and to suit the variable capacitors you have 
available. Large AM receiver capacitors are getting hard 
to find. | obtained the 2 variable capacitors shown in the 
photographs below from 2 old receivers found ina 
second hand store. One of the receivers was a Marconi 
tube radio that was in poor condition. | paid $5.00 for 
both radios and harvested the 2 beautiful variable 
capacitors as well as some other parts such as knobs, 
switches and terminal strips. Never pass up on an old, 
derelict radio as a potential variable capacitor source! 





Front-end Bandpass Filter 






1 meter (Ge 
whip 


Cc D to 270 pF cap 


L1=L2 - 228 uH L3 tap C chosen 


L1 = 54t # 24 AWG on a FT-114-61 ferrite core, 
tap 26t (A) from grounded end 

L2=5 uH= 9t# 22 AWG on a FT-50- 61 core 

L3 = 54t # 24 AWG on a FT-114-61 ferrite core, 
tap 30 (B), 20 (C) and 10 (D) from ground 

C1 and C2 = large AM radio variable caps 
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Shown above are 2 photographs of the band pass filter breadboards. The 2 variable capacitors had a variation of ~ 24 to 500 pF. There is 
considerable interplay between the 2 capacitors. For my QTH, it was better to peak C2 first and afterward to peak C1. Consider that L1 and L2 
have a hot end and a grounded end. The antenna is connected to the the hot end of L1. Predictably, when substituting the L1 center tap as the 
antenna connection, the selectivity of the L1-C1 tank is increased and the sensitivity or received signal strength is reduced. This also occurs 
when testing the various tap points on L3 to feed the RF amplifier-detector stages. In the final circuit, | settled on Point C, 20 turns from ground. 
Using Point D, reduces sensitivity and increased selectivity. The opposite is true when using Point B. You the builder, have to determine which 
L1 and L3 connection points to use based on your own experiments and local factors. You may also change the receiver sensitivity by making 
changes such as increasing or decreasing the 270 pF coupling capacitor value, the emitter degeneration on Q2, or the detector bias. 











Band pass Filter Analysis 


It is impractical to sweep a BCB band filter using variable capacitors, so some analysis using GPLA, a program that ships with EMRFD was used 
to plot and better understand the double-tuned band pass filter response. A worst case inductor unloaded Q of 200 was used, but | imagine that 
the actual Q of L1 and L3 is much higher. For the source impedance, 100K ohm was used conjecturing that a short whip antenna at 1150 KHz 
would have a very high input impedance and not load down the L1 inductor. In reality, it is likely the antenna input impedance might be closer to 
1 Megohm, however, | am using the worst case scenario. If the filter performs better than simulated - all is great! Higher source and load 
impedances and higher unloaded Q inductors would decrease the bandwidth of this filter which is desirable. 

Note that | am concerned that L2 at 5 uH may may overcouple the 2 tank circuits. | did not see a double humped response on GPLA analysis, 
however, experimentation with L2 may be in order for the more astute homebuilder. You might consider lowering the L2 value to 3 or 4 uH and 
performing some testing. The load impedance for L3 was rather arbitrarily chosen. Considering that various taps on L3 may be used, the XC of 
the 270 pF coupling capacitor and the input impedance of the RF amplifier, | just chose 47K as the L3 load impedance. Below are 2 screen 
captures of GPLA plots. The top graph is the double tuned band pass filter and below it is the single tuned band pass filter consisting just of L3 
and C3. 

These graphs lead to 2 main conclusions: 


1. The final band pass filter design appears to be reasonably sound. 
2. We can understand why | could not tune in a single radio station with just L3 and C3 as the band pass filter; the filter skirts are not very steep 
and the second unwanted station was also amplified and detected. 
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Varactor Tuned Front-end Filter 


On November 11, 2007, | decided to investigate whether or 
not variable capacitance or varactor diodes could effectively 
replace the air variable capacitors in the band pass filter. In 
my parts cabinet were several MVAM -109 which is an 
obsolete but still readily available part. Another varactor, 
especially designed for tuning AM receivers is the 1SV149. 
This varactor is manufactured from Toshiba and is also 
appropriate. 





While not comparable to the Q of 300 or greater of a good 
quality air variable capacitor, varactors are smaller, cheaper 
and can be easily ganged together so that only 1 
potentiometer is required to tune the front-end filter. To the 
right is a photo of the varactor tuned front-end filter 
breadboard. 











To the left is the schematic of the varactor tuned front-end 
band pass filter. The air variable capacitors were unsoldered 
from the original filter breadboard and a small board drilled 
and fitted with two 250K potentiometers was soldered to it. 


DIRECTION OF BEST RECEPTION 





Varactor Controlled Bandpass Filter 


12.23 VDC 





1 meter 220 


whip 






VEFBPO 


Tuning | 630 KHz A=0.76v D=1.0v 


voltages |1150 KHz A=4.42v D= 4.77v 


L1 = 228 uH = 54t FT-114-61 ferrite torroid 
L2=5 uH = 9t FT-50-61 ferrite torroid 
L3 = same as L1 with tap 15t (B) and 10t (C) from ground 


R1 = R2 = 250K potentiometer 
D1 = D2 = D3 = D4 = MVAM-109 varactor diode 












L3 was also modified to have taps at 10 and 15 turns from 
ground. | conjectured that since the varactor diodes have 
less Q than their air variable cousins, it would be wise to tap 
down on L3 to try and increase the selectivity of the L3 tank 
circuit. In the end, | used the tap at 10 turns from ground for 
my receiver as signal strength was still acceptably strong. 
You may choose to use the tap at 15 or some other point to 
suit your local selectivity/sensitivity requirements. 


| was able to tune in single stations as | previously did with 
the air variable capacitors. Tuning is "touchy". Ten-turn pots 
would be a better choice, however, are not very frugal for 
such a project. You get used to tuning with conventional 
potentiometers after a few minutes or so. | measured the 
reverse voltages required to tune the 2 main local AM radio 
stations and they are tabled in the schematic. The L1 tank 
requires slightly more capacitance to resonate than the L3 
tank. Thus it takes a little less applied reverse voltage to the 
varactor pair resonating the L1 tank compared to the 
varactor pair resonating the L3 tank .A side view photograph 
of the varactor breadboard is shown directly below. The 
component leads have been kept long so that | can recycle 
parts from experimental project to project as possible. This 
helps contain costs. Shorter lead lengths and proper lay out 
should be pursued in any final projects you build. 








Single Varactor Tuned Front-end Filter 


Tuning with a single potentiometer ganged to both varactors is 
easy to do after learning from the experiment above. All that is 
required is a method to compensate for the differences in 
capacitance between the the 2 LC tanks. | placed a high-Q 
(Q=300) variable trimmer capacitor in parallel with L1. By 
listening to the receive signal strength and tuning in one radio 
station using the potentiometer, | was able to peak CV for the 
strongest signal. | did this for both 650 and 1150 KHz and 
actually unsoldered CV and measured its value with a 
capacitance meter. The CV value was ~ 6 pF for both 
frequencies. | decided to replace CV with a fixed 5 pF silver 
mica capacitor and left it there in my final filter version. Your 
results will probably be different. | suggest just leaving CV 


Single Pot Varactor-Tuned BP Filter 


250K P 
12.23 VDC (Ge 
220 001 Tune 


LL : VE7BPO 11/11/07 


1 meter 
whip 


and using this trimmer cap to peak the signal once you have 
tuned a desired radio station with the main tuning 
potentiometer. An alternative to using CV is to vary L1. You 
could try compressing the number of L1 windings to allow 
tracking of the 2 LC tank circuits. 


For the varactors, | used back-to-back VVC diodes as 
opposed to just a single varactor to resonate each tank. This 
was done in an effort preserve the highest varactor Q 
possible. The RF voltage of the AM RF signal may be high 
enough to forward bias a single varactor during a portion of L1 = 228 uH = 54t FT-114-61 ferrite torroid 
the AC signal and degrade Q. This does not happen when L2=5 uH = 9t FT-50-61 ferrite torroid 


back-to-back diodes are used. Almost all high-grade FM tuner L3 = same as L1 with tap 15t (B) and 10t (C) from ground 
schematics | have seen use back-to-back varactor diodes in . 
CV = 2.7 - 10 pF trimmer cap 


their various ganged, tunable band pass filters. The major = _ - _ . 
drawback of back-to-back diodes is your tuning range is D1 = D2 = D3 = D4 = MVAM-109 varactor diode 








reduced because you now have 2 capacitors in series. 
Experimentation may be required to achieve the BCB band- 
spread that you desire. You can add another pair of varactors in parallel or add some parallel fixed capacitance or even change the L1 and L3 
inductance values for example. 


This receiver tunes nicely and sounds fabulous. Last evening | was able to tune in 5 different AM stations, however, other than the local 2 radio stations, 
the others were quite faint. This is not bad considering this receiver has only 1 RF amp and a 1 meter long antenna. This band pass filter could be 
adapted as a pre-selector for AM radio reception. To match 50 ohms, lower L1 and L3 tap points could be chosen or a few links of wire may be wound 
around the inductors. 


In the photograph below, you can see the 5 pF capacitor soldered in parallel with the MVAM-109 pair associated with L1. The antenna also connects to 
the ungrounded end of the 5 pF capacitor. Below in the last photograph; since only one potentiometer is used for tuning, a large knob was screwed on 
to the pot control shaft to make tuning a little easier. The solder-laden 220 ohm resistor is the connection point for the regulated 12.2 VDC. The 220 
ohm resistor on the left has been cut from the 12.2 VDC connection point so 0 voltage goes to the left potentiometer. 














Final Thoughts 


| emailed Wes, W7ZOI and asked him why it is better to inductively couple a tuned circuit which use air variable tuning capacitors. Wes wrote his 
answer in the form of a complete web article entitled Coupling Methods in the Double Tuned Circuit. Big thanks Wes! From his summary, when the 
inductors used to resonate each tuned circuit are constant, and inductive coupling is used, the coupling of the resonators will remain constant as the 
variable capacitors are tuned across the band. Please download and study his web article for it not only discusses coupling in the double tuned circuit, 
but provides some insight into using his LadBuild and GPLA software from EMRFD. 
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Junk Box NDB Low Pass Filter 


Introduction 


With winter approaching, many HAM and SWL hobbyists find 
intrigue in tuning in NDB or Non-Directional Beacons. Although 
the tunable NDB band depends on your location, in Canada it 
may be found in a band ranging from about 190 to 535 KHz. 
Canadian beacons either have just a carrier (no offset)or are 
tuned using the USB with about a 400 Hertz offset, however, 
different offset frequencies and certainly LSB are used when 
receiving DX from other countries. 


Less than 10 Km away from my QTH is a 10 KW AM radio station 
at 1150 KHz. On my test receiver, the S-meter reads off the scale 
(> 60 dB over S-9) when tuned to this frequency. This local radio 
station causes spurious, second-order intermodulation products 
(direct mixing) that all but wipes out some weaker NDB stations 
that | am trying to tune in. Certainly, having a 500 Hertz crystal IF 
filter is useful, but attenuating this local QRM is also desirable and 
is the topic of this web page. Many general coverage receivers 
offer limited or in some cases no filtering of the NDB band, 
however an outboard filter is an easy project to build in one 
afternoon. 


Update Oct 11, 2010: Here is a link to a version of this project built by 








Robert, KSTD 








Project Schematic 





To the left is the project schematic. It seems odd to build 
a low pass filter to reduce BCB interference (as usually a 
high pass filter is required for this purpose at HF) 
however for NDB, an aggressive low pass filter is 
required. For simplicity sake, a 7 element Chebychev low 
pass filter was chosen. Since it is easy to wind 
reasonably high-Q inductors for 10 UH and greater 
inductance using number 61 material on a ferrite torroid, 
the FT50-61 core was chosen for all of the inductors. 
Number 22 gauge wire was used for the coils to keep 
the unloaded Q as high as possible. The FT37-61 ferrite 
is also suitable, but will have less Q and require smaller 
gauge wire. Use 19 turns instead of 17 for the 20.2 uH 
and 21 turns instead of 19 for the 24.1 uH coil. Do not 
use number 43 material ferrite cores. 


533 KHz Low Pass Filter 


20.2uH 24.1 UH 20.2 uH 
17 turns 19 turns 17 turns 




















50 ohms ? T Te _ T 4 50 ohms 


4700 pF 10 000 pF 4700 pF 
472 103 472 


All inductors wound on FT50-61 ferrite torroids 





Components 

| do not stock RF capacitors greater than 2200 pF, so junk 
box ceramic capacitors were used to build this filter. In fact, 
this design specifically uses more common, standard value 
capacitors to reduce cost and to not have to order in parts. 
Certainly, the astute builder could use higher quality 
capacitors or even large powdered iron torroids instead of 
the ferrite cores for inductors if higher performance is 
desired. Try to use high Q capacitors if you can find or are 
purchasing them. Poly or silver mica caps would be great 
choices. You can substitute a 5000 pF capacitor for the 4700 
pF called for in the schematic. 

To the right is a photograph of the components | used in the 
project breadboard. 








Breadboard 


To the left is the completed project. 
Ugly construction as always, was 
used. The inductors were spaced at 
least 2.5 cm (1 inch) apart at right 
angles to try to minimize unwanted 
coupling. 
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Above is the plot of the filter during simulation with GPLA. The simulation calculated an attenuation of ~46dB at 1150 KHz. At 1000 KHz the 
signal was 40 dB down, at 800 KHz it was ~24 dB down and at 630 KHz, the attenuation was only ~5.7 dB! Clearly this filter is not suitable if the 
offending BCB interference is from a station significantly less than 0.8 MHz. For my situation, this filter is acceptable. A 5 element Chebychev 
filter was also designed and plotted but was discarded as there was only 32 dB attenuation at 1150 KHz. 

Since | wanted to tune as high as 535 KHz, the 533 KHz cutoff frequency was chosen. Additional work to help those with strong BCB 
interference at the lower BCB will be attempted in the future and presented on another web page. 





Receiver Testing and Comments 


Click on the picture to the left to hear the beacon YWB at 389 KHz with a 500 crystal hertz IF 
filter engaged on a borrowed Icom R-75 receiver. W7ZOI did some measurements on his 
R75 receiver S-meter using a signal generator and step attenuator. From S9 on up to 60 
over, the steps were very accurate. However, below S9, correlation was poor. The built in 
attenuator is -20 dB when engaged. On my test receiver, | did some A/B testing with the filter 
in or out. For 1150 KHz (without the low pass filter) | had to engage the receiver's attenuator 
as without it, the S-meter reads off scale. With the attenuator engaged, the S-meter reads 50 
dB over S-9 when tuned to 1150 KHz. 





With the filter connected between the receiver and the feed line, (and the attenuator engaged) the S-meter read S-9.This is a drop of about 50 
dB at 1150 KHz which means that this filter pretty much works as designed. | love the Icom R75 receiver; it is good value with it's many features 
in a compact package. Further testing was undertaken on other frequencies. 


When listening to WWV; At 2.5 MHz, without the filter, the S-meter read S-9. With the filter inline, | could not hear WWV or see any S-meter 
reading. At 5 MHz without the filter, the S-meter read was at 20 dB over S-9. With the filter inline, | could still hear WWYV very faintly, but the S- 
meter did not register. There was little noticeable attenuation at less than 700 KHz when using this filter. 





Additional Photos and information 
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Shown above is the completed project in a Hammond die-cast case with SO-239 connectors at each end. 
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Shown above a photo of the Skookum beacon SX. It is on 389 KHz. This NDB is located in Skookumchuck BC, Canada 


Links 


My friend and fellow NDB enthusiast, Ken, VE7KPB has a posting on his web site showing some of the beacons he has logged from his QTH. 
Consider trying some of these frequencies from your own QTH to get used to finding beacons. Note you must temporarily allow pop ups to see his 
excellent log. 


We recommend this non-directional beacon search and log utility program called WWSU from VE3GOP It must be registered and is a wonderful 


low cost tool. 
| was near beacon L in Balti, Moldova (Bantu, Mongosa) in 2006. Below is a snippet from the VE3GOP program showing beacon L and also some 


nearby beacons. (A u3yyato pycckui A3biK ). MpuBetctByto Bac goporne gpy3ba! 


Coverage radius from B-389 kHz (km) [160 Update | 


MALTI, Moldova ( 7690 km) 
IASI. Romania ( 7725 km) 
SUCEAVA, Romania ( 7621 km) 


MOHYLIV PODILSKYI, Ukraine ( 7650 km) 
CHISINAU. Moldova ( 7828 km) 
CHISINAU. Moldova ( 7820 km) 
CHERNIVTSI, Ukraine ( 7558 km) 
CHERNIVTSI, Ukraine ( 7563 km) 





Martin Francis has an excellent NDB web site including the free program called NDB WEBLOG for a number of platforms 


Some beacons may be located using this NavAid web site 


Clint, KA7OEI has an informative web site regarding NDB listening including using digital computer processing to dig out weak signals. This is also a 
great overview site for newcomers to NDB. 


Conclusion 


To the right is the outcome when | connect my 
frequency counter directly to my antenna coax cable 
feed line. 1150 KHz is my nemesis frequency! 
Happily it can be tamed with a little filtering to allow 
NDB listening and logging. 


SAO TLESTROWIO. COUNTLR 
ce qe facacaeen 


To the right is the outcome with my SWL antenna 
coaxial feed line connected directly to the scope. The 
scope was on the 0.5 volts per cm scale, so the peak 
to peak voltage is 0.2 volts. In just about any high- 
gain audio amplifier | build, if | touch my finger to the 
input, | can hear AM 1150 loud and clear - no 
wonder! 


Good luck with your own NDB adventures! 
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Amateur and Short Wave Radio Electronics Experimenter's Web Site 


More NDB Information and Circuits 





Introduction 


Latest Update: December 3, 2012 


This web page holds a collection of NDB-related ideas, 
experiences and hopefully will include some feedback from 
fellow NDB enthusiasts. 


| devoted a new notebook to this topic and hopefully with 
inspiration from band listening and communicating/learning 
from others, | will fill it over time. New content will be added 
to the bottom of the existing material as QRP-Postadata 


Improved NDB Chebyshev Low Pass Filter 





A popcorn or "junk box" low pass filter was designed 
and presented on this web page. After discussion with 
VE7TW and testing a Realistic DX-300 and other 
receivers, it became apparent that even more 
attenuation of a strong local BCB station at 1150 KHz 
was desirable. In addition, there are other moderately 
strong AM radio stations from 630 to 800 KHz 
(especially at night time) which maybe causing mixer 
intermodulation distortion products. A fault of the junk 
box low pass filter is poor attenuation below 800 KHz 
and a better design was a prudent goal. Building on the 
learning obtained from the junk box filter experiments, 
an improved 7 element Chebyshev low pass filter was 
designed and is presented directly below. The 3 dB cut 
off of this filter is calculated to be 526 KHz. This is the 
filter that | now use for my home radio station. At my 
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nemesis frequency of 1150 KHz (where a powerful local 
radio station broadcasts), the attenuation is calculated 
to be 68 GB. It takes careful layout and a conductive 
chassis to realize this level of attenuation, but the effort 
is worth it. In very strong AM BCB locations, you might 
consider placing 2 such filters in series between your 





antenna and receiver if required. 


NDB Low Pass Filter. - 3 dB Attenuation @ 526 KHz 


20 uH 36 uH 36 uH 20 uH 
17turns 23turns 23turns 17 turns 


50 ohms ® | 


T T i 50 ohms 


8300 pF 10000 pF 8300 pF 8300 pF =6800+ 1500 


-3dB ~526 KHz 
-6dB ~545 KHz 
-10 dB ~ 565 KHz 
-20 dB ~ 625 KHz 
-40 dB ~780 KHz 
-60 dB ~ 1027 KHz 


tart [0.00 evequeney (MHz [10.09 Freq paiv stop [1-50 | oy 


All inductors wound on FT50-61 torroids 





The schematic and simulation of the improved NDB low pass filter is shown above. 





Non-directional Beacon Identification 


It is interesting to visit nearby beacons. In the photograph 
to the right is XC which broadcasts at 242 KHz. 


| have learned that it is very important to confirm the NDB 
stations your hear via a database or list. What you hear 
on the air should match the databasellist for both call 
sign and frequency, else suspect that you may have 
copied it incorrectly. RNA, the definitive signal list for 
North and Central America plus Hawaii may be found 
here. 





Three Questions 


Steve Ratzlaff, AA7U is an experienced NDB DxXer and has been listening to beacons since the mid-1980's. 
| asked him the following 3 questions: 


1. LF beacons do little more than send their station identification in Morse code, are mostly low power and generally might be perceived by some 
people as boring and low tech. Yet, on the World Wide Web, one finds numerous web sites, software, projects and commercial equipment all 
passionately dedicated to NDB listening. What's all this fuss about listening to beacons? 


Steve: It's a hobby that requires quite a bit of skill and technical accomplishment to get the most from the equipment. Most folks have AC noise 
to deal with, which can be particularly bad at LF. Finding an antenna that works at LF and that can be used at your own location can be a major 
task; finding a radio that has decent LF sensitivity, or an LF converter to use with an existing radio--all these must be detitle with just to begin 
hearing anything at LF. | find it to be quite a challenge. If it were easy to receive LF beacons then | probably would have lost interest years ago! 
It's true that in recent years several software programs have become available that allow finding beacons somewhat easier--one simply looks for 
them on the computer screen and decodes the dots and dashes of the beacon being received. This is quite popular among beginners and 
veterans alike. But the traditional method of aurally listening for the morse code idents of beacons is probably used more often, though many 
are combining both aural and software techniques now. 


2. Let's say | live in a small city lot or even an apartment. | have modest equipment and/or not a huge amount of cash to spend on gear for NDB 
listening. From the antenna through to the headphones, what are some basic recommendations you might give to a newcomer wanting to get 
started in NDB listening? 


Steve: The radio must have decent sensitivity at LF, or else an LF converter must be used. Due to high local AC noise, any type of LF antenna 
used indoors will be a poor substitute to one that can be placed outdoors. A few portable radios cover the LF NDB frequency range that will work 
for hearing local beacons, though the radio may need to be used outside to get away from AC noise. The discontinued Sony 2010 was the 
standard for portable radios for reasonable LF performance. Newer radios like the Degen DE1103 have been found to work reasonably well at 
LF and can be bought for well under $100 by mail order from eBay sellers; or the more expensive Kaito 1103 version, which has a warranty, can 
be obtained from several distributors like Universal Shortwave. The much more expensive semi-portable Eton E1 works well at LF, but is more in 


the price range of a tabletop radio. The Icom R75 is currently the best bargain in a tabletop radio that has very good LF sensitivity as well as 1 
Hz tuning, which is an asset if a narrow external audio filter is used. I'm not too optimistic about what someone living in an apartment or high rise 
building might do to successfully receive LF beacons indoors. Often the AC noise level is too high to be able to use an indoor antenna. But some 
have been able to use loop antennas indoors for the stronger signals. An example of a top of the line commercial loop would be the Wellbrook 
ALA1530 or LFL1010. Unlike at shortwave frequencies, where simply tossing a wire out the window to a nearby tree or other support, or even 
running the wire around the room inside, will usually work fairly well, at LF a wire less than several hundred feet generally doesn't perform very 
well. It can be argued that an active whip antenna makes a very good LF antenna, and doesn't take up much room, but it must be used outdoors. 
And if there are strong AMBCB signals, then the active antenna, either loop or whip, must have very good overload resistance otherwise it can 
generate distortion of its own from the strong BCB signals. 


3. What kind of distances are considered DX for NDB? 


Steve: NDB Dx is pretty much a relative thing. One just starting out might be thrilled to hear a beacon from the next town, or from the other side 
of his own state or province. As one improves his listening setup and gains experience, then usually DX goals also expand to try to hear 
beacons farther and farther away. NDB DXing generally is not a competitive hobby, unlike amateur radio with its various competitive "contests". 
Each person's listening setup, local noise level, etc. is usually very different from someone else's, even someone in the same town or general 
area. One person might live in the suburbs and have a lower noise level than his friend who lives right in town and has a much higher noise 
level. One might have room to put an antenna in a quiet spot; the other might be limited to much less. People who live near an ocean generally 
have a much better chance at hearing something exotic offshore than folks living far inland. Folks living in the central or eastern part of North 
America have many more beacons available to be heard than folks in western North America. But there are always a few beacons that are much 
stronger than most, and can be heard from long distances of 1000 miles or more, pretty much anywhere in North America at night. One example 
would be 206 GLS in Galveston, Texas, which runs around 2000 watts, has a large antenna, and is generally readily heard anywhere in North 
America at night--that beacon might be 1500 miles or more away, and might be considered real DX. However another 25 watt beacon from the 
same general area in Texas might be hard to hear only several hundred miles from that beacon. So "DX" is pretty much a relative term. Ndblist, 
an international email list devoted to beacons, is open to anyone with an interest in beacons--members post their loggings there. What might be 
a local beacon to someone might be DX to someone in a different part of the country. All levels of experience are welcome. 


Thanks Steve. 





NDB High Pass Filter 


A high pass filter using standard value capacitors was 
designed using GPLA. although, such a filter would not 
help AC line noise and RFI generated in the house, | 
suspected my antenna was picking up local noise from 
below the NDB band. This filter was mounted inside a 
die-cast Hammond box with a SO-239 at each end. | 
used 22 gauge enamel covered wire for the inductors. 
A photo of the filter is shown to the right. 

For the 0.01 uF caps, | used junk box ceramic 
capacitors with a 20% tolerance, however, | did 
measure a bunch and found 2 within 5% tolerance for 
my filter bread board. 





To the left is the filter schematic. This is an N = 7 Chebyshev 
high pass filter with a 3 dB cut off of 157 KHz. This cutoff 
frequency allowed the use of common, standard value 
capacitors and also even turns numbers to reach the desired 
inductance for the inductors when wound with FT50-61 ferrite 
cores. 


157 KHz High Pass Filter for NDB 


022uF .01uF 01uF .022 uF 


50 ohms | | | 50 ohms Use 5% tolerance, high Q caps such as polystyrene or NPO 
ceramic and not junk box bypass-grade ceramic capacitors 


as possible. | used trashy ceramic caps for the 0.01 uF parts 
33 uH 27uH 33uH due to lack of better parts at the time of building and testing. 
22turns 20turns 22 turns (Ge 


: ; ; VETBPO 
All inductors wound on FT50-61 ferrite torroids 
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Above is the filter GPLA simulation. In particular, | have harsh noise from about 110 KHz on down. At 78 KHz, where this filter has a calculated 
attenuation of ~ 56 dB, | made an audio file of the band noise. This is in AM mode with the filter out for a few seconds and then in line. With the high 
pass filter in line, there is pronounced attenuation of the noise and my local 10 KW BCB station at 1150 KHz suddenly appears. Prior to this it was 
hidden by the harsh noise. At frequencies less than ~200 KHz (without my low pass filter) | can hear this BCB station intermittently as | tune around. | 
suspect that the R75 filtering down at 200 KHz and down is insufficient to stop this monster station. 





At my OTH, using a high pass filter reduces some of the noise on the NDB band. At my location, a high pass plus a low pass filter in cascade between 
my antenna and my receiver results in less QRN and easier weak signal copying. 


Long Wave Broadcast Radio Filter 


| learned about LW Broadcast radio from Steve 
Ratzlaff. In particular, pagNo poccun "Rah-deo 
RaSEE" (make sure you roll the R!) can 
occasionally be heard on the west coast and 
broadcasts at night-time using 500-1000 KW 
power. The frequencies he recommended to try 
were 153, 180, 189, and perhaps 171, 234 and 
279 KHz. | have terrible problems with a local 
BCB radio station at 1150 KHZ that causes 
intermodulation distortion and/or blow-by 
detection at and below 200 KHz in addition to a 
terrible noise source at 78-120 KHz. Therefore, | 
built another cascade low pass/high pass filter 
and placed it in the same chassis as my regular 
NDB low pass/high pass combination filter for 
use when tuning LWBC and perhaps for when 
listening to frequencies less than 200 KHz. 








322 KHz Low Pass Filter oy 


VETBPO 
30 uH 53 uH 53 uH 30 uH 
21turns 28turns 28turns 21 turns 


50 ohms e e 50 ohms 
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15000 pf 17700 pF 15000 pf 


All inductors wound on a FT-50-61 ferrite torroid 





Above is. the schematic of the 322 KHz low pass filter. In the photograph above, you can see a 50 ohm pad at the input that was used only during 
testing. This filter offers a calculated attenuation of ~ 98 dB to my 1150 KHz interfering station. In reality it is not possible to achieve this level of 
attenuation, however, there is no detectable 1150 KHz signal interference with the filter in line which makes me happy. Click here to listen to the 
dramatic difference with regard to interference this filter makes at my QTH with my receiver tuned to 199 KHz. The receiver is set for wide band AM 
detection; first without the LWBC filter and then with the filter switched in. When the filter is switched in, the BCB interference disappears and a 
Canadian NDB (UAB @ 200 KHz can faintly be heard along with our cat meowing in the background. It is not possible to listen to LF without 
aggressive low pass/high pass filtering at my QTH. 
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Above is the GPLA simulation of the LWBC low pass filter. 








129 KHz High Pass Filter 


33000 pF 12700 pF 12700 pF 33000 pF 
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; ; . VE7FBPO 
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12700 pF = 10000 + 2700 





Above is the schematic of the 129 KHz LWBC high pass filter. In either of the 2 filters, capacitor values can be obtained using 1 or 2 standard value 
capacitors in parallel. The cutoff frequencies of both filters were chosen to allow using practical component values. 
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Above is the GPLA simulation of the LWBC high pass filter. The high pass filter might not be needed at your QTH. My LWBC filter has the low pass 
filter before the high pass filter. I.e. they are in series or cascaded. 


Dual NDB and LWBC Filters 
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For use in my radio shack, | built LWBC and NDB filters inside 1 chassis with separate inputs and outputs. Some photos of this project are shown 
directly above and below. The NDB filter is the 526 KHz low pass filter in series with the 157 KHz high pass filter. The LWBC filter is the 322 KHz low 
pass filter in series with the 129 KHz high pass filter. High Q caps were used and the inductors were wound with either 22 or 24 gauge wire to obtain a 
relatively high unloaded Q. The large Hammond project case allowed reasonable spacing of the inductors and a nice long input to output layout. 
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Beacon XJ @326 KHz 











Above is NDB XJ in Fort St. John, BC. Photo by VE7KPB in August 2008. 





QRP — Posdata: NDB Low-pass Filter with Trap 
An email from Rick, NU7Z spawned this 2012 addition. 


Depending on their design, typical NDB low-pass filters provide less than 20 dB attenuation at 620 - 630 KHz, and if you hear a strong 


station on this frequency — good luck! 


Rick sought a filter with a trap at ~ 620 KHz — after mulling around, we encountered design problems with a trap frequency so close to 
the low-pass cut-off frequency and later asked Wes, W7ZOI if he might help design our filter. 





NDB Low-pass Filter with 620 KHz Trap 


8t FT50-61 19t FT50-61 8t FT50-61 


50 Q 4.69 uH 24.30 uH 4.69 uH 50a 
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Above — A 7th order, 0.1 dB ripple Chebyshev low-pass filter with a 550 KHz cut-off filter evolved to include 1 trap, and then 2 traps 
at 620 KHz. 


We learned that in simple situations, you may modify the elements of a low-pass filter so that the usual inductor is replaced by a parallel 
trap. See Wes' work in EMRFD Chapter 3; in particular, Figure 3.10. 


Wes wrote he's employed this technique successfully before — for example, to add harmonic suppression to a simple output network for 


a QRP transmitter, although he hadn't added traps to higher order filters like the 1 we wanted. for a file containing the math 
contributed by Wes, W7ZOI. 
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Above — The SPICE analysis of the 3 color-coded filters above. This design excludes the impact of finite L and C and the unloaded Q 
that could significantly affect function since the trap frequency is close to the low-pass cutoff frequency. These factors usually worsen the 
insertion loss near cutoff, but since we're using this filter in a noisy RF environment, filter misperformance should be tolerable. 


In the future, Wes recommended designing an elliptical low-pass filter with software such as that distributed by AADE. 








Above — A version of the filter built by Rick, NU7Z using epoxy-coated inductors for the L's. The insertion loss with these inductors = ~ 5 
dB, although he runs a 40 GB receive preamp and can accommodate such losses. 


Despite employing a loop receiving antenna, he could not listen around 500 KHz due to a loud, local broadcast station at 630 KHz. 
Inserting this filter reduced this 630 KHz signal from 40 dB over S-9 down to S-1 on his receiver S-meter. 


Fantastic! Big thanks (6onbwoe cnacu6o) to Wes, W7ZOl. 
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440 Hertz Peaked Low Pass Audio Filter Experiments 


Introduction 


At audio frequencies, low pass filtering can go a long way 
to improving CW and beacon reception. It has a beena 
long time since | built one and therefore decided to 
experiment with some designs using the 5532 op amp. 
EMRED has a great section on RC active audio filters 
starting at Chapter 3.5 and this is where | began. After 
some experimentation, | remembered a peaked low pass 
filter designed and published by Wes, W7ZOI in the 
1970's. This filter became very popular in Russia after 
publication in a 1971 Russian Amateur Radio Journal. | 
asked Wes if he might design another low pass filter 
peaked for 440 Hertz, which is my favorite CW beat note 
frequency. This filter is intended for use as an out board 


headphone jack device for the Icom R75 or other receiver. 


Base Project Schematic 











Tunable RC Active Peaked Low Pass Filter 
wizoi 14Dec07 
= 1K + 


Above is the filter designed by Wes, W7ZOI. It has two 1K pots you can tweak; a subtle frequency control and a Q adjustment. It is theoretically 
possible to adjust the Q too strongly as to cause oscillation, although this did not happen with my bread board. 








Schematic and Circuit Building Details 


440 Hz Peaked Low Pass Headphone Amplifier 


To pin 3 
of unused 


5532 (2) 
section 


10K 


12.2VDC 22uF 


+ 
receiver ili 


headphone 100 uF 
jack 1 ; 
8 7 220 uF 


+ 
6 150 
10K 


220 pF 
* 33 - 100 K may be . 


used to suit needs All 0.1 uF caps 
are poly” something” 


1 
Other 1/2 
of 5532 (2) 4K7 
unused 





Above is the final filter design. My prototype filter had 2 variable pots and | disconnected and measured them after discovering my favorite setting 


and then constructed the version shown above using fixed-value resistors instead of the potentiometers. If you like to tweak knobs, you might 
leave 1 or both of the pots in. The 0.68 uF cap can be raised as high as 4.7 uF if you have poly caps this large in capacitance value. although, it 
seems wasteful, | did not use one half of the second 5532 op amp. Feel free to add another pole of low pass filtering or something else to utilize 
this stage if you like. Pin 3 of the unused, second op amp 1/2 is connected to the 10K/10K voltage divider bias with a wire as indicated in the text. 


This filter sounds the best when the R75 volume control is minimally turned on as | suspect some of the wide band noise heard is from the ICOM 
AF chain. More importantly, If the R75 audio gain control is turned too high, the filter will be overdriven and sound distorted This is especially true 
when using the 2.4 KHz wide SSB filter on the R75. The 10 ohm filter input resistor attenuates the receiver output and makes it more difficult to 
overdrive the audio filter. The 500 Hz filter at the 9 MHz Receiver IF has quite a bit of of loss and with this filter switched in, it is difficult to 
overdrive the audio filter. For best results, an audio filter should be placed just after the first AF preamp stage, however, using the headphone 
jack is the only option available for adding AF filtering in most commercial receivers | have used. 

The second op amp stage is used to increase the headphone volume and the 47K feedback resistor can be adjusted to suit your needs. It is 
really important to experiment with the component values which will match your receiver and the IF filters and antenna you have. For example the 
input shunt resistor may be increased from 10 to 18-22 ohms if you always use a narrow IF filter during CW and beacon listening or received 
signals are low in volume. This is an experimenter's circuit, not a finished project. Overall, this circuit has low output volume and is really gentle 
on the ears in terms of noise and amplitude. 





Project Breadboard and Samples 

Shown to the right is a side photo of the experimental 
project. The big yellow Mallory polyester caps were 
used as | did not have any other desirable AF filtering 
caps in my parts stock. The day after, | built this filter, 
my parts order (including a big selection of polyester 
film audio caps) from Digi-Key arrived, however this is 
Murphy's law. These Mallorys are good quality 
capacitors- just a little large! 


Low pass filters can really help reduce noise during 
reception. Two example audio files follow. These were 
heard in the NDB band using a 2.4 KHz SSB IF filter. 
290 YYE 

312 UNT 

The occasional scratchy noises are me moving as | 
held the headphones around the microphone. 








Above is the filter photographed from above. The 3 blue LEDs are used to light the lower row of buttons on the R75 as itis difficult to see them 
with a low level of light in the radio shack. No hum is heard with this filter. When you build AF amps or filters with the 5532, after soldering pin 4 
to the copper ground plane, start out by connecting the components associated with pins 6 and 7 and then 1 and 2. | suggest this as placing 
components between adjacent pins is often the most difficult part of building when using ugly construction with op amps. 

If by accident you make an unintentional solder bridge between 2 adjacent pins on an op amp, simply heat the 2 bridged pins up and gently drive 
a small screw driver between the pins. This should remove your unwanted solder bridge. The 5532 op amp is quiet and relatively inexpensive. In 
EMREPD, there are countless examples of how one can use them in a variety of applications. 


Additional Information and Photographs 








Above is a photo of the audio filter in action on the NDB band. The blue LED reflection can be seen on the receiver. For serious NDB and CW 
pile up work, narrow band pass audio filters are generally required. This simple audio filter experiment might be useful as a spring board for your 
own AF filter experiments and to learn the filter requirements of your own particular receiver. 





Above is the filter photographed from the rear. The DC power cord has a built in RFI filter. For homebuilt projects, DC power cords can be obtain 
by cutting the power cord off old unwanted or broken "wall wart" power supplies. This provides you with a nice cord with a built-in plug. | collect 
old AC "wall wart" transformers for this purpose. This filter is powered by the main 12 volt DC supply on my radio bench. 
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Cascode Hybrid-Based WWV Receiver for 5 MHz 


Introduction 


This was my favorite project of 2007. When | web 
published the original TRF WWYV receiver for 10 MHz 
in 2006, there were many complaints that | used hard- 
to-find dual-gate MOSFETs and also that the AF stage 
lacked the popcorn factor that this web site has 
become strongly associated with. In this experimental 
project, these 2 concerns are addressed. 


The cascode JFET and BJT amplifier stage used in 
this receiver is based upon the amplifer described in 
the Hybrid Cascode IF Amplifier article which was 
published in QST for December 2007 and designed by 
W7ZOI and WA7MLH. This amplifier topology has 
many advantages including high gain + low noise, that 
it can function well at DC voltages less than 12 VDC 
and that the noise figure does not degrade when the 
BJT bias (and stage gain) is lowered during AGC 
action. Please read the QST article and also refer to 
the W7ZOI web site for more details on the IF amplifier 
and the cascode hybrid topology. 


Receiver Block Diagram 


Outdoor MF//HF 
Antenna 


Front end RF Amplifier Crystal Filter RF Amplifier 
Filter (2 stages) 




















Loudspeaker 


Audio 
Amplifier 


Detector 





The receiver block diagram is shown above. To hear digitally recorded examples of this receiver, click here , here or here. No attempt was made 


to make these files sound better than they really are- there is signal fading, room noise etc. A electret microphone was placed near the loud 
speaker to record these audio samples. Note | am now compressing audio files in the mp3 format to allow listening by those who use Linux as 
their operating system. A supplemental web page to this main web page is linked here 





Receiver Front End: Band Pass Filter and First RF Amplifier 





5 MHZ Front end This receiver is meant to interface with a standard 50 
ohm feed line. Testing was performed using my ME/HF 
51 antenna. 
12.2 VDC | built 3 separate bread boards of this receiver and tried 


varying the number of RF amps, using different detectors 
(as well as different detector followers) and eventually 
built and tested this basic receiver design for 5, 6 and 10 
MHz. With respect to using the cascode hybrid amp (and 
probably any other amplifier type) in a TRF receiver, | 
learned 3 things: 






1. Do not operate the RF amps at maximum gain. | built 


50 5 pF some very powerful amps with a Q2 source resistor of 
ohms 100 pF 47 ohms and over 6 volts bias on Q1. While powerful, 
this amp broke into oscillation and also consumed much 
current (nearly 20 ma). 
TD DT les A 
2. Keep the RF stages at least 2-3 cm apart to reduce 
330 100 CV 56 the chance of parasitic oscillations. 


PF pF pF pF 


3. Keep the input band pass filter at least 2 cm from the 
Q1/Q2 amp or you might encounter some unwanted 


L1=L2= 32 turns # 26 AWG on a T50-2 torroid oscillations. 
CV = 10 -70 pF trimmer capacitor 


(Ge T1 = 14 turns on a FT37- 43 ferrite 
Q1 = 2N3904 For the front end band pass filter, a reasonably narrow 


VETBPO Q2 = J310 bandwidth was desired. When sweeping early filter 
designs using a signal generator and oscilloscope, a 
double humped response was noted. ues TREY 








capacitor was then decreased to 5 pF. To obtain the 
required 5 pF, two 10 pF capacitors were placed in series 
as shown in the photograph directly to the right. 


| struggled with this filter design because one end is 
terminated in the gate resistance of Q2 of the hybrid ; fy 
cascode amplifier and was not the standard 50 ohm 
impedance termination. My early filter designs suffered + Hales, 
severe insertion loss or poor selectivity. | asked Wes, 
W7ZOI, for some instruction on solving my filter problems. 
| learned that this filter topology is referred to as a singly 
terminated, double tuned band pass filter. Wes designed 
the front end band pass filter for the 5 MHz receiver for us 
all to learn from and for this | am very grateful to him. 
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Above. A GPLA simulation of the singly terminated, double tuned filter designed by W7ZOI. A double tuned circuit is mandatory ahead of the 
WWYV receiver as local BCB and other RF energy will be amplified by the first RF amp and may distort the WWYV signal in the crystal filter or even 
might blow-by the crystal filter and be detected and heard in the speaker. 











) 





Directly above is a close up photograph of the input filter bread board. Filter tuning was done by ear (and screwdriver!) Simply tune the trimmer 
capacitors for the loudest audible WWV pulses in the speaker and you are set. If you can't locate a 20K gate resistor for Q2, a 22K resistor will 
work okay. 





Crystal Filter and Second RF Amplifier Stage 





In the schematic to the right is the crystal filter and Xtal Filter and Second RF Amp 


second RF amplifier. The input impedance of the 
crystal filter is established by the 1K shunt resistor 
across the output transformer on Q1. The output 51 
impedance of the crystal filter is set by the 1K gate 12.2 VDC 
resistor of Q4. A filter input/output Z of 1000 ohms 

gave the best overall shape and bandwidth during my 

testing. 






Developing this filter was difficult. My first batch of junk 
box crystals had a low motional inductance and with 
the filter | built | could hear stations ~400 KHz below 
and/or above the filter center frequency in addition to 
WWYV. After giving up in frustration for nearly 2 
months, a batch of 10 crystals were ordered from Digi- 


Y1 = Y¥2 Y3 Y4 Y5 
Key. These were microprocessor crystals; ones with i }—| [| aL [| aL [| at [| TT [| LH 
47 47 


18 pF load capacitance in a HC49/U holder. The new 


filter was tweaked and tested and now provides single 
signal reception of WWV. Your own results may vary alk ne ale ne 
33 47 47 33 


All crystal filter caps are pF 


according to your crystal parameters. The Digi-Key 
part number is provided for reference purposes only. 


Y1- Y5=5 MHz Xtals (Digi-Key 535-9025-ND) 

T2 = 14 turns on an FT- 37- 43 ferrite torroid (Ge 
Q3 = 2N3904 

Q4 = J310 VETBPO 


drafting error corrected Dec 30, 2007 - the Q3 output cap 








To the left is a close up photograph of the 5 MHz 
crystal filter. The crystals were turned upside down and 
the outer cases were directly soldered to the copper 
ground plane as you can easily see in the crystal to the 
left of the others. The rest of the crystals as well as one 
of the 47 pF tuning capacitors were soldered on the 
other side and solder points are hidden from view. The 
crystals were positioned to keep the output of Q1 away 
from the input of Q4. Stage lay out is very important 
in TRF receivers. | found stage layout to be far more 
important than keeping lead lengths short from my 
experimentation. 
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Directly above is the GPLA simulation of my crystal filter. The 5 MHz point is not centered exactly in the middle of the pass band, but a 
reasonable AM filter was built nonetheless. Crystal parameters, especially motional inductance and capacitance can make or break your filter. 
Motional inductance and capacitance describe the L and C values that make up the crystal's electrical LC model. Very large inductive and 
capacitive reactance values at the specified operating frequency give the crystal its extraordinarily high "quality factor" or "Q". For example, If the 
motional L is too low, your filter may not work as expected; providing single signal reception of WWV. The Lm was 0.02 and the Cp was 5 in the 
crystals which | used for my filter. In general, low Q crystals will give poor results. Oppositely, crystals with very high Q may give a lower then 
expected bandwidth and this may reduce AM receive fidelity. Experimentation is necessary. 


Third RF Amplifier Stage and Detector 


To the left is schematic of the final RF stage and the 
envelope detector. This RF stage has variable gain by 
means of a front-panel mounted 10K potentiometer 
which is used to vary the bias on Q5. The input Z of this 
stage is 100 K and is set by the Q6 gate resistor. The 
output of Q5 is AC coupled to a detector designed by 
Wes, W7ZOI. | performed considerable experimentation 
with basic diode detectors as well as detector source 
followers; some of which | sent to Wes for his 
consideration. He designed and emailed me back this 
simple, good sounding detector design which uses the 
gate voltage of Q7 to bias the germanium diode. Other 
types of diodes such as as hot carrier diodes will likely 
not have the output voltage of the Germanium type. 
Germanium diodes, when biased, had more noise and 
high frequency response in addition to higher output 
when compared to others | tried during my experiments. 
Diode detector guru, Felix, VK4FUQ advised me of an 
excellent diode he is now using called the BAT46. The 
audio samples of a local AM radio station using this 
diode and his other hi-fi lab equipment that he sent me 
are beyond fantastic. 





3rd RF Amp + Detector 


12.2 VDC 
Main power buss 










12.2 VDC 





10K 
10K Front panel 
RF gain 
control 
To AF 
amp 
1000 pF 
From Q3 (06) boa a 
400K ae 
1 
(Ge T3 = 14t #24 AWG on FT - 37-43 ferrite 
D1= Germanium diode 
VETBPO Q5 = 2N3904 





Q6=J310 O7 = MPF102 





The photograph on the right is a close up of the 
enveloped detector designed by W7ZOl. The 
germanium diode was purchased from The Source in 
Canada (Radio Shack in the USA). The blue, partially 
hidden shunt capacitor is a multi-layer ceramic 560 pF 
cap. The other capacitors are metalized, polyester film 
types. Ensure correct diode polarity. 


Audio Stage 





To the left is the schematic of the audio stage. The very 
“popcorn” LM386 AF chip is used to please the audience 
who complained about my AF stages not having enough 
popcorn factor. A 4K7 resistor was inserted between 
pins 1 and 8 to reduce the gain somewhat. Thus, the 
LM386 is still being operated in the high gain mode but 
won't hurt your ears with loud noise and distortion. The 
470 pF cap on pin 3 may be changed or eliminated. It is 
a simple low pass filter. 


Audio Amplifier 






55 UF poly 42.2 VDC 
To 
[Sto | 001 uF 
2K2 Jack 40 T 470 uF 
1 UF poly 


+ 
Source 40K As. 220uF A secondary, audio output connects to a front panel 
follower + mounted RCA phono jack. This allows me to use my lab 






grade (KK7B AF amp) and turn the audio off on the 
normal receiver AF amp. 


VE7BPO + pa ee The photograph to the right is a close up of the LM386- 
10 uF based audio stage. This is where | started. After drilling 
the chassis, wiring the speaker, installing the chassis 
potentiometers, making the main power buss and LED 
indicator, the AF stage was built on the main board. The 





(Some connections were made via alligator clips such 
as the speaker wires). When the AF amp worked as 
expected, the main board was removed from the 
receiver chassis and the net stage was built. Up next 
were the detector and source follower. After bread 
boarding these, again the main board was laid in the 
chassis, wired, tested and then removed when all was 
functioning well. To test the detector | touched my finger 
to the input and heard local BCB radio. Following this, 
RF Amp #3 was added to the main board and again the 
main board was temporarily wired up and tested by 
touching the input of Q6 with my finger and observing 
that a local broadcast radio station increased/decreased 
in amplitude when the RF gain control was turned up 
and down. DC voltages were also measured and 
considered from project start to finish. 

Actually, all you need to do is connect a band pass filter 
such as this to Q6 and the components after and you 
will have a nice TRF BCB AM radio. Each successive 
stage was built and tested, so when the receiver was 
finished, | already knew that it worked. | cannot 
emphasize enough how important it is to build your 
receiver backwards and test each stage as you go. There is strong temptation to start at the antenna connection and work until you get to the 
speaker, but please consider doing the opposite. 

The bare copper wire in the photograph is the positive connection point for the speaker wire. It was trimmed somewhat during final assembly to 
reduce the possibility of it shorting. 








Miscellaneous Photographs 





The photograph above shows some of the detail of the receiver main board from the right hand side which contains the detector, source follower 
and audio amp stages from right to left. 





The photograph above shows a top view of the main chassis and also the chassis cover with the speaker bolted on and wired up. 








This wider angle photograph shows the main board from the left side. From left to right in the nearground are the SO-239 antenna connector, LC 
band pass filter and first RF amplifier. 





The photograph above shows the speaker attached to the Hammond chassis top. Holes were drilled in the chassis lid with a drill press to allow 
the sound to pass through. 





The photograph above shows the reverse view of the receiver chassis. 
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Complementary-Symmetry Amplifier Biasing Basics 








Introduction 

a (a cy & KS . 
This page provides information concerning the biasing of Class-AB, ~~ —_ : 
complementary-symmetry audio amplifiers. These schematics should be a atiiensealee a , 
considered theoretical, as design considerations such as thermal GE 


stability, negative feedback and component power ratings are minimized 
or excluded for sake of clarity. 


The basic 2 transistor complementary-symmetry amplifier may be used as a 
simple low power AF amp or as a building block for a high powered stage such 
as a 50 watt guitar amplifier. It is important to understand how to properly bias 
your AF power amps to reduce distortion and to promote easy troubleshooting 
when problems arise. This web page describes the hows and whys of biasing 
in a progressive manner with minimal math. 





Discussion 








A 

review of the common collector amplifier (which is more commonly 
12 VDC called the emitter follower) is a good place to start. We may refer to the 
complementary-symmetry transistor pair as complementary emitter 
followers since they are an NPN and PNP emitter follower connected 
in series. An emitter follower amp is shown in Figure 1. Its properties 
include: 


Figure 1 


luF 


Input i 


Y input on the base - output on the emitter 

¥ high input impedance and low output impedance 
¥ avoltage gain of 1 

¥ good current and power gain 


R Load In an appropriate configuration, these qualities are perfect for driving a 
low impedance load such as an 8 ohm speaker with large output 
currents that are not provided by our typical transistor or op amp 
voltage amplifier stages. In many cases, we bias the emitter follower 
with a voltage divider network comprised of 2 identical value resistors. 
In Figure 1, the voltage divider consists of a series pair of 10K 

resistors and thus VBias = 6 volts. These 10K bias resistors will be used throughout this web page as the circuits evolve. 








In Figure 2 is a pair of complementary emitter followers which have their 


Figure 2 12 VDC 






bases biased with our now familiar series connected 10K bias network for a 
VBias of 6 volts. When the power is turned on, output capacitor C2 charges 
through the NPN transistor until it reaches about 6 volts (theoretical value 
used to keep things simple). When the voltage at point V Emitter reaches 6 
volts, the NPN transistor goes into cutoff because VBias voltage now 


NPN 
equals the V emitter voltage. Recall that the NPN transistor base must be 


positive with respect to the emitter for current to flow. Both the NPN and the Cl V Emitter 
PNP transistor are in cutoff. This is the amplifier's quiescent state input — ) 
(assuming no signal is applied to the input via C1) and is called Class B + 


bias. 





12 VDC 


Figure 3 














In Figure 3, a positive going signal is applied to the input capacitor. The NPN transistor becomes forward biased and turns ON. Current flows 
through the NPN transistor and charges capacitor C2 to a higher potential. The PNP transistor stays in cut off. The NPN transistor is an emitter 
follower connected to the speaker. 


Figure 4 12 VDC 
In Figure 4 a negative going signal the (negative half-cycle) is applied 
to the input. Q3 turns ON and discharges the output capacitor through 
the speaker as shown in red. The PNP transistor is an emitter follower 
connected to the speaker. 


Thus the NPN and the PNP transistor conduct on alternate half cycles 
which causes AC current to flow through the speaker. The 
complementary emitter followers are said to be in push-pull operation. 





Blue = crossover distortion 





The circuit of Figure 2 has a significant problem; output signal distortion. Silicon transistors such as the 2N3904 and 2N3906 will not conduct 
until their bases are forward biased by somewhere around 0.7 volts. For the NPN transistor, this means that it will not conduct until the input 
signal has gone positive by about 0.7 volts. Oppositely, the PNP transistor will remain in cut off until the input signal goes negative by 
approximately 0.7 volts. As a result, there is a dead zone during the point in time when one transistor cuts OFF and the other turns ON. Shown 
above is a normal sinusoidal AC waveform in red and another with the distorted waveform of Figure 2 in red and blue. This distortion is called 
crossover distortion because it occurs at the zero crossing point of the AC waveform. This introduces odd-order harmonics into the output signal. 
Such is the drawback of the Class B amplifier. 


jj 


i/7 
Liny 
NT , 


The above photograph shows crossover distortion in an under-biased power amp. 





Figure 5 








Figure 5 shows the principle technique used to reduce crossover distortion; 
both transistors are (slightly) forward biased almost to conduction in their 
quiescent state. As a result, any amplitude of positive or negative going 
signal will bias the appropriate transistor into conduction. An easy way to 
achieve this biasing is by adding 1 resistor to our 10K voltage divider 
network. In Figure 5 is a circuit | built, measured and listened to. R3, a 2K2 
ohm resistor was placed in between R1 and R2, our usual 10K bias 
resistors. As a result , both transistors are forward biased. 

That is: the base of the PNP transistor is negative with respect to its emitter 
and the the base of the NPN transistor is positive with respect to its emitter. 
As arule of thumb, you need to drop at least 1 volt across R3. | chose a 
2K2 resistor and it worked fine in my particular amp. The Figure 5 biasing 
topology is rarely used as it puts a series resistance on the PNP input 
among other problems; however, it exemplifies the basic principles of 
biasing our complimentary pair. With the forward bias on the transistor pair 


we now are in Class AB. The output capacitor serves to block the quiescent DC current from flowing through the speaker. 





the transistors get hot. 





Figure 7 








Figure 6 illustrates an improved biasing method over that of Figure 5 
by using a pair of silicon diodes. You see this circuit used a lot by 
hobbyists. The voltage divider consists of 2 resistors and the 2 diodes. 
The 2 series connected diodes are connected in parallel to the NPN 
and PNP transistor base-emitter junctions which serves to keep the 
transistors turned on slightly. The net effect of the diode pair is the 
same as R3 in Figure 5. The voltage drop per diode was measured at 
0.57 volts. The AC resistance of these 2 forward biased diodes is non- 
significant. There is major problem with the diode/resistor voltage 
divider; no way to adjust the diodes forward voltage drop. If each 
diode's forward threshold voltage is unequal to the base-emitter 
junction voltage of each transistor, either not enough forward bias is 
applied, or the 2 transistors may be turned on too much reducing 
efficiency and possibly cause excessive heating. Additionally, the pair 
of diodes lack the ability to provide temperature compensation when 


Figure 7 shows the best way to bias our complimentary pair. Our familiar 
10K-10K voltage divider is kept, but a transistor Q3 with its own biasing 
resistors R3 and R4 are added. You might think of R3 and R4 as a voltage 
divider within a voltage divider. Q3 is referred to as an amplified diode or DC 
level shifter. It often receives local thermal feedback from the power follower 
output transistors. This usually involves mounting Q3 on the same heat sink 
as the finals. If the output transistors heat up, so does Q3 and this results in 
aasmaller voltage drop across Q3 which translates into less forward bias to 
Q1 and Q2. Within limits, Q3 with its own base-emitter junction provides 
variable forward bias for the output transistors. 





Shown above is the breadboard of the Figure 6 circuit built on scrap of copper clad board. Transistors were 2N3904 and 2N3906 types, diodes 
were 1N4148. The capacitor and resistor to the right were a low pass filter (10 ohm and 0.1 uF) to stabilize the output. The unseen speaker was 
connected to the red and green wires. 


Figure 8 





In practice, either R3 or R4 is often replaced with a trimmer potentiometer or a trimmer potentiometer is used instead of R3 and R4 and 
sometimes R3 and R4 are not of equal value. Shown above in Figure 8 are 3 variable bias topologies for Q3 that | have used. In some cases 
you will notice that the builder places a fixed value resistor or even a diode in series with the potentiometer in circuits like A or B. Using a 
potentiometer allows precise adjustment of the quiescent bias current and the ability to dial in the lowest crossover distortion possible. You can 
set the bias current using any combination of an oscilloscope and signal generator, a voltmeter, an ammeter or possibly try do it by ear when 
listening for and removing crossover distortion at low volume levels. The procedure | have read to adjust the bias by listening is as follows: Allow 
some low level signal through the amp so you can just hear it in the speaker. Turn the potentiometer from 1 extreme to another until crossover 
distortion is heard. Move the pot in the opposite direction until the crossover distortion disappears. 

From my limited experience; in some amplifiers under 2 watts or so, you may not hear much of an audible change in crossover distortion when 
adjusting the bias control potentiometer, so the listening method is not useful in certain cases. It is worth mentioning, that crossover distortion 
sounds awful and you can usually hear it in amplifiers that are under biased. 


Many builders just have a multimeter. In this case, measure the voltage drop across Q3 (the amplified diode) and ensure that is a least 1.1 volts 
and then slowly adjust the bias up or down from that point. Ultimately, you may have to just make the final bias setting by deciding what voltage 
drop across Q3 and/or what complementary pair quiescent current you want to establish. It is really not that difficult. Whatever method you use, 


always re-check the Q3 voltage drop and amplifier bias current with no input signal to inform yourself of what is happening. 
| am uncertain of the best method to measure the amplifier quiescent current, however | normally measure it using an ammeter connected in 
series with the emitter of the NPN transistor of the complementary pair. 


Shown to the right and below are more images of what crossover distortion 
can look like in an under-biased power follower stage. The right output 
waveform also contains a little harmonic distortion, however that's a 
separate issue. | listened to this amp when connected to a speaker and 
music audio source; the audio had a noticeable "grungy" distorted sound. 
As mentioned, crossover distortion sounds terrible. The bias to the power 
followers (a complimentary pair of two 2N3906 and two 2N3904 transistors 
set up as Darlington emitter followers) was increased and the crossover 
distortion disappeared. A post bias adjustment audio listening test 
confirmed that the crossover distortion was gone. 





Time 200 .8us 








Click for a Russian language mp3 audio file. Vladimir (Volodya), a fellow builder in Ukraine, wanted an A - B comparison of Class AB versus 
Class B (cross-over distortion). In this audio file, | tweak a potentiometer biasing a pair of power followers to give contrast between the 2 
amplifier classes. Under biased AF amps sound terrible in any language! The audio source was a cassette player. The speaker output was 
recorded, digitized and stuffed into the mp3 file. 





Shown above is a bread board of a complete amplifier utilizing a 10K pot to vary the bias on the amplified diode (see Figure 8 c). With a 12.22 
volt power supply, turning the potentiometer from one extreme to the other varied the current draw of the amplifier from about 0 to 95 mA. The 
average quiescent current draw of a properly biased single complimentary pair was somewhere between 5 and 10 mA in my bread boards. 


Figure 9 


forward 
biased 





You may see a Capacitor inserted between the output transistor bases as shown in Figure 9A and 9B. | have seen capacitor values from 4.7 uF 
to 100 uF used and the value is not critical, however, from my experiments, | have learned it is mandatory. This capacitor serves to keep the bias 
voltage constant as the AC signal swings up and down. Some engineers refer to the amplified diode an NPN shifter bias amplifier or a level 
shifter. Its function is to charge up the capacitor between the bases of the power follower NPN and PNP pair to a voltage difference that 
establishes the quiescent current. 


In 9C, R1 has been replaced with a PNP transistor which is usually forward biased by another transistor. You may observe any number of 
variations of the basic biasing circuit presented in Figures 6 and 7, including 3 or more small signal diodes, 2 amplified diodes, current sources, 
feedback loops and more. although the techniques vary, the authors are still just biasing the complementary emitter followers to achieve low 
crossover distortion, stability and/or thermal tracking. 


Figure 10 
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Shown above in Figure 10 are 2 amplifiers using a split power supply. The split power supply offers increased headroom due to a greater AC 
voltage swing as well as increases the available RMS output power without using super high AC power transformer secondary voltages. In 
addition, the split supply works well with op amps and if desired, enables you to reduce the number of coupling capacitors by allowing direct 
coupling of the preamp and speaker to the power amplifier. Coupling capacitors alter frequency response and perhaps may present phase shift 
issues. In some cases, we as builders use coupling capacitors to provide effects such as high pass filtering, however in Hi-Fi amps, enhanced 
low frequency response is usually desired; which necessitates the use of high value coupling caps in single power supply amplifiers. In split 
supply amps, the choice of using a coupling capacitor or not is available to you. In the Figure 10 a and b circuits above, the speaker is directly 
coupled to the complementary emitter followers output. Note that the voltage at this point is 0 or nearly O volts. For any given power supply 
voltage you chose (split or not), please ensure the amplifier components can handle the current and subsequent heat when a signal voltage is 
applied. This topic is out of scope. Build and measure...build and measure... 





Shown above is a breadboard of the Figure 10b circuit. Additional experiments using even higher voltages were also performed, hence the 
moderate power TIP transistors were utilized. | burnt up four 2N3904/6 transistors performing many experiments with biasing over 3 nights. 
Some of the outputs of these experiments will be presented in future projects. 








Shown above in Figure 11 is a complimentary emitter follower pair directly coupled to an op amp. The amplified diode and its biasing network is 
inside the op amp feedback loop. There are examples of this circuit in EMRFD and also on this web site. In single supply powered op amps, it is 
possible to omit R1. An example of this may be found in Figure 12.30 in EMRFD. Using a low noise op amp such as the NE5532 to drive your 
power followers can give outstanding results. 


Figure 12 





Shown above in Figure 12 is another theoretical power amp which illustrates the building block aspects of the simple stage we have been 
discussing. Q4 and Q5 are cascaded with Q1 and Q2 to build up the current (Darlington emitter followers). Such an amp could have several 
watts of output power depending on the supply voltage. The emitter resistors on Q4 and Q5 are often 0.47 to 1 ohm power resistors. 


References 


EMRED Although Rick Campbell and Bob Larsen contributed chapters and circuits, the principal author is Wes Hayward. It amazes me that any 
human being could know so much about electronics and is so willing to share his knowledge. Respect. 





Henderson, John. Electronic Devices Published in 1991 by Prentice Hall 
Oleksy, Jerome E. Practical Solid-state Circuit Design Published 1974 by Howard W. Sams and Co.,Inc 


Slone, Randy G. Understanding Electricity and Electronics Published 1996 by TAB Books-McGraw Hill 








i ) f f 


' ; ! 
\ j " f i } \" ) HQMEBU}LDER I \ a 
VW V W W ys vi yy % 


ue ee ay 


i s) ‘i i 


Ww W 


Amateur and Short Wave Radio Electronics Experimenter's Web Site 





Low Power Audio Amp Experiments 





Introduction 


This web page contains some experiments on simple, low 
power, speaker output audio amplifiers. Presented are 
ideas, some measurements and examples of audio 
amplifiers which will likely sound better than the IC audio 
chips commonly seen in many receiver projects. This web 
page is a follow-on to this one and is a completely new 
area of experimentation for me. Audio amps were built 
using both split and positive power supplies. In all cases 
the complimentary power followers were driven by an op- 
amp. | tried building some power amps using discrete 
transistor differential amplifier stages with current sources 
as the driver, but the noise performance and simplicity of 
the NE5532 or NE5534 op-amp was superior. 


Split or Bi-polar Power Supply Audio 
Amplifiers 


tad Split Power Supply 


; 1N4004 ; 
fuse 100uF/35v 


Wal-wart 


100uF/35v 
1N4004 


corrected Dec 16, 2009 








In order to build up some split power supply amplifiers, a basic power supply was constructed and the schematic is shown in Figure 1 above. | 


found it was essential to regulate the voltage or hum would appear on the output. Choose a standard value fuse that is rated somewhere just 
above the maximum current you measure. | used 2 different AC output power transformers which were in the 18-24 volt, 375 mA to 1 amp 
range. The LEDS are strongly suggested. They inform you when there is power applied and their relative brightness will also often fall when 
higher current is being drawn on one side or the other. This alerted me to an accidental solder bridge to ground on more than 1 occasion. 


The split power supply is shown in the photograph to the left. The 
retro Bakelite fuse holder is from an old tube audio amplifier. If you 
are wondering why the copper clad board is so large, the power 
supply is part of a future project. Some builders would use even 
greater value filter capacitors than those shown. Heat sinks on the 
voltage regulators are required for supplying DC to higher power 
amplifiers. 








470 uF 





Headphone Ampli fier Quiescent measurements in 
by Rod Elliott (ESP) 120 pF red color. Stage quiescent 


. twas 9.5mA 
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The first amp | built is shown in the Figure 2 schematic above. This amplifier was designed by Rod Elliot and is used with his permission. Rod's 
ESP web site is a virtual treasury of audio design information. If you are into understanding audio design, visiting his web site is strongly 
recommended. Rod sells printed circuit boards for all of his circuits if you prefer this building method . Note | have made some minor 
modifications to some part values. although primarily designed as a low distortion, high power, headphone amplifier, it drives an 8 ohm speaker 
very well. | was able to drive this amplifier as high as 0.68 watts average power with a pure sine wave output during analysis. Power 
measurement is discussed in the next section. Note that on this web page, | quote the entire stage quiescent current. Since the op-amp and the 


2 (or more) power followers are a "package", it is a lot easier to just measure the current at the power supply lead(s) of the stage than unsolder 
and lift up a transistor lead. In this case, with no input single, the stage current was about 9.5 mA. | did check and about half the current is going 
to the op-amp with the other half to the transistor pair. This is a wonderful sounding amplifier and Rod has an entire web page devoted to it, so | 
will not comment further. 


There are a variety of suitable transistor pairs for audio power amplifiers depending on the power output you are choosing. | stock just a few; 
BD139-140, TIP 41C-42C, NTE 128-129. The higher beta 2N3904-3906 or 2N4401-4403 pairs worked well in the low power, single power 
supply amplifiers shown on this web page. | also performed some higher output power experiments which required the TIP and BD transistors 
and these are not shown. 








Above photograph. A breadboard of the Rod Elliot headphone amplifier. This early version had a temporary output capacitor. When first testing a 
new circuit that has a direct speaker output, it might be a good idea to temporarily use an output capacitor until you measure your voltages and 
current and feel your transistor temperatures. This will save your speaker if you made a big mistake and/or blow up the transistors when you first 
power it up. 


Amplified Diode Biased Audio Amp 






Figure 3 
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Above in Figure 3 is a split power supply audio amp using an "amplified diode" to control the bias. The bias transistor was wedged between one 
of the output transistors and a piece of copper clad board to allow thermal tracking. The 10K bias control resistor was a trimmer type suspended 
over the copper clad board in most of my bread boards. Usually, you just need to set and forget about this resistor after initial set up. | adjusted 
the bias by watching in my oscilloscope with a low level, 1 KHz sine wave connected to the input. | measured the various voltages and stage 
current at quiescent and have indicated these values in red for learning purposes. The bias current range was 7.2 to 154 mA when turning the 
10K trimmer pot from 1 extreme to the other. The maximal clean output average power of this amp was 0.78 watts. | used press on heat sinks for 
the NTE128-129 pair and they ran quite warm to touch. These TO39 type packaged transistors are somewhat difficult to heat sink compared to 


the TIP/BD transistor packages where you can just bolt on a heat sink of any size that is required. Please remember that the metal tab on the TIP 
and BD transistors is connected to the collector terminal. 








In the above photograph is my first bread board of the Figure 3 amplifier. This particular version had TIP transistors, a 4 ohm speaker and an 470 
uF output capacitor. Note the full size 10K bias control potentiometer on the left hand side. This was purely a experimenter's bread board, but it 
sounded amazing when listening to music through it. 


Harmonic Distortion and Measuring Output Power 


In Figure 4 is the formula used to calculate the average power of the circuits on this 


Average Power Formula web page. For example if you measure 6 volts peak to peak on the oscilloscope, (3 
volts peak voltage) and your resistive load is 8 ohms, the average power is 560 
Applies to a continuous sinusoidal tone milliwatts. At any point in an AC waveform there is power and it may be reported using 
into a purely resistive load a variety of ways. Was it clean? distorted? a peak value? an RMS value? - often it is 
unclear. 
Peak Voltage To be clear, | measured the peak voltage on a pure, undistorted sine wave into an 8 


ohm resistor. Stated power values are the mean sine wave power calculated with the 
formula shown. See this somewhat controversial link for details. You may not agree 
with my methodology, however, it allows you to compare the circuits on this web page. 
If you really must know the peak power, multiply the stated average sine wave power 
by 2. | will leave the power measurement and calculation debate up to scholars; as a 
lay-person, | need something simple. 

The bench voltage measurement was as follows: The amplifier was connected to a 1 
KHz pure sine wave generator and the 10K volume control pot was advanced just until 
any sign of distortion of the amplifier output sine wave appeared. Voltage 
measurement was taken at the point just before distortion occurred. 


2 x Load Resistance 


Figure 4 





It is difficult to photograph a sine wave without a tripod. Motion, 
the angle, light reflection and jpeg graphic compression all wreck 
the perfect sine wave. In the Figure 4 graphic above is a typical 1 
KHz output waveform from my power amplifiers (squeaky clean) 
at the amplifiers maximum average power level. 


To the right is a photograph of my AF signal generator. This is an 
old, tube device but the output sine wave is beautiful. | did not 
perform spectrum analysis with a computer audio sound card 
program and will leave this up to audiophiles. These audio amps 
sound great; especially when compared to the IC audio power 
amps that many of us tend to use in our receivers. 
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In the above photograph is A, an 8 x 1 ohm resistor load and B, an 8 ohm load made from parallel 1/2 watt 10 and 39 ohm resistors. In dummy 
load A, | used 5 two watt metal film resistors plus 3 half watt resistors. In the future, | will obtain 3 more 2 watt resistors and replace the 1/2 watt 
resistors for a 16 watt rating. For a quick resistive load, B is the way to go for most of the circuits on this web page.. You can make a 4 ohm load 
from parallel 4.7 and 27 ohm resistors. In truth, a single resistor or any combination of resistors adding up to the desired load R value will work. 


Figure 5 





In Figure 5 above are some scope waveforms ranging from mildly distorted to full-on dirty. 





Power Amplifier Concerns 


Although the amplifiers on this page are 0.15-0.8 watts or so, they can consume relatively large current compared to the usual voltage amplifier 
circuits we build. Some potentially helpful tips to help keep away ground loops, oscillations and thermal run away are suggested as follows: 


¥ Connect your negative speaker terminal directly to the AF power amp (do not use a common ground for the negative speaker terminal). 

v¥ Use big power supply line bypass capacitors (no 10 uF caps here) 

¥ Keep your audio amplifier copper clad board separate from the rest of your circuit boards and star ground it to your main power supply ground 
point. 

¥ Use heat sinks on your final transistors and voltage regulator(s) when you go for bigger power 

¥ Watch your layout - keep the output away from the input etc. 

¥ Watch your emitter resistor power ratings in "higher wattage" amplifiers. Burning resistors stink. 





Single Power Supply Audio Power Amps 


Since most 12 volt power supplies are actually closer to 14 volts; these experiments were performed with a typical radio bench DC power supply 
at 13.69 volts.. Figure 6, 7a and 7b represent evolving experiments aimed at obtaining greater output power. 


Figure 6 13.69V 
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Shown above in Figure 6 is the fundamental design using one op-amp and 2 power followers. It is shown in an AC output power measurement 
configuration. The bias current range was about 5 to 100 mA when turning the 10K trimmer bias control pot from one extreme to the other. 
Maximal sine wave average output power was only 141 mW. Nevertheless, it might be loud enough for some receiver applications. 

| connected this amplifier to a VCC of 15 volts. The maximal sine wave average output power was then 220 mW. In all of the single supply audio 
amps presented , increasing the VCC increased the maximal power output. Driving these amplifiers beyond a pure sine wave output power 
resulted in predictable harmonic distortion plus the re-emergence of crossover distortion in the output. This was an incredible learning; how could 
there be crossover distortion re-emerging in a amp that was properly biased to begin with? Increasing the bias current to the maximum level did 
not remove this crossover distortion. After emailing this question to Rick, KK7B and Wes, W7ZOI, and reading their replies, my best guess was 
that at some power level, the 5532 op-amp can not provide enough current to properly drive the complementary symmetry pair. The AC current 
in the output transistors may be limited by the base drive of the op-amp and they were no longer forward biased at the crossover point. 


Above photograph. This is the Figure 6 amp driven past the point where the sine wave is pure. Note the crossover distortion blips on the sine 
wave. The base drive current for the power follower pair all comes from the op-amp. At this point there is likely not enough base drive to keep 
the base emitter junctions forward biased. 


In the above photograph | blacked out the room and photographed the same scope waveform as above while shaking the camera from side to 
side. This adds some horizontal spreading of the signal and provided more information about what was happening as compared to a single, 





clear oscilloscope trace. 

| should mention that this crossover distortion blip occurred in all of the Figure 2 to 6 amps when they were driven past the point where a pure 
sine wave was seen. It is clear that maximal available power from a simple audio amplifier like this (one NE5532 op-amp plus 2 power 
followers) is constrained and thus its application is limited. Greater output power is possible using a split supply per Figures 2 and 3, however, a 
typical radio project has a 12 volt, single power supply. These basic amplifiers with a single power supply, may be very appropriate for projects 
such as a compact radio receivers or a code practice oscillator project, but not for applications where you require louder audio. 





Figure 7A 13.69v 
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Shown above in Figure 7a is an easy method to get more output power from the Figure 6 amplifier; add another set of complimentary pair 
current amplifiers. | found 33-39 ohms to be a good emitter resistor value during my experiments. Many hi-fi amp builders will use greater emitter 
resistor values, however, a design goal was to get more output power from our 12 volt supply. Series emitter resistors are used to improve 
linearity and operating-point stability. | kept the final power follower pair emitter resistor values at 1 ohm to get maximal output power. An output 
10 ohm + 0.1 uF low pass filter was used to help prevent oscillations in view of the low emitter resistor values on the finals. 


Biasing 


The top 10K bias resistor was lowered to 6K8 to facilitate "more linear" setting of the output transistor bias with the 10K trimmer potentiometer. It 
did not help much. Setting the bias is very delicate procedure and you must turn the screw driver very slowly. In my bread board, the optimal 
stage bias current was 22.3 mA but anything around 20 mA should be fine. If you do not have an oscilloscope, after ensuring that there is no 
input signal, connect an ammeter in series with the positive power supply lead. Turn the bias potentiometer with with the screwdriver until you get 
close to 22 mA. If you only have a voltmeter, the rule of thumb of 1.1 seems to work... Measure the voltage across the final 2N3904-2N3906 
bases and ensure the difference is at least 1.1 volts while adjusting the 10K trimmer pot. Personally | do my biasing with an oscilloscope at at 
least 2 different frequencies on the signal generator, however the for mentioned methods will work okay. This is a popcorn stage and a popcorn 
web site after all! 


For the lowest potential noise, consider using metal film type resistors in your audio amps and "polysomething" capacitors wherever AC signal is 
coupled to another component or ground, excluding the output capacitor. 


Figure 7b 13.69v 
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Further experiments to increase output power were frustrating. Finally a compound or Sziklai pair was trialed and increased the average power to 
over 400 mW as shown in Figure 7b . | used a small piece of copper clad board on the finals for a heat sink, although they really didn't get that 

warm. Ideally, the amplified diode should also be glued onto one of the heat sink boards for thermal tracking. This amplifier is now in a chassis 
as a bench reference audio amp for receiver testing. 








In the above photograph is the Figure 7b prototype. | am using a new miniature potentiometer for my experiments that | bought from Digi-Key. 
The base has 2 leads which can be soldered right on the copper clad board for easy anchoring and removal after testing. 





Another view of the bread board on which the Figure 6, 7a and 7b experiments were conducted. 


KK7B Headroom Boosting Emitter Capacitors 


We first learned about using large value emitter caps in 
audio amp complimentary pairs from EMRED. 
Experimentation revealed that these capacitors do 2 things: 
1. Can increase the amplifier sine wave headroom and 2. 
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Add some low pass filtering. | learned from Rick, KK7B, that 
he designed his EMRED amp to achieve low output power, 
low distortion and lower DC current drain. He desired a 
clean output audio amplifier for his R2 series of receivers 
without needing a lot of quiescent current or heat sinks on 
the 2N3904-2N3906 pair. The caps were added to make the 
amplifier think it had much lower emitter resistors at AC than 
the 22 ohm resistors he used in the EMRFD projects. When 
Rick made measurements and simulations of the amplifier, it 
was very stable, had low distortion and provided a very nice 
clean sound at all signal levels, from very weak signals in a 
few milliwatts of noise, to music driving the speaker. The 
result is outstanding and Rick's design was the catalyst for 
my own interest in audio amplifier experimentation. 

| performed experiments with these capacitors and found 
that they increased my amplifier power and head room in 


some cases, and that the boost is indirectly proportional to the emitter resistor value. With 1 ohm output transistor emitter resistors the boost is 
generally not that significant. With 4.7 ohm or greater emitter resistors, they can make a big difference and you might consider trialing them for 
more power and headroom as appropriate. They can also add a nice, warm sound to your audio amp. Refer to EMRED for numerous examples 


of this technique. 





Popcorn Audio Amplifier 


What follows is a popcorn or "poor man's" audio power amp 
using the 2N3904-2N3906 pair. To meet true popcorn 
criteria, all of the capacitors used in my breadboard were 
electrolytic and you can substitute different values from your 
own junk box. It would be better to use "polysomething" 
capacitors for the NE5532 pin 5 and 6 signal capacitors if 
you have them. | normally use a 1 uF to 4.7 uF poly-type 
capacitor in series with the 4K7 resistor on pin 6. The 270 
pF feedback capacitor could be omitted or substituted with a 
higher or lower value to suit whatever high frequency roll off 
you desire. 

The transistor glue-on heat sinks seen in the 1 bread board 
photograph are completely unnecessary. This BJT pair were 
used in other higher power experiments as well. The 22 uF 
capacitor between the transistor bases is essential from my 
experimentation. Without this capacitor, the amplifier 
headroom decreases and crossover distortion occurs. You 
can use the other half of the 5532 for a preamplifier or use a 
NE5534 instead. A 741 op-amp would be a horrible 
substitution. The NE5532 performance is breathtaking 
considering its low cost. 181 mW is surprisingly loud. All 
resistors are quarter watt rated. What a fun little amplifier! 
The schematic is Figure 8. 





Figure 8 
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The bread board of the Figure 8 popcorn amplifier using transistors without heat sinks. 
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| tried putting a current source on the Figure 8 bias and it made no difference to the amplifier characteristics according to my simple oscilloscope, 
listening and DC analysis. 





One of the full wave rectifier, voltage regulator and filter bread boards used in these experiments. | went as high as 24 VCC on some single 
supply amps | tested and was getting over 5 watts average output power 
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Two Bravo Receiver Experiments 





Introduction 





An experimental direct conversion receiver is presented. 
This 1990's style receiver was built to re-familiarize with 
DC receivers and try out a few new ideas. Design-on-the- 
bench bread boarding was used exclusively and was a 
pleasant way to both learn and pass time. Feedback has 
been received stating that that certain stages of previous 
receiver experiments were either too basic or too complex 
and thus a particular receiver was not built. This web site 
is as much a cookbook as anything. Kludge together 
whatever receiver stages you want; no project is meant to 
be set in stone. This receiver has a high popcorn factor 
with MPF102 and 2N3904s as the main semiconductors. 








Variable Frequency Oscillator 
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The first stage built was the VFO shown above in Figure 1. The oscillator portion is based upon Figure 4.15 from EMRFD. The VFO resonator 
tank is isolated from the JFET by tapping down as shown. This is an outstanding VFO topology. See this web page for a few more details and a 
coil tap calculator. | favor high L to C ratios in my RF tanks, although this does not affect the VFO function. The tapped inductor in this oscillator 
allows you to use a high RF voltage (low C + high L) while still keeping the FET gate AC voltage at a reasonable level. The buffer amp was 
designed for high output power and supplies nearly 5 volts peak to peak to the product detector local oscillator port. You can vary the output 
voltage by increasing or decreasing the 15 pF coupling capacitor for use in other projects. 

To peak the L2 tank trimmer capacitor, use a scope, RF voltmeter, or temporarily connect a 10K (or greater value) resistor load to ground via a 
10 - 47 pF output capacitor and adjust this capacitor while listening with a nearby CW receiver. (Use a short piece of wire as an antenna.) 
Additionally, you could also peak this trimmer cap while listening to a CW signal with the completed 2 Bravo receiver. It takes around 100 pF to 
resonate the L2 tank at 7.040 MHz in case you are wondering. 


Since air variable capacitors were used for tuning and to set the band edge, Q is high and frequency stability is excellent. My 1 hour frequency 
drift was 50 Hertz uncovered. The high RF energy in the tank circuit results in low noise. The L1 taps also allow the use of a 5 pF gate coupling 
capacitor rather than the hard to locate 3.3 pF cap used in many example VFO schematics. With different buffer/amps as required, this is now 
my number 1 VFO topology and it is nothing short of stellar. Note that the 100 uH RFC can be wound with 15 turns on an FT37-43 ferrite torroid, 
or replaced with a fixed value choke. 
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In the above photograph is the VFO bread board. | used 26 gauge wire for the inductor and took my time to make sure the wire was laying flat 
on the T68-6 torroidal core. You can pull the wire tighter if you wash your hands before winding. 


Band pass Filter and Product Detector 
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Please refer to Figure 2. The second stage constructed was the double tuned band pass filter. You will need about 50-54 pF to resonate L1 and 
T1 at 7.040 MHz. The C1 and C2 values chosen are thus perfect for tuning the 40 Meter CW band. | peaked my particular front end filter at a 
center frequency of 7.025 MHz using a 50 ohm output impedance RF generator and then did some fine tuning with an antenna connected after 
the receiver was constructed. You may also just tune C1 and C2 for maximum signal strength when listening to band noise and QSOs. Filter 
bandwidth is sufficient to cover the whole CW sub-band. No AM broadcast band radio was heard during several nights of testing. 


The product detector is single balanced for improved port isolation and BCB rejection. Lay out your circuit to try to achieve symmetry. The 
schematic calls for J310s. | built the first prototype with MPF102 that were matched for Idss. To find two with the same Idss, | had to measure 
16 transistors! This is too painful, and | recommend just using a pair of J310s. The words "matched" and "MPF102" should not be used in the 
same sentence! Ideally, your J310s should be matched, however, the process should not take as long as for MPF102 JFETS. The choice is 
yours to make. T1 is a little tricky to wind, however, your best effort should be good enough. 

Some builders will be unhappy with using a audio transformer (T2), however, they are still in catalogs and online stores, or can be harvested 
from an old transistor radio. CB radio modulation transformers are also a possible source. A higher impedance audio transformer, will likely give 
even more conversion gain. Without the 51 ohm drain resistors, oscillations occurred in my bread board. 








Above. A temporary 5K1 (5.1K) resistor was soldered across the second tank for testing when the front end filter was designed on my work 
bench. 


Audio Pre-amplifier 


Figure 3 
All BJTs 2N3904 


Ugly Weekender AF Chain by W7ZOI; published in OST for June 1992 





To match the low impedance winding of the audio transformer, a common base amp topology was chosen. | decided to use a favorite circuit; the 





audio chain from the first amateur band receiver that | ever built -[he Ugly Weekender. The final common emitter feedback amplifier from the 
original schematic was omitted as the 3 stages above provided enough voltage gain. The Figure 3 amplifier is worth studying. It is difficult to DC 
couple audio amplifier stages and not end up with your second and/or third stage in saturation. This example of good design by W7ZOl illustrates 
how to do it. The third stage, a common emitter amp is a level shifter and drops the DC voltage back down, although this stage is AC coupled to 
the volume potentiometer. For lower noise, you could AC couple the first common base amp to a 5532 op-amp, although, this would reduce the 
popcorn factor a bit. Do not expect ear blasting voltage gain from this humble circuit. It provides reasonable drive to the power amp stage. 

The 0.82 and 0.68 uF capacitors shunt any detected RF energy to ground and also provide some low pass filtering. The original schematic 
called for 0.1 uF capacitors and which values work the best is yours to decide. Polyester film type capacitors were used in the bread board. 








Photographed above is the Figure 3 bread board. You can also see the VFO buffer/amp and the audio transformer. | tried several AF 
preamplifiers, but preferred Figure 3 to all others. 
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Figure 4 provided 3 nights of experimentation. The base circuit for this amplifier was Figure 1.17 from EMRFD. To increase power gain and 
reduce harmonic distortion, Darlington configured emitter follower pairs were employed. This worked, except the power followers were under 
biased and had serious crossover distortion. To remedy this, the amplified diode (level shifter) bias was increased until a sine wave was seen on 
the oscilloscope. This was achieved by replacing the 10K resistor (R6 in the original schematic) with a 4K7 ohm resistor. The next task was to try 
to increase the voltage gain. Rg in EMRFD Figure 1.17 called for a 3K3 resistor. Rg was dropped to 1K; this worked. The degenerative feedback 
on the common emitter amplifier of EMRFD Fig 1.17 was also dropped somewhat. Next some bootstrapping feedback was AC coupled to the 
collector of the main common emitter amplifier. Each of the 2 collector resistor values was changed around and the outcome was recorded. 
Ultimately the 100 ohm plus 1K ohm resistor series pair was chosen and provided a boost of 0.85 volts peak-to-peak clean voltage gain to the 
output waveform. The power follower emitter degeneration resistors were also decreased from 22 to 3.9 ohms. The result is a low distortion 
power amp with about 150 mW of clean average power output. This receiver is not super loud, but it is reasonably loud and the audio is bell 
clear. If you use this amplifier stage in other projects that have a higher gain pre-amplifier, | recommend keeping Rg at 3K3 ohms as this 
amplifier will likely exhibit lower distortion characteristics. 








Shown above is the Figure 4 bread board. A 10 ohm resistor was used to decouple this stage. Without the resistor, audio oscillations at around 
850 Hz manifested when the volume was greater than about half way up. The voltage drop across the 10 ohm resistor is trivial. You may have to 
increase this resistor value if you experience instability. Expect all amplifiers to oscillate and decouple them accordingly. The 390 pF feedback 
capacitor is required. The Figure 4 amplifier exhibits greater gain as frequency increases and in a direct conversion filter with no low pass 
filtering, this would be very harsh indeed. Feel free to experiment with the value of this feedback capacitor. Kudos to W7ZOI for the EMRFD 
Figure 1.17 schematic which serves as a great specimen to inform and challenge us experimenters. The original common emitter amplifier (Q1 in 
EMRPD Figure 1 .17) bias current is perfect and although | tried increasing and decreasing it, | returned to the originally specified bias resistor 
values. 
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Figure 5 depicts the product detector with a high impedance output. From my experiments at least, it was better to use the low Z coil for 
improved product detector balance and audio voltage gain. 
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Figure 6: A high impedance input audio stage. The first stage is a hybrid cascode. The second stage is common emitter, common base cascode. 
Care was taken with transistor biasing to try to optimize distortion characteristics. Certainly, | am a total novice with such amplifiers and more 
time on the bench and also with computer simulation is required to better understand these amplifiers. At any rate, the schematics with DC 


voltages are posted for others to study and hopefully improve. 
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| have 3 adapted versions of the EMRFD Figure 1.17 amplifier in my note book. This is my favorite and has the greatest clean maximum average 
power output of all of the 3 versions. This power amplifier somewhat lacks sufficient voltage gain for the 2 Bravo receiver (with its relatively low 
gain audio pre-amplifier) and thus Figure 4 was chosen as the more suitable power amplifier. You could lower the 3K3 resistor to increase the 


voltage gain. This circuit begs experimentation. 











A couple of low pass RC audio filters were tried but later abandoned. One filter with its 1 uF AC coupling capacitors is shown in the photo above. 
It is quite an experience to hear an unfiltered direct conversion receiver. | love the purity. This is okay for an experimental or casual receiver, but 
not for a contest rig. Low pass filtering is definitely required in that context. 
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A different angle photo of the VFO bread board. My "build most of the project on 1 copper clad board" construction technique is not really 
suitable for "a keeper" receiver. VFOs should ideally be in a shielded box. Proper construction techniques and grounding ideas for DC receivers 
can be found in EMRFD, so they are not covered on this web page. 
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A GPLA simulation of the front end band pass filter centered at 7.025 MHz. 
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ICOM IC-7200 Listening Tests and Observations 


Introduction 


In Spring 2009, | evaluated and photographed the ICOM 
1C-7200 transceiver. For this web page, only its receiver 
was evaluated for HAM and SWL purposes by using my 
eyes and ears. For technical evaluation, please click on 
these assessments written by Adam, VA7OJ/AB4OJ or 
Peter, G3SJX . Additionally, eHam.net has a review web 
page to consult and the ARRL publication, OST for June 
2009 has a review. With my modest camera and lighting 
equipment, it was difficult to well photograph this very dark 
colored transceiver indoors. 


| like ICOM radio equipment and am therefore biased in my 
review. Please consider trying this and any other radio out 
before you purchase it. Our needs, expectations and 
budgets tend to be uniquely different. Like others, | would 
rather own the new ICOM IC-7600, Yaesu FT2000D or 
Elecraft K3, however, my budget does not allow this. 





It appears that the target audience for this transceiver is as 
follows: portable or field/emergency communication usage 
and/or it is oriented towards entry level HAMs or perhaps 
those wishing a modern DSP-filtered back up rig. My review 
is from a SWL/HAM perspective. 
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General Thoughts 


Although modern and stylish, this radio is very easy to use. The owners manual is well written with clear examples of how to perform the various 
setting changes. After reading the manual and and trying the radio buttons and knobs out, | pretty much mastered receive operation on my first 
night. The LCD display is small, however is reasonably adequate considering that this whole radio is compact. | believe some operators will have 
difficulty with this diminutive display. The S-meter is a little difficult to see. You can push a front panel button which announces the S-Meter 
reading, set frequency and mode in English or Japanese language if you can't quite see the display at an odd viewing angle. 


The VFO knob has adjustable resolution and works well, however, it lacks that silky smooth/weighted feeling of many other radios including the 
R75 receiver. The ICOM engineers had there work cut out for them; include all the modern interference fighting features; place them in a small 
chassis; make it easy to use and come in on budget. They did it! This radio is full of useful interference management tools. One example is the 
(DSP) manual notch filter; it works superbly. There is no FM mode. | imagine by dropping FM mode capability , the designers were able to use 
the specified 6 KHz roofing filter at the second IF which has the potential to improve dynamic range at close-in signal spacing for some modes. 
When | started in Amateur Radio many years ago, roofing filters were never mentioned, but have become a huge marketing lever and seemingly 
a topic of much confusion. 


DSP IF Filtering 


The DSP IF filtering works very well. Does it function better than more traditional crystal IF filtering? Yes and no. It is a question of compromise 
for me. The greatest DSP attribute is that there are no expensive crystal filters to purchase. Additionally, you can customize the desired IF filter 
bandwidth (wide, medium and narrow) for each mode and also set a “hard" versus "soft" filter shape. The soft shape equates less ringing and 
potentially less listener fatigue than the hard setting. | have never liked listening to CW signals through stiff, 6-8 pole 250-500 Hz crystal filters on 
any receiver, so for me, adjustable DSP IF filtering is preferable. DSP IF filtering is not perfect as authors like Rob Sherwood, NCOB have 
presented, however, ICOM have a pretty good DSP platform out now and | am pretty sure their latest technology from the IC-7600/PRO 3 on 
down have also been used in this receiver. After all, you can always try to find an old Drake and order some crystal filters for it, or spend 
significantly more cash on a high-end transceiver if you need better performance. 


Shown to the the left is a few front panel controls and the 
front firing speaker. This speaker is reasonably nice 
sounding. There seems to be less harmonic distortion and 
audio gain than the R75 receiver. The radio front panel 
controls are well thought out and seemed intuitive to use 
after reading the manual and/or just trying them out. The 
various hardware components such as potentiometers, 
rotary switches, microphone jack, PL-259 jack etc seem 
not to be of the highest quality. When you compare such 
components to that used in their older designs, there is 















evidence of modern cost containment. | have seen many 
reviews describing this transceiver as rugged. Certainly 
the diecast frame is solid, and | hope the forementioned 
hardware is as well. There is only one antenna 
connection. | believe that any radio offering the 6 meter 
band should offer two SO239 antenna connections, 
however, this likely would have crowded the back panel 
layout and increased cost for the RF in/out switching. 


The VFO knob (shown to the right) looks and feels a little 


tasks was to input various the frequencies | use for both amateur and 
short wave listening into the (201 maximum) memory slots. This was 

very easy to do and each memory channel also stores the mode and 
filter setting. 


AM Reception(R75 versus IC-7200 ) 


The IC-7200 is a good short wave receiver. With a high quality 
external speaker connected, pleasant and warm sounding AM audio 
may be heard; however it is not Hi-Fi. That is; the IC-7200 is not an 
audiophile AM receiver. There is no synchronous AM detection and 
no 15 KHz wide IF filter for example. For AM reception, the user may 
choose from an 8000 to 800 Hz IF bandwidth in the 3 switchable filter 
settings. During testing, | set my wide filter setting to 8000 Hz, my 
medium setting to 6000 Hz and my narrow setting to 3000 Hz for AM 
reception. Of course these bandwidths can be further adjusted at any 
time. Local MW broadcast radio sounded great with an 8000 Hz IF 
bandwidth during testing. The various AM reception appropriate 
interference controls such as pass band tuning (PBT), automatic 
notch filter (ANF) and digital noise reduction are all configurable or 
adjustable and | found the ANF and digital noise reduction helpful 
when listening on the crowded 49 meter band during a rain storm. 

| performed A/B comparisons with the IC-7200 and the R75 
simultaneously hooked to the . For AM reception, they are comparable with the R75 having marginally better sounding (more Hi-Fi) 
audio. | had the R75 IF filter bandwidth set at 15 KHz and the IC-7200 IF bandwidth set at 8 KHz (both at their maximum IF bandwidth). 


CWISSB Reception (R75 versus IC-7200 ) 


In CW mode, both were set to have a 500 Hertz IF bandwidth.(The R75 had the FL-100 model 500 Hertz crystal filter in its 9 MHz IF slot). The 
IC-7200 was quieter, clearer and less overloaded by adjacent stations during pile ups. There were occasionally weak signals | was able to copy 
on the IC-7200 that | could not even hear on the R75 due to noise. The IC-7200 is a joy to use on CW; really fantastic. 

On SSB, | found both receivers fairly comparable, but the IC-7200 was better for pulling weak signals out of the noise as the noise floor was a 
little quieter and the audio a little more crisp. My wife also agreed with me in her "independent tests" of the CW and SSB reception. | am certain 
to catch flak because my subjective comments are based upon listening tests and not measurements. It is interesting to note that in almost every 
aspect of our lives, preferences are made using 1 or more of our 5 senses. From listening, observing and also reading the reviews of others, it 
seems ICOM has a hit with the IC-7200. 





Mouse over the images below left to view a full size photograph 
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The IC-7200 in the sun. 





Rear view of the transceiver. 


Top angle view. There are ventilation holes at the top right hand side. You can just see the ventilation screen 
just next to the right top panel screw. 





Reverse angle top view. The military look is attractive. 


The IC-7200 and R75 side by side. 


Another photograph of the 2 radios from the front angle for comparison. The LCD display size difference is quite 
obvious in this shot. 


The receivers at a right angle. The IC-7200 is a glad update, although, | would likely not upgrade from the R75 
to the IC-7200 just for receiving purposes. If | was considering choosing the IC-718 (transceiver version of the 
R75), the IC-7200 is worth the extra money. It is also an excellent transceiver consideration for an entry-level 
rig, for back up purposes. or for the budget-minded operator. 


Conclusion 


The IC-7200 is a serious choice for amateurs seeking a good, modern HF plus 6 Meter transceiver. It is more 
than adequate as an SWL receiver if you are an amateur radio operator plus SW listener like myself. Please try 
one out for yourself if you are considering this transceiver. 
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Electronic Hobbyist Circuits 








This page will house a collection of brief hobbyist experiments. 


1. Pseudo-Random Number Generator 








This circuit describes a simple, 6-bit random number pseudo-generator used to study binary counters and in particular, shift registers. Some very 
basic background information about binary counters and shift registers is provided. In reality there are dozens of different shift register topologies 
available and it can get quite complex. If you wish to find a good logic tutorial website, | strongly recommend Ken Bigelow’s site as it has 
interactive diagrams. Flip-flops are also covered well on wikipedia and many other web sites. 


Binary Counter: The circuit most often used as a counter is called a binary flip-flop. The basic flip-flop can be viewed as a toggle switch having 
either an ON or OFF position. This is the binary state 1 (HIGH) or 0 (LOW). Like the toggle switch, the binary flip-flop has 2 binary states 1 or 0. A 
binary flip flop counter counts in a sequence such as 0, 1, O ,1 etc. A straight binary counter can be built by using 1 or more flip-flops connected 
in amanner that the binary number stored in these flip-flops will represent the total number of trigger pulses received at the counter input. 


Ring Counter: A ring counter has 2 or more flip-flops cascaded so that the output from one flip-flop becomes the input of the next flip-flop. The 
flip-flops are connected so that all of their outputs are at the binary state 0 except for one flip-flop. By pulsing the input of the ring counter, it will 
sequentially change the binary state of the succeeding flip-flop from binary 0 to binary 1. The flip-flop that contains the binary 1 indicates the 
count of this binary counter. The maximum number of pulses that can be counted by N flip-flops is N pulses. 


Shift Register: A serial entry shift register is similar to a ring counter, except that the output flip-flop is not connected to the input flip-flop. Like 
the ring counter, the flip-flops are cascaded so that the output from one flip-flop becomes the input of the next flip-flop. All the set trigger and 
reset trigger inputs are tied together to form what is called a shift bus. Clock pulses are applied to the shift bus to cause the stored binary 
information to shift from left to right; one bit position per each received clock pulse. In Figure 2, this serial input/output + parallel output register 
has its 5th and 6th bits exclusive ORed to the serial input to form a pseudo-random sequencer, which is called a pseudo-random number 
generator by some. 


The CMOS logic ICs used were one 4070 XOR (Exclusive OR) and three CD4013B D flip-flops. Junk box LEDs were used to observe the binary 
state of the clock and each of the 6 bits of the shift register. 





output 





"dead bug" 





Since only one XOR gate is needed for the shift register, the remaining gates were configured to make the clock. These gates are essentially 
wired up as inverters to form an astable multivibrator with a frequency of about 0.45 Hertz or 27 pulses per minute. Shown above in Figure 1 is 
the clock schematic and the pin 1 marking for all of the digital ICs on this web page. The output LED is not mandatory, but will instantly tell you 
whether or not your clock is working. | built this whole circuit using Ugly Construction with the ICs flipped upside down in a "dead bug" fashion. 
You can increase the clock speed by decreasing the 100K resistor or the capacitor values. F Hertz = 1/ (2.2 * R * C) with R in ohms and C in 
farads. The slow clock speed was chosen to better observe the digital output of the shift register. 








D Flip Flops = CD4013B 7 
XOR gate = 4070 serial infout, parallel out 6 stage shift 
register with XORed 5th & 6th bits 





In Figure 2 is the shift register. Each 4013 was wired up as 2 cascaded flip-flops and connected to the clock. Power was applied and then a test 
lead was used to bring pin 5 of the first flip-flop HIGH (connected to 12 volts for 1-2 seconds) . Both flip-flop state monitor LEDS turned ON in 
sequence with subsequent clock pulses. Afterwards, pin 5 was set LOW (shorted to ground with a test lead for a couple of seconds) and each 
LED turned OFF in sequence with subsequent clock pulses. The remaining two 4013s were wired up and tested the the same way and then 
finally the last XOR gate was wired up. 

To avoid error, frequent pin counting and a systematic approach is recommended. For example, for each 4013, | soldered the ground pins, wired 
the pin 14 VDD, connected the clock to pins 3 and 11, then wired up the pin 1 and pin 13 LEDs. Systematic construction techniques are 
something that you the experimenter can develop and perfect over time. This approach saves time and grief. On some projects, when you have 
a lot of pins wired up, tracing and repairing an early mistake can be difficult. 











Shown above is a bread board of the entire pseudo-random number generator. | just built in on a scrap of board and did not lay it out so the 
LEDs were in a row, as | am not going to keep this project. The clock state monitor is the green colored LED. There are 63 possible states or 
combinations of the 6 bits (111000, 100110, 100101, 000101, 000001 etc.) State 000000 is disallowed and will hang up the shift register. If your 
clock LED is flashing and no shift register LEDs are lit, then "reset" by momentarily setting pin 5 of the first flip-flop HIGH (momentarily apply 12 
volts). Long live the reset switch! 

Pseudo-random numbers are now mostly generated by computer microprocessors controlled by software and have applications in cryptography, 
electronic music, security and many other applications. This "hardware" pseudo-random number generator experiment was really cool and if you 
want to randomly flash some LEDs, this could be the project to use! 

If you are new to digital electronics; (like me) Welcome! Starting small with projects like this one will hopefully lead to increased confidence and 
problem solving skills for even bigger projects. You can also build the shift registers with J-K flip-flops, but it is more difficult and 4013s or other 
series D flip-flops are cheap as Bopuy (borscht). 


4 stage 


6 stage 





8 stage 








Shown above in Figure 3 is how to hook up the XOR gate(s) for 4, 6 and 8 stage pseudo-random number generators. The 6 stage shift-register 
is of course, Figure 2 above and is presented for reference purposes. The 8 stage version = 1 byte. 


2. One Hertz Precision Time Base 








Digital clocks are very interesting. In the past 6 months, 10 -15 RC clocks have been constructed and tested. RC oscillators in the KHz to Hertz 
range are surprisingly frequency stable. For many projects, a plain RC clock is adequate, however, like in radio design, a crystal controlled time 
reference is sometimes required. Two examples of projects requiring precision clocks are time of day clocks and frequency counters. Presented 
is a 1 Hertz clock built from two 4000 series CMOS Logic ICs. Here is a great 4000 series tutorial with pin outs and more. 








‘Figure 4 y One Hertz Clock 
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Shown above in Figure 4 is the complete schematic with an output LED for testing. In the past, the MM5369 17 Stage Oscillator/Divider was 
popular for hobbyist precision time bases, however, it has gone obsolete. The 4060 ripple counter is a good "modern" replacement, although a 
different crystal is required. A 32768 Hertz crystal was used and is divided 16384 times to provide a 2 Hz output. The 4060 then drives a 4013 D 
Flip-flop configured as a divide by 2 to provide a 1 Hz output frequency. Key parts references may be found on the Webmaster's page. 





Shown above is the frequency and output waveform when a frequency counter and oscilloscope are (respectively) connected to pin 9 of the 4060 
in Figure 4. The 6.5-50 pF trimmer pot is used for calibration. Originally, | used a trimmer cap instead of the fixed 15 pF capacitor shown 
between the 330K resistor and the crystal. After adjusting this trimmer capacitor for the best looking waveform, | removed the trimmer cap and 


measured it at 13 pF. | substituted the nearest standard value | had in my parts collection; 15 pF. It was interesting to measure the 4013 output 
frequency at 1 Hz. 














A close up photo of the 4060 oscillator/divider breadboard. The 10M resistor used was a 1/2 watt rated R as | have dozens of these in my parts 


collection. You can see the tiny cylindrical crystal just above and left of the orange Murata trimmer capacitor. It is oriented horizontally. This is a 
useful time base for the QRP workshop. 


3. 10000 and 5000 Hz Multivibrator Clock 


It is fun to occasionally build circuits using discrete semiconductors rather than with ICs. A 5000 Hz digital clock was needed for an experiment. It 


was decided to use multivibrators for the basic oscillator and a divide by 2. 
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Bistable multivibrator flip-flop 
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Figure 5 is the entire circuit. The tuning range of the astable multivibrator was about 7060-10650 Hz. The 5K pot was slowly adjusted until 10000 
Hz was measured in a frequency counter. Following testing of the astable multivibrator, the flip flop was built and examined. Astable multivibrator 
function has been discussed previously on this web site. 


Please refer to the bistable multivibrator. It is a one input circuit set up for toggle or flip-flop operation. Negative edge pulses applied between the 
two 0.001 capacitors will cause the binary state of Q1 and Q2 to change to the opposite state. The multivibrator circuit is made up of Q1, Q2 and 
the 47K and 1K base and collector resistors respectively. The other components D1, D2, the RS resistors and CS capacitors comprise a steering 
circuit to generate the proper response to the negative edge pulses. When a negative input pulse arrives, it is guided to the base terminal of the 
ON transistor, but prevented from reaching the base terminal of the OFF transistor. 


In order to study this circuit at DC, | temporarily exchanged the 0.001 timing capacitors in the astable multivibrator with some 22 uF electrolytic 
caps to slow it down. Referring back to the bistable multivibrator, let us assume that Q1 is OFF and Q2 is ON. The collector voltage of Q1 is high 
(cut off). The collector voltage of Q2 is low (saturation). The Q1 collector is connected to the cathode of D1 by the 100K RS resistor. The cathode 
of D1 is reverse biased by the high Q1 collector voltage and also because its anode is held close to 0 volts by the 47K resistor connected to the 
collector terminal of Q2. It would take a very strong negative input pulse to forward bias D1 enough to reach the Q1 base terminal. The Q2 
collector voltage is nearly 0 volts and therefore the D2 cathode has little to no reverse bias voltage via its RS. Thus, any small amplitude 
negative input pulse will cause D2 to become forward biased, reach the base of Q2 and drive Q2 OFF. Once Q2 switches off, in turn Q1 is 
toggled ON and its collector voltage goes low. The large reverse bias on D1 disappears. However, Q2 is now OFF and D2 will now be strongly 
reverse biased which will steer the next negative input pulse to the base of Q1. This is the basis of the circuit's negative edge flip-flop operation. 


In another experiment, | changed the .001 COG capacitors of the astable multivibrator to 470 pF. This gave a usable range of 22968 to 14832 
Hertz (11484-7416 Hz at the Q1 and Q2 output) . Looking at the output of the flip-flop in the oscilloscope; at the higher frequency range, the flip- 
flop could not keep up and failed to divide by 2. | found experimentally that the time constant of each of the CS and RS components seemed to 
be the problem. When the CS capacitors were also decreased to 470 pF, the flip-flop worked properly. 

As you increase the flip-flop operation frequency, speed up bypass capacitors might also be required across the 47K base resistors of Q1 and 
Q2 . A suggested starting value to try is 220 pF. Some builders also bypass the resistors in the RS steering circuit at higher frequencies, 
however, this is getting a little crazy. It is really important to look at the output waveform in the oscilloscope to ensure reasonable performance. 








Shown above is the Figure 5 breadboard prototype. 


Figure 6 [ 








5 KHz output waveform of Q2 


4. One KHz Digital and Analog Oscillator 


A 1 KHz oscillator with 5 volt digital outputs 180 degrees apart and an analog output was sought. The frequency had to be near to, but not 
exactly 1000 Hertz. A major question to answer was how much low pass filtering is needed to remove the odd harmonics from digital circuits? 
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Figure 7 shows the complete schematic. NAND gates from a 74ACO0 were wired as inverters and with the 13.5 K resistance and a 0.022 uF 
polyester capacitor, the frequency was 2002 Hertz. To improve the digital waveform and get the desired 2 outputs, a D flip-flop was used. The 
output frequency was 1001 Hertz. The digital part was completed! 

For the analog filtering, active low-pass filters were tried, and in total 4 poles with a 1 KHz cuff off worked reasonably well. The filter uses the 
5532 op-amp with common vales capacitors and resistors. Poly"something" caps were utilized. 
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In Figure 8 is the output waveform of the low pass filter stages. A pretty nice sine wave was achieved and this oscillator could see duty for 
testing audio amplifiers. The scope was photographed at an angle to avoid the camera reflection and this distorts the sine waves a little. 
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Figure 9 depicts an experiment with the op-amp biasing. If the op-amp is run at 5 volts VCC, the bias requirement is 1/2 VCC or 2.5 volts. The 
DC voltage at the output of the D flip-flop was 2.55 volts. The 2K2 resistor was connected directly to this output and this eliminated the VCC/2 
resistor bias network and a coupling capacitor. 





Figure 10 l 








Figure 10 shows the output waveform of Figure 9. The AC waveform has harmonic distortion and thus the Figure 9 circuit will not be kept nor 
utilized. 





The Figure 7 breadboard. A 0.39 coupling capacitor (not 1 uF) was used between the D flip-flop and 5532a in this particular version. 
Unfortunately, no 0.047 uF caps were available for the low-pass filters and therefore a 0.039 plus a 0.0082 were placed in parallel for each of 
the .047 uF caps. 


5. One KHz Low Distortion Signal Generator 


Although | own a variable frequency wein bridge oscillator, it has been been set to 1 KHz for 2-3 years and is large and temperamental. It was 
decided to make a low distortion sine wave oscillator for just this one frequency. The circuit will be placed in a box along with another signal 
generator. 


There are a number of ways to build signal generators using op amps. Countless example circuits may be found on the World Wide Web and 
some of them are really fantastic. Chose whichever method works best for you. Some might find my circuit to be overkill, but to each his own. 
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Figure 11 shows the entire circuit. The Wein bridge oscillator is from EMRFD and was designed by Wes, W7ZOI. 


A 0.22 uF capacitor was chosen for the tuned circuits. Using resistors from my parts collection, 1018 Hz was the closest | could get to 1 KHz. 
This is the 6K8 + 820 ohms resistors labeled "tuning Rs". Other values were tried. For example, a single 6K8 gave 1142 Hz and a single 8K2 
gave 939 Hz. 


When the circuit was first built, | used a 10K on the VCC/2 bias point to pin 2 and a 22K feedback R from pin 1 back to pin 2. The sine wave had 
mild distortion. By experimentation, it was learned that the resistance from the VCC/2 bias point to pin 2 significantly affected the waveform 
purity. The 2K2+15K plus the R1 + R2 resistance values shown were determined by using a potentiometers rather than fixed resistors. Care was 
taken to adjust the feedback resistance from pin 1 back to pin 2 to keep away any overdrive distortion. | do not understand this, but even 
changing the 820 ohm R2 to 570 ohms, altered the sine wave purity. 


The best looking sine wave came when the resistance from the VCC/2 bias point to pin 2 was the same as the tuning resistance; 6K8 plus 820 
ohms. Later, the pin 1 to pin 2 feedback resistance was chosen for an unclipped; waveform with a reasonable output voltage using a 
potentiometer. The potentiometer was removed and measured at 17.1K, thus the 15K + 2K2 were soldered in. It was also discovered that by 
increasing R3 from 56K or 100K to 150K slightly improved the waveform. 


The Figure 7 low-pass filter was connected to the main oscillator as shown. The final op-amp stage was used as a buffer between the low-pass 
filter and the gain control. R4 is used to set whatever output impedance you choose. Practically speaking, it could be any value between 47 and 
620 ohms. Many AF oscillators have an output impedance of 600 ohms and 620 is the nearest E24 standard value. For my project, a 100 ohm 


R4 was chosen. Output peak to peak voltage is 0.0 to 4.84v continuously. 


Figure 12 

















The Figure 11 breadboard mounted in a plastic Hammond chassis. The voltage regulator seen to the left of the bottom polyester cap is a 7812. 
This project has its own regulated power supply. Other view of Fig 11. Two 10 Megohm standoff resistors were used to help support all the 
resistors soldered to pins 1, 2 and 3 of the main oscillator. 
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A front view photo of the AF oscillator. A separate 7 plus 14 MHz oscillator circuit and controls will be placed on the right hand side of this box. 
The orange power ON indicator LED was epoxy glued into the chassis hole. Putting circuits in cabinets is one of the most expensive aspects of 
homebrew construction. One must be ever vigilant for bargain chassis boxes and hardware to keep costs down. Techniques such as gluing in 
the LED rather than purchasing a separate holder and recycling knobs and switches are also practiced for cost containment. 





Figure 13 





The output of Figure 11 is shown in Figure 13. This is the best sine wave seen ever on my scope. | looked at it closely and there is no change in 
line thickness or symmetry anywhere. It inverts with no change on the scope. Testing audio amplifiers will now be much more fun. 


6. LM386 Power Experiments 


The LM386 is an IC audio amp that has been used in thousands of hobbyist projects over the past 2 decades. By adding a capacitor +/- a 
resistor between pins 1 and 8, this device's internal gain can be changed from x20 to up to x200. 











The experiment breadboard is shown above. A very standard configuration. The amplifier drove an 8 ohm, 1 watt resistive load. 
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Over the years, | have noticed some kit sellers and project authors claiming that their LM386 based AF stages gave 1 or occasionally even 2 
watts of output power into an 8 ohm speaker. This was confirmed on the bench. This device will output 1 watt into 8 ohms at 1018 Hertz with little 
problem. However, this is clearly 1 watt of square wave distortion. 


The quiescent current of the LM386 was around 7 mA. The signal generator gain was increased until the first signs of distortion appeared. The 
gain was then backed off a little so a pure sine wave was observed in the oscilloscope. The current was ~ 155 mA and the measured power was 
289 mW. Please refer to Figure 15 for the 289 mW sine wave. This was the clean signal power of the LM386 on my bench. The output 
waveforms at 563 mW and 1 watt are also shown. Extreme harmonic distortion occurred above 300 mW. This device will draw 240 mA or more 
when driven and clipping hard. It is not my intention to malign the LM386. It is a useful part, albeit a little dated. Its AF gain capability versus size 
is something to behold. Many builders have moved to the TDA7052 audio amplifier IC, or like myself, build their own low noise audio power 


amps. 





The 12.24 volt DC supply and the 1018 Hz AF audio oscillator used in these experiments. 
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Time Domain Output from a Diode Ring Mixer 





22 Dec 2009, w7zoi 


Some folks wonder about the output that they should 
see on their oscilloscope when looking at the output from 
a diode ring mixer. There is no set, pat answer. The 
output 

can change dramatically as levels, frequencies, and 
even terminations are changed. This complication is 
illustrated here with a few screen shots, taken with a 
Rigol DS1052E 50 MHz bandwidth digital storage 
oscilloscope. The experiments started with the following 
pile of modules. Your collection will probably differ. 





Figure 1. Some available experimental modules. 





Figure 2. The inside of the module containing a Mini-Circuits SBL-1 diode ring mixer. This is a standard part that is essentially generic. 


The first experiment was to set up a pair of 10 MHz signal sources. One was from a homebrew generator, shown below. 





Figure 3 
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Figure 3. The 10 MHz signal from a homebrew signal source. The 1.54 volt peak to peak signal is applied to a 50 Ohm terminator at the 
oscilloscope. The delivered power is then +7.7 dBm. 


This signal was filtered with a 14 MHz low pass circuit. This caused the amplitude to drop by 0.2 dB. The source was then attached to the LO 
(local oscillator) port of the SBL-1 mixer. 





Figure 4 





Figure 4. The IF output from the mixer when there is nothing attached to the RF port. Note the scope sensitivity of 2 mV/div. 


Next, we attached a 50 Ohm terminator to the R mixer port. 





Figure 5 





Figure 5. The IF output with LO drive, but without an R signal. But the R port is now terminated. This waveform, when compared with Fig 4, 
shows just how sensitive the mixer can be to termination. 


In the next experiment, a -20 dBm signal was applied to the R port. The frequency was very close to the 10 MHz LO that is still present. 


Figure 6 





Fig 6. There are two dominant signals from the mixer. One is a low frequency at 100 kHz. But this is accompanied by a high frequency of about 
20 MHz. These two outputs, a sum and difference frequency, are expected from any mixer. 


A filter can isolate the two dominant outputs. This is shown below where a 500 kHz low pass filter is inserted in the line between the mixer and 
the oscilloscope. A 6 dB pad is between the mixer and the filter, for direct insertion would upset the termination of the mixer. 


Figure 7 
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Figure 7. The output of about 100 kHz after a low pass filter is inserted in the mixer output. 


The next experiments emulate a SSB transmitter. We start with a signal at 11.06 MHz with strength -20 dBm. (This is acommon IF used in 
homebrew SSB transceivers such as the BITX-20.) This is applied to the mixer R port. The L port is driven with a +7 dBm signal at 3.19 MHz. 
The LO signal is low pass filtered to attenuate harmonics, a measure that is probably not necessary, but the filters were there. The IF output is 


shown below. 


Figure 8 
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Figure 8. Time domain output of a SBL-1 set up as the “transmit” mixer in a SSB rig. This is far from the “perfect sine wave” that some folks tell 
us we should observe. This waveform contains many different frequency components. The counter output should not be interpreted to have any 
meaning. (I should have turned it off.) 


The signal of Fig 8 can also be viewed with a spectrum analyzer. This is shown below. This measurement was taken with the August 1998 QST 
Spectrum Analyzer and not the FFT routine in the DSO. The Rigol scope has a nice display for an analyzer. 





Figure 9 





Figure 9. Spectrum of the signal shown in Fig 8. The largest signal on screen is that at the left, which is the spectrum analyzer zero spur. This is 
a spurious output that is typical of most SA systems. The desired signal at 11.06+3.19=14.25 MHz is just to the right of center. But the image is 
also present at the different frequency of 7.87 MHz at about 3 major divisions from the left edge. 


Alas, | didn’t find a 14 MHz bandpass filter in the junk box. Such a filter would have allowed selection of the dominant 14 MHz component while 
attenuating all the rest of the junk shown. The many other signals are the result of harmonic mixing. That is, we observe IF outputs at N x FLO 
+/- Mx FRF where N and M are integers. Some of these spurious outputs can be quite strong with diode ring mixers. They are best avoided with 
high frequency LO signals. In this case, a LO at 14.25+11.06=25.31 MHz would produce a much cleaner output spectrum. It is much easier to 
obtain LO stability with an oscillator built at 3.19 MHz. 


Bottom Line 


It is not reasonable to have a well defined, predictable time domain (i.e., normal oscilloscope) output from a mixer. The exact results 
depend upon too many variables. A spectrum analyzer can be used to garner much more information. 
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Low Noise Crystal Oscillators 





Introduction 


Some experiments were conducted to build a low noise crystal oscillator with 50 ohm 
output at 7 and 14 MHz for the test bench. 


Some readers might wonder why build such an oscillator? Although a variable RF 
signal generator is an important bench tool, it is also nice to have a fixed frequency 
signal source on your favorite HAM band. This RF source can be connected to other 
50 ohm modules such as band-pass filters, diode ring mixers or feedback amplifiers to 
conduct experiments at a whim. The project goal was a low noise oscillator with 2 
outputs so it could drive a divide by 2 flip-flop for 40 meter band digital mixer work, or 
fundamental frequency use on the 20 and 40 meter bands. 


Presented are some experiments carried out to realize this goal. Only some of the 
better experiments and circuits are shown. An additional circuit was added Jan 31, 
2010. 


First Steps 
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The 7.040 MHz crystal used is an AT cut, HC6-U holder part made locally by West Crystal. | reviewed the information concerning crystal 
oscillators in Chapter 4.5 of EMRFD and then started melting solder. The oscillator output was extracted as described in EMRFD Figure 4.24. 
The output is low distortion, low impedance and low gain. Like in most experiments, | built it, measured the DC voltages and then looked at the 
AC voltages in the oscilloscope. 


In order to measure the output, a 51 ohm load was transformer coupled as shown in Figure 1a. | am uncertain if this was a good method for 
power measurement, however, it allowed comparison of the experimental circuits. As shown, the output with a 9 volt regulated power supply is 
low; -1.7 dBm. Still, a circuit like EMRFD Figure 4.24 can be used with a variety of crystal frequencies and has great utility. 


Figure 2 





Signal from BJT emitter Signal from between cap and crystal 





Figure 2 shows two output waveforms taken from my crystal oscillator. When a signal is taken from the emitter of the main oscillator transistor 
(what we typically do) harmonic distortion occurs as shown in the above left. Actually, the distorted waveform photo above left looks better than 
most do. Typically, they look like this. Many builders will just place a low pass filter on such an oscillator's output and be very satisfied with the 
harmonic content in their signal. Certainly this is a good, common and practical way to go. However, for some builders, the experimenter's 
journey is what counts. That is, the fun and learning occurs during designing/building/testing and not just operating home built gear. 





When the output is taken from between the shunt capacitor and the crystal per Figure 1A, a much cleaner sine wave is available. The photo 
above right tells this story. The focus of all of the experiments on this web page is boosting this lower distortion, lower phase noise signal into 
something useful. To increase the base oscillator output voltage, the VCC was raised to 12 VDC and the BJT emitter circuit was tuned per 
Figure 1C. Resident on my work bench are a few potentiometers and a 10-254 pF air variable capacitor with short attached leads. These parts 
are inserted into test circuits to allow tweaking of R or C as desired. Once the desired tweaking is performed, the potentiometer or variable 
capacitor is removed and measured. The closest fixed value R or C is then substituted as appropriate. In this experiment, the highest output 
voltage occurred when the variable capacitor measured 181.7 pF. Thus in my version, 33 pF and 150 pF capacitors were placed in parallel and 
are shown later in Figure 3. 


The Figure 1A output transformer circuit was again used and the power output was 6.8 dBm. Being tuned to 1 crystal frequency is the biggest 
drawback of the 1C circuit. Tuning a crystal oscillator as described earlier is easy to do however. 


The next task was to design and build a buffer/amplifier. To match the low impedance of the Figure 1C crystal oscillator, a common base amp 
was built. The circuit was morphed over time, however, the initial design is shown as Figure 1B. It was interesting to note that a series resistor 
(RX) is required to keep the waveform pure. Any RX value less than 470 ohms compromised the sine wave purity. The 560 ohm R shown was 
perfect, however, as expected, attenuated the oscillator signal. In order to get a decent output voltage, the common base amp had to be run at 5 
mA or greater current and ultimately collector tuning was added to try and realize an output voltage greater than 4 dBm. 


Through experimentation | learned that adjusting Fig 1B's tuning, emitter current and RX value all could distort the output of the main oscillator at 
certain values or settings. Running high current also invites parasitic oscillations and soon it was realized that common base was perhaps not the 
best choice (at least for me) as another separate amplifier stage would be required to get a decent output voltage with or without an attenuator 
pad.. After trying a number of different buffer-amplifiers including a 50 ohm feedback amp, | chose a favorite circuit which | know has excellent 
gain plus back to front isolation and would not distort the oscillator waveform; a lightly coupled JFET amp. 
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In Figure 3 is the complete schematic of the 7 MHz portion of the low distortion crystal oscillator. The output was 0.52 dBm. A 6 dB 50 ohm pad 
ensures a well-buffered 50 ohm termination. This aids in calculating gain or loss in circuits it drives. You could easily decrease this to a -3 or -4 
dB pad. This reflects the wisdom handed down by our mentors who encourage building RF stages in 50 ohm impedance blocks. A Q2 source 


bypass capacitor was not placed as it increased harmonic distortion in the output signal. The output is filtered with a simple pi filter. The 100 pF 
coupling capacitor connect this circuit to Figure 6; the 14 MHz circuit. 
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L2 was wound and measured. It is desirable (but not absolutely necessary) to perform measurement on powdered iron toroids to compensate for 


variations in wire spacing and toroid permeability. | used a T44-6 core; use whatever appropriate powdered iron toroid you want. 
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A GPLA analysis of the Pi low-pass filter is shown in Figure 4. The basic circuit was designed with PI Filter Designer on this page and tweaked 
in GPLA. You may wish to omit this filter or perhaps, design a better one yourself. 


Figure 5 
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The 7 MHz output waveform on the Tektronix (left) and the Rigol oscilloscopes. On the Tek scope, the output power was 0.50 dBm and on the 
Rigol scope it was 0.52 dBm. The Rigol is an amazing oscilloscope, but only has 256 horizontal lines of resolution, therefore cannot replicate the 
stellar and beautiful waveform tracings of the ancient Tek scope. In reality, probably, no other modern scope can. | have received many positive 
comments about the old Tektronix oscilloscope waveforms. It is important to mention, that Rigol waveform viewing is not bad, just very different. 
The visual display is incredibly accurate and its triggering options, bandwidth, sampling rate and waveform display tools are fantastic. 
cbaHtactuyeckun ! 


During these experiments, the 40 year old (plus) Tektronix scope was distorting frequencies greater than 10 MHz and breaking into oscillations. 
After 3 major repairs in 2009, the scope replaced with a Rigol DS1052E. Signal viewing will certainly different; that is for sure. The decision to 
move from a cathode ray oscilloscope (CRO) to a digital storage scope (DSO) was not taken lightly. 


DSO versus CRO - some comments from the workbench 


Choosing a CRO versus a DSO is an individualized process. It is your decision alone. Questions to ask yourself may include: What are my 
needs? What is my budget? Do | have weight and/or space constraints? Carefully weigh the advantages and disadvantages of each. 


Proponents of CROs state that these scopes cannot generate artifacts, nor distort the signal. This of course is true as long as the scope 
bandwidth is adequate. Further, some people feel that aliasing or artifact generated in DSOs due to undersampling (taking too few samples of a 
waveform) is unacceptable. They may even feel that DSOs are not precision measurement instruments as a result. Limited horizontal screen 
resolution in DSOs is also a bugaboo for some experimenters and provides further evidence of DSO inferiority in the minds of these folks. These 
concerns are indeed valid; however, black and white thinking is a little out of fashion in a world more containing shades-of-gray. 


The DSO takes a series of samples and stores them in memory. When sufficient samples are present, they are assembled and displayed. The 
sampling rate of a DSO is variable and depends on the time base setting used. Modern DSOs, like the Rigol, Tektronix Oscilloscopes and 
Agilent Oscilloscopes have better sampling rates and larger memories than their predecessors and hence aliasing is less of a problem than 
before; although in some measurement situations, undersampling can occur. One must always well consider and interpret whatever you are 
measuring and if you use a DSO, always keep undersampling in mind. When first using a DSO, you are on the bottom of a learning curve, 
however, with attentiveness and practice, one can learn to look for and possibly mitigate undersampling should it occur. In certain cases, a CRO 
will be superior to a DSO. In my discussions with others about Rigol signal viewing , only 1 significant "aliasing" problem has been noted by a 
builder when he tested a balanced modulator. The display did not give the expected result (was not filled in as expected) and a CRO was pulled 
out and the problem was verified. The builder knew there was a problem and could understand why it occurred. This builder also wrote that this 
was not so much a problem, as a reality of using a DSO. 





Some techniques | have gleaned from the Internet about detecting aliasing may include the following: 


Vary the time base over several ranges. Events occurring near the time base should be reproducible and if they are not, undersampling might 
be occurring. 
As possible, use a single sweep and dot display. The ‘dots’ will indicate just where the scope took each sample. If the dots are far apart 


relative to the waveform timing, aliasing is a possibility. 
Some techniques to minimize aliasing: 


Choose linear interpolation when using math functions. 
Use bandwidth limiting in low level measurements (The Rigol seems to automatically use B/W limiting in these situations). 


Use trace averaging for low level measurements as possible. 


The Rigol weighs 50 times less than my old scope and fits on a small shelf in my small workspace. As a hobbyist, it meets my needs and budget 
plus has some very cool features. Undersampling is considered and in some cases, such as low level measurement, an analog scope might be a 
better choice. Happily, a CRO is available to me if | really stress out over it. Signal viewing was taken for granted with my old scope. In some 
ways, this DSO has prompted me to dig deeper; to become more vigilant and thoughtful about signal measurement and display. If you have a 
spectrum analyzer, and use a DSO for signal viewing, the ability to perform slow sweeps while maintaining a perfect display is quite enjoyable. 
Again, please decide the CRO versus DSO issue for yourself (or maybe get a hybrid). The DSO is not a perfect solution to every signal viewing 
situation, but their constraints are quite livable considering their numerous modern features. 


DSO's: “They are not your father’s oscilloscope”; that is certain! 
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The Figure 3 breadboard. AWG 24 to 26 gauge wire was used in the various inductors and transformers to better secure or anchor these parts. 
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Figure 6 is the final schematic for the 14 MHz circuit as developed on the workbench. Your design might look very different than mine. In the first 
version of this circuit, there were only 2 JFET amplifiers and the resultant output voltage was too low (even without a 50 ohm attenuation pad). 
To compensate, | ran the source current of the JFETs above 15 mA, placed a source bypass capacitor on Q4 and also used a 1000 pF capacitor 
to couple the input to Figure 2. Some fairly bad harmonic distortion was measured at the output and it seemed crazy to run so much current. 
Therefore it was decided to run a third JFET amplifier and use only modest current in the trio of JFET amplifiers. 


CV tunes very sharply and required some care when peaking the output voltage. 


Figure 7 








Figure 7 is ascreen capture of the 14 MHz circuit output measured using a sensitive 50 ohm terminated oscilloscope. This was with no low-pass 
filtering. The output is distorted. Presumably this happened in the diode frequency doubler. This is not a low-distortion oscillator. 





15.3 MHz Low-pass Filter 
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A N= 7 Chebyshev low-pass filter was inserted in Figure 6 at point LP. | checked with a spectrum analyzer and the 2nd harmonic was down 38 
dB. There were no other measurable harmonics after that. 


Figure 7b 
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Figure 7b is a screen capture of the 14 MHz circuit output after the low-pass filter and final attenuator pad. Vpp on this graphic = peak to peak 
voltage = 1.13 volts. The output power is 5.04 dBm, or 3.19 mW . The Q4 and Q5 source resistors and the output attenuator pads are 2 areas of 
the circuit where you might easily change the output power. In the end, the circuit labeled Figure 6 was chosen. Your output voltage will probably 


vary, but can be easily adjusted as described. 
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Figure 8 are Rigol digital screen captures. Figure 8A is a measurement taken from the anode at point DX from Figure 6. Figure 8B isa 
measurement taken at the cathode of DX and shows distortion caused by the diodes, reduced AC voltage and of course, frequency doubling. 





The 7 and 14 MHz circuits bread boarded and mounted in a chassis. The 7.039 MHz and 14.079 MHz outputs are connected to BNC jacks via 
RG-174 cable. The 15.3 MHz Chebyshev low-pass filter and -4 dB attenuator pads are on a raised Ugly Construction board. Some VCC 
decoupling parts are also on the bottom RF board. 











The 7 and14 MHz crystal oscillator board mounted in a project chassis along with a 1 KHz low noise oscillator This photo was a prototype version 
that did not have a Chebyshev low-pass filter after the 14 MHz stage. 











Front view of the .001, 7 & 14 MHz oscillator. It is really fun to build your own test equipment. 


Transformer Notes and Conclusion 











A photo of T5 from Figure 6. Some builders have emailed and stated they do not like to wind inductors/ transformers. | always ask them why? 
Often these builders were concerned with little details such as wire gauge and spacing, choosing the core size and which magnetic material to 
use. The Radio Amateur literature is replete with great tutorials on winding coils using toroids. Truly; the more toroids you wind, the easier it gets. 
Here are some simple points for beginners: 


Powdered iron toroids are generally for tuned circuits. |.e. A capacitor and the inductor are tuned to a center frequency. Powdered irons 
containing the #2 and #6 material tend to tune sharply and have fairly high Q 

Ferrites toroids are generally for use in broadband or wideband (untuned) applications. #43 material is relatively low Q and lossy as compared 
to the number #2 and #6 powdered iron toroids 


Wind your inductors with enamel coated magnet wire. Popular gauges include 28, 26 and 24, but this is quite variable. 


Minimally, you could get by with just #43 ferrite and #6 powdered iron toroids. For example, FT37-43 ferrites and T50-6 plus T68-6 powdered 
iron toroids could build a lot of inductors/transformers. In the photo above, | used #24 AWG wire for the 18 turns and #22 AWG wire for the 3- 
turn link. The 3 turn link is grounded on one end and well anchors the transformer. Thicker wire was chosen because Ugly Construction was 
used and the part is really anchored with the #22 AWG wire. 


Conclusion 
It took quite a lot of experimentation to reach the project goal. The experience was pleasant and comparing the old and new oscilloscopes was 


an added bonus. Perhaps, the circuits are overly complicated, however, they are critical signal generators for my workbench. Well designed 
signal generators have extensive RF-proof shielding to allow serious attenuation. These will have to do. 


Addition - Jan 31, 2010 5 MHz JFET Low Noise Oscillator 
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Another experimental low noise oscillator was built for 5 MHz. The desired output power was -5 dBm. The schematic and peak-peak output 
voltages and powers are shown in Figure 9. The 68 pF capacitor in series with the crystal was found experimentally by using a variable capacitor 
and measuring the output voltage and observing the scope waveform. When these appeared to be optimal, the trimmer capacitor was removed 
and measured at 67.17 pF. This circuit can easily be adjusted to give higher output power such as 7 dBm. To increase power, you may consider 
increasing the VCC to 12 volts, add a 0.1 uF source bypass capacitor in parallel with the 270 Ohm resistor of Q2 and/or adjust the pad 
attenuation. There are other circuit alterations to increase power, but the aforementioned are a good start. 


It is important to measure your output voltages with a 50 ohm load connected to the device. Standard value resistors were used which throw off 
the value somewhat, but the actual attenuation of the pad is very close to the 6 dB attenuation expected. The math can be done with software 
such as Applets H and | on the QRP tools web page. 








The breadboard of Figure 9 is shown above. The - 5 dBm output was required for some upcoming experiments and to study log and power 
measurements. The black BNC appliance is a 50 ohm load. These are very handy, but not a necessity. In most cases, a simple 51 ohm resistor 
to ground is the load. 
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A screen capture from Figure 9 signal viewing maneuvers. 
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Spectrum Analysis 





The output waveform looks good - even on a DSO! 








5 MHz‘division Figure 12 
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The output of the Figure 9 oscillator was further attenuated -19 dB for analysis in a spectrum analyzer. The -19 dB was chosen as this 50 ohm 


pad uses near standard resistor values and would well ensure a very safe signal level for the spectrum analyzer. The pad is shown in the Figure 
14 schematic. The second harmonic (2F) is down about 20 dB from the fundamental. Each horizontal division is 5 MHz and each vertical division 





is 10 dB. Compared to other more conventional oscillators that were checked in the spectrum analyzer, this oscillator has low harmonic content. 


F 2F 3F 4F SEF 





A N=5 or 5 element Chebyshev low-pass filter was placed after the Figure 9 oscillator and connected to the spectrum analyzer to see what 
happens. The 3 dB down frequency of this low-pass filter was 6.53 MHz. The second harmonic is now ~42 dB down. There are no measureable 
harmonics after 2F. It is really cool to "see" what a filter does to a signal. 


Figure 14 
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The schematic of the -19 dB attenuator pad and the low-pass filter is shown. To measure the output, the 10X probe was disconnected. The 
circuit was connected to the oscilloscope via 50 ohm coaxial cable and the scope input was terminated with 2 paralleled 100 ohm resistors. The 
50 ohm scope termination technique will be discussed in a future web page addition. The RMS voltage values were inputted into Applet J on the 
QRP Tools page to calculate the output power. The RMS output was 0.131 volts which calculated to an output power of -24.6 dBm. 
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RF — Test and Measurement 





Crystal Parameter Checker 








Introduction 


This web page is a supplement to JavaScript Applet G on this web page. This software does the math using a simpified version of the method to 
determine motional inductance and capacitance developed by David, G3UUR. This is a very basic tutorial meant as an introductory guide for 


novice builders. 





Shown in the photo above is 1 of my crystal parameter checkers. The schematic may be found in many places including EMRFD Figure 3.35 
(See Errata) and on this pdf by Nick, WA5BDU. A power indicator LED has been added, but the circuit is the standard design. In this breadboard, 
the crystal being measured is tack soldered in. 





Many builders just copy other builder's I.F. filter schematics, however, your crystal filters will perform better if your design is based upon the exact 
parameters of the crystals you have. For the simple design or optimization of a crystal filter, it is necessary to measure crystal parallel 
capacitance plus take other measurements to calculate motional inductance and capacitance. Determining your crystal parameters is not difficult 
if you have a capacitance meter, a frequency counter and some math skills. It is easiest to use a program to crunch the math; hence | wrote a 
stupid-simple JavaScript applet. 


Designing filters is another story; it takes knowledge, practice and good software for this. Filter design theory has been extensively covered by 
Anatoly Zverev, Wes Hayward and others. The work of Nick. WA5BDU is also greatly appreciated. His presentations and references are 
excellent for those keen on learning more about filter design. 


A four crystal 5.00 MHz SSB I.F. filter was desired. 20 crystals were on hand — they were from the same batch. The crystals were all placed in 
the above oscillator and their frequency was measured. The 4 crystals closest matching in frequency were set aside. The crystal parameters of 
these 4 were then determined. Typically these values are averaged and this average is used to design or tweak the filter using software. 





1. Measure Capacitance 


The procedure for determining the parameters of 1 crystal is described. 


The first step is to measure the crystal capacitance (called parallel capacitance) using a capacitance meter. 








Measuring the crystal parallel capacitance 











Next, measure the capacitance of the open switch plus the 33 pF fixed value cap wired in-situ. This will give you the total circuit capacitance of 
the open switch, the 33 pF fixed value capacitor, and any stray capacitance from your crystal holder, wires, etc. The switch itself plus stray wiring 
will be a few pF so the total should be around 36 to 40 pF or so. In my test oscillator, the result = 41.19 pF as shown. On my other crystal 
checker with a better switch, it's 36.9 pF. 


In the calculation of crystal Lm and Cm, the parallel capacitance and the switch circuit capacitance will be summed. 





2. Measure Frequencies 


A crystal is put in the oscillator with the switch open. Record the frequency. Your counter must have resolution down to 1 Hertz. After recording 
this value, throw the switch and measure and record this frequency. You now have all the measured values required to calculate motional 
parameters and adjust or design a filter. Motional parameters are calculated in Applet G. 
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Frequency measured with the switch open = 4.999274 MHz 
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Frequency measured with the switch thrown = 4.998317 MHz 


3. Do Math by Hand or with Software 





G. Calculate Lm and Cm For a Crystal using the G3UUR Method 





lmnage 


Enter frequency in MHz written on crystal (nominal frequency): |5.0 | 
Enter measured frequency in MHz with switch open: |4.999274| Enter measured frequency in MHz with switch thrown: |4.998317 


Enter crystal capacitance in pF: 465 | Enter open switch circuit capacitance in pF: 41.19 | 


Cm = 17.55 fernto Farads , Lm = 0.0578 Henries 








The applet G calculation of the crystal parameters using the above measured values 


4. Example Filter Adjustment 


It is assumed that most builders will use software to design or tweak their crystal filters. The only 2 programs tried (to date) include AADE Filter 
Design and the Ladpac software collection that supplements EMRFD. | am more familiar with the Ladpac programs written by Wes, W7ZOI. Only 


these programs are demonstrated. Please read the instructional file Ladpac2008 Manual.pdf to understand these programs. The Ladpac 
software bundle includes GPLA. 


The purpose of this tutorial is not to teach crystal filter design, but to describe a relatively simple method to tweak an existing design using your 
measured crystal parallel capacitance and its calculated motional inductance. 


The first step is to digitally format your filter into a file that can be analyzed in GPLA. In my opinion, the easiest way to do this is to use the ladder 
circuit editor ladbuild02.exe or better yet, its update - ladbuild08.exe. The model filter follows: 





5.0 MHz Lower Sideband Filter 


65 pF 65 pF 


pro ererer 
A, i a | A 


$20 10 pF 39pF 47 pF 39pF 10 pF §20 


-3 dB Bandwidth = 2.155 KHz 
C-par = 4.65 F 
Lm = 0.0578 H 





The model 5 MHz SSB filter 


/* Ladder Builder Circuit Editor 2008 
Ale About Ladbuld 


Nominal Crystal Values {equal for all crystals} 


Fx, MHz = {5.000 Lin. H = (9.057800 Global 
I) Qx = | o0000.0 Cpa. pF = 4 650 Parameters 
e 


AL 


R Source = |820.00 


a a a 


Exchange Ser/Par Convert Part to Duplicate ca ser 
Add “Wire” at Load End = Add “Wire” after N LadBuildd® 2novdd w7zor 





Clear any existing components and enter the termination R, C-par and Lm values. Qx is set at 100000 





Build your filter within the editor. Save your work. Start up GPLA and load your newly saved filter. 





File About GPLA 
Click to Review Circuit 


7 xtl ser 0.0000 

8 cap par 39.0000 
9 xtl ser 0.0000 

10 cap ser 68.0000 
11 cap par 10.0000 
98 Source FR = 820.0 
99 Inductor Q = 250.0 


Crystal Parameters: 
100. Freg.= 5.0000 
101. Lm = 0.0578 
102. Cp. 4.65 

103. Qs. 100000.0 








Set a sweep and x axis increment (-7000, 1000 and 7000 in this example). Push the Plot button 


Let's say you wanted to use this filter design and have determined the average parameters of the 5.00 MHz crystals in your parts collection. Let's 
assume that for your crystals, C-par = 3.1 pF, and Lm = 0.098H. Input these values in GPLA. 





File About GPLA 
Click to Review Circuit 


7 xtl ser 0.0000 
8 cap par 39.0000 
9 xtl ser 0.0000 


10 cap ser 68.0000 
11 cap par 10.0000 
Plot 98 Source R = 820.0 
99 Inductor Q = 250.0 
10.00 Crystal Parameters: 
100. Freg.= 5.0000 
101. Lm = 0.0980 
102. Cp. 3.10 
j 103. Qx. 100000.0 
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Look what happened to the crystal filter's bandwidth. Our - 3dB bandwidth is now somewhere around 1464 Hertz. This simple experiment 
illustrates how important it is to use the parameters of your crystals to obtain a desired filter response. 





Experiment with the various functions in GPLA to learn how to use it. Set whatever reasonable sweep you want. This program is best learned by 


Click to Review Circuit 


using it repeatedly. 


10 cap ser 39.0000 
11 cap par 5.0000 
98 Source R = 1500.0 
99 Inductor Q = 250.0 


Crystal Parameters: 
100. Freg.= 5.0000 
101. Lm = 0.0980 


102. Cp. 3.10 
ont im 
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In the above screen capture, the above filter was tweaked to “re-establish” a -3dB bandwidth of ~2.172 KHz. All adjustment was performed 
entirely in GPLA by swapping capacitor values and observing the resultant waveform. When you get an overall pleasing bandwidth plus shape, 
but there is too much ripple at the top, generally you must increase the terminating R values. This is the brute-force, manual way to tune filters. 
For this method, you need not understand terminology such as as series resistance, MESH, K or Q values, Butterworth response, or Chebyshev 
with 0.1 dB of ripple. 





Admittedly, at first, this method can be quite time consuming and tedious, however, with practice, you may be able to tweak a filter in only a few 
minutes. Clearly, the more you dig into understanding crystal filter design, the better your filters can be, however, getting overly complex can 
scare off builders who are new to this hobby. Note these filters use standard value capacitors and resistors; perfect for popcorn I.F. filters. 
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The original 5 MHz Model filter with updated C and R values using Lm = 0.098 and C-par = 3.1 


Click to Review Circuit 
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10 cap ser 39.0000 
11 cap par 5.0000 
98 Source FR = 1500.0 
99 Inductor Q = 250.0 
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GPLA zoom of the Y axis showing the first 20 dB of attenuation. 











5. The Model 5 MHz SSB filter Design 


Although this page is not about crystal filter design, an example follows for reference purposes. 


For designing filters, the application xlad08.exe is a good choice. The following 3 screen captures show the raw design process and GPLA 
analysis of the model 5 MHz Lower Sideband filter shown earlier with C-par = 4.65 pF and Lm = .0578. There are some great articles in print and 
on the Web to study if you want to learn about filter design. The Ladpac software from EMRFD is excellent. My special thanks to Wes, W7ZOI for 
answering my questions about his software. From this information, | was able to make this web page. 


Follow instructions in numeric order: 


FE. MHe 0 ee oe Q-u |} 00000 COPF. |4.65 
1. Enter or edit crystal parameters and click: 1. Characterize Crystal 
Filter Bandwidth, Hz, = 2000 Number of Crystals in Filter (20 max) = 
2. Enter/Edit B and N and click: 2. SetB and N 


24,{Optional) To generate k and q values. click: 24. Generate Butterworth. Chebyshev. or Cohn k and q. | 
gl= 11.5065 gn= 11.5065 


3. Enter or Edit End Normalized 0 values and click: 3. Set ql and qn | Min End Resistance = \747.7 




















/ XLADC 


é. AL WC Crystal Ladder Filter Des 


File About XLAD 


EndR =| oo 4. Enter or Edit End Fi and click: 4. Match Ends Shi cndCaecae 
ki-2lq66e5 | k23los542e | ko4io6ee5 | k4S/o.0000 | k5-6/o.0000 C-llpFo CCN. pF 


k6-7/o.c000 | k?8{o.o000 |  k&S/o.0000 k9-10 [9 coo0 Wes 10.52 
5. Enter or Edit the Normalized coupling coefficients and click: 5. Calculate Coupling Caps | 


6. Edit Coupling and End Caps, if desired, and Tune Filter: 


Shunt Coupling Capacitors, pF 6. Tune each Filter Mesh | 
40.63 Cee 7.00 
50.12 cris 280 cre) .00 
(068 ~~ CT2= |99999.00 cT7= 10.00 
to 0.00 CT34 99999.00 CT8= {0.00 
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Exit 
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“ k and q calculations 


© Butterworth — 








@ Chebyshev 


© Min-Loss (Cohn) 


gn = |1-50854 


kfik] 


0.66851 
0.54281 
0.66851 


5. Click to Return to Filter Design 





Click to Review Circuit 


0 Load R = 800.0 

1 cap par 10.5200 

2 xtl ser 0.0000 

3 cap ser 72.8000 

4 cap par 40.6900 

5 xtl ser 0.0000 

6 cap ser 99999.0000 
7 cap par 50.1200 

8 xtl ser 0.0000 

3 cap ser 99999.0000 
10 cap par 40.6900 
11 = stl ser 0.0000 

12 cap ser 72.8000 
13 cap par 10.5200 





6. Conclusion 


This web page presents a brief method to calculate crystal motional parameters and as required, to adjust crystal filter circuits to function 
optimally. This approach like my Java-script applet are simplistic to avoid the fear factor associated with crystal ladder design. 


Listening tests are also valuable for assessing crystal filter function. Is the bandwidth as you expected? Does the filter ring excessively? Does it 
sound tinny? In the recent past, the crystal filters in 2 kit receivers/transceivers were tweaked as a favor to friends. Please note, | have total 
respect for people who sell kits and appreciate the contribution they make to our hobby. 


The crystals of these Cohn type filters were removed and analyzed and the bandwidth was not as specified. In 1 case, the filter shape looked 
terrible in GPLA. Clearly, the kit sellers provided crystals which had markedly different parameters from those used by the original circuit 
designer. The |.F. filter capacitors were replaced with appropriate values and the R values were adjusted via either resistors and/or transformer 


ratios and the improved filters sounded pleasant. 


It is a real treat to listen to a receiver with a well designed crystal filter — sadly, | don't enjoy this experience that often. 





In my opinion, the best sounding CW crystal filter design is the Gaussian to 6 dB. Some operators would never use such a filter in a contest- 
grade receiver as the filter skirts are not steep enough for them. There are tricks to make the stop band better (more like a Chebyshev response, 
but without the ringing), however, this topic is out of scope. 


| sincerely ask for your feedback on the G. JavaScript Applet. Does it work correctly? How could it be improved? Can you contribute better 
code? Thanks and 73. 


QRP — Posdata for January 2012 — More on Crystal Ladder Design 


Important to both superheterodyne receivers and single sideband transmitters, crystal ladder filter design lies juxtaposed as both a favorite and 
feared RF design topic. Newer builders may lack math skills, and/or become paralyzed by the terminology — or lack the ambition to learn or 
apply good bench practices. Even a cursory Internet search returns many fabulous files to read — witnessing a crystal ladder filter design article 
explosion. 


The difficulty characterizing and building filters has progressively declined since the advent of the first handheld computers — improvements in 
personal computers and filter design software allows astute builders to pursue even complex xtal filter response shapes in 2012. 


In QST for July 1987. Wes, W7ZOI wrote Designing and Building Simple Crystal Filters. This article promoted Cohn or Min-loss filters and its 
intent was to transcend the math and measurement associated with xtal ladder filters of the day and allow builders to just frequency match some 
crystals, and then go experiment. 


In my estimation, this article proved revolutionary — soon after, builders around the globe, Elecraft, and other kit companies embraced this 
technique/topology and the rest is history. (I call it the paper that launched a thousand kits). If you're a new builder and feel overwhelmed by the 
material on or referenced by this web page, please consider first obtaining this article. 


Learning about crystal ladder filter design is time well spent. 
In 2011/2012 | explored the works of 3 builders who share their work via the web and/or journals. 
Horst Steder, DJGEV and Jack Hardcastle, G3JIR 


The Steder and Hardcastle works emphasize that we need to measure/calculate crystal L and C parameters, plus the coupling and tuning 
capacitances (not just frequency). Through emails with Horst, DJ6EV, | learned many things, but 3 stand out: 


1. It's better to design a good filter than fix a bad one. 

2. Careful measurement of your crystal parameters plus software design and simulation = the best chance for getting your desired performance. 
3. Deriving motional parameters from a 3 dB bandwidth measurement remains a great way to characterize multiple xtals. In my opinion, the 
G3UUR method is the easiest way to characterize a small batch of xtals. 


Some of the earliest references to modern crystal ladder design I've found were written by Jack Hardcastle and published in RadCom and QST 
— | later confirmed this by reading work by Wes, W7ZOI and others. Hardcastle's and Haywards’ work proved foundational for the experimenters 
that followed including David Gordon-Smith, Chris Trask, Jim Kortge and many others. 


Steder and Hardcastle's combined experience assessing and/or documenting crystal ladder design spans decades. 
Their QEX article Crystal Ladder Filters for All may be legally downloaded from the ARRL website here. 


Program download URL: http://www.arrl.org/gexfiles (select 2010, "11x09_Steder_Hardcastle.zip") 


The QEX article describes Steder's Microsoft Windows™ program, methods to derive motional parameters, plus cites many important 
references. The main program calculates practical lower-sideband crystal ladder filters based on the exact equations published by M. Dishal in 
1965. Hardcastle transformed these equations into a computer useable form in 1983 and Steder incorporated these equations into a modern, 
easy-to-use and interactive application with nice graphing and table displays. 


For simplicity, the program assumes lossless crystals, however, the calculated values can easily be transferred into another simulation program 
such as GPLA to add or refine parameters such as loss resistance. 


The main "Dishal" application calculates filters with Butterworth, Chebychev and constant-k (Cohn) properties and the so-called "QER" filter type 
by G3UUR (a low ripple version of the Cohn filter). Further; sub-programs in the top-level menu calculate xtal parameters (by both the G3UUR 
and 3 dB method), plus L-C impedance matching and ladder termination networks. An extensive help file well explains the program. 


lacopo Giangrandi — Introduction to Crystal Ladder Filters 


Link: http://Awww.giangrandi.ch/electronics/crystalfilters/xtalintro.html 





lacopo (Jack) uses a transmission measurement to infer the motional parameters — inserting a series capacitance and measuring the series 
resonant frequency shift was also described in 1998 by Rolf-Dieter Mergner, DJ9FG. 


His web article/applications provides what is likely needed by most builders — simple filter synthesis while avoiding expensive test gear. His 
filters plots/figures are spectrum analyzer measurements that | really like. Although his program can generate aymmetrical filters that some 
builders might not be used to, the frequency domain plots indicate proper function. 

Giangrandi's filter design programs appear to be based on Jack Hardcastle's work and possibly content published in a paper by Patrick Magnin, 
F6HYE and Bernard Borcard, F3BB in Radio REF for April 1990. 


| encourage you to try all the methods and applications mentioned to discover what works best for you. Don't lose heart, for characterizing 
crystals with a vector network analyzer is also a time-consuming endeavor and simple often = best on the QRP Workbench. 


QRP — Posdata for August 2012 — Measuring Crystal Q 


Prior to July 26, 2012, | could not measure Xtal Q. Why? | tried to measure crystal Q with the shunt-series tuned method (essentially the crystal 
acts as a trap and a step attenuator is used to calculate the insertion loss the xtal exhibits when centered in the notch) but failed because | could 
not precisely set the frequency with my homebrew L-C oscillator. 


You really need a DDS or a Si570 based signal generator and preferably a spectrum analyzer to exact the measurement with the “trap method". 
The DDS is critical, while the SA only preferable — a power meter, or a 50 ohm terminated ‘scope can work as the detector if a low-pass filter is 
placed just after the xtal. 


On July 26, 2012 Wes, W7ZOI developed a simplified method and wrote a pdf file called Simplified Measurement of Crystal Q after feedback 
from myself and John Larkin about Q measurement difficulties without a digital-based signal generator. Unfortunately, this pdf file is no longer 
offered for download by W7ZOI. His method works well and I'm glad that as of now, | can completely characterize any crystal | own. 


| present an experiment showing how | measured the Q of a 10 MHz crystal applying the new method developed by Wes, W7ZOI. 


The crystal is evaluated as a N=1 low-pass filter resonated by a shunt capacitor at each end. | stuck with Wes' suggestion to try 1000 pF at 9 to 
10 MHz. For lower frequency xtals he recommended trying larger value shunt capacitors. Just experiment with the shunt capacitance — if you 
use too high a C for a given crystal, your xtal low-pass filter bandwidth might get too narrow to measure with an L-C based signal generator. 


The following diagrams employ 2 programs from the Ladpac software that ship with EMRED 


Measure the Insertion Loss of a Crystal Filter ie 
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Above — Measurement of crystal filter insertion loss. In Part A, | carefully tuned my signal generator to get the highest peak-peak voltage in my 
50 O terminated oscilloscope. | recorded this AC voltage as V Fil. In Part B, | removed the crystal filter board and replaced it with a BNC clad RF 
through-connector. | recorded this AC voltage as V Cal. 


| discuss this standard method to measure the insertion loss or gain of a device under test in RF Workbench 2. 


Even with the simplified method, you'll need a signal generator with good tuning resolution. My generator is shown on VEO 2011 as the 2.8-10.5 
MHz Signal Generator. This is my version of the EMRFD Figure 7.27 generator. 





Insertion Loss 
IL = 20 LOG (V CAL / V FIL) 


Veal = 464 mV pk-pk; Vfil= 267mV pk-pk 
IL = 20 log (1.7378) = 4.8 dB 








Above — The formula for insertion loss using peak-peak voltages. With my 10.0 MHz crystal, V Cal = 464 mV pk-pk and V Fil = 267 mV pk-pk. 
The insertion loss of my crystal = 4.8 dB. 
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Old Equation, p 3.19. 
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: 10 MHz Xtal 
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Qx= (1000000 CparpF= (4670 Parameters 


1000.00 1000.00 








Above — First | measured CO (C-par) and then with the G3UUR method, calculated the motional inductance of my xtal. Finally, | entered all the 
needed variables into Ladbuild08 to make a filter to analyze in GPLA. 





0 Load R = 50.0 

1 cap par 1000.0000 
2 xtl ser 0.0000 

3 cap par 1000.0000 
4 1b ser 0.0000 

98 Source R = 50.0 
99 Inductor G = 250.0 


Crystal Parameters: 
100. Freg.= 10.0000 
101. Lm =0.0115 
102. Cp. 4.87 

103. Qx. 108286.0 


raph to Zeom Zoom to Original Syfep_ Nye: Ret_| 7 Plot Refere 
Eo 





Above — With GPLA, | adjusted the value for Qx up or down until my centered S21 value indicated -4.8 dB (the insertion loss of my crystal 
determined earlier). My crystal Q = Qx = 108286. 





Above — 10 MHz Crystal filter breadboard. 





Above — A sweep of the 10 MHz Crystal filter used to determine the Crystal Q 
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This page houses a collection of brief hobbyist experiments. 
1. LM380 Power Examination 
— M9324 OF 
, AZTISS EY | 
. | 
4 ya 


LM380N 


eT Sa) 





(Ge 5.7 volts peak-peak 


2.03 watts peak power 


Average sine wave power 
= 505 mW 






100 uF 





10 
470 uF 
+ 


ra 470 uF Figure 1 


input 


a 
3,45,7 10uk > 
10,11,12 





Figure 1 shows the test set up. This is a good part with an input impedance of 150kQ. The gain is internally fixed at 34 dB. The average clean 


power was 508 mW. The test input frequency was 1018 Hertz. 





The breadboard of Figure 1 is shown above. 


2. Wide Range L- C Oscillator 





TO ANTENNA 


ol Zt 


WU2D 2009 
‘ P| | ined MAX 
I 
L1 
Primary Coil 
5T of Bare 


#14 or #12 AWG 





LOOSE 












PHONES 


L2 
Secondary Coil 


5.5-20 MHz 
9 to 10T of Bare #14 or #12 AWG 
Formed on 2" Diameter 
Spaced evenly over 3 Inches 


OR 


3-8 MHz 
15 to 20T of Bare #18 or #14 AWG 
Formed on 2" Diameter 
Spaced evenly over 4 Inches 





9 MHz L-C Oscillator 








17t FT37-43 
120 uH 
12 v ——— Bottom 
L7S05 
T wl 1 
7 0 
i | 
ll 
33 pF 4 
I NPO Q3 
51 | 
Ql 100 5022 
]310s = 
| 470 uH 
RFC 


CV = 2-10 pF air variable trimmer cap 
L1 = 6.1 uH = 36 turns on a T65-6 








Shown above is a single frequency version of a VFO topology which allows a wide frequency range when additional switched inductors and/or 
capacitors plus a tuning variable capacitor are used. One good usage example would be a to use such a VFO to drive a bridge to make a wide 
range antenna analyzer. Q1 is essentially a common gate amplifier. The source is driven and the output is taken off the drain. This FET exhibits 
no signal phase shift. Q2 is a source follower that is AC coupled through that 22 pF capacitor The 18 ohm resistor is used to kill UHF parasitic 
oscillations. The Q2 follower also has no phase shift. Connecting the output of Q2 back to stage Q1 gives zero phase shift. The L-C tank will 
select the frequency where 0 phase shift is obtained. The tank will show phases other than 0 away from its resonance. 


Q3 is an AC-coupled source follower to further buffer the VFO from its load. The RFC can be anything from your junk box, although it should 
likely be low Q. The low-pass decoupling filter on the the 12 volt supply path can also be anything reasonable. | wound mine using 17 turns on 
an FT37- 43 ferrite toroid. Its purpose is to keep RF from traveling down the 12 volts DC voltage wire to other parts of your circuit. 


Any component connected to the L-C tank (at the Q1 drain, or the cold end of L1) can affect VFO tuning and drift. Temperature compensation 
will be necessary to achieve perfect stability. | use NPO and COG caps interchangeably. In the design shown, stability was good and the output 
had low measured distortion. This VFO will pretty much oscillate with any reasonable L and C values in the tank circuit. | found frequency 
stability was a little better with a higher L to C ratio. This is a great experimenter's circuit. One version built oscillated at 150 MHz. 








The breadboard of the above schematic. Pull the wire on your #6 powdered iron toroids tight to prevent air gaps between the toroid and the wire. 
Number 26 gauge wire was used on L1 as shown. High Q tank parts will garner the best results. 


LC Switching 





Ideas 
L5 L4 
IM 
10 - 150 pF 
Tune 





Some potential switching ideas are presented above. The builder is in total control of the tuning range and must calibrate the L and C values 
according to needs and the parts on hand. Output power will vary according to the L-C ratios and some designs include automatic signal 
amplitude leveling and/or RF gain controls. 


3. FET Matching 








| find matching high IDSS FETs like the J310 to be a pain. | generally matched them for IDSS and occasionally for IDSS and VP. Observations 
that when the IDSS of 2 or more FETs match, their pinch-off voltage (VP) also matches, led me to not measure VP. In addition, the variability of 
VP measurements causes me distress. Click here for a tutorial if you don't understand the terms IDSS and VP. 


a = ee Se ee ee 








12.22v 


DUT 


SSdl jo 








Above — The device | use to measure IDSS and VP. From Ken Kuhn's web site. 





Conceptually IDSS and VP aren't difficult to understand — measuring them is another story. With the above device, first IDSS is measured; the 
final drain voltage potentiometer setting is left and then | measure VP. While measuring IDSS in high IDSS FETs, heating can occur and you 
may actually see current start to drop as you increase the drain voltage (negative temperature coefficient). On J310 specification sheets, the 
manufacturers state they pulse the current during measurement to prevent heating. While performing IDSS measurements, | am fearful of 
destroying the FET | am trying to characterize! Measuring VP is also problematic. 


| have tried 3 methods to quantify VP: 


Adjust the 0 - 6 volt supply until | think the current goes to 0. Serial measurements 1 day apart can vary by a variation of as much as 0.5 volts; 
it's quite subjective. 

Adjust the 0 - 6 volt supply and measure the gate voltage that produces a drain current somewhere between 0.1 and 1 percent of IDSS and 
declare that to be VP. 

Adjust the 0 - 6 volt supply so the ammeter reads % IDSS and multiply this voltage by - 2.0. Refer to Ken Kuhn's site for details. Although 
reasonably accurate, the second order math is only a rough approximation — the real math is impossible to do by hand as it involves fractional 


exponents and these exponents and other factors vary as a function of the physical JFET geometry. 











Above — The breadboard of the device | use to measure IDSS and VP. There is no actual switch, | either ground the green wire to the copper 
board, or tack solder it to the 0 - 6 volt potentiometer wiper. 10 megohm resistors plus the pot ground wire anchor each pot to the copper clad 
board. 


All 3 methods to quantify VP frustrate me. There must be a way to match J310s or other FETs without characterizing them. | frequently 
collaborate with readers to problem solve and learn. A potential solution contributed by a supportive reader follows: 


FET Matcher 1 


12.22v 
regulated 9-12 VDC 








1M 





Above — A bridge is used to match a pair of JFETS. It's often best to match devices in a circuit that closely resembles the one that you intend to 
use them in. The differential output of each drain is measured by placing a DVM lead on each drain and recording the voltage. Generally, | sticka 
FET in the Q2 slot and put FETs from my parts bin in the Q1 slot to match it. The results of 5 different FET pairs are tabled above. A match <= 
50 mV is probably acceptable and in 1 case, | found a match of 3 mV! You can match 1 FET with many using this device. 


Note the poor match when an MPF102 and a J310 were tested. 1% tolerance resistors are recommended for the bridge. 








Above — A set and forget precision bridge using trimmers to establish a perfect DC match on both halves. If you don't have 1% parts, the 
trimmer resistors offer a solution. You can place a trimmer at either the drain or source end as shown and just use 5% resistors. Calibrate each 
half of the bridge with your ohm meter. | cover bridges on this web page if you need more information on them. 





Above — A differential FET matcher breadboard. This version had a 9.1M gate resistor on Q1 by accident, although it made no difference to the 
experiment, as no DC gate current flows. 


4. BJT and Diode Matching 


BJT Matcher 














Above — Differential BFT matcher. Differential voltage matching works for bipolar junction transistors and diodes also. PN junctions are thermally 
sensitive — let them stabilize before testing. | measured 6 2N3904 transistors and the tabled results remind us why this transistor isn't the best 
choice for matched BJT circuits. 








Above — The breadboard of the differential transistor matcher. Any reasonable resistor values will work fine, but don't run the current too high — 
my circuit has a nominal emitter current of 2.25 mA. 


Differential Diode Matcher (is 





Measurements with each diode current @ 77.3 yA 





Above — The differential diode matcher. The 10K pot allows you to vary the current to suit your needs. The ammeter reads double the diode 
current. Considering only 1 diode; the current ranges from 0.01 to 5.82 mA. You can drop the 1% metal film 2KO resistors down as low as 470 
ohms or so if you need serious current. Tabled are some measurements performed with the 10K pot dialed to give 0.636v (77.3 UA per diode). 
This provided excellent sensitivity. Measurement was performed on my DVMs 200 mV scale. Builders might experiment with diode current to 
assess measurement sensitivity and linearity or even to match the diodes across a range of current values. 


Clear glass passivated diodes can be affected by light — photons will pass through the glass and knock electrons through the barrier. Ensure 
each D.U.T is exposed to the same amount of ambient light. Some microwave detector diodes can be damaged with as little as 1 mA of current. 
Replace the 2KO resistors with 10-15K resistors, or lower VCC to prevent damage . 





Above — Breadboard of the differential diode matcher. The 2KO resistors are suspended by a vertically mounted 10M stand-off resistor. 


5. Bipolar Junction Transistor Beta Tester 
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non-polarized 
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Above — Disappointed with the transistor beta testers in our common, low-cost digital multimeters, we did the logical thing; designed and built 
our own. This collaborative project was more an experiment with BJTs than anything else. It's about as simple a beta measurement device as 
you can make and still get good results. Preventing damage to our parts inventory underpins this design — the 100 © emitter resistor plus ~ 10 
microamps of base bias keeps the IC low to help avoid smoke since most new small signal transistors have a beta of 100-400. 


Ensure the correct polarity for PNP versus NPN transistors. The voltage divider targets 5 volts using a standard ~12 volt supply; | just used 
whatever resistors were handy and ended up with the 6K8 — 3K3 pair. VCC should be regulated. Perform the measurements with a single 
multimeter allowing time for stabilization. 


To use: Set the potentiometer so that the voltage drop across the 10K resistor is 100 mV. Then move your DMM leads to the 100 OQ resistor and 
measure the beta. This device measures beta, the static gain at DC. 


Measuring beta is a bit inexact since beta is affected by so many variables as follows: 


Beta tends to be low at low operating currents and rises and plateaus for medium currents and then falls at higher currents. 
Beta tends to increase with temperature. 
Beta is affected by the voltage between the collector and emitter -- this is a weak effect except when the voltage is very small. 


The beta can vary as the battery depletes in DMM beta testers. 








Above — Breadboard of the QRP beta tester. We hope you have as much fun with this circuit as we did. 





Above — Testing a 2N2222a. We found measuring transistors to be very instructive; comparing our results to specification sheets, handling the 
different BJTs, gaining experience — all part of the exciting world of bench electronics. Such circuits, although simple, are great for both learning 
and design. 


6. FET Tester - VGS Measurement Tool 








Fey Tescer 


12.22v 





6.8 volt zener 


VDS~ 5.6v 





Above — A FET VGS Tester. The final collaborative output from late December 2010: a device to examine VGS. A zener diode value from 6 -7.5 
volts or so should work okay. VDS should be greater than the nominal VP for greatest accuracy. The VDS using 7.5 volt zener diode was 4.85 
volts. The range of VGS on my breadboard was roughly 6 to -6 VDC without the 470K range limiting resistor; it's up to you if you want to limit the 
VGS range. 


Using the mV scale on your DVM, potentiometer adjust the current until the meter just reads 0. Then move your leads to the VGS test points to 
read the pinch-off voltage. 


The 0 current point will only ever be close. The interesting issue with the 0 point as defined is it never goes to true zero — just zero enough — 
that point may be hidden if your meter scale truncates lower current measurements to zero. If you're able to repeatedly get consistent VP 
measurements with whatever method your using, then it's likely accurate. 


We thought about measuring gate leakage current across the 10K gate resistor, but accurate measurement is impossible with this device. The 
gate leakage current is going to be in the low nanoampere region at the very highest unless the JFET is bad. The expected voltage across the 
10K resistor would be a few 10s of microvolts. A better way to measure gate leakage is to use the 10M resistance of a DVM instead of this 
resistor. The DVM then acts as a current meter by measuring the voltage across the 10M resistance. A reading of 200 mV would mean a current 
of 20 nA. 





Above — Front view of the FET tester with a "chicken head" knob on the potentiometer. 








Above — Measuring a J310 with the FET tester prototype breadboard. 
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Above — Instead of a zener diode, low impedance VCC/2 splitters are shown as A and B; the zener diode is easier. 
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Above — Reverse view. | didn't bother with the 470K VGS range limiting resistor in my breadboard. 












RF — Test and Measurement 





RF Workbench Page 1 


The first installment of a multi-part series exploring basic 50 © RF circuit 
measurement. This web series borrows heavily from the work of Wes, 
W7ZOl. 


RF Workbench 1 shows a way to measure AC signals and quantify power. 


As circuit builders, knowing the power gain or /oss in dB of stages like 
filters or amplifiers; or the absolute power in dBm of our RF signal sources 
dominates our bench work. 


Ignite your bench measurement — Better measurement fidelity inspires 
confidence, creativity and fun! 





Calculate Power Gain from your Oscilloscope 
Peak-Peak Voltage 








An oscilloscope peak-to-peak voltage provides a popular way to determine power gain or absolute power. 


peak to peak 


voltage 





8 MHz VFO. 


To calculate the power of a sinusoidal waveform, you measure its 
AC voltage. Assuming your ‘scope is calibrated, the first step is to 
measure the amount of vertical deflection on the screen. 


In the figure shown left, the vertical deflection = 4.1 cm. Multiply 
this measurement by the volts/cm setting of your scope. Lets 
assume your scope was Set to 0.1 volts/cm. Thus the result = 0.41 
volts. One final multiplication is required; you must multiply the 
resultant voltage by the attenuation ratio of the probe. In most 
cases, a 10X probe is used. Therefore, the measured peak-to- 
peak voltage is 0.41 x 10 = 4.1 volts. DSOs output numeric voltage 
readings in addition to that shown — a nice feature. 


This signal exhibits a major problem; it's distorted. To calculate the 
power from peak-to-peak voltage, you require a sine wave. To 
obtain a sine wave, this distorted signal must be low-pass filtered. 
Let's examine this topic with some real experiments. 


Signal Viewing versus Power Experiments 


Measuring ‘scope signals takes some skill to get accurate, 
reproducible results. Consider the following signals taken from an 


Distorted Signal Low-pass Filtered Signal 


eimY -Upp(l)= \ [ 38 1m I Vay n mV Urmst) 





Time 


Power = 2.35 dBm 10X Probe Power = 2.30 dBm 





Examine the distorted signal on the left and compare it to same signal after low-pass filtering. | calculated the power in dBm from the peak-peak 
voltages (Vpp) shown as 832 mV and 824 mV: left to right respectively. 


Only the sinusoidal power proves accurate. I'll discuss the formula to assess power soon. 


Distorted Signal Low-pass Filtered Signal 


=15.4mU [Upr(2 at 


Time 26 


Power = 1.75 dBm 50 ohm Terminated Scope Power = 1.56 dBm 





The same 8 MHz VFO examined with a 50 O terminated oscilloscope; a superb measurement technique that offers greater sensitivity. In all 4 
cases shown, the vertical scale = 0.2 volts/cm. 


To better compare the distorted and filtered signals, | attenuated the output of the VFO to allow safe examination with a spectrum analyzer. A 
spectrum analyzer graphs the power (in dBm) of all measured frequencies on its Y axis against a user defined frequency range on the X axis. 





8 MHz VFO with Harmonic Distortion 





Spectral analysis of the distorted 8 MHz signal. The second harmonic (16 MHz) is about 22 dB down from the fundamental. The signal is rich in 
harmonics that causes error in the calculation of the output power. Each vertical square is 10 dB. Each horizontal square = 20 MHz. The 
harmonics go 2x fundamental, 3x fundamental, 4x fundamental and so on. 








Spectral analysis of the 8 MHz VFO after passing through an N = 5 Chebyshev low-pass filter. The second harmonic now lies about 40 dB down 
from the 8 MHz carrier (-40 dBc) and the 3rd harmonic is almost down in the noise. Each horizontal square = 10 MHz. 





The breadboard of the 8 MHz oscillator oscillator from the above experiments. The output drove a BJT amp biased to give distortion and a 50 Q 
output. | adjusted the frequency with the high Q air-variable trimmer capacitor seen to the left. 


Low-pass Filter 


Some builders wonder why | only employ sine wave signal generators on this web site. To calculate power, they require no low-pass filtering — 
now you know why. If you're calculating power from a distorted signal, a stiff low pass filter helps ensure measurement fidelity. All of my signal 
sources feature a 2nd harmonic response of at least -30 dBc, but -50 dBc is typical. To filter receiver front ends, signal generators, or mixer 
outputs, | keep several 7 element low-pass filter bench modules on hand that cover several 3 dB cut-off frequencies between 3 and 60 MHz. 


Although, any old low-pass filters might work fine, Wes, W7ZOI suggests an N = 5 Chebyshev with 0.2 dB of ripple at about 1.2x the signal 
frequency as a starting point for designing a test-bench low-pass filter. If you don't know how to design low-pass filters choose a pre-designed 
filter from a filter table. For the experiments above, | selected a filter from an ARRL Handbook. See the schematic below: 
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Calculating Power (dBm and mW) from Peak-to-Peak Voltage 


To calculate the power from peak-peak voltage, the load impedance (Z) must be known. In RF design, the standardized impedance value = 50 
Q. For CATV and video, 75 QO is common, and in audio and telecommunication design, a 600 O impedance dominates. Although we can 
technically employ any Z, this web site conforms to the 50 QO RF impedance standard. 


The SI unit of power is the watt. In radio, we might see the term dB used, however, dB is a decibel comparison between 2 signals and not an 
absolute value like the watt. On the bench, dBm serves as the most common and useful term — dBm is the measured power ratio in decibels 


referenced to 1 milliwatt. 


dBm represents an absolute power — so useful because both large and small signals are quantified with 1 number. Some important bullets 
follow: 

0 dBm = 1 mW 

3 dBm = ~2mW; so doubling the power from 0 dBm equals a 3 dB increase in power 

Increasing the power from 0 dBm to 10 dBm boosts power by 10 dB. The power is now 10X baseline or 10 mW 

20 dBm = 100 mw 

-27 dBm means that the output has ~500 times less power than 1 milliwatt. -27 dBm = 0.002 mW or 2 microwatts 


Hopefully over time, you' Il ingrain the concept of logarithmic power gain or loss (in dB) and power referenced to 1 mW (in dBm). This is bread 
and butter radio design information you must know. 


50 O Measurement Virtues 


You build a VFO, measure it with your ‘scope; calculate the output power into a 49.9 Q resistor and then record this power in dBm. Let's say it's 6 
dBm. VFO output power = 6 dBm. 


Next, you place a 6 dB attenuator pad on the VFO output. VFO output power now = 0 dBm. 


Finally you connect a 10 dB gain RF amplifer to your VFO. Your VFO output now = 10 dBm. What a beautiful system ! ..... it really gets fun when 
we measure down at - 30 dBm and so forth. 
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The chart above really helps you visualize the relationships of mW, AC voltages and dBm 








1.416 Volts pk-pk = 5.01 mW 
5.01 mW =7 dBm 





In order to get from peak-to-peak voltage to power, math is required. | show the formula above. You may elect to skip the math and calculate 
dBm or mW from peak-to-peak voltage with software. A number of programs are available; | wrote 1 here as Applet F. 








Google 10 log (42) 





Web (I Show options... 


@ 10 log(42) = 16.2324929 


More about calculator. 





If you lack a scientific calculator, Google has math functions. Shown above = a logarithm calculation 
In Search of 50 Ohms 
How do | establish a 50 Q output impedance in my RF amplifier? | get this question often. 


From my experience, in simple amplifiers lacking negative feedback, a 50 Q output impedance must be created by inserting a resistor 
somewhere in the circuit that forces a 50 output impedance. 


For example, we might use a 50 QO collector resistor in a BJT amplifier (or a 50 QO drain resistor in a JFET amplifier), or place a fixed resistor in 
parallel with the collector/drain transformer and use a secondary winding to establish the 50 Q output impedance. Sometimes we'll place a series 
resistor (Say from 22 to 51 ohms) on the output of an emitter or source follower to bring the low output impedance up to 50 Q. These form basic 
explanations and usage examples may be found on many schematics on the QRP / SWL website. 


We experimenters also employ negative feedback with or without output transformers to establish a 50 Q input and/or output Z and | show many 
examples on this site. 


The following diagram explores 1 method to get a 50 Q output impedance in a simple amplifier. It doesn't matter if the transistor is a JFET ora 
BJT, the principle is the same. This diagram and tutorial are simplistic and meant to help novice builders learn to design their own amplifier 
stages. You may connect any resistor value across the output of a transformer to calculate power, however, this web site only considers 50 
ohms. 


Broadband Amplifer with 50 Ohms Output 


How to determine ? turns for smallest link: 


The smallest winding should have 4X the XL 
XL = 50 ohms 
4 x 50 ohms = 200 ohms 


For FT37- 43 ferrite toroid: 


3.5 MHz minimum 5 turns 
5.0 MHz minimum 4 turns 
7-10 MHz minimum 3 turns 
14 MHz minimum 2 turns 


1800 /50=36 or 36:1 Z ratio 
Square root of 36 =6 
Therefore the turns ratio is 6: 1 





The above diagram describes a broadband (untuned) amplifier. | employed a FT37-43 ferrite toroid: a common part. Other ferrite toroids may be 
substituted, however the table depicting the minimum number of turns won't apply. 


Consider the BJT amp shown. The transformer primary winding is shunted with a parallel 1800 O resistor. The 1K8 resistor "forces" a 1K8 ohm 
collector output resistance in the primary winding. 


To transform the 1800 © primary impedance to 50 ohms; use a 3 turn secondary link. Calculate the primary to secondary turns ratio as follows: 


1800 ohms divided by 50 ohms = 36. The impedance ratio = 36:1. 

The turns ratio is the square root of the impedance ratio; thus the turns ratio is 6:1. The primary winding must have 6X the number of turns of the 
secondary winding. In the 3rd RF Workbench web page, you'll see that the above explanation pertains to the "ideal transformer", however, the 
concept is useful — especially to the target audience of this website. 


New builders might ask — why not wind 6 turns for the primary winding and 1 turn for the secondary winding? We avoid this because the smaller 
or secondary winding should have have a minimum inductive reactance (XL) of 4X the impedance it is connected to. Thus for a 50 ohm circuit, 
the minimum XL = 200 Q at the design frequency. 


This design rule serves only as a rough guide. We employ the minimum 4X rule because employing an XL less than 4X may create unwanted 
signal losses and affect the smaller winding's impedance. The table to the right of the amplifier shows the minimum numbers of secondary turns 
for a few common frequencies with the FT37-43 ferrite toroid. 


Thus for our 7 MHz amplifier, we need at least 3 secondary turns and multiply this number by the turns ratio to give a 18:3 turns ratio. You might 
also choose 24:4. 


For ferrites other than the FT37-43, calculate the minimum number of turns with the XL= 2 pi * F*L formula and detemine L from the turns versus 
AL toroid data, or measure L with an inductance meter. 


For AC measurement a 50 O purely resistive load should be temporarily connected between the output link and ground. This might be a 51 ohm 
resistor, a 49.9 ohm 1% metal film resistor, 2 parallel 100 ohm resistors, or some other "50 O" load. We measure peak-to-peak voltage across 


the load and then calculate the power in dBm or mW. After measurement, the temporary 50 © load is removed and the circuit connected to the 
succeeding stage. 





51 and 49.9 O resistors 


We measure the peak-peak voltage across this 50 ohm resistor with a 10X 'scope probe; or alternately may connect the device output to a 50 O 
terminated scope to measure peak-peak voltage to calculate power. 


| normally measure in a 50 O measurement environment and temporarily solder a BNC connector onto my breadboard and connect this port to a 
50 QO terminated scope with coax. After testing and voltage measurement, | remove the RF connector and then build and test the next stage. 





Case Study 


Case Study 


50.0 MHz 
3rd overtone 


O1=2N3904 O2=J310 
L1 = 13t T25-6 
T1 = 13t primary : 3t secondary T25-6 


CV = 2.5-10 pF trimmer cap 





Pretend that you breadboarded the above circuit entitled "Case Study". This is a 50 MHz crystal oscillator and buffer. The crystal fundamental 
frequency = 16.7 MHz, but the L1 tank is tuned to its 3rd overtone; 50.0 MHz. You measure and record the peak-to-peak voltages at the points 
labeled A, B and C. 





Case Study Peak-peak V oltages 








The peak-to-peak voltages are shown as Vpp. The vertical scale (volts/cm) is shown on the bottom of each figure. 


Examine Point A. The AC voltage = 12.1 volts peak-peak. Compare this to the peak-peak voltage at Point B. Note the difference. Some builders 
emailed me after they measured similar differences on the primary and secondary transformer windings of their circuits with a 10X probe. These 
builders felt something must be wrong. All normal; you can expect the peak to peak voltage to roughly decrease (or increase) by the transformer 
turns ratio. 


The 12.1 volts peak-peak decreased by a factor of 4.3 (13 / 3 turns ratio) which is 2.8 volts peak-peak. In our case, the measured secondary 
peak-peak voltage was 3.08 volts — in the ballpark. Please remember this serves as a coarse guide only. It helps you to know what to 
reasonably expect during signal viewing. 


Peak-to-peak voltage changing in accordance with the transformer turns ratio represents a simplistic explanation describing the "ideal 
transformer". To understand real world transformer function, you must contemplate factors such as Ohm's law for AC, conservation of energy 
(this is what causes the voltage to drop while preserving power) and basic transformer behavior. These principles are explained in publications 
such as The ARRL Handbook for Radio Communications, or the RSGB Radio Communication Handbook. An old high school physics text book 
might prove a better reference. 


Here are the case questions: 


1. Calculate the power in dBm at point B 
2. Calculate the power in dBm at point C 
3.What is the attenuation in dB of the 50 ohms attenuation pad? 


4. What is the output power in mW of this stage? 





Click on this link for the answers and to see the actual resistor values of the attenuator pad. 


Finally, placing a 10X probe at Point A will de-tune the L-C tank circuit somewhat and thus alter the AC voltage. In real-world building; to tune 
Q2, tweak the variable capacitor (CV) with your 10X probe connected to Point C. 





The breadboard of the 50 MHz oscillator prototype. 


Oscilloscope Probing 


10X Oscilloscope Probe 


Please refer to EMRFD Chapter 7 for great information about measuring power in RF circuits. The 10X oscilloscope probe is one of the most 
important measurement tools to have on your bench. There are countless web articles concerning the 10X probe, so | don't have much to add. 


Take care of your 10X probe: don't solder components you've clipped your probe to; avoid setting heavy objects on the cable; store it carefully 
and inspect it frequently. 


When do you use a 10X probe ? Measure with a 10X probe for in-situ ("in place", or "in circuit" ) voltage measurement and in situations where 
you can afford a 10X reduction in sensitivity. In low level measurements such as millivolt level measurements, the reduced sensitivity of a 10X 
probe may reduce or disallow accurate measurement. Additionally, the 20 pF or so capacitance of a 10X probe can detune resonant circuits; 
especially at VHF on up. 





Close up of the Rigol oscilloscope probe 10X and 1X switch. 


50 ohm Terminated Oscilloscope 


At RF, we generally work with (or try to work with) circuits with 50 Q impedances. If possible consider performing your measurements in a purely 
50 ohm environment. 


That is — instead of using a 10X probe, shunt the oscilloscope input port to ground through a 50 Q resistor and connect your test circuit to the 


‘scope with 50 ohm impedance coaxial cable. On my ‘scopes, | have Channel 1 set up for the 10X probe work and Channel 2 set up for a 50 
ohm environment. 


| asked Wes about the benefits of performing measurement in a 50 Q environment. | learned the main advantage of a 50 ohm approach is a well 
defined port impedance. The second virtue; a 10X greater voltage sensitivity — the increased sensitivity for low level measurement amazes me. 

In some cases, small signals that | couldn't accurately measure with a 10X probe, gave an excellent scope tracing with more consistent voltage 

readings in a 50 Q environment. 


You also may enjoy improved signal viewing. For example, in a few cases | have observed harmonic distortion with a 50 ohm terminated scope 
unseen with a 10X probe | confirmed this distortion with a spectrum analyzer. 


If you have never performed measurement in a 50 Q environment, consider trying it out — you'll enjoy it. You may buy commercial 50 Q feed- 
through devices that connect to your oscilloscope input, or homebrew your own, but try to keep the 50 ohm termination as close to the 
oscilloscope input as possible. 


Device 


under test 





Establishing a 50 O impedance measuring environment. The oscilloscope input is terminated with a 50 Q resistance and connected to a device 
with a 50 Q output impedance via 50 Q coaxial cable. 


Try not to routinely connect a feed-through attenuator pad to your feedthrough 50 Q 'scope terminator — error may arise. 











My very first homebrew 50 © scope terminator module with 2 female connectors. | connected this module to my oscilloscope input via a 
commerical 9 cm long 50 © coaxial cable with a male connector on each end. 


Two parallel 100 ohm resistors formed the 50 Q load. Ideally, the 50 Q shunt resistor should be right at the 'scope's female BNC jack — so this 
homebrew module shown fell short as a stalwart 50 O terminator. Inspired to move to a 50 Q environment and lacking a male BNC connector, it 
did the job until my commercial version came by mail. You might find oscilloscope feedthrough terminators for sale at Ham festivals. 


An ideal homebrew solution — place a male and female BNC connector in a small metal box very close together to allow a very short 
interconnecting wire. The box would hang off of the oscilloscope. Better still are commercial, shielded 50 Q feed through terminators which thread 
right onto the oscilloscope's female BNC input jack. 








Above — a commercial 50 Q feed-through BNC terminator on my oscilloscope input. 





Above — Measuring in a 50 Q environment. Bliss! + nto6nto ato. 





RF Current Sampler 





Figure 1 
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Figure 1 shows a basic circuit to sample RF current from a power stage such as a QRP transmitter. Many experimenters lack 50 QO step 
attenuators rated to handle transmitter-level power. One basic solution is to sample the RF current of the power amplifier using a wideband step- 


down transformer. Terminate the RF current sample port with a 50 QO impedance device. This may include a spectrum analyzer, power meter, 
receiver with an attenuator, or a 50 Q terminated oscilloscope. 

A usage example = examining a transmitter's spectral purity with a spectrum analyzer. The output power at the sample port will drop by 20-22 
dB. A 50 Q impedance step attenuator can be used to further reduce this power level to whatever you want. For this chore, a typical 
experimenter's 1-2 watt step attenuator works, since it never "sees" the higher wattage transmitter power. 


For example, a 5 watt amplifier 20 dB down is 0.05 watts or 50 mW at the RF current sampler port. 50 mW = 17 dBm. To examine this signal 
with a spectrum analyzer you may wish to decrease the power down to -27 dBm. The following chart shows the basic process. 


RF power at sample port assuming 20 dB attenuation: 
RF power = 50 mW = 4.48 V pk-pk = 17 dBm 





RF power = 5 watts = 44.72 V pk-pk = 37 dBm 


Say we want -27 dBm power for examination in a 
Spectrum Analyzer 


Desired RF power = .002 mW = 28 mV pk-pk = -27 dB 
Therefore we must further attenuate the signal 44 dB 


With the RF sampler, you can do all of the attenuation 
(64 dB) with a common, low-power step attenuator. 














A Hammond chassis shields the RF current sampler used on my bench. 


Transmitter Spectrum Analysis 
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Spectrum Analyzer 





The above graphic illustrates 2 methods to examine the output of a transmitter in a spectrum analyzer. Method B is described above. The 
dummy load must handle the transmitter output power, however a 5 or 10 watt dummy load is easy to make. Method A requires a step- 
attenuator which can handle the transmitter output power. The low-level power meter promotes the need to quantify the output power before you 
connect anything to the output of the attenuator. This is also true for Method B. 


Always measure the output power at the RF sample port with your oscilloscope or low-level power meter before hooking up any 
expensive low-level measurement device such as a spectrum analyzer! ocTopoKHo! 
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Above — a 50 0 BNC terminator. These are essential QRP work bench items and may be found on eBay for cheap. 


for a photograph of 4 of my BNC RF port terminators: 27, 50, 75 and 100 ohms from left to right — useful to calibrate and test RF circuitry. 
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RF Workbench Page 2 





Welcome to part 2 of a web series exploring basic RF measurement and 


bench practices. This installment builds on the information from the RE 
Workbench Page 1 


| share introductory and practical content on attenuation, the return loss 


bridge, insertion loss or gain and spectrum analyzers. Consult EMRED and 
use your favorite web search engine for more information. 





The Attenuator Network 





Like onions in your kitchen, the importance of attenuators can't be 
overstated. On the bench, attenuator pads go in nearly every test circuit to 
deliver correct power and/or help match port impedances. 


Think of attenuators as passive networks that intentionally insert power loss between 2 components independent of frequency. For example: you 
might follow a 50 © signal source with an attenuator to decrease its power, increase its return loss, and/or buffer it from downstream impedance 
changes. 


Most attenuator networks have fixed input and output impedances. 


The input and output impedances may be the same, or different. 


Attenuation may be fixed or variable. Most often, we use simple, fixed resistive pads that function as voltage dividers. 
Express attenuation in dB. 


Attenuators increase return loss and reduce VSWR. 
Attenuators may function as buffers to isolate stages. 


All attenuators on this web site feature 50 Q input and output ports. 
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The desired response of an attenuator network. Practically speaking, device construction techniques including shielding will limit how high in 
frequency your attenuator will properly operate. 
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A pair of commercial 50 Q input/output impedance step attenuators from the past. Occasionally, you'll find them for sale at Ham festivals or 
estate sales. Most work well for HF and perhaps even VHF work depending on their design and condition. Visually examine and test the 
attenuator before use. 


How to Design and Build Attenuator Networks 


To design attenuators with a 50 Q input and output impedance, | recommend viewing a table. Click for a table. 


After choosing the degree of precision; solder up 2 or 3 resistors and you're done. Nearest value 5% tolerance resistors offer reasonable 
precision for our popcorn circuits, but combining 1% and 5% tolerance resistors works too. 


Choose low inductance resistor such as carbon film types and strive for short lead lengths. Well consider resistor power dissipation — for 
example, an 8 dB attenuator pad will dissipate 84% of the RF passed through it. | have seen attenuator pads that were exposed to high power 
and some or all of the resistors were burnt and turned to charcoal. Clearly the operator did not regard the power rating of the attenuator 
resistors. Refer to EMRFD Section 7.4 for practical information concerning attenuator design and power dissipation. 





Three of the attenuator pads from my bench attenuator drawer. When using Ugly Construction or its variants, you can solder in, change, or 
remove attenuator pads at a whim. A small stock of these pads speeds up your work flow. 











A 10 GB attenuator pad from my collection. This box uses two 100 Q (5%) resistors and a 68 ohm (1%) resistor for the 96.2 and 71.2 ohm 


resistances called for. | used the 1% tolerance part because all my 68 Q resistors are metal film 1% tolerance 1/4 watt types. Perhaps, I'll pursue 
a closer match to the calculated resistor values 1 day, but this module works okay. You may also stick 2 seperate attenuators in the little 
Hammond box shown. 





Two commercial BNC feed-through (in-line) attenuators. | use these every day and prefer them over homebrew R networks since they don't 
require a coaxial cable. | own many: two 6 dB, two 10 dB, one 3 dB and a 20 GB: all were purchased on eBay. 
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Two commercial SMA in-line attenuators for my VHF and UHF experiments: 6 and 15 dB. Click for a marker table with 4 data points derived from 
sweeping these 2 filters. 


Step Attenuators 


A step attenuator belongs on every serious RF workbench. They allow in-situ attenuation adjustment with a degree of precision as low as 1 dB. 
Step attenuators are nothing more than switched calibrated resistances and the switches can be SPDT, relays, rotary or digitally-controlled 
types. The quality and price of commercial attenuators varies widely. Experimenter concerns include the minimum attenuator insertion loss, 
power rating, return loss, noise from switch contacts and noise from the resistors themselves. 


A homebrew step attenuator makes a great weekend project and almost every radio handbook contains 1. Web linked projects plus commercial 
kits may be found online — use your favorite search engine to find them. 


Some homebuilders prefer 1% metal film resistors to keep resistor noise down. Stick your step attenuators in a metal, RF-proof box and insert 
quality interfaces such as BNC, N or SMA connectors. Your needs, budget and parts collection determine the outcome when you home build 
one. 


Serebriakova Attenuator - Cepe6pakosBa atTeHroaTop (50 Om) 
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The Serebriakova; a simple, variable attenuator well suited for QRP homebuilding. Filled with gratitude to its Russian designer's family, | share 
this contribution with my readers. This attenuator network makes signals smaller or larger in a 50 ohm environment via a potentiometer. My 
analysis indicates acceptable performance considering its simplicity. The input match is close to 50 Q across the range of the potentiometer. The 
output match across the potentiometer range is mediocre. Click here for a DC match analysis from Wes, W7ZOI. As shown, you wouldn't place 
this device on your main bench signal generator output as the output impedance diverges widely during amplitude adjustment. 


Add fixed attenuator pads on the input and/or output to improve matching into 50 ohms. This circuit could serve in multiple applications including 
an RF gain control on a receiver front end, for bench measurement (when adapted) and for a low-level transmitter gain control. The Serebriakova 
attenuator may function up to 500 MHz in a carefully constructed, shielded box. The input and output capacitors may be omitted below 30 MHz. 
The attenuation varies a minimum of 20 dB when turning the potentiometer from CCW to CW. Click for a build by he yl. 
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A variant of the Serebriakova attenuator is shown above. Input and output matching are enhanced by fixed attenuator pads. The input match into 
50 ohms is fine. After testing, | learned that the fixed 4 dB output attenuator pad is likely too low to ensure a wide range output match into 50 
ohms. A 6 or 10 dB output pad is preferable, however, if this is your only variable attenuator, the device would then only be usable for very low- 
level work. You can decide what value of input or output pads to use. 


A new, clean and small size 500 ohm pot works best. Store your potentiometer collection in sealed plastic bags to keep out workshop and house 
dust. 





Serebriakova Attenuator RL and VSWR @ 14 MHz 


| input ade | input-sodB_ | Output 


CCW 27.9 dB; 1:1.08 30.6 dB; 1: 1.06 9.6dB; 1: 2.00 
= | 17.08 dB; 1 71.30 25.2 GB; 1: 1.12 10.5 dB; 1: 1.85 
CW 25.4 dB; 1:1.11 30.8 dB; 1 :1.06 21.2 dB; 1: 1.19 





Shown above are return loss (RL) and VSWR measurements performed on the adapted Serebriakova attenuator shown above. Clearly the input 
match is better than the output match. The output match did not significantly change when the attenuation switch was moved from 4 to 10 dB 
attenuation or back. 


Based upon these values, it might be a better compromise to put a 3 to 4 dB pad on the input and a 10 dB attenuator pad on the output to 
ensure an output RL of at least 20 dB. Some might argue that the output RL should be higher. Perhaps, but the match is pretty good for sucha 
simple circuit. Let's put it in perspective; a commercial signal generator that sells on the Internet for $450.00 U.S dollars was measured by a 
builder | know in the UK and he found a best case RL of 10 dB ! Jim later sold it and built a homebrew signal generator with a 35 dB return loss 
at all frequencies. 


Fixed attenuator pads provide a good remedy for mismatched ports and | discuss why and how in the next section. 





The shielded, adapted, Serebriakova attenuator. When home building your personal version, strive to make the AC connections as short as 
possible. The above device has nearly 23 dB of variable attenuation at 14 MHz. If you can't build, find, nor afford a precision step attenuator for 
your QRP workbench, this device may work okay for you. 


Impedance Matching, Return Loss and VSWR 


We radio folks build, buy and apply lots of gear with a stated nominal 50 Q input or output impedance. In truth, a pure 50 Q impedance occurs 
rarely and components in an RF system are frequently mismatched. Almost every Ham radio operator matches their antenna impedance to their 
feed line + radio to maximize transmitter output power — but radio and antenna system matching is often the only case where these Hams match 
their gear. 


In contrast, we experimenters, tirelessly match our 50 ohm RF system components — this work flow avails our modus operandi on the bench. 
And so, we builders match the input and/or output ports of a// our RF stages: signal generators, filters, splitters, antennas and so on. You can 
easily measure the impedance match of your RF components with a basic device based upon a Wheatstone bridge; the return loss bridge. First, 
let's discuss matching a little more: 


On the RF Workbench, we talk about return loss, reflection coefficient and VSWR to quantify impedance matching. | only consider return loss 
and VSWR on this web site. 


When 2 system components are impedance matched, maximal power transfers from 1 device to the other. If the impedances are different, RF 
power is reflected back to the signal source. This reduces the amount of power delivered to the load. Transmitted and reflected waves moving 
along a transmission line superimpose and cause standing or stationary waves. The greater the impedance mismatch between the 2 
components, the larger the amplitude of the standing waves. Mathematical formulas compute how much power is lost due to mismatch. Consider 
reading a great tutorial on SWR, Return Loss, and Reflection Coefficient linked here by Wenzel Associates. 


Return Loss 


Return Loss = the difference between the outgoing incident power and the reflected power as a result of the mismatch between the the signal 
source and its load. Return loss is expressed in dB as a positive number on this web page. The higher the return loss, the better the impedance 
match. An ideal prefect match would have a RL of infinity; that is, no power is reflected back to the signal source and all of the incident power is 
delivered to the load. If a circuit has no load (open circuit), the RL is O dB — all of the power is reflected back to the signal source. 


Other terms quantifying return loss are S11 and S22, however S11/S22 are the negative of return loss: RL = 20 dB or S11/S22 = -20 dB. We 
say S11 as S — one — one and S22 as S — two — two. | discuss these S-numbers, or Scattering Parameters elsewhere. 


VSWR 


Voltage standing wave ratio is another measure of how well the components in an RF network are impedance matched. Increasing the return 
loss lowers the VSWR and vice-versa. Most amateur radio enthusiasts are familiar with VSWR and often refer to it as "match" or "SWR". RL and 
VSWR can be derived mathematically from one other. VSWR = [10’(RL/20) + 1] / [L0“(RL/20) - 1]. Note X “ Y means X raised to the power of 
Y therefore 243 = 2x2X2 = 8. 


Thus a RL of 10 dB = 1: 1.92 VSWR and 20 dB = 1:1.2 VSWR and 30 dB = 1:1.07 VSWR 


In EMREFD, Wes presents a return loss bridge as Figure 7.41. This circuit, shown below is easy to build and use. 





Return Loss Bridge 





RF Input 
50Q 
Unknown 
impedance 
50Q 
Detector 





The 50 Q impedance detector may include a spectrum analyzer, power meter, receiver with an attenuator, or a 50 O terminated oscilloscope. On 
my bench, a 50 ohm terminated scope is favored. 


Let's measure the return loss of a 27 Q resistor to learn how. The procedure with a 50 Q terminated ‘scope follows: 


Connect a 50 © output impedance signal generator to the bridge RF input port with 50 ohm coax; 

Connect a 50 ohm terminated oscilloscope to the detector port via 50 ohm coaxial cable; 

Record the peak-to-peak (open circuit) voltage with no load on the end of a short coax cable connected to the unknown Impedance port; 
Record the peak-to-peak voltage with "unknown" coaxial cable terminated with the 27 Q resistor 


Calculate the power difference in dBm between these 2 peak-to-peak voltages. 


Return loss = the difference in dB between these 2 values calculated by hand or with software. Please refer to the RF Workbench Page 1 for 
information how to calculate power. | wrote a JavaScript Applet that take these 2 peak-to-peak voltages and calculates RL and VSWR; its 
labeled K on this web page. 


Before measuring the unknown RL of a circuit, we usually connect a 50 © terminator to the unknown impedance port and calculate the best 
possible return loss: we refer to this value as bridge directivity — the best possible match for that return loss bridge at that test frequency. | keep 
a permanent 50 © terminator + a barrel connector on my bench for this purpose. 


Click for a photo of the gear | use for all RL measurement. Best viewed at full resolution 


Lets run through the procedure to measure the return loss of a 27 O resistor again, but with added photographs and 'scope captures. | tested at 
14.070 MHz. 








Above — We'll measure the return loss of this device; a 27 Q resistor soldered on a BNC connector. We call this a resistive terminator and | 
keep a small collection of 27 - 100 Q terminators on-hand for calibration purposes. 
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Shown above — The peak-peak voltage with a 14.07 MHz oscillator connected to the RF port; a 50 © terminated scope connected to the 
detector port; and a 20 cm — unterminated — 50 O cable connected to the unknown impedance port. The open circuit measurement. 





Above — Next, | connected the 27 Q terminator to the unknown impedance coaxial cable with a through-connector interface. 
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Shown above — The peak-peak voltage with a 14.07 MHz oscillator connected to the RF port; a 50 © terminated scope connected to the 
detector port; and a 27 O resistive terminator across the end of the unknown impedance cable. The reflected signal from a 27 Q resistor. 


K. Calculate Return Loss and VSWR (50 Ohms Detector) 


a 


http://www.qrp.pops.net/qrp-java-calculator.htm 





Enter the detector signal in pk-pk volts when the unknown port is terminated in an open circuit: fi 35 


Enter the detector signal in pk-pk volts when the unknown port is terminated in the unknown impedance: [35.8 


Return loss = 11.53 dB, VSWR=1:1.72 








Shown above — Calculating the return loss and VSWR of the 27 Q resistor with my JavaScript Applet K. mV versus volts peak-peak does not 
matter since we calculate a ratio of power. 


Use the return loss measurement procedure depicted above to measure the return loss of any device you choose. If your D.U.T. has 2 ports, 
terminate the unmeasured port in 50 Q. | show further RL measurment examples on RF Workbench 3. 


| measured the return loss of some commercial gear in my shack and yard and will share 2 examples: 1) An expensive commercial transceiver | 
borrowed had an input port return loss of 15 dB (a 1.4:1 VSWR) The return loss of 15 dB indicates that the reflected wave power is 15 dB lower 
in power than the incident wave. 2) With a borrowed commercial bridge, my tuner-matched antenna revealed a return loss of ~60 dB. 





A RL bridge from my bench built with 51 Q 5% tolerance resistors. | show a better RL bridge and some other experiments on RF Workbench 3. 
Return Loss and the Attenuator Network (How Do Attenuator Pads Improve Component Matching?) 


We routinely employ attenuator pads to increase return loss in a 50 O RF environment. For example, let's say you're testing a signal generator 
and measure a return loss of 6 dB. If you place a 10 dB attenuator pad after the signal generator, the return loss increases to 26 dB. If we used 
a 6 dB pad instead, the return loss would now = 18 dB. In both cases the return loss is increased by 2x the attenuator pad value. The doubling 
of return loss occurs because both the incident wave and reflected signals pass through the attenuator pad — that's how attenuator pads 


improve matching. 
Attenuator pads reduce power, but that is why somebody invented the RF amplifier. 


What is the minimally acceptable return loss for a device such as a signal generator? No single answer exists. The minimum return loss depends 
on the context: are you making precision circuits or just tuning an antenna? 


Precision Circuits: 


For amateur experimenter bench circuits, aim for a return loss of at least 20 dB. This often means adding an attenuator pad to the ports of your 
signal generator, amplifier, or other device to get a minimum 20 dB return loss. For an electronic engineer, the minimal return loss is probably 
higher; maybe 30 dB or so. | have read conflicting opinions about this and for some people — me included — design overkill is normal. 


Antenna tuning: 


When tuning an antenna for full transmitter output power, the minimal return loss is around 14 dB (a VSWR of 1:1.5). If you measure an antenna 
system return loss of 14 dB or better, the match is fine. Many Hams will protest a 1:1.5 VSWR and ardently chase a 1:1 VSWR on every 
frequency with their antenna tuner. 





A Method to Measure Insertion Loss or Gain 


Often, we want to measure the gain of an amplifier, or the insertion loss of a filter, or attenuator pad. | show how to do this with a 50 O 
terminated scope: 


50 ©2 coax 
with BNC 


connectors 


6-10 dB 
pad 


1. Peak signal generator or tweak 
filter tuning capacitors for 


Measuring 


maximum signal in oscilloscope 
Insertion Loss 
or Gain 2. Record AC voltage in scope 


3. Remove Device Under Test and 
replace with BNC barrel connector 


4. Record AC voltage in scope 





The circuit starts with a signal generator set to the frequency of interest. | show an attenuator pad in this diagram to stress that the signal 
generator output port must have a return loss >= 20 cB. 


Connect the input of the 50 O Device Under Test to the generator output via 50 QO coax 
Connect the 50 Q output of the D.U.T. to your 50 Q terminated oscilloscope 
Turn on the signal generator and if needed, peak the signal; In the case of a low-pass filter, the signal generator frequency control is tweaked 


to give a maximum pk-pk voltage in your 'scope. When evaluating a band-pass filter, tweak the filter trimmer capacitors for the maximum signal 


at the desired center frequency. Signal peaking ensures that losses caused by the filters are not caused by the filter mistuning, or in the case of 
the low-pass filter, to allow for cutoff frequency deviation caused by component value variations. It may be necessary to increase the signal 
generator amplitude to view a good quality signal in your ‘scope. 

Record the peak-to-peak voltage. 

Remove the DUT and replace it with a BNC through-connector and record this peak-to-peak voltage. 

Calculate the power in dBm of the 2 recorded voltages — their difference equals the insertion loss or gain in dB. | wrote a JavaScript Applet 


to do this. Click and scroll to H 


This awesome measurement technique controls the input and output impedance and uses the same coaxial cables with and without the D.U.T. 
for accuracy. Some builders might choose to terminate the D.U.T. with a 50 Q resistor and measure with a 10X scope. The capacitance of the 
probe may alter measurement in some cases. As always, choose your measurement technique based upon whatever gear you own and how 
exacting your standards are. 





insertion Loss of an N =5 Chebyshev Low-pass Filter 
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Filter 5.14 dBm No Filter -4.94 dBm 


Insertion loss = 0.2 dB 





Spectrum Analyzers - Comments from the Workbench 


Electronics professionals ruminate that spectrum analyzers are uncommon because experimenters perceive them as esoteric and difficult. My 
own opinion differs. Spectrum analyzers are relatively uncommon because of one reason - cost. | have watched prices on sites like eBay with 
amazement. The ads go something like this: 1.5 GHz spectrum analyzer for sale. Built in 1982. Ships in 2 pieces weighing over 22 kilograms. 
Minimum bid $1850.00. And...sorry, | live in Florida, U.S.A. and in all likelihood, shipping these 2 heavy pieces is going to cost you a fortune. In 
the attached ad photos you can see lots of wear and tear, plus some screen burn-in on the display.... Guaranteed to turn on however! 


Perhaps | exaggerate or even lampoon the perceived value of old boat anchor spectrum analyzers, but | have bought and sold cars for less 
money. Be prepared - spectrum analyzers are not cheap. They are however, very cool and open the door into a truly fascinating world. 
Frequency domain circuit measurement (spectrum analysis) addicts and intrigues. Homebuilding a spectrum analyzer is a serious option, but 
requires advanced building skills. Click and click for the W7ZOI/K7TAU project. 


In recent times, the Rigol DSA-815 spectrum analyzer with tracking generator proved a game-changer to the bloated price of heavy, old and 
tired gear. Click for a Rigol datasheet. Signalhound also sells spectrum analyzers and tracking generators . A tracking generators plus spectrum 
analyzer allows you to sweep your device under test over a range of frequencies. 


Prior to using a spectrum analyzer, | casually considered shielding stages or placing critical pieces in RF-proof boxes. Quickly | learned that RF 
in our home and community can and does get into your projects. p> 





The center frequency of the display = ~150 MHz. The signal spikes appeared and disappeared after 4-9 seconds or so — after a little detective 
work with my scanner, | learned they were local police and ambulance FM radio conversations. | noticed this interference when | took the lid off a 
RF-tight band-pass filter — these signals arose in a 28 MHz superhet receiver !! While low in amplitude, experiences like this inform us to watch 
for lurking RFI. 


| found numerous sources of RF in our home with a spectrum analyzer — the clothes washing machine during its spin cycle proved to be the 
worse RFI generator. RF-tight shielding with SMA, or BNC connectors and DC feed-through capacitors and aggressively decoupling and 
bypassing DC lines eliminated many of RFI problems during my experiments. | now better appreciate these anti-RFI techniques. 


Spectrum Analyzer Calibrator 


Spectrum Analyzer Calibration Oscillator 


L7509 





A harmonic rich, spectrum analyzer calibrator designed by Wes, W7ZOI and displayed with his permission. Adjust the 10K potentiometer to 
provide the output power needed to calibrate your spectrum analyzer. | set mine to -27 dBm. Be careful when connecting signal generators to 
your spectrum analyzer, since a higher than rated input power may destroy the mixer/front-end of your spectrum analyzer and cost you dearly. 





5 MHz Low-pass Filter 
RMS voltage 
12ul 2uH 5uH 1. 2ul uH 


$20 asa ihe pF t 


Inductors: 28 AWG wire on T37-2 50Q terminated 
12uH=17t 2.5 uH=25t scope 




















| used this filter to set the -27 dBm power needed to calibrate my spectrum analyzer. 
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Breadboard of the 5 MHz spectrum analyzer calibrator. 


Spectrum Analyzer 








Don't use a "50 ohm" termination when measuring with a 50 Q impedance spectrum analyzer. 





Spectrum Analyzer 








No resistor is required, as the the input impedance of the SA is 50 Q. 
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Audio Transistor Input Impedance Experiments 





Introduction 





| examined audio transistor amplifier input impedance during Spring — 
Summer 2010 and generated enough content for a web page. 


On this web page, | explore determining AF amplifier input impedance 
by using network theory and calculation, plus direct measurement with 
instruments containing a Wheatstone bridge. This content emphasizes 
learning through performing bench experiments and | hope it sparks 
your own experiments and research into impedance measurement test 
equipment and theory. 


Many RF circuits require termination with stages containing a well 
defined input impedance. Consider, for example, amplifiers that follow 
L-C low-pass filters, diode ring mixers or crystal filters — a known 
impedance (usually 50 ohms) must terminate these stages to optimize 
return loss. A special case is the diode ring product detector; which 
must be followed by a 50 ohm input impedance audio amplifier. How do 
we design or assess a small-signal audio amplifier that has a 50 ohm 
input impedance? This question spawned every experiment on this web 
page — the content grew and evolved along with my understanding of 
this topic. 


Audio transistor input impedance may be calculated with equations or 
software, however, doing the math or using or affording these programs 
might be problematic for some amateur builders. Additionally, 
component variances such as transistor Beta and different power 
supply voltages can causes significant differences between the 
theoretical and the actual input impedance realized. Further, amplifiers, 
such as a feedback pair that involve combinations of series or shunt 
feedback can be difficult to analyze accurately using equations during 
small or large signal analysis. It may be easier for experimenters to just 
measure and tweak amplifier components on the bench — the focus of 
this web page! 


As an rank amateur, | have much to learn, and by no means am an 
expert in electronic design. If you see an error on this web site, 
disagree with my analysis, or have suggestions for improvement, 
please email them — | am an amateur hobbyist, who earns no money 
from this site, and who relies on the assistance of others to keep the 
content as accurate and vibrant as possible. 





The topics: 


uaa Part 1: Some basic transistor network theory and how to calculate input Z 


it Part 2: 50 ohm input impedance Wheatstone bridge measurement 
rg Part 3: Measuring unknown impedances 


uma Part 4: Miscellaneous circuits, scans and photographs. 


Notes: 


Small signal analysis refers to modeling or examining an amplifier at a single operating point (its bias point) and applying linear equations which 
assess the amplifier with no signal applied. In small signal analysis, we assume that the signal is so small that transistor gain, capacitance and 
other factors are static. 


Part 1: Some Basic Transistor Network Theory and How to Calculate Input Z 


Some basic network theory plus methods to calculate the input impedance of common emitter and common base audio amplifiers. 


Three basic small-signal transistor parameters include beta, emitter resistance Re, and bulk resistance REB. 


Beta is the term used to designate the current gain of a common emitter circuit — it's the ratio of collector (output) current to base (input) 
current. 

Small-signal emitter resistance; Re = 26 / IE ,or, 26 divided by the emitter current in millamperes. For example, an emitter bias current of 
0.52 mA gives a small-signal emitter resistance of 50 ohms, or visa versa . Re is the resistance seen looking into the emitter whether the stage 
input is the transistor base or emitter terminal. Re is the dynamic resistance of the input junction due to carrier action. 

REB represents the bulk resistance of the semiconductor not arising from contact resistance; in other words, it's the DC resistance of the base 
and emitter leads plus the pn junction. Typically REB = 2 to 6 ohms and is often ignored (your choice) when the current is low — say, for 
example, < 9 mA for a typical common-emitter voltage amplifier. In large power transistors or for switching operations, the typical REB value may 
vary. REB, in part, limits the maximal gain of a transistor. 

The constant 26 used when calculating the dynamic resistance of a forward-biased PN junction is derived via calculus. Professor Kuhn's 


website link containing the math. 


There is also a base spreading resistance generally known as 'rbb' that, in effect exists laterally across the transistor. A simple model puts rbb at 
about 100 ohms in series with the base and it's one of the causes of finite transistor frequency response. While interesting, rbb isn't discussed 
further. 


Collector 


Terminal 





high resistance 


Base Small-signal equivalent 


network of a BJT 


Terminal 





Emitter 
Terminal 


Any unbypassed 
emitter resistance 


Transresistance ———_}-— 





Above — the small-signal equivalent network of any transistor. re = 26/IE. Also, re + REB + any unbypassed external resistor may be termed the 
Transresistance, a DC ohmic value representing the total resistance of the emitter. The collector resistance RC is high because of its reverse 
bias. Collector resistance is not considered when calculating input impedance of simple AF transistor stages. 


Calculating the input resistance of a common base stage 


Calculating the input impedance of a common base amplifier is easy. Input impedance = 26/ emitter current (IE). You can either bench measure 
or calculate the emitter current using DC analysis. Click for the formula to calculate emitter current . A complete example follows: 


Common Base Amp - Calculate Zin 


22K 
12v vB = —— * 12 volts = 2.16 volts 
100K + 22K 
VE = 2.16 - 0.7 volts = 1.46 volts 
1K 


Zin = 26 (ignoring REB) 


Hl IE 
IE 


If you breadboard the circuit, 1.46 mA 


directly measure IE 








Above — An example common base amplifier and its input impedance calculation. In this example, emitter current is calculated using DC 
analysis. On the bench, it's better to un-ground the 1K emitter resistor and connect your ammeter between this resistor and ground to directly 
measure IE. REB was ignored and = 0. 


Consider the 50 ohm input Z common base amplifier we often use after a diode ring product detector plus diplexer: 








12.24 


2N3904 





; =a9 
Return loss = 32.1 dB IE=051mA 





Above — A common base amplifier built for a direct conversion receiver in Spring 2010. This amplifier is shown in test setup for bench analysis 


—with a DC decoupling network and an AC coupled 4K7 resistive load. The emitter current established using 5% tolerance resistors was 0.51 
mA. Therefore, the calculated input Z is 26/0.51 = 51 ohms. The return loss of this amplifier as measured with the active 50 ohm Wheatstone 
bridge device described later on this web page was a spectacular 32.1 dB! If a different power supply voltage or biasing/emitter resistors were 
used, the IE would change and along with IE, the input impedance and return loss. 


This amp illustrates that testing and tweaking AF amplifiers on the bench will garner the best results. If | just copy someone else's design; 
perhaps with a different DC voltage, or decoupling network and don't adjust the emitter current by tweaking the base biasing or emitter resistor 
resistors, the input impedance could differ significantly. Whenever you build a common base amplifier, measure its DC current and as necessary, 
tweak resistors to get the current needed for a perfect impedance match. It is good practice to measure all the DC voltages and emitter current 
on any amplifier you build — you will learn what is normal, what to expect and perhaps detect errors or parts failure(s). 


Performing return loss measurement is also a fantastic way to ensure good matching to the 50 ohm impedance diode ring product detector that 
feeds this amplifier. 


Calculating the input resistance of acommon emitter stage 
Calculating the input impedance of a common emitter amplifier is also straight forward, but not as easy as the common base amplifier. 


In the common base amplifier, the emitter is the input element, therefore the input signal resistance is 26 / IE + REB. Often we ignore REB. If 
current of the common base amplifier is for example, 2 mA or so, then the 2-6 ohms of REB may be significant as 26 / 2 mA = 13 ohms. REB 
may be a factor because 2-6 ohms is a significant percentage of the total input resistance. 


For a common emitter amplifier, the input resistance looking into the base is Beta ( 26/IE + REB + RE ). Again REB is often ignored. We need 
to include any transistor DC biasing resistors which are also seen by the input signal as it moves through the transistor base. An example 
follows: 


Common Emitter Amp -— Calculate Zin 





Above — An example common emitter amplifier re-drawn to illustrate how the input resistances combine to provide the AC input impedance. In 
this case, the 270 ohm emitter resistor RE is un-bypassed. R1, R2 and the components RE, re and REB are in parallel as the DC supply acts as 
a short to ground for the AC input signal. The components RE, re and REB (if used) must be multiplied by the transistor Beta value (+ 1) since 
the resistance looking into the base is Beta times that looking into the emitter. 


Therefore: Rin = (B+1)*(re + REB + RE’). Normally we ignore REB so practically speaking Rin = (B+1)*(re + RE’) 





Common Emitter Amp -— Calculate Zin Beta = 100 


vy 4K7 
= ——— * = 3.84 vo 
R2 aK7 + 10K i2 volts 3.84 volts 





VRE = 3.84 - 0.7 volts = 3.14 volts 


3.14 volts 
270 ohms 


Calculate the base resistance Rb [ ignore REB ] 


Rp = (Beta+ 1) * (26 +Rep +ReE) 
IE 


Rb = 101 (2.24 + 270) = 27496.24 ohms 








1 
Zin = 
a 1 1 
——) ees 
Ri R2 Rb 
1 
Zin = ————-_ = _ 2.86K 
1 1 2H 
ee as ee 
10K 4R7 27496 
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Above — The math for the common emitter circuit shown directly above using DC analysis to calculate the current. On the bench, we just 
measure the emitter current (no need to calculate it). We assume IE = IC for a common emitter amplifier. REB = 0 (when ignored). If the 270 ohm 
resistor RE was bypassed with an electrolytic capacitor, the 270 ohm resistance would also = 0; and then Rb = Beta + 1 * (26/IE). 


Conclusion 


This theory explains how to calculate input impedance in 2 basic transistor AF amplifiers. Consult an electronics text for further explanation. 
Although the arithmetic is simple, quite frankly, it's a little boring. Let's go to the bench and have some fun. | was quite naive about measuring AF 


amplifier input impedance; however, my experiments yielded some knowledge and a strong appreciation for the Wheatstone bridge network. 
Onward... 


Part 2: 50 ohm Input Impedance Wheatstone Bridge Measurement 


Testing for a NULL or measuring the return loss of AF amplifiers with a 50 ohm input impedance. 


Refer to the diagram on the right. Redrawn in a way more 
familiar to builders, the Wheatstone bridge network is just a 
pair of voltage dividers in parallel. We measure the difference 
in AC voltage between the ports labeled Out 1 and Out 2. The 
bridge is said to be balanced and produce NULL or 0 output 
when Out 1 and Out 2 are equal in voltage. Another 
description — when in perfect balance, the signal loss due to 
mismatch between the output ports is infinite. However, if this 
balance is disturbed by a mismatch between ports Out 1 and 
Out 2, an AC voltage appears and the return loss decreases in 
proportion to the mismatch (within limits and providing your 


Wheatstone Bridge Balanced Network 





R1 R3 
instrument can measure accurately). 
| R2 R4 


Let's focus on some practical bench applications in the new 

millennia: On your bench, you might employ a Wheatstone 

bridge network to measure return loss (or VSWR) or to simply 

to detect a NULL indicating a close impedance match between 

2 stages. Specific examples include tuning your feed line and 

antenna, checking the match between a signal generator and a 

filter, or measuring an audio amplifier input impedance. In my 

estimation, the Wheatstone bridge lies among the most : = 
important test circuits in the amateur designer's arsenal; 

worthy of study and experimentation. 





Notes: 


itd The input signal can be AC or DC, but all discussion is confined to an AC signal source 

rerg E96 (1%) metal film resistors were used in all Wheatstone bridges 

ua All bridges were tested at 1 KHz 

ire Ensure you do not overdrive your bridge; lest distortion occur! When a bridge is overdriven, you might cancel the fundamental frequency 
when balancing the bridge, but not the harmonics! Therefore, parasitic harmonics appear in the output that skew the the NULL or return loss 
values. | learned low pass filtering the amplified bridge output is really important. 

rr Any distortion in the bridge output means you must reduce your input signal drive level; however, this may reduce the accuracy of the RL 


measurements. There is no free lunch! You generally want just enough input signal to accurately measure the signal with the bridge at NULL. 
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Comments from the Workbench 


Above — an evolution of the 4 resistor bridge into a device to measure impedance and capacitance. In its classic form, each bridge leg is a 
resistor voltage divider with a detector connected across ports A and B. If ports A and B have equal voltages and R1 = R2, then R3 and R4 must 
also be equal; the bridge lies balanced or in a NULL state. If you remove R4 and measure an unknown resistance, the bridge will return to 
balance after adjusting pot R2 to equal the unknown resistance. In most cases, R2 is calibrated and the impedance is read directly off the 
potentiometer dial. Bridges can be arranged to measure unknown capacitance, inductance , frequency and other parameters by using precision 
1% fixed components, calibrating the 10 turn pot to indicate the desired parameter, or for deriving the unknown value via equations. 


Builders of lore used bridges to quantify many values on the bench. Although we have better ways to measure inductance and capacitance 
today, the Wheatstone bridge is still the king when it comes to simple measurement of network impedances; for example, QRP antenna tuners. 
Some builders use an LED to indicate bridge imbalance. 


Building a passive instrument to measure the return loss of a 50 ohm input Z audio preamplifier. 


Non-radio folks don't generally understand this — to properly terminate a diode ring mixer, 50 O impedance stages are needed. The inspiration 
driving al/ the experiments on this web page was to design a 50 ohm input impedance common emitter audio preamplifier to follow a diode ring 
mixer. | could have just used the familiar common-base amplifier popularized by Roy, W7EL, but of course, wouldn't learn anything. Somehow, | 
became drawn in by curiosity and generated enough content to fill a whole web page. 


| decided to try and build some return loss bridges and test them by using known, fixed-value resistors as the unknown impedance. My first 
bridge, was an AF version of this RF return loss bridge using a junk box 600 ohm, 1:1 audio isolation transformer. It didn't work until | rearranged 
itas shown in the schematic below. 





Audio Frequency Return Loss Bridge 


Unknown 
Impedance 


50 © Detector 





ie ; 100 9: 100 42TM030-RC (Mouser) 
T1 = 1:1 Audio Transformer 150:1509 107D-ND (Digi-Key ) 





Above — A simple return loss bridge using an AF transformer and 50 ohm detector. Suitable detectors are described here in the section 
covering return loss bridges — | used a 50 ohm terminated scope. Using 20 log (peak-peak voltage) to crunch the 50 9 AC voltage into dB, the 
bridge was measured at open circuit, plus with various fixed 5% tolerance resistors terminating the Unknown Z port. Using a junk box 600 ohm 


1:1 AF transformer, my results initially seemed good, but upon analysis were fraught with error. Note the suggested transformers in the 
schematic. 





Above — The very first AF return loss bridge built. Anchored to the ground plane with resistors, the transformer was a 600 ohm junk box special. 
Although | was able to achieve a deep NULL using a 49.9 ohm resistor, the return loss was 86 dB; not possible. Additionally, other fixed resistors 


gave return loss values more than 4-5 dB away from the proper value. Likely, my junk box transformer lacked sufficient inductance for 1 KHz. For 
testing your bridge, use a formula to inform you of what RL value to expect for a given fixed resistor. 





Calculate the RL of a resistor in a 50 © bridge 





(Resistor value - 50) 


(50 + Resistor value) 


RL = -20 log (absolute value of V) 


510 ohm resistor: 


Vv = (510 - 50) / (50 + 510) 
RL = -20 log | 0.82 | 
RL = 1.72 dB 





Above — The formula to calculate the expected return loss for a fixed resistor placed in the Unknown Impedance port on a Wheatstone bridge. 
Click for a table of Return Loss values for some non 50 ohm resistors. Your RL values, will rarely be exact, but should be close to the predicted 
value. A well functioning bridge should yield a return loss of > 40 dB using a 51 to 47 ohm resistor as the Unknown Impedance. 





Above — A second bridge was built after obtaining a 100 Q : 100 QO AF transformer from Mouser Electronics. This transformer was ideal (each 
coil has ~ 1H in inductance!). Bench testing indicated good function. My results are tabled below: 





Measurement of RL B 


16.23 
56.73 





Above — A table of the above 50 ohm Wheatstone bridge return loss measurements. These results are acceptable. The NULL with a 49.9 ohm 
resistor was incredibly sharp and garnered a RL of 56.73 dB. My AF source was a low noise 1 KHz, 50 ohm output impedance signal generator. 


If you do not need return loss, and only require a NULL to indicate a match, a common 600 ohm transformer may work okay for you. 


Building an active instrument to measure the return loss of a 50 ohm input Z audio preamplifier. 


The results of my early experiments with a passive bridge were encouraging. Noting that most builders would have difficulty obtaining a 100 Q : 
100 © AF transformer, a version using op-amps was sought. My first 3 designs did not work properly and | became discouraged. Some guidance 
from Wes, W7ZOI allowed me to problem solve and experience success. 
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Above — Schematic of my active Wheatstone bridge, amplifier and low-pass filter for measuring the Return Loss of 50 ohm input impedance AF 
amplifiers. | built 3 copies of the above device; best results occurred when careful layout and planning were employed. Optimal performance 
occurred when encased in a metal box. 


The bridge was built from 1% metal film resistors. 0.047 polyester film capacitors lightly couple the bridge to high impedance op-amp buffers 
labeled U1a + U1b. My experiments informed me that to minimize loading on the bridge is important. The LM358 is an excellent op-amp choice, 
but almost any other op-amp could be employed successfully. U2a is the differential amplifier and matching R1 + R3 and R2 + R4 with 1% 
tolerance resistors is critical; 5% resistors did not work well. The gain is non-critical — feel free to choose reasonable resistor ratios based upon 
the resistors you have in stock. The differential amp promotes the unfortunate side effect of amplifying both the desired AF source plus any 
common mode signals. Although common mode suppression is an important consideration when designing instrumentation amps, fortunately, 
performance is fine. A amplifier topology using a differential amp across the bridge was trialed, but functioned identically to the simpler differential 
amp shown. Consult a textbook for more information on Instrumentation amps. Much information was gleaned from Professor Ken Kuhn's web. 
site. 


The output is low-pass filtered by a single stage Sallen-Key low-pass filter with a peak frequency of 1 kHz and a Q of 5. This filter gain at 5 at 1 
kHz is 0.328 at 2 kHz and 0.123 at 3 kHz. Thus, the second harmonic is reduced by a factor of (5/0.328) = 15.2 and the third harmonic is 
reduced by a factor of 40.6. Do not omit a low pass filter. | chose a 1 KHz cutoff, but experimentation indicated a low-pass cut-off frequency as 
high as 10 KHz may work okay if you plan to use the bridge at frequencies other than 1 KHz. 


Power supply decoupling proved important. When less DC low-pass filtering (less than the 150 O plus the 100 uF capacitors shown) was 
employed, some low frequency audio noise appeared in the output. 


| measured using a X1 oscilloscope probe on the output of U2b. 





Above — A breadboard of the active Wheatstone bridge schematic located above. When tested with fixed value resistors, the RL @ 49.9 ohms 


was 55.4 dB and close to predicted value with other test resistors. This instrument will be put in a metal case and become a permanent part of 
my test equipment arsenal. 


Part 3: Measuring Unknown Impedances 


Building an instrument to measure the input impedance of an audio preamplifier using a NULL. 








Above — One of several Wheatstone bridge circuits built in the Spring-Summer of 2010. In these bridges, the potentiometer was calibrated and 
the panel labeled using fixed resistances for calibration. One big challenge is range or resolution; dependent on the bridge resistor values and 
what impedance you are trying to measure. Greatest accuracy is associated with 5 or 10 turn potentiometers, but these are expensive. Often, | 
used standard, linear taper pots to save money during my experiments. Over 7 different bridges were built and tested. To save time, | didn't 
photograph many of my projects from the summer. 
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Above — A complete 1 KHz signal generator, low-pass filter and bridge circuit which became the prototype for most of my experiments in this 
section. Click for a high resolution photo of 1 of the breadboards during construction. 


The 1 KHz signal generator is a digital oscillator built with 2 gates from a 4093. This excellent oscillator uses a single R + C network for tuning 
and requires a voltage regulator for frequency stability. The output signal is attenuated 3.6 dB and low-pass filtered by 4 poles of active filtering. 
A 10K pot controls the drive into the bridge circuit. The bridge outputs are labeled A and B and require buffering, amplification and low-pass 
filtering similar to the active bridge shown earlier. These functions and some comments on the bridge resistors come later. 





Time 269.Gus) © 





Above — The oscilloscope waveform from the digital 1 KHz oscillator. Digital clocks fascinate me and this was an untried design. Initially a CMOS 
555 timer was considered, however, | own many 4000 series NAND Schmitt triggers and pressed 1 into service. Another good choice might be 
the 74HC132. The first NAND gate (inverter) contributes 180 degrees of phase shift, while the RC low-pass filter tank circuit digitally shifts the 
AC the other 180 degrees. Output noise is filtered by both the low-pass filter and the input Schmitt trigger dead band or hysteresis. The result is 
a fairly crisp square wave that may rival the 555. 











Above — The output of the 1 KHz low-pass filter. A sine wave is desirable, but not critical; suppression of energy in the range of 5-10 KHz, 
informed the filter design goal. At 8000 Hz, the attenuation is > 80 dB. All good. 
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Above — The buffer, differential amplifier and low-pass filter employed during this series of experiments. Function is identical to the similar stage 
described earlier. 


TORRReEee (eee eee eee! Se ee eee ee treevererenheaned 


y - 2 ‘ F 








Above — The output of amplified and filtered Wheatstone bridge at open circuit (no resistance at the Unknown Impedance port). 











Above — the output of the amplified and filtered Wheatstone bridge at NULL (potentiometer setting balanced to match the resistance at the 
Unknown Impedance port. Below 2 mV, accuracy is lost. 


Rx = Rv * (Rs / Rp) ; 





oscillator 


Rs=R Scale (100, 1K, 10K, 100K, 1M etc.) 

Rx = unknown impedance 

Rp =R parallel (nominally = Ro) 

Rv = variable resistor to balance circuit 





Above — The math behind the bridge. | found when R Variable (Rv) was the same resistance as the fixed resistor R parallel (Rp), reasonable 


resolution was possible. "Reasonable resolution" means your pot has a good range of rotation as you go from the lowest to highest measureable 
impedance. Generally, Rv has to be less than the maximal impedance you are trying to measure. 


R Scale (Rs) can be switched in decades via a panel mount switch to cover a wide range of resistance with good resolution, or just be 1 or 2 
values. It's your design call. 
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Above — My poor man's impedance measurement device that uses a common 500 ohm linear taper pot as the balancing resistor. In order to get 
good pot resolution, the desired range is switched. This bridge measures impedances at the Unknown Port from about 27 ohms up to 1K with 
decent resolution. The blue circles depict how | calibrated the front panel of my device using 2 colors. This device had an average return loss of 
32.5 dB when a NULL was obtained. 


Measuring resistors to calibrate a bridge is quite different from real-world measurement of reactive AF amplifier loads — if the unknown 
resistance has a large inductive or capacitive reactance, obtaining good bridge balance might prove difficult. Your bridge can only null the in- 
phase signal. An extension to the standard bridge involves adding a series or shunt capacitance (depending on the phase of the reactance) to 
the A or B port. This may allow you to null the reactive part and also provide the reactive impedance value as well. An outstanding reference may 
be located with your favorite search engine: Look for the manual for the General Radio GR1650 Impedance Bridge. | found a copy and the 
download was very slow, but worth it. This manual may be the greatest reference every published on the Wheatstone bridge and 
comprehensively covers tuning out the reactance of complex impedances amid a myriad of other topics. 





Calculate Input Z 


1 


Input Z=—§_ ——_$ 
1/10K + 1/4K7 + (( Beta+1) * (26 /5.8)) 


Assuming a Beta of 100 : Zj3, = 3970 
Assuming a Beta of 200:Zi, = 7039 
measured with above bridge = 595 9 


Zin 





Above — The poor man's bridge measurement of a test AF amplifier on my bench. The reactive component of the amplifier input impedance was 
minimized using a 0.039 uF capacitor found experimentally. Of particular interest, is the difference between the calculated input Z and the actual 


input Z measured with the bridge. 
The Beta of the 2N3904's in my collection ranges from about 100 to 225. Calculations with 2 different Beta values are shown (RE is well 
bypassed with a 470 uF capacitor, so, re = (Beta * 26/5.8 mA) . The measured input Z was 595 ohms. | confirmed this by removing the 0.039UF 


tuning capacitor, plus connecting a fixed 595 ohm resistance to the Unknown Impedance port. | then turned the potentiometer fully clockwise 
and adjusted it for a NULL. When the bridge was nulled, the potentiometer knob pointed at the same mark as when the amplifier was connected 


to this Unknown Impedance port. 


ooh Pes 


200 mV scale 50 mV scale 20 mV scale 
Open Circuit NULL of balanced with 
Complex Z .039 uF cap 





Above — The oscilloscope output waveform of the amplifier circuit shown above: open circuit, with the potentiometer balanced as well as 
possible and finally, the potentiometer balanced with the addition of a 0.039 uF capacitor attached to Port B. Although, | was able to get a NULL 
without the capactitor by just tweaking the potentiometer, slightly better precision was obtained after adding the 0.039 uF balancing capacitor. 


Part 4: Miscellaneous Circuits, Scans and Photographs 











Above — More accurate results will be obtained with a calibrated 10 turn potentiometer to balance your bridge. A local store sold me this 
precision 10-turn, 10K pot for about 11 dollars (still expensive for me). They normally sell for twice this price in Canada. 
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Above — My first input impedance measurement device that didn't work. It turns out my experiments were performed incorrectly, however, I'm 
glad because this failure spurred me to investigate bridge networks. The series resistance method is worth understanding and happily, Jeff, 
AD6MxX described the correct procedure in a private email received December 2010. | quote him below: 


"The series resistance method for input impedance should start with the variable resistor disconnected from the node to be measured. The open 
circuit voltage at the end of that resistor is measured (the resistor value doesn't affect the open circuit voltage since there's no current into an 
open circuit.) 


Next the free end of the variable resistor is then connected to the input node and the resistor is finally adjusted for half the open circuit voltage at 
the same end of the resistor, at the input node being measured. What happens is the variable resistor and the node input impedance form a 
voltage divider, with equal arms or branches. 


The value of the resistor when measured out of the circuit is the same as the input impedance at the measured input node. This scheme has 
some assumptions: the driving amplifier has negligible output impedance compared to the measured impedance, and the input impedance is 
purely resistive, with no reactance or V-I phase shift. 


The phase shift condition may be checked by taking these 3 voltage measurements: across each branch of the divider separately, and also the 
driving source voltage (across both branches in series.) The sum of the separate branch voltages should match the source voltage when there is 
little phase shift. 


This 3 voltage scheme is used in some antenna analyzers in order to measure phase shift. For checking for the resistive condition, it's not 
important the 3 voltage method has a sign ambiguity which needs an additional step to resolve. Your description seemed to suggest starting with 
zero series resistance, but you see that is not the same as the procedure above. The applied voltage needs to be small enough that the amplifier 
remains operating in its linear range during the measurement". 


Thanks for this info Jeff! 


TYPE 1650-A 


IMPEDANCE BRIDGE 


Form 1650-0100-£ 
duly, 1962 


Copyright 1962 by General Radio Company 
West Concord, Massachusetts, USA 


3.48 MB 


GENERAL RADIO COMPANY 
WEST CONCORD, MASSACHUSETTS, USA 





Above — A modified scan of General Radio's ber awesome manual for the Type 1650-A Impedance Bridge. 
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RF Workbench Page 3 





This web page is the third installment of a 6 part series that explores basic 
measurement of RF circuits. 
Part 3, further examines Return Loss Bridges from a bench-practice 


viewpoint. 
| borrow heavily from the work of Wes, W7ZOI per correspondence, direct 





contributions and from EMRED. 


| focus on measuring low-level, HF circuits with a return loss bridge — 
topics such as using the bridge for antenna matching are omitted and 
readily found on the web. This web page contains minimal text and just 
relies on simple diagrams and photographs to transfer ideas and 
knowledge. Information regarding wideband bridge network function may 
be found elsewhere on this and other web sites and in EMRFD. 





More on Return Loss 


Gear 
Equipping for a 50 O measurement environment in 2010 greatly improved my design capacity. The 50 Q terminated oscilloscope makes a 


sensitive and accurate detector for return loss measurement. Discussion about using a 50 © oscilloscope termination is on the RE Workbench 1 


web page. 





to detector 








Above left — The RLB and measurement set up from EMRFD. Occasionally, you may see bridges using a different balun transformer wiring as 
shown to the right of this figure. 








Above — All the needed parts to home build a return loss bridge. For some, the parts investment might seem substantial, but what hobby isn't 
expensive? If you consider the cost of commercially manufactured bridges, a homebrew solution seems a bargain. Recycled parts and a home- 
built chassis are inviting cost-containment techniques. See the _web site of Jim, K8IQY for an example of a homebrew RLB chassis. Jim, a 
Manhattan style construction wizard, builds the nicest looking gear — he puts me to shame. 





Above — A completed bridge. | used 1% tolerance 49.1 ohm resistors and an FT50-43 ferrite toroid for the bifilar wound transformer. Inductance 
= 38.4 uH. Many builders use the FT37-43 ferrite core. | prefer using 2 colors of enamel coated wire to avoid confusion when building stuff with 


transmission line style transformers and all | had in 2 colors was 24 gauge wire The bigger size ferrite toroid better accommodates the 24 gauge 
wire, plus photographs better. 


Bridge directivity of the above RLB was 30 dB at 7 MHz, 34 dB at 14 MHz, 35.6 dB at 21 MHz, 42.1 dB at 50 MHz and 43.4 dB at 100 MHz. 


If you build a circuit with a return loss close to 30 dB, it's a good day. 







~ 


TUL ance 
DETECTOR 












Above — The completed RF-tight bridge. Don't forget to label your network ports. 





Measurement Technique 


Measurement of an Amplifier Input Return Loss 


Amplifier 
INPUT Port 


50 Ohm 
Termination 


Signal 
Generator 






Return Loss 


Pad and LPF 
if needed 





50 Ohm 
Termination 


Measurement Procedure: "RE" 


1. Terminate X port in an open 
circuit and note level. e.g.,250 
mV pp at scope. 





2. Attached a 50 Ohm load at X "x" 

just to check the bridge. e.g., Unknown Z 
now see 5 mV pp. 

3. Bridge directivity is "Det" 
20Log (250/5)=34 dB. This is the To 

best you can measure. Better "Detector" 


numbers are meaningless. 


4. Remove the 50 Ohm load. 
Attached the amplifier input and ara 
note level. e.g. 18 mV pp. aint 


5. Amp Input RL is 20L0g(250/18) 
=23 dB. 





Above — Measure the return loss input of an amplifier. You'll need at least one 50 ohm BNC feed-through terminator on your bench to test 
amplifiers with wired-in BNC connectors (such as on this amp); else just solder a 47, 49.9 or 51 ohm resistor from the amplifier output to ground. 
The BNC connectors allow you to quickly and solderlessly interface components such as filters, attenuators, oscilloscopes or 50 Q signal 
generators. 


A typical amp measurement work flow may go something like this: Measure gain using a signal generator and the 50 ohm terminated scope; add 
the bridge and measure input return loss; finally, flip the amplifier around and measure output return loss. All 3 functions can be performed in 2 


— 5 minutes including time to drink coffee + perform calculations by computer or with a HP scientific calculator. 





Measurement of an Amplifier Output Return Loss 


Amplifier 
Outpit Port 


50 Ohm 
Termination 


Signal 
Generator 









Return Loss 


Pad and LPF 
if needed 





50 Ohm 
Termination 


Measurement Procedure: "RE" 


1. Terminate X port in an open 
circuit and note level. e.g.,250 
mV pp at scope. 





2. Attached a 50 Ohm load at x nxn 

just to check the bridge. e.g., Unknown Z 
now see 5 mV pp. 

3. Bridge directivity is "Det" 

20Log (250/5)=34 dB. This is the To 

best you can measure. Better "Detector" 


numbers are meaningless. 


4. Remove the 50 Ohm load. 
Attached the amplifier output eae 
and note level. e.g. 32 mV pp. lana 


5. Amp Output RL is 20Lo0g (250/32) 
=18 dB. 





Above — Measure the return loss output of an amplifier. The above 2 procedural diagrams provided by Wes, W7ZOI. Many thanks to Wes. 
These figures are copyrighted © by Wes Hayward, 2010. 


Your signal generator should have a return loss of at least 20 dB for greatest accuracy — all of my bench test generators have at least 30 dB of 
return loss. If you have a signal generator with a low impedance output and place a 10 dB attenuation pad on the output, you'll have at least 20 
dB of return loss. 


In the above figures, Wes gives an open circuit return loss of 250 mV; | set my signal generator output so the open return loss is somewhere 
between 170 and 250 mV; this allows you to accurately measure a really good 50 ohm return loss at >= 5 mV or so. Some people may have 
trouble going any lower than 5 mV due to scope accuracy. This is just something to consider. 


Bench Exploration 


For me at least, a special case of return loss measurement exists; measuring the return loss of a local oscillator. Since the oscillator under test 
must be on during measurement, it's emitting a signal at the same frequency as the bridge signal generator and interferes with measurement. If 
some 50 ohm attenuation is added to reduce the local oscillator under test output signal amplitude, this increases the return loss of the local 
oscillator under test. This is normally a good thing, however, we seek the raw output return loss or output impedance of the local oscillator under 
test. 





Measuring the Output 





49.9 Tila 500 






500 
nominal 


T1= trifilar winding on a powdered iron toroid: 


XL = 50 O @ the test frequency 
For example, 1.14 uH at 7.0 MHz (wind on a T50-2) 





Above — An initial experiment that a builder from Michigan, USA and | first used to measure the output impedance of a local oscillator consistent 
with the breadth and scope of this web site. We wanted something simple and wished to avoid building a vector network analyzer or performing 
ugly algebra. | built a simple crystal oscillator for 7.0 MHz using an output transformer wound to give a low impedance output. The circuit was 
measured and calculated using the instrument above and the formula and procedure below. 


The calculated output Z was 33.2 ohms. | build a standard value resistor 6 dB attenuator pad from this table. After fitting the pad, | re-measured 
and re-calculated the output impedance at 46.8 ohms. This seemed okay. | built a couple of oscillators for other frequencies and the output 
impedances were hundreds of ohms! — disappointing. Still, we were on the bench in a solution-focused mode and needed to try something else. 


Formula 


Out1 + Out2 


LO output Z= 


Out1 - Out2 


Make Out! the larger pk-pk voltage 


Out1 and Out2 are connected to 50 ohm 
terminated scope inputs, or 1 of them is 
connected to a 50 ohm terminated scope 
output, while the other is terminated with a 
50 ohm resistor. 








Above — The formula for calculating the output impedance with the experimental local oscillator output Z device. 





Above — Breadboard of the experimental L.O. output impedance bridge with a 50 ohm feed-through terminator on the Output 1 port. It failed to 
work as expected. Skillful adult problem solving goes something like this: 


aRWNR 


. Identify the problem. 
. Brainstorm to generate some potential solutions. 


Try out one of your ideas. 


. If that doesn't work, try another idea. 
. If none of your ideas work, wait a while, or ask an expert. 


Well, we ran out of ideas and decided to ask experts for some more ideas; Professor Kuhn and Wes, W7ZOI. 


I'll share their key messages. First, accurately measuring the output impedance of an RF oscillator can be difficult — measuring the return loss of 
a buffer amplifier is much easier. For this, some builders run the bridge signal generator on a slightly different frequency than the oscillator under 
test while using a spectrum analyzer as the 50 ohm RLB detector. 


Another way is to short circuit the tank on the oscillator and measure the buffer output in the normal way — a popcorn solution indeed! 


We tried calculating oscillator output impedance using different equations and 1 example is shown below. Failing to account for inductive and/or 
capacitive reactance plus resistance in the output circuit (including the transformer), plus upsetting the circuit during AC voltage measurement 
adds uncertainty to calculations — measurement seems more reliable. 


13.324 MHz Oscillator — Calculating Output Impedance 


a 


001 001 
COG COG 


6.32 dBm ,R=50 
J310 


R * open circuit V 
Zout = 
V load 


-Zo=61.12 
Zo- | 50*331|-s0 Eo “° 
1.49 RL = 20.1 dB 


Above — One method of calculating output impedance. Running the output at open-circuit likely effects the oscillator by changing its load despite 
having the JFET buffer. Some builders use this equation for calculating the output impedance in their audio amplifiers. This amplifier should 
have a 50 ohm output impedance based upon the transformer turns ratio and the 1K8 resistor across transformer: 1800:50 ohms = a 36:1 
impedance ratio and a 6:1 turns ratio. 





Measure Return Loss of Oscillator Buffer 








IS=6.15 mA 


- 13.324 MHz oscillator with shorted tank 


- Adding a 10 dB pad to the 12:3t version gave 
a return loss of 27.5 dB 








Above — A simple 13.3 MHz L-C oscillator was built and evaluated. After shorting the tank coil, return loss versus turns ratio was measured and 
tabled as shown. To my surprise, | observed the best match with a 4:1 turns ratio. This suggested that the transformer, wound on a ferrite FT37- 
43 toroid was exhibiting high resistance and far from the "ideal transformer". The inductance of my 12 turn transformer was 38.3 UH. 


The initial secondary winding had 6 turns and then was reduced sequentially by 1 turn. After removing each turn, the 1/2 cm of increased wire 
length was cut off and the enamel scraped off of the new wire ending to ensure a short connection to the output jack. During measurement, 
unless the secondary transformer wires were kept tidy, a ~40 MHz oscillation occurred when the 1K8 resistor was disconnected. The 1K8 resistor 
prevented such oscillations and improved the return loss by 1-4 dB at the various turns ratios. Testing frequency was 14 MHz. 


Measure Return Loss of Oscillator Buffer 





see graph 14.0 MHZ 





Above — The same circuit with a lower-loss, FT50-61 ferrite transformer. | could have used a FT37-61, but prefer the 50-61 as the bigger core 

allows the use of heavier wire which provides some robustness when performing intensive experiments. The inductance of 24 turns on a FT50- 
61 measured 36.2 uH. Although lower permeability ferrite toroids require more windings, this transformer is closer to the "ideal transformer" than 
that wound on a FT37-43 ferrite core — a 6:1 turns ratio gave the best return loss; the output Z is pretty close to 50 ohms. 


The information garnered during these tests proved enlightening and reinforces why bench measurement provides the greatest way to learn 
about and optimize your circuits. | hope this simple web page on return loss measurement fuels your own experiments — the most important 
experiments will be those you do on your bench. 





Miscellaneous Figures and Photos 
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Calculate Output Z of an Oscillator - Experiment 1 








Measure the open circuit output amplitude of the oscillator and then 
add a load so that the loaded voltage dropped to something in the 
range of 50 to 75 percent of the open circuit voltage. Then use 
voltage divider theory to calculate the source resistance of the 


oscillator. AD 847 


220 V+ 
V unloaded + Rioad ee y » 
/ (_/- 
Vioaded = aa 
= 





(R oscillator + Rioad R test 





470 


Icalc 


| 220 ‘| 0.8148 | 
| 22 | 0.3056 | 
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Miscellaneous RF Topics 2011 
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Introduction 





My basic goal for Fall and Winter 2010 was to fearlessly advance my RF 
design ability — pushing just beyond my comfort zone to impose the 
psychological stress that promotes focused learning. You may have 


experienced this in University or when working against a deadline. Cramming, Mich C 008 
“burning the midnight oil", or locked room brainstorming exemplify this 
approach. ADE 4 

—_— 


These circuits feature carefully measured input and output impedances 
(nominal impedance = 50 Q ), plus voltage gain and DC current. 


This web site spawns email with builders worldwide. Our interactions are 
varied; getting help, giving help — or just chat. On occasion, | design, build 
and/or test circuits to help struggling builders. After spending considerable 3 - 
time, | email them my work hoping it will help. Often enough, | never receive = 

any acknowledgement from these readers — did the circuit work or did they 
appreciate | spent 1-2 hours researching their concern?. This is actually 
normal — we must constantly strive to overcome our innate, self-centered 
nature; lest it dominate our behavior. Bce HOpManbHble. 


To that point, | wish to gratefully acknowledge the people who support me in this hobby: Wes, Ken, Scott, Peter, Tom and the many others 
whose email advice and published and private work informs and inspires me. 


Topics: 


. Transmit Mixer Experiments 


Bipolar Transistor Feedback Amplifier Experiments 


. JFET Common Gate Transistor Amplifier Experiments 


Navigation and Preamble: 


This web page grew into a large monster — and includes a supplemental web page with numbered topics referenced in the text. | apologize for 
the navigation difficulties this web page poses. Equal time was spent experimenting with the circuit designs and circuit photography. | strive to 
provide a variety of bitmap and photographic image styles on this web site. 


1. Transmit Mixer Experiments 


Since I've never experimented with transmit mixers, | didn't appreciate how much time goes into their design. Consider, for example, the LO 
system from the project entitled A Monoband SSB/CW Transceiver in Chapter 6 of EMRFD. The mega low (about -20 dBm) output from a diode 
ring mixing a VFO and crystal oscillator is triple tuned band-pass filtered and then amplified to +8 dBm. Continuing on, the transmitter chain 
features more mixing, band-pass filtering and voltage amplification by a feedback amplifier chain boosting the signal to around 300 mW. The 
circuits needed to mix, filter and amplify this RF chain would challenge most amateur designers — me included. 


Contrast this with a typical first transmitter built by a new builder. Likely your first scratch homebrew transmitter consisted of a crystal oscillator, a 
keyed Class A buffer/amplifier and perhaps a Class C final amplifier. No mixer was needed for we obtained a crystal cut on the frequency of 





choice. Our focus was power— getting 0.25 to 1 watt into our antenna system! A good example was the Tuna Tin 2 transmitter by the late Doug 
DeMaw, W1FB that only used 2 stages. Although Doug wrote his 1976 article for Hams to build a transmitter from parts found at home, kitted 
versions are sold today. 


Returning to transmit mixers — as amateur designers, we likely need to start on a small portion of the transmit chain and then after developing 
some competency, slowly extend our experiments all the way to the antenna port. In Fall 2010, | just examined some basic transmit mixing to 
get a feel for what's involved and what to expect. Mixing signals is a complex affair encompassing topics such as intercept point, conversion gain 
or loss, image noise suppression, noise figure, spurious/intermodulation products and port isolation. To keep things simple, only mixer port 
isolation and reducing spurious mixer products were examined. 


Before beginning, | express the following concern: We experimenters, as stewards of the airwaves, must build exemplary transmitters with very 
low spurious outputs. | follow the example of Wes, W7ZOI and others — my transmit chains have spurious frequencies at least 50-60 dB down 
from the carrier (dBc). As a web author and radio amateur, | never want to directly or indirectly contribute to RFI and hope you agree. 


Why Use a Transmit Mixer? 


If you plan to design a superheterodyne based transceiver, you'll probably need to use a transmit mixer. Also mixing 2 frequencies permits using 
cheap microprocessors crystals to target a desired transmit frequency; separate crystal oscillators drive the RF and LO ports of the mixer. For 
added flexibility, the LO can be converted to a VFO once you have the basic design working well. 


| purchased a bag of low cost crystals. By mixing 2 appropriate crystals, output on a Ham band is possible. For example, crystals at 2.048 + 
5.0688 MHz = 7.117 MHz; 4.194 + 11.228 MHz = 7.034 MHz; and 3.932 + 11.046 MHz = 7.114 MHz. | frequently operate QRP on 40 Meters in 
the USA Novice band, so 7.114, or 7.117 MHz is okay. This helps CW operators avoid all the RTTY and QRM down in the traditional 40M band 
QRP frequency window. 


Some Mixer Bullets 


Mixers have 3 conventionally named ports; RF, LO (local oscillator) and IF (output). 

The diode ring mixers presented are Level 7 mixers. Maximal LO power is 7 dBm. 

Many builders limit the maximum RF power into a Level 7 diode ring transmit mixer RF port to between 0 to -3 dBm. 

The term isolation refers to the amount of LO power that leaks into the RF or the IF ports. 

Low-pass filtering the LO can significantly reduce harmonic products in a mixer 

The top of the spectrum analyzer screen (always the top, and never the bottom) is called the reference level. That is the power at the top. If 
you have a signal generator with the output adjusted to be -27 dBm and pass this signal into the spectrum analyzer and adjust the attenuation in 


the analyzer to put that signal at the top of the screen, you then the reference level is -27 dBm. (Pertains to examining a mixer output in a SA) 


Choosing a Mixer 


A number of mixers were considered; passive, active, unbalanced, single-balanced and finally, double-balanced. The diode ring mixer is an 
obvious good choice commensurate with my goals of reducing spurs, LO feed through and achieving high port-to-port isolation. In future web 
pages, other mixers may be presented, however this page is focused on the diode ring mixer. Click for a file with a few scanned pages 
concerning mixers from my “ideas only" notebook from ~2002. | own over 30 notebooks now. 








Above — ADE-1 diode ring mixers. We're using these now as they're cheaper than the SBL-1, TUFF-1 etc. hole-though versions. Although SMT 
parts, they can be flipped over and wired "normally" with a little effort, steady hands and good vision. Mini-Circuits will sell them in small 
quantities to Hams; email them and enquire. | feel the diode ring mixer has been misunderstood by some amateur builders — lore and 
misperceptions that the 7 dBm LO port drive, the need for 50 ohm port terminations, a ~ 5 dB insertion loss and cost make them undesirable. 
Their excellent performance and design challenges are reasons why we use them; "the journey — not the destination" stuff. 


In receiver applications, some builders and kit sellers seem more focused on features such low-battery indicators, digital displays, miniaturization 
and cost containment than basic receiver performance. Certainly keeping cost down down deserves consideration, however, good mixer 
performance is king. You'll have to decide what's affordable and important and build accordingly. 


Mixing of Low Level Crystal Oscillators - DRM 


12.2 VDC 
Q1 = Q2 = 2N3904 





Above — My very first transmit mixer experiment. My hope was to build a transmit mixer possessing low spurious output to alleviate the need for 
stiff, post mixer band-pass filtering such as a triple tuned band-pass filter. Thus, low-level, low distortion output was taken from between each 


crystal oscillators’ shunt capacitor and crystal. The desired output frequency is ~7.114 MHz to build a transmitter for the 40 Meter Ham band. 


The mixer output to 50 MHz looked like this in a Spectrum Analyzer. The dominant frequencies are the sum and the difference: 11.046 + 3.932 
MHz = 14.98 MHz; 11.046 - 3.932 MHz = 7.114 MHz. The frequencies realized are slightly different since the oscillator output is shifted by 
crystal variances and from circuit capacitance. 


In the experiments that follow, | built some circuits to filter and/or amplify the output of the above mixer circuit. 


Common Base Post Mixer Amplifier 2 


6.5 uH 
T50-2 toroid 


6.5 uH 
T50-2 toroid 


10-70 pF 


diode ring mixer 


2 “ : ln 


11.05 
MHz T IS =3.33 mA 


IE=7.15 mA 





Above — The first post mixer amp; a common base input amplifier that's AC coupled to a common drain FET amp. | hoped that 2 tuned L-C tank 
circuits could substitute for a passive double or triple-tuned band-pass filter, plus provide some gain. 


A broad-band, common base input amp was chosen to properly terminate the diode ring mixer and alleviate the need for a diplexer. A ~50 Q 
input impedance is established by a 47 QO series resistor since the 2N3904s input impedance is quite low due to the moderately high emitter 
current employed to boost gain and IMD performance. 


This amplifier failed to reduce spurious output 50 dB down or greater — my design goal. Here are its scope and spectrum analyzer outputs; 
please observe that the unwanted 14.98 MHz signal is only 32 dB down from the desire IF of 7.114 MHz. An RC network consisting of a shunt 10 
ohm resistor + an 18 pF cap provides additional low-pass filtering above 20 MHz. | attribute this simple filter to Dr. Ulrich Rohde as | have seen it 
in some of his post mixer, common base RF amplifier designs. Click for a brief supplement regarding his low-pass network (#2 RC Low-pass 
Network on the Supplemental Page) 


The amp design shown above was actually an improved version of this prototype. In the prototype amp, the mixer power at 14.98 MHz was only 
23 dB down from the desired intermediate frequency of 7.114 MHz. You can't expect a single L-C tank to well filter a mixer output. Unfortunately, 
the 1K2 -12K resistor providing DC bias for the emitter follower lowers the Q of the common-base collector tank circuit. 12K is better than 1K2 in 
this regard. Poor performance sparked the design of the second common base amp shown above. 


| use ferrite beads and 51 QO resistors interchangeably on the collector/drains of amplifiers to snuff out UHF oscillations. According to my 
experiments, the resistors may work better. | purchased the ferrite beads from Diz. After the common base amplifiers shown above, | decided to 
try a tuned input + output common gate JFET amp: 


JFET Post Mixer Amp 





Qi = J310 
Tl = 32t T50-2; tap at 8t & 12t 
T2 = Tl with a3t link 

IS 8.83 mA 





Above — A JFET common gate amp with tuned input and output built about 3 years ago. For spectrum analysis. | padded the amplifier output to 
provide a -28 dBm 7.116 MHz signal. The vertical resolution on the SA is the standard 10 dB/division. As shown, the 14.98 MHz signal is ~ 39 
dB down; an improvement over the amplifiers shown previously. This narrow-band amplifier requires a diplexer. | wanted better filtering than that 
offered by amplified circuits with 2 tuned L-C circuits, so | halted this experiment and decided to try a triple tuned band-pass filter. 


This JFET circuit experimentation spawned over 8 weeks of experiments concerning common-gate RF amps — some of them appear later. 





Triple Tuned Band-pass Filter 





33 pF 
diode ring mixer 
300 pF 
MHz x oy ea CV 82pF CV 33pF CV 
11.05 -6 dB 
MHz 


L=3uH Center Frequency 7.112 MHz 


CV = 5-70 pF trimmer cap 3 dB Bandwidth 300 KHz 





Above — A triple tuned band-pass filter designed with software from EMRFD called TTC-08. Click for the breadboard photo. The diode ring was 
connected to the filter input via a 6 dB attenuator pad using short leads. Click for analysis in GPLA. All inductors are 3.0 UH — 23 or 24 turns on 


a T50-2 powdered iron toroid. | measured all the inductors and obtain the exact desired inductance by expanding or squishing the wire turns, or if 
necessary, adding (this means rewinding the entire coil) or removing a turn. If you lack an inductance meter, just winding the formula calculated 
number of turns will be close enough for most applications — I only got a good L- C meter in 2009 and somehow managed. 


| learned that the ultimate way to peak a triple tuned filter is by tweaking the tuning capacitors while it's connected to a spectrum analyzer — 
what a thrill! 








Above — While a little tedious to build and align, the triple tuned filter worked magnificently; the strongest spur is 54-55 dB down and the 14.98 
MHz signal is gone. Insertion loss = 2.5 dB. This experiment provided a benchmark of what great post mixer filtering looks like. Post mixer 
filtering is an important topic worth studying further: 


Why do we need filtering on a mixer output? 


Let's examine mixer ports more closely. A port is just a pair of wires where signals are applied or removed. There are 2 kinds of mixer outputs: 1) 
the sum plus difference frequencies; 2) spurs. 


Further, 2 kinds of spurs occur: One type is straight feed through where 1 signal from the 2 input ports makes it out to a 3rd port. Examples 
include LO feed through to the RF port, or LO feed through to the IF port. 


The other type of spur is a mixing product such as a harmonic. 


In general, the mixer output frequencies are numerically described by an equation: 
IF (output) = NxL+/-MxR 
N and M are both integers, 1, 2, 3, ....... L = local oscillator frequency, R = radio frequency 


A mixer is said to be balanced when you duplicate some of its functions and then combine them — usually with transformers. Consider, for 
example, the single diode mixer — they work, but the output contains ++ feed through and spurs. A mixer with 2 diodes or 2 FETs etc. can be 
much easier to use because the transformer combines the signals in a way that cancels some of the spurs and feed through. The double- 
balanced diode ring mixer uses four diodes and 2 transformers — producing even less feed through and harmonic output. 


In a double -balanced diode ring mixer, the LO and RF ports are balanced and all ports of the mixer are isolated from each other. The double- 
balanced mixer greatly reduces, but does not stop all LO feed through at the RF and IF ports. A wideband match at 50 ohms is required to 
maintain mixer balance; hence you will often see attenuator pads on the LO, RF and especially the IF ports. 


Let's focus on the IF port. Attenuator pads absorb any reflected mixer products and signals coming back into the IF port, thus increasing the 


match to the IF port. You may have noticed some builders use a diplexer on the IF port. The diplexer presents a wideband match to all IF port 
frequencies — passing the desired sum or difference frequency and absorbing the unwanted mixer products reflected back into the IF port by 
subsequent stages. 


Since the IF output contains the sum and difference of the LO + RF, LO feed though, and other spurious energy, band-pass filtering is required 
to launder the IF signal into something useful. Following a transmit mixer, we filter with an L-C band-pass filter — after a receive mixer, crystal 
band-pass filters dominate. If you choose an unbalanced mixer or single-balanced mixer, filtering becomes more difficult than with a double 
balanced mixer. Unbalanced mixers are usually reserved for situations where high performance is being sacrificed for cost containment and/or 
want of a low parts count. There is no free lunch — you either alleviate as many mixer products as you can at a low-level with good practices, or 
have to deal with them down your signal chain while sacrificing optimal mixer performance. 


Double balanced mixers are sensitive to non-resistive IF port terminations. When improperly terminated, the 2 transmission-line transformers 
work poorly — any reflected power generates high voltage across the diodes and degrades mixer performance. According to Dr. Ulrich Rohde, 
some proper ways to terminate the mixer include using a diplexer followed by a wideband 50 © feedback amp, or a common-gate JFET amplifier. 
(Reference 1) 


Improved Local and RF Oscillators 


In the earlier experiment, | really should have the run the LO port at 7 dBm. In order to improve my experiments, new crystal oscillators were 
designed with emphasis on correct LO output power and low harmonic energy. 


Low Noise 3.93 MHz Crystal Oscillator 


FCo = 4.31 MHz 


2.64uH 2.94uH 2.64uH 


je or | 


820 pF 1500pF 1500pF 820 pF 


Data 


Power = 6.84 dBm 
All harmonics > 57 dBc 





Above — The new LO; a 3.93 MHz crystal oscillator with stiff low-pass filtering. Admittedly, this 7 element Chebychev low-pass filter is overkill, 
however, | wanted to examine filtering and learn how much is required. On the bench — do whatever you like; even chasing crazy personal goals 
can be instructive and help you relate to information from texts and articles, or satisfy a whim. | can read something 100 times, but may not 
understand it well until | actually do it. 
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Above —The LO breadboard in close-up using a long focal length lens. Click for a wide angle photograph. The unsoldered end of the 100 Q 
resistor in the close up photograph is where | connected the VCC. 


on MHz @ - 25 dBm 





Above — Spectrum analysis of the well-filtered 3.93 MHz LO. Not surprising, no harmonic energy is seen. 
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Above — The redesigned RF port oscillator. Clearly, the 7 element Chebychev low-pass filter isn't needed, so an N = 5 version was tried. Click 
for the spectrum analysis — again no harmonic energy was seen. In both the RF and LO signal generators, | tried to get as close to 7 dBm 
output power as possible. 


To operate this oscillator at the desired RF port signal level; for example, between 0 and -10 dBm, you might just attenuate the output with a 
fixed pad or step attenuator. My conclusions echo the work of others experimenters; lowering the RF port down from 7 dBm to as low as - 10 
dBm, lowered the amplitude of the spurious mixer products seen in the spectrum analyzer. Click for a sample. Refer to the QST Technical 
Correspondence citation in the references section for more information. 





Above — The 2 re-designed oscillators wired up and connected to an SBL-1 mixer. | actually connected the attenuator pads after the low- 
pass filters as explained later. 


Two different crystal oscillators were then built: 
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Above — Two different crystal oscillators targeting ~ 7.034 MHz were built. Click for the breadboard photo. You can see the crystal frequencies 
in this photograph. The RF port oscillator power was set to -3.39 dBm by choosing a low value JFET source resistor and attaching a 10 dB 


attenuator pad. Relatively low harmonic distortion prompted the exclusion of a low-pass filter on the RF oscillator. The LO output power was ~ 7 


dBm. 


Double Tuned Band-pass Filter 
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Above — The final experiment; placing a double tuned band-pass filter after the TUFF-1 diode ring mixer with the 2 latest crystal oscillators 
attached . This filter was in my junk box and | peaked it for the 7.034 MHz IF with a spectrum analyzer. The strongest spur was 42 dB down from 
the carrier — falling well short of the triple tuned band-pass filter presented before. 


Clearly from all these experiments, a strong case for placing a triple tuned band-pass filter after a transmit mixer exists. If you use an unbalanced 
or single-balance mixer, a double balanced mixer might sufficiently not block feed through and spurious RF to keep your signal chain tidy. | enjoy 
studying the transmit chains of others to see how they filtered spurious and feed through RF. At the end of the day, as long as the output carrier 
spurs are low enough to meet your country's regulatory requirements, you're okay. Designing for low spurious emissions is an exciting challenge 
—one you'll miss if you don't try your hand with RF design. 


A realization emerged following these experiments — | couldn't measure the return loss of the local oscillators! It technically could be done, but 
not by me. After 2 weeks of struggling, | engaged an American colleague with whom | occasionally build experimental circuits. After making some 
progress, we became stalled again. This time | asked Professor Ken Kuhn and Wes, W7ZOI for some ideas. Eventually a method to measure 
the RL of local oscillators came together along with enough material for another web page — RFE Workbench 3. 


When you do experiments, knowledge evolves as you go — for me, | learn mostly from making mistakes. | often think | should repeat most of my 
experiments over before presenting them, but this would consume too much time. However, footnotes can serve to steer readers for minor 
issues. If | had to re-build the crystal oscillators from Part 1, I'd build each crystal oscillator with a separate JFET buffer — then the return loss of 
the oscillator buffers could be measured as shown on RF Workbench 3 (with a shorted oscillator tank). Also, the pi attenuator pads on the crystal 
oscillators should follow the low-pass filters to garner the best output return loss. The good news is past experiments inform future experiments. 





2. Bipolar Transistor Feedback Amplifier Experiments 


| love making signals bigger — especially while preserving fidelity. It would be nice to become a reasonably competent amplifier designer — 
hopefully by studying sound schematics, applying software, building circuits and measuring evermore parameters this might occur. The 
mathematical equations of RF amplifier design seem quite daunting; they're the fodder of electrical engineers with their Hewlett Packard 
scientific calculators, SPICE software and GHz F-t transistors. With most things technical, as you try to advance, more questions than answers 
cross your mind; however, somehow this is normal and may actually signal progress. 


Abundant amplifier references exist; for example, EMRDF Chapter 2: Feedback Amplifiers. This is essential reading and | won't repeat this 
information. Rather, I'll just share some ideas developed or reinforced on my bench. In the past, I've preferred amplifiers with narrow-band (tuned 
circuits) in an attempt to reduce distortion and maximize gain. Now after critically examining these tuned amps with scope and spectrum 
analyzer, | better appreciate the significant intrinsic feedback of RF transistors (the tendency to oscillate) and broadband designs are sought. 
Often you'll spend more time taming a tuned amplifier than building one. 


This section focuses on return loss, bias techniques and achieving linear amplification — for example; finding ways to apply negative feedback, 


match the input, or how to set the collector voltage. All my experiments and thoughts about RF amplifiers are from an amateur designers’ 
perspective and | welcome your feedback. The first amplifier shown is a classic W7ZOI topology that | call the "Beaverton Special". 


Feedback Amplifier 


Input RL = 27.6 dB 
Output RL = 24.8 dB 
Gain = 21.2 dB 








Above — A classic feedback amplifier popularized by Wes, W7ZOI in books like Solid State Design for the Radio Amateur and EMRED. My 
respect for this humble design increased after building and testing 4 different versions to get a feel for amps with both shunt and series 
feedback. Of the 4 built, this particular version became my favorite — providing excellent input and output matching without crazy high emitter 
current. Employing a low noise / high F-t 2N3866 transistor is icing on the cake — an attempt to maximize impedance matching and performance 
using this standard, fits most transistors bias/feedback circuit. The humble 2N3904 also worked well in this slot. You don't need the ferrite 
collector bead with a 2N3904. 








Other good experiments include trying different transistors and/or increasing the emitter current while being careful not to exceed the BJT's 
current rating (plus add heat sinking as required). You might also try the stage at different frequencies or perhaps sweep it to see at what 
frequency the gain starts to fall off. 


Of the 4 BJT feedback amps shown in part 2, only this amp has a true broad-band input and output. What bothers me about broad-band linear 
amplifiers is that when you chain up 2 or more of them, signal fidelity generally degrades as it passes through each successive amp stage. 
Solutions include mopping things up with some low-pass filtering after the last stage, leaving it alone, or tuning the amplifiers (i.e. not using 
broadband stages). 


The biggest caveat for feedback amps are variations in input and output impedance caused by source and load mismatches. For example, a 75 
Q resistor was connected to the output of the FBA above. The input return loss degraded to 16.8 dB. Further, the same 75 Q load was removed 
and then connected to the input during output return loss measurement— this degraded the output RL to 23.4 dB. Clearly load mismatches 
upset return loss more than source mismatching. A 50 Q attenuation pad should likely follow a feedback amp in situations where high input 
return loss are desired; for example, after a diode ring mixer. 


Noticing a variation of the classis feedback topology in EMRFD Figure 6.140, | asked Wes, W7ZOI about it. It turns out there's another way to 
“skin the shunt feedback cat". The above RF amp uses a series connection of 2 feedback resistors (1K5 and 1K5 with a bypass cap across one 
1K5). The result is a resistance at DC of 3K, but a resistance at RF of just 1K5. You could also use a 3K resistor directly from collector to base 
that is paralleled by a series connection of a 1K5 resistor plus a 0.1 uF capacitor. That network has the same impedance as my amp shown 
above. That is; the resistance would be 3K at DC, but 1K5 at RF. 


This explanation fueled the next experiment — transistor amplifiers have 2 operating conditions; 1 at DC, the other at AC. Like a carpenter 
framing a house, you begin design by setting the DC bias — no small design task since bias concerns more than just establishing the base 
voltage and emitter current. For example, biasing may effect voltage gain, maximum signal handling capability, noise figure, impedance 
matching, class of operation, the operating point (sometimes called quiescent point or q-point), feedback and temperature stability. Biasing 
provides much to think about, however, a practical way to explore any topic is to chunk it into small, understandable pieces that become a 
stepping stone to advancement. Let's focus on biasing for temperature stability. The next amp uses the wrap-around PNP bias — an awesome 
technique. 











7 MHz Feedback Amp with PNP Wrap—around Biasing 
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Above — A 7 MHz FBA using PNP wrap-around biasing. | learned about wrap-around biasing from Wes, W7ZOI and share a simple way for 
new builders to also learn this technique as the #1 Design Center on the supplemental web page. Click for a prototype breadboard photograph. 
This amplifier employs heavy shunt feedback from collector to base. Degenerative (series) feedback from the 2 parallel 10 ohm resistors also 
enhances temperature stability. 

Expanded bias circuit temperature stability discussion follows amplifier number 4. 


The wrap-around or feedback bias scheme is good because it's self stabilizing. The diode in the PNP bias network further ensures that the PNP 
bias remains constant with temperature changes. It really should be to glued to the NPN transistor (or its heat sink) to allow tracking of the NPN’s 


temperature variations. This bias circuit doesn't load the NPN base input impedance. Another great virtue is that the emitter of the amplifying 
transistor can be directly connected to ground allowing better performance at VHF and UHF. 


Noise from the PNP will be amplified by the NPN, so the low-pass network formed by the 0.1 uF capacitor and 4K7 resistor is essential. In some 
related circuits, you may see an RF choke used instead of a resistor. 


The actual 2N5109 input impedance is probably around 40 ohms — easy matching with an L-match network. 


Amplifiers with an L-match tuned input shouldn't follow a diode ring mixer unless preceded with a diplexer since the narrow-band L-match tunes 
only 1 frequency. L-match networks can make an impedance bigger or smaller depending how they're oriented and also provide some low or 
high-pass filtering depending on the configuration. | design my L-networks on the bench using experience plus trial and error — a better way is to 
use software. | recommend the program called Zmat08.exe that is included on the CD that accompanies EMRFD. The software will get you close, 
however, bench tweaking is required since you're often matching a complex impedance, comprised in part, of stray reactance. 


Setting up an L-Network for an Input Match 
A suggested bench method for optimizing input Return Loss (RL) using an L-Match network. 


Your task is find the "perfect" L and C values to get a RL of 20 dB or higher. Start by soldering in an inductor calculated from Zmat08.exe or 
according to your wisdom. Set up the amplifier for input return loss measurement. The first chore is to find the nominal target capacitance that 
provides the best match at the design frequency. | use a big range, air variable capacitor for this — with the input circuit connected to a return 
loss bridge, connect up and tune the big variable capacitor to give the greatest RL. Remove the variable capacitor, measure it, and then solder in 
an equivalent trimmer capacitor, and as required, fixed capacitor(s) so you can tune at least 25 pF above and below the target capacitance. 
Often, the target C will be close to whatever the software recommends. In amplifier 2, my C values are the 180 pF + a 10-70 pF trimmer. 


Next, determine the optimal inductor. On my bench, | keep a variety of pre-wound #6; and #2 material powdered-iron toroid inductors and 
choose one close to the calculated or a self-chosen L value. | start with an inductor wound with 4-5 more turns than needed. After soldering it in, 
the RL is checked. Remove 1 or 2 turns, tweak the trimmer capacitor and again check the RL. If after removing 1 or 2 turns, the RL is going up, 
you've determined there was enough inductance to get the best RL. (If the RL goes down, you probably didn't start with enough L to get the best 
possible RL). 


You can also also squeeze together or spread apart the toroid windings to vary inductance — the maximal inductance variation varies due to 
factors including wire gauge and total turns. Compressing the windings with thumb and forefinger increases the inductance and widening the 
gaps between windings reduces inductance on a toroid. 


Assuming the RL increased after removing 1 or 2 turns, remove another turn, tweak the trimmer capacitor and check the return loss, and so on. 
Repeat until your return loss starts to decrease. Then add back a turn or 2 to find the absolute best match. This procedure allows you to find the 
optimum inductance in-situ. Once, you've figured out the best inductance, cut the inductor leads short, solder it in, tweak the trimmer capacitor, 
and then consider further tweaking the coil by expanding or squishing the windings on the toroid while looking at the RL in a bridge detector. 


In summary, to get the best possible RL — design a prospective L-match with software, and then bench test to determine the optimal in-situ L 
and C by using values above and below the calculated L and C values while observing the results in a return loss bridge. This method seems 
tedious, but emphasizes that repeated bench practice and patience pays off. You can always just use the calculated L-network values and/or 
develop your own method to set them up. 


Consider mitigating the stray inductance caused by the long lead that occurs after removing wire turns by cutting the lead and scraping off the 
enamel insulation every couple of turns or so. This is a gamble — If you cut the lead and need to add back a turn, you'll have to rewind the coil 
from scratch, or add in and solder another turn (messy). I'm often able to get a L-network RL of 22-26 dB using my method and feel it's worth the 
the time and effort. 


When bench tweaking the L and C values, your actually looking at the peak-to-peak AC voltage with the amp input connected to the unknown 
port of the RL bridge. Tune for the lowest, stable peak-to-peak voltage. Test it against the open circuit peak-to-peak voltage to calculate the RL. 
Since the open circuit doesn't change, you know the return loss is improving when the peak-to-peak voltage of the amplifier under test is going 
down. | store the open circuit voltage in my scientific calculator and calculate the RL from time to time as I'm tweaking the L and C values. After 
awhile, the whole procedure becomes automatic and quick. Once you 're done and everything's tidy, measure the open circuit and connected 
amp peak-to-peak voltages and calculate RL a final time. This is your reportable return loss. 


You can scale matching networks from other builder's schematics by calculating the XL and XL and then applying these reactances to your 
desired frequency. Bench tweaking is still required. | also hope the person whom I'm copying didn't make a bench or drafting error. Be discerning 
about whatever your find on the Internet "Misinformation Highway" — this site included. Although I'm no philosopher, | know at least 3 things 
about people. They: 1. are often biased; 2. can lie; and 3. can make errors. 





Above —Some toroids and the air variable capacitor | sometimes use to coarsely bench tune L-C circuits to determine the "ballpark" tuning 
capacitance. This capacitor features built-in reduction drive and varies from 15pF to 428 pF. When using an external capacitor connected to your 
circuit with short copper wires, expect some signal distortion and watch out for hand and body caused capacitance variations. The connecting 
wires also have reactance which won't be there when you swap in a small trimmer cap plus any fixed value capacitors. 


Next up is acommon emitter amp using "noiseless" feedback - this means the AC feedback is achieved with transformers instead of "noisy" 
resistors. 
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Above — Schematic of a 7 MHz collector-emitter "Griffiths" feedback amp. | ran substantial emitter current through this NPN. RC = 116.5 ohms 
—| paralleled 2 resistors for RC because | lack resistors between 100 and 150 ohms. The basic design is by Bruce Griffiths, who has a great 
web site. | thought | put up big schematics! 





The input L-network was designed on the bench and provides a good input match peaked at 7.040 MHz — this pumped up the gain 3-4 dB. In 
my amp, a T50-2 powdered iron toroid inductor forms the L-match coil. Matching for the best possible input return loss is touchy and best done 
on the bench. For example, if the 6 UH inductor is decreased to 5.8 uH, the match could fall by 2-4 dB. With patience and careful tweaking return 
losses approaching 29 dB are possible, but likely too time consuming for most builders. The procedure as described earlier is pragmatic: connect 
a RL bridge to the input and adjust the L and C values until the lowest return loss is discovered. Even squishing or expanding the toroidal 
inductor windings can squeeze out a final dB or so of input matching. 


Output matching proved interesting. Although | tried, the best output RL | could muster was 14.5 dB. Lowering the 10 Q degeneration resistor or 
increasing the current could increase the output return loss. An output attenuator pad might be considered — a 3 - 6 dB pad would increase the 
output RL to over 20 dB. 


All 3 output transformer windings were wound on a FT37-43 with care to keep the phasing correct. Amplifier gain is not dependent on collector 
current. For example, substituting an Ra of 180 ohms (clipping out the 330 Q resistor) yielded a gain of 19.5 dB, an emitter current of ~ 20 mA 
and an output return loss of 12.6 dB, while the input match changed very little. 


The oscillation snuffer 22 Q collector resistor was 15 ohms in another version, however, parasitic oscillations were discovered at ~175 MHz and 
snuffed out by raising this resistor from 15 to 22 ohms. | sometimes go as high as 51 Q; especially in JFET circuits. 
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Above — The breadboard of the noiseless collector-emitter 7 MHz feedback amp. Click for a photo of another version. The hot "modern" 
replacement for the 2N5109 is this SMT part. | also like the BEG135 T/R BJT. 


The final FBA experiments below use a standard voltage divider bias, tweaked for temperature compensation. The AC feedback is base to 
emitter — a rarely used topology in North America; although I'm not sure why. 








Base-Emitter FBA -- DC Bias Using a 2N2222a 
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Above — The DC bias resistor values for a 2N2222a with a DC Beta or hFE of 150 and a emitter current of 20.1 mA. Almost every text author 
writes about voltage divider bias temperature stability, but some builders get bogged down in the details. Since the bipolar junction transistor is a 
voltage controlled device (see section 4: QRP-POSDATA for an explanation), you must set up some DC voltages — | created a design center 
presenting an easy approach to design reasonably temperature stable BJT amps. See #5 Design Center on the supplemental web page. After 
getting the bias, the AC parts were added, and the completed schematic is shown below. 
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Above — A base-emitter feedback amp built Dec 21, 2010. | read about base-emitter feedback in Dr. Rohde's book (Reference 1). He had some 
discussion, a small signal model and lots of difficult math, but no circuit examples. After searching on the web | found 1 example in the HBR- 
2000 transceiver; a project designed and built my respected Canadian colleague Marcus, VE7CA. Click for his web site. | decided to build my 
own design using a L-match to tune the input to 50 Q. 


The above amp was built around around a 2N2222a. The 39 ohm resistor is not really required with the 2N2222a. For high F-t transistors like the 
2N3866, 2N5109 or microwave transistors, ferrite bead(s) or the resistor are not an option. Low F-t transistors like the 2N2222a or 2N3904 don't 
need the UHF oscillation snuffer resistor since they lack real gain at these frequencies. With the design center, you should be able to bias your 
own amp according to the emitter current you want — choose a BJT, measure or choose its hFE and then choose IE. 


Missing from this web page is how to choose an operating point + discussion about DC load lines and related topics. | may tackle these topics on 
a future web page. I'm not sure anyone cares about this anymore. 


The most difficult part was the output transformer. Lacking a base to collector connection, the collector impedance runs quite high and finding a 
good match into 50 © proved impossible — even with a shunt resistor across the primary coil. | saw a strategy in Marcus' amp; AC couple the 
collector to ground via a 510 OQ resistor. | did this. From then on, it was just trial and error to identify the optimum turns ratio for the collector 
transformer. An interesting experiment might be to figure out the turns ratio using a lower loss output transformer such as a FT-37-61. 


The turns ratio of the various collector and drain transformers on most of these amplifier designs were determined by placing the amp in an 
output RL measurement setup and adding or removing secondary turns to get the highest possible RL. See the procedures for RL measurement 
on the RF Workbench pages. 








Above — The breadboard of the first version of the base-emitter FBA. 


3. JFET Common Gate (CG)Transistor Amplifier Experiments 


These experiments focus on setting up a desired input return loss and getting a reasonable output return loss in the CG amplifier. My expectation 
of an easy set of experiments proved wrong — assumptions never substitute for actually building and measuring. 


| like motorcycles. The difference between riding a motorbike versus driving a car parallels learning on the bench versus learning by just 
simulating or calculating component "ideal" values on paper or computer. In the car you're isolated from wind, smells, temperature changes and 
subtle road traction and camber differences that you fully sense on the motorcycle. Bench experiments prove equally visceral and experiential — 
the sensory input from learning as you build and test circuits imprints deeply in your mind. 
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Above — A 7 MHz JFET "linear" amplifier built only for testing ideas — do not build. It went through several incarnations and prompted many 
experiments. The input return loss was deliberately set to 20.8 dB, although | set a RL from 10.0 - 28.6 dB during my experiments. Bypassing the 
JFET source resistor increases gain, but of course changes input RL. 











The output transformer represents a terrible design, but shows the length | went to to try an obtain a decent output return loss. Working with this 


circuit, led me to abandon tuning the output transformer in situations where a high return loss was desired since the low value resistors required 
kill the tank Q significantly. 





Above — Breadboard of 1 version of the prototype low-level JFET "linear" amplifiers for 7 MHz. Click Click . Cx is tuned with a variable cap and 
a nearest standard value substituted; in my case 46 pF was the measured value of the variable cap at point Cx. 
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Above — The procedure used to set a desired CG amplifier input Return Loss. Numerous factors influence the input impedance and | discuss 
them in #4 Some Factors Affecting Common-Gate Amplifier Input Impedance on the supplemental web page. | keep some tapped inductors 
on my workbench such as this FT50-43 or these FT50-61 core inductors. To find the best return loss using such a coil, you can change tap 
points, remove windings and even wind more turns and solder the 1 end of your new windings to 1 end of the existing wire. Some builders omit 
inductor taps and manipulate the input return loss other ways as described in the supplemental article. 


Normally we set the input match after establishing the output match since the output impedance dramatically affects the input impedance. 


Further, you might notice that the tap point may vary between different JFETs. Most of my "real world" coils have at least 2 tap points and | 
choose the tap that gives the best return loss. More often than not, | bias for 14 - 18 mA and leave off the source bypass capacitor; it's your call. 


The input return loss that gives the lowest noise figure is often chosen by engineers. 














FIT37-43 


| Rx |1S (mA) |Gain (dB) Input RL (dB) | Output RL (dB) 
100] 19.25 | 86 | 266 | 147 


so] 1465] 79 | 203 | 143 | 





Above — An experimental 7 MHz common gate amp designed to terminate a diode ring mixer. The best thing about using 2 JFETs is that you 
don't have to determine the tap point in the decoupling inductor (12 turns on a FT37-43 in this amplifier). | put up to 4 in parallel during my 
various experiments. It's faster to match just 2 JFETs, so 2 were favored. 


The output RL wasn't great at ~ 14 dB, however is probably normal or better than most published amateur projects. | set the output match by 
adding a shunt 1K8 resistor across the primary winding and then finding the turns ratio to give the best output return loss. Without the resistor, 
the best output RL will be ~5 dB or worse. The resistor reduces power. 


| learned that putting JFETs in parallel in a common gate amplifier reduced the output return loss in circuits using an output transformer like in 
the schematic above; this is unfortunate. 





| wanted an output RL of 20 dB or greater — this is no small request; over a week was spent investigating transformer behavior and finding ways 
to improve output return loss when you really want to. 








Above — The breadboard of the above 7 MHz CG amplifier. 








Output Impedance Experiments 


For some reason, | assumed that when using an arithmetically correct turns ratio, the output transformer will end up at 50 Os. For example, if | 
wish to transform 450 ohms to 50 ohms, I'd use a 9:1 impedance ratio (3:1 turns ratio) and get 50 ohms. Sadly, it isn't this simple — impedance 
transformation is complicated and whole books have been written about it. I'll share some of my experiments that might inform yours. 


The first task was to built a simple jig to evaluate primary and secondary coupling, turns ratios and return loss. 
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Frequency 14 MHz 14 MHz 
Open circuit | 2.3dB 2.4 dB 0.5 dB 0.9 dB 
Shunt 1K8 16.7dB | 17.5dB [Shunt 1K8 6.4 dB 11.8 dB 





Transformer Return Loss Tool 








Above — The simple tool built to evaluate the return loss of a transformer out-of-circuit. In this case, | examined the 24t : 5t transformer of the 7 
MHz CG amplifier shown earlier. The table shows the best possible return loss when the 1K8 resistor is across the primary coil. Additional 
experiments were completed and follow below. 


FT37-61 


Return Loss = 16.7 dB @ 14 MHz 


1200: 50 ohms = 24Z ratio = 4.9 turns ratio 
24turns / 4.9=5 turns 





Above — An experiment to see if changing the shunt resistor can improve return loss; yes it can. The shunt resistor was a 4K7 potentiometer — 
Using the potentiometer, | was able to determine the optimal resistance needed to increase the return loss @ 14 MHz of the FT37-61 ferrite- 
base 24t : 5t transformer. The pot was removed, measured and replaced with the nearest standard value; a 1K2 resistor. The best possible RL 
was 16.7 dB using a 1K2 shunt resistor. At 7 MHz, the FT37-61 didn't work well. Five turns on a FT37-61 based transformer doesn't have 
enough inductive reactance to get a good return loss. 
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Above — The transformer testing jig. | omitted the switch shown in the schematic above and just soldered the shunt resistor across the primary 
winding. 
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Above — Some of the outcomes using the transformer jig pictured above. While | basically understood that transformer efficiency tends to fall as 


the turns ratio increases, | never thought this would also happen with return loss. By no means do these crude experiments constitute science, 
but the following themes emerged: 


. The better coupling of transmission line transformers (bifilar, trifilar etc.) translates into improved RL over conventionally wound transformers 

. Limiting the turns ratio to 3:1 or less generally improved the return loss. As the turns ratio moves above 3:1, the best possible return loss tends to 
decrease. 

. The smaller or secondary winding should have 4-10 times the inductive reactance of the impedance it's connected to. For a 50 ohms impedance 
this means a minimal XL of 200 - 500 ohms. | noticed a weak trend towards better return loss with higher XLs. This means that to use a FT37-61 
at 7 MHz, the secondary winding should be 9 -14 turns or so. 
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Above — Further transformer experiments. For a 4:1 impedance transformation at 7 and 14 MHz, a FT37-43 ferrite toroid gave a better out-of- 
circuit RL than the FT37-61 The comparison transformer with a FT37-43 ferrite core was shown earlier. It's possible to transform a big 
impedance such as 16:1 by cascading 2 bifilar transformers, or by using a quadrifilar transformer. | didn't build the quadrifilar transmission line 
transformer, but show it for completeness sake. 


Of course, once you connect the transformers to a real circuit, things will change — still it's great to be able to examine transformer return loss in 
acontrolled environment. 
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Above — acommon gate amplifier experiment using 2 cascaded 4:1 Z transmission line transformers. Data with and without the 820 O resistor 
shows that while the resistor gives a great output RL; it eats a lot of power. In cases where I've seen cascaded transmission line transformers 
used, the resistor was omitted. The Ugly Weekender transmitter by Wes, W7ZOI provides a good example. 


In many cases, it's prudent to sacrifice gain for return loss, however, when you see a builder (like the former me), put a 32:3 turns ratio ona 5 
MHz amplifier output transformer and label the secondary windings "50 Q", we'll know better. 
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Above — An evolution of the amplifier above to get the best possible output RL. | omitted the 820 ohm resistor and matched the output with an 
L-network. The return loss on the output of the second transmission line transformer (measured before the L-match was added) was 3.4 dB. 


The L-match values were roughly determined by using this chart (you can also do the math). According to the chart an (output) RL of 3.4 dB, is 
either 10 ohms or ~250 ohms or so. Ten ohms is unlikely, so | designed my L-match to match 250 to 50 ohms. This provided some starting 


values for the L and C parts and the rest was done on the bench using trial and error with an RL bridge. At the time, this was the highest output 
RL I'd ever achieved. 


RF engineers use math to calculate impedance (they always do). | sent the schematic to Wes, W7ZOlI for his analysis and summarize his return 
email comments as follows: At 7 MHz, the XL of the 2.22uH inductor is 97.6 QO, therefore the impedance looking into that with 50 Ohms as the 
load is 50+j97.6. A complex inversion of this value gives a complex admittance that has a real part: 0.0041. Flipping that gives 240 Q. The 
equivalent reactance is inductive with a value that would be tuned by a 184 pF capacitor; a bit more than you have there — so there is some 
reactance presented by the center tap of the second transformer. Neglecting these details, the L net generates about 240 Ohms. The two 
transformers then kick the Z up by 16 to 3856 Ohms. 


| was pleased that my simple chart gave a value close to his calculation. Test it out — the chart may work okay for you. 


The input match is over 20 dB and reasonable. More time could have been spent on the input autotransformer by tapping and such to increase 
the input RL, however, time is the 1 resource we all seem to lack. 








The final amplifier experiments employ an L-match to set output return loss. When reading electrical engineering books you'll often see all sorts 
of matching networks on both the input and output of FETs and BJT amplifiers. The networks look simple, but in practice, aren't. They tune 
sharply, have a low bandwidth and in the case of the CG amp, harbor a big problem — tuning the output for the best output return loss, 
dramatically affects the input return loss and potentially, your return loss measurement by the reactance affecting the RF signal in your bridge. 


When tuning the output, you're actually changing 2 complex impedances — this is not trivial. 


Also if you're off by a few pF or tens of uH in your network C and L values respectively, you can wreak havoc with the measurements. At this 
point, | don't possess all the skills needed to tune both the output and the input network to a RL of 20 dB or greater; especially with a broadband 
input. 
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Above — A common gate amp employing a high-pass L-network to match the output. Miraculously after 2 hours of tweaking, | obtained a good 
input and output match; however this amp isn't reproducible. The inductor was wound on a T68-2 using 28 gauge wire — always a pain. Through 
trial and error, | learned that the output impedance of the drain was around 11800 ohms. Starting with 18.4 uH on theT68-2, | removed 2-3 turns 
at a time until a reasonably low return loss was obtained; then | removed 1 turn at a time. | went too far and had to add back a turn. | clipped the 
excess lead every second turn which made it tedious, but exacting. It seems that the L value is very critical — it would be nice to use a variable 
inductor to figure these things out. Compressing and expanding the windings also provided a simple way to vary inductance. 


In several other circuits, the best possible input return loss was only 14 dB. Mistuning also caused oscillations to occur in one 14 MHz amp with 
an output network inductor of 7.4 uH. | also tried a 14 MHz amp with an L-match on both the input and output, however, was unable to match 
both the input and output due to the interplay between them. 








Above — Here are 3 possible L-network configurations for tuning a CG amplifier output. They can be used in other circuits and are worth 
studying. The L-match with 2 variable capacitors generally requires lower inductance than the others. 








Above — A breadboard of 1 of the high-pass tuned CG amps. The gate lead on this transistor is too long — the inductance will likely cause UHF 


oscillations. 2 ferrite beads were placed on the drain to mitigate these, but a better construction technique is recommended and shown below. 
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Above — the preferred way to ground the gate with the JFET on its side. The hole-through version of the U310 JFET has a metal case that is 
connected to the gate that makes it ideal for grounded gate amplifiers. Some suppliers only sell SMT versions of the U310 now. 


4. QRP — Posdata for January 2013: Transistor Bias Model 


This discussion concerns setting up the DC bias point for linear BJT operation. 


Earlier | stated that a bipolar transistor is a voltage controlled device. A few readers thought | made a typo: something | frequently do, but not in 
this case, since | purposely made that statement. In reality, the argument could go either way since collector—emitter current is controlled by the 
base-emitter current (~a current controlled device) and by the base—emitter voltage (~a voltage controlled device). 


Stated using the correct physical model, a transistor is a current controlled current source. With external circuitry we can manipulate this 
physical model into a voltage controlled current source, or a voltage controlled voltage source, or even a current controlled voltage source. 
Whether you model the transistor with current or voltage, the math tells the truth when properly examined. 


Please view the following two 2N3904 SPICE models generated by Wes, W7ZOI for me many years ago when | began to learn small signal 
analysis using impedance and hybrid parameters, plus set out to learn ways to establish DC bias and temperature stability in BJTs. 
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Above — the Y axis shows how changing base-emitter voltage or current changes the VBE. We tend to assume a VBE of 0.7, however, the 
math shows the truth. Whether we plot voltage or current for the Y axis data, the graph slope remains similar. The greater the applied DC voltage 
placed on the base-emitter port, the more current will flow. 
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Above — Logarithimic base current plotted against VBE. If we want this current to increase, we need to put more DC voltage on the BE junction. 
On the bench, we may easily measure base voltage to confirm our calculations — measuring base current proves more difficult. Whether I'm 
setting up amplifer bias with voltage dividers, a current source, or even biasing it with a downstream AGC voltage, | prefer to think in terms of 
voltage control — although | get that V and | truly just coexist. 


Current or voltage modelling — it's your choice and the math will guide you. Look for these equations on the Web, or in second hand bookstores. 
I've got 8 or 9 transistor theory books now and they're really timeless. 


5. Miscellaneous Figures and Photographs 
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Introduction 


Hobbies are supposed to be for recreation. Electronics should be fun, not stressful — heavy math, big parts counts and complexity are more 
likely to scare away experimenters than recruit them. This page avoids the measurement focus of my latest stuff and simply promotes fun and 


discovery. 
You might be interested to know that my simple experiments/projects garner the most emails. Many wrote “I'm rediscovering electronics", or, “I 
want a simple and fun hobby". Hobby and fun are my goals too. 


Simple Regenerative Receiver Experiments 





Above — 2 air variable capacitors and a copper clad board screwed onto a piece of wood for my bench musing. Regenerative receivers delight 
and amaze — some builders take them very seriously. | respect this, but to me; they should be as simple as possible. | wanted a 2 stage "genny” 
receiver for this page and present 2 different receivers; 1 is my design, the others is a JFET variant of a favorite W7ZOI circuit. Quoting Wes, 
W7ZOI "feedback your imagination". 


Some builders place a simple common gate or a common base RF preamp on the input to boost gain and reduce antenna radiation of the RF 
oscillator, while others place an RF gain control on the input — usually a potentiometer; to prevent overloading the RF stage. | won't prescribe 
what to do — that's up to you. There are countless example of regenerative receivers on the web and you can many spend hours viewing them. 
Some of the most intriguing are those built by Russian speaking experimenters. Example link. 


My circuit ideas are meant as fodder for your own experiments. 
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Station : 52EX, Chinese military 
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Above — An experimental, ultra-simple "CW" receiver. At 5339 KHz | hear strong Morse code each night. It's suggested to be from China, but 
I'm unsure. Connected to my 1/4 wave 40M band vertical - a simple matching network and trimmer tuning capacitor were fitted to the input. 
Here's some audio. | like the beat note of this receiver - it has no regeneration control and is fixed for CW. Minimalist circuits are fun — some 
hardcore regen builders might freak out; no voltage regulator (here's a version with that + a T68-6 inductor), no regeneration control (here's a 
version with that), a relatively low Q coil etc. | wanted to try my hand at design and not just copy someone else's receiver. 





| call it the Stupid— Simple receiver and although it emits crisp, warm audio, some bench work is required to get the correct bias and appropriate 
amount of positive RF feedback — an experimenter's circuit that explores DC bias and AC feedback. The sort of thing a father can build with his 
son. We need more circuits fitting this profile. 
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Above — The Stupid—Simple experimental receiver set up for ~6 - 7 MHz. 2011 marks the 50th anniversary of Radio Habana Cuba. We tune 
RHC at 6010 KHz, and as long as I've been listening to SW radio, I've tuned this station. Here are 3 sound bytes from around 6 MHz recorded 
from 2:30-2:40 GMT on Feb 28, 2011, including an old repeated episode of DX'ers Unlimited by Arnie Coro which had faded out by the time | 
located and turned on my audio recorder. Audiol Audio2 Audio 3. The audio stage in these recording was a discrete transistor AF amp | 
designed, however, an LM386 was chosen for the final amp to keep the parts count and difficulty down. | got a little too close to the receiver a 
couple of times during the recording and made the open circuit breadboard squeal. 


Arnie Coro talked about a "regenerodyne" receiver in Sound Byte Audio3. Very cool. Here's a link. Now this is radio! 





Above — The Stupid-Simple regenerative receiver breadboard for 6 MHz. You can see the T68-6 — the red secondary windings are wound in 
the same direction as the 22 turns of primary. | started with 9 turns and unwound a link and tested sequentially until | had the right amount of 
feedback for AM. | just used normal hook up wire for the secondary winding. The white colored cable goes to the audio amp. This is a prototype 
experimental layout — a regenerative receiver should have short connections around the tank circuit and be in metal box for best results. 


On some stations, my little 1 RF + 1 AF stage receiver sounded better than my superheterodyne receivers. The 2N3904 is just barely turned on 
—| determined that a base bias of 0.66-0.69v provided maximal sensitivity. The 150 ohm emitter resistor can be a 500 ohm pot and used to fine 
tune the regeneration. 150 ohms gave the best compromise gain and feedback + current for the 2N3904. 


Audio Amplifier 
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Above — | chose an LM386-N for my AF power amplifier. The LM386 exhibits less peak signal distortion when run in the low-power (X20) gain 
mode and a higher VCC such as 12 volts. My receiver used the schematic denoted B — a 10K and 0.033 to 0.047 uF RC network is used to 
reduce the amplifier high frequency response. Click for a sound byte of me tuning around 6 MHz with a 10K + 0.047 uF RC network between 
pins 1 and 5. Figure B is my favorite way to use the LM386 and comes right off the National Semiconductor LM386 data sheet. Look for this data 
sheet with your favorite search engine. 


Because | have a big antenna, Figure B provides adequate volume to a speaker. Connecting pins 1 and 8 via a 10 uF capacitor bypasses some 
emitter resistance and gives X200 gain. A resistor in series with the capacitor pin 1 and 8 will reduce the gain. Figure A shows a gain = 50 
configuration. You'll have to choose the LM386 set gain to suit your particular regenerative receiver, however, the greater the gain setting, the 
greater the chance of distortion, unwanted noise and audio feedback. 


| generally build my audio power amps around op amps or discrete transistors, but the LM386 exalts this web page's theme. Distortion in all these 
small power amplifiers is dependent on input signal amplitude as much as anything else. 


LM386 Motorboaters 


Expect AF feedback motorboating via your DC power lines as you increase the AF gain pot in many LM386 circuits. If this happens, try better 
bypass and decoupling on the LM386 power line: 100 to 470 uF shunt bypass on the DC line + a 10-22 series decoupling resistor, plus 100 - 
470 uF shunt bypass on pin 6. Click for 1 example. ypically 470 uF bypass is required if you suffer 60 hertz hum. You may model your simple 
RC filter with application E on the javascript applet page to see the 3 dB cut off frequency of your particular DC line low-pass filter. 


Stupid—Simple Notes 


The Stupid—Simple circuit really needs the adjustable 10K regeneration control if you wish to tune both AM and CW. The number of turns on the 
feedback winding varies with factors including transistor beta, how you wind the primary and secondary windings (greatly affects the coupling 
between the primary and secondary windings) and whether you want AM, or CW reception — or both. Experiment with the number of turns to 
figure it out. 





You can try "matching" the tank circuit to your antenna by decreasing the 470 pF cap to as low as 68 pF. This will affect the tuning capacitor 
range. For an air variable tuning capacitor, use anything you can find. Consider connecting fixed parallel and/or series capacitors to reach or limit 
the desired capacitance. Many good examples are published on the web. 


Some builders float the tuning capacitor across the inductor so the cap is ungrounded. The stator (body) of the capacitor should be connected to 
the circuit ground to help minimize the effects of hand capacitance. A grounded metal case further helps. 
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Above — My popcorn regenerative design "The Stupid-Simple" set up for broadcast band radio at 1150 KHz. 


A reader from Brazil enquired about putting the Simple Stupid on MW. | had some time for a couple of experiments but only wanted 1 frequency 
— 1150 KHz, the local 10 KW sports radio station. Using 28 gauge wire, | wound 54 turns (about 230 uH) on a A FT-114-61. Most builders won't 
have this toroid, however ferrite rods from AM radios are plentiful and a great substitute. 


This design relaxed the regeneration to improve audio quality (no whining or hissing). The bias and feedback loop were wound for the best 
sounding audio. For example, at the bias shown, if you increased the 19 turn link to 21 turns, the bass response increases; decreasing to 17 
turns reduces the bass response. 


As a result of lowered positive feedback, the selectivity is down, however, a variable capacitor is needed to peak the station. After peak tuning, | 
removed and measured the air variable cap at ~ 200 pF and then substituted a 220 pF fixed capacitor to simplify things. 


For audio, | used a bench AF power amp into a speaker. It sounds nice for 1 transistor. Audio sample 





Above — The breadboard of the 1 channel receiver for my workshop - I'll use it to keep track of the Canadian Football League statistics. My test 
antenna was a long piece of outside wire. Red hook-up wire forms the 19 turn feedback winding. 


For cities with multiple AM stations (AM stations are dying out in Canada), you'll have to add more regeneration and probably move to a better 
design. This radio is simple, but not extraordinary. 
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Above — Another regenerative design that tuned AM, SSB and CW from 5-11 MHz with different toroid coils wound on a T50-6. It's based on a 
favorite design by Wes, W7ZOI. | suggest tapping L1 at 10 - 25% of the total number of turns. The secondary link for the antenna connection 
depends on the impedance of the antenna, but 5 - 10% of the total number of L1 primary turns worked well at my QTH. Please experiment with 


the secondary link to determine the optimal coupling to your antenna. My L1 inductance ranged from 1.5 to 5.6 uH. You may have to add a fixed 
capacitor in parallel with your air variable capacitor when using low inductance coils such as 1.5 uH. 


The 51 ohm resistor suppresses UHF parasitic oscillations. The AF transformer is a transistor radio output (1000 : 8 ohm) junk box special and 
serves as an RF choke. | tried various AF transformers harvested from old transistor radios in this slot and they all worked fine. Nothing's really 
critical on this receiver — that's why | like it. Truly junk box radio. 


Simple Active Antenna Experiments 
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Above — A voltage probe or active antenna using a telescopic whip. It's been awhile since | built one in keeping with a minimalistic circuit theme. 
| tested this VPA from 5 to 14 MHz. The center tap on the coil allows the peaking at ~10 MHz and higher. The L value is non-critical; choose a 
value that will work with your tuning variable capacitor or varactor. The L - C values can be roughly determined from a chart like this, or just do 
the math (XL = XC at the desired frequency). Account for stray inductance. If you wish to perform return loss measurements on this circuit, you'll 
have to short the 6.7 uH inductor as the whip antenna can tune in RF from the RF signal generator used for the return loss bridge. 


Without the 1K load, the circuit will oscillate. | thought about some ways to match the output transformer to a regenerative receiver tank circuit. 
The 100 uH drain choke could be replaced by a (bifilar) 2:1 transmission line transformer or two. Transformer experiments this Winter clearly 
illustrated the superior coupling of transmission line transformers and mandates using them over conventional transformers whenever possible. 


Using a conventional transformer with a shunt resistor across the transformer would also work, but the resistor reduces gain. | built and tested 
this output circuit with an 8:1 transformation using two 2:1 transmission line transformers. The output impedance at the JFET drain is somewhere 
around 4300-4500 ohms at 7-14 MHz. The transformed output impedance is somewhere around 250-330 ohms at 7- 14 MHz. Connecting the 
VPA output to a tap in the regenerative main tuning inductor might work — being careful not to load down the regenerative tank coil. 





Above — The VPA breadboard on my latest notebook. The 100K pot sets the stage gain. While simple, it works okay. 


HOT SIDE STATOR 


| 
3 
ty 
a 
a 
ke 
2 











Above — the VPA built March 12, 2011 (the 14-200 pF air variable cap is not shown). It took about 45 minutes to design, build and test it. The 
1K load used for testing is the blue resistor to the extreme right. 





Low-pass Filter for 21 MHz 
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Above — A 7 element Chebyshev low-pass filter for the 15 Meters Ham band (fCo = 25.03 MHz to allow the use of standard value capacitors). A 
builder requested a band-pass filter design for his 15M band receiver. In order to accurately test my design, | decided to make a permanent, low- 
pass filter module to follow my signal generator. 15 Meters is a favorite Ham band, so I'm certain to use it in the future. 
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Above — A GPLA plot of the filter. The frequency cut-off at -3, -20 and -40 dB are shown. Perhaps this filter is overkill, but | had all the parts on 
hand and love a serious low-pass filter. Click for the bread board photo. 
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Fine-Tuneable 1 KHz Wein Bridge Oscillator 














In 2010, | wanted a fine-tuneable Wien bridge oscillator to drive a notch filter in an AF distortion analyzer. Ken Kuhn drew me up a schematic on 
his coffee break and emailed it the same morning. 
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| applied anti-parallel diodes instead of the classic incandescent bulb for amplitude stabalization in the feedback loop; probably a mistake leading 


to higher distortion. Ken's fine-tuning circuit works perfectly. | matched the 7K5 + 2KO + 0.22 uF components on each filter half. 1% parts go in 
this circuit. 
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A version for 905 Hertz built with crazy expensive op-amps. | chose 905 Hz to match my notch filter frequency. 











My breadboard. 
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Introduction 


As experimenters, we rebuild core circuits over time. | decided to 
increase my collection of stock modular circuits to avoid re- 


inventing the wheel. This web page serves as a module repository 
for the website. 


Since our needs differ, I've shared these circuits more for interest 


sake and really not as schematics to copy. All modules were 
carefully built and tested. 


1 great virtue of the metal encased module is strong shielding. RF 
modules use a 50 ohm port impedance and BNC connectors. 
RCA jacks interface the AF modules. 
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Above — A 40 Meter Ham band double-tuned band-pass filter. | designed this circuit using 2 programs that came with EMRFD and describe the 
process on this web page. The 2.4 uH measured coils were wound using #22 AWG wire on T68-6 powdered iron toroids and all fixed caps were 
ceramic COG type. | centered my filter at 7.040 MHz. You should be able to peak it anywhere on the 40 Meter CW sub-band by tweaking the 
variable capacitors. 


| peaked the trimmer capacitor while looking at the peak-to-peak voltage on a 50 ohm terminated oscilloscope. The filter input was connected to 
a 7.040 MHz signal generator with a 30 dB return loss, low harmonics (-55 dBc) and 50 ohm cables. 


File About GPLA 












Click to Review Circuit | 


#. part, connection, value: 


0 Load R = 50.0 
1 cap ser 48.0000 
2 ind par 2400.0000 
3 cap par 160.1000 
4 cap ser 5.0000 

5 cap par 160.1000 
6 ind par 2400.0000 
7 cap ser 48.0000 
8 ib ser 0.0000 

98 Source FR = 50.0 
99 Inductor O = 220.0 


-3 dB BW = 237 KHz 
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Above — A simulation of my filter design in in GPLAO8. The calculated IL was 1.68 dB, | measured the IL at 2.1 dB The calculated return loss or 
S11 was 37.2 dB; | measured 27 dB. A good filter. 








Above — the 40 meter double tuned band-pass filter breadboard with temporary BNC connectors and series caps. Since this filter will serve as 
my main front-end filter for all future 40M band receiver bench design, | blinged out and put in big toroids and high Q, air-variable trimmer 
capacitors. While | could have just use a single 150 pF tank capacitor and a wide range trimmer cap such as common, ceramic 10-70 pF, the 
small range, high Q trimmer capacitors offer better performance and fine tuning. 


Click for a spectrum analyzer +tracking generator sweep where the center frequency = 7.040 MHz. Graticules: Horizontal = 1 MHz per division, 
Vertical = 10 dB per division. You can see why it tunes so sharply. 


After testing the bread-board, | removed the temporary BNC connectors and series caps, | stuck it in a Hammond box and wired in permanent, 
short leaded 47 pF capacitors. Final testing in the sealed box varied minimally from the open bread board. This board looks especially ugly 
because it held a previous filter and contained lots of remnant solder. 





Broadband Feedback Amp 





Beaverton Special 


10 bifilar turns 





2N2222a 


Return Loss in dB 








Above — A "Beaverton Special" feedback amp with analysis. As experimenters, we often need a go-to, broadband 50 ohms input and output RF 
amplifier. This is it! 


Popularized by Wes, W7ZOI and Doug DeMaw, W1FB, this amp has stood the test of time and fits perfectly into the 50 ohm module concept. A 
bevy of transistors were tried — a 2N4401, 2N5179, 2N3904, 2N3866 or 2N5109 all worked fine. For the greatest return loss and signal handling 
possible, current over 21 mA is required and thus a 2N3904 isn't the best choice. Collector current = heat, so heat sink the BJT as appropriate. 


| found that a 2N2222a biased with over 22 mA emitter current gave a stellar output return loss and low distortion. Within reason, for different 


transistors, keep the bias and feedback resistors constant and change the emitter resistor (100 ohms in my amp) to set the current you want or 
need. 


Many builders follow this amp with an attenuator pad to preserve the input return loss. 





Diode Ring Mixer 
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Above — A Minicircuits TUF-1 diode ring mixer was used in standard configuration. 7 dBm LO drive. 


GENERATOR DETERMINES WHAT 
TO WRITE ON CARD - BOTTOM OF 
\49 METER BAND / 5.6, 6 
FREQUENCY 











Above — The DRM module. It's hard to photograph inside a solder laden chassis. Connections are short. 


Popcorn Audio Frequency Power Amplifiers 
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Above — Popcorn receiver audio power amp. | wanted a simple audio stage for testing popcorn receivers (to follow a high output impedance 
preamp device). Completing this module means never having to build such an amp again. The voltage gain is provided by BJTs to keep the 
noise down, but the popcorn factor up. The preamp impressed me with its strong signal handling capacity via feedback and careful biasing. The 
NPN is center biased so that when its intentionally distorted during testing, the positive and negative halves of the AC waveform distort equally — 
it provides a nice, big, AC voltage swing. An LM386 in X20 gain mode with some bass boosting comprises a reasonable power amp section. The 
10K resistor on the output discharges the 470 uF cap when no speaker is connected to avoid a loud pop. The 4K7 series input R can be 
lowered, or omitted for more sensitivity. 





Some builders might employ the LM386 in a higher gain mode at the expense of fidelity, or just wire up a TDA7052. | think in popcorn circuits, 
what really matters is that you understand what you're doing and try to design rather than just copy the “usual circuits". 


POPCORN RECEIVER AF AMP 








Above — The popcorn AF amp in a clear blue chassis. Phono jacks provided a connection for the input and output — they 're inexpensive and 
readily available. The DC supply is connected to uninsulated banana jacks on the rear; it's well decoupled (resistor) + bypassed (capacitor) to 
help stop parasitic AF feedback. This amp is pretty quiet, considering its junk box legacy. 








Above — The project with the top cover removed. The board is secured by the ground wires connecting it to the pot, jacks and DC voltage posts. 
The input is on the right. 


| like a relatively simple, lower gain AF amp on the bench for receiver development. You can use such an amp to decide on how much overall 
AF gain is needed, how you'll distribute it, and not have to deal with unwanted AF feedback. 
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Above — 1 watt popcorn audio power amplifier. Built around the BD139/140 complimentary pair - | achieved a clean | KHz sine wave at 1.1 
Watts power after testing + tweaking my prototype design. | chose the familiar series diode pair to bias the power followers into Class A/B; an 
amplified diode (transistor level shifter) might be a better choice. 


Bootstrapping the 2N3904 voltage amp pumps up the clean signal power capacity. The 2N3906 establishes the bias for the 2N3904 and the 
BD139-140 pair. Set the 10K bias pot so that the DC voltage at TP1 is 1/2 of the VCC. During testing, the AC voltage was centered perfectly 
between the DC rails and when pushed into clipping, the positive and negative AC waveform distorted nearly equally. Quiescent current = 28 mA 
; not meant for a field-portable receiver. 


Click for a photo of my breadboard. Copper clad board serves as heat sinks for the power followers. The BD139 and BD140 make great 
complimentary transistors for audio frequency power amplifiers. With an Ft of 190 MHz, the BD139 can work okay as a driver or even the final in 
modest power QRP transmitters. 








Above — 1 watt Audio PA (reverse view). 


Pop DC2 — Popcorn Direct Conversion Receiver Main Frame 


These circuits update the Popcorn DC receiver from 1998 and includes all components from the product detector through to the speaker, minus 
the VFO and band-pass filter. 
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Popcorn Direct Conversion Receiver Main Frame 








Above — The mixer and first audio preamplifier The 0.22 uF to 0.47uF cap connecting Q2's collector to the low-pass filter network exerts a high- 
pass response to remove low frequency noise and potentially any hum. | heard no hum, although a 470 uF filter capacitor on Q1 helps ensure 
that. Increase the 100 uF filter capacitor filtering Q2 if you hear hum or motor boating. The diode ring mixer exhibits AF that's hard to beat — very 


dynamic, vibrant and lively. | enjoyed the low microphonics with the double balance + a return loss of over 25 dB on all of 3 of its ports. Alternate 
photo. 


I've read negative comments about my use of "those big filter capacitors" — 1 thing radiophiles can learn from audiophiles is that to adequately 
decouple and bypass means we need to stop fooling around with the usual 22 - 47 uF capacitors and really bypass. Viewing well designed AF 
amplifiers informs us so; these designers really filter their amplifiers from the DC supply. You can always increase the decoupling resistor value 


to allow use of a smaller capacitor value, however, we only have a single power supply at around 12 VDC, and | dislike giving up too much of it 
for DC filtering purposes. Do what ever amuses you. 


Click for some analysis of the preamp. The MPSA18 went obsolete in 2011, so | chose the low-noise 2N5089 for Q1 and Q2. 


The Popcorn DC2 receiver keeps the format of the earlier version; discrete transistors for all but the power amp and R-C low-pass filtering. The 
filter still allows you to listen to SSB, as there aren't many poles and the cutoff is nearly 900 Hertz —it just removes the ice-pick in the ear often 
heard in unfiltered DC receivers. You can change the capacitor values for a different cutoff frequency. Applet E performs this function. 
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Above — The 2nd pre-amp and AF power amp. Experimenting with a number of audio stages, | decided on this cascode common emitter / 
common base amp biased to provide temperature stability, high gain, low distortion + proper termination of the low-pass filter. (The input Return 
Loss = 19 dB in my 820 ohm bridge set up). Increase the 100 uF filter capacitor on Q3 up to as high as 470 uF if you hear motor boating (low 
frequency thumping). This stage is prone to feedback since it's directly connected to the power amp. Photograph. 


The simple and effective TDA bridged amp has a fixed gain of 40, so this receiver isn't crazy loud, however, it sounds okay. The bypass capacitor 
on Pin 2 filters hash noise and can remove some of the high frequency din from off frequency stations. Experiment to find the best value for your 
ears; even 0.015 uF might be your preference. | chose a 0.047 uF for my final version. 


The 2 uF coupling caps between the power amp and Q3 can be lowered or raised to suit your parts collection. All the audio path coupling or 
bypass capacitors were "polysomething" types in my bread boards. 


This is a base station receiver since the quiescent current draw listening to noise = 37 mA. 


For low parts count or beginner's receivers, IC audio power amps make sense; 1 chip and you're done. Consider, for example, the TDA7052 — 2 
bridged amplifiers supply reasonable power and headroom in an 8 pin DIP package. A good, but imperfect part. Depending on your goals and 
abilities, the limitations of the 7052's fixed 40 dB gain and/or the inability to drive grounded loads or insert additional feedback networks may 


constrain your designs. 
Sound Bytes on 40 Meters: 


| recorded these sound bytes prior to adding a 0.047 uF bypass capacitor to pin 2 of the 7052 chip and increasing the coupling cap on Q2 from 
0.22 to 0.47 uF. 


For a control — An ICOM superheterodyne receiver with digital IF filtering set to wide (2.2 KHz) was recorded immediately after recording the 
Pop DC2 receiver (although | pressed the middle (900 Hz) and narrow (600 Hz) filter selection briefly, but they made the noise worse), The 
antenna is a 1/4 wave vertical in a city lot with noisy conditions. | don't believe in artificially making my stuff sound better than real, and present 
warts-and-all audio files. | compressed these files heavily so you'll hear the noise phase shifting a little. Normally with this antenna, a "quiet" QRN 
level is S9; it doesn't bother me. Icom 


Pop DC2 — | was tuning through a pile up to hear how the receiver copes with all the signals (twice as many with a DC receiver!) 
Pop DC2 — More QRN, QSB and pile ups. 


SSB - After this, | changed the .22 coupling cap between Q2 and the R-C filter .47 uF to add a little more bottom end. 





Above — Speaker terminal (an RCA jack isolated from ground on the TDA7052 version). Volume pot at right. 


Second Preamplifier Stage with LM386 final 
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Above — The 2nd preamp and final with an LM386 set for just under a gain of 50. Click for a Canadian SSB sound byte. 


Alternate Final Amp Stage that connects to the Q3 volume potentiometer 
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Above — A reader called Maxim Ozerov requested a discrete semiconductor version of the power amp after | posted the 7052 version on my 
blog. Placing 2 voltage amps inside the negative feedback loop proved challenging, since I'm no expert and learn on the bench. The gain = ~42 
and the maximum pure sine wave power before clipping begins to occur = ~625 mW. This amp is louder and sounds warmer than the 7052 
version. 


2N3904s work fine for Q5 and Q6, but | found that the 2N4401 had a consistently higher DC beta and this helps ensure the bias and collector 
resistors shown will provide the widest possible, pure AC signal swing. 


This amp replaces the earlier IC power amps (connects to 10K volume pot after Q2, however a 2.2 uF coupling cap is required after the volume 
potentiometer). If you need more voltage gain, increase the value of the 12K negative feedback resistor. Above 75K, the gain will approach 50 
and greatly increase the possibility of distortion. 


My dummy load for development and testing = three 1/2 watt resistors in parallel: 75, 82 and 10 ohms. 


Certainly you can craft better - louder - quieter audio stages with low noise op-amps, however, my readers write that they enjoy building up 
discrete transistor designs, and for popcorn receivers; | do too. 


Sound bytes from November 1, 2011 


40 Meters - QRN is lower tonight. Some audio from a lineout tape deck (no tone controls nor equalization). | have only 2 cassette tapes, This one 
is Russian language from 1983 - the 1 strong accented syllable generates good peaks for AF listening tests. Audio recorded from an 8 ohm, 18 
cm (7 inch) speaker mounted in a wooden frame with no back. Speaker choice and cabinets are critical and often overlooked; again we may look 
to audiophiles for guidance 


Click for some 50 ohm AF preamplifier experiments cut from this page. 


7 MHz VCO Experiments 





As RF designers and builders, we rely on signal generators for nearly every experiment. | sought a reliable 7 MHz voltage controlled oscillator 


and built 1 after some effort. I'll describe and critique a VCO | rapidly designed for a reader and then present a better VCO with some design 
ideas. 


7 MHz VCO Experiments: A rapidly developed Popcorn 7 MHz VCO 
A reader needed a 7 MHz VCO in a hurry (3 hours); he only had 1 MVAM109 varactor and wanted to cover the bottom 60 KHz of the 40 Meter 


Ham band using a linear taper 10K potentiometer for tuning. He planned to use a dual-gate MOSFET cascode buffer (good choice), so | didn't 
have to bother with a buffer. 





VCO 7.000 — 7.066 MHz (2 
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T50-6 air trimmer 


100K 
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Above — The VCO with a 100K resistor as the temporary buffer. He'll use a 100K resistor on G1 of the 2-gate MOSFET buffer. With a Q of 150 
at 1 MHz; high noise level and a hyper-abrupt capacitance-versus-voltage curve designed for tuning AM radios, the MVAM109 varactor ranks 
poorly. The C of my MVAM109 with no reverse DC voltage was 725 pF. 


Still, this VCO tuned in a linear fashion, showed a nice sinusoidal output and proved frequency stable. | wanted the AC voltage at the varactor 
anode at under 1 volt pk-pk (it was 752 mV) to help reduce forward conduction during the positive AC voltage swing. | was bad and ran the 
tuning DC voltage from 0 to 0.45 volts which greatly increases the potential for forward conduction in a varactor. To mitigate this somewhat, an 
82 pF couples the varactor to the tank and drops the AC voltage and reactance seen by the varactor. 


In VCOs on the web and print, you'll often see builders connect their varactor to a high Z, and high AC voltage point in the VFO tank; whoa! 


At HF, if a varactor is forward biased by the positive half of the AC signal, varactor leakage current and voltage-source loading increases 
momentarily and lowers Q + broadens tuning. Further, serious harmonic energy and phase noise might be generated as the varactor is biased 
positive and negative alternately. You can sometimes see distortion in your scope during experiments with extreme AC voltage swings across the 
varactor. The varactor coupling capacitor should be as low as possible. 


Balanced varactor tuning (anode to anode) provides another way to reduce AC signal effects at the cost of reduced maximum capacitance since 
the 2 varactors are in series. With back-to-back varactors, as the AC signal swings, the varactors are driven into high and low capacitance 
alternately, but the net capacitance remains constant. Thus applied reverse DC voltage sets the varactor capacitance rather than AC signal 
amplitude. 


The reader for whom | made this impromptu circuit can lower the AC tank voltage by decreasing the VCC or increasing the 680 ohm source 
resistor after installing the buffer and tweaking things for a 7 dBm output voltage. This topology suffers from an amplitude versus frequency issue 
— at 7.0 MHz, the output = 3.44 volts pk-pk and at 7.066 MHz the output rises to 4.0 volts pk-pk. 


Stuck with an MVAM109 constraint and 3 hours to design/build a VCO, | share this circuit as a raw experiment; not an example of good design 
because it is not. | took the signal off the gate to derive the best sine wave; this requires a lightly coupled, high impedance buffer with strong 
reverse isolation to prevent the pulling of the VCO frequency by downstream changes. 


A lower L + higher C in the tank, and/or a higher Q varactor could turn this VCO into something reasonable. Popcorn versus high performance? 
You choose! 


7 MHz VCO Experiments: A Suitable 7 MHz VCO 
PART 1: Introduction 


During my Fall 2011 VCO experiments | studied books including EMRFD and built versions of EMRFD Figures 4.33 and 4.34. Figure 4.33 isa 
common-base Colpitt's Oscillator using a hyperabrupt varactor. On Q1, the 33 ohm resistor in series with the 0.1 uF cap "de-Q" the 2N3904 to 
reduce UHF oscillations. Wes also employs current limiting with a 1K5 emitter resistor. 


The temperature drift compensation circuit involving a temperature sensitive reference diode + op-amp fascinated me — astute temperature 
compensation design. | built and tested the whole circuit; the VCO has some amplitude versus frequency and phase noise issues, but it's okay 
for general use and great for varied environments. After tackling Figure 4.33, | built and tested the JFET Colpitts oscillator in Figure 4.34 and 
share my experiences developing this VCO with an alternate buffer. 


These circuits are not cookie-cutter / carbon-copy: they show raw design ideas from the bench. 


PART 2: The Voltage Controlled Oscillator 
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Above — A JFET Colpitts VCO picked after after trying 5 different topologies. This VCO is my version of EMRFD Figure 4.34; originally designed 
by Wes, W7ZOI. 


This JFET Colpitts oscillator exhibits a flat output versus frequency, low noise, scales easily to other frequencies and accomodates a wide 
variety of varactors. For example, you may scale it to other frequencies by changing the L and tweaking the "Colpitt's capacitors" up or down as 
needed. 


| employed a small air variable trimmer capacitor to set the lower band edge and this meant experimenting with the inductor to find 1 that allowed 
me to set the band edge with such a small trimmer capacitor. | built 2 versions; in 1 the required L= 6.09 UH and in the other, L= 6.4 uH. It would 


be much easier to use a trimmer cap with a larger capacitance range as it makes chosing the inductor less exacting. 


With the trimmer shown set to half its range, | started with a 6.6 uH coil and remove 1 turn at a time until the output in a counter was close to 
7.00 MHz. After permanently fixing the inductor, | tweaked the trimmer cap so the lower band edge was 7.000 MHz with the chassis lid on. 


To further drop phase noise, you could reduce the 33 pF coupling cap, add another pair of anti-parallel varactors, run a higher C to L ratio, or 
perhaps decrease the source resistor to increase the current limiting. Also low resistance, high Q, SMT varactors would help lower phase noise 
— SOD parts are tiny, but test your hand steadiness and vision. 





Tuning Range 


Time 56.08ns 





DC @ Point A = 3.0 volts DC @ Point A = 12.21 volts 





Above — When tuning from the minimum frequency and tuning voltage (7.0 MHz / 3.0 VDC) to the maximum tuning voltage and frequency (7.103 
MHz / 12.21 VDC) the signal amplitude only changes 0.04 volts peak-peak. 


| kept a minimum of 3.0 VDC on the varactors at the minumum frequency to provide reasonably linear tuning, keep the applied reverse voltage 
away from 0, and improve temperature stability. All were bench determined and are not factors you can generalize to all VCO circuits. Change 
the minimum DC voltage on your VCO control by adjusting the resistor on the grounded end of the pot; 3K3 in my case. 


Click for a moderate resolution photograph of the VCO and buffer prior to adding the temperature compensation parts. 


PART 3: The Buffer/Amplifer 
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Above — The Q1-Q2 hybrid-cascode amp gives strong reverse isolation (nearly 70 dB) and front panel gain control. You could also employ a 
dual gate MOSFET or JFET cascode with either fixed bias, front panel control, or a trimmer resistor to adjust the bias on Q2 


| enjoyed designing the Q3 final amp amp and matching its input impedance to the output Z of Q2. One way to establish a fixed + known output 
impedance in order to to get a strong return loss without tuned circuits/networks is to feedback some signal from the collector to the base. The 
difficulty lies in finding how much negative feedback to apply, while still DC biasing the amplifier for good temperature stability. | set up a crude 
experiment to determine the Scattering Parameter S22. The goal is to set up a good Q3 output return loss using feedback + matching the Q3 
input impedance by tweaking the inductor resistor across L1 and adjusting Q3's emitter degeneration. 


The return loss in my first prototype without any attenuator pad = 29 dB; some of this was pure luck. 





Above — Q2 and Q3 with 3 variable orange colored resistors in-situ and a Return-Loss bridge connected to the output. The potentiometers are 
tweaked while watching the detected output in an oscillocope. Adjust all the pots for the lowest peak-peak voltage and then carefully remove 
each pot and measure its resistance with an ohm meter. Replace all 3 pots with the nearest equivalent standard value resistor. Then measure 
and calculate the return loss (negative of S22). Watch the Q3 emitter resistance — too little R might bring distortion. 
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Above — A seperate buffer built with 100% different parts that required different AC feedback plus shunt resistor across L1. The parts in this 
circuit weren't as hot as Version A, and the maximum output voltage was only 1.8 volts pk-pk. In order to get the AC output voltage to just above 
2 volts, | had to tweak the resistor labelled R. 


To keep the heat and current down in the final amp, | decided to keep the maximum clean output to 2 volts peak-peak (= 10 mW = 10 dBm) 
with an emitter current of ~ 12 mA. If you want higher clean output than 10 dBm, you'll have to run more Q3 emitter current and maybe choose a 
different BJT, plus apply a heat sink. 


When cranked to maximum DC voltage, the Q2 gain pot allows a peak output AC voltage of ~2.2 volts pk-pk into 50 ohms and distortion is 
evident. At or below 2 volts pk-pk all is well — I'll use this VCO mostly from 0 to 7 dBm. 


Since the circuits uses 2 BJTs and a JFET and many 5% tolerance resistors , the Q3 output will vary according to your parts. Tweak the resistor 
labelled R to provide a maximum AC signal just over 2 volts peak-peak into 50 ohms. This translates to around 3.8-5.5 volts DC bias for Q2 with 
your gain pot cranked fully clockwise. 


Return loss variations. You probably noticed the return loss in Version B = 23 dB, while Version A = 29 dB. 


Version B originally had the 1K8 shunt resistor across L1 and the 10K + 0.1 uF AC feedback arm just like version A and | measured a return loss 
of 22 dB. | stuck in 2 tweaking potentiometers (did not bother tweaking the the emitter series feedback element). After pot tweaking, the best 
return loss | could obtain with 5% tolerance resistors was 23 dB and this probably represents what the average builder will obtain. An S22 of - 22 
to -23 dB works fine for the QRP work bench. 


If you don't plan to do any potentiometer tweaking, | recommend building circuit A since it has a little more gain due to the slightly higher shunt 
resistor, and also | built 3 versions of Version A with an S22 of -22 dB or higher. 





PART 4: Temperature Compensation 
Before temperature compensation, my VCO slowly drifted down in frequency and was unusable. 


If you look through the Ham Radio VFO/VCO literature, you will see that many builders use polystyrene caps as the Colpitt's capacitors, and/or 
in parallel with other NPO/COG tuning capacitors. Negative temperature compensation caps like an N750, or the polystyrene types temperature 

compensated the oscillator. Negative temperature co-efficient caps are hard to obtain for many builders; especially in small quantities, however, 
they are worth their weight in gold. 


Diode Compensation 


Stabilize your VCO as much as possible with compensating capacitors and by following prudent temperature stability techniques before adding 
diode compensation. See the VFO 2011 web page and EMRFD. Temperature compensation is best performed in a homebrew oven (see 
EMRPD) and normally takes an incredible amount of time and patience. 


Temperature compensating diodes are far from static — a diodes temperature co-efficient is dynamic and may vary with current and also 
unfortunately, with temperature and even while tuning your VCO ! 
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Above — Simplistic diode temperature compensensation schemes. 


The late, great, Doug DeMaw advocated sticking a 2N3904 or 2N2222a (wired as a diode) between the control potentiometer and the varactor 
decoupling network since the forward biased P-N junction exhibits a negative temperature co-efficient and should stop the decrease in 
frequency. It can help, however, as you tune and swing the control DC voltage from minimum to maximum the forward bias on the diode 
increases and the diode temperature coefficient decreases. 


I've never had success using a transistor in this way; the BJT caused the VCO frequency to increase in an erratic manner that varied along with 
the DC control voltage. When watching drift in a frequency counter set to sample every second or so, a stable design will slowly change 
frequency in 1 or occasionallly 2 Hertz increments — some people call this “linear drift". if you see your VCO dropping down frequency in 10 - 20 
Hertz jumps per second, you'll have a bad time temperature compensating. 


| experimented with the above 3 designs that keep a constant current on the diode. Figures A and B work. | tried both and confirmed that a given 
diode compensated slightly differently when in circuit A or B. This gives you a bit of a tweaking room for your chosen compensation diode. | tried 
Figure C, but it had too much negative temperature coefficient and sent the VCO drifting upward about 1-2 Hertz each second. 


| settled on circuit A and then tried some diodes: the initial best was a grubby old Germanium from my junk box. The best choice turned out to be 
a Schottky barrier rectifier (1N5818). | connected the VCO to a receiver and could listen to CW QSOs without groaning. My VCO now drifted up 
in linear, 1 Hertz hops at about 105 Hz per hour. It took a long time to tack solder in and wait 10 or 15 minutes for each diode to stablize before | 
finally settled on the 1N5818. 


The better solution is to choose a suitable diode and vary its current to tweak the temperature compensation. Wes did this in EMRFD Figure 
4.33. 


Advanced designs may use a reference voltage + a temperature dependent voltage that is applied to op-amps in a proportional way to 
temperature compensate the DC control voltage. Then, too, some builders ovenize their VCO container to maintain a very stable environmental 
temperature. 
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Above —A simple and elegant diode compensation scheme proposed by Ken Kuhn. Basically, it lets you tweak the degree of compensation to 
what is really needed rather than accept what you get from a diode. Adding more diodes will increase the effect — but the 1.2 K resistor should 
be increased accordingly to roughly match the overall voltage drop of the diodes. Hopefully there is a point on the 1K potentiometer where 


temperature compensation can be very good at a tuning point of interest. The diodes should be located to thermally match the rest of the 
oscillator circuitry. 


Set the band edge after finding the sweet spot on the 1K potentiometer since it will affect the tuning frequency. This experimental circuit cannot 
be casually copied and it took a while to converge to the desired operating point on the 1K potentiometer. Generally you start with the 1K pot 
towards the 1.2 K resistor and then adjust for the best stability after warm-up. Then repeat and adjust as necessary over time. 


Temperature compensatiing an oscillator like this is a challenge as all parts have some temperature drift and it takes a lot of measurements (and 
often, some dumb luck) to determine the overall compensation curve that is needed. 


My 1 hour drift up in frequency is now ~ 60 Hertz per hour at various tuning frequencies across the tuning range. | stuck with the 1N5818 diode, 
and probably should have tried other diodes and also changed the 1K2 resistor to observe any effects, however, | have spent an inordinate 
amount of time on this circuit and leave it to others, or future bench work to improve. See QRP — Posdata below. 








Above — Version C of the VCO. When | built the first versions, | drilled a hole to accomodate a third potentiometer, but filled it with a LED holder 
that was temperature sealed with epoxy glue. The 1K pot just fit into my chassis. 





QRP— Posdata for January 2012 


In late 2011, | shopped on eBay to build up a small quantity of 10 - 270 pF polystyrene, plus some 56 pF N750 ceramic temperature 
compensation capacitors. After 2 simple, but time-consuming experiments, | temperature stablized my 7 MHz VCO frequency drift to under 10 Hz 
per hour in the relatively constant temperature of our basement. 


| didn't feel like re-doing the whole resonator circuit and thus focused on the tank to FET coupling capacitor. Placing a N750 capacitor in parallel 
with a fixed NPO/COG cap to make 100 pF resulted in over-compensation and no amount of tweaking on the "adjustable diode" circuit worked. A 
few hours late, | swapped in a 100 pF polystyrene capacitor and after further hours of waiting and tweaking, | nailed the frequency stability 
sought. 


An oven provides the best way to temperature compensate, however, whether you choose the oven method, or the bench method like | did, great 
patience is required to see if a change to your TC circuitry works or not. 
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Above — Final version of the 7 MHz VCO. | changed the 100 pF capacitor coupling the JFET to the resonator circuitry from COG to polystyrene 
and slowly tweaked the 1K temperature compensation pot to find the point of convergence. 








Above — The ~1 hour drift after a 30 minute warmup period for the 7 MHz VCO. Love this. 





Above — My new temperature compensation capacitor parts drawer. I'll Keep an eye out for further bargain temperature compensation parts on 
eBay and at Ham Radio festivals. 


Fearless Leader and Hero XpaOpbii Box gb uv repon 


Above — Professor Vasily lvanenko (), fearless leader (Tbl MOU FEPON) 


He's my hero because he's humble, fallible, well-intentioned and moral. Professor Ivanenko lives for learning — fame is filler — hollow and 
distracting. His current ego lags his voltage by 90 degrees. Is he part inductor / part human? 





Miscellaneous Photos and circuits 





Above — 3 types of adapters. A BNC male to SMA female, a BNC male to PL-259, and a BNC female to SO-239 allow the RF modules to be 
connected to a variety of equipment. 
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Double Tuned Receiver Band-pass Filter Design Center 





This web page is for builders who own EMRED. Assisted by 4 of the Ladpac programs from the EMRFD compact disk, and the information 
presented in EMRFD Chapter 3, | share some experiments building popcorn receiver band-pass filters. Prior to diving into this material, please 
read the help file Ladpac2008 Manual.pdf and a file on the EMRFD compact disk called The Double Tuned Circuit: An Experimenter's tutorial by 
Wes, W7ZOI. 








Preface 


Derived from experiments, my web content reflects the efforts of a lay-person, hobby-level designer — | make mistakes. | say this not to make 
excuses or avoid accountability, but to share the truth. My hope is that my experiments inform yours and we all improve over time. | correct 
reported mistakes and rely on your eyes to see them. 


Arduous and requiring good math skills, filter design is out of reach for many builders. Software changes this and learning to apply computer 
programs in real-world situations is part of our hobby. This web page shares some bench experiences, plus my thoughts about using some 
programs written by Wes, W7ZOI. | present suggestions and examples based more on empiricism and from reading about band-pass filter 
design than scientific methodology. 


From email regarding my VFO and RF Workbench pages, | have become aware that I've lead many builders to think that a perfect sine wave 
and a high return loss are "must have" bench outcomes. This is false. A clean sine wave proves useful for accurate measurement, but is not a de 
rigueur bench outcome. A desire for high return loss reflects my own personal obsession; in simple QRP rigs, this may represent folly. Please 
don't overestimate the importance of return loss from my bias; decide for yourself. 





Part 1: Experiments with 2 coupled L-C tanks. 
Goal: A 15 Meter band band-pass filter with an insertion loss < 4 dB and a return loss of >= 20 cB. 
Software: Ladbuild08 and GPLAO8. 


The simplest band-pass filter is an L-C tank. To get a decent stop band we generally couple 2 or 3 tanks together with series capacitor(s). Other 
filter topologies were ignored. In Part 1, | just connected up a couple of tanks on the bench without the use of software. Some attempts at 
impedance matching via transformer links were also trialed. 
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Above — | built a 5 component filter for the base experiment. Inductors = 7 turns of #22 AWG on a T68-6; tapped at 2 turns from ground. The 
inductors turns were expanded or compressed until L= 300 nH. Tuning capacitors = large 15 to 300 pF air variable capacitors. Coupling 
capacitors trialed = 2 pF, 3.3 pF, 5 pF, and 7.5 pF. 


After soldering in a coupling capacitor, each tank (also called resonator) was tuned to resonance by looking at the peak-peak output voltage in a 
50 ohm terminated oscilloscope. After tuning, | measured insertion and return loss and then swept each filter with a tracking generator + 
spectrum analyzer. On the bench | determined that the greatest return loss occurred with 2 transformer taps from ground; the result — a dismal 
10-12 dB. 


What effect does changing the coupling capacitor have? 





2 pF coupling capacitor 











Above — A spectrum analyzer + tracking generator sweep of the filter response with a 2 pF coupling capacitor between the inductors. Graticules 
= 2 MHz per horizontal division and 10 dB per vertical division. Click on this zoom to better see the - 3 dB bandwidth. The sweep revealed a 
sharp peak response with steep skirts and a 3 dB down BW of ~220 KHz or so. Some of the noise arose from the big air variable caps 
connected to each tank with short hook up wires, plus no shielding. 


3.3 pF coupling capacitor 











Above — The SA + TG sweep with a 3.3 pF coupling capacitor. The peak isn't as sharp, but still looks good. As shown, increasing the coupling 
capacitor value increases the 3 dB filter bandwidth with all other components equal. 





5 pF coupling capacitor 











Above — With a 5 pF coupling capacitor, a double humped response appeared. The bandwidth further increases. 
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Above — A zoom of the double humped filter response employing a 7.5 pF coupling capacitor. Imagine the difficulty tuning this band-pass filter in 
a receiver by listening to band noise. Tuning in either peak skews the filter bandwidth. Additionally, the 3dB bandwidth now = ~ 1.6 MHz — Nota 
good filter! 


Optimizing Return Loss 


Despite trying, | could not obtain a better return loss than 10 -12 dB by changing the tap point on the 7 turn inductors. In part this was due to 
limited potential autotransformer ratios on a 7 turn coil. | emailed Wes, W7ZOI and he sent this file. | learned that adding a series capacitor to 
each end will tune the filter to 50 ohms impedance. What capacitor value should we use? 


The answer can be found purely experimentally, or with Ladbuild08 to make a digital file of your filter and GPLAO8 to analyze it. 
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Above — | "built up" my Figure 1 filter in Ladbuild08 with a 3.3 pF coupling capacitor. Initially | guessed at the values for the series end 
capacitors and knew my tuning capacitor were ~ 165 pF because | removed and measured them from the peaked filter from Figure 1 and added 
a few pF for stray capacitance. Any of these values can be changed in GPLA, so educated guessing is okay. 


For size 50 to 68 toroidal inductors, many builders choose a Qu value from 200 - 250 with # 6 material. Qu affects insertion loss and to some 
extent, return loss. Click for a tutorial from Wes', W7ZOI site and consult EMRFD for more information. 


In order for GPLAO8 to display an S11 plot (return loss), a return loss bridge (RLB) must be added as shown. Also check the Plot S11 check box 
in GPLAO8. 
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Above — The GPLA 08 filter simulation of the filter "built" with Ladbuild08 above. 


Click to Review Circuit 
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Above — In this filter simulation, | tweaked the end capacitors (parts #1 and #7) from 22 to 23 pF and watched the return loss (S11) improve by 
7.34 dB — if wanted, you can optimize the end capacitor values to improve the match into 50 ohms. To re-establish the center frequency, slight 
retuning of parallel capacitors #3 and 6 is required when changing the series end capacitors; although | specifically didn't change them for this 
example. 


Increasing the 2 end capacitors to increase S11 renders an option only; you don't have to go for the best S11 in your filters. Increasing the series 
end capacitors to bump up return loss tends to increase the 3 dB bandwidth and reduce insertion loss. 


FC = 21.060 MHz 
BW = 531 KHz 
IL = 3.6 dB 
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Above — | built and measured the filter with 22 pF end capacitors since these are common, standard values. In another experiment, a 1 pF cap 
was soldered in parallel with each series capacitor and the return loss increased by about 4 dB. Click for a bench photo of an alternate version of 
the above filter. Clearly, GPLAO8 simulation furnishes us popcorn builders with a starting point to make top-notch band-pass filters. 


Click for another simulation of a filter employing a 2 pF coupling capacitor, with the end capacitors tweaked for the best S11. S-11 is just the 
negative of the return loss. | would certainly use this filter in the front end of a popcorn direct conversion receiver. 


An easier way to design your band-pass filters involves using DTCO8 to design a raw filter and GPLAO8 to substitute in standard value capacitors 
and tweak your filter. That's part 2. The material presented in this section supports the discussion in Part 2 and 3. 


Part 2: Band-pass Filter Design using DTC08 


Prior to using these Ladpac programs, some numbered design points and a preamble follow. 


More than anything else, our parts collection dictates what filter parameters we choose and end up with. For example, if you want filters with a 
low bandwidth such as 150 KHz and under, you'll require inductors and capacitors that provide really high Q, or you might suffer from punishing 
insertion loss. 


The following are general starting points only — your needs, parts and abilities drive your filter design. Example variances include: if a low 
noise amplifier follows a filter, a higher insertion loss might be okay; a high return loss is not always required for a low noise figure; especially in 
popcorn receivers. Also, it's a viable choice to trade off insertion loss for steep skirts in some filters. 


1. A reasonable 3 dB bandwidth = 100 to 500 KHz, but this depends on the purpose of the filter. 

Numerous considerations challenge us. Will this be a whole band (CW + SSB) filter, or a CW only filter? As a CW op who uses simple 
equipment, | tend to design moderate bandwidth (200-300 KHz) CW-only filters. If you need CW + SSB, then a bandwidth of 350 KHz or greater 
might suit you. It's really up to you. 


Other factors affecting bandwidth choice include whether the filter drives a superheterodyne or a direct conversion receiver. In superheterodyne 
receivers, your intermediate frequency informs your filter bandwidth choice. Consider the following 2 diagrams: 
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Above — Using DTC08 and GPLAO8, | designed an example filter for the front end of a 14 MHz superheterodyne receiver with an 11 MHz IF. 
BW = 242 KHz. CF = 14.060 MHz; a frequency some QRP operators favor. 





[C\Users\T yko\T odds\ORPHB\QRPHE \20 
P< Z = 


CF = 14.060 MHz 


IF=11MHz,LO=3MHz SPS ale i lpat-le(-ma-te (elas me adel el ldlele 
Image = 11 - 3 = 8 MHz 


Above — Assessing filter attenuation at the image frequency using GPLAO8. To keep the arithmetic simple, | employed a frequency of 14 MHz 
for the image frequency calculation. As shown, the simulated attenuation of my 8 MHz image frequency is 88.42 dB. Since | personally target an 


image frequency suppression of 60-70 dB; at 88 GB, if | wanted, | could increase the bandwidth of this filter for broader coverage and reduced 
insertion loss. 





How much image frequency rejection is needed for superheterodyne receivers? I'm uncertain, for | have seen competent authors choose 
between 50 and 100 GB. | feel a good target = 60 - 70 dB, and 50 dB is the bare minimum. To realize image attenuation above 50 dB, shielding 
is usually required. 


Three or more L-C tank band-pass filters may be required when your image frequency is close to the IF frequency. Choose both your 
intermediate frequency and your bandwidth wisely. 


2. After selecting your bandwidth, tweak the inductance and only if necessary, make minor adjustments to your set 3 dB bandwidth to give 
standard, or near-standard value coupling capacitors that you own. Obviously, you can place fixed capacitors in series or parallel, or even couple 
your resonators with a variable capacitor. 


3. | favor size 50 to 80 powdered iron toroids with number 2, 6, or 10 material for a reasonably high Qu. 
4. | aim for an insertion loss of of 3-4 dB; especially above the 40 Meter band; consider the variances discussed earlier 
5. | aim for a return loss of at least 20 dB; consider the variances discussed earlier 


6. If you can, measure your bread boarded filter bandwidth to confirm or improve the GLPA simulation. Insertion and return loss are easily 
measured — see EMRFD and the RF Workbench web pages on this site for methods. 


| provide no graphic tutorial of DTC08; however, some work flow suggestions follow: 


Open up DTCO8, choose your center frequency, Qu, inductance and bandwidth and then press the Calculate button. Adjust the L until you get 
close to a standard value coupling capacitor from your parts bin. If required, you may also tweak the bandwidth value to get the needed coupling 
capacitor. It's wise to change the L before BW since changes in inductance don't cause too many complications within limits. 


Name and save your filter to a specific file system directory or folder; or simply save it as the default file. 


Open GPLAO8 and load your recently saved filter file. Press the Plot button and then the Click to Review Circuit button. In some cases, you will 
have to type the CF in the Cursor Data text box and press Plot to set the cursor at your center frequency. 


Change the coupling capacitor(s) to a standard value using the Enter New Value data entry controls. 


Adjust the series end coupling capacitors to standard values. and if S11 is an issue for you, tweak them up and down while observing S11. Re- 
establish your center frequency by tweaking the parallel tank tuning capacitors and then re-plot to ensure the CF is lined up with the center of the 
plot. 


In Part 3, | provide 3 filter design examples. Your own filter designs will be the most important examples to study. 





Part 3: Band-pass Filter Examples 


Example 1: An 80 Meter Band Filter 





Above — Breadboard photograph of the 80M filter. This example filter may hit home for you — | like listening to CW at and below the 3560 KHz 

QRP calling frequency, however, another local Ham likes to talk on 75 meters SSB at or above 3790 KHz. This situation calls for a narrow band- 
pass filter. With my filter, the attenuation at 3790 KHz = ~ 24 dB; had | built a wide bandwidth filter, for example, 350 KHz BW; the attenuation at 
3790 KHz, would only be ~4 dB. Perhaps a 3 resonator filter with even steeper skirts would be better? 


I'll show the design process from start to test. 
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Above — The basic DTC08 data entry fields were populated. | chose a 100 KHz bandwidth and tried different L values until Cm = 10 pF, since | 
have a whole drawer of 10 pF capacitors. | believed my Inductor Q would be at least 225 and wound 25 turns of #22 AWG on a T68-2 toroid and 


expanded or contracted the windings until | measured 3970 nanohenries. In reality, we should measure the inductor Q and in future | will, 
however, my sense is that few builders do. 
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Above — After saving my filter, | opened it up in GPLAO8 as above. | replaced #4 with a standard 10.0 pF value, and started tweaking the end 
caps; parts #1 and #7 to gain a better S11 per my obsession with return loss. Retuning #3 and #7 re-establishes the center frequency and allows 
the S21 and S11 values to be interpreted. | settled on this filter and headed for the bench. 
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Above — Schematic and analysis of the breadboard. Click for another photograph. In reality, | bench determined the exact capacitance needed 
to tune each tank at 3.56 MHz with 2 large air variable capacitors that | removed and measured after peaking the filter. For each tank, | try to get 
just below this value with fixed value capacitors and add a small (2.5 - 22 pF, or so) air variable trimmer capacitor for peaking. 


You need to test with capacitance under and over that required to ensure you properly tuned each L-C tank to resonance. Your parts collection, 
stray capacitance, mistakes or inductance variations in the toroids necessitate custom tuning of your tanks on the bench. | give capacitance 
values that should work, but it's up to you to ensure resonance of each tank. | find narrow BW filters require a steady hand to tune. 


After peaking the tank in your oscilloscope, record the peak-to-peak voltage. Remove the filter and connect your signal generator to your scope 
with an RF barrel connector and again record the peak to peak voltage. The difference between the 2 is your insertion loss. You can calculate IL 
with Applet H on this page . Next, perform return loss measurements. If you can, determine the true 3 dB bandwidth of your filter by sweeping it 
with SA plus a generator. My filter 3 dB BW = 124 KHz. 


Example 2: 20 Meter Band Superheterodyne Receiver Filter 


A fictitious builder wants a superheterodyne receiver that covers 14.0 - 14.350. His IF = 2 MHz. The local oscillator = 12 MHz. The image 
frequency = (12 - 2) = 10 MHz. He centers his filter at 14.020 MHz. In this simulation-only example, we'll go from 1 resonator to 3. 





Above — A single resonator with series matching capacitors "built up" in Ladbuild08. 


0 Load R = 50.0 

1 cap ser 18.0000 
2 ind par 1000,0000 
3 cap par 86,2000 
4 cap ser 18.0000 
5 hb ser 0.0000 

38 Source R = 50.0 
33 Inductor Q = 200.0 


3 dB BW = 417 KHz 





Above — The GPLAO8 plot of the single tank filter. The bandwidth = 417 KHz. Increasing the end capacitors to 22 pF to try to increase return 
loss increases the 3 dB bandwidth as shown here, so we better stick with the original design. 
In GPLA simulations with a perfectly centered filter, S21 = the insertion loss and S11 is negative of the return loss. 


Click to Review Circuit 
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Above — Assessing image frequency attenuation in GPLAO8; this sucks — only 36.2 dB down. We need to add a tank. 
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Above — The GPLAO8 plot of the double tuned filter. | set #4 to 2 pF and #1 and #7 to 18 pF (nearest standard values). #3 and #5 were slightly 
tweaked to center the filter. The simulated IL is only up 1.24 dB from the single resonator version. You are probably wondering why | didn't 
design the filter for a CF = 14.020 MHz in DTCO8 above to keep consistency. | probably should have, but wanted to illustrate the versatility of 
GPLA0O8 to center filters "on the fly". 


Click to Review Circuit 
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Above — Assessment of the 10 MHz image — now it's 69.2 dB down. Although this filter will work well for his particular receiver specifications, 
this fastidious builder wants even greater image attenuation and decides to add a third resonator! 
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Above — Building up a filter in TTCO8, | chose an L of 1100 nH to give a Cm close to a standard value. 





Click to Meview Circuit 
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Above — The GPLA plot of the 3 tank filter. | performed no parts tweaking — it's up to you from here on in. The simulated IL remains quite 
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Click to Review Circuit 








Above — The GPLAO8 assessment of the 10 MHz image frequency. Now 100 dB down! 








Above — The 1 tank and 3 tank filters superimposed to show the skirt action. The 3 dB bandwidth is the same! 


Example 3: A 20 Meter Band-pass Filter for a Builder from Argentina 





Above — An Argentinean builder emailed that he wanted a band-pass filter optimized for 14.070-14.095 MHz RTTY but also usable for the CW 
sub-band and lower SSB frequencies. He wanted a center frequency in the RRTY sub-band and | chose 14.079 MHz. Tuning this filter to a 
center frequency as low as 7.030 MHz for CW should be possible with the variable capacitor value shown, but as mentioned, you really need to 


do this carefully on your bench. | employed T80-10 toroids and scrunched or expanded the 16 turns of # 22 AWG wire until they measured 
exactly 1000 nH. 


The best return loss will only occur when your filter is perfectly tuned to the test frequency, so tune carefully. 
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Above — The schematic + bench analysis for the 20 Meter band double tuned band-pass filter. My original design called for 22 pF series end 
capacitors to get a decent return loss. After building and measuring the circuit, the results were disappointing: insertion loss = 3.7 dB anda 
return loss = 17 dB. | wanted a better S11 and IL, so | decreased the end capacitors to 20 pF and savored the measured data shown in the 
schematic. 


Simulating this tweaked design in GPLAO8 unveiled a lower return loss than the original design simulation with 22 pF end capacitors; exactly 
opposite to my bench observations. 


Bench work reveals the truth — The filter you get is dependent on factors such as parts types + tolerances, stray reactance, layout, test gear and 
any bench errors. For example, | don't know the Qu of my 1 UH inductors, but suspect that the Qu is greater than the 250 specified. Also my 
intended - 3 dB bandwidth was 350 KHz, yet my filter = 315 KHz; in part, because | lowered the series end capacitors, but also due to other fore 
mentioned factors. 


Many popcorn builders can't easily measure their filter bandwidth. Does it really matter? Probably not, however, the big realization for me is that 
unless you measure, you won't actually know your data like insertion loss, return loss, or bandwidth — simulations are great, but don't obliterate 
the need for bench testing as possible. 


Consider this; with the SPICE program you can design a circuit with a 2N3904 and run 400 mA of current through it — the transistor won't smoke 
1 bit! Project outcomes depend on understanding and employing best practices, experience and measurement on the bench. Finding best 
practices proves difficult in a day and time when general scientific literacy, the number of expert mentors and interest in analog electronics are 
all waning. 


Click for another photo of the filter. On my actual filter, | used high Q, air variable trimmer caps that only had a capacitance variation of 15 pF or 

so. | soldered in fixed capacitors to get close to the capacitance needed to tune each tank. If possible, | think its better use smaller value trimmer 
caps because they permit finer tuning. The air variable trimmer offers high Q plus you can see when the capacitor is fully meshed (maximum C). 

This signals that you need to add more fixed capacitance to that tank for peaking. 





Conclusion 


To repeat; our parts collection dictates our band-pass filter outcomes. Size 50 to 68 #6 material toroids will work fine for most HF frequencies 
above 3 MHz. Don't stress out too much if your insertion or return loss is a little higher than you wanted; in all likelihood your filter will work fine 
and you'll be glad you didn't just copy some else's design and rob yourself of the design experience. 


| am hopeful, this web page will inspire a few builders to experiment with band-pass filters for their receivers and other applications. My sincere 
thanks to Wes, W7ZOlI for his guidance with filter design. 





QRP — Posdata for August 2012 — NE612 Mixer Band-pass Filters 


| designed some band-pass filters for NE612 based front-ends with LadBuild and GPLA and show my 75 Meter band filter design figures below. 
I'm not a fan of employing an NE612 as a receiver mixer since it easily overloads and spews harmonics when mixing strong input signals. The 1K 


‘RF gain’ pot found in many receivers, or the more conventional switchable attenuator pad prove essential when receiving ‘booming’ signals with 
a NE602/NE612 mixer in your front-end. 


Still, for field-portable tranceivers/receivers, the NE612 mixer keeps the current and radio size down nicely. 


| File About GPLA 








| gple-t2.4 26july12 wrzoi 


oO 0 Load R = 47.6 
1 cap ser 180.0000 
2 ind par 4700.0000 
3 cap par 196.3721 
4 cap ser 27.0000 
5 cap par 360.2896 
6 ind par 4700.0000 
7 cap ser 82.0000 
8 rb ser 0.0000 


98 Source R = 1500.0 
99 Inductor = 150.0 


a 








Above — My filter centered at 3.69 MHz. | set the 3 dB bandwidth higher than my usual 200-300 KHz so | could tune a good chunk of the 80- 
75M band without losing too much signal. 


To establish some starting L and C values, | built a classic form filter in DTCO8 with a 50 QO input and output impedance centered at 3.69 MHz. 
After some tweaking, | settled on L = 4700 nH, Ce = 148 pF, coupling capacitor Cm = 27 pF and about 220 pF (Ct) to resonate each tank. 





Next | changed the termination R's to 1500 Q in DTC08 to simulate the right half of the filter matched into the 1K5 input impedance of an NE612. 
This gave me some Ct and Ce values to start with. | started Ladbuild 08 and built up a schematic. 


In a seperate experiment, | determined that the resonator Qu of a 3.7 MHz L-C tank with an L of 4700 nH wound on a T50-2 core, was ~150. 








Band Pass Filter for 75M 
CF =3.69 MHZ BW =~ 364 KHZ 


27 pF 
(2 180 pF 


47.60 i 
150 pF CV 


‘| CV = 5-50 pF 


Above — The completed schematic. My filter exhibits an attenuation of ~70 dB at the top of the AM radio broadcast band (1500 KHz) providing | 
shield it in an RF-tight box. | took the 47.6 Q input Z from the 1K pot and my 50 O antenna in parallel. An input Z of 50 O would work just as well 
in simulation and on-bench. 







82 pF A 






| 4.7 uH 
CV 330pF 









In Part A, | show a possible way to resonate each tank with 1 fixed C and a trimmer capacitor. In Part B, | omitted this detail and just show the 
calculated C needed for resonance as a variable capacitance. 


To make this filter with GPLA, | tweaked the capacitor values to nearest standard value parts and tuned the filter with the GPLA Tune Part Value 
controls while looking at the waveform and my 3 dB bandwidth. | love tweaking values in GPLA and over the years have designed several 
hundred RF filters for readers. 

The rubber hits the road on the bench however! You can get an E.E. degree without melting solder in this day and time — but only bench 
measurements tell the truth. 


Please tune each tank carefully like | mentioned earlier... For example, say a tank needs 180 pF for resonance, but you don't know this. You 
solder in a 100 pF cap and a 5-50 pF enclosed ceramic trimmer capacitor into the L-C tank. While watching the ‘scope this tank will "peak" since 
the tank will exhibit its highest peak-peak voltage when the trimmer cap is set to 50 pF and fall off as you decrease the C of the trimmer. You 
might think you peaked the tank, however you' re actually under by 30 pF! 


While leaving the trimmer set to maximum C (peak-peak voltage) in this theoretical example, if you tack solder in another 10 pF cap your ‘scope 
will show an even greater pk-pk voltage. , If you remove this 10 pF cap and then place in a 27 pF cap, the pk-pk voltage will go even higher 
since you're almost at the target 180 pF. If you removed the 27 pF cap and tack soldered in a 47 pF cap, the pk-pk voltage in the ‘scope will go 
down since your now at 197 pF. Thus you know that resonance is somewhere between 177 and 197 pF. 


Of course you could decrease the trimmer cap C and stil use the 47 pF cap, however, my description isn't a prescription to follow, just some 
things to think about. Sometimes | remove a trimmer cap and measure it to ensure the cap is not set to maximum C; that would tell me | need to 
add more fixed capacitor(s) to the tank. Air variable trimmer caps give visual indication since maximum C occurs with maximum mesh. 
Unfortunately they are rare and expensive. 


On my bench | keep a pair of small 12 to 400 pF air variable caps and temporarily solder them into my tanks. After peaking, | remove and 
measure them — then | have a good idea of what capacitance is needed to resonate the tank at my test frequency. 


It's all an experiment. 


Click for another low loss, well matched example: CF = 5.17 MHz, 3 dB BW = 196 KHz. 50 ohm version. NE612 final version. 








QRP — Posdata for August 2012 — More NE612 Receive Mixer Band-pass Filter Experiments 


INPUT 
€ 


b. Balanced Input (For Attenuation 


a. Single-Ended Tuned Input of Second-Order Products) 





Above — NE612 input circuits. The NE612 datasheet specifies a 3 pF input capacitance + a 1K5 input resistance. 


If you look around the Web, many builders just run a single tank for band-pass filtering. While okay for novelty-grade rigs, the poor filter 
stopband may unleash some ugly problems in the mixer and on down the receiver chain. 


TANK 1 TANK 2 


ae 


= 





Above — A double tuned circuit with the L-C tanks named 1 and 2 and a series capacitor to match Tank 2 to the NE612. 


Most builders match Tank 1 into its 50 Q source with a capacitor divider, or a matching transformer. For Tank 2, some enthusiasts just connect 
the Tank 2 coil directly to pin 1 as shown in Figure 1a. Without the matching series capacitor, unfortunate side effects may arise... 


NK 
[| 
x | i, | 


Above — The low-pass skirt of a double-tuned filter may attenuate higher frequencies poorly when no series capacitor (or other network) 


matches Tank 2 to the NE612 input. | perfectly matched Tank 1 to its 50 Q source just connected Tank 2 to a 1500 1 resistive load in this 
simulation. | wonder how bad things get in the real world when a complex impedance is involved? 


File About GPLA 





Click to List Circuit 


0 Load R =50.0 

1 cap ser 15.0000 
2 ind par 1500.0000 
3 cap par 69.8000 
4 cap ser 1.0000 

5 cap par 82.0000 
6 ind par 1500.0000 
7 cap ser 3.3000 

8 rb ser 0.0000 

98 Source R = 1500.0 
99 Inductor G = 200.0 


CF = 14.030 MHz 
B/W = 245 KHz 


oom to Original Sweep Save $21 as Ref. |” bits 
Place Cursor 4030 ff MHz 64 -29.74 Reset Cursor 





Above — | designed a filter for a 20 Meter band CW receiver centered at 14.030 MHz with DTC and GPLA. The design 3 dB bandwidth = 245 
KHz. NE612 filter design was discussed in QRP — Posdata 1. 


| then breadboarded the filter with T68-6 inductors, but common lower Qu ceramic trimmer capacitors. 







20M Band Band-pass Filter 


3.3 pF A 


CV = 6-70 pF 





Above — The DTC/GPLA filter design with Tank 2 evolved to provide single-ended input for the NE612. 


| wanted to test 2 questions: 


1. Does the 0.1 uF coupling cap connected to the cold end of Tank 2 and Pin 2 change the bandwidth or filter skirt shape? 
2. Will the 3.3 pF cap really match the NE612? 


| expect that worldwide, the NE612 input impedance may vary slightly from part to part; different breadboards will exhibit different reactances and 
that although the datasheet specifies 1500 © , we may be dealing with a complex impedance that varies with the aforementioned factors plus 
perhaps, input frequency. | simply want a good filter with clean skirts. 
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Above — Experiment #1. | compared spectrum analysis of circuit A with B. | built and measured A and then cut away some copper to isolate 


the copper board grounding the Tank B parts. This "island" was AC coupled to the rest of the ground plane with a short leaded 0.1 uF ceramic 
capacitor. 


| saw no significant difference between Circuit A and B — it appears the 0.1 yF capacitor does not affect the filter parameters to any extent. 


To simulate a NE612, | soldered a 1K5 Q 5% resistor across Tank 2. Tank 2 was transformer coupled to the 50 Q Z required for spectrum 
analysis. A 20 dB pad ensured a strong return loss and a safe input amplitude for the SA. 





Above — Spectrum analysis of Figure 2A or B. | saw flat topping of the waveform — almost double humping with a higher than wanted 3 dB 
bandwidth; this bothered me. Fixing this problem was Experiment #2. 





Above — A zoom of the poor coupling of Figure 2A or B. From my experience building filters, | suspected a termination resistance mismatch in 
Tank 2 ; exactly what | was trying to avoid! 


20M Band Band-pass Filter 


1pF -2.5-10 pF 


1 
82 pF 
2 3 


Above — | swapped a trimmer capacitor for the series 3.3 pF fixed cap in Tank 2. Then | reconnected the circuit into my test set up. 











Above — A photo of my TG + SA measurement after tweaking the newly added trimmer capacitor and peaking each tank. | shifted the SA 
screen center over so the tracing could be seen without all the hash marks in the center. Wonderful. 





Above — A zoom of the now matched Tank 2. Due to the bench-altered Tank 2 match, my low-Q variable capacitors and other factors, the 3 dB 
bandwidth now is just over 300 KHz. 


I'm not sure if these experiments reflect what actually happens with a NE612 input band-pass filter, however, | plan to match my second tank with 
a series trimmer capacitor in future NE602/NE612 work. | also want to explore balanced input. 
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RF Workbench Page 4 





The 4th installment of a QRP/SWL HomeBuilder series exploring basic RF 
measurement 


Part 4 describes a method to calculate reverse isolation in the 50 Q 
environment after converting measured peak-to-peak AC voltages to 
dBm. | tested 2 common amps at ~7 MHz to show the concepts and 


calculations. 


In this series, | gratefully borrow from the work of Wes, W7ZOI per 
correspondence, direct contributions and from EMRED. 








Tools Needed 


1. 50 O terminated scope (or a spectrum analyzer) and a 50 Q signal generator 
2. 50 O RF cables with RF connectors (such as short cables with female BNC connectors) 
3. 6 dB 50 attenuator pad; plus an adjustable attenuator if you use a fixed output signal generator. 


4. BNC through-response connector(s) 
Procedure 


1. Measure the amplifier forward power gain. This is S21. 
2. Measure amplifier reverse power gain. This is S12. Like S11, express S12 as a negative value. 


3. Reverse isolation using dB values = S21 - S12. 


Step 1: Measure the forward power gain 


ps 


50 £2 coax 


with BNC 
connectors 





Detector 





Signal 
Generator 








Figure 1 shows how to measure forward gain in a 50 O environment — 1. Convert the measured AC voltage to dBm, 2. Disconnect the amplifier, 
insert a through-response connector and convert this measured AC voltage to dBm. The difference between the 2 values = S21. Applet H will do 
these calculations from the peak-peak voltages. The attenuation pad following the signal generator in Figures 1 and 2 signify that the signal 
generators have a 50 ohm output impedance and is optional. 


Choose a signal generator level that ensures the output of your amplifier is linear while providing a good signal to noise ratio for measurement. 
With an oscilloscope, | generally test amplifiers with an input power of between 0 and -11 dBm; although choose whatever level that works for 
you consistent with linear amplification. 


After measuring the forward gain of your amp, a good way to test for linearity is to add a fixed 6 dB pad between your signal generator and your 
amplifier to drop the applied signal by half. [ A 6dB pad drops the peak-peak voltage by 1/2 . A 3 dB pad drops the power in dBm by 1/2 ]. The 
power gain should be equal or nearly equal to the measured dB value obtained before you added the 6 dB pad. If they vary significantly, you are 
likely driving the amp too hard and causing some non-linear output products. S21 = complex linear gain. 


Step 2 : Measure the reverse power gain 
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Figure 2 shows how to measure reverse gain in a 50 O environment — 1. Convert the measured AC voltage to dBm, 2. Disconnect the amplifier, 
insert a through-response connector and convert this measured AC voltage to dBm. The difference = S12. Ensure that you employ the same 
drive level used to measure the forward gain. 


Measuring reverse gain may be tough. When the amplifier under test requires a low drive level and/or has strong reverse isolation, you may not 
have enough signal to accurately measure with your oscilloscope. The tool of choice for low reverse voltage measurment is a spectrum analyzer 
(SA) — a narrow band SA may be required to distinguish the weak signal from random noise with low signal voltages. 


Summary 
A practical bench work flow goes something like: 


Measure the through-response peak-peak voltage. 

Measure and record the peak-peak AC voltage while driving the amplifier input port (forward gain set-up). 

Reverse the amp so you're driving the output port and then measure the peak-peak AC voltage (reverse gain set-up). 
Calculate S21 and S12. 

Calculate reverse isolation. 


ORWONE 


Example 1: Feedback amplifier 





In the first example, | measure the reverse isolation of a Beaverton Special feedback amp. The schematic is shown below. Tested with a 7.039 
MHz signal generator possessing a return loss of 30 dB. 


10 bifilar turns 





50 ohm Voltage Measurements: 
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Above — AC voltage with reverse gain set-up: 5.28 mV pk-pk. 


$21 = 15.1 dB. $12 = -31 dB. | tested my driven amp's linearity by adding a scrap, standard value 6 dB pad in between the signal generator 
and the amplifier — the S21 was 15.2 dB with the pad and 15.1 dB without the added 6 dB pad. It's linear. 


Reverse Isolation Calculation 


R.I. = S21 - S12 
25.4 GB: = =32.03. <a 
R.I. = 46.13 dB 


. 
aa) 
i 





Example 2: Common Base Amplifier 





75 


10 BFT FT37-43 


(173 pF) 
$22 =-248 dB 


a 


Stage current = 4.28 mA 





Above — A common base amp employing L- networks for a strong return loss in and out at 7.039 MHz. S11 and S22 = the negative of return 
loss. 


Through connector voltage = 192 mV peak-peak. 

$21 = (1.88 volts peak-peak AC voltage) = 19.82 dB. 

$12 = (1.68 mV peak-peak AC voltage) = -41.16 dB. 
Reverse isolation at 7.039 MHz = (S21 - S12) = 61.42 dB 


| confirmed the linearity of my S21 using the aforementioned 6 dB attenuator pad — | couldn't increase my signal generator output level above 
the indicated -10.35 dBm, since gain compression emerged in the common base amplifier (reduced AC voltage was measured). 


My reverse AC voltage was under 2 mV; about the threshold where my oscilloscope waveform becomes rather ugly and sits in the noise. Clearly, 
the limitations of measuring reverse isolation with an oscilloscope must be factored. Still, you got to love 60 dB + of reverse isolation in a 
popcorn circuit. 


1 local professional EE told me if you can measure it with a ‘scope, you don't have spectacular reverse isolation - no doubt, a spectrum analyzer 


pumps up the measurement quality in circuits with high reverse isolation, but more amateur designers have ‘scopes than spectrum analyzers, so 
just do your best. 


Involving Scattering Parameters as possible on your workbench can only lead to circuit improvement. You can't better your outcomes if you can't 
or don't measure them — applying and more importantly, understanding test equipment is just 1 component of our hobby. A hobby unto itself; 
test equipment activity complements amateur radio design. | have met test equipment focused builders who make radio gear just as an excuse 
to apply their test gear! 


Improved bench practices are the corollary of striving to learn more about measurement techniques and increasing our collection of 
measurement devices. 


QRP — Posdata 1: Hycas Amplifier 


| love the hybrid cascode (hycas) as a general purpose RF amplifier. What's not to love about a using a common source FET followed by a 
common base bipolar amp? | attempted to measure the reverse isolation of a version just using an oscilloscope. 


Tested at 14.078 MHz 


$22 = -32 dB (Be 


2N3904 


S21 = 15.6 dB 
Reverse Isolation > 64 dB 


Current = 16.87 mA 


$11 -24.7 dB 3-25pF 





Above — A hycas amp set up for high return loss on both ends at 14.078 MHz. Too much current may cause gain compression and harmonic 
distortion, so please test your hycas amps for both. | tested using a signal generator with a 30 dB return loss driving a 50 © terminated 
oscilloscope. Since the hycas amp contain a high impedance input JFET and a common base amp, the reverse isolation should be reasonably 
high, or at least as good as a common base amplifier. 


My testing failed — The reverse isolation was too high to measure with an oscilloscope. Using proper bench techniques (linear amplification + 
honest scope reporting), | determined the highest reverse isolation | could measure = 64 GB. In fact, injecting a whopping signal of 1.08 volts 
peak-peak into the hycas output port only gave an S12 of 1.84 mV — whoa! 


The problem is such a strong signal (1.08 volts peak-peak) at the input port results in severe limiting and distortion; so valid reverse isolation 
measurement isn't possible. Even a 350 mV peak-peak signal may give some gain compression during S21 measurement depending on your 
matching. Thus, | can only accurately say that the reverse isolation of my hycas amp is greater than 64 cB. 


Strong reverse isolation is 1 reason | favor hycas amps as VFO buffers. They make pretty good I.F. amps also. 


The hycas IF amp system by Wes, W7ZOI and Jeff, WA7MLH offers amazing performance and features an excellent JFET bias scheme. | built 
1 in 2008 — amazing design. 


QRP — Posdata 2: Doesn't S12 = Reverse Isolation? 


Many web sites, books and people report that reverse isolation = S12, yet above, | depart from this argument. In truth, | think reverse isolation 
equals S12, but reverse isolation may also equal S21 - S12. 


I'll let you decide what to do, but explain why | enjoy the latter. 
$12 is a negative value. 


| prefer to turn that negative value into a positive 1 — RF Workbench 4 concerns measuring and applying amplifiers with the goal of high reverse 
isolation and not just measuring S12. 


The main purpose to quantify amplifer reverse isolation is to strive to improve reverse isolation and an amplifier is but 1 component in our 50 O 
block. | believe in a creative, systems approach; open minded and positive (pun intended). 


The whole RF Workbench series attempts to present 50 QO bench measurements in a vibrant way devoid of excessive + boring engineer-style 
content that could blank the eyes of the budding Hams/SWLs designers that visit my site. | imagine this web site bores more advanced RF 
designers to tears. 


Our goal is to obtain high reverse isolation while applying a 50 QO systems approach. 

Break away from strict + "stodgy" math-driven methods to fuel creative thought and experimentation. 

| posit that an appropriate figure of merit in a well designed isolation amplifier is the difference between S21 and S12; and therefore, the term 
reverse isolation can be more than just S12. 

Ham/SWL component-level experimentation by commoners like me is stewty dying and being replaced by a new generation of skilled, code 
writing experimenters. Although, some builders just copy other people's code and then apply it to kitted hardware. Reverse isolation impacts both 


our analog and digital designs. 
Please consider this example: 


I’m switching a level 7 diode ring mixer with 12 MHz and per normal, create lots of internal harmonic energy. With my spectrum analyzer 
connected to the mixer RF port | measure my 12 MHz LO signal at 50 dB below a +7 dBm signal, or -43 dBm. That's a 50 over S9 signal — very 
high amplitude in context! 


| require strong LO isolation in my circuit and thus stick in a 50 Q input/output amplifier. | measure this amp: S21 = 15 dB and S12 = -31 dB. 


So, the signal at the amplifier input is -43 dBm plus -31 dB = -74 dBm. But, alas, -74 dBm isn't good enough me — | want to use that amplifier to 
elicit greater isolation. However, | don’t want any gain in my system, so | insert a 15 dB attenuator pad after the amplifier. For this pad, both S12 
and S21 = -15 dB. For my amp, the net cascade is S21 = 0 and S12 = -46 dB. 

Since S21 = 0, the block has 0 impact on the signal amplitude applied to the mixer, but the signal at the input of my isolation amplifier is -43 dBm 
plus - 46 dB, or -89 dBm. This isolation | like — it also illustrates a systems approach that gets you thinking about measurement in your own 50 
Q blocks. 


The figure of merit for making a good isolation amplifier is now the difference between S21 and S12. If you want, go ahead and just use S12 for 
reverse isolation, but you'll probably measure S21 plus S12 anyway and that's what this web page is about! Onward. 


QRP — Posdata 3 


Comments From the Workbench 


I’m no amateur electonics expert — I'd like to be one, but this is a tough field; RF and AF design is quite scientific, under-resourced and a bit 
overwhelming. How do we experimenters advance and stay motivated? Reading works by professionals like Chris Trask, N7ZWY, Bob Larkin, 
W7PUA, Doug Self, Rod Elliott and others may highlight our lack of knowledge and scientific methodology — a realization which can distress 
and demotivate us lay-designers. To a degree, this is irrational thinking; personal growth is always about hard work, problem solving and 
overcoming barriers. 


Unlike the white belted Karate student, who studies and practices under the guidance of a master to attain black belt skill level, most amateur 
designers, excluding electrical engineering students, can't access good teachers. As a lay-person, with few face-to-face mentors (nobody in 


Canada), | try to learn by experimenting and incorporating whatever knowledge, advice or schematics | can find. Fortunately, some Electrical 
Engineers give me advice by email and in turn I'm able to share this information via experiments on QRP / SWL HomeBuilder. 


Our dusty, analog hobby fades palpably — the number of analog electronics gurus dwindles each decade and modern electronics embraces 
miniature circuitry often involving digital ICs controlled by lines of code. 


Current electronics hobbyist magazines rightfully focus on topics that are contemporary or important to their advertisers; for example, promoting 
mixed-signal ICs, DSP, microcontrollers and the kits they describe and then sell for income. Nuts and Volts is 1 example. Both analog RF and 
AF design increasingly lies in the hands of a small group of specialists, enthusiasts and students. 


Yet, we persevere. Sharing our knowledge, circuits, experiences and references on the Internet helps sustain our small global community. That's 
the site purpose— sharing the (warts and all) experiments + basic information of a lay-person. 


The Emitter Choke in Common Base RF Amps 


This web page covers reverse isolation — a really important topic. 2 principle amplifiers we employ for strong reverse isolation are the common 
base BJT and common gate JFET alone or in cascode with other amplifier topologies. 


Some comments regarding using a radio frequency choke in the common base amplifier follow. 





Above — Case 1: Emitter resistor only. 


Apart from providing DC bias along with R1 and R2, emitter resistor RE plays another important role. Despending on its value, a portion of the 
input AC signal may pass through RE to ground instead of going through the transistor — degrading signal amplitude and noise figure. To 
minimize this, the resistor value should be many times (~10X or more) than the input impedance of the amplifier. 


Although we might bias a common base amp to give an input Z of 50 Q, often we'll choose a much lower input Z to get higher voltage gain. Input 
Z = 26/ le where le = mA; so if you bias for 5 mA, you are looking at an input Z of ~5 Ohms. In that case, a low value bias resistor such as 100 
Q won't shunt much of the input signal to ground, nor will it likely contribute much noise. 


For most common base RF amps, a correctly chosen emitter resistor is all that's needed to decouple the AC signal and using an emitter choke 
proves hard to justify. However, it's important to understand how to apply an emitter choke since the basic principle also extends to the common 
gate JFET amplifer and other circuits. 





Case 2 


(2 100 








Above — Case 2: Emitter resistor plus a choke. 


The choke’s main purpose is to block or choke RF from passing to ground. The ideal choke would present infinite 
impedance to AC signals, plus 0 resistance to DC voltage. In reality, "ideal" = fantasy electronics and you can simply estimate a choke's 
inductive reactance using the classic formula (XL =2*PI * Freq * L). 


Using a coil (and not just a resistor) is generally better for decoupling — although how much better might be debatable. If the inductive reactance 
(XL) of the coil is significantly higher than the input impedance of the transistor, then all of the input signal power goes to the transistor. 


By convention, a minimum choke XL should be at least 3 times the input resistance, however, the self-resonant frequency of the coil must be 
significantly higher than the applied frequency. Thus, an ideal range of inductive reactance exists, and too little or too much can degrade 
performance. Many builders target an XL around 10 times higher than the transistor input impedance at the lowest operating frequency. 


Example: For a common base amp biased for an input Z of 50 ohms, the minimum inductive reactance (XL) for the choke = 500 ohms. To 
calculate the inductance of an emitter choke for this amp at 50 MHz, we re-arrange the formula to solve for L. 


L=XL/2* Pi*F 
L minimum = 1.59 uH. 


Winding the choke on a ferrite core, or possibly a bead for VHF often means less turns, less winding capacitance and a higher self-resonant 
frequency. 








Above — Case 3: Bypassed emitter resistor plus choke. 


The primary purpose of the capacitor across RE is to filter resistor noise — but that is only an issue well below the frequency of interest and it 
should not be relevant at high frequencies where the choke reactance is significant. There may be some useful effect if the self-resonant 
frequency of the capacitor Cx is above the frequency of interest. 


You can only use bypass capacitor Cx when a choke is implemented. 


A 0.1 uF may be useless at high frequency. In error, I've used this value previously on the site; after 14 years of experimenting, I've learned a lot 
from my design mistakes. 


The case of the common gate JFET amplifier 


This discussion also informs common gate JFET amplifer design. The JFET source requires signal decoupling similar to the emitter of the bipolar 
transistor discussed above. 


vcc 


Zin -4 


RL 





RFC tapped 
for matching 





Above — Case 4: A choke plus source resistor will commonly be the "go to" design. Things get a bit more complicated with some, but not all 
JFET circuits — engineers often match the JFET input for a low noise figure rather than just the "correct" input impedance. 


A good example follows: We might place a common gate JFET amp after a diode ring mixer because of the wideband load it presents to the 
mixer's RF port. The best noise match may occur with a hypothetical input Z of ~70 Q (this argument represents an advanced topic). 


After measuring the JFET pinchoff voltage and Idss, you would likely find that a source bias resistor of ~100 Ohms would be needed. This R 


value is so close to the JFET input Z that signal losses to ground would occur — demanding a choke for signal amplitude preservation, plus 
impedance and noise figure control. 
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RF — Test and Measurement 





VFO - 2011 





Building VFOs in 2011 might seem an irrelevant exercise given the move to and 
evolution of digital signal generators laden with bells and whistles like memories and 


audio or video frequency displays. 


A successful L-C VFO requires skill, patience and some good parts to pull off — else, a 
“drift monster" may result. Despite their limitations, it's possible to build L-C VFOs with 
low frequency drift, distortion and phase noise; our typical VFO performance markers. 
L-C VFOs don't require programming skills or equipment to encode a microprocessor — 
making them a good choice for people who don't build or can't afford kit oscillators. Most 
of all, they kindle creativity, problem solving and pride when your oscillator actually 
works as planned. Junk box radio; my passion. 


This material reflects lots of empiricism; not pure science. It's really your VFO design 
odyssey; a chance to think creatively and critically to sort out what works and what's 
folly. 

Countless web pages discuss VFO design and | encourage you to search for and read 
them. Wes' EMRFD oscillator and temperature compensation notes = essential reading. 
Only your first 25 VFOs will prove difficult — it gets easier after that. 





VFO 2011 Topics: 


Frequency Stability Notes 
Vackar VFO Experiments 
HF Signal Generator 
Miscellaneous Bits 
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1. Frequency Stability Notes 


Building an oscillator that stays on frequency purports our greatest challenge and goal in L-C VFO design. Since drifting VFOs pose a source of 
frustration, | cover some topics that may help your VFO stay on frequency — do they help? 


What is good drift parameter? 


I'm uncertain, for after warm-up, I've measured kits that drifted 50-150 Hertz per hour, built L-C VFOs that drifted under 20 Hz per hour and 
every once and a while, build a drift monster VFO that sweeps upward at 2 - 8 hertz per minute! Likely under 20 Hertz per hour after warm up = 
a gold standard to compare against. You should be able to listen to a 10-20 minute QSO with no re-tuning, however, this assumes the 


transmitting stations are locked on frequency. 


1. Unloaded Q and Frequency Stability 


The number 1 reason to employ high resonator Q in oscillators is to obtain low phase noise. Secondly, the very steep phase slope through high Q 
resonance minimizes the effect of amplifier phase shifts caused by temperature changes and this in turn, minimizes any amplifier-induced 
frequency instability. 


Long term frequency stability is chiefly dependent on the temperature, environmental and age stability of the resonator components regardless of 


Q. 


| often see designs featuring high Q inductors wound on powdered iron toroids complimented with trashy, low Q variable and/or fixed capacitors, 
If you design for a high Q tank to minimize phase noise, consider using a high Q coil plus appropriately temperature stable, high Q capacitors. 


2. Temperature Stable Inductors 


Knowing that I'm venturing into a topic of great debate and lore, the inductor is 1/2 of the VFO resonator and thus a major source of temperature 
drift in L-C VFOs. Since MF and some HF VFO designs may preclude using the inherently more temperature stable air wound inductor, 
powdered iron toroids dominate our evermore compact designs. Many builders choose #6 material, although the lower temperature coefficient of 
#7 material theoretically should be better — however, my experiments have failed to measure a significant difference between these 2. 


Some builders prefer size 68 inductors, for the bigger core is less affected by heating than smaller size toroids. My experience suggests that 
providing the VFO amplifier current is kept low, both size 50 and 68 are both suitable and the inductance needed should inform the core size. 


| used to think that heavier gauge wire created greater frequency stability than smaller gauge wire until Wes, W7ZOI, woke me up. As it turns 
out, smaller gauge wire is often better for thermal stability because smaller gauge wire lies closer against the toroid core. Winding stiffer, heavier 
gauge wire creates more air gaps than smaller gauge wire and air gaps expand and contract during temperature changes. Smaller gauge wire 
will have a reduced Q, but it won't be as significantly lower as you might guess. As possible, | prefer tightly wound number 28 wire. 26 gauge 
wire tends to be my maximum size wire for VFO coils, however | suggest you make your own conclusions. 


Wash your hands before winding and use both hands to actively move both the toroid and wire for tight turns. Take your time, ensure steady 
wire pressure and avoid kinking your wire. Taps increase the likelihood for air gaps — mitigate this by stripping the 2 tap forming wires as close 
to the toroid as possible and twist them into 1 wire right down tightly to the toroid edge to reduce any air gap. 


The thermal stability characteristics of wire can be mitigated somewhat by annealing the wire with temperature cycling or by dunking it in boiling 
water. Roy, W7EL first reported annealing coils in 1980 and this has been confirmed during experiments by builders using temperature controlled 
ovens. | don't boil my coils any more. 


3. Double Stacked Toroids 


| noticed a new trend in VFO design is to stack 2 powdered iron toroid inductors. This allows the builder to double the inductance per number of 
windings over a single toroidal inductor. In an L-C VFO, the goal of these builders possibly is to reduce heating effects, increase unloaded Q, or 
perhaps to reduce core magnet flux density. For me the goal is far simpler, | just want to make compact, large L value inductors for 3 MHz and 
less. 








——— | 


Above — A T68-6 hamburger. The two T68-6 cores were epoxy glued together and compressed lightly in a vice for several hours. One of the 
initial tests | performed was to see if boiling the stacked coil affected the epoxy glue. The glue was not effected by annealing wire on a stacked 
coil with 5 or even 10 minutes of boiling in water. As mentioned, | stopped boiling my VFO inductors as tightly winding them with 26 gauge wire 
seems to work well. 


| hold concern that stacked toroids may create more wire-air gaps when compared to a single toroid and stay with 1 toroid as possible. In 
compact antenna tuners and other non VFO projects, this isn't an issue. 


4. VFO Tank Capacitors 


We choose VFO tank capacitors to avoid temperature change caused frequency drift, or to counter drift during our temperature compensation 
process. 


Many authors have published guidelines for long term temperature stability. It's important to consider these guidelines, but also try whatever 
works. | believe the following arguments are accurate based upon my experiments: 


1. Multiple NPO or COG (0 temperature-compensation) tank caps: Most builders minimally use 4 or more COG or NPO capacitors to reduce 
heating effects and to average out temperature coefficient variations. 


2. No VFO tank capacitors from online surplus parts stores; buy new stock from known and reputable manufacturers. Grab bags and musty, old, 
surplus parts can obviate good design. 


3. Trimmer and tuning caps need to be temperature stable. Air variable capacitors = my favorite, as possible. 
4. Varactor, or diode tuning generally = more drift and a greater need for temperature compensation. 


5. Employ short, stiff capacitor leads. | use 100 volt or higher voltage COG tank caps as they tend to have thicker leads that stay put — perfect 
for Ugly, Manhattan, or Chuck Adam's MUPPET construction. 


5. Temperature Compensation 


The goal of temperature compensation is to cancel the tendency of the VFO to drift in 1 direction — easier said than done + very time 
consuming. A web search for VFO temperature compensation will yield many good write-ups. | feel it's partly art, partly luck and partly science. 
Your net VFO temperature coefficient can be affected by so many variables, so no 1 recipe will ensure a low drift VFO. Experiment, allow a lot of 
time to assess your changes and be patient — you'll figure it out. 


The simplest way to test for drift involves watching a frequency counter, but if you don't have one, you might use a commercial, frequency stable 
(synthesized) receiver set in the SSB/CW mode. | use both. Experienced builders often employ an oven to test their temperature compensation 
at different, controlled temperatures. Wes, W7ZOI employs a styrofoam cooler housing a light bulb heat source controlled by a Variac. See 
EMREFD for more details and a photograph. 


In 2011, | decided to build up a supply of temperature compensation capacitors and keep them in their own parts bin. 





Above — "Tempco caps". A parts drawer containing polystyrene capacitors from 10 to 270 pF plus some 56 pF ceramic N750 capacitors for 
negative temperature compensation. | purchased these capacitors on eBay. 


For capacitors other than NPO (which use 0 instead of a ppm value), the temperature coefficient = P for positive and N for negative, followed by a 
3-digit value specifying ppm/°C. For example, N220 is - 200 ppm/°C. and P100 is +100 ppm/°C. 


| use NPO and COG ceramic capacitors interchangeably for both tuning and RF bypassing the VFO tank resonator. For COG/NPO temperature 
compensation bypass, | normally apply 0.01 or 0.001 uF caps, however, the more expensive 0.1 uF COG ceramic capacitors are still sold if you 
need COG/NPO bypass <= 7 MHz. 


If your VFO is drifting upward you might insert 1 or more positive coefficient capacitor(s). If your VFO drifts downward, then try using negative 
coefficient value(s). Sometimes just 1 capacitor will do the job. 


Since | don't stock any positive coefficient capacitors for positive coefficient compensation, | might try a adding a silver mica capacitor. *Caution* 
silver mica capacitors are extremely non-predictable and can't be universally recommended in temperature compensation schemes. You might 
also try swapping out 1 or more of your main tank NPO or COG capacitors in case they are bad; sometimes it gets frustrating. | provide some 
temperature compensation examples on the QRP Modules 2011 web page in the 7 MHz VCO section. 





Above — 56 pF N750 ceramic capacitors rated at 1KV 


6. Mechanical Rigidity 
Movement of your VFO tank parts may lead to frequency instability. For example, 


1. Well secure your single-sided only copper board. | use at least 4 number 8 bolts — 4-40 hardware is too light. Boards can warp over time if 
not lashed down properly. Aggressively bolt down any variable capacitors. No tank parts should move. 


2. Anchor your inductor so it cannot budge: nylon bolts, zap-straps, glue - whatever. 
3. Consider placing the VFO in a strong chassis with rubber feet. 


4. Buss wires should be made from thicker gauge, well anchored wire. 
7. Miscellaneous Points 


1. Regulate the VFO amplifier DC voltage and wideband filter it. Voltage regulators require RF and often AF bypass to attenuate any noise or 
ripple riding on the DC. 


A decoupling resistor with a bypass cap on either side will widen your DC supply filtering bandwidth and deserves strong consideration. A poorly filtered 
DC supply can easily transmit the VFO tank energy to other stages along your DC lines and also may allow noise on the DC supply to modulate your VFO 
and increase phase noise. 


2. You should have the buffer + a load resistor connected to your VFO when testing. Do your temperature stability work after the buffer is 
built and the VFO is in its case. 


3.Stick your VFOs in an air tight, RF tight case to minimize air temperature changes and RF leakage respectively. Sometimes a VFO will drift 
once in a case because any radiated buffer amplifier heat will warm up the inside of the chassis. This usually levels off after warm up. 


4. Modern voltage regulators may significantly reduce noise compared to a zener diode regulator. Specific low noise and low temperature 
coefficient voltage regulators are available, but maybe overkill for you. Whatever you use — filter it well — 
The Micrel MIC5209-5.0BS in SOT223 sits in a couple of my reference oscillators. 


5. JFET Gate clamping diodes may increase phase noise, but not prohibitively so in most popcorn designs. 


6. When winding toroid inductors, wind 2 extra turns. When finished, unwind the first 2 turns since they are usually loosely wound and prime 
culprits for air gaps. 


7. Since magnet wire comes off small spools, wire has a natural curve or radius — ensure you wind your coils according to the natural curve of 
the wire. 


8. The need to secure powdered iron windings with dope, wax, goop, etc. is over-emphasized and usually unnecessary. 





2. Vackar VFO Experiments 


Some builders proclaim the Vackar as the "King of VFOs". | built a couple and became impressed by the low distortion and less than 5 Hertz per 
hour long-term drift achieved in my 2 designs. Inspired by work from lulian, YO3DAC entitled Very Low Phase Noise Vackar VFO for HE 
Transceivers (link and reference used by permission of lulian), | crafted my version from his notes and schematic. 
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Above — Schematic of the Vackar VFO employing a BD139 — a large area transistor, to reduce 1/f noise. lulian shared many design pearls in 
his paper and | won't repeat them. | ran Q1 with 0.4 mA emitter current to reduce heating and flicker noise. It's difficult to measure flicker noise, 
so no objective comments can be made. 


| limited the tuning range to 34 KHz since the tuning capacitor lacked reduction gear and | was born with fumble fingers. As a CW operator - you'll 
find me down at the bottom of the band away from the RRTY anyhow. Increasing the 5 pF cap coupling the tuning capacitor to the tank increases 
the tuning range as expected. 


Temperature compensating my VFO with the 5 pF silver mica capacitor proved a gamble since SM caps are unpredictable and often best 
avoided. In my VFO, it worked perfectly, however. This circuit is difficult to replicate and not recommended for new builders. Temperature 
compensation provided the sublime frequency stability. 
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Above — The final amp and measured output data. Measuring the 2nd harmonic 36 dB down without any tuned circuit or low-pass filter rocked. | 
ran nearly 22 mA of emitter current to bump up the return loss and spectral purity. A 2N5109 or 2N3866 would likely do a better job with less 
current. Total current = the entire VFO current. | glued a drilled copper penny on the 2N2222 to dissipate heat. 


A photo of my version of a Vackar VFO. My design goals included low phase noise, low distortion, a return loss over 20 dB, good reverse 
isolation and ~7 dBm output power. | believe all VFOs are experimental; you build to suit whatever tuning capacitor or varactors you have, plus 
design around constraints such as total current, tuning range and other personal criteria. 


Unlike harmonic distortion, oscillator phase noise, being close to the oscillation frequency, cannot be removed by filtering nor limiting — you must 
design for low phase noise. Modern digital VFOs are well harmonically filtered, and any phase noise depends on the DDS clock employed, so 
check the DDS specifications carefully if you go the DDS VFO route. 


I'll be the first to state I'm no expert with VFOs, however, likely the only way to become expert is to build many and learn from your mistakes. 





Above — A 7 MHz Vackar VFO with the lid off 


Sound Test? 


Although this technique raises the ire of some builders, | test my VFOs in a nearby receiver. The VFO output was terminated with a 51 ohm 
resistor that was also attached to my frequency counter via alligator clips and wire. | tuned a nearby CW superheterodyne receiver to 7.00 MHz 
with the audio beat note centered in its 600 hertz wide I.F. filter and watched the counter plus listened to the receiver. 


Click for a 1 minute 32 second audio file of the result (it stayed perfectly on frequency for ~5 hours of testing before | got a bad headache from 
listening to it and shut it off). You can initially hear a station in the back ground despite only having a 45 cm piece of wire as the receiver antenna. 
The VFO slowly drifts down to 6999996 Hz and then slowly back up to 7000000 Hz. You can hear the signal amplitude decrease as the VFO 
drifts down. So it doesn't stay perfectly on frequency, but slowly cycles up and down a few hertz. This VFO is my lab temperature stability 
benchmark for an L-C VFO. 


A badly drifting VFO will move out of the test receiver I.F. pass band and sound like a Theremin as it does. Testing in a receiver; places the VFO 
in the exact circumstance it will be used — beating RF to mix to another frequency; in this case, base band audio. 


The temperature stability and compensation of any VFO schematic are rarely reproducible since there are just too many variables. Try your best 
to get the drift out of your VFO using low temperature coefficient capacitors (NPO/COG) and then after that, temperature compensate. Even 
today, | occasionally build a drift monster VFO and become frustrated. VFO design is not for the faint of heart and it's no wonder that many 
builders make a VXO, or cave in and build or buy a DDS signal generator. 





3. HF Signal Generator 








Above — | built a general purpose ~2.8 to 10.8 MHz signal generator (SG) for my lab in 2011. The first VFO topology tested was the Vackar. In 
my version, while employing a 100K ohm resistor as the buffer, the VFO only tuned from about 4 to 8 MHz and suffered from extreme amplitude 
variation as | changed the frequency across its range. For sweeping filters or measuring Q, a signal leveling circuit would be needed as normally 
we like our SG output to be flat across its frequency range. | later changed to a Hartley VFO because of its flatter output and the wider available 
frequency range with any given resonator. 


This initial Vackar VFO experiment wasn't a total waste as | learned a way to accurately sweep a Device Under Test with an unlevel amplitude 
SG. Measure the peak-peak voltages of the DUT with a signal generator and an oscilloscope in the same manner we measure insertion loss or 
gain in a 50 ohm system: Measure the peak-to-peak voltage with the DUT in line; disconnect the DUT, insert a barrel connector and then re- 
measure. 


The dBm difference between the 2 becomes the dB value to plot for that frequency. To a sweep a filter, say for example, a band-pass filter, find 
the center frequency and then sweep below and above that CF while plotting the dB versus frequency. 

This "in and thorough" measurement described takes time, but resolves any frequency versus amplitude issues and can be used to test signal 
generators. We tend to ignore things like cable loss versus frequency and scope or spectrum analyzer ripple. 


Still, it will be easier to just use a Hartley VFO where our sweeps are assumed to be level due to the flatness of the amplitude versus frequency 
for small excursions such as 3 dB band-pass filter sweeps. Do not expect amplitude flatness over wide excursions however — this requires 
additional circuitry. 


To reduce noise and boost fidelity, this SG runs modest current and was not designed for battery use. 
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Q Signal Generator 2.7 — 10.7 MHz 


Above — My Hartley VFO is morphed into a double-gate MOSFET VFO; this was a mistake and | make lots of them. 








When venturing out, it's often best to confirm a proven design is working before morphing it to something untried. Shown above left is the Hartley 


oscillator from EMRFD Chapter 7 sans buffer. Fixed "tuning" capacitors; either 20 pF (not shown) or 370 pF (150 pF + 220 pF) represent the 
intended high and low frequency swing of my air variable tuning capacitors. 


| wanted a variable amplitude VFO and thus replaced the JFET with a double-gate MOSFET using a simple variable voltage divider to control 
gate 2. | showed this to Wes, W7ZOI and he informed me that the flicker noise of MOSFETs precludes their use in oscillators. | have always 
wondered why I've never seen MOSFET VFOs in any radio literature. 





Above — My project chassis fitted with hardware. | employed 2 air variable tuning capacitors — the fine tuning capacitor ranges 13.6 to 27.5 pF, 


features built in 6:1 reduction gear and was purchased from Doug DeMaw many years ago. | secured the main copper board with 6 number 8 
bolts. Rubber feet provide a stable, shock resistant base for the sheet metal box. 
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Above — Oscillator + buffer schematics of the latest version of my signal generator. | spent 1 evening playing with VFO designs and settled on 
the simple Hartley from EMRFD, Figure 7 .27. The 3 turn link provided lower distortion than coupling the oscillator to its buffer by the JFET source 
or gate. 


Regulated 12.2 VDC powers the oscillator; avoiding the typical 5-9 VDC voltage regulator we normally use. A 22 to 470 uF cap should be 
employed to filter any voltage regulator noise from our DC supply. Mine has a 470 uF capacitor. 


1 hour drift lies under 40 Hertz when averaged from 15 different frequency points between minimum and maximum. The Q2/Q3, Q4 and Q5 
transformer inductances were optimized to allow good signal and/or matching performance in the ~ 2.5 to 10.8 MHz frequency range. 


A hybrid cascode (hycas) buffer with variable base bias on Q2 forms the amplitude control for both the high impedance and low impedance 
outputs. The 510 ohm gate resistance on Q4 terminates the hycas amplifier and sets up a known output impedance to drive the 50 ohm 
feedback amp. | measured a greater than 22 dB return loss on the output of the 19:6 turn transformer from 4 to 14 MHz — indicating it drives the 
feedback amp reasonably well. 





(Be T Output = -15.4 to 10.5 





Above — The 50 ohm impedance feedback amp. Running 25.1 mA current allowed a clean sine wave output up to 2.12 volts-peak to peak into a 
50 terminated oscilloscope, plus an output return loss of over 30 dB across the SG tuning range. 3 tabled output return loss measurements 
are shown; including an out-of-range 14 MHz measurement. 


Two series resistors made up the 37 ohm "resistor" depicted in the 6 dB pad, although a 39 Q resistor would work fine. 


At low output amplitudes, | typically stick an external 6, 10 or 20 dB attenuator on the output since the hycas amp can distort the signal a little 
when the gain control is set to a really low bias voltage on Q2. Then | fine tune the output power with the gain control. 





Above — A "lid off" front panel photograph. Click or click for other photos. I'm now using miniature pots with a shaft diameter of 3.18mm. The 
potentiometer shaft lacks a knob and I'll purchase some on my next parts order. 
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Above — The completed signal generator. 


3 .S6688MHz 





Above — Signal generator output at 3.5 MHz. 


| appreciate that the VFO tank would be difficult to replicate since the 2 air variable capacitors are unique, however this is true of most VFOs. 
Wes wrote some great notes in EMRFD Chapter 7 regarding copying signal generators and the versatility of the Hartley VFO. | hope this project 
furnishes some ideas that spawn you to build something better than | did. (I've received over 350 related emails since posting this page in 2011 


and many readers have built really great VFOs — Way To Go !) 
QRP — PosData for December 17, 2013 


| slightly boosted the tuning range from 2.8 to 10.8 MHz by dropping the 5 pF resonator capacitor to 3.3 pF in October 2013. The schematics now 
reflect this changes plus clarify 1-2 stumbling blocks readers had. For example: my use of a 100K gain pot plus a 150K maximum voltage limiting 
for the Q2 bias. My build still has these, however, | altered the schematic to show a common 10K gain pot, plus a fixed 10 to 15K resistor used 
to limit the Q2 bias to between 5 and 6 VDC maximum. 


In reality, any reasonable pot and resistor will do since they function as simple voltage dividers. With a 12 volt supply, we don't want to drive the 


Q2 bias with more than ~ 5 to 6 VDC since this will just distort the AC signal as the hycas stage saturates. Measuring with a voltmeter, solder 
either a 10K, 12K, or 15K resistor to limit the maximum Q2 bias with the 10K potentiometer turned fully clockwise. 
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Above — Alternate way to couple the Hartley oscillator to the hycas buffer. Ground the JFET gate with a shunt resistor and lightly AC couple the 
JFET gate to the Hartley secondary coil with a series capacitor. You choose the capacitor value to limit the signal amplitude as needed. Our 
main goals are to lightly couple the Hartley tank to its buffer and avoid overdriving the hycas stage. Numerous examples of this "Alternate Take" 
circuit may be found on the QRP / SWL HomeBuilder web site. 





4. Miscellaneous Bits 


Time 2 





Above — Scope traces of an unbuffered Hartley oscillator with a X10 scope probe across a 51 ohm resistor across the 3 turn link. The 
unbuffered Hartley sine wave isn't harmonic free, but cleans up when properly buffered with a higher impedance amplifier. Figure A = the lowest 
frequency (2.7 MHz) — the distortion increased with frequency (Figure B was measured at 10.5 MHz). Figure C illustrates how slightly stronger 
output coupling with a 6 turn link trashes the output waveform — the strategy of using 2-3 links over the center of the main inductor works well. 


Figure D is the 6 link coupled Figure C oscillator with the gate clamping diode removed; yikes! | spent 4 hours studying what different current, 
voltages, coupling and so forth do to the Harley oscillator. | recommend the Hartley topology because it's simple, always starts and versatile. 





Above — In my various signal generator experiments, | zap strapped the toroid to a small piece of thick copper board that was later soldered to 
the main board. The L seems robustly secured. 





Above — A stacked toroid from the deleted VFO-2008 web page. | incorporated some of the information from the VFO-2008 page into this web 
page 
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Above — In order of preference, 3 ways to couple a Hartley oscillator to its buffer. From now on, I'll couple with a 1-3 turn link since it gave a 
lower distortion signal than with source or gate coupling. This figure omits the gate clamping diode seen earlier— tapping the inductor as shown 
keepings the FET gate AC voltage at a reasonable level when not using a gate clamping diode. Some builders leave off the gate clamp diode 
that clips positive signal peaks for lower phase noise. The diode acts as an AGC and offers benefit. Reverse biasing this diode was suggested 
by Dr. Ulrich Rohde: see — Key Components of Modern Receiver Design - Part 2: Dr. Ulrich Rohde, KA2WEU , QST for June 1994. 


A formula to use for the inductor taps: Divide the total turns by 1.45 to get the first tap and by 7.25 to get the second tap (near ground link). 





Enjoy your VFO experiments. 
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RF — Test and Measurement 





The Butler Did It ! - First VHF Experiments 2011 





Venturing into VHF, | felt like a beginner with no experience or confidence — however, the 
excitement and allure of new parts and circuits kept me going. 


After performing a literature review, talking to some colleagues and renovating my QRP work 
bench, my first tasks involved buying some VHF parts + exploring the Butler crystal oscillator. 
Specifically, I'll cover my experiences with the common base version of the Butler oscillator. 


Like HF, the VHF knowledge base contains ever-present lore. Consider the Butler oscillator — | 
have read arguments stating that the emitter follower version of the Butler oscillattor is vastly 
superior to the common base version because the latter is prone to UHF and other spurs. These 
comments seem to have originated from a good book entitled Crystal Oscillator Circuits. 
Revised Edition by Robert J. Matthys published in 1992 by the Krieger Publishing Company. 


While examining the schematics of professional/world class gear using a Butler, the common base 
version clearly dominates. Spectrum analysis and other measurements indicate that when common 
UHF oscillation management techniques are applied, common base Butler crystal oscillators work 

well. 





Suppressing UHF oscillations with ferrite beads (and small value resistors), feedback, neutralization, limiting gain, etcetera are routine practices 
for us experimenters applying active devices that have strong gain into UHF on up. This is vanilla, or matter-of-fact construction for us; no 
worries. While fun and often convenient, lore ultimately stifles our progress. 


Increasingly, I'm adopting the philosophy of Bob, K3NHI; "TMITK" — to measure is to know. Consider, too, you have to know what to measure 
and possess the required gear. 








For JFETs, the J310 in TO-92 and SMT will remain my workhorse FET part along with a couple of other low noise JFETs and 2-gate MOSFETs. 
At VHF, the noise figure in a receiver chain is established by the first amplifier so a low noise preamp ranks important. 


A collection of 100 volt NPO capacitors ranging from 1 pF to 22 pF were added along with some chip and SMT caps as low as 0.5 pF. You might 
need a few air trimmer capacitors with a minimum capacitance ~ 2 pf — | applied 2 - 20 pF trimmer capacitors in most of the circuits that follow. 


1. Experiments with a Butler Oscillator with a 23.3 MHz Fundamental Crystal 


Fundamental Frequency 


Long ago, | pulled a crystal marked 70.00000 MHz from a Drake Transmitter. | keep a fundamental oscillator based upon EMRFD Figure 4.23 on 
hand and verifed the fundamental frrequency at 23.3 MHz. 


Butler Oscillator set for Fundamental Oscillation 
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Above —A Butler oscillator arranged for output at the fundamental crystal frequency. While commonly arranged as an overtone oscillator, the 
Butler is a good oscillator for any application. Consider, for example, EMRFD Figure 7.32. Wes applied the Butler at a 14 MHz fundamental 
because he wanted the lowest phase noise and IMD prone signal source possible. Tellingly, his buffer circuitry also conforms to this high 
standard. 


My initial waveform looked distorted and prompted a solution. My experience yields that the L value needs to be adjusted for the best looking 
waveform in the Butler circuit. The inductor wire, wrapped around a T30-6 toroid was either scrunched to increase the inductance, or expanded 
to decrease the L while re-peaking the trimmer cap. Eventually, with patience, a beautiful sine wave emerged on my ‘scope. | removed and 
measured the L with an ADE inductance meter. Consider all of my reported inductance values as nominal — gentle expansion or contraction of 
the inductor coils might be required to get an agreeable sine wave. 


Click for the oscillocope tracing at 23.3 MHz. 


The Butler at Overtone Frequencies 
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Above — A template (of sorts) for calculating Butler capacitor and coil values. The concept, rather than the absolute value matters most. | 
examined some well-designed Butler oscillators from professional equipment and determined their average XL and XC values. From the 
reactances shown, calculate the L and C values for the overtone frequency of interest with the 2 formulas in orange boxes. Remember these XL 
or XC values just serve as starting values for experiments. 


For example : At 50 MHz with an XL of 108 QO: L = 108 Q/ (6.28 * 50000000 Hz) = 0.000000344 H or 344 nH. 


Fine tuning of the capacitor and inductor values might be required since factors including buffer input resistance +/- reactances, the overtone 
frequency and/or your breadboard layout may affect your Butler oscilator function. 


In the experiments from the 3rd to 9th overtone frequency, the L = an air inductor wound with 21 to 22 AWG wire on a bolt. 


Third Overtone Frequency 
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Above — The Butler oscillator now arranged for output at the third overtone. Click and click for the 'scope outputs at the third crystal overtone. 
The first scope tracing was slightly mistuned. Once again, the inductor had to be gently squished or contracted to obtain a pristine sine wave. 


Fifth Overtone Frequency 
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Above — The Butler oscillator at the 23.3 Mhz crystal's 5th overtone. Here's the ‘scope tracing and an Ugly 
Construction photograph. The output = 7 dBm — very cool. 


Some authors directly connect the attenuated output to the Local Oscillator port of a diode ring mixer. The signal is adjusted to the desired 7 
dBm power by tweaking the 50 QO pad attenuation, and/or the NPN's current. A good example = Single-Conversion Microwave SSB/CW 
Transceivers by Rick Campbell in QST for May, 1993. 


The circuit above was measured with a 50 © terminated oscilloscope however, | also tested it with a 10X probe attached to termination resistors 
from 51 to 1 Meg ohms. When changing the 51 ohm termination resistor to a higher value such as as 47K, a previously working Butler may stop 
oscillating. The buffer input impedance and capacitance greatly affected the oscillator in my experiments. 


When | wired up a Butler, 1 of 3 things happened: it did not oscillate, it gave a distorted output waveform, or it wowed me with a nice sine wave. 
Tuning the L-C tank is critical + finicky and may test your patience. 


Adding an Inductor Across the Crystal 
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Above — The 5th overtone Butler with an inductor in parallel with the crystal 





Above — My 116.8 MHz oscillator breadboard with an inductor wound on a T50-6 with wide spacing to allow 

scrunching and expanding of the windings across the crystal. | roughly determined my L should be ~ 400 nH and wound this on a # 6 toroid. 
While observing the output in my scope, | scrunched and then expanded its windings and adjusted the trimmer capacitor. The goal was to find a 
clean signal that snuffed out immediately when the trimmer cap was tuned off resonance. After finding the optimal L, | later removed and 
measured the coil. There is very little "wiggle room" — the oscillator tunes up and then dies very sharply as you tweak the trimmer cap. No 
sidebands were observed. 


The inductor across the crystal is optional — some suggest it might only be needed above ~ 70 MHz. 

At frequencies above ~70 MHz, the parallel capacitance of the xtal (C par) approaches the internal series 
resistance of the xtal and this provides an alternate path around the crystal for the signal and may short- 
circuit the crystal. The parallel inductor resonates with the crystal’s parallel capacitance and tunes it out, 
so the crystal remains unbypassed. 


Our teacher, Wes, W7ZOI published a document covering the Butler parallel crystal inductor here. 


Simply put — the inductor allows clean tuning and output. That is, when you tune the trimmer to one side or another, the 
oscillator just dies and doesn't produce the sidebands that are shown in Wes' web article. 


Since many of us choose computer, or other surplus crystals, a high C par + low Q crystal might give you tuning 
woes depending on your overtone frequency. In this case, adding the L to your circuit may improve tuning and ward off any unwanted 


sidebands. 


With my particular crystal the parallel inductor is not needed, however, | can report that even slight mistuning 
just snuffed out my oscillator with the added inductor. 


Seventh and Ninth Overtone Frequency 
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Above — | decided to take the Butler up to the 7th and 9th overtones. The 1 pF coupling capacitor proved the 
most critical part; for example, if | raised it to 5 pF, the oscillator would not tune above the 5th overtone. | 
wound the inductors on bolts and then compressed or stretched the links to get the perfect inductance. At these 
frequencies, stray inductance becomes quite significant and my coils were 1 to 1.5 turns less than indicated on 


a spreadsheet coil inductance calculator. Click for the seventh overtone 'scope shot. Click for the ninth OT ‘scope 
tracing. 


I'm confident that if my 'scope bandwidth was higher, | could have resonated the 11th overtone. 





2. Butler Oscillator-based 50 MHz Signal Generator 





Lacking a 6 Meter band signal generator, | decided to build a 1 frequency device employing a Butler oscillator. Some may laugh at a 1 frequency 
signal generator — | won't since I'll use it to design and align amplifers, filters, a new 6 Meter band VCO and measure scattering parameters. 
Besides, you can double, triple, VXO or mix single frequency generators with another variable oscillator — this web site has roots in humble, 


simple test equipment. 


In my bag, | found a crystal labelled 50.0000 MHz and measured its fundamental at 16.67 MHz in a simple Colpitt's oscillator — perfect . Design 
goals included variable amplitude, strong reverse isolation + reasonable shielding and return loss. Since, | lack another 6 Meter band signal 
generator | could not measure return loss, however, choosing proven circuits + a terminal attenuator pad will help. 
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Above — Butler oscillator + hycas buffer. The 22 pF cap in the Butler was originally 15 pF, but when tested with various coils, oscillations proved 
a litle sluggish, so the 22 pF was substituted. | experimented with the coil, but ran out of time, so | wound a few turns of wire on a T50-10 toroid 


and soldered it in. After some careful manipulation of the windings, a glorious sine wave arose. | removed the L, measured it at 343 nH and then 
re-soldered it in place. An air coil or other size 6 or 10 powdered iron inductor should work fine. 


Click for a moderate resolution photograph of the entire project. 


50 MHz Crystal Signal Generator 
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Above — The final amplifier and low-pass filter. The maximum output of the Q2/Q3 amp is hot and can overdrive the 2N5109, therefore a 4 dB 


pad was added. This pad also improves the input return loss of the 2N5109. An alternate technique might be to further reduce the maximal DC 
bias voltage into the Q3 base and remove the 4 dB pad. 


Click for the minimum and maximum output voltage waveforms from my ‘scope 


RIGOL 13: 2013-10-06 8 == [Local } || Peak 


Status _4 Ref -4.00 dBm Att 10dB 56.51 dBm 
1 Next Peak 


4 Ww | 8 
Bak 
sd_Ma ke 


— oa — 
| | 100.0000G0 Miz |_| Peak Right 
66,51 dB 


SWP 


Cont -34 


Min Search 


Peak Peak 


Cont Peak 


-104 
Center Freq 
RBW 1.0000 MHz VBW =s-1.000 kHz 





Above — Spectrum analysis with the generator output at -10 dBm. | placed Marker # 2 on the 2nd harmonic peak (100 MHz) and measured the 
power. The low-pass filter only attenuates the 2nd harmonic by ~ 25 dB, however, with the nice sine wave from the Butler, the 2nd harmonic 
measured -66.51 dBm = -56.51 dBc. 


The 37.8 resistance indicated in the pad = 2 resistors in series. Many just use a 37 or 39 OR. 


| look forward to advancing my VHF skills with this little signal generator. 








3. Doubler for the 50 MHz Signal Generator 
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Above — An experimental frequency doubler for the Butler Oscillator-based 50 MHz Signal Generator shown above. 


After trying a few circuits, | settled on a simple full-wave doubler featuring matched 1N4148 diodes driven by a JFET amplifier. Chapter 3 of Solid 
State Design for the Radio Amateur by Hayward and DeMaw for the ARRL = my key reference. Matched diodes (and a little luck), may suppress 
the 50 MHz signal up to 60 dB so only a single-tuned circuit follows the diodes. 


The first JFET amp drives the diodes to improve harmonics + output voltage — an L-C-C Tee network matches the 2K7 Q input to the 50 MHz 
signal generator output. | designed this matching network on the bench with the 2 diodes disconnected to avoid distortion during signal 
measurements. Using a 10X probe, | peaked the capactors for the greatest signal amplitude after finding the optimal L by educated trial and 
error. The inductor wound on a T37-6 was scrunched a little to further peak the L-C-C network. 


| wound L1 with bare copper 26 AWG wire on a #8 bolt with coarse threads. To make enough space to solder on the 1/2 turn tap, | stretched the 
last turn with the other 3 turns still on the bolt to prevent stretching these coils. Click for a ‘scope tracing at Point A. My 10X scope probe has ~ 
15 pF capacitance and this affected the tuning — you can see some harmonics in the signal. With the 10X probe at Point B, | was nearly able to 
turn the circuit to 100.0 mHz, but still the 10:1 probe upsets the circuit somewhat. 





This L - C tank tunes sharply and best with a non-conductive screw driver. | final tuned the L1 tank when the hycas amp was completed and 
connected to a 50 O terminated ‘scope — eliminating the earlier tuning problems caused by the 10X probe. It seems that VHF requires more 
thought and care than HF when tuning resonators (tanks). 


Point C is the maximum output (10.34 dBm) into a 50 ohm terminated 'scope. The 100.0 MHz signal is okay, but some builders might want to 
add low-pass filtering +/- an attenuator pad; or perhaps drive another feedback amp? 
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VHF to the Max — Miscellaneous 2012 Experiments 





As a VHF newcomer, | need to make lots of circuits, measurements, 
mistakes and maybe — | might advance. My literature review revealed a big 
gap between popular, "for-fun", novelty-grade projects and the blinged-out 
circuits such as ultra low-noise LNA's featuring GaAs, MESFET, and 
PHEMT devices. Where do we find the middle ground projects? Likely on 
our own RF work benches. 


Numerous questions arose — Will Ugly Constuction work? Do | have the 
right test gear? Am | measuring the proper things? What about noise 
figure? All a bit overwhelming — but even improbable discoveries began as 
simple questions and observations. We solve far more difficult problems 
each day. 


I'm learning that whether your a beginner, or a master, bench fundamentals 

rank supreme. Want to avoid oscillations in your high fT BJT VHF amplifier? 
Work towards high reverse isolation, strong S11 and S22, careful layout and 
employ techniques that suppress instability — nothing earth shattering huh? 
I'm told that acquiring the needed skills takes time and practice. 





In early Winter 2011-2012, | built some VHF signal generators, amplifiers and a lots of junk. This web page documents a few of these 


experiments. 


Section 1. Early MAX2606 VCO experiments 

Section 2: A 2-band signal generator based upon the MAX2606 VCO 
Section 3: 50 MHz VCO 

Section 4: 50 MHz Receiver Pre-amp and Filter 

Section 5: QRP — POSDATA: Z-Communications VCO Experiments 





Section 1. Early MAX2606 Experiments 





Above — My first of many MAX2606 VCO Experimental breadboards. 


Maxim makes a series of cool SOT23-6 VCOs ranging from 45 to 650 MHz. Wanting a VCO to cover from ~100 to 106 MHz, | just had to try this 
chip. The datasheet provided all the online information | could find; save for a few homebrew, flea-powered FM transmitter projects that proved 
unhelpful. 


After soldering the IC on a breakout (prototype) board using about 20X magnification, the proto-board was dropped onto a copper clad board with 
some of the copper ground away. 


Max2606 VCO Experiments ae 
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Above — My first MAX2606 VCO experiment. A coil lying on the workbench was soldered in as L1. | stretched it a little to set the lower band 
edge. Going from CCW to CW on the 100K tuning pot, | measured from 86.3 — 106.3 MHz. I'll write about L1 a little later, for making a good 
output network consumed my initial experiments. 


The Maxim datasheet shows a simple output network consisting of 2 pull-up resistors with a maximum R of 1K. All the online FM transmitter 
designs | saw used 1K pull-up resistors and made no attempt at matching or even employing inductors in place of the resistors. | applied two 560 
ohm pull-up resistors in place of L2 and L3 and the output looked distorted and low in amplitude. Click for a 50 Q terminated 'scope tracing and 
click for a tracing with a 10X probe connected to a 10K load resistor. Unacceptable for even us scratch-builder RF experimenters. 


Wanting to match the output into a 50 O load with high-pass L-network instead of just resistors, | calculated that an L of 250 to 800 nH, plus a 
capacitor from 2 to 10 pF might work, however, as a VHF newbie, my hopes weren't high. | went for a single-ended output and not knowing what 
to do, terminated the unused port with an AC-coupled 49.9 Q resistor. 


Choosing a 100 MHz test frequency (where | own a doubled 50 MHz xtal oscillator), | removed L1 to snuff the oscillator and measured an output 
return loss of ~ 17 dB with L2 = L3 = 298 nH and the variable cap set to 7.3 pF (I removed it and measured it). It took about 1 hour of trying 
different L values to get this return loss. | also learned that the L value and L to C ratio of L2 and its series capacitor greatly affects the purity of 
the output waveform. 


Like all L-networks, the L and C must be correct to obtain a strong, clean output. Since C is variable, | tried various inductor values and further 
fine-tuned them by scrunching or expanding the L2 windings. Compress or expand the L2 windings + trim the variable capacitor to peak the L- 
network at your desired frequency. 


From my experiments, the L3 inductance should be close to L2 for the best output voltage and symmetry, however, don't bother scrunching or 
expanding L3 because this won't greatly affect the output signal as long as the L3 inductance is close to L2. 
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or click for some ‘scope captures of poorly matched output L-networks — low gain and/or distortion appeared with mistuning. 


Click for the output where L2 = L3 = 298 nH. | had the tuning set to 100.6 MHz for this screen capture, however, you can see the nice waveform 


and strong peak-peak voltage when compared to the pull-up resistor only versions. 


The problem with a high Q L- network = low bandwidth. | wound L2 and L3 on T37-10 powdered iron toroids and later tried T37-6 toroids. The 
higher Q of the number 10 material seemed to translate into higher output voltage, but narrower bandwidth over the number 6 material toroidal 
inductors. Alternate breadboard. When tuning the MAX2606, signal amplitude changes with tuning frequency and a single L-network peaked 
somewhere near the middle of the tuning range further worsens this amplitude issue. 


The unbuffered VCO waveform distorts somewhat as you move farther away from the peak L-network frequency. After trial and error, | settled in 
a compromise of L2 = L3 = 411 nH. This gave the best overall signal purity + amplitude from about 98 to 106 MHz with a set peak at ~ 102 
MHz. Tuning below 98 MHz tended to really distort the waveform. Click for the unbuffered minimum and maximum frequency ‘scope tracings. 


Placing an attenuator pad plus a buffer amp after the VCO dramatically reduced this distortion in my experiments, assuming the L-network 
components are correct and tuned. 


12.22v 


2K7 


MAX2606 Buffer 


T1 = T2 = 4 BFT FT23-43 





Above — A trial buffer first connected to output of the VCO schematic above. Two series-connected 2 transmission line transformers dropped 
the output impedance down for examination in my 50 Q terminated scope — unfortunately the output return loss was poor (less than 10 Q). 
Unlike the common base stage in a hybrid cascode amp, varying the bias to adjust gain worked poorly and lower applied bias caused distortion. | 
found it preferable to just fix the bias to get the greatest voltage gain + lowest harmonic distortion. 


This buffer was discarded since the return loss was too low for my needs. 


Testing a Hybrid-Cascode Buffer 
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Above — MAX2606 VCO into a hybrid cascode buffer at ~ 100 MHz. | also tried a buffer with a cascode of PN5179 transistors, however, the 
input Z of the buffer changed when adjusting the gain potentiometer and wrecked the input matching, so | stuck with the hycas buffer shown 


above. 


L1 and L2 = ~ 265 nH wound on T37-10 toroids. To peak the L-match at ~102 MHz, | originally placed a 100 pF in parallel with a 10 - 70 pF 
trimmer cap for C out. After tuning, | removed, then measured these 2 caps to discover that C out = ~150 pF; so | just substituted a 150 pF 
capacitor. The L1 windings were expanded a little to re-peak the output network — expanding the coils raises fCo, while compressing the 
windings lowers the cut-off frequency. | don't recommend omitting a trimmer capacitor unless your confident with your measurements. 


Click for the maximum power 'scope tracing of the hycas amp with the L-match peaked at 102.2 MHz (3.44 dbM) 


Once again, | terminated the secondary output of the MAX2606 with an load resistance equal to the main output with an approximately equivalent 
fixed-value capactor — I'm not sure if it's needed, but it works okay and | stuck with it. 


Up at ~ 144 MHz 


Click for another experiment with the fore mentioned MAX2606 into the hycas buffer shown above at ~ 144 MHz. | peaked the L-match for 142.2 
MHz and the output power = a surprising 7 dBm. The output is a clean sine wave from 135 to 169 MHz, although the signal amplitude varies 
widely. | also peaked it at ~144 MHz. | wound L1 - L3 with #21 AWG on a #10 bolt. Photo 1 Photo 2. 


Let's build something useful with the MAX2606 based upon the experiments thus far... 





Section 2. A 2-band Signal Generator Based Upon the MAX2606 VCO 





Above — My dual VCO based on the MAX2606. This general-purpose signal generator will start my VHF circuit development in these 2 
frequency bands. The importance of owning good signal generators can't be overstated — while not engineer grade, this box features a clean 
sine wave, strong output return loss and 1 KHz or better tuning resolution. 


The center ON-OFF-ON toggle switch only turns on 1 oscillator at a time. The top 2 (ten-turn) tuning potentiometers lack knobs (I'll get some 
later) and the black knobs below them are attached to unused potentiometers. Initially, | planned to employ front panel gain control and drilled 
holes and fitted 10K pots in the chassis — | later decided to control the output power with outboard variable attenuators and skipped front panel 
power control for simplicity sake. Click for a side view of the unfinished project. Click for an early photo of the VCO A breadboard — | attached a 
shield to the copper clad board to help isolate the 2 VCOs. 


| chose the frequency band A (138.5 - 172 MHz) to include the Ham 2 meter band + local commercial/service VHF segment and band B (98.919 
- 109.06 MHz) to capture the FM broadcast band above 98 MHz. 


Band A: 138.5 - 172 MHz 
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Above — The VCO schematic A. An L-match peaks the output at 144 MHz into 50 Q. The beauty of this circuit = simplicity; just 2 active devices 
give low distortion and a strong output return loss (S22) on the 2 Meter Ham band. 
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Above — The output amplifier for VCO "A". Click for a schematic with some analysis at 144 MHz (the frequency I'll use the most). | spent a lot of 
time trying to develop a 50 Q output Z voltage amp up at ~ 144 MHz. My attempts to employ shunt and series feedback gave generally poor 
results — stray reactances plague the standard FBA designs that work great under ~70 MHz. 


Since the MAX2606 has an output L-Match, getting a high output return was my only goal — grounding the PN5179 emitter, employing a 4:1 
transmission line transformer and biasing for ~15 mA emitter current did the trick. A 4 dB pad on the NPN input further establishes a strong S22 
(output return loss). 


As possible, | attach additional 50 Q outboard attenuators on my signal generators, however, the S22 on the stock generator should be okay 
across the VCO range due to the two 4 dB pads. 


| measured the S11 on a prototype NPN amplifier by using the MAX2606 VCO shown to drive a MMIC with a 16 dB 50 O attenuator pad on the 
output and connecting it to the RF port of my return loss bridge. Thus, the actual VCO helped me design the final amplifier which buffers it in my 
final build. | kept the PN5179 and all other leads short as possible. 


The output power looks like a sine wave when tuned from CCW to CW: With the 10-turn tuning potentiometer set to CCW [138.5 MHz], the 
output power ranges from -1.9 dBm; hits a peak of 0 dBm at 144 MHz and then gradually drops to -11.2 dBm at CW [172.1 MHz]. 


| moved away from the hycas buffer amp to simply my design and increase reproducibility. A MMIC might also work well, however the high 
current drain, potential for instability and biasing considerations introduce new problems — a simple wrap around PNP-biased NPN amplifier 
works okay. Sometimes the best solution = the simplest. 


Band B: 98.919 - 109.06 MHz 
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Above — The VCO schematic B. An L-match peaks the output at 103 Mhz, although compressing or expanding L2 and tweaking the 2 -10 pF 
capacitor can peak the L-network anywhere in the tuning range. | limited the tuning range by adding a 4K7 R to the tuning pot to enable better 
matching and fine tuning. 


In all cases L1 = an air inductor wound on a coarsely threaded bolt using 20 or 21 guage enamel-coated magnet wire for mechanical stability. | 
set the lower band edge of the VCO by setting the tuning pot to CCW and compressing or expanding the L1 inductor to get the frequency shown. 


For L1, | found that excessively long leads can create unwanted oscillations and my coils are just a few mm above the copper board. Some 
builders properly mount their coils in a upright "smokestack" fashion and/or well away from the nearby metallic chassis or copper PCB to 
minimize Q losses + inductance changes. My coils lie well away from the metal chassis walls. 
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Above — The VCO B buffer/amplifier schematic. A clean sine wave appears across the entire tuning range — output return loss tuning from 
minimum to maximum was > 21 dB before | added the 3 dB pad. 
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Click for a photo of the completed, partially labelled project during the final tune up with all the boards bolted in. 





Section 3. 50 MHz VCO 
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Above — Block diagram of the 50 MHz VCO | designed and built in February-March 2012. Click for a photo. 


Desian Sources 





7 MHz VCO: EMRFD 


43 MHz Xtal Oscilator: Various circuits, W7ZOI web site, Rick, KK7B projects 
Feedback Amps: EMRFD book and software (fba08.exe) 
Triple-tuned Band-pass FL : EMRFD software (TTC08.exe) 
60 MHz Low-pass FL: 1991 ARRL Handbook (from table) 





Above — Like most of you, I'm just an amateur designer who relies on others for example circuits, design procedures and inspiration. These 
cited references plus hard work drove my experiments. This project succeeds the Miscellaneous RF Experiments web page from 2011 — QRP 
SWL HomeBuilder evolves as | do. 


7 MHz VCO + Buffer Amplifier [0 dBM output power] 
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Above — 7 MHz Colpitts VCO schematic. 


This VCO tunes ~7.00 to 7.250 MHz, although a wider tuning range occurs if you allow the tuning diodes to drop to 0 VDC with the 5K tuning pot 
cranked CCW. A 470 ohm resistor keeps about 1 VDC on the varactors at the lowest tuning frequency/applied reverse DC voltage. 





Above — A macro photograph of the six BB535 varactors soldered on the VCO breadboard. With 0 applied reverse DC voltage, their total C = 
43.5 pF. | left room for up to 4 more diodes, but didn't need them. 


Macro photography provides an excellent way to inspect SMT parts — apart from all the fiberglass dust on the board, no shorts or other 
problems arose when soldering. Next to pF-value chip capacitors, these SMD varactors proved the most difficult surface-mount parts I've 
breadboarded to-date. Using clear tape, | tape my SMT parts to the PC board when soldering. With tape, you can still make tiny device 


placement adjustments with a pick or tweezers and yet the device holds steady enough to solder. | recently obtained a microscope for SMT 
work, although didn't need it for these diodes. 


Striving for lower phase noise meant properly applying high Q tank parts — | soldered in 3 pairs of high-grade BB535 varactors and arranged 
them anti-parallel to avoid forward conduction + even harmonics. | also limited the AC voltage swing they "see" by connecting them to the L with 


a 22 pF capacitor. Tight windings of #28 gauge magnet wire on a T50-6 toroid formed the inductor. 4 number 8 bolts anchor the 7 MHz VCO 
board to the chassis and prevent board warp + movement. 
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Above — a view of the square blue 1K temperature compensation (tempco) trimmer potentiometer. 


To aid temperature compensation, | included 3 polystyrene capacitors in the base VCO — the tempco circuitry represents about 16 hours of 


work from December 2011. Click or click for photos of the bread board before the tempco parts were soldered on — the temporatry BNC 
connector lies in the background was removed after testing. 


With care and patience my lid-on 1 hour temperature drift = ~10 Hz. My temperature compensation strategy worked because | took the time to 
measure and then determine how to cancel temperature drift in this 1 circuit — your results will vary and experimentation remains the key to 
temperature compensating VCOs and VFOs. 


See EMRFD, and the VFO-2011 + QRP Modules 2011 web pages for more tempco information. 
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Above — 7 MHz VCO buffer/amplifier. | adjusted the 10K trimmer pot on the hycas buffer for exactly 0 dBm drive. Even before adding the 6 dB 
attenuator pad, the output return loss = 23.8 dB @ 7.0 MHz. 


Originally, | wanted a VCO output of 7 dBm and applied ~18 mA emitter current in the final amp to preserve signal fidelity and eliminate the need 
for a low-pass filter. This buffer works great up to an output power of ~10 dBm: above 10 dBm or so, distortion occurs and you'll need to add a 
low-pass filter. 


Adjust the hycas trimmer pot for whatever output power you seek, but If you're ever using this buffer for 7 -10 dBm output power, drop the 6 dB 
attenuator pad to 3 dB. This drops the drive level to maintain low harmonic distortion (2nd harmonic down > 35 dBc). 


43 MHz Butler Xtal Oscillator [6.4 dBm output power] 





Above — Some Butler crystal oscillator parts prior to the build. Since this Butler will go inside a box containing a VCO and some high gain 


amplifiers, it would be foolish to not stick it in an RF-tight box. On the Hammond chassis above, you'll notice a feedthrough capacitor for the 12 
VDC and an gold colored SMA connector for the output. 


Since the required L = over 400 nH, | opted for a toroidal inductor wound on a T30-10 instead of the air coil shown in the photo. 


449 nH nominal 
T30-10 15 pF 


Fund. = 14.33 MHz 
3rd OT= 43.0 MHz 





Above — 43 MHz Butler overtone oscillator schematic. The highest power | could muster = 6.4 dBm (close enough to 7 dBM). 


This Butler looks good on FFT. _Click, Click or click for 3 'scope captures. Despite trying to milk maximal power, the 2nd harmonic is over 40 dBc 
down. Click for a snap shot of the completed oscillator. 








Above — The original Butler oscillator before adding the pi low-pass filter. The bolt (Seen at top right) will also pass through the outer VCO 
chassis to hold this sub-chassis in place. Click for a bigger photograph. 


Post-Mixer Amplifer and Triple-Tuned Filter 
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Above — Schematic of the diode ring mixer, Q1 feedback amp and the triple-tuned filter. / used a MCL SBL-1 mixer. L1 - L3 were wound on 
T30-10 toroids. | bought my #10 and some #12 toroids from the great folks at Debco Electronics. 


The post-mixer feedback amp data at 50.0 MHz (isolated from the mixer and pad + filter) : Emitter current = 18.5 mA, S21 =18 dB, S11 = - 
24.4 dB, S22 = - 21.5 dB. (S21 = power gain; S11 = negative of the input return loss; S22 = negative of the output return loss). 


The 6 dB pad helps absorb signal reflections from the filter caused from stray reactance plus capacitance variations caused by coupling the 2 
tanks with only 0.5 pF (2 series 1 pF capacitors with a +/- 0.25 pF tolerance!) 


Preliminary filter alignment: Peak your filter however you want — but here's how | peaked my filter with a crystal controlled 50.0 MHz signal 
generator connected via a temporary BNC connector tack soldered onto the copper board and wired to the Q1 input. Terminate the filter with a 
~50 O resistor, or a temporary BNC connector plugged with a 50 O resistive terminator. 


Connect the signal generator to Q1 and peak C1, C2 and C3 (in that order) using a 10X ‘scope probe. It's better measure with your probe at 
point C2 when tuning C1 since this reduces mistuning caused by probe capacitance — measure at point C3 when tuning C2 etc. 


Then peak C3, Cx and Cy with the probe touching the terminating 50 O resistor. It easier to perform the first tune-up with a 10X probe going 
sequentially from C1 to C3 since these peaking capacitors tune pin sharp. 


After the preliminary tune-up, if possible, connect a temporary BNC connector to the output and re-peak all the caps with a 50 O terminated 
scope; this boosts sensitivity and eliminates 'scope probe capacitance. 


Perform pentultimate 50.0 Mhz alignment after you add the post-filter amp, low-pass filter and the 3 dB pad. Capacitor Cy critically sets the 
output return loss of O2 and when properly matched, establishes a 50 Q termination for the triple-tuned band-pass filter. 


You can also match Cx by connecting a return loss bridge to the input of Q1 and terminating the RF chain with a 50 Q resistor, although tuning 
Cx only changes the input S11 a little. In 1 experiment, | replaced Cx with 6 pF and it worked okay. 


| wonder how | ever managed before making a return loss bridge: the workhorse of the QRP workbench. 


Alignment Method 
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Peak Cy in the band-pass filter for 
the best match with your return loss bridge 





Above — Schematic depicting how to tune up Cy. 


Tuning Cy matches the band-pass filter output to the Q2 input impedance — it's fascinating to examine the interdependence of these 50 Q 
stages. After setting Cy, | connected the 50 MHz signal generator to the Q1 input and a 50 Q terminated ‘scope to the output and re-peaked Cx, 
C1, C2 and C3 — finally | tweaked Cy 1 last time with the whole stage in a return loss measurement set-up. 


a 





Above — A GPLA simulation of the triple-tuned band-pass filter. CF = 50.125 MHz. | substituted 6 pF (the nominal value) for the 2 series end 
capacitors in my simulation. oTnu4Ho! 


Post-filter Feedback Amplifer, Low-pass Filter and Pad 
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Above — Q2, the post filter feedback amp (FBA), an N=5 Chebyshev low-pass filter plus a 3 dB pad. 


For Q2, | copied Q1 to deliver a strong input and output return loss. In many circuits employing cascaded FBAs, you increase emitter current in 
each successive FBA to reduce distortion, however, increasing emitter current affects both the input and output impedance and may trash your 
amplifier's S11 and S22. 


| spent days studying, simulating + bench testing different amplifier designs in the Q2 slot — | generated enough material for another web page 
and plan to show this work in an update to my Popcorn superhet receiver some day. 


It's possible to overdrive Q2 depending on your amplifer power and stage matching. If so, you might consider placing a 3-4 dB pad after the 
band-pass filter. Some might opt for a 7 element low-pass filter; experiment — as always. 


Low-pass filter inductors = turns on T30-10 toroids, although #6 material toroids, or air coils will work fine. 
Outputs 


After bolting down the boards, wiring the DC and RF and confirming it worked, | finalized alignment. Using a frequency counter, | tuned the VCO 
to 50.125 MHz (the half-way point) and peaked C1, C2, C3 for the maximum peak-peak voltage into my 50 O terminated ‘scope. 


Click for the output at 50.125 MHz — 10.09 dBm. | normally hang an outboard 50 O attenuator on the output of my signal generators and keep 3 
dB, 6 dB, 10 dB and 20 dB BNC-connected pads handy. With a 3 dB pad, the output power = 6.84 dBm — perfect for switching Level 7 diode 
ring mixers. Click for the 'scope shot with a 3 dB pad applied. 


Click or click for an FFT of the output signal. The second harmonic is > 50 dB down. What fun! 
The "vestigial" RF gain control shown on the chassis remains unused; wastage. 


Miscellaneous Photos and Figures 





Post-mixer Amp and Band-pass Filter 
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Above — A failed experimental JFET post-mixer amp with tuned output driving a double-tuned filter. 


Click for a GPLA simulation of the double-tuned filter. The common gate JFET amp provides a great way to terminate a diode ring and obviates 
the need for a diplexer network. Click for a breadboard photo of the above stage. 


The amplifier input match @ 50 MHz is only ~ 13 dB, however, we're not interested in a narrow band match — the tuned output network makes 
strong input matching at 50 MHz impossible (for me at least) without additional L and C (narrow band components that we don't want!). | tried a 
few tapped inductor schemes, however, at VHF, adding turns added significant capacitance and things got ugly fast. 


The common gate JFET amp/filter goof-up shattered my expectations. The 4K7 input/output impedance drove instability through unwanted 
coupling between the inductors. | learned my lesson: at or above 50 MHz, stick to 50 Q stages for stability. 
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Above — A 50 MHz receiver front end filter with embedded common gate amplifer. 


Inspired by the General Purpose Monoband Receiver Front End from Figure 6.69 in EMRFD, | applied inductive and capacitive reactance 
modeling, DTC08, Ladbuild08 and GPLAO8 from the EMRFD ladpac series and built a 50 MHz equivalent. 


Connect an antenna to the input and a 50 QO impedance mixer to the output. 


| tested the stage at 50.0 MHz and wound my inductors on T30-10 toroids, although #6 material cores would work okay. You'll find all the 
measurement techniques in my RF Workbench series 1-4 available though the top-level menu. 
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Above — GPLA simulation of the peaked low-pass filter "built" in Ladbuild08. 


Wes often employs a peaked low-pass filter and after studying his work, | can see why — way better attenuation than a simple 3 element low- 
pass filter. The FM broadcast band runs from about 87.5 to 108 MHz and in Russia, they call it "YKB" (YnbTpakopoTKue BonHbI) or ultra- 
shortwave. At 87.5 MHz, attenuation = 25 dB; pretty good for such a simple filter. At 144 MHz, filter attenuation rises to ~ 40 dB. 


This peaked low-pass filter acts as a preselector for the JFET amp that follows it. Please read the text describing Figure 6.69 in EMRFD for 
some great notes by Wes. 


In the simulation above, a 50.0 MHz peak response occurred with C1 at 23.3 pF, while in my real circuit, the capacitor was set to ~ 18 pF. Stray 
L and C + the input Z of the JFET amp caused this variance, but assuredly; GPLA gets you close. 


To peak the low-pass filter, | connected a return loss bridge to the input port and tweaked C1 for the lowest possible peak-peak voltage (tuned 
for the the best return loss which = 16.8 dB in my circuit). You may also compress or expand the 540 nH inductor to aid tweaking. 


Since common gate amplifiers often exhibit a lower noise figure with a slight mismatch, an S11 of -16.8 dB works fine .| wish | had the gear to 
set the input match for the lowest possible noise figure — perhaps 1 day | will. 


General Purpose Ladder Analysis, 2008 
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Above — A GPLA simulation of the 50 MHz double tuned band-pass filter "built" in DTCO8. The bandwidth = ~1.8 MHz and varies slightly with 
the tuning of C4. 


| peaked both C2 and C3 with a 50 Q signal generator and a 50 O terminated scope connected to the input and output ports respectively. 


Next, | connected my return loss bridge to the output and tweaked C3 and C4 for the lowest peak-peak voltage — the best return loss — and 
since you tweak 2 capacitors, a strong output return loss delights you. 


Finally, | measured the peak-peak voltage with the amp in-line, and after removed the amp and reconnected the 50 Q cables with a through- 


connector. Inputting the 2 pk-pk voltages into Applet H on the Design Center web page gave a gain or S21 of 10.1 dB. | repeated all of the steps 
above a couple more times to ensure | had set C2, C3 and C4 perfectly. 


| found tuning the resonators difficult due to the sharp tuning and wide capacitance range of C1-C3. Assuming your tanks are peaked, the best 
amplifier gain correlated to the highest input and output port return loss. Have | stressed the importance of a return loss bridge enough? 


10.1 dB gain should be enough gain for listening to terrestrial 6 Meter band signals with my 5 element Yagi antenna. 





Above — A photo of my protoype 50 MHz pre-amp breadboard. In my "keeper" version, I'll swap in a U310 JFET and bias it for ~15 mA. 


Section 5. QRP — POSDATA: Z-Communications VCO Experiment 


Looking on eBay, sellers list numerous VCOs, although most are surface mount and go well above VHF. My favorite VCO comes from Mini- 
Circuits Labs: the POS series. for an example: the POS-75. These "plug- in" VCOs come in same package as the SBL-1 mixer and are 
likely obsolete, but still for sale. If you're building a frequency synthesizer with low phase noise requirements, MCL VCOs seem hard to beat. You 
can still order them from MCL, but the high product and shipping costs might alarm you. 


I've looked for cheaper alternatives and the Z-Comm VCO raises 1 possibility. Last year, | purchased a! device for 5 dollars including 
shipping. Some experiments follow: 





Above — My first breadboard. Lacking the MINI-16 receptable, like with MCL POS VCOs: | turned it upside down and to 
my ground plane. If | were to keep this circuit. | wound solder all 4 sides to the copper clad board, plus run some copper de-soldering brade from 
the bottom to the ground plane, or even cut a square hole and flush mounted the VCO on is back. 


While mounting it upside down deviates from the recommendations found on the Z-Comm mounting datasheet, | fiigured that for VHF at least, it 
might work okay. We desire low inductance grounding, but creativity might allow dead bug construction techniques to work. 
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Above — My complete VCO. The Z-comm VCOs require at least a 10 dB pad on the output to keep port return loss high. Without a pad, you 
might see something like this plus boost the phase noise. In my circuit, | applied a resistor L-network with ~ 14.3 dB loss to pad the output and 
provide a match into a common base amp with an input impedance of ~ 6.8 Q. 





The 2-stage buffer is the brainchild of Bob, K3NHI and | love it. This buffer features a common base stage driving a emitter follower yielding high 
bandwidth and great reverse isolation. Normally, at VHF, the buffer is followed by more such stage(s), or a MMIC. The 220 nH inductor wound on 
a T30-12 toroid improves the high frequency response of the common base amplifer — experiment with this L to suit whatever VCO you wish to 
buffer. The gain of the 2 amp buffer is typically around 9 dB and the return loss at the input and output ports lies under 11 dB, so apply 
attenuator pads to boost S11/S22 as required. 


Click for the scope tracing at 0.5 VDC tuning voltage. Click for the 4.5 VDC tuning voltage ‘scope tracing. The harmonic distortion at the lowest 
tuning voltage = ~ -19 dBc and decreases to -28 dBc at the highest tuning voltage; better than specified. Notice that power decreases as 
frequency increases. All the commercial VCOs | tested do this. A higher fT amp like the PN5179 or other BJT might be a better choice to offset 
the power change versus frequency contribution of the buffer/amp. 


For a sweep circuit, | would mix this VCO with another low level, single frequency VCO with its current controlled by a downstream leveling circut 
to derive a flat amplitude over the range of the VCO. | plan to try the Z- Comm V150S015 in such an arrangement to make a 70 - 150 MHz VCO 


for sweeping. 


Please refer to the datasheet for the pin out on the Z-Comm VCO: | chose the pinout shown in the schematic to make an efficient drawing. The 
two 10 © resistors in the buffer/amp snub UHF oscillations first measured by Bob and confirmed by me. Ferrite beads might work as alternates. 





Section 6. Miscellaneous Photos 
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It's easier to present short topics on catch-all web pages — HF Ragbag shows some 2012 non-VHF experiments in no particular order. | also 
share thoughts on circuit building and writing: we can think and work better. 


1. Comments from the Workbench - The Need for Clarity 


On Building 


In 2012, | boosted my circuit and writing quality to improve your experence: a genuine, return-to-basics approach in amateur, component-level 
electronic design. As possible, RF circuits will feature 50 O input and output ports — totally adopting a 50 Q environment — for I'm convinced this 
is the best way to go. The 50 Q building and measuring standard offers much: an easy-to-interface modular approach; 10 dB improved sensitivity 


over a 10X ‘scope probe and if wanted, measurement with commercial or homebrew test equipment such as a spectrum analyzer, network 
analyzer or RF power meter. 


Like many, | started out by collecting and copying circuits with little emphasis on true understanding. | wanted a completed circuit — quickly as 
possible — failing to develop my design skills. Without design skills honed by studying and properly measuring our circuits, we bide in hit-and- 
miss electronics — a frustrating repetition of trial and error, over and over again. We ought to adopt the attitude and thinking of engineers while 
keeping our design work —including the math — fun. However, embracing scratch-homebrew electronics with the overall goal of trying to 
understand each stage takes effort. "There is no substitute for hard work" wrote Thomas A. Edison. Scratch homebrew involves reading, 
simulating, collecting parts, mastering new techniques and building or buying test equipment. 


This is more than knack, an abused noun that often means "hack". Our key tasks: to measure, analyze and understand the circuits we copy or 
create takes patience and practice. Dissecting circuits to understand their function means to hypothesize and reflect — to apply science on 


paper, with software, and finally, through careful bench experiments. Often we lack the math skills or test equipment to fully investigate some 
aspects of our circuits, but try our best: measure what we can measure, seek help and grow. | hope this site shows our hobby can be less about 
making stuff and more about the rewards of actual design: an authentic, personal journey to get better at something you love. 


I've never been much of a kit builder; it's too much like Max Klein's Paint by Number for my tastes. But kits dominate HF QRP homebrew and 
may offer a cost effective way to make gear; especially test gear. Stuffing parts in a printed circuit board won't teach you much about design, but 
might get your feet wet. Some people remain perfectly happy building kits or madly copying circuits — all the power to you! Do whatever you 
want. One day you might awaken, but don't worry; | won't try to goad, or convince you. 


My favorite builders include people over 50 who suffer the often crippling symptoms of ‘appliance apathy' — an epiphany reminds them why they 
first got into radio: homebrew experiences. Maybe a crystal radio set, or a simple superhet receiver they breadboarded long ago. Then they come 
back full circle; like a loop antenna. Oh-boy — "Bob" rediscovered his radio roots and needs to unleash his creativity and passion to learn and 
improve. | write for people like Bob. Heck; | am Bob. 


On Writing 


You'll notice improved narrative writing too: | prefer to read and write crisp statements in short sentences and paragraphs. Brief, yet descriptive 
text accompanied by ample white space, clear headings and bulleted lists invites you to read on. Plain language writing — simple, clear, writing 
that is easy to read and understand — signals a refreshing move away from the turgid, word-filled claptrap | learned in grade school. Making 
your prose easier to read requires greater effort writing and re-writing. My first..to...fourth drafts always suck. 


Passive verbs, or nouns and adjectives that function as verbs with no clear subject confuses readers and boosts wordiness: | employ active 
verbs to invigorate my writing — active verbs connote me or some else performing an activity you can visualize or feel. Actions that may inspire, 
persuade, or even vex you! Ours’ is an emotional hobby. 


RF electronics contains rich amounts of jargon. Of course, we must learn some jargon to communicate our ideas as hobbyists, but writing jargon 
to impress, or to place yourself above others lacks humility and alienates people. Do you know anyone who likes being talked down to? The first 
step towards becoming humble is to admit you're not humble and then work on it— and I'm working on it. 


Although | enjoy writing about electronic experiments, I'm not sure it's worthwhile — Does anyone actually design circuits anymore? Well, back 
to my 1970's-style analog experiments... 


2. Magnitude Only Scattering-Parameters 


2 Port Scattering Matrix — 
Magnitude only S- parameters 





vcc 


Output 


500 Input Bias | ? Port 2 


50 2 


S11 - Excite Port 1 and assess the reflection at Port 1 (Negative of return loss) 


S12 - Excite Port 2 and assess the response at Port 1 (Reverse gain) 
$21 - Excite Port 1 and assess the response at Port 2 (Forward gain) 
S22 - Excite Port 2 and assess the reflection at Port 2 (Negative of return loss) 





Above —A simple model describing the S-parameters displayed on QRP / SWL HomeBuilder in a Class A amplifer with 50 Q ports. 
S-Parameters 


Any device with 2 connectors may be modelled at AC for a specified frequency with just 4 scattering parameters: forward gain, reverse gain + 
input and output impedance (match or VSWR). 


S-parameters address voltage ratios: comparing the amplitude of different signals at the 2 ports. For example, S21 is the magnitude of 
forward gain and equals the ratio of output voltage to input voltage. 

S-parameters are vectors; a mathematical quantity that may be visualized as an arrow anchored at 1 end that pivots around its base. The 
length of the arrow represents magnitude while the angle it makes with another vector or its base line decribes its phase in degrees. In addition to 
phase and magnitude, S-parameters allow analysis of gain, stability, complex impedance (resistance + reactance), admittance and other vector 
quantities. 


Measure S-parameters with all ports terminated in a 50 Q impedance. 


Some of us worry only about the gain, losses or "match" in our 50 Q circuits and could care less how the signal phase changes as it passes 
through our amplifiers or attenuators. | express only S-parameter magnitude in logarithmic form (dB) and take this Uber simplified approach 
because builders can easily measure S11, S12, S21 and S22 on a 50 QO test bench with a small staple of bench accessories + a 50 Q 'scope or 
detector. 


Topics like matrix theory, vector math, the "jay" operator, converting S-parameters into other matrices, Smith charts etc. may turn off the average 
amateur designer. You advanced readers, may raise your 2 port network skills by visiting better web sites + reading books, simulating with 
SPICE, or better yet, measuring your port parameters with a vector network analyzer. 





3. More on Feedback Amplifiers (FBA) 


Many builders (myself included) copy feedback amps rather than design their own. By tweaking the emitter current, shunt and series feedback 
while measuring S11 and S22, plus simulating with a program called FBAO8.exe, I've learned it's possible to design good feedback amps FBAO8 


is 1 of the Ladpac programs that ships with EMRFD. 


| wanted a FBA with ~35 mA emitter current for improved IMD and low distortion on strong signals. Such an amp might follow a diode ring mixer 
in a receiver I.F. chain. 
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Z-out = [183.490 + [-53.385 Output Return Loss = [16.816 dB 


Above — My 7 MHz FBA set up. Wes, W7ZOI suggested using 5 nH as the default emitter inductance and 10 nH for the default collector to base 
inductance in FBAO8. These represent stray inductances in your circuit breadboard. Emitter inductance affects the input impedance more. 





Zin = input impedance. Zout = output impedance. 

Explore this program to learn how changing the emitter resistor, feedback resistor and emitter current affect the input and output return loss. 
Adjusting the transformer N and load values only affect the calculations for Zin because this app wasn't really designed to crunch output 
transformer Z ratios for Zout manipulation. The default output Z = 200 O and thus for the N parameter with a 50 O RL, RL is multiplied by N%2 to 
set the amplifer load impedance. 


From FBAO8 simulations: with an emitter current of 35 mA, my series feedback = 6.2 O and shunt feedback = 1500 Q. 


| chose a simple voltage divider bias network to set up the ~35 ma and ensure reasonable temperature stability. 
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Above — Choosing the emitter and nearest standard value bias network resistors to set up ~ 35 mA emitter current with a program. Actual 
biasing requires you to set up the correct emitter current + establish reasonable temperature stability. 


Click and scroll to #5 for some basic transistor biasing notes. While this supplement shows a simple method for stable bias networks, it probably 
understates that Beta bias stabiility is a function of the ratio of RB to RE, where RB = the 2 base resistors in parallel. The lower the ratio the 
better, but then more input power is lost in those resistors. A higher ratio reduces stability but wastes less input power — another trade off we 
must negotiate! See Ken Kuhn's web site for thorough, expert-level information on voltage divider biasing your BJT amplifiers. 


| use NPN DC BIAS, a program | wrote, however, Wes included 1 in the Ladpac software called Biasnpn08.exe that's also good. Determine the 
VC for the program by first multiplying the value of your decoupling resistor by the emitter current in Amperes to learn the voltage drop across the 
R. Then, subtract that voltage drop from your power supply voltage: 12.22V - (.0371 A X 22 ohms) = 11.4 VDC. 


Our software allows you to pick approximate base and emitter resistor values to set up a desired current in your amplifier breadboard, but you 
must still choose reasonable values for temperature stability. Tweak them as needed, or choose some other bias method such as a current 
source. Let's move to the bench... 






Tested at 7 MHz 


2N3866 S$21= 21.8 dB 
ere S11 = - 35.6dB 
$22 = - 19.2 


Above — My 7 MHz FBA with some measured S-parameters. On the bench, | lowered the 6.2 Q series resistor to 4.7 QO because the voltage 


divider bias network also affected Z in. | tried 3.3, 4.7 and 5.7 O resistors for series feedback and settled on 4.7 O since an S11 of -35.6 dB wins 
the prize! 


The S22 of -19.2 dB bettered the value predicted by FBA and seems quite acceptable considering we normally follow a FBA with a 6 dB pad that 
raises the output return loss another 12 dB. FBAO8 gets you close, however, only bench experiments will realize the amplifer you want, and 
sometimes, a decent S11 and/or S22 may elude you. 








Above — A photo of the 35 mA feedback amp built on scrap of copper clad board. 


Parallel Transistor Feedback Amp 


Tested at 
10.0 MHz 


$21 = 18.4 dB 
$11 = 21.4 dB 
$22 = 20.9 dB 





Above — A feedback amp with two 2N5109 transistors wired in parallel. Click for a photograph of this prototype. | lacked 6.8 O resistors and 
placed 1 QO + 5.6 QO to make the needed R for a strong S11. 


Originally, | built FBA #2 with a 4:1 Z transmission line transformer, but measurements of S22 disppointed me. Later, a L wound with 8 turns 
around an FT37-43 ferrite toroid drove an S22 of 24 dB, but S11 was only 18.5 dB. 


With the amp set up to measure return loss on the input port, | placed a 500 QO potentiometer in series with a 100 QO resistor between the collector 
and base terminals and tweaked the pot to obtain the lowest peak-peak voltage in my ‘scope (lowest return loss). After, | removed the pot and 
measured its resistance at 572 Q. Finally, | soldered in a 560 Q resistor and re-checked S11. Perfect. With my goal of at least 20 dB for S11 and 
$22 obtained, | powered down my bench and took some photos. 


Wes, W7ZOI displayed parallel transistor FBAs in EMRFD and other works and recently | noticed Lyle, KK7P employed a parallel NE46134 FBA 
as a post-mixer amplifer in the Elecraft K3. 


Wes wired 2 parallel 2N3904s to avoid using an expensive medium power BJT like the 2N5109. Doing so splits the heat between 2 devices, but 
does not deliver better IMD performance beyond what is offered by increasing the emitter current. In a typical FBA bias setup, you may measure 
as much as 10 volts between the collector and emitter terminals and with a supply of 12 VDC + a standing current of 20 mA, the collector 
dissipation = ~200 mW. This is about maximum for a TO-92 device likes a 2N3904, but only half of maximal dissipation for 2 in parallel. 


Then, too, the K3 applies 2 parallel medium power BJTs get power dissipation with an SMT transistor. For strong IMD performance, Lyle and 
crew are throwing 80 mA or so into the pair — hard to do with SMT parts, so they overcome heat and power dissipation issues with 2 devices. 
Cool (literally). 


Heat sink BJTs when you crank up the emitter current. 


8t FT37-43 


2N3904 


2.11v 


$21 = 10.5 dB 
$11 = 24dB 
$22 = 26.1 dB 





Above — An attempted 2N3904-based parallel feedback amp. Each BJT draws ~21 mA emitter current. Without the 6 dB output pad, the output 
return loss = 14 dB —| failed to realize both a strong (raw) S11 and S22. 


The power gain including the 6 dB pad = 10.5 aB. I'll discard this design since it's substandard — without failures, victory may taste bland. 


For bench designers, making a parallel FBA where both the raw S11 and S21 are > 20 dB is difficult and bench failures may either frusturate you, 
or enhance your resolve to succeed. With success, great satisfaction arises and I'm addicted to that feeling. 


An FBA bench triumph means you managed to establish the perfect combination of series + shunt feedback, emitter current and the correct 
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output transformer ratio for that transistor plus its biasing circuitry — no small task. 


A well matched amplifier = a thing of beauty! The fetching trio of high S11, S22 and S21 rewards your efforts and boosts your confidence to 
experiment further. And so it goes... 


Sadly, only a fraction of hobbyists create and evaluate their own circuits. 


4. Microphonics in Direct Conversion Receivers 
LO = local oscillator or VFO. DC Receiver = direct conversion receiver. 


Microphonics are induced electrical responses that arise from a mechanical vibration on the DC receiver chassis or circuitry. The audio amp, 
acting like a transducer, makes a clicking, or popping noise when you do things like tap the chassis, or unplug components — the disturbance 
throws out a burst of DC voltage that's amplifed by the AF chain and pops the speaker. 


We may read or hear inexperienced builders tell us to expect microphonics in our DC receivers — de trop folklore strikes again! As a student of 
EMRPD and those wise designers who live in and around Beaverton, Oregon, | share some of their best tips to decrease microphonics in your 
DC receiver projects. " Keep Your LO From Radiating to the Outside World and Keep Unwanted RF from the Outside World Getting Into Your 
Receiver” seems the appropos title for the bulleted notes that follow: 


Read EMRED pages 8.7 to 8.11 and then build or apply the presented examples. Wisdom is experiential; it comes by doing, not just reading. 
It's no accident that Chapter 8 author Rick, KK7B mentions microphonics and hum in the same section. I've never read more thorough notes 
regarding DC receiver nuances anywhere; for example, did you consider that an ungrounded air variable capacitor shaft poking outside the LO 
box will radiate LO signal per Figure 8.18 ? | didn't in my early days. 


Stick your LO in a RF-tight enclosure with RF-grade connectors and coax to patch the AC signal to the product detector. Bypass RF with 
feedthrough capacitors on any DC voltage lines that pass through the LO chassis wall. Many enthusiasts have only operated kitted or homebrew 
DC receivers where the LO and receiver guts lie on the same circuit board — this ensures microphonics. Wes and Roger built the historic Ugly 
Weekender VFO, transmitter and receiver in seperate boxes — resulting in low microphonics and no pulling of the VFO when keying the 
transmitter. Nothing in that 2 part QST series was done by accident. Read these articles to "go to school". 


Reciprocally important; keep unwanted outside world RF from getting inside your DC receiver! Apply resistors plus capacitors, or inductors 
plus capacitors to decouple and bypass RF from moving along on your DC voltage lines, key line, microphone cables etc. 


Keep product detector port-to-port isolation high. Typically, we employ double balanced mixers to obtain high port-to-port isolation. | cover 
mixer balance on this page . For diode ring mixers, measure the return loss of the circuits that you connect to the product detector LO, RF and 
AF ports — | aim for 20 dB or greater return loss on my LO output, RF output and AF amp input circuits to help preserve the product detector 
balance and keep port isolation as high as possible. Along with 50 QO amplifers, attach attenuator pads, AF diplexers, or whatever to help 
increase port return loss as required. 


LO-RF port isolation: Consider a common gate amp with an output matching network to get a high output return loss (S22). The common 
gate amp provides strong reverse isolation without adding much noise. 


Avoid end-fed wire antennas where there is a strong antenna field right next to your radio. 


| favor sturdy chassis/cabinets with rubber feet. Homebrew copper clad board or die-cast aluminum cabinets may work best as joints and 
screwed connections won't corrode. This is a weak recommendation. 


Double the LO frequency or apply a heterodyne VFO. Often microphonics arise in the VFO tank. EMRFD cover this well. If the VFO operates 
at a significantly different frequency than any of the signals reaching the balanced mixer, leaked LO won't cause as much havoc as when a LO 
tank is tuned to the mixer RF port frequency. 


Despite proper techniques, RF can exit via the antenna port and make its back into our rig through power supply cables (often modulated by 
our house AC electricity). In some cases, we require special power supply decoupling to decrease hum and microphonics. We might need to add 
acommon mode choke (+/- capacitors) for common mode noise suppression in addition to the usual differential mode choke(s) and capacitors. 
In my main shack power supply, | run a common-mode choke plus | soldered a 0.01 uF capacitor across each bridge rectifier diode to bypass 
RF. 


Some radio operators just run battery power supplies. 





Above — Feedthrough capacitors. | prefer hole mount over solder mount parts, however, quality feedthrough capacitors of any kind tend to be 
expensive. As a hobbyist, I'm constantly searching for bargains and when | find 1, I'll purchase a bunch to meet my current and future needs. 





Above — Some double balanced mixers from my collection: ADE-1, NE602, TUF-1, TUF-2, SBL-1 and a SRA-173H; a MiniCircuit Lab's Level 
17 diode ring mixer. 


You owe it to yourself to listen to a DC receiver designed and built to reduce microphonics — music to our ears. 


5. Some Experiments with RF Bypass Capacitors 


Introduction 


Bypass implies a low impedance path to ground for RF at 1 or more frequencies. After reading EMRFD pages 2.28 - 2.31, | decided to explore 
this subject for the first time. My bench measurements from Spring 2012 punctuated how little | knew about RF bypass and | share these notes 
as something for me and others to build on. 


In these experiments, | 


1. observed the self resonant frequency of MuRata RPE Series, 50v, 5% capacitors with X7R temp compensation 
at 0.1, 0.01 and 0.001 pF. 


2. examined a wire short, plus 1 and then 2 Johanson Dielectric 0.01uF, 50v, X7R, size 1206 chip capacitors. 
3. tested a 0.1 UF RF cap plus a parallel 2.2 uF electrolytic capacitor to look at parallel resonance side effects. 


4. attempted to reduce the Q of some parallel capacitors to reduce unwanted high impedance peaks. 


Above — The frequency dependent components of a capacitor are shown in this capacitor equivalent circuit schematic; essentially an RLC 
network. Engineers use mathematical formulae to describe the components of a capacitor along with reactance and with this math, you might 
derive an unknown variable from available data so it's worth diving into on your own. 


ESR or equivalent series resistance = the sum of all of a capacitors’ resistive components. Expressed in ohms, ESR acts like a resistor in series 
with the capacitor. Normally we desire capacitors with an ESR as low as possible. Consider reading the capacitor datasheets for those your 
stock and/or searching for information regarding low ESR capacitors on the Internet. 


ESL refers to the equivalent series inductance; the sum of all the capacitor's inductive components. This includes lead length in hole-through 
parts. 


In a given capacitor, the series resonant frequency is the frequency where the inductive reactance from the ESL = the capacitive reactance, but 
since the 2 reactances are 180 degrees opposite in phase, they cancel to drop the impedance to 0 and the capacitor acts like a resistor at its 
ESR. 


The series inductance of a capacitor may be determined using a network analyzer and unfortunately this in unattainable by most average 
builders. When designing RF bypass with network analysis, we strive for a low impedance over a wide frequency range, although small ripples 
typically occur. 


Frequency 





Above — A plot of equivalent series inductance. ESR tends to increase with frequency. 


Methods 


50 ©) Test Set-up 


Tracking Generator Spectrum Analyzer 





Above — My test set up. | performed all analysis with a tracking generator plus spectrum analyzer. The 50 Q system used short coax patch 
cables fitted with BNC connectors with 20 dB attenuator pads before and after the capacitors under test. The capacitors shown as CO and C1 
were soldered on a copper board with short leads and BNC connectors. C1 is omitted when evaluating only 1 capacitor. 


You may also perform capacitor self resonant frequency testing with a vector network analyzer, a signal generator plus a 50 Q terminated scope, 
or with a sweep generator ramp-driving the oscilloscope X input while simultaneously driving a VCO with logarithmic output to the Y oscilloscope 
input. SPICE simulations may also yield insight. 





Above — The -27 dBm reference with a through-connector between my 2 coax patch cables (CO + C1 board removed). 


To save time | shot these SA photos handheld and prefer a slower shutter to capture a nice CRT tracing, so some of the photos show a little 
hand jitter. 


Single Shunt Capacitors 





Above — CO = 0.1 pF. | view the capacitor like a trap. At almost 5.8 MHz lies the peak attenuation, or lowest impedance — this is CO's self 
resonant frequency. The peak bypass frequency lies ~ 60 dB down. At 20 MHz, the attenuation is only ~ 30 cB. 





Above — Another shot of the 0.1 uF bypass cap with a 200 MHz span. At 50 MHz, the reference signal lies only ~ 17 dB down. At 100 MHz, the 
attenuation is only ~ 11 dB — this hardly qualifies as “bypass” much above the self resonant frequency. Above the self resonant frequency, a 
capacitor's XL affects impedance more than the ESR and XC of the capacitor. 





Above — CO = 0.01 uF. The peak bypass frequency (capacitor self resonant frequency) is centered at 17.5 MHz and is ~ 50 dB down; not as 
deep as with the 0.1 uf cap. At 50 MHz, the attenuation is ~ 21 dB. 





Above — CO = 0.001. The response is peaked at 62 MHz with an attenuation of ~42 dB. At 100 MHz, the signal is 17 dB down. Again, the peak 
attenuation looks diminished compared to that of the 0.1 uF and the 0.01pF caps. 


Capacitors in Parallel 


Now | placed 2 caps in parallel (CO + C1) as some builders do to try and garner a wider attenuation bandwidth. 


100 MHz 





Above — CO = 0.1 uF + C1 = 0.1 uF. The peak attenuation = 60 dB at 8 MHz; up 2 MHz from that of the single 0.1 uf capacitor. At 100 MHz, 
attenuation = ~ 19 dB — better than a single 0.1 uF but still low. 





Above — CO = 0.1 uF + C1 = 0.01 pF. Yikes! With the 2 different cap values, we get an unfortunate high impedance blip peaking at 13 MHz. 
Each capacitor exerts its self resonant frequency, but in between these self resonant frequencies, lies a disaster. 


When placed in parallel, the inductance of 1 capacitor resonates with the capacitance of the other to form a parallel resonance — leading to a 
high impedance — that blocks RF bypass and peaks at a specific frequency. 


But wait. Things can get worse: 





Above — CO = 0.1 pF + C1 = 0.001 uF. The wide value variance between these 2 capacitors creates a huge, high impedance spike where the 
attenuation is only about 6 dB at 40 MHz. Catastrophic bypass indeed. katactpocdba. 


A 7mm Length of Copper Wire 





Above — A 7 mm piece of 26 gauge copper wire was shorted to ground instead of CO. This wire measured at ~7 nH of inductance and | saw 
that attenuation decreases with frequency from 62 dB at 8 MHz to ~33 dB at 20 MHz. Even a short piece of wire doesn't exhibit a flat, wideband 
bypass. 





Above — This spectrum analysis shows three 7 mm wires shunted to ground — not much different than 1 wire. 


0.01 pF Chip Capacitor(s) 





Above — The magnified copper board that | tested one or two 0.01 UF chip capacitors. You can see 1 capacitor soldered in. 





Above — CO = 0.01 uF SMT cap. The SMT parts exhibited a peak attenuation of 45 dB at ~37 MHz. The attenuation dip lacks the sharp peak of 
the hole-through 0.01 UF cap shown eariler and exhibits a somewhat wider bandwidth. The self resonant frequency of the chip capacitor is 5 MHz 
higher than the particular hole-through capacitor | measured. Click for a side by side photo. 





Above — CO = 0.01 uF + C1 = 0.01 UF. The SMT parts exhibited a peak attenuation of 45 dB at ~37 MHz; 
similar to the single 0.01 uF chip cap, but with a few more dB attenuation between 10 and 20 MHz. 


0.1 pF Ceramic + a 2.2 pF Electrolytic Capacitor 








Above — CO = 0.1 uF and C1 = 2.2 uF. The low Q 2.2 UF C1 electrolytic cap did not create the a parallel resonance with CO. Shaky photo — 
sorry. | also tested a 10 and 22 UF cap in parallel with CO and saw no disturbance caused by a parallel resonance between a big AF capacitor 
and CO (an RF value cap) with my RF spectrum analyzer. 


Some additional experiments applying a low Q AF capacitor plus a ceramic RF capacitor for wideband bypass yielded some interesting results 
and I'll present these in a future project. 


Capacitors in Parallel with a Series Resistor to Lower Q 


In previous experiments, placing 2 RF capacitors in parallel led to the formation of a peaked high impedance blip between the low impedance 
peaks set by the self-resonant frequency of the 2 capacitors. If multiple capacitors are soldered in parallel, the series inductance of each 
capacitor will resonate with the capacitance of the next smaller C value. 


One solution is to put a resistance in series with all but 1 of the parallel capacitors so that the Q of resonance formed by this capacitor's series 
inductance and the capacitance of the next smaller capacitor is low. If capacitors exhibited 0 inductance then putting capacitors in parallel would 
be fine, however, since capacitors exhibit inductance, a parallel resonant frequency may occur with capacitors in parallel. 


| found applying a series resistance to lower Q may flatten the impedance versus frequency response of the bypass network, but didn't decrease 
the impedance at any 1 frequency. Optimal bypassing or achieving the lowest impedance over a wide frequency range presents a complex topic 
that might even challenge some engineers. 





Above — A method to exact wideband bypass. 





Above — My first try with CO = 0.1 uF, RO = 39 Oand C1 = 0.01 HF. | arbitrarily placed the 39 © resistor in the RO slot and saw that the high 
impedance peak seen earlier disappeared. This gave me the confidence to try 3 capacitors. | had no idea what R value to use and really just 
wanted to see what happens. 


100 MHz 





Above — The spectrograph with CO = 0.1 uF, RO = 10K, C1 = 0.01 uF, R1 = 47K and C3 = 0.001 uF. 
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Above — CO = 0.1 uF, RO = 10K, C1 = 0.01 uF, R1 = 47K and C3 = 0.001 uF. Again, no high impedance peak response; the self resonant 
frequency is close to that measured with a single 0.001 uF earlier, however, the peak bypass frequency moved from to 57 MHz from 62 MHz. 
Changing the resistor values moved the self-resonant frequency and the peak attenuation value a little, but | fell kilometers short of setting a 
wide band bypass. My approach lacks any real science and | need to step it up. 


| hope to learn what capacitor values and types, plus R values to apply. This sounds like a job for simulation as well as further on-bench 


experiments? After writing this material, | learned that Ken Kuhn wrote an Excel spreadsheet to examine the net impedance of up to 3 capacitors 
in parallel Click to download. 


100 MHz 





Above — Just as a gag, | removed RO from capacitor CO in 1 circuit and then hooked up the board. The high impedance peak re-emerged. 
A Commerical Example 


| found a wideband MMIC employing (R1+ C1 and C2 ) as part of a bypass strategy. Cick for the datasheet excerpt. Note the size of the SMD 
capacitors; 0603 — tiny caps! My experiments showed some high gain MMICs require careful low inductance grounding and correct part choices 
or crippling oscillations and other bypass issues might arise. 


My Learnings 


When we think bypass, we really should think frequency dependent attenuation. The bypass cap is actually a network where impedance versus 
frequency varies significantly. At its self resonant frequency, a capacitor will exhibit the lowest possible impedance making a single capacitor a 
relatively narrow-band bypass device. Intuitively, we might want to choose a capacitor with a series resonant frequency at the frequency we wish 
to bypass, however, if we require a wideband bypass, the need to evaluate our bypass capacitor(s) increases. 


In short, above the series resonant frequency of a capacitor, its bypass is basically useless and we should likely ensure that the self-resonant 
frequency of the particular capacitor we're using is above the highest frequency to be bypassed. 


Bypassing with 2 or more unmatched RF caps will lead to an attenuation gap with peak(s) determined by the parallel resonance of these 
capacitors. Going above a 10:1 capacitor ratio, for example, greater than a 0.1 and a 0.01 uf, may cause a severe gap in attenuation at the 
parallel resonant frequency generated by the 2 capacitors. 


Mine and work from more reputable authors clearly shows we should avoid applying parallel RF bypass capacitors of different values unless we 
apply a Q-reducing resistor to the capacitor(s) in parallel with a given RF bypass capacitor. Please read EMRFD page 2.3 for more information 
and watch out for abundant folklore concerning RF bypass. 


The need for measurement and analysis challenges us; in some cases, you may realize good attenuation in the radio band of interest, while 
poorly bypassing the frequencies above it and compromise an otherwise good design. 


Capacitor lead length may affect self-resonance at RF. 
Future Work 


It would be awesome to learn more about getting a wide-band bypass. | want to order some low or ultra-low ESR caps and measure them. My 
MuRata RPE Series caps specify low inductance; low is relative — how low is low? Should we apply chip capacitors for bypass in our critical 
circuits such as low noise VHF amps or MMICs?. Am | fussing about nothing? Lots of questions that folklore just won't answer. 


Per EMRFD page 2.3, bypass is only half the equation — we need to decouple + bypass to filter RF from moving along our DC lines and so 
forth. 


6. Some Experiments with Chokes plus Decouple and Bypass Filters 


Introduction 
SRF = self resonant frequency; XL = inductive reactance; XC = capacitive reactance. L = inductor; C = capacitor; R = resistor. 


Like the capacitor, inductors are networks with R, L and C and possess a SRF. R, L and C may vary with factors including the number of 
windings, frequency, or whether the L is wound on a ferromagnetic material, or air wound. 


Considering R, L and C: 


at frequencies below the SRF, XL dominates; 
at frequencies above the SRF XC dominates; 
at the SRF, the magnitude of XL and XC are equal but 180 degrees out of phase leaving resistance to dominate. 


| encourage you to learn more by visiting the fabulous web site of David, G3YNH. 





-27 dBm 
reference to 1 GHz 





Above — Reference signal at -27 dBm. | used the exact test method shown in Section 5. 


For those unaware, the spectrum analyzer screen is divided into 10 by 10 graticules. Each vertical division represent a 10 dB change; read down 
from the reference -27 dBm to measure the attenuation of the reference signal in dB. Horizontal divisions represent frequency; start at O on the 
left hand side and increment as specified on each figure. 


A Few Inductors 


19.9 uH epoxy 
coated choke 


H = 20 MHz/division 





Above — A 19.9 UH epoxy coated choke that exhibits a primary SRF at 18 MHz and a second, smaller SRF at ~128 MHz. This wretched L gave 
me grief at 63 MHz. After measurement, | tossed it in the garbage can. 
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Above —A large, junk box choke with an SRF at about 10 MHz. 
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Above — | rarely use these big chokes: 870 UH with a SRF at about 2 MHz. 
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Above — A common L on our benches — 10 turns of #26 AWG on a FT37-43 ferrite toroid. 


| couldn't measure the SRF with any span on my spectrum analyzer. | expect that a parasitic capacitance lies in parallel with the inductance, but 
the #43 material, with its low Q and high losses blankets the usual deep notch we see when the L exhibits a higher Qu. 


10 Turns on a FT37- 43 with a Bypass Capacitor Shunting Each End 
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Above — Look at the big difference after adding shunt capacitors to a 10 turn FT37-43! Even at 100 MHz the attenuation lies nearly 50 dB down. 
Now | understand why Wes says decouple plus bypass when filtering our DC lines and so forth. 


Pages 
ee 


10t FT37-43 


H = 50 MHz/div 





Above — The 10 turn FT37-43 coil with 0.1 uF shunt caps measured out to 500 MHz. Pardon the camera shake; | took all the photos hand held 
to save time. 


A Resistor with a Bypass Capacitor Shunting Each End 
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Above — The 0.1 uF bypassed 51 QO resistor out to 200 MHz. | often use a 51 © decoupling resistor with appropriate capacitor values in active 
circuits that draw from 10 - 18 mA. 
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H = 5 MH2/div 





Above — The “bench standard"; a 100 © R with a shunt 0.1 UF at each end. We use this all the time. Even at 25 MHz, the attenuation looks 
around 55 dB down. 
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Above — The 100 O R with the shunt capacitors decreased to 0.01yF. At 6 MHz, we're about 50 dB down. From 10 to 20 MHz, the attenuation is 
about as high as | can measure. 
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Above — 100 QO R plus 0.001 uF capacitors out to 100 MHz. In my particular circuit, the attenuation at 50 MHz equals that of the 100 R + 0.01 
UF C low-pass filter shown directly above. 


5002 100 ohm 500 
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Above — A 100 OR plus a single 0.001 uF capacitor. If you leave off 1 capacitor, a serious notch appears at ~ 68 MHz. If you flip the filter 
around so the bypass cap is on the right hand side, the tracing appears the same. This problem occurred with all the filters tested in all 
experiments. As possible, solder a suitable bypass capacitor on both sides of the R or L. 


| encourage you to experiment with the SRF of coils and wideband decouple + bypass filters on your own. 





QRP Posdata for Oct 2013 — SRF of some common bypass capacitors 


* Self resonant frequencies of some common 
bypass capacitors covering ~ 6.6 to 220 MHz 


Capacitor |Notch Freq 
*x Use table to inform bypass cap versus frequency 


choices 


50 50Q Tested as shown to left in calibrated 


Q 
yo -& TG + SA using instrument grade 9 cm SMA 
87.34 MHz cables and connectors. 


154.58 MHz 
222.91 MHz The deepest notch [-64.32 dBm] occurred with the 0.1 pF 


cap and decreased progressively with capacitance 


Caps tested = muRata RPE series monolithic ceramic with 
COG temp compensation. Different brands, types, etc. of 
caps may change results significantly 


Leads short as possible with the SMA 
connectors soldered right on the ground plane 





Above — A reference table showing the self resonant frequency of several comon value bypass capacitors in my parts collection. For example, if 


I'm making a 21 MHz circuit, the best bypass capacitor choice from the table above = 0.01 uF. If possible, sweep the capacitors in your own 
collection to determine their SRF; or whether they're even suitable. 
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Above — The close-in sweep of the 0.001 uF capacitor tabled above. 





Above — As possible, stick 2 of your bypass cap values in a pi filter network with a series decoupling L or R to derive wideband filtration. For 
example, to filter your DC power lines. 
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Above — A 300 MHz sweep of a pi filter [220 pF + 1.2 UH + 220 pF] for the DC supply line of a 150 MHz oscillator. The SRF peak lies at 76.69 
MHz, but this filter works okay out to about 200 MHz. | placed a marker at 144 MHz and could use this filter for the 2M band as well. 
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Above — The network described above, except | replaced the 1.2 WH L with a size 0805 10 OQ resistor [220 pF + 10R + 220 pF] and swept to 
500 MHz. | set Marker 1 on 150 MHz; the frequency of the oscillator | wanted to DC powerline filter. The resistor gives a bit more filter bandwidth 
around 150 MHz. A 51 or 100 O resistor will further increase the bandwidth while decreasing the attenuation depth somewhat. Although resistors 
incur a DC voltage drop, they avoid the potential of an unwanted SRF in your filter arising from a renegade inductor— and so, a resistor may 
pose a better choice for pi filtering DC lines and so forth. It's your call. 


At HF and lower VHF, I've found a hole-through capacitor may sometimes filter better than a "garden variety" SMT counterpart. Click for a 
graphic that shows this. Presumably, the SMT cap exhibited a lower Q than the equivalent hole-though part. At some frequency above 200 MHz, 
the lead inductance of the hole-through capactor may cause the opposite effect. 


Further, on the VHF — Véronique web page, Section 6: | swept 3 capacitors including an ultra-high Q SMT part. 
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RF Workbench Page 5 





Welcome to part 5 of a web series exploring basic RF measurement and 
bench practices. This installment builds on the information from RF 


Workbench Parts 1 - 4. 


In RFWB #5 | share a hodge-podge of thoughts and circuits concerning 
power measurement on the beginner-level RF workbench. Consult EMRED 
for more support. Big thanks to my mentors: Wes, W7ZOI. Bob, K3NHI and 
John, K5IRK for their support as | advance to the basics. 


Power Measurement Empowers You 








Before embracing the 50 © RF environment, | misjudged the need to 
quantify small signal power — now | get that we measure lots of low-level 


signals on the 50 O RF workbench. Whether you're driving a mixer RF port with -30 dBm to reduce spurs, or tweaking an amplifer-under-test to 


exact the best S21, low-level RF power measurement is fundamental to fruitful RF design. 


1 way to measure low-level RF power includes building a log linear RF power meter (PM) based on the Analog Devices AD8307. The basic 
circuit | show posits that most of you measure from MF to HF and don't need a PM that reads flat into UHF and further; a simple, 2 chip circuit 


might even prompt you to actually build a barebones PM for your QRP workbench. 


Search for and download the Analog Devices AD8307 Revision D datasheet — it's definitely worth a read. Kudos to the design team that brought 


us a truly milestone device for low-cost power measurement. 


Analog Devices offers a whole family of log-amps at different frequency ranges — for example, the AD8311 Log Amp/Detector covers from ~100 


MHz to 2500 MHz. A sister product, the AD8302 2.7 GHz RF / IF Gain Phase Detector looks amazing. 





1. A Barebones RF Power Meter 


Lacks the usual input frequency compensation network needed to keep power measurement flat over several hundred MHz — since most 
input compensate by attenuating HF, this simple version offers stronger sensitivity at HF than usual. 

Good from MF up to about 100 MHz. 

4.5v B+ to eliminate power supply decoupling issues and to give greater battery life than a 9v battery. 

Minimum input power about -70 dBm. Maximum input power +15 dBm. Requires a metal box. 
Big thanks to Wes, W7ZOI for letting me present his simple RF power meter. | found numerous AD8307-based RF power meter designs in 


periodicals and on the web and the writers devised simple to elaborate input compensation networks to establish a flat response out to 500 MHz 
— involving parts such as nH-level inductors, chip resistors and capacitors. This PM goes the opposite direction; a plain circuit for you builders 


who measure under 100 MHz; particularly at HF. 






SP/AUW SZ 


A = Meter (0-200 uA) 
B = Output to DVM or ‘scope 








SP/AU 02 


designed by W7ZOI 





Above — the complete Barebones PM schematic. Presented with the permission of Wes, W7ZOI. 


AD8307 Input Pin 8: Some Graphs and Notes: 


06/07/2012 file: O60712_8307 Overlays of PM and crude PM performance over ~ 1 
to 100 MHz at -20 nominal. Display is 2 dB/Grid, 10 MHz / Grid 

-Magenta = crude PM board, blue = BK PM. Crude assy has no input compensation 
net. Evidentis the ~ 1dB roll off as in AD data sheet at 100 MHz. Source is BK 100 
MHz sweeper - believed to be "flat" as when compared with VWWavetek gen. 
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Above — The lack of input compensation might raise a few eyebrows! A sweep of the Barebones PM by Bob, K3NHI shows a reasonably flat 
response out to 100 MHz that's comparible to some of the 0-100 MHz range of wider sweeps in the published compensated circuits I've read. 





AD8307 Power Meter Calibration 
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Above — A different Barebones PM plot from Wes, W7ZOlI that goes out 500 MHz. For HF work, this power meter proves adequate for QRP 
HomeBuilders. By all means, add some input compensation if you want to — good circuit examples abound. For example, EMRFD Figure 7.13, 
or Bob Kopski's — An Advanced VHF Wattmeter referenced in Section 5. 


AD8307 specifications allow a typical +/- 0.3 dBm "ripple" in the input to output transfer characteristic. Bob, K3NHI verified this ripple in his lab. 


Therefore; depending on the position of a signal in the transfer curve, a move between 2 different power levels may yield as much as 0.6 db peak 
difference error. Figure 8 of the Rev D datasheet shows this. Figure 24 plus associated text tells why this occurs: the transfer characteristic is a 
chunk or segmented realization of a log transfer characteristic. It's really good — just not perfect. 


If you consider the cost of thermal sensor power meters from Agilent, Techtronix, or even the Mini-Circuits PWR-6GHS, the AD8307 seems a 
bargain. 


Measuring U1a Pin 1 With a Panel Meter 


The first output at Pin 1 drives nearly any junkbox DC panel meter you might own The schematic specifies a 0-200 uA movement, however a 1 
mA meter movement also works by tweaking R1 and R2 to establish the correct current. In the circuit shown the R = 13.6K. This R establishes 
the current required to drive the 200 uA meter Wes used in his design — nothing more. A wide variety of panel meters work because the drive 
current comes from an op-amp. Don't order an expensive panel meter just because you want to employ a 100 or 200 uA model — choose your 
meter because it affords good needle movement and resolution to allow accurate power measurement. 


Although elementary for some, the following diagram shows you how to measure the maximum current for your meter: 100 uA, 200 uA, etc. 


4.53 volts 
ik | | | ° A Example calculation with V Battery = 4.53v 


V Meter =0.24v and R Pot = 22.5KO 


Current at Maximum Deflection 


Formula: (V Battery — V Meter) / R Pot 


4.53v — 0.24v / 22500 © = 0.0001906 A 


or 191 pA 


1. Adjust 25K pot to get a full 
needle deflection. 
2. Measure the pot resistance 
with your DVM & Pot 


3. Measure the voltage 
across the meter V Meter 





Above — In my shoebox sat 4 different panel meters. | measured 1 meter and show the math above — a 191 YA meter. 








Above — An antique 1 mA panel meter driven with 1 mA to achieve full deflection. 


Meter resolution presents the biggest problem for junkbox panel meters and if you look around the web, you'll see some great examples how 
builders calibrated and/or marked the scale on their AD8307 circuit panel meters. 








Above — Panel meter markings on my friend Peter's power meter. 


| personally like my panel meters to read about 75% of full deflection at 7 dBm, but it's really your choice. Adjust R1 and/or R2 up or down to 
give the desired amount of meter deflection for whatever panel meter you own. 


You may apply Ohm's law to figure out the maximum in-situ current for any panel meter. In the schematic the total R is 13.6K, so when you apply 
+10 dBm applied to the power meter input, the current in the panel meter will be 2.0v /13.6K = 147 uA. The maximum 200 UA will occur with a 
Pin 1 voltage of 2.72v. The op-amp won't go all the way to the positive rail, but If it did go all the way to 4.5v, you would hurl 331 uA into the 
panel meter. This exceeds the meter's uppermost scale, but likely won't destroy it. 


The 4.7 uF cap can be any small uF capacitor value and low-pass filters the DC to smooth out the meter movement. | used a 10 uF in my 
breadboard. 


| normally view the panel meter to tune resonant circuits and observe trends; but not to precisely measure power — it's often more accurate to 
quantify power readings at Port B since this eliminates panel meter resolution issues. 


How to Measure Power at Port B 


We measure the DC voltage at port B and use equations or graphs to translate this voltage into an actual power reading after reference 
calibration. Ula and U1b are unity-gain voltage followers to buffer the AD8307 output. U1B features a 5K potentiometer in series with a 10K 


shunt resistor to form a voltage divider that changes the 25 mV/dB AD8307 output to 20 dB/mV. Tweak the 5K pot to calibrate to get as close to 
20 dB/mV as possible, although since the LM358 buffers just pass on the DC voltage changes of the AD8307, the pot does not technically alter 
log linearity. 


Wes published some essential notes on his web site. On page 8, you find his formula to convert a measured DC voltage into dBm. | wrote a 
program that incorporates his formula: Applet L on my Design Center web page; except that it takes calibration power at -10 dBm and -20 dBm. 


Let's run through 1 example: 


L. Calculate Power from the DC Output of an AD8307 Meter 


http://www.qrp.pops.net/qrp-java-calculator.htm 


1. Linear calibration steps: 


Enter measured DVM voltage at-10 dBm: 1.60 Enter measured DVM voltage at -20 dBm 1.40 


2. Calculate power in dBm from DVM voltage: 


Enter measured DVM voltage: 1.94 Calculate | Power =7 





Above — A screen capture of JavaScript Applet L. | calibrated my instrument by connecting a 10.0 MHz sine wave calibrator to the 50 Q input 
port of my PM. At -10 dBm input power, my Port B reading was 1.6 VDC; at -20 dBm, | measured 1.4v at Port B. These 2 points establish the 
log linearity per Wes' notes. After this calibration, | measured the output power of a 4 MHz sine wave VFO that | designed to run at 7 dBm output 
power to drive the LO port of a diode ring mixer. Port B read 1.94 volts and when | entered this into Applet L and pushed <<Calculate>>, the 
VFO output power was indeed 7 dBm. More on this later... 





Above — My prototype RF-tight breadboard of the Barebones PM. | ran my ‘trademark’ die case box, BNC RF input and Port B connectors, a 
common ground lug and feedthrough capacitors for the B+ and panel meter connections. | placed a BNC to RCA adaptor on Port B to allow the 
insertion of a standard-type positive DVM probe. A black alligator clip terminates the distal end of the negative probe on all my DVMs. | just clip 
it onto the ground lug. 





Above — A view of my breadboard showing my 100 uA panel meter and the 4.5v battery pack. | raised R2 in the original schematic up to 8K2 to 
set my preferred needle movement in this 100 uA panel meter. A meter with linear markings might be better? 


Some Further AD8307 Notes 


After power up, you'll notice a DC output voltage around 0.22v or so with no input signal; this arises from wideband noise caused by resistors and 


amplifiers in the AD8307— all normal. 


If possible, verify a 25 mV per dB power change with a manual sweep using a sine wave signal generator on the input and a DVM to AD8307 Pin 
4. If you don't have the test gear to perform this function check, no problem. 


The AD8307 input resistance = 1100 O , so we must place a resistor in parallel with the input to establish 50 Q. Many builders just shunt a short- 
leaded 51 O resistor from input to ground like Wes did, however, you might also see builders place a 1% tolerance 53.2 © R in that slot to derive 
an input Z of 49.9 Q. | did this in another "blinged-out", frequency compensated AD8307 meter | built for future UHF circuit experiments. 


With 20 and/or 40 dB taps, attenuator pads and some 50 O cables, a Barebones AD8307 PM can measure everything HF you might build or buy 
for your QRP workbench. | posit that a simple AD8307 power meter may form the heart of a basic, first QRP workbench. Lacking a oscilloscope 
when | started in radio electronics, | measured RF with a germanium diode RF probe and a DVM — | would have enjoyed a simple log power 
meter plus a basic calibrator, however, the AD8307 did not exist back then. 
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Above — Some builders lament because an AD8307 (in DIP) costs around $10.00. | bid for and bought the AR version chip shown above for 
$4.42 USD. The above green Proto Advantage breakout board cost $1.00. To compare; some people spend $5.00 for a boutique coffee in 
Canada — it's all good. 


The SMD packaged AD8307AR may offer better performance above 100 MHz with its lower lead inductance. 
QRP — PosData for Dec 3, 2013 


Realize your bench acumen — adapt and build some test equipment to suit your needs. Steve, VK2SJA crafted a version of the AD8307 PM. 
Click for his beautiful box featuring a 1mA meter movement. Aided by the Tonne software "Meter" program and the AD8307 datasheet, his ranks 
among the best I've seen. Kudos Steve. 


2. Power Meter Calibrators 


1. CMOS Clock Oscillator RF Calibrator @ -10 dBm 


Bob, K3NHI designed a 10.0 MHz reference oscillator for -10 dBm that might help equip the beginner bench. This CMOS signal source does not 


need an AC power reference to calibrate it — just a DVM to make a DC measurement and your good to go! 


In addition to calibrating an AD8307-based PM, you might use this -10 dBm reference to calibrate other gear including homebrew sine wave 
signal generators; that's what I'll do later. 





Above — The recommended CMOS clock oscillator for the CMOS RF calibrator. Digi-Key part # CTX772-ND. Data sheet. 
If you substitute another CMOS clock, it must swing nearly rail-to-rail for accuracy. Bob intended this calibrator for those who lack the bench 
instruments needed to precisely calibrate RF devices since only a DVM is needed for calibration. This generator also offers a range of calibrated 


harmonics as Bob described in his January-February QEX article A Simple RF Power Calibrator — great when you want to examine a spectrum 
analyzer over a limited span. 















Sv Battery 


Adjust trimmer R for 50.0 mv @ the DC Cal 
port with a 50 Q terminator on the RF port. 





Above — My version of the K3NHI CMOS signal source (presented with the permission of Bob, K3NHI). The 52.3 Q resistor is a standard 1% 
part and | bought 5 for all my AD8307 projects and this little signal generator. In my first version, the trimmer resistor was 500 QO and worked 
okay, but the 200 Q trimmer improved calibration. | ordered 10 Bourns 200 Q and 10 Bourns 500 © trimmers on eBay for a few dollars and after 
studying Bob's published work and applying his influences to my own, | now love to precisely calibrate or bias circuits with a 200 or 500 QO 
trimmer R as appropriate. 


QRP — PosData for November 22, 2012 
If required, you may substitute a 49.9 to 51 Q resistor for the 52.3 O specified. 


Per Bob's QEX 2010 Tech Notes and his emails specifically about calibrating the AD8307 with a CMOS square wave: Modern AD8307 chips are 
better calibrated with a -10 dBM square wave. To test log linearity after CMOS signal generator calibration, apply a sine wave signal generator to 
your power meter and adjust its output to get the same power meter DC output voltage as with the CMOS generator. Then insert attenuator pads 
on the now calibrated sine wave generator to assess the mV/dB change with different power levels. 


Bob's original CMOS calibrator outputted - 20 dBm, however, he updated it to output -10 dBm in 2010 as reported in his QEX 2010 Tech Notes. 


Some readers have asked why calibrate the AD8307 at 10 MHz? Calibrate at whatever frequency you want, or more than one. However, at 10 
MHz, the AD8307 exhibits its best log performance compared to other frequencies. Click or click for datasheet graphs. 





Above — The DVM calibration port reading (2 volt scale) from my CMOS clock calibrator after calibration. That was easy! 
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Above — The calibrated CMOS clock RF calibrator in my 50 Q terminated scope. 





Above — The breadboard of my version of the K3HNI CMOS -10 dBm RF calibrator. For best results, stick it in a shielded box. When correctly 
calibrated, it outputs -10 dBm on an AD8307 PM, -14 dBm on a spectrum analyzer and -13 dBm on a conventional, thermal-sensor power meter. 
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Above — The procedure for calibrating an AD8307 PM with the -10 dBm square wave CMOS signal source. 
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Above — When | connected the calibrated CMOS clock RF calibrator to my build of the Barebones PM, | measured 1.60v with my DVM; the -10 
dBm reference voltage. Since the log-linear power changes 20 mV/dB; for my calibration reference voltage: 1.40v = -20 dBm, 1.20v = -30 
dBm, 2.0v = 10 dBm etc. 


Remember that the Barebones PM runs on a battery pack and over time the B+ will change. Each time | measure power with the meter | first 
calibrate it to establish the -10 dBm reference voltage. 


Here's a simple formula that only works for 20 mV/dB @ my particular 1.60v calibration voltage, but gives you the general idea: 
Power in dBm = 50 x (V - 1.8) 

So if | measure 1.94v: 50 x (1.94 - 1.8) = 7 dBm. 

2. Sine Wave Oscillator for Calibration @ -10 dBm and -20 dBm. 


You may also calibrate your AD8307 PM with a calibrated sine wave signal generator. Advanced builders who own the gear needed to measure 
RF power tend to use a sine wave for calibration. 


It's easy to calibrate the AD8307 with a sine wave signal source. Normally we calibrate our sine wave signal generators with instruments such as 
a 50 Q terminated ‘scope, a spectrum analyzer, a calibrated power meter, or a 49.9 to 51 Q terminating resistor plus a 10X probe etc., but if you 
lack these instruments, your stuck. 


No problem. You may calibrate any appropriate sine wave oscillator at -10 dBm with your Barebones PM and the CMOS RF Calibrator shown 
earlier. Let's examine the procedure: 
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Calibrate the AD8307 PM with the CMOS square wave reference and record the DC voltage at the output of Port B. Connect up your sine wave 


generator and adjust its output until you get the same Port B DC voltage as the reference CMOS RF signal generator — your sine wave oscillator 
should now be calibrated to -10 dBm. 
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Above — | designed this simple 10.0 MHz sine wave calibrator to evaluate Bob's CMOS square wave RF calibrator and serve as an example 
sine wave reference oscillator. When running a regulated VCC of at least 12v and the tank is perfectly tuned, low distortion arises. | measured 
the second harmonic @ 39 dBc down. The L with 33 turns = 4.43 uH. 


The initial tuning procedure goes like this: 


1. Terminate the output with a 50 © resistor terminator, or a 50 © terminated 'scope, or your AD8307 PM. 

2. Connect an ammeter between the VCC node and the regulated power supply. 

3. Adjust the emitter trimmer R so that the circuit draws around 2.7 mA — then disconnect the ammeter leads. 

4. Adjust the trimmer cap for the highest pk-pk voltage (and/or or best looking waveform) in the ‘scope, or highest 
power in the AD8307 PM. Nominal total C to resonate my particular circuit was ~ 45 pF. 


If not already done, connect the tuned-up sine wave signal source to a AD8307 PM. Adjust the trimmer potentiometer so the Port B DC voltage 
= the reference voltage measured during your CMOS RF generator power meter calibration. Your sine wave signal source is now calibrated to - 
10 dBm. 








Above — The breadboard of my 10 MHz sine wave signal source. | included the optional switched 10 dB attenuator shown on the schematic 
inset. In the end | decided to just stick a removable 10 dB pad like this 6 dB pad in-line for my -20 dBm measurement. 








Above — Craft accurate attenuator pads with parallel + series resistors and some creative energy. Lacking the proper 1% parts, | hand selected 
some 5% resistors among the values shown to the right and built a pad that precisely gave a 10 dB power drop at 50 Q. 


Now let's check the calibration of this little sinusoidal RF generator... 
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Above — When connected to the Barebones PM, | calibrated the output power of the sine wave generator by tweaking the trimmer pot to give an 
output of 1.60v; the same Port B voltage yielded by the CMOS RF calibrator. 
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Above — The 50 © terminated ‘scope verification of my calibrated 10 MHz sine wave signal source: 200 mV pk-pk = -10 dBm. Wow, thanks for 
this Bob! 
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Above — The Port B voltage when a 10 dB attenuator pad was connected to the calibrated -10 dBm sine wave signal source: Measured power 
= -20 dBm. Notice the 20 mV/dB power drop — right on specification. 





Refer to the section titted <How to Measure Power at Port B> Recall Wes' calculation needed 2 points to set the log linearity. | chose -10 dBm 
and -20 dBm instead of 0 dBm and -10 dBm so the CMOS RF calibrator could be used to calibrate any sine wave signal generators on hand. 


The -10 dBm calibration reference power serves as 1 of the calibration points in Applet L while we derive the other by adding a 10 dB attenuator 
pad to a sine wave signal source output port. Don't connect an attenuator pad to the CMOS square wave calibrator — error in the AD8307 
arises. Why? Analog Devices mysteriously changed the AD8307 at some point after 2004 and altered its crest factor — this disallows us 
performing log linearity calibration with a square wave. 
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Above — A 20 dB pad connected to the -10 dBm sine wave signal source yielded 1.22v at Port B in the Barebones PM. See the power 
calculation with Applet L below: 


http: / /www.qrp. pops. net/ qrp-java-caiculator.htm 
1. Linear calibration steps: 


Enter measured DVM voltage at-10 dBm 1.60 Enter measured DVM voltage at-20 dBm 1.40 


2. Calculate power in dBm from DVM voltage: 


Enter measured DVM voltage: 1.22 | Calculate Power = -29 





Above — The calculation of the output power with a 20 dB attenuator pad on the sine wave signal source output. We're off by 1 dB since it 
should have calculated a power of -30 dBm. Could this be error caused by my attenuator circuit, or non-linearity by the AD8307 PM, or a bit of 


both? We have to live with such problems. Still, the Barebones power meter seems quite impressive for a simple circuit that | scratch built and 
calibrated in about 25 minutes. 
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Above — The Barebones PM DC output voltage with a 30 dB attenuator pad on the output of my -10 dBm, 10 MHz sine wave signal generator: 
Measured power = -39.5 dBm. Again; a very good — but not perfect power meter. 


A Barebones power meter allows builders with modest equipment to measure power, gain/loss, and with a return loss bridge, return loss at HF. | 
wish | owned this little gem back when | started out. 


Richard, "Dick", NAHAY, posted some great notes on his blog. | recommend following his blog since he really digs deep and likes math — thanks 
Dick! 


Best! 


3. A Basic RF Workbench 


Since January 2012, a handful of readers asked what | consider a good basic RF work bench. Again, I'm just an amateur hobbyist, so my opinion 
might show my ignorance. 

A stand-alone 50 MHz oscilloscope with at least one 10X probe. More bandwidth if you plan to work above 50 MHz 

If no oscillocope, an AD8307-based power meter The modern version of the diode RF probe. 

3-4 50 Q coaxial cables with BNC connectors; a 50 © scope feed-through terminator, 1-2 50 Q BNC port terminators, a though-connector 
and some BNC connectors to solder onto temporary circuit boards or mount in a chassis. 

A homebrew return loss bridge. 

3, 6, 10 and 20 dB BNC connector equipped attenuator pads, or a step attenuator. 

Signal generator(s) that cover most of HF; +/- VHF signal generators described in the next section. 

AADE LIC Meter IIB. Click 

12 volt regulated power supply good for at least 1 amp. 

Digital multimeter. / use 2 and keep 1 set up for current measurement only. 


Frequency counter: homebrew or commercial. | ran a 40 year old, ovenized, accurate HP counter until 2012. 


With these devices, as possible, you can work in a modular, 50 Q environment and measure gain or loss in dB, return loss in dB and absolute 


power in dBm. Starting small and expanding your bench around 50 Q input and output impedance devices will provide a lifetime of challenge and 
excitement in RF design. 


Later, the big toys can follow: spectrum analyzers, VNAs, commercial signal generators and other lab quality stuff. 


Equipping an RF bench presents quite a financial burden. | started small and slowly added pieces over time. Many pieces such as my L/C Meter 
IIB were gifts for holidays or my birthday. Other pieces were old, inexpensive equipment that | restored and calibrated. 





Above — RF tools of the trade. We're RF experimenters! As scratch homebrew builders, gear like BNC, SMA and through-connectors, 50 O 
terminators and inline attenuators lie scattered on our benches; our fodder. Alternate photo. 


4. VHF Signal Generators 


Having only started at VHF in November 2011, my knowledge suffers, however, a search for accessible, affordable, good quality VHF signal 
generators disheartened me. Ten year old or newer signal generators covering the VHF band work up to several GHz and cost a small fortune. 


Lamenting old timers often recommend the vaccum tube HP-608 series that covered ~10-480 MHz. These heavy, glowing beasts sometimes 
come up in estate sales or on eBay for $200-400. 


Then, too, the HP8640 series seems attractive, however, they are full of decaying parts. Ken Kuhn and others restore old HP gear as a hobby 
and this direction certainly gives us a valid option. 


I've investigated 1 or 2 new, low-cost, commercial signal generators that work into VHF, but they failed to excite me; especially after | 
downloaded the schematics and sat in disbelief over their poor design. 


Some minimum commercial signal requirements might include stable, linear tuning, a metal chassis, 50 Q output with a return loss greater than 
20 dB and low harmonic distortion at all frequencies. Like the rest of our lives, our budget usually determines what we buy. 


| decided to build my own VHF signal generators and document them on this web site. I've learned that home building signal generators between 
50 and 200 MHz requires skill and care, but can be done. 


What about digital clocks? 
At VHF, DDS spurs get extreme as you get closer to the maximum clock frequency . 


The Si570 looks intriguing, however, still requires an MCU + components, | haven't read any lab quality evaluations of the Si570 as part of a 
engineer-grade VHF-UHF signal generator and if you know better, please email me. 





5. L-C Meters 


If you search for opinions about which L/C meter to get, you'll find an abundance of super write-ups including those that cover measuring with 
Kelvin probes, SMD tweezers; or statements suggesting that if you really need maximum accuracy, purchase a VNA. | encourage you to 
research this yourself and find the best L/C meter for your bench. Here are my 2 cents worth of opinion and please remember — I'm often wrong. 


| use an AADE L/C IIB meter to test inductors and capacitors for HF and even some VHF work. Yes, the AADE L/C IIB doesn't measure large- 
value electrolytic caps and so forth, however, considering the cost versus performance — it's accurate enough for the popcorn RF workbench. 


The AADE L/C meter uses the method described by William Carver, W7AAZ in an article called The LC Tester published in Communications 
Quarterly, Winter 2003 . EMRFD page 7.12 briefly examines Bill's circuit and shows his original oscillator along with an extended range Colpitts 
oscillator designed by Wes. For brevity sake, I'll just discuss inductance measurement with Carver-style meters. With care, an inductance 
resolution of 5 - 20 nH might be realized with such a device. 


We normally don't consider that our inductor is actually a network with L, a parallel C and losses that might be modelled as R in series with the L, 
or a R in parallel with the C depending on our model. The inductor also exhibits a self-resonant frequency and for our design purposes, we 
usually ignore all these details and just consider it a "pure L". My L/C meter's oscillator runs from a few tens to a few hundred KHz and generally 
lies below the self-resonant frequency of the inductors | measure with it. I've learned by sweeping/analyzing my completed filters, that as long as 
you avoid the coil's SRF, the low frequency Carver-style meter proves a stalwart inductance meter for most HF and some VHF applications. 


Often, we popcorn builders want to make a filter, an oscillator, or a pi, or L match and we apply software or tables to calculate the L and C values 
needed to resonate our filter tank(s) or matching networks, or to synthesize a low-pass filter. These math-driven programs/tables assume the 
pure "pixie dust" L described eariler — disregarding the stray C and R. So getting all worked up about whether our coil is 4.50 or 4.59 
microHenries seems moot. 


Further, we man-handle our inductors [changing the inductance somewhat] into a breadboard laden with 5% (or greater tolerance) capacitors, 
copper board pads/paths that exhibit C, active devices and so forth. Then, too, we connect these resonators, or filters to other blocks with 
sometimes reactive ports, plus or minus shielding. Despite all these variables, miraculously, we make the filter with our "measured" L work! 


As we move up in frequency, the effects of stray L effect magnify and at some point our filter networks may behave poorly. 


For band-pass filters with Carver-style device measured inductors, we need only adjust each trimmer capacitor to get the highest possible peak- 
peak voltage, or RF power with our filter between a signal generator and a 50 O terminated scope, power meter respectively, or whatever. After 
sweeping these peaked filters, rarely do | need to compress/expand, or add or remove windings to tweak the L get the desired filter response 
when the filter input and output ports are well matched. 


In the case of single frequency matching networks like the L-match, we might need to tweak up or down the L to derive strong port matching. In 
all cases, our software and the L/C meter can get us into the ballpark, but in-situ bench measurement with other instruments will garner the home 
run. 
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6. Bob, K3NHI — RF Power Meter Follow-on 
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Bob built a follow-on detector and power meter to his 2002 QEX power meter [Reference 3 in Section 7]. Bob gave me the green light to share 
his creation on my site. Thanks awfully Bob! 


Click for the schematic in pdf format. Per typical K3NHI fashion, it's laden with trimmer pots allowing precise calibration — Bob's stuff contains 
loads of tweaks and wiggles! The new PM offers more flexibility + features including bigger battery supplies that won't quickly die when you fail 
to turn it off. He also included a means to measure battery voltage on the analog meter. Click for a photo showing the batteries. Low noise, high- 
speed, rail to rail, CMOS op-amps for IC1 and IC3, allow you to capture PEP during sideband transmitter measurement with appropriate 
attenuation. 


The TS922 op-amp might be hard to find in DIP since that package went obsolete, however, it's available in SMD. If you can't get any TS922, 
likely other modern, high speed, rail to rail, CMOS op-amps will work fine — consult datasheets to ensure you meet or beat the TS922's 
performance for IC1 and IC3. Some of the latest design op-amps offer truly sublime specifications and evoke joy in our breadboards. 


Bob critically isolated the entire RF sub assembly outlined in green on the schematic with metal shielding and feed through capacitors for the 
B+ and DC output. This helps ensure stable and accurate AC voltage measurement. Click or click or click for more of Bob's photographs. 
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[3] Bob Kopski, K3NHI — An Advanced VHF Wattmeter, QEX, May/June 2002. 
[4] Bob Kopski, K3NHI — A Simple Enhancement for the Advanced VHF Wattmeter, QEX, Sept/Oct 2003. 
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Yes - | could purchase a FM radio-in-an IC for $2.00 and be done in 35 minutes, but what would | learn? 
Repository for FM superhet receiver experiments conducted from 2012 to 2014. 


1. 10.7 MHz IF Filter Experiments 

2. A Basic Colpitts VCO 

3. DC-DC Converter for VCOs 

4. Supplemental Page #1 - it's time to make some receivers 
5. Miscellaneous Photos or Figures 


1. 10.7 MHz IF Filter Experiments 
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As aFM receiver design newbie, | read about and experimented with some 10.7 MHz IF filters to learn common practices, what's available and 
which measurements might help me to reach my goals. Over time, I've collected a variety of crystal and ceramic filters for hopeful future work. 
Click for 2 exotic examples. IF filters might be purchased at Ham festivals, surplus electronic parts stored and/or online. Prior to paying for a 


filter, I've found it useful to politely request a sweep of the filter, or, better yet, perform this task myself. To sweep a filter in your lab, you'll need a 
tool such as a spectrum analyzer with tracking generator, a VNA, or some other analog/digital sweep system. 


I'll homebrew some crystal filters for narrow band FM in future installments — 1 ordered some 20 MHz xtals. 


Sometimes a filter in your junkbox will state the IF and perhaps the 3 or 6 dB bandwidth, but not the input/output port termination impedance. 
How do we determine this impedance? I've learned we can figure this out by testing differerent termination resistors with this simple test jig: 


Termination impedance - 50 Q 


* Apply nearest standard value resistor 


* Example - 500 Q termination R : use 470 Q resistor 





Above — A simple crystal or ceramic IF filter sweeping jig. Since the series resistors attenuate the signal, losses occur; but the shape should 
look clean with minimal ripple. Normally, we builders will also place (or switch in) 50 Q attenuator pads on both the signal source and detector 


within our sweep system to buffer impedance mismatch. Comparisons of this simple jig with more precise and complicated matching methods 
suggest that for many filter sweeps, it might work fine. 





Above — My test jig with a Murata ceramic filter soldered in-situ. Keep the resistors close to the board. I've pretty much moved to SMA 
connectors in my lab: they're cheaper than BNC, plus we can buy a wide variety of quality 50 O patch cables donning various connectors for low 
cost. For example, a 30 cm cable with a male BNC and SMA connector on either end. 
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Above — A poor termination may result in improper bandwidth and ripple — easy to spot in this trace. Click for a trace from a ‘gone bad' 
instrumentation crystal filter: 10.7 MHz @ 30 KHz with 2200 Q Z in/out. Not really usable with ~ 10 GB ripple. 








Above — Older 280 KHz Murata 10.7 MHz IF filters purchased long ago. Low cost = their main attraction, although they too will suffer total 
obsolescence and a price increase. 


| bought some newer, lower insertion loss ceramic filters in the following bandwidths: 280 KHz, 230 KHz, 150 KHz, 25 KHz and 20 KHz. Check 
their datasheet — most Murata ceramic filters require a 330 © termination (preferably resistive) and | keep a filter sweeper jig with 270 O 
resistors as a regular bench tool. 280 KHz was a popular WBFM filter bandwidth in many older high-end FM receivers including my 1980's T-85 
Yamaha receiver; my benchmark FM receiver. 


Many of us hopeful FM builders, smitten by modern digital gear, fail to recognize the fantastic design achievements made by FM receiver 
engineers back in the day. All those air-variable, ganged band-pass preamp stages, low noise amplifers and often incredibly complicated and 
great sounding FM multiplex circuits just blow me away. Perhaps I'm a hopeless analog nostalgic? My T-85 sports 5 ceramic filters [280 KHz and 
230 KHz B/W Muratas] and the narrow filters are listener switchable for narrow band Dx. 


Ways to Match These Filters with Amplifers 
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Above — A common gate JFET amplifer drives a 330 O ceramic filter. | placed 2 resistors in parallel to get the needed shunt R of 1320; my 2 
resistors measured 1316 Q. The bifilar transmission line transformer provides the 330 © Z to drive the filter. Details of the JFET amp come ina 
later schematic, but the input return loss at 10.7 MHz = 23 GB. | swept this circuit and it looked similar to the tracing with the same ceramic filter 
in my 270 Q filter sweeping jig. This particular filter exhibited 6.4 dB of insertion loss. 








Above — 2 versions of a BJT amp with a 330 Q input and output impedance. If you read schematics of good FM receivers, often the designers 
drive the filter with a 330 Q collector resistor. Click for an example. By keeping the bias and degeneration resistors low and the current 
moderate, an amplifer with 330 Q input Z is easy to design [although the input Z will vary with Beta]. 


| felt surprised that version A exhibited a voltage gain of 11.7 despite those low bias and collector resistors. You can stick a filter on either side 
as shown. Murata recommends a buffer amp between cascaded ceramic filters and you'll see this often in FM receiver schematics from the 
1980s or so. Resistors provide wideband termination. Version B is the same amp with a little more degeneration to lower the gain and serves as 
a design example. I've got the procedure documented here under ‘Calculating the input resistance of a common emitter stage’. 
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Above — An IF block using the designs shown earlier. | terminated this stage with a 270 QO resistor and of course removed the mixer and 
diplexer. 2 sweeps lie below. I'm tempted to tune the JFET drain and couple the transformer with a few links as needed to get a 4:1 impedance 
ratio. Anyhow — food for thought. 
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Above — A sweep of the IF block shown above left sans the mixer + diplexer (two 280 KHz ceramic filters). On the right lies the trace of the 
common gate amp driving a single 280 KHz filter with its output terminated with a 270 resistor. The advantages of 2 cascaded filters seems 


apparent, although the slight downward dimple at the center frequency might represent some capacitive loading at the output of the common 
gate amplifier. 


| built a number of other amplifers and swept all of them Click or click for 2 early examples that use active devices instead of series matching 
resistors on the output. In these circuits, R Term was changed and then the circuit was sweeped. The tracings looked good. 


Att 10dB Marker1 1 


Marker 
10.¥00000 MHz 


-27,05 dBm 





150 KHz @ 3 dB 
10.9 mA 





Above — | built Brian, K6STI's nJFET IF amp. He used it to offset the losses associated with 2 ceramic filters. Click for Brian's fabulous website. 
| placed 150 KHz 3dB BW filters before and after a J310 and swept — my circuit exhibited a 2 dB net loss which seems quite reasonable. 


The 330 input resistor is a load/termination on the input filter and will dissipate some energy and lower the AC input voltage to the gate compared 
to the usual high Z input resistors we apply in our JFET common source amps — from open circuit to full termination would incur a 6 dB voltage 
drop. Still, for simplicity versus performance, Brian's circuit looks hard to beat. 





Above — 2 ceramic filters in series. | added a small trimmer between the pair in hopes to mitigate any filter skirt distress or ripple. Click for a 
tracing with and without the trimmer capacitor. You might experiment with the filter coupling and the filter block termination impedances to better 
their skirts and passband The losses of the above filter block may reach 12-14 dB. 


If you don't have a sweep system, | was able to crudely test the amplifers + filters with my 10.7 MHz signal generator and a DSO. 
Resistance Bridge 


If you go with a BJT IF amplifer, it's possible to measure the input impedance with a bridge and tweak the emitter current and/or degeneration 
resistor to get very close to a 330 Q Zin. | keep a drawer with through-hole resistors rated between 1 and 10 Q for tweaking my emitter resistor 
values to change series feedback in my common emitter amps. 


| first designed a simple 330 O bridge for measurement with my DVM. It worked, but the null lacked the depth and resolution we need. Later | 
improved the sensitivity by adding another coil and changing to a ‘scope or SA detector, but after building EMRFD Figure 7.36, | abandoned my 
bridge. Figure 7.36 just blew me away. The null of a 330 resistor was only a few 10s of microvolts during calibration. 


| placed a small 500 © pot in parallel with a 120 O resistor for the variable resistance. After some basic testing, | calibrated it with a 330 OQ 


resistor; adjusting the pot for the deepest null and just left it there for testing my 330 QO IF amps @ 10.7 MHz. 


| plan to make Figure 7.36 for VHF and maybe UHF with chip caps plus a small screwdriver adjustable trimmer pot [to get the lowest possible L] 
calibrate it and make it a part of my test bench arsenal. After getting a null, we measure the pot's resistance with an ohm meter to learn the 
impedance at the ? port 


Considering that our predecessors measured just about everything RF with a bridge, this little circuit suddenly become relevant. A series L and C 
"add-on" circuit shown as Figure 7.39 may be placed in series with the ? port and device under test to deepen the null in the face of reactance. 
Bridge circuits form the very essence of RF measurement. Yes Bobby, we can measure impedance without a VNA. 





2. A Basic Colpitts VCO 





Above — My completed Colpitts VCO. / installed the unlabelled, left-sided pot in case a potentiometer is required for future AFC circuitry 
changes. It's not hooked up. 


| reviewed some 1970's FM receiver schematics to learn that before PLL-locked VCOs dominated, often Colpitts VCOs were locked onto a 
strong frequency with Automatic Frequency Control (AFC). Local oscillators tanks often employed a inductor plus an air variable capacitor that 
tuned from ~77 to 119 MHz with a varactor for AFC. All the tuning and front-end filter air variable capacitors were ganged together and I'm sure 
alignment took some skill. 


Some VCOs tuned with varactor(s) instead of an air variable cap — this is what | wish to do. Varactor tuned VCOs usually suffer more thermal 
drift than air variable capacitor versions. 


AFC compensates for VCO thermal drift by a seperate varactor with its control voltage line DC coupled to the FM detector through an R-C low- 
pass filter. Any difference between the VCO frequency and the desired FM frequency produces a proportional DC voltage. The DC control 
voltage changes the oscillator to the desired frequency by re-tuning the AFC varactor within this feedback loop, albeit over a limited range. AFC is 
unsuitable for weak signal DXing, since it may pull the receiver onto a strong adjacent signal. Many 1970's FM receivers supplied an AFC defeat 
switch. 


| remember 1 old FM receiver in my parent's home that stayed locked on 1 frequency for years thanks to AFC. 
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Above — The schematic of my version of a JFET Colpitts VCO (with AFC) that lacks the standard gate to source feedback capacitor; the intrinsic 
capacitance from the J310 gate to source provides the feedback needed for oscillation. The 8.2 pF bypass cap was determined on the bench — 
too little, or too much C decreases output voltage, or snuffs out the oscillator. 


| just couldn't bring myself to make a VCO with a BJT, since on my bench at least, they suffer more thermal drift than JFET-based oscillators. | 
built with a mixture of SMT and hole-through capacitors and resistors. The anti-parallel arranged hyperabrupt varactors were found on eBay. 
Click for a rear photo of the project chassis. The gold colored jack is an SMA connector. 


| bench designed this VCO and it took many hours to find the correct amount of L and C for the resonator to give a low distortion, sine wave 
output across the ~21 MHz tuning range. This meant soldering in and removing these tank components frequently. Click for the lowest frequency 
output. Click for the highest. 


In the example local oscillators | reviewed, the engineers made no attempt to level off the signal that normally increases in AC voltage as you 
increase frequency. | also ignored levelling. Presumably the designers didn't worry with leveling the oscillator output in their superhet receiver as 
long as the output voltage sufficiently drove the mixer into complete switching. Levelling would add cost and complexity. This isn't a lab grade RF 
signal generator — that's for sure. 


At present, the AFC varactor pair is disconnected since | won't know how strongly to couple it with Cx until | have a working detector. Also | will 
need to experiment to determine the best R-C time constant for the low-pass filter; likely the 2.2 uF capacitor will need an increase in value. 


With the 3K9 QO resistor under the 5K tuning pot, | keep at least 5 VDC on the tuning varactors or the VCO would stop running as | tuned the pot 
towards CCW. The coil = about 3 turns of 16 gauge wire on a 5/8 inch bolt. (Despite Canada going metric in ~1975, they still sell nuts and bolts 
in inches at our hardware stores). The stiff wire prevents the inductor from turning into a "microphonic" spring when the VCO is bumped. Click for 
a photo. The nominal L = ~ 125 nH, although | bent and manipulated the coil so it sat attached to the copper clad board with no tension and then 
squished or expanded the turns to establish my lower band edge. 


In many FM receivers, either a single or balanced dual-gate MOSFET mixer was driven by a high impedance buffer/amplifer. If | mix with a 2- 
gate MOSFET, I'll insert a common gate JFET amplifier on the IF strip to boost the LO output impedance and AC voltage. 


The feedthrough capacitors are 0.0047 UF - they were on sale so | bought them. To prevent a parasitic high impedance when placed in parallel 
with my standard 0.001 uF bypass caps, | placed a series 10 O resistor. 


| enjoyed this crazy design; trying to replicate a relic, but popular local oscillator idea from decades ago. Let's hope | did it justice. Perhaps future 
VHF stuff on the FM and even 2 meter band will involve an Si570 and PIC, Arduino or other microcontroller? This simple VCO will do for now. My 
greatest passion lies in designing and building the front end. 
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Above — A well-buffered, bench-module, high-side VFO | sometimes use for broadcast FM band mixing into a 10.7 MHz IF. The output at 98.5 
MHz = -5.35 dBm, perfect for switching Gilbert cell mixers with a little padding or amplitude tweaking. Click for the output of the Colpitts only with 
a 10X probe @ 120 MHz. With care, you can see the second harmonic in the 'scope tracing — click for the SA tracing that shows the 2nd 
harmonic 27.5 dB down from the carrier. Click for a 'scope tracing with my MMIC bench module amplifier from VHF Veronica connected; the amp 
exerts some low-pass filtering that cleans up the signal somewhat. 


3. DC-DC Converter for VCOs 


Until now, | ran a maximum reverse DC voltage of ~12 volts in my varactors. For wider VCO or L-C filter tuning, builders may chose 28 volt 
varactors such as the BB535 or BB149A and boost the 12v supply up to 28v with a DC-DC converter. Some build inductorless converters pulsed 
from 555 timers, or use CMOS voltage converters like the CL7662, or Si7661 to make a doubler. As an RF constructor, | like working with coils 
and built the following circuit: 





Above — Bench module: 28v DC to DC converter. While containing no tuning control pot, my build places the zener diode regulator control 
potentiometer on the front panel to allow fast-tweaking of the output voltage from ~21-30 VDC depending on the load. Click for the breadboard 


photo. 
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From circuit design of Matjaz, SS3MV 
Presented by permission of Andy from UKW-Berichte/VHF-Communications 





Above — My regulated 28v converter for varactor tuning adapted from a design by Matjaz, SS3MV. | pulled this circuit from his amazing 2-part 
article with circuits that span from 11 GHz RF to DC. See the reference articles below. | filtered heavily and at switch-on, my circuit draws ~ 50 
mA, but then drops to ~ 11 mA after the capacitors charge. The 10K [set VDC] trimmer pot allows you to dial in your desired output voltage and 
thus this converter may work over a wide range of DC power supply voltages. 





The tuning control(s) might be a single potentiometer, or even seperate pots for tuning 2 different VCOs. In the above schematic, | show 1 
possible tuning scheme: a 10K coarse tuning in series with a 500 Q fine tuning potentiometer. R keeps some minimal reverse DC on the 
varactor(s) and is optional. Again, my bench module DC converter omits any tuning controls — these are built into the circuit containing the 
varactor diode(s). 


The oscillator frequency varies slightly with the set output voltage. Click for a screen capture at ~32 VAC with a 10X probe placed on the PNP 
emitter. In another test, with no load, | watched the coil's magnetic field collapse and ring in this cool ‘scope capture. This is why | love deep 
memory DSOs so much. 


VHF 





COMMUNICATIONS 


TV Satellite Receive System Part 1: Low Noise 11 Ghz Down Converter 
—— issue 4/86 


TV Satellite Receive System, Part 2 = Indoor Unit --—- issue 1/87 


http://www.vhfcomm.co.uk/ 





Above — Andy, G8ATD who owns VHF Communications magazine granted me permission to show the DC converter circuit. His magazine 
archives provide a treasure trove of useful circuits from VHF to Microwave and it's clear Andy passionately spent lots of time publishing the 
magazine until 2013, plus scanning and organizing the archived material. 

Although VHF, UHF and microwave focused, much of the concepts and learning can also enrich your HF exploits. 
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Above — A "quicky" VCO thrown together to test the DC-converter. Click and click for the output with the tuning pot set to fully CCW and then 


CW. The 680 R keeps about 2 volts on the varactors with the tuning pot set to CCW. 


In the reference articles cited above, you'll find 2 HF-VHF Hartley VFO designs that tune over a 20 MHz span thanks to 28 volt varactors and 
careful design. In yet another UHF circuit, a 1 octave tuning span is realized with the author's specially designed VCO. Truly hardcore design 
from a great teacher — | crave exposure to the work of such authors. 





Above — A photo of my "quicky" VHF VCO. 73! 


4. Supplemental Web Page #1 


Click for the first supplemental web page. 


5. Miscellaneous Photos or Figures 
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Sundry Experiments 2012 - 2013 


This page shows some of my better non-VHF 
experiments for 2012-2013. 


Although VHF and UHF excite me greatly, It's 
always fun to build at HF, or even AF. 


Section 1: | explain why you might see 
sweeps that look like oscilloscope tracings on 
QRPHB: they're devices swept with equipment 
designed by Bob, K3NHI. Bob's work simply 
amazes me — full-on, creative precocity. 


Section 2: An LM1875 AF power amplifer 
test. 


Section 3: Three Questions with Jason, 
NT7S. 


Section 4: EMRFD Experiments — A 1-on-1 
Tracking or Offset Phase-locked Loop. 


Section 5: Boot-strapped Popcorn AF 
Feedback Pair. 


Section 6: Non-Mechanical lambic Paddle. 

Section 7: A Journey Above HF. 

Section 8: Popcorn AF Amplifier — Reprise 

Section 9: The Progressive Receiver by John, K5IRK and Wes, W7ZOl 


Section 10: Miscellaneous Pictures and Figures 














1. Analog Sweep System 


Today, advanced experimenters might build a network analyzer/sweeper incorporating a microcontroller, a DDS, or Si570 based frequency 
synthesizer, plus the needed analog RF circuitry. | went another direction: the Bob Kopski, K3NHI sweep system — all analog, no lines of code 
and probably 4X the bench work. | show some photos, traces and text in hope it might inspire you to pursue your own sweep system — digital- 


based or otherwise. 


K3NHI Sweeper System 










Trigger or Ramp to X input of DSO. 


Ramp voltage ‘scope 
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for LC filters. Another is narrow 
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filters. 





Above — The K3NHI Sweep System macro diagram drawn by Wes. The resultant trace looks like the output of a tracking generator plus 
spectrum analyzer. What | like most is that I'm measuring with my "tough" 'scope and need not worry about input power and so forth like we do 
with expensive RF test gear. | simply love measuring signals with my oscilloscope. Testing circuits with Bob's sweep system compels me to 
treasure component-level analog design and renews my passion afresh. 
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Above — 3 components of my K3NHI sweep system. Click for a higher resolution photo. To date, I've made the Utility Sweep Generator (time 
base) on the bottom, a 1-118 MHz VCO with clean and level output top left, an AD8307 power meter optimized for sweeps top right and a crystal 
filter VCO shown l/ater. 


Building Bob's Utility Sweep Generator proved difficult. Although technically just a ramp generator, this 1 is calibrated, provides high isolation 
between the X and Y channels and will sweep anything. The power supply has 8 different regulated DC voltages including ~ - 3V. | may use it as 
the time base for a spectrum analyzer project 1 day. 

Bob gave me permission to post the schematics: One Two Three 1IC1-5 is an LM324 op-amp. Doc 1 Doc 2 





Email me for some build notes. 


Click, click, or click for photos of the 1- 118 MHz VCO. Click for the schematics. One Two 


| show a bare-bones AD8307-based Power Meter (PM) on the RF Workbench 5 web page, however, to augment the PM for sweeping, | added 
input compensation, plus some tweaks from Bob's QEX articles: Bob Kopski, K3NHI — An Advanced VHF Wattmeter, QEX, May/June 2002 and 
Bob Kopski, K3NHI — A Simple Enhancement for the Advanced VHF Wattmeter, OEX, Sept/Oct 2003 








| strongly recommend you build Bob's power meter (referenced above) if you're contemplating a power meter build. 
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Above — My AD8307-based power meter. Click for a photo of an early version lacking the level shifter. The level shifter, or DC offset control 
allows precise Y axis control to enable a resolution up to 1mV/dB when set up properly in the DSO. With this resolution, it's possible to see filter 
ripple. 





Above — The K3NHI sweep system in action. This photo shows the power meter with the (later) added DC offset control. Using the offset control 
potentiometer, I'm able to examine the at 1 dB per division with various spans. 


Above — | swept a 7 MHz band-pass filter bench module. 








Above — A sweep of the above 7 MHz band-pass filter. At the time | was still learning system calibration and remember feeling blissful that | 
made such a cool sweep system. 





Above — A sweep of the 7 MHz band-pass filter with a tracking generator plus spectrum analyzer for comparison. The span differed from that 
used with the K3NHI sweep system, however, I'm sure I'll get better with the K3NHI system over time. 








Above — My build of the K3NHI Hartley VCO for sweeping crystal filters. | ordered a 4 mm tuning knob for the 10-turn "Manual Tune" 
potentiometer used to help center the sweep in my ‘scope. This 10-turn pot, a DIP switch with C's and a secondary L, plus two MV209 varactors 
allow narrow resolution sweeps (< 5 Hz nominal) within a ~2.5 - 18 MHz range. 


| monitor the sweep frequency on a counter via the VCO monitor port and all the tweaks on this VCO and the Utility Sweep Generator allow easy 
filter centering. Click for a breadboard of the VCO with the first buffer and a temporary BNC connector for testing. Click for the whole project. The 
secondary wideband buffer provides strong signal fidelity, reverse isolation and output return loss (22.3 dB) — it draws 61 mA. Click for the VCO 
schematic courtesy of Bob, K3NHI. Click for a side-by-side of a xtal filter as measured with Bob's sweep system plus an N2PK VNA. 











Above — | made and then swept a simple ~500 Hertz wide 4.9152 MHz Cohn or Min-Loss filter using 4 crystals. 


So now, if you see sweeps on the site that look like oscilloscope tracings, you'll understand how they were created. I've learned so much from 
Bob's work and his mentorship last Spring. John, KSIRK coached me also. 


QRP-POSDATA for October 2013 


3 builders incorporated Bob's sweep system circuitry into projects including a receiver, a spectrum analyzer and the following build of the Utility 
Sweep Generator (USG) by Jay: Jay built some PC boards to simplify the wiring challenge this USG presents. Click 1 Click 2 Click 3. Great 
stuff — thanks for sharing. 





QRP-POSDATA for March 2014 — Poor Hams Scalar Network Analyzer (PHSNA) — 





Above — The PHSNA built by Mikey, WB8ICN. 


Jerry W5JH, along with Jim, N5IB and Nick, WA5BDU developed this low-cost sweeper/ lab toolkit. 


The Poor Hams Scalar Network Analyzer consists of an Arduino UNO R3, plus an AD9850, or AD9851 DDS, a W7ZOI/W7PUA Power Meter and 
a MS Windows OS based computer. Builders can scan and plot L-C filters, crystal filters, RF amplifiers and such — much like Bob's sweep 
system — or an HF tracking generator + spectrum analyzer. The PHSNA also measures crystal parameters with little fuss. Connect a return loss 
bridge to easily sweep return loss measures of the input or output ports of filters, amplifiers, antennas and more. The total cost to build the 
PHSNA is approximately $50-60 USD. 


Mikey graciously sent me some photographs of his PHSNA build. Complete system in his lab with the chassis lids removed for these photos. 
Monitor photo showing menu choices. Power meter. Mikey's jig to examine crystals with a 12.5 Q termination. Once you own a calibrated sweep 
system, you'll wonder how you ever managed without 1. 





Thanks again to Mikey for the photos. | built and tested the return loss bridge using the PCB from the PHSNA Yahoo group. Click for a 613 KB 
pdf file of my build. Nick, WA5BDU web site. 


Hats off to Jerry and crew for this open-system project! A Yahoo group called PHSNA serves as the communications hub and houses superb, 
detailed documentation. You need to join Yahoo to access this group. Then search for PHNSA and while your at it, also sign onto the EMRFD 
group. 











2. LM1875 Audio Power Amplifier 


| tested the LM1875 AF power amplifer because its specifications look great: 20 watts into a 40 or 8Q load on +25V 
supplies and a TO-220 package for easy heat sinking. Of course, for this web site, | tested it with a typical radio experimenter bench power 
supply; a single-supply at ~ 12 VDC. 


This is probably not a great part for Ugly Construction and | attempted to return the load ground, the output Zobel RC filter network, feedback 
loop and input grounds to a central grounding point through separate paths cut paths into my copper board. A better breadboard method might 
include the so called "star grounding”. 


| saw RE oscillations on the 'scope and removed them by soldering a 0.001uF bypass capacitor across the input. A 470 pF bypass capacitor did 
not work well enough. The datasheet describes specific causes and cures for RF oscillations and I've learned they must be heeded. | once found 


similar problems with an LM380. 


With a 12.2v Single Supply 
Average Clean Power = 856 mW 
Quiescent current = 14.5 mA 





Above — The LM1875 in the ~suggested datasheet, single-supply set up. This amplifer reminds me of setting up an op-amp. Unlike the LM380, 
within limits, you may choose the gain to suit your needs. As shown the gain = 25.6 dB. Dropping the feedback R to 100K dropped the gain down 
to 20.5 dB. For clean output power capacity; it blows away the LM380. 





Above — My first LM1875 test breadboard. After the photo, | moved the 0.1 uF RF bypass cap right onto lead 5 — we should carefully RF 
bypass device power supply leads, but | got sloppy. 
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Above — At the maximum power before visible sine wave distortion appears; 856 mW. | listened to this amp while connected to a line-level tape 
player and an 8 QO speaker load: very nice. | want to try it with a split +/-15 VDC supply and a star grounded breadboard since a 12v single- 


supply limits the output power so much. Still, at 12 volts single-supply, this IC yielded the highest clean, average output power of any AF Power 
chip I've tested: a worthy consideration for a high-grade receiver. 
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Above — 'Scope tracing; | advanced the 10K volume pot to drive the amp into clipping. 


3. Interview — Three Questions with Jason, NT7S from Etherkit 


| follow 2 English language amateur radio blogs — 1 is Ripples in the Ether by Jason, NT7S 


Possessing a modern flare, Jason, the blogger, gently but resolutely challenges some of the cliquish, dogmatic thought and behavior that 
tarnishes amateur radio, or just blogs about fun stuff. He writes well — creating an emotional dialog that stimulates thought and reflection. We 
get a sense that he cares about our radio hobby and wants it to grow and improve. 


Jason, the man behind Etherkit, champions a modern, open-source vision that | find both positive and refreshing. 





1. Tell me about your decision to embrace the open source software philosophy for your hardware in a time where proprietary code, 
copyrights and patents still hold strong. How do Ham Radio equipment sellers benefit from code sharing? 


| believe that the open sharing of knowledge has always been one of the cornerstones of our amateur radio community, going back to its earliest 
days. So the open source/open hardware ethos has always resonated with me in regard to our hobby. | started Etherkit with the intention of 
providing a small bit of income to my family and as a way to promote the idea of open hardware within the ham radio community at large. | have 
no illusions of becoming the next Elecraft, but | hope that | can build up a stable of affordable and fully-open ham radio kits that will be 
“hackable" and extensible for the motivated experimenter. | do this by providing the full source code for my microcontroller firmware, all of the 
PCB design files, Creative Commons licensed documentation, and programming ports for my products. I've already seen some neat examples of 


customers extending my first product (the OpenBeacon MEPT kit) by doing things such as adding in WWVB time discipline and pairing it up with 
a Raspberry Pi for cheap automation. | hope that others will take my code or my circuits and re-purpose them in their own work, even if they don't 
buy my products. 


| am not an open source zealot and do not begrudge the large majority of vendors who choose to keep their intellectual property closed. 
However, most of what us smaller companies do is not on the cutting edge of radio. We leverage the knowledge and works of those who came 
before us. Perhaps if | created something wholly-new that would be patent worthy, | would consider keeping it closed, but that's not the kind of 
products that I'm able to develop as a one-man operation. We do not copy the designs of others, but we do take concepts that are for the most 
part well-tested and come with new ways to implement them. Because of that, it's my personal opinion that | have a duty to keep my designs 
open. 


In the open hardware world at-large, there is a discussion about whether open source hurts your own business prospects. There are still some 
debatable points in that discussion, but | think it has been shown that if you look at the entire balance, open hardware is a good thing for smaller 
companies. One of the largest concerns is that under most open source licenses, a competitor can just clone your hardware and undercut your 
sales. That is a genuine concern, but | think that products such as Arduino have shown that if you make a quality product, most folks will 
recognize that quality and stick with the original. 


Even if others buy a clone of your hardware, in all likelihood, that may be strengthening your brand identity (as long as that vendor isn't stealing 
your name). Another concern is that a customer can just copy your product for themselves. To that, | say good!. Because of the work and costs 
involved (economy of scale), it's going to be time and/or money consuming to make that copy. It's probably cheaper and faster to just buy the kit. 
The reason you copy it for personal use is because you love working with the technology. Which is exactly what | want to encourage. You may 
lose a small bit of sales, but | think it gives you more name recognition in the end. 


2. What's it like being a vendor at Dayton? 


To be clear, | wasn't a vendor at Hamvention in 2012 (hopefully | will be there by 2014), but | was a vendor at Four Days In May at the Fairborn 
Holiday Inn. It was a wonderful experience to get to sit with the big names in the QRP world, selling my wares. | got the opportunity to meet tons 
of QRPers and build up some good relationships. Online sales are wonderful for the ultra-small operations such as myself, but nothing beats 
actually meeting your customers face-to-face, especially when you are at the world's most well-known QRP convention. 


3. In industry, SMT parts are normal and hole-thru might better be called “hold-over”; what’s your view on kitting products with SMT 
parts? 


We've seen some SMT kits within the QRP world, but they still are more of an oddity than anything else. | understand the concerns that people 
have with SMT assembly, but | think that there is still a lot of trepidation that builders needn't have. It's my opinion that SMT construction with 
"larger" components such 1206 or 0805 is well within the capabilities of the average kit builder. | also believe that once you are comfortable with 
SMT construction, it is probably faster and more efficient than through-hole construction. 


OpenBeacon is a through-hole product, but | have had a QRP CW rig in development for the last two years that is a SMT design. In beta testing, 
I've found that one of the biggest challenges in kitting is that | have to clearly identify each and every component. With a through-hole kit, you 
can just throw all of the resistors or all of the capacitors together because they are clearly marked. Not so with SMT. You have to have a system 
to keep each value separated from the others and marked with a value. SMT resistors and semiconductors have a laser-etched value, but it's 
nearly impossible to see by naked-eye, and SMT capacitors generally have no markings at all. 


So | have had to compartmentalize each strip of components of the same value cut from a reel, and mark them with a sticker. That is pretty 
costly and time-consuming. I'm hoping to find ways to streamline this process so that | can release SMT kits without the large time investment 
that it currently takes. 


4. EMRFD Experiments — A 1-on-1 Tracking Phase-locked Loop 


| built the 1-on-1, or offset phase-locked loop circuitry described on EMRFD page 4.22 and share these schematics in faith you'll create your 
own. Rich with wisdom and reason, this section lies among the best topics from EMRFD. Please read Wes' notes since | won't repeat his 
narrative — only supply a few ideas and measurements. In the article closer, Wes suggests some modern parts to raise performance and | 
applied all of them with the exception of the 14 MHz VCO. 


Rather than building the main VCO with divide by N circuitry to allow multiband use, | copied the original 14 MHz oscillator verbatim. Why? Well, 
| wanted to test this VCO: a design that wisely doesn't expose the varactor to high impedance or signal amplitude and thus avoids forward- 
biasing the single tuning diode. I've discussed this before on the ORP Modules 2011 web page under 7 MHz VCO Experiments. Also, | really 
just wanted to learn about PLL circuitry. The Figure 1 macro schematic below illustrates this project. 


In my circuit, a frequency stable 14 MHz VCO = the goal; the rest of the circuitry supports this. 
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Above — The 1.5 MHz VFO. In his modern writing, Wes calls this the MTO, or Manually Tuned Oscillator in the context of a tracking PLL. | 
wound the L with # 30 AWG wire on a T50-6 toroid. 


My MTO exhibits a low tuning range (only 1.50 to 1.52 MHz) since | built in a box with a small air-variable capacitor that swung only 24 pF and | 
ran the "Colpitts capacitors" at 2610 pF to keep phase noise low. This box normally holds a VHF oscillator and | just removed the main board and 
swapped in a 1.5 MHz equipped copper board. | won't keep this PLL and thus sticking the 1.5 MHz MTO in an existing oscillator chassis with a 
grounded tuning shaft and feedthrough capacitor helped save money and time. 





Above — The built 1.5 MHz MTO. With temperature compensation from 6 stiff-leaded, 600 VDC, 470 pF polystyrene capacitors, my frequency 
drift measured between 3 and 4 hertz per hour upward at room temperature. Properly designed + built + temperature compensated L-C 
oscillators at 1.5 to 3.5 MHz may exhibit stellar temperature stability. See the VFO - 2011 web page for some tips. 


Since this VFO was sublimely frequency stable, | didn't possess the guts to change up the L-C ratio to garner a wider tuning range from the small 
air-variable tuning capacitor. A 100 pF, or greater delta-F air-variable tuning capacitor would stretch the VFO (MTO) tuning range nicely. 





sol in Pa imOmsitintcig 


12 VDC line 





rina 





Above — | designed this buffer last year and it's my new favorite. Click for the original. A 10 pF COG/NPO capacitor lightly couples the MTO 
output to the high impedance of Q1, an emitter follower. Further, a common base amp provides gain and essential reverse isolation. You may 


adjust Q2 gain by changing the degenerative feedback offered by the 22 O resistor and 0.1 uF capacitor. For example, decreasing the R to 18 O 
may provide 7 dBm output for a diode ring mixer. 


MTO output power = 6.71 dBm. 


| transformed the 470 O collector resistor impedance to 50 QO with a transmission line transformer. Even though part of the PLL circuitry involves 
logic gates, or is at DC; as possible, my circuits employ a 50 Q input or output impedance to allow measurement with my 50 QO modules and/or 
instruments, plus transmission via 50 QO cables. 
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Above — The 13.98 to 14.3 MHz VCO by Wes, W7ZOI (Figure 4.43 in EMRFD). The connector in series with the 1K varactor resistor was an 
RCA type. Output power = 1.62 dBm. | employed a 3 - 20 pF air variable for the trimmer. 
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Above — In the original circuit, Wes built his 12.5 MHz crystal oscillator with a single 2N3904. Lacking a 12.5 MHz crystal, | built my xtal oscillator 


from an old, junkbox 12.5 MHz clock oscillator. A resistor L- matching network drove a low-pass filter to scrub off harmonics, Click for the clean 
output ‘scope tracing at 211 mV pk-pk in my first version. Later, some tweaks gave a final power of -9.6 dBm (208 mV pk-pk). Many authors 
switch their NE612 mixers with a peak-peak voltage of ~200-300 mV. An AC-coupled 51 © resistor on the NE612 pin 6 properly terminates the 
oscillator to establish the desired drive power and filtering. 
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Above — Click to view the power splitter, mixer, low-pass filter and amplifier schematic. Click for an FFT of the clean 1.5 MHz output sine wave. 
At this point, the 14 MHz VCO has no DC voltage connected to its frequency compensation varactor. As shown, the mixer products are seriously 
attenuated by the simple, low-pass filter + keeping the mixer RF port signal amplitude low. The power splitter provides the input for the mixer and 
also the main output for the 14 MHz VCO. The main VCO output requires 50 O buffer/amplifer(s) to drive a receiver mixer, transmitter chain, or 
whatever. 


| inserted the 12 dB attenuator pad to keep my mixer RF port signal low to drop the mixer products amplitude down; further losses occur in the 
transformer. You can change this pad to whatever is required. | belong to the camp of builders who drive their transmit mixers with low-level RF 
signals to avoid messy outputs at the IF port. 


Click for a breadboard photo of my initial bench tests with the mixer board. A 50 Q resistive terminator shunts the main VCO output port during 
this testing. | temporarily insert BNC connectors along my development breadboards to measure output signals with my 50 Q terminated ‘scope, 
spectrum analyzer, or power meters and rarely measure RF circuits with a 10X probe. 
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Above — Phase-frequency detector and loop filter schematic. 51 O resistors terminate each 1.5 MHz input and drive two 2N3904 switches per 
EMRFD Figure 4.41. The loop filter design from EMRFD works as described, however, if you make a loop filter for a different circuit, casual 
copying goes out the window. Engineers design their loop filters according to factors including the crossover frequency, VCO gain, the N-division 
for the loop, etcetera with software. Some people and companies offer such software on the Web. 


My loop filter 0.01 uF cap was a 1% polyester capacitor, although Wes specs a 10% tolerance in EMRFD. No cheapo ceramic bypass caps here 
please. 





Above — Phase-frequency detector and loop filter breadboard. Click for a photo of the scattered, ugly, working boards on my workbench. Many 
prototypes look like this on our benches, however, sometimes, they work perfectly until we stick them in a box! Do you relate? Each oscillator 


belongs in its own metal box with strong bypass and decoupling networks (feedthrough caps reign supreme here) since the 3 oscillators might 
decide to party together and create havoc. 
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Above — My VCO frequency with the 1.5 MHz MTO set at full mesh. Since my MTO only tuned from 1.50 to 1.52 MHz, my VCO only tuned from 


14.00 to 14.020 MHz, but that's easily fixed as I've stated. I'm very happy — it locked perfectly and my 14 MHz VCO stayed on frequency at the 
exact previously measured frequency drift of the 1.5 MHz MTO. When | connected the 14 MHz VCO to my counter without the PLL circuitry, it 
drifted willy-nilly. 


Conclusion 


The sense of awe and joy arising from locking a VCO on frequency won't be understood by many. The concepts and circuitry offers many 
possibilities. If the MTO and VCO exhibit low phase noise, short-term oscillator stability may be fantastic. 


The 14 MHz VCO could be a 56 MHz VCO with sequential division by flip-flops to provide output at 28, 14 and 7 MHz with the 14 MHz portion 
going to the offset mixer. In EMRFD, Figure 4.44, Wes offers 14 and 7 MHz output by dividing the 14 MHz signal from the main power divider 
output port. The 7 MHz band is low-pass filtered to remove harmonic energy. 


Wes extended this circuit by dividing the MTO by a hardware programmable frequency divider so that the difference from the mixer and low-pass 
filter is 170 kHz nominal. He uses this 'Almost Synthesizer’ on the air for his QRP adventures. 


While most builders will sensibly jump from an L-C VFO to a kit containing a programmed microcontroller plus a DDS or Si579, it's also fun to 
play with hardware to learn and ingrain synthesizer concepts + gain bench wisdom. 


QRP — PosData for April 17, 2013 


For a good read on the offset PLL, consider studying Wes' book Introduction to Radio Frequency Design, ARRL, 1994, page 320 and on. 
This book is now out of print. Wes ported the PLL active loop filter design program he wrote for IRFD from DOS to Windows in April 2013. Click 
and scroll for it. Thanks for this Wes! 


5. Boot-strapped Popcorn AF Feedback Pair 
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Above — | designed this AF stage for a builder from Indonesia; a popcorn AF shunt feedback amp based on the work of Douglass Self. Despite 
only drawing ~ 5 mA, this amp stayed clean until the output voltage exceeded 7.04 volts peak-peak on my test bench. Boot-strapping increases 
gain and lowers distortion in Q1. 


Q2 buffers the Q1 voltage amp from external loading and increases gain.The Q3 current source boosts the load-handling capacity of the Q2 
emitter follower. The input R can be raised to reduce sensitivity. The 1K output R could be a 5-10 K volume pot. 


6. Non-Mechanical lambic Paddle 





Above — The very ugly development proto-board of my half-done non-mechanical lambic paddle. At some point I'll build the other half (the dah 
paddle switch) and press it into service. You might also use this circuit as a non-mechanical straight key. 
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Above — The schematic for 1 of the paddle circuits. | compared the ON resistance of the BJT switch with the enhancement mode FET and the 
2N7000 won: only the FET could key the continuity tester on my DVM. 


You may extend this circuit with a 2N3906 switch for paddle-switched 9 volts (or whatever VCC you want). In the bottom right, | connected the 
PNP collector to an LED and flashed it for fun. The 0.01 uF capacitor on the switch drain or collector bypasses any RF to ground. With higher 
power RF, you may have to place a similar bypass cap in parallel with the shunt 10K resistor on the 2N3904/2N7000 base and gate respectively. 
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Above — A'scope shot of the ~ 43 KHz oscillator generated in the first 4093 Schmitt trigger NAND gate. 
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Above — Here's the disturbed oscillator output just after the paddle is touched: this stops the signal at pin 5 and 6 of gate 2 and kills the AC 
output at pin 4. The DC voltage across the 0.001 uF cap discharges through the 1 megohm resistor pushing pin 10 HIGH to turn on the 2N7000 
(or the 2N3904). Normally, pin 10 is LOW since the rectified output of the undisturbed ~43 KHz oscillator goes to both pin 8 and 9. 


A fun circuit for a Saturday afternoon... 


7. A Journey Above HF 


This project began as a 14 MHz low-noise amplifier build, but ended up with me learning more about SMT breadboard techniques and 
suppressing spurs. A short exploratory/descriptive account of my bench journey plus some photos follow. 





Above — I'm slowly adding SMA connectors and pieces. Since modern consumer digital network engineers use them, they're abundant and 
often rated from DC to 18 GHz; more bandwidth than I'll ever need. 


I'm also building with evermore SMT components and just love it. Through-hole (I prefer to say hole-through) stuff continues to disappear like 
lemonade on a hot August afternoon. 





Above — The schematic of my version of Victor 4Z4ME's feedback amp (FBA) as tested at 14 MHz: he emailed me a paper and provided some 
online support. Click for another version from December 2012. Typical noiseless FBAs suffer from poor reverse isolation, however, Victor runs 
the collector to base feedback through an asymmetrical 3 dB power combiner/splitter that boosts port isolation, defines the gain, plus sets the 
input and output impedance. 


Strong virtues of the asymmetrical power splitter — fully utilized in this design include a very low loss on the input side (the 1 turn side) and a 
much higher loss ont the feedback side that allows the feedback to defines the input impedance on one side while exerting a negligible impact on 
noise figure and dynamic range on the other side. Victor measured a noise figure of 1.5 dB using a MRF586 BJT. Thanks to Victor for the 
information and design. 


For strong IMD properties, | ran 50.6 mA total stage current into a gorgeous, low-noise, NE46134 NPN transistor with a fT of 5.5 GHz. Using 
VHF-UHF techniques, | built with mostly SMT parts on 2—-sided board using copper wire vias to connect the 2 copper surfaces. | discussed the 
wrap-around bias technique in 2011 as number 1. 





Above — My prototype breadboard with dremel cut islands for soldering the size 1206 or 0805 SMT parts, plus a few hole-through items. 
Carving an island for the SOT89 transistor package proved difficult, but even | (a challenged dremelist) did it. 


Woe to Oscillations: Like misplaced car keys, oscillations may remain hidden unless you search for them. Often, the only difference between a 
proper oscillator and a regular amplifier is we want the former to oscillate. To check for instability, we might use our high bandwidth scope, or a 
spectrum analyzer, but many will have to find spurious RF with basic, DC - HF bandwidth test equipment. In any case, just do your best. To 
some extent, unwanted oscillations are the elephant in the room that few talk about. Well, it's okay to think, talk and feel some emotions about 
them. 


Sure enough, when | connected a 14 MHz signal to the amp's input and a 50 O terminated ‘scope to the output to measure gain, my sine wave 
had 2 or 3 others on top of it. In the 4Z4ME amp, the PNP bias transistor can be a source of AF to HF oscillations. 


Victor wrote: "The circuit has a low frequency amplifying loop that goes through both transistors. The PNP transistor does not invert the signal (it 
is acommon base amplifier) and the RF transistor inverts so it is a loop with 180 degrees phase shift (negative feedback). The various 
decoupling and RF coupling capacitors in this loop add phase shift on this low frequency loop. If the accumulated phase shift adds to an 
additional 180 degrees and gain is larger than 1 you have oscillations. The simplest way to solve it is to make one of the capacitors very large so 
it will add only 90 degrees phase shift but it will drop the gain at the higher frequencies where the other capacitors start to add phase shift to be 
less than 1 so there are no conditions for low frequency oscillations. This technique is called "Dominant Pole". That's the reason that | suggested 
to connect a very large capacitor to the PNP transistor". 


| found my oscillations disappeared with a 0.1 uF collector bypass cap on the PNP (Cx on my schematic). The 0.1 uF cap on the PNP collector 
was critical — a 0.22 UF failed to work, as did a .001 UF --- but a 0.1 UF held it stable. In another 2N2222a-based 4Z4ME amp with 0.01 uF input 
and output caps, it took a 10 uF capacitor on the PNP collector to snuff out some ~766 Hz oscillations. 


We don't use a wrap-around PNP bias with our RF oscillators — that's asking for trouble. 


| aso measured oscillations at ~ 372 MHz with my spectrum analyzer. A collector 10 Q R killed these UHF oscillations and after that | saw no 
spurs from .001 to 1 GHz. (1 should have made the dremel cut right close to the NPN collector for the 10 O resistor. | hoped there were no 
oscillations above 1 GHz because | can't measure them. 


Finding oscillations: 


Many builders lack a spectrum analyzer, let alone 1 that goes up into UHF bandwicth. I'll share a few tips I've learned on the bench that don't 
require expensive test gear: 


A 10X scope probe on the drain or collector of an amp may sometimes reveal oscillations up to the maximum ‘scope bandwidth — set your 
‘scope vertical scale for high sensitivity. This provides direct measurment of oscillations. 


Indirect methods to infer unwanted oscillations also lie in our armatorium. | learned this trick from Wes: Place the circuit under test in your normal 
gain measurement set up with an oscilloscope. Then vary the DC power supply voltage slowly and smoothly — your measured ‘scope voltage 
changes should also track slowly and smoothly. You may see an AC voltage jump as the amplifier goes into and out of oscillation with the DC 
power supply tweaking. After finding this oscillation caused AC voltage spike, you work to remedy it with a variety of means such as better 
bypassing, changing bias voltages, shielding and locating breadboard errors. 


Sometimes if you put your finger near the active part while watching the bias voltage or current you may see the bias jump around /f oscillations 
are present. 


My final indirect oscillation busting technique: If you measure the specified/expected gain and return loss on the input/output port, this may signal 
your device is stable — I've noticed this with MMICs where | saw oscillations on my SA, stabilized them and only then, measured the expected 
$21, S11 and S22. 


Sometimes, eliminating a hot part proves the best fix! In 2012, a new builder wrote to say that he soldered in a Mini-Circuits DC - 6GHz MMIC; 
the ERA-2SM in SOT-86 as a buffer for his 3.5 MHz VFO. Anyhow, in the photo were long leads plus no decoupling resistors etc. It sounds like 
the circuit behaved hyperreactively and vibrated in spasm. The cure was to eliminate the microwave part and put in a hycas amp built with a 
J310 + a 2N3904 — we encounter risk when plying the latest, hottest, super-high fT amplifiers sold on eBay with casual abandon. 


Practice makes perfect. if you believe learning is experiential and build to learn, you'll learn to build. 


Finally, as an amateur, | struggled to choose a SMT ferrite bead and after reviewing many datasheets and application notes | ordered a size 
0805, 800 mA part with 120 ohms Z at 100 MHz and its peak impedance at 340 MHz. I'll let you know how that works out. 


RF Bypass on our DC lines: As possible, we ought to provide a broadband RF bypass to provide a low impedance to RF from low frequency up 
to the maximum frequency wherever our FET, BJT, MMIC, etc. operates. For example, you can't just swap a higher gain BF998 (1 GHz) for a 
40673 (VHF) dual-gate MOSFET and expect the same stability and bypass requirements can you? At the very least, | bypass G2 of the BF998 
with a size 0805 0.01 or .001 uF SMT capacitor and the drain with RF bypass good for 1 GHz. 


Wideband RF bypass may solve oscillation issues too. 


| tried to apply a broadband bypass in my breadboard, although it gets extremely difficult to think about bypassing RF at > 1 GHz for the QRP 
homebuilder. Our hobby should include reflection and proper intention at the very least. 





Above — A photo of the bottom of my breadboard showing the vias. | made mistakes: we should try to keep the via holes as close as possible 


to all bypass caps, my 10 © collector snubber resistor, collector port, or whatever we need to put at RF ground. The vias connect circuit areas to 
the large area, low impedance ground plane to minimize inductance. We should also try to place bypass capacitors as physically close to the 
pins of whatever we're bypassing. 
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Above — A TG + SA sweep of the gain of my 4Z4ME NE46134 FBA from ~1 to 20.6 MHz. Each vertical quare denotes 10 dB. Each horizontal 
square = the value specified in the photo. In this case; 2 MHz per division. Maximum gain was ~16 GB. 
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Above — A sweep from ~ 1 to 200 MHz. This would also make a good 6 meter band amplifer or ????. 
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Above — A sweep from ~ 1 to 500 MHz. 


01/13/13 file: 4244ME-04 FBA ports behavior. 
10 dB & 10 mHz/ grid. 


Orange = bridge output @ amp input. 
----Green = bridge output @ amp output. 
i. (opposing ports terminated } 


T 
~~ 
' 
= 
—_ 

= 


See eee eee ee 





Above — Bob K3NHI made and swept a 2N5109 version of the 4Z4ME amp biased for ~47 mA emitter current. Here he swept return loss at the 
amp's input and output from about 1 to 100 MHz. The output return loss of my build was down, however, | didn't own many SMT resistors 
between 33 and 68 ©. For example, if the output impedance at the collector is 10 QO, then the series resistor should be 40 (39) Q. 


I've found that in my FBAs, changing the current and also the transistor type (2N5109 , 2N2222a etc.) also affects the input and output return 
loss. At HF, it's possible to measure RL with a simple bridge, so optimization is possible. 


| learned a lot by building just 1 amplifer and discussing my findings by email with friends. Hopefully the next version | make will show improved 
understanding and skill. 





8. Popcorn AF Amplifier for Receivers — Reprise 


I've worked on a popcorn audio power amplifier (PA) since 2008 and offer my latest experiments. There's only so much you can do with a single- 
supply 12 volt AF power amp, but | enjoy improving my circuit. 


My power measurement technique is shown as Figure 4 here. To enhance versatility, the following PA's may be coupled to whatever preamplifer 
you choose. In all cases, | drove the power amp stage with a 5532 op-amp voltage amplifer. The power followers were biased with a 2N3904 
amplified diode (also called NPN shifter bias amplifier, or DC level shifter) rather than just a pair of series diodes, since this allows you to dial in 
just the right amount of bias as you watch the AC signal in your ‘scope. | wrote a tutorial that explains how to bias complimentary-symmetry 
power followers in 2008: Click for the link. 


884 mW clean power 
12.19v Quiescent I = 55 mA 


1N5 (.0015 pF) 





Above — Figure 1: A popcorn AF power amplifer in full bench test mode. Measure the AC with a 10X 'scope probe across the 8 © resistor and 
the DC voltage and current with a multimeter. A distortion analyzer proves useful, but not essential for popcorn circuitry. | also listened to each 
amplifer connected to a line-level cassette player and an 8 QO, 15 cm speaker. A 4 O speaker doubles the maximal clean power, but | don't own 
any and stuck to 8 QO. 


Containing no negative feedback, the power amplifer stage runs from the red-colored designator points A to F. You can AC or DC couple point F 
to your preamplifer stage as required to apply negative feedback. 

As mentioned, you can use the 5532 preamp shown with any reasonable gain (i.e. change the 12K resistor), or opt to replace it with your own 
design. A low output impedance amplifer best drives the power stage. 
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Above — The output of Figure 1 in my 'scope driven to the maximal pk-pk voltage just before distortion begins to appear. Obviously this task is 
somewhat subjective, however, allows comparison of the amps you build on your bench. 
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Above — A 'scope screen capture with the 22 uF level-shifter filter capacitor from Figure 1 removed. Look what happened; the maximum clean 
signal fell from 7.52v pk-pk to 2.22v pk-pk. That capacitor is essential to get the maximal possible headroom. 
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Above — Figure 2 is Figure 1 with the op-amp DC coupled to the level-shifter. | tested the circuit with and without the 4K7 resistor connecting 
the base of the 2N3904 to the DC supply: it didn't boost the amplifer headroom, nor reduced crossover distortion, so | removed that R. 
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Above — The Figure 2 amplifer 'scope tracing. At maximum power, crossover distortion appeared and I've seen this before. Likely, there is not 
enough base drive to keep the power followers forward biased. By adjusting the level shifter, | almost removed the crossover distortion, but 
never eliminated it. This drove the quiescent current up to 160 mA. Yikes! 
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Above — A variation of Figure 2 employing diodes instead of an NPN level-shifter. To kill the cross-over distortion, | lowered the 4K7 resistor by 
a magnitude of 10. This gave a maximum clean power of 766 mW with a quiescent current of nearly 72 mA. Head room and quiescent current 
are inferior to the Figure 1 circuit. 
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Above — The Figure 3 'scope tracing. Click for a ‘scope tracing with the signal generator amplitude increased slightly to push this amp into 
clipping. 
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Above — Back to an AC coupled power amplifer like Figure 1. | added a set of intermediate followers built with a 2N4401/2N4403 pair. The 
clean output power now lies at 970 mW with a quiescent current under 50 mA. Adjusting the trimmer potentiometer on the level-shifter even a 
tiny amount may change the quiescent current dramatically. 


| found a bias of 1.37v across the BD139/140 pair removed all trace of cross-over distortion at maximum clean signal power. Just tweak the 10K 
trimmer potentiometer while looking at your 'scope and decide what bias you prefer. | lower the bias until crossover distortion appears and slowly 
tweak it to find the sweet spot. Then measure the DC voltage across the power follower base terminals, plus the total stage quiescent current 
with the signal generator switched off. You might have to repeat this procedure a few times, since trimmer pot adjustment is quite sensitive. 


Jerry, W5JH made a PC board. Click for front photo. Click for rear photo. 
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Above — The Figure 4 'scope tracing. 
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Quiescent I = 91 mA 





Above — | added another BD139/140 power follower pair in parallel. The boost in headroom over Figure 4 was small, but it was nice to break 
the 1 Watt barrier. This amp sounded great and blew away an LM386 set up for a gain of 20 — more headroom, less noise and boosted warmth. 
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Above — The Figure 5 ‘scope tracing. 





Above — The Figure 5 breadboard. | built all the AF power amps on this board. Signal caps <= to 1 uF were polyester film, while | employed 10 
or 22 uF tantalum caps for the level shifters. Electrolytic caps work fine; especially for the level shifter capacitors. The green power indicator LED 
drew 10 mA and | subtracted this from the quiescent current measurements. 


Depending on the AF gain of your receiver, you might wish to add the familiar Zobel filter; a 10 O R in series with 0.1 uF C from the positive end 
of the output capacitor to ground, or more AF bypassing/ decoupling to the circuitry. 


No component values were critical — imbuing the spirit of homebrew radio, substitute parts and measure outcomes. 
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Above — | built a 100% discrete version of Figure 4 power amplifer with a 2N4401/2N4403 feedback voltage amp that drives the PA stage with a 
low impedance. Without a low impedance drive, the PA [ all the components right of the 1 uF capacitor where you see PA ] the headroom of the 
PA section falls down. Thus an op-amp or emitter follower drive works great. 


| moved to SMD power transistors: the NXP BCX56 + BCX53. These give a little more output than the BD139/140, and take much less board 
room. | ran no heat sink other than 8 mm by 4 mm PC board traces for the collectors. A better choice might be the related BCP56 + BCP53 pair 
in SOT223 since the bigger package of this version better sinks heat. 


| determined the optimum emitter resistor for the 2N4401/2N4403 followers = 120 O [not 68 O as shown in Figure 4]. This drops the the PA 
quiescent current in half and yields the same performance. If you build Figure 4, change to 120 QO. 


| meant Figure 4 and the QRP POS-Data amp as easy-to-make power amplifiers with a /ittle gain. You will have to add voltage gain in some AF 
projects. For Figure 4, it's easy to change up the 12K resistor, or apply the other half of the 5532. Decouple and bypass better if you get motor 
boating or hum. 73 de VE7BPO 





9. The Progressive Receiver by Wes, W7ZOI and John, K5IRK 


When introduced in QST for November 1981, the Progressive Communications Receiver (PR) by Wes, W7ZOI and John, K5IRK set a dynamic 
range benchmark for dual-conversion homebrew receivers: 94 dB in CW mode. 31 years later, few other home-built radios have ever reached 
this benchmark. 


The PR is a single conversion superheterodyne 80m receiver; or perhaps it’s a direct conversion receiver with an extra mixer ahead of the 
product detector? It’s both and that’s the point. Further, Wes and John added other bands with another mixer, plus a crystal oscillator, RF filter 
+/- an RF amp for each band. 


You'll see the PR listed as A High-Performance Communication Receiver in ARRL Handbooks from the early 90s or so. ARRL staffers built and 
enjoyed the PR in their test lab for many years. 


After purchasing the 1991 ARRL Handbook and reading about this project, | slowly adopted and entrenched the PR's progressive (modular) 
approach. When | built and web published my 2 TRF WWYV receivers with crystal IF filters, a couple of people wrote that | “grossly over- 
designed” them, however, other, more astute builders placed a mixer on the front end and turned their TRF into a multi-band superhet like | later 
did. These builders understood how progressive circuit building works — all PR inspired. 


| hope my introduction renews your interest in the PR. Wes and John’s article is thorough and complete — | can’t add to it, however, I'll share my 
thoughts along with those from Wes and John all these decades later. 


The IF Stage gain comes from 2 dual gate MOSFET amplifiers. The final MOSFET amp drives a BJT differential pair providing 9 MHz RF to the 
product detector at 50 Q and signal for the AGC circuit. Wes recalls using a 3N211 in the original MOSFET slots since Doug DeMaw owned a 
pile of them and contributed some. In some areas, the 40673 was the dominant 2-gate MOSFET soldered by radio home builders back in the 
day. 


An evolved version of the PR Intermediate Frequency stage appeared in EMRED as Figure 6.50. Wes replaced the now hard-to-find and 
expensive leaded dual-gate dual gate MOSFET with a cascode of J310s. | built this stage and it performed well with my 12.2 VDC power supply. 


Jeff, WA7MLH built the general purpose IF system and noticed if the power supply dropped below 12 VDC, the gain control and maximum gain 
fell off and he wrote to Wes about his findings. Wes later confirmed dysfunction with a lower DC supply. | asked him to recollect this time: 


".... Frankly | don't remember if | went immediately to computer simulations or if | built a single stage. | think | built. Anyway, Jeff was correct, 
depending upon the FETs that were used. Then | got to plowing into the details of the cascode, this time with SPICE. | was using PSPICE for 
some simulations, but was in the process of switching over to LT-SPICE. That makes no difference, for | used the same models in both. 


Anyway, playing with a single stage showed that the mechanism for gain reduction was that when the voltage on the upper gate was reduced, it 
did nothing to the upper stage, but it compressed the supply on the lower FET. So far as signal goes, the upper part was nothing more than a 
common gate stage that passed whatever signal current was there in the drain of the lower part on into the source of the upper part. 


But these were depletion mode FETs, the normal thing for most of the JFETs we use. As such, you have to get the gate down pretty low to get 
the source voltage low enough to be effective in reducing the gain of that lower FET. That's when it became clear that one could use other parts 
in the upper slot. An enhancement mode FET such as a MOSFET would work well. And just a common bipolar would do the job nicely too...” 
Wes, W7ZOI per an email - January 2013. 


In QST for 2007, a refined version of the EMRFD Figure 6.50 IF stage appeared with a hybrid cascode amplifier instead of the cascode JFETs 
(and the 2 original dual gate MOSFETs of the PR). Further, Wes added a third amplifier to widen gain control. The hybrid cascade stage has 
since gone in 100s of receivers across the globe; ensuring the PR legacy lives on as the modernized hycas version. 


Roger, KA7EXM sold kits of the hycas amp for years, however, these kits sold out. PC boards may still be available via his web site. Roger 
received permission to publish the OST hycas article online: 





Above — The now sold out hycas IF System kit once offered by Roger, KA7EXM. 


To underscore my love of the original PR IF amp, | built a version using SMT dual gate MOSFETs in 2013 and feel the SMT version might be 
perfect for builders who prefer to manually control IF gain in most situations, but want AGC control now and then. Versions built with the BF998 
MOSFET may suffer parasitic ocillations at UHF and so meticulous attention to decoupling and bypassing out to UHF and in some cases double- 
sided copper board may be required to prevent unwanted ringing at UHF. 


If you build the entire PR with the BF998, the VFO output runs about 10 dBm and requires attenuation. Again, please consider UHF oscillation 
precautions. 


Wes and others have built both leaded and all-SMT versions of the hycas amplifer. 
John, K5IRK Recalls 


| wanted John’s recollection of the PR design and build and received the following narrative in late March 2013: 


“,,.One night in late 1979 | had telephoned Wes to chat about QRP and building rigs. During the conversation he told me he had a project and 
related QST article in mind and asked me if | wanted to participate. He was in the process of writing a book (IRFD) and didn’t have much free 
time, so he needed some help. | told him yes. A few weeks later | received the first schematics and began to gather parts. 


Recall that the project started as direct conversion receiver. But it then progressed (hence the title of the article) to a superhet. | choose to build 
my superhet with a SSB filter as | had already built Wes' CW Competition Grade RX from SSD. During the next year he sent me schematics and 
a few critical parts thru snail mail. (The Internet and e-mail would come later.) | would build the circuits and report the results back to him. As | 
recall, we only had about three phone conversations throughout the whole project. 


The design was an iterative process. For example, the IF circuitry began with a single 40673, but grew to include two stages. Wes bread boarded 
this in a mono band version of the receiver at his end. An early audio derived AGC system was replaced by the IF derived circuit that appears in 
the article. The VFO was also designed twice, as were the Front end Filters and the BFO. More is said below about the design procedure. 


| designed the circuit board layouts. The traces on my boards were drawn by hand and etched at home. | sent hand drawn sketches of each of 
the boards to Doug DeMaw,; Circuit Boards Specialists (CBS) then created the commercial boards for those folks who wanted boards. | recall 
that we sent out layouts to any readers for a SASE. All of my boards were designed and built on double sided PC material with the exception of 
the VFO board and the Audio Filter boards. This can be seen in the photos. The boards eventually sold by CBS were single sided. All layouts 
and functionality were confirmed prior to publication. 


The traditional design process for a homebrew ham receiver in 1980 started with schematic sketches based upon the intuition and experience of 
the designer. The total circuit would then be built. Measurements were merely things that were done afterward, something to characterize the 
result. The PR was different. Individual stages were designed, built, and measured. Negative feedback was used in the critical amplifiers to 
guarantee that the gains were high enough for reasonable noise figure, but low enough to preserve input intercept. 


Only after the individual stages were operational, were they assembled to form a working receiver. Some stages were further modified during 
system assembly and evaluation. We had no computers available for circuit simulation, although the gain distribution was optimized with a hand 
calculator. The goal was not just a receiver that sounded good, but a box with good two tone dynamic range. 


Once my receiver was completed, | sent it to Wes for MDS and DR measurements. A goal was to compare these measurements with those 
already done in Oregon. Roger (KA7EXM) took many (if not all) of the photos. Wes then forwarded the receiver to ARRL. They returned it to me 
when they were finished. Wes refined the article during the final months of the project before it was finally published. | received copies of his 
drafts, and then offered my feedback. 


We had hoped that a "few" experimenters would enjoy building the receiver, but had no idea that it would be as successful as it was. We 
eventually learned why this occurred: First, the receiver held up well when it was measured at ARRL Headquarters, exceeding the performance 
of most of the appliances being evaluated at the time. This prompted some League staff members to build the receiver for their own use. This, in 
turn, prompted them to include it in the Handbook for several years. 


My original receiver plays as well today as it did in the beginning. The electrolytic caps on the audio board have been replaced, for they were 
beginning to go south on me, but that’s the only change. | do have a second version that is used for experiments..." 


Some PR photos taken by John in March 2013 
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"...You will notice a couple of things different in these photos than in the photos in the article. First, tacked on to the Front Panel 365 pF variable 
this is of no significance as | was just messing with lowering the BW upper and lower frequencies to see what 


cap is a mica trimmer cap..... 
difference it would make....None is the answer..." John, K5IRK. 











"...In the above photo you will see the addition of the 30 meter band to the RX with the diagonal front end filter board and the Xtal Oscillator 
attached to the BFO Box's wall that was added some years after the article was published....” John, K5IRK. 


High-pass plus Peaked Low-pass Filter 


If you know me, you know | love the peaked low-pass filter both at RF and AF. This adoration came from studying the PR and other work 
published and shared privately to me by Wes. A good reference = The Peaked Lowpass: A Look at the ultraspherical filter by Wes for Ham 
Radio, June 1984. 


While the high-pass + peaked low-pass filter placed ahead of the second mixer in the PR wouldn't likely go in a modern W7ZOI design, its 
narrow-band LC filtration generates a roofing action when the receiver uses converters for bands other than 80 meters. The result is that much of 
the DR obtained in the single conversion version is retained in the dual conversion receivers. 
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Above — A GPLA simulation of the front end high-pass/peaked low-pass filter centered for 3.8 MHz by tweaking capacitor #10 in the software. 
Click for another simulated filter that covers 3-4 MHz. Look at the sublime low and high-pass skirt action with a 3 dB bandwidth of 73 KHz. Love 
this! 





Click for a screen shot of an entire 40 Meter band version shown with the low-pass filter section centered at 7.003 MHz. | also made 1 for WWV 
10 MHz — by scaling the original version's XL and XC and tweaking with GPLA, you may build 1 for any HF band. 


AF Amplifier 


The post product detector AF chain sounds great. Many of us later replaced the Q5 mute switch with something quieter, however, even today — 
this AF block holds its own against most discrete component headphone-level circuits. | particularly love the crisp fidelity of the Class A feedback 
pair Q3 and Q4. Today, | would substitute a BD139 for Q4. 


Wrap up 


| could go on, but this web page is already too long. Studying + building stages from the PR; a receiver designed more than 3 decades ago, 
might raise your game today. Go team! 





10. Miscellaneous Pictures and Figures 





Above — | built a prototype 200 MHz oscillator with trailing low-pass filter before making the 210 MHz version placed in the 1-118 MHz VFO for 
the K3NHI sweep system. (Section 1). The secondary coil floats and may be positioned between any of the 4 primary links to change coupling 
and thus output power. 
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Above — The schematic of my 200 MHz local oscillator. Click for another version | designed that tuned from ~135-208 MHz. 
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Above — In the K3NHI 1-118 MHZ VCO lies a fabulous leveling circuit that involves a CMOS rail-to-rail op-amp controlling a BJT level shifter. 
To understand the bias of this BJT, | made a breadboard (A) and then a simple model (B) and developed the equation shown that involves 3 bias 
resistors. Bias or Vo is determined by superposition. VCC1 and VCC2 may be equal or not. VCC2 comes from the op-amp. | also learned it's a 
good thing to surround myself with smart people. 
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Above — John, K5IRQ designed and swept a 10 crystal SSB filter with an insertion loss of 1.2 dB in the K3NHI sweeper that | just had to show 
you. Click for his build up in Ladbuild08 and then GPLAO8 from the EMRFD CD. Bob's xtal sweeper from Section 1 and Wes' software arm us 
experimenters with solid tools. Nothing can replace measurement and reason. 
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Repository for VHF experiments conducted in 2013 and 2014. 
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Simple Preamp Filter 


. VHF Band-pass Filter Experiments 
. NE612 Mixer Diddy 
. Miscellaneous Photographs 


1. Ferrite Beads 


| toiled to choose an SMT ferrite bead for my junk box. Selecting suitable chip beads not only troubles us, but even some engineers I've read — 
which to choose? Chip beads act as high frequency resistors that present a low impedance to DC plus our desired RF signal while impeding and 
dissipating UHF through resistive losses caused by minute heating of the ferrite material from eddy currents. SMT beads are typically rated by 
their maximum current, resistance at DC, and the impedance they present at 100 MHz. 


Since a ferrite bead's impedance is essentially resistive to parasitic UHF oscillations, | remembered that the model for a bead is actually an 
inductor paralleled by a resistor. It's the "resistor" we're after, for that's the extra load that tends to stabilize the amplifier. From past success in 
UHF supression with low-value (10-51 Q) resistors, | chose my SMT bead to have a relatively low Z at 100 MHz. Consider, too, that many chip 
beads sold today serve as RFI suppressors for high speed digital lines where the Z at 100 MHz and maximum current lie well above my 
requirements. 


| found a chip bead that appealed to me on eBay and bought 50: size 0805; 800 mA; with a Z at 100 MHz of 120 Q. 


Chip Bead 


Horizontal resolution 
= 50 MHz/division 


Laird Technology size 0805 ferrite EMI bead 
Max current 800 mA; 25 2 @ 25 MHz; 120 2 @ 100 MHz; 
170 2 @ 500 MHz; 1142 @ 1 GHz; peak impedance 170 2 at 340 MHz 








Above — A sweep of my bead from 1- 500 MHz. Sadly, | did not perfectly center the sweep at 250 MHz, but the peak impedance occurred close 
to the specified 340 MHz. 
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Above — | swept my Laird techlogies chip bead out to 1 GHz. Ultimately, I'll have to verify its function with in-situ experiments. For example, 
before and after chip bead analysis of a low noise amplifier that's oscillating at UHF. 


FB43-101 

If you sweep the floor under my QRP work bench, you'll find 2N3904s, J310s and a few FB-43-101s in the dust pan. In our hobby, FB-43-101s 
are common as fleas on a dog; many builders like to stick them on the drain, collector, or base/gate lead(s) of an active part to squash UHF 
oscillations. I've never seen a datasheet for this part and decided to sweep 1 for reference purposes. 


2 sweeps of the FB-43-101 follow: 
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Above — A 1 - 500 MHz sweep of the FB-43-101 slide-on bead. This tracing shows very subtle attenuation that peaks between 400 and 450 
MHz. Probably this minimal attenuation at UHF provides the reason we often need to put 2 on the drain or collector of our amplifiers? 
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Above — A 1 - 1000 MHz sweep of the FB-43-101. 





2. BFS17A Transistor 


| sought a surface mount NPN transistor to supplant my leaded transistors such as the PN5179, BF199 or MPSH10. Serving as a general 
purpose transistors biased for ~5 to 20 mA collector current — they'll work as buffers + oscillators + as the BJT for hybrid-cascode amplifiers built 
with a SMT J310 on the bottom. 


My requirements were SOT-23 (3 well seperated leads allow easily carved islands in a copper board with a dremel tool); an fT that's not too high 
to help reduce higher UHF oscillations; and a noise figure < 3. Other factors included price and availability. We enjoy many choices with such 
criteria, but | settled on the BFS17A. Click for the data sheet . In summary, it's a 2.8 GHz part with a NF of 2.5 dB at 800 MHz. 
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AAbove — My test schematic; a simple feedback amp with capacitors oriented to 50 MHz and above. A limited selection of SMT resistors 
constrained my experients, but the results seem okay. | strove for the best possible input and output return loss at 50 MHz. | wanted a emitter 
current of ~ 12 mA and got 13 mA with the bias resistors on-hand. 





Above — A 200 MHz wide sweep of my breadboard with tracking generator + spectrum analyzer. Please view the various 2-port measurements 


at 50 MHz in the lower half. Despite some input and output port mismatching, a gain of 19.2 dB was measured at 50 MHz. 


| wound my output transformer within a BN43-2402 binocular ferrite, but ordered some #61 material equivalents for assessment at VHF. 





Above — My magnified breadboard looking messy after many parts substitutions from experiments to find the best possible S11 and S22. | 
removed the shiny RF connectors prior to photography since they often create blown highlights. Alternate image. Despite a limited RF bypass 
before and after the 100 Q decoupling resistor + crude bread boarding, | measured no parasitic oscillations from 0.001 to 1 GHz — likely due to 
the heavy shunt feedback. | liked this transistor, found it easy to breadboard and ordered 100. You'll see the BFS17A in my experiments 
hereafter. 


By all means, order whatever transistor you want. Past emailers wrote to say they enjoy reading how other experimenters think about and 
assess their parts such as RF beads or transistors. 


Surface Mount Part Soldering 
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Above — Solder wick. On my SMT workbench, wick proves the most important tool period. A piece of desoldering wick can transform a monster 
mistake into a perfect circuit in under 2 seconds. 


I've read many accounts of how builders anchor the parts they're soldering. We need to keep the SMT part flat on the board to avoid mechanical 
tension and poor solder joints — a system is required. For size 0805 and 1206 parts, | often just use my index finger fingernail to hold the part in 
place while | solder 1 lead with my other hand. After a few seconds of cooling, | solder the other lead and then usually touch up the first joint. For 
tricky formats like SOT-23, or SOT-143, | usually tape down the part while ensuring even pressure on all leads and just solder 1 lead. After 
cooling, | remove the tape and easily solder the other leads. Again, the intial lead may require some retouching. 


SMT Size 














Above — A 5X magnified roll of 50 BFS17A in SOT-23. Compact or what? 








Above — BFS17A in SOT-23 


3. 50 O MMIC Bench Amplifer 


To boost low-level signals during experiments, every 50 O workbench needs a utility RF amp module. With strong wideband gain + RF port return 
loss (S11 and S22), MMICs make a good choice. Since | own 15 pieces, | built an amp around the MCL MAR-3, a modest gain + noise figure, 2 
GHz plastic part in the Micro-X package. We enjoy a bevy of MMICS to choose from and as they increase in fT and gain, so does the need for 
solid, low inductance grounding techniques. 





Above — The completed amplifer module in a Hammond box with an RCA jack for the DC voltage. 
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Above — Schematic with a table showing gain versus frequency. | built all SMT (size 0805 mostly) except for short leaded 1 nF input and output 
coupling capacitors. | applied sturdy wideband DC filtering since | can't risk RF flowing on my DC lines during bench experiments. | measured no 
oscillations from 100 KHz to 1.5 GHz. 


| chose a 1.2 UH SMT choke in an attempt to boost gain from ~66 to 150 MHz. Many builders leave off the choke, but some RF will flow through 
the 220 Q bias resistor to ground and thus, to get maximum gain, a high impedance RFC might help. Recall this RFC should exert an inductive 
reactance of at least 500 Q (>= 10 X the load impedance) at the lowest amplifer operating frequency; in my case this occurs at ~66 MHz. A 
better choice for the RFC might be 1.6 WH which exerts ~ 500 Q at 50 MHz, but | just own size 0805 1.0 and 1.2 UH chip inductors. 


My particular amp delivers ~10 to 12 dB gain from about 5 to 180 MHz. Since the coupling capacitor value determines the low frequency 
response, if you want a MMIC amp for mostly HF, try reducing your input coupling caps from 0.001 to 0.01 uF or so. You mighty increase the 
RFC to say 10 UH as well — that's why we don't just build kits; design to suit your needs. 


The 220 bias resistor should really be 200 Q for a VCC of 12.2v, however, | had to substitute the 220 Q R due to a low selection of SMT parts. 
This dropped the current and also my gain at 100 MHz = 0.4 dB less than that specified in the MAR-3 datasheet — no big deal. 


| built the bread board on 2-sided FR4 copper clad board. | soldered thin copper foil around all 4 edges to adjoin the top and bottom copper 
surfaces. Around each MMIC ground lead, | drilled 4 via holes and soldered copper wire from top to bottom. 2 vias were positioned near every 
bypass capacitor and all along the input and output paths. 23 total via wires. 
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Above — Tracking generator plus spectrum analyzer sweep out to 200 MHz. Click for a sweep from 1 to 10 MHz showing a rapid fall off below 5 
MHz. This little amp will serve me well for most HF and especially my VHF experiments. A UHF amplifier module is planned and all knowledge 
gained from VHF circuit building will flow forward. 
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Above — Part of a strip of MCL MAR-3 amplifiers. 
Feedback Amps (FBAs) 


MMICs like the MAR-3 use a Darlington feedback pair. Still, too, we shouldn't write-off discrete component FBAs wielding transformers + shunt 
and series feedback at VHF. These amps; staples of countless W7ZOI and W1FB projects since the 1970s; evolved commercially into GaAs 
FBAs built on a tiny wafer by companies like TriQuint Semiconductor. 


In broadband amplifiers, negative feedback permits a wideband (flat) gain response, reduces input and output VSWR (S21 and S22) and controls 
performance changes from S-parameter and other variations from transistor to transistor. In 2013, | needed an amp chain with >=25 dB gain at 
144-165 MHz [~150 MHz mostly] for low level stuff : -25 to -10 dBm input power. Inspired by Wes' 144 MHz CW/DSB transmitter FBA chain 
(SSD -- Chapter 8 -- Figure 30 in Solid Stage Design for the Radio Amateur; ARRL published in 1986 and out of print); | cascaded 3 PN5179 
BJTs as FBAs: 


Total I = 54.1 mA All AC measurements made at 150.0 MHz 
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Above — My 150 MHz (design frequency) FBA module. Since the fT of the PN5179 = 900 to 2000 MHz @ a 100 MHz test frequency, gain 
drops steadily as we move up above 100 MHz. Centered at 150 MHz, my upper 3 dB drop off point was 175.9 MHz — thus this amp works okay 
from 144-165 MHz where | need it. 


| built and tweaked each stage to derive the best S11 and S22 . Click for a snapshot taken of my test of Q1 with a BNC connector attached to 
both ports — | did this for each stage. It’s a trade off since if you boost the emitter degeneration R, the S11 will improve but the gain decreases. 
Typical stage S11 = -18.5 dB and S22 = -17 GB. | progressively bumped up the current in each stage to reduce gain compression. | get ~12-13 
dBm power out of the whole amplifer before compression/distortion occurs. 


Securing the best S11 and S22 for each stages might seem silly, but invoked learning. The S11 and S22 of the total amplifer counts the most. 
An interesting thing happened to S22 — with a RF connector soldered right on the board without the pad, S22 = -23.8 dB. When | added the 4 dB 
pad and stuck it in the box and then ran a ~ 5mm copper wire to connect an SMA output jack, the S22 decreased to -16.3 dB! At 150 MHz — 
life differs from 7 MHz. 


Placing the 4 dB pad between stage 2 and 3 will stabilize + enhance S22, gives a 4 dB higher 1 dB compression point and output intercept, 
which may make a FBA chain more useful for experiments like transmit driver applications. | can report | measured no oscillations out to 1.5 GHz 
and this amp works okay for my intended purpose with gain of 26.6 dB at 150 MHz. 


| employed 220 pF caps because the plus the self resonant frequency of my 220 pF Murata caps = 154.6 MHz. Therefore, gain at lower HF is 
low. 





Above — FBA breadboard photograph. 
QRP — Posdata for October 27, 2013 


| first learned radio electronics from SSD, EMRFD and the ARRL Handbook and still remember the joy when my copy of SSD arrived in 1990. 
Feedback amplifiers litter this book — and for good reason — they offer stable 50 Q blocks for building up our RF signal. Wes' 144 MHz CW/DSB 
transmitter still intrigues me and inspired the circuit shown above. 


| asked Wes if he kept that 2M transmitter, and if so, could he snap a couple of photos for me? Wes opened it up to see that the VXO and the 
frequency multiplier chain were missing. Click Click Click . Thanks to Wes, W7ZOlI for the photos. 


4. Breadboarding Double-Sided Copper Boards 


Seeking a low inductance AC ground for some of my VHF and UHF FR-4 prototype breadboards, | join the top and bottom copper surfaces with 
solder wick along its 4 edges and copper wire vias in the main board area. 








Above — A bench staple, solder wick, joins the 4 edges in true Ugy fashion. Many prefer copper foil for this task, but it's not cheap, nor readily 
available prompting a pragmatic approach. | take ahammer and pound the solder wick [0.125 inch minimum] so it becomes wider and thinner. 





Above — Take a piece of wick and tack it in 2-4 places along the top surface of the copper board. The center solder shown above looks perfect 
— too much solder will flow into the wick and make a difficult bend job around the board edge. Tack just enough wick so you have enough left to 
go over the edge and to solder on other side of the copper board. 





Above — With hand and/or pliers manipulate the wick around the other side to completely bridge the top to bottom. Finally, liberally solder the 
wick on both surfaces, move to the next board edge and repeat. Click for a rather messy UHF board with copper wick on 2 edges and numerous 
vias around a prescaler chip, some input + DC lines and a switch. 


Above HF, most don't make pretty prototype boards to admire — rather, builders strive for good AC grounding and generally stick their board ina 
metal box for shielding and this hides the breadboard. No one's ever told me | make pretty circuits for any frequency and I'm okay with it. 


Onto wire vias: 











Above — Your drill chuck will need to accommodate small bits such as those shown above (3/64 inches = 1.2 mm) . | keep these and others that 
vary from 0.5 mm to 1.2 mm for making via holes. 





a Se east a = oe 








Above — Magnified via wire soldered at the top side. | found making a hole close to the same size of the via wire will hold the wire in place for 
rapid soldering. This wire is normally clipped flush at this point. Click for a photo of my flush cutters. 





Above — The board shown above was flipped over to solder the bottom copper surface. | try to drill and solder in all vias prior to soldering active 
devices, since the board heat may damage some parts. 


5. Simple Preamp Filter 


Some FF filtering should proceed our receiver low noise amplifer (LNA) input — but what? Low-pass, high-pass, band-pass, 2 poles, many 
poles? Factors informing this decision might include our receive frequencies, QRM, selection of IF and thus our image stripping requirements, 
plus maximum tolerable signal loss before the LNA. We might not want image rejection from this filter since the post LNA filter can tackle this 


function. 


| examined an input filter presented by Joe Reisert, W1JR in the November 1986 Ham Radio. Joe wrote a fantastic column called VHF/UHF 
World and his context was a high dynamic range 2M receive converter to a 28 MHz IF. 





I'm uncertain how to classify this filter: it looks like a standard pi low-pass filter except the input and output series capacitors exert a high-pass 
skirt. Joe built his filter for 144 MHz. After "building" Joe's filter in Ladbuild08 | tweaked the filter in GPLA [software from EMRFD] to center it at 
our local NOAA weather channel: 162.55 MHz. Click for the GPLA plot. 
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Above — Input filter schematic with values shown to center this rather symmetrical filter at 162.55 MHz. The half power (3 dB down) bandwidth = 
18 MHz. You can easily scale it to other other frequencies — by tweaking the trimmer caps and perhaps squishing or expanding the inductor 
links some, this filter will tune widely including the 2 Meter Ham band. The IL blew me away (better than calculated) — the resonator Q was high 
due to the air wound L and Q >= 700 trimmer caps along with good port matching. 


Click to view a larger photo of the breadboard. | wound the coil on a 3/8 inch diameter bolt but then spread the turns to get the L and length | 
wanted. Built on double-sided copper clad board, a few copper wire vias connect top to bottom. | joined the LC circuit to its ports with leaded 5 
pF ceramic caps. 
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Above — Tracking generator plus spectrum analyzer sweep. Under sweep set up, | minutely squished or expanded the L and tweaked the caps 
to peak the filter at 162.55 MHz while obtaining the lowest insertion loss. Further, | had to tweak the trimmer capacitors to center the filter with 
the Hammond lid on since putting the lid on changed the center frequency slightly. A TG equipped spectrum analyzer proves the ultimate bench 
tool for VHF and UHF in my humble opinion. 





Above — Zero calibration of my AADE L/C IIB meter. By sweeping numerous LC circuits after measuring the L with this tool, I've learned it's 
reasonably accurate with low inductance coils. | zero the meter prior to each measurement and zero calibrate it with the alligator clips butted 
end-to-end while gripping a small piece of copper wire. Try to keep the same relative alligator clip position during coil measurement. I'm 
uncertain if this is protocol, but it seems to work for me. 


Thanks to Joe, W1JR for this circuit and the opportunity to learn more about component-level VHF design and construction. 


6. VHF Band-pass Filter Experiments 


Build Notes 
1. All filters designed with the EMRFD ladpac programs DTCO8, or TTCO8 and then tweaked in GPLA. 


2. Seeking a band-pass filter for my experiments with the local NOAA weather channel at 162.55 MHz, | designed, built and tested 3 filters. With 
a 10.7 MHz IF superhet receiver, the image frequency = 141.15 MHz. 


3. My VHF sweep system = a tracking generator plus a spectrum analyzer. 
Filter 1 


To avoid the need for proper electromagnetic/electrostatic shielding, | kept my HF experimenter hat on and built my first filter with powdered iron 
toroids (T30-12) knowing | would pay a Qu penalty that may wreck filter insertion loss, bandwidth and port matching. | hoped that the passive 
electromagnetic shielding offered by toroidal inductors would reduce resonator coupling. 
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Above — Mixed-mode triple-tuned filter schematic. Click for the GPLA simulation. When we want to go up in frequency plus desire a narrow 
bandwidth, we face 2 options: reduce our inductance and/or coupling capacitor(s). This taxes our parts collection and breadboard skills since 
capacitors less than 1 pF are relatively uncommon and require SMD breadboard techniques. | adjusted my design bandwidth and inductance in 
TTCO08.exe to allow the 0.5 pF capacitors plopped in my parts bin to work. For a change of pace, | chose a mixed-mode filter topology. 


| strive to place a single high Q variable capacitor in my band-pass filter tanks, however, my Q = 700 SMD trimmers only ranged 3.3 to 10 pF sol 
stuck a leaded ceramic capactor in parallel with each trimmer. 


Common SMD capacitors exhibit low to medium Q and | try to avoid them in my at HF band-pass filters: often I'll just solder a short leaded 
though-hole caps instead. | also applied this logic to my VHF filter, however, this might prove foolish at VHF since the self-resonant frequency of 
a given leaded cap is lower than that of an equivalent SMD cap and capacitor XL becomes more significant as we move up in frequency. 


Click for a pdf file showing a simple experiment with 3 capacitors . I'll occasionally use ultra-high Q SMD caps in my future experiments based 
upon these results. 





Above — My TTC breadboard. Click for a larger photo. Click for a bench sweep to view a feculent skirt peak in the filter spectogram. Some 
resonator coupling occurred despite spacing and placing the inductors at right angles. This circuit possessed 6 tweaks: the 3 trimmers and the 3 
Ls — | just kept tweaking them until | got the best shape and lowest IL. That’s 21 gauge wire on the toroids. My image frequency = 47.28 dB 
down. Since the sweep yielded such a wide discrepancy from my GPLA simulation, | discarded this filter and moved on to design #2. 


Filter 2 


Attempting to obtain a resonator Qu of at least 300-400, | moved to air core inductors wound with bare 22 gauge copper wire plus air-variable 
capacitors. Double-tuned classic topology. Without stout shielding, air wound inductors will couple and trash the stopband. 








Above — Copper and brass sheets | bought for making filter boxes after Wes recommended using metal sheets or strips for shielding filters. In 
North America, builders can purchase a sheet metal hand brake plus a rotary cutter/shear for under $100 and make all sorts of boxes for radio 
gear. I'll equip my QRP workshop with such equipment over the next year. This was my first experience man-handling sheet metal or strips. 
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Above — Schematic diagram of Filter #2 with tabled IL and half-power bandwidth. Click to view a macro photograph of the filter. | soldered the 
brass box onto a double sided copper-clad FR4 bread board laden with some copper wire vias to enhance the ground plane. The 0.2 uF coupling 
cap = an ATC microwave cap. 


Click and click for the sweeps. Notice the splendid skirt symmetry at the filter top and also the fantastic peak attenuation in the low-pass skirt 


(~81 dB from the filter peak to the lowest point in the low-pass filter skirt). I'd never seen deeper attenuation on my bench before: quite gratifying. 
My double-tuned filter had essentially matched the 3 dB BW of triple-tuned filter #1 with less insertion loss. 


Not all appeared perfect however; attenuation of frequencies above the passband looked so-so and | was unable to get a lower 3 dB bandwidth 
by manipulating L and C in each tank. 





Above — My first ever brass box soldered on a 2-sided copper clad board: Filter #2. Lacking proper tools and also the knack for making 
beautiful chassis like Dave, AA7EE does, | just did my best. My only concern was getting tank isolation. | chiseled out a small cut in the center 
brass divider just high enough to clear the SMD 0.2 pF chip capacitor and center copper strip. Overlaps allowed soldering of brass walls After 
tweaking the L and C parts, | placed a brass lid on top during sweeps. Okay, onto filter # 3: 


Filter 3 


When coupling caps fall below 1 pF, some builders place their resonators in close proximity to couple the tanks, however, these usually involves 
slug-tuned powdered iron or ferrite inductors with a generally low Q. The coil consists of cup core and a threaded center core which combine to 
give a magnetic shield. A tin plated copper can surrounds the core for electrostatic shielding. | think after these experiments — placing each 
resonator in its own sealed box seems a better option. 


| noticed another approach in The Double Tuned Circuit: An Experimenter’s Tutorial in OST for December 1991 by Wes, W7ZOI. Wes drilled a 


hole in the tank compartment divider and passed a wire soldered to 1 tank through the hole and positioned it near the variable capacitor of the 
other resonator. We change coupling by adjusting this wire. 


The wire may be thought of a "tweakable" capacitor, however, the key point is we need to couple energy from 1 resonator to the next; whether by 
wire, capacitor or inductor, proper resonator coupling will give the required skirt shape within the the limits imposed by Q and the matching to the 
50 © ports. When establishing a filter passband, the end Q and resonator coupling pretty much dictate the outcome. 


Filter #3 involved more mechanics than electronics. | made a U shaped box from a small sheet of copper. 





Above — My copper box drilled for the 2 air-variable tuning capacitors. | built the walls, top and divider from thinner gauge brass strips. Rosin 
flux aids soldering your metal sheets together — | soldered mine with a Weller 80 Watt iron and began with the center divider. Click for a side 
shot after completion. 
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Above — My filter schematic with some tabled data. Click for a top off photograph where you can easily see the black wire probe. To change 
coupling, you change the wire length and/or its distance from the second tank capacitor. | really enjoyed moving the wire and watching the 
outcome on the screen. Per usual, | tweaked the coupling, Ls and end caps to derive many 3 dB bandwidths. In 1 arrangement with a 3 dB 
bandwidth of 3.57 MHz, the insertion loss was only 1.87 dB — | had evidently found a perfect ratio + combination of L and C yielding a low IL. 


I'll increase the coil wire gauge in future experiments to lower solenoid resistance and try to garner even more Qu. 


This is the best filter I've ever built. After peaking the tanks to 162.55 MHz, resonator adjustments weren't really needed. By moving the wire 
probe | saw that BW and IL change inversely. While tweaking the series caps and moving the probe, it felt like déja vu from my experiences 
simulating these exact changes in GPLA over many years — except now they were alive and kicking. With some inductor manipulation (or as 


needed, changing the inductors) this filter can be centered from ~140 to well over 200 MHz. A high-octane, dramatic and versatile filter indeed. 
Click for a sweep where | moved the wire very close to the neighboring tank capactor and over coupled the filter. 

Click for a screen shot of another sweep. 

Conclusion 


With new awareness that resonator coupling and other issues may a/so occur in HF band-pass filters, making these 3 filters surely boosted my 
future band-pass filter construction standards at any frequency. Over the years, builders have emailed me sweeps of HF band-pass filters 
(usually VNA sweeps) with also sorts of extra resonances +/- poor insertion loss. Since I'm just an amateur, often nimrod RF enthusiast, | won't 
pretend | possess all the knowledge to critique their filter woes. 


However, photos of their HF filters usually look messy and rushed: opposite to our needs — eschewing important factors like symmetrical 
layouts, inductor spacing, a first-rate ground plane, larger gauge + well spaced wire wound on big as possible toroid cores Yikes, | better stop 
now lest I venture into filter folklore. 


Today, designing a filter with software is merely half the battle — construction poses the harder task. Unsurprisingly, measurement and 
experimental methods will elevate your outcomes. 


Filter analysis with a sweep system is the ultimate, however | built and then tested many band-pass filters with a frequency counter, a signal 
generator, a ‘scope and a return loss bridge during the first 12 years of my RF life. 


Assuming you have a filter that peaks and isn't overcoupled: to measure the 3 dB bandwidth, first peak the filter to resonance for the highest 
peak-peak voltage in your ‘scope. Here's the rest of the procedure: 


1. Multiply the peak-peak voltage of your centered filter by 0.707 and record this value 


2. Decrease the frequency of your RF generator until the scope shows the .707 value and record it as 
Frequency Low 


3. Increase the RF generator frequency above the peak until you once again get 0.707 of your peak-peak 
measured voltage. Record this as Frequency High 


| 
| 
| 
| 
| 
| 
| 
| 
| 
| 
| 
| 
4. 3 dB bandwidth = Frequency High - Frequency Low 
| 


You may also wish to measure the insertion and return loss as described in EMRFD, Radio Society Handbooks, or the RF Workbench series on 
this web site. 


Whether you run superhet, low IF, SDR, or Zero IF (DC) receivers, or need to filter a transmit chain, well made band-pass filters just might boost 
your project performance. VHF poses additional challenges but offers great learning opportunities. 


QRP — Posdata for Nov 12, 2013 
A. Notes for Filter #2 


Victor, 4Z4ME wrote to explain why the attenuation above the passband in Filter #2 looked mediocre. Filter topology and component values 
yielded the poor high-pass attenuation and not unwanted coupling as | originally shared. 


Victor wrote: "The problem is that all the couplings are of one nature, in this case capacitive. 
At very low frequencies the inductors short the signal to ground while the capacitors impedance gets higher so it is clear that the output signal 
goes to zero. 


At high frequencies the inductors may be regarded as disconnected because their impedance get very high, however although the capacitors 
impedance get lower , you have them both at the series arms and at the parallel arms, so the signal gets to be attenuated by their impedance 
ratio and not get shorted to ground. 


This can be shown in analytic calculation, or easier by simulation. See the attached file (LTSpice simulation). You can see that the filter (similar 
to your filter) gets closer to a finite attenuation at high frequencies, getting closer to the attenuation of a similar circuit with the inductors removed. 


You can get better high frequency results by trading the center 0.2pF capacitor coupling to an inductive coupling. Remove the coupling capacitor 
and insert a wire through the center shield, ground its ends close to the main inductor. Shape the wire to a small loop near the grounded end of 

each of the resonator inductors to get small inductive coupling, and you get again a good BPF but with better high frequency attenuation. Instead 
of loops you can connect the coupling wire at a tap at the bottom of the main resonator inductors, close to the ground”. 
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Above — Following Victor's suggestion, | inductively coupled the Filter #2 resonators with a wire looped near the grounded end of each tank 
inductor. Please view the schematic above. High-pass attenuation above the passband improved significantly. Click for a sweep out to ~ 511 
MHz that shows the peak high-pass attenuation much closer to the low-pass skirt peak reponse. 


At 2X center frequency (325.1 MHz) the high-pass skirt peak attenuation closed within 14 dB of the low-pass peak attenuation compared to the 
original Filter #2 response where the delta was around 30 dB. Further improvement occurs as we move above ~400 MHz. Big thanks to Victor for 
his support. 


B. Sheet Metal Safety 


A cut finger while working sheet metal prompted the following remarks: Jagged edges from cut sheet metal (especially brass stock it seems) may 
lead to deep cuts. Filing a burred edge with the metal clamped in a vice between some thicker metal stock with its raspy edge barely showing will 
reduce the "knife edge effect". When drilling, clamp the metal piece to your bench on a wooden backing board . If you jam your hand drill in an 
unclamped piece of metal it could spin and really gore you. Safety first. 


7. NE612 Mixer Diddy 


The Signetics NE612 and ilk enjoys wide use by the amateur radio community in novelty-grade Ham band receivers, or in somewhat better 
receivers laden with abounding front end filters + stout, switchable RF attenuators. Do you think of the NE612 as an ersatz receiver mixer? Some 
only consider them for the transmit mixer slot. Read this link why. 








393 nH 





ZHW L°OT 


Output: 1K5:50 ohms 





Above — My base schematic. | applied differential input to cancel 2nd order mixer products and balanced output to obtain maximum conversion 
gain. Click for the breadboard. Powdered iron toroids, Q = 1500 trimmers and a fixed C on the output formed the resonators. | chose a 10.7 MHz 
IF to drive low-cost ceramic filters in further (unshown) experiments. Normally, we don't bother tuning the input since our bandpass filter should 
launder the input signal sufficiently. 


30.7 MHz Oscillator 





100 12.2v 


inF 
COG le 3K3 a 100 
3K9 inF 


MPSH81 2N3904 


2K2 tT inF COG 
COG ! T37-6 
probe 3K9 


2-6 pF 
| output 
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Above — My ‘thrown together’ 60.7 MHz local oscillator. A wire on the common base buffer amp input avoids the series R and C usually required 
and | moved the wire probe to set the output power between 180 and 250 mV peak-peak into a 1K resistor load. 


-24.3 dBm | -68.71 dBm -68.14 dBm | 10.7 dB 
-19.89 dBm | -63.68 dBm -58.29 dBm | 10.11 dB 





Input power 


-17.41 dBm | -60.07 dBm | -46.96 dBm | -50.06 dBm | 7.59 dB 
-16.21 dBm | -55.62 dBm -45.06 dBm | 3.79 dB 
-13.27 dBm | -55.64.dBm | -45.99 dBm | -53.28 dBm | -13.27 dB | 








Above — A table showing the mixer input, IF, RF, LO, 2xRF [ the worst spur ] power readings, plus calculated conversion gain. This table echos 
the datasheet + work by others — input power >= -25 dBm drives this mixer into compression. The NE612 runs low current plus low voltage 
across the output transistors — thus the maximum output power is limited to somewhere between +2 dBm to +5 dBm from my experiments. 


Even with -35 dBm input power, | measured a conversion gain much lower than the typical 14-18 dB enjoyed by others who applied differential 
output at ~ 50 MHz. Turns out, | goofed — each output transistor contains a 1K5 O resistor, so when wired differentially, the output Z = 3K. Back 
to the bench! 
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Above — SA of the mixer output with 0 dBm RF input. Something we would never do in real-life, but | wanted to see the spurs with such a drive: 
the spurious output actually looks great! The NE602, NE612, MC1496 and SO42P [all Gilbert cell mixers] output cleanly; especially when 
compared to diode-based mixers. 


NE612 Conversion Gain Experiment 





| 224 mV 
pk-pk 
60.8 MHz 


Output 3K:50 ohms Conversion Gain = 15. 94 aB | 





Above — My mixer with output Z corrected at 3K Q. Wow, a conversion gain of 15.94 dB with -30 dBm drive. All good now. Click for the IF 
measurement on my SA. The LO had drifted up to 60.8 in this experiment, however, | left it and peaked the output resonator for maximum 


smoke. | also extracted another 0.5 to 0.8 dB gain by tweaking the LO drive. In my breadboard, a drive of 224 mV pk-pk gave the highest 
conversion gain. 


Hereafter, I'll drive my NE612 transmit mixers with between -26 to -30 dBm on the RF port with differential input and output. 





8. Miscellaneous Photographs 








Above — Hair or lint in my SMT macro photo 











Above — Instrument grade N-male to SMA female 








Above — Instrument grade N-male to SMA female; gorgeous machine work. 
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RF Workbench Page 6 — QRP Transmitters 





RF Workbench 6 explores some questions regarding basic 
transmitter power amplifer (PA) design. Since | write for both Ham 
and non-Ham readers, | feel badly that RF Workbench 6 excludes 
pure radio listeners; please consider getting your amateur radio 
licence to join the fun. 


For Class A, AB and C transmitters in current source operation, 
radio builders knew most everything presented on this web page 
back in the 1980's — humbled and guileless, I've but a skosh of 
new ideas to further elevate this topic. Sometimes | feel bound in 

a creative straightjacket because puzzling design questions 
paralyze my understanding and progress. This web page explores 
a few transmitter questions born on my QRP work bench and | 
hope you'll relate and go design your own high-octane 

transmitters. As always, | hope to share insightful + actionable 

info for the DIY scratch builder; albeit from a lay-person perspective. 





| borrow heavily from the work of Wes, W7ZOI per correspondence, direct contributions, from EMRED and the references listed in Section 5. My 
sincere thanks to Wes for his support and inspiration. 


Preface 


You require an amateur radio operator licence to operate a radio transmitter and it's up to you to know and ensure your transmitter spurious 
emissions meet or beat the regulations in your country. 


Although | measure my circuits with calibrated equipment, expect your measured voltage and current to differ from mine. Why? Variables may 
include your DC power supply voltage and current rating, dummy load resistance, stray L and C, cables and wire effects, bench errors, parasitic 
oscillations, temperature effects and parts tolerances. 


| unabashedly declare my love for experiential learning: to build and measure, discover and develop — and best of all, to tune, tweak, and 
transform my RF power amps to unleash the "smoke" and power we all crave. 


Contents 

Section 1: 21.06 MHz Bipolar Transistor Transmitter in Class C: Dig out your old transistors and explore some Class C topics. 
Section 2: PA Measurement with Examples: Measure collector V and | 

Sections 3, 4: Incomplete and coming in 2013-14. I'll post any additions on the QRP Log -- Thanks 

Section 5: I'll list all the references for this web page 


Section 6: Photographs and Miscellany. I'm told at least 3 (now 4) people enjoy my photos. 





Section 1: 21.06 MHz Bipolar Transistor Transmitter in Class C 


Despite all the buzz about PA efficiency and the trend towards more efficient switched-mode power amplifiers, my email inbox fills with content 
regarding those Class A to C power amps. Consider too, most Hams, including QRP buffs, power their rigs with an AC connected DC supply that 
makes battery life moot. Perhaps our love of PAs in current source operation harkens from our historic tube days: do we simply enjoy making 
heat and wasting power? Like me, you might just love making and measuring bipolar transistor circuits. 


A Class C power amplifer excited by a crystal oscillator offers both new and reawakening homebrewers the chance to make a simple but 
relatively powerful, 1 frequency transmitter with only 2 - 4 RF stages. Keying a Class-C PA embodies the Ham glory days: put some RF into the 


sky with basic, analog circuitry. 















Block Diagram) Broadband 


PA input 


BDi39 Broadband 2SC1969 
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Above — The block diagram for all the experiments in Section 1. Each stage involving transistors was built and tested from left to right before 
making the next stage. 


Crystal Oscillator, Keying Switch and Hycas Buffer Amplifer 


As more a listener than a talker, | wanted a low-level crystal oscillator to keep my key up current draw low. In the class C power amplifers based 
on the above block diagram, | measured only 7.5 mA. key up and several hundred mA key down. | also wanted my back wave to be > 40 dB 
when | eventually converted the PA to Class AB during another set of experiments. 


Design Question 1: What backwave should | strive for? 


Backwave = the dB difference in output power between key up and down. Opinions differ and context may partly explain why. If you're working 
DX, backwave is less important than when your working nearby ops on 80 meters. From asking respected authors, experiments and operating, | 
feel 40 dB should be the minimal backwave to strive for. Operating Class C, your final(s) are turned off during key up and a >= 40 dB backwave 
proves an easy goal. 








i 10X T 


/ 10K 5.04 mA Figure 1 





Above left — The 21.06 MHz crystal oscillator. Click for the output voltage into 10K Q. Click for the FFT. Seeking low distortion and output power, 
| placed variable capacitors in the feedback and source slots and also played with the 560 Q source resistor. While watching in my 'scope and 
tweaking , | chose the the lowest distortion signal under 1 Vpp. The variable capacitors were removed, measured and replaced with nearest 
standard 5% parts. The 10K load of Figure 1 corresponds to the gate resistor of the hycas amplifer input. 





Above — Without the 390 pF capacitor, the crystal oscillator vibrated at 21.058 MHz. 





Above — The crystal oscillator measured frequency after experimentally adding a 390 pF cap. Should | have tried a 470 pF capacitor and 
attemped to get 21.0600 MHz? 

My oscillator looks unconventional and in some cases you might want 1 with higher output voltage. Check EMRFD and the other W7ZOI 
references in Section 5 for xtal oscillator design ideas. 
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Above — Figure 2, the hybrid cascode buffer. I've never tuned, nor keyed a hybrid cascode amp before and it works well. Click for the 
oscilloscope output. Click for the FFT measured with a long wire grounded 10X probe. | applied a junkbox TIP42A switch lying on my bench since 
| keyed a number of unshown high current stages during my experiments. Only about 10% of my experiments ever make it onto the QRP/SWL 
HB web site. For the PNP switch, just use whatever can handle the measured current with key down: 2N3904, 2N4403, 2N2907, BD140, 
etc.,etc.. 


Yes dear reader, measure everything. 


The Driver Amplifer 











Above — A BD139 feedback amp breadboard. Click for the schematic. Wanting an output power of at least 22 dBm to drive my final, | built 3 
varieties with both the BD139 and a 2N3866. Normally, for receiver amplifers, | focus on a strong input and output return loss and work hard to 
maintain linearity — but mostly keep the emitter current under 50 mA. At 21.06 MHz, the biggest clean signal | could muster with such a 


broadband feedback amp was +16 to +18 dBm — well short of my goal. Click for a DSO screen shot of the 41.3 mA amp at 6.42 Vpp or ~20.13 
dBm power; quite distorted. 


| needed to try something else and saw the Figure 3 amplifier in some of Wes' work; wielding bold emitter current to boost signal handling and 
power. 





50 2 


Notes: 12 

Beta varied from 83-160 on random (22 + 27) 
samples from at least 3 different 

companies. Emitter current can vary 

from device to device and with different 

heat sinks 











Above — The W7ZOI designed feedback amp used for a driver in all Section 1 power amp experiments. Love it! Many builders feel tempted to 
abandon series and/or shunt feedback and just "go for gain". My experiments suggest this approach often leads to instability within the driver 
circuit and possibly on down the RF chain. We should strive for linearity and stability; 2 big reasons we apply feedback. Flirt with a driver lacking 
feedback if you dare. 


Click for the maximum output power attained by turning my hycas bias pot fully clockwise: 7.77 Vpp, or 21.79 dBm. You can see distortion, but 
since this stage will drive a Class-C transistor PA (i.e. it will switch "a diode" on and off and generate clipping), | decided it will work fine. A VHF- 
UHF transistor such as the 2N3866 or 2N5109 may yield as much as 3-4 dBm more power, however, you'll see more clipping at higher driver 
levels. | stuck with the BD139 and tried several pieces from at least 3 different manufacturers (The BD139 was made by at least 10 companies at 
1 point). A Philips version purchased in 2008 yielded the 21.8 dBm, so | bolted it to a home built copper clad heat sink and soldered it in place. 


Calculating Transistor Output Power Off the Bench 


Design Question 2: How do! mathematically estimate my Class A amplifier output power? 


P (t) = V (t) xI (t) 
Where 


P (t)= instantaneous power in Watts 
V (t)= the voltage drop across the BJT 
I(t) = the current through the BUT 





8.5 volts x 0.0886 Amps = 753 mW 
Assume we'll get 25% or 188 mW output 


10 log (188) = 22. 74 dBm Ficure 4 





a 


Calculate Output Power from VCE and IE 





Above — Estimating output power from my Figure 3 amplifier. | measured a static DC Beta of 125 as shown in Section 5 on this page. Then | 
calculated VCE (the voltage across the transistor) and emitter current with my program NPN-DC Bias. Wes wrote a similar and likely better 
program called Biasnpn08.exe that's included on the EMRFD compact disk. 

You may also measure your VCE and IE directly and improve the above calculation with measurements. | do this frequently. 


Class A amps exhibit about 25% efficiency and also imagine that Figure 3 will bear some gain compression. 


My measured power = 21.8 dBm — it amazes me how close a non-bench calculation using DC analysis can get to a AC bench measurement. 
The Figure 4 procedure is apparently a bread and butter RF design tool. 


The Power Amplifer Input 
Design Question 3: How do! match my driver output to the Class-C power amp input to maximize power? 


This question provided a few nights of reading and experiments; time well spent. We have 2 main ways to match our driver output to the PA 
input: broadband or tuned. First, lets explore the problem theoretically: 





input 
cap 
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inpet C of transistor amplifies 
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Above — A simple model sent by Wes: driving an amplifier with a power source. As amateur designers, simple models help us understand 
complex concepts. 


A pure voltage source doesn't really exist. We don't apply a voltage to the base of the PA; rather, we apply a power source (our signal generator) 
—a signal voltage followed by a series impedance that's usually just a source resistance for a load. The power source + source impedance 
together source the load that includes the load capacitance represented as an input cap in Figure 5. You may wish to read about Thévenin's 
theorem and its dual, Norton's theorem to learn more about linear network analysis. 





The load presents an impedance where the power is delivered and either dissipated in its resistance, or reflected back to the source when the 
load contains a reactance . At our PA input, this capacitive load reflects some of the signal back and induces a pole that corresponds to a 
"capacitor" time constant. 


If you consider our power source, its source resistance, the PA input capacitance and just omit the effects of Q you'll see that the the voltage 
across the capacitor decreases as frequency increases. If you insert a 2:1 turns ratio transformer after the driver, you'll drop the AC voltage by 2 
and its resistance by 4. For the same capacitance, the 3 dB cutoff frequency of this single pole filter increases. Also, the lower output impedance 
drops the driver amplifier voltage gain and may boost stability. 


In short, we need a low driver source impedance since the Class C bipolar amplifier base-emitter junction has lots of capacitance To get current 
flowing into the PA base, we drop our driver output source impedance down /ow. 


| thought — couldn't we just neutralize this capactance with an inductive output impedance? Thus our PA driver stage would drive a resistive 
load and everything would be "ducky". | consulted Wes, plus viewed some math and circuitry. 


You can't effectively neutralize a bipolar transistor amplifier, since the capacitance isn't constant and behaves more like like a varactor diode 
rather than the C shown in Figure 5.. Even when forward biased, diode capacitance depends on the instantaneous voltage that appears across 
the diode. In contrast, 'FETs prove less troublesome and thus it's possible to achieve some neutralization with a 'FET amplifier. Please view the 
power stage from EMRFD Figure 11.14. Check out the push-pull pair of IRF511s. C5 and C6, at 22 pF each, are neutralizing capacitors. 


In some cases, the capacitive reactance may be absorbed as part of a resonant circuit on the PA input. For example, a low-pass filter might soak 
up some of the C. 


In all cases, our goal is drive in some power and switch the PA transistor solidly on and off (i.e. technically approaching class B but definitely 
class C because conduction will be less than 180 degrees) — a low output impedance can drive that input capacitance. 


Driving final(s) with a very low output Z rings true even if your driving the latest (super-costly) ultra-low loss, high breakdown voltage, silicon GaN 
FETs to output >100 Watts at 1296 MHz in Class D, E, F, or Inverse Class F. Just get it done! 
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Above — Figure 6 shows 2 basic methods to drive the PA with a low impedance: single frequency network or broadband step-down transformer. 
I'll discuss both methods in detail later. Let's move away from theory and lighten things up for a couple of minutes. 
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Above — A short 10X probe ground lead boosts Tx measurement accuracy; in particular, for FFT analysis with your DSO. You can read or see 
why by searching the web for text and/or videos concerning oscilloscope probes. 








Above — The long gone 2SC1969 works great. Beware of counterfeits however. 


Bipolar transistor selection troubles us since most of the ‘old standbys' went obsolete way back when. I've been collecting dusty, old QRP driver 
and PA transistors for decades and my bag includes BD139, MJE181, 2SC2509, 2SC1969, 2SC2166, NTE123, 2N3053, 2N4037 and 2N2219A. 
For VHF, apart from the 2N5109/2N3866 standards, I've kept a few MRF607, 2SC1971 and 2N3553. 


VHF/UHF transistors exhibit tremendous gain at lower HF, but they might oscillate without due care. 


Some rules I've gleaned: The fT of a BJT should be at least 3-5 times the operating frequency; the VCEO should be at least double the VCC 
(more is better) ; don't exceed the maximum heat dissipation, nor maximum current. In short, read the datasheet. | won't cover heat sinking, nor 
gain compensation for multi-band amplifers on this web page; for it's been done by far better authors. 


Lets make a basic Class C power amplifier based upon the RF blocks presented thus far. 


Class C PA with Broadband Input and L-C-C Tuned Output 





RLoad= VCC2 / 2Po = 12.1* 12.1 / 2 (4)=18.32 
Output Po = 36.53 dBm = 4494.4 mw 
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Figure 7 








Above — Input matched PA via a broadband transformer (a bifilar wound transmission line transformer with a 4:1 Z ratio). A great example of this 
design includes the Figure 2 of Ugly Weekender transmitter by Wes. The 50 © output Z of the driver is transformed to 12.5 Q. to drive the PA 
input. While a conventional link-coupled transformer works okay, the closer coupling of a twisted wire transmission line transformer often affords 
a better impedance transform and lower losses. You might experiment with a 9:1 Z transformer instead of the 4:1 shown. Click for a highly 
compressed photo of 1 of the full breadboards. 


The 33 Q resistor helps lower gain and stabilize the amp. | ran 33 to 100 Q applying experimental methods. Read more about the PA base 
resistor and coil XL requirements in the text following Design Question 6. 
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Above — The ‘scope output from Figure 7. 42.4 Vpp = 36.53 dBm = 4.49 Watts. 
L-C-C Output Matching Network 


3 discussion points arise from Figure 7: [1] the output matching network. [2] the collector choke + decoupling circuitry, and [3] the low-pass 
filter. I'll discuss choosing a collector choke and decoupling in Section 2. We design our low-pass filters with tables or software; | used an old 
ARRL Radio Amateurs Handbook and then tweaked it in GPLA to get standard value capacitors. Click for a GPLA simulation of my filter. The L- 
C-C network also provides some low-pass filtering. 


To calculate the collector output resistance, we use the formula R(load) = Vcc’2/ (2*Pout) as shown in Figure 7 for 4 Watts. For 1.5 Watts at 12 
VDC --- R(load) = 12 * 12 / 2(1.5) = 48 Q --- no output matching network is required; making 1.5 watts a popular transmitter power for new 
builders eager to learn about Class C. 


Design Question 4: How do! make an L-C-C matching network? 


Let's stick with 4W power and make an L-C-C Tee network for a 18 to 50 O transform. | prefer the L-C-C network over the L-network because 
you get 2 capacitors to tweak and | find it much easier to match a wide range of impedances compared to the L-network. Since we may pinch, or 
expand the inductor windings, in reality, the L-C-C gives you 2.5 possible tweaks. 


Normally | wind the L on a number 6 powdered iron toroid with 26-28 gauge magnet wire in size T25, T30, T37, or T50. 26 gauge wire allows for 
good coil squishing and expansion with thumb and forefinger. For design cycle capacitors, | mostly solder in those horrible, low Q, orange, green, 
or red muRata trimmer caps such as the TZ03Z500F169B00. Although rare, ceramic-mica trimmers work well. 


M. L-C-C Tee Network 


Rt ca he 
<=> 


http://www.qrp.pops.net/qrp-java-calculator.htm 


Enter frequency in MHz: 21.06 ] 


Enter R1 in Q: [18 Enter R2 in Q: |50 RI must be < R2, but the network is bi-directional 


Enter Q: [1.62 If C1 or C2 = NaN or Infinity, try increasing Q 





[ Calculate L-C-C Values | Cl = 123.71 pF, C2 =273.78 pF, L =0.22uH 











Above — To calculate L, C1 and C2 we may employ software to obtain starting L and C values. | recommend Wes' ZMATO08.exe, a Ladpac 
program that ships on the EMRFD CD. | wrote my own java-script applet with less prompting and error checking and put in on the Design Center 
web page as M. Note | used 18 © as the load resistance in my calculations. 


During actual bench assessment of your network, output your PA to a 50 Q dummy load rated for that power and preferably measure the peak to 
peak voltage with a short-grounded 10X probe. 


For Figure 7, | wound and tack soldered in a measured L of about 230 nH and placed a 100 pF cap plus 6-50 pF trimmer for C1 and a 220 pF + 
22 pF cap + 6-50 pF trimmer cap for C2. The tuning procedure goes like this: 


Tune the capacitors for maxmum power. Try squishing the L, then re-tweak C1 and C2 and see what happens. Did the Vpp go up or down? We 
want it to go up, so if the Vpp went up you needed more L, and perhaps still need more. If you squish the coil again (or remove it, add 1-2 turns 
and then replace it) and the Vpp goes down, you increased the L too much and need to go back down. If the original Vpp goes up when you 
expand the coils, you had too much L and need to do the opposite procedure just described. Re-tweak C1 and C2 after every inductance 
change and calculate the power in dBm and/or watts on your bench. 


Through trial and error you'll find the optimal L. If nothing works, suspect a bench error, or device failure. Occasionally, | add too much, or too 
little fixed C in parallel with the trimmer cap. Another time, my transistor was fried. 


Once you've extracted the maximum power, remove the cap(s) that make up C1 and measure them. Do the same for C2. | replace C1 and C2 
with the nearest equivalent standard value capacitor or (parallel capacitors) and then repeat the tuning procedure to find the optimal L for these 2 
new capacitors. Normally, after optimizing the Vpp, I'll remove and measure L to confirm my L-C-C network design. You can use the L just 
removed or make a tidier version to permanently solder in. 


Once you solder in the "keeper" L, you'll need to expand or compress the links a tad to peak your Vpp once again. Although it sounds like a 
chore, | love measuring a higher Vpp with each successful manipulation of the L-C-C network; it's quite a rush actually. 


In the end, my optimal measured values were: L = 247 nH, C1 = 132.5 pF and C2 = 282 pF. In my final, | substituted C1 = 120 pF and C2 = 270 
pF as shown in Figure 7. Although | designed for 4W, | squeezed out 4.49W with my L-C-C network. 


Design Question 4: How do | choose my L-C-C matching network Q? 
The easy answer is the degree of impedance transformation sets the minimum Q and thus choosing the best Q becomes the central question. 


The theory regarding loaded versus unloaded Q + network losses and such may bog down many, but in context, a lower Q leads to a more 
efficient network with less loss. Low Q values also means we tweak larger value capacitors that minimize the effects of stray capacitance. In the 
collector output network of Figure 7, the Q of 1.62 gave more power than an earlier Q = 5 network. Further, during design, | sometimes slightly 
adjust the Q in software so | get closer to standard value caps for C1 and C2. 


Don't be afraid to remove C2 and just make an L-network. Again, just experiment on your bench to gain confidence. 


| tried making this circuit with a BD139 in the PA slot and managed to squeeze a mere 3.1 Watts power at 12.1 VDC. Others, such as Wes and 
Jason, NT7S delivered more power into 50 O at and even above 21 MHz with a BD139 PA. 


Factors such as transistor specifications, frequency, VCC, and driver power may affect the output power. In the end, the 2SC1969, a final | 
harvested from an old Cobra CB more than 20 years ago delighted me. | constantly scrounge for old driver and PA transistors in my travels. 
Sadly, many old CB radios given to me over time suffered from fried finals. 

You might try checking eBay, but watch out for fakes. 


The BD139 grew to notoriety because it's widely available, cheap and generally does the job at or below ~28 MHz, depending on what output 
power your seek. | found wide variation in Beta (or hFE) and fT in the random batch | tested. Also remember we're hitting them with lots of 
current and they heat up and specs change. At 7 MHz, the BD139 works great. The BD139 reminds me of the MPF102 JFET; you never know 
what your going to get. The best I've tested were Fairchild BD139s and woefully, they're all gone. 


Class C Power Amp with Broadband Input and L-C-C Tuned Output 


Let's make a PA with an L-C-C Tee network tuned input: Figure 8. 
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Above — Figure 8. The Figure 7 PA with a tuned input network smashed my world with 6.2W power. Click for the EFT showing the second 
harmonic down at least 55 dB. | later confirmed this with spectrum analysis. 


Design Question 5: How do! choose my PA input impedance? 
PA Input Impedance 


Calculating the input Z of a transistor with 100's of mA emitter challenges us.The familiar calculations like Zin = (Beta +1) x 26 /I e (mA) don't 
work out perfectly since our transistor is hot and Beta changes, and in my case I'm way up in fT. | asked Wes and he suggested | assume an 
input Z of 3 QO (with about 200 pF of parallel C). Thus , | chose a 50:3 Q transform to design my L-C-C network. 


From my experiments, bench tweaking an L-network, or L-C-C network will accommodate anything even close to 3 Q input impedance — 3 QO 
seems quite actionable. Tune your L-C-C network in the manner described for the PA output match. Since your transforming 50 Q to 3 Q, the 
minimum Q will rise. 


Design Question 6: How do! choose my PA input choke and resistor when fed with an L-C-C network? 


The RFC serves as a DC return path for the PA base just like in the transformer in the wideband version. We normally apply a rule that the 
minimum inductive reactance of a choke should be 10x the impedance it's connected to, so that's 30 QO XL. 

Since F = 21.06 MHz, the minimum choke value will be 30 Q / 21.06 MHz x 6.28) = 227 nH. In order to keep the SRF up and for ease, | rana 
single turn of 26 gauge wire through a BN61-2402 binocular core and measured 345 nH. Good enough. The # 61 mix will exhibit some Q. Likely 
# 43 material will work fine too. 


The resistor labelled R serves to reduce the Q of my particular RFC, lowers gain and boosts stability. With R = 33 - 51 QO, the amp held stable, 
but if | tried to increase R above 51 O spasm erupted. The resistor affected output power as shown in Figure 8. Again the resistor should 
minimally be about 10X the input Z or so. | tried an R of 10 Q and the output power dropped down to a little under 3W as more of my driver 
output just flowed through the resistor to ground. 


To conclude, | executed the time honored tradition of choosing parts and circuits to extract power from a crystal oscillator-driven analog RF 
amplifer chain. Much of this information extends to linear operation (Class A, AB) and general RF design. Have fun designing your own 


transmitters and as always, apply experimental methods! 





Section 2: PA Measurement with Examples 


In this section, | posted some PA measurement ideas + experiments and comments about PA collector chokes. 
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Above — To boost my signal generator output for driving any experimental PA up to about ~20W output, | built a high-current, sine wave driver. | 
excite this amplifer with my variable gain homebrew HF signal generator — in the version shown above, a 7 MHz low-pass filter is soldered on 
the amplifier breadboard. I'll stick this amp in a metal box sans filter and then apply the correct bench module low-pass filter via a BNC connector. 
Click for a photo of 3 of my HF low-pass filter bench modules. 


Normally the low-pass filter output is pad attenuated to buffer and reduce the output voltage since it's rare | need up to 483 mW drive on the 


QRP workbench. 








Above — A photo of the PA driver amplifer breadboard. 


PA Measurement Techniques 
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Above — A method to simultaneously measure collector V and I to calculate DC collector power. Two DVMs boost measurement fidelity since 
the current measuring ammeter's internal resistance will drop the DC supply ~ 0.2 to 0.5 volts depending on the device and current. Collector 
efficiency = RF output power / (V*l). 


This method provides a great excuse to purchase another multimeter. 


Measure VCC where shown since the decoupling and bypass filters help prevent the AC signal from affecting the DC measurement. We only 
touch our 10X 'scope probe on the collector. Exert due care and wear eye protection in case you blow up the transistor and create shrapnel. 
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Above — Power Added Efficiency considers the base drive power in addition to the DC collector power. The formula = RF output power / (DC 


Power + RF drive power). Although uncommon, measuring drive power helps you to assess and compare both input matching and PA efficiency 
metrics. 


At the very least — | like knowing my PA drive power and so employ driver amplifiers with 50 O output impedance to allow this power 
measurement. | often permanently solder a 49.9 or 51 Q resistor to the breadboard ground plane and temporarily connect this R ; plus 
disconnect the input matching circuit to measure driver power when I've finished tweaking my collector to antenna port circuitry. 
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Above — Oscillocope measurements of the base and collector voltages. Most of us enjoy simultaneously running 2 channels on our ‘scopes. 
With a good quality DSO, FFT analysis of the collector waveform may yield insight, however, this knowledge might also confound us since 
interpreting our measures is fully half of the task. 


| often struggle to properly interpret measures. Some builders blog about or email me that they enjoy an innate gift at understanding electronic 
circuitry — | don't. | guess | lack the knack? For some of us, problems and complications block progress, but more often than not, we eventually 
cross the finish line. 








Above — 1.5 Watt, Class C breadboard used for the experiments that follow. | changed the collector choke (RFC1) and applied various filters to 
examine some of the measurement techniques aforementioned. Click for a bigger photo. 


The Collector Choke 


502 


Dummy load 





Above — A Class C amplifer with it's collector AC coupled to a 50 Q resistor load. No filter. 











Above — Base and collector waveforms. The unfiltered collector waveform (top) rich in even and odd harmonics ~resembles a square wave. The 
maximum collector voltage occurs when the current is 0 and in concert, the maximum collector current flows where collector voltage falls to near 
0. As the BJT shuts off, the collector circuit kicks and rings so that the DC collector voltage may rise as high as twice VCC. 
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Above — An FFT of the unfiltered collector showing F1, F2, F3, F4, F5, etc. Distortion city! 
The Collector Choke 


I've read web pages suggesting we might boost PA efficiency by decreasing the collector choke inductance. While that's possible, in reality, it's 
not that simple. Experiments involving factors like collector load resistance, angle of conduction, RFC inductance/Q, matching networks, base 
drive configuration and output filtration are ripe with complicated math and theory that | struggle to understand — entire books and research 
papers explore these topics as author(s) configure their PA into Class D, E, etc. to boost efficiency. The published design work and PA devices 
out today are truly breath taking. 


We should likely think of the BJT, collector current + voltage, the RFC, base drive and output networks as a system of parts that interact — 
changing 1 part might change collector current, impedance, efficiency, harmonics, etcetera. As such, the experiments that follow do not construe 
science; only some experiments by a neophyte to ponder and build on. 


The ideal RFC passes only DC —i.e. exhibits infinite impedance to AC, but a short circuit to DC. The primary purpose of the choke is to block 
our high-power, distorted AC signal from flowing on our DC power lines. Some authors suggest that the minimum inductance for the inductor 
should be 5-10X the collector resistance and I'll leave that up to you. At HF, | wind my RFCs on #43 or #61 material ferrites while keeping the 
turns number low as | remember that the coil will exhibit a self resonant frequency that might cause problems if it lies near a frequency | need to 
filter. 


1.5 Watt Amp with Three Different Collector Chokes 


The 1.5 Watt obviates the need for a matching network since the collector load resistance = 48 QO with a VCC of 12v. | rebelled and ran 13.5 V 
supply for a calculated 60.8 QO collector load R. | probably should have this matched this collector load to 50 © at 13.5v, but wanted a "real world" 
amp without a matching network. At the very least, these amplifiers illustrate the PA measurement techniques shown above. | wound the RFC on 
a common FT37-43. 


In all cases, | adjusted the base drive so that the sine wave PA output read ~24.5 Vpp while measuring collector V and I. | made DSO measures 
of the the base and collector voltage and collector FFTs, although forgot to save some of them as screen captures. 
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Above — The collector choke = 4.52 wH or an XL of ~ 200 O @ 7.040 MHz. My measurements indicate an efficiency of 50.8%. With a choke XL 
of only ~ 200 Q, some of my collector AC might be flowing to ground through the bypass caps and that'll kill efficiency. Click for an FFT of the 
collector. This circuit required more base drive than the other 2. 








24.6 Vpp = 31.8 dBm = 1512.9 mW 
iq 1512.9 / 2450 = 61.8% efficiency 











Above — The collector choke = 9.8 WH = an XL of ~ 434 OQ. Efficiency now 61.8%. Base and collector tracing. Collector FFT. 
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13.45v * 0.156A = 2.098W 


24.5Vpp = 31.76 dBm=1500.625 mW 
1.5W /2.098W = 71.5% efficiency 





Above — The collector choke = 20.5 WH = an XL of ~ 951 O. 71.5% efficiency. Base + collector. Collector FFT. Sine wave FFT. To date, 71.5% 
is the best Class C efficiency I've measured. 
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Above — A PA terminated in a N= 5 diplexer for 7 MHz. Click for the EFT of the collector. The collector waveform looks telling — resembling the 
50 O resistor terminated version shown earlier. Unshown; | lowered the signal generator to 6.99 MHz and drove it to a sinusoidal 1825 mW to 
obtain a true 50 O collector load resistance plus get the greatest low-pass output signal and efficiency (44%) . Although diplexers will 50 QO 
terminate the collector at all frequencies, they don't afford high collector efficiency. 
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Above — Some 5W CW amplifier collector waveforms as | tried to boost efficiency by manipulating a matching network to drive up the ringing; all 


failures. These seemingly simple Class C PA's aren't so simple after all. Although failures — | felt thrilled by these experiments and vow to get 
better at it. 








Above — A sine wave output of a very unstable PA. 
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Above — To observe a renegade series resonant frequency, | wound a choke for a 21 MHz amplifer on a T68-2 powdered iron toroid: a casual 
24 turns of wire. Sweeping it shows 2 SRFs at roughly 115 and 350 MHz. 2 SRFs jarred me. 
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Above — | placed a couple of caps on the cold side like we normally do for our PA chokes. Likely | should have used a 0.01 uF cap instead of 
the 0.1 uF shown for 21 MHz, but the result would be the same: 2 SRFs remain and poor wideband bypass arises. We clearly need to consider 
SRF in our chokes and how it might affect our PA function and DC line filtering. 


Conclusion to PA Measurement 


With an oscilloscope and 2 DVMs you can easily explore boosting your Class C PA efficiency. I've seen precious little info on this topic in the 
amateur RF experimenter literature. 1 reputable reference = a section in EMRFD called A Look at Some High Efficiency Amplifers. For now, 
I'll temporize. Likely you'll advance faster than me, since I'm more a receiver guy and don't devote enough time to study transmitter design. 


The math and concepts of efficient PA design within Class C - E flummox me. Most have just switched to driving FETs with a square wave built 
up from parallel inverters (high-speed logic gates in the now obsolete 74AC series) — but hopefully our experiments tweaking BJTs in Class C 
will carry us forward into other Tx modes. 


Measuriing collector power with 2 DVMS while watching the sine wave output in your 'scope gives you incredible feedback: you can even 
observe thermal runaway. After purposely advancing the base drive to "heat up" a BJT, | saw the Vpp progressively drop in the 'scope, the DC 
voltmeter drop somewhat and then the DC current meter ‘take off' : 400, 500, 890, 1200 mA and suddenly, poof, the BJT was on fire, exploded 
and flung 2 leads into the air. Normally, they just smoke and stink up your lab. | put a picture of a couple of blown BD139s in the photo section 
below. Expect to burn up some BJTs during experiments and please work safely. 





Section 4: Class E Amplifier 


This section unposted. 
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1. IMD Oscillator Quest 


To measure IMD and calculate IP3 in receivers and components, we need 2 oscillators that typically lie 20 KHz apart, although some apply other 
frequency spacings. We join these oscillators with a 6 dB (or 3 dB) hybrid combiner and often follow the combiner with an RF attenuator and/or 
low-pass filter before connecting to a DUT and detector. | sought an oscillator possessing low phase noise, low distortion, strong return loss + 
high reverse isolation and documented my experiments to fuel your own. Nestled half-way within the HF band, 14 MHz is a popular IMD 
oscillator frequency choice. | chose 14.0 MHz and 14.020 MHz for classic 20 KHz spacing. 


Wes, W7ZOI well covers intercept measurements in EMRFD and in part, popularized receiver DR measurements with his QST article entitled 
Defining and Measuring Receiver Dynamic Range in QST for July 1975. Click for the article header only. After publishing his article, receiver DR 
testing by the major Ham transceiver manufacturers became standard. 





If you own 2 crystals spaced 20 KHz apart, you're set. A Butler oscillator set up for vibration at the xtal fundamental frequency works well. See 
EMRPFD Figure 7.32 for a great example — A Butler carefully biased to stand reasonable current for low phase noise with a low impedance in the 
Colpitt's tank. Wes placed a 100 Q resistor on the link between base terminals of the differential pair. The low impedance and the bias levelling 
provides current limiting and prevents the oscillator BJT from going into saturation. 
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Above — A fundamental frequency Butler with hybrid-cascode (hycas) buffer | built for 14.0 MHz some years ago. Rather than tuning the 
oscillator tank with the usual low-Q trimmer capacitor, | designed for a fixed C of ~100 pF and thumb and finger tuned the tank to preserve the 


Q. 


Alternately, a standard Colpitt's crystal oscillator with the crystal connected to ground via a shunt capacitor of >= 200 pF provides a great way to 
get a low phase noise, low distortion oscillator. Take the oscillator output from the junction of the xtal and shunt capacitor and ensure you lightly 
load this node. See EMRFD Figure 4.24 or my Low Noise Crystal Oscillator web page for examples. 


A problem arose. | couldn't find 2 crystals 20 KHz apart, so running 2 fundamental Butler or Colpitts oscillators for IMD measurement seemed out 
of reach. A web search yielded 1 solution; pull the xtal oscillators to a desired spacing around 14 MHz and crystal filter the output to drop phase 
noise. 


My next experiments mirrored the work of Christian, DLONL on this web site. It appears he based his design on that of Stuart, KI6QP who 


authored A Precision Two-Tone RF Generator for IMD Measurements for OEX for April 1995. Stuart used crystals cut 20 KHz apart to make 2 
Colpitt's oscillators running moderate current with output filtering by 1 xtal filter tuned to the oscillator frequency to reduce phase noise. 


In his project, Christian, DLONL wired up two 14.318 MHz microprocessor filters in a super VXO topology to cleverly move the xtals 5 or 20 KHz 
apart. He also output filtered his 2 oscillators with a xtal filter. 
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General Idea: 


1. Use a super VXO with added L and/or C on 2 different oscillators to pull them 20KHz apart 
2. Apply an external xtal filter to lower phase noise 





Above — 1 of my rudimentary experiments involving a super VXO plus output xtal filter. Not a great design. In this experiment, the 2 crystals 
were connected to ground via a 5 pF capacitor to yield 14.009 MHz. | learned that xtal frequency and xtal parameters determined the available 
frequency spread and output filter function. 


After thought and the above bench work, and also because | need to make oscillators for IMD measurements at 50-100 MHz, | decided to go 
with an LC oscillator. They work fine for IMD measures with proper design and construction. For example, the signal generator shown in EMRFD 
Fig 7.27 sports a phase noise approaching -140 dBc/Hz @ a 10 kHz spacing; getting awfully close to the cherished vintage HP-8640B signal 
generator. 


With LC oscillators, | learned that a metal enclosure with a feedthrough capacitor for the DC line proved important.Strong reverse isolation also 
ranks ‘very important’. A case in point follows: 
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Above — A close-in spectrum analysis of 1 of my 14.02 MHz LC oscillators. Span = 250 KHz; RBW = 300 Hz and my video bandwidth = 30 Hz 
to "cut the grass". You can see a spur about 92 KHz right of center; a signal from my SA or environment is getting back into my VCO and low- 
level modulating it. Yikes! Another RF-tight LC oscillator with a common-base isolation amp showed no such spur. 


Close in spectrum analysis may allow you to measure phase noise with your spectrum analyzer, however the wide-range, first oscillator of a 
Rigol spectrum analyzer operates in the range of 2- 4 GHz and is varactor tuned; as such, the best phase noise we can measure with it = -88 
dBc/Hz @ 10 KHz spacing. 
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Above — 1 of my experiments: a Hartley with common-base buffer amp right out of EMRFD Figure 7.27 sans the final amp. | made 2 versions: 1 
with a tuned buffer amp and another with a wideband output (See orange inset). The output power of the tuned amp and wideband amp = -6.7 
dBm and -11.7 dBm respectively. 





You may want to add a final amplifer — I've got a couple of amplifer modules if | need to get to 0 dBm or above. Prior to tweaking the lid-on 
frequency to 14.02 MHz, | measured the 2nd harmonic at 55 -dBC in the tuned output version— yay! Building with solid temperature drift 
techniques, the frequency drift in my counter went just a few hertz up over time. The Figure 7.27 oscillator remains a go-to circuit for us builders. 
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Above — A Colpitts with hycas buffer allowing variable power output. During measurement of IMD, the 2 oscillators need to exert the same 
amplitude, so only 1 needs to have variable output power. A wideband bench generator plus a 1 frequency oscillator like this might be all you 


need. 








il 


Above — A photo of the completed Colpitts LC oscillator. Running a phono jack for the DC input was a mistake. A feedthrough capacitor = the 
best choice. The epoxy glued air wound coil and air trimmer cap plus the regular temperature stability techniques and a 100 pF polystyrene 





capacitor yielded a temperature drift under 40 Hertz per hour. 5 bolts anchor the copper clad board. 


| connected the 5 pF coupling cap to the lowest turn on the air coil. Mounting an air coil (Solenoid) in smokestack fashion over a copper board 
probably upsets its Qu, but it worked okay. 
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Above — Our old friend the Return Loss Bridge is also known as a 6 dB hybrid combiner and 1 serves double-duty on your QRP workbench as 
an isolator and a return loss bridge. 


Phase Noise and Commercial Signal Generators 


The worst of today's ham transceivers transmit a CW carrier with noise that is down by 117 dBc/Hz @ 10 kHz spacing. This is bad enough that if 
you had a Ham operating this rig 0.8 km away you would hear this noise, even with a perfect receiver. In a typical oscillator, the phase noise @ 
100 kHz spacing lies ~20 dB lower than @ 10 kHz out to a noise floor that is around -140 dBm/Hz or better. The Elecraft K3 impresses us with 
phase noise at -138 dBc/Hz @ 10 KHz [Sherwood]. 


We either build, borrow or buy our signal generators. Second hand commercial products range from good old HP/Agilent gear or LC boxes once 
used by TV/FM receiver repairmen. The TV service equipment covers ~300 kHz to 150 MHz and tends to be inaccurate with a limited output 
amplitude range, while the vintage HP stuff often is heavy, decaying and crowds your bench. 


Most of hobbyists can't afford nor justify spending $8-18k on boxes that go down to -127 dBm amplitude and -146 dBc phase noise at 1 GHz @ 
20 kHz offset [Agilent N5181B MXG X-Series RF Analog Signal Generator]. These generators feature components like a YIG oscillator phase 
locked to an ovenized crystal reference. Professional, high-end gear. 


Another choice = the Arbitrary/Function Generator or ARB that sell for a fraction of the cost of the aforementioned boxes. A few friends own 
them, in particular, products made by Rigol and GW Instek. These DDS generators range in frequency and price: higher price generally = better 
phase noise. 

For example, the popular Rigol DG1022A phase noise = -108 dBc/Hz @ 10 KHz offset and the DG4162 = s-115 dBc/Hz @ 10 KHz offset; not 
good. Often ARBs will feature a host of modulation functions, sweeps, frequency counters and the 2 output channel models may offer I/Q outputs 
and the ability to perform 2-tone IMD tests. Search around the T Equipment website to read some equipment datasheets 


My question to 2 informed EEs — Is the phase noise of a -115 dBc/Hz ARB good enough to reliably measure IMD? Their answer: yes, if you 
have a high end, modern spectrum analyzer with a minimum RBW of 100 Hz, deft analyzer skill and understand the measurement. Often us 
hobbyists have to make due with whatever test equipment we can build or buy. 


You might just build a low noise oscillator with a crystal at 14.0 MHz and provide the other tone with your bench signal generator or some other 
combination of 2 devices. This is test equipment junkie fodder — band-of-brother's stuff. Thanks for reading. 
2. Almost Popcorn Superhet 


| published this rogue web page with hope you might find it interesting. It houses notes and photos for an incomplete update to my 1998 Popcorn 
7 MHz, CW, superhet receiver. 


Click for the Almost Superhet web page. 


Click for the Almost Superhet Supplement page 


3. VXO — VCXO Notes 


VXOs and VCXOs provide a useful main or reference oscillator for HF and when multiplied, in VHF-UHF designs. Ignorant of such circuits, | 
executed some crude experiments to discover how they work and find ways to improve my designs. Increasingly clinical on my bench, I'm losing 


patience with the radio mystique — although the limits of my lab equipment, brain power and bench skills humble and tumble me into deeper 
understanding why educated people might submit to electronics folklore and go in blind faith. 


I'm not sure my bench work accomplished much, but if | can add 1 factoid to the RF enthusiast VXO knowledge base, then, I'll feel happy. I'm 
officially adopting System D; the slang term that originated in the French-speaking African continent and Caribbean Plate. In Down and Out in 
Paris and London, George Orwell called these System D practitioners "débrouillards" — low-level kitchen help, who achieve culinary success in 
the worst of circumstances. Television hero MacGyver practiced System D. 





System D in the context of the QRP Homebuilder describes an effective, practical and resourceful builder who skillfully adapts to any situation 
and gets it done. System D builders don't just kludge together crap — these science-informed débrouillards innovate and shine. Sounds hopeful 
doesn't it? 


Nearly all my bench adventures begin with a web search and the key word VCXO yielded many espléndido files + presentations by people and 
companies who passionately share their knowlege and experiences. Thanks to all! 


Experiments 


It started with an email from Paol — what’s the S12 of the source follower in his 14 MHz VXO buffer amplifier? | built 1 for 10 MHz and tested it 
since | didn't know. 
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Above — Device Under Test. Paol copied a source follower he found on a web site (complete with an Uber kitsch 1 mH choke on the source). | 
tweaked the current and replaced that big, old MF choke with a tapped FT37-43 giving an output return loss of ~ 13.5 dB. Although mediocre, 
it's probably better than the match provided by the series resistor we typically stick between the JFET source and its 50 load. Further, for my 
S12 measurement, | matched the input with a L-C-C network to get a strong return loss @ 27 dB. Measured with a spectrum analyzer, S12 = -32 
dB; paltry reverse isolation. The matching networks incurred some losses but raised measurement fidelity. 


-32 dB — not great, but okay if followed by another amp. For a diode ring mixer, | might couple it to a common base amp, or eliminate the source 
follower altogether and replace it with a hycas buffer amp. Paol drove a NE612 transmit mixer with his VXO + a source follower and it worked 
okay in his bare-bones TX. He AC-coupled a 51 © resistor to ground on pin 6 of the NE612 that well terminated the LP filter. Intrigued, | then 
helped him with his VXO. 
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Above — My first VXO experiment with varactors instead of an air variable cap that technically creates a voltage-controlled crystal oscillator 
(VCXO). The tabled values were measured with L1 wound on a FT50-61 ferrite toroid. 


Paol had varactors but no air-variable capacitors. Both of us owned some Q = 200, DKV6516 silicon varactor diodes that with a reverse DC 
voltage of 2 to 10 volts give a nice tuning range of 18 to 140 pF for a single diode. We cheated and ran the reverse DC voltage from 0 to 12.2 
volts, although later increased the 22 Q R to limit the peak tuning voltage to 10v. Paol also put a fixed resistor on the cold end of his 10K tuning 
pot to keep a minimum 2 VDC on the varactors: | didn't bother, since my "this is only a test" breadboard will be dismantled and junked. 





Above — DKV6516 





Above — VCXO breadboard. Paol and | each made a VCXO and he with 14.060 MHz crystals. Lacking these, | just used 2 junk box 14 MHz 
crystals with a measured Qu of ~80K. The tapped FT37-43 gave an output return loss of ~ 15 dB thus providing a reasonable match into a 
simple 50 Q low-pass filter. Click for a sweep showing the 2nd harmonic suppression. 


My initial build didn't contain the two noise filtering 470 UF caps on the 12 volt supply: | originally soldered a solitary 22 uF cap cap close to the 8 
volt voltage regulator input. My 12.2 volts comes from a regulated DC supply. More on filtering noise later. 
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Above — My VCXO spectrogram showed 2 big spurs: 300 KHz down and 100 KHz up from center frequency (CF). | exchanged the varactors 
with an elegant, Q >= 1000 air variable, plus changed to a higher Q inductor, but could not get rid of these spikes. | assumed these spurs came 
from the crystals, or the BJT. Then, too, might they arise from my spectrum analyzer? 
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Above — 14 MHz crystal sweep spectogram. To find out why these spurs occurred, | swept 1 crystal at a time from my batch and saw spurs on 
all of them. However, after some reading, | discovered that the mere presence of a crystal spurious response doesn't signal causality since this 
is almost a normal happening. Wes, W7ZOI explains this on . Crystals usually have a spurious response and from Wes, the spur is 
more often than not about 80 or 100 kHz above the main signal. This happens with fairly good crystals, less so with crappy, cheap crystals and 
even less often with good quality crystals. Since many of us buy computer-grade crystals from Mouser-Key, or online auction sites, who really 
knows what we're getting? 1 day | hope to test a Q = 1 million crystal — that will be fun. 


However, renograde crystals could still be the cause. Sometimes when pulling a crystal(s), we're living on the edge — the main resonance is 
pulled so far that the circuit balks at the resonant frequency, or lies near the edge of such behavior and spurs start to show up. Back to System 
D. Simple substitution with 2 other crystals from another batch could tell me if these particular crystals were behaving poorly. It turns out, they 
were. 
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Above — Spectogram of the VCXO with 12 MHz crystals. | wanted to try other 14 MHz crystals, but didn't own any. My nearest value crystals 
were 12 MHz jobs with a Qu of 120K. Eh voila! No spurs — yay! Let's talk about noise: 
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Above — Schematic for sideband noise discussion 


System D design poses a real challenge with repect to noise. Measuring noise proves an advanced technique beyond the scope of this popcorn 
RF web site. We can't measure noise with our spectrum analyzer since the oscillator in the analyzer usually exhibits more noise than the VXO we 
want to test. 


On page 4.12 of EMRFD version 1 is a small photo of 2 spectograms that show a clean crystal trace contrasted with a really bad oscillator trace. 
Baffled, because | could not replicate this experiment, | emailed Wes and asked him how he did it. Wes wrote we're able to see the noise in 
those traces because his SA featured a multiple pole, wideband filter with steep skirts that allows us to see the baseline noise close-in to the 
carrier. In contrast, most modern SAs feature synchronously tuned resonator type, or digital filters that produce a narrow peak with skirts that 
spread way out. The noise gets swept under the skirts. 


By all means, advanced builders may apply notch filter techniques to measure oscillator sideband noise down low, however, a consideration for 
others might be to apply techniques proven to reduce noise and spurs — and just build the best oscillator possible plus measure what you can. 


Some basic techniques to make a low-noise VCXO are well described elsewhere and may include: a high Q resonator, high Q varactors [with 
low series resistance], low power supply noise [including varactor tuning voltage], a low flicker noise amplifer, avoid overdriving the crystal and try 
to swing the highest AC voltage in the tank without reaching saturation and/or causing reverse breakdown in the varactor(s). Even the ratio of the 
Colpitts capacitors can affect phase noise, but without a method to measure phase noise, this gets esoteric. Some of these techniques also 
apply to VXOs. 


Power Supply Noise 


Bob, K3NHI and others have measured significant noise from the LM317 or related voltage regulators that we amateurs typically use. Power 
supply noise can FM our resonator and boost oscillator sideband noise. We may filter power supply noise with /arge value capacitors plus/minus 
series decoupling. See the work of Leif, SM5BSZ on this web page under the heading "The +12V supply is carefully decoupled like this". In 
addition, Charles Wenzel, published this web page. 


| employed both techniques in my discussion schematic above. | went with the pi filter shown above 1000 UF - 39R - 1000 UF at the voltage 
input. A inductor might be used instead of the R if the voltage drop is too high for you. The Wenzel circuit fascinates me. The series resistor (18 
Qin my version) samples the current that flows into the oscillator. A voltage is then developed that is applied to the amplifier to generate a 
voltage that is out of phase with the noise current. 


With good DC noise filtering | could measure small improvements in sideband noise in my SA despite only able to measure down to -88 
dBc/Hertz at 10 KHz offset. In contrast, you rarely ever see even 1 electrolytic capacitor in the VXO schematics featured on many Ham radio 
builder sites. 


Another trick is to avoid a regulator altogether. Since my DC supply already has a voltage regulator set to 12.2v, placing a second 5 to 8 volt 
regulator after it might just add another noise source. 


Overdriving the Crystal 


| heed the advice of Konstantinos, SV3ORA. He found that gently driving his crystal generated less noise and spurs compared to overdriving the 
crystal. Thus | adjusted my emitter resistor to about 1 mA current. For the schematic above, a typical emitter resistor starting value = 1K8. Just 
measure your emitter current. 


| employed a large area, slower BJT, the BD139 to hopefully drop flicker noise. Expensive, super high Q crystals (Q = 500K to 1 million) may be 
driven with up to several mA of current, however, it's likely not so for the computer-grade xtals we typically use. | can't measure the outcome of 
these interventions, but System D thinking might just prevail. 


Varactors 


Varactors tend to be low Q and their Q deteriorates as we go up in frequency. I've seen very low phase noise VCXOs employing varactors, 
however, these were engineering marvels. Still, as a VHFer and hopeful UHF enthusiast, this is the direction | wish to go. We ideally need to 
keep some reverse DC voltage on the varactors at all times and not go to 0 — this also limits tuning range in our simple 12v supply radios. Read 
your datasheet. Air variable capacitors (a VXO) might be a better solution for your application. 


How Does a VXO work? 
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Above — The crystal equivalent electrical circuit has 2 arms: The impedance of the motional arm Zm lies in parallel with Zo, the impedance 
resulting from the parallel capacitance CO (formed by the 2 crystal leads.) We measure and/or calculate these parameters when designing our 
crystal filters. In the above schematic | added the external L and C used to move the crystal’s series resonant frequency around in our VXO, 
VCXO, or Super VXO circuits. 
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Above — | made some simple experiments to explain why we place both a L and C in series with the crystal and how it changes the crystal 


frequency in our oscillator. From these experiments, some theory from EMRFD and wisdom from Ken Kuhn, | made the following simple 
conclusions: 


Electrically a crystal looks like a large inductance in series with a small capacitance and in parallel with CO. An external inductor adds to the 
crystal’s series inductance and lowers the resonant frequency. 

The external variable capacitor adds in series with the crystal internal capacitance to lower the net capacitance and raise the resonant 
frequency. 

The purpose of adding an external inductor is so that we can tune both lower and higher than the natural crystal frequency. In contrast, if we 
only apply an inductor, the oscillator frequency would always be lower and if we just apply a capacitor, the oscillator frequency would always be 
higher. 

Since the external inductance has much lower Q than the effective internal inductance, it adds to noise and signal losses. The same goes for 
the external C. 

As we raise the inductance ever higher to boost the delta F, at some point, the parallel C of the crystal resonates with this "too high" L and the 
series resonant frequency has nothing to do with the series resonance of the crystal. This kills the normally sublime frequency stability of a 


crystal-based oscillator. 


Q of the VXO/VCXO Inductor 


| experimented to learn that the Q of that L doesn't need to be that high to allow the frequency to be moved up or down by an air variable cap or 
varactor. 


For example, if | wound a coil on a T68-2 and shunted it with a resistor no less than 1K8 — it worked fine (Sometimes the frequency shift would 

even improve 2-3 KHz for a given L). A #61 ferrite toroid wound inductor also worked well and requires much less turns allowing thicker wire for 
mechanical stability. Also, the lower number of turns helps avoid significant SRFs. Temperature stability remains a question with the this and all 

ferrites. 


An FT37-43 or FT50-43 ferrite inductor worked poorly — | measured high signal losses plus the maximum frequency swing dropped when 
compared to the same inductance value wound on a T-68-2, or FT-50-61. Avoid #43 ferrites in any resonator circuit unless you're purposely 
building a noisy oscillator for learning purposes. 


Some guys use those little molded chokes with a Q of ~ 50 for the L and they also work well. Predictably, as | lowered the Q of the external L, or 
went from an air variable C to a varactor, signal losses increased resulting in lower signal output amplitude. 


Decreasing resonator Q increases phase noise. For a popcorn radio, I’m not sure the change in phase noise would be a deal breaker in some 
homebrew projects, but as possible, | think it's wise to employ high Q resonator components: crystal, inductor and the variable capacitance. Thus 
I'll wind my VXO/VCXO inductors on powdered iron toroids hereafter. 

Since a quartz crystal resonator is driven by the piezoelectric effect, fundamental plus overtone frequency modes (3/5/ 7/11) may be derived. | 


unbypassed the collector and placed a collector choke on it to examine the output with my ‘scope. The waveform rung with many harmonics. Lots 
to learn. 


Go débrouillards! 


4. Funster Line — A Simple 40M Band QRP Trans-receiver 


Click for the Funster transmittter notes. 


5. Miscellaneous Photographs and Figures 





Above — My handed-down geometry set — purchased in 1938. Click for larger picture. 











Above — My prototype Colpitts LC oscillator with only a 10K resistor as the load. 








Above — Hi Q glass encased crystals. Click for another photo. 
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April 2014: New player on the scene — Bar Bar Kitty — chief science officer and QC consultant. 














April 2014: Other new pet: Munchkin. Clear-spoken and direct — pet me, or feed me... and oh yah, Q2 is oscillating. 
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Respository web page for beginner UHF experiments in 2014-2015. 
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1. References 


After a modest quest, | found an excellent microwave primer called Microwaves Made Simple. Principles and Applications by W. Stephen 
Cheung and Fred H. Levien. Published in 1985, the authors brilliantly teach the basics in plain language (no small task). My copy was printed in 
December 2013 by Artech House who print single copies of many classic texts on demand. Click for a photo of my book. 


The ARRL published 2 UHF compendium books entitled: The ARRL_ UHF / Microwave Experimenters Manual [1990] and The ARRL UHE / 
Microwave Projects Manual [1994]. While out of print, used copies seem prevalent and might serve as good resources for builders who hunger 
for circuits and Ham-related UHF circuit building information. Click and click for photos. 


Instrument companies provide continuing education and materials to educate & support their customers. With luck you'll find helpful free 
application notes and other tools. Two recent RF library additions include an Agilent CD containing all their current application notes and 
webcasts [ my image is truncated and the CD includes applying SA's, 'scopes and signal generators], and this old Spectrum Analyzer 
Fundamentals booklet by Tek. 





2. Transistors, RFCs, Capacitors and a 50 QO Detector 


| want to grasp circuits from 300 to 1296 MHz. This meant acquiring some UHF parts, making some bench tools and buying a 50 Q detector to 
sweep and/or measure power in my UHF stages. Click for a snapshot of some of my parts cabinets. 


BJTs 


I'll employ the BER93A, 2SC3356, and 2SC3583 as my mainstay NPN bipolars; at least to start with. Numerous transistors will work — price, 
availability, NF and shipping costs informed my choice. I'd also feel happy with MRF901, BFR92 and BFR96 NPNs and it's always fun reading 
datasheets. My PNP choice = BFT93 by NXP. Later on, I'll add in discrete GAASFET and other non-BJT species. Only 2 MMICs lie in the parts 
cabinet: MAR-3 and MGA-61563. 


Radio Frequency Chokes (RFC) 


Although, I'll also wind, or perhaps ply carefully dimensioned copper board traces to make RF chokes, | built up a stock of lower Q chip inductors 
in size 0805 and 0603. These include 8.2 nH, 33 nH, 68 nH, 220 nH, 330 nH, 470 nH and a few other values. For RFCs we need to consider L, 
tolerance, SRF, Q , maximum current and temperature stability — it's probably better to only buy clearly specified parts so you can study their 
datasheet to glean this information. I've swept nearly all my RFCs and recorded their SRF. 


Choosing RFCs — SRF (series resonant frequency) 


An RF choke exerts its greatest impedance at its SRF and in the case of a first-order RFC such as a single inductor, we should aim the SRF at or 
near the frequency we wish to attenuate the most. Consider a choke in the emitter lead of a BJT Colpitts oscillator with a frequency range from 
375 to 400 MHz: The choke's ideal SRF should lie somewhere above 400 MHz. As possible, the SRF of a first-order RFC should exceed the 
operating frequency of the device it's choking. 


In higher-order filter applications such as a C-L or C-L-C (pi filter) applications, engineers tend to target the choke's SRF to >= 10 times the 
operating frequency. Challenges such as limited inductor choices, needing to match stages, or coping with stray reactances will arise, however, 
as amateur UHFers, we just try our best to fit an RFC. 


UHF Capacitors 


| swept numerous size 0805 + some 0603 and 1206 capacitors in a microstrip line jig to determine their SRF. Math formulas enable us to 
calculate and plot attentuation, Q and ESR at self-resonance if we wish. Click for 1 example. Although we rarely apply capacitors at their SRF in 
practical circuits, considering Q, ESR and attenuation gets us thinking that capacitor SRF is a dynamic value that may vary widely with part size, 
capacitance and datasheet specified Q. 


For instance, if you take a size 1206 capacitor, measure its SRF and then replace it with a same-value size 0805 capacitor, the SRF of these two 
caps might vary by as much as 200 MHz or more. Size does matter! Even the same value capactor by a different manufacturer may be a SRF 
game changer. Bob, K3NHI tells it correctly: to measure is to know. 


Datasheet specified capacitor Q is usually measured at a low frequency like 1 MHz. Since Q decreases as frequency increases, a capacitor that 
specs a Q of 2500 at 1 MHz may only sport a Q of 87 at its SRF way up at 512 MHz. During sweeps, | measured a deeper attenuation notch and 
often a higher SRF for "very high Q" caps when compared to the common, low-medium Q, popcorn caps sold as mystery parts by online stores 
or auctions. I'm now hypervigilent about finding very high Q SMD capacitors for sale at a low price. 


| wrote the SRF of all my SMD caps in my notebook and use this data to inform my capacitor choice for RF bypass and tuning. Click for a photo 
of 3 UHF parts drawers. I've pretty much gone to size 0805 caps to try and garner a higher SRF at VHF and UHF. Still, too, we might have to 
solder down 0603 parts up above 1 GHz. Yikes! 


Did you notice that when you drop a 0805 part on the floor, you never ever find it again? Even a little cough can expunge a size 0603 part from 
your QRP workbench. 


50 O Detector 


From 0.5 - 200 MHz, my 50 © terminated input DSO forms the heart of my test bench. An analog, or digital storage oscillocope with a bandwidth 
>= 1 GHz, plus a suitable wideband probe costs dearly and for many, won't be an option. UHF bandwidth, thermistor-based 50 Q power meters 
are also expensive and lack signal viewing. 


Thus, a spectrum analyzer seems the best choice for the amateur UHF enthusiast. A spectrum analyzer with a built-in tracking generator adds 
serious value — giving us a MF-UHF sweep system with profound utility. One popular, modern TG + SA choice is the Rigol DSA-815. I'm 
fortunate to have access to gear that measures up to 3 GHz. 


3. Return Loss Bridge Experiments (RLB) 


I'd be lost without a return loss bridge at UHF. Directivity marks the touchstone of a return loss bridge — and up at UHF grabbing a minimum 20 
dB directivity may pose quite a challenge. Experiments to find a bridge with good directivity from 250 to 1750 MHz follow: 





Above — A macro photo of RLB#1: 1 of the 3 "string of pearls" type return loss bridge built this Winter. | tried different numbers, sizes and mixes 
of ferrites. This particular bridge had 3 and then 2 FT37-61 toroids as shown, although | did not shorten the RG-174 coax when reducing to 2 
toroids. The 61 mix gave poor directivity and was abandoned. 
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or FB43-2401, or FT37-43 ] 





Resistors — 1% size 0805 


| Ferrites — #43 toroids [ FT23-43, | 
| 100 Qin parallel 





Above — Return loss bridge #1: the "string of pearls" variant. Several web sites feature great "string of pearls" RLB experiments for you to review 
and many place enough ferrite to extend from HF to UHF. | swept each of my builds in a Rigol tracking generator + spectrum analyzer with 4 
frequency markers set. | made an open-circuit sweep [nothing on the unknown impedance port] followed by a sweep with a Mini-Circuits Labs 
DC - 18 GHz, 50 O load threaded on the unknown Z port. The difference between the open-circuit and 50 O measurement = the directivity at that 
frequency. 
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Above — The sweep of my best "string of pearls" bridge from 250 MHz to 1.75 GHz showing the directivity at 4 frequency points. Click for the 
open circuit sweep. | felt encouraged by this sweep with five FB43-2401 beads over each piece of coax cut just long enough to fit the beads. | 
built on 2-sided FR4 copper clad board with at least 6 via wires connecting the 2 copper surfaces. 


Detector 





Above — Schematic of RLB #2: the bridge topology featured in EMRED. T1 = 5 bifilar windings of 32 gauge wire wound on a tiny ferrite toroid 
boasting a strong AL. | pulled this ferrite from a blown up mixer removed from an old 1.5 GHz spectrum analyzer. | started with 5 toroids, but 
during winding, got spastic and dropped 2 of them on the floor and concluded that the SMD part gnome who lurks beneath my bench swallowed 


them up, since | couldn't find them after an intensive search. 





Above — Magnified return loss bridge #2 breadboard. Serious UHF enthusiast Paul Wade, W1GHz found that the smaller your breadboard, the 
better the UHF directivity in his bridge experiments: My findings support his. In RLB #2, | went with plain, size 1206, 5% resistors. | just ordered 
some size 0603 49.9 0 1% resistors for future experiments in my quest to make my ultimate UHF RLB. 
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Above — The sweep of RLB #2 from 250 MHz to 1.75 GHz showing the directivity at 4 frequency points. Above ~900 MHz, directivity falls right 
off, so this bridge won't cut it for a serious UHF bench. | tried reducing T1 to 3 bifilar windings but this worsened the directivity. Click for a 
different sweep of RLB # 2 from 50 MHz to 1.5 GHz. Directivity = 27.5 dB at 50 MHz, so this bridge would work great for VHF. | imagine that 
SMD 49.9 Q 1% resistors might boost directivity a little. 


Of course, we're always impressed by the work of Kostas , SV3ORA. 
Return Loss Bridge 3 


Some experiments with the 3-bead RLB from Sam Weitterlin follow: 


Above — My build of the Wetterlin 3-bead return loss bridge. This was the only 1 left over from a 2006 joint project between the 4 
Hams whose calls are etched on the PCB. Wes sent me this board and some of the parts and I'm grateful. My 3 dB pads = 294 O 1% resistors 
plus an 18 Q 5% in size 0805. My 49.9 QO 1% resistors = size 0603. The transformer = a Minicircuits Labs TC1-1-1-13M+. for the ferrite 
description. | used 24 gauge copper via wires to connect grounded nodes to the ground plane on the of the PC board. | chose to 
permanently solder a 49.9 O resistor on the reference port. 


13:16:20 201 4-03-28 


o Ref 0.00 dBm : Att 10d8 : ; : _ Marker4 1.5000 GHz 


-10) 


VBVW 
3.000 kHz 








¢ nas Center Freq = 750.00 MHz 1.5000 GHz! 
‘" RBW 3.000 kHz VBW 3.000 kHz 166.66 | 
Marker Table 


Marker Trace Type X Axis Amp 

1 Frequency 100.000000 MHz -19.75 dB ; 
1 Frequency 600.000000 MHz 19.47 dB Open circuit sweep 
1 Frequency -20.52 dB 


Frequency 4 500000000 GHz -21.61 dB 


Above — Open circuit sweep with 4 markers set. Span = 1.5 GHz. 
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Above — 50 ohm load termination sweep with calculated directivity. Click for the 50 O sweep where the span = 200 MHz. | was disappointed with 
the UHF directivity in my build. 
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Above — The 3-bead RLB with added series trimmer capacitors on the load and reference ports. SMT trimmer caps = Voltronics JR300 5.5-30 
pF with a Q of 1500. | tried both shunt and series caps to try and boost UHF directivity. 
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Above — Open circuit sweep of the 3-bead bridge with series capacitors on the load and reference ports. 
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Above — 50 © load sweep. By carefully tweaking the 2 trimmer caps, | set the deepest NULL at ~ 850 MHz; although it's not as deep as | want. 
Low end directivity was compromised. 


Return Loss Bridge 4 


Since my bench experiments with the "string of pearls" (SOP) return loss bridge showed promise, | kept going and eventually built a version 
closer to my goal: A bridge for 300 MHz to 2 GHz with decent directivity. 
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Above — My SOP build diagram of Bridge #4. | cut traces in 2-sided FR-4 Cu board to make the needed microstripline paths. The two 49.9 0 1% 
bridge resistors = size 0603, however, my reference port 49.9 O, 1% resistor was size 1206. The braid of the coax goes to the unknown 


impedance port and the center core to the reference port. Six FB-43-2402 binocular cores just passed the diameter of the RG-178 coax and 
binocular ferrites boosted balance compared to seperate beads in my experiments. 


Rather than run coax through the remaining hole in the ferrite string, | just used a 24 gauge piece of Cu wire for balun symmetry. | left the green 
insulation on the wire to help keep it in place during soldering — | used the same wire spool to make the via wires. 
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Above — Breadboard photograph. Click for a larger photo. | soldered some thin brass sheet metal to electrically join the ground planes of the 2 
carved boards [ represents the normal RF-tight metal chassis we apply ].The brass sheet boosted directivity 8 dB by improving balun function. 


Comments by a prominent figure in our hobby ....."and the thing is ‘ugly to the core’. Way to go." 
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Above — Open circuit sweep with a 2 GHz span and center frequency of 1 GHz. 
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Above — Sweep with a 50 © load threaded on the unknown impedance port and 4 markers showing directivity at those 4 frequencies. Yay — 


this is much better! | wanted at least 30 dB directivity at 1296 MHz and got it. 
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Above — Open circuit sweep with a 500 MHz span and center frequency of 250 MHz. | set 2 of the markers to evaluate the directivity at HF. 
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Above — 500 MHz sweep of Bridge #4 with a 50 load on the unknown impedance port. The directivity at HF surprised me. Although better 
suited for VHF-UHF, this bridge will work okay from 5 MHz to ~1.5 GHz. 


4. VCO Experiments 


Ask experimenters about homebrew RF oscillators and you might hear about a pleasing paradox — vexing and satisfying in the same breath! At 
UHF we usually make a VCO and keep it on frequency by phase/frequency locking to a xtal oscillator reference. | sought some wideband, free 
running VCOs in hopes I'd inch up the learning curve. 
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Above — My first attempt at a VCO circuit described by Matjaz, SS3MV in a 2-part article published in VHF Communications magazine. The 
original circuit contained a tunable RF filter, mixer, buffer amplifer + more and | recommend you purchase the 2 articles for your own analysis. 
Shown with permission from Andy Barter of VHE Communications magazine, | ordered all issues from the 1980s which came on this DVD. 


With 28v varactors, this VCO will tune 1 octave minimum. 


To bench investigate this stunning common emitter Colpitts variant, | first built it at VHF using through-hole parts with a standard 12 volt tuning 
voltage that tuned from 49 to 91.4 MHz. The output came from 1 link around the 463 nH inductor terminated in a 1K resistor at the hot end + 
ground at the cold end to allow 10X probe measurement with my DSO. 


Matjaz, SS3MV describes his circuit function here. A variable C on the base in combination with the input capacitance of Q2 operates as a tuned 
impedance matching network and preserves a steep phase slope (which means you have higher Q) — a requirement for low phase noise. In 
essence, the inductor with a varactor at each end forms an adjustable pi-network to provide correct phase shift tracking. 


The LED serves as a shunt voltage regulator -- thus the current through 
R and Q2 is constant. Noise is low. About 2.15 mA current flows 
through the diode. 
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Above — | built the low-noise, temperature-stable, PNP current source using though-hole parts. R provides a convenient way to vary collector 
current, although changing the PNP base bias also works. 
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Above — My UHF VCO schematic. Click for the breadboard photo. A wire positioned near L1 provided the output into my spectrum analyzer. 
Click for a sweep with the reverse DC voltage set at Ov. Click for the a sweep with the tuning at 28v to establish the lowest possible varactor 
capacitance. Markers indicate the carrier frequency. As shown, a common emitter VCO exhibits rich harmonic energy and viewing the second 
harmonic at 2 GHz felt really cool in the 28v sweep. Not to worry — the tracking generator in the Rigol TG + SA units also exhibit strong 
harmonics and work fine for sweeping. 


Click for a pdf file showing how | laid out my board. | cut traces on the top of 2-sided FR4 board and connected any grounded points on top to 
the bottom ground plane with a 24 gauge copper via wire. A 28v DC-DC Converter to supply the varactors lies on VHF-FM. 


| varied L and even tried a 3 mm by 8 mm copper sheet metal inductor but this failed to oscillate. In the end, a single wire with ~10 nH inductance 
worked to give me the tuning span shown. L1's distance above the ground plane was determined by tuning the VCO for the smoothest transistion 
across its range. This circuit begs further experiments including Q2 current, L1 and the 470 pF fixed feedback capacitor. 


5. Frequency Counter Kit 


A sensitive UHF bandwidth frequency counter makes an important tool for the UHF homebrew experimenter. With a search engine, you'll find 
commercial and kit counters for sale along with DIY projects for builders handy with microcontrollers. 


If you already own a decent counter, then a crude prescaler tool employing an IC like the MC12079 might work okay if you can tolerate or 
manage modulus division by 64, 128, or 256. The MC12079 requires an RF signal between -17 dBm to +3 dBm to count properly, so many 
builders place amplifier(s) along with anti-parallel clamping diodes before the digital IC. The Motorola datasheet shows a basic circuit to build off. 





Above — My first UHF counter experiment involved the Motorola MC12079 and 12080 prescalers. Eventually | made a proper double-sided 
copper board device with anti-parallel diodes, a MMIC, the MC12079 and some 74AC series logic — it worked okay for casual use. The 2 big 
drawbacks were MC12079 self-oscillation with 0 applied input signal and having to remember to multiply measures by my set prescaler division 
integer. | sought a long-term solution. 


A Solution Appears 


In 2012 | bought a second-hand, calibrated HP 53131A with the optional A6 High Stability Timebase from an EE for % the going price at the 
time. 225 MHz bandwidth poses its only limitation; it even came with the original spiral bound manual. 





This summer, Shahriar from TheSignalPath.com reviewed a Chinese kit to take the HP 53131A to 3 GHz with a clone of the original HP OPT30 
Channel 2 kit. Based on his quantitative review and warm thoughts of using my sturdy HP counter at UHF, | got 1. Mine sold on eBay for $87 
Canadian including shipping. Click for TheSignalPath.com video. Click for a larger photo of the kit | bought. 
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Above — My HP counter with the kit installed as Channel 2. 





Above — Top of the circuit board. Anti-parallel diodes, 4 MMICS, passives and then even more anti-parallel diodes go before the prescaler chip. 





Above — Close up of SMD circuitry. 
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Above — Rear view of the circuit board showing stiching vias that join the top ground plane to the bottom ground plane along the signal path. My 
tests showed that it works okay to 3.1 GHz. Click for a picture of the installed board. I'm very happy with my HP counter's boosted bandwidth. 











HOMEBUILDE : 


RF — Test and Measurement 





Funster Line — Transmitter 





Menu Item 4 on the HF Embarcadero web page. Click here to go back. 


The receiver will go on its own page and hopefully I'll complete and write it up this Fall. 


1. Transmitter 
2. References 





Introduction 


| began the Funster transceiver line in 1995 and show the 2014 version [now back to a CW trans-receiver on the 40M band]. Judging by reader 
feedback, plus analog scratch-homebrew threads in social networks, email lists and print, many of us feel a nostalgic pull towards old-school 
radio. Me too. 


Now at version 8 — Funster shares my joy in making a simple, old-style radio with all discrete parts. In some ways, this radio set is a twisted 
version of Wes and Roger's Ugly Weekender from QST for August 1981. 


1. Transmitter 


Summary 


Variable power: 128 to 3312 mW @ 13.6 VDC. Switchable 7.04 MHz xtal oscillator or external VFO input port. Solid state transmit/receive [T/R] 
circuit with PIN diode. External continuous and switched 12 VDC power jacks. Single-ended BJT Class C power amplifier with 67% efficiency. 


Note: | state 12 VDC in my DC circuits, however, this nominal value might better be termed 12 -13.6 VDC. 
Key up power current draw @ 13.6 VDC = 17 mA. Key down current @ 3W RF power with 13.6 VDC = 420 mA. 
DC Circuitry 


It's fun to march off the signal path and focus on DC circuitry — switching, regulating and filtering the DC voltage feeding our RF or AF stages 
with finesse. Trans-receivers contain DC, RF, AF and external patch cords that benefit from mindful DC line filtering + selective high-isolation 
amps in the signal path to prevent RF flowing where it's unwanted. You'll see heaps of decoupling with RF + AF bypass and a few strong 


reverse-isolation amplifers in this radio set. 
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Above — The DC circuit board. Click for the breadboard photo. A reader sent me 2 IRF9630 power MOSFETS: avoiding the voltage drop of the 
usual single rectifier diode, | employed 1 as a reverse polarity protector. Another reader sent me a long strip of 2N4401 BJTs, so | ran them 


instead of the equally good 2N3904. Thanks for the parts guys! 


A simple series voltage regulator with a zener diode reference supplies DC to the crystal oscillator and its buffer. The base-emitter voltage drop 
of the 2N4401 emitter follower lays in series with the load, so load current changes alter the regulator output voltage. Vout = Vzener - VBE : so 


the regulated voltage is roughly 9 VDC. 


Oscillator Circuitry 
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Above — Oscillator circuitry. | soldered my oscillator circuitry on the DC control board. Click for the breadboard. Click for a close-up of the old 
NorCal crystal supplied by NT7S — thanks Jason! To equilibrate to the xtal oscillator AC output voltage, the VFO input port should run about - 
5.65 dBm. | might stick a 6 dB attenuator pad on the front panel switch and use a 7 MHz VFO with 0 dBm output power. 
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Above — The 2 keyed voltage amplifers. Click for a breadboard photograph. | set the value of the RF gain pot series resistors by placing a 100K 
pot before and after the 10K gain pot and tweaked them back and forth to find close to 3W maximum and 125 mW minimum RF power with the 
gain pot set @ CW and CCW respectively. The 100K pots were removed, measured and nearest standard value resistors substituted: 100K and 
18K. 

By carefully choosing the 75 Q emitter resistor, the 2N5109 feedback amp output remains a sine wave at the drive levels needed for a PA output 
at 3 Watts. At 3 Watts PA output, the feedback amp output voltage = 5.91 volts pk-pk [19.4 dBm]. The emitter current shown will cleanly drive a 
PA for more power if desired. Boost it as needed. 


Power Transistor and T/R Switching 





Above — Final testing the PA and T/R circuitry before installing it into the Hammond chassis. Click for a bigger photo of my test setup. 


Three temporary RF connectors were soldered on this board for bench measurement. | connected the (SMA) receiver port to Channel 1 of my 50 
Q terminated ‘scope to measure the RF not getting shunted to ground by the PIN diode. The SMA cable/connector to the far left is a temporary 
cable connected to the keyed voltage amp board output in the Tx chassis — thus | tested the PA stage with its own xtal oscillator and RF 
amplifers. The right-sided BNC RF port connects the PA low-pass filter to a LOW, 50 O dummy load via a 22 cm 50 O patch cable. 


Further, | measured collector voltage + collector current with 2 DVMs and also PA output power in my oscillocope (DSO) Channel 2 with a 10X 
probe employing a tiny ground lead. 
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Above — PA and T/R circuitry schematic. Click for another breadboard photograph taken before the 2N4401 switch was added. Although we 
might run a BD139 or other cheap BJT for the final, | chose my favorite HF classic, the 2SC1969. This transistor will survive a high VSWR, 
however a 43 volt - 500 mW zener diode further protects it from such. 


In 1 version with a 1:4 Z collector matching network and no zener diode, | measured 6.25W RF power after tweaking the 100K and 18K RF gain 
limiting resistors in the preceeding hycas voltage amp to drive the PA harder. At ~3W maximum power in my final experiment, the 2SC1969 
barely warms up. 


Collector Matching 


After a number of experiments, | learned that from tens of mW up to ~ 3.3 Watts RF power, we may omit collector matching and still get 
reasonable efficiency if you run a collector choke >= 15 UH. Thus, | made the maximum power ~ close to 3W — easy peasy. 


Ask QRP enthusiasts what QRP is all about and they might extol the thrill of exacting the most kilometers per Watt — in keeping with that spirit, | 
love turning down my Tx power and the Funster front panel RF gain control makes it a breeze. 


The PA circuit is standard fodder. | wound the 24.6 wH and 18.6 WH RFCs on FB43-2401 ferrites [a single hole bead that looks like a fat FT37- 
43]. An FT37-43 or FT50-43 makes a great substitute. 
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Above — Spectrum analysis of the Tx output. The 10 MHz clock signal from my spectrum analyzer lays between the fundamental and 2nd 
harmonic. The 2nd harmonic = -53.85 dBc @ 3W power output. 
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Above — PA collector waveform at 3W output measured with my DSO's 10X probe. 
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Above — Set your meters on stun! DC measures to calculate PA efficiency [See RF Workbench 6]: DC power = 13.58V x 0.331A = 4.49W. RF 
power = 3W. Efficiency = RF power / DC power = 3W/ 4.49W = 66.8%. 


T/R Discussion for Single Band Transceivers 


Previous Funsters ran a simple QSK T/R circuit developed by Wes, W7ZOI in the early 1980s: a series X = 500 Q resonator with anti-parallel 
diodes between the L and C. The series capacitor presents 500 © reactance to the 50 Q transmit line so that only a small portion of the 
transmitter power flows to ground via the diodes and even less reaches the receiver input. In short, the 500 O capacitive reactance + clamping 
action of the anti-parallel diodes protect the receiver front end. 


For 1 band, this simple circuit sizzles. Two potential concerns: 


~6-9 dB loss of the receive signal making it better for lower HF, although I've seen builders add a receive preamp and use this T/R system on 
12 and 10 meters. Since both band noise and signals get attenuated simultaneously, I've rarely had readability issues on 160-30 meters in my 
popcorn transceivers. 

The anti-parallel diodes may cause IMD. The intercept for the 500 Ohm series reactances with shunt diodes is around +6 or +7 dBm. This 
might exert problems in a high performance receiver front end, but poses a non-issue with typical NE612 front ends. Many builders, including 
Wes, reduce IMD potential with 2 or 3 series diodes on each leg. Another solution includes running a PIN diode as the shunt element. That's 
what | did. 
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Above — The DSO tracing of an experiment showing the before and after effect of 2 anti-parallel diodes. The voltage across a silicon diode 


varies with the current going through it. Silicon diodes don't conduct much current until the voltage across them reaches a threshold [ typically 
~0.6 to 0.7 volts J. 


In situ, the forward threshold voltage of each diode limits the circuit voltage by clipping off AC voltage above its threshold. Clamping refers to the 
limiting of voltage in 2 directions using anti-parallel pair(s) of clipping diodes. For example, if a negative-going AC dips more than 1 diode drop 
below ground, the left hand diode will begin to conduct and clip off any voltage above its threshold. This, of course, describes the "ideal diode" — 
in real life, factors like switching speed, current-handling and temperature are all in play. 





XL = 500 Q 


50Q 


Receiver 


XC = 500 2 


Series 


Bs | 


50Q 
re a Receiver 


Tx sees Shunt 


open circuit PIN 


+12v during TX to forward bias PIN diodes 








Above — 2 possible T/R schemes. Figure A shows the classic W7ZOI T/R system with 2 diodes per leg. See EMRFD Fig 2.112, for an example 
with 3 diodes per leg. For 1 band, it's often our go-to circuit. 


Figure B shows a scheme well suited for VHF on up: Both PIN diodes get forward biased during transmit mode, however, a 1/4 wave 
transmission line lays between the series and shunt PIN diode. 1/4 wave transmission lines exert magic [actually it's pure physics that may be 
verified with a Smith chart]. When the shunt PIN diode gets biased on and grounds the receiver port end of the transmission line, the other end 
looks like an open circuit and thus power flows to the antenna port and not into the forward biased shunt PIN diode to ground. | hope to apply 
this system in future VHF and UHF projects and sadly, it's impracticable at HF. 


Funster Version 8 T/R 


As it happens, | seek experience with PIN diodes and therefore shunted a PIN diode instead of running anti-parallel diodes in the classic W7ZOl 
T/R scheme. This meant adding a transistor switch to quickly bias on the PIN diode @ key down and run alittle hang time @ key up. 


Please refer to the PA-T/R schematic. During key down, keyed 12 volts saturates the 2N4401 switch and 11 ma current biases on the PIN diode. 
At key up, the BJT switch's base voltage is held on by the 10K plus series 0.33 uF capacitor just long enough to allow the stored energy in the 
large PA collector choke to collapse — protecting the receiver. 


Feel free to experiment with the timing capacitor value. Previously, Wes, W7ZOI suggested connecting the T/R receiver port to a 50 O teminated 
‘scope for general measurement and also for clocking up RC time constants in DC switching circuits. With a 2 channel 'scope you can monitor 
the receiver port switch function in 1 channel while watching the PA collector AC voltage in the other. Now that's experimenting! Click for a 
sample from my QRP workbench. 


| chose an XC / XL of 400 O for the series L-C network. The 9.1 UH coil shouldn't be wound on a 43 material ferrite [the Qu is just too low]: a 
bigger powdered iron toroid like size 68, or even a 61 ferrite material toroid works okay from my experiments [Q's as high as 162 were measured 
on aFT50-61 @ 1 MHz in 2013]. Although this coil tunes coarsely, try tweaking the 9.1 UH inductor with thumb and forefinger during actual 
signal testing in a receiver. 


| wound the 125 uH choke connected to the pin diode cathode on a 77 material ferrite toroid to get it done with just a few turns and avoid a self 
resonant frequency close to 7 MHz. 
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Above — 50 © terminated DSO measurement of the receiver port @ 3W transmitter power. Theoretically all power should shunt to ground 
through the PIN diode, however, the diode exhibits a little resistance and the series L-C circuit contains reactance, so isolation is never perfect. 





Receiver port output low-pass filtered into 50 ohm ‘scope. Tx power = 3W $2 Agilent 
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Above — A low-pass filtered measure of the receiver port while in transmit mode. The beauty of a 50 O measurement environment shines: | 


placed a 7.36 MHz-bench module low-pass filter between the receive port and my DSO to quantify the leaked power to the receiver port as - 
14.17 dBm when the transmitter delivers 3W. Safe for my receiver. 


My sincere thanks to those who offered advice and feedback during the build of this transmitter. 


Above — Funster in the field. 


Above — Rear view of the Funster Tx. 








2. References 
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Perfecting a QSK System. QEX for Mar/Apr 2006. Markus, VE7CA. Click for pdf. 

Electronic Switching and How it Works, QST for September 1984. Doug, W1FB 

7 MHz receiver -- discussion begins on page 215 -- On page 214 in Fig 1 see the 33 pF input cap plus receiver protecting anti-parallel diodes. 
Also view the 555 timer and other T/R control circuitry in Figure 2 on page 215. 
This receiver realizes the first-ever printed version of the W7ZOI T/R system described earlier. Solid State Design for the Radio Amateur. 
ARRL,1986 [out of print] by Wes, W7ZOI and Doug W1FB. 

Transmit - Receive Antenna Switching. EMRED. First published by the ARRL in 2003. Page 6.68. 

Schematic for the 30-W, 7 MHz power amplifier. Figure 2.112 [page 2-42] EMRFD. Design by Wes, W7ZOI 
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VHF FM — Supplement 1 





This page supplements VHF FM 


1. 10.7 MHz IF Strip - with example broadcast band FM receiver 
2. NOAA Receiver Experiments @ 162.55 MHz 


1. 10.7 MHz IF Strip 


I'm inexperienced with making FM receivers and lack confidence. | began with a utility module to allow basic assessment of the circuit gain 
required for different detectors, ceramic filter bandwidths, and more so — to get something working to boost my confidence. 


The FM receiver 10.7 MHz IF standard began soon after World War 2 and 10.7 MHz still makes sense for the primitive radio builder — surplus IF 
filters still seem available in a variety of bandwidths. Although vexxing, if we suffer from receiver images at 10.7 MHz, we can always filter the 
input better, or jump up the IF and make a crystal filter for say 20 MHz. Above 20 MHz good, inexpensive, fundamental-mode crystals get hard 
to find. 


Mixer 


| chose a diode ring mixer; again. After trying other mixers such as balanced FETs, or an NE612 , | kept coming back to the diode ring. Partly I'm 
biased and partly it's from from measures like this one. Although the oscillators weren't perfectly set for a 10.7 MHz IF, the LO and RF signals 
are both > 40 dB down from the desired IF — love this. 


Since | designed a 50 QO bench module, the IF output contains a source follower to drive the IF port. In an actual "keeper" receiver, you probably 
wouldn't bother since you might just directly drive the detector, or perhaps another 330 Q input/output IF amp before the detector. 


Although | humbly build simple/primitive circuits, my design goal is never for a low parts count — each part serves its purpose. A low parts count 
ideology plus minimalism exploits the frugal and primitive homebrew nature of our brother hobbyists, however, often gets out of hand. Some 
builders just cite a low parts count design goal to rationalize a poor design. Worse yet, inexperienced minimalists often exclude vital parts such as 
DC supply decoupling and bypassing, temperature stablizing bias networks, or adequate band-pass filtering. To each his own. Please discern all 
you see or read in homebrew radio; we're builders, not lemmings. 
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Above — Click on the IF strip schematic to view it. Most all the stages were discussed on VHF-FM. My net module gain = 10.1 dB. The 2 
ceramic IF filters = 230 KHz Muratas with a measured average loss of 6.15 dB each. 





Above — The boxed up circuit contains 3 SMA jacks. Click for a photo of the completed breadboard. 





Above — A close up of the mixer, diplexer and JFET amp, although the SBL-1 mixer is disconnected. This board contains a temporary BNC jack 
to allow testing of the non-mixer parts such as JFET gain, diplexer loss, return loss, to confirm the tuning cap choice and also to look for any 
UHF oscillations eminating from the FET, a UHF part. Click to zoom in on the common gate amplifer with its gate lead soldered as close to the 
plastic case as possible. 


Detector 


| tried to homebrew my first IF amp +/- limiter and detectors , but felt unhappy with their performance, failures, circuit complexity and/or noise 
issues. Click click or click for 3 raw, miserable design examples from Winter 2014. Discouraged; after 2 months of lamenting, | opted for an IC 
detector subsystem. 3 relic part choices might include the CA3089, SA604A or LA1150. 


In my case, the CA3089 suited me best and offers a lot: a double-balanced quadrature FM detector with limiter + IF ampifiers; squelch, AFC, 
AGC, AF preamp and the potential for high-fidelity FM reception. All that's required is an outboard detector resonator — easy to build with a 
powered iron toroid plus a fixed + trimmer cap. 

Price + shipping varies widely, but last year, | got 5 shipped to me from Europe for $7.25 USD and these will make 5 receivers — not bad at all. 
What hobby isn't expensive? 


I've even read that some builders used the CA3089 for an S-meter amplifer, although its logarithmic compliance is far from stellar. You'll need to 
download the CA3089 datasheet. 


Let's build a receiver: 


98.2 - 
119.4 MHz 





Above — The block diagram. The antenna = 1 meter piece of wire soldered to a SMA jack that was threaded into a brass sheet to fashion a 
crude ground plane. No LNA or input band-pass filtering was employed. 
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Above — The temperature compensated, free running VFO. Normally we should run a VCO-PLL, digital contraption, or a VFO/VCO with ALC 
feedback, but this thing worked fine to learn on. 


Detector Assembly a 
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Above — The detector assembly. To match to the 50 IF strip port, | employed a common base amp with a 330 O collector resistor driving a 
final 230 KHz wide "tail end or mop up" filter. In many designs you could simply drop this amp as the gain isn't really needed. On the other hand, 
the CA3089 contains a limiter and it won't hurt at all. 


To make the detector coil, a small square island was carved on the copper clad board. The island was bisected so that pin 9 soldered to 1/2 the 
island and pin 10 to the other half. The 3K9 R, 56 pF C and a small, high Q SMT trimmer capacitor bridged the 2 islands. Finally, a 2.23 UH, T50- 
6 toroidal inductor was soldered across the 2 islands. 


Tune a station and peak the trimmer cap for the most crisp sounding audio — it's set and forget. When driven with enough signal for full quieting, 
the CA3089 delivers very low distortion — the FM receiver in my truck sounds worse. 


An RFC provides a DC short across pin 8 to 9 and keep ~5.5 VDC bias on the pin 9 transistor base. The minimum inductance should be 10X the 
detector coil. | wound my RFC with 6 turns on a BN43-2402 [ 35 pH ] , but any old #43 ferrite wound choke >= 22 UH should work. For my 
chokes, | prefer a low # of turns on a binocular core to avoid any SRF issues. 


Since the CA3089 contains a powerful audo preamplifer, only an AF power amplifer with low gain is required. | opted with the old LM386, but in 
future, better, "keeper rigs" I'll add an op-amp tone control stack driving a pair of power followers for good measure. 


AF POWER AMP 








Above — Final audio power amp: an LM386 set for a voltage gain of 20 with some low-pass filtering and stout DC line filtering. 
Click for a photo of the detector and LM386 assembly. Click for a better view of the outboard resonator and nearby RFC. 
Outcomes 


After connecting the VFO, antenna, IF strip, detector assemby, speaker and powering them up, loud FM radio blared through the loudspeaker. | 
tuned every local FM station with full quieting and felt surprised that despite no band-pass filtering, plus no RF preamp, it worked and sounded 
so well. 


Further experiments showed that inserting as much as 15 dB attenuation between the IF stip and the detector assembly still kept full quieting on 
all the stronger stations. In some cities with multiple, strong FM stations, input band-pass filters will be needed. I'll cover that in a later 
installment. 


| connected this VFO to the IF strip and tuned in my local NOAA weather station at 162.55 MHz. Click for a photo of the VFO built on a piece of 
bent copper sheet metal. 


Future experiments may include changing ceramic filter bandwidth, trying different mixers, applying varactor-tuned input band-pass filters for 
strong FM environments and for FM Dxing. Finally, I'll design a low-noise preamp with a common gate JFET and/or a dual-gate MOSFET. 
Utimately, | hope to make a dedicated NOAA weather receiver, a broadcast FM Dx receiver and then some narrow band FM jobs for 2M or 6M. 
The future looks good. 


Audio sample one : a few local stations [ mostly recorded before | added the negative feedback on the LM386] 
Audio sample two: a weak signal [our provincial Highway Report] that doesn't reach full quieting. 


Thanks. 





2. NOAA Receiver Experiments @ 162.55 MHz 


| document some raw experiments and hopefully 1 day will make a good receiver for my local NOAA FM broadcast. 
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Above — | built a VFO for 173.25 MHz with fine tuning for my local, NOAA weather report receiver @ 162.55 MHz. The fine tuning 2- 6 pF 
variable capacitor in series with an ATX 0.5 pF chip cap resolves 10's of kilohertz to permit tuning narrow band signals. You'll especially need 
fine resolution tuning when applying ceramic IF filters <= 150 KHz. 





Above — The 2 VFO air variable tuning capacitors. Click for the circuit breadboard with a tuned, common emitter buffer, that I'd rather not show [ 
because it sucks ]. | ran the VFO into a bench module to boost the power up between 5 and 10 dBm in my experiments. 


Since @ VHF, my VFO went on 2-sided FR4 board with several wire vias joining the 2 surfaces. We normally avoid double sided boards for 
VFOs since doing so makes a low Q, potentially moisture absorbant, undefined temperature coefficient "capacitor" that may worsen temperature 


drift. For bench learning and in particular, FM reception, temperature stability tested adequate and | can listen for hours without retuning. 
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Above — The entire receiver with a cascode mixer from EMRFD. In experimenter's mode; | tried out many ideas. For example: different 
bandwidth IF filters [ settled on 230 KHz ] , 1 versus 2 ceramic filters, or eliminating the 2N3904 amp [ 2 better drove the CA3089 ]. One salient 
learning — IF filters may possess a wide variation in center frequency and thus if you have a sweeper, matching them might be useful. In this 
receiver topology, you don't need to match 230 KHz or 280 KHz ceramic filters; the mismatch became noticeable with a <= 150 KHz 3 GB filter 
bandwidth. 


| boosted the VFO signal with a common base amp — | varied the power into this LO amplifier by applying different strength attenuator pads. 
Between 1.5 to 2 Vpp on the mixer gate gave a reasonable compromise of conversion gain, noise and easy-to-get VFO power. From EMRFD, 
maximum conversion gain occurs when driven with 5 Vpp. 


This unbalanced mixer worked fine, however, without a metal case, | heard a little hum from my DC supply and noises from household appliances 
such as the clothes washer and fridge. This receiver suffered from microphonics as well. The AF amp was a LM386 set for gain = 50. 


A simple LC resonator tuned the mixer RF input and proved essential. | tried different ways to couple a 25 cm long wire antenna such as tapping 
the coil and an L- network, however, my main antenna peeve was severe hand capacitance effects. Although this receiver does not require a 
preamp for RF gain, the isolation seems needed. If you put your hand near the telescopic whip antenna of my Realistic Pro 2020 scanner, no 
noise or RF disturbance arises. 


From studying scanner and FM receiver schematics, most rigs contain a dual-gate MOSFET preamp for a low noise figure and high input 
isolation. These MOSFET amplifiers feature input and output tuning, although with slug-tuned inductor cans and the oh-so-typical varactors, the 
resonator Q runs low. 
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Above — | quickly built a tuned-output common base amp to study front end isolation. | removed the existing resonator and connected this to the 
JFET mixer gate. It eliminated antenna hand capacitance effects. Click for a sound byte of the receiver with this preamplifier and a 20 cm wire 
antenna attached to its input. [ 206 KB download ]. | reckon some of my receiver problems arose from the mess of unshielded boards, modules 
and wire on my bench. 


Tuned Input with a 2-Gate MOSFET [162.55 MHz] 


A dual gate MOSFET preamp concluded this day's experiments. Tests of a simple input network follow: 


input Assessment 1 
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Above — Input Assessment 1. To examine the input without any output network effects, | loaded the BF998 drain with a 51 Q resistor and 
matched the input parallel resonator for the greatest input return loss [-S21] by tweaking the series SMD trimmer capacitor. After setting the best 
input return loss [ 21 dB ], | swept this amp. 


The XL of the 96 nH air wound coil = 98 QO and the XL and XC of this tank may be scaled to other frequencies by keeping the reactance values 
shown or choosing your own. For example; a coil for 50 MHz where XL = 98 Q = ~312 nH. | discussed and swept the ferrite bead soldered on 
the FET drain in Section 1 of the VHF Veronica web page. 
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Above — A sweep of the Input Assessment 1 amplifer. Although easy peasy to adjust, series matching the resonator to its input load results in a 
slipshod right-hand [low-pass] skirt. Click for a screen shot showing the amp's 3 dB bandwidth. 


Input Assessment 2 
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Above — Input Assessment 2. After measuring a poor low-pass skirt in Input Assessment # 1, | opted for the conventional tapped transformer to 
steepen the low-pass skirt response versus frequency. My sweeps did show a better low-pass skirt shape . Finally, | built a "real" amp and 
soldered in a broadband output network, tweaked the bias scheme + limited the VDD with a series 150 OQ resistor. A higher value input resonator 
trimmer cap is required for this amplifier versus that in Input Assessment # 1. 
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Above — The final 162.55 MHz preamp schematic + some measures. Click for a breadboard photo. Click for the gain measurement with a TG & 
SA. | measured the same S21 [ within 0.3 dB ] using my VHF signal generator plus my 50 Q input DSO. | didn't push too hard with the gate bias 
or VDD, since neither maximal gain nor parasitic oscillations were sought. Click for a zoom of the filter peak response. Click for a wider sweep to 
see the right-hand skirt response. 


Built on 2-sided FR4 with short cut paths to fit mostly size 0805 SMD parts, | placed via wires on every ground point and detected 0 unwanted 
oscillations from HF to 3 GHz. 


A bare copper wire coil allows us to set the input impedance tap point anywhere along the wire — unlike the integer only tap points provided by 
magnetic toroid-based transformers. In LNA design, many builders set the input tap point for the lowest NF with the amp in noise figure test 
mode. Another vanilla flavored option is to set the tap with the amplifier input connected to a return loss bridge while adjusting the tap point for 
the best input return loss — that's what | did. My S11 = - 16.9 dB with my final tap around 1.2 turns of the total 7 links on my 96 nH coil. 


The output transformer presents a poor match to 50 Q with a S22 of just -12 dB. | plan to put a 4 dB pad after it for my NOAA receiver, so it's 
okay. Some might chase a better output return loss and also perhaps tune the output for better band-pass filtration. 


Your FM receiver preamp might need better input filtration, however, if a simple design works, then simple rules! Have fun with your own 
experiments. 







































































































































































































































































































































































RF — Test and Measurement 
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Pin Outs 





Mini-Circuits Labs SBL-1 and TUF-1 diode ring mixers 


...more later 








MCL SBL-1 





Above — Normal set-up: Ground -- Pins 2, 5, 6 and 7. LO -- Pin 8, IF -- Pins 3 and 4, RF -- Pin 1 





MCL TUF-1 





Above — RF -- Pin 1, IF -- Pin 2, Ground -- Pin 3, LO -- Pin 4. 
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KL7R Memorial Receiver Experiments 





Introduction 


This web page is a memorial to Mike Caughran, KL7R, who died 
suddenly in January 2007. Mike was a passionate experimenter who 
was embraced by the homebrew radio electronics community. He was 
best known as the co-creator of and sidekick to Bill Meara, MOHBR on 
the podcast Solder Smoke. Mike was a hardcore science and 
technology buff. His knowledge of general science and curiosity about 
minimalist RF designs was amazing. | worked Mike on 40 and 80 
meter CW and later by voice on eQSO. Mike was the first person to 
refer to this web site as the "popcorn site". He held an interest in 
digital circuits. In tribute to Mike, a series of receiver experiments 
which includes some digital circuits are presented. Mike Caughran will 
be remembered as a remarkable, kind and passionate homebuilder. 


Navigation 


There are 3 linked web pages associated with this KL7R tribute web 
page. 


1. Mike's personal web page His own web page memorializes him best 





2. Supplemental web page Additional schematics and photos which 
supplement this main web page 
3. VFO web page Describes the VFOs used for these experiments 


My special thanks to Wes, W7ZOI for his coaching and suggestions to improve many of the circuits on this web page. This web page 
borrows heavily from his designs as presented in EMRFD. 





Receiver Description 
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Shown above is the receiver block diagram. The KL7R memorial receiver depicted on this web page is the final output of many hours of 
experimentation. Most of the circuits or circuit ideas originated in EMRFD. 

From our conversations, Mike was always challenging himself; experimenting, testing and pushing his knowledge threshold. The joy of discovery 
motivated him. Fired by his spirit of inquiry, | explored methods to build a receiver containing at least 1 digital circuit. On many days, | 
accomplished nothing. The circuits did not work and little to no progress was made. These were the difficult dry spells all experimenters must 
endure. Design and circuit failures can be very disheartening. | also wasted a lot of parts. However, | kept going and slowly successes occurred 
and my confidence rose. The end result was a little more knowledge and a cool, popcorn, direct conversion receiver which | hope will provide 
ideas and inspiration for your own experiments. 





Double Tuned Band-pass Filter 
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Figure 1 shows the front end band-pass filter. If you can't obtain a 3.3 pF coupling capacitor, try this other 7 MHz band-pass filter circuit or 
perhaps just design your own. See the Webmaster's page for information concerning many of the parts used on this web page. 











Shown above is a photograph of the Figure 1 breadboard. The inductors were spaced apart at right angles to reduce unwanted coupling. The 
copper clad board L-C tank divider is not necessary. The 51 ohm load resistor seen to the right was removed after testing. 
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Shown above is a GLPA simulation of the Figure 1 band-pass filter. Xopowo. 


Product Detector Experiments 
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Shown above in Figure 2 is the BJT driver, D flip-flop and the CMOS switch product detector. The 14 MHz VFO connects to Q1 via a 0.1 uF 
coupling capacitor that is shown on the VFO schematic. A dual FET bus switch (CBT3306) serves as the product detector. The on-resistance of 
this switch is only around 3 ohms! If you are ambitious, you might try using a 14 pin SOIC switch such as the QUAD FET SN74CBT3125DR with 
2 pairs of the 4 switches wired in parallel. | tried 3 different CMOS switches in the U2 slot. The other switches were the MAX4066CPD and a 
74HC4053 (wired up appropriately using their datasheets). The insertion loss and performance of these 2 switches was disappointing. My bench 
standard for comparison was a 7 dBm diode ring mixer. Numerous experiments were performed. For example, | tried running the 4066 at 12 
volts VCC to minimize its on-resistance and had to modify most of Figure 2 as well. Being new to digital, blending 5 volt and 12 volt logic IC 
required great effort to get it working properly. These experiments consumed the better part of 2 days. My conclusion was that if you are going to 
go to the trouble of make a CMOS switch work, you might as well use a part that has a low on-resistance. Hence, | have since abandoned using 
DIP IC CMOS switches (4053, 4052, 4066 etc.) as mixers and product detectors. They may still be a good choice in your own context. 


The CBT3306 is outstanding and very similar to the diode ring mixer with respect to insertion loss and audio quality as a product detector. There 
are some other good CMOS switches you might try. | chose the CBT3306 because it was SOIC (the largest of the common SMT topologies), 
costs only 77 cents (Canadian dollars) and only has 8 pins to deal with. Pragmatism on the workbench is always good! 


SMT versus VE7BPO 


The difficulty with using the CBT3306 was that | had to learn about and equip for SMT. | ordered the switches and after their arrival, hesitated to 
do anything with them for 5 days. | managed to borrow a magnifier and bought a SOIC prototype board and some flux. Still, | seemed to be 
paralyzed with fear about soldering U2. | was stuck. For inspiration, | went back to Mike's web site and found this web page. Here Mike was 
working with a 18 pin SOIC chip and | was worried about a mere 8 pin IC! Part of the problem was my relatively poor eyesight. | learned this 
can be managed with a magnifying visor. | bought mine here , but only after U2 was soldered in. The borrowed table magnifier was okay, but 
constrained arm movement and reduced lighting. The visor seems to be a better choice. 


be Pull 


ay 
| 
. 
3 








Shown above is the CBT3306 soldered on my prototype board. | put flux on the board traces and then tinned them. Following that, | lined up U2s 
leads on the traces and began soldering. The bottom pins (pins 1-4) did not go well, but they were soldered all the same. Following that, the 
soldering of pins 5-8 went very well. | was very happy; the SMT monster had been tamed! It was learned from Wes, W7ZOI that many builders 
use Surfboards for SOIC applications. | will get some for future SMT IC work. Using SMT parts in your Ugly Construction allows you to use parts 
which are unavailable otherwise. Increasingly, good old DIP ICs are disappearing from catalogs and some new parts are appearing as SMT only. 
It makes sense to jump in and use SMT parts when it is advantageous for spec reasons, or if miniaturization is required. 


With some effort, the Figure 2 circuit could be morphed into Colin, G3SBI's H-mode mixer format. Not on this web site though! If you Google "H- 
mode mixer" , many good websites will be returned. 


The product detector's baseband audio output is at the 47 uF capacitor which connects to Q1 of Figure 3. A simple 51 ohm, low pass network is 
used to terminate U2. This is from W7EL's An Optimized ORP Transceiver from QST for Aug 1980. | have some more information regarding AF 
termination circuits on this web page. You may wish to increase the 170 uH inductor value somewhat to get more low pass filtering. The product 


detector circuit is the number one potential source of hum and noise in this receiver. Take the time to plan your layout to minimize wire length 
and crossing and provide some physical symmetry. Decouple well. 








Shown above is the product detector. At this point, | had not decide how to terminate U2 and had soldered a shunt 0.1 uF cap and 51 ohm 
resistor to the switch output. U2 is dwarfed by the FT37-43 toroid; a part we normally think of as small in size. 








Figure 3. Photographs of the FET bus switches | have in my collection and the pin-out for the 14 pin CBT3125 








A diode ring mixer was used as a reference mixer in the product detector experiments. 
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Shown in Figure 4 is the audio preamp and first low pass filter. Direct conversion receivers are all about audio. High performance DC receivers 
have become more common since Rick, KK7B unleashed his R1 on the world in 1992. High performance receivers are out of scope for this 
popcorn website, however, this design is welcome. The entire audio chain uses low-cost 5532 op amps, cheap BJTs, plus fairly common resistor 
and capacitor values. Poly"something" capacitors were used for all audio AC coupling and shunting capacitors of 4.7 uF or less. 


For hum immunity, the familiar BJT capacitive multiplier popularized by Roy, W7EL was used at Q2. Using a high-end spectrum analyzer, Wes, 
W7ZOI demonstrated that this circuit can oscillate. He detected oscillations at UHF. Thus, Wes recommended using a 100 ohm snubber resistor 
on the Q2 collector to alleviate these parasitic oscillations. Additionally, 2 diodes were added in parallel to the 100K base resistor. This provides 
an instant-on feature for the audio preamp, as normally there is a time-constant delay when you switch on the receiver. | like this feature, but it is 
purely optional. 


Q1 is acommon base amp biased for 0.54 mA. Therefore, the input impedance is 26/0.54 or about 48 ohms. The 6K8 + 2K2 collector resistors 
were paralleled so that the quiescent collector voltage was close to 6.1 volts. You could also substitute a single 9K1 resistor, although this is an 
uncommon value. This voltage provides the approximate VCC/2 bias needed for U1a and U1b. Connecting the Q1 collector directly to the pin 3 
op-amp input allows the exclusion of a coupling capacitor and the usual VCC/2 resistor network used to bias the 5532 op-amp from a single 
power supply. | borrowed this from EMRFD. 


The gain of U1 is set by the resistor labeled Rg1. If after testing, the AF gain is too high (for example if this AF stage was used ina 
superheterodyne receiver), simply lower this resistor value. | chose a 22K ohm resistor to allow enough gain for weak signal listening. On louder 
stations, you will need to lower the volume control to prevent distortion in the stages that follow as overall, there is a lot of gain in this AF chain. 
Adjust the Rg1 value to suit your needs. If you use a switch such as a 4052 for U2, or your receive antenna is small, you may want to increase 
this resistor a little for more gain. This is an experimenter's receiver after all. The 0.0022 uF capacitor in the op-amp feedback loop provides a 
single pole of low pass filtering. | ran this capacitor as high as 0.0082 uF. This gave a theoretical 3 dB cutoff frequency of ~ 880 Hz, but the 
receiver lost its sizzle. Experimentally, | learned that using a 0.0022 uF feedback capacitor on both U1A and U2A dropped some of the high 
frequency noise while preserving some sparkle in the received audio. 


The audio preamp chain is concluded with a 750 Hz low-pass filter. Resistor values were kept low to minimize noise. All the active low pass 
filters are low Q, Sallen-Key designs with a Butterworth response. They are stable, easily scalable and brain-dead simple. These filters are 
fatigueless due to their gentle cut off slope. | actually had a 0.30 uF capacitor in my parts collection, although it was a 600 volt rated part from my 
tube amp parts bag. You could use two 0.15 uF capacitor in parallel or just substitute a 0.33 uF capacitor. If you can't find a 500 ohm volume 
control potentiometer, swap in whatever you have, but try to keep the resistance low. 


750 Hz low-pass filter 





In Figure 5, the remaining preamplifier stage and low-pass filters are shown. Rg2 was chosen for the same reason as Rg1 in Figure 4. Please 
experiment with these values. The low pass filter stages are scaled up by a factor of 10 as resistance values are less critical at this point in the 
audio chain. You could use the same resistor and capacitor values used in the first low-pass filter or use the Figure 5 values for all of the low- 
pass filters. Very often, our parts collections dictate how we experimenters design and build circuits. 
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Figure 6 is the power amplifier schematic. Apart from field portable transceivers where headphones are used to save battery power, | exclusively 
listen to my receivers via a loudspeaker. This safely allows the exclusion of AGC circuits. You may have noticed that AGC circuits have not been 
presented on this web site. | rarely use them. The extensive VCC decoupling in Figure 6 is needed in this high gain AF chain. The 1 ohm emitter 
resistors in the finals invite instability, but were tamed with the 10 ohm / 0.1 uF low pass filter. My original design called for 2.2 ohm emitter 
resistors, but none were available. This final amplifier is moderately loud and very quiet. When it was first built (the AF chain was built 
backwards), you could not tell it was on when no signal was applied. With no antenna connected to this receiver and the volume on full, there is 
only alittle noise. This is a good way to test a receiver AF chain for noise. Speaker choice is also important. Speakers of a greater power rating 
and size sound better; especially when mounted in a wooden cabinet. 


Biasing power amps has been discussed extensively on this web site. Ensure you measure and record your quiescent DC voltages as shown in 
Figure 6. If you hear cross over distortion or the quiescent voltage between the bases of the paralleled final transistors is less than 1.25 volts, try 
decreasing the 6K8 resistor to 5K6 ohms. 











The final preamp breadboard is shown above. You can tell by all the grunge and the solder marks, that many different configurations were 
trialed. Despite looking haggard, the AF chain is quiet and does not hum nor detect broadcast radio. 








Shown above is an early breadboard of Figure 6. In this version, the volume control was at the input and a voltage divider network was wired to 
pin 5 to provide VCC/2 bias. Testing with an audio signal generator, a tape player and other sources were performed. Later, the biasing resistors 
and the potentiometer were removed and the Figure 5 stage was added to the copper clad board and tested. 


Final Thoughts 


We are remembered best by those whom we affect. Certainly Mike's unique perspective and enthusiasm inspired me to dig deeper into this 
hobby. | asked Bill, MOHBR, for a quote to conclude this web page. Bill wrote this: "Just last week somebody was asking me for background info 
on Mike's DSB modification of the Heath HW-8... | think it is a real tribute to Mike that years after his passing, hams around the world are still 
talking about him fondly, still visiting his web site, still following his lead on homebrew radio projects. Certainly among the 3,000 + listeners of the 
SolderSmoke podcast, Mike is present in spirit every time a soldering iron is heated up." Thank you Bill. 





My heartfelt regards to Mike's family. 
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Supplement to the VFO 2009 Web Page 





This web page is a supplement to the VFO 2009 Web Page 


Figure 10 Bipolar Transistor Notes 












no Connected 
signal to 
VFO 





This circuit is from EMRFD and is an analog to digital interface for the VFO. | did not understand the circuit, so | asked Wes, W7ZOI to explain 
his design criteria and the basic circuit function. This transistor circuit is a driver. The purpose of this transistor driver is to positive edge trigger a 
D flip-flop. The paramount criterion was that the transistor collector has a quiescent bias voltage that fell between the minimal acceptable logic 
high and logic low DC voltages on the 74HC74 clock input. See this chart for details about this topic. The correct DC collector voltage is set via 
feedback from a voltage divider (in this case, a 10K and 4K7 resistor). The collector DC voltage (Shown above in Figure 1A) was 2.36 and lies 
perfectly between the logic low and high state of the 74HC device that it drives. 


This transistor circuit is also a high gain amplifier, however, its primary function is a driver. Refer to figure 1B. When connected to the VFO 
output, the base voltage drops to 0.30 volts. This is an average DC voltage because it fluctuates as the AC waveform swings up and down. More 
or less AC drive on the input will change this DC voltage. 

When connected to the VFO output, the collector voltage dropped to 0.71 VDC. Again, this is just an average, as when the AC swings positive, 
the the collector voltage will drop down to saturation (where collector voltage is less than base voltage) and then increase towards the positive 
supply. It does not have to go into cutoff; just to 3.2 volts or so. It also does not have to go into saturation; just to below the 1.3 volts or so. Thus, 
the transistor remains between cutoff and saturation when appropriately driven with a sine wave. 


Our VFO serves as the clock and data on the D flip-flop inputs are only transferred to the flip-flop's outputs on the positive edge of a clock pulse. 
Positive edge triggering means that the output only responds to the input changes when the clock signal transitions from logic low to logic high. 
What a fantastic little circuit! You can find additional information and some practical examples in EMRFD. My special thanks to Wes, W7ZOI for 


helping me to better understand his design. 


Positive Edge Triggering 





Leading or Trailing or 
positive edge negative edge 








The triggering of a positive edge triggered flip flop is better understood viewing a graphic like above. The instant the waveform goes positive, the 
flip flop is triggered. It is easy to understand why a square wave is desirable for clean triggering. 
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Radio Amateurs of Canada Support Page 
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Commentary for Canadian Radio Amateurs 


A significant number of licensed Canadian amateur radio operators do not support their national amateur radio society: Radio Amateurs of 
Canada Typically support is by membership, but may also include volunteering time to perform the various functions required to run a large, non- 
profit organization. It has been demonstrated repeatedly, that a small percentage of people are doing most of the work in modern volunteer 
organizations. 


Some thoughts concerning volunteerism 


Volunteerism is down in many sectors including service clubs, meal delivery programs, church groups, volunteer firefighters radio clubs, etc. etc. 
The population is aging and our current volunteers are retiring; Younger folks have so many distractions and things they can do today. We now 
live in a world with 200 plus TV channels! The spirit of volunteerism seems to be decreasing in the western world. 

There is some evidence that people who donate their cash to charities also tend to participate in groups, associations and organizations. Is this 
a characteristic or trait? 

People volunteer for causes they believe in. What do people believe in now? Is our culture too self-absorbed, individualistic and focused on our 
own personal agendas and pleasure? 

Economics. Are young to middle aged people less able to volunteer and contribute because they are spending more of their time working? 


RAC Membership 


If you haven't, please consider joining the RAC. | joined out of respect to the many RAC volunteers who have devoted their personal time and continue to 
toil to keep amateur radio viable in Canada. We cannot take our currently allocated radio frequency bands for granted. There are groups who for profit, want 
to apply technologies which will consume or interfere with the radio frequency bands we enjoy. Canadian amateur radio needs a strong, united voice to 
survive into the future. 

Apathy and lack of awareness may significantly decrease the rights and privileges we enjoy as radio amateurs today. The least we can do is support our 
national amateur radio society. It would be even better if more of us contributed by volunteering our personal time towards our wonderful radio hobby and 
serving the RAC. 





The RAC Journal The Canadian Amateur is an excellent resource. Sept-Oct 2009 marked the first ever antenna issue. 








Old QRPHB Web site graphics... 
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Info on the Popcorn Superhet RF Amp 





Discussion 





| have received a lot of emails regarding this RF amp from the popcorn superhet receiver. 
This amp was designed using a calculator and as it turns out, my input and output + 13.8 YDC 
impedance was off by several ohms from the target 50 ohms input Z and 200 ohms output 
Z. Today we have computer programs to calculate the resistor values, so crunching the 
math is not a factor any more. This RF amp is preceded by a 50 ohm diplexer and followed 
by a 200 ohm pad, so it actually matches the preceding and following stages very well 
considering that it is clearly depicted to be a popcorn receiver. If | had to redesign this amp 
in 2008, | would use software to design a CE amp using "noiseless" Norton feedback, Still, 
this was a good sounding receiver at the time. 

Probably the weakest section of this receiver is the audio preamp from Q5 on through to the 





LM386. | would likely never use these noisy stages in 2008-9. Instead | would use low 150 
noise op amps. This web site like my own abilities has grown over time. In the following 
section, | have paraphrased some writing from Wes, W7ZOI concerning the Q2 RF amp. 3 
*% 

: 600 
An Analysis by W7ZOI 5.6 
The input impedance of a common emitter bipolar transistor amplifier is related to the 1 
standing current, the emitter degeneration resistance, the transistor beta, the F-t, and the x -6dB Pad 

IF Preamp (200 ohm) 


operating frequency. Most of those details can be well modeled with the hybrid pi model. If 
you put quite a bit of emitter degeneration in such an amplifier, the gain drops while the 
input impedance increases. However, it is much less dependent upon beta and frequency. 
The emitter degeneration is one form of negative feedback. But now we introduce a second 
form of negative feedback by applying some of the collector voltage to a resistor that generates a current that is fed back to the base. 

This feedback tends to reduce gain just as does emitter degeneration. But it also tends to reduce input impedance. By playing a careful 
balancing act, you can design an amplifier that has a 50 Ohm input and output impedance with a reasonable amount of gain. This particular 
circuit has a gain of 21.7 dB at 10 MHz and an input return loss of 14 dB. The output return loss is even better at 18.6 dB. Z-in is 39-j14 while Z- 
out is 172-j34. 





These are calculated values using that hybrid pi model. | have devoted a few pages to a discussion of this feedback amplifier topology in the 
ARRL 2003 book, Experimental Methods in RFE Design. This was co-authored by KK7B and W7PUA. You can get the book on line from the 
ARRL. The book includes computer programs that will handle the design chores. One deals with bias issues while another does the RF design 
and analysis. 


The RF amplifier under discussion may be found on this web page 
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Discussion 3 MHz VFO 


This VFO was first popularized by 
Roy Lewallen, W7EL and has been 
used in countless homebrew and 
commercially sold QRP rigs. For the 
40 meter ugly super hets, you have a 
choice of a VFO frequency of 3 MHz 
or 11 MHz and | chose the former for 
this website. For L1, you can use the 
T68-6 as shown or redesign your 
own inductor using a T50-6 core. The 
T68-6 core allows the builder to wind 
the coil using # 24 AWG wire for 
enhanced Q and stability. The main 
tuning capacitor, C1 that was used 
had a built in reduction drive and Qi J310, MPF102 


went from 4 - 19 pF. If you use a Q2,Q3  2N3904 
tuning capacitor with a greater L1 44turns 168-6 , Tap at 11 turns from grounded end drawn 02/02/94 


10 


+ 13.8 VDC 


To Mixer 







L1 











C2 C3 1N914 








capacitance swing, you may have to 

connect it to the top of L1 via a small-value NPO capacitor to reduce the tuning frequency range. This can be done using math or by just plain 
experimentation. C2 is a small ceramic air-variable trimmer from my junk box used to set the lower band edge of the VFO. It can be omitted if the 
user wants to go frugal and experimentally set the lowest frequency of the VFO using small-value ceramic NPO caps. Air variable caps for C1 
and C2 are mandatory for minimal drift VFO operation. C3 actually refers to 4 NPO ceramic caps which were used to place the VFO on the 
correct frequency. Four caps were used to minimize heating and thus drift in the VFO. For the prototype VFO which tunes something ~ 3.00 to 
3.67 MHz , | used the mentioned air-variable, four NPO ceramic caps (20pF,100pF,5pF,100pF) and C2 the trimmer cap that went from 2 - 50 pF. 
These values should be used only as a guide for prospective builders as there are many variables at play. Following a 10 minute warm up 
period, the VFO frequency stability is excellent. Again, keeps all component leads as short as possible. T1 is a broadband transformer wound by 
using 20 turns of # 26 AWG over a FT37-43 toroid core and then distributing 5 secondary turns spaced evenly over the primary windings. Do not 
omit the 33 ohm load resistor. The 2.7 to 3.0 pF coupling cap should also be of the NPO ceramic type. Q1 can be the J310 (my favorite) , 
2N4416 , MPF102 or other correct substitutes. 


This VFO should be in a separate sealed, shielded box from the rest of the receiver 


VFO Stability Hints 


Numerous tips for enhancing VFO stability have been generated from Wes Hayward, W7ZOI, Roy Lewallen, W7EL, Doug DeMaw, W1FB and 
others. Here are a few summarized: 


Use air wound or powderec-iron toroidal inductors made from number 6 material. 
Use the heaviest gauge of wire possible to wind your inductor. 

Anneal the inductor by boiling it in water for around 5 minutes after winding. 

Use ugly construction above a SINGLE-SIDED copper side up ground plane. 


£0. OOO! 


Capacitors in the L-C circuit should be NPO ceramic type. 

Use air variable capacitors for tuning that have double bearings and no backlash. 

The VFO should be operated at a lower regulated voltage. 

Do not use cheap low-Q trimmer caps. 

Completely encase the VFO to prevent RF leakage and to minimize environmental temperature changes. 
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4 MHz BFO for 40M Popcorn Superhet Receivers 





Discussion 4MHz BFO 


Shown is a 2 stage BFO for use with the Ugly 40 + 13.8 VDC 
meter superhets with a 4.00 MHz IF. This is a 
design by W7ZOI which | have used from 3.5 to 9 
MHz by only changing the crystal and the Q2 
output coil and capacitor values to suit the 
frequency of choice. The output coil is 59 primary 
and 12 secondary windings on a T68-2 toroid core. 
You will need in the order of 79 pF to resonate this 
coil, thus a 68 pF plus a 5-20 pF variable works 4.00 MHz 
well. If you do not have a T68-2 core, a T50-2 Crystal (—] 4K7 5-20pF 
could be used with 30 AWG wire which is a bit 
difficult so you could opt for an XL of 200 ohms 
which would be 40 primary and 8 secondary turns 
on a T50-2 core. You would need ~200 pF to 4A 

resonate such a coil and the BFO would have ae 

reduced output power, but would still work okay. If Q1,Q2 2N3904 

you design your own tank, you probably should D1 9.1 volt 400 mW Zener Diode 

not use an XL/XC less than 190 ohms for the L1 19.8uH, XL = 498 ohms 168-2 Toroid 59t Primary 12t secondary 
output stage at 4 MHz. Use a 5:1 turns ratio for 
primary to secondary windings. 






To Detector 


60 pF 











3 Element Low Pass Filter 


L1 
From BFO — To Detector 


| a oe! 
i Ae c2 








wouldn't hurt to follow the Popcorn Superhet BFO with a low pass filter. A simple pi-type 3 element filter is suitable. Since | had a couple of 470 
pF caps left over, | made a low pass filter using a 6.8 MHz cutoff frequency with a 1.17 UH inductor. A 1.17 uH inductor using a T37-2 core 
requires 17 turns while on a T50-2 core requires 15 turns. Caps were inexpensive monolithic ceramics from Digi-Key. The filter is shown below, 
L1 = 1.17uH , C1 and C2 = 470 pF. If you want, you may use other cutoff frequencies to suit any junk box caps you have on hand and use an 
XL/XC of 50 ohms. 


Construction 

Keep component leads as short as possible to promote stability. Do not omit the zener diode D1. | thought of using a small ferrite bead on the 
base of Q2 and will try it on the next version of this BFO that | make. The BFO, if unstable can break into all sorts of weird AF sound effects that 
are very annoying. The BFO should ideally be in a shielded box, but many amateurs have good results by just placing the BFO strategically in 
the receiver chassis. When winding L1, make sure you wind the secondary coil so that the secondary's grounded end is on the cold side of the 


primary coil that connects to the 100 ohm resistor and positive voltage. | just pick one end of the primary coil and close wind the secondary coil 
from this point in the same direction for the correct number of windings. Then the starting point of the secondary can be grounded and the other 
end connected to the detector or a low pass filter. After building the coil, temporarily place a 51 ohm resistor from the secondary output lead to 
ground. Then you can test and peak the tuning of the output tank into a load. Leave the resistor in place for all your testing work such as crystal 
matching or RF stage testing until you are ready to connect it to the product detector. The 60 pF variable cap connected between the crystal and 
ground is used to set the beat frequency of the BFO. Adjust it to get a good sounding beat note when listening to a station. You will notice that 
the beat frequency can be tuned roughly by just listening to 40 meter band noise in the headphones and then tweaked on an active QSO. 


QRPHB Archive Schematics 


ame oe UGLIER SISTER 40M SUPERHET 


Ferrite Beads 
10pF 


| J oope” | 


20pF 20pF 


Bandpass Filter 


L1 


Diplexer 


+ 13.8 ¥DC + 13.8 VDC 


Q1, Q2,Q3 2N3866 , 2N5109 etc 


T1 See text 
T2,T3 10 bifilar turns #28 AWG FT37-43 toroid 


L3 18 turns #26 AWG on a FT37-43 toroid 


300 pF 300 pF 
HOKSOK OHA 
a a 


1N4148 


-6dB Pad 300 pF 


eres (200 ohm) piode Limiter 
+13 dBm 4.00 MHz IF Crystal Filter 






















+ 13.8 VDC 


me 


























1K 
r 22 uF 
+ car 
= 2208 
BFO input 10K 400K 
-3 dB Pad Diplexer Q6 +, 1UF 
50 ohms 2.7m 7 mH 10u a Col 4 10uF 
+ la 
Q5 + Q7 + 
ape 
Naan S ~~ -Detector: «| x, ane. See Alu rt iii 10uF 
300 1 uF yl 
BE 10K 
Pot 
AF Preamp + 13.8 VDC 
Chain 


to mute 






AF Amp 
LM380N 


UGLIER SISTER 40M SUPERHET 


470uF/35v 
+ 













oo 
s caeiae 
ei : + 13.8 VDC drawn Dec 3, 1998 
100 uF aL -1 1/2 watt resistor Caps in diplexer non-polar 






<\p> 
Uglier Sister Superhet Receiver 

hat | built a few years ago. While | was happy with this receiver, it has been discontinued from the main 

website. | have had a couple requests for this schematic, so | have created this archival web page. 

the IF preamp and main IF amplifiers, which is not really necessary, particularly in the case of the post- 

sing the emitter resistor values is easy to do in these amps if you do wish to lower the current. There also 

n the AF preamp stages, which is something that | often use in better quality receivers that | build now. 


VFO and BFO 


VEO schematic 
BEO schematic 


Construction Information 


The Norton RF preamp is discussed on the RF Preamp web page. 


Return to the QRP HomeBuilder Homepage 
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Diplexer Supplemental Page 





More Information on the Bridge-Tee Diplexer 


Introduction 

No web page on the QRPHB web site has furnished more email and controversy than the Diplexer Web page. This page has received much 
work to improve its content and accuracy and the email received has been greatly appreciated. Presented is the detailed math and some 
information regarding the Bridge-Tee Diplexer by Helmut Strickner, VK4STR and Wes Hayward, W7ZOI. 


VK4STR 
The T-bridge diplexer math calculation (also known as the W1JR diplexer) 


The formulae presented and used in the program for the Bridge-T Diplexer uses a Q of 1. Using a Q = 1 resonator is not optimal because we 
don't want a "broad peaking response" of the series LC resonator in the T-bridge diplexer. Our goal should be to only let the desired IF frequency 
pass and attenuate all other frequencies as much as possible by properly terminating them into 50 Ohms in the diplexer. 


The optimal Q for HF frequencies is around 10, less for higher frequencies. The higher Q of the series resonator effectively increases the 
attenuation of undesired harmonic frequency components from the mixer IF-port, and the reflected products from the crystal back to the IF-port. 
The IM performance (IP3) of the receiver is improved. 


The possible improvement in IP3 depends mainly on the following stages. The post-mixer amplifier following the diplexer has to handle huge 
impedance variations at the input of the crystal filter. Crystals do not absorb but reflect any products they cannot handle. These products are 
then reflected back to the IF-port of the mixer deteriorating the IM performance. 


A low Q diplexer lets these reflections from the crystal pass unhindered and most mixers will react with degraded intermodulation performance. It 
is also important to note that a good termination insensitive post-mixer amplifier should follow the diplexer. 


The best results for a high intercept (IP3) receiver can be obtained by choosing: 


oe ae 


High level mixer 

T-bridge diplexer with optimised Q (Q=10 for HF) 

Termination insensitive post-mixer amplifier (see NENWP - QEX July 
1995) 


| believe that the intermodulation performance of many receivers can 
be improved by some simple measures like a properly designed 
diplexer. The T-bridge diplexer from W1JR is the best one around, go 
for it. 


A brief example of the calculation for a 10.7MHz diplexer follows in 
Figure 1. The value of K should be 10 for short wave and 2 to 4 for 
VHF (2 meter band). K is the ratio of L to C. 


| hope that you can use this example to calculate the values for other 
diplexer frequencies. 


To fully understand the basis of this calculation please refer to 
Meinke/Grundlach: "Taschenbuch der Hochfrequenztechnik", Springer- 


Verlag Berlin/Heidelberg. Page 127. 


W7ZOl 

Attached are some outputs from Mathcad, Version 7.0. The "proper" 

equations are derived, along with some other results. Feel free to put 
these on the web, although this is mathematics rather than the usual 
“formulas” and there might not be any interest in such stuff. 








1 7 
K “>t (K=10) «, =67 196000 





K-2 10-50 

®, 2-3,14-10,7-10 

=7,44-10°° = 7,5 pH 
1 1 


Co. —__,_ = = 
ve @z-Ly  (2-3,14-10,7-10°)*-7,44-10~ 


= 29,7-107'* = 30pf 


Ly = C, 2? = 29,7-10°'?.50? = 
=7,42-1078 = 74nH 


L,  7,44-10°§ 
ae ai 2 
z 50 
Figure 1 = 297-109 = 3nF 73 


Heleut VE4STR 





As it turns out, the formula that Todd presented in completely accurate for the case of Q=1. That is, both the series and parallel tuned circuits 

have inductors and capacitors with reactance of 50 Ohms. Evaluation then shows that S11=0 for all frequency, while S21 peaks broadly at the 
resonant frequency. If you pick a higher Q, the inductor in the series tuned circuit increases by Q and the capacitor in the parallel one increases 
by Q. Resonance is maintained in both. Again, you then get a perfect match at all frequencies and a S21 peak at resonance. But | don't know if 


this is what Joe had in his original work. 


Shown is a general bridge T type network with series 
impedance 5 and parallel impedance P. VVe wish ta 
find the input impedance seen by the generator. But to 
do this, we need to know the input current. The input 
yoltage is set at 1, so Zin=1/lin. To calculate this, we 
must know E and 'Y. These are obtained with a nodal 
analysis. 


We write the nodal equation at E: 


a-E%E + so We salve this for E: 


1 


0-589 pgp 2 RE) 
R P R | 
R P 

We now write the equation at V and solve it for E: 


a1-¥ . (E- VY tive ee f 1 p We now equate the two expressions 


3 3 for E to each other and solve that for V. 


2 We now take one of the 
Gres z +P) expressions for E and put ¥ in it to 


which simplifies to W¥= 
2RP+R'43PS54+25R) obtain a complete solution. 


op, ee The next chore is to evaluate the input impedance, 
(2 RP+R43P5428 R) Zin. We get this by calculating the input current. 
The input voltage is set at 1, so Zin=1/ i-in. 


ine GU: ,C-5 1 
5 


* - [G=9  G-B 
iS R 


a ee , 
(-R+RV-S+SE) But ta get a meaningful expression, we 
must sub Y and E into this. VWWvhen we 


Figure 2 do so, we get 


which simplifies to Z in = 





This is now a useful result. Ve can, for example, let 

QRP+R +3-P5 +25R) R 5, P, and R be resistor values. We can then design 
if iio een an ase | bridge T attenuators. But let's continue with the 
sRP+IR +P +28R) analvele Let's ask the question "VVhat are the 
conditions that will provide an input impedance of R?" 
We merely set the Zin expression equal ta R, and 
then solve that equation for S or P. YVe will solve for 
P. 


2 2 Hey, that's a cool result, and it's even rather 
Grp+R'+3PS+25R) pop solve, P aa simple. This is an expression for P in terms of 
(2RP43R°4PS425R 5S. If we use it for attenuators, it says that our 
pad is matched with these conditions. VWe can 
combine these results with the equation for V to 
get the attenuation. A couple of interesting 
matched pads are shown: 


Zin= 


Figure 3 


50 


The expression for ¥ was (QRP+R+Ps) But the conditions for a match were 


(QRP+R43P54+25R) 


2 
pak 


5 
3 
R 2 
(QRP+R+Ps) R bE «2x 
substitute, P=. > : 


ORP4+R43PS428R) 8 
(2RP4R +3P54+25R bE ars2sR] 


So, we put this in for P. 


which simplifies ta '¥ = f So the two pads have voltage outputs of 0.5 and 0.353 
CR+58) and the resulting attenuations are 6 and 9.54 dB. 

But enough about the attenuators. Let's get back to the original question, that of the diplexer. 
The circuit of interest is one where the series network is a series tuned circuit while the parallel 
one is a parallel tuned circuit. But we want to know the conditions that will generate a perfect 
match. With such a circuit, it is clear that a match will exist at resonance so long as both 
circuits are resonant at the same frequency. The impedance of the series tuned circuit goes to 
zero while that of the parallel TC becomes infinite (neglecting loss.) 





We write the susceptance (imaginary part of admittance) directly for the parallel tuned circuit 
as 
=wC- sone But the reactance is the recipricol of this, 


Pp P : 
oly 


1 
which simplifies to become 2 Ol, 
(. L,C,- i) 
PP 
We know that this is resonant at the same frequency as the series tuned circuit with L and C. 
So, LC 


eeerpop: vane es We substitute these in the above expression: 


1 LC 
oo But earlier analysis showed us that this reactance was 
P related ta the series reactance: 


[eao-i) 


with S= w-L- es This lets us set up an equation that is then solved for Cp. 


fg tte 
[ao -1] °p g 


This is a particularly simple, yet useful result 


1} Pick a crossover frequency f, Hz. Then, w=2--£ 
2) Pick a series inductor L. Use one with a reactance of around 50 Ohms if you want a very 
broad response. Make it larger for narrower bandwidth. 


3) Resonate the series L with a cap, cal 
ol 
4) Pick a parallel cap ab 
P R? 


5) Resonate that cap with a parallel inductor Figure 4 
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Astable Multivibrator Projects 





Discussion: 


Astable or free-running multivibrators have been used in home-built amateur radio equipment for many years. The basic circuit is a two stage 
amplifier with AC-coupled feedback from output to input. One transistor stage is on ( conducting current ) while the other is off ( not conducting 
current ) until the stages switch conducting states repeatedly at a specific frequency. The oscillation frequency is set by the resistor and capacitor 
values connected to the base terminal of each stage. This RC network determines how long the transistor stays in the off position. 


Presented are two projects which utilize astable multivibrators built using the ubiquitous 2N3904 BJT. The first project is a code practice audio- 
frequency oscillator while the second is a simple , no-frills electronic keyer for keying a transmitter. Either circuit would be a great first project to 
learn how to build circuits using Ugly Construction. 


Code Practice Oscillator 





Astable Multivibrator Code Practice Oscillator 









1N4148 1N4148 


Alltransistors 2N3904 


Seen eh Se All caps in microfarads Phones 








Above is the schematic for a simple Morse code practice oscillator. This circuit was originally built with 2N3904 transistors, however many 
different NPN transistors could be substituted as required. 


Tracing the circuit from left to right first brings us to the multivibrator circuit which is composed of Q1 and Q2. The oscillation frequency of the 
multivibrator is ~ 700 hertz and is set by the RC network formed by the 100K resistor and the 0.01 uF capacitor connected to each transistor 
base terminal. The approximate time off for each transistor is given by the following formula: 


[ Time Off = 0.7 * R * C ] with R in ohms and C in farads. 


It maybe more practical to leave the resistance value fixed and vary the capacitor value to obtain a desired oscillation frequency. Rearranging the 
above formula allows this : 


[ Total Time Off = 1/ Frequency ] with Total Time Off being the total number of seconds that both transistors are off and Frequency is 
in hertz. 


Once the total time off is known, you must divide that answer by 2 as each transistor is off half of the total time off in this symmetrical circuit. 
Then you simply solve for the capacitor value: 


[ Time Half = Total Time Off / 2 ] 
[ Capacitor = Time Half / (0.7 * R )] with Capacitor answer in farads. 


Lets run the numbers to solve for the capacitor values in the schematic; 

R = 100K, desired frequency = 700 hertz. 

Total Time Off = 1/F ----> 1/ 700 = 0.00143 seconds. 

Time Half = Total Time Off / 2 ----> 0.00143 / 2 = 0.00071 seconds. 

Capacitor = Time Half / (0.7 * R ) ----> 0.00071 / (0.7 * 100000 ) = 0.0000001 farads = 0.01 microfarads. 


For 600 hertz, the capacitors would be 0.012 uF and for 400 hertz, 0.018 uF. 


As you can see it is maybe necessary to adjust the base resistor value to achieve a specific oscillation frequency. The rule of thumb is that the 
base resistor should be ~ten times the value of the collector resistor assuming the base-bias resistor is connected to VCC as shown. 


The output of the multivibrator is buffered by the high input impedance of an emitter follower Q3. This serves to prevent the oscillation frequency 
from changing when the output load is changed. The AF stage connected to the emitter-follower is a standard high gain common-emitter amp 
that has been used in many of the projects on this web site. As the multivibrator is buffered by 2 amplifier stages, good frequency stability is 
realized and frequency changes are negligible when turning the volume control pot. The final stage is a common-collector amplifier which can 
drive low impedance headphones with reasonable volume. 


Code Practice Oscillator Project Notes 

The voltage / time output waveform of the astable multivibrator is largely a square wave which some people find harsh. Many users prefer 
listening to a sine wave although that is beyond the scope of this web page. The multivibrator shown has real advantages in that, it is both 
dependable and tolerant with respect to parts substitutions. Keying the oscillator as shown practically guarantees that the multivibrator will start 
running each time you hit the key. 





VCC can be 9 to 13.8 volts DC and the larger the voltage the greater the volume in the 








: ¥CC 
headphones. The B+ decoupling circuit at the top left can be omitted for battery Figure 1 41/2 watt resistor 
operation or if you prefer not to bother with it. The basic multivibrator and emitter- 10 
follower circuit can be used in a transceiver as a sidetone for monitoring keying. A +,,10uF 


series resistor from the emitter-follower maybe necessary to attenuate/match the 
sidetone to the transceiver's AF amp. 


If you desire speaker level output, the Q5 common-collector final can be omitted and 
the circuit shown below used. This circuit uses the LM386N and provides up to ~ 0.5 


watts into an 8 ohm speaker. Connect the Figure 1 circuit as shown to the 10 uF 10 8ohm 
coupling capacitor connected to the collector of Q4. Do not connect the 10 ohm half- 10K Speaker 
watt resistor to the decoupled VCC shown in the schematic. The power supply to the Pot : 

LM386N AF amp should be directly connected to the VCC, not like the common- LM386N ab 





collector AF stage shown in the schematic to the right. 





Simple Electronic Keyer 


A simple keyer suitable for a popcorn QRP transmitter can be built around an astable multivibrator and an example of such is shown above. The 
basic design of this keyer is from notes, however the original author of the circuit is unknown. The notes were written in 1973 . | modernized the 
circuit, added a variable speed control and designed an additional output driver stage. 


Keyer Operation 

Keying this circuit generates either 
dits and spaces or dahs and spaces. 
When the keyer is idle, Q1 is on and 
Q2 and Q3 are switched off. When 
the user sends code, Q1 turns off 
and Q2 and Q3 switch on and in 





Astable Multivibrator Morse Code Keyer 


¥CC 


j ¥CC 
turn key any device appropriately pice dachiad 
connected to the collector of Q3. The 
off-time of Q1 sets the on-time of Q2 
and Q3. The off-time of Q2 and Q3 

is set by the 22K Q2 base resistor. 2K2 
This off-time is the set time of the 


spaces and is constant. 


2K2 


The 68K resistor on the base of Q1 
is about three times the resistance of 
the 22K base resistor on Q2 and 
consequently dahs are ~ three times 
the length in duration than dits. 
Spaces and dits are of the same 
length of time because when 
sending dits, the 68K base resistor is Q1 
paralleled with the 33K resistor and 
effectively the resistance is ~22K 
ohms. If the optional relay driver 
transistor Q4 is used instead of Q3, 
the theory is the same, just substitute 
Q4 wherever you see Q3. 





(> Circuit to be 
grounded 





All diodes 1N4148 drawn Jan 2599 








Keyer Speed 

The keyer speed is very sensitive to the power supply voltage and any keyer speeds mentioned are ball-park values. Your results may vary 
depending on your VCC and component tolerances. If the 25K speed control pot is turned to minimum resistance, the actual power supply 
voltage will be present on both the paddle common and the top end of the 68K base resistor. This will be the maximum speed for the keyer. In 
fact, the speed control pot could be omitted if you want to economize and the keyer will run at the maximum speed as determined by C1 and C2. 
If you do not want the speed control feature, connect the paddle common and the 68K resistor to the VCC supply. Another alternative is to build 
a two speed keyer by using a switch to switch in or out a fixed resistor to vary the voltage instead of using a potentiometer. A trimmer resistor 
may also be used for "lid-off" speed adjustments. 


Varying the base-bias voltage with a pot changes the charging rate on capacitors C1 and C2. Although, | experienced no problems be careful 
with some resistances/VCCs as the circuit may be unable to provide enough current to saturate the transistors when the base-bias voltage is at 
its minimum setting (pot set to maximum resistance). Smaller pots such as 10K can also be used with a more limited ability to reduce the keyer 
speed below the maximum rate. 


To set the maximum rate for the keyer, it is necessary to vary the value of C1 and C2. For this circuit to function correctly, C1 must equal C2. An 
experiment was conducted with the 25K pot removed and the paddle common and the supply end of the 68K resistor connected to the main B+ 
terminal. VCC was measured at 13.8 volts. C1 = C2. The words per minute were counted for four different standard capacitance values and the 
results were as follows: 


2.2 UF = 27 WPM 
3.3 uF = 23 WPM 
4.7 uF = 17 WPM 
10 uF = 9 WPM 


For this project, | settled with the 3.3 uF value, although personally, | use a 2.2 uF capacitor for C1 and C2. Sending speed can be reduced with 
the speed control pot or by increasing the time interval between characters and words. With 3.3 uf caps for C1 and C2, turning the 25K speed 
control pot to maximum resistance dropped the sending rate down to 12 words per minute. If you needed to slow down below 12 WPM, an 
amateur could send code using the Farnsworth method as mentioned above. At any rate this circuit allows you to determine the maximum speed 
rate by choosing the C1 and C2 capacitance value to suit your needs. 


Q3, Q4 Output Stages 


Two different output stages maybe used with this keyer and they will be referred to as the Q3 or Q4 stage.The Q3 stage is a simple transistor 
switch which will ground any component(s) connected to its collector when turned on during code sending. A variety of transistors maybe used 
here and care must be taken to ensure that you do not exceed the maximum dissipation of a given BJT. 


The Q4 stage is a relay driver. The 12 volt relay used during bench testing was a Radio Shack reed relay that | had in my parts collection. 
Specifications were SPST 1A @ 125 VAC , 1050 ohms DC coil resistance, part number 275-233. My VCC was 13.8 volts so a 1K2 current 
limiting resistor was placed between the relay and supply voltage. The relay has suffered no harm despite significant torture but be careful when 
you are using a VCC greater than 12 volts. This resistance may be dropped down to 470 ohms or omitted if you are using lower voltages. Any 
relay with a DC coil resistance of 500 to 3000 ohms should work in this circuit. 


| have never used this keyer with the Q4 relay driver for QRP operation as | prefer solid-state switching. The Q3 stage in turn can be connected 
to trigger a PNP transistor switch to supply DC voltage to a keyed transmitter driver and/or to pull a VFO to its offset frequency. A great example 
of PNP transistor switches can be found in The Ugly Weekender article by KA7EXM and W7ZOI. This article is referenced in the recommended 
reading list on this web site. Another bonus of the Q3 stage is that it draws less current than the Q4 stage. 


Sending Code 


If you are used to a deluxe iambic keyer, this keyer will take some getting used to. The dahs in particular can be problematic as they do not self- 
complete like they do on my station homebrew TTL iambic keyer. After some practice, however most people should be able to send some good 
morse code with it despite the lack of iambic luxury. 


Miscellaneous 


When you power up this keyer, it sends a dit. In one version of this keyer, used in a 40M transceiver, | had a 10K pot for the speed control with a 
built-in switch on the 10K pot to turn the keyer on or off during station setup. 


The diodes D1 - D4 can be any common switching diode such as the 1N914. Q1 to Q4 can be any NPN transistor with a Beta greater than 50 
such as the 2N3904 or 2N2222. In the test keyer, all BJT's were 2N3904. 


For fun, | connected the multivibrator code practice oscillator to the keyer and gave the keyer a workout. They both work great together and are 
very complimentary. Have fun with astable multivibrators ! 


Update Oct 2007: 
Giovanni, IW7EHC has posted a great web page on this schematic including PCB layout files in FidoCAD format 


Check out his excellent Italian and English language web site 





fr A Ar Pr F 
i \ r { y \ f\ iN { 


# ‘ if A\ 
i ul i i i i / i # 
I | i 
He@MeBO}LDER ST aE rane 
yy , i | | I i 
j ‘ ; \ 11 uN 
Nw Y YW 


f \ f | 
i a a ‘— | | 
7 WV i WV Ww y j WH 4 } V 


Amateur and Short Wave Radio Electronics Experimenter's Web Site 








Supplemental Page for the 10 MHz WWV TRE receiver 





| have received a tremendous amount of feedback regarding the 10 MHz WWV TRF receiver. Many builders have constructed their own versions 


and have improved it. This captures the spirit of the QRP/SWL Homebuilder web site; take an idea and evolve it into something better on the 
bench. 


| will post some of the feedback as well as provide additional comments and images regarding the 10 MHz WWYV project on this supplemental 
web page. Please continue to provide project feedback and help me to improve the QRP/SWL HomeBuilder web site. 





Terry, KSHP 
Hi Todd, 


| have just finished (few days ago) your design for the 
10 MHz WWV Receiver. | reduced you schematic 
diagrams to CirCad schematics, drug out the rat-net, 
positioned and connected everything, and etched the 
boards. I'll include a photo of the 4 finished boards. 
They are very roomy for extra tinkering. Except for two 
solder bridges on two very big pads on the tweeker 
capacitors in the front end, it all worked perfectly first 
try. Hmmm, | cannot say that for all my projects in the 
past. After repairing the two shorts to ground of the RF 
path, the front end then tuned and worked perfectly 
also. 


| have not taken the project out to the Lab (barn) and 
put it on my Motorola Service monitor, but the input to 
the filter board is roughly 500 uV. It can easily hear 
WWYV at this level with a decent antenna connected to 
the filter input when WWY is fairly strong at my 
location. Not bad, considering the mismatch at that 
location. 


1 (OA /OAAZ 
OF: } Zo0/ 2UU 





Above. Etched Audio amplifier PC board from K5HP. 


Have you or someone else tinkered with an 
AGC/AVC circuit? At one time | had a nice 
circuit using an National chip (don't remember 
the number) which is no longer available that 
was easy to build and easy to retro-fit into 
something. It was an AVC which they called an 
audio AGC. 


When | built out the boards | placed proper 
credit to you and the other developers 
mentioned on the boards. Should you want my 
work product it's free for the asking. I'll be glad 
to send it to you. CirCad in ver 4 is a fairly 


complete PCB cad program and it's free too. 
There is a version 5, but | have not tried it out 
yet. 


f 7 Vd I y 
My sincere congratulation for producing and Hy : tail | 


error free web article. That is a heck of a more 





than you can say about many other projects in 
the past. Most of those in the past had errors a 
plenty, and some just did not flat work as 
described. Someone just thought they would as 


Above. Audio amplifier PC board overlay for parts placement from K5HP. 


it turned out. Thanks for the fine article and I'll check your site over for more 
interesting thing to build or learn from. Best wishes and good luck. 


"| use the CirCAD to produce the artwork, then take the laser printer output and 
bond the plastic toner onto the PCB. Works good most of the time. Sure easier 
than trying to do photo etch, and silk screening is pretty expensive. The bottom 
copper is viewed as you would look down onto the top of a circuit board, 
through to the copper side. The side you are seeing is bonded to the copper 
surface. Print one out, hold it up to a light source looking through non printed 
side and it becomes apparent." 





Terry designed and built printed circuit boards. His photographs, etching and 
overlay files are all bundled together in convenient zipped files which can be 
downloaded below. 
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Above. A layout of the 4 completed boards by K5HP. 
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Above. Schematics diagrams of 10 MHz crystal filters poe SCiein ales Aisgiams by Wes WI Zt 


; . : A schematic representation of the 10 MHz xtal is shown 
by Wes, W7ZOI. | did not experiment with the Butterworth : di 3 : -s : is 
type filter along with the "popcorn" 10 MHz xtal filter | designed. 


[-net eval 


7.0MHz 8.4MHz 9.8MHz 11.2MHz 12.6MHz 14.0MHz 





R1 L1 










.ac lin 1000 7meg 14meg 
AC 2 


Above. A simulation of an L network depicted in the L-Match and AM 
Detector schematic for those interested in driving this detector with a 50 ohm output impedance. 
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MF TRF Receiver Supplemental Page 





Click here to go to the main project web page This supplemental page is under construction 





5532 Op amp Pin Out 
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A Version of the Receiver Using Just L1 and C1 as the band pass filter 


You can see ared LED and current limiting resistor in the photos. This is a power on indicator. The telescopic whip antenna can be seen in the 
lower photo. 











Early Versions of the Project Front End 


In section A of the schematic below, a dual-ganged 365 pF air variable capacitor was used for tuning. CV, a small compensating capacitor may be 
required to adjust for the capacitive differences of the 2 L-C tanks in the front end filter. It may have to be placed on the L1 side of the filter (opposite to 
what is shown). A JFET source follower was used for Q1 but discarded because stage gain was insufficient with a short whip antenna. 


In the version depicted as section B, two 12-110 pF air variable capacitors were used along with switchable 270 pF capacitors to provide 2 ranges of 
tuning. Although this worked, the switching mechanism was found to degrade selectivity somewhat. The JFET was reconfigured as a common source 
RF amp. This amp caused some distortion of the RF signal on stronger stations unless the gate resistor was lowered to 47K or less. Ultimately a 
cascode BJT RF amp was chosen for the project. A photograph of the section A breadboard is shown below the schematic. 


Broadcast Radio Band Front End 


ee 100 r 


12V 








65 pF 





SPDT 
high-low 
range 






Oct 16, 2006 by VE7BPO 


L1 =L3 = 200 uH or 55 turns #28 AWG on a FT50-61 ferrite core 
L2 =~ 5 uH =9 turns #22 AWG on a FT50-61 ferrite core 


CV = small value trimmer capacitor for tracking - 4.5 - 20 pF 
CV1 = CV2 = 12 - 110 pF air variable capacitor 
Q1 = nJFET; MPF102 or J310 
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The inspirational detector schematic used for motivation to develop the full wave detector 
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Varactor Tuned Front-end Band pass Filter 
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Above photo. The 2 potentiometer varactor controlled band pass filter. 
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Supplemental to the Cascode Hybrid 5 MHz WWV Receiver 





DC Voltages of the Cascode Hybrid Amp 

On the right is the basic hybrid cascode amplifier 
schematic. Note that the Q1 voltage divider bias has two 
10K resistors as compared to the 12K and 10K 
combination used in the final project. A slightly lower Q1 
bias voltage was ultimately chosen along with a 150 
ohm Q2 source resistor to enhance stability. Early bread 


boards of this amplifier used a 47 - 100 ohms Q2 source Output 
resistor along with the slightly higher Q1 bias, but ~11mA 
suffered from parasitic oscillations. current 


draw 


The DC voltages are rounded to 1 decimal point. These 
are ball park values for reference purposes. The typical 
stage current draw was around 11 mA. R11 sets the 
output impedance and is optional. R2 sets the input 
impedance. This amp is very versatile in that it can be 
used to match a wide variety of input and output 
impedances. 


The main 5 MHz WWYV receiver web page which this 
web page supplements is here. 

Click here for a recording of 5 MHz WWV made with the 
Icom R-75 receiver using the 6 KHz AM filter and the stock speaker. You may wish to compare it to the recorded 5 MHz WWYV receiver project 
audio files linked here , here and here. 








10 MHz Components 


For those who wish to experimentally develop a 10 MHz 
version, | have included some potential band pass and 
crystal filter schematics you may wish to consider. In 
addition, my preliminary experiments indicated that 
another RF amplifier stage might be necessary for 10 
MHz WWYV. During development of these band pass and 
crystal filters, 10 MHz WWYV reception was very poor 
and due to lack of time and the poor conditions, further 
experimentation was abandoned. 

To the left is a 10 MHz band pass filter schematic with a 
-3dB bandwidth of around 100 KHz. 


10 MHz Front end Band Pass Filter 


i. 
oa + rf 


Li 






All caps in pF 





L1=L2= 1.1 uH = 15t #24 AWG on a T50-2 


CV =6.5 - 50 pF trimmer capacitor 


Click to Review Circuit | 
= $11 = S21 Ref. 


0 Load R = 50.0 




















98 Source R = 4700.0 
99 Inductor Q = 240.0 


N (index) NewValue 


nn 


See >: [10008 =~ [MHz = S21=[232 MB S11-[o00 = B 


The GPLA simulation of the 10 MHz front end band pass filter. Tuning is very sharp with this filter. 





To the left is a crystal filter design for 10 MHz. The 
realized bandwidth of these simple min-loss crystal filters 
is dependent on your crystal parameters. 


10 MHz Crystal Filter 


3 dB BW ~6 KHz (Ge 


VE7BP 
All crystal filter caps are pF oe 
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A photograph of the experimental 10 MHz crystal filter is 
shown to the right. Leads were kept long so that parts 
could be reused in future experiments. 








3 cap par 22.00 
10 stl ser 0.00 
11 cap par 15.00 
12 cap ser 22.00 

98 Source RF = 1200.0 
99 Inductor @ = 250.0 







N (index) NewValue 


cm [1200 
~6 KHz @ -3 dB + | Enter new value and Click | 


start 2000 evequeney 42 [6000 Freq fdiv stop [12000 [C:\Todds\ORPHB\A-DESIGN\2007\5-MHZ 


Cursor Data =====>: [840.000 [He $21= [251 dB $11= [0.00 dB 





Place Cursor 





Above. The GPLA simulation of the 10 MHz crystal filter. 













6 MHz Components 





6 MHz Front end Band Pass Filter 


Since it is easy to find 6 MHz crystals and Radio 

Habana Cuba is on 6.0 MHz, band pass and crystal 

filters were designed for reference purposes. To the All caps are in pF 
right is the front end, band pass filter schematic. 


ie 
To the left is a potential crystal filter for 6 MHz AM a icv 4, 


reception. The bandwidth is ~ 5 KHz which is starting to 
get too narrow for some listeners, however, your crystal L1) L2) 

arameters will determine your filter's actual bandwidth. 
L1=L2=3.3 uH = 26 turns T50-2 


CV =6.5 - 50 pF trimmer capacitor 











6 MHz Crystal Filter 


3 dB BW~ 5 KHz (Ge 


All crystal filter caps are pF ere 


a7 Y1 Y2 


BDO OH TF 


1200 


io 2 
33. 470 AT 33 


Y1-5=6.0 MHz 





0 Load R = 1200.0 
1 cap ser 47.00 
xtl ser 0.00 
cap par 33.00 
xtl ser 0.00 
cap par 47.00 
xtl ser 0.00 
cap par 47.00 
xtl ser 0.00 


on Oo ooh 


[10.00 


dB /div. 11 cap par 33.00 


12 cap ser 47.00 
98 Source R = 1200.0 
99 Inductor G = 100.0 


N (index) NewValue 


[100 


a2 


start |-6000 Frequency |Hz e000 Freq./diy stop 1 1000 C:\Todds\GRPHB‘A-DESIGNS200745-MH2Z 


dB 





The GPLA simulation of the crystal filter using the parameters from the 6.0 MHz crystals | had in my parts collection. 





VE7BPO Envelope Detector 





AM Detector 
(Ge To the left is the schematic of another detector 
experimentally developed for the 5 MHz WWV receiver. The 
VE7BPO 01 uF germanium diode has incredible sensitivity when biased, 
12.2VDC although noise tends to increase with applied DC voltage. 








This basic design also worked well with a hot carrier diodes, 
although had less sensitivity. V bias can be changed by 
adjusting the 220K, 47K and 100 K resistor values. Note 


4uF diode polarity. 


220 K 






| .1 UF Ge 


10K V Bias 


Be 1 4K7 


220pF 470 pF 


Diode : Germanium Diode 
JFET : MPF102 





100K 











Miscellaneous Photos and Circuits 





Above. A work bench version of the basic receiver bread board built in distinct stages from the antenna input to the speaker. 





Above, A breadboard of the KK7B audio stage which is preferred to the LM386 stage used in the 5 MHz WWV receiver. The LM386 does take up less 
room and certainly increases the popcorn factor. 





A work bench photo of the first version of the W7ZOI detector built in October 2007 is shown above. 


Fe_| OR oP Va 


‘\ if \ 
‘ i 


MERUILDER Y 









RF — Test and Measurement 





My Links 





Greetings! | enter the QRPHB / SWL HomeBuilder site here and linked a few of 
my favorite tools, part suppliers and URLs | like and wish to remember. This 
page might feel intransigent. 


In the following section called Graphics, | show the odd newer schematic or 
photo unpublished as permanent site content. A schematic might just represent 
my mistaken notion or whimsy: a sense of what's caught my fancy — not that 
my opinion is better than anyone elses. 


Quick Navigator 








Graphics 











Russian giant sunflower — grew to over 3 meters tall 


Auto Power Of! 


10A 4 








My gorgeous new PCE multimeter just in time for Season 16 experiments starting October 3. Click for another photo. Click for the PCE website 
— test equipment galore. 





RF Transistor Data Spreadsheets 
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Test Equipment 


Test equipment 
USA Rigo! Dealer T Equipment 





Online Tools and Publications 


Standard resistor and cap values 

Smith Chart information 

Good inductive/capacitive reactance calculator other tools available 
Resistive pad attenuator calculator 

Ohm's Law 1 pager 

VHE Communications website UKW-Berichte/VHF-Communications 


The Signal Path EE video blog They review and show the DSA1030A SA + TG 





DUBUS Technical magazine for 50 MHz and above 


Favorite Experimenters 


Esteemed QRP homebrew mentor - Wes Hayward's, W7ZOI web site 


a lulian, YOUDAC-VA3IUL Comprehensive design information and amazing circuits web site 
® Markus Hansen, VE7CA A venerable Room 19 Radio School graduate. He has authored for QST. See his receiver featured in QST for 
March 2006 





a Blog of fellow VE7-land experimenter Steve, VE7SL. Look for a link to Steve's web site on his blog 
Professor Ken Kuhn's web site. Perhaps start on his site map. A treasure trove of useful information 


Ripples in the Ether An always interesting blog from our friend Jason who runs Etherkit 


etherkit 


SV3ORA's Site Friend Konstantinos from Greece. Design info galore. Check out his microwave links. 





EM Tuner Site Vintage FM Tuner Information 


Paul, KE7HR Caver website 


Matjaz, SS3MV Microwave and RF. My favorite microwave designer. See this page for some inspiration 





Paul Wade, W1GHZ authors my favorite QST column Microwavelengths His site 
Jacques, VE2AZX web site Retired EE with great ideas 
Michigan QRP Club Publish The 5 Watter Quarterly 


Website of Michel, F6FEO from France. F6FEO project pages: click and click 

Roland, a retired EE who lives in France keeps this wonderful test equipment page 
JF1OZL Mega site that first inspired me years ago. He once wrote me a letter - great guy 
Brian, K6STI 88-108 MHz web site. 

Leif, SM5BSZ Amazing work 





KA7OEI Microwave Page web site 





aire rae 


Memorial Museum of the Leningrad Siege, St. Petersburg, Russia \VE7BPO photos 2006 
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RF — Test and Measurement 





RF Workbench Page 1 - Case Study Answers 





This web page supplements RFE Workbench Page 1 


Answers: 


1. Calculate the power in dBm at point B = 13.75 dBm 

2. Calculate the power in dBm at point C = 10 dBm 

3. What is the attenuation in dB of the 50 ohms attenuator pad? = -3.75 dB 
4. What is the output power in mW of this stage? = 10 mW 





Case Study 


3 22 


pe! 






CV 2¢ 2204 51 
-4dB 
502 





The design contained a "theoretical" - 4 dB, 50 Q attenuator pad using standard value resistor substitutions 
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50 Ohms Attenuator Pads 





This web page supplements RE Workbench Page 2 


Table For Pi and T- type pads 
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1 
2 
3 
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RF = Test and Mea 























R 
series 

2.9 
5.7 
8.6 
11.3 

14 
16.6 
19.1 
21.5 
23.8 

26 
29.9 
33.4 
34.9 
36.3 


























ef 


























parallel 


433.3 
215.2 
141.9 
104.3 
82.2 
66.9 
55.8 
47.3 
40.6 
35.1 
26.8 
20.8 
18.4 
16.3 
12.8 
11.4 
10.1 
6.3 
5.6 



























































Pi-Type 


502 R series 50Q 





+R parallel> 


T-Type 


Rseries Reseries 
500 500 


$10} eNUd}1 


R parallel 





To build attenuator networks, we normally choose use nearest standard resistor values, or parallel/series 2 or more resistors from our resistor 
collection to approximate the tabled R. If you're building with 5% parts, consider measuring a few resistors with an ohmmeter to find the best 
match to the tabeled R. 


Resistors in the 8 dB T-type or the 4, 14 and 19 dB Pi-type networks are close to 5% standard resistor values. 


. 





HeeTBotot 


RF — Test and Measurement 





Expected Return Loss Table (50 ohm bridge) 





This web page is a supplement to Transistor Input Impedance Experiments 


Expected Return Loss in a 50 ohm Bridge 
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RF — Test and Measurement 





Miscellaneous RF Topics 2011 Supplement 





Introduction 


This web page supplements the Miscellaneous RF Topics 2011 web page. 


1. Design Center - Wrap Around Bias 


QRPHB Design Center 


Wrap-around DC Bias 





PNP Wrap-around Bias for an NPN RF Amp 


There are entire books written on RF power amps. | don’t pretend to be an expert and offer a simple approach to help move novice builders up 
the learning curve. Big thanks to Wes, W7ZOI for the theory and explanation for EMRED Figure 2.16; the wrap-around PNP bias of an NPN 
transistor with grounded emitter. This bias circuit is fantastic and helps prevent you from burning up too many expensive medium power 


transistors such as the 2N3866 or 2N5109 during experiments and operation. From our emails, the following experiments were performed and 
information gleaned. 





Since the NPN emitter terminal is grounded or near to ground on my web page examples, the current can really run high — Don't forget to use 
heat sinks and appropriately rated resistors on the NPN circuit when you really go for power. 
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| Desired IE | 1E (mA) | VC (volts) | V ref (volts) | Ra (9) | 
| 862 | 815 | 180 


| 19.0 | 19.83 
| 420 | 4351 | 831 | 8ts | 82 | 
| 105.0 | 10850 | 322 | 815 | 33.3 | 











Above — The schematic and data table from some biasing experiments. The normal decoupling parts were removed to isolate the biasing 
circuitry. All voltage and current values were measured. Another photo. A folded piece of paper is under the wire connecting the NPN emitter to 
the copper clad board. This is how | measure emitter current. The paper acts as an insulator and allows you to press hard with the ammeter 
probe to ensure good contact. After current measurement, the paper was discarded and the emitter soldered to the copper ground plane. 


Biasing Procedure 
Step 1: Choose a Target VC 


Using collector resistor Ra, we want to drop about 2/3 of the power supply voltage across the NPN transistor. For a 12 volt supply or VCC, this is 
8 volts VC. The formula is Target voltage = VCC x 0.66. Why choose 2/3 VCC instead of % VCC like we do for Class A audio amplifiers? In 
audio amps we just use a resistor as the load and the collector voltage can't go above the power supply unless we insert some reactances in the 
circuit. In simple AF voltage amps, the half VCC supply allows the greatest undistorted, peak-to-peak AC signal swing. 


In RF power amps, a transformer or RFC lies on the collector terminal, so the instantaneous collector voltage (sum of the supply voltage plus the 
peak AC voltage) can go well above the supply voltage. If you have 8 volts on the collector, VC can easily rise to 16 volts or so on signal peaks. 
It's often prudent to choose a VC closer to VCC than the classic 1% VCC of audio amplifiers. 


Hereafter, Target VC is referred to as VRef 
Step 2: Choose R1 and R2 to bias the PNP @ VRef 


Choose the PNP biasing transistors R1 and R2 so that the PNP bias = VRef. The formula follows: 





VCC x R2 
en rica oe 


R1+R2 





| wrote a Java Applet that does the math Applet A ; just plug in a VCC and play with the resistor values until you get your target VRef with the 


resistors from your parts collection. Try to get a bias as close as possible to the targeted VRef, but don’t stress out over it. 
Step 3: Choose Ra to give (VRef + 0.6) 


Ra = VCC — (VRef + 0.6) / desired current in amperes. Use or make up Ra with nearest standard resistor value(s) with an appropriate power 
rating. In a PNP, the emitter terminal is 0.6 VDC higher than the base, so need to we add that to VRef. The desired current is any reasonable 
current that you want to set up; for example 25 mA or 75 ma. 


Example Calculation 

| wanted a emitter current of 105 mA from the Figure 1 circuit. VCC = 12.24. Let's run through the steps. 
Step 1: Choose a Target VC 

Target voltage = 12.24v x 0.66 = 8.1 VDC -> Now called VRef 

Step 2: Choose R1 and R2 to bias the PNP at VRef 


| just plugged some resistor values into Java Applet A. R1 is normally lower than R2. 





A. Calculate DC Voltage Divider Bias 
Voltage 


R1 





Bias voltage 
R2 


Enter Voltage: 12.24 Enter Ri: 1000 Enter R2: 2000 Calculate | Bias voltage = 8.16 





Above — A practical bias network. | have lots of 1 and 2K resistors. 8.16 v is close to my target VRef. 
Step 3: Choose Ra to give (VRef + 0.6) 


12.24v — (8.16v + 0.6v) / 0.105 A desired = 33.1 ohms. | put three 100 ohm % watt resistors in parallel for Ra. Click for lateral view photo 
showing the 3 resistors. 


The exact measurements of this example and 2 other (19 and 42 mA) are tabled in Figure 1. | used an 82 ohm 1/2 watt resistor for Ra in the 42 
mA version. The bench values closely approximate the calculated values. This circuit is quite instructive. In a real circuit (Figure 2) we add in the 
decoupling parts. Ra performs double duty as the decoupling resistor as well as the current regulator resistor. 
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Above — A working version of the desired 42 mA medium power amp from Figure 1. Refer to EMRFD Chapter 2 for further information. 
How does the PNP wrap-around bias loop work? 


Using the sample conditions from Figure 2: VC = 8.16v calculated, Desired IE = 42 mA and VCC = 12.24v 
The main decoupling/current limiting resistor Ra is established at 12.24v — (8.16v + 0.6v) / 0.042 mA = 82.9 Ohms. 


No matter what, the PNP VRef = 8.16 volts. All of the desired conditions are established and the current is flowing in the NPN. Let's change 
these conditions and see what happens. 


First, instead of 42 mA, assume that the NPN current drops to something less. Hence, there will not be as 

much of a drop across Ra. This will cause VC to increase. This is the voltage on the PNP emitter. When this voltage increases, there is more 
voltage between the base and the emitter of the PNP, which will make it draw more current. That current comes out of the PNP collector runs to 
the base of the NPN. This causes the NPN to draw more current (beta times) which increases its collector current and causes the collector 
voltage to drop because of the | x R drop in Ra. It drops until it reaches the 8.16 volt level. 


Let's now assume the opposite. The NPN draw too much current, more than the desired 42 mA. This means that there is too much | x R drop in 
Ra and VC goes below 8.16 volts. This tends to turn the PNP off. The PNP collector current drops, so the NPN base current also drops, causing 
the NPN collector current to drop. This causes VC to again increase to reach 8.16 volts. Is this cool or what? 


2. RC Low-pass Network 
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Above — Spectrum analysis without the RC low-pass filter. 





~5-6 dB down. 


in-situ. Above 20 MHz, the spurs are 


Above — Spectrum analysis with the RC filter 





3. Transistor Power Dissipation in the 2N3904 





Power Dissipation vs 
Ambient Temperature 
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Above — Power Dissipation versus Temperature for the 2N3904 in 3 packages. 
Power dissipation in the collector resistor 
For example, VC (the voltage across the transistor) = 10 volts and the emitter current = 20 mA 
P=1xE = .020 amps x 10 volts = 200 mw 
Power dissipation in the emitter resistor 
P =!|xE = .020 amps x the measured emitter voltage 
orP=IxXIxR 
For example, emitter current = 20 mA with a 5 ohm emitter resistor; P = .020 amps x .020 amps x 5 ohms = 2 mW 


We assume IE = IC in the above examples. At 200 mW collector dissipation, the 2N3904 temperature temperature climbs to about 65 C. A metal 
can transistor such as 2N2222 has more surface area and better heat dissipation. A heat sink also improves heat dissipation. Temperature 
dissipation charts are referenced to ambient temperature which may be dependent on the air circulation around the transistor. If you plan on 
running 200 mW or so collector dissipation with a 2N3904, glue on a heat sink. A pinch of the finger and thumb, or a infrared thermometer are 
the most common popcorn ways to test for the need for more heat sinking, or a part with better power dissipation. 





Above — | learned this from a Russian builder. 100 heat sinks for a dollar. Typically, a small blob of epoxy with the transistor positioned to the 
lower edge of the penny works best. | used too much epoxy and didn't wait for it to completely dry before taking this photograph — the penny slid 
down. 


4. Some Factors Affecting Common-Gate Amplifier Input Impedance 





A question arises: with all the devices and topologies available, why build a common-gate JFET RF amp in 2011 and on? For the J310 JFET at 
least: they're cheap, the input impedance is close to 50 ohms and wideband, the amp demonstrates good stability, signal handling capability and 
linear performance — all without running mega-current. MHe HpaButca. Many authors state the common-gate noise figure is inferior to that 
obtainable with the common-source topology, but for the popcorn builder, the common-gate noise figure is probably reasonable. 





Figure 1 
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Above — A JFET gate biasing experiment. Here | applied 0-7 volts DC to the gate of acommon-gate FET amp. The results proved interesting; 
see the graph below. The drain was tuned with a fixed 47 pF cap and manually “scrunch tuned" by pinching the T50-2 toroid with fingers and 
thumb. The input RFC serves to decouple the DC from the AC signal and the tap is used to improve the input impedance match. 
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Above in Figure 2 — A graph of the DC gate voltage versus gain, input return loss and source current from Figure 1. 


Increasing the DC gate voltage increases the source current as shown in the graph — ranging from 9.8 to 38.6 mA. From a DC gate voltage of 0 
to about 4 volts, amplifier gain changes very little. Technically, the gain of this amplifier should increase along with drain current, however, the 
input resistance simultaneously goes down, creating greater voltage division loss at the input plus reduced return loss from impedance 
mismatch. This tends to cancel the increased gain as the plot shows. 


The AC signal current injected into the FET comes out of the drain with power gain because that same current is now flowing into a higher 
impedance. The gain is dependent on the ratio of the impedance at the drain to that at the source. Click for a SPICE plot of DC gate voltage 
versus source current for 0 - 5 volts from Wes, W7ZOI. 


From experiments, | learned that at least 6 things effect input return loss: the source resistor value, stacking or paralleling JFETS, the gate DC 
voltage(all which change current and/or transconductance), whether or not you bypass the source resistor, negative feedback and also the tap on 
the input RFC. Like other amps, the impedance of the device before and after the JFET amp can also change the input match, but those are 
external and normal considerations. 





Above — Breadboard of the DC gate bias experiments of Figure1. Properly biased JFETs act like a current source where drain current is 
controlled by the gate-to-source DC voltage. The input impedance of the common gate amp is the reciprocal of the transconductance. Ken Kuhn 
posted some great JFET design notes in the yellow JFET section on his web site. EMRFD provides another essential reference for RF JFET 
design. 


Noise Figure and the Common Gate Amplifier 


Noise figure is important in low-level RF amplifiers such as a preamp or post-mixer amp because noise generated by these amplifiers contributes 
to the overall noise figure of a receiver. The input impedance an amp like the common-gate is considered an active impedance. Often, with 
active impedances, obtaining the maximum power transfer and lowest noise figure don't occur simultaneously. That is, the optimum input 
impedance match for gain is not the optimum input match for low noise performance. With pure resistances, the best noise figure possible is 3 
dB; however, when using an active impedance, it's possible to achieve a noise figure less than 3 dB by applying negative feedback or other 
techniques to manipulate the JFET active input impedance and lower its voltage noise. 


A stellar example by Bill, W7AAZI employs DC gate bias, noiseless negative feedback and paralleled JFETs to achieve a noise figure in the 1.2- 
1.5 dB range. This mind-boggling circuit is described in EMRFD as Figure 6.94. | wanted to explore this topic: can amateur builders design 
common-gate amplifiers for a lower noise figure? The answer is perhaps, however, unfortunately, there is no cookie-cutter approach. 


Low noise amplifier design imposes an advanced topic and many builders lack the math skills and/or test equipment to design and generate 
results. Each design must be approached on a case-by-case basis, although similar fundamentals apply to all cases — using active impedance 
manipulation techniques and paralleling up JFETs while paying attention to all the resistances in a circuit — even loss resistance in the 
inductors. | learned from Professor Ken Kuhn that when amplifiers are paralleled the output signal power adds linearly, whereas the internal 
noise adds statistically (square root of the sum of the squares) and thus noise figure improves. In short, paralleling JFETs reduces voltage noise, 





but only to a point, as input capacitance also increases which can degrade high frequency performance and noise figure. Ideally, the JFETs 
paralleled should be matched for IDSS and VP. 


Further, all devices have a voltage noise specifications (in volts per root Hz) and a current noise specifications (in amperes per root Hz). The 
source impedance that produces the lowest noise is the ratio of the two — derived from Ohm's law. The input impedance of the device may be 
higher or lower; thus the optimum source impedance for low noise is not necessarily the optimum source impedance for maximum power 
transfer. It's unlikely that these two impedances differ widely, however, only careful bench measurements or closely copying proven designs will 
ensure the desired results. 





5. Design Center - Temperature Stable Voltage Divider Bias 


QRPHB Design Center 


Temperature Stable 


Voltage Divider Bias 





vcc 
Simple steps for a temperature stable amplifier 

1. IB=IE/hFE 
2. VE=1.5* VBE RC 
3. VB=VE+ VBE VC 
4. RE=VE/IE (2 VB 
5. ID=IB*10 (Dis divider current) VE 
6. Re =VB/ID R2 RE 
7. Ri =(VCC — VB) / ID 





Above — A simple way to design a temperature stable BJT voltage divider bias. Assumes that IC = IE. You specify IE. 


| sought to develop a simple way for builders to design a temperature stable BJT amp using voltage divider bias. It wasn't so easy. Here is the 
full math from Ken Kuhn. As shown, it gets complicated and over-the-head of the target readers of this web site. 


My simple approach makes assumptions, and certainly an astute builder could improve my algorithm - | developed other formulae, however 
settled on this one because it well fits the scope of the QRP/SWL HB web site. Most engineers design their bias networks in SPICE and | 
recommend this. 


To choose a Beta or hFE, you can measure the Beta or use the transistor datasheet Beta near to the emiiter current you intend to apply. Many 
builders debate this and even go as far to state that spec sheet Beta values are useless. This may be true, but you have to decide on some 
approach. Ultimately, you will build the amplifier and can tweak 1 or more of the bias resistor values to set your bias voltage (emitter current). 
Click for a snippet from a 2N3904 datasheet showing hFE at a range of currents. 


Biasing BJTs is a great example of building to suit your design requirements. The average reader likely operates their radios at room temperature 
where a minimum temperature stability factor is needed. On the other hand, you may operate field portable, or use a crammed chassis where 
transistors heat threatens stability. As always, your design choices must fit your needs, parts and abilities. 

The above 7-step method forms a simple QRPHB Design Center method to achieve a reasonable temperature stability factor at normal 


operating temperatures. | considered 2 factors: VBE and Beta (hFE) changes. 


VBE 


We normally attribute the voltage difference from base to emitter (VBE) as 0.7 volts for silicon transistors. VBE changes inversely with 
temperature and at AF to HF, we mitigate VBE creep by applying an emitter resistor to increase the emitter voltage VE. The emitter resistor 
provides a feedback loop so as collector current starts to increase due to a rise in temperature, the voltage drop across RE also starts to 
increase. This voltage tends to reverse bias the base-emitter junction. The net effect is decreased collector current. 


How do | choose an emitter resistor value for VBE bias stability asked the little grasshopper (novice)? 


The VE value should typically be about 10 to 25% of VCC. VE recommendations really vary from author to author — some say VE should be at 
least 5X VBE while other authors suggest 2-4 volts as the minimum acceptable VE value for bias stability in typical AF-HF amplifiers. | use 1.5 * 
VBE (0.7) = a VE of 1.05 volts, but it's up to you. Since you know IE for your transistor, calculate the resistor RE to provide the target VE using 

ohm’s law: RE = VE/IE. 


At VHF on up, emitters are typically directly connected to ground since that path must have as near zero inductance as possible. In these amps, 
the bias is derived by a feedback circuit that controls the base current to stabilize the collector current at a specific level. Inductance in the 
emitter lead causes significant loss of gain at higher frequencies and also upsets the input impedance to the base. Similar effects occur in JFETs 
and even vacuum tubes. 10s of nH of inductance at 144 MHz represents a reactance of 10s of ohms. At UHF on up this becomes very serious 
— that's why construction methods are so critical for these builders. 


In conclusion; to influence VBE stability against temperature changes and to some extent leakage current, at AF- HF, apply series feedback to a 
raise emitter voltage (VE). Accounting for variations arising from 5% tolerance parts, | chose a minimal VE of 1.05 volts (equation 2 of 7 in my 
"Simple Steps..." algorithm). 


A tradeoff challenges us — increasing the emitter resistance, increases AC degeneration, lowers AC signal gain and raises the transistor input 
impedance. Bypassing all or part of the emitter resistance offsets these problems. 


Beta 


Beta variation arising from temperature changes must be mitigated. | briefly discuss the factors that change Beta in the bullets under the #5 
Bipolar Junction Transistor Beta Tester on this page. 


To design "beta independent amplifiers", the builder alters the resistance ratio RB/RE. Decreasing this ratio 

improves the Beta stability while decreasing the amplifier current gain. The ratio can be confusing, so the Design Center equations 5, 6 and 7 just 
make the current in the divider 10X the base current. It's simple — you're done. Feel free to choose whatever ratio you think is best. Good values 
for the RB/RE ratio lie in the 12 - 20 range. 


Design Example 


[hFE = 100, IC = 10 mA (0.01A), VCC = 11.22v, VBE = 0.7] 


I used a 100 ohm low-pass resistor; so VCC = 12.22v - (0.01 A * 100 ohms) = 11.22U 


IB = IE/ hFE = .0001A 

VE = 1.5 * VBE = 1.05v 

VB = VE + VBE = 1.75v 

RE = VE/IE = 105 ohms (Use 82 — 100) 

ID = IB*10=0.001A 

R2 = VB/ID = 1750 ohms (use IK8) 

R1 = (VCC —- VB) / ID = 9470 ohms (Use 10K) 





Above — A design example employing my "Simple steps for a temp stable amp" bias algorithm. My VCC = 12.22 volts, but, as always | 
decoupled and bypassed the VCC — in this case, | applied a 100 ohm /0.1 uF network. At 10 mA emitter current, the voltage drop across the 
100 OQ resistor results in a VCC of 11.22 volts. 


Big thanks to Wes, W7ZOI and Professor Ken Kuhn for helping me with my math problems and to better understand biasing concepts. 


A friend made a Design Center spread sheet for MS Excel. In this application you enter the desired IC rather than IE. 
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50 Ohm Common Emitter Audio Preamp Experiments 





Introduction 


This page supplements the Pop DC2 Receiver Experiments from this web page. 


Input F 





12.22v 11.69v 
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or greater 
+ 0.76v 





(Be 3K9 3.75v 


Gain = 18.0 dB 

Stage current = 7.22 mA 
AF Input Return Loss = 28.7 dB 
Q1= Q2 = 2N3904 








Above — A 50 ohm audio preamp to follow a diode ring product detector. 


Many seek an alternative to the common base AF preamp that typically follows a diode ring product detector. Winter experiments yielded some 
possible ideas. The simplest is shown above. 


Using all different parts, | built and measured another version to ensure reproducibility of the input return loss while just using standard 5% 
resistor values. The second amp proved similar: 18.4 dB gain, 7.27 mA stage current (3 .8 mA is consumed by the emitter follower), a return loss 
of 27.6 dB and anice sine wave output. A 2K2 resistor AC coupled to the emitter follower provided a load. Note in the photo, | used 1% resistors 


in some slots, but the values were standard 5% and not unusual values like 15.4 K etc.. The 3K9 feedback R is the most critical value — it's a 
5% part. 


About 1/4 of my resistor collection are 1% metal film, as | don't like stocking both 5% and 1% tolerances of the same R value. | envision this amp 
driving a 5532 amplifier/low-pass filter built with 5% resistors with the op-amp output connected to a 1-10K volume control potentiometer. 


The amp above is pure popcorn fluff, yet represents over 8 hours of reading, calculations and bench discovery. In another version, | soldered in 
low noise transistors (MPSA18 for example) and 1% metal film resistors to try and drop the noise figure. Yet another stage had Q11 collector 
bootstrapping (3 layers of feedback). I'm not sure what I'll do with these experiments, however, at least 1 of these will end up on the module page 
as the update to the popcorn DC receiver mainframe. 


Glenn, VE7DNL built a landmark common emitter preamp with parallel 2N4401s, shunt feedback and some 1% bias resistors. | built a version of 
his pre-amp without the diplexer. The input return loss in my version was only 5 dB — likely the diplexer network helps establish the input match. 
It appears Glenn's goal was low NF and the best match and noise figure don't always correlate. | matched Q2 and Q3 as well as | could since 
only 6 were available. An Hfe of 220- 240 is not uncommon for the 2N4401 — a good part. 


Here's a SPICE plot of the amp performed by Wes, W7ZOI. The two plots are S21 and S11. S21 is the forward gain in dB. S11 is the input 
reflection coefficient, which is just the negative of the return loss. At 1 kHz, the calculated gain = just under 42 dB and the input match = ~17 dB 
return loss. 


To improve return loss in my breadboard, | need to tweek Q2 and Q3 bias (lower the 6.04K resistor), plus add some emitter degeneration. 
Emitter degeneration (series feedback) would worsen the noise figure. The 100 uF emitter caps offer some series feedback and capacitor values 
like 1000 uF are needed if "true" AF bypass is wanted. 
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Above — Alternate experimental 50 ohm audio preamp to follow a diode ring product detector. The high impedance output enables small value 
output coupling capacitors for pseudo high-pass filtering. | simply added a collector resistor plus a decoupling network to Q2. The low noise 
MPSA18 BJT is a favorite and predictable part. The 2N3904, 2N4401 and others should work fine. 


Don't even think about using an input capacitor less than 100 uF at 50 ohms — you'll trash the input Return Loss. | measured the highest Return 


Loss with a 470 uF coupling capacitor, but the 100 uF cap shown worked almost as well. 


I'm currently decreasing the (Q2) 1K emitter resistor with hopes of squeezing out a little more gain while trying to preserve strong signal handling 
capacity. I've found that heavy feedback is your friend. 
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Above — Another version; trying to increase stage gain. The Q2 collector resistor dramatically affects clean signal handling — lowest distortion 


occurred with a 367 ohm collector resistance. | substituted a 390 ohm collector R. This dropped the gain a little, but increasing distortion over 
gain is never my goal. 


During experiments, dropping the the Q2 emitter resistor below 470 ohms made the other biasing resistors more critical, decreased return loss 
and invited distortion. The best return loss occurred when critically biasing with 1% resistors — I'm avoiding that! 
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Feb 26, 2011 (3.48K 1% R) 





Above — Another popcorn part experiment from February. A low-pass network terminates a diode ring mixer and drives a 50 ohm input 
feedback pair arranged so the Q2 collector DC voltage is approximately 1/2 VCC — this provides the DC bias for a 5532 op-amp low-pass filter 
arranged in the Sallen-Key topology. 


The Q2 collector voltage removes the need for a separate single supply op-amp bias network and an AC coupling cap. | didn't try this circuit in a 
receiver; arranging the feedback network and testing the possibility of such a design drove this experiment. A perfect 1/2 VCC Q2 collector 
voltage might be obtained with a standard 1% value 806 ohm R. | lack this part. 
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Almost Popcorn Superhet 








1. Receiver Concept and Macro Diagram 


Not done. 


Maybe a flight-of-fancy that never crosses the finish line? This page seems to repeatedly find the back burner; a good intention that never sees 
completion. Sadly this is normal for some of us builders — how many incomplete projects adorn your home and workshop? Still, this web page 
might fuel your own experiments. 


For years, I've attempted to update my Popcorn Superhet from 1998 but always seem to lose interest from numerous distractions such as VHF 
and UHF experiments and other non-radio stuff. So here it is so far — raw and unrefined: more experiments from my analog-centric workbench. 
To clarify — | love the new digital radio stuff, but that's well covered on the net by numerous code writers and those bleeding edge, frontier- 
pioneer types. | prefer a 50 Q lab with all the visceral enjoyment and learning it has to offer. To each his own. 


This web page remains unlisted on the main top level menu — and for good reason. 


lick for some supplemental lab notes. 





2. N = 4, Gaussian-to-6 dB Crystal Ladder Filter 


| frequency matched four 11.0592 crystals, characterized them and took an average of those crystal parameters plus some data from Zverev and 
inputted this into xlad08.exe, a program that ships with EMRFD. 


rysta 


File About XLAD 


Follow instructions in numeric order: 


F_ MH2/ 11.0592 Metanel Here j.01 Q-u 0000 CO, pF. 14.86 
1. Enter or edit crystal parameters and click: 1. Characterize Crystal 
Filter Bandwidth, Hz, = 1000 Number of Crystals in Filter (20 max) = 
2. Enter/Edit B and N and click: 2. Set B and N | 


24,{Optional) To generate k and q values. click: 2A. Generate Butterworth, Chebyshev. or Cohn k and « 
ql= |06 qn= /1.2348 


} 3. Enter or Edit End Normalized Q values and click: 3. Set q1 and qn | Min End Resistance = [ 03.4 
EndR =|200 4. Enter or Edit End F and click: 4. Match Ends Shunt End Capecior 


k1-211 4512 k2-3 10.9245 k3-410.6213 k4-5/oo000 k5-6 19.0010 C-1, pF C-N. pt 
k6-7 [0.0010 k?-8 10.0010 k8-3 10.0010 k3-10 |o 0010 [63.55 )13417 = 


} 5. Enter or Edit the Normalized coupling coefficients and click: 5. Calculate Coupling Caps | 


6. Edit Coupling and End Caps, if desired, and Tune Filter: 





xlad08, 5 Nov 08d, w?zoi 











Above — Xlad08.exe screen shot. 
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Above — The xlad filter expressed as a schematic. Click for a GPLA plot of the filter. 





| built and hand tuned this crystal filter with my analog sweep system. Click for a photo of the optimized filter breadboard — | used 1 or 2 parallel 
capacitors to tune each capacitance to derive the best possible skirt shape. Click for a sweep of this optimized filter in my ‘scope. 2 bifilar 
transmission line transformers provided the required 200 Q port termination in my 50 Q sweep system. 


| sought a crystal filter based on the xlad08 calculated values using only 1 nearest standard value in each capacitor slot. 


Transitional filters like the G-to-6 dB, are generally tolerant of part substitutions and thus | sought a filter with only 1 nearest 5% standard-value 
capacitor in every slot instead of 2 sticking 2 close in value parallel caps to make up the needed capacitance as needed. 
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* Tused this filter 


IF = 11.0592 MHz, Lm = 0.01, Qu = 70K, CO = 4.86 pF, BW 
Ql= 0.6, QN = 1.2348, R = 200 ohms, K1-2 = 1.4513, K2-3 
0.9245, K3-4 = 0.6213 








Above —The 2-step transition to a 1 capacitor, nearest standard value in each capacitor slot. In the top diagram, | placed a trimmer cap on each 
end to allow filter tweaking while looking at the swept filter in my ‘scope. I've learned that adjusting the parallel cap nearest to each port a simple 
way to tweak a G-to-6 dB filter. After setting the best looking skirt, | removed and measured the end parallel capacitance and substituted the 
nearest standard fixed capacitor. Manipulating the capacitors values will change filter bandwidth and return loss. 


You might compare the lower filter to the xlad calculated values to see how tolerant the circuit is. 








Single standard-value capacitor 
G-to-6 dB crystal ladder filter 
N= 4. V = 10 dB/division. 








Above — A sweep of the single value capacitor version that's used in the Almost Popcorn receiver. While the 1 KHz filter skirt isn't perfect, it's 


reasonable. Click for the test bench breadboard. This particular filter measured 1/2 power bandwidth = 1227 KHz and the insertion loss was ~3.6 
dB. 


3. IF Amplifier 
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Above — Version 2 of a popcorn IF amplifer idea with BF998s. IF = 11.0572 MHz. 


| have no use for AGC in my personal receivers since | listen through a speaker and always ride the RF gain control with my finger. Since the 
BF998 has gain into UHF, wideband decoupling + bypass SMT R-C networks filter each MOSFET in case of oscillations. Click and click for 
photos. This circuit will operate fine with just 0.022 UF bypass caps. 


A network matches the 200 O xtal filter output impedance to the 3K3 input Z of the IF amp cascade. The L-C-C network has become a favorite 
matching weapon — 2 tweaks is often better than the 1 offered by a garden variety L-network. The product detector that follows this stage is a 
Level 7 diode ring mixer soldered onto the audio preamp board. This receiver will feature some modish circuits aimed at low noise + high fidelity 
but still stay "almost popcorn". Anyhow, that's my hope. 




















Above — A breadboard of the Popcorn IF amp sans the input network. | tested this stage using an oscillator with a 3K3 output impedance and 


liked what | saw. Click for a reverse angle view. After this build, | ordered some SMT versions of the 1N4148 diode. The BNC connector was only 
soldered on the board for testing purposes. 
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Above — Setting up to measure the return loss of the 200 Q input Z of my popcorn IF amp. 1 difference between scratch homebrew and kit 
building is all the measurements you need to make to optimize your scratch receiver. A joie de vivre stems from our descriptive/exploratory 
analysis before and after making our breadboard. We just learn from mistakes and move forward to improve both our knowledge and gear. 


| chose a 200 OQ input impedance for a reason — it's easy to apply a standard 50 OQ return loss bridge via a 4:1 transmission line transformer to 
establish the correct input impedance for the single frequency matching network. 


From the set-up shown above, | found that with a 200 O resistor, my return loss at 11.057 MHz = 33.4 dB. This signals the very best we can 
achieve with our network: directivity. Click for a photo of the above experiment breadboarded on a scap of copper clad board. 
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Above — The schematic of my 200 to 3K3 Q matching network. | designed it with zmat08.exe, a program by Wes that | first used as a console 
app since the days of DOS. Zmat08 program comes with EMRFD. Click for a screen shot of from Zmat08. 

The calculated values from Zmat08 only consider a pure resistance and not a complex impedance, so on-bench adjustments of the design L and 
C values are normally required and fun to do. Variable trimmer caps make tweaking the C easy. 
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Above — The final— measured schematic — While watching the peak to peak voltage on my 50 Q terminated scope, L and both capacitors were 
tweaked until | found the highest return loss. L is tweaked by scrunching or expanding turns, or adding/removing turns as needed: in this case, | 
added a turn and expanded the windings slightly. With the L-C-C match, a return loss greater than 25 dB may arise plying good bench practices 
— mine measured a lovely 29.2 dB. | removed and measured the inductor plus 2 capacitors to get the values shown black in Figure 3. 





Above — A breadboard of the Figure 3 network before | experimented to find the best L (and shortened its leads). 


After | making and tweaking the Figure 3 network, | took the coil along with 2 cheaper trimmer caps and added them to my IF amplifer 
breadboard. While measuring the return loss of the IF strip input, | had to expand a couple of links on the inductor, but after tweaking the L and 


the 2 trimmer caps, | measured a 28.5 dB return loss. This ensures my crystal filter will see close to a 200 Q termination at the IF input. | love well 
matched stages! 


Further, | made a L network and then a L-C-C network to match the output port, however, UHF oscillations erupted. | then went back to a simple 
broadband transformer and measured a RL of 21.8 dB with a 12:3 turns ratio. Done. 


4. Mixer and Post-Mixer Amplifer 
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Above — | tested the W1JR (Joe Reisert) bridged-tee diplexer against another design used by Ten-Tek. I'll show the outcomes on the Almost 
Popcorn receiver page some day, but the W1JR better fullfills its purpose; termination from DC to daylight at the mixer IF port. | calculated the L 
and C values for a 11.0592 MHz IF with my Universal Diplexer application from many moons ago. 
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Above — A fantastic match! Thanks Joe for the design and to Wes, W7ZOI for his help with diplexers and the SPICE plots through many years 
of related experiments. Since web publishing the , at least 500 diplexer-related emails have come in. Human translated versions of 
the web page exist in at least 3 languages. 


2 MHz/div W1JR Diplexer 





Above — Tracking generator plus spectrum analysis sweep. SPICE does a better of examining the high-pass side. 
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Above — A look at the diode ring mixer, diplexer and post-mixer amp from the latest version of my Almost Popcorn Receiver. | tested the 
diplexer and RF amp with pad as one unit (see the S-values). 


It did not make sense to use a transmission line transformer to get 50 Q on the amp collector and then use another transformer to build it back 
up to the needed 200 QO impedance for the crystal filter, so | just employed a single choke driving a 200 Q Z attenuator pad. 

S parameters are 50 O values, thus S22 = the 200 Q transformed into 50 Q. After terminating the stages 200 Q output with a 4:1 Z transmission 
line transformer, | tested it like any other 50 Q circuit andmeasured S22 as -30.6 dB — my xtal filter input Z is well established. 


Even with the 6 dB (200 Q) attenuator pad and losses from the diplexer, the stage gain from point A = 15.5 dB. Click for to view a bigger picture 
of the breadboard. Losses from a diode ring mixer are typically 5 - 7 dB. 
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Above — Mixer and diplexer assembly. The RMS-5LH takes 10 dBm LO drive. 


5. Product Detector and Post Product Detector AF Amplifer 


| kept the diode ring for a product detector: an SBL-1 driven with a xtal oscillator (BFO). 
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Above — My post-product detector amplifer: a common emitter/ emitter follower pair arranged for a 50 Q input impedance with shunt and series 
feedback. Getting the biggest, clean sine wave in and out posed my only goal — the 3.54 mA current source on the follower helps that cause. 
The input Z tested quite insensitive to output load variations and the (S11) return loss = 24.1 dB. 
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Above — The "Full Monty product detector to AF preamp". A MCL SBL-1 diode ring mixer drives the 50 Q input Z feedback pair and finally a 
5532 op-amp with adjustable gain. The 25K gain trimmer pot allows the builder to accommodate factors such as whether the stage is a DC 
receiver, or an RF-AF block for a superheterodyne receiver like in this radio. I'll set the gain as low as possible and hope to build up my AC 
voltage with active, gain producing low-pass filter op-amp stages. 


The output t pin 7 is directly coupled to an op-amp AF filter. With software we can easily design a myriad of audio filters: band-pass, low-pass, 
high-pass, all-pass etc. | only run low-pass filters in this slot and even here we must decide whether to make our reponse Gaussian to 6 dB (or 
12 dB), Bessel, Butterworth, or a Chebyshev with some degree of ripple. I'm testing out a few designs with an eye towards simplicity and 10% 
parts. 


Spurred on by curiosity, with my ears as the main evaluation tool; | currently have a 5532 paper design to deliver 20 dB gain with a 500 Hz pass- 
band, Gaussian to 12 dB low-pass response. Click for schematic, | chose a 500 Hz cut off frequency since the skirt shape by definition is subtle 
and the Q low. This trick should better roll off the AF above 1 KHz a little faster without the ugly group delay associated with steeper filters 
employing more poles. We shall see! 








Above — The compact breadboard of Figure 2. 


Audio filters and AF power amp are incomplete..... 
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Almost Popcorn Superhet — Supplemental Lab Notes 





These lab notes supplement the Almost Popcorn Superhet Receiver Web page which has remained incomplete for greater than 10 years. I'm 
sorry for the rough writing and procrastination. 


N = 3 Gaussian-to-6 dB Crystal Ladder Filter 


| spent a pleasant Saturday afternoon designing, building and testing Gaussian-to-6 dB crystal filters. | inputted some xtal parameters + 
constants from Zverev into Xlad08.exe from EMRPFD. Here's the N = 3 version 


File About XLAD 
Follow instructions in numeric order: 


F . MHz fi 1.0592 Motional L, Henry j.01 hs j70000 oe [4.86 
1. Enter or edit crystal parameters and click: 1. Characterize Crystal 
Filter Bandwidth, Hz, = 1000 Number of Crystals in Filter (20 max) = 
2. Enter/Edit B and N and click: 2. SetB andN 


24,{Optional) To generate k and q values click: 2A. Generate Butterworth, Chebyshev. or Cohn k and q. 
ql = |.4691 qn= [1.731 
3. Enter or Edit End Normalized G values and click: 3. Set ql and qn | Min End Resistance = j 35.3 


End R= 200 4. Enter or Edit End FR and click: 4. Match Ends Chart Efe easecion 
K1-2]1.4574 | k23) 6496 = k3-4]o.0000  k4-5lo.0000 KS-6 10.0000 C-1, pF C-N, pF 
k6-? 10 0000 k7-810.0000 k8-310.0000 k3-19 Jo c000 wll [175.56 


5. Enter or Edit the Normalized coupling coefficients and click: 5. Calculate Coupling Caps 


6. Edit Coupling and End Caps, if desired, and Tune Filter: 
Chine aach Eiltet Mast: 


— 


0.00 





xlad08, 5 Nov 08d, w?zoi 


Save design to default file. Exit 








Above —A screen capture from Xlad. This app allows skilled builders to depart from the typical Cohn (Min-Loss) filter and tune filter poles to 
derive beautiful skirt shapes and low insertion loss if wanted. I'm not a great crystal filter designer, but I've seen work from friends who have a 
knack for it: imagine making a N= 8 to 10 crystal CW filter with just ~1 dB insertion loss like these builders! for the GPLA simulation. 


N = 3 Gaussian to 6 dB 
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K1-2= 1.4574, K2-3 = 0.6496, BW = 1 KHz 








Above — Gaussian-to-6 dB xtal filer schematic where N = 3. 









300 pF 
LH 
e 
502 
s CV a cV fe 
56.7 pF 156.7 pF 302.3 pF 


11 BFT 11 BFT 
FT37-43 FT37-43 
CV = 5 - 79 pF variable Measured C 





Above — Circuit to allow evaluation of the filter in my 50 QO sweep system. Transmission transformers provide the needed 200 O filter termination. 
| inserted 4 trimmer caps to permit tweaking of the filter under test to establish the very best filter shape. With trimmer capacitor adjustment, | was 
able to trash the filter or peak it well. Click for 3 different swept bandwidths: Sweep-1 Sweep-2 Sweep-3. 


After peaking, | removed al/ the caps and measured them as shown in red font. I'll replicate these values with nearest standard-value fixed 
capacitors. The trimmer caps nearest to the ports proved more sensistive compared to the 2 middle trimmers capacitors during tuning. 


This might be the coolest thing I've ever done on my test bench. 





Above — My N = 3 filter breadboard. | left the capacitor leads long for re-use. | consume huge numbers of parts and recycle as possible to keep 
costs down. 





Mixer and Post Mixer Amplifer Development 





Above — Ugly breadboard shot with my ancient 105 mm lens for a change. It's a Beaverton Special feedback amp (FBA) biased for ~40 mA. For 
my post-mixer amp. If you need a stout RF amp, this one will do in a storm. 
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Above — The Beaverton Special feedback amp biased for ~40 mA with a 50 O output Z. The FBA with no 5 dB pad: S11 -18.5 dB; S12 -34.6 dB; 
$21 22.1 dB and S22 -31.8 dB. | love this FBA for its simplicity and well defined port impedance. My IF = 11.0592 MHz. Click for a discarded (but 
cool) photo. 


To drive the 200 Q input Z of my xtal filter | later converted the output to 200 O by changing the collector transformer and pad. 





Frequency Synthesizers and Logic 


I've spent a great deal of time reading about & playing with some HC series logic | bought in 2011-2012. | even purchased a few 74AC74, a D 
flip-flop you can clock up to 160 MHz or so. Most of my reading concerned frequency synthesizers: PLLs, dividers, prescalers, etc. Since most 
modern devices run a clock at GHz frequencies, the evolution of frequency synthesis technology from around the mid 1970's to now makes for a 
fascinating read. 
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Above — Using a CMOS 10 MHz clock oscillator, | tested out a positive edge-triggered programmable frequency divider designed by Wes, 
W7ZOI in 2011. It works perfectly. 


Programming Pin Sequence on 74HC193: 9, 10, 1,15 








Above — A test of all 16 combinations of the 4 programming switches with the 10,000 KHz input. | show the measured output frequency in KHz 
and the integer generated by dividing the output F into 10,000 KHz. You may leave pin 9 HIGH and just run it as a divide by 10 to 17 counter with 
3 panel mounted programming switches — that's what | hope to do. 


While working at Tektronixs, Wes designed the frequency synthesizer for the 492 Spectrum Analyzer; a portable SA that went to 21 GHz or so. 
His experiences informed the design of this simple, low-cost, edge-triggered divider. 


Here, Wes applies the 74HC193 as a down counter where a number is loaded and then it count downs until zero is reached. The number gets 
boosted by 2 — 1 comes from the 74HC74 D flip-flop, while the other arises from the phasing of the signals. The 74HC74 makes the overall 
output coherent with its clock and avoids the flicker noise that otherwise might be generated in the long divider chain of the ripple counter. 


The standard binary to decimal conversion is altered in this circuit. 





Above — My ugly breadboard. Instead of switches, | relied on bench jumpers to set a pin LOW. 


Check out the standard binary switch combinations on this cool website: Math Is Fun. | also enjoyed their hexidecimal drum machine tool - Click. 
Actually, the whole web site looks great and | will recommend it to our friends with children and maybe even a few radio enthusiasts. 
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Above — An Almost Synthesizer based upon the design currently in use at W7ZOI. 


| picked the MTO, xtal oscillator and VCO frequencies and will design the loop filter once | get the parts and 

a few small die-cast boxes on hand. The MTO division integer is low and quiet — plus this scheme enhances MTO frequency stability and 
spectral purity. A 4-bit ripple counter + flip flop perform the division where N = 10 - 16. | might go higher with N , but don't want to get too greedy. 
For CW, I'm generally in the bottom 20 KHz of the band anyway. 


The MTO tunes about a 13-14 KHz range and the N gives 6 different tuning ranges (with some overlap) to span a total range of ~118 KHz. The 
4-bit WORD is changed by 3 chassis-mount toggle switches and give a PLL reference of ~~175 to 280 KHz. 


This almost synthesis seems a little crude in a time when people use microcontrollers to input a WORD into a chip with with the simple turn of a 
rotary controller, however this set-up fosters learning, huge fun, and when the oscillators plus loop filter are well designed; low phase noise and 
reciprocal mixing. 


The Crystal Filter 





Above — A GPLA sweep of my 4 crystal filter where C parallel = 4.86 pF, Lm = .01 H, IF = 11.0572 MHz, BW = 1 KHz and R term = 200 ohms. 
This Gaussian to 6 dB filter design was chosen for speaker audio that sounds full + dynamic without the hollow ringing so often heard in 
homebrew receivers. | filter in my brain and first learned to copy CW across a room while listening to a speaker. 


My code mentor Doug, could make coffee, walk around the room, talk to us and still 100% copy CW at 40 WPM. He taught us the ear to brain 


bandwidth is ~ 100 Hz when copying weak signal CW through a sideband crystal filter. To this day, | prefer listening through wider CW filters with 
brain band-pass filtering. 
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KL7R Memorial Supplemental Page 





This web page is a supplement to the K7LR Memorial Receiver E 





Audio Preamplifier Focus 





Shown above is a SPICE build of an earlier prototype of the audio preamp chain which was ultimately used in this receiver. This SPICE work 
was performed by Wes, W7ZOI. Note that at this point, | had 100K plus 390 pF feedback in U1 and a 75K plus 470 pF feedback resistors in the 
op-amp amplifiers (really massive gain). | spent 4-5 days trying different audio stages before settling on the circuits shown. 
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Shown above is the voltage versus frequency plot from a SPICE run of the schematic shown above. The gentle slope (decibels per octave) of the 
low pass filters can be seen. Certainly Chebychev filters with 1-2 dB of ripple would have provided steeper filtering, but the filters would have 
odd resistor values and be less easily modified or reproduced by popcorn builders. The V(u50ut) shows a reasonable low pass response for the 
AF preamp. 


Audio Power Amp 
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This schematic shows a stand-alone version of the audio power amp. If only 1/2 of the 5532 is used, connect pins 3 and 2 of the unused op-amp 
to the point where all the 22K resistors connect (VCC/2 bias point). 


Product Detector Notes 
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Shown above is the analogy between an SPDT CMOS switch and a single-ended, diode product detector. In both cases (A and B), the LO 
causes 1 diode (switch) to conduct, while the other is OFF. Then, on the other half cycle, the other diode (switch) conducts. If you wish to 
actually using the product detector/mixer depicted as "A" go with Figure 5.19B in EMRFD which has the LO applied to the transformer primary. 
As shown, "A" has poor LO to RF isolation, but it helps model the CMOS SPDT analog switch function. Function and performance are 
completely different topics... The on-resistance of the 4053 is much higher and thus performance is not identical. 





CMOS Analog Switch Model 
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CMOS analog switch model. A or B are bidirectional and can be used interchangeably for the input or output. Ideally the on-resistance should be 
low to reduce propagation delay of digital signals plus resistance and perhaps distortion of analog signals. They can be used to switch digital bus 
data or analog signals. CMOS switches can replace mechanical reed switches in some low power circuits. 
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The CD4053BC is a triple 2-channel multiplexer having three separate digital control inputs; A, B, and C, and an inhibit 
input. Each control input selects one of a pair of channels which are connected in a single-pole double-throw configuration. A high on resistance 
makes the 4053 a compromise part for RF mixing. It might be perfectly okay for your design. 
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The 4066 is more easily understood when drawn in a semi-schematic. The on-resistance of this MAXIM version is better than the usual HC4066. 
About 45 ohms with a VCC of 12 or so. 
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Failed Experiment - DO NOT BUILD 4066 = MAX4066CPD+ 


A 4066 experiment that was a total failure. It is both humbling and useful to show your failures and not just the good fruit. This circuit had hum, 
noise and low output. The input transformer was a bifilar type, which was really cool. 




















The breadboard of the 4066 Concept schematic shown above. 














The DIP IC switches used as product detectors in the K7LR memorial receiver experiments. 





My work bench during some final experiments for this project. 
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K7LR MEMORIAL RECEIVER VFOs 





This web page is a supplement to the K7LR Memorial Receiver Experiments Web Page 


14 MHz VFO Circuit 
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Figure 1 is the 14 MHz VFO used to switch (clock) the CMOS switch product detector. The tuning range can be easily changed by adjusting 
capacitor CX. As shown, the the tuning capacitor has a frequency range of about 68 Hz. If you decrease CX to 47 pF, the tuning range increases 





to around 99 Hz. Increasing CX to 100 pF gave about a 40 Hz tuning range. When you use a larger tuning range, fine tuning can become 
difficult. A geared reduction dial is one possible solution. For simplicity, | prefer to just keep the tuning range low as reasonably possible and use 
a big knob on the main tuning variable capacitor. Even the 68 Hertz tuning range shown can prove difficult for fine tuning. As experimenters, we 
are continually problem solving. Choose the tuning range and/or methods which suit your personal needs. 


The base 7 MHz oscillator is doubled since a D flip flop is used to clock the CMOS switch product detector. This oscillator has low harmonic 
content and this is important for suppressing the 7 MHz fundamental frequency and its harmonics in the frequency doubler. Some astute builders 
may even match the two diodes used in the doubler. Diode matching is discussed on this page. CV tunes very sharply and the output at Q3 isa 
clean sine wave. This in turn provides a well balanced square wave at each output of the D flip-flop. The Q3 output voltage was measured at - 
0.46 dBm (0.6 volts peak to peak into 50 ohms). 


Choosing Capacitor Values 


There are a number of ways to determine the capacitor values required to tune your VFO L-C tank circuit. It is pretty much essential to have a 
frequency counter and nice perhaps, to own a capacitance meter. Main tuning capacitors are typically harvested from an old radio or from the 
junk box. Its tuning range could be anywhere from 30 to 300 pF, or more. To limit the tuning range of this variable capacitor, normally you parallel 
a fixed-value capacitor and then series connect it to the top of L1 with a small, fixed-value capacitor. | performed this task entirely by trial an error 
using a frequency counter connected to the collector of Q2. Some fixed value NPO or COG capacitors plus a small trimmer capacitor are also 
required for tuning and to set the lower band edge respectively. Finding the right combination of capacitor values is painstaking, but with practice, 
gets easier. Once you have the basic capacitor values sorted out and your tuning range set, frequency stability experiments are then performed. 
This is known as VFO temperature compensation. Some times temperature compensation can be achieved by finding the right combination of 
NPO and COG capacitors. Additionally some negative or positive temperature coefficient capacitors may have to be soldered in and tested. Your 
final capacitor leads should be short as practically possible to reduce stray lead capacitance and for mechanical rigidity. Temperature 
compensation is discussed on this web page. 


A 7 MHz VFO Circuit for Diode Ring Product Detectors 


J2 = J310 
T1= 18t primary 3t secondary FT 37-43 








If you want to build a simpler version of the K7LR memorial receiver, a diode ring mixer may be substituted for the digital switch. The VFO 
requires modification as it will be run at 7 MHz. A different buffer is used and the Q2 to Q3 frequency doubler circuit is excluded. The diode ring 
product detector version is very nice. You could use a Mini-circuits TUF-1 , SBL-1 or alternate, or perhaps homebrew your own. 


In Figure 2 is a VFO buffer configured to drive a 50 ohms input impedance, 7 dBm level, diode ring mixer. Change Rx to change the output 
voltage. With RX at 470 ohms, the output was somewhere around 5 dBm. This is useable for many situations. If you want exactly 7 dBm, the AC 
peak to peak voltage with a 51 ohm load resistor connected to the 3 turn link should be 1.43 volts. Adjust RX to achieve this voltage in your 
oscilloscope. 


20t FT37-43 
170 uH 






+ 
BP 7 
Filter 47 uF 


note capacitor 
polarity 





Note that if you build a diode ring product detector receiver version using the simple W7EL low pass termination network, the polarity of the 47 
uF electrolytic capacitor will need to be changed as shown. 





Key goals of this website include providing ideas, basic support and encouragement. | am delighted when builders make their own stuff and not 
copy my circuits. This is why we homebrew; to create, explore and share. Mike, K7LR did all of these very well. 





roa. 
H@MEBUILDER 


Amateur and Short Wave Radio Electronics Experimenter's Web Site 





Photography Links 





Nikkor 50mm lenses 
HENRI CARTIER-BRESSON - shot a lot with 50mm - video to watch over and over 


The genius of photography -- BBC4 series about the history of photography 


http://www.freestylephoto.biz 
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While radio equipment and antennas get most of the 
amateur’s attention, arguably neither can amount to much unless 
interconnected by a transmission line. Unless the appropriate line 
type is selected and properly installed, the amateur is likely to be 
dissatisfied with the results no matter how heavily invested he or 
she is in what happens at each end of the line. 

This book is intended to introduce readers with a basic 
understanding of radio equipment and antennas to the ins and outs 
of transmission lines. Subjects covered include an introduction 
to the various types of line available, detailed discussions of the 
key parameters of both coaxial cable and balanced line types as 
well as the types of connectors and how to install them. With that 
knowledge, we then go into how to select the best line for each 
application, then how to install the line in a real environment and 
make sure it will still work at peak efficiency after it has been in 
place for some time. 

As with all ARRL books, you can check for updates and 
errata, if any, at www.arrl.org/notes/. 


What is a Transmission Line 
and Why Do We Need One? 


Chapter 1 





A transmission line is a kind of ca- 
ble designed to convey power between 
physical locations. This kind of system 
is used for transmission of water, gas, 
sewage, electrical power, telephony sig- 
nals and, in our case, radio frequency 
(RF) energy. 

As with each of these applications, 
the desired results are the same: To con- 
vey the material or signal from one location to the other with minimal loss 
and with an output that includes all the characteristics of the input. While 
the ideal line is easy to imagine, real systems do not ever quite measure up. 

In a pipe-based system, for example, material is lost through leaks in 
the pipe wall or at connectors. Friction of the fluid against the pipe wall 
results in a reduction of velocity and pressure over distance. Excessive pres- 
sure can result in a catastrophic rupture and loss of system functionality. 

In a radio frequency transmission line, we have the same type of poten- 
tial departures from an ideal transmission system, and some other issues that 
plumbers don’t routinely worry about. The system functionality, however, 
is still very similar. 


WHY DO WE NEED TRANSMISSION LINES? 


We generally need a transmission line to carry RF between different 
parts of a radio system. Figure 1.1 shows locations within a typical Amateur 
Radio station in which transmission lines would be appropriate. While not 
every amateur station includes all of these blocks, and some may have mul- 
tiples of some blocks, the sketch is typical. Some larger pieces of equipment 
also have transmission lines within the unit for subassembly interconnections. 
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= Figure 1.1- 

Reotes: Arpt Antenna System Block diagram of 

_ a typical Amateur 
Radio station, 
showing places that 
would be appropriate 
applications for an 
RF transmission line. 


TR Switch Antenna Tuner 


* 
RF Transmission Line Application 


While we may associate transmission lines with antenna connec- 
tions, Figure 1.1 indicates that they have wider application. The short 
interequipment lines are sometimes referred to as jumper cables. Note that the 
dc power interconnections not shown between each piece of equipment and 
its power source could also be considered a kind of transmission line. Power 
transmission is a different topic beyond the scope of this book. 

The reason transmission lines are used for these applications is that if 
other types of connection arrangement are used, we are likely to have radia- 
tion from the connecting wires. While the radiation does reduce the signal 
available at the end of the interconnection, it is usually more significant 
that the radiation will couple to other circuitry. This can result in a number 
of problems, including oscillation, transmitter lockup, and interference to 
reception of other systems such as computers. 


BUT SOMETIMES WE DON’T NEED TRANSMISSION LINES 
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Actually, we don’t always need a transmission line for a radio system. 
There are some cases in which all parts of a system are in a single location. 
In that case, no transmission lines are required. One example of such a 
system that I once worked with is shown in Figure 1.2. The problem was to 
accurately determine the reception pattern of a complex HF antenna array 
used as a part of a military over-the-horizon radar system. The solution was 
to monitor the receiver output as a helicopter rode in a circle around the array 
with a hanging center-fed dipole suspended below. A battery-powered low 
power transmitter was located at the center of the antenna and connected 
directly to each side of the antenna. A technician at the array center took 
azimuth data so we could tell the azimuth of the helicopter, while an onboard 





Figure 1.2 — 

No PF transmission line 
required. This small battery- 
powered transmitter is 
located at the center of 

a directly fed dipole. The 
system was used to test 
the receive antenna pattern 
of a vertically polarized 
directive HF antenna array 
used in a military over-the- 
horizon radar. 


Suspended 4/2 Dipole Antenna 
With Transmitter at Center 
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navigation system was used to maintain a constant distance — worked like 
a charm! 

Another more common application is found in some microwave 
systems. As we will discuss later, losses in transmission lines go up 
rapidly with frequency. Radio systems at microwave frequencies are 
usually designed to minimize transmission line length. Some have the actual 
microwave portion of the radio system located within the antenna structure. 
This is common in satellite TV receiver systems, as well as in microwave 
communication and radar systems. It is often more economical to have 
the interunit cabling carry the dc and intermediate frequency signals (on 
transmission lines, but with less loss because the signals are at lower frequen- 
cies) than to suffer the transmission line losses at microwave frequencies. 
Figure 1.3 illustrates a typical configuration. 
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Coax for VHF Signals 


System Control Dish Antenna with 
Colocated Downconverter 
to VHF IF 


Power and Control 
de Connections 


Figure 1.3 — In this simplified satellite TV receiver system, the microwave components are 
located directly at the antenna feed to avoid losses. A downconverter translates the desired 
channel information from the 12 GHz broadcast range down to a TV VHF channel, at which 
losses in the transmission line are more manageable. 
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A similar arrangement is used in many military radar systems. The 
rotating antenna with transmitter power amplifier and receive preampli- 
fier can be located in one unstaffed vehicle while the signal processing 
equipment and sometimes the display systems are located in another at 
some distance. In this way, the operators and signal processing equipment 
are not part of the target for an antiradiation missile, especially popular as 
a counter to air defense radars. 


Chapter 2 
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Examples of popular transmission lines. 


What Are the Types of 
Transmission Lines? 


Transmission lines come in multiple flavors, 
depending on the application. Here we will broad- 
ly categorize lines into their major types. We will 
also introduce some of the varieties within each 
category that we will discuss in greater detail in 
later chapters. 


UNBALANCED 
TRANSMISSION LINE 


Transmission lines in which the conductors 
are at different potentials with respect to ground 
are referred to as unbalanced transmission lines. 


Coaxial Cable 


Probably the most frequently encountered 
type of RF transmission line is coaxial cable. It 
is found connecting almost every television set 
to an antenna or to a cable service provider. The 
cable that cable service providers use is also co- 
axial cable, at least in the last part of the system, 


near the subscriber. Coaxial cable is one member of the class of unbalanced 


transmission lines. 


Coaxial cable consists of two conductors, one surrounding the other in 
a concentric configuration as shown in Figure 2.1. In operation, if prop- 
erly terminated and used, the RF field is contained within the space marked 
“dielectric” (an insulating material) between the two conductors. At the ends, 
the outer conductor, also called the shield, can be at ground potential. The 
inner conductor is at a potential above ground, thus the name “unbalanced.” 
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Figure 2.1 —- The configuration of coaxial cable. 
ARRLO733 The inner conductor is often wire, sometimes 
stranded for additional flexibility. Rigid cable 
may have a center conductor of solid wire or 
sometimes copper pipe. The outer conductor 
can be braided copper, wrapped tinfoil, or for 
: rigid cable, copper or aluminum tubing. The 
Inner Conductor —— i & lowest-loss rigid coax is made of copper tubing 
<i 4 ~~ Dielectric for both conductors with a dielectric mostly of 
Outer Conductor ; air. Occasional ceramic spacers are employed 
to maintain the spacing. Other cables have a 
polyethylene dielectric, or sometimes a foamed 
poly that acts like something in between. 





At RF frequencies, the phenomenon known as skin effect keeps the 
RF shield currents on the inside of the outer conductor. The outside of the 
outer conductor then acts almost as if it were a separate third conductor at 
ground potential along its length. This, along with the fact that the net field 
is within the cable, provides the effect of shielding the signals within the 
cable from the effect of any signals or other effects outside the cable. This 
is a major advantage of coaxial cable. 

Within the class of coaxial cable (“coax” to its friends), there are a 
variety of subdistinctions: 

Characteristic impedance — The ratio of the conductor diameters 
and the properties of the dielectric determine the characteristic impedance, 
a topic that will get a chapter of its own. 

Cable diameter — The diameters together may scale up and down 
from less than 4 inch to many inches. The larger sizes are needed for high- 
power applications, and also have less loss than smaller-sized cable. 

* Cable flexibility — There are both rigid and flexible coaxial cables, 
and some semi-rigid, or perhaps semi-flexible, a major factor in selection 
based on application. The rigid, and some semi-rigid, cables are usually 
made with a solid tube, rather than a woven outer conductor structure. Solid 
outer conductors result in coax with the potential for shielding properties 
closer to ideal than those with woven shields. 

* Cable dielectric material — The properties of the material between 
the conductors, the dielectric, is the major factor in the cable loss at higher 
frequencies and also a factor in determining the cable characteristic imped- 
ance. 


Unbalanced Microstrip Transmission Line 


Imagine slitting the outer conductor along a length of coaxial transmis- 
sion line and unfolding it so it lies fiat. This is the essential configuration of 
microstrip transmission line. Its major application is found in intraequip- 
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_-— Dielectric 


_____—~ Ground foil 


Figure 2.2 — Unbalanced microstrip line. A conductive 
microstrip left on one side of a piece of two-sided printed 
circuit board can be operated as an unbalanced transmission 
line with reference to the foil on the other side. While it acts 

a lot like coax in some ways, it does not share its shielding 
properties. In some implementations, a second board or 
layer of a multilayer board makes a sandwich with additional 
shielding. In all cases, the connections must be made close to 
the beginning and end of the conductors. With the sandwich 
configuration, the ground connection must be made to both 
ground planes near the location of the start and end of the 
conductive path. 





ment wiring of assemblies made with 
double-sided printed circuit board. 
The line can be formed by etching 
away some of the conductor on one 
side of the board (see Figure 2.2) as 
part of the process of generating the 
rest of the wiring on the board. 

While microstrip line is efficient 
from a manufacturing standpoint, it 
does not offer the shielding qualities 
of coaxial cable. The fields between 
the conductors will extend outward 
from the space between the conduc- 
tors, requiring care in locating wiring 
for other parts of the circuit to avoid 
coupling between circuits. Of course, 


if coupling is a problem, small coaxial 
cable is well suited to PC board use, if 
not quite as easy to implement. 


Single Wire Line 


Before the days of radio, a single wire was used as a transmission 
medium for wire-line telegraph systems. The wire was fed against an earth/ 
ground connection and was useful but very lossy. It is not particularly suited 
for RF systems since it will act more like an antenna, unless it is very close 
to a highly conductive ground. Think virtual microstrip line. 


BALANCED LINE 


A transmission line with two parallel conductors can be used as a bal- 
anced transmission system — meaning that each conductor is at the same 
magnitude of potential compared to ground but of opposite sign. This means 
that at a particular instant, if one wire is at +5 V, for example, the other will 
be at —5 V, with respect to some common level or ground reference. 


Open-Wire Line 
The earliest balanced transmission line was a pair of wires at a constant 
spacing insulated from ground (see chapter photo and Figure 2.3). Before 
the days of radio, and for some time thereafter, such a pair was used for 
each telephone circuit, making for very imposing utility poles with many 
cross Ts, almost blocking out the sun in large cities. Current telephone 
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Figure 2.3 —- Balanced transmission line. 
Just two wires, spaced a fixed distance 

and separated by a dielectric — air, or some 
other insulating material. 


Balanced Antenna 


wiring uses insulated twisted pairs, bundled with others 
in large cables supporting multiple end-user customers. 
Once individual circuits reach a switching center, they are 
concentrated with switches and routed between centers 
on high-density fiber optic links. 

Very early radio was conducted on low frequencies 
typically using large top-loaded monopole antennas fed 
directly from the transmitter.’ As operating frequencies 
became higher, horizontal antennas could be high enough 
to be useful, and balanced antenna structures, such as 
a center-fed dipole, became popular. A natural way to 
interconnect the typical balanced output of the trans- 
mitter’s tuned transformer to the 
center of a balanced antenna was 
to use balanced open-wire line (see 
Figure 2.4). 

The wires of open-wire line 
require some method to hold them 
at a relatively constant distance. In 
early telephone systems, this was 


Open-wire Transmission Line accomplished by tying each wire 


43992000 — 
ttt 
eee 


il Lu, 
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to a glass insulator held to a cross 
T by a peg. In recent rural travel, 
I saw quite a few of these still in 
use on poles along railroad right- 
of-way, likely for signaling. Early 
radio transmission lines used par- 
affin-soaked wood dowels to posi- 
tion the wires. These gave way to 
glazed molded ceramic insulators 
made for the purpose. Current am- 
ateur practice is to use PVC plumb- 
ing pipe or acrylic plastic with slits 
to hold the wires (see Figure 2.5). 


Figure 2.4 — An open-wire transmission line is a natural for Twinlead 


interconnecting a balanced output transmitter and a balanced 


antenna. 


After World War II, televi- 
sion started to become popular in 


the US. The signals were transmitted over the air using a portion of the VHF 
range. All antenna designs of the time were of balanced feed and used easily 
installed transmission line developed for TV applications. 
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Figure 2.5 —- The production line is in full swing as 
Barry Shackleford, W6YE, fabricates his own open- 
wire line. [BARRY SHACKLEFORD, W6YE] 


Twisted Pair 


The answer was called twinlead. It was a 
balanced transmission line made froma pair of 
stranded wires held about half an inch apart and 
enclosed in a polyethylene web that insulat- 
ed each wire and filled the space in between 
with a flexible insulating material (as shown 
at the top of the chapter photo). This was the 
line of choice for this application, as well as 
some amateur antenna systems until it was 
displaced in TV service by coaxial cable. 


Window Line 


This derivative of twinlead is made for 
higher power and is often used in Amateur 
Radio transmitting applications. Window 
line is constructed similarly to twinlead, but 
has windows cut in the webbing along its 
length. The windows make the line act more 
like open-wire line in terms of attenuation, 
without having the complication of discrete 
insulators, 

The wider spacing typically results 
in a higher characteristic impedance than 
regular twinlead. 


A pair of wires twisted together can be used as a makeshift balanced 
transmission line. The characteristic impedance will be close to 100 Q. This 
type of line is not often used for RF applications, although it can serve in 
a pinch. It is frequently encountered in telephone and local area network 


(LAN) wiring. 


Shielded Twisted Pair 


By enclosing a twisted pair in a shield, we can get some of the benefits 
of balanced line, along with the shielding effect of coax. Of course, we get 
the disadvantages of each as well, primarily the high attenuation of coax as 
compared to most balanced lines. The trade name for this cable is Twinax, 
and it has most recently been used in computer networking, but was once a 
choice for RF applications as well. 
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Figure 2.6 — Balanced microstrip line. 
This works the same way as unbalanced 
microstrip line, but the two conductors on 
one side act as a balanced pair. 
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Balanced Microstrip Line 


A pair of etched conductors on PC board material can serve as a 
balanced line within equipment in the same way that microstrip can provide 
unbalanced connectivity (see Figure 2.6). 


Parallel Coax Lines 


Two similar coaxial cables of the same length can be operated as a 
balanced line if the balanced signals are connected to the inner conductors 
and the shields are tied together at both ends (see Figure 2.7). This is not a 
good choice for many applications of balanced line, since the attenuation is 
the same as for coax and the cost is twice as high as a single coax. It does 
work well for balanced line installations in which a small section of the 
line must be on the ground or in some environment that is unsuitable for 
open-wire line. Because the fields are entirely within the coax, the two 
lengths can be run separately as long as they are the same length and the 
shields at each end are connected together with short connections. 


GUIDED WAVE STRUCTURES 
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UHF and especially microwave (UHF above 1000 MHz) signals are 
sometimes transported using a kind of mechanism different from a trans- 
mission line. The signal loss associated with coaxial cable at UHF and 
higher frequencies makes them unattractive for all but very short connec- 
tion paths. A better alternative is to transmit the signals as electromagnetic 
waves propagating in space. An antenna could make such a transition, but 
suffers because the signal will spread spatially as it propagates. Instead, the 
waves are guided by propagating them within a different kind of medium. 

The structures described below are a substitute for transmission lines. 
They are not frequently encountered in Amateur Radio, except when used 
by some microwave specialists. Beyond the short description below, they 
will not be covered in this book. 
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Waveguide 


Figure 2.7 — Pair of coaxial cables used as a balanced 
transmission line. This is particularly useful as a short section of 
a balanced run to transit an area that is not appropriate for the 
fields surrounding open-wire line. The attenuation is as high as 
coax, so short sections are key. It is important that the shields 
are interconnected at both ends as shown. Since the shields are 
at reference potential in a balanced system, either may also be 
connected to structural ground, if appropriate. 


The most common guided wave structure is a hollow metal tube called 
a waveguide. The waves are launched into the tube by an antenna-like probe, 
propagate within the tube, and are extracted by another probe at the far 
end. In order to carry the waves without significant attenuation, the guide 
needs to have a width of at least 2 wavelength and is often of rectangular 
cross-section. The size restriction limits the usefulness of the technology 
to the higher UHF frequencies, although I have seen waveguide in use in 
military radar installations at frequencies as low as 450 MHz — the wave- 
guide tubes looked like very large heating ducts. 


Single Wire Transmission Line 


Notes 


It is also possible to guide microwave energy along a wire. This method 
was originally called Goubau line (after its inventor), or G-line for short. 
The wire was surrounded by a special dielectric with the appropriate proper- 
ties for slowing the wave in order to keep it traveling along the wire, rather 
than radiating as if it were an antenna. Special conical launchers are used 
at each end of the line, to and from coaxial transmission line. This type of 
line is easier to deploy in the field than waveguide since it can be rolled up, 
but it must be used in straight runs. G-line was part of a military microwave 
communications system that I encountered in the 1960s. 

It was later found that waves of a different orientation could be launched 
onto an uninsulated wire and transmitted with low attenuation using a 
different configuration of launcher. This method is called E-line. 


'J. Hallas, W1ZR, Basic Antennas. Available from your ARRL dealer or the ARRL Bookstore, ARRL 
order no. 9994. Telephone 860-594-0355, or toll-free in the US 888-277-5289; www.arrl.org/shop; 
pubsales @arrl.org. 

*B. Shackleford, W6YE, “Custom Open-wire Line — It’s a Snap,” QST, Jul 2011, pp 33-36. 
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Coaxial cables going up one of 

the towers at W1AW, the ARRL 
Headquarters station. An advantage 
of coax is that the runs can be 

in close proximity to each other 
without interference. 


Let’s Examine Coaxial 


Transmission Line 


Coax cable is the most commonly encountered type 
of transmission line. Coax is composed of two concen- 
tric conductors separated by a dielectric material (see 
Figure 3.1). While some types have an exposed outer 
conductor, the commonly encountered flexible cables 
and some rigid types are covered by a protective insu- 
lating jacket. Coax is found in many sizes for different 
applications, with the most common ranging from about 
0.075 inches to a bit less than half an inch in diameter. 

While individual conductors are occasionally 
connected directly to circuitry, most often within equip- 
ment, in most applications the cables are fitted with one 
of a number of special connectors on their ends. There are 
different series of connectors, some appropriate for 
higher frequencies, some waterproof, and some selected just 


because of the equipment to which they must connect. 


EQUIVALENT CIRCUIT OF A 
COAXIAL TRANSMISSION LINE 


Any two conductors separated by a dielectric will have electrical 
capacitance between the conductors. The capacitance is a function of the 
surface area of the conductors, the separation between them, and the dielectric 
constant of the insulation material between them. Coax cable has these prop- 
erties, with capacitance created by the insulation between the inner surface 
of the outside conductor and the outer surface of the inside conductor. Any 
dielectric between the conductors will increase the capacitance compared 
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Figure 3.1 - Sketch of a typical coaxial transmission line. 
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Figure 3.2 — Electrical dc equivalent circuit of a coaxial transmission line. 
At higher frequencies the series resistance increases because of skin effect. 
The length of each section can be changed by scaling the values. For 
many analysis applications, having 10 sections per wavelength will provide 


reasonable accuracy, thus the one-foot sections might be usable up to around 
100 MHz, if the resistance were corrected for skin effect. 


to air-insulated cable. The total area of each conductor is a function of the 
cable length, so the capacitance is usually specified in terms of capacitance 
per unit length, notated in this country in pF/ft. For example, the usual 50 Q 
coax cable (which will be discussed shortly) might have a capacitance of 
29 pF/ft. 

Similarly, any piece of wire will have a certain inductance, and that 
includes the conductors making up a coaxial cable. Again, since the induc- 
tance is also a function of the cable length, it too is usually expressed in 
terms of inductance per unit length. For typical lines as above, it will be 
about 72.5 nH/ft. 

The conductors will also have electrical resistance. Because of their 
relative sizes, this will predominantly be the resistance of the inner conduc- 
tor. At very low frequencies, the resistance will be around the dc resistance 
of the inner conductor, perhaps 1.8 mQ/ft depending on conductor size. 
There will also be some loss in the dielectric, increasing with frequency. 
This is represented as the conductance G. We thus could model a transmis- 
sion line as an electrical circuit such as that shown in Figure 3.2. 


CHARACTERISTIC IMPEDANCE 


The characteristic impedance (Z,) of a transmission line is one of 
its most significant parameters. If we consider the line model shown in 
Figure 3.2 and imagine a de voltage connected to one end, a current will start 
to flow, regardless of what is happening at the other end. If the line were just 
capacitive, the initial current would be very high, as it tried to charge the 
capacitance. If it were entirely inductive, the initial current would be zero 
because of the back EMF. Because it is a combination, the initial current 
will be in between the two values, also limited by the resistance, and not 
usually a significant portion of the effect. That current will continue until 
the leading edge of the current pulse gets to the far end and returns with an 
indication of the effect of the load. The current pulse will travel at somewhat 
less than the speed of light in free space. 

The amount of the current will be the same as if the source were con- 
nected to an impedance — generally close to being a resistor — during the 
initial period. The value of that resistor is called the characteristic imped- 
ance of the line, usually referred to as its Z,. If the far end of the line were 
connected to an actual resistor equal to the Z,, the same current would 
continue to flow until the source was disconnected, just as though it were 
an infinite length of line. 

If we use the transmission line for the carrying of an RF signal rather 
than de, the same kind of thing happens. For example, using Ohm’s law, if 
we puta | V..,,, RF signal on one end of a line with a Z, of 50 Q, the initial 
current would be 1/50 = 0.02 A or 20 mA. If the line were lossless (the R in 
the model = 0) and terminated at the far end with a 50 Q resistor, the same 
20 mA would flow into the resistor. This is known as a matched condition. If 
the termination were different than a 50 Q resistor, we could no longer still 
have | V.,,,, and 20 mA into the load, because it would violate Ohm’s law 
for a different value resistor. Some fraction of the signal would be reflected 
from the end so that the combination of the forward and reflected signals 
would result in a voltage and current at the load that satisfies Ohm’s law. 

The sum of the forward and reflected wave is referred to as a standing 
wave, because the amplitude at any point along the line stays constant, just 
as it has to stay constant at the termination. This means that the voltage and 
current along the line will vary, repeating every half wavelength until it is 
back to the source (as shown in Figure 3.3). The impedance at the source 
will not be the value of the termination nor the line Z,, but a function of the 
termination impedance and the distance from it (in wavelengths). 

The ratio of maximum voltage (or current) to the minimum voltage 
(or current) on the line is called the standing wave ratio (SWR), a major 
consideration in most systems. By having a termination equal to the line 
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I Know What’s Happening at the Shack — 
What’s Happening at the Other End of my Feed Line? 


If you want to find out — here’s the easy way, using TLW. 


Joel R. Hallas, W1ZR 
Technical Editor, QST 


I'mtold that one of the more frequent questions 
received by QSTs “Doctor” has to do with folks 
wanting to determine the impact of transmission 
line losses on the effectiveness of their antenna sys- 
tem. These questions are often along the lines of, 
“| measure an SWR of 2.5:1 at the transmitter 
end of 135 feet of RG-8X coaxial cable. My trans- 
ceiver’s auto-tuner can tune it to 1.1, but how can 
| tell what my losses are?” or “How much differ- 
ence will | have if | have a tuner at the antenna 
instead of using the built-in tuner?” 

These are important questions that almost 
every amateur operator is faced with from time 
to time. An approximate answer can be obtained 
by using the graphs found in any recent edition of 
The ARRL Antenna Book showing the loss char- 
acteristics of many transmission line types, plus 
adding in the effect of an SWR greater than 1:1. 
The SWR at the antenna end can be determined 
from the bottom end SWR and the cable loss. Us- 
ing these graphs requires a bit of interpolation or 
Kentucky windage, but can result in useful data. 


But There’s an Even Better Way! 

Packaged with each of the last few editions 
of The ARRL Antenna Book is a CD containing 
the pages of the whole Antenna Book as well 
as some very useful software. The program that 
| use almost daily is one written by Antenna 
Book Editor R. Dean Straw, N6BV, called TLW, 
for Transmission Line for Windows. 

TLW provides a very easy-to-operate mecha- 
nism to determine everything | usually need to 
know about what's happening on a transmission 
line. When you open the program, you are pre- 
sented with a screen as shown in Figure A. This 
has the values plugged in from the last time you 
used it, often saving a step. Let's take a quick tour 
of the inputs: 


Cable Type — This allows you to select the 
cable you would like to analyze. A drop-down 
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Figure A —The opening screen of TLW, 
illustrating the process described in the article. 


box provides for the selection of one of 32 of the 
most common types of coax and balanced lines. An 
additional entry is provided for User Defined Trans- 
mission Lines that can be specified by propagation 
velocity and attenuation. 


Length — In feet or meters, your choice. 


Frequency — This is an important parameter 
when dealing with transmission line effects. 


Source — This defines the form of the input im- 
pedance data. Generally, you can use NORMAL. 


Impedance — The impedance can be specified 
as what you measure, resistive (real) and reactive 
(imaginary, minus means capacitive). This could 
come from your antenna analyzer at either end of the 
transmission line. Note, if you only know the SWR, 
not the actual impedance, all is not lost — see below. 


Now for the Outputs 
SWR — The SWAR is provided at each end of 
the cable. This is an important difference that many 


people miss, important even with a moderate 
SWR at the transmitter end, as we'll see — the 
SWR at the antenna will be much higher due to 
the cable loss. With TLW, you instantly know the 
SWR at both ends, and the loss in the cable itself. 


Rho at Load — This is the reflection coeffi- 
cient, the fraction of the power reflected back from 
the load. 


Additional Loss Due to SWR — This is one 
of the answers we were after. 


Total Loss — And this is the other, the total 
loss in the line, including that caused by the mis- 
match. 


But Doctor, What if | can Only Measure 
the SWR — Not the Actual Impedance? 

Often the only measurement data available 
is the SWR at the transmitter end of the cable. 
Because the losses are a function of the SWR, 
not the particular impedance, you can just put in 
an arbitrary impedance with that same SWR and 
click the INPUT button. An easy arbitrary imped- 
ance to use is just the SWR times the ZO of the 
cable, usually 50 Q. For example, you could use a 
resistance of 125 © to represent an SWR of 2.5:1. 
This is what we've done in Figure A, using 135 feet 
of popular Belden RG-8X. 

The results are interesting. Note that the 2.5:1 
SWR as seen at the radio on 28.5 MHz results 
from a 7.45:1 SWR at the antenna — perhaps 
this is an eye-opener! Note that of the 5.6 dB loss, 
more than half, or 3.1 dB, is due to the mismatch. 
Note that if we used something other the actual 
measured impedance, we can’t make use of the 


impedance data that TLW provides. We can use 
the SWR and loss data, however, but that’s prob- 
ably what we wanted to find out. 

We can now do some “what ifs." We can see how 
much loss we have on other bands by just changing 
the frequency. For example, on 80 meters, with the 
same 2.5:1 at the transmitter end, the SWR at the an- 
tenna is about 3:1 and the loss is slightly more than 
1dB.We could also plug in an impedance calculated at 
the antenna end and see what difference other cable 
types would make. For example, with the same 28.5 
MHz SWR of 7.45 atthe antenna and 135 feet of inch 
Andrew Heliax, we will have a total loss of 1.5 dB at 
28.5 MHz. Note that the SWR seen at the bottom will 
now be 5.5:1 and our radio’s auto-tuner might not be 
able to match the new load. 


But Wait, There’s More! 

You can also click the GRAPH button and get a 
plot of either voltage and current or resistance and 
reactance along the cable. Note that these will only 
be useful if we have started with actual impedance, 
rather than SWR. 

Pushing the TUNER button results in a page 
asking you to select some specifications for your 
tuner parts. TLW effectively designs a tuner of the 
type you asked for at the shack end of the cable. 
It also calculates the power lost in the tuner and 
gives a summary of the transmitted and lost power 
in watts, so you don’t need to calculate it! 

When you've finished, be sure to hit the EXIT 
button; don't just close the window. Otherwise TLW 
may not start properly the next time you want to 
use it. 
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Figure 3.3 - The voltage and current along a mismatched line will 
vary, repeating every half wavelength. 


Z,, the standing wave doesn’t exist and the SWR is 1:1. For a number of 
reasons, this is a desirable condition and cable with different values of Z, 
are available, including most commonly 35 Q, 50 Q, 75 Q, and 93 Q. 


FIELDS WITHIN COAX 
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We need to briefly consider both the electric and magnetic fields in 
coax to understand how and why it works as it does. The electric field, just 
as with the plates of any capacitor with an applied voltage, exists between 
the outside of the center conductor and the inside of the outer conductor 
(see Figure 3.4). Because the outer conductor surrounds the inner conduc- 
tor, all the electric field terminates on the inside of the shield and does not 
couple to, nor is it affected by, nearby conductors. Thus, the outside of the 
cable is effectively shielded from the effects of the electric field within the 
cable — one of the major benefits of coax. 

As in any conductor, a magnetic field surrounds the two current-car- 
rying conductors. For properly operating coaxial cable, the two currents 
will be equal and opposite; thus, the fields will cancel in the region outside 
the cable (see Figure 3.5), so the net magnetic field surrounding the cable 
will be zero. This, combined with the shielding of the electric field, results 
in a transmission line that is independent of the electrical conditions of its 
surroundings. This means it can be coiled, bundled with other cables, or run 
within metal conduit without any problems — as long as the currents are 
balanced and the shield is solid. , 


Figure 3.4 —The electric field 
within a coaxial transmission 
line. Note that if the shield is 
solid, it exists only within the 
cable, resulting in a part of the 
shielding effect. 


ARRLO742 


ARRLO742 





Figure 3.5 — As in any conductor, the magnetic field surrounds the two current-carrying 
conductors. On the left, the magnetic field surrounding a single isolated conductor is 
shown. The center image shows the magnetic field surrounding the outer conductor, 
and at right is shown the magnetic field surrounding the inner conductor. For properly 
operating coaxial cable, the two currents will be equal and opposite, as shown, and thus 
the fields will cancel outside the cable. 


SHIELDING LIMITATIONS OF REAL COAX 


Coax in the real world can be quite close to the ideal in most respects, 
but there are some limitations. The electric field shielding effectiveness is 
a function of the shield coverage. The best shielded cables are those with 
a solid tubular outer conductor. These can be considered a 100% shield, 
although loose or improperly installed connectors can be leakage points. 

Unfortunately, solid tubular coax is not applicable to the many appli- 
cations that require flexible cable. Probably the next best type, in terms of 
shielding effectiveness, is the type used by the cable television industry. It 
usually has multiple shields, generally one of wrapped aluminum foil and 
another of braided tinned copper. This is also quite effective — and has 
to be, otherwise cable signals, which occupy most of the radio spectrum, 
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would interfere with other users, including such critical systems as aircraft 
communications and navigation. 

The rest of the coax world uses braided copper shielding. This can be 
adequate for most applications, although the quality varies considerably 
among brands and types. In many cases the manufacturer will specify the 
shielding coverage, usually in terms of a percentage, with 100% meaning 
fully covered. Some cable types have double shields — two independent 
braided shields, one around the other, in electrical contact over their length. 
These can be very close to 100% effective. Less expensive cables can have 
effectiveness as low as in the 80% range. The less completely shielded 
cables allow a partial leakage of the electric field, allowing some coupling 
to and from nearby circuits. 

Another coupling mechanism occurs if the shield current is different 
from the current on the inner conductor. This can occur in a number of ways, 
typically due to a termination in which the outside of the shield acts like a 
separate conductor from the inside of the shield. Currents on the outside can 
also be induced by proximity to an antenna system. 


TYPES OF COAXIAL CABLE 
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Coaxial cable came into common use during World War II, mainly in 
military radar and radio applications. A set of standards was developed dur- 
ing the period for radio guide (RG) cable, with that designation followed by 
a series number. The most common in radio use over the years have been 
50 Q characteristic Z, RG-8 and RG-58. Each has a copper center conduc- 
tor, a polyethylene dielectric, a braided copper shield, and an outer jacket, 
originally made from black vinyl but more often of PVC or polyethylene 
today. The primary difference between the two is size, with the RG-8 having 
an outside diameter of 0.405 and RG-58 having one of 0.195 inches. The 
smaller cable has higher attenuation and lower voltage and power ratings, 
but offers lighter weight, additional flexibility, and handling convenience. 

The next most frequently encountered early cables were those with 
75 Q characteristic impedance, most commonly RG-11 at 0.405 inches and 
RG-59 at 0.242 inches. A suffix “U” indicates cable that is universal (usable 
for multiple functions), while other suffixes indicate special characteristics 
or construction differences. Probably the most common coax in use today 
is RG-6 type (see below), an RG-59-size 75 Q cable with a more effective 
foil shield, used for in-house connection of cable television equipment. 

These characteristics were documented in a US military procurement 
manual that was cancelled in 2001, so the early numbers are no longer 
subject to official standardization. Thus cable that is called “RG-8U type” 
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Figure 3.6 — Construction of a number of 
common types of coaxial cable. 


is a manufacturer’s designation that may mean 
the cable is somewhat like RG-8, but does not 
guarantee that it meets either early or current 
military standards. It may have a less dense 
shield or lower quality jacket, for example. 
Later standards include MIL-DTL-17H from 
August 19, 2005, which superseded MIL-C- 
17G of March 9, 1990. These standards refer to 
newer standard cable series that have replaced 
the earlier types. For example, today one would 
obtain RG-223 instead of RG-58, and RG-213 
instead of RG-8. As in the earlier series, the 
word “type” is a manufacturer’s escape clause 
that allows them to skirt military specifications. 

Table 3.1 is a listing of many of the types of 
coaxial transmission line, as well as other types 
that we will discuss later. Note that within a type 
of cable, there are multiple cables from different 
manufacturers, with quite different characteris- 
tics. Some have a foamed polyethylene dielec- 
tric (FPE) instead of solid polyethylene. FPE is 
partly air and thus has a lower relative dielectric 
constant and less loss than standard cable. The 
foam also makes for a less sturdy cable that is 
more susceptible to water migration and cannot 
be flexed as tightly as the solid dielectric coax. 
The construction of a number of coaxial cable 
types is shown in Figure 3.6. 


KEY CABLE PARAMETERS 


The headings in Table 3.1 give insight into 
the differences between cable types. Each is de- 
scribed briefly below. 


Nominal Z, (Q) — As was discussed earlier, Z, is a primary transmis- 
sion line parameter. Most systems specify the design impedance for various 
connections, and typically that will align with a standard cable Z,. The usual 
practice is to use a cable with that Z, to connect to equipment to a load with 
the same impedance, although we will discuss exceptions. In most cases, 
particularly at lower frequencies, the difference between a Z, of 50,51, 52, 
or 53 Q, as shown in the RG-58 types, will not be significant. For coaxial 
cable, the Z, can be determined by the dimensions as follows: 
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Where D and d are the diameters of the shield and center conductor 
respectively in the same units. € is the relative dielectric constant of the 
dielectric (for air, ¢, = 1, for polyethylene ¢, = 2.26). 

VF (%) — This is the velocity factor as a percentage of the speed of 
light in free space (300,000,000 m/s). This is largely a function of the relative 
dielectric constant of the insulation material. For polyethylene dielectric, 
the VF is usually 66%, in the 80th percentile for foamed poly, depending 
on density, and close to 100% for air-insulated lines. In many applications, 
the velocity is not particularly important, with two notable exceptions — it 
is critical if lines are used for delay or phasing lines, and it also directly af- 
fects the required length of lines used as impedance transformers (covered 
later). The velocity factor can be found as shown below. 


VF = 100/Ve, 


Cap (pF/ft) — This is the capacitance between the inner and outer 
conductors of the cable. It is a function of the ratio of the diameters and the 
dielectric constant. Note that the ratio of diameters also determines the Les 
So it’s not surprising that cables of the same Z, with similar dielectrics have 
the same capacitance. Sometimes pieces of transmission line are used as 
capacitors in circuits; otherwise this is not often important. 

Dimensions and Materials — These are often major considerations. 
It is critical to know the dimensions if determining connector or adapter 
types. The abbreviations are listed at the bottom of the table. Note that 
some center conductors are indicated as being flexible — a prime attribute 
in many applications. 

Max V (RMS) — This is the maximum Root Mean Square, or effec- 
tive voltage that can be safely applied to the cable. Note that this doesn’t 
equate to power, which is listed separately at the bottom and applies for a 
matched (SWR = 1:1) condition. This voltage might occur briefly for any 
reason (the maximum peak voltage is 1.4 times the listed voltage), and 
above that, arcing is possible. The power is generally more of a thermal 
issue. For example, the listed voltage for RG-58, 300 V,,,.,., would translate 
to a power of 1800 W in a 50 Q system, while the maximum power (at 
1.8 MHz) is listed as 1350 W. 

Matched Loss (dB/100 feet) — This is the attenuation of 100 feet of 
the cable when matched to its Z,. Note that the cable loss increases with 
frequency and is shown for four frequencies across the spectrum. The loss 
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is linearly related to length, so 200 feet has twice the loss, and 50 feet has 
half the loss. This is a key differentiator between cable types. Keep in mind 
that a | dB loss represents about a 20% reduction in power, a 3 dB loss is 
a 50% reduction in power, and 10 dB is a 90% reduction. All things being 
equal, larger cables have less loss (due to less conductor resistance) as do 
cables with higher velocity (less dielectric loss). The matched loss of major 
cable types is shown graphically in Figure 3.7. 


ADDITIONAL LOSS DUE TO MISMATCH 


You may have noticed that all the loss figures stated in Table 3.1 and 
shown in Figure 3.7 were for the case of a transmission line terminated in its 
Z,. The additional loss due to mismatch is a function of both amount of the 
mismatch (SWR) and the loss if matched. Figure 3.8 shows the additional 
loss in dB that occurs as a result of a line not being matched. 


Cable Attenuation, dB Per Hundred Feet 
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Figure 3.7 — Matched nominal loss of various transmission line types in dB/100 feet of representative 
transmission line types. As you choose transmission line, it is important to note that this data is representative 
— the variation between attenuation of different manufacturers and even different part numbers from the same 
manufacturer can be striking. Check the manufacturer's website for the data sheet of the transmission line 

you are considering to be sure you know what you are getting. For lengths other than 100 feet, the loss scales 
linearly. For example, if a line has a matched loss of 2 dB at 100 feet, the same line at the same frequency will 
have a loss of 1 GB if 50 feet long, and 5 dB if 250 feet long. 
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Note that the SWR shown is the SWR as measured or calculated at 
the load, and not the SWR measured at the transmitter end of the cable. 
This is particularly important in the case of a lossy line, since the loss will 
reduce both the power reaching the antenna and the power of the reflected 
wave that is used to determine the SWR. This can give very optimistic and 
erroneous results. 

To give an example of this effect, considera 100 W transmitter driving 100 
feet of coax with a loss of 3 dB (50% loss). The antenna will see 50 W of power. 
Let’s say 20% of the power is reflected due to the antenna mismatch. That will 
result in 10 W being reflected back toward the source. The 3 dB loss results in 
5 W showing up as reflected power at the bottom of the cable. This is quite 
different than if the 100 W were applied to the antenna on lossless line — in 
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Figure 3.8 — Additional loss of a transmission line when mismatched. 
This loss needs to be added to the loss in Figure 3.7 for mismatched lines. 
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Table 3.2 

Forward and Reflected Power and SWR as 
Seen at Each End of a Transmission Line 
With 3 dB Loss 





that case, a reflected power of 20 W, 
not 5 W, would show up at the SWR 
measurement device. 

Table 3.2 summarizes what we 
have at the two locations. Note the 
rather distressing result. A very ac- 
ceptable measurement of an SWR of 
1.6:1 at the bottom of the coax is the 
result of an unpleasant SWR of 4:1 
at the antenna. In this example, our 
100 W of power results in only 40 
W radiated from the antenna — yet 


all of our measurements make us think we're doing well. Unfortunately, this 
example is not unusual, especially at the upper end of HF into the VHF range. 
If it happens at higher frequencies, it is usually more evident since nothing 
much ends up going in or out of the system! The sidebar discusses ways that 
this can be calculated, and perhaps avoided, through the use of software.’ 


Measurement Bottom of Cable _—_ Top of Cable 
Forward Power (W) 100 50 
Reflected Power (W) 5 10 
Indicated Reflection Coefficient 0.224 0.447 
Indicated SWR 1.6 40 
Notes 


lJ. Hallas, W1ZR, Basic Antennas. Available from your ARRL dealer or the ARRL Bookstore, ARRL 
order no. 9994. Telephone 860-594-0355, or toll-free in the US 888-277-5289; www.arrl.org/shop; 


pubsales @arrl.org. 


5B. Shackleford, W6YE, “Custom Open-wire Line — It's a Snap,” QST, Jul 2011, pp 33-36. 
J. Hallas, W1ZR, “I Know What’s Happening at the Shack — What's Happening at the Other End of 


My Feed Line?” QST, Feb 2007, p 63. 
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Other Types 
of Unbalanced 


Transmission Line 





This microwave circulator is constructed of microstrip 
transmission line. Microstrip is easily implemented 

as part of PC board fabrication. The lines shown are 
single-sided stripline with the foil on the other side 

of the board serving as the “shield.” 


While coaxial cable is the most fre- 
quently encountered type of unbalanced 
transmission line, it is not the only type. 
This chapter will briefly introduce some 
other types of line in that category. 


MICROSTRIP 
TRANSMISSION LINE 


Microstrip is a form of transmission 
line that takes advantage of the properties 
of printed circuit (PC) boards, PC assem- 
blies are a common and efficient method 
of circuit fabrication that has largely dis- 
placed the hand wiring of most electronic 
systems. The technique employs a thin 
piece of insulating material, the substrate, 
that serves as the mechanical strength 
member of the assembly and that supports 
all the components. Professional and mili- 


tary equipment generally makes use of a fiberglass-based material, while 
less critical consumer products are often made of phenolic resin. 

A thin layer of copper that will eventually be transformed into com- 
ponent interconnections is bonded to the substrate. More common double- 
sided PC board has copper on both sides of the substrate. The PC designer 
(a person or software), working from the schematic of the circuit, lays out 
the board by specifying where each component will be placed and which 
pins need to be interconnected. The interconnections are made by removing 
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Copper Foil Conductor 


PC Board Substrate 


Copper Ground Foil 
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Figure 4.1 - Sketch of a typical microstrip transmission line as etched onto a PC board. 


the copper that isn’t needed. Often connections are established on both sides 
of double-sided board, but sometimes one side is used as a ground reference 
across the board. The unneeded copper is removed by using one of a number 
of methods of applying “resist” material to the areas that need to be kept. 
The board is then submerged in an acid bath to remove the excess copper. 
Following etching, the resist material is removed and the components are 
mounted to complete the circuit. While this sounds like an arduous process, 
compared to hand-wiring, it is easily automated and very efficient, espe- 
cially if multiple boards are required for a production run. 

RF circuits within a board, or leaving the board, can be interconnected 
using miniature coaxial cable with ends connected through holes in the 
board to the appropriate termination points just as other components with 
wire leads can be connected. Alternately, a microstrip transmission line can 
be formed on double-sided board during the printed circuit process. The line 
must be fabricated above a region that has a ground area on the bottom foil 
of the board, and merely consists of a conductor etched above the ground 
foil interconnecting to two end points. This is shown in Figure 4.1, along 
with the electric field between the conductors. 

Note that unlike the case of the fields within a coax cable, the fields, 
while concentrated between the conductors, are not entirely contained there. 
This is a major limitation of microstrip line — it is not totally shielded. 
Therefore, care should be taken to make sure that coupling does not occur to 
sensitive circuits. This can usually be managed at the time of board layout. 

In operation it is important that the connections of both input and output 
ends of the line include direct connections to the end of the “center conduc- 
tor” and the ground plane directly beneath it. 
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Figure 4.2 — Stripline transmission line, adding another ground layer to microstrip. Note the 
periodic connections between the two ground strips. These can improve the isolation to 
close to that of coax. 


Characteristic Impedance 


The characteristic impedance (Z,) of microstrip line and the effective 
dielectric constant of the insulation are determined by the sizes of the con- 
ductors and the material used as the dielectric in a manner similar to coaxial 
cable. 


STRIPLINE TRANSMISSION LINE 


A variation of microstrip that actually was developed first is called 
stripline. It is just a microstrip “sandwich,” formed by adding another piece 
of board with a ground foil above the single board in microstrip. Alternately, 
it can be formed as part of a multilayer board. It can have additional isola- 
tion from nearby conductors since the fields are more tightly constrained. 
It can approach coax in this regard if the two shield foils are tied together 
along the edge with frequent wires, as shown in Figure 4.2. In this case, the 
ground side of each end termination must connect directly to both ground 
foils in the area near the inner conductor. 
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PC Board Substrate Copper Foil Center Conductor 


Copper Ground Foil ARRLO749 





Figure 4.3 - Coplaner strip transmission line. This can be fabricated on single-sided PC 
board material. The two ground strips must be bonded together at the ends and can be 
much larger than the center conductor. 


COPLANER STRIP TRANSMISSION LINE 


Less frequently encountered is a line that can be deployed on a piece 
of single-sided PC material. Coplaner strip transmission line, as shown in 
Figure 4.3, is not as effective in isolating circuits as the other types, but 
may be usable in some situations. Note that in this case, the dielectric is a 
mix of the board substrate below and air above. Again, the ground side of 
the connection at each end must connect to both ground strips. This can be 
built into the PC board etching process. 


SINGLE WIRE OVER A GROUND PLANE 


An insulated wire located close to a metal chassis, or even a piece of PC 
material with a ground foil, can act like a microstrip line. (See Figure 4.4.) 
This is commonly employed in equipment that is hand-wired in the traditional 
manner between components on a metal chassis — in many cases without the 
builder thinking in terms of transmission 
lines. The effectiveness can be increased 
by locating the wire in a corner. 


Insulated Wire 


Metal Chassis As with microstrip, while the end- 
to-end transmission is predictable and 

Ground Side feces Shean 
Terminal Connection efficient, there can easily be unplanned 


and undesired coupling to other circuits 
within the chassis since the fields are not 
completely contained close to the wire. 
ABRLETOO If there are other sensitive circuits close 


by, a piece of miniature coax can often 
Figure 4.4 — An insulated wire positioned tightly against a 


: fit in the same place and, if properly ter- 
chassis or other metal surface can serve as a transmission : : : . : 
line similar to a microstrip line. minated, can reduce the coupling. 
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Wire Antenna 1/2 Wavelength 
on Lowest Band 
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~q—_ Single Wire 600 9 “Transmission Line” 
Connected about 36% from One End 
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Figure 4.5 — The Windom antenna, c. 1929, used a single wire as a transmission line. 
There is controversy even today as to whether it really acts as a transmission line, or 
as a top-loaded vertical monopole. 


SINGLE WIRE ISOLATED FROM GROUND 


A popular multiband amateur antenna before World War II and con- 
tinuing in popularity in different versions today is the Windom, as shown 
in Figure 4.5. It was described in detail in a 1929 QST article by L. G. 
Windom, based on work by others, and still carries his name.' The idea was 
that an antenna a half wavelength long on 80 meters could also be used on 
the other three HF bands of the time — 40, 20, and 10 meters. 

However, there was a wide variation in the impedance at the center of 
such an antenna as the bands were changed. The solution was to feed it off 
center, at approximately one third of its length. The antenna would then 
provide a reasonable match to the line on all four bands. 

The current in the “transmission line” has no direct return path to can- 
cel its radiation, so it will radiate as well as (or perhaps better) than the 
antenna, depending on the band. In the typical configuration, this makes 
for a combination of vertically polarized radiation from the feed line and 
horizontally polarized radiation from the antenna. This may or may not be 
useful, depending on where the signal’s desired destination is, but the RF at 
the bottom of the feed is almost never a good idea for the radio equipment 
or operators. 
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Recent Windom Implementations 


More recently, Windom-type antennas have substituted high-imped- 
ance transmission lines for the single wire line. Some use a transformer at 
the antenna connection point to transform the impedance to 50 Q for con- 
nection to coax. In both cases the lack of a balanced connection point at the 
antenna results in common mode current on the transmission line that will 
radiate. The coax-fed variety uses a choke at the bottom of the feed line to 
keep the current from the station. In both cases, the vertical section will 
radiate — commercial versions proclaim this as a selling point and have 
many happy users. One thing to keep in mind is that in Windom’s day, we 
had four harmonically related bands. We still have those, but we’ve added 
five more, making an “all-band” antenna design even more of a challenge 
now than in 1929. 

So while such a single wire may serve in some ways as a low-cost 
transmission line, and may have met the needs of early amateurs, it is not 
in the same category as lines in current use. It should thus be used with 
caution, if at all. 


1L. Windom, W8GZ/W8ZG, “Notes on Ethereal Adornments — Practical Design Data for the Single- 
Wire-Fed Hertz Antenna,” QST, Sep 1929, pp 19-23, 84. 
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Three examples of balanced transmission 
line. From left, 300 © TV type twinlead, 
nominal 450 © “window” line and 600 0 
open-wire line. 


Let’s Examine Balanced 
Transmission Line 


In an unbalanced line of the type we have been 
discussing, the signal is applied between a conductor 
and a common conductor, often a shield or a ground 
plate. The voltage on the hot conductor is specified 
with respect to the common conductor. In a balanced 
line, there are two conductors, both at a potential with 
respect to ground. If properly balanced, both signals 
are of the same magnitude, but of opposite phase, so 
the total line voltage is twice the voltage of either with 
respect to ground. 

This may be easier to grasp for those familiar 
with standard US household wiring. The transformer 
on the pole, which serves perhaps five houses, takes 
the multi kV distribution voltage and transforms it to 
240 V ac. The secondary of the transformer has a cen- 
ter tap that is the common connection. The balanced 


pair and common are connected to the house, usually via 
a twisted wire cable. At the house end, the cable goes 


through a usage meter for billing purposes, then to the household distribu- 
tion and circuit breaker or fuse box. The common connection is tied to the 
box frame, which is also tied to a ground connection at that point. Consider 
Figure 5.1, in which we portray the usual connectivity from the line to the 
primary ac distribution panel. 

The two outer conductors are used to provide a balanced (with respect 
to common) 240 V feed for such heavy appliances as ovens, electric clothes 
dryers, or electric heating systems. Either outer conductor, fed with the com- 
mon circuit, can be used to provide a 120 V unbalanced source for standard 


Let’s Examine Balanced Transmission Line 5-1 


Line From 
Transformer 


to House | 
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HV Common *\_/ - 
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120 V Circuits 
Distribution -7N\_y+ 120 V Circuits 
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Transformer 





Household rN 
Distribution Box 240 V Balanced 


Circuits 


Figure 5.1 - Typical household ac power connectivity illustrates the concepts of 
balanced and unbalanced transmission lines. The 120 V circuits are unbalanced with a 
common return, while the 240 V circuits and their transmission system are balanced with 


respect to the common. 
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Figure 5.2 — Perfectly balanced load, 
where both the current and voltage on 
each side will be in balance. 


Boom at Center 


N2 Dipole 


Delta Match 


Balanced Line to 


wall outlets with the common serving as a return. This 
is exactly analogous to radio transmission lines. Note 
that while each 120 V circuit returns its current on the 
common wire, if the two sides are feeding equal loads 
there will be no net current on the common wire between 
the transformer and distribution box. If there is unbal- 
ance, the current returning on the common to the trans- 
former is referred to as common mode current, a concept 
we will discuss later. This is in contrast to the balanced 
differential mode current that flows on the two outer 
wires — that’s where we want it. 

In terms of the more directly applicable 
radio uses, we can illustrate the differences 
as well. For example, feeding the non-ground 
end of two 100 Q resistors (see Figure 5.2) 
that have the other end grounded will result 
in a balanced 200 Q system. In such a case, 
the voltage on each side will be the same 
magnitude, but 180° out of phase. The mag- 


Transition and Radio nitude of the currents on each side will also 


2 Dipole 


(B) Balanced Line to = Z 
Transition and Radio rent flows in the ground lead of the perfectly 


balanced system, so it could be removed 
without changing the operational properties. 
Figure 5.3 shows two examples of inherently 
balanced antennas, one with a central ground 


ARRLO635 


Figure 5.3 - Two examples of inherently balanced 
antennas, one (delta matched dipole) with a central 


ground (A) and one (split dipole) without (B). 
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be the same, since the voltages and resis- 
tances are equal. 

Note that the system would be balanced 
even without the ground connection. No cur- 


Boom at Center 


Gamma Match 


Coax Cable 
to Radio 


Unbalanced 
Transmission 
Line 
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Figure 5.4 — Unbalanced resistive load. The 
signal is applied with reference to ground. 


Artificial or Real Ground Coax Cable 
to Radio 
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Figure 5.5 — Two examples of inherently unbalanced 
antennas, a gamma matched dipole at (A) and a vertical 
monopole at (B). 


(A) and one without (B). The ground in the first is not actually necessary, 
but can be beneficial for lightning protection purposes. For both cases, some 
kind of transition is required to shift to an unbalanced system for connection 
to the radio. The types of transition will be the subject of a later chapter. 

An unbalanced system, on the other hand, is fed with respect to ground. 
That is, one side of the load is at ground potential. Figure 5.4 gives an ex- 
ample of an unbalanced resistive load, and Figure 5.5 shows two antennas 
with inherently unbalanced feed points. 


TYPES OF BALANCED LINE 


Balanced transmission line is generally of relatively simple construc- 
tion. Think two-wire lamp cord or speaker wire — both common examples 
of wire construction that could be used as balanced transmission line. Early 
receiving balanced line was typically a twisted pair of wires used to connect 
a dipole antenna to the commonly found balanced input of a receiving set 
of the time. 
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Figure 5.7 - Modern homemade open-wire 
line often uses PVC tubing as the insulating 
spacers. Easier fabrication is possible if the 
wires are in slots rather than being pulled 
through holes. The small tie wires run through 
holes to secure the line to the spacer. 
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Figure 5.6 — Construction method of open- 
wire transmission line. Basically, just two 
parallel wires with a sufficient quantity of 
spacers to hold them apart. 


For transmitting use, open-wire line was usually 
employed. It is still popular today for many applica- 
tions and offers simplicity of construction, as shown 
in Figures 5.6 and 5.7. In the earliest days, the spac- 
ers were often made of wood that was boiled in paraf- 
fin to reduce the penetration of water. During World 
War II, and for some time after, porcelain spacers 
were made for the purpose. They are still ideal in 
many ways, but no longer in production. 

Modern commercial balanced line is often made 
using a molded polyethylene web as both spacer and 
insulator. As shown in Figure 5.8, such line comes in 
several varieties. The twinlead types have continuous 
insulation, while the window line (also available in 
300 versions) has “windows” punched out peri- 
odically to make it almost equivalent to open-wire 
line. Twinlead at 300 © was originally developed as 
a transmission line for television reception, and was 
popular for connections to TV antennas until inex- 
pensive low-loss coax overtook it in the marketplace 
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Figure 5.8 - Examples of balanced transmission line made with a molded 
polyethylene insulating webbing. Window line is made the same way, except 
that “windows” are punched out periodically to make the characteristics more 
similar to open-wire line. 


in the 1970s. It is still available at electronic retailers, as are TV and FM 
antennas designed to use it. Open-wire line, constructed much like that 
shown in Figure 5.7, is available commercially as well. 

There are a few varieties of shielded twinlead around as well. These 
have been in use for some time, first in military systems with various RG 
numbers, including RG-22 and RG-97 with a Z, of 95 Q. Later, shielded 
300  twinlead was offered for TV antenna use in areas that would not be 
appropriate for usual balanced lines. Unfortunately, both have the advan- 
tages and disadvantages of unbalanced coax. They are easy to route through 
materials that would give problems to standard twinlead, but because of their 
construction, they also have loss characteristics similar to coax. If needed, a 
similar balanced transmission line can be fabricated from two coax cables, 
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Figure 5.9 —- Balanced transmission line made from two equal-length pieces 
of coax with shields tied together at each end. While it offers the installation 
flexibility of coax, it also has similar loss. 
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Figure 5.10 — Balanced microstrip line fabricated as part of a printed circuit. 


as shown in Figure 5.9. The Z, is just twice the Z, of the individual cables. 
Note that if the shields are tied together at both ends, there will be no fields 
between the two cables, so they can even be run along different routes, as 
long as they are the same length. The loss will be the same as for coax. 

Printed circuit board fabrication of stripline, or microstrip line, is 
also adaptable to balanced systems. The balanced microstrip line shown in 
Figure 5.10 utilizes a balanced pair of conductors on the opposite side of the 
substrate from a ground foil to help contain the fields; however, a balanced 
pair on single-sided board is also possible. 


THE BENEFITS OF BALANCED LINE 
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Balanced line has two primary benefits in comparison to coaxial cable. 
Most balanced lines, especially those with large portions of air dielectric, 
such as window line or ladder line, have a significantly lower loss than most 
coaxial cables. 

Balanced line is often very conveniently connected to balanced anten- 
nas and is most often encountered in that application. It is also frequently 
found in very long runs from unbalanced antennas in which the losses (or 


cost) of coax would be prohibitive. In that case, it may be worth the effort 
to transition from unbalanced to balanced near the antenna and then back 
to unbalanced at the radio end. 

Most balanced line is relatively inexpensive when compared to coax 
— often an important consideration. Excellent homemade open-wire line 
can be fabricated at low cost from two rolls of wire (stranded works very 
well, particularly if subject to flexing) and insulators made from inexpensive 
household PVC tubing. 


THE DOWNSIDES OF BALANCED LINE 


As might be expected, there are downsides to balanced line. While coax 
cable, with its fields contained within the shield, can be rolled, buried (if it 
has a direct burial rating), or installed within or near pipes without impact- 
ing performance, this is not true of balanced line. With balanced line, the 
fields conveying the signal down the line exist in a region around the two 
lines several times the distance between them. This means that balanced line 
can’t be placed on the ground, run in metal ducts, run through lossy material, 
or be rolled up without causing additional loss or change in characteristics. 


FIELDS BETWEEN CONDUCTORS OF BALANCED LINE 





The fields between the conductors of balanced lines 
are not constrained within a boundary, as is the case with 
coax. The strongest fields are in the space directly be- 
tween the conductors, but the total fields between are 


 % similar to that shown in Figure 5.11. Outside the region 
between the conductors, the fields will tend to cancel in 

C) GC) the plane at the center between and perpendicular to the 
wire axis. Coupling to other circuits will be strongest 

oe near either wire until the distance is large compared to 
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the spacing. The coupling will be minimal for most pur- 
poses at a distance of two to three times the conductor 
spacing. 

In the heyday of twinlead for TV use, tubular twin- 
lead was popular for critical applications. This provided 


Figure 5.11 — Representation of the an elliptical cross-section of air space in the region be- 


electric field between the conductors of 
balanced transmission line. The magnetic 


tween the conductors in an attempt to minimize losses in 


fields that surround each conductor the region in which the fields are strongest. 
are equal and of opposite sense if the While fields at a distance from balanced line 


currents are balanced. 


are small, nearby fields can cause interference to other 
systems, particularly those interconnected by wiring. 
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In addition, balanced line run too close to computers and other potential 
RFl-generating systems can pick up interfering signals during reception. 


ELECTRICAL CHARACTERISTICS OF BALANCED LINE 


As with coax, a lumped circuit model of balanced transmission line can 
be generated based on the per unit electrical characteristics. A schematic 
diagram of the result is shown in Figure 5.12. According to Kraus, the per 
unit inductance of a balanced pair of similar wires removed from ground 
and with an air dielectric is: 


L=0.92 x log!® (D/r) wH/m, if D>>r 


Where D is the center-center 
REEDS spacing, and r is the radius of each 
conductor in the same units.' 

The characteristic impedance, 
under the same conditions, 1s: 


Z, = 276 x log! (D/r) Q 


Since Z, also equals V(L/C), 
we can easily find the capacitance as 





Figure 5.12 - Lumped element model of a balanced C=L/Z,. 
transmission line. 


The series resistance is just the 
ARRLO758 de resistance of the wire at low frequencies, 
increasing at higher frequencies due to skin ef- 
fect forcing current to the outer region of the 
conductors with corresponding reduction in ef- 
fective surface area of the conductors. 





Figure 5.13 — Dimensions used to calculate . ‘ 
eae iicn line parameters. The shunt conductance is the result of the 


losses in the dielectric. This is usually minimal 


in air dielectric line. 


MATCHED LINE LOSS OF BALANCED LINES 


The loss of matched balanced transmission line is provided in Table 
3.1 in Chapter 3. It is worth making a note of the difference between the 
matched loss of coaxial cables shown in comparison to the losses of window 
line. Looking at the loss per 100 feet column of coax cable at 10 MHz, we 
note that most are in the range of 0.5 to 1.5 dB/100 feet. There are very 
large and very small cables outside this range, but typical matched loss 
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would be around | dB/100 feet. The balanced lines shown are in the range 
of 0.06 to 0.3 dB/100 feet, with window and open-wire line all in the 0.06 to 
0.08 dB/100 foot range. At the 100 MHz point, the difference is perhaps 
even more striking. Flexible (non-hardline) coax, in the usual sizes, runs 
from around | dB to more than 5 dB/100 feet, while the window lines are 
all 0.3 dB/100 feet or less. 


MISMATCHED LINE LOSS IN BALANCED LINES 


The low matched loss results in dramatically lower total line loss for 
window line in comparison to the usual coax. Let’s compare two lines with 
an SWR of 10:1. If we had 100 feet of coax with a 5 db loss (see Figure 3.8 
in Chapter 3), we would add an additional 4 dB of loss due to the mismatch 
for a total of 9 dB. For window line with a matched loss of 0.3 dB, we would 
add only 0.95 dB, for a total of about 1.3 dB. 

If we put 100 W of transmit power into the coax, at the far end we will 
have 12.6 W available to radiate from our antenna — a loss of 87.4 W in 
the transmission line as heat. With the window line, the antenna will get 
74.1 W, a loss of 35.9 W in the transmission line. While 1 dB is usually just 
perceivable, 9 db can make a big difference. 

This is the big strength of balanced line, particularly window and open- 
wire lines at HF where the matched loss is dramatically small. With window 
line, antenna systems can be designed to operate with high SWR, making 
it easy to cover multiple bands, for example. Coax, on the other hand, is 
generally limited to uses with an SWR of no more than 2 or 3:1 to avoid 
excessive loss. It is particularly noteworthy that the best window line gener- 
ally costs less than even inexpensive coax. 


POWER HANDLING CAPABILITY OF BALANCED LINE 


Table 3.1 does not provide any information about the power rating 
of the various balanced lines. While the dielectric strength of polyethyl- 
ene will be well into the megavolt per inch range, the line breakdown will 
likely be limited by the dielectric strength of air at most interfaces, about 
76 kV/inch. The wire will also fuse at some current, around 82 A for 
#18 AWG copper wire. 

Keep in mind that both the maximum voltage and current on the line will 
go up with the square root of the SWR, compared to what they would be for 
a matched line. As an example, consider a 450 Q window line at 1500 W, the 
US amateur power limit. The voltage if matched would be: 





V = V(Z, x P) = V(450 x 1500) = 822 V, with a 100:1 SWR, a maximum 
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of 8222 V at some locations along the line. 
The line current would be: 


T= V(P/Z,) = V(1500/ 450) = 3.3 A, with a 100:1 SWR, a maximum of 33 A 
at some locations along the line. 


Neither of these quantities would be a problem for the physical charac- 
teristics of the line; however, the components to which they are connected in 
terminal equipment could be a very different story. Note that the maximum 
of one parameter in mismatched line will occur at the location along the line 
of the minimum of the other, with the maximums separated by 4 wavelength. 
Thus the maximums need not be encountered at all, and the line length can 
be designed to avoid maximums at sensitive locations, but only if the system 
will be used at a particular frequency. Multiband systems are likely to hit 
some maximum on some band. 


'J. Kraus, W8JK (SK), Electromagnetics, McGraw-Hill Book Company, New York, 1953. 
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Transmission 
Line Connectors 


@alele) (=m 


The most usual application of 
transmission lines is interconnecting 
different subsystems such as radios 
to antennas, interconnecting video 
systems or any functions that need to 
be interconnected in a well-defined 
way. A transmission line only be- 
comes useful if the ends are properly 
prepared to interconnect with equip- 
ment at each end. 

Generally, purchased equip- 
ment will include one side of the 
connector that the designer feels is appropriate for the application as part 
of the equipment. It is the responsibility of the systems integrator or installer 
to research the connector type and make sure the transmission line is termi- 
nated in a connector that will mate with the one on the equipment at each 
end to allow the connections to be made. Note that with different equipment 
types, the connector at each end of the cable may be different. 

If you are designing the entire system, you have the flexibility to select 
the connector types as part of your design. It is important to select connec- 
tors that do not degrade system performance. This chapter will discuss the 
various connector types and their properties to help in that determination. 

There are many types of connectors especially designed for termination 
of coaxial cables. These cables first came into widespread use in radio and 
video (radar screen data, for example) systems around the time of World 
War II due to the use of higher frequencies for communications and navi- 
gation systems for the military. In subsequent years there have been many 
new types developed for special purposes, some of which have come into 
general use. 





The popular “UHF” connector series is synonymous with 
“coax connector” for many, yet it is not always appropriate. 
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“UHF” SERIES COAXIAL CONNECTORS 


The UHF connector series was defined at a time when the “ultra high 
frequencies” meant anything above 30 MHz. Since we now consider VHF 
the range between 30 and 300 MHz and UHF from 300 to 3000 MHz, the 
designation is no longer appropriate, hence my use of quotation marks in 
the heading. 

The first use of the UHF connector series was for broadband video 
systems such as radar signals. It allowed a termination of RG-8 sized coaxial 
cable into a continuously shielded interconnection across an interface. This 
was a Significant improvement compared to the open screw terminals, bind- 
ing posts, or Fahnestock clips commonly used in the prewar era. 


The Basic UHF Connector Series 





The connector consists of a center pin for the center conductor that 
plugs into a spring tensioned socket the size of a “banana” jack, sur- 
rounded by a screw-on backshell that provides the connection for the 
shield and holds the connection in place. Fig- 
ure 6.1 shows the basic elements of the system. 
The basic cable-terminating plug is still known 
by its World War II-era nomenclature, PL-259. 
The matching flange-type socket, nomenclature 
SO-239 (note difference in center digit), is nor- 
mally used on the equipment side and mounts to a 


Figure 6.1 -The basic elements of the UHF chassis or panel with four machine screws or other 


coaxial connector series. A PL-259 UHF plug is on 
the right, with a mating SO-239 socket on the left. 





fasteners at the corners of the flange, which also 
serves as the shield termination. 

The original PL-259 design called for the cen- 
ter conductor to be soldered to the inside of the 
hollow pin while the outer conductor or shield is 
soldered inside the outer shell through the holes 
provided. The inside of the outer shell of a PL-259 
includes course threads that can help secure the 
cable jacket if tightly screwed in before soldering. 
Figure 6.2 shows a typical application of a UHF 
connector pair. 


Additional UHF Connector Types 


Over the years there have been additional types 


Figure 6.2 ~ A PL-259 plug attaches a cable to of UHF connectors added to the series. some offi- 


an SO-239 jack on a piece of equipment in the 


author’s station. 
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cially and some designed to meet particular needs. 


Figure 6.3 — Additional UHF series 
connector types. At the top is 

a PL-258 coax splice with an 
extended version below. Next is a 
UHF male-female elbow adapter 
that allows a change in cable 
direction — handy with heavy 
cables. At the bottom a double- 
male adapter. 





Figure 6.4 — A PL-259 with UG-175 
reducer and an installed RG-58 
cable. 





Double Female Adapter: Probably the first was a double 
female adapter that allowed the interconnection of two male 
connectors, effectively splicing two cables together. This has a 
military designation of PL-258 and is shown at the top of Fig- 
ure 6.3. Because of their shape, they are often referred to as 
barrel connectors. An unofficial expansion of the PL-258 concept 
is a somewhat similar double female connector that is made lon- 
ger with a continuously threaded outer surface. These are usually 
provided with matching nuts (see one below the standard PL-258 
in Figure 6.3) designed to secure them going through panels, 
partitions, or even walls. I have seen them up to | foot long. 

Elbow Connectors: A male-female elbow connector (be- 
low the PL-258s in Figure 6.3) is often useful for changing a 
cable’s angle of entry into equipment. This will allow a cable 
to hang straight down behind equipment without requiring a 
tight radius bend. 

Double Male Adapter: Not surprisingly, double male 
adapters (shown at the bottom of Figure 6.3) are occasionally 
encountered as well, although the need to interconnect two 
pieces of equipment at close range is less common. 

Reducing Adapters: The sizing of both the inside of the pin 
and the inside of the shell is just right for the 0.405 inch outside 
diameter of RG-8 or RG-11 and their inner conductors, or for 
their successor types of cables of similar size. 

In many applications, it is desirable to use the smaller, more 
flexible RG-58 or RG-59 cables, especially for short patch 
cables. The shields of these cables are too small to be properly 
soldered to the inside of the PL-259 plug shell. 

UHF connector adapters are available that screw into the back 
of the shell and provide a proper fit to the outer jacket of the smaller 
cable. The shield is then folded back over the adapter to appear at the 
plug solder holes. While the center conductor is also smaller, 
generally the pin can be filled with solder to complete the con- 
nection. The adapters, sometimes called reducers, are available 
in a number of sizes with the most common being the UG-175 
for RG-58 size cables and UG-176 for RG-59 size cables includ- 
ing RG-8X. A UG-176 adapter with a PL-259 and an installed 
cable end are shown in Figure 6.4. 

T Connectors: There are also triple-connector T connec- 
tors, sometimes with all three ports female, sometimes with 
the center port a male plug. These are useful for bridging cable 
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connections, but consider the implications of parallel impedances to the 
system SWR. Another variation that is frequently encountered is a jack 
with a threaded body that mounts through a panel hole much like half of 
the extended double female. 

Jack Hood: In order to address the unshielded nature of the standard 
$O-239 panel jack, a special hood is also available that provides a solder 
connection to the shield and a shielded surrounding of the center conductor. 
While this can improve isolation, it exacerbates the Z, issue because of the 
changing outer conductor diameter of the hood’s conical shape. 

Jacks Without Flange: Jacks are available that mount into a single 
% inch diameter hole. The threads for the backshell are extended to the 
rear of the connector, and a shoulder is located on the panel side. It looks 
superficially like a PL-258, but has a center solder terminal. 


Limitations of UHF Series Connectors 
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That the UHF connector is as popular as it is may be a testament to the 
power of being early on the scene. While it can be useful, it does have many 
limitations and weaknesses, none of which make it unsuitable, but all of them 
need to be taken into account. The major limitations, in my view, are listed 
below. 

@ The characteristic impedance of the connector itself is not the same as 
that of the usual coaxial cables with which it is used. The connector pair Z, 
is typically 30-40 Q for perhaps an inch of length. While there actually are 
36 Q cables for which this would be a plus, they are rarely encountered. This 
results in an “impedance bump” that can cause a change in the impedance at 
the input to the system, depending on the electrical length. 

The significance of this limitation will depend on how critical the cable 
impedance match, or SWR, is to the system operation. It is also true that it 
will be much more significant at frequencies with wavelengths above about 10 
times that length or 10 inches. This corresponds to just above | GHz, within 
the UHF range. Many elect to use other connector series above 6 or 2 meters. 

¢ UHF connectors are not waterproof. This is not usually a problem with 
their use indoors, but can be a serious problem for outdoor use, such as on 
antennas. Water not only causes problems with the integrity of the connector 
itself, but can also result in water migration into the cable. While water in a 
cable is never a good thing, it gets worse over time, often resulting in corro- 
sion and contamination of the dielectric. This can result in additional cable 
loss over the years. 

Fortunately, the connectors can be waterproofed using various tape-like 
products intended for the purpose. This is an extra step and one that impedes 
the connection and disconnection of outdoor equipment. 


@ The shield connection primarily occurs at the perpendicular surface be- 
tween the two connectors, augmented by the backshell itself. The integrity of 
both aspects of this connection is dependent on the tightness of the backshell. 
In mobile systems, or others subject to vibration, this can result in loose, high 
resistance, or even disconnected shields over time. Such conditions result in 
excessive loss, noise, undesired coupling, and functionally the loss of all ben- 
efit of coax in the first place. Many recommend the use of pliers for an extra 
bit of torque, rather than just hand-tightening the backshells. 

@ Availability of low-quality products. While this is not a fault of the 
connector design, it is a fact that the UHF series is relatively easy to duplicate. 
It has also been around long enough so that there are many substandard UHF 
connectors in the marketplace, which may present the following issues: 

* Inner conductor plug pins that are too narrow to accommodate RG-8 
center conductors. 

* Inner conductor plug pins or connector sockets that fall out of the 
body. 

* Plug insulation that melts while soldering. 

* Poor-quality metal parts, including insufficient or improper material 
plating. 

* Jack spring fingers that lose tension after a few insertions. 

The solution is simple — only buy products from manufacturers known 
to make high-quality products. The one that I know is always of high quality 
is Amphenol, although I’m sure there are others. All major Amateur Radio 
dealers offer Amphenol UHF connectors, and the prices are reasonable. I 
recommend avoiding electronic retail store house brands, as well as any con- 
nectors found at flea markets that don’t show a known high-quality brand. 


TYPE N COAXIAL CONNECTORS 


The Type N connectors are of a similar size to their UHF counterpart, 
but these connectors are seriously designed for UHF operation. They were 
designed in the 1940s by Paul Neill of Bell Laboratories to overcome the 
limitations associated with the UHF type, particularly with respect to higher 
frequency operation. While originally specified to work well up to 1 GHz, 
they are routinely used at frequencies more than 10 times that high. The 
nomenclature is in appreciation of Neill’s name. 


The Basic Type N Connector Series 


Only a very close look at a connected pair will indicate that it’s not a 
UHF pair, however, once they are apart, the difference is clear. The biggest 
difference is that the shield interconnection is primarily made via a spring 
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Figure 6.5 — A Type N connector pair 


— a good choice as an alternate in any 
application for which a UHF type would 


fingered sleeve surrounding the male pin that fits snugly into 
a matching cylinder in the female jack. This means the shield 
will be connected even if the backshell is loose. 

A Type N connector pair is shown in Figure 6.5. The con- 
centric shield connection on each side is evident in the photo. 
The size of the shield connection, the air space in between, 
and the mated pin/socket combination make for a constant- 
impedance, low-loss match. 


be used, but especially beneficial in the There are two versions available; one with center pin and 
current UHF range or in wet conditions. — socket diameters that have a Z, of 50 , generally used for 





Figure 6.6 —Type N series 
connector variations. At the top, a 
Type N cable socket, below double 
female, double male and right 
angle adapters. Not shown —T 
adapters. All of the varieties of 
UHF connectors are also available 
in Type N. 
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RF work, and another at 75 Q intended for video applications. 

The constant impedance avoids the impedance bump associated 
with the UHF series — the major frequency limiting factor of the 
UHF series. To put frosting on the cake, properly assembled Type 
N connectors are also waterproof. 

As discussed detail in the Coaxial Connector Assembly chapter, 
the traditional Type N connector is assembled in a different manner 
than the soldered UHF type. A clamping arrangement is used to as- 
semble the connector with the shield compressed between a washer 
and the shoulder of both sides of the connector. This avoids the melt- 
ing cable dielectric insulation problem encountered with the solder- 
ing of shields to some kinds of connectors, but at a cost of requiring 
more careful measurement of trimming dimensions to make all the 
pieces come together in the right place. The only soldering required 
is of the low mass center conductor to its pin. 


Other Varieties of Type N Connectors 


Virtually all the different connector types described in the sec- 
tion under UHF connectors are also available for Type N connec- 
tors. A selection of Type N connectors is shown in Figure 6.6. In 
addition, the Type N series also offers a cable jack that looks like 
a cable plug, but is of opposite gender. This is significant because 
it allows the fabrication of extension cables that can be spliced to- 
gether without the need for a barrel, or double female adapter. This 
is beneficial because each connector interface contributes to system 
loss and reduction of system reliability. 


Limitations of Type N Connectors 


Here we have a much shorter section than for UHF connectors. 
As with all connector types, there is a power limitation associated 
with the connectors, basically related to its physical dimensions. 


Power Limits 

The peak power is limited by the voltage breakdown across the air 
gap between the center pin and the shield connection, with a safe recom- 
mendation of at least 1000 V,,,,, corresponding to a power level of 50 kW, 
while the average power is based on the heating of the conductors, limited 
by the current in the center pin. Skin effect concentrates the current in thin- 
ner and thinner outer regions of the pin as frequency increases, resulting 
in a typical average power rating around 5 kW at 20 MHz, decreasing with 
frequency to around 500 W at 2 GHz. Check the connector manufacturer’s 
(as well as the cable manufacturer’s) specifications if you expect to approach 
these limits. 


Impedance Variation 

This is a more insidious issue. The two different versions of the 
Type N connector have exactly the same size backshell and shield connec- 
tion arrangement. The difference between them is strictly with the diameter 
of the center conductor, the 75 Q version being thinner to result in a higher 
Z,, a8 you would expect. 

This means that a 75 Q plug will mechanically fit into a 50 Q Type N 
socket without difficulty. Unfortunately, it will not make a good contact. I 
am aware of one case in which the assembly alignment of the two was so 
perfect that it didn’t make contact at all, leading to a lot of head-scratching. 

The problem in the other direction is actually worse, in a way. Inserting 
a 50 Q Type N plug into a 75 Q socket will cause the center female socket 
to open further than it should. It will likely work in this situation, however, 
if a 75 Q plug is ever inserted, it will no longer make good contact. 

This problem is exacerbated by the fact that the connector types have 
no distinguishing marks to identify them. The only reason that this doesn’t 
often come up is that the two varieties are generally used in different do- 
mains — 50 Q in RF work — 75 Q in video systems. Should you find 
yourself in a mixed environment — over-the-air television transmission 
comes to mind — I suggest adopting a color-coded or tagging standard for 
all Type N connectors so that this is less likely to happen. Better yet, select 
a different connector type for one or the other application. 


Assembly Process 


Some would consider it an advantage for UHF connectors that most 
experienced technicians can strip the outer and inner insulation and termi- 
nate a plug by eyeballing the dimensions, while the Type N requires care- 
ful measurement to assemble properly. Especially with full size cable, the 
Type N has an advantage in not needing soldering of the shield connection, 


Transmission Line Connectors 6-7 


a time-consuming and failure-prone part of the operation. I would call it 
about even — but others will have their own opinion, especially if in the 
field without a rule or stripping guide. 


BNC COAXIAL CONNECTORS 


The BNC connector is perhaps the second most popular RF coaxial 
connector type in Amateur Radio circles. It was developed in 1951 and is 
related to the Type N, but has a smaller outer structure and a snap-on “bayo- 
net” mount rather than the screw-on backshell of the Type N and UHF (see 
Figure 6.7). Its size is a perfect fit for the smaller (RG-58/59/8X) cables, 
although versions are available for smaller (e.g. RG-174) and larger (e.g. 
RG-8) sized cables. 


The connector was invented by Paul Neill 
of Bell Laboratories (of Type N fame) and Carl 
Concelman (inverter of the Type C connector, be- 
low) of Amphenol. BNC stands for Bayonet — 
Neill — Concelman. The flexibility of the small 
cables and the easy to attach mechanism of the 

; Ban bayonet backshell, make BNC cables ideal for 
Figure 6.7 —-The basic elements of the BNC patch panel use. 
coaxial connector series. On the left is a BNC When originally designed, the connector was 
Sah nals teat pce bese a elo just made to match 50Q systems — in fact the in- 
a plug. ner pin and shield connecting portion is the same 
size as that of the Type N (in fact, a Type N plug 
can be inserted into a BNC 
socket). Later a 75 Q version 
was added, although the 50 
Q is much more frequently 
encountered. So now there 
are both 50 and 75 Q ver- 
sions of the BNC connec- 
tor. However, this time they 
were cleverly designed to 
be interchangeable without 
destruction or connectivity 
issues. 

The ratings of the BNC 
are quite similar to those of 
the Type N, since it has the 
same electrical dimensions, 








Figure 6.8 — Additional BNC series connector types. All the usual ; BERD : 
suspects are available. although its shielding is 
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somewhat less effective so its upper frequency limit is around 2 GHz. In 
fact, the voltage rating may be higher because an insulating sleeve surrounds 
the center pin, making for a longer air path between conductors. All of the 
usual variations and special fittings for other connector types are available 


for the BNC (see Figure 6.8) 


RCA CONNECTORS 


The RCA connector, sometimes called a phono (for phonograph, an 
early music playback system) connector is probably more frequently en- 
countered than any other type in Amateur Radio equipment because it is 
used for many other purposes besides terminating coaxial cables. 

This connector was initially developed as an audio connector by the 
Radio Corporation of America to connect phonographs to amplifiers. Its 
structure is inherently coaxial with some jack configurations designed to 
ground shield connections directly to panels, so it has appeared as an RF 
connector as well. It is most frequently encountered as a receive antenna 
connector, especially in lower-priced equipment. As a transmit RF connec- 
tor, it generally is found at power levels of 100 W or less, also in lower- 
priced gear. 

A notable exception is the series of high-end Collins Radio SSB trans- 
mitters, receivers, and transceivers introduced in the late 1950s. These used 
RCA connectors for audio and RF interconnections. This highlights one 
aspect of this connector series — they are made in many forms. The RCA 
jacks on the Collins gear were of very high quality, using ceramic dielectric 
insulators. Some have been described as “RF rated” — a noble thought, but 
by no means a standard designation. Most usually encountered RCA con- 
nectors are not as well fabricated, but they can do the job if carefully selected 
and properly installed. A selection of different types 
is shown in Figure 6.9. 

Unlike any of the previously described coaxial 
connectors, the RCA pair has no mechanical lock- 
ing mechanism to retain the connections if subject 
to any pull on the cable. Since the BNC is similar in 
size, it may be a good alternative if that is likely to 
be an issue. 

Since RCA connectors are so ubiquitous, it is 
worth mentioning that they are not, in my opinion, a 
very good choice for power interconnections. I have 
what is otherwise high-quality equipment that has 





Figure 6.9 - Examples of RCA connectors. 
The plug at the bottom has a shielded RCA connectors as power accessory sockets and 


backshell, more suited for RF use. companion equipment with a panel jack designed to 
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accept 12 V de from an RCA plug. Of course if the equipment is on while 
making this connection, as soon as the pin strays to the outer conductor on 
insertion, it blows a fuse deep in the source equipment. 


OTHER COAXIAL CONNECTORS 


While the connectors described in the earlier sections are those most 
frequently encountered as coaxial cable terminations, there are many other 
types that will be encountered from time to time. I think it’s worth a bit of 
ink to let you know something about them. 


SMA Coaxial Connectors 





an SMA connector. 


Figure 6.10 — A handheld transceiver 
BNC connected antenna compared to 


SMA connectors — short for sub-miniature type A — are found on 
a significant number of handheld transceivers as antenna 
connections (see Figure 6.10). These small threaded coax 
connectors are designed for operation well into the micro- 
wave region — typically to 13 GHz, but some varieties go 
much higher. Outside of amateur handheld antennas, they 
are mostly found used as interconnections between chassis 
of microwave equipment, often on the ends of miniature 
semi-rigid coax. 

Their electrical properties are quite suitable for ama- 
teur handheld antennas, however, they are typically rated 
for 500 to 600 connect-disconnect cycles, so care should 
be taken with their mechanical properties. The alternate connector in this 
application is the BNC, which is my preference for a number of reasons, 
especially durability. An SMA handheld antenna is shown in Figure 6.10. 


Type F Coaxial Connectors 
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Anyone who has ever hooked up a modern television set has encoun- 
tered the Type F connector. This is a great mass-market connector — as in- 
expensive as possible for millions of users. I remember a time (more than 30 
years ago when I was working on early cable-based digital networks using 
cable TV components) when the plugs cost less than $0.05/unit — orders of 
magnitude less than some we've discussed. The reason was that they made 
large quantities and the center conductor pin is just the inner conductor wire 
of the coax (see Figure 6.11). 

With a center pin that is the center conductor of the coax, the assem- 
bly is trivial. The cable is stripped — fancy tools that do it in one step are 
available — the shield is crimped to the outer conductor shell of the con- 
nector (while soldering is possible with some varieties, anyone using these 





Figure 6.11 —- Examples of Type F connectors as used in cable TV 
installations. 


frequently uses a crimp tool), and 
you're done. The disadvantage is 
that the inner conductor must be 
solid wire and that it has no cor- 
rosion resistance. Special water- 
proof versions are available for 
outdoor use. 

Type F connectors are not 
often encountered in Amateur Ra- 
dio, with one notable and worth- 
while exception. TV-type coax cable, often described as RG-6 type but 
made with aluminum foil shields, is actually pretty good coax. Modern cable 
TV systems operate well into the UHF range, so they are designed for low 
loss. They are often available at low cost, or even prewired within a house 
begging to be used for amateur antenna access. The problem is that most 
connectors of the type used in Amateur Radio can’t deal with connections 
to the aluminum foil shield. Often the best approach is to either use the F 
connectors on the cable, or crimp some on and then use between series 
adapters (see below) to transition to the connector that will mate with your 
termination. 


TNC Coaxial Connector 


The TNC (Threaded — Neill —Concelman) is essentially a BNC with 
a threaded rather than a bayonet backshell. It thus is essentially a smaller 
Type N connector, but with the inner connecting surfaces the same size. 
It extends the 2 GHz frequency limit of the BNC up to 10 GHz or higher, 
and takes less panel space. It is a natural for heavy duty requirements with 
smaller cables. 


Type C Coaxial Connector 


This connector, honoring just Concelman, is essentially a TNC for 
larger cables. It is about the size of a Type N, but with a bayonet backshell 
and larger diameter inner components. It would seem to be a natural for 
patch panels for those running high power, but it has never caught on in the 
amateur community, that I’m aware of. In fact I hardly see them anywhere, 
which is too bad. 


Motorola Connectors 


These are the coaxial connectors designed and almost exclusively 
used to connect automotive antennas to automotive broadcast radios (see 
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Figure 6.12). They became popular for amateur use in the 1950s, 
at which time most HF voice used full carrier amplitude modula- 
tion. A number of companies offered tunable converters, designed 
for steering-column mounting, that translated amateur HF signals 
to the upper broadcast band. 

The auto antenna, with its Motorola connector, plugged into 
the converter and a patch cable went from the converter to the an- 





Figure 6.12 — A Motorola jack. 


These are commonly used tenna jack of broadcast radio. Usually, each had a Motorola con- 
in automotive broadcast nector. Apparently because of the converter connection, I have seen 
receivers as antenna 


these connectors also used in home station VHF converters. 


connectors. 


Type HN Coaxial Connector 


The Type HN connector is similar in design and layout to the 

Type N, but is a bit larger. It has higher voltage breakdown and 

power ratings than the type N. It is a good match to the cables that are 

somewhat larger than RG-8 size and finds some amateur use in high power 
stations with long cable runs. 


General Radio Connectors 


The General Radio type 874 or GR connector is most frequently seen 
on test equipment made by that company, later GenRad through the 1970s. 
It is still popular in university physics and engineering laboratories because 
it is unique (to my knowledge) as a genderless coaxial connector. Both the 
inner and outer connection arrangements 
are made of four spring leaves in two pairs, 
with one pair of each separated further than 
the other (see Figure 6.13). In this way, by 
rotating 90 degrees, any two connectors can 
be mated resulting in a solid, matched con- 
Figure 6.13 -The GR-874 genderless coaxial cable Beeson without the need for gender con- 
connector — popular for use with laboratory test verters (see Figure 6.14). The downside is 
equipment for many years. that there is no locking arrangement, so it’s 
not particularly suitable for long-term con- 
nections, but it’s perfect for lab use. 





Between Series Adapters 


Virtually every coax connector type of either gen- 
der is available in a short adapter with a connector of 
every other type. These adapters allow equipment with 





Figure 6.14 — A pair of GR-874 connectors 
mated. one type of coax connector to be attached to cables 
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terminated with another type. A collec- 
tion of representative examples is shown 
in Figure 6.15. 

These are best used for temporary test 
or measurement applications, although 
some find use in long-term applications. 
Every additional part, especially connec- 
tors, reduces the overall system reliability 
by adding another potential failure point. 

There are a few exceptions, in my 
opinion, to this rule. One is that some 
equipment supplied with UHF jacks 
makes use of lower-cost parts in which 
the fingers give out quickly. While the 
best solution is to replace them with 
higher-quality units, sometimes that 
is not feasible and will likely void any 
equipment warranty. An adapter with a 


Figure 6.15 — Representative example of coaxial between UHF plug and Type N socket is perfect 


series adapters. 


for this situation, especially if the cable 
can be equipped with a Type N plug. This 
works best if done before the spring con- 
tacts get limp. 


BALANCED LINE INTERCONNECTIONS 


Considering how much longer balanced transmission line has been 
in use than coaxial cable, you might think there would be at least as many 
choices of connector. As it happens, that’s not the case, but a few standards 
have evolved over the years. 

Screw Terminals — Most Amateur Radio equipment designed for bal- 
anced transmission line offered screw terminals, as did most television re- 
ceivers until the shift to coaxial cable interconnection made TV twinlead 
almost obsolete. 

Screw terminals have the advantage of being nearly universal, in that 
virtually any reasonably sized wire size can fit under the screw head and 
may stay in place and not short during tightening. Still, the connection is 
not a terribly reliable one. 

Most amateur receivers actually had three screw terminals. Two were 
for a balanced antenna, the third was a chassis ground (see Figure 6.16). 
The chassis ground should be connected to the power system safety ground, 
since many receivers had two-wire ac plugs. If an unbalanced antenna were 
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used, the ground should also be jumpered to 
one of the antenna connections, sometimes a 
link was provided for the purpose. 

While wires under screw heads can be 
particularly unreliable, in my experience, 
a better solution is available in the use of 
crimped or soldered spade lugs under the 
screw terminals. 


TV Twinlead Connectors 


There actually was a type of connector 
especially designed for use with TV type 
300 Q twinlead (see Figure 6.17). For some 





Figure 6.16 - Terminal strip on a 1950s communication 
receiver. There are two terminals for a balanced transmis- 
sion line. If an unbalanced antenna is used, the ground 


terminal is jumpered to one of the antenna terminals 
as shown. 





ene 


Figure 6.17 — A plug designed to terminate 300 © 
TV type twinlead. 
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Figure 6.18 —- The double banana plug, designed 
for low frequency balanced test equipment. It is a 
great fit with 450 2 window line. 
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reason, it never became popular for use with 

TV receivers, but was encountered in some 

peripheral equipment, such as UHF convert- 

ers, before they were required to be includ- 
ed. The plug had two 0.093 inch soldered pins 
spaced at 0.486 inches. This is the same spacing 
as the pins of an FT-243 crystal holder, so would 
fit into a crystal socket, or two pins (with one in 
between) of an octal tube socket. 


Double Banana Plug and Jack 


A connector type that is not especially de- 
signed for the purpose is the double banana plug. 
A banana plug is a robust spring loaded plug of a 
size that happens to fit nicely into the center con- 
ductor of a UHF socket. A popular test equipment 
connectivity arrangement is two banana plugs 
within a common insulating housing spaced 0.75 
inches (see Figure 6.18). This spacing is very 
convenient for use with most window-type trans- 
mission line. 

Jacks are available in various forms, includ- 
ing panel mounting types and even combination 
plug and jack sets that also have screw terminals 
to clamp wire leads. Another handy arrangement 
is a kind of terminal that is sometimes called a 
“five-in-one.” This mounts through a single hole 
into a panel and has a banana socket surrounded 





Figure 6.19 — A five-in-one terminal accepts a banana 
plug, loose wire, or terminal lugs. If two are spaced 
at 0.75 inches, they will also accept the handy double 
banana plug. 


by a nut arrangement that surrounds a 
threaded surface that includes a hole 
for wire or tip insertion. Thus it can ac- 
cept a banana plug, a spade lug, a wire 
bent around the threads or a wire pushed 
through the perpendicular hole. If two 
are installed on % inch centers, it will 
also accept the double banana plug, but 
can deal with loose wire ends, or lugs as 
well (see Figure 6.19). 


Notes 

\J. Kraus, W8JK (SK), Electromagnetics, 
McGraw-Hill Book Company, New York, 
1953. 
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Installing Coaxial 
Connectors on Cable 


Chapter 7 


The installation of transmission line connec- 
tors is looked on by some with dread, since it is 
both important and requires special care and mod- 
erate precision in order to do the job properly. Of 
course, any connector installation will be no better 
than the quality of the connector being used. Con- 
nector failures are surely the leading cause of prob- 
lems with coax cables, although there are certainly 
other ways to ruin a coax run. 





No coaxial cable run is any better than the 


installation of the connectors on its ends. . 
Connector installation takes care and attention, but Standard or Cr imp Connectors? 


need not result in a trip to the emergency room. The “standard” coaxial cable designs are gen- 


erally assembled by soldering. In the case of the PL-259 UHF plug, both 
the center conductor and shield are soldered, while standard Type N, BNC, 
and TNC connectors have a center pin that must be soldered and an integral 
tightened clamp for shield connection. TheType F television coax connector 
is a bit different. The center conductor of the coax is used directly as the 
center pin, while the shield is almost always crimped. 

Alternative connector types are available in each series that use crimp- 
ing for connection. In many cases, both the center conductor and shield are 
crimped, while some have a crimped shield and soldered inner conductor. 
I have seen no evidence that a crimped connector is inferior to a soldered 
one. With either type, poor assembly practices can yield poor results. 

The issue with crimped connectors is that they require a crimping tool 
that is matched to the sizes of the crimped surfaces. Most quality crimping 
tools are relatively expensive and fit a limited series of cables and connec- 
tors. Some have dies that include multiple sizes of crimping holes, making 
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them more useful. The Andy-Crimp Pro™ tool — avail- 
able from High Sierra Antennas (www.hameq.com) or 
Quicksilver Radio (www.qsradio.com) — has available 
interchangeable dies that will also fit in other similar tools, 
such as the Powerpole crimper sold by West Mountain 
Radio (www.westmountainradio.com). In addition to 
the two die sets available for coax connections, there are 
sets available for the multiple sizes of popular Anderson 
Powerpole de power connectors, and another set for Molex 
connectors and other crimp terminals (see Figure 7.1). 
The crimping process is very effective if the proper 


Figure 7.1 —The Andy-Crimp Pro™ tools and connectors that match the cable are all at hand. 
toch, Mricsinng ecae: Of ae aeenele Some vendors have offered crimping arrangements for 
interchangeable dies along with a ae oma: 

sampling of the different coax and standard connectors, but these can result in fractures of 


power connectors that it can crimp with 


the right dies. 


the solid connector body. Crimping material needs to be 
pliable enough to be able to be formed in a press. 

Another possibility is to make use of preassembled 
coaxial cables with the connectors already installed. As with anything else, 
the quality will vary depending on the capabilities of the supplier, often but 
not always indicated by the price. Suppliers with good reputations include 
ABR Industries (www.abrind.com), which provides cables with either 
UHF or N connectors, and DX Engineering (www.dxengineering.com), 
which provides cables with UHF connectors. These cable assemblies are 
available in different lengths and made from different types of cable, for a 
cost that is not much higher than the cost of the cable plus the connectors if 
you were to make them yourself. Both offer custom lengths and free ship- 
ping if a sufficient quantity is ordered. 

The sections that follow will focus on installing standard coaxial con- 
nectors, with the exception of one representative sample of an Amphenol 
crimp-type UHF plug. If you decide to use crimp-type connectors and as- 
sociated tools, the manufacturer should provide the cable and connector 
specific trimming dimensions. While the crimp diameters have moved 
toward industry standards, the details, especially of ferrule length, may 
result in different stripping lengths. Look at the website of LNL Distributors 
(www.lnI.com/howto.htm) to see some representative examples. 


INSTALLING UHF SERIES COAXIAL CONNECTORS 
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UHF series connectors include cable-mounted plugs (the PL-259 type 
is the original pattern, although there have been others through the years) 
and chassis-mounted sockets (the SO-239 — note the difference in the cen- 
ter digit — being the standard type, although there are others here as well). 


OUTER 
JACKET INNER 
DIELECTRIC 


CONDUCTOR 


CENTER CONDUCTOR (A) 


SOLDER CENTER 
COUPLER CONDUCTOR 


CUTAWAY 


(0) SOLDER BRAID 
ANTO@64 (4 PLACES) 





Figure 7.2 —The PL-259 or UHF plug is the most popular coax connector in Amateur Radio. Here the steps 
required for installation on RG-8/11/213 size (0.405-inch outer diameter) are shown. See the main text for a 
description of each step. 


Most of the problems people have assembling these are with the plugs, so 
we’ ll start there. 


UHF Plugs with Standard Cable 


The standard PL-259 plug is designed to fit the common larger sizes of 
coax, such as RG-8, 11, 213 and RG-214, with an outer diameter of 0.405 
inches. Note that this includes both 50 and 75 Q types. Adapters are avail- 
able for smaller cable types, discussed below. The installation of such coax 
into a PL-259 is illustrated in Figure 7.2. 

In Step (A), the coax is stripped through the outer jacket, shield, and 
dielectric down to the center conductor starting % of an inch back from the 
end, as shown. The hard part is cutting through all those layers and not also 
cutting some of the center conductor strands. This looks easier than it is with 
normal hand tools, but it is dramatically easier using a special tool. One by 
Ripley Brothers, the Cablematic UT-8000, works like a handheld pencil 
sharpener and makes a remarkably clean and straight cut. 

By using a sharp knife, and going slow with a lot of patience, it is pos- 
sible to work your way through the layers. Special tools are available that 
make this quite easy. It is also possible to use a tubing cutter with a sharp 
blade, at least to get through the outer jacket. Often, by the time you get 
all of that off, you will find that you have lost a strand or two of the center 
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conductor. The purist would start over; you may decide to define your own 
quality control standard and decide to allow the loss of a strand, as it will 
not make much difference in the scope of things. (The perfectionist will 
certainly start over; it’s always a good idea — one of many reasons to start 
with a somewhat longer cable than you think you might need.) 

As shown in (B), remove the cut pieces together, if possible. Sometimes 
a bit of a tug with electricians’ pliers is helpful. Once all of the dielectric 
is removed, carefully check, with a magnifier if needed, to make sure that 
there are no strands of the shield hanging about and that the center conduc- 
tor strands aren’t nicked. 

In step (C), score the outer jacket % of an inch back from the earlier cut 
without nicking the shield, and remove that section of the jacket. Sometimes 
a longitudinal cut from the score to the end makes it a bit easier to remove. 
Now very lightly tin the exposed shield. This is a very tricky step since: 

@ The shield has to be hot enough for the solder to flow into the wires 
without melting the dielectric. This is a particular challenge with foam di- 
electric type cables. 

@ The tinned shield needs to be almost the width of an untinned tightly 
woven shield in order to fit inside the barrel of the connector. This is a 
difficult step, since once the solder flows, it tends to wick into the shield. 
Recheck for any loose strands of shield that could short out the cable later. 
Some installers prefer to lightly tin the center conductor; this is not a bad 
idea, but also needs to be done sparingly to make sure the center conductor 
still fits within the pin. This can be checked from the pin side of the con- 
nector. 

Now slide the coupling ring onto the cable, making sure that it is ori- 
ented in the proper direction. If doing both ends of the cable, this step can 
be delayed until the second end — just don’t forget to do it. There is almost 
nothing less useful than a PL-259 without a coupling ring (or perhaps even 
worse, one remembered but installed backwards). 

In step (D), the coax cable is inserted into the body of the connector, 
Again, check that the coupling ring hasn't fallen off. The connector should 
be installed with a clockwise turning motion in order that the threaded 
portion of the body screws onto the outer jacket. This can be a bit of an ef- 
fort. Sometimes inserting the connector into the jack of a T connector will 
provide additional purchase, if the sharp points are engaged. Alternately, 
there are tools available, such as the DX Engineering UT-80P, that provide 
a good grip without chewing up the connector with pliers. The connector 
is on far enough if the center conductor is protruding from the pin and the 
shield is beyond the four solder holes. Recheck that the coupling ring is still 
there and oriented properly — this is your last chance for an easy correction. 





Step (E) is the last part of the assembly process — soldering everything 
in place. First, support the cable and connector solidly, preferably in a way 
that doesn’t draw off the heat from the connector body. Make sure that the 
cable weight is not pulling it downward, or else the heat from soldering 
will allow the dielectric to melt and the inner conductor to migrate through. 

Use a heavy soldering iron of at least 150 W with a tip that will fit into 
the groove containing the solder holes. Since heat flows upward by convec- 
tion, apply the iron to the bottom of the area and start flowing the solder 
into the top hole when the braid reaches melting temperature. Continue with 
the other holes, turning the cable carefully to reach the bottom hole. Let 
the cable and connector cool significantly before moving to the next step. 

Check that the cable is not shorted by checking the resistance between 
the connector body and the inner conductor protruding from the pin. It 
should indicate infinite resistance, unless there is something providing con- 
nectivity at the far end. Now insert the connector in the vise with the open 
end of the pin pointing below the horizontal. Apply the soldering iron to 
the outside of the pin and gently apply solder to the junction of the center 
conductor and pin until it fills the void. When heated, the solder will flow 
between the inside of the pin and the center conductor by capillary action. 
If the pin were pointed the other way, it would flow down the outside of the 
pin and make it too thick it fit. 

Let it cool and recheck the resistance. Trim the center conductor flush 
with the center pin and use a fine-tooth file to remove any solder from the 
outside of the pin. You're finally done — congratulations! 


Another Opinion 


Noted Amateur Radio contester Tim Duffy, K3LR, operator of one 
of the major multi-multi (multiple operator, multiple simultaneous trans- 
mitter) contest stations in the US, has another ap- 
proach to assembling PL-259 plugs with the larger size 
cable, which he credits to William Maxson, N4AR. 
Tim has assembled an extreme antenna farm, visible 
from US Route 80 in Western Pennsylvania, and has 
terminated more coax cables than most people. Space 
considerations don’t allow inclusion of all of his mate- 
rial, which can be seen on his website at www.k3lr. 
pees en aia eas com/engineering/p1259/. 

Figure 7.3 — After removing the outer jacket Tim first measures a connector against the RG-8 or 
eT . — ae nba dlc other 0.405-inch cable and removes just the outer jacket 
the rénveindler. Inoeear BASTONE, WC30] with a sharp knife. He then pulls the braid back all the 

way by fanning it out (as shown in Figure 7.3) and 
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wraps three to four turns of Scotch brand 88 black electrical tape around the 
dielectric up against the fanned-out braid (Figure 7.4). Using wire strippers, 
he removes the remaining dielectric from the center conductor (Figure 7.5). 
Then he installs the fully assembled PL-259 onto the center conductor and 
over the 88 tape. The back of the PL-259 body should rest on the fanned-out 
shield. He then solders the center conductor. 

This done, he fans out the shield and cuts it to '4-inch long and folds 
it over the back of the PL-259 (Figure 7.6). He solders the shield all the 
way around to the back of the PL-259 body. While the back is still hot, he 
wraps two turns of 88 electrical tape around the soldered shield to seal it 
all (Figure 7.7). 





Figure 7.5 — The dielectric around the center conductor is 
removed from the area in front of the tape. 
[ROBERT BASTONE, WC30] 


Figure 7.4 — Tim wraps three to four 
turns of electrical tape around the 
dielectric up against the fanned-out 
braid. [ROBERT BASTONE, WC30] 





Figure 7.6 —Tim screws the connector Figure 7.7 — The shield is soldered to the 
onto the cable until it is fully seated, outside of the rear of the connector body and 
trims the shield, and solders the center will be wrapped with tape while still warm to 
conductor. [ROBERT BASTONE, WC30] provide a seal. [ROBERT BASTONE, WC30] 
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UHF Plugs with Smaller Cable 


83-1SP (PL-259) Plug with Adapters 
(UG-176/U or UG-175/U) 





COUPLING RING ADAPTER 


1, Cut end of cable even. Remove vinyl jacket 
3/4" - don't nick braid. Slide coupling ring and 
adapter on cable. 


3. Position adapter to dimension shown. Press 
braid down over body of adapter and trim to 
3/8". Bare 5/8" of conductor. Tin exposed center 
conductor. 


PLUG ASSEMBLY SOLDER HOLE 


4. Screw the plug assembly on adapter. Solder 
braid to shell through solder holes. Solder 
conductor to contact sleeve. 


5. Screw coupling ring on plug assembly. 
ARRLO908 





The PL-259 can easily be adaped to 
smaller cable types such as RG-58, 59 or RG- 
8X through the use of an adapter (some call 
it a reducer) that fits into the threaded portion 
of the plug. In many ways, this is easier to 
accomplish than the connection of the larger 
cables, even though the steps are similar. The 
cable is somewhat easier to handle and easi- 
er to strip since the dielectric is thinner and 
doesn’t need to be cut through in one step. The 
shield also has less thermal mass to deal with 
while soldering. The process is illustrated in 
Figure 7.8. 

Just as with the coupling ring and the 
larger cables, itis very important to slide both 
the coupling ring and the adapter onto the ca- 
ble before progressing very far. It is also very 
important to support the connector and cable 
during soldering so it won’t bend and allow 
the center conductor to migrate through the 
dielectric. 

In Step 3 of Figure 7.8, it is important to 
trim the shield so that it doesn’t extend over 
the threaded portion of the adapter; otherwise 
strands will jam the threads. Following Step 4. 
after the connector cools, make sure that the 
shield is soldered to both the adapter and the 
connector body. If it isn’t properly soldered, 
you will be able to turn the adapter in the 
body. If that happens, just reheat the rear of 
the connector body and apply more solder into 
the holes when it’s ready to flow. As with any 
connector installation, check for shorts with 
an ohmmeter. 


Figure 7.8 — The procedure for assembly of UHF 
plugs with smaller coaxial cable. The UG-175/U 
adapter is for RG-58 size cable with 0.195-inch outer 
diameter. The UG-176/U adapter is for RG-59 size 
cable with 0.242-inch outer diameter, including 
RG-8X and RG-62. [AMPHENOL ELECTRONICS, RF 
DIVISION] 
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UHF Plugs with Crimped Connections 


UHF Sockets 
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PL-259 compatible connectors are available with crimped rather than 
soldered connections for both large and small cable sizes. Each requires dif- 
ferent size ferrules and different crimping tools. Some types have a center 
conductor that is soldered while the shield is crimped, while others have crimp 
arrangements for both conductors. If you use a type with a crimped center 
pin, make sure the center conductor extends all the way to the bottom of the 
pin, or the connection won't be solid. (See Figure 7.9 for assembly details.) 


The standard SO-239 panel socket mated with the PL-259 is a flange 
mount arrangement with a center pin and only four mounting holes for 
shield connection. The usual practice is to mount the connector using four 
machine screws, lock washers, and nuts. This provides a connection to a 
metal panel. If it is desired to continue with coax inside the panel, the usual 
practice is to connect the shield, via as short a connection as possible, to a 
solder lug under one (or more) of the mounting nuts. 


83-58FCP 


COUPLING RING y ” CENTER 
FERRULE eee F ae 


1. Strip cable - don't nick braid, dielectric or conductor. 
Slide ferrule, then coupling ring on cable. Flare braid slightly 
by rotating conductor and dielectric in circular motion. 


TRIM COMGUCTOR AFTER ASSEMBLY 


2. Slide body on dielectric, barb going under braid until flange is 
agains outer jacket. Braid will fan out against body flange 


3, Slide nut over body, Grasp cable with hand and push ferrule over barb 
until braid is captured between ferrule and body flange. 
Squeeze crimp tip only of center contact with pliers; alternate-solder tip. 





Figure 7.9 — The procedure for assembly of one type of crimped UHF plug with 
smaller coaxial cable. The 83-58 family of connectors are available in multiple versions 
for different cable types with different ferrule diameters requiring different crimp dies. 
Some have a soldered center conductor, some (as shown) have an inner conductor 
that can be crimped or soldered. [AMPHENOL ELECTRONICS, RF DIVISION] 
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1) Cut end of cable even: Remove vinyl jacket to 2) Remove braid and dielectric to expose center 3) Remove braid to expose dielectric ro appropriate 
dimension appropriate for type of hocd. Tin exposed braid, conductor. Do nat nick conductor. dimension, Tin center conductor. Soldering assembly 
depends on hood used, as illustrated. 


Solder Hood to Braid Solder Here 
Solder Conductor 
to Contact Sleeve 


4) Slide hood over braid, Soider conductor to contact 5) Slide hood over braid. Bring receptacle flush against 6) Slide hood over braid and force under vinyl. Place 
Stide hood flush against receptacle and balt both to hood. Solder hood to braid and conductor to contact inner conductor in contact sleeve and solder. Push hood 
chassis. Solder hood to braid as illustrated. Tape this sieeve through solder holes as illustrated. Tape flush against receptacle, Solder hood to braid through 
junction if necessary. (for UG-177/U) junction if necessary. (for UG-372/U) solder holes. Tape junction if necessary. (for UG-106/U) 





Figure 7.10 — The official procedure and dimensions for assembly of a shielding hood for SO-239 flange 
mount jacks. The different part numbers are for different cable types. 


This arrangement is obviously not satisfactory if high frequency shield- 
ing is required. Using a shield hood can result in a properly shielded con- 
nection. (Details are shown in Figure 7.10.) 

In addition to flange mounting, one-hole mount sockets are available. 
These are constructed much like the threaded PL-258 barrel connectors 
and are secured with nuts that fit the backshell threads. A center pin solder 
connection is provided inside the panel and if a shield connection is 
required, it is often made using a large solder lug that fits around the connec- 
tor body. To extend a shielded connection with a one-hole mount, a PL-258 
type double female connector with matching nuts can be used. The coax 
inside the panel is then terminated with a PL-259 plug. 


INSTALLING TYPE N COAXIAL CONNECTORS 


The Type N coaxial connector series is superficially similar in size 
and operation to the UHF series, but it corrects the major deficiencies of 
the earlier UHF type: 

@ Unlike the UHF, the Type N connectors maintain a constant charac- 
teristic impedance through the connector. 

The construction is such that the shield connection is not dependent 
on a tight backshell. Of course, if the backshell is removed far enough, the 
connectors can be pulled apart and break contact. 

@ The gaskets of the Type N prevent water penetration, a major factor 
in the deterioration of coax cables. 

A Type N plug is actually easier to assemble than the UHF counterpart. 
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So why don’t more amateurs switch over to Type N? Simple: They are more 
expensive (typically around $6, compared to $2 for a high-quality plug) and 
many installers don’t know how to deal with them. The more expensive part is 
relative — what’s it worth to save a trip up the tower in the winter? 


Select the Correct Connector 


Type N connectors come in 50 and 75 Q versions. Be sure to select the 
right series, and get the right connector for your cable type if you are concerned 
about maintaining impedance. The insidious problem with having 50 and 75 Q 
versions is that they look identical, and can be made to mate with each other, to 
a degree. As with the RG-8 (50 Q) and RG-11 (75 Q) type cables themselves, 
the connectors have the same outside and shield contact diameters. In order to 
maintain the constant impedance, the 75 Q N connectors have a smaller diameter 
center conductor pin. 

If a 50 Q plug is inserted into a 75 Q socket, the socket’s inner conductor 
will be spread open too far, making it unreliable for use any later use with its 
proper 75 Q a plug. While inserting a 75 Q plug into a 50 © socket will not 
cause damage, it will result in an uncertain center conductor connection. If the 
pin is in perfect alignment, there will actually be no contact at all. 


Installing a Type N Plug or Socket 


7-10 Chapter 7 


Unlike the standard UHF connector arrangements that just have cable plugs 
and panel jacks, the Type N is available with similarly installed cable plugs and 
cable jacks. This makes coaxial “extension cords” feasible without the need for 
a double female adapter. 

The installation instructions for a Type N plug or cable socket are shown 
in Figure 7.11. To add clarification here, we expand upon these steps using 
an Amphenol connector, part number 82-202-RFX, designed for a number of 
0).405-inch diameter 50 Q coax cables, including RG-8 and RG-213. Note that 
the suffix RFX indicates it is a commercial version rather the 82-202, which 
is the full military type at about three times the price. (Visit their website at 
www.amphenolrf.com to find the right kind for your cable.) A step-by-step 
installation process follows. 

@ Lay it out — Slide the nut, washer, and gasket over the cable jacket — in 
the correct order. 

@ Remove the outer jacket — Measure “s inch of the outer jacket and care- 
fully cut and remove it with a razor knife, without nicking the braid. 

* Comb out the braid — Using an awl or a metal comb, straighten out 
the shield wires and slide on the clamp until it stops on the jacket, as shown in 
Figure 7.12. 

* Strip the dielectric — Remove enough of the dielectric to leave 


TYPE N CONNECTORS 
Standard Clamp 


| 8 ¢ 


Nut Washer Gasket Clamp 


Femate 


Contact Jack Body 


Mele Contact Plug Body 


1) Cut cable even 

Remove 9/16" of vinyl jacket 
When using double-shielded 
cable remove 5/8". 


32 
2) Comb out copper braid as shown. Cut off 
dielectric 7/32" from end, Tin center conductor, 


3) Taper braid as shown, Slide nut, washer and 
gasket over vinyl jacket. Slide clamp over braid 
with internal shoulder of clamp flush against 
end of vinyl jacket. When assembling connectors 
with gland, be sure knife-edge is toward end of 
cable and groove in gasket is toward gland. 


4) Smooth braid over clamp and 
trim. Soft-solder contact to center 
conductor, Avoid use of execessive 
heat and solder. See that end of 
dielectric is clean. Contact must be 
flush against dielectric. Outside of 
contact must be free of solder, 
Female contact is shown; 
procedure is similar to male 
contact 


5) Slide body into place carefully 
so that contact enters hole in 
insulator (male contact shown) 
Face of dielectric must fiush 
against insulator. Slide completed 
assembly into body by pushing 
nut. When nut is inplace tighten 
with wrenches. In connectors with 
gland, khife edge should cut 
gasket in half by tightening 
sufficiently. ARRLO910 





Figure 7.11 — The official procedure and dimensions for 
assembly of a standard Type N plug or cable jack. 





Figure 7.12 — The nut, washer, and 
gasket are in place on the cable jacket, 
in the correct order. The right amount of 
outer jacket is removed, and the shield 
wires are combed out straight. 


2 of an inch between the end of the 
dielectric and the end of the inner con- 
ductor. 

@ Trim the shield wires — Use 
sharp diagonal cutters to trim the 
shield wires to make them just the 
right length to cover the round por- 
tion of the clamp (Figure 7.13). 

@ Tin the center conductor and 
solder the pin — Lightly tin the cen- 
ter conductor. Check to make sure 
it fits in the pin, and lightly dress 
it with a fine file, removing enough 
solder so that it fits fully into the pin. 
The bottom of the pin should rest 
against the dielectric and, with the 
pieces pushed together (as shown in 
Figure 7.14), the pin should be flush 
with the end of the housing. Now is 
the time to adjust as needed, then 


solder the pin and remove any solder on the outside of the pin with the file 
or emery cloth. 

@ Final assembly — Insert the pin into the connector body dielectric by 
pushing on the cable. Turn the nut until the threads start. Hold the connector 
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Figure 7.13 — The shield wires are trimmed to fit 


over the round edge of the clamp and enough of the 


dielectric is removed to allow the pin to fit flush. 


Figure 7.14 — Lightly tin the center conductor, 
make a final check of dimensions, and then 
solder on the pin. 





Figure 7.15 —The fully assembled connector. 
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body with a wrench and turn the nut with 
another wrench until tight. The pin should 
be about flush with the end of the coupling, 
the connector should not easily turn on the 
cable, and you should not be able to pull it 
off the cable (Figure 7.15). 


Type N Jacks 


As previously noted, the Type N of- 
fers cable jacks that assemble in the same 
manner as cable plugs. They also offer 
panel jacks in a few configurations. There 
are types that are similar to the open frame 
SO-239 panel jack, but there are also panel jacks that 
maintain the characteristic impedance and shielding in- 
tegrity, more appropriate for critical RF applications. 
These assemble in the same manner as the other plugs 
and jacks, and are best installed in the panel after as- 
sembly. 


Some Observations 


Note that with the Type N, we have avoided the 
step of soldering to the connector body. This avoids 
the risk of melting the cable dielectric, a frequent 
problem with UHF connectors. Also, it is possible 
to modify the procedure slightly and solder on the 
pin, push the cable with pin attached through a small 
bulkhead hole, and then assemble the connector on 
the other side. With a UHF PL-259 connector, you 
need to do the soldering on the far side of the wall. 

Unless there is a lot of working room, it is not 
recommended to replace UHF connectors on equip- 
ment with Type N. Adding a UHF to Type N adapter 
to a UHF connector, however, especially when the 
UHF is still new, can avoid some of the typical prob- 
lems of loose coax connections later on. 

For cables of the RG-58, 59, and 8X variety, the 
BNC connector is a good choice. It offers many of the 
benefits of the Type N in a smaller, bayonet-attached 
package. Type N connectors are also available for 
virtually all types of coax the amateur is likely to 


encounter, although they will be harder to find and may not be available in 
the less-expensive commercial series. A BNC connector with a BNC to N 
between series adapter may be a good solution. 


Type N Plugs for the Dedicated UHF Plug User 


It is no wonder that hams are wedded to the ubiquitous PL-259 UHF 
series plug, since most HF and a large portion of VHF equipment provides 
matching UHF sockets for connection to antennas. However, there is a line 
of Type N plugs that assemble in almost the same way as a PL-259 plug. In 
fact, as seen in Figure 7.16, the shield is connected in exactly the same way, 
whether the cable is RG-8 or RG-8X. The same UG-176 adapter for RG-59 
or similar sized coax that fits a PL-259 also fits in this Type N connector, as 
does the UG-175 for RG-58. 

The same techniques that are used to prepare either size cable for a 
PL-259 are also used here. The same tools, such as the Ripley UT-8000 
jacket and dielectric stripper, can be used to prepare the larger cables, or the 
traditional knife and pliers approach will work as well for this connector. 

The connector comes in two pieces: an inner body where all the solder- 
ing takes place that includes a captive pin, and a housing that includes the 
backshell and the shield connection arrangement. As with a PL-259, this 
Type N can be disassembled, cleaned out, and reused. The usual Type N 
includes a gasket that is destroyed upon first assembly, and those can’t be 
found either. 


With the backshell removed, the soldered connector interior has a di- 
ameter of 0.6 inches, significantly less than assembled Type N at 0.83 inch, 





Figure 7.16 — RG-213 and RG-8X cable about to be assembled into UHF-like Type N plugs. 
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or even PL-259 at 0.74 inch. This can make it easier to 
route cables through smaller holes in partitions. The stan- 
dard Type N can be soldered to its pin and routed through 
holes as small as the cable itself, but the final assembly has 
to be completed on the far side of the partition. Of course 
the current connector also needs final assembly, but it’s just 
the threaded backshell piece. This can easily be tightened 
up using two %o-inch open-end wrenches, or one wrench 
and a vise. 

The only difference between assembling this 


Figure 7.17 — Fully aanembied TyGeN connector and a PL-259 is that the center conduc- 


coax connectors on RG-213 andRG-8X — tor wire has a maximum length before it bottoms out 


cable. A standard clamp-type Type N 
plug is shown for comparison. 


inside the center pin. It must be trimmed until it can 
be screwed in far enough that the shield appears be- 
yond the solder holes, as the connector is screwed onto 
the coax or the UG-175/6 adapter. Figure 7.17 shows the assembled 
connectors in comparison to the size of a standard solder and clamp 
Type N plug. 

These connectors cost between $5 and $7, about twice what a quality 
PL-259 costs, but about the same as the standard solder and clamp Type N 
plugs. They are somewhat longer than the usual Type N, which may be an 
issue in some installations. The standard N plug is about 1.5 inches long, 
while the item under discussion is 1.785 inches, 1.96 with a UG-176 adapter. 


INSTALLING BNC AND OTHER COAXIAL CONNECTORS 


Each coaxial connector type has its own installation requirements, al- 
though the BNC is quite similar to the Type N connector described in the 
last section. 


Installing BNC Connectors 
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Installing a BNC connector is very much like installing a Type N, 
except it is mostly smaller. While the assembly is much more compact, the 
center pin and shield connections are the same size. In fact, a Type N plug 
will mate with a BNC socket although the coupling ring will not function. 

While there are BNC plugs made to terminate the larger cable sizes, 
they tend to be a force fit. The BNC is ideally suited to RG-58 and RG-59 
(or smaller) size cables and makes a very handy patch and interequipment 
arrangement because of its quick-change bayonet-secured backshell. If you 
stick to these sizes of cable, the bayonet is even easier to assemble than a 
Type N because the cables are much easier to work with. 

As with others, the BNC is available in both crimp and clamp styles. 





BNC CONNECTORS 
Standard Clamp 


22 (AG-58/U} +} 
/s8 (RG-59/U) 


yun| |< 
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1. Cut cable even. Strip jacket. Fray braid and 
strip dielectric. Don't nick braid or center 
conductor. Tin center conductor. 


WASHER 
7 "a ae = CLAMP 
=! 
“NUT Y GASKET 
2. Taper braid. Slide nut, washer, gasket and 
clamp over braid. Clamp inner shoulder should 
fit squarely against end of jacket. 


vous fe 99 
= =a 

3. With clamp in place, comb out braid, fold 
back smooth as shown. Trim center conductor. 


SOLDER HOLE 
4, Solder contact on conductor through solder 
hole. Contact should butt against dielectric. 


Remove excess solder from outside of contact. 


Avoid excess heat to prevent swollen dielectric 
which would interfere with connector body. 


5. Push assembly into body. Screw nut into 
body with wrench until tight. Don't rotate 
body on cable to tighten. 
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Figure 7.18 —The official procedure and 
dimensions for assembly of a standard 
BNC plug or cable jack. 


The solder (pin) and clamp (shield) are so easy to do 
with smaller cable, and are recommended if you can 
read a ruler and have power for a soldering iron. A nota- 
ble exception would be cables with foil (or mostly foil) 
shields. The foil is somewhat less suitable for the shield 
clamp and a good match with a crimp arrangement. 

Figure 7.18 provides the step-by-step instructions 
for BNC assembly. As with the Type N, both cable and 
panel jacks are available that assemble in the same way. 
There are open-frame jacks available in both flange type 
and one-hole mount styles. 

Beware of electronic retailer “BNC” plugs that 
have a BNC-size backshell but use the center conduc- 
tor of the cable as the pin. While they advertise them 
as “no solder” types, the wire is not the correct size to 
mate with a BNC jack. 


Type F Connectors 


Probably the most common coaxial connector ever 
made is the Type F, described in Chapter 6. While rarely 
encountered in Amateur Radio equipment, it appears in 
virtually all television and consumer video equipment 
made since the 1970s. It may be encountered in amateur 
video, or in making use of cables originally intended 
for other services. Because of its high volume, and the 
nature of the consumer marketplace, it was designed 
to be inexpensive and easy to install. In spite of this, 
cable systems using the connector must meet stringent 
leakage standards because cable systems use most of 
the spectrum allocated to over-the-air services and they 
must not interfere with them. 

The Type F plug is designed for use with RG-6 size 
cable, somewhat larger than RG-59 and generally used 
from the pole to the subscriber, and smaller sizes used 
within a premise or between equipment. A screw-on 
backshell on the F plug maintains shield contact with 
the barrel of the socket, but as with the PL-259, it is 
only effective if tight. There is also a “push-on” type 
plug available that uses spring fingers to grasp the jack 
barrel. The solid (only) inner conductor of the coax 
pushes into a spring contact on the jack, generally with 
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significant through clearance so the length is not critical, unless it doesn’t 
make the spring contact. 

Cable TV-type flexible coax provides a large fractional shield coverage 
through the use of a wrapped aluminum foil shield, sometimes in combina- 
tion with a loose wire shield. This arrangement pretty much rules out sol- 
dering of the shield connection and provides either a clamp or, more often, 
a crimp-on connection, Again, a number of different proprietary types of 
plugs with proprietary tools are available for such applications as waterproof 
outdoor use, although the very basic types are not very fussy about the crimp 
tool used. Still, a good fit makes for a better and neater connection. 


RCA (Phono) Connectors 


7-16 Chapter 7 


The RCA connector (see Chapter 6) was originally employed to con- 
nect a low-level phonograph cartridge signal, via a coax-like shielded wire, 
to an amplifier. As such, it has an inherently coaxial structure with the plug 
having a hollow pin and the shield connected via four springy petals, making 
a non-threaded almost, but just barely, backshell. 

The connector type is most frequently encountered in Amateur Radio 
applications as a between-equipment connection arrangement for auxiliary 
functions, such as carrying reference and oscillator signals as well as switch- 
ing, control and sometimes low voltage dc lines. In the 1950s and 1960s, it 
was sometimes also found used in place of a UHF connector as an antenna 
connection on receivers and transmitters at or below 100 W PEP. 

While crimp-type connectors may be available, loose connectors tend 
to be the solder type. The basic connector consists of a center conductor 
soldered within the hollow center pin and the shield soldered over the out- 
side of the shield fingers in K3LR fashion. Such connectors provided as part 
of preassembled audio cables with molded housings may be of a different 
arrangement. 

In addition to the basic type, there are some with a metal screw-on back 
cover and interior terminal for the shield. These are neater and easier to 
grasp, but don’t offer any electrical advantages over the basic configuration. 


Chapter 8 
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Not every line is right for every application — picking 
the right one may offer improved performance and 
longer cable life. 


The choice of the best transmission line 
for an application may make a big difference 
in how well the system works. Some applica- 
tion problems appear immediately, sometimes 
with dramatic results, while other, more in- 
sidious ones manifest themselves gradually 
over time and can be easily overlooked. 


GETTING THE SIGNAL TO 
THE FAR END OF THE LINE 


What we usually want most from our 
transmission line is to get the signal to come 
out the far end looking as much as possible like 
the signal with which we started. In the realm 
of radio signals, this statement is mostly about 
transmission line loss. In other applications, such 
as pulsed data systems, we may have other con- 
cerns, including preserving pulse shape without 
distortion, but here we will focus on transmis- 
sion of RF energy. As we have discussed, the 
selection of line type plays a crucial role in how 
successful we will be. 

We spend a lot of money to have a transmit- 
ter to generate a radio signal, and we want that 


signal to arrive at our antenna and leave as radiated RF energy — not be radiated 
as heat from our transmission line. There are many factors that contribute to 
line loss, most of which we have already covered in detail. Here we will discuss 
which is most important for a particular application. 
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Characteristic Impedance 


The characteristic impedance (Z,) of a transmission line is one of the 
most fundamental attributes of a transmission line, and often considered 
first in selecting a line. While the Z, does relate directly to loss (higher Z, 
lines generally have somewhat less loss, all other things being equal), the 
matched loss due to the Z, is usually less important than the extent to which 
the Z, matches the load. 

The Matched Case — In the most common configuration, the load is of 
approximately the same impedance that the equipment is designed to drive. 
That impedance is most often 50 Q for radio equipment and 75 Q for video 
equipment. Not coincidentally, the most common coaxial transmission lines 
are available with those Z, and the obvious choice for Z, is the one that 
matches the actual Z impedance of the equipment at both ends. Any other 
Z, will result in an SWR greater than 1:1, which will increase cable loss and 
not properly load the equipment. 

Once we know the Z,, we have a number of other considerations — 
how much loss will our system design tolerate, and what power rating does 
the cable need to meet. Table 8.1 shows representative data on these pa- 
rameters for some of the most popular 50 Q cables. Note the dependence 
on operating frequency for both of these parameters. 

If losses are of a particular concern, it is possible to change cable types 
to meet particular requirements. For example, if the load is a rotary antenna, 
it is usually necessary to feed it with a loop of flexible cable to avoid fatigue 
as the rotator turns back and forth. Since the lowest loss cable types do not 
tend to be very flexible, it is possible to change types (within the same Z,) 
if the run is long enough to make a difference. At most frequencies, there is 





Table 8.1 


Attenuation and Power Handling Capability for Various 50 © 
Coax Cables vs Frequency 


Cable Frequency (MHz) Attenuation (dB/100') Power Rating (W) Minimum Bend Radius (") 
RG-58" 10 1.2 1937 2 
100 4.3 542 
LMR-195** 10 11 1430 
100 3.6 450 
RG-8* 10 0.6 4.5 
100 1.9 800 
LMR-400** 10 0.39 5800 
100 1.2 1810 


*Belden data from www.belden.com 
**Times Wire and Cable data from www.timesmicrowave.com. 


mn ————————————————————————— 
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Figure 8.1 — The transition from coax to low 


Long Run of Low Loss Line loss, air dielectric, balanced transmission line 


450 Q 
Balanced Line 


50 © Coax Cable 
to Transmitter 








can reduce loss if the loss reduction in the line 
450 2 is greater than the loss in the baluns. Here 9:1 
Balanced Line (450: 50 ©) baluns are used to transform the 50 0 
“ end impedances to the 450 © impedance of the 
window line. 


50 2 Coax Cable 
to Antenna 


ARRL0641 


Figure 8,2 — Physical 
model of the 9:1 baluns 
from Figure 8.1 and a short 
window line section set up 
for laboratory loss testing. 


negligible additional loss due to the connectors required; however, they do 
become additional points of potential failure as well as points of possible 
water ingress, if precautions aren’t taken. 

It is also possible to change to a very low loss medium if the length is 
sufficient. For example, the loss of 450 Q window line, or 600 Q open-wire 
line, is significantly less than that of coax, particularly as the frequency goes 
up. A balanced to unbalanced impedance transformer (balun) can be used 
to transform the impedance of the low loss medium to the desired 50 Q at 
each end of the run as shown in Figure 8.1 and Figure 8.2. The trade-off 
here is that the transformers will have some loss. 

ARRL Lab measurements during the experiment pictured conclude 
that the pair of HF baluns had a total loss of less than 1.0 dB. Thus the run 
needs to be long enough so that the difference in loss between the cable 
types is greater than 1.0 dB in order for this to make sense. It is also neces- 
sary that the balanced line be installed so that it is away from the ground 
and not subject to other interfering objects. 

Mismatched Case — If the transmission line isn’t matched to the 
load or the equipment, a number of additional considerations need to be 
addressed. The three main areas are: 
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@ Additional Cable Loss. As noted in Chapter 3, a mismatched trans- 
mission line will have more loss than a matched one. This is not generally a 
problem with a reasonable mismatch, perhaps 2:1 or 3:1, but it all depends 
on how high the matched loss would have been for the cable type, length 
and frequency. 

Equipment Limitations. Many radio transceivers will engage fold- 
back circuitry if the load is different than that specified. This circuitry is 
designed to protect the output stages of a transmitter from the higher volt- 
ages or currents that could be present in a mismatched environment. While 
some radios are happy to drive loads with 2:1 or higher SWR, some start 
reducing power at 1.5:1. In terms of getting a signal to the end of the cable, 
this can be even more significant than cable loss. 

Some types of equipment that follow a linear source impedance mod- 
el will also deliver less power to the cable with a mismatch than if it is 
matched. The answer to these issues is to understand the requirements of 
your equipment and translate the equipment specifications into requirements 
for your transmission line system. 

® Stress on Components. A standing wave ratio greater than 1:1 implies 
a changing current and voltage along the line. This means that the voltage 
and the current will be higher and lower along the length of the line than 
they would be if the line were matched. Fortunately, the locations of high 
current will be the locations of low voltage, and vice versa. 

If the complex impedance of the load and the line propagation velocity and 
length are known, it is possible to determine the actual voltage and current at 
the end of the line. However, these values will hold for a single frequency, 
so in a multiband system, each may appear anywhere. The maximum volt- 
age and current will each be equal to the values in a matched system times 
the square root of the SWR. If the termination equipment is specified to 
handle the resulting value, there should be no problem. As an example, with 
a matched 50 Q, 1500 W system, the line voltage will be about 274 V, the 
current about 5.5 A. With a 4:1 SWR, the maximum voltage and maximum 
current will be twice those values at some points along the line. 


OUTDOOR ISSUES 
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Generally, all modern transmission lines can be successfully operated 
indoors or outdoors. There have been types of TV twinlead, available years 
ago, specifically intended for indoor use because they were less visible. 
After a few seasons in sunlight, they would crack and eventually disin- 
tegrate. While modern cables last much longer outdoors, they do suffer 
degradation to different extents due to sunlight (primarily UV radiation) 
and moisture. The main degradation mechanism is the breakdown of the 


outer jacket, the rate of breakdown being dependent on the characteristics 
of the jacket material. 


Jacket Contamination 


As part of the jacket manufacturing process, plasticizers and other com- 
pounds may be left within the jacket material. These materials can leach and 
migrate from and within the cable, changing the characteristics and causing 
degradation of both the shield and the inner dielectric. This process is ac- 
celerated by the temperature rise resulting from sunlight exposure. Cables 
identified as non-contaminating, such as those with non-contaminating 
vinyl (NCV) jackets, are resistant to these chemical effects. High-quality 
PVC and other materials can provide good protection to both UV and high 
temperature degradation mechanisms. 

Polyethylene is another jacket choice that does not have plasticizers 
and is inherently resistant to UV, as well as offering additional abrasion 
resistance. Good-quality PVC jacketed cable can be expected to last 9 to 
14 years before it suffers significant degradation, while polyethylene jack- 
eted cable can last about twice as long. Low-quality cable can be expected 
to degrade significantly faster. 


Water Penetration 


Coaxial cable jackets are made of different materials suitable for dif- 
ferent environments. A major problem with many types of coax, as well as 
some connectors on the ends, is water penetration. Water within the coax 
can cause the dielectric to become lossy and result in corrosion of the shield 
and even the inner conductor. 

Water enters coaxial cable in at least two ways. Gaseous water vapor 
can migrate through the outer jacket. Liquid water can also enter through 
jacket pinholes left from the manufacturing process, or from abrasion result- 
ing from rough handling. 

In most cases, the entry of water into the cable from the connector 
ends is a more significant issue. While BNC and Type N connectors are 
designed to be waterproof, PL-259s are not. In order to avoid problems, a 
PL-259 must be sealed by means external to the connector. In addition, it is 
particularly critical that a drip loop be included at each end of every cable 
run that goes downward. A drip loop (see Figure 8.3) is any local low point 
before the connector so that water running down the outside of the cable 
can drip or run off before it gets to the connector. Without the loop, water 
will pour onto the connector, sometimes coming right into the equipment 
if connections aren’t tight. 
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Figure 8.3 - A drip loop is an intended local 
low point in the cable before the connector so 
water running down the outside of the cable 
can run off before it gets to the connector. 
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There are a number of commercial products available for waterproofing 
connectors, although some make later connector removal very difficult, so 
make sure the connection is right before you seal it. High-quality cable will 
have fewer pinholes and be less subject to vapor migration, but improper 
connector installation can negate the benefits. 


Direct Burial Coax 
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Most types of coax are designed for above-ground use, but some are 
rated for direct burial. This is mostly a statement about abrasion resistance. 
The usual ground near the surface moves with seasonal changes as well as 
with differences of surface load. Any shifting of the ground will tend to 
result in jacket abrasion from rocks or other debris in the soil. 

Note that direct burial does not mean “submersible.” Only special sub- 
marine cables, out of financial reach for most amateurs, are designed to 
spend time in the water. Direct burial cable doesn’t promise lack of pinholes. 
This can result in problems for cables in any kind of ground without good 
drainage, such as clay. If the older houses in the area are made of brick, 
check your soil carefully before you bury any coax cable. 

Some installers use conduit to avoid abrasion problems with below- 
ground cable. While this can reduce abrasion, it can result in other problems, 
such as water accumulation. Water can enter conduit through the ends or, 
more likely, through condensation. Without proper drainage, the coax ends 
up in the water. To avoid this problem, implement one of the following: 

# Use conduit or drainage pipe with drainage holes on the bottom side. 
Prepare the trench with a layer of gravel above sand or earth with good 
drainage. Lay the conduit in the trench, hole-side down, and use elbows on 
the entrance and exit points to avoid direct water entry (see Figure 8.4). 
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Figure 8.4 - A problem with burying coax in conduit is the accumulation of water in the conduit. By using 
drainage pipe with holes on the bottom side over good drainage material, such as the gravel and sand 
shown, any water can be moved away from the cable. 
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Figure 8.5 — Another solution to the problem of accumulation of water in the conduit is to use a pitched 
conduit with one or more low points able to drain into drainage pits. 


@ Lay the conduit with a pitch so that all water will run to one end, or 
to a midpoint. Have a drain at that point into a pit with gravel and sand in 
sufficient quantity to absorb the expected water. Follow up with a look at 
the drainage pit after some wet weather (see Figure 8.5). 
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Window Line 


Because the fields associated with signals traveling on window line are 
largely outside the transmission line, the line is affected by anything within 
a few widths of the line. Such interaction can have two distinct results. Bal- 
anced line near metal takes on the characteristics of a double stripline with 
a resulting change in Z,. Depending on application, this may be significant, 
particularly if a system intended to be matched. Of generally more serious 
consequences, window line will experience considerable loss if placed close 
to a lossy medium, such as on the ground. Our experiments indicated that 
the loss in 100 feet of window line on dry ground was 10 to 20 dB over the 
HF region. This is something to watch out for, especially during temporary 
operations in which normal installation standards may be neglected.' 


UNFRIENDLY RF AND MATERIAL ENVIRONMENTS 


To a greater or lesser extent, all transmission lines are subject to effects 
of their external environment. Some of these are obvious. For example, a 
transmission line that melts in a high-temperature environment will not 
work at specification very long, but there are more subtle interactions with 
the world outside the line. 


RF Environment 
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The ideal transmission line is one that sends signals from one point to 
another without any interference from or to what’s in between. No transmis- 
sion line is quite perfect in this regard, but some are more susceptible than 
others. This effect is bilateral as well — the signals we send are supposed 
to stay inside the line, but they don’t always do so. There are three primary 
mechanisms at play in this realm, 

Proper Line Termination. We have already discussed matching imped- 
ance as a termination issue, but that isn’t a factor here. To consider signals 
getting outside the transmission line, we consider the balance of the termi- 
nating load. An unbalanced line, such as coax, needs to be terminated by 
an unbalanced load. If instead it is connected to a balanced load, perhaps a 
center-fed dipole, the current from the inside of the coax will split between 
the half-antenna connected there and the outside of the coax, acting like 
another wire in parallel. 

The amount of current going on the outside of the coax, which — be- 
cause of skin effect — acts like a separate conductor from the inside surface 
of the shield, depends on the relative impedances of the two connection 
paths. This will depend on the frequency, the length of the coax, and the 
impedance of the ground termination of the shield at the far end. 





Any current on the outside of the coax will result in radiation, just as 
from an antenna. Depending on the system design, the environment, and the 
sensitivity of other equipment close by, this may or may not be a problem 
— and in some cases, it can be an advantage. If the coax is connected to a 
transmitting antenna, and it runs past alarm system wiring in the building, 
it can be a serious problem. If you spent lots of time tuning a Yagi antenna 
for best front-to-back ratio and the coax picks up signals from all directions, 
you will also not find it a plus. This can be a problem in either direction, and 
is often the source of radio frequency interference (RFI) from household 
appliances as the coax works its way to the station. 

Balanced transmission line, such as the popular window line, suffers 
from the same issues. It is designed to feed a balanced load, such as that 
center-fed dipole. If the load is not balanced, perhaps due to sides of the 
dipole being at different heights or near different objects, the currents on 
the two conductors will not be equal and opposite. Any resulting difference 
current due to imbalance will act like a separate antenna current on the line, 
and radiate just as will the coax described above, resulting in all the same 
issues. In addition, the unshielded balanced line, while its balanced currents 
cancel at distance, even if perfectly balanced can couple to conductors or 
objects near its path if the object is closer to one conductor than the other. 

Coax Shield Coverage. The ability of coax cable to keep signals within 
the medium depends in no small measure on the integrity of the medium 
— in this case the shield. For coax to operate perfectly in this regard, it 
requires a perfect shield. This would be an infinitely thick, zero resistivity- 
conducting medium surrounding the dielectric, which unfortunately isn’t 
available for purchase. Some coax, such as cable TV distribution cable, 
which runs between poles down a street, has a shield of solid aluminum 
tubing that comes pretty close, but it takes a tubing bender to make a nice 
corner — not what the typical amateur wants for many applications, but 
great if you want a long, low-loss, 75 Q coax run out to your antenna field. 
Cable companies make use of, and must avoid interference to, frequencies 
assigned for over-the-air use by other services. Government agencies get 
particularly upset if there are signals radiating on aircraft navigation and 
communication frequencies from poorly shielded coax, so cable TV com- 
panies have been sensitized to this issue. 

Most coax used by amateurs has a braided copper shield with an effec- 
tiveness related to the percentage of coverage — often a parameter listed by 
manufacturers. Note that even 100% coverage by braid will not quite equal 
the shielding effectiveness of tubing. Still, all things being equal, more cov- 
erage means more effective shielding. The 75 Q RG-6 cable, often used as 
“drop cable” between the street and an end user, typically has a dual shield 
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— one layer aluminum foil, the other tinned copper braid. While the braid 
is usually quite sparse, the combination meets the strict cable TV emission 
requirements. Unfortunately, it doesn’t work well with soldered connectors, 
but is appropriate for crimp-on types. 

Connector Continuity. Particularly with UHF and F-type connectors, 
in which the connection of the shield is dependent on connector backshell 
tightness, improper tightening of connectors can nullify part of the effective- 
ness of shield coverage. Any resistance in the shield connection acts like a 
coupling mechanism between the inside and outside of the shield. This can 
get worse with time, due to vibration or oxidation of the surfaces. 


Material Environment 


Notes 


Coax cable pretty much has the advantage here. The fields between 
the conductors of coax, except as noted above, stay largely within the cable 
itself. Thus coax is pretty impervious to normal outside influences — other 
than water or abrasion as outlined previously. Still, each cable has a tem- 
perature rating that should be observed, as well as some sensitivity to some 
types of chemical vapor environments that can attack the outer jacket or 
permeate and degrade the shield or inner materials. 

Window line, with most of its fields outside the physical location of 
the wires, is very susceptible to signal degradation of various types due to 
proximity effects. This should be carefully considered in selecting appropri- 
ate line for a particular application. As noted previously, the attenuation of 
window line closer than a few inches from dry ground is very high — per- 
haps 10-20 dB in about 100 feet, based on our measurements. 

If window line is routed close to metal surfaces, it will have a major 
change in characteristic impedance, as well as the possibility of coupling 
signals to undesired objects. Similarly, window line can be a problem in get- 
ting through walls or other partitions in which the lossiness of the materials 
in the partition may be unknown. One solution may be to use short sections 
of dual coax (see Figure 5.9 in Chapter 5); however, they should be quite 
short if the coax loss is to be negligible. 


1B. Allison, WB1GCM, J. Hallas, W1ZR, “Getting on the Air — A Closer Look at Window Transmission 
Line,” QST, Nov 2009, pp 66-68. 
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Once you have decided on a transmission line with 
the features you want, it is important to install it 
properly. Poor installation practices can result in 
more rapid degradation of transmission lines due to 
additional stress or inappropriate environmental fac- 
tors. Implementing some of the following elements 
can help extend the life of your transmission line. 


SUPPORTING LINE RUNS 


Transmission lines are not generally intended 
to be structural members, yet they are often treated 
as such. A transmission line, particularly a coaxial 
cable, is not light and, in typical lengths, can be fairly 
heavy. Table 9.1 provides some of the physical char- 
acteristics of typical coaxial cables. A quick glance 
indicates that each type should be able to withstand the tension of at least a 
1000-foot vertical run; however, that’s not quite the whole story. 





Cosel cables mera up a tower at W1AW, the 
ARRL Headquarters. 


Vertical Transmission Line Runs 


While the cable itself may be able to withstand the tension of its own 
weight, whatever is used to secure the upper end will need to exert some kind 
of force on something to help it defy the forces of gravity. While a connec- 
tor should also be able to support the weight, (assuming proper installation 
and no vibration that will cause it to break free in time), hanging a long 
line on a connector is not generally a great idea. The only thing worse is to 
have everything hanging directly on the soldered connections between the 
antenna and the cable. 
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Table 9.1 


Physical Properties of Selected Transmission Line Types* 


Cable Type (Belden PN) 


RG-213U (8267) 
RG-8U (8237) 
RG-8U Foam (9913) 
RG-8U Foam (8214) 
RG-8X Foam (9258) 
RG-58 (7807) 


*www.belden.com 


Weight/1000 feet Max Tension Minimum Bend 
(pounds) (pounds) Radius (inches) 
104 184 4.0 
104 190 4.5 

97 300 6.0 
106 230 4.0 

35 75 2.4 

22 25.4 1.9 


The usual clamping arrangement will exert perpendicular forces that 
will distort the shape of the cable and result in a combination of concentra- 
tion of tension forces and reduced ability to withstand the tension. 

One good way to provide support to a coaxial transmission line is 
shown in Figures 9.1 through 9.5. This was described by Lyle Nelson, 
ABQ@DZ, in a QST “Hints and Kinks” column,! This method distributes the 
tension along a length of the cable and doesn’t require any tight clamping 
to hold it securely in place. To further reduce tension on the line, this may 
be repeated as often as desired so each section of the cable is just holding 
up itself. 


Horizontal Transmission Line Runs 
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A horizontal run adds the force required to avoid sag in the run, In fact, 
strictly speaking, it is only possible to have a horizontal run if there is infinite 
tension on each end to result in zero sag. All practical runs over horizontal 
spans are actually in the shape of a catenary, the shape that a cable takes on 
if its weight is supported at each end (see Figure 9.6). 

To determine the amount of tension needed for a particular amount of 
sag, use the nomograph shown in Figure 9.7. The operation is performed 
in two Steps: 

Step 1]. Lay a ruler between the two outside scales, with one end on the 
desired span length, and the other on the cable weight (in the same units as 
in Table 9.1). Make a dot on the “Work Axis.” 

Step 2. Rotate the ruler, keeping an edge on the dot from Step 1. At 
each position there will be a value for the tension and the corresponding 
half-span sag. Use a tension that is comfortably below the maximum tension 
shown in Table 9.1. 





Figure 9.4 — Wind turns until you have 
about 3’ inches of the loop covered. 
[LYLE NELSON, ABODZ] 





Figure 9.1 — An attachment mechanism for securing coaxial cable 
that distributes the tension of a length of the line to avoid excessive 
stretch. This can be used for either horizontal or vertical cable runs. 
The contributor recommends a 40-inch length of '% -inch braided 
nylon rope for RG-8X size cable, 60 inches for RG-8 size, with an 
overhand knot at each end and the ends melted to avoid fraying. 
[LYLE NELSON, ABODZ] 





Figure 9.2 — Start by making about a 5-inch 
loop along the cable. [LYLE NELSON, ABODZ] 





Figure 9.5 — Stick the end through the remaining loop and 
pull the rope from the other end until you have it tightly 
secured. The “tail” left out is then used to tie the cable to a 
screw eye or other support. [LYLE NELSON, ABODZ] 





Figure 9.3 — Wind the cable in tight wraps 
starting at the open end of the loop. 
[LYLE NELSON, ABODZ] 
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Figure 9.6 - A horizontal cable run with less than 
infinite tension on the ends will assume the shape 
of a catenary, as shown. 
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Figure 9.7 - Nomograph for determining sag in a cable 


run based on cable weight and span distance. 
[JOHN ELENGO, JR, K1AFR] 
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The dashed lines on Figure 9.7 are for an 
example with a cable weight of 11 pounds per 
1000 feet and a span of 210 feet. The second 
line indicates that for a tension of 50 pounds, 
a sag of 4.7 feet will result. 

Note that all of this assumes the end sup- 
ports are fixed. If the end supports are trees, 
or other objects that will shift in the wind, 
the system needs to be laid out as if the trees 
were both at the position of furthest separa- 
tion. The result will be additional sag in the 
rest position. 

If the resulting sag is not satisfac- 
tory, or if you wish to reduce physical 
stress on the cable, a messenger cable 
can be used to support the cable run. 
This is just a kind of line with a high 
tension capability that is installed in 
the same path with correspondingly re- 
duced sag. The transmission line(s) are 
then secured to the messenger cable ev- 
ery few feet so it assumes the shape of 
the messenger. 

Keep in mind that the tension ap- 
plied to the cable will also be applied to 
whatever anchor is supporting the end. 
This doesn’t work if the tension pulls 
out the fasteners, or the wall they are 
attached to. 


BUILDING ENTRANCE 
ARRANGEMENTS 


One of the most common applica- 
tions of transmission lines in Amateur 
Radio is the interconnection of antennas 
and radio equipment. By virtue of their 
operating characteristics, antennas tend 
to be outdoors and radio equipment in- 
doors, requiring some way to get the 
line from one to the other. This can be 


a bit tricky in the case of housing — it happens that most houses are espe- 
cially designed to not have holes in their walls for running cables. 

Of course, there are already such penetrations provided for utility pow- 
er, telephone service drop lines and coaxial cable for CATV or satellite TV 
service, as well as non-electrical facilities such as water, gas, sewage and 
heating flues. If you are the owner of the property, you have the option of ob- 
serving the techniques used by those services and doing something similar 
for radio antenna connecting transmission lines, although some techniques 
may be much easier to accomplish before the dwelling is completed. 


Drilling Holes in Walls 


As the owner, or with the permission of an owner, you can usually drill 
holes in walls. I have done this many times and have learned a few things 
in the process. 


Be Sure You Know What’s Between Outside and Inside 

There are few things worse for the amateur constructor than drilling 
through a wall and running through a water supply or water heating pipe. 
Of course these can be repaired, but usually the damage extends far and 
wide before you can get the water turned off. If you will need professional 
help to recover, a good operating rule is to not attempt something like that 
on a Sunday! 

The best way to avoid such problems, be they caused by pipes or wir- 
ing, is to make sure you know what’s there before you drill. One way that 
works for me is to make all such penetrations into unfinished space, such 
as the wall above a basement foundation. Coming in near ground level also 
has potential benefit in terms of your lightning protection plan, which we 
will discuss in the next section. My station is usually in the basement, so 
this is a natural; however, if it’s not, it may be easier to make the basement 
entrance and then go between floors, since most floors either have no such 
obstacles, or they can be easily seen (more on this later). 

If you don’t have a basement, or if basement entry won’t work for some 
other reason, you will need to come through in higher ground. Here it is very 
important to know what you are doing. If you are not familiar with construc- 
tion techniques, find a house under construction that has similar character- 
istics. Look it over before they close up the walls. You will see some places 
that make sense to drill through. Note that (in my experience) every window 
and door is surrounded by a pair of 2 x 4 or other framing lumber. This means 
that a hole drilled next to a door or window, or beneath a window will be 
wood the whole way through — generally no pipes or wiring. In addition, 
you can probably come through a piece of molding, which is a good idea. 
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I like to drill so that there is wood on both sides, so the inside hole 
comes out in a wooden molding. This way the hole is solid and pulling cable 
won't rip up plaster or sheetrock. It is also very easy to patch after you are 
done, especially for painted woodwork — a few applications of spackle will 
usually make even the biggest hole disappear. If you want to be even more 
solid, drive a dowel in to just below the surface, to be a base for the spackle. 
Adding a bit of trim paint is much easier than repainting or papering the 
whole room. If next to a window, you often have the added benefit of having 
the cable entrance hidden by draperies. 

Note that your usual twist drill will not be long enough for the task. 
Invest in a couple of 12-inch or longer drill bits in sizes that slowly come 
up to the cable size. An exterior wall will be the thickness of the framing 
studs, plus the sheetrock or paneling on the inside, plus the inside molding. 
On the outside you may have underlayment or sheathing and then multiple 
layers of shingles, for example. Another advantage of drilling through solid 
wood is that you can then just push the cable through the hole. If you are 
drilling through a hollow wall, you will have to snake your way through 
the insulation and then pull the wire through — not the end of the world, 
but certainly an extra hassle. Make sure you drill the hole at a slight angle 
downward going outward, so no water will run into the house through the 
hole or follow the cable in. 


If You’re Doing More Than One, Combine Them 

Somehow it seems that most amateurs eventually have a need for more 
than one such penetration. Even if you start out with one, your interests 
and capabilities will likely grow as you get further into Amateur Radio. 
While one can just keep punching holes in different places, at some point 
some kind of entrance facility may make more sense. We’ll discuss some 
in the context of lightning protection, but even independent of that, a single 
entrance facility may be a better idea. For example, interior and exterior 
electrical boxes on each side of the exterior sheathing and attached on the 
inside to a stud may make a professional-looking arrangement that is easy 
to add to just by popping off the covers on both sides. If you’re not up to 
the task, having an hour of discussion time with a contractor or electrician 
may pay for itself in the long run. 


Making a Window Entrance 


If walls won’t work, another possibility is a window entrance. While I 
have seen descriptions of ways to drill holes in glass, I’ve never attempted 
it. Instead, I’ve unglazed and removed the pane of glass, and replaced it with 
a piece of 4-inch polycarbonate sheet. The light transmission is just a bit 
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less than through window glass, but not dramatically so. Still, I would avoid 
windows that highlight the appearance of a major room. 

The polycarbonate is easy to work with using the usual tools, such as 
a reciprocating saw to cut it to size. Holes can be easily drilled, either for 
transmission line directly, or for PL-258 type or other feed-through con- 
nectors. If the holes are near the window edge, the cables may be able to be 
hidden by curtains or draperies as they go toward the floor. When it’s time 
to move, recovery couldn’t be simpler. Just remember where you stashed 
the pane of glass and swap it out with some glazing points and compound, 
and no one is the wiser. 

Another possibility is to drill through the window sash itself. Carefully 
drill through a wooden sash in a spot that will be in the clear if the window 
is closed and that will not try to run through the glass. This can be accom- 
plished with a short drill, is not likely to encounter plumbing or electrical 
runs and is easy to patch, if the surfaces are painted. While this is not quite 
in the same “no damage” category as the temporary board described below, 
it can be repaired to be almost invisible very quickly. 


Temporary or “No Damage” Entrance Arrangements 


If your circumstances are such that you can make no changes to the struc- 
ture, or aren’t even authorized to do any of this, there are still ways to bring 
antenna connections into the house. Some avoid the problem by using indoor 
or attic antennas. While that can keep you on the air, the chances are that you 
can have better results with an outdoor antenna. Here are a few possibilities. 


Make the Connections Just When You Need Them 

Most amateurs don’t operate all the time, so they don’t need an antenna 
connection all the time either. A transmission line connection can be just out- 
side a window or door with its mate on the other side. When it’s time to oper- 
ate, just open the door, hook things up and leave the door open a crack while 
operating. Unless you are faced with heavy mosquito activity, this can work 
well. In fact some amateurs have the antenna, such as a short loaded vertical, 
just inside a patio door and move it all outside when it’s time to operate — and 
when no one is looking. 


Pinch Your Cable Under a Window Sash 
Those using single-wire feed or window line can often put the line under 
a double-hung window and, if there’s any gap or slop, just close the window 
on it, if it can still be latched. This is not ideal for a number of reasons, but is 
pretty easy to do. Perhaps a bit of “dressing” with a file can take the hard corner 
off the edge to make it less likely to damage the cable. 
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Add a Removable Panel Under a Window Sash 

An improvement on the above that is almost as easy, is to get a small 
piece of trim board the width of your window sash and fit it under the 
lower sash, or above the upper sash so the window closes on it. Now you 
can notch (especially for cables with connectors) or drill as many holes as 
needed in your board for coax or other cables, or for feed-through connec- 
tors. If you don’t want to build your own, MFJ offers a preassembled unit 
(see Figure 9.8) that can be cut to fit vertical or horizontal windows up 
to 48 inches wide and has feed-through arrangements for both coax and 
balanced lines. See www.mfjenterprises.com, and look for MFJ-4603. 

There are two complications that need to be dealt with using this method. 
The first is that the security latch will no longer operate. This is pretty easy 
to fix. Either cut a piece of wood that can be jammed between the movable 
sash and frame, or install a small hardware store angle bracket so the window 
can’t move. The screw hole can be easily spackled when it’s time to move. 
The other prob- 
lem is that there 
will be an open 
passage between 


=) \ panes of the two 
Figure 9.8 —- The MFJ-4603 window entrance panel can , sashes that will 
be obtained with a number of feed-through connector sneak Tnteake 
configurations, or you can make your own from a piece of allow insects to 
1 x 2 lumber. come through. Mosquitoes are particu- 


larly prone to do so, since they are at- 

tracted by the focused emission of CO, 
from people breathing inside the house. This is the same problem that occurs 
with window air conditioners and yields to the same solution — just a piece 
of foam strip pushed into the space (get one from an air conditioner dealer, 
or in a pinch, it’s a great use for rolled-up surplus T-shirts). 








Drip Loops 
With any cable entrance arrangement, it is critical that a drip loop be 
provided. This is easy to do; just make sure that the cable has a lower point 
before it enters the entrance arrangement. Otherwise, rainwater will follow 
the cable down and run into the wall or the feed-through mechanism. The 
drip loop allows a lower path from which the water will drip harmlessly 
onto the ground. 


Extending the Route Between Floors or Rooms 


If the entrance arrangement can’t be on the same floor or in the same 
room as the station equipment, it is often fairly easy to continue on. If you 
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can’t make permanent holes, look for existing ones that you can follow. 
A building with central heating usually has ducts or pipes that run from 
room to room, or between floors. In my experience, there is often space 
to follow, especially with the thinner varieties of coax. If you can’t push it 
through without losing it in the space between wall surfaces, try pushing a 
straightened coat hanger through from the other side. Then tape the coax 
to the hanger with electrical tape, making a point of the tape — along with 
tapering the coax end in extreme cases — so the coax won’t be pushed off, 
and then pull it back. 

If you can drill a path, you may be able to find a good path — again, 
be alert for the possibility of wiring or plumbing. An unfinished basement 
ceiling is the easiest to get through since it is only one surface thick (usually 
subfloor plus finished flooring, perhaps 2 inches total). My favorite tech- 
nique is to go through under an interior wall with a molding. First checking 
to make sure you won't end up in a floor joist, start the hole through the 
molding at an angle to enter the basement slightly offset. This way results 
in an easy-to-patch hole in the molding, rather than having to deal with 
patching a hole in a finished floor. 

Going between upper floors is a bit trickier to do without making a 
mess. In many cases, following existing penetrations may be the best way. 
If not, my next choice is to find closets one above another. A discreet hole 
between floors in a corner adjacent to the door, or even next to the door 
molding, is usually not too obvious, especially if the cable is then painted 
the same color as the wall surface. If you’re not comfortable with any of 
this, a competent residential electrician can likely do it all for you, once he 
understands exactly what you want. If possible, do it in such a way that you 
can pull the cables out and replace them or add to them. Ask the electrician 
to leave a loose piece of cord along the path so you can add additional cables 
as your needs expand — and they will. 


Bringing Balanced Transmission Lines In from the Cold 


All the techniques that we discussed for coax can also be applied to bal- 
anced lines, with just a few caveats. Balanced lines need to avoid a number 
of situations that wouldn’t bother coax. Conditions to watch for are runs 
that are within a few inches of metal ducting, pipes, or wiring. Also, lossy 
material that will absorb energy from the fields around the line must be 
avoided. Perhaps most critical is inadvertent coupling to and from signal 
lines, including telephone, network, or alarm systems. 

If it is not possible to avoid such environments, it is possible to employ 
a section of dual coax balanced line, as discussed in Chapter 5 and illus- 
trated in Figure 5.9. While this will be an unmatched section resulting in an 
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impedance bump, that is not at all critical in the usual unmatched balanced 
line configuration, but should be considered if dealing with a matched condi- 
tion, such as a 600 Q feed to a rhombic antenna, or a 300 Q feed to a folded 
dipole. The other consideration is that the loss will be that of unmatched 
coax, likely significant, so the length of this section should be as short as 
possible. For example, I used about 4 feet on one side of a rhombic feed as 
it went through a potentially lossy wall sill, just above the foundation line, 
without any problems. 


GROUNDING AND LIGHTNING PROTECTION 


While not a “transmission line” issue, per se, transmission lines that 
bring signals in from antennas can also bring in lightning energy if not prop- 
erly protected. We will not go completely into lightning protection here, since 
that is arguably a subject for a book of its own: rather, we will briefly discuss 
ways to minimize what may be coming down the line as it comes inside. 

A key to understanding lightning effects is to appreciate that with peak 
lightining strike current intensities from perhaps 20,000 A (50th percentile) 
to 200,000 A (90th percentile), it’s not a question of where the current will 
go, but rather how much is left after you’ve gotten rid of as much as you can 
outside, before it heads toward the shack. This requires consideration of tower 
and antenna grounding with a low enough impedance to drain as much of the 
current as possible. 

Still, it won’t all go there — it will divide between paths to ground 
based inversely on impedance. Some will always go on the coax or other 
transmission line towards the station. It will show up in two forms; common 
mode current, essentially on the outside of the coax shield, and differential 
mode, between the inner conductor of the coax and the shield. In most 
environments, the common mode is a much larger fraction of the lightning 
current than the differential mode and can be reduced by low impedance 
grounding of the shields of coax as it comes into the building. 


The Grounded Entrance Panel 
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The way to achieve this is to have the cable entrance at ground level 
and have as close to zero length conductivity as possible to a good ground 
structure at that point. This is not the usual solitary ground rod required by 
the National Electric Code (NEC), but a network of ground rods intercon- 
nected by buried, heavy, bare conductors that help distribute the current to 
the Earth’s surface. The amount and extent needed for a desired grounding 
effectiveness will depend on the electrical characteristics of the soil at each 
location. The NEC, written into most local building codes, requires that all 





amateur station K8CH. 


: aS 
Figure 9.9 - The grounded entrance panel at start right at the panel. Instead of using feed-through 


grounds be bonded together. Thus your radio ground 
system should be bonded to the ground used at the 
electric utility panel — preferably connected via a 
short heavy conductor (sized per the local building 
code) running outside the building. 

The best way to provide maximum protection, 
in my opinion, is to have all cables enter through a 
common ground level entrance panel, as shown in 
Figure 9.9. By having the panel at ground level, it is 
possible to have the lowest impedance ground con- 
nection arrangement by having the ground system 





connectors, my ground level entrance panel (shown 

in Figure 8.3) has commercial lightning arresters that 

serve double duty and are bonded to an aluminum 
plate that is grounded to an extensive ground system tied to a rod at the 
window and extending outward to multiple rods through buried bare ground 
wires. 

The window line entrance (not shown in Figure 8.3, but similar to the 
two feed-through insulators visible in Figure 9.9) goes to a balanced feed 
arrestor just inside the panel. It is also possible to use two coaxial lightning 
arrestors to protect the equipment tied to the balanced feed line, with one 
conductor on each arrestor. Just make sure you calculate how high the op- 
erating voltage will be, and select appropriate arrestors so that they won't 
fire during normal transmission. 

At my station, I have push-on type UHF coax connectors on my coax 
cables going to the inside connection of the arrestors (available from www. 
americanradiosupply.com and others) and double banana type going to the 
balanced arrestor. I routinely keep them disconnected when not actually on 
the air. In addition, I keep my ARRL All Risk equipment insurance policy 
up to date (see arrlinsurance.com). 


Above-Ground Entrance Arrangements 


A Station located on an upper story without ground-level access has a dif- 
ferent set of challenges. While it may be tempting to reduce transmission line 
length by making runs directly to the station, arguably it is the worst case from 
a lightning protection perspective, since all lightning currents on transmission 
lines are forced to go through the station. A better arrangement is to run the ca- 
bles to ground level with an appropriate grounding and surge protection interface 
at that point, as shown in Figure 9.10. It’s not bad to have additional arrestors 
at the station end, but the ground-level ones are the most important, in my view. 
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Figure 9.10 - Suggested arrangement for lightning protection grounding of an upper-story 
cable entrance. By running the cables first to grounding and lightning protection at ground 
level, the lowest impedance ground connection is provided. 


TRANSMISSION LINE CARE AND MAINTENANCE 


Fortunately, transmission lines tend to be rather low maintenance, how- 
ever, that’s not quite the same as “no maintenance.” Transmission lines can 
last for many years, but none last forever, with typical expected useful lives 
of 10 to 20 years. That, of course, assumes proper installation and care. 


Premature Line Degradation 


Environmental factors are the major cause of early line degradation. 
Probably the most significant are the result of water penetration that occurs 
due to insufficient sealing of ends, or through jacket penetration resulting 
from abrasion. The insidious aspect of this is that such gradual degradation 
is not easily noticed through normal operation until it goes quite far. While 
we will pay lots of money for an additional 2 or 3 dB of antenna gain, we 
are not too likely to notice 2 or 3 dB of additional transmission line loss. In 
fact, the additional line loss results in lower SWR at the station end, along 
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with easier tune up and wider bandwidth — each of which could be, but 
probably aren’t, noticed due to the gradual change. 


Line Inspection 


A regular program of physical inspection of transmission lines is most 
appropriate. Areas that are becoming abraded, show signs of insulation 
cracking, or from which waterproofing material is becoming unsealed can 
be readily addressed before they cause serious problems. A good applica- 
tion of electrical tape can provide additional coverage, as well as additional 
layers in areas subject to abrasion. 

Be aware of areas that are bent more tightly than the allowed bending 
radius shown in Table 9.1. Foam dielectric cable, while lower in loss than 
cables with solid polyethylene dielectric, is subject to migration of the cen- 
ter conductor and possible shorting, if bent too much. 

Another potential problem area is any solder connections that are ex- 
posed to the elements. Solder oxidizes in nature and can erode over time, 
eventually making for intermittent or failed connections. 


Routine Measurement 


It is a good idea to take and record a complete SWR run across frequen- 
cies of each antenna and transmission line system at installation. If nothing 
degrades, the values should stay unchanged over time. As a general rule, if 
the SWR goes up, look to the antenna for changes. If the SWR goes down, 
check for additional transmission line loss, since antennas rarely retune 
themselves, left to their own devices. 


Checking Line Operation 


Perhaps the best way to evaluate a line’s operational characteristics is to 
measure the loss and SWR before installation, and then again during regular 
inspection periods. Just put a signal into a dummy load and wattmeter at the 
radio end, without the line and repeat the measurement at the far end. Any 
reduction in power delivered should be noted, and the loss calculated and 
recorded. Additional loss over time is an indication of degradation. 


Checking Line Loss from One End 


While measuring loss as described above is the most accurate method, 
sometimes it is not feasible to get equipment to the far end. In that case 
we can get a good measure of line loss from one end by measuring the 
SWR at the frequency of interest with the coax either open or shorted. If 
we had ideal lossless coax, our measured SWR would be infinite, since all 
the power would be reflected and would return to the source. With losses 
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Figure 9.11 - Graph of the apparent SWR versus losses in a coax length of coax (such as the losses 
measured terminated in an open or short. Find the SWR value you at UHF for a 500 foot long piece 
measured on the horizontal axis. then go straight up and read - : sectes 

the one way matched loss in dB on the vertical axis where the of RG-58) will 7 esult in an SWR 
SWR reading crosses the diagonal line. Note that if the line is not of nearly 1:1 with the far end of 
matched, the loss can increase significantly. the coax open or shorted. 
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Figure 9.11 shows a graph 

from the 16th edition of The 

ARRL Antenna Book of the SWR versus matched loss in a coax measured 

with a short or open at the far end. The section also provides an equation 

to determine the one-way matched loss from the measured SWR: L,, is the 
one-way matched line loss in decibels at the measurement frequency. 


L,= 10x log,, ((SWR + DASWR - 1)} 


In other words, if you measured an SWR of 3:1 with a length of open 
or shorted coax, either Figure 9.11 or the above equation indicates that the 
cable loss will be 3 dB at the frequency of interest. 

To make the measurement, first make sure the antenna end of the coax 
is not connected to anything, and that any shorts you placed there during the 
ohmmeter tests have been removed. Follow the instructions in the manual 
for the antenna analyzer to make the SWR measurement. 

As an example, let’s say we measured the SWR of a 50 foot length of 


RG-213 used at a dual-band VHF/UHF repeater site. At 147 MHz the open 
circuit SWR was 6.6:1. This indicates a loss of about 1.3 dB, compared to 
1.4 dB predicted by TLW for 50 feet of RG-213 (Belden 8267).* At 445 
MHz, the measured SWR was 1.4, indicating a loss of 7.78 dB, much worse 
than the 2.6 dB predicted by TLW. Thus this coax, while useful on 2 meters, 
will not be very good on 70 cm and is probably in the process of degrading. 


What if the Antenna is Up in the Air? 


Notes 


The tests described previously are great if you have access to both 
ends of the coax, but sometimes you would like to find out about that coax 
without going up the tower. While you don’t have control over the far end, 
you likely know what's there, if it’s your antenna. For example, I have a 
2 meter Yagi with a T matching section. While that provides a nice 50 Q 
termination at 2 meters, it should look like a short at dc, and an ohmmeter 
continuity test should show a very low resistance, almost as low as if it were 
a short. A split feed Yagi or dipole should look like an open at de. 

The SWR at 2 meters won’t tell us much about loss, in fact the lossier 
itis, the better the SWR will look. On the other hand, it will look a lot like 
a short at “io the frequency or at 20 meters. A measurement there should 
give us a good, but not precise, idea of the 14 MHz loss. If the cable is good 
there, chances are it is also good at 2 meters. Other types of antenna connec- 
tions may be trickier to make use of, but if you measure the SWR on other 
frequencies when the cable is new, and store the data in your archives, any 
change in later years may mean either the antenna or transmission line has 
undergone a change that merits investigation. 

Another trick is to sweep your analyzer frequency looking for the worst 
SWR. That probably indicates either a very high or very low impedance 
termination and the loss at that frequency will be no better than that indi- 
cated by the SWR. 

A Cautionary Note — Note that all of the loss results based on mea- 
sured SWR are no better than the data provided by the SWR analyzer. The 
ARRL Antenna Book notes: “The instruments available to most amateurs 
lose accuracy at SWR values greater than about 5:1, so this method is useful 
principally as a go/no go check on lines that are fairly long.” That really is 
the only question you need answer — do we want to keep this coax, or is 
it time for a replacement? These tests should give you enough information 
to make those decisions. 


'L Nelson, ABODZ, “Hints & Kinks — Anchoring Coaxial Feed Line,” QST, Aug 2009, 


60. 


p 

?The ARRL Antenna Book, 16th Edition. 

8TLW, Transmission Line Program for Windows software is provided on a CD with 
The ARRL Antenna Book. 
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Eliminate Line Loss! 


Transmission lines are an integral part of the art of radio. Designed to 
carry RF power over short to medium distances with minimal loss, properly 
selected and installed transmission lines can be as important as radio 
equipment and antennas are for a station’s success. 


The Care and Feeding of Transmission Lines is a radio amateur’s guide 
to understanding transmission lines. It includes an introduction to the various 
types of transmission lines, key parameters of coaxial cable and balanced 
line types, as well as the different types of connectors. With this book, you'll 
learn how to select the most appropriate transmission line for an application 
and how to install it, as well as maintenance techniques to help extend the 
useful life of the line. 

Includes: 

What is a Transmission Line and Why Do We Need One? 

Let’s Examine Coaxial Transmission Line 

Other Types of Unbalanced Line 

Let’s Examine Balanced Transmission Line 

Transmission Line Interconnections 

Determining Which Line is Best Suited for a Particular Application 
Application and Installation Notes 

Transmission Line Care ISBN 978-0-87259-478-4 
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PREFACE 


Electronic Warfare Fundamentals is a student supplementary text and reference 
book that provides the foundation for understanding the basic concepts 
underlying electronic warfare (EW). This text uses a practical building-block 
approach to facilitate student comprehension of the essential subject matter 
associated with the combat applications of EW. 


Since radar and infrared (IR) weapons systems present the greatest threat to air 
operations on today's battlefield, this text emphasizes radar and IR theory and 
countermeasures. Although command and control (C) systems play a vital role in 
modern warfare, these systems are not a direct threat to the aircrew and hence 
are not discussed in this book. This text does address the specific types of radar 
systems most likely to be associated with a modern integrated air defense 
system (IADS). 


To introduce the reader to EW, Electronic Warfare Fundamentals begins with a 
brief history of radar, an overview of radar capabilities, and a brief introduction to 
the threat systems associated with a typical IADS. The two subsequent chapters 
introduce the theory and characteristics of radio frequency (RF) energy as it 
relates to radar operations. These are followed by radar signal characteristics, 
radar system components, and radar target discrimination capabilities. The book 
continues with a discussion of antenna types and scans, target tracking, and 
missile guidance techniques. 


The next step in the building-block approach is a detailed description of 
countermeasures designed to defeat radar systems. The text presents the theory 
and employment considerations for both noise and deception jamming 
techniques and their impact on radar systems. This is followed by a chapter on 
decoys, both for defeating an IADS as well as for self-protection. Then, the next 
chapter discusses chaff characteristics, employment, and impact on specific 
radar systems. 


The following two chapters are dedicated to the IR threat. The first covers IR 
theory, IR target detection and tracking, and advanced IR missile flare rejection 
techniques. The second chapter presents IR countermeasures to include flare 
employment, maneuvers, and missile warning equipment. 


Electronic Warfare Fundamentals then addresses an important aspect of EW, 
specifically electronic protection (EP). This section includes a description of the 
most common radar EP techniques designed to counter noise jamming, 
deception jamming, and chaff employment. The book concludes with an overview 
of the basic components and limitations of a typical radar warning receiver 
(RWR), current geolocation techniques, and it finally discusses the basic 
components of a self-protection jamming system. 





In addition to the textual material, the book also contains a detailed glossary of 
EW-related terms and acronyms for quick reference. A list of references is 
provided to acknowledge the source material used in the preparation of this text. 
These sources also provide the interested student with a supplementary reading 
list to learn more about a specific topic. 


For information or comments on this document, please contact: 


Det 8, ACC TRSS 
4349 Duffer Drive, Ste 437 
Nellis AFB NV 89191-7007 


DSN: 682-4897 
DSN FAX: 682-7391 
Comm: (702) 652-4897 
Comm FAX: (702) 652-7391 
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CHAPTER 1. INTRODUCTION TO RADAR 


1. INTRODUCTION 


The word “RADAR” is an acronym for RAdio Detection And Ranging. As it was 
originally conceived, radio waves were used to detect the presence of a target 
and to determine its distance or range (Figure 1-1). 





Figure 1-1. Radar System 


2. HISTORY 


The reflection of radio waves by objects was first noted more than a century ago. 
In 1903, the reflection of radio waves was employed in Germany to demonstrate 
detection of ships at sea (Figure 1-2). In 1922, Marconi presented the same idea in 
Britain but received little official interest. These early experiments used 
continuous wave, or CW, transmissions and relied on the reflection of a 
transmitted wave from a target to indicate the presence of a target. CW 
transmissions can detect the presence of an object and, if the radio wave is 
formed into a narrow beam, can also provide azimuth information. CW 
transmissions cannot provide range. 





Figure 1-2. Early Continuous Wave Radar Experiments 
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a. The lack of range information was a serious limitation but was finally 
overcome by modulating the radio wave transmissions to send out a train of 
short pulses (Figure 1-3). The time between pulse transmission and an echo 
return to the receiver provides a direct measurement of range. Practical 
development of the pulse radar began in the 1930s, principally in the United 
States, Britain, and Germany. Due to deteriorating relations with Germany and the 
threat of invasion, the British intensified their efforts to develop a pulse radar in 
1935. These efforts culminated in the development and deployment of multiple 
radar stations which formed the Chain Home System. These radar installations 
provided critical information to British pilots on the size and location of German 
bomber formations during the Battle of Britain. 





Figure 1-3. Pulse Radar Operation 


b. The Chain Home System is considered the first integrated air defense 
system, or IADS. Radar development, with its obvious military and civilian 
applications, has continued unabated to the present day. 


3. TARGET DISCRIMINANTS 


The widespread military and civilian application of radar is based on its inherent 
advantages over the human eye (Figure 1-4). Radar can “see” farther than the 
human eye and more accurately assess the range or distance of an object. Radar 
works well in all-weather conditions and is relatively immune to smoke, haze, and 
clouds. What's more, radar works 24 hours a day because it can transmit its own 
energy and does not have to rely on sunshine or ambient radiation. There are 
some disadvantages of radar when compared to the human eye. First, radar does 
not have the resolution that the human eye has. While radar can detect the 
presence of an airplane, the human eye can discern, in great detail, the shape, 
size, color, and even markings. This can be a serious limitation if positive 
identification is required prior to engagement. 


1-2 


Electronic Warfare Fundamentals Chapter 1. Introduction to RADAR 








Figure 1-4. Radar Advantages and Disadvantages 


Second, the human eye is not bothered by undesirable reflections, called clutter, 
the way radar sometimes is. Although metal is the best reflector of radio 
frequency (RF) energy, nearly any material will reflect some RF _ energy. 
Mountains, trees, buildings, rain, birds, and chaff all reflect RF energy. Radar 
systems must use target discriminants to isolate the desired target return from 
the clutter. These target discriminants include range, velocity, and angle 


(Figure 1-5). 
Target 
Detection 


Eyer a laliatelayess 


Range Velocity | 


Figure 1-5. Radar Target Discriminants 





a. The first target discriminant is range. The time an RF wave takes to go to, 
and return from, a target allows measurement of the range to that target. We 
know that RF energy travels at the speed of light, or “c” which is 3 x 10° meters 
per second. Target range can be determined by using the basic radar range 
equation (Equation 1-1), target range equals measured time, multiplied by the 
speed of light (“c”), divided by 2. 
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Radar Range Equation 


Speed of Light (c) = 3x10°® meters/sec 


Range = (Measured Time x c)+2 





Equation 1-1. Basic Radar Range Equation 


b. Target angle discrimination is another critical capability of radar systems. 
In order for a radar system to detect a target, the antenna must be pointed at the 
target during the transmission and reception of RF energy. The ability of a radar 
system to accurately determine angle is a function of the horizontal beamwidth of 
the antenna. If the radar sweep is referenced to true North, the angle of a radar 
return can be measured relative to true North (Figure 1-6). 





Figure 1-6. Angle Discrimination 


c. Velocity discrimination is a specific capability of CW and pulse Doppler 
radar systems. The transmitters of CW radars send out continuous RF at a 
specific frequency (Figure 1-7). The reflected signal frequency is changed, or 
shifted, by a specific amount by a moving target. This frequency shift, called the 
Doppler effect, allows the measurement of the velocity of that target relative to 
the radar. The receiver measures this frequency difference which equates to a 
specific radial velocity. Pulse Doppler radars can measure the Doppler effect 
while still obtaining the range. 
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CW 
Radar 


Pulsed 


|BYe) o)e)(=15 


Radar 
Velocity Range 
Tracking Tracking 


Figure 1-7. Velocity Discrimination 





d. A basic pulse radar system consists of a transmitter, antenna, receiver, and 
a master timer (Figure 1-8). The transmitter sends electromagnetic energy (RF) to 
the antenna. This energy is radiated through the atmosphere. When this RF 
energy is interrupted by any object, such as a plane, ship, or the earth, a portion 
of the RF energy is reflected back to the antenna and processed by the receiver. 


—_ - 


}\ 
Receiver Transmitter | 
Master Timer 
(Synchronizer) 


Figure 1-8. Basic Radar Operation 





The reflection is called an echo, and the object interrupting the RF energy is 
called a target. The presence of an echo indicates target detection. If the target 
detected is the desired target, the echo is referred to as a target signal. If the echo 
is from undesired targets, such as the earth, the echo is referred to as clutter. 
This is especially true when the undesirable echoes make the detection of the 
desired target difficult. The capability of the antenna to focus the RF energy 
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affects the angular discrimination of the radar. The ability of the master timer to 
determine the time between RF transmission and target echo reception impacts 
the range determination capability of the radar. The ability of the receiver to 
analyze the Doppler frequency shift in the target echo determines the velocity 
discrimination capability of the radar and the ability of the radar to reject clutter. 


4. INTRODUCTION TO INTEGRATED AIR DEFENSE SYSTEMS (IADS) 


Radar systems have the inherent capability to determine accurate range, azimuth, 
and/or velocity information on airborne targets. Radar systems can provide this 
information in nearly all types of weather, day or night, and at distances that far 
exceed the capabilities of the human eye. Military commanders have taken 
advantage of these capabilities by employing radar systems to provide air 
defense for high-value targets. The primary missions of radar systems employed 
for air defense are attack warning and threat engagement. 


a. Radar systems specifically designed to provide attack warning are called 
early warning (EW) radars (Figure 1-9). These radars are characterized by high 
power output, large antennas, and low frequencies. These same characteristics 
limit the accuracy of the target parameters available from early warning radars. 
The long-range detection of aircraft and the earliest possible attack warning 
capabilities of early warning radars provide the first line of defense for the air 
defense system. 





Figure 1-9. Early Warning Radar System 
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b. Radar systems designed to provide target engagement information include 
ground control intercept (GCI) radars, acquisition radars, target tracking radars 
(TTRs), and airborne interceptor (Al) radars. 


(1) GCI radars are designed to provide sufficiently accurate target aircraft 
range, azimuth, and altitude information to vector Al assets to intercept and 
destroy attacking aircraft (Figure 1-10). To provide this data, early warning radars 
can be deployed along with specialized height finder radars. This combination of 
radar systems is commonly referred to as a GCI site. Newer GCI radar systems, 
employing phased array antennas and Doppler processing, can provide the 
required 3-dimensional target information. Any radar system, or combination of 
radar systems, that can determine 3-dimensional target data, and is equipped 
with the communication equipment to pass this information to Al assets, can act 
as a GCI site. GCI radar systems can be used to supplement early warning radar 
systems to provide critical attack warning. 











Figure 1-10. GCI Radar 


(2) Acquisition radar systems are designed to act as GCI radars for ground 
based TTRs. Acquisition radar systems generally have shorter range capability 
than early warning radars and operate at higher frequencies. These radar 
systems provide accurate target range and azimuth data to TTRs to facilitate 
target engagement. Acquisition radars can be a distinct radar system 
(Figure 1-11) or be incorporated as part of the TTR (Figure 1-12). 
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Figure 1-11. Acquisition Radar and TTR 





Figure 1-12. TTR with Acquisition 


(3) The primary role of TTRs, in support of an air defense system, is to 
provide continuous and accurate target parameters to a fire control computer. 
The fire control computer uses this data to guide missiles or aim antiaircraft 
artillery (AAA) to destroy attacking aircraft. TTRs employ various tracking 
techniques to continuously update target parameters. TTRs generally employ 
high frequencies, narrow beamwidths, and computer signal processing to 
enhance the accuracy of target parameters provided to the fire control computer. 
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(4) Al radar systems are TTRs employed by fighter aircraft to engage and 
destroy airborne targets (Figure 1-13). These radar systems are characterized by 
high frequency, sophisticated computer processing, and accurate target tracking 
capability. They are designed to allow the Al asset to employ air-to-air missiles 
and guns/cannons. TTRs and Al radars constitute the highest radar threat 
associated with an air defense system. 





Figure 1-13. MiG-29 


(5) Another growing lethal threat associated with an air defense system is 
infrared (IR) missiles. IR missile systems can be man-portable (Figure 1-14), 
mounted on vehicles, or employed by Al assets. These missile systems guide on 
the distinctive IR signature of aircraft. The recent proliferation and enhanced 
performance of IR systems has increased the contribution of these systems to air 
defense. 





Figure 1-14. IR System 
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c. All these radar systems can be deployed to provide air defense for a 
particular country or geographical area. When the employment of these radar 
systems is integrated by a command and control (C?) structure, this constitutes 
an IADS (Figure 1-15). The C? structure allows the military commander to take 
advantage of the threat warning provided by early warning radars. Based on this 
threat warning, the military commander can allocate specific assets (GCI and Al 
assets, or acquisition radars and TTRs) to engage airborne targets. This 
allocation decision is based on the capabilities of these systems and the tactical 
situation. This allocation process enables the military commander to maximize 
the capabilities of his forces to engage and destroy attacking aircraft. 





Figure 1-15. A Typical IADS 


5. SUMMARY 


Radar systems are the cornerstones of a modern IADS. Radar and IR threat 
systems operate at frequencies that span most of the electromagnetic spectrum. 
Each system has unique capabilities and operating characteristics that enable it 
to accomplish assigned tasks in support of the IADS. In order to effectively 
employ offensive air power on the modern battlefield, the systems that support 
the IADS must be negated. A basic knowledge of how radar and IR systems 
operate, their capabilities, limitations, and the available countermeasures is the 
key to defeating these systems. The purpose of this book is to provide this 
information. 
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CHAPTER 2. CHARACTERISTICS OF RF RADIATION 


1. INTRODUCTION 

In order for a radar system to determine range, azimuth, elevation, or velocity 
data, it must transmit and receive electromagnetic radiation. This electromagnetic 
radiation is referred to as radio frequency (RF) radiation. RF transmissions have 
specific characteristics that determine the capabilities and limitations of a radar 
system to provide these target discriminants, based on an analysis of the 
characteristics of the target return. The frequency of transmitted RF energy 
affects the ability of a radar system to analyze target return, based on time, to 
determine target range. RF frequency also affects the ability of the transmitting 
antenna to focus RF energy into a narrow beam to provide azimuth and elevation 
information. The wavelength and frequency of the transmitted RF energy impact 
the propagation of the radar signal through the atmosphere. The polarization of 
the RF signal affects the amount of clutter the radar must contend with. The 
ability of a radar system to use the Doppler effect in analyzing the radar return 
impacts the velocity discrimination capability of the radar. These characteristics 
of RF radiation will be discussed in this chapter. 
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Figure 2-1. Radio Frequency 


2. FREQUENCY 

The output signal from a typical radio or radar system has several important 
characteristics that affect the capabilities and limitations of radio or radar 
systems. The first characteristic considered is usually RF. The frequency of the 
transmitted signal is the number of times per second the RF energy completes 
one cycle. The RF signal depicted in Figure 2-1 has a frequency of one cycle per 
second. The basic unit of measurement is the hertz (Hz). One hertz equals one 
cycle per second. Most radars have an RF in the millions of hertz, or megahertz 
(MHz). 
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3. WAVELENGTH 
A characteristic of any RF signal is wavelength. Wavelength is a measure of the 
physical distance between peaks of a sine wave propagated in space (Figure 2-2). 


+ 


Wavelength 
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Figure 2-2. Radar Signal Wavelength 


Though wavelength is measured in meters, most radar signals have wavelengths 
measured in centimeters or millimeters. The wavelength of a radar signal can be 
computed using the equation shown in Equation 2-1. The relationship between 
wavelength and frequency is inverse: the higher the frequency, the shorter the 
wavelength. In early radio and radar terminology, wavelength was used instead of 
frequency to describe operating characteristics of a system. Today, wavelength is 
used to describe systems operating at very high frequencies, such as millimeter 
wave, and for describing infrared (IR) systems. 


(oma () ol=\-10 Ie) mi Mile] a) 
Wavelength ()) = — iP ght) 


f (Radar Frequency) 





Equation 2-1. Basic Wavelength Equation 


4. POLARIZATION 


Another characteristic of a radio frequency wave is polarization. Polarization is 
determined by the radar antenna and refers to the orientation of the RF wave as it 
travels through space. There are two types of polarization: linear and circular. 
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a. Traveling electromagnetic energy has two components: an electrostatic 
field and a magnetic field. These two fields are always perpendicular to each 
other and perpendicular to the direction of travel. The polarization of the wave is 
defined in terms of the orientation to the electrostatic field. Many radar antennas 
are linearly polarized, either vertically or horizontally. The signal depicted in 
Figure 2-3 is vertically polarized. 


Electrostatic Field 
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Propagation 





Figure 2-3. Radar Signal Vertical Polarization 


b. Some radars use circular polarization to improve target detection in rain. 
Circular polarization can be right-hand, or left-hand orientation. For circular 
polarization, the direction of the electrostatic field varies with time and traces a 
circular locus about a fixed plane perpendicular to the direction of propagation. 
For a right-hand circular polarized signal, the electrostatic vector appears to 
rotate in a clockwise direction. For a left-hand circular polarized signal, the 
rotation is counterclockwise. Circular polarization can be visualized by pointing 
the thumb of either hand in the direction of propagation and curling the fingers in 
the direction of electrostatic field rotation (Figure 2-4). 
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Figure 2-4. Circular Polarization 


c. The impact of polarization on receivers and transmitters is fairly 
straightforward. If an antenna is designed to receive a particular polarization, it 
will have difficulty receiving a signal with an opposite polarization. This situation 
is defined as cross polarization (Figure 2-5). 
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Figure 2-5. Impact of Polarization 
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The impact of cross polarization on electronic combat can be dramatic. If a radar 
warning receiver antenna is polarized to receive vertically polarized signals, a 
threat system employing a horizontally polarized radar signal may not be 
detected, or may be displayed on the scope well after the threat has acquired the 
aircraft. In addition, if the jamming antenna on an electronic attack (EA) system is 
also vertically polarized, it may not be able to jam this system. Fortunately, this 
potentially lethal situation rarely occurs, but future threat systems may take 
advantage of this situation. Table 2-1 details the impact of polarization on 
selected transmit and receive antenna combinations. 


Table 2-1. Antenna Polarization Loss 


Transmit Antenna Receive Antenna 
Polarization Polarization Percent Lost 





Circular (left-hand) | 


Slant (45° or 135°) 





5. DOPPLER EFFECT 


The “Doppler effect” takes advantage of the fact that the frequency of RF waves 
will be changed or shifted when reflected from a target moving relative to the 
radar. The shifted frequency of the returning RF wave depends on the movement 
of the aircraft in relation to the radar. In Figures 2-6, 2-7, and 2-8, f, is the 
transmitted frequency of the radar, and f, is the frequency of the reflected RF 
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wave from the target. For a stationary target, the frequency of the reflected signal 
will equal the frequency of the transmitted signal (Figure 2-6). 


Antenna Non-Moving 





Figure 2-6. Zero Doppler Effect — Stationary Target 


a. For a target moving toward the radar, the frequency of the reflected signal 
will be higher than the transmitted signal (Figure 2-7). 








Closing Target 


Antenna 


Figure 2-7. Doppler Effect — Closing Target 


b. The reflected frequency for a target moving away from the radar will be 
lower than the transmitted frequency (Figure 2-8). 


Antenna 





Figure 2-8. Doppler Effect - Opening Target 
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6. ELECTROMAGNETIC SPECTRUM 


The portion of the electromagnetic spectrum (Figure 2-9) that today's electronic 
combat systems must deal with starts with radio waves and encompasses 
microwaves, infrared, and a_ small portion of the _ ultraviolet region. 
Communications systems generally operate in the HF, UHF, and VHF regions. 
Some satellite communications operate in the SHF region. Radars operate in the 
microwave region, normally from 0.2 — 200 gigahertz. Infrared systems operate in 
the region just below visible light. 
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Figure 2-9. Electromagnetic Spectrum 
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a. Table 2-2 lists prefixes commonly used to indicate scientific notation and 
their abbreviations. These prefixes are often used when dealing with extremely 
high frequency radar signals or RF waves with extremely small wavelengths. For 
example, when dealing with extremely high frequency RF, it is simpler to use 
gigahertz, or GHz. One gigahertz is one thousand megahertz (MHz). For example, 
a radar operating at 3150 MHz is also operating at an RF of 3.150 GHz. 


Table 2-2. Commonly Used Prefixes for Scientific Notation 


/ sd Unit Designations ts 
| Symbol | | Measure 
| |__ One Trillion 


_ One Thousand _ 
| Olat-Maltlatelg-vo| 


One Thousandth | 
| One Millionth =| 





! 
| 10° | 
| 10° | 

| One Million 








b. Frequency bands are often used when discussing radars and electronic 
combat systems. Radar designers use a frequency band designation system 
entirely different from the one used in electronic combat. Table 2-3 depicts both 
frequency band designation systems and the corresponding frequency ranges. 
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Table 2-3. Radar Frequency Band Designations 


Radar De Design 
Frequency Band | Frequency Band | 
Al HF/VHF 
UHF 
_UHF 


Mace ale mac lulel 


| 


i 


———} | 


= 
8 

c 
D_ 
= 
FO 
: 
H 


| X(8-12.5GHz) | 


8-10 GHz 
10-20GHz | | Ku (12.5-18 GHz) | 
20-40GHz | | K(18-26.5GHz) | 
| 40-60GHz_ | | Ka(26.5-40 GHz) | 
| 60-100GHz | ; | 40-100 Millimeter | 


| 





7. RF PROPAGATION 


Propagation characteristics of RF energy are profoundly affected by the earth's 
surface and atmospheric conditions. Any analysis of radar performance must 
take into account the propagation phenomena associated with RF radiation in a 
“real world” environment. The most important propagation phenomena include 
refraction, anomalous propagation (ducting), and attenuation. 


a. In a vacuum, RF waves travel in a straight line. However, RF waves 
propagating within the earth's atmosphere do not travel in a straight line. The 
earth's atmosphere bends, or refracts, RF waves. One impact of the atmospheric 
refraction of RF waves is an increase in the line of sight (LOS) of the radar. This 
increase in radar LOS effectively extends the range of the radar system 
(Figure 2-10). 
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Figure 2-10. Impact of Refraction on RF Propagation 


Atmospheric refraction of RF energy can also induce elevation measurement 
errors in radar systems (Figure 2-11). 
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Figure 2-11. Impact of Refraction on Target Elevation Determination 


(1) The refraction of RF waves in the atmosphere is caused by the 
variation in the velocity of propagation with altitude. The index of refraction (n) is 
used to describe this velocity variation and is defined by Equation 2-2. 
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Equation 2-2. Index of Refraction 


(2) The term refractivity (N) is used for predicting the impact of refraction 
on RF wave propagation. Refractivity is a “scaled up” expression for the index of 
refraction and is used by radar designers to calculate the impact of refraction on 
actual radar systems. At normal radar operating frequencies, the refractivity for 
air containing water vapor can be computed using Equation 2-3. 


77.6 p 3.75 x 10°e 


Refractivity (N) = (n-1)x 10° = + = 


n = index of refraction ewer: Tait-|melc-t-t-101¢-Me) MT-I 6-1 mel ele) g 
p = barometric pressure T = absolute temperature (degrees K) 





Equation 2-3. Refractivity of RF Waves (Normal Radar Frequencies) 


(3) As altitude increases, the barometric pressure and water vapor content 
decrease rapidly. At the same time, the absolute temperature decreases slowly 
based on the standard lapse rate. Using Equation 2-3, it can be seen that the 
refractivity of the atmosphere decreases with increasing altitude. This decrease 
in refractivity means that the velocity of RF waves increases with altitude. The 
result is a downward bending, or refraction, of RF waves as depicted in Figure 
2-10. RF wave refraction primarily affects ground-based radar systems at low 
antenna elevation angles, especially at or near the horizon. For most radar 
applications, refraction is not a factor at elevation angles above 5 degrees. 


b. The term anomalous, or nonstandard, propagation is used to describe 
atmospheric conditions that extend the propagation of RF waves and increase 
radar range. The most common anomalous propagation phenomena is called 
superrefraction, or ducting. 


(1) A superrefracting duct is formed when the refractivity of the 
atmosphere (Equation 2-2) rapidly decreases with altitude. Based on Equation 
2-2, this occurs when the temperature increases with altitude and/or the water 
vapor content decreases with altitude. An increase in temperature with altitude is 
called a temperature inversion. To produce a duct, the temperature inversion 
must be very pronounced. 
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Figure 2-12. Superrefracting Surface Duct 


(2) A superrefracting duct acts like a wave guide which traps the RF wave 
(Figure 2-12). This channels the radar signal and reduces attenuation. In order for 
an RF wave to propagate within a duct, the angle of the radar signal, in relation to 
the duct, should be less than one degree. The RF waves trapped by the duct take 
advantage of the decrease in refractivity and travel much further than normal. 
This can greatly extend the range of a radar system. 


(3) The extension of radar range inside a duct can result in a reduction of 
radar coverage outside the duct. The area of reduced radar coverage because of 
ducting is called a radar hole. Due to radar holes, the extended radar range 
caused by ducting may result in a decrease in radar coverage along other paths 
of propagation. These holes can seriously degrade the effectiveness of early 
warning radar systems. For example, a radar system is taking advantage of a duct 
formed at the surface to extend low altitude radar range (Figure 2-12). Airborne 
targets flying just above the duct would normally be detected, but because of 
ducting, these targets may be missed. 


(4) Water vapor content is a significant factor in producing ducts. 
Consequently, most ducts are formed over water and in warm climates. Any 
atmospheric phenomenon that results in a pronounced increase in temperature 
and/or a decrease in water vapor content as altitude increases can generate a 
superrefracting duct, of which there are three types. A superrefracting duct which 
is formed just above the surface of the earth is referred to as a surface duct. A 
surface duct formed just above the surface of the ocean is called an evaporation 
duct. A duct which is formed well above the surface of the earth is known as an 
elevated duct. 


(a) Surface ducts formed over land are usually a result of the nighttime 
radiation of heat from the earth. Duct formation is especially prevalent during the 
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summer months when the ground is moist. As the earth loses heat, a temperature 
inversion is created at the surface coupled with a sharp decrease in the moisture 
content. These conditions are favorable to the formation of a surface duct. A 
superrefracting duct can also be produced by the diverging downdraft under a 
thunderstorm. The cool air that is dispersed creates a local temperature inversion 
while the water vapor content decreases due to rain. Surface ducts formed in 
conjunction with thunderstorms are difficult to predict and normally persist for a 
short period of time. 


(b) A superrefracting surface duct that lies just above the surface of 
the ocean is a result of evaporated water, thus the term evaporation duct. The air 
in contact with the ocean is saturated with water vapor, while the air several feet 
above the ocean contains a much lower level. This rapid decrease in water vapor 
pressure with an increase in altitude creates an evaporation duct. An evaporation 
duct exists over the ocean almost all the time. The height of this duct varies from 
20 to 100 feet based on the season, time of day, and wind speed. One positive 
aspect of an evaporation duct is the extended range available to a shipborne 
radar system with a properly aligned antenna. This extended range coverage 
against surface ships and low altitude aircraft is a definite advantage of ducted 
propagation. 


(c) An elevated duct is generally formed by a temperature inversion in 
the upper atmosphere. To take maximum advantage of the increased radar range 
inside an elevated duct, both the radar and the target should be inside the 
elevated duct. In addition, radar systems operating below an elevated duct may 
also experience enhanced range performance. 


(4) The presence of surface ducts and elevated ducts, especially over land, 
are extremely difficult to predict and may persist for very short periods of time. 
The atmospheric conditions favorable to duct formation are difficult to predict 
using conventional weather forecasting techniques. 


c. The attenuation of RF energy in a clear atmosphere is due to the presence 
of oxygen and water vapor. Attenuation results when a portion of the RF energy 
strikes these molecules and is absorbed as heat. Figure 2-13 details the RF 
attenuation loss due to atmospheric gasses based on the frequency of the RF 
energy. 
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Figure 2-13. RF Atmospheric Attenuation 


(1) At frequencies below 1 GHz, the effect of atmospheric attenuation is 
negligible. Above 10 GHz, atmospheric attenuation increases dramatically. This 
dramatic signal loss impacts the maximum detection range of radars operating in 
the millimeter wavelength band. 


(2) RF energy attenuation decreases as altitude increases. The RF 
attenuation experienced by an air-to-air radar will depend on the altitude of the 
target as well as target range. For a ground-based radar, RF attenuation will 
decrease as antenna elevation increases. 


8. SUMMARY 


Since all radar operations depend on the transmission and reception of RF 
energy, a basic knowledge of RF frequency, wavelength, and polarization 
provides the basis for understanding the more complex radar characteristics. 
Since most modern radar systems employ some form of Doppler signal 
processing, the concept of the Doppler effect is fundamental to understanding 
modern radar operation. The concepts of refraction, anomalous propagation 
(ducting), and atmospheric attenuation are key to understanding how RF waves 
propagate in the atmosphere. The topics in this chapter provide a foundation for 
understanding radar and jamming system operation. 
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CHAPTER 3. RADAR SIGNAL CHARACTERISTICS 


1. INTRODUCTION 


Every radar produces a radio frequency (RF) signal with specific characteristics 
that differentiate it from all other signals and define its capabilities and 
limitations. Pulse width (pulse duration), pulse recurrence time (pulse repetition 
interval), pulse repetition frequency, and power are all radar signal characteristics 
determined by the radar transmitter. Listening time, rest time, and recovery time 
are radar receiver characteristics. An understanding of the terms used to 
describe these characteristics is critical to understanding radar operation. 


2. PULSE WIDTH (PW) 


Figure 3-1 depicts the output from a typical pulse radar. PW, sometimes called 
pulse duration (PD), is the time that the transmitter is sending out RF energy. PW 
is measured in microseconds. It has an impact on range resolution capability, 
that is, how accurately the radar can discriminate between two targets based on 
range. 
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Figure 3-1. Typical Radar Pulse 


3. PULSE RECURRENCE TIME (PRT) 


Pulse recurrence time is also known as pulse repetition time. PRT is the time 
required for a complete transmission cycle. This is the time from the beginning of 
one pulse of RF energy to the beginning of the next. PRT is measured in 
microseconds. PRT is the same as pulse repetition interval (PRI), which is used in 
radar warning receivers and other electronic warfare support (ES) assets to 
discriminate between radar systems. It also affects maximum radar range. 
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4. PULSE REPETITION FREQUENCY (PRF) 


One of the most important characteristics of a pulse radar signal is pulse 
repetition frequency. PRF is the rate at which pulses or pulse groups are 
transmitted. Generally, PRF is the number of pulses generated per second and is 
expressed in hertz (Hz). PRF and PRI are related in that PRI is the inverse of PRF. 
A word of caution—do not confuse the operating frequency of the radar, which is 
measured in Hz, with the pulse repetition frequency, which is also measured in 
Hz. They are entirely different characteristics of a pulsed radar signal. 
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Figure 3-2. Constant PRF Radar Pulse 


a. A pulse radar operating at an unvarying PRF is called a constant PRF radar 
(Figure 3-2). Pulse radar systems can employ PRF stagger or PRF jitter as an 
electronic protection (EP) technique against repeater or synchronous jammers. 
The time between each pulse is the PRI. 
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Figure 3-3. PRF Stagger 
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b. PRF stagger is accomplished by assuring that no adjacent PRIs are equal. 
The number of different PRIs generated is called the “position” of the stagger. 
Two-position stagger would have two PRI values, for example, 300 microseconds 
and 500 microseconds (Figure 3-3). 


c. PRF jitter may be considered a random stagger. It is also an EP technique 
to counter synchronous jammers. PRF jitter has no repeating pattern of PRI 


values (Figure 3-4). 
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Figure 3-4. PRF Jitter 


5. RADAR RECEIVER CHARACTERISTICS 

Pulse repetition frequency, pulse recurrence time, and pulse width are 
determined by the transmitter. The pulse radar signal characteristics that relate to 
receiver operation are rest time, recovery time (RT), and listening time (LT) 
(Figure 3-5). 


Amplitude 


Pulse Width Actual 
<= (PW) —> &—LT=> 


Recovery Time 
(RT) 








Figure 3-5. Basic Radar Pulse 
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a. Rest time is the time between the end of one transmitted pulse and the 
beginning of the next. It represents the total time that the radar is not 
transmitting. Rest time is measured in microseconds. 


b. Recovery time (RT) is the time immediately following transmission time 
during which the receiver is unable to process returning radar energy. RT is 
determined by the amount of isolation between the transmitter and receiver and 
the efficiency of the duplexer. A part of the high power transmitter output spills 
over into the receiver and saturates this system. The time required for the 
receiver to recover from this condition is RT. 


c. Listening time (LT) is the time the receiver can process target returns. 
Listening time is measured from the end of the recovery time to the beginning of 
the next pulse, or PRT minus (PW + RT). Listening time is measured in 
microseconds. 


6. DUTY CYCLE 


Duty cycle is the ratio of the time the transmitter operates to the time it could 
operate during a given transmission cycle. The duty cycle of a radar can be 
computed by dividing the PW by the PRT, or by multiplying the PW times the 
PRF. Duty cycle has no units (Equation 3-1). CW radars have a duty cycle of 
100%, while early warning radars may have a duty cycle of around 1%. 


Duty Cycle = or Duty Cycle = PW x PRF 


PW 
PRT 





Equation 3-1. Duty Cycle 


7. PEAK POWER 


The power output of a radar is normally expressed in terms of peak power or 
average power (Figure 3-6). Peak power is the amplitude, or power, of an 
individual radar pulse. It is simply the power, measured in watts or megawatts, 
that is radiated when the transmitter is on. The power a radar transmits is 
normally used to determine the maximum detection range of that radar. However, 
it is the energy in a radar pulse that determines maximum radar detection range. 
Since power is the rate of flow of energy, the energy in a radar pulse is equal to 
the peak power multiplied by the time the radar is transmitting, or pulse width 
(Equation 3-2). 


3-4 


Electronic Warfare Fundamentals Chapter 3. Radar Signal Characteristics 


® 
xe] 
= 
ro 
= 
m4 


Average Power = Peak Power x (PW/PRT) 
Energy = Average Power x PRT 








Figure 3-6. Peak Power and Average Power 








Energy Per Pulse = Peak Power x Pulse Width 








Equation 3-2. Energy Per Pulse 


8. AVERAGE POWER 

Average power is the power distributed over the pulse recurrence time. It can be 
computed using the formula in Figure 3-6. The energy transmitted by average 
power can be computed by multiplying average power by PRT. Since the energy 
in a set of pulses determines detection range, average power or energy provides 
a better measure of the detection range of a radar than does peak power. Average 
power can be increased by increasing the PRF, by increasing the pulse width, or 
by increasing peak power (Figure 3-7). 
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Figure 3-7. Radar Power and Energy 


9. MODULATION 


The characteristics of an RF signal must be changed in order to transmit 
information on the signal. This process is called modulation. Modulation is 
accomplished by combining a basic RF signal, called a carrier wave, with a 
modulating signal that contains the desired information. The resulting waveform 
is then used to transmit the desired information. 


a. One basic modulation technique is amplitude modulation (AM). The carrier 
wave is combined with a modulating signal containing information of varying 
amplitude. Waveforms produced have the same frequency as the carrier wave but 
with a varying amplitude based on the information from the modulating signal. 
AM is used extensively in communications and broadcast radio transmissions 
(Figure 3-8). 
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Figure 3-8. Amplitude Modulation 
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b. Frequency modulation (FM) is another means of impressing information on 
a carrier wave. Frequency modulation is accomplished by combining the carrier 
wave with a modulating signal containing information of varying frequency. The 
waveform produced has the same amplitude as the carrier wave, but the 
frequency varies based on the information from the modulating signal 
(Figure 3-9). FM is used extensively in communications and commercial radio. FM 
is also used with continuous wave (CW) radars to make them more resistant to 
jamming and to add range determination capability. 
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Figure 3-9. Frequency Modulation 


c. A type of amplitude modulation known as pulse modulation (PM) is used in 
pulse radars to produce the short, powerful bursts of RF energy. PM combines 
the carrier wave with a rectangular pulse that acts like a switch. PM turns the 
transmitter on, leaves it on for a predetermined time, and then turns it off. The 
result is a waveform that produces radar pulses that can be used to measure 
range and angle to the target (Figure 3-10). 
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Figure 3-10. Pulse Modulation 


3-7 


Chapter 3. Radar Signal Characteristics Electronic Warfare Fundamentals 


10. SUMMARY 


The radar signal characteristics of PW, PRI, PRF, and power determine the 
maximum range and the range resolution capability of a specific radar. When 
combined with the frequency of the carrier wave of the radar signal, these 
parameters provide a unique signature to identify a specific radar signal. 
Modulation is the method used to put information on an RF carrier wave. The 
primary modulation techniques used in radar signal generation include 
amplitude, frequency, and pulse modulation. The radar signal characteristics of 
PRF, PRI, power, and modulation are the keys to understanding radar operation 
and jamming techniques. 
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CHAPTER 4. RADAR SYSTEM COMPONENTS 


1. INTRODUCTION 


The individual components of a radar determine the capabilities and limitations of 
a particular radar system. The characteristics of these components also 
determine the countermeasures that will be effective against a specific radar 
system. This chapter will discuss the components of a basic pulse radar, a 
continuous wave (CW) radar, a pulse Doppler radar, and a monopulse radar. 


2. PULSE RADAR SYSTEM 


The most common type of radar design is the pulse radar system. The name 
describes a process of transmitting discrete bursts of RF energy at the frequency 
of the radar system. The time that pulses are transmitted determines the pulse 
repetition frequency (PRF) of the radar system. A pulse radar system can figure 
out range and azimuth. Range is determined by the time that it takes a pulse to go 
to a target and return. Target azimuth is determined by the relative position, or 
antenna orientation, when the pulse strikes the target. Figure 4-1 is a basic block 
diagram of a simple pulse radar system. 
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Figure 4-1. Pulse Radar Block Diagram 


a. The purpose of the transmitter is to deliver a series of high-energy bursts 
of radio frequency (RF) energy to the antenna. The transmitter group of a modern 
pulse radar normally consists of a pulse generator or waveform generator, a 
modulator, and some kind of power amplifier (Figure 4-2). 


(1) The purpose of the waveform generator is to generate the proper 
waveform or pulse, normally at a low power level, before delivery to the 
modulator. It is much easier to generate complex waveforms at a lower power 
level. These complex waveforms are required for coherent systems employing 
digital moving target indicator techniques and for pulse Doppler radar operations. 
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Figure 4-2. Transmitter Group 





(2) The modulator is a major portion of the transmitter. The modulator 
provides an extremely powerful, very short pulse of direct current (DC) voltage to 
the power amplifier. This is similar to the ignition system of an automobile but 
with very stringent requirements. The modulator has an energy storage device 
and a switch. Between pulses, during the resting time of the transmitter, energy is 
accumulated and stored in the storage device. When keyed by the master timer, 
all this energy is switched to the power amplifier as a pulse. The waveform of this 
pulse is determined by the waveform generator. 


(3) The power amplifier for a modern radar is normally a klystron, traveling 
wave tube, cross field amplifier, or solid state amplifier. Most common pulse 
radars use a klystron power amplifier. No matter what power amplifier is used, the 
purpose of the transmitter group is to produce a series of pulses at the correct 
amplitude, at the proper interval, with the exact waveform, and at the operating 
frequency of the radar. 


b. A duplexer is required when both the transmitter and receiver use the same 
antenna. The duplexer acts as a rapid switch to protect the sensitive receiver 
from damage when the high-power transmitter is on. When the transmitter is off, 
the duplexer directs the weak target signals to the receiver. The duplexer's main 
purpose is to minimize power loss and maximize isolation. Power lost in the 
duplexer during transmission reduces the maximum detection range of the radar. 
Isolation refers to the amount of transmitter power that “bleeds through” the 
duplexer to the receiver during transmission. This “bleed through” must be 
extremely small to avoid receiver saturation or damage. 


c. The capabilities of the receiver group are critical to radar performance 
(Figure 4-3). The ability of the radar receiver to detect the presence of the target 
return and extract the required information is limited primarily by noise. Noise 
can enter the receiver through the antenna along with the target return. This type 
of noise is called external noise. Noise generated within the receiver is called 
thermal noise. Radar noise can never be completely eliminated. Minimizing noise 
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is the most important consideration in the design of the sensitive receivers used 
with modern radars. In addition, relative immunity to noise makes a radar system 
more resistant to jamming. 
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Figure 4-3. Receiver Group 


(1) The most common pulse radar receiver is the superheterodyne 
receiver. A superheterodyne receiver consists of an RF amplifier, a mixer and 
local intermediate frequency (IF) amplifier, a detector, and a video amplifier. 


(2) Radar target returns enter the receiver group via the antenna and 
duplexer. Since these signals are normally very low power, the RF amplifier 
boosts the signal gain and filters out as much external noise as possible. The 
capability of the RF amplifier to minimize noise determines the receiver 
sensitivity. The boosted RF signal is sent to the mixer where it is converted to a 
lower IF. This is accomplished by mixing the RF signal with the signal from the 
local oscillator to produce an IF that is easier to process. The IF amplifier 
increases the IF signal level and includes a matched filter. The matched filter 
maximizes the signal-to-noise ratio which enhances detection of the target return. 
The detector, which is usually a crystal diode, extracts the video modulation from 
the IF or converts the IF to a video signal. 


d. The brain of a basic pulse radar is the master timer, or synchronizer, which 
coordinates the operation of the various parts of the radar (Figure 4-4). Exact 
timing within the radar is necessary to get accurate range. The master timer is an 
oscillator that triggers the transmitter to initiate transmission of a pulse. 
Simultaneously, the master timer sends a signal to initialize the display to ensure 
that range and azimuth information is accurately displayed. 
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Figure 4-4. Master Timer/Synchronizer 





e. The function of the antenna during transmission is to concentrate the radar 
energy from the transmitter into a shaped beam that points in the desired 
direction (Figure 4-5). During reception, or listening time, the function of the 
antenna is to collect the returning radar energy contained in the echo signals, 
and deliver these signals to the receiver. Radar antennas are characterized by 
directive beams that are usually scanned in a recognizable pattern. 





Figure 4-5. Parabolic Antenna 


f. The purpose of the radar display is to take the information derived from a 
radar target in the receiver group and present it to the operator in a usable 
format. There are many different types of scope displays depending on the 
purpose of the radar and how the radar information is to be used. There are four 
basic types of radar displays: the A scope, B scope, range height indicator (RHI) 
scope, and plan position indicator (PPI) scope. 
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(1) The A scope is used to display target range or velocity (Figure 4-6). 
Threat systems using A scope displays include air interceptors (Als) with 
range-only radar, surface-to-air missiles (SAMs), and radar-directed antiaircraft 
artillery (AAA) systems. SAM and AAA systems may use the A scope for range or 
velocity information, and other radar displays for azimuth and elevation data. The 
A scope displays range or velocity in relation to amplitude. The operator must 
distinguish the target return from other returns, including ground return and 
noise. 
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Figure 4-6. A Scope Display 


(2) The B scope is used to display target range and azimuth (Figure 4-7). 
Threat systems using B scope displays include Al and SAM systems. The 
position of the target return to the right or left of the centerline of the screen 
shows the azimuth of the target. The position of the target return in relation to the 
bottom of the display, or zero range, shows target range. 
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Figure 4-7. B Scope Display 
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(3) The RHI scope is used to display range and elevation (Figure 4-8). The 
RHI scope is used with height finder radars, and a modified RHI scope is used for 
ground-controlled approach (GCA) radars. The sweep trace of the display 
produces a fan-shaped display with the vertex at the lower left of the scope. The 
antenna sweeps up and down and is synchronized with the display. 
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Figure 4-8. RHI Scope Display 


(4) The PPI display is probably the best known radar display (Figure 4-9). 
The display represents a map picture of the area scanned by the radar beam, 
usually 360 degrees. The PPI display is used by early warning, acquisition, 
ground-controlled intercept (GCI), and SAM radar systems. The target return's 
angular position shows target azimuth, while distance from the center of the 
display shows range. 


Dead Ahead 
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Figure 4-9. PPI Scope Display 
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3. CONTINUOUS WAVE (CW) RADAR 


A continuous radar transmission from the antenna requires that classic CW 
radars have two antennas, one for transmission and one for reception 
(Figure 4-10). Since a continuous transmission results in a continuous echo 
signal, it is impossible to tell what part of the echo is associated with any 
particular part of the transmission. This makes conventional range determination 
(based on timing) impossible. However, the simple application of the Doppler 
principle provides a means for a CW radar to track a target. The Doppler principle 
deals with the fact that a radar return from a moving target will be shifted in 
frequency by an amount proportional to its radial velocity relative to the radar 
site. Using the difference in frequency from the transmitted signal to the received 
signal, a CW radar can separate the target return from clutter, based on a change 
in frequency. This type of radar is called a CW Doppler radar. 





Figure 4-10. Continuous Wave Radar 


a. Figure 4-11 depicts a basic CW Doppler radar. In a simple CW Doppler 
radar, the transmitter transmits a continuous signal at the radar's operating 
frequency. This signal is reflected by a moving target and travels back to the 
receiving antenna. The frequency of the reflected signal (fy) is the frequency 
change due to the Doppler effect. This target frequency is passed to the detector. 
The transmitted frequency (f,.) is also fed to the detector as a reference. The 
detector notes the difference between the transmitted and received frequencies 
and passes this frequency to the Doppler filters. The Doppler filters only allow 
Doppler frequencies within a certain range to pass through. A filter is required for 
each Doppler frequency. The number of Doppler filters determines the number of 
targets that the radar can resolve in velocity. 
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Figure 4-11. Basic CW Doppler Radar 











b. The output of each Doppler filter is amplified and passed to its own display. 
The display is normally an A scope as shown in Figure 4-12. 
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Figure 4-12. CW Doppler Radar Display 
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4. PULSE DOPPLER RADAR 


Pulse Doppler radars combine the advantages of both pulse and Doppler radar 
systems (Figure 4-13). Because the signal is pulsed, the radar can determine 
range, azimuth, and elevation, similar to a conventional pulsed radar. A pulse 
Doppler radar can also compute overtake, or rate of closure, relative to the radar 
system on a pulse-to-pulse basis. Pulse Doppler radars also use multiple PRFs to 
eliminate target eclipsing and for range determination in medium PRF. The beauty 
of a pulse Doppler radar is that it eliminates ground clutter and provides range, 
azimuth, and velocity resolution. 
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Figure 4-13. CW and Pulse Doppler Radar Comparison 





a. A pulse Doppler radar transmits a box, or pulse, of coherent RF energy at 
the operating frequency of the radar. The frequency inside these boxes reacts the 
same way as the continuous waves of a CW radar. However, since the RF waves 
are pulsed, range determination can be accomplished by measuring the time it 
takes for the reflected pulse to return from the target. Velocity determination and 
tracking are accomplished by capturing and quantifying the Doppler shift of the 
frequencies in each box or pulse. 


b. The basic block diagram of a coherent pulse Doppler radar (Figure 4-14) is 
similar to a pulse radar except for the addition of an exciter, a radar computer, 
and a digital signal processor. The exciter generates a continuous stable low 
power signal at the desired frequency and phase for the transmitter. It also sends 
this signal as a reference to the receiver. The digital signal processor performs 
the adding and subtracting functions required to find, track, and sort targets with 
respect to velocity and range. The radar computer performs all routine functions 
of the radar such as changing modes and accounting for aircraft flight 
parameters. 
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Figure 4-14. Basic Pulse Doppler Radar Diagram 


5. MONOPULSE RADAR 


The primary functions of monopulse radars include target tracking and weapon 
guidance. Monopulse radars were developed to overcome the limitations and 
jamming susceptibility of scanning radar systems. A monopulse radar typically 
receives returned radar energy in two, three, or four separate receivers, or 
channels, each looking at a different area. By comparing the returns from each 
receiver, track errors can be determined. For example, in Figure 4-15, this radar 
compares the amplitude, or signal strength, in each channel. Obviously, an 
aircraft in area “A” will produce a stronger return in receiver “A” since that 
receiver is focused in that direction. Since this type of system uses signal 
strength to determine position, typical noise jamming will only highlight an 
aircraft” position. Other coherent radars can measure phase differences verses 
the amplitude differences used in the last example. If a signal is directly ahead of 
the antenna, each quadrant will receive the returned signal at exactly the same 
time and therefore the same exact phase. However, if a return is off-center, the 
returned signal will strike part of the antenna slightly ahead of the opposite side 
and each quadrant will measure a different phase. This phase difference is used 
to determine azimuth error. 
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Figure 4-15. Monopulse Radar 


a. Monopulse radars operate by comparing the amplitude or the phase of the 
received signal in each of the transmitted beams. A complex set of comparator 
circuits, called magic T's, do the addition and subtraction of the received signals 
based on the orientation of the magnetic field, or H-plane, and the electrostatic 
field, or E-plane (Figure 4-16). The received signal from antenna A enters the 
magic T in the H-plane arm while the signal from antenna B enters the magic T in 
the E-plane arm. 


E-Plane Arm 





Figure 4-16. Monopulse Magic T’s 


b. Figure 4-17 depicts the output of a magic T. Output is the sum and 
difference of the two input signals. These sum and difference values, in amplitude 
or phase, are used to generate azimuth and elevation error signals and to 
compute range. 
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Figure 4-17. Magic T Output Signals 
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c. These sum and differences computed by the magic T's are sent as signals 
to the monopulse tracking servos to generate both azimuth and elevation 
corrections to keep the monopulse antenna centered on the target (Figure 4-18). 
Target range is computed by calculating the difference of signal transmission 
time with the reception time of the target echo. Range information is displayed to 
the operator for range tracking. 
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Figure 4-18. Monopulse Radar Track 
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d. If the signal in antenna A equals the signal in antenna B, equals the signal 
in antenna C, and equals the signal in antenna D, the target is in the center of the 
four radar beams (Figure 4-19). This is the condition the monopulse tracker 
attempts to maintain when tracking a target. 





Figure 4-19. Monopulse Radar Track Logic 


6. SUMMARY 

This chapter has discussed the basic components of a simple pulse radar, a 
continuous wave radar, a pulse Doppler radar, and a monopulse radar. The 
characteristics of these components determine the capabilities and limitations of 
a particular radar system. 
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CHAPTER 5. RADAR PRINCIPLES 


1. INTRODUCTION 


The primary purpose of radar systems is to determine the range, azimuth, 
elevation, or velocity of a target. The ability of a radar system to determine and 
resolve these important target parameters depends on the characteristics of the 
transmitted radar signal. This chapter explains the relationship of radar frequency 
(RF), pulse repetition frequency (PRF), pulse width (PW), and beamwidth to target 
detection and resolution. 


2. RADAR RANGE 


A basic pulse radar system consists of four fundamental elements: the 
transmitter, the receiver, the antenna, and the synchronizer, or master timer. 


a. The transmitter, through the antenna, sends out a pulse of RF energy at a 
designated frequency. The presence of a target is revealed when the RF energy 
bounces off the target, returns to the radar antenna, and goes into the receiver 
(Figure 5-1). The master timer measures the time between the transmission of a 
pulse and the arrival of a target echo. 





Figure 5-1. Basic Radar Pulse 


(1) RF energy travels at the speed of light (c) which is 3 x 10® meters per 
second. Target range can be computed by using the basic radar range 
determination equation (Equation 5-1). 
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Measured Time x Speed of Light (c) 


Target Range = ; 





Equation 5-1. Basic Radar Range Determination Equation 


(2) Another useful measurement is the radar mile, which is the round trip 
time for an RF wave to travel to and from a target one nautical mile away (Figure 
5-2). Solving the radar range equation for time results in Equation 5-2. 
Substituting the appropriate values into the equation and solving for time gives 
measured time of 12.4 microseconds for a one nautical mile (1853 meters) round 
trip. 





Figure 5-2. Radar Mile 


BElcel-\aiat-lale(- a4 1853 meters x 2 


Measured Time =—- >= —————- = 12.4 eC 
Speed of Light(c) 3x 10° meters/second H 





Equation 5-2. Radar Mile 
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(3) A limitation on radar detection range is the concept of a second time 
around echo. A second time around echo occurs when a target echo associated 
with a particular radar pulse arrives at the antenna after another radar pulse has 
been transmitted. The radar master timer always assumes the target echo is 
associated with the last pulse transmitted. This makes the target echo ambiguous 
in range. Figure 5-3 depicts a radar signal with a pulse recurrence time (PRT) of 
248 microseconds. Radar pulse A takes 372 microseconds to travel to the target 
and return. Using the range determination equation, actual target range is 30 
nautical miles (nm). However, before the target echo returns to the antenna, radar 
pulse B is transmitted. The master timer associates the target echo of pulse A 
with radar pulse B, and calculates a target range of 10 nm. This ambiguous and 
false range is displayed to the operator. 
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Figure 5-3. Second Time Around Echo 


(4) Range ambiguities caused by second time around echoes limit the 
maximum unambiguous range of a radar system. This important capability can be 
calculated by using Equation 5-3. An analysis of this equation shows that a radar 
system designed for long-range detection should transmit a radar signal with a 
large PRT. In addition, as the PRF of a radar signal increases, the PRT decreases, 
and the maximum unambiguous range decreases. 
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Equation 5-3. Maximum Unambiguous Range 


b. A critical aspect of range determination is range resolution. Range 
resolution is the ability of a radar to separate two targets that are close together 
in range and are at approximately the same azimuth (Figure 5-4). The range 
resolution capability is determined by pulse width. Pulse width is the time that the 
radar is transmitting RF energy. Pulse width is measured in microseconds. 








Physical Length of the Pulse Width = PW (usec) x 984 ft/usec 





Figure 5-4. Radar Pulse 


(1) A radar pulse in free space occupies a physical distance equal to the 
pulse width multiplied by the speed of light, which is about 984 feet per 
microsecond. If two targets are closer together than one-half of this physical 
distance, the radar cannot resolve the returns in range, and only one target will 
be displayed. 
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(2) To illustrate range resolution, consider Figure 5-5, in which two aircraft 
are separated by a distance of one-half the pulse width or less. At T1, the leading 
edge of the radar pulse hits the lead aircraft. 


A Scope 





Figure 5-5. Radar Pulse at T1 


(3) In Figure 5-6, at T2 the leading edge of this same pulse hits the trailing 
aircraft. Since the trailing aircraft is less than one-half the pulse width from the 
lead aircraft, the return echo from the lead aircraft is received by the antenna 
before the entire pulse has left the trailing aircraft. 


One Target Blip 





Figure 5-6. Radar Pulse at T2 
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(4) T3 depicts the merging target echoes at the radar (Figure 5-7). The 
radar would display only one target in this situation, such as the one shown on 
the radar scope in Figure 5-6. 


Echos Merge 





Figure 5-7. Radar Pulse at T3 


(5) Two targets separated by more than one-half the pulse width, as in 
Figure 5-8, will be displayed as two targets. In this case, the transmitted pulse is 
completely past the lead aircraft before the return echo from the trailing aircraft 
reaches the antenna. 





Figure 5-8. Radar Range Resolution 
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(6) The range resolution of the radar is usually expressed in feet and can 
be computed using Equation 5-4. It is the minimum separation required between 
two targets in order for the radar to display them separately on the radar scope. 


Pulse Width x 984 feet 


2 


Range Resolution = 





Equation 5-4. Range Resolution 


3. AZIMUTH DETERMINATION 


The beamwidth of a radar system is the horizontal and vertical thickness of the 
radar beam (Figure 5-9). Beamwidth depends on antenna design and is normally 
measured in degrees from the center of the beam to the point at which the power 
drops off by half. This half-power point is -3 dB in power drop-off. Beamwidth 
governs the azimuth and elevation accuracy and resolution capability of a radar 
system in the same way that pulse width governs radar range accuracy and 
resolution. 
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Figure 5-9. Radar Beamwidth 


a. In order for a radar system to figure out target azimuth, the antenna must 
be aligned with a point of reference and pointed at the target during the 
transmission and reception of several pulses of radar energy. If the antenna is 
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referenced to true North, the azimuth of the target can be measured relative to 
true North (Figure 5-10). Azimuth determination is based on the position of the 
antenna when the target is being illuminated. 











Figure 5-10. Azimuth Determination 


(1) To provide accurate azimuth determination over a large area, many 
radars employ a narrow beam and scan the antenna in a predictable pattern. The 
most common scan pattern is a 360° circular scan at a constant rate (Figure 5-11). 
The plan position indicator (PPI) radar scope display is normally associated with 
this scan pattern. As the radar beam sweeps, a target is detected and displayed. 
The position of the antenna, when the target is displayed, shows the relative 
azimuth. 











Figure 5-11. Antenna Scan 
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(2) The azimuth accuracy of a radar system is determined by the horizontal 
beamwidth (HBW). In Figure 5-12, radar system A has a horizontal beamwidth of 
10°. As the beam sweeps, the target is illuminated for as long as it is in the beam. 
This means that the target covers 10° in azimuth on the PPI scope. Radar system 
B has a beamwidth of 1°. A target displayed on the PPI scope will cover 1° in 
azimuth. The narrower the horizontal beamwidth, the better the azimuth accuracy. 


HBW=10° 





Figure 5-12. Horizontal Beamwidth Comparison 


b. Azimuth resolution is the ability of a radar to display two targets flying at 
approximately the same range with little angular separation, such as two fighters 
flying line-abreast tactical formation. The azimuth resolution capability is usually 
expressed in nautical miles and corresponds to the minimum azimuth separation 
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required between two targets for separate display. Azimuth resolution depends 
on the horizontal beamwidth of the radar. The radar system in Figure 5-13 has a 
horizontal beamwidth of 10°. The two targets are so close in azimuth that the 
return echoes are blended into one return. 


HBW=10° 





Figure 5-13. Horizontal Beamwidth and Azimuth Resolution 


(1) The radar system in Figure 5-14 has a horizontal beamwidth of 1°. The 
radar beam not only hits the targets, but passes between them without causing a 
return. This allows the radars to display two distinct radar returns. A small 
horizontal beamwidth improves azimuth resolution. 





Figure 5-14. Azimuth Resolution 
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(2) Azimuth resolution, in nautical miles, can be computed using Equation 
5-5. Notice that this equation is the “60 to 1 rule” used for navigation. A 1° 
beamwidth will yield a one-mile-wide cell at 60 nautical miles. 


Horizontal Beamwidth x Range 


Azimuth Resolution = = 





Equation 5-5. Azimuth Resolution 


4. ELEVATION DETERMINATION 


Since a radar beam is three-dimensional, the vertical beamwidth is the primary 
factor in determining altitude resolution capability. Altitude resolution is the 
ability of a radar to display two targets flying at approximately the same range 
and azimuth with little altitude separation, such as two fighters flying a vertical 
stack formation. The altitude resolution capability is usually expressed in feet and 
corresponds to the minimum altitude separation required between two targets for 
separate display. The radar system in Figure 5-15 has a vertical beamwidth of 10°. 
The two targets are so close in altitude that the return echoes depicted on the 
range height indicator (RHI) are blended into one. 





Figure 5-15. Vertical Beamwidth and Elevation Resolution 
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a. The radar system depicted in Figure 5-16 has a vertical beamwidth of 1°. 
This small beam not only hits the targets, but passes between them without 
causing a return. This allows the radar to display two distinct targets. 














Figure 5-16. Elevation Resolution 


b. Altitude/elevation resolution, in thousands of feet, can be computed using 
Equation 5-6. 


. : Vertical Beamwidth x Range 
Altitude Resolution = ————__ 


60 





Equation 5-6. Altitude Resolution 


5. RADAR RESOLUTION CELL 


A radar's pulse width, horizontal beamwidth, and vertical beamwidth form a three- 
dimensional resolution cell (RC) (Figure 5-17). A resolution cell is the smallest 
volume of airspace in which a radar cannot determine the presence of more than 
one target. The resolution cell of a radar is a measure of how well the radar can 
resolve targets in range, azimuth, and altitude. The horizontal and vertical 
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dimensions of a resolution cell vary with range. The closer to the radar, the 
smaller the resolution cell. 
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Figure 5-17. Radar Resolution Cell 


a. The physical dimensions of a radar's resolution cell can be computed. For 
a radar with a pulse width of 1 microsecond, a horizontal beamwidth of 1°, and a 
vertical beamwidth of 10°, the formulas for range resolution, azimuth resolution, 
and altitude resolution can be used to compute the dimensions of the resolution 
cell. In the example in Figure 5-18, at a target range of 10 nm, the physical 
dimensions of the radar's resolution cell are 492 feet in range, by 1000 feet in 
azimuth, and 10,000 feet in altitude. These figures can be confirmed by using 
Equations 5-4, 5-5, and 5-6. 
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Figure 5-18. Radar Resolution Cell Dimensions 
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b. Based on these computations, two, or more, aircraft flying a trail formation 
closer than 492 feet would be displayed as a single target. Two, or more, aircraft 
flying line abreast closer than 1000 feet would be displayed as a single target. 
Two, or more, aircraft flying a vertical stack closer than 10,000 feet would be 
displayed as a single target. This also shows that the shorter the pulse width, the 
better the range resolution capability of a radar system. The narrower the 
horizontal beamwidth, the better the azimuth resolution capability. The narrower 
the vertical beamwidth, the better the altitude resolution capability. 


c. Another type of resolution is velocity resolution. For a Doppler radar 
aircraft flying within the conventional resolution cell described above can be 
distinguished as separate targets if they have enough speed differential. 
Paragraph 6 below will describe how this is carried out. 


6. PULSE DOPPLER VELOCITY DETERMINATION 


To fully understand how a pulse Doppler radar determines target velocity, it is 
necessary to know more about the pulsed waveform. To generate a pulse 
modulated wave, a continuous carrier sine wave, like the output from a CW radar, 
is combined with a rectangular wave, like that of a pulse radar, to produce the 
pulse modulated waveform. Figure 5-19 depicts pulse modulation. 


Rectangular Pulse Modulated 
Pulse Waveform 
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Figure 5-19. Pulse Modulation 


a. Mathematically, any waveform other than a sine wave is composed of many 
different pure sine waves added in the proper amplitude and phase relationships 
(Figure 5-20). In a pulsed modulated waveform, the sine waves correspond to the 
fundamental frequency, which is the PRF, and the sum of all harmonics in the 
proper amplitude and phase. The frequency of the harmonic is the basic 
frequency plus or minus a multiple of the PRF. 
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Figure 5-20. Harmonics of a Pulse Modulated Waveform 


(1) Figure 5-21 is a plot of the harmonic content of a pulse modulated 
waveform operating at a carrier frequency of 2800 megahertz (MHz) with a PRF of 
1 MHz. Note the loops of frequencies on either side of the carrier frequency. 
These are the additions and subtractions of all the frequencies in the rectangular 
pulse to the carrier frequency. The important thing to remember is that there are 
many frequencies present, and a pulse Doppler radar must deal with a crowded 
frequency spectrum. This becomes even more important when one considers the 
fact that every frequency present will experience a Doppler shift when it is 
reflected by a moving target. The individual frequencies shown are called spectral 
lines. 
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Figure 5-21. Harmonic Content 


(2) For a pulse Doppler radar to accurately measure velocity, it must 
compare the frequency change, or Doppler shift, between the carrier frequency 
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and the frequency returning from the target. It is a difficult task for the radar to 
differentiate between the returning carrier and all the harmonic frequencies 
(Figure 5-22). 
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Figure 5-22. Spectral Line Frequencies 


b. The radar differentiates between the returning carrier frequencies and all 
other harmonic frequencies by using clutter cancellers, or filters, at the known 
harmonic frequencies (Figure 5-23). The radar cannot process frequencies 
cancelled by these filters. The filters create “blind speeds” for the radar. The 
closer together the spectral lines, the more “blind speeds” the radar will have. 
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Figure 5-23. Selective Clutter Canceling 
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(1) Since the position of the harmonics in relation to the carrier frequency 
is based on PRF, the number of blind speeds can be reduced by changing the 
PRF of the radar. The higher the PRF, the wider the spacing of the spectral lines 
and the fewer blind speeds due to selective clutter canceling. However, a high 
PRF increases the problem of range ambiguities. Most modern pulse Doppler 
radars employ a medium and high PRF mode. Medium PRF equates to fewer 
range ambiguities but more blind speeds. High PRF has fewer blind speeds but 
more range ambiguities (Figure 5-24). 
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Figure 5-24. PRF and Spectral Lines 


(2) To separate the returning target frequency shifts from all other 
frequencies in the returning waveform, the pulse Doppler radar employs filters to 
cancel the known harmonic frequency shifts. In addition, the radar cancels out all 
returns with no frequency shift, which equates to canceling all returns with no 
movement relative to the radar. However, if the radar has too many clutter filters, 
this creates multiple blind speeds, and targets will be missed. In Figure 5-25, the 
detection filters allow target frequencies to be processed, and clutter filters 
cancel unwanted frequency shifts. Target 1 will be detected, but Target 2 will be 
canceled. 
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Figure 5-25. Pulse Doppler Filters 


7. BASIC RADAR EQUATION 


The basic radar equation relates the range of a radar system to the 
characteristics of the transmitter, receiver, antenna, and the target. The radar 
equation provides a means not only to figure out the maximum range of a 
particular radar system, but it can be used to understand the factors that affect 
radar operation. In this section, the simple forms of the radar equation are 
developed, starting with the power density of the transmitting antenna to the 
power received by the receiving antenna. 


a. Power density is the power of a radio wave per unit of area normal to the 
direction of propagation. The power density generated by a practical antenna can 
be expressed in Equation 5-7. 


in = transmitted power 
CME lal<clalat-mer-lia) 


r =radius of the antenna 





Equation 5-7. Power Density From an Antenna 


b. As the radar beam propagates through space, it arrives at a target at some 
range (R) from the antenna. As the radar beam travels through space, the 
wavefront of the beam expands to a very large cross-sectional area, especially in 
relation to the target dimensions. The power density of the radar beam, across 
this wide area, at the target, is detailed in Equation 5-8. 
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rae P_ = transmitted power 
ul G = antenna gain 


Power Density at Target = 


A4mR? 
R =range to the target 





Equation 5-8. Power Density at the Target 


c. Since the cross-sectional area of the radar beam is so large, only a small 
portion of the total power in the beam can be reflected toward the antenna. The 
rest of the radar energy continues through space and is dissipated, absorbed, or 
reflected by other targets. The small portion of the radar beam that hits the target 
is reradiated in various directions. The measure of the amount of incident power 
intercepted by the target and reradiated back in the direction of the antenna 
depends on the radar cross section (RCS) of the target. Equation 5-9 details the 
power density of the target echo signal reflected back to the radar antenna. 


P. = transmitted power 


P.xG o G = antenna gain 


Power Density at Antenna = XR 5 =RCS 


AmR? 


R =range to the target 





Equation 5-9. Power Density at the Antenna 


d. As the target echo reaches the antenna, part of the echo is captured by the 
antenna based on the effective aperture (A.). Equation 5-10 details the actual 
signal power received by the radar system. This is one form of the basic radar 
equation and is the signal strength of a radar return from a specific target at 
range (R) from the radar. 
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Equation 5-10. Signal Power Density 


e. A detailed analysis of this equation is not required to draw some basic 
conclusions about the factors affecting the detection of an aircraft. If any factor in 
the numerator, such as transmitted power, is increased by a factor of three, the 
signal received by the radar will increase by only 30 percent. This clearly shows 
why radar system operation is characterized by the transmission of megawatts of 
power and the reception of microwatts of returning power. In addition, this 
equation shows that the most critical factor in determining radar detection is 
target range. 


f. The maximum radar range (Rmax) occurs when the signal power density 
received just equals the minimum detectable signal (Smin) for the receiver. Solving 
Equation 5-11 for range, and substituting Smin, yields the basic radar equation for 
Rmax for a specific target. This is another form of the basic radar equation. 
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Equation 5-11. Basic Radar Equation 
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g. It is important to note that the basic radar equations do not consider such 
factors as meteorological conditions, changes in aircraft RCS, the impact of 
clutter on gain, or operator abilities. The radar equation does explain why a radar 
system designed for long-range detection should transmit a very high power 
signal, concentrated into a narrow beam, collected by a large antenna, and 
processed by a very sensitive receiver. 


8. SUMMARY 


This chapter has discussed the methods employed by radar systems to 
determine target range, azimuth, elevation, and velocity. The relationship between 
pulse width and range resolution, beamwidth and azimuth/elevation resolution, 
and PRF and velocity resolution have been explained. In addition, an explanation 
of the complex radar equation has been presented. The capabilities and 
limitations of a specific radar system to determine these critical target parameters 
is the key to understanding the countermeasures designed to defeat this system. 
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CHAPTER 6. ANTENNA CHARACTERISTICS AND SCANS 


1. INTRODUCTION 


The function of the antenna during transmission is to concentrate the radar 
energy from the transmitter into a shaped beam that points in the desired 
direction. During reception, or listening time, the function of the antenna is to 
collect the returning radar energy, contained in the echo signals, and deliver 
these signals to the receiver. Radar antennas are characterized by directive 
beams that are usually scanned in a recognizable pattern. The primary antenna 
types in use today fall into three categories: parabolic, Cassegrain, or phased 
array antennas. Additionally, the method radar antennas employ to sample the 
environment is a critical design feature of the radar system. The scan type 
selected for a particular radar system often decides the employment of that radar 
in an integrated air defense system (IADS). The process the radar antenna uses to 
search airspace for targets is called scanning or sweeping. This chapter 
discusses circular, unidirectional, bidirectional, helical, raster, Palmer, and 
conical scans, and track-while-scan (TWS) radar systems. 


2. PARABOLIC ANTENNA 


One of the most widely used radar antennas is the parabolic reflector (Figure 6-1). 
The parabola-shaped antenna is illuminated by a source of radar energy, from the 





Figure 6-1. Parabolic Antenna 
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transmitter, called the feed. The feed is placed at the focus of the parabola, and 
the radar energy is directed at the reflector surface. Because a point source of 
energy, located at the focus, is converted into a wavefront of uniform phase, the 
parabola is well suited for radar antenna applications. By changing the size and 
shape of the parabolic reflecting surface, a variety of radar beam shapes can be 
transmitted. 


a. The antenna depicted in Figure 6-1 generates a nearly symmetrical pencil 
beam that can be used for target tracking. 


b. Elongating the horizontal dimensions of the parabolic antenna creates a 
radar antenna called the parabolic cylinder antenna (Figure 6-2). The pattern of 
this antenna is a vertical fan-shaped beam. Combining this antenna pattern with a 
circular scan technique creates a radar system well suited for long-range search 
and target acquisition. 
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Figure 6-2. Parabolic Cylinder Antenna 


c. Elongating the vertical dimensions of the parabola creates a radar antenna 
that generates a horizontal fan-shaped beam with a small vertical dimension 
(Figure 6-3). This type of antenna is generally used in height-finding radar 
systems. 
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Figure 6-3. Height-Finder Parabolic Antenna 


d. Another variation of the basic parabolic antenna includes using an array of 
multiple feeds instead of a single feed (Figure 6-4). This type of parabolic antenna 
can produce multiple radar beams, either symmetrical or asymmetrical, 
depending on the angle and spacing of the individual feeds. 





Figure 6-4. Multiple-Feed Parabolic Antenna 


3. CASSEGRAIN ANTENNA 


A Cassegrain antenna uses a two-reflector system to generate and focus a radar 
beam (Figure 6-5). The primary reflector uses a parabolic contour, and the 
secondary reflector, or subreflector, has a hyperbolic contour. The antenna feed 
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is located at one of the two foci of the hyperbola. Radar energy from the 
transmitter is reflected from the subreflector to the primary reflector to focus the 
radar beam. Radar energy returning from a target is collected by the primary 
reflector and reflected as a convergent beam to the subreflector. The radar 
energy is rereflected by the subreflector, converging at the position of the 
antenna feed. The larger the subreflector, the closer it can be to the primary 
reflector. This reduces the axial dimensions of the radar but increases aperture 
blockage due to the subreflector. A small subreflector reduces aperture blockage, 
but it must be positioned at a greater distance from the primary reflector. 
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Figure 6-5. Cassegrain Antenna 


a. To reduce the aperture blockage by the subreflector and to provide a 
method to rapidly scan the radar beam, the flat plate Cassegrain antenna was 
developed. This type of Cassegrain antenna is depicted in Figure 6-6. 
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Figure 6-6. Flat Plate Cassegrain Antenna 
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The fixed parabolic reflector is made up of parallel wires spaced less than a half 
wavelength apart and supported by a low-loss dielectric material. This makes the 
fixed parabolic reflector polarization sensitive. It will completely reflect one type 
of linear polarization and be transparent to the orthogonal polarization. The fixed 
antenna feed, in the middle of the moveable mirror, transmits a radar signal 
polarized to be reflected by the parabolic reflector. The moveable mirror is 
constructed as a twist reflector that changes the polarization of the radar signal 
by 90°. The signal from the feed is reflected by the parabolic reflector to the 
mirror, which rotates the polarization 90°. This rotation makes the transmitted 
signal transparent to the parabolic reflector, and the signal passes through with 
minimal attenuation. The radar beam can be scanned over a wide area by rotating 
the moveable mirror. A deflection of the mirror by the angle 6 results in the beam 
scanning through an angle of 20. 


b. The geometry of the Cassegrain antenna is especially well suited for 
monopulse tracking radar applications. Unlike the parabolic antenna, the complex 
feed assembly required for a monopulse radar can be placed behind the reflector 
to avoid aperture blocking. 


4. PHASED ARRAY ANTENNA 


The phased array radar is a product of the application of computer and digital 
technologies to the field of radar design. A phased array antenna is a complex 
arrangement of many individual transmitting and receiving elements in a 
particular pattern. A phased array antenna can, in effect, radiate more than one 
beam from the antenna by using a computer to rapidly and independently control 
groups of these individual elements. Multiple beams and computer processing of 
radar returns give the phased array radar the ability to track-while-scanning and 
engage multiple targets simultaneously. Figure 6-7 is a view of the phased array 
radar antenna. 











Figure 6-7. Phased Array Antenna 
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a. A phased array radar uses the principle of radar phase to control the 
individual transmitting and receiving elements. When two transmitted frequencies 
are in-phase, their amplitudes add together, and the radiated energy is doubled. 
When two transmitted frequencies are out-of-phase, they cancel each other. 
Phased array radars use this principle to control the shape of the transmitted 
radar beam (Figure 6-8). 
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Figure 6-8. Phase Relationships 


b. Phase relationships and antenna element spacing determine the 
orientation of the transmitted beam. In Figure 6-9, antenna elements A and B are 
separated by one-half wavelength and are radiating in-phase, that is, when one is 
at the positive peak, the other is also at a positive peak. Since the elements are 
one-half wavelength apart, when the positive peak radiated by A reaches B, B will 
be radiating a negative peak. As the peaks propagate along the X axis, they will 
cancel each other out. The total radiated power along that axis will be zero. Along 
the Y axis, however, the positive peaks from A will add to the positive peaks from 
B, causing the total radiation along this axis to be at its maximum value. This type 
of array is called a “broadside array” because most of the radiation is in the 
direction that is broadside to the line of the antenna array. 
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Figure 6-9. Broadside Array 


c. If the same antenna elements are fed out-of-phase, the principal direction 
of radiation will be along the axis of the antenna elements. In Figure 6-10, when 
the positive peak from A arrives at B, B is now positive also. These energies 
interact to strengthen the energy being radiated from the ends of the array. 
Meanwhile, when the positive peak from A, radiating along the Y axis, meets the 
negative peak from B, they are canceled. This type of array is called an “end-fire 
array.” 
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Figure 6-10. End-Fire Array 
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d. The computer controlling the phase of the signal delivered to each 
transmitting and receiving element of a phased array antenna controls the 
direction and shape of the radiated beam (Figure 6-11). By shifting the phase of 
the signals between 0° and 180°, the beam sweeps. This is the basic means of 
producing an antenna scan. In addition, the amplitude, or power, of the signal 
applied to each element can be varied to control the sidelobes. This alters the 
shape of the beam which affects the range capability and angular resolution of 
the radar. 
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Figure 6-11. Phased Array Antenna Scan 


e. Figure 6-12 depicts a variation of the phased array antenna, known as a 
planar array antenna. A planar array antenna uses transmit and receive elements 
in a linear array, but, unlike the phased array radar, the elements are smaller and 
are placed on a movable flat plate. The ability to simultaneously track several 
targets is one advantage of this type of radar. 
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Figure 6-12. Planar Array Antenna 


5. ANTENNA GAIN 


The most important characteristic of any type of antenna is antenna gain. 
Antenna gain is a measure of the ability of an antenna to concentrate energy in 
the desired direction. Antenna gain should not be confused with receiver gain, 
which is designed to control the sensitivity of the receiver section of a radar 
system. There are two types of antenna gain: directive and power. 


a. The directive gain of a transmitting antenna is the measure of signal 
intensity radiated in a particular direction. Directive gain is dependent on the 
shape of the radiation pattern of a specific radar antenna. The directive gain does 
not take into account the dissipative losses of the antenna. Directive gain is 
computed using Equation 6-1. 


; : f Maximum Radiation Intensity (Desired Direction) 
Gp (Directive Gain) = 


Average Radiation Intensity 





Equation 6-1. Directive Gain 
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b. The power gain does include the antenna dissipative losses and is 
computed using Equation 6-2. 


Maximum Radiation Intensity (Practical Antenna) 


G (Power Gain) = 
iSt-lole-LalolaM (aic-tat-yiavme)m-leM tie) tge)e) (em Val cater! 





Equation 6-2. Power Gain 


c. The term isotropic antenna describes a theoretical spherical antenna that 
radiates with equal intensity in all directions. This results in a spherical radiation 
pattern. The power density for any point on an isotropic antenna is the radiation 
intensity and can be calculated by dividing the total power transmitted (P71) by the 
total surface area of the sphere, as shown in Equation 6-3. 


P, (Watts) 


Power Density (Isotropic Antenna) = —————— 
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Equation 6-3. Power Density for an Isotropic Antenna 


d. The radiation pattern of an isotropic, or spherical, antenna would provide 
neither azimuth or elevation resolution and would be unusable for radar 
applications. To provide azimuth and elevation resolution, a practical antenna 
must focus the radar energy. The power density of a practical antenna differs 
from the isotropic antenna only in terms of antenna gain (G). Solving Equation 6-3 
for the power density of a practical antenna yields Equation 6-4. 


P.G 
Power Density (Practical Antenna) = ee 
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Equation 6-4. Power Density for a Practical Antenna 
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e. The actual power gain (G) of a practical antenna can be calculated by using 
Equation 6-5. 


G= a Ac = effective area of aperture 
A wavelength of the radar 


NOTE: The effective area of aperture (A,) is the effective 
antenna area presented to the returning radar echo. 





Equation 6-5. Power Gain of a Practical Antenna 


6. POWER DENSITY 


The power density and gain of an antenna are a function of the antenna pattern of 
a radar system. Figures 6-13 and 6-14 illustrate the antenna pattern of a typical 
parabolic antenna. Most of the power density of the radar is concentrated in the 
main beam. However, since the radar is not a perfect reflector, some radar energy 
is transmitted in the sidelobes. In addition, there is spillover radiation due to the 
energy radiated by the feed that is not intercepted by the reflector. Finally, the 
radar has a back lobe caused by diffraction effects of the reflector and direct 
signal leakage. Sidelobes and backlobes are all undesirable radiations that 
adversely affect the maximum radar range and increases the vulnerability of the 
radar to certain jamming techniques. 
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Figure 6-13. Radiation Pattern for a Parabolic Antenna 
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Sidelobes 
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Figure 6-14. Radar Antenna Pattern 


a. All radars have a primary main beam, which is where the radar has the 
most power and where target detection usually occurs. The dimensions of this 
main beam are highly dependent on the design of the antenna. 


b. Besides the main beam, all radars have what is called a backlobe. This lobe 
is directly opposite to the location of the main beam. The sensitivity and signal 
strength associated with the backlobe is significantly less than that in the main 
beam. 


c. Sidelobes add another dimension to the radar pattern. As with the 
backlobe, sidelobes do not have the signal strength or sensitivity associated with 
the main beam. Normally, the sensitivity associated with the sidelobes is 40-50 
decibels (dBs) less than the main beam. The radar signal weakness in the 
backlobe and sidelobes of the main beam make these areas of the radar signal 
vulnerable to jamming. It is much easier to introduce jamming into these areas 
because of the reduced jamming-to-signal ratio needed to be effective. It is 
difficult for jamming to be effective in the main beam because the radar signal is 
very powerful in that region. 


7. CIRCULAR SCAN 


A circular scanning radar uses an antenna system that continuously scans 360° 
in azimuth (Figure 6-15). The time required for the antenna to sweep one complete 
360° cycle is called the scan rate. Scan duration is the number of “hits per scan,” 
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or the number of pulses, reflected by a target as the radar beam crosses it during 
one full scan. Most pulse radars require 15 to 20 hits per scan to obtain sufficient 
information to display a target. The factors that determine the number of hits per 
scan the radar receives include pulse repetition frequency (PRF), antenna 
beamwidth, and scan duration. 





Figure 6-15. Circular Scan Radar 


a. Circular scan radars provide accurate target range and azimuth 
information. This makes these radars ideal for the roles of early warning and 
initial target acquisition. To accomplish these missions, the antenna generates a 
fan beam that has a large vertical beamwidth and a small horizontal beamwidth. 
Since elevation information will normally be provided by height finder radars, the 
size of the vertical beamwidth is not a limitation. This antenna scan allows the 
radar to scan large volumes of airspace for early target detection. Since early 
detection is the primary goal of early warning radars, accurate altitude and 
azimuth resolution are secondary considerations. 


b. Circular scan radars designed for early warning transmit a radar signal with 
a low PRF. A low PREF allows sufficient time for the radar pulse to travel long 
distances, and return, before another pulse is transmitted. This gives the radar 
system a long, unambiguous range capability. Circular scan radars with low PRFs 
generally use long pulse widths in order to increase their average power and 
long-range detection capability. The scan durations of early warning radars are 
relatively long to provide the required “hits per scan” for long-range target 
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detection. The plan position indicator (PPI) scope display is normally used with a 
circular scan radar (Figure 6-16). 











Figure 6-16. PPI Scope Display 


c. In order to provide coverage for a large volume of airspace, the beamwidth 
associated with a circular scan radar is relatively wide. This wide beamwidth, 
coupled with the long pulse width and low PRF, gives the circular scan radar a 
large resolution cell, especially at long ranges (Figure 6-17). This limitation can be 
exploited to mask force size and composition. However, as range decreases, the 
dimensions of the resolution cell decrease, and a circular scan radar will begin to 
break out target formations. 
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Figure 6-17. Resolution Cell 
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d. Circular scan radars provide range and azimuth information for both early 
warning and acquisition roles. Modified circular scan radars that can also provide 
elevation information may be used for ground control intercept (GCI) roles. Two 
modified circular scan radars that determine range, azimuth, and elevation are the 
V-beam and the stacked beam. 


(1) The V-beam radar transmits two fan-shaped beams that are swept 
together (Figure 6-18). A vertical beam provides range and azimuth information. A 
second beam, rotated at some convenient angle, provides a measure of the 
altitude of the target. 





Figure 6-18. V-Beam Radar 


(2) A stacked beam radar (Figure 6-19) employs a vertical stack of fixed 
elevation “pencil” beams which rotate 360°. Elevation information is obtained by 
noting which beam contains the target return. Range and azimuth information is 
determined in the same manner as in an early warning radar. 





Figure 6-19. Stacked Beam Radar 
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8. LINEAR SCAN 


Linear scan is a method used by some radar systems to sweep a narrow radar 
beam in a set pattern to cover a large volume of airspace. Linear scans can be 
oriented in a vertical direction for height finder radars or in a horizontal direction, 
or raster, for acquisition and target tracking radars. A unidirectional linear radar 
scans in a single direction then begins its sweep all over again (Figure 6-20). 
Generally, linear scans offer excellent single-axis coverage, and the narrow beam 
offers enhanced azimuth and elevation resolution. 





Figure 6-20. Unidirectional Linear Scan 


9. UNIDIRECTIONAL SCAN 


A helical scan is a unidirectional scan pattern that allows a “pencil” beam to 
search a 360° pattern. In Figure 6-21, the antenna sweeps a 360° sector in a 
clockwise direction. After each complete revolution, the antenna elevation is 
increased. This scan pattern is repeated for a specified number of revolutions, in 
this case, three, 360° sweeps. At the end of the scan pattern, the antenna 
elevation is reset to the initial elevation and the scan is repeated. A helical scan 
pattern is commonly used as a target acquisition mode for radar systems with 
narrow vertical and horizontal beamwidths. 
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Figure 6-21. Helical Scan 


10. BIDIRECTIONAL SCAN 


A bidirectional linear scan, such as a raster scan, sweeps both horizontally and 
vertically (Figure 6-22). A raster scan uses a thin beam to cover a rectangular area 
by horizontally sweeping the area. The angle of elevation is incrementally 
stepped up or down with each horizontal sweep of the desired sector. After the 
sector has been covered, the angle of elevation is reset to the original value and 
the process is repeated. The number of raster bars is set by the number of 
horizontal sweeps in the basic raster pattern. Figure 6-22 shows a four-bar raster 
scan, which is normally associated with an airborne interceptor (Al) radar. 











Figure 6-22. Raster Scan 
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11. CONICAL SCAN 


A conical scan, or conscan, radar is generally used for precision target tracking. 
A conical scan radar (Figure 6-23) employs a pencil beam of radar energy that is 
continuously rotated around the target. This circular rotation of a pencil beam 
generates a cone-shaped scan pattern with the apex of the cone located at the 
antenna. Thus, the name conical scan. 









































Figure 6-23. Conical Scan 


a. As the pencil beam rotates, the circular scan patterns overlap in the center. 
This creates a central tracking area that has a much smaller effective beamwidth 
than the rotating pencil beam (Figure 6-24). This results in a very precise tracking 
solution. 
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Figure 6-24. Conical Scan Tracking Area 
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b. Since conical scan radars are designed for precision target tracking, these 
radars normally operate at high frequencies, high PRF, narrow pulse widths, and 
narrow beamwidths. The rotation rate of the pencil beam can exceed 1,800 
revolutions per minute. This means that both azimuth and elevation data can be 
updated about 30 times per second. 


c. The combination of conical scan and raster scan is called a Palmer-raster 
scan (Figure 6-25). A Palmer-raster scan uses a thin beam, employing a conical 
scan searching pattern, for a specific sector of airspace. With each sweep of the 
sector, the angle of elevation is incrementally stepped up or down. After the 
vertical sector has been covered, the angle of elevation is set at the original 
elevation and the process is repeated. The number of bars is determined by the 
number of vertical search scans. 





Figure 6-25. Palmer-Raster Scan 


d. The combination of a conical scan and a circular scan is called a Palmer 
scan. Palmer scans incorporate a circular scanning antenna to search the entire 
horizon while simultaneously performing a conical scan. If the radar antenna is 
also performing a unidirectional altitude search in conjunction with this scan, it is 
employing a Palmer-helical scan (Figure 6-26). 
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Figure 6-26. Palmer-Helical Scan 


12. TRACK-WHILE-SCAN 


A track-while-scan (TWS) system uses a technique that allows a radar to track 
one or more targets while scanning for others. Radar systems with a TWS 
capability must be able to generate two or more distinct radar beams. 


a. A conventional TWS radar employs two antennas that work with each other 
to perform the scan function (Figure 6-27). Each antenna produces a separate 
unidirectional beam. Each beam is transmitted at a different frequency. The 
vertical antenna generates a beam employing a vertical sector scan similar to a 
height finder radar except the beamwidth is narrower and it scans at a higher 
rate. The horizontal antenna generates an identical beam employing a horizontal 
sector scan at a different frequency. The track function is accomplished in the 
area where the two beams pass through each other. A target that is within this 
center area is tracked, and positional information on range, elevation, and 
azimuth is updated each time the beams sweep through the area. 
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Figure 6-27. Conventional TWS Radar 


b. The phased array radar is a product of the application of computer and 
digital technologies to the field of radar design. A phased array is a complex 
arrangement of many individual transmitting and receiving elements in a 
particular pattern (Figure 6-28). Common arrays include linear, planar, curved, 
and conformal, with linear being the most common. By using a computer to 
rapidly and independently control groups of these individual elements, a phased 
array antenna can, in effect, radiate more than one beam from the antenna. 
Multiple beams and computer processing of radar returns give the phased array 
radar the ability to perform the TWS function. The most common employment of 
the TWS capability of the phased array radar is in the air-to-air arena. 





Figure 6-28. Phased Array Antenna 
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(1) The number of individual transmitting and receiving elements is limited 
by the size of the radar antenna. The number of targets a phased array radar can 
track is limited by the number of independent beams the antenna can generate. 
Many phased array radars, especially air-to-air radars, do not track and scan 
simultaneously, but rapidly switch between the two modes to overcome this 
limitation (Figure 6-29). 








Figure 6-29. Phased Array TWS 


(2) Modern TWS radars employ computer signal processing and complex 
computer algorithms to simplify the problem of target correlation (Figure 6-30). 
An air-to-air radar typically uses a raster scan to search a volume of airspace. In 
the search mode, the radar simply presents all targets detected in this airspace to 
the pilot on his radar display. In the TWS mode, the radar employs computer 
processing to figure out target correlation and update target information. This is 
done automatically, and the results are presented on the display. 


6-22 


Electronic Warfare Fundamentals Chapter 6. Antenna Characteristics and Scans 


6 Bar, +30° Scan Pattern 





Figure 6-30. Phased Array TWS Radar Display 


13. IMPACT OF TERRAIN ON RADAR SCANS 


No matter what type of scan a radar system employs, terrain can limit radar line 
of sight (LOS) and target detection. The concepts of radar horizon, direct terrain 
masking, and indirect terrain masking are important factors in radar target 
detection and mission planning. 


a. RF waves traveling in the atmosphere are bent, or refracted, and do not 
travel in a straight line. However, the degree of refraction depends on 
atmospheric conditions which vary significantly and are difficult to accurately 
quantify and predict. For these reasons, most radar computations are based on 
the assumption that RF waves travel in a straight line. The concept of the radar 
horizon is based on this assumption. 


(1) The radar horizon shown in Figure 6-31 is the maximum range a radar 
system can detect a target due to the curvature of the earth. The distance (d) to 
the horizon for a radar antenna at a height (h) can be computed using Equation 
6-6. 


Curvature of the Earth 





Figure 6-31. The Radar Horizon 
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Distance to Horizon (d) = V2kah 


k = constant (4/3) 


a = radius of earth 
h = height of radar antenna 








Equation 6-6. Basic Radar Horizon Equation 


(2) In Equation 6-6, the constant, k, is commonly used to compensate for 
the assumption of straight line propagation of RF waves. Using the assumption 
that the height of the radar antenna is small compared to the radius of the earth, 
distance is measured in nautical miles (nm), and height is measured in feet, then 
Equation 6-6 reduces to Equation 6-7. 


Distance to Horizon (d) = 1.06 Vh 





Equation 6-7. Simplified Radar Horizon Equation 


(3) Another application of Equation 6-7 is in calculating the range at which 
a radar antenna will achieve LOS with a low-altitude target. To compute this 
distance (D), Equation 6-8 can be used. 


Target Detection Distance (D) = 1.06 (Vh + ytarget altitude) 





Equation 6-8. Target LOS Distance 
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(4) To illustrate the use of Equations 6-7 and 6-8, consider the example of a 
radar antenna located at a height of 25 feet and a target aircraft flying at an 
altitude of 100 feet. From Equation 6-7, the radar horizon for this system would be 
5.3 nm. From Equation 6-8, the radar antenna will have LOS with the target 
aircraft at 16 nm. 


b. The previous discussions of the radar horizon assumes the radar is 
operating over water or level terrain. Radar operations over rough terrain can 
present other radar LOS limitations. As illustrated in Figure 6-32, prominent 
terrain features can limit radar detection. In this illustration, a mountain acts as a 
radar horizon and limits target LOS in one sector of the radar scan. This situation 
is called direct terrain masking. Placing prominent terrain features between the 
aircraft and threat radar systems effectively negates these systems and is an 
integral part of threat avoidance during combat mission planning. 


Radar Beam 





Figure 6-32. Direct Terrain Masking 


c. Figure 6-33 depicts another impact of terrain on target detection/indirect 
terrain masking. When both the aircraft and a prominent terrain feature are 
illuminated by a radar beam, a pulse radar system may not be able to differentiate 
the target return from the return generated by the terrain. Indirect terrain masking 
is most effective when the aircraft is flying abeam the radar site. Pulse Doppler 
radars and radar systems employing moving target indicator (MTI) circuits may 
be able to negate the effectiveness of indirect terrain masking. However, indirect 
terrain masking is another important consideration for threat avoidance during 
combat mission planning. 
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Figure 6-33. Indirect Terrain Masking 


14. SUMMARY 


This chapter has introduced basic antenna characteristics and how these 
characteristics influence their employment. The concepts of antenna gain and 
power density were also explained. The remainder of the chapter discussed the 
different types of radar scans. A radar's scan pattern is designed to enhance 
target detection and facilitate target tracking. The radar horizon, direct terrain 
masking, and indirect terrain masking are LOS limitations to all radar scans. The 
scan pattern chosen for a specific radar system determines the ability of that 
radar to provide accurate range, azimuth, elevation, or velocity of the detected 
target. 
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CHAPTER 7. TARGET TRACKING 


1. INTRODUCTION 


A target tracking radar (TTR) is designed to provide all the necessary information 
to guide a missile or aim a gun to destroy an aircraft. Once a target has been 
detected, either by a dedicated search radar or by using an acquisition mode, the 
TTR is designed to provide accurate target range, azimuth, elevation, or velocity 
information to a fire control computer. 


a. A typical TTR has individual tracking loops to track a target in range, 
azimuth, elevation, or velocity. The antenna of the TTR is pointed at a single 
target, and the radar initiates acquisition and target track. TTRs normally employ 
automatic trackers to continuously measure target data. The range tracking loop 
employs an early gate/late gate range tracker to maintain automatic range 
tracking. The azimuth and elevation tracking loops generate error signals to 
position the antenna and maintain constant target illumination. The velocity 
tracking loop found on pulse Doppler and CW radars is used to reject clutter and 
generate accurate target radial velocity information. All this critical information is 
passed to a fire control computer for weapons employment. 


b. The fire control computer is programmed with critical information on the 
capability of the weapon to be employed. For a missile, the fire control computer 
is programmed with the aerodynamic and range capabilities of the missile. For 
antiaircraft artillery (AAA), the fire control computer is programmed with the 
ballistics for the gun, rate of fire, and tracking rate. The fire control computer 
uses the precise target information from the TTR and the programmed weapon's 
parameters to compute a firing solution. Once a firing solution has been 
computed, the fire control computer either fires the weapon automatically or 
alerts the operator, who fires the weapon. For missile employment, the fire 
control computer may continue to provide missile guidance and _ fusing 
commands until missile impact or initiation of an active missile guidance mode. 
For AAA engagement, the fire control computer computes the required lead 
angle, aims the guns, and initiates firing. 


c. To provide the required azimuth and elevation resolution, most TTRs use a 
high frequency to provide narrow antenna beamwidths for accurate target 
tracking. High frequency operation also allows the radar to transmit wide 
bandwidths. To provide the required range resolution, most TTRs employ narrow 
pulse widths and high pulse repetition frequencies (PRFs) to rapidly update 
target information. In this chapter, the target tracking techniques of conical scan, 
track-while-scan, lobe-on-receive-only, monopulse, Doppler radars, and pulse 
Doppler radars will be discussed. 
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2. RANGE TRACKING 


In most TTR applications, the target is continuously tracked in range, azimuth, 
and elevation. Range tracking can be accomplished by an operator who watches 
an “A” scope presentation and manually positions a handwheel to maintain a 
marker over the desired target return. The setting of the handwheel is a measure 
of target range and is converted to a voltage used by the fire control computer. 
As target speeds and maneuvers increase, the operator may have extreme 
difficulty maintaining manual target range tracking. To avoid this situation, most 
TTRs employ an automatic range tracking loop. All pulse TTRs, which includes 
conical scan, track-while-scan, monopulse, and pulse Doppler radars, employ 
either a split gate or leading-edge automatic range tracking system. In a TTR, 
automatic range tracking serves two essential functions: (1) it provides the 
critical value of target range, and (2) it provides a target acceptance range gate 
that excludes clutter and interference from other returns. Since radar range is 
normally the first target discriminator used to initiate automatic target tracking, 
the second function is essential to the proper operation of the other tracking 
loops. 


a. A range gate circuit is simply an electronic switch that is turned on for a 
period of time after a pulse has been transmitted. The time delay for switch 
activation corresponds to a specific range. Any target return that appears inside 
this range gate is automatically tracked. The most common type of automatic 
range tracking is accomplished by a split-gate tracker. Two range gates are 
generated as shown in Figure 7-1. The automatic range tracking loop attempts to 
keep the amount of energy from the target return in the early gate and late gate 
equal. The range tracking error is computed by subtracting the output of the late 
gate from the output of the early gate. The amount of the range tracking error 
signal is the difference between the center of the pulse and the center of the 
range gate. The sign of the error signal determines the direction in which the 
gates must be repositioned to continue to track the target. 
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Figure 7-1. Split-Gate Range Tracker 
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b. Leading-edge range tracking is an electronic protection (EP) technique 
used to defeat range-gate-pull-off (RGPO) jamming. Figure 7-2 illustrates the 
application of leading-edge tracking. The leading-edge tracker obtains all range 
data from the leading edge of the target return. All RGPO cover pulse jamming 
tends to lag the target return by some increment of time (see (a) in Figure 7-2). By 
differentiating the entire return with respect to time, the target return can be 
separated from the jamming pulse (see (b) in Figure 7-2). Employing a split-gate 
tracker electronically positioned at the initial pan, or leading edge, of the 
returning pulse, the range tracking loop can track the target return and ignore any 
jamming signals. The range tracking loop then uses split-gate tracking logic to 
determine the magnitude and direction of range tracking errors and reposition the 
range gate. 


Jammer 
Delay RGPO Cover Pulse Jamming 


Target Return 


(a) Target Signal Plus Jammer Waveform 


Target RGPO Cover Pulse Jamming 
Return Derivative Waveform 


Early Late 
Range Gate > | a Range Gate 


(b) Split Gate Tracking Derivative Pulse 





Figure 7-2. Leading-Edge Range Tracker 


c. The width of the tracking gate is an important radar design consideration. 
The range gate should be sufficiently narrow to effectively isolate the target from 
other returns at different ranges. It should be wide enough to allow sufficient 
energy from the target echo to be displayed. The width of the range tracking gate 
is normally equal to the pulse width of the radar. 
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d. Nearly all range tracking gates employ some form of automatic gain control 
(AGC). AGC is designed to limit target clutter and glint. It is also designed to 
avoid excessive false alarms. 


3. CONICAL SCAN 


A conical scan tracking system is a special form of sequential lobing. Sequential 
lobing implies that the radar antenna beam is sequentially moved between beam 
positions around the target to develop angle-error data. For a conical scan radar 
to generate azimuth and elevation tracking data, the beam must be switched 
between at least four beam positions as shown in Figure 7-3. 


Beam is “Locked On" 
Target in This Area 


Actual Beam Width 





Figure 7-3. Conical Scan Positions 


a. One of the simplest conical scan antennas is a parabola with an offset rear 
feed that rotates, or nutates, to maintain the plane of signal polarization. The 
radar beam is rotated at a fixed frequency around the target. The angle between 
the axis of rotation (normally the axis of the antenna) and the axis of the antenna 
beam is called the squint angle. 


b. A conical scan radar first tracks the target aircraft in range. For azimuth 
and elevation tracking, the target return is modulated at a frequency equal to the 
rotation frequency of the radar beam. This results in a target signal output that 
resembles a sine wave (Figure 7-4). The azimuth and elevation tracking loops 
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drive servo motors to position the antenna to keep the energy level in each of the 
four positions equal. The amount of the modulated signal determines how far the 
target is off the antenna boresight while the phase of the modulation (positive or 
negative) determines the direction. 


+]Position’ Position 3 





Figure 7-4. Conical Scan Modulation 


c. In Figure 7-5, most of the target energy is in position 1, with a small amount 
of energy in position 4. The output from the elevation tracking loop is positive 
and drives the antenna servos upward. The output from the azimuth tracking loop 
moves the antenna to the right. 


JA 1 Position 3 


Figure 7-5. Conical Scan Tracking Errors 
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d. Once a balance of target energy in each scan position is achieved, the 
target is in the central tracking area (Figure 7-6). The azimuth and elevation 
tracking circuits continue to drive the antenna servos to maintain this energy 
balance which keeps the radar beam on the target. 


+]Position1 Position 3 


Position 2 Position 4 





Figure 7-6. Conical Scan Tracking 


e. The primary advantage of a conical scan radar is the small beamwidth 
which provides extremely accurate target tracking information. The primary 
disadvantages of conical scan include the following: (1) the narrow beamwidth 
makes target acquisition a problem. Even using a Palmer-helical scan, it may take 
considerable time to find and initiate track on a target; (2) conical scan radars are 
vulnerable to inverse gain modulation jamming based on the scanning frequency 
of the rotating beam; (3) a conical scan radar must analyze many radar return 
pulses to generate a tracking solution. 


4. TRACK-WHILE-SCAN (TWS) 


TWS is a combined search and tracking mode that sacrifices the continuous 
target observation capability of the dedicated tracker in return for the ability to 
monitor a finite sector of airspace. This is accomplished while maintaining tracks 
on multiple targets moving through the covered airspace. There are two types of 
radar systems capable of TWS operation: conventional and phased array. 


a. Conventional track-while-scan threat radars use two separate antennas to 
generate two separate beams (Figure 7-7). These beams operate at two different 
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frequencies and are sectored so they overlap the same region of space. This 
overlap area provides a tracking area for a single target. One beam is sectored in 
the vertical plane to give range and elevation. The other beam is sectored in the 
horizontal plane to provide range and azimuth. Each beam scans its sector at a 
rate of 5 to 50 times per second. This provides a rapid update on target range, 
azimuth, and elevation. 


80% of Scan Areas Overlap 
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Azimuth Beam 





Figure 7-7. Conventional TWS Radar Beams 


(1) The two TWS antennas generate their beams using an electro- 
mechanical principle. Each antenna provides inputs to its own display and 
provides angle and range information for all targets in the coverage of the radar. 
The display from the elevation beam is calibrated in range and elevation, while 
the display from the azimuth beam is calibrated in azimuth and range. Operators 
position a cursor over the returns on these displays using range as the primary 
parameter. Once a target has been designated for engagement, the radar 
automatically attempts to keep the tracking axis of the radar beams centered on 
the target. 


(2) Once the target is designated by the operator, the range gate is enabled 
and tracks the target using a split-gate tracker. The azimuth and elevation 
tracking loops receive information only from targets inside the range gate. As the 
beams scan across the target, a burst of pulse returns is received that have an 
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amplitude envelope corresponding to the beam pattern. The azimuth beam 
pattern is shown in Figure 7-8. 
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Figure 7-8. Conventional TWS Azimuth Tracking 


(a) The azimuth tracker is typically a split-gate tracker, identical in 
concept to a split-gate range tracker. However, range delay time is replaced by 
azimuth scan time. The azimuth tracker uses a left gate and right gate. Each gate 
integrates its share of the target return to generate a voltage/time value. When the 
azimuth gate is centered on the target, the areas are equal and the error signal 
(right gate minus left gate) is zero. The azimuth tracking loop sends signals to the 
antenna servos to keep the target centered in the scan area. 


(b) Elevation tracking is accomplished in the same manner by using an 
up gate and a down gate. The elevation tracking loop also sends signals to the 
antenna servos to keep the target centered in the scan area. 


(3) Once the target is designated and the radar is automatically keeping 
the radar return centered in the tracking area, target range, azimuth, and elevation 
information is sent to a fire control computer. The radar continues to provide 
information on other targets in the scan area. The fire control computer indicates 
the firing solution has been achieved for the designated target, and a missile is 
launched. The radar tracks the target and the missile and provides in-flight 
corrections to the missile right up to the moment of missile impact. These 
corrections are based on both target and missile azimuth, range, and elevation 
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information. Information is passed to the missile from a dedicated antenna on the 
radar to special antennas on the missile. Commands from the radar to the missile 
are called uplink guidance commands. Information from the missile back to the 
radar and fire control computer is called downlink information. 


(4) The advantages of a conventional TWS radar include the following: (1) 
TWS radars have the ability to maintain radar contact with all targets in the sector 
scan area while maintaining target track on a single target, and (2) the rapid 
sector scan rate provides a rapid update on target parameters. The primary 
disadvantages of a conventional TWS radar include: (1) a large resolution cell due 
to the wide azimuth and elevation beams, and (2) vulnerability to modulation 
jamming based on the scan rate of the independent beams. 


b. Many modern radars employing a planar or phased array antenna system 
have a TWS mode. The radar does not really track and scan simultaneously, but 
rapidly switches between search and track (Figure 7-9). 





Figure 7-9. Phased Array TWS 


(1) The most common air-to-air radar system uses a planar array antenna. 
In the scan mode, the radar antenna generates a pencil beam and uses a raster 
scan to detect targets in the search area. Targets detected are presented to the 
pilot on the aircraft's radar display (Figure 7-10). 
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6 Bar, +30° Scan Pattern 





Figure 7-10. Air-to-Air TWS Display 


(a) In the track mode, the antenna generates multiple beams to 
illuminate individual targets. The radar typically uses monopulse or pulse 
Doppler techniques to update target range, azimuth, elevation or velocity. These 
tracking techniques will be covered later in this chapter. The radar initiates a 
track file on each detected target that contains all current data on the target and 
an estimate of future target position. 


(b) As the radar switches between track and scan modes, target 
parameters are updated in the tracking loop (Figure 7-11). The new target 
information is compared to the predicted information in the measurement data 
processing cell. If the two sets of data agree within certain limits, target position 
and information are updated. This process is called gating. 








Radar Measurement : Track Initiation 
Sensor > Data Processing coat > and Detection 


Gate Filtering (Prediction 
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Figure 7-11. Planar/Phased Array TWS Tracking Loop 
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(c) If the updated target information does not correspond to the 
predicted values, the information is sent to the correlation processor. The 
correlation processor attempts to resolve the conflict based on further refinement 
of target data. If the correlation processor cannot assign the target parameters to 
an existing track file, a new track file is generated and displayed. 


(2) The obvious advantage of a planar/phased array TWS radar is that it 
can search a large volume of airspace while tracking individual targets. The 
number of targets that can be tracked is limited by the number of beams the radar 
can generate. Planar/phased array radars have increased peak and average 
power when compared to pulse radar systems. Since the radar beam of a 
planar/phased array radar is electronically controlled and can rapidly change 
beams and scans, it is resistant to many jamming techniques. The primary 
disadvantages of a planar/phased array TWS radar include its complexity, cost, 
and reliance on computer processing. 


5. LOBE-ON-RECEIVE-ONLY (LORO) 


LORO is a mode of radar operation developed as an EP feature for a track-while- 
scan radar. LORO can be employed by any radar that has the capability to 
passively track a target. In a LORO mode, the radar transmits a continuous signal 
from a set of illuminating antennas. This continuous signal hits the target, and 
the return echo is received by a different set of receive antennas (Figure 7-12). 
The receive antennas are passive and generate azimuth and elevation tracking 
signals by electronically scanning the reflected signal. The tracking signals are 
sent to the antenna servos to keep the illuminating antennas pointed at the target 
and centered in the receive antenna tracking area. The range tracking circuit uses 
the time delay between the transmission and reception of the illuminating 
antenna signals. A split-gate tracker is used to provide range tracking. 


Transmit Antennas 








Figure 7-12. LORO Mode 
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a. The illuminating antennas used in the LORO mode have very narrow 
beamwidths and transmit at a high power level. This reduces the effectiveness of 
noise jamming techniques against a radar employing a LORO mode. In addition, 
the continuous signal from the illuminating antennas negate the effectiveness of 
most angle deception jamming techniques designed to defeat TWS radars. These 
specialized jamming techniques exploit the scan rate of TWS antennas. In the 
LORO mode, the illuminating antennas do not have a scan rate. The limited 
effectiveness of both noise and deception jamming techniques is the major 
advantage of the LORO mode. 


b. The LORO mode also provides a track-on-jam (TOJ) capability to exploit 
noise jamming techniques. In a TOJ mode, the receive antennas passively track 
any detected noise jamming signals. The radar assumes that the most intense 
jamming signal is the target. The receive antennas process the strongest 
jamming signal as if it were a target echo from the transmit antenna signal. The 
receive antennas generate azimuth and elevation tracking signals to keep the 
jamming signal centered in the tracking area. The TOJ mode does not provide 
target range. 


6. MONOPULSE RADAR 


Monopulse radars are among the most complex radar systems. From a single 
pulse, a monopulse radar can derive all the data needed to update a target’s 
position. It does this by comparing the relationship of two or more radar beams 
that are transmitted together from the same antenna but received separately. By 
comparing the phase or amplitude of the energy in these returned beams, target 
azimuth and elevation can be found. The speed that a monopulse radar updates 
the target’s position, coupled with its azimuth/elevation accuracy and resistance 
to jamming, make this a popular choice amongst many newer TTRs. 


a. The Magic T circuit allows monopulse radars to gather and process 
information from a single pulse that is transmitted and received using separate 
antennas. Figure 7-13 depicts a four-beam monopulse radar system. The Magic T 
is a sophisticated wave guide that can separate multiple signals by their phase 
relationships. This allows the radar tracking computer to compare the signal 
amplitude from the reflected pulses in several distinct ways. As the reflected 
energy enters the Magic T, it is separated by phase. The energy in the “H” arm 
will be in-phase and will exit from ports 1 and 2. The received energies entering 
the wave guide in the “E” arm exit at the number 1 port. This energy is exactly 
180° out-of-phase with energy entering the H arm. This ensures there is no 
transfer of energy between the E and H plane arms. A typical monopulse radar 
would have eight Magic T's. 
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Figure 7-13. Monopulse Magic T 


b. The output of a Magic T is the sum and difference of the two signals. These 
sum and difference values in amplitude or phase are used to generate azimuth 
and elevation error signals as well as to compute range. Monopulse radars may 
split the incoming signal as depicted in Figure 7-14. Upper antennas receive the A 
and B signals. Lower antennas receive the C and D signals. The various 
combinations of signals are processed and compared by simple addition and 
subtraction of the signal characteristics. From these steps, azimuth, range and 
elevation data are computed. 








Figure 7-14. Magic T Output Signals 
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(1) The top equation in Figure 7-15 is used to compute target range. Target 
range is derived by adding the signal from the A scan to the signal from the B 
scan. This value is then added to the sum of the C and D scan signals. The output 
of these combinations is then passed to the range circuit which figures out the 
range of the target and displays it to the operator. Monopulse range tracking is 
accomplished by using either a leading-edge or split-gate tracking loop. 


(2) Target elevation tracking error is derived using the middle equation 
from Figure 7-15. The signal from the A scan is added to the signal from the B 
scan. The signals from the C and D scans are also added. This time, however, the 
sum of A+B is subtracted from the sum of C+D. This value is then passed to the 
elevation circuit. Elevation signals are sent to the operator display and the servo 
mechanism, which corrects to the updated position of the target. 


(3) The bottom equation from Figure 7-15 is used to compute the azimuth 
error. The signal from the A scan is added to the signal from the C scan. The B 
and D scans are also added together. The sums of these values are subtracted 
from each other. This difference equals the tracking error in azimuth. The radar 
system will then position the search beam to even the energy level between the 
two pairs of sums. When this occurs, the azimuth tracking error is zero. 
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Figure 7-15. Monopulse Tracking Loops 


c. A further illustration of the idea of signal combinations can be seen by 
referring to the F-16 in Figure 7-16. All the energy is received in the B scan area. 
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The A scan signal is added to the B scan signal. The signals from the C and D 
scans are also added. However, the sum of A+B is now subtracted from the sum 
of C+D. In this case, the values from the A scan and the C scan are zero. This 
total value of (A+B) - (C+D) is then passed to the elevation circuit. 





Figure 7-16. Monopulse Elevation Tracking Error 


(1) The comparison in Figure 7-17 shows that all the energy is in the B 
scan. The radar will reposition the scan vertically to balance the energy between 
the B and D scans. When the energy level is balanced, the elevation error is zero. 


Elevation error =0 
Azimuth Error Remains 


Cc 8) 





Figure 7-17. Monopulse Elevation Track 
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(2) Using the azimuth error equation from Figure 7-15, the azimuth tracking 
loop computes the azimuth error and repositions the antenna to equalize the 
received energy in all the beams. The monopulse radar has now established a 
tracking solution (Figure 7-18). All these computations are done instantaneously 
on a pulse-to-pulse basis. 





Figure 7-18. Monopulse Azimuth Track 


7. CONTINUOUS WAVE (CW) RADARS 

CW radar was one of the earliest forms of radar systems. Unlike pulse radar 
systems, CW radars emit a continuous beam of RF energy with no interruptions 
in the transmissions to detect returning echoes. A continuous radar transmission 
from the antenna requires that a classic CW radar have two antennas, one for 
transmission and one for reception (Figure 7-19). 





Figure 7-19. CW Radar 
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a. Since a continuous transmission results in a continuous echo signal, it is 
impossible to tell what part of the echo is associated with any particular part of 
the transmission. This makes range typical determination impossible. The 
azimuth and elevation tracking capability of a CW radar is based on the antenna 
position when the target is illuminated. The simple application of the Doppler 
principle provides a means for a CW radar to track a target in velocity and reject 
clutter. The Doppler principle deals with the fact that a radar return from a moving 
target will be shifted in frequency by an amount proportional to its radial velocity 
compared with the radar site. Using the difference in frequency from the 
transmitted signal to the received signal, a CW radar can separate the target 
return from clutter based on a change in frequency. This type of radar is called a 
CW Doppler radar. 


b. The most serious disadvantage of a simple CW Doppler radar is that it does 
not provide any range information on the target. One method of obtaining range 
information from a CW radar uses frequency modulation (FM). The modulation 
can be sinusoidal, sawtooth, triangular, or any shape, as long as the rate of 
frequency change is known. The transmitter emits a continuous signal, but the 
frequency is changed in a known pattern. When the echo returns from the target, 
it is then compared to the frequency being transmitted. This frequency difference 
is directly proportional to the range of the target. 


(1) Figure 7-20 shows how a FM CW radar measures range. Using a 
triangular wave for modulation, a plot of transmitted frequency over time would 
look like the solid line. It is important to note that this is not a depiction of the 
transmitted wave but a plot of how the frequency of the wave varies with time. For 
a target, without any relative motion, the frequency returning to the receiver is 
depicted by the dotted line. The target echo frequency lags the transmitted 
frequency by time (t). There is also a frequency difference between the 
transmitted and received signals. Range to the target may be computed by 
measuring this frequency difference and dividing by the rate of change of the 
transmitted frequency. The result is time. Dividing this time by 12.4 microseconds 
per radar mile yields range to the target. The frequency difference is constant for 
a target, without any relative motion, except for the brief intervals when the 
change in frequency goes from a positive to a negative slope. These “ditches” 
are negligible and can be disregarded when calculating range. The average 
amplitude is equal to target range. 
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Figure 7-20. FM CW Radar Range Determination (No Relative Motion) 


(2) For a target moving toward the radar, the FM CW radar measures both 
target range and velocity. In Figure 7-21, the frequency of the return signal will be 
increased as depicted by the dotted line. Remember, this is a graph of frequency 
versus time, not a depiction of the radar wave. For a moving target, this results in 
a varying frequency difference. A plot of the frequency difference over time 
provides target range by averaging the difference, while target velocity is found 
by comparing the two frequency differences. 
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c. The primary advantage of the FM CW Doppler radar is its ability to combine 
the clutter rejection features of a simple CW Doppler radar with the capability to 
detect range. The widest application of FM CW Doppler radars is in radar 
altimeters for aircraft. In addition, the HAWK missile system uses an FM CW 
Doppler acquisition radar and a CW target illuminator. 


d. Another method used for clutter rejection in a pulse radar system is to 
employ special circuits, or Doppler processing, to identify and reject clutter. 
These special circuits are added to the receiver section of a pulse radar and are 
called moving target indicators (MTIs). There are two types of MTIs, non-coherent 
and coherent. 


(1) The earliest form of MTI was called non-coherent MTI or “area” MTI. 
Non-coherent MTI radars do not process Doppler frequencies. The returns from 
one scan are subtracted from returns from the next scan. All targets that move at 
least one resolution cell in the time between scans are displayed. All stationary 
objects, including fixed clutter, are cancelled and not displayed. In this type of 
MTI, clutter cancellation is based on the size and movement of the return. Due to 
changes in the clutter cross section, instabilities in radar operations, variations 
such as rain or clouds, and noise from the transmitter, clutter cancellation is 
never complete. In another form of non-coherent MTI, the radar returns from 
moving targets are compared to the returns from fixed targets, and the fixed 
targets are cancelled. These non-coherent MTIs are simple, but they do not 
provide the clutter rejection available from coherent MTI radars. 


(2) A coherent MTI uses the fact that Doppler shifts appear to a pulse radar 
as phase shifts on the received target pulse. Coherent MTI uses sophisticated 
circuitry, including stable local oscillators (STALOs) and coherent local 
oscillators (COHOs) to capture and process these phase shifts. Further 
processing of these phase shifts yields velocities for each return. Those 
velocities associated with stationary targets are rejected and only moving targets 
are displayed. Coherent MTIs have a major problem called “blind speeds.” Blind 
speeds occur for all target Doppler frequencies that are the exact PRF, or any 
multiple of the PRF, of the radar signal. When a target is moving at a velocity that 
produces this Doppler frequency, its return is cancelled along with fixed returns. 


(3) There are three techniques to limit “blind speeds.” The first technique 
is to use a PRF stagger. By staggering the PRF, the blind speed associated with 
one PRF will be covered by the other PRF. The second method is called the delay 
line and canceler. This involves delaying each pulse so it can be compared to the 
next pulse before processing. This method enhances Doppler frequency 
comparison and rejects clutter more effectively. The third way is to use range 
gates and Doppler filters. A range gate is simply a switch that opens for a time 
corresponding to the time a radar return would arrive for a target at a specific 
range. For example, a range gate for all targets between 10 and 11 nautical miles 
would open 124 microseconds after the transmitted pulse (12.4 microseconds per 
mile) and close 12.4 microseconds later. A target return at this range would trip 
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this gate and be processed by Doppler filters to find velocity. Fixed targets would 
trip the range gate and be eliminated by the Doppler filters. This is a 
sophisticated technique that is also used by pulse Doppler radars. 


8. PULSE DOPPLER RADAR 


Pulse Doppler radars combine the advantages of both pulse and Doppler radar 
systems. Because the signal is pulsed, the radar can find range, azimuth, and 
elevation, similar to a conventional pulsed radar. A pulse Doppler radar can also 
compute overtake, or rate of closure, compared with the radar system on a pulse- 
to-pulse basis. A pulse Doppler radar operates much like an MTI, and the terms 
are sometimes used interchangeably. However, an MTI uses Doppler frequency 
shifts only to reject clutter while a pulse Doppler radar uses Doppler frequency 
shifts to reject clutter and to track targets in velocity. A pulse Doppler radar 
transmits a box or pulse of RF energy at the operating frequency of the radar 
(Figure 7-22). The frequency inside these boxes reacts the same way as the 
continuous waves of a CW radar, but since the RF waves are pulsed, range 
determination can be accomplished by measuring the time it takes for the 
reflected pulse to return from the target. Velocity determination and tracking are 
accomplished by capturing and quantifying the Doppler shift of the frequencies in 
each pulse. 


Tn UAV AUAU AU 
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Pulsed 


Radar As 
Velocity | Range | 
Tracking Tracking 


Figure 7-22. Comparison of CW Radar and Pulse Doppler Radar 





a. A pulse Doppler radar tracks a single target in azimuth and elevation by 
employing either conical scan (sequential lobing) or monopulse tracking. Angle 
and elevation tracking employing these techniques is covered in Sections 3 and 6 
of this chapter. The error signals generated by these techniques are sent to the 
antenna servos to keep the target return centered in the antenna beam. 


b. Range tracking of a single target in a pulse Doppler radar is normally 
accomplished by a split-gate or leading-edge range tracking loop. Some pulse 
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Doppler radars employ an FM technique to provide range information during high 
PRF operations. 


c. For velocity tracking, each range gate has a complete set of Doppler filter 
banks as depicted in Figure 7-23. Each pulse of RF energy is composed of many 
frequencies. To separate the returning target frequency from all other frequencies 
in the returning waveform, the pulse Doppler radar employs filters to cancel the 
unwanted frequencies. In addition, it cancels out all returns with no frequency 
shift, which equates to canceling all returns with no movement relative to the 
radar. 


Frequency 


Clutter Filter Detection Filters 


—— Transmitter Frequency 
Returned Frequency 





Figure 7-23. Range Ambiguity 


d. The ability of a pulse Doppler radar to accomplish range, azimuth, and 
velocity tracking is dependent on the PRF of the radar. Table 7-1 summarizes 
these capabilities based on PRF. Low PRF tracking in velocity is extremely 
difficult due to the spacing of the spectral lines. Low PRF gives accurate range 
and azimuth as well as long, unambiguous range. Medium PRF tracking in range, 
azimuth, and velocity is easy for the radar to handle. High PRF provides excellent 
velocity resolution, but range ambiguities become a problem. 


Table 7-1. Pulse Doppler Tracking Capabilities 


___Prefix | Velocity | Range | Azimuth _ 
LowPRF | Poor _| __ Good | Good 
__MedPRF | Good __ | ___ Good __|___Good _ 
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e. Weaknesses of pulse Doppler radars include velocity blind speeds, range 
ambiguity, and range eclipsing. 


(1) The primary operator exploitable weakness of a pulse Doppler radar 
takes advantage of the pulse Doppler radar's biggest strength. The pulse Doppler 
is designed to eliminate ground returns so that the attacker is able to track an 
aircraft that used to be able to hide in ground clutter. To remove the ground 
clutter and avoid tracking unwanted targets like cars on a road, a filter is 
designed in the radar to eliminate all targets with a low velocity relative to the 
radar. The key to breaking track of a pulse Doppler radar is to place the aircraft in 
a speed less than the speed gate relative to the radar (Figure 7-24), commonly 
referred to as the Doppler notch. 
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Figure 7-24. Pulse Doppler Speed Gate 


(2) Range ambiguity occurs primarily with long-range targets when the 
return comes back to the radar after another pulse has already been transmitted 
(Figure 7-25). The radar will see this return and base its range calculations on the 
transmission time of the immediately preceding pulse, instead of the pulse that 
generated the return. The result will be an incorrect range calculation. 


7-22 


Electronic Warfare Fundamentals Chapter 7. Target Tracking 





|<—Maximum—>| 
Unambiguous 
Range Pulse 1 





Figure 7-25. Range Ambiguity 


(3) Range eclipsing occurs when a target return comes back to the radar 
antenna while a pulse is being transmitted (Figure 7-26). Since the radar cannot 
receive while transmitting, the return will not be displayed. 
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Figure 7-26. Range Eclipsing 


(4) To solve the problems of range ambiguity and eclipsing, a pulse 
Doppler radar employs different PRFs and computer logic. In Figure 7-27, at 
PRF 1, the return from target 1 is eclipsed, and target 2 is ambiguous. By 
changing the PRF slightly, these range problems can be resolved. Notice that at 
PRF 2, neither target is eclipsed, and at PRF 3, target 2 is eclipsed. The computer 
logic needs to be extremely advanced to compensate for these problems. These 
simplistic examples show the complex problem of using multiple PRFs. 
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Figure 7-27. Resolving Range Ambiguity and Eclipsing 


9. SUMMARY 


This chapter has discussed the range, azimuth, elevation, and velocity tracking 
techniques employed by conical scan, TWS, LORO, monopulse, CW Doppler, and 
pulse Doppler radar systems. The method used by a specific radar system to 
track a target determines the type of jamming technique required to counter this 
system. A basic understanding of the target tracking techniques will enable you 
to understand the basic jamming techniques employed to defeat these threats. 
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CHAPTER 8. RADAR MISSILE GUIDANCE TECHNIQUES 


1. INTRODUCTION 


Once a target has been designated, acquired, and tracked by a radar system, the 
final stage in target engagement is to guide a missile or projectile to destroy the 
target. There are three basic requirements for successful missile guidance: (1) 
precise target tracking by a target tracking radar (TTR) to provide target 
parameters (range, azimuth, elevation, velocity, etc.), (2) a method to track the 
position of the missile compared with the target, and (3) a fire control computer to 
generate missile guidance commands based on target and missile position. The 
missile guidance techniques employed by modern air-to-air and surface-to-air 
missile (SAM) systems will be covered in this chapter. In addition, the target 
engagement techniques employed by antiaircraft artillery (AAA) systems will also 
be discussed. There are three distinct phases in any missile intercept: boost, 
mid-course, and terminal. 


a. Nearly all missiles are unguided during the initial boost phase (Figure 8-1). 
During the boost phase, the missile electrical and hydraulic systems are activated 
and are coming up to operating parameters. The missile is gathering speed and 
normally will be in an unguided mode of flight. 





Figure 8-1. Initial Boost Phase 


b. During the mid-course phase, the missile is actively being guided to the 
target using some type of guidance signal (Figure 8-2). Guidance signals deflect 
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the control vanes of the missile to change its direction. These vanes change the 
roll, pitch, and yaw, in some combination, to control the missile flight path. 
Normally a gas grain generator powers a small hydraulic pump that deflects the 
control vanes in response to guidance signals. Each missile carries a limited 
supply of hydraulic fluid for maneuvering. The fluid is expended through vents 
with every control surface activation. The limited quantity of hydraulic fluid can 
be a significant factor during a long-range missile intercept. 








Figure 8-2. Mid-Course Guidance Phase 


c. The final phase of an intercept is the terminal phase (Figure 8-3). During 
this phase, the missile attempts to pass close enough to the target to detonate 
the fuse while the target is within the lethal radius of the warhead. Modern 
missiles employ both a contact fuse and some type of proximity fuse. Proximity 
fuses range from command detonation for command-guided missiles, fractional 
Doppler gates for semi-active guided missiles, to active laser fuses for IR-guided 
missiles. 
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Figure 8-3. Terminal Guidance Phase 


2. COMMAND GUIDANCE 


Command guidance uses a fire control computer to constantly send course 
correction commands to the missile throughout its flight. These commands are a 
series of electrical missile guidance pulses called doublets or triplets. These 
pulses provide steering commands to the missile by varying the spacing between 
each guidance pulse. Each pulse, or pulse combination, relays some roll, pitch, 
and yaw command to the missile. These inputs are constantly corrected for the 
spatial relationship between the missile and the target's present position and rate 
of motion. Guidance commands are passed to the missile by specialized 
antennas on the TTR and an antenna installed on the missile, called a missile 
beacon. The beacon is a special radio receiver and transmitter that is attached to 
the rear of the missile. It acts like a transponder in that the TTR tracks and 
receives guidance commands. The guidance frequency may be widely separated 
from the target tracking radar frequency to minimize interference. This beacon is 
usually masked until missile booster separation. This results in the missile being 
launched unguided for the first 2-3 seconds. This type of delay is one of the 
reasons that all command-guided missile systems have a minimum launch range. 
Command guidance is used by the SA-2, SA-3, SA-4, and SA-8. 


a. Command-guided missiles will generally fly a rectified (full or half) or three- 
point pursuit geometry during the mid-course portion of the intercept (Figure 8-4). 
However, a command-guided missile may transition to a pure pursuit geometry 
during the terminal phase of the intercept. Rectified geometry involves the 
prediction of where the target and the missile will be at some point in the future. 
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The target's direction and rate of movement is tracked and predicted. The missile 
is then launched, pulls lead on the target, and is guided to the point in the sky 
where the intercept is predicted to take place. This profile requires the constant 
update of both the target and missile positions. 


Impact Point 





Figure 8-4. Rectified Flight Profile 


b. Three-point pursuit geometry is often used when there is incomplete range 
tracking data on the target. In this case, it will be impossible to predict exactly 
where the target will be at some point in the future. In this profile, the target 
tracking radar constantly tracks the target. The missile location will be updated 
by the missile beacon. The fire control computer will direct the missile to fly 
directly down the tracking radar beam toward the target. In this geometry, the 
missile may start out on a direct intercept course and, depending on the target's 
direction and rate of movement, transition to a pure pursuit intercept. The three 
points in three-point missile geometry are depicted in Figure 8-5. Point one is the 
target tracking radar, point two is the missile itself, and point three is the target. 
By keeping all three points always in a line, the missile will intercept the target at 
some point, although the range of the target is unknown. 
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Figure 8-5. Command Guidance: Three-Point Pursuit 


c. Command guidance techniques have many advantages. First, command- 
guided missiles can adjust their flight geometry throughout an intercept profile. 
Second, the missiles are uncomplicated since they do not carry onboard 
computers or target tracking equipment. The fire control computer associated 
with the TTR accomplishes all intercept calculations. Third, the primary intercept 
profile, a full- or half-rectified intercept, is the fastest and most fuel-efficient 
intercept. Fourth, command guidance is difficult to jam since the missile beacon 
antenna is at the rear of the missile and can be relatively high-powered. And 
finally, an intercept is possible even without accurate range information by using 
the three point intercept profile. 


d. Command guidance has several disadvantages. First, the use of a missile 
beacon delays the capture of the missile by the tracking radar. This can cause a 
large dead zone which equates to a larger minimum engagement range. Second, 
the accuracy of the intercept geometry is only as good as the tracking 
information provided by the target tracking radar. Jamming, interference, or loss 
of signal will adversely affect the intercept accuracy. In addition, normal radar 
characteristics could produce sufficient errors to cause the missile to miss the 
target, especially at longer ranges. Third, with insufficient range information, the 
three-point intercept profile is very slow and could result in the missile running 
out of energy before it gets to the target. Fourth, command guidance is reactive. 
The fire control computer constantly updates the intercept geometry based on 
target maneuvering. This results in missile maneuvering lagging target 
maneuvers. 
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3. SEMI-ACTIVE GUIDANCE 


Semi-active guidance is significantly different from command guidance, but only 
after launch. The first requirement is still for the target tracking radar to maintain 
a solid target track, with the tracking data being supplied to the fire control 
computer. The fire control computer then directs a target illumination antenna to 
point at the target and illuminates it with CW energy. The missile then passively 
homes on the reflected CW energy. 


a. The missile used by a threat system that uses CW homing is vastly 
different from the missile being guided by a command guidance signal. The 
missile that homes on CW energy must be equipped with a seeker section 
composed of an antenna and an internal receiver. The seeker section processes 
and computes the necessary course corrections as it flies toward the target. It 
can do this by knowing the zero boresight line of the antenna within the missile 
(Figure 8-6). As the reflected CW energy is received by the seeker, there is 
normally some deviation from the zero reference position. The onboard computer 
then directs the control surfaces to change the flight path to reduce the reference 
errors in the antenna to zero, if possible. When the error between the antenna 
position and the boresight position is zero, the missile is pointed directly at the 
target. 


"Zero Bore Line — 


Missile Commanded Down to 0° Error 





Figure 8-6. Semi-Active Guided Missile 


b. Missile systems that use semi-active guidance normally use velocity as the 
primary target discriminator during the intercept. The missile seeker locks onto a 
reference Doppler signal provided by the fire control computer before launch. 
This Doppler signal establishes a tracking gate around the velocity of the target. 
After the missile is launched, it initially compares the reference Doppler to the 
target Doppler signal. 
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c. The mid-course phase for a semi-active missile is also different from that of 
a command-guided missile. A semi-active guided missile follows the reflected CW 
energy during the mid-course phase of the intercept and normally attempts to fly 
a lead pursuit profile to the target (Figure 8-7). If the target maneuvers, however, 
the missile may transition to a pure pursuit flight path. Unlike a command-guided 
missile, a semi-active guided missile does not use a missile beacon. The fire 
control computer does not need to know where the missile is to compute course 
corrections since all that is necessary is to illuminate the target with the CW 
illuminator. This also means that the missile can begin to track and guide when it 
is launched and locked on to the reference Doppler gate. Semi-active guidance is 
the primary mode of guidance for many surface-to-air missiles, and almost all 
radar-guided air-to-air missiles. 





Figure 8-7. Semi-Active Guidance (Mid-Course) 


d. As the missile enters the terminal phase of the intercept, there is no 
change in the guidance mode used by a CW homing missile. The missile may 
complete the terminal phase of the intercept geometry by going to a pure pursuit 
flight path, if necessary (Figure 8-8). The missile continues to home in on the 
reflected CW signal until it passes close enough for the fuse to function. 
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Figure 8-8. Semi-Active Guidance (Terminal Phase) 


e. Semi-active missile guidance has many advantages. First, a semi-active 
guided missile is resistant to electronic jamming that may be used to deny range 
information. Second, a semi-active missile can be guided almost immediately 
after launch. This gives it a very small minimum range since it can maneuver 
almost as soon as it clears the launch rail. Third, it computes its own course 
corrections as necessary. This allows for a much quicker reaction to target 
maneuvers compared to a command-guided missile. Fourth, during a long-range 
intercept, a CW missile can be more accurate than a command-guided missile. 
This is accomplished by taking the inherent long-range radar tracking errors out 
of the equation. The target tracking radar only has to keep the target illuminated 
so that it can point the CW antenna at the target. 


f. Although semi-active missile guidance is generally considered an excellent 
guidance technique, it does have some disadvantages. First, a semi-active guided 
missile normally requires reference Doppler values to be entered into the missile 
computer before launch. Without this reference, a semi-active missile cannot be 
launched (Figure 8-9). Second, a semi-active homing missile must maintain a lock 
onto the target Doppler. The use of chaff and beam maneuvers, which result in a 
near zero target Doppler, may cause a missile or radar to break lock. Third, if a 
break-lock occurs, a CW homing missile normally cannot regain target track and 
complete the intercept. 
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Figure 8-9. Semi-Active Guidance CW Reference Signal 


4. ACTIVE GUIDANCE 


Active guidance is an improvement that has been included in several new long- 
range missiles such as the AIM-54 Phoenix and the AIM-120 AMRAAM. This 
specialized guidance mode is only active during the terminal phase of flight. The 
mid-course phase usually employs semi-active or command guidance (Figure 
8-10). 








Figure 8-10. Active Guidance Mid-Course Intercept Phase 
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a. The range at which the missile goes “active” is dependent on the intercept 
geometry. High-aspect angle intercepts allow the activation of active guidance 
sooner than beam or tail-aspect intercepts. Missiles that employ active guidance 
carry a complete miniature radar system and fire control computer within the 
missile. As the missile nears the target, its internal radar system turns on and 
locks onto the target. The internal fire control computer directs control inputs to 
complete the intercept (Figure 8-11). 
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Figure 8-11. Active Guidance Phase 


b. Active-guided missiles have many advantages. First, active-guided 
missiles are very accurate at long ranges. This is because they do not rely on the 
target tracking radar once their internal radar takes over the intercept. Second, an 
active missile is extremely difficult to jam. It uses a narrow beam and its relative 
power is constantly increasing as it nears the target. Third, an active-guided 
missile is a fire-and-forget weapon. Command or semi-active missile guidance 
requires the target tracking radar to maintain lock-on until the intercept is 
completed. In an air-to-air engagement, this means the interceptor is predictable 
until the missile hits the target, and vulnerable to an enemy missile attack. An 
interceptor with an active missile, however, may launch the missile and, once it 
goes “active,” can then turn around or maneuver defensively. 


c. Active-guided missiles have a few disadvantages as well. First, the active 
homing missile is a complex missile integrating both command and active 
guidance modes. Second, the missile may still be susceptible to electronic 
jamming during the mid-course phase of flight. Remember, during the mid-course 
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phase, the missile relies on command or semi-active guidance. Jamming the 
target tracking radar may affect the missile's ability to “see” the target near the 
terminal phase. 


5. SEEKER-AIDED GROUND GUIDANCE/TRACK-VIA-MISSILE GUIDANCE 


In seeker-aided ground guidance (SAGG) and track-via-missile (TVM) guidance, 
the target is illuminated by the ground-based radar and the missile receives 
reflected energy from the target. Unlike conventional semi-active homing, the 
missile does not generate its own guidance commands. Instead, the missile 
transmits raw engagement data to the ground-based fire control system (FCS) in 
order to generate uplink guidance commands. TVM is similar to SAGG; however, 
additional processing is done on-board the missile prior to transmitting the 
engagement data to the ground-based FCS. 
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Figure 8-12. SAGG/Track-Via-Missile Guidance 


a. Track-via-missile and seeker-aided ground guidance are two relatively new 
missile guidance techniques with similar advantages. First, they are extremely 
accurate at long ranges where the inherent radar tracking errors may be large 
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enough to cause a miss. Second, they can respond very quickly to any actions 
taken by the target since the missile seeker can track these changes and transmit 
the new position to the TTR fire control computer. Third, TVM and SAGG can be 
used with a large and capable fire control computer since most computations are 
accomplished by the TTR. Fourth, the integration of a phased array radar and the 
powerful TTR fire control computer allows the missile system to engage multiple 
targets. The Patriot missile battery, for example, can track and engage at least 
four targets simultaneously. 


b. The major disadvantage of track-via-missile and seeker-aided ground 
guidance is that they are the most complex forms of missile guidance. They 
require the use of sophisticated computers to combine radar tracking data and 
data received from the missile. This required hardware is expensive and demands 
greater maintenance and logistical support. In addition, the missile itself needs to 
be large enough to store the appropriate hardware for computations and data 
transfer. 


6. ANTIAIRCRAFT ARTILLERY (AAA) 


The classic role of AAA is point defense. AAA systems provide close-in defense 
for high-value targets. AAA systems are deployed to defend cities, airfields, 
bridges, industrial centers, lines of communications, command and control 
centers, infantry/tank units, and SAM sites. There are two types of AAA systems: 
towed and mobile. Towed AAA is normally deployed in fixed sites around key 
targets. Mobile AAA systems are deployed to provide air defense for army units 
and to protect mobile SAM sites. The effectiveness of AAA systems, towed or 
mobile, depends on the ability of the system to predict an aircraft's future 
position to fire its unguided ballistic projectile to intercept the aircraft and 
destroy it. To accomplish this objective, AAA systems employ two primary 
tactics, aimed fire and sector/barrage fire. 


a. Aimed AAA fire requires very accurate aircraft position information and an 
accurate prediction of future position. For aimed AAA fire, this information can be 
derived by using an optical sighting system on the gun or by employing a radar 
system coupled with a fire control computer. Smaller caliber AAA guns generally 
rely on optical target acquisition and firing (Figure 8-13). The high rate of fire, 
short range, and short projectile time of flight (TOF) simplifies the prediction and 
aiming problem for these systems. Smaller caliber AAA can also use tracer 
ammunition to help the gunner in correcting his optical firing solution. Larger 
caliber AAA systems, with slow rates of fire, long range, and long projectile TOF, 
generally use a TTR and a fire control computer to solve the problems associated 
with aimed fire (Figure 8-14). 
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Figure 8-13. Optically Aimed AAA 


(1) The typical engagement sequence for an aimed AAA engagement 
employing a TTR and fire control computer begins with initial target data from an 
acquisition radar. The guns and TTR are pointed toward the target. The TTR 
initiates search and lock-on to the target. The TTR associated with large caliber 
AAA is usually a conical scan radar to provide accurate target positioning 
information. Target information is fed into the fire control computer which 
calculates the aim point, points the guns, and initiates firing. The fire control 
computer uses the target kinematic data, gun ballistics, wind, air density, and 
projectile dispersion pattern to compute the required aim point. All these 
computations are based on the assumption that the target will continue on the 
same heading, at the same altitude, and at the same airspeed during the projectile 
TOF. 
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Figure 8-14. Radar-Directed AAA 


(2) The typical engagement sequence for an aimed AAA engagement, 
employing optical target tracking begins with initial target information from an 
acquisition radar to the fire director. The fire director gives gross aiming 
commands to the individual guns. The gunners then visually search for the target 
and use the on-carriage gun sights to predict the required lead angle and initiate 
firing. 


b. Sector or barrage fire tactics are employed when the aircraft cannot be 
accurately tracked (Figure 8-15). Acquisition information suggests an aircraft will 
traverse a volume of airspace or a specific sector. The fire director instructs the 
gunners to fire randomly into this sector in an effort to hit the aircraft with the 
barrage of AAA fire, or have the aircraft fly into a “curtain” of AAA fire. This tactic 
is especially effective for point defense for a fixed target. Attacking aircraft may 
have to fly a predictable flight path during weapons delivery. Sector/barrage fire 
can be directed to cover the expected attack directions and altitudes. 
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Figure 8-15. Sector/Barrage AAA 


7. SUMMARY 


This chapter has discussed the most common missile guidance techniques and 
AAA firing modes used by modern threat systems. A familiarity with the guidance 
technique employed by specific threat systems is the key to understanding the 
jamming techniques, chaff/flare employment settings, and tactical maneuvers 
designed to counter these systems. 
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CHAPTER 9. INTRODUCTION TO RADAR JAMMING 


1. INTRODUCTION 


Radar jamming is the intentional radiation or reradiation of radio frequency (RF) 
signals to interfere with the operation of a radar by saturating its receiver with 
false targets or false target information. Radar jamming is one principal 
component of electronic combat (EC). Specifically, it is the electronic attack (EA) 
component of electronic warfare (EW). Radar jamming is designed to counter the 
radar systems that play a vital role in support of an enemy integrated air defense 
system (IADS). The primary purpose of radar jamming is to create confusion and 
deny critical information to negate the effectiveness of enemy radar systems. 
This chapter will introduce the two types of radar jamming, the three radar 
jamming employment options, and discuss the fundamental principles that 
determine the effectiveness of radar jamming. 


2. RADAR JAMMING TYPES 
There are two types of radar jamming: noise and deception. 


a. Noise jamming is produced by modulating a RF carrier wave with noise, or 
random amplitude changes, and transmitting that wave at the victim's radar 
frequency. It relies on high power levels to saturate the radar receiver and deny 
range and, occasionally, azimuth and elevation information to the victim radar 
(Figure 9-1). Noise jamming takes advantage of the extreme sensitivity of the 
radar receiver and the transmission pattern of the radar antenna to deny critical 
information to the victim radar. 





Figure 9-1. Noise Jamming 
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b. Deception jamming uses complex receiving and transmitting circuits to 
process and retransmit jamming pulses that appear as a real target to the victim 
radar. A deception jammer receives the signal from the victim radar and alters the 
signal to provide false range, azimuth, or velocity information. The altered signal 
is then retransmitted (Figure 9-2). The victim radar processes this signal, which 
disrupts the victim radar and confuses the radar operator. To be effective, 
deception jamming must match not only the victim radar's operating frequency, 
but all the other operating characteristics, including pulse repetition frequency 
(PRF), pulse repetition interval (PRI), pulse width, and scan rate. 





Figure 9-2. Deception Jamming 


c. Both noise and deception jamming effectiveness are heavily dependent on 
another component of EW, specifically, electronic warfare support (ES). ES 
assets, either airborne or ground-based, provide the threat system specific radar 
parametric data and update this critical information based on observed threat 
system operations. This data provides the foundation for developing noise and 
deception jamming techniques. Intelligence and engineering assessment of this 
data are used to identify specific threat system weaknesses that can be exploited 
with the optimum noise, deception, or combination of jamming techniques. This 
information is then programmed into jamming systems to counter specific 
threats. 
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3. RADAR JAMMING EMPLOYMENT OPTIONS 


There are currently two primary employment options for both noise and 
deception jamming techniques. These options are: (1) support jamming, and (2) 


self-protection jamming. Support jamming can be broken down further into stand- 
off jamming (SOJ), and escort jamming. 


a. To counter early warning, ground control intercept (GCI), and acquisition 
radars associated with an enemy IADS, noise and deception jamming techniques 
are employed by specialized support jamming aircraft. The goal of support 
jamming is to create confusion and delays within the command and control 
structure of the IADS. Deny, delay or degrade the enemy's ability to engage 
friendly forces. Support jamming operations can be focused against a national 
level IADS through the use of a stand-off jamming (SOJ) profile (Figure 9-3) or 
against a target area threat array using an escort jamming profile. 
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Figure 9-3. Stand-Off Jamming 


(1) From an orbit area outside the surface-to-air missile (SAM) engagement 
zone, SOJ aircraft employ specialized jamming techniques to deny the enemy 
information about the attack package. SOJ aircraft employ specialized noise 
jamming techniques to generate jamming strobes on the victim radar display. 
This effectively denies range and azimuth information on aircraft ingressing and 
egressing the area covered by the noise jamming strobes. Intensity of the strobes 
is based on the power in the jamming. The area covered is based on the amount 
of jamming that can be injected into the main beam and sidelobes of the victim 
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radar. The effectiveness of SOJ noise jamming is determined by the power the 
jammer can generate relative to the power the victim radar can generate. This is 
called the jamming-to-signal (J/S) ratio. 


(2) SOJ aircraft can also employ a deception technique to generate false 
targets to confuse the radar operator and mask the presence of real targets 
(Figure 9-4). In this specialized technique, the deception jammer must tune to the 
frequency, PRF, and scan rate of the victim radar. The jammer then transmits 
multiple jamming pulses that the victim radar receiver processes like real target 
returns. With enough power, the deception jammer can generate multiple false 
azimuth targets by injecting jamming pulses into the sidelobes of the victim 
radar. False moving targets and false range targets are generated by varying the 
time delay of the jamming pulses based on the PRF and scan rate of the victim 
radar. 


False Targets in Azimuth 
¢ 





Figure 9-4. False Target Jamming 


(3) Escort jamming is a specific tactic used by the EA-6B Prowler. The 
EA-6B is employed as an integral part of the attack package and is normally 
positioned behind and above the attack package (Figure 9-5). 
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Figure 9-5. Escort Jamming 


Using noise jamming, the EA-6B attempts to deny range and azimuth 
information to the victim radar by injecting high power signals into the main radar 
beam and sidelobes. To be effective, the EA-6B must be properly positioned in 
relation to the ingressing or egressing attack package (Figure 9-6). 





Figure 9-6. Escort Jamming Alignment 
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b. Self-protection radar jamming targets the radar systems that support 
jamming cannot negate. Self-protection jamming systems are part of a self- 
protection suite that includes a self-protection jamming pod, a chaff/flare 
dispenser, and on some aircraft, a towed decoy system. The overall purpose of 
these systems is individual aircraft survivability. These systems are designed to 
counter the individual SAM, AAA, and Al assets associated with the enemy IADS. 
They employ deception jamming techniques against the target tracking radars 
(TTRs) associated with these threats. They are designed to break the radar track 
or generate sufficient tracking errors to cause the missile or bullet to miss the 
aircraft. 


(1) Self-protection radar jamming systems usually employ deception 
jamming techniques based on several factors. First, effective deception jamming 
techniques generally require less power than noise jamming techniques. Second, 
less power means less weight and space, which are very important 
considerations for modern tactical aircraft. Finally, deception jammers can be 
designed to jam multiple threats, which is a critical requirement for operations in 
a dense threat environment (Figure 9-7). 





Figure 9-7. Self-Protection Jamming 


(2) Despite the advantages of deception jamming techniques for self- 
protection jamming, there are some limitations that must be considered. First, 
deception jammers are complex electronic systems that must receive a victim 
radar's signal, memorize all its characteristics, modify the signal, and retransmit 
this modified signal at a high power level. Second, to be effective, deception 
jammers must be programmed with all the signal parameters (frequency, PRF, 
PRI, pulse width, scan rate, etc.) of the victim radar. Finally, because many 
deception techniques can be effective against specific threats, selecting optimum 
techniques to employ against these threats must be based on identified threat 
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system limitations. Identifying these specific threat systems limitations may be 
difficult. 


4. FUNDAMENTALS OF RADAR JAMMING 

There are some fundamental principles that apply to all types of jamming and to 
all jamming employment options. These principles are based on_ the 
characteristics of the jamming system and the characteristics of the victim radar. 
They include frequency matching, continuous interference, signal-to-noise ratio, 
jamming-to-signal ratio, and burnthrough range. 


a. Based on the data provided by ES systems and intelligence evaluations, 
radar jamming systems must transmit signals at the frequency of the victim radar 
This applies to both noise and deception jamming. If a jamming signal does not 
match the transmitter frequency, the jamming signal is not received and 
displayed on the scope (Figure 9-8). When a jamming signal matches the 
transmitter frequency, the jamming signal is received and masks the target 
display (Figure 9-9). 


Radar Jamming 
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Figure 9-8. Jamming Frequency Error 
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Figure 9-9. Correct Jamming Frequency Matching 


b. For maximum effectiveness, a jamming transmitter should produce 
continuous interference. In much the same way intermittent static on a radio 
receiver does not completely block out a signal, intermittent jamming on a radar 
scope may not completely mask the target. An experienced radar operator or 
advanced automatic tracker can “read through” intermittent jamming and derive 
sufficient target information to negate jamming effectiveness. While true for noise 
jamming techniques, continuous interference also applies to deception 
techniques, especially when target reacquisition is considered. 


c. The signal-to-noise (S/N) ratio is a measure of the ability of the victim radar 
to detect targets. It is also an indication of the vulnerability of the radar to certain 
jamming techniques, especially noise jamming. 


(1) From the discussion of the basic radar equation in Chapter 5 (Equation 
5-10), Equation 9-1 is the signal power density of a target return at the radar 
receiver. The signal power density of the target return is so weak that it requires 
very strong amplification before processing and display. Besides the signal 
power from the target, some level of thermal noise is also generated and 
amplified along with the target signal. For an “ideal” (no noise) amplifier, 
Equation 9-2 is used to compute the level of thermal noise generated by the 
amplifier. 
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P, = transmitted power 
G =antenna gain 


P_GoA 
Z = 0 = target radar cross section (RCS) 


(4 )?R* 


Signal Power Density = 


Ae= antenna aperture area 
R = range to the target 





Equation 9-1. Signal Power Density 


K = Boltzman's Constant 
(1.38 x 10° watts/Hz degrees K) 


Thermal Noise (N) = KTBF T = standard temperature (290 K) 


B = radar receiver equivalent bandwidth 


F = radar receiver noise figure 
(one for "ideal" receiver) 





Equation 9-2. Thermal Noise 


Note: The instantaneous bandwidth of a receiver is the frequency range over 
which the receiver can simultaneously amplify two or more signals to within a 
specified gain. 


(2) The radar receiver amplifies both target signal and thermal noise. The 
output of the radar receiver will contain the target signal and the noise amplified 
across the bandwidth of the receiver. Separating the desired target signal from 
the undesired noise signal is one of the major problems confronting radar 
designers. 


(3) Equation 9-3 is derived by dividing Equation 9-1 by Equation 9-2. Many 
factors in this equation fluctuate and must be estimated using statistical 
calculations. For example, target RCS fluctuates based on the changing angle of 
the antenna beam and corresponding changes in the reflected signal. Effective 
antenna aperture is also a statistical phenomenon based on the fluctuations in 
target RCS. The thermal noise generated by a receiver is also a fluctuating factor 
and must be treated statistically. This means that the S/N ratio is a statistical 
factor associated with a probability of target detection and a probability of a false 
alarm. A false alarm occurs when the radar operator or automatic tracking circuit 
designates a fluctuation in noise level as a target. The higher the S/N ratio, the 
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higher the probability of target detection with a corresponding reduction in the 
probability of a false alarm. 


1 
P,GoA, Fe y =| 


KTBF 


Signal-to-Noise Ratio = 


P, = transmitted power K = Boltzman's Constant 

G =antenna gain (1.38 x 10° watts/Hz degrees K) 

T = standard temperature (290° K) 

B = radar receiver equivalent bandwidth 


= F = radar receiver noise figure 
R = range to the target (one for "ideal" receiver) 


O = target radar cross section (RCS) 
A. = antenna aperture area 





Equation 9-3. Signal-to-Noise Ratio 


(4) An analysis of Equation 9-3 suggests that any action that increases the 
power in the target signal (for example, increasing transmitted power, increasing 
antenna gain/aperture area, or decreasing target range) will improve the S/N ratio 
and improve the probability of target detection. It would also appear that 
decreasing the bandwidth of the radar receiver will increase the S/N ratio and 
enhance the probability of target detection. However, if the effective bandwidth of 
the receiver is reduced, this may eliminate a significant portion of the radar signal 
spectrum and decrease the probability of target detection. 


(5) The S/N ratio is also an indication of the range at which a target will be 
detected. A plot of the receiver output of a typical radar is shown in Figure 9-10. 
The weak target signal at an extended range is just above the receiver noise level. 
The target at closer range is easily detected above the noise level. A radar 
operator or automatic target detector could mistake the very weak target return 
as a fluctuation in the receiver noise level. This could result in a missed 
detection. The lack of discrimination between noise and target returns because of 
a poor S/N ratio can also result in designating fluctuations in the noise level as 
actual target signals, known as false alarms. 
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Figure 9-10. S/N Ratio and Target Detection 


(6) To preclude, or minimize false alarms, the radar receiver may be 
equipped with electronic circuits to establish a false alarm threshold. If the signal 
strength of a radar return is below this threshold level, it will not be detected or 
displayed (Figure 9-11). This false alarm threshold also influences the probability 
of target detection. With the threshold set too high, many detected targets will not 
be displayed. Additionally, if the false alarm threshold is raised automatically in 
relation to the amplitude of the receiver noise, the radar receiver is more 
vulnerable to noise jamming. 
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Figure 9-11. Receiver False Alarm Threshold 
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(7) For any target return to be detected by the radar, the S/N ratio must be 
greater than one. If the S/N ratio is less than one, the target will not be detected 
above the receiver noise level. The purpose of noise jamming is to raise the level 
of noise in the radar receiver to reduce the S/N ratio to less than one. This masks 
the presence of the true target return. If a false alarm threshold is used, noise 
jamming raises this threshold to further complicate target detection. Figure 9-12 
depicts a S/N ratio greater than one. Figure 9-13 depicts a S/N ratio of less than 
one due to noise jamming. 











Figure 9-13. S/N Ratio Less Than One 
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d. The jamming-to-signal (J/S) ratio is a fundamental measure of jamming 
effectiveness. The J/S ratio compares the power in the jamming signal with the 
power in the radar return. Equation 9-4 is an expression of the J/S ratio. It is 
important to note that the J/S ratio should be measured at the output of the radar 
receiver. This will allow consideration of the receiver signal processing gain 
applied to the jamming signal. 


Jamming-to-Signal Ratio = 


P, = jamming power transmitted 

G, = jamming antenna gain 

P,. = peak power transmitted by the radar 
G, = radar antenna gain 

R =range from jammer to radar 

0 =aircraft RCS 





Equation 9-4. Jamming-to-Signal Ratio 


(1) The most critical factor in both the S/N and the J/S ratios is range. The 
S/N ratio is calculated based on R to the fourth power. This equates to a signal 
traveling from the radar to the target, and back to the radar receiver. The J/S ratio 
is calculated using R to the second power. This factor reflects the “one way” 
transmission of the jamming pulse from the jammer to the victim radar's receiver. 


(2) For a jamming signal to be effective, the J/S ratio must be greater than 
one. In general, threat radars, especially ground-based radars, transmit much 
more power than does an airborne jamming system. However, this power must 
travel twice as far as the airborne jamming signal. At long ranges, a low power 
jamming system can generate a J/S ratio much greater than one. In Figure 9-14, 
the jamming pulse completely masks the target return. As the jamming system 
approaches the target, the distance the radar pulse travels decreases with a 
corresponding increase of power in the radar return. This reduces the J/S ratio to 
a value less than one and the radar “sees” the target. This is called the 
burnthrough range (Figure 9-15). 
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Figure 9-14. J/S Ratio Greater Than One 
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Figure 9-15. J/S Ratio Less Than One 


e. Burnthrough occurs when the power in the reflected target signal exceeds 
the power in the jamming signal. Even when an optimum and continuous 
jamming technique is transmitting on the exact frequency of the victim radar, the 
jamming starts to lose effectiveness as it nears the radar. For a particular radar 
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jamming technique, burnthrough range depends on the detection capability of the 
victim radar, expressed as the S/N ratio, and the capability of the aircraft's 
jamming system, expressed as the J/S ratio. The idea of burnthrough range 
explains why a jamming technique, especially noise jamming, loses _ its 
effectiveness as the aircraft approaches the radar. When plotting the jamming 
and signal power versus range (Figure 9-16), these two values intersect at the 
point where the J/S ratio is one. At closer ranges, the jamming pulse is no longer 
masking the aircraft, and the aircraft can be detected. Burnthrough range is the 
point where the radar can see through the jamming. 
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Figure 9-16. Burnthrough Range 


5. SUMMARY 


The purpose of radar jamming is to confuse or deny critical data to the radar 
systems that play a vital role in supporting the mission of an integrated air 
defense system. Two types of radar jamming, noise and deception, can be 
employed in a support-jamming role, or in a self-protection role for individual 
aircraft. The effectiveness of a jamming technique depends on the ability of the 
jamming system to generate a jamming signal that replicates the parameters of 
the victim radar, especially its frequency. The signal-to-noise ratio of the victim 
radar determines the vulnerability of the radar receiver to jamming while the 
jamming-to-signal ratio is an indication of the ability of the jamming system to 
effectively jam the victim radar. These basic radar jamming concepts are 
fundamental to understanding the impact of specific jamming techniques on 
radar systems. 
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CHAPTER 10. RADAR NOISE JAMMING 


1. INTRODUCTION 


A radar noise jamming system is designed to generate a disturbance in a radar 
receiver to delay or deny target detection. Since thermal noise is always present 
in the radar receiver, noise jamming attempts to mask the presence of targets by 
substantially adding to this noise level. Radar noise jamming can be employed by 
support jamming assets or as a self-protection jamming technique. Radar noise 
jamming usually employs high-power jamming signals tuned to the frequency of 
the victim radar. This chapter will discuss the factors that determine the 
effectiveness of radar noise jamming, radar noise jamming generation, and the 
most common noise jamming techniques. These noise jamming techniques 
include barrage, spot, swept spot, cover pulse, and modulated noise jamming. 


2. RADAR NOISE JAMMING EFFECTIVENESS 

The effectiveness of radar noise jamming depends on numerous factors. These 
factors include the jamming-to-signal (J/S) ratio, power density, the quality of the 
noise signal, and the polarization of the transmitted jamming signal (Figure 10-1). 


Detected Target Returns 
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Figure 10-1. Noise Level in a Typical Radar Receiver Output 


a. One of the most important factors that impacts the effectiveness of radar 
noise jamming is the J/S ratio (Figure 10-2). As discussed in Chapter 9, the power 
output of the noise jammer must be greater than the power in the target return, as 
measured at the output of the radar receiver. To achieve this level of jamming 
power, radar noise jammers usually generate high-power jamming signals. These 
high-power jamming signals can be introduced into the victim radar's main beam 
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to deny range information and into the victim radar's sidelobes to deny azimuth 
information. 
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Figure 10-2. Impact of Noise Jamming 


b. Another factor which impacts the effectiveness of radar noise jamming is 


the power density. The power density of the noise jamming signal has a direct 
relation to the J/S ratio. 


(1) If the noise jamming signal is centered on the frequency and bandwidth 
of the victim radar, the jamming signal has a high power density. The ability of a 
noise jammer to concentrate the jamming signal depends on the ability of the 


jammer to identify the exact frequency and bandwidth of the victim radar 
(Figure 10-3). 
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Figure 10-3. Power Density — Narrow Bandwidth 
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(2) If the generated noise jamming signal has to cover a wide bandwidth or 
frequency range, the power density at any one frequency is reduced (Figure 10-4). 
Radar systems that are frequency agile or that employ a wide bandwidth can 
reduce, or negate, the effectiveness of noise jamming by reducing the power 
density of the jamming signal. 
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Figure 10-4. Power Density — Wide Bandwidth 


c. The quality of the noise jamming also determines its effectiveness. To 
effectively jam a radar receiver with noise, the jamming signal must emulate the 
thermal noise generated by the receiver. This ensures that the radar operator or 
automatic detection circuit cannot distinguish between the noise jamming and 
normal thermal noise. Thermal noise is referred to as white noise and has a 
uniform spectrum. All of the frequencies in the bandwidth of the receiver have the 
same spectrum and an amplitude that varies based on Gaussian distribution. A 
Gaussian distribution is simply a bell-shaped distribution of amplitudes. In order 
to be effective, the jamming signal should exactly match the characteristics of the 
thermal noise signal of the victim radar receiver. 


d. Polarization of the noise jamming signal is another significant factor that 
impacts its effectiveness. As discussed in Chapter 2, if the polarization of the 
jamming signal does not match the antenna polarization of the victim radar, there 
is a significant power loss in the jamming signal. Noise jamming systems 
designed to counter multiple threat radars, with various polarizations, generally 
use a transmitting antenna with a 45° slant or use circular polarization. Most 
threat systems are horizontally or vertically polarized. This results in a 50% 
reduction in effective radiated power (ERP) for most threat systems. A more 
serious power loss, nearly 100%, in ERP occurs when the jamming antenna is 
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orthogonally polarized with the victim antenna. The polarization of the noise 
jamming signal impacts the J/S ratio and the power density. 


3. RADAR NOISE JAMMING GENERATION 


Noise jamming is produced by modulating an RF carrier wave with random 
amplitude or frequency changes, called noise, and retransmitting that wave at the 
victim radar's frequency. Since noise from numerous sources is always present 
and displayed on a radar scope, noise jamming adds to the problem of target 
detection. Reflected radar pulses from target aircraft are extremely weak. To 
detect these pulses, a radar receiver must be very sensitive and be able to 
amplify the weak target returns. Noise jamming takes advantage of this radar 
characteristic to delay or deny target detection. 


a. The simplest method of generating a high-power Gaussian noise jamming 
signal is to employ a highly amplified diode to generate a noise signal at the 
frequency of the victim radar. This signal is filtered and directly amplified to the 
maximum power that can be generated by the transmitter. This method is called 
direct noise amplification (DINA). The DINA method of noise generation has a 
serious limitation. The maximum power available from linear wideband power 
amplification is extremely limited. Employing any other form of power 
amplification would alter the Gaussian distribution of the jamming signal. This 
method of generating radar noise jamming was used extensively during WW Il. 


b. Modern noise jamming systems generate noise jamming signals by 
frequency modulating a carrier wave at the frequency of the victim radar. FM 
noise jammers employ a receiving antenna to intercept the victim's radar signal. 
The antenna passes the victim radar signal to the receiver for identification. The 
receiver also tunes the jamming signal generator to the correct frequency. The 
receiver uses an automatic frequency control (AFC) circuit to tune the voltage- 
controlled oscillator (VCO) to the frequency of the victim radar. A noise signal is 
generated by the jamming signal generator and added to the tuning voltage of the 
VCO to get an FM jamming signal. This signal is sent to a traveling wave tube 
(TWT) power transmitter. The TWT is normally operated in a saturated mode 
which produces a high-power jamming signal that covers a wider bandwidth than 
the victim radar. This reduces the power density of the signal, but the high power 
levels available from the TWT amplification of an FM signal compensate for this 
loss. The signal is sent to the transmitting antenna and directed toward the victim 
radar. 


c. Figure 10-5 highlights an important feature of a modern radar noise 
jamming system: a look-through capability. A look-through mode allows the 
receiver to periodically sample the signal environment. The objective of the look- 
through mode is to allow the jammer to update victim radar parameters and 
change the jamming signal to respond to changes in the signal environment. This 
greatly enhances the effectiveness of noise jamming systems. One method used 
to provide a look-through capability is to isolate the transmit and receive 
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antennas to allow continuous operation of the receiver to update signal 
parameters. Another method is to switch off the jammer for a brief period to allow 
the receiver to sample the signal environment. Since this latter look-through 
method eliminates the jamming signal, the amount of time the jammer is switched 
off must be kept to a minimum. 
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Figure 10-5. Frequency Modulated (FM) Noise Jamming System 


4. BARRAGE JAMMING 


An important aspect of jamming power is power density. Noise jamming depends 
on power density for its effectiveness. Power density is a function of the 
frequency range, or bandwidth, of the jamming signal. If a jammer covers a 
narrow frequency range, it can concentrate energy in a narrow band. If a jammer 
covers a wide frequency range, the energy is spread over that entire range. Since 
the jammer has fixed radiated power, this lowers the effective jamming power at a 
given frequency. Barrage jamming is a jamming technique where high power is 
sacrificed for the continuous coverage of several radar frequencies (Figure 10-6). 
The jamming signal is spread over a wide frequency range, which lowers the ERP 
at any one frequency. This type of jamming is useful against frequency-agile 
radars, against a radar system that uses multiple beams, or against multiple radar 
systems operating in a specific frequency range. By spreading the jamming over 
a wide frequency range, there is some level of jamming no matter what frequency 
the radar uses. Barrage jamming was used extensively during World War Il. 
Advantages of barrage jamming are its simplicity and ability to cover a wide 
portion of the electromagnetic spectrum. The primary disadvantage is the low 
power density, especially when a high J/S ratio is needed against modern radars. 
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Figure 10-6. Barrage Jamming 


5. SPOT JAMMING 


One way to take advantage of the noise jammer's simplicity, but raise the 
jamming signal power, is to use a spot jammer. The earliest spot jammers were 
very narrow band jammers covering a bandwidth of 10 megahertz or less (Figure 
10-7). This narrow band spot jammer was tuned to the anticipated frequency of 
the target radar. When it is necessary to jam a number of radars at different 
frequencies, more than one jammer is used. One problem that developed was of 
carrying the required number of spot jammers to counter a modern IADS. Also, 
radars that change their operating frequency, or are frequency-agile, defeat the 
spot jammer. Today, intercept panoramic receivers work with spot jammers to 
determine the frequency of the victim radar. A look-through capability is included 
in the system so that the target radar signal can be monitored to assess jamming 
effectiveness. The jamming signal can be adjusted for any changes in the 
operating frequency of the radar. 
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Figure 10-7. Spot Jamming 
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a. The primary advantage of spot jamming is its power density. Radar or 
communications receivers can be countered at longer ranges than when using a 
barrage jammer of equal output power (Figure 10-8). 
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Figure 10-8. Spot Jamming Effectiveness 


b. A disadvantage of the spot jammer is its coverage of a narrow band of the 
frequency spectrum. An operator or computer in the receiver must constantly 
monitor and tune the jamming signal to the target radar's frequency. The 
complexity of this process increases when jamming frequency-agile radars that 
can change frequencies with every pulse. 


6. SWEPT-SPOT JAMMING 


When high power density is required over a large bandwidth, one solution is to 
take spot jamming and sweep it across a wide frequency range (Figure 10-9). This 
preserves the high power density but allows the jamming to cover a large 
bandwidth. The jamming spot is swept across a broad frequency range at varying 
speeds. With this technique, a number of radar systems can be covered. Because 
of their high jamming power, swept-spot jammers are able to cover a number of 
radars operating in a broad frequency range. However, jamming is not 
continuous. Fast swept-spot jamming can approximate continuous jamming by 
causing a phenomenon known as “ringing.” Fast sweeping spot noise is like a 
burst of energy which sets up vibrations within the receiver section. When these 
vibrations last until the next burst of energy is received, this is known as ringing. 
Three factors determine swept-spot jamming effectiveness. The first is the power 
in the spot. The next is the bandwidth, or frequency range, the spot covers. The 
last is the sweep rate. 
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Figure 10-9. Swept-Spot Jamming 


7. COVER PULSE JAMMING 


Cover pulse jamming is a modification of swept-spot jamming. This is a “smart 
noise” technique that is responsive for a short period of time (Figure 10-10). A 
repeater jammer acts as a transponder. It receives several radar pulses and 
determines the PRF of the victim radar. It then uses this data to predict when the 
next radar pulse should arrive. Using an oscillator that is gated for a period of 
time based on predicted pulse arrival time, a noise-modulated signal is amplified 
and transmitted. This process works against a radar with a steady PRF, and 
allows a low-powered repeater to respond to a number of threats by time-sharing. 
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Figure 10-10. Cover Pulse Jamming 
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a. Cover pulse jamming is used to initiate a range gate pull-off (RGPO) 
deception jamming technique. The deception jammer transmits a noise jamming 
signal, or cover pulse, that is much stronger than the target return. The cover 
pulse raises the automatic gain inside the range gate, and the range tracking loop 
initiates tracking on the cover pulse. The deception jammer then increases the 
time delay in the jamming pulse and moves the range tracking gate away from the 
real target (Figure 10-11). 
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Figure 10-11. Range Gate Pull-Off Cover Pulse 


b. A form of cover pulse jamming is also used to initiate a velocity gate pull- 
off (VGPO) technique against continuous wave and pulse Doppler radars. The 
cover pulse, in this case, is a strong jamming signal with the same frequency 
shift as the aircraft return. This cover pulse steals the velocity tracking gate and 
sets up the velocity tracking loop to steal the velocity tracking gate based on 
false target Doppler shifts (Figure 10-12). 
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Figure 10-12. Velocity Gate Pull-Off Cover Pulse 


8. MODULATED NOISE JAMMING 


Modulated jammers are special hybrid jammers which employ noise jamming that 
is either amplitude or frequency modulated. The purpose of this modulated noise 
is to defeat target tracking radars (TTRs) rather than deny range information. 
Modulated noise jamming has proven effective against conical scan and track- 
while-scan (TWS) TTRs. 


a. Modulated jamming alters the noise jamming signal at a frequency that is 
related to the scan rate of the target radar. If modulated jamming is used against 
a conical scan radar, a sine wave signal is used (Figure 10-13). The frequency of 
the sine wave is slightly higher than the scan rate of the victim radar. The 
amplitude difference results in a constantly varying phase between the radar and 
the jamming signal. This phase differential produces false targets with a strong 
signal amplitude everywhere the signals reinforce each other. This causes the 
conical scan radar to track the false returns and lose the real target return. For 
this technique to work, the scan rate of the intended victim radar must be known. 
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Figure 10-13. Conical Scan Modulated Jamming 
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b. Against a TWS radar, a rectangular waveform is used to modulate the noise 
signal. The PRF of the modulation is set at some harmonic of the TWS rate. This 
synchronization results in a number of jamming strobes on the radar scope. Each 
jamming strobe is at a different azimuth or elevation depending on which radar 
beam is being jammed. The number of jamming strobes depends directly on the 
harmonic used to modulate the signal. In Figure 10-14, a modulating signal 
frequency that is four times the scan rate of the radar will produce four jamming 
strobes on the scope. If the jamming is slightly out of tune with the scan rate, the 
jamming strobes will appear to roll across the radar scope. 
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Figure 10-14. TWS Modulated Jamming 


9. SUMMARY 


Radar noise jamming is employed to deny target acquisition and target tracking 
data to a victim radar. This is accomplished by injecting amplitude or frequency 
modulated noise jamming signals into the victim radar's receiver. The radar noise 
jamming techniques discussed in this chapter included barrage, spot, swept- 
spot, cover pulse, and modulated jamming. The effectiveness of these noise 
jamming techniques depends on the power density of the jamming signal 
compared to the power in the radar return, or the J/S ratio. Radar noise jammers 
are generally simple, high-power systems which can be effectively employed in a 
support or self-protection role. Radar noise jamming can be employed in 
conjunction with deception jamming techniques to maximize the impact of 
jamming on victim radars. 
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CHAPTER 11. DECEPTION JAMMING 


1. INTRODUCTION 


Deception jamming systems are designed to inject false information into a victim 
radar to deny critical information on target azimuth, range, velocity, or a 
combination of these parameters. To be effective, a deception jammer receives 
the victim radar signal, modifies this signal, and retransmits this altered signal 
back to the victim radar. Because these systems retransmit, or repeat, a replica of 
the victim's radar signal, deception jammers are known as repeater jammers. The 
retransmitted signal must match all victim radar signal characteristics including 
frequency, pulse repetition frequency (PRF), pulse repetition interval (PRI), pulse 
width, and scan rate. However, the deception jammer does not have to replicate 
the power of the victim radar system. 


a. A deception jammer requires significantly less power than a noise jamming 
system. The deception jammer gains this advantage by using a waveform that is 
identical to the waveform the radar's receiver is specifically designed to process. 
Therefore, the deception jammer can match its operating cycle to the operating 
cycle of the victim radar instead of using the 100% duty cycle required of a noise 
jammer. To be effective, a deception jammer's power requirements are dictated 
by the average power of a radar rather than the peak power required for a noise 
jammer. In addition, since the jammer waveform looks identical to the radar's 
waveform, it is processed like a real return. The jamming signal is amplified by 
the victim radar receiver, which increases its effectiveness. The reduced power 
required for effective deception jamming is particularly significant when 
designing and building self-protection jamming systems for tactical aircraft that 
penetrate a dense threat environment. Deception jamming systems can be 
smaller, lighter, and can jam more than one threat simultaneously. These 
characteristics give deception jammers a great advantage over noise jamming 
systems. 


b. Although deception jammers require less power, they are much more 
complex than noise jammers (Figure 11-1). Memory is the most critical element of 
any deception jammer. The memory element must store the signal characteristics 
of the victim radar and pass these parameters to the control circuitry for 
processing. This must be done almost instantaneously for every signal that will 
be jammed. Any delay in the memory loop diminishes the effectiveness of the 
deception technique. Using digital RF memory (DRFM) reduces the time delay 
and enhances deception jammer effectiveness. Deception jamming employed in a 
self-protection role is designed to counter lethal radar systems. To be effective, 
deception jamming systems must be programmed with detailed and exact signal 
parameters for each lethal threat. 
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Figure 11-1. Deception Jamming System 


c. The requirement for exact signal parameters increases the burden on 
electronic warfare support (ES) systems to provide and update threat information 
on operating frequency, PRF, PRI, power pulse width, scan rate, and other unique 
signal characteristics. An electronic intelligence (ELINT) architecture is required 
to collect, update, and provide changes to deception jamming systems. In 
addition, intelligence and engineering information on exactly how a specific 
threat system acquires, tracks and engages a target is essential in identifying 
system weaknesses. Once a weakness has been identified, an effective deception 
jamming technique can be developed and programmed into a deception jammer. 
For example, if a particular radar system relies primarily on Doppler tracking, a 
Doppler deception technique will greatly reduce its effectiveness. Threat system 
exploitation is the best source of detailed information on threat system 
capabilities and vulnerabilities. Effective deception jamming requires much more 
intelligence support than does noise jamming. 


d. Most self-protection jamming techniques employ some form of deception 
against a target tracking radar (TTR). The purpose of a TTR is to continuously 
update target range, azimuth, and velocity. Target parameters are fed to a fire 
control computer that computes a future impact point for a weapon based on 
these parameters and the characteristics of the weapon being employed. The fire 
control computer is constantly updating this predicted impact point based on 
changes in target parameters. Deception jamming is designed to take advantage 
of any weaknesses in either target tracking or impact point calculation to 
maximize the miss distance of the weapon or to prevent automatic tracking. This 
chapter will discuss the most commonly employed deception jamming 
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techniques, including false target jamming, range deception jamming, angle 
deception jamming, velocity deception jamming, and monopulse jamming. 


2. FALSE TARGET JAMMING 


False target jamming is an effective jamming technique employed against 
acquisition, early warning, and ground control intercept (GCI) radars. The 
purpose of this type of jamming is to confuse the enemy radar operator by 
generating many false target returns on the victim radar scope. When false target 
deception jamming is successfully employed, the radar operator cannot 
distinguish between false targets and real targets (Figure 11-2). 
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Figure 11-2. False Target Generation 


a. To generate false targets, the deception jammer must tune to the 
frequency, PRF, and scan rate of the victim radar. The jamming pulse must 
appear on the radar scope exactly like a radar return from an aircraft. Multiple 
false targets greater in range than the jammer are generated by delaying the 
transmission of a jamming pulse until after the victim radar pulse has been 
received. False targets closer in range are generated by anticipating the arrival of 
a radar pulse and transmitting a jamming pulse before the victim radar pulse hits 
the aircraft. If the victim radar employs a jittered PRF, only targets greater in 
range can be generated. 


b. To generate different azimuth false targets, the deception jammer 
synchronizes its transmitted pulse with the victim radar's sidelobes. Due to their 
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reduced power, when compared to the main beam, sidelobes are difficult to 
detect and analyze. The receiver in the deception jammer must be sensitive 
enough to detect these sidelobes and not be saturated by the power in the main 
radar beam. A false target deception jammer must inject a jamming pulse that 
looks like a target return into these sidelobes. To penetrate the radar sidelobes 
requires a lot of power. However, the power must be judiciously used. If a 
powerful jamming pulse is injected into the main beam, the false targets will be 
easy to detect. Most false target jammers vary the power in the jamming pulse 
inversely with the power in the received signal, on a pulse-by-pulse basis. This 
means the repeater jamming signal is at minimum power when the main beam of 
the victim radar is on the aircraft and at maximum power when the sidelobes are 
being jammed. To effectively generate false azimuth targets, the jammer must 
have a receiver with a wide dynamic range to detect both the main beam and the 
sidelobes. In addition, the jamming system must be able to generate high power 
that can be effectively controlled by the receiver. 


c. To generate moving false targets, the deception jammer must synchronize 
with the main beam and the sidelobes in frequency, pulse width and PRF. 
Amplitude modulated jamming signals, with variable time delays, are transmitted 
into the sidelobes of the victim radar. The variable time delay provides a false 
target that changes range, either toward or away from the radar, depending on 
the time delay. The amplitude modulation provides false azimuth targets that 
appear to be moving. 


d. The effectiveness of false target generation is based on the credibility of 
the generated false radar returns. If the victim radar can easily distinguish 
between false returns and target returns, the technique is a failure. The false 
returns must look identical to an aircraft return. The radar return on the victim 
radar scope should have the same intensity, depth, and width as a target return. 


(1) Power determines the false target intensity when it is displayed on the 
victim radar scope. Varying jammer output power inversely with received power 
ensures that each false target has nearly the same intensity as a true target 
return. The depth, or thickness, of the false target depends on the pulse width of 
the victim radar. By matching the pulse width of the jamming pulse with the pulse 
width of the victim radar, the jammer can generate false targets with the same 
depth as a real target return. 


(2) The width of the false target depends on the antenna pattern of the 
victim radar. This can pose a problem for false-target deception jammers. 
Because the jamming pulse is transmitted the entire time the radar beam is on the 
jammer, the width of a false target will tend to be greater than a real target return. 
Aircraft radar return varies with main beam cross-section. To correct this 
problem, most false target deception jammers use random modulation in the 
power of the transmitted pulses. This will vary the width of the false targets and 
make them look more like the variable returns of actual targets. 
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3. RANGE DECEPTION JAMMING 


Although a specific TTR can track multiple targets and direct multiple weapons, 
the tracking circuit must select a single target return and track it while ignoring 
all other returns. Target selection is done by using gate bins. The range gate is 
used as the primary gate for target selection. A range gate is an electronic switch 
that is turned on for a period of microseconds based on a certain range or time 
delay after a pulse is transmitted (Figure 11-3). 
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Figure 11-3. Range Gate Tracking 


a. Range deception jamming exploits any inherent weakness in a TTR's 
automatic range gate tracking circuits. When a TTR's range gate locks on to an 
aircraft, the range deception jammer detects the radar signal. The range 
deception jammer then amplifies and retransmits a signal much stronger than the 
radar return. This retransmitted signal, called a cover pulse, is displayed in the 
range gate with the target signal (Figure 11-4). 
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Figure 11-4. Range Gate Jamming Cover Pulse 


b. The automatic gain control (AGC) circuit lowers the gain in the range 
tracking gate to control the amplitude of the cover pulse in the range gate. 
Reduced gain causes the real target return to be lost, and the range gate only 
tracks the jamming signal. This is known as range gate capture. 


c. Once the range gate is captured by the cover pulse, a technique called 
range gate pull-off (RGPO) is employed (Figure 11-5). The deception jammer 
memorizes the radar signal and introduces a series of time delays before 
retransmitting. By increasing these time delays, the range gate will detect an 
increase in range and automatically move off to a false range. Once the range 
gate has moved well away from the real target, the range deception jammer shuts 
down, and the radar range gate is left with no target to track. The range gate 
breaks lock and the TTR must again go through the process of search, 
acquisition, and lock-on to re-engage the target. 
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Figure 11-5. Range Gate Pull-Off 


d. There are several advantages of range deception jamming, especially when 
used as a self-protection technique. It can generate sufficient errors to deny 
range information and is effective against most automatic range tracking 
systems. This technique does not require a large amount of power, just enough 
to cover the radar return of the aircraft. If the time delays are not exaggerated, an 
operator may not detect the loss of range lock-on until after a missile has been 
fired. The insidious nature of range deception jamming may generate enough 
miss distance to save the aircraft and pilot. 


e. There are disadvantages to using range deception jamming. First, it can be 
defeated by a trained radar operator. If the operator detects a problem with the 
automatic range tracking circuit, the system can be switched to manual range 
tracking mode to defeat RGPO. Also, if the threat system is still able to track the 
aircraft's azimuth and elevation, range information may not be required to 
complete target engagement. To maximize range deception jamming 
effectiveness, it should be employed in conjunction with azimuth and elevation 
jamming. Finally, this type of range deception jamming is not effective against a 
leading-edge range tracking system. A leading-edge tracker will not see the 
delayed cover pulse. As the cover pulse moves off the target, AGC circuits reset 
the gain to continue tracking the real target. The only way to defeat a leading- 
edge range tracker is with a deceptive jammer that anticipates the next radar 
pulse and sends a jamming cover pulse before it reaches the aircraft. This 
jamming technique can also be defeated by randomly varying the radar PRF. 
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4. ANGLE DECEPTION JAMMING 


Angle deception jamming is designed to exploit weaknesses in the angle tracking 
loop of the victim radar. The specific technique depends on the tracking method 
used to derive azimuth and elevation information. Inverse amplitude modulation 
jamming is the main angle deception technique used against TWS radars. For 
conical scan radars, scan rate modulation and inverse gain jamming are used. 
Swept square wave (SSW) jamming is used against LORO tracking radars. 
Monopulse angle deception jamming will be covered separately. 


a. The azimuth and elevation tracking loop for a TWS radar is based on target 
signal amplitude modulation. The inverse amplitude modulation jammer 
generates a signal with modulation exactly opposite the expected return. To 
accomplish this, the angle deception jammer must receive the radar signals from 
the tracking beams. The jammer responds with a signal of the same frequency, 
PRF, and scan rate synchronized to the inverse of the radar antenna pattern 
(Figure 11-6). This induces an error in the angle tracking gate that, over a series 
of scans, causes the radar to lose target angle tracking. 
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Figure 11-6. Inverse Amplitude Modulation Jamming 
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b. Inverse gain jamming is also effective against conical scan radars. Since 
conical scan radars use the phase of the target returns to generate error signals, 
an inverse gain deception jammer attempts to alter the phase by inducing fake 
signals into the antennas. In addition, by altering the amplitude of the signal, the 
jammer induces large errors into the tracking loop. To accomplish this, the 
jammer must determine the frequency, PRF, and scan rate of the victim radar. It 
then transmits signals that change the phase and amplitude of the target signal, 
resulting in a signal 180 degrees out of phase with the actual target (Figure 11-7). 
This 180-degree error rapidly drives the antenna off the target and causes 
break-lock. 
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Figure 11-7. Inverse Gain Jamming 


c. Scan rate modulation is also used against conical scan radars. This angle 
deception technique modulates the jamming pulse at or near the victim radar 
nutation frequency. As the modulation approaches the radar's_ nutation 
frequency, large error signals appear in the radar servo tracking loops, producing 
random gyrations in the antenna system, causing break-lock. This technique is 
most effective if the modulation jamming is slowly swept in frequency until it 
matches the nutation rate. 
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d. Both inverse scan and scan rate modulation jamming require very little 
power and have proven extremely effective against TWS and conical scan radars. 
To be effective, however, the angle deception jammer must find the precise scan 
rate of the victim radar. The jammer must concentrate on one signal at a time, 
limiting the number of threat systems that can be jammed simultaneously. In a 
dense threat environment, this can be a severe limitation. 


e. The effectiveness of inverse gain and scan rate modulation jamming led 
radar designers to employ antennas that scan only during the receiving function 
of the radar system. Generally, this is accomplished by using two antennas. The 
transmitting antenna illuminates the target. Receiving antennas scan to produce 
the amplitude modulation of the reflected signal for effective angle tracking. This 
technique is called Lobe-On-Receive-Only (LORO). Since the transmitting 
antenna does not nutate, or scan, angle deception jammers cannot detect the 
modulation required to generate effective inverse gain modulation. Swept square 
wave (SSW) jamming is the angle deception technique developed to counter 
LORO angle tracking. 


f. SSW jamming continuously varies the frequency of amplitude modulation 
on the jamming pulse over an expected range of nutation or scanning 
frequencies. This range is established by either electronic intelligence (ELINT) 
data on a particular system, or by exploitation. The dotted line in Figure 11-8 
shows a threat's nutation or scan frequency. As the frequency of the modulated 
jamming pulse approaches the threat scan frequency, it induces errors in the 
angle tracking loop of the victim radar. The longer the SSW jamming stays near 
the scan frequency, the greater the induced errors. It is important that the sweep 
rate of the modulating jamming be slow enough to maximize its impact on the 
victim radar. 
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Figure 11-8. Swept Square Wave Jamming 
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5. VELOCITY DECEPTION JAMMING 

Pulse Doppler and continuous wave (CW) radars track targets based on velocity 
or Doppler-shifted frequency (Figure 11-9). The objective of velocity deception 
jamming is to deny velocity tracking information and generate false velocity 
targets. The primary techniques include velocity gate pull-off (VGPO), Doppler 
noise, narrowband Doppler noise, and Doppler false targets. 
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Figure 11-9. Velocity Tracking Gate 


a. Velocity gate pull-off counters pulse Doppler or CW radars by stealing the 
velocity gate of their automatic tracking loop. The objective of VGPO is to capture 
the Doppler velocity tracking gate by transmitting an intense false Doppler signal. 
Then the frequency of the false signal is changed to move the tracking gate away 
from the true target Doppler. This is analogous to the RGPO technique used 
against the range gate tracking loop. 


(1) To accomplish an effective VGPO technique, the jammer receives the 


CW or pulse Doppler signal. It then retransmits a CW or pulse Doppler signal that 
is higher in power than the return from the aircraft, but at approximately the same 
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Doppler frequency (Figure 11-10). It is important that the frequency of this initial 
jamming pulse appears within the same velocity tracking filters as the target 
return or the victim radar will disregard it. The frequency band of the Doppler 
tracking filters is an important piece of intelligence information. The velocity 
tracking gates are quite narrow, roughly 50 to 250 MHz. Once the jamming pulse 
appears in the tracking gate, the automatic gain control circuit gains out the 
target return, and the jamming pulse has captured the velocity gate. 
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Figure 11-10. Velocity Gate Capture 


(2) Once the jamming pulse has captured the tracking gate, the deception 
jammer slowly changes the Doppler frequency (Figure 11-11). This frequency 
shift is accomplished by several methods. The most common method uses 
frequency modulation (FM) within the jammer’s traveling wave tube (TWT). By 
varying the TWT voltage, the Doppler frequency of the jamming pulse is changed 
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linearly, and the radar tracking gates follow the jamming pulse. By using FM, the 
jamming pulse can be moved in either a positive or negative direction, depending 
on the slope of the voltage. By slowly changing the frequency of the modulation, 
the jamming pulse pulls the tracking gates off the target. When the maximum 
offset has been achieved, nominally 5 to 50 kHz, the FM is “snapped back” to a 
minimum value, and the process is repeated to preclude target reacquisition. 
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Figure 11-11. Velocity Gate Pull-Off 


(3) The rate of change of frequency offset in a VGPO pulse is an extremely 
critical parameter. Many CW and pulse Doppler radars employ acceleration stops 
as part of the tracking gates. By differentiating the velocity outputs of the velocity 
tracking gates with respect to time, the velocity tracker computes target 
acceleration. Acceleration stops detect and reject unusually large changes in 
target acceleration. If the VGPO technique changes the frequency of the jamming 
pulse too rapidly, the tracking loop, with acceleration stops, will reject the 
jamming pulse and stay on the target. This means that an effective VGPO 
technique may take from one to ten seconds. 


b. Doppler noise differs from most noise techniques in that it is a repeater 
technique. The jamming system must receive the pulse Doppler radar signal in 
order to generate an appropriate jamming pulse. Also, noise jamming output is 
done on a pulse-by-pulse basis and only lasts as long as the pulse duration, or 
pulse width, of the victim radar signal (Figure 11-12). The Doppler noise jammer 
receives each pulse and applies a random frequency shift, either positive or 
negative, to each pulse. 
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Figure 11-12. Doppler Noise Jamming 


(1) When Doppler noise jamming pulses are processed by the signal 
processor, and the Doppler frequencies are sent to the velocity tracking gate, 
there are so many different velocities that the tracking gate cannot distinguish 
the target from the jamming. The random distribution of target velocities 
effectively masks the true target Doppler velocity. If the velocity tracking loop is 
not saturated, multiple false targets traveling at different speeds will be 
displayed. 


(2) When a technique called Doppler noise blinking is employed, it 
interferes with the angle and velocity tracking within most semi-active radar 
missiles. Doppler noise blinking is accomplished by rapidly transmitting bursts of 
Doppler noise jamming (Figure 11-13). 





Transmitted 


Aan 
Doppler Li etc 


Noise Doppler 


4S 1 


© 
5 6} 
2 
a 
= 
og 


“—“TYYXIERX...._KIJIIXXX] bee 


Doppler Tracking Clutter 
Filter Filters 





Figure 11-13. Impact of Doppler Noise Jamming 
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(3) Doppler noise jamming is effective against most pulse Doppler radars 
and the semi-active missiles employed with these radars. One disadvantage, 
however, is that it is only effective against the velocity tracking loop. If range 
tracking is still available to the radar, Doppler noise may highlight the jamming 
aircraft. Another disadvantage is that Doppler noise requires a sophisticated 
jammer able to receive the victim radar pulse, generate random positive and 
negative frequency modulations on this pulse, and retransmit the jamming pulses 
at the PRF and pulse width of the victim radar. This requires an extremely fast 
signal processing capability and detailed intelligence information on the victim 
radar. 


c. Narrowband Doppler noise is also a repeater technique. The jamming 
system receives the pulse Doppler radar signal and generates a noise jamming 
signal on a pulse-by-pulse basis (Figure 11-14). Narrowband Doppler noise 
requires detailed information on the frequency coverage of an individual velocity 
tracking filter, or velocity bin, employed by the victim radar. Once this frequency 
range is known, the jammer receives each pulse from the victim radar and 
transmits jamming pulses with a higher and lower frequency shift based on the 
real target Doppler. These frequency shifts are always within the frequency range 
of the velocity bin. 
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Figure 11-14. Narrowband Doppler Noise 


(1) When these pulses are processed by the signal processor and the 
Doppler signals are sent to the velocity tracking gates, the particular bin that 
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contains the target Doppler also contains several other targets generated by the 
jammer. The victim radar signal processor attempts to distinguish the target 
Doppler from the jamming pulses. It raises the gain in the velocity tracking bins, 
thinking that the signal with the highest amplitude is the target. But, as the signal 
gain is increased, the target is “gained out” with the jamming signals and no 
target is displayed. This is called velocity bin masking and can completely deny 
target information to a pulse Doppler radar (Figure 11-15). 


Target Lost 


— ee = Gail 


ee ee ee Gain 2 


o 
xe) 
= 
rot 
= 
< 


Frequency 





Figure 11-15. Velocity Bin Masking 


(2) The advantage of narrowband Doppler noise is that it completely 
masks an aircraft's velocity from a pulse Doppler radar. The disadvantages 
include the following: When the victim radar can range-track an_ aircraft, 
narrowband Doppler noise highlights the aircraft's presence. To be effective, 
narrowband Doppler noise requires knowledge of the frequency range of the 
victim radar's velocity tracking bins, or filters. This detailed information may be 
available only through threat system exploitation. Finally, sophisticated signal 
processing and jamming systems are required to receive and transmit in the very 
narrow frequency band of the velocity bin. 


d. Doppler false target jamming is normally used with narrowband Doppler 


noise or other deception techniques. Its purpose is to initially confuse the radar 
signal processor with multiple targets and then force the radar signal processor 
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to raise its gain levels in the velocity tracking loop. The Doppler false target 
jammer receives each pulse of the victim radar and applies a random frequency 
shift to a selected number of these pulses (Figure 11-16). 
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Figure 11-16. Impact of Doppler False Target Jamming 


(1) The selected pulses are processed by the signal processor, and 
multiple Doppler frequencies are sent to the velocity tracking gate. In an attempt 
to distinguish the target from the jamming pulses, the signal processor increases 
the gain in each tracking filter, assuming the target Doppler has a higher 
amplitude than the jamming pulses. This increase in gain sets up the velocity 
tracking loop for a narrowband Doppler noise technique that will cause the real 
target to be lost among the generated false targets. 


(2) The advantage of Doppler false target jamming is that it can initially 
confuse the radar signal processor and the radar operator as to the velocity of 
the real target. It also sets up the radar for narrowband Doppler noise technique 
and increases its effectiveness. The disadvantage is that the signal processor or 
the radar operator will eventually be able to distinguish the real target from the 
false targets based on its velocity. This jamming technique is much more 
effective when used in conjunction with other Doppler jamming techniques. 


6. MONOPULSE DECEPTION JAMMING 


The ability of monopulse tracking radars to obtain azimuth, range, and elevation 
information on a pulse-by-pulse basis make them extremely difficult to jam 
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(Figure 11-17). Amplitude modulation jamming used against conical scan or TWS 
radars, such as inverse scan and swept square wave, highlights a target, making 
monopulse tracking easier. Frequency modulation techniques, such as RGPO 
and VGPO, are equally ineffective. They serve as a beacon that aids the 
monopulse radar's target tracking ability. The monopulse radar may be able to 
track the jammer with more accuracy than tracking actual radar returns because 
target glint effects are absent from the jamming pulse. Monopulse angle jamming 
techniques can be divided into two main categories, system-specific and 
universal. Examples of system-specific jamming techniques include skirt 
frequency jamming, image jamming, and cross-polarization jamming. These 
techniques attempt to exploit weaknesses in the design and operation of specific 
monopulse radars. Cross-eye jamming, a universal technique, attempts to exploit 
all monopulse radar systems. 
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Figure 11-17. Monopulse Radar Receiver 


a. Skirt frequency jamming, or filter skirt jamming, is designed to counter the 
monopulse receiver. Skirt frequency jamming is based on the fact that the 
intermediate frequency (IF) filter of the monopulse receiver must be correctly 
tuned to the transmitting frequency of the monopulse radar. It these two 
components are not exactly tuned, the target signal may be presented on the 
edge, or skirt, of the receiver IF filter. This offers an opportunity to inject a 
jamming signal into this skirt (Figure 11-18). 
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Figure 11-18. Filter Skirt Jamming Pulse 


(1) Filter skirt jamming attempts to take advantage of this frequency 
imbalance by transmitting a jamming pulse tuned slightly off the radar 
transmitted frequency and in the middle of the receiver IF filter. This jamming 
pulse will generate a false error signal and drive the antenna away from the true 


target return. 


(2) A well designed and maintained monopulse system does not have a 
frequency imbalance. The transmitter and IF filter frequencies will be identical. 
Jamming signals that are even slightly out of this narrow frequency range will not 
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Figure 11-19. Ineffective Filter Skirt Jamming 
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(3) Effective filter skirt jamming requires extensive knowledge of the 
internal operation of the IF filter. This information can normally be obtained only 
by system exploitation. Variances from radar to radar and frequency imbalance 
exists from one radar IF filter to another. This creates a high degree of 
uncertainty in the effectiveness of this technique. 


b. Image jamming exploits another potential weakness in the monopulse 
receiver (Figure 11-20). Some monopulse receivers have a wide-open front end 
with no preselection before the mixer. If the jammer transmits a pulse at the 
intermediate, or image, frequency, but out of phase with this frequency, the phase 
of the target tracking signal will be reversed and the antenna will be driven away 
from the target (Figure 11-21). Effective image jamming requires detailed 
information on the operation of the monopulse receiver. Of particular importance 
is the image, or intermediate, frequency and whether the local oscillation 
frequency is above or below the transmitted frequency. This may require 
exploitation of the monopulse threat system. In addition, a well-designed 
monopulse system has preselection in the front end and will reject signals that 
are out of phase with the transmitted frequencies. This capability renders image 
jamming ineffective. 
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Figure 11-20. Monopulse Image Frequency 
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Figure 11-21. Monopulse Image Jamming 


c. Cross-polarization jamming exploits the difference in the monopulse 
antenna pattern for a jamming pulse that is polarized orthogonal to the design 
polarization. The antenna pattern for a two-channel monopulse radar using sigma 
and delta beams shows the tracking point to be between the two beams (Figure 
11-22). This is true if the radar is using its design polarization. However, the radar 
antenna also has a receiving pattern for a signal that is cross-polarized with the 
design frequency. For a cross-polarized signal, the tracking point is shifted one 
beamwidth to the right. This shift in the tracking point results in a target tracking 
signal that is 180° out of phase with the real signal. To be effective, a jamming 
signal polarized orthogonally to the design frequency of the radar would have to 
be 25 to 30 decibels, or about 1000 times, stronger than the radar signal. 
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Figure 11-22. Cross-Polarization Antenna Pattern 
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(1) A cross-polarized jammer must receive and measure the polarization of 
the victim monopulse radar. The jammer then transmits a very high power 
jamming signal at the same frequency, but orthogonally polarized, to the victim 
radar. As a rule, the jamming signal must be 25 to 30 dBs stronger than the target 
return to exploit the tracking errors in the cross-polarized antenna pattern. 
Additionally, it must be as purely orthogonal to the design polarization as 
possible. Any jamming signal component that is not purely orthogonal will 
highlight the target and require more jamming power to cover the target return. 


(2) A cross-polarized jammer must be able to generate a powerful jamming 
pulse that is polarized orthogonal to the victim radar. A cross-polarized jammer 
that generates the power and purity of polarization required to defeat monopulse 
angle tracking poses extreme technological challenges. 


d. Cross-eye jamming is a complex technique that attempts to distort the 
wavefront of the beams in a monopulse radar and induce angle tracking errors. It 
exploits two basic assumptions of monopulse tracking logic in comparing target 
returns on a pulse-by-pulse basis. The first assumption is that a target return will 
always be a normal radar pulse echo. The second assumption is that any shift in 
amplitude or phase in a target return is due to the tracking antenna not pointing 
directly at a target. This condition generates an error signal and the antenna tries 
to null, but the amplitude or phase shifts. 


(1) Cross-eye jamming attacks the two assumptions through a process of 
receiving and transmitting jamming pulses from different antennas separated as 
far apart as possible. In Figure 11-23, the phase front of a monopulse signal is 
received by the number 1 receive antenna, amplified by the repeater, and 
transmitted by the number 2 transmit antenna. The same phase front then hits 
receive antenna number 2, is shifted 180°, amplified by the repeater, and 
transmitted by the number 1 transmit antenna. These two out-of-phase signals 
must be matched in amplitude and must exceed the amplitude of the target 
return. 


(2) When these jamming signals arrive at the victim radar, the tracking 
loop attempts to null out the amplitude and phase differences. With two widely 
spaced jamming sources at different phases, the antenna never achieves a null 
position or tracking solution. The distance between antenna pairs is an important 
parameter that determines the effectiveness of cross-eye jamming. The wider the 
spacing between antenna pairs, the more distortion in the victim's wave front 
near the true radar return. Most fighter aircraft do not provide sufficient spacing 
between the antennas to maximize effectiveness. Effectiveness is also lost when 
the aircraft is abeam or going away from the radar. To further complicate matters, 
when the radar is directly in front of the aircraft, the jamming pulses must have a 
power at least 20 dBs above the target return. Cross-eye jamming can also be 
defeated with a leading-edge tracker that rejects jamming signals arriving at the 
antenna behind the target return. 
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(3) Countering monopulse angle tracking is the greatest challenge for self- 
protection jamming systems. Skirt jamming and image jamming have had limited 
success. Cross-polarization and cross-eye jamming techniques require complex 
and sophisticated circuitry and much power. 
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Figure 11-23. Cross-Eye Jamming 





7. TERRAIN BOUNCE 


Terrain bounce is a jamming technique used primarily at low altitude. It is used to 
counter semi-active, air-to-air missiles and monopulse tracking radars. The 
technique involves a repeater jammer that receives the radar or missile guidance 
signal. The jammer amplifies and directs this signal to illuminate the terrain 
directly in front of the aircraft. The missile or radar tracks the reflected energy 
from the spot on the ground instead of the aircraft (Figure 11-24). 
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Figure 11-24. Terrain Bounce 


a. To be effective, the terrain bounce jamming antennas should have a narrow 
elevation beamwidth and a broad azimuth beamwidth. This transmission pattern 
maximizes the energy directed toward the ground and minimizes the energy 
transmitted toward the missile or radar. To overcome signal losses associated 
with uncertain terrain propagation, the jamming system should also generate 
high jamming power. This ensures the energy reflected from the terrain is higher 
than the energy in the aircraft return. The terrain bounce jamming antennas 
should have very low sidelobes to preclude activation of any home-on-jam (HOJ) 
missile capability. For an air-to-air missile, the terrain bounce technique should 
be activated at long range. This will initially put the aircraft and the jamming spot 
in the same resolution cell. As the range decreases, the missile will be decoyed 
by the higher power in the jamming spot. 


b. Some problems associated with terrain bounce jamming include the 
uncertainty of the signal scattering parameters of the various terrain features and 
the possible changes in signal polarization caused by terrain propagation. In 
addition, terrain bounce jamming can place maneuvering restrictions and 
maximum altitude limitations on the aircraft. 


8. SUMMARY 


There are several deception jamming techniques that can be employed to counter 
threat radar systems. The effectiveness of these techniques can be enhanced 
when they are employed in combination. For example, the effectiveness of an 
RGPO technique is enhanced when an angle deception technique is also 
employed. Determining the most effective deception technique, or combination of 
techniques, can present a challenge to intelligence and engineering analysts. 
However, when employed with maneuvers and chaff, deception techniques can 
mean the difference between success and failure on the modern battlefield. 
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CHAPTER 12. DECOYS 


1. INTRODUCTION 


A decoy is a device designed to look to an enemy radar more like an aircraft than 
the actual aircraft itself. Decoys do three primary missions: they saturate the 
enemy's integrated air defense system (IADS), coerce the enemy into exposing 
his forces prematurely, and defeat tracking by enemy radar. This chapter will 
discuss saturation decoys, towed decoys, and expendable active decoys. Chaff 
and flare systems will be discussed in separate chapters. 


2. SATURATION DECOYS 


A saturation decoy is usually an expendable vehicle designed to emulate a 
penetrating aircraft. Its mission is to deceive and saturate an enemy's IADS. 
Employing multiple saturation decoys can force an IADS to devote critical 
resources to engage these false targets. This depletes enemy assets available to 
engage penetrating aircraft. In addition, ground or air launched saturation decoys 
can be used to stimulate the IADS, to collect intelligence data, or to initiate 
attacks by suppression of enemy air defense (SEAD) assets. The three main 
characteristics of saturation decoys are their electronic signature, their flight 
program, and their mission type. 


a. Saturation decoys must present an electronic signature, or radar return, 
that is indistinguishable from the aircraft they are protecting. Decoys can do this 
by either passive or active measures, or use a combination of both. A passive 
decoy is essentially a flying radar reflector. The size, shape, and materials used in 
the decoy are optimized to ensure that the proper amount of radar energy is 
returned to the enemy radars. Active decoys employ radar repeater systems to 
receive the enemy radar signal, amplify it and send back a radar return of the 
proper size to confuse the enemy. Reflecting or transmitting the proper size radar 
return is critical for both passive and active decoys. A return that is too large or 
too small will allow the enemy radar operator to differentiate between decoys and 
aircraft, causing the decoys to be ignored. 


b. To continue deceiving an enemy IADS, a decoy must do more than provide 
the proper-sized radar return. Possessing flight characteristics similar to the 
aircraft it is protecting increases the probability that the decoy will effectively 
deceive an IADS for a sustained period of time. Modern decoys can either be 
powered with rockets, miniature engines, or simply glide for very long distances 
based upon the altitude and airspeed of the jet that releases them. Additionally, 
their flight paths can be pre-programmed into an onboard autopilot, allowing the 
decoy to fly an independent ground track, thus increasing their appearance as 
attack aircraft worth tracking. 
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c. Saturation decoys carry out two of the three decoy missions. Launched in 
significant numbers, they can saturate or overburden an IADS. Meanwhile, their 
realistic electronic image and preprogrammed flight paths entice the enemy to 
turn on radars and show his forces. 


(1) Saturation decoys launched in coordination with an attacking strike 
package force the enemy to take time to process meaningless tracks and tie up 
critical assets. In this role, decoys primarily work against the early warning 
network of the enemy IADS by presenting the IADS with numerous targets to sort 
and track. Resources committed to tracking decoys may not be available to track 
actual aircraft. Additionally, if an enemy knows that decoys are present, he may 
not commit any resources against targets for fear they are just decoys. 


(2) Time of radiation or “emission control” is a critical factor for 
acquisition and target tracking radars. To be effective and survive on the 
battlefield, ground threat radars radiate as little as possible; too much time 
radiating allows ELINT collectors to find their location and either direct aircraft to 
avoid them or call in an attack upon them. Therefore, when a decoy can get a 
radar to emit, the radar is now essentially compromised and can be avoided or 
attacked. Getting the enemy's radars to emit is called “stimulating the IADS,” 
which is generally a precursor to any threat suppression mission. 


(3) An extremely successful example of using decoys to stimulate the 
IADS was carried out in the Bekaa Valley in 1982. The Israelis opened the conflict 
by launching saturation decoys to successfully simulate an attack. While the 
Syrians reloaded, Israeli fighters attacked, destroying 17 of 19 Syrian SA-6s in the 
beginning of the battle. With the ground threat neutralized, the Israeli Air Force 
went on to destroy 85 Syrian fighters in the pure air-to-air conflict that resulted. 





Figure 12-1. Tactical Air Launched Decoy 


d. Two examples of saturation decoys are the Navy's Tactical Air Launched 
Decoy (TALD) in Figure 12-1 and the Air Force's proposed Miniature Air Launched 
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Decoy (MALD) in Figure 12-2. Both of these decoys can work actively or passively 
and both have pre-programmable flight paths. The TALD is an unpowered decoy 
normally launched from an F-14 Tomcat. The Air Force's MALD is a smaller jet- 
powered decoy also designed to be used by fighter aircraft. The MALD is 90 
inches long, 6 inches in diameter, and has 25-inch wings that are foldable— 
essentially it is the size of an air-to-air missile. Because of its small size, the 
MALD can be carried into the target area before it is launched. Once launched it 
uses its speed, independent flight path, and electronically manipulated radar 
signature to make acquisition radars and target tracking radars mistake it for one 
of the attacking aircraft. 





Figure 12-2. Miniature Air Launched Decoy (MALD) 


3. TOWED DECOYS 

A towed decoy is a small jammer that is physically attached to the aircraft (Figure 
12-3). Unlike the saturation decoys that work against the IADS, the towed decoys 
are for individual aircraft survival. Towed decoys are designed to defeat enemy 
missiles in the final stages of an engagement; therefore, towed decoys, as well as 
other expendables, are known as endgame countermeasures. While towed 
decoys are primarily designed to provide sufficient miss distance between an 
attacking semi-active radar missile and the protected aircraft, they may also be 
effective against pulse Doppler radars and monopulse radars. 


a. To be effective, the towed decoy must turn on within the threat radar's 
resolution cell after the radar is tracking the protected target. To successfully 
decoy the missile, the towed decoy must return radar signals with sufficient 
power to simulate a radar cross section (RCS) significantly larger than that of the 
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protected target. There are currently two generations of towed decoys on the 
market. Their primary difference lies in the connection each has with the aircraft 
towing it. 





Figure 12-3. Towed Decoy 


(1) The first generation of towed decoys contains a simple repeater 
jammer that enhances any signal it receives in the proper frequency range. The 
enhanced signal is stronger than the aircraft signal so the missile is lured 
towards the decoy. These decoys are stand-alone units that contain all the 
electronics, processors, receivers and transmitters within them. The only tie to 
the aircraft is for power and status. One of the big advantages of these simple 
repeater devices is that they do not require the exact frequency of the enemy 
radar systems to be effective, they will enhance any signal coming at them. An 
area of concern with the use of towed decoys is possible conflict between the 
onboard jamming system and the towed decoy. The onboard system could 
overpower the decoy, causing the attacking missile to ignore the decoy and track 
the aircraft. 


(2) The second generation of decoys is tethered to the aircraft via fiber 
optic cable. Through this cable travels the different jamming modulations to be 
used by the decoy. These fiber optic towed decoys (FOTD) only contain the 
transmitters; the remaining items are in the jet or the pod. This system allows for 
more complex jamming through the decoy, including cooperative jamming 
between the aircraft and the decoy. 


b. The separation required between the decoy and the aircraft is a primary 
consideration in developing a towed decoy system. The towed decoy should be 
positioned far enough behind the aircraft to preclude warhead fragments from 
missiles guiding on the decoy from also impacting the aircraft. Missile A in Figure 
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12-3 depicts a situation where the missile will detonate well outside of the 
aircraft's safety circle. From a pilot perspective, any restrictions on aircraft 
maneuvering imposed by a towed decoy are very important. The number of 
decoys that can be carried and the time required for decoy deployment are also 
important employment considerations. 


c. Achieving 360° coverage is a primary limitation of a towed decoy system. 
When an aircraft equipped with a towed decoy is abeam a threat radar, the radar 
may be able to discriminate between the aircraft and the decoy. This is a function 
of the resolution cell of the radar. In addition, missiles approaching from a high- 
aspect angle, and above the aircraft (Figure 12-3 - Missile B), may fuse on the 
aircraft while guiding to the decoy. Missiles approaching from a low-aspect angle 
(Figure 12-3 - Missile C) may not fuse on the decoy and subsequently acquire and 
fuse on the aircraft. Finally, if the decoy is destroyed or lost, the time required to 
deploy a replacement decoy is critical, especially if the aircraft is engaged by 
multiple missiles. 


d. An example of a fielded towed decoy system is the AN/ALE-50 (Figure 
12-4). This first generation towed decoy system is found on Air Force F-16 and 
B-1 aircraft, and there is a version that is integrated into the ALQ-184 pod. 





Figure 12-4. AN/ALE-50 System 


(1) The system consists of a launch controller subsystem and towed 
decoys. The launch controller houses the decoy before it is launched, provides 
power to the decoy, and provides for the monitoring of the electronics. The decoy 
body is a factory sealed, self-contained unit with everything except for power. 
Power comes through the tether from the host aircraft; the decoy sends its 
operating status back through the tether to the aircraft. 
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(2) ALE-50 decoy use is cleared throughout the flight regime of the F-16 
and B-1. Decoys can be deployed without being turned on, but once a decoy has 
been deployed, it cannot be reeled back in and must be severed before landing. 
Procedures are in place to reduce the chance that the onboard jamming system 
will negate the decoy. 


(3) The ALE-50 towed decoy is a wideband RF repeater that provides self- 
protection EA by receiving, electronically amplifying, and retransmitting enemy 
radar RF signals. Upon receiving a threat radar signal, this simple repeater 
amplifies the signal and retransmits it. This provides the radar with two signals, 
one reflected from the aircraft and a stronger one from the decoy. With the signal 
from the decoy being the more attractive, the radar or missile guides towards the 
decoy. During combat operations over Kosovo, ALE-50 decoys were credited with 
saves for both F-16s and B-1s. 


4. EXPENDABLE ACTIVE DECOYS 


Expendable active decoys are designed to lure the tracking gates of an enemy's 
radar away from the aircraft. They are endgame countermeasures like towed 
decoys, but they differ in that expendable decoys free-fall or glide to the ground 
as opposed to being towed behind the aircraft. 


a. Expendable decoys are small, active jamming systems designed to be 
expended by existing aircraft chaff and flare dispensers, such as the AN/ALE-40 
or the AN/ALE-47. Expendable decoys can employ noise or deception jamming 
with noise jamming being the most common. Deception jamming techniques can 
be employed to enhance effectiveness against pulse Doppler radars. There are 
two challenges associated with expendable jammers: the amount of the time the 
jammer is effective and the packaging (Figure 12-5). 





Figure 12-5. Generic Expendable 
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b. Expendable decoys are designed to provide protection for the dispensing 
aircraft for a specific period. The dispensing altitude and rate of fall determine 
this period of effective coverage. Expendable decoys can employ small 
parachutes of aerodynamic design to slow the rate of fall and increase the time of 
effective coverage. If the period of coverage is too short, multiple expendable 
decoys must be employed. This places a premium on timely employment and 
expendables management. 


c. The primary components of an expendable decoy are the transmit and 
receive antennas, techniques generator, amplifier, and power supply. The 
transmit and receive antennas should be isolated and capable of high gain, wide 
bandwidth, and should use compatible polarization with the victim radar. The 
techniques generator must recognize the victim radar signal and generate the 
appropriate jamming response. The amplifier must be capable of generating a 
high power jamming signal over a wide frequency range. To meet these 
requirements, sophisticated computer and miniaturization techniques are used, 
and the components packaged to all fit in the aircraft dispenser. These factors 
impact the cost of expendable decoys and may limit the availability of these 
assets. 


d. The Generic Expendable, RTE-1489, commonly called the GEN-X decoy is a 
fielded expendable active decoy. The decoy is sized to fit into a 1.4 x 1.4 x 5.8 
inch cartridge and take advantage of new microwave/millimeter-wave integrated 
circuit (MMIC) technology. The GEN-X is programmable and features a broadband 
antenna and wide frequency coverage. After ejection, the decoy extends three 
small fins for stability. Its battery ignites to provide power, the receiver locks on 
to the threat radar signal, and a deception signal is generated and transmitted. 


5. SUMMARY 


Decoys simply provide the enemy with more targets to process. In the case of 
saturation decoys, this forces the enemy to commit resources against false 
targets, or show his defenses. For towed decoys and expendable active decoys, it 
makes the missile or tracking radar separate a real target from more 
electronically attractive decoys. 
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CHAPTER 13. CHAFF EMPLOYMENT 


1. INTRODUCTION 


Chaff was first used during World War II when the Royal Air Force, under the 
code name “WINDOW,” dropped bales of metallic foil during a night bombing raid 
in July 1943 (Figure 13-1). The bales of foil were thrown from each bomber as it 
approached the target. The disruption of German AAA fire control and ground 
control intercept (GCI) radars rendered these systems almost totally ineffective. 
Based on this early success, chaff employment became a standard bomber tactic 
for the rest of the war. 





Figure 13-1. “WINDOW” - The First Operational Employment of Chaff 


a. Chaff is one of the most widely used and effective expendable electronic 
attack (EA) devices. It is a form of volumetric radar clutter consisting of multiple 
metalized radar reflectors designed to interfere with and confuse radar operation. 
It is dispensed into the atmosphere to deny radar acquisition, generate false 
targets, and to deny or disrupt radar tracking. Chaff is designed to be dispensed 
from an aircraft and function for a limited period. 


b. Even with the development and deployment of advanced radar threat 
systems, chaff continues to be an extremely effective EA device. Experience 
gained during the Vietnam conflict, the 1973 Yom Kippur War, and DESERT 
STORM clearly shows that chaff effectiveness against radar threats is still a 
factor with which the enemy must contend. This is especially true when chaff is 
employed with self-protection jamming and aircraft maneuvers. 
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c. Chaff screening and self-protection are the two basic chaff employment 
tactics. Chaff screening tactics, including area saturation and chaff corridor 
employment, are designed to confuse and deny acquisition information to the 
early warning, GCI, and acquisition radars supporting surface-to-air missile 
(SAM) systems. Self-protection tactics are designed to counter acquisition and 
target tracking radars (TTRs). When used with jamming and maneuvers, chaff can 
cause TTRs to break lock or generate survivable miss distances if a SAM is fired 
at the aircraft. 


2. CHAFF CHARACTERISTICS 


To understand how chaff affects radar systems, it is important to understand its 
characteristics. The most important chaff characteristics are radar cross section 
(RCS), frequency coverage, bloom rate, Doppler content, polarization, and 
persistence. 


a. RCS is a measure of the net reradiated energy from a target to the 
illuminating radar. The RCS of an aircraft varies based on the size, shape, type of 
skin surface, configuration, and aspect to the illuminating radar. Figure 13-2 
shows the effect of aspect on aircraft RCS. The RCS is greatest when the aircraft 
aspect is 90°, or abeam the radar. The lowest RCS occurs near the 30-70° and 
110-150° of aspect. Since the aircraft RCS also varies based on frequency, the 
victim radar's frequency is a key factor. To be effective, chaff must be dispensed 
in large enough quantities to create an RCS greater than the aircraft RCS. 
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Figure 13-2. Aircraft Radar Cross Section (RCS) 
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(1) The RCS of a chaff bundle depends on the frequency of the victim radar 
and the dispensing aircraft's relative position, or aspect. Figure 13-3 shows the 
RCS of a single RR-170 chaff cartridge based on frequency. It shows that the 
largest RCS occurs at about 3 GHz. However, for the spectrum between 2-18 GHz, 
which includes most SAM TTRs, the RCS of the RR-170 cartridge is over 50 
square meters. Since the typical fighter aircraft RCS varies between 1 and 10 
square meters, depending upon frequency and aspect, the RR-170 chaff cartridge 
should provide a sufficient RCS to mask the aircraft RCS. 
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Figure 13-3. RR-170 Chaff Cartridge RCS 


(2) The angular relationship, or aspect, between the aircraft and chaff 
bundle affects the chaff RCS presented to the victim radar. Chaff RCS is greatest 
when the chaff bundle and the aircraft are abeam the threat radar. It is smallest 
when the threat radar is off the nose or tail of the aircraft. Aspect is important 
when developing self-protection maneuvering and chaff dispensing tactics 
against threat radars (Figure 13-4). 
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Figure 13-4. Threat Radar Aspect and Chaff RCS 


(3) Dispensing multiple chaff bundles simultaneously does not necessarily 
increase chaff RCS. Multiple bundles increase the density of the chaff but do not 
directly enhance self-protection capabilities (Figure 13-5). This is an important 
consideration when developing chaff dispenser rates to counter threats. 


1 Chaff Unit 


2 Chaff Units 


3 Chaff Units 





Figure 13-5. Impact of Multiple Chaff Cartridge Employment on Chaff RCS 
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b. Each strip of chaff is a dipole reflector that reradiates the electromagnetic 
energy received from an emitting radar and creates a radar echo. The optimum 
size is cut to about one-half the wavelength of the victim radar's RF. Since a 
single cut length is restricted in effectiveness to a narrow range of frequencies, 
different lengths are normally packaged together to provide coverage over a wide 
range of frequencies (Figure 13-6). 


Single Strand Cut to Nearly 100% = a =F: Li le | 
E/F Band Length Reradiated Energy Radar Frequency 


Single Strand Cut to Only 40% 
E/F Band Length Reradiated Energy Radar Frequency 





Figure 13-6. Chaff Length and Frequency Coverage 


(1) Considerable research and development has reduced the size and 
increased the effectiveness of self-protection chaff. There are various chaff sizes, 
shapes, and materials. Most chaff carried on fighter aircraft are made of small 
aluminum strips, coated strips of nylon, or fiberglass. These strips are cut to 
various lengths and compressed into bundles that are small and light enough to 
allow the aircraft to carry and dispense multiple chaff bundles. These cuts of 
chaff are packaged into chaff cartridges and inserted into a dispenser on the 
aircraft. An explosive squib assembly ejects the cartridges from the dispenser 
and disperses the chaff (Figure 13-7). 
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Figure 13-7. RR-170 Chaff Cartridge 


(2) To provide as many dipoles as possible and present the maximum 
radar cross section, each chaff bundle has numerous chaff cuts to match a 
predetermined range of frequencies. Each chaff cartridge contains almost 3 
million dipoles packaged in an eight inch by one-inch cartridge. The dipole 
frequencies cover the frequency range where most SAM TTRs and air-to-air 
radars operate (2 - 18 GHZ). 


c. Bloom rate, the rate at which chaff will scatter, is also a very important 
characteristic of self-protection chaff. Self-protection chaff effectiveness is based 
on the relationship of bloom rate, chaff RCS, aircraft RCS, and the resolution cell 
of the threat radar system. The ability of chaff to effectively defeat a target 
tracking radar is directly related to the chaff dispense rate, which determines the 
chaff RCS, which should be larger than the aircraft's RCS. The chaff bundles 
must also bloom within the resolution cell of the radar. 


(1) Chaff bloom rate is dependent on aerodynamic factors associated with 
the chaff type, the location of the dispenser on the aircraft, and the aircraft wake 
or turbulence. Heavy or dense chaff falls faster and blooms slower than lighter 
and less dense chaff. The location of the chaff dispenser on the aircraft affects 
the airflow in which the chaff will be dispensed. The ideal position for the 
dispenser is in the area where there is the most turbulence from the aircraft. 
Turbulence behind the aircraft is probably the most important factor affecting 
bloom rate. The more turbulent the airflow, the greater the bloom rate (Figure 
13-8). Maneuvering the aircraft while dispensing chaff also enhances the chaff 
bloom rate. 
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Figure 13-8. Impact of Turbulence and Chaff Bloom Rate 


(2) To ensure that the victim radar is decoyed or that it transfers automatic 
tracking to the chaff, the chaff must bloom within the radar resolution cell. This 
resolution cell is a three-dimensional spheroid with dimensions based on the 
pulse width, horizontal beamwidth, vertical beamwidth, and the range of the 
aircraft (Figure 13-9). There are some rules of thumb that can be used when 
considering the bloom rate of chaff and the resolution cell of a particular radar. 
The shorter the pulse width of a radar, the faster the chaff has to bloom to be 
effective. The narrower the horizontal and vertical beamwidths, the faster the 
chaff has to bloom to be effective. 

















Figure 13-9. Chaff Bloom Rate and Radar Resolution Cell 
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d. Against Doppler radars, self-protection chaff is most effective when 
dispensed at or near the beam, relative to the threat radar. When chaff is 
dispensed in the airstream, the drag on an individual dipole is so great compared 
to its mass that it slows to the velocity of the surrounding air mass almost 
instantly. Since the relative velocity of the chaff, in relation to the radar, is zero, 
radar systems employing Doppler processing and tracking will not display the 
chaff. Doppler processing radars will continue to track the aircraft unless it also 
has a relative velocity of zero. This occurs when the aircraft is abeam the radar. 
Chaff corridor and area saturation tactics against Doppler tracking radars will 
have limited effectiveness. 


e. Chaff persistence and polarization are two additional characteristics that 
are important employment considerations for area saturation or chaff corridor 
operations. These individual chaff element characteristics are directly related to 
the combined effects of aerodynamic, atmospheric, and gravitational influences. 


(1) Chaff persistence is the length of time the chaff is at an effective 
altitude to screen ingressing aircraft during area saturation or chaff corridor 
operations. The time span depends on the fall rate of the chaff and varies 
according to the density of the dipoles. The prevailing atmospheric conditions, 
such as wind and temperature also affect chaff persistence. Generally, the longer 
cuts used for lower frequency radars fall faster than the shorter cuts used for 
higher frequency radars. Each type has its own rate of fall based on these 
conditions. The rate of fall is a critical mission planning consideration for 
determining the amount of time between chaff corridor or area saturation 
initiation and the arrival of the aircraft being screened. If the chaff is employed 
too early, it may not be at the correct altitude or may have dispersed to the point 
that it is not effective to screen ingressing aircraft. 


(2) Each chaff strand is a polarized dipole with positive and negative ends. 
The orientation of these strands determine their polarity (Figure 13-10). Chaff cuts 
with the positive and negative ends oriented vertically are vertically polarized. 
Chaff cuts with the positive and negative ends oriented horizontally are 
horizontally polarized. Since chaff strands are initially buffeted by turbulence and 
airstream vortices, the dipole orientation and polarization, changes rapidly and 
randomly. Eventually, the strands separate into two groups; one descending 
horizontally, and one descending vertically. Since the vertically oriented strands 
tend to fall faster, the lower part of the chaff cloud tends to become more 
vertically polarized, while the upper portion is horizontally polarized. A threat 
radar that uses vertical polarization will receive minimal affects from the upper 
(horizontally polarized) portion of the chaff cloud. If the aircraft being screened 
are flying within this portion of the chaff cloud, they may be detected and 
engaged. This is another mission planning consideration for chaff area saturation 
or chaff corridor operations. 


13-8 


Electronic Warfare Fundamentals Chapter 13. Chaff Employment 





Figure 13-10. Impact of Chaff Polarization 


3. CHAFF OPERATIONAL EMPLOYMENT 


The two primary chaff employment tactics are force screening and self- 
protection. Force screening tactics include area saturation and _ corridor 
operations. Self-protection tactics include the reactive employment of chaff to 
negate a potentially lethal engagement. Different chaff dispensing techniques are 
used for each employment tactic and are important planning considerations for 
all chaff employment tactics. This section will discuss area saturation, corridor 
operations, and self-protection chaff employment. 


a. The objective of area saturation operations is to present multiple false 
targets in a specific area in order to saturate radar systems and confuse the 
enemy integrated air defense system (IADS). Area saturation can be 
accomplished by fighter aircraft or drones equipped with chaff pods employing 
random chaff dispensing techniques. The chaff dispenser is set to release 
random bursts of chaff along the ingress and egress route of the attack package. 
Chaff pods may be supplemented with chaff bombs containing special fuses that 
provide false targets at varying altitudes. Attack aircraft can also contribute to 
area saturation by randomly dispensing self-protection chaff as they ingress and 
egress. However, this tactic can deplete the number of chaff bundles an attack 
aircraft may need to defeat a potentially lethal radar system encountered at a later 
time in the mission. 


(1) The chaff cuts must provide frequency coverage for the threat radar 
systems. Also the RCS of each chaff burst should be large enough to present a 
realistic target to the victim radars. Multiple false targets created by chaff area 
saturation may confuse threat system operators and encourage them to expend 
missiles on false chaff targets. 
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(2) Saturation also masks the number of attacking aircraft (Figure 13-11). 
When used with false target deception jamming, area saturation can greatly 
enhance mission success. However, the technique is resource-intensive since 
aircraft employing chaff pods and chaff bombs cannot attack targets. These 
aircraft are vulnerable to attack and should be supported by standoff jamming. 
Area saturation tactics may have limited success against Doppler processing 
radars. 





Figure 13-11. Area Saturation Tactics 


b. The objective of chaff corridor operations is to screen the ingress and 
egress of an attack package by dispensing large quantities of chaff in a 
continuous “ribbon.” Fighter aircraft, or drones equipped with chaff pods such as 
the ALE-38, employ a stream chaff dispensing technique to “lay” the chaff 
corridor. The pods are set to provide a continuous line of chaff dense enough to 
hide ingressing and egressing aircraft. The chaff cuts should provide frequency 
coverage for the radar systems that must be countered. Timing for the chaff 
aircraft in relation to the attack package must consider the fall rate and 
persistency of the chaff to ensure that the chaff corridor covers the required 
altitude for a time sufficient to allow the attack package to ingress and egress. An 
effective chaff corridor completely denies a radar's ability to distinguish between 
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the chaff and the attack aircraft. To do this, the radar cross section, or RCS, of the 
chaff within the resolution cell of the radar must exceed the RCS of the aircraft. 
This condition must be met throughout the length of the chaff corridor. When this 
condition is met, the chaff corridor will appear as a continuous return on the 
victim radar scope, and the attack package cannot be detected (Figure 13-12). 





Figure 13-12. Chaff Corridor Tactics 


(1) One advantage of a chaff corridor is that it can screen ingressing and 
egressing aircraft from pulse radar systems. However, chaff corridors are 
resource-intensive. Aircraft “laying” the corridor cannot strike critical targets. 
The chaff aircraft are also vulnerable to attack. Therefore, standoff jamming and 
self-protection jamming systems should be employed to provide some screening 
and protection for the chaff dispensing aircraft. Finally, chaff corridors may not 
be effective against radars with Doppler processing. 


(2) To be effective, chaff corridor operations require detailed planning. 
Electronic combat (EC) planners must first determine that a chaff corridor is the 
most effective way to screen the attack force. This decision is based on the 
vulnerability of the attack aircraft to the anticipated threat radar systems and the 
availability of chaff assets. Once the decision is made to employ a chaff corridor, 
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planners must select the location, determine the length of the chaff corridor, 
select the ingress and egress altitudes, and establish the timing for the chaff 
aircraft and the attack package. Once the location of the chaff corridor is 
determined, planners must assess the threat radar systems that must be 
countered. The specific operating frequencies of the threat radars will determine 
the cuts of chaff that must be dispensed. The resolution cells of the threat radars 
will determine the density of chaff required. The length of the chaff corridor and 
the chaff density will determine the number of chaff aircraft required to seed the 
chaff corridor. The chaff fall rate and the atmospheric conditions impact the 
timing between the chaff aircraft and the attack package, and the altitude that the 
chaff dispensing aircraft must fly. 


c. Self-protection chaff tactics are based on the use of chaff dispensers that 
use burst chaff dispensing techniques to defeat a TTR. Burst chaff dispensing, 
employed during the final phase of an engagement by air-to-air or surface-to-air 
weapons, can generate tracking errors or a radar break-lock. Burst chaff 
effectiveness is greatly enhanced when accompanied by jamming and evasive 
maneuvers (Figure 13-13). 
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Figure 13-13. Self-Protection Chaff Tactics 


(1) Self-protection chaff has proven effective against all pulse radar threat 
systems when employed with maneuvers and jamming. This is especially true for 
TTRs operating in an automatic tracking mode. 
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(a) Chaff employed against a track-while-scan (TWS) radar is designed 
to put multiple targets, with an RCS greater than the aircraft, in the resolution cell 
of the horizontal and vertical radar beams (Figure 13-14). Since the tracking loop 
tracks the largest return, the TWS radar will automatically switch to the chaff. 
After dispensing chaff, the pilot can maneuver vertically or horizontally to move 
the aircraft out of the resolution cell. 








Figure 13-14. Self-Protection Chaff Effect on a TWS Radar 


(b) Against a conical scan radar, chaff puts multiple, large RCS targets 
within the separate scans of the radar (Figure 13-15). These multiple targets 
generate error signals in the tracking loop and drive the separate scans off the 
aircraft return. As the conical scan radar tracking loop attempts to resolve these 
error signals, it will eventually lock on to the chaff. Maneuvering outside the 
overlapping scan area enhances chaff effectiveness and facilitates the transfer of 
radar lock-on to the chaff. 
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Figure 13-15. Self-Protection Chaff Impact on a Conical Scan Radar 


(c) Chaff employed against a monopulse radar is designed to put 
multiple targets in at least two of the tracking beams (Figure 13-16). This 
generates errors in the azimuth, elevation, and range tracking circuits. Multiple 
chaff targets continue to generate azimuth and elevation errors that can 
eventually generate a break-lock condition, as the radar transfers lock-on to the 
chaff. Chaff is most effective against monopulse radars when employed on the 
beam in order to create the maximum angular tracking error. 
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Figure 13-16. Self-Protection Chaff Impact on a Monopulse Radar 


(d) Modern radars may employ some form of Doppler filtering to negate 
the effectiveness of chaff and other sources of clutter. Pulse Doppler and 
continuous wave radar systems track targets based on target velocity relative to 
the radar. Radars employing a moving target indicator (MTI) use relative target 
velocity to distinguish between targets and clutter. Chaff slows to near zero 
relative velocity almost immediately after dispensing. For self-protection chaff to 
be effective, the aircraft velocity relative to the radar site must also be near zero 
This occurs when the aircraft's aspect to the radar is 90°, or on the beam. By 
maneuvering to a beam aspect against a Doppler radar, the pilot is exploiting the 
“notch” where radar cannot discriminate targets based on Doppler frequency 
shift (Figure 13-17). 
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Figure 13-17. Self-Protection Chaff Impact on a Doppler Radar 


4. SUMMARY 


Chaff is one of the oldest and most effective pulse radar countermeasures. The 
fundamental characteristics of chaff (RCS, frequency coverage, bloom rate, 
Doppler content, polarization, and persistence) determine the effectiveness of 
chaff employment. The primary chaff employment tactics of force screening and 
self-protection are designed to maximize the impact of chaff on threat radar 
systems. Self-protection chaff, together with jamming and maneuvers, is often 
the “last line of defense” against lethal radar threat systems. 
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CHAPTER 14. IR FUNDAMENTALS 


1. INTRODUCTION 


Since their introduction in the 1950s, infrared (IR) missiles have been an 
increasing threat from both ground-based and airborne systems. The range, 
reliability, and effectiveness of IR missiles have been continuously improved by 
advanced detector materials and computer technology. Since IR missiles are 
passive, they are relatively simple and inexpensive to produce. These 
characteristics have contributed to the proliferation of IR missiles in the combat 
arena. Nearly every aircraft flying in either the air-to-air or air-to-surface role now 
carries an all-aspect IR missile. Additionally, every infantry unit down to the 
platoon level is equipped with shoulder-fired IR missiles (Figure 14-1). This 
chapter will cover basic IR theory, IR missile detection, IR seekers, and conclude 
with a section on IR flare rejection. 





Figure 14-1. The IR Threat 


2. BASIC IR THEORY 


Because of its location in the frequency spectrum, IR radiation exhibits some of 
the characteristics and limitations of microwaves and visible light. 


a. All warm objects emit IR energy. The object's temperature dictates the 


characteristics of this radiation. As the temperature of the material increases, the 
radiant intensity increases and shifts to shorter and shorter wavelengths or 
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higher and higher frequencies. The frequency band of IR radiation falls between 
the upper limit of microwaves and the lower limit of visible light. When discussing 
IR radiation, it is more convenient to refer to wavelength instead of frequency 
(Figure 14-2). The wavelength of the highest frequency IR is 0.72 x 10° meters. A 
unit of measure called the micron (y), is one millionth, or 10°, of a meter and is 
used to designate IR wavelengths. IR energy falls in the electromagnetic 
spectrum between the wavelengths of 1000 and 0.72 microns, while visible light 
occupies the spectrum from 0.72 to 0.39 microns. 
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Figure 14-2. IR Frequency Band 
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b. As the IR energy travels through the atmosphere, certain wavelengths are 
absorbed or attenuated. The greatest IR attenuator is atmospheric water vapor, 
which varies as the weather conditions vary, with negligible absorption at 
altitudes above 30,000 feet. Another significant attenuator is carbon dioxide. The 
percentage of carbon dioxide in the atmosphere is practically constant up to a 
height of 30 miles. Carbon dioxide absorption is predictable and occurs only in 
the IR region. Scattering is another form of atmospheric attenuation and is 
caused by dust particles and water droplets. Scattering is also largely dependent 
on weather conditions and cannot be predicted. Most of the scattering occurs at 
lower altitudes and at the shorter wavelengths. Other atmospheric elements 
cause little or no attenuation of IR energy. Figure 14-3 shows atmospheric IR 
transmission at sea level. There is a relatively large window of IR transmission in 
the region from one to five microns. This is the region where the aircraft engine 
heat signature is at its maximum intensity and where most IR missiles are 
designed to operate. 
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Figure 14-3. Atmospheric IR Transmission 


c. IR energy exhibits some of the transmission characteristics of both RF 
energy and visible light. As with visible light, it can be optically focused by lenses 
and mirrors. This characteristic is used in the IR missile detector elements 
(Figure 14-4). As with RF energy, the intensity of IR radiation diminishes inversely 
with the square of the distance between the source and the receiver. 
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Figure 14-4. IR Missile Seeker 


d. If the intensity of the aircraft's IR signature, while in the military power 
setting, is plotted in relation to wavelength, it reaches a peak at approximately 3 
microns (Figure 14-5). In afterburner, the aircraft's IR intensity reaches a peak at 
approximately 1.5 microns. Since IR missiles are designed to detect and track the 
aircraft's IR signature, most IR missiles operate in the region of 1 to 5 microns. To 
be effective, the IR intensity of a flare must also fall within this micron region. 
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Figure 14-5. Aircraft IR Intensity 
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e. An aircraft's relative IR signature is based on aspect angle, airspeed, 
altitude, and afterburner status. The minimum relative IR intensity is at the nose 
and maximum at the tail. As airspeed increases, the relative IR intensity increases 
due to the heat generated by friction and increased engine temperatures. As 
altitude increases, the relative IR signature increases at all aspect angles, due to 
the reduction in atmospheric attenuation (Figure 14-6). 
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Figure 14-6. IR Signature Versus Aspect Angle 


3. IR SIGNATURE SOURCES 


IR guidance is based on the fact that every object with a temperature above zero 
degrees Kelvin emits IR radiation. The temperature of the object dictates the 
characteristics of this radiation. As the temperature of the object increases, the 
radiant intensity increases and shifts to higher and higher frequencies and 
correspondingly shorter and shorter wavelengths. The F-16 at Figure 14-7 
demonstrates the different wavelengths found at different areas of the aircraft. 
Emissivity in Figure 14-7 is a relative measure of the IR energy emitted when a 
surface is directly viewed. 
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Figure 14-7. Target Signature Sources 


a. The main aircraft signature sources are the plume, the engine hot parts, 
and the skin. The skin is large in area, but usually fairly cool. Thus the best 
detection of the aircraft skin is usually in the long wave IR band (8-12 microns). 


b. The engine hot parts offer excellent detection when one is looking at the 
right angle. They have high temperatures and high emissivity. However, 
depending on the viewing angle, they may have a low perceived area. 


c. The plume has high temperatures and a high perceived area. This large 
perceived area allows near all-aspect detection. Unfortunately, it has a relatively 
low emissivity except near 4.2 microns. It is the strategy of the new breed of all- 
aspect missiles to detect the plume in the mid-wave IR, around 4.2 microns. 


d. Figure 14-8 shows some of the common IR detector materials. Note that the 


cooled detectors are sensitive to longer wavelength (lower energy) photons, as 
discussed earlier. 


14-6 


Electronic Warfare Fundamentals Chapter 14. IR Fundamentals 


Material | WEN. se stlate| 


| M-¥-Te Mell b ile (-m (adobe) Mem Ol alerole)(-ce| 1.5 - 2.5 micrometers 
| M=¥-To BJU i1e (<M (adobe) em Orolo) (-10 2.0 - 4.0 micrometers 
MY To Met-1 1-101 (0(-M tad opot-9 Mem Ol a(erote) (xe 2.0 - 4.2 micrometers 
-F-To BeT-1 (“Tal (e(-M ( ad ohm 1-) Me Oxele) (-1e| 3.0 - 5.0 micrometers 


Tarelielsamevaiiiaiceyal(e(cm (late) e) mem @xele) (-(6| 2.0 - 5.0 micrometers 


Mercury-Cadium-Telluride . : 





Figure 14-8. IR Detection Materials 


4. IR SEEKER CHARACTERISTICS 


Guidance units are designed to detect and home in on the IR radiation of the 
aircraft. The job of the seeker is to view the scene and output the estimated target 
position. Figure 14-9 shows the hardware that makes up the seeker of a generic 
IR missile system. 
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Figure 14-9. IR Missile Seeker 
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a. The dome acts as an IR transparent protective cover. Most IR missiles use 
the hemispherical dome because that shape does not alter the path of the 
incoming light rays. The optics focus the scene through the reticle onto the 
detector. The reticle pattern enables the detector output to “code” the position of 
the target. 


b. The internal workings of the missile are similar to those found in a radar 
tracking system. There is an automatic gain control (AGC) to adjust the levels of 
the detector output so that it is not too large or too small. The demodulation 
circuit “decodes” the detector signal. The threshold circuit cancels signals that 
are below the specified threshold value, similar to the clutter rejection function 
found in radar systems. Finally, the phase analyzer reads the target position from 
the signal and sends the result to the autopilot. The autopilot then adjusts the 
missile’s flight path to track the target. 


c. IR systems employ filters and detectors to filter out unwanted IR radiation 
from the sun, sunlit clouds, smoke, the earth, and other background radiation 
sources (Figure 14-10). The detection unit is coupled with a guidance system to 
generate commands to the missile control vanes to keep the target centered in 
the field of view. 
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Figure 14-10. Spin Scan Reticle 


d. A defining characteristic of an IR missile is its field of view (FOV) and field 
of regard (FOR) (Figure 14-11). The angular size of the image in degrees is called 
the field of view. To provide the greatest possibility of collecting IR radiation from 
the target, the receiver must have the greatest possible FOV. This in turn may 
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create problems. A large FOV increases the possibility that the receiver may not 
be able to distinguish the target from other sources of IR radiation. To avoid this 
problem, a relatively small FOV is scanned through a wider area. This wider area 
is referred to as the FOR. The gimbal enables the FOV to be scanned, so that an 
entire FOR can be searched. 
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Figure 14-11. Missile Field of View 


5. IR SEEKER TYPES 


Through the years advances in seeker technology have resulted in significant 
changes to IR missile engagement tactics. This section will discuss spinning 
reticle, conical scan, cooled, and imaging IR seekers. 


a. First generation IR missiles, like the SA-7, use a spinning reticle as the 
means to track the target. Due to their relatively low cost and ease of use, IR 
missiles of the first generation can still be encountered. The spinning reticle is 
inserted in the seeker just before the IR radiation reaches the detector. The reticle 
is a thin plate of optical material which has a transparent and opaque pattern on 
it. As the reticle is rotated, the IR energy is chopped at a rate determined by the 
reticle pattern. This system produces error signals when the target is not exactly 
centered in the field of view. Figure 14-12 is an example of a reticle pattern that 
can provide both azimuth and elevation information. If the target is located in the 
upper half of the pattern, the IR intensity on the detector is constant as the reticle 
rotates. As the pie-shaped half of the disc rotates over the target, the IR energy is 
pulsed and the amplitude of the pulses is an indication of relative elevation angle. 
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When the target moves to the right or left, the pulsing starts and stops at different 
times, indicating target azimuth. Center spun spin-scan seekers, also called 
center null reticles, are relatively insensitive when the target is in the center of the 
seeker scan where there is no tracking error. This is because the point target 
tends to bleed energy into all the spokes at once, eliminating the pulsed signal 
output of the detector. Once the target falls off the center of the reticle, the seeker 
generates an error signal that initiates guidance commands to recenter the target. 
This is the reason early IR missiles flew an undulating path toward the target. 
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Figure 14-12. IR Missile Reticle 


b. IR conical-scan (con-scan) seekers were developed to solve some of the 
problems with spin-scan seekers; notably the lack of error response when the 
target is near the center of the seeker field of view (FOV) (Figure 14-13). In a 
typical con-scan seeker, the reticle is fixed and does not spin. Instead, a 
secondary mirror is tilted and spun. This causes the target image to be scanned 
in a circular path around the outer edge of the reticle. When the target is centered 
in the seeker scan, the detector generates a pulsed output similar to that of the 
spin-scan seeker. However, as the target leaves the center, the output of the 
detector is a frequency modulated (FM) sine wave. The frequency of the 
modulation is directly proportional to the amount of target displacement from the 
center of the seeker scan. Con-scan optics are usually designed to spin the target 
very close to the edge of the reticle. This generates the greatest amount of FM 
modulation for a given target tracking error and gives the con-scan IR missile a 
more sensitive and tighter tracking loop. The center of the reticle is only used for 
acquisition. 
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Figure 14-13. Conical Scan IR Seeker 


c. A significant improvement to IR seekers resulted from the cooling of the 
detector with an inert gas such as argon. Older IR missiles, using uncooled lead- 
sulfide detectors, have a peak sensitivity in the 2 micron region. This limits these 
missiles, the SA-7 for example, to stern attacks because the missiles can only 
discriminate the IR signature of the engine turbine from background IR energy. 
By cooling the detector with an inert gas, like argon, the detectors of newer IR 
missiles can track longer wavelength IR radiation associated with airframe 
friction. Using newer detector materials like indium antimonide (InSb), require 
cooling to have increased target detection range and all-aspect tracking 
capability. 


d. Imaging IR is the most recent advancement in IR seeker technology. The 
technology for these seekers is similar to that found in the AGM-65 Maverick 
missile. Imaging IR seekers are harder to decoy with flares than older seekers, 
and they are resistant to pulsed light jamming. Imaging detection involves 
creating an IR picture of the scene in one of two ways, scanning or staring. A 
scanning system uses one detector (or a mix of detectors and mirrors) which 
moves relative to the scene until the entire scene is scanned. This is an easy 
system to fabricate, but it can be noisy because the detector can't stay very long 
at each position, and it does not have a lot of time to measure the signal. A 
staring system uses many detectors, each of which detects a small portion of the 
scene. Each detector can “dwell” on its part of the scene for the entire frame 
time. However, such systems, also called focal plane arrays, are difficult to 
fabricate in a way such that each detector has the same sensitivity. One of the 
prime advantages with using imaging IR seekers is that they can be programmed 
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to track a particular IR shape or scene, significantly reducing the effectiveness of 
decoy flares. 


6. IR MISSILE FLARE REJECTION 


Flares are the primary countermeasure used to defeat the IR missile. Advanced IR 
missiles use different techniques to overcome the use of self-protection flares. 
There are two important characteristics of infrared (IR) missiles that influence the 
effectiveness of self-protection flares. The first is the ability of the IR missile 
seeker to discriminate between the IR signature of the aircraft and the IR 
signature of background interference, especially clouds. The second is the flare 
rejection capability built into the missile seeker and the missile guidance section. 


a. The major source of IR background interference is sunlit clouds. Space 
filtering using a spinning reticle as described in the previous section is the 
method most widely used to suppress background interference and improve 
discrimination. IR energy from the target is gathered by the optical system and 
focused on the spinning reticle. The reticle chops the signal into a series of 
pulses that are focused onto the IR detector element. The signal output of a point 
source of IR energy, such as a target aircraft, will be a series of pulses. The signal 
output of a cloud, which covers several segments of the reticle, will be a single 
large pulse. An electrical filter eliminates the single large cloud pulse, and passes 
the multiple pulses generated by the target to the missile guidance section. 


(1) IR missiles using spin-scan seekers have very little ability to reject 
flares. Flares provide the missile seeker with a hotter target than that of the 
aircraft, causing the spin-scan seeker to track the flare. The typical flare burns 
with a peak energy emission in the 2 micron range. Since the flare energy 
emission is greater than that of the target aircraft, the missile seeker transfers 
lock to the flare. 


(2) Due to the scan pattern, con-scan seekers have some inherent 
resistance to flares. As described in the previous section, the reticle in a con- 
scan seeker is fixed and does not spin. Instead, a secondary mirror is tilted and 
spun. This causes the target image to be scanned in a circular path around the 
outer edge of the reticle. Because flares tend to drop away from the aircraft, they 
will drop off the con-scan reticle much faster than for a spin-scan reticle; 
therefore, flare resistance is built-in. 


(3) Reducing the missile FOV is another method to help an IR missile 
discriminate the target IR signature from background IR (Figure 14-14). Limiting 
the FOV of the missile also makes the missile more resistant to flares. To decoy 
an IR missile seeker, the flare must create a heat source hotter than the aircraft 
and within the missile FOV. To decoy an IR missile with a narrow FOV, the flare 
must reach peak intensity almost immediately after ejection (Figure 14-15). 
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Figure 14-15. IR Missile — Narrow Field of View 
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(4) The detector also influences the ability of an IR missile to discriminate 
target IR from background IR. Newer IR seekers can track longer wavelength IR 
radiation. The seeker's ability to track through a wider frequency range forces 
flares to decoy that wider frequency range to be successful. Additionally, the 
cooled seeker's ability to track from all angles could cause geometry problems, 
the missile may never see a flare ejected from the bottom rear of an aircraft. 


b. IR missile designers have combined computer signal processing and 
modern IR missile seekers to detect the presence of flares and reject them as 
targets. This flare rejection capability, or IR counter-countermeasure (IRCCM), 
allows newer IR missiles to track the aircraft IR signature while rejecting multiple 
flares. Flare rejection is based on two computer functions. The first is called the 
“trigger,” which detects the flare in the seeker field of view. The “trigger” function 
activates the “response” computer processing, the action the seeker takes to 
reject the flare. Both the “trigger” and “response” must operate to successfully 
reject flares. Each advanced IR missile employs different computer techniques 
for both the “trigger” and “response.” A flare technique developed to counter one 
IR missile may not work against another IR missile that uses different flare 
rejection computer techniques. 


(1) There are several “trigger” techniques that can be used by IR missiles 
to detect flares. Advanced IR missiles may employ one or more of these 
techniques to detect the presence of a flare in the seeker FOV. These “trigger” 
techniques include rise time, two-color, kinematic, and spatial. 


(a) An IR missile using a rise time “trigger” monitors the IR energy 
level of the target. A sharp rise in the received IR energy within a specified time 
limit indicates a flare in the IR seeker FOV. When the missile detects this rapid 
rise in IR energy, the rise-time “trigger” triggers a flare “response.” The 
“response” is switched off when the received IR energy drops to its original level. 
The thresholds for the rise in IR energy and the response time are set to preclude 
activating the rise time “trigger” when the aircraft selects afterburner. An IR 
missile using the rise time “trigger” can be decoyed by multiple flares with slow 
rise times. 


(b) IR missiles using a two-color “trigger” to detect flares sample the 
energy level in two different wavelength bands. In Figure 14-16, a non- 
afterburning target would have more IR intensity in band B than in band A. The 
typical flare produces more IR intensity in band A than band B. A sudden 
increase in band A intensity compared to band B intensity indicates a flare in the 
seeker FOV. The two-color “trigger” would then trigger a flare “response.” 
Advanced IR missiles using a two-color “trigger” can employ different detectors 
composed of different materials to monitor the intensity in two bands. A lead 
sulfide detector could be used for band A and indium antimonide for band B. IR 
missiles using a single detector can employ a reticle with different bandpass 
filters to monitor IR intensity in both bands. To track the target, IR missiles 
employing a two-color “trigger” may use either band, or use data from both 
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bands of a dual-channel tracker. An IR missile using the two-color “trigger” can 
be decoyed by multiple flares that provide equal IR intensity in each band. 
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Figure 14-16. Two-Color IR “Trigger” 


(c) A kinematic “trigger” takes advantage of the fact that flares 
separate very quickly from the dispensing aircraft due to aerodynamic drag. In a 
beam aspect engagement, an IR seeker that transfers track from the target to the 
flare will have a dramatic change in the line-of-sight rate due to the rapid 
separation of the flare from the aircraft. An IR missile employing a kinematic 
“trigger” detects this change and initiates the “response.” IR missiles employing 
a kinematic “trigger” may have difficulty in flare detection in a head-on or stern 
engagement due to the small line-of-sight change between target and flare. 
Multiple flares dispensed at very short intervals will probably decoy an IR missile 
employing a kinematic “trigger”. 


(d) The spatial “trigger” operates like the kinematic “trigger” in that it 
uses the rapid separation of the flare from the aircraft to trigger the “response.” 
An IR missile employing a spatial “trigger” uses the seeker to detect a flare. 
When the flare separates to the rear of the aircraft, the seeker will see the target 
on the edge of the FOV corresponding to the direction of target movement. The 
flare will be on the opposite side of the FOV. Once two hot objects on opposite 
sides of the FOV are distinguishable, the spatial “trigger” triggers the flare 
“response.” IR missiles employing a spatial “trigger” can be decoyed by 
dispensing multiple flares at very short intervals. 


(2) The seeker’s “response” to the “trigger” is to reject the flare or limit its 
effect on target track. As long as the flare remains in the seeker FOV, the missile 
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is tracking the target in a degraded mode. Most IR seekers have a FOV of less 
than 2.5°. At long ranges, the flare will remain in the FOV for a relatively long 
period of time. At close range, the flare will be in the missile FOV for a relatively 
short period of time. Several different “response” techniques may be used, either 
alone or in combinations, to defeat a flare. These “response” techniques include 
simple memory, seeker push-ahead, seeker push-pull, and sector attenuation. 


(a) When the simple memory “response” is initiated, the missile 
continues the maneuver it was performing just before the “trigger.” This 
“response” assumes the flare will separate to the rear of the target. The missile 
rejects the seeker track data and maintains its motion relative to the target, 
waiting for the flare to leave the seeker FOV. The missile will continue to reject 
track data until the flare leaves the FOV or until the “trigger” times out. When the 
“trigger” times out, the “response” is discarded and the seeker operates in the 
normal track mode. If the “trigger” times out while a flare remains in the FOV, the 
seeker will usually transfer lock to the flare. 


(b) The seeker push-ahead “response” causes the seeker gimbals to 
drive the seeker forward in the direction the target is moving (Figure 14-17). 
Pushing the seeker forward causes the flare to depart the FOV faster than with 
simple memory, minimizing the amount of time the missile is not tracking the 
target. The greater the amount of forward movement (called “bias”), the faster the 
flare will depart the FOV. If the amount of forward bias applied is too great, the 
seeker may be pushed forward of the target. This could cause both the target and 
the flare to depart the FOV and the missile would have to reacquire the target. 





Figure 14-17. Seeker Push-Ahead “Response” Technique 
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(c) The seeker push-pull “response” assumes flares will have a higher 
intensity IR signature than the target. The “response” is initiated when the target 
and flare are on opposite sides of the seeker FOV (Figure 14-18). This 
corresponds to a spatial “trigger” condition. The received energy will rise and fall 
as the energy of the target and flare is scanned across the detector. When the 
flare energy is at a peak, the seeker gimbals drive the seeker away from the flare. 
When the lesser energy from the target is detected, the seeker's gimbals pull the 
seeker in the direction of the target. As a result, the seeker is moved away from 
the flare and toward the coolest IR source in the FOV, the target aircraft. 
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Figure 14-18. Seeker Push-Pull “Response” Technique 


(d) The sector attenuation “response” is initiated by placing an 
attenuation filter across part of the seeker FOV (Figure 14-19). This filter reduces 
the seeker sensitivity in that part of the FOV. If the target being tracked is in the 
center of the FOV, then placing an attenuator in the quadrant below and to the 
rear of the target should reduce any energy received from a flare. If the attenuated 
flare energy is below that of the target energy, the seeker will continue to track 
the target. 
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Figure 14-19. Sector Attenuation “Response” Technique 


7. SUMMARY 


This chapter provided some background on IR theory and IR detection, then went 
into some of the basics about the different types of IR missile seekers. Finally 
factors that impact the ability of an IR missile to reduce the effectiveness of self- 
protection flares were discussed. This ability depends on the discrimination 
capabilities of the missile seeker, the type of detector, the missile FOV, and the 
missile flare rejection capabilities. Modern IR missiles that employ sophisticated 
flare rejection techniques and advanced missile seeker technologies present a 
growing, and potentially lethal, threat. 
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CHAPTER 15. IRCOUNTERMEASURES 


1. INTRODUCTION 


Defeating IR missiles used to be an afterthought placed well behind surviving the 
radar missile threat. Now with the proliferation of advanced IR missiles, defeating 
the IR threat is becoming more important and more difficult. The primary 
countermeasure used to defeat IR missiles is the self-protection flare. This 
chapter will discuss flare characteristics and employment considerations. One of 
the main difficulties in defeating an IR missile is knowing that one has been 
launched. This chapter will also discuss some of the methods currently available 
to detect an IR missile attack. 


2. FLARE CHARACTERISTICS 


Self-protection flares were developed to counter threat systems operating in the 
IR spectrum. Self-protection chaff and flare dispensers, such as the ALE-40, 
ALE-45, or the ALE-47, are designed to allow the pilot to dispense flare cartridges 
when engaged by an IR threat. These flare cartridges are pyrotechnic and 
pyrophoric devices designed to produce an IR source that is more attractive than 
the IR signature of the aircraft. To decoy an IR missile seeker, the flare must 
create a heat source more attractive than the aircraft, within the missile field of 
view. The most important flare characteristics that determine the ability of a flare 
to decoy an IR missile are IR wavelength matching, flare rise time, and flare burn 
time. The MJU-7 flare cartridge will be used as an example of a typical flare 
cartridge. 
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Figure 15-1. The MJU-7 Flare 
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a. The MJU-7 flare cartridge (Figure 15-1) is an example of a flare cartridge 
used in both the ALE-40 and the ALE-47 dispensers. The flare grain is composed 
of magnesium and tetraflouroethylene, or C2F4, which burns at 2000 to 2200°K. As 
the flare burns, it emits IR energy of different wavelengths from the luminous 
zone that emulates the aircraft IR signature. The burning flare also produces a 
large quantity of white smoke, which may highlight the position of the dispensing 
aircraft. 


b. A flare must reach peak intensity shortly after ejection or it will not be 
effective in decoying the IR missile seeker. Flare rise time is the time required for 
the flare to reach peak intensity. 


(1) To counter a short-range IR missile with a narrow field of view, a flare 
must reach peak intensity quickly. On the other hand, some advanced IR missiles 
now look for a rapid rise in IR energy as a trigger to know when a flare is trying to 
decoy it (Figure 15-2). 
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Figure 15-2. Impact of Flare Rise Time 


(2) Flare rise time varies dramatically with altitude. The flare burns longer 
at high altitude, but it takes much longer to reach peak intensity. This increase in 
flare rise time at high altitude can impact the effectiveness of flares to decoy and 
defeat IR missiles particularly in the air-to-air combat environment. 


c. Flare burn time is the time span that the flare burns and determines how far 
the IR seeker will be pulled off the target. The longer the burn time, the longer the 
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IR seeker is pulled off the target aircraft. The flare should burn long enough to 
ensure that the aircraft is no longer in the missile field of view. Flare burn time, 
like flare rise time, varies with altitude. A flare will burn longer, but at lower 
intensity, at higher altitudes. A longer flare burn time increases the probability the 
IR missile will be decoyed by a single flare. 


3. ADVANCED FLARES 


To counter the advances in IR missile seeker technology the Air Force and Navy 
formed the Advanced Strategic and Tactical Expendables program to develop and 
field advanced IR decoys. Two products to come out of this program are the 
kinematic flare, MJU-47, and the covert flare, MJU-50/51. 


a. Kinematic Flares. A significant characteristic of conventional flares is that 
upon ejection they rapidly slow down and separate from the aircraft. As 
described in Chapter 14, modern IR missiles exploit this rapid separation between 
the aircraft and the flare. The rapid separation triggers a flare rejection response 
in the missile seeker causing it to ignore the flare and continue tracking the 
aircraft. The kinematic, or thrusted, flare delays the missile response by 
propelling itself in the direction of the aircraft and negating or delaying the 
missile's flare rejection trigger. The MJU-47 is the same size as the currently 
fielded MJU-10 flares. The flare's decoying pyrotechnics are vectored out the end 
of the flare to provide a means of propulsion (Figure 15-3). 





Figure 15-3. Kinematic Flare 
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b. Covert Flares. Though an effective tactic at defeating MANPADS, pre- 
emptively dropping flares in a target area carries a significant risk. The risk is that 
enemy air defense systems that may not have known the aircraft's location will 
surely see the flares, day or night, and any chance for surprise is lost. Figure 15-4 
shows the visual signature of conventional flares. The danger of highlighting 
oneself becomes even more likely as aircraft become fitted with chaff and flare 
systems that automatically dispense expendables based upon inputs from the 
RWR or a missile attack warning system (MAWS). Automatic systems tend to 
error on the side of caution which means expendables will be dropped if there is 
any ambiguity. Visually covert flares, named the MJU-50 and MJU-51, remove this 
problem by not leaving a visual signature such as smoke or flame. These covert 
flares are made of material that oxidizes, pyrophoric instead of pyrotechnic, when 
released in the air. The MJU-50 is the size of the small M-206 flare while the 
MJU-51 is the size of the MJU-7 flare. 





Figure 15-4. Flare Visual Signature 


4. FLARE EMPLOYMENT 


The purpose of employing a self-protection flare cartridge is to decoy the seeker 
head of an IR missile. This is accomplished by presenting the IR missile with a 
second heat source with an IR signature that exceeds the aircraft signature. The 
flare or IR source must appear in the field of view of the IR missile at the same 
time as the aircraft. As the flare separates from the aircraft, the IR missile seeker 
tracks the most intense IR signature, which ideally is the flare, and is decoyed 
away from the aircraft. 
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a. It is important to perform maneuvers along with flare employment to 
effectively defeat IR missiles. Maneuvers compound the IR missile’s tracking 
problems and increase the distance between the aircraft and flare. Maneuvers 
that put the aircraft outside the IR missile field of view increase the ability of the 
flare to decoy the missile. When engaged by an IR threat, one tactic is to 
immediately dispense a flare and maneuver to put the missile on the beam. This 
increases the line-of-sight rate the missile guidance system must process and 
gives maximum separation between the aircraft and the flare (Figure 15-5). 





Figure 15-5. Initial Maneuver and Flare Employment 


b. With the IR threat on the beam, the pilot has the best chance for achieving 
a “tally-ho” on the missile to determine range and keep the missile on the beam. 
Visually acquiring the missile increases the chances of surviving the encounter. 
Modern chaff and flare dispensers, such as the ALE-47 and ALQ-213, can be 
programmed to dispense flares in a sequence optimized to defeat specific IR 
missiles. Programs are selected by the pilot based upon the most likely threat. 
Classified tactics manuals provide aircraft specific maneuvers and flare 
dispensing programs to defeat the IR threat. 


5. IRCM TACTICS 


Besides maneuvers and flare employment, there are other IR countermeasures 
that can reduce the effectiveness of IR threat systems. The first is to reduce the 
intensity of the heat signature of the aircraft by reducing the power setting. The 
engines produce the largest IR signature and are the only source of IR radiation 
that the pilot can influence. By reducing the power setting, the IR signature is 
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reduced and the required flare intensity is thereby reduced. Use of afterburner 
should be minimized for exactly the same reason; the required flare intensity 
necessary to cover an aircraft in afterburner is difficult to obtain. The pilot should 
not reduce the power setting below the minimum required to maintain sufficient 
maneuvering airspeed. 


a. Another effective IRCM is to use the sun. Maneuvering into the sun masks 
the aircraft's IR signature from most IR threat systems. When attacking a target 
defended by IR systems, an attack axis that places the sun behind the attacker 
may limit the effectiveness of these systems. 


b. Clouds or smoke can also confuse IR threat systems (Figure 15-6). The 
water vapor making up clouds diffuses the IR energy making it difficult for an IR 
system to get a point to track, similar to how sun's light is diffused on a cloudy 
day. The particles found in smoke can have a similar effect on IR energy. The final 
IRCM is to reduce the IR signature of the aircraft by careful design of the engines 
and exhaust system. For example, the F-117 was specifically designed to provide 
the lowest possible IR signature. 





Figure 15-6. IRCM 


6. MISSILE APPROACH WARNING SYSTEMS (MAWS) 

One of the most important factors in defeating an IR missile attack is knowing 
that an attack is in progress. Since IR threat systems are generally passive, the 
radar warning receiver (RWR) will provide no attack warning unless the threat 
uses some detectable radar energy for acquisition prior to launching an IR 
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missile. MAWS are designed to provide the crew some warning of an ongoing 
missile attack. These systems have been widely deployed on larger aircraft. 
Advances in technology allowing them to be smaller and promising lower false 
alarm rates have increased the possibility that fighter size aircraft may be 
outfitted with this equipment. 


a. The two primary requirements for MAWS are timeliness and reliability. An 
IR missile engagement is an extremely short event providing very little time for 
the targeted aircraft to respond with maneuvers and flares. Secondly, there must 
be a very low false alarm rate. In earlier systems the sun, flares, or the wingman's 
aircraft have been known to cause false alarms. Aside from being annoying, a 
false alarm can become a tactical problem if the MAWS is tied directly into the 
countermeasures dispenser set allowing for automatic dispensing of chaff and 
flares when the MAWS senses an attack. False alarms in this type of scenario 
would only serve to highlight a previously untargeted aircraft. 


b. MAWS detect incoming missiles either actively or passively. The active 
MAWS use a pulse Doppler radar to detect and track the in-flight approach of an 
attacking missile. Pulse Doppler radar is used for this purpose because of its 
ability to use relative velocity to pull targets out of clutter. An incoming missile 
will have a high velocity relative to the surrounding background. Range and time 
to impact are computed automatically, updated continuously, and provided to the 
crew to assist in defensive maneuvers (Figure 15-7). The down side to active 
MAWS is the requirement to continuously radiate for long periods of time to 
ensure protection. This contradicts the common tactic of keeping radar 
transmissions to a minimum to avoid being tracked via passive detection 
measures. This situation has led to the latest generation of MAWS being mostly 
of the passive type. 





Figure 15-7. Missile Alert Warning System (MAWS) 
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c. The passive MAWS operate in either the ultraviolet, or the infrared 
frequency spectrum. These systems are tuned to look for the IR signature of a 
missile's rocket motor, then pass a warning and the position of the inbound 
threat to the pilot. To obtain all-aspect missile warning, multiple MAWS sensors 
must be positioned on the aircraft in a similar fashion to RWR antennas. All- 
aspect MAWS face the same challenges that RWR systems face: false multiple 
targets due to maneuvers and accurate threat position reporting, to name a few. 


7. SUMMARY 


The proliferation of IR threat systems has elevated the importance of IRCM to 
survival on the modern battlefield. The most effective IRCM is still the 
employment of flares in conjunction with maneuvers. The specific flare 
characteristics of IR spectrum coverage, rise time, and burn time are critical 
factors in determining flare effectiveness. Other IRCM tactics are designed to 
enhance the effectiveness of flares and take advantage of IR missile limitations. 
The effectiveness of all IRCM tactics depends on some type of attack warning. 
The new generation of MAWS should provide some measure of warning to the 
crews and in some cases automatically defeat the IR missile. 
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CHAPTER 16. RADAR ELECTRONIC PROTECTION (EP) 
TECHNIQUES 


1. INTRODUCTION 


Electronic warfare (EW) is defined as military action involving the use of 
electromagnetic and directed energy to control the electromagnetic spectrum or 
to attack the enemy. Nearly every military action, from command and control of 
an entire integrated air defense system (IADS) to precision guidance of an 
individual weapon, depends on effective use of the electromagnetic spectrum. 
Radar systems have become a vital element of nearly every military operation. 
Since these systems operate across the entire electromagnetic spectrum, much 
of the EW effort is concerned with countering radar systems. All of the jamming 
techniques discussed in Chapters 10 and 11 and the chaff employment options 
discussed in Chapter 13 are specifically designed to counter radar systems. 
These actions are classified as electronic attack (EA), which is a part of EW. 


a. EW is somewhat like a chess game—a series of moves and countermoves 
within the electromagnetic spectrum. As we develop jamming techniques to 
counter radar systems, our adversaries develop counter-countermeasures to 
negate the effectiveness of these techniques. In response, we develop newer 
techniques and our adversaries respond with new modifications to their radar 
systems. This series of moves and countermoves can continue for decades. The 
development and application of radar counter-countermeasures are classified as 
electronic protection (EP), also a part of EW. 


b. The continuing battle to control the electromagnetic spectrum for 
unrestricted radar employment has resulted in over 150 radar EP techniques. 
These techniques are designed to negate the effectiveness of electronic jamming 
and chaff on radar systems. These radar EP techniques can be incorporated into 
the design of a radar system or added to an existing radar system in response to 
a jamming technique. It is beyond the scope of this text to discuss all the radar 
EP techniques in use today. This chapter will discuss the most common EP 
techniques. They have been organized by function of the technique within the 
radar. These functions include radar receiver protection, jamming avoidance, 
jamming signal exploitation, overpowering the jamming signal, pulse duration 
discrimination, angle discrimination, bandwidth discrimination, Doppler 
discrimination, and time discrimination. 


2. RADAR RECEIVER PROTECTION 


The following are some of the most common radar counter-countermeasures 
designed to prevent receiver overload or saturation. 
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a. Sensitivity time control (STC) is used to counter close-in chaff or close-in 
clutter. Receiver gain is set at normal for long ranges and reduced for close-in 
ranges. One problem with using STC is that close-in targets may be missed if 
STC is improperly adjusted. 


b. Automatic gain control (AGC) is used to counter chaff, clutter, and most 
types of transmitted jamming. AGC senses the signal level of a receiver's output 
and develops a back-bias, producing a constant output level. This technique has 
a slow response time compared to fast AGC and instantaneous AGC, both of 
which are employed instead of AGC. Also, it cannot maintain correct IF output 
levels for different intensity signals that are close in range because the bias 
voltage has a long buildup and decay time. 


c. Fast automatic gain control (FAGC) is also employed against chaff, clutter, 
and most types of transmitted jamming. FAGC works by sensing the signal level 
of receiver output and develops a back-bias, tending to hold output constant. 
Response time is within milliseconds, permitting fast response and recovery as 
the antenna traverses the jammer's bearing. There are several precautions to note 
when using FAGC. First, targets may be suppressed and lost without the operator 
knowing that jamming is present. Second, a strong pulse or echo may cause 
ensuing weak targets to be lost. Lastly, FAGC has difficulty getting an accurate 
bearing on the jamming source. 


d. Instantaneous automatic gain control (IAGC) is another technique to 
counter chaff, clutter, and most types of transmitted jamming. IAGC senses the 
signal level of each echo or jamming pulse and develops a back-bias that holds 
the stage output constant. Gain control response time is within milliseconds and 
extends the dynamic range of the receiver. There are several precautions to note 
when using IAGC. First, it is not effective against signals whose “in band” time is 
less than the IAGC response time. Also, with continuous duty cycle jammers, 
targets may be lost without the operator knowing that jamming is present. Finally, 
it is difficult to get an accurate bearing on the jamming source. 


e. Automatic noise leveling (ANL) counters noise jamming and modulated or 
unmodulated constant wave jamming. ANL samples receiver noise content at the 
end of each PRF and sets the gain accordingly for the next pulse interval. 
Continuous jamming reduces gain to keep output the same as the original noise 
level. ANL also follows the scanning rate of the antenna so that receiver noise 
output is constant as the antenna rotates. When using ANL, targets may be 
suppressed and lost without the operator knowing that jamming is present. Also, 
receiver gain is unstable when pulses or swept jamming enter the sampling gate 
intermittently. 


f. The logarithmic receiver (LOG) counters most types of transmitted 


jamming by amplifying and demodulating large dynamic-range signals in 
logarithmic amplifiers. This produces “amplitude compression” of the strong 
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signals. However, when using LOG, output is nearly constant so the operator 
cannot easily tell when jamming is present. 


g. The logarithmic receiver with fast time constant (LOG-FTC) counters 
narrowband jamming, chaff, and clutter. This technique amplifies and 
demodulates large dynamic-range signals in logarithmic amplifiers, producing 
“amplitude compression” of the strong signals. Video is coupled through FTC 
circuits to eliminate rectified carrier and low frequency sideband products. There 
are problems with using LOG-FTC. First, the receiver output is nearly constant, 
so the operator cannot always tell when jamming is present. Second, LOG-FTC is 
not effective against wideband, or fast-swept, short pulse jamming. Lastly, 
LOG-FTC causes a broadening of displayed jam sector. as well as degrading 
bearing accuracy on the jam source. 


h. Dicke-fix (DF) counters wideband and fast-swept jamming and is similar in 
employment to wideband limiting (WBL). DF amplifies without ringing, clips down 
all pulses to a common level, then amplifies the narrowband echo signal more 
than the wideband jamming. Noise level is held constant, independent of jamming 
intensity. There are precautions to note when using DF. Jamming that enters the 
wideband limiter can capture limiters, causing poor receiver sensitivity. Targets 
may be suppressed without the operator knowing that jamming is present. Also, 
resolution and target detection range are reduced, even in a non-jamming 
environment. Finally, DF is ineffective against extremely fast-swept spot jamming. 


i. WBL is used to counter wideband jamming and fast-swept jamming. WBL 
amplifies without ringing, clips down all pulses to a common level, then amplifies 
the narrowband echo signal more than the wideband jamming. Noise level is held 
constant, independent of jamming intensity. However, jamming that enters the 
wideband limiter can capture limiters and cause poor receiver sensitivity. 
Resolution and target detection range is reduced, even in a clear environment. 
Targets may be suppressed without the operator knowing that jamming is 
present. Finally, WBL is ineffective against fast-swept spot jamming. 


j. Adaptive video processing (AVP) counters chaff corridors, weather, sea 
clutter, and most types of transmitted jamming. AVP combines the adaptive 
threshold, beam-to-beam correlation, and wide-pulse blanking in frequency- 
scanning three-dimensional radars to avoid collapsing undesired returns on the 
PPI display. However, when using AVP, there is a decreased probability of 
detection in some multiple target situations. Also, targets may be suppressed 
without the operator knowing that jamming is present. Finally, AVP passes all 
point targets. 
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3. JAMMING SIGNAL AVOIDANCE 
The following are some EP techniques used to avoid jamming signals. 


a. Frequency agility (FA) counters narrowband jamming and some types of 
repeater and deception jamming. FA enables the radar to make rapid changes of 
transmitter and receiver operating frequency, sometimes on a pulse-to-pulse 
basis. Manual frequency changes may cause mutual interference with other 
radars and services. 


b. Frequency diversity works against narrowband jamming and some types of 
repeaters and transponders. It is a multiple-radar coordination procedure in 
which radars are assigned operating frequencies that are separated to reduce 
mutual interference and their susceptibility to a single jammer. It is important to 
note that other radars may be operating at the same allocated operating 
frequency. 


c. Polarization diversity is used to counter chaff, weather, and transmitted 
jamming. Polarization diversity attenuates jamming input to a radar receiver by 
using antenna polarization different from jammer polarization, and usually 
involves separate radars of different polarization. There are two precautions when 
using polarization diversity: (1) ground clutter worsens on vertical polarization, 
and (2) close coordination is necessary if separate radars are used; for example, 
one horizontally polarized search radar and one vertically polarized search radar. 


d. Circular polarization (CP) works against chaff, weather, and transmitted 
jamming. CP attenuates jamming input to a radar receiver by using antenna 
polarization different from jammer polarization, and usually involves separate 
radars of different polarization. CP also improves target detection in rain clutter. 


e. Conical-scan-on-receive-only (COSRO) is employed against inverse conical 
scan jamming to deny a jammer the ability to sense and upset scan angle 
tracking information. A constantly transmitted illumination beam is received and 
scanned to derive target angle information. However, the jammer can still 
degrade angle tracking if it can approximate the received signal scan rate. 


f. Speedgate tracking is used against all types of transmitted jamming. The 
technique provides a very narrow bandpass having a center frequency related to 
Doppler shift. Only jamming within the restricted band is effective. It has the 
advantages of accurate target Doppler discrimination and good target tracking at 
low target levels. However, the speedgate can be stolen by gate stealers and 
some types of swept jamming. 


g. Leading-edge track (LET) is used to counter an incoming target dropping 


chaff by allowing target tracking on the leading edge of the target. Trailing edge 
track (TET) is used to counter a receding target dropping chaff. 
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h. Track coast is used to counter chaff, clutter, multiple targets, range gate 
stealers, jam fades, and blinking jamming by placing tracking radar in a rate- 
aided coast condition. The system “estimates” target position to avoid 
interrupting the fire control solution. A lock-on or return to acquisition mode 
terminates the track coast condition. Track coast requires adequate storage of 
rate-aided information, and no true tracking information will be developed while 
track coast is operating. 


i. Guard gates work against chaff, clutter, multiple targets, range gate 
stealers, jam fades, and blinking jamming. Guard gates provide automatic 
detection of a foreign signal and “estimates” target position to avoid interrupting 
fire control solutions. Like track coast, guard gates require an adequate store of 
rate-aided information with no true tracking information developed. 


4. JAMMING SIGNAL EXPLOITATION 


The following are some EP techniques that use the jamming signal for target 
acquisition and engagement. 


a. Passive angle tracking (PAT) counters most types of transmitted jamming 
by allowing the radar to acquire and angle-track the source of jamming signals. 
There are some problems with this technique. Blinking jamming can cause severe 
instability, and the range of the jammer is unavailable until the target reaches 
burnthrough range. 


b. Home-on-jamming (HOJ) counters most types of transmitted jamming by 
allowing the missile or radar to use the jamming signals, locate the source, and 
home on it. However, blinking jamming can cause severe instability, and the 
range of the jammer is unavailable until burnthrough. 


c. Jamming signals produce recognizable sounds that help in their detection 
and identification. Aural recognition allows an operator to listen to the Doppler 
frequency associated with a moving target. It is used to counter most types of 
jamming. 


d. The local oscillator off technique counters continuously transmitted 
jamming. No receiver output occurs unless a target echo signal and a jamming 
signal are present. Limitations of this technique include: targets only display in 
an area where jamming is present; and, if the antenna rotates away from the 
jammer, or if jamming is turned off, no targets are displayed on the radar scope. 


e. The jamming strobe indicator counters any transmitted jamming with high- 
duty-cycle modulation. The indicator is a variable marker strobe on the radar 
display that moves in range proportional to jamming strength. The indicator 
traces an antenna lobe pattern on the display, showing the azimuth of the 
jamming source. There are some problems with the jamming strobe indicator. 
First, it interrupts normal video in some radars. Second, inverse or sidelobe 
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jamming can cause erroneous strobes. Finally, the jam strobe does not react to 
unmodulated CW or low-duty-cycle jamming for some radar systems. 


f. The jamming indicator lamp, located on the operator console, is used on 
radars with automatic noise leveling (ANL) to counter continuous transmitted 
jamming. The lamp alerts the operator to the presence of jamming, and the ANL is 
manually shut off. This action allows the operator to determine jammer bearing. 


g. Clean strobe generation (CSG) counters any transmitted jamming by using 
the sidelobe blanking circuits of a radar. An azimuth strobe appears when the 
jamming level in the main antenna exceeds the jamming level in the sidelobe 
auxiliary antennas. The operator is alerted to the presence and bearing of a 
jamming source, even with a constant false alarm radar (CFAR) receiver. 


h. Jamming attenuation (JAM ATTEN) counters both clutter and any type of 
jamming. Receiver gain is reduced to avoid receiver saturation by inserting an 
attenuator pad that enables the operator to recognize presence, type, and bearing 
of a jamming source. When using JAM ATTEN, however, the reduced gain may 
cause loss of targets, even in non-jammed sectors. Also, any improvement in 
signal-to-jam ratio is not possible. 


i. Receiver manual IF gain (MAN GAIN or IF GAIN) also counters clutter and 
jamming. Receiver gain is reduced to avoid jamming saturation by manually 
reducing stage gain, allowing the operator to identify jammer presence, type, and 
bearing. When using IF GAIN, the reduced gain may cause a loss of targets, even 
in non-jammed sectors. Also, any improvement in signal-to-jam ratio is not 
possible. 


5. OVERPOWERING THE JAMMING SIGNAL 


Following are some EP techniques a radar system can employ to overpower 
jamming and reduce the jamming-to-signal (J/S) ratio to less than one. 


a. Burnthrough counters most types of transmitted jamming. Energy in the 
target pulse is raised by increasing the peak power, that is, the PRF or pulse 
width, or by increasing the time the radar illuminates the target by reducing the 
scan rate or scan angle. Some radars have modes in which the radar 
concentrates its power in narrow azimuth and elevation sectors about the 
suspected target position. However, burnthrough can degrade general radar 
performance by overloading the receiver if a large radar cross section target is 
detected. High power may impact radar operation in clutter or dense chaff 
environments. 


b. Narrowband long pulse (NBLP or NLP) counters most types of transmitted 


jamming by using a high-energy long pulse. The signal uses a narrowband 
receiver for reception, and increases detection range for targets in jamming and 
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in the clear. Simultaneously, it reduces resolution, which causes poor radar 
performance in chaff and clutter. 


6. PULSE DURATION DISCRIMINATION 


The following are some radar counter-countermeasures that use pulse duration 
to discriminate between radar and jamming signals. 


a. The fast time constant (FTC) is used to counter chaff, clutter, and 
narrowband jamming. A video circuit provides low frequency attenuation to reject 
carrier and low frequency modulation jamming. FTC passes normal radar pulse 
lengths with little attenuation, but causes some loss of receiver sensitivity. 


b. Pulse width discrimination (PWD), clutter eliminate (CE), and wide pulse 
blanking (WPB) are designed to counter chaff, most types of jamming, EMI, and 
some types of deception jammers. A video coincidence gate, involving a delay 
line matched to the expected signal duration, senses if a return is the proper 
pulse width. PWD, CE, and WPB provide an enabling path for qualified signals. 
However, weak signals may be lost in the signal processing. 


c. Pulse expansion-compression (PC) is used to counter most types of noise 
jamming and some types of deception jamming. An expanded pulse is coded for 
transmission. This expanded pulse is transmitted and decoded on return. Echo 
responses are then compressed in a_— decoding’ process. _ This 
expansion/compression is equivalent to NLP, which provides longer detection 
ranges, and wideband short pulse, which provides increased resolution. Using 
PC is not without problems. Unwanted residues may cause loss of weak targets. 
Additionally, range error proportional to the Doppler shift, or radial velocity, 
affects the accuracy of the PC. 


7. ANGLE DISCRIMINATION 


The following techniques use angle discrimination to distinguish between radar 
returns and jamming signals. 


a. Sidelobe blanking (SLB) and sidelobe cancellation (SLC) are types of 
sidelobe suppression (SLS) used to counter sidelobe response to chaff, clutter, 
transmitted jamming, sidelobe jamming, and deception jamming. An auxiliary 
antenna approximates the pattern and gain of sidelobes of the main antenna and 
produces a signal for comparison with the signal received in the main antenna. If 
the signal in the auxiliary antenna is greater, the signal in the main antenna 
channel is blanked. This permits bearings to be obtained on a jamming source 
and rejects sidelobe jamming. SLB is useful only for determining the bearing to 
the jamming source. 


b. Antenna manual positioning, antenna traverse and elevation angle offset, 
antenna jog, and antenna slow scan are EP techniques used to counter main 
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beam and sidelobe jamming and deception. These techniques are designed to 
increase the antenna scans across the jammed sector to increase the blip-scan 
ratio. These techniques increase the number of pulses integrated, as well as the 
operators’ sorting capability. 


8. BANDWIDTH DISCRIMINATION 


The following are EP techniques that use bandwidth to distinguish between radar 
jamming and target returns. 


a. Dicke-fix (DF) counters wideband and fast-swept jamming. A wideband 
limiter amplifies without ringing and clips all pulses down to a common level. 
Then an amplifier increases narrowband target echo signals more than the 
wideband jamming. There are some problems associated with DF. Any jamming 
entering the wideband limiter can “capture” the limiters and cause poor receiver 
sensitivity. Targets may be suppressed without the operator knowing that 
jamming is present. Resolution and target range is reduced, even in a clear 
environment. Finally, DF is ineffective, even harmful, when the jamming 
bandwidth is near the bandwidth of the desired echo signal. 


b. Transmitter pulse lengthening (TPL) counters wideband and fast-swept 
jamming. TPL concentrates power into a narrow band about the carrier frequency 
by lengthening the transmitting pulse. While this allows use of a narrowband 
receiver, it impairs resolution, causing poor chaff and clutter performance. 


c. Transmitter pulse shaping (TPS) counters wideband and _ fast-swept 
jamming. The sideband range is limited by shaping the transmitted pulse. This 
allows use of a narrowband receiver, but impairs resolution, causing poor 
performance in chaff and clutter. 


d. Narrowband pulse limiting (NBLP or NLP) is a form of transmitter pulse 
lengthening that counters wideband jamming and fast-swept jamming. NBLP 
concentrates power into a narrow band in the carrier frequency by lengthening 
the transmitting pulse. This allows use of a narrowband receiver, but impairs 
resolution, causing poor chaff and clutter performance. 


e. The fast time constant (FTC) is used to counter chaff, clutter, and 
narrowband jamming. A video circuit provides low frequency attenuation to reject 
carrier and low frequency modulation of jamming. FTC passes normal radar pulse 
lengths with little attenuation, but causes some loss of receiver sensitivity. 


f. High video pass (HVP) is used to counter chaff, clutter, and narrowband 
jamming. It is similar to FTC. A video circuit provides low frequency attenuation 
to reject carrier and low frequency modulation jamming. HVP passes only the 
leading edge of the received pulses. HVP can cause some loss of receiver 
sensitivity. 
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g. The wideband short pulse (WSP) counters chaff, clutter, and narrowband 
jamming by transmitting a short pulse and using a wideband receiver for 
reception. Echo resolution and accuracy are improved, and performance against 
narrowband jamming is enhanced. However, the maximum detection range is 
decreased and system vulnerability to wideband jamming is increased. 


h. Narrowband limiting (NBL) counters chaff, clutter and narrowband 
jamming. A narrowband filter positioned in the front of the amplifier section 
allows only the target signal bandwidth to enter the limiter, reducing wideband 
and off-frequency jamming. The limiter clips all signals and noise to a common 
level. This technique is useful only when followed by pulse compression or other 
“decode” techniques. NBL is not effective against wideband jammers capable of 
causing “ringing” of the NBL bandpass filters. Targets may be suppressed and 
lost without the operator knowing that jamming is present. Finally, target 
detection and resolution are poor. 


9. DOPPLER DISCRIMINATION 


EP techniques that use Doppler frequency discrimination between radar and 
jamming signals to negate jamming effectiveness include the following: 


a. Moving target indication (MTI) is used to counter chaff and clutter. The 
phase of returned target echoes is compared on a pulse-to-pulse basis. Those 
with no phase change (no change in radial velocity) are cancelled using a delay- 
line canceler. Sensitivity using MTI is poor for weak targets, even in the clear. 
Also, it is blind to targets that have a Doppler frequency that is equal to a multiple 
of the radar PRF, unless PRF stagger is used. Finally, limited dynamic range does 
not allow full cancellation of strong clutter echoes. 


b. Compensated coherent MTI, also known as compensated COHO MTI, 
counters chaff and clutter by comparing the phase of returned target echoes on a 
pulse-to-pulse basis. Those pulses with no phase change, that is, no change in 
radial velocity, are cancelled. Corrections to the coherent oscillator are applied to 
compensate for motion of the platform and radar antenna. Sensitivity is poor for 
weak targets, even in the clear, and it is blind to targets that have a Doppler 
frequency equal to, or a multiple of, the radar PRF, unless PRF stagger is used. 


10. TIME DISCRIMINATION 


The following EP techniques use time discrimination between radar and jamming 
signals to negate jamming effectiveness. 


a. Video integration (VINT) and integrate-multiply (INT-MULT) counter any 
form of transmitted jamming not synchronous with radar PRF. The video 
continuously circulates through a delay line, delaying signals exactly one pulse 
recurrence time (PRT), then combines them with signals from the next PRT. 
Synchronous target signals add together to increase video output, but noise and 
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random pulses are suppressed. Unless MTI and FTC are employed, VINT and INT- 
MULT will enhance chaff, clutter, and jamming along with target returns. Also, 
feedback control, or loop gain, must be carefully adjusted for optimum results. 


b. PRF stagger and jitter are EP techniques designed to counter quasi- 
synchronous jamming, EMI, MTI blind-speeds, “second trip” echoes, and repeater 
jammers simulating “closer-than-real” targets. The transmitter pulse interval is 
varied to break up synchronous patterns. Received signals must be “de- 
staggered” for use with MTI or integration. When using any of these techniques, 
video de-stagger balance must be accurate or “double video” occurs. These 
techniques are not effective against exact synchronous deception jamming. 


c. Pulse-to-pulse correlation (PPC) is used to counter slow-swept blinking or 
pulsed jamming not synchronized with radar PRF, and some types of deception 
jammers. To be displayed, target video must exceed a threshold voltage for two 
successive pulses. The technique avoids displaying non-synchronous jamming 
and EMI, but is not effective against synchronous jamming, and may cause weak 
targets to be missed. 


d. Beam-to-beam correlation (BBC) is used to counter slow-swept blinking or 
pulse jamming not synchronous with radar PRF and some types of repeaters and 
transponders. It is used in three-dimensional frequency scanning or frequency 
agile radars. To be displayed, the target return echo signal must exceed a 
threshold value in two adjacent antenna beams. BBC is not effective against 
synchronous jamming. It may also cause weak targets to be missed. 


e. Single beam blanking (SBB) is used to counter slow-swept, blinking, 
pulsed jamming, and narrowband jamming. It is used in three-dimensional 
frequency scanning or frequency agile radars to avoid displaying vertical beams 
containing jamming. A blanking pulse is generated for vertical beams containing 
jamming so that they are not displayed. The technique is not used on RHI video. 
Also, it can cause a loss of targets at the jammed elevation angle on the PPI 
display. 


11. SUMMARY 


This chapter has discussed some of the most widely employed EP techniques 
designed to counter radar jamming. The capabilities of the individual radar 
operator were not discussed. However, the radar operator is as important as the 
EP techniques designed for the radar system. Many of the most effective EP 
techniques are designed to ease operator interpretation of the radar display. In 
the chess game of EW, the capabilities of individual radar operators can be as 
important as the sophisticated EP techniques in determining the final outcome. 
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CHAPTER 17. RADAR WARNING RECEIVER (RWR) BASIC 
OPERATIONS AND GEOLOCATION TECHNIQUES 


1. INTRODUCTION 


Radar surveillance and radar-directed weapons represent the biggest threat to 
aircraft survival on the modern battlefield. The first step in countering these 
threat systems is to provide the pilot or crew with timely information on the signal 
environment. The radar warning receiver (RWR) is designed to provide this vital 
information to the pilot. The RWR system is an example of an electronic warfare 
support (ES) system. The primary purpose of an RWR system is to provide a 
depiction of the electronic order of battle (EOB) that can have an immediate 
impact on aircraft survival. Though the RWR system is complex, the basic 
operations of the various components are straightforward. A step above RWR 
systems is threat geolocation. While an RWR provides the EOB for a single 
aircraft, threat geolocation systems can provide accurate threat location data for 
numerous aircraft over an entire region. Threat location data is used for aircraft 
threat avoidance and, more common today, the preemptive attacking of enemy 
radar sites. This chapter will discuss the functions of the various components of 
a RWR system including the antennas, receiver/amplifiers, signal processor, 
emitter identification (EID) tables, RWR scope, RWR audio, and limitations to 
RWR systems. This chapter will then go on to discuss three of the methods used 
to geolocate radar threat systems. 


2. RWR ANTENNAS 


Antennas are designed to receive radar pulses from threat radar systems. Factors 
that impact the operation of the RWR antennas include location, pattern, 
sensitivity, and polarization. 


a. The physical location of the RWR antennas on the aircraft can affect its 
ability to detect a radar signal. Antennas are arranged to cover a predetermined 
area of horizontal and vertical space around the aircraft (Figure 17-1). 


b. The antennas and their patterns play an essential part in displaying the 
spatial relationship of a threat radar to the aircraft. The antenna patterns are the 
areas, or “footprints,” that the antennas are specifically designed to cover. These 
footprints are directly affected by the relative position of the antennas to the 
threat systems. This is because the signal processor measures and compares 
signal strength from all the aircraft antennas to compute threat signal location 
relative to the aircraft. This relative location is then presented on the RWR scope 
display. Aircraft movement and maneuvering shifts these relative positions 
during flight and can distort the true threat position on the RWR scope. Precise 
position determination is not possible with most RWRs. 
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Figure 17-1. Radar Warning Receiver (RWR) Antennas 


c. The sensitivity of an RWR antenna directly affects its ability to detect a 
radar signal. The more sensitive the antenna, the further it can detect a signal. 
The sensitivity of a system and its ability to intercept a radar signal is usually 
expressed in decibels relative to milliwatts or dBm units. A 10 dBm change in 
sensitivity can result in a 25 nm range difference in target detection. In general, 
sensitivity levels of -50 to -60 dBms are required to detect signals at long ranges 
(Figure 17-2). 
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Figure 17-2. RWR Antenna Sensitivity 
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d. Another factor affecting antenna detection range is the polarization of the 
antennas. If the polarization of the RWR antenna and the threat system antenna 
are mismatched, or cross-polarized, initial detection of a threat signal could be 
delayed until the aircraft is within the lethal range of a threat system. In this 
situation, the aircraft could be engaged with minimal warning (Figure 17-3). 
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Figure 17-3. RWR Antenna Polarization 


3. RWR RECEIVER/AMPLIFIERS 


The RWR receiver/amplifier section processes the radar signals from the 
antennas. Most RWR systems use frequency bands to differentiate signals. 
Nominal band designations are summarized in Table 17-1. There are two types of 
receivers currently used in RWR systems: the crystal video receiver and the 
superheterodyne receiver. 


Table 17-1. RWR Produency Band wicca 
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a. A crystal video receiver (CVR) is the simplest type of microwave receiver. It 
is used primarily for detection of pulse radar signals in the 2 to 18 GHz band. A 
CVR used in a radar warning receiver incorporates crystal detectors for each 
designated frequency band. A pulse radar signal is detected by the antenna and 
passed to the multiplexer. The multiplexer divides the received radar signals by 
frequency band and sends the signals to the appropriate band channel. The RF 
amplifier boosts the radar signal and passes it to the crystal detector (Figure 
17-4). 
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Figure 17-4. Crystal Video RWR Receiver 


(1) The crystal detector is an RF diode, which converts the RF signal into a 
video signal. The voltage level of the output video signal is dependent only on the 
amplitude of the input signal and not on the frequency or phase. The sensitivity 
of a CVR is limited by the sensitivity of these crystal detectors. The sensitivity of 
crystal detectors currently available is generally adequate to detect main beam 
radiation from most threat radars. The video output of the crystal detectors is 
amplified by a high-grain compressive video amplifier and sent to the RWR scope 
for display. 


(2) A CVR is extremely fast, sensitive, and covers a wide frequency range. 
These characteristics coupled with low cost and small size make CVRs ideal for 
use in radar warning receivers. The primary disadvantage of a CVR is that it is 
indiscriminate in reception and can be saturated in a dense signal environment. 
Multiple signals in the same band can cause amplitude distortion which can mask 
key threat signals. 
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b. A superheterodyne RWR receiver uses a pre-selector filter, mixer, and a 
local oscillator to translate the received signal to a lower intermediate frequency 
(IF). This lower IF allows the receiver to amplify and filter the received signal to 
provide greater sensitivity and frequency selectivity than a CVR (Figure 17-5). 
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Figure 17-5. Superheterodyne RWR Receiver 





(1) Superheterodyne RWR receivers use special scanning techniques 
controlled by the signal processor to tune the pre-selector filter and the local 
oscillator to rapidly scan selected threat system frequency bands. If the receiver 
detects activity in any of these bands, the scan stops to allow the processor to 
analyze the detected signals. The signal is combined with the local oscillator 
signal to lower the frequency to the IF. This signal is amplified, filtered, and 
amplified again before it reaches the signal processor. The signal processor 
classifies the threat and displays the proper threat symbol to the pilot. This entire 
process is accomplished in a matter of microseconds. 


(2) The scanning superheterodyne receiver has important features that 
make it effective for RWR system application. It has excellent sensitivity and 
selectivity. It also has good frequency resolution. These features give the 
superheterodyne receiver a very low false alarm rate. The major disadvantage of 
the scanning superheterodyne receiver is its limited capability to receive signals 
from threat systems employing scanning antenna patterns. This limitation can be 
overcome with specific computer-controlled tuning to look for these threat 
signals. 
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4. SIGNAL PROCESSOR 


The signal processor is the heart of the radar warning receiver. The signal 
processor is also known as the digital processor or analysis processor in 
different RWR systems. Its primary functions are to process numerous complex 
radar signals and identify, among the thousands of similar signals, those 
generated by lethal threat systems. The signal processor accomplishes this task 
continuously over the duration of the mission and displays the identified threat 
system to the aircrew almost instantly. 


a. Signal processing begins when RF energy strikes the receive antennas on 
the aircraft. The received signals are then boosted in strength by intermediate 
amplifiers or antenna receivers. These amplified signals are then sent to the 
signal processor, or digital processor, where they are assigned a track file for 
reference to other signal characteristics. Data in these files is compared to those 
in the emitter identification (EID) table to process the signal for identification. 
Once identification is complete, a video and, if necessary, an audio signal, is sent 
to the cockpit display. The audio and video signals alert the aircrew to the 
electronic environment around the aircraft. This whole process takes less than a 
microsecond (Figure 17-6). 
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Figure 17-6. RWR System 


b. Since many signals may be present, the amplifier detectors boost the 
signal strength, and also tag each signal by certain characteristics such as its 
time of arrival, direction of arrival, and/or frequency. These signals, along with 
their respective tags, are sent to the signal processor for further processing and 
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identification. The signal processor then makes a track file for each signal it 
receives from the amplifier detector. 


c. The signal processor classifies each received signal and corresponding 
track file by its unique radar signal characteristics. Identifying characteristics 
used by a signal processor can include radio frequency, pulse width, pulse 
repetition frequency, EP techniques, and more. Characteristics of one signal may 
be identical to characteristics from different signals, while certain other 
characteristics can be as unique as a human fingerprint. The signal processor 
uses these primary characteristics to identify specific signals. When the primary 
characteristics of two or more signals are similar, the signal processor uses 
additional signal characteristics to resolve any confusion between two or more 
signals. 


d. The signal processor ranks the track files based on priorities determined 
from tests it conducts on the signal characteristics and the threat priorities 
contained in the EID tables. It then quickly processes signals belonging to lethal 
threats before it processes signals belonging to non-lethal threats. For example, 
three signals enter the processor together and separate track files are 
established for each signal (Figure 17-7). A test on the first characteristic 
discriminant, frequency, will delay the further processing of Signal 3, since no 
lethal threat systems operate at a frequency less than 2000 megahertz. A further 
test on the remaining prioritized signals may eliminate Signal 2 as a threat system 
signal, leaving more processor time for the identification of the threat system 
which generated Signal 1. These tests do not stop the processor from attempting 
to identify all received signals. The signal processor merely delays the identifying 
sequence until all high priority signals have been processed. 
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Figure 17-7. Signal Processor Signal Priority 
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5. EMITTER IDENTIFICATION (EID) TABLES 


The signal characteristics in each track file are filled with processed data, and are 
constantly updated based on the time of arrival and location of the received 
signals. In addition, the track files are constantly compared to the EID table 
installed in the signal processor's computer memory. The EID table is a 
predefined table of radar characteristics associated with known radar systems 
(Figure 17-8). It is created from information gathered from electronic warfare 
support (ES) assets and intelligence sources. This table can be changed and 
updated as necessary to reflect the most current radar characteristics available 
for the anticipated threats in the planned theater of conflict. Each RWR system 
has unique procedures to reprogram the signal processor and update the EID 
tables. Emergency reprogramming actions, such as would be taken if a new 
threat appears that is not part of the current EID, are called a Pacer Ware. 
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Figure 17-8. Sample EID Table 





6. RWR SCOPE DISPLAY 


The signal processor continually compares signal characteristics in the track 
files with the data in the EID tables. Once the signal processor has determined 
that enough of the signal characteristics match the information in the EID tables, 
it generates and positions a video symbol on the RWR scope. The video symbol 
represents a specific threat, and each threat system has its own unique symbol. 
In addition, an audio tone is generated to alert the pilot. The signal processor also 
generates symbols and audio associated with specific threat system actions, 
including search, track, and missile launch. The position of the threat symbol on 
the RWR scope always represents the relative position of the threat in relation to 
the aircraft which is the center of the RWR scope. The signal processor compares 
the received signal strength in the different antennas to determine the proper 
location of the threat symbol. Figure 17-9 depicts a situation where the two 
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forward antennas receive equal signal strength therefore the signal processor 
places the symbol at the 12 o'clock position. 





Figure 17-9. RWR Scope Azimuth Positioning 


7. RWR AUDIO 


In addition to generating threat symbols for each identified threat, the signal 
processor also generates threat audio. Threat audio first alerts the aircrew to the 
detection of a threat system. This RWR audio is generally referred to as “new 
guy” alert audio. The signal processor can also present constant audio from a 
selected threat. The aircrew controls this function through the interface control 
unit. The constant audio provided by an RWR system can be either “real” or 
synthetic. “Real” audio is normally based on the actual pulse repetition frequency 
(PRF) of the threat system radar whether the signal processor has identified it or 
not. Synthetic audio is based on the classification of the threat (SAM, Al, etc.) as 
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determined by the signal processor. The signal processor also generates a 
launch warning audio when the signal characteristics of the threat indicate a 
missile launch condition exists. 


8. RWR INTERFACE CONTROL UNIT (ICU) 


Every RWR system has some type of an ICU which provides the aircrew interface 
with the signal processor (Figure 17-10). The buttons on the ICU control specific 
functions of the signal processor. The ICU allows the aircrew to optimize the 
RWR system based on mission tactics. This optimization includes selecting 
appropriate priority lists based on ingress and egress tactics, controlling threat 
audio presentation, and determining the number and types of threats displayed. 
In addition, the ICU provides an additional visual indication of missile launch. All 
system test functions are controlled by the ICU to allow the aircrew to monitor the 
status of the RWR system. 
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Figure 17-10. RWR Interface Control Unit 


9. RWR LIMITATIONS 


There are several limitations associated with all RWR systems. The most 
important limitations include ambiguities, impact of maneuvering, and 
electromagnetic interference (EMl). 


a. The sheer number and diversity of radar systems associated with an 
enemy IADS greatly compound the problem of threat identification and warning 
for RWRs. Adding to this problem is the fact that many different threat systems 
use operating modes that are parametrically similar. When an RWR processes a 
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radar signal that has the same characteristics of a signal from a different system, 
an ambiguity may occur. An RWR ambiguity is defined as the display of more 
than one symbol for a specific threat signal. RWR ambiguities may occur from 
both enemy and friendly radar systems. 


(1) Figure 17-11 depicts a number of friendly and threat signals that 
operate between 8000 and 10,000 megahertz. On any given combat mission, it is 
quite possible that the RWR will receive signals from one or more of these threat 
systems at the same time. If frequency is the only signal characteristic available 
for processing, the RWR will not be able to determine which system the signal 
represents. Since threat systems operating in this frequency range are potentially 
lethal systems, the signal processor will attempt to match the frequency with a 
threat system from the EID table. 
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Figure 17-11. Signal Frequency Spectrum 


(2) Matching partially processed signals to threat systems in the EID table 
may result in the wrong threat symbol being displayed, or numerous symbols 
being displayed on top of each other, making it difficult for the pilot to distinguish 
the exact threat. Incorrect threat symbology, or numerous combined symbols, are 
called RWR ambiguities. 


b. RWRs are designed to provide accurate threat positioning information 
when the aircraft is flying straight and level. Most RWRs will also provide 
accurate threat positioning information when the aircraft is maneuvering up to 
certain limits of bank angle and turn rate. If aircraft maneuvering exceeds these 
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limits, RWR threat positioning data becomes unreliable. The two RWR limitations 
associated with aggressive maneuvering are inaccurate threat azimuth and 
multiple threat symbols. 


(1) In Figure 17-12, the right forward and right aft RWR antennas detect a 
threat signal from a TTR. The left forward and left aft antennas are shielded by the 
aircraft and do not detect the signal. The signal processor determines the threat 
position, using the azimuth positioning algorithm, and displays the threat symbol 
at the 2 o'clock position. 





Figure 17-12. RWR Threat Azimuth Position Determination 


(2) When the pilot maneuvers aggressively to put the threat symbol on the 
beam, he exceeds the RWR maneuvering limitations (Figure 17-13). Now all four 
RWR antennas detect the TTR signal. The signal strength in the right and left 
forward antennas is nearly equal. Based on this information, the signal processor 
displays the RWR symbol at the one o'clock position while the threat is actually at 
the three o'clock position. 
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Figure 17-13. RWR Azimuth Error 


(3) During aggressive maneuvering, the RWR signal processor may 
generate multiple symbols for a single threat emitter. In Figure 17-14, as the 
aircraft maneuvers, the relative azimuth of the threat position changes rapidly 
causing signal strength detected by each antenna to also change rapidly. The 
signal processor interprets these changing signals as new and different threat 
systems with the same signal characteristics. The number of “false” threat 
symbols displayed for a single threat is determined by the processing speed of 
the signal processor and a parameter called the symbol “age-out” time. Symbol 
age-out is the time, normally in seconds, that the RWR will continue to display a 
threat symbol after the signal processor has determined that the threat is no 
longer transmitting. The symbol age-out time is set for each threat in the EID 
tables. 
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Figure 17-14. RWR Multiple Threat Symbols 


c. Electromagnetic interference (EMI) is defined as any electromagnetic 
disturbance that interrupts, obstructs, or otherwise degrades or limits the 
effective performance of electronic systems. EMI can be induced intentionally, by 
way of jamming, or unintentionally as a result of spurious emissions and 
modulations. Certain RWR characteristics make them susceptible to EMI. Modern 
RWR systems are designed to receive and process signals in a wide frequency 
range, nominally 0.5 to 18 GHz, where most threats operate. This broad frequency 
coverage combined with the sensitive antennas make RWR systems susceptible 
to EMI. The primary source of EMI that impacts RWR operation is noise and 
deception jamming designed to counter enemy threat systems. 


(1) High power noise jamming, such as that provided by a stand-off 
jamming aircraft, causes the RWR to raise the receiver threshold in the frequency 
band of the jamming. This effectively reduces the sensitivity of the RWR receiver 
and could delay the display of threat signals in that band. The reduction in 
sensitivity depends on the power that the jammer is transmitting, the beamwidth 
of the jamming beam, and the distance from the jammer to the aircraft. High 
power jamming may also generate multiple threat symbols on the RWR scope at 
the approximate azimuth to the jammer's position relative to the aircraft. 
Additionally, jamming from a wingman's self-protection system can generate 
multiple threat symbols and reduced sensitivity. 
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(2) A limitation of all RWR systems, related to EMI, is the problem of 
inaccurately identifying threat radar systems as friendly radar systems. This 
occurs when the parameters of a friendly radar are similar to the parameters of a 
threat radar system. The RWR will either display a threat radar symbol or an 
ambiguity associated with a threat radar. These RWR misidentifications are 
especially prevalent for Al radar systems. 


(3) The impact of EMI on the operation of an RWR system depends on the 
signal environment. The pilot has little control over the number and diversity of 
friendly and enemy signals the RWR system must process. EMI is an unfortunate 
consequence of the reliance of modern military forces on operations in the 
electromagnetic spectrum. Aircrews should be keenly aware that EMI will impact 
RWR operation and be must be familiar with common RWR displays of EMI. 


10. THREAT GEOLOCATION TECHNIQUES 


The purpose of threat geolocation is to put a defined position, normally 
coordinates, on a threat radar. This information can be used to simply warn other 
aircraft about the threat or, if the coordinates are accurate enough, to allow for 
targeting and attack of the threat. Until recently, threat geolocation could only be 
performed by strategic assets and specialized tactical aircraft, specifically the 
F-4G Wild Weasel. Due to inherent time delays, data provided through strategic 
channels often did not apply to mobile threat systems. The mobile systems would 
relocate making the data obsolete. This section will discuss three techniques 
used to geolocate, also known as direction finding (DF), emitting radars that can 
be used by tactical assets to rapidly locate radar threat systems. The three are 
triangulation, interferometry, and time of arrival. All three techniques are heavily 
dependent upon the receiving aircraft's ability to accurately determine its present 
position, and the advent of GPS receivers has made this significantly easier. 


a. Triangulation is the most basic form of DF available. It involves taking 
direction measurements from more than one source. The intersection of the 
azimuth measurements, called “lines of bearing”, is the likely location of the 
emitter (Figure 17-15). To be effective, the participating aircraft must have 
accurate data of their current positions when getting the lines of bearing. 


(1) Triangulation can be carried out by multiple aircraft equipped with 
receiver equipment or by one aircraft over a period of time. The advantage of 
having multiple aircraft providing azimuth measurements is the increased angle- 
off and the speed of interception. In triangulation the best azimuth cuts are those 
that approach 90° angles. The speed of interception comes into play because 
threat emitters, knowing that DF operations are underway, attempt to transmit for 
as little time as possible. The disadvantage of multiple platforms is the 
communication required to ensure that all the platforms are measuring the same 
radar. In a dense radar environment this can be a difficult task. 
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Figure 17-15. Triangulation 


(2) Single aircraft triangulation eliminates the problem of signal 
coordination with other aircraft, but it also requires that the aircraft transit some 
distance to get multiple azimuth measurements. The accuracy of single ship DF 
operations is a function of the quality of the receiver equipment, distance away 
from the targeted radar, speed of the aircraft, and the amount of time that the 
targeted radar radiates. 


b. The second technique is called interferometry. This technique is also 
known as phase interferometry, or phase difference of arrival. These systems 
operate by comparing the phase of a radar wave as it impacts two or more DF 
antennas; this phase difference is then used to compute an angle of arrival 
(AOA). For aircraft, the desire is to have these DF antennas on different parts of 
the same aircraft. Multiple AOA measurements are then used to provide the range 
and position of the threat. 


(1) The key elements in an interferometer system are two antennas in fixed 
locations with matched receivers, a phase comparator, and a processor (Figure 
17-16). An intermediate frequency output from each receiver is passed to a phase 
comparator, which measures the relative phase of the two signals. This relative 
phase position is passed to a processor, which calculates the AOA relative to the 
orientation of the two antennas (called the baseline). In most systems, the 
processor also accepts information about the orientation of the baseline (relative 
to true North or local horizontal) to determine the true azimuth or elevation angle 
to the emitter. 
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Figure 17-16. Interferometer Components 


(2) To obtain rapid emitter locations some interferometer systems use 
multiple receive antennas in an array setup. This allows for simultaneous azimuth 
and elevation measurements to rapidly locate the emitter. An array allows for the 
mixing of long and short baselines in different patterns by selecting different 
pairs of antennas (Figure 17-17). The terms long baseline and short baseline are 
often used to designate the distance between the antenna elements in an 
interferometer system. Long baselines have the advantage of providing a quick 
and accurate location of the emitter, but they can suffer from ambiguities 
resulting from different wavefronts hitting the different antenna elements. In 
addition to the array depicted in Figure 17-17, a long baseline system could be 
created by using the existing RWR antennas on an aircraft, and supplementing 
these with a small short baseline system to compensate for the ambiguities. 
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Figure 17-17. Interferometer Array 
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c. Time of arrival (TOA) and time difference of arrival (TDOA) techniques are 
the final type of location techniques to be covered in this section. Both 
techniques are based around the fact that radar signals travel at approximately 
the speed of light. Both techniques, using the speed of light as a constant, solve 
for the distance that the emitter is away from the receiver using the equation 
distance equals rate multiplied by time. Because there is not any directional 
information, the equation represents the radius of a circle around the receiving 
antenna; multiple distance measurements taken from multiple receivers are then 
overlayed. The intersection of the circles is the position of the emitter. If only two 
receivers are used, a simple DF technique can solve the ambiguity of which 
intersection represents the emitter (Figure 17-18). 


Emitter 





Figure 17-18. Time of Arrival Measurements 


(1) TOA positioning is calculated by taking the time that a signal leaves a 
radar, measuring its arrival time at the receiver and mathematically solving for 
distance using the techniques described above. One of the primary challenges 
involved with TOA positioning is determining when the measured signal was 
transmitted, this requires either a very cooperative enemy or a radar signal with 
some type of exploitable time reference. Another challenge involves insuring that 
multiple receivers are timing the same signal. This is especially difficult in a 
threat intensive environment. 


(2) TDOA is used when it is not possible to determine when a signal was 
transmitted. TDOA uses most of the same principles as TOA except that it must 
compensate for not knowing the time the signal was transmitted. It does this by 
using an extra receiver a known distance from the first receiver to generate a 
distance curve. The arrival of the signal is precisely measured at the two 
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receivers, the theory is that a signal that arrives at the two receivers at times t1 
and t2 had to originate from a point on a curve defined by that difference in arrival 
time. For example, if the signal arrives at the two points at exactly the same time, 
then the transmitter must be equal distance from the two receivers. In this case 
the curve is actually a line of possible locations equal distance from the receivers 
and can easily be drawn. For situations where the signal arrives at different times 
at the receivers, a hyperbolic curve instead of a straight line denotes all the 
possible locations of the transmitter. Figure 17-19 shows an example of when the 
signal arrives at a different time, the constant value is the time difference 
multiplied by the speed of light yielding a distance. To solve for the emitter's 
location using TDOA another antenna receiver is required that is not in line with 
the first two receivers to generate an independent curve that will cross the first 
curve at the transmitter location. 
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Figure 17-19. Time Difference of Arrival Measurements 





(3) Timing techniques require very good timing accuracy in the receiving 
systems. If the receivers are far apart, such as different aircraft, then a separate 
time measurement is required at the source before sending to a processor. As 
with triangulation, one of the major challenges of multiple aircraft measurements 
is the coordination to ensure that the same signal is being looked at by all aircraft 
involved. 


(4) Timing techniques are affected by the type of radar that they are trying 
to locate. Pure CW radars are not practical for a timing technique because there 
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is not a pulse to time. Pulsed signals, on the other hand, are much more 
susceptible to this type of location technique. 


11. SUMMARY 


An RWR system is designed to provide a picture of the electronic order of battle 
(EOB) operating in the vicinity of an aircraft. The signal processor is the heart of 
the RWR system and controls the function of all other system components. The 
signal processor, using inputs from the antennas and the receiver/amplifiers, 
compares the signal parameters with the parameters in the EID tables. The 
identified signals are displayed on the RWR scope with the appropriate audio. 
The ICU provides the aircrew interface with the signal processor to allow the 
aircrew to customize RWR operation for each combat mission. Modern RWR 
systems have some limitations that can effect aircrew survival. These limitations 
include ambiguous threat displays, maneuvering limitations, and EMI. Despite 
these limitations, an operational RWR system is one of the keys to survival on 
today's electronic battlefield. A product of advances on the electronic battlefield 
is rapid threat geolocation. New threat geolocation techniques are designed to 
provide advanced threat information to allow pilots to avoid, suppress, or destroy 
the mobile threat. The three most common techniques are basic triangulation 
using lines of bearing, interferometry using phase difference of arrival, and time 
difference of arrival using time differences to determine distance curves. 
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CHAPTER 18. SELF-PROTECTION JAMMING SYSTEM 
OPERATIONS 


1. INTRODUCTION 


Self-protection jamming systems are designed to counter surface-to-air missile 
(SAM), airborne interceptor (Al), and antiaircraft artillery (AAA) acquisition and 
target tracking radars. Self-protection jamming systems generate noise and 
deception jamming techniques to either deny threat system automatic tracking 
capability or generate sufficient tracking errors to prevent a successful 
engagement. 


a. To counter the diverse array of threats and their associated frequencies in 
an integrated air defense system (IADS), a self-protection jamming system must 
be able to simultaneously jam multiple signals operating in a wide frequency 
range. The system must also be able to generate sufficient power to mask the 
radar return of the aircraft. Since many modern self-protection jamming systems 
are carried internally or externally on aircraft, their size, shape, and weight must 
be carefully controlled to minimize adverse effects on aircraft performance and 
handling. These design requirements may require a trade-off between additional 
power or capability and aircraft compatibility. 


b. A self-protection jamming system must have receive antennas to receive 
radar signals, a system processor to identify received signals, a jamming 
techniques generator to produce an optimum jamming technique for the 
identified threat, and transmit antennas to transmit the required jamming 
techniques. These system components will be discussed in this chapter. 


c. There are numerous internal and externally mounted self-protection 
jamming systems in use today. To simplify the discussion, the ALQ-184 pod will 
be used as an example of a modern, self-protection jamming system (Figure 
18-1). The functions and operations of the ALQ-184 components are 
representative of currently deployed self-protection systems. 





Figure 18-1. ALQ-184 Pod 
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2. RECEIVE ANTENNAS 


The ALQ-184 pod has two sets of receive antenna assemblies located on the front 
and rear of the lower pod “gondola” (Figure 18-2). Each receive antenna 
assembly set consists of a low-band antenna and a mid/high-band antenna. The 
low-band antenna's signals are combined to form the input for the low-band 
receiver. The mid/high-band antennas provide signals to the separate mid/high- 
band portion of the pod. 


Receive Antenna Receive Antenna 





Figure 18-2. ALQ-184 Receive Antenna Location 


a. The low-band receive antennas are circularly polarized spiral arrays. The 
mid/high-band receive antenna covers eight sub-bands via an eight element array 
that corresponds to the eight element transmit array. The mid/high-band antenna 
is also circularly polarized. 


b. Each signal received via the receive antenna generates a corresponding 
transmit signal through a crystal video receiver. The angle of arrival (AOA) of 
each signal is determined by comparing the output of the crystal video receiver 
for each antenna. 


3. RECEIVER SECTION 


The forward and aft receive antennas detect radar signals and send them to the 
receiver section. The receiver section contains an AOA receiver and a multiplexer 
that separates frequencies. The AOA receiver determines the AOA of a signal 
based on the output signal level of each antenna element. The AOA data is 
passed to the system processor to control the angle of transmission of the 
jamming signal. The multiplexer separates all received threat signals into eight 
frequency sub-bands consisting of five mid-band and three high-band frequency 
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ranges. The multiplexer categorizes the received radar signals by sub-band and 
azimuth and then sends them to the system processor and the exciter. 


4. SYSTEM PROCESSOR 


The system processor is the “brain” of the ALQ-184 pod. It receives the threat 
signals from the receiver section that have already been categorized by sub-band 
and distinguished by AOA. Each received signal and its corresponding AOA is 
counted. When the signal count exceeds a pre-set threshold, the system 
processor validates the signal and identifies it using the emitter identification 
(EID) tables. Based on this threat identification, the system processor directs the 
techniques generator to initiate a jamming program through the exciter. At the 
same time, the system processor, through a signal switch control, directs the 
transmitter section to use either the forward or aft transmit antenna array, and 
specifies the transmit angle for the jamming program based on AOA. 


a. The system processor also controls the low-band portion of the pod 
(Figure 18-3). The forward or aft low-band antenna receives and combines the 
threat signal and sends it to the multiplexer. The multiplexer channelizes this 
signal into one of two low sub-bands. The signal then passes to the modulator 
where the voltage controlled oscillators (VCOs) generate a jamming technique as 
directed by the system processor techniques generator. This ensures the 
jamming technique is at the proper frequency and modulation to provide 
maximum effect against the threat system. The generated jamming signal passes 
to a second multiplexer and then to a solid state amplifier for amplification. The 
amplified jamming signal is then sent to the two low-band traveling wave tubes 
(TWTs) and transmitted from the forward and aft low-band transmit antennas. 


C-9492 
\Oveyalige) Miatel(er-lce)melaii: 


Receiver Transmit 
Antennas Mid/High-Band Section Antennas 


Receiver : Transmitter 
Section | Exciter | Section 


Low-Band Section __| 


System Processor 





Figure 18-3. ALQ-184 Simplified Block Diagram 
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b. The system processor periodically performs a background built-in-test 
(B-BIT), to check the status and calibration of the ALQ-184. The system processor 
software is updated or reprogrammed as required from a memory loader verifier 
(MLV). The system processor uses two major software programs. The operational 
flight program (OFP) manages the receiver and transmitter functions, signal 
processing, and techniques generation. The mission data generator (MDG) 
contains the threat EID tables and the jamming techniques matrix for these 
threats. 


5. JAMMING TECHNIQUES GENERATOR 


The exciter section contains the VCOs and the keyed oscillators, which generate 
the jamming waveforms that are directed by the system processor. The exciter 
takes the threat signal from the receiver and modifies it with deception 
modulation or generates a noise program based on the techniques generator in 
the system processor. The selected jamming technique is then sent to the 
transmitter section. 


6. TRANSMIT ANTENNAS 


The transmitter section contains antenna switching circuits, a signal forming 
network, and TWTs. The antenna switching circuits are controlled by the system 
processor to ensure the transmitted jamming pulse is radiated at the proper 
azimuth. The signal-forming network controls the phase of each jamming signal. 
There are sixteen TWTs in the transmitter section, one for each front and aft 
antenna. The TWTs amplify the jamming signal for transmission from the 
appropriate transmit antenna. 


a. The ALQ-184 has two sets of transmit antenna assemblies. One set is 
located on the front and one on the rear of the main pod assembly (Figure 18-4). 


mel ale- ae! Rear 
Transmit Antennas Transmit Antennas 





Figure 18-4. ALQ-184 Transmit Antenna Location 
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Each set has a low-band and mid/high-band antenna. The transmit antennas 
have opposite polarization from the receive antennas. This enables the pod to 
transmit and receive at the same time while preventing pod “ringing.” Ringing 
occurs when the pod receives its own jamming signal and generates a jamming 
program to counter its own signal. This condition can highlight the aircraft to 
enemy radar and seriously degrade pod effectiveness. 


b. The low-band transmit horn antennas are circularly polarized. The 
mid/high-band transmit antennas have the same eight-element array as the 
receive antennas. The transmit antennas generate a directional jamming signal 
for pulsed radar signals based on the AOA determined by the receive antennas. 
Detailed information on the antenna jamming pattern is contained in the ALQ-184 
ECM Handbook. 


7. C-9492 CONTROL INDICATOR UNIT 

The C-9492 Control Indicator Unit (CIU) provides control of all functions of the 
ALQ-184. It allows the aircrew to control system power, select jamming 
techniques, and monitor system status (Figure 18-5). 





Figure 18-5. C-9492 Control Indicator Unit 


8. JAMMING POD CONSIDERATIONS 


Unfortunately, jamming pods do not make the aircraft completely invisible from 
enemy threat systems. When used in conjunction with the RWR, expendables, 
and threat countertactics they do drastically increase the probability of surviving 
a threat engagement. This section contains some items of consideration to 
ensure that your self-protection jamming is being properly utilized. These 
considerations include highlighting, burnthrough, and reprogramming. 
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a. If used improperly a self-protection pod can actually highlight the aircraft. 
This happens when a pod transmits a jamming program constantly or when 
another type of radar, not targeted for jamming but in the same frequency range, 
sees the jamming. Highlighting is normally associated with noise programs that 
transmit constantly. Most pods today avoid this by transmitting only when a 
threat requires it. Additionally, some aircraft have pod inhibit switches that allow 
the pod to remain in a standby condition until the pilot switches the pod to 
operate. What makes this system effective is that the switch is either on the stick 
or throttle allowing the pilot to rapidly go to operate without looking inside the 
cockpit (Figure 18-6). 


F-16 
Countermeasures 
Management 
Switch 





Figure 18-6. F-16 ECM CMS 


b. Burnthrough is described as the range that the aircraft's radar return is 
stronger than its jamming signal. Basically, the jet has gotten so close to the 
threat radar that the threat radar is overpowering the jamming pod. The range that 
this occurs varies for different radars, but it should be planned for particularly 
when there are threats in the target area. Burnthrough is also a consideration for 
support jamming systems; there is a range at which the support jammer's signal 
will be overpowered and the protected aircraft can be seen. 


c. Many self-protection jamming systems are what is called software- 


reprogrammable. This means that jamming programs can be rapidly changed to 
adjust for changes in enemy radar systems. These updates can be made to 
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systems while they are still on the jet, and can take as little as 15 minutes using 
an MLV. The process of changing electronic warfare systems is known as a Pacer 
Ware change. An exercise to check the ability to make changes is known as a 
Serene Byte exercise. The pilot of the aircraft carrying the self-protection system 
has one responsibility in this process: to ensure that his jamming system is 
carrying the most current software program, usually referred to as a software 
version. While Pacer Ware changes are not common during peacetime 
operations, they do happen quickly during combat operations often to fine tune 
the jamming systems for the particular theater of combat. 


9. SUMMARY 


The effective employment of self-protection jamming is one of the factors that 
can mean the difference between success and failure on the modern battlefield. 
When employed in concert with chaff and maneuvers, self-protection jamming 
can be extremely effective in negating potentially lethal attacks. Despite their 
limitations, self-protection jamming systems are an important part of the “bag of 
tricks” aircrews can employ to put bombs on target. 
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ANNEX A 
GLOSSARY 


Absorption - Dissipation of energy of electromagnetic waves, sound, and light 
waves into other forms of energy because of interaction with matter. Absorption 
characteristics of specific materials are used as blankets, coatings, or structural 
and surface materials for aircraft to reduce effective radar cross-sections. 


Acoustic jamming - The deliberate radiation of mechanical or electro-acoustic 
signals with the objectives of obliterating or obscuring signals which the enemy 
is attempting to receive, and of deterring enemy weapon systems. 


Acquire — 


1. When applied to acquisition radars: the process of detecting the presence 
and location of a target in sufficient detail to permit identification. 


2. When applied to tracking radars: the process of positioning a radar beam 
so that a target is in that beam to permit the effective employment of weapons. 


Acquisition radar - A radar set that detects an approaching target and feeds 
approximate position data to a fire control or missile guidance radar that then 
takes over the function of tracking the target. 


Active array radar - A phased array radar in which each radiating element 
contains a transmitter and receiver front end, as opposed to a single 
transmitter/receiver serving all phased array elements. Advantages attributed to 
active array radars include efficient use of prime power, no waveguide losses, 
very wide bandwidth, and extreme reliability due to the lack of single point of 
failure. 


Active homing guidance - A system of homing guidance in which both the source 
for illuminating the target, and the receiver for detecting the energy reflected from 
the target as the result of illumination, are carried within the missile. 


Aerosols - Solid particles dispersed in the atmosphere that have resonant size 
particles with a high index of refraction. The particles both scatter and absorb 
visual and laser-directed energy so as to lessen the effect of weapon systems 
directed by these techniques. 
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Airborne early warning and control - Air surveillance and control provided by 
airborne early warning vehicles that are equipped with search and height finding 
radar and communications equipment for controlling weapons. 


Airborne interceptor (Al) - A manned aircraft used for identification and/or 
engagement of airborne objects. (An Al may or may not be equipped with radar to 
assist in the interception.) 


Airborne Warning and Control System (AWACS) - An aircraft suitably equipped to 
provide control, surveillance, and communications capability for strategic 
defense and/or tactical air operations. 


Air defense - All defensive measures designed to destroy attacking enemy 
aircraft or missiles in the earth's envelope of atmosphere, or to nullify or reduce 
the effectiveness of such attack. 


Air surveillance radar (ASR) - A radar displaying range and azimuth that is 
normally employed in a terminal area as an aid to approach and departure 
control. 


Air-to-air missile (AAM) - A missile launched from an airborne carrier at a target 
above the surface. 


Air-to-surface missile (ASM) - A missile launched from an airborne carrier to 
impact on a surface target. 


Alternating current (AC) - An electric current that reverses its direction at 
regularly recurring intervals, the frequency being determined by the frequency of 
the alternator supplying the current. 


AM-CW jamming - Jamming in which a carrier wave is modulated at a constant 
recurring rate. The recurrence rate of amplitude modulation is variable, and 
reflects a noticeable change in the radar scope. Because of the spiraling or 
chaining effect produced, AM-CW jamming is easily identified. 


Amplifier - An electronic circuit usually used to obtain amplification of voltage, 
current, or power. 


Amplitude shift keying - A method of impressing a digital signal upon a carrier 
signal by causing the carrier amplitude to take different values corresponding to 
the different values of the digital signal. 
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Amplitude modulation (AM) - A method of impressing a message upon a carrier 
signal by causing the carrier amplitude to vary proportionally to the message 
waveform. 


Angle jamming - A deception jamming technique used to deny azimuth and 
elevation information to a TTR by transmitting a jamming pulse similar to the 
radar pulse, but with modulation information out of phase with the returning 
target azimuth modulation information. 


Angle tracking - Accomplished through the use of pulses to determine angular 
definition of a target. 


Antenna - A device used for transmitting or receiving RF energy. The function of 
the antenna during transmission is to concentrate the radar energy from the 
transmitter into a shaped beam that points in the desired direction. During 
reception, or listening time, the function of the antenna is to collect the returning 
radar energy, contained in the echo signals, and deliver these signals to the 
receiver. Radar antennas are characterized by directive beams that are usually 
scanned in a recognizable pattern. The primary radar antenna types in use today 
fall into three categories: parabolic, Cassegrain, and phased array antennas. 


Antenna cross talk - A measure of undesired power transfer through space from 
one antenna to another. Ratio of power received by one antenna to power 
transmitted by the other usually expressed in decibels. 


Antenna gain - See Gain 
Antenna polarization - See Polarization 
Antenna sidelobes - See Sidelobes 


Antiaircraft artillery (AAA) - Guns used to shoot unguided projectiles at airborne 
aircraft. Usually used in the air defense system. 


Anti-clutter circuits (in radar) - Circuits that attenuate undesired reflections to 
permit detection of targets otherwise obscured by such reflections. 


Antiradiation missile (ARM) - A missile that homes passively on a radiation 
source. 


Area defense - The concept of locating defense units to intercept enemy attacks, 
remote from, and without reference to, individual vital installations, industrial 
complexes, or population centers. 
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Asynchronous pulsed jamming - An effective form of pulsed jamming where the 
jammer nearly matches the PRF of the radar then transmits multiples of the PRF. 
It is more effective if the jammer pulse width is greater than that of the radar. 
Asynchronous pulsed jamming is similar to synchronous jamming except that 
the target lines tend to curve inward or outward and appear fuzzy in the jammed 
sector of the radar scope. 


Attenuation - The decrease in amplitude of a signal during its transmission from 
one point to another. Attenuation increases as distance increases. The higher the 
frequency of the propagating signal, the higher the rate of attenuation. 


Automatic frequency control (AFC) - Circuits in a receiver that automatically 
correct the local oscillator frequency to prevent receiver drift in tuned frequency. 


Automatic gain control (AGC) — 


1. A feature involving special circuitry designed to maintain the output of a 
radio, radar, or television receiver essentially constant, or to prevent its 
exceeding certain limits, despite variations in the strength of the incoming signal. 
In a radio receiver, in particular, though something of a misnomer, also known as 
automatic volume control. 


2. A_self-acting compensating device that maintains the output of a 
transmission system constant with narrow limits, even in the face of wide 
variations in the attenuation of the system. 


3. A radar circuit that prevents saturation of the radar receiver by long blocks 
of receiver signals, or by a carrier modulated at low frequency. 


Automatic search jamming - An intercept receiver and jamming transmitting 
system that automatically searches for and jams enemy signals of specific 
radiation characteristics. 


Automatic tracking - Tracking in which a system employs some mechanism, e.g., 
servo or computer, to automatically follow some characteristics of the signal. 


Azimuth resolution - The ability of a radar to distinguish two targets in close 
azimuth proximity and distance. 


Backlobe - The portion of the radiation pattern of an antenna that is oriented 180° 
in relation to the main beam. The antenna backlobe is a result of diffraction 
effects of the reflector and direct leakage through the reflector surface. 
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Backward wave oscillator (BWO) - A special traveling wave tube in which 
oscillatory currents are produced by using an oscillatory electromagnetic field to 
bunch the electrons as they flow from cathode to anode. 


Ballistic missile - Any missile that does not rely upon aerodynamic surfaces to 
produce lift and consequently follows a ballistic trajectory when thrust is 
terminated. 


Bandpass filter - A filter that allows a select range of frequencies to pass while 
attenuating all frequencies outside the range. 


Bandwidth - The range of frequencies within which performance, with respect to 
some characteristics, falls with specific limits (i.e., the width of frequency of a 
barrage noise package). 


Barrage noise jamming - Noise jamming spread in frequency to deny the use of 
multiple radar frequencies to effectively deny range information. Although this is 
attractive because it enables one jammer to simultaneously jam several radars of 
different frequencies, it does have the inherent problem that the wider the 
jamming spread, the less jamming power available per radar. 


Beam rider - A missile guided by an electronic beam. 


Beam-to-beam correlation (BBC) - Used by frequency scan radars to reject pulse 
jamming and jamming at swept frequencies. Correlation is made from two 
adjacent beams (pulses). The receiver rejects those targets (signals) that do not 
occur at the same place in two adjacent beams. 


Beamwidth - The width of a radar beam measured between lines of half-power 
points on the polar pattern of the antenna. This width is measured at the 3 dB 
points. 


Beat frequency oscillator (BFO) - Any oscillator whose output is intended to be 
mixed with another signal to produce a sum or difference beat frequency. Used 
particularly in reception of CW transmissions. 


Bistatic radar - A radar where the transmitting and receiving antennas are 
separated by a considerable distance. Bistatic operation provides several 
advantages for its user. The covert positioning of the receivers poses problems 
for a potential attacking force since ELINT techniques locate the transmitter not 
the receiver. The proper placement of jamming assets is difficult, since the 
receiving sites are unknown. In addition, if a stand-off jammer is directed at the 
transmitter, its effectiveness in the direction of the covert receiver is diminished. 
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Jammers not in the same beam as the wanted targets will be attenuated by the 
receiver's sidelobe protection and these targets will be more readily detected. 


Blanking — 


1. The cutting off of the electronic beam in a cathode-ray tube when the 
picture is not being formed. The beam is blanked while the spot is returning to 
the starting position (normally right to left). 


2. Process of making a channel or device noneffective for a desired interval. 


Blinking - A jamming technique employed by two aircraft separated by a short 
distance and within the same azimuth resolution to appear as one target to a 
tracking radar. The two aircraft alternately spot jam, causing the radar system to 
oscillate from one plane to another, making an accurate solution of fire control 
problem impossible. However, keep in mind that too high a blinking frequency 
can cause the tracker to average the data while too low a frequency will cause a 
missile to home-in on one of the jammers. 


Broad pulse jamming - Transmission of broad pulses for control system jamming 
when little is known about the command pulse group. For example, a broad pulse 
might cover a whole group of command pulses, thus jamming that command. 


Burnthrough range - The ability of a radar to see through jamming. Usually 
described as the point when the radar's target return is stronger than the 
jamming signal. 


Burst chaff - The formation of a reflective volume of chaff from an individual 
bundle. 


Buzzer - Code name for airborne jamming. 


Capture - Where the jammer takes control over the guidance signal by active 
jamming. 


Capture effect - The tendency of a receiver to suppress the weaker of two signals 
within its bandpass. 


Capture of AGC - Domination of the radar's automatic gain control (AGC) level by 
a strong transmitted jamming signal. 


Carrier frequency - Frequency of an unmodulated radio wave emanated from a 
radio, radar, or other type of transmitter. 
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Carrier wave - Electromagnetic radiation used to “carry” information from one 
point to another. 


Centroid homing - When applied to antiradiation missiles, the effect on a missile 
that has two or more radiation sources in its field of view causing it to home on 
the centroid of the power from the radiating sources. 


Chaff - Ribbon-like pieces of metallic materials or metalized plastic that are 
dispensed by aircraft to mask or screen other aircraft or to cause a tracking radar 
to break lock. The foil materials are generally cut into small pieces for which the 
size is dependent upon the radar interrogation frequency (approximately 1/2 
wavelength of the victim radar frequency). Being 1/2 wavelength long, chaff acts 
as a resonant dipole and reflects much of the energy back to the radar. 


Chaff corridor - Operational technique of dropping large quantities of chaff for a 
continuous period of time. This results in a “ribbon” or “stream” of returns many 
miles long on radar scopes. The penetrating strike force can then use the 
resulting chaff corridor to mask its penetration. 


Chirp - A pulse compression technique characterized by linear frequency 
modulation on pulse (LFMOP). 


Chirp radar - Radar in which a swept-frequency signal is transmitted, received 
from a target, and then compressed in time to give a final narrow pulse called the 
chirp signal. It has high immunity to jamming and an inherent rejection of random 
noise signals. 


Circularly polarized jamming - The techniques of radiating jamming energy in 
both planes of polarization. With this method, there is a 3-dB loss of effective 
power in either plane, but the enemy cannot cross-polarize his antenna to escape 
jamming. 


Circular scan - The pattern generated by an antenna that is continuously rotating 
in one direction. 


Clipped noise modulation - A clipping action is performed to increase the. 
bandwidth of the jamming signal. Results in more energy in the sidebands, 
correspondingly less energy in the carrier, and an increase in the ratio of average 
power to peak power. 


Clutter - Unwanted signals, echoes, or images on the face of a scope that 
interferes with the observation of desired signals. Also called noise. This tends to 
mask the true target from detection or cause a tracking radar to break lock. 


A-7 


Annex A. Glossary Electronic Warfare Fundamentals 


Clutter elimination - The clutter eliminator circuit discriminates against any target 
echo that exceeds three times the transmitted pulse width, and will not display it 
on the indicator. It is normally employed on the lower beams of a high frequency 
radar. This will allow targets above a preset signal strength to be presented, while 
the clutter (land) will be eliminated. 


Clutter gating - A technique that provides switching between MTI and normal 
videos. It results in the normal video being displayed in regions with no clutter 
and the MTI video being switched in only for the clutter areas. Clutter gating is 
achieved automatically by the PW discrimination or the use of storage tubes. It 
also can be achieved by a manually operated range azimuth gate. The clutter gate 
vastly increases the effectiveness of noncoherent MTI against chaff. 


Coherent MTI (in radar MTI) - A system in which the target echo is selected based 
on its Doppler frequency when compared to a local reference frequency 
maintained by a coherent oscillator. 


Coherent noise jamming - Noise-like jamming signal that is repetitive and in 
synch with the PRI of the radar. 


Coherent repeater jammer - A jammer that uses the phase information of the 
receiver radar signal in creating false targets thus transmitting a signal that is 
acceptable to the receiver processor of a victim coherent radar. 


Command and control warfare (C2W) - The integrated use of operations security 
(OPSEC), military deception, psychological operations (PSYOP), electronic 
warfare (EW), and physical destruction, mutually supported by intelligence to 
deny information, influence, degrade, or destroy adversary C? capabilities while 
protecting friendly C? capabilities. 


Command, control, communications, and computer systems (C4) - The process 
of, and means for, the exercise of authority and direction by a properly 
designated commander over assigned forces in the accomplishment of the 
commander's mission. 


Command guidance - A guidance system in which intelligence transmitted to the 
missile from an offboard source causes the missile to traverse a directed flight 
path. 


Communications intelligence (COMINT) - Intelligence derived from the 
interception of enemy communications signals. 


Communications security (COMSEC) - The protection resulting from all measures 
designed to deny unauthorized persons information of value that might be 
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derived from the possession and study of telecommunications, or to mislead 
unauthorized persons in their interpretation of the results of such possession 
and study. COMSEC includes: 1. Cryptosecurity; 2. transmission security; 3. 
emission security; and 4. physical security of communications security material 
and information. 


1. Cryptosecurity - The component of communications security that results 
from the provision of technically sound cryptosystems and their proper use. 


2. Transmission security - The component of communications security from 
which all measures designed to protect transmissions from interception and 
exploitation by means other than cryptoanalysis. 


3. Emission security - The component of communications security that 
results from all measures taken to deny unauthorized persons information of 
value that might be derived from intercept and analysis of compromising 
emanations from crypto equipment and telecommunications systems. 


4. Physical security - The component of communications security that results 
from all physical measures necessary to safeguard classified equipment, 
material, and documents from access thereto or observation thereof by being 
within a friendly power. 


Complex pulse - A pulse train in which there is more than one pulse width and/or 
more than one pulse repetition interval. 


Conformal antenna - An antenna which conforms to a surface whose shape is 
determined by considerations other than electromagnetic, for example, an 
antenna shaped to aerodynamically fit the side of an aircraft. 


Conical scan (CONSCAN) - A type of scanning in which the axis of the RF beam is 
tilted away from the axis of the reflector and rotated about it, thus generating a 
cone. 


Constant false alarm rate (CFAR) receiver - A radar receiver with automatic 
detection circuits designed to produce a constant number of erroneous target 
detections independent of noise level at the receiver input. CFAR techniques are 
intended to prevent receiver saturation and overload, to present clear video 
information to the display, and a constant noise level to an automatic detector. A 
device that accomplishes these objectives may respond to the signal-to-noise 
ratio, for example, rather than the absolute signal level above a fixed threshold. 
CFAR does not usually permit the detection of a target if the target is weaker than 
the jamming, but it does attempt to remove the confusing jamming effects. 
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Continuous wave (CW) - A constant, single-frequency, unmodulated carrier wave 
that is transmitted and then reflected. A good system for determining velocity. 


Correlation detection (modulation systems) - Detection based on the averaged 
product of the received signal and locally generated function possessing some 
known characteristics of the transmitted wave. Note the following caveats: 


1. The averaged product can be formed, for example, by multiplying and 
integrating, or by using a matched filter whose impulse response, when reversed 
in time, is the locally generated function. 


2. Strictly, the above definition applies to detection based on cross- 
correlation. The term correlation detection may also apply to detection involving 
autocorrelation, in which case the locally generated function is merely a delayed 
form of the received signal. 


Countdown - A technique for forcing the radar AGC to continuously change value 
and oscillate. The jammer rapidly changes the duty cycle of the deception pulses. 


Countdown blink - Self-screening AGC deception using a gated repeater or noise 
source; the period of which is short compared to the victim's AGC time constant. 


Cover pulse - A jammer covers the radar return with an AM pulse usually much 
wider than the radar pulse. Since tracking circuits are looking for largest return, 
they will transfer to the cover pulse, thereby denying range information. 


Cross-eye - A jamming technique used to produce angular errors in monopulse 
and other passive lobing radars. Jammer is a two-source interferometer that 
causes the phase front of the signal reaching the radar to be highly distorted. 
With such a technique, it is difficult for the radar to determine the points from 
which the transmissions are originating. Requires a high jam-to-signal ratio or the 
skin echo will show up in the pattern nulls. 


Cross-gated CFAR - A CFAR technique employed to achieve the fast switching 
required for an optimum combination of normal and MTI modes. Here, the MTI 
video signals are used to “gate” on the normal video when the MTI indicates a 
target in clutter. CFAR action is achieved by the wideband as in the zero-crossing 
and Dicke fix CFARs. 


Cross polarization - or “Cross Pole,” is a monopulse jamming technique where a 
cross-polarized signal is transmitted to give erroneous angle data to the radar. 
The component of the jamming signal with the same polarization as the radar 
must be very small. 
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Cross polarization jamming - A technique whereby the received signal is 
retransmitted cross-polarized and at a much higher power than the skin return- 
effective against some monopulse radars by generating erroneous angle 
information. 


CW jamming - The transmission of constant-amplitude, constant-frequency, 
unmodulated jamming signals to change the signal-to-noise ratio of a radar 
receiver. 


Data link - A communications link which permits automatic transmission of 
information in digital form. 


Deception - Those measures designed to mislead the enemy by manipulation, 
distortion, or falsification of evidence to induce him to react in a manner 
prejudicial to his interests. (See Electronic Deception, or Manipulative Deception.) 


Deception jamming - Any means of jamming consisting of false signals that have 
similar characteristics to the victim radar thereby deceiving the operator into 
erroneous conclusions. 


Decibel (dB) - A dimensionless unit for expressing the ratio of two values, the 
number of decibels being 10 times the logarithm to the base 10 of a power ratio, 
or 20 times the logarithm to the base 10 of a voltage of current ratio. A power 
increase by 3 dB indicates a doubling of the original power. 


(dBm) - Same as dBw except the reference level is one milliwatt instead of one 
watt. 


(dBw) - Unit used to describe the ratio of the power at any point in a 
transmission system to a referenced level of one watt. The ratio expresses 
decibels above and below the reference level of one watt. 


Defense suppression - A term applied to weapons systems that are intended to 
eliminate or degrade enemy detection, acquisition, or tracking equipment. 


Delayed opening chaff - Chaff that blooms at a specific elapsed time after it is 
dispensed. 


Detector balanced bias - Controlling circuit used in radar systems for anti-clutter 
purposes. 


Dicke fix - A technique specifically designed to protect the receiver from ringing 
caused by noise, fast-sweep, or narrow-pulse jamming. The basic configuration 
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consists of a broadband limiting IF amplifier, followed by an IF amplifier of 
optimum bandwidth. The limit level is preset at approximately the peak amplitude 
of receiver noise. The bandwidth may vary from 10 to 20 MHz, depending on the 
jamming environment. The device provides excellent discrimination against fast- 
sweep jamming (10 - 500 MHz), usually something about 20 to 40 dB, without 
appreciable loss in sensitivity. However, strong CW jamming will seriously 
degrade the performance of the Dicke fix because the CW signal captures the 
radar signal in the limiter. 


Dicke fix CFAR - Constant False Alarm Rate. 


Dicke fix MT CFAR - An MTI CFAR technique similar to Dicke fix CFAR. Limiting 
and narrowbanding follow wideband amplification, phase detection, and 
cancellation so as not to impair the MTI performance. 


Digital radio frequency memory (DRFM) - A computer-controlled digital device 
used in radar jamming systems. DRFM provides an extremely fast and accurate 
storage capability for victim radar signal parameters. Jamming systems 
employing DRFM can rapidly and accurately generate coherent jamming based 
on the memorized victim radar signal. 


DINA - See Direct Amplified Noise. 
Diode - An electron device having two electrodes, a cathode, and an anode. 


Diplex - Two transmitters operating alternately on approximately the same RF and 
using a common antenna. The normal procedure is to pulse each transmitter at 2 
the desired PRF, 180° out-of-phase. The advantage is that higher peak power per 
transmitter is possible because each transmitter is operating at ‘2 the normal 
duty cycle. 


Dipole antenna - A straight, center-fed, ‘2 wavelength antenna. Horizontally 
polarized, it produces a figure-eight radiation pattern with maximum radiation at 
right angles to the plane of the antenna. 


Direction finding (DF) - A procedure for obtaining bearings of radio frequency 
emitters with the use of a highly directional antenna and a display unit on an 
intercept receiver or ancillary equipment. 


Direct amplified noise (DINA) - DINA without a carrier frequency is used for 
increasing (saturating) the radar receiver's noise level. This is called video 
stealing. The biggest danger from this type of jamming is that the radar operator 
may not realize he is being jammed when automatic gain control (AGC) or 
automatic noise leveling (ANL) are employed. This is a barrage type of jamming 
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with a bandwidth normally more than 50 MHz. DINA appears as a bright, high 
intensity wedge when the manual gain is employed. Thus, all useful radar scope 
information is lost. 


Doppler (effect) - Continuous wave (CW) Doppler radar modules are sensors that 
measure the shift in frequency created when an object moves. A transmitter emits 
energy at a specific frequency which, when reflected, can indicate both speed 
and direction of the target. When objects move closer to the Doppler source, they 
increase in shift (positive value), and when they move further away, they 
decrease in shift (negative value). 


Doppler radar - A radar system that measures the velocity of a moving object by 
the apparent shift in carrier frequency of the returned signal as it approaches or 
recedes. 


Downlink - The signal from a transponder beacon located on a surface-to-air 
missile (SAM) used to provide a traceable radar return for missile guidance. 


Downlink jamming (DLJ) - Some command guidance missiles carry a beacon 
(downlink) which is used by the parent radar to track the missile. If this beacon 
reply can be hidden from the parent tracking radar, the missile guidance solution 
can be defeated. Hence, downlink (beacon) jamming is intended to screen the 
missile beacon signal from the parent radar's view. 


Ducting - The bending of radar rays due to atmospheric conditions. Ducting can 
either extend radar coverage beyond normal line of sight or it can deny the radar 
picture above a duct. Ducting is also called Anomalous Propagation. 


Dummy antenna - A device that has the necessary impedance characteristics of 
an antenna and the necessary power-handling capabilities, but does not radiate 
or receive radio waves. Note: In receiver practice, that portion of the impedance 
not included in the signal generator is often called a dummy antenna. 


Dummy load (radio transmission) - A dissipative but essentially nonradiating 
substitute device having impedance characteristics simulating those of the 
substituted device. This allows power to be applied to the radar unit without 
radiating into free space. 


Duplex - In radar, a condition of operation when two _ identical and 
interchangeable equipments are provided—one in an active state, and the other 
immediately available for operation. 


Duplexer - A switching device used in radar to permit alternate use of the same 
antenna for both transmitting and receiving. 
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Duty cycle - The ratio of the time the transmitter is actually on versus the time it 
could be on in a given transmission cycle. Mathematically, it can be expressed 
as: 


Duty Cycle = PD or Duty Cycle = PD X PRF 
PRT 


Dynamic range — 


1. The difference, in decibels, between the overload level and the minimum 
acceptable signal level in a system or transducer. Note: The minimum acceptable 
signal level of a system or transducer is ordinarily fixed by one or more of the 
following: noise level, low-level distortion, interference, or resolution level. 


2. Ratio of the specified maximum signal level capability of a system or 
component to its noise or resolution level, usually expressed in decibels. 


Early warning radar - A radar set or system used near the periphery of a defended 
area to provide early notification of hostile aircraft approaching the area. 


EA pod - A jamming system that is designed to be carried externally on an 
aircraft. 


Effective radiated power (ERP) - Input power to antenna time multiplied by the 
gain of the antenna, expressed in watts. 


Electromagnetic interference (EMI) - Any electromagnetic disturbance that 
interrupts, obstructs, or otherwise degrades or limits the effective performance of 
electronic systems. EMI can be induced intentionally, by way of jamming, or 
unintentionally because of spurious emissions and modulations. 


Electromagnetic pulse (EMP) - The generation and radiation in a transmission 
medium of a very narrow and very high-amplitude pulse of electromagnetic noise. 
The term is associated with the high-level pulse because of a nuclear detonation 
and with an intentionally generated narrow, high-amplitude pulse for EA 
applications. In nuclear detonations, the EMP signal consists of a continuous 
spectrum with most of its energy distributed throughout the low frequency band 
of 3 to 30 kHz. 


Electromagnetic radiation - Radiation made up of oscillating electric and 
magnetic fields and propagated with the speed of light. Includes gamma 
radiation, x-rays, ultraviolet, visible and infrared radiation, plus radar and radio 
waves. 
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Electromagnetic spectrum - The total range of frequencies (or wavelengths) over 
which any form of electromagnetic radiation occurs. 


Electromagnetic test environment (EMTE) - A range complex of radars, such as 
those located at Eglin AFB, FL, operating in different frequency bands and modes 
to provide a very flexible test facility for evaluating aircraft antenna patterns, 
reflectivity measurements, infrared, reconnaissance, airborne interceptors, and 
electronic warfare devices and techniques. 


Electronic attack (EA) - The use of electromagnetic energy, directed energy, or 
antiradiation weapons to attack personnel, facilities, or equipment with the intent 
of degrading, neutralizing, or destroying enemy combat capability. Action taken 
to reduce the enemy’s effective use of the electromagnetic spectrum. EA is a 
division of electronic warfare (EW). 


Electronic combat (EC) - Action taken in support of military operations against 
the enemy's electromagnetic capabilities. EC is task-oriented and includes 
electronic warfare (EW), command and control warfare (C2W), and suppression of 
enemy air defenses (SEAD). 


Electronic protection (EP) - Active and passive means taken to protect personnel, 
facilities, and equipment from any effects of friendly or enemy employment of 
electronic warfare that degrade, neutralize or destroy friendly combat capability. 
EP is a division of electronic warfare (EW). 


Electromagnetic deception - The deliberate radiation, reradiation, alteration, 
absorption, or reflection of electromagnetic radiations in a manner intended to 
mislead an enemy in the interpretation of, or use of, information received by his 
electronic systems. There are two categories of electronic deception: 


1. Manipulative deception - The alteration or simulation of friendly 
electromagnetic radiation to accomplish deception. 


2. imitative deception - The introduction of radiations into enemy channels 
that imitate his own emissions. 


Electronic intelligence (ELINT) - The intelligence information product of activities 
engaged in the collection and processing for subsequent intelligence purposes of 
foreign, noncommunications, electromagnetic radiations emanating from other 
than nuclear detonations or radioactive sources. 


Electronic intelligence parameter limit list (EPL) - A compilation of identified 
signals with assigned ELINT notations. 
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Electronic jammers — 


1. Expendable - A transmitter designed for special use such as being dropped 
behind enemy lines. 


2. Repeater - A receiver-transmitter device that, when triggered by enemy 
radar impulses, returns synchronized false signals to the enemy equipment. The 
returned impulses are spaced and timed to produce false echoes or bearing 
errors in the enemy equipment. See Expendable and Repeater Jammers. 


Electronic jamming - The deliberate radiation, reradiation, or reflection of 
electromagnetic energy with the object of impairing the use of electronic devices, 
equipment, or systems. 


Electronic order of battle - A listing of all the electronic radiating equipment of a 
military force giving location, type function, and other pertinent data. 


Electronic reconnaissance - Specific reconnaissance directed toward the 
collection of electromagnetic radiations. Examples: 


COMINT Communications Intelligence 


ELINT Electronic Intelligence 
OPINT Optical Intelligence 
RINT Radiated Intelligence 


SIGINT Signal Intelligence 


Electronic warfare (EW) - Military action involving the use of electromagnetic 
energy and directed energy to control the electromagnetic spectrum. EW has 
three divisions: electronic attack (EA), electronic protection (EP), and electronic 
warfare support (ES). 


Electronic warfare support (ES) - Actions taken to search for, intercept, identify, 
and locate sources of intentional radiated electromagnetic energy for the purpose 
of immediate threat recognition. Surveillance of the electromagnetic spectrum 
that directly supports an operational commander's electromagnetic information 
needs. ES is a division of EW. 


Electro-optics (EO) - The interaction between optics and electronics leading to 
the transformation of electrical energy into light, or vice versa, with the use of an 
optical device. 
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Electro-optic counter-countermeasures (EOCCM) - Actions taken to ensure the 
effective friendly use of the electro-optic spectrum despite the enemy's use of 
countermeasures in that spectrum. 


Emission control (EMCON) — 


1. The management of electromagnetic radiations to counter an enemy's 
capability to detect, identify, or locate friendly emitters for exploitation by hostile 
action. 


2. Controlling the radiation of an active system to minimize detection by 
enemy sensors. 


Endgame - The period of military engagement 3-5 seconds before missile impact. 


Endgame countermeasures (EGCM) - Actions taken to defeat a tracking missile. 
This includes expendables, decoys, and maneuvers. 


Essential elements of information (EEl) - The critical items of information 
regarding the enemy and his environment needed by the commander by a 
particular time to relate with other available information and intelligence to be 
able to reach a logical decision. 


Expendable jammer - A nonrecoverable jammer. Early expendables were limited 
to chaff and flare deployments; however, various radiating jamming systems 
exist that use noise or repeater techniques. These are dispensed by aircraft or 
other delivery systems and are designed to disrupt or deceive a victim radar for a 
short period of time. 


Extremely high frequency (EHF) - Frequencies in the range of 30 to 300 GHz. 


False target - Radiated bundle of electromagnetic energy that is displaced in time 
from the echo that creates a response in the receiver where no reflecting surface 
exists. 


False target generator - Device for generating electromagnetic energy of the 
correct frequency of the receiver that is displaced in time from the reflected 
energy of the target. 


Fast automatic gain control (FAGC) - An AGC scheme characterized by a 
response time that is long with respect to a PW and short with respect to the 
target. An ultra fast FAGC will reduce the CW capture effect on the Dicke fix. 
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Fast time constant circuit (in radar) — 


1. A circuit with short time constant used to emphasize signals of short 
duration to produce discrimination against extended clutter, long-pulse jamming, 
or noise. 


2. Aresistance-capacitance differentiating network with a time constant about 
equal to the transmitted pulse width and employed in the video portion of the 
receiver to provide the discrimination against jamming with low modulating 
frequencies. FTC is effective against CW, long jamming pulses, swept jamming, 
and clutter. It is also fairly effective against chaff corridors. Based on time, the 
radar receiver will allow only pulses equal to its own pulse width to pass and be 
presented on the indicators as targets. Because of this, only the leading edges of 
long pulses will be displayed. 


Fence — 
1. Line or network of early warning radars. 


2. Concentric steel fence erected around a ground radar transmitting antenna 
to serve as an artificial horizon and suppress ground clutter that would otherwise 
drown out weak signals returning at a low angle from the target. 


Ferret - An aircraft, ship, or vehicle especially equipped for the detection, 
location, recording, and analyzing of electromagnetic radiations. 


Field of view (FOV) - The maximum solid angle visible by an optical or electro- 
optic system. 


Fire control radar - Specialized radar systems used to locate and track airborne 
and surface targets, compute an optimum weapons firing point, and control the 
firing and sometimes guidance of its weapons. 


FM-by-noise modulation - A method of frequency modulating with effective 
jamming method against AM and fix-tuned FM receivers. Not very effective 
against continuously tunable PFM receivers; careful tuning can defeat a great 
portion of the jamming signal. For this reason, FM-by-noise is not considered 
optimum as a type of modulation for jamming FM receivers. 


FM jamming - Technique consisting of a constant amplitude RF signal that is 
varied in frequency around a center frequency to produce a signal over a band of 
frequencies. 
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Forward edge of the battle area (FEBA) - The foremost limits of a series of areas 
in which ground combat units are deployed, excluding the areas in which the 
covering or screening forces are operating, designated to coordinate fire support, 
the positioning of forces, or the maneuver of units. 


Frequency agility - A radar's ability to change frequency within its operating 
band, usually on a pulse-to-pulse basis. This is an EP technique employed to 
avoid spot jamming and to force the jammer to go into a less effective barrage 
mode. 


Frequency band designations — 


1. As decided upon by the Atlantic City Radio Convention of 1947, and later 
modified by Comite Consultatif International Radio (CCIR) Recommendation No. 
142 in 1953: 


Band RF Range Band RF Range 
VLF 0-30 kHz VHF 30-300 MHz 
LF 30-300 kHz UHF 300-3000 MHz 
MF 300-3000 kHz SHF 3-30 GHz 

HF 3-30 MHz EHF 30-300 GHz 


2. Electronic warfare uses the following designations: 


A 0-250 MHz H 6-8 GHz 

B 250-500 MHz | 8-10 GHz 

Cc 500-1000 MHz J 10-20 GHz 
D 1000-2000 MHz K 20-40 GHz 
E 2-3 GHz L 40-60 GHz 
F 3-4 GHz M 60-100 GHz 
G 4-6 GHz 


Frequency bandpass - The number of hertz where maximum output is obtained 
between two limits usually defined and bounded by lower and upper half power 
(3 dB) points. 


Frequency hopping - An anti-jamming technique used by a radar system. The 
carrier frequency of the pulsed transmissions are periodically or continuously 
shifted within limits on each successive pulse. 


Frequency diversity - Method of transmission and/or reception using several 
frequencies simultaneously to minimize the effects of selective fading, deliberate 
jamming, or interference. 
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Frequency modulated CW (FM-CW) jamming - FM of a CW signal to produce a 
wide band of signals when the exact operating frequency of the victim is not 
known within the CW limits. 


Frequency modulation (FM) - A method of impressing a message upon a carrier 
signal by causing the carrier frequency to vary proportionally to the message 
waveform. 


Frequency shift keying (FSK) - A form of FM where the carrier is mined code. In 
multiple FSK, the carrier is shifted to more than two frequencies. FSK is used 
principally with teletype communications. 


Frequency spectrum - The entire range of frequencies of electromagnetic 
radiation. 


G - Acceleration due to gravity (32.2 ft/sec’). 


Gain (manual) - The receiver gain control allows the operator to vary the receiver 
sensitivity. It is not designed as an AJ feature; however, when properly employed 
it may greatly reduce the effects of jamming. The radar detection capability is 
also reduced by an equal amount. 


Gain (transmission gain) - The increase in signal power in transmission from one 
point to another under static conditions. Note: Power gain is usually expressed in 
decibels. 


Glint (in radar) - 


1. The random component of target location error caused by variations in the 
phase front of the target signal (as contrasted with scintillation error). GLINT may 
affect angle, range of Doppler measurements, and may have peak values 
corresponding to locations beyond the true target extent in the measured 
coordinate. 


2. Electronic countermeasures that use the scintillating, or flashing, effect of 
shuttered or rotating reflectors to degrade tracking or seeking functions of an 
enemy weapons system. 


Ground controlled intercept (GCI) - Vectoring an interceptor aircraft to an 
airborne target by means of information relayed from a ground-based radar site 
that observes both the interceptor and target. 
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Guidance system (missile) - A system that evaluates flight information, correlates 
it with target data, determines the desired flight path of the missile, and 
communicates the necessary commands to the missile flight control system. 


Guided missile - An unmanned vehicle moving above the surface of the earth, 
whose trajectory of flight path is capable of being altered by an external or 
internal mechanism. 


Height finder - A radar used to detect the angular elevation, slant range and 
height of objects in the vertical sight plane. An air defense ground radar used 
specifically to accurately determine aircraft altitude for tracking and ground 
controlled intercepts. 


Hertz (Hz) - The unit of frequency, equal to one cycle of variation per second. It 
supersedes the unit cycle per second (cps). 


High frequency (HF) - Frequencies from 3000 - 30,000 kHz. 


Home-on-jam (HOJ) - A missile mode of operation in which a jamming signal is 
used to develop steering information for the missile to home in on the jamming 
source. 


Homing guidance - A system by which a missile steers itself toward a target by 
means of a self-contained mechanism which is activated by some distinguishing 
characteristics of the target. 


Identification, friend or foe (IFF) - A system using radar transmission to which 
equipment carried by friendly forces automatically responds, for example, by 
emitting pulses, thereby distinguishing themselves from enemy forces. It is the 
primary method or determining the friendly or unfriendly character of aircraft and 
ships by other aircraft and ships, and by ground forces employing radar 
detection equipment and associated identification, friend or foe units. 


Image frequency - An undesired input frequency capable of producing the 
selected frequency by the same process. NOTE: An image frequency is a 
frequency which differs from, but has a certain symmetrical relationship to, that 
which a superheterodyne receiver is tuned. Consequently, the image frequency 
can be mistakenly accepted and processed as a true frequency by the receiver. 


Image jamming - Jamming at the image frequency of the radar receiver. Barrage 
jamming is made most effective by generating energy at both the normal 
operating and imaging frequency of the radar. Image jamming inverts the phase 
of the response and is thereby useful as an eagle deception technique. Not 
effective if the radar uses image rejection. 
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Imitative deception - The introduction of radiations into enemy channels which 
imitates their own emissions. 


Imitative jamming - The jamming technique of transmitting a signal identical to 
the original guidance signal. 


Infrared (IR) - That portion of the frequency spectrum lying between the upper 
end of the millimeter wave region and the lower (red) end of the visible spectrum. 
In wavelength, the IR lies between 0.78 and 300 microns; in frequency, it lies 
between one and 400 terahertz (THz). 


Infrared counter-countermeasures (IRCCM) - Actions taken to effectively employ 
our own infrared radiation equipment and systems in spite of the enemy's actions 
to counter their use. 


Infrared countermeasures (IRCM) — 


1. Countermeasures used specifically against enemy threats operating in the 
infrared spectrum. 


2. Actions taken to prevent or reduce the effectiveness of enemy equipment 
and tactics employing infrared radiation. 


Instantaneous automatic gain control (IAGC) — 


1. That portion of a system that automatically adjusts the gain of an amplifier 
with varying input pulse amplitudes. The adjustment is sufficiently fast to operate 
while a pulse is passing through the amplifier. 


2. In radar, a quick-acting automatic gain control that responds to variations 
of mean clutter level, or jamming over different range or angular regions, 
avoiding receiver saturation (also known as back-bias). [AGC automatically 
adjusts the gain of the radar receiver so that strong signals do not block 
adjoining weak signals. IGAC is not quick enough to block short pulse jamming, 
extended clutter, or chaff. 


Instantaneous frequency CFAR (IFCFAR) - A technique similar to the IF DICKE 
FIX CFAR, except for having a phase detector instead of a frequency 
discriminator. The primary use of this technique, combined with rapid random 
frequency changes, is to make chaff signals appear noise-like so they can be 
handled conventionally. 
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Instantaneous inverse gain - Pulse-by-pulse amplification, modulation, and 
reradiation of the victim's radar pulse to obscure angle data. 


Intercept point - A computed point in space toward which an interceptor is 
vectored to complete an interception. 


Interference (electronic) - An electrical or electromagnetic disturbance that 
causes undesirable responses on electronic equipment. Electrical interference 
refers specifically to interference caused by the operation of electrical apparatus 
that is not designed to radiate electromagnetic energy. 


Interferometer - As pertains to radar, a receiving system which determines the 
angle of arrival of a wave by phase comparison of the signals received at 
separate antennas or separate points on the same antenna. 


Interleaved jamming - Time sharing of a jammer's output around many threats 
usually to cover pulse jamming. 


Intermediate frequency (IF) — 


1. A fixed frequency to which all carrier waves are converted in a 
superheterodyne receiver. 


2. A frequency to which a signaling wave is shifted locally as an intermediate 
step during transmission or reception. 


3. A frequency resulting from the combination of the received signal and that 
of the local oscillator in a superheterodyne receiver. 


Intermediate frequency jamming - Form of CW jamming that is accomplished by 
transmitting two CW signals separated by a frequency equal to the center 
frequency of the radar receiver IF amplifier. 


Interrogator - A device used to transmit pulse-coded challenges to an IFF 
transponder and then evaluates the pulse-coded reply for identification purposes. 


Intrapulse modulation repeater - A classified deception jamming technique. 
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Intrusion — 
1. The entry of a nonfriendly aircraft or system into friendly air space. 


2. The intentional interference in a communication system by which the 
intruder attempts to confuse, delay, or cause error by the selective introduction 
of additional data. 


Inverse conscan - One method of confusing a radar operator or fire control radar 
system is to provide erroneous target bearings. This is accomplished by first 
sensing the radar antenna scan rate and then modulating repeater amplifier gain 
so that the weapons systems will fire at some bearing other than the true target 
bearing. The angle deception technique is used to break lock on CONSCAN 
radars. 


Inverse gain - Amplification, inverse modulation, and reradiation of a radar's 
pulse train at the rotation rate of the radar scan. Deceives a conical scanning 
radar in angle. 


Inverse-gain repeater jammer - A form of repeater in which the jammer creates 
false targets by varying the output power inverse with the strength of the 
received radar signal. 


Jaff - Expression for the combination of electronic and chaff jamming. An ECM 
tactic involving the use of jammers to illuminate chaff corridors or chaff bursts to 
produce false targets. 


Jam attenuator control - Used to prevent receiver saturation from any strong 
signals, including electronic jamming, chaff, or clutter. It also permits the 
determination of the bearing and elevation of jammers that would cause wide 
sectors of the scope to be obscured. The control reduces all signals equally, 
jamming as well as targets. This control should be used in the jammed sector 
only and not for an entire antenna revolution. Targets in the jammed sector would 
only be seen if they were stronger than the jamming. However, the jammed sector 
may be reduced enough in size to allow the operator to determine either bearing 
or elevation. 


Jammer - A device used to deprive, limit, or degrade the use of communications 
or radar systems. Radio frequency jammers include noise, discrete frequency 
repeater, and deceptive equipment. 


Jamming-to-signal (J/S) ratio - The relative power ratio of jamming to the radar 
return signal at the radar antenna. The inverse of the signal-to-jamming ratio. 
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Jam strobe - Also called JAVA (jamming amplitude versus azimuth). A circuit that 
generates a marker on the PPI to indicate signal strength as a function of bearing. 
It does this by sampling the jamming intensity once each repetition period. 
Besides showing the direction of the jammer, it also indicates the severity of 
main beam and sidelobe jamming. 


Jet engine modulation (JEM) - Modulation present in the radar returns received 
from a jet aircraft, caused by the rotation of the fan or turbine blades of the 
aircraft's engines. 


Jittered pulse repetition frequency (jittered PRF) - The PRF is rapidly varied at a 
random rate so that false targets appear to jitter or appear fuzzy on the scope. An 
alternative to jittered PRF is to change the PRF momentarily. This causes the 
false targets to change their position on the scope. It provides a discrimination 
against repeater-type jammers. 


Klystron - A very stable microwave amplifier that provides high gain at good 
efficiency. This is accomplished by velocity modulating (accelerating a beam of 
electronics flowing from its cathode to its anode. 


Laser target designation - The use of a laser to direct a light beam onto the target 
so that appropriate sensors can track or home on the reflected energy. 


Leading-edge tracker - A tracking radar that obtains its data from the leading 
edge of the echo pulse from the target. 


Light amplification by stimulated emission of radiation (LASER) - A process of 
generating coherent light. The process uses a natural molecular (and atomic) 
phenomenon whereby molecules absorb incident electromagnetic energy at 
specific frequencies. It then stores this energy for short but usable periods, then 
releases the stored energy as light at particular frequencies, and in an extremely 
narrow frequency band. 


Lobe - One of the three-dimensional sections of the radiation pattern of a 
directional antenna bounded by 1-2 cones of nulls. 


Lobe-on-receive-only (LORO) - Mode of operation consisting of transmitting on 
one antenna system and receiving the reflected energy on another system (TWS, 
conical, or monopulse). 


Local oscillator off - A simple expedient of shutting off the local oscillator during 
barrage jamming. The barrage jammer will not be seen unless there is a beating 
signal such as a target; therefore, targets will appear. Since targets will not 
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appear in directions where no jamming arises, either an automatic azimuth switch 
or an additional receiver display is required. 


Logarithmic fast time constant log (LOG-FTCL) - A device consisting of a 
logarithmic IF amplifier followed by an FTC circuit. The LOG-FTC combination is 
very effective in removing variations in the video output noise level caused by 
spot noise, wideband noise, and slow sweep noise modulated AM jamming. 


Logarithmic receiver - A receiver whose response approximates the logarithm of 
the strength of the incoming signal. A special type of receiver having a large 
dynamic range of automatic gain control that gives considerable protection 
against receiver saturation by strong jamming on interference signals. Useful 
against weather, clutter, chaff, and spot jamming. 


Look-down, shoot-down - Refers to an air interceptor (Al) equipped with a pulse 
Doppler radar, or a radar that has a moving target indicator (MTI) feature, that can 
detect and lock-on to a target within ground return clutter enabling the Al to track 
and shoot the target. 


Look-through — 


1. When jamming, a technique by which the jamming emission is interrupted 
irregularly for extremely short periods to allow monitoring of the victim signal 
during jamming operations. 


2. When being jammed, the technique of observing or monitoring a desired 
signal during interruptions in the jamming signals. 


Low frequency (LF) - Frequencies from 30 - 300 kHz. 


Low power spread spectrum radar - A low power, high duty cycle radar whose 
spectrum is spread 100 MHz or more. Since this radar has a broad output 
spectrum and a high duty cycle, neither time nor frequency can be effectively 
used to resolve these signals. This leaves direction as the prime method of 
resolution. The spectrum of these radars is spread over the bandwidth by any of 
the pseudo random noise modulating techniques commonly used _ in 
communications. Techniques such as bi-phase modulation, quaternary phase 
modulation, chirp, random frequency jumping, etc., may be used to spread either 
a CW signal or a very high duty cycle signal. Such signals have a very good 
range resolution—approximately equal to the reciprocal of the bandwidth. 


Magnetron - A radar microwave device whose operation is based on the motion of 
electrons (AC) under the influence of combined electric and magnetic fields. 
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Mainlobe - The lobe of a transmitting or receiving antenna centered on the 
directivity axis of the antenna. 


Manipulative deception - The alteration or simulation of friendly electromagnetic 
radiations to accomplish the deception. 


Meaconing, interference, jamming, and intrusion (MIJI) - An acronym of four 
component parts to determine the intent and technique of electromagnetic 
radiation. 


Meaconing - a system of receiving radio beacon signals and rebroadcasting 
them on the same frequency to confuse navigation. Interference - unintentional 
electromagnetic radiation that may cause interference with electronic equipment. 


Jamming - the deliberate’ radiation, reradiation, or _ reflection of 
electromagnetic energy with the intent of impairing the use of electronic devices, 
equipment, or systems being used by the enemy. 


Intrusion - the intentional insertion of electromagnetic energy into 
transmission paths in any manner with the objective of deceiving operators or 
causing confusion. 


Medium frequency (MF) - Frequencies from 300 to 3,000 kHz. 
Micron - A unit of length equal to a micrometer (10° meters). 


Microwave amplification by stimulated emission or radiation (MASER) - A low- 
noise, radio-frequency amplifier. The emission of energy stored in a molecular or 
atomic system by a microwave power supply is stimulated by the input signal. 


Microwave communications - Line-of-sight communications, the frequency of 
which is higher than 300 MHz. 


Millimeter waves - Frequencies (30 GHz to 300 GHz) in the millimeter portion of 
the electromagnetic spectrum. 


Miss distance - The distance measured between the closest paths of a target and 
interceptor (i.e., aircraft and missile). One objective of self-protection jamming 
systems is to increase the miss distance to avoid destruction if missile launch 
cannot be prevented. 
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Missile approach warning system (MAWS) - A system used to detect and provide 
warning of approaching missiles. MAWS may be partitioned into active MAWS 
and passive MAWS. 


1. Active missile approach warning system (AMAWS) - Generally employs 
pulse Doppler radar as its sensor. This radar is able to discern a moving target in 
stationary or slow-moving background clutter. 


2. Passive missile approach warning system (PMAWS) - An ultraviolet (UV) or 
infrared-based detector system with the ability to detect and distinguish threat 
missiles from surrounding clutter and non-lethal missiles. 


Modulated barrage jamming - A technique that varies the amplitude of the output 
power of a barrage jammer with sinusoidal or complex modulation. 


Modulated CW jamming - A CW carrier waveform that has been modulated with 
another signal (such as noise, low, medium, or high frequencies), and is 
transmitted for the purpose of deception. May be AM, FM, pulse modulated (PM), 
etc. 


Modulated PRF (MPRF) - The deliberate modulation of the interpulse spacing in a 
pulse train. See PRF Jitter and PRF Stagger. 


Modulation - The variation of amplitude, frequency, or phase of an 
electromagnetic wave by impressing another wave on it. 


Modulator - A device (such as an electron tube) for modulating a carrier wave or 
signal for the transmission of intelligence of some sort. 


Monopinch - Anti-jam application of the monopulse technique where the error 
signal is used to provide discrimination against jamming signals. 


Monopulse - A method of pulse generation that allows the simultaneous 
determining of azimuth, elevation and range, and/or speed from a single pulse. 


Monopulse radar - A radar using a receiving antenna system having two or more 
partially overlapping lobes in the radiation patterns. Sum and difference channels 
in the receiver compare the amplitudes or the phases of the antenna outputs to 
determine the angle of arrival of the received signal relative to the antenna 
boresight. A well-designed monopulse tracking system will achieve a more 
accurate track under conventional jamming techniques than on the skin return. 
Certain monopulse trackers are susceptible to angular jamming techniques such 
as skirt and image jamming. Techniques such as “CROSS EYE” are designed to 
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attack all monopulse tracking systems. Monopulse deception is a major area of 
advanced R&D with no clear “best technique” yet in sight. 


Moving target indicator (MTI) - A radar presentation that shows only targets that 
are in motion. Signals from stationary targets are subtracted out of the return 
signal by the output of a suitable memory circuit. 


MT! CFAR - A technique that provides CFAR capability in an MTI receiver. The 
cancellation of ground clutter is not impaired during radar jamming. 


Multiband radar - Radar that simultaneously operates on more than one 
frequency band through a common antenna. This technique allows for many 
sophisticated forms of video processing and requires that a jammer must jam all 
channels simultaneously. 


Multiplex - Simultaneous transmission of two or more signals on a common 
carrier wave. The three types of multiplex are called time division, frequency 
division, and phase division. 


Multitarget generator jamming - A technique where a generator takes the radar's 
PRF, scan rate, and antenna lobe pattern and computes when to transmit false 
targets at the radar's frequency. The targets appear as true targets, but normally 
only about 20 percent of the targets are programmed to give a logical course and 
speed. The many targets saturate the tracking operator's capability by the sudden 
appearance of multiple targets, and/or many targets either stationary or on 
illogical courses and speeds, or maneuvers such as 90 degree turns at high 
speeds but with no displacement. Also, targets may appear in back and sidelobe 
positions. 


Music - In air intercept, a term meaning electronic jamming. 


Narrowband (NB-1) - Narrows the receiver frequency making it more selective. It 
limits the target signals and the jamming signal to a set level of amplitude and 
reduces the level of a jamming signal if the jammer is not tuned to the radar's 
exact frequency. 


Narrow pulse jamming - Jamming where the jammer pulse width is less than the 
radar's pulse width. Technique may be required by interleaved jamming. 
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Noise — 


1. Any unwanted disturbance within a dynamic electrical or mechanical 
system, such as undesired electromagnetic radiation, and any transmission 
channel or device. 


2. Uncontrolled random disturbances that arise in a guided missile system 
because of various physical phenomena. 


Noise jamming - Direct (straight) AM or FM noise on a carrier frequency that has a 
highly variable bandwidth for the purpose of increasing (saturating) the radar 
receiver's noise level. 


Nuclear effects - The electromagnetic phenomena resulting from a nuclear 
explosion. The phenomena are listed as follows: 


1. Argus phenomena (trapped electrons). The trapping in the earth's magnetic 
field of electrons produced by a nuclear burst. 


2. Blackout (radio frequency interference). An effect that is the result of 
ionization produced by a nuclear explosion in or above the atmosphere. This 
ionization can cause interference (blackout) by attenuating, reflecting, cluttering, 
and scattering radar electromagnetic pulses in a_ high-intensity burst of 
electromagnetic radiation, predominantly in the radio frequency range of the 
spectrum. 


3. Optical phenomena. Intense radiations covering all parts of the optical 
spectrum are produced by the interactions between the atmosphere and the 
nuclear radiation and fission products resulting from a nuclear detonation. The 
resulting auroras and airglows are created as an optical background that can 
affect reconnaissance, tracking, warning and homing systems, and personnel. 


4. Transient radiation effects on electronics. Nuclear radiation impinging on 
electronic systems or components can substantially alter the operation and 
output of these systems. The word transient refers to the type of environment and 
not to the duration of the effect since the effect may be either transient or 
permanent. 


Nulls - Points of no radiation in an antenna radiation pattern. 


Obscuration - Effects produced by masking-type jammers. Denial of either range 
or angle is achieved by submerging data interference caused by noise or noise- 
like signals. 
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Off-frequency spot jamming - A type of spot jamming in which the jammer 
frequency is off the radar operating frequency but still within the radar receiver 
bandpass. 


Optical countermeasures - Applications of electronic countermeasures in the 
visible light portion of the electromagnetic spectrum. Actions taken to prevent or 
reduce an enemy's effective use of the visible spectrum. 


Oscillator - Electronic circuit or device capable of converting direct current (DC) 
into alternating current (AC) at a frequency determined by the inductive and the 
capacitive constants of the oscillator. 


Over-the-horizon radar - A radar system that makes use of the ionosphere to 
extend its range of detection beyond line-of-sight. Over-the-horizon radars may 
be either forward scatter or backscatter systems. 


Palmer scan - Conical scan superimposed on another type of scan pattern- 
usually a spiral pattern. 


Passive angle tracking (PAT) - A target may be tracked “passively” if that target 
emits electromagnetic radiation; i.e., jamming radio, radar signal of sufficient 
duration that a DF bearing may be obtained. The emission from the target is DF- 
ed in azimuth and/or elevation. No range information will be available unless 
cross DF techniques are used by two or more passively tracking sites. 


Passive detection and tracking - By combining azimuth data on jamming strobes 
from several stations, intersections are obtained which indicate the position of 
the jammers. The number of ghosts can be reduced by increasing the number of 
friendly stations and obtaining elevation angles of strobes when available. 


Passive electronic countermeasures - Electronic countermeasures based on the 
reflection, absorption or modification of the enemy's electromagnetic energy. 
This distinction between active and passive countermeasures is not currently 
used, but is based on the presence or absence of an electronic transmitter. 


Passive homing guidance - A system of homing guidance in which the receiver in 
the missile uses radiations only from the target. 


Peak power - Maximum power output during transmission time. Expressed in 
watts or megawatts. 


Penetration aids - Techniques and/or devices employed by aerospace systems to 
increase the probability of weapon system penetration of any enemy defense. 
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Examples are: Low altitude profiles, trajectory adjustments, reduced radar cross- 
sections of attack vehicles, improved vehicle hardness to effects of defense 
engagements, terrain avoidance radar, bomber defense missiles, decoys, chaff, 
electronic countermeasures, etc. Penetration aids are used by an offensive 
system to penetrate enemy defenses more effectively. Also called PENAIDS. 


Phase modulation - A method of impressing a message upon a carrier signal by 
causing the carrier phase to vary proportionally to the waveform. 


Phase shift keying - A method of impressing a digital signal upon a carrier signal 
by causing the carrier phase to take different values corresponding to the 
different values of the digital signal. 


Phased array radar - Radar using many antenna elements that are fed out-of- 
phase to each other. The direction of the beam can be changed as rapidly as the 
phase relationships (usually less than 20 usec). Thus, the antenna remains 
stationary while the beam is moved electronically. The use of many antenna 
elements allows for very rapid and high directivity of the beam(s) with a large 
peak and/or average power. 


Point defense - The defense of specified geographical areas, cities, and vital 
installations. One distinguishing feature of point defense missiles is that their 
guidance information is received from radars located near the launching sites. 


Polarization - The direction of an electrical field is considered the direction of 
polarization. When a half-wave dipole antenna is horizontally oriented, the 
emitted wave is horizontally polarized. A vertical polarized wave is emitted when 
the antenna is erected vertically. 


Polarization diversity - The variation of polarization (such as horizontal, vertical, 
circular, or elliptical for radar use) either simultaneously or singularly. 


Power management - Generally classified methods to optimize all related EW 
activities and facilities-usually in reference to a coordinate, optimized EW suite. 


PPI scope - A radar display yielding range and azimuth information via an 
intensity modulated display and a circular sweep of a radial line. The radar is 
located at the center of the display. 


PRF jitter - PRF rapidly varied at a random rate so that false targets appear to 
jitter, or appear fuzzy, on the scope. An alternative to jittered PRF is to 
momentarily change the PRF. This causes the false targets to change their 
position on the scope. 
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PRF stagger - The technique of switching PRF or PRI to different values on a 
pulse-to-pulse basis such that the various intervals follow a regular pattern. This 
is useful in compensating for “blind speeds” in pulsed MTI radars. Interpulse 
intervals differ but follow a regular pattern. 


Pseudo noise - A modulation technique resulting in low signal selectability and 
decreased vulnerability to jamming. 


Pulse compression - A scheme whereby a specifically modulated, medium power 
long pulse is stretched and transmitted. The returned pulse is compressed in the 
receiver demodulation process to obtain the advantage of narrow pulse 
operation. Long pulses provide the advantage of long range detection and short 
(compressed) pulses provide the advantage of better resolution and accuracy. 
This technique uses matched filter techniques for discriminating against signals 
that do not correspond to the transmitted code. It permits an increase in average 
transmitted power (without an increase in peak power) with no loss in range 
resolution. Pulse compression is a special form of pulse coding and correlation. 


Pulse deception jamming - Any of the many false target techniques used to 
deceive a pulse radar, as opposed to obscurative noise techniques. 


Pulse discriminator - Device that responds only to a pulse that has a particular 
characteristic, such as duration or period. 


Pulse Doppler radar - A highly complex radar system that employs a very high 
pulse repetition frequency (usually 10,000 PPS or higher) to reduce “blind 
speeds” and measure the Doppler frequency shift to resolve target velocity. Pulse 
Doppler is applied principally to radar systems requiring the detection of moving 
targets in a ground clutter environment. It uses pulse modulation to achieve 
higher peak power, greater range, less susceptibility to unfriendly detection, and 
enhanced range resolution. 


Pulse duration - The time in microseconds that the radar set is transmitting RF 
energy. Generally, the greater the pulse duration, the higher the average power, 
but the poorer the range resolution. Also known as pulse width. More technically, 
it is the time interval, measured at the half-amplitude points, from the leading 
edge to the trailing edge of a pulse. 


Pulse group - In complex pulse trains, two or more pulses that are recognizably 
distinct from the others. 


Pulse interference suppression and blanking (PISAB) - An EP automatic 
interference blanking device that will blank all video signals not synchronous 
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with the radar PRF. PISAB does not require any trigger and operates on both 
normal and MTI modes. It is effective against random pulse signals. 


Pulse jitter - Random variation of interpulse interval. 


Pulse modulation (PM) - A special case of amplitude modulation in which the 
carrier wave is varied at a pulsed rate. This series of pulses is generally for 
transmitting data. The result is a short, powerful burst of electromagnetic 
radiation that can be used for measuring the distance from a radar set to a target. 


Pulse modulated jamming - Use of jamming pulses of various widths and 
repetition rates. 


Pulse position modulation - Modulation by variation of the interval that elapses 
between the pulse to be modulated in a group of pulses and a synchronizing 
pulse, usually the first pulse of the group. 


Pulse repetition frequency (PRF) - The rate at which pulses or pulse groups are 
transmitted from a radar set. Generally, PRF is the number of pulses generated 
per second and is expressed in hertz (Hz). 


Pulse repetition interval (PRI) - The interval of time between two transmitted radar 
pulses, usually expressed in microseconds. PRI is the inverse of PRF. 


Pulse recurrence time (PRT) - Time elapsing between the start of one transmitted 
pulse and the start of the next. It is the reciprocal of PRF. 


Pulse recurrence time (PRT) agility - Ability of the radar set to vary the number of 
pulses per set. 


Pulse width (PW) - See Pulse Duration. 


Pulse width discrimination (PWD) - An EP technique used to discriminate against 
received pulses that do not have the same duration as the radar transmitted 
pulse. PWD is used in eliminating the effects of pulse type interference when the 
interference pulses are not the same length as the real radar pulse. Since this 
circuit generates a blanking gate that shuts off the receiver whenever a pulse of 
improper length is sensed, loss of valid target data can result. PWD offers good 
discrimination against long-pulse jamming and jamming signals employing low 
frequency noise modulation. It affords little or no discrimination against short 
pulses and HF noise modulations. 
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Pulse width discriminator - A device that measures the pulse length of video 
signals and passes only those pulses whose time duration tails into some 
predetermined design tolerances. A pulse width discriminator will generally 
provide some gain against barrage jamming, similar to that of a matched filter in 
the video. 


“Rabbits” - Interference from another radar on or near the frequency of the 
receiving radar. Shows on the indicators as interference at the rate of the relative 
PRF of the interfering radar. 


Radar - From Radio Detection And Ranging. A device used to detect a distant 
target and determine and display its relative direction (azimuth) and its relative 
distance (range). 


Radar absorbent material (RAM) - Material used as a radar camouflage device to 
reduce the echo area of an object. 


Radar beacon - A receiver-transmitter combination that sends out a coded signal 
when triggered by the proper type of pulse enabling determination of range and 
bearing information by the interrogating station or aircraft. 


Radar cross section - The equivalent area intercepted by a radiated signal and, if 
scattered uniformly in all directions, produces an echo at the radar receiver equal 
to that of the target. Typical radar cross sections of aircraft vary from one to over 
1,000 square meters. The RCS of ships may exceed 10,000 square meters. 


Radar definition - The accuracy with which a radar obtains target information 
such as range, azimuth, or elevation. 


Radar homing - Homing on the source of a radar beam. 


Radar homing and warning (RHAW) - Typically consists of an airborne, wideband 
video receiver designed to intercept, identify, and display the direction to pulse- 
type emitters. 


Radar resolution - A measure of a radar's ability to separate targets that are close 
together in some aspect of range, azimuth, or elevation into individual returns. 


Radar warning receiver (RWR) - A receiver onboard an aircraft that analyzes the 
hostile radar environment and determines radar threat by type, frequency, relative 
bearing, and relative distance. The threat is displayed to the aircrew by means of 
display lights, video symbols, and aural tones. 
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Radio frequency (RF) - Electromagnetic energy radiated at some frequency. 


Radio frequency interference - An unintentional interfering signal capable of 
being propagated into electronic equipment, usually derived from sources 
outside the system. 


Railing — 


1. Pertains to radar pulse jamming at high recurrence rates (50 to 150 kHz). It 
results in an image on a radar indicator resembling fence railing. 


2. The name given to that pattern produced on an “A” scope by CW 
modulated with a high frequency signal. Railings appear as a series of vertical 
lines resembling target echoes along the baseline. 


Random modulation CW jamming - The use of a nonperiodic function to an AM, 
FM, or AM/FM CW carrier. The effects produced on a radar are similar to those 
produced by DINA. 


Random noise - Electromagnetic energy having no particular modulation or 
pattern. May be generated by either natural atmospheric phenomena or by 
electromagnetic radiation devices. 


Random pulse jamming - The technique by which a pulse transmission system is 
pulsed irregularly by random noise signals. 


Range - The distance from one object to another. 


Range gate - A gate voltage used to select radar echoes from a very short range 
interval. 


Range gate capture - A jamming technique using a spoofer radar transmitter to 
produce a false target echo that can make a target tracking radar move off the 
real target and follow the false one. 


Range gate pull-in (RGPI) - Same as range gate pull-off (see next text entry) 
except that the deceptive pulse is transmitted before the radar pulse is received. 
This is accomplished by digital storage of the pulse repetition period which must 
be extremely stable. 


Range gate pull-off (RGPO) - A deception technique used against pulse tracking 
radars using range gates. The jammer initially repeats the skin echo with 
minimum time delay at a high power to capture the AGC circuitry. The delay is 
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progressively increased, forcing the tracking gates to be pulled away (“walked 
off’) from the target echo. Frequency memory loops (FML) or transponders 
provide the variable delay. 


Range gate tracker - A radar system that tracks targets in range by measuring the 
elapsed time from the transmitted pulse to the echo return. 


Range tracking - Pulse radars measure the time difference between radar pulse 
transmission and echo reception. The range gate is positioned at a range where 
the target is expected. The receiver is blanked off except during the period where 
the range gate is positioned. Range tracking may occur at the leading edge of the 
return pulse or between ON and OFF gates. 


Recovery time (RT) - The time that a radar requires to “get ready” to receive after 
a pulse is sent out. Time is required to get ready because the high-powered pulse 
tends to fill the sensitive radar receiver with RF energy, which prevents target 
returns from being seen. A short “damping out” period occurs after the pulse 
width during which time the RF energy dissipates, allowing weak target echoes to 
once again be detected. 


Rectifier - A device (Such as a vacuum tube) for converting alternating current 
(AC) into direct current (DC). 


Repeater - A receiver-transmitter combination that amplifies the received signal 
and retransmits it. 


Repeater jammer - Equipment used to confuse or deceive the enemy by causing 
his equipment to present false information. This is done by a system that 
intercepts and reradiates a signal on the frequency of the enemy equipment. The 
reradiated signal is modified to present erroneous data on azimuth, range, 
number of targets, etc. 


Repeater jamming - Interception and reradiation of a signal with the reradiation of 
a signal being modified to give erroneous azimuth, range, velocity, acceleration, 
or number of targets. 


Resolution - The ability of a system to distinguish between two adjacent objects 
and to display them separately. 


Resolution cell - The minimum volume in space in which a radar can discriminate 
between targets. It is determined numerically-for a conventional radar-by the 
width of the beam in angle, the pulse width in range, and the velocity gate width 
in speed. 
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Response noise jammer - A repeater jammer that transmits spot noise over the 
received radar frequency even in the case of radar frequency agility. 


Ringing - The undesired oscillation or triggering of an electrical device by its own 
transmitter. 


Rope - An element of chaff consisting of a long roll of metallic foil or wire that is 
designed for broad low frequency response. (See Chaff.) 


Rope chaff - Chaff that contains one or more rope elements. (See Chaff.) 


Rotating polarization - The result of a rotating feed. This should not be confused 
with circular polarization where the electric field rotates about the axis of 
propagation at the radar frequency. 


SAM - Surface-to-air missile. 


Saturating signal - In radar, a signal of an amplitude greater than the dynamic 
range of the receiving system. 


Sawtooth modulated jamming - Electronic countermeasure technique when a 
high-level jamming signal is transmitted, thus causing large AGC voltages to be 
developed at the radar receiver that, in turn, causes the target return and receiver 
noise to completely disappear. 


Scan - The process of directing a beam of RF energy successively over a given 
region, or the corresponding process in reception. 


Scan interval - The time interval from the peak of one mainlobe in a scan pattern 
to the peak of the next mainlobe. 


Scan period - The time period of basic scan types (except conical and lobe 
switching) or the period of the lowest repetitive cycle of complex scan 
combinations. The basic unit of measurement is degrees/mils per second or 
seconds per cycle. 


Scan rate modulation - Modulation of the deception jamming signal with one or 
more frequencies that are related to the scan rate of the radar. 


Scan type - The path made in space by a point on the radar beam, for example, 
circular, helical, conical, spiral, or sector. 
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Search — 


1. A term applied to that phase of radar operation when the lobe, or beam of 
radiated energy, is directed in such a way to search for targets in the area. 


2. Asystematic examination of space to locate and identify targets of interest. 


Sector scan - A scan in which the antenna sweeps back and forth through a 
selected angle. 


Selective identification feature (SIF) - A capability which, when added to the basic 
IFF system, provides the means to transmit, receive, and display selected coded 
replies. 


Self-protection jamming - Jamming to protect the vehicle upon which the jammer 
is deployed. 


Semiactive radar homing - Semiactive homing guidance combines principles 
from both the beam rider and the active radar homing missile. Track on the target 
is established by the Al's radar; the missile is launched when the target comes 
within its effective range. During missile flight, the Al maintains track on the 
target. Radar returns from the target are received by the missile. Guidance 
commands are generated within the missile from the radar returns. 


Sensitivity time control (STC) - Programmed variation of the gain (sensitivity) of a 
radar receiver as a function of time within each pulse repetition interval or 
observation time. STC prevents overloading of the receiver by strong echoes 
from targets or clutter at close ranges. STC reduces the gain of the radar receiver 
for detection of close-in targets. It is particularly effective in removing close-in 
clutter and strong nearby signals. STC also refers to a circuit that reduces the 
gain of the radar receiver immediately following the transmission of the radar 
pulse so that the receiver is not saturated by strong radar returns from nearby 
objects. 


Serrodyne - A method of “pulling off” the velocity gate of a Doppler radar by 
using a voltage-controlled phase shifter, usually a traveling wave tube (TWT). 
This introduces a frequency shift from zero to some maximum value, pulling the 
Doppler tracking gate away from the skin echo. The phase shift is usually 
accomplished by modulating the TWT's helix voltages. 


Sidelobe - Part of the beam from an antenna, other than the mainlobe. Sidelobe 
gain is usually less than mainlobe gain. Given that the mainlobe radiates most of 
the power at zero degrees azimuth, sidelobes inherently radiate significant power 
in the direction of +20°, 90°, and 150° relative to the mainlobe. 
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Sidelobe blanking (SLB) - A device that employs an auxiliary wide angle antenna 
and receiver to sense whether a received pulse originates in the sidelobe region 
of the main antenna and to gate it from the output signal if it does. This technique 
uses an omnidirectional antenna and compares relative signal strength between 
the omni and the radar antenna. The omnichannel (plus receiver) has slightly 
more gain than the sidelobes of the normal channel, but less gain than the main 
beam. Any signal that is greater in the omnichannel must have been received 
from a sidelobe and is blanked. This technique is effective in removing spoofed 
signals with a duty cycle up to 50%. 


Sidelobe canceller (SLC) - A device that employs one or more auxiliary antennas 
and receivers to allow linear subtraction of interfering signals from the desired 
output if they are sensed to originate in the sidelobe of the main antenna. This 
technique employs the same antenna and receiver configurations of the SLB, 
except that a gain matching and canceling process takes place. Extraneous 
signals entering the sidelobes of the main antenna are canceled while the targets 
remain. This type of system exhibits cancellation roughly 20 dB against a single 
noise jammer. With multiple jammers at various azimuths, the performance of this 
device rapidly deteriorates. 


Sidelobe jamming - Jamming through a sidelobe of the receiving antenna in an 
attempt to obliterate the desired signal received through the mainlobe of the 
receiving antenna at fixed points. 


Sidelobe suppression - The suppression of that portion of the beam from a radar 
antenna other than the mainlobe. 


Sidewinder - A solid-propellant, air-to-air missile with nonnuclear warhead and an 
infrared guidance system. Designated as the AIM-9 missile. 


Signal intelligence (SIGINT) - Intelligence derived from the interception of enemy 
communications and noncommunication signals. A generic term that includes 
both COMINT and ELINT. 


Signal-to-jamming ratio (S/J) - The ratio of the signal power to the jamming power 
or intentional interference at some point in the system. This ratio is often 
expressed in decibels. 


Signal-to-noise ratio (S/N) - Ratio of the power of the signal to the power of the 
noise. 


Signature - The set of parameters that describes the characteristics of a radar 
target or an RF emitter and distinguishes one emitter from another. Signature 
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parameters include the RF of the carrier, the modulation characteristics (typically 
the pulse modulation code), and the scan pattern. 


Sine-wave modulated jamming - Jamming signal produced by modulating a CW 
signal with one or more sine waves. 


Single beam blanking (SBB) - Used by phased array radars as an alternative 
method of Beam to Beam Correlation (BBC). It is effective, to some degree, 
against many multiple target generators and swept frequency jammers. Because 
of overlapping beamwidths, a target signal will appear in more than one beam as 
the beams are scanned past a true target. When jamming signals are transmitted 
along one beam, that beam is blanked by the radar receiver. 


Skirt jamming - Jamming that places the signal somewhat off the radar center 
frequency but within the IF skirts. The technique will degrade the tracking 
accuracy of some monopulse radars; however, good radar design makes the 
technique ineffective. 


Smart jamming - Selective jamming of threat radars with an optimized modulation 
signal at a correct time. Power management techniques are used to control smart 
jamming systems. 


Smith modulation - Deceptive technique that operates on the servo loop of the 
victim's radar. Two RF carriers are transmitted with a few cycles difference. 


Spiral scan - A pencil beam scan which moves around a central axis describing 
the surface of a cone in an ever-increasing cone size. 


Spot jamming - Narrow frequency band jamming concentrated against radar at a 
particular frequency. The jamming bandwidth is comparable to the radar 
bandpass. Used to deny range and sometimes angle information. 


Spread spectrum - Use of broader frequency bandwidths than normally required 
to transmit information, in order to gain advantages in interference rejection (anti- 
jam), message privacy/security, low probability of intercept (LPI), deny frequency 
resolution, multiplexing of more than one message in the same bandwidth, or 
high resolution range measurement. 


Spurious radiation - Emissions from a radio transmitter at frequencies outside its 
assigned or intended emission frequency. Spurious emission includes harmonic 
emission, parasitic emission, and intermodulation products, but excludes 
emissions in the immediate vicinity of the necessary band that are a result of the 
modulation process for the transmission of information. 
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Spurious response — 


1. Any response, other than the desired response, of an electric transducer or 
device. 


2. Aterm used in electronic warfare to describe the undesirable signal images 
in the intercept receiver resulting from the mixing of the intercepted signal with 
harmonics of the local oscillators in the receiver. 


Staggered PRF - A technique of using more than one PRF to reduce the blind 
speeds associated with MTI radars. PRF switching occurs on a pulse-to-pulse 
basis. 


Stand-off jammer (SOJ) - A powerful jammer that remains at a safe range while 
providing jamming coverage (masking) for the attacking elements. The Navy EA- 
6B is an example of a SOJ aircraft. 


Stand-off jamming (SOJ) - A jamming aircraft that orbits outside the maximum 
range of the SAM threat. As the attack package penetrates, the jamming aircraft 
directs jamming against all significant radars in the area. 


Stream - Dispensing of chaff (solid/random interval/bursts). 


Stream chaff - Operational technique of dropping large quantities of chaff for a 
continuous period of time. This results in a “ribbon” or “stream” of returns many 
miles in length on victim radar scopes. The penetrating attack package can then 
use the resulting chaff corridor to mask their penetration. 


Super high frequency (SHF) - Frequencies from 3 to 30 GHz. 


Support jamming - A tactic by which aircraft carrying electronic jamming 
equipment orbit at a safe distance from the enemy threat defenses or fly escort 
with the strike force for the primary purpose of screening them from the threat 
radars. 


Suppression of enemy air defenses (SEAD) - That activity which neutralizes, 
destroys, or temporarily degrades enemy air defense systems in a specific area 
by using physical attack, deception, and/or electronic warfare. 


Surface-to-air missile (SAM) - A missile launched from a surface launcher at a 
target above the surface. 
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Sweep jammer - Electronic jammer that sweeps a narrow band of electronic 
energy over a broad bandwidth. 


Sweep lock-on jammer - A transmitter in which a narrowband jamming signal can 
be tuned over a broad frequency band and the signal locked on a particular 
frequency. 


Swept audio - Jamming technique usually employed against conical scan-on- 
receive-only (COSRO) radars. The received pulses are amplified and 
retransmitted by the target and amplitude modulated at a frequency close to the 
suspected receiver antenna scan frequency. 


Swept jamming - An EA technique of barrage jamming in which a CW carrier or 
noise source is swept over a selected bandwidth. 


Swept-spot jamming - A jamming technique in which an oscillator is swept over a 
specific range of frequencies in the band of interest in order to be assured of 
exciting a receiver tuned to any frequency in that band. 


Synchronized-pulse jamming - The technique of attempting to insert jamming 
pulses into a receiver each time the receiver gate opens. 


Synchronous-pulsed jamming - A jamming technique that matches exactly the 
PREF of the victim's radar; then transmits multiples of the PRF. It is most effective 
if the jammer also matches the PW of the radar. Synchronous-pulsed jamming is 
easily recognized since the spacing between successive target lines is equal and 
each target line is the same in depth from the center outward. The width of the 
jammed sector is dependent upon the range of the jammer from the radar. 


Synthetic aperture radar (SAR) - A high-resolution ground mapping technique in 
which advantage is taken of the forward motion of a coherent pulsed radar to 
synthesize the equivalent of a very long sidelooking array antenna from the radar 
returns received over a period of up to several seconds or more. 


Target acquisition - The detection, identification, and location of a target in 
sufficient detail to permit the effective employment of weapons. 
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Terminal guidance — 


1. The guidance applied to a guided missile between mid-course and arrival in 
the vicinity of the target. 


2. Electronic, mechanical, visual, or other assistance given to aircraft pilots to 
facilitate arrival at, operation within or over, landing upon or departure from an air 
landing or air drop facility. 


Terminal threat - The weapon systems, generally near a target, used to directly 
engage an aircraft in order to destroy it. 


Terrain-avoidance radar - An airborne radar that provides a display of terrain 
ahead of low-flying aircraft to permit horizontal avoidance of obstacles. 


Terrain-following radar (TFR) - An airborne radar that provides a display of terrain 
ahead of low-flying aircraft to permit manual control, or signals for automatic 
control to maintain constant altitude above the ground. 


Thermal crossover - The natural phenomenon which normally occurs twice daily 
when temperature conditions are such that there is a loss of contrast between 
two adjacent objects on infrared imagery. 


Threshold - The minimum value of a signal that can be detected by a system or 
sensor under consideration. 


Time-of-arrival (TOA) - A method of locating a distant pulse emitter by measuring 
the difference in the time-of-arrival of its pulses at three separate locations. This 
method is also called Inverse LORAN. 


Track — 
1. Aseries of related contacts displayed on a plotting board. 
2. To display or record the successive positions of a moving object. 


3. To lock onto a point of radiation and obtain guidance from it. 
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4. To keep a gun properly aimed, or to continuously point a target-locating 
instrument at a moving target. 


5. The actual path of an aircraft above, or a ship on, the surface of the earth. 
The course is the path that is planned; the track is the path that is taken. 


Tracking - The continuous monitoring of range, velocity, or position of a target in 
space from a reference position. This is accomplished via radar and/or optical 
means. 


Tracking radar - A radar that measures the range, azimuth, elevation, and/or 
velocity of the target and provides data that may be used by the fire control 
computer to determine the target path and predict its future position. 


Track-on-jam - A method of passive target tracking using the jamming signal 
emitted by the target. 


Track-while-scan (TWS) radar - Although it is not really a tracking radar in the true 
sense of the word, it does provide complete and accurate position information for 
missile guidance by using two separate beams produced by two separate 
antennas on two different frequencies. The system uses electronic computer 
techniques whereby raw data are used to track an assigned target, compute 
target velocity, and predict its future position while maintaining normal sector 
scan. 


Transceiver - A combined radio transmitter and receiver in which some circuits 
other than those of the power supply are common to both transmitter and 
receiver, and not providing for simultaneous transmission and reception. 


Transponder - A transmitter-receiver capable of accepting the electronic 
challenge of an interrogator and automatically transmitting an appropriate reply. 


Traveling wave tube (TWT) - An electron tube in which a beam of electrons 
interacts continuously with a guided electromagnetic wave to produce 
amplification at microwave frequencies. A TWT capable of providing high 
amplification (60 dB) in frequencies over several octaves without adjustment. 
TWTs are classified by: 


1. Power Output: 


Low (less than one watt) 
High (more than 10 watts) 
Intermediate (one to 10 watts) 
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2. Noise Characteristics: 
Low (less than 20 dB) 


3. Operating Mode: 


Pulse 
CW 
Dual Mode (pulse or CW) 


4. Method of Focusing: 


PPM (periodic permanent magnet) 
Solenoid (single electromagnet) 
Coupled Cavity 


5. Terms associated with TWT operation: 


a. Gain Compression: Change in amplification a device provides as it 
operates near saturation. 


b. Overdrive: TWT is operating beyond the point of saturation. 


c. Saturation Gain: Ratio of output power to input power when the 
device is being driven at maximum output. 


d. Serrodyne: Linear translation of the phase of a signal on the helix of 
a TWT by a linear sawtooth waveform that enables the TWT to operate 
as a single sideband frequency translator. 


e. Small Signal Gain: Ratio of output power to input power when the 
TWT is operating linearly. 


Two-signal jamming (also called straddle jamming) - Jamming whereby two 
signals are transmitted on two RF frequencies slightly separated. Effective 
against certain types of radar where receiver bandwidth is narrow enough to 
defeat noise jamming. 


Ultra high frequency (UHF) - Frequencies from 300 to 3,000 MHz. 
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Unit prefixes - Prefixes used to indicate scientific units: 


Multiple Prefix Symbol 
10’? tera 13 
10° giga G 
10° mega M 
10° kilo k 
10° hecto h 
10" deka da 
10" deci d 
107 centi c 
10° milli m 
10° micro U 
10° nano n 
10°? pico p 
10°° femto f 
10°%8 atto a 


Unmodulated CW jamming - The transmission of a high power carrier frequency 
that causes an overload effect to occur in the radar receiver. Used against 
bandpass radars that have a limited tuning capability. Unmodulated CW jamming 
can be identified by a blackening of the scope background (no video present) in a 
wedge-shaped sector, or by a solid brightening of a wedge or sector, normally 
exceeding one bandwidth. 


Uplink - The missile guidance signal that passes command guidance intelligence 
from the site to the missile. 


Velocity gate pull-off (VGPO) - Method of capturing the velocity gate of a Doppler 
radar and moving it away from the skin echo. Similar to the RGPO, but used 
against Doppler radar systems. The target Doppler frequency, which is amplified 
and retransmitted, is shifted in frequency to provide an apparent rate change or 
Doppler shift. 


Very high frequency (VHF) - Frequencies from 30 to 300 MHz. 


Very low frequency (VLF) - Frequencies from 3 to 30 kHz. 
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Video frequency — 


1. A band of frequencies extending from approximately 100 Hz to several 
MHz. 


2. The frequency of the voltage resulting from television scanning. Range 
from zero to 4 MHz or more. 


Warning receiver - A receiver with the primary function of warning the user that 
his unit is being illuminated by an electromagnetic signal of interest. 


Wideband constant false alarm rate receiver (WB-1) - Used against individual or 
combinations of rapidly swept FM-CW, noise, or CW jamming. This mode has 
nonlinear limiting and gives poor resolution of overlapping targets. 


Window — 


1. Strips of frequency-cut metal foil, wire, or bars that may be dropped from 
aircraft or missiles, or expelled from shells or rockets as a radar countermeasure. 
A confusion reflector. 


2. A passive radar deception or confusion device; usually consisting of some 
metallic structure, designed in size and shape to effectively reflect impinging 
signals, to simulate a true target. 


3. British name for chaff. 


Wobbulation - A periodic and usually slow variation of a parameter (such as 
frequency, amplitude, or period) about a central value. A low frequency 
modulation of a jamming carrier that appears on a radar display as a “wobbling” 
target. This effect is an undesired result of an angle deception or time-varying 
barrage technique. 


Wooden round - An ordnance round (shell, missile, etc.) requiring no 
maintenance or preparation time prior to loading for firing. 
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The ABC’s of Propagation 


As children, a lot of us thought of radio as 
a "magic" box. Just by turning a switch, 
voices and music from across the city, or 
state, would come drifting into our room. 
By the time most of us discover shortwave, 
we've outgrown the idea that supernatural 
forces were at work in our radios. Still, we 
remain awestruck at the idea that 
someone in Australia or South Africa 
could whisper into a microphone and we 
could hear it half a world away. 


This decidedly non-supernatural method 
by which radio waves travel from point "A" 
to point "B" is called propagation. It is a 
concept basic to all radio communications. 
And despite popular myth, you do not 
need a Ph.D in physics to understand it. 


Radio is a form of "electromagnetic radia- 
tion." That is a fancy way of saying that 
radio waves have both electrical and 
magnetic properties. If they are energetic 
enough, they can leave the confines of a 
conductor and travel freely through the 
air, a vacuum (like outer space), or other 
similar media. In this way, radio waves act 
much like light, which is another form of 
electromagnetic radiation, albeit higher in 
frequency than radio. In fact, light 
provides a very good analogy for 
explaining how radio waves propagate. 


Types of Propagation 


Like light, radio waves can propagate 
(travel) in several different ways. We’ve 
sketched out some of the most common 
types of propagation, how they work and 
on what band(s) you're likely to encounter 
them. 


GROUND WAVE 


The most common and reliable way for 
radio waves to travel is called "ground 
wave." This is a form of propagation that is 
common to ali radio bands from VLF 
(Very Low Frequency) to radar. Simply 
put, when a radio wave travels directly 
from the transmitting antenna to the 
receiving antenna without bending, 
reflecting, or otherwise being diverted, it 
is traveling by ground wave. 
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Using the light analogy, imagine a light- 
house shining in the distance. So long as 
there is nothing between you and the light 
-- and you are not so far away that the 
curvature of the earth would place the 
lighthouse below the horizon -- you can 
see it. (See figure one, wave A). 


You can increase the distance you can see 
the lighthouse by elevating either yourself 
(a receiver) or the light (a transmitter), 
but once these variables are fixed, there is 
a finite distance at which the light will be 
visible because of the earth’s curvature. 


Reception distance is therefore limited 
when using this form of propagation. 
However, this limitation is offset by the 
fact that groundwave reception is very 
reliable. Some examples of transmissions 
using ground wave reception are local AM 
and FM broadcasters, police communica- 
tions and CB radio. 


IONOSPHERIC ("Skip") 


Another very common form of propaga- 
tion is ionospheric propagation, which is 


also known as "skip" or "skywave." This 
common phenomenon of long distance 
communications on frequencies between 
-5 and 30 MHz is the result of the bending 
of radio waves in the earth’s ionosphere. 


The ionosphere is several regions of 
charged oxygen (and other gases) located 
some 60 and 200 miles above the ground. 
These layers have a number of unique 
properties, not the least is their ability to 
refract radio waves that enter it back 
toward the earth’s surface. 


To use the light analogy again, it is as if 
someone placed a huge mirror in the sky, 
and radio waves, which would ordinarily 
shoot off into space, are re-directed back 
to the earth’s surface. (Sce figure one, 
wave B.) 


Actually, this analogy is not quite correct 
since the ionosphere refracts radio waves 
and a mirror reflects light. At any rate, if a 
radio wave of the right frequency enters 
the ionosphere, it will be bent back to 
earth. The result is reception of the signal 
hundreds of miles away from the 


Figure One 


Like the light from this lighthouse, 
radio waves travel only in straight 
lines. As a result of the curvature of the 
Earth, they can therefore only travel a 
finite distance (Wave "A"). 

Reception past the horizon can 
take place, but only if the radio waves 
are refracted or reflected off some 
surface, akin to someone in space 
holding amirror to allow you to see the 
lighthouse, as illustrated by wave "B." 
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transmitter and well beyond the range 
possible by ground wave propagation. 


Unfortunately, the ionosphere is also 
capable of absorbing or blocking recep- 
tion of radio waves, Depending on the 
density of the ionosphere at a given time, 
the angle of the wave entering the iono- 
sphere, and the frequency of the wave, 
long distance reception will be either 
enhanced or destroyed. 


Too, the gap between where ground wave 
reception ends and the spot where the 
skywave signal hits the earth is also an 
area of non-reception. It is called the skip 
zone and the phenomenon is illustrated in 
figure two, with "S" denoting the skip 
zone. 


Depending on the time of day and solar 
conditions (solar radiation is one of the 
major factors that cause gases in the upper 
atmosphere to ionize and form the iono- 
sphere), different layers of ionized gas of 
varying intensity will be formed. Each 
layer affects radio waves slightly differ- 
ently. 


Lower frequency shortwave signals (eg. 2 
through 9 MHz) will be absorbed if they 


‘Ground wave” 
Signal 
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pass through the ionosphere at low angles 
during the daylight hours. During this part 
of the day, there are more layers to the 
ionosphere and these layers are thicker. 
Thus, during the day, low frequencies do 
not propagate as well as higher frequen- 
cies (eg 11 through 25 MHz). Similarly, at 
night, the ionosphere is thinner and the 
low frequency waves are refracted without 
being absorbed. Then, the higher frequen- 
cies pass freely into space. 


MULTI HOPS 


Radio signals making the journey from 
transmitter to ionosphere to earth are said 
to have completed a "one hop" circuit. 
However, this is not necessarily the end of 
the trip. That same signal can be reflected 
from the earth, back up to the ionosphere 
once again, and down to earth, this time 
even further from the transmitter. If 
conditions are just right, a signal can go all 
the way around the world and double back 
on itself. 


The "multi-hop" circuits do increase 
distances dramatically, but are less than 
single hops since they are subject to the 
uncertainties of the ionosphere more than 
once. 


fe 
Figure Two 
"S" = the "skip zone": the area between ground wave and sky wave propagation where 
reception of radio signals is difficult at best. 
Drawing is not to scale! Actual distances for ground wave reception on the Earth would be 
about 300 km depending on effective height of transmitter and receiver antennae, not 1/4 of 
the planet’s surface as indicated here! 





MONITORING TIMES 


EXOTIC STUFF 


Lastly, there are numerous, less common 
ways that a radio wave can get from point 
A to point B. 


One of these is called sporadic E. If it is 
sufficiently charged, the "E Layer” of the 
ionosphere is capable of refracting 
relatively high frequency radio waves. 
Occasionally, there will be "pockets" of 
highly charged particles within the E layer 
which allows for unusual reception, 


This so called "sporadic E reception" is 
just that: sporadic. It is fairly common 
around local dusk and can boost reception 
of FM and TV signals well beyond their 
intended range. Sporadic E is also most 
common during the late spring and early 
summer in temperate latitudes but it is 
possible at any time of the year. 


Moonbounce is a form of reception that’s 
fascinating but rarely used now that man- 
made satellites populate the skies over 
planet earth. Pioneered by radio amateurs, 
it is a form of propagation in which signals 
are intentionally reflected off the moon’s 
surface and back to earth. 


Tropospheric Ducting is most common at 
relatively high frequencies and affects 
transmissions heard on FM, TV and 
scanners. It results when radio waves 
follow patterns of high and low pressure in 
the atmosphere (much the way weather 
patterns do). It allows for reception of 
signals slightly beyond the range you 
might otherwise expect. 


Lastly, Meteor Scatter is probably one of 
the most unusual forms of propagation. 
Here, radio waves are bounced off the 
ionized trails of meteors. Like sporadic E 
reception, this results from a region of the 
atmosphere becomming supercharged, 
and thus refracting higher frequencies 
than normal back to earth. Reception of 
VHF signals using metero scatter can be 
very brief -- lasting in the order of 
seconds. 


In short, there are a plethora of exotic 
reception techniques, but the ones 
outlined in the first part of this article are 
the ones you are most likely to run into, 
and should aid you in planning your 
listening to best enjoy the hobby. 
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Wire Antennas that WORK! 


A collection of details and descriptions of antennas 
based on Spiderbeam fiberglass poles, 
as described in greater detail on DJ@IP’s Web Page: 
WWW.DJOIP.DE 


‘/~ 


a = 


Antennas that work on the beach and also in your own back yard! 





The antennas described in this booklet were designed to be efficient, yet simple enough for the 
average ham to build, using common hand tools. Several of these antennas are used regularly by DX- 
peditions to all corners of the world. All of these antennas have been built and tested by at least one 
of the Spiderbeam Team members: DF4SA / DF9GR / DJO@IP / DL9USA / DOSPNS / W4PA. 


> spiderbeam 


high performance lightweight antennas 


First Edition, June 2016 - © Spiderbeam GmbH 


high performance lightweight antennas 


Notes: 

* Radials should be 6 to 10m long. 

* It works great with just 8 radials. 

* 16o0r more radials is a little better. 


¢ Space radials symmetrically around the pole. 


Optional RF-Choke 


to vertical wire to radials 


Feedpoint 
Details 


16 turns RG-142 
on FT-240-61 





40M Verticalon 12M Pole 
(Ground Radials) 


~_ 12m (40 ft.) Spiderbeam 
Fiberglass Spiderpole 





40m Vertical 


Radiator Wire 
1mm (AWG-18) 


Guys Optional 7m 10.1m (33 ft.) Long 


In Strong Winds ——> 
GuyHERE 2° 


10 to 20 Radials 
(5 to 10m long) 
(16 to 34 ft.) 


Feedpoint — 
== 50 Ohm Coax 
i 





www.DJOIP.de/vertical-antennas 





RF-Choke Recommended 


80m Vertical Antenna 
On a Spiderbeam 12m HD Fiberglass Spiderpole 





Top-Loaded 80m Vertical on a 12m HD Spiderpole 


Avery efficient 80m Vertical for the Back Yard 


Total Height: 12m (40 ft.) ———> 






S 


L2 
L2 2x : Spiderbeam 


4 Insulators 


L2 





"PVDF Manofi 
*< 
a SS 
| . % 
; | \ 
_ PVDF Monofil \ \ 
= mdiynspee 
Note: Spiral the radiator wire down (2mm ie 
the pole about one turn per meter. 
Near the bottom, wrap 3 or 4 turns 
closer together, such that the end of 3 or 4 turns * 
the wire mates with the feedpoint. Spaced 20cm (8”) : 
L5 ~—_13 Je % Sen 
‘| eS STF TT TE ET ETE OE Re OS L4 ae ) 
," 4x Stakes for top hat — 1B = pie ‘ie a a 
A/ \ 13e-~8-20 Radials 
& (more is better) 
ra 


ee 


L1=13m (33 ft. ) CQ-532 wire 
12= 6m (19’ 8”) CQ-534 wire 
13= 12to 20m (40 to 68 ft.) 


SeGCe eee 


L4= 5 to 6m(16 to 20 ft.) 
L5= >10m (>33 ft.) 


Oy fate np eran eat op es Seco a fe Da aS pt fs Se bo ai coe OF 





* (Hairpin Match Optional) 


160m Inv-L on 12m Spiderpole 


Total Height: 12m (40 ft.) ———> 
(not used) 

Note: Spiral the radiator wire down the pole 

about one turn per meter. Near the bottom, wrap 

about 8 or 10 turns closer together, such that the 


end of the wire mates with the feedpoint. 


11m ——— 


Use 1mm Kevlar between the double 
insulators, NOT PVDF Monofil. 


If possible, raise the diagonal wire as high 
as possible, by tying to a tree or 

another mast. Tying to the 

ground as shown, works, but L2 
Is a worst case scenario. 











Ax Guy Ropes 
Kevlar) 


Use 2 Spiderbeam 
insulators. 


cQ-534 
Mire 


1 
a DANGER HIGH VOLTAGE! 





8 or 10 turns 
Spaced 5cm (2”) 





Guy 
go LS ==------> stake 
L3 
300 to 500 pF, 5KV* 
iw, 500 Coax 1 | L1 = 13m (43 ft.) CQ-532 wire 
ete oF e—-{ cmcchoke pc} | 12 = 35m (115") CO-534 wire! 
Ran 8, se ie A Stee See ee ee ee “ | L3 = 12 to 20m (40 to 66 ft.) 
*Not critical. Wire length will be adjusted for resonance. L4= 35 to 50m (115 to 165 ft.)2 


L5 = >10m (>33 ft.) 
L6 = depends on stake 


1 Adjust length for resonance. 
2 Adjust such that end of L2 is at least 3m high. 


3 Adjust as necessary. 
DJOIP 


af spiderbeam 80m Vertical 


using the 18m 


Fiberglass Pole 
a Radiator 


RADIATOR: 
Use 1mm to 2mm diameter wire 
(AWG12 — AWG18) 
Length = 20m 


For lowest losses when running high 
power, use 10m of 2mm wire on the 
bottom and 10m of 1mm wire on the top 
Prune radiator at the bottom for 
resonance 


Note: 10m = 32710” 





RADIALS: 
¢ Use 0.4mm to 0.7mm diameter wire 


/ (AWG21 — AWG26 works well) 
/ * Use 8 radials (better 16) 





¢ Length = anything >10m (Note: they do 
NOT have to be 20m long!) 

¢ For easy installation of radiators, use the 
Radial Connection Plate 
www.spiderbeam.com/products_info.php?i 
nfo=p246 





Optional Radial Connection Plate 


@ 
ri 














Radials \ [optional _| 


-see-----"= 


www. DJOIP. de/vertical-antennas 





160 M Top-Loaded Spiderbeam Vertical on 18m Spiderbeam Pole 





16 to17m (NOT more) - Note: spiral (coil) the radiator wire down 

About 12.5m (Cut 15m, fold back excess) x the pole about 1 turn per meter of the 

2M pole. About 2m above the bottom, wrap 

25m (if possible) 10 turns per meter of pole. ADJUST 

20m ~o 40m spacing of turns such that the end of the 
450 iS wire just reaches the connection plate 


















L 
L2 
L2 
2x Spiderb Li ‘ 
x Spiderbeam . 
. ‘ 2x Spiderbeam 
18m Spiderbeam Pole me 
Insulators A e * Insulators 
’ 
Radials not shown. 
The Radiator is shown in RED/YELLOW Feedpoint 


4x Top Loading Wires shown in DARK RED — 2 ie —) — see 
Top Loading Wires have about 45° or greater angle to the pole. 


Feedpoint about 10cm off the ground. * Radiator Wire: AWG-18 (CQ-532) 
*L5= Length of Radials (not shown) * Top Hat Wires: AWG-26 (CQ-534) 


Start with L1 = 18m and trim to adjust frequency. 


> spiderbeam Simple 160m Inverted-L Antenna 


high performance lightweight antennas 


on an 18M Spiderbeam Fiberglass Pole 


Height: 18m (59’) —> 
Height: 16m (52’) —»> 


(Drawing not to scale) 


18m (59’) of wire —>() ca. 22m (82’) 
AWG-18 (CQ-532) Wire: AWG-26 (CQ-534) 


T™ 


8 to 16 ground mounted radials, each 25 to 40m long. 


Insert RF Choke here: (82’ to 131’) 





Antenna Details: http://www.djOip.de/vertical-antennas 


Choke Details: http://www.djOip.de/vertical-antennas/rf-cmc-choke 


Feedpoint Details 
www.DJOIP.de > and click on: 
¢ Antennas 
e Vertical-Antennas 


e«“Inverted-L-Ant” 
(or) 
“RF (CMC) Choke” 


17 turns RG-142 " 
on FT-240-43 (2x Cores for 1KW) 





160M Vertical 
on a Spiderbeam 
26M Fiberglass Pole 


4x Top-Hat Wires, 1mm, 7m long. 
(CQ-534 26 AWG Copperweld ) 


26m ————> 








7m 7m 
PVDF Monfil Line a ©@©«~—— MUST use 2x very 
ae lightweight insulators 
for each top-hat wire. 
PVDF Monfil Line 
h PVDF Monfil Line 


*%. ' 27m Radiator Wire: 
a * Top 8m: 1mm diameter 
* Middle 9m: 2mm diameter 


© Bottom 10m: 3mm diameter 







* Spiral vertical wire about one turn per meter 
down the pole until the bottom of segment 2. 


/ © Wrap the wire around segment 1 witha 
winding space of about 10cm. Adjust as 
Necessary such that the wire terminates 
about 10 to 15cm from the bottom.of the pole. 





* Secure end of wire to pole using a wire-tie. 





(For simplicity, the guy ropes are not shown above.) 





8 to 16 Radials, 20 to 40m long. 


Feedpoint to vertical wire | 7 to radials Guying Info 


* 4 levels 
¢ 4 directions 


. Top hat wire 
Details ij 


PVDF Monfil Line 


2mm Kevlar 
17 turns RG-142 geen BEB BERBER RBBB R RRR BE BRB BBR Bees 1. 
on FT-240-43 minimum distance —-» 15m 25m 





18m 





DUAL — BAND VERTICAL 
80m / 40m 


80m radiator identical Built on a Spiderbeam 


to radiator of the 80m . 
Vertical on 18m Pole. 18m Fiberglass Pole 


Radiator wires are CQ-532 (AWG-18). 
For 1KW or more on 80m, use 2mm 
wire (AWG-12) on the bottom half 

of the 80m radiator (or double the 
CQ-532). (Not required on 40m). 


Space first insulator about one 
meter away from the pole. The 
40m radiator passes through the 
Bottom hole; do not fasten. This 
enables adjusting the tension. 
Guy ropes are 2mm Kevlar. 
Tune 80m radiator by shortening Use lightweight insulators! 
at the bottom. 40m is tuned by 
Adjusting the length. Always 


tune 80m first, then 40m. 





10.1m 
40m radiator 





Oa *% Feed with 509 Coax. 
; Use 8 to 16 ground radials Use optional CMC Choke (preferred). 
Ground radials (4, more), 12 to 20m long. Feedpoint ~5-10cm above ground. 
are required. Space radials symmetrically 


around the pole. 
info@spiderbeam.com 


160m / 80m Dual-Band Vertical on Spiderbeam 18m Pole 


L1 = 16 to17m (NOT more) Comments: 
L2 = About 12.5m (Cut 15m, fold back excess) * The 160m antenna is built exactly like the 
L3 = 2M Spiderbeam 160-18-4WTH. 
L4 = 25m (if possible) 
*L5 = 20m “o 40m 
L6=14.5m 
L7 =1,0m 
L8 = 6m (cut 7m, fold back excess) 


The 80m radiator is cut for a total length of 
about one meter longer than % wavelength. 
The excess is folded back (not cut). 


Tuning is accomplished by adjusting L8. 
“L7” is simply rope to the insulator. 


L2 


160m 
Radiator 80m 


Radiator 


L6 1 
L1 % 
18m Spiderbeam Pole 


] i Start with L1 = 18m and trim to adjust frequency. 


7__¥ 77S to ground stake. 


Feedpoint: 
/ To ground stake. . 


www.DJOIP.de/vertical-antennas (for more details) 








Feeding Low Band Verticals 
(Especially 160m) 


Common Mode Current Choke 


to vertical wire to radials 


Feedpoint 
Details 


17 turns RG-142 
on FT-240-43 


The choke is placed at the feedpoint of the Vertical. The drawing above shows how you can simply 
wrap coax on the toroid. Use RG-58 for a few hundred watts. For 1KW use RG-142 (Teflon Coax). 
For 1.5KW use 2x Toroids glued together. On the right you see a choke/balun usable for 40m 
and above. My choke looks similar to this, but has more windings in order to cover 160m. 

It is not necessary to cross-wind the coax, but sometimes it is more convenient. 


A Hairpin Match (Shunt Match) 


I’ve used the shunt match for nearly 50 years. It is a cheap and simple means of raising the 
feedpoint impedance from a low value (i.e. ~10Q) to something closer to 50Q. This is a great 
way to improve a low band vertical’s match. Use thick soft-drawn copper wire or thin copper 
tubing. | wound about 10 turns onto a wine bottle. Tune by pushing the turns closer together 
or pulling them farther apart. My choke and Hairpin Match are shown on the right. (DJ@IP) 





> spiderbeam 


high performance lightweight antennas a 
we we Quarter-Wave | Vertical 


HAIRPIN MATCH 
(Shunt Match) 


509 Coax 


A quick and easy way to obtain 
a better SWR for short low-band 


Vertical Antennas. 





Wind thick wire or thin copper tubing The Coil: 





On a round object, such as a glass jar: 


TUNING: 


Measure and record the SWR. 

Push the turns of the coil closer together and see if the SWR improves or gets worse. 
Pull the turns farther apart and check if the SWR gets worse or improves. 

Adjust for best SWR. 

Note: if spread too far apart and still not perfect, remove 1 or 2 windings from the coil. 


Note: if squeezed tightly together and still not perfect, add 1 or 2 windings to the coil. 


http://www.DJOIP.de/vertical-antennas/hairpin-match 


Simple Multi-Band HF Vertical Dipole 





Multi-Band HF Vertical Dipole 


Ona Spiderbeam 12m HD Telescoping Fiberglass Pole 


for: 80/40/30/20/17/15/12/10m 


Total Height: 12m (40 ft.) ——-> g 














Wire: Spiderbeam CQ-532 
(6m per side — total 12m long) 
(20 ft. per side — total 40 ft. long) 


Note: Spiral the radiator wire down 
the pole about one turn per meter. 


Tip: tie a knot in the wire about 2cm 
(1 in.) before each end, then fasten 
the wire to the pole with electrical 
tape or a wire-tie. The knot prevents 
the wire from slipping back through 
the tape or wire-tie. 





Simple lightweight insulator 


4500 Openwire Feedline 


ge f sac 
Insulator willbeabout 2°” _// / Although the length is not sie 
/ there are some lengths which 
6m (20 ft.) above ground. ff 
a namie an | can cause trouble. See text. 
Fasten with wire-ties. y / 
vA / 
jf 
/ 
GuyRopes: fo f 
2mm Kevlar / 
Kr \ CAUTION HV! 
evedkees (HIGH VOLTAGE) ‘ 
/ “\. Guy Rope 
f Good Antenna / “ < 
J 50cm (2 ft.) Matchbox pases *~< 
\ above ground 7 = / 
Guy stakes 5 to 7m away from pole. MFI-974B* > 
(16 to 23 ft.) 


spaced equal distance around the pole. 
Or, use tree or fence to fasten ends. 


* Alternatives described in text. 


Spiraling the wire down the pole distributes its weight evenly around the pole and prevents it 
from flopping in the wind. Since the lower half of the pole is thicker (wider) than the upper 
half, the wire will end about 50cm above the ground. 


IT IS IMPORTANT TO KEEP THE WIRE THIS DISTANCE FROM THE GROUND! 
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Spiderbeam 3 — Band 
Single-Loop 


Portable Quad 











Wire = CQ-534 


I I 
I I 
I I 
I I 
I I 
I I 
I 
(} I 
I I 
I I 
I I 
I I 
I I 
I I 
I I 
I I 
I I 
I I 
I I 
Special Feedline ! ! 
I 
I I 
I I 
<< 170m —>; 085m | 
I I I 
I<. 2,55m 1 ———> 
I I 
<—_————_ 363m Ss —————> 
Loop Lengths: 
© L.=2055m Feedpoint Impedance = 100Q 
20—= 4Y, 


Lig = 14,43 m @ = 2:1 Batun 


Insert @ 15m Feedpoint 





° Lij= 9,60m 


eae 


0 } Attach balun to 
| 15m Feedpoint 


20m 15m" 10m 
Feedline Details oe 2 450 Ohm Windowline 
|<— 1084mm —>< 851 mm >} [WIREMANN] 
Special Feedline 


Mono — Loop Quad 


A Vertically Oriented, Horizontally Polarized Loop 


*Jumper 
7 — Band Portable Antenna Vy 


Aga ---- 12m High 









QP osatoce ee ede eeeese Spiderbeam 


8m High --- 
Quad Kit 


Up to 500w: 
* AWG-26 Wire (CQ-534) 
ates ¢ 300 Ohm or 450 Ohm Feedline 


Over 500w: 


* AWG-18 Wire (CQ-532) 
3009 or 4500 |f/ * 450 Ohm Feedline 
Openwire a» 


¢ Secure the feedline to the pole near the a, 
feedpoint to provide strain-relief . 





¢ The feedline can be ‘almost’ an {] - . 
+ : ‘Spiderbeam 
length as long as it is long enough » 
to reach from the antenna to the / 12m Fiberglass Mast 


shack. 
wy, 


¢ See text for more info. 


Band 





fo 20, 17, 15, 12m 
Ary is - 77 
* Also works on 10m with jumper “in” 


NOTE: Use Symmetrical Matchbox or Asymmetrical Matchbox with 1:1 or 4:1 Current Balun. 
7 7 7 7 7 7 7 7 7 7 7 7 7 













40m Delta-Mono-Loop 


A Vertically Polarized 
DX-Antenna 


<— Height: 11m (36’) 












TOTAL 


~42.20m 
(137’ 10”) 


9.0m 
(29 6”) 


Total Horizontal Length 
(about) 17.20m (58’ 1”) 


Insulator 








CC 
Insulator 
CS: Height: 2.0m (6’6”) 


DESCRIPTION: 


A vertically polarized full wavelength loop, with more or less Omni-directional radiation (due to the low 
height, requiring NO RADIALS. NOTE: though good for DX, stations within 500 miles may be stronger ona 
simple dipole. 


CONSTRUCTION DETAILS: 


* The pole should be about 12m high (minimum 11m). (39’4” to 36’). Higher is better, but then you will 
have to re-adjust the total length for resonance. 


¢ The feedpoint is located in either diagonal side near one corner of the antenna, enabling vertical 
polarization. This makes the antenna an excellent DX antenna. 


¢ The length of the diagonal is not very critical and may be adjusted to help find a better fit in the space 
available, but the distance from the feedpoint to the top should be one quarter wavelength. 


¢ The exact total length will vary depending on ground conditions at your QTH. Begin with 42.7m (137’ 
10”) and then shorten the horizontal leg to bring the resonance up to the desired frequency. 


¢ Adjust total length by adjusting the length of the horizontal wire. (Easiest way). 


¢ The horizontal leg of the antenna on the bottom should be 2 to 3m high (6’6” to 9’10”) high enough for 
humans and animals to walk under. Changes to the height will require adjusting overall length. 


* The insulator shown directly on the pole at the 2m level is for mechanical reasons. Secure the insulator 
to the pole, and then pass the horizontal leg through the insulator, reducing sag in the horizontal leg. 


¢ The insulator in the horizontal leg near the left is an option for convenience. It enables easy adjustment 
for resonance by removing or adding wire. For disassembly, disconnect one side from the insulator and 
then roll the antenna as a single wire. Each time | changed my QTH, | had to re-adjust the length of the 
jumper. | just let the jumper wire hang down. For permanent use, you may leave this out. 


¢ The antenna will have an impedance between 900 and 1000. A quarter wavelength matching stub of 
75 Ohm coax will provide a good match to 50Q. RG-59 is good enough for about 500w. If you want to 
run more power, use RG-11. 


DJOIP; Original source: CQDL article by DL1BU, April, 1979, page 154. 


A Practical Guide to Free-Energy Devices Author: Patrick J. Kelly 


Donald Lee Smith 





mm 


Don Smith is elderly and has suffered several serious strokes in the last few years. He is no longer able to 
respond to e-mails and his web site has been taken over by people who appear very keen to ensure that his work 
and information can no longer be accessed by members of the public. 


At this point in time there is very little information available on Don's achievements. What | have been able to 
locate is four video recordings of lectures which he gave, plus a copy of his pdf document entitled "Resonance 
Energy Systems". There is also a web site with limited information. This site appears to have been set up by Don's 
son whom | suspect does not fully understand how his father's devices work. Don has produced at least forty eight 
different devices which draw energy from what Don prefers to call "the ambient background". His devices are 
capable of supplying kilowatts of excess energy and in most cases they do not require any input energy to be 
supplied by the user. 


It is said that 40,000 copies of Don's pdf document have been sold worldwide, but it appears that it is no longer 
possible to buy a copy, and for that reason, a copy is contained within this document. Please be aware that Don 
states quite openly that he does not disclose all of the details on any of his devices in his public discussions. This 
is because the rights to each device have been assigned to a different company in which Don has a financial 
interest, and so it is not in his interests to disclose the full details. However, ha says that he discloses enough for 
somebody who is experienced in radio-frequency electronics to be able to deduce the things which he does not 
disclose and so build a device for his own use. If that is the case, then anybody who has succeeded in doing so 
has kept very quiet about it afterwards (which is understandable). Having said that, Tariel Kapanadze of Georgia 
appears to have replicated one of the designs although it is quite likely that Tariel deduced the operating 
principles for himself. These principles are clearly based on the work of Nikola Tesla. 


In Don's work, he refers to the educational kit entitled "Resonant Circuits" No 10 - 416 from The Science Source 
at www.thesciencesiource.com. That kit now costs US$100 and they don't mention the fact that you need a signal 
generator capable of producing a 10 volt output at up to 1 MHz in order to be able to do resonance tests, and the 
kit now uses an LED rather than a neon bulb. 


There is a "book" of Don's entitled "An Answer to America's Energy Deficit" but, being an earlier work than his pdf 
document, it does not appear to contain anything extra of any significance. Here is Don's pdf document, in it's 
original American-language wording with just minor clerical corrections: 


RESONANCE ENERGY 
METHODS 


Donald L. Smith 
TransWorld Energy, CEO 
September 23, 2002 


FavPhone 281-370-4547 and email donsm1@earthiink.net 
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DIPOLE TRANSFORMER GENERATOR 
DESCRIPTION 


TECHNICAL FIELD: 


The Invention relates to loaded Dipole Antenna Systems and their Electromagnetic radiation. When used as a 
transformer with an appropriate energy collector system it becomes a transformer generator. The invention 
collects and converts energy which, with conventional devices, is radiated and wasted. 


BACKGROUND ART: 


An International search of Patent Databases for closely related methods did not reveal any prior Art with an 
Interest in conserving radiated and wasted magnetic waves as useful energy. 


DISCLOSURE OF INVENTION: 


The Invention is a new and useful departure from transformer generator construction, such that radiated and 
wasted magnetic energy changes into useful electrical energy. Gauss Meters show that much energy from 
conventional electromagnetic devices is radiated back into the ambient background and wasted. In the case of 
conventional transformer generators, a radical change in the physical construction, allows better access to the 
energy available. It is found that creating a dipole and Inserting capacitor plates at right angle to the current flow, 
allows magnetic waves to change back to useful electrical (coulombs) energy. Magnetic waves passing through 
the capacitor plates do not degrade and the full impact of the available energy is accessed. One, or many sets of 
capacitor plates, may be used as desired. Each set of plates makes an exact copy of the full force and effect of 
the energy present in the magnetic waves. The originating source is not depleted or degraded as is common in 
conventional transformers. 


BRIEF DESCRIPTION OF THE DRAWINGS: 


The Dipole at right angle allows the magnetic flux surrounding it to intercept the capacitor plate, or plates, at right 
angles. The electrons present are spun in such a way that the electrical component of the electrons is collected 
by the capacitor plates. Essential parts are the South and North component of an active Dipole. Examples 
presented here, exist as fully functional prototypes, and were engineer constructed and fully tested for utility by the 
Inventor. Corresponding parts are utilized in each of the three examples as shown in the Drawings. 


DRAWING 1 OF 4: VIEW OF THE METHOD 
N = North and S = South of the Dipole 
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» North and South component of the Dipole. 

. Resonate High Voltage induction coil. 

. Dipole's electromagnetic wave emission. 

Heaviside current component. 

. Dielectric separator for the capacitor plates 

For purposes of the drawing, a virtual limit of the electromagnetic wave energy. 
. Capacitor plates, with dielectric in between. 


NOORWNHP 


DRAWING 2 OF 4: COMPONENTS, 2A and 2B 





Fig.2-A: 

1. Hole for mounting Dipole B-1. 

2. Resonate high voltage induction coil. 

5. Dielectric separator, a thin sheet of plastic separating the capacitor plates. 

7. Capacitor plates, upper plate is aluminum and lower plate is copper. 

8. Battery system, deep cycle. 

9. Inverter. Input: Direct Current, output: 120 Volts at 60 cycles per second. 
10. Connector wires. 
12. Output to point of use being the load. 


Fig.2-B N=North and S = South component of the Dipole 
1. Metal rod, being soft magnetic metal such as iron. 
2. Resonate high voltage induction coil. 
10. Connector wires. 
11. High Voltage input energy source such as a neon tube transformer. 


DRAWING 3 OF 4: Proof of Principle Device, using a Plasma Tube as an active Dipole. 
N = North and S = South Components of the active Dipole. 


i 





5. Dielectric separator of the capacitor plates. 
7. Upper capacitor plate: upper plate is aluminum and lower plate is copper. 
10. Connector wires. 
15. Plasma Tube, 4 feet long and 6 inches in diameter. 
16. High Voltage Energy source for the active Plasma Dipole. 
17. Connector block: outlet for testing and use. 


DRAWING 4 OF 4: Manufactures Prototype, Constructed and fully tested. 





1. Metal Dipole rod. 
2. Resonate High Voltage induction coil. 
10. Connector wires. 
17. Connector block for Input from high voltage energy source. 
18. Clamps for upper edge of capacitor packet. 
19. Support Device for The Dipole Transformer Generator. 
20. Packet of Capacitor Plates. 
21. Output connectors of the capacitor, producing energy into a deep cycle battery which then powers the 
inverter. 


BEST METHOD OF CARRYING OUT THE INVENTION: 

The Invention is applicable to any and all electrical energy requirements. The small size and high efficiency makes 
It an attractive option. It is particularly attractive for remote areas, homes, office buildings, factories, shopping 
centers, public places, transportation, water systems, electric trains, boats, ships and all things small or great 
Construction materials are readily available and the skill level required is moderate. 


CLAIMS: 
1. Radiated magnetic flux from the Dipole, when intercepted by capacitor plates at right angles, changes to 
useful electrical energy. 
2. A Device and method for converting for use, normally wasted electromagnetic energy. 
3. The Dipole of the Invention is any resonating substance such as Metal Rods, Coils and Plasma Tubes 
which have interacting Positive and Negative Components. 
4. The Resulting Heaviside current component Is changed to useful electrical energy. 


ABSTRACT 

An Electromagnetic Dipole Device and Method, wherein, radiated and wasted energy is transformed into useful 
energy. A Dipole as seen in Antenna Systems is adapted for use with capacitor plates such that the Heaviside 
Current Component becomes a useful source of electrical energy. 





TransWorld Energy 
227 W. Airtex Blvd. 
Houston, Tx. 77090 


September 23.2002 


Phone: (281)876-9200 Web-site: altenergy-pro.com 
Fax: (281)876-9216 E-mail: donsm1@earthlink.net 


Dear Reader: 


TransWorld Energy is dedicated to improving the Human Condition in the Field of Energy 
which, at the same time, makes possible Healthy Water and increases the food Supply. A 
never-ending source of energy found throughout the universe is easily accessed with the 
minimum of effort and cost. The technology for doing this has been around since the 1820s. 
Selfish special interests have made sure that the technology remains discredited. People who 
control the Energy Sources control the World. 


Extensive research and development by TransWorld and Associates has been progressing for 
more than 15 years. Numerous successful Energy Producing Devices have been produced and 
demonstrated throughout the World. Some of these can be viewed by the Web Site located 
using any major search engine (such as Lycos, Yahoo, Altavista, NorthenLight and more than 
2,000 others throughout the World). 


The Book which You are viewing has more than 40,000 copies in circulation. It has been 
translated and distributed in all major languages including Japanese, Arabic, Portuguese, 
French, Italian, Russian, Chinese, German, Spanish and many more. There are seven editions 
in circulation. An enormous interest is evident in the subject matter. An average of about fifty 
e-mails per day are received from the ends of the Earth (that is about 1,500 per month). 


Once the Web Site and the book are viewed, it will become evident that abundant, self- 
sustainable energy is available everywhere for the taking. This is natural energy which does 
not harm the environment or those using it. The proper Device for Collecting is all that's 
required. 


The Good News is that the problem is solved and with assistance, an ultimate source of energy 
which is environmentally benign, abundant throughout the universe and inexpensive to 


capture, is there for the taking. 


Thank You for your consideration 


Donald L. Smith, CEO 





Electrical Energy Generating System 


Description and Function: 


The Generation of Electrical Power requires the presence of electrons with various methods of 
stimulation, yielding magnetic and electrical impulses, collectively resulting in Electrical 
Energy (Power). In place of the mechanical - coils and magnet system, present in conventional 
electrical power generation, visible moving parts are replaced by resonate magnetic induction, 
using radio frequency. Transfer of energy by resonate induction is related to the ratio of the 
square of the cycles per second. 


The Energy System, presented here, operates at millions of cycles per second verses the 
conventional 60 C.P.S. This tells us that it has a frequency advantage over conventional 
methods. This same advantage applies to the amount of electrical energy output. Therefore 
the Device is small in size and produces large amounts of Electrical Energy. The Electrons 
acquired, are from the surrounding Air and Earth Groundings, being the same source as in 
conventional methods. This is accomplished by magnetic resonate radio induction. 


Applications: 

This Electrical System adapts nicely to all Energy Requirements. It is a direct replacement for 
all existing Energy Systems. This includes such things as Manufacturing, Agricultural, Home 
Usage, Office Complexes, Shopping Centers, Rail Transportation, Automobiles, Electrical 
Power Grids, Municipalities, Subdivisions, and Remote Areas. Briefly, the only limiting 
factor is the imagination. 


Economic Possibilities: 

No Historical Reference Point exists for a comparison of the Possibilities of this System. One 
can see from the impacted applications listed above, that the magnitude exceeds any known 
invention, presently a part of the Human Experience. 


Present and Future Plans: 

The Energy System has been in the developmental stage during the past seven years. It is 
Patent Pending # 08/100,074 with the Patent Office. No prior art exists according to the Patent 
Office's response. The System is presently being introduced into the World Market. 


Useful energy occurs as the result of imbalances in the ambient background energy, which is a transient 
phenomena. In the electrical field, it is a closed system subject to heat death, which severely limits it's 
utility. The flip side of the electron, produces magnetic waves which are an open system, not subject to 
heat death. These waves, being unrestricted, are the universal source of energy when unlimited resonate 
duplicates from this one source are available. Therefore, the key to unlimited energy, is Magnetic 
Resonance. In order to understand this, requires putting a stake through the Heart of Antique Physics. 
Non-linear and Open Systems are universally available in Magnetic Resonance Systems, Explosions of 


any sort [including Atomic Explosions] and Combustibles of any type. Mechanical equivalents would 
be levers, pulleys and hydraulics. A highly obvious example is the Piano where the Key impacts the one 
note giving one sound level, which resonates with it's two side keys providing a much higher sound 
level. Magnetic Resonance Energy clearly amplifies itself, demonstrating more energy out, than in. 


Ohmic resistance does not apply to Magnetic Resonance which travels unrestricted for great distances, 
therefore multitudes of electrons are disturbed, and their back-spin translates magnetic into usable 
electric energy. The right angle component which the magnetic flux provides, translates into useful 
electrical energy. Taken at right angles, the Magnetic Dipole provides an unlimited source of electrical 
energy. The writer is recognized world-wide for his knowledge and experience. See his Web Site at 
altenergy-pro.com . 


Gravity is a function of spin phenomenon as observed in gravity separation of liquids. When spun, milk 
and cream separate. Therefore, relative specific gravity is function of mass versus spin. Magnetics and 
gravity are both spin related. In part, a top levitates when spun. Therefore, spinning magnetic fields are 
a functional motor source as in flying saucers. 


ABSTRACT: Technology of New Energy: 


Developments in the understanding of Electricity, along with Materials which were not previously 
available, allows the construction of Devices which collect energy in large quantities, from the Earth's 
Ambient Electrical Background. This Energy is naturally occurring, environmentally benign and is 
available everywhere. It is available wherever and whenever it is required. New Devices use Resonate 
Magnetic Waves which replicate upon spinning the locally present electrons, providing multiple 
duplicate copies of the Energy Present. Each electron when spun yields both magnetic and electric 
waves in equal proportion. The electrical component is a closed system limited by Ohms Law. The 
magnetic component is an open system not limited and it replicates multiple copies of the energy 
present. 


Special materials and recent developments allow the magnetic energy to reproduce, through resonance, 
unlimited duplicate copies acquired from the ambient background. These Devices harvest the energy 
that has been, and is always present universally. Conventional methods consist of coils and magnets 
systems. Upon moving past each other, the magnetic flux field disturbs electrons which yield electricity, 
which is collected by the coils system. This is accomplished electronically with the new technology, 
without any moving parts and the energy is multiplied such that the Device becomes self-sustaining once 
it is started. This Technology, already presented Worldwide, will be shown at the Conference. 


Dr. Smith 


www.altenergy-pro.com 
e-mail donsml@earthlink.net 


"Putting a stake through the Heart" and thus removing the mental block created by antique physics is 
required. Conditions wherein this becomes necessary are non-linearity, resonance and explosions of any 
sort. Combustibles of any sort such gasoline and atomic explosions are good examples wherein more 
energy out than in, is obvious. You can add to that the non-linearity found in pulleys, hydraulics, steam 
power and suchlike. Magnetic resonance is a highly obvious source for multiplying energy output. The 
sound system present in the piano, demonstrates this very clearly. Energy amplification clearly present 
in the above, demonstrates the silliness attested to by many Physicists. 


Ohmic resistance does not apply to magnetic resonance which travels unrestricted for great distances, 
therefore multitudes of electrons are disturbed, and their back-spin converts from magnetic energy to 
usable electric energy. These same electrons have been around from the beginning of time and they are 
undiminished and will remain so until the end of time. 


ELECTRICAL ENERGY SYSTEMS PREFACE 


Useful Electrical Energy is obtained directly from electron spin induced by incoming magnetic waves, or 
indirectly through mechanical exchange as in dynamo type devices. Simply put, electron spin converts 
from magnetic to electrical energy and vice versa. Nature provides grand scale magnetic wave 
induction throughout the universe, for free. In Electrical Systems, movement is at right angles to the 
direction of current movement. This explains the rotary movement of the Earth and other related 
Systems. The rate of Spin for the Earth is known as well as the mass (5.98 x 10™ Kg - "Physics for 
Scientist and Engineers , by Raymond A. Serway, Saunders College Publishing, 2nd Ed. page 288, Table 
14.2), therefore the amount of incoming Electrical Energy which produces this action can be calculated. 


It can be seen quite easily, that the incoming magnetic wave energy is Vast and Continuous. As an 
accretion mass, the Earth is an Energy Sink, getting it's energy from elsewhere, being Cosmic, Galactic 
and Solar. Conversion of incoming magnetic waves into electrical energy provides an unending, 
inexpensive and environmentally friendly source available to all. Cosmic and Galactic Energy is 
available twenty four hours per day. Large amounts of this Energy accumulates in the Earth's radiation 
belts. This Giant Energy Storage, when properly understood, provides a major source of free unending 
electrical energy. Each of My Inventions plugs into this vast energy source. 


A perverse, Intentional Ignorance on the part of the Establishment, prevents recognition of the 
importance of the Energy Systems shown here. Any new system which is favorable towards the masses, 
is considered as disruptive, and therefore not allowed. Those who have the (Gold) Energy Rule (Golden 
rule ) Mandated Destruction of all Humanity is not a consideration. 


This Presenter will remove some of the Fog placed with the intention of preventing the recognition of 
this unending, environmentally clean, electrical energy Source, which is present everywhere throughout 
the Universe. The Cost of Harvesting and Using this Free Energy is a function of Human Stupidity. 


RESONANCE CIRCUITS DEMO 





Used to demonstrate electromagnetic radiation between 
two UC circuits - one a transmitter and the other a 
receiver. When the 1.5 volt power transmitter is pulsed, 
the radiated signal is picked up by the remote receiver 
circuit which then lights up a 70 volt neon lamp. 


With this apparatus, the student quickly understands 
some basic principles governing wireless communication, 
broadcasting, etc. 


Kit: #10-416 $49.95 


THE SCIENCE SOURCE 
WALDOBORO, MAINE 04572 
P.O. BOX 727 


Tel. 1-800-299-5469 
info@thesciencesource.com 
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Transmitter Receiver 





Diagram of transmitter and receiver coils 


ULTIMATE ENERGY SOURCES 


A human is a speck of dust on Earth, the Solar System is a speck of dust in the Galaxy and in turn, the 
Galaxy is a speck of dust in the Universe (Cosmos). All of these respectively represent vast ambient 
energy reservoirs. Awareness of the Sun, opens doors into other energy sources. Electromagnetic 
Energy which is present everywhere throughout the Universe, is accessed by catalytic activity, directly 
as in Solar Cells or indirectly as by mechanical means. Resonate, Magnetic Waves (Faraday's "Action at 
a Distance") allow Energy Activation Transfer to remote points of usage. The method of capture and 
use of this Energy is optional, and therefore it's cost is a function of Human Stupidity (Free-Energy). 


Direct access is more desirable, and technology transfer from Solar Cell-type Devices provides the 
Catalyst. | Enormously high Ambient Energy Levels are not detected by instruments that use the 
Ambient Background as a Reference Plane. A spoonful of water lifted from the Ocean does not define 
the Ocean. Incoming magnetic waves are reflected, Deflected or absorbed. Deflected Magnetic Waves 
spin electrons sideways producing useful Electrical Energy. Absorbed Wave Energy produces heat, 
therefore a hot interior for the Earth. In Electrical Systems physical movement is in the direction of 


current flow, frictional drag from inflow current defines gravity. Accretion masses resulting from 
Energy Sinks, provide all solid entities with their respective gravitational effect. 


Increasing the tolerance level for Intellectual Awakening opens Doors of Reality. These doors blink 
into, and out of existence, and upon recognition, benefit Mankind. Opening some of these Doors, which 
at the present time are seen through a deep fog, is our purpose. Exploring Unrecognized Energy 
Sources, which are a Part of the Ambient Background, is another goal. Our Available Instruments do 
not use reference planes which allow recognition of this energy, as we shall see, vast Energy Sources 
that totally surround us are available through Technology Transfer. They are inexpensive (Free), fully 
self-renewable and environmentally benign. 


Incoming Magnetic Wave Energy with Faraday's "action at a distance" will be looked at closely. 
Particle Physics will be left for the Astrophysics. Excited Electrons at point "A" the Sun (including the 
Galaxy and Cosmos) do not travel to point "B" the Earth, however a corresponding action occurs at point 
"B". The Electrons being disturbed at the Central Power Plant, in the same manner excite the Electrons 
at Your House, upon switching into an Earth grounding (known as "flipping the switch"). 
Correspondingly, there are Four Major Power Sources providing enormous amounts of Ambient 
Background Magnetic Wave Energy. They are The Cosmic, Galactic, Solar and Earth's Ambient 
Electromagnetic Backgrounds. The Earth's Electromagnetic Field comes from reflection, deflection and 
absorption as a result of action at a distance from the above. 


Prescription Physics mandates that the Earth's background is of little interest. When we have 
Considered the evidence herein, it will become obvious that Special Interest's effort at keeping the 
People ignorant has, until now, largely succeeded. 


Information for the entire World is available regarding the Magnetic Flux Background of the Earth's 
Surface (United State's Geological Survey, Colorado, USA, Office). When examined and properly 
understood, these Maps yield important information regarding reflection, deflection and absorption of 
incoming Magnetic Waves, plus action at a distance. When properly understood, these Maps reveal a 
very large Ambient Electromagnetic Energy Source. This is the Part of the Earth's Energy System that 
relates to the Bird on the High Voltage Line. When deflected, magnetic flux from electrons changes to 
electrical flux, providing the Motor System that spins or rotates the Earth. Physical movement by 
electrical systems is from inflow current movement. What level of current movement is required to spin 
the Earth? The Earth's Mass is 5.98 x 10°. From this Information, the Watts of Electricity Required 
may be calculated! Absorbed microwave flux energy heats from the inside out, therefore a hot interior 
of the Earth results. Water is strongly diamagnetic, and on windless days, ocean waves provide visible 
Proof of the overhead incoming magnetic flux. From the information above, the Earth's weight and rate 


of spin allows the calculation of the amount of incoming ambient background energy required. As You 
can see, it is not inconsequential as Prescription Physics mandates. 


Astrophysicist are concerned with charged particles that whiz by, once every one hundred years, rather 
than Wave Phenomenon associated with action at a distance. This highly Active Wave Energy translates 
into Electrical Energy at point "B". The Galaxy is alive With Energy which is billions of times greater 
than that of the Sun. Visible Light is a very tiny part of the Electromagnetic Energy Spectrum. 
Frequencies present in the Galaxy and Cosmos allow Radio Telescope photographs of their existence 
and magnitude. One such 408 MHz photograph of the Electromagnetic Energy Spectrum shows that the 
Earth is a tiny speck of dust in this Enormous Ocean of Energy, and can be seen near the left end of the 
Central High Energy Area. 


This Energy extends in all directions. Accretion and formation of Planets, Suns and Galaxies are results 
of energy sinks and variable sized black holes. Mass retains heat, and is cooked from the inside out by 
the microwave background energy provided by the Universe. Flux movement into energy sinks, 
provides the frictional force know as gravity. Spinning mass in the presence of incoming flux amplifies 
the gravitational effect. 


At present, only Solar Energy is recognized. It is inconsistent, flaky and a very small Part of the 
Magnetic Wave Energy Present. Technology Transfer from Solar Power provides uncomplicated and 
inexpensive, direct access to the Other Greater Energy Sources. All Electromagnetic Energy harvesting 
methods include a Catalyst, a Collector and a Pump. Catalysts include sensitization through doping with 
certain elements, air and earth groundings. Collectors include temporary storage as in Capacitors, Coils 
and Transformers. The Pump System includes induced movement onward to the point of use. 
Conventional rotating coils and magnet systems activate electrons present, such that action at a distance 
can occur, therefore it is an energy activation pump. In Direct Access Systems such as Solar Cells, the 
same occurs without mechanical action. Direct access occurs when Magnetic Waves impact a catalyst, 
spinning the local electrons sideways, producing useful electrical energy. 


Indirect acquisition of electrical energy by mechanical means is wasteful, troublesome, expensive and 
degrades the environment. The dynamo is a combination collector and pump of energy which is 
collected from the Earth's Ambient Energy Background. Generators do not. make electricity, they 
collect it from the Ambient Background and forward it, as in Faraday's "action at a distance". Energy 
Conservation Laws relating to these systems, relate to gray areas, and when understood, are excluded 
because of the existence of External forces, open and non-linear systems as per Einstein. The 
Knowledge Base just viewed, provides a Direct Understanding of the Requirements for Harvesting of 
unending, fully renewable, environmentally benign Sources of Electrical Energy. 


Magnetic Resonance Power System 
Suggestions for Construction 


This is the Basic Sonar Power System which permits submarines to see approximately 50 miles distance. 
What is not commonly known is that it works better at higher frequencies in the Gigahertz range. Any 
Device that can radiate 50 miles plus, is producing an enormous electromagnetic disturbance from a 
small input into a rod of magnetostrictive material. Disturbing the Earth's Ambient Background plus the 
strong dipole being produced, turns the magnetostrictive rod into a combination of a receiving antenna 
and a vastly superior output transformer. 


The Drawing is only the Key Unit. A power input module and an output inverter circuit (diode bridge 
plus output transformer) are also required. The metal core and the wire size of the output transformer, 
plus adjusting the Earth Grounding of the Load, will determine the Amperage. 


The Ideal rod material is Terfenol-D (check the internet). However a 1.5" diameter 10" long rod, costs 
over $5,000 each. Less expensive alternatives are obvious. When constructing, use PVC tubing with 
removable caps. Wind the coils on it and insert the experimental rod. Use only magnetostrictive 
material. When you get it right, you will have exactly what the Doctor ordered: 


Magnetic Resonance Power System for Water Systems 
Donald L. Smith 
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Magnetostriction oscillators work by magnetic resonance in a rod of magnetostriction material. This rod 
serves two purposes: It vibrates at the frequency of resonance oscillation, and it becomes the feedback 
transformer. Frequency is determined by items 4, 5, 6 and 8. The diameter, length and volume of the 
rod and output windings, determines the output. Item 2 provides feedback into the system. The 
negative magnetic character of item 8 plus the windings 2, in reaction to the magnetic flux field provided 
by 9, increases (amplifies or magnifies) the output. Magnetic permeability is the counterpart of negative 
resistance. Resonating with negative magnetic resistance, it pumps energy from the Earth's ambient 
background. Magnetic permeability is the ratio of flux density (Earth's B field) to the magnetizing force 
(H) in oersteds. 


Magnetostrictive materials are piezoelectric in character, and have a very high resistance to electrical 
current flow. Examples are: 

1. Permealloy Negative Magnetic Permeability > 80,000 

2. Sendust Negative Magnetic Permeability 30,000 -120,000 

3. Metglas Negative Magnetic Permeability > 200,000 

4. lron with (34% ) Cobalt Magnetic Permeability 13,000 

5. New Technology Magnetic Permeability > 1,000,000 


ELECTRICAL ENERGY SYSTEMS METHODS 


1. DIRECT - Faraday's "Action at a Distance" incoming magnetic wave conversion to useful electrical 
energy. This includes Cosmic, Galactic, Solar and Magnets. Technology Transfer is 
from Solar Cell Technology. 


2. INDIRECT - Electron Stimulation-Induced Electron Spin Systems, Electron Avalanche Pumping 
Systems 


Primitive, Indirect Conversion from another form of energy. Coils and Magnet as in Dynamo 
Systems (Closed Systems). Chemical Systems, Atomic, Pons & Fleischman and etc. 


Advanced, Direct Conversion, Magnetic Wave ( Open Systems ). 
Ambient Sources 
Air Core Coil Systems 
Gaseous Tube Systems, 
Solid State Marx Generator Avalanche Type Systems. 
Leyden Bottle Capacitor Types inserted in Lakes and other. 
Magnet Systems 
Electron Beam Antenna Systems 


3. TRANSFER MECHANISMS 
Solids - as in metal conductors 


Gaseous as in radio wave transmission, a form of ionization. 


Sensitizing of Systems by use of Trace Doping with Radioactive elements, includes 
metal surfaces. 


Open Systems, non-linear with external forces. Albert Einstein in a direct quote from his 
biography states that these are excluded from the conservation of energy 
laws. 


Closed Systems Maxwellian Type Systems. Mathematics are predictable requiring 
deductive reasoning. Ohm's Law is King, and Establishment Intellectuals 
being comfortable with this, brand all else as a violation of the Laws of 
Nature by obtaining something for nothing. This is Dishonesty grand mal. 





AMBIENT ENERGY SOURCES 


Radiation System Diffusion Method Magnetic Wave Energy 
1. Cosmic Reflection, Deflection Ultraviolet 
and Absorption 
2. Galactic Reflection, Deflection Infrared 
and Absorption 
3. Solar Reflection, Deflection Visible Light 
and Absorption 
4. Earth Reflection, Deflection, Earth's Electrical 
Absorption, 


Faraday's "Action at a Distance" 


also, a Composite of all of the 
above 


A deep fog pervades the entire Scientific Community with regards to the Significance of the Above 
Energy Sources. Magnetic Waves convert directly into Electrical Waves (useful electricity). Two sides 
of the electromagnetic system are always present and never separate. Local electron spin provides 
(action at a distance) the flip side of the incoming magnetic wave energy. 


Enormous amounts of incoming magnetic wave energy becomes a part of the Ambient Background, and 
as such, cannot be measured directly. Reconstruction from indirect information, allows us to establish 
the actual energy levels which are present. Instruments provided by the Scientific Community measure 
only point "A" to "B", and when both are ambient, no potential energy is shown. This is the "bird sitting 
on the million volt power line and sensing nothing" approach. The Earth's actual ambient background 
has as it's Energy level multi-billions of Volts, which are conveniently and obliviously ignored by the 
scientific community. | When properly understood, this enormous, never-ending source of 
environmentally-friendly energy becomes available. 
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Electrical Energy System 


Don L. Smith, Energy Consultant 


At a meeting between J.P. Morgan, Edison and Tesla, Tesla proposed an Electrical Energy 
System which could he connected into directly, without using a meter. Tesla's Idea of "Free 
Energy" was not compatible with their thinking. Courtesy of Morgan and Edison, from that 
day foreword, a complete and total bastardization of the Idea has been in progress. Agents for 
Morgan and Friends include the U.S. Patent Office and Academia. Academia's bad habit of 
incestuous quoting of each other, eliminates them as a possibility in cleaning up the mess. 
This selective ignorance, permeates throughout the study of electricity. 


Many people, otherwise known as "intellectuals", have a total blackout and become jabbering 
idiots when "free-energy" is mentioned. The term has been amended to say, "something which 
was never there is being harvested and that this violates the laws of physics". For the 
selectively ignorant, this seems the way to run. Those who choose Morgan's drum beat, have 
severely limited the possibilities built into electricity. 


This paper will be an exercise in creative understanding, in placing updated knowledge at your 
disposal. Whether it becomes a useful tool or is selectively ignored is your choice. 


Electrons are defined as being the practical source of electrical and magnetic energy. The 
electron as a particle, was postulated by professor J. Thompson in early 1900's. It is now 
universally accepted that the electron exists and that it is the source of electricity. When the 
electron is agitated it produces magnetic and negative electrical energy. Physics as it exists 
today, cannot explain why the electron remains intact and is not diminished by the energy it 
releases. This is a part of the built-in ignorance provided by the Morgan and Edison Camp. 


One volts worth of electrons, when cycled, yields one volts worth of electricity. This can be 
repeated continuously forever and it never deplete or diminishes the electrons in question. 
They simply return to their air and/or earth source, waiting to do the whole thing again and 
again. Therefore, electrical energy is available, anywhere and everywhere humans go. People 
who intercede for profit, set the cost of electrical energy. Otherwise, all electrical energy is 
free, Morgan and Edison be damned. 


Improving upon Professor Thompson's postulation, other obvious characteristics can be seen to 
further define the electron. It has both magnetic and electrical emanations resulting from a 
right-hand and left-hand spin. Since magnetism and amperage come as one package, this 
suggest, that electrons in their natural non-ionic state, exist as doublets. When pushed apart by 
agitation one spins and supplies electricity and the other spins and provides magnetic 
(amperage) energy. When they reunite, we have Volts x Amperage = Watts. This Idea, until 
now, has been totally absent from the knowledge base. 


The number of times that an electron is cycled, sets the collective energy potential present. 
The electrical equivalent of E= mC’ is E = (Volts x Amperes) x (Cycles Per Second)’. Those 
who choose, are now free to head for the bushes and make their usual contribution to 
humanity. 


Prior to Tesla, there was a large group of people in Europe, who were building resonant coil 
systems for medical use. Amperage was dangerous in their coil systems. The Tesla Coil is 
only the Voltage half of their coil system, as will be demonstrated. 


A short list of those (from 1860 onwards) active in resonate high frequency coil systems 
include; the Curies, Roentgen, Ruhmkoff, Oudin, Hertz, Levassor, Dumont, D'Arsonval and 
many others. 


Peugeot, Panhard-Levassor, Bollee, Renault and others had successful electric automobiles in 
production using A C. motors. Various electrically-powered airships, including the Dirigible 
"France" were in service. 


D'Arsonval, Professor of Experimental Medicine at the College of France, invented the 
electrocardiograph, oscilloscope, amp and volt meters, thermography and numerous other 
medical applications of high frequency electricity. As early as 1860, he was building high 
frequency coil systems, which he used in his experimental work. There is a strong connection 
between the work of Tesla and the people mentioned above. 


Electric vehicles of all sorts, dominated until the 1920s, when the electric starter motor made 
the internal combustion engine practical. Prior to that, upon cranking, it frequently would 
break the owner's arm. At that point the use of batteries as a source of power was replaced by 
oil. 


The establishment's carpet has some rather large lumps under it. Coulomb's and Newton's 
inverse square law is politely ignored and it's opposite is allowed to have only the most 
abstract status. Without opposites we have no definition. 


The source value of a remote flux reading, requires the squaring of the distance, times the 
remote reading, to obtain the original value. The opposite of this, being the derivations relate 
to Energy equals Mass times the Velocity constant squared. The electrical equivalent, being 
Energy equal capacitance times voltage squared and Energy equals induction times amperes 
squared. Flux lines increase as the law of squares and then activate electron energy which was 
not previously a part of the sum. The cumulative capacitance and inductance increase as the 
outer ends of a Tesla coil are approached, and this results in output energy being greater than 
the input energy present. This Energy is real. It can be safely measured by magnetic flux 
methods and electrostatic voltmeters, based on the inverse square law 


As seen above, flux lines result both from induction-henrys-amperage and capacitance- 
coulombs-volts, and define electrical energy. The non-linearity of this system does not obey 
Ohm's law, which is replaced with impedance and reactance for alternating current systems. 
Impedance is the sum of the system's resistance to AC current flow, and this becomes zero at 
resonance. In resonant induction systems, a cycles-per-second increase, invokes a second 
round for the law of squares. 


The degree to which flux lines are present, disturbs an equal amount of electrons, upsetting the 
ambient background energy, resulting in useful electrical energy being obtained. The 
frequency at which the disturbance occurs, increases the useful energy available, and it obeys 
the law of squares. Two square-law components, flux density and frequency are involved. 
Enter resonance which cancels the resistive effect. 


Only the electrical energy which is either above or below the ambient level is useful. For the 
Central U.S. going east to west, ambient as approximated by electro-static voltmeters and flux 
methods is 200,000 volts on a solar-quiet day. At night time, the ambient energy level drops to 
about one half of the daytime value. On a solar-active day, it may reach more than five times 
that of a solar-quiet day. Ambient background energy at the polar regions, is approximately 
500,000 volts on a solar-quiet day. The background energy varies as it relates to the North- 
South component and the East-West continuum. 


This leaves us with an interesting problem. Electrons, when disturbed, first produce magnetic 


flux and then produce electrical flux when they spin back to their normal position. Therefore 
any electron movement produces above ambient energy, being over unity. 


ELECTRICAL ENERGY WITH ASSOCIATED PHENOMENA 


1. Current-amperes results from the unequal distribution of negativity (electrons). 


2. Electron spin causes electrical current and magnetic lines of force. 


3. Magnetic imbalance causes the gravitational effect. This is evidenced in electric 


motors by magneto-gravitational displacement of mess, which causes the motor to 
rotate. 


ENERGY LINES QF FLUX (FORCE) 
FIELDS & WAVES * 


MAGNETIC EFFECT 


ELECTRONS CURRENT 
Electrical flux Magnetic flux 
Capacitance Induction 
Volts Amperes 





GRAVITATIONAL EFFECT 


* Below 20,000 Cycles Per Second = Fields 
Above 20,000 Cycles Per Second = Waves (Radio Frequency) 


Derivation of Magnetic and Electrical Power 


Analogous Relationships: 


1. Potential Power is present in a bar magnet as shown: 


BLOCH WALL (Space) 
( Area of Electron Spin Seperation } 


v 


More Negative Less Negative 


4 A 

Domain has: : sepia apa 
Left hand spin 4 bigehs 
(=Source of Volts} ( = Source of Amperes 


2. The Source of these Electrons being from the Solar Plasma, are non-ionic and occupy all 
Free Space. They are commonly obtained from Earth and Air Groundings. They exist in 
Doublet Pairs, one being more negative than the other. The more negative one has a Left 
Hand Spin. The less negative one has a Right Hand Spin. 


3. Resonate Electrical Coil Systems (Tesla ) are Analogous to the System observed in the Bar 
Magnet (above). The Bloch Wall Area is Located at the base of the L-2 Coil. The Left Spin 
portion of the coil (Voltage Only ) Coil predominates. The Right hand Spin portion of the 
coil (Magnetic-Amperage) is mostly absent. 


Tesla Coil Geometry * 
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Induced Electrical Energy System 


Collection and transfer of energy requires temporary storage, which occurs as capacitors and coils of a 
resonant circuit are cycled, on and off. The frequency at which the capacitors and coils are pumped, 
determines the amount of electrical energy that moves onward. 


The amount of Energy transferred relates directly to the density of lines of flux present. The Kinetic 
Energy Formula is helpful in establishing the amount of energy present. This formula squares the 
velocity times mass. In the case of electrical energy, the intensity of voltage and amperes multiplied by 
the cycles per second, replace the velocity component. 


Note that the "acceleration" of the Voltage "E" and Amperage "I", which increase as non-linear 
components, then obeys the Law of Squares. 


Each unit of increase, causes a squaring of the flux lines present. The amount of energy transfer 
caused by this increase in flux lines is demonstrated below. 


Increase in Flux Lines Present Symbolized 


5 HE 


One Volt Two Volts = Four Four Volts = Sixteen 





In resonant air-core coil energy transfer, the increase in flux lines present disturbs more electrons than 
previously, resulting in over-unity energy being present and available. 


Energy stored, times the cycles per second, represents the energy being pumped by the system. 
Capacitors and inductors store electrons temporarily. 


Capacitor formula: W=0.5xC xEx Cycles persecond — where: 


W = energy in Joules (Watt Seconds ) 
C = capacitance in farads 
E = applied potential in volts squared. 


Inductor (Coil) formula: W = 0.5 xLxIxCycles persecond where: 


W = energy in Joules (Watt Seconds ) 
L = inductance in henrys 
| = current in amperes squared 


Both one henry, and one farad, equal one volt. The higher the cycles per second, including the 
squaring of the flux lines, cause a large increase in the amount of energy being produced. 


The above combined with a resonant energy induction system (where all electrons are moving in the 
same direction at the same time), make the next move into over-unity practical. 


The dampening process of conventional electrical power generation, has all the available electrons 
bouncing randomly, mostly cancelling out each other. In that System, the useful energy available is a 
very small percentage of the energy which is present. 


In the resonant induction system, a very high percentage of the energy present is useful. At resonance, 
(ohms-impedance-Z) becomes zero and all of the energy present is not degraded and becomes 
available to do useful work. "Ohms" is load or wasted energy, and "amperes" is the rate of that wasting 
of energy. 


Using the previous information, if we now apply it to an air-core coil, resonant transformer energy 
system. L-1 and L-2 coils are now present. L-1 has a smaller number of turns and is several times the 
diameter of L-2. Input from a 12 volt high-voltage laser driver source, produces 8,000 volts with a low 
level of wasted energy, pushing amperage into, say, 4 turns of coil L-1. Each turn of the L-1 coil then 
acquires 2,000 volts of resonant potential. Consequently, each turn of L-2 is then exposed to the 
electric flux of 2,000 volts. Each turn at the bottom end of L-2 acquires 2,000 volts. The flux lines are 
squared and are additive as the voltage and amperage progresses towards the top end of L-2's large 
number of turns. 


A huge number of additional flux lines which were not previously present become present at the top end 
of the L-2 coil. These flux lines excite the nearby electrons in it's earth and air and groundings. This 
high level of excitement above the ambient, causes a large number of electrons which were not 
previously a part of the energy present, to become available for use. At this point over-unity is present 
in large amounts. 


The "bubble gum between the ears" response to this is: "this must be lots of volts but no amperes". 
Please recall that amperage is wasted energy, and that until that wasting occurs, there are no amperes. 
A good way to demonstrate this, would be to let the bubble gum crowd put their hands on the high- 
voltage end of the device while standing on wet ground (a people zapper). Note: don't do this. 


This over-unity device produces energy at radio frequencies which range into the megahertz band. 
This allows the device to be small in size, and yet produce large amounts of energy. A megawatt-sized 
unit will sit comfortably on a breakfast table. This energy is changed to Direct Current and then 
switched to produce the desired working frequency AC. 


Power Triangle 


L? Power 


Li Power C 


A: Volts x Amperes (the Available Power) 
B: Volts x Ampres x Time (the Used Power) 


C: Volts x Amperes x Recative (the Resinant Power) 


1. Random movement of electrons in "A" and "B", mostly cancel each other out. This 
dampening, or wasteful concept of energy, is a source of much pleasure for the 
establishment. 


2."C" (Volt, Amperes, Reactive "V.A.R."), is the situation where all of the electrons move in the 
same direction at the same time. This results in near-unity energy output by resonant 
induction transfer. 


3. Resonant induction transfer from one isolated power system, allows other resonant induction 
systems to duplicate the original source, which in no way diminishes the original source. 
Air-core coils (isolation-transformers) confirm this when they are a part of one of these 
functioning systems. A less perfect illustration would be the fact that the number of radio 
sets tuned to a particular radio transmission, does not alter the power required at the radio 
transmitter. 


4. Resonant induction transfer, disturbs a large number of adjacent electrons which were 
not a part of the original input power source. The pulsating-pumping effect then draws in 
the newly available additional electrons into the on-going energy generation system. A near 
unity energy system of resonant air-core coils and the extra acquired electron-energy source 
constitute an over-unity system. 


Electrical Power Generation / Points of Reference 


Useful Electrical Power is Generated when Electrons from Earth and Air Groundings are 
disturbed by the movement of coils and magnets with reference to each other. The resulting 
electrical and magnetic energy is then changed to joules [watt-seconds: Volts x Amps x 
Seconds]. Each forward electron movement results in a magnetic impulse and each return 
movement causes an electrical impulse. The composite of the electrical energy impulses from 
these electrons yields useful energy [Power]. 


Let the above electron movement be represented by a room full of ping pong balls bouncing 
randomly. Most of the energy present cancels out by random impacts. This is the Classic 
Under-Unity approach to Electrical Power Generation, sanctioned by the Establishment. 





In contrast to that, in the Electrical Energy Generation System presented here, the resonant 
Electrons are all moving in the same direction at the same time. This allows Near-Unity 
Electrical Power to Develop. This is the room-temperature equivalent of Super conductivity. 


The Energy System presented here, consists of a properly-adjusted and functional resonant 
air-core coil tank. The magnetic energy is stored in the coil system and the Electrical Energy is 
stored in capacitors. From Maxwell and others, we know that electrical-related energy has an 
equal amount of magnetic energy associated with it. 


"The formula which establishes the Useful Energy of the System”: 


Joules = 0.5 x C x V squared x C.P.S. squared 
units: 
Joules (Volts x Amps x Seconds) Watt Seconds 


C = Capacitance in microfarads 
V = Potential in Volts 
C.P.S. = Cycles per second 


The transfer of Electrical Power by Resonant Induction is a direct function of the squaring of 
the cycles per second. For example, square 60 C.P.S. and then square the radio frequency 
C.P.S.s of the System here presented. Obviously, One Million Cycles per Second transfers 
more energy than Sixty Cycles per second. The Sanctioned Method of Electrical Power 
Generation uses the 60 C.P.S. Method. Using 60 C.P.S. and the random scattering of the 
Electrons System, assures the Establishment of it's desired Under-Unity Goal. 


This random bouncing of the Electrons is the Ohms of Ohm's Law and is used to establish the 
rate of dissipation and/or Load [Work]. 


In the Resonant Tank Induction Energy Transfer System presented here, Impedance [system 
resistance] replaces the conventional ohm's usage. At Resonance, impedance becomes zero 


and the full force and effect of the Energy Transfer occurs. This is superconducting conditions 
at room temperature. At radio frequency the Electrons do not pass through the conductor as 
they do at lower frequencies. Instead, these Electrons encircle the conductor and are free of 
the conductor's resistance. 


Let the Establishments Power Generation System be called 'A" and the System presented here 
be called "B". 


With "A": Given 60 C.P.S. at 120 Volts using a 10 microfarad Capacitor: 





Joules = [0.5 x 0.000010 x 120 squared] x C.P.S.s squared 


(120 x 120 = 14,400) 
[0.000010 x 14,400 = 0.144] 
[0.144 x 0.5 = .072] 

(0.072 x 3,600 = 259.2] 


Using the Inventor's Resonant Induction System, the Electrical Power available would then be 
259.2 Joules [Watt-Seconds]. Using the Establishment's method only permits less than 10 
Watt-Seconds of Useful Electrical Energy. 


"B". Given One Million Cycles per second at 100,000 Volts, using a 10 microfarad Capacitor. 
Joules = [0.5 x 0.000010 x 100,000 squared] x C.P.S.s squared 


(100,000 x 100,000 = 10,000,000,000) 

[0.000010 x 10,000,000,000 = 100,000] 

(100,000 x 0.5 = 50,000] 

(50,000 x One Million squared = 50,000,000,000,000,000) 


The useful Electrical Energy available is greater than 50 Mega Watts. Since the Resonant 
Electrons are non-impacting, all of the Energy is available for direct usage. 


Benefits of the Inventor's System 


1. Induction Energy transfer is enhanced by the squaring of the cycles per 
second produced by the System. 


2. Induction Energy transfer is enhanced by the squaring the input voltage 
and amperage. 


3. The increase of the flux lines occurring from the above, disturbing more 
electrons, causes more electrical energy to become available. 


4. Resonant Induction has all of the Electrons moving unimpeded, 
resulting in Superconductor conditions at room temperature. 


5. A smaller amount of energy is used to disturb a larger number of 
Electrons. Electrons not originally a part of the System then contribute 
their energy, resulting in a net gain in available usable power. 


6. The physical size of the System [Device] is small. The Device 
described in "B" sits comfortable on a breakfast table. 


7. A small energy source is used to start the device and that source 
remains fully charged at all times by the System. 


The Evidence Against Under Unity 


. Use of Logarithmic Scales on electrical measurement instruments. Linear measurement 
works fine where Ohm's Law applies (direct current). In alternating current, ohms are 
replaced by impedance and the measurements become non-linear. 


. Infinite "Q" at resonance confirms that voltage and amperage is squared, as in the kinetic 
energy formula. See the formulas of this report. 


. Square waves are clipped infinite "Q's. 


. Maxwell and others show that magnetic-inductance-amperage and electrical-capacitance- 
voltage are two sides of the same coin. Magnetic-inductance is directly equal to amperage. 
Both obey the Law of Squares, which has over-unity built in. 


. Magnetic and electrical flux are present in enormous amounts at the outer ends of an 
operating Tesla Coil. 


. Ignorance of how to measure and relate magnetic and electrical flux, is the chief weapon of 
the under-unity gaggle. 


. The Cumulative inductance and capacitance of the Tesla Coil grounds itself out, if not 
properly utilized. See this report for the temporary energy storage accessible, when 
properly managed. 


. The Patent Office refers devices related to over-unity to their metering group, which is a 
sure indication that they are aware and accept the logarithmic measuring devices. This is 
direct and absolute evidence that they accept the square law as it relates to kinetic energy. 
This also indicates they are aware that over-unity exists. Since their bureaucratic brain is 
improperly motivated they continue to badger inventors who are working in the over-unity 
arena. Their level of intellectual dishonesty is sanctioned by, and is a real part of doing 
business with, a government which prides itself in being a hooliganistic bureaucracy. 
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An Answer to America's Energy Deficit 
Donald L. Smith 


Energy Consultant 


Energy, energy everywhere and not a Joule to Jounce. Conventional wisdom, when properly tuned will 
appreciate the nature of energy, as here presented. The basic unit of electricity (the electron) upon 
encountering a moving magnetic field (or wave) spins, giving off an electric impulse. When this impulse 
collapses, it spins back to it's natural position, giving off a magnetic impulse. Therefore, magnetic and 
electric are two sides of the same coin. When the magnetic side is pulsed, it yields electricity and 
conversely, pulsing of the electrical side yields a magnetic field. Moving one in relation to the other 
produces useful energy. When done consecutively, each cycle pushes (current) forward, while pulling 
electrons into the system... in much the same way as a water pump moves water. These electrons are 
obtained from Earth and air grounding. 


The word "electric" comes from the Latin word electron "amber". When rubbed, amber develops an 
electrical charge, which can be transferred to a dissimilar substance. During the seventeenth and 
eighteenth centuries, a great deal of attention was centered on this attribute of amber. Amber was used 
to differentiate the non-metals. Carbon-related substances and other non-metals, when subjected to 
friction, give up negative electrical charges. On the other hand, metals when subjected to friction, 
simply conduct the charge. It is important to note that approximately 70% of the Earth's exposed 
crustal portions (surface) consist of silicone-related non-metals (electron donors) and become a direct 
source of electrical energy when properly agitated. 


Useful electrical energy can be obtained by grounding into the Earth's non-metal crust and into it's 
atmosphere as a natural source of electrons. These electrons have accumulated from the solar plasma 
during the aging of the Earth for more than 4.5 billion years, at a rate exceeding 3.9 exajoules per year 
This indicates that the Earth's electrical field contains in excess of 17.6 x 10*° of cumulative exajoules of 
energy. One exajoule is the approximate energy equivalent of 125 million barrels of oil. The electrical 
energy in one display of lightning is approximately ten trillion joules. During each 24 hour period, the 
land portions of Earth's surface yields in excess of 200,000 emissions, which involves more than 2,000 
quadrillion watts. 


C.F. Gauss (1777-1855) and H.C. Oersted (1777-1851) were each separately trying to define the 
Earth's electrical field with all external influences removed. These external influences being solar-quiet 
periods and being remote from the land's surface. The air electricity background which they measured 
varies with latitude. Their European measurements correspond to approximately the latitude of 
Washington. D C. They were measuring magnetic field flux as an indicator of negative electron energy 
active and present. A related family of measurement are now presented. Units of measurement used 
to define flux fields include Gauss (one unit = 100,000 volts), Oersted (one unit = 50,000 volts), Tesla 
(one unit = 10,000 Gauss) and Gamma (one unit = 1/10,000 of a Gauss). Much confusion exists in 
electrical related publications about these units. As presented here they are correct with values taken 
from their original definitions. 


The entire surface of the Earth has been surveyed by aerial magnetometer, in most cases using 
gamma or nano teslas. One gamma is the magnetic flux equivalent of 10 active volts of electricity. 
When the data is corrected for flight height it becomes obvious that there are numerous areas where 
the gamma readings exceed one trillion gammas. Lightning strikes from the ground up are in that 
energy range. With knowledge of these electron enriched areas, the quality of Earth grounding, 
becomes enhanced. The correction necessary for land surface data when acquired from aerial 
magnetometer maps (using Coulomb's law) requires that the remote distance be squared and then 
multiplied by the remote reading. As an example, if the remote reading is 1,600 gammas and the flight 
height being 1,000 feet. Take 1,000 x 1,000 = 1,000,000 x 1,600 gammas = 1.6 trillion gammas x 10 
volts = 16 trillion volts equivalent for land surface data. Present day methodology requires mechanical 
energy in exchange for electrical energy. Once obtained, this energy is subject to Ohm's Law. Present 
Methodology obtains it's electrical energy from it's non-metal and air groundings. 


This same energy can be obtained without the wasteful mechanical approach and at a much, much 
lower cost. Any required amount of electricity is available by resonant induction transfer from the 


Earth's magnetic and electrical fields. The major difference is in the functioning of Ohm's Law in 
relation to resonant circuits. In the resonant induction system suggested here, system resistance (Z) 
becomes zero at resonance. 


Therefore, Volts and Amperes are equal (V.A.R.) until work (load) is introduced. 


Each cycling of this resonant induction system pulls in additional electrons from the Earth's electrical 
field, generating electrical energy in any required amount. In this system, a small amount of electrical 
energy is used to activate and pull a much larger amount of energy into the system. 


This electrical advantage corresponds to the pulley and lever of the mechanical world. The electrical 
system presented here is extremely efficient. Using present methodology as a basis for comparison, 
with it's 60 cycles per second system. The resonant induction system, cycling at 60 million times per 
second produces one million times the energy which is produced by the present energy systems. A 
single small size unit of the resonant induction system has more usable electrical output than a major 
conventional unit. The radio frequency energy produced is easily changed to Direct Current, and then 
to the present 60 cycles per second system in preparation for commercial usage. 


The Patent Pending on this system is #08/100,074, "Electrical Energy Generating System", dated 
4 February, 1992. 


Definitions: One Joule is one watt for one second 
One Watt is one volt ampere 
V.A.R. is Volt Amperes Reactive 
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E.E.S. Il, BACKGROUND INFORMATION & CONCEPT 


With alternating electrical current, electrons do not move from point "A" to point "B" as commonly 
envisioned! Electrical potential (oscillating electrons) at point "A", results in harmonic electron activity 
at point "B", when the grounding switch (circuit) is closed. That is to say, point "B" supplies it's own 
electrons and mirrors the activity of point "A". Impulsing (turbulence) by magnetic induction causes 
electrons to be pulled into the system, which then oscillates. When the magnetic field collapses 
(becomes absent) the electrical potential returns to it's natural background level. 


Several major flaws are present in the conventional 60 cycles per second method of electrical power 
generation and it's iron core transformer system. This system is handcuffed by the inverse 
relationship of volts to amperes. This represents a stodgy, inflexible inheritance, courtesy of Mr. T.A. 
Edison and his concept of electrical power generation. 


Nikola Tesla stood, almost alone, against Edison and managed to prevail with his Alternating Current 
system. Without the alternating current system, electronic things in the modern sense would not exist. 


This report will be concerned with some of the extensions and benefits of the alternating current 
electrical system. This study will limit it's scope to air core coil transformers at radio frequency 
and upwards. The electrical power produced by this method is inverted to Direct Current and 
then to Alternating Current as required for popular usage. There are several important advantages 
of this system over conventional power generation. 


Start with two coils (Separate-apart), one being a reactor coil (L-1) and a second coil (L-2), being the 
reactant coil. Magnetic field fluxing (off-on of the electrical source) causes inductive reactance of L-1 
which replicates by induction in L-2. Pulsing of the magnetic field (from L-1) in the presence of L-2, 
generates electrical potential. For example, should the L-1 coil have ten turns, with an imposed AC. 
potential of 1,200 volts. This results in each turn of L-1 acquiring 120 volts of potential. This induced 
magnetic field, then replicates itself in each turn of the L-2 coil. The L-2 coil may have one or many 
hundreds of turns. Modern encapsulation techniques makes high frequency and high energy 
controllable. 


Let's take another important step in this air-core transformer process. For purpose of discussion, let the 
value of inductive reactance at 60 cycles per second, equal one. Each time the frequency is doubled, 
the effectiveness of induction is squared. At about 20,000 Hz, when radio frequency is achieved, 
the electrons begin spinning free, outside of the inductor and they become increasingly free of 
the inverse relationship of volt-amperes. From this point on, they replicate by the inductive process 
as V.A.R.. That is to say, volts and amperes are equal, until resistance (work) is introduced. 
Therefore, additional, not previously available electrons become incorporated for a very large 
net gain in potential. This gain is real ! 


The quality of the grounding system determines the effectiveness of this method of producing electricity. 
A handy reference to locate the negative grounding areas for power generation can be found in the 
Aeromagnetic Map Studies of the US Geological Survey. They provide an excellent method for locating 
the best sites for optimum negative grounding areas. 


When this method is combined with the induction coil system, already described, it provides an 
electrical power generating system millions of times more efficient than any known conventional 
method. 


This new system ("E.E.S. Il") is uncomplicated, physically small and it is inexpensive to build. The 
technology required for it's construction already exists. Maintenance is near zero, as there are no 
moving parts. Once operating, this system could last forever. 


Small mobile E.E.S. Il units are already available as replacements for the batteries used in electric 
automobiles. Larger E.E.S. Il units can be provided as a replacement source of power for hotels, office 
buildings, subdivisions, electric trains, manufacturing, heavy equipment, ships, and generally speaking, 
any present day application of electrical power. 


Earth Electrical System II, Modular Units 


The system consists of three separate modules. Reverse engineering is used in matching the modules 
to the desired usage. 


HIGH VOLTAGE INDUCTION TRANSFORMER MODULE: 

1. Preferably an off-the-shelf-unit similar to a TV flyback and/or automobile ignition type related coil 
(transformer). 

2. Ratio of input to output may be from less than 1:100 to greater than 1:1,000 A voltage tripler may 
then be used. 


3. A connection allowing the high voltage output to pass onward through the induction coil L-1 and then 
to it's grounding. 


AN AIR CORE INDUCTION COIL TRANSFORMER MODULE: 


1. There are two coils: the reactor coil L-1 and the reactant coil L-2. L-1 has a high voltage radio 
frequency capacitor between it and it's grounding. 


2. Input into the L-1 inductor is divided by the number of turns in it. The magnetic flux field provided 
from each turn of L-1 replicates itself as an electrical potential in each turn of L-2. 


3. L-2 may have one turn or many hundreds of turns. The net gain depends upon the number of turns 
in L-2. Output from L-2 is in V.A.R. With this type of output, volts and amperes are the same 
until work(resistivity) is introduced. 


THE INVERTER MODULE: 

1. Inverts to direct current (D C.) 

2. Inverts to alternating current (A C ), as desired. 

3. Provides customized output of electrical power ready for designated usage 
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DONALD L. SMITH 
ENERGY CONSULTANT 
8110 BENT OAK LANE 


SPRING. TEXAS 77379 


ELECTRICAL ENERGY REFERENCE POINTS 


Electrical Energy Generating System 
Patent Pending # 08/100.074. 2/4/92 


The word "electric" comes from the Latin word electron "amber". When rubbed, amber develops an 
electrical charge, which can be transferred to a dissimilar substance. During the seventeenth and 


eighteenth centuries, a great deal of attention was centered on this attribute of amber. Amber was used 





to differentiate the non-metals. Carbon-related substances and other non-metals, when subjected to 
friction, give up negative electrical charges. On the other hand, metals when subjected to friction, 
simply conduct the charge. It is important to note that approximately 70% of the Earth's exposed 
crustal portions (Surface) consist of silicone related non-metals (electron donors) and therefore 
becomes a direct source of electrical energy when properly agitated. 


Useful electrical energy is obtained by grounding into the Earth's non-metal crust and into it's 
atmosphere as a natural source of electrons. These electrons have accumulated from the solar plasma 
during the aging of the Earth for more than 4.5 billion years, at a rate exceeding 3.9 exajoules per year. 
This indicates that the Earth's electrical field contains in excess of 17.6 x 10*® power of cumulative 
exajoules of energy. One exajoule is the approximate energy equivalent of 125 million barrels of oil. 
The electrical energy in one display of lightning is approximately ten trillion joules. During each 24 hour 
period, the land portions of the Earth's surface yields in excess of 200,000 emissions, which involves 
more than 2,000 quadrillion watt-seconds of active energy on display. 


This physical phenomenon indicates that the Earth's crust is an unending source of electrical energy. 
The surface area involved is a very small portion of the Earth's crust. 


J.C. Maxwell (1891) suggested that an active electron field gives rise to an associated magnetic field. 
Therefore, both are present with pulsating current. Early studies, involving observation of compass 
needles by microscopy, revealed that the needle vibrates as with alternating current. More recent 
studies by A. Nishida and others, confirm that alternating current is common in the Earth's crust. 


C.F. Gauss (1777-1855) and H.C. Oersted (1777-1851), both were separately trying to define the 
Earth's electrical field with all external influences removed. These external influences being solar-quiet 
periods and being remote from the land's surface. The air electricity background which they measured 
varies with latitude. Their European measurements correspond to approximately the latitude of 
Washington, D.C. They were measuring magnetic field flux as an indicator of negative electron energy 
active and present. 


A related family of measurement is now presented. Units of measurement used to define flux fields 
include Gauss (one unit = 100,000 volts), Oersted (one unit - 50,000 volts), Tesla (one unit = 10,000 
Gauss) and Gamma (one unit = 1/10,000 th of a Gauss). Much confusion exists in electrical related 
publications about these units. As presented here, they are correct with values taken from their original 
definitions. 


The entire surface of the Earth has been surveyed by aerial magnetometer, in most cases using 
gamma or nano teslas. One gamma is the magnetic flux equivalent of 10 active volts of electricity. 
When this data is corrected for flight height, it becomes obvious that there are numerous areas where 
the gamma readings exceed one trillion gammas. Lightning strikes from the ground up are in that 
energy range. With knowledge of these electron enriched areas, the quality of Earth grounding, 
becomes enhanced. 


The correction necessary for land surface data when acquired from aerial magnetometer maps (using 
the inverse square law) requires that the remote distance be squared and then multiplied by the remote 
reading. For example, if the reading is 1,600 gammas and the flight height is 1,000 feet. Take 1,000 x 
1,000 = 1,000,000 x 1,600 gammas = 1.6 trillion gammas x 10 volts = 16 trillion volts equivalent for 
land surface data. 


Present day methodology requires mechanical energy to be expended in exchange for electrical 
energy. Any required amount of electricity is available by resonant induction transfer from the Earth's 
magnetic and electrical fields. Each cycling of this resonant induction system pulls in additional 
electrons, generating energy in any required amount. A small amount of electrical energy is used to 
activate and pull into the system a much larger amount of energy. 


ENERGY VERSUS MASS 


Steady State Unsteady State 
Static “Pre-Energy “ Kinetic "Energy 
Mass attracts Mass, Gravity Expanding, Magnetic Energy 
Dominates Dominates 
Electrons moving apart 


Pressure decreasing 
Cooling effect dominates 
Less scattering of Energy 
Negative resistance 


Contraction, Electrical Energy 
Dominates 
Electrons moving together 
Pressure increasing 
Heating effect dominates 
Scattering of Energy 
Positive resistance 


Functions of active Electrons 


Electrons become active when placed inside the critical distance allowed by their negativity. 


Active Electrons provide: 
1. Electricity 
2. Magnetics 
3. Gravitational thrust as in Electric Motors 
4. The source of Visible Light 
5. It's charge is Negative 


They move in a closed loop as seen in the Icon for infinity, not in a circle as shown in many books. One 
half of the loop consist of a magnetic impulse and the return half consist of the electrical impulse. This 
is seen as the classic sine wave of alternating electrical energy. 


A flash of light occurs when two electrons suddenly find they are too close together. Daylight results 
from the impingement of Electrons in the Earth's atmosphere with the Electrons of the Solar Plasma. 


My Concept of the Forces of Nature differs from the conventional. It consist of a weak and a strong 
force, each being additionally composed of electrical, magnetic and gravitational (fields and waves). 
Any two of the three constitute the third member; Gravity "B" of the weak force competes with humans 
on a daily basis. Gravity "A" of the strong force is the force that holds the Solar System and the 
Universe in place. Energy from the Electrons represent the weak force. Energy inside the Atom 
represents the strong force "A". Controlled resonant induction of any two of the three, changes into the 
third and is the motor that runs the Universe. We see this in the electrically-induced magnetic thrust 
against gravity in electric motors. 


Weak force is required to dislodge electrons and strong force (atomic) to dislodge protons. Unless 
dislodged, these particles are of little value in producing Conventional Electrical Energy. 


Therefore, in conventional electrical energy production, the particle of importance is the negative 
electron. Electrons have a "grudging" relationship with other electrons. They like each other, especially 
at arms length. Like potentials repel each other, and unlike potentials attract. To demonstrate this, take 
two batteries of the same type, but of a different charge level (unequal potentials). Put the plus and 


minus ends facing the same direction. Then with a volt meter, measure the electrical potential between 
the two negative ends and then the two positive ends. It is obvious that the "more negative" moves to 
the "less negative" is the correct concept for electrical energy generation. Electrical Energy flow consist 
of a higher concentration of electrons moving to an area of lesser concentration. 


OHM'S LAW WITH CORRECTIONS: 


A major obstruction in reference to the correct function of electrical energy is the establishment's 
incorrect interpretation of Ohm's Law. The corrected version is: 


Volts = Energy Available (Potential) 
Ohm = Scattering, dissipation of Energy (Load) 
Ampere = the rate of, dissipation / scattering of energy 


It is important to note that Ohm and Ampere are after the fact, and are not decisive except for the 
dissipation factor. High Voltage at low amperage simply means that the High Voltage is still intact for 
future usage. In no way is the potential diminished by low amperage. 


EXAMPLES OF OVERUNITY 


Dominos did not exist in England when the Laws of Conservation were originally put in place. 
Otherwise they might have been very different. For example, let us take a long row of upright dominos, 
(many thousands) and flip number one. The Energy required to flip the first domino must now be added 
with that of thousands more in order to have a correct assessment. 


The Electron itself is an excellent example of over-unity. The electron provides various forms of energy 
continuously throughout eternity and is in no way diminished. It simply cycles through the system and 
is available thereafter. 


In Electrical Systems, Electrons active at point "A" are not the same Electrons active at point "B". That 
is to say, the Electrons activated at the Central Electrical Energy Station are not the ones used at your 
house. When you ground your system by flipping the wall switch, you use your own electrons. In 
closed energy systems, electrons communicate with and replicate the activity of the overbalanced 
potential, when provided with Earth and or Air Groundings. 


The number of Radio sets and Television sets running at any one time do not diminish, in any way the 
electrical output of the source station. 


For example, let now use an Air Coil Resonant Induction System for the purpose of flipping some 
electrons. The flipping device (reactor coil L-1) is pulsed, which then provides a resonant induction 
pulse. In turn, this flips the electrons present at the (reactant L-2) Coil. The energy input in L-1 is 
divided by the number of turns present. The induced magnetic pulsing in turn flips the electrons in each 
turn of L-2. If more turns are present in L-2 than L-1, there is a net gain in the Energy present, as 
demonstrated by the dominos above. The farads and henrys of the resonant system provide the 
resonant frequency when pulsed by an external energy system. A system shunt in the resonant circuit 
sets the containment level for energy potential. 


The Induction Process itself provides an excellent example of over-unity. When comparing rate of 
induction, the cycles per second must be squared and then compared to the square of the second 
System. Let us then compare the 60 c.p.s. System with my 220 MHz Device. Energy produced at 
radio frequency has several major advantages over the conventional system. Ohm's Law does not 
apply to a resonant air-core radio frequency system. 


For example: When the system is resonant, the following is true: 


EXPECTED RESULTS 


Energy Potential as Volts 


i = Rate of Dissipation 
Dissipation 


ACTUAL RESULTS 
Superconductor Conditions take over 


Energy Potential as Volts Cees 
ef, = Rate of Dissipation) 
(Dissipation) 


* OHMS / DISSIPATION IN AIR-COIL RESONANT INDUCTION 
SYSTEMS: RESISTIVITY BECOMES ZERO AT RESONANCE 


This is named the V.A.R. ( Volt Amperes Reactive ) System. 


When compared to the Conventional Under-Unity iron-core transformer system, the results are over- 
unity. It is strange that mechanical advantage as in pulleys, gears, levers and others which correspond 
to the electrical advantage above mentioned, are not considered over-unity devices. 


Let us take a closer look at resonant induction. As an example, let a room full of ping pong balls 
randomly bouncing at a high speed represent the Conventional method of under-unity energy 
generation. Suppose that by resonant induction the balls all move in the same direction at the same 
time. When this occurs a huge amount of energy not previously available is present. The resonant air- 
core coil system lines up the electrons in such a manner that the energy factor is nearly 100 % , and not 
the 2% or 3% of Conventional under-unity devices sanction by the establishment. 


Some other devices where overunity is common would be resonant induction circuits present in 
conventional radio tubes (high plate voltage), negative-feedback systems found in Op-Amps and 
possibly others. 


SUMMARY 


Useful electrical energy is achieved when the electron density at point "A" becomes greater than at 
point "B", (being the more-negative moving to the less-negative concept). Coils moving through a 
magnetic field or vice versa causes this imbalance. 


The mindset of the professional Electrical Engineer is restricted to non-resonant and iron-core coil 
resonant systems. Ohm's Law, when applied to resonant air-core induction systems, becomes, system 
resistivity (impedance, Z). "Z" becomes zero at resonance. Therefore, in this system, volts and 
amperes are equal until load (resistivity) is introduced. This is called the Volt Ampere Reactive (V.A.R.) 
System. With impedance being zero, the System grounding is coupled directly into the Earth's 
immense electrical potential. Efficiency of induction relates to the square of the cycles per second. 
Compare the ratio of the conventional 60 c.p.s. System and the 220 million plus cycles of my Earth 
Electrical System Il. 


Electrons which cycle through this system, after being used, are returned intact to their former state for 
future usage. 


Electron spin causes electrical current and magnetic lines of force 
The effect of current, results from the unequal distribution of negativity (electrons). 


Magnetic imbalance causes the gravitational effect. This is evidenced in electric motors by magnet- 
gravitational displacement of mass which causes the motor to rotate. 


The System is an extension of present technology. 

The System and it's source utilizes magnetometer studies. 

This System (Earth Electrical System Il. "EES. II") utilizes a fully renewable energy source. 
This System utilizes a non-polluting energy source. 

This System utilizes an universally available energy source. 


Endorsement and Certification of The System can be anticipated by States with pollution problems. 


AIR CORE INDUCTION COIL BUILDERS GUIDE 
DONALD L. SMITH 


Energy Consultant 


1. Decide frequency. Considerations are: (economy of size) 
a. Use radio frequency upward (above 20,000 Hz). 


b. Use natural frequency (coils have both capacitance and inductance), that is match the wire 
length of the wire in the coil to the desired frequency. 


c. Wire length is either one quarter, one half or full wave length. 


d. To obtain the wire length (in feet) use the following: If using one quarter wave length divide 
247 by the desired frequency (megahertz range is desirable). If using one half wave length 
divide 494 by the desired frequency. If using full wave length divide 998 by the desired 
frequency. 


2. Decide number of turns, ratio of increase in number of turns sets the function. In the case of the L-1 
coil, each turn divides the input voltage by the number of turns. In the case of L-2 coil, the resulting 
voltage in each turn of L-1 is induced into each turn of L-2, adding up with each turn. For example if 
the input into L-1 from a high voltage, low amperage module is 2,400 volts, and L-1, for example, has 
10 turns, then each turn of L-1 will have 240 volts of magnetic induction which transfers 240 volts of 
electricity to each turn of L-2._ L-2 may be one turn or many turns, such as 100 to 500 or more turns. 
At 100 turns, 24,000 volts would be produced. At 500 turns, 120,000 volts would be produced. 


3. Decide the height and diameter of the coil system. The larger the diameter of the coil, the fewer 
turns are required, and the coil has a lesser height. In the case of L-2 this results in lowering the 
amplification of the induced voltage from L-1. 


4. For example, if 24.7 MHz is the desired frequency output from L-2. One quarter wave length would 
be 247 divided by 24.7 which equals 10 feet of wire. The number of turns will be the amplification 
factor. The coil may be wound on standard size P.V.C. or purchased from a supplier. The supplier 
is normally a ham radio supply source. Once the length is determined and the number of turns 
decided, move to the next step. For example, let each turn of L-1 have 24 volts and desired output 
of L-2 be 640 volts. Therefore L-2 needs 26.67 turns. It has been determined that the wire length 
for one quarter wave length is 10 feet. The number of inches in 10 feet is 120. Using Chart "A" 
supplied look for next higher number of turns showing (being between 20 and 30 turns with a 2" 
diameter coil). This tells us to use a 2" coil. If ready-made as in the case of Barker and Williamson, 
10 Canal Street, Bristol, Penna., 215-788-5581, the coils come in standard sizes of 4, 6 and 10 
turns per inch. For higher "Q" use wider spacing of the turns. These coils come in a ready-made 
length of 10 inches. Select from the coil 30 turns and put input clamps on the base of the coil and at 
30 turns. For exact determination of the correct position of the output clamp, use an externally 
grounded voltage probe. The node of maximum intensity, being the natural resonant point. Off the 
shelf multimeters are not radio frequency responsive. The easiest way to accomplish the above is 
to get from the hardware store or Radio Shack a voltage detector having a neon bulb system (Radio 
Shack Cat. No. 272-1100b, NE2-Neon Lamps) will work. With your hand as a ground, move the 
wire extension of the neon lamp along the coil surface until the neon is brightest. This is the desired 
point of resonance and it is the optimum connection point. 


5. The input power now needs consideration. A 2,400 High Voltage module has been previously 
selected. This module can be made from a diode bridge or any combination of voltage amplifiers. 
The one used here is an off-the-shelf type, similar to those used for laser technology. 


6. Construction of the input L-1 coil. It has already been decided that there will be 10 turns. The length 
of the wire here is not critical. Since the L-2 coil is 2-inches in diameter, the next off-the-shelf larger 
size may be used for L-1. Use a 3" diameter off-the-shelf coil which has 10 turns to the inch. 
Remove (cut) a 10 turn portion from the larger coil. Use an L.C.R. meter and measure the natural 
farads (capacitance) and henrys (inductance) values of the L-2 coil. Now do the same for the L-1 
coil. It will be necessary to put a capacitor across the voltage input of L-1 in order to match the L-1 
coil to the L-2 coil. A spark gap across L1 is also required to deal with the return voltage from L-1. 
A tuneable capacitor of the pad ("trimmer") type for L-1 is desirable. 


7. The performance of the L-2 coil can be further enhanced by having an Earth grounding from the base 
of the coil. The maximum voltage output will be between the base and the top of the L-2 coil. 
Lesser voltages can be obtained at intermediate points along the length of the L-2 coil. 


SUPPLY SOURCES 
1. HAM RADIO SUPPLY STORES 
2. COILS, AIR INDUCTOR IN HOUSTON 


3. BAKER AND WILLIAMSON (READY MADE), BRISTOL. PENNA. 
ALSO R.F. DUMMY LOADS AND WATTMETERS. 
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ELECTRICAL PRINCIPLES: TERMINOLOGY & SAFETY 


The use of electricity is so commonplace that most people assume that it will always be 
available on demand. To fully realize our dependence upon electricity, consider the ways in 
which electricity is being used each day in the home, on the farm and the ranch. Electricity 
is doing more to increase work efficiency and promote enjoyable living than any other single 
factor. The use of electricity has grown to the extent that an increasing portion of the home 
or business budget, is used in paying for this source of energy. 


1. Definition of Electricity 

Electricity can be defined in several ways. The layman defines electricity as a source of 
energy that can be converted to light, heat, or power. Electrical Engineers define electricity as 
a movement of electrons caused by electrical pressure or voltage. The amount of energy 
produced depends on the number of electrons in motion. 


2. The Manufacture and Distribution of Electricity 


Electricity is produced from generators that are run by water, steam, or internal combustion 
engines. If water is used as a source of power to turn generators, it is referred to as 
hydroelectric generation. There are a number of this type located in areas where huge dams 
have been built across large streams. 


Steam is used as a source of power for generating much of today's electricity. Water is heated 
to a high temperature, and the steam pressure is used to turn turbines which generate 
electricity. These are referred to as thermal-powered generators. Fuels used to heat the water 
are coal, natural gas, and/or fuel oil. 


Generators at the power plant generate from 13,800 to 22,000 volts of electricity. From the 
power plant, electricity is carried to a step-up sub-station which, through the use of 
transformers, increases the voltage from 69,000 to 750,000 volts. This increase in voltage is 
necessary for the efficient transmission of electricity over long distances. From the step-up 
sub-station, the electricity is carried on transmission lines to a step-down sub-station which 
reduces the voltage to 7,200 to 14,000 volts for distribution to rural and city areas. 
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Transformers at the business or residence reduce the voltage to 120 or 240 volts to supply the 
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3. Common Electrical Terms 


In order to work safely and efficiently with electricity and have the ability to converse on the 
subject, the following terms should be understood: 


Ampere (Amp) - A measurement in units of the rate of flow of electrical current. This 
may be compared with the rate of flow of water in gallons per minute. 


Example: A 60-watt incandescent lamp on a 120V circuit would pull 1/2 ampere of 
electricity (60 divided by 120 = 0.5 or 1/2, Formula: Amperes = Watts / Volts 


Volt (V) - A unit of measure of electrical pressure. A given electrical pressure (V) 
causes a given amount of electrical current (Amps) to flow through a load of given 
resistance. Voltage may be compared to water pressure in pounds per square inch in a 
water system. Common service voltages are 120 volts for lighting and small appliance 
circuits and 240 volts for heating, air conditioning, and large equipment circuits. 


Watt (W) - A unit of measure of electrical power. When applied to electrical 
equipment, it is the rate that electrical energy is transformed into some other form of 
energy such as light. Watts may be compared to the work done by water in washing a 
car. (Formula: Volts x Amps = Watts) 


Kilowatt (KW) - A unit of measurement used in computing the amount of electrical 
energy used. Kilowatts are determined by dividing the number of watts by 1000 as 1 
kilowatt = 1,000 watts. 


Kilowatt-Hour (KWH) - A measure of electricity in terms of power in kilowatts and 
time in hours. One KWH is 1000 watts used for one hour. 


Alternating Current (A.C.) - Electrical current that alternates or changes direction 
several times per second. The direction current moves depends on the direction in 
which the voltage forces it. 


Cycle - The flow of electricity in one direction, the reverse flow of electricity in the 
other direction, and the start of the flow back in the other direction. The cycles per 
second are regulated by the power supplier and are usually 60 in America. Most electric 
clocks are built to operate on the mains frequency. More or fewer cycles per second 
would cause mains-operated clocks to gain or lose time. The present practice is to use 
the term Hertz (Hz) rather than "cycles per second". 
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Direct Current (D.C.) - Electrical current flowing in one direction. Example: electrical 
circuits in automobiles and tractors. 


Transformer - A device used to increase or decrease voltage. 
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Single Phase - The most common type of electrical service or power available to 
consumers. One transformer is used between the distribution line and the meter. Usually 


three wires, two "hot" and one neutral, are installed to provide 120V and 240V single- 
phase service. Single-phase service may also be supplied with a three-phase service. 


Three-Phase - This type of service is designed especially for large electrical loads. It 
is a more expensive installation due to three wires and three transformers being 
required. The important advantage of three-phase power is that the total electrical load 
is divided among the three phases, consequently, the wire and transformers can be 
smaller. Other advantages exist in the design of three-phase motors. 


Short Circuit - A direct connection (before current flows through an appliance) 
between two "hot" wires, between a "hot" and neutral wire, or between a "hot" wire and 
ground. 


Voltage Drop - A reduction of current between the power supply and the load. Due to 
resistance, there will be a loss of voltage any time electricity flows through a conductor 
(wire). Factors that influence voltage drop are size of wire, length of wire, and the 
number of amps flowing. A drop in voltage may cause a loss of heat, light, or the full 
power output of a motor. It could cause motor burn-out unless the motor is properly 
protected (time-delay fuse). 


Fuse - A device used to protect circuits from an overload of current. 


Circuit Breaker - A device used to protect circuits from an overload of current. May 
be manually reset. 


Time-Delay Fuse - A fuse with the ability to carry an overload of current for a short 
duration without disengaging the contacts or melting the fuse link. 


Horsepower (hp) - A unit of mechanical power equal to 746 watts of electrical power 
(assuming 74.6% electric motor efficiency). Motors of one horsepower and 
above are rated at 1000 watts per hp while motors below one horsepower are 
rated at 1,200 watts per hp. 


Conductor - The wire used to carry electricity (typically, copper or aluminum). Copper 
and aluminum should not be spliced together due to their incompatibility 
resulting in deterioration and oxidation. 


Insulator - A material which will not conduct electricity and is usually made of glass, 
Bakelite, porcelain, rubber, or thermo-plastic. 


"Hot" Wire - A current-carrying conductor under electrical pressure and connected to a 
fuse or circuit breaker at the distribution panel. (Color Code: usually black or 
red) 


Neutral Wire - A current-carrying conductor not under electrical pressure and 
connected to the neutral bar at the distribution panel. (Color Code: usually 
white) 


Grounding - The connection of the neutral part of the electrical system to the earth to 
reduce the possibility of damage from lightning and the connection of electrical 
equipment housings to the earth to minimize the danger from electrical shock. 
(Color Code: Can be green or bare wire). 


Underwriters' Laboratory (U.L.) - An American national organization which tests all 
types of wiring materials and electrical devices to insure that they meet 
minimum standards for safety and quality. 


National Electric Code (N.E.C.) - Regulations approved by the National Board of Fire 
Underwriters primarily for safety in electrical wiring installations. All wiring 
should meet the requirements of the national as well as the local code. 


4. Computing Electrical Energy Use and Cost 


If an estimate of cost for electricity used is desired, the name plate data on appliances and 
equipment and an estimate of operating time may be used. The following formulas should be 
used for determining watts, amps, volts, watt-hours, kilowatt-hours, and cost. 


Watts = Volts x Amperes 

Amperes = Watts / Volts 

Volts = Watts / Amperes 

Watt-Hours = Watts x Hours of operation 

Kilowatt-Hours = Watt-Hours / 1000 

Cost = Kilowatt-Hours x Local Rate per Kilowatt-Hour (or per "Unit") 


Example: 


Local electricity rate per Kilowatt-Hour: 8 cents 
Equipment plate data: 120 Volts 5 Amps 
Monthly hours of operation: 10 


1. Watts = Volts x Amperes, so Watts = 120 x 5 = 600 watts 

2. Watt-Hours = 600 x 10 = 6,000 watt-hours 

3. Kilowatt-Hours = 5,000 / 1,000 = 6 kilowatt-hours (or 6 Units) 
4. Cost = 6 x 8 = 48 cents 


5. Electrical Circuits 


An Electrical Circuit is a completed path through which electricity flows. Insulated 
conductors (wires) provide the path for the flow of electricity. A water system and an 
electrical circuit are similar in many respects. Water flows through pipes and is measured in 
gallons per minute, and electricity flows through conductors and is measured in amperes. A 
simple circuit is shown here: 
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A circuit includes a "hot" wire (red or black) carrying current from the source through a 
switch, circuit protector (fuse or circuit-breaker), and an appliance. The neutral wire (white) 
conducts the current from the appliance to the source (ground). 

There arc two methods for connecting devices in a circuit - "in series" or "in parallel". Ina 
series circuit, all of the current must flow through each device in the circuit. Removing any 
one of the devices in a series circuit will stop the flow of current. In parallel circuits, the load 
(lights or appliances) are connected between the two wires of the circuit providing an 
independent path for the flow of current, and removing a lamp has no effect on the other lamps 
in the circuit. 


Switches, fuses, and circuit breakers are always connected in series. In most cases, except for 
some Christmas tree lights, appliances and lights are connected in parallel. 


SERIES CIRCUIT PARALLEL CIRCUIT 
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6. 120 Volt and 240 Volt Circuits 

The 120V circuit has one "hot" and one neutral wire, with the switch and circuit protector in 
the hot line. The neutral wire from the appliance is connected to the neutral bar in the fuse or 
breaker box. For safety, the neutral wire should never be broken or interrupted with a switch 
or fuse. 


120 VOLT CIRCUIT 







hot wire 






neutral wire 


FUSE BOX 


The voltage in a 120V circuit is measured with a voltmeter with one lead on the hot terminal 
and the other lead on the neutral bar. The number of amperes flowing may be measured with a 
clamp-on ammeter by encircling the hot or neutral wire with the jaws of the ammeter. 


AMMETER VOLTMETER WATTMETER 





The 240V circuit has two hot wires and one safety-ground wire. Switches and fuses are 
installed in the hot lines. The two hot wires arc necessary for the operation of 240V welders 
and motors. The safety-ground wire, connected to the metal frame of the equipment or motor 
and to the neutral bar, does not carry current unless a "short" develops in the motor or welder. 
If a short should occur, one of the circuit protectors will burn-out or open, thus opening the 
circuit. 


240 VOLT CIRCUIT 
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The voltage on a 240V circuit is measured by fastening a lead on the voltmeter to each of the 
hot wires. Voltage between either hot terminal and the neutral bar will be one-half of the 
voltage between the two hot wires. The number of amperes flowing can be measured by 
clamping an ammeter around either of the hot wires. 


7. Safety Grounding of Electrical Equipment 


Refer back, to the 240V circuit and note the ground wire from the metal frame to the neutral 
bar. The following illustration shows proper safety grounding when operating a drill in a 
120V circuit. The safety-ground wire may be bare, but a three-wire cable is recommended. 
Safety-ground wire in three-wire cable is usually green in color. A current-carrying neutral 
wire should never be used for a safety-ground. Likewise, a safety-ground wire should never be 
used as a current-carrying hot or neutral wire. 
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lt short occurs, fuse will blow and open the circuit. 


Using grounded receptacles and a safety-ground on all circuits will allow the safety-grounding 
of appliances when they are plugged into the outlet. An adapter must be used to properly 
ground appliances connected to receptacles which are not safety-grounded. If an adapter is 
used, the green pigtail wire must be connected to a known ground to give protection from 
electrical shock should a short-circuit occur. 


GROUND PLUG AND ADAPTER 


_- ground wire 
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A test lamp can be used to check a circuit completed between a "hot" wire and a neutral wire. 
Use the test lamp to check appliances for shorts. With the appliance plugged into an outlet, 
touch the appliance frame with one lead of the test lamp while the other lead of the test lamp is 
grounded to a water or gas pipe. If the test light does not burn, reverse the appliance plug and 
check with the test lamp again. If the light burns, a short exists (the hot wire is touching the 
frame of the appliance). Unplug the appliance and repair or discard it. 


8. Electrical Circuit Protection 


Electrical circuits should be protected from an overload of amperes. Too many amperes 
flowing through an unprotected circuit will generate heat, which will deteriorate or melt the 
insulation and possibly cause a fire. The number of amperes that a given conductor can safely 
carry, depends upon the kind and size of wire, type of insulation, length of run in feet, and the 
type of installation. Charts are available in reference texts giving allowable current-carrying 
capabilities of various conductors. 


The four types of circuit protection are: common fuses, fusetrons (time-delay), fustats (two- 
part time-delay), and circuit-breakers. Fuses are of two basic types: plug, and cartridge. 


Common fuses contain a link made from a low-temperature melting alloy which is designed to 
carry current up to the rating of the fuse. Current higher than the amperage rating causes the 
link to heat above it's melting point. When the fuse "blows", the link melts and opens the 
circuit. 


PLUG TYPE FUSE CARTRIDGE TYPE FUSE 
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Fusetrons (time-delay fuses) are made to carry a temporary overload, such as the overload 
caused by the starting of an electric motor. The fuse, however, still provides protection for the 
circuit, and a short-circuit will melt the fuse link. If a common fuse is used, the fuse link will 
melt every time an electric motor starts. The use of a larger ampere common fuse will prevent 
the "blow" resulting from the temporary overload, but will not provide protection for the motor 
or the circuit. 


OPERATING PRINCIPLE OF 
DELAYED ACTION FUSE 











TIME DELAY CONTINUED OVERLOAD SHORT-CIRCUIT 


Fustats, non-tamperable fuses of the time-delay type, have a different size base and require a 
special adapter which is screwed into the standard fuse socket. After the adapter is installed, it 
cannot be removed. For example, the installation of a 15-ampere adapter allows only the use 
of 15-ampere or smaller fuse. 


FUSTATS 





ADAPTER 


Circuit breakers eliminate the replacement of fuses and are commonly used even though a 
circuit breaker box costs more than a fuse box. Circuit breakers are of two types, thermal and 
magnetic. The thermal breaker has two contacts held together by a bi-metal latch. A current 
overload causes the bi-metallic strip to become heated, the latch releases, and the points spring 
open. After the bi-metallic strip cools, the switch is reset and service is restored. 


CIRCUIT BREAKER OPERATION 
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The magnetic breaker has contacts that are held together by a latch which is released by the 
action of an electromagnet. The amount of current flowing through the circuit will determine 
the size of the electromagnet. This type of circuit-breaker is reset by moving the toggle switch 
to the "on" position. 


The following diagram shows the parts of a circuit breaker. 
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9. No Fault Grounding 


Fuses and circuit-breakers are safety devices which limit current (amperage) in 
a circuit. Their main function is to protect equipment and wiring from 
overload. Ground fault circuit interrupters (GFI) are designed to protect 
humans, equipment, and/or electrical systems from injury or damage if 
electricity flows in an unintended path (a short-circuit). 


A GFI is a very sensitive device that functions by comparing the current moving 
in the "hot" wire with that in the neutral wire. If these two currents are not 
equal, a fault exists, and current is "leaking" out of the circuit. If the 
difference in current between the two wires is 5/1000 of an ampere or greater, 


the GFI will open the circuit, shutting off the power and eliminating any shock 
hazard. 


The National Electrical Code requires GFI's for all 120V, single phase, 15 and 
20 amp receptacles installed outdoors, in bathrooms, and in garages for 
residential buildings. A GFI is required at construction sites and some other 
applications. After correcting a circuit fault, the GFI may be reset for further 
use. 


A variety of GFI equipment is made for 120 and 240 volt circuits: 
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REFERENCES: 


COOPER, ELMER Lists AGRICULTURAL MECHANICS: FUNDAMENTALS AND APPLICATIONS. DELMAR 
PUBLISHERS INC., ALBANY, NEW YORK 


ELECTRICAL WIRING - RESIDENTIAL, UTILITY BUILDINGS, SERVICE AREAS, AAVIM, ATHENS, GEORGIA. 


Note: This electrical information does not apply directly to areas outside America and 
local regulations for electrical supply should be checked. 


The following material is the section originally in Chapter 3 of "The Practical Guide to Free-Energy Devices" which 
deals with Don Smith's technology: 
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Don Smith. One of most impressive developers of free-energy devices is Don Smith who has produced many 
spectacular devices, generally with major power output. These are a result of his in-depth knowledge and 
understanding of the way that the environment works. Don says that his understanding comes from the work of 
Nikola Tesla as recorded in Thomas C. Martin's book "The Inventions, Researches, and Writings of Nikola Tesla" 
ISBN 0-7873-0582-0 available from http://www.healthresearchbooks.com and various other book companies. 
This book can be downloaded from http://www.free-energy-info.com as a pdf file, but a paper copy is much better 
quality and easier to work from. 


Don states that he repeated each of the experiments found in the book and that gave him his understanding of 
what he prefers to describe as the 'ambient background energy’ which is called the ‘zero-point energy field’ 
elsewhere in this eBook. Don remarks that he has now advanced further than Tesla in this field, partly because of 
the devices now available to him and which were not available when Tesla was alive. 


Don stresses two key points. Firstly, a dipole can cause a disturbance in the magnetic component of the ‘ambient 
background’ and that imbalance allows you to collect large amounts of electrical power, using capacitors and 
inductors (coils). Secondly, you can pick up as many powerful electrical outputs as you want from that one 
magnetic disturbance, without depleting the magnetic disturbance in any way. This allows massively more power 
output than the small power needed to create the magnetic disturbance in the first place. This is what produces a 
COP?>1 device and Don has created nearly fifty different devices based on that understanding. 


Although they get removed quite frequently, there is one video which is definitely worth watching if it is still there. 
It is located at http://www.metacafe.com/watch/2820531/don smith free energy/ and was recorded in 2006. It 
covers a good deal of what Don has done. In the video, reference is made to Don's website but you will find that it 
has been taken over by Big Oil who have filled it with innocuous similar-sounding things of no consequence, 
apparently intended to confuse newcomers. A website which | understand is run by Don's son is 
http:/www.28an.com/altenergypro/index.htm and it has brief details of his prototypes and theory. You will find the 
only document of his which | could locate, here http://www.free-energy-info.com/Smith.pdf in pdf form and it 
contains the following patent on a most interesting device which appears to have no particular limit on the output 
power. This is a slightly re-worded copy of that patent as patents are generally worded in such a way as to make 
them difficult to understand. 


Patent NL 02000035 A 20th May 2004 Inventor: Donald Lee Smith 


TRANSFORMER GENERATOR MAGNETIC RESONANCE INTO ELECTRIC ENERGY 


ABSTRACT 


The present invention refers to an Electromagnetic Dipole Device and Method, where wasted radiated energy is 
transformed into useful energy. A Dipole as seen in Antenna Systems is adapted for use with capacitor plates in 
such a way that the Heaviside Current Component becomes a useful source of electrical energy. 


DESCRIPTION 


Technical Field: 


This invention relates to loaded Dipole Antenna Systems and their Electromagnetic radiation. When used as a 
transformer with an appropriate energy collector system, it becomes a transformer/generator. The invention 
collects and converts energy which is radiated and wasted by conventional devices. 


Background Art: 


A search of the International Patent Database for closely related methods did not reveal any prior art with an 
interest in conserving radiated and wasted magnetic waves as useful energy. 


DISCLOSURE OF THE INVENTION 


The invention is a new and useful departure from transformer generator construction, such that radiated and 
wasted magnetic energy changes into useful electrical energy. Gauss meters show that much energy from 
conventional electromagnetic devices is radiated into the ambient background and wasted. In the case of 
conventional transformer generators, a radical change in the physical construction allows better access to the 
energy available. It is found that creating a dipole and inserting capacitor plates at right angles to the current flow, 
allows magnetic waves to change back into useful electrical (coulombs) energy. Magnetic waves passing through 
the capacitor plates do not degrade and the full impact of the available energy is accessed. One, or as many sets 
of capacitor plates as is desired, may be used. Each set makes an exact copy of the full force and effect of the 
energy present in the magnetic waves. The originating source is not depleted of degraded as is common in 
conventional transformers. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The Dipole at right angles, allows the magnetic flux surrounding it to intercept the capacitor plate, or plates, at 
right angles. The electrons present are spun such that the electrical component of each electron is collected by 
the capacitor plates. Essential parts are the South and North component of an active Dipole. Examples 
presented here exist as fully functional prototypes and were engineer constructed and fully tested in use by the 
Inventor. In each of the three examples shown in the drawings, corresponding parts are used. 





Fig.1 is a View of the Method, where N is the North and S is the South component of the Dipole. 


Here, 1 marks the Dipole with its North and South components. 2 is a resonant high-voltage induction coil. 3 
indicates the position of the electromagnetic wave emission from the Dipole. 4 indicates the position and flow 
direction of the corresponding Heaviside current component of the energy flow caused by the induction coil 2. 5 is 
the dielectric separator for the capacitor plates 7. 6 for the purposes of this drawing, indicates a virtual limit for the 
scope of the electromagnetic wave energy. 


A 





Fig.2 has two parts A and B. 


In Fig.2A 1 is the hole in the capacitor plates through which the Dipole is inserted and in Fig.2B it is the Dipole 
with its North and South poles shown. 2 is the resonant high-voltage induction coil surrounding part of the Dipole 
1. The dielectric separator 5, is a thin sheet of plastic placed between the two capacitor plates 7, the upper plate 
being made of aluminium and the lower plate made of copper. Unit 8 is a deep-cycle battery system powering a 
DC inverter 9 which produces 120 volts at 60 Hz (the US mains supply voltage and frequency, obviously, a 240 
volt 50 Hz inverter could be used here just as easily) which is used to power whatever equipment is to be driven 
by the device. The reference number 10 just indicates connecting wires. Unit 11 is a high-voltage generating 
device such as a neon transformer with its oscillating power supply. 





Fig.3 is a Proof Of Principal Device using a Plasma Tube as an active Dipole. In this drawing, 5 is the plastic 
sheet dielectric separator of the two plates 7 of the capacitor, the upper plate being aluminium and the lower plate 
copper. The connecting wires are marked 10 and the plasma tube is designated 15. The plasma tube is four feet 
long (1.22 m) and six inches (100 mm) in diameter. The high-voltage energy source for the active plasma dipole 
is marked 16 and there is a connector box 17 shown as that is a convenient method of connecting to the capacitor 
plates when running tests on the device. 





Fig.4 shows a Manufacturer's Prototype, constructed and fully tested. 1 is a metal Dipole rod and 2 the resonant 
high-voltage induction coil, connected through wires 10 to connector block 17 which facilitates the connection of 
it's high-voltage power supply. Clamps 18 hold the upper edge of the capacitor packet in place and 19 is the base 
plate with it's supporting brackets which hold the whole device in place. 20 is a housing which contains the 
capacitor plates and 21 is the point at which the power output from the capacitor plates is drawn off and fed to the 
DC inverter. 


BEST METHOD OF CARRYING OUT THE INVENTION 

The invention is applicable to any and all electrical energy requirements. The small size and it's high efficiency 
make it an attractive option, especially for remote areas, homes, office buildings, factories, shopping centres, 
public places, transportation, water systems, electric trains, boats, ships and ‘all things great and small’. The 
construction materials are commonly available and only moderate skill levels are needed to make the device. 


CLAIMS 


1. Radiated magnetic flux from the Dipole, when intercepted by capacitor plates at right angles, changes into 
useful electrical energy. 


2. A Device and Method for converting for use, normally wasted electromagnetic energy. 


3. The Dipole of the Invention is any resonating substance such as Metal Rods, Coils and Plasma Tubes which 
have interacting Positive and Negative components. 


4. The resulting Heaviside current component is changed to useful electrical energy. 


KRKKKRKKKKKREREKE 


This patent does not make it clear that the device needs to be tuned and that the tuning is related to its physical 
location. The tuning will be accomplished by applying a variable-frequency input signal to the neon transformer 
and adjusting that input frequency to give the maximum output. 


Don Smith has produced some forty eight different devices, and because he understands that the real power in 
the universe is magnetic and not electric, these devices have performances which appear staggering to people 
trained to think that electrical power is the only source of power. One device which | understand is commercially 
produced in Russia, is shown here: 





This is a small table-top device which looks like it is an experiment by a beginner, and something which would be 
wholly ineffective. Nothing could be further from the truth. Each of the eight coils pairs (one each side of the 
rotating disc) produces 1,000 volts at 50 amps (fifty kilowatts) of output power, giving a total power output of 400 
kilowatts. It's overall size is 16" x 14.5" x 10" (400 x 370 x 255 mm). _ In spite of the extremely high power output, 
the general construction is very simple: 
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The device operates on a fluctuating magnetic field which is produced by a small low-power DC motor spinning a 
plastic disc. In the prototype shown above, the disc is an old vinyl record which has had holes cut in it. Between 
the holes is an area which was covered with glue and then sprinkled with powdered neodymium magnet material. 
It takes very little power to spin the disc, but it acts in a way which is very much like the Ecklin-Brown generator, 
repeatedly disrupting the magnetic field. The magnetic field is created by a neodymium magnet in each of the 
sixteen plastic pipes. It is important that the change in the magnetic flux between the matching magnets on each 
side of the disc is as large as possible. The ideal rotor material for this is "Terfenol-D" (tungsten zirconate) with 
slots cut in it but it is so expensive that materials like stainless steel are likely to be used instead. Please 
understand that all of Don's designs rely on resonant operation and so the coil impedance has to be matched to 
the pulse frequency used to drive the coil. 


For Don Smith, this is not an exceptional device. The one shown below is also physically quite small and yet it 
has an output of 160 kilowatts (8000 volts at 20 amps) from an input of 12 volts 1 amp (COP = 13,333): 





Again, this is a device which can be placed on top of a table and is not a complicated form of construction, having 
a very open and simplistic layout. However, some components are not mounted on this board. The twelve volt 
battery and connecting leads are not shown, nor is the ground connection, the step-down isolation transformer 
and the varistor used to protect the load from over-voltage by absorbing any random voltage spikes which might 
occur, but more of these things later on when a much more detailed description of this device is given. Again, 
please understand that Don does not reveal all of the details of any of his designs, and he deliberately omits to 
mention various important details, leaving us to deduce what is missing from our own understanding of how these 
devices work. 


The device shown above is a typical example of this with various subtle points glossed over in spite of this being 
one device which Don says that we should be able to reproduce ourselves. Let me state here that reproducing 
this seemingly simple design of Don's is not an easy thing to do and it is not something which can be thrown 
together by a beginner using whatever components happen to be at hand at the time. Having said that, with 
careful study and commonsense application of some obvious facts, it should be possible to make one of these 
devices. 


Another of Don's devices is shown here: 





This is a larger device which uses a plasma tube four feet (1.22 m) long and 6 inches (100 mm) in diameter. The 
output is a massive 100 kilowatts. This is the design shown as one of the options in Don's patent. Being an 
Electrical Engineer, none of Don's prototypes are in the "toy" category. If nothing else is taken from Don's work, 
we should realise that high power outputs can be had from very simple devices. 


There is one other brief document "Resonate Electrical Power System" from Don Smith which says: 


Potential Energy is everywhere at all times, becoming useful when converted into a more practical form. There is 
no energy shortage, only grey matter. This energy potential is observed indirectly through the manifestation of 
electromagnetic phenomenon, when intercepted and converted, becomes useful. In nonlinear systems, 
interaction of magnetic waves amplify (conjugate) energy, providing greater output than input. In simple form, in 
the piano where three strings are struck by the hammer, the centre one is impacted and resonance activates the 
side strings. Resonance between the three strings provides a sound level greater than the input energy. Sound 
is part of the electromagnetic spectrum and is subject to all that is applicable to it. 


"Useful Energy" is defined as "that which is other than Ambient". "Electric Potential" relates to mass and it's 
acceleration. Therefore, the Earth's Mass and Speed through space, gives it an enormous electrical potential. 
Humans are like the bird sitting unaware on a high voltage line. in nature, turbulence upsets ambient and we see 
electrical displays. Tampering with ambient, allows humans to convert magnetic waves into useful electricity. 


Putting this in focus, requires a look at the Earth in general. During each of the 1,440 minutes of each day, more 
than 4,000 displays of lightning occur. Each display yields more than 10,000,000 volts at more than 200,000 
amperes in equivalent electromagnetic flux. This is more than 57,600,000,000,000 volts and 1,152,000,000,000 
amperes of electromagnetic flux during each 24 hour period. This has been going on for more than 4 billion years. 
The USPTO insist that the Earth's electrical field is insignificant and useless, and that converting this energy 
violates the laws of nature. At the same time, they issue patents in which, electromagnetic flux coming in from the 
Sun is converted by solar cells into DC energy. Aeromagnetic flux (in gammas) Maps World-Wide, includes those 
provided by the US Department of Interior-Geological Survey, and these show clearly that there is present, a 
spread of 1,900 gamma above Ambient, from reading instruments flown 1,000 feet above the (surface) source. 
Coulomb's Law requires the squaring of the distance of the remote reading, multiplied by the recorded reading. 
Therefore, that reading of 1,900 gamma has a corrected value of 1,900 x 1,000 x 1,000 = 1,900,000,000 gamma. 


There is a tendency to confuse "gamma ray" with "gamma". "Gamma" is ordinary, everyday magnetic flux, while 
“gamma ray” is high-impact energy and not flux. One gamma of magnetic flux is equal to that of 100 volts RMS. 
To see this, take a Plasma Globe emitting 40,000 volts. When properly used, a gamma meter placed nearby, will 
read 400 gammas. The 1,900,000,000 gamma just mentioned, is the magnetic ambient equivalent of 


190,000,000 volts of electricity. This is on a "Solar Quiet" day. On "Solar Active" days it may exceed five times 
that amount. The Establishment's idea that the Earth's electrical field is insignificant, goes the way of their other 
great ideas. 


There are two kinds of electricity: "potential" and "useful". All electricity is "potential" until it is converted. The 
resonant-fluxing of electrons, activates the electrical potential which is present everywhere. The Intensity/CPS of 
the resonant-frequency-flux rate, sets the available energy. This must then be converted into the required 
physical dimensions of the equipment being used. For example, energy arriving from the Sun is magnetic flux, 
which solar cells convert to DC electricity, which is then converted further to suit the equipment being powered by 
it. Only the magnetic flux moves from point "A" (the Sun) to point "B" (the Earth). All electrical power systems 
work in exactly the same way. Movement of Coils and Magnets at point "A" (the generator) fluxes electrons, 
which in turn, excite electrons at point "B" (your house). None of the electrons at point "A" are ever 
transmitted to point "B". In both cases, the electrons remain forever intact and available for further fluxing. This 
is not allowed by Newtonian Physics (electrodynamics and the laws of conservation). Clearly, these laws are all 
screwed up and inadequate. 


In modern physics, USPTO style, all of the above cannot exist because it opens a door to overunity. The good 
news is that the PTO has already issued hundreds of Patents related to Light Amplification, all of which are 
overunity. The Dynode used to adjust the self-powered shutter in your camera, receives magnetic flux from light 
which dislodges electrons from the cathode, reflecting electrons through the dynode bridge to the anode, resulting 
in billions of more electrons out than in. There are currently, 297 direct patents issued for this system, and 
thousands of peripheral patents, all of which support overunity. More than a thousand other Patents which have 
been issued, can be seen by the discerning eye to be overunity devices. What does this indicate about 
Intellectual Honesty? 


Any coil system, when fluxed, causes electrons to spin and produce useful energy, once it is converted to the style 
required by its use. Now that we have described the method which is required, let us now see how this concerns 
us. 


The entire System already exists and all that we need to do is to hook it up in a way which is useful to our required 
manner of use. Let us examine this backwards and start with a conventional output transformer. Consider one 
which has the required voltage and current handling characteristics and which acts as an isolation transformer. 
Only the magnetic flux passes from the input winding to the output winding. No electrons pass through from the 
input side to the output side. Therefore, we only need to flux the output side of the transformer to have an 
electrical output. Bad design by the establishment, allowing hysteresis of the metal plates, limits the load which 
can be driven. Up to this point, only potential is a consideration. Heat (which is energy loss) limits the output 
amperage. Correctly designed composite cores run cool, not hot. 


A power correction factor system, being a capacitor bank, maintains an even flow of flux. These same capacitors, 
when used with a coil system (a transformer) become a frequency-timing system. Therefore, the inductance of 
the input side of the transformer, when combined with the capacitor bank, provides the required fluxing to produce 
the required electrical energy (cycles per second). 


With the downstream system in place, all that is needed now is a potential system. Any flux system will be 
suitable. Any amplification over-unity output type is desirable. The input system is point "A" and the output 
system is point "B". Any input system where a lesser amount of electrons disturbs a greater amount of electrons - 
producing an output which is greater than the input - is desirable. 


At this point, it is necessary to present updated information about electrons and the laws of physics. A large part 
of this, originates from me (Don Smith) and so is likely to upset people who are rigidly set in the thought patterns 
of conventional science. 


Non - lonic Electrons 


As a source of electrical energy, non-ionic electrons doublets exist in immense quantities throughout the universe. 
Their origin is from the emanation of Solar Plasma. When ambient electrons are disturbed by being spun or 
pushed apart, they yield both magnetic and electrical energy. The rate of disturbance (cycling) determines the 
energy level achieved. Practical methods of disturbing them include, moving coils past magnets or vice versa. A 
better way is the pulsing (resonant induction) with magnetic fields and waves near coils. 


In coil systems, magnetic and amperage are one package. This suggests that electrons in their natural non-ionic 
state, exist as doublets. When pushed apart by agitation, one spins right (yielding Volts-potential electricity) and 
the other spins left (yielding Amperage-magnetic energy), one being more negative than the other. This further 
suggests that when they reunite, we have (Volts x Amps = Watts) useful electrical energy. Until now, this idea has 
been totally absent from the knowledge base. The previous definition of Amperage is therefore flawed. 


Electron Related Energy 


Energy Available Method of Storage Common Unit Units of Measure 
Electrical Capacitor/Coulombs Volts Flux Units 
Spin / Gravity Momentum Torque Ergs 
Magnetic Coils/Amp.turns Amperes- Flux Units 
Teslas, Gauss, 


Electrons Gammas, Oesteds 
Light Laser Lux , Photons/Gamma Rays 
Impact / resistance 
Heat Various Fahrenheit/Celsius Temp 


Left hand spin of electrons results in Electrical Energy and right hand spin results in Magnetic Energy. Impacted 
electrons emit visible Light and heat. 


Useful Circuits, Suggestions for Building an Operational Unit 





1. Substitute a Plasma Globe such as Radio Shack's "Illumna-Storm" for the source-resonant induction system. It 
will have about 400 milligauss of magnetic induction. One milligauss is equal to 100 volts worth of magnetic 
induction. 


2. Construct a coil using a 5-inch to 7-inch (125 to 180 mm) diameter piece of PVC for the coil former. 


3. Get about 30 feet (10 m) of Jumbo-Speaker Cable and separate the two strands. This can be done by sticking 
a carpet knife into a piece of cardboard or wood, and then pulling the cable carefully past the blade to 
separate the two insulated cores from each other. (PJK Note: "Jumbo-Speaker Cable" is a vague term as that 
cable comes in many varieties, with anything from a few, to over 500 strands in each core. As Don points out 
that the output power increases with each turn of wire, it is distinctly possible that each of these strands acts 
the same as individual insulated turns which have been connected in parallel, so a 500-strand cable may well 
be far more effective than a cable with just a few strands). 


4. Wind the coil with 10 to 15 turns of wire and leave about 3 feet (1 m) of cable spare at each end of the coil. Use 
a glue gun to hold the start and finish of the coil. 


5. This will become the "L - 2" coil shown in the Circuits page. 
6. When sitting on top of the Plasma Globe (like a crown) you have a first-class resonant air-core coil system. 


7. Now, substitute two or more capacitors (rated at 5,000 volts or more) for the capacitor bank shown on the 
Circuits page. | use more than two 34 microfarad capacitors. 


8. Finish out the circuit as shown. You are now in business ! 


9. Voltage - Amperage limiting resistors are required across the output side of the Load transformer. These are 
used to adjust the output level and the desired cycles per second. 


Useful Circuits from Nikola Tesla 





Isolation Tesla Coil System 
+ Transformer 





Tunable Coil System 
Insertable Movable L-1 





Armature ( generator ) 

+ taking place of the L-1 

: System having yields desired Amperage 
desired Amperage Output 


Don Smith's Suggestions: Get a copy of the "Handbook of Electronic Tables and Formulas", published by 
Sams, ISBN 0-672-22469-0, also an Inductance/Capacitance/Resistance meter is required. Chapter 1 of Don's 
pdf document has important time-constant (frequency) information and a set of reactance charts in nomograph 
style ("“nomograph": a graph, usually containing three parallel scales graduated for different variables so that when 
a straight line connects values of any two, the related value may be read directly from the third at the point 
intersected by the line) which makes working, and approximating of the three variables (capacitance, inductance 
and resistance) much easier. If two of the variables are known, then the third one can be read from the 
nomograph. 


For example, if the input side of the isolation transformer needs to operate at 60 Hz, that is 60 positive cycles and 
60 negative cycles, being a total of 120 cycles. Read off the inductance in Henries by using the Inductance meter 
attached to the input side of the isolation transformer. Plot this value on the (nomographic) reactance chart. Plot 
the needed 120 Hz on the chart and connect these two points with a straight line. Where this line crosses the 
Farads line and the Ohms line, gives us two values. Choose one (resistor) and insert it between the two leads of 
the transformer input winding. 


The Power Correction Factor Capacitor (or bank of more than one capacitor) now needs adjusting. The following 
formula is helpful in finding this missing information. The capacitance is known, as is the desired potential to 
pulse the output transformer. One Farad of capacitance is one volt for one second (one Coulomb). Therefore, if 
we want to keep the bucket full with a certain amount, how many dippers full are needed? If the bucket needs 
120 volts, then how many coulombs are required? 


Desired Voltage 
J = Required frequency in Hz 


Capacitance in Microfarads 


Now, go to the nomograph mentioned above, and find the required resistor jumper to place between the poles of 
the Correction Factor Capacitor. 


An earth grounding is desirable, acting as both a voltage-limiter and a transient spike control. Two separate 
earths are necessary, one at the Power Factor Capacitor and one at the input side of the isolation transformer. 
Off-the-shelf surge arrestors / spark gaps and varistors having the desired voltage/potential and amperage control 
are commonly available. Siemens, Citel America and others, make a full range of surge arrestors, etc. Varistors 
look like coin-sized flat capacitors. Any of these voltage limiters are marked as "V - 1" in the following text. 


It should be obvious that several separate closed circuits are present in the suggested configuration: The power 
input source, the high-voltage module, a power factor capacitor bank combined with the input side of the isolation 
transformer. Lastly, the output side of the isolation transformer and its load. None of the electrons active at the 
power source (battery) are passed through the system for use downstream. At any point, if the magnetic flux rate 
should happen to vary, then the number of active electrons also varies. Therefore, controlling the flux rate 
controls the electron (potential) activity. Electrons active at point "A" are not the same electrons which are active 
at point "B", or those at point "C", and so on. If the magnetic flux rate (frequency Hz) varies, then a different 
number of electrons will be disturbed. This does not violate any Natural Law and it does produce more output 
energy than the input energy, should that be desirable. 


A convenient high-voltage module is a 12 volt DC neon tube transformer. The Power Factor Correction 
Capacitors should be as many microfarads as possible as this allows a lower operating frequency. The 12-volt 
neon tube transformer oscillates at about 30,000 Hz. At the Power Correction Factor Capacitor bank we lower the 
frequency to match the input side of the isolation transformer. 


Other convenient high-voltage sources are car ignition coils, television flyback transformers, laser printer modules, 
and various other devices. Always lower the frequency at the Power Factor Correction Capacitor and correct, if 
needed, at the input side of the isolation transformer. The isolation transformer comes alive when pulsed. 
Amperage becomes a part of the consideration only at the isolation transformer. Faulty design, resulting in 
hysteresis, creates heat which self-destructs the transformer if it is overloaded. Transformers which have a 
composite core instead of the more common cores made from many layers of thin sheets of soft iron, run cool and 
can tolerate much higher amperage. 


RESONATE_ ELECTROMAGNETIC POWER SYSTEM 






Not to Scale 
Patent Pending 1994 


Power Source: B-1 Gelceli, 12 Volt, 7 Amp Hour 
D-1 Kick back protection for L- 1 
L-1  Bertonee, NPS - 12D8, constant burn Neon 
Tube transformer, Bertonee, Boston, MS 
Power Conditioner: C - 1, Capacitor or Capacitor Bank, 8,000 microfarads 
for 480 volts DC. R-1, Resister used to set electron 
pump rate, frequency of the capacitor. Maintains the 
desired voitage level required to operate the system . 
Voltage Control: V-1, Varistor, limits the voltage as required for 
the Output Transformer L -2. ( 480 V @ 60 Amps) 
Output Transformer: Isolation Type, (L-2 / L-3) with R-2 (resistor ) 
correcting the output frequency to 60 CPS, 
being 60 UP and 60 DN (120 total). ( 28.8 KVA ) 
Useful Timing Formulas: 
T = frequency in cycles per second 
= capacitance in microfarads 
in milliheneries 
= resistance In ohms 
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Therefore: T=RC and ee 


The information shown above, relates to the small Suitcase Model demonstrated at the 1996 Tesla Convention, 
presented as Don Smiths' Workshop. This unit was a very primitive version and newer versions have atomic 
batteries and power output ranges of Gigawatts. The battery requirement is low level and is no more harmful than 
the radium on the dial of a clock. Commercial units of Boulder Dam size are currently being installed at several 
major locations throughout the world. For reasons of Don's personal security and contract obligations, the 
information which he has shared here, is incomplete. 
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| am most definitely not an expert in this area. However, it is probably worth mentioning some of the main points 
which Don Smith appears to be making. There are some very important points being made here, and grasping 
these may make a considerable difference to our ability to tap into the excess energy available in our local 
environment. There are four points worth mentioning: 


1. Voltage 

2. Frequency 

3. Magnetic / Electric relationship 
4. Resonance 


1. Voltage. We tend to view things with an ‘intuitive’ view, generally based on fairly simple concepts. For 
example, we automatically think that it is more difficult to pick up a heavy object than to pick up a light one. How 
much more difficult? Well, if it is twice as heavy, it would probably be about twice as much effort to pick it up. 
This view has developed from our experience of things which we have done in the past, rather than on any 
mathematical calculation or formula. 


Well, how about pulsing an electronic system with a voltage? How would the output power of a system be 
affected by increasing the voltage? Our initial 'off-the cuff’ reaction might be that the power output might be 
increased a bit, but then hold on... we've just remembered that Watts = Volts x Amps, so if you double the 
voltage, then you would double the power in watts. So we might settle for the notion that if we doubled the 
voltage then we could double the output power. If we thought that, then we would be wrong. 


Don Smith points out that as capacitors and coils store energy, if they are involved in the circuit, then the output 
power is proportional to the square of the voltage used. Double the voltage, and the output power is four times 
greater. Use three times the voltage and the output power is nine times greater. Use ten times the voltage and 
the output power is one hundred times greater ! 
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20 


15 


10 


0 Volts 


Don says that the energy stored, multiplied by the cycles per second, is the energy being pumped by the system. 
Capacitors and inductors (coils) temporarily store electrons, and their performance is given by: 


Capacitor formula: W=0.5 x C x v? x Hz where: 


W is the energy in Joules (Joules = Volts x Amps x seconds) 
C is the capacitance in Farads 

V is the voltage 

Hz is the cycles per second 


Inductor formula: W=0.5xLx A? x Hz where: 


W is the energy in Joules 

L is the inductance in henrys 

A is the current in amps 

Hz is the frequency in cycles per second 


You will notice that where inductors (coils) are involved, then the output power goes up with the square of the 
current. Double the voltage and double the current gives four times the power output due to the increased voltage 
and that increased output is increased by a further four times due to the increased current, giving sixteen times 
the output power. 


2. Frequency. You will notice from the formulas above, that the output power is directly proportional to the 
frequency "Hz". The frequency is the number of cycles per second (or pulses per second) applied to the circuit. 
This is something which is not intuitive for most people. If you double the rate of pulsing, then you double the 
power output. When this sinks in, you suddenly see why Nikola Tesla tended to use millions of volts and millions 
of pulses per second. 


However, Don Smith states that when a circuit is at it's point of resonance, resistance in the circuit drops to zero 
and the circuit becomes effectively, a superconductor. The energy for such a system which is in resonance is: 


Resonant circuit: W = 0.5 x C x V? x (Hz)? where: 


W is the energy in Joules 

C is the capacitance in Farads 
V is the voltage 

Hz is the cycles per second 


If this is correct, then raising the frequency in a resonating circuit has a massive effect on the power output of the 
device. The question then arises: why is the mains power in Europe just fifty cycles per second and in America 
just sixty cycles per second? If power goes up with frequency, then why not feed households at a million cycles 
per second? One major reason is that it is not easy to make electric motors which can be driven with power 
delivered at that frequency, so a more suitable frequency is chosen in order to suit the motors in vacuum cleaners, 
washing machines and other household equipment. 


However, if we want to extract energy from the environment, then we should go for high voltage and high 
frequency. Then, when high power has been extracted, if we want a low frequency suited to electric motors, we 
can pulse the already captured power at that low frequency. 


It might be speculated that if a device is being driven with sharp pulses which have a very sharply rising leading 
edge, that the effective frequency of the pulsing is actually determined by the speed of that rising edge, rather 
than the rate at which the pulses are actually generated. For example, if pulses are being generated at, say, 50 
kHz but the pulses have a leading edge which would be suited to a 200 kHz pulse train, then the device might well 
see the signal as a 200 kHz signal with a 25% Mark/Space ratio, the very suddenness of the applied voltage 
having a magnetic shocking effect equivalent to a 200 kHz pulse train. 


3. Magnetic / Electric relationship. Don states that the reason why our present power systems are so inefficient 
is because we concentrate on the electric component of electromagnetism. These systems are always COP<1 as 
electricity is the 'losses' of electromagnetic power. Instead, if you concentrate on the magnetic component, then 
there is no limit on the electric power which can be extracted from that magnetic component. Contrary to what 
you might expect, if you install a pick-up system which extracts electrical energy from the magnetic component, 
you can install any number of other identical pick-ups, each of which extract the same amount of electrical energy 
from the magnetic input, without loading the magnetic wave in any way. Unlimited electrical output for the ‘cost’ 
of creating a single magnetic effect. 


The magnetic effect which we want to create is a ripple in the zero-point energy field, and ideally, we want to 
create that effect while using very little power. Creating a dipole with a battery which has a Plus and a Minus 
terminal or a magnet which has North and South poles, is an easy way to do create an electromagnetic imbalance 
in the local environment. Pulsing a coil is probably an even better way as the magnetic field reverses rapidly if it is 
an air-core coil, such as a Tesla Coil. Using a ferromagnetic core to the coil can create a problem as iron can't 
reverse it's magnetic alignment very rapidly, and ideally, you want pulsing which is at least a thousand times faster 
than iron can handle. 


Don draws attention to the "Transmitter / Receiver" educational kit "Resonant Circuits #10-416" supplied by The 
Science Source, Maine. This kit demonstrates the generation of resonant energy and it's collection with a receiver 
circuit. However, if several receiver circuits are used, then the energy collected is increased several times without 
any increase in the transmitted energy. This is similar to a radio transmitter where hundreds of thousands of radio 
receivers can receive the transmitted signal without loading the transmitter in any way. 


This immediately makes the Hubbard device spring to mind. Hubbard has a central "electromagnetic transmitter" 


surrounded by a ring of "receivers" closely coupled magnetically to the transmitter, each of which will receive a 
copy of the energy sent by the transmitter: 


(380 mm) 








Don points to an even more clearly demonstrated occurrence of this effect in the Tesla Coil. In a typical Tesla 
Coil, the primary coil is much larger diameter than the inner secondary coil: 


=a 





lf, for example, 8,000 volts is applied to the primary coil which has four turns, then each turn would have 2,000 
volts of potential. Each turn of the primary coil transfers electromagnetic flux to every single turn of the secondary 
winding, and the secondary coil has a very large number of turns. Massively more power is produced in the 
secondary coil than was used to energise the primary coil. A common mistake is to believe that a Tesla Coil can't 
produce serious amperage. If the primary coil is positioned in the middle of the secondary coil as shown, then the 
amperage generated will be as large as the voltage generated. A low power input to the primary coil can produce 
kilowatts of usable electrical power as described in chapter 5. 


4. Resonance. An important factor in circuits aimed at tapping external energy is resonance. It can be hard to 
see where this comes in when it is an electronic circuit which is being considered. However, everything has it's 
own resonant frequency, whether it is a coil or any other electronic component. When components are connected 
together to form a circuit, the circuit has an overall resonant frequency. As a simple example, consider a swing: 





If the swing is pushed before it reaches the highest point on the mother's side, then the push actually detracts 
from the swinging action. The time of one full swing is the resonant frequency of the swing, and that is determined 
by the length of the supporting ropes holding the seat and not the weight of the child nor the power with which the 
child is pushed. Provided that the timing is exactly right, a very small push can get a swing moving in a 
substantial arc. The key factor is, matching the pulses applied to the swing, to the resonant frequency of the 
swing. Get it right and a large movement is produced. Get it wrong, and the swing doesn't get going at all (at 
which point, critics would say "see, see ...swings just don't work - this proves it !!"). 


Establishing the exact pulsing rate needed for a resonant circuit is not particularly easy, because the circuit 
contains coils (which have inductance, capacitance and resistance), capacitors (which have capacitance and a 
small amount of resistance) and resistors and wires, both of which have resistance and some capacitance. These 
kinds of circuit are called "LRC" circuits because "L" is the symbol used for inductance, "R" is the symbol used for 
resistance and "C" is the symbol used for capacitance. 


Don Smith provides instructions for winding and using the type of air-core coils needed for a Tesla Coil. He says: 
1. Decide a frequency and bear in mind, the economy of the size of construction selected. The factors are: 


(a) Use radio frequency (above 20 kHz). 
(b) Use natural frequency, i.e. match the coil wire length to the frequency - coils have both capacitance and 
inductance. 

(c) Make the wire length either one quarter, one half of the full wavelength. 

(d) Calculate the wire length in feet as follows: 
If using one quarter wavelength, then divide 247 by the frequency in MHz. 
If using one half wavelength, then divide 494 by the frequency in MHz. 
If using the full wavelength, then divide 998 by the frequency in MHz. 

For wire lengths in metres: 

If using one quarter wavelength, then divide 75.29 by the frequency in MHz. 
If using one half wavelength, then divide 150.57 by the frequency in MHz. 
If using the full wavelength, then divide 304.19 by the frequency in MHz. 


2. Choose the number of turns to be used in the coil when winding it using the wire length just calculated. The 
number of turns will be governed by the diameter of the tube on which the coil is to be wound. Remember 
that the ratio of the number of turns in the "L - 1" and "L - 2" coils, controls the overall output voltage. For 
example, if the voltage applied the large outer coil "L - 1" is 2,400 volts and L - 1 has ten turns, then each turn 
of L - 1 will have 240 volts dropped across it. This 240 volts of magnetic induction transfers 240 volts of 
electricity to every turn of wire in the inner "L - 2" coil. If the diameter of L - 2 is small enough to have 100 
turns, then the voltage produced will be 24,000 volts. If the diameter of the L - 2 former allows 500 turns, then 
the output voltage will be 120,000 volts. 


3. Choose the length and diameter of the coils. The larger the diameter of the coil, the fewer turns can be made 
with the wire length and so the coil length will be less, and the output voltage will be lower. 


4. For example, if 24.7 MHz is the desired output frequency, then the length of wire, in feet, would be 247 divided 
by 24.7 which is 10 feet of wire (3,048 mm). The coil may be wound on a standard size of PVC pipe or 
alternatively, it can be purchased from a supplier - typically, an amateur radio supply store. 


If the voltage on each turn of L - 1 is arranged to be 24 volts and the desired output voltage 640 volts, then 
there needs to be 640 / 24 = 26.66 turns on L - 2, wound with the 10 feet of wire already calculated. 


Note: At this point, Don's calculations go adrift and he suggests winding 30 turns on a 2-inch former. If you do 
that, then it will take about 16 feet of wire and the resonant point at 10-feet will be at about 19 turns, giving an 
output voltage of 458 volts instead of the required 640 volts, unless the number of turns on L - 1 is reduced to 
give more than 24 volts per turn. However, the actual required diameter of the coil former (plus one diameter 
of the wire) is 10 x 12 / (26.67 x 3.14159) = 1.43 inches. You can make this size of former up quite easily if 
you want to stay with ten turns on the L - 1 coil. 


5. Connect to the start of the coil. To determine the exact resonant point on the coil, a measurement is made. 
Off-the-shelf multimeters are not responsive to high-frequency signals so a cheap neon is used instead. 
Holding one wire of the neon in one hand and running the other neon wire along the outside of the L - 2 
winding, the point of brightest light is located. Then the neon is moved along that turn to find the brightest 
point along that turn, and when it is located, a connection is made to the winding at that exact point. L - 2 is 
now a resonant winding. It is possible to increase the ("Q") effectiveness of the coil by spreading the turns out 
a bit instead of positioning them so that each turn touches both of the adjacent turns. 


6. The input power has been suggested as 2,400 volts. This can be constructed from a Jacob's ladder 
arrangement or any step-up voltage system. An off-the-shelf module as used with lasers is another option. 


7. Construction of the L - 1 input coil has been suggested as having 10 turns. The length of the wire in this coil is 
not critical. If a 2-inch diameter PVC pipe was used for the L - 2 coil, then the next larger size of PVC pipe 
can be used for the L - 1 coil former. Cut a 10-turn length of the pipe (probably a 3-inch diameter pipe). The 
pipe length will depend on the diameter of the insulated wire used to make the winding. Use a good quality 
multimeter or a specialised LCR meter to measure the capacitance (in Farads) and the inductance (in henrys) 
of the L - 2 coil. Now, put a capacitor for matching L - 1 to L - 2 across the voltage input of L - 1, and a spark 
gap connected in parallel is required for the return voltage from L - 1. A trimmer capacitor for L - 1 is 
desirable. 


8. The performance of L - 2 can be further enhanced by attaching an earth connection to the base of the coil. The 


maximum output voltage will be between the ends of coil L - 2 and lesser voltages can be taken off 
intermediate points along the coil if that is desirable. 


Don provides quite an amount of information on one of his devices shown here: 





Without his description of the device, it would be difficult to understand it's construction and method of operation. 
As | understand it, the circuit of what is mounted on this board is as shown here: 


0 to mains voltage 0 to 9,000 volts 
@ 60 Hz @ 35.1 kHz 
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voltage 











This arrangement has bothered some readers recently as they feel that the spark gap should be in series with the 
L1 coil, like this: 


0 to mains voltage 0 to 9,000 volts 


35.1 kHz 
Mains eae . Step-up 


voltage 








Neon-tube [y+ 


driver | 60x | 









= 2yF BK 





This is understandable, as there is always a tendency to think of the spark gap as being a device which is there to 
protect against excessive voltages rather than seeing it as an active component of the circuit, a component which 
is in continuous use. In 1925, Hermann Plauston was granted a patent for a whole series of methods for 
converting the high voltage produced by a tall aerial system into useable, standard electricity. Hermann starts off 
by explaining how high voltage can be converted into a convenient form and he uses a Wimshurst static electricity 
generator as an example of a constant source of high voltage. The output from a rectified Tesla Coil, a Wimshurst 
machine and a tall aerial are very much alike, and so Hermann's comments are very relevant here. He shows it 
like this: 
Wimshurst machine 


Spark gap 


Capacitor Capacitor 
inns 


as Transformer 


Here, the output of the Wimshurst machine is stored in two high-voltage capacitors (Leyden jars) causing a very 
high voltage to be created across those capacitors. When the voltage is high enough, a spark jumps across the 
spark gap, causing a massive surge of current through the primary winding of the transformer, which in his case is 
a step-down transformer as he is aimed at getting a lower output voltage. Don's circuit is almost identical: 






al 
| Inverter [-— Neon-tube 
driver 


Here the high voltage comes from the battery/inverter/neon-tube driver/rectifiers, rather than from a mechanically 
driven Wimshurst machine. He has the same build up of voltage in a capacitor with a spark gap across the 
capacitor. The spark gap will fire when the capacitor voltage reaches its designed level. The only difference is in 
the positioning of the capacitor, which if it matched Hermann's arrangement exactly, would be like this: 


| Inverter [-— Neon-tube 
driver 





which would be a perfectly viable arrangement as far as | can see. You will remember that Tesla, who always 
speaks very highly of the energy released by the very sharp discharge produced by a spark, shows a high-voltage 
source feeding a capacitor with the energy passing through a spark gap to the primary winding of a transformer: 


Tesla Coil System 


Isolation Transformer 






Spark Gap 


Capacitor Bank 


However, with Don's arrangement, it can be a little difficult to see why the capacitor is not short-circuited by the 
very low resistance of the few turns of thick wire forming the L1 coil. Well, it would do that if we were operating 
with DC, but we are most definitely not doing that as the output from the neon-tube driver circuit is pulsing 35,000 
times per second. This causes the DC resistance of the L1 coil to be of almost no consequence and instead, the 
coil's "impedance" or "reactance" (effectively, it's AC resistance) is what counts. Actually, the capacitor and the L1 
coil being connected across each other have a combined "reactance" or resistance to pulsing current at this 
frequency. This is where the nomograph diagram comes into play, and there is a much easier to understand 
version of it a few pages later on in this document. So, because of the high pulsing frequency, the L1 coil does 
not short-circuit the capacitor and if the pulsing frequency matches the resonant frequency of the L1 coil (ora 
harmonic of that frequency), then the L1 coil will actually have a very high resistance to current flow through it. 
This is how a crystal set radio receiver tunes in a particular radio station, broadcasting on it's own frequency. 


Anyway, coming back to Don's device shown in the photograph above, the electrical drive is from a 12-volt battery 
which is not seen in the photograph. Interestingly, Don remarks that if the length of the wires connecting the 
battery to the inverter are exactly one quarter of the wave length of the frequency of the oscillating magnetic field 
generated by the circuit, then the current induced in the battery wires will recharge the battery continuously, even 
if the battery is supplying power to the circuit at the same time. 


The battery supplies a small current through a protecting diode, to a standard off-the-shelf "true sine-wave" 
inverter. An inverter is a device which produces mains-voltage Alternating Current from a DC battery. As Don 
wants adjustable voltage, he feeds the output from the inverter into a variable transformer called a "Variac" 
although this is often made as part of the neon-driver circuit to allow the brightness of the neon tube to be 
adjusted by the user. This arrangement produces an AC output voltage which is adjustable from zero volts up to 
the full mains voltage (or a little higher, though Don does not want to use a higher voltage). The use of this kind 
of adjustment usually makes it essential for the inverter to be a true sine-wave type. As the power requirement of 
the neon-tube driver circuit is so low, the inverter should not cost very much. 


The neon-tube (or "gas-discharge" tube) driver circuit is a standard off-the-shelf device used to drive neon tube 
displays for commercial establishments. The one used by Don contains an oscillator and a step-up transformer, 
which together produce an Alternating Current of 9,000 volts at a frequency of 35,100 Hz (sometimes written as 
35.1 kHz). The term "Hz" stands for "cycles per second". Don lowers the 9,000 volts as he gets great power 
output at lower input voltages and the cost of the output capacitors is a significant factor. The particular neon-tube 
driver circuit which Don is using here, has two separate outputs, so Don connects them together and uses a 
blocking diode in each line to prevent either of them affecting the other one. Not easily seen in the photograph, 
the high-voltage output line has a very small, encapsulated, spark gap in it and the line is also earthed. This 


device is commonly used as a lightning strike protection component and in Don's circuit it lights continuously when 


the device is running. It looks like this: 
a= 


The output of the neon-tube driver circuit is used to drive the primary "L1" winding of a Tesla Coil style 
transformer. This looks ever so simple and straightforward, but there are some subtle details which need to have 
attention paid to them. 


The operating frequency of 35.1 KHz is set and maintained by the neon-tube driver circuitry, and so, in theory, we 
do not have to do any direct tuning ourselves. However, we want the resonant frequency of the L1 coil and the 
capacitor across it to match the neon-driver circuit frequency. The frequency of the "L1" coil winding will induce 
exactly the same frequency in the "L2" secondary winding. However, we need to pay special attention to the ratio 
of the wire lengths of the two coil windings as we want these two windings to resonate together. A rule of thumb 
followed by most Tesla Coil builders is to have the same weight of copper in the L1 and L2 coils, which means 
that the wire of the L1 coil is usually much thicker than the wire of the L2 coil. If the L1 coil is to be one quarter of 
the length of the L2 coil, then we would expect the cross-sectional area of the L1 coil to be four times that of the 
wire of the L2 coil (as the area is proportional to the square of the radius, and the square of two is four) 





Don uses a plastic tube as the former for his "L1" primary coil winding. As you can see here, the wire is fed into 
the former, leaving sufficient clearance to allow the former to slide all the way into the outer coil. The wire is fed 
up inside the pipe and out through another hole to allow the coil turns to be made on the outside of the pipe. 
There appear to be five turns, but Don does not always go for a complete number of turns, so it might be 4.3 turns 
or some other value. The key point here is that the length of wire in the "L1" coil turns should be exactly one 
quarter of the length of wire in the "L2" coil turns. 


The "L2" coil used here is a commercial 3-inch diameter unit from Barker & Williamson, constructed from 
uninsulated, solid, single-strand "tinned" copper wire. Don has taken this coil and unwound four turns at the 
centre of the coil in order to make a centre-tap. He then measured the exact length of wire in the remaining 
section and made the length of the "L1" coil turns to be exactly one quarter of that length. The wire used for the 
"L1" coil looks like Don's favourite "Jumbo Speaker Wire" which is a very flexible wire with a very large number of 
extremely fine uninsulated copper wires inside it. 


You will notice that Don has placed a plastic collar on each side of the winding, matching the thickness of the wire, 
in order to create a secure sliding operation inside the outer "L2" coil, and the additional plastic collars positioned 
further along the pipe provide further support for the inner coil. This sliding action allows the primary coil "L1" to 
be positioned at any point along the length of the "L2" secondary coil, and that has a marked tuning effect on the 
operation of the system. The outer "L2" coil does not have any kind of tube support but instead, the coil shape is 
maintained by the stiffness of the solid wire plus four slotted strips. This style of construction produces the highest 
possible coil performance at radio frequencies. With a Tesla Coil, it is most unusual to have the L1 coil of smaller 
diameter than the L2 coil. 
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The "L2" coil has two separate sections, each of seventeen turns. One point to note is the turns are spaced apart 
using slotted strips to support the wires and maintain an accurate spacing between adjacent turns. It must be 
remembered that spacing coil turns apart like this alters the characteristics of the coil, increasing it's "capacitance" 
factor substantially. Every coil has resistance, inductance and capacitance, but the form of the coil construction 
has a major effect on the ratio of these three characteristics. The coil assembly is held in position on the base 
board by two off-white plastic cable ties. The nearer half of the coil is effectively connected across the further half 
as shown in the circuit diagram above. 


One point which Don stresses, is that the length of the wire in the "L1" coil and the length of wire in the "L2" coil, 
must be an exact even division or multiple of each other (in this case, the "L2" wire length in each half of the "L2" 
coil is exactly four times as long as the "L1" coil wire length). This is likely to cause the "L1" coil to have part of a 
turn, due to the different coil diameters. For example, if the length of the "L2" coil wire is 160 inches and "L1" is to 
be one quarter of that length, namely, 40 inches. Then, if the "L1" coil has an effective diameter of 2.25 inches, 
(allowing for the thickness of the wire when wound on a 2-inch diameter former), then the "L1" coil would have 
5.65 (or 5 and 2/3) turns which causes the finishing turn of "L2" to be 240 degrees further around the coil former 
than the start of the first turn - that is, five full turns plus two thirds of the sixth turn. 


The L1 / L2 coil arrangement is a Tesla Coil. The positioning of the "L1" coil along the length of the "L2" coil, 
adjusts the voltage to current ratio produced by the coil. When the "L1" coil is near the middle of the "L2" coil, 
then the amplified voltage and amplified current are roughly the same. However, Don stresses that the "height" 
length of the coil (when standing vertically) controls the voltage produced while the coil "width" (the diameter of the 
turns) controls the current produced. 





The exact wire length ratio of the turns in the "L1" and "L2" coils gives them an almost automatic synchronous 
tuning with each other, and the exact resonance between them can be achieved by the positioning of the "L1" coil 
along the length of the "L2" coil. While this is a perfectly good way of adjusting the circuit, in the 1994 build shown 
in the photograph, Don has opted to get the exact tuning by connecting a capacitor across "L1" as marked as "C" 
in the circuit diagram. Don found that the appropriate capacitor value for his particular coil build, was about 0.1 
microfarad (100 nF) and so he connected two 47 nF high-voltage capacitors in parallel to get the value which he 
wanted. It must be remembered that the voltage across "L1" is very high, so a capacitor used in that position 
needs a voltage rating of at least 9,000 volts. Don remarks that the actual capacitors seen in the photograph of 
this prototype are rated at fifteen thousand volts, and were custom made for him using a "self-healing" style of 
construction. 


Don has also connected a small capacitor across the "L2" coil, and that optional component is marked as "C2" in 
the circuit diagram and the value used by Don happened to be a single 47nF, high-voltage capacitor. As the two 
halves of the "L2" coil are effectively connected across each other, it is only necessary to have one capacitor for 
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There are various ways of dealing with the output from the "L2" coil in order to get large amounts of conventional 
electrical power out of the device. The method shown here uses the four very large capacitors seen in the 
photograph. Each of these four capacitors are said to be 8 microfarad capacity with a 2,000 volt rating. In spite of 
the fact that they appear to be wired in parallel, Don states that they are in fact, wired in series to make a single 
capacitor of 2 microfarad capacity with an 8,000 volt rating. Don remarks that he has to be very careful to keep 
the voltage to the neon-tube driver circuit turned down in order to avoid getting more than 8,000 volts on these 
output storage capacitors. 


This capacitor bank is fed through a diode which is rated for both high voltage and high current, as Don states that 
the device produces 8,000 volts at 20 amps, in which case, this rectifying diode has to be able to handle that level 
of power, both at start-up when the capacitor bank is fully discharged and "L2" is producing 8,000 volts, and when 
the full load of 20 amps is being drawn. The actual diodes used by Don happen to be rated at 25 KV but that is a 
far greater rating than is actually needed. 


In passing, it might be remarked that the average home user will not have an electrical requirement of anything 
remotely like as large as this, seeing that 10 kW is more than most people use on a continuous basis, while 8 KV 
at 20 A is a power of 160 kilowatts. As the neon-tube driver circuit can put out 9,000 volts and since the L1 / L2 
coil system is a step-up transformer, if the voltage fed to the capacitor bank is to be kept down to 8,000 volts, then 
the Variac adjustment must be used to reduce the voltage fed to the neon-tube driver circuit, in order to lower the 
voltage fed to the L1/ L2 coil pair, typically, to 3,000 volts. 


A very astute and knowledgeable member of the EVGRAY Yahoo EVGRAY forum whose ID is "silverhealtheu" 
has recently pointed out that Don Smith says quite freely that he does not disclose all of the details of his designs, 
and it is his opinion that a major item which has not been disclosed is that the diodes in the circuit diagrams 
shown here are the wrong way round and that Don operates his voltages in reverse to the conventional way. In 
fact, the circuit diagram should be: 
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He comments: "the diodes leaving the Neon-tube Driver may need to be reversed as we want to collect the 
negative polarity. The spark gap will then operate on ambient inversion and the spark will look and sound totally 
different with a much faster crack and producing very little heat and even becoming covered in frost is possible. 


The Variac should be raised up just enough to get a spark going then backed off slightly. Any higher voltage is 
liable to make the Neon-tube Driver think that it has a short-circuit condition, and the new electronic designs will 
then shut down automatically and fail to operate at all if this method is not followed. 


When running, C, L1 and L2 operate somewhere up in the Radio Frequency band because the Neon-tube Driver 
only acts as a tank-circuit exciter. The large collection capacitor C3, should fill inverted to earth polarity as shown 
above. The load will then be pulling electrons from the earth as the cap is REFILLED back to ZERO rather than 
the joules in the capacitor being depleted. 


Also remember that the Back-EMF systems of John Bedini and others, create a small positive pulse but they 
collect a super large NEGATIVE polarity spike which shoots off the bottom of an oscilloscope display. This is 
what we want, plenty of this stored in capacitors, and then let the ambient background energy supply the current 
when it makes the correction.” 


This is a very important point and it may well make a really major difference to the performance of a device of 
this nature. 
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One reader has drawn attention to the fact that Don's main document indicates that there should be a resistor "R" 
across the L1 coil as well as the capacitor "C" and he suggests that the circuit should actually be as shown above, 
considering what Don said earlier about his "suitcase" design. Another reader points out that the wire in the 
output choke shown in the photograph below appears to be wound with wire that is far too small diameter to carry 
the currents mentioned by Don. | seems likely that a choke is not needed in that position, but a more powerful 
choke can easily be wound using larger diameter wire. 


When the circuit is running, the storage capacitor bank behaves like an 8,000 volt battery which never runs down 
and which can supply 20 amps of current for as long as you want. The circuitry for producing a 220 volt 50 Hz AC 
output or a 110 volt 60 Hz AC output from the storage capacitors is just standard electronics. In passing, one 
option for charging the battery is to use the magnetic field caused by drawing mains-frequency current pulses 
through the output "choke" coil, shown here: 





The output current flows through the left hand winding on the brown cylindrical former, and when the photograph 
was taken, the right-hand winding was no longer in use. Previously, it had been used to provide charging power 
to the battery by rectifying the electrical power in the coil, caused by the fluctuating magnetic field caused by the 
pulsing current flowing through the left hand winding, as shown here: 
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The DC output produced by the four diodes was then used to charge the driving battery, and the power level 
produced is substantially greater than the minor current drain from the battery. Consequently, it is a sensible 
precaution to pass this current to the battery via a circuit which prevents the battery voltage rising higher than it 
should. A simple voltage level sensor can be used to switch off the charging when the battery has reached its 
optimum level. Other batteries can also be charged if that is wanted. Simple circuitry of the type shown in chapter 
12 can be used for controlling and limiting the charging process. The components on Don's board are laid out like 
this: 
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L1/L2 sliding coil transformer 


Don draws attention to the fact that the cables used to connect the output of "L2" to the output of the board, 
connecting the storage capacitors on the way, are very high-voltage rated cables with special multiple coverings to 
ensure that the cables will remain sound over an indefinite period. It should be remarked at this point, that the 
outer 3" diameter coil used by Don, is not wound on a former, but in order to get higher performance at high 
frequencies, the turns are supported with four separate strips physically attached to the turns - the technique 
described later in this document as being an excellent way for home construction of such coils. 


Please bear in mind that the voltages here and their associated power levels are literally lethal and 
perfectly capable of killing anyone who handles the device carelessly when it is powered up. When a 
replication of this device is ready for routine use, it must be encased so that none of the high-voltage 
connections can be touched by anyone. This is not a suggestion, but it is a mandatory requirement, 
despite the fact that the components shown in the photographs are laid out in what would be a most 
dangerous fashion were the circuit to be powered up as it stands. Under no circumstances, construct 
and test this circuit unless you are already experienced in the use of high-voltage circuits or can be 
supervised by somebody who is experienced in this field. This is a "one hand in the pocket at all times" 
type of circuit and it needs to be treated with great care and respect at all times, so be sensible. 


The remainder of the circuit is not mounted on the board, possibly because there are various ways in which the 
required end result can be achieved. The one suggested here is perhaps the most simple solution: 
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The voltage has to be dropped, so an iron-cored mains-frequency step-down transformer is used to do this. To 
get the frequency to the standard mains frequency for the country in which the device is to be used, an oscillator is 
used to generate that particular mains frequency. The oscillator output is used to drive a suitable high-voltage 
semiconductor device, be it an FET transistor, an IGBT device, or whatever. This device has to switch the 
working current at 8,000 volts, though admittedly, that will be a current which will be at least thirty six times lower 
than the final output current, due to the higher voltage on the primary winding of the transformer. The available 
power will be limited by the current handling capabilities of this output transformer. 


As the circuit is capable of picking up additional magnetic pulses, such as those generated by other equipment, 
nearby lightning strikes, etc. an electronic component called a "varistor" marked "V" in the diagram, is connected 
across the load. This device acts as a voltage spike suppressor as it short circuits any voltage above its design 
voltage, protecting the load from power surges. 


Don also explains an even more simple version of the circuit as shown here: 
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This simplified circuit avoids the need for expensive capacitors and the constraints of their voltage ratings, and the 
need for electronic control of the output frequency. The wire length in the turns of coil "L2" still needs to be exactly 
four times the wire length of the turns in coil "L1", but there is only one component which needs to be introduced, 
and that is the resistor "R" placed across the primary winding of the step-down isolation transformer. This 
transformer is a laminated iron-core type, suitable for the low mains frequency, but the output from "L2" is at much 
higher frequency. It is possible to pull the frequency down to suit the step-down transformer by connecting the 
correct value of resistor "R" across the output transformer (or a coil and resistor, or a coil and a capacitor). The 


value of resistor needed can be predicted from the American Radio Relay League graph (shown as Fig.44 in 
Don's .pdf document which can be downloaded from the www.free-energy-info.com website). The sixth edition of 
the Howard Sams book "Handbook of Electronics Tables and Formulas" (ISBN-10: 0672224690 or ISBN-13: 978- 
0672224690) has a table which goes down to 1 kHz and so does not need to be extended to reach the 
frequencies used here. The correct resistor value could also be found by experimentation. You will notice that an 
earthed dual spark gap has been placed across "L2" in order to make sure that the voltage levels always stay 
within the design range. Don remarks that he intends this particular device to be built by anyone who wants to, 
providing power for that person's needs and he states that some two hundred replications have already been built. 


Don also explains an even more simple version which does not need a Variac, high voltage capacitors or high 
voltage diodes. Here, a DC output is accepted which means that high-frequency step-down transformer operation 
can be used. This calls for an air-core transformer which you would wind yourself from heavy duty wire. Mains 
loads would then be powered by using a standard off-the-shelf inverter. In this version, it is of course, necessary 
to make the "L1" turns wire length exactly one quarter of the "L2" turns wire length in order to make the two coils 
resonate together. The operating frequency of each of these coils is imposed on them by the output frequency of 
the neon-tube driver circuit. That frequency is maintained throughout the entire circuit until it is rectified by the 
four diodes feeding the low-voltage storage capacitor. The target output voltage will be either just over 12 volts or 
just over 24 volts, depending on the voltage rating of the inverter which is to be driven by the system. The circuit 
diagram is: 
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As many people will find the nomograph chart in Don's pdf document very difficult to understand and use, here is 
an easier version: 
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The objective here is to determine the "reactance" or 'AC resistance’ in ohms and the way to do that is as follows: 


Suppose that your neon-tube driver is running at 30 KHz and you are using a capacitor of 100 nF (which is the 
same as 0.1 microfarad) and you want to know what is the AC resistance of your capacitor is at that frequency. 
Also, what coil inductance would have that same AC resistance. Then the procedure for finding that out is as 
follows: 
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Draw a straight line from your 30 kHz frequency (purple line) through your 100 nanofarad capacitor value and 
carry the line on as far as the (blue) inductance line as shown above. 


You can now read the reactance ("AC resistance") off the red line, which looks like 51 ohms to me. This means 
that when the circuit is running at a frequency of 30 KHz, then the current flow through your 100 nF capacitor will 
be the same as through a 51 ohm resistor. Reading off the blue "Inductance" line that same current flow at that 
frequency would occur with a coil which has an inductance of 0.28 millihenries. 


| have been passed a copy of Don’s circuit diagram for this device, and it is shown here: 
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The 4000V 30mA transformer shown in this circuit diagram, may use a ferrite-cored transformer from a neon-tube 
driver module which steps up the voltage but it does not raise the frequency as that is clearly marked at 120 Hz 
pulsed DC. You will notice that this circuit diagram is drawn with Plus shown below Minus (which is most 
unusual). 


Please note that when an earth connection is mentioned in connection with Don Smith's devices, we are talking 
about an actual wire connection to a metal object physically buried in the ground, whether it is a long copper rod 
driven into the ground, or an old car radiator buried in a hole like Tariel Kapanadze used, or a buried metal plate. 
When Thomas Henry Moray performed his requested demonstration deep in the countryside at a location chosen 
by the sceptics, the light bulbs which formed his demonstration electrical load, glowed more brightly with each 
hammer stroke as a length of gas pipe was hammered into the ground to form his earth connection. 


Don also explains an even more simple version of his main device. This version does not need a Variac (variable 
voltage transformer) or high voltage capacitors. Here, a DC output is accepted which means that high-frequency 
step-down transformer operation can be used. This calls on the output side, for an air-core (or ferrite rod core) 
transformer which you would wind yourself from heavy duty wire. Mains loads would then be powered by using a 
standard off-the-shelf inverter. In this version, it is of course, very helpful to make the "L1" turns wire length 
exactly one quarter of the "L2" turns wire length in order to make the two coils automatically resonate together. 
The operating frequency of each of these coils is imposed on them by the output frequency of the neon-tube 
driver circuit. That frequency is maintained throughout the entire circuit until it is rectified by the four diodes 
feeding the low-voltage storage capacitor. The target output voltage will be either just over 12 volts or just over 24 
volts, depending on the voltage rating of the inverter which is to be driven by the system. 


As the circuit is capable of picking up additional magnetic pulses, such as those generated by other equipment, 
nearby lightning strikes, etc. an electronic component called a "varistor" marked "V" in the diagram, is connected 
across the load. This device acts as a voltage spike suppressor as it short-circuits any voltage above its design 
voltage, protecting the load from power surges. A Gas-Discharge Tube is an effective alternative to a varistor. 


This circuit is effectively two Tesla Coils back-to-back and the circuit diagram might be: 
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It is by no means certain that in this circuit, the red and blue windings are wound in opposing directions. The 
spark gap (or gas-discharge tube) in series with the primary of the first transformer alters the operation in a 
somewhat unpredictable way as it causes the primary to oscillate at a frequency determined by it’s inductance and 
it's self-capacitance, and that may result in megahertz frequencies. The secondary winding(s) of that transformer 
must resonate with the primary and in this circuit which has no frequency-compensating capacitors, that 
resonance is being produced by the exact wire length in the turns of the secondary. This looks like a simple 
circuit, but it is anything but that. The excess energy is produced by the raised frequency, the raised voltage, and 
the very sharp pulsing produced by the spark. That part is straightforward. The remainder of the circuit is likely to 
be very difficult to get resonating as it needs to be in order to deliver that excess energy to the output inverter. 


When considering the “length” of wire in a resonant coil, it is necessary to pay attention to the standing wave 
created under those conditions. The wave is caused by reflection of the signal when it reaches the end of the wire 
OR when there is a sudden change in the diameter of the wire as that changes the signal reflection ability at that 
point in the connection. You should pay attention to Richard Quick’s very clear description of this in the section of 
his patent which is included later on in this chapter. Also, remember what Don Smith said about locating the 
peaks of the standing wave by using a hand-held neon lamp. 


One very significant thing which Don pointed out is that the mains electricity available through the wall socket in 
my home, does not come along the wires from the generating station. Instead, the power station influences a 
local ‘sub-station’ and the electrons which flow through my equipment actually come from my local environment 
because of the influence of my local sub-station. Therefore, if | can create a similar influence in my home, then | 
no longer need that sub-station and can have as much electrical energy as | want, without having to pay 
somebody else to provide that influence for me. 


A Practical Implementation of one of Don Smith’s Designs 


The objective here, is to determine how to construct a self-powered, free-energy electrical generator which has no 
moving parts, is not too expensive to build, uses readily available parts and which has an output of some 
kilowatts. However, under no circumstances should this document be considered to be an encouragement for 
you, or anyone else to actually build one of these devices. This document is presented solely for information and 
educational purposes, and as high voltages are involved, it should be considered to be a dangerous device 
unsuited to being built by inexperienced amateurs. The following section is just my opinions and so should not be 
taken as tried and tested, working technology, but instead, just the opinion of an inexperienced writer. 


However, questions from several different readers indicate that a short, reasonably specific description of the 
steps needed to attempt a replication of a Don Smith device would be helpful. Again, this document must not be 
considered to be a recommendation that you actually build one of these high-voltage, potentially dangerous 
devices. This is just information intended to help you understand what | believe is involved in this process. 


In broad outline, the following steps are used in the most simple version of the arrangement: 


1. The very low frequency and voltage of the local mains supply is discarded in favour of an electrical supply 
which operates at more than 20,000 Hz (cycles per second) and has a voltage of anything from 350 volts to 
10,000 volts. The higher voltages can give greater overall output power, but they involve greater effort in 
getting the voltage back down again to the level of the local mains voltage in order for standard mains 
equipment to be used. 


2. This high-frequency high voltage is used to create a series of very rapid sparks using a spark gap which is 
connected to a ground connection. Properly done, the spark frequency is so high that there is no audible 
sound caused by the sparks. Each spark causes a flow of energy from the local environment into the circuit. 
This energy is not standard electricity which makes things hot when current flows through them, but instead this 
energy flow causes things to become cold when the power flows through them, and so it is often called “cold” 
electricity. It is tricky to use this energy unless all you want to do is light up a series of light bulbs (which 





incidentally, give out a different quality of light when powered with this energy). Surprisingly, the circuit now 
contains substantially more power than the amount of power needed to produce the sparks. This is because 
additional energy flows in from the ground as well as from the local environment. If you have conventional 
training and have been fed the myth of “closed systems”, then this will seem impossible to you. So, let me ask 
you the question: if, as can be shown, all of the electricity flowing into the primary winding of a transformer, 
flows back out of that winding, then where does the massive, continuous flow of electricity coming from the 
secondary winding come from? None of it comes from the primary circuit and yet millions of electrons flow out 
of the secondary in a continuous stream which can be supplied indefinitely. So, where do these electrons 
come from? The answer is ‘from the surrounding local environment which is seething with excess energy’ but 
your textbooks won’t like that fact as they believe that the transformer circuit is a ‘closed system’ — something 
which probably can’t be found anywhere in this universe. 


3. This high-voltage, high-frequency, high-power energy needs to be converted to the same sort of hot electricity 
which comes out of a mains wall socket at the local voltage and frequency. This is where skill and 
understanding come into play. The first step is to lower the voltage and increase the available current with a 
step-down resonant transformer. This sounds highly technical and complicated, and looking at Don Smith’s 
expensive Barker & Williamson coil, makes the whole operation appear to be one for rich experimenters only. 
This is not the case and a working solution can be cheap and easy. It is generally not convenient to get the 
very high voltage all the way down to convenient levels in a single step, and so, one or more of those resonant 
transformers can be used to reach the target voltage level. Each step down transformer boosts the available 
current higher and higher. 


4. When a satisfactory voltage has been reached, we need to deal with the very high frequency. The easiest way 
to deal with it is to use high-speed diodes to convert it to pulsing DC and feed that into a capacitor to create 
what is essentially, an everlasting battery. Feeding this energy into a capacitor converts it into conventional 
“hot” electricity and a standard off-the-shelf inverter can be used to give the exact voltage and frequency of the 
local mains supply. In most of the world, that is 220 volts at 50 cycles per second. In America it is 110 volts at 
60 cycles per second. Low-cost inverters generally run on either 12 volts or 24 volts with the more common 12 
volt units being cheaper. 


So, let’s take a look at each of these step in more detail and see if we can understand what is involved and what 
our options are: 


1. We want to produce a high-voltage, high-frequency, low-current power source. Don Smith shows a Neon-Sign 
Transformer module. His module produced a voltage which was higher than was convenient and so he used a 
variable AC transformer or “Variac” as it is commonly known, to lower the input voltage and so, lower the output 
voltage. There is actually no need for a Variac as we can handle the higher voltage or alternatively, use a more 
suitable Neon-Sign Transformer module. 


However, we have a problem with using that technique. In the years since Don bought his module, they have 
been redesigned to include circuitry which disables the module if any current flows out of it directly to earth, and 
as that is exactly what we would want to use it for, so most, if not all of the currently available neon-sign 
transformer modules are not suitable for our needs. However, I’m told that if the module has an earth wire and 
that earth wire is left unconnected, that it disables the earth-leakage circuitry, allowing the unit to be used ina 
Don Smith circuit. Personally, | would not recommend that if the module is enclosed in a metal housing. 


A much cheaper alternative is shown here: http:/Awww.youtube.com/watch?v=RDDRe_4D930 where a small 
plasma globe circuit is used to generate a high-frequency spark. It seems highly likely that one of those 


modules would suit our needs: 





MODULE WITHOUT 
THE PLASMA GLOBE 


An alternative method is to build your own power supply from scratch. Doing that is not particularly difficult and 
if you do not understand any electronics, then perhaps, reading the beginner’s electronics tutorial in chapter 12 
(http:/Mwww.free-energy-info.com/Chapter12.pdf) will fill you in on all of the basics needed for understanding 


(and probably designing your own) circuits of this type. Here is a variable frequency design for home- 
construction: 





IRF9130 





One advantage of this circuit is that the output transformer is driven at the frequency set by the 555 timer and 
that frequency is not affected by the number of turns in the primary winding, nor it’s inductance, wire diameter, 
or anything else to do with the coil. While this circuit shows the rather expensive IRF9130 transistor, | expect 
that other P-channel FETs would work satisfactorily in this circuit. The IRF9130 transistor looks like this: 





~~” 


The circuit has a power supply diode and capacitor, ready to receive energy from the output at some later date 
if that is possible and desired. The 555 circuit is standard, giving a 50% Mark/Space ratio. The 10 nF capacitor 
is there to maintain the stability of the 555 and the timing section consists of two variable resistors, one fixed 
resistor and the 1 nF capacitor. This resistor arrangement gives a variable resistance of anything from 100 
ohms to 51.8K and that allows a substantial frequency range. The 47K (Linear) variable resistor controls the 
main tuning and the 4.7K (Linear) variable resistor gives a more easily adjustable frequency for exact tuning. 
The 100 ohm resistor is there in case both of the variable resistors are set to zero resistance. The output is fed 


through a 470 ohm resistor to the gate of a very powerful P-channel FET transistor which drives the primary 
winding of the output transformer. 


The output transformer can be wound on an insulating spool covering a ferrite rod, giving both good coupling 
between the windings, and high-frequency operation as well. The turns ratio is set to just 30:1 due to the high 
number of primary winding turns. With a 12-volt supply, this will give a 360-volt output waveform, and by 
reducing the primary turns progressively, allows the output voltage to be increased in controlled steps. With 10 
turns in the primary, the output voltage should be 3,600 volts and with just 5 turns 7,200 volts. The higher the 
voltage used, the greater the amount of work needed later on to get the voltage back down to the output level 
which we want. 


Looking at the wire specification table, indicates that quite a small wire diameter could be used for the oscillator 
output transformer’s secondary winding. While this is perfectly true, it is not the whole story. Neon Tube 
Drivers are very small and the wire in their output windings is very small diameter indeed. Those driver 
modules are very prone to failure. If the insulation on any one turn of the winding fails and one turn becomes a 
short-circuit, then that stops the winding from oscillating, and a replacement is needed. As there are no 
particular size constraints for this project, it might be a good idea to use enamelled copper wire of 0.45 mm or 
larger in an attempt to avoid this insulation failure hazard. No part of the transformer coil spool should be metal 
and it would not be any harm to cover each layer of secondary winding with a layer of electrical tape to provide 
additional insulation between the coil turns in one layer and the turns in the layer on top of it. 


A plug-in board layout might be: 
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Please remember that you can’t just stick your average voltmeter across a 4 kV capacitor (unless you really do 
want to buy another meter) as they only measure up to about a thousand volts DC. So, if you are using high 
voltage, then you need to use a resistor-divider pair and measure the voltage on the lower resistor. But what 
resistor values should you use? If you put a 10 Megohm resistor across your 4 kV charged capacitor, the 
current flowing through the resistor would be 0.4 milliamps. Sounds tiny, doesn’t it? But that 0.4 mA is 1.6 
watts which is a good deal more than the wattage which your resistor can handle. Even using this 
arrangement: 






VOLTMETER 
1000 


the current will be 0.08 mA and the wattage per resistor will be 64 mW. The meter reading will be about 20% of 
the capacitor voltage which will give a voltmeter reading of 800 volts. The input resistance of the meter needs 
to be checked and possibly, allowed for as the resistance in this circuit is so high (See chapter 12). When 
making a measurement of this type, the capacitor is discharged, the resistor chain and meter attached, and 


then, and only then, is the circuit powered up, the reading taken, the input power disconnected, the capacitor 
discharged, and the resistors disconnected. High-voltage circuits are highly dangerous, especially so, where a 
capacitor is involved. The recommendation to wear thick rubber gloves for this kind of work, is not intended to 
be humorous. Circuits of this type are liable to generate unexpected high-voltage spikes, and so, it might be a 
good idea to connect a varistor across the meter to protect it from those spikes. The varistor need to be set to 
the voltage which you intend to measure and as varistors may not be available above a 300V threshold, two or 
more may need to be connected in series where just one is shown in the diagram above. The varistor should 
not have a higher voltage rating than your meter. 


. We now need to use this high voltage to create a strategically positioned spark to a ground connection. When 
making an earth connection, it is sometimes suggested that connecting to water pipes or radiators is a good 
idea as they have long lengths of metal piping running under the ground and making excellent contact with it. 
However, it has become very common for metal piping to be replaced with cheaper plastic piping and so any 
proposed pipe connection needs a check to ensure that that there is metal piping which runs all the way into 
the ground. 





Neon Gas-Discharge Tube 


The spark gaps shown can be commercial high-voltage gas discharge tubes, adjustable home-made spark 
gaps with stainless steel tips about 1 mm apart, car spark plugs, or standard neon bulbs, although these run 
rather hot in this application. A 15 mm x 6 mm size neon bulb operates with only 90 or 100 volts across it, it 
would take a considerable number of them connected in series to create a high voltage spark gap, but it is 
probably a misconception that the spark gap itself needs a high voltage. Later on in this chapter, there is an 
example of a very successful system where just one neon bulb is used for the spark gap and an oscillating 
magnetic field more than a meter wide is created when driven by just an old 2,500 volt neon-sign transformer 
module. If using a neon bulb for the spark gap, then an experienced developer recommends that a 22K 
resistor is used in series with the neon in order to extend it’s working life very considerably. 


This circuit is one way to connect the spark gap and ground connection: 


10x UF5408 
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This is an adaption of a circuit arrangement used by the forum member “SLOW-‘N-EASY” on the Don Smith 
topic in the energeticforum. Here, he is using a ‘LowGlow’ neon transformer intended for use on a bicycle. The 
diodes are there to protect the high-voltage power supply from any unexpected voltage spikes created later on 
in the circuit. The spark gap is connected between the primary winding of a step-up transformer and the earth 
connection. No capacitor is used. Seeing this circuit, we immediately think of Don Smith’s large and expensive 
coils, but this experimenter does not use anything like that. Instead, he winds his transformer on a simple 
plastic former like this: 





Ho Sung International. EI-2820 nylon bobbin. 
Core is 10 mm x 13 mmx 10 mmhigh. Top 
is 18.5 mmx 21.5 mm, Base is 22 mm x 26 
mm. Four leads, 15 mm and 20 mm spacing 


And to make matters ‘worse’ the primary winding wire is just 9 inches (228.6 mm) long and the secondary just 
36 inches (914.4 mm) long, the primary being wound directly on top of the secondary. Not exactly a large or 
expensive construction and yet one which appears to perform adequately in actual tests. 


This is a very compact form of construction, but there is no necessity to use exactly the same former for coils, 
nor is there anything magic about the nine-inch length of the L1 coil, as it could easily be any convenient length, 
say two feet or 0.5 metres, or whatever. The important thing is to make the L2 wire length exactly four times 
that length, cutting the lengths accurately. It is common practice to match the weight of copper in each coil and 
so the shorter wire is usually twice the diameter of the longer wire. 


The circuit above, produces a cold electricity output of high voltage and high frequency. The voltage will not be 
the same as the neon transformer voltage, nor is the frequency the same either. The two coils resonate at their 
own natural frequency, unaltered by any capacitors. 


3. The next step is to get the high voltage down to a more convenient level, perhaps, like this: 
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9"5.14T 
26 AWG 
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Here, an identical transformer, wound in exactly the same way, is used in reverse, to start the voltage lowering 
sequence. The wire length ratio is maintained to keep the transformer windings resonant with each other. 


Supposing we were to wind the L2 coil of this second transformer in a single straight winding and instead of 
winding just one L1 winding on top of it, two or more L1 identical windings were placed on top of it — what would 


happen?: 
L1 L1 L1 
L2 Onn» L2 


Now for a comment which will seem heretical to people steeped in the present day (inadequate) level of 
technology. The power flowing in these transformers is cold electricity which operates in an entirely different 
way to hot electricity. The coupling between these coils would be inductive if they were carrying hot electricity 
and in that case, any additional power take-off from additional L1 coils would have to be ‘paid’ for by additional 
current draw through the L2 coil. However, with the cold electricity which these coils are actually carrying, the 
coupling between the coils is magnetic and not inductive and that results in no increase in L2 current, no matter 
how many L1 coil take-offs there are. Any additional L1 coils will be powered for free. However, the position of 
the coils relative to each other has an effect on the tuning, so the L1 coil should be in the middle of the L2 coil, 
which means that any additional L1 coils are going to be slightly off the optimum tuning point. 


4. Anyway, following through on just one L1 coil, there is likely to be at least one further step-down transformer 
needed and eventually, we need conversion to hot electricity: 
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Probably the easiest conversion is by feeding the energy into a capacitor and making it standard DC. The 
frequency is still very high, so high-speed diodes (such as the 75-nanosecond UF54008) are needed here 
although the voltage level is now low enough to be no problem. The DC output can be used to power an inverter 
so that standard mains equipment can be used. It is not necessary to use just one (expensive) large-capacity 
inverter to power all possible loads as it is cheaper to have several smaller inverters, each powering it’s own set of 
equipment. Most equipment will run satisfactorily on square-wave inverters and that includes a mains unit for 
powering the input oscillator circuit. 


PVC pipe is not a great material when using high-frequency high-voltage signals, and grey PVC pipe is a 
particularly poor coil former material. The much more expensive acrylic pipe is excellent, but if using PVC, then 
performance will be better if the PVC pipe is coated with an insulating lacquer (or table tennis balls dissolved in 
acetone as show on YouTube). 


However, there are some other factors which have not been mentioned. For example, if the L1 coil is wound 
directly on top of the L2 coil, it will have roughly the same diameter and so, the wire being four times longer, will 
have roughly four times as many turns, giving a step-up or step-down ratio of around 4:1. If, on the other hand, 
the coil diameters were different, the ratio would be different as the wire lengths are fixed relative to each other. If 
the L2 coil were half the diameter of the L1 coil, then the turns ratio would be about 8:1 and at one third diameter, 
12:1 and at a quarter diameter 16:1 which means that a much greater effect could be had from the same wire 
length by reducing the L2 coil diameter. However, the magnetic effect produced by a coil is linked to the cross- 
sectional area of the coil and so a small diameter is not necessarily at great advantage. Also, the length of the L1 
coil wire and number of turns in it, affect the DC resistance, and more importantly, the AC impedance which 
affects the amount of power needed to pulse the coil. 


It is also thought that having the same weight of copper in each winding gives an improved performance, but what 
is not often mentioned is the opinion that the greater the weight of copper, the greater the effect. You will recall 
that Joseph Newman (chapter 11) uses large amounts of copper wire to produce remarkable effects. So, while 9 
inches and 36 inches of wire will work for L1 and L2, there may well be improved performance from longer lengths 
of wire and/or thicker wires. 


We should also not forget that Don Smith pointed out that voltage and current act (out of phase and) in opposite 
directions along the L2 coil, moving away from the L1 coil: 


Volts Amperes => 


L-2 





It has been suggested that a greater and more effective power output can be obtained by splitting the L2 coil 
underneath the L1 coil position, winding the second part of L2 in the opposite direction and grounding the junction 
of the two L2 windings. Don doesn’t consider it necessary to reverse the direction of winding. The result is an L2 
winding which is twice as long as before and arranged like this: 
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Here, the additional high-voltage diodes allow the two out of phase windings to be connected across each other. 
You will notice that this arrangement calls for two separate earth connections, both of which need to be high- 
quality connections, something like a pipe or rod driven deeply into moist soil or alternatively, a metal plate or 
similar metal object of substantial surface area, buried deep in moist earth, and a thick copper wire or copper braid 
used to make the connection. These earthing points need to be fairly far apart, say, ten metres. A single earth 
connection can’t be used as that would effectively short-circuit across the L1/L2 transformer which you really do 
not want to do. 


With this arrangement, the outline circuit becomes: 
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The thick earth wiring is helpful because in order to avoid the earth wire being included in the resonant wire 
length, you need a sudden change in wire cross-section: 


These are just some ideas which might be considered by some experienced developer who may be thinking of 
investigating Don Smith style circuitry. 


To give you some idea of the capacity of some commercially available wires when carrying hot electricity, this 
table may help: 


| AWG |  SWG | Diameter | MaximumAmps | 220VkKW_ | 110V KW 
BA es 
po BBA mm 


a: 





It is recommended that the wire have a current carrying capacity of 20% more than the expected actual load, so 
that it does not get very hot when in use. The wire diameters do not include the insulation, although for solid 
enamelled copper wire, that can be ignored. 


There is a most impressive video and circuit shown at http://youtu.be/O3vr6qgmOwLw where a very simple 


arrangement produces an immediately successful performance for the front end of Don’s circuitry. The circuit 
appears to be: 


4 x 1N4007 227K Neon 27K Neon 








12V to 2500V 
12V @ 12 mA 


gig tela 4x 1N4007 


Here, a simple Neon Sign Transformer module which has no earth connection, is used to produce a 2.5 kV 
voltage with a frequency of 25 kHz and a maximum output current capacity of 12 mA. There is no difficulty in 
constructing the equivalent to that power supply unit. The two outputs from the module are converted to DC by a 
chain of four 1N4007 diodes in series in each of the two outputs (each chain being inside a plastic tube for 
insulation). 


This output is fed through an optional 22K resistor via a neon lamp to a microwave oven capacitor which happens 
to be 874 nF with a voltage rating of 2,100 volts. You might feel that the voltage rating of the capacitor is too low 
for the output voltage of the neon sign module, but the neon has a striking voltage of just 90 volts and so the 
capacitor is not going to reach the output voltage of the power supply. The resistors are solely to extend the life of 
the neons as the gas inside the tube gets a considerable jolt in the first nanosecond after switch-on. It is unlikely 
that omitting those resistors would have any significant effect, but then, including them is a trivial matter. The 
second neon feeds the primary of the resonant transformer which is only shown in notional outline in the diagram 
above as the developer suggests that the primary acts as a transmitter and that any number of receiving coils can 
be used as individual secondaries by being tuned to the exact frequency of that resonating primary. 
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In the video showing this arrangement, the developer demonstrates the fluctuating, high-frequency field which 
extends for some four feet (1.2 m) around the coil. He also remarks that the single neons in his arrangement 
could each be replaced with two neons in series. In test which | ran, | found that | needed two neons in series 
ahead of the capacitor in order to get continuous lighting of the output neon. Also, one of the diodes needed to be 
reversed so that one faced towards the input and one away from it. It did not matter which diode was reversed as 
both configurations worked. Again, please note that this presentation is for information purposes only and it is 
NOT a recommendation that you should actually build one of these devices. Let me stress again that this is a 
high-voltage device made even more dangerous by the inclusion of a capacitor, and it is quite capable of killing 


you, so, don’t build one. The developer suggests that it is an implementation of the “transmitter” section of Don’s 
Transmitter/multiple-receivers design shown below. However, before looking at that design, there is one question 
which causes a good deal of discussion on the forums, namely, if the centre-tap of the L2 secondary coil is 
connected to ground, then should that earth-connection wire length be considered to be part of the quarter length 
of the L1 coil? To examine this possibility in depth, the following quote from Richard Quick’s very clear 
explanation of resonance in his US patent 7,973,296 of 5th July 2011 is very helpful. 


However, the simple answer is that for there to be exact resonance between two lengths of wire (whether or not 
part, or all of those lengths of wire happen to be wound into a coil), then one length needs to be exactly four times 
as long as the other, and ideally, half the diameter as well. At both ends of both lengths of wire, there needs to be 
a sudden change in wire diameter and Richard explains why this is. But, leaving that detailed explanation for now, 
we can use that knowledge to explain the above simplified system in more detail. Here is the circuit again: 







Neon 





Neon ; 
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One very important point to note is that no earth connection is required and in spite of that, the performance 
shown on video is very impressive. While an earth connection can feed substantial power into the circuit, not 
needing one for the front end is an enormous advantage and potentially, opens the way for a truly portable device. 
Another very important point is the utter simplicity of the arrangement where only cheap, readily available 
components are used (and not many of those are needed). The resistors for extending the life of the neon bulbs 
are not shown, but they can be included if desired and the circuit operation is not altered significantly by having 
them there. If a higher spark voltage is wanted, then two or more neon bulbs can be used in series where these 
circuit diagrams show just one. 


A point to note is that the lower diode is shown reversed when compared to the previous diagram. This is 
because the power supply shown is any generic power supply which drives a simple output coil which does not 
have a centre tap. The neon supply of the earlier diagram appears to have two separate outputs which will, 
presumably, be out of phase with each other as that is common practice for neon-sign driver modules. If you 
wish, the two diodes shown here could be replaced by a diode bridge of four high-voltage, high-speed diodes. 


The wire lengths of L1 and L2 are measured very accurately from where the wire diameter changes suddenly, as 
indicated by the red dashed lines. The L2 wire length is exactly four times as long as the L1 wire length and the 
L2 wire diameter is half of the L1 wire diameter. 


How long is the L1 wire? Well, how long would you like it to be? It can be whatever length you want and the 
radius of the L1 coil can be whatever you want it to be. The theory experts will say that the L1 coil should 
resonate at the frequency of the power feeding it. Well, good for them, | say, so please tell me what frequency 
that is. It is not going to be the frequency of the power supply as that will be changed by at least one of the neon 
bulbs. So, what frequency will the neon bulb produce? Not even the manufacturer could tell you that as there is 
quite a variation between individual bulbs which are supposedly identical. 


Actually, it doesn’t matter at all, because the L1 coil (and the L2 coil if you measure them accurately) has a 
resonant frequency all of its own and it will vibrate at that frequency no matter what the frequency feeding it 
happens to be. A coil resonates in very much the same way that a bell rings when it is struck. It doesn’t matter 
how hard you strike the bell or how rapidly you strike it — the bell will ring at it's own natural frequency. So the L1 
coil will resonate at it’s own natural frequency no matter what rate the voltage spikes striking it arrive, and as the 
L2 coil has been carefully constructed to have exactly that same frequency, it will resonate in synchronisation with 
the L1 coil. 


This means that the length of the wire for the L1 coil is the choice of the builder, but once that length is chosen it 
determines the length of the wire for the L2 coil as that is exactly four times as long, unless the builder decides to 
use an arrangement which has L2 wound in both the Clockwise and counter-clockwise directions, in which case, 
each half of the L2 coil will be four times the length of the wire in the L1 coil, like this: 
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Mind you, there is one other factor to be considered when deciding what the most convenient wire length for L1 
might be, and that is the number of turns in the L1 coil. The larger the ratio between the turns in L1 and the turns 
in L2, the higher the voltage boost produced by the L1/L2 transformer, and remember that the length of L2 is fixed 
relative to the length of L1. 


So, a possible circuit style might be: 
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SUDDEN CHANGE IN 
10x UF5408 WIRE DIAMETER 


GREAT DANGER HERE !! 10 x UFS408 


There are some important points to remember. One is that there must be a sudden change of wire diameter at 
both ends of each L1 coil and at the ends of each L2 coil. If there isn’t, then the connecting wire length will form 
part of the coil and if there is some change in diameter but not very much, then it is anybody’s guess what the 
resonant wire length for that coil will be. There can be as many step-down isolation air-core L1/L2 transformers as 
desired and these do not need to be particularly large or expensive. 


The builder of this circuit put it together in just a few minutes, using components which were to hand, including the 
microwave oven capacitor marked “C” in the diagrams above. That capacitor is isolated on both sides by the 
neon bulb spark gaps and so it will have no modifying effect on the resonant frequency of any of the coils in this 
circuit. But it is vital to understand that the energy stored in that capacitor can, and will, kill you instantly if you 
were to touch it, so let me stress once again that this information is NOT a recommendation that you actually build 
this circuit. The DC output from the circuit is intended to power a standard inverter, which in turn, would be 
perfectly capable of powering the high voltage, high frequency input oscillator. 


One final point is that as demonstrated in the video, the oscillating magnetic field produced by the L1 coil can 
power several identical L2 coils, giving several additional power outputs for no increase in input power, because 
the coupling is magnetic and not inductive as mentioned earlier in this chapter. Please notice that neither the L1 
coil nor the L2 coil has a capacitor connected across it, so resonance is due solely to wire length and no 
expensive high-voltage capacitors are needed to get every L1/L2 coil pair resonating together. One possible 
arrangement might be like this: 
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Where two of the L2 coils are shown connected together to give increased output power. This arrangement uses 
low-voltage inexpensive components for the output stages and there is no obvious limit to the amount of output 
power which could be provided. As the circuit operates at high frequency throughout, there is no particular need 
for additional L2 coils to be placed physically inside the L1 coil: 





However, there can be an advantage to this arrangement in that the wire length of the L1 coil is greater, which in 
turn makes the wire length of each L2 coil greater (being four times longer). This gives greater flexibility when 
planning the turns ratio of the L1/L2 transformer. The voltage step-up or step-down of that transformer happens to 
be in the ratio of the turns, in spite of the fact that this is not inductive coupling and so standard transformer 
technology does not apply. 


When you choose the number of turns and coil diameter for L1, that also gives the length of the L2 wire. In order 
to get the desired output voltage, if perhaps, the step-down ratio is needed to be an amount of 46:1, then you 
need 46 times the number of L1 turns on the L2 coil. That means that you know both the wire length and number 
of turns wanted in the L2 coil. But, as each turn will have a length of 3.14159 times the diameter, it follows then 
that the wanted diameter is the wire length per turn, divided by 3.14159. The wire sits on top of the tube on which 
it is wound and so has a greater diameter by one wire thickness, so the calculated tube diameter needs to be 
reduced by one wire diameter. For example, if the length per turn is 162 mm and the wire diameter 0.8 mm, then 
the tube diameter would be 162 / 3.14159 — 0.8 which is 50.766 mm (just over two inches). 


Now for Richard’s explanation of the resonant frequency of any length of wire: 


“Quarter-Wave” Resonance; Standing Electromagnetic Waves” 


One of the two main types is electrical resonance is referred to here as quarter-wave resonance. This type of 
resonance depends almost entirely on the length of a wire element For reasons described below, if a segment or 
length of wire is one quarter as long as the “voltage waves” which are travelling through the wire, then a set of 
“reflected” waves will be added to the emitted waves, in a synchronised alignment which creates stronger 
“superimposed waves”. 


Accordingly, an understanding of the “quarter-wave” phenomenon will help a reader understand how a 
straightforward and easily-controlled factor (i.e., the length of a wire ribbon which will be used to form a spiral coil) 
can help create a “quarter-wave” resonant response, which will create the types of electromagnetic pulses and 
fields referred to as “standing waves”. 


The speed at which a voltage impulse is transmitted through a metal wire is extremely fast. It is essentially the 
same as the speed of light, which travels 300 million meters (186,000 miles) in a single second (that distance 
would circle the earth more than 7 times). 


If wavelength (in meters) is multiplied by frequency (cycles per second), the result will be the speed of light, 300 
million meters/second. Therefore, the wavelength of an “alternating current” (AC) voltage, at some particular 
frequency, will be the speed of light, divided by which frequency. 


Therefore, using simple division, if an alternating voltage operates at a frequency of 1 megahertz (MHz), which is 
a million cycles per second, then the “wavelength” at that frequency will be 300 meters. If the frequency halves 
become 500 kilohertz, the wavelength becomes twice as long (600 meters); and, if the frequency were to increase 
to 2 megahertz, the wavelength drops to 150 meters. 


It should be noted which the term “cycles” is what scientists call “a dimensionless unit’, which drops out and 
becomes silent when other physical terms are multiplied or divided. 


At AC frequencies of 10 kilohertz or greater, the common references to “alternating current” (AC) voltage begin 
using a different term, which is “radio-frequency” (RF) voltage. Accordingly, RF voltage is a form (or subset) of AC 
voltage, which operates at frequencies higher than 10 kilohertz. RF power generators are readily available, and 


are sold by numerous companies which can be easily located by an Internet search, using the term “RF power 
generator”. For example, Hotek Technologies Inc. (hotektech.com) sells two RF power generators, called the AG 
1024 and AG 1012 models, which can provide output power at frequencies ranging from 20 kHz to 1 MHz; the 
1012 model has a power output of 1000 watts, while the 1024 model has a power output of 2000 watts. The 
output frequency of any such RF power supply can be adjusted and “tuned” across the entire range of operating 
frequencies, merely by turning knobs or manipulating other controls in a power supply of this type. 


In a wire having a fixed and unchanging length, the easiest way to create a “standing wave” is to adjust the RF 
frequency emitted by a power supply with an adjustable frequency, until the “tuned” frequency creates a 
wavelength which is 4 times as long as the wire. This principle is well-known to physicists, and it is commonly 
referred to as “quarter-wave” behaviour, since the length of the wire segment must be one quarter as long as the 
wavelength. Since it is important to this invention, the principles behind it are illustrated in a series of drawings 
provided in Fig.1 to Fig.4, all of which are well-known prior art. 
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Fig.1A indicates an idealized wavelength of an alternating voltage, depicted by a sine wave which is being sent 
from an AC power supply (Shown by a circle at the left end of a horizontal straight wire) into the “input” end of the 
wire. The voltage waves travel through the wire towards the right, as indicated by the block arrow in Fig.1A. 
When the waves reach the end of the wire, they cannot leave the wire (at least, not in a simplified and “ideal” 
system, which is being assumed and used here to explain the principle of how a simple straight wire can create a 
standing wave). Therefore, the voltage wave will effectively “bounce” or “reflect” back from the tip of the wire, and 
the “reflected wave” will begin travelling back through the wire, going in the opposite direction, as indicated by the 
left-pointing block arrow in Fig.1B. 


Because of the laws of conservation of energy, the reflection and “return travel” of these types of waves, when 
they bounce off the tip of a wire, is actually quite good, and rather efficient, as discussed below, provided which 
the wire tip does not emit sparks, arc discharges, or other forms of “escaping” electrical energy. 


Accordingly, Fig.1A depicts a set of “emitted waves” travelling towards the right, while Fig.1B depicts an idealised 
set of “reflected waves” travelling toward the left along the same wire. 


Fig.1C illustrates what happens when both sets of waves (emitted and reflected) are superimposed on each other. 
Since the two sets of waves are travelling at exactly the same speed, and since they have exactly the same 
wavelength, they will create a “standing wave” pattern when they are added together. As can be visualised from 
Fig.1C, there will be a set of locations, along the length of the wire, which can be referred to as “peak nodes’, 
where the AC voltage reaches it’s maximum. 


At a location halfway between a pair of adjacent “peak nodes”, there will be a spot which can be called a “null 
node”, a “zero node”, a trough or valley node, or similar terms. At each “null node” location, the AC voltage will 
appear to be not fluctuating at all. Those are the sites, along the length of the wire, where each “positive” hump 
(created by a sine wave travelling toward the right) will be counter-balanced and offset by a “negative hump” with 
exactly the same height, travelling at an identical speed toward the left. 


As a result, this type of response within a wire creates a “standing wave”. If the instantaneous voltage is 
measured at a “null node”, it would appear that nothing is happening, in terms of fluctuating voltage. Furthermore, 
the “null node” will not be moving, along the length of the wire; instead, it will appear to be standing still. 


This can be demonstrated, in a coil, by using a “grounded lead” to test for voltages along the length of a coil. Ifa 
“grounded lead” coupled to a volt meter is used to touch the surfaces of a series of strands in a non-insulated coil 
(such as a coil made of thin copper tubing, wrapped around a plastic cylindrical shape, as used in the types of 
large transformers used by hobbyists to create “Tesla coils” which will emit large and visually impressive electrical 
arcs), the “test lead” will detect no apparent voltage at a null node, which will occur at some particular strand in the 
coil. At a different strand of the coil, the “test lead” will detect an alternating voltage which has twice the strength 
and intensity of the voltage being emitted by the power supply. 


If voltage is measured at a “peak node”, the voltage will be doing something which can be called, using vernacular 
or laymen's terms, “the full-tilt boogie”. The AC voltage levels will be moving back and forth, between: (i) a very 
high and intense positive voltage, to (il) an equally intense negative voltage. This is indicated by the “bubble” 
shapes shown along the wire in Fig.1C. 


The “bubbles” which are shown in Fig.1C can help someone understand how standing waves are created, and 
how they act in a synchronised manner. However, which drawing fails to show another result which is very 
important in what actually happens in a standing wave. For purposes of description and analysis at this 
introductory level, the system can be assumed to be “ideal”, which implies a perfect “mirror-image” reflection of 
each wave from the right end of the wire. An “ideal” system also implies that no reflections occur at the left hand 
end of the wire where the power supply is located, and all “reflected” wave activity simply ceases. In real circuits 
and wires of this type, second and third order reflections do in fact occur, and they are used to further increase the 
strength and power output of these types of systems; however, those additional factors and “harmonics” should be 
ignored until after the basic principles of this type of system have been grasped and understood. 


In an ideal system, when the reflected waves (which are travelling toward the left, in the wire segments illustrated 
in Fig.1) are “superimposed” on the emitted waves (travelling toward the right), the “peak” positive voltage which 
will be instantaneously reached, at the highest point of each “bubble” shown in Fig.1C, will occur when the 
positive peak of an emitted wave crosses a mirror-image positive peak of a reflected wave, travelling in the 
opposite direction. Accordingly, when those two “positive peak” values are added to each other, the 
instantaneous positive peak voltage which will occur, in the wire, will actually be twice as intense as the “positive 
peak” voltage being emitted by the AC power supply. 


An instant later, at that exact point on that segment of wire, a negative peak voltage will be created, which will be 
the sum of (i) the negative peak voltage emitted by the power supply, and (ii) the negative peak voltage of a 
reflected wave also will pass through, travelling toward the left. At which instant, when those two negative peak 
voltages are added to each other, the instantaneous negative voltage which will occur, in the wire, will be twice as 
intense as the “negative peak” voltage being generated by the AC power supply. 


A more accurate and representative visual depiction of a “standing wave” in a wire would actually show the 
heights of the peaks as being twice as tall as the peaks of the emitted voltage waves, and the reflected voltage 
waves. However, which depiction might confuse people, so it usually is not shown in drawings of “standing 
waves”. 


Accordingly, the instantaneous response in the wire, at a location halfway between two “null nodes”, is doing 
something which can fairly and properly be called “the full-tilt double double boogie”. The “double double” phrase 
(note which it contains not just one but two “doubles”) was added to that phrase, for two reasons: 


(i) To emphasise the fact that each and every voltage peak (maximum positive, and maximum negative) will be 
twice as strong, and twice as intense, as the maximum positive and negative peak voltages emitted by the power 
supply; and, 


(ii) to point out that the frequency of the superimposed “bubbles”, shown in Fig.1C, is actually twice as fast as the 
frequency of the AC cycle which is emitted by the power supply, as discussed below. 


The “twice the intensity” result is directly comparable to what an observer will see, if a large mirror is placed 
behind a light bulb in an otherwise dark room. The mirror effectively keeps the room dark, everywhere behind the 
mirror, so there is no “magical doubling” of the light in the room; which would violate the basic law of conservation 
of energy. Instead, what the mirror does is to shift light away from the backside of the mirror, and keep that light 
energy on the reflective side of the mirror. Anyone standing in front of the mirror will see two apparent light bulbs. 
Both of those light bulbs (the original bulb, and the reflected image) will have the same brightness (if the mirror is 
perfect). Therefore, the mirror will double the intensity of the light energy reaching the observer. 


That same effect, in a circuit, will happen if the end of a wire acts like a mirror. If a wire does not have any 
components which will cause it to become an active “emission source” (which is the behaviour of transmission 
antennas and certain other components), in a way which efficiently releases voltage-created energy into the 
atmosphere, then the basic rules which require conservation of energy will prevent that energy from simply 
disappearing and ceasing to exist. As a result, even if the end of a wire is not designed to be a perfect reflector, a 


large portion of the voltage wave will indeed reflect off the wire tip, and travel back through the same wire, ina 
“second pass”. 


To understand adequately, the type and amount of “wave reflection” which occurs at a wire tip, consider what 
happens if a light bulb is shining in a room which has shiny, glossy white paint on all the walls and ceilings; then, 
consider how it would look if the same light bulb were located in a room with all of the walls and ceilings painted 
“matt black”. The total amount of light which would be available, to carry out a task such as reading a newspaper, 
clearly would be much greater in the white room, because light reflects off white paint, even though white paint 
does not even begin to approach the type of “reflection quality or clarity” which a mirror creates. The difference in 
what happens, when light intensity in a room painted matt black is compared to a room painted a glossy white, 
does not arise from the presence or absence of “reflection quality or clarity”; instead, it is governed by the laws of 
conservation of energy. When light shines on to a surface which is painted matt black, the light energy is 
absorbed by the paint, and it literally warms the paint up. In contrast to that, glossy white paint will not absorb light 
energy, So it reflects the light back out, for a “second pass” through the air which fills a room. 


Because of the laws of conservation of energy, and without depending on any “quality of reflectance” 
characteristic of wire tips, electrical energy cannot simply disappear, when it reaches the end of a wire. Instead, 
there are only two things which can happen to that energy: 


(i) the electrical energy can be emitted into the surroundings, such as by emitting sparks, arcs, or radio-frequency 
signals which will carry energy; or 


(ii) if the energy is not emitted by the tip of the wire, then, by simple necessity and because of the basic law of 
conservation of energy, it must be reflected back into the wire, and it will be forced to travel back through the wire 
again. 


If a wire has a long and tapered tip, then the reflected wave might become somewhat diffused, and it might lose 
some portion of the “clarity” of the wave. However, since wavelengths in the frequencies of interest here are 
hundreds of meters long, the type of tip created by a conventional wire cutter will not create any significant 
diffusion, in a reflected wave. And, unlike the white-painted walls of a room, there is not a large area which is 
available, at the tip of a wire, which can create scatter, spread, or diffusion. As a result, the tip of a wire will be a 
relatively efficient mirror-type reflector, when an AC voltage is “pumped” into one end of the wire. 


The second factor mentioned above, when the “double-double” boogie phrase was mentioned, relates to a 
doubling of the frequency of a standing wave. When a standing wave is created in a wire by reflection of an 
emitted AC voltage wave, the frequency of the standing wave is, quite literally, double the frequency of the emitted 
wave. 


This can be seen, visually, by noting that in the emitted AC voltage, shown in Fig.1A, a single complete 
wavelength contains both a “positive hump” and a “negative hump”. Accordingly, three complete sine waves, 
divided into three segments by the imaginary vertical lines, are shown in Fig.1A. 


By contrast, each and every “bubble” shown in Fig.1C depicts a complete and total “wavelength”, in a standing 
wave. Six of those standing wave “bubbles” fit into exactly the same length of wire which holds only 3 emitted 
wavelengths from the power supply. 


The “frequency doubling” effect of standing waves is important, because AC systems can convey and release 
energy in a manner which increases, as the frequency of the AC voltage supply increases. To some extent, this is 
analogous to saying that, if a motor can be run at twice the speed (while still generating the same torque), then the 
work output of that motor can be twice as great, at the higher speed. That analogy is not entirely accurate, since 
work output from an electric device which uses AC power depends on “area of the curve” functions which occur 
when sine waves are involved. Nevertheless, as a general principle, if the frequency of the voltage peaks 
increases, then power output will also increase, in many types of electric circuit components. 


In the three panels of Fig.1, the wire length is three times as long as the wavelength of the voltage from the power 
supply. However, to create standing waves, a wire length does not need to be any particular multiple of the 
wavelength of an AC voltage. As can be seen by considering Fig.1C, the same types of “bubbles” would be 
created: (i) if the wire length were exactly twice as long as the wavelength; or, (ii) if the wire length were the same 
length as the wavelength. 
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Accordingly, Fig.2 (which includes Fig.2A showing an emitted wave, Fig.2B showing a reflected wave, and 
Fig.2C showing the superimposed “bubbles”) shows what happens in a wire segment which has a length which is 
equal to a single wavelength from an AC voltage at a fixed frequency. A resonant standing wave will be formed, 
with a frequency which is double the frequency of the input AC voltage. which same result will apply, in a wire 
having any length which is an exact (integer) multiple (Such as 1x, 2x, 3x, etc.) of the wavelength of the AC 
voltage being pushed (or forced, driven, pumped, etc.) into the wire segment. 
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Moving to still shorter wires, the same principle also applies to any wire with a length equal to one half of an AC 
voltage wavelength. As shown in Fig.3 (which includes Fig. 3A showing an emitted wave, Fig. 3B showing a 
reflected wave, and Fig. 3C showing the superimposed “bubbles’), if the wire length is one half of the wavelength, 
a natural and resonant standing wave will still form, with a frequency which is double the frequency of the input AC 
voltage. 
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Finally, moving to a still shorter wire, the same principle also applies to any wire which has a length equal to one 
quarter of an AC voltage wavelength, as shown in Fig.4A, Fig.4B, and Fig.4C Even though it does not stretch 
across or cover a complete “bubble”, the standing wave shown in Fig.4C is nevertheless a stable, natural, and 
resonant “standing wave”, with a frequency which is exactly twice the frequency of the input AC voltage. 


It is possible to create partially stable and semi-resonant responses, using one eighth, one sixteenth, or shorter 
lengths of wire, by using additional devices which can remove electrical power from the system, or which can 
generate effects which are usually called “harmonics”. However, those are not the types of natural and stable 
responses which can be created by a simple, basic system consisting of nothing more than: (i) a wire having a 
fixed length and a “reflective” tip; and (ii) an AC power source with a frequency which can be “tuned” until it 
creates a resonant response in any wire segment having a suitable length. 


Therefore, since quarter-wave wire lengths are the shortest lengths which can create natural and stable standing 
waves, the conventional term which is commonly used, to describe what happens when a wire creates a resonant 
standing-wave response, is a “quarter-wave” response. 


In some devices, telescoping components (or other elements which can alter the effective length of a wire-type 
element) can be used to alter the ability of the element to respond to a fixed wavelength. Many types of antennas 
use this approach, if they need to process signals which are being transmitted on fixed and known frequencies. 
However, those examples are not relevant to spiral coil reactors, which will use an approach which involves tuning 
and adjusting the frequency of the voltage which is being supplied to a reactor, until a resonant response is 
observed in coils with fixed and unchanging lengths. 


It should also be noted that certain types of “tuning” elements (Such as capacitors, which can have either fixed or 
adjustable capacitance levels) can also be coupled electrically to a wire, in a manner which “emulates” adding 
more length to that wire. This approach can be used to alter (or increase the range of) the frequencies to which a 
wire circuit will respond resonantly. 


So, if we have resonant standing-wave voltages in our L2 coil and some of that signal passes through the wire 
connecting one end of the coil to the earth, then what will happen? The best way to check it is to test the way 
which a prototype behaves, however, if | may express an opinion, | would suggest that the signal passing down 
the earth wire will be absorbed when it reaches the earth and that will prevent the signal being reflected back to 
the L2 coil to upset it’s operation. 


Another device of Don's is particularly attractive because almost no home-construction is needed, all of the 
components being available commercially, and the output power being adaptable to any level which you want. 
Don particularly likes this circuit because it demonstrates COP>1 so neatly and he remarks that the central 
transmitter Tesla Coil on its own is sufficient to power a household. 


Another device of Don's is particularly attractive in that almost no home-construction is needed, all of the 
components being available commercially, and the output power being adaptable to any level which you want. 
Don particularly likes this circuit because it demonstrates COP>1 so neatly and he remarks that the central 
transmitter Tesla Coil on its own is sufficient to power a household. 





The coil in the centre of the board is a power transmitter made from a Tesla Coil constructed from two Barker & 
Williamson ready-made coils. Three more of the inner coil are also used as power receivers. The outer, larger 
diameter coil is a few turns taken from one of their standard coils and organised so that the coil wire length is one 
quarter of the coil wire length of the inner coil ("L2"). 


As before, a commercial neon-tube driver module is used to power the "L1" outer coil with high voltage and high 
frequency. It should be understood that as power is drawn from the local environment each time the power driving 
the transmitter coil "L1" cycles, that the power available is very much higher at higher frequencies. The power at 
mains frequency of less than 100 Hz is far, far less than the power available at 35,000 Hz, so if faced with the 
choice of buying a 25 kHz neon-tube driver module or a 35 kHz module, then the 35 kHz module is likely to give a 
much better output power at every voltage level. 





The "L1" short outer coil is held in a raised position by the section of white plastic pipe in order to position it 
correctly relative to the smaller diameter "L2" secondary coil. Again, it appears to have five turns: 





The secondary coils are constructed using Barker & Williamson's normal method of using slotted strips to hold the 
tinned, solid copper wire turns in place. 





As there are very slight differences in the manufactured coils, each one is tuned to the exact transmitter frequency 
and a miniature neon is used to show when the tuning has been set correctly. 


The key feature of this device is the fact that any number of receiver coils can be placed near the transmitter and 
each will receive a full electrical pick up from the local environment, without altering the power needed to drive the 
Tesla Coil transmitter - more and more output without increasing the input power - unlimited COP values, all of 
which are over 1. The extra power is flowing in from the local environment where there is almost unlimited 
amounts of excess energy and that inflow is caused by the rapidly vibrating magnetic field generated by the 


central Tesla Coil. While the additional coils appear to just be scattered around the base board, this is not the 
case. The YouTube video http://www.youtube.com/watch?v=TINEHZRm4z4&feature=related demonstrates that 
the pick-up of these coils is affected to a major degree by the distance from the radiating magnetic field. This is to 
do with the wavelength of the signal driving the Tesla Coil, so the coils shown above are all positioned at exactly 
the same distance from the Tesla Coil. You still can have as many pick-up coils as you want, but they will be 
mounted in rings around the Tesla Coil and the coils in each ring will be at the same distance from the Tesla Coil 
in the centre. 


Each of the pick up coils act exactly the same as the "L2" secondary coil of the Tesla Coil transmitter, each 
picking up the same level of power. Just as with the actual "L2" coil, each will need an output circuit arrangement 
as described for the previous device. Presumably, the coil outputs could be connected in parallel to increase the 
output amperage, as they are all resonating at the same frequency and in phase with each other. Each will have 
its own separate output circuit with a step-down isolation transformer and frequency adjustment as before. If any 
output is to be a rectified DC output, then no frequency adjustment is needed, just rectifier diodes and a 
smoothing capacitor following the step-down transformer which will need to be an air core or ferrite core type due 
to the high frequency. High voltage capacitors are very expensive. The http://www.richieburnett.co.uk/parts.html 
web site shows various ways of making your own high-voltage capacitors and the advantages and disadvantages 
of each type. 


There are two practical points which need to be mentioned. Firstly, as the Don Smith devices shown above feed 
radio frequency waveforms to coils which transmit those signals, it may be necessary to enclose the device in an 
earthed metal container in order not to transmit illegal radio signals. Secondly, as it can be difficult to obtain high- 
voltage high-current diodes, they can be constructed from several lower power diodes. To increase the voltage 
rating, diodes can be wired in a chain. Suitable diodes are available as repair items for microwave ovens. These 
typically have about 4,000 volt ratings and can carry a good level of current. As there will be minor manufacturing 
differences in the diodes, it is good practice to connect a high value resistor (in the 1 to 10 megohm range) across 
each diode as that ensures that there is a roughly equal voltage drop across each of the diodes: 
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If the diode rating of these diodes were 4 amps at 4,000 volts, then the chain of five could handle 4 amps at 
20,000 volts. The current capacity can be increased by connecting two or more chains in parallel. 


Two DVDs containing video recordings of Don Smith's lectures are available for purchase via the website link: 
https://secure.netsolhost.com/nuenergy.org/product_catalog.htm 


Various questions from readers indicate that the operation of AC circuits is not really understood, so electronics 
experts can skip this next section. 


AC Circuits. This is a lightweight introduction to Alternating Current circuits and pulsed DC circuits for people 
who have not read Chapter 12 which is an electronics tutorial. Let me say again, that | am mainly self-taught, and 
so this is just a general introduction based on my present understanding. 


Alternating Current, generally called “AC” is called that because the voltage of this type of power supply is not a 
constant value. A car battery, for instance, is DC and has a fairly constant voltage usually about 12.8 volts when 
in it’s fully charged state. If you connect a voltmeter across a car battery and watch it, the voltage reading will not 
change. Minute after minute it says exactly the same because it is a DC source. 


If you connect an AC voltmeter across an AC power supply, it too will give a steady reading, but it is telling a lie. 
The voltage is changing all the time in spite of that steady meter reading. What the meter is doing is assuming 
that the AC waveform is a sine wave like this: 





and based on that assumption, it displays a voltage reading which is called the “Root Mean Square” or “RMS” 
value. The main difficulty with a sine wave is that the voltage is below zero volts for exactly the same length of 


time as it is above zero volts, so if you average it, the result is zero volts, which is not a satisfactory result because 
you can get a shock from it and so it can’t be zero volts, no matter what the arithmetical average is. 


To get over this problem, the voltage is measured thousands of times per second and the results squared (that is, 
the value is multiplied by itself) and then those values are averaged. This has the advantage that when the 
voltage is say, minus 10 volts and you square it, the answer is plus 100 volts. In fact, all of the answers will be 
positive, which means that you can add them together, average them and get a sensible result. However, you 
end up with a value which is far too high because you squared every measurement, and so you need to take the 
square root of that average (or “mean”) value, and that is where the fancy sounding “Root Mean Square” name 
comes from — you are taking the (Square) root of the (average or) mean value of the squared measurements. 


With a sine wave like this, the voltage peaks are 41.4% higher than the RMS value which everyone talks about. 
This means that if you feed 100 volts AC through a rectifier bridge of four diodes and feed it into a capacitor the 
capacitor voltage will not be 100 volts DC but instead it will be 141.4 volts DC and you need to remember that 
when choosing the voltage rating of the capacitor. In that instance | would suggest a capacitor which is made to 
operate with voltages up to 200 volts. 


You probably already knew all of that, but it may not have occurred to you that if you use a standard AC voltmeter 
on a waveform which is not a sine wave, that the reading on the meter is most unlikely to be correct or anywhere 
near correct. So, please don’t merrily connect an AC voltmeter across a circuit which is producing sharp voltage 
spikes like, for instance, one of John Bedini’s battery pulsing circuits, and think that the meter reading means 
anything (other than meaning that you don’t understand what you are doing). 


You will, hopefully, have learned that power in watts is determined by multiplying the current in amps by the 
voltage in volts. For example, 10 amps of current flowing out of a 12 volt power supply, represents 120 watts of 
power. Unfortunately, that only holds true for circuits which are operating on DC, or AC circuits which have only 
resistors in them. The situation changes for AC circuits which have non-resistive components in them. 


The circuits of this type which you are likely to come across are circuits which have coils in them, and you need to 
think about what you are doing when you deal with these types of circuit. For example, consider this circuit: 


Transformer 





This is the output section of a prototype which you have just built. The input to the prototype is DC and measures 
at 12 volts, 2 amps (which is 24 watts). Your AC voltmeter on the output reads 15 volts and your AC ammeter 
reads 2.5 amps and you are delighted because 15 x 2.5 = 37.5 which looks much bigger than the 24 watts of input 
power. But, just before you go rushing off to announce on YouTube that you have made a prototype with COP = 
1.56 or 156% efficient, you need to consider the real facts. 


This is an AC circuit and unless your prototype is producing a perfect sine wave, then the AC voltmeter reading 
will be meaningless. It is just possible that your AC ammeter is one of the few types that can accurately measure 
the current no matter what sort of waveform is fed to it, but it is distinctly possible that it will be a digital meter 
which assesses current by measuring the AC voltage across a resistor in series with the output, and if that is the 
case, it will probably be assuming a sine wave. The odds are that both readings are wrong, but let’s take the case 
where we have great meters which are reading the values perfectly correctly. Then the output will be 37.5 watts, 
won't it? Well, actually, no it won’t. The reason for this is that the circuit is feeding the transformer winding which 
is a coil and coils don’t work like that. 


The problem is that, unlike a resistor, when you apply a voltage across a coil the coil starts absorbing energy and 
feeding it into the magnetic field around the coil, so there is a delay before the current reaches it’s maximum 
value. With DC, this generally doesn’t matter very much, but with AC where the voltage is changing continuously, 
it matters a great deal. The situation can be as shown in this graph of both voltage and current: 
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At first, this does not look like any great problem, but it has a very significant effect on the actual power in watts. 
To get the 37.5 watts output which we were talking about earlier, we multiplied the average voltage level by the 
average current level. But these two values do not occur at the same time and that has a major effect. 


As this can be a little difficult to see, let’s take the peak values rather than the averages as they are easier to see. 
Let’s say that in our example graph that the voltage peak is 10 volts and the current peak is 3 amps. If this were 


DC we would multiply them together and say that the power was 30 watts. But with AC, this does not work due to 
the timing difference: 


P Ai Reakss We vOl Current peak is 3 amps 


When the voltage is peaking, the current is nowhere near it’s peak value of 3 amps: 


Current is only about 1.4 amps 
when the voltage is at it's peak 


As a result of this, instead of getting our expected peak power at the top of the voltage peak, the actual power in 
watts is very much lower — less than half of what we were expecting. Not so good, but it gets worse when you 
look at the situation more closely. Take a look at what the voltage is when the current crosses the zero line, that 


is, when the current is zero. The output power is zero when the current is zero but this occurs when the voltage is 
at a very high value: 


Power is zero when votage is near it's peak. 


The same goes for when the voltage is zero. When the voltage is zero, then the power is also zero, and you will 
notice that this occurs when the current is at a high value: 


Wi Power is zero at a high current value 


The power is not the average current multiplied by the average voltage if there is a coil involved in the circuit — it 
will be less than that by an amount known as the “power factor” and I'll leave you to work out why it is called that. 


So, how do you determine what the power is? It is done by sampling the voltage and current many times per 
second and averaging those combined results: 


Both the voltage and the current are sampled at the times indicated by the vertical red lines and those figures are 
used to calculate the actual power level. In this example, only a few samplings are shown, but in practice, a very 
large number of samples will be taken. The piece of equipment which does this is known as a wattmeter as it 
measures watts of power. The sampling can be done by windings inside the instrument, resulting in an instrument 
which can be damaged by overloading without the needle being anywhere near full deflection, or it can be done 
by digital sampling and mathematical integration. Most digital sampling versions of these meters only operate at 
high frequencies, typically over 400,000 cycles per second. Both varieties of wattmeter can handle any waveform 
and not just sine waves. 


The power company supplying your home, measures the current and assumes that the full voltage is present 
during all of the time that the current is being drawn. If you are powering a powerful electric motor from the mains, 
then this current lag will cost you money as the power company does not take it into account. It is possible to 
correct the situation by connecting one or more suitable capacitors across the motor to minimise the power loss. 


With a coil (fancy name “inductor” symbol “L”), AC operation is very different to DC operation. The coil has a DC 
resistance which can be measured with the ohms range of a multimeter, but that resistance does not apply when 
AC is being used as the AC current flow is not determined by the DC resistance of the coil. Because of this, a 
second term has to be used for the current-controlling factor of the coil, and the term chosen is “impedance” or for 
people who like to make everything sound unduly complicated “reactance”. | will stick with the term “impedance” 
as it is clear that it is the feature of the coil which “impedes” AC current flow through the coil. 


The impedance of a coil depends on it’s size, shape, method of winding, number of turns and core material. It 
also depends on the frequency of the AC voltage being applied to it. If the core is made up of iron or steel, usually 
thin layers of iron which are insulated from each other, then it can only handle low frequencies. You can forget 
about trying to pass 10,000 cycles per second (“Hz”) through the coil as the core just can’t change it’s magnetic 
poles fast enough to cope with that frequency. A core of that type is ok for the very low 50 Hz or 60 Hz 
frequencies used for mains power, which are kept that low so that electric motors can use it. 


For higher frequencies, ferrite can be used for a core and that is why some portable radios use ferrite-rod aerials, 
which are a bar of ferrite with a coil wound on it. For higher frequencies (or higher efficiencies) iron dust 
encapsulated in epoxy resin is used. An alternative is to not use any core material and that is usually referred to 
as an “air-core” coil. These are not limited in frequency by the core but they have a very much lower inductance 
for any given number of turns. The efficiency of the coil is called it’s “Q” (for “Quality”) and the higher the Q factor, 
the better. The resistance of the wire lowers the Q factor. 


A coil has inductance, and resistance caused by the wire, and capacitance caused by the turns being near each 
other. However, having said that, the inductance is normally so much bigger than the other two components that 
we tend to ignore the other two. Something which may not be immediately obvious is that the impedance to AC 
current flow through the coil depends on how fast the voltage is changing. If the AC voltage applied to a coil 
completes one cycle every ten seconds, then the impedance will be much lower than if the voltage cycles a million 
times per second. 


If you had to guess, you would think that the impedance would increase steadily as the AC frequency increased. 
In other words, a Straight-line graph type of change. That is not the case. Due to a feature called resonance, 
there is one particular frequency at which the impedance of the coil increases massively. This is used in the 
tuning method for AM radio receivers. In the very early days when electronic components were hard to come by, 
variable coils were sometimes used for tuning. We still have variable coils today, generally for handling large 
currents rather than radio signals, and we call them “rheostats” and some look like this: 







SLIDER— gam 


COIL CONTACT 





These have a coil of wire wound around a hollow former and a slider can be pushed along a bar, connecting the 
slider to different winds in the coil depending on it’s position along the supporting bar. The terminal connections 
are then made to the slider and to one end of the coil. The position of the slider effectively changes the number of 
turns of wire in the part of the coil which is being used in the circuit. Changing the number of turns in the coil, 
changes the resonant frequency of that coil. AC current finds it very, very hard to get through a coil which has the 
same resonant frequency as the AC current frequency. Because of this, it can be used as a radio signal tuner: 









Aerial : 
Germanium 
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If the coil’s resonant frequency is changed to match that of a local radio station by sliding the contact along the 
coil, then that particular AC signal frequency from the radio transmitter finds it almost impossible to get through the 
coil and so it (and only it) diverts through the diode and headphones as it flows from the aerial wire to the earth 
wire and the radio station is heard in the headphones. If there are other radio signals coming down the aerial 
wire, then, because they are not at the resonant frequency of the coil, they flow freely through the coil and don’t 
go through the headphones. 


This system was soon changed when variable capacitors became available as they are cheaper to make and they 
are more compact. So, instead of using a variable coil for tuning the radio signal, a variable capacitor connected 
across the tuning coil did the same job: 
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While the circuit diagram above is marked “Tuning capacitor” that is actually quite misleading. Yes, you tune the 
radio receiver by adjusting the setting of the variable capacitor, but, what the capacitor is doing is altering the 


resonant frequency of the coil/capacitor combination and it is the resonant frequency of that combination which is 
doing exactly the same job as the variable coil did on it’s own. 


This draws attention to two very important facts concerning coil/capacitor combinations. When a capacitor is 
placed across a coil “in parallel” as shown in this radio receiver circuit, then the combination has a very high 
impedance (resistance to AC current flow) at the resonant frequency. But if the capacitor is placed “in series” with 
the coil, then there is nearly zero impedance at the resonant frequency of the combination: 


4 + Very HIGH resistance 20000 1) Very LOW resistance 
at resonance at resonance 


This may seem like something which practical people would not bother with, after all, who really cares? However, 
it is a very practical point indeed. Remember that Don Smith often uses an early version, off-the-shelf neon-tube 
driver module as an easy way to provide a high-voltage, high-frequency AC current source, typically, 6,000 volts 
at 30,000 Hz. He then feeds that power into a Tesla Coil which is itself, a power amplifier. The arrangement is 


like this: 
pena aene Neon-tube Le 
driver driver 
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People who try to replicate Don’s designs tend to say “I get great sparks at the spark gap until | connect the L1 
coil and then the sparks stop. This circuit can never work because the resistance of the coil is too low’. 


If the resonant frequency of the L1 coil does not match the frequency being produced by the neon-tube driver 
circuit, then the low impedance of the L1 coil at that frequency, will definitely pull the voltage of the neon-tube 
driver down to a very low value. But if the L1 coil has the same resonant frequency as the driver circuit, then the 
L1 coil (or the L1 coil/capacitor combination shown on the right, will have a very high resistance to current flow 
through it and it will work well with the driver circuit. So, no sparks, means that the coil tuning is off. It is the same 
as tuning a radio receiver, get the tuning wrong and you don’t hear the radio station. 


This is very nicely demonstrated using simple torch bulbs and two coils in the YouTube video showing good 


output for almost no input power: http:/Avww.youtube.com/watch?v=kQOdcwDCBONY and while only one resonant 
pick-up coil is shown, there is the possibility of using many resonant pick-up coils with just the one transmitter. 


As it would not be unusual for many readers to feel that there is some "black magic" about the neon-driver circuit 
used by Don to drive the Tesla Coil section of his circuitry and that if a suitable unit could not be purchased then 
the circuit could not be reproduced or tested, it seems reasonable to show how it operates and how it can be 
constructed from scratch: 


The circuit itself is made up of an oscillator to convert the 12-volt DC supply into a pulsating current which is then 
stepped up to a high voltage by a transformer. Here is a circuit which has been used for this: 








OSCILLATOR VOLTAGE STEP-UP 


The supply for the 555 timer chip is protected against spikes and dips by the resistor "R" and the capacitor "C". 
The 555 timer chip acts as an oscillator or "clock" whose speed is governed by the two 10K resistors feeding the 
440 nF capacitor. The step-up transformer is an ordinary car coil and the drive power to it is boosted by the 
IRP9130 FET transistor which is driven by the 555 chip output coming from it's pin 3. 


The output from the (Ford Model T) car coil is rectified by the diode, which needs to have a very high voltage 
rating as the voltage at this point is now very high. The rectified voltage pulses are stored in a very high-voltage 
capacitor before being used to drive a Tesla Coil. As a powerful output is wanted, two car coils are used and their 
outputs combined as shown here: 





You will notice that the car coil has only three terminals and the terminal marked "+" is the one with the connection 
common to both of the coils inside the housing. The coil may look like this: 





and the "+" is generally marked on the top beside the terminal with the two internal connections running to it. The 
circuit described so far is very close to that provided by a neon-tube driver circuit and it is certainly capable of 
driving a Tesla Coil. 


There are several different way of constructing a Tesla Coil. It is not unusual to have several spark gaps 
connected in a chain. This arrangement is called a "series spark gap" because the spark gaps are connected "in 
series" which is just a technical way of saying "connected in a row". In the chapter on aerial systems, you will see 
that Hermann Plauston uses that style of spark gap with the very high voltages which he gets from his powerful 
aerial systems. These multiple spark gaps are much quieter in operation than a single spark gap would be. One 
of the possible Tesla Coil designs uses a pancake coil as the "L1" coil as that gives even higher gain. The circuit 
is as shown here: 
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The connection to the pancake coil is by a moveable clamp and the two coils are tuned to resonance by careful 
and gradual adjustment of that connection. The series spark gap can be constructed in various ways, including 
using car spark plugs. The one shown here uses nuts and bolts projecting through two strips of a stiff, non- 
conducting material, as that is much easier to adjust than the gaps of several spark plugs: 


Wire | 
connection 








Tightening the bolts which compress the springs moves the bolt heads closer together and reduces all of the 
spark gaps. The electrical connections can be made to the end tags or to any of the intermediate wire connection 
straps if fewer spark gaps are required in the chain. 


Let me remind you again that this is not a toy and very high voltages will be produced. Also, let me stress again 
that if you decide to construct anything, then you do so entire on your own responsibility. This document is only 
provided for information purposes and must not be seen as an encouragement to build any such device nor is any 
guarantee given that any of the devices described in this eBook will work as described should you decide to 
attempt to construct a replication prototype of your own. Generally, it takes skill and patience to achieve success 
with any free-energy device and Don Smith's devices are some of the most difficult, especially since he admits 
quite freely that he does not disclose all of the details. 


The output capacitor marked "C1" in the circuit diagram above has to be able to handle very high voltages. There 
are various ways of dealing with this. Don dealt with it by getting very expensive capacitors manufactured by a 
specialist company. Some home-based constructors have had success using glass beer bottles filled with a salt 
solution. The outside of the bottles are wrapped in aluminium foil to form one of the contacts of the capacitor and 
bare wires are looped from deep inside each bottle on to the next one, looping from the inside of one bottle to the 
inside of the next one, and eventually forming the other contact of the capacitor. While that appears to work well, 
it is not a very convenient thing to carry around. An alternative is just to stand the bare bottles in a container 
which is lined with foil which forms the second contact of the capacitor. 


One method which has been popular in the past is to use two complete rolls of aluminium foil, sometimes called 
"baking foil", laying them one flat, covering it with one or more layers of plastic cling film and laying the second roll 
of foil on top of the plastic. The three layers are then rolled up to form the capacitor. Obviously, several of these 
can be connected together in parallel in order to increase the capacitance of the set. The thicker the plastic, the 
lower the capacitance but the higher the voltage which can be handled. 


The November 1999 issue of Popular Electronics suggests using 33 sheets of the thin aluminium used as a 
flashing material by house builders. At that time it was supplied in rolls which were ten inches (250 mm) wide, so 
their design uses 14" (355 mm) lengths of the aluminium. The plastic chosen to separate the plates was 
polythene sheet 0.062 inch (1.6 mm) thick which is also available from a builders merchants outlet. The plastic is 
cut to 11 inch (280 mm) by 13 inch (330 mm) and assembly is as follows: 


vA Plastic sheet 


Aluminium sheet 


























SIDE VIEW TOP VIEW 


The sandwich stack of sheets is then clamped together between two rigid timber sheets. The tighter that they are 
clamped, the closer the plates are to each other and the higher the capacitance. The electrical connections are 
made by running a bolt through the projecting ends of the plates. With two thicknesses of plastic sheet and one of 
aluminium, there should be room for a washer between each pair of plates at each end and that would improve 
the clamping and the electrical connection. An alternative is to cut a corner off each plate and position them 
alternatively so that almost no plate area is ineffective. 


As Don Smith has demonstrated in one of his video presentations, Nikola Tesla was perfectly correct when he 
stated that directing the discharge from a Tesla Coil on to a metal plate (or in Don's case, one of the two metal 
plates of a two-plate capacitor where a plastic sheet separates the plates just as shown above), produces a very 
powerful current flow onwards through a good earth connection. Obviously, if an electrical load is positioned 
between the plates and the earth connection, then the load can be powered to a high level of current, giving a 
very considerable power gain. 


Coil Construction: The Barker & Williamson coils used by Don in his constructions are expensive to purchase. Some 
years ago, in an article in a 1997 issue of the “QST” amateur radio publication, Robert H. Johns shows how similar coils can be 
constructed without any great difficulty. The Electrodyne Corporation research staff have stated that off-the-shelf solid tinned 
copper wire produces three times the magnetic field that un-tinned copper does, so perhaps that should be borne in mind 
when choosing the wire for constructing these coils. 





These home-made coils have excellent “Q” Quality factors, some even better than the tinned copper wire coils of 
Barker & Williamson because the majority of electrical flow is at the surface of the wire and copper is a better 
conductor of electricity than the silver tinning material. 


The inductance of a coil increases if the turns are close together. The capacitance of a coil decreases if the turns 
are spread out. A good compromise is to space the turns so that there is a gap between the turns of one wire 
thickness. A common construction method with Tesla Coil builders is to use nylon fishing line or plastic strimmer 
cord between the turns to create the gap. The method used by Mr Johns allows for even spacing without using 
any additional material. The key feature is to use a collapsible former and wind the coil on the former, space the 
turns out evenly and then clamp them in position with strips of epoxy resin, removing the former when the resin 
has set and cured. 


Mr Johns has difficulty with his epoxy being difficult to keep in place, but when mixed with the West System micro 
fibres, epoxy can be made any consistency and it can be applied as a stiff paste without any loss of it’s properties. 
The epoxy is kept from sticking to the former by placing a strip of electrical tape on each side of the former. 
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coil former “~~ s 
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Wire termination holes 





——- Wooden spreader piece 


| suggest that the plastic pipe used as the coil former is twice the length of the coil to be wound as that allows a 
good degree of flexing in the former when the coil is being removed. Before the two slots are cut in the plastic 
pipe, a wooden spreader piece is cut and it’s ends rounded so that it is a push-fit in the pipe. This spreader piece 
is used to hold the sides of the cut end exactly in position when the wire is being wrapped tightly around the pipe. 


Two or more small holes are drilled in the pipe beside where the slots are to be cut. These holes are used to 
anchor the ends of the wire by passing them through the hole and bending them. Those ends have to be cut off 
before the finished coil is slid off the former, but they are very useful while the epoxy is being applied and 
hardening. The pipe slots are cut to a generous width, typically 10 mm or more. 


The technique is then to wedge the wooden spreader piece in the slotted end of the pipe. Then anchor the end of 
the solid copper wire using the first of the drilled holes. The wire, which can be bare or insulated, is then wrapped 
tightly around the former for the required number of turns, and the other end of the wire secured in one of the 
other drilled holes. It is common practice to make the turns by rotating the former. When the winding is 
completed, the turns can be spaced out more evenly if necessary, and then a strip of epoxy paste applied all 
along one side of the coil. When that has hardened, (or immediately if the epoxy paste is stiff enough), the pipe is 
turned over and a second epoxy strip applied to the opposite side of the coil. A strip of paxolin board or strip- 
board can be made part of the epoxy strip. Alternatively, an L-shaped plastic mounting bracket or a plastic 
mounting bolt can be embedded in the epoxy ready for the coil installation later on. 


When the epoxy has hardened, typically 24 hours later, the coil ends are snipped off, the spreader piece is tapped 
out with a dowel and the sides of the pipe pressed inwards to make it easy to slide the finished coil off the former. 
Larger diameter coils can be wound with small-diameter copper pipe. 


The coil inductance can be calculated from: 
Inductance in microhenrys L = d*n7/ (18d + 40l) 


Where: 

d is the coil diameter in inches measured from wire centre to wire centre 
n is the number of turns in the coil 

lis coil length in inches (1 inch = 25.4 mm) 


Using this equation for working out the number of turns for a given inductance in microhenrys: 


/L(18d + 401) 


d 


Patrick Kelly 
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Introduction 


Nature moves in the form of a sine wave, be it an ocean 
wave, earthquake, sonic boom, explosion, sound through air, 
or the natural frequency of a body in motion. Energy, vibrating 
particles and other invisible forces pervade our physical 
universe. Even light — part particle, part wave — has a 
fundamental frequency, which can be observed as color. 


Sensors can convert these forces into electrical 
signals that you can observe and study with an 
oscilloscope. Oscilloscopes enable scientists, 
engineers, technicians, educators and others to 
“see” events that change over time. 


Oscilloscopes are indispensable tools for anyone designing, 
manufacturing or repairing electronic equipment. In today’s 
fast-paced world, engineers need the best tools available to 
solve their measurement challenges quickly and accurately. 
As the eyes of the engineer, oscilloscopes are the key to 
meeting today’s demanding measurement challenges. 


The usefulness of an oscilloscope is not limited to the world 
of electronics. With the proper sensor, an oscilloscope can 
measure all kinds of phenomena. A sensor is a device that 
creates an electrical signal in response to physical stimuli, 
such as sound, mechanical stress, pressure, light, or heat. A 
microphone is a sensor that converts sound into an electrical 
signal. Figure 1 shows an example of scientific data that can 
be gathered by an oscilloscope. 


Oscilloscopes are used by everyone from physicists to repair 
technicians. An automotive engineer uses an oscilloscope to 
correlate analog data from sensors with serial data from the 
engine control unit. A medical researcher uses an oscillscope 
to measure brain waves. The possibilities are endless. 


The concepts presented in this primer will provide you with 
a good starting point in understanding oscilloscope basics 
and operation. 
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Figure 1. An example of scientific data gathered by an oscilloscope. 


The glossary in the back of this primer will give you definitions 
of unfamiliar terms. The vocabulary and multiple-choice 
written exercises on oscilloscope theory and controls make 
this primer a useful classroom aid. No mathematical or 
electronics knowledge is necessary. 

After reading this primer, you will be able to: 

a Describe how oscilloscopes work 

uw Describe the differences between various oscilloscopes 

a Describe electrical waveform types 


Understand basic oscilloscope controls 


a Take simple measurements 


The manual provided with your oscilloscope will give you 
more specific information about how to use the oscilloscope 
in your work. Some oscilloscope manufacturers also provide 
a multitude of application notes to help you optimize the 
oscilloscope for your application-specific measurements. 


Should you need additional assistance, or have any 
comments or questions about the material in this primer, 
simply contact your Tektronix representative, or visit 
www.tektronix.com. 
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Signal Integrity 
The Significance of Signal Integrity 


The key to any good oscilloscope system is its ability to 

accurately reconstruct a waveform — referred to as signal 

integrity. An oscilloscope is analogous to a camera that 

captures signal images that we can then observe and 

interpret. Two key issues lie at the heart of signal integrity. 

a When you take a picture, is it an accurate picture of what 
actually happened? 


am ls the picture clear or fuzzy? 


gw How many of those accurate pictures can you take per 
second? 


Taken together, the different systems and performance capa- 
bilities of an oscilloscope contribute to its ability to deliver the 
highest signal integrity possible. Probes also affect the signal 
integrity of a measurement system. 


Signal integrity impacts many electronic design disciplines. 
But until a few years ago, it wasn’t much of a problem for 
digital designers. They could rely on their logic designs to 

act like the Boolean circuits they were. Noisy, indeterminate 
signals were something that occurred in high-speed designs 
— something for RF designers to worry about. Digital systems 
switched slowly and signals stabilized predictably. 


Processor clock rates have since multiplied by orders of 
magnitude. Computer applications such as 3D graphics, 
video and server I/O demand vast bandwidth. Much of 
today’s telecommunications equipment is digitally based, 

and similarly requires massive bandwidth. So too does 

digital high-definition TV. The current crop of microprocessor 
devices handles data at rates up to 2, 3 and even 5 GS/s 
(gigasamples per second), while some DDR3 memory 
devices use clocks in excess of 2 GHz as well as data signals 
with 35 ps rise times. 


Importantly, speed increases have trickled down to the 
common IC devices used in automobiles, consumer 
electronics, and machine controllers, to name just a few 
applications. 
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A processor running at a 20 MHz clock rate may well have 
signals with rise times similar to those of an 800 MHz proces- 
sor. Designers have crossed a performance threshold that 
means, in effect, almost every design is a high-speed design. 


Without some precautionary measures, high-speed problems 
can creep into otherwise conventional digital designs. If a 
Circuit is experiencing intermittent failures, or if it encounters 
errors at voltage and temperature extremes, chances are 
there are some hidden signal integrity problems. These can 
affect time-to-market, product reliability, EMI compliance, 
and more. These high-speed problems can also impact the 
integrity of a serial data stream in a system, requiring some 
method of correlating specific patterns in the data with the 
observed characteristics of high-speed waveforms. 


Why is Signal Integrity a Problem? 


Let’s look at some of the specific causes of signal degrada- 
tion in today’s digital designs. Why are these problems so 
much more prevalent today than in years past? 


The answer is speed. In the “slow old days,” maintaining 
acceptable digital signal integrity meant paying attention to 
details like clock distribution, signal path design, noise mar- 
gins, loading effects, transmission line effects, bus termina- 
tion, decoupling and power distribution. All of these rules still 
apply, but... 


Bus cycle times are up to a thousand times faster than they 
were 20 years ago! Transactions that once took microsec- 
onds are now measured in nanoseconds. To achieve this 
improvement, edge speeds too have accelerated: they are 
up to 100 times faster than those of two decades ago. 


This is all well and good; however, certain physical realities 
have kept circuit board technology from keeping up the pace. 
The propagation time of inter-chip buses has remained 
almost unchanged over the decades. Geometries have 
shrunk, certainly, but there is still a need to provide circuit 
board real estate for IC devices, connectors, passive compo- 
nents, and of course, the bus traces themselves. This real 
estate adds up to distance, and distance means time — the 
enemy of speed. 


www.tektronix.com/oscilloscopes 5 


@ 


03W-8605-5.qxd 


12/10/09 


10:23 AM Page 6 


Primer 


It’s important to remember that the edge speed — rise time — 
of a digital signal can carry much higher frequency compo- 
nents than its repetition rate might imply. For this reason, 
some designers deliberately seek IC devices with relatively 
“slow” rise times. 

The lumped circuit model has always been the basis of 

most calculations used to predict signal behavior in a circuit. 
But when edge speeds are more than four to six times faster 
than the signal path delay, the simple lumped model no 
longer applies. 

Circuit board traces just six inches long become transmission 
lines when driven with signals exhibiting edge rates below 
four to six nanoseconds, irrespective of the cycle rate. 

In effect, new signal paths are created. These intangible 
connections aren’t on the schematics, but nevertheless 
provide a means for signals to influence one another in 
unpredictable ways. 


Sometimes even the errors introduced by the 
probe/instrument combination can provide 

a significant contribution to the signal being 
measured. However, by applying the “square 
root of the sum of the squares” formula to the 
measured value, it is possible to determine 
whether the device under test is approaching 
a rise/fall time failure. In addition, recent 
oscilloscope tools use special filtering tech- 
niques to de-embed the measurement system’s 
effects on the signal, displaying edge times 
and other signal characteristics. 
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At the same time, the intended signal paths don’t work the 
way they are supposed to. Ground planes and power planes, 
like the signal traces described above, become inductive 
and act like transmission lines; power supply decoupling 

is far less effective. EMI goes up as faster edge speeds 
produce shorter wavelengths relative to the bus length. 
Crosstalk increases. 


In addition, fast edge speeds require generally higher currents 
to produce them. Higher currents tend to cause ground 
bounce, especially on wide buses in which many signals 
switch at once. Moreover, higher current increases the 
amount of radiated magnetic energy and with it, crosstalk. 


Viewing the Analog Origins of Digital Signals 


What do all these characteristics have in common? They 
are classic analog phenomena. To solve signal integrity 
problems, digital designers need to step into the analog 
domain. And to take that step, they need tools that can 
show them how digital and analog signals interact. 


Digital errors often have their roots in analog signal integrity 
problems. To track down the cause of the digital fault, it’s 
often necessary to turn to an oscilloscope, which can display 
waveform details, edges and noise; can detect and display 
transients; and can help you precisely measure timing 
relationships such as setup and hold times. Modern oscillo- 
scopes can help to simplify the troubleshooting process by 
triggering on specific patterns in parallel or serial data 
streams and displaying the analog signal that corresponds in 
time with a specified event. 


Understanding each of the systems within your oscilloscope 
and how to apply them will contribute to the effective 
application of the oscilloscope to tackle your specific 
measurement challenge. 
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Figure 2. X, Y, and Z components of a displayed waveform. 


The Oscilloscope 


What is an oscilloscope and how does it work? This section 
answers these fundamental questions. 


The oscilloscope is basically a graph-displaying device — it 
draws a graph of an electrical signal. In most applications, 
the graph shows how signals change over time: the vertical 
(Y) axis represents voltage and the horizontal (X) axis 
represents time. The intensity or brightness of the display 

is sometimes called the Z axis, as shown in Figure 2. In DPO 
oscilloscopes, the Z axis can be represented by color grading 
of the display, as seen in Figure 3. 


This simple graph can tell you many things about a signal, 
such as: 

a The time and voltage values of a signal 

gw The frequency of an oscillating signal 

a The “moving parts” of a circuit represented by the signal 


m The frequency with which a particular portion of the signal 
is occurring relative to other portions 

mg Whether or not a malfunctioning component is distorting 
the signal 

mw How much of a signal is direct current (DC) or alternating 

current (AC) 


mw How much of the signal is noise and whether the noise 
is Changing with time 





XYZs of Oscilloscopes 





Figure 3. Two offset clock patterns with Z axis intensity grading. 


Understanding Waveforms and Waveform 
Measurements 


The generic term for a pattern that repeats over time is 

a wave — sound waves, brain waves, ocean waves, and 
voltage waves are all repetitive patterns. An oscilloscope 
measures voltage waves. Remember as mentioned earlier, 
that physical phenomena such as vibrations or temperature 
or electrical phenomena such as current or power can be 
converted to a voltage by a sensor. One cycle of a wave is 
the portion of the wave that repeats. A waveform is a graphic 
representation of a wave. A voltage waveform shows time 

on the horizontal axis and voltage on the vertical axis. 
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Figure 4. Common waveforms. 


Waveform shapes reveal a great deal about a signal. Any 
time you see a change in the height of the waveform, you 
know the voltage has changed. Any time there is a flat 
horizontal line, you know that there is no change for that 
length of time. Straight, diagonal lines mean a linear 
change - rise or fall of voltage at a steady rate. Sharp 
angles on a waveform indicate sudden change. Figure 4 
shows common waveforms and Figure 5 displays sources 
of common waveforms. 


8 ~~ www.tektronix.com/oscilloscopes 


& 






























































































































































Figure 5. Sources of common waveforms. 


Types of Waves 


You can classify most waves into these types: 


a Sine waves 


Square and rectangular waves 
mw Sawtooth and triangle waves 


Step and pulse shapes 


m Periodic and non-periodic signals 
m Synchronous and asynchronous signals 


a Complex waves 
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Sine Waves 


The sine wave is the fundamental wave shape for several 
reasons. It has harmonious mathematical properties — it is 
the same sine shape you may have studied in trigonometry 
class. The voltage in your wall outlet varies as a sine wave. 
Test signals produced by the oscillator circuit of a signal 
generator are often sine waves. Most AC power sources 
produce sine waves. (AC signifies alternating current, 
although the voltage alternates too. DC stands for direct 
current, which means a steady current and voltage, such 
as a battery produces.) 


The damped sine wave is a special case you may see in 
a Circuit that oscillates, but winds down over time. 


Square and Rectangular Waves 


The square wave is another common wave shape. Basically, 
a square wave is a voltage that turns on and off (or goes 
high and low) at regular intervals. It is a standard wave for 
testing amplifiers — good amplifiers increase the amplitude of 
a square wave with minimum distortion. Television, radio and 
computer circuitry often use square waves for timing signals. 


The rectangular wave is like the square wave except that 
the high and low time intervals are not of equal length. 
It is particularly important when analyzing digital circuitry. 


Sawtooth and Triangle Waves 


Sawtooth and triangle waves result from circuits designed to 
control voltages linearly, such as the horizontal sweep 

of an analog oscilloscope or the raster scan of a television. 
The transitions between voltage levels of these waves change 
at a constant rate. These transitions are called ramps. 
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Step and Pulse Shapes 


Signals such as steps and pulses that occur rarely, or non- 
periodically, are called single-shot or transient signals. A step 
indicates a sudden change in voltage, similar to the voltage 
change you would see if you turned on a power switch. 


A pulse indicates sudden changes in voltage, similar to the 
voltage changes you would see if you turned a power switch 
on and then off again. A pulse might represent one bit of 
information traveling through a computer circuit or it might be 
a glitch, or defect, in a circuit. A collection of pulses traveling 
together creates a pulse train. Digital components in a 
computer communicate with each other using pulses. These 
pulses may be in the form of serial data stream or multiple 
signal lines may be used to represent a value in a parallel 
data bus. Pulses are also common in x-ray, radar, and 
communications equipment. 


Periodic and Non-periodic Signals 


Repetitive signals are referred to as periodic signals, while 
signals that constantly change are known as non-periodic 
signals. A still picture is analogous to a periodic signal, while 
a moving picture can be equated to a non-periodic signal. 


Synchronous and Asynchronous Signals 

When a timing relationship exists between two signals, 
those signals are referred to as synchronous. Clock, data 
and address signals inside a computer are an example of 
synchronous signals. 


Asynchronous is a term used to describe those signals 
between which no timing relationship exists. Because no 
time correlation exists between the act of touching a key 
on a computer keyboard and the clock inside the computer, 
these are considered asynchronous. 
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Figure 6. An NTSC composite video signal is an example of a complex wave. 


Complex Waves 


Some waveforms combine the characteristics of sines, 
squares, steps, and pulses to produce complex waveshapes. 
The signal information may be embedded in the form of 
amplitude, phase, and/or frequency variations. For example, 
although the signal in Figure 6 is an ordinary composite video 
signal, it is composed of many cycles of higher-frequency 
waveforms embedded in a lower-frequency envelope. 


In this example, it is usually most important to understand 
the relative levels and timing relationships of the steps. To 
view this signal, you need an oscilloscope that captures the 
low-frequency envelope and blends in the higher-frequency 
waves in an intensity-graded fashion so that you can see 
their overall combination as an image that can be visually 
interpreted. Digital phosphor oscilloscopes are most 

suited to viewing complex waves, such as video signals, 
illustrated in Figure 6. Their displays provide the necessary 
frequency-of-occurrence information, or intensity grading, 
that is essential to understanding what the waveform is 
really doing. 
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Figure 7. 622 Mb/s serial data eye pattern. 


Some oscilloscopes allow for displaying certain types of 
complex waveforms in special ways. For example, 
telecommunications data may be displayed as an eye 
pattern or a constellation diagram. 


Telecommunications digital data signals can be displayed on 
an oscilloscope as a special type of waveform referred to as 
an eye pattern. The name comes from the similarity of the 
waveform to a series of eyes, as seen in Figure 7. Eye 
patterns are produced when digital data from a receiver is 
sampled and applied to the vertical input, while the data rate 
is used to trigger the horizontal sweep. The eye pattern 
displays one bit or unit interval of data with all possible edge 
transitions and states superimposed in one comprehensive 
view. 


A constellation diagram is a representation of a signal modu- 


lated by a digital modulation scheme such as quadrature 
amplitude modulation or phase-shift keying. 
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Figure 8. Frequency and period of a sine wave. 


Waveform Measurements 


Many terms are used to describe the types of measurements 
that you make with your oscilloscope. This section describes 
some of the most common measurements and terms. 


Frequency and Period 


If a signal repeats, it has a frequency. The frequency is 
measured in Hertz (Hz) and equals the number of times the 
signal repeats itself in one second, referred to as cycles per 
second. A repetitive signal also has a period, which is the 
amount of time it takes the signal to complete one cycle. 
Period and frequency are reciprocals of each other, so that 
1/period equals the frequency and 1/frequency equals the 
period. For example, the sine wave in Figure 8 has a frequen- 
cy of 8 Hz and a period of 1/3 second. 


Voltage 


Voltage is the amount of electric potential, or signal strength, 
between two points in a circuit. Usually, one of these points is 
ground, or zero volts, but not always. You may want to 
measure the voltage from the maximum peak to the minimum 
peak of a waveform, referred to as the peak-to-peak voltage. 


Amplitude 


Amplitude refers to the amount of voltage between two 
points in a circuit. Amplitude commonly refers to the 
maximum voltage of a signal measured from ground, or 
zero volts. The waveform shown in Figure 9 has an 
amplitude of 1 V and a peak-to-peak voltage of 2 V. 
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Figure 9. Amplitude and degrees of a sine wave. 


Voltage 
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Phase = 90° 


Figure 10. Phase shift. 


Phase 


Phase is best explained by looking at a sine wave. The 
voltage level of sine waves is based on circular motion. 
Given that a circle has 360°, one cycle of a sine wave has 
860°, as shown in Figure 9. Using degrees, you can refer to 
the phase angle of a sine wave when you want to describe 
how much of the period has elapsed. 


Phase shift describes the difference in timing between two 
otherwise similar signals. The waveform in Figure 10 labeled 
“current” is said to be 90° out of phase with the waveform 
labeled “voltage,” since the waves reach similar points in their 
cycles exactly 1/4 of a cycle apart (360°/4 = 90°). Phase 
shifts are common in electronics. 
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Waveform Measurements with Digital Oscilloscopes 


Modern digital oscilloscopes have functions that make 
waveform measurements easier. They have front-panel 
buttons and/or screen-based menus from which you can 
select fully automated measurements. These include ampli- 
tude, period, rise/fall time, and many more. Many digital 
instruments also provide mean and RMS calculations, duty 
cycle, and other math operations. Automated measurements 
appear as on-screen alphanumeric readouts. Typically these 
readings are more accurate than is possible to obtain with 
direct graticule interpretation. 
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Digital Oscilloscopes Samples 
Signals and Construct Displays 


Figure 11. Analog oscilloscopes trace signals, while digital oscilloscopes sample signals and construct displays. 


The Types of Oscilloscopes 


Electronic equipment can be classified into two categories: 
analog and digital. Analog equipment works with continuous- 
ly variable voltages, while digital equipment works with dis- 
crete binary numbers that represent voltage samples. A 
conventional phonograph is an analog device, while a 
compact disc player is a digital device. 


Oscilloscopes can be classified similarly - as analog and 
digital types. In contrast to an analog oscilloscope, a digital 
oscilloscope uses an analog-to-digital converter (ADC) to 
convert the measured voltage into digital information. It 
acquires the waveform as a series of samples, and stores 
these samples until it accumulates enough samples to 
describe a waveform. The digital oscilloscope then 
re-assembles the waveform for display on the screen, as 
seen in Figure 11. 


Digital oscilloscopes can be classified into digital storage 
oscilloscopes (DSOs), digital phosphor oscilloscopes 
(DPOs), mixed signal oscilloscopes (MSOs), and digital 
sampling oscilloscopes. 


The digital approach means that the oscilloscope can display 
any frequency within its range with stability, brightness, and 
clarity. For repetitive signals, the bandwidth of the digital 
oscilloscope is a function of the analog bandwidth of the 


front-end components of the oscilloscope, commonly 
referred to as the -3 dB point. For single-shot and transient 
events, such as pulses and steps, the bandwidth can be 
limited by the oscilloscope’s sample rate. Please refer to 
the Sample Rate section under Performance Terms and 
Considerations for a more detailed discussion. 


Digital Storage Oscilloscopes 

A conventional digital oscilloscope is known as a digital 
storage oscilloscope (DSO). Its display typically relies on a 
raster-type screen rather than the luminous phosphor found 
in an older analog oscilloscope. 


Digital storage oscilloscopes (DSOs) allow you to capture 
and view events that may happen only once — known as 
transients. Because the waveform information exists in digital 
form as a series of stored binary values, it can be analyzed, 
archived, printed, and otherwise processed, within the 
oscilloscope itself or by an external computer. The waveform 
need not be continuous; it can be displayed even when the 
signal disappears. Unlike analog oscilloscopes, digital storage 
oscilloscopes provide permanent signal storage and exten- 
sive waveform processing. However, DSOs typically have no 
real-time intensity grading; therefore, they cannot express 
varying levels of intensity in the live signal. 
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Figure 12. The serial-processing architecture of a digital storage oscilloscope (DSO). 


Some of the subsystems that comprise DSOs are similar 
to those in analog oscilloscopes. However, DSOs contain 
additional data-processing subsystems that are used to 
collect and display data for the entire waveform. A DSO 
employs a serial-processing architecture to capture and 
display a signal on its screen, as shown in Figure 12. A 
description of this serial-processing architecture follows. 


Serial-processing Architecture 


Like an analog oscilloscope, a DSO’s first (input) stage is a 
vertical amplifier. Vertical controls allow you to adjust the 
amplitude and position range at this stage. Next, the analog- 
to-digital converter (ADC) in the horizontal system samples 
the signal at discrete points in time and converts the signal’s 
voltage at these points into digital values called sample 
points. This process is referred to as digitizing a signal. 


The horizontal system’s sample clock determines how often 
the ADC takes a sample. This rate is referred to as the 
sample rate and is expressed in samples per second (S/s). 


The sample points from the ADC are stored in acquisition 
memory as waveform points. Several sample points may 
comprise one waveform point. Together, the waveform points 
comprise one waveform record. The number of waveform 
points used to create a waveform record is called the record 
length. The trigger system determines the start and stop 
points of the record. 


The DSO’s signal path includes a microprocessor through 
which the measured signal passes on its way to the display. 
This microprocessor processes the signal, coordinates 
display activities, manages the front panel controls, and 
more. The signal then passes through the display memory 
and is displayed on the oscilloscope screen. 
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Figure 13. The digital storage oscilloscope delivers high-speed, single-shot acquisi- 
tion across multiple channels, increasing the likelinood of capturing elusive glitches 
and transient events. 

Depending on the capabilities of your oscilloscope, additional 
processing of the sample points may take place, which 
enhances the display. Pre-trigger may also be available, 
enabling you to see events before the trigger point. Most 

of today’s digital oscilloscopes also provide a selection 

of automatic parametric measurements, simplifying the 
measurement process. 


As shown in Figure 18, a DSO provides high performance 
in a single-shot, multi-channel instrument. DSOs are ideal 
for low-repetition-rate or single-shot, high-speed, multi- 
channel design applications. In the real world of digital 
design, an engineer usually examines four or more signals 
simultaneously, making the DSO a critical companion. 
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Figure 14. The parallel-processing architecture of a digital phosphor oscilloscope (DPO). 


Digital Phosphor Oscilloscopes 


The digital phosphor oscilloscope (DPO) offers a new 
approach to oscilloscope architecture. This architecture 
enables a DPO to deliver unique acquisition and display 
capabilities to accurately reconstruct a signal. 


While a DSO uses a serial-processing architecture to capture, 
display and analyze signals, a DPO employs a parallel-pro- 
cessing architecture to perform these functions, as shown 
in Figure 14. The DPO architecture dedicates unique ASIC 
hardware to acquire waveform images, delivering high 
waveform capture rates that result in a higher level of signal 
visualization. This performance increases the probability of 
witnessing transient events that occur in digital systems, 
such as runt pulses, glitches and transition errors, and 
enables additional analysis capability. A description of this 
parallel-processing architecture follows. 


Parallel-processing Architecture 


A DPO’s first (input) stage is similar to that of an analog 
oscilloscope — a vertical amplifier — and its second stage is 
similar to that of a DSO — an ADC. But, the DPO differs 
significantly from its predecessors following the analog-to- 
digital conversion. 


For any oscilloscope — analog, DSO or DPO - there is always 
a holdoff time during which the instrument processes the 
most recently acquired data, resets the system, and waits 
for the next trigger event. During this time, the oscilloscope 
is blind to all signal activity. The probability of seeing an 
infrequent or low-repetition event decreases as the holdoff 
time increases. 


sent directly to the display without stopping the acquisition. 







It should be noted that it is impossible to determine the 
probability of capture by simply looking at the display update 
rate. If you rely solely on the update rate, it is easy to make 
the mistake of believing that the oscilloscope is capturing 

all pertinent information about the waveform when, in fact, 

it is not. 


The digital storage oscilloscope processes captured wave- 
forms serially. The speed of its microprocessor is a bottleneck 
in this process because it limits the waveform capture rate. 


The DPO rasterizes the digitized waveform data into a digital 
phosphor database. Every 1/30th of a second — about as fast 
as the human eye can perceive it — a snapshot of the signal 
image that is stored in the database is pipelined directly to 
the display system. This direct rasterization of waveform data, 
and direct copy to display memory from the database, 
removes the data-processing bottleneck inherent in other 
architectures. The result is an enhanced “real-time” and lively 
display update. Signal details, intermittent events, and 
dynamic characteristics of the signal are captured in real- 
time. The DPO’s microprocessor works in parallel with this 
integrated acquisition system for display management, 
measurement automation and instrument control, so that it 
does not affect the oscilloscope’s acquisition speed. 


A DPO faithfully emulates the best display attributes of an 
analog oscilloscope, displaying the signal in three dimen- 
sions: time, amplitude and the distribution of amplitude over 
time, all in real-time. 


www.tektronix.com/oscilloscopes 15 


03W-8605-5.qxd 


10:24 AM Page 16 


Primer 


ek = FastAcq = Sample 


Figure 15. Some DPOs can acquire millions of waveform in just seconds, significantly 
increasing the probability of capturing intermittent and elusive events and revealing 
dynamic signal behavior. 


Unlike an analog oscilloscope’s reliance on chemical phos- 
phor, a DPO uses a purely electronic digital phosphor that’s 
actually a continuously updated database. This database has 
a separate “cell” of information for every single pixel in the 
oscilloscope’s display. Each time a waveform is captured — 
in other words, every time the oscilloscope triggers — it is 
mapped into the digital phosphor database’s cells. Each cell 
that represents a screen location and is touched by the 
waveform is reinforced with intensity information, while other 
cells are not. Thus, intensity information builds up in cells 
where the waveform passes most often. 


When the digital phosphor database is fed to the oscillo- 
scope’s display, the display reveals intensified waveform 
areas, in proportion to the signal’s frequency of occurrence 
at each point — much like the intensity grading characteristics 
of an analog oscilloscope. The DPO also allows the display 
of the varying frequency-of-occurrence information on the 
display as contrasting colors, unlike an analog oscilloscope. 
With a DPO, it is easy to see the difference between a 
waveform that occurs on almost every trigger and one that 
occurs, say, every 100th trigger. 


Digital phosphor oscilloscopes (DPOs) break down the barrier 
between analog and digital oscilloscope technologies. They 
are equally suitable for viewing high and low frequencies, 
repetitive waveforms, transients, and signal variations in real- 
time. Only a DPO provides the Z (intensity) axis in real-time 
that is missing from conventional DSOs. 
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Figure 16. The MSO provides 16 integrated digital channels, enabling the ability to view 
and analyze time-correlated analog and digital signals. 


A DPO is ideal for those who need the best general-purpose 
design and troubleshooting tool for a wide range of applica- 
tions, as seen in Figure 15. A DPO is exemplary for advanced 
analysis, communication mask testing, digital debug of inter- 
mittent signals, repetitive digital design and_ timing applica- 
tions. 


Mixed Signal Oscilloscopes 


The mixed signal oscilloscope (MSO) combines the perform- 
ance of a DPO with the basic functionality of a 16-channel 
logic analyzer, including parallel/serial bus protocol decoding 
and triggering. The MSO's digital channels view a digital sig- 
nal as either a logic high or logic low, just like a digital circuit 
views the signal. This means as long as ringing, overshoot 
and ground bounce do not cause logic transitions, these 
analog characteristics are not of concern to the MSO. Just 
like a logic analyzer, a MSO uses a threshold voltage to 
determine if the signal is logic high or logic low. 


The MSO is the tool of choice for quickly debugging digital 
circuits using its powerful digital triggering, high resolution 
acquisition capability, and analysis tools. The root cause of 
many digital problems is quicker to pinpoint by analyzing both 
the analog and digital representations of the signal, as shown 
in Figure 16, making a MSO ideal for verifying and debugging 
digital circuits. 
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Figure 17. The architecture of a digital sampling oscilloscope. 


Digital Sampling Oscilloscopes 

In contrast to the digital storage and digital phosphor 
oscilloscope architectures, the architecture of the digital 
sampling oscilloscope reverses the position of the attenua- 
tor/amplifier and the sampling bridge, as shown in Figure 17. 
The input signal is sampled before any attenuation or amplifi- 
cation is performed. A low bandwidth amplifier can then 

be utilized after the sampling bridge because the signal has 
already been converted to a lower frequency by the sampling 
gate, resulting in a much higher bandwidth instrument. 


The tradeoff for this high bandwidth, however, is that the 
sampling oscilloscope’s dynamic range is limited. Since 
there is no attenuator/amplifier in front of the sampling gate, 
there is no facility to scale the input. The sampling bridge 
must be able to handle the full dynamic range of the input 
at all times. Therefore, the dynamic range of most sampling 
oscilloscopes is limited to about 1 V peak-to-peak. Digital 
storage and digital phosphor oscilloscopes, on the other 
hand, can handle 50 to 100 volts. 


In addition, protection diodes cannot be placed in front of 
the sampling bridge as this would limit the bandwidth. This 
reduces the safe input voltage for a sampling oscilloscope 
to about 3 V, as compared to 500 V available on other 
oscilloscopes. 
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Figure 18. Time domain reflectometry (TDR) display from a digital sampling 
oscilloscope. 


When measuring high-frequency signals, the DSO or DPO 
may not be able to collect enough samples in one sweep. A 
digital sampling oscilloscope is an ideal tool for accurately 
capturing signals whose frequency components are much 
higher than the oscilloscope’s sample rate, as seen in 
Figure 18. This oscilloscope is capable of measuring signals 
of up to an order of magnitude faster than any other oscillo- 
scope. It can achieve bandwidth and high-speed timing ten 
times higher than other oscilloscopes for repetitive signals. 
Sequential equivalent-time sampling oscilloscopes are 
available with bandwidths to 80 GHz. 
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& The Systems and Controls of an 
Oscilloscope 


This section briefly describes the basic systems and controls 
found on analog and digital oscilloscopes. Some controls 
differ between analog and digital oscilloscopes; your oscillo- 
scope probably has additional controls not discussed here. 


A basic oscilloscope consists of four different 
systems — the vertical system, horizontal 
system, trigger system, and display system. 
Understanding each of these systems will 
enable you to effectively apply the oscilloscope 
to tackle your specific measurement challenges. 
Recall that each system contributes to the 
oscilloscope’s ability to accurately reconstruct 

a signal. 


The front panel of an oscilloscope is divided into three 

main sections labeled vertical, horizontal, and trigger. Your 
oscilloscope may have other sections, depending on the 
model and type. See if you can locate these front-panel sec- 
tions in Figure 19, and on your oscilloscope, as you read 
through this section. 


When using an oscilloscope, you need to adjust three basic 
settings to accommodate an incoming signal: 





a Vertical: The attenuation or amplification of the signal. Use Figure 19. Front-panel control section of an oscilloscope. 
the volts/div control to adjust the amplitude of the signal to 
the desired measurement range. 


g Horizontal: The time base. Use the sec/div control to set Common vertical controls include: 
the amount of time per division represented horizontally 
across the screen. 


a Termination 
- 1M ohm 

m Trigger: The triggering of the oscilloscope. Use the trigger - 50 ohm 
level to stabilize a repeating signal, or to trigger on a single 


un a Coupling 


-DC 

- AC 

- GND 

gw Bandwidth 

- Limit 

- Enhancement 
a Position 
a Offset 
a Invert — On/Off 


a Scale 


© - Fixed steps 


- Variable 


18 www.tektronix.com/oscilloscopes 


| ¢ ¢ 





03W-8605-5.qxd 12/10/09 10:24 AM Page 19 


& 


DC Coupling of a Vp-p Sine 
Wave with a 2 V DC Component 
4V 








OV 




















Figure 20. AC and DC input coupling. 


Vertical System and Controls 


Vertical controls can be used to position and scale the 
waveform vertically, set the input coupling, and adjust other 
signal conditioning. 


Position and Volts per Division 


The vertical position control allows you to move the waveform 
up and down exactly where you want it on the screen. 


The volts-per-division setting (usually written as volts/div) is a 
scaling factor that varies the size of the waveform on the 
screen. If the volts/div setting is 5 volts, then each of the 
eight vertical divisions represents 5 volts and the entire 
screen can display 40 volts from bottom to top, assuming a 
graticule with eight major divisions. If the setting is 0.5 
volts/div, the screen can display 4 volts from bottom to top, 
and so on. The maximum voltage you can display on the 
screen is the volts/div setting multiplied by the number of 
vertical divisions. Note that the probe you use, 1X or 10X, 
also influences the scale factor. You must divide the volts/div 
scale by the attenuation factor of the probe if the oscillo- 
scope does not do it for you. 


Often the volts/div scale has either a variable gain or a fine 
gain control for scaling a displayed signal to a certain number 
of divisions. Use this control to assist in taking rise time 
measurements. 
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XYZs of Oscilloscopes 
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Input Coupling 

Coupling refers to the method used to connect an electrical 
signal from one circuit to another. In this case, the input 
coupling is the connection from your test circuit to the 
oscilloscope. The coupling can be set to DC, AC, or ground. 
DC coupling shows all of an input signal. AC coupling blocks 
the DC component of a signal so that you see the waveform 
centered around zero volts. Figure 20 illustrates this differ- 
ence. The AC coupling setting is useful when the entire 
signal (alternating current + direct current) is too large for 
the volts/div setting. 


The ground setting disconnects the input signal from the 
vertical system, which lets you see where Zero volts is 
located on the screen. With grounded input coupling and 
auto trigger mode, you see a horizontal line on the screen 
that represents zero volts. Switching from DC to ground and 
back again is a handy way of measuring signal voltage levels 
with respect to ground. 


Bandwidth Limit 


Most oscilloscopes have a circuit that limits the bandwidth of 
the oscilloscope. By limiting the bandwidth, you reduce the 
noise that sometimes appears on the displayed waveform, 
resulting in a cleaner signal display. Note that, while eliminat- 
ing noise, the bandwidth limit can also reduce or eliminate 
high-frequency signal content. 
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Bandwidth Enhancement 


Some oscilloscopes may provide a DSP arbitrary equalization 
filter which can be used to improve the oscilloscope channel 
response. This filter extends the bandwidth, flattens the 
oscilloscope channel frequency response, improves phase 
linearity, and provides a better match between channels. 

It also decreases rise time and improves the time domain 
step response. 


Horizontal System and Controls 


An oscilloscope’s horizontal system is most closely 
associated with its acquisition of an input signal — sample 
rate and record length are among the considerations here. 
Horizontal controls are used to position and scale the 
waveform horizontally. 


Acquisition Controls 


Digital oscilloscopes have settings that let you control how 
the acquisition system processes a signal. Look over the 
acquisition options on your digital oscilloscope while you 
read this description. Figure 21 shows you an example of 
an acquisition menu. 


Acquisition Modes 


Acquisition modes control how waveform points are pro- 
duced from sample points. Sample points are the digital 
values derived directly from the analog-to-digital converter 
(ADC). The sample interval refers to the time between 

these sample points. Waveform points are the digital 

values that are stored in memory and displayed to construct 
the waveform. The time value difference between waveform 
points is referred to as the waveform interval. 


20 www.tektronix.com/oscilloscopes 


& 


Common horizontal controls include: 


a Time Base a Resolution 

m XY mw Sample Rate 

a Scale a Irigger Position 
m Trace Separation mg Zoom/Pan 

mw Record Length m Search 





Figure 21. Example of an acquisition menu. 


The sample interval and the waveform interval may, or may 
not, be the same. This fact leads to the existence of several 
different acquisition modes in which one waveform point is 
comprised of several sequentially acquired sample points. 


Additionally, waveform points can be created from a compos- 
ite of sample points taken from multiple acquisitions, which 
provides another set of acquisition modes. A description of 
the most commonly used acquisition modes follows. 
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Figure 22. Sample rate varies with time base settings - the slower the time based 
setting, the slower the sample rate. Some digital oscilloscopes provide peak detect 
mode to capture fast transients at slow sweep speeds. 


Types of Acquisition Modes 


mw Sample Mode: This is the simplest acquisition mode. 
The oscilloscope creates a waveform point by saving one 
sample point during each waveform interval. 


m Peak Detect Mode: The oscilloscope saves the minimum 
and maximum value sample points taken during two 
waveform intervals and uses these samples as the two 
corresponding waveform points. Digital oscilloscopes with 
peak detect mode run the ADC at a fast sample rate, 
even at very slow time base settings (slow time base 
settings translate into long waveform intervals) and are 
able to capture fast signal changes that would occur 


between the waveform points if in sample mode, as shown 


in Figure 22. Peak detect mode is particularly useful for 
seeing narrow pulses spaced far apart in time, as demon- 
strated in Figure 23. 





mw Hi-Res Mode: Like peak detect, hi res mode is a way 
of getting more information in cases when the ADC can 
sample faster than the time base setting requires. In this 
case, multiple samples taken within one waveform interval 
are averaged together to produce one waveform point. 
The result is a decrease in noise and an improvement in 
resolution for low-speed signals. The advantage of Hi Res 


Mode over Average is that Hi-Res Mode can be used even 


ona single shot event. 


mw Envelope Mode: Envelope mode is similar to peak detect 
mode. However, in envelope mode, the minimum and 
maximum waveform points from multiple acquisitions 
are combined to form a waveform that shows min/max 
accumulation over time. Peak detect mode is usually 
used to acquire the records that are combined to form 
the envelope waveform. 


XYZs of Oscilloscopes 





Figure 23. Peak detect mode enables the oscilloscope to capture extremely brief 
transient anomalies. 


a Average Mode: In average mode, the oscilloscope 
saves one sample point during each waveform interval 
as in sample mode. However, waveform points from 
consecutive acquisitions are then averaged together to 
produce the final displayed waveform. Average mode 
reduces noise without loss of bandwidth, but requires 
a repeating signal. 

a Waveform Database Mode: In waveform database mode, 
the oscillocope accumulates a waveform database that 
provides a three-dimensional array of amplitude, time, and 
counts. 


Starting and Stopping the Acquisition System 


One of the greatest advantages of digital oscilloscopes is 
their ability to store waveforms for later viewing. To this end, 
there are usually one or more buttons on the front panel 
that allow you to start and stop the acquisition system so 
you can analyze waveforms at your leisure. Additionally, you 
may want the oscilloscope to automatically stop acquiring 
after one acquisition is complete or after one set of records 
has been turned into an envelope or average waveform. 
This feature is commonly called single sweep or single 
sequence and its controls are usually found either with the 
other acquisition controls or with the trigger controls. 
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Figure 24. Basic sampling, showing sample points are connected by interpolation to 
produce a continuous waveform. 


Sampling 

Sampling is the process of converting a portion of an 

input signal into a number of discrete electrical values for 
the purpose of storage, processing and/or display. The 
magnitude of each sampled point is equal to the amplitude 
of the input signal at the instant in time in which the signal 
is sampled. 


Sampling is like taking snapshots. Each snapshot corre- 
sponds to a specific point in time on the waveform. These 
snapshots can then be arranged in the appropriate order in 
time so as to reconstruct the input signal. 


In a digital oscilloscope, an array of sampled points is 
reconstructed on a display with the measured amplitude on 
the vertical axis and time on the horizontal axis, as illustrated 
in Figure 24. 


The input waveform in Figure 24 appears as a series of dots 
on the screen. If the dots are widely spaced and difficult to 
interpret as a waveform, the dots can be connected using 

a process called interpolation. Interpolation connects the 
dots with lines, or vectors. A number of interpolation meth- 
ods are available that can be used to produce an accurate 
representation of a continuous input signal. 
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Sampling Controls 


Some digital oscilloscopes provide you with a choice in 
sampling method — either real-time sampling or equivalent- 
time sampling. The acquisition controls available with these 
oscilloscopes will allow you to select a sample method to 
acquire signals. Note that this choice makes no difference 
for slow time base settings and only has an effect when 

the ADC cannot sample fast enough to fill the record with 
waveform points in one pass. Each sampling method has 
distinct advantages, depending on the kind of measurements 
being made. 


Controls are typically available on modern oscilloscopes to 
give you the choice of three horizontal time base modes of 
operations. If you are simply doing signal exploration and 
want to interact with a lively signal, you will use the Automatic 
or interactive default mode that provides you with the liveliest 
display update rate. If you want a precise measurement and 
the highest real-time sample rate that will give you the most 
measurement accuracy, then the Constant Sample Rate 
mode is for you. It will maintain the highest sample rate and 
provide the best real-time resolution. The last mode is called 
the Manual mode because it ensures direct and independent 
control of the sample rate and record length. 


Real-time Sampling Method 


Real-time sampling is ideal for signals whose frequency range 
is less than half the oscilloscope’s maximum sample rate. 
Here, the oscilloscope can acquire more than enough points 
in one “sweep” of the waveform to construct an 

accurate picture, as shown in Figure 25. Real-time sampling 
is the only way to capture fast, single-shot, transient signals 
with a digital oscilloscope. 
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Figure 25. Real-time sampling method. 





Real Time 
Sampled Display 


Figure 27. Undersampling of a 100 MHz sine wave introduces aliasing effects. 


Real-time sampling with interpolation, dgital oscilloscopes 
take discrete samples of the signal that can be displayed. 
However, it can be difficult to visualize the signal represented 
as dots, especially because there can be only a few dots 
representing high-frequency portions of the signal. To aid in 


the visualization of signals, digital oscilloscopes typically have 


Figure 26. In order to capture this 10 ns pulse in real-time, the sample rate must 7 lati isp 
be high enough to accurately define the edges. interpo ation disp ay modes. 


Input Signal 


In simple terms, interpolation “connects the dots” so that 
a signal that is sampled only a few times in each cycle 

can be accurately displayed. Using real-time sampling with 
interpolation, the oscilloscope collects a few sample points 
of the signal in a single pass in real-time mode and uses 
interpolation to fill in the gaps. Interpolation is a processing 
nie seine edalt 1Sh test QNOUgs hig u- Mea neney Compo. technique used to estimate what the waveform looks like 
nents can “fold down” into a lower frequency, causing based on a few points. 

aliasing in the display, as demonstrated in Figure 27. In 

addition, real-time sampling is further complicated by the 

high-speed memory required to store the waveform once it is 

digitized. Please refer to the Sample Rate and Record Length 

sections under Performance Terms and Considerations for 

additional detail regarding the sample rate and record 

length needed to accurately characterize high-frequency 

components. 


Real-time sampling presents the greatest challenge for 
digital oscilloscopes because of the sample rate needed 
to accurately digitize high-frequency transient events, as 
shown in Figure 26. These events occur only once, and 
must be sampled in the same time frame that they occur. 
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Figure 28. Linear and sin x/x interpolation. 


Linear interpolation connects sample points with straight 
lines. This approach is limited to reconstructing straight- 
edged signals, as illustrated in Figure 28, which better lends 
itself to Square waves. 

The more versatile sin x/x interpolation connects sample 
points with curves, as shown in Figure 28. Sin x/x interpola- 
tion is a mathematical process in which points are calculated 
to fill in the time between the real samples. This form of inter- 
polation lends itself to curved and irregular signal shapes, 
which are far more common in the real world than pure 
square waves and pulses. Consequently, sin x/x interpolation 
is the preferred method for applications where the sample 
rate is 3 to 5 times the system bandwidth. 


Equivalent-time Sampling Method 


When measuring high-frequency signals, the oscilloscope 
may not be able to collect enough samples in one sweep. 
Equivalent-time sampling can be used to accurately acquire 
signals whose frequency exceeds half the oscilloscope’s 
sample rate, as illustrated in Figure 29. Equivalent-time 
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Figure 29. Some oscilloscopes use equivalent-time sampling to capture and display 
very fast, repetitive signals. 











digitizers (samplers) take advantage of the fact that most 
naturally occurring and man-made events are repetitive. 
Equivalent-time sampling constructs a picture of a repetitive 
signal by capturing a little bit of information from each 
repetition. The waveform slowly builds up like a string of 
lights, illuminating one-by-one. This allows the oscilloscope 
to accurately capture signals whose frequency components 
are much higher than the oscilloscope’s sample rate. 


There are two types of equivalent-time sampling methods: 
random and sequential. Each has its advantages. Random 
equivalent-time sampling allows display of the input signal 
prior to the trigger point, without the use of a delay line. 
Sequential equivalent-time sampling provides much greater 
time resolution and accuracy. Both require that the input 
signal be repetitive. 
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Figure 30. In random equivalent-time sampling, the sampling clock runs asynchro- 
nously with the input signal and the trigger. 











Random Equivalent-time Sampling 


Random equivalent-time digitizers (Samplers) utilize an inter- 
nal clock that runs asynchronously with respect to the input 
signal and the signal trigger, as illustrated in Figure 30. 
Samples are taken continuously, independent of the trigger 
position, and are displayed based on the time difference 
between the sample and the trigger. Although samples are 
taken sequentially in time, they are random with respect to 
the trigger — hence the name “random” equivalent-time 
sampling. Sample points appear randomly along the wave- 
form when displayed on the oscilloscope screen. 


The ability to acquire and display samples prior to the trigger 
point is the key advantage of this sampling technique, 
eliminating the need for external pretrigger signals or delay 
lines. Depending on the sample rate and the time window 
of the display, random sampling may also allow more than 
one sample to be acquired per triggered event. However, at 
faster sweep speeds, the acquisition window narrows until 
the digitizer cannot sample on every trigger. It is at these 
faster sweep speeds that very precise timing measurements 
are often made, and where the extraordinary time resolution 
of the sequential equivalent-time sampler is most beneficial. 
The bandwidth limit for random equivalent-time sampling is 
less than for sequential-time sampling. 
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Figure 31. In sequential equivalent-time sampling, the single sample is taken for each 
recognized trigger after a time delay which is incremented after each cycle. 











Sequential Equivalent-time Sampling 


The sequential equivalent-time sampler acquires one sample 
per trigger, independent of the time/div setting, or sweep 
speed, as illustrated in Figure 31. When a trigger is detected, 
a sample is taken after a very short, but well-defined, delay. 
When the next trigger occurs, a small time increment — delta t 
— is added to this delay and the digitizer takes another sam- 
ple. This process is repeated many times, with “delta t” 
added to each previous acquisition, until the time window is 
filled. Sample points appear from left to right in sequence 
along the waveform when displayed on the oscilloscope 
screen. 


Technologically speaking, it is easier to generate a very 
short, very precise “delta t” than it is to accurately measure 
the vertical and horizontal positions of a sample relative to 
the trigger point, as required by random samplers. This 
precisely measured delay is what gives sequential samplers 
their unmatched time resolution. Since, with sequential 
sampling, the sample is taken after the trigger level is 
detected, the trigger point cannot be displayed without an 
analog delay line, which may, in turn, reduce the bandwidth 
of the instrument. If an external pretrigger can be supplied, 
bandwidth will not be affected. 
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Position and Seconds per Division 


The horizontal position control moves the waveform left and 
right to exactly where you want it on the screen. 


The seconds-per-division setting (usually written as sec/div) 
lets you select the rate at which the waveform is drawn 
across the screen (also known as the time base setting or 
sweep speed). This setting is a scale factor. If the setting is 
1 ms, each horizontal division represents 1 ms and the total 
screen width represents 10 ms, or ten divisions. Changing 
the sec/div setting enables you to look at longer and shorter 
time intervals of the input signal. 


As with the vertical volts/div scale, the horizontal sec/div 
scale may have variable timing, allowing you to set the 
horizontal time scale between the discrete settings. 


Time Base Selections 


Your oscilloscope has a time base, which is usually referred 
to as the main time base. Many oscilloscopes also have what 
is called a delayed time base — a time base with a sweep that 
can start (or be triggered to start) relative to a pre-determined 
time on the main time base sweep. Using a delayed time 
base sweep allows you to see events more clearly and to see 
events that are not visible solely with the main time base 
sweep. 


The delayed time base requires the setting of a time delay 
and the possible use of delayed trigger modes and other 
settings not described in this primer. Refer to the manual 
supplied with your oscilloscope for information on how to 
use these features. 


Zoom/Pan 

Your oscilloscope may have special horizontal magnification 
settings that let you display a magnified section of the 
waveform on-screen. Some oscilloscopes add pan functions 
to the zoom capability. Knobs are used to adjust zoom factor 
or scale and the pan of the zoom box across the waveform. 
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Search 


Some oscilloscopes offer search and mark capabilities, 
enabling you to quickly navigate through long acquisitions 
looking for user-defined events. 


XY Mode 


Most oscilloscopes have an XY mode that lets you display 
an input signal, rather than the time base, on the horizontal 
axis. This mode of operation opens up a whole new area 
of phase shift measurement techniques, explained in the 
Measurement Techniques section of this primer. 


Z Axis 

A digital phosphor oscilloscope (DPO) has a high display 
sample density and an innate ability to capture intensity 
information. With its intensity axis (Z axis), the DPO is able 
to provide a three-dimensional, real-time display similar to 
that of an analog oscilloscope. As you look at the waveform 
trace on a DPO, you can see brightened areas — the areas 
where a signal occurs most often. This display makes it easy 
to distinguish the basic signal shape from a transient that 
occurs only once in a while — the basic signal would appear 
much brighter. One application of the Z axis is to feed special 
timed signals into the separate Z input to create highlighted 
“marker” dots at known intervals in the waveform. 


XYZ Mode with DPO and XYZ Record Display 


Some DPOs can use the Z input to create an XY display 
with intensity grading. In this case, the DPO samples the 
instantaneous data value at the Z input and uses that value 
to qualify a specific part of the waveform. Once you have 
qualified samples, these samples can accumulate, resulting 
in an intensity-graded XYZ display. XYZ mode is especially 
useful for displaying the polar patterns commonly used in 
testing wireless communication devices — a constellation 
diagram, for example. Another method of displaying XYZ 
data is XYZ record display. In this mode the data from the 
acquisition memory is used rather than the DPO database. 
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Figure 32. Untriggered display. 


Trigger System and Controls 


An oscilloscope’s trigger function synchronizes the horizontal 
sweep at the correct point of the signal, essential for clear 
signal characterization. Trigger controls allow you to stabilize 
repetitive waveforms and capture single-shot waveforms. 


The trigger makes repetitive waveforms appear static on 

the oscilloscope display by repeatedly displaying the same 
portion of the input signal. Imagine the jumble on the screen 
that would result if each sweep started at a different place on 
the signal, as illustrated in Figure 32. 


Edge triggering, available in analog and digital oscilloscopes, 
is the basic and most common type. In addition to threshold 
triggering offered by both analog and digital oscilloscopes, 
many digital oscilloscopes offer numerous specialized trigger 
settings not offered by analog instruments. These triggers 
respond to specific conditions in the incoming signal, making 
it easy to detect, for example, a pulse that is narrower than it 
should be. Such a condition would be impossible to detect 
with a voltage threshold trigger alone. 


Advanced trigger controls enable you to isolate specific 
events of interest to optimize the oscilloscope’s sample 

rate and record length. Advanced triggering capabilities in 
some oscilloscopes give you highly selective control. You can 
trigger on pulses defined by amplitude (such as runt pulses), 
qualified by time (pulse width, glitch, slew rate, setup-and- 
hold, and time-out), and delineated by logic state or pattern 
(logic triggering). 
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Other advanced trigger functions include: 


a Pattern Lock Triggering: Pattern lock triggering adds 
anew dimension to NRZ serial pattern triggering by 
enabling the oscilloscope to take synchronized acquisitions 
of a long serial test pattern with outstanding time base 
accuracy. Pattern lock triggering can be used to remove 
random jitter from long serial data patterns. Effects of 
specific bit transitions can be investigated, and averaging 
can be used with mask testing. 


a Serial Pattern Triggering: Serial pattern triggering can be 
used to debug serial architectures. It provides a trigger on 
the serial pattern of an NRZ serial data stream with built-in 
clock recovery and correlates events across the physical 
and link layer. The instrument can recover the clock signal, 
identify transitions, and allow you to set the desired 
encoded words for the serial pattern trigger to capture. 


a A&B Triggering: Some trigger systems offer multiple 
trigger types only on a single event (A event), with delayed 
trigger (B event) selection limited to edge type triggering 
and often do not provide a way to reset the trigger 
sequence if the B event doesn’t occur. Modern oscillo- 
scopes can provide the full suite of advanced trigger types 
on both A and B triggers, logic qualification to control 
when to look for these events, and reset triggering to 
begin the trigger sequence again after a specified time, 
state, or transition so that even events in the most com- 
plex signals can be captured. 


mu Search & Mark Triggering: Hardware triggers watch for 
one event type at a time, but Search can scan for multiple 
event types simultaneously. For example, scan for setup or 
hold time violations on multiple channels. Individual marks 
can be placed by Search indicating events that meet 
search criteria. 


m Trigger Correction: Since the trigger and data acquisition 
systems share different paths there is some inherent time 
delay between the trigger position and the data acquired. 
This results in skew and trigger jitter. With a trigger 
correction system the instrument adjusts the trigger 
position and compensates for the difference of delay there 
is between the trigger path and the data acquisition path. 
This will eliminate virtually any trigger jitter at the trigger 
point. In this mode, the trigger point can be used as a 
measurement reference. 
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Figure 33. Common trigger types. 


a Serial Triggering on Specific Standard Signals °C, 


CAN, LIN, etc.) - Some oscilloscopes provide the ability 
to trigger on specific signal types for standard serial data 
signals such as CAN, LIN, I?C, SPI, and others. The 
decode of these signal types is also available on many 
oscilloscopes today. 


Parallel Bus Triggering - Multiple parallel buses can be 
defined and displayed at one time to easily view decoded 
parallel bus data over time. By specifying which channels 
are the clock and data lines, you can create a parallel bus 
display on some oscilloscopes that automatically decodes 
bus content. Countless hours can be saved by using par- 
allel bus triggers to simplify capture and analysis. 
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Time: 





Optional trigger controls in some oscilloscopes are designed 
specifically to examine communications signals as well. 
Figure 33 highlights a few of these common trigger types 
in more detail. The intuitive user interface available in some 
oscilloscopes also allows rapid setup of trigger parameters 
with wide flexibility in the test setup to maximize your 
productivity. 
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Trigger Position 


Horizontal trigger position control is only available on digital 
oscilloscopes. The trigger position control may be located 
in the horizontal control section of your oscilloscope. It 
actually represents the horizontal position of the trigger in 
the waveform record. 


Varying the horizontal trigger position allows you to capture 
what a signal did before a trigger event, Known as pre-trigger 
viewing. Thus, it determines the length of viewable signal 
both preceding and following a trigger point. 


Digital oscilloscopes can provide pre-trigger viewing because 
they constantly process the input signal, whether or not a 
trigger has been received. A steady stream of data flows 
through the oscilloscope; the trigger merely tells the oscillo- 
scope to save the present data in memory. 

In contrast, analog oscilloscopes only display the signal — 
that is, write it on the CRT — after receiving the trigger. Thus, 
pre-trigger viewing is not available in analog oscilloscopes, 
with the exception of a small amount of pre-trigger provided 
by a delay line in the vertical system. 


Pre-trigger viewing is a valuable troubleshooting aid. If a 
problem occurs intermittently, you can trigger on the problem, 
record the events that led up to it and, possibly, find the 
cause. 


Trigger Level and Slope 


The trigger level and slope controls provide the basic trigger 
point definition and determine how a waveform is displayed, 
as illustrated in Figure 34. 


The trigger circuit acts as a comparator. You select the slope 
and voltage level on one input of the comparator. When the 
trigger signal on the other comparator input matches your 
settings, the oscilloscope generates a trigger. 


The slope control determines whether the trigger point is on 
the rising or the falling edge of a signal. A rising edge 

is a positive slope and a falling edge is a negative slope. The 
level control determines where on the edge the trigger point 
occurs. 
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Figure 34. Positive and negative slope triggering. 


Trigger Sources 


The oscilloscope does not necessarily need to trigger on 
the signal being displayed. Several sources can trigger the 
sweep: 

a Any input channel 


a An external source other than the signal applied to an 
input channel 


mw The power source signal 
a A signal internally defined by the oscilloscope, from one 

or more input channels 
Most of the time, you can leave the oscilloscope set to 
trigger on the channel displayed. Some oscilloscopes provide 
a trigger output that delivers the trigger signal to another 
instrument. 
The oscilloscope can use an alternate trigger source, 
whether or not it is displayed, so you should be careful not to 
unwittingly trigger on channel 1 while displaying channel 2, 
for example. 
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Holdoff Holdoff 


New triggers are not recognized during the holdoff time. 


Figure 35. Trigger holdoff. 


Trigger Modes 


The trigger mode determines whether or not the oscilloscope 
draws a waveform based on a signal condition. Common 
trigger modes include normal and auto. 


In normal mode the oscilloscope only sweeps if the input 
signal reaches the set trigger point; otherwise (on an analog 
oscilloscope) the screen is blank or (on a digital oscilloscope) 
frozen on the last acquired waveform. Normal mode can be 
disorienting since you may not see the signal at first if the 
level control is not adjusted correctly. 


Auto mode causes the oscilloscope to sweep, even without 
a trigger. If no signal is present, a timer in the oscilloscope 
triggers the sweep. This ensures that the display will not 
disappear if the signal does not cause a trigger. 


In practice, you will probably use both modes: normal mode 
because it lets you see just the signal of interest, even when 
triggers occur at a slow rate, and auto mode because it 
requires less adjustment. 


Many oscilloscopes also include special modes for single 
sweeps, triggering on video signals, or automatically setting 
the trigger level. 
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Trigger Coupling 

Just as you can select either AC or DC coupling for the 
vertical system, you can choose the kind of coupling for 
the trigger signal. 


Besides AC and DC coupling, your oscilloscope may also 
have high frequency rejection, low frequency rejection, and 
noise rejection trigger coupling. These special settings are 
useful for eliminating noise from the trigger signal to prevent 
false triggering. 


Trigger Holdoff 


Sometimes getting an oscilloscope to trigger on the correct 
part of a signal requires great skill. Many oscilloscopes have 
special features to make this task easier. 


Trigger holdoff is an adjustable period of time after a valid 
trigger during which the oscilloscope cannot trigger. 

This feature is useful when you are triggering on complex 
waveform shapes, so that the oscilloscope only triggers on 
an eligible trigger point. Figure 85 shows how using trigger 
holdoff helps create a usable display. 
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Figure 36. An oscilloscope graticule. 





Display System and Controls 


An oscilloscope’s front panel includes a display screen and 
the knobs, buttons, switches, and indicators used to control 
signal acquisition and display. As mentioned at the front of 
this section, front-panel controls are usually divided into 
vertical, horizontal and trigger sections. The front panel also 
includes input connectors. 


Take a look at the oscilloscope display. Notice the grid mark- 
ings on the screen — these markings create the graticule. 
Each vertical and horizontal line constitutes a major division. 
The graticule is usually laid out in an 8-by-10 or 10-by-10 
division pattern. Labeling on the oscilloscope controls (such 
as volts/div and sec/div) always refers to major divisions. The 
tick marks on the center horizontal and vertical graticule 
lines, as shown in Figure 36, are called minor divisions. Many 
oscilloscopes display on the screen how many volts each 
vertical division represents and how many seconds each hor- 
izontal division represents. 


Other Oscilloscope Controls 


Math and Measurement Operations 


Your oscilloscope may also have operations that allow 

you to add waveforms together, creating a new waveform 
display. Analog oscilloscopes combine the signals while 
digital oscilloscopes create new waveforms mathematically. 
Subtracting waveforms is another math operation. 
Subtraction with analog oscilloscopes is possible by using 
the channel invert function on one signal and then using 
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Figure 37. Adding channels. 


the add operation. Digital oscilloscopes typically have a 
subtraction operation available. Figure 37 illustrates a third 
waveform created by combining two different signals. 


Using the power of their internal processors, digital oscillo- 
scopes offer many advanced math operations: multiplication, 
division, integration, Fast Fourier Transform, and more. This 
advanced signal processing capability can also perform 
functions such as the insertion of a filter block which can 

be used de-embed the characteristics of the fixture on the 
device under test or implement a filter block with desired 
frequency response such as a low pass filter. The processing 
block is flexible — not dedicated; it can perform as an 
arbitrary filter instead, for example for simulation of 
pre-emphasis/de-emphasis schemes. 


Digital Timing and State Acquisitions 


Digital channels provided by a mixed signal oscilloscope 
enable acquisition capabilities similar to those found on logic 
analyzers. There are two major digital acquisition tech- 
niques. The first technique is timing acquisition in which the 
MSO samples the digital signal at uniformly spaced times 
determined by the MSO's sample rate. At each sample 
point, the MSO stores the signal's logic state and creates a 
timing diagram of the signal. The second digital acquisition 
technique is state acquisition. State acquisition defines 
special times that the digital signal's logic state is valid and 
stable. This is common in synchronous and clocked digital 
circuits. A clock signal defines the time when the signal state 
is valid. For example, the input signal stable time is around 
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the rising clock edge for a D-Flip-Flop with rising edge clock- 

ing. The output signal stable time is around the falling clock 

edge for a D-Flip-Flop with rising edge clocking. Since the 

clock period of a synchronous circuit may not be fixed, the 

time between state acquisitions may not be uniform as it is in 

a timing acquisition. 

A mixed signal oscilloscope's digital channels acquire signals 

similar to how a logic analyzer acquires signals in timing 

acquisition mode. The MSO then decodes the timing acquisi- 

tion into a clocked bus display, and event table which is simi- 

lar to the logic analyzer's state acquisition display, providing 

you with important information during debug. 

We have described the basic oscilloscope controls that a 

beginner needs to know about. Your oscilloscope may have 

other controls for various functions. Some of these may 

include: 

a Automatic parametric measurements 

mu Measurement cursors 

mu Keypads for mathematical operations or data entry 

a Printing capabilities 

a Interfaces for connecting your oscilloscope to a computer 
or directly to the Internet 

Look over the other options available to you and read your 

oscilloscope’s manual to find out more about these other 

controls. 


The Complete Measurement System 


Probes 


Even the most advanced instrument can only be as precise 
as the data that goes into it. A probe functions in conjunction 
with an oscilloscope as part of the measurement system. 
Precision measurements start at the probe tip. The right 
probes matched to the oscilloscope and the device-under- 
test (DUT) not only allow the signal to be brought to the 
oscilloscope cleanly, they also amplify and preserve the signal 
for the greatest signal integrity and measurement accuracy. 
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Figure 38. Dense devices and systems require small form factor probes. 


To ensure accurate reconstruction of your 
signal, try to choose a probe that, when 
paired with your oscilloscope, exceeds the 
signal bandwidth by 5 times. 


Probes actually become part of the circuit, introducing 
resistive, capacitive and inductive loading that inevitably alters 
the measurement. For the most accurate results, the goal is 
to select a probe with minimal loading. An ideal pairing of the 
probe with the oscilloscope will minimize this loading, and 
enable you to access all of the power, features and capabili- 
ties of your oscilloscope. 


Another connectivity consideration is the probe’s form factor. 
Small form factor probes provide easier access to today’s 
densely packed circuitry, as shown in Figure 38. 


A brief description of the types of probes follows. Please refer 
to the Tektronix ABCs of Probes primer for more information 
about this essential component of the overall measurement 
system. 
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Figure 39. A typical passive probe with accessories. 


Passive Probes 


For measuring typical signal and voltage levels, passive 
probes provide ease-of-use and a wide range of measure- 
ment capabilities at an affordable price. The pairing of a 
passive voltage probe with a current probe will provide you 
with an ideal solution for measuring power. 


Most passive probes have some attenuation factor, such 

as 10X, 100X, and so on. By convention, attenuation factors, 
such as for the 10X attenuator probe, have the X after the 
factor. In contrast, magnification factors like X10 have the X 
first. 


The 10X (read as “ten times”) attenuator probe reduces cir- 
cuit loading in comparison to a 1X probe and is an excellent 
general-purpose passive probe. Circuit loading becomes 
more pronounced for higher frequency and/or higher 
impedance signal sources, so be sure to analyze these 
signal/probe loading interactions before selecting a probe. 
The 10X attenuator probe improves the accuracy of your 
measurements, but also reduces the signal's amplitude at 
the oscilloscope input by a factor of 10. 
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Because it attenuates the signal, the 10X attenuator probe 
makes it difficult to look at signals less than 10 millivolts 
peak-to-peak. The 1X probe is similar to the 10X attenuator 
probe but lacks the attenuation circuitry. Without this circuitry, 
more interference is introduced to the circuit being tested. 


Use the 10X attenuator probe as your general-purpose 
probe, but keep the 1X probe accessible to measure 
slow-speed, low-amplitude signals. Some probes have a 
convenient feature for switching between 1X and 10X 
attenuation at the probe tip. If your probe has this feature, 
make sure you are using the correct setting before taking 
measurements. 


Many oscilloscopes can automatically detect whether you are 
using a 1X or 10X probe and adjust their screen readouts 
accordingly. However with some oscilloscopes, you must set 
the type of probe you are using or read from the proper 1X or 
10X marking on the volts/div control. 


The 10X attenuator probe works by balancing the probe’s 
electrical properties against the oscilloscope’s electrical 
properties. Before using a 10X attenuator probe you need 
to adjust this balance for your particular oscilloscope. This 
adjustment is known as compensating the probe and is 
described in more detail in the Operating the Oscilloscope 
section of this primer. 


Passive probes, such as the one shown in Figure 39, provide 
excellent general-purpose probing solutions. However, 
general-purpose passive probes cannot accurately measure 
signals with extremely fast rise times, and may excessively 
load sensitive circuits. The steady increase in signal clock 
rates and edge speeds demands higher speed probes with 
less loading effects. High-speed active and differential probes 
provide ideal solutions when measuring high-speed and/or 
differential signals. 


www.tektronix.com/oscilloscopes 33 


& 


03W-8605-5.qxd 


12/10/09 


10:24 AM Page 34 


® 


Primer 





= ec S -. ¥ Fhe GS 
Figure 40. High-performance probes are critical when measuring the fast clocks and 
edges found in today’s computer buses and data transmission lines. 





Active and Differential Probes 


Increasing signal speeds and lower-voltage logic families 
make accurate measurement results difficult to achieve. 
Signal fidelity and device loading are critical issues. A com- 
plete measurement solution at these high speeds includes 
high-speed, high-fidelity probing solutions to match the 
performance of the oscilloscope, as shown in Figure 40. 


Active and differential probes use specially developed 
integrated circuits to preserve the signal during access and 
transmission to the oscilloscope, ensuring signal integrity. 
For measuring signals with fast rise times, a high-speed 
active or differential probe will provide more accurate results, 
as highlighted in Figure 41. 


Newer probe types provide the advantage of being able to 
use one setup, and get three types of measurements without 
adjusting probe tip connections. These probes can make 
differential, single-ended and common mode measurements 
from the same probe setup. 


Logic Probes 


The logic probe shown in Figure 42 offers two eight-channel 
pods. Each channel ends with a probe tip featuring a 
recessed ground for simplified connection to the device- 
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Figure 41 Differential probes can separate common-mode noise from the signal con- 
tent of interest in today’s fast, low-voltage applications - especially important as digital 
signals continue to fall below typical noise thresholds found in integrated circuits. 
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Figure 42. Logic probes for a mixed signal oscilloscope (MSO) simplify digital connec- 
tivity to your device. 


under-test. The coax on the first channel of each pod is 
colored blue making it easy to identify. The common ground 
uses an automotive style connector making it easy to create 
custom grounds for connecting to the device-under-test. 
When connecting to square pins, you can use an adapter 
that attaches to the probe head extending the probe ground 
flush with the probe tip so you can attach to a header. These 
probes offer outstanding electrical characteristics with 
minimal capacitive loading. 
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Specialty Probes 


In addition to the previously mentioned probe types, there are 
also a variety of other specialty probes and probing systems. 
These include current, high-voltage, and optical probes, just 
to name a few. 


Probe Accessories 


Many modern oscilloscopes provide special automated 
features built into the input and mating probe connectors. In 
the case of intelligent probe interfaces, the act of connecting 
the probe to the instrument notifies the oscilloscope about 
the probe’s attenuation factor, which in turn scales the display 
so that the probe’s attenuation is figured into the readout on 
the screen. Some probe interfaces also recognize the type 
of probe — that is, passive, active or current. The interface 
may act as a DC power source for probes. Active probes 
have their own amplifier and buffer circuitry that requires 

DC power. 

Ground lead and probe tip accessories are also available to 
improve signal integrity when measuring high-speed signals. 
Ground lead adapters provide spacing flexibility between 
probe tip and ground lead connections to the DUT, while 
maintaining very short lead lengths from probe tip to DUT. 
Please refer to the Tektronix ABCs of Probes primer for more 
information about probes and probe accessories. 


Performance Terms and 
Considerations 

As previously mentioned, an oscilloscope is analogous to 
a camera that captures signal images that we can observe 
and interpret. Shutter speed, lighting conditions, aperture 
and the ASA rating of the film all affect the camera’s ability 
to capture an image clearly and accurately. 


Like the basic systems of an oscilloscope, the 
performance considerations of an oscilloscope 
significantly affect its ability to achieve the 
required signal integrity. 
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Figure 43. Oscilloscope bandwidth is the frequency at which a sinusoidal input signal 
is attenuated to 70.7% of the signal's true amplitude, known as the -3 dB point. 


Learning a new skill often involves learning a new vocabulary. 
This idea holds true for learning how to use an oscilloscope. 
This section describes some useful measurement and oscillo- 
scope performance terms. These terms are used to describe 
the criteria essential to choosing the right oscilloscope for 
your application. Understanding these terms will help you to 
evaluate and compare your oscilloscope with other models. 


Bandwidth 


Bandwidth determines an oscilloscope’s fundamental ability 
to measure a signal. As signal frequency increases, the 
capability of the oscilloscope to accurately display the signal 
decreases. This specification indicates the frequency range 
that the oscilloscope can accurately measure. 


Oscilloscope bandwidth is specified as the frequency at 
which a sinusoidal input signal is attenuated to 70.7% of the 
signal’s true amplitude, known as the -3 dB point, a term 
based on a logarithmic scale, as seen in Figure 43. 


Without adequate bandwidth, your oscilloscope will not 
be able to resolve high-frequency changes. Amplitude will 
be distorted. Edges will vanish. Details will be lost. Without 
adequate bandwidth, all the features, bells and whistles in 
your oscilloscope will mean nothing. 


To determine the oscilloscope bandwidth needed to 
accurately characterize signal amplitude in your specific 
application, apply the “S Times Rule.” 


Oscilloscope Bandwidth > Highest Frequency 5 
Component of Signal 
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Figure 44. The higher the bandwidth, the more accurate the reproduction of your 
signal, as illustrated with a signal captured at 250 MHz, 1 GHz and 4 GHz bandwidth 
levels. 


An oscilloscope selected using the 5 Times Rule will give 

you less than +2% error in your measurements — typically 
sufficient for today’s applications. However, as signal speeds 
increase, it may not be possible to achieve this rule of thumb. 
Always keep in mind that higher bandwidth will likely provide 
more accurate reproduction of your signal, as demonstrated 
in Figure 44. 


Some oscilloscopes provide a method of enhancing the 
bandwidth through digital signal processing. A DSP arbitrary 
equalization filter can be used to improve the oscilloscope 
channel response. This filter extends the bandwidth, flattens 
the oscilloscope’s channel frequency response, improves 
phase linearity, and provides a better match between 
channels. It also decreases rise time and improves the time- 
domain step response. 


Rise Time 


In the digital world, rise time measurements are critical. 

Rise time may be a more appropriate performance consider- 
ation when you expect to measure digital signals, such as 
pulses and steps. As shown in Figure 45, your oscilloscope 
must have sufficient rise time to accurately capture the details 
of rapid transitions. 
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Figure 45. Rise time characterization of a high-speed digital signal. 


Rise time describes the useful frequency range of an 
oscilloscope. To calculate the oscilloscope rise time required 
for your signal type, use the following equation: 


' be tote , 1 
Oscilloscope Rise Time < Fastest Rise Time of Signal ¥ = 


Note that this basis for oscilloscope rise time selection is 
similar to that for bandwidth. As in the case of bandwidth, 
achieving this rule of thumb may not always be possible 
given the extreme speeds of today’s signals. Always remem- 
ber that an oscilloscope with faster rise time will more 
accurately capture the critical details of fast transitions. 


In some applications, you may know only the rise time of a 
signal. A constant allows you to relate the bandwidth and 
rise time of the oscilloscope, using the equation: 


k 
Rise Time 


Bandwidth = 





where k is a value between 0.35 and 0.45, depending 
on the shape of the oscilloscope’s frequency response 
curve and pulse rise time response. Oscilloscopes with 
a bandwidth of <1 GHz typically have a 0.35 value, 
while oscilloscopes with a bandwidth of > 1 GHz 
usually have a value between 0.40 and 0.45. 
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Logic Family Typical Signal Calculated Signal 
Rise Time Bandwidth 
TTL 2 ns 175 MHz 
CMOS Lo is 230 MHz 
GTL 1 ns 350 MHz 
LVDS 400 ps 875 MHz 
ECL 100 ps 3.5 GHz 
GaAs 40 ps 8.75 GHz 


Figure 46. Some logic families produce inherently faster rise times than others. 


Some logic families produce inherently faster rise times than 
others, as illustrated in Figure 46. 


Sample Rate 


Sample rate — specified in samples per second (S/s) — refers 
to how frequently a digital oscilloscope takes a snapshot or 
sample of the signal, analogous to the frames on a movie 
camera. The faster an oscilloscope samples (i.e., the higher 
the sample rate), the greater the resolution and detail of the 
displayed waveform and the less likely that critical information 
or events will be lost, as shown in Figure 47. The minimum 
sample rate may also be important if you need to look at 
slowly changing signals over longer periods of time. Typically, 
the displayed sample rate changes with changes made to the 
horizontal scale control to maintain a constant number of 
waveform points in the displayed waveform record. 


How do you calculate your sample rate requirements? 

The method differs based on the type of waveform you are 
measuring, and the method of signal reconstruction used by 
the oscilloscope. 


In order to accurately reconstruct a signal and avoid aliasing, 
the Nyquist theorem states that the signal must be sampled 
at least twice as fast as its highest frequency component. 
This theorem, however, assumes an infinite record length and 
a continuous signal. Since no oscilloscope offers infinite 
record length and, by definition, glitches are not continuous, 
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Figure 47. A higher sample rate provides greater signal resolution, ensuring that you'll 
see intermittent events. 


sampling at only twice the rate of highest frequency compo- 
nent is usually insufficient. 

In reality, accurate reconstruction of a signal depends on both 
the sample rate and the interpolation method used to fill in 
the spaces between the samples. Some oscilloscopes let you 
select either sin (x)/x interpolation for measuring sinusoidal 
signals, or linear interpolation for square waves, pulses and 
other signal types. 


For accurate reconstruction using sin(x)/x 
interpolation, your oscilloscope should have 
a sample rate at least 2.5 times the highest 
frequency component of your signal. Using 
linear interpolation, the sample rate should 
be at least 10 times the highest frequency 
signal component. 


Some measurement systems with sample rates to 50 GS/s 
and bandwidths to 20 GHz have been optimized for 
capturing very fast, single-shot and transient events by 
oversampling up to 5 times the bandwidth. 
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Figure 48. A DPO provides an ideal solution for non-repetitive, high-speed, 
multi-channel digital design applications. 


Waveform Capture Rate 


All oscilloscopes blink. That is, they open their eyes a given 
number of times per second to capture the signal, and close 
their eyes in between. This is the waveform capture rate, 
expressed as waveforms per second (wfms/s). While the 
sample rate indicates how frequently the oscilloscope 
samples the input signal within one waveform, or cycle, the 
waveform capture rate refers to how quickly an oscilloscope 
acquires waveforms. 


Waveform capture rates vary greatly, depending on the type 
and performance level of the oscilloscope. Oscilloscopes with 
high waveform capture rates provide significantly more visual 
insight into signal behavior, and dramatically increase the 
probability that the oscilloscope will quickly capture transient 
anomalies such as jitter, runt pulses, glitches and transition 
errors. 


Digital storage oscilloscopes (DSOs) employ a serial-process- 
ing architecture to capture from 10 to 5,000 wfms/s. Some 
DSOs provide a special mode that bursts multiple captures 
into long memory, temporarily delivering higher waveform 
capture rates followed by long processing dead times that 
reduce the probability of capturing rare, intermittent events. 
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Figure 49. A DPO enables a superior level of insight into signal behavior by 
delivering vastly greater waveform capture rates and three-dimensional display, 
making it the best general-purpose design and troubleshooting tool for a wide 
range of applications. 


Most digital phosphor oscilloscopes (DPOs) employ a 
parallel-processing architecture to deliver vastly greater 
waveform capture rates. As seen in Figure 48, some DPOs 
can acquire millions of waveforms in just seconds, significant- 
ly increasing the probability of capturing intermittent and elu- 
sive events and allowing you to see the problems in your sig- 
nal more quickly. Moreover, the DPO’s ability to acquire and 
display three dimensions of signal behavior in real time — 
amplitude, time and distribution of amplitude over time — 
results in a superior level of insight into signal behavior, as 
shown in Figure 49. 


Record Length 


Record length, expressed as the number of points that 
comprise a complete waveform record, determines the 
amount of data that can be captured with each channel. 
Since an oscilloscope can store only a limited number of 
samples, the waveform duration (time) will be inversely 
proportional to the oscilloscope’s sample rate. 


. Record Length 
Time Interval = 





Sample Rate 
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Modern oscilloscopes allow you to select record length to 
optimize the level of detail needed for your application. 

If you are analyzing an extremely stable sinusoidal signal, 
you may need only a 500 point record length, but if you are 
isolating the causes of timing anomalies in a complex digital 
data stream, you may need a million points or more for a 
given record length, as demonstrated in Figure 50. 


Triggering Capabilities 

An oscilloscope’s trigger function synchronizes the horizontal 
sweep at the correct point of the signal, essential for clear 
signal characterization. Trigger controls allow you to stabilize 
repetitive waveforms and capture single-shot waveforms. 


Please refer to the Trigger section under Performance Terms 
and Considerations for more information regarding triggering 
capabilities. 


Effective Bits 


Effective bits represent a measure of a digital oscilloscope's 
ability to accurately reconstruct a sinewave signal's shape. 
This measurement compares the oscilloscope's actual 
error to that of a theoretical “ideal” digitizer. Because the 
actual errors include noise and distortion, the frequency 
and amplitude of the signal must be specified. 


Frequency Response 


Bandwidth alone is not enough to ensure that an oscillo- 
scope can accurately capture a high frequency signal. The 
goal of oscilloscope design is a specific type of frequency 
response: Maximally Flat Envelope Delay (MFED). A 
frequency response of this type delivers excellent pulse 
fidelity with minimum overshoot and ringing. Since a digital 
oscilloscope is composed of real amplifiers, attenuators, 
ADCs, interconnects, and relays, MFED response is a 
goal that can only be approached. Pulse fidelity varies 
considerably with model and manufacturer. 


Vertical Sensitivity 


Vertical sensitivity indicates how much the vertical amplifier 
can amplify a weak signal — usually measured in millivolts 
(mV) per division. The smallest voltage detected by a general- 
purpose oscilloscope is typically about 1 mV per vertical 
screen division. 
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Figure 50. Capturing the high frequency detail of this modulated 85 MHz carrier 
requires high resolution sampling (100 ps). Seeing the signal’s complete modulation 
envelope requires a long time duration (1 ms). Using long record length (10 MB), the 
oscilloscope can display both. 


Sweep Speed 


Sweep speed indicates how fast the trace can sweep across 
the oscilloscope screen, enabling you to see fine details. The 
sweep speed of an oscilloscope is represented by time 
(seconds) per division. 


Gain Accuracy 


Gain accuracy indicates how accurately the vertical system 
attenuates or amplifies a signal, usually represented as a 
percentage error. 


Horizontal Accuracy (Time Base) 


Horizontal, or time base, accuracy indicates how accurately 
the horizontal system displays the timing of a signal, usually 
represented as a percentage error. 


Vertical Resolution (Analog-to-Digital 
Converter) 

Vertical resolution of the ADC, and therefore, the digital oscil- 
loscope, indicates how precisely it can convert input voltages 
into digital values. Vertical resolution is measured in bits. 
Calculation techniques can improve the effective resolution, 
as exemplified with hi-res acquisition mode. 
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Figure 51. The MSO provides 16 integrated digital channels, enabling the ability to 
view and analyze time-correlated analog and digital signals. A high speed timing 
acquisition provides more resolution to reveal narrow events such as glitches. 


Timing Resolution (MSO) 


An important MSO acquisition specification is the timing reso- 
lution used for capturing digital signals. Acquiring a signal 
with better timing resolution provides a more accurate timing 
measurement of when the signal changes. For example, a 
500 MS/s acquisition rate has 2 ns timing resolution and the 
acquired signal edge uncertainty is 2 ns. A smaller timing res- 
olution of 60.6 ps (16.5 GS/s) decreases the signal edge 
uncertainty to 60.6 ps and captures faster changing signals. 


Some MSOs internally acquire digital signals with two types 
of acquisitions at the same time. The first acquisition is with 
standard timing resolution, and the second acquisition uses a 
high speed resolution. The standard resolution is used over a 
longer record length while the high speed timing acquisition 
offers more resolution around a narrow point of interest, as 
shown in Figure 51. 


Connectivity 


The need to analyze measurement results remains of 

utmost importance. The need to document and share 
information and measurement results easily and frequently 
has also grown in importance. The connectivity of an oscillo- 
scope delivers advanced analysis capabilities and simplifies 
the documentation and sharing of results. As shown in Figure 
52, standard interfaces (GPIB, RS-232, USB, Ethernet) and 
network communication modules enable some oscilloscopes 
to deliver a vast array of functionality and control. 
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Figure 52. Today's oscilloscopes provide a wide array of communications interfaces, 
such as a standard Centronics port and optional Ethernet/RS-232, GPIB/RS-232, and 
VGA/RS-232 modules. There is even a USB port (not shown) on the front panel. 
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Figure 53. Analysis software packages are specifically designed to meet jitter and eye 
measurement needs of today's high-speed digital designers. 


Some advanced oscilloscopes also let you: 


m Create, edit and share documents on the oscilloscope — 
all while working with the instrument in your particular 
environment 


a Access network printing and file sharing resources 

a Access the Windows® desktop 

gw Run third-party analysis and documentation software 
g Link to networks 

m Access the Internet 


mw Send and receive e-mail 


Expandability 


An oscilloscope should be able to accommodate your needs 
as they change. Some oscilloscopes allow you to: 
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Figure 54. Serial bus analysis is accelerated with automated trigger, decode, and 
search on serial packet context. 
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Figure 55. Automatically trigger, decode, and search on clocked or unclocked 
parallel bus data. 


mw Add memory to channels to analyze longer record lengths 


Add application-specific measurement capabilities 


a Complement the power of the oscilloscope with a full 
range of probes and modules 


Work with popular third-party analysis and productivity 
Windows-compatible software 


m Add accessories, such as battery packs and rackmounts 


Application modules and software may enable you to 
transform your oscilloscope into a highly specialized analysis 
tool capable of performing functions such as jitter and 

timing analysis, microprocessor memory system verification, 
communications standards testing, disk drive measurements, 
video measurements, power measurements and much more. 
Figures 53 - 58 highlight a few of these examples. 
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Figure 56. Advanced DDR shtivels te tools automate complex memory tasks like 
separating read/write bursts and performing JEDEC measurements. 





Figure 57. Video application modules make the oscilloscope a fast, tell-all tool for 
video troubleshooting. 
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Figure 58. Advanced analysis and productivity software, such as MATLAB”, can be 
installed in Windows-based oscilloscopes to accomplish local signal analysis. 
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Figure 60. Use graphical control windows to access even the most sophisiticated 
functions with confidence and ease. 
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Figure 59. Traditional, analog-style knobs control position, scale, intensity, etc. — esnti | son | 
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Ease-of-Use 


Oscilloscopes should be easy to learn and easy to use, 
helping you work at peak efficiency and productivity. Allowing 
you to focus on your design, rather than the measurement 
tools. Just as there is no one typical car driver, there is no 
one typical oscilloscope user. Regardless of whether you 
prefer a traditional instrument interface, or that of a 
Windows® interface, it is important to have flexibility in your 
oscilloscope’s operation. 


Many oscilloscopes offer a balance between performance Figure 61. Touch-sensitive display naturally solves issues with cluttered benches and 
carts, while providing access to clear, on-screen buttons. 
and simplicity by providing the user with many ways to oper- 
ate the instrument. A front-panel layout, in Figure 59, pro- 
vides dedicated vertical, horizontal and trigger controls. An 
icon-rich graphical user interface, as shown in Figure 60, 
helps you understand and intuitively use advanced capabili- 
ties. Touch-sensitive displays solve issues with cluttered 
benches and carts, while providing access to clear, on- 
screen buttons, as seen in Figure 61. Online help provides a 
convenient, built-in reference manual. Intuitive controls allow 








even occasional oscilloscope users to feel as comfortable 
driving the oscilloscope as they do driving a car, while giving 
full-time users easy access to the oscilloscope’s most 
advanced features. In addition, many oscilloscopes are 
portable, such as the one shown in Figure 62, making the 
oscilloscope efficient in many different operating environ- 
ments — in the lab or in the field. 
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Figure 62. The portability of many oscilloscopes makes the instrument efficient in 
many operating environments. 


Operating the Oscilloscope 


This section briefly describes how to set up and start 

using an oscilloscope — specifically, how to properly ground 
the oscilloscope and yourself, set the oscilloscope controls, 
calibrate the oscilloscope, connect the probes, and compen- 
sate the probes. 


Proper grounding is an important step when setting up to 
take measurements or work on a circuit. Proper grounding of 
the oscilloscope protects you from a hazardous shock and 
grounding yourself protects your circuits from damage. 


Proper Grounding 


To ground the oscilloscope means to connect it to an electri- 
cally neutral reference point, such as earth ground. Ground 
your oscilloscope by plugging its three-pronged power cord 
into an outlet grounded to earth ground. 


Grounding the oscilloscope is necessary for safety. If a high 
voltage contacts the case of an ungrounded oscilloscope — 
any part of the case, including knobs that appear insulated — 
it can give you a shock. However, with a properly grounded 
oscilloscope, the current travels through the grounding path 
to earth ground rather than through you to earth ground. 


Grounding is also necessary for taking accurate measure- 


XYZs of Oscilloscopes 





Figure 63. Typical wrist-type grounding strap. 


ments with your oscilloscope. The oscilloscope needs to 
share the same ground as any circuits you are testing. 


Some oscilloscopes do not require separate connection to 
earth ground. These oscilloscopes have insulated cases and 
controls, which keeps any possible shock hazard away from 
the user. 


If you are working with integrated circuits (ICs), you also need 
to ground yourself. Integrated circuits have tiny conduction 
paths that can be damaged by static electricity that builds up 
on your body. You can ruin an expensive IC simply by walking 
across a Carpet or taking off a sweater and then touching the 
leads of the IC. To solve this problem, wear a grounding 
strap, as shows in Figure 63. This strap safely sends static 
charges on your body to earth ground. 


Setting the Controls 


After plugging in the oscilloscope, take a look at the front 
panel. As described previously, the front panel is typically 
divided into three main sections labeled vertical, horizontal, 
and trigger. Your oscilloscope may have other sections, 
depending on the model and type. 


Notice the input connectors on your oscilloscope — this is 
where you attach the probes. Most oscilloscopes have at 
least two input channels and each channel can display a 
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waveform on the screen. Multiple channels are useful for 
comparing waveforms. As mentioned earlier, MSOs also have 
digital inputs as well. 


Some oscilloscopes have AUTOSET and/or DEFAULT 
buttons that can set up the controls in one step to accom- 
modate a signal. If your oscilloscope does not have this 
capability, it is helpful to set the controls to standard positions 
before taking measurements. 


General instructions to manually set up the oscilloscope in 
standard positions are as follows: 
m Set the oscilloscope to display channel 1 


mw Set the vertical volts/division scale and position controls to 
mid-range positions 


a Turn off the variable volts/division 

a Turn off all magnification settings 

mw Set the channel 1 input coupling to DC 
m Set the trigger mode to auto 

m Set the trigger source to channel 1 

a Turn trigger holdoff to minimum or off 


m Set the horizontal time/division and position controls to 
mid-range positions 

a Adjust channel 1 volts/division such that the signal 
occupies as much of the 10 vertical divisions as possible 
without clipping or signal distortion 


Calibrating the Instrument 


In addition to proper oscilloscope setup, periodic instrument 
self-calibration is recommended for accurate measurements. 
Calibration is needed if the ambient temperature has changed 
more than 5°C (9°F) since the last self-calibration or once 

a week. In the oscilloscope menu this can sometimes be 
initiated as “Signal Path Compensation”. Refer to the manual 
that accompanied your oscilloscope for more detailed 
instructions. 
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Connecting the Probes 


Now you are ready to connect a probe to your oscilloscope. 
A probe, if well-matched to the oscilloscope, will enable you 
to access all of the power and performance in the oscillo- 
scope and will ensure the integrity of the signal you are 
measuring. 


Measuring a signal requires two connections: the probe tip 
connection and the ground connection. Probes often come 
with a clip attachment for grounding the probe to the circuit 
under test. In practice, you attach the grounding clip to a 
known ground in the circuit, such as the metal chassis of a 
product you are repairing, and touch the probe tip to a test 
point in the circuit 


Compensating the Probes 


Passive attenuation voltage probes must be compensated to 
the oscilloscope. Before using a passive probe, you need to 
compensate it — to balance its electrical properties to a par- 
ticular oscilloscope. 


You should get into the habit of compensating the probe 
every time you set up your oscilloscope. A poorly adjusted 
probe can make your measurements less accurate. Figure 64 
illustrates the effects on a 1 MHz test signal when using a 
probe that is not properly compensated. 


Most oscilloscopes have a square wave reference signal 
available at a terminal on the front panel used to compensate 
the probe. General instructions to compensate the probe are 
as follows: 


a Attach the probe to a vertical channel 


a Connect the probe tip to the probe compensation, i.e. 
square wave reference signal 


a Attach the ground clip of the probe to ground 
a View the square wave reference signal 


mu Make the proper adjustments on the probe so that the 
corners of the square wave are square 
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Figure 64. The effects of improper probe compensation. 


When you compensate the probe, always attach any acces- channel you plan to use. This will ensure that the oscilloscope 
sory tips you will use and connect the probe to the vertical has the same electrical properties as it does when you take 
measurements. 


www.tektronix.com/oscilloscopes 45 


¢ ce 


03W-8605-5.qxd 


10:24 AM Page 46 


Primer 


Oscilloscope Measurement Techniques 


This section reviews basic measurement techniques. The two 
most basic measurements you can make are voltage and 
time measurements. Just about every other measurement is 
based on one of these two fundamental techniques. 


This section discusses methods for taking 
measurements visually with the oscilloscope 
screen. This is a common technique with 
analog instruments, and also may be useful 
for “at-a-glance” interpretation of digital oscillo- 
scope displays. 


Note that most digital oscilloscopes include automated 
measurement tools that simplify and accelerate common 
analysis tasks, thus improving the reliability and confidence of 
your measurements. However, Knowing how to make meas- 
urements manually as described here will help you under- 
stand and check the automatic measurements. 


Voltage Measurements 


Voltage is the amount of electric potential, expressed in volts, 
between two points in a circuit. Usually one of these points 
is ground (zero volts), but not always. Voltages can also be 
measured from peak-to-peak — from the maximum point of a 
signal to its minimum point. You must be careful to specify 
which voltage you mean. 


The oscilloscope is primarily a voltage-measuring device. 
Once you have measured the voltage, other quantities are 
just a calculation away. For example, Ohm’s law states that 
voltage between two points in a circuit equals the current 
times the resistance. From any two of these quantities you 
can calculate the third using the following formula: 


Voltage = Current x Resistance 








Voltage 
Current = ; 
Resistance 
; Voltage 
Resistance = e 
Current 
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Figure 65. Voltage peak (Vp) and peak-to-peak voltage (Vp-p 
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Figure 66. Measure voltage on the center vertical graticule line. 


Another handy formula is the power law, which states that 
the power of a DC signal equals the voltage times the cur- 
rent. Calculations are more complicated for AC signals, but 
the point here is that measuring the voltage is the first step 
toward calculating other quantities. Figure 65 shows the volt- 
age of one peak (V,) and the peak-to-peak voltage (V,,). 


The most basic method of taking voltage measurements is 

to count the number of divisions a waveform spans on the 
oscilloscope’s vertical scale. Adjusting the signal to cover 
most of the display vertically makes for the best voltage 
measurements, as shown in Figure 66. The more display area 
you use, the more accurately you can read the measurement. 


Many oscilloscopes have cursors that let you make waveform 
measurements automatically, without having to count gratic- 
ule marks. A cursor is simply a line that you can move across 
the display. Two horizontal cursor lines can be moved up and 
down to bracket a waveform’s amplitude for voltage meas- 
urements, and two vertical lines move right and left for time 
measurements. A readout shows the voltage or time at their 
positions. 
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at Center Horizontal Graticule Line 





Figure 67. Measure time on the center horizontal graticule line. 


Time and Frequency Measurements 


You can make time measurements using the horizontal scale 
of the oscilloscope. Time measurements include measuring 
the period and pulse width of pulses. Frequency is the recip- 
rocal of the period, so once you know the period, the fre- 
quency is one divided by the period. Like voltage measure- 
ments, time measurements are more accurate when you 
adjust the portion of the signal to be measured to cover a 
large area of the display, as illustrated in Figure 67. 


Pulse Width and Rise Time Measurements 


In many applications, the details of a pulse’s shape are 
important. Pulses can become distorted and cause a digital 
circuit to malfunction, and the timing of pulses in a pulse train 
is often significant. 
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Figure 68. Rise time and pulse width measurement points. 


Standard pulse measurements are pulse rise time and pulse 
width. Rise time is the amount of time a pulse takes to go 
from a low to high voltage. By convention, the rise time is 
measured from 10% to 90% of the full voltage of the pulse. 
This eliminates any irregularities at the pulse’s transition 
corners. Pulse width is the amount of time the pulse takes to 
go from low to high and back to low again. By convention, 
the pulse width is measured at 50% of full voltage. Figure 68 
illustrates these measurement points. 


Pulse measurements often require fine-tuning the triggering. 
To become an expert at capturing pulses, you should 

learn how to use trigger holdoff and how to set the digital 
oscilloscope to capture pretrigger data, as described in the 
Systems and Controls of an Oscilloscope section. Horizontal 
magnification is another useful feature for measuring pulses, 
since it allows you to see fine details of a fast pulse. 
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Figure 69. Lissajous patterns. 


Phase Shift Measurements 


One method for measuring phase shift — the difference in 
timing between two otherwise identical periodic signals — 

is to use XY mode. This measurement technique involves 
inputting one signal into the vertical system as usual and 
then another signal into the horizontal system — called an XY 
measurement because both the X and Y axis are tracing 
voltages. The waveform that results from this arrangement is 
called a Lissajous pattern (named for French physicist Jules 
Antoine Lissajous and pronounced LEE-sa-zhoo). From 

the shape of the Lissajous pattern, you can tell the phase 
difference between the two signals. You can also tell their 
frequency ratio. Figure 69 shows Lissajous patterns for 
various frequency ratios and phase shifts. 


The XY measurement technique originated with analog 
oscilloscopes. DSOs may have difficulty creating real-time XY 
displays. Some DSOs create an XY image by accumulating 
triggered data points over time, then displaying two channels 
as an XY display. 
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DPOs, on the other hand, are able to acquire and display a 
genuine XY mode image in real-time, using a continuous 
stream of digitized data. DPOs can also display an XYZ 
image with intensified areas. Unlike XY displays on DSOs and 
DPOs, these displays on analog oscilloscopes are typically 
limited to a few megahertz of bandwidth. 


Other Measurement Techniques 


This section has covered basic measurement techniques. 
Other measurement techniques involve setting up the oscillo- 
scope to test electrical components on an assembly line, 
capturing elusive transient signals, and many others. The 
measurement techniques you will use will depend on your 
application, but you have learned enough to get started. 
Practice using your oscilloscope and read more about it. 
Soon its operation will be second nature to you. 
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Part | covers information presented in 
these sections: 


This section contains written exercises that cover information 


in this primer. These are divided into two parts, Part | and 
Part Il, with vocabulary and application exercises for each. 


mw The Oscilloscope 


am Performance Terms and Considerations 


Check how well you have absorbed the information in 
these sections by verifying your responses against the 


answer key at the end of this section on page 54. 


Part Il covers information presented in 
sections: 


a The Systems and Controls of an Oscilloscope 
a Operating the Oscilloscope 


mu Measurement Techniques 


Part | A: Vocabulary Exercise 


Write the letter of the definitions in the right column next to the correct words in the left column. 





Term 
Acquisition 
Analog 
Bandwidth 
Digital Phosphor 
Frequency 
Glitch 


Period 

Phase 

Pulse 
Waveform Point 
Rise Time 


Sample Point 


Digital Storage 
Time Base 
Transient 

ADC Resolution 
Volt 


Definition 


The unit of electric potential difference. 


A performance measurement indicating the precision of an ADC, measured in bits. 


Term used when referring to degree points of a signal's period. 
The number of times a signal repeats in one second. 
The amount of time it takes a wave to complete one cycle. 


A stored digital value that represents the voltage of a signal at a specific 
point in time on the display. 


A common waveform shape that has a rising edge, a width, and a falling edge. 


H_ A performance measurement indicating the rising edge speed of a pulse. 


- K G& 


ovoze 


Oscilloscope circuitry that controls the timing of the sweep. 


An intermittent spike in a circuit. 





+ 


A signal measured by an oscilloscope that only occurs once. 


The oscilloscope’s process of collecting sample points from the ADC, 
processing them, and storing them in memory. 


Something that operates with continuously changing values. 


Digital oscilloscope that captures 3 dimensions of signal information in real-time. 





Digital oscilloscope with serial processing. 
A sine wave frequency range, defined by the — 3 dB point. 


The raw data from an ADC used to calculate and display waveform points. 
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Part | B: Application Exercise 


-1.With an oscilloscope you can: 


a 
b 
Cc 
d 


. Calculate the frequency of a signal. 


. Find malfunctioning electrical components. 


. Analyze signal details. 


. All the above. 


2. The difference between analog and digitizing 


fe) 


a. 
b. 


scilloscopes is: 
Analog oscilloscopes do not have on-screen menus. 


Analog oscilloscopes apply a measurement voltage 
directly to the display system, while digital oscilloscopes 
first convert the voltage into digital values. 


. Analog oscilloscopes measure analogs, whereas 


digitizing oscilloscopes measure digits. 


. Analog oscilloscopes do not have an acquisition 
system. 


3. An oscilloscope’s vertical section does the 
following: 


a 
b 
Cc 
d 


. Acquires sample points with an ADC. 


. Starts a horizontal sweep. 


. Lets you adjust the brightness of the display. 


. Attenuates or amplifies the input signal. 


4. The time base control of the oscilloscope 


d 
a 
b 


Cc 


d 


50 


oes the following: 


. Adjusts the vertical scale. 


. Shows you the current time of day. 


. Sets the amount of time represented by the 


horizontal width of the screen. 


. Sends a clock pulse to the probe. 


www.tektronix.com/oscilloscopes 


& 


Circle the best answers for each statement. Some statements have more than one right answer. 


5. On an oscilloscope display: 


a. Voltage is on the vertical axis and time is on the 
horizontal axis. 


b. A straight diagonal trace means voltage is changing 
at a steady rate. 


c. A flat horizontal trace means voltage is constant. 


d. All the above. 


. All repeating waves have the following properties: 


a. A frequency measured in Hertz. 
b. A period measured in seconds. 
c. A bandwidth measured in Hertz. 


d. All the above. 


. If you probe inside a computer with an 


oscilloscope, you are likely to find the 
following types of signals: 


a. Pulse trains. 
b. Ramp waves. 
c. Sine waves. 


d. All the above. 


. When evaluating the performance of an analog 


oscilloscope, some things you might consider are: 
a. The bandwidth. 

b. The vertical sensitivity. 

c. The ADC resolution. 


d. The sweep speed. 


. The difference between digital storage 


oscilloscopes (DSO) and digital phosphor 
oscilloscopes (DPO) is: 


a. The DSO has a higher bandwidth. 


b. The DPO captures three dimensions of 
waveform information in real-time. 


c. The DSO has a color display. 





d. The DSO captures more signal details. 
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Part Il A: Vocabulary Exercise 


Write the letter of the definitions in the right column next to the correct words in the left column. 


o oO NS ® 


Term 


Averaging Mode 


Circuit Loading 


Compensation 


Coupling 


Earth Ground 


Equivalent-Time 
Graticule 
Interpolation 


Real Time 


Signal Generator 
Single Sweep 


Sensor 


Definition 


The unintentional interaction of the probe and oscilloscope with the circuit being tested 
which distorts a signal. 


A conductor that connects electrical currents to the Earth. 


C Asampling mode in which the digital oscilloscope collects as many samples as it can 


mI @9 7 


as the signal occurs, then constructs a display, using interpolation if necessary. 


A sampling mode in which the digital oscilloscope constructs a picture of a repetitive 
signal by capturing a little bit of information from each repetition. 


A device that converts a specific physical quantity such as sound, pressure, strain, or 
light intensity into an electrical signal. 


A test device for injecting a signal into a circuit input. 
A processing technique used by digital oscilloscopes to eliminate noise in a displayed signal. 
The method of connecting two circuits together. 


A “connect-the-dots” processing technique to estimate what a fast waveform looks like 
based on only a few sampled points. 


The grid lines on a screen for measuring oscilloscope traces. 
A trigger mode that triggers the sweep once, must be reset to accept another trigger event. 


A probe adjustment for 10X attenuator probes that balances the electrical properties of 
the probe with the electrical properties of the oscilloscope. 
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& Part Il B: Application Exercise 


Circle the best answers for each statement. Some statements have more than one right answer. 


1. To operate an oscilloscope safely, you should: 


6. The volts per division control is used to: 


a. Ground the oscilloscope with the proper three-pronged 
power cord. 


b. Learn to recognize potentially dangerous electrical 
components. 


c. Avoid touching exposed connections in a circuit being 
tested even if the power is off. 


d. All the above. 


. Grounding an oscilloscope is necessary: 
a. For safety reasons. 
b. To provide a reference point for making measurements. 
c. To align the trace with the screen’s horizontal axis. 


d. All the above. 


. Circuit loading is caused by: 
a. An input signal having too large a voltage. 


b. The probe and oscilloscope interacting with the 
circuit being tested. 


c. A 10X attenuator probe being uncompensated. 


d. Putting too much weight on a circuit. 


. Compensating a probe is necessary to: 


a. Balance the electrical properties of the 10X attenuator 
probe with the oscilloscope. 


b. Prevent damaging the circuit being tested. 
c. Improve the accuracy of your measurements. 


d. All the above. 


5. The trace rotation control is useful for: 
a. Scaling waveforms on the screen. 
b. Detecting sine wave signals. 


c. Aligning the waveform trace with the screen’s horizontal 
axis on an analog oscilloscope. 


d. Measuring pulse width. 
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a. Scale a waveform vertically. 
b. Position a waveform vertically. 
c. Attenuate or amplify an input signal. 


d. Set the numbers of volts each division represents. 


. Setting the vertical input coupling to ground 


does the following: 

a. Disconnects the input signal from the oscilloscope. 
b. Causes a horizontal line to appear with auto trigger. 
c. Lets you see where zero volts is on the screen. 


d. All the above. 


. The trigger is necessary to: 


a. Stabilize repeating waveforms on the screen. 
b. Capture single-shot waveforms. 
c. Mark a particular point of an acquisition. 


d. All the above. 


. The difference between auto and normal 


trigger mode is: 


a. In normal mode the oscilloscope only sweeps once 
and then stops. 


b. In normal mode the oscilloscope only sweeps if the 
input signal reaches the trigger point; otherwise the 
screen is blank. 


c. Auto mode makes the oscilloscope sweep continuously 
even without being triggered. 


d. All the above. 


10. The acquisition mode that best reduces noise 


in a repeating signal is: 
a. Sample mode. 
b. Peak detect mode. 
c. Envelope mode. 


d. Averaging mode. 
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11. The two most basic measurements you can make 


with an oscilloscope are: 
a. Time and frequency measurements. 
b. Time and voltage measurements. 
c. Voltage and pulse width measurements. 
d. Pulse width and phase shift measurements. 
12. If the volts/division is set at 0.5, the largest 


signal that can fit on the screen (assuming 
an 8 x 10 division screen) is: 


a. 62.5 millivolts peak-to-peak. 
b. 8 volts peak-to-peak. 
c. 4 volts peak-to-peak. 
d. 0.5 volts peak-to-peak. 
13. If the seconds/division is set at 0.1 ms, 


the amount of time represented by the width 
of the screen is: 


a. 0.1 ms. 
b. 1 ms. 
c. 1 second. 


d. 0.1 kHz. 
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14. By convention, pulse width is measured: 


a. 
b. 
C. 


d. 


At 10% of the pulse’s peak-to-peak (pk-pk) voltage. 
At 50% of the pulse’s peak-to-peak (pk-pk) voltage. 
At 90% of the pulse’s peak-to-peak (pk-pk) voltage. 


At 10% and 90% of the pulse’s peak-to-peak (pk-pk) 
voltage. 


15. You attach a probe to your test circuit but the 
screen is blank. You should: 


a. 


Check that the screen intensity is turned up. 


b. Check that the oscilloscope is set to display the 


channel that the probe is connected to. 


. Set the trigger mode to auto since norm mode blanks 


the screen. 


. Set the vertical input coupling to AC and set the 


volts/division to its largest value since a large DC 
signal may go off the top or bottom of the screen. 


. Check that the probe isn’t shorted and make sure 


it is properly grounded. 


. Check that the oscilloscope is set to trigger on the 


input channel you are using. 


. All of the above. 
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& Answer Key 


This section provides the answers to all written exercises in the previous section. 


Part IA: Vocabulary Exercise Answers 


















































the ‘Ie 5D 9.G 13.0 
2. M 6. J 10. F 14, | 
3. P q: JE 11.H 15. K 
4. N 8. C 12.0 16.B 
17.A 
Part IB: Application Exercise Answers 
1.D 3.0 5.D (ae. 
2.B,D AG 6. A,B 8. A,B,D 
9.B 
Part IIA: Vocabulary Exercise Answers 
1.G 4.H Pea 10. F 
oe 5.B 8.1 11.K 
3.L 6.D 9.C 12.E 
Part IIB: Application Exercise Answers 
1D 5.6 9.B,C 13. B 
2. A,B 6. A,C,D 10. D 14.B 
3.B 7.0 11.B 15.G 





4. A,C 8.D 12.C 
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Glossary 
A 


Acquisition Mode — Modes that control how waveform 
points are produced from sample points. Some types include 
sample, peak detect, hi res, envelope, average, and wave- 
form data base. 


Alternating Current (AC) — A signal in which the current and 
voltage vary in a repeating pattern over time. Also used to 
indicate signal coupling type. 


Amplification — An increase in signal amplitude during its 
transmission from one point to another. 


Amplitude — The magnitude of a quantity or strength of a 
signal. In electronics, amplitude usually refers to either voltage 
or power. 


Analog-to-Digital Converter (ADC) — A digital electronic 
component that converts an electrical signal into discrete 
binary values. 


Analog Oscilloscope — An instrument that creates a wave- 
form display by applying the input signal (conditioned and 
amplified) to the vertical axis of an electron beam moving 
across a cathode-ray tube (CRT) screen horizontally from left 
to right. A chemical phosphor coated on the CRT creates a 
glowing trace wherever the beam hits. 


Analog Signal - A signal with continuously variable voltages. 


Attenuation — A decrease in signal amplitude during its 
transmission from one point to another. 


Averaging — A processing technique used by digital oscillo- 
scopes to reduce noise in a displayed signal. 


B 


Bandwidth — A frequency range, usually limited by -3 dB. 


C 


Circuit Loading — The unintentional interaction of the probe 
and oscilloscope with the circuit being tested, distorting the 
signal. 


Compensation —- A probe adjustment for passive attenuation 
probes that balances the capacitance of the probe with the 
capacitance of the oscilloscope. 


Coupling — The method of connecting two circuits together. 
Circuits connected with a wire are directly coupled (DC); 
circuits connected through a capacitor or transformer are 
indirectly (AC) coupled. 


Cursor — An on-screen marker that you can align with a 
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waveform to make more accurate measurements. 


D 


Delayed Time Base — A time base with a sweep that can 
start (or be triggered to start) relative to a pre-determined 
time on the main time base sweep. Allows you to see events 
more clearly and to see events that are not visible solely with 
the main time base sweep. 


Digital Signal - A signal whose voltage samples are 
represented by discrete binary numbers. 


Digital Oscilloscope — A type of oscilloscope that uses an 
analog-to-digital converter (ADC) to convert the measured 
voltage into digital information. Types include: digital storage, 
digital phosphor, mixed signal, and digital sampling oscillo- 
scopes. 


Digital Phosphor Oscilloscope (DPO) —- A type of digital 
oscilloscope that closely models the display characteristics 
of an analog oscilloscope while providing traditional digital 
oscilloscope benefits (waveform storage, automated 
measurements, etc.) The DPO uses a parallel-processing 
architecture to pass the signal to the raster-type display, 
which provides intensity-graded viewing of signal 
characteristics in real time. The DPO displays signals in 
three dimensions: amplitude, time and the distribution of 
amplitude over time. 


Digital Sampling Oscilloscope - A type of digital 
oscilloscope that employs equivalent-time sampling method 
to capture and display samples of a signal, ideal for 
accurately capturing signals whose frequency components 
are much higher than the oscilloscope’s sample rate. 


Digital Signal Processing - The application of algorithms to 
improve the accuracy of measured signals. 


Digital Storage Oscilloscope (DSO) —- A digital oscilloscope 
that acquires signals via digital sampling (using an analog-to- 
digital converter). It uses a serial-processing architecture to 
control acquisition, user interface, and the raster display. 


Digitize - The process by which an analog-to-digital 
converter (ADC) in the horizontal system samples a signal 
at discrete points in time and converts the signal’s voltage 
at these points into digital values called sample points. 


Direct Current (DC) - A signal with a constant voltage 
and/or current. Also used to indicate signal coupling type. 


Division — Measurement markings on the oscilloscope gratic- 
ule indicating major and minor marks. 
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E 


Earth Ground — A conductor that will connect electrical 
currents to the Earth. 


Effective Bits - A measure of a digital oscilloscope's ability 
to accurately reconstruct a sine wave signal’s shape. This 
measurement compares the oscilloscope's actual error to 
that of a theoretical “ideal” digitizer. 


Envelope — The outline of a signal’s highest and lowest 
points acquired over many displayed waveform repetitions. 


Equivalent-time Sampling — A sampling mode in which the 
oscilloscope constructs a picture of a repetitive signal by 
capturing a little bit of information from each repetition. Two 
types of equivalent-time sampling: random and sequential. 


F 


Focus — The analog oscilloscope contro! that adjusts the 
cathode-ray tube (CRT) electron beam to control the sharp- 
ness of the display. 


Frequency — The number of times a signal repeats in one 
second, measured in Hertz (cycles per second). The frequen- 
cy equals 1/period. 

Frequency Response — Frequency response curves of an 
oscilloscope define the accuracy in amplitude representation 
of the input signal in function of the signals frequency. In 
order to obtain maximum signal fidelity, it is important that 
the oscilloscope has a flat (stable) frequency response across 
the entire specified oscilloscopes bandwidth. 


G 


Gain Accuracy - An indication of how accurately the vertical 
system attenuates or amplifies a signal, usually represented 
as a percentage error. 


Gigahertz (GHz) - 1,000,000,000 Hertz; a unit of frequency. 
Glitch - An intermittent, high-speed error in a circuit. 


Graticule - The grid lines on a display for measuring oscillo- 
scope traces. 


Ground —- 


1. Aconducting connection by which an electric circuit 
or equipment is connected to the earth to establish 
and maintain a reference voltage level. 


2. The voltage reference point in a circuit. 
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Hertz (Hz) - One cycle per second; the unit of frequency. 


Horizontal Accuracy (Time Base) — An indication of how 
accurately the horizontal system displays the timing of a 
signal, usually represented as a percentage error. 


Horizontal Sweep — The action of the horizontal system that 
causes a waveform to be drawn. 


Intensity Grading — Frequency-of-occurrence information 
that is essential to understanding what the waveform is really 
doing. 

Interpolation -— A “connect-the-dots” processing technique 
to estimate what a fast waveform looks like based on only a 
few sampled points. Two types: linear and sin x/x. 


K 


Kilohertz (kHz) - 1,000 Hertz; a unit of frequency. 


L 


Loading — The unintentional interaction of the probe and 
oscilloscope with the circuit being tested which distorts 
a signal. 


Logic Analyzer — An instrument used to make the logic 
states of many digital signals visible over time. It analyzes the 
digital data and can represent the data as real-time software 
execution, data flow values, state sequences, etc. 


M 
Megahertz (MHz) — 1,000,000 Hertz; a unit of frequency. 


Megasamples per second (MS/s) - A sample rate unit 
equal to one million samples per second. 


Microsecond (us) - A unit of time equivalent to 0.000001 
seconds. 


Millisecond (ms) - A unit of time equivalent to 0.001 
seconds. 


Mixed Signal Oscilloscope (MSO) - A type of digital oscillo- 
scope that combines the basic functionality of a 16-channel 
logic analyzer with the trusted performance of a 4-channel 
digital phosphor oscilloscope. 
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N 


Nanosecond (ns) — A unit of time equivalent to 0.000000001 
seconds. 


Noise — An unwanted voltage or current in an electrical 
Circuit. 


O 


Oscilloscope — An instrument used to make voltage 
changes visible over time. The word oscilloscope comes from 
“oscillate,” since oscilloscopes are often used to measure 
oscillating voltages. 


Pp 


Peak (V,) - The maximum voltage level measured from a 
zero reference point. 


Peak Detection — An acquisition mode available with digital 
oscilloscopes that enables you to observe signal details 
that may otherwise be missed, particularly useful for seeing 
narrow pulses spaced far apart in time. 


Peak-to-peak (V,,_,) - The voltage measured from the 
maximum point of a signal to its minimum point. 


Period -— The amount of time it takes a wave to complete 
one cycle. The period equals 1/frequency. 


Phase - The amount of time that passes from the beginning 
of a cycle to the beginning of the next cycle, measured in 
degrees. 


Phase Shift - The difference in timing between two other- 
wise similar signals. 


Pre-trigger Viewing — The ability of a digital oscilloscope to 
capture what a signal did before a trigger event. Determines 
the length of viewable signal both preceding and following a 
trigger point. 


Probe — An oscilloscope input device, usually having a 
pointed metal tip for making electrical contact with a circuit 
element, a lead to connect to the circuit’s ground reference, 
and a flexible cable for transmitting the signal and ground to 
the oscilloscope. 


Pulse — A common waveform shape that has a fast rising 
edge, a width, and a fast falling edge. 
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Pulse Train — A collection of pulses traveling together. 


Pulse Width — The amount of time the pulse takes to go 
from low to high and back to low again, conventionally 
measured at 50% of full voltage. 


R 


Ramps - Transitions between voltage levels of sine waves 
that change at a constant rate. 


Raster — A type of display. 


Real-time Sampling — A sampling mode in which the 
oscilloscope collects as many samples as possible from 
one triggered acquisition. Ideal for signals whose frequency 
range is less than half the oscilloscope’s maximum sample 
rate. 


Record Length — The number of waveform points used to 
create a record of a signal. 


Rise Time — The time taken for the leading edge of a pulse 
to rise from its low to its high values, typically measured from 
10% to 90%. 


S 


Sampling - The conversion of a portion of an input signal 
into a number of discrete electrical values for the purpose of 
storage, processing and/or display by an oscilloscope. Two 
types: real-time sampling and equivalent-time sampling. 


Sample Point - The raw data from an ADC used to calculate 
waveform points. 


Sample Rate — Refers to how frequently a digital oscillo- 
scope takes a sample of the signal, specified in samples per 
second (S/s). 


Sensor — A device that converts a specific physical quantity 
such as sound, pressure, strain, or light intensity into an elec- 
trical signal. 


Signal Integrity - The accurate reconstruction of a signal, 
determined by the systems and performance considerations 
of an oscilloscope, in addition to the probe used to acquire 
the signal. 


Signal Source — A test device used to inject a signal into 
a circuit input; the circuit's output is then read by an oscillo- 
scope. Also known as a signal generator. 
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Sine Wave — A common curved wave shape that is 
mathematically defined. 


Single Shot - A signal measured by an oscilloscope that 
only occurs once (also called a transient event). 


Single Sweep - A trigger mode to display one triggered 
screen of a signal and then stop. 


Slope - On a graph or an oscilloscope display, the ratio of a 
vertical distance to a horizontal distance. A positive slope 
increases from left to right, while a negative slope decreases 
from left to right. 


Square Wave — A common wave shape consisting of 
repeating square pulses. 


Sweep — One horizontal pass of an anlog oscilloscope’s elec- 
tron beam from left to right across the CRT screen. 


Sweep Speed - Same as the time base. 


T 


Time Base - Oscilloscope circuitry that controls the timing 
of the sweep. The time base is set by the seconds/division 
control. 


Trace - The visible shapes drawn on a CRT by the move- 
ment of the electron beam. 


Transient - A signal measured by an oscilloscope that only 
occurs once (also called a single-shot event). 


Trigger — The circuit that references a horizontal sweep on 
an oscilloscope. 


Trigger Holdoff - A control that allows you to adjust 
the period of time after a valid trigger during which the 
oscilloscope cannot trigger. 


Trigger Level - The voltage level that a trigger source signal 
must reach before the trigger circuit initiates a sweep. 


Trigger Mode — A mode that determines whether or not the 
oscilloscope draws a waveform if it does not detect a trigger. 
Common trigger modes include normal and auto. 


Trigger Slope —- The slope that a trigger source signal must 
reach before the trigger circuit initiates a sweep. 
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V 


Vertical Resolution (Analog-to-Digital Converter) - 

An indication of how precisely an analog-to-digital converter 
(ADC) in a digital oscilloscope can convert input voltages 
into digital values, measured in bits. Calculation techniques, 
such as hi res acquisition mode, can improve the effective 
resolution. 


Vertical Sensitivity — An indication of how much the 
vertical amplifier can amplify a weak signal — usually 
measured in millivolts (mV) per division. 


Volt - The unit of electric potential difference. 


Voltage — The difference in electric potential, expressed in 
volts, between two points. 


W 


Wave - The generic term for a pattern that repeats over 
time. Common types include: sine, square, rectangular, 
sawtooth, triangle, step, pulse, periodic, non-periodic, 
synchronous, asynchronous. 


Waveform — A graphic representation of a voltage varying 
over time. 


Waveform Capture Rate — Refers to how quickly an 
oscilloscope acquires waveforms, expressed as waveforms 
per second (wfms/s). 


Waveform Point —- A digital value that represents the voltage 
of a signal at a specific point in time. Waveform points are 
calculated from sample points and stored in memory. 


Writing Speed —- The ability of an analog oscilloscope to 
provide a visible trace of the movement of a signal from 

one point to another. This ability is restrictive for low-repetition 
signals that have fast-moving details, such as digital logic 
signals. 


XY Mode - A measuremenbt technique that involves 
inputting one signal into the vertical system, as usual, and 
one into the horizontal system to trace voltages on both the 
X and Y axis. 


Z 


Z Axis — The display attribute on an oscilloscope that shows 
brightness variations as the trace is formed. 
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Pulsed Laser 








lhis project shows how to construct a low-powered, 
portable, solid-state, pulsed infrared laser. The system 
uses a gallium arsenide laser diode and provides 
pulse powers from 10 to 100 watts, depending on the 
diode used. The device operates from batteries and is 
completely self-contained. It may be built in a pistol, 
rifle, or a simple tubular configuration. The device is 
intended as a source of adjustable-frequency pulses 
from 10 to 1,000 repetitions per second of infrared 


energy at 900 nanometers 


The system is shown in Figure 1-1 as being built on 


a perforated board assembly and combination copper 


ground plane that all fits into a tubular enclosure 
with a lens and holder for a collimator. The housing 
serves as the enclosure for the batteries and contains 
the control panel at its rear. It may be fitted with a 
handle that can hold an optional trigger switch when 
the device is designed in a gun configuration. A con- 





Figure 1-] 


Photograph of laser 


ventional sighting system is also easily adapted to the 
device, 

‘The laser is intended as a rifle-type simulated 
weapon, whose range can be several miles or as a 
long-range, laser-beam protection fence with a similar 
range of several miles. It is intended to be used with 
our high-speed laser pulse detector described in 
Chapter 2. 

The laser, when assembled as shown, is a class 3B 
FDA certified device and requires the appropriate 
labeling and several included safety functions, as 
described in the assembly instructions. At no time 
should it be pointed at anyone without protective 
eyewear or at anything that could reflect the pulses. 
Never look into the unit when the power is on. The 
device is intended to be used for ranging, simulated 
weapons practice, intrusion detection, communica- 
tions and signaling, and a variety of related scientific, 
optical experiments and uses. 

This is an intermediate- to advanced-level project 
requiring electronic skills and basic electronic shop 
equipment. Expect to spend $100 to $150. All parts 
are readily available, with specialized parts obtain- 
able through Information Unlimited (www.amaz- 
ing|.com), and they are listed in Table 1-1. 


Chapter One 


Theory of Operation 


A laser diode is nothing more than a three-layer 
device consisting of a pn junction of n-type silicon, a 
p type of gallium arsenide, and a third p layer of 
doped gallium arsenide with aluminum. The n-type 
material contains electrons that readily migrate 
across the pn junction and fill the holes of the p-type 
material. Conversely, holes in the p type migrate to 
the # type and join with electrons, This migration 
causes a potential hill or barrier consisting of nega- 
tive charges in the p-type material and positive 
charges in the n-type material that eventually ceases 
growing when a charge equilibrium exists. In order 
for current to flow in this device, it must be supplied 
at a voltage to overcome this potential barrier. This is 
the forward voltage drop across a common diode. If 
this voltage polarity is reversed, the potential barrier 
is simply increased, assuring no current flow. This is 
the reversed bias condition of a common diode. 

A diode without an external voltage applied to it 
contains electrons that move and wander through the 
lattice structure at a low, lazy average velocity as a 
function of temperature. When an external current at 
a voltage exceeding the barrier potential is applied, 
these lazy electrons increase their velocity so that 
some of them, by colliding, acquire a discrete amount 
of energy and become unstable. They eventually emit 
the acquired energy in the form of a photon after 
returning to a lower-energy state. These photons of 
energy are random both in time and direction; hence, 
any radiation produced is incoherent, such as that of 
an LED. 

The requirement for coherent radiation is that the 
discrete packets of radiation must be in the form of a 
lockstep phase and in a definite direction. This 
demands two essential requirements: first, sufficient 
electrons at the necessary excited energy levels, and 
second, an optical resonant cavity capable of trapping 
these energized electrons to stimulate more electrons 
and give them direction. The amount of energized 
electrons is determined by the forward diode current. 
A definite threshold condition exists where the 
device emits laser light rather than incoherent light, 
such as in an LED. This is why the device must be 
pulsed with high current. The radiation from these 
energized electrons is reflected back and forth 


i 


between the square-cut edges of the crystal that form 
the reflecting surfaces due to the index of refraction 
of the material and air. 

The electrons are initially energized in the region 
of the pn junction. When these energized electrons 
drift into the p-type transparent region, they sponta- 
neously liberate other photons that travel back and 
forth in the optical cavity interacting with other elec- 
trons, commencing laser action. A portion of the radi- 
ation traveling back and forth between the reflecting 
surfaces of these mirrors escapes and constitutes the 
output of the device. 


Circuit Theory of Operation 


Figure 1-2 shows the inverter section increasing the 
12 volts of the portable battery pack to 200 to 300 
volts performed by the circuit, which consists of a 
switching transistor (Q1) and step-up transformer 
(T1). Q1 conducts until saturated for a time until the 
base reverse biases and can no longer sustain it at an 
on state and Q1 turns off. This causes the magnetic 
field in its collector winding (COL) to collapse, thus 
producing a stepped-up voltage in the secondary 
(SEC) of proper phase. The variable resistor (R3) 
controls the charging current to the capacitor (C2), 
the transistor turnoff time, and consequently system 
power. 


The stepped-up square wave voltage on the sec- 
ondary of T1 is rectified by diode (D1) and inte- 
grated onto the storage capacitor (C3). The trigger 
circuit determines the pulse rep rate of the laser and 
uses a timer (I1) whose pulse rate is determined by 
the timing resistor and capacitor (R9 and C6). RY is 
adjustable for changing the laser pulse rate. The out- 
put trigger pulse is differentiated by capacitor (C4) 
with negative overshoot being clipped by diode D2. 
This differentiated pulse is fed to the gate terminal of 
the silicon controlled rectifier (SCR) switch. 


The discharge circuit generates the current pulse 
in the laser diode (LD1) and consequently is the 
most important section of the pulser. The basic con- 
figuration of the pulse power supply is shown in the 
system schematic. The current pulse is generated by 
the charging storage capacitor C3 being switched 
through the SCR and laser diode LD1. The rise time 
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oO Symbols indicate points for connecting 
external leads 


Note that the zener diodes Z1,2 may need to he selected to obtain the 
40 amp laser pulse as measured across R6 when tasting cs 
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Figure 1-2) = Circuit schematic 


of the current pulse is usually determined by the 
SCR, while the fall time is determined by the capaci- 
tor value and the total resistance in the discharge 
circuit. 

Figure 1-3 shows the typical anode voltage and 
current waveforms of the SCR during the current 
pulse through the diode laser.'The peak current, pulse 
width, and voltage of the capacitor discharge circuit 
are related for various load and capacitance values. 
The peak laser current and charged capacitor voltage 
relationships are given for several different capacitor 
values and typical laser types. The voltage and cur- 
rent limits of the SCR are also shown. Short pulse 
widths provide less time for the SCR to turn on than 
longer pulse widths; therefore, the SCR impedance is 
higher and more voltage is required to generate the 
same current. Also shown are the current pulse wave- 
forms for the three different values of the capaci- 
tance. The capacitor is charged to the same voltage in 
all three cases, that is, 400 volts. 


D1 





IN5378 
100V76 


In conventional SCR operation, the anode cur- 
rent, initiated by a gate pulse, rises to its maximum 
value in about | microsecond. During this time, the 
anode-to-cathode impedance drops from an open cir- 
cuit toa fraction of an ohm. In injection laser pulsers, 
however, the duration of the anode-cathode pulse is 
much less than the time required for the SCR to turn 
on completely. Therefore, the anode-to-cathode 
impedance is at the level of | to 10 ohms throughout 
most of the conduction period. 


The major disadvantage of the high SCR imped- 
ance is that it causes low circuit efficiency. For exam- 
ple, at a current of 40 amps, the maximum voltage 
would be across the SCR. while only 9 volts would be 
across the laser diode. These values represent very 
low circuit efficiency. 

The efficiency of a laser array is greater due to its 
circuit impedance being more significant. Because 
the SCR is used unconyentionally, many of the 
standard specifications such as peak current reverse 
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Typical curves and parameters for laser pulses using SCR 
silicon controlled rectifier and capacitor discharges 


Figure 1-3. SCR operating curves 


voltage, on-state forward voltage, and turn-off time 
are not applicable. In fact, it is difficult to select an 
SCR for a pulsing circuit on the basis of normally 
specified characteristics. The specifications important 
to laser pulser applications are the forward-blocking 
voltage and current rise time. A use test is the best 
and often the only practical method of determining 
the suitability of a particular SCR, 

The voltage rating of the storage capacitor must 
be at least as high as the supply voltage. With the 
exception of ceramic types, most capacitors (metal- 
lized paper, mica, etc.) will perform well in this cir- 
cuit. Ceramic capacitors have noticeably greater 
series resistance but are usable in slower speed 
pulsing circuits, 

Lead lengths and circuit layout are very important 
to the performance of the discharge circuit. Lead 
inductance affects the rise time and peak value of the 
current, and it can also produce ringing and under- 
shoot in the current waveform that can destroy the 
laser. A well-built discharge circuit might have a total 
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lead length of only 1 inch and therefore an induc- 
tance of approximately 20 nanohenries. If the current 
rises to 75 amperes in 100 nanoseconds, the inductive 
yoltage drop across this lead can be 15 volts. It is 
now obvious that if proper care is not taken in wiring 
the discharge circuits, high-inductive voltage drops 
will result. 

A 1-ohm resistor in the discharge circuit will 
greatly reduce the current undershoot in single-diode 
lasers. Laser arrays usually have sufficient resistance 
to eliminate undershoot. The small resistance in the 
discharge circuit is also useful in monitoring the laser 
current, as described in the following section. 

A clamping diode (D3) is added in parallel with 
the laser to reduce the current undershoot. Its polar- 
ity should be opposite that of the laser. Although the 
clamping diode is operated above its usual maximum 
current rating, the current undershoot caused by ring- 
ing is very short and the operating life of the diode is 
satisfactory. 
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Current Monitor 


The current monitor in the discharge circuit provides 
a means of observing the laser current’s waveform 
with an oscilloscope. A resistive-type monitor (R6) 
reduces circuit ringing and current undershoot, but 
the lead inductance of the resistor may cause a cur- 
rent reading that is higher than it actually is. A cur- 
rent transformer such as the Tektronix CT-2 can also 
be used to monitor the current and is not affected by 
lead inductance. Because the transformer does not 
respond to low-frequency signals, it should be used 
with fast waveforms that have a short pulse width 
and a fast fall time. 


Charging Circuits 


The second major section of the pulser is the charg- 
ing circuit. This circuit charges the capacitor to the 
supply voltage during the time interval between the 
laser current pulses. It also isolates the supply voltage 
from the discharge circuit during the laser current 
pulse, thereby allowing the SCR to recover to the 
blocking state. Because the response times of the 
charging circuit are relatively long, lead lengths are 
not important and the circuit can be remotely located 
from the discharge circuit. 


Material is .031 copper sheet 


The simplest charging circuit is a resistor-cap 
combination. The resistor must limit the current to 
a value less than the SCR holding current, but 
it should be as low as practical, because this resist- 
ance also determines the charging time of the 
capacitor, C3. 


Chassis Assembly 


The following is a list of steps to construct the laser 
project. 


1. Fabricate the copper chassis, as shown in 
Figure 1-4. This part is shown in Table 1-1 
as being available. 


2. Assemble the board as shown in Figure 1-5. 
Lay out and identify all the parts and pieces. 
Separate the components that go to the 
assembly board and fabricate the (PB1) perf- 
board from a 1.4 X 5-inch piece of .1 X .1 
grid. Note the two holes for attachment to the 
copper chassis section from Figure 1-6. 


3. Assemble the components as shown and 
observe the polarity of the capacitors and 
semiconductors. 


90 degree bend line 


0.800 





Contour these corners to fit into tubular enclosure (EN1). 
Screw heads may also require filing to fit properly. 


Figure 1-4 = Fabrication of laser chassis 
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Drill two .155 hoies on 8" 
centers for mating to copper 


Fabricate the heatsink for Q1 from a piece of 08 aluminum chassis from figure 1-4 


1x .65" with a .15 hole for SVV1. Round off comers for 
clearance when fitting into the tubular enclosure 





Dashed lines are connections on underside of perforated circuit board using the component leads. These points can 
also be used to determine foil runs for those who wish to fabricate a printed circuit board. 


smal Oe 
* Small dots are holes used for component insertion, 
@ Black squares are solder junctions 


Squares with dots are holes that may require drilling for component mounting and points for external connecting wires 
indicating strain relief points. |t is suggested to drill clearance holes for the leads and solder to points beneath board. 


Figure 1-5 = Assembly board parts identification 


Connect the components using their actual dering iron to do this correctly. The compo- 
leads wherever possible. Follow the layout nents themselves serve as anchor points and 
and avoid bare-wire bridges. will be self-supporting when soldered to one 
Figure 1-6 shows the wiring of the copper aneatting. 
chassis (COPCHA1). This type of wiring is 6. Figure 1-7 shows the interconnection of the 
preferred for high-frequency, sensitive, low- copper chassis and the perforated assembly 
noise circuitry, It is used in this circuit due to board via the two screws and nuts. Attach and 
the high-current pulses with fast rise times. connect the external leads and components as 
shown. 


Start by forming the leads and soldering to 
the copper plate. You will need a good hot sol- 


Solder points on the copper chassis to 
component leads. 





COPCHA1 










Mating holes for securing to the 
assembly board 


To J1 for monitonng diode 
current pulse 


Gate trigger pulse 
from C4 


SW2/NUS/MICA 
Note that the SCR is insulated from the chassis bya 
mica or plastic washer and secured using a nylon 
screw, 





170 volts from R4 


Figure 1-6 Assembly of laser chassis 
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From figure 1-4 





cooeeo0e7o2000089 


Fabricate the LAHOLD1, as shown in 
Figure 1-8. Mount laser diode LD1 into the 
center hole and secure via a nut (NU1). 
Secure this assembly to the bent-down flange 
of the copper chassis. Use two '/s-inch screws 
as shown. 


A collimator adapter is shown and is optional. 


Assembly Testing 


The following steps will require basic testing 


equipment. 


iE 


It is assumed at this point that the assembly is 
complete, as shown in Figure 1-7. Verify the 
circuit and preset the two trimpots R3 and R9 
to midrange. 


Obtain a 12-volt bench power supply and con- 
nect the 12 volts to the battery clip CL1. Turn 
on the key switch and note the LED coming 
on. A current meter on the bench supply 
should read approximately 300 milliamps. 


Connect a scope to TP1, as shown in Figure 1-2, 
and adjust R3 for the waveshape as shown. 


Connect the scope to TP2 and note a spiky 
waveform that verifies the trigger pulse to the 
SCR. 


Connect the scope to TP3 and note the wave- 
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From figure 1-8 


From figure 15 


Figure 1-7 Interconnecting the assembly board to the laser chassis 


form, which is the voltage across the SCR. 
Note the flat spot indicating that capacitor C3 
has reached full charge before the SCR is 
triggered. The top of this waveshape is 
affected by the pulse repetition rate and 
should support 500 repetitions per second 
when set by R9. 


Connect the scope to TP4 and set it fora 
negative-going fast pulse, indicating the cur- 
rent waveform through the LD1 laser diode. 
If you have followed the instructions and your 
assembly of the copper chassis is secure with 
short leads, you should see a picture-perfect 
waveform as shown. 


Note that the current pulse is 40 amps and 
corresponds to | amp for every volt read at 
TP4, If you find the pulse is less, you can 
increase the voltage ratings on one of the 
zener diodes. The laser diode specified 
requires 40 amps for full output. Any value 
over 40 amps will greatly shorten the useful 
life of this part. 


Verify the laser output by using a night vision 
scope or a video camera. You should see an 
indication of the output. Screw in LENI so it 
is flush with the holder and adjust for the 
smallest footprint at over 50 feet. Our lab 
mode! adjusted to about two turns below 


being flush with the holder for the best results. 


The output should be a sharp, narrow bar 
shape with the diode specified. 








Figure 1-8 


Figure 1-9 X-ray view of enclosure 


Material can be preferably aluminum or fabricated 
from a PVC rod. 


Tap the three LEN{ 
holes for 4-40 threaded 


lens 
O 
O 0.62 +2 LD1 and 
a NU1laser 
ie) 
q ate diode and 
0.75 nul 





This section can be 
mated to section B when 
using a collimator with a 
C mount fitting. 


Thread to .5" depth to 
mate with lens as supplied. 





Optonal “C" mount collimator adapter 
fabricated from aluminum 


Countersink 
@1.25 
AT 
0.11 1; 1.60 
21.00 aeons 


Section B adapter for fitting to the lens holder when 
using the optional collimator 


Three mounting holes of .11 on a 1.25" diameter 
reference 120 degrees are mated to those in above 


Thread for C lens at 1" diameter 32 tpi to a 
minimum of .375" 


Laser diode and lens holder 


From Figure 1-7 





Final Assembly 


Create the EN1 enclosure from a 12 X 1.5-inch inner 
diameter plastic or aluminum tube (see Figure 1-9). 
Enclose the assembly and label it as shown in Figure 
1-10. You may want to construct a mounting block or 
another assembly to mechanically connect the laser 
to a good, sturdy video tripod for future use. 


Special Note 


This laser is rated at 10 to 20 watts and is not to be 
confused with a continuous-output device rated at 
this power level. The advantage of this system is that 
the pulses are optically equivalent to 10 to 20 watts, 
and a suitable detection system will see them at this 
power level. 


The equivalent energy output is related to the rep- 
etition rate times the peak power times the pulse 
duration and is approximately equal to joules. A joule 
is a watt second and is energy. If that energy is 
released in | microsecond as a pulse, the power of 
that pulse is now 1 megawatt. 


A very suitable detector for this pulsed laser is our 
laser light detector described in Chapter 2, and a use- 
ful application for it as a laser property security fence 
is described in Chapter 5. Note that a laser pointer is 
5 milliwatts, meaning the pulsed laser is 5,000 times 
more detectable. 


From Figure 1-3 

















MORE Electronic Gadgets for the Evil Genius 


CAUTION: Viewing of laser beam of direct reflections require 
the use of protective eye wear available through Information 
Unlimited at www.amazing1.com 


Instruction 
1. Turn key switch counterclockwise to verify unit is off. Note that collimator will expand 
Note key is easily removed in the "off" position beam at near field but greatly 


reduce it at far field. 
2. Remove CAP1 and insert 8 AA batteries into holder. 


3. Turn key clockwise and note LED lighting. If not, check the battery 
holder. Note key cannot be removed in the on position. 
Laser energy is infrared and can not be seen with the 
eye. You must use infrared detection devices such as 
our laser pulse detector or suitable night vision devices. 
Video cameras will often detect the laser. 














4. Adjust collimator for desired effect if you are using. 


Compliance tests 

1. Verify correct labels as shown 

2. Key switch — nonremoval in off position 

3. Beam indicator LED indicates beam emission 


AVOID EXPOSURE: 
LASER RADIATION IS EMITTED 
FROM THIS APERTURE 





VISIBLE OR INVISIBLE 
LASER RADIATION 

AVOID DIRECT EXPOSURE 
TO BEAM 


CLASS IIIB LASER PRODUCT 


LAB2 
Manufactured by 
INFORMATION Unlimited 
PO Box 716, AMHERST, NH 03031 
Model Number 





Serial Number 

Manufactured Date 

This laser product conforms to the provisions of 
31CFR 1040 10 and 1040 11 





LAB1 


Figure I-10 Final assembly view and labels” 
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Table 1-1 Battery-Operated Infrared Laser 


Parts List 
Ref. # Description DB Part # 
Rl 470 '/a-watt resistor 
(yel-pur-br) 
R2 220 '/1-watt resistor 
(red-red-br) 
R3 2K horizontal trimmer resistor 
R4 ISK. 3-watt metal oxide resistor 
R5 10-ohm, */4-watt resistor 
(br-blk-bik) 
R6 1-ohm, |/2-watt carbon resistor 
(br-blk-gold) 
R7 39 ‘/a-watt resistors (or-wh-blk) 
R& IK '/-watt resistor 
(br-blk-red) 
RY 10K horizontal trimmer resistor 
Cis ‘Two 10-microfarad, S50-volt 


vertical electrolytic capacitors 


C2 .047-microfarad, 50-volt plastic 
capacitor 473 


€3 .033-microfarad, 250-volt 
polypropylene capacitor 


C4 .|-microfarad, 50-volt plastic 
capacitor 
C6 }-microfarad, 50-volt vertical 


electrolytic capacitor 


C7 O1-microfarad/S0-volt plastic 
capacitor (103) 
D13 ‘Two 1N4937 1-kilovolt, 
l-amp diode 
D2 IN91/4 silicon diode 
LEDI Bright green light-emitting 
diode (LED) 
LD1 40-amp, L0- to 20-watt, 
904-nanometer DB# LD650 


TO18 pack laser diode 


SCRI1 


Ql 


IL 


Tl 


PBI 


S] 


Jl 
COPCHASI 


LAHOLD 


LENS13 


ENI 


CAP1,2 


BH& 
SW] 
NUI 
SW2 
MICA 
NU2 


HSINK 


C106M 600-volt, 4-amp DB# C106M 
silicon-conirolled rectifier (SCR) 


100/76-volt, 5-watt zener 
diode 1N5378 


150/L08-volt, S-watt zener 
diode 1N5383 


MJE3055T NPN power 
transistor in 10220 case 


555 dual inline package 
(DIP) timer 


400-volt square-wave- DB# TYPEIPC 


switching transformer 


1.4 X 53-inch, .1 * .1 grid 
perforated board 


Key switch with non- DB# KEYSWSM 


removable key in on position 
RCA phono jack 


Copper chassis, DB# COPCHAS| 


created in Figure 1-4 


Laser and lens DB# LAHOLD1 


holder, created in 

Figure 1-8 

Threaded lens DB# LENSI3 
1'/-ineh inner diameter X 
'/32-inch wall * 12-inch 

plastic or aluminum housing tube 
1 */s-inch plastic caps, 

reworked as shown in 

Figure 1-9 

Fight AA cell holder 

Five 6-32 & '/a-inch screws 

Four 6-32 hex nuts 

4-40 x Ys-inch nylon screw 

Mica insulating washer 


4-40 hex nut 


Heatsink tab for OL 
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This project shows how to build a specialized device 
capable of detecting fast, high-speed optical pulses. A 
suitable laser generating these pulses is described in 
Chapters | and 4 and can have a range, limited only 
by the curvature of the earth. Its uniqueness is its 
ability to resolve these pulses with rise times in the 
nanosecond range. This capability makes it possible 
to transmit large amounts of information within a 
small period of time. 

The heart of this device is the actual front-end 
detector, in this case a PIN diode device. PIN comes 
from positive negative (PN) junction with intrinsic 
layer (1). The characteristics of this detector are low 
capacitance, high resistance, and low leakage when 





Figure 2-] 


The high-speed laser pulse detector 


—~ 


operating in the reverse bias mode. It may also be 
used as a photo cell when operated in the forward 
mode. 

The first part of the circuit is built on a piece of 
thin copper and uses discrete components. The 
builder may choose to build on a fully copper-clad 
circuit board if available, and a facsimile output can 
be set up via a phono jack or a BNC connector. A 
signal-conditioning circuit is shown built on a normal 
perforated circuit board and is designed to actuate a 
relay in the absence of the laser pulses. This mode of 
operation allows its use as a long-range laser perime- 
ter or invisible fence intrusion detector, as described 
in Chapter 5. 

Optics are shown for those wanting to operate at 
long ranges. Machined fittings are shown to mate 
with the 1.5-inch inner-diameter plastic enclosure 
used for the housing. 

This is an intermediate- to advanced-level project 
requiring certain electronic skills, and one should 
expect to spend $35 to $70, All parts are readily ayail- 
able, with specialized parts obtainable through Infor- 
mation Unlimited (www.amazing1.com), and they are 
listed in Table 2-1. 


Circuit Description 


The circuit in Figure 2-2 utilizes a pin photodiode 
(LPIN) reverse biased by resistor R3. The reverse- 
biased photodiode produces a voltage across bias 
resistor R2. The response of the PIN photo detector 
is determined by the resistance of R2 and is relatively 
low due to the nanosecond rise time of the laser 
pulses detected. Capacitor C3 couples the positive- 
going detected laser pulses to the gate of a preampli- 
fying field effect transistor (FET) Q1 where the 
negative-going pulse is amplified and fed into a sec- 
ond FET (Q2) for further amplification. NPN transis- 
tor Q3 again amplifies the positive-going pulse for 
Q2 to a negative pulse. This amplified signal is a rea- 
sonably good facsimile of the actual laser pulse and 
can be monitored or further processed via phono 
jack Jl. 


The negative-going pulses are also fed to a 
Schmidt discriminator that is in an untriggered state, 


Use a mtd for testing in 

place of the 10 mfd for C14 ta 

speed up the hald time o14 
10 


Figure 2-2) = Circuit schematic 


providing that transistor Q4 continues to see these 
pulses. When the pulses are interrupted by an object 
in the laser path, O4 turns on due to a positive bias 
set by trimpot resistor R15 and turns transistor Q5 
off, regenerating the trigger state of the Schmidt dis- 
criminator. R15 allows the adjustment of a trigger 
threshold if required. The triggering time of the cir- 
cuit also helps prevent false triggering such as flying 
birds, windblown debris, and insects. 

The output of the Schmidt is DC coupled into the 
base of the emitter-follower transistor Q6 where the 
signal is inverted by transistor Q7. The negative- 
going level at the collector of Q7 now triggers timer 
I1 on for a preset time that controls an alarm or 
another function resulting from a qualified laser 
beam interruption. A relay (RE1) is shown in the 
circuit and can be used as normal open or normal 
closed contacts for control of external circuit 
functions. This is shown in the phasor pain field gen- 
erator in Chapter 35. 
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System Assembly 





Use .031 copper sheet 


———— 


Assemble the board, as shown in Figure 2-3. 
Lay out and identify all the parts and pieces. 
Separate the components that go to the 
assembly board and create the PB1 perfboard 
froma l'/; X 5!/2-inch piece of .1 X .1 grid. 
Note the two holes for attachment to the cop- 


0.90 1.40 





—) am 0.25 @ 0.12 
per chassis section. 

Assemble the components as shown and Figure 2-4 Fabrication of the laser chassis 
observe polarity of the capacitors and semi- 

conductors. 


for high-frequency and sensitive, low-noise 
circuitry. It is used in this circuit due to the 
fast-rise-time, low-level-voltage pulses. 


Connect the components using their actual 
leads wherever possible. Follow the layout 
and avoid bare-wire bridges. Note that Figure 
2-3 shows pieces of #20 bus lead used as VC+ 
and COMMON rails. This approach is easier 
for wiring as it gives a direct route for the 
component leads. 


Start by forming the leads and soldering to 
the copper plate. You will need a good, hot 
soldering iron to do this correctly. The compo- 
nents themselves serve as anchor points and 
will be self-supporting when soldered to one 


Create the copper chassis as shown in Figure another. 
-4. This part is listed as a fabricated piece in : i 
é arial ee 6. Figure 2-6 shows the connection of the copper 
Table 2-1. ‘ ‘ 
chassis and the perforated assembly board via 
Figure 2-5 shows the wiring of the COPCHAI the two screws and nuts. Attach and connect 
copper chassis. This type of wiring is preferred the external leads and components as shown. 


Button hook this lead under screw 
head for contact to the chassis section 


Use #20 buss wire for common rail 
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Use # 20 buss wire for Ve+ rail Drill two 155 holes on .9" 


centers for mating to copper 


* Indicates holes in perforated board used for passage of component leads Shae from figures 


Indicates holes in perforated board used for external leads connection points 
@ Indicates component soldering points on (+) plus and (-) negative rails 


Use a piece of #20 buss wire for rail leads indicated with heavy dashed lines 


Figure 2-3 Assembly board parts identification 





MORE Electronic Gadgets for the Evil Genius 13 





COPCHAS1 


#20 buss lead 





p 


SW1/NU1/SPC1 


Small plastic spacer 
and 4-40 x ¥%"nylon 


Side view showing insulating of plus rai] ouss screws and nuts 


wire. Secure by hook loop under screws 


Figure 2-5 Assembly of the laser chassis 


Contre! wires from relay. Do 
not exceed contact rating 


eevee oeosres eer eee eo eeeene 





Figure 2-6 Connection of board to chassis 


ee 
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Assembly Testing 


Testing of the laser receiver involves the use of a 
compatible laser transmitter to provide the necessary 
high-speed pulses. The laser described in Chapter 1 is 
recommended. 


1. Itis assumed at this point that the assembly is 
complete, as shown in Figure 2-6. Verify the 
circuit and preset the R15 trimpot to 
midrange. This test is performed without the 
circuitry installed and without a lens. You 
should temporarily replace C14 with a .1- 
microfarad value. 


2. Obtain a 12-volt bench power supply and con- 
nect the 12 volts to the battery clip CL1.Turn 
on the $1 switch and note the LED coming on 
and flashing erratically. A current meter on 
the bench supply should read approximately 
10 milliamps. 


3. Measure the DC voltage levels, as indicated in 
Figure 2-2, noted in the squares. These values 
should be within 10 to 15 percent of those 
indicated. 


CAPT 


















From figure 2-5 LPINt 


Pad, 


-- LENGTH a 


The lens system shown uses a 38. mm dinmeter 100 mm focal length. A 


2" 1.5" diameter tube (TUB 15) is sleeved into the 
main enclosure EN1 ane fs posioned te abut to the tens on it’s 


shoulders. A plastic cap (CAP2) retains the lons against TUB15, 


Acenter hole of over 1" is removed for the light aperture. 


Figure 2-7 X-ray view of enclosure 


At this point, you will need an optical laser 
pulse transmitter, such as that described in 
Chapter |. Any suitable laser or optical trans- 
mitter will work with a fast pulse rise of 1 usec 
or so. The detector, as shown, uses a silicon 
PIN diode with a spectral sensitivity peak at 
960 nanometers. This is very close to the spec- 
tral output of the lasers described in Chapters 
| and 4. 


Position the laser pulse generator source so 
that it is pointing in the direction of the laser 
receiver being tested. You will need to con- 
nect a scope at the drain of Q1 and then 
attempt to position the receiver so it is receiv- 
ing the pulses and is secure in this position. 
This may be tricky and require patience. 
When the laser is perfectly aligned with the 
receiver, the signal will block the Q1 and pro- 
duce an overloaded waveshape. Carefully 
adjust the receiver off axis until the scope 
indicates the negative-going facsimile pulse as 
shown. Continue through the circuit and 
observe the waveshapes as shown, again 
adjusting the receiver off axis to obtain the 
required waveshape. 


From figure 2-5 


et. 
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Note that collimator will expand 
beam at near field but greatly 
reduce it at far field. 


Instructions 


1. Remove CAP1 and insert 8 AA batteries into holder. 
2. Adjust collimator for desired effect if you are using. 


Note the LED indicates when the timer controlling the sense 


activation time relay is energized or triggered by an intrusion. 


This time may be internally adjusted. 


Figure 2-8 = Final assembly view 


Note that the LED will be off if the circuit is 
working and will come on if you block the 
light with a solid object. 


5. Verify that the discriminator works and you 
can set the sensitivity trip level via R15. Verify 
the timer trips when the light beam is broken, 
activating the relay for a preset time as deter- 
mined by the value of C14. This feature now 
allows external circuitry to be activated when 
the laser beam is broken, powering alarms or 
deterrents. The relay as shown provides a nor- 
mally closed and open circuit that can be 
selected by the user. Do not switch loads that 
exceed the relay contact rating. 











lt is suggested to fabricate a plastic block or sturdy 
metal bracket to secure the unit in place. You may 
want to consider a suitable method that will allow 
some adjustment of position and angle. Use your 
own ingenuity to mate this part to the mounting 
conditions. 





Final Assembly 


Fabricate the EN1 enclosure from a 15 * 1.5-inch ID 
plastic or aluminum tube. Enclose the assembly as 
shown in Figure 2-7. You may want to create a 
mounting block or another assembly to mechanically 
connect the laser to a good, sturdy video tripod for 
future use 


The system as shown is enclosed in a long tube 
that includes the batteries. You may separate the bat- 
teries and relay control circuits from the actual detec- 
tion section consisting of the copper chassis and 
optics. This approach will be a two-part system that is 
connected via a cable or cord. 
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- Remove the recoil 
spring assembly. 





Special Note 


This laser pulse detector receiver, when used with a 
pulsed laser like that described in Chapter |, can 
have a control range exceeding that allowed by the 
curvature of the earth when used with suitable optics. 
Alignment is about as critical as sighting a high- 
powered rifle and requires extreme mechanical 
stability once set. The alignment of a long-range 
system requires patience, perseverance, and a little 
black magic. 

Chapter 5 describes how to use both the laser 
pulser from Chapter | and the above assembly in a 
multiple-reflection property protection device with 
an ultrasonic shock deterrent, 


EEE 


Special Note on Photo 
Detectors 


Two photo detectors are referenced in Table 2-1. 
LPIN is the low-cost piece that will usually provide 
the necessary operating parameters for most hobby- 
ist laser projects. LPINX is more expensive and has a 
much lower dark current rating. It is used for lower 
noise and more sensitive circuitry. 
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Table 2-1 


Ref. # 
RI 


RZ, 35,78, 
11,13, 18, 
20, 21 

R4, 12 

R6 

RY 

R10 

R14, 16, 19, 
22,24 

RIS 


R17 


C3.5,7,.8 


C46 


09,13 


C10, 15 


cll 


Q1,2 


Q3 


OO 
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Laser Pulse Detector Parts List 


Description 
10 ohms. !/; watt (br-bIk-blk) 


‘Ten IK, '/s-watt resistors 
(br-blk-red) 


Two 470K, !/:-watt resistors 
(yel-pur-yel) 


4.7K, '/4-watt resistor 
(yel-blk-red) 


39K, !/s-watt resistor 
(or-wh-or) 


100K, !/s-walt resistor 
(br-blk-yel) 


Five LOK, !/-watt resistors 
(br-blk-or) 


1M horizontal trimmer resistor 


5K, '/s-watt resistor 
(br-blk-or) 


LM, '/4-watt resistor 
(br-blk-grn) 


470-ohm, !/4-watt resistor 
(yel-pur-br) 


10M, '/s-walt resistor 
(br-blk-blue) 


Two 100-microfarad, 50-volt 
vertical electrolytic 
capacitors 


‘Two 10-microfarad, 50-volt 
vertical electrolytic 
capacitors 


Four .001-microfarad, 100-volt 
disc capacitors 

Two .47-microfarad, 50-volt 
plastic capacitors 

Two .|-microfarad, 50-volt 


plastic capacitors 


Two ,0]-microfarad, 50-volt 
plastic capacitors (103) 


|-microfarad, 50-volt vertical 
electrolytic capacitor 


‘Two J202 N-channel FET 
transistors 


2N4124 negative positive 
negative (NPN) high- 


DB Part # 


04,5,6.7 


I 


LED1 


*LPINI 


*LPINIX 


REI 


COPCHAS1 


SWI/NUI 


SPCI 


PBI 


J 


S! 


frequency transistor 


Four PN2222 NPN general- 
purpose transistors 


Two IN914 silicon diodes 


Two IN4007 L-kilovolt, l-amp 
diodes 


§55 dual inline package (DIP) 
timer integrated circuit 


High-brightness light-emiiting 
diode (LED) 


Silicon PIN photodiode dark 
current less than .10 


nano-amp (see text) DBi# PIN 


Silicon photo diode dark current DB# PINX 
less than .02 nano-amp (see text) 


12-volt coil, 400-ohms, 120 
VAC 15-amp contacts 


DB# RE12115 


1.4 X 3.5-inch ,031 copper plate 
(see Figure 2-4) 


Four 4-40 x V/s nylon screws and 
metal hex nuts 


Two (/-inch plastic spacers 


5%" x 114" 1X .1 grid 
perforated circuit board 


Chassis mount RCA phono jack 


Small single pole, single throw 
(SPST) toggle switch 


Battery clip 

Holder for 8 AA cell battery 
1!/2-inch inner diameter * 
"92-inch wall plastic 

or aluminum tube 


Two 1°/s" plastic caps reworked 
as shown in Figure 2-5 


38mm * 100mm focallength DB# 38100 


DCX glass lens 


Reworked 1'/2-inch plastic cap 
for retaining lens 


2-inch length of 15-inch outer 
diameter plastic or aluminum tube 
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UItra-Bright Gre en Laser Project z 


— 


This ultra-bright green laser project, as shown in 
Figure 3-1, is intended for the laser experimenter who 
desires to add a simple optical system that provides 
far-field focusing, beam collimation, or beam 
expanding. 

Construction parts such as tubing, handles, brack- 
ets, and hardware are all readily available from most 
local hardware stores (see Table 3-1). Our suggested 
lab approach is to locate some telescopic tubing of 
metal or plastic, or a combination of both, and fabri- 
cate the laser and lens holders from a suitable sized 
plastic rod or equivalent. The center holes of the 
holders must be as true as possible or the optical Sys- 
tem’s integrity will be greatly degraded. 





Figure 3-1 


Photo of green laser project 





The grip or handle is created from a |-inch-thick 
piece of finished pine that has a section carefully 
removed for the battery holder and push-button 
switch, Passage holes for the power leads are drilled 
as shown. You may also use a suitable sized plastic 
box. A clear piece of Lexan (polycarbonate) sheet is 
formed with a flange at a 90-degree bend and is the 
surface for mounting the switch. This cover is screwed 
to the wooden handle and makes an attractive design 
if done with care and precision. The handle can be 
constructed with a contoured shape to match the cur- 
vature of the tube, and you may also add rings, fins, 
and other décor to make a space-age optical ray gun. 

‘The operation of the laser allows usage without 
any optics, providing similar performance to a high- 
quality laser pointer. The addition of the lens system 
allows far-field focusing, close range expansion, and 
far-field collimation where the beam spot impact will 
be reduced by the collimating power of the system. 
As an example, the bare foot beam diameter (or 
operation without external optics) at 300 meters will 
be approximately a 50-centimeter diameter spot. 
With an X10 collimator, the diameter can be reduced 
to 5 centimeters. 

This is a class iiia beginner’s laser project that uses 
a working laser module. Class iiia is a classification 
for lasers under 5 milliwatts of output power 


Never point it at vehicles, aircraft, or directly at 
people. Expect to spend $40 to $50 for this very 
rewarding laser project. 


Assembly Steps 


1. Rework the laser module (LM1) as shown in 
Figure 3-2. 

2. Wire the laser module with pushbutton switch 
(SW1) and battery clip (CL1) as shown in Fig- 
ure 3-3. 


3. Make final assembly as shown in Figure 3-4. 


4. Connect batteries and activate SW1. Note a 
green impact point. Adjust lenses as shown for 
desired beam profile. 


nn Tee 
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Chapter Three 


Table 3-1 Ultra-Bright Green Laser Parts List 


Alef. # Description DB Part # 

SWI Pushbutton NO switch 

BH2AA ‘Two-cell AA battery 
holder 

Chi Battery snap clip 

LM] §-milliwatt green laser =DBi# LM-532-P5 
module 

LENI Concave lens .6 < 
-.75-ineh DB# LEIS 
focal length 

LENS Convex lens 
.9 x 3,5-inch DB# LE2475 
focal length 

LABI Class 3a danger laser 
label 

LAB2 Certification label 

LAB3 Aperture label 


The mechanical parts you get yourself; they are not critical and 
those shown represent our finalized lab approach. 


TUBEI l-inch OD thin-walled 
plastic tubing 

TUBE2 Tube for telescope over 
TUBE! 

HANDLE 2x4 |-inch piece of 
soft pine 

COVER Piece of '/\-inch clear 
plastic sheet 

BRKI Vso X Ve-inch aluminum 
bracket 


LENS HOLDERS Wood or plastic dowels 


SCREWS Small wood 


I 
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U5 VAC, 5- to 


cage 


Infrar 


This project shows how to construct a laboratory-use, 
solid-state, pulsed infrared laser (see Figure 4-1). The 
system utilizes a gallium arsenide laser diode provid- 
ing pulse powers of 10 to 100 watts depending on the 
diode used. The device operates from the 115 VAC 
line via an isolation transformer and is constructed in 
two parts. The laser is an excellent source of variable- 
frequency pulses adjustable from 10 to 2.500 repeti- 
tions per second of infrared energy. 

The laser, when assembled as shown, is a class iiib 
device and requires the appropriate labeling and sev- 
eral included safety functions, as described in the 
assembly instructions. At no time should it be pointed 
at anyone without protective eyewear or at anything 
that could reflect these pulses. Also, never look into 
the unit when the power is on. It is intended to be used 





IR laser 


Figure Y-1 


Watt Pulsed : 


ed Laser 








for ranging, simulated weapons practice, intrusion 
detection, communications and signaling, and a variety 
of related scientific, optical experiments and uses. 

This is an intermediate- to advanced-level project 
requiring electronic skills and basic electronic shop 
equipment. Expect to spend $100 to $150. All parts 
are readily available, with specialized parts obtainable 
through Information Unlimited (www.amazing|!.com), 
and they are listed in Table 4-1. 


Theory of Operation 


A laser diode is nothing more than a three-layer device 
consisting of a pr junction of n-type silicon, a p-type 
of gallium arsenide, and a third p layer of doped 
gallium arsenide with aluminum. The /i-type material 
contains electrons that readily migrate across the pn 
junction and fill the holes of the p-type material. 
Conversely, holes in the p-type migrate to the n-type 
and join with electrons. This migration causes a 
potential hill or barrier consisting of negative charges 
in the p-type material and positive charges in the 
n-type material that eventually cease growing when a 
charge equilibrium exists. In order for current to flow 
in this device, it must be supplied at a voltage to over- 
come this potential barrier. This is the forward voltage 


Table 4-1 


INFO# Pulse width Package Diodes — Peak current 

LD660 = 200 ns TOIS8 1 40 amps 9x1 
LD780 = 200 ns TOS 2 40 amps 21x 1 
LD1630 200 ns TOS 2 40 amps 21% 1 


Ennitting area Peak power 


Duty factor Beam symmetry Spectral width 


12 watts 1% 15 x 20 3.5 nm 
20 watts 1% 15 x 20 3.5 nm 
30 watts 1% 15 X 20 3.5.0m 


drop across a common diode. If this voltage polarity 
is reversed, the potential barrier is simply increased, 
assuring no current flow. This is the reversed bias 
condition of a common diode. 


A diode without an external voltage applied to it 
contains electrons that move and wander through the 
lattice structure at a low, lazy average velocity as a 
function of temperature. When an external current at 
a voltage exceeding the barrier potential is applied, 
these lazy electrons now increase their velocity to 
where some, by colliding, acquire a discrete amount 
of energy and become unstable, eventually emitting 
this acquired energy in the form of a photon after 
returning to a lower energy state. These photons of 
energy are random both in time and direction; hence, 
any radiation produced is incoherent, such as that of 
a light-emitting diode (LED). 

The requirements for coherent radiation are that 
the discrete packets of radiation must be in the form 
of a lockstep phase and in a definite direction. This 
demands two essential requirements; first, sufficient 
electrons at the necessary excited energy levels and, 
second, an optical resonant cavity capable of trapping 
these energized electrons for stimulating more and 
giving them direction. The amount of energized elec- 
trons is determined by the forward diode current. A 
definite threshold condition exists where the device 
emits laser light rather than incoherent light, such as 
in an LED. This is why the device must be pulsed with 
a high current. The radiation from these energized 
electrons is reflected back and forth between the 
square-cut edges of the crystal that form the reflecting 
surfaces due to the index of refraction of the material 
and air. 


The electrons are initially energized in the region 
of the pn junction. When these energized electrons 
drift into the p-type transparent region, they sponta- 
neously liberate other photons that travel back and 


ee 


forth in the optical cavity interacting with other elec- 
trons commencing laser action. A portion of the radi- 
ation traveling back and forth between the reflecting 
surfaces of these mirrors escapes and constitutes the 

output of the device. 


Circuit Theory of Operation 


AC power, as shown in Figure 4-2, is obtained via 
polarized plug CO! through fuse FH1. Proper 
grounding of the green cord lead is a necessity to 
prevent an unnecessary shock hazard along with 
usage of grounded test and measuring equipment. S1 
is a key switch type where the key can be removed 
only in the off position. Transformer T1 provides a 
one-to-one ratio and isolation from the power line, 
while step-down transformer T2 provides the low 
voltages necessary for the control circuits. The power 
indicator lamp consists of neon lamp NE1 and associ- 
ated current-limiting resistor R1. 

Diodes D1 and D2, along with capacitors C1 and 
C2, comprise a voltage doubler. The voltage across 
C1 and C2 is 1.4 X 230 or approximately 340 volts. 


A major section of this laser pulser is the charging 
circuit. This circuit charges the pulse discharge capac- 
itor (C10) to the supply voltage during the time interval 
between laser current pulses. It also isolates the supply 
voltage from the discharge circuit during the laser 
current pulse, thereby allowing the switching silicon- 
controlled rectifier (SCR) to recover to the blocking 
state. Because the response times of the charging 
circuit are relatively long, lead lengths are not impor- 
tant, and the circuit can be remotely located from the 
discharge circuit. 

The simplest charging circuit is a resistor-capacitor 
combination. In this simple case, the resistor must limit 
the current to a value less than the SCR holding 
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- Remove the barrel. 





Charging section 





CHASSIS GROUND 























Figure 4-2) Circuit schematic 


current but should be as low as practical because this 
resistance also determines the charging time of the 
capacitor C10, thus determining the available laser 
pulse repetition rate at full energy. For example, a 
resistance of 40 kilo-ohms limits the current to 10 
milliamps [rom a 400-volt supply. This current value is 
just at the holding level of an average SCR. A time of 
almost 4 milliseconds is required to charge C10,a 
().033-microfarad capacitor, to the supply voltage in 
three time constants through a 40-kilo-ohm resistor. 
Therefore, the pulse repetition rate (PRR) of the puls- 
ing circuit is limited to less than 250 Hz. If the PRR 
exceeds this value, the capacitor does not completely 
recharge between pulses and the peak laser current 
decreases with increasing PRR. 

Varying the supply voltage may control the peak 
current in the discharge circuit, provided the PRR is 
low enough to allow the capacitor to fully recharge 
between current pulses. Both the supply voltage and 
the PRR determine the peak laser current. A consid- 
erable risk exists in increasing the supply voltage to 
compensate for an insufficient recharge time. If the 
PRR is decreased while the supply voltage is high, 
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SCR TRIGGER 


the capacitor again recharges completely, and the 
laser pulse current increases to a value that may 
damage or destroy the laser diode. 

The needs for a variable voltage supply and the low 
PRR limit are the major disadvantages of the 
resistive-lype charging network. Therefore, the 
limitations of the simple resistor drivers are that a 
resistor large enough to keep the current below the 
holding current of the SCR also limits the pulse 
repetition rate. 

The frequency capability of the pulse power supply 
can be greatly improved with the charging circuits, as 
described. Capacitor C10 is charged to the supply 
voltage when the SCR is not conducting. Diode D7 is 
in the off state, because no current flows through it 
during this period. At the onset of a pulse trigger at 
the gate, the impedance of the SCR drops rapidly and 
capacitor C10 discharges toward ground potential. 
During this period, current is surging through diode 
D7, causing zero biasing of the current-control tran- 
sistors (Q1, Q2) by shorting the bias resistors (R9, 
R11). The SCR now turns off when the current drops 
below its holding current. The voltage across capacitor 


ee 
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C10 then charges back to the supply voltage. During 
the capacitor charge cycle, diode D7 passes no cur- 
rent, and Q1 and Q2 are forward biased into the 
saturation region, Obviously. the charging time of 
C10 is now shorter due to being charged through the 
smaller-value resistors (R10, R12). The emitter resis- 
tors R13 and R14 balance the current through Q1 
and Q2. 


Zener diodes (Z3. Z4) are selected to regulate and 
provide the proper required current pulse for the 
laser diode in operation. The zener diodes provide a 
maximum charge voltage of 310 volts that produces 
40 amps through laser diode LD1 for up to 2,500 
laser pulses per second. 

Other laser diodes may require a selection of 
other voltage-rated zener diodes. The builder may 
wish to provide a multiposition switch to select these 
various combinations of zener diodes externally via a 
front panel control. 

The trigger circuit consists of an astable timer (12) 
that derives its power through the output of timer 11, 
which provides a delay time required for FDA laser 
compliance, The trigger and delay circuitry, as well as 
the timers, are powered by 12 VDC from transformer 
T2 and rectifier diodes D3 through D6. Capacitor C4 
filters the rectified wave and steps up the voltage to 
15 VDC. Resistor R2 drops the 15 volts to the zener 
voltage of zener diodes Z1 and Z2 of regulated 
12 VDC. 

Operation of the laser requires activating 
pushbutton switch $2, which latches transistor O4 
upon supplying power to timer I1. The timer must 
time out to 10 seconds, as determined by resistor R8 
and capacitor C5. The emission indicator LED1 
comes on simultaneously with power to the trigger 
timer 12, which pulses the laser diode LD1. The laser 
pulse rate is determined by external pot R18. 


Notes on SCR 


In the conventional operation of an SCR, the anode 
current, initiated by a gate pulse, rises to its maximum 
value in about | microsecond. During this time, the 
anode-to-cathode impedance drops from open circuit 
to a fraction of an ohm, In injection laser pulsers, 
however, the duration of the anode-cathode pulse is 
much less than the time required for the SCR to turn 





on completely. Therefore, the anode-to-cathode 
impedance is at the level of 1 to 10 ohms throughout 
most of the conduction period. The major disadvantage 
of the high SCR impedance is that it causes low circuit 
efficiency. For example, at a current of 40 amps, the 
maximum voltage would be across the SCR, while 
only 9 volts would be across the laser diode, which 
represents very low circuit efficiency. The efficiency 
of a laser array is greater due to its circuit impedance 
being more significant. 

Because the SCR is used unconventionally, many 
of the standard specifications such as peak current 
reverse voltage, on-state forward voltage, and turn-off 
time are not applicable. In fact, it is difficult to select 
an SCR for a pulsing circuit on the basis of normally 
specified characteristics. The specifications important 
to laser pulser applications are forward-blocking volt- 
age and current rise time. A usage test is the best and 
many times the only practical method of determining 
the suitability of a particular SCR. 


Notes on the Storage 
Capacitor 


The voltage rating of the storage capacitor must be at 
least as high as the supply voltage. A high-quality 
metallized capacitor must be used for this part as 
peak currents are in the tens of amps. 


Notes on Layout Wiring 


Lead lengths and circuit layout are very important to 
the performance of the discharge circuit. Lead induc- 
tance affects the rise time and peak value of the current 
and can also produce ringing and undershoots in the 
current waveform that can destroy the laser. A well- 
built discharge circuit might have a total lead length 
of only 1 inch and therefore an inductance of approx- 
imately 20 nanohenries. If the current rises to 75 
amperes in 100 nanoseconds, the inductive voltage 
drop will be e = L di/dt. If proper care is not taken in 
wiring the discharge circuits, high-inductance voltage 
drops will result. 

A |-ohm resistor (R20) in the discharge circuit will 
greatly reduce the current undershoot in single-diode 
lasers. Laser arrays usually have sufficient resistance 
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i Infrared Laser 
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Tyast lead pairs when possibie 
Use #20 vinyl stranded wire 


Figure 4-4 Board input power wiring. 


to eliminate an undershoot. The small resistance in 
the discharge circuit is also useful in monitoring the 
laser current, as described in the following section. 

A clamping diode (D8) is added in parallel with 
the laser to reduce the current undershoot. Its polar- 
ity should be opposite that of the laser. Although 
the clamping diode is operated above its usual maxi- 
mum current rating, the current undershoot caused 
by ringing is very short and the operating life of the 
diode is satisfactory. 


Notes on Current Monitoring 


The current monitor in the discharge circuit provides 
a means of observing the laser current waveform 

with an oscilloscope. A resistive-type monitor (R20) 
reduces circuit ringing and current undershoot, but 
the lead inductance of the resistor may cause a higher 
than actual current reading. A current transformer 


such as the Tektronix CT-2 can also be used to monitor 
the current and is not affected by lead inductance. 
Because the transformer does not respond to low- 
frequency signals, it should be used with fast, short- 
pulse-width, fast fall-time waveforms. 


Assembly Steps 


Assembly of the laser system is straight forward and 
will require basic tools and test equipment. 


1. Lay out and identify all parts and pieces. Verify 
them with the parts list, and separate the resis- 
tors as they have a color code to determine 
their value. Colors are noted on the parts list. 


2. Cuta piece of .1-inch grid perforated board 
to a size of 5.8 X 3.5 inches, as shown in 
Figure 4-3. 
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identify these four wires for connection into the sor ¢i0 GaTe SRD 
laser head secton. Twist leads or use a four 
conductor cable 
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Twist these lead pairs 


the polarity of the capacitors that have 
polarity signs and all semiconductors. Use 
eight-pin sockets for I1 and 12. 


Route the leads of the components as shown 

and solder as you go, cutting away unused 

wires. Attempt to use certain leads as the wire 
2.3 runs or use pieces of the #24 bus wire. Follow 
i] the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. The heavy 
dashed lines indicate the use of thicker #20 
bus wire, as this is a high-current discharge 
Four-wire path. 


From Figure 4-3 


PLATE 
BuU2 CHASSIS 


Af 


Pn 4. Attach the external leads as shown in Figure 4- 
Fabricate the front panel holes as required section 4to the external components. a the chassis 
for the components used. Trial fit before drilling. grounding to the green lead of the power cord 
can ; (CO]1) and the use of wire nuts (WN1) for the 
Figure 4-6 = Fabrication and chassis assembly junction of the transformer’s primary inputs. 


an 
: 


Attach the external leads as shown in Figure 
4-5 to the external components. Note the four 
leads that go to the laser head assembly. These 


3. If you are building from a perforated board, 
insert the components, starting in the lower 
left-hand corner as shown. Pay attention to 


eee 
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Material is .031 copper sheet 


90 degree bend line 







Contour these corners to fit into tubular enclosure (EN1). 
Screw heads may also requir filing to fit properly. 


Figure U-7 ~ Assembly of laser chassis 


Solder points on the copper chassis to 
component leads. 


From figure 4-9 








COPCHA1 







Mating holes for securing TN 


\\/ 
alt 









To J1 for monitoring diode current pulse 
To R9,11 
To circuit ground 





SW2/NUZ/MICA 
Note that the SCR is insulated from the 


chassis by a mica or plastic washer and 
secured using a nylon screw. 


Gate trigger pulse from C11 
310 volts from R13,14 


Figure 4-8 Fabricate the laser holder 


are suggested to be 24 to 36 inches in length panel holes to fit the necessary external com- 
as well as twisted and identified. You may use ponents. Use appropriate bushings for the 
a four-conductor cable. power cord and wires to the laser head. Also, 


place an insulating piece (PLATE) under the 
assembly board to prevent contact with the 
metal chassis. 


6. Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 8. Fabricate the laser chassis, as shown in Figure 
sary, sleeve some insulation onto the lead to 4-7, from a .031 piece of copper sheet metal. 


avoid any potential shorts. ; er 
. yp 9, Assemble the laser chassis, as shown in Figure 


7. Fabricate the chassis, as shown in Figure 4-6. 4-8. This section takes advantage of the 
Then position and drill the front and rear ground plane effect of using the copper for 


I 
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Material can be preferably aluminum or 
fabricated from a PVC rod 


Tap the three 


holes for 4-40 LEN1 
threaded 


lens 


0 0.62 + \ 
CJ —— LD1 and NU1 Laser 
O O A diode and nul 
0.16 


es 


This section can be mated to section B when using a Thread to .5" depth to 
collimator with a “C” mount fitting mate with lens as supplied 





Optional “C” mount collimator adapter 
fabricated from aluminum countersink 


@1.25 Ay — 
TF 
0.11 1.00 1.60 
+ 


21.00 0.75 


Section B adapter for fitting to the lens holder when using the optional collimator. 
Three mounting holes of .11 on a 1.25" diameter 120 degres are mated to those in above. 


Thread for “C" lens at 1" diameter 32 tpi to a minimum of .375". 
Figure U-S Laser diode and lens holder 


direct solder points. It is important to main- 
tain a good waveshape because the switching Assembly Testing 
currents are 40 amps and any undershoot is 
undesirable across the laser diode. Do not 
install the laser diode at this point. 


‘Testing will involve the use of an oscilloscope with a 
; Bin i ' iv 
100 MHz bandwidth and infrared detection equipment . 


10, Create the laser holder (LAHOLD), as shown such as a night vision scope or camera. 
in Figure 4-9, This assembly is attached to the 
bent-up lip of the chassis section by two small 1, Itis assumed at this point that the electronic - 
screws. assembly is complete. Verify the circuit and rm 


preset the two trimpots, R3 and R9, to 
midrange. 
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Four wire cable from laser head to 
control chassis. Use a clamp 


CAP 1 





bushing to secure. 


Figure 4-IO = Final head assembly 


I 


Insert a .S-amp fuse into the fuse holder. Verify 
that the key switch is off and R18 is fully 
counterclockwise. Plug in a ballasted, 25-watt, 
115-volt, 60 Hz power source. This is nothing 
more than the cord with a 25-watt lamp in 
series with the black lead. It protects the cir- 
cuitry from the catastrophic currents of the 
power line should a major fault occur. Obtain a 
1N4007 power diode and temporarily wire it 
in place of the laser diode LA1. The diode 
simulates the actual laser diodes and avoids 
costly replacement should a gross error exist. 
The actual laser diode is not to be wired in at 
this point. Turn on the key switch and note the 
NEI coming on. The ballast lamp should not 
be lit. 


Connect the scope to TP2 and note a spiky 
waveform that verifies the trigger pulse to the 
SCR, as shown in Figure 4-2. 


Connect the scope to TP3 and note the 
waveform, which is the voltage across the 
SCR. Notice the flat spot indicating that 
capacitor C10 has reached a full charge before 
the SCR is triggered. The top of this waveshape 
is affected by the pulse repetition rate and 
should support 2,500 repetitions per second 
when set by R18 (see Figure 4-2). 


Connect the scope to TP1 and set it up for a 
negative-going fast pulse, indicating the current 
waveform through the LD1 laser diode. If you 
have followed the instructions and your 


- From figure 4-8 


EN1 


17. 


Optical 


assembly of the copper chassis is secure with 
short leads, you should see a picture-perfect 
waveform, as shown. 


Note that the current pulse is 40 amps and 
corresponds to 1 amp for every volt read at 
TP1. If you find the pulse is less, you can 
increase the voltage ratings on one of the 
zener diodes, Z3 or Z4. The laser diode speci- 
fied requires 40 amps for full output. Any 
value over 40 amps will greatly shorten the 
useful life of this part. The range of the pulse 
rep rate should be 200 to 2,500 pulses per sec- 
ond. The pulse amplitude should only vary sev- 
eral percent throughout this range. You will 
note that the amplitude will slightly decrease 
as the rep rate is increased, 


At this point, you should be wearing your safety 
glasses. Remove the test diode D5 and connect 
the laser diode. Place an infrared indicator 
several inches from the diode and note an 
orange glow when the unit is turned on. Then 
recheck the pulse shape and amplitude. 


Verify the laser output by using a night vision 
scope or a video camera. Screw in LENS13, so 
it is flush with the holder. Adjust it to find the 
smallest footprint at over 50 feet. Our lab 
model adjusted to about two turns below being 
flush with the holder for the best results. The 
output should be a sharp, narrow bar shape 
with this diode specified. 
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Please note that laser diodes are very easily 
destroyed by current pulses that are too large Final Assembi y Ste ps 
and overshoot. Pay attention to the correct 


current pulse shown in Figure 4-2, , : ‘ at es 
P 8 Final assembly of head section as shown in Figure 


The recommended laser diodes are available 4-10. For final assembly place the label as shown and 
from Information Unlimited and are shown in verifying the compliance tests in Figure 4-11 
Table 4-1. 
Compliance Tests Instruction 
1. Verify correct labels as shown. 1. Turn key switch counterclockwise to verify unit is off. Note key 
2. Key switch — nonremoval in off position. is easily removed in the off position. 


3. Beam indicator LED indicates beam emission. 


2. Plug unit into 115 vac. 


3. Turn key clockwise and note NE1 lighting. Note key cannot 
be removed in the on position Laser energy Is infrared and 
cannot be seen with the eye. You must use infrared detection 
devices such as our laser pulse detector or suitable night- 
vision devices. Video cameras will often detect the laser. 


4. Adjust collimator for desired effect if you are using. 








Manufactured By 
INFORMATION unlimited 


PO Box 716, AMHERST, NH 03031 


Model NUMBER 
Serial Number 
Manufactured Date 

This taser product conforms to the provisions 
of 31CFR1040 10 and 1040 11 











Note that collimator will 
expand beam at near 
field but greatly reduce 
it at far field. 


AVOID EXPOSURE 
LASER RADIATION IS EMITTED 
FROM THIS APERTURE 


VISIBLE OR INVISIBLE 
LASER RADIATION 





OID DIRECT EXPOSURE 
LAB3 TO BEAM 


CLASS IIIB LASER PRODUCT 





LAB2 


Figure U-Il_ /sometric of final view 
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Chapter Four 


Table 4-2. Parts List for Pulsed Laser ZA IN5384 160-volt. 5-watt zener 
diode 
Ref # Description OB Part # Q1,2 Two 2N3439 NPN high- 
voltage transistors 
RI 100K, 4 —-watt resistor 
(br-blk-yel) Q3 PN2907 PNP general-purpose 
transistor 
R2 10-ohm, 1-watt resistor 
(br-blk-blk) O4 PN2222 NPN general-purpose 
transistor 
R3,4,5,6,7 Two LK Yi-watt resistors 
(br-blk-red) 12 ‘Two timer dip integrated 
circuits LM555 
R8 1M, 4-watt resistor 
(br-bIk-er) LEDI Green LED 
R9, 11 47K, Yi-watt resistor NEI Neon indicator lamp 
I-pur- 
eee parOty SCRI 12-amp, 800-volt 
R10, 12 1.8K, 3-watt mox resistor SCR S8012R DB# S8012R 
R13,14 220, 1/2-watt resistor LD Laser diode 40-amp, 
(red-red-br) 10-20-watt, 904 nm TO18 
package DB# LD6S0 
R15 10-ohm, ‘4-watt resistor 
(br-blk-blk) LAHOLD Laser and lens holder 
fabricated as shown in 
R16, 17 470-ohm, “-watt resistor Figure 4-9 
(yel-pur-br) 
LENSI3 Threaded lens 
R18 LOK, 10 mm potentiometer 
Tl 115/115 volt, 15-volt- 
R19 39-ohm, '4-watt resistor amp isolation transformer DB# TRIIS/115 
(or-wh-blk) 
T2 115/12 volt, 1-amp 
R20 l-ohm, 4-watt carbon transformer DB# 12DC/.1 
resistor (br-blk-gold) 
Jl RCA phono jack 
Ci 2 Two 330 mfd, 16-volt 
vertical electrolytic capacitor Col Three-wire #18 power cord 
C4 1,000 mfd, 25-volt vertical $l Compliant key switch DB# KEYSWSM 
alyti it 
sieieae: ini sail §2 Pushbutton no switch 
CRLF 10 mfd, 25-volt vertical 
i el FHI Panel-mount fuse holder 
C6.9 OL mfd, 50-volt dise capacitor FS1 |-amp fuse 
C10 033 mfd,400-volt WNI ‘Two small Hi3 wire nuts 
polypropylene capacitor PBI 4.8 X 35-inch .1 X .1 
cu | mfd 50-volt plastic perforated circuit vector 
capacitor board 
D1.2 1N4007 LKV, L-amp rectifier SOCKS Two 8-pin integrated circuit 
, diodes , sockets 
D3-6 Four 1N4001 50-volt 1-amp 
rectifier 
D7,8 1N4937 fast recovery LK'V, 
l-amp diode 
D9, 10 Two 1N914 signal diodes 
ARS 1N4735 6.2-volt zener diode 
Z3 1N5383 150-volt, 5-watt zener 
diode 
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This project, as shown in Figure 5-1, allows the user 
to protect a perimeter of over 1,000 meters. The sys- 
tem utilizes a laser transmitter, as described in 
Chapter 1, and a laser receiver, described in Chapter 
2. The system can easily control any deterrent to an 
invader, such as flood lighting, alarms, man-trap sys- 
tems, or our phaser pain field generator, as described 
in Chapter 35. 

The operation of the laser property guard is sim- 
ple. The laser beam is directed through the area to be 
protected, using front-surface mirrors located on 
sturdy and secure mounts and at the points necessary 
to obtain the required coverage (see Figure 5-2). 
The receiver is normally quiescent when receiving 
this beam. Once the beam is broken by an intrusion, 
the receiver now processes the interruption as a fault 


and powers the desired deterrent or alarm. 








Figure 5-1 
components 


Laser property guard protector 
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This project requires assembly of the laser devices, 
as described in Chapters 1 and 2. The setup requires 
basic mechanical skills and installation of the optical 
reflecting mirrors, and the hookup requires basic elec- 
trical skills. Expect to spend $25 to $50 after the 
assembly of the necessary components. All parts are 
readily available, with specialized parts obtainable 
through Information Unlimited (www.amazing|.com) 
and listed in Table 5-1. 

The laser property guard system, as shown in 
Figure 5-3, utilizes a pulsed infrared laser to provide 
a perimeter path of programmed light pulses that, 
when interrupted, will sound an alarm, create an 
alert. or trigger a deterrent. The trigger fault signal 
actually triggers a timer or a latching circuit, which 
drives a switch for the external control of other func- 
tions. [he timer mode allows the adjustment of the 
alarm period and automatically resets. The latch 
mode requires a manual reset. 

Even though the laser pulses are rated in tens of 
watts, the overall energy over a period of | second is 
in the milliwatts, Installing the system at short ranges 
of only one to two reflection points is reasonably sim- 
ple. Longer ranges requiring multiple reflections can 
be challenging. 


MOUNTING 
POLE 


i ADJUST 
= ae oO SCREWS 


STATIONARY / 


Basic Instructions PLATE 

Your laser protector guard is designed to provide an intrusion detection perimeter around your home or target area. It 
uses a Class iiia pulsed diode laser to minimize but not eliminate any optical hazard, A low-liability sonic shock field 
generator such as that described in Chapter 35 is suggested as a deterrent. Caution: Check local laws for proper posting 
of this equipment on your property. Remember if you injure a criminal, even if he is robbing you, it can result in a stiff 
penalty in certain states for violating his rights. 
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System Setup 

1. Obtain the following equipment listed in the latest Information Unlimited catalog. 
O Class iiia pulsed diode laser as described in Chapter 1, 
Q Optical light detector and controller with built-in alarm as descrbed in Chapter 2. 
O Low-liability sonic shock pain field generator as described in Chapter 35. 


2. Examine the area you want to protect. Attempt to position beam travel over level terrain to eliminate possible easy-to- 
sneak-under points. 


3. Establish corner points of property where mirrors are to be positioned. Note that a clear view of adjacent mirrors, laser 
and receiver must be maintained in all weather conditions for reliable operation. 


4. Determine the corner where you want to position the actual laser and laser detector at. Note: There should be access to these 
devices for powering and control. 


5. Construct mirror mounts using your own ingenuity. Allow for adjustment and stability. Rough align mirror to 
approximate position. 


6. Turn on laser and position to hit center of first mirror. Secure laser in place. 


Ni Adjust first mirror to hit center of second and repeat for remaining mirrors all the way back to the optical receiver. Secure 
a) in place as you go. 
“ro Special note: Large areas may require an optical collimator at the laser output to reduce beam width at longer ranges, 
(xy The collimator can be a rifle scope, telescope, binocular, etc., positioned in axial alignment with the laser. Beam 


divergence will be reduced by the magnification factor of the system used, however the actual beam will be expanded by 
same factor. The net result is a smaller cross-section at longer ranges, 


4 Figure 5-2 Low-cost, adjustable mirror mount 
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System Installation 
Suggestions 


There are many ways to align an optical system of 
this type. The use of a visible laser module as listed in 
Table 5-1 can simplify the initial setup and position- 
ing of the mirrors. Those fortunate to have night 
vision equipment will find this a considerable advan- 
tage. 


¢ Determine the area you want to protect. Flat 
land is the most desirable, as gullies and hills 
are difficult to cover without using more mir- 
rors. 


* You must also consider the position of the 
laser transmitter and receiver, noting the 
power and connection into the alarm or the 
deterrent section. Weather exposure and con- 
venience must also be taken into considera- 
tion, and mounting must be stable and 
somewhat adjustable. 


¢ Determine the path that the light must travel 
to provide acceptable coverage. Always 
attempt to use as few mirrors as possible and 
consider the laser transmitter’s and receiver's 
positions, If you are lucky, you may have some 
objects to mount the mirrors to. They must be 
stable and allow placement at the required 
height for your application. 


The mirrors used for this project must be the 
front-surface-coated type if multiple reflec- 
tions are required, Regular household mirrors 
can be used up to two reflection points. but 
they will cause multiple reflections. A low, 
adjustable-cost mirror mount is shown in Fig- 
ure 5-2. You may in certain cases use a good- 
quality automotive mirror, as they are easily 
adjustable. 


¢ Evaluate the wildlife in your area and deter- 
mine the best laser height that will provide 
minimal false alarms from the animal popula- 
tion. Obviously, deer will always be a problem, 
as their height may be close to that of the tar- 
get intruder. 


* Determine the deterrent you wish to use 
against the intruder. You can activate bright 
lights, sonic pain generators (described in 
Chapter 35), alarms. or just alerts so you can 
take further action, For more serious applica- 
tions, you can activate shocking devices, such 
as those described in Chapter 11, nonlethal 
kinetic devices, or explosive charges for shock 
and surprise. Very serious deterrents can con- 
sist of deadly force, such as high-powered 
kinetic devices, shotgun traps, high-powered 
shocking devices, and buried explosives for 
lethality. 


Caution: As man trapping is illegal in the United 
States, it may also be so in your country. Always 
check your laws before ever implementing a deter- 
rent that can cause injury. 


e The quality of the mirrors and their mounts 
cannot be overstressed when designing a high- 
integrity system. Here we discuss a low-cost 
system that may suffice in smaller installations 
but may be limited for use in larger, more reli- 
able systems. 


The initial alignment requires a visible, low-power 
laser to align the mirrors. The laser may have to be 
collimated for larger multiple reflection systems. 


Optics on the laser light transmitter and receiver, 
as shown, may be sufficient for small systems. They 
do not have to be high-cost precision devices, as the 
only objective is to establish a properly aligned, 
position-stable beam spot. 

Once the preliminary alignment is accomplished, 
you can put the laser transmitter in place and, with a 
night vision scope, recheck the alignment. The laser 
receiver, as constructed here, has an indicating /ighi- 
emitting diode (LED), This function can be elimi- 
nated if required. The actual control of external 
functions is via a set of normally open or closed relay 
contacts that can handle 115 VAC at 10 amps AC, 
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Table 5-1 


Ref. #- 
MIRROR 


LRG4K 


LRG4O 


LSD4K 
LSD40 
PPF4K 


PPF40 


SHOCKIK 
SHOCK10 


LM650-3 


Laser Property Guard Parts List 


Description DB Part # 

3 X 4-inch front DB# MIR FRSUR 
surface mirrors 

Pulsed infrared DB# LRG4K 

laser kit, as in Chapter 1 

Assembled pulsed DB# LRG40 
infrared laser, as 

in Chapter 1 

Laser detector kit, DB# LSD4K 


as in Chapter 2 


Assembled laser DB# LSD40 
detector, as in Chapter 2 


Pain field generator kit, DB# PPF4K 
as in Chapter 35 


Assembled pain field DB# PPF40 
generator, as in 
Chapter 35 


Kit of shockers, as in DB# PFSHKIK 
Chapter 11 


Assembled shockers, DB# PFSHK10 
as in Chapter 11 


Visible red laser module +DB# LM650- 
for alignment aid Description 
P3System 


SVS! --———  — — — — — — — — — ———— SS 
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30- -Milliwatt, 


Infrared’ Laser 





The laser project shown in Figure 6-1 is a continuous 
infrared device providing a continuous 30-milliwatt 
output at 980 nanometers. The laser, when built as 
shown, should comply with a class 3 laser-compliant 
system. The completed laser can be very optically 
dangerous, and eye protection must be worn to pre- 
vent direct or scattered reflections to the eyes. 

The project can be used for many optical applica- 
tions, including illuminating a surface, such as a win- 
dow. for laser listening, Laser listening is were a laser 
beam illuminates a window and a sensitive receiver 
picks up the light reflections and processes them into 
audio signals similar to the picked-up voices that 
vibrate the illuminated window glass. A system such 
as this is described on www.amazing1.com. It should 
be noted that using a class 3b laser for this application 
can be an optical hazard to anyone in the target area. 

Converting illumination using night vision cam- 
eras and spectrally compatible viewers is another 
potential application, again being fully aware of a 
possible optical hazard. Other applications are invisi- 





The infrared laser module 


Figure 6-1 


we) 





ble target identification, voice and data communica- 
tion, and optical signaling and experimenting. 

This is an intermediate-level project requiring 
basic electronic skills. Safety glasses are strongly 
advised, as the laser can cause eye damage if viewed 
directly or via direct reflections, Expect to spend $75 
to $150. All parts are readily available, with special- 
ized parts obtainable through Information Unlimited 
(www.amazing |.com), and they are listed in 
Table 6-1. 

For those wanting to use this project as an illumi- 
nating laser for window bounce listeners, it is sug- 
gested that you refer to Chapter 13 in Electronic 
Gadgets for the Evil Genius, published by McGraw- 
Hill, ISBN 0-07-142609-4, 


Circuit Description 
Figure 6-2 shows the laser module LM1 and associ- 
ated support circuitry. The system is powered by bat- 
teries B1 and B2 and is controlled by an internal key 
switch (S1) or external enabling control leads. A 
light-emitting diode (LED1) and a current-limiting 
resistor (R1) indicate the presence of laser emission. 
The system will require S| to be a key switch with 
a nonremovable key in the activated position if the 
assembly is integrated as a fully functional laser sys- 
tem. The power line or bench operation will require a 


Ri 
=I = 100 





External 
contro! leads 





LM1 














Laser current should be 50 to 60 milliamps at 3 volts input. 


Warning: If you overvolt or reverse polarity on your laser module, you 


will ruin it!! 


Assembly shows a battery-operated compliant laser system. You 
may wire direct to a 3-volt source that now contains the key switch 
and a built-in time delay necessary for compliance and safety. 


Figure 6-2 Circuit schematic 


key switch for external enabling and associated con- 
trol circuitry that may require an emission delay and 
automatic resetting should a loss of power occur. 


Assembly 


1. Rework the laser module, as shown in 
Figure 6-3. This step requires care as it is easy 
to damage the module if one is not very 
careful. 


2. Connect the soldered leads to a source of 3 
volts, paying attention to the correct polarity. 
If you have a current meter, you can measure 
40 milliamps. 


Output can be detected using infrared photo- 
sensitive paper or a night vision scope. Certain 
video cameras may also detect the laser 
output. 


Danger! Do not view directly or indirectly 
without safety glasses. 


Fabricate the laser holder (HOLD1), as 
shown in Figure 6-4. 


Fabricate the laser module tube (TUB1) from 
a piece of 3-inch X 1-inch OD X '/i6-inch wall 
plastic tubing, as shown in Figure 6-5. 


Fabricate the two spacing washers (WASH1, 
2) from '/\6-inch plastic. Note the inner hole is 
| inch to allow for the sleeving onto TUBI as 
shown. The outer diameter fits into the inner 
diameter of the main enclosure (EN1). It is 
these two spacer washers that position and 
secure TUB] into the center of EN1. Space 
the two washers as shown. 


Insert the laser module LM1 as shown and 
wire it up to the circuitry as shown. It is a 
good idea to leave enough lead length to 
allow one to pull out the battery holder for 
battery replacement by removing the rear cap 
(CAP1). Use a piece of foam to secure the 
battery holder in place. 


Verify the proper circuit operation so that 
when the key switch is activated, the LED 
emits, indicating laser emission. 
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Very carefully attach #24 bare bus leads to 
the solder pads as shown. It is necessary to 
insulate the positive lead using a piece of 
insulation stripped from a piece of wire or 
insulated tubing. 

















Note that the brasshead of the laser is the 
positive connection and the spring the 
negative. Activation will require now 
depressing the on-board pushbutton switch. 
You may connect to these points if unsure of 
soldering to the small foils on the printed 
circuit board. 





Warning: If you overvolt or reverse polarity 
on you laser module, you will ruin it!! 











4 


This lead must Sf 


be insulated 


Figure 6-3. Laser module rework 
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Three tapped holes 4-40 x 3/8" 
deep on a_.65 diameter 
reference 120 degrees 
















HOLD1 Holder material: PVC 





4-40 x .25" 
screw, three required 


coi) «= gw 








TUB1 plastic tube 


LM1 laser module 




















X-ray view showing assembled LM1 laser module inserted 
into HOLD1 holder with three retaining screws SW1 


Figure 6-4) Creation of laser module holder and retaining washer 
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This is our approach to assembling this laser project with external optics. The builder may use his own 
ingenuity noting that the objective is optical stability and safety. 


Optical Axis 











LED1/BUS1 











R1 Sleeve Ri into a piece of WASH1 
plastic tubing to insulate Holder and laser module 
assembly from Figure 6-4 


Note if the system is to be completely integrated, that the key switch will be necessary for FDA compliance 
in requiring this part with nonremovable key in the on position. | 























pe re es ee 
——_————— ee | 
fee 
1:60 } Glue to ridges on 
the fabbed out 
X-ray view showing innards of the = shoulder recess. 
al optional low-cost X7 collimator Focal Length=2 Caution!! Lenses 


Fabrication of the two must be clean and 


WASH1 spacing washers. 
Use 1/16" Lexan. 


The objective is to get the proper seperation 
distance between the two lenses to allow proper 
adjustment within the range of the threaded 
sections of the male and female pieces. 


Figure 6-5) = (X-ray of complete assembly 


3. Fully insert the LTUB1 into the 1-inch tube 
TUBI. Shim it with tape for a secure but 
removable fit. 


Collimator and Final 
Assembly 


4. Finish the assembling and label it as shown in 


|. Glue the larger lens LEN2 into ADFE- Figure 6-6. 


free of finger prints! 


MALE as shown, using silicon rubber glue or 
an equivalent, Clean the lens before gluing. 


bo 


Insert LEN | into the laser output end of the 
LTUB1 assembly as shown. Do not glue at 
this time. 


Point the laser at a target around 100 meters 

away and adjust the collimator to the smallest 
spot. This should be done in low light, prefer- Fo 
ably at night, using a night vision device and . 
only looking at the beam impact point. Note 
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Instructions 

1. Turn key switch full ccw. Note switch has several positions—only two 
are used in this version. 

2. Remove CAP1 and insert 2 AA batteries into holder. 

3. Turn on key two positions cw and note LED lighting. If not check the 
battery holder. 


4. Adjust coliminator for desired effect. 
Coliminator assembly 
Note that coliminator will expand a 
the beam at near field but greatly 
reduce it at far field. Laser module ——s we 
may require beam adjustment over 
time using the special tool. |Z 


*e, CHAIN, .0® 




















Manufactured By 
INFORMATION unlimited 

PO Box 716, AMHERST, NH 03031 

Mode! Number 

Serial Number 

Manufactured Date 

This laser product conforms to the provisions of 
31 CFR 1040 10 and 1040 11 


LED’ = GAP 


VISIBL AND/OR INVISIBLE 
LASER RADIATION 

AVOID DIRECT EXPOSURE 
TO BEAM 


“ 30 Milliwatts @ 980 nn 


CLASS 3B LASER PRODUCT 


Compliance test 

1. Verify correct labels as shown 

2. Key switch—nonremoval in off position 

3. Beam indicator LED indicates after delay 
4. Aperture cap included 





WARNING: Do not under any 


circumstances point this device 
; , LAB2 
at people, vehicles, or especially 
aircraft. YOU WILL BE AVOID EXPOSURE 


PROSECUTED IF CAUGHT!!! INVISIBLE LASER RADIATION IS 
EMITTED FROM THIS APERTURE 


LAB1 





Figure 6-6 = Final assembly view 
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that the adjustment should be about !/2 to */s The collimator will expand the beam width but fa) 
turns from being fully tight for a mechanically decrease the divergence by the same ratio. This -_ 
stable operation. If it is too far out, the assem- greatly reduces the far-field beam diameter. 
bly will be loose. You may have to use a wire 
brush on the threads and lube with dry teflon 
for smooth action. You may compensate the 
distance between lenses by changing the : 
length of TUBEL. You may now glue LENI can be obtained through most hardware stores. 
in place as noted. 


Note that the laser module is at a wavelength of 
980 nanometers and is invisible to the eye. Also, note 
that most of the mechanical parts used in this project 
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Table 6-1 


Ref. # 
RI 


LED! 


LM1 


Sl 


BHI 


WR24 


WR22 


HOLD! 


SWI/NUI 


TUBL 


WASH 





Infrared Laser Parts List 


Description DB Part # 


220-ohms, !/i-watt 
resistor (red-red-br) 


High-brightness 
green LED 


30-milliwatt, 980- DB# LM980-25 
nanometer infrared 
laser module 


Key switch with 
nonremovable key 
in “on” position 


Dual, side-by-side two- 
AA battery holder 


12-inch #24 bus wire 


24-inch #22 vinyl hookup 
wire 


Fabricated holder with DB# HOLD! 
washer for laser module 


Two 4-40, 1.25-inch 
machine screws and nuts 


3 |-inech OD  .875-inch 
plastic or metal tube 


Two fabricated plastic 
spacing washers, |.5 OD 
with |-inch center hole 


ENI 6-inch X 1.625 OD X 1.5-inch 
ID plastic or metal tube 


CAP] 1/s-inch plastic 
slip on cap 


Parts for low-cost collimator 


LEN] 6mm X (-1) double- DB# LENS1I3 
concave negative 
glass lens 


LEN2 24mm * 75 mm DB# LE2475 
plano/convex glass lens 


*LTUBI1 625-inch LD X 2-inch 
schedule 40 PVC tube 


"ADMALEI 'f-inch PVC schedule 
4) slip fit to male thread, 
GENOVA 30405 


*ADFEMALE!  '/2-inch PVC schedule 
40 ship fit to female 
threads, GENOVA 30305 


*ACAPI Plastic cap and chain 
for aperture cap 
LAB] Aperture label 
LAB2 Classification label 
LAB3 Certification label 


* Available in most hardware stores 
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High-Voltage; 


—_ 


Driver 


Figure 7-1 shows that a universal, high-voltage, mod- 





ular power supply project will provide you with many 


options, This “sweetheart” of a circuit has features 
that make it a priceless tool for the high-voltage 
researcher and experimenter. 

rhe circuit operates on 11 to 15 volts DC, drawing 


+ 
5 


amps under a full load, allowing a portable battery 
or 115 volts AC via a converter. The output voltage is 
a 60 KHz, high-frequency current that is fully short- 
circuit protected. The high-frequency output also 
makes it possible to use low-energy voltage multi- 
plier stacks for high-voltage DC sources, and it can 
also serve as an excellent plasma driver when used 
directly. The output current is fully adjustable via a 
control pot. 

The unit is excellent for powering neon and all 
types of gas-filled vessels using one or two electrodes, 
or it can power objects simply by proximity. It easily 
retrofits to our voltage multipliers’ modules that pro- 
vide DC voltages up to 100 kilovolts and currents of 
up to .3 milliamperes. The current-limiting and con- 





Figure 7-1 


Completed assembly module 


51 


41gh 
“Module 


-Freqguency 


trol features make this combination an excellent 
choice for charging capacitors for low loss charging, 
utilizing 12-volt portable or 115 vac line operation. 
Also, the device is an excellent choice for powering 
large and small antigravity craft, ozone air purifica- 
tion, and other applications requiring a high-voltage 
current-controlled source. The module is shown built 
on both a rugged printed circuit board (PCB) and 

a vector perforated box, It is mounted in a plastic 


channel. 


The module is used for several projects in this 
book. In order not to waste a lot of space, we show it 
as a common subassembly for the following chapters: 


Chapter 12, “Electro-magnetic (EMP) Gun” 


¢ Chapter 32,“100-Milligram Ozone Machine” 


Electrical and Mechanical 
Specifications 


Open-circuit voltage, 7,500 peak at 60 KHz 


Short-circuit current, 10 milliamperes short- 
circuit protected 


Input 11 to 15 volts DC at 3 amps fully loaded 


e Adjustable current by duty-cycle-controlled 
pulse 


e Compact size,7 X 2'/s X 1's inches, weighing 
less than 5 ounces 


¢ Easily retrofits to our voltage multipliers 


This is an intermediate-level project requiring 
basic electronic skills and should cost between $25 
and $50. All parts are readily available. with special- 
ized parts obtainable through Information Unlimited 
(www.amazing].com), and they are listed in 
Table 7-1. 

High-voltage DC output is obtained from this 
module using a Cockcroft-Walton voltage multiplier 
with multiple stages of multiplication as required. 
Note that this method of obtaining high voltages 
was used in the first atom smasher that ushered in 
the nuclear age. 

The multiplier section requires a high-voltage AC 
source for input supplied by the circuit transformer 
(T1) producing 6 to 8 kilovolts at approximately 60 
KHz. You will note that this transformer is of a 
unique design, being owned by our company Infor- 
mation Unlimited. The part is very small, versatile, 
and lightweight for the power produced. 


Circuit Description 


The primary of T1 is current driven through inductor 
L1 and switched at the desired frequency by FET 
switch Ol. Capacitor C6 is resonated with the pri- 
mary of Tl and zero voltage switches when the fre- 
quency is properly adjusted. (This mode of operation 
is very similar to class E operation.) The timing of the 
drive pulses to Q1 is therefore critical to obtain opti- 
mum operation (see Figure 7-2). 

The drive pulses are generated by a 555 timer cir- 
cuit (11) connected as an astable multivibrator with a 
rep rate determined by the setting of trimpot R1 and 
the fixed-value timing capacitor C2. 

The timer circuit is now turned on and off by a 
second timer, 12. This timer operates at a fixed fre- 
quency of 100 Hz but has an adjustable duty cycle (a 
ratio of on to off time) determined by the setting of 
control pot R10, 11 is now gated on and off with this 


a 


controlled pulse now providing an adjustment of 
output power. 


When the unit is interfaced with a DC voltage 
multiplier, an over-voltage protection spark gap is 
placed across the output and is easily set to break 
down at a preset voltage level for circuit protection. 
Even though the output is short-circuit protected 
against continuous overload, constant hard discharg- 
ing of the output can cause damage and must be 
limited. A pulse-current-limiting resistor (R17) 
helps to protect the unit from these catastrophic 
current spikes. 


Power input is controlled by switch S1, which is 
part of control pot R10, Actual power can be a small 
battery- capable of supplying up to 2 amps or a 12- 
volt, 2 to 3-amp converter for 115-volt operation. 


Construction 


The circuit is shown using the more challenging per- 
forated circuit board often required for a science fair 
project. A printed circuit board is also individually 
available, requiring that you identify only the 
particular part and insert it into the respective holes 
as noted. The PCB is plainly marked with the part 
identification, and soldering is now very simple as 
you solder the component leads to the conductive 
metal traces on the underside of the board, 


The perforated board approach is more challeng- 
ing, as now the component leads must be routed and 
used as the conductive metal traces. We suggest that 
the builder closely follow the figures in this section 
and mark the actual holes with a pen before inserting 
the parts. Start from a corner, using il as a reference, 
and proceed from left to right. Note that the perfo- 
rated board is the preferred approach for science 
projects, as the system looks more homemade. 


Board Assembly Steps 


If you are a beginner it is suggested to obtain our 
GCATI General Construction Practices and Tech- 
niques. This informative literature explains basic 
practices that are necessary in proper construction of 
electromechanical kits and is listed in Table 7-1. 
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1. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors, as they have a color code to 
determine their value. Colors are noted on the 
parts list. 


2. Cuta piece of .l-inch grid perforated board to 
a size of 5 X 3 inches. Locate and drill the 
holes, as shown in Figure 7-3. An optional PCB 
is individually available (refer to Table 7-1). 


3. Fabricate a metal heatsink for Q1 froma 
piece of .063 aluminum, at 1.5 X .75 inches, as 
shown in the inset of Figure 7-4. 


4. Assemble L1 as shown in the Figure 7-4 inset. 
This part is individually available and listed in 
Table 7-1 


5. Ifyou are building from a perforated board, it 
is suggested that you insert components start- 
ing at the lower left-hand corner, as in Figure 
7-5. Pay attention to the polarity of the capaci- 
tors with polarity signs and all semiconduc- 


tors. Route the leads of the components as 
shown and solder as you go, cutting away 
unused wires. Attempt to use certain leads as 
the wire runs or use pieces of the #24 bus 
wire. Follow the dashed lines on the assembly 
drawing, as these indicate connection runs on 
the underside of the assembly board. The 
heavy dashed lines indicate the use of thicker 
#20 bus wire, as this is a high-current 
discharge path. 


Figures 7-6 and 7-7 show the available PCB, 
which is also listed as an available part in 
Table 7-1. 


Attach external leads as shown in Figure 7-5. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


These three holes for attaching optional multiplier board 
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|The circuit section is 4.8" x 2.9" .1 x .1 perforated board 
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. Drill eight .063" holes in this perforated section and 


Drill the three .125” holes for attaching to the optional multiplier board used for high voltage dc applications. 


Drill and drag the .125" slot as shown. This cutout and the enlarged holes are for mounting transformer rt. 


Hole diameters are not critical. 


Always use the lower left hand corner of perf board for position reference. 


Figure 7-3 ‘Perforated board — 
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High-Voltage, High-Frequency Driver Module 
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. (WR24BUSS) and component leads wherever 
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Thick dashed lines are direct connection runs Solid black lines are external leads for input and 
~ beneath board of #20 buss wire (WR20BUSS) and output lines. Use red (WR20R) for +12 input. 
are extended for the spark switch electrodes. Use green (WR20G) for lifter - connection. 
Use black (WR20B) for com -12 input 





Thinner dashed lines are #24 buss wire 

Use 1/8-3/16 wide smooth globular solder joints 

possible. for connections to C20A-J and D20A-J, R7 and 
HV output points. Thisis contrary to normal 


Triangles are direct connection point junctions. soldering but is necessary to prevent corona 


leakage. 
Figure 7-5 Wiring connections and external leads pose = : 
Fabricate a channel from a piece of !/is-inch , 
plastic material, Place it in the assembly and Testing Steps 
secure it at the corners using silicon rubber 
adhesive. You may also enclose it in a suitable This step will require basic electronic laboratory 
plastic box. equipment including a 60 MHz oscilloscope. 
This step may not be required when used for 1. Preset the trimpot R1 to midrange and R10 to 


i 
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another project referenced in this book. full counterclockwise. Short out the output 


leads using a short clip lead. 


2. Obtain a 47K, 1-watt resistor and construct 
the spark gap “dummy load,” as shown in 
Figure 7-2. 


3. Obtain a 12-volt DC, 3-amp power converter* 
or a 12-volt, 4-amp rechargeable battery.* 
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IMAGES 


SCIENTIFIC INSTRUMENTS 


(800) 230-4535 
Home Product Menu 





Site Map Contact Us Shopping Cart 1°ading 





New Book 
Digital Kirlian 


PHOTOGRAPHY Photography 
How-to Guide 





Kirlian Photography Device New Kirlian Photography Book Limited Edition Kirlian Prints 


Building a Simple Kirlian Photography Device 


The Kirlian device we are building uses a HV transformer. It is battery powered, but don't let that lull you into a false 
sense of safety. The Kirlian device generates pulses of high voltage that can provide a nasty shock. Still an 
advantage of being battery powered is portability. 


In addition we will build a transparent electrode that allows one to use a standard camera (with bulb setting) to 
capture Kirlian images. 


The schematic is shown in Figure 2. A completed circuit can be seen below the schematic. This is a simple manual 
device. It uses very few components. You would be hard pressed to find a simpler device that works as well. The 
prototype is built on a single piece of wood measuring *" x 10" x 34" thick (see photo). The batteries B1 and B2 are 
67.5-volt photo (instrument) batteries wired in series to produce 135 volts. 


a, 









Information Unlimited 
Model : GRA/IOG Amazing1 . com 


Figure 7-6 PCB part identification 


4. 


Connect the input to the power converter 
and connect the scope, set to read 100 volts 
and with a sweep time of 5 usecs, to the drain 
of Ol. 


Apply power and quickly adjust R1 to the 
waveshape shown in the inset of Figure 7-2. 
Note an input current dip of 100 milliamps or 
less. Check the heatsink of Q1, noting only 
warm to touch or slightly above 110 degree F. 


Note our laboratory-built units usually tune in 
with the pot set to 11 o'clock. 


6. Remove the clip lead short in step 9 and con- 
nect the dummy load. Apply power and rotate 
R10 clockwise, noting the input current 
smoothly increasing to 1.5 amps and the spark 
increasing in energy. This control varies the 
ratio of off to on time and nicely controls the 
system current. Note that this system can eas- 
ily provide 30 watts of usable power. 
Table 7-1 High-Voltage, High-Frequency Driver 
Module Parts List 
Ref. # Description DB Part # 
RI 10K vertical trimpot 
R2, R4 Two 10-ohm, !/s-watt resistor 
(br-blk-blk) 
R3,5,8,9 Four IK, '/4-watt resistor 
(br-blk-red) 
R7 47K. |-watt resistor 
(yel-pur-or) 
R1O/SI 1OK. 17 millimeter pot 
and switch 
Cl 100-microfarad, 25-volt 
vertical clectroradial leads 
C2 -0022-microfarad, 50-yolt 
green plastic cap (222 
C3. Fwo .01-microfarad, 50- 
volt disks (103) 
C4 |,000-microfarad, 25-volt 
vertical electrolytic capacitor 
C6 .22-microfarad, 250-volt 
metallized polypropylene 
cy |-microfarad, 25-volt 
vertical electro cap 
C7 -l-microfarad, 50-volt 
cap, INFO#VG22 
D3.4 Two IN914 silicon diodes 
Dil One PKE15, 15-volt 


transient suppressor 
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Figure 7-7 PCB foil traces 


DI2 


Ol 


J1,2 


PBOARD 


PCGRA 


WR20R 


WR20B 


WR20G 


NLL 
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1N4937 tast-switching 
|-kilovalt diode 


IRFS40 metal-oxide- 
semiconductor field effect 
iranststor (MOSFET) 
transistor TO220 


Two 555 DIP timers 


7-kilovolt, LO-milliamp 
mini-switching transformer 


6 uH inductors 

(see text on assembly) 
5 x 2.8 x .1-inch grid 
perforated board; build 
to size per Figure 7-2 


Optional PCB 


12-inch #20 vinyl red wire 
for positive input 


12-inch #20 vinyl black 
wire for negative input 


12-inch #20 vinyl green 
wire for oulpul ground to 
craft return 


DB# IU28K089 


DB# IU6UH 


DB# PCGRA 


WR20KV 


WR20BUSS 


WR24BUSS 


HSINK 


SW! 
NUT 


12DC/7 


BATI2 


BCI2K 


GCATI 


Four 20 kilovolt silicon 
high-voltage wires for output 


18 inches of #20 bus wire for 
spark gap and heavy leads 
(see Figure 7-5) 


12 inches of #24 bus wire 
for light leads (see Pigure 1-5) 


1,5 ¥ 1-inch .63 AL plate 


created as per Figure 7-4 
One 6-32!/2 Philips screw 
Four 6-32 keep nuts 


115 VAC to 12 VDC, 
3-amp converter 


12-volt, 4-amp, hour 
rechargeable battery 


Battery charger kit 
for above BATI2 


GENERAL 
CONSTRUCTION 
PRACTICES 


DB# 12DC/7 


DB# BATI2 


DB# BCI2K 


DB# GCATI 
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+ Negative lon 


—_ 


—_ 


Figure 8-1 shows a new concept in negative ion gen- 
eration. A spinning rotor powered by the emitted 
ions themselves generates copious amounts of bene- 
ficial ions. Large volumes of ions can now be pro- 
duced, as the area circumscribed by the rotor greatly 
reduces the local charge flux. This feature allows 
many times more ions without ozone-producing 
voltages. 

Negative ions are highly beneficial and cause a 
sense of well-being. as well as rid the air of pollen and 
other breathable irritants. This is an excellent device 
for people suffering from asthma and other bronchial 
problems. It is also a nice conversation piece with a 
desktop unit’s spinning rotor silently reaching a rela- 
tively high rotational velocity. The device operates 
from 115 VAC/12 VDC or a battery. The project 
utilizes a 25-kilovolts negative output power module 


requiring 12 volts DC at 500 milliamps along with our 


proprietary rotating emitter. 
This is a beginner- to intermediate-level project 
requiring basic electronic skills, and one should 


r ) | } 


Figure 8-1 





The ion machine 


Reaction-Emitt 





expect to spend $25 to $50. All the parts are readily 
available, with specialized parts obtainable from 
Information Unlimited (www.amazing1,com), and 
they are listed in Table 8-1. 


Precautions: Do not use this device in explosive or 
flammable atmospheres, as spark discharges may 
cause dangerous ignitions. 


Benefits of Negative lons 


In the last several decades, a medical controversy has 
evolved pertaining to the beneficial effects of these 
minute electrical particles. As with any device that 
appears to affect people in a beneficial sense, there 
are those who sensationalize and exaggerate these 
claims as a cure for all aliments and ills. Such people 
manufacture and market these devices under these 
false pretenses and consequently give the products an 
adverse name. The Food and Drug Administration 
now steps in on these claims, and the product, along 
with its beneficial facets, goes down the tubes. 

People are affected by the property of these parti- 
cles, which increase the activity rate of cilia, whose 
function is to keep the trachea clean from foreign 
objects, thus enhancing oxygen intake and increasing 
the flow of mucus. This property neutralizes the 


effects of cigarette smoking, which slows down this 
activity of the cilia. Hay fever and bronchial asthma 
victims are greatly relieved by these particles, and 
burn and surgery patients are relieved of pain and 
heal faster. 

Tiredness, lethargy, and general worn-out feelings 
are replaced by a sense of well-being and renewed 
energy. Negative ions destroy bacteria and purify the 
air with a country-air freshness. They also cheer peo- 
ple up by decreasing the serotonin content of the 
blood. As can be seen in countless articles and techni- 
cal writings, negative ions are a benefit to humans 
and their environment. 


Negative ions occur naturally from static electric- 
ity, the wind, waterfalls, crashing surf, cosmic radia- 
tion, radioactivity, and ultraviolet radiation. Positive 
ions are also produced from some of these phenome- 
non and both of them usually cancel each other out 
as a natural statistical occurrence. However, many 
manmade objects and devices have a tendency to 
neutralize the negative ions, thus leaving an abun- 
dance of positive ions, which create sluggishness and 
most of the opposite physiological effects of its nega- 
tive counterpart. 

One method for producing negative ions is by 
obtaining a radioactive source rich in beta radiation 
(negative electrons). Alpha and gamma emissions 
from this source produce positive ions that are neu- 
tralized electrically. The resulting negative ions are 
directed by electrostatic forces to the output exit of 
the device and are further dispersed by the action of 
a fan (this method has recently come under attack by 
the Bureau of Radiological Health and Welfare for 
the use of tritium or other radioactive salts). This 
approach appears to be the more hazardous of the 
two according to the Consumer Product Safety 
people. The second method is to produce a potential 
level of negative high-voltage electricity without 
ozone and allow the creation of negatively charged 
particles by the high voltage. 

Your negative ion generator produces ions via a 
high-potential, low-current source of DC power. The 
high potential causes negative charges to be pro- 
duced at the sharp emission points of the rotor blade. 


oe 


The reactionary force of the emitted particles now 
causes the rotor to spin, allowing these negative ions 
to escape into the air stream due to the high-charge 
density at the sharp, pointed rotor tips. (The point of 
a pin will have a much higher charge density than a 
larger diameter spheroid for the same potential.) 
Ozone is kept at a minimum by keeping the voltage 
relatively low while allowing a sufficient charge den- 
sity lets the negative particles escape into the air. 


Circuit Description 


The circuit (MOD25KV) consists of a high- 
frequency, high-voltage oscillator being fed into a 
multistage Cockcroft-Walton multiplier. This energy 
is converted into a potential of up to a negative 
25,000 volts. The high-frequency stage consists of a 
transistor connected as a simple oscillator where its 
collector drives the primary winding of the resonant 
transformer (T1). 


The high-frequency output of T1 is fed into a volt- 
age multiplier stage consisting of a diode string (D1 
to DS) and a capacitor string (C1 to C5). A 12-volt 
DC wall adapter (T2) powers the unit. A separate 
ground is required for optimum performance and 
involves connecting the negative 12 volts to earth 
ground. This is done by connection to the AC recep- 
tacle plate or ground pin. This ground provides a vir- 
tual ground for the ions. 


A charge concentration occurring at the ends of 
the rotor blade’s points now produces ions, and reac- 
tionary forces move the rotor at a high speed. lons 
are produced at a high rate as the effective emitter 
area is equal to that of the rotating rotor. Also, charge 
neutralization is minimal using this method and a 
high ion current is generated. 

The output of the unit can be approximated by the 
fact that a Coulomb charge equals the current multi- 
plied by the seconds. There are also 6.25 x E18 nega- 
tive chargers per Coulomb and the maximum current 
to the emitters is 400 microamps. Therefore, the unit 
can produce 6.25 X E18 X 200 X E-6 = 2.5 * 10EI5 
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Black input lead should be earth 
grounded if using a wall adapter 


DRIVER 





12 vde input 
Red 















OUTPUT / jon Emitters 










Schematic 





















Input Watt (No load 


Output Configuration 


Internal Operating Frequency 


Input Voltage 


Input Current (No load) fee. * 
Input Current (load) 
) 


BODE 


input Wat oad) RE Tite! ween 
Single Ouipat_| J 


Negative 25 kvDC output 








Use a 12 vde/.5 amp DC wall adapter or other suitable power supply. 
Always check entire system for any excessive heating. 


Figure 8-2 = Circuit schematic 


negative charges per second. This is usually sufficient 3: 


for a large room. 


4, 
Assembly Steps 
1. Lay out and identify all parts and pieces. 
Verify them with the parts list. 
2. Carefully fabricate the rotor blade as shown “ 


in Figure 8-3 and note that it must be bal- 
anced for optimum rotational velocity and ion 
emission. 


Position a common plastic pushpin (PIN1) 
and hot glue or epoxy to the module as 
shown. Glue is more forgiving if should you 
ever wish to replace the pin. 


Carefully strip about */s of an inch of insula- 
tion from the output lead. Tin and solder it to 
the bottom of the actual pin. This connection 
point must allow complete clearance of the 
entire bearing section of the rotor assembly 
when in place. 


Wire up the wall adapter (T2) and ground the 
lead using (WN1) wire nuts, as shown in 
Figure 8-4. 


ee 
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How It Works 

lons emit from the pointed ends of rotor due to 
a high potential voltage gradient causing charge 
repulsion. These ions move at a moderate 
velocity and produce a reactionary force 
causing the rotor to spin at high speed. 


Hot melt glue or epoxy 





Glue piece of plastic as shown 


to prevent sparking 7 


Fabricate the ROTOR as shown in actual size 

(use as a template). Fabricate from a thin sheet 
metal. Pin prick exact center for needle bearing stud 
and nut. Rotor must be perfectly balanced to reach 
high rotational speed. 


Note: Discharge lead may be used to “freeze” rotor 
motion by allowing a spark discharge to moving 
piece. Do in low light for maximum effect. 


Black e ROTOR 








NUT6 


Red 





Produces a high rotational 

speed along with a very Bearing 
noticable force field easily 

felt at several feet! 


Figure 8-3 Isometric view of the overall unit 


6. Glue on the CS1 charge shield plate to pre- place a piece of paper near the base of the unit and 
vent premature sparking to the metal heatsink note the force field generated that tries to pull the 
of the module. Also, stick on the rubber feet. paper. 


7. The unit is perfectly usable. However, you 
may want to enclose it in some sort of plastic 
box. Always use good ventilation and make 
sure the box is large enough or about 1!/2 
times the diameter of the rotor. 


8. Find a suitable location, such as a nonmetallic 
table, to place the unit on. Place the rotor 
blade on the pin and verify it is unobstructed. 
Then connect the grounding lead to the recep- 
tacle mounting screw and plug in the T2 
adapter. The rotor should begin rotating and 
quickly reach a high speed. 


Notes 


lons are now being emitted into the air and can easily 
be detected by holding a fluorescent tube or a small 
neon indicating lamp (LA1) near the unit, noting a 
flashing. This must be done in the dark. You can also 
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Negative Ion Machine Reaction-Emitting Rotor 
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Table 8-1 Negative lan Machine Parts List 


Ref. # Description DOB Part # 


MODULE _ Negative 20-kilovolt DB# MOD20KV 
module reworked 


T2 (2-volt DC, 500-milliamp DB# 12DC/5 
wall adapter 


ROTOR Metal fabricated rotor DB# ROTOR 
PIN Common plastic pushpin 


BEARING | #6-32 threaded standoff 


NUT6 6-32 hex nut 

CS1 21a % 1'/2-inch-thin, '/16 
to /s-inch-thick plastic 

WN! Small wire nuts 

FEET’ Four stick-on rubber feet 
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Kirlian photography uses cold electron emission to 
expose a photographic film, Cold electron emission is 
the result of electrons accelerating in an electric field. 
These accelerated electrons ionize the air and recom- 
bine producing ultraviolet light that is mostly invisi- 
ble to the naked eye. This phenomenon is commonly 
known as corona. Many living objects are claimed to 
emit this radiation that will vary according to the 
health and condition of the object being exposed. 
This in itself is now subject to scientific research in 
material analysis. A more “psychic application” can 
be seen in the practice of radiation being referred to 
as an aura and being dependent on other more meta- 
physical functions. This project describes a simple 
method of producing Kirlian images of small objects 
and is an introduction to those who want to explore 
this interesting field. Kirlian imaging ranges from the 
psychic to materials analysis. Often it is used for 
experiments in which it is claimed that objects all 
possess a unique aura signature. This depends on the 
subject’s mental makeup and condition at the time. 
Basically, it is a form of corona discharge that occurs 
as a precursor to a dielectric breakdown by most con- 
ductive objects when placed in a high-frequency, 
high-voltage field. Corona is a form of electrical leak- 
age occurring without actual air breakdown such as a 
spark discharge. A corona discharge possesses ultra- 
violet emissions that easily develop film and thermo- 
graphic paper, producing an image print. 





This is an intermediate-level project requiring 
basic electronic skills and one can expect to spend 
$25 to $50. All parts are readily available, with spe- 
cialized parts obtainable through Information Unlim- 
ited (www.amazing|.com). The parts are listed in 
Table 9-1, 

The system is simple and built from readily avail- 
able parts (see Figure 9-1). The builder may deviate 
from what is shown as long as the basics are adhered 
to. The system requires a high-voltage, high- 
frequency module, as shown in Chapter 10 where 
it will be used to supply the burning plasma for the 


plasma pen project. 





Figure 9-] 


A complete unit 


Solder connection to copper plate s 
must be on the edge so as not to 

interfere with placement of the film 
and holding frame 




















an Copper plate of foil electrode 
Note that the at x44 protective DIELECTRIC 


PLATE is not shown is this view 4 





WRFLEX 


SILICON 
RUBBER 


Enhancer 


wall adapter 


12 volt grounded Push button control switch. Sleeve in rubber 


tubing to prevent annoying radio frequency burns 


Figure 9-2 = /sometric of the image base and charge plate 


idea to cover the entire body of $1 except the 


Assembly Steps plastic actuator; any contact to metal will 
result in small, very annoying burns. The wall 

If you are a beginner, it is suggested to obtain our adapter recommended has a third pin being 

GCATI General Construction Practices and Tech- an isolated ground for the high-frequency 

niques. This informative literature explains basic return. 

practices that are necessary in proper construction of 


electromechanical kits and is listed in Table 9-1. 


Testing Steps for the Circuit 


1. Assemble the driver module, as shown in Fig- 
‘i) ures 10-2 and 10-3 in Chapter 10. Verify 
= proper operation before using. These steps usually will not require any special test- 


‘ ne ing equipment. 
2. Assemble the image base, as shown in Figures wii’ 


9-2 and 9-3. The dimensions as shown are not 1. Power up the unit and activate $1. Place your 
critical. finger on the insulated plate and note a bluish 
corona discharge occurring under your finger. 
You may feel some heat or a tingling sensa- 


3. Mount the driver module and solder the out- 
put lead as shown. Route the input and high- : 
voltage return lead to the ENHANCER. tion. Try this for only up to 20 seconds. 


4. Wire the pushbutton switch ($1) to the wall 2. Obtain some thermographic fax paper and 
place it on the dielectric plate. Place your fin- 


adapter transformer (T2). The output wires of ; ee 

T2 are polarized with the lead containing the ger on the paper and Goer the circutt for 

white trace, usually the positive. It is a good 10 to 20 seconds. You will note an image on 
the paper. 


i 


66 MORE Electronic Gadgets for the Evil Genius 


Discharge 
Plate 





Solder 


1/2" metal tape i” 


Dielectric 
plate 








Silicon rubber 


— 


a 
2X 2X 1/4 piece of plastic 


Enhancer Plate 


ee ee ee 


mm ry me mm nn a yc ee ee ee ee ne 


Electrode 
Base 


Figure 9-3. /mage base and charge plate 

Try it again with a metal object such as a coin 
on the dielectric plate and place the enhancer 
on the object. Push the button for 5 to 10 sec- 


onds and note an image forming. 


3. You can upgrade your image to an actual 
photograph by using actual camera film. The 
old Polaroid 600 or other similar instant film 
will work. You must work entirely in the dark 
to avoid film exposure to any ambient light. 
The objective is to place the film on the 
dielectric plate along with the object to 
be photographed and the enhancer placed 
on top. 


Notes 


You will note that a few variables here can affect per- 
formance: the output voltage of the driver module 
and the dielectric plate’s thickness and dielectric 
properties. The dielectric plate is important because it 
must form a high enough capacity between the object 
and the contacts to allow an adequate corona current 
to flow to create an image. The thinner the plastic 


Flexible test probe lead 


film and fax paper in place on dielectric plate. 
Fabricate from s plasic strips and glue at 
corners 










> x 31" plastic rigid frame to hold 


dielectric plate, the more corona current. However, 
you must not allow a breakdown to occur by using 
material that is too thin, as this can produce a painful 
burn. 

Many different sources of information, including 
some excellent books, are available on the applica- 
tions, methods, and uses of Kirlian photography. You 
are encouraged to continue to investigate this 
unusual electronic phenomenon. 
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Chapter Nine 


Table 9-1 Kirlian Imaging Parts List 


Alef, # Description OB Part # 
DRIVER Driver module DB# MINIMAX7 
from Chapter 10 
BASE 6 < 7-inch plastic piece, 
formed as shown in 
Figure 9-2 
COPPER 4 < 4-inch, thin piece 


ELECTRODE of copper 


DIELECTRIC 55 X .02-inch piece of 


PLATE polypropylene sheet DB# POLY P20 
PLASTIC 
PLATE 2 * 2 X '/s-inch plastic plate 
TAPE Four inches of '/2-inch 
solderable metal sticky tape 
FEET Four sticky rubber feet 
T2 12-volt, 1.5-amp DB# 12DC/1.5G 
groundedadapter 
with third pin 
FRAME Four strips of '/s-inch plastic 
PIECES to fabricate the frame as 


shown in Figure 9-3 


WRFLEX 12 inches of flexible test 
lead wire 
$1] Push-button switch reworked 


as shown to prevent burns 


GCATI1 General construction DB# GCATI 
practices 
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Plasma Etching: 


— 





A plasma pen uses high frequency, high voltage to 
burn or etch permanent markings into many different 
materials (see Figure 10-1). With a little practice, the 
user can create many intriguing designs of fine, lace- 
like etches. Names and other text can easily be etched 
into almost any organic material. Wood, paper, plas- 
ties, pumpkins, gourds, eggs, and leaves can all be 
marked with fine and fancy designs or inscriptions. 
The pen’s other applications include Kirlian photog- 
raphy, aura enhancing, and magically lighting house- 
hold fluorescent and neon tubes, all without any 
connecting wires, providing a great magic act. You 
can also use this for plasma experimentation or even 
removing warts. 

This is an intermediate-level project requiring 


All 


basic electronic skills. Expect to spend $25 to $35. 





Figure 10-1 


Photo of assembly 





parts are readily available, with specialized parts 
obtainable through Information Unlimited 
(www.amazing].com), and all of them are listed in 
‘Table 10-1. 

The system is shown in two parts: the power driver 
and the pen or etching section. These are connected 
together via a suitable, flexible, high-voltage wire. The 
power driver consists of the electronics module and 
the internal batteries for portable use. A jack is pro- 
vided for external use from a 12 VDC wall adapter or 
another suitable source. This section is housed in a 


tubular enclosure with plastic end caps as shown. 


Driver Circuit Description 


The circuit is a frequency, high-voltage oscillator that 
consists of transistor Q1 connected as a simple oscil- 
lator where its collector drives the primary winding 
PRI of the resonant transformer T1. Feedback is 
obtained via a second winding (FB) and fed to the 
base of Q] through a current-limiting resistor (R1). 
Resistor R2 biases Q1 into conduction and initiates 
the oscillation (see Figure 10-2). 

Capacitor C3 speeds up the turn-off time of O1, 
while resistor R3 and capacitor C5 provide a filter to 
prevent oscillation at the self-resonant frequency of 


TL. Resonating capacitor C4 resonates the transformer 
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Output 





WAVESHAPE AT TP4 


24-30 


20-30 uses 


Figure 10-2 = Circuit schematic 


to around 35 KHz. The current-limiting inductor L.1 
limits the short-circuit current to a noncatastrophic 
value, and capacitors Cl and C2 bypass any signal 
to ground, 


Driver Circuit ASsembly 


——_-e——————_—--—— EE 


Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on the 
parts list. 


Obtain the available printed circuit board 
(PCB), as shown in Figure 10-3, or fabricate a 
piece of perforated circuit board to the PC as 
laid out on the PCB. Note the size of the PCB 
is 34/2 X 1%/s inches and contains the silk 
screening that shows the positioning of the 
mounted parts. 


If you are building from a perforated circuit 
board, it is suggested that you insert the 
components starting in the lower left-hand 
corner. Pay attention to the polarity of the 
capacitors that have polarity signs and all 
semiconductors. Route the leads of the com- 
ponents as shown and solder as you go, cut- 
ting away unused wires. Attempt to use 
certain leads as the wire runs and follow the 
foil traces on the drawing as these indicate the 
connection runs on the underside of the 
assembly board. 


Insert the components as indicated by the 
silk-screen printed identification numbers and 
compare this with the bill of materials. Attach 
three 6-inch, #22-20 leads as shown for the 
input power (P1, P2) and an external high- 
voltage return. Also attach a high-voltage lead 
to the output as shown. Note that this lead 
must be selected for the required length. Use 
a silicon, 20-kilovolt DC wire or an equivalent. 
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High voltage return 


Note the ground lead that connects to the 
metal frame under the screw head as shown. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Cut the metal bracket (BRK1) from a piece of 


.062 sheet aluminum and make the final 
assembly, as shown in Figure 10-4. Note that 
the metal tab of Ol must be insulated from 
the bracket as shown on the mounting 
scheme. This piece is also the heatsink for Q1. 





+12 vde 
Frame ground lead HVoutput 
Figure 10-3 Assembly board 
MORE Electronic Gadgets for the Evil Genius 71 


Driver Board Testing 


This step will require basic electronic laboratory 
equipment. A 60 MHz oscilloscope is suggested. 


1. 


Obtain a 12-volt DC source, preferably with a 
volt and ammeter. Leave the output leads as 
open circuit and apply power. Note a current 
draw of less than 250 milliamps. If you have a 
scope, observe the waveshape at the collector 
of Q1, as shown in Figure 10-2. 


Contact the high-voltage output lead to the 
bracket and note that you can draw a !/2-inch 
arc with the input current going to 1 amp. This 
completes this module. 


AMPINILED 
IVEOKAVLIOU 












Ground lead frame 
hea 


HV ground return 


SW1 Nylon screw 


i, MICA washer between Q1 and panel 
Be. Qi 
(e, NU4 
er @., 


Qi mounting scheme ~~ ‘: 
for insulating BRK1 bracket ~ 


Figure 10-4 Isometric of assembly 


Mechanical Assembly 


You will need some basic cutting tools for the 
following steps. 


ie 


evry ee eee ee _ eee Sn ee 
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Fabricate TUB2, as shown in Figure 10-5, and 
then make the caps CA1 and CA2 for passage 
of the output leads and for switch $1, jack J1, 
and indicator lamp LA1, 


Insert the components and wire them up as 
shown. Note the current-limiting resistor R10. 
The exiting leads should be tied in a knot to 
relieve any strain. 


Assemble the pen section as shown and solder 
the lead to the brass POINT. Shim the lead 
and POINT, and mechanically secure them in 
place. 


Sample Demonstration 


1, Obtain a4 X 6-inch square piece of !/:-inch 
masonite plywood, as shown in Figure 10-6. 
Moisten it with a sponge and place it on top of 
an approximately equal-size metal plate 
attached to the ground lead. 


2. Contact the surface with the plasma pen and 
note the burning action. Experiment for the 
best results with other materials. 


Note that your pen will light fluorescent lamps in 
your house just from its proximity to them, and it can 
also be used for Kirlian photography. 
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Switch $1 selects either internal batteries or external 12 volts, jack J1 is for the external 12 volts. LED 
indicates when the system is powered up. Resistor R1 limits the LED current. These components are 


mounted on the rear cap CAP2. 

















12 volts to MODULE 





-12 
Wring of enclosure. Use #24 vinyl hook-up 
wire for connection. 


















High-volt return 


The POINT can be a 1/5 to 1/4 brass rod that can be soldered to. The SHIMS can be rubber tubing that 
strain relieve and position the feed lead and burning point. TUBE1 can be a 3/8" diameter plastic tube. 


Figure 10-5 Final enclosure and wiring 






T2 wall adapter is a grounded 12 volt, 1.5 
amp for external power or use BAA 1.5 


volt alkaline for internal use 





~ METAL PLATE 





For optimum performance, use a piece of mansonite, thin wood, etc. 
Place on top of metal plate connected to the high-voltage ground lead. 
_ You may moisten the beginning area to start the etch. _ 


Figure 10-6 Sample demonstration 
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Table 10-1 Plasma Etching and Burning Pen BRKTI Create as shown in Figure 10-4 
Parts Ust TUBE2 — 12. 2-inch ID schedule, 40 PVC 
tubing 
Ref. #  Oescription DB Part # TUBE] X %+inch ID length of plastic 
Rl 220 ohms, | watt (red-red-br) tubing 
R? 1.8K, '/s-watt (br-gray-red) CA1,2 Sees flat-end caps for 
R3 27 ohms, '/1-watt (red-pur-blk 
a ORR IES POINT 's  3-inch brass rod filed to shape 
cl !,000-microfarad, 25-volt vertical : _ 4 
electrolytic capacitor LAI Light-emitting diode (LED), 
any color 
C2 .]-microfarad/50-volt small, plastic, 
Gaeliar , RIO 220 '/s-watt resistor (red-red-br) 
C3 .068-microfarad, 50-volt plastic CLI Batsery snap clip 
capacitor (683) BHS Eight-AA-cell battery holder 
a I-microfarad, 250-volt metallized Sl Single pole, double throw (SPDT) 
foil large, blue, plastic capacitor small toggle switch 
cs 047-microfarad, 100-volt plastic JI Chassis-mounting DC power jack 
capacitor (473) 
WR24 48-inch, #24 vinyl hook ire 
6,7 ‘Two 25-picofarad, 6-kilovolt ceramic TA Seater ee 
capacitors or a single 50-picofarad, WR20 24-inch, 20-kilovolt, silicon, 
6-kilovolt unit high-voltage wire 
Ql MJE3055T TO220 power tab NPN NEONX21. Assembled high-voltage module 
transistor (see Figure 10-3) DB# NEON21 
Tl Special high-frequency transformer DBi# 28K089 Oe ee a Pe ee ee on 
WR20 24-inch #22-20 vinyl stranded 
hookup wire 
PCMTC MTC3 printed circuit board or use 
a3'/2 x If & .1-inch grid perf 
board DB# PCMTC 
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How to Electri 


y 
and Vehicles 


Figure 11-1 shows two board-level devices capable of 
producing electrical shocks. The larger circuit gener- 
ates low-energy, 20,000-volt pulses similar to an auto- 
motive ignition system. Although these pulses are 


nonlethal, they can still be very painful when contacted. 
The smaller circuit generates a steady 5-milliamp, low 


current at 2,000 volts. By itself, it is not lethal but 
again can produce a painful shock. If the output is 
allowed to charge a capacitor to a sufficient energy 
level, then the rules change and a potentially lethal 
situation exists. This level usually is any value over 25 
joules as computed from W (joules) = half of C 
(capacitance in farads) X V? (in volts) that the 


capacitor is allowed to charge too. 





Figure II-1 


Photograph of devices 
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Objects 


Caution: The use of electrification to prevent 
human intrusion is illegal. This application is legally 
referred to as “man trapping.” Consult legal advice 
before using this if human contact is intended! 


maker or having a known physical condition to any 
form of electrical shock. 


Data shows how to use several shocking systems 
with different types of outputs and applications. Even 
though the energy levels may be well below dangerous 
levels, secondary reactions can cause severe injury. 
Use caution if intended for human contact, and never 
connect the DC output version to a capacitor as a 
lethal charge may exist. 

The following information is intended to serve as a 
guide to those contemplating using our equipment or 
other devices capable of producing a mild, severe, or 
possibly lethal electric shock. Any device of this 
nature, if used against people, may be considered a 
potential weapon. Remember that what may be a 
mild shock to one person could be harmful to another. 
Secondary effects, resulting from involuntary action, 
must also be considered. 

The devices sold are intended for laboratory 
experiments or for use against animals. They should 
only be used for intimidation purposes to prevent an 
encounter. Human contact must be totally justified, 


as serious consequences can result from the illegality 
of their use. 


Even though our electronic devices provide an 
average current below what is considered lethal to the 
average person, circumstances such as a person’s heart 
condition or other physical parameters can influence 
both the immediate effect and after contact reaction. 


Table 11-1 shows certain effects from various 
electrical currents. Remember that the indicated 
current must have an appropriate voltage behind it to 
flow through a given resistance, such as the human 
body. When working with sources that have storage 
capacitors (especially dangerous sources), one must 
take into account the high peak current that can 
result for a period of time and result in possible 
electrocution if this duration of time is sufficient. 


Table 11-1 Electrical current scale 


Voltage Degree of pain Examples 

OL to 1 ma Tingling to Static electric shocks 
annoying 

lto5ma Annoying to Spark plugs, TV picture 
painful tubes, trip current of GFI 

5 to 20 ma Painful to very Oil burner ignition, bug 
painful killers, stun guns 

20 to 50 ma Very painful to Neon sign transformer, 
possibly lethal old tube radios 

50 to 100 ma Possibly lethal Low-powered 
to lethal transmitters, capacitor 

charges for lasers 
L100 to 500 ma Lethal to deadly = Medium-powered 


transmitters, laboratory 
power supplies 


§00 matolamp Deadly, with Electric chair, 220-volt 
(+) usually no second house current under 
chance certain circumstances 


Supplementary Electrification 
Data and Information 


The following information explains how to place an 
electrical charge on an object to protect against animal 
damage. intrusion, or theft, and the construction of 
several energy sources is referenced. These must be 
treated with caution and never be used on human 


beings without proper discretion due to potential 
injury or electrocution. Accidental contact must also 
be avoided. Many laws unfortunately are made to 
protect the criminal, and therefore any attempt made 
to protect oneself or property using these devices 
could result in a suit by the criminal if he or she can 
prove injury. 

The methods for electrifying objects and areas will 
be shown as several examples that the user may adapt 
to his or her own needs. To successfully electrify, an 
object requires the following conditions to exist. Note 
that the following pertains to flowing electric current 
and not to static or super-high voltages. Figure 11-2 
provides the basic explanation. 


e The object of contact must be of a conductive 
nature such as metal, conductive paint, or wet 
ground. 


¢ The subject (the intruder or animal) must 
supply the link to complete the circuit; that is, 
his or her physical extremities must come in 
contact with the object, along with a second 
common surface such as the ground, water, or 
another object anticipating simultaneous con- 
tact. No current flows unless contact is made 
to complete the circuit by the subject physically 
touching the object. 


e The electric current flows from the +lead of 
SOURCE to the —lead. In doing so, it flows 
from the object to the point of contact by the 
subject to the ground and back to SOURCE via 
the —lead. This produces a current flow through 
the subject, developing an electrical shock. The 
severity of this shock is dependent on: 


* How well the ground will conduct this 
current (wetness, mineral content, and 
so on) 


e ‘The electrical parameters of the SOURCE, 
that is, the voltage and available current to 
support this voltage 


The source of electrical energy is a form of a power 
supply made to generate a sufficient voltage to force 
the desired flow of current through the subject when 
contact is made. This can take on many different 
forms depending on the applications and the desired 
results. If a system was built to kill a human being, a 
power supply with a current supply capability of '/2 to 
20 amps would be necessary to support a voltage high 
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Figure 2 





If the photo batteries are not available you may want to try wiring 10 or more 9-volt batteries in series. The 
discharge will not be as intense, but it will work. Another option is to take the output from a 120V/24V step down 
transformer connected to a voltage quadrupler. With the 24V (AC) output wired to a voltage multiplier (4x), the unit 
should produce about 100 volts that can be used for the power supply for this Kirlian device. 


The capacitors Ci-C4 are wired in parallel as shown in Figure 2. 


The transformer Ti is a high voltage auto-transformer. Auto as in self-inductive, not auto, like automobile. The T1 
transformer has three wires coming out of it: two enamel wires and one green insulated wire from the center. The 
green insulated wire is the high voltage wire that connects to the discharge plate. The two enamel wires are the 
primary wires that are connected to switch SW1. There is no polarity with the enamel wires. So it doesn't matter 
which enamel wire is connected to the switch, and which is connected to the capacitors. Either way the circuit will 
function properly. 


Hot lead 








SOURCE 


Metal grounding stake 


Figure l-2 Electr fication principle 

enough to cause this current to flow, usually several 
thousand volts. (These parameters are similar to 
those used in electric chairs.) Currents of more than 
‘fo of an amp are considered lethal to the average 
human under certain circumstances, '/100 of an amp 
produces intense pain, and '/i,000 of an amp is felt with 
no difficulty and is very annoying. 







Metal can 


Ground should be moist, 
with vegetation such as 
No grass or can be sections 
of wire pieces (simulated 
ground) for dry areas. 


similar object 





Object must be 
insulated from 
ground 


Contact points 






Special pulse-type energy sources, similar to 
capacitor discharge ignitions, can be used relatively 
safely as peak currents are high, yet the average is 
low. A source of this type is the pulsed model described 
in this project. This source is capable of generating 
the high-peak current pulses and maintaining a sub- 
stantial voltage on the body of a vehicle in spite of 
leakages due to steel-belted tires and so on. The 
source is also relatively safe to exposure but will pro- 
duce moderate shocks. With these parameters, one 


Height about 4-6" 
depending on target 


animal | 





Insulating poles - 
dry wood, plastic, etc.. 


<< Metal stake in ground 


Figure 11-4 Electrification of a small area 
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Chapter Eleven 


can get an idea of the size and rating of the source for 
a particular application. 


The following examples, hopefully, will apply to 
most situations. Figure 11-3 shows how to electrify 
garbage cans against annoying animals. One can see 
that the condition of a common contact or ground 
system is important because the current must also 
flow through this medium. 


Figure 11-4 shows how to electrify a small garden 
area using plastic stakes with slots for wires that are 
pushed into the ground. Try to prevent wire droop 
and possible contact with the ground. Watch for fire 
hazards and proximity to dry vegetation if using a 
high, average current source. 

Figure 11-5 shows how to electrify the ground of 
an area and protect it against annoying animals. Use 
#20 wire as shown with the space and size dependent 
on the animal and area. Anchor the wires in place 
with small stones. The ground must be dry and non- 
conductive, or use an insulated rubber or plastic mat. 
Please be aware that this project should only be used 
with a low-energy pulsed system or a hand-cranked 
magneto. Do not create this system if you have a 
heart condition. 

Figure 11-6 shows a prank, but this is only to be 
done using a low-energy pulsed system or a hand- 
cranked magneto. The victim stands on a rug to open 
a door and zap! You turn the power on. 


Figure 11-7 shows the electrification of a fence. 
This method is for educational use only, as serious 
injury can result either from the electric shock or the 
physical reaction. The intended use would be for mili- 
tary or other high-security situations. 


Hot lead 





xx S 


x? 


Y 
KO 
M2 


Xx 


7, 


Figure 11-7 Electrification of a chain-link or similar fence 








SOURCE 








Figure 11-5 = Electrification of the ground or 
protected areas 


SOURCE 


LL / vg 


dampened 


Figure 11-6 Door knob prank 


The object here is to electrify the top-most wire of 
a chain-link fence, as anyone attempting to crawl over 
will no doubt come in contact with the top wire. This 
is a very effective method and can cause severe injury 
and even death from electrocution or physical injury 
from falling. The best method is to simply replace the 
original top-most wire with a standard, electrical farm 
fence insulator, as shown in Figure 11-7. The wire is 








Charged wire 


Close up showing electric 
fence insulator and attaching 
method 
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Figure 11-8 Circuit of power supply source for animals only Wi 


then just strung to these insulators using standard, 
electric farm fence techniques and is either connected 
to a farm-type power source such as an electric fence 
charger or a higher-powered source. The latter pres- 
ents a dangerous choice and should never be used in 
a normal situation. 


Danger! Do not use a transformer with a short- 
circuit current in excess of 9 milliamps. 

Figure 11-8 shows using a current-limited 
transformer powered by 115 VAC. The following are 
suggested power sources for the circuit shown in 
Figure 11-8. 


4K V/009:T1 —4 KV,9 ma, 115 VAC, current- 
limited floating secondary Database #4 
KV/.03 A 


6KV/02: T1 6.5 KV, 20 ma, 115 VAC, current- 
limited floating secondary Database #6 
KV/.02 A 









Steering wheel 
(view of underside) 





Figure 1-9 Electrification of a steering wheel or 
similar object 


OUT 







Caution! Ground return 
of secondary usually end 
point grounded. Do not 
use against people!! 


You will need a three-wire grounded power cord 
and a switch available from most hardware stores. 
Connect the —connection to common using standard 
PVC or plastic hookup wire. Connect the +connec- 
tion via a high-voltage ignition wire available from an 
auto supply house. A weatherproof system is 
required when installed outside. 


Figure 11-9 shows how to electrify a steering wheel 
or a similar object. The project is intended as a theft 
or unauthorized use deterrent, Use a low-energy, 
pulsed, high-voltage source. 


The subject sits in the seat and activates the pressure 
switch to the source. When he grabs the steering 
wheel. he experiences a mild pulse-type shock between 
his hand and rear end. The voltage return is via metal 
springs in the seat. To create this project, please follow 
these steps: 


1. ‘Tape some thin, bare wire on the underside of 
the steering wheel. Secure it with small pieces 
of tape, wax, or silicon rubber. 


Hooks 







Eye bolts 


Conductive wires 


Protected area, doorway, 
pathways, etc. 


Figure 1-10 Space or field electrification 
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GROUNDING CHAIN 


INSULATING PADS 


HV wire 
Feed through bushing from source 





Trunk body of 
vehicle 


Insulating block for 
connecting and strain 
relieving chain 


Small grounding chain 


HV SOURCE 
Enlarged view of chain connection 


A reasonably safe yet effective electrification power source is the 
pulsed version shown, with a standard automotive ignition coil 
replacing the small trigger coil. This approach lengthens the pulse 
to overcome the electrical capacity of the vehicle body and provides 


a better overall effect. 


Figure 11-11 


2. Runaconcealed connecting wire up the 
steering column to the bare wire. This wire 
should be insulated and connect to the output 
of the source. 


3. Conceal an activation switch as desired and 
don’t forget to de-energize it before entering 
the car. You may want to rig up a pressure- 
sensitive switch on the seat so when the thief 
gets in the unit it activates before he starts the 
car. Important caution: The unit must be acti- 
vated without the car being in motion or serious 
accidents may result. 

4, The use of our pulsed low-power source is 
suggested. 


Figure 11-10 shows how to protect an area, doorway, 
or paths using space or field electrification. Hanging 
supports use ultra-thin steel wire for strength or 
weaker magnet wire. 


Hang weights 8 to 12 inches above the ground, and 
use elastics or O-rings to secure connections to the 
ground points. The actual installation will depend on 
the environment and the voltage used. The source 
should be a low-energy, pulsed source that can be used 
against animals when their paths of travel are known. 

Figure 11-11 shows how to electrify any vehicle 
using an automotive ignition coil in place of the pulse 
coil. Coils are available through any automotive supply 
house. 


a LE 


Electrification of a vehicle or similar object 


A remote switch must be mounted so that it is 
accessible from the outside of the vehicle. This may 
be actuated via an insulating object such as a plastic 
comb or something similar. An override switch may 
be installed to actuate this system while one is inside 
the vehicle in order to discourage certain encounters 
involving contact while driving or stopped at a light. 


The suitable method for connecting to earth ground 
as the common terminal is accomplished via a ground- 
ing chain. This is shown strain relieved via a plastic 
insulating block. The user is asked to use his or her own 
ingenuity to create other methods of implementation. 

Insulated platforms for wheels should be used if 
the tires have steel-belted radials or if roads are salty. 


High-voltage out 






High-voltage 
return wire 





Remove cap to 
install batteries 


Control leads to switch 


Figure Il-l2 ~ Enclosed pulsed electrification device 
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These platforms are intended for storage or long-term 
parking situations. 

Contact the factory for information regarding a 
serious automotive deterrent using a high-energy 
discharge system to be able to support the voltage 
necessary to overcome tire leakage and so on. A sys- 
tem of this type was sold to a Central American 
country to protect personal when in hostile areas. 
Very painful 5 joule pulses were generated between 
the vehicle body and ground. It would be very “politi- 
cally incorrect” if it were used in this country. This 
system produces high-current pulses of several tens of 
amperes for short durations. This is necessary as most 
tires offer considerable leakage at these high voltages, 
and a steady-state supply would no doubt burn off 
the tires and be very lethal to the perpetrator. 


Assembly of Suggested 
Power Sources 


The pulsed version shown in Figure 11-12 can also be 
used as a high-voltage trigger for triggering spark 
gaps, flash tubes, chemical igniters, Kirklian photogra- 
phy, and for electrification in animal control. The unit 
is housed in a tubular enclosure and powered by 
built-in batteries or by an external 12 VDC wall 
adapter. The device produces 20,000-volt pulses for 
electrifying objects, fences, and so on. Dual-mode 
operation produces low-energy pulses of .02 joules at 
a repetition rate of 30 per second or medium-energy 
pulses of .2 joules at a repetition rate of 4 per second. 


The continuous version generates a steady, 
high-voltage device intended for research, capacitor 
charging, shocking animal pests, and small insect 
killers. 

Caution: The use of electrification against human 
intrusion is illegal. Consult legal advice before using 
if human contact is intended. 


Warning: Never expose any person wearing a pace- 
maker or having a known physical condition to any 
form of electrical shock. 

Danger! Never charge a capacitor and use it for 
shocking humans. Energy storage over 5 joules can 


produce extremely painful shocks and over 25 joules 
can kill! Even though the energy levels may be well 
below dangerous levels, secondary reactions can 
cause a severe injury. 


Circuit Description of Pulsed 
Shocker 


A high-frequency, self-oscillating inverter circuit 
comprised of switching transistor Q1 and stepup 
transformer T1 produces a high-voltage high frequency 
at the secondary winding. This high-voltage AC is 
rectified by diode D1 and charges up storage capaci- 
tor C3 or C4 through isolation resistor R3. When this 
voltage charges up to the breakdown potential of 
SIDAC (SID1), the energy stored in the capacitors is 
“dumped” into the primary of the high-voltage pulse 
transformer T2, producing a high-voltage pulse at the 
output terminals (see Figure 11-13). 

The oscillator circuit utilizes a winding on T1 to 
produce the necessary positive feedback to the base 
of Q1 to sustain oscillation. Resistor R1 initiates Q1 
to turn on while resistor R2 and C2 control the base 
current and operating point. 

A charging circuit consisting of the current-limiting 
resistor R4 and rectifier diode D2 allows external 
charging of battery B1 when nickle cadmium (NiCad) 
or other rechargeable batteries are used. 


Construction Steps for Pulsed 
Shocker 


If you are a beginner it is suggested to obtain our 
GCATI General Construction Practices and Tech- 
niques. This informative literature explains basic 
practices that are necessary in proper construction of 
electromechanical kits and is listed on Table 11-2. 


1. Lay out and identify all the parts and pieces, 
and check them with the parts list in Table 
11-2. Note that some parts may sometimes 
vary in value. This is acceptable because all 
components are 10 to 20 percent tolerant 
unless otherwise noted. 


Some kits contain a length of insulated wire. 


SS 
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OUTPUT 
TERMINALS 





12VDC COMMON 


30v 275 


250 ms - 81 “on” 
\<— 80 usec —>| 35 ms - $1 “off” 


Test Point at@ Test Point at®) 

Figure I-13. Circuit schematic = iit Sietouls wert 
This must be cut, stripped, and tinned accord- A. Position the bare end of the ground return 
ing to where it is used. lead (GRD RTN) to allow a '/2- to */s-inch 


018: air gap between the output pins of T2. 
2. Assemble the board as shown in Figure 11-14. 


Insert the components into the board holes as B. Connect 12 volts from a hoHeh power 
shown, proceeding from left to right. Note the supply or use eight AA NiCads at 1.25 
A polarity of the components volts each or eight AA alkalines at 1.5 
‘ volts for 12 volts. 
Ne aaa C. Note with §2 open a fast pulsing action 
He Note: Certain leads of the actual components will be will produce a thin, bluish discharge. This 
qd) used for connecting points and circuit runs. Do not can cause a very mild electrical shock and 
_» cut or trim them at this time. It is best to temporar- could be safely used within reason as a 
4 ily fold the leads over to secure the individual parts prank. 
» from falling out of the board holes for now. D. Note a thick, slow pulsing discharge when 
§2 is closed. This can produce a painful 
ot 3. Verify the wiring, proper components, and pe i veinanndeaeiiueinanetis sana 
ay * 5 
Ww polarity to the schematics. Check for cold sol- a 
4) der, excess solder, and bare-wire bridge shorts. E. The current draw with the unit properly 
QO, Now the unit is ready to test. operating should be approximately 250 
od milliamps. 
G 4, Test the unit as per the following: 


o F. Check the power tabs of both Q1 and 
os SIDAC. These should be cool to warm to 
\/ the touch. 


i nnn SE UE 
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hapter Eleven 


iL 


This device can produce up to 10,000 volts when used with the optiorfal multiplier circuit shown from a 9 
to 12 volt battery pack. Output is continuous and can be used to chafge external capacitors. Output is 
1.5KV with the single capacitor and diode at a current of 5 ma 


Carefully cut and strip the high voltage 
output wire as shown. Tin this lead as 
D1 is soldered to this wire. 

This step should not be done if you are 
using the alternate circuit board 
approach as original full length lead is 
required. 














Firetron 


2 vde input 
bs ei HV Output 


Grd return 


+12 
NOTE: Secure components 
with RT. silicon rubber 
TOP VIEW Output is 2 KVDC with 
12 VDC input 
GRD RTN 
-12 


HV OUT 





Alternate approach using perforated board 


€2 
a 
D — HV OUT 
_ 10 to 12 KVDC output 
Optional HV multiplier GRD RTN 


WR1 24" #20 Hook up wire 

PB1 1X 4" .1 Grid perfooard 

Note 4 stages shown can produce 10 
to12 KV!! 


Figure I-15 = Construction of continuous shocker 
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G. You may verify proper operation using a 
scope, noting the waveshapes as shown in 
Figure 11-13. 


Notes Pulsed Shocker 


Input is shown operating with eight NiCad cells in 
series for a total of 10 VDC. The unit, however, reli- 
ably operates within 8 to 14 VDC. 


A simple remote switch, $1, may be installed in 
series with the negative or positive of the battery 
lead. This is left to the builder to fit his or her needs 
when finally packaged. 


The unit may be housed in any suitable enclosure. 
A suggested method is to place it inside a PVC tube 
You may fill the enclosure with melted paraffin wax. 
This will allow operation in moist environments while 
still allowing the unit to be easily unsealed should a 
problem or change occur 





Figure 11-16 Shock ball joke 


Construction of Continuous 
Shocker 


A continuous shocker device is shown in Figure 11-15, 


and shock balls can be made by obtaining a small 
rubber ball or a tennis ball, as shown in Figure 11-16. 


To create a shock ball. use a .01-amp capacitor at 2 
kilovolts and note that a larger capacitor would pro- 
duce a worse shock. Pieces of metallic tape must be 
used to sandwich the capacitor leads. Cut a slit in the 
ball to insert and position the capacitor, and charge 
the ball by contacting a metallic strip with the contin- 
uous 2-kilovolt source. Hold the ball without touching 
the metallic strips, toss it to a buddy, and watch the 
results, 


For a shock wand application, position a unit inside 
a plastic or nonconductive tube with batteries and a 
switch. Connect the output leads by sandwiching, 
them under metallic tape for contact with the target 
subject. 
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Chapter Eleven 


Table 11-2 Parts List for Shockers 


Ref.# Description 


RI 4.7K, '/4-watt carbon film resistor 
(yel, pur, red) 


R2 470 ohm, !/4-watt carbon film 
resistor (yel, pur, br) 


R3 27-ohm, !/4-watt carbon film 
resistor (red, pur, blk) 


R4 100-ohm, '/«-watt carbon film 
resistor (br, blk, br) 


Cl 10-microfarad, 25-volt electrolytic 
capacitor vertical mount 


C2 .047-microfarad, 50-volt polyester 
capacitor 
C3 3.9 to 4-microfarad, 350-volt 
polyester capacitor 
C4 .47-microtarad, 250-volt polyester 
capacitor 
Ql MJE3055 NPN transistor TO220 
D1,2 Two IN4007 1-kiloyolt rectifier 
diode 
SIDAC 300-volt Sidactor switch SIDAC 
Tl 400-volt switching square-wave 
transformer DB# TYPELPC 
T2 25-kilovolt pulse transformer DB# CD25B 
SIZ) Two single pole, single throw 
(SPST) 3-amp toggle switch or 
equivalent 





DB Part# 


PBI S x 1.5 X .l-inch grid perforated 
circuit board 


PCLITE Optional printed circuit board 
(PCB) 


WR20B 36-inch #20 vinyl stranded 
hookup wire, black 


WR20R 36-inch #20 vinyl stranded 
hookup wire, red 


WRHV20 — 12-inch 20-kilovolt wire 
CLI Battery clip 


CAP1,2 Two 1*/s-inch plastic caps 


ENI1 12 inches of 1°/s X 1'/2 X 12 
plastic tube 

BHI Eight-AA-cell battery holder 

Ji 3.5-millimeter mono jack 


12DC/.3 Optional 12 VDC, .3-amp wall 
adapter 


Parts for the continuous version 


FIRETRON Firetron 2,000-volt module 

Cl .01-microfarad, 2,000-volt dise 
capacitor 

DL 6-kilovolt diode 

C2 270-picofard, 3,000-volt disc 
capacitor 


DB# PCLITE 


DB# 12DC/3 


DB# FIRETRON 


DB# OIM2KV 


DB# VG6 


DB# 270P/3KV 
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Modify 


Switch 
Mounting 





Figure 3 


The toggle switch SW1 is a single pole double throw "momentary" contact. The switch has solder wires on the 
bottom, see Figure 3. This particular switch doesn't lock or stay in the opposite position. A built in spring 
immediately brings the switch back to its original position. To operate the device, toggle the switch on and off. When 
the switch is in the "on" position, it closes a current path to the HV transformer and capacitor bank. 


The switch is important and must be wired correctly to obtain maximum benefit. Looking at the schematic shows 
how the switch appears in its resting state. In the resting state the batteries are disconnected from the circuit. This 
preserves the life of the batteries. Also the discharge path from the capacitors is closed. This prevents a potential 
shock hazard from being stored in the capacitors, to be unleashed on an unsuspecting experimenter. 


To mount the switch to the board a metal battery clip (9-volt) is used, see parts list. The clip is bent to make a U 
shape as shown in Figure 3. The center hole in the clip is enlarged to fit the switch SW1. A hole is drilled in each ear 
of the clip to secure it to the board with two wood screws. The switch is secured to the clip, and then the assembly is 
secured to the board. 


ulse (EMP) Gury 


= 





Figure 12-1 shows the construction of a low-power 
pulse gun that will provide kilowatts of peak power 
at frequencies up to 100 MHz with harmonics. The 
unit shown is battery powered and uses a modified 
version of the high-voltage plasma generator shown 
in Chapter 7 of this book. A higher powered, more 
functional device is being developed in our labs and 
will be ready to be copied at the time the third book 
of this series is available. 

This is an advanced level project requiring basic 
high-frequency electronic skills. A spectrum analyzer 
can be a very valuable tool in setup but is not neces- 
sary. Expect to spend $50 to $100. All parts are read- 
ily available, with any specialized parts being 
available through Information Unlimited 








Figure 12-1 


Electromagnetic pulse gun 
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(www.amazing].com) as listed in the parts list at the 
end of this chapter. 


Basic Theory Simplified 


The ability of a signal to disrupt sensitive circuitry 
requires several properties. Most microprocessors 
consist of field effect transistors (FET) operating at 
very low voltages. Once these voltages are exceeded. 
catastrophic failure becomes imminent. Forgiveness 
to an overvoltage fault is practically nonexistent due 
to a microthin metal oxide between controlling cle- 
ments. Any overvoltage generated across these ele- 
ments consequently produces permanent damage or, 
in some less severe cases, causes deprogramming. To 
generate these damaging voltages from an external 
source requires a wave that can produce a standing 
wave of energy across circuit board traces, compo- 
nents, and other key points. The external signal 
energy therefore must be high enough for the cir- 
cuitry geometry to be a significant part of energy at 
the wavelength. Therefore microwaves having fast 
rise times (high Fourier equivalents) and burst dura- 
tion help to maximize the effect. The energy required 
is great, as it must be sufficient to enhance damage. 
A good measure would be the quotient of 
energy/wavelength. A high-power pulse of 
microwaves can be generated in several ways. 


Explosive flux compression-driven virtual cathode 
oscillators and their generic relatives can produce 
gigawatts of peak power from only hundreds of kilo- 
joules. This is where a seed current is pulsed into an 


A virtual cathode oscillator can also easily be 
energized from a small Marx impulse generating 200 
to 400 kilovolts. The fast current rise and high peak 
power can produce a powertul burst of microwaves. 


inductor and at its peak is compressed by a shaped 
explosive charge thereby trapping the flux and creat- 
ing a source of high energy. The coil must be com- 
pressed both along its axis and along its radius using 
a high-detonation velocity explosive such as the 
cyclotrimethyltrinitramine, its derivatives PETN, or 
some other equivalent energetic explosive. This 
trapped flux now produces an energy gain that is con- 
ditioned into the final peak-powered pulse of 
microwave power (HEPM). Flux compression like 
that of a nuclear initiation requires precise timing of 
the explosive chargers. For flux compression, Krytron 
switches or similar can be used instead of the more 
radiation-hardened Sprytrons that are used in 
nuclear initiations where ionizing radiation is pro- 
duced from the inherent fissionable materials. 


Other methods include exploding wires where 
energy is allowed to flow into a LCR circuit and then 
is rapidly disrupted by the explosion of the feed wire 
as it vaporizes at near the peak injection current. A 
very fast and energetic pulse is produced, which is 
capable of generating an electromagnetic pulse 
(EMP). 

Microwave pulses are excellent candidates for 
damaging sensitive electronic circuitry. But much 
lower frequencies are better for disrupting power 
grids and other similarly sized systems, as now the 
lengths of the conductive elements are more con- 
ducive to generating the high standing voltage waves. 
Obviously more energy is now required, as breakers, 
switches, and transformers require more energetic 
pulses 


L2 


ANT 






From output transformer 
T1 in figure 7-2 


The ideal peak power of this circuit can be approximated by evaluating the 
product of the charge voltage across C1 x the peak current as determined by 
Ipk = Epk x the square root of the capacitance of C1/the total inductance of the 
discharge circuit. This expression implies no resistance (R) in the discharge 
circuit that now is only in an ideal situation, In all actuality the resistance in the 
teal world will now be a factor in where e to the -(pi/square root of L/C) /R 
must be a factor in the above ideal condition. This now implies a damped 
waveform. 


Diodes D1,2 are 10 kv 10 ma fast recovery 

Resistor R11 Is three 47k 1 watt resistors in series and isolate the diodes from the 
dv/dt of the discharge 

L2 inductor tunes out the capacitive reactance of the antenna at the desired 
resonant frequency 


Capacitor C1 is a “slapper” capacitor. These are used to produce a very fast 
rise time necessary to detonate initiators necessary for initiating high 
explosive. |ts claim to fame is the high peak current discharge current. The 
capacitor is constructed as strip lines with the connection leads exiting a 
common end 


Figure 12-2 = Circuit schematic 
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Circuit Description 


The circuit shown in Figure 12-2 shows a simple 
method of obtaining a high-power pulse with Fourier 
equivalents above 100 MHz. Even though the power 
and frequency are relatively low, close range effects 
are possible on many target circuits. 


The project uses a high-frequency plasma source, 
which is converted to a direct current charging source 
and is short circuited functionally by the use of loss- 
less reactive ballasting. This means that the capacitor 
can be charged without the use of an energy-robbing 
resistor, as only the real part of the complex current 
is seen by the battery supply. 


The modified source now supplies a current 
charge to the reservoir capacitor (C1) to a value 
where the spark discharges across SG1. Current 
through LI rapidly rises and rings along with the cir- 
cuit and lumped capacitance (Cint). Spark gap SG1 
must turn off and allow the energy to circulate in the 
discharge in order to generate a resonant peak of 
power that is now coupled into the system emitter, 
Experimentation of the gap settings is necessary to 
obtain an optimum effect. 


Circuit Assembly 


1. Fabricate a piece of Lexan plastic or G10 cir- 
cuit board, as shown in Figure 12-3, toa 7 x 2 
inch plate for PL1. Locate the two !/4-inch 
spark-gap-holder (SGH1, 2) screws holes as 
shown. The holes are spaced 23/4 inches from 
one another. 


2. Forma three-turn 1-inch diameter coil (L1) 
from '/2-inch sheet copper or #14 solid copper 


wire, as shown in Figure 12-4. Note the leads 
as attached to the capacitor (C1) and the end 
gap holder. 


3. Connect an output port at the junction of Cl 
and L1 as shown. This point is now considered 
the output and can be connected to the radiat- 
ing, emitter. 


4. Connect it to the converted plasma driver in 
the manner shown in Chapter 7 to the genera- 
tor (see the schematic Figure 12-2). Note the 
added diodes D1 and D2 for converting the 
output to direct current 


5. You will note a coil (L2) connected in series 
with the output lead. This inductor tunes out 
the capacitive reactance of the lead and the 
end capacitance. Experiment using a radio 
wave or absorption wave meter to determine 
the resonant frequency of L1/C1. Select a 
value for L2 to provide maximum radiation 
from a distance. 


6. Experiment on various electronic devices and 
observe the effects at various distances. 


Notes 


A low-cost spectrum analyzer would be a great aid in 
setting up this system. Please note this is a low-power 
device intended as an introductory project for those 
desiring to experiment with shock pulse and EMP 
research. Several more functional and sophisticated 
devices will be featured in the next book in this 
series. 
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Spark gap uses ¥4" x 1 pieces of pure 
tungsten rod. These are secured in the 


electrode holders via the set screws. 

Preset the gap to .003" using a feeler a a 
voltage must not go above the rating of 

C1. Increase a few thousandths of an 

inch always checking the maximum 


charge voltage before self breakdown (A 
occurs 







Resistor R1 is made from three 47k connected in series. 
It is a good idea to sleeve these inside a flexible piece of 
plastic tubing 


These leads are connected to 
diodes D1,2 


Figure 12-3. Generator board bottom view 






Capacitive emitter 


SW1/NU1 






Output connection point 


Lhd 
i, 
all 
oy 
fit 
Wy 
= 
= 
re. 
co 
ie 
4! } Contact electrode 
Ly 
O, Contact electrode 
qi a! Side view of Ci showing copper strip electrodes separated by a ciielectric 
” insulating piece. Very carefully solder ta the foil electrodes of C1 being 
careful not to burn the insulating foil 
Nad Figure 12-4 Generator board bottom view 
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Table 12-1 EMP Gun Parts List 


Ret. # Description OB pat# 
R1 Three 47K, 1-watt 


resistors (yel-pur-or) 
connected in series 


D1, D2 Two 16 KV, 10 ma 
fast-recovery 
high-voltage 
rectifiers DB# VG16 


Ol 0S mfd,5 KV 
stripline capacitor DB#.0SM/SKV 


Bal Inductor 3-turn, 
l-inch diameter use 
#12 copper wire 


L2 Inductor wind, as 
directed in text 


ELECTRODES = Two % X 1 inch pure 
tungsten electrodes DB# TUNGI41B 


PLI 7 X 2inch x .063 
Lexan or G10 plastic 

TYE1 10-inch nylon tie 
wraps 

SWI/NUL Two % X 1 inch brass 


screw and nuts 
GRAVDRIVIK  Plasmadriverkit DB# GRAVDRIVIK 


GRAVDRIV10 Plasma driver 
assembly DB# GRAVDRIV10 
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This project shows how to build a powerful microwave 
transmitter intended to be a useful laboratory resource 
or as a device for disrupting bothersome stereos, 
boom boxes, and other annoyances perpetrated by 
inconsiderate hip-hop miscreants. This chapter was 
prepared by Dr. Barney Vincellete, who holds several 
doctorate degrees in the electrical sciences, It is a 
very useful tutorial involving the design of a microwave 
system, going into basic mathematical details for 
those who are interested. The system can be built 
from the parts of a microwave oven. 


voltages and can be a radiation hazard at close range 
if not used with protective shielding. This is an ad- 
vanced project intended for experienced builders 
and must not be attempted by anyone unfamiliar 
with high voltages or high-power radio frequency 
circuitry. 





Microwave cannon 


Figure 13-1 
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The microwave cannon consists of three parts: the 
parabolic reflector horn, the electric field focusing 
lens, and the magnetron. The horn focuses the mag- 
netic oscillations that circumscribe the magnetron 
antenna into a narrow beam in order to concentrate 
the radiation into a two-dimensional space. It also 
prepares the electric field oscillations for the lens to 
concentrate the radiation in the third dimension. 
Because the electric field and magnetic field are 
orthogonal, calculations upon them and the modifica- 
tions that we will perform upon them can be done on 
one without altering the other. 

In designing the horn, we will assign the Cartesian 
coordinate system with the z axis along the longitudi- 
nal axis of the horn; that is, the z axis will occupy the 
center of the shatt of radiation that will be fired into 
your cultural tyrants’ stereos. The Poynting vector 
will be on the z axis, and the x axis will be directed 
horizontally to the left and right of the z axis. The x 
axis will, during the calculations for the shape of the 
horn, be given an absolute value; that is, it will be 
endowed with a positive value whether it increases to 
the left or right of the z axis. This is because its values 
will be the square root of x squared, and it will be 
symmetrical to the left and right of the z axis. The 
origin will be located at the vertex of the parabola 
that will define the sides of the horn. 

The y axis will be in the vertical direction to 
complete the basic vectors in our discourse and 


calculations. It will pass through the z axis at the 
mouth of the horn, rather than through the vertex, as 
the x axis does. It too will have only positive values 
because, due to its symmetry about the z axis, there is 
no need to consider negative values of y (see 

Figure 13-2). 

The dimensions of the sides of the horn will be 
performed first. In building the wooden mold upon 
which the sheet copper will be formed, an adjustment 
will be made to correct for the flare that can be seen 
in Figure 13-3. 


The horn will be made of 20-inch-wide sheet 
copper that can be purchased from a roofing supply 
house. Because the dimensions of the parabolic sides 
shown in Figure 13-2 are fixed by the top and bottom 
pieces of copper that will be soldered to the copper 
side pieces, the top and bottom pieces will be cut to a 
parabolic shape with an extra '/;-inch margin on the 
sides that will be bent into a ridge that will be sol- 
dered to the side piece. The actual parabola will have 
a maximum width of 19.5 inches, or the maximum 
value of x will be 9.75 inches. Also, for structural 
rigidity, a half-inch lip will be bent along the front 
edge of the top and bottom pieces. 

The parabola will contain the magnetron antenna 
aligned parallel to the y axis and positioned at the 
focal point of the parabola. The focal point will be 
one-eighth of the wavelength of the magnetron fre- 
quency, which, when the wavelength is computed by 
dividing the speed of light by the frequency or 2.45 
GHz, gives us a wavelength of 2.45 inches and a focal 
length of 0.6 inches, The parabola is described by the 
equation x squared = 4 pz, where p equals the focal 
length. When p equals .6 inches, r equals 2.4 z. From 
this, we construct Table 13-1. 


Figure 13-2) = Top and side horn templates 
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Figure 13-3 Flair angle template 


Table 13-1 Parabolic Dimensions 
(measurements in inches) 
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When regarding the side view of the horn (Figure 
13-2), it can be seen that plotting the parabola, which 
is done by cutting the wooden sheets used for making 
a mold of the horn, will require an adjustment so that 
the sides of the parabola are not distorted where z is 
greater than 3 inches. The dimensions of z, if projected 
from the z axis to the top and bottom of the horn 
where z is greater than 3 inches, will have to be 
enlarged by dividing each inch by the direction cosine 
of the angle between the z axis and the top (also the 
bottom) of the horn. This can be done by drawing 
upon a sheet of 2 by 4 foot particle board, as shown 
in Figures 13-3. 


After you haye marked the board, as shown in 
Figure 13-3, you will begin plotting dots measured 
above and below the z axis at distances of x from 
Table 13-1 measured with a carpenter’s square. You 
will connect these dots with a ruler, and when you cut 
out the parabola, the saber saw that you use will 
make a curved path that will very closely approximate 
the parabolic shape needed, After you cut out the 
parabola, you will make another cut along the locus 
of points where z equals 3 inches. 

You will trace these pieces and cut duplicates from 
another piece of particle board, as shown in Figure 
13-4. With nails, screws, glue, and two trapezoidal- 
shaped pieces of particle board, you will put together 
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the form that you will use to build the copper horn 
(see Figure 13-5). 


Stand the wooden form on its end, where z is 39.6 
inches against the floor, and make a template from 
poster paper that has been taped together to form 
large enough pieces, Make a template that will wrap 
about the sides. and trim it to fit so that it matches the 
sides. Make another template for the top (also the 
bottom) piece the same way, as shown in Figure 13-6. 

You will need 15 feet of copper roofing sheet 
metal to cut the pieces that you will solder together. 
Trace and cut the long piece from the template you 
made from the sides and rear of the wooden form. 
Add a half-inch to the length of each side so that you 
can bend a lip that will make the front of the sides 
rigid. This lip will also provide a place where you can 
attach the sides of a wooden frame that will make the 
horn more stable. Then trace the top and bottom 
pieces against the copper and draw a !/s-inch 
additional margin surrounding the parabola you just 
traced. Also add a half-inch to the front that you can 
bend into a lip to make the top and bottom more rigid. 
Cut out two of these pieces, one for the top and one 
for the bottom. 

With a pair of pliers, bend a 90-degree lip from the 
'/y-inch margin you traced. You can cut notches in this 
lip to make this bending easier. This lip will be sol- 
dered to the piece that will form the sides of the 
horn. Bend the half-inch lip at the front edges of the 
pieces that you will solder together, and clean the 
insides of the lip that you will be soldering to the 
sides of the horn using steel wool or sand paper. 
Clean the exterior '/s-inch sides of the horn to which 
you will be soldering the top piece. Apply a thin coat 
of soldering paste and clamp the sides and top 
securely into place on the wooden form you built. 
Hammer the side lip against the sides of the horn for 
a tight fit. You do not need a sharp crease where the 
horn begins to flare out where z is 3 inches; a modest 
bend will do. You are now ready to begin soldering 
the seam, as shown in Figure 13-7. 


q 


Figure 13-4) Templates for forming the horn pieces 





Figure 13-5 = Poster paper template 


Begin with a propane torch and plumber’s solder. 
Apply the flame to a spot and, as soon as it is hot 
enough to draw in some solder, let just enough solder 
draw into the seam to fill the gap. Use more hammer 
taps to close any open spots where the lip is not tightly 
against the side piece. As soon as you have an inch or 
two soldered, remove the flame and solder another 
place a few inches away. Do not use enough solder to 
cause it to form drips or beads on the inside of the 
horn. Continue until the entire seam is soldered. 
After this is done, remove the clamps and sheet 
copper structure you soldered together. If you see 
any lumps of solder on the interior seam, you can 
melt it away by applying a flame. 





Figure 13-6) 3= Top template 
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Now you must locate the point on the center axis 
at the top of the horn. This can be done by measuring 
the center of the front of the top section of the horn, 


measuring 2 feet along each side of the horn’s interior, 


dratting a line between these points that are 2 feet 
back from the front, and bisecting it. You bisect the 
width of the front to find one point. You then measure 
2 feet back on each side and draw a line between the 
ends. You bisect the line for the second point. This 
will provide two points to extend back to the vertex 
of the parabola’s interior. 

Now measure, as punctiliously as you can, 0.6 inches 
from the vertex. Drill a pilot hole and cut a circle that is 
| vis inches in diameter. With a hammer and a piece 
of pipe, tap on the interior of this hole so that its edges 
flare outward to make a good seal with the brass 
wool gasket on the magnetron you will be using (see 
Figure 13-8). 

At this point, solder the bottom piece into place 
and complete the construction of the copper horn. A 
wooden frame must be built to make the front edges 
of the horn more rigid, to provide a structure for 
mounting the lens, and to provide a place for the 
front of an aluminum rail where a telescopic rifle 
sight will be mounted. 

Here you have great artistic liberty in how you will 
build this cabinetry. Half-inch plywood is the most 


Figure 13-7 Copper side with top and bottom) 
pieces 


practical material to use, and cedar has the most 
pulchritudinous finish to stain, varnish, and paint. You 
can paint or carve artwork upon this frame, and you 
can also upholster the rear or sides with velvet and 
sunken buttons. In the most unlikely event the cannon 
becomes an exhibit in court, these characteristics will 
humor the jury, many of whom will be as hostile as 
you against the music the neighbors were forcing into 
your home. If it becomes newsworthy enough to 
attract a television crew, it will be a splendid show 

for the millions of people whom you will inspire to 
follow your example and join the revolution against 
cultural tyranny. 


The rear of the frame will protect the operator 
from the deadly 4,500-volt wires between the power 
supply and the magnetron. It will also provide a place 
to mount the rear of the aluminum rail for the tele- 
scopic rifle sight. 


Let us digress to a disquisition on the flair angle 
formed by the sides of the cannon. In order to form 
the best possible cancellation of standing waves, due 
to the impedance vicissitudes where the horn begins 
to flair at the mouth of the horn, the following equa- 
tion must be emulated within approximately 10 
percent. The dimensions of the horn must match this 
within a percent. 


0.25 = [a/(2A)]tan(@/2) 


where a is the dimension of the mouth in the horn in 
the y direction: 20 inches. A is the wavelength in 





Figure 13-8 = Position of aperture hole for 
magnetron probe 
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Below is an example of a photograph taken with the Kirlian device. 





inches. # is the angle between the z axis and the top 
(or bottom) side of the horn. 


Let us now examine the efficiency of the parabolic 
sides of the horn for their focus of the magnetic field. 
The antenna is circumscribed by a magnetic field that 
propagates from a line source at the center of the 
antenna. The radiation either reflects off the sides of 
the parabola formed by the horn or it radiates directly 
from the antenna out the mouth of the horn. The latter 
is not useful because it dissipates rapidly with distance 
from the cannon. The former, the reflected radiation, 
is projected parallel to the zy plane, and because it 
originates from a line source parallel to the y axis, no 
diffraction occurs off the sides of the horn’s mouth. 
The fraction of the radiation that is reflected is 92.2 
percent of the total from the antenna. This is far 
superior to the typical 40 percent efficiency given by 
radar dishes that use large sizes to achieve gain. 

The focusing of the electric field can now be 
performed by placing a lens in front of the cannon’s 
mouth, and a description of the electric field must be 
provided. On the surface of a conductor there can be 
no voltage parallel to the surface of that conductor, 
because any voltage would be short-circuited out. 
This makes the components of the gradient of any 
voltage parallel to that surface zero. Since the electric 
field is the negative gradient of the voltage, the elec- 
tric field near a conducting surface must perforce be 
perpendicular to that surface. As the electric field 
propagates forward, it forms a cylindrical-shaped 
wavetront in the flared part of the horn. At the 
mouth of the horn, this cylinder has a radius of 41 
inches. A lens will convert this cylindrical wavefront 
to a flat wavefront, and that will complete the focus- 
ing of the radiation. 


The lens will be constructed of metal plates that 
will be aligned parallel to the y and z axis 4 inches 
apart. Between these plates, any wave vector, k = 2n/7r, 
can be the vector sum of two components, kx and kz. 
In the x direction, the sine wave of the wave vector 
will be zero every 4 inches, because at the plates the 
electric field in the y direction must be zero. Taking 
recourse to the Pythagorean theorem, the wavelength 
in the z direction is dilated by the inverse of the 
refraction index, that is, the refraction index, n = 
[1—(A/8 inches)E2]E—.5 = 0.8 (A = 4.8 inches). See 
Figure 13-9. 


The cylinder formed by the cylindrical-shaped 
wavefront plus the refraction index times the distance 
parallel to the z axis between the lens elements toa 
flat plane in front of the lens is to be constant so that 
the electric field will be in phase on the flat front of 
the lens. The y axis is shifted to the most concave 
depth of the lens elements, and the z axis is directed 
rearward. The algebra for calculating the concave 
curve to cut into the rear of the lens plates is rudi- 
mentary. From the followmg equation, the dimensions 
of the lens are shown in Figure 13-10. 


[(47" - z)E2 + yJE.5 + 0.8 z = 47" from which z = 
{18.8 - [(18.8)E2 - (1.44y)EB2] E.5} (1/.72} 


The lens plates mounted against the far right and 
far left sides of the lens frames should be cut from 
leftover sheet copper and glued to wooden sides, also 
cut to the shape of the lens element. The other lens 
elements should be made from 0.025-inch sheet 
aluminum. They should be 21 inches long in order to 
mount them to the wood lens frame you will build. 
Small wooden blocks can hold the ends of lens plates 
in place. Pieces of wood with grooves cut into them 
will also work. 

The efficiency of the lens can also be calculated. 
This efficiency is due to the reflection of radiation 
that takes place when radiation passes from a medium 
of one refraction index into a medium of a different 
refraction index where the space impedance is 
changed. Two reflections occur, one when the radia- 
tion enters the rear of the lens and a second reflec- 
tion when the radiation exits the front of the lens. The 
second reflection is in opposite phase with the first 
reflection, so it is 27 radians out of phase with the 
first reflection. The appropriate Fresnel equation for 
calculating the power reflected when the electric field 


4" 


4" 


Figure 13-9 Focus plate geometry _ 
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is parallel to the plane containing the angle of incidence, 
di, and the angle of transmission, @t, is as follows: 


R =|[—coséi + (nt/n2)cosé@t] + [coséi + 
(n1/n2)cosé@t]}E2 


At is arctan dz/dy, as can be seen in Figure 13-11. 
61 is Ot — arctan [y/(47 — z)]. 


In the second reflection, 6i and @t are both zero. nL 
is | and nt is 0.8. The second reflection that must be 
subtracted from the first one is cos [2a radians 2(z + 
.25")Az|T, where T is the fraction of the power trans- 
mitted into the lens and Az is 4.8 inches/0.8. Since the 
total reflected power is almost everywhere less than a 
percent, we can make the approximation that T equals 
1. If the reflected power is calculated every inch for y, 
the average power reflected is approximately half a 
percent. Thus, the gain of the horn is 


4a A/AE2 = 218 or 23.4 db 


With the ideal horn and lens system having been 
designed so that the common man can build it without 
having to know all the electromagnetic laws of physics 
that make it work, we direct our attention to the 
choice of a microwave source. The cardinal rule of 
electronic warfare is that the radiation must convey 
noise in order to disrupt the signals in the circuits you 
will be attacking. This requires modulation that will 
drown out enough of the unwanted music and interfere 
with the digital signals in disc players to make them 
useless. Half-wave rectification of the current through 
the radiation generator is subjectively the most dis- 
rupting. The lower frequencies promoted by stereo 
manufacturers and music producers seem to be de- 
signed to most effectively penetrate the walls of 






{(47"—z) E2+y2}E1/2 


Figure 13-10) = Wavefront and electric lens geometry 








apartments and homes for the purpose of destroying 
the privacy and cultural autonomy of all but the 
wealthiest who can afford the enormous cost of 
solitude. 


The 60-cycle voltage from a household wall socket 
offers a nearly ideal source of modulation to create 
this disruption, because in a microwave oven it is 
half-wave rectified by a voltage-doubling circuit. This 
provides a splendid spectrum of Fourier frequencies 
that concentrate upon the lower frequencies but dis- 
tribute themselves upward through the audio range, 
and it gives the utmost modulation of amplitude. It 
also reduces the duty cycle of the magnetron while 
preserving the maximum power in each pulse it 
shoots into the neighbor's stereo for the best range. 

The first inclination is to choose a magnetron that 
will have the highest output power. The best choice 
would be a radar magnetron, which might offer 30 to 
100 kilowatts in pulses that are only a microsecond or 
two in duration. However, tests using radar against a 
compact disc player yield disappointing results. The 
Fourier series expansion on a series of microsecond- 
long pulses modulates less than | percent in the audio 
band. The series of ticking sounds that it introduces 
into a stereo amplifier is scarcely noticeable, and not 
enough pulses occur to put sufficient errors in the 
digital circuits of the compact disc player to do any 
good. Also, audio circuits are not as sensitive to the 


Z coordinates 
6.01 





10" 


Y coordinates 


Calculated lens dimension 


Figure 13-1 
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higher frequencies of radar as they are to microwave 
oven frequencies. 

We might also be inclined to consider the 
higher-powered magnetrons used in industrial 
heaters and plasma generators, but this can be prob- 
lematic. First, higher power is achieved more by 
increasing the duty cycle than by increasing the peak 
output power we desire. The 3,000-watt Panasonic 
2M265 magnetron has a 7-kilowatt peak output power, 
but it runs on pulse-modulated direct current for a 
longer duty cycle than the half-wave voltage doubler 
of a microwave oven. Its operation is more critical; 
the cathode heater must have its voltage adjusted to 
the power output, and the cathode is more brittle in 
these more powerful magnetrons, It also costs as 
much as $1,000 and the power supply is even more 
expensive. The 6,000-watt Toshiba E3328 magnetron 
runs on filtered direct current and it has even more 
expensive computer controls that adjust an electro- 
magnet to control the current. The peak output 
power is less than that of the 3,000-watt magnetron. 


Another problem occurs with these magnetrons as 
well. They are so unforgiving of such things as a large 
metal object near the cannon in which they might be 
installed that reflections could mismatch the imped- 
ance enough to shorten the service life. The manufac- 
turers recommend that they have a branch off of a 
waveguide to a dummy load that will absorb any 
energy due to such an impedance mismatch in order 
to protect the magnetron. This makes the parabolic 
horn impossible to use because it is not practical to 
feed with a waveguide. A pyramidal horn would be 
needed and it only has two-thirds of the gain of the 
parabolic horn. Thus, the 6,000-watt magnetron 
would be as good as a 4,000-waltt one in a parabolic 
horn, and the 3,000-watt magnetron would be as 
good as two-thirds of 7,000 watts in a parabolic horn. 
Several vastly cheaper houschold oven magnetrons 
can easily outclass the more expensive and difficult- 
to-operate choices that appear more attractive until 
they are examined with greater perspicacity. 

Another difficulty with purchasing industrial 
magnetrons also exists. Companies will not sell them 
to private individuals out of fear that they might be 
used for negative or hateful enterprises, such as in 
machines designed to sabotage overly loud stereos. 
Although almost any magnetron and power supply 
from any microwave oven will work, the best oven 


magnetron for our purposes is the 2M121A, which 
has its number conflated with the number 53 or 57. 
These last two numbers make no difference in the 
choice of editions of the 2M121A you procure. They 
are used in the following ovens: the Panasonic 1030, 
the Brother MF5000 and MF7000, and the Merrichef 
models 136M, 165M, and 206M. It has a peak output 
power of 5,800 watts, better than the 2,000-watt mag- 
netrons that cost more than twice as much. It can be 
ordered from the Expert Appliance site (www.exper- 
tappliance.com) under the part number Z9-Pana- 
sonic NEI 030-412 if you type in Panasonic NEI 030 
for the type of oven for which you are purchasing, 
parts. The transformer number is 210 Panasonic NEI 
030-5414. Global Microwave Parts has voltage-dou- 
bling capacitors that are 0.85 microfarads rated at 
2,500 volts AC and diodes. You should use one rated 
at half an ampere. Magnetrons and parts are avail- 
able and listed in Table 13-2. You will need copper 
and aluminum sheeting. along with mat-erials avail- 
able from hardware or building suppliers. 

The magnetron is attached to the antenna, as 
shown in Figure 13-12. Follow the instructions closely 
and observe that the brass washer is flush with the 
copper conductive surface. 

The power supply is a simple voltage-doubler 
circuit, shown in Figure 13-13. It must be understood 
that the voltages in the wires will be in the thousands 
and can produce a spark that can jump through the 
air and through an insulator, conveying enough current 
that it would probably cause electrocution. Accord- 
ingly, the wires should be positioned where they will 
not be approached or touched. The magnetron and 
horn must be securely grounded or it will be 4,500 
volts above ground potential. The frame that you 
must build around it will keep people’s hands away 
from these wires. Also, after the cannon is shut off, 
four of the capacitors can hold a charge that would 
inflict a shock unless it is discharged, either through a 
bleeder resistor that may be built into the capacitor 
or it can be discharged with a safety discharge probe. 

The magnetron must also have a fan to cool it 
during operation. The 2M121A requires at least 85 
cubic feet per minute of air directed through its fins 
for best operation. 

When your microwave cannon is completed, 
testing it is little more than a matter of switching on 
the power and aiming it at a fluorescent tube or a 
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small 120-volt lightbulb. The lightbulb should be no 
more than 25 watts and should glow slightly when it 
is within a few feet of the mouth of the cannon. 
Fluorescent lamp tubes should light up as far as 10 
feet away. 


You should not put any body parts directly in front 
of the cannon at close range because, after a few sec- 
onds to a few minutes, you could burn yourself, but a 
distance of over 50 feet away would provide safety. 
However, prolonged overheating of internal organ 
tissue is remotely possible and the cornea of the eye 
can be damaged by overheating. Also, testicles can 
overheat, and at close enough range for the root 
mean square (RMS) microwave field to exceed 4.000 
watts per square meter, a 5-minute uninterrupted 
exposure is supposed to build up enough internal 
steam pressure to cause the testicles to explode. 
However, the possibility of having a hot spot this 
intense a few inches in front of the cannon is marginal. 

When testing or using your microwave cannon, 
you can do so with utmost safety to yourself by con- 














Brass mesh washer must 
make a positive contact 

with the copper surface 
of the horn antenna 















X-ray view showing 
position of probe and brass 
meshed sealing washer 





The aperture hole for the 
magnetron must be precisely 


located .6 inch from the vertex of 


the interior surface of the horn. 


The hole diameter should be 1.1". 


Figure 13-l2 Attaching the magnetron 


Note the bottom 
plate hole locations 

must match those on 
the magnetron 


structing a gown out of metal screen from a hardware 
store. The gown should include a hood that completely 
covers the head and should extend over the torso 
down to just below the vaudevillian parts of the body. 
The sex organs should be stuffed into a tin can, the 
mouth of which can be lined with fake fur to make it 
more comfortable. (Obviously, the ladies need not 
take recourse to this expedient.) This is more than 
enough to prevent any harm when performing exper- 
iments that last half an hour or more and is probably 
hundreds of times the protection you will need. 


It can be advantageous to test the cannon in your 
backyard. Sooner or later the neighbors will see it, 
and if they see a mysterious-looking machine that 
lights up fluorescent tubes 10 or more feet away and 
they see you dressed in a wire screen gown complete 
with a tin can, it will frighten the emunctory indiscre- 
tions out of them. Further, when they complain to the 
authorities they will sound much the same way mental 
patients sound as they describe exotic macrunes, 
stereos malfunctioning, strange costumes complete 
with tin cans, and the like. It is even slightly possible 


Caution: The fins on the magnetron 
must be cooled using an external fan 
of at least 53 cubic feet per minute 
for the one shown. 





Use long screws to secure 
magnetron to horn assembly. 
Do not overtighten. 
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S2 is a momentary push button switch ( ) 
for safety preventing accidental turn 
on. Button must be pressed to 0] 
activate output. Itis not suggested to 
by pass this safety feature 3 
Indicates DANGER The metal antenna and all frame structure must positively be grounded to 
grounding of the earth via the third green lead of the power cord. Failure to do this will result is a 
antenna and and very dangerous electrical hazard! 
frame pieces 


Connection leads indicated by the heavier lines must support current levels of 25 


amps. 


Operation requires switch S1 powering the neon indicator lamp NE1 and the cooling 
blower B1 for the magnetron. It also arms the push button switch S2. 

The magnetron is powered when S2 is pressed along with a warning buzzer BUZ1 by 
energizing primary contactor RE1 


Figure 13-13. Microwave cannon schematic 


that they might be invited to undergo observation at 
the local state psychiatric hospital, where, if you are 
really ambitious, you could locate their room, aim 
your microwave cannon, and make their stereo buzz 
whenever the psychiatrist’s back is turned and cause 
a diagnosis that will keep them out of the neighbor- 
hood for a longer time. But in the remote case you 
get caught doing this, it will be almost impossible to 
prosecute you because no state legislature has the 
time to write and process special laws against shooting 
microwaves into peoples’ stereos. The television pub- 


licity possible if the state attempts to prosecute you 
will be a disaster for the system that supports cultural 
tyranny because it will inspire countless television 
viewers to join in the revolution to make the world a 
better place by building more microwave cannons 
and shooting down more obnoxious stereos. And 
even if they can win a battle in court, they will ulti- 
mately lose the war that they started against human 
dignity. 
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Table 13-2) Microwave Cannon Parts List 


Ref. # 
R1 


col 


FUSE/1S 


Bl 


Sl 


$2 


REI 


Cl 


D1! 


MAGI 


Description DB Part # 


100K !/s-watt resistor 
(br-blk-yel) 


Heavy-duty, 15-amp, 
three-wire power cord 


15-amp fuse and holder 


85 cubic feet/minute or better 
cooling fan for magnetron fins 


Single pole, single throw (SPST), 
5-amp, 115 VAC toggle switch 


Momentary push-button switch 
(see note on Figure 13-13) 


Neon indicator lamp with leads 
or equivalent 


120 VAC high output safety 
buzzer 


10- to 20-amp contacter or relay 


Magnetron power DB# MAGTRAN 
transformer NEIN30-5414 


85-microtarad, 2500 VAC DB# MAGCAP 
voltage-doubler capacitor 


5 kilovolt, '/2-amp diode DB# MAGDIODE 


2M121A magnetron DB# MAGNETRON 
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This device shown in Figure 14-1 shows an induction 
heater capable of heating metals to over 1,500 
degrees Fahrenheit, It can be used in the processing 
of gas discharge tubes often used for plasma, neon 
displays, laser discharge tubes, and spectrum tubes. 
These tubes usually require electrodes that must be 
heated to drive out the impurities that are now 
sucked out by a vacuum system. The induction heater 
heats these electrodes directly through the glass. 

The completed system consists of a donut-shaped 
heating coil head connected via an umbilical cord, 
which is in turn connected to the power-conditioning 
and control box. The system is powered directly from 
115 VAC and requires caution when building and 





Induction heater 


Figure 14-1] 








using. The head is a coil of wire that surrounds the 
target area to be heated. As shown, it is an air-cooled 
system that requires a waiting time for processing 
between operations because the coil will get hot. The 
common circuit ground is above ground and requires 
an isolation transformer or an ungrounded scope to 
view the waveforms from a grounded scope. 

This is an advanced-level project requiring elec- 
tronic skills and the use of an oscilloscope. Expect to 
spend $35 to $75. All the parts are readily available, 
with specialized parts obtainable through Informa- 
tion Unlimited (www.amazing|.com), and they are 
listed in Table 14-1. 


Circuit Operation 


The power cord CO! supplies 115/220 VAC from a 
wall receptacle where the third, green wire, ground- 
ing lead must be securely attached to the metal chas- 
sis (CHASSIS) for safety (see Figure 14-2). 

Switch SW1 energizes the primary circuits, and 
fuse FUS1 protects the main circuit from any cata- 
strophic faults. Indicator lamp NEON] requires the 
current-limiting resistor R12 and lights up when SW1 
is turned on. The peak charging current to capacitors 
C10 and C11 is limited by in-rush resistor Rx. The 
rectifiers D1, D2, D3, and D4 are shown ina 


full-bridge configuration when used for 220 VAC 
input. For 115 VAC operation, only D1 and D3 are 
used along with the JUMP jumper in a voltage- 
doubler configuration. The output voltage across C10 
and C11 is 300 volts DC and is referred to as the 
positive and negative rails. 


Dropping resistors R2 and R3 provide voltage to 
the oscillator driver [C1 with zener diode 71 regulat- 
ing the voltage at 15 volts. Switch SW2 is normally 
closed, shorting out this voltage across Z1. Capacitor 
C2 provides the high instant of current for the output 
pulses and must be physically close to IC1. Operation 
requires SW2 being pressed, allowing 15 volts to be 
applied to the oscillator driver generating the drive 
pulses. 

These drive pulses turn the main MOSFET 
switches, Q! and Q2, off and on. The switching fre- 
quency is determined by the time constant of power 
control pot R10 and timing capacitor C3. A limit 
resistor, R11, prevents driving the circuit beyond the 
intended limits. 

The switching circuit is in a half-bridge configura- 
tion where the MOSFET connected to the positive 
end (+ rail) must be driven with its source pin refer- 
enced at 150 volts above the common end (— rail). 
This is accomplished by biasing a bootstrap capacitor 
(C4) through an ultrafast diode (D5), providing the 
correct DC level to fully control O1. Resistors R6 


and R7 eliminate the high-frequency parasitic oscilla- 


tion that occurs as a result of rapidly switching the 
capacitive load of the MOSFET gates. Capacitor C40 
limits the current flow to a second neon indicator 
light, NEON2, which is connected in series and is 
energized by the output frequency when the heating 
cycle is activated by SW2. 

A network consisting of capacitor C7 and resistor 
R8 slows down the transition time of the switched 
pulses across QI and Q2. The resultant time constant 


limits the rate of voltage rise, dv/dt, that could cause a 


premature turn-on at the wrong switch, creating a 
catastrophic fault mode, 

Capacitors C5 and C6 provide a voltage midpoint 
and produce the necessary storage energy to main- 
tain the voltage level of the individual pulses, The 
output is taken at the junction of Q1/Q2 and CS5/C6 
and is a square wave fed to the induction heating coil 





L1.A current rise through L1 now commences as a 
function of Et/L where E is the voltage of the drive 
pulse, tis the applied time, and L is the inductance of 
LI. This changing current now induces eddy currents 
in the target piece to be heated as a function of 

E = L di/dt. These circulating currents quickly heat 
up the target piece. 


Project Assembly 


1. Assemble the heating head coil, as shown in 
Figure 14-3. This coil must be tightly and 
evenly wound for optimal performance. It 
may be difficult for the beginner and is avail- 
able in three sizes, as indicated in Table 14-1. 


2. Assemble the circuit board, as shown in Fig- 
ure 14-4. Note that you should allow a half- 
inch for the Q1 and Q2 pins. This is necessary 
to allow these parts to be placed flat against 
the chassis when mounting as they exit at the 
midsection of the part. 


It is also strongly suggested that you use an 
eight-pin IC socket (SO8) because IC1 is very 
sensitive to static electricity and possible 
errors during the assembly. 


Note that if you are building from a perforated 
or vector circuit board, it is suggested that you 
use the indicated traces for the wire runs and 
insert components starting in the lower left- 
hand corner. Pay attention to the polarity 

of capacitors with polarity signs and all 
semiconductors. 


Route the leads of the components as shown 
and solder as you go, cutting away the unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. The heavy 
foil runs should use the thicker #20 bus wire 
because these are the high-current discharge 
paths. 


3. Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 
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Induction Heater 
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Connect the external components as shown in 
Figure 14-5. Use 6-inch lengths of the wire 
size as noted. 


Create the chassis. as shown in Figure 14-6, 
from a piece of .065-inch 5052 bendable alu- 
minum. Note to trial-fit and measure the 
diameters of the components before drilling 
the holes. Pay attention to the holes for 
mounting Ol and Q2 because these must be 
reasonably accurate to align with the layout of 
the PCB. Also, there must be at least '/x inch of 
clearance between the board and the chassis 


for sandwiching in the PLASTPL plastic 
plate. This prevents grounding out of the 
board wiring traces to the metal chassis. 


The final assembly is shown in Figure 14-7. 
Note the mounting scheme for Q1 and Q2, as 
they must be insulated from the chassis using 
the thermo pads. THERM. These pads allow 
heat transfers and provide electrical insulation 
from the metal chassis. 

Drill the hole for grounding lug LUGI and 


solder the green grounding lead from the 
power cord and circuit board’s earth ground. 


The heating head coil assembly can be built to accommodate a diameter from a 1/2" to a 1" object. The assembly 
with the material shown is intended for using enclosed electrodes in glass tubes such as those used in neon 
tubes, laser tubes, and spectrum tubes. High-temperature materials may be used if you are anticipating using 

for other applictions. 


The coil should be wound with high-frequency wire to limit heating losses. Use #22 litz wire consisting of 
multiple strands of #36 magnet wire. 


1. Fabricate the winding bobbin from 1.25" lengths of 1/16" wall GT fiber glass tubing of your diameter choice of 
1/2, 5/8, 3/4, 7/8 or 1", 
2. Wind an even 1" layer of the #22 litz wire. Glue the start wire with a fast-curing glue. Tape the finished 


winding using a single layer of high-temperature glass tape. 


3, Continue winding layers and repeat step 2 until there are 80 turns. You may truncate the successive 
layers by several turns at each end to keep from slipping off or use a quick-curing glue. 


4. Attach the input leads and attach by gluing and taping into place. 








Finished head may be potted in epoxy or sealed in plastic caps 


The inductances of the various heads will vary as a function of the diameter, Ideal current through the head is 
20 amps peak. You should therefore adjust the frequency of R10 to maintain this value when changing the head 
sizes as the following: 


1/2" head 50 uh 75 KHz 
5/8" head 75 uh 50 KHz 
3/4" head 100 uh 40 KHz 
7/8" head 125 uh 35 KHz 

1" head 150 uh 30 KHz 


These heads are available assembled for those not wanting to attempt winding their own, They are listed in Table 14-1. 


Figure IU-3. Heater head coil assembly 
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Quantum EMF Radiation Protectors 
Biomeredian Aura Field Tests - Actual Bodys Bio Energic Shield 


Wikipedia. Aura -...an aura is 2 field 
of subtle, luminous radiation surrounding 
& person or object like the halo or aureola 
in religious art. The depiction of such an 
aura often connotes a person of particular 
power or holiness_[citation needed] It is 
peneay dl whom ?] that all objects and all | 
iving things manifest such an aura. 
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This junction is TP test point 











1. Black dots are connections points to external leads as shown figure 14-5 


2. The PC board as shown is used in several projects and does not use all the components as indicated. 
Those indicated by an X are omitted for this project. R40 and C40 are added to the pads as shown and 


are not identified on the PC board printing 


3. This circuit uses a 8 pin socket for IC1 as itis prone to failing if there are circuit faults 
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Assembly of the board assembly is shown using a printed circuit board available 
through www.amazing1.com Builders may use a vector board and use the 

component leads to duplicate the foil traces as shown 

On all IND40 assembly boards this jump lead is to be the first part on the board, Once 
the unit is final assembled with the heating head connected in place the jump now can 
now be disconnected. This step prevents static electric damage to the semiconductors. 


Figure 14-4 Assembly of the circuit board 
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Note that we have shown the use of plastic 
bushings (BU38) for the neon indicator lamps 
and output leads, and also BUS8CL clamp 
bushing for the line cord. 


7. Assemble the test jig as shown in Figure 14-8. 
This is a very useful fixture for any 115 VAC 
project up to 300 watts. 


8. Now fabricate the cover to fit the chassis sec- 
tion. Use bendable plastic or a thin, perfo- 
rated aluminum sheet. Secure it to the chassis 
via four screws (SW1) on the folded-up lip in 
this section. 


Project Testing 


Caution: The circuit commonly noted as —RAIL is 
electrically above earthground by over 150 volts. It 
is strongly recommended that you obtain a 200-watt 
isolation transformer before proceeding and testing 
this or other similar direct line powered circuits. 
Experienced experimenters working on dry, wooden 
floors may choose to unground their test equip- 
ment, This can be a dangerous shock hazard! 


|. Connect the ungrounded scope to the TP test 
point, as noted in the Figure 14-2 schematic or 
in Figure 14-4, The lead of R8 is shown con- 
nected to the junction of the drain and the 
source of Ql and Q2 respectively. 


2. Verify that the main power switch S1 is off 
and insert a 2-amp fuse into FH1. Then adjust 
trimpot R10 to midrange and connect CO1 to 
the female end of the cord on the test jig. It is 
important that you verify that the test jig is 
not shorting the ballast lamp. Plug the jig into 
the output of the isolation transformer. 
Quickly turn on S1 and notice NEON] light- 
ing up and the ballast lamp not lighting. If it 
lights, you must troubleshoot and find your 
error before proceeding. 


Press and hold PBI, noting a picture-perfect 
square wave on the scope with the lamp only 
dimly lighting. Quickly adjust R10 for a 20- 
usec pulse period. This corresponds to 50 kHz. 
NEON2 will indicate when PB1 is activated. 
Experienced builders may wish to monitor the 
current to the head using a current probe 
attachment to the scope. This wave shape 
should be another picture-perfect sawtooth of 
20 amps maximum. 


Using the Heater Project 


Obtain a gas discharge tube with an electrode to fit 
into the head size you chose in assembly. 


At this point, it is a good idea to have a meter 
capable of measuring the AC line current, as this 
value is very dependent on the object that you place 
into the head and should not exceed 2 amps. You can 
drop this value by increasing, the frequency, which is 
done by adjusting R10. When heating electrodes, you 
will note the ampmeter dropping in level when the 
electrode is red hot. This is due to the change in the 
magnetic characteristics of the heated material. 


Something to watch out for in this project is over- 
heating the head coil. You may implement a cooling 
fan stand when using the device for multiple tasks. 
Also, the chassis panel where Q1 and Q2 are 
mounted should not be uncomfortably hot to touch. 


Those experienced can create other heads for dif- 
ferent heating tasks and you can even make a 
“quick” heat solder pot. Just make sure you keep the 
switching current below the maximum of 20 amps. 
The inductance of the head should not go below 
80 uh. Alternate head construction must always take 
into consideration heating fatigue and the eventual 
failure of the head wires, bobbin, and construction 
materials for the particular application. 
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Use .065 aluminum sheet 5052 bendable we 


CHASSIS 


2,0 


Fabricate the front pane! holes as required for the 
components used. Trial fit before drilling 






Figure 14-6 = Chassis fabrication 
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THERMO1 


View shows mounting method of Q1 and Q2 
as they must be insulated from the metal chassis 






Chassis ground to 
green lead of power 
cord and board 


Twist these leads to heating head 
Use 24" lengths of # 16 viny! wire 






Plastic plate 
From figure 14-3 


Figure 1W-7— [sometric of final assembly 


This test jig as shown prevents catastrophic damage to 
AC powered circuitry in the event of a fault when first 
assembled. Basically it uses a 60-watt lamp as a 
ballast, connected in series with the hot wire of the AC 
line. The lamp will usually allow ample current to flow 
for operational circuit verification yet limit short circuit 
current to that of the lamp should the circuit have a 
catastrophic fault. It is suggested that the serious 
experimenter construct this test jig and enclose it in a 
suitable container with receptacle for plugging in any 
AC circuit under test. 










80-watt lamp 


lamp socket 


male plu 
ie Short three-wire power cord female receptacle 


Figure 14-8 Useful test jig for line-drive circuits 


MORE Electronic Gadgets for the Evil Genius 1 ie 


Ze AeeyY uot Aonpul 


Chapter Fourteen 


Table 14-1 Induction Heater Parts List FUS1 2-amp slow blow 3AG fuse 


PBI Normally closed push-button switch 
Ref. # = Des crip. tion ee ee ea ge Part # SWI Single pole, single throw 
R2,3 ‘Two 18K 3-watt resistor . (SPST) toggle switch 
R4 100-ohm, !/4-watt Col Three-wire line cord 
istor (br-blk-b: 
poner tee te) LUGI #6 solder lug 
R6,7 Two 15'/s-watt resisto 
etegeestis. = $08 Eight-pin integrated 
circuit (IC) socket 
R8 10-ohm, 3-watts metal c 
cide resitor THERMI Two thermo mounting pads 
for Q1 and Q2 
R1O 5K vertical tri 
ee atime PCLINE Printed circuit board (PCB) DB# 
Ril 1 K V/s-watt resistor : PCLINE 
br-blk-red 
(br 7 WNi Two small wire nuts 
R12 100 K '/s-watt resistor . ' 
(br-bik-yel) or 10-ohm CHASSIS — Chassis fabricated from 


.065-inch aluminum 


3-watt metal oxide resistor 
sheet per Figure 14-6 


Rx coo COVER Cover fabricated from plastic 
sheet to fit chassis (see Figure 14-6) 
C2 si ieiaicadtmaraiein BU38 Three */-inch plastic bushings 
ej O1-microfarad. 50-volts BUS8CL ‘/s-inch clamp bushing for cord CO1 
plastic capacitor (103) SW1 Five #6 X 4/s-inch sheet metal 
e ee screws for cover and LUGI 
plastic capacitor SW2/NU1 ‘Two 6-32 X '/2-inch nylon screws 
C5,6 Two 1.5-microfarad, 400-volt mt 
metal polyester capacitors WR24 24 inches of #24 vinyl stranded 
C7 .0015-microfarad, 600-volt tia hia 
polypropylene capacitor WR20 24 inches of #20 vinyl stranded 
10,11 Two 200- to 800-microfarad, ae 
200-volt vertical electrolytic WRI16 48 inches of #16 vinyl stranded 
capacitors hookup wire 
C12 .01-microfarad, 2-kilovolt 


Q PLASTIC 2 X 4-inch plastic insulating plate 
disc capacitor 


for under PC board 
C40 50-picofarad, 6-kilovolt HEAD12 Head with 'h-inch clearance hole DB# 
ceramic capacitor HEADI12 
D1,2,3,4 Fi our 1,000-volt, 3-amp HEADS58 Head with ‘/s-inch clearance hole DB# 
rectifiers (1N5408) HEADS58& 
ue Shaye oe fast HEAD34 Head with inch clearance hole DB# 
diode (1N4937) HEAD34 
Zl 15-volt, sips zener HEAD78 Head with /-inch clearance hole DB# 
diode (1N5245) HEADY 
Q1,2 wi i mea HEAD10 Head with 1-inch clearance DB# 
con ee cial hole and head parts for those HEADIO 
transistors (MO ) wanting to attempt assembly 
ICl TR2153 half-bridge driver 


WR22LITZ #22 LITZ of multiple strands 
NEON1,2 Two neon indicator of #36 enamel wire 
bulbs with leads BOBBIN _1.25 inches of 5-inch GT tubing 


FHI Fuse holder panel mount 


i a a 
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This project, as shown in Figure 15-1, provides the 
high-voltage experimenter or researcher a DC source 
of 5 to 60 kilovolts at 5 milliamps. The system is short- 
circuit protected and current limited by inductive 
ballasting. This circuitry is excellent for high-energy 
capacitor charging intended for high-power applica- 
tions. The charging current is fully adjustable and 
easily converts to a voltage source by the addition of 
load resistors. It is an excellent device for large gravity 
and lifter research, as well as normal, high-voltage 
laboratory functions. 

This is an advanced-level project requiring 
electronic skills and high-voltage experience. Expect 
to spend $100 to $250. All parts are readily available, 
with specialized parts obtainable through Information 
Unlimited (www.amazing].com), and they are listed 
in Table 15-1. 


Basic Description 


This project is shown constructed in two sections. The 
first section is the power conditioning and control 
circuitry. This is where the 115 VAC level is converted 
toa variable-frequency, high-voltage current source 
between 15 and 30 kHz. The second section is the 
high-voltage multiplier circuitry interconnected via a 
short umbilical cable from the power control section. 
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Figure 15-1 





50-Kilovolt power supply 


The multiplier section is a Cockeroft-Walton half- 
wave circuit consisting of LO capacitors and diodes 
connected in the ladder configuration, along with a 
peak-current, high-voltage-limiting resistor. 


Circuit Operation 


The power cord (CO1) supplies 115/220 VAC from a 
wall receptacle where the third, green, grounding 
lead wire must be securely attached to the metal 
chassis (CHASSIS) for safety (see Figure 15-2). 

Switch $1 energizes the primary circuits and fuse 
FUS1 protects the main circuit from any catastrophic 
faults. The indicator lamp NEON1 requires current- 
limiting resistor R12 and lights up when SW1 is 
turned on. The peak charging current to capacitors 
C10 and C11 is limited by in-rush resistor Rth. The 
rectifiers D1, D2, D3, and D4 are shown in a full-bridge 
configuration when used for 220 VAC input. D1 and 
D3 are used for 115 VAC operation only along with 
the jumper, JUMP, in a voltage-doubler configura- 
tion. The output voltage across C10 and C11 is 300 
VDC and is referred to as the plus and negative rails. 

Dropping resistors R2 and R3 provide voltage to 
the oscillator driver [C1. Capacitor C2 provides the 
high instant of current for the output pulses and must 
be physically close to IC1. 


These drive pulses turn off and on the main 
MOSFET switches Q1 and Q2. The switching 
frequency is determined by the time constant of 
power control pot R21 and timing capacitor C3.A 
limit resistor R11 prevents driving the circuit beyond 
the intended limits. You will note that R21 is part of 
switch S1. 


The switching circuit is in a half-bridge configuration 
where the MOSFET connected to the positive end 
(+ rail) must be driven with its source pin referenced 
at 150 volts above the common end (— rail). This ts 
accomplished by biasing a bootstrap capacitor C4 
through ultrafast diode D5, providing the correct DC 
level to fully control Q1, Resistors R6 and R7 elimi- 
nate the high-frequency parasitic oscillation that 
occurs as a result of rapidly switching the capacitive 
load of the MOSFET gates. The transition time of the 
switched pulses across O1 and Q2 is slowed down by 
a network consisting of capacitor C7 and resistor R8. 


The resultant time constant limits the rate of voltage 
rise dv/dt rate, which could cause premature turn-on 
at the wrong switch, creating a catastrophic fault 
mode. 


Capacitors CS and C6 provide a voltage midpoint 
and produce the necessary storage energy to main- 
tain the voltage level of the individual pulses. The 
output is taken at the junction of O1/O2 and C3/C6 
and is a square wave fed to the primary of trans- 
former T1, inducing the high-voltage output in the 
secondary winding. 

A safety shutdown circuit, consisting of a spark 
breakover switch, fires when the voltage exceeds a 
certain level and is fed to isolation transformer T2. 
The output is now rectified by diode D6 and inte- 
grated onto capacitor C8. When this voltage exceeds 
a preset level controlled by trimpot R4.a trigger level 
now turns on the silicon switch, SCR, and crowbars 
the voltage to the drive chip IC1, shutting it down 
and disabling the high voltage until reset by power 
remoyal. 

The 15,000-volt, high-frequency output is fed to 
the voltage multiplier stack, consisting of capacitors 
C14 through C21 and diodes D7 through D14. The 
resultant 50,000-volt DC output is in series with 
peak-current-limiting resistors (R17 through R20). 


Assembly of the Driver 
Section 


1. Assemble the circuit board as shown in Figure 
15-3. Note to allow a length of a half-inch for 
the pins of Ol and O2. This is necessary to 
allow these parts to be placed flat against the 
chassis when mounting. 


It is also strongly suggested that you use an 
eight-pin integrated circuit socket (SO8) 
because IC1 is very sensitive to static electric- 
ity and possible errors during assembly. 


Note that if you are building from a perfo- 
rated or vector circuit board, it is suggested 
that you use the indicated traces for the wire 
runs and insert components starting in the 
lower left-hand corner. Pay attention to the 
polarity of the capacitors with polarity signs 
and all the semiconductors. 
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Route the leads of the components as 
shown and solder as you go, cutting away 
unused wires, Attempt to use certain leads as 
the wire runs or use pieces of the #24 bus 
wire. The heavy foil runs should use the 
thicker 
#20 bus wire as these are the high-current 
discharge paths. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Assemble the transformer as shown in Figure 
15-4, or you may purchase this part as noted 
on the parts list. 


Connect the external components as shown in 
Figure 15-5. 


Fabricate the chassis as shown in Figure 15-6 
from a piece of .035-inch 5052 bendable alu- 
minum. Note to trial-fit and measure the 
diameters of the components before drilling 
the holes. Pay attention to the holes for 
mounting O1 and Q2, as these must be rea- 
sonably accurate to align with the layout of 
the PCB. Also, there must be at least '/s inch of 
clearance between the board and chassis for 
sandwiching in the PLASTPL plastic plate. 
This prevents grounding out of the board’s 
wiring traces. 


Fabricate the plastic base from a 9 X 6-inch 
piece of '/16-inch Lexan sheet, as shown in 
Figure 15-7. 


Fabricate the parts as shown in Figure 15-8 for 
the over-voltage shutdown switch. 


Attach the metal chassis to the plastic base 
via four screws and nuts, SW12/NU1 (see 
Figure 15-9). 


Attach the shutdown switch assembly from 
Figure 15-8 using sheet metal screws SW 1. 


Mount the assembled PCB, as in Figure 15-3. 
Note that Q1 and Q2 are mounted using the 
insulating THERMOI1 pads with the nylon 
screws. Mount the prewired front panel com- 
ponents, as in Figure 15-5. 


11. Mount transformer T1 via an 8-inch tie wrap. 
Note the cores of Tl are wrapped with a 
single turn of #18 bus wire and this is con- 
nected to the ground lug electrically ground- 
ing the core. 


12. Mount transformer T2 using a piece of double- 
sided foam tape or glue it in place. 


13. Mount the remaining hardware, wiring lugs, 
and so on. 


14. Proceed to wire everything as shown in Figure 
15-10. Use twist pairs where noted or tie-wrap 
to neaten its appearance (see Figure 15-11). 


15. Double-check the wiring for any obvious 
errors. You should have a finished assembly 
resembling Figure 15-12. The unit is now 
ready for the basic pretest. 


Pretesting the Driver 
Section 


This step will require basic electronic laboratory 
equipment including a 60 MHz oscilloscope 


1, Assembly the test jig as shown in Chapter 14 
Figure 14-8. This fixture is a very useful for 
any 115 VAC project up to 300 watts. 


Caution: The circuit commonly noted as —RAIL is 
electrically above ground by over 150 volts. It is 
strongly recommended that you obtain a 200-watt 
isolation transformer before proceeding and that 
you test this or similar direct-line-powered AC cir- 
cuits. Experienced people working on dry, wooden 
floors may choose to unground their test equip- 
ment. This still can be a dangerous shock hazard! 

2. Connect the scope to the test points as noted 
in the Figure 15-2 schematic or as shown in 
Figure 15-4. The lead of R8 is shown connected 
to the junction of the drain and the source of 
Q1 and O2 respectively. 


3. Short out the output leads. 
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1. Black dots are connections points to external leads as shown figure 15-5 PC1 
2. The PC board as shown is used in several projects and may not use all the components as indicated. 


3. This circuit uses a 8 pin socket for IC1 as it is prone to failing if there are circuit faults 
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Assembly of the board is shown using a printed circuit board available through 
Wwww.amazing1.com Builders may use a vector board and use the component leads 
to duplicate the foil traces as shown. 


Figure 15-3. Assembly of the circuit board 
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Chapter Fifteen 


The special ferrite transformer used in this project is available ready to use and is listed on table 15-1. The 
transformer is designed with a certain amount of leakage reactance between the primary and secondary 
winding to allow limited short circuit current. This approach allows charging capacitors without the use of lossy 
resistors. While this is an advantage in circuit protection is has the disadvantage of requiring transistor 
switches (FETS) that now must switch the reactive leakage current in addition to the real load current. We 
show our circuit using high current switches that alleviate this problem. 


The design specifications are shown for those advanced builders desiring to attempt winding their own. 


is The secondary is wound with 3500 turns of #39 heavy insulated magnet wire. Start with a bobbin that 
will fit over the cores and wind about a %" layer evenly and without cross overs. The layer should consist of 
about 200 turns. Note to exit the start of your winding as this is the common connection. Tape the winding 
using 2 mil polypropylene tape and wind the second layer until you have a total of 3500 tums. This equates 
out to 18 layers!! (good luck doing this by hand) You now must pot the assembly and this will require a cup to 
hold the windings and out gassing using a vacuum pump on both the winding assembly and the potting 
material. We use a two part silicon rubber GE#627. 


2. The primary is far easier to do and requires another bobbin now only winding 80 turns of #22 Litz high 
frequency wire. This will require two layers and is taped together using mylar tape. 


3, Assemble the core set and space with 5 mil (.005)" shims. Tape the assembly tightly together. 


Note: This type of transformer is often incorrectly referred to as a “flyback transformer". A flyback unit 
physically looks similar but this is where it ends. A fly back unit stores energy in the core that is mainly across 
the air gap as this is a very high reluctance compared to the actual ferrite part of the core. This energy builds 
up as long as the transistor is on and then "flies back" when the transistor switches off. 


= = 
Measured parameters: 
Open circuit primary inductance.......... 5.5 mH OUTPUT LEAD 
short circuit primary inductance.......... 1 mH 


Open circuit secondary inductance....... 10H 
Short circuit secondary inductance....... 2H 


Gap between 


core halves 





HV RETURN TO GROUND 


#18 solid magnet wire can be used however high frequency LITZ wire will give a slight improvement. 
You can make this wire by obtaining 6 pieces of #26 magnet wire and twist together as a single wire. 


Figure 15-4 Assembly of transformer 
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Two 3/8" holes spaced 
as shown for R20/S1 











You will have to drill 
several other small 
holes for mounting to 


You may want to trial fit front panel ote a ei oie 
components before drilling the Savon BS ee 


mounting holes 
14) — 

















1/2" hole 


It is important that the two holes for 
All important dimensions are shown. It esphak daedlanglanate stor Gd rify 
suggested to trial fit the holes to the \ thei ag : 

: positions after you assembly the 
particular component and locate as shown board as shown in figure 15-2. 
Remove all sharp edges and burrs 


Figure 15-6 Chassis fabrication 







Material is .063 lexan or other bendable plastic 







Drill mounting and mating holes as you 
go. Attempt to follow our layout as 
closely as possible. 






ter Fifteen 
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Figure 15-7 Plastic base fabrication 
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ot _ i6| # Hole diameters 14" 


BRK1 Top holder 


| Hole diameters 125" 
for #6 sheet metal screws 
| both top and bottom 


1! 
| 


MTB1 Mounting block 


Figure 15-8 Creating the shutdown switch 


4. 


Verify the main power switch S1 is off and 
insert a 2-amp fuse into FH1. Connect CO1 to 
the female end of the cord on the test jig and 
adjust both trimpots to midrange. Verify the 
test jig is not shorting the ballast lamp and 
plug the jig into the output of the isolation 
transformer. Quickly turn on $1 and note 
NEON1] lighting and the ballast lamp not 
lighting. If it brightly lights up, you must trou- 
bleshoot and find your error before proceed- 
ing. Otherwise, note a picture-perfect square 
wave on the scope with the lamp only dimly 
lighting, Adjust R21 full clockwise and adjust 
trimpot R10 for an 80-usec pulse period. This 
corresponds to 12.5 kHz. Experienced 
builders may wish to monitor the current to 
T1 using a current probe attachment to the 
scope. This waveshape should be another pic- 
ture-perfect saw tooth of 8 amps maximum, 
This is a reactive current and is not reflected 
as an input current due to the phase angle. 


Turn the unit off and unshort the output leads. 
Adjust the spark switch screws '/s of an inch. 


SW10/NU1/LUG1 
Swi 
Base from figure 15-7 
SWI 





Turn on R21/S1 and very quickly rotate 
clockwise, noting the unit shutting down as 
apparent by the absence of the waveshape at 
the test point. If this does not occur instantly, 
you will need to readjust the switch gap or trim- 
pot R4 clockwise until the shutdown activates. 
If it does not, you must troubleshoot the circuit. 
This completes the driver section of this system. 


Assembly of the Multiplier 
Section 


Assembly of this section requires solder joints to be 
large, smooth, and globular. This is contrary to nor- 
mal soldering practices but is necessary to reduce hv 
leakage. 


BL 


Fabricate the MULTIBOARD board and two 
BRK2 brackets, as shown in Figure 15-13. 


Assemble the diodes and components as 
shown in Figure 15-14, but do not solder at 
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this time, Assemble the resistor tube for R17- 
20 as shown. 


Mount the capacitors C14 through C21 and 
the remaining components as shown in Figure 
15-15. Insert the BAF1 baffle plate to insulate 
and separate the left and right rows. 


Proceed to solder all the joints, noting that the 
capacitor and diode connections should be 
smooth, round balls of solder '/s to */15 of an 
inch wide. This may be tricky with all the leads 
but should be done to avoid leakage, especially 
the last four capacitors. 


Sleeve resistor R14 into a plastic sleeve, as 
shown in Figure 15-16. 


The final assembly is shown in Figure 15-17. 
Note you have a choice of an output lead or a 
spherical terminal. 


Figure 15-12 ; Driver section 
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Final Testing 


This step requires basic electronic laboratory equip- 
ment including a 60 MHz oscilloscope along with a 
high-voltage meter with a 40 kilovolt de rating. You 


will need a high-voltage load resistor to verify output 
power capabilities, 


1. 


Connect the driver and multiplier sections 
together and separate them by at least 3 feet. 
Keep the high-voltage wire from the driver 
away from other conductive objects. Follow 
Figure 15-11 for the driver and Figure 15-17 
for the multiplier interconnecting wiring. 


Obiain a load resistor of around 10 megohms 
of at least 100 watts. This resistor must be able 


to support at least 50,000 volts. Our laboratory 


load resistor consists of 180 47k, l-watt resis- 
tors connected in series and then inserted into 
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BRK2 Brackets two required 
2 Fabricate from 42" copper sheet. 
Vertical holes drill %," for clearance 
of 6-32 x 4" screws 
<a> Bottom hole drill "%," for 8-32 x 2" 
J mounting screws 
ie 
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MULTIBOARD1 Fabricate from a 12 X2%" x ¥5" piece of G10 printed 
circuit board stock or poly carbonate. 


is” ie 





ine 


Figure 15-13 Creating the multiplier board 
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some polyethylene tubing, along with the ter- 
minating high-voltage leads. The tubing is 
then coiled, maintaining adequate clearance 
of the terminating leads. This is a very tedious 
assembly but works well for powers up to 300 
watts at 100 kilovolts. Connect the load to the 
output and common leads. 





Assuming that the driver is properly function- 
ing, proceed to apply power and slowly turn the 
power control pot R21 to full clockwise, noting 
a line current draw of about 2 amps. Very care- 
fully measure around 35 kilovolts at the output 
using a 40-kilovolt probe such as an HV44 or 
similar, The load resistors should start to get 
warm. 
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This is the HY common 
input and output 


Cnn i} & 


This ts the HV Input 


Fy connection screw 


Figure 15-IY Diode layout and wiring 





MORE Electronic Gadgets for the Evil Genius 127 


BAF 1 separator baffle is inserted between the left 
and right capacitors. It is held in place by dabs 
of silicon rubber. Use a piece of 2x 11" piece of 
G10 of lexan polycarbonate. 






Note R14 may require extending the leads. This 
resistor must be sleeved into a plastic tube TUBE1 
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This is the HY common 
input and output 


This is the HV input 
4 connection screw 
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Th 


is is the meter output level crew 


Figure 15-15 =Mount capacitors and remaining components as shown here. 
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Figure 15-16 9 Multiplier internal photo 


4. Allow to it run for several minutes and note 
that Ql and Q2 are only slightly warm to the 
touch. 


5. Reverify the operation of the shutdown cir- 
cuit to prevent damage to the circuit compo- 
nents in the event of over-volting. 


Applications De 


This unit is excellent to use for powering large anti- 


gravity lifters because it is not damaged by short- 
circuiting the output. It can also be used for charging 
capacitors up to 50,000 volts or as a voltage source 
with a load resistor of 20 megohms. The charging 
current is 4 to 5 milliamps and charges as a current 
source. 


DANGER! |mproper contact or use of high-energy 
capacitors can result in death by electrocution or 
injury due to explosive discharges. 
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Out put lead as shown is a length of 40 kv silicon 
high voltage wire. You may sleeve this into 
some appropriate sized polyethylene tubing for 
added insulation if running a long output lead. 
You may also use a 2" diameter metal sphere for 
an out put terminal. 


Drill holes in bottom cap CAP1 and base to mate to screws 
from multiplier board figure 15-15. These are for the input 
connecting screws that also serve for attaching the 
assembly together. 


-=-=- 8, 






X-ray view of method for 
attaching tubular feet to 
base. Note use a 
smooth stove bolt as it 
helps prevent corona 


‘ | | } 

YO On 
c “HV COMMON =” HV INPUT 
Q) —-CAP2/BOLT1/NU14 “Sian 


6 pl 
HV INPUT 


@ Base is shown as a clear piece of 8 
4 5 x 8x %' clear plexiglas sheet. You 


may use plywood instead. HV COMMON AND 


METER LEVEL 


(2. 
14) 
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Fig ure 15-I7 Final assembl ly 
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Table 15-1 5SO-Kilovolt Power Supply 


Ret. # 


Rl 


R10 
RS, 11 


R9, 12 


Rth 


R15, 16 


R14 


R17-20 


R2U/S1 


or 


G3 


C10, 11 


C12, 13 


Cl4-21 


PZ1 


Description 


100-ohm, '/4-watt resistor 
(br-blk-br) 


Two 18K, 3-watt resistors 
Two 2K vertical trimmers 


Two 15 '/4-watt resistors 
(br-grn-blk) 


10-ohm, 3-watt metal 
oxide resistor 


5K vertical trimmer 


Two LK !/4-watt resistors 
(br-blk-red) 


Two LOOK !/4-watt resistors 
(br-blk-yel) 


limiter 5-amp in-rush 


Two 12-ohm, 2-watt carbon 
resistors (br-red-blk) 


100 meg, 20-kilovolt tiger 
resistor 


4 100K, 2-watt ceramic 
resistor 


1OK pot and 115 VAC 
switch 


10-microfarad, 50-volt vertical 
electrolytic capacitor 


O1-microfarad, 50-volt plastic 
capacitor (103) 


.1-microfarad, 600-volt plastic 
capacitor 


Two 1.5-microfarad, 400-volt 
metal polyester capacitors 


.0015-microfarad, 600-volt 
polypropylene capacitor 


47-microfarad, 50-volt 
plastic capacitor 


Two 200- to 800-microfarad, 
200-volt vertical 
electrolytic capacitors 


Two .01-microfarad, 2-kilovolt 
dise capacitor 


Eight .0047-microfarad, 
20-kilovolt ceramic capacitors 


420-volt suppressor 


DB Part # 


(KC006-LND) 


DB# 1OOKCER 


DB#.0047/20 KV 


D1, D2, Four 1,000-volt, 
D3, D4 3-amp rectifier (1N5408) 


DS 1-kilovolt, l-amp fast diode 
(1N4937) 
D6 IN914 small-signal diode 
D7-14 Eight 30-kilovolt, DB# 3VG30 
5-milliamp fast-recovery diodes 
SCR EC103 A, 12 uamp sensitive 
gate silicon-conirolled 
rectifier (SCR) 
Q1,2 TRFP450/460 metal-oxide- 
~ semiconductor field effect 
transistor (MOSFET) 
ICl IR2153 half-bridge driver 
Ti High-volt transformer DB# FLYPVM 
assembled as shown in 
Figure 15-4 
T2 8/500-ohm audio transformer 
S08 Eight-pin DIP socket 
NEI Neon indicator bulb with leads 
FHI Fuse holder panel mount 
FUS1 3-amp slow blow 3AG fuse 
METER 50 uamp, 3-panel meter DB# METERSOL 
Col Three-wire line cord 


LUGIL Eight #6 solder lugs 
LUGI4 Three '/1-20 lugs 


THERMI1 Two thermo mounting pads for 
Ql and Q2 


PCLINE _ Printed circuit board (PCB) DB# PCLINE 
BU38 Three */s-inch plastic bushings 


BUS8CL —4/s-inch clamp bushing for 
cord COI 


WRISGTO 4 feet of 15-kilovolt GTO 
flexible wire 


WR40KV 12 inches of 40-kilovolt DB# WR40KV 
high-voltage silicon wire 


WR20 10 feet of #20 vinyl hookup 
wire 


WR24 12 inches of # 24 vinyl hookup 
wire 


WR20B 12 inches of # 20 bus wire 


WRI8B 24 inches of #18 bus wire 
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Chapter Fifteen 


Table 15-1 continued 


Fabrication 


Ref. # Description 


CHASSIS 


COVER 


BASEPLATE 


BRKI 


BRK2 


MTB! 


PLASTPL 


MULTIBOARD1 


BASE 


BAPFI 


Chassis created from 
.065-inch aluminum as 
per Figure 15-6 


Cover created from 
plastic sheet to fit 
chassis 


Base plate created from 
.065-inch Lexan 
per Figure 15-7 


Bracket created from 
.035-inch copper per 
Figure 15-8 


Two brackets created 
from .035-inch copper 
per Figure 15-13 


Mounting block created 
from .75-inch PVC 
plastic 


4.5 X 2.5 piece of 
insulating plastic, shown 
in Figure 15-9 


Multiplier board 
created from .065-inch 
Lexan per Figure 15-13 


Base created from 
8 X 8 X ¥s-inch Plexiglas 
per Figure 15-17 


Baffle separator created 
from .065-inch 

Lexan per Figure 15-15, 
available from a 
hardware store 


OB Part # 


swl 


SWNYLON 


SW12 


SW10 


SWsl 


BOLT! 


NU1 
NU2 
NUI4 


CAPI1 


CAP2 


PEETI 


EN! 


TUBE 


Five #6 '/s-inch sheet 
metal screws for 
cover and MTBI 


Two 6-32 '/2-inch 
nylon screws 


Ten 6-32 '/2-inch 
screws 


Two 6-32 X 1-inch 
screws 


Three 8-32 X 2-inch 
screws 


Four !/4-20 * 1!/2-ineh 
stove bolts 


Sixteen 6-32 keep nuts 
Six §-32 keep nuts 
Four 14-20 hex nuts 


Two 3-inch PVC flat 
caps (GENOVA# 
70153) 


Four !/2-inch PVC flat 
caps (GENOVA# 
30155) 


Four pieces of '/2  3-inch 
PVC tubing 


3 & 15-inch PVC tubing 
10 inches of */* ID « 


2 OD flexible plastic 
tubing 
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This very advanced project (shown in Figure 16-1) is 
intended for the experienced experimenter and 
researcher in the field of high-voltage and high- 
energy circuitry, The magnetic cannon accelerates a 
projectile at high velocities with considerable kinetic 
energy; this is accomplished strictly from a magnetic 
pulse. Not only is this project a dangerous electrical 
device, it is also kinetically hazardous, as the acceler- 
ated projectile can cause serious injury and even 
death. The same consideration and respect given to a 
firearm must be given to this project. A video demon- 
stration of this device blasting large holes through a 


wall can be seen at www.amazing|.com. 





Figure 16-1 


The magnetic cannon 





— 


Under the correct supervision, the magnetic can- 
non can provide a high-action science project demon- 
strating several important electrical laws that involve 
electromagnetic reactions. Lenz’s law and the 
Lorentz JXB forces are clearly utilized in this device. 
The system as shown can provide the experienced 
hobbyist hours of fun and entertainment by experi- 
menting with its effect (its impact) on various objects. 

This is an advanced level project requiring elec- 
tronic skills and high-voltage experience. Expect to 
spend $300 to $500 unless you have access to the 
surplus market. All parts are readily available and 
any specialized parts are available through Informa- 
tion Unlimited (www.amazing|.com) and are listed in 


the parts list at the end of the chapter. 


Theory of Operation 


A nonmagnetic conductor such as aluminum is 
placed in a time-variant magnetic field. Induced cur- 
rents in the aluminum produce currents that, in turn, 
produce opposing magnetic fields thereby causing a 
moment of acceleration of the aluminum piece. In 
this project the aluminum piece is in the form of a 
large flat washer that is the projectile. The aluminum 
projectile has a hole in its center with a mandrel 


guide to keep it traveling in a straight line. 


The heart of this project is the accelerating coil. It 
is what couples the energy (the electrical current) to 
the aluminum ring (the projectile). Optimum effi- 
ciency is dependent on the coupling to achieve maxi- 
mum projectile kinetic energy. This requires a 
minimal proximity of the projectile to the coil along 
with minimal air gaps (such as the spacing between 
the wires of the coil and the geometry of the coil as 
related to the dimensional format of the projectile). 
Also the inductive value of the coil is related to the 
storage capacity to provide the current rise over a 
time period that is dependent on the physical param- 
eters of the projectile. The associated second-order 
differential equations that mathematically determine 
these parameters are beyond the scope of this mate- 
rial. Although the mathematical purist will find a 
deviation from maximum efficiency by using differ- 
ent materials, practically speaking, there are materials 
of different sizes and materials that offer a cost- 
effective compromise. An example is the use of 
square magnetic wire in place of conventional round 
stock wire. Using square magnetic wire for the coil. 
when properly wound, will provide more kinetic 
energy to the projectile due to reduced air space 
(reluctance); however it is quite difficult to wind and 
usually requires purchasing a significant amount at a 
healthy price. 

The shape and timing parameters of the coil- 
magnetizing pulse must be related to the projectile to 
achieve optimum efficiency. A current rise that is too 
fast will cause slippage (magnetic cavitation). Note 
that one definite disadvantage of this method of 
acceleration is that the projectile is influenced over a 
very short distance. Velocity, now being the square 
root of the acceleration times the distance, is limited. 
To achieve high resultant velocities requires a very 
high moment of acceleration. Projectiles using con- 
ventional explosives current detonators and boosters 
could be prone to sympathetic initiation by these 
high g accelerating forces at the time of launching. 


Circuit Theory 


This project as shown in Figure 16-2 is constructed 
operating from 115 vac household current. It also can 
be built to operate from 12 volts or built-in batteries. 





A high-voltage current-limited 60 Hz transformer 
(T30) steps up the 115 vac to 6,500 vac and is recti- 
fied by high-voltage diodes (D31 through D34). DC 
current now charges the energy storage capacitors 
(C30) through the isolation resistor (R30) to a pro- 
grammable value, as selected by the operator. It is 
this stored energy that is discharged into the acceler- 
ator coil (L1) as it is switched by the spark gap 
(GAP1). Once switched into the coil, the now rapidly 
rising current wave induces a current into the alu- 
minum ring projectile (PROJ1). It is this induced cur- 
rent that now generates a very high magnetic 
moment and repels the initial field in the accelerator 
coil, causing a moment of intense accelerative forces. 
Those not familiar with this concept often ask why an 
aluminum ring? The answer is that a magnetic mate- 
rial would now be attracted and thus would neutral- 
ize the repulsion. 

The initializing of the circuit commences by turn- 
ing on the key switch (S2). This switch is intended to 
keep unauthorized personnel from powering up the 
system. The key switch controls 12 volts of DC power 
necessary to energize the relay (RE1), with normally 
open contacts controlling power to the high-voltage 
transformer (T30). 


‘The controlling system, as shown, consists of 
momentary pushbutton switches that start the charg- 
ing action (S4) and can stop this action via switch 
(S5). Triggering the momentary pushbutton switch 
(S3) supplies power to the trigger module (TRIG10) 
and firing trigger gap (GAP2), thereby initiating the 
main gap GAP2 and switching the energy from the 
storage capacitors C30 into the accelerator coil L1. 
Charging voltage to C30 is controlled by the poten- 
tiometer R14. Once set, the voltage will maintain its 
preset level until triggered or readjusted. Meter M1 
indicates the charge voltage and is calibrated by the 
trimpot (R16). 

The transformer (T1) supplies 12 volts of AC that 
is rectified by diodes (D1 through D4), filtered by 
capacitor C4, and regulated by zener diodes (Z1 and 
Z2) to 12 volts de in order to power the control cir- 
cuits. The indicator light-emitting diode (LED1) illu- 
minates when the key switch is energized. The second 
indicator LED (LED2) illuminates when charging of 
C30 is taking place. A buzzer (BUZ1) sounds when- 
ever there is a charge voltage on C30. This is a safety 
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device to warn the operator that a voltage exists on 
the storage capacitors. Sense voltage is obtained for 


the meter and charge voltage control circuit via string 


resistor R13. The safety level voltage is obtained 


through the resistor string (R15). 


Assembly Steps 


an 
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Cut a piece of .1 X .1 grid perforated circuit 
board (PB1) 6 X 4'/2 inch. You will have to 
drill holes for transformer T1 and relay RE1. 


Insert the components as shown in Figure 
16-3, starting from the lower left-hand corner. 
Count the perforated holes as a guide. Note 
the polarity marks on capacitors and diodes. 
It is suggested that you use a socket (SO8) for 
the LM741 integrated circuit (11). 


Wire the components as shown in Figure 16-3 
using the leads of the actual components as 
the connection runs. These are indicated by 
the dashed lines. Always avoid bare-wire 
bridges and globby solder joints. Check for 
cold or loose solder joints. Note the symbols 
indicating wires to external components and 
to solder junctions beneath board. 


Assemble the resistor dividers (R13 and R15) 
as shown in Figure 16-4 from seven 1.2 meg, 
‘/-watt resistors that are all connected in 
series and sleeved into a !/4-inch ID flexible 
plastic tubing. Place these along with the con- 
necting leads. The leads connected to R30 
must be rated for 10 kilovolts. Connect the 
external components using #20 vinyl-jacketed, 
stranded wire. Attach and solder shunt resis- 
tor R16 across meter M1, Sleeve in the 
connection. 


Connect the three high-voltage diodes (D35, 
D36, and D37) in series as shown in Figure 
16-5. Make sure there are no sharp edges on 
solder joints and then sleeve into a plastic 
tube with a short piece of high-voltage wire 
lead. 


Connect the remaining components, noting 
that some may have to be unsoldered when 
routing through the panel, as shown. Verify 


proper lengths of connecting leads with other 
figures in the project. 


Fabricate the chassis from a sheet of .063 
aluminum as shown in Figure 16-6. The front 
panel holes are shown to approximate layout 
and size. These should be verified with all 
parts for hole size and location. 


Fabricate a 6 X 7'/2 inch sheet of plastic 
(PLATE1) to insulate the assembly board 
connections as shown in Figure 16-7. Assem- 
ble T30 to the chassis using screws and nuts. 
Include solder lugs for grounding the power 
cord and assembly board. 


Fabricate a 2'/4 x 7 inch piece of plastic 
(PLATE2) for mounting the four rectifiers 
(D31 through D34) and resistor R30, Use 
two-sided sticky tape or silicon rubber to 
secure. Use a long screw or piece of threaded 
rod with an insulating washer on top side of 
resistor. 


Assemble components to the front panel, as 
shown in Figure 16-8, and then finalize the 
wiring to complete assembly. Use pieces of 10 
kilovolt-rated wire for those that are shown as 
heavy traces. Other leads are made from #20 
vinyl-jacketed, stranded wire. The grounding 
leads shown are from the power cord, assem- 
bly board, and D33/D34 to the lug on T30, 
Output leads are shown as the TRIGGER, 
COMMON GROUND, and HY OUTPUT. 
Observe all notes on this figure. 


Circuit Testing 


10. 


11. 


Obtain a ballasted 115 vac power source. You 
can make this simply by placing a 60-watt 
lightbulb in series with the hot side of the 
power line, which is usually designated by the 
black lead. Do not eliminate the green earth 
ground connection. 


Verify all switches are off and then insert a 
3-amp fuse into FU1. Temporarily connect the 
high-voltage output to the chassis ground. 
Output is current limited by the leakage 
inductance of T30. 
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12. Plug into the ballasted 115 vac source. Turn on This concludes the basic test of this circuit but 
$6 and the key switch. Note LED 1 lighting. does not verify the programming voltage function, 


Check control of both these switches as they meter reading and calibration, or the safety buzzer. 
are connected in series. 


13. Push $3 and note a high-voltage spark at the 
trigger output lead. Assembly of the Completed 


14. Push S4 and note the relay latching and S ystem 
60-watt lamp starting to light. The unit may 
chatter in this mode. LED2 should light in 


coincidence with the relay. 15. Fabricate the upper and lower deck pieces, as 


shown in Figure 16-9. Fabricate four pieces of 
5'/2-inch PVC tubing for the pillar spacers 
located at each corner. 
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Figure 16-3 Assembly board parts layout — 
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Fabricate from .063 aluminum sheet 








Figure 16-6 = Fubrication of chassis 


The output lead of the trigger 
transformer is connected to 
three high volt diodes 035-37 
and sleeved into a length of 
shrink tubing 


Position and size holes for components as 
shown on Figure 16-8. Trial fit before 
drilling. 





Use a plastic washer 
under nut attaching R30 


Use bottom lug of R30 
for lead from D32 


Fy and top lug for all other 
connections \ 
Hv OUTPUT 
To (TRIGGER) trigger \ to C30 
slectrode as shown in | To COMMON GROUP on Figure 16-17 
Figure 16-7 trunion bracket shown in \ 
Figure 16-17 








PLATE1 ee i 
=e fr 








TRIG 10 High voltage 
trigger module 








-_ = ' To WN1 in 

| o ( (ml =(Oys 16-5 

. oO —z 

4) rF4 

gure 16-5 

v —_e,€, 
p a 

yf an, 


Connect to S3 as shown 
in Figure 16-5 


Figure 16-7 Assembly and wiring of chassis 
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Fro 


To M1 shown in 
Figure 16-4 













PLATE2 


ea 








Use Figure 16-4, 5 along with Figure 16-8 for 
wiring to the control panel, The above Figure 
is intended to shown grounding, high voltage 
and trigger module connections. 
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S1- HV safety override switch to T30 

$2- Safety key switch 

$3- Trigger "fire" switch 

S4- Charge start switch 

S5- Charge abort switch 

S6- Low control voltage switch 

LED1- Power "on" indicator 

LED2- Charging cycle "on" indicator 

R14- Programmed charge voltage level control 
FU1- 3 amp fuse holder 

BUZ1- High voltage presence audible warning 
M1- Charge voltage meter.. 5 kilovolt full scale 
CO1/BU1- Clamp bushing for power cord CO1 


Note that it is a good idea to label the controls 


Figure 16-8 = Front-panel controls and wiring 


16. 


17. 


Fabricate the capacitor bracket, as shown in 
Figure 16-10. This piece secures the three 
energy storage capacitors CLOA, C10B, and 
C10C on the bottom deck. 


Fabricate the trunion bracket, as shown in 
Figure 16-11. This piece secures the actual fly- 
way and accelerating coil and therefore must 
be able to withstand the kinetic recoil from 
the accelerating reaction of the projectile. This 
bracket is the central electrical grounding 
point of the discharge circuit and must also be 
actively grounded to earth ground via the 
power cord green wire. There is also a */s-inch 
hole for the electrode holding collar (COL- 


19. 


HV OUTPUT TROD/WAS/NUT 


LAR1) for the ground electrode (TUNG38) 
of the main spark switch (GAP1). This part 
must be centered and carefully soldered in 
place using a propane torch. 


Fabricate the front and rear disk section, as 
shown in Figure 16-12. You may also fabricate 
the projectile (PROJ1) from a piece of alu- 
minum, as shown. 


Wind the coils, as shown in Figure 16-13. It is a 
good idea to study Figures 16-12, 16-13, and 
16-14 before attempting this step. Make sure 
to leave connection leads that are a minimum 
of 10 inches long. 


a 
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Chapter Sixteen 


Use 3/4" finished plywood for these two deck pieces 
3 


L B14 


Other holes are located and 
drilled as assembly proceeds. 





Figure 16-9 Fabrication of deck sections 


Suggested material is 1/16" aluminium 


Figure 16-10 Fabrication of the capacitor bracket 





22: 


23. 





Assemble the flyway and breech, as shown in 
Figure 16-14. Study the notes on this figure. 


Fabricate the two plastic blocks (PVCBLK 
and TFBLK), as shown in Figure 16-15, to the 
suggested dimensions. Note that the heights of 
these pieces must allow close alignment of the 
electrodes as dictated by the position of the 
soldered collar on the trunion bracket. C31 
and C32 are wired in place and must be 
spread apart to prevent sparking. The blocks 
are secured to the top deck using sheet metal 
screws. Use two screws for the PVC block. Do 
not allow these screws to penetrate more than 
'/2 inch into the plastic material. Note the 
clearance hole in the deck for the high-voltage 
lead from the trigger module, shown in Figure 
16-7. 


Assemble the three energy-discharge capaci- 
tors (shown in Figure 16-16) along with the 
charger and control module. 


Make the final assembly steps and wire, as 
shown in Figure 16-17. Note the direct and 
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Suggested material is 1/16" galvanized steel 



















Place 3/8" } 
holes oy) 
as shown 






i The 3/8" hole 
‘must align with! 
‘the electrodes 
tand be in 
‘alignment with 
‘the mating 


Figure 16-15 


The electrode collar holder is soldered to the trunion 
bracket using a propane torch and carefully 
centering with clearance hole. 


holders as per : 





Place six 3/16" holes r 2 
as shown at ends — 
and mid section. ae 


Figure 16-11 = Fabrication of the rrunion bracket } 
t) 
heavy leads for the discharge path. You may ‘ ‘ ash 
want to sleeve some plastic tubing over these Testing and Operation of the val 
leads. as they are rated only for 600 volts. Cannon 
Note: The trunion bracket is the common grounding 25. Locate a test site with a backstop capable of 


point for the system. It is very important that the 

earth ground green lead of the power cord be firmly 

attached at this point to ensure system operating 

safety. 

24. Verify and use the diagram shown in Figure 
16-18 as a wiring aid and reconfirm grounding 
and general circuitry and integrity. 


stopping the projectile. Obtain a 5,000 volt 
DC reading meter to set M1. It is assumed 
that the circuitry is correctly assembled and 
the basic electrical pretest as described in 
steps 10 through 14 was successively per- 
formed. Preset the main gap to '/i6 inch and 
the trigger gap to !/s inch. 


Preset all switches shown back in Figure 16-8 
to the off position. Familiarize yourself with 
these controls 


pe 
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Suggested materia! is 3/4* plywood or machined PVC 


The accelerator coil construction is very important to the overall 
performance and efficiency of the system. These pieces as 
shown are fabricated from a high grade birch plywood. You may 
use polycarbonate for strength or PVC tor cost, The objective is 
to provide a cavity for the flat pan cake shaped windings. 

The parts shown are 7 inch overall diameter of 3/4" thickness. 
Both pieces have all holes as shown and must be accurately 
aligned with one anather. The front piece has the 5/16" deep cavity 
milled out for nesting of the coil windings. Leave a 1" shoulder 
allowing a 5 inch winding diameter. Both center holes should 
allow a reasonably tight sliding action for the 1 7/8" PYC fly way 
tube. Note the two feed through holes-for the accelerat or coil 


PROJ 
leads. 


1/4" holes 
3/16" coil wire 
feedthrough holes 






PROJECTILE is an aluminum 

ting Fabricated to a 4 1/2" to §" OD 
X 2 1/16" ID X 3/16" thickness 
PROJECTILE should match the 
size of the COIL face assernbly 
and nest into the cavity, It should 
move freely on the FLYWAY tube 


Danger: Vhe next steps involve exposure to danger- 
ous high voltages. Failure to take any of the following 
described steps will require a complete shutdown and 
power removal, along with a shorting of C30 before 
performing any trouble shooting. 


gizing and LED2 lighting. Depress pushbutton 
switch $5 and note RE1 de-energizing and 
LED? turning off. Verify these on and off 
functions of $4 and $5 several times before 
the next steps. 


S5 is important as it must stop the charging 


27. Connect the test meter from chassis ground to 


the output end of resistor R30. Plug the unit 
into 115 vac and turn on S6. Turn on the key 
switch $2 and note LED 1 lighting. Place the 
projectile over the accelerator coil. 


30, 


action in the event that you choose to quickly 
abort the cycle. 


Turn on toggle switch $1. Restart the system 
by again depressing R4, noting a voltage read- 
ing on both the panel meter M1 and the exter- 


28. Depress pushbutton switch S3 and note a nal test meter. This voltage will build up to a 
spark occurring in both gaps. level as set by the charge-voltage level contro] 
29, Verity S1 safety switch is off. Depress push- R14 and then shut down. only to restart the 
button switch $4 and note the relay RE1 ener- charge cycle when the voltage charge level 
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. Fabricate the FLYWAY from a 18° piece 
of 2" PVC tubing 


| 
_— 
= 









2. Wind a coil of 30 turns of #12 in fifteen 
layers of 2 turns each. Finished coil must 
be in a tight pancake configuration and 
have 10 inch connection leads, You may 
have to make up a temporary bobbin jig 
7 FLY WAY Fly way tube for this step, Hold together with tape etc. 
3. Place COIL section into cavity routing 
the leads as shown. COIL section should 
nest into cavity and be positioned flat. 
WINDING 
4. Seal all points that can leak as epoxy 
must be carefully poured over the COIL 


PROJ1 Projectile from forming a 1/16" layer on top. 


Figure 16-12 


ral te Sf! : You will note that the front disk housing the accelerator coil is 
Suggested material is “ plywood or machined PVC allowed to move over the flyway tube and against tne springs to 


absorb some of the recoil. The rear disk abuts to the shoulder of 
the breech tube that is non movable along with the fyway tube 


This feature in important if you are intending to repetitively fire 
high energy shots. 


SPRING 


BOLT/NUT 










Drill a %" hole for 
the trunion bolt 


uouuesy 2oeduy-ubty OTJeubep 


WINDING from figure 16-3 


FLYWAY 





The (FLYWAY) fly way tube is a 20 inch piece of 1 4" ID 
schedule 40 gray PVC tube fabricated as shown 





The (BREECH) breech tube is a 5 4" piece of 2" ID 
schedule 80 gray PVC tube as show 


FDISK from figure 16- 12 


Discharge wites are attached to 44" block lugs 
(BLKLUG) via the set screw, The coil wires are 
soldered to ¥" spade lugs that are secured to the 
block lugs via #10 x 4" sheet metal screws, 
screwed into both the FLYWAY and BREECH 
tube 


RDISK from figure 16-42 


The bare leads from the coil should be 
individually sleeved nto plastic tubing to prevent 
catastrophic contact 
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Solder the collar over the hole 
in the trunion bracket for 
holding the ground electrode 










Solder the 










COLLAR38 
TRIGGER GAP 





#6 solder lug 







Solder gap switch assembly top view 


COLLAR38 % 
ELECT ‘ 
BLKUG38 


SW10SM/LUG14 ie 


Connect to WINDING col 


lead from Figure 16-17 


Fabricate a 1 x 3/2" PVC block. 
The height of this block must be 
electrodes to be in exact 


alignment. To TRIGGER —~ 
from Figure 16-7 


— ELECTRIG/LUG14/NU14 








TFBLK 


Fabricate the Teflon block (TFBLK) from a 3/8 x 3/8" x 3" 
piece of Teflon or other similar material. The hole for the 
trigger electrode ELECTRIG must align up with the 3/8" 
block lug BLKLUG38 as it must allow a trigger spark to 
jump between these two points. Secure to deck with 1" 
self tapping screws (SW81SM). 


Spark gap switch is o view 


Figure 16-15) = Details of the spark and trigger switches 


falls below the set level. Obviously there is an producing an annoying sound, thus alerting 
amount of hysteresis that prevents off-and-on you to a charge presence on the capacitors. 
chatter. With R14 set to full counterclockwise : ‘ ; 

31. Slightly turn R14 clockwise and allow it to 


(CCW), this voltage should reset at less than 


le, i 500 Sas rea 
1,000 volts. The buzzer BUZ1 should be Gals topes tag up 2 ici Gili 


the external test meter. Depress the trigger 





146 MORE Electronic Gadgets for the Evil Genius 


wis 


Misa)" (y 
i Riad 
Y 


. 
tie 


(raul 


| 


fe 
‘fo 


= = 





_ fs These leads connect to 
Sy —_— accelerator coil. ACOIL via block 
po } { © jugs under breechtube 





Figure 16-16 = Final assembly isometric view 











Note this view shows the trunion 
bracket as an x-ray for wiring 


This lead connects to 
the lug on the PVCBLK 
as shown Figure 16-15 


This point common grounds 
the trunion tracket 


C30COPY 


\— SW10/NUT10 


Figure 16-17 Final assembly side view 
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uouuey 3oeduy—-YyhTtH OTJeubep 


fire pushbutton S3 and note the projectile 33. Repeat this step allowing the charge voltage 


shooting into the backstop. Immediately press to go up to 5,000 volts, noting the impact of 
the stop switch S5 unless you want it to charge the projectile. 


up for next shot. oe aes : 
partie . 34. Verity the unit is not breaking apart as a 


Soedn BAe wks heen weeeareee Aen Nn Se oeeS result of recoil. Rethink the recoil springs if a 
Note: The system will automatically recharge to the problem exists. 
1,500-volt present level unless the stop switch is 
activated. 
32. Repeat the cycle, increasing the charge volt- 
age up to 2,500 volts, and then adjust the trim- 
pot R16 on the meter M1 to agree with the 
test meter. 










Use #12 stranded wire for discharge 
leads as shown as heavier lines. You 
may want to sleeve over some plastic 
tubing for insulation purposes. 












Always connect to center 
point of discharge bank Common system ground 


MAIN GAP at trunion bracket 7% 













TRIG GAP 


=€1T) 





From Figure 16-7 


Figure 16-18 §=Qverall system wiring diagram 





148 MORE Electronic Gadgets for the Evil Genius 


Table 16.1 Magnetic Cannon Part List 


Ref. # 
R1,4,9.19 


R2 


R3,6,7,8 


R5 


R10, 11 


R12 


R13, 15 


R14/S6 


R16 


R20 


RIS 
R30 


Cl,4.5 


€2,3 


*C30A 


*C30B 


NN 


Description DB Part # 


Four 470, !/4-watt resistors 
(vel-pur-br) 


LK, '/s-walt resistor 
(br-blk-red) 


Four 10 kilohm, !/+-watt 
resistors (br-blk-or) 


220, '/s-watt resistor 
(red-red-br) 


Two 10M, !/s-watt resistors 
(br-blk-bl) 


2.2K, '/s-watt resistor 
(red-red-red) 


Fourteen 1.2M, !/1-watt 
resistors (br-red-gr) 
(see schematic in Figure 16-2) 


100K potentiometer, 17 mm 
with low-volt switeh 


2K trimpot 


1M, '/t-watt resistor 
(br-blk-gr) 


10-ohm, !/s-watt resistors 
(br-blk-blk) 


12-ohm, 3-watt resistor 
16K, 50-watt power resistor DB# 16K50W 


Three 1,000 mfd, 25-volt 
vertical electrolytic capacitors 


Two .1 mfd, 50-volt plastic 
capacitors 


Three 32 mfd, 4,500-volt 
oil-filled cans in parallel for DB# 32m/4500 
96 mfd/4.5 ky 


Four 24 mfd,5,200-volt 
oil-filled cans in parallel for DB#24m/5200 
96 mfd/S ky 


741 op-amp DIP IC 


‘Three PN2222 GP NPN 
transistors 


IRF520 Mosfet 


MJE3055 NPN power 
transistor 


Four 1N4001 50-volt 
l-amp diodes 


IN4007 1,000-volt, 
l-amp diode 


D31-34 Four 8-kilovolt. 100 ma 
standard DB# H407 
recovery diodes 


135-37 Three 30 kilovolt, 


10 ma diodes DB# VG30 
LA 2.3 Three 1N4733 6-volt 
zener diodes 
Z4 1N4745 15-volt zener 
diode 
LED! Red LED indicator 
LED2 Green LED indicator 
Sl SPST toggle switch 
$2 Key switch 
§$3,4,5 Three pushbutton NO 
switches 
REI 12-volt, 5-amp relay 
BUZI {2-volt buzzer DB# BUZROUND 
Ol 100-volt IRF540 
MOSFET 
TI 12-volt, 100 ma 
transformer DB# 12/.1 
T2 6.500-volt, 20 ma 
current-limited DB# 6kv/20 
transformer 
FLIO Accelerator coil assembly. as DB# ACCOIL 
shown in Figures 16-12 
and 16-13 
*GAPI Main gap assembly, as DB# GAPMAIN 


shown in Figure 16-15 


*GAP2 Trigger gap assembly, as DB# GAPTRIG 
shown in Figure 16-15 


CHASSIS1 Metal chassis fabricated as 
shown in Figure 16-6 


PLATEI 6 X 72 X Mio inch plastic 
insulating plate 


PLATE2 2a X 742 X "ie inch plastic 
insulating plate 


TAPEI 12 inches of l-inch wide. 
thin sticky tape 


PLIUBE = 18 inches of '/s-inch ID vinyl 
flexible tubing for 
R13, R15, and trigger diodes 


col 6 feet of 3-wire #18 power cord 


HVWIRE 12 inches 20 kv silicon DB# WIRE20KV 
high-voltage wire 


BUSSWIRE 24 inches #20 bare busswire 
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Chapter Sixteen 


WR20 10 feet #20 vinyl stranded 
hook-up wire 


WNI1 Medium wire nut 


BU2,3 Two bushings for LEDS 


BUI Power cord clamp bushing 
SW6 Six 6-32 & 3/«-inch screws 
swl 6-32  !/+-inch screw for 


mounting relay 
NU6 Six #6 hex nuts 
LUG6 #6 solder lug 


TROD §-inch length of !/s-20 
threaded rod, 2 
nuts, and plastic washers 


TRIGIO Assembled trigger DB# TRIGILO 
pulse module 


TRIGIK  Kitoftrigger pulse module DB#TRIGIK 


Parts List to Final System 


DECKS Two fabricated pieces of 
%-inch birch 
plywood 13 x 17 inches 


POSTS Four fabricated pieces of 
Se/s M/s inch PVC tubing 


PLATE] Fabricate a piece of '/16-inch 
plastic sheet 6 X 7 inches 


PLATE2 Fabricate a piece of '/1-inch 
plastic sheet 2'/s x 7 inches 


BRKCAPI1 Fabricate the capacitor 
bracket seen in Figure 16-10 


BRKTRUNI1 Fabricate the trunion bracket 
seen in Figure 16-11 


RDISK Fabricate the rear disk 
seen in Figure 16-12 


FDISK Fabricate the front disk 
scen in Figure 16-12 


PROJ] Fabricate the projectile 
seen in Figure 16-12 


BLKELECT Fabricate the electrode 
holding block seen in 
Figure 16-15 


BLKTRIG Fabricate the trigger 
electrode holding block 
seen in Figure 16-15 


um 
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FLYWAY 


BREECH 


CAPS 


SPRINGS 


COLLAR 


BLKLUG25 


BLKLUG38 


LUG1I4 


ELECTRGAP 


ELECTRTRIG 


TROD 


BOLT/NUT 


NUT14 


SW10M 


SW10 


NU10 


WASH10 


WIREI2 


WIRE12 


Fabricate the flyway tube 
seen in Figure 16-14 


Fabricate the breech tube 
seen in Figure 16-14 


Twelve 7/s-inch PVC caps 
for posts and feet seen in 
Figure 16-1] 


Four !/2-inch diameter 
3/4-inch stiff compression 
springs 


4/s-inch shaft collar 


Three '/4-inch block lugs 
for breech connections 


*/s-inch block lug for 
electrode 


Five '/s-inch wide solder 
lugs 


Two Ys X 2-inch tungsten 
or tool steel electrodes 


'/4-20 X 3-inch threaded 
rod with point 


Four !/4-20 X 8-inch 
threaded rod 


Five 3!/2 X 4/s-inch bolt 
and nut 


Eleven '/4 * 20 nuts for 
trigger gap and posts 


Five #10 x '/2inch sheet 
metal screws 


Ten #10-32 X 1.5-inch 
machine screw 


Ten #10-32 nuts 


Twenty #10 wide shoulder 
washers 


4 feet #12 stranded, vinyl- 
covered wire 


30 feet #12 heavy-coated, 
magnetic wire for 
winding ACOIL 


This advanced project, as shown in Figure 17-1, is 
similar to a coil made by John Weisner some years 
ago. The geometry of the secondary not being the 
most efficient is a good compromise for wireless 
energy transmission and also provides a reasonable 


output display. The project is intended for the experi- 





The vacuum tube Tesla coil 


Figure 17-1 





enced experimenter and researcher in the field of 
high-voltage and high-frequency circuitry. Not only is 
this project a dangerous electrical device, but it can 
also be a bothersome source of radio interference, 
especially in the standard AM broadcast band and 
should be used in a shielded enclosure or a Faraday 
cage if operated on a continuous basis. A gas dis- 
charge lamp such as a standard household fluores- 
cent lamp will glow up to 10 feet away when this 
device is used. Annoying burns are experienced when 
contact is made with conductive objects up to similar 
distances. 

We also have built coils using 304TH, 450TH, and 
parallel 2500THs with a full 5,000 watts of plate dissi- 
pation. This coil produced spectacular flaming arcs up 
to 8 feet long with 8 kilowatts of input. A video show- 
ing the operation is on our web site. The coil shown 
here will easily produce 1 to 2 feet of flaming arcs. 

This system can provide the experienced hobbyist 
with hours of fun and entertainment experimenting 
with terminals and settings to generate wireless 
energy as well as output arcs and sparks. This is an 
advanced-level and potentially expensive project 
requiring eléctronic skills and high-voltage experi- 
ence. Expect to spend $300 to $750. All the parts are 
readily available, with specialized parts obtainable 
through Information Unlimited 
(www.amazing|1.com), and they are listed in 
Table 17-1. 
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This approach is far less temperamental than the 


4 > 


“~ 
he 


Basic Descri pti on solid-state metal-oxide-semiconductor field effect 
transistors (MOSFET) or insulated gate bipolar tran- 
These spectacular display devices produce ares and sistor (IGBT) drivers. However, once these FET 
sparks quite unlike the undamped spark gap-driven devices are debugged and tweaked, one can obtain 
Tesla coils. Operation does not require a noisy spark some excellent results. Our lab FET coil generates 
gap that produces copious amounts of radio fre- over 4-foot sparks using only 3 kilowatts. The output 
quency interference (RFI) but operates efficiently at frequency tracks within 5 percent of the resonant 
the quarter-wave frequency of the secondary coil. point using one of our proprietary circuits that will be 
Vacuum tubes, while large and requiring filament on our site in the late spring of 2006 with the com- 
power, do offer robust and forgiving operation and plete system scheduled for publishing in the third edi- 
are intended as a good starter approach to solid-state tion of this book series. 


Tesla coils. 


[_—--———$§ ————_} 


a ete 


FORMPRI use a 6 OD x 


4 
FORMSEC use 


SPACER use 4 
a 3M" i wall 


H" weal 8" length of feces of 1" x 1036" 
34" length of polycarbonate tubing. length of pye = Oo 990 
polycarbonate (ome) 
tubing. oO re) 
1@) 


DISK3 use a piece of 3"x %" 
thick polycarbonate disk, Dill 
a series of eight air flow holes 





1 piece of %" finished birch plywood for 
DECKBOT bottom deck. 


Use a piece of " thick plexiglass for 
DECKTOP top deck 





FPANEL1 Front panel fabricate from %" 
polycarbonate or plexi glass. Dimensions 
shown are approximate 


siO 


FIC 
| 


IO @Or 3 
10% 





Figure 17-3. Creating the major parts 
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Chapter Seventeen 


The circuit as shown on the schematic in Figure 
17-2 of the vacuum tube device is nothing more than 
a medium-powered Hartley radio frequency oscilla- 
tor tuned to the resonant frequency of the secondary 
coil. The circuit uses a medium-powered, readily 
available 833A triode transmitting tube that inher- 
ently has a high grid to plate capacitance necessary 
for self-oscillation. The plate load is a resonant trans- 
former with both the primary and secondary tuned to 
the approximate identical frequencies. The output 
potential is now a function of the secondary-to- 
primary coil inductances times the peak primary 
plate voltage. This system generates voltages at fre- 
quencies sufficient to cause air breakdown, thus pro- 
ducing the sparks and arc jumping into open air. 


The output of the oscillator is relatively closely 
coupled to the secondary coil designed for high Q 
performance and self-resonant to the quarter-wave of 
the oscillator frequency. The voltage distribution is 
now that of a quarter section with a current node at 
the base and voltage node at the top. The input 
power to the coil is raw, unrectified AC at 3,000 volts 
root mean square (rms) with a current of .5 amps. The 
peak voltage is over 4,000 volts and is supplied by a 
conventional plate transformer being fed by a 
voltage-adjustable variac, which allows you to adjust 
the output voltage of the system. A pulse signal is 
also shown that controls the grid of the tube, allowing 
a wide range of spark texture variation by changing 
the duty cycle and frequency. 


G1 of polycarbonate 
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Punch § 1 inch holes 
‘ona 3 inch circie for 
air flow from the fan 


Use ¥," aluminum for C) 


all brackets 
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Assembly Steps 


1. Fabricate the secondary coil form (FORM- 
SEC) from a 3!'/4 X '/s-inch wall polycarbonate 
tubing, as shown in Figure 17-3. It is not sug- 
gested that you use PVC tubing due to mois- 
ture retention and breakdown. 


Fabricate the primary coil form 
(FORMPR1)as shown in Figure 17-3 from a 
length of 7'/2 X 1/4-inch wall plastic tubing. 
Polycarbonate tubing is preferred. 


Fabricate two 3-inch diameter discs (DISK3) 
as shown in Figure 17-3 from '/1-inch polycar- 
bonate. These pieces are for the ends of the 
secondary coil and are secured via three #6 X 
*/s-inch brass wood screws. Drill air passage 
holes as shown for the blower (B2). 


Fabricate four 10.S-inch spacers (SPACER) as 
shown in Figure 17-3 from lengths of 1-inch 
OD PVC tubing. 


Fabricate the 16 X 16-inch square bottom 
deck (DECKBOT) as shown in Figure 17-3 
from a piece of */4-inch finished plywood and 
paint it black. 


Fabricate the 16 X 16-inch deck top (DECK- 
TOP) as shown in Figure 17-3 from a */s-inch- 
thick Plexiglas or you may use plywood. 


2. Fabricate the parts as shown in Figure 17-4. 
Note to use '/16-inch G10 or another high- 
temperature plastic for the actual tube 


G1 of polycarbonate 





TUBKTPLATE 
116 G10 
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holders (TUBKTFIL and TUBKTPLATE). secure the assembly to the wooden deck via 


Use !/is-inch aluminum for the other parts. four #8 X '/2-inch wood screws. TUBKT- 
Note the mating holes for assembling them PLATE must be disassembled to insert the 
together, as shown in Figure 17-4. tube V1 in place. The blower fan B1 is cen- 


tered to maximize air flow across the plate 
section of V1. It is mounted using four 8-32 x 
\/-inch screws and nuts. The entire assembly 


3. Assemble the fan and tube-mounting bracket 
from the parts in Figure 17-5. Use thirteen 
6-32 X '/2-inch screws and nuts. Foot brackets 





Form a" thin copper strip around the tube pins 
and fabricate as shown so a screw and nut will 
tighten the clamping action. Attach the wire leads 
as shown through a small hole and solder both 
VERTBKT sides completely. This step is important as current 
is high at these points and contact must be positive 
to prevent heating. Use a suitable sized object as 
the tube pins to fabricate and solder. 







i) 


All referenced parts are shown 
dimensioned on figure 17-4 


TUBKT PLATE 


Figure 17-5 Assembly of the tube-holding bracket 
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BRACKET from figure 17-5 





Figure 17-6 Bottom deck assembly 


must set on a '/s-inch foam rubber pad to 
avoid any vibration. Fabricate the tube pin 
connections from '/2-inch strips of thin copper 
in the form of clamping connectors. Use 
screws to tighten the clamps securely around 
the tube pins. Crimp the connecting wires in 
place and carefully solder the connecting 
leads completely. This is important as the tube 
pins must pass a high current. 


Lay out the bottom deck DECKBOT and 
trial-fit the components, as shown in Figure 
17-6, (You may want to consider castors at the 
corners for system mobility.) Cut a 14-inch 


length of a 1-inch-wide copper strip for the 
main ground plane. Secure it via two wood 
screws at the end points. Secure the plate 
transformer (T1) using four '/:-20 * 1'/2-inch 
bolts with flat washers on the bottom side of 
the wooden deck. Mount the three mica 
capacitors (C3A, C3B, and C4) using 6-32 X 
1'/2-inch screws, nuts, and washers. Cut !/2-inch 
lengths of copper straps and attach them as 
shown. Note the grounding piece on C4 must 
be shaped and formed to have a flat surface 
abutting the ground plane strap and fitting as 
shown. 
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DISCPRI This is a round 554" 
x 5" PVC disk to hold and 
center the primary coil 


Hole for grid leads 


These corner holes must O O 


mate with the bottom deck 


Holes for plate leads 
to primary of output coil 





1/4-20 4 15" brass 
screw and nut 


Eight 1" airfiow holes for fan 82 are crilled 
through DISCPRI and DECKTOP 
simultaneously on a 3!9" diameter 

Fan 82 is mounted on underside of deck 
and Is shown by dashed lines 





Side view showing fan and cise 


Figure 17-9 Top deck fabrication and assembly 


Do not tighten the nuts at this time. Mount 
mica capacitor C2 using similar hardware and 
grid resistor R2 vertically using a long '/s-inch 
bolt or a threaded rod. Do not overtighten. 
Secure the filament transformer T2 using four 
8-32 X 1'/-inch screws and nuts. Secure the 
tube and fan bracket via four #8 X '/2-inch 
wood screws through the two foot brackets 
FOOBKT. Also note the foam rubber mount 
FOAM. Drill holes for the !/4-inch —20 
threaded rods for the deck spacer. 


Thread the power cords (P1, P2) through the 
clamp bushings (BU1, BU2) as shown in 
Figure 17-7 on the front-panel section 
(FPANEL). The actual location on the panel 
section is shown in Figure 17-3. Figure 17-7 is 
shown to clarify the wiring. Power cord P1 
must be a heavy-duty, #16, three-wire cord, 
with P2 being a #18, three-wire cord. Connect 
the two green ground leads to a crimp lug 
along with a 24-inch piece of #18 stranded 
wire that eventually connects to the center 
ground lug of the secondary coil. Solder this 
lug and verify the integrity as this is manda- 
tory for electrical safety. Proceed to wire as 


shown using #18 stranded wires. Note that the 
two leads eventually connect to the second 
blower (B2) mounted on the top deck. Use 
crimp lugs and solder wherever shown. Route 
the wires, tie wrap, and clamp into place 

for appearance and isolation from other 
components. 


6. Wire the filament clips to the 10-volt output 
leads of T2 as shown in Figure 17-8. These 
clips are shown in Figure 17-5. You will note 
that insulation is removed from one of these 
leads, and the uncovered section is soldered to 
the 1-inch copper strip. Solder in the bypass 
resistor (C1) to the copper strip and to a lug 
with the other leads to R2. High-voltage wire 
should be used from transformer T2 to capaci- 
tor C4. Proceed to complete the wiring using 
crimp lugs and soldering. Two pairs of wires 
are shown from the primary and grid coil. 
These are not actually connected at this time 
as they are part of the top deck assembly 
(DECKTOP). Jack (J1) is attached to the 
front panel shown located in Figure 17-3. 


7. Fabricate the DECKTOP, as shown in Figure 
17-9, This piece was originally shown as being 
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The secondary is wound on the form as shown for 
FORMSEC in figure 17-3. 

Special note: The coil form must be totally clean both 
inside and out. Use isopropy! alcoho! and allow the 
form to completely dry. Coat with a layer of orange 
shellac should do this on a dry day or ina 
dehumidified area. 





Plastic DISKS 
© 


O 





Start by inserting the polycarbonate disk DISK3 into 
the output end of the coil form flush with the end. 
Secure using 3 or 4 small plastic screws. Do not use 
metal on the coil output end as arcing will occur. 





Insert a 1" width aluminum bracket into the base end 
with a 1/4-20 tapped hole for screwing on to the brass 
screw from figure 17-9. Bend down 4" 90 degree 
ends to attach to inner diameter of coil via brass 
screws and nuts. 


Position roll of #28 heavy magnet wire and thread 
into holes on base end of form. Attach free end to 
bracket via one of the screws. Drill small holes at 
each end of the coil form 4" from ends for threading 
the "start’ and “finish” leads of the windings. 


Start to wind the turns and continue for 33" in length 
being careful to keep the wire tight, free of kinks and 
avoiding any overlaps. Do approximately several 
inches at a time and shellac in place using orange 
shellac, Always secure lead with a piece of good 
adhesive sticky tape as an “unwind” will be 
disastrous. Winding this coil with two people is much 
easier. 


Completed coil should contain approximately 2400 
turns and tune to around 200 khz when free standing. 
Note winding should be in the same direction as 
primary coil LP1 






Aluminum bracket BKT3 


\\ Use 6-32 x %" brass 
|) screws and nuts 


4) Figure 17-10 Assembly of the secondary coil — 


Q, a */s-inch Plexiglas square from Figure 17-3. assembly, shown later in the plans, Secure it in 
48) Fabricate a 53/4-inch PVC disc (DISCPRI) place on the deck via a '/4-20 X 1-inch brass 
Ee. from '/2-inch-thick sheet. This piece is for screw and nut. This will be the grounding 
e ) securing and centering the primary coil point for the bottom of the secondary coil and 
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Close wind 20 turns of £18 viny! covered standed wire, 


ave 24” of loads for connection into the circuit 





Chose wind 27 turns of #6 Insulated stranded wee starting a clo! 
to bottom as possible. Leave 24” leads far cannection into circuit 


Figure 17-11 Assembly of the primary coil 





Figure 17-l2 = Final assembly of top deck 
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Chapter Seventeen 


goes to earth ground, as shown in Figure 17-7. 


Proceed to drill the eight 1-inch air flow holes. 


At this time, the builder should be aware that 
if his or her coil is to be used on a continuous 
basis, the second blower mounted on the 
underside of the top deck is necessary to keep 
the bottom of the coils cool. They will heat up 
over time due to the resonant rise of current 







FROM FIGURE 17-10 


FROM FIGURE 17-41 


Figure 17-13. Side view of final assembly 
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associated with the base of a quarter-wave 
resonator. If your coil is to be used for a short- 
time operation of several minutes, the part 
involving the drilling of the air flow holes and 
the second fan may be omitted. 


Assemble and wind the secondary coil as 
shown in Figure 17-10. Proper winding of the 
coil is mandatory for achieving optimal opera- 
tion. Kinks and overlaps will seriously affect 
output. 


Assemble the primary coil assembly, as shown 
in Figure 17-11. Start at the bottom and tightly 
wind the turns. Use tie wraps to secure the 
start and finish of this heavier 21 turns of the 
#8 stranded wire. You may want to place dabs 
of silicon rubber to secure them in place. Start 





Figure 17-14 The final assembly 
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Figure 17-15 The right-side view 


10. 


from the top and wind 20 turns of #18 vinyl- 
covered stranded wire and tie wrap it in place. 
Note that there must be at least '/2-inch 
between the closest proximities of these two 
coils as a flashover (or spark break) could 
damage the vacuum tube. Leave at least 2 feet 
of extra leads for connections, as shown in 
Figure 17-8. 


Finally, assemble the top deck, as shown in 
Figure 17-12. The primary coil section slips 
over the disc DISCPRI, as shown in Figure 
17-8. The tapped hole in the bracket of the 
secondary coil screws onto the center brass 
screw shown in Figure 17-8. It is this screw 
that grounds and secures the secondary coil. 


Route the leads from the coils through their 
respective holes for connection into the cir- 
cuit. You will note back in Figure 17-8 that the 
heavy plate leads are shown connected to 
C3A via heavy crimp lugs and are also sol- 
dered. The same applies for the smaller grid 
leads that connect across C2. These leads may 
require switching during the test steps. Both 
sets of these leads carry high-frequency 





energy with the heavier leads carrying high- 
radio-frequency voltages and currents. These 
heavier leads must be as short and direct as 
possible and not be in close proximity to other 
objects. 


Figure 17-13 shows the completed graphic of 
the coil assembly with an insulator and a 
pointed discharge pin. Any suitable feed 
through the insulator around 2 to 3 inches in 
height can be used. You may also use a piece 
of polycarbonate or Teflon rod for this part. 
Other plastics may carbonize and burn. 

The following figures are actual photos show- 
ing different views of the assembly apart and 
intact. They are intended as assembly aids. 


Figure 17-14 shows a 12 X 3-inch toroid as the 
output terminal. You will note the two power cords 
exiting through the front panel. 

Figure 17-15 shows the right side with a view of 
the blower B1 and tube-mounting bracket. 

Figure 17-16 shows the left side with a view of the 
filament and plate transformers. 
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Figure 17-16 = The le/t-side view 





Figure 17-17 The front view 
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Figure 17-18 = The top view 





Figure 17-19 Another top view 
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Front panel switch, fuse and lamp are only for the low power 
standby circurtry consisting of the tube filament and cooling 
fans. This switch may be left on indefinitely and eliminates the 
warm up time necessary Defore applying the main power. 


Main power js supplied by the variac with a built in volt meter 
with the current monitored by the ammeter box 


Always allow at least 5 minutes warm up time if system is cold 
Turn up the variac slowly to 10 amps and note radiated output 


You may go to12 amps. Operation at 15 amps should be 
limited to severa! minutes. 


Use a household fluorescent lamp or neon filled tube as an 


GAS FILLED TUBE indicator of radiated energy. 


© Pr switcy 


oO FUSE 


0-20 AMP AC AMP METER 
115 vac 5 amps for filaments and fans 


115 vac 20 amp dedicated circuit 
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Figure 17-17 shows the front view through the 
clear plastic panel, Note the three mica capacitors 
C3A, C3B, and C4. 

Figure 17-18 shows the top view with the clear 
plastic top deck removed. We used a piece of shielded 
strap to connect the plate terminal of the tube to 
C3A and C3B, This is not necessary and may be 
heavy flexible wire. 


Figure 17-19 also shows the top view with the clear 
plastic top deck removed but at a different angle. 


Testing and Operating 


1. You will need a dedicated 20-amp line to 
obtain full output. Set up the system as shown 
in Figure 17-20, Place the unit away from 
metal objects, insert a 7-amp fuse in the 
holder, and insert a shorting into the grid cur- 
rent jack (J1). Plug in the 115 VAC plug for 
the filament and blower fans, and wait for the 
tube to glow and the fans to blow. Always 
allow at least 3 minutes for the tube filament 
to reach the proper emission temperature. 


2. Verify that the variac is properly wired and 
turned to zero volts, as indicated on the volt- 
meter. Plug it into a 20-amp circuit. Slowly 
turn up the variac to 30 volts and verify some 
output as indicated by the bulb glowing or 
some corona discharge occurring on the out- 
put pin. 


If you do not observe some output, it will be 
necessary to completely shut the system down 
by unplugging both plugs, reversing the grid 
coil wires that attach to C2, and repeating the 
previous step. This is referred to as phasing 
the system. You should get substantial output 
and easily light the tube when properly 
phased. 


3. Once you verify that the coil is properly 
phased, you may start to increase the voltage, 
noting the output discharge, the input current, 
and the applied AC voltage as indicated on 
the variac meter. You must also observe that 
the plate of the tube does not start to glow, as 
this is an indication of mistuning. The tube 
may have a very soft glow at full 120 VAC 
where the output should be 15 inches or more. 
The input current will approach 20 amps. 


Notes 


Tuning the coil for maximum output is tricky and 
may take some effort on the part of the builder. The 
tuning values will vary as the discharge increases due 
to the virtual capacitance of the ionization cloud at 
the top of the coil. The output terminal will also 
greatly effect the output tuning, Try adding or sub- 
tracting a turn or two on the primary plate coil, as 
this will change the resonant drive signal. You will 
need more inductance as the output increases, and 
the trick is to select the optimum value at the desired 
input power. 


A 12-inch toroid or another large capacitive termi- 
nal will cause larger circulating currents within the 
coil and greatly enhance the wireless transmission of 
energy, as can be demonstrated by observing the dis- 
tance that is possible for lighting the gas discharge 
tube without a wire. This will eliminate the air break- 
down discharge when operating in this mode as the 
terminal voltage drops unless you increase the input 
power to overcome this loading effect. 


The geometry of the secondary coil as shown is 
not the optimum for maximum length discharges. A 
squatter size would be more efficient but would radi- 
ate less. 
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Table 17-1 Vacuum Tube Tesla Coil Parts List Sl Single pole, single throw 
(SPST) S-amp toggle switch 


Ret # ‘ Description ee ‘DB Part # em F1/FS1 Panel-mount fuse holder 
Foe ronment a and 5-amp fuse 
R2 5K, 100-watt wire-wound 
resistor PI 8-foot #16 three-wire 
power cord 
CI .004-microfarad, 1,000-volt DB# .0039/400 
polypropylene capacitor P2 8-foot #18 three-wire 
power cord 
C2 .003-microfarad, 3-kilovolt DB# .003/3 KVM 
mica capacitor AMPMETER 20-amp AC panel mount 
ammeter 
C3A,B,C4 Three .01-microfarad, DB# .01/10 KVM 
10-kilovolt mica capacitors VARIAC 18-amp variac with DB# VARIACI8A 
built-in meter 
Vi 833A Triode vacuum tube DB# 833A 
TUBE 15-inch neon tube DB# NE15 
Tl 3,000-volt, .S-amp plate DB#3KV/.5A 
transformer TERI 12 X 3-inch toroidal 
terminal DB#TO12 
T2 10-volt, 10-amp filament DB# LOV/LOA =e 2 eS Se ee eee ee eee 
transformer 
B1,2 5 X 5-inch muffin fan and DB #FANI 
5 X 5-inch high-output 
muffin fan 
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Universal Capaci ance Discharge: 


Ignition (CDI Driver 


Figure 18-1 shows how to construct a very useful 
driver circuit that can be used to pulse most induc- 
tion and ignition coils in the forward direction. High- 
quality automotive ignition coils can produce 50- to 
75,000-volt pulses capable of jumping several inches. 
The system allows control of the pulse repetition rate 
up to 100 reps/second and individual pulse energy up 
to .3 joules. A maximum power output of over 30 
watts is possible. Our laboratory model has generated 
discharges of up to 10 inches from some high- 
performance ignition coils. 

The advantage of a capacitance discharge ignition 
(CD) system is its ability to produce high peak cur- 
rents and voltages simultaneously. This property is 
well understood and appreciated in the automotive 
industry where fouled spark plugs are prevented by 
the brisance of the discharge. Electric fences burn 
away vegetation growth from contacting the wire by 
using high current pulses. Stun guns use these high 





Figure 18-1 


The capacitor discharge driver 
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peak current pulses to thwart the neuromuscular sys- 
tem. All this peak power with very low resultant 
energy allows many useful applications where bat- 
tery-operated systems can be efficiently utilized. 

This is an intermediate-level project requiring 
basic electronic skills and one should expect to spend 
$25 to $50. All the parts are readily available, with 
specialized parts obtainable through Information 
Unlimited (www.amazing|.com), and they are listed 
in Table 18-1. 


Circuit Description 
Figure 18-2 shows the complete circuit schematic of 
the adjustable energy and repetition rate capacitor 
discharge driver. The adjustable voltage regulator 12 
controls the operating voltage to the system via con- 
trol pot R9/S1 from 6 to 12 volts. Input to 12 is a 12- 
volt DC wall adapter transformer with a current 
rating of | to 2 amps being controlled by switch 

S1. This adjustable voltage is fed to the switching 
transistors Ol and Q2 via the center tap of stepup 
transformer T1. The switching action of these transis- 
tors is controlled by a complementary pulse driver 
circuit I] with its frequency controlled by trimpot R3. 
This circuit generates a high-frequency signal that 
alternates between the two primary windings, in turn 
inducing a higher voltage in the secondary winding. 
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Pulse Driver 


Figure 18-2) = Circuit schematic 


TI is a transformer with a preset, built-in leakage 
reactance that controls the short-circuit-charging cur- 
rent to discharge capacitor C6 through rectifying 
diode D2. Once C6 is charged, it can be discharged 
by the silicon controlled rectifier switch (SCR) 
through the primary high-voltage pulse transformer 
T2. The SCR is controlled by timer chip 13, connected 
as a variable pulse generator via pulse rate adjust pot 
R13/S2. It is these pulses that trigger the SCR to 
switch energy from C6 into T2, generating the high- 
voltage output pulses. You may also externally switch 
the SCR via a pulse signal at input jack J1. R13/S2 
must be off for this external function. The pulse trans- 
former is shown as a low-power unit in the parts list. 


The real intention of the circuit is the ability to 
pulse-drive many different ignition coils at different 
energy levels as selected by R9 and pulse repetition 
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L116 70 tums cp bobbin of SO uh High 
Not required with most cos Vokage 














CDI Circuit 










Overshoot not to 
exoeed 75 vols 
total 


Pulse amplitude 
approx 25 volts 


20 to 25 usec 
Waveshape at test point TP2 








rates as selected by R13. We have obtained sparks up 
to 4 inches with conventional automotive coils. 


Assembly Steps 


1. Assemble the switching transformer as shown 
in Figure 18-3. 


2. Fabricate the heatsink bracket (HS1) and 
transistor-mounting bracket (BR1), as shown 
in Figure 18-4. Make sure you’ve removed any 
sharp edges or burrs in the mounting holes 
that could break through the insulating pads. 


3. Attach O1 and Q2 as shown, noting that the 
mounting tabs are insulated from the actual 
metal heatsink bracket by the nylon screws. 
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A; Bifilar (parallel) wind two different color #18 magnet wire for 10 turns on the primary bobbin. Tape in 
place leaving 8" leads, Note that different colors will help identifying the lead ends. 
#18 solid magnet wire can be used however high frequency L|ITZ wire will give a slight improvement. 
You can make this wire by obtaining 6 pieces of #26 magnet wire and twist together as a single wire. 


Nh 


2 


a Wind 300 turns of #30 magnet wire in the 10 segments of the secondary bobbin. Wind 30 turns per 
segment and attach the start and finish leads to the connection lugs 


AOATU 


3 Place the wound coils onto the cores as shown and tape tightly into place. 


4. You may verify the inductance as follows secondary open: 
A to B&C are around 130 micro henries. 
D to B&C are around 130 micro henries 
Secondary winding 110 millinenrys 


Primary Secondary 






A to drain of Q1 Connection lugs 


IdD TFs 


Join and twist 
leads B&C for 
connection to Vc+ 


qd 


B to drain of Q1 


I9ATI 


#18 solid magnet wire can be used however high frequency LITZ wire will give a slight improvement 
You can make this wire by obtaining 6 pieces of #26 magnet wire and twist together as a single wire 


Figure 18-3 TI Transformer construction 





MK} 






MK1 socket kit 
contains mica ! 
washher and 





Figure 18-4 Assembly of brackets 
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A This symbol! indicates points for wires to external components 


Figure 18-5 Assembly board and parts location 





172 


Attach [2 using the socket assembly kit that you use sockets SO16 for I] and SO8 
(MK1) and attach the SCR using a nylon for 13. 


sctew and an insulating pad (PAD), 6. Wire the components as shown in Figure 18-6 


Cut a piece of .1 X .1 grid perforated circuit using the leads of the actual components as 
board (PB1) at 7 X 3.8 inches. the connection runs, which are indicated by 
the dashed lines. Always avoid bare-wire 
bridges and messy solder joints. Check for 
cold or loose solder joints and secure T] using 
double-sided sticky tape or plastic tie wraps. 


Insert the components as shown in Figure 
18-5, starting from the lower left-hand corner. 
Count the perforated holes for a guide. Note 
the polarity marks on C1, C3, C8, C9, and C10 
and diodes D1, D2, and D3. It is suggested 
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Sample coil under test 
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Use 6" #20 wire leads for other external wire leads and twist associative pairs where possible 


Use 6" #24 wire leads for LA1R and LA1G and twist. 
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Figure 18-7 External wiring to controls and input SSS 
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Figure 18-8 External wiring to transistor modules 


Figure 18-9 Final assembly 
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The external coil of choice is connected to J3 
using short lengths of #18 wire, It is @ good idea 
to nig @ ground return for the output spark to jump 
to. Always use one of the primary leads of the 
external coil as the ground return point. Other 
points used for ground may cause voltage loops 
that can damage the unit. We use a dedicated 
gap with connection leads containing clips. The 
gap is adjustable from % to 3" 












CHASSIS 


$3 disables the Internal test coil 


J+ is intended for input from an extemal tngger 
and requires R13 to be fully off 


Note this view |s imended to show the ganeral layout and only 
indicates Gertain components. Use figures 18-7 and 16-6 for 
wiring of the specific pars as shown 
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7.Wire the external components as shown in Figure 
18-7. 


8. Wire the transistors from the assembled 
bracket, as shown in Figure 18-8 and detailed 
in Figure 18-4. 


Fabricate the mounting chassis at the overall 
dimensions shown in Figure 18-9. Trial-fit the remain- 
ing components, proceeding to drill and locate with 
the proper sized holes. Attempt to follow the figure 
and note the position of the BR1 bracket assembly 
and front panel controls. Route and twist all lead pair 
to neaten appearance. You may want to splice in 
some output leads to replace the connections to the 
test pulse transformer T2. These should be #18 wire 
and as short as physically possible to the external 
ignition coil. Also create a suitable cover if required 
and ventilate it with holes for air cooling. 


Test Steps 


This step will require basic electronic laboratory 
equipment, including a 60 MHz oscilloscope. 


1. Turn off both controls R9 and R13, Set the R3 
trimpot at midrange. 


2. Connect a scope to TP2 and a yoltmeter to 
VEL, 


3. Apply 12 VDC to the input leads and turn on 
R9/S1. Adjust the meter for 5 volts and adjust 
the period of the waveshape at TP2 to a 25 us 
period. The input current should be less than 
.2 amps on a 12-volt power supply. 


4. Note that the LED indicators are on with 
LAIG flashing at the pulse repetition rate 
determined by the R13 setting. This occurs 
even with R13/S2 fully off. 


5. Turn on R13 and adjust it for 10 volts. Note 
the test coil sparking over its outer surface. 
Rotate R13 and notice the pulse rate increas- 
ing. Only operate the test coil to test circuit 
performance. 


Notes on Operation 


The unit is intended to drive larger ignition and 
induction coils. Jack J2 is intended as the output to 
the external coil under operation. 


Note that the test coil must be disabled for exter- 
nal operation and may be disconnected by unsolder- 
ing or using a suitable high-current switch that may 
be mounted on the rear panel adjacent to J2. 


When using unknown coils, it is advised that you 
monitor the DC voltage across the SCR. It should 
never exceed 400 volts, as the storage capacitor will 
be overrated. The SCR can handle up to 800 volts. 


A change occurs in the charging voltage as the 
pulse repetition rate is changed. It decreases as the 
repetition rate increases. You can compensate for this 
by adjusting R9, but you must be careful to turn it 
down before lowering the repetition rate. Always 
start with the voltage control R9Y at the lowest setting 
and increase as necessary. Additionally, jack J1 is 
intended for external triggering and must be used 
with R13/S2 in the off position. 
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Table 18-1 Parts List for CD!) Oriver 


Ref. # 


R1,5,6,7. 
Ih,12 
R214 


R3 


R4, 15 
R8 
ROS1, 
R13/S2 
R10 
R16 
Rx 

Cl 

2 

C3 

C4, 7,13 
CS 

C6 


co 


C8, 10 


176 


Description OB Part # 


Six 10-ohm ‘/4-watt resistors 
(br-blk-blk) 


Two 1K, '/s-walt resistors 
(br-blk-red) 


SK horizontal trimmer 


Two 470 ohm, !/-watt 
resistors (yel-pur- br) 


15-ohm, 3-watt metal 
oxide resistor 


Two LOK pots and switches 


220-ohm '/2-watt resistor 
(red-red-br) 


12-ohm, 2-watt metal 
oxide resistor 


Select a “4-watt resistor to 
shunt RY to improve range 


100-microfarad, 25-volt vertical 
electrolytic capacitor 


4,700-picofarad, 50-volt 
polyester capacitor 


2.200-microfarad, 25-volt vertical 
electrolytic capacitor 


Three .1-microfarad, 50-volt 
polyester capacitors 


.0033-microfarad, 250-volt 
polypropylene capacitor 


3- to S5-microfarad, 350-volt DB# 3.9M/350 


polyester capacitor 


{-microfarad, 25-volt vertical 
electrolytic capacitor 


Two 10-microfarad, 25-volt vertical 
clectrolytic capacitors 


47-microfarad, 50-volt polyester 
capacitor 


)1-microfarad, 50-volt dise capacitor 


.05-microfarad, 400-volt metalized 
polypropylene 


Integrated circuit (LC) driver and 
pulse-width modulator (LM3525) 


1.5-amp adjustable voltage regulator 
(LM317) 


Timer dual inline package (DIP) LC 
(LLM555) 


Q1,2 


SCRI 


PBI 


SOCKS 
SOCKI6 


MKI 


PAD 


CHASSIS 


HS1 
BRI 


MICA 


SWNI1 
SWI 

NUI 
WIRE20B 
WR20 
BUI 


BU2,3 


Two 100-volt metal-oxide-semi- 
conductor field effect transistors 
(MOSFETS) (TRF540) 


70-amp, 700-volt DB# S8O70W 


silicon-controlled rectifier (SCR) 
IN914 small-signal diode 


Two IN4937 fast-recovery, 
1,000-volt, Lamp diodes 


Red light-emitting diode (LED) 
Green LED 


Inverter high-voltage transformer, 


as shown in Figure 18-3 DB# TRANCDI 
20-kilovolt pulse transformer 
(see text) DB# CD25B 


Panel-mount fuse holder 
3-amp fuse 
RCA phono jack 


Single pole, single throw (SPST) 
5-amp or more toggle switch 


7 X 3.8 x .1-inch perforated circuit 
vector board 


Eight-pin IC socket 
16-pin IC socket 


TOS transistor mounting 
kit 


Thermo pad insulator 


#2()-pauge aluminum chassis, as 
shown in Figure 18-9 


Heatsink, as shown in Figure 18-4 


Transistor-mounting bracket, as 
shown in Figure 18-4 


‘Two Mica insulating pads for Q1 
and Q2 


Two 6-32 X 1/2-inch nylon screws 
6-32 X 1/2-inch screws 

Seven 6-32 nuts 

12 inches of #20 bus wire 

Six feet of #20 vinyl hookup wire 
Small clamp bushing 


Two */:-inch plastic bushings 
for LED 
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Figure 19-1 shows a device that allows the user to 
monitor a phone’s incoming and outgoing calls with- 
out any connecting wires. The system is intended to 
transmit both sides of a telephone conversation to 
any FM radio or headset-type receiver, such as a 
Walkman radio. It allows the user to perform outside 
activities such as mowing the lawn or working out- 
side the house while completely monitoring the tele- 
phone over the radio. 

The unique feature of this device is that activation 
occurs only when the phone is off the hook. This 
eliminates transmitting a continuous signal, thus pre- 
venting potential interference and unnecessarily 
wearing down the batteries. It also eliminates dead- 
tape listening time, as now the tape only records 
voices when the telephone is used, You may also lis- 
ten to a radio station while monitoring the telephone. 
When the phone is used, the radio station is replaced 
by the transmission of the unit. 





Wireless circuit 


Figure 19-1 


The device is shown assembled on a perforated 
circuit board and may be housed in a small plastic 
enclosure. Potting (or encapsulating with epoxy) and 
sealing is at the discretion of the builder, 


Circuit Description 


This chapter shows how to build a mini-powered FM 
transmitter that transmits both sides of a telephone 
conversation to a nearby FM radio. The circuit con- 
sists of a radio-frequency (RF) oscillator section com- 
bined with a telephone-activated switch section that 
controls the oscillator power (see Table 19-1). Transis- 
tor QO! forms a relatively stable RF oscillator whose 
frequency is determined by the values of coil LI and 
tuning capacitor C4. The C4 setting determines the 
desired operating frequency and is in the standard 
FM broadeast band with tuned circuit design, favor- 
ing the high end up to 110 MHz, Capacitor C2 sup- 
plies the necessary feedback voltage developed 
across resistor R3 in the emitter circuit of Q1,sus- 
taming an oscillating condition. Resistors R| and 


R2 provide the necessary bias of the base emitter 


junction for proper operation, while capacitor Cl 


bypasses any RF to ground fed to the base circuit. 
Capacitor C3 provides an RF return path for the tank 
circuit of L1 and C4 while blocking the DC supply 
voltage fed to the collector of Q1 (see Figure 19-2), 


You will note that the junction of the base bias 
resistors R1 and R2 is a feed point consisting of 
capacitor CS and resistor R4. This point is where the 
speech voltage from the telephone is applied. 
Because of the nature of the oscillator frequency 
being subject to change by varying the base bias con- 
dition, a varying AC voltage superimposed at this 
point causes a corresponding frequency shift (FM) 


along with an amplitude-modulated (AM) condition. 


It is this property that allows the circuit to be FM 
modulated by the speech occurring on the telephone 
lines. The signal is clearly detected by any FM 
receiver when properly tuned. 

Be aware that before the phone receiver is lifted 
off the hook, a DC voltage of approximately 50 volts 
along with some AC hum is measured across the 
green and red wires of the phone line. This 50 volts is 
used to keep transistors O2 and Q3 “off” by prevent- 
ing forward biasing of the Q2 junction. The zener 
diode Z1 reverse voltage is exceeded as long as the 
voltage on the telephone lines remains above the 
zener voltage. When the phone is off the hook, the 
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Figure 19-2) = Circuit schematic 





voltage is now below the zener voltage, and resistor 
RS5 now biases Q2 “on,” which turns Q3 on and 
clamps the common return of the oscillator to the 
negative of the battery, commencing operation by 
turning on. 


Note that Q2 and Q3 make a simple DC switch 
that produces a minimal battery current during the 
on-hook conditions, When the receiver is lifted, com- 
mencing normal conversation, this DC voltage drops 
to less than 10 volts, and an existing AC voltage cor- 
responding to the speech conversation now modu- 
lates the oscillator as described. You will also note 
Q2 and O3 being a simple DC switch that only allows 
a minimal battery current during, the on-hook 
condition. 

Capacitor CS is necessary to block the DC compo- 
nent of the phone line when an on-hook condition 
exists and allows little attenuation of the varying AC 
speech voltage. Resistor R4 is necessary for attenua- 
tion of this speech voltage that could cause overmod- 
ulation and unnecessary serious sidebands if not 
properly selected. 
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Assembly of the Circuit Board 


Assemble the circuit as shown in Figure 19-3. 


if 









Figure 19-3 Assembly of circuit board 


Fabricate a piece of .1-inch grid perforated 
board to a size of 2 X 1 inches. 


Form LI by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. This pro- 
duces an eight-turn coil with an inner diame- 
ter of approximately .135 inches and is about 
.625 inches in length. Insert it in the proper 
hole and solder as shown. 


Insert trimmer capacitor C4 into the holes as 
shown. You may put this component on either 
side of the PC board. This choice is up to you 
and should be determined by the final packag- 
ing scheme you require. Three holes are avail- 
able for the part, with two of them electrically 
the same point. This is necessary as some trim- 
mers may have three pins. Make sure that the 
common pins are connected to the same elec- 
trical points with the odd pin to the other 
point. 


If you are building from a perforated board, it 
is Suggested that you insert components start- 


Secure cable using a small tye 
wrap or piece of twisted wire 






Connect meter to read circuit 
current as shown 








ing in the lower left-hand corner. Pay atten- 
tion to the polarity of the capacitors with 
polarity signs and all the semiconductors, 
Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate connection runs on the under- 
side of the assembly board. 


Attach the external leads of battery clip CL1 
and the RJ cable and plug them into the 
phone connection jack. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Tune an FM receiver to a fairly strong station 
at the high end of the band (108 MHz or 
higher). Turn up the volume and position it at 
a distance of 25 to SO feet. 


If a multimeter or 50-milliamp meter is avail- 
able, connect it in series with the battery lead. 


Antenna tap 
lead is routed 
thru hole to 
strain relieve 





View showing correct 


Dashed lines are connections on underside of 


» perforated circuit board using the component leads. 


These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuit 
board, 

Large dots are holes used for component insertion, 


Small dots are solder junctions 
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mounting of vertical parts 
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This can be done by removing one of the clip 
fasteners and connecting the meter to the free 
contacts, as shown in Figure 19-3. The meter 
should read 5 to 7 milliamps. Use a short piece 
of bare wire to touch the coil L1 a turn at a 
time, starting from the C3 end. Note that as 
you progress turn by turn away from C3 that 
the indicated meter current will drop or 
change. 


9. Connect the operating unit to the phone line 
with the phone on hook and notice the meter 
reading dropping to almost nothing. You may 
have to reverse the connections to the phone 
lines. Check the following voltage points indi- 
cated on the schematic to verify proper circuit 
operation, as shown in Figure 19-2. 


10. Take the phone off the hook and tune C4 with 
a tuning wand until you hear the telephone 
tone. It may be difficult at first to spot the sig- 
nal as this adjustment is very touchy. It is 
important to know that several spots in the 
adjustment may be erroneous and will be 
weak and unstable. The correct signal will be 
strong, stable, and clear, and it can be verified 
by distance-of-transmission testing. 


1]. Once the desired setting of C4 is found, the 
position should be marked on the adjustment 
capacitor with the frequency noted. 


12. Conduct the final test by making an actual call 
and verifying a clear transmission of both par- 
lies to the FM radio, 


13. When operation is verified, you may want to 
enclose the circuit board in a plastic box along 
with the battery. This allows easier tuning and 
handling. 


Notes 


One of the things to watch for when using a device of 
this type is proper tuning. The adjustment capacitor, 
C4, is quite sensitive and requires only a slight move- 
ment to change the frequency, so always use a tuning 
wand. It is very easy when one is not familiar with 
this unit to tune to an erroneous signal. This phenom- 


enon is likely to occur when the unit is close to the 
monitoring receiver. As stated previously, an erro- 
neous signal will be weak, distorted, and unstable 
(often it is mistaken for the main signal and the unit 
is blamed for poor performance), and the main signal 
will be strong, stable, and undistorted, if modulated. 


Several experiments in tuning the unit should be 
done before attempting to use it for the desired 
application. Also. whenever possible, the unit should 
be used around 108 to 109 MHz, which is at the 
boundary of the aircraft band and upper FM broad- 
cast band, When the approximate desired spot is 
found, final touchup tuning should be done at the 
receiver end for clarity. In most areas, these upper 
frequencies are clear and allow uninterrupted use in 
contrast to the lower ones in the FM band where a 
slight change in frequency from a clear spot results in 
the unit being drowned out by a strong broadcast sta- 
tion. Do not go above 108 MHz if near an airport or 
air traffic lane. 

Most available FM radios can easily be detuned 
slightly to shift the dial readings down to where the 
dial reading of 108 MHz is actually 109 MHz. This is 
accomplished by carefully adjusting the “oscillator,” 
the padding trimmer located on the main tuning 
capacitor, and “walking” a known station down the 
necessary megahertz or two, An antenna-peaking 
trimmer should now be adjusted for a maximum sig- 
nal at the high end. 

Optimum performance will require a good-quality 
receiver with an analog slide-rule-type tuning dial. 
Digital tuned receivers will not work that well. 
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Table 19-1 Long-Range Phone Conversation 
Transmitter Parts List 


Ret.#  Oescription |§ OB Pat# 
Rl 1SK, '/4-watt resistor (br-gr-or) 

R2 3.9K, '/s-watt resistor (or-wh-red) 

R3,6 ‘Two 220 ohm, '/s-watt resistor 


(red-red-br) 


R4 1SOK, !/4-watt resistor (br-gr-yel) 
RS 100K, '/4-watt resistor (br-blk-yel) 
R7 39K, '/4-watt resistor (or-wh-or) 


C1, 5,6 Three .01-microfarad, 50-volt 


disc capacitors 
c2 4- to 6-picofarad small silyer DB#4.7P 
mica disk (4.7) 
C3 -l-microfarad, 50-volt disc 
capacitor 
C4 6- to 35-picofarad trimmer 
capacitor DB# 635P 
Zl 15-volt zener diode (1N5245) 
Q1,3 Two PN2222 NPN general- 
purpose transistors 
Q2 PN2907 PNP general-purpose 
transistor 
Ll Coil wound as described in DB# COIL8T 


assembly steps 
CLI Battery snap clip 
PBOARD 2X 1 X .1-inch grid perforated board 


WR24BUSS 12 inches of #24 bus wire for wiring 
and antenna tap 


WRI6BUSS 6 inches of #16 bus wire for 
making L1 coil 


WR20 24 inches of #20 vinyl hookup wire 


RJCABLE Telephone cable with RJ11 plug 


——<$<$<$< eee 
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elephone 


= Conversation Transmitter 


This project shown in Figure 20-1 is similar to that 
described in Chapter 19, but this one can be perma- 
nently implanted in a telephone and can operate 
indefinitely, as it does not require batteries. The cir- 
cuit as shown derives its power from the phone lines 
once the receiver is lifted off of the hook. Operating 
range is limited to several hundred feet, far less than 
the battery-powered version. 

The unique features of this device is that it does 
not require a battery, and activation occurs only when 








Figure 20-1 


Photograph of circuit 
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the phone is off the hook. This eliminates transmit- 
ting a continuous signal, thus preventing potential 
interference and eliminates dead-tape listening time. 
You may also listen to a radio station while monitor- 
ing the telephone. When the phone is used, the radio 
station is replaced by the transmission of the unit. 
The device is shown assembled on a perforated cir- 
cuit board and may be housed in a small plastic 
enclosure. Potting and sealing is at the discretion of 


the builder. 


Circuit Description 


This chapter shows how to build a mini-powered FM 
transmitter that transmits both sides of a telephone 
conversation to a nearby FM radio. The circuit con- 
sists of a radio-frequency (RF) oscillator section com- 
bined with a telephone power conditioner that 
powers the oscillator (see Table 20-1). Transistor Q1 
forms a relatively stable RF oscillator whose fre- 
quency is determined by the value of coil LI and tun- 
ing capacitor C3. The setting of C3 determines the 
desired operating frequency and is in the standard 
FM broadcast band with tuned circuit design favoring 
the high end up to 110 MHz. Capacitor C2 supplies 
the necessary feedback voltage necessary to sustain 
oscillation. Resistor R2 provides the necessary bias of 
the base emitter junction for proper operation, while 


L2 






Connect in series with either 
red or green lead to the 
telephone jack. May be 
installed anywhere line is 
accessible. Connection will 
mean breaking one of the 
leads and connecting in place 


capacitor Cl bypasses any RF to ground. Choke L2 the telephone. It is this method that leaches voltage 
blocks the signal energy from going back to the from the series load resistor R1 when the telephone 
phone lines yet allows DC power to Q1 (see is in use, as current now flows across R1. The bridge 
Figure 20-2). diodes consisting of D1 through D4 polarize the 
Connecting the circuit requires breaking one of audio voltages necessary to modulate the oscillator. 


the lines and connecting the input leads in series with 





ae 


Wires to telephone circuit 









Antenna tap 
lead is routed 
thru hole to 
strain relieve 


Secure cable using a small tye 
wrap or piece of twisted wire 


ee eee 


4° _ Dashed lines are connections on underside of 
e / x. perforated circuit board using the component leads. 
PN2222 ~- : : 
These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuit 
board. 


@ Large dots are holes used for component insertion. 


2 Small dots are solder junctions 


Figure 20-3 "Assembly of circuit board 
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Assembly of the Circuit Board 


Assemble the circuit as shown in Figure 20-3: 


1. 


Cut a piece of .1-inch grid perforated board to 
2 X | inches, 


Form L1 by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. This 
produces an eight-turn coil with an inner 
diameter of approximately .135 inches and is 
about .625 inches in length. Insert it in the 
proper hole and solder as shown. 


Insert trimmer capacitor C4 into the holes as 
shown. You may put this component on either 
side of the PC board. The choice is up to you 
and should be determined by the final packag- 
ing scheme you require. Three holes are avail- 
able for the part, with two of them electrically 
the same point. This is necessary, as some 
trimmers may have three pins. Make sure that 
the common pins are connected to the same 
electrical points, with the odd pin to the other 
point. 


If you are building from a perforated board, it 
is suggested that you insert the components 
starting in the lower left-hand corner. Pay 
attention to the polarity of the capacitors that 
have polarity signs and all the semiconductors. 
Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate connection runs on the under- 
side of the assembly board. 


Attach the external leads that are connected 
to the telephone lines. 
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10. 


Ti; 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Tune an FM receiver to a fairly strong station 
at the high end of the band (108 MHz or 
higher).'Turn up the volume and position it 25 
to 50 feet away from the transmitter. 


Connect the operating unit to the phone line 
with the phone on the hook. Remove the 
phone and adjust C3 until you hear the dial 
tone. Tuning the trimmer must be done with 
an insulating tuning wand. It is best to tune 
the unit by placing it on a nonconductive sur- 
face and securing it with a sponge or a piece 
of rubber. 


It may be difficult at first to spot the signal as 
this adjustment is very touchy. Also note that 
several spots in the adjustment may be erro- 
neous and will be weak and unstable. The cor- 
rect signal will be strong, stable, and clear and 
can be verified through distance-of-transmis- 
sion testing. 


Once the desired setting of C4 is found, it 
should be marked. with the frequency noted, 


Conduct a final test by making an actual call 
and verifying the clear transmission of the FM 
radio to both parties. 


When operation is verified, it may be a good 
idea to enclose the circuit board in a plastic 
box. This allows easier tuning and handling. 





185 


Notes 


Please see notes in Chapter 19. 


Table 20-1 Line-Powered Telephone 
Conversation Transmitter Parts List 


Ref. # Oescription OB Part # 
RI LK ‘/a-watt resistor (br-blk-red) 
R2 LOK '4-watt resistor (br-blk-or) 
Cl l-microfarad. S0-volt dise capacitor 
€2 4- to 6-picofarad small silver DB 4.7P 
mica disk (4.7) 
C3 6- to. 35-picofarad trimmer 
capacitor DB# 635P 
DI4 100-volt diodes IN4002 
Ol PN2222 NPN general-purpose 


Lransistor 


Ll Coil wound as described in DB# COILST 
assembly steps 


L2 3.6 microhenry inductor DB# 3.6L 


PBOARD 2 | *.1-inch grid perforated 
board 


WR24BUSS 12 inches of #24 bus wire for wiring 
and antenna Lap 


WRI6BUSS 6 inches of #16 bus wire for making 
L1 coil 


WR20) 24 inches of #20 vinyl hookup wire 


ee 
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Figure 21-1 shows a wireless FM transmitter designed 
to transmit the output of a tape recorder, VCR, DVD, 
or any device having composite audio and video out- 
puts to a nearby radio or TV tuned to the unit’s fre- 
quency. Assembly is built on a piece of circuit board 
and may be placed in any suitable plastic container 
along with a 9-volt battery. 


Circuit Description 


The parts for this project are listed in Table 21-1. 
‘Transistor QI forms a relatively stable radio- 
frequency (RF) oscillator whose frequency is deter- 
mined by the value of coil L1 and tuning capacitor 
C4. The C4 setting determines the desired operating 
frequency and is in the standard FM broadcast band 
with tuned circuit design favoring the high end up to 
110 MHz. Capacitor C2 supplies the necessary feed- 
back voltage developed across emitter resistor R3 in 








Figure 21-1 


The completed device 


the emitter circuit of Q1, sustaining an oscillating 
condition. Resistor R1 and R2 provide the necessary 
bias of the base emitter junction for proper opera- 
tion, while capacitor C1 bypasses any RF to ground 
fed to the base circuit. Capacitor C9 provides an RF 
return path for the tank circuit of L1 and C4 while 
blocking the DC supply voltage fed to the collector 
of Ql (see Figure 21-2). R4 is connected in series 
with DC-blocking capacitor C5 to the input cable and 
plug. 


Figure 2l-2 Circuit schematic 


Assembly 


Assemble the circuit as shown Figure 21-3, 


Li 


i 
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Cut a piece of .l-inch grid perforated board to 
a size of 2 < 1 inches. 


Form L1 by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. This pro- 
duces an eight-turn coil with an inner diame- 
ter of approximately .135 inches and a length 
of .625 inches. Insert it in the proper hole and 
solder as shown. 


Insert trimmer capacitor C4 into the holes as 
shown. You may put this component on either 
side of the PC board. This choice is up to you 
and should be determined by the final packag- 
ing scheme you require. Three holes are avail- 
able for the part with two of them electrically 
the same point. This is necessary, as some 
trimmers may have three pins. Make sure that 
the common pins are connected to the same 
electrical points with the odd pin to the other 
point. 


If you are building from a perforated board, it 
is Suggested that you insert components start- 
ing in the lower left-hand corner, Pay atten- 
tion to the polarity of the capacitors that have 
polarity signs and all the semiconductors. 
Route the leads of the components as shown 





and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


Attach the external leads of the battery clip 
(CL1) and shielded cable (WR10). 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Tune an FM receiver to a fairly strong station 
at the high end of the band (108 MHz or 
higher). Turn up the volume and position the 
receiver about 25 to 50 feet from the transmit- 
ter circuit. 


If a multimeter or 50-milliamp meter is avail- 
able, connect it in series with a battery lead. 
This can be done by removing one of the clip 
fasteners and connecting the meter to one of 
the free contacts, as shown in Figure 21-2. The 
meter should read 5 to 7 milliamps. Pick up a 
short piece of bare wire and touch coil L1. 
Touch it a turn at a time, starting from the C3 
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Strip off outer plastic jacket of 
cable 1 inch and twist braid into 
a lead and tin. Strip off 4 inch of 
insulation on inner lead and tin. 
Insert into plug and solder inner 
lead to center pin. 


















Carefully solder twisted braid 


lead to outer shell being careful a hi 
not to burn through insulation. ead is ro 
thru hole to 


Always verify lead continuity and 
possible shorting of the leads 
with a meter. 


strain relieve 






P4 





Secure cable using a small tye 
wrap or piece of twisted wire 










+ cu of Dashed lines are connections on underside of 
A SF perforated circuit board using the component leads. 
These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuit 
Connect meter to read circuit board. 
current as shown 
@ Large dots are holes used for component insertion. 


@ Small dots are solder junctions 


end. Note that as you progress turn by turn 
away from C3 that the indicated meter cur- Notes 
rent will drop or change. 


ze zeeday WA SSeTeTTM oe joOWsSyY 


Please refer to the notes in Chapter 19 on opera- 


9. Connect the cable into an audio source such f Socal Jikan 
tion of wireless circuits. 


as a recorder or another radio. Slowly rotate 
C4 with an insulated tuning wand until the 
station being received by the radio is at 
approximately 108 MHz. It may be difficult at 
first to spot the signal, as this adjustment is 
very touchy. Also note that several spots in 
the adjustment may be erroneous and will be 
weak and unstable. The correct signal will be 
strong, stable, and clear and can be verified by 
distance-of-transmission testing. 


10. Once the desired setting of C4 is found, it 
should be marked with the frequency noted. 


11. When the operation is verified, it may be 
desired to pot the assembly as shown. This 
allows easier tuning and handling, 


Ee eee 
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Table 21-1 
Parts List 


Ref. # 
Rl 


R2 


C3 


C4 


PBOARD 


WR24BUSS 


WRI6BUSS 


WRI 
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Remote Wireless FM Repeater 


Description OB Part # 
ISK. ‘/s-watt resistor (br-gr-or) 


3.9K, '/a-watt resistor 
(or-wh-red) 


220-ohm, ‘/1-watt resistor 
(red-red-br) 


LK, '/s-watt resistor (br-blk-red) 


Two .0|-microfarad, 50-volt 
disc capacitors 


Small 4- to 6-picofarad silver 
mica disk (4.7) DB #4.7P 


.1-mierofarad, 50-volt plastic 
capacitor 


6- to 35-picofarad trimmer 
capacitor DB #635P 


Battery snap clip and leads 


PN2222 NPN general-purpose 
transistor 


Coil wound as described in 
assembly steps DB #Coil8T 


2% 1 & .l-inch grid perforated 
board 


12 inches of #24 bus wire for 
wiring and antenna tap 


6 inches of #16 bus 
wire for making L1 coil 


12 inches of shielded cable 


RCA phono plug 
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Tracking and-Homing Transmitter; 


— 


l'his project shows how to construct a beeping trans- 
mitter, as shown in Figure 22-1, for use as a tracking 
or homing device. It transmits audio pulses (beeps) to 
a nearby FM radio tuned to the desired frequency. 
The unit is intended to be used in transmitter hunt 
games or as a homing beacon for hunters or hikers. It 
is suggested that you mark a bearing heading on a 
small but good-quality FM radio and use it as a low- 
cost receiver for determining the direction of the sig- 
nal pickup. The range of the device, when used as a 
homing device with a quarter-wave vertical placed on 
top of a metal roof, such as a vehicle, can be in excess 
of 3 miles when using a quality analog FM receiver. 





Figure 2c-] 


Transmitter circuit 
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Circuit Description 


This chapter shows how to build a mini-powered hM 
transmitter that transmits audio pulses for tracking 
and homing applications (see Figure 22-2). The circuit 
consists of a radio-frequency (RF) oscillator section 
interfaced with a tone modulator and a pulse- 
switching section that controls the oscillator power. 
Transistor O1 forms a relatively stable RF oscillator 
whose frequency is determined by the value of coil 
LI and tuning capacitor C4. The C4 setting deter- 
mines the desired operating frequency and is in the 
standard FM broadcast band with the tuned circuit 
design favoring the high end up to 110 MHz. Capaci- 
tor C2 supplies the necessary feedback voltage devel- 
oped across resistor R3 in the emitter circuit of QL, 
sustaining an oscillating condition. Resistors R1 and 
R2 provide the necessary bias of the base emitter 
junction for proper operation, while capacitor Cl 
bypasses any RF to ground fed to the base circuit. 
Capacitor C3 provides an RF return path for the tank 
circuit of LI and C4 while blocking the DC supply. 
You will note that the junction of the base bias 
resistors R| and R2 is a feed point consisting of resis- 
tor R4. This point is where the beeping tone from the 
tone generator chip [2 is applied. Because of the 


nature of the oscillator frequency being subject to 
change by varying the base bias condition, a pulsed 
voltage superimposed at this point causes a corre- 
sponding frequency shift (FM) along with an ampli- 


tude modulated shift (AM) condition. It is this 1. 


property that allows the circuit to be FM modulated, 
producing the tone frequency. The signal is clearly 
detected on any FM receiver when the receiver is 
properly tuned. The tone frequency is the pulse repe- 
tition rate of 11 wired as an astable pulse generator. 
This repetition rate is determined by timing resistor 
RS and capacitor C6. 


The ratio of beeping on to off time is controlled by 3 


chip 11, wired as a free-running astable device with 
duty cycle control. This function is determined by the 
ratio of resistors R7 and R8 and timing capacitor C8. 
The output of I] controls the bias voltage of oscilla- 
tor Q1 through resistor R1, turning the oscillator on 
and off (see Figure 22-2). 


B1 


hed Figure 22-2 Circuit schematic — 
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Assembly of the Circuit Board 


Assemble the circuit as shown in Figure 22-3. 


Cut a piece of .1-inch grid perforated board to 
a size of 2 X 1 inches. 


Form L1 by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. This pro- 
duces an eight-turn coil with an inner diame- 
ter of .135 inches and a length of .625 inches. 
Insert it in the proper hole and solder as 
shown. 


Insert trimmer capacitor C4 into the holes as 
shown. You may put this component on either 
side of the PC board. The choice is up to you 
and should be determined by the final packag- 
ing scheme you require. Three holes are avail- 
able for the part, with two of them electrically 
the same point. This is necessary, as some 
trimmers may have three pins. Make sure that 
the common pins are connected to the same 
electrical points with the odd pin to the other 
point. 


If you are building from a perforated board, it 
is suggested that you insert components, start- 
ing in the lower left-hand corner. Pay atten- 


ANT 


C3 
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View showing correct nes 
mounting of vertical parts (J) 


Dashed lines are connections on underside of 

7 ~<_~ perforated circuit board using the component leads. 
These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuit 





Multiple batteries for high power use. Each board, 
battery produces 9 volts. You may 
increase to 27 volts by connecting as @ = Large dots are holes used for component insertion 
shown. Carefully remove the battery 
Connect meter to read circuit connecting clips and separate by slitting e Small dots are solder junctions 


currentas shown the plastic hood and separating 


Figure 22-3 Assembly of the circuit board 


tion to the polarity of the capacitors with 8. 
polarity signs and all the semiconductors. 


If a multimeter or 50-milliamp meter is avail- 
able, connect it in a series with a battery lead. 


Route the leads of the components as shown 
and solder as you go, cutting away the unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


This can be done by removing one of the clip 
fasteners and connect the meter to the free 
contacts, as shown in Figure 22-2. The meter 
should read a pulsing of 5 to 7 milliamps. Use 
a short piece of bare wire to touch the coil L1 
a turn at a time, starting from the C3 end. 
Note that as you progress turn by turn away 
from C3 that the indicated meter current will 


5. Attach the external leads of battery clip CLI. 
drop or change. 
6. Double-check the accuracy of the wiring and ' , ; ‘ 
‘ “y i Tune C4 with an insulated tuning tool until 
the quality of the solder joints. Avoid wire j a as 
, ; fuk you hear the beeping tone. It may be difficult 
bridges, shorts, and close proximity to other Hy hg mites 
Saas . i ; : at first to spot the signal, as this adjustment is 
circuit components. If a wire bridge is neces- ee : 
‘ ‘ very touchy. Also note that several spots in 
sary, sleeve some insulation onto the lead to : : 
ia ; the adjustment may be erroneous and will be 
avoid any potential shorts. , ‘ 
weak and unstable. The correct signal will be 
7. Tune an FM receiver to a fairly strong station strong, stable, and clear and can be verified by 


at the high end of the band (108 MHz or 
higher). Turn up the volume and position the 
receiver 25 to 50 feet from the transmitter 
circuit. 


distance-of-transmission testing, 
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10. Once the desired setting of C4 is found, it 
should be marked with alignment marks, with 
the frequency noted. 

ll. Finally, test the unit using a good-quality FM 
analog receiver. Note to place an arrow on the 
radio once you determine the proper position- 
ing to obtain the maximum signal strength. 
Do this step from a distance of at least several 
hundred feet. 

12, When operation is verified, it may be desired 
to enclose the circuit board into a plastic box 
along with the battery. This allows easier tun- 
ing and handling. 

Notes 

Please see the notes in Chapter 19 on operating. 

Table 22-1 Tracking and Homing Transmitter 

Parts List 

Ref. # Description OB Part # 

RI Two 10K, '4-watt resistor (br-gr-or) 

R2 3.9K, '/1-watt resistor (or-wh-red) 

R3 220-ohm, '/4-watt resistor 

(red-red-br) 

RS IK, '/s-watt resistor (br-blk-red) 

R6 39K, !/s-watt resistor (or-wh-or) 
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R7 100K, '/s-watt resistor (br-blk-yel) 


RS 22K, '/s-watt resistor (red-red-or) 

C1337 Three .01-microtarad, 50-volt 
dise capacitors 

C2 Small, 4- to 6-picofarad, silver 
mica disk (4.7) 

C3 -l-microfarad, 50-volt plastic 
capacitor 

C4 6- to 35-picofarad trimmer 


capacitor 


C6 A7-microfarad. 25-volt vertical 
electrolytic capacitor 


C8 4.7-microfarad. 25-volt vertical 
electrolytic capacitor 


D1,2 Two IN914 small-signal diodes 

11,2 Two 555 timers in a dual mine 
package (DIP) 

CLI Battery snap clip and leads 

Ol PN2222 NPN general-purpose 
transistor 

Ll Coil wound as described in 
assembly steps 

PBOARD 2% | X .1-inch grid perforated 


board 


WR24BUSS 12 inches of #24 bus wire for 
wiring and antenna tap 


WRIO6BUSS 6 inches of #16 bus wire lor 
making LI coil 


DB#47P 


DB# 635P 


DB# COIL8T 
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Device 


Figure 23-1 shows a simple electronic device intended 
to be an intrusion detector and listening device for 
checking a home or office while away or on vacation. 
It may also be used to trigger other electrical devices. 
The circuitry does not require a tone encoder, so it 
does not provide selected activation by a particular 
caller. Thus, it limits the device from being used for 
illegal purposes and allows the sale of the kit or fully 
assembled unit without the requirement of special 
authorization. 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $25 to $40. All 
parts are readily available, with specialized parts 
obtainable through Information Unlimited 





Figure 23-] 


The snooper phone 





195 


pom-Listening 


(www.amazing|.com), and they are listed in 
‘Table 23-1. 

Unlike the controversial Infinity transmitter, our 
system does not utilize decoder and encoder circuitry. 
Once connected to the phone lines, it will open a 
microphone to anyone who happens to dial the num- 
ber. This feature obviously reduces the potential use 
of the device for illegal interception of oral communi- 
cation. Even though the phone does not ring, it would 
not be long before the potential victim of an illegal 
surveillance would be aware of the setup. It is there- 
fore quite obvious that the applications are strictly 
limited to use as a security device that checks for 
unauthorized intrusion or checks household appli- 
ances by placing a pickup device in certain favorable 
locations to overhear these desired sounds and 
noises. I am sure that anyone with this capability 
would breathe a sigh of relief to be able to dial his or 
her home or office phone while being away and hear 
the familiar sounds of appliances and other systems 
properly performing their duties and functions. 


Circuit Operation 


Your circuit consists of a high-gain amplifier (11) fed 
into the telephone lines via transformer T1. The 
circuit is initiated by the action of a voltage transient 
pulse occurring across the phone line at the instant of 


ter Twenty-Three 


a telephone circuit connection being made. This tran- 
sient is a voltage change of about 48 to S VDC and 
usually occurs before the ring signal. It is this change 
that immediately forward-biases diode D1 and trig- 
gers pin 2 of timer 12, whose output pin 3 goes posi- 
tive, turning on transistors QI and Q2. Timer I2 now 
remains in this state for a period depending on the 
values of timing resistor R12 and the selected value 
of the capacity determined by the activated time of 
switch $2. This four-position switch allows time selec- 
tions of 10,30, 100, and 1,000 seconds by the selection 
of the respective capacitors C12 through C15 (see 
Figure 23-2). 

You will note that when Q2 is turned on by timer 
12 that a simulated off-hook condition exists by the 
switching action connecting the S00-ohm winding of 
the transformer directly across the phone lines. 
Simultaneously, Q1 clamps the ground of the T1 
amplifier to the negative return of battery BI. 
enabling this amplifier section. System power is con- 
trolled by switch S1 being part of the pickup sensitiv- 
ity control R1. 


Red 
To teleohone wal jack tip and fing 
note that fed is negative and green is positive on the 
telephone lines 


Gree 





Measure cacut curren by connecting a milamp meter to 
the unconnected battery and battery clip contact 


Figure 23-2 ~ Circuit schematic 
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Electret microphone M1 picks up the sounds fed 
to operational amplifier [1 with the output coupled 
by capacitor C6 to the 1,500-ohm winding of Tl, and 
R1 controls the pickup sensitivity of the system. The 
system described will operate when any incoming call 
is received without the phone ever ringing. 


Construction Steps 


If you are a beginner, it is suggested to obtain our 
GCATI General Construction Practices and Tech- 
niques. This informative literature explains basic 
practices that are necessary in proper construction of 
electromechanical kits and is listed in Table 23-1. 


1. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on the 
parts list. 


N 


Cut a piece of .l-inch grid perforated board to 
a size of 4.2 x 1.5. Locate and drill the holes 
as shown in Figure 23-3. 


81 


C12 CIS C4615 
10 «433 1007000 


Chart showing “hold on times" available by selection of S2 DIP switch 





“times may vary from that shown due to component variances 
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Inseri tabs into holes 
and fold over to hold 
Tt in place 
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« Small dots are holes used for component insertion. 


@ Large dots are solder junctions 


© Circles with dots are holes that may require drilling for component mounting and points for external connecting wires indicating strain relief points. It is 


o 
J] 
° 
° 
°o 
° 
° 
° 
° 
° 
° 
° 
° 
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Dashed lines are connections on underside of perforated circuit board using the component leads. These points can also be used to determine foil 
‘~~ runs for those who wish to fabricate a printed circuit board. 


suggested to drill clearance holes for the leads and solder to points beneath board 


Figure 23-3 Assembly board layout 


3. If you are building from a perforated board, it 5. Double-check the accuracy of the wiring and 
is suggested that you insert the components the quality of the solder joints. Avoid wire 
starting in the lower left-hand corner (see bridges, shorts, and close proximity to other 
Figure 23-3), Pay attention to the polarity of circuit components. If a wire bridge is neces- 
the capacitors with polarity signs and all the sary, sleeve some insulation onto the lead to 
semiconductors. avoid any potential shorts. 

Route the leads of the components as shown 

and solder as you go, cutting away unused 

wires, Attempt to use certain leads as the wire Final Assembly 

runs or use pieces of the #24 bus wire. Follow 

the dashed lines on the assembly drawing as Create a suitable housing from a piece of aluminum 
these indicate connection runs on the under- or purchase a ready-made aluminum box approxi- 
bide of the aeseriblyaoare. mately 5 X 3 X 2 inches. Drill the holes as required 

4. Attach the external leads as shown in for the microphone grommet GR1, gain control R1, 


Figure 23-4. You may relieve any strain they 
might have by drilling holes to allow the 
insertion of the entire wire. Note that the 
short pieces of bus wire are soldered to R1 for 
connection to the circuit board. 


and strain relief bushing for the phone line cable 
assembly RJ11. The metal box should be grounded to 
the circuit common line to reduce hum pickup. Note 
that a piece of Velcro sticky tape can be used to 
secure the battery or use your own ingenuity. 
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Chapter Twenty-Three 


Figure 23-4 = External connection and parts identification 





Twist these leads to M1 





Solder short pieces of #22 buss wire 
for extending connecting leads 


Testing Steps 


This step will require basic electronic laboratory 
equipment including a 60 MHz oscilloscope if trouble 
shooting the circuit is necessary. 


i. 
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Turn the unit off by rotating R1 full counter- 
clockwise, noting the click of the switch. Verify 
that all the DIP switch levers of S2 are down 
(off). Connect the battery as shown in series 
with a current meter and note zero current 
flow. Turn the unit on and note a current of 5 
milliamps, which may momentarily jump to 30 
milliamps as the unit times out. 


Locate a phone jack so that you can monitor 
the DC voltage. Connect a meter across the 
tip and ring leads (green and red), and note 
the 40 to SO volts with the phone on the hook. 
Also note the green lead is positive and the 
red is negative. This is the opposite of conven- 
tional wiring. Litt the phone and notice the 40 
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These leads are from a telephone R14 cable and plug 
assembly and should be strained relieved by anchoring 
through hole in thecircult board before soldering 


to 50 volts dropping down to 8 to 12 volts. This 
step verifies a properly working phone line. 


Turn the unit off and connect it to the phone 
line. Rotate the R1 so that it just clicks on, and 
note the voltage remaining as or timing out to 
read the on-hook 40 to 50 volts, Preset R2 to 
midway. 


Call the target phone using a cell or another 
telephone. The unit should connect at the 
beginning of the ring signal before the phone 
has a chance to ring. You should clearly hear 
sounds until the unit times out, at which time 
the device disconnects and restores the phone 
to normal operation. Adjust R1 for desired 
pickup sensitivity. The timeout time should be 
only about 10 seconds for the presetting of $2, 
as instructed in step 1. You may lengthen 
these times as shown in Figure 23-2. 
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Notes 


The unit can also operate with extension phones 
without dialing the number from another place. Sim- 
ply connect the unit to a phone jack and lift the 
extension phone located elsewhere, activating the cir- 
cuit. Applications for monitoring other rooms and 
floors via the telephone lines now is possible. 


Connections can be made in simple ways across 
the phone lines at any convenient point, such as the 
phone jack, lead-in box, or inside the telephone itself 
via clips or lugs. They can also be made via a simple, 
standard four-pin phone plug mated to any standard 
phone jack. The latter method is usually recom- 
mended when a home or office is equipped with 
these convenient jacks, which allow simple placement 
of the telephone or device. 


When the phone activates, allowing you to listen 
to the target premises, it remains on for a time deter- 
mined by the setting of the DIP switch $2. This time 
can be selected from 10 seconds to 20 minutes by 
proper selection of these levers. Even when you hang 
up, the system will keep the line connected so 
another call will get a busy signal until the unit times 
out. One now sees the importance of not overselect- 
ing the timing period as the phone cannot be used for 
either incoming or outgoing calls. Outgoing calls can 
normally be made with the unit installed to the target 
phone, but incoming calls will activate the micro- 
phone. 


TT 
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Table 23-1 Snooper Phone Room-Listening 


Device Parts List 


Ref. # 
Ri/SI 
R2,3,6 
R4,5 
R7 
RS, 9, 10 
R11 
R12 
C1, 5,10 
€2,3,12 
C4814 
C6 
C7 
co 
! C13 
VW 
v cll 
o cis 
re C6 
| 
4 
gad 
bey 
&, 
> 
= 
1) 
Ais 
oF 
iN 
whe 
C) 
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Description 


LOK, 17-millimeter pot and switch 


Four IK, '/;-watt resistors 
(br-blk-red) 


One 100-ohm, '/s-watt resistor 
(br-blk-br) 


470 '/4-watt resistor (yel-pur-br) 


Three 10K, '/1-watt resistors 
(br-blk-or) 


LOOK, '/s-watt resistor (br-blk-yel) 
1M '/s-watt resistor (br-blk-gr) 
Three .1-microfarad, 50-volt caps 


Three 10-microfarad, 25-volt 
vertical electro radial leads 


Three 100-microfarad, 25-volt 
vertical electro radial leads 


.22-microfarad, 250-volt metalized 
polypropylene 


-l-microfarad, 50-volt cap 


|-microfarad, 25-volt vertical 
electro cap 


33-microfarad, 25-volt vertical 
electro radial leads 


.01-microfarad, 50-volt disk (103) 


|,000-microfarad, 25-volt vertical 
electrolytic capacitor 


.22-microfarad, 250-volt metallized 
polypropylene 


B) 


Ml 
$2 


PBOARD 


GRI 


BUSCLP 


CLI 


RJ11 


WR20R 


WR20B 


ENC1 


1-microfarad, 25-volt vertical 
electro cap 


-l-microfarad, 50-volt cap 
(INFO#VG22) 


Two 1N4007 1-kilovolt diodes 


M386 operational amplifier 
dual inline package (DIP) 
integrated circuit (IC) 


555 timer DIP IC 


PN2222 NPN small-signal 


transistor 
D40D5 high-voltage transistor 


1.SK,500-ohm audio interstage 
transformer 


Electret microphone 
4PST DIP switch 


4.2 * 1.5 x .1-inch grid perforated 
board, sized per chapter 


'/-ineh rubber grommet 


'/4-inch Heyco clamp 
bushing 


9-volt battery clip with leads 


RJ11 telephone plug and 
cable assembly 


12 inches of #20 vinyl red wire 
for positive input 


12 inches of #20 vinyl black wire 
for negative input 


5 <3 X 2-inch aluminum box 
and cover 
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Lang-Range FM (alter Transmitter 


— 


This project shows how to construct an electronic 
device that can transmit low-level sounds over a con- 
siderable distance (see Figure 24-1). It is intended for 
use as a security system when entry sounds are 
broadcasted over a standard FM radio, providing an 
early warning of an intrusion. It may be used to mon- 
itor children, swimming pools, sick and invalid peo- 
ple, and animals. The device can also be used for 
nature listening, which is made possible by the wide 
frequency response of the audio section, allowing 
good-quality reproducibility of rare bird calls, for 
example. An excellent application, when one is living 
in hostile areas, is to install the unit in one’s home. 
This allows monitoring, of the premises before possi- 
bly being surprised by a burglar. 





Figure 2U-1 


Long-range FM voice transmitter 
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The assembled transmitter is small enough to be 
placed at the foci of a sonic reflector, creating a 
highly directional wireless mike for targeting particu- 
lar areas of interest. (The Audubon Society pur- 
chased 25 of these systems for monitoring bird and 
animal calls in mosquito-infested swamp areas.) 


Circuit Description 


This circuit shows how to build a super-sensitive, 
mini-powered FM transmitter consisting of a radio 


frequency (RF) oscillator section interfaced with a 


high-sensitivity, wide pass-band audio amplifier and 
capacitance mike with a built-in field effect transistor 
(FET) that modulates the base of the RF oscillator 
transistor (see Figure 24-2), Transistor Q1] forms a rel- 
atively stable RF oscillator whose frequency is deter- 
mined by the value of coil L1 and tuning capacitor 
C4, The setting of C4 determines the desired operat- 
ing frequency and is in the standard FM broadcast 
band with the tuned circuit design favoring the high 
end up to 110 MHz. Capacitor C2 supplies the neces- 
sary feedback voltage developed across resistor R3 in 
the emitter circuit of Q1, sustaining an oscillating 
condition. Resistors R1 and R2 provide the necessary 
bias of the base emitter junction for proper opera- 
tion, while capacitor Cl bypasses any RF to ground 
fed to the base circuit. Capacitor C3 provides an RF 
return path for the tank circuit of L1 and C4 while 





Note that the microphone M1 has polarity. You can identify 
the ground pad by the connection tabs to the outer shell. 





Figure 24-2 Circuit schematic 


blocking the DC supply voltage fed to the collector 
of Ql. 

The audio section utilizes a high-sensitivity capaci- 
tance mike (M1) and built-in FET transistor (field 
effect) and will clearly pick up all low-level sounds in 
the speech audio spectrum. The speech voltage devel- 
oped across resistor R9 by M1 is capacitively coupled 
by C6 to the base of audio amplifier transistor Q2. 
You will note the base of oscillator transistor O1 is 
biased by resistors R1 and R2. A signal voltage now 
developed across resistor R6 is capacity coupled 
through nonpolarized capacitor C5 to the base of Q1 
through resistor R4. The gain of Q2 is controlled by 
the ratio of R7 and R6. The operating point is set to 
allow full excursion of the collector to the amplified 
signal. The amplified speech signal now causes FM 
and AM modulation of the oscillator circuit by slight 
shifting of the operating point of the base section. 
Resistor R10 decouples the oscillator and audio cir- 
cuits and is necessary to prevent feedback and other 
undesirable effects. 

When properly assembled, the circuit should pro- 
duce crystal-clear quality when the receiver is prop- 
erly tuned to the unit. Note that a shunt capacitor 
may be connected across the base lead of Q1 to 
reduce sensitivity. The circuit with the components 
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listed operates best in the upper FM band. This is a 
clear spot without interference from FM radio sta- 
tions. However, satisfactory performance is obtained 
above 110 MHz for limited range use. Use caution as 
this is the aircraft band and should not be used if 
near an airport (see Table 24-1). 


Assembly Steps 


Assemble the circuit as shown in Figure 24-3. 


1. Cuta piece of .l-inch grid perforated board to 
a size of 2 X 1 inches. 


2. Form LI by tightly wrapping eight turns of 
#16 bus wire on a #8 wood screw. This 
produces an eight-turn coil with an inner 
diameter of approximately .135 inches and a 
length of about .625 inches. Insert it in the 
proper hole and solder as shown. 


3. Insert trimmer capacitor C4 into the holes as 
shown. You may put this component on either 
side of the PC board. This choice is up to you 
and should be determined by the final packag- 
ing scheme you require. Three holes are avail- 
able for the part with two of them electrically 
the same point. This is necessary as some 
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Figure 24-3 Assembly board 


PN2222 © 






Connect meter to read circuit 
current as shown 


trimmers may have three pins. Make sure that 
the common pins are connected to the same 
electrical points with the odd pin to the other 
point. 


If you are building from a perforated board, it 
is suggested that you insert components start- 
ing in the lower left-hand corner. Pay atten- 
tion to the polarity of the capacitors with 
polarity signs and all the semiconductors. 
Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires, Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


Attach the external leads of the battery clip 
PCIE), 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Tune an FM receiver to a fairly strong station 
at the high end of the band (108 MHz or 
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10. 






Antenna tap 
lead is routed 
thru hole to 
strain relieve 


Dashed lines are connections on underside of 
“.__~ perforated circuit board using the component leads. 
These points can also be used to determine foil 
runs for those who wish to fabricate a printed circuit 
board. 


@ Large dots are holes used for component insertion. 


e Small dots are solder junctions 


higher). Turn up the volume and position the 
receiver 25 to 50 feet from the circuit. 


If a multimeter or 50-milliamp meter is avail- 
able, connect it in series with a battery lead. 
This can be done by removing one of the fas- 
teners of the clip and connecting the meter to 
the free contacts, as shown in Figure 24-3. The 
meter should read 5 to 7 milliamps. Use a 
short piece of bare wire to touch the coil Ll a 
turn at a time, starting from the C3 end. Note 
that as you progress turn by turn away from 
C3 that the indicated meter current will drop 
or change. 


If the device performs as follows with the bat- 
tery connected, slowly rotate C4 with an insu- 
lated tuning wand until the station being 
received by the radio at approximately 108 
MHz breaks out in audio feedback or is 
blocked out. It may be difficult at first to spot 
the signal as this adjustment is very touchy. 
Also note that several spots in the adjustment 
may be erroneous and will be weak and unsta- 
ble. The correct signal will be strong, stable, 
and clear and can be verified by distance-of- 
transmission testing. 


Once the desired setting of C4 is found, it 
should be marked with the frequency noted. 
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11. When operation is verified, it may be desired 
to enclose the circuit board into a plastic box 
along with the battery. This allows easier tun- 
ing and handling. 


Notes 


One of the things to watch for when using a device of 
this type is proper tuning. The adjustment capacitor, 
C4, is quite sensitive and requires only a slight move- 
ment to change the frequency, so always use a tuning 
wand. It is very easy when one is not familiar with 
this unit to tune to an erroneous signal. This phenom- 
enon is likely to occur when the unit is close to the 
monitoring receiver. As previously mentioned, an 
erroneous signal will be weak, distorted, and unstable 
(often it is mistaken for the main signal and the unit 
blamed for poor performance), and the main signal 
will be strong, stable, and undistorted, if modulated. 
Several experiments in tuning the unit should be 
done before attempting to use it for the desired 
application. 


Also, whenever possible, the unit should be used 
around 108 to 109 MHz, which is at the boundary of 
the aircraft band and upper FM broadcast band. 
When the approximate desired spot is found, final 
touchup tuning should be done at the receiver end 
for clarity. In most areas, these “upper” frequencies 
are clear and allow uninterrupted use in contrast to 
the lower ones in the FM band where a slight change 
in frequency from a clear spot results in the unit 
being drowned out by a strong broadcast station. Do 
not go above 108 MHz if near an airport or air traffic 
lane. 


Most available FM radios can easily be detuned 
slightly to shift the dial readings down where 108 is 
109. This is accomplished by carefully adjusting the 
“oscillator,” the padding trimmer located on the main 
tuning capacitor, and “walking” a known station 
down the necessary megahertz or two, An antenna- 
peaking trimmer should now be adjusted for maxi- 
mum signal at the high end. 

Optimum performance will require a good-quality 
receiver with an analog slide-rule-type tuning dial. 
Digital tuned receivers will not work that well. 


 —————— 


Table 24-1 Long-Range FM Voice Transmitter 
Part List 


Ref. # Description DB Part # 
RI 15K, !/4-watt resistor (br-gr-or) 
R2 3.9K, '/s-watt resistor 
(or-wh-red) 
R3 220-ohm, '/s-watt resistor 
(red-red-br) 
R4,5 Two IK, '/4-watt resistors 
(br-blk-red) 
R6,9 Two LOK, '/s-watt resistors 
(br-blk-or) 
R7 390K, '/4-watt resistor 
(or-wh-yel) 
C1,6 Two .01-microfarad, 50-volt 
disc capacitors 
C2 4- to 6-picofarad small silver §DB#4.7P 
mica disk (4.7) 
Cc .l-microfarad, 50-volt plastic 
capacitor 
C4 6- to 35-picofarad trimmer 
capacitor DB# 635P 
CS 2.2-microfarad, 25-volt vertical 
nonpolarized electrolytic 
capacitor 
CLI Battery snap clip and leads 
Q1,2 Two PN2222 NPN general- 
purpose transistors 
Ll Coil wound as described DB# COIL8T 


in assembly steps 


PBOARD 2% 1 X.1-inch grid perforated 
board 


WR24BUSS 12 inches of #24 bus wire for 
wiring and antenna tap 


WRI6BUSS 6 inches of #16 bus wire 
for making L1 coil 


M1 Special FET-bypassed DB# FETMIKE 


microphone 


PCXFM1 DB# PCXFM 
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FM Pocket Radio and TV Disrupteg 


— 


Your TV disrupter, as shown in Figure 25-1, is 
designed and built on a piece of perforated circuit 
board that can fit inside a small plastic case. It oper- 
ates using two standard, 9-volt transistor batteries in 
series. A unique pulsing circuit causes carrier devia- 
tion at 1,000 Hz, which creates a highly effective 
interfering device. The unit is tuned to a certain chan- 
nel or frequency via a miniature tuning capacitor and 
then is controlled by a slight action of hand move- 
ment for further control. 

This device is intended as a barroom joke and 
must not be abused. No attempts should be made to 
add an antenna because the range can be excessive 
and become a highly illegal device. When used as a 
harmless gag, such as in a bar, you can drive the bar- 


tender crazy because just as he is about to make an 





Figure 25-1 


Assembly board 
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adjustment to a T'V to get rid of the interference, you 
simply detune the device to make an adjustment to 
get rid of the interference and take the disrupter off 
the channel. When he thinks the problem is solved 
and continues his other duties, you hit it again. You 
can Only begin to imagine the enjoyment (as a gag) of 
creating such havoe and being completely unnoticed. 

Also, any FM radio station can be interrupted with 
a 1,000 Hz tone that is many times louder than the 
normal received station. Obviously, a fun-loving per- 
son can use his or her imagination and come up with 
many harmless uses for the device. 

It must be stated that using a device of this nature 
could be considered illegal, and discretion should be 
used at all times because a good gag can become a 
hateful nuisance. Also note that when cable TV is 
used, it may be necessary to get as close to the set as 
possible for maximum effect. 


The following plans show how a miniature, simple, 
inexpensive electronic circuit can disrupt TV and 
radio communications in a very limited area. The unit 
can also be used to blank out those tiresome com- 
mercials, 


Chapter Twenty-Five 


Circuit Theory 


The I1 timer generates positive pulses that occur 
across R4. The frequency of those pulses is a function 
of R1 and Cl and consequently establishes the pulse 
repetition rate of the device. This frequency modu- 
lates the base of Q1, which is a variable oscillator 
whose frequency is determined by C6 (see Figure 25- 
2). See Table 25-1 for the parts list. 


Assembly Steps 


Lay out and identify the parts with the bill of materi- 
als. Insert the components as shown in Figure 25-3, 
starting from one end of the perforated circuit board, 
and follow the locations using the holes as guides. 
Use the leads of the actual components as the con- 
nection runs, which are indicated by the dashed lines. 
It is a good idea to trial-fit the parts before actual sol- 
dering. Always avoid bare wire bridges and globby 
solder joints, and check for cold or loose solder joints. 
Always pay attention to the capacitors with polarity 
signs and all the semiconductors. 


To adjust for frequency, set the TV to channel 2 
and turn C6 for maximum capacitance (for a prelimi- 
nary frequency, when adjusting, it is advisable to use a 
lower voltage due to the possibility of interfering 
with other than TV or radio stations such as police or 
aircraft bands). Adjust L1 by compressing turns until 
the interference is noted on channel 2.'Turn to other 
channels, turn on C4, and note the complete cover- 
age. Channels above 6 are covered by the harmonic 
output of the device. 





Figure 25-2 = Circuit schematic 
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Dashed lines indicate under board wiring runs. 


Black dots are holes used for leads of components 


Note clearance holes for wires to battery clips and antenna lead for strain relief 
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piece of copper to adjustment screw of 
C6 allowing finger control of frequency 
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Figure 25-3 Assembly board 


Several points of interest should be mentioned 
here, one being the ability to tune the unit on or off 
of a particular channel with just hand capacity (slight 
movement near L1); that is, the ability to detune the 
circuit with your hand creates a virtual capacitance. 
The other is the ability to also cover the FM radio 
band. This is accomplished by decompressing the coil 
(spreading the turns apart) and eventually adjusting 
L1 and C4 for the necessary coverage. It should be 
noted that all channels can be covered along with the 
FM band when properly adjusted. It may be neces- 
sary to remove a turn or two from L1 to a range on 
the FM radio stations. 
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Cable and satellite TV will often require the unit 
to be very close to cause an effect. There is no control 
over this, as the unit is designed to interfere with the 
actual frequency of the station being received, as was 
the case before cable and satellite services. 
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Chapter Twenty-Five 


Table 25-1 FM Pocket Radio and TV Disrupter 


Parts List 

Alef. # Description OB Part # 
R1,2 ‘Two LK, '/-watt resistors (br-blk-red) 

R3 220-ohm, '/4-watt resistor (red-red-br) 

R3 100-ohm, '/s-watt resistor (br-blk-br) 

R4 3.9K, !/4-watt resistor (or-wh-red) 

RS 15K, /s-watt resistor (br-gr-or) 

cl l-microfarad, 35-volt vertical 


electrolytic cap (green or blue can) 


C2,4. — Two .01-microfarad, 25-volt disk caps 
(103) 


3 .l-meter, 50-volt ceramic cap 
(blue tablet .1) 


C5 6-picofarad, zero temp (4.7 disk) DB# 4.7P 


C7 A7-microfarad, 35-volt vertical 
electrolytic cap (green or blue can) 


C6 6- to 35-picofarad trimmer tuning Cap DB# 635P 
Ol PN2222 NPN high-frequency, general- 
purpose transistor 
ia 555 dual inline package (DIP) timer 
integrated circuit (IC) 
$2 Single pole, single throw (SPST) slider 
switch 


CLI ‘Two-battery snap clip 


WRI 9 inches of #16 buss wire; wind seven 
turns on a pencil-sized object 


WR2 12 inches of #24 vinyl hookup wire 


PBI 2.5 x 1.5 X .1-inch grid perforated 
circuit board 


LI Coil as shown DB# COILST 
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, Ozone Generator 


Treatment 


This project, as shown in Figure 26-1, can very 
effectively purify water for use around the home or 
farm. The system will produce up to 5 grams per hour 
sufficient for swimming pools, laundries, and other 
medium-volume applications. The system covered 
here is shown in five different sizes and uses easy-to- 
construct modules requiring only a flow of air for 
operation. 

This is an intermediate-level project requiring a 
basic electrical hookup. Expect to spend $50 to $250 
depending on the size of the system chosen and the 
availability of the required air source. All parts are 
readily available, with specialized parts obtainable 
through Information Unlimited at 
www.amazing|l.com, and they are listed in the 
parts list at the end of the chapter. 





Figure 26-1 


The water treatment system 


2 


nh 





Introduction to the Benefits of 
Ozone 


Ozone is an unstable form of oxygen. Normal oxygen 
is diatomic (03), existing as two atoms of oxygen that 
form the molecule. Whereas ozone is tri-atomic (0), 
existing as three atoms of oxygen for the molecule. 
The tri-atomic form of oxygen is very unstable, wanting 
to lose the third oxygen atom and combine with 
whatever atom it can (oxidization). This property 
makes it the most active oxidizer known, with the 
exception of the very hazardous fluorine gas. 

Ozone at normal pressures is colorless and produces 
a pleasing, fresh-air odor often like that after an old- 
fashioned thunderstorm. Under pressure, it becomes 
a bluish gas. 

Ozone is also a very powerful bactericide. It is not 
atfected by pH, as is chlorine, thus making it an excel- 
lent candidate for pools, spas, laundries, and general 
water treatment applications. It is many times more 
soluble in water, further enhancing its purifying 
effect. Ozone will combine with diatomic nitrogen N°, 
forming nitrous oxide, 2NO. This oxide quickly com- 
bines with water, forming nitric acid, HNO. This is 
often a very undesirable effect when used with 
straight air. Pure oxygen greatly minimizes this effect 
and is often required in many applications. However, 
those requiring a supply of concentrated nitric acid 


for nitration may wish to consider ozone and air with 
a condensing apparatus to obtain this useful acid. A 
condensing apparatus takes vapor from the ozone gas 
along with water and nitrogen to form a liquid by con- 
tacting them with cooler surfaces. The liquid (now 
nitric acid) flows down into a collection container by 
gravity. In the same way the old timers made moon- 
shine, this uses a simple and basic chemical reaction 
where 20% + 2N? + 2H;0 yields 2H(NO*) + H,O + 
2NO. 


Ozone for Water 
Applications 


It is estimated that 20 percent of all ground water is 
contaminated by pesticides, benzene, and phenol 
derivatives along with other undesirable organic sub- 
stances. Ozone can oxidize many of these compounds, 
along with deactivating many viruses and harmful 
bacteria. Ozone will also oxidize certain inorganic 
compounds, such as iron and manganese, making 
them more easily removable by filtration. 


Chlorine and bromine are often the choice of 
disinfectant for swimming pools and spas. The effect 
of these halogens is often dictated by pH, temperature, 
and agitation. Extreme heat and agitation can produce 
chloroform, a very toxic carcinogenic. The Environ- 
mental Protection Agency (EPA) is already taking a 
look at these chemicals for this use. 


Ozone-treated water will destroy fungus, mold, 
and many pathogens found in water when used for 
washing fruits and vegetables in packing lines. When 
discharged, ozone causes little change to the benefi- 
cial bacteria in sewage treatment facilities. 


Additionally, freshly caught fish will last longer 
when washed with ozone-treated water, and ozone’s 
oxidizing action can eliminate odors from stored 
cheese. Egg storage time is increased, and wine can 
be aged faster. The removal of odors produced by the 
bleaching of beeswax, starch, flour, straw, bones, and 
feathers are all aided by ozone treatment. Also, the 
grease and wax on cotton and wool fibers can be 
decomposed by ozone, and gray mold on the surface 
of fruits and vegetables can be controlled by ozone. 


Ways to Generate Ozone 


Ozone can be produced by an electrical discharge or 
by a high-frequency electromagnetic wave. A high 
frequency requires the wave to be in the ultraviolet 
spectrum where Planck's energy formula, W = hic/v, 
starts to become effective, This is where energy in a 
wave packet in ergs is equal to Planck’s constant 
times the speed of light in centimeters divided by the 
wavelength in centimeters, It is this energy that 
causes the stable O, to break up and recombine with 
other O, to form unstable O,. Germicidal lamps 
operating at 253.7 nanometers can produce ozone. 


The method presented here utilizes the ozone- 
producing properties of an electrical discharge. We 
have all, at one time, smelled the by-products of 
ozone. After a thunderstorm, it can be detected, as 
well as on certain days where electrical activity is 
spawning a storm. A sparking electric discharge such 
as brushes on a motor will create ozone also. 

Our method uses a metal tube with a conductor 
running down the center. The conductor and the tube 
are insulated by one another and must support the 
high frequency and high voltage necessary to create a 
corona without breaking down into an are. The ozone 
produced in the tubular cavity must be made to flow 
using moving air for cooling and replenishing air to 
be converted. 

This method, while producing usable ozone, has 
several disadvantages, First, normal air contains nitro- 
gen that likes to combine with the ozone to produce 
nitrous oxides. Second, air contains water in the form 
of moisture, Without getting into basic chemistry, we 
know that water plus nitrous oxide forms nitric acid, 
which is corrosive and undesirable for air purification 
applications. However, a very effective way of making 
this acid is to allow the oxides to combine with water 
vapor or steam and condense in a cooling tube, pro- 
ducing concentrated nitric acid that can be used in 
the manufacture of high explosives. The 5 gram per 
hour system can produce enough nitric acid that. when 
mixed with battery acid (sulfuric acid), can produce 
usable amounts of high explosives by the simple 
nitration of many organic compounds. 
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Select the system you require from Figure 26-2. > 
Note that each is complete with the mating power 
supply. 

Wire up the system as directed in Figure 26-3. = 
Obtain a suitable air supply and connect up the hoses 
as shown. Use ozone-resistant material for connections 
to the cell. 


Turn on the air supply and note a bubbling from 
the output hose immersed under the water. Apply Nic 
power to the high voltage and note a distinct smell - 
coming from the hose when pulled out of the water. | 
Reinsert and rig the hose end to stay under the 
water. The unit is now ozonating the water. 














DATA BASE# LENGTHA OZONE OUTPUT/HR AIR/O3 FLOW/MIN INPUT V INPUT I 
115 Vac 


* Multiply CFM by 28.3 to get Liters per minute 

















Each DATA BASE# system is complete with a matching power supply and ready to connect up as shown on figure 26-3 


Figure 26-2 = System selection specifications 
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Ozone O° Generator 







Air Pump 


High Voltage Power Supplies 


Input 


The high voltage power supplies used in these systems operate from normal 115 Vac 60 Hz. They are 
listed with the appropriate ozone cell on figure 26-2 


The air pumps used can be that appropriate for the volume of the particular syste. A flow meter should 
be used when first setting up the system to verify proper air flow. Pure oxygen works the best and is 
available in cylinders with regulator valves and optional flow meters. Large aquarium air pumps may be 
used with the smaller systems while rotary vane air compressors are suggested for the larger systems. 
Note to multiply cubic feet per minute (CFM) by the factor 28.3 when converting to liters per minute. 


Use ozone resistant tubing such as VITOR or HYPALON for connection to the cell 
Use standard wiring codes for all 115 vac connections. The high voltage output wires from the high voltage 


power supply must be free from conductive objects and should be as short as possible. Do not twist 
together. 


Figure 26-3. Ozone system diagram 


nA 
~ 
om Table 26-1 Ozone Generator for Water COMPRESSOR Rotary vane compressor 
Uf) Treatment Parts List at required airflow 
é 
CORD1 Three-wire power cord 
~ Ref. # Description OB Part # SWITCH Two switches to control 
4) OZONE300 100 to 500 mg/hr aicompresmonand 
: system/182 mm/ high-voltage supply 
a 115 VAC @ 2 amps DB# OZONES00 im 
f| } 
_ OZONES800 500 to 1,000 mg/hr 
= system/282 mm/ 
E ” 11S VAC @ .6 amps DB# OZONES800 
OZONE2000 1,000 to 2,000 mg/hr 
. system/382 mm/ 
bed 115 VAC @ .9 amps DB# OZ.ONE2000 
Tr 
WY OZONES000 2,500 to 5,000 mg/ 


hr system/482 mm/ 
115 VAC @ .2 amps DB# OZONESO00 
HOSE Connecting hoses, use 


ozone-resistant VITOR 
wks or HYPALON 
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This project shows how to build a battery-powered 
magnetic pulser that can provide relief from aches 
and pains, as well as improve upon many different 
health concerns and conditions, The unit is built on a 
small circuit board that can easily fit into a cigarette 
pack-size enclosure, along with its 9-volt battery or 
wall adapter (see Figure 27-1), 

This magnetic pulser is designed so the magnetic 
north pole is applied to the body only. The coil 
strength is 10,000 gauss and it pulses at 1,000 times a 








Figure 27-1 = The thermomagnetic pulser 





second, A small switch can be used to turn the device 
off or you may simply unsnap the battery clip. 

When an aluminum beer or pop can is held 
between your ear and this pulser, you hear a strong, 
distinct ringing as the can itself becomes the opposing 
polarity. If you hold the coil in front of a TV. you can 
see lines forming on the screen. On some TVs, the 
lines are visible when it’s held as far away as 3 inches. 

This magnetic pulsing action is more powerful and 
effective than traditional magnetic therapy. The puls- 
ing coil takes magnetic therapy to a whole new 
dimensional level with many yet-to-explore exciting 
breakthroughs and results. 

Permanent magnets, no matter how strong. will 
not produce the same results as this device's pulsed 
fields, which now produce induced back-emf currents. 
This requires a high-intensity, time-varying, magnetic 
impulse, not just a steady-state magnetic field. 

Permanent magnets have their uses, but they work 
in different ways with different results. Equally impor- 
tant is the fact that we have “electric-powered” brains: 
All our thoughts and perceptions consist of complex 
networks of electrical signals and electromagnetic 
fields that pulse and sweep throughout the brain. So 
it then makes sense that harmonic electrical revital- 
ization of the brain can harmonically influence your 


mental state and positively alter mental effectiveness. 


Externally applied magnetic pulses to the lymphatic 
system, spleen, kidney, and liver help neutralize ger- 
minating, latent, and incubating parasites of all types, 
helping to block reinfection. This speeds up the elimi- 
nation of disease, restores the immune system, and 
supports detoxification. The movement of the 
lymphatic system is essential in purifying, detoxifying, 
and regenerating the body, supporting the immune 
system, and maintaining health. Normally, the lymph 
is pumped by the movement of our body’s electro- 
magnetic field with vigorous exercise and physical 
activity. However, a clogged, sluggish, or weak lym- 
phatic system prevents the body from circulating vital 
fluids and eliminating toxic wastes, thus weakening 
the immune system. It makes us vulnerable to infec- 
tions and diseases. In order to be healthy, it is essen- 
tial to keep the energy balanced and fluids moving so 
that the body’s natural intelligence may operate at its 
full healing capacity. In addition, each cell must be 
enlivened with its own unique energetic frequencies 
and harmonic energy state and be harmonically con- 
nected to the life-force energy throughout the rest of 
the body. 


Pulsed electromagnetic fields influence cell behavior 
by inducing electrical changes around and within the 
cell. Improved blood supply increases the oxygen 
pressure, activating and regenerating cells. Improved 
calcium transport increases the absorption of calcium 
in bones and improves the quality of cartilage in 
joints, decreasing pain dramatically. Acute and even 
chronic pain may disappear completely. 

This device uses complex energy pulses of magnetic 
waves to stimulate certain body functions. It acceler- 
ates the production of vitally important hormones 
often providing miraculous effects. Magnetic pulsing 
aids in human growth hormone production and neo- 
transmitter production. The results are remarkable, 
increasing vitality, sexuality, and accelerated healing. 
It also helps learning and the reduction of memory 
loss with reports of increased psychic ability for some 
people. The magnetic pulser also revitalizes and reju- 
venates. As we get older, hormone production drops 
off considerably and is a reason why we age. 

Users are experiencing faster healing of injuries, 
including bone fractures, carpal tunnel, and arthritis. 
The pulsed magnetic field stimulates blood flow and 
cellular respiration in the area applied. Reports have 





also documented that people’s migraine headaches 
have ceased after magnetic therapy has been applied. 


This pulser can be worn, held, or wrapped to any 
part of the body or held in place with a tension band- 
age. You can use your pulser while driving and on the 
go, rather than having to stop and apply it when sitting 
or lying down, as is necessary when using a 110-volt, 
standard magnetic pulser. The product is currently 
being sold only for experimental research and testing. 

This is a simple, basic-level project requiring 
minimal electronic skills. Expect to spend $15 to $20. 
All parts are readily available, with specialized parts 
obtainable through Information Unlimited 
(www.amazing|.com). and they are listed in the parts 
list at the end of the chapter. 


Circuit Description 


Figure 27-2 shows a 555 timer (11) connected as a 
free-running, astable pulse generator. The output 
pulses are nonsymmetrical with a ratio of low to high 
time of 10 to 1. Discharge resistor R3 and forward- 
conducting diode D2 control the low time, whereas 
charge resistor R2 and forward-conducting diode D1 
control the high time. Timing capacitor C2 is common 
to both states of the pulse being alternately charged 
and discharged. 


Magnetic energy is produced when the timer I] 
turns on transistor Q1.The current now has the “on™ 
time of the pulse to build up and then collapse in the 
flux coil L1 when Q1 is turned off. The stored energy 
is returned to the circuit by diode D3. The result is a 
steady train of magnetic pulses at 1,000 pulses per 
second. 

The switch S1 allows the unit to be turned on and 
off and also allows switching in another range, 
dropping the pulse repetition to 100 per second. It is 
interesting to note that claims using specific pulse 
repetition rates of 20, 72, 95, 100, 125. 146, 440, 600, 
660, and 727 have proven very beneficial. Do not 
attempt to extend the frequency without first deter- 
mining the current rise in the coil. Current may be 
excessive and will require more turns as the fre- 
quency is lowered. 
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+9 Vdc line 






Connect inner turn of 


S1A U1 to +9 Vide line 


9 volt 
battery 


Connect outer turn of 
1 to collector of Q1 








Select C2 for optional repetition rate 


&O0usec 350usec 
9 volts 


Device shoukl draw 75 
milliamps at 9 volts de 






Waveform at collector of Q1 


Figure 27-2 = Circuit schematic 


Assembly 


Assemble the flux coil as shown in Figure 27-3 
by first drilling a small hole adjacent to the 
inner diameter so that the “start” lead can exit 
the winding. Carefully wind 100 turns of #24 
magnet wire in even windings. This is not 
necessary but makes for a neat-looking con- 
struction. Note to wind the wire so that its 
direction is the same as the figure with the 
leads routed as directed. This will guarantee 
the correct polarity as shown. 


Cut a piece of .l-inch grid perforated board to 
a size of 2.6 X 1.8 inches, as shown in Figure 
27-4, Locate and drill the holes as shown for 
the leads of battery clip CL1. 


When building from a perforated board, it is 
suggested that you insert the components 
starting in the lower left-hand corner as 
shown. Pay attention to the polarity of the 


capacitors with polarity signs and all the semi- 
conductors. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


Attach the external leads from the battery clip 
and flux coil. Note the polarity of the leads on 
this part as indicated in Figures 27-2 and 27-4. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


You are now ready to test the unit. Connect it 
to a 9-volt battery and note a current draw of 
60 to 80 milliamps. Place the coil of the unit 
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North face should be 
directed to user 


"START" lead 
connects to 9 vdc 


"FINISH" lead must 


South face directed connect to collector of Q1 


toward assembly board 


WOUND BOBBIN 


Coil must be wound in the direction as shown. Use #24 
magnet wire and attempt to wind 100 turns in even layers. Use 
a hot iron to burn off the enamel! coating and tin the wire ends. 


BOB 1.5 


Figure 27-3 Flux coil assembly 





Leads to flux coil L1 should be two 
PBI inches in length to allow positioning of 
south face against wiring beneath the 
board. Use silicon rubber to secure 
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y) Thinner dashed lines are #24 buss wire and 
component leads wherever possible. 


<j Triangles are direct connection point junctions 
beneath the board. 


Solid black lines are external leads for input and 
output lines. 


© Circles with solid dots indicate holes for passage of 
leads for strain relief 


Figure 27-4 Board assembly 
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near a television screen and note the lines 
appearing. You may also put a metal can onto 
the coil head and place your ear to the can, 
noting a 1 to 2 KHz tone. If you have a scope, 
note the waveshape shown in Figure 27-2. 


7. Touse the unit, simply place the north face of 
the coil to the target area and allow exposure 
for several hours. 


Table 27-1 Therapeutic Magnetic Pulser 


Parts List 
Ref. # Description OB Part# 
R1 1K, 4-watt resistor 
(br-blk-red) 
R2 8.2K, 'A-watt resistor 
(gray-red-red) 
R3 100K, '4-watt resistor 
(br-blk-yel) 
R4 100-ohm, “4-watt resistor 
(br-blk-br) 
cl .047-microfarad, 50-volt plastic 
capacitor 
C2 1-microfarad, 25-volt vertical 
electrolytic capacitor 
cS 100-microfarad, 25-volt vertical 
electrolytic capacitor 
C4 .01-microfarad, 50-volt disk 
capacitor (103) 
D1,2 Two IN914 silicon diodes 
D3 1-kilovolt, 1-amp diode 1N4007 
Qi TIP31 NPN TO-220 power 
transistor 
nl 555 dual inline package (DIP) 
timer 
BOBIL.5 1.5 X 3 X ,75-inch ID nylon 
bobbin (see Figure 27-3) DB# BOB1L.5 
Ll Flux coil (see Figure 27-3) =DB#FLUXCOIL 


PBOARD 2.6 X 1.8 X .1-inch grid 


CLI 


perforated board as shown in 
Figure 27-4 


9-volt battery snap clip 
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This unique circuit shown in Figure 28-1 is designed 
to produce a relaxing sound like that of a breaking 
surf. It is technically known as pink noise. being defined 
as a random distributor of equal sounds in the audi- 
ble spectrum, favoring the higher-frequency end. 
Pink noise has a spectral intensity that is inversely 
proportional to frequency for a given range. There- 
fore equal power is dissipated into a fixed resistance 
in any octave bandwidth in that range. White noise is 
random noise. which is typically thermal and shot 
noise, has a constant energy per unit bandwidth, and 


is independent of the central frequency at the band. 





Figure 28-1 


The board-level generator 





This device is intended for use as a relaxing source 
of sound and also as a mask for certain types of 
surveillance equipment. Crashing surf is an excellent 
example of naturally produced pink noise that has a 
great relaxing effect. Due to the nearly equal ampli- 
tude of all the frequencies generated, the electronic 
equipment of an acoustical nature becomes easily 
overloaded and saturated. whereby normal! voice 
sounds of varying amplitude and of limited bandwidth 
are much more finite and are unable to be processed 
by the equipment. In other words, the noise jams the 
microphone and audio preamplifier circuitry, thus 
rendering it unable to detect normal voices, (It should 
be noted that in certain instances a running showe1 
will sometimes help simulate pink noise.) 

[he signal from the device is intended to be fed 
into the input of any amplifier, radio, or tape deck. It 
is easily connected to the center arm of the volume 
control if an input jack is not provided in a regular 
radio. (You will note the phono plug attached.) Also, 
the two batteries used are left on permanently, duc to 
the fact that so little power is used. 

The optional “speaker amplifier” reference 
schematic in Figure 28-2 is built on a piece of perfboard 
using standard audio-frequency wiring techniques. 
When used as a totally self-contained system, the 
electronics may be housed along with all batteries 
into a case or enclosure determined by the builder. 


This approach provides a convenient portable unit, 








Generator Schematic 


Randomnoise peaks 





Adjust R1 fora 5 voll peak 
symetrical output al Jt 
above and below the zero 
volts DC reference 


zero 
volis 


Figure 28-2 Circuit schematic 


Circuit Description 


Pink noise is a form of white noise that is the Gaussian 
distribution of all possible frequencies, the difference 
being that pink noise is more weighted to the audio 
spectrum. This form of noise has some very interest- 
ing properties, one being the ability to cause relax- 
ation and a sense of well-being. Another property is 
that it provides a background that will completely 
mask an annoying device, rendering it unable to 
affect normal conversation. The device described is 
designed to work with any sound system with an 
audio input or is easily adapted to drive a loudspeaker 
by connecting it to a normal radio or building an 
optional speaker amp, as shown in the accompanying 
plans, making a complete system (see the parts list at 
the end of the chapter). 

‘The circuit works in the following manner: A base 
emitter junction of transistor Q1 is reversed biased 
through a current-limiting resistor into breakdown 
(avalanche) condition. The random shot noise created 
is fed to the common emitter amplifier transistor, Q2, 
and to a filter, which in turn provides a low-level 
signal output. The unit module board and the batteries 
are placed in a plastic case with pieces of foam rubber 
or plastic. The outlet leads are fed out per the builder’s 
requirements. The batteries are permanently installed 
and left on because the operating current is so low 
that there is no reason for a switch. Note that JI is not 
required if using the optional speaker and amplifier 
circuit. 
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Optional Noise Generator Speaker Amplifier 
Use a walladapter transformer converter or a 9 vol battery 


Assembly Steps 


If you are a beginner it is suggested you obtain our 
GCATI General Construction Practices and Tech- 
niques. This informative manual explains basic prac- 
tices that are necessary in the proper construction of 
electromechanical kits and is listed in Table 28-1. 


1. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on the 
parts list. 


2. Cuta piece of .l-inch grid perforated board to 
a size of 3 X 2.4 inches, Locate and drill the 
holes as shown in Figure 28-3 for the leads of 
the battery clips. 


3. Ifyou are building from a perforated board, it 
is suggested that you insert the components 
starting in the lower left-hand corner as shown 
in Figure 28-3. Pay attention to the polarity of 
the capacitors with polarity signs and all the 
semiconductors. Route the leads of the com- 
ponents as shown and solder as you go, cutting 
away unused wires. Attempt to use certain 
leads as the wire runs or use pieces of the #24 
bus wire. Follow the dashed lines on the asse- 
mbly drawing as these indicate connection 
runs on the underside of the assembly board. 


MORE Electronic Gadgets for the Evil Genius 


4. Attach the external leads as shown in Figure : 7 
28-4. Notice the special note on the shielded Testing Steps “ 
cable. a 


: 74 Insert the two battery clips and plug the output cable 
5. Double-check the accuracy of the wiring and oe ee lie . 


the quality of the solder joints. Avoid wire ; ‘ : 
bridges, shorts, and close proximity to other system. Note the rushing sound and adjust the trim- 


circuit components. If a wire bridge is neces- pot R1 to the desired effect. If you have a scope, 
ake — ] 7 + 2 ° 2 
sary, sleeve some insulation onto the lead to make the adjustment as shown in Figure 28-2. If you f 


avoid any potential shorts. build the speaker amplifier section, simply connect it = 
as shown for a self-contained system suitable for 


into the microphone or auxiliary jack of the existing 


nightstand use. 
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Figure 28-3 Assembly board layout 
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Center lead \—— PBI 
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Strip off outer plastic jacket of cable 1 inch and twist 
braid into a lead and tin. Stip off 4 Inch of insulation on 
inner |ead and tin. Insert into plug and solder inner lead 


to bp 


Carefully solder twisted braid |ead to outer shell being 
careful not to burn through insulation. Always verify iead 
continuity and possible shorting of the leads with a meter, 











ee 
ee 
Pay 
oo 
eo 
° 
° 
° 
R 
e 
° 
° 
‘ 
eoee “bo °. 
@ ete ote once ene 
eo. eoeeve09 
2 ef eseeeed 
RE: 
= ° 


Figure 28-4 = Assembly showing external leads 


Table 28-1 Noise Curtain Generator Parts List 


Ref. # Descriptian DB Part # 
RI 100K trimpot vertical mount 
R2,3 ‘Two LOOK, “4-watt resistors 


(br-blk-yel) 


R4 2.2K, a-watt resistor 
(red-red-red) 


RS LOK trimpot vertical mount 


RG L0-ohm, “a-watt resistor 
(br-blk-bIk) 


CA,2 10-microfarad, 50-volt vertical 
electrolytic capacitor 

C3 -00}-microfarad, 50-volt dise 
capacitor 

C4 01-microtarad, 50-yolt disk 
capacitor 

Cs | ,000-microfarad, 25-volt vertical 
electrolytic capacitor 

C6 .047-microfarad, 50-volt plastic 


capacitor 
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Ch 220-microfarad, 25-volt vertical 
electrolytic capacitor 


Qi,2 Two PN2222 NPN general- 
purpose transistors 
ll LM386 dual inline package (DIP) 


operational amplifier 


PBI 2.25 x 3X .1 x .l-inch grid perforated 
circuit hoard 


SPK1 Small 5- to 16-ohm speaker 

CL1,2 Two 9-volt battery clips and leads 
PI RCA phono plug 

SHC! 12-inch shielded microphone cable 


Mind-Synchronizing Generator ; 


—_— 








and should be avoided at all costs by anyone who sus- 
pects even slightly that they are epileptic. 

Your mind synchronizer is designed to be a com- 
pletely self-contained unit with built-in batteries (see 
Figure 29-1). The system produces a variable-rate. 
flashing, monochromatic, directional, “shaped” light 
source (a light source with a variable ratio of off to 
on times), and a complementary synchronized audio 
pulser with tone-shaping control. The unit may be 
used so that a group can be exposed to light and 
sound pulses. For individual use, headphones can be 
used, along with special assembled light glasses. These 
are shown made from an existing pair of sunglasses. 
Optimum performance requires a quiet and reason- 
ably low light condition, and distractions must be at a 
minimal. The mind-synchronizer can produce strange 
and bizarre hallucinations, as well as provide a sense 
of relaxation and well-being, 


Information on Mind Control 


‘Today's work environment demands that we have the 
ability to excel, to compete, and to resolve problems. 
Hence, the most important tool we possess is our Figure 29-1 Photograph of unit 
mind. ‘To optimize our potential, we now offer our 

low-cost mind-synchronizing unit. 
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After 25 years of research, Dr. Axel Bruck of 
Berlin, Germany, created a machine that can 
enhance, develop, and perfect the qualities within you 
in order to attain the goal of mental fitness. It has 
been found that external stimulation evokes a mental 
reaction in people that is either active or passive. The 
mind synchronizer can determine automatically the 
kind of person you are. An evaluation is performed 
via the means of a hand sensor using a technique 
called biofeedback, which is sensitive to the flow of 
blood. This knowledge is very important for providing 
optimal stimulation to the users. 


Having determined the kind of person you are, the 
mind synchronizer now uses “programmed” light 
pulses and “shaped” sound to help you reach a 
required mental condition, be it relaxation or efficiency. 
It has been known for hundreds of years that an 
external rhythm of light and sound has an effect on 
your mental condition. The mind synchronizer is a 
modern version of a drum and a flickering fireplace. 


Through extensive scientific measurements, 
experiments, and results, the mind synchronizer can 
improve your performance level by using the right 
stimuli: 


¢ Deep relaxation to the point of sleeping 
e Relaxation 
e Equilibrium 


e Activation of muscles doing physical 
movements 


e =Efficiency 


Whether in sports, professions, or personal lives, 
the development of personality and identity is vital to 
personal success and satisfaction. The mind synchro- 
nizer trains and perfects your mental and psychic 
abilities so that you have a stable way of thinking 
with a healthy outlook. The mind synchronizer teaches 
you the technique of concentration, stress handling, 
focusing, visualization, relaxation, and self-awareness 


When using the mind synchronizer, you learn to 
set a goal and concentrate on this goal completely. 
You eliminate all distractions and thereby maintain 
your concentration over a long period of time. By 
doing so, you improve your power of concentration. 
In the long run, you will think clearly, make better 
decisions, and deal more effectively with life itself. 


a 


The program of relaxation combats stress, tension, 
and direct pressure. Almost everything we do causes 
stress. Stress means that the body is in a chaotic con- 
dition. The opposite of stress is relaxation. The right 
kind of relaxation is an optimization of mind, concen- 
tration, learning ability, performance, and health. 


In reality, a relaxed person saves more than half a 
billion heartbeats over a nervous or hectic person, 
according to Professor Prinzinger’s theory of the 
Quiet Pulse. Professor Prinzinger performed much 
research into the various relaxed states of the body 
and the relationship of relaxation to heart rate and 
blood pressure. The body consumes less energy, 
organs are burdened less, and life expectancy increases. 


The program of efficiency is a newly developed 
psycho-active technique: the indication of uncon- 
scious eye movement and the employment of rhythm 
displacement. Certain stimulating rhythms such as 
that of a strobing light can produce nausea when 
strobing at 20 repetitions per minute. Other stimulat- 
ing rhythms of lower repetitions per minute can pro- 
duce relaxation and the feeling of well being. In such 
a case, eye movement usually follows at the lower 
repetition rates. The combination of visual effects 
(flashing light-emitting diodes |LEDs]) with audio 
input (via a headset) produces high-efficiency per- 
formance. The mind synchronizer establishes physical 
and mental readiness to attain this goal of high 
performance. 


The program of activation involves more optic, 
visual patterns than acoustic ones to provide “imagi- 
nation journeys.” To experience associations with 
your own history and your own personality, you will 
be able to discover your emotional condition and 
personality. 


The program of equilibrium allows for meditation 
with your eyes open. You would observe attentively, 
simply, and exactly each individual light source and 
its changes. The mind synchronizer will bring you the 
healthy balance you desire through light and sound. 


Mind machines are available from a wide variety 
of sources today. Often referred to as hemispheric 
synchronizers or cortical-frequency entertainment 
devices, they all basically perform one basic function: 
They lead the brain to synchronize both hemispheres 
and then lead those synchronized hemispheric fre- 
quencies to a specific target frequency. In order to 
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understand why anyone would want to do sucha 
thing, let’s examine what frequencies the brain pro- 
duces and what people experience when the brain is 
at these frequencies. 


Generally, brain waves are broken down into four 
different levels. They are referred to as beta, alpha, 
theta, and delta. With respect to frequency, they are 
as follows: 


Beta: 13 cycles per second or more 
Alpha: 8 to 12 cycles per second 
Theta: 5 to 7 cycles per second 


Delta: 1 to 4 cycles per second 


Profound changes take place in a person’s conscious 
experience at each of these levels. The beta frequency 
is the “normal” waking frequency, the drive-in-the-city, 
go-to-work, drink-coffee frequency, and it can range 
as high as 40 cycles per second. It is not a relaxing 
frequency. 


The alpha frequency is a realm of relaxed aware- 
ness. It has been shown in a concrete fashion that this 
frequency is associated with an increased capacity for 
learning, comprehension, and retention. It is in the 
alpha state that the best learning occurs. 


Theta is a hypnotic state often associated with 
meditation, a zen-like state of waking dreaminess. It 
can be a profoundly relaxed state where internal 
associations and thoughts can form ideas with clarity 
that could never have emerged in the normal, high- 
noise environment of the beta state. This is also the 
range that many native shamans have been found to 
enter when engaging in healing trance work. It is a 
state of profound tranquility. 


The delta state is much simpler to define; you’re 
asleep. When your brain waves are in the delta range, 
youre in a sound and restful sleep. 


A number of studies have been done that indicate 
that a flashing light has a profound impact on the 
entire brain, more so than a pulsing sound or feeling. 
When the brain is exposed for a time (as short as 2 to 
5 minutes) to a flashing light at a speed close to the 
brain’s existing operating frequency, the brain will 
begin to synchronize with the stimulation. Moreover, 
both hemispheres, which are often operating at dif- 
ferent frequencies, will harmonize. This has also been 
shown clinically and statistically to be an aid to mental 


functioning. Many books are available on the market 
on this subject for anyone who would like more 
detailed information on these studies. 


Operating a Mind Machine 


Now with the previous information in mind, the 
operation of the mind machine in all of its forms is 
basically the same. Start the machine off at a fre- 
quency that is roughly equivalent to the operating 
frequency of your brain at the time. (Use your own 
feelings as a gauge. If you’re frazzled, start at maximum 
frequency; if you’re pretty mellow, start at about 
half-frequency.) Allow yourself about 3 to 4 minutes 
at this frequency, and then slowly begin bringing the 
frequency down, very slowly. You should take about 7 
to 10 minutes to bring the control all the way down. 
When you reach a minimum, leave it there for about 
5 to 7 minutes. 


After you’ve gotten to the bottom range, you can 
either lead yourself back to normal, in which case you 
will feel what you may consider a “good normal.” If 
you so choose, you can exit directly from the lowest 
setting. If you do, have taken your time getting to it, 
and stayed there for several minutes, you will notice 
that it may be very hard to begin to move. Your limbs 
may feel very heavy, as if your body were asleep. If 
you manage to get to your feet, you may notice that 
things won’t feel as solid; they’ll seem to have a rub- 
bery quality to them. These sensations can be quite 
pleasant as long as you’re prepared and expect them 
(and don’t have to drive or operate heavy machinery 
afterward!). 


The visual effects are the most stunning and can 
only be likened to the experience of ingesting certain 
mind-altering substances. As the frequencies change, 
you will notice colors. Yes, two little flashing red lights 
in front of your closed eyes will create the illusion of 
fantastic, swirling colors and geometric designs rang- 
ing from ultimate simplicity to incredible complexity. 
One effect will be observed as myriads of little shapes 
that form and begin to slowly spiral around your field 
of vision, first clockwise, then counterclockwise, then 
back again. You will see dreamy, smooth, cloudlike 
fields of frosty blue-white, deep blues, deep reds, elec- 
tric greens, yellows, whites, and purples, all in balls, 
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dees] 








stripes, stars, and triangles, dancing and moving like 
the most intense kaleidoscope you can imagine. The 
imagery is absolutely fascinating and can transfix you 
with the dazzling display. You will be absolutely 
amazed and impressed with the fact that it is your 
brain that produces this light show. 


This unit is designed to take you from a medium- 
level beta down to a low theta. You can use these 
states as you desire. You may wish to stop the fre- 
quency decrease early and remain in the alpha state 
before an exam, prior to entering a class, or when try- 
ing to learn something important. You can continue 
on down and enter the theta level and create healing 
imagery in your mind to assist your body’s own natural 
healing processes. 


Most of all, play with your unit and enjoy the 
show. Built right, it will provide many years’ worth of 
reliable service. Through usage, you can become 
familiar with the settings and be able to use the 
machine in a way that’s exactly right for you. Always 
leave yourself plenty of time to use the machine and 
at least a half-hour after to “normalize.” Use the unit 
to help you drift off to sleep; you can actually lead 








J3 
Optional remote 
Feedback Probes 


Short leads to metal tape 
contact feedback probes 





your brain down into relaxation and turn the unit off 
after you’ve gone into a deep theta, and if you're 
ready to sleep away, it’s only a short slide from theta 
into the peaceful slumber of delta. 


Circuit Theory 


Integrated circuit I1 is an astable oscillator with a 
pulse rate being controlled from approximately 3 to 
40 reps per second by external pot R2. The output of 
UI now triggers integrated circuit I2 being connected 
as a monostable circuit that controls these pulses’ 
ratios of on to off time. This duty cycle control is via 
external pot R5. Light-emitting diodes (LEDI and 
LED2) are connected to the output pin 3 of [2 
through brightness control pot R7. These are the 
diodes you install in the sunglasses or they can be a 
single ultrabright LED for group use. The result is a 
variable flash rate from 3 to 40 pulses per second 
with a variable duty cycle rate (ratio of on to off time). 





1K 





R1 R4 
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Remote LED hook up for retrofitting P41 
to personalized eyewear/glasses 


Figure 29-2 Circuit schematic 
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Emitter assembly for retrofitting to personalized eyewear glasses 


Figure 29-3. Assembly board 


Note it is best to experiment with and record the duty 
cycle settings and their effects (see Figure 29-2). 

The circuit also includes integrated circuit 13 con- 
nected as a variable-rate, sonically “shaped” audio 
oscillator. The output is via jack J2 driving a set of 32- 
ohm headphones. 

The feedback circuit consists of two external 
pieces of metallic tape providing points of contact for 
the user’s hand. Body resistance now partially con- 
trols the pulse rate of 11. An uptight situation pro- 
vides lower contact resistance and consequently 
raises the pulse rate. As one relaxes, this resistance 
becomes higher and lowers the pulse rate, An exter- 
nal jack (J3) provides a connection for other bodily 
contact probes to the feedback system. These contact 
probes are left to the discretion of the user. This jack 
is omitted when using the external tape probes. 
Switch S1 controls power to the circuit and should be 
off when not in use to conserve the internal batteries. 


Assemble the Board 


If you are a beginner, it is suggested to obtain our 
GCATI General Construction Practices and Tech- 


niques. This informative manual explains basic prac- 


tices that are necessary in proper construction of 
electromechanical kits and is listed in Table 29-1. 


Lay out and identify all the parts and pieces, 
Verify them with the parts list. and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on the 
parts list at the end of the chapter. 


Cut a piece of .1-inch grid perforated board to 
a size of 6'/4 * 1'/s inches, as shown in Figure 
29-3, An optional PCB is individually available. 


The circuit is shown with the more challenging 
perforated circuit board often required for a 
science fair project. A PCB is also available 
and requires that you only identify the partic- 
ular part and insert it into the respective holes 
as noted. The PCB is plainly marked with the 
part identification. Soldering is very simple as 
you solder the component leads to the conduc- 
tive metal traces on the underside of the board. 


The perforated board approach is more chal- 
lenging as now the component leads must be 
routed and used as the conductive metal 
traces. We suggest that the builder closely fol- 
low the drawings on this section and mark the 
actual holes with a pen before inserting the 
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Obtain a pair of sungiasses preferably the ones with side shields, Measure the distance between your 


eye centers This is usually about 24’ Drill the two holes just a bit smaller than the LEDS to provide a 
secure fit. Press into the holes and glue if necessary to further secure. 









secure 


Front view showing wiring and strain relief of wire to unit: Use a small 
tye wrap and dabs of silicon rubber to hold wires in place. Carefully 
solder the leads from the LEDS to extension leads and abserve 
polarity as shown on the emitter assembly on figure 29-5 


ge 
wrap to Y a 


LED 


Side 
view 


View towards the eyes. Secure the leads to the frames of the 
assembly to Keep out of the way. You may also use pieces of duct or 


electrical tape to hold all in place. 


Figure 29-4 Assembly of glasses 
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parts. Start from a corner, using it as a refer- 
ence, and proceed from left to right. Note that 
the perforated board is the preferred 
approach for science projects as the system 
looks more homemade. 


If you are building from a perforated board, it 
is suggested that you insert the components, 
starting in the lower left-hand corner, as 
shown in Figure 29-3. Pay attention to the 
polarity of the capacitors with polarity signs 
and all the semiconductors. Resistor RI2 is 
connected from the pin of 11 to the PC board. 
Note the control pots R2, R5, R7, and RY and 
jacks J1,J2, and J3 should be positioned to 
closely match the holes, as shown in Figure 
29-5. Route the leads of the components as 
shown and solder as you go, cutting away 
unused wires. Attempt to use certain leads as 
the wire runs or use pieces of the #24 bus 
wire. Follow the dashed lines on the assembly 
drawing as these indicate the connection runs 
on the underside of assembly board. 


Attach the external leads to the battery 
holder as shown. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components, If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Assemble an LED to cable P1 as shown, Also, 
retrofit to the eyewear as per Figure 29-4. 


Fabricate the enclosure tube (TUB1) as 
shown in Figure 29-5 and insert the assembly 
board and battery. Verify that the controls 
mounted on the assembly board will match 
the drilled holes with the dimensions as shown. 
Note the dimensions are shown for use with 
the optional PCB and may be changed. The 
unit is secured attaching the adjustment pots 
via nuts. 


The final assembly is shown in Figure 29-6 and 
should be operated as instructed, 
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EMITTER ASSEMBLY 
GROUP USE 


Ci» 


A node of emitter is wired 
Pi to center pin of plug P'1 








EN1 ENCLOSURE 








End view showing 


Z battery and switch 
MATERIAL: 1.625 OD X.058 WALL PVC placement 


Figure 29-5 = Fabrication of enclosure 


R11, 12 Two 4-watt 220- to 330-ohm, 
resistors (red-red-br) 





cl 1,000-microfarad, 25-volt 
vertical electrolytic capacitor 





C2, 5,7 Four .0|-microfarad, 
50-volt disc capacitors 





Figure 29-6 = Final assembly on PC Board C4 001 mfd, 50-volt disk 
capacitor 
C3, 6,8 Three .47-microfarad, 
Table 29-1 Mind-Synchronizing Generator Sool eplercupactars: 
Parts List C9 47-microfarad, vertical 
electrolytic capacitor 
Alef. # Description DB Part # C10 .22-microfarad, 50-volt 


‘ . mylar capacitor 
R1.4,8,10 Four LK. 'A-watt resistors 


(br-blk-red) 11,2,3 Three 555 dual inline 
package (DIP) timers 
R2,5 5-1] meg potentiometer 
resistor *LED1,2 ‘Two bright-red LEDs or use 


single, optional 15,000 med 


R3 47K, 4-watl resistors assembled as shown 
(yel-pur-or) 
; Sl Single pole, single throw 
R6 33K resistor (or-w-or) (SPST) PC switch 
R7 IK pot resistor cLi 9-volt battery snap 


R9 10K pot resistor 11,3 Two 3.5 mm mono jacks 


i 
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Chapter Twenty-Nine 


Figure 29-7 Operation and Explanation of Controls 


Operation and explanation of controls 
1. Slide of bottom cap and insert a 9 volt battery 
2. Plug in 30 ohm headsets into J2 


3. Plug in cable to LEDS in glasses 


4. Identify and study the functions of the four controls 


R2-Frequency control allows setting from 1-24 reps 


R7-Allows setting of LED brightness 


R5-Sets the ratio of "off to on" time. Will interact with 
R2 if set to long "on" time. Suggest to preset full CW 


and then set for desired effect 


R9- Allows tone adjustment or sound shaping. 


5, Adjust the unit to produce a test tone of about 3 pulses 
per second. Grab feed back probes being the metal strips 
along the side of the unit and note pulse rate increasing. It is 
suggested to become familiar with the operation and resulting 


effects before attempting to use the feedback functions. 


6. Unit is easily hand held with all controls accessible 


PROBES 





CAP1 


PROBES 


CAP2 





J2 3.5 mm sterco jack CAI, 2 Two 1% inch plastic caps 
#A 1% 
WRI 12 inches of #24 hookup wire 
Pl 3.5 mm plug for LED cable 
WR2 24 inches of #24 bus wire to eyewear 
WR3 48 inches of two-cord speaker HEADSETS Stereo or mono, 32-ohm, 
wire cushioned headphones 
PBI 1X 6% X 14-inch grid TAPE 4 \4-inch metallic silicon 
perforated board tape220 
PCBOARD Optional printed circuit board Pe ee 
(PCB) with printing DB# PBMIND 
ENI Enclosure, sized at 
1% OD X 1%» ID x 
7 inches 
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Figure 30-1 shows how to construct a Lakhovsky 
multiwave alternative health system. Dr. Lakhovsky 
was a Russian researcher who experimented with the 
effects of high-frequency electromagnetic radiation 
on various parts of the living organism. This contro- 
versial system is claimed to cure many health ills, 
including cancer. Its claim to fame is that all cells ina 
living body possess an intrinsic, vibrating resonant 


frequency that can be energized by an external means. 


Diseased cells appear to have a weaker and different 
frequency that can be brought back into step with the 
adjacent nondiseased cells. Antiaging appears lo 
occur when cells are exposed to this full-spectrum 
electromagnetic vibratory energy. It is of special 
interest that this method of cellular regeneration has 
generated considerable interest in several research 
fields as a possible cure for cancer. 

This project shows how to construct the multiwave 
radiating coil and antenna from readily available 
parts and pieces. System operation will require a 
working BT'C30 12-inch-spark Tesla coil, as described 
in Chapter 14 of Electronic Gadgets for the Evil 
Genius. This Tesla coil is also available through plans, 
a kit, or as a complete and ready-to-use coil on the 
Information Unlimited Web site at amazing|.com. 

It is suggested that the builder obtain the 
Lakhovsky handbook as listed in the parts list at the 
end of this chapter and study the methods of 
application and testimonials on the use of this 
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Figure 30-1 


The multiwave antenna 


controversial health machine before using it on one’s 
self or others. 


Theory of Operation 


Figure 30-2 shows a block diagram of the radiating 
coil and Tesla driver. The antenna coil contains a 
series of concentrically wound coil rings mounted in a 
flat plane. These coils all possess an inherent resonant 


L1 to Ln represents the inductance of all of the coils. 

C1 to Cn reprasents the capacity of all of the coils. 

R1 to Rn is the radiation resistance of each section. 

Frequency are the sum of the resonant sections ranging 
up to the gigahertz. 


Lis the sum of L1 to Ln 
Cis the sum of C1 to Cn 
R is the sum of R1 to Rn and is mainly 














L the radiation resistance. 
Vdrive The undamaged current wave from the output of the 
C Tesla driver induces voltages at many frequencies into 
>_> a (iti the multicoils of the antenna. 
R 
Figure 30-2 Diagram of system _- 

Yo" clear lexan (polycarbonate) 

ae | 

| 5.75 T -_ 

———_—_—_—_—_ 4.50 _ 

| 





———————255 
| | Snip out plastic as shown for sliding in the 
| coil ring antenna elements. If done 
l : correctly these should easily snap into 
position. 
ae This is not done on the holes for the inner 


| | four elements. These must fed through. 
—— 1.25 — Use your ingenuity for this step 








@0.25 ' 





Figure 30-3 Fabricating the four coil holders 
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frequency as a function of their physical parameters. 
Harmonics are also produced and with all the coils 
oscillating they create a near-continuous spectrum of 
radio-frequency energy. A spark-driven Tesla coil is 
required for optimum results, as it generates many 
fast steps of current rich in harmonic content that 
drives the antenna coil. 


Construction of the 
Multiuave Coil and 
Antenna 


1. Create the four coil holders (CHOLD1) as 
shown in Figure 30-3. Use '/is-inch Lexan 
polycarbonate. 


2. Create the 12 < 12-inch main plate (MP1) 
from a piece of '/16-inch Lexan sheet, as shown 
in Figure 30-4. 


3. Mount the coil holders as shown and carefully 
drill the mounting holes. Use nylon or brass 









*A* coil rings are Y;" copper tubing - two rings 
“B" coll rings are %_ " copper tubing - three 


"C* coil rings are 4," copper tubing - three 
rings 


Inner coil rings are #12 buss wire - two nngs 
#16 buss wire - two nings 


screws and nuts for mounting the holders to 
the plate. It is very important to have these 
holders as exact as possible or the wound coils 
will not fit properly in their predrilled slots. 


Form the circular coil rings from the appropri- 
ate diameter copper tube and snap the tubing 
into place. Again attempt to form circles as 
perfect as possible for proper operation and 
esthetics. The inner coil rings are formed 
pieces of bus wire and are threaded through 
their respective holes. Note a '/s-inch gap at 
the coil ends. 


Attach a PVC cap (CAP1) using a small metal 
screw, solder lug, and nut. This screw is the 
high-voltage feed point to the antenna and is 
connected to a piece of wire soldered to the 
innermost coil ring (see Figure 30-5). 


The antenna may be used with any suitable 
high-voltage, high-frequency generator. It is 
shown in Figure 30-6 with our BTC30 250- 
kilovolt Tesla coil, as described in Chapter 14 
of Electronic Gadgets. It is available as a kit or 
completed system as noted in Table 30-1, 


Figure 30-4 = Creating the base 
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Figure 30-5 ~ Mounting and feeding details. 
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If you intend to use our coil, you will need to 
obtain a 3-inch slip cap (SLP1) and drill a hole 
for the extension arm tube (EXT1). You will 
also need the plastic stabilizing bracket (BRK1) 
required to keep the coil assembly upright. 


The connection between the output of the 
Tesla coil and the antenna is made via the 
wire sleeved through the extension tube that 
connects to the mounting screw and exits 
through the rear to make contact with the 
Tesla coil output lead. 






From figure 30-4 \ 


\ 





Note: You must make a clearance hole for the mounting screw SCRW1 
exactly in the center, It may be necessary to heat up a suitable size 
diameter metal rod and carefully melt a clearance section out of the 
four coil holders for the head of this screw. You must now connect a 
short piece of buss wire from this screw to the inner most ring and 


solder in place. 


Operation 


The following instructions reference the use of our 
250-kilovolt Tesla coil as listed in Table 30-1 or as 
described in Chapter 14 of Electronic Gadgets. 


1. Preset the spark gap on the Tesla coil to no 
more than '/is of an inch. Connect the tap lead 
for maximum inductance. 

2. ‘Turn on the switch on the Tesla coil and note 
all the antenna coil rings adjacently sparking 
and arcing between one another. Note that 
the outer ring may be grounded to the chassis 
to increase output activity. 


At this point, it is recommended that you obtain 
the referenced book (LSK1), the Lakhovsky Multiple 
Wave Oscillator Handbook, as referenced in the parts 
list and familiarize yourself with the potentials, treat- 
ments, and experiments possible with this system. 
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EXT1 Extension tube 


SLP1 3" Slip 
coupling 





Power lead is routed through the 
extension tube and makes 
connection with the output of the 
Tesla coil. Keep this lead short 
and direct. 










BRK1 Stabilizing plastic 
bracket attaches to plate and 
upper deck of Tesla coil using 
small brass screws. 










NEON/BU2 


0°" 
FS1/FH1 





If S1 has a metal handle 
you may want to sleeve 
over a piece of plastic 
tubing to avoid annoying 
burns when turning unit off 





Figure 30-6 Completed system 
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Chapter Thirty 


Table 30-1 9 Multiuwave Machine Parts List 


Ref. # Description DB Part # 
CHL1 Four coil-ring holders shown 

in Figure 30-3 DB# CHLILAK 
MPI Mounting plate shown in 

Figure 30-4 
ARING ‘Two '4-inch copper, soft 


drawn tubings 


BRING Three ‘s-inch copper, soft 
drawn tubings 


CRING Three %-inch copper, soft 
drawn tubings 


INNERRING $ ‘Two #12 bus wire circular 
rings 


INNERRING Two #16 bus wire circular 
SMALL rings 


SWI/NUI] 106-32  Y4-inch brass or 
nylon serews and nuts 


SCRWI/NU1 6-32 X %-inch brass screw 


and nut 
LUGI #6 solder lug 
WR20 24 inches of #20 bus wire 
BRKI Stabilizing bracket shown in 
Figure 30-6 
CAP1 %-inch PVC slip cap 
SLP1 3 inches of PVC slip coupling 
EXT! 18 inches of 'A-inch PVC 
tubing 
BIC3K 250-kilovolt Tesla coil 
generator kit and plans DB# BTC3K 
BTC30 250-kilovolt Tesla coil 
generator ready to use DB# BTC30 
LSK1 Book on Lakhovsky, 
144 pages DB# LSK1 
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This board-level device. as shown in Figure 31-1, 
when properly assembled, can be a great prank. 
When placed in one’s bedroom under normal light 
condition, it does nothing. As soon as the lights are 
turned off, it comes to life, producing pulses of high- 
frequency sound much like an insect. These control 
pulses can be timed to occur about every minute. 
When the unsuspecting victim attempts to locate it by 
turning on the lights, it ceases operation. Even using a 
flashlight will disable it. The long time between pulses 
also makes it very difficult to detect. Properly hidden, 
it can take a long time to locate and may turn a prank 
into a nasty situation. 





Figure 3!-l 


Board-level view of the mind mangler 





Circuit Operation 


Figure 31-2 shows a timer, I], as a free-running, astable 
pulse generator producing a symmetrical |0-second, 
off and on pulse controlling the second timer, I2. Timer 
I| has a phototransistor Q1 connected in series with 
the reservoir capacitor Cl. As long as there is ight on 
Q1, Cl can never discharge due to the conductance 
of Q1. Therefore, pin 3 is at a low and 12 is disabled. 
When the lights go out, Cl now is allowed to discharge 
and pin 3 goes high, turning on [2 and producing, the 
high-frequency sound to the output transducer TD 1. 
The high-audio frequency is determined by resistor 
R3 and C3, and can be changed by altering these 
values. The output signal from [2 is stepped up by 
transformer TI (see the parts list at the end of the 


chapter). 





R2 
1K 
De not connect the 
base pin of G1 
Qi 
ry 
- 81 
C1 
Rt “RS 
100K 100m co 
. 01m 











47K" 
4 8 
12 3 
2/6 
5 
1 5 im 
c3 c4 m 
47m 01m 
LOz Hz TD1 Ga 


*The value of R1 May be changed to adjust for dark and light 
conditians. You may want to replace with a 500 K trimpot 


Figure 31-2) Circuit schematic 


Construction Steps 


1. Identify all the parts and pieces and verify 
them with the bill of materials. 


2. Insert the components starting from one end 
of the perforated circuit board and follow the 
locations shown in Figure 31-3 using the indi- 
vidual holes as guides. Use the leads of the act- 
ual components as the connection runs, which 


CL1 BATTERY CLIP 


By 
6- -8 —' °° 89 2 oo 
WO-e 9 oe eg | 


NC ° 0 \o/'o 6 o0 0 08hlUuK OO 
\ \ 
© C30 0 © Oo 


E € 
Bottom view rote 
of Q1 a CAL 


o-~o_Q 0.0 -o— 


are indicated by the dashed lines. It is a good 
idea to trial-fit the larger parts before actually 
starting to solder. Always avoid bare wire brid- 
ges, globby solder joints, and potential solder 
shorts. Also check for cold or loose solder joints. 


Additionally, pay attention to the polarity of 
the capacitors with polarity signs and all the 
semiconductors. The transformer position is 
determined using an ohmmeter. 


oo €- 600 Ooocooeowesentseseqgeesseuwdcieet oo¢ 





You can determine the low impedance side of T1 with an 


ohmeter. It will always read as the lower of the two 


Figure 31-3. Assembly board 
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Testing 


Verify the wiring accuracy and connection. Insert a 
9-volt battery into the clip, cover the lens of Ol or 
turn off the lights, and note the unit emitting a low- 
level, raspy, clicking tone like a sick cricket. Uncover 
the lens of O1 and note the circuit shutting down. 
There will be a delay that is dependent on the level of 
light and dark. You may vary the response by chang- 
ing the value of R1. Decreasing its value will require 
more light to shut down and vice versa. 


Table 31-1 Mind Mangler Part List 


Ref. # Description DB Part # 


RI 100K. 'A-watt resistor 
(br-blk-vel) 


R2 IK, -watt resistor 
(br-blk-vel) 


R3 4.7K, \A-watt resistor 
(yel-pur-red) 


G1 100-microfarad, 25-volt vertical 
electrolytic capacitor 


C2.4 Two .01-mierofarad, 50-volt plastic 
capacitors (103) 


C3 47-microlarad, 50-volt vertical 
electrolytic capacitor 


CS |-microfarad. 50-volt vertical 
electrolytic capacitor 


11.2 Two 555 timer dual inline packages 
(DIP) 


Ol L.14P phototransistor 

CLI 9-volt battery clip 

TDI Small piezo transducer 

TI Small audio transformer, 8 to 1K 
PBI 4X 1.5 * .J-inch grid perforated 


circuit board 


ee E—eeeEEeEEEOeEEeEEEOEEEEeEeEeEeEeEeEeEE————eeeee 
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Purification: System 





Figure 32-1 shows a useful home device that generates 
ozone for eliminating odors, killing bacteria and mold, 
and disinfecting unsanitary areas such as pet boxes 
and bathrooms. 

This project shows how you can build a system 
that could cost over $300 for less than $50. Its simple 
and basic design uses two 12-volt fans to blow air over 
a unique ozone-producing cell that is powered by a 
variable-output. high-voltage, high-frequency power 
supply. The power supply is featured in Chapter 7 of 
this book and is used in several other projects. 

This is a beginner- to intermediate-level project 
requiring minimal basic electronic skills. Expect to 
spend $40 to $60. All the parts are readily available. 
with specialized parts obtainable through Information 
Unlimited (www.amazing!.com), and they are listed 





Figure 32-1 


Ozone purification system 





in Tables 32-1 and 7-1 at the end of this chapter and 
Chapter 7. 


The Story of Ozone 


Ozone is an unstable form of oxygen. Normal oxygen 
is diatomic (0,), existing as two atoms of oxygen mak- 
ing up the molecule. Ozone is triatomic (();), existing 
as three atoms of oxygen for the molecule. The tri- 
atomic form of oxygen is very unstable, wanting to 
lose the third oxygen atom and combine with what- 
ever atom it can (oxidization). This property makes it 
the most active oxidizer known, with the exception of 
the very hazardous fluorine gas. Ozone at normal 
pressures is colorless and odorless, yet it produces a 
pleasing, fresh-air odor as a result of the nitrous 
oxides it produces. The odor is usually noticeable 
after an old-fashioned thunderstorm. Under pressure, 
it becomes a bluish gas. 

Ozone is also a very powerful bactericide. It is not 
affected by pH, as is chlorine, thus making it an excel- 
lent candidate for pools, spas, laundries, and general 
water treatment applications. It is many times more 
soluble in water, further enhancing its purifying 
effect. Ozone will combine with diatomic nitrogen, 
N,, forming nitrous oxide, 2NO. This oxide quickly 
combines with water, forming nitric acid, HNO . This 
is often a very undesirable effect when used with 


straight air. Pure oxygen greatly minimizes this effect 
and is often required in many applications. 


However, those requiring a supply of concentrated 
nitric acid for the nitration of many carbohydrates, such 
as cellulose, glycerine, hexamine, phenol, and toluene, 
may wish to consider combining ozone and air with a 
condensing apparatus to obtain this useful acid. 


Ozone for Treating Air 


Air pollution is one of the most serious environmental 
issues that we face. Visible and detectable smoke, 
dust, mildew, mold, and toxic odors, bacteria, pollen, 
and static electricity, along with the more elusive and 
invisible chemicals, have become a serious health 
threat. As buildings and homes are constructed with 
tighter air sealants for energy conservation, the prob- 
lem will become even more severe. Often the effects 
from these problems include burning eyes, headaches, 
dizziness, depression, allergies, and general lethargy, 
all of which are usually attributed to colds and viruses. 
Air filters, such as the overpriced Sharper Image unit 
currently being advertised, are only partially effec- 
tive, with some producing undesirable positive ions. 


Ozone purifies the air from these undesirable 
pollutants by oxidization, as most pollutants readily 
combine with this highly reactive tri-atomic form of 
oxygen and break down into water and other non- 
toxic compounds, Ozone is produced artificially by 
electricity and is many times more antiseptically 
effective than oxygen. 


Construction Steps 


1. The system is shown using the high-voltage, 
high-frequency driver shown in Chapter 7. It 
is built on a printed circuit board or a more 
difficult perforated board. The PCB version is 
the easiest. as construction involves placing 
the correct components into the correct holes 
and soldering. The more difficult approach is 
also shown and uses a perforated circuit 
board. This is far more challenging and is 
intended for the experienced assembler. Figure 
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32-2 shows the board with the necessary 
changes for use with this circuit. 


Create the base section, as shown in Figure 
32-3. You can use sheet aluminum or bendable 
plastic sheets. Design a mating cover with a 
slight overhang over the front and rear panels. 
Use similar material and mount using #6 sheet 
metal screws along the lip of the base. 


Fabricate the fan and cell mounting bracket as 
shown in Figure 32-4. Use clear '/is-inch poly- 
carbonate plastic and initially layout the piece, 
marking off the bend and cutting lines. You 
may fabricate separate pieces for the cell 
brackets and fans if you do not have access to 
the necessary equipment. Note dimensions 
and cuts must result in a single piece, as shown. 


Cut out a piece of window screen large 
enough to cover the input air holes and secure 
it from the inside of the base enclosure using 
screws and silicon rubber cement. 


Mechanically assemble the components, as 
shown in Figure 32-5. Verify all proper fittings 
and the clearance of components, especially 
the high-voltage points on the cell. Finally. 
wire everything as shown and verify the accu- 
racy and any potential errors. Note: Figure 32- 
6 shows the wiring using the perforated board 
approach. Do not connect the 12 DC/1.5 
adapter wall transformer at this time. 


Obtain a 12-volt, 3-amp bench power supply 
with a voltage and current meter. Connect it to 
where the adapter’s plus and minus wires go. 


Connect a scope to the test points, as shown in 
Figure 32-5. 


Preset the trimpot R1 to midrange and control 
pot R10 to full counterclockwise and click off. 


Apply 12 volts from the bench supply and 
note that no current occurs. 


Click on R10 and note a pulsing current of 
over | amp. Quickly adjust the trimpot to a 
dip in current, as noted on the meter, Our 
model was tuned correctly when the trimpot 
was set to one to two o'clock. The fans should 
both be in full operation and you should 
detect a faint, bluish glow coinciding with the 
pulsing. At no time should the heatsink tab on 
the power transistor QI be hot. 
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It will be necessary to construct the printed circuit assembly 
board as shown in chapter 7 with the following below list of 
revisions. 


Model: 


Wind L1 using 10 turns of #22 magnet wire. Air gap core with 
.007 (7mils) shims. Measured inductance should be between 15 
-16 micro-henries. 

Trimpot R6 is not used 

Replace R5 with a wire jump 

Replace C2 from a .0022 to a .0047 microfarad capacitor 
Replace C6 from a .22 to a .47 microfarad 250 volt capacitor 


Capacitor C4 is not used. insert a short piece of buss wire fora 
test point ground 


Test 
point 
grou 
60v 
15 usec 
80 usec 


Correct wave shape measured at the drain of Q1 
and test ground point 


Figure 32-2 PCB rework 


4 


Turn R10 full clockwise and note the on time 12: 


of the pulse increasing with the current but 
not exceeding 1.5 amps at these pulse peaks. 
Allow it to operate for 30 minutes and note 
ozone being produced, a soft, bluish, even 
glow on the cell, and the heatsink not getting 
too hot to touch. 
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Once this is verified, you can hook in the 12 
VDC/1.5-amp adapter transformer. Allow it 
to operate and verify that the adapter does 
not get hot. 


Attach the cover and place the unit in the 
target area. 


Py 
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You may use thin sheet metal or plastic for 
the base section. 


It is good idea to trial position all mounted 
components to verify proper fit and clearance 
before drilling mounting holes. 





rubber to secure. 


Air input holes 


Access hole for 
trimpot R10 


Hole for R1 
Hole for bushing 


Figure 32-3 = Base section creation 


16. 


18. 


19. 
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Place the unit with the output directed toward 
the center of the area. 


Plug in the wall adapter and rotate the control 
switch to on. Note the fan rotating and treely 
turning without obstructions, It should produce 
a good air flow. 


Adjust the control a full clockwise turn and 
note a smell of fresh air emitting from output 
ports. You will observe a purplish glow around 
the cell when viewed in darkness. 


Allow it to run for several hours and adjust 
the control to where the fresh air smell is just 
detectable. 


Check both the unit and the wall adapter for 
excessive heating. They should only be warm 
to the touch. 


This unit may need cleaning from dust. Use 
compressed dry air or a soft cleaning brush. 


3/4 to 7/8" holes 


Ozone ouptput holes 


It is a good idea to put some window screen on the 
inside to cover the air intake holes. Use silicon 
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Bend ay lip along sides for 
attaching the cover section using 
#6 sheet metal screws. 


Special Notes 


You should never operate the unit when the odor 
becomes pungent or domineering. Ozone is a 
colorless, odorless gas composed of unstable diatomic 
oxygen. The smell of fresh air is not the ozone, but 
the result of secondary reactions with other chemicals. 


The unit can be adapted to 12 VDC operation for 
vehicle or battery use. Simply remove the adapter 
and splice in some 12-volt connections. Use caution 
when observing the polarity. You may request a factory 
modification for this step. 
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™ Ozone cell-mounting blocks (2) use PVC or another suitable insulting plastic. 
{ You will note the position of the bottom hole mounting the blocks of the base is at 
~ their geometrical center. The top hole is offset to this location so as not to be adjacent 
/ to one another avoiding possible voltage breakdown. 
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Mounting bracket for fans. Use ab aluminum or plastic. 
Drill holes to match those in the fan assemblies. 


Figure 32-4 Fabricated parts 
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BRACKET 
from 
figure 32-4 









8.75 











Driver board from 
chapter 7 





Note that BLK1,2 are mounted through 
the base using #6 x + (SW6) sheet 
metal screws. Position these holes at 
the geometrical center of the blocks to 
avoid being adjacent to the screws 
holding the cell 
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“v Figure 32-5 Mechanical layout showing wiring when using the PCB 
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Figure 32-6 Final wiring using a perforated board 
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Table 32-1 5SOO-Milligram Ozone Machine 


Parts List 


Alef. # 
DRIVER 


BASE 


COVER 


BLOCKS 


BRACKET 


FANI. 2 


CELLSOO 


SCREEN 
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Description DB Part # 


Modified high-voltage 


assembly from Chapter7 DB#GRADRIVIO0 


Base section fabricated per 
Figure 32-3 


Fabricated to fit BASE 
section 


Two blocks fabricated per 
Figure 32-4 


Bracket fabricated per 
Figure 32-4 


Two small, 2 X 2-inch, 


12-volt fans DB# FAN2 


500-milligram ozone 


corona cell] DB# CELLSO00 


2 x 5-inch piece of window 
screen 


12DC/1.5 


WRHV20 


WN1,2 
BUI 


SW6 


SW2/NU2 


SWUNUI 


LUG6 


WR22 


FEET 


12-volt, 1.5-amp wall adapter 
transformer DB# 12 DC/1,5 


6-inch, 20-kilovolt, high- 
voltage wire 


Two small wire nuts 
Small Heyco bushing #2P-4 


10 #6 * “-inch sheet metal 
screws for cover and blocks 


Four #4-40 X “4-inch 
machine screws and nuts 
for fans 


‘Two #6-32 & 44-inch 
machine screws 


Two #6 solder lugs 


12 inches of #22 vinyl 
hookup wire 


Four stick-on rubber feet 
for base section 
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The invisible pain-field generator device shown Fig- 
ure 33-1 is a handheld, battery-operated sonic, shock- 
wave generator that produces a sound pressure level 
(SPL) of up to 125 decibels (db) at 30 centimeters. 
The shock wave frequencies are user presettable at 
25,16, and 12 KHz. A sweep function is included in 
the circuitry where the selected center frequency 
varies between two set limits at an adjustable rate, 
providing a complex sonic signal that further 
enhances the effect. 

Applications of the device can range from the 
routing out of agricultural pests in silage bins. 
chicken houses, grain bins, or wherever rats are a 
problem, The optimum frequency for this particular 





Figure 33-1 


Pain-field generator 


249 


—~ 


application is 16 KHz or just above that of human 
hearing. Many farmers use these devices for deter- 
mining the effectiveness of pesticides, noting the 
reduction in infestation levels. Other applications 
include spooking birds and animals from unwanted 
areas and discouraging dogs and deer from decimat- 
ing shrubs and ornamentals. 

Adjustment of the frequency down to 12 KHz 
(within the range of human hearing) will produce 
extremely painful and annoying affects. The unit is 
excellent for disbursing crowds of potentially unruly 
people. A simple test is to point the device at an 
unsuspecting subject and momentarily push the but- 
ton. You will notice a very positive response. Unfor- 
tunately maximum affect seems to favor younger 
women; older men seem to be less sensitive. 

The unit is very directional when used outside, but 
it looses this property when used inside due to reflec- 
tions from walls, ceilings, and furniture. 

The unit is shown assembled into a small plastic 
enclosure that includes the electronics emitter trans- 
ducer and the 9-volt battery. A removable plastic 
cover allows access in order to change the battery. 
Controls include a pushbutton emission control and 
sweep-activation pushbutton switches located on the 
top of the enclosure. The size of the main enclosure is 
4 x 2 X Linches. The weight is only about 6 ounces 
with batteries installed 


Chapter Thirty-Three 


The unit can be used as a research tool for produc- 
ing an effect on certain animals for their control and 
experimentation. The device has been successfully 
used for controlling certain dogs or other vicious ani- 
mals by joggers or other outdoors enthusiasts. The 
unit has also been used in flushing out rats. 

Caution: Caution must be used, as the effect on 
most people causes pain, headache, nausea, and 
extreme irritability. (Younger women are especially 
affected.) Do not, under any circumstances, point 
the unit at a person’s ears or head at close range, 
as severe discomfort and possible ear damage may 
result. This also applies to dogs and other animals. 


Include a caution label on the device to avoid 
exposure over 105 db for any continuous period of 
time. When using the device around people, you must 
be careful. as unjustified harassment is illegal and can 
result in prosecution. 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $25 to $50. All 
parts are readily available, and any specialized parts 





oO These symbols represent external 
connection to off board components 


Figure 33-2 = Pain-field generator circuit schematic 
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are available through Information Unlimited 
(www.amazing].com) and are listed in Table 33-1 at 
the end of the chapter. 


Circuit Description 


A timer (1C2) is connected as an astable free-running 
multivibrator whose frequency is internally con- 
trolled by trimpot (RY). Resistor R8 selects the range 
limit of R9. The square-wave output of IC2 is via pin 
3 and is directly coupled to power amplifier Q2. The 
drain of Q2 is DC biased through audio-frequency 
blocking chokes (LIA and L1B), providing a high 
impedance to the AC component of the signal. 

DIP switches ($1,2,3) preselect the internal fre- 
quency for the required application and are shown in 
Figure 33-2. These switches select resonating induc- 
tors L2 and L3 connected in series with the output 
transducer TD 1. The resonant action between the 
inherent capacity of TD1 and these selected induc- 
tances now produces a sinusoidal-shaped wave 
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peaking around the upper limit of the tuning range. 
This signal waveform now has a peak-to-peak voltage 
several times that of the original square wave. 
Transducer T'D1 now can take advantage of these 
peak voltages to produce the high sound-pressure 
levels necessary without exceeding the high RMS rat- 
ings of an equivalent voltage-level square wave. Zener 
diode Z1 clips any excessive overshoots across Q2. 


Timer IC1 is similarly connected as an astable run- 
ning multivibrator and is used to produce the sweep- 
ing voltage necessary for modulating the frequency 
of 1C2, This sweep repetition rate is controlled by 
trimpot R2. Resistor R3 limits the range of this repe- 
tition time, C2 sets the sweep time range. Output for 
ICI is via pins 6 and 2, where the signal ramp func- 
tion voltage is resistively coupled to inverter transis- 
tor Q1 via resistor R6. The output of Q1 is fed to pin 
5 of IC2 and provides the output modulation voltage 
necessary to vary the frequency as required. Note 
that the modulation signal is enabled by pushbutton 
PBS2. 


Power to the system is via battery B1 and pushbut- 
ton PBSI. Capacitor C6 guarantees an AC return 
path for the output signal. Power to the driver circuits 
IC1 and IC2 is thru a decoupling network consisting 
of resistor R7 and capacitor C3. 


Construction 


1. Layout and identify all parts and pieces. Verify 
with parts list. Separate resistors, as they have 
a color code to determine their value. Colors 
are noted on the parts list. 


2. Ifyou are building from a perforated board, 
use Figure 33-3 as a parts placement guide 
and insert components starting in the lower 
left-hand corner as shown. Pay attention to 
polarity of capacitors and all semiconductors. 
It is suggested you use sockets for integrated 
circuits IC] and IC2. 


Route leads of components, as shown, and sol- 
der as you go, cutting away unused wires. 
Attempt to use certain leads as the wire runs 
or use pieces of the #24 buss wire. Follow 
dashed lines on assembly drawing, as these 
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indicate connection runs on underside of 
assembly board. The heavy dashed lines indi- 
cate use of thicker #20 buss wire, as this is a 
high-current discharge path. 


Please note that this circuit is very cramped, 
and it is suggested you obtain the optional 
printed circuit board shown in the parts list. 


Attach external leads to components as 
shown in Figure 33-4, noting the individual 
lengths and twisted pairs. 


Double-check accuracy of wiring and quality 
of solder joints. Avoid wire bridges, shorts, and 
close proximity to other circuit components. If 
a wire bridge is necessary, sleeve some insula- 
tion onto the lead to avoid any potential shorts. 


Connect an ohm meter between CLI contacts 
and pushbutton PBSI. Note a reading of sev- 
eral thousand ohms, This may vary but should 
not indicate a short circuit. Preset trimpots R2 
and R7 to midrange, 


Connect a 9-volt battery and note a current of 
200 to 250 milliamps when R9 is set to mid- 
range. The meter can be connected across 
PBSI for this step. 


Simultaneously press both PBS2 and PBSI 
and note a piercing sweeping tone coming 
from the transducer TD1. Turn R9 fully cew 
and note the decrease in signal tone. 


Frequency range should be approximately 10 
to 25 KHz, with a sweep of approximately 1 to 
20 times per second selectable by trimpot R2. 


Check the waveshapes as shown at pin 3 
of the output timer IC2. This is determined 
by the following formula: F = 1/(1.57 x 
R9 Xx CS). 


Check the waveshapes as shown across trans- 
ducer TD1. This waveshape is approximately 
40 to 50 volts, peak to peak, and approaches a 
sine wave. This is the approximate resonant 
frequency point of the selected values of 
series inductances within the inherent capaci- 
tance of the transducer. A voltage-peaking 
effect will be noted, as the frequency is varied 
by trimpot RY. As the frequency is varied off 
of resonance, this wave will severely distort 
but will not damage the circuitry. Note the 
chart in Figure 33-2 showing the selection 
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It may be a good idea to use 
SOCK 1, 2 sockets for IC1, 2 to avoid 
unsoldering if you make an error. 





Figure 33-3 Printed circuit boardpartsandwiring 


252 





MORE Electronic Gadgets for the Evil Genius 


6" leads #22 
twisted gq p 


Figure 33-4 External wiring 
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6" leads #22 
twisted 
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Operating instructions: 


Remove rear cover and insert a 9 volt alkaline battery. 
Note that proper positioning is required for cover to 
properly fit without bowing. 


Default settings of the two trimpots is midrange. To 
change for obtaining the maximum effect on the target 





Figure 33-5 = Fabrication of plastic case 


of the inductances for the choice of operating 
frequencies that provide the maximum 
output. 


Use a scope for these measurements. These 
steps are not necessary if the unit appears to 
function as described. 


11. A sound pressure measurement of approxi- 
mately 125 db was measured at 10 KHz al a 
distance of 16 inches on our model. Voltage 
across TD1 was measured at 40 volts peak. 


This completes the electronic testing of the unit. 


12. Fabricate the EN1 enclosure, as shown in 
Figure 33-5. Note 17/s-inch hole for the aper- 
ture of TDL, This hole should be made with a 
large punch or hole saw using a drill press. The 
hole may also be cut out with a sharp knife. 
Drill '/1-inch holes for PBSI and PBS2, as 
shown. 


13. Cuta piece of 2'/s X 2!/s-inch window screen 
and secure it along with transducer TDI. Use 
RTV or suitable adhesive. 





254 


14. 


15: 


16. 


you may adjust trimpots using a small plastic tuning tool 
or screw driver. 


Simply direct unit transducer opening towards the target 
and push the control button. You should notice an 
immediate effect. The range will depend on the acoustical 
sensitivity of the target subject. 


Use the sweep button to possible enhance the effect on 
the target. 


This unit is designed for generating intermittent bursts of 
ultrasonic and high frequency acoustical energy. 

Do not direct at people. 

Use out side as walls and ceilings will cause the signal to 
loose directional characteristics and effect the user. 

Use in 2 to 5 second bursts. 


Make final assembly, as shown Figure 33-6, 
and secure assembly board with two-sided 
foam tape. 


Attach the battery and position as shown. 
Note: The battery must be up against the 
enclosure with all leads properly routed or the 
rear cover will not fit properly. 


See Figure 33-5 for operating instructions. 
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Figure 33-6 Final assembly into EN] enclosure 


Table 33-1 Invisible Pain-Field Generator 
Parts List 


Rlef# Description DB Part # 


R1,6,8,12 Four | K, 4-watt resistors 
(br-blk-red) 


R2 500 K vertical trimpot 


RS 2.2 K, ‘A-watt resistor 
(red-red-red) 


R45 Two 10 K, 4-watt resistors 
(br-blk-or)} 

R7 10-ohm, 4-watt (br-blk-blk) 

RY 10 K vertical trimpot 

R13 27-ohm, '4-watt resistor 


(red-pur-blk) 


Cl4 Two 01 mid, 50-volt dise capacitors 

C2 10 mfd, 50-volt vertical electrolytic 
capacitor 

C5 JL mfd, 50-volt plastic capacitor 

C3 100 mfd, 50-volt vertical electrolytic 
capacitor 


SOCK1.2 


Q2 
LIAB,2.3 


ZI 


TDI 
PCB1 


CASE 


SCREEN 


1,000 mfd, 25-volt vertical 
electrolytic capacitor 


Two 555 timer DIP 
integrated circuits 


PN2907 PNP TO92 transistor 


Two 8-pin DIP sockets for above 
1C1,2 (Not shown) 


IRF540 Mosfet TO220 

Four 1-millihenry inductors DB# IMH 
50-volt, 1-watt Zener diode 

‘Two pushbutton switches 

3 or 4 section DIP switch 

Battery snap clip 

Special polarized transducer DB# L020A 
Printed circuit board DB# PCIPG9 


42% x 14-inch plastic 
enclosure 


2.5 X 2.5 inch piece of window 
screen 
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This very useful device, as shown in Figure 34-1, is 
intended for those who are bothered by nearby bark- 
ing dogs. The control section is a modification of a 
circuit made by Bob Gaffigan in 1993. The project is 
intended to detect the dog’s bark, which triggers a 
high-output, pain-field sonic generator, as described 
in Chapter 35, producing very uncomfortable sounds 
to the animal’s sensitive hearing. 





Figure 34-] 


sonic blaster 


The canine controller system with our 
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The system may be covertly used without the dog 
owners knowing or it can even be tuned to bother the 
owners every time their mutt goes into a barking 
frenzy. The user can implement many options to dis- 
courage these constant barkers or give some of these 
inconsiderate owners a taste of their own medicine. 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $25 to $50. All 
the parts are readily available, with the specialized 
parts obtainable through Information Unlimited 
(www.amazing|.com), and they are listed in the parts 
list in Table 34-1 at the end of the chapter. 


Device Description 


A directional device picks up the dog’s bark and 
processes it so that it turns on the sonic burst pain- 
field generator pointed in the offending animal’s 
direction. The animal now experiences a very uncom- 
fortable sound, much like a person would find the 
scratching of chalk on a blackboard. Eventually, the 
animal associates this sound with his barking, thus 
conditioning him to stop. The device contains adjust- 
ments that actually count the number of yelps so that 
it can be set not to trigger, thereby discouraging the 
animal from a normal barking trend that may be the 


warning of an intrusion or other important event. 


Chapter Thirty-Four 


The unit is easily mounted in any convenient loca- 
tion and operates from internal batteries, an external 
12 volts, or 115 VAC via a wall adapter converter. The 
detection system contains adjustments for bark-level 
sensitivity, the number of barks detected before trig- 
gering, and the length of the triggered on time of 
the sonic burst. The pain-field generation section, as 
described in Chapter 35, has controls for the frequen- 
cies of the burst, sweep rate, sweep on/off, and main 
power control. The canine controller section is 
designed to easily connect to the existing jacks on the 
sonic generator section via a three-conductor cable. It 
may be mechanically attached as a single unit for a 
compact integrated system. The pickup microphone 
may even be placed at the focal point of a parabolic 
dish, providing very discrete selection of the target. 
As in any device such as this, many variables will 
enter into the equation that defines the overall per- 
formance. The suggested effective range will vary but 
can be up to 100 feet. 

Special Note: In some circumstances, the owner is 
more to blame than the actual animal. As previously 
stated, the unit may be tuned to a frequency that the 
owner him- or herself finds very uncomfortable. 


5 volt 
regulator 


Bark 
amplifier 





51 determines the relative 
number of barks that must be 
detected before triggering the 
timer for tuming on the sonic 


generator 

Post .......8 
Pos2. 7 
Pos3.,,......5 
Pos4. 3 


Figure 34-2 Circuit block diagram 
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Circuit Description 


Figure 34-2 shows the block diagram where the mic 
picks up the bark and amplifies it. A filter favors the 
assumed frequencies of the bark and feeds them to a 
bark counter. This circuit contains a selector switch to 
preset the necessary number of barks to trigger the 
bark period timer. The time of the bark period is also 
selectable by a switch. The bark period timer gates on 
the MOSFET switch transistor turns on the sonic 
generator, which drives the four transducers that now 
produce the directional, uncomfortable sound pain- 
field shockwaves. 


Figure 34-3 shows the complete schematic of the 
controller section circuit, and the sonic pain-field 
generator section schematic is shown in Chapter 35. 
The bark is detected by microphone M1 and ampli- 
fied by operational amplifier 1C2A. The DC follower 
IC2D sets the midpoint bias, and resistor R2 sets the 
gain of this stage. The output level at this stage is con- 
trolled by potentiometer RS and fed to amplifier/fil- 
ter IC2C with a passband set by resistors R8 and R9 
and capacitors C8 and C9. Schmidt discriminators 


Bark penod Mosfet 


timer Switch Sonic Generator 


S2 determines the on time of the sonic 
generator once it triggers from the bark signal. 
Post.......1sec 


Pos2. 2sec 
Pos3.,..... 10sec 
Pos4.,.....33sec 


Combinations of the switch positions will be 
additive. Note the switch must always be on 
in ane position 
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IC3A and IC3B trigger the signal, provide a defined 
level of the correct polarity to initiate timer IC4A, 
and enable ripple counter IC5 to count the barks 
within a time period determined by IC4A. If the 
number of barks exceeds a limit set by bark count 
switch $1, timer IC4B is initiated, turning on MOS- 
FET switch Q1 for a predetermined amount of time 
selected by switch $2, enabling the sonic pain-field 
deterrent signal to be sent toward the target and then 
resetting. You will note that control of the sonic pain- 
field generator is made by sinking the negative return 
lead into the ground. 


Circuit ASsembly 


1. Assemble the circuit board as shown in 
Figure 34-4. Note that Figure 34-5 shows the 
foil traces of the printed circuit. It is not rec- 





Figure 3U-4Y Assembly of the circuit board 


to 





ommended that you assemble this circuit on a 
perforated vector board unless you are an 
advanced assembler. 


Note that if you are building from a perfo- 
rated or vector circuit board, it is suggested 
that you use the indicated traces for the wire 
runs and insert components starting at the 
lower left-hand corner. Pay attention to the 
polarity of the capacitors with polarity signs 
and all the semiconductors. It is a good idea to 
use sockets for all the integrated circuits. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires, Attempt to use certain leads as the wire 
runs or use pieces of the #26 bus wire. The 
heavy foil runs should use the thicker #24 bus 
wire, as these are the high-current discharge 
paths. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 


INFORMATION UNLIMITED 
AMAZING.COM 


CANINE 
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3. Connect the external components as shown in 
Figure 34-6. Use shielded microphone cable if 
you are not installing it on the actual board. 














4. Fabricate the chassis as shown in Figure 34-7 jas 
from a piece of .035-inch 5052 bendable alu- —_ 
minum or plastic. If you use metal, you will ~ 
need a piece of plastic material under the (D 
assembly board to prevent shorting the 
foil traces. C) 

5. Create a mating cover and finally assemble O 
ssacasar : . 7 min Fi - | 
Figure 34-5 Assembly circuit board traces ar sa Nonny art 
the P1 plug and cable for interconnecting the we 
bridges, shorts, and close proximity to controller and the sonic blaster using desired : : 
other circuit components. If a wire bridge is lengths per your requirements. Leave the V 
necessary, sleeve some insulation onto the other end with leads that will eventually con- — 
lead to avoid any potential shorts. nect to the sonic blaster. pe 






INFORMATION UNLIMITED 


AMAZING1.COM 
: 
mt) .- 
| 


R16 
R14 


CANINE 


Note that M1 has polarity as indicated by solder 
pad connected to the main enclosure. This contact 


is ground indicated by the — sign. Be very careful 
when soldering o these pads. Use #22 wire or 
smaller. If leads are longer than one several 


inches it is suggested to use shielded 
microphone cable. 


Bottom view 
showing pads 


Figure 34-6 =External wiring 
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Chapter Thirty-Four 






Use Yq" formable plastic or aluminum 






CHASSIS1 






0 


Hole for J1 






Fabricate a matching cover from similiar 
material and attach to holes in fold downs 
Allow access to controls and an opening for 
the microphone 


Figure 34-7 Chassis fabrication — 


It may be feasible to remotely locate the pick-up 


connect into the printed circuit board at M1. 






microphone. Use shielded mic cable and 


Hole for M1 
microphone 









P1 cable 
assembly 


(oa 


hree-wire cable for power, control, and 
common connections to the sonic pain field 
generater or other controlled deterrent. 






Figure 34-8 Isometric of final assembly 
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Testing the Circuit 


Assemble the test jig, referring back to Figure 
34-3. If the circuit is correct, you may go right 
to the connection of the test jig as shown and 

perform the following steps: 


a. Preset S1 to position 4 (the lowest number 
of barks for activation). 


b. Preset S2 to position 1 (the shortest time 
for the sonic generator). 


c. Preset R5 to midrange. 


Apply a 12 VDC input and note a low-current 
draw of less than 10 milliamps, which is the 
same value as the quiescent operating current. 
C cell batteries will work approximately 30 
days before requiring replacement. 


Simulate a bark and note the test LED 
momentarily coming on. If this occurs, you 
may want to test the various positions of S1 
and 82. Also verify the sensitivity control, R5. 


If the circuit does not work, you may need a 
scope to test the various test points as shown 
in Figure 34-3. They should have the following 
values: 


TP1: +5 volts DC 
TP2: 2 to 3 volts DC 


Microphone picks up the sound from the dogs barking 
and conditions it to turn on the pain field generator 
for a preselected burst time. Eventually the dog 

associates the sonic pain with his bark and ceases. 


Figure 34-9 S ‘ystems view 
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TP3: 4-peak-volt audio level 

TP4: Saturated audio signal 

TPS: Negative-going pulse 

TP6: Negative-going square wave 
TP7: Positive 10-second holding pulse 
TP8: Positive holding pulse 

TP9: Very fast negative trigger pulse 
TP10: l-second turn-on delay 

TP11: Holding pulse for Q1 


Once the controller operation is verified, 

you may connect the system as shown in - 
Figure 34-9. You will need a properly working 
sonic pain-field generator, as described in 
Chapter 35. 


It is suggested that you experiment with the 
system before actually installing it. Once 
familiar with it, you may position the system 
for the best effect. You also have the option of 
adjusting the sonic generator when the dog 
starts barking so that it can also be very 
annoying to the animal owners when their 
mutt goes into an uncontrolled barking rage. 
Use your own judgment as you can get tagged 
for harassment! 







Painfield sonic generatcr 
from Chapter 35 
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Table 34-1 Canine Controller Parts List 


Ref. # 
R1,3.4 


R2 


RS 


R6 


R7 


R8, 9, 10 


Ril 


R12, 13,15 


R14 


R16 


Cl 


C2,4 


C3,6,7.8 


C5,14 


C9, 10 


C11,13 


ty-Four 


C12, 15 


it 


hapter Th 


C 


a igi ci ce mg ci 
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Description OB Part # 


Three 1K, '4-watt resistors 
(br-blk-red) 


150K, “-watt resistor 
(br-gr-yel) 


10K pot and 12-volt switch, 
17 mm 


330K, 4-watt resistor 
(or-or-yel) 


2.2K, “-watt resistor 
(red-red-red) 


Three 10 kilo-ohm, %4-watt 
resistors (br-blk-or) 


47 kilo-ohm, ‘A4-watt resistor 
(yel-pur-or) 


Three 1M, \4-watt resistors 
(br-blk-gr) 


15-ohm, 4-watt resistor 
(br-gr-bik) 


100K, “4-watt resistor 
(br-blk-yel) 


220-microfarad, 25-volt vertical 
electrolytic capacitor 


Two 100-microfarad, 25-volt 
vertical electrolytic capacitors 


Four .1-microfarad, 50-volt 
plastic capacitors 

Two 2.2-microfarad, 50-volt 
vertical electrolytic capacitors 
Two .01-microfarad, S0-volt 
plastic capacitors 

Two |-microfarad, 50-volt 


vertical electrolytic capacitors 


Two 10-microfarad, 50-volt 
vertical electrolytic capacitors 


C16 


33-microfarad. 50-volt vertical 


electrolytic capacitor 
D1,2 Two IN914 silicon diodes 
Ic1 7805 5-volt regulator TO220 
IC2A, B, 1L.M324 quad amp in dual inline 
Gp package (DIP) 
IC3A, B,C, 40106 hex Schmidt in DIP 
D,E,F 
1c4 556 dual timer in DIP 
ICS 4040 complementary metal 
oxide semiconductor (CMOS) 
PLL phase lock loop in DIP 
Ol 100-volt IRF540 metal-oxide- 
semiconductor field effect 
transistor MOSFET 
M1! FET mic element DB# FETMIK 
$1,2 Two four-position single-throw 
DIP switches 
PCCANINE Printed circuit board (PCB) DB# PCCANINE 
CHASSIS1 Metal or plastic chassis as 
shown in Figure 34-7 
Covi Cover fabricated as shown in 
Figure 34-8 
J1/P1 Three-pin chassis mount jack 
and mating plug, 
WR3C 3-inch three-conductor cable 
for interconnecting 
PPF4K Pain-field generator kit as 
described in Chapter 35 DB# PPF4K 
PPF40 Pain-field generator assembled 


as described in Chapter 35 DB# PPF40 


2U trasonic Phaser Pain-Field 


Generator 


This project. as shown in Figure 35-1, shows how to 
construct a moderately high powered sonic generator 
that can be used for tasks that range from animal 
contro! to discouraging personal encounters. It can be 
used as part of our laser property protection guard 
described in Chapter 5 or as the deterrent for use 
with the canine controller, as described in Chapter 
34. The unit can generate a variable rate of complex 
waves from 5 to 25 kHz well into the ultrasonic 
range. These waves can be very painful or disorientat- 
ing to animals and people, depending on where the 
controls of the unit are set. 

This is an excellent device for use in animal control 
as well as a low-liability deterrent in anti-intrusion 
alarms and detection systems. This is an intermediate- 
level project requiring basic electronic skills. Expect 





Figure 35-1 


The phaser pain-field generator 
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to spend $50 to $75. All parts are readily available, 

with specialized parts obtainable through Informa- 
tion Unlimited at www.amazing|.com, and they are 
listed in the parts list at the end of the chapter. 


Basic Device Description 


This chapter demonstrates how to create a variable- 
sweep-frequency, ultrasonic, pain-field generator 
capable of producing the equivalent of 400 watts of 
resultant power such as that obtainable from a con- 
ventional dynamic transducer system. This is possible 
due to recently developed piezoelectric ceramic 
devices. The high efficiency requires very little driving 
power, consequently resulting in a lightweight, 
portable, handheld device that is battery driven and 
capable of producing high sound pressure. It is a 
directional device and can be set up in a target area 
such as a field or garden to discourage any sound- 
sensitive animals. It is also capable of being powered 
by acar’s 12-volt system and can be mounted on 

the hood or roof of the vehicle. Transducers are 
mounted in an array for a concentration of energy 

in one direction. 


It should be understood that certain people sub- 
jected to different degrees of exposure are affected 
more than others, some to a point where they may 


vomit or experience severe headaches and cranial 


ite) 
A =. 
C) 


pains. Some people will experience severe pain in the 
ear, teeth, or lower head. Statistically, women and 
younger children are many times more sensitive to 
this device than the average male adult. With this in 
mind, the user must exercise consideration when test- 
ing and using the device for animal control, as many 
people will not be aware of the source of this pain 
and attribute it to a headache or other physical ail- 
ment. Also, certain people are affected mentally to a 
point of actually losing their tempers completely or 
becoming extremely quick-tempered. Some will 
experience a state of extreme anxiety when overly 
exposed. Therefore, consideration must be used at all 
times when testing or using this or similar devices. 


It should also be noted that using the transducers 
in an array configuration may be damaging to hear- 
ing at close range. The array approach produces high 
sound-pressure density occurring on or near the out- 
put axis. 











01 na 


Circuit Theory 


Figure 35-2 shows a timer, IC2, connected as an 
astable free-running multivibrator whose frequency 
is externally controlled by pot R9. Resistor R10 
selects the range limit of R9, and capacitor C5 deter- 
mines the frequency range of the device along with 
the previous resistors. 


The square wave output of [C2 is via pin 3 and is 
directly coupled to power amplifier Q2. The drain of 
Q2 is DC biased through choke L1. 

The square wave output signal is then fed into 
transducer T'D1 in series with parallel combination of 
resonating coils L2 and L3. The resonant action 
between the inherent capacity of TD1, the C7 tuning 
capacitor, and the inductance now produces a sinu- 
soidal-shaped wave peaking around 25 kHz or the 
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Dashed line indicates bypass connection when not using J1 for external control. You may also short these pins 


using a mating plug with pins connected together. 


Note four transducers and associated networks. 


Figure 35-2 Schematic of the phaser pain-field generator 
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upper limit of the tuning range. This signal waveform 
now has a peak-to-peak voltage several times that of 
the original square wave. Transducer TD1 now can 
take advantage of these peak voltages to produce the 
high sound-pressure levels necessary without exceed- 
ing the high root means square (rms) ratings of an 
equivalent voltage-level square wave. 


Timer IC1 is similarly connected as an astable, 
running multivibrator and is used to produce the 
sweeping voltage necessary for modulating the fre- 
quency of IC2. This sweep repetition rate controlled 
by pot R2 and resistor R3 limits the range of this rep- 
etition time. Resistor R1 selects the duty cycle of the 
pulse, while capacitor C2 sets the sweep time range. 
The output for ICI is via pins 6 and 2 where the sig- 
nal ramp function voltage is resistively coupled to 
inverter transistor Q1 via resistor R4. The output of 
Q1 is fed to pin S of IC2 and provides the output 
modulation voltage necessary to vary the frequency 
as required. Note that the modulation signal is easily 
disabled via R2/S2. 

Capacitor C6 guarantees an AC return path for 
the output signal. Power to driver circuits IC1 and 
[C2 is through a decoupling network consisting of 
resistor R7 and capacitor C3. 

Power to the system is via internal battery B1 or 
an external 12 VDC such as from a vehicle. Three- 
way switch $1 selects between these two power 
sources or shuts the unit off in the center position. 
Resistor R19 provides a trickle charge to the internal 
battery when using an external source. Jack J1 allows 
a connection that is similar to our canine controller, 
turning on the unit when it detects a barking dog. 


Construction Steps 


If you are a beginner it is suggested to obtain our 
GCATI General Construction Practices and 
Techniques. This informative literature explains basic 
practices that are necessary in proper construction of 
electromechanical kits and is listed at the end of the 
chapter. 


1. Lay out and identify all the parts and pieces, 
and check them with the parts list. Note that 
certain parts may sometimes vary in value. 
This is acceptable as all components are 10 to 


20 percent tolerant unless otherwise noted. 


2. Fabricate the heatsink bracket (HS1) as 
shown in Figure 35-3 from a .75 X 2 X .065- 
inch aluminum piece. Bend it 90 degrees at its 
midsection and drill a hole for the SW1/NU1 
screw and nut. Attach it to Q2 as shown. 


3. Assemble the L1 choke coil as shown in 
Figure 35-4 by wrapping 50 turns of #24 mag- 
net wire on the nylon bobbin as evenly as pos- 
sible. Leave 2 inches of leads for a connection 
to the circuitry. Assemble the E core as shown 
and shim each side with pieces of yellow 
cardboard strips of 3 mils each for a total of 6 
mils. If you have an LCR bridge, measure 
1 millihenry. 


4. Assemble the PCB as shown in Figure 35-5. 
Note the two wire jumps and component 
polarity. Wire in inductor L1 and secure it to 
the board with room temperature vulcanizing 
(RTV) silicon rubber or another suitable 
adhesive. 


If you are building from a perforated or vec- 
tor circuit board, it is suggested that you use 
the indicated traces for the wire runs and 
insert the components starting in the lower 
left-hand corner. Pay attention to the polarity 
of the capacitors with polarity signs and all 
the semiconductors. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 






HEATSINK 
BRACKET 


Figure 35-3 Fabrication of heatsink 
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ASSEMBLY SHOWING L1 


CORE HALF 
COMPLETE WINDINGS 
ARE NOT SHOWN FOR 








P WIND 50 TURNS 
OF #24 MAGNET 
WIRE WR2 


AIR cap 
SPACERS FINISH 
3 MILS 

CORE HALF 


Note you can use a business card for the air 
gap shims as thickness will be close enough. 


Use tape to secure core halves tightly together. 
Figure 35-4 = Assembly of Ll inductor 


runs or use pieces of the #24 bus wire. The 
heavy foil runs should use the thicker #20 bus 
wire as these are the high-current discharge 
paths. 


It is suggested that you use an 8-pin inte- 
grated circuit socket (SO8) for [C1 and IC2. 


5. Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, Sleeve some insulation onto the lead to 
avoid any potential shorts. 


6. Fabricate the chassis and cover, as shown in 
Figure 35-6 from '/is-inch Lexan plastic or alu- 
minum, Use a large punch or circle saw to cut 
out the four holes for the transducers. Drill 
the remaining holes as you assemble it, verify- 
ing the proper clearances and sizes with 
components. 


7. Complete the final assembly shown in Figure 
35-7 and mount the assembly board, battery 
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holders, switch $1, jacks J1 and J2, and fuse 
holder FS1. It is a good idea to trial-fit all the 
parts in this section before actually drilling or 
making any mounting holes. Note a piece of 
plastic (SPACER) that insulates the bottom 
solder connections of the PCB from shorting 
out to the metal chassis base. Also note 
resistor R19 across S1. Secure the battery 
holders using pieces of two-sided foam sticky 
tape (TAPE). Wire using #20 vinyl wire as 
shown. 


8. Mount the transducers as shown in Figure 
35-8 using SW2/NU2 6-32 X !/2-inch screws 
and nuts. 


‘Twist the leads of the two inductors L2 and L3 
together, effectively paralleling these compo- 
nents. Repeat this tor resistors R17 and R18. 
You should end up with four sets of these par- 
allel components. These components should 
be self-supporting by being connected to stiff 
pieces of bus wire. Take caution to observe 
any potential shorts. Solder the two 18-inch 
connecting leads and connect them to point 
P6 on the assembly board. 


9, The final assembly is shown in Figure 35-9. Do 
not attach the cover until you have tested 
the unit. 


Testing the Assembly 


10. Turn the pots counterclockwise, set the switch 
to mid position (off), and install eight fresh 
batteries into the battery holders. If you have 
access to a bench supply of 12 VDC at 2 amps, 
it may be connected to J2 via a mating plug, 
eliminating the need for the batteries in the 
preliminary test. Short out the chassis ground 
and negative bus pins of J1. This jack is for 
connection to the canine controller module or 
other remote control devices. 


Note: A variable bench supply capable of 12 VDC 
at 2 amps with a voltmeter and current meter can be 
a great convenience for the remaining steps and the 
testing of other similar circuits. 
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P2 


cé 





1U-49A, 


Front view of R2,9 showing short pieces ON/OFF/FREQ 
of buss wire for connections to board. 
You may use component lead cut offs 


Figure 35-5 Assembly of PCB 


Lids. 


12. 


13. 


Press push button S1 and note a loud, piercing 
wave coming from TD1. Measure a current of 
500 to 600 milliamps in series with a battery or 
bench supply. Note that the switch position 
when up should be power supplied by internal 
batteries, and the down position being sup- 
plied by the external 12 VDC supply. This 
function may be reversed but should be 
noted, as the external position will automati- 
cally trickle charge the internal batteries. 


Rotate RY and note the frequency increasing 
to above the audible range; measure a current 
of 400 to 800 milliamps. You may preset the 
limit of the high range by the RY setting. The 
normal factory setting is 25 kHz maximum 
with R10 full clockwise. Note the wave shapes 
shown in Figure 35-2 for those who have a 
scope. 


Turn on sweep control R2/S2 and note the fre- 
quency being modulated by a changing rate as 
this control is adjusted. Use caution as certain 
sweep rates may cause epileptic seizures and 


MORE Electronic Gadgets for the Evil Genius 


ON/OF 


PC1 


Leads to to 
transducers 


Note C9 is relocated behind L1 


Replace R15, 16 with the 1 millihenry 
inductors L2, 3 step 41. 


Note that not all of the parts as designated 
on the printed circuit board are used for this 
project. R11, F1, P2, P3, P5 are not used 
Heat sink bracket attached to Q2 is not 
shown in this view 


FISWEEP 


other undesirable effects. Sweep rates 
between 7 to 20 per sec should be used 
with caution, 


Basic Operating 


Ins 


14. 


13 


tructions 


Connect a 12-volt source capable of supplying 
2 amps of current to designated leads or use 
internal nickel cadmium (NiCad) batteries 
that are type C cells. These will provide 
approximately 3'/2 hours continuous operation 
at slightly reduced output. 


The battery-charging function occurs when 
the system is connected to an external power 
source and will charge the NiCad batteries at 
a 100-milliamp rate, taking about 14 hours to 
fully charge. 
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16. If continued use is anticipated via the external 
12 volts, it is a good idea to remove the inter- 


nal batteries’ connections as overcharge may 
6 occur that will ruin the batteries or actually 
cause them to explode. The recommended 
A \ method of setting the controls is the following: 


GHASSIS BASE ; 





Use %q" sheet aluminum 






a. Determine the frequency limits per the 
application. These types of devices have 
two basic applications. When used as an 
anti-intrusion device to discourage 
unauthorized entrance, adjustments are 
made for maximum human annoyance, 





NOTE: 1/2" Lip fi ith holes f ‘ . 
seaciing bees io Dain eect ve usually with frequencies from 10 to 15 
SWS screws (8 required) kHz 


Figure 35-6 Chassis fabrication 
From figure 35-6 


[a 
1 
CLi ( 

1 












From figure 35-5 


hapter Thirty-Five 


() Figure 35-7 Chassis wiring 
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To TD1 ON FIGUR 


SW2/NU2 


R17,18 











REQUIRED 
PANEL 


NOTE: 1/2" Lip flange with holes for 


attaching base to panel section via SW3 


screws (8 required) 


Figure 35-9 Final assembly 


When used as a rodent device, we have 
found that the lowest tolerable frequency 
to humans usually has the greatest effect 
on the common species of rats. This is not 
always true but serves as a starting point in 
initially setting the adjustments. A 
frequency setting of 15 to 20 kHz for 
nonhuman living areas and 20 to 25 kHz 
for areas where people are present usually 
suffices for good rat control. Note that at 
no time should the unit be set higher than 
25 kHz. 


Dog control is usually around 18 kHz, but 
experimenting with the target animal may 
be necessary for optimum effect. Stubborn 
dog owners fall into the category of anti- 
intrusion if they will not cooperate. 


Turn the SWP control off. Adjust the 
TONE control so that the output is 
detectable by the human ear or just above 
the point of annoyance. 
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c. Set the TEST switch to an audible 
verification. Note that experimentation is 
required for optimizing any effect on a 
given set of target applications. 


Information on the System 


Your phaser system is capable of operating in two 
modes. Mode one is at a frequency that is known to 
produce paranoia, nausea, disorientation, and many 
other physiological effects. Mode two allows using 
the system as an audible alarm to frighten off intrud- 
ers or warn the user of an intrusion. Both modes may 
be used in combination and are easily rear-panel- 
controlled by the user. 


A Word of Caution 


Ultrasonics is a grey area in many respects when an 
application involves the control of animals or even a 
deterrent to unauthorized intrusion. It is always best 
to consult with local municipal and state laws before 
using this device to protect home or property. 
Remember many state laws lean more towards the 
right of the criminal rather than the victim. 


General Information on 
Ultrasonics 


Numerous requests have been made for information 
on the effect of these devices on people. First, let us 
make it clear that no device such as this should pur- 
posely be used on humans, and we discourage this 
use due to the possibility of acoustically sensitive 
people being highly irritated. 

None of these devices has the ability to stop a per- 
son with the same effect as a gun, club, or more con- 
ventional weapon. They will, however, produce an 
extremely uncomfortable, irritating, sometimes 
painful effect in most people. Everyone will experi- 
ence this effect to some degree. Unfortunately, 
younger women are much more affected than older 


men due to being more acoustically sensitive. The 
range of the device depends on many variables and is 
normally somewhere between 10 and 100 feet 
depending on the acoustical sensitivity of the target. 


One possible use of the device (which deserves 
careful consideration) is the installation of all trans- 
ducers in an area to protect against unauthorized 
intrusion. This would produce an irritating and 
painful feeling for the intruder, along with a condi- 
tion of paranoia of not knowing what to expect next. 


Application Supplement 


The following describes an acoustical, ultrasonic 
device for dispersing potentially unruly crowds or 
gatherings. The reason for using the higher-frequency 
energy is that it is easily directed without being dif- 
fracted in all directions. Therefore, the use of direc- 
tional-type transducers producing a front-to-back 
relative signal ratio of 20 to 30 dbs is easily achieved. 
The higher-frequency sound can produce nausea, 
headaches, and depression without the subject neces- 
sarily being able to determine the source. This effect 
no doubt presents an advantage to law enforcement 
when using these devices. 

It is a known fact that the development of any 
type of demonstration in “psychological crowd con- 
trol” follows the natural laws of growth and decay, in 
that a positive influx of people encourages a crowd 
growth, whereas a negative outflux creates a dimin- 
ishing situation. One must realize that differences 
exist among most people regarding sound level and 
frequency sensitivity. When sampling a group or 
crowd as to the overall sensitivity of these devices, it 
is usually found that certain ones may not be affected 
to the same degree as others. However. taking into 
consideration that those who find the effect intolera- 
ble does generate the negative outflux that usually 
terminates the gathering. 

This method, to this date, produces no permanent, 
lasting effects or symptoms and therefore becomes a 
more humane means of dispersing potentially unruly 
crowds. It should also be mentioned that younger 
people appear to be many times more sensitive to 
this effect. This usually goes hand in hand in most 
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demonstrations, since younger people are more apt 
to become unruly. 


This section encompasses many of the methods for 
applying this device via a permanent installation 
where transducers can be placed and adjusted to 
produce the necessary sound-pressure levels at dis- 
tances to achieve the desired effects. This method 
could prove effective as an intrusion deterrent for a 
certain protected area. 


Another method could be a handheld directional 
device similar to a megaphone where the amount of 
transducers used would be determined by the affects 
desired. This device would take into consideration 
the highly directional characteristics of this energy, 
being able to be directed at problem areas as a hand- 
held portable system. 

Another method for effective control would be 
clusters or arrays of transducers with these systems 
being mounted to vehicles via conventional roof 
mounts or on the hoods of these vehicles. Operation 
could take further advantage of the fair to good 
soundproofing found in most automobiles and vehi- 
cles could approach problem areas, taking advantage 
of close-proximity situations. 

It has been found that certain frequencies also can 
be made to produce intense irritability in certain 
types of people. This method could justify the even- 
tual use of more severe methods of restraint, assum- 
ing that the target subjects would eventually become 
more aggressive or violent, thus warranting this 
action. This is only to be considered as a potential 
extreme use of the device. 

The objective here is to describe a similar method 
whereby the sound-pressure levels and frequencies 


can be obtained economically and efficiently, using 
state of the art methods and easily available parts, yet 
they can still be portable and easily handled for com- 
plete operational flexibility. Construction is based 
around the use of the piezoelectric tweeter transduc- 
ers. These lightweight devices are easily driven and 
produce a conversion efficiency of over six times 
their electromagnetic counterpart. Being lightweight, 
economical, and easy to use when driving, they are an 
excellent candidate for this type of system. Higher 
driving impedance versus frequency is the inverse of 
the electromagnetic type. 


The system, as described, contains several modes 
of operation. The first mode is a steady state of a cer- 
tain frequency determined by the operator. This 
mode is termed manual frequency control and is 
adjusted by its appropriate control. The next mode is 
low speed sweep, which consists of the unit starting at 
a low frequency and automatically increasing to its 
higher limit where it again repeats itself. The remain- 
ing modes are controlled rates of this sweep, deter- 
mined by the appropriate control referred to as 
sweep rate control. It is these controls that can be 
remotely operated from the inside of a vehicle when 
high-powered, outside arrays in clusters are used. As 
was mentioned before, certain frequencies combined 
with certain sweep rates can cause different degrees 
of effectiveness. It is not the objective of this informa- 
tion to analyze the potential types of effect and 
behavior versus control setting, but to describe the 
working system as a generator of these controlled 
sounds, 
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Chapter Thirty-Five 


Table 35-1 Pain-Field Generator Parts List Q2 TRF530 or 540 N-channel 
metal-oxide-semiconductor 
field effect transistor 


Ref. # Description DB Part # (MOSFET) 
R1, 6,8, 12 Four 1K, ‘A-walt resistors 1C1,2 Two 555 dual inline package 
(br-blk-red) (DIP) timers 
R2/S2 500K, | meg pot/switch, 17 mm HSI Heatsink bracket, created 
as shown 
R3 2.2K, \4-watt resistor 
(red-red-red) sWl 6-32 x \4-inch screw 
R4,5 Two 10K, 4-watt resistors SW2 Eight 6-32 X '4-inch screw 
(br-blk or) 
SW3 Bight #8 X -inch sheet 
R7 10-ohm, ‘A-watt resistor metal screw 
(br-blk-blk) 
NU2 Nine 6-32 hex nuts 
R9/S3 LOK pot/switch, 17 mm 
FHI/FS1 Fuse holder and 2-amp fuse 
R10 SK horizontal trimpot 
Jl Three-pin din chassis mount 
R13-16 Four 4,7-ohm, 3-watt resistors jack 
(yel-pur-sil-gold) 
J2 DC 2.5 mm jack panel 
R17, 18,19 Nine 120-ohm, 5-watt resistors mounting 
(br-red-br); use two per " : 
transducer and one across $1 CL1,2 Iwo battery 9-volt clips 
CL.4 Two .01-microfarad, 50-volt BHI, 2 Two four-C-Cell holders 
disk capacitors (103 
= a Sl Single pole, single throw 
C3 100-microfarad, 25-volt (SPDT) power switch 
ertical clectrolyti it 
ae ee SA Small SPST toggle switch 
C2 10-microfarad, 25-volt - 5. 9 ; 
vertical electrolytic capacitor PCI Printed circuit board (PCB) 
or use perforated vector 
C5A,B ‘Two .01-microfarad, 50-volt board DB# PCSONIC 
lyester c: it 
i main ei TDI Four polarized 130 db piezo 
C6 {,000-microfarad, 25-volt transducer DB# MOTRAN 
tical electrolytic capacit 
edie Nee aid WR1/2 36 inches of #20 vinyl 
C8 01-microfarad, 2-kilovolt hookup wire, red and black 


Sah GaBMClOr CHASSISBASE Create as shown in 


C9 .22-microfarad, 250-volt Figure 35-6 
| | it 

intial osieeaitilaiaatiiil PANEL Create as shown in 

12,3 Eight 1 mh inductors (6080), Figure 35-6 
2 used per transducer, in plac: : : ; 
af aos an “ne se TAPE 8 inches of two-sided 1-inch 
on PC board DB# IMH foam tape for securing 

battery holders to base 

LI Inductor: two Hitachi 30.48 § “ - 
E cores and mating bobbin SPACER 3x 3-inch piece of plastic 
aseecnbled and want Th sheet to insulate assembly 
auctor DB# PPPLIL1 board from metal BASE 

ol PN2007 PNP GP transistor LABULTRA Label, ultrasonic warning 
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The following project, as shown in Figure 36-1, 
describes an excellent, low-cost device that has amaz- 
ing sensitivity in its ability to detect magnetic distur- 
bances down into the microgauss. A microgauss is 
one millionth of a gauss. The earth’s magnetic field is 
500 milligauss where a milligauss is one thousandth 
of a gauss. The unit easily detects sunspot activity and 
auroras, and it can even be used as a vibration sensor 
that can detect a person’s finger tapping on a rock. It 
can also detect moving aircraft and vehicles, as well 
as other changing electric and magnetic phenomena. 

Actual detection is accomplished via an analog 
meter that responds to the relative strength of the 
changing magnetic fields. An audible alarm also 
allows the presetting of an activation level where it 
will alert the user of certain activity. An output port is 
included for connecting to a chart recorder. 

The magnetic fields produced by many devices, 
both manmade and natural, are detectable by this 
system. Interesting results are produced when this 
unit is placed near anything electrical or magnetic 
such as a car, motor, or TV, The sensitivity is impres- 





Figure 36-1 


The magnetic distortion detector 
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sive when one sees the results of a l-amp pulse of 
electrical current through a wire located a meter 
away from the unit. (This corresponds to a milligauss. 
Earth’s magnetic field is .5 gauss). When the system is 
properly installed, it will detect passing automobiles, 
aircraft, or any moving, ferrous source that will cause 
the terrestrial magnetic field to distort. The unit is an 
excellent science fair project and can supply the ama- 
teur scientist with hours of knowledgeable entertain- 
ment in listening and detecting magnetic fields and 
their abnormalities. 

Construction is shown to be as flexible as possible. 
It is built in two sections: the sensing head and the 
control box, which are interconnected via a length of 
shielded cable. The maximum usable sensitivity 
requires the sensing head to be placed away from 
power lines and other potential disturbances. The 
sensing head, which must be securely mounted to 
prevent interference from mechanical movement due 
to wind and yibration, can cause erroneous signals as 
it shifts position through the earth’s magnetic field. 
The unit can also be made as a sensitive magnetic 
probe by installing the sensing head and the control 
box together, bearing in mind that the usable sensitiv- 
ity will be decreased due to erroneous movement 
near magnetic materials when moving its position. 
The detection of field changes produces a moderately 
loud alarm along with a relative indication from an 
analog meter located on the panel. An optional jack 


is used for an X/Y chart recorder, and the system is 
fully battery powered. 


This is an intermediate to advanced-level project 
requiring basic electronic skills. Expect to spend $45 
to $65, All parts are readily available, with specialized 
parts obtainable through Information Unlimited at 
www.amazing|.com, and they are listed in the parts 
list at the end of the chapter. 


Circuit Description 


Figure 36-2 shows a coil (L1) consisting of many 
thousands of turns is wound on a 2-inch bobbin and 
placed over a soft iron core of about 1 to 2 feet in 
length. Any magnetic changes induce small voltages 
to occur at the output of this coil. This output signal is 
fed into a nano-amp, sensitive DC amplifier (11), pro- 
viding a current gain of 500 times the original. The 
iron core of L1 serves to concentrate the magnetic 
flux lines by offering a lower reluctance path than 
that of air. The input of I is protected by overvoltage 
and transients via clipping diodes D] and D2.'The 
output of 11 is forced to near zero via a multiturn 
trimpot (R4) for balancing and compensating any 
offset. 





Shield 
see 
text 





Figure 36-2 Sense head schematic 
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Power for I] consists of batteries B] and B2, which 
are left in the circuit permanently as current drain is 
very low and replacement can be on a yearly basis. It 
should be noted that if the sensing head is to be 
located in a hard-to-get area the builder might use D- 
size cells, as these will last that much longer. 


The sense head output is fed to the control box via 
any reasonable length of shielded cable, WR10. As 
mentioned before, the sensing head should be located 
away from any potential magnetic interfering devices, 
such as anything electrical and large, ferrous objects. 


Aluminum foil can be wrapped around the sense 
coil and is connected to the circuit common line. This 
reduces the capacitive pickup of unwanted signals. 


Again, the sensing head and control box may be 
assembled together and used as a probe. This config- 
uration may reduce the system’s sensitivity due to 
erroneous movements and interaction of the circuits 
such as magnetic speakers and meters. This method is 
not encouraged due to these erroneous readings. 

Figure 36-3 shows the control box providing 
another amplifier, I2, with a gain of 200 times the 
original amount, which gives the system an overall 
gain of 100,000. Full-scale meter deflection of the 50 
ua meter (M1) occurs when a current of .5 nano-amp 
is obtained from L1. It is obvious that with the many 
thousands of turns on L1 that a detectable signal can 
occur with very minute flux changes, such as the 
result of changes in the microgausses. It should be 
noted that the earth’s magnetic field is only .5 gauss. 


I] is connected as a conventional DC operational 
amplifier with its output DC coupled to I2 via a 
shielded cable. This cable is necessary to separate the 
sense head and the control box by at least 6 feet. This 
is necessary to prevent magnetic coupling from the 
speaker SPK1. Sensitivity control pot R5 controls the 
system gain and is usually set at maximum. 


You will note that meter deflection pot R11 also is 
ganged with switch $1, which controls the +6-volt 
power to the control box section. R11 controls the 
deflection of meter M1 with diode D3 and capacitor 
C6, serving to smooth out and average the signal. The 
voltage level at jack J2 is also controlled by R11 and 
is an auxiliary jack intended for a chart or other 
recorder. The audible alarm activation point is 
controlled by pot R12 that is ganged with switch S2. 
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Switch S2 controls the —6 volt power to the control 
box. 


The alarm is nothing more than a reflex-type oscil- 
lator consisting of transistors Q2 and O3 with its 
feedback paths consisting of resistor R15 and capaci- 
tor C8. Trimpot resistor R16 is set for a reliable, 
clean-sounding signal. 


Assembly Steps 


1. Figure 36-4 shows coil L1 wound with thou- 
sands of turns of fine magnet wire. This may 
be difficult to do and it is suggested that the 
builder locate a high-voltage oil burner igni- 
tion, neon sign, bug killer, or other similar 
transformer and carefully remove the high- 
voltage secondary winding. The parameters of 
these transformers are usually around 5,000 
volts at 10 to 20 milliamps. These are available 
from junkyards and other places. Many are 
rejected due to radio and TV interference and 
yet have intact secondary winding suitable for 
this project. 





Figure 36-3. Control box schematic 


The objective is to obtain one with as many 
turns as possible; however, most will work 
quite well. A quick test is to measure the DC 
resistance of between 5 and 20K across the 
coil. A relay coil of high impedance such as 5 
to LOK may also work. The coil must have 
connecting leads and these should be secured 
with room temperature vulcanizing (RTV) 
adhesive, wax. or something similar to prevent 
breaking that may render the coil useless. A 
soft iron core of | to 2 feet is inserted through 
the coil and serves to offer a lower reluctance 
to the magnetic flux lines. It is these lines that, 
as they change in the core, induce a voltage 
due to magnetic induction. Note to shicld the 
coil from electrical and capacitive pickup by 
wrapping it in aluminum foil and connecting 
the foil to the circuit ground. A special cus- 
tom-made coil is available from Information 
Unlimited and is noted in the parts list. 


Lay out and identify all the parts and pieces, 
and check them with the parts list. Note that 
some parts may sometimes vary in value. This 
is acceptable as all components are LO to 20 
percent tolerant unless otherwise noted. 


Assemble the board by inserting components 
into the board holes as shown in Figure 36-5. 





R11/S1 Controls meter sensitivity with switch 
for + 6 voits 


R12/S2 Controls alarm threshold sensitivity 
with switch for - 6 volts 


RS Controls over all sensitivity 
J1 Input from sense head 


J2 Out put to optional chart recorder 
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Proceed from left to right, attempting to 
obtain the layout. Note the polarity of the 
components as indicated. Certain leads of the 
actual components are to be used for connect- 
ing points and circuit runs. Do not cut or trim 
them at this time. It is best to temporarily fold 
the leads over to secure the individual parts 
from falling out of the board holes for now. 
Solder as required and clip off excess leads. 
Some kits contain a length of insulated wire. 
This must be cut, stripped, and tinned accord- 
ing to where it is used. 


4. Wire in the 6-foot length of shielded cable, 
being careful not to burn through the insula- 
tion and short out the cable. 


5. Attach the battery clip HOLD using silicon 
rubber. 


6. Attach the L1 coil to the PB1 perforated 
board as shown in Figure 36-5 and secure it 
with RTYV adhesive. You will have to drill a 
hole for the iron core. The core should fit 
snuggly and can be glued in place in the final 
assembly. 


Pretesting the Sense Head 


1. Carefully check for wire and solder errors, 
and install fresh 1.5-volt AA batteries (BI and 
B2). Connect a low-range voltmeter to the 
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Figure 36-4 Winding instructions for Li 
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leads of the output cable and adjust the 25- 
turn pot (R4) for as close to a near-zero read- 
ing as possible. Finally, adjust the lowest range 
of the meter, preferably the 50 microamp 
range. This should be done outside away from 
power lines. 


With the meter still connected, observe a 
reading when a piece of iron is moved near 
sensing coil L] and moved about. If the piece 
of iron contains any magnetism, the effect will 
be enhanced. 


Wrap the sense coil with several layers of alu- 
minum foil and ground the foil to the negative 
circuit. Diodes D1 and D2 will require shad- 
ing against light sources as the junction 
behaves like photodiodes at these low signal 
levels, 


Create enclosure EN1, as shown in Figure 
36-6, from an 8 X 3!/2-inch outer-diameter 
piece of plastic tubing. 

Note the small, */s-inch access holes for adjust- 
ing R4 are drilled when all is in place. Create 
the brackets as required for mounting the 
sense head. 


Install the assembly into EN1 with caps CPI 
and CP2 as shown. Recheck it by connecting 
the meter across P1. Readjust R4 through the 
access hole if needed. The sense head should 
now be working correctly. 


Thread through hole in bobbin face 
and start to wind 5 to 10,000 turns of 
thin magent wire. You may scramble 
wind, but attempt to wind evenly 
across length of bobbin mandrel. 
Exit through small hole in opposite 
face. Tape winding in place and 


apply silicon rubber to exit leads. 
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Strip off outer plastic jacket of cable 1 inch and _ 


twist braid into a lead and tin. Strip off 1/4 inch 
of insulation on inner lead and tin. Insert into 
plug and solder inner lead to lin tip. 


Carefully solder twisted braid lead to outer shell e 
being careful not to burn through insulation. 


Always verify lead continuity and possible 


shorting of the leads with a meter. 
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Figure 36-5 ~=Assembly of the sense board section 


Construction of the 
Control Box 


Assemble the board as shown in Figure 36-7. 
Observe the proper position of I1 and the 
polarity of the diodes, transistors, and C6 
capacitor. Note that Q3 is a PNP PN2907 tran- 
sistor. Note the position of Tl regarding the 
primary and secondary winding. The second- 
ary will read very low resistance when com- 
pared to the primary. It is a good idea to use a 
socket for the integrated circuit. 


Create the enclosure base section (BASE) 
from sheet aluminum, as shown in 

Figure 36-8, with holes for meter Ml, speaker 
SPK1, R11/S1,*R12/S2, R5, and holes for J1 
and J2. Assemble the components as shown. 
Note the battery holders secured via two- 
sided tape, TAI. 


Attach the interconnecting leads, as shown in 


_.. Dashed lines are connections on underside of perforated 
circuit board using the component leads. These points can 
also be used to determine foil runs for those who wish to 
fabricate a printed circuit board. 


Small dots are holes used for component insertion. 


© Circles with dots are holes that may require drilling for 
component mounting and points for external connecting wires, 
indicating strain relief points. It is suggested to drill clearance 
holes for the leads and solder to points beneath board. 





Note: The sense head as shown in this sketch is 
wound from a transformer bobbin. Any plastic 
bobbin 2"x1" will usually suffice. See Figure 36-4. 


Figure 36-9, Twist the leads whenever possible 
and keep them short and direct. Note the 
ground lugs on J1 and J2. 


Connect the leads from the board assembly to 
the components in the box. 


Control Box Pretesting 


Position the board, but do not secure it at this 
point. Turn $1 and 82 off and insert four AA 
batteries into BH2 and BH3. 


Turn on both switches, unsnap one side of the 
battery clip, and insert a milliamp meter. Mea- 
sure .5 milliamps (—6 volts) at BH2 and .8 
milliamps (+6 volts) at BH3. Reconnect the 
battery clips. 


‘Turn the R16 trimpot to midrange, R11 full 
counterclockwise, R12 clockwise, and note the 
meter remaining at zero and the alarm 
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From Figure 36.5 
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Figure 36-6 = Sense head enclosure assembly 
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remaining silent. Now turn R11 clockwise and 
note the meter deflecting to full scale. 


The following steps will require the sense 
head located away from electrical wiring and 
other potential sources of magnetic interfer- 
ence. The distance should be at least 5 feet 
from the control box to avoid feedback from 
the meter and speaker magnets. 


Turn both R11 and R12 full clockwise. Plug in 
P1 from the sense head J2. Note the meter 
may pin, or jump off scale, and the alarm may 
sound. Have a friend slowly rotate R4 on the 
sense head to attempt to bring the meter into 


Pt 


range. You may have to desensitize the circuit 
by turning R11 counterclockwise until the 
meter reads midrange and turn R12 to deacti- 
vate the alarm as it can be annoying during 
testing. Note that R5 is an overall sensitivity 
control and should be turned fully on in most 
applications for maximum sensitivity. The 
meter and alarm can be ranged by their 
respective controls, R11 and R12. 


When properly set, the reading will constantly 
fluctuate and is the result of sunspots or other 
phenomena distorting the earth’s magnetic 
field. 
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Dashed lines are connections on underside of perforated 

7 ~~~ Gitcuit board using the component leads. These points can 
also be used to determine foil runs for those who wish to 
fabricate a printed circuit board 


. Small dots are holes used for component insertion. 
© Circles with dots are holes that may require dailing for 
component mounting and points for external connecting wires 


indicating strain relief points. It is suggested to drill clearance 
holes for the leads and solder to points beneath board 
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Figure 36-7 Assembly control board 


If you choose a magnetically noisy location, Jack J2 may be used to drive an XY recorder 
you will have an added signal as the result of when observing sunspots or other time- 
power lines, motors, and other magnetic dis- related disturbances. 


turbance. Note that if R11 cannot bring the 
meter into range without overly desensitizing 
it, it may be necessary to internally readjust 
R4 for proper ranging. 


Note: No steps were taken to filter out 60 HZ dis- 

turbances, as it appears that many uses of this device 

involve the detection of power lines and other 

5. Preset R14 at midrange and adjust R12 until related equipmem. 
the alarm sounds. ReadjustRI6foraclean, 8 
desirable-sounding tone if necessary. 


Appreciating the sensitivity of this unit 
requires operation in a magnetically quiet Applications 
location where all the controls can be 
advanced fully. Under the conditions of a low 
magnetic background, the unit can detect 
automobiles, manmade devices, and natural 
magnetic disturbances. Also, simply moving a 


The uses of this device are obviously only appreci- 
ated by those who can understand its sensitivity to a 
minute change in magnetic flux. The unit can be 


piece of iron near the sensing head should made to detect the motion of large steel bodies as 
produce an indication. (Note low-level- they distort the existing earth’s magnetic field. Many 
detection sensitivity may be difficult during applications and experiments are therefore possible 
the peak of the sunspot cycle due to the high with the device. Any high-impedance headphones 


background signal fluctuations.) 


a 
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Fabricate a cove to fit the base section from any suitable 
matorial, Allow a over hang over the frant and rear panels of 


/ the base. Use sheet metal screws to secure to the fnided up 
_ lip of the base section. 










BASE 
PLATE 
9 
FROM FIGURE 368 


Use a solder lug under JT or 2 for connecting to base ground 






Use velcro sticky tape to secure BH2 3 battery packs 


Use pieces of flexible rubber or pisatic for knob axtensians 
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Figure 36-9 Final assembly control box 
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can be plugged into J2 where the experimenter can 
actually “listen in” and hear the field changing. 

One verifying test that is easily done to determine 
the system’s ability to detect the earth’s magnetic 
field is the following. Rotate the sensing head with 
short, quick jerks in a clockwise direction. Note the 
meter pinning, and as rotation is continued a point 
will be found where the meter will respond less. This 
nulling point should occur with the fluxrod pointed in 
a north/south direction. If rotation is continued. it will 
be found that the short, quick jerks must occur in a 
counterclockwise direction to obtain a positive meter 
movement. This is similar to an electrical generator 
using the earth as its field magnet and the sensing 
head core as the moving armature. 


Optional Ultra-Sensitive 
Vibration and Tremor 
Detector 


You may easily conyert this device to a vibration 
detector by simply modifying the sense head so it can 
be mounted to a rigid object such as a rock. The trick 
now is to place a magnet adjacent to the end of the 
sense coil, L1. The magnet should be held in place by 
elastic or other means whereby it is mechanically iso- 
lated relative to the sense coil. It should be very close 
to the sense coil for optimum sensitivity. 
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The theory is simple. Positioning a powerful mag- 
net near a coil with many turns produces a signal. It is 
now the relative motion between this magnet and the 
coil that produces a voltage by the familiar equation 
E = Nd0/dt, where E is volts, N is the coil turns, 0 
theta is the flux of the magnet, and ris the rate of rel- 
ative motion in seconds. The combination of the high- 
resultant signal volts and the amplification sensitivity 
of the circuit provides amazing results. 

Many variations are possible with the common 
objective being to obtain the highest reading for a 
given tremor. This unit will easily detect earthquakes 
occurring anywhere on the planet; however, the 
builder must experiment with motion dampening and 
other schemes to differentiate between manmade 
vibrations in order to isolate these signals. This is an 
excellent, low-cost project for any interested individ- 
ual to learn by experimentation. 
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Chapter Thirty-Six 


Table 36-L Magnetic Distortion Detector MI 50 uamp panel meter DB# METERSOS 
Parts List SPK1 2-inch, &- to 16-ohm speaker 
eo SE meester J1,2 Two RCA pane]-mount phono 
Ref.# Description DB Part # jacks 
R1,3 Two 1.5M, '4-watt resistors = . 
3 ° Pi;Z Two RCA mating phono plugs 
theenee BP plug 
GL1,2 Two 9-volt battery clips 
R2 Two LOM, 4-watt resistors wed: alt Gataney clipe 
(br-blk-bl) SHI 3 feet of single-conductor, 
shielded mike cabl 
R4 100-kilo-ohm, 10-turn vertical Tea ccipue a 
trimmer WIRE24 4 feet of #24 vinyl stranded 
f hookup wire 
RS SK linear pot 
BHI i -batte 
R6,7,8,9, 14 Five 10K, '\4-watt resistor AEROS Ne 
(br-blk-or) BH2.3 Two 4-AA-battery holders 
R10 10-ohm, /4-watt resistor BUI Small, plastic feed-through 
(br-blk-blk) bushing 
R11S1, 12/S2 Two 10K linear pots and LISENSE _ Sense coil per Figure 36-4 =DB# SENSE 
switches 
: PBORD1 64 * 24-inch, .1 X .1-inch 
R13 4.7K, A-watt resistor grid perforated vector board 
(yel-pur-red) 
PBORD2 4% x 2-inch,.1 x .1-inch grid 
R15 100-ohm '4-watt resistor perforated vector board 
(br-blk-br) 
EN1 7'2 * 3-inch schedule 40 
R16 100-kilo-ohm vertical trimmer PVC tubing 
R17 \-kilo-ohm, 4-watt resistor CAPI Two 3!4-inch black plastic 
(br-blk-red) caps 
C1, 2,3, 4,5, 8 Six .l-microfarad, 50-volt TAPI 4 inches of 4 & 1-inch strips of 
plastic capacitors Velcro sticky tape 
C6 |-microfarad, 50-volt vertical KNOBEXT 4 inches of Yo-inch inner- 
electrolytic capacitor diameter plastic or rubber 
tubing for shafts 
C7 4.7-microfarad, 50-volt vertical GT oF ina 
electrolytic capacitor FLUXROD 6 inches of “4 * 20-inch steel- 
threade: dt ali 
Il LM4250 nano-amp operational ing pat Ge SWE ENS 
amplifier in a dual inline 
package (DIP) BASE Created as shown in 
: ; . Figure 36-8 from .063 
12 LM741 operational differential alumi 
amplifier in DIP 
OVER Cut to fit BASE secti 
D1,2,3,4 Four IN914 small-signal diodes . cnn iy 
‘ili PLATE 5 x 2\4-inch piece of 
Q1,2 ‘Two PN2222 NPN GP silicon insulating plastic to mount 
transistors under board 
03 PISUT BAO'GE sillean ed ee 
transistor 
Tl 1K to 8-ohm, small audio 
transformer 
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This project, as shown in Figure 37-1, shows how to 
construct a useful device that can detect human or 
animal motion up to several hundred meters. It pro- 
vides a narrow field of view and can be used for paths 
and walkways. Farmers use these devices to detect 
when a predator comes into range, taking the neces- 
sary action when the alarm sounds. It may also be 
used as a medium-sensitive thermal detector for lab 
and research use. The device is an excellent science 
project demonstrating medium-sensitivity detection 
of relatively low temperatures, 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $30 to $45. All 
the parts are readily available, with specialized parts 
obtainable through Information Unlimited at 





Figure 37-1 


Body heat detector 


www.amazing|.com. These are listed in the parts list 


at the end of the chapter. 


Description 


Your body heat detector is a device capable of sens- 
ing an object at a temperature increase slightly over 
ambient. It is this property that allows it to detect a 
living, body at a considerable distance. The sensitivity 
of the device corresponds to a black body wavelength 
of 10 microns, corresponding to a temperature of 100 
Fahrenheit. Black-body radiation defines color tem- 
perature in wavelengths below what is visible to the 
naked eye. All objects above absolute zero radiate 
energy as a function of their temperature to the 
fourth power. This radiation decreases in wavelength 
as the radiating body becomes hotter. This radiation 
will consist of the visible color spectrum for a given 
range of temperatures. Hotter bodies will show visi- 
ble color such as blue being on the hotter side of red. 
A body hot enough to glow red is around 900 degrees 
F. Black bodies radiate in the infrared (invisible) and 
lower as the generating temperatures are near ambi- 
ent being above 70 degrees F. All objects above 
absolute zero radiate energy as a function of the 
fourth power of temperature, and body heat energy is 
in the infrared region at around 100 degrees F. 


The applications for this device are numerous and 
as an example you could a create motion detection 
system for home security. These are normally short- 
range, wide-angle detection systems and are limited 
in performance, Our system would be mounted simi- 
lar to an optical scope on a rifle or a tripod. A living 
target now can easily be ferreted out in darkness or 
under moderate cover due to heat reflections. A 
predator, as it approaches its target victim, is easily 
detected, alerting the farmer or rancher to take the 
next step of action. Garden pests, as they emerge 
from their burrow, and downed game can easily be 
detected by the device. 

The ability to detect hot spots is an extremely use- 
ful function, An example of sensitivity can easily be 
demonstrated by the following. Obtain a piece of 
cardboard or plastic approximately 6 < 12 inches. 
Place your hand on one end of this piece for several 
seconds to produce a hot spot of your hand print. 
Then place the piece in front of the unit, noting a 
detected signal increase on the surface previously 
touched by your hand due to the heat stored. (Don’t 
touch the other end of the piece). Note that as time 
continues, the hot spot dissipates into the object 
thereby reducing the temperature differential and 
the signal pickup on the cardboard piece becomes 
evenly distributed. The differences in temperature 
detection capability is in the millidegrees. You can 
now realize the many useful applications of this unit. 


Body Heat Detector Modes 


Your body heat detector operates in two modes: 


* MODE A: This mode is used to detect moving 
bodies such as animals, people, and so on. It is 
intended for sensing intrusions along path- 
ways and into areas where a narrow field of 
view is necessary at long ranges (100 meters 
or so). This mode is the most stable of the two 
and rejects steady background sources of 
thermal energy. Detected bodies, however, 
must be moving. 


¢ MODE B: Operation in this mode allows the 
detection of stationary hot spots and is most 
useful with a “cold background” such as at 
night. It is useful for ferreting out thermal 
sources such as hidden persons and animals. 
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Hot object spots and areas are easily detected, 
but unfortunately this mode is so sensitive 
that often signals appear to be erroneous and 
mask the target object. 


Both modes of operation require a camera tripod 
for reliable and simple operation. Very often a pan- 
ning action can be used to reject or detect the desired 
targets. 


Circuit Description 


The heart of the detector is a pyroelectric detector 
(PYR1) capable of detecting very minute tempera- 
ture changes. This device is responsive to tempera- 
tures of 100 Fahrenheit equivalent to approximately 
10 microns. Unfortunately, its response speed is rela- 
tively slow, peaking at about .1 Hz. This is shown in 
Figure 37-2. 


The pyroelectronic effect utilizes dual crystals of 
lithium tantalum oxide (LiTa 02). These crystals are 
polarized in an electric field below the Curie point. 
Electrodes attached to the crystal become electrically 
charged and eventually neutralize due to the sur- 
roundings. When the neutralized crystal is exposed to 
an infrared signal, its temperature changes, producing 
a charge on the electrodes and hence a detected sig- 
nal. This signal is amplified by a built-in, low-noise 
field effect transistor (FET) and becomes the output. 
It is important to note that only a changing infrared 
signal can produce output; therefore, a chopper must 
be used for stationary sources. A chopper is nothing 
more than a mechanical wheel that has vanes to peri- 
odically interrupt the heat radiation signal to the 
pyrodetector, simulating a moving object. A moving 
source obviously produces a changing signal. The 
dual crystals will also cancel out signals produced 
from sunlight as they are oppositely polarized in the 
detector. 


The output of the detector is connected to the 
input of a low-frequency, dual-stage amplifier and fil- 
ter (U1) with a gain of approximately 2,500. This 
amplifier is designed to respond to a frequency of .1 
to 10 Hz, peaking at about 1 Hz. This matches the 
response of the pyrodetector and the signal com- 
monly generated by a living, moving body in the field 
of detection. 
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The changing AC output of the dual-signal ampli- 
fier (ULA and U1B) is capacitive coupled to output 
jack J1. It is this signal that is measured by an exter- 
nal AC millivolt meter and provides an analog indica- 
tion of signal strength. This signal may be further 
processed for ultra-low-sensitive detection or maybe 
demodulated where the resulting DC level can con- 
trol a VCO for audible detection via a changing tone. 
This AC signal is also fed to the dual plus and minus 
(“window”) comparator (U2A and U2B). A thresh- 
old control (R12) presets the trip voltage or sensitiv- 
ity of activation. The output of these two comparators 
is “anded” together and fed to the trigger input of the 
timer (U3). The output of U3 now activates audible 
buzzer BZ1 and visual indicator LED1. The buzzer 
on time is controlled by timing resistors R21 and R22 
and capacitor C15. 


An optional motor speed control for the chopper 
consists of Ol and speed control pot R19. Jack J2 
provides a 5-volt level through 1K resistor R18 and is 
used to trigger other systems. 


Assembly Instructions 


1. Lay out and identify all the parts and pieces, 





Figure 37-3 PCB wiring and assembly 





and verify them within the parts list at the end 
of the chapter. 


Examine the PC board, as shown in Figure 
37-3 and 37-4. 


Proceed to assemble the device by inserting 
and soldering all the fixed resistors. 


Insert and solder the capacitors, carefully not- 
ing the polarity on all the electrolytics: C1, C2, 
C4, C5, C7, C8, C10, C11, and C15. The other 
capacitors are not polarized. 


Insert and solder in the semiconductors (D1 
and VR1) and Ol. Note the polarity. 


Identify and note the position marks on the 
integrated circuits Ul, U2, and U3. Insert and 
carefully solder them, avoiding solder shorts 
between the pins. It is suggested to always use 
sockets for these components. 


Identify the pots R12 and RY and solder them 
in place. Note the switch section, S1, of R12. 
These connections are made using short 
pieces of cut leads to the pads directly 
beneath. Note these pots must be properly 
installed to allow final alignment with the 
PANEL plate. 


Insert the wire jumps using short pieces of the 
cut leads of components that were used priorly. 


INFORMATION 
UNLIMITED 
BHT 

REV A 


Note that the leads from the pyro 
detector are bent down to allow fitting 
into the socket at a right angle 


Rear view of 
PYRO showing 
pin wiring. Note 
tab positon. 
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PAD LOCATIONS 


Figure 37-4 Pad and connections 


9: 


10. 


12. 


15. 


I. 


Insert J1 and note the rear connection lead 
requiring a short piece of bare wire to connect 
to the board pad directly beneath. 


Insert the SOCK1 pyrodetector socket as 
shown. Carefully form the three leads of the 
pyrodetector at 90°. Do not sharply bend it. 
Note the proper leads, and position the tab as 
shown. This part must be at the optical center 
of the system for proper operation. 


Connect the BZ1 buzzer using its leads, as 
shown in Figure 37-5, 


Connect output control jack J2 and indicator 
light-emitting diode (LED1) using a 3-inch 
length of #22 vinyl wire. Note the cathode 
lead of LED] directly connecting to the 
ground lug of J2. Note these parts eventually 
will be mounted to the panel. 


Connect the leads from the chopper motor 
MO] and battery clip CL1 as shown. 


Create the panel, as shown in Figure 37-6. 
Attach it to the PC board via the two pots and 
the jack. The panel and PC board should be 
tlush to one another. Attach the remaining J2 
and LED1 to the panel. Note to use a bushing 
for the LED. 


Create the shutter flap (FLAP), as directed in 
Figure 37-6. 


Recheck all wiring for shorts, accuracy, and 
correctness of parts. Also check for solder 


joints. You are now ready to bench test the 


assembly. 


Connect a 9-yolt supply to the battery clip. 
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18. 


@  vicripteg beam 








Sutter poekion snown 









Optical path & 
deshedines. 


Rotate R12 to on, and note the shutter flap 
rotating with R19 full counterclockwise. It 
should slow down as R12 is turned in a clock- 
wise direction. This rotation should be vari- 
able in the range of 10 revolutions per second 
(rps), down to stalling at less than 1 rps. The 
motor will stall if there is any obstruction, 


100% 








Figure 37-5 =‘ Final wiring to external components 
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Note that the pyro detector must be 
centered and positioned at the 2.5" focal 
length of the lens. FROM FIG 2 


Drill and tap a 1/4-20 hole 
for mounting to a tripod 
screw. OS 


Note that hole in EN1 for 
handle is best cut with a 17s" 
circle saw. Fit must be 

tight to properly secure 
handle in place. The 

handle serves as the 
housing for the single 9-volt 
or 8 AA cells. 


Cut out center of two 3.5" 
plastic caps by placing them 
on the enclosure tube and 
cutting out the center section 
with an xacto knife using the 
inner wall as a guide. 


Figure 37-6 Final housing setup 


Make sure the flap is clear and not touching 
the bearing bottom. 


19. Connect a scope to J1 and note a changing 
level as your hand or another warm object is 
waved in view of the detector. Note the signal 
responding to a stationary source with the 
shutter flap or to some form of motion with 
the shutter flap stopped. Check the sensitivity 
control pot R12 and then verify a DC output 
level at J2, occurring when a body is detected. 
This function is for control of external alarms 
and alerts. 


20. Check that the buzzer and light emitter acti- 
vate when detecting a thermal source. Use 
your solder iron as a heat source and experi- 
ment with different sources. 


21. Finally, assemble the device as shown in 
Figure 37-7 and proceed to use it as outlined 
in the instruction section. 


Front Panel Fab 
















BUZZER 
UTOU 


20 O25 
375() C375 
© 


BHTEXPLO 


Place a small "flap" on to the 

shaft of the chopper motor to act as 
a rotating shutter for breaking up the 
signal path. Use a small piece of 
adhesive metal tape folded onto the 
shaft. 


Panel is cut from a3 1/4 x 3 1/4" 
piece of .035 aluminum. Cut 
corners to approach a circular 
shape. 





Note that holes must be accurately positioned for proper alignment 
to R12, R19, and J1 on the printed circuit board. 


Operating Instructions 


id 


Turn all controls fully counterclockwise to off. 


Remove the battery compartment cover and 
slide out the eight-cell holder. Insert fresh bat- 
teries and reinstall. 


Rotate the chopper control fully clockwise. 
View the shutter through the access hole and 
note how it is positioned in the figure. 


Slowly turn the sensitivity control clockwise 
until the alarm sounds. If the unit does not 
respond, try moving your hand in front of it, 
noting its response. Turn the control back, just 
to the point where the unit does not respond. 


Turn the chopper control until the unit starts 
to respond. You are now measuring the ther- 
mal background as indicated by the periodic 
sounding of the alarm as the shutter interrupts 
the heat path. 
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Access hole for 
viewing shutter 






op 







External 5-volt 






level 
On/off and unit Sc 
sensitivity X 


Signal facsimile 
output jack 


Chopper motor 
on/off speed 


Figure 37-7 Final assembly view 


6. Connect a standard 3.5-millimeter plug into 
the 5-volt level jack and measure a positive 5- 
volt level every time the alarm responds. This 
output is through a 1K resistor and is 
intended for triggering other alarms or exter- 
nal functions. 


7. Connect a standard 3.5-millimeter plug into 
the signal facsimile jack and connect it to a 
scope input set on the AC millivolt scale. Note 
the changing voltage level indicating the 
slightest amount of differential thermal 
energy. Check this level with and without the 
chopper and try it with various thermal 
sources, noting the voltage levels. This output 
port is intended for the lab technician desiring 
to explore low-level thermal sources. It 
requires a scope or a sensitive AC millivolt 
meter capable of measuring 10 to 100 milli- 
volts. 


The previous steps are performed without consider- 
ing the thermal stabilizing of the unit or its immedi- 
ate surroundings. Maximum sensitivity will not be 
obtainable under these conditions. 


8. Select a target area and mount the unit ona 
tripod, using the '/s-20 mounting hole located 
on the side of the unit. This scheme will place 
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1/4-20 hole for 
tripod mounting 


CO Access hole cap 


—90° 


View through access hole 
showing shutter position 
relative to pyro detector 
optical axis and front lens. 


the handle in the horizontal plane (off to the 
side) but should not pose a problem. The 
access hole will be opposite the handle. 


9. Point the unit at the target area and allow it 
several hours to thermally stabilize. Do not 
touch the enclosure and try not to get too 
close to the front of the system, as this can 
destabilize the system for low-level detection. 


10. Point and pan the unit at some known source 
to verify the anticipated range of operation. 
Experiment with the chopper speed or no 
shutter to obtain the optimum results for your 


application. 


11. Handheld operation will vary considerably 
due to the many variables in the thermal 
background. We can only suggest that you get 
accustomed by trial and error to determine 
your application. 


Final Notes 


The access hole for the chopper shutter is necessary 
in order to prevent the blockage of the thermal path 
when the chopper motor is off. There is no guarantee 
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that the shutter will not randomly stop at the wrong 
place, blocking the detector and preventing normal 
operation. In such cases, the shutter must be manu- 
ally moved with a pencil or some object. 


The unit must be temperature stable to optimize 
maximum sensitivity. This usually takes about an 
hour if the unit has been recently handled or placed 
near radiant sources. 


For actual body detection, the best performance 
will occur on a cold night. This does not mean that 
the unit will not work on a warm night, but that it 
might be less sensitive. 


The detection of stationary objects may vary with 
chopper motor speed and background temperature. 
The maximum response of the pyrodetector is 
around .1 chops per second. This is very slow for 


many applications and we suggest increasing it to 1 to 


3 per second. 


The field of view may be narrow due to the Fres- 
nel lens used, but you may change to other suitable 
lenses of polyethylene. Also, a panning action allows 
zeroing in on certain target subjects. 


Table 37-1 Body Heat Detector Parts List 


Ref.# Description DB Part # 


R1,2,5,6,7, Ten 39K, “-watt resistors 
11,14,16,17 (or-wh-or) 


R3 10K, 4-watt resistor 
(br-blk-or) 
R4,8 Two 1.8-megohm Vi-watt 


resistors (br-gray-gr) 


R9, 10, 13,18 Four 1K, '4-watt resistors 
(br-blk-red) 


R20 4.7K, “s-watt resistor 
(yel-pur-red) 


R21, 22 Two 1-megohm, -watt 
resistor (br-blk-gr) 

R12/S1 20K pot and 12 VDC switch 

R19 500 to 1-kilohm pot 

R23 470-ohm, Yi-watt resistor 
(yel-pur-br) 

cl 220-microfarad, 25-volt 
vertical electrolytic capacitor 

C2,4 Two 100-microfarad, 25-volt 
vertical electrolytic capacitors 

C3 .1-microfarad, 50-volt plastic 


capacitor 


C5,7, 10 Three 4.7-microfarad, 25-volt 


vertical electrolytic capacitors 


C6.9,13,14 Four .01-microfarad,50-volt 
plastic capacitors (103) 


C8, 11 ‘Two 1,000-microfarad, 25-volt 
vertical electrolytic capacitors 


C15 1-microfarad, 25-volt vertical 
electrolytic capacitor 


PCL Printed circuit board (PCB) DB# PCBHT 
SOCK1 Three-pin TOS socket 
Ql PN2222 NPN transistor 
Ul LM358 dual-operational- 
amplifier integrated circuit 
U2 LM393 dual-comparator 
integrated circuit 
U3 LMSSS timer integrated 
circuit 
VRI 7805 5-yolt regulator TO220 
package 
MO1 Low-voltage chopper 
motor DB# CHOPMOT 
PYRI Pyroelectric detector DB# PYR1 
BZ1 Piezoelectric buzzer 
LED1 High-brightness light emitter 
J1,2 Two 3.5-millimeter panel- 
mount jacks 
CL1 Battery clip and 9-inch leads 
PANEL 3.25 X 3.25-inch aluminum 
as shown 
EN1 6 X 3.5-inch OD schedule 


40 PVC tubing as shown 


HANDLE _ 6 X 1.875-inch schedule 
40 PVC tubing as shown 
CAP1, 2 Two 3 ‘4-inch plastic caps, 
as shown in Figure 37-6 
CAP3 2-inch plastic cap for 
retaining batteries in 
handle section 
LEN1 3-inch Fresnel polyethylene 
lens DB# FRELEN3 
BUI Lens holder for LED 1 or use 
a %-inch bushing 
BHOLD1 8-AA-cell, 4 < 2 battery 
holder with snaps 
WR20B 24 inches #22 black vinyl 


hookup wire 
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This chapter focuses on a device capable of detecting 
and indicating the relative amount of free ions in the 
air (see Figure 38-1). It can determine the output of 
ion generators, high-voltage leakage points, static elec- 
trical conditions electric field gradients, and any other 
application where the presence of ions or a measure- 








Figure 38-1 


Ton and field detector 


ment of their relative flux density is required. It can 
also be used as a very sensitive lightning indicator, 
showing dangerous electric field levels. 

The unit is handheld and enclosed in a plastic 
enclosure about the size of a king-size pack of ciga- 
rettes, A sensitivity control with an on/off switch. a 
high flux indicator lamp, and a meter are located on 
the front panel. A telescoping antenna exits a hole in 
the top of the unit and is used as a moving probe or a 
stationary pickup point for these charge fields. 
Grounding the unit is a strip of metallic foil on the 
outside of the enclosure that contacts the user’s hand 
or may be directly connected to earth ground via a 
wire. Please note that the performance of this unit 
can be seriously affected by high humidity conditions. 


Circuit Description 


As shown in Figure 38-2, ions are accumulated on the 
collector probe ANT1 and cause a minute, negative 
base current to flow in transistor Q1 connected as a 
PNP Darlington pair with transistor Q2. Capacitor 
C1 and resistor R1 form a time constant to eliminate 
any rapid fluctuations. The response of the time con- 
stant can be changed for various applications and is 
discussed in Figure 38-2. Diodes D1 and D2 prevent 
excessive voltage from destroying Q1 by clamping 
any transients to ground. The collector of Q2 is DC 


Thirty-Eight 







Telescoping probe 
antenna 





Virtual ground via 
metal contact tape 
on case for hand contact 


C1 is used to slow down the Unit is shown wired for positive ion detection. You may 
response and can be eliminated change to negative by replacing the PN2222 transistors 
when detecting fast discharge with PN2907 and the opposite. For a quick indication you 
fields such as lightning etc may grab the antenna and use the body of the unit to 


detect the negative ions 


Please note that the antenna probe on you unit is a telescoping antenna properly secured and 
electrically isolated. |t is important to remember that any type of leakage around the input of Ql 
can reduce the sensitivity. You may wish to coat the circuitry with a good quality varnish etc. 


Make sure unit is dry and clean before sealing. 
Figure 38-2 = Circuit schematic 


coupled to the base of NPN transistor Q3 in series 
with current-limiting resistor R2 and meter sensitivity 
pot R3. Current flowing through Q3 now causes a 
voltage to develop across R3, driving the indicator 
meter M1. Light-emitting diode (LED) D3 is con- 
nected in series with the emitter of Q3 and serves as 
a visual indicator of strong charge fields. It should be 
noted that the meter serves only as a relative indica- 
tor of ion flux and is not totally that linear. 

A threshold voltage, as a result of the base emitter, 
drops off O1 and Q2 is only noticeable at almost non- 
detectable levels. It should be noted that in order for 
the unit to operate properly, some sort of ground is 
usually required. Metallic tape is used as shown and 
provides contact to the operator’s hand, providing a 
partial ground. If the unit is placed remotely, it should 
be earth grounded to a water pipe, for example. 


Measuring positive ions simply involves holding 
the antenna, using the body of the unit as the probe, 
or reversing the polarity of the transistors. A double 
pole, double throw (DPDT) switch may be optionally 


installed for polarity reversal, allowing reversal at the 
flick of a switch. Be aware that a ceramic or quality 
switch must be used to avoid leakage in high humid- 
ity conditions. 


Construction Steps 


1. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate the 
resistors as they have a color code to determine 
their value. Colors are noted in the parts list at 
the end of the chapter. 


2. Cuta piece of .l-inch grid perforated board to 
2 < 1 inches. Locate and drill the holes as 
shown in Figure 38-3. If you are building from 
a perforated board, it is suggested that you 
insert the components starting in the lower 
left-hand corner as shown, Pay attention to 
the polarity of all the semiconductors. Route 


LE 
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Lead of R1A for connection to bare wire for wraping around the antenna 


® This symbol indicates holes used for leads of 


components. 


This symbol indicates holes used for connection points 


of external leads. 


Dashed line indicates wiring performed on underside 
of board. Use the leads of the components whenever 


possible for these wire runs. 


Board size is 1.9 x 1 inch and is .1 x .1 centers. 


Figure 38-3 Assembly board wiring 


the leads of the components as shown and sol- 
der as you go, cutting away unused wires. 
Attempt to use certain leads as the wire runs 
or use pieces of the #24 bus wire. Follow the 
dashed lines on the assembly drawing as these 
indicate the connection runs on the underside 
of the assembly board. 


Attach the external leads and components as 
shown in Figure 38-4. 


Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 


circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Create the plastic case, as shown in Figure 
38-5. Note the l-inch meter hole centered and 
located approximately 1'/2 inch from the top 
as shown. Holes for the switches are centered 
and located 1 inch below the meter line. Loca- 
tion is not critical, but make sure everything is 
clear and fits together. 


Place a strip of foil tape as shown, noting a 
hole for the connection to the common circuit 


eee 
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Wrap 4 or 5 turns of 
bare wire fightly around 
the antenna to make 
electrical contact and 
then tape in place. 







This lead connects to the virtual ground 
provided by the metallic contact tape 
on the enclosure box. 


Flat side usually is the cathode. 


1 These symbols indicate solder connections of component leads to external wires. 


Use #24 vinyl jacket hook-up wire for external connections. 


Figure 38-4 = Final wiring and assembly 
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point. Secure the assembly board with double- 
sided tape after circuit operation has been 
verified. 


Install battery B1 as shown and turn on the 
control. Rotate R3 fully clockwise and note 
the meter showing a slight indication. This is 
due to transistor and circuit leakage and 
should not be considered an indication of the 
ions. If meter sensitivity responds in the oppo- 
site way, you may have to reverse the wires 
across the outer terminals of R3 or the meter 
leads. 


Extend the antenna about 6 inches and adjust 
R3 fully clockwise. Obtain a plastic comb and 
run it through your hair or rub a plastic object 
with a dry cloth. Place it near the probe and 
note the meter indicating a strong charge and 
the diode lighting. This effect may be reduced 
if the air is damp or moist, 


Make the final assembly, as shown in Figure 
38-6. 
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Hertz Equivalent Color 
























































_lucy Tuned | Wavelength" _ 
440 619.69 
457.75 595.66 
472.27 §77.34 
491.32 554.95 
506.91 537.89 
511.13 533.44 
527.35 517.03 
_548.62_ 496.99 __ 
566.03 _ 481.70 
588.86 | 463.03. Blue 
612.61 | 445.08 Biue-Violet 
632.05 | 431.39 Violet-Biue 
657.54 414.67 
678.41 401.91 
684.06 398.59 Invisible Violet 
705.77 772.66 Invisible Red 
734.23 742.71 
757.53 719.86 
788.08 _ 691.96 
819.87 665.13 
845.89 644.67 





* Equivalent Wavelength = Angstroms / 10 Nanometers 











Use a 3/8" bushing for exit point of antenna 


Exit point for virtual 
ground lead to 
metallic tape on 
enclosure 


Tape’ 


Solder 
lead to 
tape Keep all leads clear of antenna 
and connection to R1. Leakage 
can occur through an insulated 


lead in high humidity 


Use velcro taped back pieces to 
secure battery in place 


Screw for securing the antenna 


Rear view with cover removed, Wiring as not 
shown for clarity. Use figure 35-4 for wiring 
and this figure for component location, Keep 
all lead neat and short 


Figure 38-5 = Final assembly 


eee eee 
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Chapter Thirty-Eight 


Figure 38-6 Completed unit 


Applications 


Your ion detector is a very, very sensitive ion- 
measuring device. It can be used for relative meas- 
urement but is not designed for absolute 
measurement. 


For quick indications of the presence of a negative 
ion field, the unit may be handheld and actually used 
to determine where the source is. The sensitivity of 
this device can be realized by the simple experiment 
of running a plastic comb through one’s hair and lay- 
ing it near the probe, as described above. 
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CASE 


Connection wire 
to circuit common 


SOLDER 


Those who are familiar with the metallic leaf elec- 
troscope will soon realize the advantage of portabil- 
ity and sensitivity. When used for indicating or testing 
the relative strength of ion sources, the unit should be 
hard wire grounded for the best results. Adjustments 
to an ion source to determine the ion output may be 
made, noting the meter reading and then readjusting 
R3 to bring the meter reading to scale. 


A very interesting phenomenon will be noted 
when using this device for detecting residual ion 
fields, the shielding of ions, field direction, static 
charges, resultant polarity, and the intensity of static 
charges, as well as a host of others. The unit is an 
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invaluable tool for determining the output of ion gen- 
erators, any purifiers, and the presence of dangerous 
static electricity situations. Many sources of charged 
particles soon become apparent when using the 
device. People’s clothes, fluorescent lighting, plastic 
containers, and certain winds all will indicate a 
charge. 


Please note that the antenna probe on your unit is 
a telescoping antenna properly secured and electri- 
cally isolated. It is important to remember that any 
type of leakage around the input of Ql can reduce 
the sensitivity. You may want to coat the circuitry 
with a good-quality varnish. Make sure the unit is dry 
and clean before sealing. The unit is shown wired for 
positive ion detection. You may change it to negative 
by replacing the PN2222 transistors with PN2907 and 
vice versa. For a quick indication, you may grab the 
antenna and use the body of the unit to detect the 
negative ions. 


Table 38-1 lon Detector Parts List 
Ref. # UOescription DB Part # 
R1 10 meg, '4-watt resistor 
(br-blk-blue) 
R2 LOK, 1-watt resistor 
(br-blk-or) 
R3S1 10K pot and 12 VDC switch 
Cl 100-picofard disk capacitor 
(see Figure 38-2) 
D1,2 Two IN914 signal diodes 
D3 Colored LED 
O3 ‘Two PN2222 NPN transistor 
(see note on reversing) 
Q1,2 Two PN2907 PNP transistors 
M1 100-micro-amp, small 
panel meter DB# METERSOS 
PBI 1 x 2-inch piece of .1-inch grid 
perforated circuit board 
ANT ‘Telescoping antenna DB# ANTI 
CLI 9-volt battery clip 


WR24 — 24 inches of #24 vinyl hookup 
wire 


CASE 4% 20 x 1Y%-inch 
plastic box with lid 


TAPE 4 '4-inch metal tape 


WR24B 12 inches of #24 bus wire 
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This project is intended for those who have built or 
purchased a light saber from Information Unlimited 
or who have built one from our first book as directed 
in Chapter 21 in this series of three. 

The saber stand recycles your saber where the 
plasma display travels up the tube, appearing to evap- 
orate into open space (see Figure 39-1). It then 
retracts into the hilt and continues repeating until 
power is removed. The effect is very relaxing and 
provides an excellent display piece or prop for a bar, 
a point-of-purchase display, an attention getter, a 
conversation picce, or just a nightlight for a bedroom. 

Operation is powered from a 12-volt wall adapter 
and is completely safe for children. This is an inter- 
mediate-level project requiring basic electronic skills. 
Expect to spend $20 to $30. All the parts are readily 
available, with specialized parts obtainable through 
Information Unlimited (www.amazing1.com), and 
are listed in the parts list at the end of the chapter. 


Circuit Description 


Figure 39-2 shows a 12-volt wall adapter (T1) being 
fed into a voltage regulator chip (12) where a regu- 
lated 9 volts is applied to the remaining circuitry. 
Capacitors Cl and C2 smooth out the voltage wave- 
form. An astable pulse generator using a timer (11) 


amet 


sLight Saber Rec Cling Stand 





provides an uneven “on to off” time determined by 
the ratio of resistors R2 and R3. The output pulse rep- 


etition rate is a function of timing capacitor C3 with 


Figure 39-1 


The saber recycling stand 





12 VDC inat 






amps 


J 
0c2.1 














v 


To battery clip of saber 





Figure 39-2) Circuit schematic 


output at pin 3 of (1. The pulse output serves as a gate 
for MOSFET switch Q1, creating a charging and dis- 
charging of low-leakage capacitor CS. A quasi-linear 
voltage ramp now appears across C5, controlling the 
current through a high beta Darlington transistor 
(Q2) in turn controlling the main-current pass transis- 
tor Q3. It is this ramping up and down of current that 
now powers the saber electronics, allowing the plasma 
to flow up and down, all automatically. The cycling 
action is set by the circuit to travel up a half-second 
and down 3 seconds. This timing can be changed to 
some extent by the selection of R2 and R3. 


Assembly 


1. Lay out and identify all the parts and pieces. 
Verify them with the parts list, and separate 
the resistors as they have a color code to 
determine their value. Colors are noted on 
the parts list. 


2. Cuta piece of .l-inch grid perforated board 
to a size of 3.1 X 1.8 inches, as shown in Fig- 
ure 39-3. Locate and drill the holes as shown 
to relieve any strain on the input and output 
leads. 


3. When you are building from a perforated 
board, it is suggested that you insert the com- 
ponents starting in the lower left-hand corner, 
which is used as a reference, and proceed to 
the opposite corner. 
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Pay attention to the polarity of the capacitors 
with polarity signs and all the semiconductors. 


Route the leads of the components as shown 
and solder as you go, cutting away unused 
wires. Attempt to use certain leads as the wire 
runs or use pieces of the #24 bus wire. Follow 
the dashed lines on the assembly drawing as 
these indicate the connection runs on the 
underside of the assembly board. 


4. Attach the external leads for battery clip CL1 
and the leads to input power jack J1. /mpor- 
tant! The battery clip CL1 must be wired in 
reverse by connecting the red lead to the cir- 
cuit ground and the black lead to the emitter 
of Q3. 


5. Double-check the accuracy of the wiring and 
the quality of the solder joints. Avoid wire 
bridges, shorts, and close proximity to other 
circuit components. If a wire bridge is neces- 
sary, sleeve some insulation onto the lead to 
avoid any potential shorts. 


Parts Fabrication 


1. Create the chassis shown in Figure 39-4. This 
is attached to the BASE section using four #6 
sheet metal screws. 


2. Create the base section from a piece of plastic 
or aluminum, as shown in Figure 39-5. Note 
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Notes 








The looped dashed lind connecting pins 2 and 6 of |1 must have a sleeve of insulated tubing to 


prevent shorting the lead between pins 4 and 8. 


Dashed lines are connections on underside of perforated circuit board using the component leads, These points can also be used to 


determine foil runs for those who wish to fabricate a printed circuit board. 


Small dots are holes used for component insertion. 


Large dots are solder junctions 


Circles with dots are holes that may require drilling for component mounting and points for external connecting wires indicating strain 
relief points. It is suggested to drill clearance holes for the leads and solder to points beneath board. 


Figure 39-3 Board assembly 


the four holes for mounting the chassis sec- 
tion, two holes for the holder section, and two 
holes for the tie wraps. 


Create the holder from a piece of 2*/s-inch, 
schedule 40 gray PVC tubing. Note the slight 
angle cut for aesthetics being congruent with 
the light saber when in the stand. This piece is 
mounted to the base using two #6 X */s-inch 
sheet metal screws. 


Form the frame as shown in Figure 39-6 from 
*/is-inch cold roll steel rod or an equivalent. 
The frame must be formed to provide a stable 
assembly with the saber in place in the stand. 
The longer 36-inch blade unit is the most eriti- 
cal, requiring the most attention. Attempt to 
follow the dimensions as shown and deter- 
mine the base angle as a final adjustment with 
the saber in place. 


The frame is secured in place by inserting the 
horizontal members through the corner holes 


10. 


in the chassis section. The front section of the 
frame is secured in place by two small tie 
wraps, as shown in Figure 39-5, 


eures 39-7 


iv 


Finish the assembly, as shown in Fi 
and 39-8. 


Operation 


Remove the cap at the rear of the saber hilt and 
remove both batteries. Take out one of the battery 
clips and snap it into the mating clip of the saber 
stand. Position the saber in the stand and verify its 


mechanical stability. Plug in the wall adapter and turn 


on the switch. The plasma should immediately go to 
the end and then drop down into the hilt. Recycling 
should commence and continue until power is 


removed. 
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The chassis may be built from .035 bendable aluminum or plastic. 





O 


3/8" Hole for BU1 () 






Oo 












Drill four small holes 
in bottom for mounting 
to base plate 








1/4" Hole for St 





3/8"Hole fo J1 







Fold up "lips with 


The four corner holes are 7;"and must be drilled as 
holes for cover 3.25 : 


close to the corner as possible. These holes are 
for the bottom horizontal struts of the formed wire 
frame. 


Figure 39-4 Chassis fabrication i 


Light sabers are available from Information 
Y, Unlimited at www.amazing1].com in 24- or 36-inch 
| lengths in colors of phasor green, photon blue, 
os starfire purple, neon red, or solar yellow. 
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a oe 


CHASSIS 






CLt is véred In reverse as it connects to the 
mating clip of the saber, 










ee en nn es ee 


= HOLDER is secured base 
via three sheet metal 
screws SW2 







Route leads of battery clip as shown through 
holes:in BASE. li may be necessary to splice 


Figure 39-5 Base fabrication = 
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Fabreate tom ¥,*coid rol steel or brass 


Cradie diameter should be 2 KID 






Meke 2 loop using a piece of sti wire and wrap several 
tums around tha vertical members of tty harne, THs 

loop will prevent the saber from fipping out of the cradie 
Section of the trane 






Separation distance botwoon horzontal 
mombors is S inches 





ent wets mara #2 nS 







ches 
rporrennnal ember 7 8 


J 


The angle between these members 
dust for best szability 


Figure 39-6 Frame section 





Figure 39-7 Side view of assembly 
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Figure 39-8 = Front view of assembly 
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Table 39-1 Light Saber Stand Parts List Q2 MPSA63 PNP Darlington 


transistor 
Ref. # — Description : DB Part # : Q3 TIP31 T0220 NPN transistor 
RI 1K, 4-watt resistor Ji Snap-in DC panel, 2,5 mm jack 
br-blk-red 

¢ ) Sl Single pole, single throw (SPST) 

R2 220K, 4-watt resistor small toggle switch 
d-red-yel 

cao PBI 3.5 x 2.1 X .1-inch grid perforated 
R3 680K, '4-watt resistor board; trim to size 

(blue-gray-yel) en r 

CLI Battery clip with 12-inch leads or 

R4 4.7K, 'A-watt resistor extend shorter leads 


aa: aaa TIEWRAP Two small tie wraps 
RS 2.2 m, '4-watt resistor 


(red-red-gr) CHASSIS — Create as shown in Figure 39-4 


from .035-inch aluminum 
R6 5.6 m, ‘A-watt resistor 


(gr-blue-gr) BASE Create as shown in Figure 39-5 


from .035-inch plastic 


R7 1-ohm, '4-watt resistor roe 
(br-blk-gold) HOLDER Create from a length of 2%-inch 
schedule 40 gray PVC 
Cl,2 Two 100-microfarad, 25-volt : 
vertical electrolytic capacitors FRAME Crate:as shown in Figure 39-6 
C3 10-microfarad, 25-volt vertical FEET Six‘ large, rubber stick-on feet 
diucteohyte onpeelten sw2 Six #6 x %-inch sheet metal 
C4,6 Two .01-microfarad, 50-volt disc aii 
CApsctas BUI Two %-inch plastic bushings 
cS 3.3-microfarad, 35-volt tantalum LIGHT 36- or 24-inch saber in blue, green, 


capacitor SABER red, or purple 


D1,2 Two IN914 silicon diodes 

Il 555 dual inline package (DIP) 
timer integrated circuit 

12 7809 T0220 9-volt regulator 

Ql IRF620 metal-oxide-semi- 
conductor field effect transistor 
(MOSFET) 
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This project shows how to build a unique type of out- 
side lamp suitable for illuminating driveways, pools, 
gardens, walkways, docks, or any place where colorful 
or functioning illumination is desired. The lamps are 
patented by the author and are currently in prepro- 
duction. 

The lamp’s features are high efficiency as five 
individual lamps can be powered by a single, 
conventional, 12-volt wall adapter as the lamps 
require only 3 watts each. The lamps provide a high 
amount of useful illumination and must not be com- 
pared to the low-light, solar-powered accent lamps. 

Another feature of the lamp is that it never needs 
replacing and should last a lifetime. Other lamps such 
as incandescent ones are always burning out fila- 
ments, whereas conventional fluorescents darken and 
fail to start due to metallic sputtering. 


The third feature is that the lamps are available in 


pure spectral colors of green, blue, purple, yellow, red, 


and cool and warm white. These are vivid colors and 


le 


Figure 40-1 


The Andromeda plasma lamp 
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not the result of filters or paint. Their color is the 
result of the true spectral emission. 

This is an intermediate-level project requiring 
basic electronic skills. Expect to spend $25 to $35. All 
the parts are readily available, with specialized parts 
obtainable through Information Unlimited at 
www.amazing|.com, which are listed in the parts list 
at the end of the chapter. 


Circuit Description 


Transistor Q1 forms a self-oscillating circuit where 
current rises in the collector, COL, winding trans- 
former T1 and inducing a voltage in the feedback 
(FB). This also causes a winding that keeps Q1 on 
until Tl saturates and the feedback voltage can no 
longer be induced. The collector current rapidly falls 
and forces the base to go negative further, turning Q1 
off. When the collector current falls to zero, Q1 is 
turned on by bias-set resistors R1 and R2, which 
must charge up timing capacitor C2. The setting of 
trimpot R1 determines the power output by control- 
ling the number of cycles per second, and capacitor 
Cl bypasses any residual signal voltage to ground 
(see Figure 40-2). 


35V 


40us 





6 
COL 


SetR1for.3amps 8e 
at 12 volts de 
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PTUBE1 
= 
= 
1 





Figure 40-2 Circuit schematic 


Assembly Board Wiring 


the perforated board. Again, do not cause any 
stress to the glass. Make sure that when tight- 
ening the wraps they do not stress the tube. 

When soldering, you must not allow the glass 


1. Cuta piece of .1 x .1 grid vector circuit board or metal seal to get too hot. Leave at least a 
to 1 X 4.5 inches, as shown in Figure 40-3. half-inch lead between the tube and the con- 
2. Whenever you are using a perforated board, it nection. Use flux and make the solder joints 
is suggested that you insert components start- quickly. 
ing in the lower left-hand corner. Pay atten- Connect the input power leads to a 12-volt 
tion to the polarity of the capacitors with DC source and note the lamp lighting. 
polarity signs and all the semiconductors. Quickly adjust trim pot R1 to 300 milliamps 
Route the leads of the components as shown of current. The lamp should be very bright 
and solder as you go, cutting away unused and the heatsink tab on Q1 should only be 
Wires, Attempt to use certain leads as the wire warm. Allow it to run for several hours and 
runs or use pieces of the #24 bus wire. Follow check adapter transformer T2 for excessive 
the dashed lines on the assembly drawing as heating. 
these indicate the connection runs on the 
underside of the assembly board. Create the EN1 enclosure tube and the STK1 
mounting stake, as shown in Figure 40-4. Note 
3. Double-check the accuracy of the wiring and the two mating holes for attaching the stake 
the quality of the solder joints. Avoid wire and the */is-inch hole for the rubber tubular 
bridges, shorts, and close proximity to other bushing for routing the input power leads. 
circuit components. If a wire bridge is neces- . 
sary, sleeve some insulation onto the lead to Obtain'a top canopy (CAN OF Y7). The ae 
avoid any potential shorts. shown was selected to mate with the plastic 
baffle (BAFFLES) as shown in Figure 40-5, 
4. Attach leads from the plasma tube PT1, being These parts are intended for aesthetics only 


_ _0O000—0803 eee 
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careful not to stress the glass enclosure. Note 
the small tie wraps (TY1) securing the tube to 


and may be any combination that appears 
pleasing to the builder. A good source is a 
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PB1 TIEWRAP 
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Enlarged view showing components and wiring and 
connection to the plasma tube 


HS!NK Bracket fabricated as per stép 
aluminium piece. Note hole for attaching tab of Q1 





Complete assembly ready to test 


Temporarily connect power leads to a 12 volt 3 to 6 amp de 
wail adapter or lab power supply with a current meter 


dwey eusetTg ePPpeworzpuy 


Figure Y0-3 Assembly board 


lesqapicad 


Enclosure - use 1,5"x Xp" clear lexan 
(polycarbonate) tubing 








About 1 














X-RAY View of stake attached to enclosure 


ENCLOSURE 
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1.50 


BAFFLES 


Figure 40-5 Canopy and baffle design 


CO rr Owl eee 


312 MORE Electronic Gadgets for the Evil Genius 











Canopy assembly from 
figure 40-5 sleeves over the 
plastic tubing to secure 


BAFFLE from figure 40-5 


Use a o-ring to prevent baffle slipping 
down on enclosure tube if it is to loose 






From figure40-3 


Enclosure tube should be 
painted black by dipping up 
to where lighted tube begins 


ENCLOSURE from figure 40-4 


im 


T2 12 Vde 
adapter 





Lead from 12 Vdc adapter (T2) 


FINAL ASSEMBLY 


X-RAY VIEW 


Figure 40-6 ~~ Final assembly 
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lamp or lighting supplier or you may purchase 
it from Information Unlimited, as noted in the 
parts list. Our drawings show what we are 
using in our design, but this may be altered to 
fit the builder’s choice or his or her available 
sources. 


The final assembly is shown in Figure 40-6. 
Note that the entire assembly from Figure 
40-3 should easily slide into the enclosure 
tube and abut onto the folded-over corners of 
the stake. Thread the leads from wall adapter 
transformer T2 through bushing BUS1 and 
pull them out through the top end of the 
enclosure tube. Wire nut the power leads from 
the main assembly with the leads from T2. 
Observe the polarity or circuit damage will 
result. Gently slide them into the enclosure, 
taking up the wire slack by gently pulling the 
leads through BUS1. 


9. Insert a plastic cap (CAP1) into the bottom 
section of the enclosure tube, Seal it around 
the stake using silicon rubber. This step pre- 
vents bugs and moisture from getting into 
the assembly. 


Lamps, when built as shown, are fully weather- 
proof and can be left on indefinitely under snow, in 
the rain, or in any weather, short of a twister. Five 
lamps can all be operated from a single 12-volt, 1.5- 
amp wall adapter listed at the end of the chapter. 
Interconnecting wiring can be #18 zip cord due to 
the low-current consumption. 
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Aef. # 


Tl 
T2 


PTUBE-C 


Ql 


PBOARD 


HS1 


WR20 


WR24BUSS 


CANOPY6.5 


BAFFLE 


BALL 


a 
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Andromedia Plasma Lamp Parts List 


Description DB Part # 


SK vertical trimmer 


470-ohm, 4-watt resistor 
(yel-pur-br) 


10-microtarad, 50-volt 
vertical electrolytic capacitor 


-033-microfarad, 50-volt 
plastic capacitor (332) 
Inverting transformer DB# ANQP2824 


12 VDC, 300-milliamp wall 


adapter transformer DB# 12 DC/.3 


Coo! white/blue/green/purple/ 
red/yellow plasma tube DB# PTUBE- 
COLOR 


PN3055 NPN power TO-220 
transistor 


1 * 4.5 X .1-inch grid 
perforated board 


1.5 X 1 ¥ Yo-inch aluminum 
heatsink per Figure 40-3 


12 inches of #20 vinyl hookup 
wire 


12 inches of #24 buss wire 


6.5-inch, round metal canopy, 


as shown in Figure 40-5 DB# CANOPY65 
5 x 25-inch, round, clear 
plastic baffle DB# BAFFLES 


%-inch brass ball with a 
hole tapped for a 4-20 bolt DB# BALL78 


STAKE1 Metal stake created as shown 
in Figure 40-4 

ENCLOSURE Piastic tube created as shown 
in Figure 40-4 

swi 6-32 ‘A Phillips screw 

NUT 6-32 keep nut 

SW3 Two #6 x 4-inch sheet 
metal screws 

SW1420X1 Ya-20 X 1-inch hex bolt for 
attaching the ball (see Figure 40-5) 

TIEWRAP __‘Two tic wraps used per 
Figure 40-3 

CAPI Plastic cap used per 
Figure 40-6 

CAPLS 1.5-inch plastic cap shown in 
Figure 40-6 

WNI1,2 Two small wire nuts 

BUSI %o OD X %o ID X 1-inch 
length of rubber tubing 
(sce Figure 40-6) 

ORING1.25 — 1'4-inch O-ring for holding 
the baffle in place per 
Figure 40-6 

5 LAMP 12 VDC, 1.5-amp adapter 

ADAPTER for five lamps 


DB# 12/145 
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SUBSONIC FREQUENCY RANGE 


1Hz to 20Hz 


Frequencies below audibility 
can be felt more than heard 


VERY LOW 


BASS FREQ. 
RANGE 
20Hz to 


40Hz 


Sound of 


distant thunder 
and low 


frequency 
foom sounds 


BASS FREQUENCY 
RANGE 
40Hz to 160Hz 


Low frequency foundation 
of all Musical Structure 


LOWER MID 
FREQUENCY 
RANGE 
160Hz to 
300Hz 


Fundamental 
frequencies 


LOWER MID FREQUENCY RANGE 
300Hz to 2.5kHz 


Ear is most sensitive to 
frequencies in this range 


UPPER MID 
FREQUENCY 
RANGE 
2.5kHz to 
5kHz 
Frequency range 
where clarity and 
definition are 
perceived 


HIGH 
FREQUENCY 
RANGE 
5kHz to 
10kHz 


Unvoiced 
consonants 
attributed to 

tooth tongue and 
lip sounds reach 
up to 10,000 Hz 


VERY HIGH FREQUENCY 


RANGE 
20kHz to 100kHz 


‘we 


juency overtones 
batik affect our 


perception of the timbre 
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How to Have Fun with This Book 


Everyone uses electronic devices, but most of us don't really know what goes 
on inside them. 


Of course, you may feel that you don’t need to know. If you can drive a car 
without understanding the workings of an internal combustion engine, pre- 
sumably you can use an iPod without knowing anything about integrated cir- 
cuits. However, understanding some basics about electricity and electronics 
can be worthwhile for three reasons: 


+ By learning how technology works, you become better able to control 
your world instead of being controlled by it. When you run into problems, 
you can solve them instead of feeling frustrated by them. 


+ Learning about electronics can be fun—so long as you approach the pro- 
cess in the right way. The tools are relatively cheap, you can do all the work 
ona tabletop, and it doesn’t consume a lot of time (unless you want it to). 


+ Knowledge of electronics can enhance your value as an employee or per- 
haps even lead to a whole new career. 


Learning by Discovery 


Most introductory guides begin with definitions and facts, and gradually get 
to the point where you can follow instructions to build a simple circuit. 


This book works the other way around. | want you to start putting components 
together right away. After you see what happens, you'll figure out what's go- 
ing on. | believe this process of learning by discovery creates a more powerful 
and lasting experience. 


How Hard Will It Be? 


Stay Within the Limits! 


Although | believe that everything 
suggested in this book is safe, I’m as- 
suming that you will stay within the 
limits that I suggest. Please always 
follow the instructions and pay 
attention to the warnings, denoted 
by the icon you see here. If you go 
beyond the limits, you will expose 
yourself to unnecessary risks. 





Learning by discovery occurs in serious research, when scientists notice an un- 
usual phenomenon that cannot be explained by current theory, and they start 
to investigate it in an effort to explain it. This may ultimately lead to a better 
understanding of the world. 


We're going to be doing the same thing, although obviously on a much less 
ambitious level. 


Along the way, you will make some mistakes. This is good. Mistakes are the 
best of all learning processes. | want you to burn things out and mess things 
up, because this is how you learn the limits of components and materials. 
Since we'll be using low voltages, there'll be no chance of electrocution, and 
so long as you limit the flow of current in the ways I'll describe, there will be no 
risk of burning your fingers or starting fires. 


< 





Figure P-1. Learning by discovery allows you to start building simple circuits right away, 
using a handful of cheap components, a few batteries, and some alligator clips. 


How Hard Will It Be? 


| assume that you're beginning with no prior knowledge of electronics. So, 
the first few experiments will be ultra-simple, and you won't even use solder 
or prototyping boards to build a circuit. You'll be holding wires together with 
alligator clips. 


Very quickly, though, you'll be experimenting with transistors, and by the end 
of Chapter 2, you will have a working circuit that has useful applications. 


| don't believe that hobby electronics has to be difficult to understand. Of 
course, if you want to study electronics more formally and do your own circuit 
design, this can be challenging. But in this book, the tools and supplies will be 
inexpensive, the objectives will be clearly defined, and the only math you'll 
need will be addition, subtraction, multiplication, division, and the ability to 
move decimal points from one position to another. 
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Moving Through This Book 


Basically there are two ways to present information in a book of this kind: in 
tutorials and in reference sections. I’m going to use both of these methods. 
You'll find the tutorials in sections headed as follows: 


Shopping Lists 
+ Using Tools 
Experiments 
You'll find reference sections under the following headings: 
Fundamentals 
+ Theory 
Background 


How you use the sections is up to you. You can skip many of the reference 
sections and come back to them later. But if you skip many of the tutorials, 
this book won't be of much use to you. Learning by discovery means that you 
absolutely, positively have to do some hands-on work, and this in turn means 
that you have to buy some basic components and play with them. You will 
gain very little by merely imagining that you are doing this. 


It’s easy and inexpensive to buy what you need. In almost any urban or sub- 
urban area in the United States, chances are you live near a store that sells 
electronic components and some basic tools to work with them. | am referring, 
of course, to RadioShack franchises. Some Shacks have more components than 
others, but almost all of them have the basics that you'll need. 


You can also visit auto supply stores such as AutoZone and Pep Boys for basics 
such as hookup wire, fuses, and switches, while stores such as Ace Hardware, 
Home Depot, and Lowe's will sell you tools. 


If you prefer to buy via mail order, you can easily find everything you need by 
searching online. In each section of the book, I'll include the URLs of the most 
popular supply sources, and you'll find a complete list of URLs in the appendix. 


Fundamentals 


Mail-ordering components and tools 
Here are the primary mail-order sources that | use myself online: 


http://www.radioshack.com 
RadioShack, a.k.a. The Shack. For tools and components. Not always the 
cheapest, but the site is easy and convenient, and some of the tools are 
exactly what you need. 


http://www.mouser.com 
Mouser Electronics. 


http://www.digikey.com 
Digi-Key Corporation. 
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Fundamentals 


http://www.newark.com 
Newark. 


Mouser, Digi-Key, and Newark are all good sources for components, usually 
requiring no minimum quantities. 


http://www.allelectronics.com 
All Electronics Corporation. A narrower range of components, but specifi- 
cally aimed at the hobbyist, with kits available. 


http://www.ebay.com 
You can find surplus parts and bargains here, but you may have to try 
several eBay Stores to get what you want. Those based in Hong Kong are 
often very cheap, and I've found that they are reliable. 


http://www.mcmaster.com 
McMaster-Carr. Especially useful for high-quality tools. 


Lowe's and Home Depot also allow you to shop online. 








Figure P-2. You'll find no shortage of parts, tools, kits, and gadgets online. 
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Companion Kits 


Maker Shed (www.makershed.com) offers a 
number of Make: Electronics companion kits, 
both toolkits and bundles of the various 
components used in the book's experi- 
ments. This is a simple, convenient, and cost-effective way of getting all the 
tools and materials you need to do the projects in this book. 





Comments and Questions 


Please address comments and questions concerning this book to the publisher: 
O'Reilly Media, Inc. 
1005 Gravenstein Highway North 
Sebastopol, CA 95472 
800-998-9938 (in the United States or Canada) 
707-829-0515 (international or local) 
707-829-0104 (fax) 


We have a web page for this book, where we list errata, examples, larger ver- 
sions of the book’s figures, and any additional information. You can access this 
page at: 
http://oreilly.com/catalog/97805 96 153748 
To comment or ask technical questions about this book, send email to: 
bookquestions@oreilly.com 


For more information about our books, conferences, Resource Centers, and 
the O'Reilly Network, see our website at: 


http://oreilly.com 


Safari® Books Online 


ee» Safari Books Online is an on-demand digital library that 
Sa fa ri. lets you easily search over 7,500 technology and creative 
Books Online reference books and videos to find the answers you 

need quickly. 


With a subscription, you can read any page and watch any video from our 
library online. Read books on your cell phone and mobile devices. Access new 
titles before they are available for print, and get exclusive access to manu- 
scripts in development and post feedback for the authors. Copy and paste 
code samples, organize your favorites, download chapters, bookmark key sec- 
tions, create notes, print out pages, and benefit from tons of other time-saving 
features. 


O'Reilly Media has uploaded this book to the Safari Books Online service. To 
have full digital access to this book and others on similar topics from O'Reilly 
and other publishers, sign up for free at http://my.safaribooksonline.com. 
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| want you to get a taste for electricity—literally!—in the first experiment. This 
first chapter of the book will show you: 


- How to understand and measure electricity and resistance 


+ Howto handle and connect components without overloading, damaging, 
or destroying them 


Even if you have some prior knowledge of electronics, you should try these 
experiments before you venture on to the rest of the book. 


Shopping List: Experiments 1 Through 5 


If you want to limit your number of shopping trips or online purchases, look 
ahead in the book for additional shopping lists, and combine them to make 
one bulk purchase. 


In this first chapter, | will give you part numbers and sources for every tool and 
component that we'll be using. Subsequently, | won't expect you to need such 
specific information, because you will have gained experience searching for 
items on your own. 


Tools 


Small pliers 
RadioShack Kronus 4.5-inch, part number 64-2953 or Xcelite 4-inch mini 
long-nose pliers, model L4G. 


Or similar. See Figures 1-1 through 1-3. Look for these tools in hardware 
stores and the sources listed in the preface. The brand is unimportant. 
After you use them for a while, you'll develop your own preferences. In 
particular, you have to decide whether you like spring-loaded handles. If 
you decide you don't, you'll need a second pair of pliers to pull the springs 
out of the first. 


IN THiS CHAPTER 





Shopping List: Experiments 1 Through 5 


Experiment 1: Taste the Power! 


Experiment 2: Let's Abuse a Battery! 


Experiment 3: Your First Circuit 


Experiment 4: Varying the Voltage 


Experiment 5: Let's Make a Battery 


Maker Shed (www.makershed.com) 
has put together a series of Make: 
Electronics companion kits. These in- 
clude all of the tools and components 
used in book’s experiments. This is a 
quick, simple, and cost-effective way 
of getting everything you need to 
complete the projects in this book. 


Shopping List: Experiments 1 Through 5 


Wire cutters 
RadioShack Kronus 4.5-inch, part number 64-2951, or Stanley 7-inch 
model 84-108. 


Or similar. Use them for cutting copper wire, not harder metals (Figure 1-4). 





Figure 1-1. Generic long-nosed Figure 1-2. Longer-nosed pliers: — Figure 1-3. Sharp-pointed pliers Figure 1-4. Wire cutters, some- 
pliers are your most fundamen- _ these are useful for reaching into are designed for making jewelry, times known as side cutters, are 


tal tool for gripping, bending, tiny spaces. but are also useful for grabbing _ essential. 
and picking things up after you tiny components. 
drop them. 
Multimeter 
Extech model EX410 or BK Precision model 2704-B or Amprobe model 
5XP-A. 


Or similar. Because electricity is invisible, we need a tool to visualize the 
pressure and flow, and a meter is the only way. A cheap meter will be suf- 
ficient for your initial experiments. If you buy online, try to check customer 
reviews, because reliability may be a problem for cheap meters. You can 
shop around for retailers offering the best price. Don't forget to search on 
eBay. 


The meter must be digital—don't get the old-fashioned analog kind with 
a needle that moves across a set of printed scales. This book assumes that 
you are looking at a digital display. 


| suggest that you do not buy an autoranging meter. “Autoranging” sounds 
useful—for example, when you want to check a 9-volt battery, the meter 
figures out for itself that you are not trying to measure hundreds of volts, 
nor fractions of a volt. The trouble is that this can trick you into making 
errors. What if the battery is almost dead? Then you may be measuring 
a fraction of a volt without realizing it. The only indication will be an eas- 
ily overlooked “m’ for “millivolts” beside the large numerals of the meter 
display. 
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On a manual-ranging meter, you select the range, and if the source that 
you are measuring is outside of that range, the meter tells you that you 
made an error. | prefer this. | also get impatient with the time it takes for 
the autoranging feature to figure out the appropriate range each time | 
make a measurement. But it's a matter of personal preference. See Figures 
1-5 through 1-7 for some examples of multimeters. 


We 
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Figure 1-S. You can see by the wear and Figure 1-8. Mid-priced RadioShack meter, 
tear that this is my own favorite meter. which has the basic features; however, 

It has all the necessary basic features the dual purpose for each dial position, 
and can also measure capacitance (the selected with the SELECT button, may be 
F section, for Farads). It can also check confusing. This is an autoranging meter. 
transistors. You have to choose the ranges 

manually. 

Supplies 

Batteries 


9-volt battery. Quantity: 1. 
AA batteries, 1.5 volts each. Quantity: 6. 


The batteries should be disposable alkaline, the cheapest available, be- 
cause we may destroy some of them. You should absolutely not use re- 
chargeable batteries in Experiments 1 and 2. 


Battery holders and connectors 
Snap connector for 9-volt battery, with wires attached (Figure 1-8). 
Quantity: 1. RadioShack part number 270-325 or similar. Any snap con- 
nector that has wires attached will do. 


Battery holder for single AA cell, with wires attached (Figure 1-9). Quan- 
tity: 1. RadioShack part number 270-401 or Mouser.com catalog number 
12BH410-GR, or similar; any single-battery holder that has thin wires at- 
tached will do. 





Experiencing Electricity 


Shopping List: Experiments 1 Through 5 





Figure 1-7. An autoranging meter from 
Extech offers basic functions, plus a tem- 
perature probe, which may be useful to 
check whether components such as power 
supplies are running unduly hot. 





Figure 1-8. Snap connector for a 9-volt 
battery. 





Figure 1-8. Single AA-sized battery carrier 
with wires. 


Shopping List: Experiments 1 Through 5 


Battery holder for four AA cells, with wires attached (Figure 1-10). Quan- 
tity: 1. All Electronics catalog number BH-342 or RadioShack part 270-391 
or similar. 


Alligator clips 
Vinyl-insulated. Quantity: at least 6. All Electronics catalog number ALG-28 
or RadioShack part number 270-1545 or similar (Figure 1-11). 


Components 


Finan (18! Batiary cater forfour AA You may not know what some of these items are, or what they do. Just look 
cells, to be installed in series, delivering6 for the part numbers and descriptions, and match them with the photographs 
volts. shown here. Very quickly, in the learning by discovery process, all will be revealed. 





Fuses 
Automotive-style, mini-blade type, 3 amps. Quantity: 3. RadioShack part 
number 270-1089, or Bussmann part ATM-3, available from automotive 
parts suppliers such as AutoZone (Figure 1-12). 


Or similar. A blade-type fuse is easier to grip with alligator clips than a 
round cartridge fuse. 





Figure 1-11. Alligator clips inside vinyl Potentiometers . ; _ ; 
sheaths, which reduce the chance of ac- Panel-mount, single-turn, 2K linear, 0.1 watt minimum. Quantity: 2. Alpha 
cidental short circuits. part RV170F-10-15R1-B23 or BI Technologies part P160KNPD-2QC25B2K, 


from Mouser.com or other component suppliers (Figure 1-13). 


Or similar. The “watt” rating tells you how much power this component 
can handle. You don’t need more than 0.5 watts. 


Resistors 
Assortment 1/4-watt minimum, various values but must include 470 ohms, 
1K, and 2K or 2.2K. Quantity: at least 100. RadioShack part number 271-312. 


Or search eBay for “resistor assorted.” 





Figure 1-12. A 3-amp fuse intended primar- Light-emi tti ng diodes (LED s) : : 
ily for automotive use, shown here larger Any size or color (Figures 1-14 and 1-15). Quantity: 10. RadioShack part num- 
than actual size. ber 276-1622 or All Spectrum Electronics part K/LED1 from Mouser.com. 


Or similar. Just about any LEDs will do for these first experiments. 





Figure 1-13. Potentiometers come in many Figure 1-14. Typical 5-mm diameter light- Figure 1-15. Jumbo-sized LED (1cm 
shapes and sizes, with different lengths of emitting diode (LED). diameter) is not necessarily brighter or 
shafts intended for different types of knobs. more expensive. For most of the experi- 
For our purposes, any style will do, but the ments in this book, buy whatever LEDs 
larger-sized ones are easier to play with. you like the look of. 
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Experiment 1: Taste the Power! 
Can you taste electricity? Maybe not, but it feels as if you can. 
You will need: 

+ 9-volt battery 

* Snap connector for battery terminals 


« Multimeter 


Procedure 


Moisten your tongue and touch the tip of it to the metal terminals of a 9-volt 
battery. The sudden sharp tingle that you feel is caused by electricity flowing 
from one terminal of the battery (Figure 1-16), through the moisture on and 
in your tongue, to the other terminal. Because the skin of your tongue is very 
thin (it’s actually a mucus membrane) and the nerves are close to the surface, 
you can feel the electricity very easily. 


Now stick out your tongue, dry the tip of it very thoroughly with a tissue, and 
repeat the experiment without allowing your tongue to become moist again. 
You should feel less of a tingle. 


What's happening here? We're going to need a meter to find out. 


Tools 


Setting up your meter 


Check the instructions that came with the meter to find out whether you have 
to install a battery in it, or whether a battery is preinstalled. 


Most meters have removable wires, known as leads (pronounced “leeds”). 
Most meters also have three sockets on the front, the leftmost one usually be- 
ing reserved to measure high electrical currents (flows of electricity). We can 
ignore that one for now. 


The leads will probably be black and red. The black wire plugs into a socket 
labeled “COM” or “Common. Plug the red one into the socket labeled “V” or 
“volts.” See Figures 1-17 through 1-20. 


The other ends of the leads terminate in metal spikes known as probes, which 
you will be touching to components when you want to make electrical mea- 
surements. The probes detect electricity; they don’t emit it in significant quan- 
tities. Therefore, they cannot hurt you unless you poke yourself with their 
sharp ends. 


If your meter doesn't do autoranging, each position on the dial will have a 
number beside it. This number means “no higher than.’ For instance if you 
want to check a 6-volt battery, and one position on the voltage section of the 
dial is numbered 2 and the next position is numbered 20, position 2 means 
“no higher than 2 volts.” You have to go to the next position, which means “no 
higher than 20 volts.” 





Experiencing Electricity 


Experiment 1: Taste the Power! 





No More Than 9 Volts 


A 9-volt battery won't hurt you. But 
do not try this experiment with a 
higher-voltage battery or a larger 
battery that can deliver more cur- 
rent. Also, if you have metal braces 
on your teeth, be very careful not to 
touch them with the battery. 
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Figure 1-18. Step 1 in the process of learn- 
ing by discovery: the 9-volt tongue test. 





Figure 1-17. The black lead plugs into 

the Common (COM) socket, and the 
red lead plugs into the red socket that’s 
almost always on the righthand side of a 
multimeter. 


Experiment 1: Taste the Power! 


If you make a mistake and try to measure something inappropriate, the meter 
will show you an error message such as “E” or “L.’ Turn the dial and try again. 


Figure 1-18 Figure 1-18 Figure 1-20. To measure resistance and 
voltage, plug the black lead into the Com- 
mon socket and the red lead into the Volts 
socket. Almost all meters have a separate 
socket where you must plug the red lead 
when you measure large currents in amps, 
but we'll be dealing with this later. 





FUNDAMENTALS 
Ohms 


We measure distance in miles or kilometers, weight in pounds A material that has very high resistance to electricity is 
or kilograms, temperature in Fahrenheit or Centigrade—and known as an insulator. Most plastics, including the colored 
electrical resistance in ohms. The ohm is an international unit. | sheaths around wires, are insulators. 


The Greek omega symbol (Q) is used to indicate ohms, as A material with very low resistance is a conductor. Metals 
shown in Figures 1-21 and 1-22. Letter K (or alternatively, such as copper, aluminum, silver, and gold are excellent 
KQ) means a kilohm, which is 1,000 ohms. Letter M (or MQ) conductors. 

means a megohm, which is 1,000,000 ohms. 


Figure 1-21. The omega 

10,000,000 ohms | 10 megohms 10MQ or 10M symbol is used inter- Figure 1-22. You'll find it printed 
nationally to indicate or written in a wide variety of 
resistance on ohms. styles. 
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Procedure 


We're going to use the meter to discover the electrical resistance of your 
tongue. First, set your meter to measure resistance. If it has autoranging, look 
to see whether it is displaying a K, meaning kilohms, or M, meaning megohms. 
If you have to set the range manually, begin with no less than 100,000 ohms 
(100K). See Figures 1-23 through 1-25. 


Touch the probes to your tongue, about an inch apart. Note the reading, 
which should be around 50K. Now put aside the probes, stick out your tongue, 
and use a tissue to dry it very carefully and thoroughly. Without allowing your 
tongue to become moist again, repeat the test, and the reading should be 
higher. Finally, press the probes against the skin of your hand or arm: you may 
get no reading at all, until you moisten your skin. 


I 
1 When your skin is moist (for instance, if you perspire), its electrical resistance de- 

' creases. This principle is used in lie detectors, because someone who knowingly tells 
a lie, under conditions of stress, tends to perspire. 


A9-volt battery contains chemicals that liberate electrons (particles of electric- 
ity), which want to flow from one terminal to the other as a result of a chemical 
reaction inside it. Think of the cells inside a battery as being like two water 
tanks—one of them full, the other empty. If they are connected with a pipe, 
water flows between them until their levels are equal. Figure 1-26 may help 
you visualize this. Similarly, when you open up an electrical pathway between 
the two sides of a battery, electrons flow between them, even if the pathway 
consists only of the moisture on your tongue. 


Electrons flow more easily through some substances (such as a moist tongue) 
than others (such as a dry tongue). 





Figure 1-28. Think of the cells in a battery as being like two cylinders: one full of water, the 
other empty. Open a connection between the cylinders, and the water will flow until the 
levels are equal on both sides. The less resistance in the connection, the faster the flow 
will be. 
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Figure 1-23 





Figure 1-24 





Figure 1-25. To measure ohms, turn the 
dial to the ohm (omega) symbol. On an 
autoranging meter, you can then press 
the Range button repeatedly to display 
different ranges of resistance, or simply 
touch the probes to a resistance and wait 
for the meter to choose a range auto- 
matically. A manual meter requires you to 
select the range with the dial (you should 
set it to 100K or higher, to measure skin 
resistance). If you don't get a meaningful 
reading, try a different range. 


Experiment 1: Taste the Power! 





Figure 1-28. Modifying the tongue test to 
show that a shorter distance, with lower 
resistance, allows greater flow of electric- 
ity, and a bigger zap. 





Figure 1-28. Moisten your skin before trying 


to measure its resistance. You should find 
that the resistance goes up as you move 
the meter probes farther apart. The resis- 
tance is proportional to the distance. 


The man who discovered resistance 


Georg Simon Ohm, pictured in Figure 
1-27, was born in Bavaria in 1787 and 
worked in obscurity for much of his 
life, studying the nature of electricity 
using metal wire that he had to make 
for himself (you couldn't truck on 
down to Home Depot for a spool of 
hookup wire back in the early 1800s). 


Despite his limited resources and in- 
adequate mathematical abilities, Ohm 
was able to demonstrate in 1827 that 
the electrical resistance of a conduc- 
tor such as copper varied in propor- 
tion with its area of cross-section, 

and the current flowing through it is 
proportional to the voltage applied to 
it, as long as temperature is held con- 
stant. Fourteen years later, the Royal 
Society in London finally recognized 
the significance of his contribution 
and awarded him the Copley Medal. 
Today, his discovery is known as 
Ohm's Law. 


Figure 1-27. Georg Simon Ohm, after 
being honored for his pioneering work, 
most of which he pursued in relative 
obscurity. 





Further Investigation 


Attach the snap-on terminal cap (shown earlier in Figure 1-8) to the 9-volt bat- 
tery. Take the two wires that are attached to the cap and hold them so that the 
bare ends are just a few millimeters apart. Touch them to your tongue. Now 
separate the ends of the wires by a couple of inches, and touch them to your 
tongue again. (See Figure 1-28.) Notice any difference? 


Use your meter to measure the electrical resistance of your tongue, this time 
varying the distance between the two probes. When electricity travels through 
a shorter distance, it encounters less total resistance. As a result, the current 
(the flow of electricity per second) increases. You can try a similar experiment 
on your arm, as shown in Figure 1-29. 


Use your meter to test the electrical resistance of water. Dissolve some salt in 
the water, and test it again. Now try measuring the resistance of distilled water 
(in aclean glass). 


The world around you is full of materials that conduct electricity with varying 
amounts of resistance. 
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Cleanup and Recycling 


Your battery should not have been damaged or significantly discharged by 
this experiment. You'll be able to use it again. 


Remember to switch off your meter before putting it away. 


Experiment 2: Let’s Abuse a Battery! 


To get a better feeling for electrical power, you're going to do what most books 
tell you not to do. You're going to short out a battery. A short circuit is a direct 
connection between the two sides of a power source. 





Short Circuits 


Short circuits can be dangerous. Do not short out a power outlet in your home: 
there'll be a loud bang, a bright flash, and the wire or tool that you use will be par- 
tially melted, while flying particles of melted metal can burn you or blind you. 


even explode, drenching you in acid (Figure 1-30). 


Lithium batteries are also dangerous. Never short-circuit a lithium battery: it can 
catch fire and burn you (Figure 1-31). 


Use only an alkaline battery in this experiment, and only a single AA cell (Figure 
1-32). You should also wear safety glasses in case you happen to have a defective 


I 
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I 
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I 
| /fyou short out a car battery, the flow of current is so huge that the battery might 
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, battery. 


You will need: 
+ 1.5-volt AA battery 
« Single-battery carrier 
+ 3-amp fuse 


- Safety glasses (regular eyeglasses or sunglasses will do) 


Procedure 
Use an alkaline battery. Do not use any kind of rechargeable battery. 


Put the battery into a battery holder that’s designed for a single battery and 
has two thin insulated wires emerging from it, as shown in Figure 1-32. Do not 
use any other kind of battery holder. 


Use an alligator clip to connect the bare ends of the wires, as shown in Figure 
1-32. There will be no spark, because you are using only 1.5 volts. Wait one 
minute, and you'll find that the wires are getting hot. Wait another minute, and 
the battery, too, will be hot. 
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Figure 1-30. Anyone who has dropped an 
adjustable wrench across the bare termi- 
nals of a car battery will tell you that short 
circuits can be dramatic at a “mere” 12 
volts, if the battery is big enough. 





Figure 1-31. The low internal resistance of 
lithium batteries (which are often used in 
laptop computers) allows high currents to 
flow, with unexpected results. Never fool 
around with lithium batteries! 





Figure 1-32. Shorting out an alkaline bat- 
tery can be safe if you follow the directions 
precisely. Even so, the battery is liable to 
become too hot to touch comfortably. 
Don't try this with any type of recharge- 
able battery. 


Experiment 2: Let's Abuse a Battery! 






Water level 


~— 


Voltage 
(pressure) Amperage 


(flow) 


Resistance 


Figure 1-33. Think of voltage as pressure, 
and amperes as flow. 
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Figure 1-34. Larger resistance results in 
smaller flow—but if you increase the pres- 
sure, it may overcome the resistance and 
increase the flow. 
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The heat is caused by electricity flowing through the wires and through the 
electrolyte (the conductive fluid) inside the battery. If you’ve ever used a hand 
pump to force air into a bicycle tire, you know that the pump gets warm. Elec- 
tricity behaves in much the same way. You can imagine the electricity being 
composed of particles (electrons) that make the wire hot as they push through 
it. This isn’t a perfect analogy, but it’s close enough for our purposes. 


Chemical reactions inside the battery create electrical pressure. The correct 
name for this pressure is voltage, which is measured in volts and is named after 
Alessandro Volta, an electrical pioneer. 


Going back to the water analogy: the height of the water in a tank is propor- 
tionate to the pressure of the water, and comparable to voltage. Figure 1-33 
may help you to visualize this. 


But volts are only half of the story. When electrons flow through a wire, the 
flow is known as amperage, named after yet another electrical pioneer, André- 
Marie Ampére. The flow is also generally known as current. It’s the current— 
the amperage—that generates the heat. 


Why didn’t your tongue get hot? 


When you touched the 9-volt battery to your tongue, you felt a tingle, but no 
perceptible heat. When you shorted out a battery, you generated a noticeable 
amount of heat, even though you used a lower voltage. How can we explain 
this? 


The electrical resistance of your tongue is very high, which reduces the flow of 
electrons. The resistance of a wire is very low, so if there's only a wire connect- 
ing the two terminals of the battery, more current will pass through it, creating 
more heat. If all other factors remain constant: 

+ Lower resistance allows more current to flow (Figure 1-34). 

+ The heat generated by electricity is proportional to the amount of electric- 

ity (the current) that flows. 

Here are some other basic concepts: 


The flow of electricity per second is measured in amperes, or amps. 
The pressure of electricity causes the flow, measured in volts. 

The resistance to the flow is measured in ohms. 

A higher resistance restricts the current. 

A higher voltage overcomes resistance and increases the current. 





If you're wondering exactly how much current flows between the terminals 
of a battery when you short it out, that’s a difficult question to answer. If you 
try to use your multimeter to measure it, you're liable to blow the fuse inside 
the meter. Still, you can use your very own 3-amp fuse, which we can sacrifice 
because it didn’t cost very much. 
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First inspect the fuse very carefully, using a magnifying glass if you have one. 
You should see a tiny S-shape in the transparent window at the center of the 
fuse. That S is a thin section of metal that melts easily. 


Remove the battery that you short-circuited. It is no longer useful for anything, 
and should be recycled if possible. Put a fresh battery into the battery carrier, 
connect the fuse as shown in Figure 1-35, and take another look. You should 
see a break in the center of the S shape, where the metal melted almost in- 
stantly. Figure 1-36 shows the fuse before you connected it, and Figure 1-37 
depicts a blown fuse. This is how a fuse works: it melts to protect the rest of 





the circuit. That tiny break inside the fuse stops any more current from flowing. — Figure 1-38. When you attach both wires to 
the fuse, the little S-shaped element inside 





FUNDAMENTALS 


Volt basics 


Electrical pressure is measured in volts. The volt is an international unit. A millivolt 
is 1/1,000 of a volt. 


Number of volts Usually expressed as | Abbreviated as 
0.001 volts 1 millivolt 

0.01 volts 10 millivolts 

0.1 volts 100 millivolts 


will melt almost instantly. 


1 volt 1,000 millivolts Figure 1-38. A 3-amp fuse, before its 
element was melted by a single 1.5-volt 


battery. 
Ampere basics 


We measure electrical flow in amperes, or amps. The ampere is an international 
unit, often referred to as an “amp.’A milliamp is 1/1,000 of an ampere. 


Number of amperes | Usually expressed as_ | Abbreviated as 
0.001 amps 1 milliamp 

0.01 amps 10 milliamps 

0.1 amps 100 milliamps 

lamp 1,000 milliamps 








Figure 1-37. The same fuse after being 
melted by electric current. 
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Inventor of the battery 


Alessandro Volta (Figure 1-38) was 
born in Italy in 1745, long before 
science was broken up into spe- 
cialties. After studying chemistry 
(he discovered methane in 1776), 
he became a professor of physics 
and became interested in the so- 
called galvanic response, whereby 
a frog’s leg will twitch in response 
to a jolt of static electricity. 


Using a wine glass full of salt 
water, Volta demonstrated that the 
chemical reaction between two 
electrodes, one made of copper, 
the other of zinc, will generate a 
steady electric current. In 1800, he 
refined his apparatus by stacking 
plates of copper and zinc, sepa- 
rated by cardboard soaked in salt 
and water. This “voltaic pile” was 
the first electric battery. 


Figure 1-38. Alessandro Volta discov- 
ered that chemical reactions can 
create electricity. 


FUNDAMENTALS 


Direct and alternating current 


The flow of current that you get from a battery is known as direct current, or DC. 
Like the flow of water from a faucet, it is a steady stream, in one direction. 


The flow of current that you get from the “hot” wire in a power outlet in your 
home is very different. It changes from positive to negative 50 times each 
second (in Great Britain and some other nations, 60 times per second). This is 
known as alternating current, or AC, which is more like the pulsatile flow you get 
from a power washer. 


Alternating current is essential for some purposes, such as cranking up voltage 
so that electricity can be distributed over long distances. AC is also useful in 
motors and domestic appliances. The parts of an American power outlet are 
shown in Figure 1-39. A few other nations, such as Japan, also use American- 
style outlets. 


For most of this book I’m going to be talking about DC, for two reasons: first, 
most simple electronic circuits are powered with DC, and second, the way it 
behaves is much easier to understand. 


| won't bother to mention repeatedly that I’m dealing with DC. Just assume that 
everything is DC unless otherwise noted. 


B 


A 


C 


Figure 1-38. This style of power outlet is found in North America, South America, 
Japan, and some other nations. European outlets look different, but the principle 
remains the same. Socket A is the “live” side of the outlet, supplying voltage that 
alternates between positive and negative, relative to socket B, which is called the 
“neutral” side. If an appliance develops a fault such as an internal loose wire, it 
should protect you by sinking the voltage through socket C, the ground. 








Chapter 1 


> pl @ 1:08/2:05 


Hovering Elytra - (ig-\el=1p)p)| <e)\/iel=re) Replication Series 





Cleanup and Recycling 


The first AA battery that you shorted out is probably damaged beyond repair. 
You should dispose of it. Putting batteries in the trash is not a great idea, be- 
cause they contain heavy metals that should be kept out of the ecosystem. 
Your state or town may include batteries in a local recycling scheme. (Califor- 
nia requires that almost all batteries be recycled.) You'll have to check your 
local regulations for details. 


The blown fuse is of no further use, and can be thrown away. 


The second battery, which was protected by the fuse, should still be OK. The 
battery holder also can be reused later. 


Experiment 3: Your First Circuit 


Now it’s time to make electricity do something that's at least slightly useful. For 
this purpose, you'll use components known as resistors, and a light-emitting di- 
ode, or LED. 


You will need: 
+ 1.5-volt AA batteries. Quantity: 4. 
+ Four-battery holder. Quantity: 1. 


« Resistors: 470Q, 1K, and either 2K or 2.2K (the 2.2K value happens to be 
more common than 2K, but either will do in this experiment). Quantity: 1 
of each resistor. 


- AnLED, any type. Quantity: 1. 
+ Alligator clips. Quantity: 3. 


Setup 


It's time to get acquainted with the most fundamental component we'll be us- 
ing in electronic circuits: the humble resistor. As its name implies, it resists the 
flow of electricity. As you might expect, the value is measured in ohms. 


If you bought a bargain-basement assortment package of resistors, you 
may find nothing that tells you their values. That’s OK; we can find out easily 
enough. In fact, even if they are clearly labeled, | want you to check their values 
yourself. You can do it in two ways: 


+ Use your multimeter. This is excellent practice in learning to interpret the 
numbers that it displays. 


- Learn the color codes that are printed on most resistors. See the following 
section, “Fundamentals: Decoding resistors,’ for instructions. 


After you check them, it’s a good idea to sort them into labeled compartments 
ina little plastic parts box. Personally, | like the boxes sold at the Michaels chain 
of crafts stores, but you can find them from many sources. 
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Father of 
electromagnetism 


Born in 1775 in France, André- 
Marie Ampére (Figure 1-40) was 

a mathematical prodigy who 
became a science teacher, despite 
being largely self-educated in his 
father’s library. His best-known 
work was to derive a theory 

of electromagnetism in 1820, 
describing the way that an electric 
current generates a magnetic field. 
He also built the first instrument 
to measure the flow of electricity 
(now known as a galvanometer), 
and discovered the element 
fluorine. 


found that an electric current run- 
ning through a wire creates a mag- 
netic field around it. He used this 
principle to make the first reliable 
measurements of what came to be 
known as amperage. 
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FUNDAMENTALS 


Decoding resistors 


Some resistors have their value clearly stated on them in microscopic print that 
you can read with a magnifying glass. Most, however, are color-coded with 
stripes. The code works like this: first, ignore the color of the body of the resis- 
tor. Second, look for a silver or gold stripe. If you find it, turn the resistor so that 
the stripe is on the righthand side. Silver means that the value of the resistor 

is accurate within 10%, while gold means that the value is accurate within 5%. 
If you don't find a silver or gold stripe, turn the resistor so that the stripes are 
clustered at the left end. You should now find yourself looking at three colored 
stripes on the left. Some resistors have more stripes, but we'll deal with those in 
a moment. See Figures 1-41 and 1-42. 


Figure 1-41. Some modern resistors have Figure 1-42. From top to bottom, these 
their values printed on them, although resistor values are 56,000 ohms (56K), 
you may need a magnifier to read them. 5,600 ohms (5.6K), and 560 ohms. The 
This 15K resistor is less than half an size tells you how much power the resis- 
inch long. tor can handle; it has nothing to do with 
the resistance. The smaller components 
are rated at 1/4 watt; the larger one in 
the center can handle 1 watt of power. 


Starting from the left, the first and The third stripe has a different mean- 
second stripes are coded according to __ing: It tells you how many zeros to 
this table: add, like this: 


No zeros 








Oo 


000000000 9 zeros 
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Decoding resistors (continued) 


Note that the color-coding is consistent, so that green, for instance, means 
either a value of 5 (for the first two stripes) or 5 zeros (for the third stripe). Also, 
the sequence of colors is the same as their sequence in a rainbow. 


So, a resistor colored brown-red-green would have a value of 1-2 and five zeros, 
making 1,200,000 ohms, or 1.2MQ. A resistor colored orange-orange-orange 
would have a value of 3-3 and three zeros, making 33,000 ohms, or 33KQ. A 
resistor colored brown-black-red would have a value of 1-0 and two additional 
zeros, or 1KQ. Figure 1-43 shows some other examples. 


cr _ Wider gap between bands 


Gold or silver band 


t___ 
— 


Figure 1-43. To read the value of a resistor, first turn it so that the silver or gold stripe 
is on the right, or the other stripes are clustered on the left. From top to bottom: 

The first resistor has a value of 1-2 and five zeros, or 1,200,000, which is 1.2MQ. The 
second is 5-6 and one zero, or 5600. The third is 4-7 and two zeros, or 4,700, which is 
4.7KQ. The last is 6-5-1 and two zeros, or 65,100Q, which is 65.1KQ. 


If you run across a resistor with four stripes instead of three, the first three 
stripes are digits and the fourth stripe is the number of zeros. The third numeric 
stripe allows the resistor to be calibrated to a finer tolerance. 


Confusing? Absolutely. That's why it’s easier to use your meter to check the values. 
Just be aware that the meter reading may be slightly different from the claimed 
value of the resistor. This can happen because your meter isn’t absolutely accu- 
rate, or because the resistor is not absolutely accurate, or both. As long as you're 
within 5% of the claimed value, it doesn’t matter for our purposes. 
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Lighting an LED 


Now take a look at one of your LEDs. An old-fashioned lightbulb wastes a lot 
of power by converting it into heat. LEDs are much smarter: they convert al- 
most all their power into light, and they last almost indefinitely—as long as 
you treat them right! 


An LED is quite fussy about the amount of power it gets, and the way it gets it. 
Always follow these rules: 


+ The /onger wire protruding from the LED must receive a more positive volt- 
age than the shorter wire. 


+ The voltage difference between the long wire and the short wire must not 
exceed the limit stated by the manufacturer. 


+ The current passing through the LED must not exceed the limit stated by 
the manufacturer. 


What happens if you break these rules? Well, we're going to find out! 


Make sure you are using fresh batteries. You can check by setting your multi- 
meter to measure volts DC, and touching the probes to the terminals of each 
battery. You should find that each of them generates a pressure of at least 
1.5 volts. If they read slightly higher than this, it’s normal. A battery starts out 
above its rated voltage, and delivers progressively less as you use it. Batteries 
also lose some voltage while they are sitting on the shelf doing nothing. 


Load your battery holder (taking care that the batteries are the right way 
around, with the negative ends pressing against the springs in the carrier). 
Use your meter to check the voltage on the wires coming out of the battery 
carrier. You should have at least 6 volts. 


Now select a 2KO resistor. Remember, “2KQ” means “2,000 ohms.’ If it has col- 
ored stripes, they should be red-black-red, meaning 2-0 and two more zeros. 
Because 2.2K resistors are more common than 2K resistors, you can substitute 
one of them if necessary. It will be colored red-red-red. 


Wire it into the circuit as shown in Figures 1-44 and 1-45, making the connec- 
tions with alligator clips. You should see the LED glow very dimly. 
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Now swap out your 2K resistor and substitute a 1K resistor, which will have 
brown-black-red stripes, meaning 1-0 and two more zeros. The LED should 
glow more brightly. 


Swap out the 1K resistor and substitute a 4700 resistor, which will have yel- 
low-violet-brown stripes, meaning 4-7 and one more zero. The LED should be 
brighter still. 


This may seem very elementary, but it makes an important point. The resistor 
blocks a percentage of the voltage in the circuit. Think of it as being like a kink 
or constriction in a flexible hose. A higher-value resistor blocks more voltage, 
leaving less for the LED. 


LED 





Longer wire Shorter wire 


On your battery 
pack, this wire 
may be either 
blue or black. 





6v Battery Pack 


Figure 1-45. Here's how it actually looks, using a large LED. If you start with the highest 
value resistor, the LED will glow very dimly as you complete the circuit. The resistor drops 
most of the voltage, leaving the LED with insufficient current to make it shine brightly. 


Cleanup and Recycling 


We'll use the batteries and the LED in the next experiment. The resistors can 
be reused in the future. 
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showing resistors of 470Q, 1KQ, and 2kKQ. 
Apply alligator clips where shown, to make 
a secure contact, and try each of the resis- 
tors one at a time at the same point in the 
circuit, while watching the LED. 
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Figure 1-46 
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Experiment 4: Varying the Voltage 


Potentiometers come in various shapes and sizes, but they all do the same 
thing: they allow you to vary voltage and current by varying resistance. This 
experiment will enable you to learn more about voltage, amperage, and the 
relationship between them. You'll also learn how to read a manufacturer's data 
sheet. 


You will need the same batteries, battery carrier, alligator clips, and LED from 
the last experiment, plus: 


+ Potentiometer, 2KO linear. Quantity: 2. (See Figure 1-46.) Full-sized poten- 
tiometers that look like this are becoming less common, as miniature ver- 
sions are taking their place. I'd like you to use a large one, though, because 
it’s so much easier to work with. 


* One extra LED. 


« Multimeter. 


Look Inside Your Potentiometer 


The first thing | want you to do is find out how a potentiometer works. This 
means you'll have to open it, which is why your shopping list required you to 
buy two of them, in case you can’t put the first one back together again. 


Most potentiometers are held together with little metal tabs. You should be 
able to grab hold of the tabs with your wire cutters or pliers, and bend them 
up and outward. If you do this, the potentiometer should open up as shown in 
Figures 1-47 and 1-48. 





Figure 1-47 Figure 1-48. To open the potentiometer, 
first pry up the four little metal tabs 
around the edge (you can see one sticking 
out at the left and another one sticking out 
at the right in Figure 1-47). Inside is a coil 
of wire around a flat plastic band, and a 
pair of springy contacts (the wiper), which 
conduct electricity to or from any point in 
the coil when you turn the shaft. 


Depending whether you have a really cheap potentiometer or a slightly more 
high-class version, you may find a circular track of conductive plastic or aloop 
of coiled wire. Either way, the principle is the same. The wire or the plastic 
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possesses some resistance (a total of 2K in this instance), and as you turn the 
shaft of the potentiometer, a wiper rubs against the resistance, giving you a 
shortcut to any point from the center terminal. 


You can try to put it back together, but if it doesn’t work, use your backup 
potentiometer instead. 


To test your potentiometer, set your meter to measure resistance (ohms) and 
touch the probes while turning the potentiometer shaft to and fro, as shown 
in Figure 1-49. 


Dimming Your LED 


Begin with the potentiometer turned all the way counterclockwise, otherwise 
you'll burn out the LED before we even get started. (A very, very small num- \ V 
ber of potentiometers increase and decrease resistance in the opposite way QF 
to which I’m describing here, but as long as your potentiometer looks like the ‘I 
one in Figure 1-48 after you open it up, my description should be accurate.) 





Now connect everything as shown in Figures 1-50 and 1-51, taking care that _ Figure 1-48. Measure the resistance be-_ 

you don't allow the metal parts of any of the alligator clips to touch each other, ‘Ween these two terminals of the potenti- 
; : P ometer while you turn its shaft to and fro. 

Now turn up the potentiometer very slowly. You'll notice the LED glowing 

brighter, and brighter, and brighter—until, oops, it goes dark. You see how 

easy it is to destroy modern electronics? Throw away that LED. It will never 

glow again. Substitute a new LED, and we'll be more careful this time. 


LED 







Longer wire Shorter wire 


On your battery 
pack, this wire 
may be either 
blue or black. 


Begin with the potentiometer turned 
all the way counter-clockwise, 
and then rotate the shaft in 

the direction of the arrow. 


6v Battery Pack 





Figure 1-50. The setup for Experiment 4. Rotating the shaft of the 2K potentiometer varies Figure 1-S1. The LED in this photo is dark 
its resistance from O to 2,000Q. This resistance protects the LED from the full 6 volts of because | turned the potentiometer up 
the battery. just a little bit too far. 
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Figure 1-53 





Figure 1-54. Each meter has a different 
way to measure volts DC. The manually 
adjusted meter (top) requires you to move 
a Slider switch to “DC" and then choose 
the highest voltage you want to measure: 
In this case, the selected voltage is 20 
(because 2 would be too low). Using the 
autoranging RadioShack meter, you set it 
to “V" and the meter will figure out which 
range to use. 


20 





While the batteries are connected to the circuit, set your meter to measure volts 
DCas shown in Figures 1-52 through 1-54. Now touch the probes either side of 
the LED. Try to hold the probes in place while you turn the potentiometer up 
a little, and down a little. You should see the voltage pressure around the LED 
changing accordingly. We call this the potential difference between the two 
wires of the LED. 


If you were using a miniature old-fashioned lightbulb instead of an LED, you'd 
see the potential difference varying much more, because a lightbulb behaves 
like a “pure” resistor, whereas an LED self-adjusts to some extent, modifying its 
resistance as the voltage pressure changes. 


Now touch the probes to the two terminals of the potentiometer that we're 
using, so that you can measure the potential difference between them. The 
potentiometer and the LED share the total available voltage, so when the po- 
tential difference (the voltage drop) around the potentiometer goes up, the 
potential difference around the LED goes down, and vice versa. See Figures 
1-55 through 1-57. A few things to keep in mind: 


+ If you add the voltage drops across the devices in the circuit, the total is 
the same as the voltage supplied by the batteries. 


+ You measure voltage relatively, between two points in a circuit. 


+ Apply your meter like a stethoscope, without disturbing or breaking the 
connections in the circuit. 


Use your meter to 
measure the voltage 
between these two 
points. 






Then compare 
the voltage between 
these two points. 


6v Battery Pack 


Figure 1-SS. How to measure voltage in a simple circuit. 
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6v Battery Pack 


Figure 1-58. The meter shows how much voltage the LED takes. Figure 1-S7. The meter shows how much voltage the potentiometer 


takes. 


Checking the Flow 


Now | want you to make a different measurement. | want you to measure the 
flow, or current, in the circuit, using your meter set to mA (milliamps). Remem- 
ber, to measure current: 


+ You can only measure current when it passes through the meter. 
+ You have to insert your meter into the circuit. 
+ Too much current will blow the fuse inside your meter. 


Make sure you set your meter to measure mA, not volts, before you try this. 
Some meters require you to move one of your leads to a different socket on 
the meter, to measure mA. See Figures 1-58 through 1-61. 
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ar ee 
i) 200 2K 





Figure 1-58. Any meter will blow its internal Figure 1-SS 
fuse if you try to make it measure too high 
an amperage. In our circuit, this is not a 
risk as long as you keep the potentiometer 
in the middle of its range. Choose “mA” for 
milliamps and remember that the meter 
displays numbers that mean thousandths 
of an amp. 





Figure 1-1. A manual meter such as the one here may require you to shift the red lead to 
a different socket, to measure milliamps. Most modern meters don't require this until you 
are measuring higher currents. 


Insert your meter into the circuit, as shown in Figure 1-62. Don’t turn the po- 
tentiometer more than halfway up. The resistance in the potentiometer will 
protect your meter, as well as the LED. If the meter gets too much current, 
you'll find yourself replacing its internal fuse. 


As you adjust the potentiometer up and down alittle, you should find that the 
varying resistance in the circuit changes the flow of current—the amperage. 
This is why the LED burned out in the previous experiment: too much current 
made it hot, and the heat melts it inside, just like the fuse in the previous ex- 
periment. A higher resistance limits the flow of current, or amperage. 


Now insert the meter in another part of the circuit, as shown in Figure 1-63. As 
you turn the potentiometer up and down, you should get exactly the same re- 
sults as with the configuration in Figure 1-64. This is because the current is the 
same at all points in a similar circuit. /t has to be, because the flow of electrons 
has no place else to go. 





22 Chapter 1 





Experiment 4: Varying the Voltage 


It's time now to nail this down with some numbers. Here's one last thing to 
try. Set aside the LED and substitute a 1KQ resistor, as shown in Figure 1-64. 
The total resistance in the circuit is now 1KQ plus whatever the resistance the 
potentiometer provides, depending how you set it. (The meter also has some 
resistance, but it’s so low, we can ignore it.) 


6v Battery Pack 6v Battery Pack 





Figure 1-S2. To measure amps, as illustrated here and in Figure Figure 1-83 
1-63, the current has to pass through the meter. When you 

increase the resistance, you restrict the current flow, and the 

lower flow makes the LED glow less brightly. 
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6v Battery Pack 





Figure 1-84. /f you substitute a resistor instead of the LED, you can confirm that the cur- 
rent flowing through the circuit varies with the total resistance in the circuit, if the voltage 
stays the same. 


Turn the potentiometer all the way counterclockwise, and you have a total of 
3K resistance in the circuit. Your meter should show about 2 mA flowing. Now 
turn the potentiometer halfway, and you have about 2K total resistance. You 
should see about 3 mA flowing. Turn the potentiometer all the way clockwise, 
so there’s a total of 1K, and you should see 6 mA flowing. You may notice that 
if we multiply the resistance by the amperage, we get 6 each time—which just 
happens to be the voltage being applied to the circuit. See the following table. 





Total resistance Current Voltage 


(KQ) (mA) (Volts) 


w 
NR 
a 


NR 
w 
a 


= 
an 
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In fact, we could say: 
voltage = kilohms x milliamps 


But wait a minute: 1K is 1,000 ohms, and 1mA is 1/1,000 of an amp. Therefore, 
our formula should really look like this: 


voltage = (ohms x 1,000) x (amps/1,000) 
The two factors of 1,000 cancel out, so we get this: 
volts = ohms x amps 


This is known as Ohm's Law. See the section, “Fundamentals: Ohm's Law,’ on 
the following page. 


FUNDAMENTALS 


Series and parallel 
Before we go any further, you should know how resistance [ | 


in a circuit increases when you put resistors in series or in 
parallel. Figures 1-65 through 1-67 illustrate this. Remember: n Vis — 
- Resistors in series are oriented so that one follows the 1,00u:obmne 
other. 6 volts 1,000 ohms 
- Resistors in parallel are oriented side by side. | S000 ohms 


When you put two equal-valued resistors in series, you circuit resistance 
double the total resistance, because electricity has to pass 3mA current 


THIGUGIIEWG anriers sn: Succ eSalen Figure 1-S8. When two resistors are in series, the electricity has 


to pass through one to reach the other, and therefore each 


When you put two equal-valued resistors in parallel, you scan Total racict : 2000 
a , fe sed of them takes half the voltage. Total resistance is now 2, 
divide the total resistance by two, because you're giving the Ghia. arid according to Ohi Slaw: the circuit draws W/R= 


electricity two paths which it can take, instead of one. 6/2,000 = 0.003 amps = 3mA of current. 


In reality we don’t normally need to put resistors in parallel, 


Lightbulbs in your house, for instance, are all wired that way. ,000 ohms 
So, it's useful to understand that resistance in a circuit goes 
down if you keep adding components in parallel. 


but we often put other types of components in parallel. pole a 


["* om | 
6 volts 


[" ,000 om 
6 volts 1,000 ohms S 7] 


500 ohms 
- 1,000 ohms circuit resistance 
circuit resistance 
12mA current 
6mA current 


F . s : Figure 1-87. When two resistors are in parallel, each is exposed 
Figure 1-85. One resistor takes the entire voltage, and according to the full voltage, so each of them takes 6 volts. The electric- 


to Ohm's Law, it draws V/R = 6/1,000 = 0.006 amps = 6mA of ity, can now flow through both at once, so the total resistance 

current. of the circuit is half as much as before. According to Ohm's 
Law, the circuit draws v/R = 6/500 = 0.012 amps = 12mA of 
current. 
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Ohm’s Law 


For reasons I'll explain in a mo- 
ment, amps are normally abbrevi- 
ated with the letter I. V stands for 
volts and R stands for resistance 

in ohms (because the omega 
symbol, Q, is not easily generated 
from most keyboards). Using these 
symbols, you can write Ohm's Law 
in three different ways: 


V=IxR 

1=V/R 

R=V/I 
Remember, V is a difference in 
voltage between two points ina 
simple circuit, R is the resistance 
in ohms between the same two 
points, and | is the current in 
amps flowing through the circuit 
between the two points. 


Letter | is used because origi- 

nally current was measured by its 
inductance, meaning the ability to 
induce magnetic effects. It would 
be much less confusing to use A 
for amps, but unfortunately it’s too 
late for that to happen. 





Using Ohm’s Law 


Ohm's Law is extremely useful. For example, it helps us to figure out whether a 
component can be used safely in a circuit. Instead of stressing the component 
until we burn it out, we can predict whether it will work. 


For instance, the first time you turned the potentiometer, you didn’t really 
know how far you could go until the LED burned out. Wouldn't it be useful 
to know precisely what resistance to put in series with an LED, to protect it 
adequately while providing as much light as possible? 


How to Read a Data Sheet 


Like most information, the answer to this question is available online. 


Here’s how you find a manufacturer's data sheet (Figure 1-68). First, find the 
component that you’re interested in from a mail-order source. Next, Google 
the part number and manufacturer's name. Usually the data sheet will pop up 
as the first hit. A source such as Mouser.com makes it even easier by giving you 
a direct link to manufacturers’ data sheets for many products. 





TLHG / R/ Y540. 


Vishay Semiconductors 


ey 
VISHAY 





High Efficiency LED in 5 mm Tinted Diffused Package 


Description 

The TLH.54.. series was developed for standard 
applications like general indicating and lighting pur- 
poses. 

It is housed in a 5 mm tinted diffused plastic package. 
The wide viewing angle of these devices provides a 
high on-off contrast. 

Several selection types with different luminous inten- 
sities are offered. All LEDs are categorized in lumi- 
nous intensity groups. The green and yellow LEDs 
are categorized additionally in wavelength groups. 











- @ & 
Pb-free 


Applications 

Status lights 

OFF / ON indicator 
Background illumination 
Readout lights 
Maintenance lights 
Legend light 





That allows users to assemble LEDs with uniform 
appearance. 


Features 

+ Choice of three bright colors 
Standard T-10 package 

Small mechanical tolerances 

Suitable for DC and high peak current 
Wide viewing angle 

Luminous intensity categorized 
Yellow and green color categorized 
TLH.54.. with stand-offs 

Lead-free device 


[=< =< =< = 


Figure 1-88. The beginning of a typical data sheet, which includes all relevant specifica- 
tions for the product, freely available online. 
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How much voltage does a wire consume? 


Normally, we can ignore the resistance in electric wires, such as the little leads 
of wire that stick out of resistors, because it’s trivial. However, if you try to force 
large amounts of current through long lengths of thin wire, the resistance of 
the wire can become important. 


How important? Once again, we can use Ohm's Law to find out. 


Suppose that a very long piece of wire has a resistance of 0.20. And we want to 
run 15 amps through it. How much voltage will the wire steal from the circuit, 
because of its resistance? 
Once again, you begin by writing down what you know: 

R=0.2 

1=15 
We want to know V, the potential difference, for the wire, so we use the version 
of Ohm's Law that places V on the left side: 

V=IxR 
Now plug in the values: 

V=15 x 0.2 =3 volts 


Three volts is not a big deal if you have a high-voltage power supply, but if you 
are using a 12-volt car battery, this length of wire will take one-quarter of the 
available voltage. 


Now you know why the wiring in automobiles is relatively thick—to reduce its 
resistance well below 0.20. See Figure 1-69. 


Figure 1-88. When a 12-volt car battery runs some kind of electrical device through 
a long piece of thin wire, the resistance of the wire steals some of the voltage and 
dissipates it as heat. 
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The origins of wattage 


James Watt (Figure 1-70) is known 
as the inventor of the steam 
engine. Born in 1736 in Scotland, 
he set up a small workshop in the 
University of Glasgow, where he 
struggled to perfect an efficient 
design for using steam to move a 
piston in a cylinder. Financial prob 
lems and the primitive state of 
the art of metal working delayed 
practical applications until 1776. 


Despite difficulties in obtaining 
patents (which could only be 
granted by an act of parliament 
in those times), Watt and his 
business partner eventually made 
a lot of money from his innova- 
tions. Although he predated the 
pioneers in electricity, in 1889 (70 
years after his death), his name 
was assigned to the basic unit of 
electric power that can be defined 
by multiplying amperes by volts. 
See the Fundamentals section, 
“Watt Basics,’ on page 31. 


Figure 1-70. James Watt's develop- 
ment of steam power enabled the 


industrial revolution. After his death, 


he was honored by having his name 
applied to the basic unit of power in 
electricity. 





Here’s an example. Suppose! want a red LED, such as the Vishay part TLHR5400, 
which has become such a common item that | can buy them individually for 9 
cents apiece. | click the link to the data sheet maintained by the manufacturer, 
Vishay Semiconductor. Almost immediately | have a PDF page on my screen. 
This data sheet is for TLHR, TLHG, and TLHY types of LED, which are red, green, 
and yellow respectively, as suggested by the R, G, and Y in the product codes. 
| scroll down and look at the “Optical and Electrical Characteristics” section. 
It tells me that under conditions of drawing a current of 20 mA, the LED will 
enjoy a“Typ,’ meaning, typical, “forward voltage” of 2 volts. The “Max,’ meaning 
maximum, is 3 volts. 


Let's look at one other data sheet, as not all of them are written the same way. 
I'll choose a different LED, the Kingbright part WP7113SGC. Click on the link 
to the manufacturer's site, and | find on the second page of the data sheet a 
typical forward voltage of 2.2, maximum 2.5, and a maximum forward current 
of 25 mA. | also find some additional information: a maximum reverse voltage 
of 5 and maximum reverse current of 10 uA (that’s microamps, which are 1,000 
times smaller than milliamps). This tells us that you should avoid applying ex- 
cessive voltage to the LED the wrong way around. If you exceed the reverse 
voltage, you risk burning out the LED. Always observe polarity! 


Kingbright also warns us how much heat the LED can stand: 260° C (500° F) for 
a few seconds. This is useful information, as we'll be putting aside our alligator 
clips and using hot molten solder to connect electrical parts in the near future. 
Because we have already destroyed a battery, a fuse, and an LED in just four ex- 
periments, maybe you won't be surprised when | tell you that we will destroy 
at least a couple more components as we test their limits with a soldering iron. 


Anyway, now we know what an LED wants, we can figure out how to supply 
it. If you have any difficulties dealing with decimals, check the Fundamentals 
section “Decimals,’ on the next page, before continuing. 


How Big a Resistor Does an LED Need? 


Suppose that we’re use the Vishay LED. Remember its requirements from the 
data sheet? Maximum of 3 volts, and a safe current of 20mA. 


I'm going to limit it to 2.5 volts, to be on the safe side. We have 6 volts of bat- 
tery power. Subtract 2.5 from 6 and we get 3.5. So we need a resistor that will 
take 3.5 volts from the circuit, leaving 2.5 for the LED. 


The current flow is the same at all places in a simple circuit. If we want a maxi- 
mum of 20mA to flow through the LED, the same amount of current will be 
flowing through the resistor. 


Now we can write down what we know about the resistor in the circuit. Note 
that we have to convert all units to volts, amps, and ohms, so that 20mA should 
be written as 0.02 amps: 

V = 3.5 (the potential drop across the resistor) 

| = 0.02 (the current flowing through the resistor) 
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We want to know R, the resistance. So, we use the version of Ohm’s Law that 
puts R on the left side: 


R=V/I 
Now plug in the values: 

R = 3.5/0.02 
Run this through your pocket calculator if you find decimals confusing. The 
answer is: 

R=1750 
It so happens that 1750 isn’t a standard value. You may have to settle for 180 
or 2200, but that’s close enough. 


Evidently the 4700O resistor that you used in Experiment 3 was a very conserva- 
tive choice. | suggested it because | said originally that you could use any LED 
at all. | figured that no matter which one you picked, it should be safe with 
4700 to protect it. 


Cleanup and Recycling 


The dead LED can be thrown away. Everything else is reusable. 


FUNDAMENTALS 


Decimals 


Legendary British politician Sir Winston Churchill is famous for complain- 

ing about “those damned dots.’ He was referring to decimal points. Because 
Churchill was Chancellor of the Exchequer at the time, and thus in charge of all 
government expenditures, his difficulty with decimals was a bit of a problem. 
Still, he muddled through in time-honored British fashion, and so can you. 


You can also use a pocket calculator—or follow two basic rules. 


Doing multiplication: combine the zeros 


Suppose you need to multiply 0.04 by 0.005: 
. Count the total number of zeros following both of the decimal points. In 
this case, three zeros. 
. Multiply the numbers which follow the zeros. In this case, 4 x 5 = 20. 


. Write down the result as 0 followed by a decimal point, followed by the 
number of zeros, followed by the multiplication result. Like this: 0.00020, 
which is the same as 0.0002. 


Doing division: cancel the zeros 


Suppose you need to divide 0.006 by 0.0002: 


1. Shift the decimal points to the right, in both the numbers, by the same 
number of steps, until both the numbers are greater than 1. In this case, 
shift the point four steps in each number, so you get 60 divided by 2. 


. Do the division. The result in this case is 30. 
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THEORY 


Doing the math on your tongue 


I'm going to go back to the question | asked in the previous 
experiment: why didn’t your tongue get hot? 


Now that you know Ohm's Law, you can figure out the 
answer in numbers. Let's suppose the battery delivered 
its rated 9 volts, and your tongue had a resistance of 50K, 
which is 50,000 ohms. Write down what you know: 


V=9 
R= 50,000 


We want to know the current, I, so we use the version of 
Ohm's Law that puts this on the left: 


|=V/R 

Plug in the numbers: 
| = 9/50,000 = 0.00018 amps 

Move the decimal point three places to convert to milliamps: 
1=0.18 mA 


That's a tiny current that will not produce much heat at 9 
volts. 


What about when you shorted out the battery? How much 
current made the wires get hot? Well, suppose the wires had 
a resistance of 0.1 ohms (probably it’s less, but I'll start with 
0.1 as a guess). Write down what we know: 


V=15 
R=0.1 
Once again we're trying to find I, the current, so we use: 
1=V/R 
Plug in the numbers: 
|= 1.5/0.1 = 15 amps 


That's 100,000 times the current that may have passed 
through your tongue, which would have generated much 
more heat, even though the voltage was lower. 


Could that tiny little battery really pump out 15 amps? 
Remember that the battery got hot, as well as the wire. This 
tells us that the electrons may have met some resistance 
inside the battery, as well as in the wire. (Otherwise, where 
else did the heat come from?) Normally we can forget about 
the internal resistance of a battery, because it’s so low. But at 
high currents, it becomes a factor. 


| was reluctant to short-circuit the battery through a meter, 
to try to measure the current. My meter will fry if the current 
is greater than 10A. However | did try putting other fuses 
into the circuit, to see whether they would blow. When | 
tried a 10A fuse, it did not melt. Therefore, for the brand of 
battery | used, I'm fairly sure that the current in the short 
circuit was under 10A, but | know it was over 3A, because 
the 3A fuse blew right away. 


The internal resistance of the 1.5-volt battery prevented 

the current in the short circuit from getting too high. This 

is why | cautioned against using a larger battery (especially 
a car battery). Larger batteries have a much lower internal 
resistance, allowing dangerously high currents which gener- 
ate explosive amounts of heat. A car battery is designed to 
deliver literally hundreds of amps when it turns a starter 
motor. That’s quite enough current to melt wires and cause 
nasty burns. In fact, you can weld metal using a car battery. 


Lithium batteries also have low internal resistance, making 
them very dangerous when they’re shorted out. High cur- 
rent can be just as dangerous as high voltage. 
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FUNDAMENTALS 


Watt basics 


So far | haven't mentioned a unit that everyone is familiar with: watts. 


A watt is a unit of work. Engineers have their own definition of work—they say 
that work is done when a person, an animal, or a machine pushes something to 
overcome mechanical resistance. Examples would be a steam engine pulling a 
train on a level track (overcoming friction and air resistance) or a person walk- 
ing upstairs (overcoming the force of gravity). 


When electrons push their way through a circuit, they are overcoming a kind 
of resistance, and so they are doing work, which can be measured in watts. The 
definition is easy: 


watts = volts x amps 


Or, using the symbols customarily assigned, these three formulas all mean the 
same thing: 


W=Vx\l 
V=WI/I 
|=W/V 


Watts can be preceded with an “m,’ for “milli, just like volts: 


Number of watts Abbreviated as 
0.001 watts 
0.01 watts 


0.1 watts 


Usually expressed as 
1 milliwatt 

10 milliwatts 

100 milliwatts 

1 watt 1,000 milliwatts 


Because power stations, solar installations, and wind farms deal with much 
larger numbers, you may also see references to kilowatts (using letter K) and 
megawatts (with a capital M, not to be confused with the lowercase m used to 
define milliwatts): 


Number of watts Abbreviated as 
1,000 watts 


1,000,000 watts 


Usually expressed as 
1 kilowatt 


1 megawatt 


Lightbulbs are calibrated in watts. So are stereo systems. The watt is named 
after James Watt, inventor of the steam engine. Incidentally, watts can be con- 
verted to horsepower, and vice versa. 
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Power assessments 


| mentioned earlier than resistors 
are commonly rated as being 
capable of dealing with 1/4 watt, 
1/2 watt, 1 watt, and so on. | sug- 
gested that you should buy resis- 
tors of 1/4 watt or higher. How did 
| know this? 


Go back to the LED circuit. Re- 
member we wanted the resistor to 
drop the voltage by 3.5 volts, ata 
current of 20 mA. How many watts 
of power would this impose on 
the resistor? 


Write down what you know: 


V = 3.5 (the voltage drop 
imposed by the resistor) 

|= 20mA = 0.02 amps 

(the current flowing through 
the resistor) 


We want to know W, so we use this 
version of the formula: 


W=Vxl 
Plug in the values: 


W = 3.5 x 0.02 = 0.07 watts 
(the power being dissipated 
by the resistor) 


Because 1/4 watt is 0.25 watts, ob- 
viously a 1/4 watt resistor will have 
about four times the necessary 
capacity. In fact you could have 
used a 1/8 watt resistor, but in 
future experiments we may need 
resistors that can handle 1/4 watt, 
and there's no penalty for using a 
resistor that is rated for more watts 
than will actually pass through it. 
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Figure 1-71. A three-lemon battery. Don't 
be too disappointed if the LED fails to 
light up. The lemons have a high electri- 
cal resistance, so they can't deliver much 
current, especially through the relatively 
small surface area of the nails and the 
pennies. However, the lemon battery does 
generate voltage that you can measure 
with your meter. 


ace 


oe 
> | 













Figure 1-72. Bottled lemon juice seems to 
work just as well as fresh lemon juice. | cut 
the bottoms off three paper cups, inserted 
a galvanized bracket into each, and used 
heavyweight stranded copper wire to 
make the positive electrodes 
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Long ago, before web surfing, file sharing, or cell phones, kids were so horribly 
deprived that they tried to amuse themselves with kitchen-table experiments 
such as making a primitive battery by pushing a nail and a penny into alemon. 
Hard to believe, perhaps, but true! 


This is seriously old-school—but | want you to try it anyway, because anyone 
who wants to get a feel for electricity should see how easy it is to extract it 
from everyday objects around us. Plus, if you use enough lemons, you just 
might generate enough voltage to power an LED. 


The basic components of a battery are two metal electrodes immersed in an 
electrolyte. | won't define these terms here (they're explained in the following 
section “Theory: The nature of electricity”). Right now all you need to know is 
that lemon juice will be your electrolyte, and copper and zinc will be your elec- 
trodes. A penny provides the necessary copper, as long as it is fairly new and 
shiny. Pennies aren't solid copper anymore, but they are still copper-plated, 
which is good enough. 


To find some metallic zinc, you will have to make a trip to a hardware store, 
where you should ask for roofing nails. The nails are zinc-plated to prevent 
them from rusting. Small metal brackets or mending plates also are usually 
zinc-plated. They should have a slightly dull, silvery look. If they have a mirror- 
bright finish, they're more likely to be nickel-plated. 


Cut alemon in half, set your multimeter so that it can measure up to 2 volts DC, 
and hold one probe against a penny while you hold the other probe against 
a roofing nail (or other zinc-plated object). Now force the penny and the nail 
into the exposed juicy interior of the lemon, as close to each other as possible, 
but not actually touching. You should find that your meter detects between 
0.8 volts and 1 volt. 


You can experiment with different items and liquids to see which works best. 
Immersing your nail and penny in lemon juice that you have squeezed into a 
shot glass or egg cup may enhance the efficiency of your battery, although 
you'll have a harder time holding everything in place. Grapefruit juice and vin- 
egar will work as substitutes for lemon juice. 


To drive a typical LED, you need more than 1 volt. How to generate the extra 
electrical pressure? By putting batteries in series, of course. In other words, 
more lemons! (Or more shot glasses or egg cups.) You'll also need lengths of 
wire to connect multiple electrodes, and this may entail skipping ahead to 
Chapter 2, where | describe how to strip insulation from hookup wire. Figures 
1-71 and 1-72 show the configuration. 


If you set things up carefully, making sure than none of the electrodes are 
touching, you may be able to illuminate your LED with two or three lemon- 
juice batteries in series. (Some LEDs are more sensitive to very low currents 
than others. Later in the book I'll be talking about very-low-current LEDs. If you 
want your lemon-juice battery to have the best chance of working, you can 
search online for low-current LEDs and buy a couple.) 
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THEORY 


The nature of electricity 


To understand electricity, you have to start with some basic 
information about atoms. Each atom consists of a nucleus 
at the center, containing protons, which have a positive 
charge. The nucleus is surrounded by electrons, which carry 
a negative charge. 


Breaking up the nucleus of an atom requires a lot of energy, 
and can also liberate a lot of energy—as happens ina 
nuclear explosion. But persuading a couple of electrons to 
leave an atom (or join an atom) takes very little energy. For 
instance, when zinc reacts chemically with an acid, it can 
liberate electrons. This is what happens at the zinc electrode 
of the chemical battery in Experiment 5. 


The reaction soon stops, as electrons accumulate on the 
zinc electrode. They feel a mutual force of repulsion, yet 
they have nowhere to go. You can imagine them like a 
crowd of hostile people, each one wanting the others to 
leave, and refusing to allow new ones to join them, as 
shown in Figure 1-73. 











Figure 1-73. Electrons on an electrode have a bad attitude 
known as mutual repulsion. 


Now consider what happens when a wire connects the zinc 
electrode, which has a surplus of electronics, to another 
electrode, made from a different material, that has a short- 
age of electrons. The electrons can pass through the wire 
very easily by jumping from one atom to the next, so they 
escape from the zinc electrode and run through the wire, 
propelled by their great desire to get away from each other. 
See Figure 1-74. This mutual force of propulsion is what cre- 
ates an electrical current. 


Now that the population of electrons on the zinc electrode 
has been reduced, the zinc-acid reaction can continue, 
replacing the missing electrodes with new ones—which 


promptly imitate their predecessors and try to get away 
from each other by running away down the wire. The 
process continues until the zinc-acid reaction grinds toa 
halt, usually because it creates a layer of a compound such 
as zinc oxide, which won't react with acid and prevents the 
acid from reacting with the zinc underneath. (This is why 
your zinc electrode may have looked sooty when you pulled 
it out of the acidic electrolyte.) 


Figure 1-74. As soon as we open up a pathway from a zinc 
electrode crowded with electrons to a copper electrode, which 
contains “holes” for the electrons, their mutual repulsion 
makes them try to escape from each other to their new home 
as quickly as possible. 


V 


This description applies to a “primary battery,’ meaning one 
that is ready to generate electricity as soon as a connection 
between its terminals allows electrons to transfer from one 
electrode to the other. The amount of current that a primary 
battery can generate is determined by the speed at which 
chemical reactions inside the battery can liberate electrons. 
When the raw metal in the electrodes has all been used 

up in chemical reactions, the battery can’t generate any 
more electricity and is dead. It cannot easily be recharged, 
because the chemical reactions are not easily reversible, and 
the electrodes may have oxidized. 


In a rechargeable battery, also known as a secondary bat- 
tery, a smarter choice of electrodes and electrolyte does 
allow the chemical reactions to be reversed. 
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How much current is being generated in your lemon battery? Set your meter 
to measure milliamps, and connect it between the nail and the penny. | mea- 
sured about 2mA, but got 10mA when | used some #10 stranded copper wire 
instead of a penny and a large mending plate instead of a roofing nail, im- 
mersed in a cup of grapefruit juice. When a larger surface area of metal makes 
better contact with the electrolyte, you get a greater flow of current. (Don’t 
ever connect your meter to measure amps directly between the terminals of 
a real battery. The current will be too high, and can blow the fuse inside your 
meter.) 


What's the internal resistance of your lemon? Put aside the copper and zinc 
electrodes and insert your nickel-plated meter probes into the juice. | got a 
reading of around 30K when both probes were in the same segment of the 
lemon, but 40K or higher if the probes were in different segments. Is the resis- 
tance lower when you test liquid in a cup? 


Here are a couple more questions that you may wish to investigate. For how 
long will your lemon battery generate electricity? And why do you think your 
zinc-plated electrode becomes discolored after it has been used for a while? 


Electricity is generated in a battery by an exchange of ions, or free electrons, be- 
tween metals. If you want to know more about this, check the section “Theory: 
The nature of electricity” on the previous page. 


Cleanup and Recycling 


The hardware that you immersed in lemons or lemon juice may be discolored, 
but it is reusable. Whether you eat the lemons is up to you. 
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Positive and negative 


If electricity is a flow of electrons, which have a negative 
charge, why do people talk as if electricity flows from the 
positive terminal to the negative terminal of a battery? 


The answer lies in a fundamental embarrassment in the 
history of research into electricity. For various reasons, when 
Benjamin Franklin was trying to understand the nature of 
electric current by studying phenomena such as lightning 
during thunderstorms, he believed he observed a flow of 
“electrical fluid” from positive to negative. He proposed this 
concept in 1747. 


In fact, Franklin had made an unfortunate error that 
remained uncorrected until after physicist J. J. Thomson 
announced his discovery of the electron in 1897, 150 years 
later. Electricity actually flows from an area of greater nega- 
tive charge, to some other location that is “less negative’— 
that is, “more positive.’ In other words, electricity is a flow 

of negatively charged particles. In a battery, they originate 
from the negative terminal and flow to the positive terminal. 


You might think that when this fact was established, every- 
one should have discarded Franklin's idea of a flow from 
positive to negative. But when an electron moves through a 
wire, you can still think of an equal positive charge flowing 
in the opposite direction. When the electron leaves home, 

it takes a small negative charge with it; therefore, its home 
becomes a bit more positive. When the electron arrives at 
its destination, its negative charge makes the destination a 
bit less positive. This is pretty much what would happen if 
an imaginary positive particle traveled in the opposite direc- 
tion. Moreover, all of the mathematics describing electrical 
behavior are still valid if you apply them to the imaginary 
flow of positive charges. 


As a matter of tradition and convenience we still retain Ben 
Franklin’s erroneous concept of flow from positive to nega- 
tive, because it really makes no difference. In the symbols 
that represent components such as diodes and transistors, 
you will actually find arrows reminding you which way 
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these components should be placed—and the arrows all 
point from positive to negative, even though that’s not the 
way things really work at all! Ben Franklin would have been 
surprised to learn that although most lightning strikes occur 
when a negative charge in clouds discharges to neutralize 
a positive charge on the ground, some forms of lightning 
are actually a flow of electrons from the negatively charged 
surface of the earth, up to a positive charge in the clouds. 
That's right: someone who is “struck by lightning” may be 
hurt by emitting electrons rather than by receiving them, as 
shown in Figure 1-75. 


Figure 1-75. In some weather conditions, the flow of electrons 
during a lightning strike can be from the ground, through your 
feet, out of the top of your head, and up to the clouds. Benjamin 
Franklin would have been surprised. 
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THEORY 


Basic measurements 


Electrical potential is measured by adding up the charges 
on individual electrons. The basic unit is the coulomb, equal 
to the total charge on about 6,250,000,000,000,000,000 
electrons. 


If you know how many electrons pass through a piece of 
wire each second, this establishes the flow of electricity, 
which can be expressed in amperes. In fact 1 ampere can be 
defined as 1 coulomb per second. Thus: 


1 ampere = 1 coulomb/second 
= about 6.25 quintillion electrons/second 


There's no way to “see” the number of electrons running 
through a conductor (Figure 1-76), but there are indirect 
ways of getting at this information. For instance, when an 
electron goes running through a wire, it creates a wave of 
electromagnetic force around it. This force can be measured, 
and we can calculate the amperage from that. The electric 
meter installed at your home by the utility company func- 
tions on this principle. 


Figure 1-78. If you could look inside an electric wire with a suf- 
ficiently powerful magnifying device, and the wire happened 
to be carrying 1 ampere of electron flow at the time, you might 
hope to see about 6.25 quintillion electrons speeding past 
each second. 


If electrons are just moving freely, they aren't doing any 
work. If you had a loop of wire of zero resistance, and you 
kick-started a flow of electrons somehow, they could just 
go buzzing around forever. (This is what happens inside a 
superconductor—almost.) 


Under everyday conditions, even a copper wire has some re- 
sistance. The force that we need to push electrons through 
it is known as “voltage,’ and creates a flow that can create 
heat, as you saw when you shorted out a battery. (If the wire 
that you used had zero resistance, the electricity running 
through it would not have created any heat.) We can use the 
heat directly, as in an electric stove, or we can use the elec- 
trical energy in other ways—to run a motor, for instance. 
Either way, we are taking energy out of the electrons, to do 
some work. 


One volt can be defined as the amount of pressure that you 
need to create a flow of 1 ampere, which does 1 watt of 
work. As previously defined, 1 watt = 1 volt x 1 ampere, but 
the definition actually originated the other way around: 


1 volt = 1 watt/1 ampere 


It's more meaningful this way, because a watt can be de- 
fined in nonelectrical terms. Just in case you're interested, 
we can work backward through the units of the metric 
system like this: 


1 watt = 1 joule/second 

] joule = a force of 1 newton acting through 1 meter 

1 newton = the force required to accelerate 1 kilogram 
by 1 meter per second, each second 


On this basis, the electrical units can all be anchored with 
observations of mass, time, and the charge on electrons. 
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Practically Speaking 


For practical purposes, an intuitive understanding of electricity can be more 
useful than the theory. Personally | like the water analogies that have been 
used for decades in guides to electricity. Figure 1-77 shows a tall tank half full 
of water, with a hole punched in it near the bottom. Think of the tank as being 
like a battery. The height of the water is comparable to voltage. The volume of 
flow through the hole, per second, is comparable to amperage. The smallness 
of the hole is comparable to resistance. See Figure 1-79 on the next page. 


Where's the wattage in this picture? Suppose we place a little water wheel 
where it is hit by the flow from the hole. We can attach some machinery to 
the water wheel. Now the flow is doing some work. (Remember, wattage is a 
measurement of work.) 


Maybe this looks as if we're getting something for nothing, extracting work 
from the water wheel without putting any energy back into the system. But 
remember, the water level in the tank is falling. As soon as linclude some help- 
ers hauling the waste water back up to the top of the tank (in Figure 1-78), you 
see that we have to put work in to get work out. 


Similarly, a battery may seem to be giving power out without taking anything 
in, but the chemical reactions inside it are changing pure metals into metallic 
compounds, and the power we get out of a battery is enabled by this change 
of state. If it’s a rechargeable battery, we have to push power back into it to 
reverse the chemical reactions. 


Going back to the tank of water, suppose we can’t get enough power out of it 
to turn the wheel. One answer could be to add more water. The height of the 
water will create more force. This would be the same as putting two batteries 
end to end, positive to negative, in series, to double the voltage. See Figure 
1-80. As long as the resistance in the circuit remains the same, greater voltage 
will create more amperage, because amperage = voltage/resistance. 


What if we want to run two wheels instead of one? We can punch a second 
hole in the tank, and the force (voltage) will be the same at each of them. How- 
ever, the water level in the tank will drop twice as fast. Really, we'd do better to 
build a second tank, and here again the analogy with a battery is good. If you 
wire two batteries side by side, in parallel, you get the same voltage, but for 
twice as long. The two batteries may also be able to deliver more current than 
if you just used one. See Figure 1-81. 


Summing up: 
: Two batteries in series deliver twice the voltage. 
* Two batteries in parallel can deliver twice the current. 


All right, that’s more than enough theory for now. In the next chapter, we'll 
continue with some experiments that will build on the foundations of knowl- 
edge about electricity, to take us gradually toward gadgets that can be fun 
and useful. 
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Figure 1-77. If you want to get work out of 
a system... 





Figure 1-78. ... somehow or other you have 
to put work back into it. 
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Higher 
water level 












Greater force 

creates more flow, 
because amperage = 
voltage / resistance, 
and the voltage has 
gone up, while 

the resistance 

has remained 

the same. 


Higher voltage 





Same 
resistance 


Figure 1-78. Greater force generates more flow, as long as the resistance remains the 


same. 
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Figure 1-86. When you place two equal batteries in Figure 1-81. Two equal batteries that are wired in parallel 
series, you double the voltage. will deliver the same voltage for twice as long as one. 
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The concept of switching is fundamental in electronics, and I'm not just talking 
about power switches. By “switching,’ | mean using one flow of electricity to 
switch, or control, another. This is such an important principle that no digital 
device can exist without it. 


Today, switching is mostly done with semiconductors. Before | deal with them, 
I'll back up and illustrate the concept by introducing you to relays, which are 
easier to understand, because you can see what's going on inside them. And 
before | get to relays, I'll deal with everyday on/off switches, which may seem 
very simple—but we have to nail down the basics. 


Also in this chapter, I'll deal with capacitance, because capacitance and resis- 
tance are fundamental to electronic circuits. By the end of the chapter, you 
should have a basic grounding in electronics and be able to build the noise- 
making section of a simple intrusion alarm. This will be your first circuit that 
does something genuinely useful! 


Shopping List: Experiments 6 Through 11 


As in the previous shopping list, you should visit the various online suppliers 
for availability and pricing of components and devices. Manufacturers seldom 
sell small numbers of parts directly. Check the appendix for a complete list of 
URLs for all the companies mentioned here. 


Devices 


+ Power supply/universal AC adapter, 3 to 12 volts at 1A (1,000 mA). See Fig- 
ure 2-1. Part number 273-029 from RadioShack, part PH-62092 by Philips, 
or similar. 


- Breadboard suitable for integrated circuits. Quantity: 1. See Figures 2-2 
and 2-3. Part 276-002 from RadioShack, model 383-X1000 made by PSP, 
part 923252-I by 3M, or similar. A breadboard that has screw terminals 
mounted beside it will be a little easier to use but more expensive than 
one that does not have terminals. 


IN THIS CHAPTER 


Shopping List: Experiments 6 Through 11 





Experiment 6: Very Simple Switching 
Experiment 7: Relay-Driven LEDs 
Experiment 8: A Relay Oscillator 


Experiment 9: Time and Capacitors 





Experiment 10: Transistor Switching 





Experiment 11: A Modular Project 





Figure 2-1. This AC adapter delivers DC 
from 3 to 12 volts, and is ideal for electron- 
ics projects. 
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Figure 2-2. This “breadboard” for quickly Figure 2-3. A breadboard without screw 
constructing electronic circuits has ametal terminals is almost as convenient, and is 
base, and screw terminals for attaching cheaper. 


wires from a power supply. 


Tools 


Wire strippers 
Ideal model 45-121 wire strippers for 16- to 26-gauge wire, or similar. See 
Figure 2-4. (The “gauge” of the wire tells you how thick it is. A higher gauge 
means a thinner wire. In this book, we will mainly be using thin wire of 
20- to 24-gauge.) 


You may also consider the Kronus Automatic Wire Strippers, part 64- 
2981 from RadioShack, or GB Automatic Wire Strippers, part SE-92 from 
Amazon.com. See Figure 2-5. 


The Kronus and GB wire strippers are functionally identical. The advan- 
tage of their design is that it enables you to strip insulation from a wire 
with one hand. But they do not work well on really thin wire. 





Figure 2-4. To use these wire strippers, Figure 2-5. These automatic wire strippers 
insert a piece of insulated wire in the enable one-handed operation, but are not 
appropriate-sized hole between the jaws, suitable for very small wire diameters. See 
grip the handles, and pull a section of page 44. 


insulation away. See page 45. 
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Supplies 


Hookup wire 
Solid-conductor, 22-gauge, minimum 25 feet of each color. See Figure 2-6. 
Part 278-1222 from RadioShack, catalog item 9948T17 from McMaster- 
Carr, or check eBay for deals. 


It's easy to buy the wrong kind of wire. You need solid-core wire, which has 
a single conductor inside the plastic insulation, not stranded, which has 
multiple, thinner conductors. See Figures 2-7 and 2-8. You're going to be 
pushing wires into little holes in a “breadboard,’ and stranded wire won't 
let you do this. You will also have problems if you buy wire thicker than 
22-gauge. Remember: the lower the gauge number, the thicker the wire. 


For a little extra money, you can buy an assortment of precut sections of 
wire, with ends stripped and ready for use. Try catalog item JW-140 (jump- 
er wire assortment) from All Electronics or search eBay for “breadboard 
wire.’ See Figure 2-9. 


Patch cords 
Patch cords are not strictly necessary but very convenient. You don’t want 
audio or video patch cords, which have a plug on each end; you want 
wires with alligator clips on each end, also sometimes referred to as “test 
leads.’ Try catalog item 461-1176-ND from Digi-Key or catalog item MTL- 
10 from All Electronics. See Figure 2-10. 


Figure 2-7. Solid-conductor wire of 22 or 24 Figure 2-8. Stranded is more flexible, but 
gauge is suitable for most of the experi- cannot be used easily with breadboards. 
ments in this chapter. 








Figure 2-8. Precut wires with stripped ends Figure 2-10. Patch cords, sometimes known 

can save a lot of time and trouble—if you as test leads, consist of wires preattached 

don't mind paying a little extra. to alligator clips. This is another of those 
little luxuries that reduces the hassle factor 
in hobby electronics. 
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Figure 2-8. Using hookup wire with differ- 
ent colors of plastic insulation will help you 
to distinguish one wire from another in 
your circuits. 
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Components 


Pushbutton 
Momentary-on, SPST, sometimes referred to as OFF-(ON) or (ON)-OFF 
type. Must be PCB- or PC-mount, meaning is extremely small with thin 
spiky contacts on the bottom. Quantity: 1. See Figure 2-11. 


Examples are part number AB11AP by NKK, part MPA103B04 by Alco- 
switch, or part EP11SD1CBE by C&K. If you have a choice, buy the cheap- 
est, as we're going to switch very low current. 





Figure 2-11. The terminals protruding from 
this tiny pushbutton are spaced 0.2 inches 
apart, making it ideal for the “breadboard” 


that you'll be using. Switches 


Toggle switch, single-pole, double-throw (SPDT), sometimes referred to 
as ON-ON type. Quantity: 2. See Figure 2-12. 


Model S302T-RO by NKK is ideal; it has screw terminals that will eliminate 
the need for alligator clips. Other options are catalog item MTS-4PC from 
All Electronics or part 275-603 from RadioShack. 


We won't be switching large currents or high voltages, so the exact type of 
switch is unimportant. However, the terminals on larger-size switches are 
spaced wider apart, which makes them easier to deal with. 





Figure 2-12. This relatively large toggle Relays 

switch made by NKK has screw terminals, DPDT, nonlatching, 12v DC. Quantity: 2. 

which will reduce the inconvenience of 

attaching it to hookup wire. It's important to get the right kind of relay—one whose configuration 


matches the pictures I'll be using. Look for parts FTR-F1CA012V or FTR- 
F1CD012V by Fujitsu, G2RL-24-DC12 by Omron, or OMI-SH-212D by Tyco. 
Avoid substitutions. 


Potentiometer 
1 megohm linear potentiometer, Part number 271-211 from RadioShack, 
part number 24N-1M-15R-R from Jameco, or similar. 


Transistors 

NPN transistor, general-purpose, such as 2N2222 by STMicroelectronics, 
he ssi eae Sam Va part PN2222 by Fairchild, or part 2N2222 from RadioShack. Quantity: 4. 
little lumps of plastic. For our purposes, See Figure 2-13. 
the packaging makes no difference. 





2N6027 programmable unijunction transistor manufactured by On Semi- 
conductor or Motorola. Quantity: 4. 


Capacitors 
Electrolytic capacitors, assorted. Must be rated for a minimum of 25 volts 
and include at least one capacitor of 1,000 uF (microfarads). If you search 
on eBay, make sure you find electrolytic capacitors. If they’re rated for 
higher voltages, that’s OK, although they will be physically larger than you 
need. See Figure 2-14. 





Figure 2-14. An assortment of electrolytic 
capacitors. 
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Ceramic capacitors, assorted. Make sure you get at least one rated at 
0.0047 pF (which can also be written as 47 nF). See Figure 2-15. 


Resistors 
If you bought only a minimal selection for experiments 1 through 5, now's 
the time to buy a larger assortment, so that you won't be stuck needing 
the one value that you don't have. 1/4-watt minimum. 

Loudspeaker 


Any 8Q, 1-inch miniature loudspeaker such as part 273-092 from RadioShack. 
See Figure 2-16. 


Experiment 6: Very Simple Switching 
You will need: 

+ AA batteries. Quantity: 4. 

+ Battery carrier for 4 AA batteries. Quantity: 1. 

« LED. Quantity: 1. 

+ Toggle switches, SPDT. Quantity: 2. See Figure 2-12. 

+ 2200 or similar value resistor, 1/4-watt minimum. Quantity: 1. 

+ Alligator clips. Quantity: 8. 

+ Wire or patch cords. See Figure 2-10, shown previously. 


+ Wire cutters and wire strippers if you don't use patch cords. See Figure 2-4, 
shown previously. 


In Experiment 3, you illuminated an LED by attaching a battery, and switched 
it off by removing the battery. For greater convenience our circuits should 
have proper switches to control power, and while I’m dealing with the general 
topic of switches, I’m going to explore all the varieties, using a circuit to sug- 
gest some possibilities. 


Assemble the parts as shown in Figures 2-17 and 2-18. The long lead on the 
LED must connect with the resistor, because that is the more positive side of 
the circuit. 


You'll notice that you have to include a couple lengths of wire. | suggest green 
wire to remind you that these sections are not connected directly to positive 
or to negative power. But you can use any color you like. You can also substi- 
tute patch cords, if you have them. However, learning to strip insulation from 
pieces of wire is a necessary skill, so let’s deal with that now. 
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Figure 2-15. Ceramic capacitors mostly 
look like this, although many of them are 
round or bead-shaped instead of square. 
The packaging shape is unimportant to us. 





Figure 2-18. This miniature loudspeaker, 
just over 1 inch in diameter, is useful for 
verifying audio output direct from transis- 
tor circuits. 
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Long 


LED lead Short 


LED lead 





6v Battery Pack 





Figure 2-17. If the LED is on, flipping either of the switches will turn it off. If the LED is off, Figure 2-18. Full-size toggle switches with 


either of the switches will turn it on. Use alligator clips to attach the wires to each other, screw terminals make it easy to hook up 
and to the switches if your switches don't have screw terminals. Be careful that the clips this simple circuit. 


don't touch each other. 





Figure 2-18. Using automatic wire strip- 
pers, when you squeeze the handles the 
jaw on the left clamps the wire, the sharp 
grooves on the right bite into the insula- 
tion. Squeeze harder and the jaws pull 
away from each other, stripping the insula- 
tion from the wire. 
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Tools 


If automatic wire strippers (Figure 2-19) don’t grip skinny 22-gauge wire very 
effectively, try the Ideal brand of wire strippers shown back in Figure 2-4, or 
use plain and simple wire cutters as shown in Figure 2-20. When using wire 
cutters, you hold the wire in one hand and apply the tool in your other hand, 
squeezing the handles with moderate pressure—just enough to bite into the 
insulation, but not so much that you chop the wire. Pull the wire down while 
you pull the cutters up, and with a little practice you can rip the insulation off 
to expose the end of the wire. 


Macho hardware nerds may use their teeth to strip insulation from wires. When 
| was younger, | used to do this. | have two slightly chipped teeth to prove it. 
Really, it’s better to use the right tool for the job. 
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Figure 2-20. To remove insulation from Figure 2-21. Those who tend to misplace 

the end of a thin piece of wire, you can tools, and feel too impatient to search for 
also use wire cutters. This takes a little them, may feel tempted to use their teeth 
practice. to strip insulation from wire. This may not 


be such a good idea. 


Connection Problems 


Depending on the size of toggle switches that you are using, you may have 
trouble fitting in all the alligator clips to hold the wires together. Miniature 
toggle switches, which are more common than the full-sized ones these days, 
can be especially troublesome (see Figure 2-22). Be patient: fairly soon we'll 
be using a breadboard, which will eliminate alligator clips almost completely. 


Testing 


Make sure that you connect the LED with its long wire toward the positive 
source of power (the resistor, in this case). Now flip either of the toggle switch- 
es. If the LED was on, it will go off, and if it was off, it will go on. Flip the other 
toggle switch, and it will have the same effect. If the LED does not go on at all, 
you've probably connected it the wrong way around. Another possibility is 
that two of your alligator clips may have shorted out the battery. 


Assuming your two switches do work as | described them, what's going on 
here? It’s time to nail down some basic facts. 
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Figure 2-22. Miniature toggle switches can 
be used—ideally, with miniature alligator 
clips—but watch out for short circuits. 
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FUNDAMENTALS 


All about switches 


When you flip the type of toggle switch that you used in 
Experiment 6, it connects the center terminal with one of 
the outer terminals. Flip the switch back, and it connects the 
center terminal with the other outer terminal, as shown in 
Figure 2-23. 


The center terminal is called the pole of the switch. Because 
you can flip, or throw, this switch to make two possible con- 
nections, it is called a double-throw switch. As mentioned ear- 
lier, a single-pole, double-throw switch is abbreviated SPDT. 


Some switches are on/off, meaning that if you throw them in 
one direction they make a contact, but in the other direction, 
they make no contact at all. Most of the light switches in your 
house are like this. They are known as single-throw switches. A 
single-pole, single-throw switch is abbreviated SPST. 


Some switches have two entirely separate poles, so you 
can make two separate connections simultaneously when 
you flip the switch. These are called double-pole switches. 
Check the photographs in Figures 2-24 through 2-26 of 
old-fashioned “knife” switches (which are still used to teach 
electronics to kids in school) and you'll see the simplest 
representation of single and double poles, and single and 
double throws. Various toggle switches that have contacts 
sealed inside them are shown in Figure 2-27. 


tt 


Connected 


tt 


Connected 


Figure 2-23. The center terminal is the pole of the switch. 
When you flip the toggle, the pole changes its connection. 


% 
a 


Figure 2-24. This primitive-looking single- 
pole, double-throw switch does exactly 
the same thing as the toggle switches in 
Figures 2-23 and 2-27. 


Figure 2-25. A single-pole, single-throw 
switch makes only one connection with 
one pole. Its two states are simply open 
and closed, on and off. 


Figure 2-28. A double-pole, single-throw 
switch makes two separate on/off 
connections. 
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All about switches (continued) 


Figure 2-27. These are all toggle switches. Generally, the larger 
the switch, the more current it can handle. 


To make things more interesting, you can also buy switches 
that have three or four poles. (Some rotary switches have 
even more, but we won't be using them.) Also, some double- 
throw switches have an additional “center off” position. 


Putting all this together, | made a table of possible types of 
switches (Figure 2-28). When you're reading a parts catalog, 
you can check this table to remind yourself what the ab- 
breviations mean. 


Double 
Pole 


Single 
Pole 


SPST DPST 3PST 4PST 
ON-OFF ON-OFF ON-OFF ON-OFF 
SPDT DPDT 3PDT 4PDT 
ON-ON ON-ON ON-ON ON-ON 
SPDT DPDT 3PDT 4PDT 
ON-OFF-ON | ON-OFF-ON | ON-OFF-ON | ON-OFF-ON 


Figure 2-28. This table summarizes all the various options for 
toggle switches and pushbuttons. 


3-Pole 4-Pole 


Double 
Throw 


Double 
Throw with 
Center Off 


Now, what about pushbuttons? When you press a door 
bell, you're making an electrical contact, so this is a type of 
switch—and indeed the correct term for it is a momentary 
switch, because it makes only a momentary contact. Any 
spring-loaded switch or button that wants to jump back to 


its original position is known as a momentary switch. We 
indicate this by putting its momentary state in parentheses. 
Here are some examples: 


+ OFF-(ON): Because the ON state is in parentheses, it’s 
the momentary state. Therefore, this is a single-pole 
switch that makes contact only when you push it, and 
flips back to make no contact when you let it go. It is 
also known as a “normally open” momentary switch, 
abbreviated “NO.” 

ON-(OFF): The opposite kind of momentary single-pole 
switch. It's normally ON, but when you push it, you 
break the connection. So, the OFF state is momentary. 
It is known as a“normally closed” momentary switch, 
abbreviated “NC.” 

(ON)-OFF-(ON): This switch has a center-off position. 
When you push it either way, it makes a momentary 
contact, and returns to the center when you let it go. 


Other variations are possible, such as ON-OFF-(ON) or ON- 
(ON). As long as you remember that parentheses indicate 
the momentary state, you should be able to figure out what 
these switches are. 


Figure 2-28. This evil mad scientist is ready to apply power to 
his experiment. For this purpose, he is using a single-pole, 
double-throw knife switch, conveniently mounted on the wall of 
his basement laboratory. 
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FUNDAMENTALS 


All about switches (continued) 


Sparking 


When you make and break an electrical connection, it tends 
to create a spark. Sparking is bad for switch contacts. It eats 
them until the switch doesn’t make a reliable connection 
anymore. For this reason, you must use a switch that is ap- 
propriate for the voltage and amperage that you are dealing 
with. Electronic circuits generally are low-current, and 
low-voltage, so you can use almost any switch, but if you are 
switching a motor, it will tend to suck an initial surge of cur- 
rent that is at least double the rating of the motor when it is 
running constantly. You should probably use a 4-amp switch 
to turn a 2-amp motor on and off. 


Checking a switch 


You can use your meter to check a switch. Doing this helps 
you find out which contacts are connected when you turn 
a switch one way or the other. It’s also useful if you have a 

pushbutton and you can’t remember whether it’s the type 


Figure 2-30 


that is normally open (you press it to make a connection) or 
normally closed (you press it to break the connection). Set 
your meter to measure ohms, and touch the probes to the 
switch terminals while you work the switch. 


This is a hassle, though, because you have to wait while 

the meter makes an accurate measurement. When you just 
want to know whether there is a connection, your meter 
has a “continuity tester” setting. It beeps if it finds a connec- 
tion, and stays silent if it doesn’t. See Figures 2-30 through 
2-32 for examples of meters set to test continuity. Figure 
2-33 offers an example of a toggle switch being tested for 
continuity. 


Use the continuity-testing feature on your meter only on 
circuits or components that have no power in them at the 


Figure 2-32. To check a circuit for conti- 
nuity, turn the dial of your meter to the 
symbol shown. Only use this feature 
when there is no power in the compo- 
nent or the circuit that you are testing. 


Figure 2-33. When the switch connects two of its terminals, the meter shows zero 
resistance between them and will beep if you have set it to verify continuity. 
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Early switching systems 


Switches seem to be such a fundamental feature of our world, and their concept 
is so simple that it's easy to forget that they went through a gradual process of 
development and refinement. Primitive knife switches were quite adequate for 
pioneers of electricity who simply wanted to connect and disconnect electric- 
ity to some apparatus in a laboratory, but a more sophisticated approach was 
needed when telephone systems began to proliferate. Typically, an operator at 
a“switchboard” needed a way to connect any pair of 10,000 lines on the board. 
How could it be done? 


In 1878, Charles E. Scribner (Figure 2-34) developed the “jack-knife switch,’ so 
called because the part of it that the operator held looked like the handle of a 
jackknife. Protruding from it was a plug, and when the plug was pushed into a 
socket, it made contact inside the socket. The socket, in fact, was the switch. 


Figure 2-34. Charles E. Scribner invented the “jack-knife switch" to satisfy the 
switching needs of telephone systems in the late 1800s. Today's audio jacks still 
work on the same basis.” 


Audio connectors on guitars and amplifiers still work on the same principle, and 
when we speak of them as being “jacks,’ the term dates back to Scribner’s inven- 
tion. Switch contacts still exist inside a jack socket. 


Today, of course, telephone switchboards have become as rare as telephone 
operators. First they were replaced with relays—electrically operated switches, 
which I'll talk about later in this chapter. And then the relays were superceded 
by transistors, which made everything happen without any moving parts. Be- 
fore the end of this chapter, you'll be switching current using transistors. 





* The photo on which this drawing is based first appeared in The History of the Telephone by 
Herbert Newton Casson in 1910 (Chicago: A. C. McClurg & Co.). 
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Larger versions of all schematics and 
breadboard photos are available 
online at this book's website: http:// 
oreilly.com/catalog/9780596 153748. 
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Introducing Schematics 


In Figure 2-35, I've redrawn the circuit from Experiment 6 in a simplified style 
known as a “schematic.” From this point onward, | will be illustrating circuits 
with schematics, because they make circuits easier to understand. You just 
need to know a few symbols to interpret them. 


Compare the schematic here with the drawing of the circuit in Figure 2-17. 
They both show exactly the same thing: Components, and connections be- 
tween them. The gray rectangles are the switches, the zigzag thing is the resis- 
tor, and the symbol with two diagonal arrows is the LED. 


The schematic LED symbol includes two arrows indicating that it emits light, 
because there are some kinds of diodes, which we'll get to later, that don't. 
The triangle inside the diode symbol always points from positive to negative. 


Trace the path that electricity can take through the circuit and imagine the 
switches turning one way or the other. You should see clearly now why either 
switch will reverse the state of the LED from on to off or off to on. 


This same circuit is used in houses where you have a switch at the bottom of 
a flight of stairs, and another one at the top, both controlling the same light- 
bulb. The wires in a house are much longer, and they snake around behind the 
walls, but because their connections are still the same, they could be repre- 
sented with the same basic schematic. See Figure 2-36. 


A schematic doesn't tell you exactly where to put the components. It just tells 
you how to join them together. One problem: Different people use slightly 
different schematic symbols to mean the same thing. Check the upcoming 
section, “Fundamentals: Basic schematic symbols,’ for the details. 


AA 


220 





Figure 2-35. This schematic shows the 
same circuit as in Figure 2-17 and makes it 
easier to see how the switches function. 


Figure 2-38. The two-switch circuit shown 
in Figures 2-17 and 2-35 is often found in 
house wiring, especially where switches 
are located at the top and bottom of a 
flight of stairs. This sketch shows what 
you might find inside the walls. Wires are 
joined with “wire nuts” inside boxes that 
are hidden from everyday view. 
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Experiment 6: Very Simple Switching 


FUNDAMENTALS 


Basic schematic symbols 


Schematic symbols are like words in a language: they have 


mutated over the years into a confusing range of variations. 


A simple on/off (single-pole, single-throw, or SPST) switch, 
for instance, can be represented by any of the symbols 


shown in Figure 2-37. They all mean exactly the same thing. 


— +— 
—o »— 
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Figure 2-37. Variations on a theme: Just some of the differ- 
ent styles used to depict a single-pole, single-throw switch in 
schematic diagrams. The bottom version is the style used in 
this book. 


Contact Pole 


Figure 2-38 shows double-pole, double-throw switches. A 
dotted line indicates a mechanical connection inside the 
switch, so that when you flip it, you affect both the poles si- 
multaneously. Remember, the poles are electrically isolated 
from each other. 


Figure 2-38. More variations: some different styles for depicting 
a double-pole, double-throw switch. The style at bottom-right 
is used in this book. 


Once ina while, you may find a schematic in which switches 
seem to be scattered around, but the way they are identi- 
fied (such as S1A, S1B, S1C, and so on) tells you that this is 
really all one switch with multiple poles. 


In the schematics in this book, I'll place a gray rectangle 
behind each switch. This gray rectangle is not a standard 
symbol; you won't find it in other books. I’m just including it 
to remind you that the parts inside are all contained in one 
package. 


A very important stylistic variation in schematics is the way 
they show whether wires make a connection with each 
other. Old schematics used to show a little semicircular 
bump in a wire if it crossed another wire without making 
a connection. Because modern circuit-drawing software 
doesn't create this style of schematic, it is no longer often 
used. The modern style, which you are likely to find if you 
browse through schematics online, can be summarized like 
this: 

+ Adot joining two wires indicates an electrical 

connection. 
« No dot indicates no connection. 
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Experiment 6: Very Simple Switching 


FUNDAMENTALS 


Basic schematic symbols (continued) 


The problem is that this is not very intuitive, especially when 
you're just beginning to use schematics. When you see two 
wires crossing, you can easily imagine that they are making 
a connection, even though there's no dot at the intersec- 
tion. Therefore, in the interests of clarity, I've chosen to use 
the old “semicircular bump” style of schematic in this book 
(see Figure 2-39). It can be summarized like this: 


+ Adot joining two wires indicates an electrical 
connection. 
A bump ina wire that crosses another wire indicates no 
connection. 


In this book, you won't find wires crossing each other with- 
out either a dot or a bump. 


+ — 


= 


Figure 2-38. In wiring schematics, a dot always indicates an 
electrical connection. However, the cross-shaped intersection 
of wires at top-right is considered bad style because if the dot 
is accidentally omitted or poorly printed, the intersection can 
be mistaken for the type shown at bottom left, in which the 
wires do not make a connection. All three of the configurations 
in the bottom row indicate no connection, the first example 
being the most common style, the center example being least 
common, and the third being the most old-fashioned—although 
for reasons of clarity, it is used in this book. 


In a battery-powered circuit, you may find a battery symbol, 


but more often you will find a little note indicating where posi- 


tive voltage enters the system, while negative is indicated by a 
“ground” symbol. In fact there may be ground symbols all over 
the place. You have to remember that when you build a circuit, 
all the wires leading to grounds must actually be connected 
together, to the negative side of the voltage supply. 


The idea of the ground symbol dates back to the time when 
electronic gadgets were mounted on a metal chassis, which 
was connected to the negative side of the power supply. The 
ground symbol really meant “connect to the chassis.’ Some 
variants in the ground symbol are shown in Figure 2-40. 


tte 


Figure 2-40. All of these symbols are used to mean the same 
thing: connect the wire to “ground” or “chassis” or the negative 
side of the power source. The far-right symbol is used in this 
book. 


In this book, we have color throughout, so I'll show a red 
positive and blue negative to clarify where the power is 
connected, and | won't use ground symbols. Once again, 
my purpose is to minimize the risk of misunderstandings, 
because | know how frustrating it is to build a circuit that 
doesn’t work. 


A big inconsistency in schematics is the way in which they 
show resistors. The traditional zigzag symbol has been 
abandoned in Europe. Instead they use a rectangle with a 
number inside indicating the number of ohms. See Figure 
2-41. The Europeans also changed the way in which decimal 
points are represented: they omit them as much as possible, 
because in badly printed schematics, the little dots tend to 
get lost (or can be confused with dust and dirt). So, a 4.7KO 
resistor will be listed as 4K7, and a 1.2MQ resistor will be 
1M2. | like this notation, so I'm going to be using it myself, 
but I'll be keeping the zigzag resistor symbol, which remains 
widely used in the United States. 


Figure 2-41. Two styles for depicting a 2200 resistor. The upper 
version is traditional, and still used in the United States. The 
lower version is European. 
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Adam Weishaupt was a look-alike for George Washington, and it is actually 
Weishaupt's image that appears on the one-dollar bill. Johann Adam 


Weishaupt was a German philosopher and founder of the Order of the 


Illuminati, a secret society. 
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FUNDAMENTALS 


Basic schematic symbols (continued) 


Potentiometers suffer from the same inconsistent style be- 
tween the United States and Europe, but either way, you'll 


find an arrow showing where the wiper (usually, the center 
terminal) touches the resistance. See Figure 2-42. And some- 
times LEDs are shown inside circles, and sometimes not. | 
prefer circles, myself. See Figure 2-46. Oo —) 


WMA- —| +t Figure 2-44. The battery symbol is usually shown without + and 
— symbols. I've added them for clarity. 


Figure 2-42. Potentiometer symbols: the left is traditional and 
used in the United States, the right is European. In both cases 
the arrow indicates the wiper (usually the center terminal). 


—L_. 


Figure 2-45. Symbol for an incandescent lightbulb. 


I'll explore other symbol variants later in the book. Mean- 
while, the most important things to remember are: 
+ The positions of components in a schematic are not 

important. 
The styles of symbols used in a schematic are not 
important. 
The connections between the components are ex- 
tremely important. 


Figure 2-43. Three ways of indicating a pushbutton switch. 


‘+ Oy 


Figure 2-48. Sometimes an LED is shown with a circle around it; sometimes not. In this book, | will include the circle. The arrows 
indicate emitted light. 
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FUNDAMENTALS 


Basic schematic symbols (continued) 


For example, the three LED circuits that | have included in 
Figure 2-47 show components in different positions, using dif- 
ferent symbols, but all three circuits function exactly the same 
way, because their connections are the same. In fact, they 

all depict the circuit that you built in Experiment 4, shown in 
Figure 1-50. 


Often the symbols in a schematic are placed so that the 
circuit is most intuitively easy to understand, regardless of 
how you may build it with actual components. Compare the 
example in Figure 2-48, showing the two DPDT switches, 
with the version shown back in Figure 2-35. The previous 
one looked more like your bench-top version of it, but Fig- 
ure 2-48 shows the flow of electricity more clearly. 


4 


Figure 2-47. These three schematics all depict the same basic 
circuit. It’s the circuit that you built with the potentiometer in 
Experiment 4. 


In many schematics, the positive side of the power supply is 
shown at the top of the diagram, and negative or ground at 
the bottom. Many people also tend to draw a schematic with 
an input (such as an audio input, in an amplifier circuit) at the 
left side, and the output at the right. So, “positive voltage” 


flows from top to bottom while a signal tends to pass from 
left to right. 


When | was planning this book, initially | drew the sche- 
matics to conform with this top-to-bottom, left-to-right 
convention, but as | started building and testing the circuits, 
| changed my mind. We use a device known as a“bread- 
board” to create circuits, and its internal connections require 
us to lay out components very differently from a typical 
schematic. When you're starting to learn electronics, it's very 
confusing to try to rearrange components from a schematic 
in the configuration that you need for a breadboard. 


Therefore, throughout this book, you'll find that | have 
drawn the schematics to imitate the way you'll wire them on 
a breadboard. | believe the advantages of doing things this 
way outweigh the disadvantages of being a little different 
from the schematic styles that are used elsewhere. 


Figure 2-48. This schematic is just another, clearer, simpler way 
of showing the circuit that appeared in Figure 2-35. 
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Experiment 7: Relay-Driven LEDs 
You will need: 
AC adapter, wire cutters and strippers. 
+ DPDT relay. Quantity: 2. 
LEDs. Quantity: 2. 
Resistor, 6800 approx. Quantity: 1. 
Pushbutton, SPST. Quantity: 1. 
+ Hookup wire, 22 gauge, or patch cords. 
Alligator clips. Quantity: 8. 
Utility knife. 


The next step in our exploration of switching is to use a remote-controlled 
switch. By “remote-controlled,’ | mean one to which you can send a signal to 
turn it on or off. This kind of switch is known as a relay, because it relays an 
instruction from one part of a circuit to another. Often a relay is controlled by 
a low voltage or small current, and switches a larger voltage or higher current. 


This setup can be cost-effective. When you start your car, for instance, a rela- 
tively small, cheap switch sends a small signal down a relatively long, thin, 
inexpensive piece of wire, to a relay that is near the starter motor. The relay 
activates the motor through a shorter, thicker, more expensive piece of wire, 
capable of carrying as much as 100 amps. 


Similarly, when you raise the lid on an a top-loading washing machine during 
its spin cycle, you close a lightweight switch that sends a small signal down a 
thin wire to a relay. The relay handles the bigger task of switching off the large 
motor spinning the drum full of wet clothes. 


Before you begin this experiment, you need to upgrade your power supply. 
We're not going to use batteries anymore, because most relays require more 
than 6 volts, and in any case you should have a power supply that can give you 
a variety of voltages on demand. The simplest way to achieve this is by using 
an AC adapter. 


First you'll set up the AC adapter. After you have it running, you'll use it to 
power the relay. Initially the relay will just switch between two LEDs, but then 
you'll modify the circuit to make the LEDs flash automatically. Finally you'll re- 
build the circuit on a breadboard, and say goodbye to alligator clips, for most 
of the time at least. 


Preparing Your AC Adapter 


An AC adapter plugs into the wall and converts the high-voltage AC supply in 
your home into a safe, low DC voltage for electronic devices. Any charger that 
you use with your cell phone, or iPod, or laptop computer is a special-purpose 
AC adapter that delivers only one voltage via a specific type of plug. I've asked 
you to buy a general-purpose adapter that delivers many different voltages, 
and we're going to begin by getting rid of its plug. 
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Experiment 7: Relay-Driven LEDs 





Figure 2-48. Preparing an AC adapter. First, 
cut off the little low-voltage plug and throw 
it away. 





Figure 2-S8. Second, strip the wires, mak- 
ing one shorter than the other to reduce 
the risk of them touching. Color one of the 
adapter wires red with a marker, to identify 
it as the positive one. 
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1. It’s important to make sure that your AC adapter is not plugged into the 
wall! 


2. Chop off the little plug at the end of its wire. See Figure 2-49. 


3. Use abox cutter or utility knife or scissors to make a half-inch cut between 
the two conductors, and then pull the conductors apart a couple of inches. 


4. Use wire cutters to trim one of the conductors shorter than the other, 
so that after you strip away a little of the insulation, the exposed copper 
wires cannot easily touch each other. This is a precaution against short- 
circuiting your AC adapter and burning it out. 


5. Strip the two conductors using your wire strippers. Twist the copper 
strands between finger and thumb so that there are no loose strands 
sticking out. See Figure 2-50. 


6. Make sure that the two wires are not touching each other, and plug your 
AC adapter into a wall outlet. Set your meter to DC volts and apply the me- 
ter probes to the wires from the adapter. If the voltage is preceded with 
a minus sign, you have the probes the wrong way around. Reverse them 
and the minus sign should go away. This tells you which wire is positive. 


7. Mark the positive wire from the adapter. If the wire has white insulation, 
you can mark it with a red marker. If it has black insulation, you can tag it 
with a label. The positive wire will remain positive regardless of which way 
up you plug the AC adapter into a wall outlet. 


The Relay 


The type of relay that | want you to use has little spiky legs on the bottom, in 
a standardized layout. If you buy some other kind of relay, you will have to 
figure out for yourself which pins are connected to the coil inside, which pins 
go to the poles of the switch inside it, and which go to the normally closed 
and normally open contacts. You can check the manufacturer's data sheet for 
this purpose, but | strongly suggest you use one of the relays mentioned in the 
shopping list, so that you can follow the instructions here more easily. 


| asked you to buy two relays so that you can use one for investigational pur- 
poses—meaning that you can break it open and take a look inside. If you do 
this very, very carefully, the relay should still be usable afterward. If not, well, 
you still have a spare. 


The easiest way to open the relay is with a box cutter or utility knife. Figures 
2-52, 2-53, and 2-54 show the technique. Shave the edges of the plastic shell 
containing the relay, beveling them until you see just a hair-thin opening. 
Don't go any farther; the parts inside are very, very close to its housing. Now 
pop the top off. You can use needle-nosed pliers to nibble the rest of the shell 
away. Read the following section, “Fundamentals: Inside a relay,’ and then ap- 
ply power to the relay to see how it works. 
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Figure 2-S1. This is one way that the parts inside a relay can be arranged. The coil, A, gener- 
ates a magnetic attraction pulling lever B downward. A plastic extension, C, pushes outward 
against flexible metal strips and moves the poles of the relay, D, between the contacts. 





Figure 2-S8. Patience is essential when 
carving the edges of a relay package in 
order to open it. Faster methods such as a 
tomahawk or a flamethrower will satisfy the 
emotional needs of those with a short atten- 
tion span, but results may be unpredictable. 





Figure 2-S2. To look inside a sealed relay, Figure 2-53. Insert the blade of your knife 


shave the top edges of the plastic package to pry open the top, then repeat the proce- 
with a utility knife til you open a thin crack. dure for the sides. 





Figure 2-57. Four assorted 12-volt relays, 
shown with and without their packages. 
The automotive relay (far left) is the sim- 
plest and easiest to understand, because 
it is designed without much concern for 
the size of the package. Smaller relays are 
more ingeniously designed, more complex, 
Figure 2-54. If you are really, really careful, and more difficult to figure out. Usually, 
the relay should still work after you open it. but not always, a smaller relay is designed 
to switch less current than a larger one. 
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FUNDAMENTALS 


Inside a relay 


A relay contains a coil of wire wrapped around an iron core. 
When electricity runs through the coil, the iron core exerts 

a magnetic force, which pulls a lever, which pushes or pulls 
a springy strip of metal, closing two contacts. So as long as 
electricity runs through the coil, the relay is “energized” and 
its contacts remain closed. 


When the power stops passing through the coil, the relay 
lets go and the springy strip of metal snaps back into its 
original position, opening the contacts. (The exception to 
this rule is a latching relay, which requires a second pulse 
through a separate coil to flip it back to its original posi- 
tion; but we won't be using latching relays until later in the 
book.) 


Relays are categorized like switches. Thus, you have SPST 
relays, DPST, SPDT, and so on. 


Compare the schematics in Figure 2-58 with the schematics 
of switches in Figure 2-38. The main difference is that the 

relay has a coil that activates the switch. The switch is shown 
in its “relaxed” mode, when no power flows through the coil. 


I 


vy 


————— 


Figure 2-58. Various ways to show a relay in a schematic. Top 
left: SPST. Top right and bottom left: SPDT. Bottom right: 
DPDT. The styles at bottom-left and bottom-right will be used 
in this book. 


The contacts are shown as little triangles. When there are 
two poles instead of one, the coil activates both switches 
simultaneously. 


Most relays are nonpolarized, meaning that you can run 
electricity through the coil in either direction, and the relay 
doesn't care. You should check the data sheet to make sure, 
though. Some relay coils work on AC voltage, but almost 
all low-voltage relays use direct current—a steady flow of 
electricity, such as you would get from a battery. We'll be 
using DC relays in this book. 


Relays suffer from the same limitations as switches: their 
contacts will be eroded by sparking if you try to switch too 
much voltage. It’s not worth saving a few dollars by using 

a relay that is rated for less current or voltage than your 
application requires. The relay will fail you when you need it 
most, and may be inconvenient to replace. 


Because there are so many different types of relays, read the 
specifications carefully before you buy one. Look for these 
basics: 


Coil voltage 
The voltage that the relay is supposed to receive when 
you energize it. 


Set voltage 
The minimum voltage that the relay needs to close its 
switch. This will be a bit less than the ideal coil voltage. 


Operating current 
The power consumption of the coil, usually in milliamps, 
when the relay is energized. Sometimes the power is 
expressed in milliwatts. 


Switching capacity 
The maximum amount of current that you can switch 
with contacts inside the relay. Usually this is for a “resis- 
tive load,” meaning a passive device such as light bulb. 
When you use a relay to switch on a motor, the motor 
takes a big initial surge of current before it gets up to 
speed. In this case, you should choose a relay rated 
for double the current that the motor draws when it is 
running. 
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Procedure 


Turn the relay with its legs in the air and attach wires and LEDs as shown in 
Figure 2-59, with a 6800 resistor (a 1K resistor will be OK if you don't have the 
correct value). Also attach a pushbutton switch. (Your pushbutton switch may 
look different from the one shown, but as long as it isa SPST pushbutton with 
two contacts at the bottom, it will work the same way.) When you press the 
pushbutton, the relay will make the first LED go out and the second LED light 
up. When you release the pushbutton, the first LED lights up and the second 
one goes out. 


How It Works 


Check the schematic in Figure 2-60 and compare it with Figure 2-59. Also see 
Figure 2-62, which shows how the pins outside the relay make connections 
inside the relay when its coil is energized, and when it is not energized. 


This is a DPDT relay, but we are only using one pole and ignoring the other. 
Why not buy a SPDT relay? Because | want the pins to be spaced the way they 
are when you will upgrade this circuit by transferring it onto a breadboard, 
which will happen very shortly. 


On the schematic, | have shown the switch inside the relay in its relaxed 
state. When the coil is energized, the switch flips upward, which seems 
counterintuitive, but just happens to be the way that this particular relay is 
made. 


When you're sure you understand how the circuit works, it’s time to move on 
to the next step: making a small modification to get the relay to switch itself 
on and off, as we'll do in Experiment 8. 
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Figure 2-S2. How the relay connects the pins, when it is 
not energized (left) and when it is energized (right). 


Figure 2-S1. The layout of the 
pins of the relay, superimposed 
on a grid of 1/10-inch squares. 
This is the type of relay that you 
will need in Experiment 8. 
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Figure 2-S8. As before, you can use patch 
cords, if you have them, instead of some of 
the wired connections shown here. 
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Figure 2-S0. Same circuit, shown in sche- 
matic form. 


Larger versions of all schematics and 
breadboard photos are available 
online at this book's website: http:// 
oreilly.com/catalog/9780596 153748. 
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12v DC from 
AC adapter 





Figure 2-S3. A small revision to the previ- 
ous circuit causes the relay to start oscil- 
lating when power is applied. 
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Experiment 8: A Relay Oscillator 
You will need: 
AC adapter, breadboard, wire, wire cutters and strippers. 
+ DPDT relay. Quantity: 1. 
LEDs. Quantity: 2. 
+ Pushbutton, SPST. Quantity: 1. 
Alligator clips. Quantity: 8. 
+ Resistor, approximately 680Q. Quantity: 1. 
Capacitor, electrolytic, 1,000 pF. Quantity: 1. 


Look at the revised drawing in Figure 2-63 and the revised schematic in Figure 
2-64 and compare them with the previous ones. Originally, there was a direct 
connection from the pushbutton to the coil. In the new version, the power 
gets to the coil by going, first, through the contacts of the relay. 


680 


AA 


Figure 2-84. The oscillator circuit shown in schematic form. 


Now, when you press the button, the contacts in their relaxed state feed power 
to the coil as well as to the lefthand LED. But as soon as the coil is energized, it 
opens the contacts. This interrupts the power to the coil—so the relay relaxes, 
and the contacts close again. They feed another pulse of power to the coil, 
which opens the contacts again, and the cycle repeats endlessly. 


Because we're using a very small relay, it switches on and off extremely fast. 
In fact, it oscillates perhaps 50 times per second (too fast for the LEDs to show 
what's really happening). Make sure your circuit looks like the one in the dia- 
gram, and then press the pushbutton very briefly. You should hear the relay 
make a buzzing sound. If you have impaired hearing, touch the relay lightly 
with your finger, and you should feel the relay vibrating. 


When you force a relay to oscillate like this, it’s liable to burn itself out or de- 
stroy its contacts. That’s why | asked you to press the pushbutton briefly. To 
make the circuit more practical, we need something to slow the relay down 
and prevent it from self-destructing. That necessary item is a capacitor. 
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Adding Capacitance 


Add a 1,000 uF electrolytic capacitor in parallel with the coil of the relay as 
shown in the diagram in Figure 2-65 and the schematic in Figure 2-66. Check 
Figure 2-14 if you're not sure what a capacitor looks like. The 1,000 uF value will 
be printed on the side of it, and I'll explain what this means a little later. 


Make sure the capacitor’s short wire is connected to the negative side of the 
circuit; otherwise, it won't work. In addition to the short wire, you should find 
a minus sign on the body of the capacitor, which is there to remind you which 
side is negative. Electrolytic capacitors are fussy about this. 


When you press the button now, the relay should click slowly instead of buzz- 
ing. What's happening here? 


A capacitor is like a tiny rechargeable battery. It’s so small that it charges in a 
fraction of a second, before the relay has time to open its lower pair of con- 
tacts. Then, when the contacts are open, the capacitor acts like a battery, pro- 
viding power to the relay. It keeps the coil of the relay energized for about one 
second. After the capacitor exhausts its power reserve, the relay relaxes and 
the process repeats. 


FUNDAMENTALS 


Farad basics 


The Farad is an international unit to measure capacitance. Modern circuits 
usually require small capacitors. Consequently it is common to find capacitors 
measured in microfarads (one-millionth of a farad) and even picofarads (one- 
trillionth of a farad). Nanofarads are also used, more often in Europe than in the 
United States. See the following conversion table. 


0.001 nanofarad 1 picofarad 








0.001 Farad 1,000 microfarads 1,000 uF 


(You may encounter capacitances greater than 1,000 microfarads, but they are 
uncommon.) 
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Figure 2-85. Adding a capacitor makes the 


relay oscillate more slowly. 
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Figure 2-88. The capacitor appears at the 


bottom of this schematic diagram. 
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Experiment 8: A Relay Oscillator 


Getting Zapped by Capacitors 


Ifa large capacitor is charged with 
a high voltage, it can retain that 
voltage for a long time. Because the 
circuits in this book use low voltages, 
you don't have to be concerned 
about that danger here, but if you 
are reckless enough to open an old 
TV set and start digging around 
inside (which | do not recommend), 
you may have a nasty surprise. An 
undischarged capacitor can kill you 
as easily as if you stick your finger 
into an electrical outlet. Never touch 
a large capacitor unless you really 
know what you're doing. 
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Capacitor basics 


DC current does not flow through a capacitor, but voltage can accumulate very 
quickly inside it, and remains after the power supply is disconnected. Figures 
2-67 and 2-68 may help to give you an idea of what happens inside a capacitor 
when it is fully charged. 


ope 


Figure 2-87. When DC voltage reaches a capacitor, no current flows, but the capaci- 
tor charges itself like a little battery. The positive and negative charges are equal 


and opposite. 


Figure 2-88. You can imagine positive “charge particles” accumulating on one side 
of the capacitor and attracting negative “charge particles” to the opposite side. 


In most modern electrolytic capacitors, the plates have been reduced to two 
strips of very thin, flexible, metallic film, often wrapped around each other, 
separated by an equally thin insulator. Disc ceramic capacitors typically consist 
of just a single disc of nonconductive material with metal painted on both sides 
and leads soldered on. 


The two most common varieties of capacitors are ceramic (capable of storing a 
relatively small charge) and electrolytic (which can be much larger). Ceramics 
are often disc-shaped and yellow in color; electrolytics are often shaped like 
miniature tin cans and may be just about any color. Refer back to Figures 2-13 
and 2-14 for some examples. 
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Experiment 8: A Relay Oscillator 


FUNDAMENTALS 


Capacitor basics (continued) 


Ceramic capacitors have no polarity, meaning that you can apply negative volt- 
age to either side of them. Electrolytics do have polarity, and won't work unless 
you connect them the right way around. 


The schematic symbol for a capacitor has two significant variants: with two 
straight lines (symbolizing the plates inside a capacitor), or with one straight 
line and one curved line, as shown in Figure 2-69. When you see a curved line, 
that side of the capacitor should be more negative than the other. The schemat- 
ic symbol may also include a + sign. Unfortunately, some people don't bother 
to draw a curved plate on a polarized capacitor, yet others draw a curved plate 
even on a nonpolarized capacitor. 


4k +e 


Figure 2-S8. The generic schematic for a capacitor is on the left. The version on the 
right indicates a polarized capacitor which requires its left plate to be “more posi- 
tive” than its right plate. The plus sign is often omitted. 





Capacitor Polarity 


You must connect an electrolytic 
capacitor so that its longer wire is 
more positive than its shorter wire. 
The shell of the capacitor is usually 
marked with a negative sign near the 
shorter wire. 


Some capacitors may behave badly 
if you don't observe their polarity. 
One time | connected a tantalum 
capacitor to a circuit, using a power 
supply able to deliver a lot of current, 
and was staring at the circuit and 
wondering why it wasn’t working 
when the capacitor burst open and 
scattered little flaming fragments of 
itself in a 3-inch radius. | had forgot- 
ten that tantalum capacitors can be 
fussy about positive and negative 
connections. Figure 2-70 shows the 
aftermath. 


connected the wrong way around to a power source capable of delivering a lot of 
current. After a minute or so of this abuse, the capacitor rebelled by popping open 
and scattering small flaming pieces, which burned their way into the plastic of the 


breadboard. Lesson learned: observe polarity! 
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Experiment 8: A Relay Oscillator 


Michael Faraday and capacitors 


The earliest capacitors consisted of two metal plates with a very small gap 
between them. The principle of the thing was simple: 


- If one plate was connected to a positive source, the positive charges at- 
tracted negative charges onto the other plate. 

- If one plate was connected to a negative source, the negative charges 
attracted positive charges onto the other plate. 


Figures 2-67 and 2-68, shown previously, convey the basic idea. 


The electrical storage capacity of a capacitor is known as its capacitance, and is 
measured in farads, named after Michael Faraday (Figure 2-71), another of the 
pantheon of electrical pioneers. He was an English chemist and physicist who 
lived from 1791 to 1867. 


Although Faraday was relatively uneducated and had little knowledge of math- 
ematics, he had an opportunity to read a wide variety of books while working 
for seven years as a bookbinder’s apprentice, and thus was able to educate 
himself. Also, he lived at a time when relatively simple experiments could reveal 
fundamental properties of electricity. Thus he made major discoveries including 
electromagnetic induction, which led to the development of electric motors. He 
also discovered that magnetism could affect rays of light. 


His work earned him numerous honors, and his picture was printed on English 
20-pound bank notes from 1991 through 2001. 


Figure 2-71. Michael Faraday 
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Breadboarding the Circuit 


| promised to free you in time from the frustrations of alligator clips, and that 
time has come. Please turn your attention to the block of plastic with lots of 
little holes in it that | asked you to buy. For reasons that | do not know, this is 
called a breadboard. When you plug components into the holes, hidden metal 
strips inside the breadboard connect the components for you, allowing you 
to set up a circuit, test it, and modify it very easily. Afterward you can pull the 
components off the breadboard and put them away for future experiments. 


Without a doubt, breadboarding is the most convenient way to test some- 
thing before you decide whether you want to keep it. 


Almost all breadboards are designed to be compatible with integrated circuit 
chips (which we will be using in Chapter 4 of this book). The chip straddles 
an empty channel in the center of the breadboard with rows of little holes ei- 
ther side—usually five holes per row. You insert other components into these 
holes. 


In addition, the breadboard should have columns of holes running down each 
side. These are used to distribute positive and negative power. 


Take a look at Figures 2-72 and 2-73, which show the upper part of a typical 
breadboard seen from above, and the same breadboard seen as if with X-ray 
vision, showing the metal strips that are embedded behind the holes. 














































Experiment 8: A Relay Oscillator 
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Figure 2-72. A typical breadboard. You can plug components Figure 2-73. This X-ray-vision view of the breadboard reveals 
into the holes to test a circuit very quickly. the copper strips that are embedded in it. The strips conduct 


electricity from one component to another. 
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Experiment 8: A Relay Oscillator 


Important note: some breadboards divide each vertical column of holes, on 
the left and the right, into two separate upper and lower sections. Use your 
meter’s continuity testing feature to find out if your breadboard conducts 
power along its full length, and add jumper wires to link the upper and lower 
half of the breadboard if necessary. 


Figure 2-74 shows how you can use the breadboard to replicate your oscillat- 
ing relay circuit. To make this work, you need to apply the positive and nega- 
tive power from your AC adapter. Because the wire from your AC adapter is 
almost certainly stranded, you'll have difficulty pushing it into the little holes. 
A way around this is to set up a couple of pieces of bare 22-gauge wire, and 
use them as terminals to which you clip the wire from the adapter, as in Figure 
2-75. (Yes, you still need just a couple of alligator clips for this purpose.) Alter- 
natively, you can use a breadboard with power terminals built into it, which is 
more convenient. 


‘ 
! 





Figure 2-74. If you place the components on your breadboard in the posi- Figure 2-75. If your breadboard doesn't have screw 
tions shown, they will create the same circuit that you built from wire and terminals, insert two short pieces of solid-core 
alligator clips in Experiment 8. Component values: wire with stripped ends and then attach the 
stranded wires from the adapter using alligator 
DI, D2: Light-emitting diodes clips. 


S1: DPDT relay 

S2: SPST momentary switch 

Cl: Electrolytic capacitor, 1,000 uF 
R1: Resistor, 6800 minimum 





66 Chapter 2 


You'll need some more 22-gauge wire, or some precut hookup wire, to supply 
the power to your components, which are plugged into the breadboard as 
shown in Figures 2-76 and 2-77. If you get all the connections right, the circuit 
should function the same way as before. 


The geometry of the metal connecting strips in the breadboard often forces 
you to connect components in a roundabout way. The pushbutton, for in- 
stance, supplies power to the pole of the relay but cannot be connected di- 
rectly opposite, because there isn't room for it. 


Remember that the strips inside the breadboard that don’t have any wires or 
components plugged into them are irrelevant; they don’t do anything. 


I'll include some suggested breadboard layouts for circuits as you continue 
through this book, but eventually you'll have to start figuring out breadboard 
layouts for yourself, as this is an essential part of hobby electronics. 





Figure 2-78. Two oversized LEDs, one resistor, and the necessary jumper wires have been 
added to the breadboard. 





Figure 2-77. Now the pushbutton, relay, and capacitor have been added to complete the 
circuit shown in the diagram and the schematic. When the pushbutton is pressed, the 
relay oscillates and the LEDs flash. 
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Larger versions of all schematics and 
breadboard photos are available 
online at this book's website: http:// 
oreilly.com/catalog/9780596153748. 
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Experiment 9: Time and Capacitors 
You will need: 
+ AC adapter, breadboard, wire, wire cutters, and strippers. 
+ Multimeter. 
+ Pushbutton, SPST. Quantity: 1. 
+ Resistors and electrolytic capacitors, assorted. 


In Experiment 8, when you put a capacitor in parallel with the coil of the relay, 
the capacitor charged almost instantly before discharging itself through the 
relay coil. If you add a resistor in series with a capacitor, the capacitor will take 
longer to charge. By making a capacitor take longer to charge, you can mea- 
sure time, which is a very important concept. 


Clean the components off your breadboard and use it to set up the very simple 
circuit shown in Figure 2-78, where C1 is a 1,000 pF capacitor, R1 is a 100K resis- 
tor, R2 is a 1000 resistor, and S1 is the pushbutton that you used previously. 
Set your meter to measure volts DC, place the probes around the capacitor, 
and hold down the pushbutton. You should see the meter counting upward 
as the voltage accumulates on the capacitor. (This is easier with a meter that 
doesn't have autoranging, because you won't have to wait while the meter 
figures out which range to apply.) Resistor R1 slows the charging time for the 
capacitor. 


12v 
DC 


Figure 2-78. Watch the voltage building up 
on the capacitor while you hold down the 
pushbutton. Substitute other values for 
R1, discharge the capacitor by touching R2 
across it, and then repeat your measure- 
ment process. 


S1: Momentary pushbutton, OFF (ON) 
R1: 100K initially 

R2: 100Q 

C1: 1,000 uF 
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Release the pushbutton, set aside your meter, and discharge the capacitor by 
touching R2 across it for a second or two. Now substitute a 50K resistor for R1, 
and repeat the measurement. The meter should count upward almost twice 
as fast as before. 


Voltage, Resistance, and Capacitance 


Think of the resistor as a faucet, and the capacitor as a balloon that you are 
trying to fill with water. When you screw down the faucet until only a trickle 
comes through, the balloon will take longer to fill. But a slow flow of water will 
still fill the balloon completely if you wait long enough, and (assuming the bal- 
loon doesn’t burst) the process ends when the pressure inside the balloon is 
equal to the water pressure in the pipe supplying the faucet. See Figure 2-79. 


Similarly, in your circuit, if you wait long enough, eventually the voltage across 
the capacitor should reach the same value as the voltage of the power supply. 
In a 12-volt circuit, the capacitor should eventually acquire 12 volts (although 
“eventually” may take longer than you think). 


This may seem confusing, because earlier you learned that when you apply 
voltage at one end of a resistor, you get less voltage coming out than you have 
going in. Why should a resistor deliver the full voltage when it is paired with a 
capacitor? 


Forget the capacitor for a moment, and remember how you tested just two 
1K resistors. In that situation, each resistor contained half the total resistance 
of the circuit, so each resistor dropped half the voltage. If you held the nega- 
tive probe of your meter against the negative side of your power supply and 
touched the positive probe to the center point between the two resistors, you 
would measure 6 volts. Figure 2-80 illustrates this. 


Now, suppose you remove one of the 1K resistors and substitute a 9K resis- 
tor. The total resistance in the circuit is now 10K, and therefore the 9K resistor 
drops 90% of the 12 volts. That's 10.8 volts. You should try this and check it 
with your meter. (You are unlikely to find a 9K resistor, because this is not a 
standard value. Substitute the nearest value you can find.) 


Now suppose you remove the 9K resistor and substitute a 99K resistor. Its volt- 
age drop will be 99% of the available voltage, or 11.88 volts. You can see where 
this is heading: the larger the resistor, the larger its contribution to voltage 
drop. 


However, | noted previously that a capacitor blocks DC voltage completely. It 
can accumulate an electrical charge, but no current passes through it. Therefore, 
a capacitor behaves like a resistor that has infinite resistance to DC current. 


(Actually the insulation inside the capacitor allows a little bit of “leakage,” but a 
perfect capacitor would have infinite resistance.) 


The value of any resistor that you put in series with the capacitor is trivial by 
comparison. No matter how high the value of the resistor is, the capacitor 
still provides much more resistance in the circuit. This means that the capaci- 
tor steals almost the complete voltage drop in the circuit, and the voltage 
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Figure 2-78. When the faucet is closed 


half-way, the balloon will take longer to fill, 
but will still contain as much water and as 


much pressure in the end. 
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difference between one end of the resistor and the other will be zero (assum- 
ing that we ignore little imperfections in the components). Figure 2-80 may 
help to clarify this concept. 
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DC 
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Figure 2-80. When two resistances are in series, the larger one drops the voltage more 
than the smaller one. If the larger resistance becomes infinite (as in the case of a capaci- 
tor), the smaller one no longer has any measurable contribution to the voltage drop, and 
the voltage is almost exactly the same at both ends. 


You should try this using real resistors and capacitors—although if you do, you 
will run into a little problem. When you use your meter in its “DC volts” mode, it 
diverts a little of the current in the circuit—just a tiny taste—in the process of 
measuring it. The meter steals such a small amount, it doesn’t affect the read- 
ing significantly when you are checking voltage across a resistor. The internal 
resistance of the meter is higher than the values of most resistors. However, 
remember that the internal resistance of a capacitor is almost infinite. Now the 
internal resistance of the meter becomes significant. Because you can never 
have an ideal meter, any more than you can have an ideal capacitor or resistor, 
your meter will always interfere with the circuit slightly, and you will get only 
an approximate indication. 


If you try to measure the voltage on a capacitor that has been charged but is 
now not connected to anything else, you'll see the number slowly falling, as 
the capacitor discharges itself through the meter. 
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The time constant 


You may be wondering if there’s a way to predict exactly 
how much time it takes for various capacitors to charge, 
when they are paired with various resistors. Is there a for- 
mula to calculate this? 


Of course, the answer is yes, but the way we measure it is a 
bit tricky, because a capacitor doesn't charge at a constant 
rate. It accumulates the first volt very quickly, the second 
volt not quite as quickly, the third volt even less quickly— 
and so on. You can imagine the electrons accumulating on 
the plate of a capacitor like people walking into an audito- 
rium and looking for a place to sit. The fewer seats that are 
left, the longer people take to find them. 


The way we describe this is with something called a “time 
constant.’ The definition is very simple: 


TC=RxC 


where TC is the time constant, and a capacitor of C farads is 
being charged through a resistor of R ohms. 


Going back to the circuit you just tested, try using it again, 
this time with a 1K resistor and the 1,000 pF capacitor. We 

have to change those numbers to farads and ohms before 
we can put them in the formula. Well, 1,000 pF is 0.001 far- 
ads, and 1K is 1,000 ohms, so the formula looks like this: 


TC = 1,000 x 0.001 


In other words, TC = 1—a lesson that could not be much 
easier to remember: 


A 1K resistor in series with a 1,000 uF capacitor has a 
time constant of 1. 


Does this mean that the capacitor will be fully charged in 1 
second? No, it’s not that simple. TC, the time constant, is the 
time it takes for a capacitor to acquire 63% of the voltage 
being supplied to it, if it starts with zero volts. 


(Why 63%? The answer to that question is too complicated 
for this book, and you'll have to read about time constants 
elsewhere if you want to know more. Be prepared for dif- 
ferential equations.) Here’s a formal definition for future 
reference: 


TC, the time constant, is the time it takes for a capacitor 
to acquire 63% of the difference between its current 
charge and the voltage being applied to it. When TC=1, 
the capacitor acquires 63% of its full charge in 1 sec- 
ond. When TC=2, the capacitor acquires 63% of its full 
charge in 2 seconds. And so on. 


What happens if you continue to apply the voltage? History 
repeats itself. The capacitor accumulates another 63% of the 
remaining difference between its current charge, and the 
voltage being applied to it. 


Imagine someone eating a cake. In his first bite he’s raven- 
ously hungry, and eats 63% of the cake in one second. In his 
second bite, not wanting to seem too greedy, he takes just 
another 63% of the cake that is left—and because he’s not 
feeling so hungry anymore, he requires the same time to 
eat it as he took to eat the first bite. In his third bite, he takes 
63% of what still remains, and still takes the same amount 
of time. And so on. He is behaving like a capacitor eating 
electricity (Figure 2-81). 


Figure 2-81. /f our gourmet always eats just 63% of the cake still on the plate, he “charges up" his stomach in the same way that a 
capacitor charges itself. No matter how long he keeps at it, his stomach is never completely filled. 
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THEORY 


The time constant (continued) 


The cake eater will always have a few crumbs to eat, be- If you try to verify these numbers by measuring the voltage 
cause he never takes 100% of the remainder. Likewise, the across the capacitor as it charges, remember that because 
capacitor will never acquire a full charge. In a perfect world your meter steals a little current, there will be a small 

of perfect components, this process would continue for an discrepancy that will increase as time passes. For practical 
infinite time. purposes, the system works well enough. 


In the real world, we say rather arbitrarily: 


After 5 x TC the capacitor will be so nearly fully 
charged, we won't care about the difference. 


In the table is a calculation (rounded to two decimal places) 
showing the charge accumulating on a capacitor in a 12- 
volt circuit where the time constant is 1 second. 


Here's how to understand the table. V1 is the current charge 
on the capacitor. Subtract this from the supply voltage (12 
volts) to find the difference. Call the result V2. Now take 63% 
of V2, and add this to the current charge (V1) and call the 
result V4. This is the new charge that the capacitor will have 
after 1 second, so we copy it down to the next line in the 
table, and it becomes the new value for V1. 


Now we repeat the same process all over again. Figure 2-82 


shows this in graphical form. Note that after 5 seconds, Figure 2-82. A capacitor starts with O volts. After 1 time con- 


the capacitor has acquired 1 1.92 volts, which is 99% of stant it adds 63% of the available voltage. After another time 
the power supply voltage. This should be close enough to constant, it adds another 63% of the remaining voltage differ- 
satisfy anyone's real-world requirements. ence, and so on. 


Time 
in secs 
0 
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Experiment 10: Transistor Switching 
You will need: 

+ AC adapter, breadboard, wire, and meter. 

« LED. Quantity: 1. 

+ Resistors, various. 

+ Pushbutton, SPST. Quantity: 1. 

+ Transistor, 2N2222 or similar. Quantity: 1. 


A transistor can switch a flow of electricity, just like a relay. But it’s much more 
sensitive and versatile, as this first ultra-simple experiment will show. 


We'll start with the 2N2222 transistor, which is the most widely used semi- 
conductor of all time (it was introduced by Motorola in 1962 and has been in 
production ever since). 


First, you should get acquainted with the transistor. Because Motorola's pat- 
ents on the 2N2222 ran out long ago, any company can manufacture their 
own version of it. Some versions are packaged in a little piece of black plastic; 
others are enclosed in a little metal “can.” (See Figure 2-83.) Either way, it con- 
tains a piece of silicon divided into three sections known as the collector, the 
base, and the emitter. I'll describe their function in more detail in a moment, 
but initially you just need to know that in this type of transistor, the collector 


receives current, the base controls it, and the emitter sends it out. 


Use your breadboard to set up the circuit shown in Figure 2-85. Be careful to 
get the transistor the right way around! (See Figure 2-84.) For the three brands 
| have mentioned in the shopping list, the flat side should face right, if the 
transistor is packaged in black plastic, or the little tab should face toward the 
lower left, if the transistor is packaged in metal. 


12v 
DC 


R1: 180Q 
R2: 10K 
R3: 6800 


D1: LED 








Switching Basics and More 


Experiment 10: Transistor Switching 





Figure 2-83. A typical transistor is pack- 
aged either ina little metal can or a molded 
piece of black plastic. The manufacturer's 
data sheet tells you the identities of the 
three wire leads, relative to the flat side of 
a black plastic transistor or the tab that 
sticks out of a metal-can transistor. 


Collector Collector 
Base Base 
Emitter Emitter 


Figure 2-84. The 2N2222 transistor may be 
packaged in either of these formats. Left: 
RadioShack or Fairchild. Right: STMicro- 
electronics (note the little tab sticking out 
at the lower-left side). If you use a different 
brand, you'll have to check the manufac- 
turer's data sheet. Insert the transistor in 
your breadboard with the flat side facing 
right, as seen from above, or the tab point- 
ing down and to the left, seen from above. 


Figure 2-85. The transistor blocks voltage that reaches it through R1. 
But when pushbutton S1 is pressed, this tells the transistor to allow 
current to pass through it. Note that transistors are always identified 
with letter Q in wiring diagrams and schematics. 


S1: Pushbutton, momentary, OFF (ON) 


Ql: 2N2222 or similar 


73 


Experiment 10: Transistor Switching 





\ 
a 


Figure 2-88. This shows the same circuit as 
the breadboard diagram in Figure 2-85. 


74 


Initially, the LED should be dark. Now press the pushbutton and the LED should 
glow brightly. Electricity is following two paths here. Look at the schematic in 
Figure 2-86, which shows the same circuit more clearly. I've shown positive at 
the top and negative at the bottom (the way most schematics do it) because it 
helps to clarify the function of this particular circuit. If you view the schematic 
from the side, the similarity with the breadboard layout is easier to see. 


Through R1, voltage reaches the top pin (the collector) of the transistor. The 
transistor only lets a tiny trickle of it pass through, so the LED stays dark. When 
you press the button, voltage is also applied along a separate path, through R2 
to the middle pin (the base) of the transistor. This tells the transistor to open 
its solid-state switch and allow current to flow out through its third pin (the 
emitter), and through R3, to the LED. 


You can use your meter in volts DC mode to check the voltage at points in the 
circuit. Keep the negative probe from the meter touching the negative voltage 
source while you touch the positive probe to the top pin of the transistor, the 
middle pin, and the bottom pin. When you press the button, you should see 
the voltage change. 


Fingertip Switching 


Now here's something more remarkable. Remove R2 and the pushbutton, and 
insert two short pieces of of wire as shown in Figure 2-87. The upper piece of 
wire connects with the positive voltage supply; the lower piece connects with 
the middle pin of the transistor (its base). Now touch the tip of your finger to 
the two wires. Once again, the LED should glow, although not as brightly as 
before. Lick the tip of your finger, try again, and the LED should glow more 
brightly. 





Never Use Two Hands 


The fingertip switching demo is safe if the electricity passes just through your finger. 
You won't even feel it, because it’s 12 volts DC from a power supply of 1 amp or less. 
But it’s not a good idea to put the finger of one hand on one wire, and the finger of 
your other hand on the other wire. This would allow the electricity to pass through 
your body. Although the chance of hurting yourself this way is extremely small, you 
should never allow electricity to run through you from one hand to the other. Also, 
when touching the wires, don’t allow them to penetrate your skin. 
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Your finger is conducting positive voltage to the base of the transistor. Even 
though your skin has a high resistance, the transistor still responds. It isn’t just 
switching the LED on and off; it is amplifying the current applied to its base. 
This is an essential concept: a transistor amplifies any changes in current that 
you apply to its base. 


Check Figure 2-88 to see more clearly what's happening. 


If you studied the section “Background: Positive and negative” in Chapter 1, 
you learned that there is really no such thing as positive voltage. All we re- 
ally have is negative voltage (created by the pressure of free electrons) and 
an absence of negative voltage (where there are fewer free electrons). But be- 
cause the idea of a flow of electricity from positive to negative was so widely 
believed before the electron was discovered, and because the inner workings 
of a transistor involve “holes” which are an absence of electrons and can be 
thought of as positive, we can still pretend that electricity flows from positive 
to negative. See the following section, “Essentials: All about NPN and PNP tran- 
sistors,’ for more details. 


12v 
DC 





Figure 2-87 
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RI 


Q1 


R3 


AA 


Figure 2-88. These two diagrams show 

the same components as before, with a 
fingertip substituted for R2. Although only 
a trickle of voltage now reaches the base 
of the transistor, it's enough to make the 
transistor respond. 
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ESSENTIALS 


All about NPN and PNP transistors 


A transistor is a semiconductor, meaning that sometimes it 
conducts electricity, and sometimes it doesn't. Its internal 
resistance varies, depending on the power that you apply to 
its base. 


NPN and PNP transistors are bipolar semiconductors. They 
contain two slightly different variants of silicon, and con- 
duct using both polarities of carriers—holes and electrons. 


The NPN type is a sandwich with P-type silicon in the mid- 
dle, and the PNP type is a sandwich with N-type silicon in 
the middle. If you want to know more about this terminol- 
ogy, and the behavior of electrons when they try to cross an 
NP junction or a PN junction, you'll have to read a separate 
source on this subject. It’s too technical for this book. All you 
need to remember is: 


+ All bipolar transistors have three connections: Collec- 
tor, Base, and Emitter, abbreviated as C, B, and E on the 
manufacturer's data sheet, which will identify the pins 
for you. 

NPN transistors are activated by positive voltage on the 
base relative to the emitter. 


PNP transistors are activated by negative voltage on the 
base relative to the emitter. 


In their passive state, both types block the flow of electricity 
between the collector and emitter, just like an SPST relay in 
which the contacts are normally open. (Actually a transistor 
allows a tiny bit of current known as “leakage.’) 


Cc 


E 


Figure 2-88. You can think of a bipolar transistor as if it contains 
a button that can connect the collector and the emitter. In an 
NPN transistor, a small positive potential presses the button. 


You can think of a bipolar transistor as if it contains a little 
button inside, as shown in Figures 2-89 and 2-90. When the 
button is pressed, it allows a large current to flow. To press 
the button, you inject a much smaller current into the base 
by applying a small voltage to the base. In an NPN transis- 
tor, the control voltage is positive. In a PNP transistor, the 
control voltage is negative. 


NPN transistor basics 
+ To start the flow of current from collector to emitter, 
apply a relatively positive voltage to the base. 


In the schematic symbol, the arrow points from base to 
emitter and shows the direction of positive current. 


The base must be at least 0.6 volts “more positive” than 
the emitter, to start the flow. 


The collector must be “more positive” than the emitter. 


PNP transistor basics 
« To start the flow of current from emitter to collector, 
apply a relatively negative voltage to the base. 


In the schematic symbol, the arrow points from emitter 
to base and shows the direction of positive current. 


The base must be at least 0.6 volts “more negative” than 
the emitter, to start the flow. 


The emitter must be “more positive” than the collector. 


Cc 


Figure 2-80. In a PNP transistor, a small negative potential has 
the same effect. The arrows point in the direction of “positive 
current flow.” 
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ESSENTIALS 


All about NPN and PNP transistors (continued) 


All-transistor basics 


Never apply a power supply directly across a transistor. 
You can burn it out with too much current. 

Protect a transistor with a resistor, in the same way you 
would protect an LED. 


Avoid reversing the connection of a transistor between 
positive and negative voltages. 

Sometimes an NPN transistor is more convenient in a 
circuit; sometimes a PNP happens to fit more easily. 
They both function as switches and amplifiers, the only 
difference being that you apply a relatively positive 
voltage to the base of an NPN transistor, and a rela- 
tively negative voltage to the base of a PNP transistor. 


PNP transistors are used relatively seldom, mainly 
because they were more difficult to manufacture in the 
early days of semiconductors. People got into the habit 
of designing circuits around NPN transistors. 
Remember that bipolar transistors amplify current, not 
voltage. A small fluctuation of current through the base 
enables a large change in current between emitter and 
collector. 


Schematics sometimes show transistors with circles 
around them, and sometimes don't. In this book, I'll use 
circles to draw attention to them. See Figures 2-91 and 
2-92. 

Schematics may show the emitter at the top and the 
collector at the bottom, or vice versa. The base may be 
on the left, or on the right, depending on what was most 
convenient for the person drawing the schematic. Be 
careful to look carefully at the arrow in the transistor to 
see which way up it is, and whether it is NPN or PNP. You 
can damage a transistor by connecting it incorrectly. 
Transistors come in various different sizes and con- 
figurations. In many of them, there is no way to tell 
which wires connect to the emitter, the collector, or the 
base, and some transistors have no part numbers on 
them. Before you throw away the packaging that came 
with a transistor, check to see whether it identifies the 
terminals. 


If you forget which wire is which, some multimeters 
have a function that will identify emitter, collector, and 
base for you. Check your multimeter instruction book- 
let for more details. 


QK Ot 


@4 + 


Figure 2-81. The symbol for an NPN transistor always has an ar- 
row pointing from its base to its emitter. Some people include 
a circle around the transistor; others don't bother. The style of 
the arrow may vary. But the meaning is always the same. The 
top-left version is the one | use in this book. 


Figure 2-82. The symbol for a PNP transistor always has an ar- 
row pointing from its emitter to its base. Some people include 
a circle around the transistor; others don't bother. The style of 
the arrow may vary. But the meaning is always the same. The 
top-left version is the one | use in this book. 
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Transistor origins 


Though some historians trace the origins of the transistor back to the inven- 
tion of diodes (which allow electricity to flow in one direction while preventing 
reversal of the flow), there’s no dispute that the first working transistor was 
developed at Bell Laboratories in 1948 by John Bardeen, William Shockley, and 
Walter Brattain (Figure 2-93). 


Shockley was the leader of the team, who had the foresight to see how 
potentially important a solid-state switch could be. Bardeen was the theorist, 
and Brattain actually made it work. This was a hugely productive collabora- 
tion—until it succeeded. At that point, Shockley started maneuvering to have 
the transistor patented exclusively under his own name. When he notified his 
collaborators, they were—naturally—unhappy about this idea. 


A widely circulated publicity photograph didn’t help, in that it showed Shockley 
sitting at the center in front of a microscope, as if he had done the hands-on 
work, while the other two stood behind him, implying that they had played a 
lesser role. In fact Shockley, as the supervisor, was seldom present in the labora- 
tory where the real work was done. 


The productive collaboration quickly disintegrated. Brattain asked to be trans- 


ferred to a different lab at AT&T. Bardeen moved to the University of Illinois 

to pursue theoretical physics. Shockley eventually left Bell Labs and founded 
Shockley Semiconductor in what was later to become Silicon Valley, but his am- 
bitions outstripped the capabilities of the technology of his time. His company 
never manufactured a profitable product. 


Eight of Shockley’s coworkers in his company eventually betrayed him by 
quitting and establishing their own business, Fairchild Semiconductor, which 
became hugely successful as a manufacturer of transistors and, later, integrated 
circuit chips. 


Figure 2-83. Photographs provided by the Nobel Foundation show, left to right, John 
Bardeen, William Shockley, and Walter Brattain. For their collaboration in develop- 
ment of the world's first working transistor in 1948, they shared a Nobel prize in 
1956. 
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Transistors and relays 


One limitation of NPN and PNP transistors is that they are naturally “off” until 
you turn them “on.’ They behave like a normally open pushbutton, which 
conducts electricity only for as long as you hold it down. They don’t normally 
behave like a normal on switch, which stays on until you apply a signal to turn 
it off. 


A relay offers more switching options. It can be normally open, normally closed, 
or it can contain a double-throw switch, which gives you a choice of two “on” 
positions. It can also contain a double-pole switch, which makes (or breaks) two 
entirely separate connections when you energize it. Single-transistor devices 
cannot provide the double-throw or double-pole features, although you can 
design more complex circuits that emulate this behavior. 


Here's a list of transistor and relay characteristics. 


a 


Long-term reliability Excellent Limited 








Current leakage when “off” 


The choice between relays or transistors will depend on each particular 
application. 
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THESRY 


See the current 


If you want to get a more precise understanding of how a 
transistor works, you should try this little test. It shows the 
precise behavior and limits of the 2N2222 transistor that 
you used in the previous experiment. 


I've said that in an NPN transistor, the collector should 
always be more positive than the emitter and that the base 
should have a potential somewhere between those two 
voltages. Figure 2-94 shows this rather vague relationship. 
Now | want to substitute some numbers for these general 
statements. 


More 
positive 


Somewhere 
in between 


More 
negative 


Figure 2-84. The proper functioning of an NPN transistor re- 
quires you to maintain these voltage relationships. 


Take a look at the schematic in Figure 2-95, and check the 
component values. Notice that the total resistance above 
the transistor, from R1 + R2, is the same as the total resis- 
tance below it, from R3 + R4. Therefore the potential on the 
base of the transistor should be halfway between the two 
extremes—until you use potentiometer P1 to adjust the 
voltage of the base of the transistor up and down. 


The two 1800 resistors, R1 and R3, protect the transistor 
from passing excessive current. The two 10K resistors, R2 
and R4, protect the base when the potentiometer is turned 
all the way up or all the way down. 


| would like you to see what the transistor is doing by mea- 
suring the amperage flowing into the base at the position 
marked A1, and the total amperage flowing out through the 
emitter at the position marked A2. To do this, it would be re- 
ally helpful if you had two meters. As that may be impracti- 
cal, the breadboard diagrams in Figures 2-96 and 2-97 show 
how you can swap one meter between the two locations. 


Remember that to measure milliamps, you have to pass 
electricity through the meter. This means that the meter 
must be inserted into the circuit, and whenever you remove 
the meter, you have to remake the connection where the 
meter was. The breadboard diagram shows how you can do 
this. Fortunately, it’s very easy to remove and replace wires 
in a breadboard. Where wires are connected to the potenti- 
ometer, you may need to revert to using alligator clips. 


Begin with the potentiometer turned about halfway 
through its range. Measure at A1 and A2. Turn the potenti- 
ometer up a bit, and measure current at the two locations 
again. Following is a table showing some actual readings | 
obtained at those two locations, using two digital meters 
simultaneously. 


Milliamps passing Milliamps passing 
through location Al A dalgolly=dam (eler-1d (ela WV-4 





There's a very obvious relationship. The current emerging 
from the emitter of the transistor, through location A2, is 
about 24 times the current passing through location A1, 
into the base. The ratio of current coming out from the 
emitter of an NPN transistor to current going into the base 
is known as the beta value for a transistor. The beta value 
expresses the transistor’s amplifying power. 


It's a very constant ratio, until you push it a little too far. Above 
0.12 mA, this particular transistor becomes “saturated,” mean- 
ing that its internal resistance cannot go any lower. 
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THEORY 


See the current (continued) 


In my little experiment, | found that the maximum cur- 

rent at A2 was 33mA.A simple calculation using Ohm's 

Law showed me that this meant the transistor’s internal 
resistance was near zero. This is why you should protect a 
transistor with some additional resistance in the circuit. If 
you don't, its low internal resistance would allow a huge cur- 
rent flow that would immediately burn it out. 


What about the other end of its range? When it passes only 

1.9 mA, the transistor has an internal resistance of around 

6,0009. The conclusion is that depending how much cur- P41 
rent you apply to this transistor, its internal resistance varies 
between zero and 6,000Q, approximately. 


So much for the theory. Now what can we do with a transis- 
tor that's fun, or useful, or both? We can do Experiment 11! R4 


s > rie ee 


Tt 


Experiment 10: Transistor Switching 


Ppa e 


Figure 2-85. This is basically the 
same as the previous circuit, 
with a potentiometer added and 
the LED removed. Component 
values: 


R1: 1800 

R2: 10K 

R3: 1800 

R4: 10K 

P1: 1M linear potentiometer 
Q1: 2N2222 transistor 


! | 
a oe cen en 


Figure 2-88. The meter is measuring current flowing from the Figure 2-87. One end of resistor R3 has been unplugged from 
potentiometer into the base of the transistor at position Al the breadboard so that the meter now measures current 
(see Figure 2-95). flowing out through the emitter of the transistor, into R3, at 


position A2. 
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Experiment 11: A Modular Project 


Figure 2-88. Assemble these components, 


apply power, and the LED should start 
flashing. 


R1: 470K 

R2: 15K 

R3: 27K 

C1: 2.2 uF electrolytic capacitor 

DI: LED 

Q1: 2N6027 programmable unijunction 
transistor 


8&2 





Experiment 11: A Modular Project 
You will need: 
+ AC adapter, breadboard, wire, and meter. 
+ LED. Quantity: 1. 
+ Resistors, various. 
* Capacitors, various. 
* Transistor, 2N2222 or similar. Quantity: 2. 
+ 2N6027 programmable unijunction transistor (PUT). Quantity: 2. 
+ Miniature 80 loudspeaker. Quantity: 1. 


So far, I've described small circuits that perform very simple functions. Now 
it’s time to show how modules can be combined to create a device that does 
a bit more. 


The end product of this experiment will be a circuit that makes a noise like a 
small siren, which could be used in an intrusion alarm. You may or may not 
be interested in owning an alarm, but the four-step process of developing it 
is important, because it shows how individual clusters of components can be 
persuaded to communicate with each other. 


I'll begin by showing how to use a transistor to make a solid-state version of 
the oscillating circuit that you built with a relay in Experiment 8. The relay, you 
may remember, was wired in such a way that the coil received power through 
the contacts of the relay. As soon as the coil was energized, it opened the con- 
tacts, thus cutting off its own power. As soon as the contacts relaxed they re- 
stored the power, and the process repeated itself. 


There's no way to do this with a single bipolar transistor. You actually need two 
of them, switching each other on and off, and the way that this works is quite 
hard to understand. An easier option is to use a different thing known as a 
programmable unijunction transistor, or PUT. 


Unijunction transistors were developed during the 1950s, but fell into disuse 
when simple silicon chips acquired the ability to perform the same kinds of 
functions, more accurately and more cheaply. However, the so-called pro- 
grammable unijunction transistor is still widely available, often used in appli- 
cations such as lamp dimmers and motor controllers. Because its primary use 
is in generating a stream of pulses, it’s ideal for our purposes. 


If you put together the components shown in Figure 2-98, the LED should start 
flashing as soon as you apply power. 


Note that this circuit will work on 6 volts. You won't damage anything if you 
run it with 12 volts, but as we continue adding pieces to it, you'll find that 
it actually performs better at 6 volts than at 12. If you read the next section, 
“Essentials: All about programmable unijunction transistors,’ you'll find out 
how the circuit works. 
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All about programmable unijunction transistors 


The schematic symbol for a programmable unijunction transistor, or PUT, looks 
very different from the symbol for a bipolar transistor, and its parts are named 
differently, too. Nevertheless, it does have a similar function as a solid-state 
switch. The symbol and the names of the three connections are shown in Figure 
2-99, 


Note that this is a rare case (maybe the only one in the whole of electronics!) in 
which you won't run into confusing variations of the basic schematic symbol. A 
PUT always seems to look the way I’ve drawn it here. Personally | think it would be 
clearer if we added a circle around it, but no one seems to do that, so | won't, either. 


The 2N6027 is probably the most common PUT, and seems to be standardized 
in its packaging and pin-outs. I've only seen it in a plastic module rather than 

a little tin can. Figure 2-100 shows the functions of the leads if your 2N6027 is 
manufactured by Motorola or On Semiconductor. If you have one from another 
source, you should check the data sheet. 


Note that the flat side of the plastic module faces the opposite way around 
compared with the 2N2222 bipolar transistor, when the two devices are func- 
tioning similarly. 


The PUT blocks current until its internal resistance drops to allow flow from the 
“anode” to the “cathode. In this way, it seems very similar to an NPN transistor, but 
there's a big difference in the circumstances that cause the PUT to lower its resis- 
tance. The voltage at the anode determines when the PUT allows current to flow. 


Suppose you start with, say, 1 volt at the anode. Slowly, you increase this volt- 
age. The transistor blocks it until the anode gets close to 6 volts. Suddenly this 
pressure breaks down the resistance and current surges from the anode to the 
cathode. If the voltage goes back down again, the transistor reverts to its origi- 
nal state and blocks the flow. 


I've included another version of the “finger on the button” drawing to convey 
this concept. The voltage on the anode is itself responsible for pushing the but- 
ton that opens the pathway to the cathode. See Figure 2-101. 


Anode 


Cathode Cathode 


Figure 2-88. The schematic symbol for Figure 2-106. In PUTs manufactured by 
a PUT. On Semiconductor and Motorola, the 
leads have these functions. 
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ESSENTIALS 


All about programmable unijunction transistors 
(continued) 


This may cause you to wonder what the function of the gate is. You can think of 
it as “assisting” the finger on the button. In fact, the gate is the “programmable” 
part of a PUT. By choosing a voltage for the gate, you establish the threshold 
point when current starts to flow. 


Here’s a simple take-home summary: 


+ The anode has to be more positive than the cathode, and the gate should 
be between those two extremes. 


If anode voltage increases above a threshold point, current bursts through 
and flows from the anode to the cathode. 


If anode voltage drops back down below the threshold, the transistor stops 
the flow. 


The voltage you apply to the gate determines how high the threshold is. 
The gate voltage is adjusted with two resistors, shown as R1 and R2 in the 
simple schematic in Figure 2-102. Typically, each resistor is around 20K. The 
PUT is protected from full positive voltage by R3, which can have a high 


value, 100K or greater, because very little current is needed to bias the 
transistor. 


You add your input signal in the form of positive voltage at the anode. 
When it exceeds the threshold, it flows out of the cathode and can work 
some kind of output device. 


The only remaining question is how we make a PUT oscillate, to create a stream 
of on/off pulses. The answer is the capacitor that you included in the circuit that 
you breadboarded at the beginning of Experiment 11. 


ANODE 


Input 
signal 





CATHODE 


Figure 2-101. When voltage at the anode __ Figure 2-102. This simple schematic 

of a PUT crosses a threshold (deter- shows how a PUT is used. R1 and R2 
mined by a preset voltage at the gate), determine the voltage at the gate, which 
current breaks through and surges from _ sets the threshold point for the input at 
the anode to the cathode. In this sense, _ the anode. Above the threshold, current 
the anode voltage acts as if it pressesa flows from anode to cathode. 

button itself to open a connection inside 

the PUT, with some assistance from 

contro! voltage at the gate. 
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Step 1: Slow-Speed Oscillation 


Figure 2-103 is a schematic version of the previous PUT breadboard circuit 
shown in Figure 2-98, drawn so that the layout looks as much like the bread- 
board as possible. 


6V 
DC 





Figure 2-103. This makes it easier to see what's happening in the breadboard version. 


The 15K resistor and 27K resistor establish the voltage at the gate. The 470K 
resistor supplies the anode of the PUT, but the PUT begins in its “off” condition, 
blocking the voltage. So the voltage starts to charge the 2.2 UF capacitor. 


You may remember that a resistor slows the rate at which a capacitor accu- 
mulates voltage. The bigger the resistor and/or the larger the capacitor, the 
longer the capacitor takes to reach a full charge. In this circuit, the capacitor 
takes about half a second to get close to 6 volts. 


But notice that the PUT is connected directly with the capacitor. Therefore, 
whatever voltage accumulates on the capacitor is also experienced by the 
PUT. As the voltage gradually increases, finally it reaches the threshold, which 
flips the PUT into its “on” state. The capacitor immediately discharges itself 
through the PUT, through the LED (which flashes), and from there to the nega- 
tive side of the power supply. 


The surge depletes the capacitor. The voltage drops back down, and the PUT 
returns to its original state. Now the capacitor has to recharge itself all over 
again, until the whole process repeats itself. 


If you substitute a 22 uF capacitor, the charge/discharge cycle should take 
about 10 times as long, which will give you time to measure it. Set your me- 
ter to measure volts DC and place its probes on either side of the capacitor. 
You can actually watch the charge increasing until it reaches the threshold, at 
which point the capacitor discharges and the voltage drops back down again. 


So now we have an oscillator. What's next? 
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Experiment 11: A Modular Project 





Step 2: Beyond the Persistence of Vision 


If you substitute a much smaller capacitor, it will charge much more quickly, 
and the LED will flash faster. Suppose you use a capacitor of 0.0047 uF (which 
can also be expressed as 47 nanofarads, or 47 nF). This seems like an odd num- 
ber, but it’s a standard value for a capacitor. This will reduce the capacitance by 
a factor of more than 500, and therefore the LED should flash about 500 times 
as fast, which should be about 1,000 times per second. The human eye cannot 
detect such rapid pulses. The human ear, however, can hear frequencies up to 
10,000 per second and beyond. If we substitute a miniature loudspeaker for 
the LED, we should be able to hear the oscillations. 


Figure 2-104 shows how I'd like you to make this happen. Please leave your 
original, slow-flashing circuit untouched, and make a duplicate of it farther 
down the breadboard, changing a couple of component values as indicated. 
In the schematic in Figure 2-105, the new part of the circuit is in solid black, 
while the previous section is in gray. 


6V 
DC 


+) S 


.0047uUF 


2N6027 





Figure 2-104. The extra components which have been added at the lower half of the bread- _ Figure 2-105. The previous section that you 
board have the same functions as the components at the top, but some values are slightly built is shown in gray. Just add the new 


different: 


R4: 470K 

R5: 33K 

R6: 27K 

R7: 100Q 

C2: 0.0047 EF 

Q2: 2N6027 

L1: 8Q 1-inch loudspeaker 
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section in black. 
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| want you to keep the slow-flashing circuit separately, untouched, because | 
have an idea to make use of it a little later. You can leave the LED blinking. 


The loudspeaker should be wired in series with a 1000 resistor to limit the cur- 
rent that flows out of the PUT. The loudspeaker doesn't have any polarity, even 
though it is fitted with a red wire and a black wire. You can connect it either 
way around. 


Initially, you may be disappointed, because the circuit will not seem to be do- 
ing anything. However, if you place your ear very, very close to the loudspeak- 
er, and if you wired the circuit correctly, you should hear a faint buzz, like a 
mosquito. Obviously, this isn’t loud enough to serve any practical purpose. We 
need to make it louder. In other words, we need to amplify it. 


Maybe you remember that the 2N2222, which you played with previously, can 
function as an amplifier. So let's try using that. 


Step 3: Amplification 


Disconnect the loudspeaker and its 1000 series resistor. Then add the 2N2222, 
which is linked with the output from the PUT via a 1K resistor to protect it from 
excessive current. See Figure 2-107. 


The emitter of the 2N2222 is connected to ground, and the collector is sup- 
plied through the loudspeaker and its 1000 series resistor. This way, small fluc- 
tuations in the output from the PUT are sensed by the base of the 2N2222 
which converts them into bigger fluctuations between the collector and the 
emitter, which draw current through the loudspeaker. Check the schematic in 
Figure 2-108. 


Now the sound should be louder than an insect buzz, but still not really loud 
enough to be useful. What to do? 


Well—how about if we add another 2N2222? Bipolar transistors can be placed 
in series, so that the output from the first one goes to the base of the second 
one. The 24:1 amplification of the first one is multiplied by another 24:1, giving 
a total amplification of more than 500:1. 


There are limits to this technique. The 2N2222 can only conduct so much cur- 
rent before getting overloaded, and excess amplification can cause distortion. 
But when | built this circuit, | used a meter to verify that we're still within the 
design limits of a 2N2222, and for this project, | don’t care whether the sound 
is slightly distorted. 
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Mounting a 
loudspeaker 


The diaphragm or cone of a 
loudspeaker is designed to radi- 
ate sound, but as it oscillates to 
and fro, it emits sound from its 
back side as well as its front side. 
Because the sounds are opposite 
in phase, they tend to cancel each 
other out. 


The perceived output from a 
loudspeaker can increase dramati- 
cally if you add a horn around it in 
the form of a tube to separate the 
output from the front and back 

of the speaker. For a miniature 
1-inch loudspeaker, you can bend 
and tape a file card around it. See 
Figure 2-106. 


Better still, mount it in a box so 
that the box absorbs the sound 
from the rear of the loudspeaker. 
For purposes of these simple 
experiments, | won't bother to go 
into the details of vented enclo- 
sures and bass-reflex designs. 


a 











= 


S 


Figure 2-108. A loudspeaker emits 
sound from its bottom surface as 
well as its top surface. To increase 
the perceived audio volume, use 
a cardboard tube to separate the 
two sound sources, or mount the 
speaker in a small box. 
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6V 
DC 





Figure 2-107. By adding a 2N2222 general-purpose transistor, we amplify the signal 


from Q2: 


R8: 1K 
Q3: 2N2222 


Other components are the same as in the previous step in constructing this circuit. 
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Add the second 2N2222 as shown in Figure 2-109. In Figure 2-110, once again 
the previously wired section is in gray. 


If the accumulation of electrical components is beginning to seem confusing, 
remember that each cluster of parts has a separate defined function. We can 


6V 
DC 





2N2222 


Figure 2-108 


draw a block diagram to illustrate this, as in Figure 2-112. 


Using the second 2N2222, you should find that the output is more clearly 
audible, at least within the limits of your tiny 1-inch loudspeaker. Cup your 
hands around it to direct the sound, and you'll find that the volume seems 
to increase. You can also try using a 3-inch loudspeaker, which will create a 
generally better audio output while still remaining within the limits of the little 


2N2222 transistor. See Figure 2-106, shown previously, and Figure 2-111. 
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Figure 2-108. Q4 is another 2N2222 transistor that further amplifies the signal. It receives Figure 2-110. This schematic is comparable 
power through R9: 2.2K. with the component layout in Figure 2-109. 





Figure 2-111. The 2N2222 transistor is quite capable of driving a 3-inch loudspeaker, which 
will create much better sound than a 1-inch speaker. 
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Power 


id 


Fast Oscillator 





Amplifier 


Loudspeaker 


Power 


Slow Oscillator 


Fast Oscillator 





Amplifier 


Loudspeaker 


Figure 2-112. Top: The basic functions of 
the noisemaking oscillator circuit shown 
as a block diagram. Bottom: The same 
functions with a slow oscillator added to 
control the fast oscillator. 
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Step 4: Pulsed Output 


If you wanted to use this audio signal as some kind of an alarm, a steady dron- 
ing noise is not very satisfactory. A pulsing output would be a much better 
attention-getter. 


Well, the first section of the circuit that you assembled created a pulsing signal 
about twice per second. You used it to flash an LED. Maybe we can get rid of 
the LED and feed the output from the first section to the second section. The 
lower block diagram in Figure 2-112 explains this concept. 


Can it really be that simple? Well, yes and no. The trick is to make the output 
from the first section compatible with the input to the second section. If you 
simply connect a wire from the cathode of the first PUT to the anode of the 
second PUT, that’s not going to work, because the second PUT is already oscil- 
lating nicely between low and high voltage, about 1,000 times each second. 
Add more voltage, and you will disrupt the balance that enables oscillation. 


However, remember that the voltage on the gate of a PUT affects its threshold 
for conducting electricity. Maybe if we connect the output from Q1 to the gate 
of Q2, we'll be able to adjust that threshold automatically. The voltage still has 
to be in a range that the PUT finds acceptable, though. We can try various re- 
sistors to see which one works well. 


This sounds like trial and error—and that’s exactly what it is. Doing the math 
to predict the behavior of a circuit like this is far too complicated—for me, any- 
way. | just looked at the manufacturer's data sheet, saw the range of resistor 
values that the PUT would tolerate, and chose one that seemed as if it should 
work. 


If you remove the LED and substitute R10 as shown in the breadboard diagram 
in Figure 2-113, you'll find that the fluctuating output from Q1 makes Q2 emit 
a two-tone signal. This is more interesting, but still not what | want. I’m think- 
ing that if | make the pulses out of Q1 less abrupt, the result could be better, 
and the way to smooth a pulsing output is to hook up another capacitor that 
will charge at the beginning of each pulse and then release its charge at the 
end of each pulse. This is the function of C3 in Figure 2-114, and it completes 
the circuit so that it makes a whooping sound almost like a “real” alarm. 


If you don’t get any audio output, check your wiring very carefully. It’s easy to 
make a wrong connection on the breadboard, especially between the three 
legs of each transistor. Use your meter, set to DC volts, to check that each sec- 
tion of the circuit has a positive voltage relative to the negative side of the 
power supply. 


Figure 2-115 shows how your circuit should actually look on the breadboard. 
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Figure 2-113. R10 connects the slow-running oscillator at the top of the breadboard to the Figure 2-114. This schematic shows the 
gate of Q2, the PUT in the middle of the breadboard. This modulates the audio oscillator, same circuit as in Figure 2-113: 
with addition of a smoothing capacitor. R10: 10K 


C3: 2.2 uF 





Figure 2-115. This photograph shows the complete alarm-audio circuit on a breadboard. 
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Tweaking it 
There's still a lot of room for creativity here: 


Adjust the frequency of the sound: Use a smaller or larger capacitor in- 
stead of C2 (half or twice the current value). Use a smaller or larger value 
for R5. 


Adjust the pulsing feature: Use a smaller or larger capacitor instead of C1 
(half or twice the current value). Use a smaller or larger value for R2. 


General performance adjustments: try a larger value for R1. Try smaller or 
larger values for C3. 


Try running the circuit at 7.5 volts, 10 volts, and 12 volts. 


The circuits in this book are suggested as only a starting point. You should 
always try to tweak them to make them your own. As long as you follow the 
general rule of protecting transistors and LEDs with resistors, and respecting 
their requirements for positive and negative voltage, you're unlikely to burn 
them out. Of course, accidents will happen—I myself tend to be careless, and 
fried a couple of LEDs while working on this circuit, just because | connected 
them the wrong way around. 


Step 5: Enhancements 


A noisemaking circuit is just the output of an alarm. You would need several 
enhancements to make it useful: 


1. 


Some kind of an intrusion sensor. Maybe magnetic switches for windows 
and doors? 


A way to start the sound if any one of the sensors is triggered. The way 
this is usually done is to run a very small but constant current through 
all of the switches in series. If any one switch opens, or if the wire itself is 
broken, this interrupts the current, which starts the alarm. You could make 
this happen with a double-throw relay, keeping the relay energized all the 
time until the circuit is broken, at which point, the relay relaxes, opening 
one pair of contacts and closing the other pair, which can send power to 
the noisemaker. 


The trouble is that a relay draws significant power while it’s energized, and 
it also tends to get hot. | want my alarm system to draw very little current 
while it’s in “ready” mode, so that it can be powered by a battery. Alarm 
systems should never depend entirely on AC house current. 


If we don’t use a relay, can we use a transistor to switch on the rest of the 
circuit when the power is interrupted? Absolutely; in fact, one transistor 
will do it. 


But how do we arm the alarm in the first place? Really, we need a three- 
step procedure. First, check a little light that comes on when all the doors 
and windows are closed. Second, press a button that starts a 30-second 
countdown, giving you time to leave, if that’s what you want to do. And 
third, after 30 seconds, the alarm arms itself. 
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“* Percentages of blood types vary by race; these 
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4. If the alarm is triggered, what then? If someone forces open a window, 
should the alarm stop sounding as soon as the window is closed again? 
No, the alarm should lock itself on, until you turn it off. 


5. How do you turn it off? Some kind of secret-code keypad would be good. 


6. But to avoid driving everyone crazy if the alarm is triggered when you're 
not there, it should eventually stop itself, perhaps after about 10 minutes. 
At that point it should remain quiet but should light an LED to tell you 
what happened. You can then press a reset button to switch off the LED. 


Implementing the Wish List 


I've compiled a wish list that seems likely to make the project at least five times 
as complicated as it is already. Well, that’s what tends to happen when you go 
beyond little demo circuits and try to design something that will be useful in 
everyday life. Suddenly you find yourself having to accommodate all kinds of 
circumstances and situations. 


Actually, | can and will show you how to take care of all the enhancements on 
the wish list, but I'm thinking that they will require us to get a little more seri- 
ous about electronics projects in general first. If you're going to build some- 
thing ambitious, you'll want to make it more permanent, and probably more 
compact, than a breadboard with components pushed into it. 


You will need to know how to connect everything permanently with solder, on 
a piece of perforated board that you can install in a neat little project box with 
switches and lights on the outside. 


I'm going to deal with soldering and packaging in the next chapter. After that, 
we'll get back to the alarm project. 
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Getting Somewhat 
More Serious 


| don’t know how far you'll want to delve into electronics, but | do know that 
I've shown you about as much as | can with just a handful of components, 
some wires, a breadboard, and a few tools. To continue, you'll need: 


Some more tools and supplies 
+ Basic soldering skills 
Additional knowledge about: 
- Integrated circuits 
- Digital electronics 
- Microcontrollers 
- Motors 


The tools are not particularly exotic or expensive, and the soldering skills are 
easily acquired. Learning to join wires with solder is far easier than mastering 
high-level crafts such as jewelry making or welding. 


As for additional areas of knowledge about electronics, they are no more chal- 
lenging than those that | have covered already. 


By the end of this section, you should be able to transplant components from 
a breadboard onto perforated board, where you will solder everything togeth- 
er, and then mount the board in a little box with switches and warning lights 
on the front, for everyday use. 


Shopping List: Experiments 12 Through 15 


Tools 


Each of the following tools is rated Essential, Recommended, or Optional. The 
Essential tools will take you through this chapter of the book. If you supple- 
ment them with the Recommended tools, they should be sufficient to get you 
to the end of the book. The Optional tools will make your work easier, but 
whether they’re worth the money is for you to decide. Remember that URLs 
for manufacturers and sources of supply are all listed in the appendix. 


| 
e, 


IN THiS CHAPTER 





Shopping List: Experiments 12 Through 15 
Experiment 12: Joining Two Wires Together 
Experiment 13: Broil an LED 

Experiment 14: A Pulsing Glow 


Experiment 15: Intrusion Alarm Revisited 
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lam assuming that you already have some commonly used workshop basics, 
such as an electric drill. 


Essential: Pencil-type 15-watt soldering iron 
Examples are RadioShack part 64-2051, McMaster-Carr catalog item 
7016A34, or Xytronic model 252. See Figure 3-1. Soldering irons rated at 
15 watts are less common than those that deliver 25 watts or more. Still, 
the 15-watt size is desirable for the small-scale work you'll be doing, and 
greatly reduces the risk of damaging components by inflicting excess 
heat. 





Figure 3-1. The low wattage of this pencil- When comparing prices, remember that a plated tip, which costs a little 
ety SOIdEHINe Holt eviabies VOUT UGS HT more, will last longer, will be easier to keep clean, and will conduct heat 
safely on sensitive components, and the liabihy th lai iis: Ith f e ificati 
sharp tip helps to apply heat selectively. more reliably than a plain copper tip. tl e manu acturer’s specification 

doesn't mention a plated tip, the soldering iron probably doesn’t have 
one. 


Essential: General-duty soldering iron, 30 to 40 watts 
Although most of the projects in this book entail small, heat-sensitive 
components and thin wire, at some point you're likely to want to make a 
solder joint with larger components and/or thicker wire. A 15-watt solder- 
ing iron will be unable to deliver enough heat. You should consider having 
a larger soldering iron in reserve, especially because they are relatively 





inexpensive. 

Personally, | like the Weller Therma-Boost, shown in Figure 3-2, because 
Figure 3-2. This higher-wattage soldering it has an extra button that delivers more heat on demand. This is useful 
iron delivers the additional heat necessary when you want the iron to get hot quickly, or if you are trying to solder 


for thicker wire or larger components. The 
discoloration quickly occurs as a result 


of everyday use and has no effect on the ne ar z 7 i 
capability of the iron, asitane as thelr If you can’t find or don’t like the Weller, almost any 30-watt or 40-watt sol 


it is clean. dering iron will do. Check eBay or your local hardware store. 


very thick wire, which absorbs a lot of heat. 


Essential: Helping hand 

The so-called “helping hand” (or “third hand”) has two alligator clips that 
hold components or pieces of wire precisely in position while you join 
them with solder. Some versions of the “helping hand” also feature a mag- 
nifying lens, a wire spiral in which you can rest your soldering iron, and a 
little sponge that you use to clean the tip of your iron when it becomes 
dirty. These additional features are desirable. Helping hands are available 
from all electronics hobby sources. Examples are the catalog item HH55 
from Elenco or model 64-2991 from RadioShack. See Figure 3-3. 





Essential: Magnifying lens 


ma = aM No matter how good your eyes are, a small, handheld, powerful magnify- 
Figure 3-3. The helping hand is fitted with ing lens is essential when you are checking solder joints on perforated 
two alligator clips to hold your work. The board. The three-lens set in Figure 3-4 is designed to be held close to your 


metal spiral is a safe place to holster a hot . u P ” 
OIE ne Ren are youuse ine sponse to eye, and is more powerful than the large lens on a “helping hand.’ The 


wipe its tip. folding lens in Figure 3-5 stands on your workbench for hands-free opera- 
tion. Both are available from RadioShack and similar items are stocked by 
art supply stores and hobby shops. Plastic lenses are quite acceptable if 
you treat them carefully. 
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Figure 3-4. As long as you treat it carefully, Figure 3-S. This kind of folding magni- 


a cheap set of plastic magnifying lenses is fier can stand on your desktop and is 
perfectly acceptable. Handheld magnifica- useful for checking part numbers on tiny 
tion is essential for inspecting the solder components. 


joints that you make on perforated board. 


Essential: Clip-on meter test leads 
The probes that came with your multimeter require you to hold them in 
contact while you make a reading. This requires both hands, preventing 
you from doing anything else at the same time. 


When you use a pair of “minigrabber” probes with little spring-loaded 
clips at the end, you can attach the Common (negative) lead from your 
meter to the negative side of your circuit and leave it there, while you 
touch or attach the positive probe elsewhere. 


The Pomona model 6244-48-0 (shown in Figure 3-6) from Meter Superstore 
and some other suppliers is what you need. If you have trouble finding it 
or you object to the cost, you may consider making your own by buying a 
couple of “banana plugs” (such as RadioShack part 274-721) that will fit the 
sockets on your meter, and then use 16-gauge or thicker stranded wire to 
connect the plugs with IC test clips, such as Kobiconn 131C331 or RadioShack 
“mini hook clips,’ part number 270-372C. See Figures 3-7 and 3-8. 





Figure 3-8. These “minigrabber” add-ons for Figure 3-7. To make your own minigrabber Figure 3-8. Then screw a collar over the 
meter leads make it much easier to measure meter leads, first attach a banana plug to _ protruding piece of wire, and screw on the 
voltage or current. Push the spring-loaded —_ a wire by sliding the wire through the cap, cap. The other end of the wire is soldered to 
button, and a little copper hook slides out. into the plug, and out through a hole in a probe. 

Attach it to a wire, release the button, and the side. 

you have your hands free for other tasks. It’s 

a mystery that meters are not supplied with 

these grabbers as standard equipment. 
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Figure 3-8. Like an overpowered hair dryer, 
the heat gun is used with heat-shrink 
tubing to create a snug, insulated sheath 
around bare wire. 


Essential: Heat gun 


After you join two wires with solder, you often need to insulate them. 
Electrical tape, sometimes called insulating tape, is messy and tends to 
come unstuck. You'll be using heat-shrink tube, which forms a safe, per- 
manent sheath around a bare-metal joint. To make the tube shrink, use a 
heat gun, which is like a very powerful hair dryer. They're available from 
any hardware supply source, and | suggest you buy the cheapest one you 
can find. See Figure 3-9. 


Essential: Solder pump 


This little gadget sucks up hot, melted solder when you are trying to re- 
move a solder joint that you made in the wrong place. Available from All 
Electronics (catalog item SSR-1) or RadioShack 64-2086. See Figure 3-10. 


Essential: Desoldering wick 


Also known as desoldering braid. See Figure 3-11. You use this to soak up 
solder, in conjunction with the Solder Pump. Available from All Electronics 
(catalog item SWK) or RadioShack (part 64-2090). 


Essential: Miniature screwdriver set 


Dinky little electronic parts often have dinky little screws in them, and if 
you try to use the wrong size of screwdriver, you'll tend to mash the heads 
of the screws. | like the Stanley precision set, part number 66-052, shown 
in Figure 3-12. But any set will do as long as it has both small Phillips and 
straight-blade screwdrivers. 


Recommended: Soldering stand 

Like a holster for a gun, you rest your soldering iron in this stand when 
the iron is hot but not on use. Examples are catalog item 50B-205 from All 
Electronics, RadioShack model 64-2078, or check eBay. See Figure 3-13. 
This item may be built into the helping hand, but you need an extra one 
for your second soldering iron. 








Figure 3-10. To remove a Figure 3-11. An additional op- Figure 3-12. A set of small Figure 3-13. A safe and simple 
solder joint, you can heat the tion for removing liquid solder screwdrivers is essential. additional stand for a hot 
solder until it’s liquid, then is to soak it up in this copper soldering iron. 

suck it up into this squeezable braid. 

rubber bulb. 
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Recommended: Miniature hand saw 
| assume that you will want to mount a finished electronics project in a de- 
cent-looking enclosure. Consequently, you are likely to need tools to cut, 
shape, and trim thin plastic. For example, you may want to cut a square 
hole so that you can mount a square power switch in it. 


Power tools are not suitable for this kind of delicate work. A miniature 
handsaw (a.k.a. a “hobby saw”) is ideal for trimming things to fit. X-Acto 
makes a range of tiny saw blades. | suggest the #15 blade, plus the handle 
that it fits in, shown in Figure 3-14. Available online from Tower Hobbies, 
Hobbylinc, ArtCity, and many other arts/crafts sources. Also look for the 
larger X-Acto saw blade, #234 or #239, which you can use for cutting per- 
forated board. 





Figure 3-14. X-Acto makes a range of 


R ad Miniaioiaadh small saw blades that are ideal for cutting 
PR OLA ER GCs HANHEEEPE Wier square holes to mount components in 


A miniature vise can do things that the helping hand cannot.| use mine __pjastic panels. 
when I’m sawing small pieces of plastic and as a dead weight to anchor a 
piece of perforated board while I'm working on it. See Figure 3-15. 


Look for a cast-iron vise that is listed as being 1 inch or slightly larger, avail- 
able from Megahobby, eBay, and other arts/crafts sources. Also consider 
the PanaVise, which has a tilting head to allow you to turn your work to 
any angle. 


Recommended: Deburring tool 

A deburring tool instantly smoothes and bevels any rough edge (when you 
have sawn or drilled a piece of plastic, for instance) and also can enlarge 
holes slightly. This may be necessary because some components are manu- 
factured to metric sizes, which don't fit in the holes that you drill with Ameri- 
can bits. Your small local hardware store may not stock deburring tools, bUt Figure 3-15. This one-inch vise is available 
they are very inexpensively available from Sears, McMaster-Carr, KVM Tools, from the McMaster-Carr catalog. 

or Amazon. See Figure 3-16. 





Optional: Hand-cranked countersink 
You need a countersink to bevel the edges of screw holes to accept flat- 
headed screws. If you use a countersink bit in an electric drill, it won't give 
you precise control when you're working with thin, soft plastic. 


Handheld countersinks that you grasp and turn like a screwdriver are easy 
to find, but McMaster-Carr (catalog item 28775A61) is the only source I’ve 
found for a hand-cranked tool that is much quicker to use. It comes with a 
set of bits, as shown in Figure 3-17. 


Optional: Pick and hook set 
Made by Stanley, part number 82-115, available from Amazon and hard- 
ware stores. You can find imported imitations for a few dollars less. See 
Figure 3-18. 





Figure 3-18. This cunning little blade, 
. . safety-tipped with a round bump on the 
These may seem like a luxury, but are useful for measuring the external — end, removes rough edges from saw cuts 


diameter of a round object (such as the screw thread on a switch orapo-_ witha single stroke, and can enlarge holes 


Optional: Calipers 


tentiometer) or the internal diameter of a hole (into which you may want “at are almost big enough—but not quite. 


a switch or potentiometer to fit). 
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| like Mitutoyo calipers, and the low-end model 505-611 (shown in Figure 
3-19) does everything | need. You can find cheaper brands, but economiz- 
ing on precision measuring tools may not be a wise policy in the long 
term. The manufacturer's site will show you all their available models, af- 
ter which you can Google “Mitutoyo” to find retail sources. 





Figure 3-17. You spin this countersink tool Figure 3-18. This pick-and-hook set is use- Figure 3-18. Calipers can be digital (which 
like a hand crank to add just the right ful in many unexpected ways. automatically convert from millimeters to 
amount of bevel to a hole, so that it will 1/64 inch to 1/1,000 inch), or analog like 
accommodate a flat-head screw. these (so you never need to worry about a 
dead battery). 
Supplies 


Solder 
This is the stuff that you will melt to join components together on a per- 
manent (we hope) basis. You need some very thin solder, size 0.022 inches, 
for very small components, and thicker solder, 0.05 inches, for heavier items. 
Avoid buying solder that is intended for plumbers, or for craft purposes such 
as creating jewelry. A range of solder thicknesses is shown in Figure 3-20. You 
want to make sure to get lead-free solder. 


Electronics solder has a nonacidic rosin core that is appropriate for elec- 
tronic components. Rolls of solder are available from all hobby-electronics 
sources including All Electronics, RadioShack, and Jameco, or search for 
“electronic solder” on Amazon. 


Wire 
You'll need some stranded wire to make flexible external connections 


with the circuit that you'll be building. Look for 22-gauge stranded hook- 
up wire, in red, black, and green, 10 feet (minimum) of each. 





Figure 3-28. Spools of solder in various 
thicknesses. 


If you want to install the intrusion alarm after completing that project in 
Experiment 15, you'll need white-insulated two-conductor wire of the 
type sold for doorbells or furnace controls. This is available by the foot 
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from Lowe's, Home Depot, Ace Hardware, and similar stores. You'll decide 
how much to buy after you measure the distances between the magnetic 
sensor switches that you decide to install. 


Heat-shrink tube 
For use in conjunction with your heat gun, described previously. You'll 
need a range of sizes in any colors of your choice. See Figure 3-21. Check 
RadioShack part 278-1627, other electronics suppliers, or your local hard- 
ware store. Prices will vary widely. You can buy the cheapest. 


Copper alligator clips 
These absorb heat when you are soldering delicate components. The 
Mueller BU-30C is a full-size solid copper alligator clip for maximum heat 
absorption. RadioShack sells smaller clips (part number 270-373, shown 
in Figure 3-22) that are suitable for tiny components. 





Figure 3-21. Slide heat-shrink tubing over a Figure 3-22. These small clips absorb 


bare joint and apply heat from a heat gun heat to protect components when you're 
to make a tight insulating seal around the soldering them. 

joint. 

Perforated board 


When you're ready to move your circuit from a breadboard to a more per- 
manent location, you'll want to solder it to a piece of perforated board, 
often known as “prototyping board” but also called “perfboard.’ 


You need the type that has copper strips etched onto the back, in ex- 
actly the same “breadboard layout” as the conductors hidden inside a 
breadboard, so that you can retain the same layout of your components 
when you solder them into place. Examples are RadioShack part 276-150 
(shown in Figure 3-23) for small projects and part 276-170 (in Figure 3-24) 
for larger projects, such as Experiment 15. 


For very small projects in which you will connect components using their 
wires alone, you need perfboard that isn’t etched with copper strips con- 
necting the holes. | like the Twin Industries 7100 range (available from 
Mouser.com) or Vectorboard from Newark Electronics, shown in Figure Figure 3-23. This perforated board has a 
3-25. You use a saw to cut out as small a piece as you need. Cheaper op- __ pattern of copper traces similar to the 
tions are RadioShack part 276-147 (shown in Figure 3-26), or PC-1 from All Pattern inside a breadboard, so that you 

| ; . i littl ‘dl tr hole th can lay out the components with minimal 
Electronics. These have little copper circles around each hole that are not jy isk of wiring errors, when you're ready to 
necessary for our purposes, but not a problem, either. create a permanently soldered version of 

your project. 
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Figure 3-24. A larger example of perforated Figure 3-25. Plain perforated board (with Figure 3-28. A small piece of perforated 
board with breadboard geometry. no copper traces) can be used for mount- board with individual copper solder pads 
ing components when you want to do to assist you in mounting components. 


point-to-point wiring. 


Plywood 
When you use a soldering iron, hot drops of solder tend to fall onto your 
table or workbench. The solder solidifies almost instantly, can be difficult 
to remove, and will leave a scar. Consider using a 2-foot square of half-inch 
plywood to provide disposable protection. You can buy it precut at Home 
Depot or Lowe's. 


Machine screws 
To mount components behind a panel, you need small machine screws 
(or “bolts”). They look nice if they have flat heads that fit flush against the 
panel. | suggest stainless-steel machine screws, #4 size, in 1/2-, 5/8-, 3/4-, 
and 1-inch lengths, 100 of each, plus 400 washers and 400 #4 locknuts 
of the type that have nylon inserts, so that they won't work loose. Check 
McMaster-Carr for a large and reasonably priced selection. 


Project boxes 

A project box is just a small box (usually plastic) with a removable lid. You 
mount your switches, potentiometers, and LEDs in holes that you drill 
through the box, and you attach your circuit on a perforated board that 
goes inside the box. Search All Electronics for “project box” or RadioShack 
for “project enclosure.’ 

You need a box measuring approximately 6 inches long, 3 inches wide, 
and 2 inches high, such as RadioShack part 270-1805. Anything similar 
will do. | suggest you buy a couple other sizes as well, as they will be use- 
ful in the future. 
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What is Bombay blood group? 

To understand Bombay blood group we must understand the details of blood grouping. When we 
Say someone has blood group A, it means that the person has antigen of type 'A' and antibody of 
type 'B' in his/her blood. People with AB have both antigen A and B in their blood and no 
antibodies. People with O blood group have only antibodies A and B and no antigens. However 
what is not generally known is that all these groups have an antigen H in the blood as well. There 
are very few people who do not have this antigen H also in their blood. Instead they have antibody 
H because of which no other blood can be given to them. 


Blood Groups (Antigens and Antibodies) 


Blood Group Antigens Antibodies 
A A,H | B 
B B,H | A 
AB | A,B,H | = 
O | H A,B 
sai ees ; ABH 








Components 
Power plugs, sockets, and binding posts 


After you finish a project and put it in a box, you'll need a convenient way 
to supply it with power. Buy yourself a pair of insulated binding posts, such 
as RadioShack part 274-661, shown in Figure 3-27. Also obtain a panel- 
mounted power jack, size N, such as RadioShack part 274-1583, and DC 
power plug, size N, such as RadioShack 274-1573. The plug-and-socket 
pair is pictured in Figure 3-28. 

Finally, you will need interconnects that are sized to fit a perforated board 
that is drilled at intervals of 1/10 inch. Sometimes known as “single inline 
sockets and headers,” but also known as “boardmount sockets and pin- 
strip headers,’ they come in strips of 36 or more, and you can snip off as 
many as you need. Examples are Mill-Max part numbers 800-10-064-10- 
001000 and 801-93-050-10-001000, or 3M part numbers 929974-01-36- 
RK and 929834-01-36-RK. You can buy them from the usual electronics 
suppliers. Figure 3-29 shows headers before and after being snapped into 
small sections. Make sure that the interconnects have a terminal spacing 
of 0.1 inch. 


Battery 


After you complete Experiment 15 at the end of this section of the book, 
if you want to use the project on a practical basis, you'll need a 12-volt 
battery. Search online for “12v battery” and you'll find many sealed, re- 
chargeable lead-acid batteries that are designed for alarm systems, some 
measuring as small as 1x2x3-inch and costing under $10. You need a 
charger with it, which will probably cost you about $10. 


Switches and relays 


You will need the same DPDT relay and the same SPDT toggle switch that 
were mentioned in Chapter 2 shopping list. 


For Experiment 15, you'll need magnetic switches that you can apply to 
doors or windows, such as the Directed model 8601, available from doz- 
ens of sources online. 

Also you will need a DPDT pushbutton switch, ON-(ON) type, with 
solder terminals. Examples are model MPG206R04 by Tyco or model 
MB2061SS1W01-RO by NKK (with optional cap). Or search eBay for “DPDT 
pushbutton.” 


Diodes 


Buy at least half-a-dozen red 5 mm LEDs rated for approximately 2 volts, 
such as the Optek part number OVLFR3C7, Lumex part number SSL-LX- 
5093 IT, or Avago part HLMP-D155. Buy half-a-dozen similar green LEDs at 
the same time. 


In addition, you'll need a signal diode, type 1N4001 (any brand will do). 
Figure 3-30 shows an example, highly magnified. They're cheap, and likely 
to be useful in the future, so buy 10 of them. 
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Figure 3-27. These terminals, also known 
as binding posts, enable a solderless con- 
nection with wires that have stripped ends. 
Also available in black. 





Figure 3-28. The socket on the right can be 
mounted in a project box to receive power 
from the plug on the left. 





Figure 3-28. Single inline sockets (top) and 
headers (middle) allow you to make very 
compact plug-and-socket connections 

to a PC board. They can be sawn, cut, or 
snapped into smaller sections (bottom). 
The terminals are 0.1 inch apart. 





Figure 3-30. This IN4001 diode is about 
1/4 inch long and can handle up to 50 
volts. 
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Soldering Irons Get Hot! 
Please take these basic precautions: 


Use a proper stand (such as the one 
incorporated in your helping hands) 
to hold your soldering iron. Don't 
leave it lying on a workbench. 


If you have infants or pets, remember 
that they may play with, grab, or 
snag the wire to your soldering iron. 
They could injure themselves (or you). 


Be careful never to rest the hot tip 

of the iron on the power cord that 
supplies electricity to the iron. It can 
melt the plastic in seconds and cause 
a dramatic short circuit. 


Ifyou drop a soldering iron, don't be 
a hero and try to catch it. Most likely 
you will grab the hot part, which 
hurts. (I speak from experience.) 
When you burn your hand, you will 
instinctively let go of the iron, so you 
may as well let it drop freely without 
the intermediate step of burning 
yourself while it’s on its way to the 
floor. Naturally, you should pick it 
up quickly after it does hit the floor, 
but by then you will have gained the 
necessary time in which to make a 
sensible decision to grab it by the 
cool end. 


Always bear in mind that others in 
your home are more at risk of hurting 
themselves on a soldering iron than 
you are, because they won't know 
that it’s hot. Most soldering irons 
have no warning lights to tell you 
that they're plugged in. As a general 
rule, always assume that a soldering 
iron is hot, even if it’s unplugged. It 
may retain sufficient heat to burn 
you for longer than you expect. 
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Loudspeaker 
To complete the project in Experiment 15, you'll need a loudspeaker small 
enough to fit inside your project box but louder than the 1-inch speaker 
that you used previously. It should be 2 inches or 2.5 inches (50 to 60 mm) 
in diameter. If you can find a 1009 speaker, it will give you more output, 
but an 80 speaker will be acceptable. 


Experiment 12: Joining Two Wires Together 


Your adventure into soldering begins with the prosaic task of joining one wire 
to another, but will lead quickly to creating a full electronic circuit on perfo- 
rated board. So let's get started! 


You will need: 
+ 30-watt or 40-watt soldering iron 
* 15-watt pencil-type soldering iron 
« Thin solder (0.022 inches or similar) 
« Medium solder (0.05 inches or similar) 
+ Wire strippers and cutters 
* “Helping hand” gadget to hold your work 
+ Shrink-wrap tubing, assorted 
- Heat gun 


+ Something to protect your work area from drops of solder 


Your First Solder Joint 


We'll start with your general-duty soldering iron—the one rated for 30 or 40 
watts. Plug it in, leave it safely in its holder, and find something else to do for 
five minutes. If you try to use a soldering iron without giving it time to get fully 
hot, you will not make good joints. 


Strip the insulation from the ends of two pieces of 22-gauge solid wire and 
clamp them in your helping hand so that they cross each other and touch each 
other, as shown in Figure 3-31. 


To make sure that the iron is ready, try to melt the end of a thin piece of solder 
on the tip of the iron. The solder should melt instantly. If it melts slowly, the 
iron isn’t hot enough yet. 
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Now follow these steps (shown in Figures 3-32 through 3-36): 


Ts 


Make sure the tip of the soldering iron is clean (wipe it on the moist- 
ened sponge in the base of your helping hand if necessary), then touch 
it against the intersection of the wires steadily for three seconds to heat 
them. If you have hard tap water, use distilled water to wet the sponge to 
avoid a buildup of mineral deposits on the tip of your soldering iron. 


. While maintaining the iron in this position, feed a little solder onto the in- 


tersection of the wires, also touching the tip of the soldering iron. Thus, the 
two wires, the solder, and the tip of the iron should all come together at one 
point. The solder should spread over the wires within another two seconds. 


Remove the iron and the solder. Blow on the joint to cool it. Within 10 
seconds, it should be cool enough to touch. 


Unclamp the wires and try to tug them apart. Tug hard! If they defeat 
your best attempts to separate them, the wires are electrically joined and 
should stay joined. If you didn’t make a good joint, you will be able to 
separate the wires relatively easily, probably because you didn’t apply 
enough heat or enough solder to connect them. 


The reason | asked you to begin by using the higher-powered soldering iron is 
that it delivers more heat, which makes it easier to use. 





Figure 3-32 Figure 3-33 
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Figure 3-31. A helping hand work aid is 
shown here holding two wires with their 
stripped ends touching. The magnifying 
glass has been hinged out of the way. 





Figure 3-34 





Figure 3-35. This and the preceding three Figure 3-38. The completed joint should be 
figures illustrate four steps to making a shiny, uniform, and rounded in shape. 


solder joint: apply heat to the wires, bring 
in the solder while maintaining the heat, 
wait for the solder to start to melt, and 
wait a moment longer for it to form a com- 
pletely molten bead. The whole process 
should take between 4 and 6 seconds. 
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Soldering myths 


Myth #1: Soldering is very difficult. 
Millions of people have learned how to do it, and statis- 
tically, you are unlikely to be less coordinated than all 
of them. | have a lifelong problem with a tremor in my 
hands that makes it difficult for me to hold small things 
steadily. | also get impatient with repetitive detail work. 
If |can solder components, almost anyone should be 
able to. 


Myth #2: Soldering involves poisonous chemicals. 
Modern solder contains no lead. You should avoid 
inhaling the fumes for prolonged periods, but that also 
applies to everyday products such as bleach and paint. 
If soldering was a significant health hazard, we should 
have seen a high death rate among electronics hobby- 
ists decades ago. 


Soldering alternatives 


As recently as the 1950s, connections inside electronic ap- 
pliances such as radio sets were still being hand-soldered by 
workers on production lines. But the growth of telephone 
exchanges created a need for a faster way to make large 
numbers of rapid, reliable point-to-point wiring connec- 
tions, and “wire wrap” became a viable alternative. 


In a wire-wrapped electronics project, components are 
mounted on a circuit board that has long, gold-plated, 
sharp-cornered square pins sticking out of the rear. Special 
silver-plated wire is used, with an inch of insulation stripped 
from its ends. A manual or power-driven wire-wrap tool 
twirls the end of a wire around one of the pins, applying 
sufficient tension to “cold-weld” the soft silver plating of 

the wire to the pin. The wrapping process exerts sufficient 
pressure to make a very reliable joint, especially as 7 to 9 
turns of wire are applied, each turn touching all four corners 
of the pin. 


During the 1970s and 1980s, this system was adopted by 
hobbyists who built their own home computers. A wire- 
wrapped circuit board from a hand-built computer is shown 
in Figure 3-37. The technique was used by NASA to wire the 
computer in the Apollo spacecraft that went to the moon, 
but today, wire-wrapping has few commercial applications. 


The widespread industrial use of “through-hole” compo- 
nents, such as the chips on early desktop computers, en- 
couraged development of wave soldering, in which a wave 
or waterfall of molten solder is applied to the underside of a 


Myth #3: Soldering is hazardous. 
A soldering iron is less hazardous than the kind of iron 
that you might use to iron a shirt, because it delivers 
less heat. In fact, in my experience, soldering is safer 
than most activities in a typical home or basement 
workshop. That doesn’t mean you can be careless! 


preheated circuit board where chips have been inserted. A 
masking technique prevents the solder from sticking where 
it isn’t wanted. 


Today, surface-mount components (which are significantly 
smaller than their through-hole counterparts) are glued to 
a circuit board with a solder paste, and the entire assembly 
is then heated, melting the paste to create a permanent 
connection. 


Figure 3-37. This picture shows some of the wire-wrapping in 
Steve Chamberlin's custom-built, retro 8-bit CPU and com- 
puter. “Back in the day,” connecting such a network of wires 
with solder joints would have been unduly time-consuming and 
prone to faults. Photo credit: Steve Chamberlin. 
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Eight most common soldering errors 


1. Not enough heat. 
The joint looks OK, but because you didn’t apply quite 
enough heat, the solder didn’t melt sufficiently to 
realign its internal molecular structure. It remained 
granular instead of becoming a solid, uniform blob, 
and you end up with a “dry joint,’ also known as a “cold 
joint,’ which will come apart when you pull the wires 
away from each other. Reheat the joint thoroughly and 
apply new solder. 
A leading cause of underheated solder is the tempta- 
tion to use the soldering iron to carry solder to the 
joint. This results in the cold wires reducing the tem- 
perature of the solder. What you should do is touch the 
soldering iron to heat the wires first, and then apply 
the solder. This way, the wires are hot and help to melt 
the solder, which wants to stick to them. 
Because this is such a universal problem, I'll repeat 
myself: Never melt solder on the tip of the iron and then 
use it to carry the solder to the joint. 


You don't want to put hot solder on cold wires. You 
want to put cold solder on hot wires. 

. Too much heat. 
This may not hurt the joint, but can damage everything 
around it. Vinyl insulation will melt, exposing the wire 
and raising the risk of short circuits. You can easily dam- 
age semiconductors, and may even melt the internal 
plastic components of switches and connectors. 
Damaged components must be desoldered and re- 
placed, which will take time and tends to be a big hassle 
(see “Tools: Desoldering” on page 109 for advice). 

. Not enough solder. 
A thin connection between two conductors may not be 
strong enough. When joining two wires, always check 
the underside of the joint to see whether the solder 
penetrated completely. 

. Moving the joint before the solder solidifies. 
You may create a fracture that you won't necessarily 
see. It may not stop your circuit from working, but at 
some point in the future, as a result of vibration or 
thermal stresses, the fracture can separate just enough 
to break electrical contact. Tracking it down will then 
be a chore. If you clamp components before you join 
them, or use perforated board to hold the components 
steady, you can avoid this problem. 


Figure 3-38. Test result of 
a bad solder joint. 
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. Dirt or grease. 


Electrical solder contains rosin that cleans the metal 
that you're working with, but contaminants can still 
prevent solder from sticking. If any component looks 
dirty, clean it with fine sandpaper before joining it. 


. Carbon on the tip of your soldering iron. 


The iron gradually accumulates flecks of black car- 
bon during use, and they can act as a barrier to heat 
transfer. Wipe the tip of the iron on the little sponge 
mounted in the base of your soldering iron stand or 
your helping hand. 


. Inappropriate materials. 


Electronic solder is designed for electronic compo- 
nents. It will not work with aluminum, stainless steel, or 
various other metals. You may be able to make it stick 
to chrome-plated items, but only with difficulty. 


. Failure to test the joint. 


Don't just assume that it’s OK. Always test it, by apply- 
ing manual force if you can (see Figures 3-38 and 3-39 
for the ideal protocol) or, if you can't get a grip on the 
joint, slip a screwdriver blade under it and flex it just 

a little, or use small pliers to try to pull it apart. Don’t 
be concerned about ruining your work. If your joint 
doesn't survive rough treatment, it wasn’t a good joint. 


Of the eight errors, dry/cold joints are by far the worst, 
because they are easy to make and can look OK. 


(lbh 


] 


Figure 3-38. Test result of a good 
solder joint. 
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Your Second Solder Joint 


Time now to try your pencil-style soldering iron. Once again, you must leave it 
plugged in for a good five minutes to make sure it’s hot enough. In the mean- 
time, don’t forget to unplug your other soldering iron, and put it somewhere 
safe while it cools. 


This time I'd like you to align the wires parallel with each other. Joining them 
this way is a little more difficult than joining them when they cross each other, 
but it’s a necessary skill. Otherwise, you won't be able to slide heat-shrink tub- 
ing over the finished joint to insulate it. 


Figures 3-40 through 3-44 show a successful joint of this type. The two wires 
do not have to make perfect contact with each other; the solder will fill any 
small gaps. But the wires must be hot enough for the solder to flow, and this 
can take an extra few seconds when you use the low-wattage pencil-style iron. 


Be sure to feed the solder in as shown in the pictures. Remember: don't try 
to carry the solder to the joint on the tip of the iron. Heat the wires first, and 
then touch the solder to the wires and the tip of the iron, while keeping it in 
contact with the wires. Wait until the solder liquifies, and you will see it run- 
ning eagerly into the joint. If this doesn’t happen, be more patient and apply 
the heat for a little longer. 











Figure 3-40 Figure 3-41 Figure 3-42 
Figure 3-43. This and the preceding three Figure 3-44. The finished joint has enough 
figures show how joining two wires that solder for strength, but not so much solder 
are parallel is more difficult, and the that it will prevent heat-shrink tubing from 
low-wattage, pencil-type soldering iron will sliding over it. 
require longer to heat them sufficiently for 
a good joint. Thinner solder can be used. 
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THEORY 


Soldering theory 


The better you understand the process of soldering, the easier it should be for 
you to make good solder joints. 


The tip of the soldering iron is hot, and you want to transfer that heat into the 
joint that you are trying to make. In this situation, you can think of the heat as 
being like a fluid. The larger the connection is between the soldering iron and 
the joint, the greater the quantity of heat, per second, that can flow through it. 


For this reason, you should adjust the angle of the soldering iron so that it 
makes the widest possible contact. If it touches the wires only at a tiny point, 
you'll limit the amount of heat flow. Figures 3-45 and 3-46 illustrate this con- 
cept. Once the solder starts to melt, it broadens the area of contact, which helps 
to transfer more heat, so the process accelerates naturally. Initiating it is the 
tricky part. 


The other aspect of heat flow that you should consider is that it can suck heat 
away from the places where you want it, and deliver it to places where you 
don’t want it. If you're trying to solder a very heavy piece of copper wire, the 
joint may never get hot enough to melt the solder, because the heavy wire 
conducts heat away from the joint. You may find that even a 40-watt iron isn’t 
powerful enough to overcome this problem, and if you are doing heavy work, 
you may need a more powerful iron. 


As a general rule, if you can’t complete a solder joint in 10 seconds, you aren't 
applying enough heat. 


Figure 3-45. With only a small surface Figure 3-48. A larger area of contact 
area of contact between the iron and between the soldering iron and its target 
the working surface, an insufficient will greatly increase the heat transfer. 
amount of heat is transferred. 
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Desoldering 


Desoldering is much, much harder 
than soldering. Two simple tools 
are available: 


+ Suction pump. First, you apply 
the soldering iron to make the 
solder liquid. Then you use 
this simple gadget to try to 
suck up as much of the liquid 
as possible. Usually it won't re- 
move enough metal to allow 
you to pull the joint apart, and 
you will have to try the next 
tool. Refer back to Figure 3-10. 


Desoldering wick or braid. 
Desoldering wick, also known 
as braid, is designed to soak 
up the solder from a joint, but 
again, it won't clean the joint 
entirely, and you will be in the 
awkward position of trying to 
use both hands to pull com- 
ponents apart while simulta- 
neously applying heat to stop 
the solder from solidifying. 
Refer back to Figure 3-11. 


| don’t have much advice about 
desoldering. It's a frustrating experi- 
ence (at least, | think so) and can 
damage components irrevocably. 
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Heat Guns Get Hot, Too! 


Notice the chromed steel tube at the 
business end of your heat gun. Steel 
costs more than plastic, so the manu- 
facturer must have put it there for a 
good reason—and the reason is that 
the air flowing through it becomes so 
hot that it would melt a plastic tube. 


The metal tube stays hot enough to 
burn you for several minutes after 
you've used it. And, as in the case of 
soldering irons, other people (and 
pets) are vulnerable, because they 
won't necessarily know that the heat 
gun is hot. Most of all, make sure that 
no one in your home ever makes the 
mistake of using a heat gun as a hair 
dryer (Figure 3-47). 


This tool is just a little more hazard- 
ous than it appears. 


Figure 3-48. Slip the tubing over your wire 
joint. 


Adding Insulation 


After you've succeeded in making a good inline solder connection between 
two wires, it’s time for the easy part. Choose some heat-shrink tubing that is 
just big enough to slide over the joint with a little bit of room to spare. 


(? CONS 
Y 


Cc 






Figure 3-47. Other members of your family should understand that although a heat gun 
looks like a hair dryer, appearances may be deceptive. 


Slide the tubing along until the joint is centered under it, hold it in front of 
your heat gun, and switch on the gun (keeping your fingers away from the 
blast of superheated air). Turn the wire so that you heat both sides. The tubing 
should shrink tight around the joint within half a minute. If you overheat the 
tubing, it may shrink so much that it splits, at which point you must remove 
it and start over. As soon as the tubing is tight around the wire, your job is 
done, and there's no point in making it any hotter. Figures 3-48 through 3-50 
show the desired result. | used white tubing because it shows up well in photo- 
graphs. Different colors of heat-shrink tubing all perform the same way. 





Figure 3-48. Apply heat to the tubing. 


Figure 3-50. Leave the heat on the tubing 
until it shrinks to firmly cover the joint. 
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| suggest you next practice your soldering skills on a couple of practical proj- 
ects. In the first one, you can add color-coded, solid-core wires to your AC 
adapter, and in the second one, you can shorten the power cord for a laptop 
power supply. You can use your larger soldering iron for both of these tasks, 
because neither of them involves any heat-sensitive components. 


Modifying an AC Adapter 


In the previous chapter, | mentioned the irritation of being unable to push the 
wires from your AC adapter into the holes of your breadboard. So, let’s fix this 
right now: 


1. Cut two pieces of solid-conductor 22-gauge wire—one of them red, the 
other black or blue. Each should be about 2 inches long. Strip a quarter- 
inch of insulation from both ends of each piece of wire. 


2. Trim the wire from your AC adapter. You need to expose some fresh, clean 
copper to maximize your chance of getting the solder to stick. 


| suggest that you make one conductor longer than the other to minimize 
the chance of the bare ends touching and creating a short circuit. Use 
your meter, set to DC volts, if you have any doubt about which conductor 
is positive. 


Solder the wires and add heat-shrink tubing as you did in the practice session. 
The result should look like Figure 3-51. 





Figure 3-51. Solid-core color-coded wires, soldered onto the wires from an AC adapter, pro- 
vide a convenient way to feed power to a breadboard. Note that the wires are of differing 
lengths to reduce the risk of them touching each other. 


Shortening a Power Cord 


When | travel, | like to minimize everything. It always annoys me that the pow- 
er cord for the power supply of my laptop is 4 feet long. The thinner wire that 
connects the power supply to the computer is also 4 feet long, and | just don’t 
need that much wire. 
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Choose the Right Tubing 


If you use heat-shrink tubing on 110v 
AC cord, as is being done in this ex- 
periment, make sure you use tubing 
that’s been rated for 110v use. 
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After searching exhaustively | couldn't find any laptop power cables shorter 
than 3 feet, so | decided to shorten one myself. If you feel no need to do this, 
you should try the following procedure on an old extension cord, just as an 
exercise. You do need to go through these steps to acquire some practice in 
soldering heavier, stranded wire and using heat-shrink tubing: 


Ls 


Use your wire cutters to chop the wire, and then a utility knife to split the 
two conductors, with one shorter than the other. When splicing a pow- 
er cord or similar cable containing two or more conductors, it's good to 
avoid having the joints opposite each other. They fit more snugly if they 
are offset, and there's less risk of a short circuit if a joint fails. 





Figure 3-S2 Figure 3-53 Figure 3-54 





—S— 


Figure 3-SS Figure 3-S& Figure 3-57 


2. 


es 


Figure 3-58. Figures 3-52 through 3-58 
illustrate the sequence of steps to prepare 
for making a shortened power cord for a 
laptop computer power supply. 
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Strip off a minimal amount of insulation. One-eighth of an inch (3 mm) is 
sufficient. The automatic wire strippers that | mentioned in the shopping 
list in Chapter 1 are especially convenient, but regular wire strippers will 
do the job. 


Cut two pieces of heat-shrink tubing, each 1 inch long, big enough to slide 
over the separate conductors in your cable. Cut a separate 2-inch piece of 
larger tubing that will slide over the entire joint when it’s done. The steps 
described so far are illustrated in Figures 3-52 through 3-58. 


Now for the most difficult part: activating your human memory. You have 
to remember to slide the tubing onto the wire before you make your sol- 
der joint, because the plugs on the ends of the wires will prevent you from 
adding any heat-shrink tubing later. If you're as impatient as | am, it's very 
difficult to remember to do this every time. 





About Bombay Blood Group 


Most of us are not aware about such blood group's existence on this planet. Bombay blood group is named so because the first case was found in Bombay (now Mumbai), the financial capital of India.[1] 
This group is commonly mistaken as “O" group and many times not identified at all because of lack of necessary technology in blood banks. Bombay blood group differs from O blood group by lacking H 
antigen on RBCs. It could be Rh positive or Rh negative.[2]|It’s one of the rarest blood groups in India as well as world. 1 in every 17600 people in India or 1 in every 25000 people in the world has this blood 
group.[3] We Indian are lucky as the frequency is more here with respect to the world. It is believed that this blood group resulted from gene mutation in Indian population and slowly was spread all over the 
world. City like Mumbai has got only 35-40 blood donors with this blood group. [4] Totally 179 people are known to have Bombay Blood group in India, [6] 


What is Bombay Blood Group? 


To understand Bombay Blood Group we must understand the details of blood grouping. When we say someone has blood group A, it means that the person has antigen of type ‘A’ and antibody of type 'B’ in 
his/her blood. People with AB have both antigen A and B in their blood and no antibodies. People with O blood group have only antibodies A and B and no antigens. However what is not generally known is 
that all these groups have an antigen H on in the blood as well. There are very few people who do not have this antigen H also in their blood. Instead they have antibody H because of which no other blood 
can be given to them. 


Blood Groups(Antigens and Antibodies) 


Blood Group AntigensAntibodies 
A AH B 

B B,H A 

AB A,B,H S 

fe) H A.B 


Bombay BloodGroup = - A,B,H 
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5. Use your helping hand to align the first joint. Push the two pieces of wire 
together so that the strands intermingle, and then squeeze them tight 
between finger and thumb, so that there are no little bits sticking out. A 
stray strand of wire can puncture heat-shrink tubing when the tubing is 
hot and soft and is shrinking around the joint. 


6. The wire that you're joining is much heavier than the 22-gauge wire that 
you worked with previously, so it will suck up more heat, and you must 
touch the soldering iron to it for a longer time. Make sure that the solder 
flows all the way into the joint, and check the underside after the joint 
is cool. Most likely you'll find some bare copper strands there. The joint 
should become a nice solid, rounded, shiny blob. Keep the heat-shrink 
tubing as far away from the joint as possible while you're using the solder- 
ing iron, so that heat from the iron doesn’t shrink the tubing prematurely, 
preventing you from sliding it over the joint later. 


Figure 3-SS Figure 3-&0 





Figure 3-S2 Figure 3-§3 Figure 3-$4 


7. When the joint has cooled, slide the heat-shrink tubing over it, and apply 
the heat gun. Now repeat the process with the other conductor. Finally, 
slide the larger piece of tubing over the joint. You did remember to put 
the large tubing onto the wire at the beginning, didn’t you? 





Figures 3-59 through 3-65 show the steps all the way through to the end. 


If you have completed the soldering exercises so far, you now have sufficient 
basic skills to solder your first electronic circuit. But first, | want you to verify : 
the vulnerability of components to heat. ». 





Figure 3-85. Completion of the shortened 
power cord for a laptop power supply. 
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Figure 3-88. By literally hooking together 
the leads from a resistor and a white-light 
LED, we minimize pathways for heat to 
escape during the subsequent test. 





Figure 3-87. Applying heat with a 15-watt 
soldering iron. A typical LED should 
withstand this treatment for two or three 


minutes, but if you substitute a 30-watt 
soldering iron, the LED is likely to burn out 
in under 15 seconds. 
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In Chapter 1, you saw how an LED can be damaged if too much current flows 
through it. The electricity caused heat, which melted the LED. Unsurprisingly, 
you can just as easily melt it by applying too much heat to one of its leads with 
a soldering iron. The question is: how much heat is too much? Let's find out. 


You will need: 
+ 30-watt or 40-watt soldering iron 
+ 15-watt pencil-type soldering iron 
+ Acouple of LEDs (that are expendable) 
* 6800 resistor 
+ Wire cutters and sharp-nosed pliers 
* “Helping hand” gadget to hold your work 


| don’t want you to use alligator clips to join the LED to a power supply, be- 
cause the alligator clip will divert and absorb some of the heat from your sol- 
dering iron. Instead, please use some sharp-nosed pliers to bend each of the 
leads from an LED into little hooks, and do the same thing with the wires ona 
6800 load resistor. Finally bend the new wires on your AC adapter so that they, 
too, are tiny hooks. Now you can put the hooks together like links in a chain, 
as shown in Figure 3-66. 


Grip the plastic body of the LED in your helping hand. Plastic is not a good 
thermal conductor, so the helping hand shouldn't siphon too much heat away 
from our target. The resistor can dangle from one of the leads on the LED, and 
the wire from the AC adapter can hang from that, a little farther down. Gravity 
should be sufficient to make this work. Set your AC adapter to deliver 12 volts 
as before, plug it in, and your LED should be shining brightly. | used a white 
LED in this experiment, because it's easier to photograph. 


Make sure your two soldering irons are really hot. They should have been 
plugged in for at least five minutes. Now take the pencil-style iron and hold its 
tip firmly against one of the leads on your glowing LED, while you check the 
time with a watch. Figure 3-67 shows the setup. 


I'm betting that you can sustain this contact for a full three minutes without 
burning out the LED. This is why you use a 15-watt soldering iron for delicate 
electronics work—it doesn’t endanger the components. 


Allow your LED wire to cool, and then apply your more powerful soldering iron 
to the same piece of wire as before. Again, make sure it is completely hot, and 
| think you'll find that the LED will go dark after as little as 10 seconds (note, 
some LEDs can survive higher temperatures than others). This is why you don’t 
use a 30-watt soldering iron for delicate electronics work. 


The large iron doesn’t necessarily reach a higher temperature than the small 
one. It just has a larger heat capacity. In other words, a greater quantity of heat 
can flow out of it, at a faster rate. 
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Throw away your burned-out LED. Substitute a new one, connected as before, 
but add a full-size copper alligator clip to one of the leads up near the body of 
the LED, as shown in Figure 3-68. Press the tip of your 30-watt or 40-watt sol- 
dering iron against the lead just below the alligator clip. This time, you should 
be able to hold the powerful soldering iron in place for a full two minutes 
without burning out the LED. 


Imagine the heat flowing out through the tip of your soldering iron, into the 
wire that leads to the LED—except that the heat meets the alligator clip along 
the way, as shown in Figure 3-69. The clip is like an empty vessel waiting to 
be filled. It offers much less resistance to heat than the remainder of the wire 
leading to the LED, so the heat prefers to flow into the copper clip, leaving the 
LED unharmed. At the end of your experiment, if you touch the clip, you'll find 
that it’s hot, while the LED remains relatively cooler. 


The alligator clip is known as a heat sink, and it should be made of copper, 
because copper is one of the best conductors of heat. 


Because the 15-watt soldering iron failed to harm the LED, you may conclude 
that the 15-watt iron is completely safe, eliminating all need for a heat sink. 
Well, this may be true. The problem is, you don’t really know whether some 
semiconductors may be more heat-sensitive than LEDs. Because the con- 
sequences of burning out a component are so exasperating, | suggest you 
should play it safe and use a heat sink in these circumstances: 


+ If you apply 15-watt iron extremely close to a semiconductor for 20 sec- 
onds or more. 


- If you apply a 30-watt iron near resistors or capacitors for 10 seconds or 
more. (Never use it near semiconductors.) 


+ If you apply a 30-watt iron near anything meltable for 20 seconds or more. 
Meltable items include insulation on wires, plastic connectors, and plastic 
components inside switches. 


Rules for Heat Sinking 
1. Full-size copper alligator clips do work better. 


2. Clamp the alligator clip as close as possible to the component and as far 
as possible from the joint. (You don’t want to suck too much heat away 
from the joint.) 


3. Make sure there is a metal-to-metal connection between the alligator clip 
and the wire to promote good heat transfer. 
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Figure 3-88. When a copper alligator clip is 
used as a heat sink, you should be able to 
apply a 30-watt soldering iron (below the 

clip) without damaging the LED. 


Heat Flow 


Figure 3-88. The heat sink intercepts the 
heat, sucks it up, and protects the LED 
from damage. 
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All about perforated board 


For the remainder of this book, you'll be using perforated 2. Breadboard-style wiring. Use perforated board that is 
board whenever you want to create permanent, soldered printed with copper traces in exactly the same pattern 
circuits. There are three ways to do this: as the conductors inside a breadboard. Once your 


circuit works on the breadboard, you move the com- 
ponents over to the perfboard one by one, maintain- 
ing their exact same positions relative to each other. 
You solder the “legs” of the components to the copper 
traces, which complete the circuit. Then you trim off 
the surplus wire. The advantage of this procedure is 
that it’s quick, requires very little planning, and mini- 
mizes the possibility for errors. The disadvantage is that 
it tends to waste space. A cheap example is shown in 
Figure 3-72. 

3. You can etch your own circuit board with customized 
copper traces that link your components in a point- 
to-point layout. This is the most professional way to 
complete a project, but it requires more time, trouble, 
and equipment than is practical in this book. 
Point-to-point wiring is like working with alligator clips, 
ona much smaller scale. The first soldered project will 
use this procedure. 


1. Point-to-point wiring. You use perforated board that 
has no connections behind the holes. Either the board 
has no copper traces on it at all, as in Figure 3-70, or 
you will find a little circular copper circle around each 
hole, as in Figure 3-71. These circles are not connected 
with each other and are used only to stabilize the com- 
ponents that you assemble. 

Point-to-point wiring allows you to place the com- 
ponents in a convenient, compact layout that can be 
very similar to a schematic. Under the board you bend 
the wires to link the components, and solder them 
together, adding extra lengths of wire if necessary. The 
advantage of this system is that it can be extremely 
compact. The disadvantage is that the layout can be 
confusing, leading to errors. 





Figure 3-70 





Figure 3-71. Either this type of perforated board or the type in Fig- _ Figure 3-72. Perforated board etched with copper in variants of 
ure 3-70 can be used for point-to-point wiring in Experiment 14. a breadboard layout. This example is appropriate for Experi- 
ment 15. 
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Experiment 14: A Pulsing Glow 
You will need: 
- Breadboard 
+ 15-watt pencil-type soldering iron 
¢ Thin solder (0.022 inches or similar) 
- Wire strippers and cutters 
+ Plain perforated board (no copper etching necessary) 
* Small vise or clamp to hold your perforated board 
« Resistors, various 
* Capacitors, electrolytic, 100 uF and 220 uF, one of each 
+ Red LED, 5 mm, rated for 2 volts approximately 
* 2N6027 programmable unijunction transistor 


Your first circuit using a PUT was a slow-speed oscillator that made an LED 
flash about twice each second. The flashes looked very “electronic,’ by which 
| mean that the LED blinked on and off without a gradual transition between 
each state. I'm wondering if we can modify this circuit to make the LED pulse 
in a more gentle, interesting way, like the warning light on an Apple MacBook 
when it’s in “sleep” mode. I’m thinking that something of this sort might be 
wearable as an ornament, if it’s small enough and elegant enough. 


I'm also thinking that this first soldering project will serve three purposes. It 
will test and refine your skill at joining wires together, will teach you point-to- 
point wiring with perfboard, and will give you some additional insight into the 
way that capacitors can be used to adjust timing. 


Look back at the original schematic in Experiment 11, on page 82. Refresh your 
memory about the way it worked. The capacitor charges through a resistor un- 
til it has enough voltage to overcome the internal resistance in the PUT. Then 
the capacitor discharges through the PUT and flashes the LED. 


If you drew a graph of the light coming out of the LED, it would be a thin, square- 
shaped pulse, as shown in Figure 3-73. How can we fill it out to make it more like 
the curve in Figure 3-74, so that the LED fades gently on and off, like a heartbeat? 


One thing is obvious: the LED is going to be emitting a greater total amount of 
light in each cycle. Therefore, it’s going to need more power. This means that 
C1, in Figure 3-75, must be a larger capacitor. 


When we have a larger capacitor, it takes longer to charge. To keep the flashes 
reasonably frequent, we'll need a lower-value resistor for R1 to charge the ca- 
pacitor quickly enough. In addition, reducing the values of R2 and R3 will pro- 
gram the PUT to allow a longer pulse. 


Most important, | want to discharge the capacitor through a resistor to make 
the onset of the pulse gradual instead of sudden. Remember, when you have 
a resistor in series with a capacitor, the capacitor not only charges more slowly, 
but discharges more slowly. 
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Figure 3-74. The original PUT oscillator 
circuit in Experiment 11 made the LED 
emit sharp, short flashes. The upper graph 
shows what we might find if we measured 
light output over time. The second graph 
shows a gentler onset to each flash, fol- 
lowed by a slow fade-out. Capacitors can 
be used to create this effect. 
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Figure 3-75. The first step toward creating 
a gentler flashing effect is to use a larger 
capacitor for C1 and discharge it through 
a resistor, R4. Lower-value resistors are 
necessary to charge the capacitor rapidly 
enough. 


R1: 33K 

R2: 1K 

R3: 1K 

R4: 1K 

C1: 100 pF electrolytic 
Ql: 2N6027 





Figure 3-78. The second step toward a 
gentler flashing effect is to add another 
capacitor, C2, which charges quickly with 
each pulse and then discharges slowly 
through R5 and the LED below it. 


Same components as before, plus: 
R5: 3300 

C2: 220 uF electrolytic 

Power supply increased to 9 volts 
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Figure 3-75 shows these features. Compare it with Figure 2-103 on page 85. R1 
is now 33K instead of 470K. R2 and R3 are reduced to 1K. R4 also is 1K, to so 
that the capacitor takes longer to discharge through it. And C1 is now 100 UF 
instead of 2.2 uF. 


Assemble this circuit on a breadboard, and compare the results when you in- 
clude R4 or bypass it with a plain piece of jumper wire. It softens the pulse a 
bit, but we can work on it some more. On the output side of the PUT, we can 
add another capacitor. This will charge itself when the pulse comes out of the 
PUT, and then discharge itself gradually through another resistor, so that the 
light from the LED dies away more slowly. 


Figure 3-76 shows the setup. C2 is large—220 uF—so it sucks up the pulse that 
comes out of the PUT, and then gradually releases it through 3300 resistor R5 
and the LED. You'll see that the LED behaves differently now, fading out inside 
of blinking off. But the resistances that I’ve added have dimmed the LED, and 
to brighten it, you should increase the power supply from 6 volts to 9 volts. 


Remember that a capacitor imposes a smoothing effect only if one side of it 
is grounded to the negative side of the power supply. The presence of the 
negative charge on that side of the capacitor attracts the positive pulse to the 
other side. 


| like the look of this heartbeat effect. | can imagine a piece of wearable elec- 
tronic jewelry that pulses in this sensual way, very different from the hard- 
edged, sharp-on-and-off of a simple oscillator circuit. The only question is 
whether we can squeeze the components into a package that is small enough 
to wear. 


R5 





Figure 3-77. Ona dark night in a rural area, the 
heartbeat flasher may be attractive in unexpected 
ways. 
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Resizing the Circuit 


The first step is to look at the physical components and imagine how to fit them 
into asmall space. Figure 3-78 shows a 3D view of a compact arrangement. Check 
this carefully, tracing all the paths through the circuit, and you'll see that it’s the 
same as the schematic. The trouble is that if we solder the components together 
like this, they won't have much strength. All the little wires can bend easily, and 
there’s no easy way to mount the circuit in something or on something. 





Figure 3-78. This layout of components replicates their connections in the schematic 
diagram while squeezing them into a minimal amount of space. 


The answer is to put it on a substrate, which is one of those terms that people in 
the electronics field like to use, perhaps because it sounds more technical than 
“perfboard”’ But perforated board is what we need, and Figure 3-79 shows the 
components transferred onto a piece of board measuring just 1 inch by 0.8 inch. 


The center version of this diagram uses dotted lines to show how the compo- 
nents will be connected with each other underneath the board. Mostly the 
leads that stick out from underneath the components will be long enough to 
make these connections. 


Finally, the bottom version of the perfboard diagram shows the perfboard 
flipped left-to-right (notice the L and the R have been transposed to remind 
you, and I’ve used a darker color to indicate the underside of the board). 
Orange circles indicate where solder joints will be needed. 


The LED should be unpluggable, because we may want to run it at some dis- 
tance from the circuit. Likewise the power source should be unpluggable. For- 
tunately we can buy miniature connectors that fit right into the perforated 
board. You may have to go to large online retail suppliers such as Mouser.com 
for these. Some manufacturers call them “single inline sockets and headers,’ 
while others call them “boardmount sockets and pinstrip headers.” Refer back 


to Figure 3-29 and check the shopping list for more details. 


This is a very compact design that will require careful work with your pencil- 
style soldering iron. Because a piece of perforated board as small as this will 
tend to skitter around, | suggest that you apply your miniature vise to one end 
to anchor it with some weight while still allowing you to turn it easily. 
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Figure 3-78. Perforated board can be used 
to support the layout of components. Their 
leads are soldered together under the 
board to create the circuit. The middle dia- 
gram shows the wires under the board as 
dashed lines. The bottom diagram shows 
the board from underneath, flipped left to 
right. Orange circles indicate where solder 
joints will be necessary. 
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Figure 3-80. Components mounted ona 
piece of perforated board. 





Figure 3-81. The assembly seen from 
below. The copper circles around the holes 
are not necessary for this project. Some of 
them have picked up some solder, but this 
is irrelevant as long as no unintentional 
short circuits are created. 
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When I’m working on this kind of project, | like to place it (with the vise at- 
tached) on a soft piece of polyurethane foam—the kind of slab that is nor- 
mally used to make a chair cushion. The foam protects the components from 
damage when the board is upside-down, and again helps to prevent the work 
from sliding around unpredictably. 


Step by Step 
Here's the specific procedure for building this circuit: 


1. Cut the small piece of perfboard out of a sheet that has no copper traces 
onit. You can cut the section using your miniature hobby saw, or you may 
be able to snap the board along its lines of holes, if you're careful. Alter- 
natively, use a small ready-cut piece of perfboard with copper circles on it 
that are not connected to one another. You'll ignore the copper circles in 
this project. (In the next experiment, you'll deal with the additional chal- 
lenge of making connections between components and copper traces on 
perforated board.) 


2. Gather all the components and carefully insert them through holes in the 
board, counting the holes to make sure everything is in the right place. 
Flip the board over and bend the wires from the components to anchor 
them to the board and create connections as shown. If any of the wires 
isn't long enough, you'll have to supplement it with an extra piece of 
22-gauge wire from your supply. You can remove all the insulation, as we'll 
be mounting the perfboard on a piece of insulating plastic. 


3. Trim the wires approximately with your wire cutters. 


4. Make the joints with your pencil soldering iron. Note that in this circuit, 
you are just joining wires to each other. The components are so close to- 
gether that they'll prevent each other from wiggling around too much. If 
you are using board with copper pads (as | did), and some solder connects 
with them, that's OK—as long as it doesn’t creep across to the neighbor- 
ing component and create a short circuit. 


5. Check each joint using a close-up magnifying glass, and wiggle it with 
pointed-nosed pliers. If there isn’t enough solder for a really secure joint, 
reheat it and add more. If solder has created a connection that shouldn't 
be there, use a utility knife to make two parallel cuts in the solder, and 
scrape away the little section between them. 


Generally, | insert three or four components, trim the wires approximately, sol- 
der them, trim their wires finally, then pause to check the joints and the place- 
ment. If | solder too many components in succession, there's a greater risk of 
missing a bad joint, and if | make an error in placing a component, undoing 
it will be much more problematic if | have already added a whole lot more 
components around it. 


Figures 3-80 and 3-81 show the version of this project that | constructed, be- 
fore | trimmed the board to the minimum size. 
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Flying Wire Segments 


The jaws of your wire cutters exert a powerful force that peaks and then is suddenly 
released when they cut through wire. This force can be translated into sudden mo- 
tion of the snipped wire segment. Some wires are relatively soft, and don’t pose a 
risk, but harder wires can fly in unpredictable directions at high speed, and may hit 
you in the eye. The leads of transistors are especially hazardous in this respect. 


| think it's a good idea to wear safety glasses when trimming wires. 


Finishing the Job 


| always use bright illumination. This is not a luxury; it is a necessity. Buy a 
cheap desk lamp if you don’t already have one. | use a daylight-spectrum fluo- 
rescent desk lamp, because it helps me identify the colored bands on resistors 
more reliably. Note that this type of fluorescent lamp emits quite a lot of ultra- 
violet light, which is not good for the lens in your eye. Avoid looking closely 
and directly at the tube in the lamp, and if you wear glasses, they will provide 
additional protection. 


No matter how good your close-up vision is, you need to examine each joint 
with that close-up magnifier. You'll be surprised how imperfect some of them 
are. Hold the magnifier as close as possible to your eye, then pick up the thing 
that you want to examine and bring it closer until it comes into focus. 


Finally, you should end up with a working circuit. You can insert the wires from 
your power supply into two of the tiny power sockets, and plug a red LED into 
the remaining two sockets. Remember that the two center sockets are nega- 
tive, and the two outer sockets are positive, because it was easier to wire the 
circuit this way. You should color-code them to avoid mistakes. 


So now you have a tiny circuit that pulses like a heartbeat. Or does it? If you 
have difficulty making it work, retrace every connection and compare it with the 
schematic. If you don't find an error, apply power to the circuit, attach the black 
lead from your meter to the negative side, and then go around the circuit with 
the red lead, checking the presence of voltage. Every part of this circuit should 
show at least some voltage while it’s working. If you find a dead connection, 
you may have made a bad solder joint, or missed one entirely. 


When you're done, now what? Well, now you can stop being an electronics 
hobbyist and become a crafts hobbyist. You can try to figure out a way to make 
this thing wearable. 


First you have to consider the power supply. Because of the components that | 
used, we really need 9 volts to make this work well. How are you going to make 
this 9-volt circuit wearable, with a bulky 9-volt battery? 


| can think of three answers: 
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1. You can put the battery in a pocket, and mount the flasher on the outside 
of the pocket, with a thin wire penetrating the fabric. Note that the tiny 
power connector on the perforated board will accept two 22-gauge wires 
if they are solid core, or if they are stranded (like the wires from a 9-volt 
battery connector) but have been thinly coated with solder. 


2. You could mount the battery inside the crown of a baseball cap, with the 
flasher on the front. 


3. You can put together three 3-volt button batteries in a stack, held in some 
kind of plastic clip. If you try this option, it may not be a good idea to try 
to solder wire to a battery. You will heat the liquid stuff inside the battery, 
which may not be good for it, and may not be good for you if the liquid 
starts boiling and the battery bursts open. Also, solder doesn't stick easily 
to the metallic finish on most battery terminals. 


Most LEDs create a sharply defined beam of light, which you may want to dif- 
fuse to make it look nicer. One way to do this is to use a piece of transparent 
acrylic plastic, at least 1/4 inch thick, as shown in Figure 3-82. Sandpaper the 
front of the acrylic, ideally using an orbital sander that won't make an obvious 
pattern. Sanding will make the acrylic translucent rather than transparent. 


Drill a hole slightly larger than the LED in the back of the acrylic. Don’t drill all 
the way through the plastic. Remove all fragments and dust from the hole by 
blasting some compressed air into it, or by washing it if you don’t have an air 
compressor. After the cavity is completely dry, get some transparent silicone 
caulking or mix some clear five-minute epoxy and put a drop in the bottom of 
the hole. Then insert the LED, pushing it in so that it forces the epoxy to ooze 
around it, making a tight seal. See Figure 3-82. 





Figure 3-82. This cross-sectional view shows a sheet of transparent acrylic in which a hole 
has been drilled part of the way from the back toward the front. Because a drill bit creates 
a hole with a conical shape at the bottom, and because the LED has rounded contours, 
transparent epoxy or silicone caulking can be injected into the hole before mounting the 
LED. 


Try illuminating the LED, and sand the acrylic some more if necessary. Finally, 
you can decide whether to mount the circuit on the back of the acrylic, or 
whether you want to run a wire to it elsewhere. 
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“If mankind evolved from the same African ancestor then everyone’s blood 
would be compatible, but itis not. Where did the Rh- negatives come from? 
Why does the body of an Rh- negative mother carrying an Rh+ positive child 
try to reject her own offspring? Humanity isn’t one race, but a hybrid species.” 
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Because the LED will flash at about the speed of a human heart while the per- 
son is resting, it may look as if it’s measuring your pulse, especially if you mount 
it on the center of your chest or in a strap around your wrist. If you enjoy hoax- 
ing people, you can suggest that you're in such amazingly good shape, your 
pulse rate remains constant even when you're taking strenuous exercises. 


To make a good-looking enclosure for the circuit, | can think of options rang- 
ing from embedding the whole thing in clear epoxy to finding a Victorian-style 
locket. I'll leave you to consider alternatives, because this is a book about elec- 
tronics rather than handicrafts. 


However, | will address one final issue: how long will this gadget continue 
flashing? 


If you check the following section “Essentials: Battery life,’ you'll find that a reg- 
ular alkaline 9-volt battery should keep the LED flashing for about 50 hours. 


ESSENTIALS 


Battery life 


Any time you finish a circuit that you intend to run from a battery, you'll want 
to calculate the likely battery life. This is easily done, because manufacturers 
rate their batteries according to the “ampere hours” they can deliver. Keep the 
following in mind: 


+ The abbreviation for amp-hours is Ah, sometimes printed as AH. Milliampere- 
hours are abbreviated mAh. 

+ The rating of a battery in amp-hours is equal to the current, in amps, multi- 
plied by the number of hours that the battery can deliver it. 


Thus, in theory 1 amp-hour can mean 1 amp for 1 hour, or 0.1 amp for 10 hours, 
or 0.01 amp for 100 hours—and so on. In reality, it’s not as simple as this, be- 
cause the chemicals inside a battery become depleted more quickly when you 
draw a heavy current, especially if the battery gets hot. You have to stay within 
limits that are appropriate to the size of the battery. 


For instance, if a small battery is rated for 0.5 amp-hours, you can’t expect to 
draw 30 amperes from it for 1 minute. But you should be able to get 0.005 amps 
(i.e., 5 milliamps) for 100 hours without any trouble. Remember, though, that 
the voltage delivered by a battery will be greater than its rated voltage when 
the battery is fresh, and will diminish below its rated voltage while the battery is 
delivering power. 


According to some test data that | trust (I think they are a little more realistic 
than the estimates supplied by battery manufacturers), here are some numbers 
for typical batteries: 

Typical 9 volt alkaline battery: 0.3 amp-hours, while delivering 100 mA. 


Typical AA size, 1.5-volt alkaline battery: 2.2 amp-hours, while delivering 
100 mA. 


Rechargeable nickel-metal hydride battery: about twice the endurance of a 
comparably sized alkaline battery. 


Lithium battery: maybe three times the endurance of an alkaline battery. 
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Maddened by measurement 


Throughout most of this book, I've mostly used measurements in inches, 
although sometimes I’ve digressed into the metric system, as when referring to 
“5-mm LEDs.’ This isn’t inconsistency on my part; it reflects the conflicted state 
of the electronics industry, where you'll find inches and millimeters both in daily 
use, often in the very same data sheet. 


The United States is the only major nation still using the old system of units 
that originated in England. (The other two holdouts are Liberia and Myanmar, 
according to the CIA's World Factbook.) Still, the United States has led many 
advances in electronics, especially the development of silicon chips, which have 
contacts spaced 1/10 inch apart. These standards became firmly established, 
and show no sign of disappearing. 


To complicate matters further, even in the United States, you can encounter two 
incompatible systems for expressing fractions of an inch. Drill bits, for instance, 
are measured in multiples of 1/64 inch, while metal thicknesses may be mea- 
sured in decimals such as 0.06 inch (which is approximately 1/16 inch). 


The metric system is not necessarily more rational than the U.S. system. Origi- 
nally, when the metric system was formally introduced in 1875, the meter was 
defined as being 1/10,000,000 of the distance between the North Pole and the 
equator, along a line passing through Paris—a quixotic, Francocentric conceit. 
Since then, the meter has been redefined three times, in a series of efforts to 
achieve greater accuracy in scientific applications. 


As for the usefulness of a 10-based system, moving a decimal point is certainly 
simpler than doing calculations in 64ths of an inch, but the only reason we 
count in tens is because we happen to have evolved with that number of digits 
on our hands. A 12-based system would really be more convenient, as numbers 
would be evenly divisible by 2 and 3. 


As we're stuck with the whimsical aspects of length measurement, I've created 
the charts in Figures 3-83 and 3-84 to assist you in going from one system to 
another. From these you will see that when you need to drill a hole for a 5 mm 
LED, a 3/16-inch drill bit is about right. (In fact, it results in a better, tighter fit 
than if you drill an actual 5 mm hole.) 
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Figure 3-83. Because units of measurement are not standardized in electronics, conversion is often necessary. The chart on the right is a 
5x magnification of the bottom section of the chart on the left. 
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Figure 3-84. This chart allows conversion between hundredths of an inch, conventional U. S. fractions of an inch, and fractions expressed 
in thousandths of an inch. 
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Experiment 15: Intrusion Alarm Revisited 


Time now to add some of the enhancements to the intrusion alarm that | dis- 
cussed at the end of Experiment 11. I’m going to show you how the alarm 
can be triggered if you install various detectors on windows and doors in your 
home. I'll also show how the alarm can be wired so that it locks itself on and 
continues to make noise even after a door or window is reclosed. 


This experiment will demonstrate the procedure for transferring a project from 
a breadboard to a piece of perforated board that has copper connections laid 
out identically to the ones inside the breadboard, as shown earlier in Figure 
3-72. And you'll mount the finished circuit in a project box with switches and 
connectors on the front. 


When all is said and done, you'll be ready for wholesale circuit building. The 
explanations in the rest of this book will get gradually briefer, and the pace 
will increase. 


You will need: 
+ 15-watt pencil-type soldering iron 
Thin solder (0.022 inches or similar) 
+ Wire strippers and cutters 
Perforated board etched with copper in a breadboard layout 
+ Small vise or clamp to hold your perforated board 
The same components that you used in Experiment 11, plus: 
- 2N2222 NPN transistor. Quantity: 1. 
- DPDT relay. Quantity: 1. 
- SPDT toggle switch. Quantity: 1. 
- 1N4001 diode. Quantity: 1. 
- Red and green 5mm LEDs. Quantity: 1 each. 
- Project box, 6 x 3 x 2 inches. 
- Power jack, type N, and matching power socket, type N. 
- Binding posts. 
- Stranded 22-gauge wire, three different colors. 
- Magnetic sensor switches, sufficient for your home. 


- Alarm network wiring, sufficient for your home. 
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Figure 3-85. In this simple alarm sensor 
switch, the lower module contains a mag- 
net, which opens and closes a reed switch 
sealed into the upper module. 


128 


Magnetic Sensor Switches 


A typical alarm sensor switch consists of two modules: the magnetic mod- 
ule and the switch module, as shown in Figures 3-85 and 3-86. The magnetic 
module contains a permanent magnet, and nothing else. The switch module 
contains a “reed switch,’ which makes or breaks a connection (like a contact in- 
side a relay) under the influence of the magnet. When you bring the magnetic 
module close to the switch module, you may faintly hear the reed switch click 
as it flips from one state to the other. 


Like all switches, reed switches can be normally open or normally closed. For 
this project, you want the kind of switch that is normally open, and closes 
when the magnetic module is close to it. 


Attach the magnetic module to the moving part of a door or window, and at- 
tach the switch module to the window frame or door frame. When the window 
or door is closed, the magnetic module is almost touching the switch module. 
The magnet keeps the switch closed until the door or window is opened, at 
which point the switch opens. 


The only question is: how do we use this component to trigger our alarm? As 
long as a small current flows through all our magnetic sensor switches, the 
alarm should be off, but if the flow of current stops, the alarm should switch on. 


We could use a relay that is “always on” while the alarm is armed. When the cir- 
cuit is interrupted, the relay relaxes and its other pair of contacts closes, which 
could power up the alarm noisemaker. 


But | don't like this idea. Relays take significant power, and they can get hot. 
Most of them are not designed to be kept “always-on.” I'd prefer to handle the 
task using a transistor. 





Figure 3-88. This cutaway diagram shows a reed switch (bottom) and the magnet that 
activates it (top), inside an alarm sensor. The switch contains two flexible magnetized 
strips, the upper one with its south pole adjacent to an electrical contact, the lower one 
with its north pole adjacent to an electrical contact. When the south pole of the magnet 
approaches the switch, the magnetic force (shown as dashed lines) repels the south 
contact and attracts the north contact, causing them to snap together. Two screws on the 
outside of the casing are connected with the strips inside. 
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A Break-to-Make Transistor Circuit 


First, recall how an NPN transistor works. When the base is not sufficiently posi- 
tive, the transistor blocks current between its collector and emitter, but when 
the base is relatively positive, the transistor passes current. 


Take a look at the schematic in Figure 3-87, which is built around our old friend 
the 2N2222 NPN transistor. When the switch is closed, it connects the base of 
the transistor to the negative side of the power supply through a 1K resistor. 
At the same time, the base is connected with the positive side of the power 
supply through a 10K resistor. Because of the difference in resistances and the 
relatively high turn-on voltage for the LED, the base is forced below its turn-on 
threshold, and as a result, the transistor will not pass much current. The LED 
will glow dimly at best. 


Now what happens when the switch is opened? The base of the transistor 
loses its negative power supply and has only its positive power supply. It be- 
comes much more positive, above the turn-on threshold for the transistor, 
which tells the transistor to lower its resistance and pass more current. The LED 
now glows brightly. Thus, when the switch is turned off and breaks the con- 
nection, the LED is turned on. 


This seems to be what we want. Imagine a whole series of switches instead 
of just one switch, as shown in Figure 3-88. The circuit will still work the same 
way, even if the switches are scattered all over your home, because the resis- 
tance in the wires connecting the switches will be trivial compared with the 
resistance of the 1K resistor. 


12V 
DC 


680 







Q1 


Switches 
activated 
by opened 
doors or 
windows 


Figure 3-88. A network of switches, wired in series, can be substituted for the single switch 
in Figure 3-87 Now any one switch will break continuity and trigger the transistor. 





Getting Somewhat More Serious 


Experiment 15: Intrusion Alarm Revisited 


12V 
DC 


10K Ee 


Q1 


AA 


1K 


Figure 3-87. In this demonstration circuit, 
when the switch is opened, it interrupts 
negative voltage to the base of the transis- 
tor, causing the transistor to lower its 
resistance, allowing current to reach the 
LED. Thus, when the switch is turned off, it 
turns on the LED. 
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| have shown the switches open, because that’s the way the schematic for a 
switch is drawn, but imagine them all closed. The base of the transistor will 
now be supplied through the long piece of wire connecting all the closed 
switches, and the LED will stay dark. Now if just one switch is opened, or if 
anyone tampers with the wire linking them, the base of the transistor loses its 
connection to negative power, at which point the transistor conducts power 
and the LED lights up. 


While all the switches remain closed, the circuit is drawing very little current— 
probably about 1.1 mA. So you could run it from a typical 12-volt alarm battery. 


Now suppose we swap out the LED and put a relay in there instead, as shown 
in Figure 3-89. | don’t mind using a relay in this location, because the relay will 
not be “always on." It will normally be off, and will draw power only when the 
alarm is triggered. 


12V 
DC 







Switches 
activated 
by opened 
doors or 
windows 
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Figure 3-88. If the LED and 6800 resistor shown in are removed, and a relay takes their 
place, the relay will be activated when any switch in the sensor network is opened. 


Try one of the 12-volt relays that you used previously. You should find that 
when you open the switch, the relay is energized. When you close the switch, 
the relay goes back to sleep. Note that | eliminated the 6800 resistor from the 
circuit, because the relay doesn’t need any protection from the 12-volt power 


supply. 
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Self-Locking Relay 


There's only one remaining problem: we want the alarm to continue making 
noise even after someone who has opened a door or window closes it again 
quickly. In other words, when the relay is activated, it must lock itself on. 


One way to do this would be by using a latching relay. The only problem is that 
we would then need another piece of circuitry to unlatch it. | prefer to show 
you how you can make any relay keep itself switched on after it has received 
just one jolt of power. This idea will be useful to you later in the book as well. 


The secret is to supply power to the relay coil through the two contacts inside 
the relay that are normally open. (Note that this is exactly opposite to the relay 
oscillator, which supplied power to its coil through the contacts that were nor- 
mally closed. That setup caused the relay to switch itself off almost as soon as 
it switched itself on. This setup causes the relay to keep itself switched on, as 
soon as it has been activated.) 


In Figure 3-90, the four schematics illustrate this. You can imagine them as be- 
ing like frames in a movie, photographed microseconds apart. In the first pic- 
ture, the switch is open, the relay is not energized, and nothing is happening. 
In the second, the switch has been closed to energize the coil. In the third, the 
coil has pulled the contact inside the relay, so that power now reaches the coil 
via two paths. In the fourth, the switch has been opened, but the relay is still 
powering its own coil through its contacts. It will remain locked in this state 
until the power is disconnected. 


12V 12V 12V 12V 
DC DC DC DC 


Figure 3-80. This sequence of schematics shows the events that occur when a relay is 
energized. Initially, the switch is open. Then the switch is closed, activating the relay. The 
relay then powers itself through its own internal contacts. The relay remains energized 
even after the switch is opened again. Power switched by the relay can be taken from the 
circuit at point A. 


All we need to do, to make use of this idea, is to substitute the transistor for the 
on/off switch, and tap into the circuit at point A, running a wire from there to 
the noisemaking module. 


Figure 3-91 shows how that would work. When the transistor is activated by 
any of the network of sensor switches, as previously explained, the transistor 
conducts power to the relay. The relay locks itself on, and the transistor be- 
comes irrelevant. 
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Figure 3-82. This block diagram previously 
shown in Figure 2-112 on page 90 has been 
updated to include the magnetic-switch 
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Figure 3-81. The self-locking relay depicted in has been incorporated in the alarm circuit, 
so that if any switch in the network is opened, the relay will continue to power the noise 


Lou d speaker maker even if the switch is closed again. 


Because I’ve been adding pieces to the original alarm noisemaker circuit, I've 
updated the block diagram from Figure 2-112 to show that we can still break 
this down into modules with simple functions. The revised diagram is shown 


id 


network and locking-relay control system. in Figure 3-92. 
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Blocking Bad Voltage 


One little problem remains: in the new version of the circuit, if the transistor 
goes off while the relay is still on, current from the relay can flow back up the 
wire to the emitter of the transistor, where it will try to flow backward through 
the transistor to the base, which is “more negative,’ as it is linked through all 
the magnetic switches and the 1K resistor to the negative side of the power 
supply. 


Applying power backward through a transistor is not a nice thing to do. There- 
fore the final schematic in this series shows one more component, which you 
have not seen before: a diode, labeled D1. See Figure 3-93. The diode looks like 
the heart of an LED, and indeed, that’s pretty much what it is, although some 
diodes are much more robust. It allows electricity to flow in only one direction, 
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Below atomic numbers and from right to left, we read the molecular structure as follows. 
Deoxyribose (formula H? C5 0}, Adenine (formula H4 C5 NS), Thymine (formula Hs C3 O35 NZ), 
Deoxyribose, Phosphate (formula P O4), Phosphate, Deoxnbose, Cytosine (4 C4 Na OO): 
Guanine (formula H4 CS N5 0), Deoxynbose, Phosphate, Phosphate. VWve deliberatly show 

- 3 Hydrogen in the formula for Deoxynbose, and -1 Hydrogen Atom for each Nitrogen Base to 
indicate the complete molecular structure and the hydrogen bonds between each of them. 


from positive to negative, as shown by its arrow symbol. If current tries to flow 
in the opposite direction, the diode blocks it. The only price you pay for this 
service is that the diode imposes a small voltage drop on electricity flowing in 
the “OK” direction. 


So now, positive flow can pass from the transistor, through the diode, to the 
relay coil, to get things started. The relay then supplies itself with power, but 
the diode prevents the positive voltage from getting back into the transistor 
the wrong way. 


Perhaps a more elegant solution to the problem is to connect the NO leg of 
the relay via a 10k resistor to the base connection. When the relay is not ener- 
gized, the NO leg is inert and simply behaves as a parasitic capacitance on the 
node. When the relay becomes energized, the NO leg shunts +12V through 
the common terminal via a 10k resistor into the base of the transistor. In this 
circuit configuration, the transistor is never exposed to a potentially harmful 
voltage and you are not depending on leakage currents of non-ideal elements 
to protect devices. 


However, | needed an opportunity to introduce you to the concept of diodes. 
You can check the following section “Essentials: All about diodes” to learn 
more. 
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Figure 3-83. Diode D1 has been added to protect the emitter of Q1 from positive voltage 
when the relay is energized. 
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A ESSENTIALS 


All about diodes 


A diode is a very early type of semiconductor. It allows electricity to flow in one 
direction, but blocks it in the opposite direction. (A light-emitting diode is a 
much more recent invention.) Like an LED, a diode can be damaged by revers- 
ing the voltage and applying excessive power, but most diodes generally have 
a much greater tolerance for this than LEDs. The end of the diode that blocks 
positive voltage is always marked, usually with a circular band, while the other 
end remains unmarked. Diodes are especially useful in logic circuits, and can 
also convert alternating current (AC) into direct current (DC). 


A Zener diode is a special type that we won't be using in this book. It blocks cur- 
rent completely in one direction, and also blocks it in the other direction until a 
threshold voltage is reached—much like a PUT. 


Signal diodes are available for various different voltages and wattages. The 
1N4001 diode that | recommend for the alarm activation circuit is capable of 
handling a much greater load at a much higher voltage, but | used it because it 
has a low internal resistance. | wanted the diode to impose a minimal voltage 
drop, so that the relay would receive as much voltage as possible. 


It’s good practice to use diodes at less than their rated capacity. Like any semi- 
conductor, they can overheat and burn out if they are subjected to mistreatment. 


The schematic symbol for a diode has only one significant variant: sometimes 
the triangle is outlined instead of filled solid black (see Figure 3-94). 


Figure 3-84. Either of these schematic symbols may be used to represent a diode, 
but the one on the right is more common than the one on the left. 
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Completing the Breadboard Alarm Circuit 


It’s time now to breadboard the control circuit for your alarm noisemaker. Fig- 
ure 3-95 shows how this can be done. | am assuming that you still have the 
noisemaker, which functions as before. I'm assuming that you still have its rel- 
evant components mounted on the top half of the breadboard. To save space, 
I'm just going to show the additional components mounted on the bottom 
half of the same breadboard. 


It's important to remember that you are not supplying power directly to the 
left and right “rails” on the breadboard anymore; you are supplying power to 
the relay-transistor section, and when the relay closes its contacts, the relay 
supplies power to the rails. These then feed the power up to the top half of the 
breadboard. So disconnect your power supply from the breadboard rails and 
reconnect it as shown in Figure 3-95. 
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Power to noisemaker circuit in upper part of breadboard 


To 
sensor 
switches 


Figure 3-85. The schematic that was developed in the previous pages can be emulated 
with components on a breadboard, as shown here. S1is a DPDT relay. Wires to the sensor 
switch network and to the power supply must be added where shown. 


Because it’s a double-pole relay, | am using it to switch negative as well as 
positive. This means that when the relay contacts are open, the noisemaking 
section of the circuit is completely isolated from the rest of the world. 
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The breadboarded relay circuit is exactly the same as the schematic in Figure 
3-93. The components have just been rearranged and squeezed together so 
that they will fit alongside the relay. Two wires at the lower-left corner go to 
the network of magnetic sensor switches that will trip the alarm; for testing 
purposes, you can just hold the stripped ends of these two wires together to 
simulate all the switches being closed, and separate the wires to simulate a 
switch opening. 


Two more wires bring power to the breadboard on either side of the relay. This 
is where you should connect your power supply during testing. The output 
from the relay, through its top pair of contacts, is connected with the rails of 
the breadboard by a little jumper wire at top left, and another at top right. 
Don't forget to include them! One more little wire at the lower-left corner (eas- 
ily overlooked) connects the lefthand side rail to the lefthand coil terminal of 
the relay, so that when the relay is powering the noisemaker circuit, it powers 
itself as well. 


When you mount the diode, remember that the end of it that is marked with a 
band around it is the end that blocks positive current. In this circuit, that’s the 
lower end of the diode. 


Try it to make sure that it works. Short the sensor wires together and then ap- 
ply power. The alarm should remain silent. You can use your meter to check 
that no voltage exists between the side rails. Now separate the sensor wires, 
and the relay should click, supplying power to the side rails, which activates 
the noisemaker. Even if you bring the sensor wires back together, the relay 
should remain locked on. The only way to unlock it is to disconnect the power 
supply. 


When the circuit is active, the transistor followed by the diode drops the volt- 
age slightly, but the 12-volt relay should still work. 


In my test circuit, trying three different relays, they drew between 27 and 40 
milliamps at 9.6 volts. Some current still leaked through the transistor when it 
was in its “off” mode, but only a couple of milliamps at 0.5 volts. This low volt- 
age was far below the threshold required to trip the relay. 


Ready for Perfboarding 


If the circuit works, the next step is to immortalize it on perforated board. 
Use the type of board that has a breadboard contact pattern etched on it 
in copper, as shown in Figure 3-72 on page 116. Check the following section, 
“Essentials: Perfboard procedure,’ for guidance on the best way to make this 
particular kind of solder joint—and the subsequent section for the most com- 
mon problems. 
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Perfboard soldering procedure 


Carefully note the position of a component on your bread- 
board, and then move it to the same relative position on the 
perfboard, poking its wires through the little holes. 


Turn the perfboard upside down, make sure that it’s stable, 
and examine the hole where the wire is poking through, as 
shown in Figure 3-96. A copper trace surrounds this hole 
and links it with others. Your task is to melt solder so that 

it sticks to the copper and also to the wire, forming a solid, 
reliable connection between the two of them. 


Take your pencil-style soldering iron in one hand and some 
solder in your other hand. Hold the tip of the iron against 
the wire and the copper, and feed some thin solder to their 
intersection. After two to four seconds, the solder should 
start flowing. 


Figure 3-88 Figure 3-S7 


Figure 3-88. To establish a connection between a section of wire 
and a copper trace on perforated board, the wire is pushed 
through the hole, and solder (shown in pure white for illustra- 
tive purposes) completes the connection. The wire can then be 
snipped short. 


Allow enough solder to form a rounded bump sealing the 
wire and the copper, as shown in Figure 3-97. Wait for the 
solder to harden thoroughly, and then grab the wire with 
pointed-nosed pliers and wiggle it to make sure you have 
a strong connection. If all is well, snip the protruding wire 
with your cutters. See Figure 3-98. 


Because solder joints are difficult to photograph, I’m using 
drawings to show the wire before and after making a rea- 
sonably good joint, which is shown in pure white, outlined 
with a black line. 


Actual soldered perfboard is shown in the photographs in 
Figures 3-99 and 3-100. 


Figure 3-88. This photograph was taken during the process 
of transferring components from breadboard to perforated 
board. Two or three components at a time are inserted from 
the other side of the board, and their leads are bent over to 
prevent them from falling out. 


Figure 3-100. After soldering, the leads are snipped short and 
the joints are inspected under a magnifying glass. Another two 
or three components can now be inserted, and the process can 
be repeated. 
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Four most common perfboarding errors 


1. Too much solder 
Before you know it, solder creeps across the board, 
touches the next copper trace, and sticks to it, as de- 
picted in Figure 3-101. When this happens, you have to 
wait for it to cool, and then cut it with a utility knife. You 
can also try to remove it with a rubber bulb and solder 
wick, but some of it will tend to remain. 


Even a microscopic trace of solder is enough to create 
a short circuit. Check the wiring under a magnifying 
glass while turning the perfboard so that the light 
strikes it from different angles (or use your solder wick 
to suck it away). 


Figure 3-102. Too little solder (or insufficient heat) can allow 
a soldered wire to remain separate from the soldered copper 
on the perforated board. Even a hair-thin gap is sufficient to 
prevent an electrical connection. 


3. Components incorrectly placed 
It's very easy to put a component one hole away from 
the position where it should be. It’s also easy to forget 
to make a connection. 


| suggest that you print a copy of the schematic, and 
each time you make a connection on the perforated 
board, you eliminate that wire on your hardcopy, using 
a highlighter. 

Figure 3-101. If too much solder is used, it makes a mess and 4. Debris 


can create an unwanted connection with another conductor. When you're trimming wires, the little fragments that 


you cut don't disappear. They start to clutter your work 
area, and one of them can easily get trapped under 
your perforated board, creating an electrical connec- 
tion where you don’t want it. 


2. Not enough solder 
If the joint is thin, the wire can break free from the 
solder as it cools. Even a microscopic crack is sufficient 
to stop the circuit from working. In extreme cases, the 
solder sticks to the wire, and sticks to the copper trace This is another reason for working with something soft, 
around the wire, yet doesn’t make a solid bridge con- such as polyurethane foam, under your project. It tends 
necting the two, leaving the wire encircled by solder to absorb or hold little pieces of debris, reducing the 
yet untouched by it, as shown in Figure 3-102. You risk of you picking them up in your wiring. 
may find this undetectable unless you observe it with Clean the underside of your board with an old (dry) 
magnification. toothbrush before you apply power to it, and keep your 
You can add more solder to any joint that may have work area as neat as possible. The more meticulous you 
insufficient solder, but be sure to reheat the joint are, the fewer problems you'll have later. 
thoroughly. Once again, be sure to check every joint with a magni- 


fying glass. 
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Transferring components from the breadboard to the perforated board should 
be fairly simple, as long as you don't try to move too many at once. Follow the 
suggestions described in previous section “Essentials: Perfboard procedure,’ 
and pause frequently to check your connections. Impatience is almost always 


the cause of errors in this kind of work. 


Figure 3-103 shows the noisemaker section of the circuit on perfboard, with 
the components positioned to minimize wasted space. Figure 3-104 shows 
the perfboard with the relay and its associated components added. The two 
black wires will go to the loudspeaker, the black-and-red pair of wires will 
bring power to the board, and the green wires will go to the magnetic sensor 
switches. Each wire penetrates the board, and its stripped end is soldered to 
the copper beneath. 


Test it now, in the same way that you tested the same circuit on the bread- 
board. If it doesn’t work, check the following section, “Essentials: Real-world 
fault tracing.” If it does work, you're ready to trim the board and mount it ina 
project box. 


ESSENTIALS 


Real-world fault tracing 
Here's a real-life description of the procedure for tracing a fault. 


After | assembled the perfboard version of the combined noisemaker and relay 
circuit, | checked my work, applied power—and although the relay clicked, no 
sound came out of the loudspeaker. Of course, everything had worked fine on 
the breadboard. 


First | looked at component placement, because this is the easiest thing to 
verify. | found no errors. Then | flexed the board gently while applying power— 
and the loudspeaker made a brief “beep.” Any time this happens, you can be 
virtually certain that a solder joint has a tiny crack in it. 


The next step was to anchor the black lead of my meter to the negative side 

of the power supply, and then switch on the power and go through the circuit 
point by point, from top to bottom, checking the voltage at each point with the 
red lead of the meter. In a simple circuit like this, every part should show at least 
some voltage. 


But when | got to the second 2N2222 transistor, which powers the loudspeaker, 
its output was completely dead. Either | had melted the transistor while solder- 
ing it (unlikely), or there was a bad joint. | checked the perfboard beneath the 
transistor with the magnifying glass, and found that solder had flowed around 
one of the leads of the transistor without actually sticking to it. The gap must 
have been less than one-thousandth of an inch, but still, that was enough. 
Probably, the problem had been caused by dirt or grease. 


This is the kind of patient inquiry you need to follow when a circuit doesn’t 
work. Check whether your components are placed correctly, check your power 
supply, check the power on the board, check the voltage at each stage, and if 
you are persistent, you'll find the fault. 
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Figure 3-103. The noisemaker circuit has 
been transplanted from breadboard to 
perforated board, with no additions or 
changes. 





Figure 3-104. The relay-transistor control 
circuit has been added. Wires to external 
devices have been stripped and poked 
into the perforated board, where they are 
soldered in place. The green wires connect 
with the sensor network, the black wires 
go to the loudspeaker, and the red-and- 
black wires supply power. 
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Power 








Fast Oscillator 





Amplifier 


Loudspeaker 


Figure 3-108. The final block diagram for 
this phase of the project shows where user 
controls fit in the series of functions. 
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Switches and Inputs for the Alarm 


Now you need to make the system easy to use. The block diagram in Figure 
3-105 shows one additional box near the top of the sequence: User Controls. 
These will consist of switches, LEDs, and connections to the outside world. To 
plan this part of the job, first | have to summarize the way in which our alarm 
system works at this point in its evolution. 


A full-featured home alarm system normally has two modes: in-home and 
away-from-home: 


Using the in-home mode, you switch on the alarm while you are at home 
so that it will alert you if an intruder opens a door or window. 


Using the away-from-home mode, typically you enter a code number, af- 
ter which you have 30 seconds to leave and close the door behind you. 
When you return, you trigger the alarm by opening the door, but now you 
have 30 seconds to go to the control panel and enter your code number 
again to stop the alarm from sounding. 


So far, the alarm system that you've been building has only an in-home mode. 
Still, many people find this function useful and reassuring. Later in the book I'll 
suggest a way in which you can modify it to incorporate an away-from-home 
mode, but for now, making it practical for in-home use is enough of a challenge. 


Consider how it should be used on an everyday basis. It should have an on/ 
off switch, naturally. When it’s on, any of the magnetic sensor switches should 
trigger the alarm. But what if you switch it on without realizing that you've left 
a window open? At that time it won't be appropriate for the alarm to sound. 
What you really need is a circuit-test feature, to tell you if all the doors and 
windows are closed. Then you can switch on the alarm. 


| think a pushbutton would be useful to test the alarm circuit. When you press it, 
a green LED should light up to indicate that the circuit is good. After you see the 
green light, you let go of the pushbutton and turn on the power switch, which 
illuminates a red LED, to remind you that the alarm is now armed and ready. 


One additional feature would be useful: an alarm noisemaker test feature, so 
that you can be sure that the system is capable of sounding its alert when 
required to do so. 


The circuit shown in Figure 3-106 incorporates all of these features. S1 is a 
SPDT switch; $2 isa DPDT momentary pushbutton of ON-(ON) type. The sche- 
matic shows it in its “relaxed” mode, when the button is not being pressed. 


D1 is a red LED, D2 is a green LED, J1 is a power input jack (to be connected 
with an external 12-volt supply), and R1 is a 6800 resistor to protect the LEDs. 
Note that J1 follows the usual practice of supplying positive voltage in its cen- 
ter contact, and negative in the circular shell around the center. 
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When S1 is in its Off position, it still supplies positive power through its up- 
per contact to S2, the pushbutton. When the pushbutton is pressed, so that it 
goes into its “Test” position, the pole of S2 connects with the power and sends 
it out through the sensor switches on doors and windows. The wires to these 
switches will be attached via a couple of binding posts, shown here as two 
circles. If the sensor switches are all closed, power returns through the second 
binding post, passes through the lower set of contacts in S2, and lights D2, the 
green LED. Because S1 is not supplying power to the alarm circuit board, the 
alarm does not sound at this time. 


S1 







To Circuit 
Board 
Relay 

Section 
(green 
wires) 


! To/From 
! Sensor 
Switches 





Red Black 
To Circuit Board Power Input 


Figure 3-108. This schematic suggests a convenient way to add an on/off switch, a conti- 
nuity testing feature, and a noisemaker testing feature to the alarm. 


Now if $1 is turned to its On position, it sends power to the components on 
the perforated board. The transistor circuit sends power out along the green 
wires to $2, and as long as the button is not being pressed, the power goes out 
through the switch network and back through S82, to the transistor, keeping its 
base relatively negative. So the alarm remains silent. But as soon as a sensor 
switch is opened, the circuit is broken and the alarm sounds. The only way to 
stop it will be by switching S1 into its Off position. 


Finally, if you press S2, the pushbutton, while $1 is in its On mode, you inter- 
rupt the network of switches and activate the noisemaker. In this way, S2 does 
dual duty: when S1 is off, pushbutton S2 tests the sensor switches for continu- 
ity. When S1 is on, S2 tests the noisemaker to make sure it creates a noise. | 
think this is the simplest possible way to implement these features. 
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Figure 3-107. A printed layout for the 
switches, LEDs, and other components 
has been taped to the underside of the 
lid of the project box. An awl is pressed 
through the paper to mark the center of 
each hole to be drilled in the lid. 


Figure 3-108. The exterior of the panel after 
drilling. A small handheld cordless drill 
can create a neat result if the holes were 


marked carefully. 
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Installing the Switches 


If you bought a project box from RadioShack, it may have come with two op- 
tional top panels: one made of metal, the other made of plastic. I'll assume that 
you'll use the plastic one, as you'll have more trouble drilling holes in metal. 
The type of plastic used by RadioShack is ABS, which is very easy to shape with 
the tools that | have recommended. 


You have to choose a layout for the switches and other components that will 
share the top panel of the project box. | like a layout to be neat, so | take the 
trouble to draw it using illustration software, but a full-size pencil sketch is 
almost as good. Just make sure there’s room for the components to fit to- 
gether, and try to place them similarly to the schematic, to minimize the risk 
of confusion. 


Tape your sketch to the inside of the top panel, as shown in Figure 3-107, and 
then use a sharp pointed tool, such as a pick, to press through and mark the 
plastic at the center of each hole. The indentations will help to center your bit 
when you drill the holes. Remember that you'll need to make multiple holes to 
vent the sound from the loudspeaker, which will be beneath the top panel of 
the box. The result is shown in Figure 3-108. 


| placed all the components on the top panel, with the exception of the power 
input jack, which | positioned at one end of the box. Naturally, each hole has to 
be sized to fit its component, and if you have calipers, they'll be very useful for 
taking measurements and selecting the right drill bit. Otherwise, make your 
best guess, too small being better than too large. A deburring tool is ideal for 
slightly enlarging a hole so that a component fits snugly. This may be neces- 
sary if you drill 3/16-inch holes for your 5-inch mm LEDs. Fractionally enlarge 
each hole, and the LEDs should push in very snugly. 


If your loudspeaker lacks mounting holes, you'll have to glue it in place. | used 
five-minute epoxy to do this. Be careful not to use too much. You don’t want 
any of the glue to touch the speaker cone. 


Drilling large holes in the thin, soft plastic of a project box can be a problem. 
The drill bit tends to dig in and create a mess. You can approach this problem 
in one of three ways: 


1. Use a Forstner drill bit if you have one. It creates a very clean hole. 
2. Drill a series of holes of increasing size. 
3. Drill a smaller hole than you need, and enlarge it with a deburring tool. 


Regardless of which approach you use, you'll need to clamp or hold the top 
panel of the project box with its outside surface face-down on a piece of scrap 
wood. Then drill from the inside, so that your bit will pass through the plastic 
and into the wood. 


Finally, mount the components in the panel, as shown in Figure 3-109, and 
turn your attention to the underneath part of the box. 
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Modern Neurons Style by Wonderful12345 zazzle 


The circuit board will sit on the bottom, held in place with four #4-size ma- 
chine screws (bolts) with washers and nylon-insert locknuts. You need to use 
locknuts to eliminate the risk of a nut working loose and falling among com- 
ponents where it can cause a short circuit. 


You'll have to cut the perfboard to fit, taking care not to damage any of the 
components on it. Also check the underside the board for loose fragments of 
copper traces after you finish cutting. 


Drill bolt holes in the board, if necessary, taking care again not to damage any 
components. Then mark through the holes to the plastic bottom of the box, 
and drill the box. Countersink the holes (i.e., bevel the edges of a hole so that 
a flat-headed screw will fit into it flush with the surrounding surface), push 
the little bolts up from underneath, and install the circuit board. Be extremely 
careful not to attach the circuit board too tightly to the project box. This can 
impose bending stresses, which may break a joint or a copper trace on the 
board. 


| like to include a soft piece of plastic under the board to absorb any stresses. 
Because you're using locknuts, which will not loosen, there’s no need to make 
them especially tight. 


Test the circuit again after mounting the circuit board, just in case. 


Soldering the Switches 


Figure 3-110 shows how the physical switches should be wired together. Re- 
member that S1 is a toggle switch and S2 isa DPDT pushbutton. Your first step 
is to decide which way up they should be. Use your meter to find out which 
terminals are connected when the switch is flipped, and when the button is 
pressed. You'll probably want the switch to be on when the toggle is flipped 
upward. Be especially careful with the orientation of the pushbutton, because 
if you wire it upside-down, it will constantly have the alarm in “test” mode, 
which is not what you want. 


Remember, the center terminal of any double-throw switch is almost always 
the pole of the switch, connecting with the terminals immediately above it 
and below it. 


Stranded wire is appropriate to connect the circuit board with the compo- 
nents in the top panel, because the strands flex easily and impose less stress 
on solder joints. Twisting each pair of wires together helps to minimize the 
mess. 


Remember to install the LEDs with their short, negative wires connected with 
the resistor. This will entail some wire-to-wire soldering. You may want to pro- 
tect some of these bare leads and joints with thin heat-shrink tubing, to mini- 
mize the risk of short circuits when you push all the parts into the box. 


When you connect wires or components with the lugs on the switches, your 
pencil-style soldering iron probably won't deliver enough heat to make good 
joints. You can use your higher-powered soldering iron in these locations, but 
you absolutely must apply a good heat sink to protect the LEDs when you 
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Figure 3-108. Components have been 
added to the contro! panel of the project 
box (seen from the underside). The loud- 
speaker has been glued in place. Spare 
glue was dabbed onto the LEDs, just in 
case. The SPDT on/off switch is at the top 
right, the DPDT pushbutton is at top left, 
and the binding posts, which will con- 
nect with the network of magnetic sensor 
switches, are at the bottom. 
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attach them, and don't allow the iron to remain in contact with anything for 
more than 10 seconds. It will quickly melt insulation, and may even damage 
the internal parts of the switches. 


In projects that are more complex than this one, it would be good practice 
to link the top panel with the circuit board more neatly. Multicolored ribbon 
cable is ideal for this purpose, with plug-and-socket connectors that attach to 
the board. For this introductory project, | didn’t bother. The wires just straggle 
around, as shown in Figure 3-111. 









To Circuit 
Board 






Power to 
Circuit 
Board 


To/From 
Sensor Power In 
Switches 12V DC 


Figure 3-110. The components can be wired together like this to 
replicate the circuit shown in The red and green circles are LEDs. 
Small, solid black circles indicate wire-to-wire solder joints. 





Figure 3-111. The circuit board has been installed in the 

base of the project box, and the power input jack has been 
screwed into the end of the box. Twisted wire-pairs have 
been connected on a point-to-point basis, without much 
concern over neatness, as this is a relatively small project. 
The white insulation at the top-right corner of the front 
panel is heat-shrink tube that encloses a solder joint and the 
68009 load resistor. Soldering wires to the pushbutton switch 
requires care and precision, as the contacts are closely 
spaced. 
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Final Test 


When you've completed the circuit, test it! If you don’t have your network of 
magnetic sensor switches set up yet, you can just use a piece of wire to con- 
nect the two binding posts. Make sure that S1 is in its Off position, then solder 
the appropriate plug to your 12-volt power source, and plug it into the power 
jack. When you press the button, the green LED should light up to show con- 
tinuity between the two binding posts. Now disconnect the wire between the 
binding posts, press the button again, and the green LED should remain dark. 


Reconnect the binding posts, flip $1 to its On position, and the red LED should 
light up. Press the button, and the alarm should start. Reset it by turning S1 
off and then on again; then disconnect the wire between the binding posts. 
Again, the alarm should start, and it should continue even if you reconnect 
the wire. 


If everything works the way it should, it’s time to screw the top of the box in 
place, pushing the wires inside. Because you're using a large box, you should 
have no risk of metal parts touching each other accidentally, but still, proceed 
carefully. 


Alarm Installation 


Before you install your magnetic sensor switches, you should test each one by 
moving the magnetic module near the switch module and then away from it, 
while you use your meter to test continuity between the switch terminals. The 
switch should close when it’s next to the magnet, and open when the magnet 
is removed. 


Now draw a sketch of how you'll wire your switches together. Always remem- 
ber that they have to be in series, not in parallel! Figure 3-112 shows the con- 
cept in theory. The two terminals are the binding posts on top of your control 
box (which is shown in green), and the dark red rectangles are the magnetic 
sensor switches on windows and doors. Because the wire for this kind of instal- 
lation usually has two conductors, you can lay it as I've indicated but cut and 
solder it to create branches. The solder joints are shown as orange dots. Note 
how current flows through all the switches in series before it gets back to the 
control box. 


Figure 3-113 shows the same network as you might actually install it in a situ- 
ation where you have two windows and a door. The blue rectangles are the 
magnetic modules that activate the switch modules. 


You'll need a large quantity of wire, obviously. The type of white, stranded 
wire that is sold for doorbells or furnace thermostats is good. Typically, it is 
20-gauge or larger. 


After you install all the switches, clip your meter leads to the wires that would 
normally attach to the alarm box. Set your meter to test continuity, and open 
each window or door, one at a time, to check whether you're breaking the 
continuity. If everything is OK, attach the alarm wires to the binding posts on 
your project box. 
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Figure 3-112. Dual-conductor, white 
insulated wire can be used to connect the 
terminals on the alarm contro! box with 
magnetic sensors (shown in dark red). 
Because the sensors must be in series, the 
wire is cut and joined at positions marked 
with orange dots. 




















Figure 3-113. In an installation involving two 
windows and a door, the magnetic com- 
ponents of the sensors (blue rectangles) 
could be placed as shown, while the 
switches (dark red) are located alongside 
them. 
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Figure 3-114. The intrusion alarm com- 
pleted and in its project box. 
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Now deal with the power supply. Use your AC adapter, set to 12 volts, hooked 
up to your type N power plug, or attach the power plug to a 12-volt alarm 
battery. 


If you use a battery, be especially careful that the wire leading to the center 
terminal of your power plug is positive! A 12-volt battery can deliver substan- 
tial current, which can fry your components if you connect it the wrong way 
around. It would be a shame to destroy your entire project at the very last step. 


The only remaining task is to label the switch, button, power socket, and bind- 
ing posts on the alarm box. You know that the switch turns the power on and 
off, and the button tests the circuit and the noisemaker, but no one else knows, 
and you might want to allow a guest to use your alarm while you're away. For 
that matter, months or years from now, you may forget some details. Will you 
remember that the power source for this unit should be 12 volts? 


Labeling really is a good idea. But as you can see in Figure 3-114, | haven't quite 
gotten around to it for the box that | built. 


Conclusion 


The alarm project has taken you through the basic steps that you will usually 
follow any time you develop something: 


1. Draw a schematic and make sure that you understand it. 

Modify it to fit the pattern of conductors on a breadboard. 

Install components on the breadboard and test the basic functions. 
Modify or enhance the circuit, and retest. 


Transfer to perforated board, test, and trace faults if necessary. 


Ov ON 


Add switches, buttons, power jack, and plugs or sockets to connect the 
circuit with the outside world. 


7. Mount everything in a box (and add labeling). 


While going through this sequence, | hope you've learned the basics of elec- 
tricity, along with some simple electrical theory, and fundamentals about 
electronic components. This knowledge should enable you to move on to the 
much more powerful realm of integrated circuit—which I'll cover in Chapter 4. 
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Before | get into the fascinating topic of integrated circuit (IC) chips, | have to 
make a confession: some of the things | asked you to do in Chapter 3 could 
have been done a bit more simply. Does this mean you have been wasting 
your time? No, | firmly believe that by building circuits with old-fashioned 
components—capacitors, resistors, and transistors—you acquire the best 
possible understanding of the principles of electronics. Still, you are going to 
find that integrated circuit chips, containing dozens, hundreds, or even thou- 
sands of transistor junctions, will enable some shortcuts. 
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Tools 


The only new tool that | recommend using in conjunction with chips is a logic 
probe. This tells you whether a single pin on a chip has a high or low voltage, 
which can be helpful in figuring out what your circuit is doing. The probe has 
a memory function so that it will light its LED, and keep it lit, in response to a 
pulse that may have been too quick for the eye to see. 


Search online and buy the cheapest logic probe you can find. | don’t have any 
specific brand recommendations. The one shown in Figure 4-1 is fairly typical. 


Supplies 


Integrated circuit chips 
If you buy everything on this shopping list, and you bought basic parts 
such as resistors and capacitors that were listed previously, you should 
have everything you need for all the projects in this chapter. 


As chips are quite cheap (currently around 50 cents apiece), | suggest you 
buy extras. This way, if you damage one, you'll have some in reserve. You'll 
also have a stock for future projects. 


Please read the next section, “Fundamentals: Choosing chips,’ before you 
begin chip-shopping. Chips should be easily obtainable from all the major 
electronics retail suppliers, and sometimes are found on eBay shops. Look 
in the appendix for a complete list of URLs. 
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Figure 4-1. A logic probe detects the high or 


low voltage on each p 


in of a chip, and re- 


veals pulses that may occur too quickly for 


you to perceive them 


with the unaided eye. 
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FUNDAMENTALS 


Choosing chips 


Figure 4-2 shows what is often referred to as an integrated 
circuit (IC). The circuit is actually etched onto a tiny wafer or 
“chip” of silicon, embedded in a black plastic body, which is 
properly referred to as the “package.’ Tiny wires inside the 
package link the circuit with the two rows of pins on either 
side. Throughout this book, | will use the word “chip” to refer 
to the whole object, including its pins, as this is the most 
common usage. 


Figure 4-2. An integrated circuit chip in Plastic Dual-Inline Pin 
package, abbreviated PDIP or, more often, DIP. 


The pins are mounted at intervals of 1/10 inch in two rows 
spaced 3/10 inch apart. This format is known as a Plastic 
Dual Inline Package, abbreviated PDIP, or, more often, just 
DIP. The chip in the photograph has four pins in each row; 
others may have many more. The first thing you need to 
know, when shopping for chips, is that you'll only be using 
the DIP package. This book will not be featuring the more 
modern type, known as “surface-mount,’ because they're 
much smaller, more difficult to handle, and require special 
tools that are relatively expensive. Figure 4-3 shows a size 
comparison between a 14-pin DIP package and a 14-pin 
surface-mount package. Many surface-mount chips are 
even smaller than the one shown. 


Just about every chip has a part number printed on it. In 
Figure 4-2, the part number is KA555. In Figure 4-3, the DIP 
chip's part number is M74HCO00B1, and the surface-mount 
chip is a 74LVCO7AD. You can ignore the second line of 
numbers and/or letters on each chip, as they are not part of 
the part number. 


Notice in Figure 4-3 that even though the chips look quite 
different from each other, they both have “74” in their part 
numbers. This is because both of them are members of the 
“7400” family of logic chips, which originally had part numbers 
from 7400 and upward (7400, 7401, 7402, 7403, and so on). 


Often they are now referred to as “74xx" chips, where “xx” 
includes all the members of the family. I'll be using this fam- 
ily a lot, so you need to know how to buy them. I'll give you 
some advice on that without going into details yet about 
what the chips actually do. 


Figure 4-3. The DIP chip, at the rear, has pins spaced 1/10 
inch apart, suitable for insertion in a breadboard or perfo- 
rated board. It can be soldered without special tools. The 
small-outline integrated circuit (SOIC) surface-mount chip 
(foreground) has solder tabs spaced at 1/20 inch. Other 
surface-mount chips have pins spaced at 1/40 inch or even 
less (these dimensions are often expressed in millimeters). 
Surface-mount chips are designed primarily for automated 
assembly and are difficult to work with manually. In this photo, 
the yellow lines are 1 inch apart to give you an idea of the scale. 


Take a look at Figure 4-4, which shows how to interpret a 
typical part number in a 74xx family member. The initial 
letters identify the manufacturer (which you can ignore, 

as it really makes no difference for our purposes). Skip the 
letters until you get to the “74.” After that, you find two more 
letters, which are important. The 74xx family has evolved 
through many generations, and the letter(s) inserted after 
the “74” tell you which generation you're dealing with. Some 
generations have included: 


© 7AL 

+ 7A4LS 

+ 74C 

* 74HC 

* 74AHC 
And there are more. Generally speaking, subsequent gen- 
erations tend to be faster or more versatile than previous 


generations. In this book, for reasons I'll explain later, we are 
mostly using the HC generation. 
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FUNDAMENTALS 


Choosing chips (continued) 


After the letters identifying the generation, you'll find two (sometimes more) 
numerals. These identify the specific function of the chip. You can ignore any 
remaining letters and numerals. Looking back at Figure 4-3, the DIP chip part 
number, M74HC00B1 tells you that it is a chip in the 74xx family, HC generation, 
with its function identified by numerals 00. The surface-mount chip number, 
74LVCO7AD, tells you that it is in the 74xx family, LVC generation, with function 
identified by numerals 07. For convenience we could refer to the first chip as a 
“74HCOO0" and the second chip as a“74HC07” because, regardless of their differ- 
ent manufacturers and package sizes, the fundamental behavior of the circuit 
inside remains the same. 


The purpose of this long explanation is to enable you to interpret catalog list- 
ings when you go chip shopping. You can search for “74HCO00" and the online 
vendors are usually smart enough to show you appropriate chips from multiple 
manufacturers, even though there are letters preceding and following the term 
that you're searched for. 


Suppose a circuit requires a 74HC04 chip. If you search for “74HC04” on the 
website of a parts supplier, you may find versions such as the CD74HC04M96 by 
Texas Instruments, the 74HCO4N by NXP Semiconductors, or MM74HCOA4N by 
Fairchild Semiconductor. Because they all have “74HC04" in the middle, any of 
them will work. 


Just be careful that you buy the larger DIP-style package, not the surface-mount 
package. If the part number has an “N” on the end, you can be sure that it’s a DIP 
package. If there is no“N” on the end, it may or may not be a DIP package, and 
you will have to check a photo or additional description to make sure. If the part 
number begins with SS, SO, or TSS, it’s absolutely definitely surface-mount, and 
you don’t want it. Many catalogs show photographs of the chips to assist you in 
buying the right package style. 


Type of chip 
7400 NAND gate 


fi ed 


Manufacturer oe of chip Package format 
Texas Instruments High Speed CMOS Dual in-line pin 


Figure 4-4. Look for the chip family (74xx, in this case) with the correct generation 
(HC, in this case) embedded in the number. Make sure you buy the DIP version, not 
the surface-mount version. The manufacturer is unimportant. 
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Here's your chip list: 


+ 555 Timer. STMicroelectronics SA555N, Fairchild NE555D, RadioShack 
TLC555, or similar. Do not get the “CMOS’ version of this chip, or any fancy 
versions such as those of high precision. Buy the cheapest you can find. 
Quantity: 10. The chip in Figure 4-2 is a 555 timer. 


+ Logicchips types 74HCO0, 74HC02, 74HC04, 74HC08, 74HC32, and 74HC86. 
Actual part numbers could be M74HCO0B1, M74HC02B1,M74HC04B1, and 
so on, by STMicroelectronics, or SN74HCOON, SN74HCO2N, SN74HCOAN, 
and so on, by Texas Instruments. Any other manufacturers are acceptable. 





+ Remember, each part number should have “HC” in the middle of it, and 
you want the DIP or PDIP package, not surface-mount. Quantity of each: 


Figure 4-S. When you're soldering a circuit 
6 ’ ’ At least 4. 


onto perforated board, sockets eliminate 


the risk of overheating integrated circuit : : 
chips and reduce the risk of zapping them + 4026 Decade Counter (a chip that counts in tens). Texas Instruments CD- 


with static electricity, and enable easy 4026BE or similar. Quantity: 4 (you'll need 3, but because this is a CMOS 
replacement. chip sensitive to static electricity, you should have at least one in reserve). 
Any chip with “4026” in its part number should be OK. 


+ 74LS92 counter chip, 74LS06 open-collector inverter chip, and 74LS27 
triple-input NOR chip. Quantity: 2 of each. Note the “LS” in these part 
numbers! There will be one experiment in which | want you to use the LS 
generation instead of the HC generation. 


IC sockets 
| suggest that you avoid soldering chips directly onto perforated board. If 
you damage them, they're difficult to remove. Buy some DIP sockets, solder 
the sockets onto the board, and then plug the chips into the sockets. You 
can use the cheapest sockets you can find (you don't need gold-plated con- 





Figure 4-§. An HC series logic chip is rated 
to deliver only 4mA at each pin. This is 


inadequate to drive a typical 5mm LED tacts for our purposes). You will need 8-pin, 14-pin, and 16-pin DIP sockets, 
(right), which is rated for 20mA forward such as parts 276-1995, 276-1999, and 276-1998 from RadioShack. See Fig- 
current. Miniature, low-current LEDs (left) ure 4-5, Quantity of each: 5 minimum. 


will use as little as IMA in series with a 
suitable resistor, and are ideal for test cir- Low-power LEDs 


cuits in which you want to see the output The logic chips that you'll be using are not designed to deliver significant 
mene nplaneimol esse power. You'll need to add transistors to amplify their output if you want to 
drive bright LEDs or relays. Because adding transistors is a hassle, | suggest 
an alternative: Special low-power LEDs that will draw as little as 1mA, such 
as the Everlight model T-100 Low Current Red, part number HLMPK150. 
Figure 4-6 shows a size comparison with a regular 5mm LED. Quantity: 10 
(at a minimum). 


LED numeric displays 
In at least one of our projects, you'll want to illuminate some seven-segment 
LED numerals. You'll need either three individual numerals, or one package 
containing three numerals, such as the Kingbright High Efficiency Red Dif- 
fused, part number BC56-11EWA, which will be specifically referred to in 
schematics in this book. If you buy a different seven-segment display, it must 
be an LED with a “common cathode.’ (Don't buy liquid-crystal LCD numer- 





Figure 4-7. Seven-segment displays are the 
simplest way to show a numeric output . . ; : : 
and can be driven directly by some CMOS als; they require different electronics to drive them.) If you have a choice of 


chips. For finished projects, they are power consumption, buy whichever product consumes the least current. 


typically mounted behind transparent red 


; ; See Figure 4-7. 
acrylic plastic panels. 
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Latching relays 


You're going to need a 5-volt latching relay that has two coils, instead of 
one. The first coil flips the relay one way; the second coil flips it back. The 
relay consumes no additional power while remaining passively in each 
state. | suggest the Panasonic DS2E-SL2-DCSV relay. If you buy a different 
relay, it must be dual-coil latching to run off 5 volts DC, switching at least 
1 amp, in a“2 form C” package, to fit your breadboard. 


Potentiometers 


You'll need 5K, 10K, and 100K linear potentiometers (one of each). Also, a 
10K trimmer potentiometer (which you may find described just as a “trim- 
mer”). The manufacturer is unimportant. 


Voltage regulators 


Because many logic chips require precisely 5 volts DC, you need a voltage 
regulator to deliver this. The LM7805 does the job. Here again, the chip 
number will be preceded or followed with an abbreviation identifying the 
manufacturer and package style, as in the LM7805CT from Fairchild. Any 
manufacturer will do, but the package should look like the one in Figure 
4-8, and if you have a choice, buy a regulator that can deliver at least 1 
amp. 


Tactile switches 


These are SPST pushbuttons (momentary switches), usually with four legs. 
Look for the ALPS part number SKHHAKA010 or any similar item that has 
pins to fit your breadboard or perforated board. See Figure 4-9. 


12-key numeric keypad 


Velleman “12 keys keyboard with common output” (no part number, but 
has been available through All Electronics under catalog code KP-12). 
Quantity: 1. 


This type of keypad has the same layout as an old-fashioned touchtone 
phone. It should have at least 13 pins or contacts, 12 of which connect 
with individual pushbuttons, the thirteenth connecting with the other 
side of all the pushbuttons. In other words, the last pin is “common’ to all 
of them, and this type of keypad is often described as having a “common 
output.’ The type of keypad that you don't want is “matrix-encoded,’ with 
fewer than 13 contacts, requiring additional external circuitry. See Figures 
4-10 and 4-11. If you can’t find the Velleman keypad that | suggest, look 
carefully at keypad descriptions and photographs to make sure that the 
one you buy is not matrix-encoded and has a common terminal. 


Alternatively, you may substitute 12 cheap SPST NO pushbuttons and 
mount them in a small project box. 
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Figure 4-8. Many integrated circuit chips 
require a controlled power supply of 

5 volts, which can be delivered by this 
regulator when you apply 75 to 9 volts to 
it. The lefthand pin is for positive input, 
the center pin is acommon ground, and 
the righthand pin is the 5V output. For cur- 
rents exceeding 250mA, you should bolt 
the regulator to a metal heat sink using 
the hole at the top. 





Figure 4-8. A tactile switch delivers tactile 
feedback through your fingertip when you 
press it. They are almost always SPST 
pushbuttons designed for mounting in 
circuit boards with standard 1/10-inch 
hole spacing. 
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Figure 4-10. When shopping for a numeric 
keypad, it should have 12 keys in “touch- 
tone phone" layout, and should have at 


Figure 4-11. This keypad has insufficient 
pins and will not work in the circuit in this 
book. 


least 13 contacts for input/output. The 
contacts are visible here along the front 


edge. 


How chips came to be 


The concept of integrating solid-state components into one 
little package originated with British radar scientist Geoffrey 
W. A. Dummer, who talked about it for years before he at- 
tempted, unsuccessfully, to build one in 1956. The first true 
integrated circuit wasn’t fabricated until 1958 by Jack Kilby, 
working at Texas Instruments. Kilby’s version used germa- 
nium, as this element was already in use as a semiconduc- 
tor. (You'll encounter a germanium diode when | deal with 
crystal radios in the next chapter of this book.) But Robert 
Noyce, pictured in Figure 4-12, had a better idea. 


Born in 1927 in lowa, in the 1950s Noyce moved to Cali- 
fornia, where he found a job working for William Shockley. 
This was shortly after Shockley had set up a business based 
around the transistor, which he had coinvented at Bell Labs. 


Noyce was one of eight employees who became frustrated 
with Shockley’s management and left to establish Fairchild 
Semiconductor. While he was the general manager of 
Fairchild, Noyce invented a silicon-based integrated circuit 
that avoided the manufacturing problems associated with 
germanium. He is generally credited as the man who made 
integrated circuits possible. 


Early applications were for military use, as Minuteman 
missiles required small, light components in their guidance 
systems. These applications consumed almost all chips pro- 
duced from 1960 through 1963, during which time the unit 
price fell from around $1,000 to $25 each, in 1963 dollars. 


In the late 1960s, medium-scale integration chips emerged, 
each containing hundreds of transistors. Large-scale inte- 
gration enabled tens of thousands of transistors on one chip 
by the mid-1970s, and today’s chips can contain as many as 
several billion transistors. 


Robert Noyce eventually cofounded Intel with Gordon 
Moore, but died unexpectedly of a heart attack in 1990. You 
can learn more about the fascinating early history of chip de- 
sign and fabrication at http://www.siliconvalleyhistorical.org. 


Figure 4-12. This picture of Robert Noyce, late in his career, is 
from the Wikimedia Commons. 
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How DNA works 


The defining moment for DNA was the discovery of its structure 












in 1953. Main functions of DNA, the genetic material that forms . & 
chromosomes in a cell nucleus: ge" 
“a _ ». ¢ 

Human cell nucleus —T Zt Ms 

Contains 46 chromosomes pad ae 
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Experiment 16: Emitting a Pulse 


I'm going to introduce you to the most successful chip ever made: the 555 
timer. As you can find numerous guides to it online, you might question the 
need to discuss it here, but | have three reasons for doing so: 


1. It’s unavoidable. You simply have to know about this chip. Some sources 
estimate that more than 1 billion are still being manufactured annually. 
It will be used in one way or another in most of the remaining circuits in 
this book. 


2. It provides a perfect introduction to integrated circuits, because it’s ro- 
bust, versatile, and illustrates two functions that we'll be dealing with 
later: comparators and a flip-flop. 


3. After reading all the guides to the 555 that | could find, beginning with the 
original Fairchild Semiconductor data sheet and making my way through 
various hobby texts, | concluded that its inner workings are seldom ex- 
plained very clearly. | want to give you a graphic understanding of what's 
happening inside it, because if you don't have this, you won't be in a good 
position to use the chip creatively. 


You will need: 
9-volt power supply. 


+ Breadboard, jumper wires, and multimeter. Negative 
(ground) 
5K linear potentiometer. Quantity: 1. 


+ 555 timer chip. Quantity: 1. Trigger 
Assorted resistors and capacitors. 


Output 
+ SPST tactile switches. Quantity: 2. 


LED (any type). Quantity: 1. Reset 


Procedure 


The 555 chip is very robust, but still, in theory, you can zap it with a jolt of static 
electricity and kill it. Therefore, to be on the safe side, you should ground 
yourself before handling it. See the “Grounding yourself” warning on page 172 
for details. Although this warning primarily refers to the type of chips known 
as CMOS, which are especially vulnerable, grounding yourself is always a sen- 
sible precaution. 


Look for a small circular indentation, called the dimple, molded into the body 
of the chip, and turn the chip so that the indentation is at the top-left corner 
with the pins pointing down. Alternatively, if your chip is of the type with a 
notch at one end, turn the chip so that the notch is at the top. 


The pins on chips are always numbered counterclockwise, starting from the 
top-left pin (next to the dimple). See Figure 4-13, which also shows the names 
of the pins on the 555 timer, although you don’t need to know most of them 
just yet. 
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Notch 


Positive 


Discharge 


Threshold 


Control 





| 


Pins 


Figure 4-13. The 555 timer chip, seen from 
above. Pins on chips are always numbered 
counterclockwise, from the top-left corner, 
with a notch in the body of the chip upper- 
most, or a circular indentation at top-left, 
to remind you which end is up. 


153 


Experiment 16: Emitting a Pulse 


154 


Insert the chip in your breadboard so that its pins straddle the channel down 
the center. Now you can easily feed voltages to the pins on either side, and 
read signals out of them. See Figure 4-14 for a precise guide to placement, in 
the first project. The timer is identified as “IC1,’ because “IC” is the customary 
abbreviation for “Integrated Circuit.’ 





Figure 4-14. This circuit allows you to explore the behavior of the 555 timer chip. Use your 
meter to monitor the voltage on pin 2 as shown. There are no resistors labeled R1, R2, 

or R3 and no capacitors labeled C1 or C2, because they'll be added in a later schematic. 
Component values in this schematic: 


R4:; 100K 

R5: 2K2 

R6: 10K 

R7: 1K 

R8: 5K linear potentiometer 
C3: 100 UF electrolytic 

C4: 47 uF electrolytic 

C5: 0.1 uF ceramic 

IC1: 555 timer 

SI, S2: SPST tactile switches (pushbuttons) 
D1: Generic LED 


R5 holds the trigger (pin 2) positive until S1 is pressed, which lowers the voltage depend- 
ing on the setting of potentiometer R8. When the trigger voltage falls below 1/3 of the 
power supply, the chip's output (pin 3) goes high for a period determined by the values 
of R4 and C4. S2 resets (zeros) the timer, by reducing the voltage to pin 4, the Reset. C3 
smoothes the power supply, and C5 isolates pin 5, the control, so that it won't interfere 
with the functioning of this test circuit. (We'll use the control pin in a future experiment.) 


All integrated circuit chips require a power supply. The 555 is powered with 
negative voltage applied to pin 1 and positive to pin 8. If you reverse the volt- 
age accidentally, this can permanently damage the chip, so place your jumper 
wires carefully. 
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Set your power supply to deliver 9 volts. It will be convenient for this experiment 
if you supply positive down the righthand side and negative down the lefthand 
side of the breadboard, as suggested in Figure 4-14. C3 is a large capacitor, at 
least 100 uF, which is placed across the power supply to smooth it out and pro- 
vide a local store of charge to fuel fast-switching circuits, as well as to guard 
against other transient dips in voltage. Although the 555 isn’t especially fast- 
switching, other chips are, and you should get into the habit of protecting them. 


Begin with the potentiometer turned all the way counterclockwise to maxi- 
mize the resistance between the two terminals that we're using, and when you 
apply the probe from your meter to pin 2, you should measure about 6 volts 
when you press S1. 


Now rotate the potentiometer clockwise and press S1 again. If the LED doesn't 
light up, keep turning the potentiometer and pressing and releasing the but- 
ton. When you've turned the potentiometer about two-thirds of the way, you 
should see the LED light up for just over 5 seconds when you press and release 
the button. Here are some facts that you should check for yourself: 


* The LED will keep glowing after you release the button. 


- Youcan press the button for any length of time (less than the timer’s cycle 
time) and the LED always emits the same length of pulse. 


- The timer is triggered by a fall in voltage on pin 2. You can verify this with 
your meter. 


* TheLEDis either fully on or fully off. You can’t see a faint glow when it’s off, 
and the transition from off to on and on to off is very clean and precise. 


Check Figure 4-16 to see how the components should look on your bread- 
board, and then look at the schematic in Figure 4-15 to understand what's 
happening. | will be adding more components later, which | will be labeling R1, 
R2, C1, and C2 to be consistent with data sheets that you may see for the 555 
timer. Therefore, in this initial circuit the resistors are labeled R4 and up, and 
capacitors C3 and up. 


When S11 (the tactile switch) is open, pin 2 of the 555 timer receives positive 
power through R35, which is 2K2. Because the input resistance of the timer is 
very high, the voltage on pin 2 is almost the full 9 volts. 


When you press the button, it connects negative voltage through R8, the 5K 
potentiometer to pin 2. Thus, R8 and R5 form a voltage divider with pin 2 in 
the middle. You may remember this concept from when you were testing tran- 
sistors. The voltage between the resistances will change, depending on the 
values of the resistances. 


If R8 is turned up about halfway, it is approximately equal to R5, so the mid- 
point, connected to pin 2, has about half the 9-volt power supply. But when 
you turn the potentiometer so that its resistance falls farther, the negative volt- 
age outweighs the positive voltage, so the voltage on pin 2 gradually drops. 


If you have clips on your meter leads, you can hook them onto the nearest 
jumper wires and then watch the meter while you turn the potentiometer up 
and down and press the button. 
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S2 


Figure 4-15. A schematic view of the circuit 
shown in Figure 4-14. Throughout this 
chapter, the schematics will be laid out 

to emulate the most likely placement of 
components on a breadboard. This is not 
always the simplest layout, but will be 
easiest for you to build. Refer to Figure 
4-14 for the values of the components. 


Figure 4-18. This is how the components 
look when installed on the breadboard. 
The alligator clips are attached to a patch 
cord that links the 100 pF capacitor to the 
potentiometer. The power supply input is 
not shown. 
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The graphs in Figure 4-17 illustrate what is happening. The upper graph shows 
the voltage applied to pin 2 by random button-presses, with the potentiometer 
turned to various values. The lower graph shows that the 555 is triggered if, 
and only if, the voltage on pin 2 actively drops from above 3 volts to below 3 
volts. What's so special about 3 volts? It’s one-third of our 9-volt power supply. 


Here's the take-home message: 


The output of the 555 (pin 3) emits a positive pulse when the trigger (pin 
2) drops below one-third of the supply voltage. 


The 555 delivers the same duration of positive pulse every time (so long as 
you don't supply a prolonged low voltage on pin 2). 


A larger value for R4 or for C4 will lengthen the pulse. 


When the output (pin 3) is high, the voltage is almost equal to the supply 
voltage. When the output goes low, it’s almost zero. 


The 555 converts the imperfect world around it into a precise and dependable 
output. It doesn’t switch on and off absolutely instantly, but is fast enough to 
appear instant. 


Now here's another thing to try. Trigger the timer so that the LED lights up. 
While it is illuminated, press S2, the second button, which grounds pin 4, the 
reset. The LED should go out immediately. 


When the reset voltage is pulled /ow, the output goes /ow, regardless of what 
voltage you apply to the trigger. 


There's one other thing | want you to notice before we start using the timer for 
more interesting purposes. | included R5 and R6 so that when you first switch 
on the timer, it is not emitting a pulse—but is ready to do so. These resistors 
apply a positive voltage to the trigger and the reset pin, to make sure that the 
555 timer is ready to run when you first apply power to it. 


As long as the trigger voltage is high, the timer will not emit a pulse. (It emits a 
pulse when the trigger voltage drops.) 


As long as the reset voltage is high, the timer is able to emit a pulse. (It shuts 
down when the reset voltage drops.) 


R5 and R6 are known as “pull-up resistors” because they pull the voltage up. 
You can easily overwhelm them by adding a direct connection to the negative 
side of the power supply. A typical pull-up resistor for the 555 timer is 10K. 
With a 9-volt power supply, it only passes 0.9mA (by Ohm's Law). 


Finally, you may be wondering about the purpose of C5, attached to pin 5. This 
pin is known the “control” pin, which means that if you apply a voltage to it, 
you can control the sensitivity of the timer. I'll get to this in more detail a little 
later. Because we are not using this function right now, it’s good practice to 
put a capacitor on pin 5 to protect it from voltage fluctuations and prevent it 
from interfering with normal functioning. 


Make sure you become familiar with the basic functioning of the 555 timer 
before you continue. 
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Pressing and releasing the button for varying intervals 
while adjusting the voltage with the potentiometer 


Ov 


Trigger 6y 
Voltage 
Pin2 3v 





Ov 


Ov 


Output gy 
Voltage 
Pin3 3v 





Ov 


a ee a 


pulse width remains 
fixed at 5.2 seconds 


Figure 4-17. The top graph shows voltage on the trigger (pin 2) when the pushbutton is 
pressed, for different intervals, at different settings of the potentiometer. The lower graph 
shows the output (pin 3), which rises until it is almost equal to the power supply, when the 
voltage on pin 2 drops below 1/3 the full supply voltage. 


FUNDAMENTALS 


The following table shows 555 pulse duration in monos- + The vertical scale shows common capacitor values 
table mode: between pin 6 and negative supply voltage. 


+ Duration is in seconds, rounded to two figures. To calculate a different pulse duration, multiply resistance x 


« The horizontal scale shows common resistor values capacitance x 0.0011 where resistance is in kilohms, capaci- 
between pin 7 and positive supply voltage. tance is in microfarads, and duration is in seconds. 
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THEORY 


Inside the 555 timer: monostable mode 


The plastic body of the 555 timer contains a wafer of silicon on which are 
etched dozens of transistor junctions in a pattern that is far too complex to be 
explained here. However, | can summarize their function by dividing them into 
groups, as shown in Figure 4-18. An external resistor and two external capaci- 
tors are also shown, labeled the same way as in Figure 4-15. 


The negative and positive symbols inside the chip are power sources which ac- 
tually come from pins 1 and 8, respectively. | omitted the internal connections 
to those pins for the sake of clarity. 


The two yellow triangles are “comparators.” Each comparator compares two 
inputs (at the base of the triangle) and delivers an output (from the apex of the 
triangle) depending on whether the inputs are similar or different. We'll be us- 
ing comparators for other purposes later in this book. 


Figure 4-18. Inside the 555 timer. White lines indicate connections inside the chip. 

A and B are comparators. FF is a flip-flop which can rest in one state or the other, 
like a double-throw switch. A drop in voltage on pin 2 is detected by comparator A, 
which triggers the flip-flop into its “down” position and sends a positive pulse out of 
pin 3. When C4 charges to 2/3 of supply voltage, this is detected by comparator B, 
which resets the flip-flop to its “up” position. This discharges C4 through pin 7 
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THEORY 


Inside the 555 timer: monostable mode (continued) 


The green rectangle, identified as “FF,” is a “flip-flop.’| have depicted it as a 
DPDT switch, because that’s how it functions here, although of course it is 
really solid-state. 


Initially when you power up the chip, the flip-flop is in its “up” position which 
delivers low voltage through the output, pin 3. If the flip-flop receives a signal 
from comparator A, it flips to its “down” state, and flops there. When it receives a 
signal from comparator B, it flips back to its “up” state, and flops there. The “UP” 
and “DOWN’ labels on the comparators will remind you what each one does 
when it is activated. 


Flip-flops are a fundamental concept in digital electronics. Computers couldn't 
function without them. 


Notice the external wire that connects pin 7 with capacitor C4. As long as the 
flip-flop is “up,’ it sinks the positive voltage coming through R4 and prevents the 
capacitor from charging positively. 


If the voltage on pin 2 drops to 1/3 of the supply, comparator A notices this, and 
flips the flip-flop. This sends a positive pulse out of pin 3, and also disconnects 
the negative power through pin 7. So now C4 can start charging through R4. 
While this is happening, the positive output from the timer continues. 


As the voltage increases on the capacitor, comparator B monitors it through pin 
6, known as the threshold. When the capacitor accumulates 2/3 of the supply 
voltage, comparator B sends a pulse to the flip-flop, flipping it back into its 
original state. This discharges the capacitor through pin 7, appropriately known 
as the discharge pin. Also, the flip-flop ends the positive output through pin 3 
and replaces it with a negative voltage. This way, the 555 returns to its original 
state. 


I'll sum up this sequence of events very simply: 


. Initially, the flip-flop grounds the capacitor and grounds the output (pin 3). 
. Adrop in voltage on pin 2 to 1/3 the supply voltage or less makes the out- 
put (pin 3) positive and allows capacitor C4 to start charging through R4. 

. When the capacitor reaches 2/3 of supply voltage, the chip discharges the 

capacitor, and the output at pin 3 goes low again. 


In this mode, the 555 timer is “monostable,’ meaning that it just gives one pulse, 
and you have to trigger it again to get another. 


You adjust the length of each pulse by changing the values of R4 and C4. How 
do you know which values to choose? Check the table on page 157, whichgives an 
approximate idea and also includes a formula so that you can calculate values 
of your own. 


| didn't bother to include pulses shorter than 0.01 second in the table, because 
a single pulse of this length is usually not very useful. Also | rounded the num- 
bers in the table to 2 significant figures, because capacitor values are seldom 
more accurate than that. 
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How the timer was born 


Back in 1970, when barely a half-dozen corporate seedlings had taken root 

in the fertile ground of Silicon Valley, a company named Signetics bought an 
idea from an engineer named Hans Camenzind. It wasn’t a huge breakthrough 
concept—just 23 transistors and a bunch of resistors that would function as a 
programmable timer. The timer would be versatile, stable, and simple, but these 
virtues paled in comparison to its primary selling point. Using the emerging 
technology of integrated circuits, Signetics could reproduce the whole thing on 
a silicon chip. 


This entailed some trial and error. Camenzind worked alone, building the whole 
thing initially on a large scale, using off-the-shelf transistors, resistors, and di- 
odes on a breadboard. It worked, so then he started substituting slightly differ- 
ent values for the various components to see whether the circuit would tolerate 
variations during production and other factors such as changes in temperature 
when the chip was in use. He made at least 10 different versions of the circuit. It 
took months. 


Next came the crafts work. Camenzind sat at a drafting table and used a 
specially mounted X-Acto knife to scribe his circuit into a large sheet of plastic. 
Signetics then reduced this image photographically by a ratio of about 300:1. 
They etched it into tiny wafers, and embedded each of them ina half-inch 
rectangle of black plastic with the product number printed on top. Thus, the 
555 timer was born. 


It turned out to be the most 
successful chip in history, both 

in the number of units sold (tens 
of billions and counting) and the 
longevity of its design (unchanged 
in almost 40 years). The 555 has 
been used in everything from toys 
to spacecraft. It can make lights 
flash, activate alarm systems, put 
spaces between beeps, and create 
the beeps themselves. 


Today, chips are designed by large 

teams and tested by simulating 

their behavior using computer soft- 

ware. Thus, chips inside a computer 

enable the design of more chips. 

The heyday of solo designers such 

as Hans Camenzind is long gone, 

but his genius lives inside every 555 : 

timer that emerges from a fabrica- Figure 4-18. Hans Camenzind, inventor 
tion facility. (If you'd like to know and developer of the 555 timer chip for 
more about chip history, see http:// —- S/gnetics. 
www.semiconductormuseum.com/ 

Museum_Index.htm.) 
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Why the 555 is useful 


In its monostable mode (which is what you just saw), the 
555 will emit a single pulse of fixed (but programmable) 
length. Can you imagine some applications? Think in terms 
of the pulse from the 555 controlling some other compo- 
nent. A motion sensor on an outdoor light, perhaps. When 
an infra-red detector “sees” something moving, the light 
comes on for a specific period—which can be controlled by 
a555. 


Another application could be a toaster. When someone low- 
ers a slice of bread, a switch will close that triggers the toast- 
ing cycle. To change the length of the cycle, you could use 

a potentiometer instead of R4 and attach it to the external 
lever that determines how dark you want your toast. At the 
end of the toasting cycle, the output from the 555 would 
pass through a power transistor, to activate a solenoid 
(which is like a relay, except that it has no switch contacts) 
to release the toast. 


Intermittent windshield wipers could be controlled by a 555 
timer—and on earlier models of cars, they actually were. 


Beware of Pin-Shuffling! 


And what about the burglar alarm that was described at the 
end of Chapter 3? One of the features that | listed, which has 
not been implemented yet, is that it should shut itself off 
after a fixed interval. We can use the change of output from 
a 555 timer to do that. 


The experiment that you just performed seemed trivial, but 
really it implies all kinds of possibilities. 


555 timer limits 


1. The timer can run from a stable voltage source ranging 


from 5 to 15 volts. 


. Most manufacturers recommend a range from 1K to 
1M for the resistor attached to pin 7. 


. The capacitor value can go as high as you like, if you 
want to time really long intervals, but the accuracy of 
the timer will diminish. 


. The output can deliver as much as 100mA at 9 volts. 
This is sufficient for a small relay or miniature loud- 
speaker, as you'll see in the next experiment. 


In all of the schematics in this book, I'll show chips as you'd see them 
from above, with pin 1 at top left. Other schematics that you may 
see, on websites or in other books, may do things differently. For 
convenience in drawing circuits, people shuffle the pin numbers on 
achip so that pin 1 isn’t necessarily shown adjacent to pin 2. 


Look at the schematic in Figure 4-20 and compare it with the one 
in Figure 4-15. The connections are the same, but the one in Figure 
4-20 groups pins to reduce the apparent complexity of the wiring. 


“Pin shuffling” is common because circuit-drawing software tends 
to do it, and on larger chips, it is necessary for functional clarity of 
the schematic (i.e., logical groupings of pin names versus physical 
groupings on memory chips, for example). When you're first learn- 
ing to use chips, | think it's easier to understand a schematic that 
shows the pins in their actual positions. So that’s the practice | will 
be using here. 


$2 


Figure 4-20. Many people draw schematics in which the pin numbers on a chip are shuffled around to make the schematic 
smaller or simpler. This is not helpful when you try to build the circuit. The schematic here is for the same circuit as in Figure 
4-15. This version would be harder to recreate on a breadboard. 
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Experiment 17: Set Your Tone 
I'm going to show you two other ways in which the 555 timer can be used. 
You will need the same items as in Experiment 16, plus: 

Additional 555 timer chip. Quantity: 1. 

Miniature loudspeaker. Quantity: 1. 


100K linear potentiometer. Quantity: 1. 


Procedure 


Leave the components from Experiment 16 where they are on the bread- 
board, and add the next section below them, as shown in Figures 4-21 and 
4-22. Resistor R2 is inserted between pins 6 and 7, instead of the jumper wire 
that shorted the pins together in the previous circuit, and there’s no external 
input to pin 2 anymore. Instead, pin 2 is connected via a jumper wire to pin 
6. The easiest way to do this is by running the wire across the top of the chip. 


| have omitted the smoothing capacitor from the schematic in Figure 4-22, 
because I’m assuming that you’re running this circuit on the same breadboard 
as the first, where the previous smoothing capacitor is still active. 


A loudspeaker in series with a 1000 resistor (R3) has been substituted for the 
LED to show the output from the chip. Pin 4, the reset, is disabled by connect- 
ing it to the positive voltage supply, as I’m not expecting to use the reset func- 
tion in this circuit. 


Now what happens when you apply power? Immediately, you should hear 
noise through the loudspeaker. If you don’t hear anything, you almost cer- 
tainly made a wiring error. 


Notice that you don't have to trigger the chip with a pushbutton anymore. 
The reason is that when C1 charges and discharges, its fluctuating voltage is 
connected via a jumper wire across the top of the chip to pin 2, the trigger. In 
this way, the 555 timer now triggers itself. I’ll describe this in more detail in the 
next section “Theory: Inside the 555 timer: astable mode,’ if you want to see 
exactly what is going on. 


In this mode, the chip is “astable,’ meaning that it is not stable, because it flips 
to and fro endlessly, sending a stream of pulses for as long as the power is 
connected. The pulses are so rapid that the loudspeaker reproduces them as 
noise. 


In fact, with the component values that | specified for R1, R2, and C1, the 555 
chip is emitting about 1,500 pulses per second. In other words, it creates a 1.5 
KHz tone. 


Check the table on page 166 to see how different values for R2 and C1 cancreate 
different pulse frequencies with the chip in this astable mode. Note that the 
table assumes a fixed value of 1K for R1! 
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Figure 4-21. These components should be 
added on the same breadboard below the 
components shown in Figure 4-14. Use the 
following values to test the 555 timer in its 
astable mode: 


R1: 1K 

R2: 10K 

R3: 1000 

C1: 0.047 uF ceramic or electrolytic 
C2: 0.1 uF ceramic 

IC2: 555 timer 





Figure 4-22. This is the schematic version 
of the circuit shown in Figure 4-21. The 
component values are the same. 
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THEORY 


Inside the 555 timer: astable mode 


Here’s what is happening now, illustrated in Figure 4-23. 
Initially, the flip-flop grounds C1 as before. But now the low 
voltage on the capacitor is connected from pin 7 to pin 2 
through an external wire. The low voltage tells the chip to 
trigger itself. The flip-flop obediently flips to its “on” position 
and sends a positive pulse to the loudspeaker, while remov- 
ing the negative voltage from pin 7. 


Figure 4-23. When the 555 timer is used in astable mode, resis- 
tor R2 is placed between pin 6 and pin 7 and pin 6 is connected 
via an external wire to pin 2, so that the timer triggers itself. 


Now C1 starts charging, as it did when the timer was in 
monostable mode, except that it is being charged through 
R1 +R2 in series. Because the resistors have low values, and 
C1 is also small, C1 charges quickly. When it reaches 2/3 full 
voltage, comparator B takes action as before, discharging 
the capacitor and ending the output pulse from pin 3. 


The capacitor takes longer to discharge than before, 
because R2 has been inserted between it and pin 7, the 
discharge pin. While the capacitor is discharging, its voltage 
diminishes, and is still linked to pin 2. When the voltage 
drops to 1/3 of full power or less, comparator A kicks in and 
sends another pulse to the flip-flop, starting the process all 
over again. 


Summing up: 


1. In astable mode, as soon as power is connected, the 
flip-flop pulls down the voltage on pin 2, triggering 
comparator A, which flips the flip-flop to its “down” 
position. 

. Pin 3, the output, goes high. The capacitor charges 
through R1 and R2 in series. 

. When the capacitor reaches 2/3 of supply voltage, the 
flip-flop goes “up” and the output at pin 3 goes low. The 
capacitor starts to discharge through R2. 

. When the charge on the capacitor diminishes to 1/3 of 
full voltage, the pull-down on pin 2 flips the flip-flop 
again and the cycle repeats. 


Unequal on/off cycles 


When the timer is running in astable mode, C1 charges 
through R1 and R2 in series. But when C1 discharges, it 
dumps its voltage through R2 only. This means that the 
capacitor charges more slowly than it discharges. While it is 
charging, the output on pin 3 is high; while it is discharging, 
the output on pin 3 is low. Consequently the “on” cycle is 
always longer than the “off” cycle. Figure 4-24 shows this as 
a simple graph. 


If you want the on and off cycles to be equal, or if you want 
to adjust the on and off cycles independently (for example, 
because you want to send a very brief pulse to another chip, 
followed by a longer gap until the next pulse), all you need 
to do is add a diode, as shown in Figure 4-25. 


Now when C1 charges, the electricity flows through R11 as be- 
fore but takes a shortcut around R2, through diode D1. When 
C1 discharges, the diode blocks the flow of electricity in that 
direction, and so the discharge goes back through R2. 
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Inside the 555 timer: astable mode (continued) 


R1 now controls the charge time on its own, while R2 controls the discharge 
time. The formula for calculating the frequency is now: 


Frequency = 1440 / ((R1 + R2) x C1) 


If you set R1 = R2, you should get almost equal on/off cycles (“almost” because 
the diode itself imposes a small internal voltage drop of about 0.6V). The exact 
value depends primarily on the manufacturing process used to make the diode. 


Duration of each 
On cycle is 
proportionate to 
R1+R2 


[ | 


Output gy 
Voltage 
Pin3 3v — 


Ov 





ae 
Duration of each 
Off cycle is 
proportionate to 
R2 only 


Figure 4-24. In its usual astable configuration, the timer charges a capacitor through 
R1+R2 and discharges the capacitor through R2 only. Therefore its output on cycles 
are longer than its output off cycles. 


9V 
DC 


Figure 4-25. This is a modification of the schematic shown in Figure 4-22. By adding 
a diode to a 555 timer running in astable mode, we eliminate R2 from the charging 
cycle of capacitor C1. Now we can adjust the output on cycle with the value of R1, 
and the output off cycle with the value of R2, so that the on and off durations are 
independent of each other. 
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FUNDAMENTALS 


The following table shows 555 timer frequency in astable To calculate a different frequency: double R2, add the prod- 
mode: 
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Frequency is in pulses per second, rounded to two 


figures. 


uct to R1, multiply the sum by C1, and divide the result into 
1440. Like this: 


Frequency = 1440 /((R1 + 2R2) x C1) cycles per second 


The horizontal scale shows common resistor values for —_[n this formula, R1 and R2 are in kilohms, C1 is in microfarads, 


R2. 


and the frequency is in hertz (cycles per second). Note that 


The vertical scale shows common capacitor values for the frequency is measured from the start of one pulse to 


C1. Resistor R1 is assumed to be 1K. 
Resistor R1 is assumed to be 1K. 











the start of the next. The duration of each pulse is not the 
same as the length of time between each pulse. This issue is 
discussed in the previous section. 




















Astable Modifications 


In the circuits shown in Figures 4-22 or 4-25, if you substitute a 100K potenti- 
ometer for R2, you can adjust the frequency up and down by turning the shaft. 


Another option is to “tune” the timer by using pin 5, the control, as shown in 
the Figure 4-26. Disconnect the capacitor that was attached to that pin and 
substitute the series of resistors shown. R9 and R11 are both 1K resistors, either 
side of R10, which is a 100K potentiometer. They ensure that pin 5 always has 
at least 1K between it and the positive and negative sides of the power supply. 
Connecting it directly to the power supply won't damage the timer, but will 
prevent it from generating audible tones. As you turn the potentiometer to 
and fro, the frequency will vary over a wide range. If you want to generate a 
very specific frequency, a trimmer potentiometer can be used instead. 
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A primary advantage of using pin 5 to adjust frequency is that you can control 
it remotely. Take the output from pin 3 of another 555 timer running slowly in 
astable mode, and pipe it through a 2K2 resistor to pin 5. Now you get a two- 
tone siren effect, as one timer controls the other. If, in addition, you add a 100 
UF capacitor between pin 5 and ground, the charging and discharging of the 
capacitor will make the tone slide up and down instead of switching abruptly. 
I'll describe this in more detail shortly. This leads me to the whole topic of one 
chip controlling another chip, which will be our last variation on this experiment. 


Chaining Chips 


Generally speaking, chips are designed so that they can talk to each other. The 
555 couldn't be easier in this respect: 


+ Pin 3, the output, from one 555 can be connected directly to pin 2, the 
trigger, of asecond 555. 


- Alternatively, the output can be sufficient to provide power to pin 8 of a 
second 555. 


+ The output is appropriate to control or power other types of chips too. 
Figure 4-27 shows these options. 


When the output from the first 555 goes high, it is about 70 to 80% of its sup- 
ply voltage. In other words, when you're using a 9V supply, the high output 
voltage is at least 6 volts. This is still above the minimum of 5V that the second 
chip needs to trigger its comparator, so there's no problem. 













ve 16 
3 1C1 6 
4 5 
That's still 
high enough to 1 8 Now you 
power me! 2 7 can control 
me! 
3 Ic2 6 
4 5 


Figure 4-27. Three ways to chain 555 timers together. The output of IC1 can power a sec- 
ond timer, or adjust its control voltage, or activate its trigger pin. 


You can chain together the two 555 timers that you already have on your 
breadboard. Figure 4-28 shows how to connect the two circuits that were 
shown previously in Figures 4-15 and 4-22. Run a wire from pin 3 (the output) 
of the first chip to pin 8 (the positive power supply) of the second chip, and 
disconnect the existing wire connecting pin 8 to your power supply. The new 
wire is shown in red. Now when you press the button to activate the first chip, 
its output powers the second chip. 
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Figure 4-26. The control (pin 5) is seldom 
used but can be useful. Varying the voltage 
on it will adjust the speed of the timer. This 
circuit enables you to test the behavior of 
it. Component values: 


R1: 1K 

R2: 10K 

R3: 100 ohms 

RY, R11: 1K 

R10: 100K linear potentiometer 
C1: 0.047 uF 
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Figure 4-28. You can combine the two cir- 
cuits shown in Figures 4-15 and 4-22 sim- 
ply by disconnecting the wire that provides 
power to pin 8 of the second timer, and 
running a substitute wire (shown in red). 


Figure 4-28. Four 555 timers, chained to- 
gether ina circle, can flash a series of four 
sets of LEDs in sequence, like Christmas 
lights or a movie marquee. 
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You can also use the output from one chip to trigger another (i.e., you can con- 
nect pin 3 from the first chip to pin 2 of the second). When the output from the 
first chip is low, it's less than half a volt. This is well below the threshold that 
the second chip requires to be activated. Why would you want to do this? Well, 
you might want to have both timers running in monostable mode, so that the 
end of a high pulse from the first one triggers the start of a high pulse in the 
second one. In fact, you could chain together as many timers as you like in this 
way, with the last one feeding back and triggering the first one, and they could 
flash a series of LEDs in sequence, like Christmas lights. Figure 4-29 shows how 
four timers could be linked this way, in a configuration that would occupy min- 
imal space (and would be wired point-to-point on perforated board, not on 
breadboard-format board). Each of the outputs numbered 1 through 4 would 
have about enough power to run maybe 10 LEDs, if you used relatively high 
load resistors to limit their current. 


Incidentally, you can reduce the chip count (the number of chips) by using two 
556 timers instead of four 555 timers. The 556 contains a pair of 555 timers in 
one package. But because you have to make the same number of external con- 
nections (other than the power supply), | haven't bothered to use this variant. 


You can even get a 558 timer that contains four 555 circuits, all preset to func- 
tion in astable mode. | decided not to use this chip, because its output behaves 
differently from a normal 555 timer. But you can buy a 558 timer and play with 
it if you wish. It is ideal for doing the “chain of four timers” that | suggested 
previously. The data sheet even suggests this. 


Lastly, going back to the idea of modifying the frequency of a 555 timer in 
astable mode, you can chain two timers, as shown in Figure 4-30. The red wire 
shows the connection from the output of the first timer to the control pin of 
the second. The first timer has now been rewired in astable mode, so that it 
creates an oscillating on/off output around four times per second. This out- 
put flashes the LED (to give you a visual check of what's going on) and feeds 
through R7 to the control pin of the second timer. 


But C2 is a large capacitor, which takes time to charge through R7. While this 
happens, the voltage detected by pin 5 slowly rises, so that the tone gener- 
ated by IC2 gradually rises in pitch. Then IC1 reaches the end of its on cycle 
and switches itself off, at which point C2 discharges and the pitch of the sound 
generated by IC2 falls again. 


You can tweak this circuit to create all kinds of sounds, much more controllably 
then when you were using PUT transistors to do the same kind of thing. Here 
are some options to try: 


* Double or halve the value of C2. 
+ Omit C2 completely, and experiment with the value of R7. 
- Substitute a 10K potentiometer for R7. 


* Change C4 to increase or decrease the cycle time of IC1. 
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- Halve the value of R5 while doubling the value of C4, so that the cycle 
time of IC1 stays about the same, but the On time becomes significantly 
longer than the Off time. 


* Change the supply voltage in the circuit from 9 volts to 6 volts or 12 volts. 


Remember, you can’t damage a 555 timer by making changes of this kind. Just 
make sure that the negative side of your power supply goes to pin 1 and the 
positive side to pin 8. 


9V 
DC 





Figure 4-30. When both timers are astable, but |C1 runs much more slowly than IC2, the 
output from IC1 can be used to modulate the tone generated by IC2. Note that as this is 
a substantial modification to the previous schematics, several components have been 
relabeled. To avoid errors, you may need to remove the old circuit from your breadboard 
and build this version from scratch. Try these values initially: 


R1, R4, R6, R7: 1K 
R2, R5: 10K 

R3: 100 ohms 

C1: 0.047 uF 

C2, C3: 100 UF 
C4: 68 UF 

C5: 0.1 pF 
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Experiment 18: Reaction Timer 
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Figure 4-31. After putting a 1K resistor 
between the common cathode of the 
display and the negative supply voltage, 
you can use the positive supply voltage to 
illuminate each segment in turn. 





Figure 4-32. The most basic and common 
digital numeral consists of seven LED seg- 
ments identified by letters, as shown here, 
plus an optional decimal point. 
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Because the 555 can easily run at thousands of cycles per second, we can use it 
to measure human reactions. You can compete with friends to see who has the 
fastest response—and note how your response changes depending on your 
mood, the time of day, or how much sleep you got last night. 


Before going any further, | have to warn you that this circuit will have more 
connections than others you've tackled so far. It's not conceptually difficult, 
but requires a lot of wiring, and will only just fit on a breadboard that has 63 
rows of holes. Still, we can build it in a series of phases, which should help you 
to detect any wiring errors as you go. 


You will need: 


4026 chip. Quantity: 4 (really you need only 3, but get another one in case 
you damage the others). 


555 timers. Quantity: 3. 
Tactile switches (SPST momentary switches). Quantity: 3. 


Three numeric LEDs, or one 3-digit LED display (see the shopping list at 
the beginning of this chapter). Quantity: 1. 


Breadboard, resistors, capacitors, and meter, as usual. 


Step 1: Display 
You can use three separate LED numerals for this project, but | suggest that 


you buy the Kingbright BC56-11EWA on the shopping list at the beginning of 
this chapter. It contains three numerals in one big package. 


You should be able to plug it into your breadboard, straddling the center 
channel. Put it all the way down at the bottom of the breadboard, as shown in 
Figure 4-31. Don’t put any other components on the breadboard yet. 


Now set your power supply to 9 volts, and apply the negative side of it to the 
row of holes running up the breadboard on the righthand side. Insert a 1K 
resistor between that negative supply and each of pins 18, 19, and 26 of the 
Kingbright display, which are the “common cathode,’ meaning the negative 
connection shared by each set of LED segments in the display. (The pin num- 
bers of the chip are shown in Figure 4-33. If you're using another model of 
display, you'll have to consult a data sheet to find which pin(s) are designed to 
receive negative voltage.) 


Switch on the power supply and touch the free end of the positive wire to each 
row of holes serving the display on its left and right sides. You should see each 
segment light up, as shown in Figure 4-31. 


Each numeral from 0 to 9 is represented by a group of these segments. The 
segments are always identified with lowercase letters a through g, as shown in 
Figure 4-32. In addition, there is often a decimal point, and although we won't 
be using it, I've identified it with the letter h. 
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Check Figure 4-33 showing the Kingbright display, and you'll see | have an- 
notated each pin with its function. You can step down the display with the 
positive wire from your power supply, making sure that each pin lights an ap- 
propriate segment. 


Incidentally, this display has two pins, numbered 3 and 26, both labeled to 
receive negative voltage for the first of the digits. Why two pins instead of one? 
| don’t know. You need to use only one, and as this is a passive chip, it doesn't 
matter if you leave the unused one unconnected. Just take care not to apply 
positive voltage to it, which would create a short circuit. 


A numeric display has no power or intelligence of its own. It’s just a bunch of 
light-emitting diodes. It’s not much use, really, until we can figure out a way to 
illuminate the LEDs in appropriate groups—which will be the next step. 


Step 2: Counting 


Fortunately, we have a chip known as the 4026, which receives pulses, counts 
them, and creates an output designed to work with a seven-segment display so 
that it shows numbers 0-9. The only problem is that this is a rather old-fashioned 
CMOS chip (meaning, Complementary Metal Oxide Semiconductor) and is thus 
sensitive to static electricity. Check the caution on page 172 before continuing. 


Switch off your power supply and connect its wires to the top of the breadboard, 
noting that for this experiment, we're going to need positive and negative pow- 
er on both sides. See Figure 4-34 for details. If your breadboard does not already 
have the columns of holes color-coded, | suggest you use Sharpie markers to 
identify them, to avoid polarity errors that can fry your components. 


The 4026 counter chip is barely powerful enough to drive the LEDs in our dis- 
play when powered by 9 volts. Make sure you have the chip the right way up, 
and insert it into the breadboard immediately above your three-digit display, 
leaving just one row of holes between them empty. 


The schematic in Figure 4-35 shows how the pins of the 4026 chip should be con- 
nected. The arrows tell you which pins on the display should be connected with 
pins on the counter. 


Figure 4-36 shows the “pinouts” (i.e., the functions of each pin) of a 4026 coun- 
ter chip. You should compare this with the schematic in Figure 4-35. 


Include a tactile switch between the positive supply and pin 1 of the 4026 
counter, with a 10K resistor to keep the input to the 4026 counter negative un- 
til the button is pressed. Make sure all your positives and negatives are correct, 
and turn on the power. You should find that when you tap the tactile switch 
lightly, the counter advances the numeric display from 0 through 9 and then 
begins all over again from 0. You may also find that the chip sometimes misin- 
terprets your button-presses, and counts two or even three digits at a time. I'll 
deal with this problem a little further on. 


The LED segments will not be glowing very brightly, because the 1K series 
resistors deprive of them of the power they would really like to receive. Those 
resistors are necessary to avoid overloading the outputs from the counter. 
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Figure 4-33. This Kingbright unit incor- 
porates three seven-segment numeric 
displays in one package, and can be driven 
by three chained 4026 decade counters. 
The pin numbers are shown close to the 
chip. Segments a through g of numeral 1 
are identified as la through 1g. Segments 
a through g of numeral 2 are identified as 
2a through 2g. Segments a through g of 
numeral 3 are identified as 3a through 3g. 
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Figure 4-34. When building circuits around 
chips, it's convenient to have a positive 
and negative power supply down each 
side of your breadboard. For the reaction 
timer circuit, a 9V supply with a 100 pF 
smoothing capacitor can be set up like 
this. If your breadboard doesn't color-code 
the columns of holes on the left and right 
sides, | suggest you do that yourself with a 
permanent marker. 
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Grounding Yourself 


To avoid the frustration that occurs when you power up a circuit and nothing happens, be sure to take these precautions when you 
use the older generation of CMOS chips (which often have part numbers from 4000 upward, such as 4002, 4020, and so on): 


Chips are often shipped with their legs embedded in black foam. This is electrically conductive foam, and you should keep the chips 
embedded in it until you are ready to use them. 


If the chips are supplied to you in plastic tubes, you can take them out and poke their legs into pieces of conductive foam or, if you 
don’t have any, use aluminum foil. The idea is to avoid one pin on a chip acquiring an electric potential that is much higher than 
another pin. 


While handling CMOS components, grounding yourself is important. | find that in dry weather, | accumulate a static charge merely 
by walking across a plastic floor-protecting mat in socks that contain some synthetic fibers. You can buy a wrist strap to keep your- 
self grounded, or simply touch a large metal object, such as a file cabinet, before you touch your circuit board. | am in the habit of 
working with my socked foot touching a file cabinet, which takes care of the problem. 


Never solder a CMOS chip while there is power applied to it. 
Grounding the tip of your soldering iron is a good idea. 


Better still, don’t solder CMOS chips at all. When you're ready to immortalize a project by moving it from a breadboard into perfo- 
rated board, solder a socket into your perforated board, then push the chip into the socket. If there’s a problem in the future, you 
can unplug the chip and plug in another. 


Use a grounded, conductive surface on your workbench. The cheapest way to do this is to unroll some aluminum foil and ground 
it (with an alligator clip and a length of wire) to a radiator, a water pipe, or a large steel object. | like to use an area of conductive 
foam to cover my workbench—the same type of foam that is used for packaging chips. However, this foam is quite expensive. 
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Figure 4-35. IC3 is a 4026 
counter. IC4 is a triple 
seven-segment display chip. 
The arrows tell you which 
pins on the LED display 
should be connected to the 
pins on the counter. 


Figure 4-38. The 4026 decade counter is a CMOS chip that accepts 
clock pulses on pin 1, maintains a running total from O to 9, and out- 
puts this total via pins designed to interface with a seven-segment 
LED numeric display. 
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FUNDAMENTALS 


Counters and seven-segment displays 


Most counters accept a stream of pulses and distribute 
them to a series of pins in sequence. The 4026 decade 
counter is unusual in that it applies power to its output pins 
in a pattern that is just right to illuminate the segments of a 
7-segment numeric display. 


Some counters create positive outputs (they “source” 
current) while others create negative outputs (they “sink” 
current). Some seven-segment displays require positive 
input to light up the numbers. These are known as “common 
cathode” displays. Others require negative input and are 
known as “common anode" displays. The 4026 delivers posi- 
tive outputs and requires a common cathode display. 


Check the data sheet for any counter chip to find out how 
much power it requires, and how much it can deliver. CMOS 
chips are becoming dated, but they are very useful to hob- 
byists, because they will tolerate a wide range of supply 
voltage—from 5 to 15 volts in the case of the 4026. Other 
types of chips are much more limited. 


Most counters can source or sink only a few milliamps of 
output power. When the 4026 is running on a 9-volt power 
supply, it can source about 4mA of power from each pin. 
This is barely enough to drive a seven-segment display. 


You can insert a series resistor between each output pin of 
the counter and each input pin of the numeric display, but 
a simpler, quicker option is to use just one series resistor 
for each numeral, between the negative-power pin and 
ground. The experiment that I’m describing uses this short- 
cut. Its disadvantage is that digits that require only a couple 
of segments (such as numeral 1) will appear brighter than 
those that use many segments (such as numeral 8). 


If you want your display to look bright and professional, 
you really need a transistor to drive each segment of each 
numeral. An alternative is to use a chip containing multiple 
“op amps” to amplify the current. 


When a decade counter reaches 9 and rolls over to 0, it 
emits a pulse from its “carry” pin. This can drive another 
counter that will keep track of tens. The carry pin on that 
counter can be chained to a third counter that keeps track 
of hundreds, and so on. In addition to decade counters, 
there are hexadecimal counters (which count in 16s), octal 
counters (in 8s), and so on. 


Why would you need to count in anything other than tens? 
Consider that the four numerals on a digital clock each count 
differently. The rightmost digit rolls over when it reaches 

10. The next digit to the left counts in sixes. The first hours 
digit counts to 10, gives a carry signal, counts to 2, and gives 
another carry signal. The leftmost hours digit is either blank 
or 1, when displaying time in 12-hour format. Naturally there 
are counters specifically designed to do all this. 


Counters have control pins such as “clock disable,’ which 
tells the counter to ignore its input pulses and freeze the 
display, “enable display,’ which enables the output from the 
chip, and “reset,’ which resets the count to zero. 


The 4026 requires a positive input to activate each control pin. 
When the pins are grounded, their features are suppressed. 


To make the 4026 count and display its running total you 
must ground the “clock disable” and “reset” pins (to suppress 
their function) and apply positive voltage to the “enable 
display” pin (to activate the output). See Figure 4-36 to see 
these pins identified. 





Assuming that you succeed in getting your counter to drive the numeric dis- 
play, you're ready to add two more counters, which will control the remaining 
two numerals. The first counter will count in ones, the second in tens, and the 


third in hundreds. 


In Figure 4-37, I've continued to use arrows and numbers to tell you which pins 
of the counters should be connected to which pins of the numeric display. Oth- 
erwise, the schematic would be a confusing tangle of wires crossing each other. 


At this point, you can give up in dismay at the number of connections—but 
really, using a breadboard, it shouldn't take you more than half an hour to 
complete this phase of the project. | suggest you give it a try, because there's 
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Figure 4-37. This test circuit, laid out as you 
would be likely to place it on a breadboard, 
allows you to trigger a counter manually 

to verify that the display increments from 
000 upward to 999. 


Component values: 


All resistors are 1K. 

S1, S2, S3: SPST tactile switches, normally 
open 

IC1, IC2, IC3: 4026 decade counter chips 
IC4; Kingbright 3-digit common-cathode 
display 

C1: 100 uF (minimum) smoothing capacitor 
Wire the output pins on ICI, IC2, and IC3 
to the pins on IC4, according to the num- 
bers preceded by arrows. The actual wires 
have been omitted for clarity. Check for 
the pinouts of IC4. 
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something magical about seeing a display count from 000 through 999 “all by 
itself” and | chose this project because it also has a lot of instructional value. 


S1 is attached to the “clock disable” pin of IC1, so that when you hold down this 
button, it should stop that counter from counting. Because IC1 controls IC2, 
and IC2 controls IC3, if you freeze IC1, the other two will have to wait for it to 
resume. Therefore you won't need to make use of their “clock disable” features. 


S2 is connected to the “reset” pins of all three counters, so that when you hold 
down this button, it should set them all to zero. 


S3 sends positive pulses manually to the “clock input” pin of the first counter. 


S1, $2, and S3 are all wired in parallel with 1K resistors connected to the nega- 
tive side of the power supply. The idea is that when the buttons are not being 
pressed, the “pull-down’ resistors keep the pins near ground (zero) voltage. When 
you press one of the buttons, it connects positive voltage directly to the chip, 
and easily overwhelms the negative voltage. This way, the pins remain either in 
a definitely positive or definitely negative state. If you disconnect one of these 
pull-down resistors you are likely to see the numeric display “flutter” erratically. 
(The numeric display chip has some unconnected pins, but this won't cause any 
problem, because it is a passive chip that is just a collection of LED segments.) 


I I 
1 Always connect input pins of a CMOS chip so that they are either positive or nega- 1 
tive. See the “No Floating Pins” warning on the next page. ; 


| suggest that you connect all the wires shown in the schematic first. Then cut 
lengths of 22-gauge wire to join the remaining pins of the sockets from IC1, 
IC2, and IC3 to IC4. 


Switch on the power and press S2. You'll see three zeros in your numeric display. 


Each time you press $3, the count should advance by 1. If you press S2, the 
count should reset to three zeros. If you hold down S1 while you press S3 re- 
peatedly, the counters should remain frozen, ignoring the pulses from S3. 


FUNDAMENTALS 


Switch bounce 


When you hit $3, | think you'll find that the count sometimes increases by more 
than 1. This does not mean that there's something wrong with your circuit or your 
components; you are just observing a phenomenon known as “switch bounce.” 


On a microscopic level, the contacts inside a pushbutton switch do not close 
smoothly, firmly, and decisively. They vibrate for a few microseconds before set- 
tling; the counter chip detects this vibration as a series of pulses, not just one. 


Various circuits are available to “debounce’ a switch. The simplest option is to 
put a small capacitor in parallel with the switch, to absorb the fluctuations; but 
this is less than ideal. I’ll come back to the topic of debouncing later in the book. 
Switch bounce is not a concern in this circuit, because we're about to get rid of 
S3 and substitute a 555 timer that generates nice clean bounceless pulses. 
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Pulse Generation 


A 555 timer is ideal for driving a counter chip. You've already seen how to wire 
a 555 to create a stream of pulses that made noise through a loudspeaker. I’m 
reproducing the same circuit in Figure 4-38 in simplified form, using the posi- 
tive and negative supply configuration in the current project. Also I’m show- 
ing the connection between pins 2 and 6 in the way that you're most likely to 
make it, via a wire that loops over the top of the chip. 


For the current experiment, I'm suggesting initial component values that will 
generate only four pulses per second. Any faster than that, and you won't be 
able to verify that your counters are counting properly. 


Install IC5 and its associated components on your breadboard immediately 
above IC1. Don’t leave any gap between the chips. Disconnect $3 and R3 and 
connect a wire directly between pin 3 (output) of IC5 and pin 1 (clock) of IC1, 
the topmost counter. Power up again, and you should see the digits advancing 
rapidly in a smooth, regular fashion. Press $1, and while you hold it, the count 
should freeze. Release S1 and the count will resume. Press S2 and the counter 
should reset, even if you are pressing S1 at the same time. 


of 4026 
Counter 
IC1 





Figure 4-38. A basic astable circuit to drive the decade counter in the previous schematic. 
Output is approximately 4 pulses per second. 


R7: 1K 

R8: 2K2 

C2: 68 UF 

C3: 0.1 uF 
1C5: 555 timer 
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No Floating Pins! 


A CMOS chip is hypersensitive. Any 
pin that is not wired either to the 
supply voltage or to ground is said 
to be “floating” and may act like an 
antenna, sensitive to the smallest 
fluctuations in the world around it. 


The 4026 counter chip has a pin 
labeled “clock disable.” The manu- 
facturer’s data sheet helpfully tells 
you that if you give this pin a positive 
voltage, the chip stops counting and 
freezes its display. As you don’t want 
to do that, you may just ignore that 
pin and leave it unconnected, at least 
while you test the chip. This is a very 
bad idea! 


What the data sheet doesn’t bother 
to tell you (presumably because 
“everyone knows” such things) is that 
if you want the clock to run normally, 
the clock-disable feature itself has to 
be disabled, by wiring it to negative 
(ground) voltage. If you leave the pin 
floating (and | speak from experi- 
ence), the chip will behave erratically 
and uselessly. 


All input pins must be either 
positively or negatively wired, unless 
otherwise specified. 
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Refinements 


Now it’s time to remember that what we really want this circuit to do is test a 
person's reflexes. When the user starts it, we want an initial delay, followed by a 
signal—probably an LED that comes on. The user responds to the signal by press- 
ing a button as quickly as possible. During the time it takes for the person to re- 
spond, the counter will count milliseconds. When the person presses the button, 
the counter will stop. The display then remains frozen indefinitely, displaying the 
number of pulses that were counted before the person was able to react. 


How to arrange this? | think we need a flip-flop. When the flip-flop gets a sig- 
nal, it starts the counter running—and keeps it running. When the flip-flop 
gets another signal (from the user pressing a button), it stops the counter run- 
ning, and keeps it stopped. 


How do we build this flip-flop? Believe it or not, we can use yet another 555 
timer, ina new manner known as bistable mode. 


FUNDAMENTALS 


The bistable 555 timer 


Figure 4-39 shows the internal layout of a 555 timer, as 
before, but the external components on the righthand side 
have been eliminated. Instead, I’m applying a constant 
negative voltage to pin 6. Can you see the consequences? 
Suppose you apply a negative pulse to the trigger (pin 2). 
Normally when you do this and the 555 starts running, it 
generates a positive output while charging a capacitor at- 
tached to pin 6. When the capacitor reaches 2/3 of the full 
supply voltage, this tells the 555 to ends its positive output, 
and it flips back to negative. 


Well, if there’s no capacitor, there's nothing to stop the timer. 
Its positive output will just continue indefinitely. However, 
pin 4 (the reset) can still override everything, so if you apply 
negative voltage to pin 4, it flips the output to negative. 
After that, the output will stay negative indefinitely, as it 
usually does, until you trigger the timer by dropping the 
voltage to pin 2 again. This will flip the timer back to gener- 
ating its positive output. 


Here's a quick summary of the bistable configuration: 


A negative pulse to pin 2 turns the output positive. 


Anegative pulse to pin 4 turns the output peer Figure 4-38. In the bistable configuration, pin 6 of a 555 timer 
The timer is stable in each of these states. Its run-time is perpetually negative, so the timer cycle never ends, unless 
has become infinite. you force it to do so by applying a negative pulse to pin 4 (the 


reset). 
It’s OK to leave pins 5 and 7 of the timer unconnected, ) 


because we're pushing it into extreme states where any 
random signals from those pins will be ignored. 
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In bistable mode, the 555 has turned into one big flip-flop. To avoid any un- 
certainty, we keep pins 2 and 4 normally positive via pull-up resistors, but 
negative pulses on those pins can overwhelm them when we want to flip the 
555 into its opposite state. The schematic for running a 555 timer in bistable 
mode, controlled by two pushbuttons, is shown in Figure 4-40. You can add 
this above your existing circuit. Because you're going to attach the output 
from IC6 to pin 2 of IC1, the topmost counter, you can disconnect $1 and R1 
from that pin. See Figure 4-41. 


Now, power up the circuit again. You should find that it counts in the same way 
as before, but when you press S4, it freezes. This is because your bistable 555 
timer is sending its positive output to the “clock disable” pin on the counter. 
The counter is still receiving a stream of pulses from the astable 555 timer, 
but as long as pin 2 is positive on the counter, the counter simply ignores the 
pulses. 


Now press S5, which flips your bistable 555 back to delivering a negative out- 
put, at which point the count resumes. 


We're getting close to a final working circuit here. We can reset the count to 
zero (with S3), start the count (with S5), and wait for the user to stop the count 
(with $4). The only thing missing is a way to start the count unexpectedly. 






To Pin 2 
of 4026 
Counter 
IC1 





$5 


Figure 4-40. Adding a bistable 555 timer to the reflex tester will stop the counter with a 
touch of a button, and keep it stopped. 


R9, R10: 1K 
IC6: 555 timer 
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Experiment 18: Reaction Timer 


Figure 4-41. The completed control section 
of the circuit, to be added above these 
timers. 


RZ RY, R10, R12: 1K 

R8: 2K2 

R11: 330K 

C1: 100 pF 

C2: 68 UF 

C3, C4, C6: 0.1 pF 

C5: 10 pF 

S1, S2, S3: tactile switches 
IC5, IC6, IC7: 555 timers 
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The Delay 


Suppose we set up yet another 555 in monostable mode. Trigger its pin 2 with 
a negative pulse, and the timer delivers a positive output that lasts for, say, 4 
seconds. At the end of that time, its output goes back to being negative. Maybe 
we can hook that positive-to-negative transition to pin 4 of IC6. We can use this 
instead of switch $5, which you were pressing previously to start the count. 


Check the new schematic in Figure 4-41 which adds another 555 timer, IC7 
above IC6. When the output from IC7 goes from positive to negative, it will 
trigger the reset of IC6, flipping its output negative, which allows the count to 
begin. So IC7 has taken the place of the start switch, S4. You can get rid of S4, 
but keep the pull-up resistor, R9, so that the reset of IC6 remains positive the 
rest of the time. 


This arrangement works because | have used a capacitor, C4, to connect the 
output of IC7 to the reset of IC6. The capacitor communicates the sudden 
change from positive to negative, but the rest of the time it blocks the steady 
voltage from IC7 so that it won't interfere with IC6. 


The final schematic in Figure 4-41 shows the three 555 timers all linked together, 
as you should insert them above the topmost counter, IC1.| also added an LED to 
signal the user. Figure 4-42 is a photograph of my working model of the circuit. 








Figure 4-42. The complete reaction-timer circuit barely fits on a 63-row breadboard. 


Because this circuit is complicated, I'll summarize the sequence of events 
when it’s working. Refer to Figure 4-41 while following these steps: 


1. User presses Start Delay button S4, which triggers IC7. 

IC7 output goes high for a few seconds while C5 charges. 

IC7 output drops back low. 

IC7 communicates a pulse of low voltage through C4 to IC6, pin 4. 
IC 6 output flips to low and flops there. 

Low output from IC6 sinks current through LED and lights it. 


N OF ww FW MN 


Low output from IC6 also goes to pin 2 of IC1. 
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8. Low voltage on pin 2 of IC1 allows IC1 to start counting. 
9. User presses $3, the “stop” button. 
10. S3 connects pin 2 of IC6 to ground. 
11. IC6 output flips to high and flops there. 
12. High output from IC6 turns off the LED. 
13. High output from IC6 also goes to pin 2 of IC1. 
14. High voltage on pin 2 of IC1 stops it from counting. 
15. After assessing the result, user presses S2. 
16. S2 applies positive voltage to pin 15 of IC1, IC2, IC3. 
17. Positive voltage resets counters to zero. 
18. The user can now try again. 
19. Meanwhile, IC5 is running continuously throughout. 


In case you find a block diagram easier to understand, I've included that, too, 
in Figure 4-43. 


Using the Reflex Tester 


At this point, you should be able to test the circuit fully. When you first switch 
it on, it will start counting, which is slightly annoying, but easily fixed. Press $3 
to stop the count. Press S2 to reset to zero. 


Now press $4. Nothing seems to happen—but that's the whole idea. The delay 
cycle has begun in stealth mode. After a few seconds, the delay cycle ends, 
and the LED lights up. Simultaneously, the count begins. As quickly as pos- 
sible, the user presses S3 to stop the count. The numerals freeze, showing how 
much time elapsed. 


There's only one problem—the system has not yet been calibrated. It is still 
running in slow-motion mode. You need to change the resistor and capacitor 
attached to IC5 to make it generate 1,000 pulses per second instead of just 
three or four. 


Substitute a 10K trimmer potentiometer for R8 and a 1 uF capacitor for C2. 
This combination will generate about 690 pulses per second when the trim- 
mer is presenting maximum resistance. When you turn the trimmer down to 
decrease its resistance, somewhere around its halfway mark the timer will be 
running at 1,000 pulses per second. 


How will you know exactly where this point is? Ideally, you would attach an 
oscilloscope probe to the output from IC5. But, most likely, you don’t have an 
oscilloscope, so here are a couple other suggestions. 








Chips, Ahoy! 


Experiment 18: Reaction Timer 


i 





v 





Figure 4-43. The functions of the reflex 
tester, summarized as a block diagram. 
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First remove the 1 uF capacitor at C2 and substitute a 10 uF capacitor. Because 
you are multiplying the capacitance by 10, you will reduce the speed by 10. 
The leftmost digit in your display should now count in seconds, reaching 9 and 
rolling over to 0 every 10 seconds. You can adjust your trimmer potentiometer 
while timing the display with a stopwatch. When you have it right, remove the 
10 uF capacitor and replace the 1 uF capacitor at C2. 


The only problem is, the values of capacitors may be off by as much as 10%. If 
you want to fine-tune your reflex timer, you can proceed as follows. 


Disconnect the wire from pin 5 of IC3, and substitute an LED with a 1K series 
resistor between pin 5 and ground. Pin 5 is the “carry” pin, which will emit a 
positive pulse whenever IC3 counts up to 9 and rolls over to start at 0 again. 
Because IC3 is counting tenths of a second, you want its carry output to occur 
once per second. 


Now run the circuit for a full minute, using your stopwatch to see if the flashing 
LED drifts gradually faster or slower than once per second. If you have a camcord- 
er that has a time display in its viewfinder, you can use that to observe the LED. 


If the LED flashes too briefly to be easily visible, you can run a wire from pin 5 to 
another 555 timer that is set up in monostable mode to create an output lasting 
for around 1/10 of a second. The output from that timer can drive an LED. 


Enhancements 


It goes without saying that anytime you finish a project, you see some oppor- 
tunities to improve it. Here are some suggestions: 


1. No counting at power-up. It would be nice if the circuit begins in its 
“ready” state, rather than already counting. To achieve this you need to 
send a negative pulse to pin 2 of IC6, and maybe a positive pulse to pin 15 
of IC1. Maybe an extra 555 timer could do this. I’m going to leave you to 
experiment with it. 


2. Audible feedback when pressing the Start button. Currently, there’s no 
confirmation that the Start button has done anything. All you need to do 
is buy a piezoelectric beeper and wire it between the righthand side of 
the Start button and the positive side of the power supply. 


3. Arandom delay interval before the count begins. Making electronic com- 
ponents behave randomly is very difficult, but one way to do it would be 
to require the user to hold his finger on a couple of metal contacts. The 
skin resistance of the finger would substitute for R11. Because the finger 
pressure would not be exactly the same each time, the delay would vary. 
You'd have to adjust the value of C5. 
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Summing Up 


This project demonstrated how a counter chip can be controlled, how counter 
chips can be chained together, and three different functions for 555 timers. It 
also showed you how chips can communicate with each other, and introduced 
you to the business of calibrating a circuit after you've finished building it. 


Naturally, if you want to get some practical use from the circuit, you should 
build it into an enclosure with heavier-duty pushbuttons—especially the but- 
ton that stops the count. You'll find that when people's reflexes are being test- 
ed, they are liable to hit the stop button quite hard. 


Because this was a major project, I'll follow it up here with some quicker, easier 
ones as we move into the fascinating world of another kind of integrated circuit: 
logic chips. 


Experiment 19: Learning Logic 
You will need: 
- Assorted resistors and capacitors. 


+ 74HCOO quad 2-input NAND chip, 74HC08 quad 2-input AND chip, and 
LM7805 voltage regulator. Quantity: 1 of each. 


* Signal diode, 1N4148 or similar. Quantity: 1. 
+ Low-current LED. Quantity: 1. 
- SPST tactile switches. Quantity: 2. 


You're going to be entering the realm of pure digital electronics, using “logic 
gates” that are fundamental in every electronic computing device. When you 
deal with them individually, they‘re extremely easy to understand. When you 
start chaining them together, they can seem intimidatingly complex. So let’s 
start with them one at a time. 


Logic gates are much fussier than the 555 timer or the 4026 counter that you 
used previously. They demand an absolutely precise 5 volts DC, with no fluc- 
tuations or “spikes” in the flow of current. Fortunately, this is easy to achieve: 
just set up your breadboard with an LM7805 voltage regulator, as shown in 
the schematic in Figure 4-44 and the photograph in Figure 4-45. The regula- 
tor receives 9 volts from your usual voltage supply, and reduces it to 5 volts, 
with the help of a couple of capacitors. You apply the 9 volts to the regulator, 
and distribute the 5 volts down the sides of your breadboard instead of the 
unregulated voltage that you used previously. Use your meter to verify the 
voltage, and make sure you have the polarity clearly marked. 


After installing your regulator, take a couple of tactile switches, two 10K resis- 
tors, a low-current LED, and a 1K resistor, and set them around a 74HCO00 logic 
chip as shown in Figure 4-46. You may notice that many of the pins of the chip 
are shorted together and connected to the negative side of the power supply. 
I'll explain that in a moment. 
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9v DC 






LM7805 


Figure 4-44. This simple circuit is essential 
to provide a regulated 5V DC supply for 
logic chips. 





Figure 4-45. The voltage regulator and its 
two capacitors can fit snugly at the top of 
a breadboard. Remember to apply the 9V 
input voltage at the left pin of the regula- 
tor, and distribute the 5V output down the 
sides of the breadboard. 
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Voltage regulators 


The simplest versions of these 
little semiconductors accept a 
higher DC voltage on one pin 
and deliver a lower DC voltage 
on another pin, with a third pin 
(usually in the middle) serving as 
a common negative, or ground. 


You should also attach a couple of 


capacitors to smooth the current, 
as shown in Figure 4-46. 


Typically you can put a 7.5-volt or 


9-volt supply on the “input” side of 
a 5-volt regular, and draw a precise 


5 volts from the “output” side. If 
you're wondering where the extra 
voltage goes, the answer is, the 
regulator turns the electricity into 
heat. For this reason, small regula- 
tors (such as the one in Figure 4-8) 
often have a metal back with a 
hole in the top. Its purpose is to 
radiate heat, which it will do more 
effectively if you bolt it to a piece 
of aluminum, since aluminum 


conducts heat very effectively. The 


aluminum is known as a heat sink, 
and you can buy fancy ones that 
have multiple cooling fins. 


For our purposes, we won't be 


drawing enough current to require 


a heat sink. 


eee ee 
eeeee «8 
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exactly equivalent to the schematic in 
Figure 4-46. 
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9v DC 






LM7805 





74HC00 
NAND ® 
gate 


Figure 4-48. By observing the LED when you press either, both, or neither of the buttons, 
you can easily figure out the logical function of the NAND gate. 


When you connect power, the LED should light up. Press one of the tactile 
switches, and the LED remains illuminated. Press the other tactile switch, and 
again the LED stays on. Now press both switches, and the light should go out. 


Pins 1 and 2 are logic inputs for the 74HCO0 chip. Initially they were held at 
negative voltage, being connected to the negative side of the power supply 
through 10K resistors. But each pushbutton overrides its pull-down resistor 
and forces the input pin to go positive. 


The logic output from the chip, as you saw, is normally positive—but not if 
the first input and the second input are positive. Because the chip does a “Not 
AND” operation, it’s known as a NAND logic gate. You can see the breadboard 
layout in Figure 4-47. Figure 4-48 is a simplified version of the circuit. The U- 
shaped thing with a circle at the bottom is the logic symbol for a NAND gate. 
No power supply is shown for it, but in fact all logic chips require a power sup- 
ply, which enables them to put out more current than they take in. Anytime 
you see a symbol for a logic chip, try to remember that it has to have power 
to function. 
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The 74HCO0 actually contains four NAND gates, each with two logical inputs 
and one output. They are arrayed as shown in Figure 4-49. Because only one 
gate was needed for the simple test, the input pins of the unused gates were 
shorted to the negative side of the power supply. 


Pin 14 supplies positive power for the chip; pin 7 is its ground pin. Almost 
all the 7400 family of logic chips use the same pins for positive and negative 
power, so you can swap them easily. 


In fact, let’s do that right now. First, disconnect the power. Carefully pull out 
the 74HCO00 and put it away with its legs embedded in conductive foam. Sub- 
stitute a 74HC08 chip, which is an AND chip. Make sure you have it the right 
way up, with its notch at the top. Reconnect the power and use the pushbut- 
tons as you did before. This time, you should find that the LED comes on if 
the first input AND the second input are both positive, but it remains dark 
otherwise. Thus, the AND chip functions exactly opposite to the NAND chip. 
Its pinouts are shown in Figure 4-50. 


You may be wondering why these things are useful. Soon you'll see that we 
can put logic gates together to do things such as create an electronic com- 
bination lock, or a pair of electronic dice, or a computerized version of a TV 
quiz show where users compete to answer a question. And if you were really 
insanely ambitious, you could build an entire computer out of logic gates. 
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AA 


Figure 4-48. The structure and function of 
the NAND gate is easier to visualize with 
this simplified schematic that omits the 
power supply for the chip and doesn't 
attempt to place the wires to fit a bread- 
board layout. 





Figure 4-48. The pinouts of the logic gates in a 7AHCOOchip. Figure 4-SG. The pinouts of the logic gates in a /AHCO8chip. 
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From Boole to Shannon 


George Boole was a British mathematician, born in 1815, who did something 
that few people are ever lucky enough or smart enough to do: he invented an 
entirely new branch of mathematics. 


Interestingly, it was not based on numbers. Boole had a relentlessly logical 
mind, and he wanted to reduce the world to a series of true-or-false statements 
which could overlap in interesting ways. For instance, suppose there is a couple 
named Ann and Bob who have so little money, they only own one hat. Clearly, 
if you happen to run into Ann and Bob walking down the street, there are four 
possibilities: neither of them may be wearing a hat, Ann may be wearing it, or 
Bob may be wearing it, but they cannot both be wearing it. 


The diagram in Figure 4-51 illustrates this. All the states are possible except the 
one where the circles overlap. (This is known as a Venn diagram. | leave it to you 
to search for this term if it interests you and you’d like to learn more.) Boole took 
this concept much further, and showed how to create and simplify extremely 
complex arrays of logic. 


Figure 4-S1. This slightly frivolous Venn diagram illustrates the various possibilities 
for two people, Ann and Bob, who own only one hat. 


Another way to summarize the hat-wearing situation is to make the “truth table” 
shown in Figure 4-52. The rightmost column shows whether each combination 
of propositions can be true. Now check the table in Figure 4-53. It’s the same 
table but uses different labels, which describe the pattern you have seen while 
using the NAND gate. 


Boole published his treatise on logic in 1854, long before it could be applied 

to electrical or electronic devices. In fact, during his lifetime, his work seemed 
to have no practical applications at all. But a man named Claude Shannon 
encountered Boolean logic while studying at MIT in the 1930s, and in 1938 he 
published a paper describing how Boolean analysis could be applied to circuits 
using relays. This had immediate practical applications, as telephone networks 
were growing rapidly, creating complicated switching problems. 
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Figure 4-S2. The hat-wearing possibilities can be expressed ina 
“truth table.” 


Input A 


Input B | Output 


Figure 4-S3. The truth-table from can be relabeled to describe 
the inputs and outputs of a NAND gate. 
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A very simple telephone problem could be expressed like 
this. Suppose two customers in a rural area share one tele- 
phone line. If one of them wants to use the line, or the other 
wants to use it, or neither of them wants to use it, there’s 

no problem. But they cannot both use it at once. You may 
notice that this is exactly the same as the hat-wearing situa- 
tion for Ann and Bob. 


We can easily draw a circuit using two normally closed 
relays that creates the desired outcome (see Figure 4-54), 
but if you imagine a telephone exchange serving many 
thousands of customers, the situation becomes very compli- 
cated indeed. In fact, in Shannon's time, no logical process 
existed to find the best solution and verify that it used fewer 
components than some other solution. 


Shannon saw that Boolean analysis could be used for this 
purpose. Also, if you used an “on” condition to represent 
numeral 1 and an “off” condition to represent numeral 0, 
you could build a system of relays that could count. And if it 
could count, it could do arithmetic. 


When vacuum tubes were substituted for relays, the first 
practical digital computers were built. Transistors took the 
place of vacuum tubes, and integrated circuit chips replaced 
transistors, leading to the desktop computers that we now 
take for granted today. But deep down, at the lowest levels 
of these incredibly complex devices, they still use the laws 
of logic discovered by George Boole. Today, when you use 

a search engine online, if you use the words AND and OR to 
refine your search, you're actually using Boolean operators. 


Figure 4-S4. This relay circuit could illustrate the desired logic for two telephone customers wanting to share one line, and its 
behavior is almost identical to that of the NAND schematic shown in Figure 4-48. 








Chips, Ahoy! 185 


Experiment 19: Learning Logic 
ESSENTIALS 


Logic gate basics 

The NAND gate is the most fundamental building block of digital computers, 
because (for reasons which | don’t have space to explain here) it enables digital 
addition. If you want to explore more try searching online for topics such as 
“binary arithmetic” and “half-adder.” 


Generally, there are seven types of logic gates: 


- AND - OR - XOR + NOT 
- NAND - NOR + XNOR 


Of the six two-input gates, the XNOR is hardly ever used. The NOT gate has a 
single input, and simply gives a negative output when the input is positive or a 
positive output when the input is negative. The NOT is more often referred to as 
an “Inverter.” The symbols for all seven gates are shown in Figure 4-56. 





Figure 4-SS. Ann and Bob attempt to over- 
come the limitations of Boolean logic. 


Logical Inputs 


JUUGUOY, 


Logical Outputs 


Figure 4-SS. American symbols for the six types of two-input logic gates, and the 
single-input inverter. 


I've shown the American symbols. 
Other symbols have been adopted in 
Europe, but the traditional symbols 
shown here are the ones that you will 
usually find, even being used by Eu- 
ropeans. | also show the truth tables, 
in Figure 4-57, illustrating the logical 
output (high or low) for each pair of 
inputs of each type of gate. 


e9|O 
Oo|O 
OS|O 
Ol 


Figure 4-S7. Inputs and corresponding outputs for the six types of logic gates (note 
that the XNOR gate is seldom used). The minus signs indicate low voltage, close 
to ground potential. The plus signs indicate higher voltage, close to the positive 
potential of the power supply in the circuit. The exact voltages will vary depending 
on other components that may be actively connected. 
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ESSENTIALS 


Logic gate basics (continued) 


If you have difficulty visualizing logic gates, a mechanical comparison may 
help. You can think of them as being like sliding plates with holes in them, ina 
bubblegum machine. Two people, A and B, can push the plates. These people 
are the two inputs, which are considered positive when they are doing some- 
thing. (Negative logic systems also exist, but are uncommon, so I'm only going 
to talk about positive systems here.) 


The flow of bubblegum represents a flow of positive current. The full set of pos- 
sibilities is shown in Figures 4-58 through 4-63. 


[YES NO | NO| 


Z 
[NO_NO [YES] 
[VES VES] NO| 


Figure 4-SS 
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ESSENTIALS 


Logic gate basics (continued) 
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Figure 4-1 
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Logic gate basics (continued) 
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Figure 4-83 
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The confusing world of TTL and CMOS 


Back in the 1960s, the first logic gates were built with 
Transistor-Transistor Logic, abbreviated TTL, meaning that tiny 
bipolar transistors were etched into a single wafer of silicon. 
Soon, these were followed by Complementary Metal Oxide 
Semiconductors, abbreviated CMOS. Each of these chips was 
a collection of metal-oxide field-effect transistors (known as 
MOSFETs). The 4026 chip that you used earlier is an old CMOS. 


You may remember that bipolar transistors amplify current. 
TTL circuits are similar: they are sensitive to current, rather 
than voltage. Thus they require a significant flow of electricity, 
to function. But CMOS chips are like the programmable uni- 
junction transistor that | featured previously. They are voltage- 
sensitive, enabling them to draw hardly any current while they 
are waiting for a signal, or pausing after emitting a signal. 


The two families named TTL and CMOS still exist today. The 
table in Figure 4-64 summarizes their basic advantages and 
disadvantages. The CMOS series, with part numbers from 
4000 upward, were easily damaged by static electricity but 
were valuable because of their meager power consumption. 
The TTL series, with part numbers from 7400 upward, used 
much more power but were less sensitive and very fast. So, 
if you wanted to build a computer, you used the TTL family, 
but if you wanted to build a little gizmo that would run for 
weeks on a small battery, you used the CMOS family. 


From this point on everything became extremely confusing, 
because CMOS manufacturers wanted to grab market share 
by emulating the advantages of TTL chips. Newer genera- 
tions of CMOS chips even changed their part numbers to 
begin with “74” to emphasize their compatibility, and the 
functions of pins on CMOS chips were swapped around to 
match the functions of pins on TTL chips. Consequently, the 
pinouts of CMOS and TTL chips are usually now identical, 
but the meaning of “high” and “low” states changed in each 
new generation, and the maximum supply voltages for CMOS 
chips were revised downward. Note | have included question 
marks beside two categories in the CMOS column, as modern 
CMOS chips have overcome those disadvantages—at least to 
some extent. 


Here's a quick summary, which will be useful to you if you 
look at a circuit that you find online, and you wonder about 
the chips that have been specified. 


Where you see a letter “x,” it means that various numbers 
may appear in that location. Thus “74xx” includes the 7400 
NAND gate, the 7402 NOR gate, the 74150 16-bit data selec- 
tor, and so on. A combination of letters preceding the “74” 


identifies the chip manufacturer, while letters following the 
part number may identify the style of package, may indicate 
whether it contains heavy metals that are environmentally 
toxic, and other details. 


TTL CMOS 


Part 
number 
series 


7400 4000 
(Later adopted 


7400 numbering) 
Vulnerable 


to static 
electricity 


More? 


Faster Slower? 


Power 
Consumption 


Higher Very Low 


ea 
LA 
O 
<P 


Power 
Supply Range 


Narrow 
ieee’ 


Input 
Be Low 


Impedance 


Very High 


Figure 4-84. The basic differences between the two families of 
logic chips. In successive generations, these differences have 
gradually diminished. 


TTL family: 


7AXX 
The old original generation, now obsolete. 


7ASXX 
Higher speed “Schottky” series, now obsolete. 


TALSXX 
Lower power Schottky series, still used occasionally. 


TAALSXXx 
Advanced low-power Schottky. 


74FXX 
Faster than the ALS series. 
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The confusing world of TTL and CMOS (continued) 


CMOS family: 


40xx 
The old original generation, now obsolete. 


40xxB 
The 4000B series was improved but still susceptible to 
damage from static electricity. Many hobby circuits still 
use these chips because they will run from relatively 
high voltages and can power LEDs and even small 
relays directly. 


74HOx 
Higher-speed CMOS, with part numbers matching the 
TTL family, and pinouts matching the TTL family, but 
input and output voltages not quite the same as the 
TTL family. I've used this generation extensively in this 
book, because it’s widely available, and the circuits 
here have no need for greater speed or power. 


74HCTxx 
Like the HC series but matching the TTL voltages. 


74ACX 
Advanced version of HC series. Faster, with higher 
output capacity. 


74ACTXX 
Like the AC series but with the same pin functions and 
voltages as TTL. 


74AHCxx 
Advanced higher-speed CMOS. 


74AHCTxx 
Like the AHC series but with the same pin functions 
and voltages as TTL. 


TAL VXX 
Lower voltage (3.3v) versions, including LV, LVC, LVT, 
and ALVC series. 


As you can see, these days you have to interpret part num- 
bers very carefully. But which family and generation of chips 
should you use? Well, that depends! Following are some 
guidelines. 


What you don’t need: 


1. Speed differences are irrelevant from our point of view, 
as we're not going to be building circuits running at 
millions of cycles per second. 


2. Price differences are so small as to be inconsequential. 


. Lower-voltage (LV) CMOS chips are not very interesting 
for our small experimental circuits. 


. Try to avoid mixing different families, and different 
generations of the same family, in the same circuit. 
They may not be compatible. 


. Some modern chip varieties may be only available in 
the surface-mount package format. Because they’re so 
much more difficult to deal with, and their only major 
advantage is miniaturization, | don’t recommend them. 


. Inthe TTL family, the LS and ALS series cannot handle 
as much output current as the S series and the F series. 
You don't need them. 


What you should use: 


1. The old 74LSxx series of TTL chips was so popular, 
you'll still find schematics that specify these chips. You 
should still be able to buy them from sources online, 
but if not, you can substitute the 74HCTxx chips, which 
are designed to function identically. 


2. The old 4000B series of CMOS chips are still used by 
hobbyists because their willingness to tolerate high 
voltages is convenient. While TTL or TTL-compatible 
chips require a carefully regulated 5 volts, the 4000B 
chips would handle 15 volts—and also delivered 
enough power to energize LEDs or even very small re- 
lays. Some hobbyists also have a nostalgic affection for 
the 74Cxx series of chips, which had the same pin con- 
nections as the TTL chips but could still tolerate higher 
voltages and higher output current. The trouble is, 
some of the 74Cxx chips are almost extinct, and while 
the 4000B chips are still available, they are considered 
almost obsolete. 
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The confusing world of TTL and CMOS (continued) 


Bottom line: | suggest you use the 4000B chips only if you want to replicate an 
old circuit, or if a modern equivalent is unavailable (which is why | specified the 
4026B chip for the reaction timer—I could not find a modern equivalent that 
will drive seven-segment numeric displays directly, and | didn’t want you to 
have to deal with more parts than necessary). 


If you check online suppliers such as Mouser.com you'll find that the HC family is 
by far the most popular right now. They are all available in through-hole format 
(to fit your breadboard and perforated board). They have the high input imped- 
ance of CMOS (which is useful) and they have the same pin identities as the old 
7ALSxx series. 


Abbreviations 
When looking at data sheets, you are likely to encounter some or all of these 
abbreviations: 

VOH min: Minimum output voltage in high state 

VOL max: Maximum output voltage in low state 

VIH min: Minimum input voltage to be recognized as high 

VIL max: Maximum input voltage recognized as low 


Logic gate origins 


The 7400 family of integrated circuits was introduced by shows just one of the handmade circuit boards that Bill as- 
Texas Instruments, beginning with the 7400 NAND gate in sembled to run his computer. 

1962. Other companies had sold logic chips previously, but 

the 7400 series came to dominate the market. The Apollo 

lunar missions used a computer built with 7400 chips, and 

they were a mainstay of minicomputers during the 1970s. 


RCA introduced its 4000 series of logic chips in 1968, built 
around CMOS transistors; Texas Instruments had chosen 
TTL. The CMOS chips used less power, thus generating much 
less heat and enabling flexible circuit design, as each chip 
could power many others. CMOS was also tolerant of wide 
voltage ranges (from 3 to 15 volts) but prohibited switching 
speeds faster than around 1MHz. TTL was 10 times faster. 


Design tweaks gradually eradicated the speed penalty for 

CMOS, and TTL chips have become relatively rare. Still, some leet ei Ras Bill ea built ase ai a - ale 
eople retain a special nostalgic loyalty to “the logic gates entirely from series logic chips, the oldest of which was 

ans . ” 2 ee . cae : fabricated back in 1969. The web server can be found online at 

that went to the moon.’ A hardcore enthusiast named Bill ‘ . : a : : 

: : http://magic-l.org, displaying pictures of itself and details of 

Buzbee has built a entire web ere from TT L-type 7400 its construction. The picture here that Bill took shows just one 

chips, currently online at http://magic-1.org. Figure 4-65 of the circuit boards of this remarkable project. 
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Common part numbers 


Each 14-pin chip can contain four 2-input gates, three Figures 4-66 through 4-74 
3-input gates, two 4-input gates, one 8-input gate, or six show the internal connec- (+) 
single-input inverters, as shown in the following table. tions of the logic chips that 


you are most likely to use. 
Note that the 7402 NOR 

gate has its logical inputs 
and outputs arranged dif- 
ferently from all the other 
chips. 

Figure 4-88. Figures 4-66 
through 4-74 show pinouts 

for some of the most widely 
used logic chips. Note that the 
inputs of the 7402 are reversed —) ) 
compared with the other chips. 


































Figure 4-88 


Figure 4-71 Figure 4-72 Figure 4-73 Figure 4-74 
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FUNDAMENTALS 


Rules for connecting logic gates 


Permitted: The output from the timer can then deliver 100mA, 
- You can connect the input of a gate directly to your easily enough for half-a-dozen LEDs or a small relay. 
regulated power supply, either positive side or nega- Low input doesn't have to be zero. A 74HCxx logic gate 
tive side. will recognize any voltage up to 1 volt as “low.” 


You can connect the output from one gate directly to High input doesn't have to be 5 volts. A 74HCxx logic 
the input of another gate. gate will recognize any voltage above 3.5 volts as 


+ The output from one gate can power the inputs of “high:" 
many other gates (this is known as “fanout”). The exact See Figures 4-75 and 4-76 for a comparison of permit- 
ratio depends on the chip, but you can always power at __ ted voltages on the input and output side of 74HCxx and 
least ten inputs with one logic output. The output from = 74LSxx chips. 
a logic chip can drive the trigger (pin 3) of a555 timer. 


Acceptable input Acceptable input 
signal range signal range 
High High 
Max power 
consumption 
at each pin: 


fe) 
= 


Max power 
consumption 
at each pin: 


Ade 


AGE 
WINWIUII/\| 
WINWIUII\| 


20uA (sink) 


1uUA (sink 
eae 400uUA (source) 


1uA (source) 


= 
5. 
3 
(< 
3 
< 


Ag‘0 winwixeyy 


5V 5V 
DC DC 


Max power 
output 
at each pin: 


Max power 
output 
at each pin: 


0.4mA (source) 


4mA (source) 4.0mA (sink) 


4mA (sink) 


ALO JsoW IV 
Av'0 }SOW jV7 


Low High Low High 


Guaranteed output Guaranteed output 
signal range signal range 


Figure 4-75. Each family of logic chips, and each generation Figure 4-78. Because the LS generation of the TTL family has 
in each family, has different standards for input and output such different tolerances for input voltages and different 
minimum and maximum voltages. This diagram shows the standards for output voltages, the LS generation of TTL chips 
standards used by the HC generation of the CMOS family, should not be mixed in the same circuit as the HC generation 
which was chosen for most of the projects in this book. Note of CMOS chips, unless pull-up resistors are used to bring the 
that the current required for input is minimal compared with LS chips into conformance with standards expected by the HC 
the current available for output. The power supply to the chip chips. See Experiment 21] for a case study in using LS chips. 
makes up the difference. 
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FUNDAMENTALS 


Rules for connecting logic gates (continued) 


Not permitted: 


« No floating-input pins! On CMOS chips such as the HC 
family, you must always connect all input pins with a 
known voltage, even if they supply a gate on the chip 
that you're not using. When you use a SPST switch to 
control an input, remember that in its “off” position, it 
leaves the input unconnected. Use a pull-up or pull- 
down resistor to prevent this situation. See Figure 4-77. 


Don’t use an unregulated power supply, or more than 5 
volts, to power 74HCxx or 74LSxx logic gates. 


Be careful when using the output from a logic gate to 

power even a low-current LED. Check how many mil- 

liamps are being drawn. Also be careful when “sharing” 

the output from a logic gate with the input of another 

gate, at the same time that it is driving an LED. The LED 

may pull down the output voltage, to a point where 

the other gate won't recognize it. Always check cur- Not Not 
rents and voltages when modifying a circuit or design- good good 
ing anew one. 


Never apply a significant voltage or current to the 

output pin of a logic gate. In other words, don't force Figure 4-77. Because a CMOS chip is so sensitive to input 

an input into an output. fluctuations, a logical input should never be left “floating,” or 

. F unattached to a defined voltage source. This means that any 
Never link the outputs from two or eer logic gates. If single-throw switch or pushbutton should be used with a pull- 
they must share a common output wire, use diodes to up or pull-down resistor, so that when the contacts are open, 
protect them from each other. See Figure 4-78. the input is still defined. 


Figure 4-78. The output from one logic gate must not be allowed to feed back into the output from another logic gate. Diodes can 
be used to isolate them, or they can be linked via another gate. 
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5VDC Regulated 
74HC08 
AND ° 
ae gate 


Figure 4-78. Using a diode, the logical 
output from a gate can be allowed to feed 
back to one of its inputs, so that the gate 
latches after receiving a brief logical input 


pulse. 
[ 
“ 


Figure 4-80. The breadboard-format sche- 
matic in is simplified here to show more 
clearly the way in which a gate can latch 
itself after receiving an input pulse. 


In the 74HCxx logic family, each input of a logic gate consumes just a micro- 
amp, while the output can source 4 milliamps. This seems paradoxical: how 
can the chip give out more than it takes in? The answer is that it also consumes 
power from the power supply attached to pins 7 and 14. That's where the ad- 
ditional electricity comes from. 


Because the logical output from a chip can be greater than the logical input, 
we can put the chip in a state where it keeps itself “switched on’ in a way which 
is similar to the way the relay in the alarm project was wired to lock itself on. 
The simplest way to do this in a logic chip is by feeding some of the output 
back to one of the inputs. 


Figure 4-79 shows an AND gate with one of its inputs wired to positive and its 
other input held low by a pull-down resistor, with a pushbutton that can make 
the input high. A signal diode connects the output of the chip back to the 
pushbutton-controlled input. Remember that the diode has a mark on it indi- 
cating the end which should be connected to the negative side of the power 
supply, which in this case will be the end of the 10K resistor. 


The schematic in Figure 4-79 shows how the circuit should look in breadboard 
format. Figure 4-80 shows it in a simpler format. 


From this point on, | won't bother to show the power regulator and the capacitors 
associated with it. Just remember to include them every time you see the power sup- 
ply labeled as “5V DC Regulated.” 


When you switch on the power, the LED is dark, as before. The AND gate needs 
a positive voltage on both of its logical inputs, to create a positive output, but 
it now has positive voltage only on one of its inputs, while the other input 
is pulled down by the 10K resistor. Now touch the pushbutton, and the LED 
comes on. Let go of the pushbutton, and the LED stays on, because the posi- 
tive output from the AND gate circulates back through the diode and is high 
enough to overcome the negative voltage coming through the pull-down 
resistor. 


The output from the AND gate is powering its own input, so the LED will stay 
on until we disconnect it. This arrangement is a simple kind of “latch,’ and can 
be very useful when we want an output that continues after the user presses 
and releases a button. 


You can’t just connect the output from the gate to one of its inputs using an 
ordinary piece of wire, because this would allow positive voltage from the tac- 
tile switch to flow around and interfere with the output signal. Remember, you 
must never apply voltage to the output pin of a logic gate. The diode prevents 
this from happening. 


If you've grasped the basics of logic gates, you're ready now to continue to our 
first real project, which will use all the information that I've set out so far. 
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Experiment 20: A Powerful Combination 


Suppose you want to prevent other people from using your computer. | can 
think of two ways to do this: using software, or using hardware. The software 
would be some kind of startup program that intercepts the normal boot se- 
quence and requests a password. You could certainly do it that way, but | think 
it would be more fun (and more relevant to this book) to do it with hardware. 
What I’m imagining is a numeric keypad requiring the user to enter a secret 
combination before the computer can be switched on. 





The Warranty Issue 


If you follow this project all the way 
to its conclusion, you'll open your 
desktop computer, cut a wire, and 
saw a hole in the cabinet. Without a 
doubt, this will void your warranty. 
If this makes you nervous, here are 


. three options: 
You will need: 
1. Breadboard the circuit for fun, and 


leave it at that. 


- Numeric keypad. As specified in the shopping list at the beginning of this 
chapter, it must have a “common terminal” or “common output.’ The sche- 
matic in Figure 4-82 shows what | mean. Inside the keypad, one conductor 
(which | have colored red to distinguish it from the others) connects with 
one side of every pushbutton. This conductor is “common” to all of them. 
It emerges from the keypad on an edge connector or set of pins at the 
bottom, which I've colored yellow. 


2. Use the numeric keypad on some 
other device. 


3. Use it on an old computer. 





Figure 4-81. Caution: This just might void 
your warranty. 





Figure 4-82. A keypad of the type required for Experiment 20 incorporates a common 
terminal connected to one side of each of the 12 pushbuttons. The wire from the common 
terminal is shown red, here, to make it more easily identifiable. 


- Keypads that use “matrix encoding” won't work with the circuit that I’m 
going to describe. If the Velleman keypad, which | recommend, is unavail- 
able, and you can't find another like it, you can use 12 separate SPST push- 
buttons. Of course, that will cost a little more. 


* 74HCO08 logic chip containing four AND gates. Quantity: 1. 
* 74HC04 logic chip containing six inverters. Quantity: 1. 


» 555 timer chip. Quantity: 1. 
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Latching relay, 5 volt, DPST or DPDT, “2 form C” package, Panasonic DS2E- 
SL2-DC5V or similar. Must have two separate coils (one to latch, one to 
unlatch) with separate inputs. Quantity: 1. 


LEDs, 5mm generic, your choice of colors. Quantity: 3. 


Ribbon cable, with six conductors minimum, if you want to do a really 
neat job. You can use a cable of the type sold for hard drives, and split off 
the six conductors that you need, or shop around on eBay. 


Tools to open your computer, drill four holes, and make saw cuts between 
the holes, to create a rectangular opening for the keypad (if you want to 
take this project to its conclusion). Also, four small bolts to attach the key- 
pad to the computer cabinet after you create the opening for it. 


The Schematic 


This time I'd like you to study the schematic before building anything. Let's 
start with the simplified version, shown in Figure 4-83. 


5VDC 
Regulated AA 








Logic gate 
power input pins 


—yv y-°> Computer 
e— —e> 0n switch 
eA A. 


AA 


Figure 4-83. A simplified schematic showing the basic structure of the combination lock 
circuit. 
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| want this to be a battery-powered circuit, so that you don’t have to run a 
separate power supply to it or (worse) try to tap into your computer's 5-volt 
bus. Battery power means that the circuit has to be “off” most of the time, to 
prevent the battery from running down. Because the keypad has two spare 
buttons (the asterisk and the pound sign), I'm going to use the asterisk as the 
“power on” button. When you press it, the LED at the top of the schematic 
lights up to confirm that everything's working, and the button sends power to 
the two logic chips and the 555 timer. You have to hold down the asterisk but- 
ton while you punch in a three-digit code to unlock the computer. 


Arbitrarily, I've chosen 1-4-7 as the three-digit code. Let’s track what happens 
when you enter this sequence. (Naturally, if you build the circuit, you can wire 
it to choose any three digits you prefer.) 


Pressing the 1 button sends positive power to one logical input of the first 
AND gate. The other logical input of this gate is also positive, because an in- 
verter is supplying it, and the input of the inverter is being held negative by 
a pull-down resistor. When an inverter has a negative input, it gives a positive 
output, so pressing the 1 button activates the AND gate, and makes its output 
positive. The AND gate locks itself on, as its output cycles back to its switched 
input via a diode. So the gate output remains high even after you let go of the 
1 button. 


The output from the first AND gate also supplies one logical input of the sec- 
ond AND gate. When you press the 4 button, you send positive voltage to the 
other logical input of this AND gate, so its output goes high, and it locks itself 
on, just as the first gate did. 


The second AND gate feeds the third AND gate, so when you press the 7 
button, the third AND gate changes its output from low to high. This passes 
through an inverter, so the output from the inverter goes from high to low. 
This in turn goes to the trigger of a 555 timer wired in monostable mode. 


When the trigger of a 555 timer goes from high to low, the timer emits a posi- 
tive pulse through its output, pin 3. This runs down to the upper coil of the 
latching relay, and also flashes an LED to confirm that the code has been ac- 
cepted and the relay has been activated. 


Two of the contacts in the relay are wired into the power-up button of your 
computer. A little later in this description I'll explain why this should be safe 
with any modern computer. 


Because we're using a latching relay, it flips into its “on” state and remains there, 
even when the power pulse from the timer ends. So now you can let go of the 
asterisk button to disconnect the battery power to your combination lock, and 
press the power-up button that switches on your computer. 


At the end of your work session, you shut down your computer as usual, then 
press the pound button on your keypad, which flips the relay into its other 
position, reactivating the combination lock. 
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Incorrect Inputs 


What happens if you enter the wrong code? If you press any button other than 
1, 4, or 7, it sends positive voltage to the inverter near the top of the sche- 
matic. The positive voltage overwhelms the negative voltage being applied to 
the inverter through a pull-down resistor, and causes the inverter to output a 
negative voltage, which it applies to one of the logical inputs of the first AND 
gate. If the AND gate was locked on, the negative input will switch it off. If it 
was supplying the second AND gate, it'll switch that one off too. 


Thus, any error when entering the first, second, or third digit of the secret code 
will reset the AND gates, forcing you to begin the sequence all over again. 


What if you enter 1, 4, and 7 out of their correct sequence? The circuit won't 
respond. The third AND gate needs a high input supplied by the second AND 
gate, and the second AND gate needs a high input supplied by the first AND 
gate. So you have to activate the AND gates in the correct sequence. 


Questions 


Why did | use a 555 timer to deliver the pulse to the relay? Because the logical 
output from an AND gate cannot deliver sufficient power. | could have passed 
it through a transistor, but | liked the idea of a pulse of a fixed length to flip the 
relay and illuminate an LED for about 1 second, regardless of how briefly the user 
presses the 7 button. 


Why do | need three LEDs? Because when you're punching buttons to un- 
lock your computer, you need to know what's going on. The Power On LED 
reassures you that your battery isn’t dead. The Relay Active LED tells you that 
the system is now unlocked, in case you are unable to hear the relay click. The 
System Relocked LED reassures you that you have secured your computer. 


Because all the LEDs are driven either directly from the 5-volt supply or from 
the output of the 555 timer, they don’t have to be low-current LEDs and can be 
used with 3300 series resistors, so they'll be nice and bright. 


How do you connect the keypad with the circuit? That’s where your ribbon 
cable comes in. You carefully strip insulation from each of the conductors, 
and solder them to the contact strip or edge connector on your keypad. Push 
the conductors on the other end of the cable into your breadboard (when 
you're test-building the circuit) or solder them into perforated board (when 
you're building it permanently). Find a convenient spot inside your computer 
case where you can attach the perforated board, with double-sided adhesive 
or small bolts or whatever is convenient. Include a 9-volt battery carrier, and 
don’t forget your power regulator to step the voltage down to 5 volts. 


Breadboarding 


No doubt you have realized by now that breadboards are very convenient as a 
quick way to push in some components and create connections, but the layout 
of their conductors forces you to put components in unintuitive configurations. 
Still, if you carefully compare the breadboard schematic in Figure 4-83 with the 
simplified schematic in Figure 4-84, you'll find that the connections are the same. 
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To help it make sense, I’ve shown the logic gates that exist inside the chips. I've 
also colored the power supply wires, as before, to reduce the risk of confusion. 
The positive side of the supply goes only to the common terminal on your 
keypad, and you have to press the asterisk key to send the power back down 
the ribbon cable, to supply the chips. 


Note that the “wrong” numbers on the keypad are all shorted together. This 
will create some inconvenience if you want to change the combination in the 
future. I'll suggest a different option in the “enhancements” section that fol- 
lows. For now, ideally, you should run a wire from every contact on your key- 
pad, down to your circuit on its breadboard, and short the “wrong” keypad 
numbers together with jumper wires on the breadboard. 


Also note that if you use a meter to test the inputs to the AND gates, and you 
touch your finger against the meter probe while doing so, this can be suffi- 
cient to trigger the sensitive CMOS inputs and give a false positive. 


5VDC Regulated = 
(from 9V battery) 


yo Computer 
= 5, Power-up 
AA. switch 





Figure 4-84. The combination lock schematic redrawn to show how the components can 
be laid out on a breadboard. 
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If you build the circuit and you can't 
understand why everything's dead, 
it’s most likely because you forgot to 
hold down the asterisk button. 


201 


Experiment 20: A Powerful Combination 


202 


One Little Detail: The Computer Interface 


Old computers used to have a big switch at the back, attached to the heavy 
metal box inside the computer, that transformed house current to regulated 
voltages that the computer needs. Most modern computers are not designed 
this way; you leave the computer plugged in, and you touch a little button on 
the box (if it’s a Windows machine) or the keyboard (if it’s a Mac), which sends 
a low-voltage pulse to the motherboard. 


This is ideal from our point of view, because we don't have to mess with high 
voltages. Don’t even think of opening that metal box with the fan mounted in 
it, containing the computer power supply. Just look for the wire (usually con- 
taining two conductors, on a Windows machine) that runs from the “power up” 
button to the motherboard. 


To check that you found the right one, make sure that your computer is un- 
plugged, ground yourself (because computers contain CMOS chips that are 
sensitive to static electricity) and very carefully snip just one of the two con- 
ductors in the wire. Now plug in your computer and try to use the “power up” 
button. If nothing happens, you've probably cut the right wire. Even if you cut 
the wrong wire, it still prevented your computer from booting, which is what 
you want, so you can use it anyway. Remember, we are not going to introduce 
any voltage to this wire. We're just going to use the relay as a switch to recon- 
nect the conductor that you cut. You should have no problem if you maintain 
a cool and calm demeanor, and look for that single wire that starts everything. 
Check online for the maintenance manual for your computer if you're really 
concerned about making an error. 


After you find the wire and cut just one of its conductors, unplug your com- 
puter again, and keep it unplugged during the next steps. 


Find where the wire attaches to the motherboard. Usually there’s a small un- 
pluggable connector. First, mark it so that you know how to plug it back in the 
right way around, and then disconnect it while you follow the next couple of 
steps. 


Strip insulation from the two ends of the wire that you cut, and solder an ad- 
ditional piece of two-conductor wire, as shown in Figure 4-85, with heat-shrink 
tube to protect the solder joints. (This is very important!) 


Run your new piece of wire to the latching relay, making sure you attach it to 
the pair of contacts which close, inside the relay, when it is energized by the 
unlocking operation. You don’t want to make the mistake of unlocking your 
computer when you think you're locking it, and vice versa. 


Reconnect the connector that you disconnected from your motherboard, plug 
in your computer, and try to power it up. If nothing happens, this is probably 
good! Now enter the secret combination on your keypad (while holding down 
the asterisk button to provide battery power) and listen for the click as the re- 
lay latches. Now try the “power up” button again, and everything should work. 





Chapter 4 












~<=— Power Up 










button on 
computer 
Heat-shrink tubing 
(not yet shrunk) 
To your | 
latching _ 
relay 
Solder a 
joints 
Connector 


x 





Figure 4-85. The combination lock project can be interfaced with a typical desktop com- 
puter by cutting one conductor in the wire from the “power up” pushbutton, soldering an 
extension, and covering the joints with heat-shrink tube. 


Enhancements 
At the end of any project, there’s always more you can do. 


To make this setup more secure, you could remove the usual screws that secure 
the case of the computer, and replace them with tamper-proof screws. Check any 
online source for “tamper-proof screws,’ such as http:/Avww.mcmaster.com. Natu- 
rally, you will also need the special tool that fits the screws, so that you can install 
them (or remove them, if your security system malfunctions for any reason). 
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Figure 4-88. For those who are absolutely, 
positively, totally paranoid: a meltdown/ 
self-destruct system controlled by a secret 
key combination provides enhanced 
protection against data theft or intrusions 
by RIAA investigators asking annoying 
questions about file sharing. 
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Another enhancement could be an additional 555 timer that is activated by 
the asterisk button, and delivers power to the other chips for, say, a limited 
period of 30 seconds, allowing you that much time to unlock the system. This 
would eliminate the need to hold down the asterisk button while you enter 
the unlocking code. A 555 timer can supply power to all the other chips, be- 
cause they don't use very much. | omitted this feature for the sake of simplicity. 


Yet another enhancement, if you are security-crazed, is to go for a four-button 
code. After all, the 74HCO08 chip still has one unused AND gate. You could in- 
sert that into the chain of the existing AND gates and wire it to another keypad 
button of your choice. 


Still another enhancement would be a way to change the code without unsol- 
dering and resoldering wires. You can use the miniature sockets that | suggest- 
ed in the heartbeat flasher project. These should enable you to swap around 
the ends of your wires from the keypad. 


And for those who are absolutely, positively, totally paranoid, you could fix 
things so that entering a wrong code flips a second high-amperage relay 
which supplies a massive power overload, melting your CPU and sending a 
big pulse through a magnetic coil clamped to your hard drive, instantly turn- 
ing the data to garbage (Figure 4-86). Really, if you want to protect informa- 
tion, messing up the hardware has major advantages compared with trying 
to erase data using software. It’s faster, difficult to stop, and tends to be per- 
manent. So, when the Record Industry Association of America comes to your 
home and asks to switch on your computer so that they can search for illegal 
file sharing, just accidentally give them an incorrect unlocking code, sit back, 
and wait for the pungent smell of melting insulation. 


If you pursue this option, | definitely take no responsibility for the consequences. 


Ona more realistic level, no system is totally secure. The value of a hardware 
locking device is that if someone does defeat it (for instance, by figuring out 
how to unscrew your tamper-proof screws, or simply ripping your keypad out 
of the computer case with metal shears), at least you'll know that something 
happened—especially if you put little dabs of paint over the screws to re- 
veal whether they’ve been messed with. By comparison, if you use password- 
protection software and someone defeats it, you may never know that your 
system has been compromised. 
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The next project is going to get us deeper into the concept of feedback, where 
the output is piped back to affect the input—in this case, blocking it. It’s a small 
project, but quite subtle, and the concepts will be useful to you in the future. 


You will need: 
* 74HC32 chip containing four OR gates. Quantity: 1. 
+ 555 timers. Quantity: 2. 
- SPDT switch. Quantity: 1. 
« SPST tactile switches. Quantity: 2. 
- Various resistors. 


- 5V supply using power regulator as before. 


The Goal 


On quiz shows such as Jeopardy, contestants race to answer each question. 
The first person who hits his answer button automatically locks out the other 
contestants, so that their buttons become inactive. How can we make a circuit 
that will do the same thing? 


If you search online, you'll find several hobby sites where other people have 
suggested circuits to work this way, but they lack some features that | think are 
necessary. The approach I’m going to use here is both simpler and more elabo- 
rate. It’s simpler because it has a very low chip count, but it's more elaborate in 
that it incorporates “quizmaster control” to make a more realistic game. 


I'll suggest some initial ideas for a two-player version. After | develop that idea, 
I'll show how it could be expanded to four or even more players. 


A Conceptual Experiment 


| want to show how this kind of project grows from an idea to the finished 
version. By going through the steps of developing a circuit, I'm hoping | may 
inspire you to develop ideas of your own in the future, which is much more 
valuable than just replicating someone else's work. So join me in a conceptual 
experiment, thinking our way from a problem to a solution. 


First consider the basic concept: two people have two buttons, and whoever 
goes first locks out the other person. | always find it helps me to visualize this 
kind of thing if | draw a sketch, so that’s where I'll begin. In Figure 4-87, the 
signal from each button passes through a component that I'll call a “button 
blocker,’ activated by the other person's button. I’m not exactly sure what the 
button blocker will be or how it will work, yet. 


Now that I’m looking at it, | see a problem here. If | want to expand this to three 
players, it will get complicated, because each player must activate the “button 
blockers” of two opponents. Figure 4-88 shows this. And if | have four players, 
it’s going to get even more complicated. 


Anytime | see this kind of complexity, | think there has to be a better way. 
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Button Button 
Blocker Blocker 


Figure 4-87. The basic concept of the quiz 
project is that the output from one button 
should feed back to intercept the output 
of another button. At this point, the way in 
which the “button blocker” circuit works 
has not been figured out. 
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Also, there’s another problem. After a player lets his finger off the button, the 
other players’ buttons will be unblocked again. | need a latch to hold the signal 
from the first player's button and continue to block the other players. 


——— ———_ _—— 
=o = =o 


Button Button Button 
Blocker Blocker Blocker 





Figure 4-88. The quiz concept becomes more complicated when an additional pushbutton 
is added. Now each button must block two other buttons. If a fourth button is added, the 
circuit will become unmanageably complex. There has to be a better way. 


This now sounds even more complicated. But wait a minute, if | have a latch 
which allows the winning player to take his finger off his button, | don't care if 
any of the buttons are being pressed anymore—including the button of the 
winning player. As soon as his signal is latched, al// the buttons can be blocked. 
This makes things much simpler. | can summarize it as a sequence of events: 


1. First player presses his button. 
2. The signal is latched. 
3. The latched signal feeds back and blocks all the buttons. 


The new sketch in Figure 4-89 shows this. Now the configuration is modular, 
and can be expanded to almost any number of players, just by adding more 
modules. 


There’s something important missing, though: a reset switch, to put the sys- 
tem back to its starting mode after the players have had time to press their 
buttons and see who won. Also, | need a way to prevent players from pressing 
their buttons too soon, before the quizmaster has finished asking the ques- 
tion. Maybe | can combine this function in just one switch, which will be under 
the quizmaster’s control. In its Reset position, the switch can reset the system 
and remove power to the buttons. In its Play position, the switch stops hold- 
ing the system in reset mode, and provides power to the buttons. Figure 4-90 
shows this. I've gone back to showing just two players, to minimize the clutter 
of lines and boxes, but the concept is still easily expandable. 
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Button 
Blocker 


Figure 4-88. If a latch is added below each button, it can Figure 4-80. A quizmaster switch will be needed to 
retain one input and then block all inputs from all buttons. activate the buttons initially and then reset the circuit 
This simplifies the concept. after a winning input has been recorded. 


Now | have to deal with a logic problem in the diagram. The way I've drawn 
it, after the output from the lefthand latch goes up to the “button blockers,’ it 
can also run down the wire to the other half of the circuit (against the direc- 
tion to the arrows), because everything is joined together. In other words, if 
the lefthand LED lights up, the righthand LED will light up, too. How can | stop 
this from happening? 


Well, | could put diodes in the “up” wires to block current from running down 
them. But | have a more elegant idea: I'll add an OR gate, because the inputs to 
an OR gate are separated from each other electrically. Figure 4-91 shows this. 


Usually an OR gate has only two logical inputs. Will this prevent me from adding 
more players? No, because you can actually buy an OR that has eight inputs. If 
any one of them is high, the output is high. For fewer than eight players, | can 
short the unused inputs to ground, and ignore them. 


Looking again at Figure 4-91, I’m getting a clearer idea of what the thing I’ve 
called a “button blocker” should actually be. | think it should be another logic 
gate. It should say, “If there’s only one input, from a button, I'll let it through. 
But if there is a second input from the OR gate, | won't let it through.’ 


That sounds like a NAND gate, but before | start choosing chips, | have to de- 
cide what the latch will be. | can buy an off-the-shelf flip-flop, which flips “on” if 
it gets one signal and “off” if it gets another, but the trouble is, chips containing 
flip-flops tend to have more features than | need for a simple circuit like this. 
Therefore I’m going to use 555 timers again, in flip-flop mode. They require 
very few connections, work very simply, and can deliver a good amount of cur- 
rent. The only problem with them is that they require a negative input at the 
trigger pin to create a positive output. But | think | can work with that. 
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Figure 4-81. To prevent the output from one 
latch feeding back around the circuit to the 
output from another latch, the outputs can 
be combined in an OR gate. 
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Figure 4-82. Now that the basic concept 
of the quiz circuit has been roughed out, 
specific components can be inserted, with 
compatible inputs and outputs. 


So now, finally, here's a simplified schematic, in Figure 4-92. | like to show the 
pins of the 555 timers in their correct positions, so | had to move the compo- 
nents around a little to minimize wire crossovers, but you can see that logi- 
cally, it’s the same basic idea. 


Before you try to build it, just run through the theory of it, because that’s the 
final step, to make sure there are no mistakes. The important thing to bear in 
mind is that because the 555 needs a negative input on its trigger pin to create 
its output, when any of the players presses a button, the button has to create a 
negative “flow” through the circuit. This is a bit counterintuitive, so I’m includ- 
ing a three-step visualization in Figure 4-93, showing how it will work. 


In Step 1, the quizmaster has asked a question and flipped his switch to the 
right, to supply (negative) power to the players’ buttons. So long as no one 
presses a button, the pull-up resistors supply positive voltage to OR2 and OR3. 
An OR gate has a positive output if it has any positive input, so OR2 and OR3 
keep the trigger inputs of the 555 timers positive. Their outputs remain low, 
and nothing is happening yet. 


In Step 2, the lefthand player has pressed his button. Now OR2 has two nega- 
tive inputs, so its output has gone low. But IC1 hasn't reacted yet. 


In Step 3, just a microsecond later, IC1 has sensed the low voltage on its trig- 
ger, so its output from pin 3 has gone high, lighting the LED. Remember, this 
555 timer is in flip-flop mode, so it locks itself into this state immediately. 
Meanwhile its high output also feeds back to OR1. Because OR1 is an OR gate, 
just one high input is enough to make a high output, so it feeds this back to 
OR2 and OR3. And now that they have high inputs, their outputs also go high, 
and will stay high, regardless of any future button-presses. 
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Figure 4-83. These three schematics show the prevalence of higher and lower voltages 
(red and blue lines) through the quiz circuit when a pushbutton is pressed. 


Because OR2 and OR3 now have high inputs and outputs, IC1 and IC2 cannot be 
triggered. But IC1 is still locked into its “on” state, keeping the LED illuminated. 
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The only way to change IC1 is if the quizmaster flips his switch back to the left. 
That applies negative power to the reset pins of both the timers. Consequently 
their outputs go low, the LED goes out, and the circuit goes back into the same 
state as where it started. Having reset it, the quizmaster can ask another ques- 
tion, but the players’ buttons are not activated until the quizmaster flips the 
switch back to the right again. 


There's only one situation that | haven't addressed: what if both players press 
their buttons absolutely simultaneously? In the world of digital electronics, 
this is highly unlikely. Even a difference of a microsecond should be enough 
time for the circuit to react and block the second button. But if somehow both 
buttons are pressed at the same instant, both of the timers should react, and 
both of the LEDs will light up, showing that there has been a tie. 


In case you feel a little uncertain about the way in which a two-player circuit 
can be upgraded to handle extra players, I’ve included a simplified three-player 
schematic in Figure 4-94. 


Breadboarding It 


Now it’s time to create a schematic that’s as close to the breadboard layout 
as possible, so that you can build this thing easily. The schematic is shown in 
Figure 4-95 and the actual components on a breadboard are in Figure 4-96. 
Because the only logic gates that I've used are OR gates, and there are only three 
of them, | just need one logic chip: the 74HC32, which contains four 2-input OR 





Figure 4-84. The two-player schematic in 


: : can be easily upgraded to a three-player 
gates. (I've grounded the inputs to the fourth). The two OR gates on the left version, as shown here, provided the first 


side of the chip have the same functions as OR2 and OR3 in my simplified | OR gate can handle three inputs. 
schematic, and the OR gate at the bottom-right side of the chip works as OR1, 

receiving input from pin 3 of each 555 timer. If you have all the components, 

you should be able to put this together and test it quite quickly. 


You may notice that I’ve made one modification of the previous schematic. A 
0.01 uF capacitor has been added between pin 2 of each 555 timer (the Input) 
and negative ground. Why? Because when | tested the circuit without the ca- 
pacitors, sometimes | found that one or both of the 555 timers would be trig- 
gered simply by flipping $1, the quizmaster switch, without anyone pressing 
a button. 


At first this puzzled me. How were the timers getting triggered, without any- 
one doing anything? Maybe they were responding to “bounce” in the quiz- 
master switch. Sure enough, the small capacitors solved the problem. They 
may also slow the response of the 555 timers fractionally, but not enough to 
interfere with slow human reflexes. 


As for the buttons, it doesn’t matter if they “bounce,” because each timer locks 
itself on at the very first impulse and ignores any hesitations that follow. 


You can experiment building the circuit, disconnecting the 0.01 —F capacitors, 
and flipping $1 to and fro a dozen times. If you have a high-quality switch, you 
may not experience any problem. If you have a lower-quality switch, you may 
see a number of “false positives.” I’m going to explain more about “bounce,” 
and how to get rid of it, in the next experiment. 
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Figure 4-85. Applying the simplified schematic to a breadboard inevitably entails Figure 4-88. The quiz schematic applied to a 
a wiring layout that is less intuitively obvious and appears more complex. The breadboard, to test the concept prior to full-scale 


connections are the same, though. 


¥ 


Figure 4-87. Although a four-input OR gate 
is not manufactured, its functionality can 
be achieved easily by linking three 2-input 
OR gates together. 
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implementation. 


Enhancements 


After you breadboard the circuit, if you proceed to build a permanent version, 
| suggest that you expand it so that at least four players can participate. This 
will require an OR gate capable of receiving four inputs. The 74HC4078 is the 
obvious choice, as it allows up to eight. Just connect any unused inputs to 
negative ground. 


Alternatively, if you already have a couple of 74HC32 chips and you don’t want 
to bother ordering a 74HC4078, you can gang together three of the gates in- 
side a single 74HC32 so that they function like a four-input OR. Look at the 
simple logic diagram in Figure 4-97 showing three ORs, and remember that 
the output from each OR will go high if at least one input is high. 


And while you're thinking about this, see if you can figure out the inputs and 
output of three ANDs in the same configuration. 


For a four-player game, you'll also need two additional 555 timers, of course, 
and two more LEDs, and two more pushbuttons. 


As for creating a schematic for the four-player game—I'm going to leave that 
to you. Begin by sketching a simplified version, just showing the logic symbols. 
Then convert that to a breadboard layout. And here's a suggestion: pencil, pa- 
per, and an eraser can still be quicker, initially, than circuit-design software or 
graphic-design software, in my opinion. 
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Experiment 22: Flipping and Bouncing 


| mentioned in the previous experiment that “bounce” from the buttons in the 
circuit wouldn't be a problem, because the buttons were activating 555 tim- 
ers that were wired in bistable, flip-flop mode. As soon as the timer receives 
the very first pulse, it flips into its new state and flops there, ignoring any ad- 
ditional noise in the circuit. So can we debounce a switch or a button using a 
flip-flop? And as some 74HCxx chips are available containing flip-flops, can we 
use them? 


The answers are yes, and yes, although it’s not quite as simple as it sounds. 
You will need: 


74HC02 logic chip containing 4 NOR gates. 74HC00 logic chip containing 
4 NAND gates. Quantity: 1 of each. 


+ SPDT switch. Quantity: 1. 
LEDs, low-current. Quantity: 2. 
10K resistors and 1K resistors. Quantity: 2 of each. 


Assemble the components on your breadboard, following the schematic 
shown in Figure 4-98. When you apply power (through your regulated 5-volt 
supply), one of the LEDs should be lit. 


5V DC Regulated 





Figure 4-88. A simple circuit to test the behavior of two NOR gates wired as a simple flip- 
flop that retains its state after an input pulse ceases. 


Now | want you to do something odd. Please disconnect the SPDT switch by 
taking hold of the wire that connects the positive power supply to the pole of 
the switch, and pulling the end of the wire out of the breadboard. When you 
do this, you may be surprised to find that the LED remains lit. 


Push the wire back into the breadboard, flip the switch, and the first LED 
should go out, while the other LED should become lit. Once again, pull out the 
wire, and once again, the LED should remain lit. 


Here's the take-home message: 
A flip-flop requires only an initial pulse. 


After that, it ignores its input. 
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Experiment 22: Flipping and Bouncing 


How It Works 
Two NOR gates or two NAND gates can function as a flip-flop: 
« Use NOR gates when you have a positive input from a double-throw switch. 


+ Use NAND gates when you have a negative input from a double-throw 
switch. 


Either way, you have to use a double-throw switch. 


I've mentioned the double-throw switch three times (actually, four times if you 
count this sentence!) because for some strange reason, most introductory books 
fail to emphasize this point. When | first started learning electronics, | went crazy 
trying to understand how two NORs or two NANDs could debounce a simple 
SPST pushbutton—until finally | realized that they can’t. The reason is that 
when you power up the circuit, the NOR gates (or NAND gates) need to be 
told in which state they should begin. They need an initial orientation, which 
comes from the switch being in one state or the other. So it has to be a double- 
throw switch. (Now I've mentioned it five times.) 


I'm using another simplified multiple-step schematic, Figure 4-99, to show the 
changes that occur as the switch flips to and fro with two NOR gates. To refresh 
your memory, I've also included a truth table showing the logical outputs from 
NOR gates for each combination of inputs. 


kidd 


Figure 4-88. Using two NOR gates in conjunction with a positive input through a SPDT 
switch, this sequence of four diagrams shows how a flip-flop circuit responds. 


O|O/0/0 
O|0|\O/0 
olalolo <5 


Suppose that the switch is turned to the left. It sends positive current to the 
lefthand side of the circuit, overwhelming the negative supply from the pull- 
down resistor, so we can be sure that the NOR gate on the left has one posi- 
tive logical input. Because any positive logical input will make the NOR give 
a negative output (as shown in the truth table), the negative output crosses 
over to the righthand NOR, so that it now has two negative inputs, which make 
it give a positive output. This crosses back to the lefthand NOR gate. So, in this 
configuration everything is stable. 


Now comes the clever part. Suppose that you move the switch so that it 
doesn't touch either of its contacts. (Or suppose that the switch contacts are 
bouncing, and failing to make a good contact. Or suppose you disconnect the 
switch entirely.) Without a positive supply from the switch, the lefthand input 





212 Chapter 4 


GET TO KNOW YOUR 
BRAINWAVES 


GAMMA WAVES 
_/\f \ AA pi Aye 
30HZ + 
BETA WAVES 
14-30HZ 
ALPHA WAVES 


V/V 


9-13Hz 
THETA WAVES 


DELTA WAVES 


L We. 


ae es ‘i Wiehe 


HIGH BRAIN ACTIVITY 
GREAT FOR LEARNING 
& DRIVING 


ENGAGED AND BUSY 
GOOD FOR CHATTING AND 
SURFING THE WEB. 


VERY CHILL 
GREAT FOR SLIDING INTO 
MEDITATION AND MINDFULNESS 


DROWSY AND SLEEPY 
GOOD FOR NIGHT AND SLEEP 


=) 1G 40085 





of the left NOR gate goes from positive to negative, as a result of the pull- 
down resistor. But the righthand input of this gate is still positive, and one 
positive is all it takes to make the NOR maintain its negative output, so nothing 
changes. In other words, the circuit has “flopped” in this state. 


Now if the switch turns fully to the right and supplies positive power to the 
righthand pin of the right NOR gate, quick as a flash, that NOR recognizes that 
it now has a positive logical input, so it changes its logical output to negative. 
That goes across to the other NOR gate, which now has two negative inputs, 
so its output goes positive, and runs back to the right NOR. 


In this way, the output states of the two NOR gates change places. They flip, 
and then flop there, even if the switch breaks contact or is disconnected again. 
The second set of drawings in Figure 4-100 shows exactly the same logic, using 
a negatively powered switch and two NAND gates. You can use your 74HCOO 
chip, specified in the parts list for this experiment, to test this yourself. 





OO|O 


Hh ee 


Figure 4-100. The schematic from Figure 4-99 can be rewired with NAND gates and a 
negative switched input. 


Both of these configurations are examples of a jam-type flip-flop, so called be- 
cause the switch forces it to respond immediately, and jams it into that state. 
You can use this circuit anytime you need to debounce a switch (as long as it’s 
a double-throw switch). 


A more sophisticated version is a clocked flip-flop, which requires you to set 
the state of each input first and then supply a clock pulse to make the flip-flop 
respond. The pulse has to be clean and precise, which means that if you supply 
it from a switch, the switch must be debounced—probably by using another 
jam-type flip-flop! Considerations of this type have made me reluctant to use 
clocked flip-flops in this book. They add a layer of complexity, which | prefer to 
avoid in an introductory text. 


What if you want to debounce a single-throw button or switch? Well, you have 
a problem! One solution is to buy a special-purpose chip such as the 4490 
“bounce eliminator,’ which contains digital delay circuitry. A specific part 
number is the MC14490PG from On Semiconductor. This contains six circuits 
for six separate inputs, each with an internal pull-up resistor. It's relatively ex- 
pensive, however—more than 10 times the price of a 74HCO2 containing NOR 
gates. Really, it may be simpler to use double-throw switches that are easily 
debounced as described previously. 
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Experiment 23: Nice Dice 


This is the one experiment where | want you to use the 74LSxx generation of 
the TTL logic family, instead of the 74HCxx family of CMOS. Two reasons: first, 
| need to use the 7492 counter, which is unavailable in the HC family. And sec- 
ond, you should know the basic facts about the LS series of TTL chips, as they 
still crop up in circuits that you'll find in electronics books and online. 


In addition, you'll learn about “open collector” TTL chips such as the 74LS06 
inverter, which can be a convenient substitute for transistors when you want 
to deliver as much as 40mA of current. 


The idea of this circuit is simple enough: run a 555 timer sending very fast 
pulses to a counter that counts in sixes, driving LEDs that are placed to imitate 
the spots on a die. (Note that the word “die” is the singular of “dice.’) The coun- 
ter runs so fast, the die-spots become a blur. When the user presses a button, 
the counter stops arbitrarily, displaying an unpredictable spot pattern. 


Dice simulations have been around for many, many years, and you can even 
buy kits online. But this one will do something more: it will also demonstrate 
the principles of binary code. 


So, if you're ready for the triple threat of TTL chips, open collectors, and binary, 
let's begin. 
You will need: 


74LS92 counter such as SN74LS92N by Texas Instruments. Quantity: 1 if 
you want to create one die, 2 to make two dice. 


74LS27 three-input NOR gate such as SN74LS27N by Texas Instruments. 
Quantity: 1. 


555 timers. Quantity: 1 if you want to make one die, 2 to make two dice. 


Signal diodes, 1N4148 or similar. Quantity: 4, or 8 to make two dice. 


Seeing Binary 


The counter that we dealt with before was unusual, in that its outputs were de- 
signed to drive seven-segment numerals. A more common type has outputs 
that count in binary code. 


The 74LS92 pinouts are shown in Figure 4-101. Plug the chip into your bread- 
board and make connections as shown in Figure 4-102. Initially, the 555 timer 
will drive the counter in slow-motion, at around 1 step per second. Figure 
4-103 shows the actual components on a breadboard. 


Note that the counter has unusual power inputs, on pins 5 and 10 instead of 
at the corners. Also four of its pins are completely unused, and do not connect 
with anything inside the chip. Therefore, you don’t need to attach any wire to 
them on the outside. 
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Figure 4-101. The unusual pin assignments include four that have no connection of any 


kind inside the chip, and can be left unattached. 


5V DC regulated power supply 
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Figure 4-162. This simple circuit uses a 555 timer running 
slowly to control the 7/4LS92 binary counter and display the 
succession of high states from its outputs. 



























Figure 4-103. The breadboard version of the schematic 
in Figure 4-102 to display the outputs from a 74LS92 
counter. 
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Now we come to the first new and difficult fact about the 74LSxx generation 
of TTL chips that makes them less desirable, for our purposes, than the 74HCxx 
generation of CMOS chips that | have recommended in previous projects. The 
modern and civilized HC chips will source 4mA or sink 4mA at each logical 
output, but the older LS generation is fussier. It will sink around 8mA into each 
output pin from a positive source, but when its output is high, it hardly gives 
you anything at all. This is a very basic principle: 


Outputs from TTL logic chips are designed to sink current. 
They are not designed to source significant current. 


In fact, the 74LS92 is rated to deliver less than half a milliamp. This is quite 
acceptable when you're just connecting it with another logic chip, but if you 
want to drive an external device, it doesn’t provide much to work with. 


The proper solution is to say to the chip, “All right, we'll do it your way,’ and set 
things up with a positive source that flows through a load resistor to the LED 
that you want to use, and from there into the output from the chip. This is the 
“better” option shown in Figure 4-104. 


@1 146 e1 146 
e C) e C) 
* 74LSxx ° * 74LSxx °* 
e series e e series e 
logic logic 
© chip. ° “J chipae, 
e ° ba ¢ ° Better 
so good 


q 7 q 7 
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Figure 4-104. Most TTL chips, including those in the LS generation, are unable to source 
much current from their logical output pins (left) and should usually be wired to sink cur- 
rent from a positive source (right). 


The only problem is that now the LED lights up when the counter’s output is 
low. But the counter is designed to display its output in high pulses. So your 
LED is now off when it should be on, and on when it should be off. 


You can fix this by passing the signal through an inverter, but already I'm get- 
ting impatient with this inconvenience. My way around the problem, at least 
for demo purposes, is to use the “Not so good” option in Figure 4-104 and 
make it work by connecting a very-low-current LED with a large 4K7 load resis- 
tor. This will enable us to “see” the output from the counter without asking it to 
give more than its rated limit, and if you want to create a more visibly powerful 
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display for a finished version of the dice circuit, I'll deal with that later. Accord- 0 @ @e 000 
ing to my meter, the 4K7 resistor holds the current between 0.3mA and 0.4mA, 
which is the counter’s rated maximum. 


Set up your initial version of the circuit as shown in Figures 4-102 and 4-103. Be 1 @@ee 001 
careful when you wire the positive and negative power supply to the counter 
chip, with its nonstandard pin assignments. 2 @e@ee 010 
The 555 will run in astable mode, at about 1 pulse per second. This becomes 
the clock signal for the counter. The first three binary outputs from the counter 
then drive the three LEDs. 3 @@e@ 011 
The counter advances when the input signal goes from high to low. So when 
the LED beside the 555 timer goes out, that’s when the counter advances. 4 @e@e 100 


If you stare at the pattern generated by the outputs for long enough, you may 
be able to see the logic to it, bearing in mind that its zero state is when they are 5 @@ee 101 
all off, and it counts up through five more steps before it repeats. The diagram 
in Figure 4-105 shows this sequence. If you want to know why the pattern 
works this way, check the following section, “Theory: Binary arithmetic.” 


Figure 4-105. The three output pins of the 
74LS92 counter have high states shown by 
the red circles as the counter steps from 
000 to 101 in binary notation. 


THEORY 00808080 

. ; : 1@e0e00e0 
Binary arithmetic a ~@ 6-4 
The rule for binary counting is just a variation of the rule that we normally use 
for everyday counting, probably without thinking much about it. In a 10-based 3 686080 @ 
system, we count from 0 to 9, then carry 1 over to the next position on the left, 
and go from 0 to 9 again in the right-most position. We repeat this procedure 40000 
until we get to 99, then carry a 1 over to a new position to make 100, and con- 
tinue counting. 5 @e8@e8 
In binary we do the same thing, except that we restrict ourselves to digits 0 and 6 @ee80 
1 only. So begin with 0 in the rightmost position, and count up to 1. As 1 is our 7@0e00 
limit, to continue counting we carry 1 over to the next place on the left, and 
start again from 0 in the right-most position. Count up to 1, then add 1 to the 8S @@ee@d @ 
next place on the left—but, it already has a 1 in it, so it can’t count any higher. 
So, carry 1 from there one space further, to the next place beside that—and so on. 9 @@e@e @ 
If a glowing LED represents a 1, and a dark LED represents a 0, the diagram in 10 @@0e0°@ 
Figure 4-105 shows how the 74LS92 counts up from 0 to (decimal) 6 or (binary) 
101 in its inimitable fashion. I’ve also included a diagram in Figure 4-106 show- 11 @©@@ ®@ 
ing how a counter with four binary outputs would display decimal numbers 
from 0 through 15, again using the LEDs to represent 1s and Os. 12 @@e@@6 
Here's a question for you: how many LEDs would you need to represent the 13 @©@@ ®@ 
decimal number 1024 in binary? And how many for 1023? 14 @@e0e0@ 
Obviously binary code is ideally suited to a machine full of logic components 145 @@e@0e0 
that either have a high or a low state. So it is that all digital computers use 
binary arithmetic (which they convert to decimal, just to please us). Figure 4-108. A hexadecimal (16-based) 


binary counter would generate this suc- 
cession of high states from its four output 
pins as it counts from O through 15 in 
decimal notation. 
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Figure 4-107. A simpli- 
fied schematic shows 
how outputs from the 
74LS92 counter can 
be combined, with 
signal diodes and a 
single three-input 
NOR gate, to generate 
the spot patterns on 

a die. The wire colors 


have no special mean- 


ing and are used just 
to distinguish them 
from each other. 
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Binary outputs 


Getting back to our project: | want to take the three binary outputs and make 
them create patterns like the spots on a die. How can | do this? Quite easily, as 
it turns out. 


I'm assuming that I'll use seven LEDs to simulate the patterns of spots on a 
die. These patterns can be broken down into groups, which | have assigned to 
the three outputs from the counter in Figure 4-108. The first output (farthest 
to the right) can drive an LED representing the dot at the center of the die 
face. The second (middle) output can drive two more diagonal LEDs. The third 
output must switch on all four corner LEDs. 


This will work for patterns 1 through 5, but won't display the die pattern for a 
6. Suppose | tap into all three outputs from the counter with a three-input NOR 
gate. It has an output that goes high only when all three of its inputs are low, 
so it will only give a high output when the counter is beginning with all-low 
outputs. | can take advantage of this to make a 6 pattern. 


Note that it's bad practice to mix the LS generation of TTL chips with the HC 
generation of CMOS chips, as their input and output ranges are different; so, 
the NOR chip has to be a 74LS27, not a 74HC27. 


We're ready now for a simple schematic. In Figure 4-107 I've colored some of 
the wires just to make it easier for you to distinguish them. The colors have no 
other significance. 
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Figure 4-108. Binary outputs from the 74LS92 
counter can be used to power LEDs arrayed 
in groups to simulate the pattern of spots on 
a die. 
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Each of the LEDs is grounded through a separate 4K7 load resistor. Unfortu- 
nately, this means that when they are displaying the pattern for a 6, all of them 
are running in parallel from the output of the NOR gate, which overloads it. 
As long as you don't leave the display in this mode for very long periods, it 
shouldn't cause a problem. You could compensate by increasing the load re- 
sistors, or by running pairs of the LEDs through one resistor, but this will make 
them so dim that they'll be difficult to see, as they're so close to their lower 
limit for current already. 


Notice how | have added four signal diodes, D1 through D4. When Output C 
goes high, it has to illuminate all four corner LEDs, and so its power goes into 
the brown wire as well as the gray wire. But we must never allow one output 
to feed back into another, so D4 is needed to protect Output B when Output 
Cis high. 


Because there is now a connection between B and C, we need D2 to protect 
Output C when Output B is high. And because Output B must only feed two 
of the corner LEDs, we also need D3 to stop it from illuminating the other two. 
And, we have to protect the output from the NOR gate when either Output C 
or Output B is high. This requires D1. 


Figure 4-109 shows everything that I’ve described so far assembled in bread- 
board format, while Figure 4-110 shows the test version that | built. Note that 
the unused logical inputs on the 74LS27 chip are shorted together and con- 
nected to the positive side of the power supply. Here's the rule: 


When using CMOS chips (such as the HC series), connect unused logical 
inputs to the negative side of the power supply. 


When using TTL chips (such as the LS series), connect unused logical in- 
puts to the positive side of the power supply. 


| assume that you have had enough fun watching the LEDs count slowly, so 
I've changed the capacitor and resistor values for the 555 to increase its speed 
from approximately 1 pulse per second to about 50,000 pulses per second. 
The counter could run much faster than this, but | just want it to cycle fast 
enough so that when the user presses and releases a button, the count will 
stop at an unforeseeable number. 


The button starts and stops the 555 timer by applying and releasing power 
to the timing circuit only. This is the equivalent of shaking and then throwing 
the die. 


While the counter is running fast, the LEDs are flashing so fast that all of them 
will seem to be on at once. At the same time, the circuit charges a new 68 UF 
capacitor, which | have added between the pushbutton and ground. When 
you release the button, this capacitor discharges itself through the 1K timing 
resistor. As the charge dissipates, the timing capacitor will take longer and 
longer to charge, and discharge, and the frequency of the 555 will gradually 
diminish. Consequently the LED display will also flash slower, like the reel on a 
Las Vegas slot machine gradually coming to a stop. This increases the tension 
as players can see the die display counting to the number that they're hoping 
for—and maybe going one step beyond it. 
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Figure 4-108. With some extra compo- 
nents, the schematics from Figures 4-102 
and 4-107 can be combined to make the 
working dice simulation. 
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Figure 4-110. The electronic dice schematic 
applied to a breadboard, with a pushbut- 
ton at the top to start and stop the coun- 
ter, and 7 LEDs at the bottom to display 
the output. 
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Note that to maximize this effect, the button has to be held down for a full 
second or more, so that the 68 uF capacitor becomes fully charged before the 
button is released. 


So, this circuit now fulfills the original goal. But can it be better? Of course 
it can. 


Enhancements 


The main thing | want to improve is the brightness of the LEDs. | could add a 
transistor to amplify the current to each one, but there's a simpler alternative: 
aTTL“open collector” inverter. 


| want to use an inverter because in the world of TTL, as | mentioned earlier, we 
can sink much more power into the output pin of a chip than we can source 
from it. So, I'm going to turn each LED the other way around and connect their 
load resistors to the positive side of the power supply. This way, they'll sink 
their power into the outputs of the inverter. 


And the great advantage of an “open collector” version of the inverter chip is 
that it is designed to sink much more current than a normal TTL logic chip. It is 
rated for 40mA per pin. The only disadvantage is that it cannot source any cur- 
rent at all; instead of its output going high, it just behaves like an open switch. 
But that’s OK for this circuit. 


So the next and final schematic, in Figure 4-111, includes the 74LS06 invert- 
er, which has also been added to the breadboarded version shown in Figure 
4-112. | suggest that you put aside the little low-current LEDs and substitute 
some normal-size ones. Using Kingbright “standard” WP15031D 5mm LEDs, | 
find that each draws almost exactly 20mA with a voltage drop of about 2V 
with a 120 ohm series resistor. Because each output pin from the 74LS06 in- 
verter powers no more than two LEDs at a time, this is exactly within its speci- 
fication. | suggest that if you build this circuit, you check the consumption of 
your particular choice of LEDs and adjust the resistors if necessary. 


Remember: to measure the voltage drop across an LED, simply touch the 
probes of your meter across it while it is illuminated. To measure the current, 
disconnect one side of the LED and insert the meter, in milliamp mode, be- 
tween the leg of the LED and the contact that it normally makes in the circuit. 


For a really dramatic display, you can get some 1 cm diameter LEDs (Figure 
4-113). Check the specification, and you should find that many of these don't 
use more power than the usual 5 mm type. But whatever kind you use, don’t 
forget to turn them around so that their negative sides face toward the in- 
verter, and their positive sides face the resistors, which are connected to the 
positive side of the power supply. 


One last detail: | had to add two 10K resistors to this version of the circuit. Can 
you see why? Diodes D1 through D4 are designed to transmit positive voltage 
through to the inverter when appropriate, but they prevent the inputs of the 
inverter from “seeing” the negative side of the power supply when the counter 
outputs are low. These inverter inputs require pull-down resistors to prevent 
them from “floating” and producing erroneous results. 
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Figure 4-111. If open-collector inverters are added to the dice Figure 4-112. The completed circuit using an open-collector 
schematic, it can drive full-size LEDs with up to 40mA, as long as inverter to drive full-size LEDs. 


the LEDs are turned around to sink current into the TTL output 
stage instead of trying to source current from it. 
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The final enhancements are up to you. Most obviously, you can add a second 
die, as many games require two dice. The 74LS27 chip still has a couple of 
spare NOR gates in it, one of which you can make use of, but you will need 
an additional 555 timer, running at a significantly different speed to ensure 
randomness, and it will have to drive a second counter. 


After you get your dice up and running, you may want to test them for ran- 
domness. Because the pulses from a 555 timer are of equal length, every num- 
ber has an equal chance of coming up; but the longer you hold down the Start 
button, the better your odds are of interrupting the counting process at a truly 
random moment. Anyone using your electronic dice should be told that “shak- 
ing” them for a full second is mandatory. 


Of course, | could have simulated dice more easily by writing a few lines of 
software to generate random numbers on a screen, but even a fancy screen 
image cannot have the same appeal as a well-made piece of hardware. Figure 
4-113 shows white 1 cm LEDs mounted in a sanded polycarbonate enclosure 
for dramatic effect. 


Most of all, | derived satisfaction from using simple, dedicated chips that dem- 
onstrate the binary arithmetic that is fundamental in every computer. 





Figure 4-113. The open-collector inverter chip in the dice circuit is sufficiently powerful to 
drive 1-cm white LEDs that draw about 20mA each, using a potential of 2V. In this finished 
version, the LEDs were embedded in cavities drilled from the underside of half-inch poly- 
carbonate, which has been treated with an orbital sander to create a translucent finish. 





Chapter 4 


CHAKRA BALANCING 


With Gemstones 
Healing Crystals 
Color Therapy 














Experiment 24: Intrusion Alarm Completed 


Now let me suggest how you can apply the knowledge from this chapter of 
the book to upgrade the burglar alarm project that was last modified in Ex- 
periment 15. You'll probably need to check Chapters 2 and 3 to refamiliarize 
yourself with some features of the alarm. 


Upgrade 1: Delayed Activation 


The biggest flaw in the alarm was that as soon as it was activated, it would im- 
mediately respond to any signal from the door and window sensors. It needed 
a feature to delay activation to give you a chance to exit from the building 
before the alarm armed itself. A 555 timer can provide this functionality, prob- 
ably in conjunction with a relay. The power to the alarm should pass through 
the contacts of the relay, which are normally closed. When you press a button 
on the timer, it sends a positive pulse to the relay lasting for around 30 sec- 
onds, holding the relay open for that period. You could mount the timer in its 
own little box with a button on it, which you press when you're ready to leave 
the building. The 12-volt power supply to the burglar alarm passes through 
the box containing the delay circuit. For 30 seconds, the 555 interrupts power 
to the alarm, and then restores it, ready for action. 


Upgrade 2: Keypad Deactivation 


This is now really simple. You can substitute a latching relay instead of the 
switch, $1, on the alarm box (shown in Figure 3-110), and use a keypad to set 
and reset the relay in exactly the same way as in the combination lock in Ex- 
periment 20. You'll have to run an additional three wires from the relay, out 
of the alarm box, to the keypad (one supplying power to the “on” relay coil, 
another supplying power to the “off” coil, the third being a common ground). 
You can either use a 9-volt battery to power the electronics in association with 
the keypad, or run an additional fourth wire from the alarm box, to carry posi- 
tive power to the logic chips, bearing in mind that you have to insert a voltage 
regulator at some point, to drop the 12 volts that the alarm uses to the 5 volts 
that the logic gates require. As the gates consume so little power, the 12-to- 
5 drop should be OK for the voltage regulator; it won't have to dissipate too 
much heat. 


With this additional feature, you can use the alarm like this: 


" 


+ Press the pound key on the keypad to flip the latching relay into its “on 
mode, so that it passes power to the alarm box, which is now armed. 


If you want to leave the house, push the button on the delay unit to give 
you 30 seconds in which to do so. 


+ If the alarm is triggered, enter your secret code on the keypad to deacti- 
vate it by flipping the latching relay to its “off” position and cutting power 
to the alarm box. 
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These modifications are so simple that | think the block diagram in Figure 
4-114 should be all you need. | don’t think | need to give you any schematics. 
The only change you have to make to the existing alarm is to substitute the 
latching relay for the on/off switch. 


But, there is still one obvious necessary enhancement needed: how can you 
get back into the house without instantly triggering the alarm? 









Alarm Box 


Door and Window 
Magnetic Switches 





Keypad and 
5V Logic Circuit 


Figure 4-114. This block diagram shows the relative placement of the old and new compo- 
nents. The pushbutton power interrupt (which allows you to leave the house before the 
alarm switches itself back on) goes between the power supply and everything else. 

The latching relay substitutes for the DPDT switch on the previous version of the alarm. 
The transistor and self-locking relay, connected with the door and window magnetic 
switches, remain unchanged. The new delay circuit is inserted between the self-locking 
relay and the noisemaker. The test button is wired with the latching relay in the same way 
that it was wired previously with the DPDT switch. 
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Upgrade 3: Delay Before Deactivation 


Typically, alarms include another delay feature. When you open a door on your 
way into the building and it triggers the alarm, you have 30 seconds to deacti- 
vate it, before it starts making a noise. 


How can we implement this delay feature? If | try to use another 555 timer 
to generate a pulse to inhibit the noise, that won't work, because the output 
from either the transistor or the relay can continue indefinitely. The relay locks 
itself on, and the transistor can continue passing voltage for as long as some- 
one leaves a door open. If either of these signals activates a timer in mono- 
stable mode, the pulse from the timer will never end, and it will suppress the 
alarm indefinitely. 


| think what | have to do is use a resistor and a capacitor to create a delay. 
I'll power them through the existing relay, so that | can be sure that they'll 
receive the full voltage of the power supply, after beginning from zero. Gradu- 
ally the capacitor will acquire voltage—but | can’t connect this directly to the 
noisemaker, because the noisemaker will gradually get louder as the voltage 
increases. 


| have to insert a device that will be triggered to give full voltage when the 
input rises past a certain point. To do this, I'll use a 555 timer that’s wired in 
bistable mode. This kind of modification is generally known as a “kludge,” be- 
cause it’s not elegant, uses too many components, and does not use them 
appropriately. What | really need is a comparator, but | don’t have space to get 
into that topic. So, using the knowledge that you have so far, the schematic in 
Figure 4-115 shows how a delay can be added to the alarm—not elegantly, 
but reliably. 


The only problem is that if you power up a 555 timer in bistable mode, there's 
a 50-50 chance that the timer starts itself with its output high or low. So | need 
to pull the voltage low on the reset pin (to start the timer with its output inhib- 
ited) and gradually let it become positive (to permit the output). At the same 
time, | want to start with the voltage high on the trigger pin and gradually 
lower it, until it falls below 1/3 of the power supply and triggers the output. 


So there are two timing circuits. The one for the reset pin works faster than the 
one on the trigger pin, so that at the point when the timer is triggered, the 
reset won't stop it. 


The schematic shows component values that will do this. The 10 uF capacitor 
starts low but is charged through the 10K resistor in a couple of seconds. The 
timer is now ready to be triggered. But the 68 pF capacitor starts high (being 
connected with the positive side of the power supply) and takes a full minute 
to be pulled down to 1/3 of supply voltage through the 1M resistor. At that 
point, its voltage is low enough to trigger the 555. The timer output goes high 
and supplies the noisemaker. 


You should be able to insert this little delay module in your alarm box, be- 
tween the output from the relay and the input to the noisemaker without too 
much trouble. And if you want to adjust the delay, just use a higher or lower 
value resistor than 1M. 
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R1 


Figure 4-115. This addition to the original alarm circuit imposes a one-minute delay before 
the alarm sounds. The 555 timer (wired in bistable mode) receives power through relay 
R1. The lower timing circuit initially applies negative voltage to the reset, ensuring that 

the 555 powers up with its output suppressed. This voltage quickly rises. Meanwhile the 
upper timing circuit applies a voltage to the trigger that gradually diminishes as the 68 

LF capacitor equalizes its charge through the 1M resistor. When the voltage diminishes to 
1/3 of the supply, the timer's output goes high and starts the noisemaker. If the power to 
the circuit is interrupted at any time before this, the relay relaxes, the capacitors gradually 
discharge, and the alarm does not sound. 


The Wrap-Up 


If you add these three enhancements, your alarm will have all the features on 
my original wish list. Of course, if | were designing it from scratch, with all the 
information that has been added in this chapter of the book, it could be more 
elegant. But the modifications have not entailed making destructive changes 
to our original project, and all the design goals have been met. 
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At this point, we can branch out in numerous directions. Here are some 
possibilities: 


Audio electronics 
This is a field in itself, including hobby projects, such as simple amplifiers 
and “stomp boxes,’ to modify guitar sound. 


Radio-frequency devices 
Anything that receives or transmits radio waves, from an ultra-simple AM 
radio to remote controllers. 


Motors 
The field of robotics has encouraged the growth of many online sites sell- 
ing stepper motors, gear motors, synchronous motors, servo motors, and 
more. 


Programmable microcontrollers 

These are tiny computers on a single chip. You write a little program on 
your desktop computer, which will tell the chip to follow a series of pro- 
cedures, such as receiving input from a sensor, waiting for a fixed period, 
and sending output to a motor. Then you download your program onto 
the chip, which stores it in nonvolatile memory. Popular controllers in- 
clude the PICAXE, BASIC Stamp, Arduino, and many more. The cheapest 
ones retail for a mere $5 each. 


Obviously, | don’t have space to develop all of these topics fully, so what I’m 
going to do is introduce you to them by describing just one or two projects in 
each category. You can decide which interests you the most, and then proceed 
beyond this book by reading other guides that specialize in that interest. 


I'm also going to make some suggestions about setting up a productive work 
area, reading relevant books, catalogs, and other printed sources, and gener- 
ally proceeding further into hobby electronics. 
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Shopping List: Experiments 25 Through 36 


Tools 


You won't need any new tools for this section of the book. 


Supplies and Components 


As we have progressed to the point where you may want to pick and choose 
which projects you attempt, | will list the supplies and components at the be- 
ginning of each experiment. 


Customizing Your Work Area 


At this point, if you're getting hooked on the fun of creating hardware but 
haven't allocated a permanent corner to your new hobby, | have some sug- 
gestions. Having tried many different options over the years, my main piece of 
advice is this: don’t build a workbench! 


Many hobby electronics books want you to go shopping for 2x4s and ply- 
wood, as if a workbench has to be custom-fabricated to satisfy strict criteria 
about size and shape. | find this puzzling. To me, the exact size and shape of a 
bench is not very important. | think the most important issue is storage. 


| want tools and parts to be easily accessible, whether they're tiny transistors 
or big spools of wire. | certainly don’t want to go digging around on shelves 
that require me to get up and walk across the room. 





Figure S-1. The ideal work area: surrounded by storage. Never again will you need to get 
out of your chair! 
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This leads me to two conclusions: 
1. You need storage above the workbench. 
2. You need storage below the workbench. 


Many DIY workbench projects allow little or no storage underneath. Or, they 
suggest open shelves, which will be vulnerable to dust. My minimum configu- 
ration would be a pair of two-drawer file cabinets with a slab of 3/4-inch ply- 
wood or a Formica-clad kitchen countertop placed across them. File cabinets 
are ideal for storing all kinds of objects, not just files. 


Of all the workbenches I've used, the one | liked best was an old-fashioned 
steel office desk—the kind of monster that dates back to the 1950s. They’re 
difficult to move (because of their weight) and don't look beautiful, but you 
can buy them cheaply from used office furniture dealers, they're generous in 
size, they withstand abuse, and they last forever. The drawers are deep and 
usually slide in and out smoothly, like good file-cabinet drawers. Best of all, 
the desk has so much steel in it that you can use it to ground yourself before 
touching components that are sensitive to static electricity. If you use an anti- 
static wrist strap, you can simply attach it to a sheet-metal screw that you drive 
into one corner of the desk. 


What will you put in the deep drawers of your desk or file cabinets? Some 
paperwork may be useful, perhaps including the following documents: 


+ Product data sheets 
+ Parts catalogs 
+ Sketches and plans that you draw yourself 


The remaining capacity of each drawer can be filled with plastic storage box- 
es. The boxes can contain tools that you don’t use so often (such as a heat 
gun or a high-capacity soldering iron), and larger-sized components (such as 
loudspeakers, AC adapters, project boxes, and circuit boards). You should look 
for storage boxes that measure around 11 inches long, 8 inches wide, and 5 
inches deep, with straight sides. Boxes that you can buy at Wal-Mart will be 
cheaper, but they often have tapering sides (which are not space-efficient). 


The boxes that | like best are Akro-Grids, made by Akro-Mils (see Figures 5-2 and 
5-3). These are very rugged, straight-sided, with optional transparent snap-on 
lids. You can download the full Akro-Mills catalog from http://www.akro-mils.com 
and then search online for retail suppliers. You'll find that Akro-Mils also sells 
an incredible variety of parts bins, but | don’t like open bins because their con- 
tents are vulnerable to dust and dirt. 


For medium-size components, such as potentiometers, power connectors, con- 
trol knobs, and toggle switches, | like storage containers measuring about 11 
inches long, 8 inches wide, and 2 inches deep , divided into four to six sections. 
You can buy these from Michaels (the craft store), but | prefer to shop online for 
the Plano brand, as they seem more durably constructed. The Plano products that 
are most suitable for medium-size electronic parts are classified as fishing-tackle 
boxes, and you'll see them at http:/www.planomolding.com/tackle/products.asp. 





What Next? 


Customizing Your Work Area 





Figure S-2. Akro-Grid boxes contain 
grooves allowing them to be partitioned 
into numerous compartments for conve- 
nient parts storage. 





Figure S-3. Lids are sold separately for 
Akro-Grid boxes to keep the contents 
dust-free. The height of the box in Figure 
5-2 allows three to be stacked in a typical 
file-cabinet drawer. The box shown here 
allows two to be stacked. 
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Customizing Your Work Area 





Figure S-4. This Plano brand box is 
undivided, making it useful for storing 
spools of wire or medium-size tools. When 
stacked upright on its long edge, three will 
fit precisely in a file-cabinet drawer. 





Figure S-S. Darice Mini-Storage boxes are 
ideal for components such as resistors, ca- 
pacitors, and semiconductors. The boxes 
can be stacked stably or stored on shelves, 
with their ends labeled. The brand sticker 
is easily removed after being warmed with 
a heat gun. 
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For undivided, flat-format storage boxes, the Prolatch 23600-00 is ideally sized 
to fit a file-cabinet drawer, and the latches are sufficiently secure that you 
could stack a series of them on their long edges. See Figure 5-4. 


Plano also sells some really nicely designed toolboxes, one of which you can 
place on your desktop. It will have small drawers for easy access to screwdriv- 
ers, pliers, and other basics. Because you need a work area that's only about 
three feet square for most electronics projects, surrendering some desk space 
to a toolbox is not a big sacrifice. 


If you have a steel desk with relatively shallow drawers, one of them can be al- 
located for printed catalogs. Don’t underrate the usefulness of hard copy, just 
because you can buy everything online. The Mouser catalog, for instance, has 
an index, which is better in some ways than their online search feature, and 
the catalog is divided into helpful categories. Many times I've found useful 
parts that | never knew existed, just by browsing, which is much quicker than 
flipping through PDF pages online, even with a broadband connection. Cur- 
rently, Mouser is still quite generous about sending out their catalogs, which 
contain over 2,000 pages. McMaster-Carr will also send you a catalog, but only 
after you've ordered from them, and only once a year. 


Now, the big question: how to store all those dinky little parts, such as resistors, 
capacitors, and chips? I’ve tried various solutions to this problem. The most ob- 
vious is to buy a case of small drawers, each of which is removable, so you can 
place it on your desk while you access its contents. But | don’t like this system, 
for two reasons. First, for very small components, you need to subdivide the 
drawers, and the dividers are never secure. And second, the removability of 
the drawers creates the risk of accidentally emptying the contents on the floor. 
Maybe you're too careful to allow this to happen, but I’m not! 


My personal preference is to use Darice Mini-Storage boxes, shown in Figure 
5-5. You can find these at Michaels in small quantities, or buy them more eco- 
nomically in bulk online from suppliers such as Attp://www.craftamerica.com. 
The blue boxes are subdivided into five compartments that are exactly the 
right size and shape for resistors. The yellow boxes are subdivided into ten 
compartments, which are ideal for semiconductors. The purple boxes aren't 
divided at all, and the red boxes have a mix of divisions. 


The dividers are molded into the boxes, so you don’t have the annoyance asso- 
ciated with removable dividers that slip out of position, allowing components 
to mix together. The box lids fit tightly, so that even if you drop one of the 
boxes, it probably won't open. The lids have metal hinges, and a ridge around 
the edge that makes the boxes securely stackable. 


| keep my little storage boxes on a set of shelves above the desk, with a gap of 
3 inches between one shelf and the next, allowing two boxes to be stacked on 
each shelf. If | want to work with a particular subset of boxes, | shift them onto 
the desktop and stack them there. 
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Labeling 


No matter which way you choose to store your parts, labeling them is essential. 
Any ink-jet printer will produce neat-looking labels, and if you use peelable 
(nonpermanent) labels, you'll be able to reorganize your parts in the future, as 
always seems to become necessary. | use color-coded labels for my collection 
of resistors, so that | can compare the stripes ona resistor with the code on the 
label, and see immediately if the resistor has been put in the wrong place. See 
Figure 5-6. 


Even more important: you need to place a second (non-adhesive) label inside 
each compartment with the components. This label tells you the manufac- 
turer's part number and the source, so that reordering is easy. | buy a lot of 
items from Mouser, and whenever | open their little plastic bags of parts, | snip 
out the section of the bag that has the identifying label on it, and slide it into 
the compartment of my parts box before | put the parts on top of it. This saves 
frustration later. 


If | were really well organized, | would also keep a database on my computer 
listing everything that | buy, including the date, the source, the type of com- 
ponent, and the quantity. But I’m not that well organized. 


On the Bench 


Some items are so essential that they should sit on the bench or desktop on 
a permanent basis. These include your soldering iron(s), helping hands with 
magnifier, desk lamp, breadboard, power strip, and power supply. For a desk 
lamp, | prefer the type that has a daylight-spectrum fluorescent bulb, because 
it spreads a uniform light and helps me to distinguish colors of adjacent stripes 
on resistors. 


The power supply is a matter of personal preference. If you're serious about 
electronics, you can buy a unit that delivers properly smoothed current at a 
variety of properly regulated and calibrated voltages. Your little wall-plug unit 
from RadioShack cannot do any of these things, and its output may vary de- 
pending on how heavily you load it. Still, as you've seen, it is sufficient for basic 
experiments, and when you're working with logic chips, you need to mount a 
5-volt regulator on your breadboard anyway. Overall, | consider a good power 
supply optional. 


Another optional item is an oscilloscope. This will show you, graphically, the 
electrical fluctuations inside your wires and components, and by applying 
probes at different points, you can track down errors in your circuit. It’s a neat 
gadget to own, but it will cost a few hundred dollars, and for our tasks so far, it 
has not been necessary. If you plan to get seriously into audio circuits, an oscil- 
loscope becomes far more important, because you'll want to see the shapes of 
the waveforms that you generate. 


You can try to economize on an oscilloscope by buying a unit that plugs into 
the USB port of your computer and uses your computer monitor to display the 
signal. | have tried one of these, and was not entirely happy with the results. It 
worked, but did not seem accurate or reliable for low-frequency signals. May- 
be | was unlucky; | decided not to try any other brands. 
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Figure S-S. To check that resistors are not 
placed in the wrong compartments, print 


the color code on each label. 
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Customizing Your Work Area 


Figure S-7. An old steel office desk can be 
as good as, if not better than, a conven- 
tional workbench when building small 
electronics projects. It provides a large 
work area and ample storage, and has 
sufficient mass for you to ground yourself 
when dealing with components that are 
sensitive to static electricity. 
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The surface of your desk or workbench will undoubtedly become scarred by ran- 
dom scuffs, cut marks, and drops of molten solder. | use a piece of half-inch ply- 
wood, two feet square, to protect my primary work area, and | clamp a miniature 
vise to its edge. To reduce the risk of static electricity when working with sensitive 
components, | cover the plywood with a square of conductive foam. This is not 
cheap, but offers advantages in addition to protecting chips from being zapped. 
Instead of scattering stray components, | can stick them into the foam, like plants 
growing ina garden. And like a garden, | can divide it into sections, with resistors 
on one side, capacitors on the other, and chips straight ahead. 


Inevitably, during your work you'll create a mess. Little pieces of bent wire, stray 
screws, fasteners, and fragments of stripped insulation tend to accumulate, and 
can be a liability. If metal parts or fragments get into a project that you're build- 
ing, they can cause short circuits. So you need a trash container. But it has to be 
easy to use. | use a full-size garbage pail, because it's so big that | can’t miss it 
when | throw something toward it, and | can never forget that it’s there. 


Last, but most essential: a computer. Now that all data sheets are available 
online, and all components can be ordered online, and many sample circuits 
are placed online by hobbyists and educators, | don’t think anyone can work 
efficiently without quick Internet access. To avoid wasting space, | suggest you 
use a small, cheap laptop that has a minimal footprint. A possible workbench 
configuration, using a steel desk, is shown in Figure 5-7. 
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Online 


My favorite educational and reference site is Doctronics (http://www.doctronics. 
co.uk). | like the way they draw their schematics, and | like the way they include 
many illustrations of circuits on breadboards (which most sites don’t bother to 
do). They also sell kits, if you're willing to pay and wait for shipping from the UK. 
Part of a page from the doctronics website is reproduced in Figure 5-8. 
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Figure 5-8. A sample page from http://www.doctronics.co.uk shows their detailed instruc- 
tional approach. This is a valuable free online resource. 


My next favorite hobby site is also British-based: the Electronics Club (http:// 
www.kpsec.freeuk.com). It's not as comprehensive as Doctronics, but very 
friendly and easy to understand. 


For a more theory-based approach, try http://www.electronics-tutorials.ws. This 
will go a little farther than the theory sections I've included here. 


For an idiosyncratic selection of electronics topics, try Don Lancaster's Guru's 
Lair (http://www.tinaja.com). Lancaster wrote The TTL Cookbook more than 30 
years ago, which opened up electronics to at least two generations of hob- 
byists and experimenters. He knows what he's talking about, and isn’t afraid 
of getting into some fairly ambitious areas such as writing his own PostScript 
drivers and creating his own serial-port connections. You'll find a lot of ideas 
there. 
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Books 


Yes, you do need books. As you're already reading this one, | won't recommend 
other beginners’ guides. Instead, in keeping with the orientation of this chap- 
ter, I'll suggest some titles that will take you farther in various directions, and 
can be used for reference. | own all of these myself, and find them valuable: 


Practical Electronics for Inventors, by Paul Scherz (McGraw-Hill, Second Edition, 

2007) 
This is a massive, comprehensive book, well worth the $40 cover price. 
Despite its title, you won't need to invent anything to find it useful. It’s my 
primary reference source, covering a wide range of concepts, from the 
basic properties of resistors and capacitors all the way to some fairly high- 
end math. If you buy only one book (in addition to this one, of course!), 
this would be my recommendation. 


Getting Started with Arduino, by Massimo Banzi (Make: Books, 2009) 
If you enjoy the simplicity and convenience of the PICAXE programmable 
microcontroller that | describe later in this chapter, you'll find that the 
Arduino can do a lot more. Getting Started is the simplest introduction 
around, and will help to familiarize you with the Processing language 
used in Arduino (similar to the C language, not much like the version of 
BASIC used by the PICAXE). 


Making Things Talk, by Tom Igoe (Make: Books, 2007) 
This ambitious and comprehensive volume shows how to make the most 
of the Arduino’s ability to communicate with its environment, even get- 
ting it to access sites on the Internet. 


TTL Cookbook, by Don Lancaster (Howard W. Sams & Co, 1974) 
The 1974 copyright date is not a misprint! You may be able to find some 
later editions, but whichever one you buy, it will be secondhand and pos- 
sibly expensive, as this title now has collectible value. Lancaster wrote his 
guide before the 7400 series of chips was emulated on a pin-for-pin basis 
by CMOS versions, but it’s still a good reference, because the concepts and 
part numbers haven't changed, and his writing is so accurate and concise. 


CMOS Sourcebook, by Newton C. Braga (Sams Technical Publishing, 2001) 

This book is entirely devoted to the 4000 series of CMOS chips, not the 
74HCO0 series that I’ve dealt with primarily here. The 4000 series is older 
and must be handled more carefully, because it’s more vulnerable to stat- 
ic electricity than the generations that came later. Still, the chips remain 
widely available, and their great advantage is their willingness to tolerate 
a wide voltage range, typically from 5 to 15 volts. This means you can set 
up a 12-volt circuit that drives a 555 timer, and use output from the timer 
to go straight into CMOS chips (for example). The book is well organized 
in three sections: CMOS basics, functional diagrams (showing pinouts for 
all the main chips), and simple circuits showing how to make the chips 
perform basic functions. 
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The Encyclopedia of Electronic Circuits, by Rudolf F. Graf (Tab Books, 1985) 

A totally miscellaneous collection of schematics, with minimal explana- 
tions. This is a useful book to have around if you have an idea and want 
to see how someone else approached the problem. Examples are often 
more valuable than general explanations, and this book is a massive com- 
pendium of examples. Many additional volumes in the series have been 
published, but start with this one, and you may find it has everything you 
need. 


The Circuit Designer's Companion, by Tim Williams (Newnes, Second Edition, 
2005) 
Much useful information about making things work in practical applica- 
tions, but the style is dry and fairly technical. May be useful if you're inter- 
ested in moving your electronics projects into the real world. 


The Art of Electronics, by Paul Horowitz and Winfield Hill (Cambridge University 

Press, Second Edition, 1989) 
The fact that this book has been through 20 printings tells you two things: 
(1) Many people regard it as a fundamental resource; (2) Secondhand cop- 
ies should be widely available, which is an important consideration, as the 
list price is over $100. It’s written by two academics, and has a more tech- 
nical approach than Practical Electronics for Inventors, but | find it useful 
when I'm looking for backup information. 


Getting Started in Electronics, by Forrest M. Mims III (Master Publishing, Fourth 

Edition, 2007) 
Although the original dates back to 1983, this is still a fun book to have. | 
think | have covered many of its topics here, but you may benefit by read- 
ing explanations and advice from a completely different source, and it 
goes a little farther than | have into some electrical theory, on an easy-to- 
understand basis, with cute drawings. Be warned that it’s a brief book with 
eclectic coverage. Don't expect it to have all the answers. 





Figure S-S. These books from MAKE provide Figure S-10. A sun-damaged copy of the Don Lancaster's 
guidance if you want to go beyond basic micro- classic TTL Cookbook, a 2,000-page catalog from the 
controllers into the more exotic realms of the Mouser Electronics supply company, and two com- 
Arduino chip. prehensive reference books that can provide years of 


additional guidance in all areas of electronics. 
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Experiment 25: Magnetism 


9 | FUNDAMENTALS 


A two-way relationship 


Every electric motor that was ever 
made uses some aspect of the 
relationship between electricity 
and magnetism. It's absolutely 
fundamental in the world around 
us. Remember that electricity can 
create magnetism: 


When electricity flows through a 
wire, it creates a magnetic force 
around the wire. 


The principle works in reverse: mag- 
netism can create electricity. 


When a wire moves through a 
magnetic field, it creates a flow of 
electricity in the wire. 


This second principle is used in 
power generation. A diesel engine, 
or a water-powered turbine, ora 
windmill, or some other source of 
energy either turns coils of wire 
through a powerful magnetic 
field, or turns magnets amid some 
massive coils of wire. Electricity is 
induced in the coils. In the next 
experiment, you'll see a dramatic 
mini-demo of this effect. 





& 


Figure S-11. Anyone who somehow missed 
this most basic childhood demo of electro- 
magnetism should try it just for the fun of 
proving that a single AA battery can move 
a paper clip. 
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Experiment 25: Magnetism 


This experiment should be a part of any school science class, but even if you 
remember doing it, | suggest that you do it again, because setting it up takes 
only a matter of moments, and it’s going to be our entry point to a whole new 
topic: the relationship between electricity and magnetism. Quickly this will 
lead us into audio reproduction and radio, and I'll describe the fundamentals 
of self-inductance, which is the third and final basic property of passive com- 
ponents (resistance and capacitance being the other two). | left self-inductance 
until last because it’s not very relevant to the experiments that you've done 
so far. But as soon as we start dealing with analog signals that fluctuate, it 
becomes essential. 


You will need: 
- Large screwdriver. 
+ 22-gauge wire (or thinner). Quantity: 6 feet. 
- AA battery. 


Procedure 


This couldn't be simpler. Wind the wire around the shaft of the screwdriver, 
near its tip. The turns should be neat and tight and closely spaced, and you'll 
need to make 100 of them, within a distance of no more than 2 inches. To fit 
them into this space, you'll have to make turns on top of previous turns. If the 
final turn tends to unwind itself (which will happen if you're using stranded 
wire), secure it with a piece of tape. See Figure 5-11. 


Now apply a battery, as shown in Figure 5-12. At first sight, this looks like a 
very bad idea, because you're going to short out your battery just as you did in 
Experiment 2. But by passing the current through a wire that’s coiled instead 
of straight, we'll get some work out of it before the battery expires. 


Put a small paper clip near the screwdriver blade, on a soft, smooth surface 
that will not present much friction. A tissue works well. Because many screw- 
drivers are already magnetic, you may find that the paper clip is naturally 
attracted to the tip of the blade. If this happens, move the clip just outside 
the range of attraction. Now apply the 1.5 volts to the circuit, and the clip 
should jump to the tip of the screwdriver. Congratulations: you just made an 
electromagnet. 


Figure S-12. A schematic can't get much simpler than this. 
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Experiment 25: Magnetism 


THEORY 


Inductance 


When electricity flows through a wire, it creates a magnetic 
field around the wire. Because the electricity “induces” this 
effect, it is known as inductance. The effect is illustrated in 
Figure 5-13. 


Figure 5-13. When the flow of electricity is from left to right 
along this conductor, it induces a magnetic force shown by the 
green arrows. 


The field around a straight wire is very weak, but if we bend 
the wire into a circle, the magnetic force starts to accumu- 
late, pointing through the center of the circle, as shown in 
Figure 5-14. If we add more circles, to form a coil, the force 
accumulates even more. And if we put a magnetic object 
(such as a screwdriver) in the center of the coil, the effective- 
ness increases further. 


Figure S-14. When the conductor is bent to form a circle, the cu- 
mulative magnetic force acts through the center of the circle, 
as shown by the large arrow. 





Here's an approximated formula showing the relationship 
between the diameter of the coil, the width of the coil from 
end to end, the number of turns, and its inductance. The 
letter L is the symbol for inductance, even though the unit 
is the Henry, named after an American electrical pioneer 
named Joseph Henry: 


L (in microHenrys) = 
{(D x D) x (Nx N)] /[(18 x D) + (40 x W)] 
(Approximately) 


In this formula, D is the diameter of the coil, N is the number 
of turns, and W is the width of the coil from end to end. See 
Figure 5-15. Here are three simple conclusions from this 
formula: 


« Inductance increases with the diameter of the coil. 

+ Inductance increases with the square of the number of 
turns. (In other words, three times as many turns create 
nine times the inductance.) 

If the number of turns remains the same, inductance is 
lower if you wind the coil so that it’s slender and long, 
but is higher if you wind it so that it’s fat and short. 


N=Number 
of turns of 
wire 


D=Diameter 
of coil 


Figure S-15. The inductance of a coil increases with its diameter 
and with the square of its number of turns. If all other param- 
eters remain the same, reducing the width (the distance from 
end to end) by packing the turns more tightly will increase the 
inductance. 
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Experiment 25: Magnetism 


9 | FUNDAMENTALS 


Coil schematics and 
basics 


Check the schematic symbols for 
coils in Figure 5-16. Note that if a 
coil has an iron core, this is shown 
with an extra couple of lines 
(sometimes only one line). If it has 


a ferrite core, the line is sometimes 


shown with dashes. 


An iron core will add to the 
inductance of a coil, because it 
increases the magnetic effect. 


A coil in isolation does not gener- 


ally have any polarity. You can con- 


nect it either way around, but the 


magnetic force will be reversed ac- 


cordingly (coils that interact with 
stuff—such as in transformers and 
solenoids—do have polarity). 


Perhaps the most widespread 
application of coils is in transform- 
ers, where alternating current 

in one coil induces alternating 
current in another, often sharing 
the same iron core. If the primary 
(input) coil has half as many turns 
as the secondary (output) coil, the 
voltage will be doubled, at half 
the current—assuming hypotheti- 
cally that the transformer is 100% 
efficient. 


Figure S-18. Schematic diagrams 
represent coils. At far right is the 
older style. The third and fourth 
symbols indicate that the coil is 
wound around a solid or powdered 
magnetic core, respectively. 
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Joseph Henry 


Born in 1797, Joseph Henry was the first to develop and demonstrate powerful 
electromagnets. He also originated the concept of “self-inductance,” meaning 
the “electrical inertia” that is a property of a coil of wire. 


Henry started out as the son of a day laborer in Albany, New York. He worked in 
a general store before being apprenticed to a watchmaker, and was interested 
in becoming an actor. Friends persuaded him to enroll at the Albany Academy, 
where he turned out to have an aptitude for science. In 1826, he was appointed 
Professor of Mathematics and Natural Philosophy at the Academy, even though 
he was not a college graduate and described himself as being “principally self- 
educated.’ Michael Faraday was doing similar work in England, but Henry was 
unaware of it. 


Henry was appointed to Princeton in 1832, where he received $1,000 per year 
and a free house. When Morse attempted to patent the telegraph, Henry testi- 
fied that he was already aware of its concept, and indeed had rigged a system 
on similar principles to signal his wife, at home, when he was working in his 
laboratory at the Philosophical Hall. 


Henry taught chemistry, astronomy, and architecture, in addition to physical 
science, and because science was not divided into strict specialties as it is now, 
he investigated phenomena such as phosphorescence, sound, capillary action, 


and ballistics. In 1846, he headed the newly founded Smithsonian Institution as 


its secretary. 


3 


Figure S-17. Joseph Henry was an American experimenter who pioneered the inves- 
tigation of electromagnetism. This photograph is archived in Wikimedia Commons. 
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Experiment 26: Tabletop Power Generation 


If you have just three components, you can see magnetism generating elec- 
tricity right in front of you, right now. 


You will need: 


* Cylindrical neodymium magnet, 3/4-inch diameter, axially magnetized. 
Quantity: 1. (Obtainable online at sites such as http://www.kjmagnetics.com.) 


+ Spool of hookup wire, 26-gauge, 100 feet. Quantity: 1. 


+ Spool of magnet wire, quarter-pound, 26-gauge, about 350 feet. Quan- 
tity: 1. (Search online for sources for “magnet wire.’) 


* Generic LED. Quantity: 1. 
+ 100 uF electrolytic capacitor. Quantity: 1. 
+ Signal diode, 2N4001 or similar. Quantity: 1. 


+ Jumper wires with alligator clips on the ends. Quantity: 2. 


Procedure 


You may be able to make this experiment work with the spool of hookup wire, 
depending on the size of the spool relative to the size of your magnet, but as 
the results are more likely to be better with the magnet wire, I'll assume that 
you're using that—initially, at least. The advantage of the magnet wire is that 
its very thin insulation allows the coils to be closely packed, increasing their 
inductance. 


First peek into the hollow center of the spool to see if the inner end of the 
wire has been left accessible, as is visible in Figures 5-18 and 5-19. If it hasn't, 
you have to unwind the wire onto any large-diameter cylindrical object, then Figure 5-18. An everyday 100-foot spool of 
rewind it back onto the spool, this time taking care to leave the inner end stick-_ hookup wire is capable of demonstrating 
ing out. the inductive power of a coil. 





Scrape the transparent insulation off each end of the magnet wire with a utility 
knife or sandpaper, until bare copper is revealed. To check, attach your meter, 
set to measure ohms, to the free ends of the wire. If you make a good contact, 
you should measure a resistance of 30 ohms or less. 


Place the spool on a nonmagnetic, nonconductive surface such as a wooden, 
plastic, or glass-topped table. Attach the LED between the ends of the wire 
using jumper wires. The polarity is not important. Now take a cylindrical neo- 
dymium magnet of the type shown in Figure 5-20 and push it quickly down 
into the hollow core, then pull it quickly back out. See Figure 5-21. You should 
see the LED blink, either on the down stroke or the up stroke. 


The same thing may or may not happen if you use 100 feet of 26-gauge hook- 
up wire. Ideally, your cylindrical magnet should fit fairly closely in the hollow 
center of the spool. If there's a big air gap, this will greatly reduce the effect of Figure 5-18. Magnet wire has thinner 

the magnet. Note that if you use a weaker, old-fashioned iron magnet instead _ insulation than hookup wire, allowing the 


of aneodymium magnet, you may get no result at all. turns to be more densely packed, inducing 
amore powerful magnetic field. 
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Experiment 26: Tabletop Power Generation 


ee 


Blood Blisters and Dead Media 


Neodymium magnets can be 
hazardous. They're brittle and can 
shatter if they slam against a piece of 
magnetic metal (or another magnet). 
For this reason, many manufacturers 
advise you to wear eye protection. 


Because a magnet pulls with increas- 
ing force as the distance between it 
and another object gets smaller, it 
closes the final gap very suddenly 
and powerfully. You can easily pinch 
your skin and get blood blisters. 


If there’s an object made of iron or 
steel anywhere near a neodymium 
magnet, the magnet will find it and 
grab it, with results that may be 
unpleasant, especially if the object 
has sharp edges and your hands are 
in the vicinity. When using a magnet, 
create a clear area on a nonmagnetic 
surface, and watch out for magnetic 
objects underneath the surface. My 
magnet sensed a steel screw embed- 
ded in the underside of a kitchen 
countertop, and slammed itself 

into contact with the countertop 
unexpectedly. 


Be aware that magnets create mag- 
nets. When a magnetic field passes 
across an iron or steel object, the 
object picks up some magnetism of 
its own. Be careful not to magnetize 
your watch! 


Don’t use magnets anywhere near a 
computer, a disk drive, credit cards 
with magnetic stripes, cassettes of 
any type, and other media. Also keep 
magnets well away from TV screens 
and video monitors (especially 
cathode-ray tubes). Last but not 
least, powerful magnets can interfere 
with the normal operation of cardiac 
pacemakers. 
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Figure S-20. Three neodymium magnets, 
1/4,, 1/2-, and 3/4-inch in diameter. | 
would have preferred to photograph them 
standing half-an-inch apart, but they 
refused to permit it. 


Figure S-21. By moving a magnet vigor- 
ously up and down through the center of a 
coil, you generate enough power to make 
the LED flash brightly. 


Here’s another thing to try. Disconnect the LED and connect a 100 uF elec- 
trolytic capacitor in series with signal diode, as shown in Figure 5-23. Attach 
your meter, measuring volts, across the capacitor. If your meter has a manual 
setting for its range, set it to 20V DC. Make sure the positive (unmarked) side 
of the diode is attached to the negative (marked) side of the capacitor, so that 
positive voltage will pass through the capacitor and then through the diode. 


Now move the magnet vigorously up and down in the coil. The meter should 
show that the capacitor is accumulating charge, up to about 10 volts. When 
you stop moving the magnet, the voltage reading will gradually decline, most- 
ly because the capacitor discharges itself through the internal resistance of 
your meter. 


This experiment is more important than it looks. Bear in mind that when you 
push the magnet into the coil, it induces current in one direction, and when 
you pull it back out again, it induces current in the opposite direction. You are 
actually generating alternating current. 


The diode only allows current to flow one way through the circuit. It blocks 
the opposite flow, which is how the capacitor accumulates its charge. If you 
jump to the conclusion that diodes can be used to change alternating current 
to direct current, you're absolutely correct. We say that the diode is “rectifying” 
the AC power. 


Experiment 24 showed that voltage can create a magnet. Experiment 25 has 
shown that a magnet can create voltage. We're now ready to apply these con- 
cepts to the detection and reproduction of sound. 
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Figure S-22. Because inductance increases with the diameter of a coil and with the square 
of the number of turns, your power output from moving a magnet through the coil can 
increase dramatically with scale. Those wishing to live “off the grid" may consider this 
steam-powered configuration, suitable for powering a three-bedroom home. 






Long Wire 
(positive) 


Figure S-23. Using a diode in series with a capacitor, you can charge the capacitor with the 
pulses of current that you generate by moving the magnet through the center of the coil. 
This demo illustrates the principle of rectifying alternating current. 
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Experiment 27: Loudspeaker Destruction 
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Figure S-24. A 2-inch loudspeaker can be 
instructively destroyed with a utility knife 
or X-Acto blade. 


Figure S-25. Loudspeaker ready for creative 
destruction. 
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Experiment 27: Loudspeaker Destruction 


I'd like you to sacrifice a 2-inch loudspeaker, even though it means wasting the 
$5 or so that it probably costs. Actually, | don’t consider this a waste, because 
if you want to learn how a component works, there’s no substitute for actually 
seeing inside it. You might also have such a speaker already, part of a piece of 
cast-off personal electronics or toy you have in your basement. 


You will need: 


+ Cheapest possible 2-inch loudspeaker. Quantity: 1. Figure 5-24 shows a 
typical example. 


Procedure 


Turn the loudspeaker face-up (as shown in Figure 5-25) and cut around the 
edge of its cone with a sharp utility knife or X-Acto blade. Then cut around 
the circular center and remove the ring of black paper that you've created. 
The result should look like Figure 5-26: you should see the flexible neck of the 
loudspeaker, which is usually made from a yellow weave. If you cut around its 
edge, you should be able to pull up the hidden paper cylinder, which has the 
copper coil of the loudspeaker wound around it. In Figure 5-27, I’ve turned it 
over so that it is easily visible. The two ends of this copper coil normally re- 
ceive power through two terminals at the back of the speaker. When it sits in 
the groove visible between the inner magnet and the outer magnet, the coil 
reacts to voltage fluctuations by exerting an up-and-down force in reaction 
to the magnetic field. This vibrates the cone of the loudspeaker and creates 
sound waves. 


Large loudspeakers in your stereo system work exactly the same way. They just 
have bigger magnets and coils that can handle more power (typically, as much 
as 100 watts). 


Whenever | open up a small component like this, I'm impressed by the preci- 
sion and delicacy of its parts, and the way it can be mass-produced for such a 
low cost. | imagine how astonished the pioneers of electrical theory (such as 
Faraday and Henry) would be, if they could see the components that we take 
for granted today. Henry spent days and weeks winding coils by hand to create 
electromagnets that were far less efficient than this cheap little loudspeaker. 





Figure 5-28. The cone has been removed. Figure 5-27. The neck of the cone has been 
pulled out. Note the coil of copper wire, 
which fits precisely in the groove between 
two magnets in the base of the speaker. 
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Place Hands in your lap 
with your palms facing 
upwards, right palm 
resting on top of leit. 
Chakra Sound... 
Long V.4A;A‘A AML 


Right Hand: Index finger 
and thumb-touching at 
Heart Centre, Left Hand 
in same Mudra resting on 
the Knee, 
Chakra Sound... 
Long Y-A-A-A-ASML 


(| Hands by Stomach, fingers 
a Te | touching. Focus on Throat 


Hands in front of the lower 
part of your breast, Middle 
fingers stand up tips 
touching, other fingers 
bent at first joint as 
Chakra Sound... 
Long AvcvcAT-O-M. 
Hands in front of your 
stomach. fingers 
interlaced, Little fingers 
painting upwards 
Chakra Sound... 
Long A-A-A ANG, 
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Experiment 27: Loudspeaker Destruction 


Origins of loudspeakers 


Loudspeakers utilize the fact that if you run a varying electrical current through 
a coil situated in a magnetic field, the coil will move in response to the current. 
This idea was introduced in 1874 by Ernst Siemens, a prolific German inven- 
tor. (He also built the world's first electrically powered elevator in 1880.) Today, 
Siemens AG is one of the largest electronics companies in the world. 


When Alexander Graham Bell patented the telephone in 1876, he used Siemen’s 
concept to create audible frequencies in the earpiece. From that point on, 
sound-reproduction devices gradually increased in quality and power, until 
Chester Rice and Edward Kellogg at General Electric published a paper in 1925 
establishing basic principles that are still used in loudspeaker design today. 


At http://www.radiolaguy.com/Showcase/Gallery-HornSpkr.htm you'll find 
photographs of very beautiful early loudspeakers, which used a horn design 
to maximize efficiency. As sound amplifiers became more powerful, speaker 
efficiency became less important compared with quality reproduction and low 
manufacturing costs. Today’s loudspeakers convert only about 1% of electrical 
energy into acoustical energy. 


Amplion small horn 
radio speaker 
model AR-114 


RadiolaGuy.com 


Figure S-28. This beautiful Amplion AR-114x illustrates the efforts of early design- 
ers to maximize efficiency in an era when the power of audio amplifiers was very 
limited. Photos by “Sonny, the RadiolaGuy.” Many early speakers are illustrated at 
www.radiolaguy.com. Some are for sale. 
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A THEORY 


Sound, electricity, and sound 


Time now to establish a clear idea of how sound is transformed into electricity 
and back into sound again. 


Suppose someone bangs a gong with a stick. The flat metal face of the gong 
vibrates in and out, creating sound waves. A sound wave is a peak of higher air 
pressure, followed by a trough of lower air pressure. 


The wavelength of the sound is the distance (usually ranging from meters to 
millimeters) between one peak of pressure and the next peak. 


The frequency of the sound is the number of waves per second, usually ex- 
pressed as hertz. 


Suppose we put a very sensitive little membrane of thin plastic in the path of 
the pressure waves. The plastic will flutter in response to the waves, like a leaf 
fluttering in the wind. Suppose we attach a tiny coil of very thin wire to the 
back of the membrane so that it moves with the membrane, and let’s posi- 

tion a stationary magnet inside the coil of wire. This configuration is like a tiny, 
ultra-sensitive loudspeaker, except that instead of electricity producing sound, 
it is configured so that sound produces electricity. Sound pressure waves make 
the membrane move to and fro along the axis of the magnet, and the magnetic 
field creates a fluctuating voltage in the wire. 


This is known as a moving-coil microphone. There are other ways to build a 
microphone, but this is the configuration that is easiest to understand. Of 
course, the voltage that it generates is very small, but we can amplify it using 
a transistor, or a series of transistors. Then we can feed the output through the 
coil around the neck of a loudspeaker, and the loudspeaker will recreate the 
pressure waves in the air. Figures 5-29 through 5-32 illustrate this sequence. 


Waves 
of air 
pressure 
traveling 
at the 
speed of 
sound 


t 
| 





PRESSURE 


TIME —— 


Figure S-28. Step 1 in the process of converting sound to electricity, and back again. 
When the hammer hits the gong, the face of the gong vibrates, creating pressure 
waves that travel through the air. 
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Experiment 27: Loudspeaker Destruction 
THEORY 


Sound, electricity, and sound (continued) 


Somewhere along the way, we may want to record the sound and then replay 
it. But the principle remains the same. The hard part is designing the micro- 
phone, the amplifier, and the loudspeaker so that they reproduce the waveforms 
accurately at each step. It’s a significant challenge, which is why accurate sound 
reproduction can be elusive. 


Time now to think about what happens inside the wire when it generates a 
magnetic field. Obviously, some of the power in the wire is being transformed 
into magnetic force. But just what exactly is going on? 





etme ee eee 
VOLTAGE 


MOVING-COIL 
MICROPHONE 


Figure S-30. Step 2: the pressure waves penetrate the perforated shell of a micro- 
phone and cause a diaphragm to vibrate in sympathy. The diaphragm has a coil 
attached to it. When the coil vibrates to and fro, a magnet at its center induces 
alternating current. 
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AMPLIFIER 


Figure S-31. Step 3: the tiny signals from the microphone pass through an amplifier, 
which enlarges their amplitude while retaining their frequency and the shape of 
their waveform. 


Waves 
of air 
pressure 
| — traveling 
at the 
speed of 
LOUDSPEAKER sound 


Figure S-32. Step 4: the amplified electrical signal is passed through a coil around 
the neck of a loudspeaker cone. The magnetic field induced by the current causes 
the cone to vibrate, reproducing the original sound. 
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Experiment 28: Making a Coil React 


1L2y 


220 


iy 


Figure S-33. In this demonstration of self- 
inductance, D1 and D2 are light-emitting 
diodes. When the switch is closed, D1 
flashes briefly because the coil obstructs 
the initial flow of electricity. When the 
switch is opened, D2 flashes as the col- 
lapsing magnetic field induced by the coil 
releases another short burst of current. 
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Experiment 28: Making a Coil React 


A capacitor will absorb some DC current until it is fully charged, at which point 
it blocks the flow. There’s another phenomenon that | haven't mentioned so 
far, which is the exact opposite of capacitance. It’s known as self-inductance, 
and you find it in any coil of wire. Initially it blocks DC current (it reacts against 
it), but then its opposition gradually disappears. Here are a few definitions: 


Resistance 
Constrains current flow and drops voltage. 


Capacitance 
Allows current to flow initially and then blocks it. This behavior is properly 
known as capacitive reactance. 


Self-Inductance 
Blocks the flow of current initially and then allows it. This is also often re- 
ferred to as inductive reactance. |In fact, you may find the term “reactance” 
used as if it means the same thing, but since self-inductance is the correct 
term, I'll be using it here. 


In this experiment, you'll see self-inductance in action. 
You will need: 
- LEDs, low-current type. Quantity: 2. 
* Spool of hookup wire, 26-gauge, 100 feet. Quantity: 1. 
* Resistor, 2200, rated 1/4 watt or higher. Quantity: 1. 
* Capacitor, electrolytic, 2,000 UF or larger. Quantity: 1. 
- SPST tactile switch. Quantity: 1. 


Procedure 


Take a look at the schematic in Figure 5-33. At first it may not make much 
sense. The curly symbol is a coil of wire—nothing more than that. So appar- 
ently the voltage will pass through the 2200 resistor, and then through the 
coil, ignoring the two LEDs, because the coil obviously has a much lower resis- 
tance than either of them (and one of them is upside-down anyway). 


Is that what will happen? Let's find out. The coil can be a spool of 100 feet of 
26-gauge (or smaller) hookup wire, although the spool of magnet wire listed 
in Experiment 25 will work better, if you have that. Once again, you will need 
access to both ends of the wire, and if the inner end is inaccessible, you'll need 
to rewind the coil, leaving the end sticking out. 


Now that you have a coil, you can hook it up on your breadboard as shown in 
Figure 5-34, where the green circle is a tactile switch and the two circular red 
objects are LEDs. Make sure that you use low-current LEDs (otherwise, you 
may not see anything) and make sure that one of them is negative-side-up, 
positive-side-down and the other is positive-side-up, negative-side-down. 
Also, the 2200 resistor should be rated at 1/4 watt or higher, if possible (see 
the following caution). 
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Figure S-34. The breadboarded version of the schematic in Figure 5-33 shows a simple 
way to set it up for a quick demo. The green button is a tactile switch. The two red LEDs 
should be placed so that the polarity of one is opposite to the polarity of the other. 


When you press the button, one LED should flash briefly. When you release the 
button, the other LED should flash. 


What's happening here? The coil possesses self-inductance, which means that 
it reacts against any sudden change in the flow of electricity. First it fights it, 
and during that brief moment, it blocks most of the current. Consequently, the 
current looks for an alternative path and flows through D1, the lefthand LED 
in the schematic. (D2 doesn’t respond, because it can pass current only in the 
opposite direction.) 


Meanwhile, the voltage pressure overcomes the coil’s self-inductance. When 
the self-inductance disappears, the resistance of the coil is no more than 10 
ohms—so now the electricity flows mostly through the coil, and because the 
LED receives so little, it goes dark. 


When you disconnect the power, the coil reacts again. It fights any sudden 
changes. After the flow of electricity stops, the coil stubbornly sustains it for a 
moment, because as the magnetic field collapses, it is turned back into elec- 
tricity. This residual flow of current depletes itself through D2, the LED on the 
right. 


In other words, the coil stores some energy in its magnetic field. This is similar 
to the way a capacitor stores energy between two metal plates, except that 
the coil blocks the current initially and then lets it build up, whereas the ca- 
pacitor sucks up current initially, and then blocks it. 


The more turns of wire you have in your coil, the more self-inductance the coil 
will have, causing your LEDs to flash more brightly. 
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Experiment 28: Making a Coil React 





Hot Resistors 


You'll be passing about 50mA 
through the 2200 resistor, while 
the current is flowing. At 12 volts, 
this works out at 0.6 watts. If you 
use a 1/8-watt resistor, you will be 
overloading it, and it will get quite 
hot and may burn out. If you use a 
1/4-watt resistor, it will still get hot, 
but is unlikely to burn out, as long as 
you don't press the button for more 
than a second or two. 


Don't run the circuit without the coil 
of wire; you'll be trying to pass more 
than 50mA through the LEDs. 
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Experiment 28: Making a Coil React 


Here's one last variation on this experiment to test your understanding of elec- 
trical fundamentals. Remove the 2200 resistor, and substitute a 1K resistor (to 
protect your LED from sustained current). Remove the coil, and substitute a 
very large capacitor—ideally, about 4,700 uF. (Be careful to get its polarity the 
right way around.) What will you see when you press the button? Note that 
you will have to hold it down for a couple of seconds to get a result. And what 
will you see when you release the button? Remember: the behavior of capaci- 
tance is opposite to the behavior of self-inductance. 


THEORY 


Alternating current concepts 


Here's a simple thought experiment. Suppose you set up a 555 timer to senda 
stream of pulses through a coil. This is a primitive form of alternating current. 


We might imagine that the self-inductance of the coil will interfere with the 
stream of pulses, depending how long each pulse is, and how much inductance 
the coil has. If the pulses are too short, the self-inductance of the coil will tend 
to block them. Maybe if we can time the pulses exactly right, they'll synchronize 
with the time constant of the coil. In this way, we can “tune” a coil to allow a 
“frequency” to pass through it. 


What happens if we substitute a capacitor? If the pulses are too long, compared 
with the time constant of the capacitor, it will tend to block them, because it 
will have enough time to become fully charged. But if the pulses are shorter, the 
capacitor can charge and discharge in rhythm with the pulses, and will seem to 
allow them through. 


| don't have space in this book to get deeply into alternating current. It's a vast 
and complicated field where electricity behaves in strange and wonderful ways, 
and the mathematics that describe it can become quite challenging, involving 
differential equations and imaginary numbers. However, we can easily demon- 
strate the audio filtering effects of a loudspeaker and a coil. 
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Experiment 29: Filtering Frequencies 


In this experiment, you'll see how self-inductance and capacitance can be 
used to filter audio frequencies. You're going to build a crossover network: a 
simple circuit that sends low frequencies to one place and high frequencies 
to another. 


You will need: 


Ea 





Figure S-35. To hear the effects of audio 
filters using coils and capacitors, you'll 
need a loudspeaker capable of reproduc- 
ing lower frequencies. This 5-inch model is 


Loudspeaker, 80, 5 inches in diameter. Quantity: 1. Figure 5-35 shows a 
typical example. 


Audio amplifier, STMicroelectronics TEA2025B or similar. Quantity: 1. See 
Figure 5-36. 


en 


Figure 5-38. This single chip contains a 
stereo amplifier capable of delivering a 
total of 5 watts into an 80 speaker when 
the two channels are combined. 


the minimum required. 


Nonpolarized electrolytic capacitors (also known as bipolar). 47 uF. Quan- 
tity: 2. A sample is shown in Figure 5-37. They should have “NP” or “BP” 
printed on them to indicate “nonpolarized” or “bipolar.” 


Nonpolarized electrolytic capacitors (also known as bipolar). 100 pF. 
Quantity: 5. (Because you'll be working with audio signals that alternate 
between positive and negative, you can’t use the usual polarized electro- 
lytic capacitors. If you want to avoid the trouble and expense of ordering 
nonpolarized capacitors, you can substitute two regular electrolytics in 
series, facing in opposite directions, with their negative sides joined in the 
middle. Just remember that when you put capacitors in series, their to- 
tal capacitance is half that of each individual component. Therefore, you 
would need two 220 uF electrolytics in series to create 110 uF of capaci- 
tance. See Figure 5-38.) 


Potentiometer, with audio taper if possible. 100K. Quantity: 1. 


Coil, for crossover network. Quantity: 1. You can search a source such 
as eBay for keywords “crossover” and “coil,” but if you can’t find one at a 
reasonable price, you can make do with a spool of 100 feet of 20-gauge 
hookup wire. 


Plastic shoebox. Quantity: 1. 
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Figure S-37. A nonpolarized electrolytic 
capacitor, also known as a bipolar capaci- 
tor, looks just like an electrolytic capaci- 
tor, except that it will have “NP” or “BP” 
printed on it. 


HOE 
4 


100uF 


Figure S-38. You can make a nonpolar- 

ized electrolytic capacitor by putting two 
regular electrolytics in series. (In fact, 
that's what you'd find if you opened a real 
nonpolarized capacitor.) The symbol at the 
bottom is roughly equivalent to the pair of 
symbols at the top; bear in mind that two 
capacitors in series have a total capaci- 
tance that is half that of each of them. 
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Figure S-38. A resonant enclosure is neces- 
sary if you want to hear some bass (lower 
frequencies) from your speaker. A cheap 
plastic shoebox is sufficient for demo 
purposes. 





Figure S-40. Drill some half-inch holes 

in the bottom of the box, then bolt the 
speaker in place, running a wire out 
through a hole in one end. Snap on the lid, 
and you're ready for not-quite-high-fidelity 
audio. 
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Procedure 


The purpose of the audio amplifier chip is to provide enough power to get 
a decent amount of sound out of your loudspeaker. The purpose of using a 
5-inch speaker is to enable you to hear lower-frequency sounds than the baby 
speakers that we have used previously. Bass notes have long wavelengths that 
small speakers are not able to generate effectively. 


Maybe you remember from building the intrusion alarm that a speaker makes 
much more noise if you prevent the sound waves from the back of the cone 
from cancelling the sound waves from the front of the cone. The obvious way 
to achieve this is by enclosing the speaker in a box. | suggest a plastic box, 
because they’re cheap, and we don't care too much about sound quality as 
long as we can hear at least some of the low frequencies. Figure 5-39 shows 
the speaker bolted into the bottom of a plastic box, and Figure 5-40 shows the 
box turned upside-down after snapping its lid into place. 


Normally, a speaker should be mounted in a cabinet of heavy, thick material 
that has a very low resonant frequency—below the limits of human hearing. 
To minimize the resonance of the shoebox, you can put some soft, heavy fab- 
ric inside it before you snap the lid on. A hand towel or some socks should be 
sufficient to absorb some of the vibration. 


Adding an Amplifier 


Back in the 1950s, you needed vacuum tubes, transformers, and other power- 
hungry heavyweight components to build an audio amplifier. Today, you can 
buy a chip for about $1 that will do the job, if you add a few capacitors around 
it, and a volume control. The TEA2025B that I'm recommending is intended for 
use in cheap portable cassette players and CD players, and can work in stereo 
or mono mode, from a power supply ranging from 3 to 9 volts. With 9 volts 
and the two sides of the chip bridged together to drive one 80 speaker, it can 
generate 5 watts of audio power. That doesn’t sound much compared with a 
typical home theater system rated at 100 watts per channel, but because loud- 
ness is a logarithmic scale, 5 watts will be quite enough to irritate any family 
members in the same room—and possibly even in other rooms. 


If you can’t find the TEA2025B chip, you can use any alternative listed as an 
audio amplifier. Try to find one that is designed to drive an 80 speaker with up 
to 5 watts in mono mode. Check the manufacturer’s data sheet to see where 
you attach capacitors around it. Note carefully whether some of the capacitors 
have no polarity marked, even though they have fairly high values, such as 100 
UF. These capacitors must function regardless of which way the alternating 
current is flowing, and I’ve marked them “NP” in my schematic in Figure 5-41, 
meaning “nonpolarized.” (You may find them identified as “bipolar” or “BP” in 
parts catalogs.) As noted in the shopping list, you can put two 220 UF capaci- 
tors in series, negative-to-negative, to get the same effect as a single 100 UF 
nonpolarized capacitor. 


For this project, it’s essential to include the regular 100 uF electrolytic smooth- 
ing capacitor across the power supply. Otherwise, the amplifier will pick up 
and—yes, amplify—small voltage spikes in the circuit. 
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Figure S-41. The audio amplifier chip should be wired with capacitors around it as shown, 
“NP" denoting the ones that are not polarized. The acronym“BP” meaning bipolar, is also 
often used to mean the same thing. The output from pins 2 and 15 of the chip can be 
passed through a coil or a 10 uF capacitor to demonstrate audio filtering. 


The input shown in the schematic can receive a signal from a typical media 
player, such as a portable MP3 player, CD player, or cassette player. To connect 
its headphone jack to the breadboard, you can use an adapter that converts 
it to a pair of RCA-type audio jacks, and then stick a wire into one of them as 
shown in Figure 5-42. The wire will connect to the 33K resistor on the bread- 
board circuit. The chromed neck of the RCA jack (which is sometimes gold- 
plated, or at least gold-colored) must be connected with the negative side of 
your power supply on the breadboard; otherwise, you won't hear anything. 
You can ignore the second output on the adapter, because we're working in 
mono, here, not stereo. 
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Figure S-42. To sample the output from the 
headphone socket of a music player, you 
can use this adapter and push the stripped 
end of a piece of hookup wire into one of 
the sockets. Then use alligator clips ona 
jumper wire to connect the audio to your 
breadboarded circuit. Don't forget to use 
an additional jumper wire to connect the 
outside of the socket to the negative side 
of the power supply on the breadboard. 
Because we're only using one speaker, the 
amplifier is connected to only one of the 
stereo outputs from your player. The other 
is ignored. 


251 


Experiment 29: Filtering Frequencies 





Figure S-43. The red and black alligator 
clips, lying on top of the shoebox, should 
connect with the output from your ampli- 
fier chip. The red jumper wire passes the 
signal through a coil of hookup wire on its 
way to the speaker. Note the change in 
sound when you short out the coil. 
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The 33K resistor is necessary to protect the amplifier from being overdriven. If 
you don't get enough volume using your music player, decrease the 33K value. 
If the music is too loud and distorted, increase the value. You can also try omit- 
ting or increasing the 10K resistor next to it, which is included in an effort to 
reduce background hum noise. 


I've shown two switches at the top of the schematic: one to bypass a coil, the 
other to bypass a capacitor. You can use alligator clips instead, as long as you 
can easily compare the sound when each of the components is inserted into 
the circuit. 


Figure 5-43 shows a coil consisting of a spool of hookup wire being used. The 
red and black alligator clips resting loose on top of the shoebox will go to the 
output from the chip (on pins 2 and 15). There is no polarity; it doesn’t matter 
which clip goes to which pin. 


Begin by turning the volume control on your music source all the way down 
before you apply power. Don't be surprised if you hear humming or crackling 
noises when you activate the amplifier; it will pick up any stray voltages, be- 
cause in this simple experiment, | haven't suggested that you should shield 
the input, and the amplifier circuit can pick up noise, as its wires can act like 
antennas. 


Note that you may also get additional unwanted sound if you use the ampli- 
fier on a conductive desktop surface. Remove any aluminum foil or conductive 
foam for this project. 


Make sure that your player is playing music, and slowly turn up its volume 
control until you hear it. If you don’t hear anything, you'll have to check for 
circuit errors. 


Now comes the interesting part. Insert the 100-foot spool of hookup wire be- 
tween one output from the amplifier, and one input of the speaker (it doesn’t 
matter which one), or if you used switches, open the switch that bypasses the 
coil. You should find that the music loses all its high-end response. By compari- 
son, if you disconnect the coil and substitute a 10 uF capacitor, you should find 
that the music sounds “tinny,” meaning that it loses all its low range, leaving 
only the high frequencies. 


You've just tested two very simple filters. Here’s what they are doing: 


+ The coil is a low-pass filter. It passes low frequencies but blocks high fre- 
quencies, because brief audio cycles don't have time to overcome the coil’s 
self-inductance. A bigger coil eliminates a wider range of frequencies. 


* The capacitor is a high-pass filter. It passes high frequencies and blocks 
low frequencies because longer audio cycles can fill the capacitance, at 
which point the capacitor stops passing current. A smaller capacitor elimi- 
nates a wider ranger of frequencies. 


You can go a lot farther into filter design, using complex combinations of coils 
and capacitors to block frequencies at any point in the audible spectrum. 
Search online for audio filter schematics—you'll find hundreds of them. 
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Meditation has used for thousands of years, but only in the last few decades has science 
begun to uncover the many benefits of meditation using sophisticated tools like neu- 
ro-imaging, functional magnetic resonance imaging, brain mapping technology, and 
gene research, thus allowing scientists an unprecedented ability to measure the effects 
of meditation on the brain and brainwave patterns. 


14-24hz | Beta Waves 


Beta brainwave frequencies scour in the range from 
14 - 24 Hz and correspond to the typical "busy 
mind" experience common to mast of us. The Beta 
frequency range is characterized by a chaotic, frag- 
mented, unbalanced thinking typical of lat brain 
dominance, commonly referred to as the "monkey 
mind." 


( 2 8-13hz Alona Waves 


The beginning of balanced brainwave activity 
eccurs in the Alpha frequency range between 

8 -13 Hz, The more alpha Neues tek a person is 
able to produce in ordinary states of conscious- 
ness, the easier it is for them to access deeper med- 
itative states. 


/a-7.5h2 ee Waves 


In the Theta frequency range between 3.5 - 7 Hz 
balanced brainwave activity increases. The Theto 
slate corresponds to the experience of visionary, cre- 
ative and intuitive levels of experience. It is charac- 
terized by “inner” images and visions that correlate 
wilh increased theta activity. 


0.5-4hz Delta Waves 


The Delta frequency range between 0.5 - 4Hz 
brings a level of balance that corresponds to the 
"beyond the mind" experience ot the subtlest levels 
of meditative awareness possible, This is the range 
in which meditators experience what is termed 
unified consciousness [oneness with all things). 


synchronicity.cra/mecitation 
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Crossover Networks 


In a traditional audio system, each speaker cabinet contains two drivers—one 
of them a small speaker called a tweeter, which reproduces high frequencies, 
the other a large speaker known as a woofer, which reproduces low frequen- 
cies. (Modern systems often remove the woofer and place it in a separate box 
of its own that can be positioned almost anywhere, because the human ear 
has difficulty sensing the direction of low-frequency sounds.) 


The schematic that you just looked at and may have constructed is known as 
a“crossover network,’ and truly hardcore audiophiles have been known make 
their own (especially for use in car systems) to go with speakers of their choice 
in cabinets that they design and build themselves. 


If you want to make a crossover network, you should use high-quality poly- 
ester capacitors (which have no polarity, last longer than electrolytics, and are 
better made) and a coil that has the right number of turns of wire and is the 
right size to cut high frequencies at the appropriate point. Figure 5-44 shows 
a polyester capacitor. 


Figure 5-45 shows an audio crossover coil that | bought on eBay for $6. | was 
curious to find out what was inside it, so | bought two of them, and took one 
apart. 


First | peeled away the black vinyl tape that enclosed the coil. Inside was some 
typical magnet wire—copper wire thinly coated with shellac or semitransparent 
plastic, as shown in Figure 5-46. | unwound the wire and counted the number 
of turns. Then | measured the length of the wire, and finally used a micrometer 
to measure the diameter of the wire, after which | checked online to find a con- 
version from the diameter in mils (1/1,000 of an inch) to American wire gauge. 


As for the spool, it was plain plastic with an air core—no iron or ferrite rod in 
the center. Figure 5-47 shows the spool and the wire. 





Figure 5-44. Some nonelec- Figure S-4S. What exotic Figure S-46. The black tape is Figure S-47. The audio crossover coil 


trolytic capacitors have components may we find removed, revealing a coil of consists of a plastic spool and some 
no polarity, such as this inside this high-end audio magnet wire. wire. Nothing more. 
high-quality polyester film component that's used with 


capacitor. However, they tend asubwoofer to block high 
to be much more expensive, frequencies? 

and are hard to find in values 

higher than 10 uF. 
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So here's the specification for this particular coil in an audio crossover network. 
Forty feet of 20-gauge copper magnet wire, wrapped in 200 turns around a 
spool of 1/16-inch-thick plastic with a hub measuring 7/8 inch in length be- 
tween the flanges and 1/2-inch external diameter. Total retail cost of materials 
if purchased separately: probably about $1, assuming you can find or make a 
spool of the appropriate size. 


Conclusion: there's a lot of mystique attached to audio components. They are 
frequently overpriced, and you can make your own coil if you start with these 
parameters and adjust them to suit yourself. 


Suppose you want to put some thumping bass speakers into your car. Could 
you build your own filter so that they only reproduce the low frequencies? 
Absolutely—you just need to wind a coil, adding more turns until it cuts as 
much of the high frequencies as you choose. Just make sure the wire is heavy 
enough so that it won't overheat when you push 100 or more audio watts 
through it. 


Here’s another project to think about: a color organ. You can tap into the out- 
put from your stereo and use filters to divide audio frequencies into three sec- 
tions, each of which drives a separate set of colored LEDs. The red LEDs will 
flash in response to bass tones, yellow LEDs in response to the mid-range, and 
green LEDs in response to high frequencies (or whatever colors you prefer). 
You can put signal diodes in series with the LEDs to rectify the alternating cur- 
rent, and series resistors to limit the voltage across the LEDs to, say, 2.5 volts 
(when the music volume is turned all the way up). You'll use your meter to 
check the current passing through each resistor, and multiply that number 
by the voltage drop across the resistor, to find the wattage that it’s handling, 
to make sure the resistor is capable of dissipating that much power without 
burning out. 


Audio is a field offering all kinds of possibilities if you enjoy designing and 
building your own electronics. 
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THEORY 


Waveforms 


If you blow across the top of a bottle, the mellow sound 
that you hear is caused by the air vibrating inside the bottle, 
and if you could see the pressure waves, they would have a 
distinctive profile. 


If you could slow down time and draw a graph of the alter- 
nating voltage in any power outlet in your house, it would 
have the same profile. 


If you could measure the speed of a pendulum swinging 
slowly to and fro in a vacuum, and draw a graph of the speed 
relative to time, once again it would have the same profile. 


That profile is a sine wave, so called because you can derive 
it from basic trigonometry. In a right-angled triangle, the 
sine of an angle is found by dividing the length of the side 
opposite the angle by the length of the hypoteneuse (the 
sloping side of the triangle). 


To make this simpler, imagine a ball on a string rotating 
around a center point, as shown in Figure 5-48. Ignore the 
force of gravity, the resistance of air, and other annoying 
variables. Just measure the vertical height of the ball and di- 
vide it by the length of the string, at regular instants of time, 
as the ball moves around the circular path at a constant 
speed. Plot the result as a graph, and there's your sine wave, 
shown in Figure 5-49. Note that when the ball circles below 
its horizontal starting line, we consider its distance negative, 
so the sine wave becomes negative, too. 


Why should this particular curve turn up in so many places 
and so many ways in nature? There are reasons for this 
rooted in physics, but I'll leave you to dig into that topic if it 
interests you. Getting back to the subject of audio reproduc- 
tion, what matters is this: 


« Any sound can be broken down into a mixture of sine 
waves of varying frequency and amplitude. 


Or, conversely: 


* If you put together the right mix of audio sine waves, 
you can create any sound at all. 


Suppose that there are two sounds playing simultaneously. 
Figure 5-50 shows one sound as a red curve, and the other 
as pale blue. When the two sounds travel either as pressure 
waves through air or as alternating electric currents through 
a wire, the amplitudes of the waves are added together to 
make the more complex curve, which is shown in black. 
Now try to imagine dozens or even hundreds of different 
frequencies being added together, and you have an idea of 
the complex waveform of a piece of music. 


/ 


a 





Start 


Figure 5-48. If a weight on the end of a string (length b, in 

the diagram) follows a circular path at a steady speed, the 
distance of the weight from a horizontal center line (length a, 
in the diagram) can be plotted as a graph relative to time. The 
graph will be a sine wave, so called because in basic trigonom- 
etry, the ratio of a/b is the sine of the angle between line b and 
the horizontal baseline, measured at the center of rotation. 
Sinewaves occur naturally in the world around us, especially in 
audio reproduction and alternating current. 





Ratio of a/b 





Figure 5-48. This is what a “pure” sinewave looks like. 








Figure S-SO. When two sinewaves are generated at the same 
time (for instance, by two musicians, each playing a flute), 

the combined sound creates a compound curve. The blue 
sinewave is twice the frequency of the red sinewave. The 
compound curve (black line) is the sum of the distances of the 
sinewaves from the baseline of the graph. 
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THEORY 


Waveforms (continued) 


You can create your own waveform as an input for your au- 
dio amplifier with the basic astable 555 timer circuit shown 
in Figure 5-51. You have to be careful, though, not to over- 
load the amplifier input. Note the 680K series resistor on the 
output pin of the timer. Also note the 5000 potentiometer. 


To input of 
audio amplifier 


Figure S-S1. A 555 timer is wired in astable mode using the 
component values shown here to generate a wide range of 
audible frequencies when the 100K potentiometer is adjusted. 
After the output is reduced in power, it can feed into the ampli- 
fier chip that was used previously. 


Disconnect your music player and connect the output from 
the 555 circuit to the input point (the 33K resistor) in the 
amplifier circuit shown earlier in Figure 5-41. You don't have 
to worry about a separate connection on the negative side 
as long as the 555 timer shares the same breadboard and 
the negative side of its power supply. 


Make sure that the 5000 potentiometer is turned all the 
way to short the output from the timer to the negative side 
of the power supply. This functions as your volume control. 
Also make sure the 100K potentiometer is in the middle of 
its range. Switch on the power and slowly turn up the 5000 
potentiometer until you hear a tone. 


Now adjust the 100K potentiometer to create a low-pitched 
note. You'll find that it doesn’t have a “pure” sound. There 
are some buzzing overtones. This is because the 555 timer 
is generating square waves such as those shown in Figure 
5-52, not sine waves, and a square wave is actually a sum 

of many different sine waves, some of which have a high 
frequency. Your ear hears these harmonics, even though 
they are not obvious when you look at a square-shaped 
waveform. 


Route one of the connections to your loudspeaker through 
your spool of hookup wire, and now you should hear a 
much purer tone, as the buzzing high frequencies are 
blocked by the self-inductance of the coil. Remove the coil 
and substitute the 10 uF capacitor, and now you hear more 
buzzing and less bass. 


You've just taken a small step toward sound synthesis. If this 
subject interests you, you can go online and search for oscil- 
lator circuits. For a thorough understanding of the relation- 
ship between waveforms and the sounds you hear, you'll 
really need an oscilloscope, which will show you the shape 
of each waveform that you generate and modify. 








Figure S-S2. The output from a 555 timer is either “on” or “off,” 
with a very fast transition between those two states. The result 
is an almost perfect square wave. Theoretically, this can be 
disassembled into a complex set of sine waves that have many 
different frequencies. The human ear hears the high frequen- 
cies as harsh overtones. 
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Experiment 30: Fuzz 


Let’s try one more variation on the circuit in Experiment 28. This will demon- 
strate another fundamental audio attribute: distortion. 


You will need: 


One more 100K potentiometer. 


Generic NPN transistors: 2N2222 or similar. Quantity: 2. 


Various resistors and capacitors. 


Clipping 


In the early days of “hi-fi” sound, engineers labored mightily 
to perfect the process of sound reproduction. They wanted 
the waveform at the output end of the amplifier to look 
identical with the waveform at the input end, the only dif- 
ference being that it should be bigger, so that it would be 
powerful enough to drive loudspeakers. Even a very slight 
distortion of the waveform was unacceptable. 


Little did they realize that their beautifully designed tube 
amplifiers would be abused by a new generation of rock 
guitarists whose intention was to create as much distortion 
as possible. 


The most common form of waveform abuse is techni- 
cally known as “clipping.” If you push a vacuum tube ora 
transistor to amplify a sine wave beyond the component's 


capabilities, it “clips” the top and bottom of the curve. This 
makes it look more like a square wave, and as | explained in 
the section on waveforms, a square wave has a harsh, buzz- 
ing quality. For rock guitarists trying to add an edge to their 
music, the harshness is actually a desirable feature. 


Figure S-S3. This Vox Wow-Fuzz pedal was one of the early 
stomp boxes, which deliberately induced the kind of distortion 
that audio engineers had been trying to get rid of for decades. 
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The first gadget to offer this on a commercial basis was 
known as a “fuzz box,’ which deliberately clipped the input 
signal. An early fuzz box is shown in Figure 5-53. The clip- 
ping of a sine wave is shown in Figure 5-54. 


Figure S-S4. When a sinewave (top) is passed through an 
amplifier which is turned up beyond the limit of its components 
(shown as dashed lines, center), the amplifier chops the wave 
(bottom) in a process known as “clipping.” The result is close 
to a square wave and is the basic principle of a fuzz box com- 
monly used to create a harsh guitar sound. 
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Schematic 


The output from the 555 timer is a square wave, so it already sounds quite 
“fuzzy, but we can make it more intense to demonstrate the clipping princi- 
ple. I've redrawn the whole circuit in Figure 5-55, as several components have 
changed. The principal alteration is the addition of two NPN transistors. 


If you assemble this circuit on your breadboard, note carefully that the 33K 
and 10K resistors at the bottom of the amplifier chip have been removed, and 
there’s now just an 8200 resistor in that location. The bottom of the adjacent 
0.22 uF capacitor is still the input point for the amplifier, and if you follow the 
connection around to the middle of the schematic, you'll find it leading to a 
100K potentiometer. This is your “fuzz adjuster.” 


The two NPN transistors are arranged so that the one on the left receives out- 
put from the 555 timer. This signal controls the flow of electricity through the 
transistor from a 33K resistor. This flow, in turn, controls the base of the right- 
hand transistor, and the flow of current through that is what ultimately con- 
trols the amplifier. 


When you power up the circuit, use the 100K potentiometer attached to the 
555 timer to adjust the frequency (as before) and crank the “fuzz adjuster” po- 
tentiometer to hear how it adds increasing “bite” to the sound until ultimately 
it becomes pure noise. 


The two transistors act as amplifiers. Of course, we didn’t need them for that 
purpose—the input level for the amplifier chip was already more than ade- 
quate. The purpose of the lefthand transistor is simply to overload the right- 
hand transistor, to create the “fuzz” effect. And when you turn up the output 
from the transistors with the “fuzz adjuster,” eventually they overload the input 
of the amplifier chip, creating even more distortion. 


If you want to tweak the output, try substituting different values for the 1K 
resistor and the 1 uF capacitor that are positioned between the emitter of the 
righthand transistor and the negative side of the power supply. A larger resis- 
tor should overload the transistor less. Different capacitor values should make 
the sound more or less harsh. 


You can find literally thousands of schematics online for gadgets to modify 
guitar sound. The circuit I’ve included here is one of the most primitive. If you 
want something more versatile, you should search for “stomp box schematics” 
and see what you can find. 





Chapter 5 


Experiment 30: Fuzz 


faa) 
ite) 
N 
jo) 
Be 
Lu 
= 





Audio Signal 
input point 


Figure S-SS. For a quick demo of clipping, insert a couple of transistors between the output 
from the 555 timer and the input of the amplifier chip. One transistor overdrives the 

other, so that when you adjust the potentiometer at the center of the circuit, you hear an 
increasingly harsh, distorted sound. 
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Stomp-box origins 


The Ventures recorded the first single to use a fuzz box, 
titled “The 2,000 Pound Bee,’ in 1962. Truly one of the most 
awful instrumentals ever made, it used distortion merely 
as a gimmick and must have discouraged other musicians 
from taking the concept seriously. 


Ray Davies of the Kinks was the first to embody distortion 

as an integral part of his music. Davies did it initially by plug- 
ging the output from one amp into the input of another, 
supposedly during the recording of his hit “You Really Got 
Me.’ This overloaded the input and created clipping—the 
basic fuzz concept. From there it was a short step to Keith 
Richards using a Gibson Maestro Fuzz-Tone when the Roll- 
ing Stones recorded “(I Can’t Get No) Satisfaction” in 1965. 


Today, you can find thousands of advocates promoting 

as many different mythologies about “ideal” distortion. In 
Figure 5-56, I've included a schematic from Flavio Dellepi- 
ane, a circuit designer in Italy who gives away his work (with 
a little help from Google AdSense) at http://www.redcircuits. 
com. Dellepiane is self-taught, having gained much of his 
knowledge from electronics magazines such as the British 


+] 22uF 


Wireless World. |n his fuzz circuit, he uses a very high-gain 
amplifier consisting of three field-effect transistors (FETs), 
which closely imitate the rounded square-wave typical of an 
overdriven tube amp. 


Dellepiane offers dozens more schematics on his site, devel- 
oped and tested with a dual-trace oscilloscope, low-distortion 
sinewave oscillator (so that he can give audio devices a “clean” 
input), distortion meter, and precision audio volt meter. 

This last item, and the oscillator, were built from his own 
designs, and he gives away their schematics, too. Thus his 
site provides one-stop shopping for home-audio electronics 
hobbyists in search of a self-administered education. 


Before fuzz, there was tremolo. A lot of people confuse this 
with vibrato, so let’s clarify that distinction right now: 


+ Vibrato applied to a note makes the frequency waver 
up and down, as if a guitarist is bending the strings. 
Tremolo applied to a note makes its volume fluctuate, 
as if someone is turning the volume control of a guitar 
up and down very quickly. 


5K trimmer 


Figure S-SS. This circuit designed by Flavio Dellepiane uses three transistors to simulate the kind of distortion that used to be cre- 


ated by overloading the input of a tube amplifier. 
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Stomp-box origins (continued) 


Harry DeArmond sold the first tremolo box, which he 
named the Trem-Trol. It looked like an antique portable 
radio, with two dials on the front and a carrying handle on 
top. Perhaps in an effort to cut costs, DeArmond didn’t use 
any electronic components. His steam-punkish Trem-Trol 
contained a motor fitted with a tapered shaft, with a rubber 
wheel pressing against it. The speed of the wheel varied 
when you turned a knob to reposition the wheel up and 
down the shaft. The wheel, in turn, cranked a little capsule 
of “hydro-fluid,” in which two wires were immersed, carrying 
the audio signal. As the capsule rocked to and fro, the fluid 
sloshed from side to side, and the resistance between the 
electrodes fluctuated. This modulated the audio output. 


Today, Trem-Trols are an antique collectible. When industrial 
designer Dan Formosa acquired one, he put pictures online 
at http://www.danformosa.com/dearmond.html. And Johann 
Burkard has posted an MP3 of his DeArmond Trem-Trol so 
you can actually hear it: http://johannburkard.de/blog/music/ 
effects/DeArmond-Tremolo-Control-clip.html. 


The idea of a mechanical source for electronic sound mods 
didn’t end there. The original Hammond organs derived 
their unique, rich sound from a set of toothed wheels 
turned by a motor. Each wheel created a fluctuating induc- 
tance in a sensor like the record head from a cassette player. 


It's easy to think of other possibilities for motor-driven 
stomp boxes. Going back to tremolo: imagine a transpar- 
ent disc masked with black paint, except for a circular stripe 
that tapers at each end. While the disc rotates, if you shine 
a bright LED through the transparent stripe toward a light- 
dependent resistor, you would have the basis for a tremolo 
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Figure S-S7. Although electromechanical audio devices are 
obsolete now, some unexplored possibilities still exist. This 
design could create various tremolo effects, if anyone had the 
patience to build it. 
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device. You could even create never-before-heard tremolo 
effects by swapping discs with different stripe patterns. 
Figures 5-57 and 5-58 show the kind of thing | have in mind. 
For a real fabrication challenge, how about an automatic 
disc changer? 


Today's guitarists can choose from a smorgasbord of effects, 
all of which can be home-built using plans available online. 
For reference, try these special-interest books: 


+ Analog Man's Guide to Vintage Effects by Tom Hughes 
(For Musicians Only Publishing, 2004). This is a guide to 
every vintage stomp box and pedal you can imagine. 


How to Modify Effect Pedals for Guitar and Bass by Brian 
Wampler (Custom Books Publishing, 2007). This is an 
extremely detailed guide for beginners with little or 
no prior knowledge. Currently it is available only by 
download, from sites such as http://www.openlibrary. 
org, but you may be able to find the previous printed 
edition from secondhand sellers, if you search for the 
title and the author. 


Of course, you can always take a shortcut by laying down a 
couple hundred dollars for an off-the-shelf item such as a 
Boss ME-20, which uses digital processing to emulate distor- 
tion, metal, fuzz, chorus, phaser, flanger, tremolo, delay, 
reverb, and several more, all in one convenient multi-pedal 
package. Purists, of course, will claim that it “doesn’t sound 
the same,’ but maybe that’s not the point. Some of us simply 
can't get no satisfaction until we build our own stomp box 
and then tweak it, in search of a sound that doesn’t come 
off-the-shelf and is wholly our own. 


Figure S-S8. Different stripe patterns could be used in conjunc- 
tion with the imaginary electromechanical device in Figure 
5-57 to create various tremolo effects. 
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Figure S-S8. Just add wire and a coil, and 
this is all you need to receive AM radio 
signals. The black disc becomes the 
tuning dial, after it is screwed onto the 
variable capacitor (right). This is actually 
an optional extra. A germanium diode 
(center) rectifies the radio signal. The 
high-impedance earphone (top) creates a 
barely audible sound. 





Figure S-88. A large, 3-inch diameter empty 
vitamin bottle makes an ideal core for a 
crystal radio coil. The drilled holes will 
anchor wire wrapped around the bottle. 
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Time now to go back one more time to inductance and capacitance, and dem- 
onstrate an application which also makes use of the way that waveforms can 
be added to each other. | want to show you how a simple circuit with no power 
supply at all can receive AM radio signals and make them audible. This is of- 
ten known as a crystal radio, because the circuit includes a germanium diode, 
which has a crystal inside it. The idea dates back to the dawn of radio, but if 
you've never tried it, you've missed an experience that is truly magical. 


You will need: 
+ Rigid cylindrical object, such as a vitamin bottle. Quantity: 1. 
+ 22-gauge hookup wire, solid-core. Quantity: 60 feet. 
* 16-gauge wire, stranded. Quantity: 100 feet. 
+ Polypropylene rope (“poly rope”) or nylon rope. Quantity: 10 feet. 
+ Germanium diode. Quantity: 1. 
+ High-impedance headphone. Quantity: 1. 


The diode and headphone can be ordered from http:/Avww.scitoyscatalog.com. 
You cannot use a modern headphone of the type you wear with an MP3 player. 


Some of these items are shown in Figure 5-59. 


First, you need to make a coil. It should be about 3 inches in diameter, and you 
can wind it around any empty glass or plastic container of that size, so long 
as it's rigid. A soda bottle or water bottle isn’t suitable, because the cumula- 
tive squeezing force of the turns of wire can deform the bottle so that it isn’t 
circular anymore. 


| chose a vitamin bottle that just happened to be exactly the right size. To re- 
move the label, | softened its adhesive with a heat gun (lightly, to avoid melt- 
ing the bottle) and then just peeled it off. The adhesive left a residue, which 
| removed with Xylol (also known as Xylene). This is a handy solvent to have 
around, as it can remove “permanent” marker stains as well as sticky residues, 
but you should always use latex or nitrile gloves to avoid getting it on your 
skin, and minimize your exposure the fumes. Because Xylol will dissolve some 
plastics, clearly it’s not good for your lungs. 


After you prepare a clean, rigid bottle, drill two pairs of holes in it, as shown in 
Figure 5-60. You'll use them to anchor the ends of the coil. 


Now you need about 60 feet of 22-gauge solid-core wire. If you use magnet 
wire, its thin insulation will allow the turns of the coil to be more closely spaced, 
and the coil may be slightly more efficient. But everyday vinyl-insulated wire 
will do the job, and is much easier to work with. 


Begin by stripping the first 6 inches of insulation from the end of the wire. 
Now measure 50 inches along the insulated remainder and apply your wire 
strippers at that point, just enough to cut the insulation without cutting the 
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Lecture Notes on Blood Trinsfusion Therapy & 1V Therapy 
Prepared By: Mark Fredderick R Abejo RN. MAN 
Clinical Instructor 


Purposes: 


1. To administer required blood component by 
the patient 

2. Torestore the blood volume 

3. To improve oxygen-carrying capacity of the 
blood. 


Equipment: 

- Unit of blood 

~ Normal saline ( PNSS) 

- Blood transfusion set 

- Venipuncture set containing needle gauge of #18 or 
#19 

- Alcohol and povidone-iodine swabs 

~ Tape 

- Clean gloves 
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Nursing Intervention: 


e Verify doctor's order. Inform client and explain the 
purpose of the procedure. 

e Check for cross-matching and blood typing. To 
ensure compatibility 

« Obtain and record baseline VS 

Note: If patient has fever do not transfuse 

e Practice strict, ASEPSIS 

« At least 2 nurses check the label of the blood 
transfusion, Check the following: 
~ Serial Number 
- Blood component 
- Blood type 
~ Rh factor 
~ Expiration date 
~ Screening test 

« Check the blood for gas bubbles and any unusual 
color or cloudiness 


Note: Gas bubbles indicate bacterial growth Unusual 
color or cloudiness indicate 
hemolysis 


® Wann blood at room temperature before 
transfusion. 

@ Identify client properly, two nurses check the 
client's identification 

®@ Set up the infusion equipment, use BT set with 
filter. To prevent administration of blood clots and 
other particles. 

e Prepare the blood bag. expose the port on the blood 
bag and insert the BT set, open the clamp let blood 
flow to the tube up the needle. 

To remove air in the tubing 

Note: 

Blood is transfuse as a side drip to PNSS. Direct 

transfusion is done during emergency situation and as 

ordered. 


Blood Shelf Life 


Washed RBC 


Transfused 
within | 4 
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wire. Use your two thumb nails to pull the insulation apart, revealing about a 
half-inch of bare wire, as shown in Figure 5-61. Bend it at the center point and 
twist it into a loop, as shown in Figure 5-62. 


You just made a “tap,” meaning a point where you will be able to tap into the 
coil after you wind it. You'll need another 11 of these taps, all of them spaced 
50 inches apart. (If the diameter of the bottle that you'll be using as the core 
of your coil is not 3 inches, multiply its diameter by 16 to get the approximate 
desired spacing of taps.) 


After you have made 12 taps, cut the wire and strip 6 inches off that end. Now 
bend the end into a U shape about a half-inch in diameter, so that you can 
hook it through the pair of holes that you drilled at one end of the bottle. Pull 
the wire through, then loop it around again to make a secure anchor point. 


Now wind the rest of the wire around the bottle, pulling it tightly so that 
the coils stay close together. When you get to the end of the wire, thread it 
through the remaining pair of holes to anchor it as shown in Figure 5-63. The 
completed coil is shown in Figure 5-64. 








=~ | 
Figure S-S2. Each exposed section of wire 
is twisted into a loop using sharp-nosed 
pliers. 


Figure S-S3. The stripped end of the wire 
is secured through the holes drilled in the 
bottle. 


Your next step is to set up an antenna. If you live in a house with a yard outside, 
this is easy: just open a window, toss out a reel of 16-gauge wire while holding 
the free end, then go outside and string up your antenna by using polypro- 
pylene rope (“poly rope”) or nylon rope, available from any hardware store, 
to hang the wire from any available trees, gutters, or poles. The total length 
of the wire should be about 100 feet. Where it comes in through the window, 
suspend it on another length of poly rope. The idea is to keep your antenna 
wire as far away from the ground or from any grounded objects as possible. 


If you live in an apartment where you don't have access to a yard outside, you 
can try stringing your antenna around the room, hanging the wire from more 
pieces of poly rope. The antenna should still be about 100 feet long, but obvi- 
ously it won't be in a straight line. 


Hook the free end of your antenna to one end of your coil. At this point, you also 
need to add a germanium diode, which functions like a silicon-based diode but 
is better suited to the tiny voltages and currents that we'll be dealing with. The 
other end of the diode attaches to one of the wires leading to a high-impedance 
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Figure S-S1. Wire strippers expose the solid 
conductor at intervals along a 22-gauge 
wire. 





Figure S-S4. The completed coil, wrapped 
tightly around the bottle. 


High Voltage! 


] 

I 

I 
The world around us is full of electric- | 
ity. Normally we're unaware of it, but 
athunderstorm isa sudden reminder | 
that there's a huge electrical poten- ! 
tial between the ground belowand | 
the clouds above. 1 
If you put up an outdoor antenna, 
never use it if there is any chance ofa | 
lightning strike. This can be extreme-__! 
ly dangerous. Disconnect the indoor 
end of your antenna, drag it outside, | 
and push the end of the wire into the! 
ground to make it safe. 
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earphone. A normal modern earphone or headphone will not work in this circuit. 
The return wire from the headphone is connected to a jumper wire, the other 
end of which can be clipped to any of the taps in your coil. 


One last modification, and you'll be ready to tune in. You have to ground the 
jumper wire. By this | mean connect it to something that literally goes into 
the ground. A cold-water pipe is the most commonly mentioned option, but 
(duh!) this will work only if the pipe is made of metal. Because a lot of plumb- 
ing these days is plastic, check under the sink to see if you have copper pipes 
before you try using a faucet for your ground. 


Another option is to attach the wire to the screw in the cover plate of an elec- 
trical outlet, as the electrical system in your house is ultimately grounded. But 
the sure-fire way to get a good ground connection is to go outside and ham- 
mer a 4-foot copper-clad grounding stake into reasonably moist earth. Any 
wholesale electrical supply house should be able to sell you a stake. They're 
commonly used to ground welding equipment. 
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Figure S-S5. The simple pleasure of picking up a radio signal with ultra-simple components 
and no additional power. 





Chapter 5 


Experiment 31: One Radio, No Solder, No Power 


Figures 5-66 and 5-67 show the completed radio. 


If you've managed to follow these instructions (one way or another), it’s time 
to tune your radio to the nearest station. Move the alligator clip at the end of 
your patch cord from one tap to another on your coil. Depending on where 
you live, you may pick up just one station, or several, some of them playing 
simultaneously. 


It may seem that you're getting something for nothing here, as the earphone 
is making noise without any source of power. Really, though, there is a source 
of power: the transmitter located at the radio station. A large amplifier pumps 
power into the broadcasting tower, modulating a fixed frequency. When the 
combination of your coil and antenna resonates with that frequency, you're 
sucking in just enough voltage and current to energize a high-impedance 
headphone. 


The reason you had to make a good ground connection is that the radio sta- 
tion broadcasts its signal at a voltage relative to ground. The earth completes 
the circuit between you and the transmitter. For more information on this and 
other concepts relating to radio, see the upcoming section “Theory: How radio 
works.” 


Enhancements 


The higher your antenna is, the better it should work. In my location, this is a 
major problem, as | live in a desert area without any trees. Still, just stringing 
the wire out of my window and tethering it (with rope) to the front bumper of 
my car enabled me to pick up a faint radio signal. 


To improve the selectivity of your radio, you can add a variable capacitor, as 
shown in the following section. This allows you to “tune” the resonance of your 
circuit more precisely. Variable capacitors are uncommon today, but you can 
find one at the same specialty source that | recommended for the earphone and 
the germanium diode: the Scitoys Catalog (http://www.scitoyscatalog.com). 


This source is affiliated with a smart man named Simon Quellan Field, whose 
site suggests many fun projects that you can pursue at home. One of his clever 
ideas is to remove the germanium diode from your radio circuit and substi- 
tute a low-power LED in series with a 1.5-volt battery. This didn’t work for me, 
because | live 40 miles from the nearest AM broadcaster. If you're closer to a 
transmitter, you may be able to see the LED varying in intensity as the broad- 
cast power runs through it. 
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To Ground 


To 
Earphone 


Figure S-88. A signal from the antenna 
can pass through the coil to ground. If the 
jumper wire is attached to an appropriate 
tap on the coil, it resonates with the radio 
signal, just powerfully enough to energize 
the earphone which is wired in series with 
a diode. 





Figure S-S7. The real-life version of Figure 
5-66. 
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THEORY 


How radio works 


When electrical frequencies are very high, the radiation 
they create has enough energy to travel for miles. This is the 
principle of radio transmission: A high-frequency voltage is 
applied to a broadcasting antenna, relative to the ground. 


When | say “ground” in this instance, | literally mean the 
planet beneath us. If you set up a receiving antenna, it 

can pick up a faint trace of the transmission relative to the 
ground—as if the earth is one huge conductor. Actually 

the earth is so large and contains so many electrons, it can 
function as acommon sink, like a gigantic version of the file 
cabinet that | suggested you should touch to get rid of static 
electricity in your body before touching a CMOS logic chip. 


To make a radio transmitter, | could use a 555 timer chip run- 
ning at, say, 850 kHz (850,000 cycles per second), and pass 
this stream of pulses through an amplifier to a transmission 
tower; if you had some way to block out all the other elec- 
tromagnetic activity in the air, you could detect my signal 
and reamplify it. 


This was more or less what Marconi (shown in Figure 5-68) 
was doing in 1901, after he had purchased rights to Edison's 
wireless telegraphy patent, although he had to use a primi- 
tive spark gap, rather than a 555 timer, to create the oscil- 
lations. His transmissions were of limited use, because they 
had only two states: on or off. You could send Morse code 
messages, and that was all. 


Figure S-S8. Marconi, the great pioneer of radio (photograph 
from Wikimedia Commons). 


Five years later, the first true audio signal was transmitted 
by imposing lower audio frequencies on the high-frequency 
carrier wave. In other words, the audio signal was “added” to 
the carrier frequency, so that the power of the carrier varied 
with the peaks and valleys of the audio. 


At the receiving end, a very simple combination of a capaci- 
tor and a coil detected the carrier frequency out of all the 
other noise in the electromagnetic spectrum. The values of 
the capacitor and the coil were chosen so that their circuit 
would “resonate” at the same frequency as the carrier wave. 
Figures 5-69 and 5-70 illustrate these concepts. 


Carrier frequency NANAAAAANAAAAAAAAAANAAAN 
VUVUUVUVUUUUUUUUUUU UU 


Audio signal 





Amplitude modulation 


Figure S-S8. When an audio signal (middle) is combined elec- 
tronically with a high carrer frequency (top), the result looks 
something like the compound signal at the bottom. In actual- 
ity, the carrier frequency would be much higher compared with 
the audio frequency, by a radio of perhaps 1,000-1. 


Amplitude 
modulation 


Chopped by 
diode 


Audible earphone 
response 
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Figure S-70. When the compound signal is passed through a 
diode, only the upper half remains. An earphone cannot react 
fast enough to reproduce the high carrier frequency, so it 
“rides” the peaks and thus reproduces the audio frequency. 


The schematic in Figure 5-71 shows the simple circuit that 
you built by wrapping a coil around an empty vitamin 
bottle. When a positive pulse was received by the antenna, 
it resonated with the antenna and the coil, provided that 
the antenna was long enough and the coil was tapped at 
the appropriate number of turns. 
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How radio works (continued) 


Figure 5-71. An antenna at the top of the schematic picks up faint 
electromagnetic radiation from a distant transmitter. The coil 

at the left side is tapped at intervals so that its resonance can 

be adjusted to match the carrier frequency of the radio signal. 
Other frequencies are grounded (at the bottom of the sche- 
matic). The diode passes the “top half” of the signal to the ear- 
phone at the right, which is incapable of responding fast enough 
to reproduce the carrier frequency, and thus filters it out, leaving 
only the audio frequencies that were superimposed on it. 


By adding a capacitor, you can tune the circuit. Now an 
incoming pulse from the transmitter is initially blocked by 
the self-inductance of the coil, while it charges the capacitor. 
If an equally negative pulse is received after an interval that 
is properly synchronized with the values of the coil and the 
capacitor, it coincides with the capacitor discharging and the 
coil conducting. In this way, the right frequency of carrier 
wave makes the circuit resonate in sympathy. At the same 
time, audio-frequency fluctuations in the strength of the 
signal are translated into fluctuations in voltage in the circuit. 


What happens to other frequencies pulled in by the an- 
tenna? The lower ones pass through the coil to ground; the 
higher ones pass through the capacitor to ground. They are 
just “thrown away.’ 


The righthand half of the circuit samples the signal by pass- 
ing it through a germanium diode and an earphone. The 
power from the transmitter is just sufficient to vibrate the 
diaphragm in the earphone, after the diode has subtracted 
the negative half of the signal. 


Look back at the diagram of the amplitude-modulated 
signal. You'll see that it fluctuates up and down so rapidly, 
the earphone cannot possibly keep up with the positive- 
negative variations—hence the need for the diode. It will 
remain hesitating at the midpoint between the highs and 
lows, producing no sound at all. The diode solves this prob- 
lem by subtracting the lower half of the “audio envelope,’ 


leaving just the positive spikes of voltage. Although these 
are still very small and rapid, they are now all pushing the 
diaphragm of the earphone in the same direction, so that 
it averages them out, approximately reconstructing the 
original sound wave. 


Figure 5-72 shows how the circuit can be enhanced with a 
variable capacitor, to tune it without needing to tap the coil 
at intervals. 


Figure 5-72. By adding a capacitor to the circuit, its resonance 
can be tuned more precisely. The diagonal arrow indicates that 
a variable capacitor is used. 


The radio can pull in the stations on the AM (amplitude- 
modulated) waveband that happen to be most powerful in 
your area. The waveband ranges from 300 kHz to 3 MHz. If 
you find yourself interested in radio, your next step could 
be to build a powered radio using a couple of transistors. 
Alternatively you could build your own (legal) low-power 
AM transmitter. There’s an ultra-simple kit available from 
http://www.scitoys.com consisting of just two principal 
components: a crystal oscillator, and a transformer, shown 
in Figure 5-73. That's all it takes. 


Figure 5-73. An AM radio transmitter can be made from just 
two components: a transformer (left) and a crystal oscillator 
(right), available from http://www.scitoys.com. 
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Experiment 32: A Little Robot Cart 





Figure S-74. A microswitch has a small 
button (at the front, righthand side in this 
picture) that is often actuated by a pivoted 
metal lever. The switch can respond to a 
very light pressure, but can handle rela- 
tively high currents. 





Figure S-75. For the Little Robot Cart, | 
found this 5-volt motor, which is supplied 
with a disc that fits its output shaft. The 
combination cost less than $10. 
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Robotics is another application of electronics that deserves a book in itself— 
or several books. So, once again, I’m going to give you an introduction fol- 
lowed by some points that you can follow if you want to go further. As always, 
| will start with the simplest possible device, which in the world of robotics is a 
cart that finds its way around your living room. 


You will need: 


+ SPST or SPDT microswitches requiring minimal pressure to activate them. 
A force between 0.02 and 0.1 newtons would be ideal. Quantity: 2. See 
Figure 5-74. 


«+ DC gear-motor, rated for any voltage between 5 and 12, drawing a maxi- 
mum of 100mA in its free-running state, output shaft turning between 30 
and 60 RPM. Quantity: 1. A motor is shown in Figure 5-75. 


+ Disc or arm that fits securely onto your motor shaft. Quantity: 1. 
+ 555 timer. Quantity: 1. 


+ DPDT nonlatching relay rated for the same voltage as your motor. 
Quantity: 1. 


+ 1/4-inch plywood or plastic, one piece about 2 feet square. 

+ #4sheet-metal screws, 5/8 inch or 3/4 inch long. Quantity: 2 dozen. 

- #6 bolts, 3/4 inch long, with nylon-insert lock nuts. Quantity: 2 dozen. 

+ 1/4-inch bolts, 1 inch long, with nuts, to mount the wheels. Quantity: 4. 


I'm not specifying one particular motor, because if | did, it might not be avail- 
able by the time you read this. Motors aren't like logic chips, which have re- 
tained their basic function throughout various improvements over a period 
of several decades. Motors come and go, and many that you may run across 
will be surplus parts that will never been seen again. Search online for “gear- 
motor” or “gearhead motor” and find one as close as possible to the specifica- 
tion that | have provided. The mechanical power output of the motor shouldn't 
be important, because we won't be requiring it to do much work. 


The important consideration when you buy your motor is that you should also 
obtain something that fits onto its output shaft. Typically, this will be a disk or 
arm that can be screwed into place. To this you can then add a larger wheel of 
your own, which you can cut with a hole saw or make from the screw-on lid of 
ajar, or anything else circular that you may find in the house. 


A larger wheel will make your cart move faster than a smaller wheel, but will 
reduce its torque, thus limiting its power to overcome obstacles. 


This brings me to my next topic: fabrication. Although this is an electronics 
book, motors are electromechanical devices, and you have to be able to install 
them in some kind of a machine to get any interesting results. You can use 
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plywood to complete the two little robotics projects here (ideally, the kind of 
thin, high-quality plywood sold by hobby stores) but | recommend something 
that looks better and is easier to work with: ABS plastic. Before you start on the 
robotic cart, you may want to check the section “Fundamentals: All about ABS.’ 


FUNDAMENTALS 


All about ABS 


Unless you think the steampunk movement isn’t going back far enough, you 
probably don’t want your autonomous robot cart to resemble a relic from 
before the 1800s. Therefore, wood may not be the best construction material. 
Metal can look nice, but is not easy to work with. For quick results that have a 
twentieth-century look (maybe even a 21st-century look), plastic is the obvious 
choice, and | feel that ABS is the best type of plastic to use, because it provides 
such quick, easy results. ABS stands for “acrylonitrile butadiene styrene.” Lego® 
blocks are made of ABS. Car-stereo installers and model-railroad buffs use it. 
You can use it, too. You can saw it, drill it, sand it, whittle it, and drive screws into 
it, and it won't warp, split, or splinter. It’s washable, doesn't need to be painted, 
and will last almost forever. 


Delrin is another type of plastic, but tends to cost more and is a little tougher 

to drill and cut. It's a matter of personal preference. ABS machines fairly well, 
but when you drill it, for example, it can “catch” on the bit and the piece will 
spin with the bit due to the way that plastic chips off with the bit. Delrin is self- 
lubricating and has better melting properties under the heat of machining, so it 
drills and cuts much more cleanly and easily than ABS. 


Where to find ABS 


Pieces of ABS a couple of feet square are available from online sources such as 
http://hobbylinc.com or estreetplastics (an eBay store), but you'll save money if 
you can truck on down to your nearest plastic supply house and buy it like ply- 
wood, in sheets measuring 4 by 8 feet. To discover whether you have a nearby 
plastic supply house, search for “plastic supply” in your yellow pages or Google 
Local. 


Piedmont Regal Plastics has many supply centers around the nation, but you'll 
have to collect it yourself, and they may not be willing to cut small pieces. You 
can check online at http://www.piedmontplastics.com for their locations. 


Stock colors of ABS include black, white, and “natural,” which is beige. Sheets 
usually are textured on one side, which is the side that should face outward, as 
it is more scratch-resistant than the smooth side. 


Because you won't be adding paint or other finishes, you'll have to be careful 
not to scuff the plastic or scratch it while working. Clean your bench thoroughly 
before you begin, taking special care to remove any metal particles, which tend 
to become embedded in the plastic. Use wooden shims in the jaws of your vise, 
and avoid resting the plastic accidentally on any sharp tools or screws. Working 
with ABS requires a clean environment and a very gentle touch. 
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Cut with Care 


You can saw ABS, but if you use a table saw, the plastic will tend to melt and stick to 
the blade. These smears will get warm and sticky when you feed the next piece of 
plastic into the saw, and the result will be extremely unpleasant. The whirling blade 
will grab the plastic and hurl it at you powerfully enough to break bones. This is 
known as “kickback” and is a very serious risk when sawing plastic. 


If you have extensive experience using a table saw, you are actually more vulnerable, 
because the reflexes and cautions you have developed while dealing with wood will 
not be adequate for working with plastic. Please take this warning seriously! 


Your first and most obvious precaution is to use a plastic-cutting blade, which has 

a larger number of thicker teeth to absorb the heat. The blade | have used is a Freud 
80T, but there are others. If you use a blade that is not suitable, you will see it starting 
to accumulate sticky smears. This is the only warning you will get. Clean that blade 
with a solvent such as acetone, and never use it for ABS again. 


Regardless of other precautions, always wear gloves and eye protection when using 
a table saw, and stand to one side when feeding materials into it. Personally, after 
one episode of kickback that | thought had broken my arm, | prefer not to use a table 
saw on plastic at all. 


For long, straight cuts, the alternatives include: 


+ Panel saw (big and expensive, but safe and accurate). 


« Miniature handheld circular saw with a blade around 4 inches in diameter, 
guided with a straight edge clamped to the sheet. 
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+ Hand saw. This is my old-school preference. My favorite is a Japanese pull-to-cut 
I saw, which makes very clean cuts: the Vaughan Extra-Fine Cross-Cut Bear Saw, 
9-1/2 inches, 17 tpi (teeth per inch). If you use one of these, be careful to keep your 
1 free hand out of the way, as the saw can easily jump out of the cut. Because it is 
! designed to cut hard materials such as wood, it has no difficulty cutting soft flesh. 
Gloves are strongly recommended. 
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Figure S-78. The perils of kickback. Plastic easily sticks to the blade of a table saw, 
which will hurl it at you unexpectedly. Use other tools to cut plastic. 
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Curving Cuts 


Curving cuts involve relatively little danger, although eye protection and 
gloves are still advisable. My preferred tools: 


* Band saw with a 3/8- or 1/4-inch blade designed for thin wood or plywood. 


+ Jigsaw. | have a special liking for the DeWalt XRP using Bosch blades that 
are designed for hardwood or plastic. This will cut complex curves in ABS 
as easily as scissors cutting paper. 


No matter what type of saw you use, you'll have to clean ragged bits of plas- 
tic off the cut afterward, and the absolutely necessary item for this purpose 
is a deburring tool, available from http:/www.mcmaster.com and most other 
online hardware sources. A belt sander or disc sander is ideal for rounding 
corners, and a metal file can be used to remove bumps from edges that are 
supposed to be straight. 


Figures 5-77 through 5-80 show various cutting tools. Figure 5-81 shows a de- 
burring tool, and Figure 5-82 shows a disc sander. 





Figure S-77. A band sawis an ideal too! for 
cutting complex shapes out of ABS plastic. 
You can often find them secondhand for 
under $200. 


Figure 5-78. A handheld circular saw, run- 
ning along a straight-edge, is much safer 
than a table saw for cutting plastic, and 
can produce comparable results. 





Figure 5-80. This DeWalt jigsaw can run at 
very slow speeds, enabling precise and 
careful work with plastic. 


Figure 5-81. A deburring tool will clean and 
bevel the sawn edge of a piece of plastic in 
just a couple of quick strokes. 
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Figure S-78. This Japanese-style saw cuts 
when you pull it, rather than when you 
push it. After some practice, you can use 
it to make very accurate cuts. Because 
ABS is so soft, minimal muscle-power is 


required. 


Figure S-82. A belt sander or disc sander 
is the ideal tool for rounding corners when 
working with ABS plastic. 
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Figure S-83. A Forstner drill bit makes 
clean, precise holes; a large regular drill bit 
will chew up ABS plastic and make a mess. 





Figure S-84. By drilling holes at any 
location where two bends intersect, you 
reduce the risk of the plastic fissuring. 





Figure S-85. Making clean, precise bends 
in ABS is simply a matter of resting the 
plastic over a bender that consists of an 
electric heating element. 
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Making Plans 


| like to use drawing software to create plans, and | try to print them at actual 
scale. | tape them to the smooth side of a piece of white or natural-color ABS, 
then use an awl to prick through the plan into the soft surface beneath. | re- 
move the paper and connect the awl marks by drawing onto the plastic using 
a pencil or a fine-point water-soluble pen. Its lines can be wiped away later 
with a damp cloth. Don’t use a permanent marker, as the solvents that you will 
need to clean it may dissolve the plastic. 


Because ABS will tend to open a fissure when you bend it at any inside corner 
where you don’t have a smooth radius, you need to drill holes at these loca- 
tions, as shown in the cart plans in Figure 5-92 on page 275. 


A regular half-inch drill bit is too aggressive; it will tend to jam itself into the 
plastic within one turn of the drill. Use Forstner bits (shown in Figures 5-83 and 
5-84) to cut nice smooth circles. 


Note that the heat from bending will tend to make any marks on the plastic 
permanent. 


Bending It 


A big advantage of plastic over wood is that you can make complex shapes by 
bending them, instead of cutting separate pieces and joining them with nails, 
screws, or glue. Unfortunately, bending does require an appropriate bender: an 
electric heating element mounted in a long, thin metal enclosure that you place 
on your workbench. The bender | use is made by FTM, a company that offers all 
kinds of neat gadgets for working with plastic. Their cheapest bender, shown in 
Figure 5-85, is just over $200 with a 2-foot element. You can get a 4-foot model 
for about $50 more. Check them out at http://thefabricatorssource.com. 





Avoid Burns While Bending 


A plastic bender will inflict serious burns if you happen to rest your hand on it ac- 
cidentally, and because it has no warning light, you can easily forget that you have 
left it plugged in. Use gloves! 


To bend plastic, lay it over the hot element of a plastic bender for a brief time 
(25 to 30 seconds for 1/8-inch ABS, 40 to 45 seconds for 3/16-inch, and up to a 
minute for 1/4-inch). If you overheat the plastic, you'll smell it, and when you 
turn it over you'll find it looks like brown melted cheese. Naturally you should 
learn to intervene before the plastic reaches that point. 


ABS is ready to bend when it yields to gentle pressure. Take it off the bender 
and bend it away from the side that you heated. If you bend it toward the hot 
side, the softened plastic will bunch up inside the bend, which doesn't look 
nice. 
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NURSING SKILLS 
BLOOD TRANSFUSION/ IV THERAPY 


Lecturer: Mark Fredderick R. Abejo RN, MAN 


Blood Transfusion 


Blood Compatibility 


| Compatibie __|_ Incompatible _ 
| ee ee: ee «P 
| AB 
a 





ATB/AB/O | 
oOo. 


A/B/ AB 
Note: 
Type AB “ Universal Recipient” 
Type O “ Universal Donor” 
Blood Products for Transfusion: 


ad 
Whole Blood Not commonly used except for 
extreme cases of acute 
hemorrhage. 
Replaces blood volume and all 
blood products 
Used to increase the oxygen- 
carrying capacity of blood 
Platelets Replaces platelets in client with 
bleeding disorder or platelet 
deficien 
Fresh Frozen Expands blood volume and 
Plasma provides clotting factor. 
Note: 
Does not need to be typed and 
cross-matched, contains no 
RBCs 


Albumin and Blood volume expander 
plasma protein Provide plasma proteins 
fraction 


Clotting factor and | Used for client with clotting 
cryoprecipitate deficiencies 
Cryoprecipitate also contains 
fibrinogen 








ire.net/MarkFredderickAbeio/blood-transfusioniv-therapv 


You can work with it for about half a minute, and when you have it the way 
you want it, spray or sponge water onto it to make it set quickly. Alternatively, 
if you need more time, you can reheat it. The amount of force necessary to 
bend the sheet increases in proportion with the length of the bend, so a long 
bend can be difficult, and | usually insert it into a loose vise, push it a bit, move 
it along to the next spot, and push it again. 


Because plastic bending is very similar to making shapes in origami, it’s a good 
idea to model your projects in paper before you commit yourself to ABS. 


If you decide that you don’t want to spend money on a bender, don’t aban- 
don plastic just yet—you can use screws to assemble separate sections with 
greater ease and convenience than if you were working with wood. 


Making 90-Degree Joints 


Driving screws into the edge of a piece of plywood will almost always separate 
its layers, but ABS has no layers (or grain, either), and never splits or shatters. 
This means that you can easily join two pieces at 90° using small screws (#4 
size, 5/8-inch long). 


Figures 5-86 through 5-90 show the procedure for joining 1/8-inch (or thicker) 
ABS to 1/4-inch ABS, which | regard as the minimum thickness when you're 
inserting screws into its edge: 


1. Mark a guideline on the thinner piece of plastic, 1/8 inch from its edge. 
For #4 screws, drill holes using a 7/64-inch bit. If you're using flat-headed 
screws, countersink the holes very gently. 


Lf 


Figure 5-88 





2. Hold or clamp the pieces in place and poke a pen or pencil through the 
holes to mark the edge of the 1/4-inch plastic beneath. 


3. Remove the thin plastic, clamp the 1/4-inch plastic in a vise, and drill 
guide holes for the screws at each mark, centered within the thickness of 
the plastic. Because ABS does not compress like wood, the holes must be 
larger than you may expect; otherwise, the plastic will swell around the 
screw. A 3/32-inch bit is just right for a #4 screw. 


4. Assemble the parts. Be careful not to overtighten the screws; it's easy to 
strip the threads that they cut in the soft plastic. 
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Figure 5-88 


: Z 


Figure S-S1. If you have 3D rendering 
software, it can be a great way to test the 
feasibility of a construction project before 
you start cutting materials and trying to 
fit pieces together. This rendering was a 
proof-of-concept for the Little Robot Cart. 
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Figure 5-88. Figures 5-86 through 5-89 
illustrate four steps to join two pieces of 
ABS using #4 sheet-metal screws. Cut 
7/64-inch holes ona line 1/8 inch from the 
edge of the first piece, then mark through 
the holes to the edge of the second piece. 
Drill 3/32-inch holes that are precisely 


Figure S-80. Three #4 screws driven into 
the edge of ABS, using a 1/16-inch guide 
hole, a 5/64-inch guide hole, and a 3/32- 
inch guide hole. respectively Because the 
first two guides holes were too small, the 
plastic swelled around the screw (but did 
not break). 


centered in the edge, then screw the 
pieces together. 


Framing Your Cart 


For reasons that will soon be apparent, I’ve chosen an unusual diamond- 
shaped configuration of wheels. In the rendering shown in Figure 5-91, the 
front wheel (at the far end of the cart) applies power, the rear wheel (at the 
near end of the cart) steers the cart when backing up, and the side wheels 
prevent it from falling over. 


Depending on the type of motor that you buy, you'll have to improvise a way 
to mount it in the front section of the cart. Don't be afraid to use kludges such 
as cable ties, duct tape, or even rubber bands to attach the motor to the frame. 
We're making a rough prototype, here, not a thing of beauty (although if you 
decide you like the cart, you can always rebuild it beautifully later). 


The plan in Figure 5-92 shows the pieces that you will need. Part A is the body 
of the cart. If you're going to bend it from ABS, you should drill half-inch holes, 
with a forstner bit, at the four inside corners, so that these corners have round- 
ed edges. If you simply saw the plastic to make sharp 90° corners, the plastic 
may develop fissures at the corners when you bend it. If you don't have a plas- 
tic bender and don't feel inclined to buy one, you can make Part A from three 
separate rectangles and then screw them together. 
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Figure S-S2. These sections of 1/4-inch plastic can be assembled to create the simple cart 
described in Experiment 31. 


Part B is a wheel, of which you will need four. | cut them using a 3-inch hole 
saw. The front wheel is screwed to whatever disc or arm you obtained to mate 
with the shaft of your motor. See Figure 5-93. 


Parts C, D, and E assemble to form a yoke in which the rear wheel is mounted. | 
used a 2-inch hinge to pivot the yoke. The hinge is mounted on Part F, which is 
a partition located midway in the frame of the cart. The photographs in Figures 
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Figure S-83. A 3-inch wheel is screwed to 
the disc that mates with the drive shaft of 
the motor. 
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Figure S-84. The assembled body of the 
cart, before adding control electronics. 
The wheel at the righthand end will pull the 
cart from left to right. The hinged trailing 
wheel will allow the cart to move ina rela- 
tively straight line when it moves forward, 
but will tend to turn it when it backs up. 





Figure S-85. A closeup of the hinged trailing 
wheel, which rotates freely and can flip 
from side to side with minimal friction. 
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5-94 and 5-95 will help to make this clear. Initially, when you install Part F, use 
only two screws, one each side, so that you can adjust its angle a little. This will 
be necessary to optimize the contact of the wheels with the floor. 


The side wheels and rear wheel must spin freely, but on the other hand, they 
shouldn't wobble. | simply tightened the nuts on the bolts that serve as axles 
for the wheels, until there was maybe half a millimeter of clearance. | added a 
drop of Loctite to stop the nuts from getting loose. 


The plans don't show precisely where to drill holes for the axle bolts, because 
the location will depend on the size of your wheels. You can figure this out as 
you go along. Just make sure that the side wheels aren’t mounted too low. We 
don’t want them to lift the front wheel or the rear wheel off the floor. If the 
side wheels are a fraction higher off the ground than the front and rear wheels, 
that’s good. 


If you have tile or wood floors, your cart may acquire better traction if you 
wrap a thick rubber band around each disc that you use for the drive wheel 
and the steering wheel. 


The most important aspect of the construction is to place microswitches 
where they'll be triggered when the cart runs into something. | placed mine 
at the front corners, as shown in Figures 5-96 and 5-97. And that brings me to 
the electronics. 





Figure S-8& Figure S-87. Two microswitches with metal 
arms are mounted on each side of the 
cart, where they will sense any obstacle. 


The Circuit 


The schematic is very, very simple, with only four principal components: two 
microswitches that sense obstacles in front of the cart, one relay, and one 555 
timer. You will also need a small power switch, a battery or battery pack, and 
a resistor, and capacitors to go with the timer. A trimmer potentiometer will 
allow you to adjust the “on” time of the 555 timer, which will determine how 
long the cart takes to back up. See Figure 5-98. 
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Figure 5-88. This ultrasimple schematic is all the cart needs to enable it to back up when it 
hits an obstacle. 


The motor | chose requires 5 volts, so | had to use a voltage regulator with a 
9-volt battery. If your motor uses 6 volts, you can wire four AA batteries to it 
directly. If you have a 12-volt motor, you can use two 9-volt batteries in series, 
supplying power through a 12-volt voltage regulator. 


Assemble the components, mount them on the cart, and switch it on, and it 
should move forward slowly in a more-or-less straight line. If it moves back- 
ward, reverse your connection to the terminals on the motor. 


When the cart bumps into something, either of the microswitches will con- 
nect negative voltage to the input pin of the 555 timer. This triggers the timer, 
which runs in monostable mode, generating a single pulse lasting about 5 
seconds, which closes the relay, which is wired so that it reverses the voltage 
to the motor. 


When the voltage is reversed to a simple DC motor, it runs backward. So the 
cart backs up. Because the rear wheel is mounted in a yoke that pivots, the 
yoke will tend to flip one way or the other, causing the cart to describe an 
arc as it moves backward. At the end of the timer cycle, the relay relaxes and 
the cart starts moving forward again. In forward mode, the rear wheel just 
follows along without applying any steering force, so the cart tends to follow 
a straight line—until it hits another obstacle, at which point it backs up, and 
tries another path. 
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A FUNDAMENTALS 


All about limit switches 


The most obvious enhancement for your cart would be a better steering 
mechanism. You could use another motor to take care of this, with a pair of limit 
switches. Because limit switches are a basic, important idea in conjunction with 
motors, I'll explain them in detail. 


Figure 5-99 shows three successive views of a motor with an arm attached to it, 
which can press either a lower pushbutton or an upper pushbutton. Both of the 
pushbuttons are normally closed, but will open when pressed by the motor arm. 
These buttons are the limit switches. Typically you would use microswitches for 
this purpose, just like the ones that | suggested as barrier-sensors at the front of 
the cart. 


In addition, there's a DPDT relay that is activated by a simple on/off switch at 
the righthand side. On the cart, the 555 timer takes the place of the on/off 
switch, by feeding power to the relay. 


Suppose that the motor begins with the arm pointing downward, as shown 

in the top view in Figure 5-99, and the motor is wired so that when it receives 
negative voltage at its lower terminal and positive at its upper terminal, it 
rotates counter-clockwise. This is what happens when the on/off switch closes 
and sends power to the DPDT relay. Positive voltage from the relay contacts 
cannot pass through the upper diode, but can pass through the upper limit 
switch, which is closed. Negative voltage cannot pass through the lower limit 
switch, because it’s open, but can pass through the lower diode. So, the motor 
starts to turn counterclockwise. During the midpoint of its arc, it receives power 
through both of the limit switches. 


Finally, the motor arm reaches the upper switch, and opens it. This prevents 
positive voltage from reaching the motor through that switch, and the positive 
voltage is also blocked by the upper diode. So, at this time, the motor stops. 


Now suppose that the on/off switch is opened, as in the top view in Figure 
5-100. The relay loses its power, so its contacts relax. The voltage to the motor is 
now reversed. Negative voltage passes through the upper diode, while positive 
voltage reaches the motor through the lower limit switch. The motor starts 
running clockwise, until its arm hits the lower switch, opening it and cutting off 
power to the motor. 


Limit switches are necessary, because if you continue to apply voltage to a 
simple DC motor that is unable to turn, the motor sucks more current, gets hot, 
and may burn out. 


You can easily see how this kind of system could be used to control the cart’s 
steering. Even though the motor has only two positions, these are sufficient to 
make the cart turn when going backward, and proceed straight ahead when 
going forward. 


To reduce power consumption, the DPDT relay could be replaced with a two- 
coil latching relay. The circuit would then have to be revised so that the relay is 
flipped to and fro by a pulse to each of its coils. 
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All about limit switches (continued) 


























Figure 5-88. The three diagrams, from top to bottom, show Figure 5-100. When the on/off switch at bottom-right opens, 
three snapshots of a motor controlled by a DPDT relay and the relay connects its upper contacts. This causes the motor 
two limit switches. When the on/off switch at bottom-right to run clockwise until its arm opens the lower limit switch. 
sends power to the relay, the lower relay contacts cause the Limit switches avoid the overheating and possible damage 
motor to run counterclockwise until it stops itself as its arm that are likely when power is delivered to a motor that is 
opens the upper limit switch. prevented from turning. 
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FUNDAMENTALS 


All about motors 


Brushed DC motor 
This is the oldest, simplest design for an electric motor, 
shown in very simplified form in Figure 5-101. Coils are 
attached to a shaft where they can interact with sta- 
tionary magnets around them. The magnetic attraction 
turns the shaft a little, at which point the next coil on 
the shaft is energized to turn the shaft a little more, and 
then the next coil—and so on. To make this happen, 
electricity has to be fed into the coils by “brushes,’ often 
consisting of soft carbon pads that conduct power to 
a hub, known as a commutator, divided into sections, 
each of which is connected to a separate coil. 


This basic design has several advantages if we want to 
build a small motorized gadget, such as a miniature 
robot or even a model airplane: 


Widely available 

Low cost 

Simple 

Reliable 

Will run in reverse when voltage reverses 


In addition, brushed motors are often sold with reduc- 
tion gearing built in. Such units are known as gearhead 
motors or gear motors. They free you from the need to 
use your own gears or belts to adjust the output speed 
yourself. You simply choose the motor that fits your 
specification. 


DC stepper motor 
This requires a controller, consisting of some electron- 
ics to tell the motor to rotate its shaft in small, discrete 
steps. The advantages of a stepper motor are: 


+ Precise positioning of the shaft 
+ Precise speed adjustment 


Stepper motors are ideal for devices such as computer 
printers, where the paper has to roll up by a precise 
distance and the print head has to move laterally by 

an equally precise distance, but they are also useful in 
robots. If the motor is small enough to draw less than 
200mA and will run on 12 volts or less, you can control 
it with pulses from a 555 timer. I'll describe stepper mo- 
tors in more detail in Experiment 33. 


Servo motor 
This is generally used in conjunction with a program- 
mable microcontroller, which sends instructors to 
rotate the motor shaft to a specific position and then 
hold it there. I'll mention servo motors when | intro- 
duce you to microcontrollers, but we won't be dealing 
with them in detail. 


Other types of motors exist, including brushless DC motors 
(which require a different type of controller and are found 
in computer disk drives and CD players), and AC motors 
(including synchronous motors, which synchronize their 
rotation with the frequency of AC voltage, and were used 
extensively in clocks, before clocks mostly became digital). 


In this book, I'll be talking mostly about brushed DC motors 
and DC stepper motors. 


Coil 


a Magnet 


Commutator 


Brushes 


Figure S-101. The basic principle of a simple DC motor. The 
commutator passes electricity through a coil, creating a mag- 
netic field that interacts with a magnet around the motor. The 
coil turns, and the commutator turns with it, until the electric 
field through the coil is reversed. This causes the process to re- 
peat. In reality, a motor is likely to have a commutator formed 
from multiple segments, connected with multiple coils. The 
principle, however, remains the same. 
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Take-home messages from this experiment include the following: 


* You can buy simple DC motors with reduction gearing built in, providing 
your choice of RPM. Literally hundreds of websites will sell you small mo- 
tors for robotics projects. 


+ When you reverse the voltage to a DC motor, the motor runs in reverse. 


- ADPDT relay can be wired so that when it closes its contacts, it reverses a 
power supply to a motor. 


+ Youcan use two limit switches and a pair of diodes to stop a motor at two 
positions. In each of its stopping positions, the motor consumes no power 
and you won't have the risk of it burning out. 


What other projects can you imagine using this simple set of techniques? 


Mechanical Power 


In the United States, the turning force, or torque, of a motor is usually mea- 
sured in pound-feet or ounce-inches. In Europe, the metric system is used to 
measure torque in dynes. 


A pound-foot is easy to understand. Imagine a lever pivoted at one end, as 
shown in Figure 5-102. If the lever is one foot long, and you hang a one-pound 
weight at the end of it, the turning force is one pound-foot. 


One foot 


a 









Rotational 
force 
(torque) 
of one 
pound-foot 


1 Ib. weight 


Figure 5-102. The rotational force created by a motor is known as “torque,” and in the 
United States it is measured in pound-feet (or ounce-inches, for small motors). In the 
metric system, torque is measured in dynes. Note that the torque created by a motor will 
vary according to the speed at which the motor is running. 
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FUNDAMENTALS 


Wire gauges 


If you're going to power larger motors, or AWG Diameter Ohms Feet Maximum 
other components that take more current than in per per amps 


LEDs or small relays, you really need to know inches 1,000 ft ohm (insulated) 
about wire gauges. In particular, what's the 
relationship between wire thickness and AWG 
(American Wire Gauge)? And what gauge of 
wire should you use for any given current? 


0.46 0.049 20,400 225 


You can find numerous charts and tables if you 0.41 0.062 16,200 200 


go online, but many of these sources con- 
tradict each other, especially on the topic of 
how much current is safe to run through each 
gauge of wire. 


0.365 0.078 12,800 175 


0.325 0.098 10,200 150 
After making several comparisons (and testing 
some wire samples myself), I've compiled the 
table in Figure 5-103, which | recommend as a 
compromise. Note the following: 


0.289 0.124 8,070 125 


0.258 0.156 6,400 100 


+ This table applies to solid-core copper 
wire. 
For stranded wire, or copper that has 
been tinned (giving it a silver appear- 
ance), the number of ohms per foot will 
increase, the number of feet per ohm will 
decrease, and the maximum amperage 
will decrease, probably by around 20%. 


0.229 0.197 5,080 90 
0.204 0.249 4,020 80 
0.182 0.313 3,190 70 
0.162 0.395 2,510 60 
0.144 0.498 2,010 51 
0.128 0.628 1,590 44 
0.102 0.999 1,000 32 
0.081 1.59 630 23 
0.064 2.53 396 

0.051 4.02 249 

0.04 6.39 157 


The maximum amperage assumes that the 
wire is insulated, preventing it from radiating 
heat as effectively as a bare conductor. | am 
also assuming that the wire is likely to be at 
least partially enclosed, inside a box or cabi- 
net. At the amperages listed for each gauge of 
wire, you should expect the wire to become 
noticeably warm, and personally | would tend 
to use thicker wire instead of the maximums 
indicated in the table. . 0.032 10.2 99 


Most tables of this type only tell you the resis- . 0.025 16.1 62 
tance of each gauge of wire in ohms per 1,000 ‘ 0.02 25.7 39 
feet. | have included that number but have 

also expressed the function the other way ; 0.016 40.1 25 
around, as the number of feet per ohm, as this ; 0.013 64.9 15 


doesn't require you to do so much arithmetic 
with decimals. 0.010 103.2 10 


Figure 5-103. American wire gauges (AWG) and their properties. 
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Cannula Sizes 


¢ 16 and 14 gauge » ~. gauge (Pink) 

(Orange and Grey) — Most commonly used 

— Used in high risk — Suitable for non- 
surgical procedures emergent blood 

— Requires a large vein transfusions 

- 18 gauge (Green) » 22 gauge (Blue) 

— Used in trauma, — Older adults 
surgery, blood — Suitable for slow 
transfusions, and for speed infusions 
CT scan with dye 


gauge (Yellow) 


— Used in pediatrics or 
elderly adults 


— Requires a large vein 
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Calculating voltage drop 


Another fact that you often need to know is how much of 

a voltage drop a particular length of wire will introduce in 

a circuit. If you want to get maximum power from a motor, 
you don't want to lose too much voltage in the wires that go 
to and from the motor. 


Voltage drop is tricky, because it depends not only on the 
wire, but also on how heavily the circuit is loaded. Suppose 
that you are using 100 feet of 22-gauge wire, which has a 
resistance of about 1.5 ohms. If you attach it to a 12-volt 
battery and drive an LED and a series resistor offering a total 
effective resistance of about 1,200 ohms, the resistance of 
the wire is trivial by comparison. According to Ohm's Law: 


amps = volts / ohms 


so the current through the circuit is only about 10mA. 
Again, by Ohm's Law: 
volts = ohms x amps 


so the wire with resistance of 1.5 ohms imposes a voltage 
drop of 1.5 x 0.01 = 0.015 volts. 


Now suppose you're running a motor. The coils in the mo- 
tor create impedance, rather than resistance, but still if we 
measure how much current is going through the circuit, we 
can establish its effective resistance. Suppose the current is 
1 amp. Repeating the second calculation: 


volts = ohms x amps 


So the voltage drop in the wire is now 1.5 x 1 = 1.5 volts! 
This is illustrated in Figure 5-104. 


Bearing these factors in mind, | have compiled a table for 
you. I’ve rounded the numbers to just two digits, as varia- 
tions in the wire that you use make any pretense of greater 
accuracy unrealistic. 


To use this table, you need to know how much current is 
passing through your circuit. You can calculate it (by adding 
up all the resistances and dividing it into the voltage that 
you are applying) or you can simply measure the current 
with a meter. Just make sure that your units are consistent 
(all in ohms, amps, and volts, or milliohms, milliamps, and 
millivolts). 


In the table, | have arbitrarily assumed a length of 10 feet 
of wire. Naturally you will have to make allowances for the 
actual length of wire in your circuit. The shorter the wire, 
the less the loss will be. A circuit with only 5 feet of wire, 


and the same amperage and voltage, will suffer half of the 
percentage loss shown in the table. A circuit with 15 feet 
of wire, and the same amperage and voltage, will suffer 1.5 
times the percentage loss. So, to use the table: 


1. Divide your length of wire by 10. (Make sure that you 

measure the length in feet.) 

2. Use the result to multiply the number in the table. 
The table also arbitrarily assumes that you have a 12-volt 
supply. Again, you will have to make allowances if you are 
using a different voltage. So, to use the table: 

1. Divide 12 by the actual voltage of your power supply. 

2. Use the result to multiply the number in the table. 


| can summarize those two steps like this: 
Percent voltage lost = P x (12/V) x (L/ 10) 


where P is the number from the table, V is your power- 
supply voltage, and L is the length of your wire. 


Effective 
resistance 
10.5 ohms 


Effective 
resistance 
1200 ohms 











22 gauge wire 
1.5 ohms 
22 gauge wire 
1.5 ohms 


Approx. 10 mA current 
15mV voltage drop 


Approx. 1A current 


Figure 5-104. The voltage drop imposed by wiring will depend 
on the current and the resistance in the circuit. The drop will 
be greatest when the resistance of the circuit is low and the 
amperage is high. 
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Calculating voltage drop (continued) 
This table shows the percent voltage lost in a circuit with 10-foot wire at 12 volts. 


Amperes 





























Remember, though, that the wire resistance will be higher if you are using stranded copper wire or tinned copper wire, and 
this will increase the percentage of voltage lost. 
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Time now to build something more sophisticated: a cart that orients itself to- 
ward a light source. I’m going to tell you all you need to get started on this 
project, but this time | won't go all the way to the end in exhaustive detail. | 
want you to get into the habit of figuring out the details, improving on plans, 
and eventually inventing things for yourself. 


You will need: 
+ 555 timers. Quantity: 8. 
+ Trimmer potentiometer, 2K linear. Quantity: 2. 


« LEDs. Quantity: 4. If you get tired of using series resistors to protect LEDs in 
a 12-volt circuit, consider buying 12-volt LEDs such as Chicago Miniature 
606-4302H1-12V, which contain their own resistors built in. However, the 
schematic in Figure 5-108 assumes that you will use regular 2V or 2.5V LEDs. 


+ Stepper motor: Unipolar, four-phase, 12-volt. Parallax 27964 or similar, 
consuming 100mA maximum. Quantity: 2. 


- Photoresistors, ideally 500 to 3,0000 range. Quantity: 2. 
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«+ ULN2001A or ULN2003A Darlington arrays by STMicroelectronics. 
Quantity: 2. 


* CMOS octal or decade counter. Quantity: 2. 


+ Various resistors and capacitors. 


Exploring Your Motor 


I've specified a unipolar, four-phase, 12-volt motor because this is a very com- 
mon type. A typical sample is shown in Figure 5-105. If you can't easily find 
the one that I've listed, you should feel safe in buying any other that has the 
same generic description. “Unipolar” means that you don't have to switch the 
power supply from positive to negative and back to positive again, to run the 
motor. Four-phase means that the pulses that run the motor must be applied 
in sequence to four separate wires. Because you will be running your motor 
directly from 555 timers, the lower its power consumption, the better. 


First, though, we can apply voltage to the motor without using any other com- 
ponents at all. Most likely it will have five wires already attached, with the ends 
stripped and tinned, so that you can easily insert them into holes in a bread- 
board, as shown in Figure 5-106. Check the data sheet for your motor; you 
should find that four of the wires are used to energize the motor and turn it in 
steps, while the fifth is the common connection. In many cases, the common 
connection should be hooked to the positive side of your power supply, while 
you apply negative voltage to the other four wires in sequence, one step at a 
time. 


The data sheet will tell you in what sequence to apply power to the wires. You 
can figure this out by trial and error if necessary. One thing to bear in mind: a 
stepper motor is very tolerant. As long as you apply the correct voltage to it, 
you can’t burn it out. 


To see exactly what the motor is doing, stick a piece of duct tape to the end of 
the shaft. Then apply voltage to wires, one at a time, by moving your negative 
power connection from one to the next. You should see the shaft turning in 
little steps. 


Inside the motor are coils and magnets, but they function differently from 
those in a DC motor. You can begin by imagining the configuration as being 
like the diagram in Figure 5-107. Each time you apply voltage to a different 
coil, the black quadrant of the shaft turns to face that coil. In reality, of course, 
the motor turns less than 90° from one coil to the next, but this simplified 
model is a good way to get a rough idea of what's happening. For a more pre- 
cise explanation, see the upcoming section “Theory: Inside a stepper motor.’ 


Bear in mind that as long as any of the wires of the motor are connected, it 
is constantly drawing power, even while sitting and doing nothing. Unlike a 
regular DC motor, a stepper motor is designed to do nothing for much of the 
time. When you apply voltage to a different wire, it steps to that position and 
then resumes doing nothing. 
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Figure 5-105. A typical stepper motor. The 
shaft rotates in steps when negative pulses 
are applied to four of the wires in sequence, 
the fifth wire being common-positive. 


12V DC 





Figure S-108. The simplest test of a step- 
per motor is to apply voltage manually 

to each of its four control wires, while a 
piece of duct tape, attached to the output 
shaft, makes it easy to see how the motor 
responds. 
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Figure 5-107. This greatly simplified 
diagram helps in visualizing the way in 
which a stepper motor works. In reality, 
almost all motors rotate by less than 90° in 
response to each pulse. 
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The coil inside the motor is holding the shaft in position, and the power that 
the motor draws will be dissipated as heat. It’s quite normal for the motor to get 
warm while you're using it. The trouble is, if you use a battery to power it, and you 
forget that you have it connected, the battery will not hold its charge for long. 


Quick Demo 


Now that you've proved that your motor is functional, how can you actually 
run it? You need to send a pulse to each of the four wires in turn, in a rapidly 
repeating sequence. If you can also adjust the speed of the pulses, so much 
the better. I’m thinking that for a quick and simple demo, you can handle the 
challenge simply by using four 555 timers, all of them in monostable mode, 
with each one triggering the next. 


The schematic in Figure 5-108 shows what | have in mind. It looks more com- 
plex than it really is. Each timer has the same pattern of components around it, 
so after you create the first module, you just make three copies of it. 
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I've used a 10K resistor to pull up the input to each 555, so that the timers are 
naturally in their quiescent state. A 0.01 uF capacitor links the output from one 
timer to the input of the next so that they are electrically isolated from each 
other, and the capacitor just conveys a “spike” of voltage when one timer fin- 
ishes its “on” cycle, and its output goes low, which triggers the next. 


On the righthand side, I've used 10K resistors and 22 uF capacitors to generate 
a cycle of about a quarter of a second—except that the topmost timer has a 
8K2 timing resistor. The reason for this is that when power is first applied, the 
timers will all be waiting for each other to begin, and timers 2 and 4 or 1 and 
3 may fire together. By giving one timer a shorter cycle than the others, | mini- 
mize this problem. 


The LEDs are included just to give you some visual verification of what's hap- 
pening. Without them, if you make a wiring error, the motor may turn to and 
fro erratically, and you won't know why. Initially you can run your circuit with 
only the LEDs connected, just to make sure it works. Figure 5-109 shows the 
breadboarded circuit before the motor is plugged in. Then add the motor by 
plugging its wires into the breadboard, where you'll make connection with the 
outputs (pins 3) of the timers. See Figure 5-110. 


Apply power, and you should see the motor turning in steps, in sequence with 
the LEDs. If the LED sequence isn’t stable: 


1. Connect a wire directly from the input (pin 2) of the topmost timer to the 
positive side of the voltage supply, and wait for the timers to calm down. 


2. Restart the sequence by disconnecting the free end of this wire, or (if nec- 
essary) touch the free end of it briefly to the negative side of the supply, 
to trigger the first timer. 


One thing you may have noticed, if you’re paying very close attention: the 
common terminal of the motor is connected to positive. Therefore, when each 
timer flashes positive, that positive signal isn’t actually powering the motor. 
The /ow outputs from the three timers that are not firing at any given moment 
are sinking current from the motor. It seems quite happy with this arrange- 
ment. You'll need some theory to understand why. 
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Figure 5-108. To test the control circuit for 
errors, four LEDs show the outputs from 
the four 555 timers. The loose yellow wire 
at the righthand side connects to pin 2 

of the first timer. Touch the free end of 

this wire to the positive side of the power 
supply to reset the timers, and then, if nec- 
essary, make a brief negative connection 
with the free end of the wire to restart their 
sequence. 





Figure S-110. After the circuit has been 
tested, the motor can be added by hook- 
ing its control wires to the outputs of the 
four 555 timers. 
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THESRY 


Inside a stepper motor 


If you check the Wikipedia entry for stepper motors, you 
may see a very nice 3D rendering showing a toothed rotor 
and four coils arrayed around it. Maybe stepper motors 
used to be manufactured like this once upon a time, but not 
anymore. 


Imagine two horizontal rows of coils. In the space between 
them is a series of little magnets, like a freight train, that 
can move left or right, as shown in Figures 5-111 and 
5-112. Each coil has two windings, in opposite directions, 
so that current through one winding will create an upward 
magnetic force while current through the other will create 
a downward force. Each row of windings is connected in 
parallel, so that they switch on and off simultaneously. 


In Step 1, the negative connection energizes the upper 
windings of the upper coils, which creates an upward mag- 
netic force. I've shown this force using blue-green arrows so 
that you won't mistake it for a flow of electricity. It so hap- 
pens that this force attracts the north poles of the magnets 
and repels the south poles, so if the magnets begin in the 


Figure S-111. This sequence shows the first two steps as the rotor 
of a stepper motor (shown as a series of north-south magnets) 
moves in response to pulses through electromagnets. 


position shown in Step 1, they will want to move one step 
to the right. 


This brings them to the position shown in Step 2. Now the 
upper windings of the lower coils are energized, and again, 
this produces an upward force, which again attracts the 
north poles and repels the south poles. 


This advances the magnets to their location in Step 3. 

Now the lower windings of the upper coils are energized, 
producing a downward force. This repels the north poles of 
the magnets and attracts their south poles. So the magnets 
keep moving. 


They reach the position shown in Step 4. The lower wind- 
ings of the lower coils are energized, producing a downward 
force which continues to attract the south poles while 
repelling the north poles. So the magnets move a final step 
to the right—which leaves them in the same orientation 
shown in Step 1. And the process can repeat all over again. 


Figure 5-112. After taking another two steps, the motor will be 
back where it started at Step 1 in Figure 5-111. 
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Inside a stepper motor (continued) 


In reality, the magnets are not separate from each other. 
The edge of a rotor is magnetized in zones that alternate 
between south and north polarity. And instead of multiple 
coils, there are just four windings that go around all the 
magnetic cores. But the principle is exactly the same. The 3D 
rendering gives a general idea, and the photograph shows 
what | found when I cracked open a typical stepper motor. 


Now bear in mind that when this device is driven by a set of 
555 timers, we don't just connect negative to one wire at a 
time on the left, leaving the others floating. In reality, at any 
given moment, three of the timers have a negative output 
and the fourth has a positive output. The last diagram in 
Figure 5-112 shows this situation. 


Suppose the top wire is positive while the other three are 
negative, as shown in Figure 5-113. The positive output 
does nothing, because it is balanced by the positive power 
on the other end of the coils. The two negatives attached to 
the bottom set of coils create equal and opposite forces that 
cancel each other out (while wasting some power). So the 
net result is the same as in Step 3. 


In fact, you should find that you can disconnect the com- 
mon wire completely while using the stepper motor with 
555 timers, and the motor will still turn, because one of 

the timers is providing positive power while the others are 
negative. In fact, you'll be running them more efficiently this 
way. 


Figure S-113. When the motor is driven by four 555 timers, they 
are activating it by sinking positive voltage from it. The interior 
workings of the motor look something like this. It’s not the 
most efficient way to do the job. 


Figures 5-114 and 5-115 may help to give you a clearer idea 
of what the motor actually looks like inside. 


Figure S-114. This 3D rendering gives a better idea of what a 
typical stepper motor looks like inside. The copper coils and 
gray cylinders are stationary, while the black disc rotates 
between them. 


Figure 5-115. When a stepper motor is broken open, this is 

what you're likely to find. On the left, the rotor of the motor, 
which has a magnetized band around its circumference, is still 
attached to the lower half of the casing. On the right, the upper 
half of the casing has been opened, and the coil has been re- 
moved (actually the winding you can see consists of two coils, 
wound in opposite directions). The spikes are the magnetic 
cores that exert force on the rotor. 
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Speed Control 


If you are a truly exceptionally observant, you may have noticed that | left pin 5 of 
each of the timers unconnected in the schematic for driving the stepper motor in 
Figure 5-108. Normally, pin 5 should be grounded through a capacitor to prevent 
it from picking up stray voltages which can affect the accuracy of the chip. 


| left the pins unconnected because | had a plan for them. In fact, changing the 
timing of the chip is exactly what we want to do now, as a way to change the 
speed of the stepper motor. 


If you tie pin 5 of all four timers together, as shown in Figure 5-116, and put 
a 2K trimmer potentiometer (shown in Figure 5-117) between them and the 
negative side of the power supply, you'll find that as you turn the trimmer 
to reduce its resistance, the timers start to run faster. Figure 5-118 shows the 
breadboard layout. Eventually, when the resistance goes below around 150 
ohms, everything stops. The LEDs go dark, because you've reduced the volt- 
age on pin 5 below the threshold level that the 555 timer finds acceptable. 


+t sa: 








Figure S-117. Close-up of a trimmer potentiometer 
with pins spaced at 1/10 inch for insertion in a 
breadboard or perforated board. The brass screw, 
at top-left, turns a worm gear inside the unit, al- 
lowing precise adjustment of internal resistance. 





























| 
Figure 5-116. To adjust the speed of the sequence of 555 timers, their control pins (pin a 
5 on each timer) are linked together and attached to a trimmer potentiometer that Figure S-118. The trimmer potentiometer has been 
adjusts the resistance between the pins and the negative side of the power supply. added to the circuit, allowing motor speed control. 
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Initially | suggested a step time of 1/4 second just so that you could see what 
was happening. When you're actually using this circuit, you'll never need it to 
run as slowly as that. So you can increase the entire range of speeds. Remove 
the 22 uF timing capacitors and substitute, say, 4.7 uF capacitors, or smaller. 
Now when you adjust the potentiometer, you'll get a useful range of speed. 


Adding Autonomy 


Currently, the circuit simply does what you tell it to do. The next step is to 
make it autonomous—in other words, give it the illusion of making up its own 
mind. I'm thinking that instead of a trimmer potentiometer, we could substi- 
tute a photocell, properly known as a photoresistor. Typically, the resistance of 
a cadmium sulfide photo resistor is highest in the dark, and lowest when light 
shines on it. 


One problem with photoresistors is that they're not as widely available as 
many other types of electronic components. If you search Mouser.com, for 
instance, you'll find virtually nothing. Partly this is because the online search 
function at Mouser is the weakest feature of the site, and partly it’s because 
Mouser is not oriented toward hobbyists. What you need to do is conduct a 
“product search.’ Go to http://www.google.com/products, enter the search terms 
“CdS" and “photocell,” and you'll find a bunch of cheap cadmium sulfide com- 
ponents from places you may never have heard of. 


Because photoresistors seem to come and go as erratically as DC motors, |am 
not offering any part numbers. You can buy any product that has an appropri- 
ate minimum resistance (in bright light) and maximum resistance (in the dark). 
If you find a component that ranges from 500 to 3,000Q, that would be a good 
choice. If the only ones you can find have a higher minimum than 5000, you 
could consider putting a couple of them in parallel. 


Setting Up Your Light Seeking Robot 


Why would you want to control the speed of a stepper motor by using a photo 
resistor? Because the original objective was to build a robot that is attracted 
to light. 


The idea is simple enough: use two stepper motors, each controlling the 
speed of one wheel of the cart. Use two photoresistors, each controlling the 
speed of the opposite stepper motor. When the righthand photoresistor picks 
up more light, its resistance lowers, causing the lefthand set of timers to run 
faster, which will make the lefthand wheel run faster. Thus, the cart will turn 
toward the light. Figure 5-119 illustrates the concept. 


Before you start wiring more 555 timers, though, you might consider doing 
the job with a more appropriate component. The ULN2001A and ULN2003A 
are chips containing Darlington amplifiers specifically designed to deliver cur- 
rent to inductive loads such as solenoids, relays, and (you guessed it) motors. 
Each chip has seven inputs that require very little current, and seven outputs 
that can deliver 500mA each. The inputs are TTL and CMOS compatible (the 
2001A has a wider tolerance for voltages than the 2003A) and each channel of 
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Photo- 
Resistors 






555 Timers 


Stepper 
Motors 


555 Timers 


Figure S-118. /f two photoresistors control 


the speed of two 555-timer arrays, the 
difference in speed between one wheel 


and the other can turn the cart toward a 


light source. 
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Photo- 
Resistors 







555 Timer 555 Timer 
Counter Counter 


Amplifier Amplifier 


Stepper 
Motors 


Figure 5-120. A more efficient way to drive 
the motors is to use just one timer to set 
the speed of each, with a counter and 
amplifier (such as a Darlington array chip) 
sending the pulses down the wires. The 


principle is still the same, though. 


Figure S-121. This 3D rendering shows a 
possible configuration of the light-seeking 
cart, with two photoresistors enclosed in 
small tubes to restrict their response to 
light. 
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the chip functions as an inverter, so that when the input goes high, the output 
goes low and sinks current. This is of course just what we need for our stepper 
motor that has acommon positive connection. 


The ULN2001A is only an amplification device, so you have to precede it with 
a counter that runs from 1 to 4 and then repeats. You can stick with your 555 
timers, as you've already assembled them, or substitute almost any CMOS oc- 
tal or decade counter that sends its output pulses to a series of pins. Just use 
the output from the fifth pin as the “carry” output to restart the counting se- 
quence. | suggest a CMOS counter simply because it will run on 12 volts, so 
you can use the same power supply that suits your stepper motors. 


If you switch to CMOS counters, you will still need a pair of 555 timers send- 
ing pulses to the counters. The timers will be free-running in astable mode, 
and your photoresistors will control their speed. Figure 5-120 shows the 
configuration. 


One last item: you'll need a 12-volt battery. You can of course put eight AA cells 
together, but | think you should consider a rechargeable pack from a source 
such as http://www.all-battery.com, which has a section entirely devoted to “ro- 
bot batteries.’ 


If you put it all together, you should find that when you place your robot cart in 
a very dimly lit room, it will turn toward the beam from a bright, well-focused 
flashlight. To get reliable results, you may have to recess each of the photo- 
resistors in little tubes, so that they receive much more light when they face 
your flashlight than when they face away from it. Figure 5-121 is a 3D render- 
ing of the concept. 


Another idea is to rewire your cart so that it actually runs away from the light. 
Can you imagine how this might be done? 


Just one more thought: if you use infrared photoresistors, you can control your 
cart with beams from infrared LEDs, in normal room lighting. If you and a cou- 
ple of friends all have infrared transmitters, you can get your cart to run from 
one of you to the next, like an obedient dog. 


This takes us about as far as I'm going to go into robotics. | urge you to check 
out the sites online if you want to pursue the topic further. You can also buy a 
wide variety of robot kits, although of course | feel that it’s more fun to invent 
or develop things for yourself. 


All that’s left now is to perform one last introduction: to a device that should 
make your life much easier, even though the device is much more complicated 
than anything we have dealt with so far. 
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Experiment 34: Hardware Meets Software 


Throughout this book, in accordance with the goal of learning by discovery, | 
have asked you to do an experiment first, after which I’ve suggested the gen- 
eral principles and ideas that we can learn from it. | now have to change that 
policy, because the next experiment involves so much setup that it’s only fair 
to tell you what to expect before you begin the preparations. 


We are about to enter the realm of controller chips, often known as MCUs, 
which is an acronym for micro controller unit. An MCU contains some flash 
memory, which stores a program that you write yourself. The flash memory is 
like the memory in a portable media player, or the memory card that you use 
in a digital camera. It needs no electricity to power it. In addition, the chip has 
a processor which carries out the instructions in your program. It has RAM to 
store the values of variables on a temporary basis, and ROM, which tells it how 
to perform tasks such as sensing a varying voltage input and converting it into 
digital form for internal use. It also contains an accurate oscillator, so that it 
can keep track of time. Put it all together, and it’s a tiny computer that you can 
buy for under $5. 


Let's suppose that you have a greenhouse where the temperature must never 
fall below freezing. You set up a temperature sensor, and you have two dif- 
ferent heaters. You want to switch on the first heater if the temperature falls 
below 38° Fahrenheit. But if, for some reason, that heater is broken, you want 
to switch on the second, backup heater when the temperature goes below 36° 
Fahrenheit. 


Programming a MCU to take care of this can be very simple indeed. You could 
even add extra features, such as a second temperature sensor, just in case the 
first one fails, and you could tell the chip to use whichever sensor gives a lower 
reading. 


Another application for a MCU would be in a fairly elaborate security system. 
The chip could monitor the status of various intrusion sensors, and can take 
various preprogrammed steps, depending on the sensors’ status. You could 
include delay intervals, too. 


Many MCUs have additional useful features built in, such as the ability to con- 
trol servo motors that turn to a specific angle in response to a stream of pulses. 
Servos are widely used in radio-controlled model boats, airplanes, and hobby 
robotics. 


Perhaps you are now wondering why, if MCUs can do all this, haven't we been 
using them all along? Why did | spend so much time describing the develop- 
ment of an alarm system using discrete components, if one chip could have 
done everything? 
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There are three answers: 


1. MCUs cannot do everything. They need other components to help them 
interact with the world, such as transistors, relays, sensors, and amplifiers. 
You need to know how those things work, so that you can make intel- 
ligent use of them. 


2. MCUs can introduce their own kinds of problems and errors, associated 
with using software in addition to hardware. I'll have more to say about 
this later. 


3. MCUs have limits and restrictions, most obviously their requirement for a 
5-volt regulated power supply, and their inability to source or sink much 
current from each pin. They also demand that you learn a programming 
language (which differs from one brand of MCU to the next). And to get 
the program into the chip, you have to be able to plug it into a computer 
and do a download, which is not always convenient. 


In this experiment, you'll learn how to write a program for a small and simple 
MCU, and you'll transfer the program into it and see how it works. 


Origins of programmable chips 


In factories and laboratories, many procedures are repetitive. A flow sensor may 
have to control a heating element. A motion sensor may have to adjust the 
speed of a motor. Microcontrollers are perfect for this kind of routine task. 


A company named General Instrument introduced an early line of MCUs in 1976, 
and called them PICs, meaning Programmable Intelligent Computer—or Pro- 
grammable Interface Controller, depending which source you believe. General 
Instrument sold the brand to another company named Microchip Technology, 
which owns it today. 


“PIC” is trademarked, but is sometimes used as if it's a generic term, like Scotch 
tape. In this book, I’ve chosen a range of controllers based on the PIC architec- 
ture. They are licensed by a British company named Revolution Education Ltd., 
which calls its range of chips the PICAXE, for no apparent logical reason other 
than that it sounds cool. 


| like these microcontrollers because they were developed originally as an edu- 

cational tool and because they are very easy to use. They’re cheap, and some of 
them are quite powerful. Despite their odd name, | think they’re the best way to 
get acquainted with the core concepts of MCUs. 


After you play with the PICAXE, if you want to go farther into MCUs, | suggest 
the BASIC Stamp (which uses a very similar language, but with additional pow- 
erful commands) and the very popular Arduino (which is a more recent design, 
packed with powerful features, but requires you to learn a variant of C language 
to program it). I'll say more about these chips later. 


If you search for “picaxe” on Wikipedia, you'll find an excellent introduction to 
all the various features. In fact, | think it's a clearer overview than you'll get from 
the PICAXE website. 
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Supplies 


Figure 5-122 shows some of the chips in the PICAXE range. I'll be telling you 
how to use the smallest—the 08M—which costs less than $5 and is cheaper 
than any other MCU that I've found. It has only 256 bytes of memory to store a 
program (not gigabytes, megabytes, or kilobytes, just 256 bytes!), but you'll be 
surprised how many possibilities this amount allows for. Figure 5-123 shows 
a closeup of the 08M with its legs safely embedded in a piece of conductive 
foam. 


In the United States, there are three distributors of this chip: 
« http://www.advancedmicrocircuits.com 
+ http://www.phanderson.com/picaxe 
+ Attp://www.sparkfun.com 


| like P.H. Anderson for its grass-roots hobbyist approach, and they have good 
prices if you want to buy multiple chips. But SparkFun Electronics offers other 
associated products that you may find interesting. 


All the distributors will want to sell you “starter kits,’ such as the one in Figure 
5-124, perhaps because the PICAXE itself is so cheap that it doesn’t offer much 
of a profit margin. Still, for our purposes, you should buy the chip as a stand- 
alone item. And buy two of them, just in case you damage one (for example, 
by connecting voltage to it incorrectly). 





Figure S-123. When supplied by one of its 
American distributors, a PICAXE 08M 
arrives embedded in a little square of 
conductive foam. The chip is the same size 
as a 555 timer but has the power of a tiny 
computer. 


Figure S-124. A typical PICAXE kit includes 
a printed circuit board, which you may not 
really need, and some other not-entirely- 
essential items. But the 3.5-mm stereo 
jack socket (top, center) is absolutely 
necessary. 


To download your programming instructions into the chip, first you'll type the 
instructions on a computer, and then you'll feed them through a cable into 
the PICAXE memory. So you'll need to buy a cable, and you'll need software to 
help you to write the program. 
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Titiiith 
; 





Figure S-122. A page from the PICAXE cata- 
log lists only some of the chips that are 
available. What began as an educational 
aid has become a useful prototyping tool. 
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Figure 5-125. The USB download cable 
made for use with the PICAXE terminates 
ina3.5-mm audio plug. This should not be 
inserted in any audio device. It establishes 
a serial connection with a computer, allow- 
ing program code to be downloaded into 
the chip. 





Figure S-128. Closeup of the 3.5-mm stereo 
socket that is used with the USB download 
cable. 
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You can use the PICAXE with a serial cable, but | don’t recommend it. The old RS- 
232 serial communications standard on PCs is pretty much obsolete, and PICAXE 
has recognized this by offering a USB cable (which contains a serial converter 
inside its plug). The USB cable is a little more expensive, but is also simpler and 
compatible with Apple computers. From any of the U.S. distributors, buy USB 
cable part AXE027, also sold as part PGM-08312 by hAttp://vww.sparkfun.com 
(quantity: 1). The cable is shown in Figure 5-125. 


To write your software and send it down the wire to the chip, the PICAXE 
Programming Editor is the tool of choice. It comes in only a Windows ver- 
sion. For those who prefer Mac OS or Linux, you can get a free download of 
another piece of software known as AXEpad, which has fewer features, but 
will do the job. All the downloadable software is freely available from http:// 
www.rev-ed.co.uk/picaxe/software.htm. 


Finally, you need a 3.5-mm stereo audio socket with solder connections. The 
reason for this is that the manufacturers of the PICAXE have used a stereo au- 
dio plug on the free end of their USB cable, and you have to be able to plug 
it into something. The PICAXE breadboard adapter, SparkFun stock number 
DEV-08331, contains the necessary stereo socket in addition to a few other 
little items. Quantity: 1. See Figure 5-126. 


Oddly enough, the USB cable is the most expensive item on the list, because 
of the electronics hidden inside it. 


Software Installation and Setup 


Now you have to go through a setup procedure. There is no way around this. 
Here is what you will be doing: 


1. Install a driver so that your computer will recognize the special USB cable. 


2. Install the Programming Editor software (or AXEpad for Mac/Linux) so 
that your computer will help you to write programs and then download 
them into the chip. 


3. Mount the PICAXE on your breadboard and add the socket to receive 
downloads. 


These steps are explained in the following sections. 


The USB driver 


Fair warning: If you go to the PICAXE website and try to use its search function, 
it probably won't find what you want. Search for “USB Driver, for instance, and 
it will pretend it has never heard of such a thing. 


The PICAXE home page also has irritating drop-down menus that tend to dis- 
appear just when you're about to click on them, but at the time of writing, you 
can bypass these issues by going straight to the Software Downloads section 
at http://www.rev-ed.co.uk/picaxe/software.htm. 
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Scroll down past all the software until you get to Additional Resources. Look 
for the AXEO27 PICAXE USB Download Cable. At first glance, it looks as if they 
want to sell you a cable, but in fact this is the list of drivers. Double-click the 
one appropriate to your computer, and choose a destination on your com- 
puter for the download—a place where you will find it easily, such as your 
desktop. 


The download will leave you with a zipped file folder. You will have to unzip it. 
On Windows XP, right-click the folder and choose “Extract all.’ View the extract- 
ed files and you will find a PDF installation guide. Linux and Mac users can find 
instructions currently stashed at http://www.rev-ed.co.uk/docs/AXE027.pdf. 


When installing the driver on a Windows platform, here are a few tips to mini- 
mize your exasperation level: 


1. Remember, the special USB cable contains some electronics. It is not just 
a cable, but a device designed for interacting with a PICAXE chip. Don’t try 
to use it for anything else! 


2. You have to plug the cable into a USB port before you install the driver, be- 
cause your computer will need to verify that the driver matches the cable. 


3. You must not attach the PICAXE to the other end of the cable until after 
you have installed the driver. 


4. Every USB port on your computer has a separate identity. Whichever one 
you choose when you first plug in the cable, you should use that port 
every time in the future. Otherwise, you will have to repeat the process of 
telling your computer what the cable is. 


5. Bearing in mind Tip #4, you should avoid using the cable in a standalone 
USB hub. 


6. The cable is fooling the PICAXE into thinking that it’s talking to a serial 
port on your computer. Those “communication” ports are known as COM1, 
COM2, COM3, or COM4. When you install the driver, the installer will 
choose one of those COM ports for you, and later you will have to know 
which one it is. The PDF guide should help you through this procedure. 
Unfortunately, you cannot skip it. 


The Programming Editor software 


If you have come this far, you're ready for the next big step, which is much 
easier. You need the PICAXE Programming Editor, available for free on the Soft- 
ware Downloads web page where you found the USB driver. (If you are using a 
Mac or Linux, you will need AXEpad, which is on the same web page.) 


Downloading and installing the Programming Editor should be simple and 
painless. Once you have done that, you should find that it has placed a shortcut 
on your desktop. Double-click it, go to View—Options, and in the window that 
opens (shown in Figure 5-127), click the Serial Port tab. You should see a dialog 
box like the one in Figure 5-128. Now make sure that the Programming Editor is 
looking at the same COM port that was chosen by the USB driver. Otherwise, the 
Programming Editor won't know where to find your PICAXE chip. 
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Be careful not to download the driver 
for the USB010 USB-Serial adapter 
by mistake. The USB-Serial adapter is 
something else entirely. 
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In the Programming Editor, go to View— Options and click the Mode tab, then 
click the button to select the 08M chip. 





Figure S-127. This screenshot shows the options win- Figure S-128. Another screenshot of the options window 
dow of the PICAXE Program Editor, which you must use shows the second essential choice that you must 

to select the type of chip that you intend to program (in make: selection of the COM port that the installer 

our case, the O&M). chose on your computer. 


Are we having fun yet? Obviously not, but you're through with software has- 
sles for the time being. The last step before you're ready to use the PICAXE is to 
mount it, and its socket, on your breadboard. 






Setting up the hardware 


The PICAXE 08M looks like a 555 timer. (Other chips in the PICAXE range have 
more pins and more features.) It requires a properly regulated 5 volts, just like 
the logic chips you dealt with previously. In fact, the PICAXE people are rather 
emphatic about protecting it from voltage spikes. They want you to use two 
capacitors (one 100 uF, one 0.1 YF) on either side of an LM7805 regulator. This 
eee ig seems like overkill, but the PICAXE is more inconvenient to replace than a 555 
Figure S-128. PICAXE documentation timer. You certainly can t run down to RadioShack to buy one. So let's do what 
specifies a 100 iF and 0.1 pF capacitor the manufacturer says, just in case, and set up a breadboard as shown in Fig- 
on the input side of a 5-volt regulator, and ures 5-129 and 5-130. 
a similar pair of capacitors on its output 
side. On a breadboard, they can be ar- Now for the chip itself. Note that the pins for positive and negative power are 


rayed like this. exactly opposite to those for the 555 timer, so be careful! 


9V DC input 
(unregulated) ae 


Set up your breadboard following the schematic shown in Figure 5-131. Note 
that | am showing the stereo socket on its underside, because | think that’s 
how you'll have to use it with the breadboard. If you try to stick its pins into the 
holes in the board, they will fit, but when you insert the plug into the socket, 
the thickness of the plug will tend to raise the socket up so that it loses con- 
tact. | really think the way to go is to solder wires to the pins on the socket and 
push the wires into the breadboard. See Figure 5-133. 





Figure S-130. The actual components for 
power regulation, applied to a breadboard, 
delivering 5 volts (positive and negative) 
down each side. 
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Figure S-131. The schematic of a test circuit for the PICAXE O8M shows the underside of 
the stereo socket, the essential 10K and 22K resistors on the input pin, and an LED to 
show an output from the chip. 


Be aware that the PICAXE manual shows things differently (although | have 
retained their labeling convention for the parts of the socket and the parts of 
the plug, identified as a, b, and c). 


One little detail about the socket that is commonly supplied for use with the 
PICAXE: typically it has two pairs of contacts for the connections labeled b and 
cin the manual, and in my diagram. When you solder a connection, your sol- 
der joint should include both of the contacts in each pair, as shown in Figure 
5-132. 


Remember that the PICAXE must have 5 volts DC, and remember that your 
voltage regular will deliver this voltage reliably only if you give it extra voltage 
on its input side. If you provide it with 9 volts, that will provide a good amount 
of headroom. 


The 22K and 10K resistors are essential for using the chip; see the following 
warning note for an explanation. My schematic also includes an LED and 
a 3300 resistor, but they are needed only for the test that we'll be making 
momentarily. 
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Pin 2 Pull-Down 


Always include the 22K resistor and 
the 10K resistor in the configura- 

tion shown in Figure 5-131. These 
resistors apply correct voltage to the 
serial connection, and when you're 
using the PICAXE on its own, they pull 
down the voltage on pin 2. 


If pin 2 is left unconnected (floating), 
it may pick up random voltages, 
which the chip can misinterpret as a 
new program or other instructions, 
with unpredictable and undesirable 
results. 


The 22K and 10K resistors should be 
regarded as permanent items ac- 
companying your PICAXE regardless 
of whether you have it attached to 
your computer. 
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ou Negative 
ut to Power 
In from 

Computer Colputes 
Figure S-132. Correct wiring of the socket is essential. When soldering wires to Figure S-133. The breadboard version of the test 
the lower terminals, make sure that you attach the wires to both of the terminals schematic, with the plug of the USB download 
in each pair. cable inserted in the socket on the board. The 


PICAXE chip can now receive a downloaded pro- 
gram, and will immediately start to execute it. 


Verifying the Connection 


Follow these steps carefully every time you want to program or reprogram 
your PICAXE chip: 


1. Insert the USB plug of your PICAXE cable into the same USB port that you 
used before. 


2. Start the Programming Editor (or AXEpad if you are using a Mac OS or 
Linux). 


3. In the Programming Editor, select View— Options to verify that the editor 
is using the right COM port and is expecting the 08M PICAXE chip. 


4. Plug the stereo plug on the free end of the USB cable into the stereo sock- 
et that is now wired into your breadboard. See Figures 5-133 and 5-134. 





4 


Figure 5-134. After the program has been 5. Check your wiring, and then connect your power supply to the breadboard. 


downloaded, the plug can be removed, 
and the program will continue to run, 6. Click the button labeled “program” in the Program Editor window to tell 
causing the LED to continue flashing. the software to look for the PICAXE. 


What If It Doesn’t Work? 


The first thing to do is pull out the plug of the USB cable from the PICAXE 
breadboard, leaving the other end of the cable attached to your computer. Set 
your multimeter to measure DC volts, and attach its probes to sections b andc 
of the plug. See Figure 5-135. Now click the “program” button again, and your 
meter should show 5 volts briefly coming out of your computer to the plug on 
the end of the cable. 
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If you detect the voltage, the software is installed and working properly. In 
that case, there’s a problem on your breadboard, either in the chip or in the 
wiring around it. 


If you cannot detect any voltage, the software probably wasn't installed prop- 
erly, or is looking for the wrong serial port. Try uninstalling it and reinstalling it. 


Your First Program 


Finally you're ready to create your first program. Type the following code into 
the Programming Editor window: 
main: 

high 1 

pause 1000 

low 1 

pause 1000 

goto main 


Be sure to include the colon after the word “main” on the first line. See Figure 
5-136 for a screenshot. The indents are created by pressing the Tab key. Their 
only purpose is to make program listings more legible. The software ignores 
them. 





Figure 5-138. This screenshot shows the first test program as it should be displayed by the 
Programming Editor (on a Windows computer). 


Click the Program button in the Programming Editor to download this program 
into the chip. As soon as the download is complete, the chip should start flash- 
ing the LED, lighting it for 1 second and then switching it off for 1 second. Figure 
5-137 shows the steps that you should have followed to program the chip. 


Now for the interesting part: disconnect the USB cable from the breadboard. 
The chip should continue flashing. 


Disconnect the power supply from the breadboard and wait a minute or two 
for the capacitors to lose their charge. Reconnect the power, and the chip will 
start flashing again. 


The program that you downloaded to the chip will remain in the memory in- 
side the chip and will begin running every time power is applied to the chip. 
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<—a: To computer 
~<+—b: From computer 
=—c: Negative power 


Figure 5-135. The stereo plug on the end of 
the USB download cable can be used for 
fault tracing. A multimeter set to measure 
DC volts can be attached to sections b and 
c of the plug to establish whether the Pro- 
gramming Editor is sending data through 
the serial connection. 


Type a program 
using the 
Program Editor 


Click the 
PROGRAM button 
to download it 


The PICAXE 
starts running 
the program 


You can now 
unplug the 
stereo plug 





Figure S-137. Four steps to create and runa 
program on the PICAXE controller chip. 
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Decoding the Code 


ees oo es > Let's take a look at the little program that you typed in. The first line identifies 
The program doesn't use the usual 
pin numbers on the chip. It uses 
what | will call “logic pin numbers.” 
Figure 5-138 shows how they are 
numbered. Figure 5-139 shows their 
multiple functions. | have put Logic 
Pin 0 in parentheses because its main 
purpose is to send data to the com- 
puter through the USB cable. It can 
do double duty as a digital output, 
but you have to disconnect it from 
the USB cable first. It’s easy to forget 
to do this. It’s a hassle that | prefer to 


a section of the program. This program only has one section, and we're calling 
it “main.” Any word with a colon after it is the name of a section of a program: 


Main: 
The second line tells the chip to send a high output from Logic Pin 1: 
high 4 
The third line of the program tells the chip to wait for 1,000 milliseconds. This 
of course is the same as one second: 
pause 1000 
The fourth line tells the chip to change Logic Pin 1 back to its low state: 
low 1 


The fifth line tells the chip to wait for another 1,000 milliseconds: 
pause 1000 
The last line tells the chip to go back to the beginning of the “main” section: 


goto main 
Q—: ~~ s@ 
—de xs 7 e— (Logic Pin 0) 
Logic Pin 4 —e3 OS 6 e— Logic Pin 1 
Logic Pin3 ——e4 Se— Logic Pin 2 


Figure 5-138. The conventional pin numbers of the PICAXE chip are incompatible with the 
numbering system that is used in the PICAXE programming language. To minimize confu- 
sion, this guide refers to “Logic Pins” when using the numbering system that is required 
for programming the chip. 


Ww 

1 8 Out to Computer 
In from Computer wi Digital Output Pind 

——e 2 S S —— Infra-Red Output 
Digital Output Pin4 a. Digital Output Pin1 

Digital Input Pin4 4 5 Digital Input Pin1 

Analog-Digital Converter Pin4 / \ Analog-Digital Converter Pin1 
Digital Input Pin3 Digital Output Pin2 
Infra-Red Input Digital Input Pin2 


Analog-Digital Converter Pin2 
Motor Power Output Pin2 
Tune Output 


Figure 5-138. Many of the pins on the PICAXE O8M have multiple functions, which can be 
selected by appropriate program instructions. 
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Dental Chart and Common Terminology 


Use this chart to effectively communicate your questions and concems to us 


Anterior teeth 


Upper (Maxillary) Arch 





daspremierdentallab.com/bloa/ 


Editing 

What if you want to change the program? No problem! Use the Programming 
Editor to change one of the lines in the program. Substitute 100 instead of 
1000 milliseconds, for instance. (The pause command can be followed by any 
number up to 65535.) In your program, don’t use a thousands comma in any 
of the numbers that you specify. 


Plug the USB cable into the breadboard again, hit the Program button on the 
screen, and the new version of the program will be automatically downloaded 
to the chip, overwriting the old version. 


What if you want to save the program for future use? Just go to the File menu 
in the Programming Editor and save the program onto your computer's hard 
drive. Because the PICAXE uses a variant of the BASIC computer language, it 
adds a .bas filename extension. 


Simulation 


If you make a simple typing error, the Programming Editor will find it and stop 
you from downloading your program. It will leave you to figure out how to fix 
the line that contains the error. 


Even if all the statements in your program are correctly typed, it’s a good idea 
to run a simulation of what they'll do, before you download them. This is easily 
done: click the “simulate” button on the menu bar of the Programming Editor. 
A new window will open, displaying a diagrammatic view of the PICAXE chip 
and showing you the states of its pins. (Note that if you use very short pause 
commands, the simulation won't run fast enough to display the time accu- 
rately.) A simulation screenshot is shown in Figure 5-140. 


The >> button at the bottom-right corner of the simulation window will open 
up a list of all the variables in your program. So far, it doesn’t have any vari- 
ables, but it soon will. All the zeros on the righthand side are binary numbers, 
which you can ignore for now. 
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You'll need to check the second 

part of the PICAXE documentation, 
which contains all the programming 
statements and their correct syntax. 
At the time of writing, this is stored 
at http://www.rev-ed.co.uk/docs/ 
picaxe_manual2.pdf. 


Figure 5-140. This screenshot shows the simulation window that 
can be opened in the Program Editor to test program code before it 
is downloaded to the chip. The values of variables are shown in the 
section on the right. The pin states are shown on the left. 
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Figure S-141. To understand how a program 
works, visualize a variable as being like a 
“memory box" with its name on the out- 
side and a number stored on the inside. 
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Loops 


Here’s another thing I'd like you to try. Rewrite your program code as shown 
here and download it onto the PICAXE: 
main: 
for bo = 1 to 5 
high 1 
pause 200 
low 1 
pause 200 
next 
wait 2 
goto main 


Note that bo is letter b followed by a zero, not letter b followed by letter O. The 
extra indents once again are added to make the listing easier to understand. 
The four lines beginning “high 1” and ending “pause 200” will be executed re- 
peatedly. It’s helpful to see them as a block. 


Watch the light and see what happens. It should flash five times quickly, then 
wait for two seconds, and then repeat. You just added a Joop to your program. 
You can use a loop if you want something to happen more than once. 


b0 is known as a variable. Think of it as being like a little “memory box” with its 
name, b0, on a label on the outside. Figure 5-141 illustrates this concept. This 
particular memory box can contain any number from 0 through 255. The loop 
begins by telling the computer to put number 1 in the box, then process the 
remaining statements, until the word “next” sends the processor back to the 
first line, at which point it adds 1 to the contents of bO. If the value of b0 is 5 or 
less, the loop repeats. If the value is 6, the loop has run five times, so it’s over, 
and the PICAXE skips down to the “wait 2” statement after “next.” See Figure 
5-142 for an annotated version of the program listing. 


“Wait” is a PICAXE command that is measured in whole seconds, so “wait 2” 
waits for 2 seconds. Then “goto main” begins the procedure all over again. 


If your flashing-light demo worked out as planned, it’s time to take the next 
step and make the chip do something more useful. 


Label identifying 
this piece of the program. 


Y 













Use b0 to count aa 
rom 8. m for bo = 1 to 5 
Has b0 reached 6 yet? high 1 
If so, skip down beyond Obey these pause 200 
the "next" statement. instructions = 1. 1 
five times. Ow 
pause 200 


Go back to line 2 
and add 1 to b0. pe next 


wait 2 
goto main 


Go back to the beginning 
and start all over again. 


Figure 5-142. The blue annotations explain what the program, on the right, is telling the 
PICAXE to do. 
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FUNDAMENTALS 


Basic PICAXE parameters 


Here are some of the most useful parameters of the PICAXE: 


The PICAXE requires 5 volts DC, regulated. 
The inputs and outputs of the PICAXE are compatible 
with 5-volt logic chips. You can attach them directly. 
Each PICAXE pin can sink or source up to 20mA. The 
whole chip can deliver up to 90mA. This means that 
you can run LEDs directly from the pins, or a piezo 
noisemaker (which draws very little current), ora 
transistor. 
You can use a chip such as the ULN2001A Darlington 
array (mentioned in the previous experiment) to am- 
plify the output from the PICAXE and drive something 
such as a relay or a motor. 
The chip executes each line of your program in about 
0.1 milliseconds. 
The 08M chip has enough flash memory for about 80 
lines of program code. Other PICAXE chips have more 
memory. 
The PICAXE provides 14 variables named b0 through 
b13. The “b” stands for “byte,” as each variable occupies 
a single byte. Each can hold a value ranging from 0 
through 255. 
No negative or fractional values are allowed in 
variables. 
You also have 7 double-byte variables, named wO 
through wé6. The “w” stands for “word.” Each can hold a 
value ranging from 0 through 65535. 
The “b" variables share the same memory space as the 
“w" variables. Thus: 

b0 and b1 use the same bytes as w0. 

b2 and b3 use the same bytes as w1. 

b3 and b4 use the same bytes as w2. 

b5 and b6 use the same bytes as w3. 

b7 and b8 use the same bytes as w4. 

b9 and b10 use the same bytes as w5. 

b11 and b12 use the same bytes as w6. 

b13 and b14 use the same bytes as w7. 
Therefore, if you use w0 as a variable, do not use b0 or 


b1. If you use b6 as a variable, do not use w3, and so on. 


Variable values are stored in RAM, and disappear when 
the power is switched off. 


The program is stored in nonvolatile memory, and 
remains intact when the power is off. 


The manufacturer's specification claims that the 
nonvolatile memory is rewritable up to about 100,000 
times. 


If you want to attach a switch or pushbutton to a pin 
and use it as an input, you should add a 10K pull-down 
resistor between the pin and the negative side of the 
power supply to hold the pin in a low state when the 
switch is open. Figure 5-143 shows how pull-down 
resistors should be used in conjunction with a SPST 
switch or a pushbutton. 


On the 08M chip, if you apply a varying resistance 
between Logic Pins 1, 2, or 4, and the negative side of 
the power supply, the chip can measure it and “decide” 
what to do. This is the “Analog-Digital Conversion” 
feature—which leads to our next experiment. 


Figure 5-143. The PICAXE can respond to the state of a switch 
or button attached to any of its input-capable pins. A 10K resis- 
tor must be used to pull down the state of the pin when the 
contact of the switch or button is open. Otherwise, you may 
get unpredictable results. 
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Experiment 35: Checking the Real World 


Often we want a microcontroller to measure something and respond in an 
appropriate way. For instance, it can measure a low temperature and sound an 
alarm, as | suggested in the example that | gave earlier. 


The PICAXE has three analog-to-digital converters (ADCs) built in, accessible 
via logic pins 1, 2, and 4, as shown in Figure 5-139. The best way to use them is 
by applying a potential somewhere between 0 and 5 volts. In this experiment, 
I'll show you how to calibrate the response of the chip. 


You will need: 
¢ Trimmer potentiometer, 2K. Quantity: 1. 


+ PICAXE 08M chip and associated USB cable and socket. Quantity: 1 of 
each. 


Procedure 


Take the same trimmer potentiometer that you used in Experiment 32 and 
wire its center terminal to Logic Pin 2 of the PICAXE (which is hardware pin 
5). The other two terminals of the 2K trimmer go to positive and to negative, 
respectively. So depending how you set the trimmer, the pin of the PICAXE is 
directly connected to positive (at one end of the scale), or directly connected 
to negative (at the other end of the scale), or somewhere in between. See Fig- 
ure 5-144 for the revised schematic, and Figure 5-145 for a photograph of the 
breadboarded circuit. 





Figure S-144. This schematic, drawn in a layout suitable 

for breadboarding, shows how a 2K potentiometer can be ously breadboarded circuit. 
used to apply a varying voltage to one of the pins of the 

PICAXE that is capable of converting an analog signal to a 


digital value. 
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Now we need a program to tell the chip what to do. Using the Programming 
Editor, start a new document. The code should look like this: 
main: 
readadc 2,b0 
debug bo 
goto main 


The command “readadc 2,60” means “read the analog input on Logic Pin 2, 
convert from analog to digital, and store the result in b0.’ 


The command “debug b0" tells the chip to go into program debugging mode, 
in which it uses its USB cable to tell the Programming Editor the values of all 
the variables while the program is running. The variables are displayed in a 
debugging window. 


Download the program, and as the program starts to execute, the debugging 
window should open. Start adjusting the trimmer while looking at the value of 
bO, and you'll see bO change its value. 


You can make a table and draw a graph showing the relationship between the 
resistance between Logic Pin 2 and ground, and the value of b0. Just pull the 
trimmer off the breadboard, measure its resistance with a meter, then increase 
its resistance by, say, 200, put it back into the breadboard, and look at the 
value of b0 again. 


This is laborious, but calibrating equipment is always laborious—and in any 
case, | decided to do it for you. The graph is shown in Figure 5-146. You can 
also see the raw data numbers in the following table. | was pleased to find that 
the PICAXE gives a very precise, linear response to the input voltage. In other 
words, the graph is a straight line. 


Resistance in Ohms Between Pin and Negative Ground 
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Figure S-148. When an ADC input pin is hooked up to a 2K po- 
tentiometer, which is connected across the same voltage that 
powers the chip, you should find that the resistance between 
the input pin and the negative side of the power supply gener- 
ates the series of digital values shown on the graph. Note that 
the potentiometer must have a 2K value, and the power supply 
is assumed to be precisely 5 volts. 


307 


Experiment 35: Checking the Real World 


This table shows measurements made with PICAXE 08M controller. 


Resistance (in ohms) Equivalent digital 
between the ADC value 
pin and the negative 


supply 








Now we can modify the program to make it do something with the informa- 
tion that it’s taking in: 
main: 
readadc 2,b0 
let wi = 5 * bo 
high 1 
pause wi 
low 1 
pause wi 
goto main 
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Notice what's happening here. First we get a value in bO, and then on the next 
line, we do some arithmetic with it. The asterisk means “multiply. So the state- 
ment says, “Take whatever value is in b0, multiply by 5, and transfer it to an- 
other variable, w1-’We have to use a w variable, because when we multiply the 
value of bO by 5, we may get a number that is bigger than 255— too big to fit 
into a byte variable. 


Finally, we take variable w1 and use it with a “pause” statement instead of a 
fixed number value. We're saying to the PICAXE, “pause for whatever number 
of microseconds you get by checking the value of w1.” 


So the software checks a variable resistance, turns it into a number, and ap- 
plies that number to adjust the flashing speed of the LED. 


Think back to the need of the cart powered by stepper motors. It was supposed 
to check two photoresistors, and adjust the speed of each motor accordingly. 
Well, this PICAXE program is a step in that direction. It can measure voltage on 
a pin and change the output frequency on another pin. If you had two PICAXE 
chips, you could wire each of them to a photoresistor and a motor. Then you 
could adjust the behavior of your cart by editing the second line in the pro- 
gram, where it converts the value of b0 to the value of w1 which will be used in 
the “pause” command to determine the number of pulses per second. Instead 
of multiplying by 5 you could multiply by 7 or whatever number gives you the 
result you need. This leads to an important conclusion: a big advantage of a 
programmable chip is that you can make adjustments in software. 


Because the PICAXE 08M actually has more than one ADC input, and has three 
pins that can be used for output, you might wonder whether you could use 
just the one chip to control both motors in response to inputs from two sen- 
sors. The problem is that the three output pins on the 08M also function as the 
three ADC input pins. You'd do better to buy one of the more advanced PICAXE 
chips, such as the 18M, which has more pins to choose from. It uses the same 
basic set of programming instructions, and doesn’t cost much more money. 


" 


Also, you should read the PICAXE documentation and look up the “pwmout 
command, which is short for “pulse-width modulation output,’ but you can 
think of as meaning “power motor output.’ This is specifically intended to run 
stepper motors. It establishes an output frequency of pulses that will continue 
while the chip obeys other instructions in its program. 
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A FUNDAMENTALS 


Extra features 


A complete guide to the 08M would fill a book of its own, and of course such 
books already exist (just search the books section of Amazon.com for keyword 
“picaxe”). But I'll finish my introduction to the controller by listing some of its 
extra capabilities, leaving you to look them up and explore them. Then I’m go- 
ing to suggest one last experiment. 


Interrupts 
The PICAXE 08M allows you to set one “interrupt.’ This feature tells the chip 
to make a mental note that if a particular event occurs—such as a switch 
applying voltage to one pin—it should stop doing whatever else it was 
doing, and respond to the interruption. 


Infrared 
One pin on the PICAXE 08M can be used to receive infrared signals from 
a TV-style remote that you can buy from the same suppliers that sell the 
PICAXE itself. With an infrared sensor attached to the chip, you can issue 
commands remotely. If you want to build a remote-controlled robot, the 
chip is specifically designed with this in mind. 


Servo motors 
Every PICAXE chip has at least one pin that can send a stream of pulses to 
control a typical servo motor. On the 08M chip, it’s Logic Pin 2. The width of 
each pulse tells the motor how far to rotate from its center position before 
stopping. A 555 timer can send this stream, but the PICAXE makes it easier. 
You can search online for more information about servo motors, which are 
especially useful for applications such as steering model vehicles, adjusting 
the flaps on model airplanes, and actuating robots. 


Music 
The PICAXE has an onboard tone generator that can be programmed with 
a “tune” command to play tunes that you write using a simple code. 


Alphanumeric input/output 
The “kbin” programming command is available in the PICAXE models 20X2, 
28X1 and 28X2, and 40X1 and 40X2. You can plug a standard computer 
keyboard into the chip, and it will read the keypresses. You can also attach 
alphanumeric displays, but these procedures are nontrivial. For instance, 
when you're trying to figure out which key someone has pressed on a key- 
board, your program has to contain a list of the special hexadecimal codes 
that the keyboard creates. 


Pseudorandom number generation 
All PICAXE models can generate pseudorandom numbers using a built-in al- 
gorithm. If you initialize the number generator by asking the user to press a 
button, and you measure the arbitrary time that this takes, you can seed the 
pseudorandom number generator with the result, and the pseudorandom 
number generator will have a less repeatable sequence. 


Visit http://vww.rev-ed.co.uk/docs/picaxe_manual1.pdf to learn more. 
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The combination lock that | described in Experiment 20 is especially appro- 
priate for a microcontroller, because it requires a series of operations that 
resemble a computer program. I’m going to show how this project can be re- 
designed using a PICAXE 08M, and then leave it to you to consider how some 
of the other projects in this book could be converted. 


You will need: 
+ The same type of keypad and relay recommended in Experiment 20. 


A transistor or Darlington array to amplify the output from the PICAXE so 
that it can drive the relay. 


Getting the User Input 


Any of the input pins on the PICAXE can sense a switch closing. The trouble 
is that we only have three pins capable of doing this, and even the most ad- 
vanced PICAXE chip has fewer than 10 such pins. So how can we attach a 10- 
key keypad to the 08M? 


| have a suggestion: attach various resistors to the keypad, so that each key 
applies a different voltage to one of the ADC pins. Then use the ADC feature to 
convert the voltage to a number, and use a table of possible numbers to figure 
out which key is being pressed. This may not be the most elegant solution, but 
it works! 


The keypad can be wired as shown in Figure 5-147. The asterisk key is still be- 
ing used to supply power, as in the original experiment, while the pound key 
resets the relay at the end of your computing session, as before. 


Current flows through a series of resistors, beginning with one that has a value 
of 5000. Because this is not a standard value, you will either have to make it by 
combining other resistors in series, or by presetting a trimmer potentiometer. 
After that, each button is separated from the next button by a 1000 resistor. 
Finally, at the end of the chain, a 6000 resistor separates the last button from 
the negative side of the power supply. Again, this is not a standard value, and 
you may have to use a trimmer. 


Add up all the resistances and you have 2K, which is the range that the PICAXE 
wants us to use. When you press a button, you tap into the chain of resistances. 
Button 9 puts 6000 between the PICAXE ADC pin and ground. Button 6 is 7000, 
button 3 is 800Q, and so on. (You may prefer to lay out the buttons so that the 
resistance progresses in a more logical fashion. That's up to you. | chose to lay 
them out in the way that would be easiest to visualize on a keypad.) 


Now look back at the ADC values that | supplied in the table on page 308. These 
are the values that you should get when you press various keypad buttons— 
but you cannot count on them being absolutely precise, because they may 
vary if your resistor values are not quite accurate, or if your power supply isn’t 
exactly 5 volts. It’s not safe to say, for example, that the PICAXE will deliver an 
ADC conversion value of precisely 77 when the resistance is 6000. It’s safer to 
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say that the value will be between 71 and 83. If we specify a range as shown in 
the following table, we have a much better chance of interpreting each button 


correctly. 
[Button number) | Range) 
9 600 71-83 

6) mo) oo 84-96 
SG | a so; 97-108. 
a op oof 109-121 
a g| «i000 RT 
oe spo mofo 135-147 
ed 2) oof; 148-160 
ed 7) Bol 161-172 
n eepece datas | as wool 13-185 
SS hn i500} 191-198 








Suppose you attach the common pin of your keypad to ADC Logic Pin 2 of the 
PICAXE. You can now use the Program Editor to write a program that looks like 


this: 

getkey: 
readadc 2,b0 
let b1 = 9 
if bo < 84 then finish 
let b1 = 6 
if bo < 97 then finish 
let b1 = 3 
if bo < 109 then finish 
let b1 = 0 
if bo < 122 then finish 
let b1 = 8 
if bo < 135 then finish 
let b1 = 5 
if bo < 148 then finish 
let b1 = 2 
if bo < 161 then finish 
let b1 = 7 
if bo < 173 then finish 
let b1 = 4 
if bo < 186 then finish 
let b1 = 2 

finish: 
return 


What does the word “return” mean at the end? I'll get to that in a second. | want 
to explain the rest of the routine first. 
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(years) 

Central Incisor 7.35 

~ “eee Lateral Incisor 8.45 
=~ Canine (Cuspid) 11.35 
———— First Premolar (Bicuspid)10.20 


Second Premolar cenit 05 
First Molar 6.30 







Second Molar 12.25 
Third Molar 

Variable 17 to 21 
Third Molar 
Second Molar 11.90 
» Se Molar 6.05 






2 _ Second Premolar (Bicuspid) 11.20 


;s First Premolar (Bicuspid) 10.50 
_>—_ Canine (Cuspid) 10.35 
_——__ Lateral Incisor 7.50 
Central Incisor 6.40 





b0 receives the value supplied by the analog-digital converter when it looks at 
the keypad. After storing the number in b0, the routine has to figure out which 
keypad key it matches. The key identity (0 through 9) will be stored in another 
variable, b1. 


The program starts by assigning value 9 to b1. Then it checks to see wheth- 
er b0O < 84. This means “if b0 is less than 84.” If it is, then the routine tells the 
PICAXE to “finish,” which means “jump to the finish: label.” But if bO is not less 
than 84, by default the PICAXE continues on to the next line, which makes a 
second attempt at guessing which key has been pressed. It assigns number 6 
to b1. Now there’s another if-then test—and so on. This process of reassigning 
values to b1 stops only when it gets to the point where b0 is greater than a 
number in the table. 


If you're familiar with other dialects of BASIC, this may seem a bit laborious to 
you. You may wonder why we can't use a statement such as this: 


if bo > 70 and bo < 84 then b1 = 9 


The answer is that PICAXE BASIC isn’t sufficiently sophisticated to allow this. 
An if-then statement has to result in a jump to another section of the program. 
That's the only permitted outcome. 


If you don’t have any prior programming experience, the routine may still 
seem laborious to you, and perhaps a bit puzzling, too. This is understandable, 
because you're getting a crash course in software design without any formal 
preparation. Still, the PICAXE Programming Editor can be a big help, because 
it has its simulation feature. Before you can use this, though, you have to pre- 
cede the routine that | just supplied with a control routine that you must type 
above it. The screenshot in Figure 5-148 shows you how it should look. 


PICAXE power supply 


PICAXE 
ADC pin 


100 


100 





—L —L 


~——» Reset 
| 0 | relay 
* # 


Figure 5-147. A quick and simple way of attaching a keypad to provide numeric input to the 
PICAXE uses a chain of resistors totalling 2,000Q. When a button is pressed, it connects the 
ADC input pin to a point in the chain. The resistance detected by the input pin can then be 
converted by the program in the chip to determine which key has been pressed. 
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| have chosen an arbitrary combination of 7-4-1 for our combination lock. Us- 
ing these numbers, the main section of the program looks like this: 
main: 
low 1 
gosub getkey 
if b1<>7 then main 
gosub getkey 
if b1<>4 then main 
gosub getkey 
if b1<>1 then main 
high 1 
end 
| should explain that the <> pair of symbols mean “is not equal to.’ So the 
fourth line of the program means, “if b1 is not equal to 7.” 


The value of b1 is supposed to be 7 if the user is putting in the correct com- 
bination. So if it’s not 7, the user has entered the wrong value, and the if-then 
statement sends the PICAXE back to the beginning. In fact anytime the user 
inputs a number that is not in the correct 7-4-1 sequence, the program sends 
the PICAXE back to the beginning. This is the way the pure-hardware version 
of this experiment was set up. 


But what is this word “gosub”? It means “go to a subroutine.’ A subroutine is 
any sequence of program statements that ends with the instruction to “return.” 
So “gosub getkey” tells the PICAXE to mark its current place in the program 
while it skips to the getkey: section of code, which it obeys, until it finds the 
word “return, which returns it to the place from where it came. 


The PICAXE continues in this fashion until it reaches the word “end.’| had to in- 
sert the word “end” because otherwise the PICAXE will continue executing the 
program and will fall into the subroutine. “End” stops it from doing so. Figure 
5-148 shows a screenshot of the complete listing. 


So—is that all? Yes, that’s it. If you enter the code into the Programming Editor 
exactly as | have supplied it, you should be able to run it in simulation mode, 
and in the simulation window, click the right-arrow beside Logical Pin A2 to 
increase its value in steps. Each time you pass one of the values in the getkey: 
subroutine, you should see the value for variable b1 change in the display. 


This is really all you need to perform the functions of the combination lock. 
When the PICAXE runs this program, it waits for the correct combination. If it 
receives the combination, it sends the output from logical pin 1 high; other- 
wise, logical pin 1 stays low. 


The only additional item you need is a transistor or CMOS gate between logi- 
cal pin 1 and the relay that unlocks the computer, because the PICAXE cannot 
deliver enough current to operate the relay by itself. 


Putting this procedure into a controller chip not only simplifies the circuit, but 
offers another advantage: you can change the combination simply by rewrit- 
ing the program and downloading the new version into the chip. 
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Figure S-148. This screenshot shows the complete 
listing of a program to read a sequence of three 
keypresses in conjunction with a combination lock. 
If the sequence is correct, the PICAXE sends a high 
output from one of its pins. If the sequence is incor- 
rect, the program loops back to the beginning. 


FUNDAMENTALS 


Limitations of MCUs 


The PICAXE does have some disadvantages. Its voltage 
requirements alone restrict you from using it with the kind 
of freedom of a 555 timer. 


Also, although | can get an instant result by plugging a 555 
timer into a breadboard and adding a couple of resistors 
and a couple of capacitors, the PICAXE requires me to add 
a download socket, hook it up to my computer, write a 


program in the Programming Editor, and download the 
program. 


Some people don't like writing software, or they have dif- 
ficulty thinking in the relentlessly left-brain way that com- 
puter programming requires. They may prefer the hands-on 
process of assembling hardware. 


Other people may have the opposite preference. This of 
course is a matter of taste, but one thing we know beyond 
all doubt is that computer programs often contain errors 
that may not reveal themselves until weeks or months later. 


The PICAXE, for instance, doesn't protect you if a number 
is assigned to a variable that exceeds the limit for that type 
of variable. Suppose b1=200 and b2=60 and your program 
tells the PICAXE: 

let b3 = b1 + b2 


The result should be 260, but byte-size variables can only 
count up to 255. What happens? You will find that b3 ac- 
quires a value of 4, without any warning or explanation. This 
is known as an “overflow error,’ which can be very difficult 
to predict, because it happens at runtime, when external 
factors are in control. The code looks perfectly good; the 
Programming Editor doesn’t find any syntax errors; the 
simulation behaves properly. But in the real world, days or 
even months later, an unexpected set of circumstances re- 
sults in an input that causes the overflow, and because the 
code is residing inside the chip at this point, you may have a 
hard time figuring out what on earth went wrong. 


Software has its problems. Hardware has its advantages. 
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A FUNDAMENTALS 


Unexplored territory 


If you've taken the time to complete most of the projects in this book with your 
own hands, you have gained a very rapid introduction to the most fundamental 
areas of electronics. 


What have you missed along the way? Here are some topics that remain wide 
open for you to explore. Naturally you should search online if they interest you. 


The informal, learning-by-discovery approach that | have used in this book 
tends to be light on theory. I've avoided most of the math that you'd be expect- 
ed to learn in a more rigorous course on the subject. If you have mathematical 
aptitude, you can use it to gain a much deeper insight into the way in which 
circuits work. 


| didn’t deal much with computer architecture, either. We didn’t go very far into 
binary code, and you didn’t build a half-adder, which is a great way to learn how 
computers function on the most fundamental level. Perhaps you should think 
about assembling one. 


| avoided going deeply into the fascinating and mysterious properties of 
alternating current. Here again, some math is involved, but just the behavior of 
current at high frequencies is an interesting topic in itself. 


For reasons already stated, | avoided surface-mount components—but you 
can still go into this area yourself for a relatively small investment, if you 

like the idea of creating fascinatingly tiny devices. This may be the future of 
hobby electronics, so if you stick with it, you'll probably end up in the world of 
surface-mount. 


Vacuum tubes were not mentioned, because at this point, they are mainly of 
historical interest. But there's something very special and beautiful about tubes, 
especially if you can enclose them in fancy cabinetwork. In the hands of a 
skilled craftsperson, tube amplifiers and radios become art objects. 


| didn’t show you how to etch your own printed circuit boards. This is a task that 
appeals to only certain people, and the preparation for it requires you to make 
very neat drawings or use computer software for that purpose. If you happen to 
have those resources, you might want to do your own etching. It could be a first 
step toward mass-producing your own devices. 


| didn't cover static electricity at all. High-voltage sparks don’t have any practi- 
cal applications, and they entail some safety issues—but they are stunningly 
impressive, and you can easily obtain the necessary information to build the 
equipment. Maybe you should try. 
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Other Controllers 


If you want something more powerful, a BASIC Stamp is the logical next step 
after a PICAXE. the BASIC Stamp is so called because it originally looked like a 
postage stamp. The BASIC Stamp has a larger vocabulary of commands and a 
bigger range of add-on devices (including displays with graphical capability, 
and a little keyboard that is specifically designed for use with the controller). 
The BASIC Stamp is shown in Figure 5-149. 


On the downside, you'll find that everything associated with the BASIC Stamp 
is a bit more expensive than in the PICAXE world, and the download procedure 
isn’t quite as simple. 


One of the more recent developments in the world of MCUs is the Arduino, 
which is both sophisticated and powerful. It does require programming in 
the C language. This language is a little more difficult to understand, and has 
only the vaguest similarity to the syntax that is used in the PICAXE and BASIC 
Stamp. On the other hand, because C dominates the larger world of comput- 
ing, learning it might not be such a bad idea—and the Arduino offers some 
truly amazing capabilities. Because it is so popular, there are also many soft- 
ware tools, documentation, user forums, and many enthusatic hobbyists to 
help you. Two other Make: Books titles that | mentioned previously, Getting 
Started with Arduino and Making Things Talk, provide a great introduction. 


In Closing 


| believe that the purpose of an introductory book is to give you a taste of a 
wide range of possibilities, leaving you to decide for yourself what you want to 
explore next. Electronics is ideal for those of us who like to do things ourselves, 
because almost any application—from robotics, to radio-controlled aircraft, to 
telecommunications, to computing hardware—allows opportunities that we 
can explore at home, with limited resources. 


As you delve deeper into the areas of electronics that interest you most, | trust 
you'll have a satisfying learning experience. But most of all, | hope you have 
lots of fun along the way. 





What Next? 


In Closing 





Figure 5-148. The BASIC Stamp controller 
consists of surface-mounted compo- 
nents on a platform that has pins spaced 
at 1/10-inch intervals, for insertion ina 
breadboard or perforated board. This 
component uses a version of BASIC that 
is similar to the programming language of 
the PICAXE, but has many more exten- 
sions. The BASIC Stamp is available 

for use with a wide range of peripheral 
devices, including many alphanumeric 
dot-matrix displays. 
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Online Retail Sources and 


Manufacturers 


This appendix contains URLs for companies mentioned as retail sources or 
manufacturers, along with the commonly used name of the source and the 


company name. 


Colloquially used PXos abr] Mosel g ole) e-1X- Me) moxeliil e-TiN Mateus) 
name 


Minnesota Mining and Manufacturing Co. 





http://solutions.3m.com/en_US/ 





Colloquially used 
name 
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DeWalt Industrial Tool Company 





http://www.dewalt.com 








Appendix 


Colloquially used 
name 


PanaVise 


Xytronic 


Panavise Products, Inc. 


Xytronic Industries Ltd. 





http://www.panavise.com 


http://www.xytronic-usa.com 
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WARNING 


The author of this book is not a professional engineer 
nor has he had formal training in the design or operation 
of high voltage devices. The author is an amateur but 
has been successful in building and operating the de- 
vices discussed herein. 


The methods that he used and describes are presented 
merely as guidelines for other amateurs in developing 
similar devices. These devices can be dangerous, possi- 
bly even lethal, and dangers have been pointed out 
wherever possible. Since the author is nota professional 
in this field, there may well be other dangers involved in 
the building and operation of the devices described. 


The author hereby disclaims any liability for injury to 
persons or property that may result while using this 
project book, and the author does not intend by this 
publication to explain all dangers known or unknown 
that may exist in the building and operation of this 
project. 


Lindsay Publications Inc has not built this project nor 
does it endorse the methods described. Lindsay Publi- 
cations Inc assumes no liability for injury to person or 
property that may result form used of this information. 
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Every text I’ve seen on the subject of electrostatics seems to begin 
with a history of the subject. A. D. Moore, one writer whose works I 
particularly enjoy, said that if cavemen had cats that rubbed up 
against them then they mustcertainly have been aware of the presence 
of static electricity. There are theories now going around the scientific 
community that claim lightning triggered the formation of the first 
chains of DNA. I'll take that one step further and guess that lightning 
began the evolutionary process that created our species. 

Static electricity is one of the most fascinating and possibly most 
overlooked fields of modem electronics. Weall take static for granted. 
Before I began experimenting with staticelectricity it would have been 
very difficult to convince me that it was easy to get 3500 volts froman 
old plastic bottle or 10,000 volts and more from a rubber band! Even 
now as I watch one of these tiny generators in action it is difficult to 
imagine that it is producing these voltages. 

As you learn about electrostatics you will find many strange and 
wonderful experiments to perform. For example, itis possible to mys- 
teriously levitate objects, blow a candle flame to one side with an 
invisible wind, and to light neon bulbs without wires. 

There are motors thatcan be built torun on static electricity! Well- 
made electrostatic motors are so sensitive that they have been pow- 
ered by the earth’s natural electrical charge alone! Connect your motor 
to an antenna, and off it goes! 

In addition to the many curiosities static electricity makes pos- 
sible, there is also the potential for serious research with many as- 
tounding possibilities. 

Consider the work of Professor John G. Trump, formerly of the 
Massachusetts Institute of Technology. Professor Trump points out 
that electrostatic forces are the most powerful forces known in nature 
-stronger by far than gravity or magnetism. Professor Trump demon- 
strates the practical application of electrostatic generators with the 
following illustration: 


Consider two conductive plates, 100 square inches in area, facing 
eachother and separated by aninsulator. If the plates are each charged 
oppositely to 300 volts per centimeter the force of attraction between 
them will be one 2,000th ofa pound. Increase this charge to 30,000 volts 
per centimeter and the attraction escalates to half a pound. Now 
increase this voltage to the order of three million volts per centimeter 
and the force of attraction jumps to 5,700 pounds! As Trump has said 
“Force of this order has more than a passing interest for power engi- 
neers.” Trump and his colleagues had been pursuing the creation of 
electrostatic generators they hoped would one day rival modern 
electromagnetic generators. 

Just how much electrostatic energy is theoretically possible? 
Consider an aluminum cube only onecentimeter square. Imagine that 
all the electrons in that cube were removed and kept one meter away. 
The cube has only positive charges, and the electrons one meter away 
only negative charges. Since positive and negative charges attract, 
what would be the force of attraction generated between them? The 
answer turns out to be an astounding thirty-two million million 
million pounds! Professor A.D. Moore, an expert in electrostatics, 
points out that this force would be equal to the weight of a steel cube 
76 miles high! 

Of course, as much fun and as inspiring as it is to ponder the 
theoretical world of electrostatics, back in the real world we find that 
electrons don’t leave home so easily. The most useful electrostatic 
inventions to date make use of the ‘little’ forces of electrostatics. But 
keep that cube in mind and let everyone wonder why you have that 
curious smirk on your face whenever you run your generator. 

What voltages are possible for the experimenter? The four easily 
assembled generators shown in the following text will give you an 
idea. Each one intentionally operates ona slightly different principal 
of gathering an electrostatic charge. If you build them, or just simply 
become familiar with them, you will develop a understanding of the 
most popular ways of generating static electricity. 

Iam confident thatif you become acquainted with these machines 
you will have no difficulty at all in constructing many others of your 
own design. The reason that I am so confident is that I designed and 
constructed all of these machines to teach myself about electrostatics! 
Each machine represents the best of my thoughts at the time I con- 


structed it. 

You will soon find that it is easily possible to construct a static 
generator capable of producing 50 to 100 thousand volts! If you area 
craftsman, 200 thousand volts and more can be obtained by optimiz- 
ing the designs of the higher power generators such as the Van De 
Graaff shown later in the text. 

Electrostatic generators are also remarkably inexpensive. With a 
little foraging through the surplus bins, no generator in this text cost 
me more than $30 to build! I know of no other way to approach these 
voltages for such a low cost. 


A Little History of the First Practical Generators 


The first electrostatic generators produced their voltage with 
friction. Towards the end of the 17th century Otto von Guericke, an 
amateur physicist from Magdeburg, developed the first practical 
electrical machine — an electrostatic generator. What follows are his 
own instructions for building one: 

“Secure one of the glass globes which are called phials, about the size of 
ayoungster’s head; fillit with sulfur, ground ina mortar and melted by the 
application of flame. After it freezes, break the phial, take out the sulfur globe 
and keep it in a dry place, not a moist one. Perforate it with a hole so that it 
can spin upon an iron axle. Thus the globe is prepared. 

“To demonstrate the power developed by this globe, place it with its axis 
on two supports in the machine—a hand's breadth above the baseboard — and 
spread under it various sorts of fragments such as bits of leaves, gold dust, 
silver filings, snips of paper, hairs, shavings, etc. Applyadry hand to the globe 
so that it is stroked or grazed two or three times or more. Now it attracts the 
fragments and, as it turns on its axis, carries them around with it. 

“When a feather is in contact with the globe, and afterwards in the air, 
it puffs itself out and displays a sort of vivacity ... and if someone places a 
lighted candle on the table and brings the feather to within a hand's breadth 
of the flame, the feather regularly darts back suddenly to the globe and, as it 
were, seeks sanctuary there.” 

Otto Von Guericke goes on to describe experiments by which he 
produced both light and sound from his amazing globe! 

The instructions for von Guericke’s globe are simple enough for 
any experimenter today to follow. The only note that I would add is 
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that in casting my own globe I found that large quantities of sulfur 
would become much smaller pools when melted, and thatif the globe 
were not filled on the first pouring it would not appear nearly as 
attractive when finished. So, remember to begin with a large amount 
of sulfur. 


THE ELECTROPHORUS 


Many generations passed and many ingenious machines were 
developed without great change using materials and processes simi- 
lar to von Guericke’s globe. The most important historically was 
Alessandro Volta’s electro perpetuo known now as the electrophorus. 
With it wecan dramatically demonstrate that electrostatic charges are 
much like magnetic forcesin that like charges repel one another while 
opposite charges attract. 

Anelectrophorus is very easily assembled. It consists simply of a 
rectangular block of insulating material such Lucite or, better yet, 
polyethylene and a metal disk which is attached to an insulating 
handle (Figure 1). 

When the Lucite is rubbed with a woolen cloth, electrons are 
removed from the cloth and held on the Lucite. This happens because 
the cloth will hold its electrons less tightly than the Lucite. An 
insulating material, in this case Lucite, by its nature, will not allow the 
electrons to move around freely. The charges are therefore ‘static’ or 
held in place by the insulating material. The Lucite will now have a 
negative charge, and the wool will pick up a positive charge, respec- 
tively. 

Next, the metal disk with the handle is set on top of the Lucite. The 
negative charges on the Lucite are attracted to positive charges on the 
metal disk, so, the positive charges in the metal disk move to the side 
of the metal plate facing the Lucite. The negative charges are similarly 
repelled to the back of the metal disk. Now, your hand or, better yet, 
a ground wire are touched briefly to the top (handle side) of the metal 
disk and then removed. In this way the negative charge is transferred 
to your hand (or ground) leaving only a positive charge. The metal 
plate will now have a positive charge, and the plastic negative. 

If you have achieved a large enough charge, the Lucite can be 
picked up by the metal disk! 


The Lucite block is 
tubbed witha 
piece of wool. 


The plate and handle assembly 
is placed on 
the the Lucite. 









The bottom of the plate 







The top of the plate will be positivel 

is grounded charged. The top of the plate and Lucite 
to remove block will acquire a negative charge. 
the negative 

charge. 


The plate and handle assembly 
is removed at an angle by 
lifting one side of the plate 
away from the block without 
breaking contact on the other side. 
The plate is 
now charged 


oom The 
Electrophorus 


Figure 1 


Slowly remove the metal plate by the handle, drawing it away 
from the Lucite atan angle. The metal plate now holds the charge you 
seek. Having charged your electrophorus, you can perform the experi- 
ments with Von Guericke’s globe mentioned above including attract- 
ing hair, styrofoam and other small objects. 

Because the charged surface of the electrophorusis flat, a startling 
demonstration can be performed wherein the electrophorus disk is ac- 
tually floated above the Lucite by electrostatic forces. Performing this 
trick takes some practice. Make a second metal plate and handle. 
Remember that if the plate is to float above the other it must be very 
light weight. (Figure 2) 

Now, we have the challenge of charging both the disk and the 
Lucite witha like charge so that they will repel eachother. Charge your 
first disk with a positive charge as described above, and then bring it 
close to, but not touching, the second disk. This will charge the second 
disk by attracting a negative charge to the front of the disk. Next, 
ground the handle side of the second disk to bleed off the positive 
charge. The second disk is now negatively charged. The Lucite is also 
negatively charged, so, provided everything has been accomplished 
and the weight is not too great, the second disk will now float above 
the Lucite block! 

Electrophoruses act a great deal like capacitors discussed later on 
and can be used for many surprising experiments including charging 
a Leyden jar and flickering a neon bulb in a darkened room! 


Special Notes on Friction Generators 


Before we move on to the more powerful friction generators, there 
are a number of things you should be aware of that will help you in 
both troubleshooting and designing generators. 

My first bit of advice is to avoid humidity. It makes air more 
conductive, Moisture in the air can have a devastating effect on the 
charges stored by electrostatic devices. 

I was given a first rate example of this shortly after building my 
first two generators. Both machines, only days old in their construc- 
tion, were whirling away in my shop. I was doing “careful scientific 
study” —in other words, I was zapping everything in sight to see what 
would happen. Suddenly, and most mysteriously, both generators 





Charge disk one on the Lucite block. 
Then bring it close to a second disk. 






Ground the back side of disk two 
to neutralize its positive charge. 
The front side of disk two 
remains negatively charge. Ground 
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negative charges. 


Floating the 
Electrophorus 


Figure 2 


With care disk two can 
be floated above the 
Lucite block. Both the 
block and bottom of 
the disk carry repelling 


stopped producing a charge. I couldn’t imagine why both, each being 
very differentin construction, might fail atexactly the same time. Then 
the culprit made itself known! Just outside the door the automatic 
lawn sprinklers had come on and extremely humid air was coming 
through my door! 

Another good example of this problem is demonstrated by walk- 
ing across a padded carpet. When the relative humidity is 20% or less, 
charges of up to 35,000 volts can be obtained by shuffling one’s feet 
along the carpet. However, raise the humidity to60% or more, and the 
maximum charge will plummet to a mere 1,500 volts! If you live ina 
humid region, you may not be able to get the same performance from 
a generator that someone living in the desert might. Hopefully, 
humidity will only bea seasonal problem for you. Dry winter days are 
best. 

There are fascinating static generators which are more or less 
immune to humidity. These rely on generating a charge by induction 
rather than by friction. These machines will also be discussed in detail 
later on. 

Be careful in selecting paint for your generator. I have found that 
many spray paintscontain ingredients that will conduct static electric- 
ity. For the most part I have had few problems with this, although in 
a darkened room have seen the telltale blue corona glow of escaping 
electrons coming from painted plastic surfaces on a generator. To 
correct the problem I simply coated the nearby metal surfaces that 
were losing their charges to the paint with high resistance “corona 
dope” sold in T.V. and better electronic stores. 

Avoid using wood to build generators. Although we think of 
wood as an insulator, in reality it becomes an excellent conductor of 
very high voltages. In the machines that follow, you’ll see polyvinyl 
chloride (pvc) pipe used extensively. If you can get acrylic or phenolic 
tubing, use it. It offers much better dielectric strength. 

Dust can bleed away a charge. Dust on a high potential terminal 
can reduce your generator’s efficiency by a whopping 40%. Because 
your high potential terminal carries a charge, dust will be attracted to 
it in much the same way that dust accumulates on the front of a T.V. 
screen. I have actually seen a tiny particle of dust prevent an eighth 
inch spark from arcing. Keeping your terminal clean is important. 

On the other hand, the attraction of dust to your generator can be 


quite entertaining. One way that I enjoy cleaning my generator is to 
ground myself and then pass my hand over the high potential termi- 
nal. The dust which has been sitting there has acquired a high voltage 
charge and jumps to your hand which it sees as ground. The effective- 
ness of this method for really getting your generator clean is doubtful 
since after a few seconds the dust in your hand looses its charge and 
heads back for the generator, but it’s lots of fun. 

Once during a rare Southern California thunderstorm I observed 
a particularly confused particle of dust. Apparently the storm had 
charged the air,and my generator had charged a large particle of fluff. 
The fluff couldn’t decide where it wanted to be and would repeatedly 
fly around my bench only to return to the generator and then again off 
into the air. It was an astounding sight. 


SUPER FRICTION GENERATOR - ROTOSTATIC 


Now that you understand the basics of how a charge is picked up 
by friction, doesn’t it seem that it would be possible to design a 
mechanical means to make and store a charge automatically and 
continuously? One solution to the problem is what! call a “rotostatic” 
generator, so named for an old magazine article that called a similar 
device a “rotostat.” I said earlier that it was possible to get 3500 volts 
from an old plastic bottle, and I wasn’t kidding. All you have to do is 
build the “rotostat”. 

These generators are extremely simple to build and may be hand 
cranked or operated by a small electric motor. They consist simply of 
a plastic drum — an old plastic jar works great — and a rubbing block 
— wool, nylon, asbestos, leather. When the bottle is rotated against the 
rubbing block a charge is developed on the plastic and on the block. 

We need to attach some metallic brushes to the side of the plastic 
drum opposite the block to pick up the charges as they are generated. 
The brushes are attached to a metal sphere where the charges can be 
stored. A complete schematic of a rotostatic generator is shown in 
figure 3. 

There is an infinite variety of possible configurations for such a 
generator, but keepin mind in designing yours that for static voltages 
even wood is a good conductor. It is most important to remember to 
keep your high potential components well insulated from ground. 
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If your generator is well made it will generate enough power to 
light a neon bulb (Ne2 type), levitate styrofoam, and arc a spark 
perhaps as long as 1/16 to 1/8 inch — all of this while still being 
perfectly safe to touch. When touched, your generator will give your 
finger only a very light “pop” much like a very small static discharge 
from a doorknob. As an interesting side note, if you can feel a static 
charge at all, it will be at least 3,500 volts! 

Though static machines deliver these high voltages, their rapid, 
low current discharges make them unusually safe. Even generators 
producing 100,000 volts or more rarely present a danger, though for 
one would not intentionally take a shock from one. A later chapter on 
capacitors (energy storage devices) will give you an equation for 
finding out when a charge has become dangerous. 


Building a Film Case Rotostatic Generator 


In my rotostatic generator design I have attempted to maximize 
the output and storage capacity of this type of machine. Iam sure that 
there are still many improvements that can be made. This device 
works extremely well, is reliable, and very easy to construct. A 
schematic and a photograph are shown in figure 4. 
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I used a surplus AC tape recorder motor to drive the unit. I like to 
use tape recorder motors in many projects because they are quiet and 
often have threaded axles that are very easy to mount components 
onto. In this case, I wanted to be able to switch plastic drums easily so 
Icould experiment with a wide variety of materials. If you are unable 
to find such a motor, something similar can be used. A breakdown of 
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Fig. 5 — The complete Rotostatic Generator uses only a small plastic drum 
and a few common parts, and yet will light a hand-held 90 volt neon lamp! 


AC and DC motors and their suggested hookups are shown in detail 
in the next chapter. 

Assembly is straightforward and simple. The motor is mounted 
securely with wood screws to the base — in this case a section of 2x4. 
Make sure this connection is secure since in experimenting with 
different drums you will undoubtedly have some which will wobble 
due to imbalances in the drum or in the mounting. Also, remember to 


12 


select a motor with plenty of power. Tiny D.C. toy motors can work, 
but they have little torque and can stall, and that can be frustrating. 
The drum can be mounted to the motor ina variety of ways. If the 
motor axle is hollow as the tape recorder axles are, you can simply use 
ascrew to secure the bottle cap directly to the motor axle. If the axle is 
solid, you will probably want to extend the axle all the way through 


the drum. 35mm 
film 







1, . 
or Nylon : 
pad 
Lucite plate te / ‘i 
4 pickup 
. PF * “brush 


Wiper Assembly 


for Roto Static Generator 


Figure 6 


To mate the motor axle to the axle running through your drum, 
glue progressively larger pieces of plastic tubing to the smaller axle 
until the tubing size matches that of the larger axle, then slip the tubing 
over both axles. Tubing used as fuel line on model airplanes, aquarium 
tubing, compressor hose, and the insulation stripped from wire can 
be used to make excellent adapters. Heat shrink tubing can also be 
used, however, after it has been shrunk it tends to become somewhat 
brittle. 

As long as the pieces of tubing fit tightly over one another, any 
glue can be used to hold them together. I like cyanoacrylate (Super 
Glue) because it seems to hold rubber tubing nearly as well as it does 
skin. If you have used “Super Glue” for any length of time will know 
what I mean by this. 

This method of connecting a motor to an axle also has the benefi- 
cial effect of acting as a “universal” joint. That is, your motor can 
actually power your axle froma variety of angles since the tubing will 
flex without difficulty. This is useful when using a variety of motors 
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to drive a variety of unusual drums. 

The drum must be very well centered on the motor axle, but 
fortunately, this is surprisingly easy to do. Most plastic pill bottles, 
film cases etc. already have a little nub right on the center of the lid. I 
assume this is some natural artifact of the process by which they are 
formed. Justhuntarounda bit and use a bottle with this built-in center 
mark, and you'll have no difficulty here. 

Personally, I like to mount the lid from the bottle to the axle so that 
the bottle can be easily removed and replaced. 

Therubbing block shown in figure 6 turned out tobea very handy 
design. By looping a piece of wool against the Lucite as shown, the 
block makes excellent contact with the drum. A variety of rubbing 
materials can be tried by simply slipping them in between the block 
and the drum. I think that leather or nylon probably provided the best 
results when used with the film case. To make these experiments 
easier, use “loose pin” hinges for mounting the rubbing block. 

Rather than use steel brushes to collect the charge from the drum, 
I came up with what I call “riders.” These are formed by wrapping a 
short length of wire around the copper wire conductor coming from 
the globe. These wires should be loose enough to dangle down onto 
the drum and “ride” along its surface. Riders have many advantages. 
They are very tolerant of wobble in the drum. You may be able to 
change drum typesand sizes without adjusting them in any way. You 
can improve the efficiency of “riders” by coating unusued surfaces 
with corona dope. 

The PVC tube and collecting ball are easily mounted by drilling a 
tight hole in the 2x4 to accommodate the PVC tubing, by applying a 
little Silicone glue to the base, and by tapping it into place with a 
hammer. A large copper wire is run through the tubing as shown and 
is connected to the collecting ball with a brass screw. The ball, itself, is 
then mounted with a bead of Silicone glue. 


Testing and Operation 


Turn on the static generator’s motor and allow it to run for 20 to 
30 seconds. It takes some time to build upacharge. Next, hold onelead 
of a Ne2 neon bulb, available at electronics stores for about 49 cents, 
and bring the other lead near the brass bulb. When the free lead is 
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nearly touching the bulb, the lamp should flicker or flash. Though the 
shock from this tiny generator can barely be felt, keep in mind that it 
takes nearly 90 volts to light the bulb! 

Nextspread some small, dry, pieces of styrofoam on the top of the 
ball. By bringing your hand close to the styrofoam you can actually 
cause them to move mysteriously toward your hands. 

Touching this generator is perfectly safe. Under good conditions 
you should feel and heara light static “pop” when you touch the fully 
charged top terminal. If you have trouble feeling the “pop” with your 
fingers try using your nose. I don’t know why, but bringing your nose 
near the ball brings on a very subtle and strange electric sensation. 

With this generator you can do many of the experiments men- 
tioned later including charging up capacitors and energizing spark 
gaps. So experiment and enjoy. 


REMEMBER! 

If you are using yourself as ground, as described in the above 
experiments, you might find that generator performance seems to 
decrease after several experiments have been performed. What has 
actually happened is that by repeatedly touching the ball, you have 
charged yourself up to the same degree of charge as that of the ball, 
giving the electricity no desire to jump to you! This is simply reme- 
died. Just touch a cold water pipe or other ground from time to time 
while you experiment. 

One minor problem that can pop up is motor speed. Your motor 
may run too fast. We'll discuss a motor speed control a little later on. 
Don’t worry if the riders hop around a bit. This is usually OK and 
won't cause problems. 

Although a plastic film canister appears in the photos, jars with 
semi-transparent finishes perform. PVC might also make an exellent 
drum. Experiment! 


A Useful List of Materials for Friction Generators 
What followsisa useful list of materials that havea predisposition 


for taking on a negative or positive charge. By choosing materials that 
are far apart on this list you can increase the efficiency of a generator. 
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This list is excerpted from Nature's Electricity TAB books No. 2769 
and is called “The TriboElectric Series.” 


POSITIVE CHARGE 


Air 

Human hands 
Asbestos 
Glass 

Mica 
Human hair 
Nylon 

Wool 

Fur 

Lead 

Silk 
Aluminum 
Paper 


Cotton 

Steel 

Wood 

Amber 
Sealing Wax 
Hard rubber 
Nickel, Copper 
Brass, Silver 
Gold, Platinum 
Sulfur 

Acetate 
Polyester 
Styrofoam 
Orlon 

Saran 
Polyurethane 
Polyethylene 
Polypropylene 
Vinyl (PVC) 
Silicon 

Teflon 


NEGATIVE CHARGE 
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Figure 7 — Cats make good friction generators, 
but it's up to you to talk them into it! 


THE “CAT-O-STATIC” GENERATOR 





The last friction generator that I want to mention is what I call my 
Cat-O-Static generator. From the name you can probably already 
guess that the key component to this generator is your cat. I really 
would not mention this as a generator if it didn’t work so remarkably 
well! 

For the most part cats enjoy being electrostatic generators, the 
trick is to make them think they are being petted, and not used as a 
science experiment. (The cat commandments state somewhere: “Thou 
shalt allow thyself to be petted only when it suits your purposes and 
not those of another.”) 

First, you will need a rubbing material. The very best material I 
found for this purpose was the artificial leather used in cheap motor- 
cycle gloves. It’s actually a type of vinyl. You can secure a pair of these 
gloves for 5 or 10 dollars at any motorcycle shop. Some are called 
“man-made leather.” 
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The next thing you will need is a metal flea comb and a length of 
PVC tubing. You will also need a Leyden jar to store the charge built 
up by your Cat-o-stat. Leyden jar construction is described in detail 
later on. The metal flea comb is held at the end of the PVC tubing by 
a slit cutin the tubing and some glue. A wire is attached from the flea 
comb to the top of the Leyden jar. 

Puta glove on one hand and hold the PVC tubing with the other. 
Coax you cat into your lap, and tell him wonderful things about 
himself. This never fails to distract them. Pet him with the glove, and 
follow the glove with the metal comb to pick up the charge. 

With my cat’s fur and my particular gloves I am able to build up 
a charge so large that it will penetrate my vinyl gloves with a strong 
prickling! However, keep in mind that this type of generator will 
usually runoff and hide beforea large Leyden jar can be fully charged. 
Of course, if you have several cats, use them all to the charge the jar! 


AC vs DC Motors and Controls 


As we move on to the higher power generators, a little discussion 
is in order with regards to AC (alternating current) and DC (direct 
current) motors, and some good ways to control them. 

In the generators I’ve built and discuss here, I have used both AC 
and DC motors. AC motors have advantages in that usually no 
external transformers or circuitry are required. They develop plenty 
of torque — so much so in fact, that you rarely have to worry about 
stalling the motor. Most AC motors have no brushes or other compo- 
nents to short or wear. They will generally run for years and years, 
often until the bearings themselves wear out! In general, I prefer using 
AC motors over DC motors whenever possible. 

The major shortcoming of an AC motor is low rpm. The high 
performance Van-De-Graaff-type generators describe below work 
best at around 5,000 rpm. If the motor runs faster than this, electrons 
can literally be “blown” off of the carrying belt, and performance 
suffers. At lower rpm, leakage can impede the build up of high 
voltage. Since AC motors donot usually develop highrpm, DC motors 
should be considered for these high performance generators. 

Unlike AC motors, DC motorsare portable when battery powered 
and achieve high rpm easily. Keep in mind that a DC motor rated at 
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6500 rpm may not achieve that speed when driving your device. The 
rpm rating is usually the maximum no load speed of the motor. 
Although not always necessary, you will probably find that you 
will want a motor with speed control as part of your DC static 
generator design. A number of dependable methods are shown in 
figures 8 through 12. 
Figure 8 shows a piece of high resistance wire soldered or tied 
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between two copper posts. One side of the wire is tied to a 12v (or 
similar) power supply. A wire coming from your motor is attached to 
an alligator clip which can be moved along the wire to increase or 
decrease the motor speed. This method works extremely well. How- 
ever, be aware that the wire can become red hot when supplying 
current to the motor! Make sure to house it safely. 

High resistance wire is easily obtained from a variety of sources. 
You can use the NiChrome wire that comprises the heating coils in an 
old toaster, hair dryer, or similar heating device. You can also pur- 
chase NiChrome wire from any well-stocked hardware store. Keepin 
mind thata fairly long piece may be required. Another variation that 
can be tried is to usea high wattage rheostat, or even the speed control 
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handle from a “slot car” set. 
Figure 9 shows the use of power resistors to slow a DC motor. 


10 ohms 7 





Parallel Series 
Connection Connection 
Total Resistance Total Resistance 

is 5 ohms is 20 ohms 
Figure 9 


Power resistors are inexpensive, and if you buy a handful of different 
values you can connect them in parallel or series to get a wide variety 
of different values. Keep in mind that resistors have two ratings, the 
power handling capacity measured in Watts, and the resistance 
measured in Ohms. 

AnOhm isa measure of the opposition to current flow. A resistor 
of 10 Ohms will oppose current flowing through it twice as much as 
a resistor of five Ohms. 

Wattage is simply the amount of power your resistor can handle 
without being destroyed by overheating. In general, I’d say the higher 
the wattagerating the better. The Winter’s Ring generator shown next 
required a 25 watt, 10 Ohm resistor, but had to be water cooled to 
increase its power handling capacity above the 25 watt air cooled 
rating. 

Resistors oppose current flow and in doing so, convert electrical 
energy into heat. It’s normal for them to become very warm. If your 
resistor gets too hot, its resistance can increase well above its stated 
value. A change in resistance can cause your motor to run at uneven 
speeds. You will either need to buy a resistor of a larger wattage, or use 
some means to cool it such as water (shown and discussed later). As 
a rule-of-thumb, don’t use a resistor of less than 10 watts unless you 
have a very small or efficient motor. 
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Figure 10 shows a very 
accurate and stable means of 
controlling a DC motor. An 
integrated circuit and power 
transistor are used to send a 
stream of pulses to the motor. 
As the pulse rate increases, 
the motor speed also in- 
creases. By simply turning the 
potentiometer, you can adjust 
motor speed at any time. For 
mid-sized DC motors a very 
large heat sink or water cool- 
ing is required for the transis- 
tor. 

I have found that DC 
motors operating at high 
speeds can behave strangely. 
Slight variances in the motor’s 
speed can set up an oscillation 
within the belt being driven. 
Because one side of the belt is 
being “pulled” and the other 





Figure 11 — Solid State Motor Control 


is being “pushed”, uneven tensions react with the belt’s flexibility to 
produce a “flying” belt that makes only intermittent contact with the 
rollers or pulleys. This can cause a belt to fly off, bend brushes, or just 
make a lot of noise. Also, if ball bearings are not used in the rollers, an 
oscillation can occur among the bushings of the upper roller, the axle, 
and the belt. All of these problems can be easily solved by using a 
versatile speed control. 


Component Cooling 


You may to have to improvise methods of keeping electrical 
components cool. If you are using a fairly large, high RPM, DC motor 
which will need sizeable amounts of electrical power, components in 
the speed control are going to get hot. Itmay seem a little unorthodox, 
but water makesa fantastic heat sink forelectrical components! Power 
resistors and even power transistors can berun well beyond ordinary 







‘ power supply 


resistors cooled 
in a bowl of water 





Motor Speed 


Control 
; Water Cooled 
Figure 12 Resistors 


heat sink tolerances when submerged in water. (Figure 12) 
Distilled water is a very poor conductor of electricity and will not 
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short out most components. Tap water is usually OK for resistors, but 
minerals and other gunk will cloud the water after a short time. 

As long as the circuit is submerged in water, you know that the 
temperature of the water must be below 212 degrees Fahrenheit (100 
Celsius) atnormal atmospheric pressures. Above this temperature the 
water will boilaway. Many electronic components work quite well up 
to 212 degrees. Just remember to add a little water now and then to 
compensate for evaporation. 


AN EXTERNAL VAN DE GRAAFF USING 
“WINTER’S RING” 


If you built the last generator described, you know that I wasn’t 
exaggerating when I said you could get 3500 volts (or more) from an 
old film canister. Although interesting, this simple rotostatic genera- 
tor won’t keep you satisfied for long. There are higher voltages to 
conquer! So let’s move on to the next type of generator and try for 
10,000 volts (and possibly several times that amount) from a rubber 
band. 

I call the following generator an “external” generator because all 
of the components of the generator have been mounted externally in 
such a way as to make construction and experimental modifications 
fast and easy. Since all of the workings are exposed, this generator is 
great for the experimenter who wants to quickly try different materi- 
als and configurations in developing his own generator design, or for 
someone who wants to whip together a simple generator to demon- 
strate. 

The high voltage terminal of this generator consists of a metal 
ring, or toroid, of exceptional efficiency. I call it a “Winter’s Ring” 
although such rings have been traditionally made of wood. They’re 
rarely used anymore. As with other parts of this generator, the 
Winter’s Ring may be quickly replaced by a more traditional spheri- 
cal-shaped terminal or many others you might wish to try. Why not 
keep several on hand for demonstration? 

Despite the fact that, as we've discussed, electrostatic principles 
have been well know for thousands of years, it was not until as recently 
as 1928 that a truly practical machine for generating high static 
voltages was perfected. Robert J. Van de Graaff, a young Rhodes 
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scholar working at Princeton, designed his first machine to generate 
the high potential needed to power a particle accelerator to bombard 
atomic nuclei as part of his experiments in nuclear research. 

Although it can be difficult, it is not impossible for the home 
experimenter to make his own atom smasher! A Van de Graaff 
generator such as described here is an integral part of such an 
apparatus. If you are interested in taking on a project of epic propor- 
tions, find a copy “The Amateur Scientist” by C. L. Stong which is now 
out of printand very difficult to find, but worth the effort. Or write for 
similar information from Information Unlimited, P. O. Box 716, 
Amherst NH 03031. 

The Van de Graaff is so simple and obvious in design that it 
amazes me that is wasn’t developed sooner. I have always thought 
that this is a good example of just how inventions don’t have to be 
extremely complex to havea significantimpacton society. How many 
other simple devices are there waiting to be designed and built? It 
could be you that dramatically changes the world! 

The easiest way to understand the Van de Graaff is to refer to the 
schematic diagram in figure 13. A Van de Graaff generator consists of 
a belt, two pulleys, a motor, brushes, a high and a low potential 
terminals. 

In newer machines the bottom pulley is plastic while older ma- 
chines used an insulator covered by wool or similar rubbing material. 
The top pulley must be of a conductive material suchas metal or even 
wood which is not a good insulator at high voltages. 

When the machine is in operation, a small motor attached to the 
bottom pulley drives the belt that is lightly stretched between the 
pulleys. Friction occurs between the surfaces of the belt and the plastic 
wheel, putting an electrostatic charge on the belt. The charge is carried 
by the belt toward the upper terminal. A grounded wire brush makes 
contact with the lower portion of the belt and bleeds off some of the 
negative charge. The brush at the top of the belt accepts the positive 
charge remaining and distributes it on the high potential terminal. 
(Note: It is possible to make a Van de Graaff generator that develops 
a negative charge on the high potential terminal.) 

As the beltmoves, charge builds upon the high potential terminal. 
Theoretically, this charge could increase forever. However, leakage 
into the air from the upper terminal limits the maximum potential to 
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about 50 to 100 thousand volts typically. 

Asimple way tocalculate the theoretical maximum fora “perfect” 
spherical top potential is to figure a voltage 70,000 times the smallest 
radius of the curvature of the high potential terminal. For example— 
most spheres are sold with reference to their diameter. For a 12 inch 
diameter sphere, we divide 12 by 2 to get the radius, or 6 inches. We 
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multiply 6 by 70,000 to | 
get a theoretical voltage 
of 420,000 volts. 

Because your termi- 
nal will never be a per- 
fect sphere, and because 
there will be leakage into | 
the atmosphere, theoreti- 
cal voltages won’t be 
reached. You might find 
these ball-park calcula- 
tions interesting, none- 
theless. 

A photograph of my 
external Van De Graaff 
and its schematic are 
shown in figures 14 and 
15. I found this to be an 
extremely simple and in- 
expensive design. In op- 
eration it will produce a 
reliable voltage in the 
range of 10 to 30 thou- 
sand volts using an ordi- 
nary rubber band. It will 
produce a solid and ex- 
hilarating “pop” when it © 
discharges to your hand. Figure 14 — External Van de Graaff Generator 





It can throw sparks to ground more than an inch in length. Neon bulbs 
such as a Ne2 will glow brightly and continuously when near the 
generator. A blue corona glow can be readily observed from the 
collecting brushes in a darkened room once your eyes have adjusted 
to the dark. Negative and positive corona can also be identified by 
their appearance using this device as discussed later. 

The external Van De Graaff shown has some minor performance 
limitations due to the relatively high friction of the top wheel (no ball 
bearings) and excessive flexing of the rubber band. A rubber band 
should be used as a belt only for demonstration purposes. For more 
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serious experimenting, replace the belt witha less flexible beltsuch as 
made from a bicycle inner tube or, ideally, neoprene. Also, without 
ball bearings, the top wheel required occasional lubrication that 
frequently brought about the risk of oil contamination. Except for 
these minor problems, this generator has proven to bean excellentand 
reliable performer. It still remains the most easily modified and 
observed of the Van de Graaff designs Ill describe. 

The construction of the external Van De Graaff is so simple and 
straightforward that little description is required outside of the draw- 
ing. A few tricks can simplify and improve construction. 

An easy way to get your motor, roller and belt in alignment is to 
run your generator while holding the motor with your hand, experi- 
menting until you find the right position for it. If your belt slips off, 
shift the motor slightly to change its attack or grip on the belt. 

When connecting a belt between two rollers in any Van De Graaff 
type generator, itis natural toassume that pulleys should have flanges 
on their edges to provide a groove in which the belt will run prevent- 
ing it from slipping off the driving wheel. Surprisingly enough, the 
belt will have a tendency to stay centered on the pulleys even when 
they are somewhat out of alignment! I assume this has something to 
do with the way the pressures change in the belt as it approaches the 
edge of a pulley. You may find that a small “hump” in the drive wheel 
can even be helpful at high rpm. Once aligned, you should have no 
problems at all with belts slipping off. 

Use the largest diameter of copper tubing that you conveniently 
can for the top terminal. The problem is that when larger diameter 
copper tubing is bent into small diameter circles, undesireable ripples 
form. Larger gauge tubing must be bent into larger diameter circles 
forcing you to compromise between size and efficiency. 

When soldering the two ends of the copper tube into the “T” 
connector, first clean them with extra fine steel wool, then coat (tin) 
them with a little solder before inserting them. This will give an 
exceptionally strong and smooth bond. You can use any ordinary 
propane torch for heating and soldering the tube. 

If you use the same type of brushes as shown in the drawing, it 
might be tempting to shorten the copper wires leading to them from 
the PVC tubing or otherwise alter this mounting. Don’t do it! It is the 
flexibility in these long copper wires that provides the “spring” 
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needed to keep the brushes flat against the belt. 

The plastic bottom pulley is simply one of the white plastic wheels 
used on cheap furniture casters. It is attached to the motor shaft by 
carefully drilling out the wheel’s center hole toa size slightly smaller 
than the diameter of the motor axle. You then apply a few drops of 
super glue to the axle and press or tap the wheel into place. 

If the hole in the wheel is larger than the diameter of the axle, glue 
progressively larger diameter pieces of rubber tubing to the motor 
axle until the wheel fits snugly in place. 

One last note: Since your top terminal is copper which quickly 
tarnishes, you might want to apply alittle Silicone cleaner/protectant 
suchas that sold for cleaning chrome automotive parts. This will keep 
your top terminal bright and shiny at all times. It also seems to limit 
leakage and produce an interesting double “pop” when touched. 


The Evils of Oil 


The only major problem that I encountered in building and 
operating Van De Graaff generators regardless of design is oil con- 
tamination. Since a Van De Graaff generator relies on friction between 
the plastic wheeland rubber belt to producea charge, you can imagine 
the devastating effect oil or any lubricant can have on belt perform- 
ance. Even the oil from your fingers can reduce the charge carried by 
the belt. Handle your belts sparingly, and hold them only from the 
outside edges as you might a record album. 

The worst lubricant is a petroleum-based oil such as used to 
lubricate motor axles and bearings. Angular momentum from the 
motor axle can actually pull a drop of oil all the way along the axle, 
along the side ofa wheel, and outontoa belt. Therefore, Do not oil your 
motor or bearings excessively. 

If you want a graphic demonstration of this effect, place a drop of 
fast drying super glue on your motor’s axle. Before it has a chance to 
dry, run your motor for several seconds. If your motoris like mine, you 
will have a little trail of super glue from the axle to the outside of the 
wheel where it will form a little blob. 

Once your belt and wheels are contaminated, they can be very 
difficult to clean. The best way to clean the belt isnot tocleanitall, but 
to throw it in the trash and get another belt. 
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The conductive metal toproller can be cleaned witha residue-free 
cleaner likeammonia, followed by alightsanding withextra fine sand 
paper and then by another ammonia cleaning. 

Cleaning the plastic wheel is the most difficult. The plastic wheel 
usually builds up a static charge of its own during the time the 
generatorisrun. Thischargeseems toactlikea sponge for oil! The only 
way I have found to remove it is it by attaching a wire to ground and 
running the motor while dragging the wire along the outside of the 
wheel. After discharging the pulley in this way, ground a piece of 
metallic sand paper and again run the motor while sanding away 
some of the outside of the wheel. This is accompanied with or followed 
by ammonia cleanings. Other solvents may work, but watch out for 
those that may dissolve the plastic. I realize this procedure may sound 
extreme, but I have even tried soaking the plastic wheels in industrial 
degreasers not available to the general public and have had noluck at 
removing this oil in any other fashion. If you are careful in your use 
of oil you will never encounter this problem. 


A Few Words On Brushes 


In both of the Van De Graaff generator designs described in this 
book, I used a simple tuft of wire soldered to the end of a thicker solid 
copper wire spring which provides the force necessary to keep the 
brush riding firmly against the belt. By far the biggest problem you are 
likely to encounter will be in keeping the brush riding solidly on the 
belt. If your brushes are not well placed, or your belt has undue 
flexibility, the brushes may have to be readjusted frequently. 

Many configurations, some very elaborate, have been tried in an 
attempt to perfect a fool-proof brush assembly. I haven’t found one 
yet. You may want to try a hinge, a spring, a piece of metal screen, or 
even a conductive rubber or foam such as those use to package 
integrated circuits. In designing a brush assembly, keep in mind that, 
ideally, it should be comprised of many fine points like the ends of 
wires because the density of electrons in a fine point is higher and 
electron transfer is more likely. Nevertheless I have had very good 
luck with non-pointed objects such as conductive foams. Most texts, 
and my ownexperience hasshown thata good old tuft of wire usually 
wins out, but, as mentioned, this is not a perfect solution to the 
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problem. So, experiment. And have fun! 
A Few Words On Belts 


A good belt can be made from virtually any insulating material. 
Rayon, Dacron, rubber, paper, silk, plastic and even ordinary cloth 
have been used with success. Wear is probably the most important 
factor to consider in choosing a material. Rubber, for instance, rots in 
my home town due to the ozonecontained in the smog here. Cloth will 
fray at high speed, although Ihave coated cloth with an extremely thin 
coating of Silicone rubber and have made good belts. Neoprene, 
joined with a diagonal splice is a long-time favorite. 

In my opinion, the easiest all-around belt is made from an old 
bicycle inner tube, or even better, the rubber “liner” that covers the 
heads of spokes under the rim. One of these belts can be carefully 
spliced with inner tube cement from a tire patch kit. Even a little 
“Super Glue” will work if the splice is clamped. 

In fabricating a belt also remember that the wider the belt, the 
faster a charge accumulates (within reason). And, you may also want 
to give a little thought to the noise generated by certain materials. At 
5000 rpm a poorly made belt will make considerable noise. 

One last belt option is to purchase a ready made belt from a 
scientific supply house such as Analytical Scientific, Post Box 675, 
Helotes, TX 78023. Such companies can often supply many different 
sizes and types of belts. 1 would suggest ordering the thickest, and 
strongest belt offered for a home-made generator. I find the price of 
commercial belts a bit too expensive for my bank account, but you 
might find their prices more acceptable depending on your project. 


THE HIGH POWER “CLASSIC” VAN DE GRAAFF 


Although these voltages are impressive, keep in mind that the 
classic Van De Graaff will easily produce 60 to 100 thousand volts or 
more and is only slightly more difficult to build. 

The classic design for the Van De Graaff is shown in photograph 
16. The one minor concession I made in my design was to use two 
stainless steel bowls for the high potential collector instead of the 
traditional sphere. I did this simply because I could not readily find a 
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Figure 16 — Classic Van de Graaff Generator in Operation — This long- 
exposure photograph clearly shows the remarkable energy generated by 
this simple device. 
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sphere of the proper dimensions. Besides, two bowlsallow easy access 
tothe top roller and brushes,and I wanted to testmy hunch thatalmost 
as much power could be obtained from the bowls if the edges were 
heavily doped and insulated as could be obtained from a traditional 
spherical terminal. 

All of the experiments to be described can be performed with this 
unit. Itis an all-around solid machine and is fun to operate. If you plan 
to build only one generator from this book, and are wondering which 
generator to select, this machine is the best all-around performer. If 
carefully built, this design willexceed a voltage of 100,000 volts. It will 
arc thick, blue sparks well over four inches to an outstretched hand 
and deliver an invigorating, if not slightly uncomfortable, shock. 

This generator is capable of charging up a person’s body toa high 
voltage. Itmakes possible many experiments suchas causing a person’s 
hair to stand on end, or the rapid charging of large capacitors. The 
device will even produce an ominous “crackling” as your hand 
approaches the high potential terminal. 

By standing on a large plastic insulator such as an overturned 
detergent bucket, a friend of mine was able to charge her body to such 
a high potential that her hands would “crackle” any time she pointed 
toa person nearby in the room. I think a physics or chemistry teacher 
would have little trouble keeping his/her students attention if the 
mere pointing of their hands produced this ominous cracking! 

Though I am certainly not recommending the following ap- 
proach, this generator was also inadvertently useful in training a dog 
in a single lesson not to jump on people. My dog, Merfi, had the bad 
habit of greeting people by jumping all over them. Nothing, itseemed, 
could discourage this behavior. One afternoon some friends and I 
were standing around a completed Van De Graaff and commenting on 
what an unusually large charge we had managed to bestow upon a 
person. Suddenly Merfi bounded into the shop. Despite our pleas, 
Merfi shot across the shop with his usual enthusiasm and leapt nose 
first into my highly charged friend, no doubt, intending to bestow 
upon him his traditional greeting. 

We could do nothing but watch as a large blue spark jumped to 
Merfi’s moist, waiting nose. Merfi stumbled back, temporarily lost 
control of his bladder, and then slunk out the door. A few moments 
later everyone was petting and reassuring Merfi, yet, to this day we 
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have had virtually no 
problems with Merfi’s 
traditional greetings. He 
still eyes the friend from 
whom he received the 
shock with suspicion. 
And with good reason! = 
I suppose it is need- | = 
less to say that it is wise to 
keep any and all pets a 
safe distance from your 
experiments. As with the 
external Van De Graaff ‘ee 
generator, very little de 5 
scription outside of the 
drawings is required for 
constructing the classic 
Van De Graaff design. 





Figure 18 - “Merfi” — (An accidental 


Things to keep in mind electrostatic participant) 


The edges of the bowls are relatively sharp, even though the edges 
have been folded over. To prevent the charge from leaking through 
these sharp edges, they are coated with a special paint called “corona 
dope” which can be purchased in most T.V. and well-stocked elec- 
tronic stores. It is available in both spray and brush-on forms. Corona 
dope has a high dielectric strength, and will prevent a charge from 
leaking off into the air. It can be used on any spots suspected of leakage 
on any of your high voltage projects. Keep in mind that the thicker the 
coating of corona dope, the better it will shield. I used around eight 
thick coats on my Van De Graaff and should have used more. Sparks 
fly right through it! 

As with the last generator, the lower pulley is a white plastic wheel 
taken from an inexpensive furniture caster. It was mounted in the 
same way as was done in the external Van de Graaff. 

The upper pulley is the front hub of a 10 speed bicycle wheel. I 
tried several different methods to reduce the friction of the hub bear- 
ings to make it turn more freely. I tried a variety of lighter oils and even 
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removed the rubber covers that pro- 
tect the ball bearings from dirt con- 
tamination. I found that lighter oil 
works well, but because of the risk of 
oil contamination as discussed ear- 
lier, I ended up using grease. Remov- 
ing the covers also helps, but when 
the generator is running and the roller 
is spinning, a sizable charge builds 
up on its surface, and every dust 
particle in the area is attracted to it! 
Although you may want to experi- 
ment, I have come to the conclusion 
that the hub should be 
left pretty much as it is 
when it comes off the 
bike. 

The two top bowls 
can be hinged together 
from the inside with a 
wide strip of black tape, 
or can be bolted together 
by some nylon screws 
through the lip. Keep in 
mind that you want the 
surface of these bowls to 
remain as smooth as 
possible to prevent elec- 
trons from leaking off. 
Don’t use metal hinges 
or any sharp objects in 
attaching them. 

The main body tube 
is fabricated from three- 
inch diameter PVC drain 
pipe. (Remember that 
acrylic or phenolic pipe 
might be superior to 
















Figure 21 -— Terminal Removed 
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PVC.) A slotis cutinto the lower portion of the tube to allow the motor 
and plastic drive wheel to be inserted through wall. The PVC pipe is 
supported by a metal L-bracket and a U-bolt. Depending on the size 
of your motor, you may want to cut a notch into one side of the L- 
bracket to provide enough clearance for the motor to fully enter the 
bottom of the tube. Since this “L” bracket will support your whole 
generator, make sure itis sturdy and of a heavy gauge. You may even 
wish to add a metal brace as I did to increase rigidity. 
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When you have completed this generator, you will be able to 
perform any of the experiments that follow. This easy-to-build, high 
performance generator is a very exciting machine to own! 


AN EXTREMELY HIGH POWER VAN DE GRAAFF 


Before we move on to other types of static generators, I'd like to 
briefly describe one of the highest performance Van De Graaff genera- 
tors I have ever seen. Shown in figure 24 is a design for an extremely 
high power Van De Graaff generator. I have not constructed this unit. 
I am providing details on this machine should you want to explore 
machines beyond the limits of my humble designs. This schematic will 
provide the essential design details. 

At maximum efficiency this design could generate voltages ex- 
ceeding 1,000,000 volts without using an auxiliary storage capacitor! 


Figure 23 — Ten million volt Van de 
Graaff generators were built in the 
1930's. One generator here is nega- 
tively charged, and the other is 
positive. Generators of this size are not 
recommended as a first project. (Per- 
haps not even as a second! ...but call 
me if you build one!) 





Voltages of this order can be dangerous, possibly lethal. This is not a 
toy and should only be constructed by a serious and cautious experi- 
menter. Because of its high output, I think this unit would make an 
outstanding laboratory power source for a homemade atom smasher. 

The high power unit uses an external high voltage power supply 
to “spray” an initial charge on the rubber belt. Notice in the schematic 
that the ends of the spray wires are pointed. A rectified high voltage 
source between 5,000 to 10,000 volts is ideal. For low cost and ease of 
assembly you may want to try using an automotive coil as a trans- 
former. For details see Lindsay Publications “Build a 40,000 Volt 
Induction Coil.” (Written by an author who is generally a good sort.) 

In this design, both top and bottom rollers are metal. The top roller 
itself is insulated from the high potential sphere. Charge is sprayed 
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onto the carrying belt as it passes through the corona discharge 
between the high voltage power supply and the lower roller which is 
grounded. A second set of points located just inside the upper high 
potential terminal picks up the charge and conducts it to the upper 
pulley. Once highly charged, current flows to the high potential 
terminal through the current regulating resistor. This configuration 
can also include a corona gap as shown near the inside surface of the 
high potential terminal. 

An additional set of spray points, labeled “charging corona rod” 
on drawing, connect directly to the high potential terminal and are 
situated directly above the pulley. 

According to The Amateur Scientist, “The difference in potential 
between the upper pulley, made ‘live’ by the voltage drop across the current 
regulating resistor and corona gap, and the high-voltage terminal causes 
these points to ‘spray a charge of opposite sign onto the downward run of the 
belt,’” 

The value of the current-regulating resistor can be computed 
roughly by Ohms law. In small machines it is usually on the order of 
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40 megOhms. 

Optimum belt speed for a high power unit is between 4,000 and 
6,000 feet per minute. Most high power units use belts made from 
rubberized fabric. 

If your designis to exceed 200,000 volts, charge distribution along 
the insulating column becomesimportant. Machines using belts more 
than four inches wide should be equipped with equipotential rings as 
shown spaced every two inches. 

A large Van DeGraaff generator intended toreach the million volt 
range is often sealed in a steel tank containing inert gases such as 
carbon dioxide and kept at many atmospheres of pressure. Keeping 
the gases at high pressure serves to increase their insulating properties 
and improves both the voltage and current output of the generator. 

Owning a generator of this size would be incredible! 


INDUCTIVE ELECTROSTATIC GENERATORS 


Wouldn’t it be wonderful to have a generator that could produce 
almost 90,000 volts while being virtually immune to changes in 
humidity? What if that same generator could be mun extensively 
without concern for wear or maintenance? Whatif the same generator 
could be “daisy chained” to other generators to increase their output? 
What if it could be run as a motor, operating on electrostatic charges, 
justasacommonD.C. generatorcanalsobyrunasa motor? Well, what 
we would certainly have is a Dirod generator. 

The Dirod generator is another invention of Mr. A. D. Moore. The 
Dirod gets its name from the main components of the generator: a high 
grade Plexiglas disk and a series of metal rods. “Dirod” is short for 
disk and rods. Its operation is most easily understood by observing a 
schematic representation of its workings. 

Figure 26 showsa schematic ofa basic Dirod generator. A number 
of metal rods are attached to an insulating disk (Lucite, glass, plastic, 
etc.) which is mounted ona bearing that allowsitto rotate. Inthe center 
of the disk is an axle which is stationary, and attached to this axle isa 
wire with two brush ends as shown. As the disk rotates, each pair of 
metal rods is momentarily electrically connected to the stationary 
brushes as the rods pass by them. 

Outside of the wheel we have two smooth metal plates each with 
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an electrode attached as shown and each having a pair of metal 
brushes as well. Positive and negative charges will form on these 
plates in the following manner. When the wheel begins its rotation, 
plate A and plate B will have similar amounts of negative and positive 
charges — similar, but of course, not exactly the same! Let’s say that 
plate B has a slightly negative charge, and plate A has a slightly 
positive charge. Now, asa metal rod moves by the electrode from plate 
A, itis momentarily connected to the rod moving past the electrode 
from plate B, connected by the stationary brushes from the centeraxle 
as shown in figure 27a. At this point, since plate B has a slightly 
negative charge, the positive charges in the two bars rush into the bar 
closest to plate B (negative and positive charges attract), and the 
negative charges rush into the bar closest to plate A. This is compa- 
rable to one electrophorus charging the other without having them 
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Induction Generator Operation 


actually touch. 

As the disk continues torotate, the two bars move past the brushes 
and break electrical contact. Now we have one bar with a mostly 
positive charge and one with a mostly negative charge. Figure 27b 

As the bars continue to revolve around to the opposite plate, they 
briefly make a connection with the brushes from that opposite plate 
and bestow upon that plate their charge. Figure 27c. Now the plate has 
an even higher charge than it did originally. It charges the next rod 
passing by it even more forcefully. In this fashion the plates rapidly 
build up a larger and larger charge. 

When you consider how fast these rods can be spun, and how fast 
these charges double, you realize how quickly this generator can 
produce high voltage! 

To be a little more technical in describing the difference between 
our previous friction generators and an induction generator of this 
type, remember that friction generators charge by contact between 
two bodies and by the sharing of electrons from the resulting contact. 
Inductive generators make no demand on free electrons, but on the 
field they produce. This field causes electronsin the charging material 
to veer from their orbits. This displacement sets up or inducesa charge 
in the formerly uncharged material. The series of figures 27a through 
27c¢ show not only how the machine moves but also how charges are 
built up during each step of the charging process described. 

Itis important to understand these simple principles of induction 
since they are critical to understanding and building the electrostatic 
motors that follow. 

It is interesting to note that the Dirod generator is virtually the 
sameas the world’s first electric motor knownas the “Franklin” motor 
for its inventor, Benjamin Franklin, and discussed later on. 


Construction of the Dirod Generator 


Construction of the Dirod generator is, again, straightforward 
and simple when viewing the drawings. Keep in mind that the metal 
rodscan be mounted horizontally as shown or vertically, radiating out 
from the center. Vertical mounting is much trickier. However it is 
much less stressful on the Lucite disk allowing higher rotational speed 
to be achieved. 
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Also very important in achieving maximum voltages is a corona 
shield which is not shown in the drawing. A corona shield can be 
fabricated simply by placing a small sheet of Plexiglas between the 
metal spheres and the rotating rods. I would suggest that you first try 
your generator withouta corona shield, and then with. If your design 
is optimum, your voltages will increase with the shield. 

Because the brushesin this type of design can really take a beating 
I strongly suggest using a conductive foam such as the foam inte- 
grated circuits are packaged in ora conductive rubber brush. If forced 
to use a metal brush, use a metal that is very springy. 

I built an induction generator by modifying the Franklin motor 
shown later on. By adding brushesand twostainless steel collectors to 
the Franklin motor, I had both an electrostatic motor and generator! 
Although I plan to build a much larger, more traditional Dirod 
machine, this small motor/generator still holds my fascination and 
continues to teach me the principles I will need to employ in devising 
the larger unit. 


MEASURING VOLTAGES AND POLARITY 


WARNING: As mentioned before, the 
electrostatic voltages produced by the gen- 
erators in this text are generally safe for the 
experimenter even should he be accidentally 
shocked. The operation of the following 
devices is described for use with electrostatic 
devices. Should you choose to measure the 
voltage of other devices, more stringent safety 
precautions should be taken. Use extreme 
caution at all times. 
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Information in this chapter is useful not only in the field of 
electrostatics, but can also be valuable to those who work with Tesla 
coils, Oudin coils, induction coils, or other high voltage power genera- 
tors. One of the most surprisingly difficult things to do with a high 
voltage is to accurately measure it. I was frustrated to find that text 
after text said simply that measurement of high voltages was impos- 
sible for the amateur. As a result of experimentation and having 
studied the writings of extraordinary experimenters such as Professor 
A.D. Moore, I can show you several methods of measuring high 
voltage that seem quite dependable and accurate. You can also use one 
of several means to determine the polarity of a high DC voltage - 
something which is rarely mentioned in any text. 


Finding Polarity and Simple Voltage 


There are several very simple means for determining the polarity 
of a high potential. The first, and by far the most sensitive is an FET 
based “electroscope.” Figure 45 shows an electroscope of my own 
design. The device is simple to assemble and is shown in both 
schematic and component layout forms. The device works extremely 
well. 

I highly recommend that you build one of these. It can show you 
the polarity of both very high voltages as well as low electrostatic 





Figure 45 — The FET Electroscope 


voltages. In fact, this electroscope will respond to the static build up 
found in clothes taken from a dryer, or the charge that builds up ona 
hard rubber comb. 

You may want to modify my design. You should consider replac- 
ing the 10 megohm resistor with one of a smaller or larger value. It 
controls the sensitivity of the circuit. The larger the resistor used, the 
more sensitive the device becomes, the smaller the resistor, the less 
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sensitive — within reason, of course. The resistor can also be removed 
all together for maximum sensitivity, but the device becomes unreli- 
able because even stray radio emissions will be picked up. 

When properly adjusted, the FET scope will light when placed in 
contact with a positive static charge. Keep in mind that the FET 
transistor, which is the heart of the circuit, could be damaged by an 
extremely high voltage, however, I have used my scope without 
difficulty to more than 30 thousand volts (30 Kv). This voltage was 
measured by placing the scope directly against the Van de Graaff with 
an appropriate spark gap. 
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A MECHANICAL ELECTROSCOPE 


A mechanical version of the electroscope can be made quite easily 
from a glass jar, a little wire, and some aluminum foil. A mechanical 
electroscope is shown in figure 32. 

When the top electrode on this scope is touched to a static voltage 
source, the aluminum leaves in the jar will separate. This happens 
because the foil in the jar takes ona uniform charge. Since like charges 
repel each other, the two leaves of foil are forced apart. 

The demonstration of an electroscope can be quite impressive. 
Although it would be difficult, if not impossible, to calibrate, a 
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mechanical electroscope of this type can also be used to measure 
voltage. Heavier leaves require greater voltages to separate them. 
Therefore, the distance the leaves move away from one another 
indicates a relative voltage. 


The Neon Lamp Bank 


Another less sensitive but much simpler way to measure low 
electrostatic voltages is with the use of a neon lamp bank. Figure 33 
shows theassembly of sucha bank. Ne2 neon lampsare wired in series 
along a Plexiglas panel as shown in the drawing. Since each lamp fires 
at about 70 volts, five bulbs wired in series will read a voltage of up to 
350 volts. You can quickly see how larger or smaller banks can be 
easily built. The cost of these bulbs is quite low, so even fairly large 
banks can be built without great cost. 


When con- bank of neon lamps 


connected in series 
nected to a source 


of high voltage, it is 
quiteeasy tosee which 
bulbs are lit. Some- 
times, however, you 
may have to darken 
theroom to geta more 
accurate reading. 
Neon lamps are not 
always easy to see. 

You can increase 
visibility by leaving a 
small gap between the 
lamp bank and your Neon Lamp Bank 
high voltage source. 
Letting a spark periodically jump the gap will trigger the lamp bank. 
Attaching the bank directly to generator can draw enough current 
from the generator (load it down) such that it never reaches peak 
voltage. With a small Van de Graaff a steady stream of bright flashes 
will occur every two or three seconds. 

Though this means of voltage measurement is crude, you could 
improve it somewhat by using bulbs with very close firing voltages. 





Le EUATE 


insulating plastic 
strip with mounting screws 


Figure 33 
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The best way to find 1 meg 
potentiometer 


such bulbs is with the 
circuit such as shown 120 Volts Ac 
in figure 34. Note that 

a volt-ohm meter can 
also be connected 
across theleadsshown 
in order to gauge the 
exact voltage at which 


the bulbs will fire. By Neon 
slowly bringing up the 
input voltage to a set ee 
of bulbs wired in par- Ban 
allel you can find 
which bulbs fire to- 
gether and at what 
voltage. Figure 34 

A neon bank can 
also be used very effectively to determine 
polarity. After carefully observing a string 
of flickering bulbs you will notice that 
only one of the two inside leads is actually 
lighting. This lead will represent the nega- 
tive electrode. 


schematic 
diagram 


Corona and Polarity 


Another interesting way to determine 
polarity is by observing corona discharge 
from your high voltage potential. Corona 
discharge is that strange very faint blue 







to 
additional 
lamps 


glow that surrounds portions of your high potential terminal. To 
observe it, you will need to be in a darkened room with your eyes fully 


adjusted to the dark and your generator running. 


One might assume that positive corona and negative corona look 
the same, but this is not true! Positive corona is even and uniform in 
appearance while negative corona is bushy, often with streaks or 


streamers that move around. 
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I first noticed this while using my external Van de Graaff, thesame 
one described earlier. Not having had much experience with this 
generator, I immediately assumed that the light blue glow I was 
seeing in the darkness was due to arcing in the D.C. motor. It was too 
dark to see where the corona was coming from. Fearing the contacts 
in the motor would eventually be damaged, I tried every method I 
could think of to stop motor arcing, but the pesky blue glow went on 
unabated. Finally, I reached out in the darkness thinking I was going 
to touch the motor, but much to my surprise ended up touching the top 
of the generator! I had not expected to observe a corona discharge on 
this machine. 

Another interesting fact is that negative corona can be heard! If 
you find that a hissing sound is coming from your generator, this will 
be generated by the negative corona discharges! 


Using Spark Gaps To Determine Voltage 


A spark gap is the best way I know of to accurately measure high 
voltage without having to resort to very expensive laboratory equip- 
ment. 

Figure 35 shows the basic configuration of a “sphere gap” capable 
of accurately measuring up to 90,000 volts. A sphere gap consists 
simply of two hollow stainless steel spheres 1/2 inches in diameter 
whichare attached toa length of threaded rod with epoxy glue that has 


stainless steel balls glued 
to screws with epoxy which 
has been made conductive 


lastic or 
rubber knobs 









“L” bracket 


Lucite base 






ye Prat rd the Sphere 
a a Spark Gap 
Figure 35 
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been made conductive by some additive or has been coated with a 
little silver paint in order to make electrical contact between the sphere 
and the rod. The rod is threaded through a metal stand, and plastic 
handles are added to allow the spheres to be turned while the device 
is operating. The spheres must beat least3 sphere diameters above the 
base to prevent distortion of the electrical field which can give inaccu- 
rate results. 

Another type of gap you can build is a rod gap consisting of two 
aluminum rods 3/4 inch in diameter. The rods are lined up witheach 
other just like the sphere gap. The ends of the rods are rounded by 
turning ona lathe. Precision is important. The ends of the finished rods 
must be as close to hemispherical in shape as possible and must be 
highly polished. A rod gap of this type will give fairly accurate 
measurements up to 60,000 volts. 

Unfortunately, there are too many variables to give a simple 
equation for determining at what voltage a spark will bridge a given 
gap. The only practical solution is to either calibrate your gap by using 
devices that generate known voltages, or to use a set of measurements 
which have already been taken. 

What follows is a chart of known values for the apparatus de- 
scribed. These charts are excerpts from Electrostatics by A.D. Moore. 





kV Rod gap Sphere gap 

DF snipeneennenennenien amnannereienasnees 0.056 

LG svonpncevsevcesnvrssemiuaseen toune seer 0.112 

1S sessasvonsevncenncceavasvsnvmavenesite 0.170 

2D sctaxcusancaveusuanvananantnaes cess D228 ssacacsnessavccasvousns 0.234 

OB eciscavcncivacwaassieecenssoreceas 0.288 

30 se OBES ivvevisisvaasscceses 0.370 

BO tai R BARNETT 0.430 

BO iicpscutees can ace eosin tnnmcteas O520 warsssepvaunuss 0.531 

AB iesitssinsi sus ins peaietmueiieadits 0.625 

SO cissmisweanisiliuapatiancas 972015 May eer AES 0.710 

SS coushasinasavaninks crisarebnneartyp 0.903 

OL) in ccxercarsthsendspenssentanteceoee WT Ae aise tits Sionth oseests 0.950 

ZU) sscoseshussunaseenqnstesesizeaneaiaistiennsbasnehsbectMieebeasdaannes 1.102 

Poll atric apsitesin dssce era hannah gee tacaoasmeategiaclsbienlion 1.380 

STUD. vnnassnasoraninaanenyrenvasieneurennaeatedenntensomrememesnnicie 1.700 





Note: Gaps listed are in inches. 
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One limitation of measuring high voltages with a sphere gap is 
that you will loose accuracy dramatically if the gap between the 
spheres becomes larger than the diameter of one sphere. Because of 
this, you might need a general way to calculate voltages for spheres of 
different sizes. Also, you may not be able to find a sphere of the exact 
size mentioned and will need to have a reference for adjusting your 
figures. 

What follows is a listing of spark gaps for spheres of several 
different sizes. By using these numbers and plotting along a curve, 
you can remain fairly accurate in determining the characteristics of 
spheres whose sizes fall between those shown, 


Gap Distances in Inches 
for a variety of voltages and sphere sizes 


sphere sizes in cm 








kV 2 3 4 5 10 
5 10 ov erenerertey 1S G0 eerereeren 0:30 scnsenc O80 sccicanss DiSQasciaize 0.30 
ZO rasvessssveonrsc) OO Lcoaannvecens CFE weicenervesnt sO Se nceceraasst le accmennesinony 0.61 
Bel cipeisesuesoncs ODS scsisesased O95 sccirenene OS vascsscavsse ODS vsscceasuces 0.95 
AO Joeccesseseeeneee 1.40 we eesseee Wee Enron 130 cscs. Ta0saiaes 1.30 
0 oe DDD ceswveanas dk eereaeexsnnans eS LEZ L weusrensase 1.65 
GO slinaisssecesers 2.8L isan DAO ssssrsvsces DD Vrasvessveces BENG iswesesine 2.02 
VED clnegprosnnavteses 4.05 woccseees oa to rere 280 estsiatess BOD cicaene: 2.41 
SOs dbckcerrenesxewarnnrmera 44D veces DO scxenssnens S26 seceseaas 2.82 
Diol cosecsnseucwssiry) spicusanroesmaactane aesasries RMD ccc GO as 3.28 

BLIGDS, sp nasissihaen age stsieanignnsannsteerapp nese aheddadtbecnseratatentnicenesed 4.76 essesesens 30) 


THE “NOON” ION HIGH VOLTAGE METER 


OK, I have to admit that itis terribly arrogant for me toname one 
of my devices after myself, but what the heck. For the record, I won’t 
complain if you affix your name to one of your inventions! I think that 
you will find this meter which has solved so many of my voltage 
measuring problems to be an extremely useful tool in experimenting 
with high voltage. 
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As we have discussed, the surfaces of a high potential terminal 
should be smooth and round, ideally spherical, in order to prevent 
electrons from flying off into space. If we intentionally direct these 
electrons ontoa sharply pointed terminal, the density of electrons will 
increase to the point where they begin to jump outinto the atmosphere 
that surrounds the terminal. As these electrons stream away, the 
pointed terminal moves inan opposite direction by virtue of Newton’s 
second law of physics (ie. for every action there is an equal and 
opposite reaction.) 

This reaction is extremely small. However, it is measurable, and 
can even drive a small motor (described later) or,as [havediscovered, 
push the pointer on a standard panel meter! Since the strength of the 
reaction is directly related to the voltage accelerating the electrons, it 
is possible to construct a meter capable of measuring high voltage. 

One difficulty with this meter is that, if constructed from off-the- 
shelf parts, no two meters will read exactly the same due to variations 
in the exact dimensions of the pointed terminal and the meteritself. It 
is necessary to use other methods to initially calibrate your meter such 
as comparing meter readings to voltages ascertained by the spark gap 
method. 

When using your meter remember to keep it well clear of ground 
or any object that might attract the ions streaming off your high 
voltage generator. Anything that upsets the stream of electrons can 
affect the meter reading. 


HIGH VOLTAGE AND SAFETY 


Because storage devices can accumulate enough electrical charge 
to be lethal, we must discuss safety. 

Most texts simply warn the experimenter tostay away fromahigh 
voltage discharge, and, of course, this is a good idea. No shock is 
completely safe, and people have been injured and even killed by 
remarkably small voltages. 

Even low voltage can deliver high damaging current. A capacitor 
carrying just a few volts has been known to melt the end of a 
screwdriver that accidentally bridged its terminals! 

If your experiences with electricity are anything like mine, no 
matter how careful you try to be, electricity will occasionally find 
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some clever way to zap you when you aren’t looking. Because of this, 
you should know how to determine when any source of high voltage 
you are experimenting with is safe. 

The U.S. Atomic Energy Commission helps us by telling us thata 
discharge to the human body of 10 joules is known to be hazardous to 
life. A discharge of a mere 1/4 joules will deliver a heavy shock. 

Use the following equation for figuring the charge in Joules: 


Joules = =cv? 


where: 
C = Capacitance in Farads 
V = Voltage in Volts 


What follows (again from A. D, Moore) isa shortlist of capacitors 
and the number of kilovolts needed to store up a dangerous 10 joule 
charge. 


microfarads (uF) kilovolts (kV) 
0.002 100 
0.20 10 
20 1 
80 2 
320 25 
2000 1 


From this you’ll see that even small capacitors can store lethal 
amounts of electrical charge. Just because you may be dealing with 
less than 10 Joules does NOT mean you are safe! Again, remember that 
no shock is completely safe. If you are careful and use good judge- 
ment, you will have little to fear from electricity. 

Most of the generators in this book will produce more than 
enough power to run any of the experiments outlined directly. High 
voltage static electricity is safe because there is so little current avail- 
able. A Van de Graaff machine moving 50 square inches of belt per 
second generates only one microampere. Although the voltage (the 
pressure behind current) can be very high, there is very little current 
to be accelerated. Power is the product of voltage times current. One 
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microampere would have to be accelerated by one million volts to be 
able to deliver one watt of power. With such low currentlevels, power 
levels are necessarily low and relatively safe. 

If, however, small currents accelerated by high voltage are stored 
inacapacitoror bank of capacitors, itis possible to accumulate enough 
charge at high voltage that when it quickly discharges it can produce 
deadly levels of current. Some commercial high power static genera- 
tors go as far as to present the warning “Do not attach capacitors.” If 
you are experimenting with larger capacitors than those described, 
remember that it is no longer safe to verify static charges by touching 
terminals! Capacitors can store charges from minutes to months de- 
pending on the dielectric! Careless or thoughtless use can prove fatal! 

Electrostatic generators are unusually safe. Most generators will 
produce no worse a shock than a good jolt resulting from shuffling 
across the carpet. However, in coupling your generators to energy 
storage capacitors you’re moving into dangerously high voltages. Be 
very careful! 


ENERGY STORAGE WITH THE LEYDEN JAR 


A Leyden jar is simply a capacitor, that is, a device that stores 
electrical energy. Like all capacitors it consists of two conducting 
metal plates separated by an insulator. Figure 36 

A brass knob such as those used on the handles of bathroom 
drawers is attached to an insulator, in this case, a flat piece of Lucite. 
You could also use cork, plastic, wax, or almost any insulator. The 
Lucite is cemented to the lid of a jar with a little Silicone glue. A large 
hole cut in the lid of the jar allows a wire to pass from the bottom of the 
knob to the bottom of the jar. The inside and outside of the jar are 
coated with a layer of aluminum foil. The foil should be worked with 
your fingers until it smoothly conforms to the sides of the jar. A wire 
is attached to the outside foil, and the entire outside is then wrapped 
with black tape. 

To use the Leyden jar, the wire lead coming from the outside foil 
is attached to ground. A cold water pipe makes an excellent ground. 
The brass knobis connected to the output terminal of your generator. 

Leyden jars can be assembled inany size, larger jars having larger 
capacitance. My personal favorite Leyden jar was made from a 5 


58 










Aluminum Foil 
inner conductor 


Glass Insulator 


Aluminum Foil 
outer conductor 


Leyden Jar & Other Capacitors 
showing the 
conductor-insulator-conductor layers 


Figure 36 


gallon white plastic pail that had contained detergent. This huge 
capacitor has been charged by the “Classic Van de Graaff” generator. 
Under good conditions it yields a very heavy, thick, multi-colored, 
spark of more than 4 inches accompanied by a “crack” that could be 
heard for some distance. 

A word of warning: I made the error of touching this capacitor 
when I had thought it fully discharged, and though it was partially 
discharged at the time, I received a remarkably painful shock. This 
capacitor should be treated with respect. You can never be too careful. 


Leyden Jar Tool 


One tool you should build for your Leyden jar isa discharge rod. 
After experimenting with your Leyden jar, you will always want to be 
sure that it is fully discharged before handling or storing it. This is a 
very good habit to get into to avoid getting zapped when you are ina 
forgetful mood. 
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metal knob 
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jar lid 
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weight to kee 
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with black tape and cross section 
connected to ground = —= Figure 37 





Electricity often seems to find some way to getinto the jar without 
telling you. wasonce shocked by a Leyden jar that wasstandinga few 
feet from a generator. It was not until I observed the generator and 
Leyden jar in a completely darkened room that I noticed a blue glow 
around a length of wire which had been acting as an aerial above the 
Leyden jar and had partially charged it although it was not even 
directly connected to the generator! 

To make a discharge rod, simply take a length of heavy copper 
wire and bend it ina “U” shape. This “U” should cover the distance 
between the brass ball and the aluminum side of your Leyden jar. 
Attach an insulating handle to the center of the “U”. Make sure this 
handle islong enough thata spark won't find its way along the handle 
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to your hand. Holding it by the plastic handle, you can bridge the gap 
between the brass ball and side of the Leyden jar, and safely discharge 
it. 

Discharging a large Leyden jar with this tool can be lots of fun 
since a large noisy spark can be safely produced. This provides a 
terrific demonstration for those who doubt the power of staticelectric- 


ity! 
THE WATER CAPACITOR 


Believe it or not, ordinary water and plastic bowls can be used to 
form an extraordinarily high dielectric, and make a good capacitor. 
Figure 38. A water capacitor is nothing more than two plastic bowls 
set inside one another each being partially filled with tap water. Any 
tap water will be somewhat conductive like the metal plates of the 
Leyden jar because of impurities. Dissolved salts in the water form 
positive and negative ions which move readily. The plastic wall of the 
inside bowl forms the dielectric while the water in each bowl forms the 
electrodes. A small capacitor of this type having 53 inches of useful 
surface area has a capacitance of approximately 100 pF. 

This type of capacitor was supposed to have been a favorite of 
inventor, Nikola Tesla. Tesla, itis said, would wire together banks of 
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insulated metal trays which were filled partially with water. By 
connecting these water capacitors in parallel, Tesla could reach very 
large storage potentials with a minimum of effort. 


Plate Capacitors 


As you have undoubtedly gathered, all that is required for a 
simple capacitor to hold a charge are two conductive plates with an 
insulator (dielectric) in between. There are an infinite number of 
configurations to be experimented with. Figure 39 shows what is 
probably the simplest useful capacitor possible. 

The largest plate capacitor I attempted during the writing of this 
text was one made from aluminum foil and my sliding glass door. As 
soon as I became interested in electrostatics, and making high voltage 
capacitors, I started seeing the makings of capacitors everywhere. 
Every day I looked at my sliding glass door, and every day it looked 
less like a door and more like a capacitor. Finally I broke down and 
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bought a large roll of aluminum foil and some tape. After a thorough 
cleaning, I transformed my door into a giant capacitor, by taping 
sheets of foil to each side of the glass. But alas! The results were 
disappointing. Temperature differences between the inside and out- 
side of the glass caused condensation and all the problems that 
moisture brings, and the large sharp edges of the foil which I at- 
tempted to insulate bled off charge rapidly into the air. The foil did 
odd things such as crinkling and making sounds when charged, but 
failed to yield an interesting spark or hold a charge for any length of 
time at all. 

I’msure you'll come up withas many ideas as Ido. Mostrecently, 
a television special showed the huge metal domes on buildings in 
Moscow square giving me visions of tremendous high potentials. As 
I watched, the buildings kept looking more and more like high 
potential tops of Van de Graaff generators and less and less like 
buildings. I think this high voltage stuff is affecting my mind! I think 
it’s a good thing that I don’t live in Moscow. 


Calculating Capacitance 


Once you begin designing and building capacitors, you will 
undoubtedly want to know what charges they are capable of storing. 
Capacitance is fairly easy tocalculate, although homemade capacitors 
will be much less than perfect and probably perform more poorly than 
calculations might indicate. The following equations will give you a 
good idea of what can be expected from your designs. 

Airis a good dielectric, and is accounted for in calculations. If we 
have two metal plates standing parallel to one another with air 
between, the equation for finding capacitance in picofarad is: 


gs 08854 = 


Where 
A is the area of one side of one plate in square centimeters 
S is the distance between plates in centimeters, 


Epigastric | 
Region _ ht 





The same equation can also be revised for inches: 
A 


Note that these equations remain fairly accurate as long as the 
smallest dimension of the plate is ten or more times “S”. In other 
words, the area of the plate should be much, much larger than the 
distance between them. 

Different materials have different insulating capabilities which 
are reflected in their dielectric constant. Since you will want to use 
materials other than air as a dielectric, you will need to look up the 
dielectric constant from standard tables. You'll find that Plexiglas 
provides about four times the dielectric strength of air. A capacitor 
built from two conducting plates would have four times the capaci- 
tance of an air capacitor. 

Another example: We might calculate from the equation above 
that a capacitor with a desired plate size has a capacitance of 100 pF 
using air as the dielectric. Using the chart below we see that if dry 
paper were substituted for air, the capacitance will be raised to 200 pF. 

Shown below are some typical dielectrics relative to air borrowed 
from Attwood’s book Electric and Magnetic Fields: 





Dielectric Constant Material 
1 Air 
25 Ethyl alcohol 
25 Transformer oil 


45-7 Various types of glass 
6.8-8.4 Plate Glass 
8.0 Window Glass 
4.1-6.1 Pyrex 
5.4-5.8 Bakelite 
g Dry paper 
2.3 Paraffin 
4 Plexiglas 
25 Pure rubber 
4 Wood 
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Capacitors can be connected in parallel or in series. Parallel 
connection increases total capacity. The total capacity is the sum of the 
individual capacities. 


CTota = C1 + C2+ C3 +... 


For example, three capacitors having capacity of 10,20 and 30 pF 
each would act as one capacitor having 60 pF when connected in 
parallel. The breakdown voltage of the combined capacitors is only as 
great as the lowest breakdown voltage of any single capacitor. 

Calculating the capacitance of capacitors connected in series is 
more complicated, being the reciprocal of the sum of the reciprocals of 
the individual capacitances. 


In series you would figure: 


Crow = =——7— 
+ w+ n+ 
Cr C2 C3 see 
For example, three capacitors have capacitance of of 2,4 and 4 pF. 
When connected in series, the total capacitance would be 1 pF. 
Although capacitance has decreased, the maximum working voltage 
has increased. If each capacitor had a maximum working voltage of 
10,000 volts, the series connection would have a maximum working 
limit of 30,000 volts. 


Power Capacitors 


You can build a very powerful capacitor by creating a stack of 
alternating sheets of dielectric material and metal plates. On a large 
sheet of dielectric place a metal plate, then another sheet of dielectric, 
another metal plate and so on. The plates must be absolutely clean and 
free of even the tiniest contaminant or the capacitor will not work. To 
complete the capacitor connect alternating metal plates to one lead 
and the remaining metal plates to another. 

For your first attempt, build a power capacitor with 5 sheets of 
dielectric and 3 metal plates. Connect the top and bottom metal plate 
to one lead, and the middle metal plate to another lead. 
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Benjamin Franklin — The Turkey Killer 


Benjamin Franklin, an incurable prankster, was an ardent experi- 
menter with electrostatic machines. Amazing asit may seem, accord- 
ing to his biography, the major reason Ben Franklin tried his danger- 
ous kite experiment was that he was tired of charging his Leyden jar 
by hand cranking his static electricity generator. He wanted tocharge 
it with lightning which he was able to do without getting himself 
killed! (Note: this method of charging a Leyden jar is not recom- 
mended for those other than “founding fathers” and other experi- 
menters who seem to have a supernatural gift for avoiding harm. In 
other words, don’t you try it.) 

Franklin’s hand-cranked static machine was large enough when 
coupled to Leyden jars to produce a lethal voltage. In fact, Franklin 
often used his static machine to kill his Thanksgiving turkey. In his 
own words “... to the amazement of many... A turkey is to be killed for our 
dinner by electrical shock, and roasted by the electric jack, beforea fire kindled 
by the electric bottle...” 

Franklin’s pranks were not without risk. Just a short time before 
his famous kite experiment Franklin accidentally took the full force of 
his turkey killing device. He wrote, “Being about to kill a turkey by the 
shock from two large glass jars, containing as much electrified fire as forty 
common phials, I inadvertently took the whole through my own arms and 
body, by receiving the fire from the united top wires with one hand while the 
other held a chain connected with the outside of both jars. The company 
present (whose talking to me, and to one another, I suppose occasioned my 
inattention to what I was about) say that the flash was very great and the crack 
as loud as a pistol; yet, my senses being instantly gone, I neither saw the one 
nor heard the other; nor did I feel the stroke of my hand.... I then felt what I 
know not well how to describe: a universal blow throughout my body from 
head to foot, which seemed within as well as without; after which the first 
thing I took notice of wasa violent quick shaking of my body, which gradually 
remitting, my sense gradually returned... That part of my hand and fingers 
that held thechain was left white,as though the blood had been driven out,and 
remained so eight to ten minutes after, feeling like dead flesh; and I had a 
numbness in my arms and the back of my neck that continued till the next 
morning...” 


Franklin’saccountofhisown mishap should certainly give thought 
to those who do not take the dangers of static electricity seriously! 


ELECTROSTATIC EXPERIMENTS 


The experiments here are divided into two categories. The first 
group describes electrostatic experiments that can be performed for 
an audience. In other words they're merely for entertainment. 

The second section features experiments which possible useful 
applications of electrostatics which are not often discussed. Many of 
these “useful” experiments could be or are being developed into very 
real, marketable industries and should be particularly interesting to 
the serious experimenter. 


Hair Raising Experiences 


Using electrostatic voltages to make a person’s hair stand on end 
is a classic experiment every audience should see. It can be done ina 
number of ways. Find a subject with hair that is light and clean. With 
some experience you will be able to recognize the best subjects 
immediately. Next, convince the subject that the ominous apparatus 
that they havejust seen throwing four inch sparks will notharm them. 

You may want to explain why the experiment is perfectly safe by 
describing the “skin effect” of high voltages. This effect refers to the 
strange fact that voltages of this order travel only on the outside or 
“skin” of the object they pass over and will not travel through the 
inside of a body where they could do any harm. For alternating 
currents this is a true skin effect, but for direct currents there is a 
similar effect that occurs probably because of the repulsion of like 
charges rather than due toa true skin effect. 

The subject should stand within reach of the generator and should 
be well insulated from any ground. This is accomplished by having 
the subject stand on a large insulator such as an overturned plastic 
bucket, or, asa joke, a stack of college text books since they are usually 
very dry. Instruct the subject to place one hand on the high potential 
terminal, and then turn the generator on. Remember to remind a 
nervous subject not to remove his hand from the terminal until the 
experiment is completed since removing his hand could provide a 
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Figure 40 — The author's hair is usually flat and combed somewhat back. 
After a few minutes connected to a running Van de Graaff generator, and 
he's ready for a punk-rock concert! 


shock. Depending on the output of your generator you may need to 
allow it to run for several minutes before your subjects hair will begin 
to rise. Having your subject shake his head occasionally with speed up 
the process. 

During this whole procedure the subject will not feel the electric- 
ity passing over him other than perhaps a light tickling as his hairs 
stand on end. What is happening is that the subject’s hair and whole 
body is taking on a charge from the generator. Since all of the hairs 
have the same charge whether it be positive or negative, and because 
like charges repel each other, every hair is repelled from every other 
hair and any nearby parts of the body. Warnings: 1) Don’t use 
capacitors. 2) Hairspray is flammable. 3) Voltages over 500,000 are 
unsafe. 

Strangely enough, your generator will actually have a higher 
potential with someone is touching it than when it is operated alone 
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since itcan now use the person’s body asa high potential collector. The 
success of this experiment depends largely on the subject’s hair.Some 
women with short frizzy hair will have their hair stand out nearly 
straight from their head! 

After the experimentis complete, have your subject remain stand- 
ing on the insulator. This will allow the charge accumulated in their 
body to bleed off and will reduce the possibility of a large spark 
occurring when they eventually touch something that is grounded. 

There are a few simpler although perhaps less dramatic ways to 
perform the same experiment. One is to make a wig out of fuzzy yarn 
and to place it over the generator’s high potential terminal. You can 
place it on the spherical terminal of a Van de Graaff generator to 
simulate a person’s head. Some Mr. Wizard impersonators even like 
to puta pair of plastic sun glasses under the wig to give the generator 
alittle character. After the generator hasrun fora time, the hairs of the 
wig will stand on end. 

A very quick way todemonstrate this effect is to simply takea few 
hairs froman old hair brushand place them on the generator’s surface. 
They will immediately stand on end, and will often fly off the genera- 
tor all together! Many different light weight materials can be used for 
these type of experiments. Bits of styrofoam work extraordinarily 
well. 


The Magic Wand 


As discussed, smooth, round objects tend to hold their charges 
while sharp pointed objects will allow electrons to fly off in a stream 
sometimes referred to as an “electric wind.” The effects of this wind 
can easily be seen. Connecta short lengthof wire to your high potential 
terminal and hold the free end of the wire with a handle made of an 
insulating materials such as plastic. Point the end of the wire toward 
alighted candle, and observe the flame. The flame will bend mysteri- 
ously away from the invisible “electric wind.” In a well darkened 
room withoneseyes well adjusted the “wind” may actually be visible. 

Another interesting experiment is to use the wand to chasea soap 
bubble. Because there are two forces acting on the bubble, the outcome 
of the experiment may be unpredictable. One force is the charge of the 
generator itself which draws the bubble toward the wand. The other 
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force is the electric wind from the wand that pushes the bubble away. 
How the bubble will act is anyone’s guess! It depends on which force 
is dominant. 

A little later on we'll use thissurprisingly powerful wind tocreate 
a small pinwheel motor. 


Levitation 


There are a number of ways that you can levitate lightweight 
materials using your generator. The easiest ways to demonstrate this 
is to simply spread very small shavings of styrofoam along the top of 
your generator. When the powerison, the pieces will take on the same 
charge as the surface of your generator and be repelled by itsince like 
charges repel one another. The bits of styrofoam will levitate off into 
the air after the generator has been on a few seconds. 

An entertaining experiment can be done by placing a number of 
tiny styrofoam balls in a short section of clear glass or plastic tubing 
about 2 1/2 inches in diameter and a few inches in length setting on 
your high potential terminal. Cover the top of the tubing witha metal 
plate, and connectit to ground. When your generatoris turned on, the 
balls become charged and levitate to the top of the plastic tube. When 
they touch the metal plate at the top of the tube they lose their charge 
to ground and fall back to the generator again. The balls will oscillate 
between the ends of the tube until the generator is shutoff. Youshould 
coat these balls with a conductive paint for a more complete charge 
transfer. 

If you enjoy reproducing electrostatic experiments as they were 
originally done, you might want to try making your own old-fash- 
ioned pith balls instead of using styrofoam. Pith balls were used for 
these experiment before modern products like styrofoam were avail- 
able. Pith balls are made by removing, shaping, and drying theinsides 
of certain plants such as dandelions. Details can be found in old 
physics textbooks before 1900. I’ll stick with good old styrofoam. 

Place larger bits of styrofoam on your generator, and turn your 
generator on while touching the bits with your hand. The styrofoam 
will assume that you are ground and that your generator is a high 
voltage source. One side of the styrofoam will be charged one way, 
and the other side of the styrofoam the other. After removing your 
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hand, a number of things can happen. The styrofoam may flip over 
and be stuck toyour generator like a magnet. The styrofoam may stick 
toyour hand like a magnet. Or you may find the styrofoam floating on 
end as the hair did in the last experiment. 

An interesting trick can be performed by passing your hand over 
the styrofoam remaining on your generator terminal. As you doso, the 
electrical charges in the foam and in your hand will cause the styro- 
foam to jump about. 

I have meant for some time to place a metal plate on a table 
underneath a table cloth and to energize that plate from a hidden 
electrostatic machine. I could then sit at the table and “mysteriously” 
move light weight objects such as bits of hair, sawdust, styrofoam or 
other similar materials around the table simply by passing my hands 
over them. I think this would make a very convincing illusion of 
mental telekinesis. Try it. 


Lighting Without Wires 


If you or your friends doubt the power of your generator, have on 
hand a supply of Ne2 neon bulbs which are available for less than a 
dollar at any electronics store. Remind those onlooking that it takes at 
least 70 volts to light a neon bulb. Hold one lead of the neon bulb in 
your hand and move the bulb toward your generator. Within inches, 
or even feet, the bulb will flicker or light. I have seen some experiment- 
ers hold the bulb in their mouth while reaching toward a generator 
with their hand. Seeing a 70 volt bulb light in a persons mouth with no 
wires attached is an impressive demonstration. 

You may want to try large florescent bulbs as well. When my 
generator has been running I have seen flickers in the florescent lights 
in the ceiling of my home. These bulbs are many feet above the top of 
my generator yet respond well in a darkened room. 


Perpetual Motion 


Anything that people assume can’t be done interests me. Many of 
the greatest inventions of all time would never have come into being 
if theirinventors hadn’tat one pointbeen told thatit couldn’tbe done. 
Currently, perpetual motion qualifies as such. 
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chassis of alternate foil strips 
insulating material are connected 
© by wires to high @ 
voltage terminals 


Figure 41 
“Perpetual Motion” 


The following device doesn’t really qualify as perpetual motion, 
butit appears to be! Figure P| shows the device. The idea is simple. A 
few light-weight conductive balls are released onto a U-shaped track 
on which the balls rock back and forth. Itis normal to assume that the 
balls will slowly lose their energy and come to a stop in the center of 
the track. Instead, because of the electrodes in the track,the balls 
continue back and forth indefinitely and even pick up some speed 
along the way. 

What has happened is that you have constructed simple electro- 
static motor. As the balls pass over the foil strips they pick up the 
charge from that strip. Having the same charge as the strip, they are 
repelled by thatstrip and are simultaneously attracted to thenext strip 
which has a dissimilar charge. Inertia will cause the balls to roll over 
the dissimilarly charged strip and on to the next. The electrostatic 
forces replace the energy lost in rolling friction. In this manner the 
balls will remain in motion for as long as power is supplied. 

If you wish to really complete the illusion given by this device you 
will naturally want to hide the foil strips from view. To do this you 
could either use a conductive material other than foil that blends into 
the background, or, if your generator is powerful enough, you could 
probably bury the foil strips under the ramp material and still transfer 
a sufficient charge. 
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Trick Gun 


We know that like charges repel one another. This has been 
demonstrated with the ‘hair’ experiments and others. What would 
happen if we introduced a charge into a liquid, and then shot that 
liquid out in a stream? We can find out with the use of a squirt gun. 
Purchase an inexpensive water gun thatstores its water in the handle. 
Drill a small hole into the handle and twist a brass sheet metal screw 
into the hole. You may want to puta little Silicone glue around the top 
of the screw to make sure that this point will not leak when the gun is 
later filled with water. The brass screw provides electrical contact 
between your hand and the water. 

Fill the gun with water, and pump outa few squirts. The water will 
come out in its customary straight stream probably covering the 
length of the room. Then stand onan insulator and charge yourself up 
as described earlier. When you squeeze the trigger, a stream of 
scattered droplets will be ejected only a few feet. What has happened 
is that all water droplets have a similar charge so each droplet is 
repelled by every other droplet. Other than being just an interesting 
way togetan unsuspecting friend wet, this mechanism can be applied 
anywhere that a liquid must be atomized. 

I’ve wondered about making an electrostatic chamber on the 
carburetor of my car to see if better atomization of the fuel would 
result in better combustion. But first I need to check into the dangers 
of a spark occurring! I don’t really want to blow myself up! 


An Ion Motor 


There are several different electrostatic motors that can be run by 
your generator, the simplestbeing anion motor. You can make one by 
simply bending a length of light weight wire intoa “Z”. At the center 
of the “Z” shape, place a conductive bearing. Nothing fancy is re- 
quired. In fact, just looping the center of the Z around an axle may 
work. Make sure however, that the Z will rotate very easily. A simple 
schematic of the ion motor can be seen in figure 42. 

When power is applied to ion motor electrons stream off the 
pointed ends of the wire creating an electric wind. The force of the 
wind pushes the wire in the opposite direction. Again, for every action 
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there is an equal and opposite reaction. If 
your rotor is well balanced and the bearing 
friction is very low, your motor can and 
will achieve speeds of several thousands 
revolutions per minute! Of course, the 
torque generated by this motor will be 
very, very small. Nevertheless, it is fasci- ae! 
nating to watch a motor propelled by a Figure 43 —Simple Ion 
stream of electrons! Motor 
Although the thrust of this motor is 
very small, I am certainly not the type of experimenter to let this hard- 
earned stream of electrons get away without doing some useful work 
along the way. I have attached one of my pinwheel motors to a tiny 
plastic airplane propeller as shown to blow a little air cool air my way. 
I think this is probably one of the few fans that I know of that must be 
connected to 100,000 volts or so to operate! 
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Another thought that I had for this fan was to drive it with a 
negative charge. Negative ions are thought to have many health 
benefits, and to cut down on pollutants in the air. Negative ions 
apparently attach themselves to specks of airborne dust and cause 
them to fall from the air. There area number of negativeion generators 
being marketed for this purpose. I thought that a spinning propeller 
of this sort would be an absolutely outstanding way of both distribut- 
ing and producing negative electrons in a room environment. 

Ion motors also have serious applications in space travel. The 
Soviets have used ion motors to propel some of their long range 
probes. The problem with these motors is that the thrustis very small. 
However, ion motors offer at least two enormous advantages. First, 
they can be powered by a nuclear or solar electrical source which can 
provide power far longer than conventional chemical rockets. Second, 
anion motor can provide higher velocity thrust than current chemical 
rockets because the nozzle velocity of a rocketis limited by theinternal 
pressures that can be safely generated inside the rocket motor. An 
efficient ion motor can accelerate ions to speeds approaching the 
speed of light! Although the thrust is small, over time the space craft 
could itself approach the speed of light, at least, in theory. 

A few tips for getting the best operation out of your ion motor— 
Make sure that your rotor is well balanced especially if you want your 
motor to be self-starting. Your rotor should spin easily for several 
seconds when tapped lightly by your finger. The more freely your 
rotor can spin, the faster it will revolve. The bearing used in a 
radiometer would make an excellent ion motor bearing. 

Run your generator/motor in an area free of objects that might 
provide sources of ground. My first ion motor was well built and 
carefully balanced, yetitrefused tospin. When I reached down togive 
ita tap togetitstarted, itrefused tomove. In factit feltasthoughit were 
being held in place by a magnet. It was then that I realized that one of 
the arms of the rotor must have been attracted to an object with an 
opposite charge. That object turned out to be me! When I moved a 
short distance away, the ion motor sprang to life and immediately 
whirled up to several hundred RPM. 

For this motor, voltage is more important than current. The motor 
will run and do useful work on currents under a microampere. 
Electrostatic motors have been run with currents of less than .001 
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microamperes, and have even from the earth’s electrical charge itself. 

Another interesting use that I have found for an ion motor is that 
of a primitive high voltage meter. The higher the voltage, the greater 
the thrust from the motor. This may be used to move a pointer suchas 
in a panel meter or may be used simply to a relative indication of 
voltage. 

I like to place a small ion motor on top of my Van de Graaff 
generator when I am charging capacitors. When the capacitors are 
charging, the motor will not move since the charge is being bled off 
from the generator to the capacitors. When the capacitors are fully 
charged, they stop drawing current from the generator. The terminal 
voltage rises, and the motor begins to spin. This is a very useful 
application of the ion motor since it is usually impossible to tell when 
a capacitor is fully charged any other way. 

Iam told that ion motors have been used in scientific toys such as 
those that can influence a balsa airplane in flight. Gustave LeBon’s 
electrified rocket wasa small aluminum foil rocket that could actually 
fly on electrostatic forces (Patent No. 2,018,585). I have not seen these 
devices, but they sound like something worth investigating. 
Experimenting with “micro” sources of power can bring out the 
engineer in everyone. 


An Ion Blower 


The last experiment uses a stream of ions to propel a small rotor. 
Since in essence what we really have isa little jet engine, why not put 
our blower into a tube and see if we can pull a little air along with it. 
Figure 44 shows one possible configuration. 

One end of a small, clear tube such of glass, Plexiglas, or other 
insulating material is fitted with a sharp metal point. A metal screen 
covers the other end. Electrons reacha high density at the metal point, 
break free into the air, and stream through the tube to thescreen at the 
far end. As they move rapidly through the tube, they pull some of the 
air inside the tube with them. Obviously, a blower of this type has very 
low efficiency probably in the neighborhood of 1% under ideal condi- 
tions, Nevertheless, a puff of smoke at the intake side of the tube will 
easily be drawn through. 
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Clearing The Air 


Before moving on, here’s another interesting smoke experiment 
you can try. Geta clear plasticor glass jar having no metal parts. Drive 
a pointed nail through the center of the lid. Blow a little smoke into the 
jar, and seal the jar with the lid. Next, connect the head of the nail to 
the output terminal of one of your high voltage generators. 

As charge is applied to the smoke, it will begin to swirl. Soon the 
smoke will seem to disappear, although in reality ithas been redistrib- 
uted along the sides of the jar. 

Variations of this effect are used in industry to place very fine 
films on surfaces. Similar electrostatic methods are being used tomake 
sandpaper. When the tiny metallic abrasive particle are distributed 
along the surface of the sand paper they are given a charge that causes 
them to stand on end creating sandpaper witha better abrasive action. 





Figure 45 - Franklin Motor — Using large sling-shot balls 
and a simple Lucite disk, this little motor quickly speeds to 
over 600 rpm on less than 1 microampere of current! 
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THE FRANKLIN ELECTROSTATIC MOTOR 


The Franklin motor, named after its inventor Benjamin Franklin, 
is often said to be the first electric motor ever made. Its construction is 
simple, and, in fact, it is very similar in operation to the Dirod 
generator described earlier which can be run as a motor although 
inefficiently. Figure 47 shows the basic Franklin motor. 

A series of lightweight spheres is glued in place along the outside 
of an insulating disk of Plexiglas, glass, etc. As these spheres rotate, 
they pass through the corona emanating from a highly charged high 
potential terminal at each side of the disk. One terminal is charged 
negatively and the other positively. As a sphere passes a terminal, it 
picks up a charge that will be attracted to other terminal causing the 
whole assembly to turn until the high voltage is removed. 

One modification that you might like to experiment with is to 
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make the Franklin motor self-starting. This can be accomplished by 
adding points on the high potential sources to create an electric wind 
that gives the spheres just enough of a nudge to start the rotor 
revolving. 
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Figure 48 


Poggendorff’s Corona Motor 


Franklin’s motor works by charging a series of spheres as they 
pass by alternating high potentials. It is also possible to alternately 
charge an insulating surface as it passes near high potential terminals. 
Plexiglas, glass, and probably other materials will work. A drawing of 
Poggendorff’s motor is shown in figure 48. 

Here is how it works. Notice that there are two sets of brushes or 
combs with sharply pointed ends mounted at an angle. One brush 
sprays a negative charge onto the disk and the other a positive charge. 
As the disk continues to revolve, the charges on its surface find 
themselves attracted to the entire oppositely charged comb — not just 
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the tiny spray points. It is important that the brushes be mounted at an 
angle, so that charges on the disk may be attracted to the comb of 
opposite polarity before they are replaced with an opposite charge as 
the disk rotates under the points of the comb. Understanding how a 
motor like this works is simple. Getting one balanced well enough to 
be self-starting and smoothly running takes quite a bit of patience. It 
is nonetheless an exciting and interesting project. 


Atmospheric Electricity 


The earth itself is a huge electrostatic generator. In the air at any 
time there are some 200 volts of electricity encircling you all of the 
time. The reason that wearen’t being zapped all the time is simply that 
we are all at roughly the same potential. That is we all have the same 
level of charge, so, the electricity hasno reason to move from one point 
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Between the earth and the electrically conductive ionosphere, 
both of which store electrical charge, exists an electrical potential. The 
same sort of buildup exists between clouds and the earth. When the 
potential builds to a level great enough, the air ionizes, loses its 
insulating capacity and becomes an excellent conductor. The result is 
a huge arc of static electricity we call lightning. As current flows 
between the cloud and the earth, the potential is reduced until the arc 
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can no longer be sustained, and the lightning bolt is extinguished. It 
fascinates me to think that I live on one of two highly charged 
electrodes. 

As an electrostatic generator the earth is fairly impressive. Be- 
tween two and six thousand thunderstorms are in progress at any one 
time. Worldwide, a hundred bolts of lightning strike the earth every 
second. It is estimated that this gives the earth a high voltage potential 
of approximately 360,000 volts between ground and ionosphere with 
anaverage lightning bolt conducting 1800 amperes. The density of the 
electric field decreases as altitude increases. Near the earth’s surface, 
however, the field is estimated to be approximately 100 volts per yard 
of height. 

I say that the earth is fairly impressive because for all its size it is 
limited to these voltages by the fact that the atmosphere is relatively 
conductive having a resistance of approximately 200 Ohms. This is a 
relatively low resistance which quickly bleeds away charges. 

Although it can take a significant amount of time depending on 
weather conditions, any conductive material insulated from ground 
can acquire charge from the surrounding air, and become charged to 
a high potential. Although the charge accumulated is usually negative 
in polarity, thunderstorms and other atmospheric conditions may 
create a positive potential with respect to ground. Radio antennas and 
flag poles insulated from ground have been known to throw hefty 
sparks and even start fires. 


Plugging In To The Earth’s Charge 


If you’re as curiousas | am, you're asking yourself, “Can I tap into 
this charge?” The answer is yes! The first order of business is to 
measure and verify that a chargeis present. If you area skeptic like me, 
you've “gotta see that needle move” before you are going to believe 
there is something there! 

The best antenna for capturing atmospheric charge is a metal 
structure, insulated from ground, pointing straight up into theair. The 
simplest, and probably easiest way to accomplish this is to simply 
attach a length of very light, bare, copper wire to a large helium 
balloon. This can be dangerous! Remember to avoid power lines and 
airports if you plan to launch such an energy-gathering balloon! 
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Having your bare copper wire come in contact with a high-tension 
power line is nota pleasant way to die! Thunderstorms are extremely 
dangerous. (Ben Franklin was lucky to have survived his experiment.) 

The bottom of the wire should be attached to a high quality 
insulator well above ground. Attach one lead of a extremely sensitive 
meter to ground. Occasionally attach the other lead to the vertical 
metal conductor. Be careful! Do not take for granted that the potential 
will be harmless! If left unchecked it could easily reach a level that will 
bite you. You may find that it can take an hour or more to build upa 
significant charge, however. 

At one time I tried using a kite flown with bare copper wire but 
had mixed results. I experienced significant difficulty with the wire 
kinking as I let it out and reeled it in, in response to changing winds. 

Another time I hooked a diode into the line and got surprising 
voltages, but I had been fooled. The diode and coil in the meter had 
made a primitive crystal radio. I was extracting power from the 
atmosphere that had been placed there by radio broadcasting stations. 
Although this is not static electricity, it is nonetheless interesting 
because it is a demonstration of wireless transmission of power that 
Tesla was trying to perfect. 

An antenna of this type has been used quite adequately to runa 
corona motor from the natural potential that exists between the earth 
and its atmosphere! A motor of this type must be extremely well built 
having great sensitivity and very low friction bearings. I have seen 
sucha motor run, but] havenotrun one of my motors from this charge. 

Because of weather, it can take a long time to build the potential 
up to a level capable of doing useful work such as moving a sensitive 
meter or a small corona motor. Several methods have been devised to 
speed up the charging process. Early experiments devised by Lord 
Kelvin used an insulated metal tank filled with water suspended 
above the ground constructed in such a way so as to allow a steady 
stream of water droplets to reach the ground. Appropriately, he called 
the setup a “water dropper.” He reasoned that the surface of each 
water drop would be an extension of the surface of the water in the 
tank at the moment it dropped away. As it did, the drop would carry 
charges away with it. This continues until equilibrium was reached 
between the tank and the air. 

Using this same idea, charging time can also be reduced by 


83 





spraying a fine mist of water along a bare copper wire a hundred feet 
or more in length which is insulated from and suspended above 
ground. The falling water droplets can help to charge this wire to a 
measurable level in less than a minute’s time. 

Another method of speeding up the charging process is to in- 
crease the number of ions in the vicinity of the wire itself. A flame 
applied to the wire will increase the number of ions in the area of the 
flame and can bring a wire up to the same potential as the air around 
itina matter of seconds. To accomplish this easily, wrap the wire with 
a flammable substance such as string or paper soaked in lead nitrate, 
and ignite it. It is also possible to get good results by simply waving 
a torch lightly across the wire. 


In Conclusion 


I hope that you will enjoy experimenting with electrostatics as 
much as I have! I find few subjects more fascinating than high voltage 
and its generation. Asa technically minded person, you will undoubt- 
edly see many improvements that can be made in my designs. I know 
that this is true because at times it seemed I might never complete this 
text because there was always one more improvement to make and 
one more experiment to try. No doubt, you will conceive of dozens of 
new ways to apply the basic principles of electrostatics. Like all 
experimentation, every change, every test, every improvement will 
suggest many more questions to be answered and new improvements 
to be made. You'll probably devise many new inventions! 

Electrostatics is also a subject that everyone is absolutely fasci- 
nated by — even those who can’t change flashlight batteries,. When I 
was experimenting with different friction generator materials, I pur- 
chased quite a number of little swatches of material from a local fabric 
store. The young ladies working in the store demanded to know what 
the fabric was for, and, were so fascinated by the idea of generating a 
spark that I emerged from the store piled high with swatches of 
material which they insisted be tried on the generator. 

My own mother, who despises anything technical, shocked me to 
no end by demanding that I explain to her the workings of the atom 
immediately after seeing the classic Van De Graaff in operation. I do 
not think anyone can watch a powerful Van De Graaff generator at 
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work and not be curious about the forces at work. (And you and I will 
always want control of those forces!) 
So dig in, get to work! Mysteries await! 
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ADDENDUM 
Electroplating High Potential Terminals 


As you have certainly realized by now, a tremendous amount of 
your generator’s efficiency rests in the quality of your high potential 
terminal and in your ability to effectively store the charges produced. 
I think you will be very happy with the performance of any of the 
classic generators and storage devices described earlier. However, for 
those of you seeking to go beyond these boundaries of performance, 
I'd like to let you in on new area of experimentation: electroplating. 

Electroplating is simply a process wherein metal salts such as 
copper sulfate or nickel ammonium sulfate dissolved in an acidic 
aqueous solution can be deposited as elemental metal onconductor by 
applying an electrical current. This means simply that any conductive 
object can be covered through the process of electrodeposition witha 
layer of metal! 

Since electrostatic charges can be distributed quite nicely on even 
very thin conductive surfaces, this is a perfect system for making a 
flawless Leyden jar or a huge high potential terminal. I am currently 
working on creating very large, near-perfect high potential terminals 
by plating large plastic globes sold in many lighting stores for under 
$15.00! 

Anything can be plated — plastic, glass, pvc, etc. The only trick is 
in making their surface conductive initially so that a current can be 
applied. 

The basic procedure for producing a perfect Leyden jar is as 
follows. 

Begin by making the glass jar extremely clean. No fingerprints, 
water, or oil of any kind can remain. Use masking tape to cover the top 
20% of the jar to prevent plating in this area and to preserve a well- 
proportioned jar. Paint the exposed glass with a resin such as white 
shellac thinned with denatured alcohol, if necessary. I’ve even used a 
spray lacquer. 

From here there are several routes that you can take. The easiest 
method is to take a finely powered metal such as iron or aluminum 
(something around 400 mesh) and sprinkle it on thesticky, wet shellac. 
Since these finely powdered metals will float in the air much like 
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talcum powder, I usually put the metal powder and jar in a box and 
shake the two around around. Remember! These metals SHOULD 
NOT BE INHALED! Wear a safety mask, and if working with heavy 
metals, wearing protective clothing is a good idea. The metal powder 
should create a beautiful, even, light coating over the painted surface 
of the jar. Allow the paint to fully dry, and repeat the procedure on the 
inside of the jar. This is a little trickier, but not impossible. 

At this point you can actually stop, and use the jar quite success- 
fully. The tiny sandpaper edges of this powder metal coating will 
bleed off a stored charge when the jar is not in use. This makes a good 
natural safety feature. 

The only drawback to the powdered-metal approach is that if you 
choose to copper plate it, the copper plating will be just as bumpy as 
the powdered metal surface itself. Asa result, this method will always 
allow some leakage. 

Another simple method of making the jar conductive is to cover 
the shellac with powdered graphite. This can be rubbed smoothly 
onto the surface when the shellac is partially dry and will provide a 
smoother surface which in turn will produce smoother plating, On the 
other hand, graphite surfaces often require considerably longer plat- 
ing times and the process is less reliable. 

Although both of the above methods work well and have merits, 
the very best way to make the jar or any non-conductor conductive is 
to allow the shellac to dry completely, then paint or dipitina solution 
of 


1/2 ounce silver nitrate 
4 ounces distilled water 
6 ounces alcohol 


While this is still wet, suspend the jar inside a larger jar or other 
acid-proof non-metallic vessel, and place a few lumps of potassium 
sulfite or iron pyrite in the bottom of the larger jar. Cover this with a 
solution made up of one part sulfuric acid and eight parts distilled 
water, and close the lid. You now havea jar covered with silver nitrate 
solution hanging above the potassium sulfite-acid solution ina sealed 
vessel. This will produce hydrogen sulfide fumes that will convert the 
nitrate to a sulfide which is a conductive coating for you jar. Within a 
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A glass jar for the Leyden jar The jar is masked off and coated 
capacitor is selected and thoroughly with conductive graphite. 
cleaned. 


few minutes the chemical reaction will stop, and your jar will be ready 
to be plated. 

Now that the outside of the jar has been made conductive, it can 
easily be plated with copper. In an appropriate acid-proof vessel, 
make a solution of 


25 ounces copper sulfate 
6 ounces sulfuric acid 
1 gallon distilled water 


Use warm water when mixing to dissolve the copper sulfate more 
quickly. Do not allow this solution to touch your skin or clothes. 
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After a few hours, the deposit of The plated jar is ready to be cleaned 
copper is easily seen. up and put into use. 


Attach a wire from the negative lead of a 2 to 5 volt battery or 
transformer to the conductive part of your jar. A rubber band works 
well for this. Immerse the portion of your jar to be plated in the cop- 
per sulfate solution. Finally, attach a wire from the positive lead of 
your power source to a copper electrode having a large surface area 
such as a thin copper sheet. Set this electrode in your solution. 

All that you have to do now is watch the jar as the plating takes 
place. Be sure you keep the solution warm, or the plating will proceed 
very slowly. I like a thick copper coat and usually allow my plating to 
take place overnight. However in a fairly short period of time you 
should see a reddish copper coating forming on the outside of your jar! 
Simply repeat this process for the inside of your jar. 
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A twelve inch plastic sphere has been coated 
with graphite and is ready to be plated. 


Very large spheres and other shapes can also be plated by scaling 
up this process. I have seen many inexpensive large glass and plastic 
globes since I began experimenting with this process that would lend 
themselves to this technique. For more information, refer to books on 
electroplating and electroforming that can give you advanced details 
on plating superior finishes. 

As you can see, simple electroplating can make possible a vast 
number of new shapes and designs for high voltage terminals! 
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A medium-wave receiver 


1 A medium-wave receiver 


Figure 1 Terminal strip — 
position of components 


Introduction 


Let us start off with something that is really quite simple and yet is capable 
of producing a sense of real satisfaction when complete — a real medium- 
wave (MW) radio receiver! It proves that receivers can be simple and, at the 
same time, be useful and enjoyable to make. To minimise the confusion to 


absolute beginners, no circuit diagram is given, only the constructional 
details. The circuits will come later, when you have become accustomed to 
the building process. In the true amateur spirit of ingenuity and 
inventiveness, the circuit is built on a terminal strip, the coil is wound on 
a toilet roll tube (as amateur MW coils have been for 100 years!), and the 
receiver is mounted on a piece of wood. 





Putting it together 


Start by mounting the components on the terminal strip as shown in Figure 
1, carefully checking the position and value of each one. The three 
capacitors are all the same, and so present no problem. They (and the 
resistors) may be connected either way round, unlike the two semi- 
conductors (see later). The resistors are coded by means of coloured bands. 
You can refer to Chapter 7 if you have difficulty remembering the colours 
and their values. 






Z2N414Z 
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Figure 2 The layout of the 
parts on the wooden base 


1. Brown, Black, Yellow 100000 ohms (R1, R5, R6) 
2. Green, Blue, Brown 560 ohms (R2) 
3. Red, Violet, Brown 270 ohms (R3) 
4. Brown, Black, Orange 10000 ohms (R4) 


The integrated circuit (the ZN414Z) and the transistor (the BC184) must be 
connected correctly. Check Figure 1 carefully before fitting each device. 


Now wind the coil. Most tubes are about 42mm diameter and 110mm 
long. Don’t worry if your tube is slightly different; it shouldn’t matter. Make 
two holes, about 3mm apart, about 40mm from one end, as shown in 
Figure 2. Loop your enamelled wire into one hole and out of the other, and 
draw about 100mm through; loop this 100mm through again, thus 
anchoring the wire firmly. Now wind on 80 turns, keeping the wire tight 
and the turns close together but not overlapping. After your 80th turn, 
make another two holes and anchor the wire in the same way as before. 
Again, leave about 100mm free after anchoring. Using another piece of 
enamelled wire (with 100mm ends as before), loop one end through the 
same two holes which contain the end anchor of the last winding, wind two 
turns and anchor the end of this short winding using another pair of holes. 
Figure 2 shows the layout. 
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With some glass paper, remove the enamel from the ends of both pieces 
of wire which go through the same holes (i.e. the bottom of the large coil 
and the top of the small coil), then twist these bare ends together. 
Remove the enamel from the remaining ends of the coil. The coil is now 


finished! 


The baseboard can be any piece of wood about 150 mm square. Fix the coil 
near the back edge using drawing pins and connect the wires from the coils 
to the terminal strip as shown in Figure 2. Using short pieces of PVC- 
insulated wire (and with assistance if you have never soldered before), 
solder one piece across the two outer tags of the variable capacitor, shown 
by the dotted line in Figure 2, and then two longer pieces to the centre tag 
and one outside tag. Connect these to the terminal strip. Then solder two 
more insulated wires on to the jack socket (into which you will plug your 
crystal earpiece), the other ends going to the terminal strip. The last two 
wires (one must be red) need to be soldered on to the battery box, their 
other ends going to the terminal strip also. Make sure the red wire goes to 
the positive terminal on the battery, and is connected to terminal 9. The 
other connection to the battery goes to terminal 10. 


Attach the terminal strip to the baseboard with small screws or double-sided 
sticky tape. The other parts can be mounted the same way. 


Listening is done ideally with the recommended crystal earpiece. Don’t be 
tempted to use your Walkman earpieces; they are not the same and will 
not perform anything like as well. The receiver should work without an 
extra aerial, but one can be attached to terminal 1 if necessary. A long 
piece of wire mounted as high as possible is ideal. The Audio-frequency 
Amplifier project will enable you to use a loudspeaker with your receiver, 
using the signal from the jack socket. No circuit modifications will be 
needed! 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 
R1,R5,R6 10 kilohms (k) 


R2 560 ohms 

R3 270 ohms 

R4 10 kilohms (kQ) 
Capacitors 


C1, C2, C3 100 nanofarads (nF) 
500 picofarads (pF) 


Semiconductors 
ZN414Z, BC184 
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Additional items 
12-way 2 A terminal strip 
22 metres of 28 SWG enamelled copper wire 
A few short pieces of coloured PVC-insulated wire 
Crystal earpiece 
3.5mm jack socket 
1.5 V AA-size battery and box 
Toilet roll tube 
Double-sided sticky tape or selection of screws 


Tools required 





Small screwdriver, soldering iron. 





2 An audio-frequency 
amplifier 


Introduction 


This simple amplifier can be built by anyone who is able to solder 
reasonably well. It doesn’t require any setting up and, provided our 
instructions are followed exactly, will work very well. The circuit diagram is 
included for the benefit of our more advanced readers, but it is not needed 
in the construction process. Please practise your soldering before you start, 
and don’t use a printed circuit board (PCB) until you are confident that your 
soldering is up to scratch. 


The amplifier can be used with other projects; it will provide plenty of 
sound from the MW Radio or from the Morse Sounder projects. It will 
usually be built into other pieces of equipment, so a box is not supplied 
with the kit. There is no reason why it shouldn’t be put into a box and used 
as a general-purpose amplifier to help test other projects. 





The components 


Before you start, you should check that you have all the components to 
hand. A list and some helpful hints are given below. 


Figure 1 The toil pattern of 
the PCB — looking from the 
track side 


An audio-frequency amplifier 


. PCB. The plain side is the component side and the soldered side is the 


track side. Figure 1 shows the track side full size. Make the PCB from the 
pattern given in Figure 1. Otherwise, build the circuit on a matrix 


board. 


. Three resistors. Locate the gold or silver band around the resistor, and 


turn the resistor until this band is to the right. There are three coloured 
bands at the left-hand end of the resistor. Find the resistor whose colours 
are YELLOW, VIOLET, RED, and look at the resistor colour code chart 
which you will find in Chapter 7. From this, you will see that YELLOW 
indicates the value 4, VIOLET the value 7, and RED the value 2. The 
first two colours represent real numbers, and the last value is the number 
of zeros (noughts) which go after the two numbers. So, the value is 47 
with two zeros, i.e. 4700 ohms. In this way, the resistor coloured 
BROWN, GREY, BROWN has a value of 180 ohms, and the last one, 
BROWN, RED, GREEN, has a value of 1 200 000 ohms. The ohm (often 
written as the Greek letter omega ((2)) is the unit of resistance. If you do 
not yet feel confident in identifying resistors by their colours, use the 
Resistor Colour Codes given in Chapter 7. 


. Four capacitors. The two small ‘beads’ are tantalum capacitors and will be 


marked 4.7 wF or 4.7, with a ‘+’ above one lead. A tubular capacitor with 
wires coming from each end should be marked 220 pF, with one end 
marked ‘+’ or . This is called an axial capacitor because the wires lie on 
the axis of the cylinder. This is in contrast to the final capacitor, where both 
wires emerge from the same end. This is a radial capacitor, and will be 
marked 47 pF. Again, one lead will be marked ‘+’ or ~’. Capacitors 
marked like this are said to be polarised, and it is vital that these are placed 
on the PCB the right way round, so take notice of those signs! 


. Two diodes. These are tiny glass cylinders with a band around one end, 


and may be marked 1N4148; this is their type number. Like polarised 
capacitors, they must be put on the PCB the correct way round! 
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Figure 2 Positions of the 
components on the printed 
circuit board (PCB) 


5. Three transistors. One should be a BC548 (or a BC182), the other two 
should be BC558 (or BC212). 
. One volume control with internal switch. 
7. One loudspeaker. This is quite fragile — don’t let anything press against 
the cone. 
8. One PP3 battery clip with red and black leads. 


nN 


Putting it together 


Lay the PCB on a flat, clean surface with the track side downwards. It is 
always useful to compare the layout with the circuit diagram, given here in 
Figure 3. Although you can’t see it, the D-i-Y Radio sign should be at the 
top. Compare the hole positions with those shown in Figure 2. Bend the 
resistor wires at right angles to their bodies so that they fit cleanly into the 
holes in the PCB. Push each resistor towards the board so that it lies flat on 
the board. Then supporting each one, turn the board over and splay out the 
wires just enough to prevent the resistor falling out. Then, solder each wire 
to its pad on the PCB, and cut off the excess wire. When you have more 
confidence, you can cut of the excess wire before soldering; it often makes 
a tidier joint. 


= 
+ C4 2204 - 


TNPUT 





Figure 3 The amplifier’s 
circuit diagram 


Figure 4 Connections to 
switch on back of VR1 


An audio-frequency amplifier 





INPUT 


Now fit the four capacitors. Each must be connected the right way round, 
so look at each component, match it up with the diagram of Figure 2, bend 
its wires carefully and repeat the soldering process you performed with the 
resistors, making sure that the components are close to the board and not up 
on stilts! Fit the two diodes the correct way round, and solder then as 
quickly as you can — they don’t like to be fried! 


Mount the transistors about 5mm above the PCB. Make sure the correct 
transistors are in the correct places, and that the flats on the bodies match 
up with those shown in Figure 2. 


Mount the volume control so that the spindle comes out from the front of 
the board. Use a piece of red insulated wire to the pad marked + on the PCB, 
and a black piece to the pad marked —, and solder these to the tags on the 
back of the control, as shown in Figure 4. Connect the two leads from the 
battery clip to the other tags on the switch; Figure 4 will help you. Finally, 
use two pieces of insulated wire about 100mm long, twisted together, to 
connect the loudspeaker to the PCB. 
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Box clever! 


If you wish to put the amplifier into a box, there is no problem; almost any 
box that is big enough will do. All that is needed is one hole big enough to 
accept the bush of the volume control; the PCB will be supported by the 
volume control. The prototype was not fitted into a box, but mounted on an 
odd piece of aluminium, bent into an L-shape and screwed on to a wooden 
base. The loudspeaker was mounted on the aluminium panel by two small 
pieces of aluminium with 3 mm holes drilled in them, which acted as clips 
around the edge of the speaker. Drill a few holes in the panel in the position 
of the speaker to let the sound get out! 


Your input signal can be connected to the amplifier with two short pieces of 
wire, but if the connection needs to be long, use screened cable, with the 
braid connected as shown in Figure 2. 


If you decide to use a different loudspeaker, make sure that its impedance 
(the resistance value marked on the back of the magnet) is at least 35 ohms. 
Anything lower may damage TR2 and TR3, and will certainly run down 
your battery very quickly. You will be surprised at the uses you can find for 
this little amplifier! 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
180 ohms (Q) 
4.7 kilohms (kQ) 
1.2 megohms (MQ) 
25 kilohms (kQ) log with DPST switch 


Capacitors: all rated at 25 V minimum 
C1, C2 4.7 microfarads (\F) 
C3 47 microfarads (wF) 
C4 220 microfarads (uF) 


Semiconductors 
TR1, TR3 BC548 npn 
TR2 BC558 pnp 
D1, D2 1N4148 


Additional items 
PCB 
Speaker >35 ohms 
PP3 battery clip and battery 





A medium-wave receiver using a ferrite-rod aerial 


3 A medium-wave receiver 
using a ferrite-rod aerial 


Figure 1 Circuit and block 
diagrams of the radio 





Description 


The whole circuit is built on a 50 mm by 50 mm printed circuit board (PCB) 
designed to fit on the inside of the lid of a plastic box, and is stuck there 
using sticky pads, the shaft of the variable capacitor going through a hole in 
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Figure 2a The PCB, solder side Figure 2b The PCB, component side 


the lid. Only two pairs of leads are soldered to the board — one pair goes to 
the 1.5 V battery in its holder, and the other to the earphone socket. Figures 
2a and 2b show the printed circuit and the component layout double size for 
clarity. You are not obliged to build the circuit on a PCB. 


Building it 

1. Check and identify components. Tick the parts list. 

2. Carefully unwind the wire. Use paper to make an insulating tube (called 
a ‘former’) around the centre of the ferrite rod and secure it with 
Sellotape. Now, close-wind all the wire (leave no gaps between adjacent 
turns) around the paper former. Secure the winding with more 
Sellotape, leaving 50 mm of wire free at each end for connection to the 
circuit. See Figure 3a. 

3. Solder in VC1. 

4. Solder in the integrated circuit holder. There is a notch in one end of the 
holder; this should face VC1. Solder also the wire link and the 
capacitors. Be careful to avoid solder ‘bridges’ between adjacent tracks 
on the PCB. 

5. Solder the battery leads. These must be connected properly — the red 
battery lead to the + (positive) area and the black lead to the - 
(negative) area. 

6. Strip bare 1cm of insulation from the ends of two wires. Solder them 
between the PCB and the headphone socket (see Figure 3b). Use the end 
tabs on the socket. Using another pair of insulated wires connect the 
ON/OFF switch to the PCB tabs shown in Figure 2b. 


Figure 3 Details of coil and 
headphone socket 


10. 


11. 
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. Fix the elastic band. This goes through the holes at the top of the PCB, 


with the ferrite rod being slipped through the two end loops. (Note: 
although the coating on the copper wire is designed to melt away 
during soldering, it is quite common for difficulty to be experienced in 
obtaining a good soldered joint; to be on the safe side, remove the 
coating before soldering (with a small piece of sandpaper).) Carefully 
place the wire ends of the coil through the PCB just above VC1, and 
solder on the track side. 


. Fit IC1 into its holder. This should be done carefully, making sure that 


all the pins are located above their respective clips before applying any 
pressure! Make sure also that the notch on the IC (as shown in Figure 
2b) matches the notch in the holder, and faces VC1. 


. Put battery in its holder. Listen for some noise in the headphones as 


VC1 is rotated. Make sure the headphone plug is fully inserted into its 
socket. 

Fix the working board to the lid. Use the sticky pads and apply gentle 
pressure. Fit the tuning knob, the ON/OFF switch and the earphone 
socket. 

Test again. If all is still working, fit the lid screws and admire your 
completed radio! 
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Parts list 





Capacitors 
C1, C2 0.01 microfarad (uF) 
C3, C4 0.1 microfarad (wF) 
vcl 500 picofarads (pF) 


Semiconductor 


IC1 ZN416E 


Additional items 

Plastic box (recommended size 76 x 64 x 50 mm internal) 

8-pin DIL socket for IC1 

Printed circuit board 

Tuning knob for VC1 

Wire link for PCB 

2m of 30SWG copper wire, self-fluxing 

Piece of paper 25 x 50mm, to make the coil former 

Ferrite rod 70 mm long by 10 mm diameter, approximately 

Battery, AA size 1.5 V, with holder and attached wires 

Miniature earphone socket (3.5 mm stereo jack) 

ON/OFF switch (push-button SPST latched or slide switch) 

4 off 100 mm insulated connecting wires, for jack socket and 
ON/OFF switch 

Pair Walkman-type earphones 

Elastic band, to attach ferrite rod to PCB 

4 off sticky pads for securing PCB to box lid 


Kits 


Ready-made PCBs may be available from Alan J. Wright, GOKRU, 
Hewett School, Cecil Road, Norwich NR1 2PL. 








4 A simple electronic organ 


Introduction 


This project has nothing to do with radio but, let’s admit it, any electronics 
project is good experience! Why not build this little organ — it will keep the 
children amused at least! It uses the popular NE555 integrated circuit, 
which contains a circuit which will periodically switch the voltage on the 


output pin between the supply voltage and zero. Just how frequently this 
switching occurs depends upon the components external to the integrated 
circuit. If this switching occurs several hundred or thousand times a second, 
the change in voltage produced will generate a musical note when 
connected to a small loudspeaker. The circuit is shown in Figure 1. 





A simple electronic organ 





Figure 1 Circuit diagram 


Putting it together 


(a) Using a PCB. The job is very simple. The placement of components on 
the unsoldered side of the board is shown in Figure 2 and the design on 
the copper track is illustrated in Figure 3. Put each component, in turn, 
on the board, making sure that it lies flat on the board with its tags or 
wires going cleanly through the holes provided for it; then, solder the 
wires to the board, cropping them before or after the soldering, 





Figure 2 Position of components on the printed circuit board (PCB) 
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Figure 3 The connections 


Figure 4 Battery plug and 
loudspeaker connections 
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depending on your preference. If you choose to use a holder for your 
integrated circuit (highly recommended if your soldering is less than 
perfect), make sure that the end with a notch in it faces R1 and R2, as 
shown in Figure 2. Solder the two leads to the speaker to the tabs 
marked S (either way round), having looped them through the two holes 
to the right of the tabs in Figure 2. Looping them through the holes acts 
as a strain relief, ensuring that the soldered joints are not subjected to 
pulling and bending as you move the wires about. Do the same with the 
battery leads, the red lead going to the + tab and the negative lead to the 
— tab (which also has one speaker lead already attached to it). Figure 4 
shows this in detail. Treat the loudspeaker with care — the cone is quite 
fragile and must not be touched. 


Battery plug 
Red 
j eg am = 
ees “sen. Black : 
——l = : 
Pa = — 
5 
li 
} 


iLia ‘Loudspeaker 


A simple electronic organ 


(b) Without a PCB. This is more difficult, and you may need to enlist 
some help. Using some matrix board (such as Veroboard) is probably 
the best way of replacing the PCB. You could arrange your circuit in 
exactly the same way as in the PCB in Figure 3, using wires to replace 
the copper track. 


A simple ‘keyboard’ 


The keyboard is a row of solder pins along the rear edge of the PCB, one 
for each note covering the range shown in Figure 2. A flying lead with a 
small spade on it is provided to touch any of the pins in turn, producing 
any one of ten different notes. 


Testing 


Check first that each component is in the correct place. When inserting 
the NESS5 chip, first make sure that the end carrying the notch lies over 
the end of the holder with the notch; then, make sure each pin of the 
chip lies directly above the hole into which it fits, before pressing 
gently to insert the chip into the socket. Make sure the battery connec- 
tions are correct, and insert the battery into the clip. Nothing should 
happen, except for a click from the loudspeaker; touching the spade on 
any of the pins should produce a coarse note from the speaker. If nothing 
happens, check everything again; don’t assume that wires go where you 
think they go! 


After you get the first note, all the others should work, too, but they will 
sound off-tune at first. The organ needs tuning up by adjusting the 10 
preset variable resistors P1 to P10. The approximate frequency to which 
each note should be tuned is given in Figure 2; if you can beg, borrow or 
steal a frequency counter, setting up is easy. If you have a piano, the 
organ can be tuned by comparison of the notes with those on the piano. 
The frequencies are given in Hertz (abbreviation Hz), and represent the 
number of times the IC switches on and off every second. If the sound 
coming from the loudspeaker is too loud or very distorted, then try 
putting an 3300 resistor (colour code orange, orange, brown) in series 
with the loudspeaker. This is done by taking the resistor and cutting its 
leads to about 5mm; then, disconnect one speaker lead from the tab on 
the PCB (it doesn’t matter which). Solder one end of the resistor to the 
vacated speaker tab, and the free speaker lead to the other end of the 
resistor. This will limit the volume of sound from the speaker, and 
lengthen the life of your battery. If it is still too loud, try a resistor of a 
larger value, or use a smaller resistor to make it louder. 
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Parts list 





Resistors: all 0.25 watt, 5% tolerance 


Capacitor 
Cl 


2.7 kilohms (kQ) 

1 Megohm (MQ) 

Preset resistor 100 kilohms (kQ) 
Preset resistor 50 kilohms (kQ) 
Preset resistor 25 kilohms (kQ) 
Preset resistor 10 kilohms (kQ) 


100 nanofarads (nF) or 0.1 microfarad (wF) 


Integrated circuit 


IC1 


NESS5S timer chip 


Additional items 


S 


Loudspeaker >60 ohms (Maplin) 

1 off battery clip (for PP3 battery) 

1 off spade terminal 

12 off solder pins ‘Veropins’ 

3 off 10cm lengths of ‘hook-up’ wire 


(This article is based on projects originally designed by Radio 
Scouting, Netherlands.) 
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5 Experiments with the 
NE555 timer 


Introduction 


Several of the projects in this book use the NE555 timer, an integrated 
circuit which is at the heart of many circuits whose processes are 
determined by time intervals. Figure 1 shows the circuit diagram of an 
audio oscillator using the 555. The timing voltages (governing the 


frequency of oscillation) are produced by R1, R2 and (2; a voltage appears 
at pin 3 which ‘switches’ at this frequency between zero and a voltage close 
to the supply voltage, which in this case can be anywhere between 6 V and 
14 V. The output current, when applied through R3 to a small loudspeaker, 
produces an audible tone, provided that there is a DC path between the two 
test leads. 
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Figure 2 Veroboard layout. 
If you can read a circuit 
diagram, the project can be 
built using other methods 
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Construction 


The simplest way to mount the components is on a piece of matrix board 
(Veroboard), available from any of the good suppliers. The prototype of this 
circuit used the type of board with copper strips along the underside; these 
strips are used like the copper tracks on a PCB, to join components together. 
Firstly, cut the four strips between the positions of the pins of the IC socket, 
as shown in Figure 2. You can buy a tool for this purpose, but a small twist 
drill (about 3 mm diameter) is just as good. Turn it between your fingers — 
if you use a drill you will end up with holes right through the board! Then 
solder in the IC socket (with the notch in the position shown), followed by 
the four links made with single-conductor insulated wire. Put in each 
component as shown, ensuring that C1 (an electrolytic or polarised 
capacitor) is connected correctly. When all the components have been 
soldered in, take the 555 chip and lay it on its socket, with its own notch 
lying above that of the holder. Then, making sure that each pin lies directly 
above its corresponding socket, press down gently on the chip, with the 
board supported on a flat surface. 


Testing 


Connect the circuit to a battery or small power supply, ensuring that the 
positive and negative leads are the right way round. Always use red and 
black leads here, then you are less likely to get it wrong! Switch on. Nothing 
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should happen until you short together the two test leads, when there 
should be a note from the loudspeaker. If this doesn’t happen, switch off, 
disconnect the circuit and check your wiring and soldering. Is it exactly like 
Figure 2? Are the soldered joints round and shiny? If any are dull, then 
‘sweat’ them briefly with a hot soldering iron until the solder runs, remove 
the iron, and check that they are as shiny as the rest. Check that there are 
no solder ‘bridges’ between adjacent tracks by holding your board up to a 
strong light. Then, reconnect, switch on and touch the test leads together. 
All should now work! 


Uses of your circuit 


1. Asa Morse practice oscillator. Simply connect the two test leads to your 
key and, each time the key is pressed, you should hear a note from the 
speaker. The frequency of the note may be altered by putting a resistor in 
series with the key. To do this, remove one test lead from the key and 
select a resistor; connect one end of the resistor to the free test lead and 
the other to the empty terminal on your key. Selecting the value of 
resistor that you need will be a useful experiment in itself. 

2. Asa continuity tester. You can check fuses and lamp bulbs by connecting 
them across your test leads. If the speaker remains silent, the fuse or bulb 
has blown. 

3. To indicate changes of resistance. Hold the ends of the test leads in each 
hand; you should hear a low note, because of the high resistance of your 
body. Squeeze the ends harder, and the frequency of the note should rise, 
because you are now making better contact. Repeat this with damp 
hands and the frequencies will be higher still. 

4. Asa thermometer. Connect the test leads to a thermistor (a device whose 
resistance changes with temperature) and warm it with a hair-dryer, or 
even in your hands, and you will hear the pitch changing with the 
temperature of the thermistor. A suitable ‘bead’ thermistor is available 
from Maplin (order code FX21). 

5. Asa diode tester. Use any diode, and connect the negative test lead to the 
end of the diode marked with the ring. This is the cathode of the diode. 
The other end, the anode, should be connected to the positive test lead, 
and a note should be heard from the speaker. This does not necessarily 
mean that the diode is working — yet. Reverse the connections and 
nothing should be heard. If this is the case, the diode is working. 

6. As a light meter. Use a photoconductive cell (a device whose resistance 
changes with light intensity) connected between the test leads. A note 
should be heard. Shading the device with your hand will increase its 
resistance and the note should decrease in frequency. A suitable device is 
the ORP12 cell from Maplin (order code HB10). 


There are many more applications. Do not connect the test leads to other 
circuits that are switched on. Your circuit, or the circuit you are connecting 
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it to could be damaged. Think of a passive device or circuit (i.e. one not 
requiring a power supply or battery) where changes of resistance occur, and 
you have found another application! 


Parts list 





Resistors: all 0.25 watt carbon film types 
R1 4.7 kilohms (kQ) — yellow, violet, red 
R2 39 kilohms (kQ) - orange, white, orange 
R3 330 ohms (Q) — orange, orange, brown 


Capacitors 
C1 100 microfarads (wF) 25 V radial electrolytic 
C2 22 nanofarads (nF) or 0.022 microfarad (wF) polyester 
type with 10 mm lead spacing 


Integrated circuit 
IC1 NESSS 


Additional items 
Miniature loudspeaker (preferably 35, 40 or 80 ohm) 
8-pin DIL socket for IC1 
0.1 inch Veroboard (‘stripboard’), size 11 strips by 13 holes 
PVC-covered stranded wire for test leads, loudspeaker and battery 
connections 
PVC-covered solid wire for links on the board 
A power source of between 6 V and 14 V, such as a 9 V battery (PP3) 


Component sources 





Cirkit 
Tandy — many high street shops 





20 


A simple metronome 


6 A simple metronome 


Introduction 


A metronome is a device used by musicians to indicate the tempo of a piece 
of music. Until electronics came on the scene, this ‘beating of time’ was 
achieved in much the same way as a clock keeps time, i.e. with a pendulum 


device, the clicking of the escapement indicating the beats of the music. 


Those of you who have already built the Morse Key and Buzzer from the 
designs in this book, will recognise the circuit of this metronome — it is 
exactly the same as was used to produce the note of the buzzer. This circuit 
is shown in Figure 1. 





The circuit 


Three components determine the speed at which the circuit oscillates - the 
speaker (LS), the resistors (VR1 + R1) and the capacitor (C1). VR1 is a 
variable resistor, so that the speed at which the oscillator operates can be 
varied. Compared with the component values of the Morse Buzzer (which 
operated at around 800Hz), these components now give an oscillation 
frequency of around 1.25 Hz, which is far too low to be heard as a note. 
What we do hear, however, is a series of clicks, as the voltage across the 
speaker changes quickly from 0 to 9V and back again. 


Figure 1 The metronome 
circuit is rather like the 
Morse oscillator 
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Figure 2 The component 
wires are pushed through 
holes in the circuit board 
and joined together 
underneath 
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ieom ® fem of plain perforated board 
(without copper strips) 


, \ LS 
@ indicates solder joint 
==—=indicates wires on underside of board 
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Variation of speed could be achieved by varying resistance or capacitance. 
However, as you may already know, variable capacitors have values in the 
picofarad range, not the tens of microfarads used here, so it is very simple 
to employ a variable resistor (potentiometer) to control the oscillator. You 
could use a multi-way switch to switch in one of several capacitors, as well 
as having the variable resistor, but this was found to be an unnecessary 
complication. This design operates between about 100 clicks per minute 
and 200 clicks per minute. 


Making the prototype 


A single piece of plain matrix board (no copper strips) measuring about 
40 x 40mm is sufficient to hold all the components except the potenti- 
ometer and switch (see later). The case can be plastic or aluminium, and 
one measuring 65 x 100 x 50mm is about right. Make sure there are 
holes in the case beside the speaker cone to let the sound out, and larger 
holes for the potentiometer and switch. If a potentiometer is used with a 
combined ON/OFF switch, then the extra hole for the switch is not 
necessary! It is advisable to construct the circuit before putting it in the 


A simple metronome 


box, so that it can be tested to ensure that everything is working. If it is, 
then you can exercise your ingenuity in mounting the speaker, battery 
and board inside the box. A final test can be made before starting the 
calibration process. 


Calibration 


There is no ‘easy’ way to do this. The frequencies involved are too low to be 
measured with the average frequency counter, so you will need to resort to 
using a stopwatch and counting the number of clicks per minute. 


Parts list 





Resistors: 0.25 watt, 5% tolerance 
R1 10 kilohms (kQ) 
VR1 47 kilohms (kQ) linear potentiometer 


Capacitor 
C1 33 microfarads (wF) electrolytic 


Transistors 
TRI 2N3053 npn 
TR2 2N2905 pnp 


Additional items 
$1 SPST ON/OFF switch 
LS 3 ohms (Q) loudspeaker 
Knob with pointer for VR1 
PP3 battery and connector 
Aluminium case, 65 x 100 x 50mm 
Matrix board (plain), 40 x 40mm 
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7 What is a resistor? 


Introduction 


Materials that carry electricity easily are called conductors. They include all 
metals and salt water, for example. We use wire as a conductor, and the 
ease with which it passes an electric current depends upon the material, its 
thickness and its length. Silver (symbol Ag), gold (Au), copper (Cu) and 


aluminium (Al) are the best metallic conductors. Most wires are made of 
copper, although the best conductor, weight for weight, is aluminium. 


Materials that don’t carry current (or, at least, do so very badly) are called 
insulators, and they include dry wood, rubber, plastic and glass among 
their number. Wires are often coated with a layer of insulator to prevent 
adjacent wires touching and causing an accident. 





Resistors 


If there wasn’t such a thing as resistance, the subject of electronics wouldn’t 
exist; only infinite currents would flow and voltages wouldn’t exist either! 
We need to reduce the flow of current if we are to make current do 
something useful for us. Components that resist the flow of current are 
called resistors, and they are said to have a resistance which is measured in 
ohms (Q), named after Georg Ohm, who formulated the law (also named 
after him) by which the voltage and current through a conductor are related. 
His law gave rise to the formula everyone remembers: 


V 
Ic, 
where I is the current flowing, measured in amps, 

V is the voltage across the conductor, and 
R is the resistance of the conductor, measured in ohms. 


From this equation, you can see that, for a constant value of voltage, V, if 
the resistance goes up, the current will go down, and vice versa. The circuit 
symbols for resistors are shown in Figure 1. You will find the upper symbol 
in older magazines; it is still preferred by many engineers. The lower symbol 
is the prevalent standard symbol. 


Resistors are made in several ways, the cheapest using carbon; another type 
is usually made from a ceramic cylinder (used only as a support) on which 
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Figure 1 Circuit symbols for 
resistors 


OR 


What is a resistor? 


is placed a very thin film of metal — the thinner the film, the greater the 
resistance. All resistors are coated with a thin film of insulation, for the 


same reason we discussed earlier. 


The colour code 


Each resistor has coloured bands on it which enable us to see what value of 
resistance it has. There are normally three (but sometimes four) at one end, 
and a single one at the other (see Figure 2). The colours indicate figures, 
according to the list below. 








Colour Value Colour Value 
Black 0 Green 5 
Brown 1 Blue 6 
Red 2 Violet 7 
Orange 3 Grey 8 
Yellow 4 White 9 
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Figure 2 Some examples of 
resistor colour codes; top 
4700 Q. (4.7kQ) and bottom 
1000 
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Using the colour codes is easy, once you see the logic behind it. Hold the 
resistor so that the single band is towards the right. The three colours on the 
left are read in the normal order from left to right. The first two bands 
always indicate numbers; the third band gives the number of zeros to add to 
the right of these two numbers. So, looking at the top resistor in Figure 2, 
yellow, violet, red means 4, 7, and two zeros, giving 4700 ohms! Looking at 
the lower resistor, brown, black, brown means 1, 0, and one zero, giving 
100 ohms. 


Remembering the order of the colours may be difficult at first. The colours 
from red to violet are the colours of the rainbow, in order, so if you know 
those, you’re almost there! Around those colours are black and brown 
below the red, and grey and white above the violet, which you can imagine 
as getting brighter from black to white (well, almost!). It won’t be long 
before you don’t need to remember them at all. 


The isolated band on the right-hand side is not part of the resistor’s value; 
it indicates its tolerance, i.e. how close it might be to the indicated value. A 
brown band indicates +1%, a red band +2%, a gold band +5% and a silver 
band +10%. For example, a resistor marked as being 100 ohms with a +5% 
tolerance will have an actual value somewhere between 95 ohms and 
105 ohms. 


Waves — Part 1 


8 Waves — Part 1 


Introduction 


Waves are responsible for most of the processes in life where energy is 
transferred from one place to another. Heat and light energy from the sun, 
for example, come to us as electromagnetic waves. Sound travels through 
the air as a wave; it is not the same sort of wave as light or heat, but it 
obeys many of the same properties. Damage is caused to coastal margins 
by the waves of the sea — again, another type of wave, but still obeying 


many of the same properties. Radio waves are of the same type as heat and 
light waves, as are gamma rays, X-rays, ultra-violet waves and infra-red 
waves. So, once we begin to understand what radio waves do, we are also 
learning about a huge chunk of physics at the same time! All these waves 
are part of the electromagnetic spectrum. The word ‘spectrum’ simply means 
a ‘range’, so what we have is a range of electromagnetic waves — that’s 
all! 





Sensing things 


Light waves are invisible, but our eyes can detect the effect they have on 
different materials because the waves produce an effect on the retina of the 
human eye which the brain can interpret. We cannot see heat waves either, 
but we can feel the effect they have on our skin. Gamma rays and X-rays are 
also invisible, but their detrimental effects on human tissue are well known. 
It is not surprising, then, that we cannot see radio waves. We cannot sense 
them, either, until we produce a device upon which they have an effect. That 
device is a radio receiver; it is able to process certain characteristics of radio 
waves, and make these characteristics audible by generating sound waves 
from the loudspeaker or headphones. Other characteristics of the same 
waves may be turned into light as a TV picture on a cathode-ray tube, or as 
a fax image on a sheet of paper. 


Visible waves 


Let’s start our description with some waves that we can actually see! When 
a small stone is thrown into a pond, we see circular water waves radiating 
from the point where the stone fell into the water, as Figure 1 shows. (Notice 
that we use the word radiating, even with water waves; it is not a radio 
term, but one which describes any motion where the radius of a circle is 
increasing. In this case, it is the radius of the circular waves which is 
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Figure 1 The waves move 
out from the point where 
the stone landed 


Figure 2 A water wave, 
viewed in cross-section 
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ditectians 


increasing.) If you were to watch the water waves down at the water level, 
perpendicular to the direction in which they are travelling, you would see 
something like the illustration in Figure 2. 


The horizontal line represents the water level before the wave started, and 
the vertical line represents the direction in which the water is displaced at 
any instant. 


All waves are described in the same way 


‘Freezing’ the motion of the water in this way allows us to define two very 
important characteristics of a wave, characteristics which we talk about 
every day — wavelength and amplitude. The wavelength of a wave is simply 
the distance (measured in metres) from any point on one wave to the same 
point on the adjacent wave. Look at the diagram and you will see what is 
meant by ‘the same point on the adjacent wave’. The amplitude of a wave 
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Waves — Part 1 


is always measured from the centre (undisturbed) position of a wave to the 
peak (or the trough) of the wave. Both these positions are shown, the arrow 
indicating that the measurement is taken from the centre to the peak or 
trough. The amplitude of a wave is defined as the maximum displacement 
of the wave from the centre position — the direction (up or down) of that 
displacement does not matter. Waves of greater amplitude carry more 
energy with them. 


If we now ‘unfreeze’ the wave, we will see it travel from left to right (or right 
to left, depending on where we are looking). The speed at which it moves is 
called its velocity, and is measured in metres per second. 


Another useful word is propagate; it means travel. We talk about radio 
waves propagating from a transmitter to a receiver. This velocity of 
propagation (for electromagnetic waves) is very fast indeed — they will cover 
300 million metres in one second. This is virtually incomprehensible, so 
think of a radio wave travelling around the earth — it can travel 74 times 
round the earth in one second! We use the symbol c for the velocity of radio 
waves (which is the same as the velocity of light, of course — all 
electromagnetic waves travel at this speed through air and space). 


The last thing we need to know about the wave is its frequency. Imagine a 
cork floating on the water in the path of the wave; it will bob up and down. 
If we were able to count the number of times it went through its highest 
position in one second, then that number would be its frequency. Any 
periodic motion like this is said to go through one cycle each time one 
complete wave passes a point (in this case, our cork). We are thus counting 
the number of cycles per second of the cork’s motion. The unit of frequency 
is thus ‘cycles per second’; this unit is now named after Hertz, a radio 
pioneer, and is abbreviated to Hz. 


Our description of the wave is now quite simple — we need only four 
quantities: 


(a) Frequency symbol f— unit, hertz (Hz) 

(b) Wavelength symbol A (Greek letter lambda, pronounced ‘lamb-da’) — 
unit, metre (m) 

(c) Amplitude symbol a — unit depends on application 

(d) Velocity symbol c — unit, metres per second (m/s or ms!) 


The basic formula 


Whatever may happen to a wave while it travels through different media 
(vacuum, air, brick, wood, etc.), one thing and only one thing remains 
constant — its frequency. Its wavelength, amplitude and velocity may 
change, but its frequency never does. Three of the four characteristics 
already identified are connected by the simple relationship 


CSP 
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Remember that c is constant if the wave travels in air or in a vacuum. This 
means that waves having higher frequencies (f large) must have smaller 
wavelengths (A small) and vice versa. You can imagine frequency and 
wavelengths being on opposite ends of a see-saw! 


Divisions of units 


Because the frequencies of radio waves are so high (despite them having the 
lowest frequencies in the electromagnetic spectrum!) we have a problem 
with writing them down. Do you write in your log book that you have just 
heard a station on 14 100 000 Hz? Of course not, you write it as 14.1 MHz, 
knowing that the prefix mega (M) means ‘one million’. The prefixes which 
you need to know (when applied to frequency) are: 


kHz kilohertz meaning 1000Hz 
MHz megahertz meaning 1 000 000Hz 
GHz _ gigahertz meaning 1 000 000 000 Hz. 


Notice that the ‘k’ in kilohertz is a lower case letter. It is incorrect to write 
it as an upper case letter. ‘K’ is a computer-related prefix meaning not 1 000 
but 1 024! 


When we come on to discuss heat and light waves, we will use wavelengths 
rather than frequencies, because of the see-saw effect — as the frequencies get 
larger and larger, the wavelengths get smaller, and hence are numbers which 
are more manageable, both to talk about and to write down! 


Bands 


Gamma rays, X-rays, ultra-violet waves, light waves, infra-red waves are all 
part of the electromagnetic spectrum, but we divide them up because they 
have different properties. This is why we divide up our radio frequencies 
into different bands. The radio waves of top-band signals (around 2 MHz) 
have completely different properties compared with those in the 20 metre 
band, so we are dividing up the radio spectrum in the same way — by 
property. 


A beat-frequency oscillator 


9 A beat-frequency oscillator 


Introduction 


Many readers will know that, although they have a short-wave radio which 
covers at least one of the amateur bands (e.g. 7 MHz or 14 MHz), they are 
unable to listen to SSB or Morse signals. This is because the receiver lacks 
a Beat-Frequency Oscillator (BFO). We need the ‘carrier’ frequency of a BFO 
to replace the carrier that has been removed from the signal at the 
transmitter. When listening to Morse signals, the BFO signal ‘beats’ with the 


incoming signal to produce a note in the loudspeaker. If you are a 
musician, you will be familiar with the method of using ‘beats’ to tune one 
musical instrument from another; in the BFO, the beat frequency produced 
is the tone signal you hear. 


In the more complex amateur radio receiver, a BFO is incorporated as part 
of the whole system. In our model, it is an external circuit that sits 
alongside your radio. The circuit diagram is shown in Figure 1. 





Construction 


Built on a small piece of matrix board about 80 x 50 mm, the circuit can be 
fitted inside a small plastic box. For once, we don’t want to screen the 
circuit to prevent it interfering with other equipment; we want it to interact 
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ssssewiting onihe 
underside of the Board 


Figure 2 Matrix board layout shown from the component side. Adjust IFT1 carefully for the best results 
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with our receiver! This is why we use a plastic box. Maplin Electronic 
Components supply a suitable box, complete with the matrix board to fit 
inside (order code YU46). 


Look at Figure 2 carefully before you start to build the circuit, so that you 
can position the components correctly. Firstly, inspect the intermediate 
frequency (IF) transformer, IFT1, and remove its metal screening can very 
carefully. Again, this is to allow some signal to escape from our circuit and 
enter our radio. Having done this, solder the components, using the matrix 
board as a support. Underneath the board, the components are linked by 
single-conductor, insulated wire. Take particular care with the polarity of 
the electrolytic capacitor, C3, and the connections to the transistor, TR1 (see 
Figure 1). 


The variable resistor, VR1, has a switch mounted behind the control itself, 
and the insulated leads to it from the battery should be about 10cm long. 
Connect these before fitting VR1 into the case, so that the BFO can be 
calibrated (adjusted) correctly. 


Calibration 


After a final check that all the components have been fitted and soldered 
correctly, connect the battery, switch on, and hold the transistor between 
your fingers, to check that it is not getting hot. Place the circuit close to your 


A beat-frequency oscillator 


receiver, and set RV1 to mid-position. Tune your receiver to find an amateur 
SSB transmission; the frequencies listed below will help you in knowing 
where to look. It may sound very strange, but don’t worry. Slowly turn the 
core of IFT1 with a small, non-metallic screwdriver or with the correct 
‘trimming tool’. The core into which the blade fits is very fragile, so attempt 
this process with care. When the speech sounds as natural as you can get it, 
leave the core at this position, and use RV1 to make the speech sound 
natural. 


Using the BFO 


For best results, you may have to move the BFO nearer or further away 
from your radio. At the lower end of most bands (for instance just above 
7.000 MHz or 14.000 MHz) you should be able to resolve Morse code 
(CW) signals. If you find that the BFO signal is a little weak, solder a 15cm 
length of insulated wire to pin 2 of IFT1, and place it alongside your radio. 
This should improve signal intelligibility. When you are happy with the 
performance, switch off, drill a 10.5mm hole in the box and fit RV1, 
followed by the matrix board assembly. Screw the base to the box, fit the 
knob, and the BFO is complete! 


Where to listen 


Band Frequencies (MHz) 
15m 21.000-21.450 
17m 18.068-18.168 
20m 14.000-14.350 
30m 10.100-10.150 
40m 7.000-7.100 

80m 3.500-3.800 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1 27 kilohms (kQ) 

R2 4.7 kilohms (kQ) 

R3 1 kilohm (kQ) 

R4 2.2 kilohms (kQ) 

VR1 4.7 kilohms (kQ), linear, with DPST switch 
Capacitors 

C1 100 nanofarads (nF) or 0.1 microfarad (wF), ceramic 

C2 47 nanofarads (nF) or 0.047 microfarad (uF), ceramic 

C3 10 microfarads (uF), 25 V radial, electrolytic 
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Additional items 


TRI 2N2222A npn 

IFT1 Toko type YHCS11100 

Box plastic, approximate size 100 x 70 x 45mm 
Board matrix, to fit inside the box 

Connector for PP3 battery 

Knob for RV1 





10 What is a capacitor? 





Figure 1 
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What is a capacitor? 


Large and small 


We cannot go into the manufacture of capacitors here — after all, we are 
users of the devices, not the designers! First of all, beware of incorrect 
statements; the words ‘capacitor’ and ‘capacitance’ are not the same. For 
example, a large capacitor would be a description of one the size of a toilet 
roll. It need not have as large a capacitance as one the size of your little 
finger. A ‘large capacitor’ is one which is physically big, a ‘large capacitance’ 
refers to a capacitor which can store a larger amount of energy when a 
certain voltage is applied between its plates. The capacitors in a mains 
power supply are usually big and have large capacitances. High-power RF 
amplifiers may have large capacitors with small capacitances! 


Electrolytics. . . 


Electrolytic capacitors usually have capacitances of 1 uF or above. They 
differ from other capacitors in that they must be connected the right way 
round (i.e. they have positive and negative connections, just like a battery). 
They may explode if the connections are reversed! 


...and the others 


Other capacitors may be connected either way round, despite their names. 
We have polystyrene, ceramic, silver-mica and tantalum. Each has its own 
advantages and disadvantages, and the parts list for a project will always tell 
you which type is best. 


Storing energy 


If you were to connect a large capacitance across a 12 V power supply, 
nothing would appear to happen. Removing the capacitor from the 
supply and connecting it to a voltmeter would show that the capacitor has 
12 V between its ends. This shows that, while the capacitor was connected 
to the supply, energy flowed from the supply into the capacitor. We say 
that the capacitor was charged up by the supply. If you are using an 
analogue voltmeter (i.e. one with a meter and pointer), you will notice 
that the indicated voltage slowly drops until, eventually, there is no 
voltage across the capacitor. This is because the capacitor has discharged 
its energy into the voltmeter. If you had used a smaller capacitance, the 
same would happen, except that the voltage would drop to zero more 
quickly — the capacitor stores a smaller amount of energy because its 
capacitance is smaller. Capacitors behave like other things in life —- a small 
car can move more quickly than a large bus — a small piccolo emits a 
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higher note than a flute - the voltages in a circuit containing a small 
capacitance will change more quickly than those in a circuit with large 
capacitance. 


Varying the capacitance 


Some capacitors are capable of having their capacitance changed manually; 
these are called variable capacitors. They work like the basic capacitor of 
Figure 1. Imagine moving the top plate of the pair a little to one side; the 
capacitance is determined, not just by the size of the two plates, but by their 
area of overlap. As this decreases, so does the capacitance. Such devices are 
limited in their capacitance, about 500 pF being the maximum value. 


AC and DC 


Because the plates of a capacitor do not touch each other, a direct current 
(DC) cannot pass between them. However, an alternating voltage on one 
plate can induce an identical alternating voltage on the opposite plate, and 
thus a capacitor appears to pass an alternating signal, even though currents 
as such, do not pass between the plates. This property of passing AC and 
not DC is very important, and a capacitor used in this way is called a DC 
blocking capacitor or, simply, a blocking capacitor. A blocking capacitor 
can be used at the same time, to couple a signal from one circuit to the next; 
here it would be known as a coupling capacitor. Decoupling capacitors are 
to be found where the capacitor is employed to remove an AC signal while 
retaining a DC component. 


Finally... 


Unlike resistors, the manufacture of capacitors renders them susceptible to 
excess voltage, so if you find a capacitor labelled 10 wF 16 V, it means that 
operating it above 16V may fatally damage the device (and the circuit 
around it). This voltage is called the working voltage of the capacitor; on 
some electrolytics, you may find it expressed as volts working (i.e. 8 wF 
450 V WKG). 


Many smaller capacitors have their properties marked on them in a colour 
code, like resistors. Figure 2 shows these codes, and their meaning, and the 
table below summarises the values of the colours. 


What is a capacitor? 








Table 1 
Colour Value Voltage Voltage 
(tantalum capacitor) (polyester capacitor) 
Black 0 10 - 
Brown 1 - 100 
Red 2 - 250 
Orange 3 - - 
Yellow 4 6.3 400 
Green 5 16 - 
Blue 6 20 - 
Violet 7 - - 
Grey 8 25 - 
White 9 3 - 





Figure 2 Some capacitors 
have coloured bands or 
stripes, rather like resistors. 
The colour code, which is 
the same as the resistor 
code, is shown in Table 1. 
The band shown on the 
chart as ‘1st’ is the first 
number of the capacitor’s 
value in pico-Farads, ‘2nd’ is 
the second number and ‘M’ 
is the Multiplier or number 
of noughts. For example, a 
capacitor reads from the 
top: Brown, Black, Yellow, 
Black, Red. Its value is One, 
then Nought, then Four 
more noughts = 100 000 pF 
(also referred to as 0.1 wF or 
100 nF). Its tolerance (Black) 
is 20% and the working 
voltage (Red) is 250 V. The ‘V’ 
means the maximum 
working voltage. The band 
marked ‘T’ shows the 
tolerance, just like resistors, 
and the one marked ‘TC is 
only used on special 
capacitors designed to 
change their value with 
temperature 








fat: 2nd 
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11 Waves — Part 2 


Introduction 


We left Part 1 with the concept that radio waves are divided up into bands 


which have different properties. Not al// the properties are different, 
though. We need to discuss several wave properties, so we will start with 
what happens to waves as they propagate over long distances. 





Getting weaker 


Imagine a torch battery connected to a bulb by wires about 1 metre long. 
The bulb lights normally. If we now take the bulb 100 metres away from the 
battery and wire it up, we would expect the bulb to be somewhat dimmer, 
which is exactly what would happen. It happens because of the resistance of 
the wires — the wires do not form a perfect conductor. A similar situation 
occurs with radio waves. 


All waves suffer from attenuation — they get weaker the further they travel. 
In cases of extreme attenuation, we need to apply some amplification before 
the attenuated wave can be used in a receiver. 


Carrying information 


When we speak over the telephone, the range of frequencies in our voices 
extends from very low frequencies up to about 15 or 20kHz. In audio 
terms, this is quite a large bandwidth (meaning a wide band of frequencies). 
For communications purposes, however, most of this bandwidth is not 
needed, and in the telephone system (and in our transceivers), this is cut 
down so that it extends from about 200Hz to 3kHz, a reduction in 
bandwidth from 20 kHz to about 3kHz. A bandwidth of 3 kHz has been 
found to be sufficient to convey speech intelligibly which, after all, is just 
what we need! 


The radio waves coming from an amateur transmitter convey our speech 
signals over long distances. By themselves, the speech signals do not travel 
very far, so they have to be combined with a radio signal that will travel long 
distances. This extra signal is called the carrier wave (or just the carrier), 
because its job is to carry the speech signals along with it! The process of 
combining the speech (or Morse code) with the carrier is called 
modulation. 
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Figure 1 Stations between 
B2 and B3 receive the 
ground wave 


Waves — Part 2 


Wider and wider 


Sending Morse code is achieved simply by switching (or keying) the carrier 
on and off. The bandwidth of the transmitted signal is only about 100 Hz. 
Speech, with its reduced bandwidth of 3 kHz, will produce a single-sideband 
(SSB) transmitted signal with a bandwidth of 3 kHz. If the same speech 
signal were used to produce an amplitude-modulated (AM) signal from the 
transmitter, it would have a bandwidth of about 6kHz. Perhaps you can 
now understand why the bandwidths needed to produce hi-fi broadcasts 
need to be so large. TV signals need bandwidths running into tens of 
megahertz! 


Waves need aerials 


Radio waves are produced whenever changing currents flow through a wire, 
and when that wire is made in such a way as to maximise the radiation from 
the wire, it is called an aerial or antenna. The same piece of wire will receive 
radiation from other aerials; an aerial will transmit and receive. This is an 
important property of the aerial: when a current flows through it, 
electromagnetic waves are launched into the air; when electromagnetic 
waves in the air encounter the aerial, currents are produced in it. 


From the simplest transmitting aerial, waves travel in all directions, like the 
waves on the pond that we considered in Part 1. They will travel a long way 
through air and space before they become too week to be received. They 
wont travel very far into the earth, however! The earth will reflect some of 
the wave and will absorb the rest. That portion of the wave which is 
reflected will again travel through air and space until it is totally 
attenuated. 


Look at Figure 1; A represents a radio transmitter, with B1, B2 and B3 being 
receiving stations. The two arrows pointing ‘downwards’ from A represent 
two of the waves from A which just graze the earth’s surface. Waves above 
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Figure 2 Reception of 
A's signals at B1 using the 
sky wave 
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these will travel on into space; waves below them will either be absorbed 
and reflected by the earth or received by aerials. B1 will not receive any 
signals from A, because it is below A’s horizon. B2 and B3 can receive A’s 
signals because they are just on A’s horizon. Any stations between B2 and B3 
will also receive A’s signals, which are known as ground-wave signals. The 
wave at C represents one which is reflected by the ground and travels into 
space. 


This description begs the question of how signals are received from stations 
well beyond the ground-wave range. 


Mirrors in space 


Suppose that there was something, out in space, that would reflect radio 
waves. Waves from A that travel out into space could be reflected off it and 
return to earth, enabling stations such as B1 to receive A’s signals. The 
situation just described is illustrated in Figure 2. 


hMirrer 
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Just such a mirror in the sky really does exist. It is not man-made, of course! 
The earth is surrounded by the atmosphere, a mixture of many gases, such 
as nitrogen and oxygen. The energy contained in the radiation from the sun 
is more than sufficient to ionise these gases, thus making them into electrical 
conductors. When a gas is ionised, some of its electrons are physically 
stripped out of the atoms and are free to move about, just as the electrons 
of a metal do in a wire. Consequently, we can regard this part of the 
atmosphere (the part illuminated by the sun) as acting like a sheet of metal, 
which reflects radio signals! It is not a perfect reflector, but is sufficient to 
produce long-range (DX) radio propagation via the sky wave under the 
right conditions. (A more down-to-earth example of ionised gases conduct- 
ing electricity can be found in the fluorescent tube and the neon sign —- many 
gases glow when they are continuously ionised.) 


An LED flasher 


This conducting region at the extremity of the atmosphere is called the 
ionosphere, and it exists in layers between 60km and 700km above 
the earth’s surface. When the ionosphere is sufficiently ionised, it glows; this 
is the natural phenomenon known as the aurora borealis, or the northern 
lights. 


The property of the ionosphere that enables radio waves to be reflected does 
not act in a uniform way; it is very selective about which waves it reflects, 
and which waves go straight through it and into outer space. In general, it 
reflects only those waves with frequencies below about 30 MHz - the HF 
bands! 


In Part 3 we will look at families of waves. 


12 An LED flasher 


Figure 1 Circuit diagram of 
the LED Flasher. Pins 1, 3 
and 7 of the IC are not used 


Introduction 


The LM3909 is an integrated circuit (IC) which will flash a light-emitting 
diode (LED). Using only two extra components and a battery, the circuit is 
cheap and has a very low current drain from a 1.5V cell. The circuit can be 
used as a novelty flasher, an indicator for a dummy alarm bell box, or it 
could be attached to a torch so that it could be found easily in the dark! The 
simple circuit is shown in Figure 1. 
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Assembly 


The circuit can be built on a small piece of Veroboard (the piece shown in 
Figure 2 measures 15 holes by 10 strips). Using such a board, follow these 
instructions. 


1. Depending on how far away you want the LED from the circuit board, 
solder a length of insulated wire to each lead of the LED. Use different 
colours of insulation - say, red and black, connecting the red lead to the 
anode (a) lead (the longer one) of the LED, and the black one to the 
cathode (k). Figure 2 shows these leads. 

2. Cut the copper tracks as shown in Figure 2, using a 3mm (% inch) 
diameter drill, rotated between thumb and forefinger, or use the proper 
tool. Make absolutely sure that the tracks are completely broken! 

3. Fit the IC holder in the correct position, using the cut tracks as guides, 
and make sure the small notch is facing towards the top of the board. 
Solder the pins to the copper tracks. 

4. Mount the capacitor, positive end to the left, so that the positive lead is 
soldered to track F, which connects it to pin 2 of the IC; the negative lead 
is soldered to the right-hand side of track E, this being connected to pin 
8 of the IC. 

5. Solder on the battery leads, positive to the right, and the extended LED 
leads, positive downwards. 
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An LED flasher 


6. Check the circuit, and hold up the board to a bright light and look 
carefully for solder bridges between the tracks and pieces of copper swarf 
which may have escaped your inspection in 2 above! Remove whatever 
you find. 

7. When all seems well, put the IC into the socket, ensuring that the notch 
or dot on the upper surface of the IC lines up with the notch on the 
holder. Line up each pin on the IC with the hole below it before pressing 
gently on the IC with the board supported on a firm surface. 

8. Connect the battery; the LED should start to flash. The circuit is 
complete and working! 


If you prefer, the whole circuit (battery included) can be mounted in a small 
plastic box, with the LED mounted on a clip and protruding through the 
panel. There are many other possibilities, and it is up to you to find an 
application for your own use. 


Parts list 





Maplin code 
LM3909 Integrated circuit WQ39N 
IC socket 8-pin DIL BL17T 
LED 5mm diameter WL27E 
100 microfarad (uF) — Electrolytic capacitor (10 V) FB48C 
Battery holder For AA-size cell YRS59P 
Battery 1.5V AA cell 


Small piece of Veroboard (15 holes by 10 strips) 

Small plastic box (if required) 

LED clip (if required) 

Two lengths of coloured, insulated wire for LED (as required) 


Availability 





All parts can be obtained from Maplin Electronics Ltd. 
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13 Waves — Part 3 


Introduction 


When we talk about the spectrum being divided up into bands, this is just 


for our convenience; there are no natural divisions although, as we have 
seen, some of the properties of different bands really are different! Let’s 
look at Figure 1, and see how the frequencies are divided up. 





The divisions 


@ Very low frequencies (VLF) cover the range from a few kilohertz up to 
30kHz. Very long-range communication is possible, but at very small 
bandwidths. It is used for special purposes. 

@ Long waves (LW) are used for medium-distance commercial broadcasting 
and have frequencies from 30 kHz to 300 kHz. 

@ Medium waves (MW) are used for commercial broadcasting, and use 
frequencies from 300 kHz to about 1.5 MHz (1500 kHz). Typical range is 
about 200km. 

@ Short waves (SW) encompass both the low-frequency (LF) and high- 
frequency (HF) amateur radio bands. There are nine narrow amateur 
bands in the SW spectrum between 1.8 MHz and 30 MHz. Some of these 
bands give round-the-world communication. 

@ Very high frequencies (VHF) span the range between 30MHz and 
300 MHz. Relatively short-range communication is possible. They were 
once used for broadcast TV before it moved to UHE There are now three 


1GHz 
J0kHz JO0kHz hhh: dOMHz J0MHr = 10M) SOGHz 


MICROWAVE 





Figure 1 Diagram of radio frequency spectrum 
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amateur bands here — 6 m, 4m, and 2 m. Repeaters are used to extend the 
usable range of mobile stations. VHF waves are not usually reflected by 
the ionosphere, but when they are, ranges of several thousand kilometres 
are possible. Weather affects these waves on a regular basis, however. In 
addition to amateur users, the VHF part of the spectrum is also used by 
the police, the fire and ambulance services, weather satellites, and many 
others, 

@ Ultra-high frequencies, sometimes called centimetre waves, cover the 
range from 300 MHz to 1000 MHz (or 1 GHz). The only amateur band 
in this range is the 70cm band, and we share it with radar, TV and 
cellular telephone users as well. 

@ Microwaves begin at 1 GHz and extend to about 400 GHz. They are 
never reflected by the ionosphere, are partially attenuated by buildings, 
and are reflected from aircraft and cars. Microwave absorption in the 
atmosphere is quite significant, and rain and fog can attenuate 
microwaves quite heavily. 

@ Heat, light ... Above 400 GHz we run into the infra-red bands and on 
into the visible light and ultra-violet bands. We generally take 400 GHz as 
being the limit of what we class as radio waves. 


Bandwidth again 


Complex signals need more bandwidth than simple signals. Even if it were 
possible, we would not be able to transmit a single television channel in the 
whole of the MW broadcast band! When TV used part of the VHF band, 
only five channels were possible in the range from 45 MHz to 68 MHz. By 
moving TV to the UHF band, we now have 47 channels between 470 MHz 
and 855 MHz! 


lt’s your choice! 


The number of permutations you have amongst all the modes and all the 
bands is enormous! Only you can decide what you are interested in and 
what you want to learn about. That is the attraction of amateur radio! 
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14 Choosing a switch 


Figure 1 Some circuit 
symbols for different types 
of switch 


46 


Simple, but be careful! 


A switch is the simplest electronic component, but care is needed in 
choosing the correct one for the job. Here is a list of the main 
characteristics of a switch, which will help you to select what you 
want. 


1. 


Rating. This gives the maximum voltage and current that a switch can 
handle. For example, a 250 V 1.5A switch will switch mains voltage 
at a current not exceeding 1.5 A. If the current is greater than 1.5 A, 
the switch may get hot and fail. If the voltage is too great, the switch 
may arc each time it is switched off, thus wearing away the 
contacts. 


. Number of poles. A single switch can control many circuits; the 


number of poles tells you how many different circuits it can handle. 
See Figure 1. 


. Number of throws. This tells you the number of positions each pole 


can have. This is best illustrated in Figure 1. The simplest ON/OFF 
switch is a Single-Pole, Single-Throw (SPST) switch. A Single-Pole, 


Single- pole, single-thraw 


Single-pole, double-throw 
{also knownas a changeover 
ewitch ie, SPCO) 


— 
oI 

—T, Double-pole, double-thraw 
i 


(also known asa Z-pole, 
2.way switch) 


— «-_ + Push-button switch 


Figure 2 The rotary switch 
can select several different 
circuits at once 


Choosing a switch 


Double-Throw (SPDT) switch may also be used as an ON/OFF 
switch, but is used mainly to change between two parts of a circuit, 
and is commonly known as a Single-Pole Change-Over (SPCO) switch. 
Two or more SPCO switches can be operated at once; Figure 1 shows 
an example. The two switches are said to be ganged. See also “Types 
of switch’ below. 

4. Number of ways. When a switch has more than one throw, we tend to 
use the word ‘ways’ instead. This means that if a switch has one pole 
and six throws, we would normally call it a ‘1-pole 6-way’ switch. 
Such switches tend to be rotary switches, as are described below. 


Types of switch 


(a) Push-button. These are found on calculators, telephones, electronic 
games and most equipment with a digital display. 

(b) Rotary. These are switches controlled by a knob, and are turned 
instead of moved up and down. Figure 2 shows the rear of such a 
switch and its circuit symbol. The commoner types of rotary switch 
are: 1-pole, 12-way; 2-pole, 6-way; 3-pole, 4-way; 4-pole, 3-way; 
6-pole, 2-way. All these switches have 12 click positions, as you may 
have guessed, but each one comes with an adjustable end-stop so that 
you can set the correct number of ways according to the contacts on 
the switch. 

(c) Slide. This switch is common on the cheaper types of radio, mainly as 
an ON/OFF or band-changing switch. They are not very rugged, but 
are small and cheap to produce. Very small types are manufactured 
for use on PCBs. 


Rotary Switch 
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medial head bicipital aponeurosis 
biceps one biceps brachii t. 
SAA neare FB. supinator m. 
Proceso ©. brachioradialis m. 
bicipital aponeurosis ; ’ 
flexor carpi radialis extensor carpi radialis longus m, 
supinator m. pronator teres m. 
extensor carpi radialis longus m. flexor carpi radialis m. 
flexor digitorum profundus m. paimaris longus m. 
flexor carpi ulnaris m. 7) S Fe \\ | flexor carpi ulnaris m. 
pronator teres m. N ? Pre abductor pollicis longus m. 
flexor digitorum superficialis m. V\\i flexor pollicis longus m. 
flexor pollicis longus m. ARN pronator quadratus m. 
flexor carpi radialis t. jae "a flexor retinaculum 
gluteus medius m. e" mar aponeurosis 
tensor fasciae latae m. ; / Fe . re 
Sartorius m. y, flexor digitorum superficialis m. 
gluteus gare on ell m. gluteus medius m. 
iliopsoas m. tensor fasciae latae m. 
vastus intermedius m. ai i si 
gracilis m. brevis 
vastus medialis m. longus }- adductor muscles 
rectus femoris m. J magnus 
. iliotibial tract vastus lateralis m. 
ceps femoris m. sa 
lateral patellar retinaculum iliotibial tract 
medial patellar retinaculum rectus femoris m. 
patellar |. 
peroneus longus m. gastrocnemius m. 
tibialis eos ~ tibialis anterior m. 
interosseous membrane extensor digitorum longus m. 
extensor digitorum longus m. peroneus longus m. 
extensor hallucis longus m. soleus m. 
Key peroneus longus t. peroneus brevis m. 
LZ: woe wk: 7 extensor hallucis longus m. 
2 external intercostal mm. rails anterior 
3 pectoralis minor m. peroneus tertius m. superior enum retinaculum 
4 serratus anterior m. inferior extensor extensor digitorum longus tt. 
5 pectoralis major m. retinaculum LA 
6 rectus sheath (anterior layer) extensor digitorum 7772. peroneus tertius t. 





7 rectus abdominis m. brevis m. ” 
8 external abdominal oblique m. 
9 internal abdominal oblique m. 
10 transversus abdominis m. 
11 rectus sheath (posterior layer) 
12 arcuate line 
13 cremaster m. 


14 linea alba 
15 aponeurosis of external 
abdominal oblique m. 
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(d) Toggle. Available as two-way types or three-way, with a centre-off 
position. Can be manufactured to handle very high currents. 

(e) Micro-switch. These are devices which are usually operated indirectly, 
such as when the cover is removed from a high-voltage power supply, 
or when the door of a fridge is opened. The ‘micro’ part of the name 
doesn’t refer to the size of the switch, but to the small movement that 
is required to activate it. 
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15 An aerial tuning unit for a 
receiver 


Introduction 


Any length of wire will act as an antenna (or aerial) but, to get the best results 
from a transceiver or receiver, an aerial tuning unit (ATU) is required. This 
matches the impedance of your aerial to the impedance at the aerial socket of 
your radio. Impedance is like resistance, and is measured in ohms, but it is 
used for alternating currents, and hence is common in audio and RF 
engineering. Most receivers have an impedance at the aerial socket of about 
50 ohms (Q); aerial impedance, on the other hand, can be anywhere between 
20 © to over 1000 ©, depending on its length and its height above ground. 


Fortunately, you don’t need to be able to calculate your aerial’s impedance; 
all you need is a device that will perform the matching operation for aerials 
with a large range of impedances, and this is exactly what is described here! 
The subject of matching is a complex one, but all you need to know is that 
most signals will become clearer, and that there will be less noise and 
interference. Stations will become louder, so you will probably be able to 
reduce the setting of your RF gain control (always a good thing to do). 


This design of ATU covers all amateur and broadcast bands from 10m 
(28 MHz) to 80 m (3.5 MHz), and is very easy to build. The circuit is shown in 
Figure 1. 


Figure 1 Circuit diagram of 
the Antenna Tuning Unit, 

showing the use of a 2-pole, ri! 4T0p 4nd 
6-way rotary switch to select - - ; i 
inductors (L) and capacitors Green Blach 


( 
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Black 


Construction 


1. 


2s 


3. 


Firstly, you will need a simple plastic case in which to house the ATU. 
The size should be approximately 85 x 145 x 50mm. 

Start by drilling two 10.5 mm holes in the front of the case; these are for 
the 6-way switch and the tuning capacitor. 

Drill three 8 mm diameter holes in the left-hand side of the box, for the 
three sockets, coloured blue, yellow and green. 


. On the right-hand side of the box, drill two 8 mm diameter holes for the 


red and black sockets. 


. Now, fit the 6-way switch (SW1), the tuning capacitor (VC1), and all the 


sockets to the case. Check that the vanes of the capacitor rotate smoothly 
when the shaft is turned. 


. Wire up the inductors (coils). Figure 1 and the wiring diagram of Figure 


2, will help with this. As you can see, each one side of each coil is 
connected to two switch connections, the other end going to VC1. 


. Solder in the fixed capacitors. One end of each goes directly to the 


ground socket (black), and the other end goes to the switch. 


. Solder a wire between the green and black sockets. The output from the 


ATU comes from the red socket, and this is connected to the two tags in 
the centre of the switch, as Figure. 2 shows clearly. 


. Finally, connect the blue and yellow sockets to the tuning capacitor, and 


the ATU construction is complete. 





Figure 2 The internal view of the case shows the main tuning capacitor, VC1. This is a solid dielectric type, which has 


adjustable brass plates 
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Figure 3 You may find that 
parallel tuning gives best 
results with your antenna 


Figure 4 In other cases, 
series tuning could be the 
most effective arrangement 


In practice... 


Figures 3 and 4 show two different ways of connecting your aerial to your 
ATU. In each case you will need to select each switch position in turn, and 
rotate the tuning capacitor through its full range while listening to a station. 
You should find that one switch position enables VC1 to produce a peak in 
the signal strength in the loudspeaker. At this point, your aerial and receiver 
are said to be matched. Stations in the same band will probably peak with 
VC1 at the same setting of SW1, but different bands will almost certainly 
require different positions of SW1. 
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Parts list 





Capacitors (all rated at 16 V or more) 
C1 220 picofarads (pF) polystyrene 
C2 470 picofarads (pF) polystyrene 
C3 1000 picofarads (pF) or 1 nanofarad (nF) polystyrene 
C4 2200 picofarads (pF) or 2.2 nanofarads (nF) polystyrene 


Inductors 
L1 1.2 microhenries (wH) 
L2 8.2 microhenries (wH) 
L3 68 microhenries (4H) 


Switch 
SW1  2-pole 6-way rotary 


Sockets 
4mm type, one each of red, black, yellow, blue, green 


Additional items 
Plastic or metal case, e.g. Maplin type YU54 
Two large knobs for SW1 and VC1 





16 A simple 2m receiver 
preamplifier 


Introduction 


Designed specifically to complement the modified air-band portable (also 


described in this series), this can be used with some success on many 
receivers suffering from ‘deafness’ on VHF. 





The circuit 


An RF preamplifier is a device which improves the input signal to an 
existing receiver, enabling it to work more effectively. Because of the noise 
which is added to the signal by the preamplifier, very weak signals may not 
be usefully enhanced, but stronger signals will be improved considerably. 
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Figure 1 The integrated 
circuit is mounted upside 
down. Make sure you 
identify pin 1 which has a 
small dot next to it 


A simple 2m receive preamplifier 





Antenna 


_ OV Ground 
(Battery =ve} 






Output to 


jHe main circuit 


1Gp Board 
+64 to#oV 
(Battery Ave) 


This little circuit (shown in Figure 1) uses a GEC/Plessey integrated circuit 
type SLS60C. With the addition of four capacitors, it is used between your 
aerial and the aerial input of the radio’s PCB. 


Putting it together 


1. 


Use a small piece of prototype (matrix) board about 25 mm square. Use 
an 8-pin DIL socket for the integrated circuit (don’t risk soldering the 
chip — it is seldom a risk worth taking). Figure 1 shows the connections 
to the socket, looking from underneath. 

Make special note of the pin numbers, so that you know how to put the 
chip into the socket when you have finished. The positive and negative 
connections to the circuit are taken from the main PCB after the ON/ 
OFF switch — so that the switch operates the preamplifier, too. 


. Unsolder the lead to the radio’s telescopic aerial and connect it to the free 


end of C4, as shown. Then solder a short lead between the telescopic 
aerial and C2. 

Sometimes it is possible to cajole your little preamplifier into the radio’s 
plastic case, provided there is room and that you make sure that none of 
the soldered joints on your little board touch any of the metal inside the 
case when you replace the back and screw it on again. 

If there is not enough room inside, then put the preamplifier into its own 
box, with battery and switch, and its own aerial. Keep the lead from the 
preamplifier to the aerial connection of the radio as short as possible — 
perhaps using screened cable. 


Because your preamplifier is untuned, you will find not only that it helps 
with reception on 2 metres, but also that reception on the FM broadcast 
band is improved! 
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Parts list 





Integrated circuit 
IC1 GEC/Plessey SL560C 


Capacitors 
1 nanofarad (nF) ceramic 
10 picofarads (pF) ceramic 
10 nanofarads (nF) ceramic 


Additional item 
Prototype broad approx. 25 x 25mm 





17 Receiving aerials for 
amateur radio 


Introduction 


For any radio receiver to work well, it must have some form of antenna, or 
aerial. In almost all domestic transistor radios, the aerial is built into the 
set, either as a ferrite rod (which looks like a rod of dark grey metal) on 


which are wound coils of wire, or as a chromium-plated telescopic metal 
rod. Some radios have both forms of aerial, using the ferrite rod aerial for 
long waves (LW) and medium waves (MW) and the metal rod for very high- 
frequency (VHF) stations using frequency modulation. 





There’s broadcast reception. . . 


No aerial is perfect, and these two types are far from perfect! As in most 
mass-produced equipment, they serve their purpose, which is not critical, 
and they allow the radio to be carried around easily, because they are not 
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big and bulky. The broadcast stations are very powerful, usually quite close, 
and the circuits in the radio are quite sensitive, so the need for large aerials 
disappears. 


...and there’s amateur DX 


Here we have an application which, in comparison with the broadcast 
situation, couldn’t be much more different. The stations do not use much 
power, they may be half the world away, and the requirement for good 
aerials and very sensitive receivers is paramount. The aerials must be large 
and they must be as high as possible, away from buildings and trees, which 
cause reduction in signal strength, and away from man-made sources of 
interference. 


You may not have thought about this but, in general, the larger an aerial 
becomes, the longer the cable (or ‘feeder’) must be in order to reach your 
shack and the receiver inside it. Cables reduce the received signal, so what 
your aerial gains by being large, the feeder (if you’re not careful) will 
lose! 


A simple aerial... 


We now know that a ‘good’ aerial is essential. But what is a ‘good’ aerial? 
It depends on your purse, your property and your enthusiasm! One of the 
simplest (and, incidentally, one which is not subject to the cable loss 
problem discussed above) is the Long Wire, shown in Figure 1. This is, quite 
literally, a long piece of wire going from a chimney stack to a tree or pole 





; Li 
Sty barnes = a 
; pe | Rope tied to lee _ 
hg —— — 
= Wire: chown Pea : | oi} 
fe —— 


aoe = is 


Eo insulator Earih = 


Ge Le ee 


*, 
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Figure 1 A tree at the bottom of the garden can provide a useful antenna support. Insulators can usually be 
obtained from Tandy stores or TV aerial suppliers 


55 


Radio and Electronics Cookbook 


Figure 2 An indoor antenna 
should be mounted as high 
as possible 
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at the end of the garden. The longer it is, the better. Notice that the wire 
itself is not used to loop around the tree or chimney. Rope is used for both, 
and is secured to the end of the wire using an insulator of the ‘dog bone’ or 
‘egg’ variety, to be found in profusion at rallies. 


The wire is brought into the house through a window into the shack where 
the receiver is situated. The long wire aerial is best used with an aerial 
tuning unit (ATU), which is also described in this book. One of the 
advantages of the long wire is that it can be used on several frequency 


bands. 


...and more complicated ones 


Next up the ladder of complexity is the dipole (meaning two poles, or two 
elements). One form of dipole for lower frequencies would take the same 
basic form as the long wire, except that the feed to the receiver is taken, not 
from the end, but from the centre. The wire is essentially cut into two 
halves, and the two ends at the centre are connected to one end of a coaxial 
cable, which is then taken to the receiver. A smaller form of this is shown in 
Figure 2, which is conveniently mounted in a house loft. Aerials should 
always be mounted outside for best results, but will work when mounted 
inside, and the loft space is the logical situation. 


The total length of the dipole should ideally be one-half of the wavelength 
of operation — hence the term ‘half-wave dipole’. For example, a dipole for 
use on 20m should be about 10m long. Dipoles are thus ‘single-band’ 
aerials. They can be modified for use on several bands, and then become 
known as ‘trapped dipoles’, having coils and capacitors at certain points 
along their lengths. 
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Indoor aerials 


For flat- or apartment-dwellers, an indoor aerial is often the only solution, 
in which case the dipole of Figure 2 may be of great use. Other popular 
types include the loop aerial, of which several types are shown in Figure 3. 
The shape of the loop is of secondary importance, but it should be as large 
as possible. 





Continuous wire loop - as largeas possible 





{insulator 


11 ¥ comkial cable 


+] To shack 





Figure 3 Try different 
shapes of loop antenna to 
see which works best 
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Ingenuity is called for when considering indoor aerials. A dipole can be 
mounted along a picture rail or pelmet. A vertical loop of aluminium foil 
can be stuck to an inside wall and covered with wallpaper! The designs are 
limited only by your imagination, and will give you hours of listening 
pleasure 


Outdoor aerials 


If you want to venture beyond the simple long-wire discussed earlier, then 
the erection of outdoor aerials can be a bit tricky; they can be more than a 
one-man job, and can involve seeking planning permission. Get some help 
advice from someone who has done it before — what about your local radio 
club? Plenty of designs for aerials appear in RadCom, so you should never 
be short of ideas! 


The Colt 80 m receiver — 
Part 1 


Introduction 


This is the first of four parts detailing the design and construction of a 
simple radio capable of good reception of amateur radio signals on the 80 


metre band. If you can solder and have some basic hand tools, at the end 
of Part 4 you will have a working receiver, in which you can take pride, and 
start some serious listening on 80m! For testing, all you will need is 
another receiver and a multimeter. 





Description 


The radio will be built in three modules, or stages, as illustrated in Figure 1. 
Each of these is built on a printed-circuit board (PCB) or matrix board and 
can be tested in its own right. The case will need some holes drilled, and care 
will be needed to mount the PCBs in the case. 


Get to it! 


Surprisingly enough, when you are building a radio section by section 
(which is always the best way), it is easiest to start at the output and work 


Figure 1 Build your Colt 
and watch it grow. A simple 
crystal set (a) becomes a 
direct conversion receiver (b) 
and finally an 80 metre 
amateur band superhet (c) 


Figure 2 The Philips 
TDA7052 integrated circuit 
(IC) used in the audio 
amplifier needs very few 
extra components. It has a 
signal voltage gain of 100 
times and the output is 
suitable for a loudspeaker or 
headphones 


The Colt 80m receiver — Part 1 


Auto 
gral stir 





4umo 
amnipl iter 
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towards the input, and you can test what you have done stage by stage. You 
will see what this means as you progress with your construction. 


Every receiver needs some audio frequency (AF) amplification to make the 
sound signals big enough for you to hear. The circuit for the AF amplifier is 
shown in Figure 2. It uses the TDA7052 integrated circuit (IC) plus a 
handful of extra components. R1 in conjunction with C2 and C3 decouple 
the battery supply, preventing any audio signals getting through to it and 
affecting other parts of the radio, when they are connected. C1 acts to 
prevent high frequencies (above the 3kHz bandwidth) going into the 
amplifier input. A volume control, VR1, is connected across the amplifier 
input, so that the amplifier can accept signal inputs over a wide range. 
Figure 3c shows the connections, which are made with screened cable. The 
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centre conductor of the left lead goes to the point marked ‘input’ in Figure 
2, the braid being connected to the amplifier earth (0 V) tag. The right lead 
to VR1 goes to whatever signal source you have for testing — see later. VR1 
is not mounted on the PCB. 


The circuit is constructed ona small PCB or matrix board. Make sure that the 
electrolytic capacitor, C3, is soldered into the board the correct way — its 
positive and negative connections are shown in Figure 3b for reference. If you 
are at all concerned about soldering the IC into the board, enlist some help, or, 
obtain an 8-pin DIL socket, which you can solder in and then carefully insert 
the chip into the socket, making sure that is the correct way round. The 
markings on the chip are shown in Figure 3a. 


The output leads from the amplifier go to a plastic 6.3 mm (% inch) mono 
jack socket, so that neither output lead is connected to the metal case. The 
amplifier will drive a pair of headphones or a small 8 © loudspeaker. 


The battery leads must be the right way round also; the battery itself can be 
a PP3 or PP9Y, or you can use a small DC power supply. 


Testing 


First, check that all the components are in the right places, that your 
soldering is good, and that you have headphones or a loudspeaker 
connected. Set VR1 about halfway along its travel. Connect the battery. 


Indentation 
Paint stripe f 


i 





Figure 3 It is important to 

check the component ‘ 
connections carefully. The (¢) 
diagram shows (a) top view 

of the IC, (b) electrolytic 

capacitor and (c) volume 

control (VR1) connected 

across the input of the 

amplifier 
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The Colt 80m receiver — Part 1 


A slight hissing noise should be heard; touching the input lead to the 
amplifier (the centre of the three connections on VR1) should produce a 
loud buzz. Touching the shaft at the same time will make the buzz quieter. 
This is the quickest way of confirming that your amplifier seems to be 
working. The only real test is to give it something meaningful to amplify! 
See the design of our Crystal Radio Receiver for full details. 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
22 ohms (Q) 
10 kilohms (kQ) log 


Capacitors 
C1, C2 0.1 microfarad (uF) 
C3 220 microfarads (wF) electrolytic 16 V 


Integrated circuit 
IC1 TDA7052 audio amplifier 


Additional item 
PCB (see below) 


Component suppliers: 
Maplin 
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The next part... 


The metal case will be marked out ready to receive the completed 
modules. 


19 A crystal radio receiver 


Introduction 


Here’s a quick project to fill in a winter’s evening! It was originally designed 


as a piece of test gear for the Colt receiver, but can be successfully used by 
anyone as a first radio project. Another use for it would be as test gear for 
any audio amplifier project requiring an audio input for test purposes; this 
is ideal, as it does not require any power supply! 





Details 


The initial rough-and-ready test for the audio amplifier of the Colt receiver 
will have whetted your appetite; you will want to prove more conclusively 
that your amplifier works, and in a way that others in the household will 
appreciate. Buzzing noises are not convincing in this respect! You are going to 
put together a simple crystal set — the simplest type of radio that there is — and 
use it as a signal injector for your amplifier. In this way, you build a real 
medium-wave (MW) receiver which drives a loudspeaker, as an intermediate 
product of the construction of an 80 metre amateur band receiver! 


The circuit diagram is shown in Figure 1. It has a 60-turn coil mounted on 
a small piece of paper or card wrapped round a ferrite rod. The coil has a 
connection made to its centre-tap (the middle turn of the coil). The tuning 
capacitor, VC1, is the most expensive part of the circuit but don’t worry, it 
will be used in the final design of the receiver also! Connect the diode, D1, 
from the centre-tap to the input to the potentiometer of the amplifier circuit 
of the Colt. Be careful to connect the aerial to the vanes of VC1, and not to 
its frame, or you will experience some strange effects when you are tuning. 
If your amplifier is working correctly, you should be able to receive local 
stations on medium-waves quite well. 


If you think the crystal set will be of use to you in the future as a signal 
injector, all you will need will be another variable capacitor! If you do not 
intend to use the amplifier, a small crystal earpiece will allow you to listen. 
Walkman-type headphones will not work! 


Figure 1 Both sets of 
moving vanes are joined as 
shown. L1 is wound on a 
ferrite rod with 32 SWG wire 
and centre-tapped. A single 
winding (no tap) can be 
used, joining D1 to the top 
of the winding 


A crystal radio receiver 
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VC frame Sereen 


Parts list 





Variable capacitor 
VC1 125 + 125 picofarads (pF) twin-gang 


Ferrite rod 
About 100mm to 140 mm long 


Diode 
D1 OA91 germanium diode 


Additional items 
Wire 2m of enamelled copper wire, between 23 SWG and 
32 SWG 
Earpiece High-impedance crystal type (only needed if you are 
not using the amplifier) 





63 


Radio and Electronics Cookbook 


20 The varactor (or varicap) 
diode 


Introduction 


Many of the circuits for receivers and transmitters presented in this series 


rely upon the variable capacitor as a means of tuning. Another method of 
varying capacitance (without any moving parts) is provided by the varactor 
diode, sometimes called a varicap diode. This is a component which 
changes its capacitance as the voltage across it is varied. 





The details 


Figure 1 shows how a varactor diode might be connected to demonstrate its 
operation. Its symbol is that of an ordinary diode, with a capacitor symbol 
next to it. A variable voltage is applied across it in such a way that the diode 
is reverse-biased. This means that virtually no current passes through it — the 
positive voltage is applied to the cathode. Varactors are cheaper than 
variable capacitors, and they are tiny in comparison, very suitable for 
today’s miniature circuits. If A and B were connected across the tuning coil 
in a simple receiver (with a series capacitor to block the DC from the battery 
reaching the coil), the tuning operation would be accomplished by turning 
the knob on the 10 kilohm potentiometer. 


Varactors are available with different values, from less than 20 picofarad 
(pF) for VHF applications to 500 pF for medium-wave radios. They are 






Vancap Danks 
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Figure 1 The capacitance of the varicap diode (between A and B) increases as the voltage is reduced, using the 
variable resistor 
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tuned usually by voltages between 2 V and 9V. For a real application of 
varactors, you should consult the circuit diagram of the Yearling 20 metre 
receiver, elsewhere in this book. 


In some circuit designs, several circuits are all tuned to the same frequency 
in order to improve the overall selectivity (the ability of the circuit to reject 
signals very close in frequency to the wanted signal). Special dual- and 
triple-varactors are available for circuits like this. Having been made at the 
same time from the same materials makes their individual characteristics 
virtually identical. Like all other diodes, they must be correctly wired into 
the circuit — their polarity is important. 


Changes in temperature will cause the capacitance to change which, if it 
were part of an oscillator circuit, would cause the oscillator to drift - you 
would have to keep retuning the radio! This can be corrected by using a 
special integrated circuit called a phase-locked loop (PLL). Modern TV sets 
and satellite receivers use varactors and PLLs in this way. 


Some useful varactor types 











Type No. Tuning range Description 
pE/V pE/V 

BB204B 42/2.0 15/12 Dual VHF 

BB212 560/0.5 22/8 AM tuning 

KV1235 450/2.0 30/8.5 Triple AM 

KV1236 450/2.0 30/8.5 Dual AM 

MV1404 120/2.0 9/10.0 HF tuning 





21 A portable radio for 
medium waves 


Introduction 


The ZN415E integrated circuit (IC) can be used to make a very efficient AM 
portable MW broadcast radio with a built-in loudspeaker. Here’s how! 
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The circuit 


Figure 1 shows the circuit diagram of the portable radio. It’s not as 
complicated as it may appear, especially after you have got started. L1 is a 
coil of wire mounted on a ferrite rod, acting as an aerial; VC1 is a variable 
capacitor which works, with L1, to tune in different stations. IC1 contains 
circuits of its own which boost the selected signal and it includes a detector 
which extracts the audio signal from the incoming RF signal. Earphones 
could be connected to the output of IC1 (between pins 4 and 5), but the 
output would not be powerful enough to drive a loudspeaker. 


More sound 


This is where IC2, an LM386 comes in. This is a small audio power 
amplifier which produces audio signals with enough power to drive a small 





Figure 1 The circuit diagram of our easy-to-build portable radio. Take care to mount the ICs and LED the correct way 


round 
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loudspeaker, LS1. The radio uses a 6 volt battery, which is made by 
connecting four 1.5 volt AA cells in series (4 x 1.5 V = 6 V) using a battery 
holder designed for this purpose. Although a 6 V supply is ideal for IC2, it 
is far too great for IC1, which needs only about 1.3 V. This lower voltage is 
provided from the 6 V supply by TR1 (an npn transistor), R2 and LED1 (a 
light-emitting diode). When current passes through an LED (see the 
description of the LED in this series) a reasonably constant voltage of 1.9 V 
appears between the anode and the cathode. Because of the voltage (0.6 V) 
that always exists between the base and emitter of a working transistor, the 
voltage on the emitter is about 1.9 V — 0.6 V = 1.3 V, and this is used as the 
power supply for IC1. 


To keep the radio as simple as possible, no volume control has been fitted. 
Instead, you can use the directional properties of the ferrite rod aerial (see 
the information on ferrites in this book) to reduce the volume by rotating 
the set about a vertical axis using the handle provided. 


Putting it all together 


1. Start by covering the ferrite rod with Sellotape, or alternatively wrap a 
piece of paper tightly around it, and secure it with Sellotape. Then, with 
at least 2 metres of 24 SWG enamelled copper wire, wind 75 turns tightly 
around the rod. To be safe, leave about 50 mm of wire at the ends of the 
coil, then wrap the whole coil with Sellotape to hold the turns in place, 
leaving only the ends free. Then, using a small piece of sandpaper, 
remove the enamel from the last centimetre of each end of the coil. 

2. Most of the components are mounted on a piece of Veroboard (the type 
with parallel copper strips on one side). The piece used on the prototype 
measured 32 holes by 10 strips, as Figure 2 shows. Before you start 
fitting components, cut the copper strips as shown. It is easier to do it 
now than when the board is littered with components! The strips may be 
cut with a 3mm (% inch) twist drill rotated between thumb and 
forefinger. Resist the temptation to use a hand drill — the idea is just to 
cut the copper, not to drill right through the board! 

3. Solder the IC sockets and the other components on the board as shown in 
Figure 2. Make sure that the IC sockets are fitted with their notches 
towards the top of the board, as viewed in Figure 2. Do not insert the chips 
yet. Always keep the wires left over from cropping resistors and 
capacitors, they will come in handy at times like this: make the wire links 
that are clearly shown in Figure 2. Connect the electrolytic capacitors (C5, 
C6, C8 and C9), the transistor and the LED the correct way round; then 
check it again when you have done it! 

4. Finally, solder lengths of stranded insulated wire to act as ‘flying leads’ 
for future connection to L1, VC1, LS1, $1 and the battery connector. 

5. Apart from the battery holder, everything is mounted on the case lid. 
This makes assembly and testing much easier, and eases fault-finding if 
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Figure 2 Veroboard layout for the Portable Radio. Make sure that all the wire links are included 


the need arises! At the speaker position, make one large hole or a series 
of small holes to let the sound out. The ferrite rod may be stuck to the 
lid, as may the loudspeaker. Drill holes of the correct size to fit the 
particular types of variable capacitor (VC1) and switch (S1) that you are 
using. The Veroboard may be held in position by Blu-Tack or double- 
sided sticky tape. 

6. Before inserting IC1 and IC2, connect the battery and switch S1 on. The 
LED should glow dimly (you may have to shield it with your hand in 
order to see it). If you have a test meter, check that there is about 1.3 V 
between pins 6 and 4 of IC1. If the reading is around 6 V or there is no 
glow, you may have connected the LED the wrong way round! When 
everything seems normal, switch off and disconnect the battery. Insert 
IC1 and IC2, making sure that the pins are straight and lie immediately 
above their corresponding holes in the sockets, and that the notches line 
up with the notches in the holders. Then push gently downwards on each 
IC in turn until the chip is firmly seated in its socket. 

7. Switch on! By rotating the tuning capacitor, VC1, you should now be 
able to tune in many stations, rotating the radio to give you some volume 
control. 
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Final touches... 


The handle was made with part of an old leather belt, secured to the case 
with ‘number plate’ nuts and bolts from Halfords. The loudspeaker grille is 
the lid from a pot-pourri container, and some extra holes were drilled in the 
back to improve the sound. See what you can find to finish off your 
radio! 





Parts list 





Maplin order codes are given for most of the parts, but you should 
get used to using the ‘beg, borrow or steal’ technique, or to use your 
ever-expanding junk box. 


Maplin code 


Resistors: all 0.25 watt, 5% tolerance 


R1 68 ohms (Q) M68R 
R2 5.6 kilohms (kQ) MS5K6 
R3 10 ohms (Q) M10R 
Capacitors 
C1, C4 10 nanofarads (nF) or 0.01 microfarad 
(wF) ceramic BXO0A 
C2, C3, C7 100 nanofarads (nF) or 0.1 microfarad 
(wF) ceramic YR75S 
C5, C8, C9 100 microfarads (WF) electrolytic, 
at least 10 V FF10L 
C6 10 microfarads (uF) electrolytic, 
at least 25 V FFO4E 
Semiconductors 
IC1 ZN415E radio chip 
IC2 LM386 audio power amplifier UJ37S 
LED1 3mm green LED WL33L 
TR1 BCS48 npn transistor QB73Q 
Additional items 
LS1 Miniature 8 ohm loudspeaker WBO8J 
S1 Miniature SPST toggle switch FH97F 
Ferrite rod Length approx. 100 mm YG20W 
24 SWG enamelled copper wire BL28F 
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Additional items (continued) 


vcl1 Tuning capacitor 140 to 300 picofarads (pF) FT78K 
Tuning knob FK41U 
8-pin DIL IC sockets (two required) BL17T 
4 x AA-size battery holder (long) HF94C 
PP3-type clip for battery holder HF28F 


Plastic box approx. 158 x 95 x 54mm LH51F 
0.1 inch Veroboard, min. size 32 holes 
x 10 strips JP46A 
Plus 
Stranded insulated conductor for flying leads 
Multicore solder 
Materials for handle and speaker grille 
Double-sided sticky tape or Blu-Tack 
Sellotape 
Glue 


Four AA-size 1.5 V batteries 





22 The Colt 80m receiver — 
Part 2 


Introduction 


In Part 1 we constructed the audio amplifier module for the system and 


tested it in a very simple way. If you did what was suggested and built the 
simple Crystal Set to use as a signal source, you will know just how well the 
amplifier works. 





The case 


Metal cases for the project are available from Maplin, telephone 01702 554 
161 (code XB67). From the photograph on p. 72 you can see the way the 
components are mounted. The audio amplifier is seen at the top right of the 
base, to the right of the tuning capacitor VC1. The next in this series will 
deal with the variable-frequency oscillator (VFO) and VC1. The current 
part deals with preparing the case to receive the components. 


The Colt 80m receiver — Part 2 
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Figure 1 Fixing holes for each module are best measured from each printed circuit board or matrix board 
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Figure 2 Position the slow motion drive to allow viewing of the tuning dial 
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Figures 1 and 2 show the markings for preparing the front panel and base. 
All the circuit boards and the tuning capacitor are mounted on the base 
using 10mm stand-off pillars with 6BA bolts. The board locations are 
shown in Figure 1. The front panel control positions are shown in Figure 2, 
together with the small rectangular hole for viewing the tuning dial. 


The best way to mark out the holes for the boards is to lie the boards flat 
on the base (before you’ve started soldering the components in) and 
marking the base through the holes in the boards. This minimises the scope 
for errors! 


A reduction drive is used between the tuning knob and the capacitor shaft. 
This is simply a gear mechanism that slows down the capacitor shaft by a 
factor of six compared with the tuning knob, and makes tuning very much 
easier. The recommended variable capacitor also has a pulley wheel 
mounted on the shaft. Glued to this wheel will be a scale marked with 
frequency and is visible through the rectangular hole in the front panel. 


The next part... 


The variable-frequency oscillator and mixer will be added to the project. 





A simple transistor tester 


23 A simple transistor tester 


Figure 1 Circuit diagram of 
the transister tester 


Introduction 


Although transistors aren’t used as much as they were before integrated 
circuits came along, a transistor tester is still a useful piece of test 
equipment to have around the shack. This design is about the simplest 


possible and will produce an indication of whether a transistor is giving any 
current gain; this does not necessarily mean that the transistor is perfect 
but that it is working to a certain extent. This tester will not test field-effect 
transistors (FETs). If you buy a bag of transistors at a rally, this tester is 
useful for giving a yes/no indication of which ones go straight in the bin and 
which are kept for further use. 





How it works 


Figure 1 shows the simple wiring circuit. In order to explain the working of 
the circuit, a circuit diagram is shown in Figure 2, with the npn transistor, 
TR1, under test shown as part of the circuit. The pnp/npn selector switch, 
SW1, is omitted for clarity. 


R2 0- 20044 
&7k 


To test transistor 
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Figure 2 Testing an npn Apr pnp 
transistor 


Any current that flows through the transistor, TR1, must flow from the 
battery, through the meter, M1, and through the protective resistor, R2. R2 
prevents excessive current flowing through the meter and damaging it. Even 
if there is a short-circuit between emitter and collector, the maximum 
current that will flow is given by the simple equation 


V 
I=— 
R 


where I is the current flowing in amps, 
V is the battery voltage, and 
R is the total circuit resistance in ohms. 


Putting in the correct values, gives 


= ——— = 0.000191 A, or 191 microamps (pA). 
47 000 


The resistance of the meter, M1, will cut this down a little more, but it is 
within the indicating range (200 wA) of the meter. 
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Figure 3 This shows how to 
wire up the tester 


A simple transistor tester 


As shown, with the push-button switch, PB1, open, a good transistor will 
not draw any current from the battery, and M1 will thus remain at zero. 
When PB1 is pressed, a very small current is injected into the base of the 
transistor. If the transistor is working, it will produce a much larger current 
between the collector and emitter, and this current will also flow through 
M1 and R2, giving a significant reading on M1, showing that all appears to 
be well. If an appreciable current flows when PB1 is open, then your 
transistor is suspect. 


Don’t be put off by the apparently complicated switch, SW1. It is there to 
allow the other type of transistor, the pnp type, to be tested. All it does is 
reverse the battery connections, so that the emitter goes to the negative 
battery terminal for testing an npn transistor, and to the positive terminal 
for a pnp type! 


Most transistors in common use are of the npn type, which is why Figure 2 
shows the testing of an npn type. The connections to the different transistor 
encapsulations (shapes) are given in any good component catalogue. Avoid 
the trial-and-error method to discover the connections to a transistor. This 
is unscientific, and can be very frustrating, particularly if the transistor is 
faulty in the first place! 


Box 
10% 743m 
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Construction 


The unit can be built into a small plastic box, the components being 
soldered directly to the fixed terminals of the meter and the two switches; no 
circuit board is necessary! Use different colours of wire for the three test 
leads, and make sure you know which is which! Check the connections 
against the wiring diagram of Figure 3. When you are confident that all is 
correct, connect the battery and make sure there is no reading on the meter 
when nothing is connected to the crocodile clips! 


Find any transistor for which you know the connections and the type 
(npn or pnp). Set the npn/pnp switch accordingly. Connect the three 
clips, making sure that they do not touch each other. A small reading on 
the meter at this stage means the transistor is suspect; a large reading 
means it is not working and should be thrown away! Press PB1 and watch 
the meter; a reading greater than half of full-scale indicates a good 
transistor. If it is less than half, you may have a transistor with ‘low gain’; 
it may be usable for non-critical applications, but if you are in any doubt 
— throw it away! 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
R1 100 kilohms (kQ) 
R2 47 kilohms (kQ) 


Additional items 
PB1 Push-button switch 
SW1  DPDT (double-pole double-throw) switch 
M1 Micro-ammeter — not less than 200 pA full-scale deflection 
Crocodile clips (3 needed) 
PP3 battery and connector 
Plastic box about 10 x 7 x 3cm 





Common types of transistor 


BC108, BC109, 2N2369A 

These are small-signal npn types, used in audio amplifiers. They are in metal 
cases (called TO18) and have a tab next to the emitter lead. Common types 
have a B or C suffix (e.g. BC109C). The C suffix indicates a higher current 
gain than those with a B suffix. The 2N2369A is specially designed for radio 
use at high frequencies. 


An introduction to transmitters 


2N3703, BC212L, BCY71 
These are pnp transistors, and so must be used with the collector and base 
negative with respect to the emitter. These three types are used in small 


amplifiers and audio oscillators. The first two have plastic encapsulations 
(TO92), while the BCY71 has a metal case (TO18). 


BFY50, BFY51, BFY52 

For slightly higher powers, these are ideal. They have been used in novice 
transmitters up to 600 milliwatts (mW). The TOS case is a scaled-up version 
of the TO18 case. They are all npn types. 


2N3055, 2N3773, TIP35C 

These are high-power transistors in bigger encapsulations. The thick metal 
TO3 case of the 2N3055 and 2N3773 is designed to bolt to a heat sink, a 
large piece of metal which conducts the heat into the air more rapidly than 
the transistor itself can. The TIP35C is made of plastic but has a thick metal 
tab by which it, too, can be bolted to a heat sink. 


24 An introduction to 
transmitters 


Introduction 


We usually think of a transmitter as being a ‘black box’. However, that is the 
form a transmitter takes for our use on the amateur bands. Many electrical 
circuits are transmitters, even though transmitting may not be their 
primary function! 


Anything that emits electromagnetic energy at any frequency is a 


transmitter, from radio at the low-frequency end of the spectrum, to 
gamma rays at the high-frequency end. We all know that a magnet will 
attract certain metals and that a comb rubbed on your coat sleeve will pick 
up small pieces of paper. The former is an example of the effect of a 
magnetic field, the latter of an electric field. Electromagnetic fields are 
combinations of both types of field, and are produced whenever an 
electromagnetic wave is transmitted. 





What frequency? 


Many everyday objects have a natural frequency of oscillation. This is called 
their resonant frequency. A wine glass will ring when struck gently; an 
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Figure 1 The basic electrical 
resonator. The energy in the 
circuit alternates between 
the inductor and the 
capacitor 
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empty wine bottle will sound if you blow across the top; a guitar string will 
vibrate when plucked. These are all examples of resonance, and the 
resonant frequencies will not change unless the objects themselves are 
changed physically in some way. These are resonances in sound; we are 
primarily interested in electrical resonances. 


The basic electrical resonant circuit is the combination of an inductor (coil) 
and a capacitor, as shown in Figure 1. 


(ASGE M162 


A pulse of energy applied to this tuned circuit will make it ring (oscillate) at 
its resonant frequency. The energy in the circuit transfers between the 
inductor and the capacitor every cycle of the oscillation. Just like the wine 
glass, its oscillation dies away because it is losing some energy to its 
surroundings — it is transmitting! The frequency of the resonance depends 
on the values of L and C. 


Keeping it going 

If we want to keep the circuit oscillating, rather than having it die away, we 
must supply the circuit with just enough energy to replace the energy lost 
both by radiation and by losses in the circuit itself. Because of this, you will 
find in all oscillator circuits, a transistor, valve or FET working with the 
tuned circuit to provide this extra energy. 


As it stands, of course, even with its transistor, our oscillator will not radiate 
very far. Connecting an aerial to it, and a Morse key to interrupt the power 
supply, it would become a very low-power CW transmitter. Add a couple 
more transistors to form a radio-frequency (RF) amplifier, and you have the 
basis of a simple low-power (QRP) transmitter. 


Resonant circuits can also be made using quartz crystals; these work at the 
crystal frequency only, and this is marked on the crystal case. 


Figure 2 The current path is 
interrupted when relay is 
energised as shown above 


An introduction to transmitters 


A tiny spark transmitter 


This is a simple piece of test gear that will increase your knowledge and 
understanding of resonance. You can use it to estimate the resonant 
frequency of most of the inductor/capacitor (LC) tuned circuits that you 
build. The circuit is shown in Figure 2. It operates around a relay. Any relay 
that operates from a 6 V to 9 V source and has contacts which are normally 
closed (i.e. closed when the battery is not connected). Fit the relay, a toggle 
switch and the battery in a metal box, and connected up as shown in the 
diagram. Some foam rubber inside the box may help to reduce the escaping 
noise of the relay. A small hole in the side of the box enables the 2-turn loop 
to emerge. This should be about 40 mm diameter, made with insulated wire. 
Switch on; there should be a loud buzzing noise from the relay. If not, you 
have probably chosen the wrong contacts on the relay! 


When it is working, bring the loop close to the aerial of a radio — it should 
produce a loud noise from the speaker! 


How it works 


When you switch on, current flows through the relay contacts and through 
the relay coil. The relay operates and opens the contacts, causing the relay 
to ‘drop out’. When it does, the circuit is completed again and the contacts 
are opened, and the cycle repeats. Each time the relay contacts open, there 
is a small spark between them, causing very rapid current surges through the 
wire loop. This makes the loop transmit RF energy, very briefly. In the early 
days of radio, this type of circuit was known as a spark transmitter. 


2-turn loop 
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Figure 3 Experiment with 
the spacing between the 
loop and the tuned circuit 
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Make a tuned circuit 


Use a discarded toilet-roll centre, and wind about 10 turns of enamelled 
copper wire round it, keeping each turn close to the next. Scrape off the 
enamel for about 1cm at each end, and solder a 100 picofarad (pF) 
capacitor (or a variable capacitor of about the same value) between the 
ends. The resonant frequency should be about 10 MHz. If you have used 
fewer turns or a smaller capacitor, the frequency will be higher. 


Measuring the resonant frequency 


Set up the buzzer as shown in Figure 3, with the loop around one end of 
your coil. Then make a similar loop, solder it to the end of a piece of coaxial 
cable going to the aerial socket of a calibrated receiver. Set the buzzer going, 
tune the receiver around 10 MHz, and search for the maximum noise level 
from the speaker. When you have found it, move the two loops as far away 
as possible from the main coil. This is called reducing the coupling between 
the coils, and it may result in a slightly different, but more accurate, 
resonant frequency. 


Coaxial cable 
to receiver 
under test 


Variable 
capacitor 


Buzzer 
rot —=¢ Pp 2-turn loop 





Parts list 





Any small relay which operates between 6 V and 9V 


Metal box - do not use a plastic box! 
9 volt battery and connector 

On/off (SPST) toggle switch 

Plastic foam, as required 
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25 The Colt 80m receiver — 
Part 3 


Introduction 


In Part 2 we marked out the case ready for installation of the modules 
when they are completed. In this part, the building of the variable- 
frequency oscillator (VFO) and mixer will be described. This will produce a 
type of receiver known as direct-conversion, because it converts the radio- 
frequency (RF) signal directly into an audio-frequency (AF) signal which we 
can hear in a loudspeaker after amplification. A block diagram of the 


system is shown in Figure 1. The modifications needed to make a full 
superheterodyne receiver will be left until later. 


The direct-conversion receiver covers the 80 metre amateur band and will 
receive both Morse (CW) and speech (SSB) signals. The audio amplifier was 
covered in Part 1, so your Colt is rapidly taking shape! By the time your 
construction has reached the end of this part, you will have a receiver ready 
to use, even if the project is not yet complete! 





The direct conversion process 


Like most things in radio, the principles of direct conversion are not 
difficult. From the aerial, the signal we want to hear is selected by the tuned 
filter, which rejects the signals we don’t want. The signal then enters the 


Audio Signal Audio 
Faueie = Fvee Feagse (sound) 
signals 


Loudspeaker 


Figure 1 Stages of direct- 
conversion receiver 
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mixer, along with the signal from the VFO. The VFO produces a sine wave 
whose frequency can be varied across the whole of the 80 metre amateur 
band (3.5-3.8 MHz), by turning the knob on the tuning capacitor, VC1. 
The mixer produces, at its output, two signals; one signal is at the frequency 
of the sum of the signal and VFO frequencies, the other is at the difference 
of the two frequencies. It is the latter that we want. Let’s look at the 
numbers involved. If the signal is at 3650 kHz and the VFO is at 3651 kHz, 
then the sum frequency is 7301 kHz, and the difference frequency is 1 kHz. 
If we feed the output of the mixer into our audio amplifier, the 7301 kHz 
signal is automatically removed (it is far too high to be considered an audio 
signal!) and the resulting 1 kHz signal is amplified and fed to the speaker, 
producing a note which we can hear! 


Building the VFO 


Figure 2 shows the circuit of the VFO. It is a tried and tested circuit, and 
should work first time. It uses a field-effect transistor (FET) for TR1, the 
oscillator itself. RFC is a radio-frequency choke, a coil of wire which will 
pass a direct current (DC) but which will prevent radio-frequency (RF) 
signals getting through. 


All VFOs have a tuned circuit which, in this case, is formed by the coil L1 
and the capacitors C1 and VC1. The frequency will also be affected to some 
extent by C2, C3, C4 and CS. Transistor TR2 is an emitter follower, a stage 
which gives no voltage gain but provides a good buffer stage, isolating the 
VFO from the effects of the stages that follow it. When building a VFO, the 





Figure 2 The variable-frequency oscillator uses a field-effect transistor (FET) 
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parts must be securely mounted. If components move, so does the 
frequency! At worst, the oscillation will become unstable and the VFO will 
be useless. Keep the component leads as short as possible — this improves 
their mechanical stability as well as their electrical stability! 


Mount the parts on the printed-circuit board (PCB) or matrix board and, 
when completed, the VFO should look like the one shown on the left in the 
photograph on p. 72. Make sure that TR1, TR2 and D1 are the right way 
round. 


On completion, check the component positions then mount it in the case as 
shown in the photograph, to the left of the tuning capacitor when viewed 
from the rear. The VFO coil, L1, will need some adjustment, but that will 
have to wait until the mixer is built. Connections to the other boards are 
made with screened cable. 


The mixer board 


So far, we have an audio-frequency (AF) amplifier and a VFO; the addition of 
a mixer board gives us a complete direct-conversion receiver for 80m. The 
mixer circuit diagram is shown in Figure 3. Let’s follow the signal path. 


@ From the aerial, the RF signal goes to the gain control potentiometer, 
RV1. This reduces very strong signals, to prevent them overloading the 
mixer. 

@ To select the required band of signals, a bandpass filter is made up of RF 
transformers T1 and T2; these are tuned by C1 and C3, and are coupled 
together by C2. 
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Figure 3 The mixer board has a bandpass filter and stabilised supply 
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@ After the filter, the signal is coupled into the integrated circuit (IC) mixer 
type NE602, by the capacitor C4. Capacitors C5 and C8 decouple the 
supply line, to prevent unwanted signals on the supply from disturbing 
the VFO operation. The use of the term decouple is exactly the opposite 
of couple; when two circuits are coupled together, the signal passes from 
one to the other; when two circuits are decoupled, signals cannot pass 
from one to the other. 

@ The NE602 works with a 6 V supply; it is produced here from the 9V 
supply by the Zener diode ZD1 and the resistor R1. ZD1 operates at 
6.2 V, and gives a steady output for the mixer. The audio output from the 
mixer appears at pin 4 or IC1. This is taken to the audio amplifier board 
via C9 and the volume control (see Part 1). 


Care must still be taken to insert some components the right way round. 
These are the electrolytic capacitors, C8 and C9, the Zener diode, ZD1, and 
the integrated circuit, IC1. Check all component positions and make sure all 
your soldered joints are bright and shiny. 


Putting it together 


The interboard wiring, shown in Figure 4, uses screened cable; ideally, this 
should be thin coaxial cable, but screened microphone cable is suitable. The 
diagram shows how the two controls, the RF Gain and Volume, are 
connected to the boards. The leads marked ‘+9 V’ are all connected to the 
battery supply via a miniature on/off toggle switch. Double check all 
connections before connecting the battery. 


Setting the VFO 


Very little adjustment is needed to get the receiver going. Firstly, the VFO 
must be adjusted to cover the required band, in this case 3.5—-3.8 MHz. 


If you have a frequency counter, connect it to the output of the VFO. If you 
haven’t, read this part anyway so you understand the process, then another 
means of setting the VFO will be given especially for you! Rotate VC1 until 
the vanes are fully meshed. Very carefully, adjust the core of the VFO coil 
(L1) with a plastic trimming tool so that the frequency approaches and 
settles at 3.500 MHz. When you rotate VC1, the frequency should increase 
to at least 3.800 MHz at the far end of its travel. 


In the absence of a frequency counter, borrow a communications receiver, 
set it for SSB reception (USB or LSB) on exactly 3.500 MHz. Set VC1 with 
the vanes fully meshed and turn the core of L1 in both directions until you 
hear a whistle in the communications receiver. Rotate the core so that the 
whistle reduces in frequency. It will eventually fade out at around 200 Hz; 


Figure 4 Make sure that 
interconnections between 
the boards are correct, 
including cable screens 
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turn the core a little further and then leave it at that position. Rotate VC1 
right to the other end of its travel, and search for the whistle with the tuning 
knob of the communications receiver. Check that the VFO frequency is at 
least 3.800 MHz. 


Then, whichever method you are using for frequency measurement, mark 
the dial with frequency steps of 50kHz. Setting and calibration are 
finished! 


Setting the mixer 


Again, there are various ways of doing this. If you have a signal generator, 
inject a signal at a frequency within the 80 m band, and adjust the cores of 
T1 and T2 sequentially for maximum output. 
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If you haven’t a signal generator, connect an aerial to the mixer input, set the 
RF Gain to maximum (fully clockwise), and find a consistent signal. Adjust 
the volume control to a comfortable level. Rotating the core of T2 with your 
trimming tool, maximise the output. Then do the same with T1, although 
this will have much less effect. Find another station, and check that the 
positions of the cores aren’t too different for a maximum signal. 


You may find that your receiver benefits from the insertion of an aerial 
tuning unit (ATU) between the aerial and the input, to compensate for the 
impedance of your aerial not being 500. A design for such an ATU is 
presented in another part of this series. If the signals are still weak, connect 
the ATU to the junction of C1 and C2 via a 100 pF capacitor. 


Try listening! 


Remember that 80m is a variable band. During daylight hours, your will 
hear Morse signals at the lower end of the band, and some British and closer 
continental stations between 3.7 and 3.8 MHz. In the evenings, stations up 
to 1000 miles away should be heard. Look for Novices around 3.7 MHz! 


Parts list — VFO board 





Resistors: all 0.25 watt, 5% tolerance 
100 kilohms (kQ) 
100 ohms (Q) 
10 kilohms (k0Q) 
1 kilohm (kQ) linear 


12 picofarads (pF) polystyrene 
100 picofarads (pF) polystyrene 
470 picofarads (pF) polystyrene 

1 nanofarad (nF) polystyrene 

10 nanofarads (nF) polystyrene 
100 picofarads (pF) min. ceramic 
140 + 140 picofarads (pF) variable 


Semiconductors 
TRI MPF102 FET 
TR2 BC182 npn 
D1 1N914 silicon 


Inductors 
Toko KANK3334 
1mH RF choke 
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Parts list — mixer board 





Resistors: 0.25 watt, 5% tolerance 
1 kilohm (kQ) 
1 kilohm (kQ) potentiometer (linear) 


47 picofarads (pF) min. ceramic 

3.3 picofarads (pF) min. ceramic 

100 picofarads (pF) min. ceramic 

100 nanofarads (nF) min. ceramic 

10 nanofarads (nF) min. ceramic 

220 microfarads (uF) electrolytic 16 V 
1 microfarad (pF) electrolytic 16 V 


Integrated circuit 
IC1 Philips NE602 or NE602A 


Additional items 
T1/T2 Toko KANK3333 
On/off switch 
Miniature toggle switch 





The next part... 


The IF amplifier and the Beat-Frequency Oscillator will be added to convert 
the Colt into a superheterodyne receiver. 
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Class Description 
Compressed Gas 
(Class A) 


Combustible and 
Flammable Material 
(Class B) 


Oxidizing Material 
(Class C) 


Poisonous Material: 
Immediate Toxic Effects 
(Class D1) 


Poisonous Material: 
Other Toxic Effects 
(Class D2) 


Infectious Material 
(Class D3) 


Corrosive Material 
(Class E) 


Dangerously Reactive 
Material 
(Class F) 


Symbol means that the material: 

poses an explosion danger because the gas is 
being held in a cylinder under pressure 

may cause its container to explode if heated 
may Cause its container to explode if dropped 


is one that will burn and is consequently a fire 
hazard (/.e., is combustible) 

may catch fire at relatively low temperatures 
(i.e., is flammable) 

may ignite spontaneously in air or release a 
flammable gas on contact with water 

may react violently or cause an explosion when 
it comes into contact with combustible materials 
may burn skin and eyes upon contact 


is a potentially fatal poisoning substance 

may be immediately fatal or cause permanent 
damage if it is inhaled or swallowed or enters 
the body through skin contact 


is a poisonous substance that is not immediately 
hazardous to health 

may cause death or permanent damage as a 
result of repeated exposure over time (e.g., 
cancer, birth defects or sterility) 

may be an irritant 

may cause a serious disease resulting in illness 
or death 

may produce a toxin that is harmful to humans 


Causes severe eye and skin irritation upon 
contact 

Causes severe tissue damage with prolonged 
contact 

may be harmful if inhaled 

is very unstable 

may react with water to release a toxic or 
flammable gas 

may explode as a result of shock, friction, or 
increase in temperature 

may explode if heated in a closed container 
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26 A two-way Morse practice 
system 


Introduction 


It is said that the pleasure of sending and receiving Morse code more than 


compensates for the learning effort needed. Transmitters for Morse code 
can be much simpler than those needed for any of the speech modes. 





Many people choose to learn sending and receiving on their own. It can be 
much more fun if you have someone to learn with you, and it is for this 
reason that the following project arose. It comprises just one small circuit, 
and you build an identical circuit for each of the people who want to learn 
with you. All the individual circuits are connected with their output leads in 
parallel, as the two-way circuit of Figure 1 shows. 


A simple circuit 


This diagram shows two identical circuits, as would be used if two people 
wanted to learn together. The circuit centres around our old friend the 
NE5SS5 integrated circuit (IC). As it is connected here, it works as an astable 
multivibrator, a daunting name for what is essentially an oscillator. Each 
circuit is self-contained, having its own battery, Morse key, sounder and 
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Figure 1 The circuit diagram shows two stations, but you could connect several more if needed 
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plastic box. The Morse key makes and breaks the power supply to the 
circuit, thus turning on and off the note emitted by the earpiece. The 
frequency of the note is controlled by the variable resistor RV1, resistors R1 
and R2, and the capacitor C1. The range given by RV1 is approximately 
from 500 Hz to 2200 Hz. 


R3 protects the output of the IC against accidental shorting either to the 0 V 
or to the 9V supply rails. For best results, a crystal earpiece or high- 
impedance headphones should be used. You could try Walkman-type 
headphones, but the volume may be too low for you. 


The units may be interconnected with thin twin cable (the sort used for 
wiring doorbells) and can be comfortably separated by 25m, more than 
enough to communicate between rooms, or even with a neighbour! 


In use 


When an operator presses his key, the note is heard by himself and by 
everyone else who is connected. If more than one key is pressed at the same 
time, two or more notes are heard by everyone! It helps if each person 
adjusts his own potentiometer, RV1, to give a note which is different from 
the others. When one operator stops sending, the other can start 
immediately, without pausing to change from transmit to receive. In 
practice, this technique is known as full break-in. 


The current drawn by the circuit is only 10 milli-amps (mA) when the key 
is down, meaning that the life of a typical PP3 battery will be virtually its 
shelf-life! No switch is needed, because the key acts as the switch. The 
current drain will be even less if the NE555 is replaced by an ICM7555 IC. 
It has exactly the same pin connections as the NE555, so no circuit 
modifications are needed. 


The circuit board 


The circuit is constructed easily on a small piece of Veroboard of the copper- 
strip type. Figure 2 shows the layout of the prototype, the board measuring 
18 holes by 10 strips. Be aware that there is no row ‘I’ when you are 
transferring mental images of where the parts are to real positions on the 
board! Break the copper tracks where shown with a 3mm (% inch) twist 
drill, rotated carefully between thumb and forefinger. Hold the board up to 
a bright light to make sure that the tracks are completely broken and that 
there are no fragments of copper swarf shorting adjacent tracks. Then, 
solder in the wire links shown in Figure 2, followed by the resistors, RV1, 
and the capacitors, C1 and C2. Solder the battery connector leads to tracks 
A and G, G being positive. Use insulated wire to connect from the board to 
the jack sockets used as connectors for the key and the earphones. If you use 
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Figure 2 The Morse Duet is an easy project to build on stripboard (Veroboard) 


different sized jack sockets (i.e. 2.5mm and 3.5mm) you won’t plug the 
earphones into the key socket! A two-screw terminal strip is useful to 


connect the cable runs between operators. 


The key 


The circuit is designed to be used with a straight key (one that moves up and 
down). It is a requirement of the UK Morse test that a straight key is used, 
so it is very sensible to learn sending with a straight key before you try 
anything more complex! You will find many to choose from at rallies. 





Parts list 





For each board, you will need: 
Resistors: all 0.25 watt, 5% tolerance 
R1,R2 10 kilohms (kQ) 


R3 1 kilohm (kQ) 
RV1 100 kilohm (kQ) min. preset 
(horizontal mounting) 
Capacitors 
C1 22 nanofarads (nF) ceramic, 25 V 
C2 47 nanofarads (nF) ceramic, 25 V 


Maplin 
order codes 


M10K 
M1kK0 
UH06G 


WX78K 
RA47B 
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Integrated circuit 


IC1 NESSS QH66W 
Additional items 

8-pin DIL socket BL17T 

Jack plug and socket 2.5mm HF76H, HF78K 

Jack plug and socket 3.5mm HF80B, HF82D 

Battery type PP3 

Battery connector HF28F 

Plastic box with lid 114 x 76 x 38mm LH14Q 

Veroboard 0.1 inch with copper strips 

18 holes x 10 strips JP46A 

Terminal strip (two section) FE78K 

Crystal earpiece LB25C 

Morse key 





27 The Colt 80m receiver — 
Part 4 


Introduction 


In Parts 1 to 3 of this series, the design of an 80 metre direct-conversion 
receiver has been described. In this final part, we are going to change the 


circuit to operate as a superheterodyne receiver, or superhet. Most radio 
receivers are superhets, and they change the incoming signal to another 
frequency, known as the intermediate frequency, or \F, before producing an 
audio signal. The use of a superhet in a good receiver is mandated by the 
requirements for good sensitivity and selectivity. 





Sensitivity and selectivity 


Figure 1 shows the block diagram of the receiver. If you look closely, you 
will see that it is two similar circuits, one after the other. The incoming 
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Figure 1 This is how the different stages of the Colt go together to make a superhet receiver 





signal is filtered and fed to a mixer where it is combined (mixed) with 
the signal from the variable-frequency oscillator (VFO). This oscillator 
operates at a frequency which is 455 kHz higher than the incoming signal 
from the aerial, and the mixer output is therefore at a frequency of 
455 kHz. If you are not sure about this, please refer to the section “The 
direct conversion process’ in Part 3 of this project. This new frequency is 
called the intermediate frequency, or IF. This frequency doesn’t change; 
the tuning is accomplished by the VFO, and the mixer output is always at 
455 kHz. The extraction of the audio signal from the IF signal is identical 
with the direct conversion process which is used in your existing 
receiver. 


This may seem a long-winded way of doing things, but it has its advantages. 
A receiver must have a good sensitivity, or gain, so that it can receive very 
weak signals. In very general terms, it is easier to handle low-frequency 
signals than it is to handle high-frequency signals. We are changing our 
signal frequency from around 3.6 MHz down to 0.455 MHz (455 kHz), 
which is much lower and can be filtered and amplified relatively easily. A 
second advantage is that it is easier to provide gain at a fixed frequency than 
at a variable frequency. Remember that the IF is fixed, and providing gain 
is, again, relatively simple. 


Our receiver also needs good selectivity, the ability to separate (or select) 
one station from another very close to it in frequency. This requirement is 
significantly simplified by the fact that the IF is fixed, and a good filter in the 
IF circuits can do wonders for the rejection of adjacent-frequency stations! 
Several stages of IF amplification and filtering are possible in more 
adventurous designs. 


The filtered signal at 455kHz passes to another mixer which has an 
associated oscillator, usually called a beat frequency oscillator (BFO). When 
receiving CW (Morse) signals, the BFO is usually tuned about 1 kHz above 
or below the IF (i.e. at 454 or 456 kHz) to produce a 1 kHz beat note as the 
audio signal. This signal is then amplified and fed to a loudspeaker or 
headphones. 
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Figure 2 The IF board is 
connected between the 
mixer and audio amplifier 
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The circuit 


Figure 2 shows the circuit of the IF section shown in the photograph on p. 
94; this section is added to the existing circuit to make it a superhet. The 
existing mixer board (described in Part 3) is used as the first mixer. Between 
it and the audio amplifier is connected the new IF board. 


The signal output from the first mixer (at 455 kHz IF) is fed into a crystal 
filter, the most expensive part in the whole receiver. It provides the 
selectivity which makes the Colt such a good receiver. Another NE602 
mixer/oscillator chip follows the filter. The oscillator section is controlled by 
the tuned circuit in T1, the frequency of which can be altered by rotating the 
core inside the coil. Once set, it remains fixed. 


From mixer 
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At this stage you should have built the first mixer and the audio amplifier, 
and proved that they both work by using the circuit as a direct-conversion 
receiver. When you have finished constructing and checking the IF board, 
you will need to add it to your existing circuits. 


Adjusting and testing 


There are three pairs of connections to the IF board — the 9 V supply leads, 
the input leads and the output leads. The IF board should be mounted on 
the metal baseplate, along with the other boards. In making the following 
connections, make absolutely sure that the braid of each piece of coaxial 
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cable is soldered to the correct connection on each board. The same applies 
to the polarity of the 9V leads. Disconnect the screened lead which 
presently goes from the first mixer board to the AF amplifier at the amplifier 
end. Connect it instead to the input of the IF board. Connect a new piece of 
screened cable from the IF output to the vacated AF input. Now connect the 
9V supply leads to the same points as the supply leads from the other 
boards. Check these newly made connections. 


You should have confidence at this point that things should be right. After 
all, you have tested the direct-conversion process and you know it works. 
All that you are now testing is the IF board. This is the attraction of building 
a receiver in modules, working from the speaker backwards, and testing as 
you go! 


The VFO and BFO need to be correctly adjusted. Mesh the vanes of the 
tuning capacitor and, using the same frequency measurement method as you 
did originally, set the VFO frequency to 3.955 MHz (which is 3.500 MHz + 
0.455 MHz, if you hadn’t guessed!). The BFO can be set using a frequency 
counter, but it is just as good to set it by listening to SSB or CW signals. A 
high-pitched hissing sound should be heard in the speaker. As you rotate the 
core, the pitch should reduce, go through a minimum, then increase again. 
Set the core at the minimum pitch position. You may want to readjust the 
two cores a little as your listening skills improve but, once you are happy, 
they will never need to be altered again! 


In conclusion... 


You should now have built a superhet receiver capable of excellent results. 
It uses the same type of circuit as that found in far more advanced receivers. 





A simple crystal set 


The superhet is far more sensitive than the direct-conversion type, and can 
weed out those elusive DX stations. You may have found that a station will 
appear at two places on the dial of the direct-conversion receiver; you will 
have no such problem with the superhet. 


Parts list 





Resistor 
R1 1 kilohm (kQ), 0.25 watt, 5% tolerance 


Capacitors 
C1, C2 10 nanofarads (nF) min. ceramic 
100 nanofarads (nF) min. ceramic 
22 nanofarads (nF) min. ceramic 
1 microfarad (WF) 16 V electrolytic 
220 microfarad (uF) 16 V electrolytic 


Integrated circuit 
IC1 NE602 


Additional items 
Zener, 6.2 V 0.5 watt 
Crystal filter, Murata CFM455J 
Tuned inductor, Toko YHCS11100AC 





28 A simple crystal set 


Introduction 


There are many designs of crystal set — they are all ‘simple’, and even the 


most seasoned radio amateur will build one of these every so often because 
it is something that never ceases to amaze! Although using modern 
components, the design is a period piece! 
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Figure 1 Circuit diagram of 
the crystal set 
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Design and construction 


The circuit diagram of Figure 1 shows the simplicity of the circuit. The 
prototype was constructed on a wooden baseboard with an aluminium 
front panel, although this could be made of wood if you prefer. 


Winding the coil always causes the most groans but when finished, gives the 
most satisfaction. The construction of the coil is detailed in Figure 2. A 
discarded toilet roll centre is an ideal former on which to wind the coil. The 
coil will take up about 7 cm of the length of the tube, so assuming the tube 
is about 11 cm long, the ends of the coil will be about 2 cm in from each end 
of the tube. 


The aerial coil, the primary winding of this radio-frequency (RF) trans- 
former, is made from about 30 turns of 26 SWG enamelled copper wire, 
wound on the matchstick ribs. These ribs should be about 2 cm long, and 
are glued on top of the end of the secondary coil after the secondary coil has 
been wound. The secondary winding has 140 turns with taps every 10 turns 
for 70 turns. This coil covers most of the length of the cardboard tube. To 
make your coil-winding easier, here are some tips for completing the coil 
and still having some hair left at the end! 


@ Support the reel of wire on a dowel rod or pencil, clamped in a vice or 
held rigid in a vertical position by some other means. Don’t leave it to 
trail around on the floor. 

@ Have a small piece of sandpaper handy to remove the enamel from the 
copper wire, starting with the end coming from the reel. Remove about 
1cm only, until the shiny copper is visible all round the end of the 
wire. 


Detet tor diode 
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Figure 2 The coil is 
mounted on a cardboard 
tube as shown. Exact size is 
not too important. Try 
different taps for best results 
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This part is the most difficult of all. Seasoned coil winders may have their 
own favourite ways of doing this, but for first-timers, play it safe and do 
it this way! Have a second bobbin (or a piece of stout card) ready, on 
which you will need to wind the wire loosely while you prepare the taps. 
Then, starting from the free end of the wire, measure 125 cm and, at this 
point, remove about 2cm of the enamel with the sandpaper. Bend the 
wire firmly back on itself in the middle of the bared area, and tin (cover 
with solder) the exposed copper. This is your first tap. Then repeat this 
six more times at 125 cm intervals, thus giving you seven taps; wrap the 
wire as you go, on to the second bobbin or piece of card. After the seven 
taps, you are half-way down your coil so, to begin winding it in earnest, 
wind the wire carefully from the second bobbin or card back on to the 
original reel of wire. 

Looking at Figure 2, make two small holes about 3 mm apart, about 2 cm 
down from the top of the tube, where wire C will be entering. Poke the 
end of the wire into one hole, then bring it out again through the other; 
leave about 10 cm of wire on the free end. Loop this wire in and out once 
more, thus anchoring the wire firmly. 

Then, begin winding; keep the wire tight and make adjacent turns touch 
neatly. As you pass each tap, make sure it sticks outwards while avoiding 
flexing the wire too much; the wire is inherently weak at each tap. 


@ When you reach the last 10 cm of wire, stop. Put two more holes, like the 


first, beside your stopping point, and anchor the end, D, of the coil in the 
same way as you did with end C. The secondary winding is complete. 
Take a break after you have completed the next step! 
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@ Prepare the six matchsticks for supporting the primary coil and glue these 
every 60 degrees around the end of the coil at D. Remove the enamel 
from the free end of the new copper wire on your reel and, using your 
favourite quick-drying cement, put a drop over the wire on one of the 
matchsticks, leaving 10cm free as before. If you are using 26 SWG 
enamelled copper wire, its diameter is 0.46mm, so 30 turns should 
occupy 14-15 mm of the 20mm matchstick length. This will allow you 
to position the glued point such that the coil will be roughly in the centre 
of the matchsticks. When the glue has set, wind the 30 turns and anchor 
this end of the coil in the same way. Then remove the enamel at the end 
of the 10cm lead. 


Assembly 


The coil former can be screwed to the baseboard at each end, before the 
front panel is screwed to the baseboard! As the photograph on the next page 
shows, the tuning capacitor is mounted in the centre of the front panel. Five 
solder tags (or drawing pins as a last resort) should be screwed into the 
baseboard. The two to the left of the photograph are the connections to the 
earphones, the two along the rear edge have the diode, D1, soldered to 
them. One end of the diode (and, for once, you can connect the diode either 
way round!) is connected to one earphone tag. The other end has a flying 
lead of about 10cm attached to it and terminated in a crocodile clip which 
is used to connect to one of the taps on the coil. The fifth tag secures the end, 
A, of the primary coil, to which you will attach the aerial. The earth tag on 
the tuning capacitor, C1, serves as an anchor point for the ground 
connections to B and D and to the other earphone tag. 


Use 


The longest piece of wire you have available to use as an aerial should be 
connected to the aerial tag just mentioned. If you can connect the earth tag of 
the tuning capacitor to a good electrical earth, this will help also. You should 
be able to hear something as you turn the tuning knob. Try adjusting the 
tapping connections on the coil — change only one at a time, or you will never 
find the optimum positions. You now have a fully operational crystal set! 


Simple it may be, but this circuit illustrates some important principles which 
are used even in the most expensive receivers. Firstly, the coil, L1, and the 
capacitor, C1, form a tuned circuit which resonates at the frequency of the 
station you have tuned in. This selects the signal you want to hear. The 
modulation on this signal is removed by the detector, D1, and fed to the 
earphones, which act as transducers, turning the electrical energy into sound 
energy which you can hear. It doesn’t need a battery or other power supply 
either! 


A simple crystal set 


Parts list 


Capacitors 
C1 Variable capacitor of between 200 and 500 picofarads 
(pF) maximum 
C2 100 picofarads (pF) min. ceramic 


Additional items 
D1 Germanium, type OA47 or OA90 

High impedance crystal earphone (not Walkman type) 

Tuning knob 

Wooden base, approx. 110 mm square 

Aluminium (or wood) front panel, approx. 80 x 100mm 

Cardboard tube (toilet roll centre), about 110 mm long, 
40mm diameter 

Reel of 26 SWG enamelled copper wire for both 
windings of L1 
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29 A crystal calibrator 


Introduction 


A crystal calibrator is a device that produces oscillations of a precise 
frequency which are rich in harmonics. A harmonic is an integer multiple 
of the fundamental frequency; for example, if our fundamental frequency 
was 100 kHz (as it is in this circuit), there would be harmonics of this 
frequency at 200 kHz, 300 kHz, 400 kHz, and so on. These harmonics can be 


used, when picked up by any receiver, to calibrate that receiver, as the 
harmonics are quite accurate in frequency (see later for an assessment of 
accuracy). However, a gap of 100 kHz between harmonics is rather wide for 
most purposes, so we reduce this frequency to 25kHz, so that the 
harmonics are then 25 kHz apart, thus producing a much more useful set 
of marker points. A calibrator such as this is often called a crystal marker, 
producing these marker points from 25 kHz to beyond 30 MHz. 





The circuit 


The circuit diagram is shown in Figure 1. The circuit around TR1 is the 
fundamental oscillator, and its frequency is controlled by the quartz crystal, 
X1. Even crystal oscillators are not 100% accurate, and the small trimmer 
capacitor, TC1, is able to ‘pull’ the frequency to one which is nearer the 


CA TCI 


Base view of a 
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Figure 1 Circuit diagram of the calibrator which uses easily obtainable components 
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A crystal calibrator 


correct one. TR2 is a buffer stage, which isolates the oscillator from the rest 
of the circuit. It acts as a switch, and applies a good signal (switching 
between 0 and 5V) to the input of IC1. 


IC1 is an integrated circuit which can be connected to do several things. It 
is connected here to divide the incoming frequency by a factor of 4, 
producing on pin 9 an output frequency of 25 kHz. 


The combination of R6, C4 and D1 produces a supply of 5 V for IC1; it would 
be damaged if the battery voltage were applied to it. You will no doubt be 
ready to assemble the circuit, so here is some information for you. 


Construction 


If possible, always build a circuit in individual stages, which you can test as 
you go along. It is not always easy in small projects like this, but even the 
crystal calibrator can be split into two for construction and testing. 


It is an ideal project for assembly on Veroboard of the copper-strip type; the 
prototype layout is shown in Figure 2, on a board measuring 11 holes by 24 
strips. First of all, remove the copper strip at the locations shown, using a 
3mm drill rotated between the fingers. Hold the board up to the light to 
ensure that there are no pieces of copper swarf bridging adjacent strips, and 
that the copper is completely removed where it should be! Assemble the 
circuit from left to right, but do not wire up anything around IC1. Be aware 
that the diagram shows the board from the component side. Although you 
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Figure 2 Stripboard, such as Veroboard, should be cut as shown to approx. 62 x 28mm 
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can use virtually any kind of crystal, you will need to mount it firmly. If you 
use a small one, it can be soldered directly in position on the board. With one 
in a valve envelope, you will need a B7G valveholder. Be prepared to mount 
the circuit in a metal container; the prototype used an (empty) tin of tuna! The 
valveholder mounts well on any metal case. 


Disconnect the aerial of your receiver, and replace it with about 30cm of 
wire laid near your oscillator circuit. Connect the battery and switch on. 
Tune the receiver around until you can hear a whistle on SSB. Rotate the 
tuning knob to reduce the frequency of the whistle and, as the whistle 
becomes too low to hear, you have reached one of the calibration markers, 
and your frequency will be an integer multiple of 100kHz. If you are 
already using a calibrated receiver, you will be able to verify this. Going up 
or down in frequency should locate another marker 100 kHz away, and so 
on right through the receiver’s tuning range. If the signals coming from the 
circuit are very weak, switch off the calibrator and connect another 30cm 
piece of insulated wire to the collector of TR2, and lay it close to (but not 
touching) the wire from the aerial connector. Switch on an try again; you 
should not now have a problem! If you have access to a multimeter, check 
that the voltage at the collector of TR1 is very close to 5 V. If it is close to 
9V, you have connected the diode, D1, the wrong way round! 


Having verified that the oscillator is working, you can now wire up the 
integrated circuit socket, being careful to put the notched end of the socket 
pointing towards R4, the collector resistor for TR2. 


Check your connections around IC1, and when you are satisfied that they 
are correct, line up IC1 with its socket, making sure that the notched ends 
are together, and press down gently to insert the IC into its socket. Insert the 
30cm piece of insulated wire into the output socket, connect the battery and 
switch on. You should still hear whistles in your receiver, but now they 
should be 25 kHz apart, rather than 100 kHz apart. 


All that now remains to be done is to mount the circuit rigidly inside whatever 
casing your have chosen. Make sure that none of the connections under the 
board touch the metal case, and secure the valveholder, on/off switch and 
output connector to the case. You now have a completed crystal calibrator. 


Calibration 


The simplest way to calibrate your circuit is with a frequency counter. Most 
clubs will have one of these and, if not, will know someone who has! Connect 
it to the collector of TR2, where the frequency should be 100 kHz. Do not 
connect it to any part of the circuit around TR1, or you may alter the 
frequency you are trying to measure! If the frequency is not exactly 
100.000 kHz, rotate TC1 until it is (or is as close as you can get it). Now your 
calibrator is as accurate as the counter with which you have calibrated it. 


A crystal calibrator 


Accuracy 


Despite your best efforts at calibration, by whatever means, your crystal will 
never have a constant frequency. Such a thing is a scientific impossibility. It 
is usual to express the accuracy of a crystal in parts-per-million (ppm), and 
it is governed by many things, principally its temperature. You will be very 
fortunate if your circuit maintains an accuracy better than about +10 ppm. 
Expressed in figures, it means that the true frequency can be anywhere 
between 99.999kHz and 100.001 kHz, i.e. within 1Hz of the correct 
frequency. 


Although this may seem more than adequate, it is as well to remember that 
the accuracy degrades as the frequency increases. At 1 MHz the error will be 
+10Hz and at 10 MHz it will be +100Hz. At 30 MHz it will be 300 Hz. 
Even so, this should be acceptable for most non-critical applications. 


Parts list 





Resistors: all 0.25 watt, 5% tolerance Maplin code 
R1 180 kilohms (kQ) M180K 
R2 15 kilohms (kQ) MI15K 
R3 6.8 kilohms (kQ) M6K8 
R4 1 kilohm (k) M1KO 
RS 2 kilohms (kQ) M2Ko 
R6 150 ohms (Q) M150R 


Capacitors 
C1, C2, C3 1 nanofarad (nF) or 1000 picofarads (pF) WX68Y 
C4 100 nanofarads or 0.1 microfarad (uF) YR75S 
C5 12 picofarads (pF) WX45Y 
TC1 60 picofarads (pF) trimmer WL72P 


Semiconductors 
TR1, TR2 2N3904 npn QR28F 
IC1 7473 or 74LS73N dual JK flipflop YF30H 
D1 5.1V 500 mW Zener QH07H 


Additional items 
100 kHz crystal 
B7G valveholder (found at most rallies) 
14-pin DIL IC socket 
Phono socket 
PP3 battery connector 
PP3 battery 
On/off switch 
Veroboard 
Metal case as required 
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30 A simple short-wave 


Figure 1 Just two simple 
stages make up the circuit 
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receiver — Part 1 


Introduction 


No apologies for yet another design of short-wave radio. This is the beauty 
of our hobby — there is always something new to try. Not all circuits operate 


in the same way; not all circuits work equally well; sometimes a simple 
design suits the operator better than a complicated design. So here is 
another one for your consideration; it’s a good project for a novice, and a 
good one-evening project for someone more experienced. 





A basic description 


Figure 1 gives the block diagram of the receiver, which employs a 
regenerative detector, one of the earliest techniques by which excellent 
selectivity (the ability to separate two stations very close in frequency) could 
be combined with good sensitivity (the ability to pick up very weak stations) 
using a very simple circuit. The receiver falls into the category known as 
tuned radio frequency (TRF), meaning that the whole circuit (prior to the 
extraction of the modulation from the carrier) operates at the incoming 
radio frequency. In other words, it is not a superhet. 


As you can see, the regenerative detector has what is called a feedback loop, 
which feeds a small amount of the output signal back to the input. You have 
heard the effects of feedback with a public address system, when the 
microphone gain is too great — everything becomes very loud and then 
bursts into a deafening squeal! This is exactly what the feedback does here, 
except that it is carefully controlled, thus providing both gain and 
selectivity. The resulting audio is then amplified for use with headphones. 


Feedback 


Regenerative Audio 
detector amplitier 





A simple short-wave receiver — Part 1 


The circuit 


The circuit of Figure 2 shows the complete system. TR1 is an untuned field- 
effect transistor (FET) stage, and is used to match the aerial to the next 
stage. Occasionally, a regenerative detector produces unwanted signals, and 
TR1 also prevents them from reaching the aerial and being transmitted! The 
smaller of the two windings on T1 (the primary winding) will match a low- 
impedance aerial, the capacitor input matching a high-impedance aerial. 


Ignore TR2 for the moment — the next stage in the signal path is TR3, the 
detector, using another FET. The tuned circuit is formed by T2, VC1 and 
VC2 (remember TR1 is untuned). The primary winding on T2 taking the 
output from TR1. The reason for having two variable tuning capacitors, 
one large, the other small, is that the large capacitor is the main tuning 
capacitor, while the small one is used as a bandspread control (for very fine 
tuning). The tuned signals are then detected (converted to audio fre- 
quencies) by TR3. 
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Figure 2 The circuit diagram showing the 10-turn potentiometer VR1. This is the regeneration control for the circuit 
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31 


TR2 is a O-multiplier stage. It is a Colpitts-type oscillator which uses C8 
and C9 to give feedback and produce the oscillation. C7 couples the tuned 
circuit (and the input to TR3) to TR2. The tuned circuit thus controls the 
frequency of oscillation of TR2 and the signal passed on to TR3. 


The secret of the ease of operation of this receiver is VR2, a 10-turn 
potentiometer (or helipot). The resistance wire is wound in the form of a 
helix, giving a much greater wire length than in a normal potentiometer, and 
the shaft must be turned ten times to cover the whole length. Helipots are 
very useful when very fine adjustments have to be made. Here, VR2 sets the 
regeneration (or reaction) level, depending on the type of signal you are 
receiving, as will be discussed in Part 2. 


TR4 provides the first stage of audio amplification and, after the volume 
control, VR2, the audio amplifier integrated circuit, IC1, will drive a small 
loudspeaker or headphones. 


In Part 2, the construction will be discussed, together with the choice of 
aerial, the parts list, and advice on using the receiver. 


A fruit-powered 
medium-wave radio 


Introduction 


This is a one-evening project that will result in a working medium-wave 
(MW) radio, and will also teach you a little about the way electricity can be 


generated from the right metals and a little (safe) acid. All you need are 
three lemons or other citrus fruit, three pieces of copper and three pieces 
of zinc (or galvanised metal) for your power supply. 





Construction 


Figure 1 shows the circuit and Figure 2 its layout on a simple ‘plug-in’ 
prototype board. The six pieces of metal are connected as shown, to wire 
the three lemons in series; use ordinary wire between each lemon and the 
next. If you have a meter to measure the total voltage, it should be about 
1.8 V. Use a standard ferrite rod, and wind on it about 40 turns of single- 
conductor PVC-insulated wire. 


Figure 1 Most parts are 
plugged into the board as 
shown — soldering is not 
required 


Figure 2 Three lemons 
power the radio, which gives 
good results for such a 
simple circuit 


A fruit-powered medium-wave radio 
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Wire up the circuit on the board as illustrated in Figure 2. Soldering is not 
required with this type of board — just plug in the components and the wires. 
Only one transistor is needed. The tuning capacitor, VC1, selects the station 
you want to hear, and D1 helps to remove the carrier from the RF signal. 
The resulting audio signal is fed to TR1, a small transistor audio amplifier, 
which makes the signal big enough to drive a crystal earpiece comfortably. 
Walkman-type earphones will not work, so invest in a crystal earpiece 
which you can use in several other projects, too! If you use a smaller 
capacitor than that specified for VC1, you will need more turns on the aerial 
coil. 


Tests on the prototype indicated that the radio will run for about a week on 
three lemons! 
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Parts list 





Resistors: all 0.25 watt, 5% tolerance 
R1 1 megohm (MQ) 
R2 10 kilohm (kQ) 


Capacitors 
Cl 1 nanofarad (nF) min. ceramic 
vcl1 250-500 picofarad (pF) variable 


Semiconductors 
TR1 BC107 npn (or BC108, BC109C) 
D1 OA90, OAI1 germanium (not silicon) 


Coil 
L1 2 metres of single-conductor insulated wire on 
a standard ferrite rod 


Additional items 
Plug-in prototype board, e.g. Maplin YR84F 
Wire aerial at least 3m long 
Crystal earpiece 
Three juicy fruits 
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32 A capacitance bridge 


Introduction 


It is always valuable to have a means of measuring capacitors amongst your 
test gear. Universal LCR bridges (i.e. systems that can measure inductance, 
capacitance and resistance) can be found at most rallies, and you can work 
your way up to owning one of these. In the meantime, a piece of home- 
made equipment gives you experience as well as resulting in a useful 
measuring instrument. 


The circuit described here is called a capacitance bridge, because it balances 


the effects of one resistor/capacitor pair against another; if one capacitor 
has an unknown value, then the other can be calculated. The basic bridge 
circuit is shown in Figure 1. To avoid having calculations to perform, this 
instrument will be calibrated by using capacitors of known values. The 
bridge is a useful way of performing measurements, because a knob is 
turned until there is a null in the signal from an earpiece or loudspeaker. 
The ear is very precise in being able to perceive nulls, which makes the 
bridge easy to use and reasonably accurate. At the null, the bridge is said 
to be balanced. 





How does it work? 


Figure 2 is the circuit diagram for this capacitance bridge. Transistors TR1 
and TR2 form an oscillator. This is the audio oscillator shown in Figure 1, 
and produces an alternating voltage which is fed to the bridge. RV1 (in the 
collector lead of TR2) replaces both R1 and R2 in Figure 1 — that part of 


Figure 1 Simplified circuit 
of a capacitance bridge. R1 
is adjusted for minimum 
sound 


capacitor 





109 


Radio and Electronics Cookbook 


Figure 2 Transistors TR1 
and TR2 give an audio 
signal which is adjusted by 
variable resistor RV1 


Figure 3 Components are 
soldered together on a small 
prototype board 
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RV1 above the wiper represents R1, while that part below the wiper 
represents R2. The voltage on one side of the earpiece is determined by the 
ratio of these values, and is adjusted by rotating RV1. The voltage on the 
other side of the earpiece is determined by the ratio of C3 to Cx, where Cx 
is the unknown-valued capacitor. When these two voltages are the same, the 
bridge is balanced and there is no current through the earpiece. 


Figure 3 shows the layout of the components on the matrix board of the 
prototype. It measures 10 holes by 14 holes, and is of the plain type, i.e. no 
copper strips. All earth connections are taken to a single solder tag. When 
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Figure 4 Layout of the parts inside an aluminium box. The earpiece socket is insulated from 
the case 


mounting the board inside a metal box, a long screw is used with extra nuts, 
to earth the board to the case while providing a stand-off, thus preventing 
any unwanted short-circuits between the board connections and the case. Be 
aware that a crystal earpiece must be used; low-impedance headphones of 
the Walkman type are not satisfactory. Solder two flying leads as shown in 
Figure 4, about 15 cm long, terminated in small crocodile clips for attaching 
to the unknown capacitor. 


Calibration 


After checking the circuit carefully, attach the battery and switch on; a 
buzzing noise should be heard in the earpiece. This is the first sign that 
everything should be OK. If there is no buzz, switch off and recheck the 
connections. 


111 


Radio and Electronics Cookbook 


You will now need a range of close-tolerance (1%) silver-mica capacitors 
covering the range 10 to 1000 picofarads (pF). Arrange the capacitors in 
ascending order and connect them to your bridge in sequence. After having 
prepared a neat piece of card or paper mounted behind the knob on the 
front panel, mark the dial at the positions of the nulls for all the capacitors. 
You have now calibrated your capacitance bridge. If you are more likely to 
want to measure larger capacitors, replace C3 by a 1 nanofarad (nF) 
capacitor, and the bridge will measure up to 10 nF approximately. 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
10 kilohms (kQ) 
100 kilohms (kQ) 
10 kilohms (kQ) linear 


Capacitors 
C1, C2 10 nanofarads (nF) ceramic 
C3 100 picofarads (pF) silver mica or polystyrene 
C4 47 microfarads (uF) 16 V electrolytic 


Semiconductors 
TR1, TR2 BC108 npn 


Additional items 

SW1 SPST on/off switch 
Battery connector, PP3 type 
Earpiece, crystal type 

SK1 3.5mm jack socket for earpiece 
Battery, 9 V PP3 
Matrix board, approx. 10 holes by 14 holes 
Aluminium case, approx. 10 x 8 x 5cm 





112 


A simple short-wave receiver — Part 2 


33 A simple short-wave 
receiver — Part 2 


Introduction 


In Part 1, the design of this receiver was discussed in some detail. Now we 


are going to put it all together and see how it works. The receiver is laid out 
on a printed-circuit board (PCB) or on a matrix board. 





Construction 


The layout of the components is shown in Figure 1. Identify each part 
separately, insert it into the holes in the board and solder carefully. Long 
leads may be cropped before or after soldering, depending on your skill and 
preference. All electrolytic capacitors, T1, T2 and IC1, must be connected 
correctly. The front-panel controls are connected to the PCB terminals 
shown in Figure 1. 


The layout of the controls and the placing of the board inside the case are 
matters of personal preference. The size of the prototype front panel is 
shown in Figure 2. The prototype had a slow-motion drive fitted to VC2, 
the main tuning capacitor. This required the capacitor to be fitted on its 
own small panel. The bandspread control does not need any form of 
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Figure 1 Layout of the receiver circuit board 
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Figure 2 The case can be 
metal or made from PCB 
material 
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Front panel 


Dimensions are in millimetres 
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slow-motion drive. A tuning dial may be fitted behind the tuning knob on 
VC2 if required. The volume control, VR2, has its own on/off switch for 
the battery, which can be mounted behind the back panel, on which are 
mounted the aerial input sockets and the headphone/speaker socket. 
Check your soldering carefully, together with all the wiring between the 
board, the potentiometers and variable capacitors. When you are con- 
fident that everything is perfect, connect the battery and switch on. 


The first tests 


If you have a good aerial and are using an aerial tuning unit (ATU), use the 
low-impedance input. Excellent results are possible, though, with about 
3 metres of wire connected to the high-impedance input. Set the volume 
control to give a gentle hiss in the headphones or speaker. Advance the 
reaction control to give a definite hiss. As you tune in an AM station, the 
hiss will change to a whistle; back off the reaction until the oscillation just 
stops. The receiver is now correctly set for AM reception. 


On the amateur bands, the stations will be SSB or CW, and the reaction 
needs to be set just above the oscillation point, and will need slight 
adjustment from time to time for different qualities of signal. Juggling with 
the volume, reaction and tuning is part of the pleasure of using regenerative 
receivers! 


A simple short-wave receiver — Part 2 


In action 


Practice is needed for best results. The regenerative receiver is renowned for 
its versatility in being able to be set up exactly for all types and strengths of 
signal. The basic receiver tunes from 6.5 MHz to 11 MHz approximately; 
this includes two amateur bands at 7.0 MHz and 10.1 MHz and two 
broadcast bands. 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1, R10 330 ohms (Q) 

R2,R5,R11. 270 ohms () 

R3 22 kilohms (kQ) 

R4 47 kilohms (kQ) 

R6 3.3 kilohms (kQ) 

R7, R12 4.7 kilohms (kQ) 

R8 27 kilohms (kQ) 

RI 470 kilohms (kQ) 

R13 2.7 kilohms (kQ) 

R14, R15 10 ohms (Q) 

R16 1 kilohm (kQ) 

VRI 10 kilohm (kQ) linear 10-turn potentiometer 

VR2 10 kilohm (kQ) log potentiometer 
Capacitors 

C1 27 picofarads (pF) 

C2, C18, C22 100 nanofarads (nF) 

C3, C4, C6, 

C10, C13, C14 10 nanofarads (nF) 

C5, C11 33 microfarads (wF) 16 V electrolytic 

C7 68 picofarads (pF) 

C8, C9 330 picofarads (pF) 

C15 1 nanofarad (nF) 

C16, C17, C20 10 microfarads (wF) 16 V electrolytic 

C21, C23 150 microfarads (wF) 16 V electrolytic 

vcl 10 picofarads (pF) variable 

vc2 200 picofarads (pF) variable 
Semiconductors 

TR1, TR3 2N3819 

TR2, TR4 BC182 

IC1 LM386 

D1 6.2 V 0.5 W Zener 


115 


Radio and Electronics Cookbook 


Inductors 
T1 3 turns primary, 15 turns secondary, 
wound on 2-hole ferrite bead, with 28 SWG wire 
T2 2 turns primary, 17 turns secondary, 
wound on a T68-2 toroidal former, with 28 SWG 
wire 


Additional items 
Printed-circuit board 
Battery connector 
PP3 battery 
8-pin DIL socket 
8 ohm speaker or headphones (Walkman type) 
Case to suit 





116 


A basic continuity tester 


34 A basic continuity tester 


Introduction 


This little device can be built on a plug-in breadboard, and is ideal for 
testing fuses and cables, as well as doubling as a signal source for testing 


amplifiers, etc. It can even be used for testing npn transistors by replacing 
either of the transistors in the circuit, and seeing if the circuit still 
works! 





Simple and quick to build 


Using a plug-in breadboard, this circuit is so simple it could almost be built 
when you need it, and then dismantled again! If you want the circuit to 
make a different sound, the components to change are R2, R3, C1 and C2. 
Always make sure that R2 = R3 and Cl = C2, or the sound may be 
excessively ‘edgy’ and lacking in volume. 


Basically, the circuit is an oscillator which drives a little loudspeaker 
directly. The fuse or cable you are testing is connected between the crocodile 
clips. If there is a current path between the two clips, the current also flows 
through the circuit, thus operating the oscillator and producing a sound 
from the loudspeaker. 


orsca 
+9¥ 
(Battery +) 


Optional audio 
output 


cm 


Figure 1 The circuit 
diagram of the continuity 
tester 





{Battery -) 
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DONNING, ADJUSTING & INSPECTING A 


FULL BODY HARNESS 


A Full Body Harnesses (FBH) is an integral part of a fall arrest system. Worn and used properly, a FBH keeps the 
worker in an upright position, distributes forces to the pelvic area and provides a window of time for rescue. 


DONNING A FULL BODY 
HARNESS STEP BY STEP 


DORSAL D-RING 
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NOT CUT 


‘lonnect the chest strap and 
1 so 7 Oreve 
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Leg loops should be seus, 
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INSPECT THE FULL BODY HARNESS 


REGULATIONS STANDARDS 


OSHA - fet Body Harwesses ANS! £255 1. 2087 - fall Gody Narmesses 


PROTECTING WORKERS AT HEIGHT 


ENGINEERING | TRAINING | EQUIPMENT | TESTING 


1 800 755 8455 www_.gravitec.com 


n/eauipment/safetv-posters/full-bodv-harness-safetv-poster-2/ 
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If you want to use the circuit to produce a signal to test an amplifier, for 
instance, connect the croc clip which comes directly from the battery to the 
junction of R1, R2, R3 and R4. This supplies current to the circuit while, at 
the same time, bypassing the loudspeaker. Use the two components RS and 
C3 between the oscillator and your amplifier. The loudspeaker is bypassed 
because you will want to listen to the output from your amplifier, zot from 
the oscillator! 


Remember, NEVER test any equipment which is still connected to the mains 
electricity supply. Avoid testing anything which is switched on and has its 
own power supply. You may damage both your tester and the circuit you 
are ‘testing’! 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
12 kilohms (kQ) 
47 kilohms (kQ) 
390 ohms (Q) 
100 kilohms (kQ) optional 


Capacitors 
C1, C2 47 nanofarads (nF) ceramic 
C3 100 nanofarads (nF), 0.1 microfarads 
(wF) ceramic optional 


Semiconductors 
TR1, TR2 BC108 npn 


Additional items 
LS1 Loudspeaker (8 0) 
2 crocodile clips 
Prototype circuit board 
PP3 battery connector 
PP3 battery 
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35 A charger for NiCad 
batteries 


Introduction 


The cost of replacing dry batteries can be alleviated to a great extent by the 
use of rechargeable batteries such as those containing nickel and cadmium 
(called NiCads). They are more expensive than the batteries they replace, 
but they can be charged hundreds of times and thus prove cheaper in the 
long run. 


NiCads produce only 1.2V per cell, compared with the 1.5V of ordinary 
cells, so before you rush out and buy lots of these, please make sure that 


the equipment on which you plan to use them will work on the reduced 
voltage! For example, if you are using four cells to give you a 6V supply, 
NiCads will give you only 4.8 V, which is quite a reduction. Using six cells to 
replace a 9V battery will give you only 7.2 V. Not all equipment is happy 
with these reductions! 


However, we all use them when we can, and they save substantial amounts 
of money. Here is the circuit of a charger to keep them in prime 
condition. 





Charging NiCads — the ampére-hour 


NiCads require charging at constant current, which means that connecting 
one across a normal power supply (constant voltage) is useless and can 
destroy it. They need pampering to the extent of needing a long charge 
(around 16 hours) at a rate dependent upon the capacity of the battery. By 
the capacity of a battery, we mean how much energy it can store. You will 
probably know that energy is measured in joules. For the purposes of 
storing energy in batteries, the joule is zot the ideal unit, so we use one that 
is! This unit is the ampére-hour (Ah), and must be interpreted with some 
realism. For example, if the battery is rated at 2 Ah, it will deliver a current 
of 0.5 amp for 4 hours, or 0.25 amp for 8 hours. Provided the current is not 
too high, the product of the current (in amps) and the time for which it will 
flow (in hours) before the battery is flat will always be around 2 Ah. A 
workable ‘rule of thumb’ for calculating the charging current is that its 
value should be around one-tenth of the numerical value of the capacity; so, 
for our 2 Ah battery, a charging current of around 200mA (2 + 10=0.2A 
or 200 mA) would be used. 
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Figure 1 Voltage regulator 
arranged to produce a 
constant current 
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Constant voltage to constant current 


Many integrated circuit (IC) chips are available for use as voltage 
regulators, i.e. they supply a constant voltage. Most of these can be 
persuaded to become constant current supplies with one external resistor! 


The voltage regulator IC usually has only three connections - ‘input’, 
‘output’ and ‘common’. It is designed (in the case of the LM7805) to 
produce a constant 5V output between the ‘output’ and the ‘common’ 
connections, at currents of up to 1A. If a resistor is connected between 
these, the IC will maintain 5 V across it. If you look at Figure 1, you will see 
the circuit performing this conversion. 





For the previous example, we derived a charging current of 200 mA, so we 
now need to calculate the value of resistor that will produce this current. 
Using the equation which is derived from Ohm’s law: 


V V 
I = —, from which R = —, 
R I 


where R = R1, the resistance in ohms that we are calculating, 
V is the voltage across R1 (5 V), and 
Tis the current flowing (200 mA). 


So, 


5 
R1 = — = 250. 
0.2 


25 ohms is not a ‘common’ or ‘preferred’ resistor value, so we must choose 
the next largest value, which is 270. This reduces the current, but only 
slightly — it is now 185mA. When calculating resistor values in power 
supply circuits, we must always check the power that they dissipate and 
make sure we specify and fit a suitable resistor. 


Figure 2 The complete 
circuit including mains 
components 


A charger for NiCad batteries 


Power (in watts) is the product of the voltage across and the current through 
a device, so in this case it is given by: 


Power = VXI = 5 X0.185 = 0.925 W. 


Rather than use a 1 watt resistor operating very near its limit, it is safer to 
use a 2 watt resistor operating well within its limits. 


Looking again at Figure 1, we now have a constant-current source 
producing 185 mA, when R1 is a 27 0, 2 W resistor. For use with NiCads 
requiring charging currents other than 200 mA, you will need to repeat the 
two equations above, using a new value for I. 


The full circuit and its assembly 


This is shown in Figure 2, and can be broken down into two parts. The first 
is the AC to DC conversion produced by the mains transformer, T1, the 
bridge rectifier, BR1, and the smoothing capacitor, C1. The second is the 
constant-current section already discussed. 


i+ 


Te talierves, 


On charge 


Rect ification 
and 
Smaothing Fegulator 


Constant current 





The prototype was assembled on matrix board measuring 18 holes by 12 
strips, although, as Figure 3 shows, this is much larger than is strictly 
necessary. No strip cutting is needed, but make sure that IC1 and C1 are 
inserted correctly. 


Warning! Before you attempt to wire up the transformer and the bridge 
rectifier, be aware that you will eventually be connecting the circuit to the 
mains supply, so there are three possibilities for you: (1) get a qualified 
friend to supervise your completion and testing of the circuit; (2) get your 
qualified friend to complete and test the circuit for you; (3) replace the 
transformer and bridge rectifier with a mains adapter. 
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Figure 3 The charger can be 
built on Veroboard 
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If you decide to use the mains adapter, its output is connected directly 
across C1, because T1 and BR1 are now no longer needed. Make sure the 
polarity (positive and negative) is correct and that the adapter output is set 
to 12 V. 


A quick test 


If you have built the mains version, make sure all connections are correct, 
and that there are no soldered joints which will touch other parts of the 
circuit. The box must be securely closed before tests begin. The RSGB 
cannot be held responsible for damage to equipment or batteries! The 
version using the mains adapter need not be closed during tests. 


Switch on. With nothing connected to the output, the unit should run cold. 
If this is not the case, switch off and recheck your circuit. If all is well, switch 
on again and connect a DC multimeter (on the current range) across the 
output. It should indicate only a slight difference from the calculated value 
of 185mA. You can now charge your NiCads! 


Other charging currents can be set by having different values for R1, 
perhaps selectable by a rotary switch. Remember to make sure that the 
values of both resistance and power dissipation are correct, and don’t 
exceed the 250 mA rating of the transformer (or the 1 amp rating of the IC 
if you are using a bigger transformer). 


An 80 metre crystal-controlled CW transmitter 


Parts list 





Resistor 
R1 As required — see text 


Capacitor 
C1 1000 microfarads (uF) 35 V electrolytic 


Semiconductors 
IC1 LM7805 5 V, 1A regulator 
BR1 W005 50 V, 1A full-wave rectifier 


Transformer 
Tl 9-0-9 V, 250 mA sub-min. transformer 


Additional items 
Case 
Veroboard, 18 holes by 12 strips 
Plug to suit NiCads 
Double-sided sticky tape as required 
Insulated wire for battery connections 





36 An 80 metre 
crystal-controlled CW 
transmitter 


Introduction 


A simple transmitter is ideally suited to anyone venturing into our 


marvellous hobby for the first time. If you are put off by the complexities 
and prices of the ‘black boxes’ then this is the transmitter you’ve been 
looking for! 
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The circuit 


The complete circuit is shown in Figure 1. It is a single-transistor crystal 
oscillator which is keyed (switched on and off) by the Morse key in the 
+12V supply rail. The circuit first appeared in OST (the American 
equivalent of RadCom) in 1982, and has since appeared in a modified form 
in the ARRL Handbook. The circuit can produce about 2 watts on 80m, 
and can be constructed on a piece of plain matrix board; the prototype 
board measured 7cm by 3cm, and its layout is shown in Figure 2. 


Note that a bare copper wire runs along the bottom edge of the board to act 
as an earth wire for the relevant components. The only ‘difficult’ part of the 
construction is the winding and wiring of T1. The main winding is 38 turns 
of 26 SWG enamelled copper wire, and there are two link windings of four 
turns each. Make sure that all windings are wound the correct way round 
the toroid — Figure 1 shows this and should be studied carefully. If the 
windings do not have the correct sense (i.e. a clockwise coil has been wound 
anticlockwise, or vice versa), or have been connected incorrectly to the rest 
of the circuit, the oscillator will not work! 


When putting components on the board, wire in the crystal socket without 
the crystal in it. Crystals do not like to be subjected to the horrors of a 
soldering iron, so keep your crystal to one side during the construction 
process! 


TRI 
C2078 | 2sc2078 
REF out to 
C1 Crystal changeover 
TRI switch 
25C€ 2076 an 
dce 


TRI 
collector +12¥ 


LI... 21-turns of 22owg 


wire wound on 
Tt... 38-turns of 26swg wire wound 1.$0. 2 toroid 


on T-50.2 toroid - 2 link windings of 
4.tuens (each) wound with 2iswg wire 





Figure 1 The simplest form of transmitter is a keyed crystal oscillator. Note that L1, C7 and C8 make up a /ow-pass 
filter which reduces unwanted harmonics (outputs at the transmitter frequency multiplied by 2, 3, 4, etc.) 
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Tokey 
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Yo receiver socket 2 
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Figure 2 Component layout is straightforward on a ‘matrix board’ (it has holes but no copper strips). The dotted lines 
are the connecting wires. The lower part shows the connections for the transmit/receive switch 


The output filter, which comprises C7, C8 and L1, is a low-pass filter, which 
helps reduce any harmonics present in your signal. Harmonics are integral 
multiples of your transmitter frequency, so if you are transmitting on a 
frequency, f, harmonics will be present at frequencies 2f, 3f, 4f,... and so 
on. L2 is another inductance using 22 SWG enamelled copper on a ferrite 
toroid. The changeover switch is external to the transmitter board, and is 
used to switch your aerial between the transmitter and the receiver; its 
wiring is shown in Figure 2. 


Use a dummy load 


A dummy load enables you to test your circuit without actually transmitting 
a signal. If you haven’t such a thing already, it is easy to construct one to use 
with this transmitter. Don’t use it for transmitters of more than 2 watts 
output, though. Use two 100 ohm, 1 watt resistors, connected in parallel 
across the end of a short piece of coaxial cable, terminated in a BNC, PL259 
or N-type free plug, as shown in Figure 3. Plug this into the aerial socket on 
your transmitter, plug in your crystal and connect the transmitter to a 12 V 
supply. Have another receiver switched on and tuned to the crystal 
frequency. Although the radiation from your dummy load is minimal, it will 
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Figure 3 A simple 2W 
dummy load can be made 
from two 100 2 (ohm) 
resistors in parallel. The 
plug should match the 
socket on your transmitter 


Figure 4 A simple dipole 
can be very effective. For 
the 3.5 MHz band, length L 
is 40 metres and height H 
should be as large as 
possible. The far support $ 
can be a tree, pole or 


building. Insulators | may be 


home made from strong 
plastic and the feeder F 
should be 50 Q (ohm) coax 
cable 


Figure 5 Your signal is 
radiated mostly from the 
centre of the dipole so the 
ends can droop or even be 
bent but the length may 
need shortening by a few 
centimetres because the 
ground and the bends will 
detune the dipole. Cords C 
are best made from strong 
plastic rope from a sailing 
or camping shop 
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be enough to be picked up by a receiver in the same room. Send dashes with 
the Morse key, and adjust VC1 until the received note is clean. It should not 
sound rough, or have a chirp (change its frequency during a dash or dot). 
Avoid tuning for maximum power; this is seldom the correct setting! 


You will need to put your completed transmitter in a metal box, using 
sockets for the power supply, aerial, receiver and Morse key. The sockets 
can be chosen to match your existing equipment. 


Figures 4—7 are taken from the RSGB book Practical Antennas for Novices, 
and may give you some ideas on the type of aerial to be used with your 
transmitter. 








An 80 metre crystal-controlled CW transmitter 


Figure 6 An ‘inverted-L’ 
takes up less space than a 
dipole and doesn’t need 
coax cable. Like the dipole, 
the end can droop or be 
bent to save space as in this 
case most of the radiation 
comes from the area around 
the top of the vertical part 





Wwe to 
entenna 1 (switched) 


Transmit ter/Recerver 


Figure 7 Almost any length 
of wire more than 10m or 
so long will work (though it 
will work better the longer 
and higher it is) but an 
Aerial System Tuning Unit Coast teeder 

(ASTU or ATU) will be to antenna 2 (switched) 
needed 
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OG 


OF FALL PROTECTION 


The A, B, C, D of Fall Protection covers the fundamental requirements of every personal 
fall protection system. Use it as a guide when evaluating your fall protection requirements, 
however, always consult a fall protection specialist if you’re unsure of any aspect of fall 
protection or fall protection equipment. 
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ANCHORAGE 


Anchorage devices provide a 
secure point of attachment (to 
an existing structure) for the 
fall arrest system. Anchorage 
devices can be permanent or 
temporary and vary to suit the 
type of structure available. 




















BODY SUPPORT 


Full body harnesses connect 
the worker to the fall arrest 
system. They are specially 
designed to protect the 
worker against serious injury 
in the event of a fall whilst 
also remaining comfortable to 
wear. 
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Decent & Rescue 
systems enable 
the retrieval of 
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incapacitated 
worker, In the 
event of a rescue, this equipment facilitates rapid 
recovery of the worker without endangering other 
workers in the process, 










CONNECTOR 


Connectors are devices that 
connect the full body harness 
to the anchorage system. 
They can be single products 
or multiple devices working 
together. 
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Parts list 





Resistor 
R1 12 kilohms (kQ), 0.25 watt, 5% tolerance 


Capacitors 
C1 1000 picofarads (pF) polystyrene 
C2 100 picofarads (pF) polystyrene 
C7a, C8a_ 680 picofarads (pF) polystyrene 
C7b, C8b_ 68 picofarads (pF) polystyrene 
100 picofarads (pF) ceramic 
10 nanofarads (nF) polyester 
10 microfarads (uF) electrolytic 25 V 
100 picofarads (pF) trimmer 


Semiconductors 
D1 1N4148 
TR1 2SC2078 (see sources list) 


Inductors 
T1 38 turns 26 SWG enamelled copper on T-50-2 toroid, 
with two link windings of four turns 
L1 21 turns 22 SWG enamelled copper on T-50-2 toroid 


Additional items 
Ferrite bead 
Crystal (e.g. 3.579 MHz) and holder 
Metal box 
Socket for Morse key. 
This must be totally isolated from the metal 
of the box, as both connections can be at +12 V. 
Sockets for 12 V supply, aerial and receiver 
Switch — DPDT 
Heat sink for TR1 
RG174 miniature coaxial cable for signal leads (see Figure 2) 


Component sources 





Special components 
2S$C2078 Cricklewood Electronics Ltd, 40 Cricklewood 
Broadway, London, NW2 3ET. 





128 


A solar-powered MW radio 


37 A solar-powered MW radio 


Introduction 


What could be more ecologically friendly than a radio powered by the sun’s 


energy? This design is quite standard, and if you have built any of the other 
medium-wave radios in this series, then this one should present few 
problems. 





The solar panel 


The solar panel is to the solar cell as the battery is to the cell; in other words 
a solar panel is several solar cells connected in series. The solar panel quoted 
for this radio will generate about 9V at a current of around 30mA ona 
sunny day. The circuit will operate on a supply of around 2V, so bright 
sunshine is mot necessary for satisfactory operation. The volume will be less, 
of course. 


The circuit 


The radio uses the ZN415E integrated circuit (IC), connected as shown 
in Figure 1, the complete circuit diagram. The signal is tuned in by the 
combination of L1 and VC1. L1 is made by winding about 35 turns of 24 
SWG enamelled copper wire on a ferrite rod. A standard ferrite rod of 10cm 
length and 1cm diameter is used. 


Signals selected by the tuned circuit are passed to IC1, which amplifies the 
signals and removes the audio component, which is then amplified further 
by IC2 for driving a small loudspeaker. The removal of the audio 
component is the process we call detection. In addition to this, IC1 provides 
automatic gain control (AGC), which helps to keep the audio signal 
constant, even when the incoming RF signal may vary due to fading. 


The prototype board 


Veroboard (also known as matrix board or stripboard) is ideal for the 
construction of the radio. The layout is shown in Figure 2. The board size 
is 11 strips by 30 holes (please note that there is no row ‘T’, so take care 
with your counting!). Using a 3mm (% inch) twist drill rotated between 
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Figure 2 Follow the layout carefully, making sure that all connections are neatly soldered 
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your thumb and forefinger, break the strips at the points marked with a 
cross inside a circle. Hold the board up to the light to ensure that the 
tracks have been broken and that there is no copper swarf shorting tracks 
together. 


Firstly, solder in the 8-pin DIL sockets for the ICs, making sure that the 
notches in the sockets are facing upwards, as shown on the diagram. Then, 
solder in the wire links, resistors, capacitors and diodes, making sure that 
the electrolytic capacitors (C2, C6 and C7) and the diodes (D1 and D2) are 
connected the correct way round. Use different colours of wire for the 
connections to the volume control, VR1, to avoid incorrect connections. 
Note the wiring of the tuning capacitor (VC1) shown in Figure 2; a two- 
section type is used, and both sections are wired in parallel to give twice the 
capacitance of a single section. 


There is no on/off switch — just turn the volume down when you are 
finished using the set! The solar panel can be mounted parallel to the top 
of the case, or angled to receive the maximum energy from the sun, as 
shown in the photograph. You could have a battery available as a standby 
source to use the radio after dark; any battery of between 6 V and 9 V will 
do. Wire it with a simple changeover switch, so you can switch between 
solar and battery power. Ask a friend for help with this if you are not sure 
how to do it. 


You may need to adjust the number of turns on L1 to get the best results, 
but it should be possible to receive at least five stations at good volume with 
your sun-powered radio! 
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Parts list 





Resistors: 0.25 watts, 5% tolerance 


3.3 kilohms (kQ) 
100 ohms (Q) 
1 kilohm (kQ) log 


Capacitors 


C1, CS 10 nanofarads (nF) ceramic 

C2 220 microfarads (uF) electrolytic (10 V) 
C3, C4 100 nanofarads ceramic 

C6 10 microfarads (wF) electrolytic (10 V) 
C7 1000 microfarads (uF) electrolytic (10 V) 
vcl1 140-300 picofarads (pF) 


Semiconductors 


IC1 ZN415E (or ZN416E) 
IC2 TDA7052 

D1, D2 1N4148 

Solar panel 9V at 50mA 


Additional items 
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LS1 32-64 ohm miniature loudspeaker 
Ferrite rod 
24 SWG enamelled copper wire 
Plastic box, approx. 220 x 140 x 70mm 
Veroboard, cut to size 
8-pin DIL sockets, 2 required 
Knobs, 2 required 
Material for speaker grille 
Connecting wire 
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38 A receiver for the 7 MHz 
amateur band 


Introduction 


Listening on the 40 metre band (from 7.0 to 7.1 MHz) can be very rewarding 
— it is a popular haunt for HF Special Event stations, and at night there are 


signals to be heard from all over Europe. This receiver is designed purely for 
the 40 m band, and is ideal for those who have built the simpler receivers 
and are looking for something a little more challenging. The more 
experienced constructor may prefer to build this on prototype board. 





The circuit and its construction 


Figure 1 shows the circuit diagram. The receiver will work well with 
headphones or loudspeaker. Walkman-type headphones and speakers are 
ideal for use here. 
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Figure 1 The receiver gives good performance on the 7 MHz amateur band as well as being simple to construct and 
align 
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Figure 2 Rear view of the 
variable resistors. Check the 
connections carefully to 
make sure the wires are 
fitted correctly 
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Signals arriving at the aerial are coupled into IC1 via gain control VR1, 
which also functions as the on/off switch. Tuning is provided by varying the 
voltage on the varactor diode (or varicap), D1. VR3 is the main tuning 
control, and VR2 is the bandspread (fine tuning) control. The varactor 
diode is supplied as a dual device, which must be cut down the middle 
carefully with a sharp knife; with the lettering upwards, the ground lead 
(0 V) is on the left-hand side, as Figure 1 illustrates. 


Solder in the IC sockets first, followed by the coils. After this come the links, 
resistors, capacitors and varactor diode. Ensure that IC3, the voltage 
regulator, is wired correctly, and check the polarity of the electrolytics. The 
crystal, X1, is very fragile, so take extra care with it. The wiring of the three 
controls is shown in Figure 2. 


Before putting the ICs in their sockets, connect up the battery and check the 
following voltages with the negative voltmeter lead connected to the 
negative terminal of the battery: 


Pin 8 IC1 SV 
Pin 8 IC2 SV 
Pin 8 IC4 9V 
Pin 1 ICS 9V 


When all these have been found to be correct, switch off and put the ICs 
carefully into their sockets. Use wire of different-coloured insulation to wire 
up the front-panel controls. 


The case can be a small plastic box of size 22 cm by 15 cm by 8 cm, with three 
10.5 mm holes drilled in the front and two 8 mm holes in the side for the aerial 
and earth connections. On one side are a 6mm hole for the speaker socket 
and an 11mm hole for the optional external power supply. 
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A receiver for the 7 MHz amateur band 


Testing and tuning 


The aerial for the receiver should be between 30 and 70 feet of wire, mounted 
as high as you can make it, away from trees and buildings if possible. Connect 
the battery and switch on. Adjust L1 and L2 for the best results. Tune slowly 
with VR3; you should find CW stations at the lower end of the band 
(anticlockwise) and SSB stations at the upper end (clockwise). You may find 
that it is easiest to make these adjustments before mounting the board in the 
case with double-sided sticky tape or pads. If you are planning to use an 
external DC supply, make sure it is a safety approved stabilised 9 V type, and 
disconnect the battery before you use such a supply! 


If you suspect that the tuning doesn’t quite cover the lower CW end of the 
band, try increasing C9 to 1200 pE. If it is the upper SSB end which is 
missing, decrease C9 to 820 pF. 


It is always advisable to use an aerial tuning unit (ATU) between your aerial 
and the receiver. A suitable design of ATU is included as a project in this 


book. 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1, R4 100 kilohms (k®) 
R2, R3 1.5 kilohms (kQ) 
R5 220 ohms (Q) 
R6, R7 12 kilohms (kQ) 
R8 10 kilohms (kQ) 
VR1 4.7 kilohms (kQ) linear, with SPST switch 
VR2 4.7 kilohms (kQ) linear 
VR3 47 kilohms (kQ) linear 
Capacitors: all rated 16 V or more 
C1 470 picofarads (pF) polystyrene 5% 
C2 47 microfarads (wF) electrolytic 
C3 47 picofarads (pF) polystyrene 5% 
C4, CS 100 picofarads (pF) polystyrene 5% 
C6, C7 100 nanofarads (nF) ceramic 
C8 2.2 nanofarads (nF) polystyrene 5% 


C9, C10 1 nanofarad (nF) polystyrene 5% 
C11, C14 = 10 nanofarads (nF) ceramic 


C12 470 microfarads (uF) electrolytic 
C13 47 nanofarads (nF) ceramic 

C15 1000 microfarads (uF) electrolytic 
C16 1 microfarad (uF) electrolytic 
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Inductors 

L1 Toko KANK3335R 

L2 Toko KANK3333R 

L3 10 pH 5%, e.g. Toko 283AS—100 
Semiconductors 

C1, IC2 NE602 or NE602A 

IC3 78L05 5 V, 100 mA 

IC4 TLO72 

IC5 TDA7052 


Additional items 
Toko KV1236 cut into two sections (one half used) 
4.608 MHz (available from Cirkit) 
3 x silver knobs, one with pointer 
Plastic case approx. 22 x 15 x 8cm 
Speaker 8-32 Q, or headphones 
4 x 8-pin DIL sockets for IC1, IC2, IC4, ICS 
2 x 4mm sockets (red and black) for aerial and earth 
3.5 mm chassis-mounting jack socket for speaker 
DC power socket for external supply (if required) 
Prototype board 


Kits 





A complete kit is available from JAB Electronic Components. 
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39 Diodes for protection 


Introduction 


Many semiconductor devices can be destroyed in an instant if their supply 
is reversed. With the use of batteries as power sources, it is quite common 


for the battery to be connected ‘the wrong way round’, and the scope for 
damaging equipment is significant and very real. Diodes can protect 
equipment in several ways, and you may do worse than to consider one of 
these approaches to protect your next expensive project. 





Choose wisely! 


All the diode circuits given here are so simple as to invite calamity. The 
circuits are not foolproof but, with a little care, will work first time. 
Remember that a semiconductor diode has a forward voltage drop of 
between 0.5 V and 0.7 V, depending on its type and the current flowing. 
This will be mentioned later. 


The first thing you need to do is to insert a good multimeter in series with 
the circuit you want to protect; set the range to Amps DC, and switch on. 
Check that the circuit works properly. Then, decrease the current range on 
the meter until a good reading is indicated. Make a note of this current, as 
it is the normal running current of your circuit. 


To choose a diode, you must consult the catalogues or data sheets and 
find one where the quoted maximum forward current exceeds the current 
you have measured; preferably it should be at least twice your measured 
current. Secondly, the diode will have a peak inverse voltage (PIV); this is 
the maximum voltage it can withstand when the cathode is made positive 
with respect to the anode, i.e when it is reverse-biased and not con- 
ducting. This voltage must be greater than your battery voltage, again by 
a factor of about 2. Except in the case of the bridge rectifier (see later), 
these criteria will enable the selection of a suitable diode to be made 
easily. 


The series diode 


The simplest and most obvious way to protect equipment is to insert a diode 
in the positive supply lead, as shown in Figure 1, with the diode passing 
current only when the supply is of the correct polarity. Because of the 0.6 V 
that exists across the diode, your equipment will normally operate on a 
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OF PERSONAL FALL PROTECTION 


When working at heights, it can be challenging to remember the basics of personal fall 


protection systems. The ABC’ of fall protection is an easy way to remember the basics of 
personal fall protection systems. The ABCs include the three components most often used 
together when utilizing a personal fall protection system. 
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Figure 1 Series diode 
protection 


Figure 2 Parallel diode and 
fuse 
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slightly lower voltage. If you imagine reversing the supply to this circuit, you 
will see that the negative terminal of the battery is connected to the anode 
of the diode; the diode becomes reverse-biased and will not conduct any 
current, thus protecting the load. Your equipment will not operate when the 
battery connections are reversed. 


The parallel diode 


The circuit of Figure 2 overcomes this voltage drop. It places the diode in 
parallel with the load (your equipment) but in a normally reverse-biased 
condition so that it draws no current when the battery is correctly 
connected. Reverse the battery connections, however, and a very large 
current will flow through the diode, thus blowing the fuse! For this 
technique to work successfully, the current drawn by the diode when the 
battery connections are reversed must be much greater than the maximum 
current drawn by the equipment, in order to blow the fuse. This is usually 
not a problem, however. 





The diode bridge 


For sheer elegance, the circuit of Figure 3 takes the biscuit! It uses four 
diodes connected in the form known as a bridge rectifier. Such rectifiers 
exist, and do not have to be made up from four discrete diodes. 


Figure 3 The diode bridge 


Diodes for protection 





Follow the current round the circuit from the supply, assuming initially that 
the top wire is positive and the bottom wire negative. It flows from the 
positive supply 


(a) through D2 
(b) through the load (top to bottom) 
(c) through D4 


and back to the negative of the supply. 


Now assume that the bottom supply lead is positive and the top lead 
negative. The current flows from the positive supply 


(a) through D3 
(b) through the load (top to bottom) 
(c) through D1 


and back to the negative of the supply. 


So, whichever way round the battery is connected, the current will always 
flow the same way through your equipment! 


The circuit does have a drawback, however. Whichever way round the 
battery is connected, there are always two diodes conducting the current at 
any time. In the first case it is D2 and D4; in the second case, D1 and D3. 
This means that there is a total voltage drop of about 1.2 V. If your 
equipment can tolerate that reduction in voltage, then you will not have a 
problem. 


Decoupling 


Whenever the supply rail to a piece of equipment, or even to an individual 
stage of a circuit, is broken for the insertion of a device that will drop 
voltage, strange things can happen. This is because the supply for any circuit 
is assumed to have a low resistance to DC and a low impedance to AC. 
(Impedance is the AC equivalent of DC resistance.) These two are not the 
same, and the insertion of a diode or diodes is certain to make a big 
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difference to them both. To overcome any irregularities in the operation of 
the circuit you are protecting in any of the ways described previously, the 
protected supply needs to be decoupled with a capacitor. 


If the circuit handles audio frequencies only, placing an electrolytic 
capacitor directly across the load in all three circuits should solve the 
problem. The parallel circuit of Figure 2 is less at risk than the other circuits. 
The size of the capacitor will be determined by the current taken by the 
circuit, and may need to be chosen within the range 100 pF to 10 000 pF, 
with a working voltage greater than the supply voltage. 


If the circuit is mainly handling RF currents, placing a capacitor of 0.01F 
across the load should prevent any problems. A second capacitor, also 
across the load, of between 10 uF and 100 wF may be needed. Again, the 
parallel circuit of Figure 2 is less at risk than the other two. 


Don’t be afraid to experiment, but confine your experimenting (at first) to 
small equipment and low currents, until you get a ‘feel’ for the technique. 


An RF signal probe 


Introduction 


A radio-frequency (RF) diode probe is a simple device which, when used 
with a conventional multimeter, enables the measurement of RF voltages in 


a circuit. When constructed, this will be one of the most useful pieces of test 
equipment for the experimenter who revels in the construction of 
transmitters and receivers. 





The circuit 


Figure 1 shows the simple circuit diagram. It is almost the same as a 
common diode rectifier circuit, but with a simple change to make it more 
sensitive. The circuit is known as a voltage-doubler, and is often found in 
high-voltage supplies, with beefier capacitors and diodes, of course! Because 
we are dealing with high frequencies and smaller voltages, the diodes and 
capacitors can be physically very small. The diode circuit of D1 and D2 
rectifies or detects the RF from the probe, and any remaining AC is removed 
(short-circuited to ground) by C2. This produces, at the output, a constant 
voltage proportional to the peak-to-peak RF voltage present at the input; 
the output voltage is fed to an ordinary multimeter (on a voltage range). 


Figure 1 The diode probe 
can be made from four 
electronic components 


Figure 2 The components 
are mounted on a copper- 
clad PCB 


An RF signal probe 


Probe + To multimeter 
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D1 and O2 are germanium diodes 
Ct and C2 are 10nF ceramic capacitors 


(Crocodile clip) 





Construction 


Although the circuit layout is not critical, a description of the prototype is 
given here for your information. Figure 2 has the details. The components 
are soldered to square pieces of copper-clad printed-circuit board (PCB) 
glued to a larger piece of PCB. The larger piece serves as a ground 
connection. Use a stiff copper wire as the probe, and an insulated flexible 
wire with a crocodile clip to connect the probe to the ground of the circuit 
under test. 


Cut a piece of plain PCB, 30mm by 45mm and another of 15mm by 
45mm. Cut the smaller piece into three measuring about 15 mm square. 
Stick the three small pieces to the larger piece, ensuring that there are small 
gaps between each, as Figure 2 shows. Solder the components in place. The 
connection to the multimeter should be thin coaxial cable or screened 
microphone cable. If you use unscreened cable, there may be RF pickup here 
which can lead to false readings. 


Simple to use 


Using the probe is simple. Connect it to the multimeter and set the meter to 
around 10V DC — you may need to reduce this, depending upon the 
magnitude of the RF voltage you are trying to measure. Hold the probe by 


To 
multimeter 
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its base, being careful not to touch any of the components. Connect the croc 
clip to a ground point on the circuit and touch the probe on the circuit point 
to be tested. If an RF signal is present, there should be a reading on the 
multimeter. That’s all there is to it! 


Parts list 





Capacitors 
C1, C2 10 nanofarads (nF), or 0.01 microfarad (\F) ceramic 


Semiconductors 
D1, D2 Any germanium signal diode, e.g. OA91 or AA119 


Additional items 
Stiff copper wire 
Insulated flexible wire 
Copper-clad PCB 
Crocodile clip 
Coaxial or screened cable 


Source 





All components are available from Maplin. 





41 An RF changeover circuit 


Introduction 


The simplest entry route to operating an HF station is to buy or build a 
receiver, and to add a simple CW (Morse) transmitter. In theory, this sounds 
so simple, yet in practice there is one significant hurdle to be overcome. 


How can they both share the same aerial? A manually operated changeover 
switch is the obvious solution, but it takes time to perform the switching 
operation, by which time someone else has squeezed in before you and 
contacted the DX station! This small circuit accomplishes the changeover 
automatically, as soon as the transmitter is keyed. 





Figure 1 RF activated relay 


An RF changeover circuit 


How it’s done 


The circuit is shown in Figure 1, and uses the signal from the transmitter to 
operate a relay. A relay is a switch which is operated electrically in the 
following way. A coil of wire with an iron core is used as an electromagnet. 
When current flows through the coil, it produces a magnetic field which, in 
turn, is used to pull a set of switch contacts. These contacts will be used to 
switch the aerial from transmitter to receiver and vice versa. The relay used 
here has a double-pole changeover (or DPDT, or DPCO) switch. If you are 
confused by the different types of switch, look at the basic descriptions 
elsewhere in this book. The pole of a switch is the part that doesn’t move; in 
Figure 1, one pole is connected to L1 and the other to the aerial output. In a 
circuit diagram, the switch contacts are always shown in their normal state, 
i.e. when xo current flows in the relay coil. The changeover switch is normally 
in the receive position, so we say the receive switch is normally closed, and the 
transmit switch is normally open. We choose to have the circuit in the receive 
position normally, because everyone spends a lot more time receiving than 
transmitting. The relay is energised only when you are transmitting. 


There are three RF sockets — one for the transmitter, one for the aerial, and 
one for the receiver. When the transmitter is not in use, there is a direct 
connection (via the Rx normally closed contacts of the relay) between the 
aerial and the receiver. The transmitter (which is not keyed at this time) is 
connected to a 50 ohm dummy load, R1. 


When the transmitter is activated by pressing the Morse key, an RF signal 
appears at the transmitter socket. The wire carrying the signal to the relay 


L1 Relay contacts 
Transmitter 
BLS kh 
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Figure 2 Component details 
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Tx contacts passes through a toroid (a ferrite coil former, looking like a 
black Polo mint), which has a five-turn coil wrapped around it. This five- 
turn coil picks up the signal, which is then detected by D1 and D2, and 
converted to a steady voltage. C1 removes any remaining RF and C2 
provides hang. Without it, the circuit would detect the gaps between every 
dot and dash being sent, and switch the aerial over very rapidly and very 
frequently! This is not what we want. We need the relay to remain in the 
transmit condition at normal Morse keying speeds, and then return to 
receive when the sending is complete. The combination of C2 and R3 
achieves this. 


The voltage appearing across C2 is fed to a VMOS field-effect transistor 
(FET), TR1, which acts as an electronic switch. When a voltage appears 
across C2, the FET switches on and passes a current through the relay coil, 
changing the contacts from receive to transmit. The diode, D3, across the 
relay winding protects the FET from being damaged by the large reverse- 
voltage spike which occurs across the coil when the FET switches off. 


Construction 


This is very simple — a circuit board is not required. The prototype was built 
into an old 50g tobacco tin. All ground leads are soldered directly to the tin, 
thus supporting the components automatically. Phono sockets were used for 
the aerial, receiver and transmitter; you could use whatever connectors 
matched the rest of your station. The 12 V supply is fed through the tin 
using a 1000 pF feed-through capacitor, C3. 


The ‘dummy load’, R1, must be able to withstand the RF output power of 
the transmitter. For novice use, 4 watts is adequate. Two suggestions for 
making up R2 from standard resistors are shown in Figure 2. Six 330 ohm, 
1 watt resistors in parallel have a combined resistance of 330/6 = 55 Q, at 
6 W. Two 100 ohm, 2 watt resistors in parallel have a combined resistance 
of 100/2 = 50 O at 4 W. 


¥NIOKM 
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Figure 3 Receiver input 
protection 


An RF changeover circuit 


Make sure all the contacts to the relay are correct; also ensure that TR1, C2, 
D1, D2 and D3 are correctly wired. 


Winding the toroid, L1, is very simple. It is made from PVC-insulated hook- 
up wire. Each time the wire passes through the centre of the toroid counts 
as one turn. The wire from the transmit socket to the relay simply passes 
through the centre! Use thin 50 0 coax for the leads to the three sockets. 


What happens to the receiver? 


On transmit, the receiver is not connected to the aerial, but is only the 
separation of the switch contacts (about 0.5 mm!) away from the transmit 
lead. The receiver will pick up the transmitted signal, and there is a 
possibility that this signal will be enough to damage the receiver’s sensitive 
input circuits. This can be prevented with the simple addition shown in 
Figure 3. Two diodes are connected back to back across the receiver socket. 
These act as a limiter, reducing the amount of signal that can enter the 
receiver. Solder these directly between the receiver socket and the tin. 






D4and 05. 
INGi4 or 
sienilar 


Warning 


The wiring must be thoroughly checked. If the relay switch connections are 
wrong, there is a great probability that the full RF power will be applied to 
your receiver! You can check these connections as follows. With the 12 V 
supply connected, check that the relay energises (clicking sound heard) 
when the FET drain (d) is shorted to earth. Check the aerial and receiver 
connections with an ohmmeter or continuity tester. Disconnect the 12 V 
supply, and check that there is continuity between the centre pins of the 
aerial and receiver sockets. Reconnect the 12 V supply, short the FET drain 
to earth again (this will not damage the FET) and check that there is 
continuity between the centre pins of the aerial and transmitter sockets. If 
these tests show correct operation, disconnect the drain shorting wire (most 
important!) and your aerial auto-changeover is ready for use! Avoid using 
the device without the lid fitted. 
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Parts list 





Resistors: 0.25 watt, 5% tolerance, unless otherwise stated 
R1 50 ohms (Q) — see text and Figure 2 
R2 1 kilohm (kQ) 

R3 10 kilohms (kQ) 


Capacitors 
C1 100 nanofarads (nF), 0.1 microfarad (uF) 
C2 47 microfarads (wF) 15 V electrolytic 
C3 1000 picofarads (pF) feedthrough 


Semiconductors 
D1,D2,D4,D5 = 1N914 
1N4001 
VN10KM 


Additional items 
L1 T37-43 toroid 
Relay 12 V DPDT (DPCO) relay 
Three sockets to suit (phono, $O239, etc.) 
Thin coax cable and hook-up wire 





42 A low-light indicator 


Introduction 


This is a simple one-evening project that can be built for the pure fun of it, 


or to use as the basis of a more complex project to switch your shack lights 
on when it gets dark! In its prototype form, it simply flashes an LED when 
the ambient light level drops to a preset point. 





Operation 


The heart of the circuit shown in Figure 1 is a photo-conductive cell, also 
called a light-dependent resistor (LDR), a device whose resistance changes 
according to the amount of light falling on it. In bright light, the resistance 
is low (about 1kQ), whereas in the dark, its resistance is very high (up to 
10MQ). The cell is made from a semiconducting material known as 
cadmium sulphide (CdS), and is enclosed in a small plastic container. The 
semiconductor is laid on a flat insulating surface in the form of a small flat 
ribbon. The ribbon construction gives a good area of surface for a given 
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Figure 1 Circuit diagram 


Figure 2 Component layout 
on tagstrip 


A low-light indicator 
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length of ribbon, and the length of the ribbon is maximised by laying it out 
in a zig-zag pattern, as can be seen diagrammatically in Figure 2. In the 
dark, CdS is an insulator; when light falls on it, electrons are released inside 
the CdS, making it conduct. The more light there is, the more electrons there 
are, and the resistance falls. 


In this circuit, the LDR is connected across the 9 V supply in series with a 
variable resistor, VR1. In this arrangement, the voltage that exists across the 
LDR will be determined by the light level. As the light intensity increases, 
the resistance of the LDR falls, dropping a smaller voltage across it. The 
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reverse happens when the light intensity falls — the voltage across the LDR 
increases. This voltage is used to drive an npn transistor, TR1, connected as 
an electronic switch. As the voltage on the base (B) rises, it will reach a point 
where TR1 will suddenly start to pass current, just as an ordinary switch 
does when pressed. The current flowing through TR1 also flows through a 
flashing light-emitting diode (LED), D1 and its series resistor, R1. D1 can be 
a steadily glowing type, if preferred. If you want to make the circuit switch 
the LED on at a different ambient light level, adjust VR1. 


Construction 


The prototype was made on an eight-tag tagboard (Figure 2). The resistors 
R1 and R2 can be laid on the tagboard for soldering, the rest of the 
components lying above or to the side of the board. Check the circuit after 
you have soldered everything on, then connect the battery. The LED should 
flash if you put your hand over the LDR, and VR1 can be adjusted to vary 
the point at which the LED lights. The project can be housed in a small 
plastic box with holes provided for the LDR and LED and an on/off switch 
if you want one. 


Parts list 





Resistors: all 0.25 ohm, 5% tolerance 
R1 220 ohms (Q) 
R2 1 kilohm (kQ) 
VRI1 22 kilohms (kQ) linear pre-set 


Semiconductors 
LDR ORP12 
TR1 2N3053 npn 
LED1 Flashing LED 


Additional items 
Plastic box 
Tagboard with 8 tags 
PP3 battery connector 
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43 A J-pole aerial for 50 MHz 


Introduction 


For FM communication (i.e. voice and data) on the VHF bands, a vertical 
aerial is used to give all-round (non-directional) coverage. This is a half- 


wave aerial which can be fed at the end, thus removing the principal 
problem with the conventional vertical centre-fed half-wave dipole, which 
is that the feeder should leave the dipole at right angles. This is no problem 
when the dipole is horizontal, but can be difficult for the vertical dipole. 





Basic facts 


A feeder must be connected to an aerial at a point where the impedance 
(AC ‘resistance’) of the aerial closely matches that of the feeder. The 
difference between the two impedances gives rise to the voltage standing- 
wave ratio (VSWR), which is unity only when the two impedances are the 
same. With 50 Q feeders, the feed point of a half-wave aerial is at the centre, 
where the aerial impedance is around the same value. At the end of a half- 
wave aerial, the impedance is high, so it is not a suitable point to connect a 
50 O, feeder. 


Connection at this point can be effected using an RF transformer. RF 
transformers act in the same way as ordinary transformers, except that they 
are much smaller, and usually comprise wires of particular lengths adjacent 
to each other. Figure 1 is a good starting point. It shows the aerial in its 
diagrammatic form. Notice that the aerial is in the form of an elongated 
letter ‘J’; this shape gives rise to its nickname — the J-pole. The quarter-wave 
RF transformer is the lower ‘U’ section below the half-wave element. At the 
bottom of the U section, the impedance is zero (this may become clearer 
later) and at the top of the U section it is high, thus matching the aerial 
impedance. The coaxial feeder cable is connected part-way up the U section, 
where the impedance is around 50 2. 


The practicalities 


Figure 2 shows the aerial as constructed. As it is about 4.5 metres high, it 
may be too high for the average house loft, but is ideal for mounting 
outside, supported by a non-metallic pole or hung from a tree branch. The 
upper half-wave section is made from 1.5mm insulated copper wire, as 
used in domestic mains wiring. The quarter-wave transformer below the 
half-wave section is made from 300 2 balanced line (‘ribbon cable’). The 
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Figure 1 Overall dimensions 
of the 6 metre J-antenna 
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wires at the bottom of the transformer section are stripped of their 
insulation, twisted and soldered. At the upper end, only one wire of the 
balanced line is soldered to the bottom of the half-wave section. The other 
wire of the pair is not connected and is left insulated. 


At the feed point of the transformer, the insulation needs to be carefully 
stripped from the balanced line. You will need a standing-wave meter (VSWR 
meter) in the coaxial line between your transmitter and the aerial, and you 
will need to adjust the position of the feed point. 45 cm from the bottom was 
the best point on the prototype, but this position is dependent upon the 
immediate surroundings of the aerial, and must be done when the aerial is in 
its final operating position. Warning: Never make adjustments to the feed 
point when the transmitter is on. Make a VSWR measurement, switch off, 
move the feed point, switch on again, make another measurement, and so on. 
You will need to aim for the lowest VSWR you can — certainly better than 2:1. 
Having found the best position, wrap all the exposed wires with self- 
amalgamating tape, to seal them against the ingress of moisture. 


Figure 2 Construction 
details 


A J-pole aerial for 50 MHz 
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How it performs 


Figure 3 shows a computer prediction of how the J-pole radiates. It is 
called a polar diagram, and shows the distribution of your transmitted 
power when viewed ‘from the end of your garden’. Most of your signal is 
sent at a fairly small angle to the horizontal; very little signal goes upwards, 
which is a good thing, of course. This also shows why the J-pole (or any 
other vertical aerial) should not be called ‘omnidirectional’, which means 
it radiates in all directions. It is omnidirectional only in the horizontal 


plane. 
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Figure 3 This polar diagram 
computed for the J-pole 
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Safety 


Where you mount your aerial is a matter of personal preference and the 
restrictions of height and space, but the following safety rules must be 
applied. 


1. Never fix an aerial where it may come into contact with power lines or 
telephone lines. 

2. When climbing a ladder to put up an aerial outside, make sure the ladder 
is safe and that it is secured. 

3. Don’t do this alone. Preferably have someone with you. If this is not 
possible, make sure someone knows where you are. 


Parts list 





3.00 metres 1.5mm insulated copper wire 


1.50 metres 300 ohm balanced line 
As required 50 ohm coaxial cable 
As required Self-amalgamating tape 
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44 Measuring light intensity — 
the photometer 


Introduction 


Before the days of automatic ‘point-and-shoot’ cameras, a photographer 
would use a light meter or photometer to measure the light level, then 


manually convert this reading into shutter speed and lens aperture settings 
to ensure a correctly exposed negative. Modern cameras have quite 
sophisticated photometers, which control the shutter speed and _ iris 
settings automatically. 





A short explanation 


A simple photometer circuit is shown in Figure 1, and is based on a device 
called a light-dependent resistor, or LDR. As its name tells us, its 
resistance depends upon the amount of light falling on it. In bright light, 
the resistance is relatively low (about 1kQ), whereas in the dark, its 
resistance is very high (up to 10MQ). The cell is made from a 
semiconducting substance known as cadmium sulphide (CdS), and is 
enclosed in a small plastic container. The semiconductor is laid on a flat 
insulating surface in the form of a small flat ribbon. The ribbon 
construction gives a good area of surface for a given length of ribbon, and 
the length of the ribbon is maximised by laying it out in a zig-zag pattern. 
In the dark, CdS is an insulator; when light falls on it, electrons are 
released inside the CdS, making it conduct. The more light there is, the 
more electrons there are, and the resistance falls. 


@©rsee pyv122 ¥R1 
50k 
+ 
~ 
LOR1 pa 
Figure 1 Circuit diagram of | 
photometer 1-5¥V 
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The photometer circuit 


The circuit is simply a series connection of four things — the battery, the 
LDR, a variable resistor and a meter. A switch is also provided. The 
combination of the LDR resistance and that of VR1 determines the current 
flowing, which is indicated on the meter. Altering the resistance of VR1 sets 
the sensitivity of the photometer — you may want full-scale deflection of the 
meter needle for a bright light, or for a dim light. 


It is simple to make, and a plug-in type matrix board is ideal to test the 
circuit, so that you can decide if you want to make a permanent version. 
Connect all the components in series; the only change you may want to 
make is the connection to VR1. If you find that the sensitivity control seems 
to work ‘backwards’, simply unsolder the wire from the end tag of VR1 and 
solder it to the opposite end tag. Problem solved! 


In use 


As soon as you connect up the battery, you will probably have a meter 
reading because of the daylight falling on the LDR. Shading it with your 
hand should reduce the reading. If the meter needle is hard over against the 
end-stop, turn VR1 until it indicates about half-scale. The LDR is very 
sensitive, and will read zero only in a dark room. If you put on a torch to 
see what the meter reading is, the LDR will detect the torch light, and will 
give a reading! 


Here is a simple project where you can use the photometer in an experiment 
which has an analogy in radio. Draw a circle on a large (A3 or bigger) sheet 
of paper and divide it up into 30-degree sectors, as shown in Figure 2. Draw 
a series of smaller circles which divide the maximum radius into five. Look 
at the figure if you’re not sure about this. Bring the LDR away from the 
circuit by using two long, flexible wires. The experiment must be performed 
in a darkened room (preferably in total darkness). Prepare a table with two 
columns, the left-hand one headed ‘Angle (degrees)’ and the right-hand one 
‘Meter reading’. Fill in the left-hand column 0, 30, 60... and so on up to 
360°. 


Place the torch in the position shown, with its lens at the centre of the circle 
and pointing along the 0° line; switch it on. Place the LDR facing the torch 
and adjust VR1 until you have full-scale deflection of the meter needle. 
Suppose the meter indicates 10 units at this point. Enter this into your table 
in the 0° row. Keeping the torch the same distance from the circle centre, 
and pointing at it, move the LDR round all 30° positions and record the 
meter readings. Switch off the torch and take the sheet of paper and your 
tabulated results into daylight! 


Lay the large sheet of paper on a table with your results beside it; then, at 
each 30° interval, plot the point along the radius corresponding to the meter 


Figure 2 Torch light 
intensity pattern plotted at 
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reading. Then, join up all the points and you have what is called a polar 
diagram of light intensity. The use of the word ‘polar’ implies that the 
readings have been taken in a circle and plotted that way. 


Light waves and radio waves are both examples of electromagnetic 
radiation. The torch is designed to ‘beam’ its radiation in a particular 
direction, just like an aerial does. Hence the use of the word ‘beam’ for a 
directional aerial. If a similar polar diagram is drawn for a Yagi-type 
aerial, it will show the same general characteristics as does Figure 2, 
namely a main direction (or ‘lobe’) where most of the energy is 
concentrated, with evidence of sidelobes, indicated by ‘lumps’ on the 
otherwise smooth main lobe. 


Also in this book you will find a project for the construction of a UHF field- 
strength meter, which you could use to carry out a measurement of the polar 
diagram of a UHF aerial. 
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Parts list 





Resistor 
VRI1 50 kilohms (kQ) linear 


Semiconductor 
LDR1 ORP12 


Additional items 
Meter, 50 or 100 pA 
Battery clip for single AA cell 
AA cell 





45 A 70cm Quad loop aerial 


Introduction 


This is a description of how to make an aerial for the 70 cm band which has 


gain compared with the ‘rubber duck’ or the dipole aerial. It can easily be 
dismantled and reassembled, making it ideal for contest use. 





The principles 


Most aerials which comprise several similar elements arranged along a 
boom are variations of the design originated by Yagi and Uda, and which 
takes the name (for historical reasons) of the former, and is know as the Yagi 
array. Let us suppose we have a Yagi aerial beaming left to right in front of 
us. The elements get progressively shorter from the left (look at almost any 
TV aerial to see this). All the elements on a Yagi aerial are classified as 
follows: 


@ The reflector — the leftmost element as we look at the array. It is the 
longest. Next to it is: 

@ The driven element — this is the element connected to the feeder, which in 
turn runs down to the transceiver. It is slightly shorter than the reflector. 

@ Allthe elements beyond the driven element are called parasitic elements, or 
directors. They are shorter than the driven element and usually get pro- 
gressively shorter as we progress to the right along the boom. The directors 
are mainly responsible for the directivity (or beamwidth) of the array. 


A 70cm Quad loop aerial 


The progression from a simple dipole (a driven element in isolation) to a 
Yagi array is simple, but is nevertheless important. To make an aerial of two 
elements, a reflector (mot a director) is added to the driven element. For 
three or more elements, directors are added to the two-element design. 
Adding more and more directors soon becomes impractical, the reduction in 
beamwidth (such as it is) does not warrant the extra expense, weight and 
wind resistance that is incurred. 


Instead of using linear (straight) elements, as in the generic Yagi, this design 
uses loops. Designs using squares of wire instead of loops are known as 
Quad aerials, and HF designs require large X-shape frames to support the 
large squares of wire. At 70cm, however, the use of wire loops is easier, and 
they are self-supporting. 


Construction 


This is quite simple. Any type of material (metal, plastic, wood) can be used 
for the boom (the support for the elements) and for the mast. The elements 
are made from 14 SWG enamelled copper wire. 16 SWG hard-drawn aerial 
wire, which is not enamelled, has also been used with success. Thinner wire 
might result in a rather ‘floppy’ aerial! The separate parts of the aerial are 
held together with jubilee clips (hose clips). 


The driven element is secured to the boom with a jubilee clip and a three- 
connector plastic connector block as shown in detail in Figure 1, and in the 
photograph. Cut the wire for the driven element 70mm longer than the 
700 mm indicated in Figure 1. Then, using sandpaper, remove the enamel 
from one end to a distance of 20mm, and from the other to a distance of 
50mm. After forming the loop of the driven element, bend both stripped 
ends through 90°, and insert them into the first to holes of the plastic 
connector block (Figure 1). Do not tighten the screws yet. Push both ends 
into the block as far as they will go, then bend the 50 mm end back on itself 
and pull the ends back through the connector block so that the end you have 
just bent goes into the third hole in the block. Now tighten the screws in the 
block and in the jubilee clip. 


Each director and the reflector should be made 40mm longer than the 
circumferences shown in Figure 1. Strip the enamel, as before, from the last 
20mm at each end. Form the wire into the loop, slip the ends under the 
jubilee clip (Figure 1) and tighten it. You may find that it helps to solder the 
stripped ends together before securing the jubilee clip. 


The boom is fixed to the mast using jubilee clips and wire, as shown in 
Figure 1. Solder the feeder cable to the driven element, with the braid 
soldered to the end of the driven element which is connected to the boom 
(this applies to metal booms; with plastic or wooden designs, the feeder 
connections are not critical). 
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Figure 1 70 cm 4 element quad construction, with detail of how hose clamps are used in the construction 


You will need a plug on the shack end of your feeder to suit the transceiver, 
aerial tuning unit (ATU) or the standing-wave meter (SWM) you are using. 
Always connect these in the order: transceiver - SWM — ATU - aerial. 


Testing 


Always test aerials outside and away from buildings (if possible!). This 
avoids getting misleading results. 


Use a rubber duck, or whatever aerial you usually use, and tune around to 
find a repeater or beacon signal which is consistent. Note the reading on the 
S-meter. Then, connect your new Quad loop. Rotate it to give the strongest 
S-meter reading (don’t forget it is directional). Verify that the meter reading 
varies as you rotate it. How does the S-meter reading compare with the 
original reading? Much depends on the siting of your original aerial; if you 
are comparing your Quad loop at ground level with a vertical on the 
chimney, you wouldn’t expect your new aerial, even with its gain, to 
outperform a vertical which is well elevated! 
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Now a test on transmit is called for. The use of an SWR meter is essential 
here. Find a clear frequency and check that it really is clear before 
announcing your presence and carrying out the test. A reading of 1:1 is 
excellent, but any value less than about 1.8:1 would be acceptable. You can 
measure the directivity of your aerial using the field strength meter, also 
described in this series. 


Materials 





4 metres of 14 SWG enamelled copper wire 
Material for boom and mast 

15 amp connector block 

7 Jubilee clips 


The enamelled copper wire is available from AA&A Ltd, Sycamore 
House, Northwood, Wem, Shropshire SY4 SNN. Everything else is 
available from most hardware stores. 
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46 A UHF field strength meter 


Introduction 


It is always interesting, and often useful, to know just where the radiation 
is going from your aerial. How much of your radiated energy is going in the 
general direction of the station you are in contact with, and how much is 
being effectively wasted? Some of these questions can be answered with 


the use of a field strength meter. A field strength meter is simply a receiver, 
stripped down to its bare essentials, such that it responds only to the 
magnitude of the carrier. The use of a field strength meter assumes that the 
aerial under test is radiating a continuous carrier. Don’t forget to find a 
clear frequency and identify your transmissions at least every quarter-hour, 
in order to comply with the terms of your licence. 





Description 


Two types of field strength meter are shown in Figure 1. You will 
recognise both circuits (Figure 1b particularly) as being types of ‘crystal 
set’ with a meter replacing the headphones. Figure 1a is a broad-band HF 
design (there is no tuning provision) and Figure 1b is tuned in the same 
way as the crystal set; with a loop of wire as an aerial, it will perform well 
in the VHF/UHF range. 





Figure 1 Construction of the 
UHF field strength meter (a) 


A tuned field strength meter also doubles as an absorption wavemeter if it 
is well calibrated. Such devices are useful for detecting transmitter 
harmonics also. This design is intended for use in the UHF band, so it will 
have to be sensitive around 432 MHz. 
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Figure 2 Assembly of the 
field strength meter 


A UHF field strength meter 


Construction 


The field strength meter comprises a loop of wire, 600 mm long, which acts 
both as aerial and as the tuning inductance, a diode, a capacitor, a connector 
block, a meter and a length of twin wire. All the components, with the 
exception of the meter, are fixed to a pole with a jubilee clip, as shown in 
Figure 2. The meter should have a sensitivity of between 50 wA and 100 pA, 
or a multimeter can be used. The multimeter is more flexible, as you can 
select different current ranges, giving you a range of sensitivities. 


Using the field strength meter 


Connect your meter to the ends of the twin wire from the pole. Place a hand- 
held transceiver about 2 metres away, and press Transmit. If there is no 
meter reading switch off the transmitter and check the wiring. If the needle 
attempts to go negative, simply reverse the wires to the meter. If the reading 
is too high, either move the transmitter further away, or increase the current 
range on the multimeter. Try changing the orientation of the transmitter 
aerial, and note how the signal varies. 
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To measure the polar diagram (a graph of the signal strength against the 
angle between the aerial boom and the field strength meter, plotted on polar 
axes) of a beam aerial, mount the loop as far away from the aerial as you 
can, preferably at the same height, and rotate the aerial, say 15 degrees at 
a time, and record the signal strength, until the aerial has been turned 
through 360 degrees. If you need help plotting the graph, enlist the help of 
a friend who has done it before, or one who knows about polar graphs! If 
you have already built the Photometer project, you will have measured and 
plotted the polar diagram of the light intensity from a torch. Now you will 
see the great similarity! 


Parts list 





Capacitor 100 picofarads (pF) 

Diode Germanium, OA79 or OA91 

Connector block 10 A, 3-way 

Wire 600 mm of 16 SWG enamelled copper 
Length of twin cable for meter connection 

Clip Jubilee (hose) clip 





47 Christmas tree LEDs 


Introduction 


A novelty ideal for the festive season, this circuit causes one LED at a time 
to light up around a small cardboard Christmas tree. 





Warning 


This circuit uses members of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
and can be completed destroyed if they come into contact with the 
magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
destruction has happened - all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 
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1. Before you open the little packet in which each IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains-earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 

3. Repeat the process with the second IC. 


The circuit is safe from destruction while it is connected to the battery. 
However, when the battery is removed, the same care should be exercised 
with its handling, because there are no supply decoupling capacitors across 
each IC. 


Description 


Figure 1 shows the layout, and how the wires are connected from the circuit 
board to the LEDs around the tree. The circuit, shown in Figure 2, is quite 
complicated, so you need to be confident in your logical approach to circuit- 
building before you attempt this one! It uses two common integrated 
circuits (ICs). IC1 is simply an oscillator which provides timing pulses for 
IC2, which ‘counts’ up to a maximum of 10. The outputs of the counter are 
indicated by light-emitting diodes (LEDs); red, orange, yellow and green are 
common colours which you can use. 


The circuit is built on a single piece of Veroboard measuring 29 holes by 12 
strips. Be aware that there is no strip labelled ‘I’, so don’t make mistakes in 
your counting! 


First of all, cut the tracks in the positions shown in Figure 1 using a 3mm 
(% inch) twist drill rotated between thumb and forefinger. Then, solder in 
the IC sockets, the notches facing row M. Wire up and solder in the links 
and then the Veropins for the connections to the LEDs and battery. Having 
done this, the resistors and the capacitor should be fitted. When wiring the 
LEDs, each cathode (the lead adjacent to the ‘flat’? on the LED encapsula- 
tion) is connected to R4, and the anodes go to separate pins on IC2. 


Testing 


Hold up your circuit board to the light and check carefully for solder 
bridges between adjacent tracks. Then check again that the wiring is correct. 
Place the ICs in their holders, with the notched ends lining up with those on 
the holders. Connect the battery, and the LEDs should illuminate in 
sequence. 


If you have no success, you are now wishing you had checked the circuit 
more carefully! Learn something from your mistake and it will not have 
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been in vain! The first thing to check is that the LEDs are the correct way 
round. If that is OK, then check the positions where the tracks are broken 
(intentionally!). After that, are the wire links in the right places — had you 
forgotten there is no row ‘I’? Check all the wiring, then check again for 
solder bridges, and switch on again. One of these tests should have revealed 
a fault. If it still refuses to work, perhaps one (or both) of your ICs were 
damaged by static electricity, despite your precautions — or did you choose 
to ignore them? 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
680 kilohms (kQ) 
10 kilohms (kQ) 
470 ohms (Q) 


Capacitor 
C1 0.47 microfarad (uF) min. metallised polyester film 


Semiconductors 
IC1 4011 
IC2 4017 


Additional Items 
D1-D7 5mm LEDs in choice of colours 
14-pin DIL socket for IC1 
16-pin DIL socket for IC2 
PP3 battery clip and battery 
Veroboard, Veropins 
Insulated wire for links 
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48 An audio signal injector 


Introduction 


An audio signal injector is a device used to test audio frequency circuits. It 
is simply an oscillator running at a frequency in the audio range, so that 


when its output is fed to the input of an amplifier, it will produce a sound 
in the loudspeaker if the amplifier is working. The oscillation is so rich in 
harmonics that the signal can also be heard (sounding rather different) 
when injected into an RF circuit. 





The design 


The circuit is shown in Figure 1, and is a basic astable multivibrator, a free- 
running oscillator producing a roughly rectangular-wave output. The two 
transistors, TR1 and TR2, operating as switches, switch on and off 
alternately at a frequency around 500 Hz. The prototype was constructed 
on plain matrix board (no copper strips), as illustrated in Figure 2. 


Both transistors are type BC108, which are only a few pence each new, and 
can be found at almost any rally. You can add an on/off switch, or simply 
disconnect the battery when you are finished using it. To make the unit in 
one piece, the battery can be taped to the board, as the diagram shows. 


The probe itself is made from a short piece of stiff insulated wire, soldered 
to a tag on the board; an earth lead is also soldered to the board, and 
terminated in a crocodile clip to attach to the ground lead of the equipment 
under test. 





Figure 1 Circuit diagram of 
the signal injector 
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Figure 2 Component layout of the signal injector 


Si ° 

Using it 

After checking the wiring of the circuit, connect the battery. Find a transistor 
radio that is known to work. Carefully remove the case, switch on and apply 
the probe to the centre tag of the volume control. A very loud buzz should be 
heard from the speaker, indicating that the audio circuits of the radio are 
working. Using the injector to fault-find equipment you have made yourself is 
rather more instructive and rewarding, because you know where to inject the 
signal, and you should know what to expect when you do. 


Warning 


Do not work on any equipment connected to the AC mains. Work only on 
battery-powered circuits, for your own safety. 





Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1, R4 10 kilohms (kQ) 
R2, R3 330 kilohms (kQ) 
Capacitors 


C1, C2, C3 10 nanofarads (nF) or 0.01 microfarad (wF) ceramic 
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LADDER CLIMBING HARNESS 
Harnesses with a frontal attachment 
point, for connection to permanent ladder 
safety systems. 


PES OF HARNESSES 4 


DBI-SALA™ harnesses are available in different types, with 
various features, depending on their intended use. 


MULTI-PURPOSE HARNESS 

This type typically includes extra 
attachment points which allow work in 
a variety of situations, The belt and pad 
provide additional back lumbar support, 


sitioning rin ions. 
positioning rings and tool carrying options DESCENT CONTROL HARNESS 


These harnesses typically have frontal 
attachment points for use with descent 
control devices. 


WORK POSITIONING HARNESS 

These harnesses have positioning D-rings 

located on the hips for use with pole straps 

or work positioning lanyards, which allow 

hands-free operation. Harnesses of this kind 

may include integral waist belts. Ne & J 
CONFINED ENTRY/RETRIEVAL HARNESS 
One attachment point located on each 
shoulder strap facilitates upright 
retrieval from confined spaces. 
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Semiconductors 
TR1, TR2 BC108 


Additional items 
PP3 battery and connector 
Matrix board 10cm by 3cm 
6BA solder tags 
Thick insulated wire for probe 
Crocodile clip 





49 Standing waves 


Introduction 


Everyone has, or should have, a standing-wave ratio (SWR) meter as part of 


his/her array of test gear. Most people know how to use it, but what does 
it really do? 





Before attempting to answer that question, we need to look at some aerial 
fundamentals. An aerial is a transducer, the word meaning ‘to lead across’. 
We use it whenever one form of energy is converted into another form. A 
bulb is a transducer; it converts electrical energy in the filament to radiated 
heat and light energy. Figure 1 shows the situation. 


An aerial, or antenna, is also a transducer; it converts radio-frequency (RF) 
energy in the feeder (or transmission line, to give it its proper name) into 
radiated electromagnetic energy, in the manner shown in Figure 2. The 
aerial has resistance, just like the bulb filament, and if the filament had zero 
resistance, there would be no radiated energy. In the same way, if the aerial 
had no resistance, there would be no radiation from it. 


Transmission lines should convey RF energy from transmitter to aerial with 
the minimum power loss. A common form of transmission line is the coaxial 
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Figure 1 The light bulb 
converts electrical energy to 
electromagnetic light energy 


Figure 2 The antenna 
converts RF current to 
electromagnetic radio waves 
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cable. As you might expect, any feeder cable has a DC resistance caused by 
the resistance of the copper wire from which it is made. It also has an AC 
resistance, caused by the capacitance between the centre conductor and the 
braid, and by the inductance of the cable itself. This means that the feeder 
has an impedance, which is constant for the particular type of cable. This is 
what we call the characteristic impedance and, for the cables used in most 
amateur radio applications, it is 50 0. 


If this impedance can be made the same as that of the aerial (it is already the 
same as the impedance of the transmitter output), then the transfer of 
energy will occur with minimum loss. If the aerial and cable impedances are 
not the same, then there is a mismatch, which causes some of the RF energy 
to be reflected back towards the transmitter. We now have a situation where 
RF energy is flowing along the cable from the transmitter to the aerial (the 
forward wave) and, at the same time, flowing from the aerial to the 
transmitter (the reflected wave). The two waves interact along the cable and 
form a stationary pattern of voltage and current. The pattern is known as a 
standing wave, and can be visualised from the waveforms in Figure 3. The 
ratio of the maximum voltage to the minimum voltage on a given wave 
defines the voltage standing-wave ratio (VSWR), or just standing-wave ratio 
(SWR) for short. 


The SWR meter is easy to use. It is positioned in the feeder between the 
transmitter and the aerial tuning unit (ATU) if there is one, or between the 
transmitter at the aerial otherwise. Most meters have a single meter and a 
four-position switch. The transmitter is first keyed and, with the switch in 
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Figure 3 Standing waves on 
a transmission line 
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the ‘calibrate’ position, the sensitivity control is adjusted to give full-scale 
deflection on the meter. The switch is then changed to ‘forward’ to read the 
forward power, to ‘reflected’ to read the reflected power, and to ‘SWR’ to 
read the value of the standing-wave ratio. When there is no reflection (see 
Figure 3), the meter should read 1:1 or, simply, 1. 


Most SWR meters remain in the feeder line while the transmitter is 
operating, so the condition of the aerial and feeder can be constantly 
monitored. Problems with the aerial (such as water entering the feeder at its 
junction with the driven element) are immediately shown up. Without the 
use of the SWR meter, the situation would slowly deteriorate over several 
months and you would be left wondering why so few stations were 
answering your calls! 


50 A standing-wave indicator 
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for HF 


Introduction 


The standing-wave ratio (SWR) meter shows how well the aerial system, 
including the feeder, is matched to the output of the transmitter. This 


design does not measure SWR, but it gives an indication of when the SWR 
is minimum for a given system of aerial and feeder. The design is usable on 
the HF bands from 1.8 to 28 MHz, and can be used at 50 MHz with reduced 
sensitivity. 





Figure 1 Circuit diagram of 
the SWR meter 


A standing-wave indicator for HF 


How it works 


There are two types of wave in any feeder: the forward wave, which travels 
from the transmitter to the aerial; the reflected wave, which travels back to 
the transmitter from the aerial. The presence of a reflected wave is evidence 
that some of your transmitted power is not being radiated, but is being 
returned to the transmitter to be lost as excess heat. When aerial and feeder 
are perfectly matched, there is o reflected wave, and all the power from the 
transmitter is radiated. 


Referring to the circuit of Figure 1, a tiny fraction of the signal is removed 
by the transformer, T1, and by the capacitors, VC1 and C1. It is then 
detected by the germanium diodes, D1 and D2, and any residual RF 
removed by the capacitors, C2 and C3. The currents through the diode and 
meter (depending on the position of switch, $1) represent the forward and 
reflected signals. VR1 acts as a sensitivity control for the meter. 


It pays to shop around for a suitable meter. Surplus types from tape 
recorders and hi-fi equipment are usually ideal for this purpose. A new one 
would cost several pounds. The more sensitive the meter, the more sensitive 
your indicator will be. Meter sensitivity is given by the current required to 
give full-scale deflection (FSD) of the pointer. One with an FSD of between 
50 and 200 micro-amps (A) is suitable for this circuit. The higher the FSD, 
the less sensitive the circuit. 


Construction 


The meter circuit and the sampling transformer (see Figure 2) are built and 
mounted on Veroboard of the copper-strip variety. It simplifies construction 


To 
Transmitter To aerial 
SK2 SK2 
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Figure 2 Component layout 
of the SWR meter 
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but reduces the operational range of the meter to below 30 MHz because of 
the capacitive coupling between strips. The board has 13 strips by 30 holes, 
although you can reduce this if you have a smaller case. 


Firstly, cut the tracks at the three points shown. Then insert and solder 
Veropins for connections to the external components, the switch, variable 
resistor and the meter. Solder in the components starting with the resistors 
and followed by the capacitors and the diodes, ensuring that the diodes are 
inserted correctly. 


Now you have to wind the transformer, T1, on a small toroidal ferrite core. 
Wind the secondary with 15 turns of 36 SWG enamelled copper wire, 
spaced evenly over about two-thirds of the former. The turns should not 
overlap, and considerable care must be taken; the wire is very thin, will kink 
easily and will break if you apply too much tension. The ‘primary’ is an 8 cm 
length of 50 0 coaxial cable which passes through the toroid on its way 
between the input and output connectors. The braid of the cable is 
connected to the case at only one of the connectors (see Figure 1); this 
prevents the screen and the metal case between the two sockets forming a 
single, shorted turn. 


The ends of the secondary winding must be carefully stripped of their 
enamel with sandpaper, before attaching the toroid to the board with cotton 
or nylon fishing line. On no account must wire be used for this! 


Solder the secondary connections of T1 to the board and thread through the 
coaxial cable ready for soldering to the connectors. 


A standing-wave indicator for HF 


The case used was an aluminium box (Maplin LF02C), but any suitable 
metal box could be used. Aluminium is preferable, as it is easily drilled with 
simple tools. Use standoff insulators to mount the board in the case. Once 
this has been done, the leads from the board to the chassis-mounted 
components can be soldered. So can the coaxial cable passing through the 
toroid. Make the lead from the input socket to VC1 as short as possible. 


Setting up 


You will need a 50 O dummy load and a transmitter to set up your indicator. 
Connect the transmitter to SK1 and the dummy load to SK2. Set the toggle 
switch, $1, to forward and the sensitivity control, VR1, to mid-travel. 
Switch on the transmitter, and set VR1 for maximum meter deflection. 
Switch to reflected and adjust VC1 until the reading is minimum (ideally 
zero). This completes the setting up! 


Using the indicator 


For setting up an aerial, connect your circuit between the transmitter and 
the cable leading to the aerial. With S1 in the forward position, key the 
transmitter and adjust VR1 for maximum reading on the meter. Switch to 
reflected, and then adjust your ATU to give minimum reflected power. If 
your adjustments are to be made to the aerial itself, to give minimum 
reflected power, you must make a note of the reflected reading, switch off 
the transmitter, make a change to the aerial, key the transmitter, and note 
whether the reflected power is greater or less than before. Then, make more 
changes to the aerial. Never adjust your aerial with the transmitter on. 
Make your adjustments on an unused frequency, and do it as quickly as 
possible, thus avoiding (or minimising) interference to other stations. 





Parts list 





Resistors: all 0.25 watt, carbon 5% tolerance 
(or Maplin 0.6 watt metal film) 
R1,R2 27 ohms (9) 


R3 2.2 kilohms (kQ) 
VRI 10 kilohms (kQ) linear 

Capacitors 
Cl 220 picofarad (pF) disc ceramic 50 VDC 
C2, C3 0.1 microfarad (wF) disc ceramic 50 VDC 
vcl 20 picofarad (pF) trimmer 
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Semiconductors 
D1, D2 OA91 germanium 


Additional items 

S1 Single-pole changeover (SPDT or SPCO) 

SK1, Sk2 Coaxial sockets to suit station standards 
Veroboard — 13 strips by 30 holes 
Veropins (7 off) 
Amidon FT 50-43 ferrite toroid 
Meter, less than 200 pA FSD 
36 SWG enamelled copper wire 
Short length of UR43 or RG58 coaxial cable 
Insulated stranded wire 
Aluminium box 
Standoff insulators for mounting the board 
Knob for the sensitivity control 





51 A moisture meter 


Introduction 


Dry rot (Merulius Lacrymans) can strike havoc in buildings, causing the 


timbers to decay and crumble to dust — hence the term dry rot. Wood is 
attacked only if its moisture content rises above 20%. 





Construction 


The circuit of the moisture meter is shown in Figure 1. The two probes 
touch the wood, and the current that flows between them depends on the 
moisture content of the wood. If the moisture is sufficiently high, the 
current, after amplification, will be enough to light the LED. 


The meter can be made on a piece of plain matrix board (no copper strips), 
as Figure 2 shows. The board is big enough (10cm by 2.5cm) to 
accommodate the PP3 battery, taped on. No case is needed, unless you want 


A moisture meter 
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to leave the meter in a damp location for a protracted period! Make sure 
that the transistors and LED are mounted correctly. In Figure 2, the 
connections as shown to TR1 and TR2 are illustrated as if the transistors 
were transparent. An on/off switch is not really necessary, as only a very 
small current flows when the probes do not touch anything. Use solder tags, 
screwed to the board, to act as probes. 


After the assembly is completed, check your circuit one final time, and then 
connect the battery. Nothing should happen at first. If you lick your 
forefinger and hold it across the probes, the LED should light. 
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° ° 
Using it 
The prototype was compared with a commercial moisture meter, and the 
LED lit when the moisture was around 20%. This was quite fortuitous, as 


the point at which the LED lights depends both on the separation of the 
probes and on the gain of the two transistors. 


In addition to searching for dry rot, the instrument may be used to monitor 
the moisture in the soil of household plants. In this case, probes made of 16 
SWG copper (mot enamelled) should be soldered on to the two tags, and 
should penetrate the soil to a depth of several centimetres, and R1 may 
require adjusting so that the LED extinguishes if the soil is too dry, and 
lights if the soil is sufficiently moist. If you wanted to leave the meter with 
the probes in the soil, an on/off switch would be necessary. 


Parts list 


Resistors: all 0.25 watt, 5% tolerance 
R1 100 kilohms (kQ) 
R2 15 kilohms (kQ) 
R3 180 ohms (Q) 


Capacitor 
C1 0.1 microfarad (wF) polyester 


Semiconductors 
TR1, TR2 BC108 
LED Any shape or colour will do 


Additional items 
PP3 battery and connector 
Solder tags (2 off) for probes 
Matrix board 10cm by 2.5 cm 
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52 Simple aerials 


Introduction 


The performance of any receiver or transceiver, no matter how expensive it 
is, is limited by the aerial that feeds it. Two of the most frequently asked 
questions are: 


@ Which is the best sort of aerial to use? 
@ Where is the best place to locate an amateur radio aerial? 


To answer these questions, you must ask yourself what sort of operation 
you want to do. Are you interested in local, chatty contacts on the lower 
bands or VHF, or are you more disposed towards long-distance (DX) 
contacts, and on what band? 


A house with a moderately sized garden is assumed in the diagrams here, 
to illustrate the configurations of some simple aerials. You would not need 
all these aerials festooned around your house, because one or two would 
be sufficient for your needs. The problems incurred by properties with 
more restricted space will be covered later. 





VHF aerials 


For VHF operation, the aerial should be mounted as high as possible, either 
on a mast or on a chimney. For all-round coverage on FM and the local 
repeaters, a vertical colinear is a good choice. For SSB and CW DX operation, 
a horizontal rotatable beam is needed. If satellite working is envisaged, you 
will need to contemplate mounting an elevator on top of your rotator, so that 
your beam can point in any direction, including vertically upwards! An 
advantage of satellite working is that the aerials do not necessarily have to be 
up in the air, provided you have a relatively uncluttered site. Your rotator and 
elevator can be at ground level, which is good! 


If the VHF aerial is mounted on the chimney, use a double mounting 
bracket, particularly if you have a beam and rotator. Keep the TV, broadcast 
FM and amateur aerials as far apart as possible, and keeping the feeders 
separated is also a good plan. 


The dipole aerial 


One of the simplest types of aerial for single-band operation is the half-wave 
dipole. (The name ‘dipole’ simply means ‘two poles’ or ‘two elements’, and 
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Figure 1 Layout for a dipole 
aerial 
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in this case the total length of the dipole is approximately half a wavelength 
at the operating frequency.) It is usually fed in the centre by coaxial cable as 
shown in Figure 1. The length of the dipole for the lowest frequency in each 
band is shown in Table 1. Normally, the length of the aerial will be 
‘trimmed’ to be tuned to the centre frequency of the part of the band in 
which you will operate. This is done using the data in the right-hand column 
of Table 1. As an example, suppose you wanted your aerial to be resonant 
at 3.7MHz. The table gives an overall dipole length of 42.86m for 
3.5 MHz. To resonate the aerial 200 kHz higher, then this length must be 
shortened by 2 x 0.595m = 1.190m. Your dipole would thus be 41.67m 
long. Remember to allow extra wire for fixing the dipole ends to the 
insulators. 


Table 1 Dipole lengths for lowest frequency of each band and the length to be 
trimmed from each to raise the resonant frequency by 100 kHz 





Band Dipole length Trim each end 
(MHz) (m) (mm/10 kHz) 
1.8 83.33 2190 
3.5 42.86 595 
7 21.43 150 
10 14.85 70 
14 10.71 35 
18 8.33 20 
21 7.14 15 
24 6.03 12 
28 5.36 10 
50 3.00 6 


Figure 2 Possible layout for 
a dipole aerial in a confined 
space 


Figure 3 Multi-band dipole 
aerial 


Simple aerials 


On the lower-frequency bands, the lengths become rather large. In this case, 
you can ‘bend’ your dipole, as illustrated in Figure 2. The length of wire 
required to give an acceptable value of SWR (less than 2:1 on transmit) may 
need to be different from the calculated value, so be prepared to 
experiment! 


Dipoles are single-band aerials, although they will often work acceptably on 
the third harmonic of their design frequency: a 7 MHz dipole often operates 
reasonably well on 21 MHz. It is possible to operate several dipoles in 
parallel, as Figure 3 shows. Interaction between the elements can occur if 
the spacing between them is less than about 10cm. A multi-band dipole, as 
shown in Figure 3, has the elements separated with plastic spacers, and 
drooping ends to produce maximum spacing between the elements’ ends. 


End ____.. Insulated 


Nylon cord insulator upport 
support ____, Centre 






insulator 
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The long-wire aerial 


This aerial is simple, cheap, easy to erect, and suits most houses and 
gardens, as Figure 4 shows. Using an aerial tuning unit (ATU), an end-fed 
long wire can function on several bands when used with a set of radials or 
a counterpoise. Figure 5 illustrates the setup. The length of the aerial will 
determine the bands which will be covered. 
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Figure 4 Long-wire or 
inverted-L aerial 


Figure 5 How to connect a 
radio to a long-wire aerial 
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Long wire 
antenna 


¥% -wave counterpoise 
wires for each band 


A wire length of 10.5 m will work on the 40, 30, 17, 15 and 12 m bands. 


A wire length of 15.5m will work (with an ATU) on the 80, 40, 20 and 
12m bands and possibly (depending on your ATU) on the 17 and 15m 
bands. 


A wire length of 26.5 m will operate on all bands, but may be difficult to 
load on 10m. 


The wire lengths given here may need some adjustment because of the 
geometry of your particular house and garden. For receive-only purposes, 
the lengths are far less critical. 


In general, you cannot get a good radio-frequency (RF) earth from a first- 
floor (or higher) shack. Unless a good RF earth exists within a small fraction 
of a wavelength of the transceiver, an artificial ground comprising a single 
} radial or counterpoise will be needed. You will need one counterpoise for 
each band you intend to use, and the wire can be concealed around the 
skirting-board of the shack, or under the carpet. Make sure that the free end 


Simple aerials 


Table 2 Lengths of elements for vertical antennas, radials for 
verticals and counter-poises for end-fed long wire antennas 





Band Element length 
(MHz) (m) 
1.8 39.66 
3.5 20.40 
7 10.20 
10 7.14 
14 5.1 
18 3.96 
21 3.4 
24 2.95 
28 2.55 





of each counterpoise is well insulated; this point can carry a very high 
voltage when you transmit; anyone coming into contact with this can suffer 
very severe RF burns. Counterpoise lengths can be read from Table 2. 


The vertical aerial 


The single-band vertical aerial is sometimes used by DX operators because 
it has a low angle of radiation, which favours long-distance propagation. 
However, it must be sited clear of obstructions and must have a good 
counterpoise or radial system. Illustrations of the vertical aerial are shown, 
and the lengths of the vertical and radial sections are given in Table 2. The 
centre of the coaxial feeder is connected to the vertical section, and the braid 
to the counterpoise or radial system, which is made up of four or more wires 
buried just below the surface and joined together near the base of the 
aerial. 


Cable entry to the house 


Bringing coaxial cable into the house by an open window must be regarded 
as a temporary measure. Wooden window frames can be drilled, one hole 
for each feeder. Make the holes slope downwards from inside to out to 
prevent rain entering, and treat these with wood preservative. Leads from 
long-wire and inverted-L aerials should be kept separate from other 
cables. 


Alternatively, a plastic pipe large enough to take all your feeders could be 
fitted into the brickwork (again, sloping downwards towards the outside). 
You may want to let a friendly builder do this for you. 
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53 A breadboard 80 m CW 
transmitter 


Introduction 


In the early days of radio, many circuits were built on a wooden baseboard, 
the parts being screwed down on the board. This was called breadboard 
construction, because it was a breadboard that was frequently com- 
mandeered for the process! Wives have always been generous in this 
respect, it appears! 


This circuit was originally designed by GM30XX, and became known as the 
Oner, because it was built on a circuit board one inch square! The circuit 
appeared in the G QRP Club journal Sprat and, since that time, many 
hundreds of Oner circuits have been built and used on the air. It is a well- 
proven circuit. 


The transmitter has no tuned circuits in the power amplifier (PA) and thus 
has a rather high harmonic content. It must be used with the low-pass filter 
described elsewhere in this book. Without the low-pass filter, interference 
will be caused to other stations. 


Simple aerial changeover switching is provided, which allows this circuit to 
be used with any of the 80 m receivers, such as the Colt, described in this 
book. It can also be used with any kit or commercial receiver for the 80 
metre band. 





The circuit 


The transmitter circuit is shown in Figure 1. TR1 is a crystal oscillator, the 
frequency of which is controlled by crystal X1. A small trimmer capacitor, 
TC1, is added to allow the frequency of X1 to be varied by a small amount. 
If adjustment of this trimmer is made possible from the front panel, it is 
useful to adjust the transmit frequency to avoid other stations already on the 
crystal frequency. The collector load resistor, R2, of the oscillator transistor, 
TR1, determines the power output; a value of 3.3 kO, seems to work well in 
producing an output of 3 watts. 


TR1 is directly coupled to TR3, a VMOS transistor (a type of field-effect 
transistor (FET)). This acts as the power amplifier (PA) stage. TR3 should 
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Figure 1 Circuit diagram of 
the breadboard transmitter 
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give about 3 W output, which is then coupled to the output by C3. The 
radio-frequency choke (RFC) providing the drain load of TR3 is simply a 
few turns of wire on a ferrite bead. 


TR2 is an interesting addition to the circuit. It is used as a switch to ‘key’ 
the PA, TR3. The transmitter could be built without TR2, just placing 
the Morse key between the top of the RFC and the 12 volt supply. Adding 
TR2 is helpful, because it means that one side of the Morse key can be 
grounded (always a good thing), and some degree of shaping of the 
output RF waveform is provided by R3 and C1. This makes the 
transmission sound a little better and reduces the possibility of spurious 
frequencies being generated and transmitted. TR2 is a pnp transistor; note 
that it is the emitter of this transistor which is connected to the positive 
side of the supply. 


Some form of changeover switching is needed for the aerial. A double-pole 
changeover toggle switch can be used. See the chapter on switches, later on 
in this book. One pole is used to switch the aerial between transmitter and 
receiver; the other pole is connected in the 12 volt supply line, and is labelled 
RECEIVE/TRANSMIT - NETTING. Its use will be described later. In this 
simple circuit, the PA cannot work when the key is open, because the key 
breaks its supply (via the RFC). When the key closes, TR2 switches on and 
applies the 12 volt supply to the top of the RFC. C2 is a decoupling 
capacitor, which prevents any residual RF signals at the top of the RFC 
reaching TR2. 
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Building 

The prototype was put together as follows. Take a piece of plain printed- 
circuit board (PCB) measuring 5 cm by 4cm. Then, witha new, sharp blade in 
a junior hacksaw, draw the blade horizontally across the surface of the copper 
in order to make a pattern of 6 squares along the 5cm side and 5 squares 
along the 4cm side. No more pressure should be applied than is necessary to 
cut through the copper! All the parts will be soldered on these pads in a form 
of surface-mount construction. To do this, each active pad (i.e. one that is 
going to have a component soldered to it) needs to be tinned. This means 
coating the pad’s surface with solder, and is carried out as follows. Place the 
hot tip of the soldering iron on to the pad, and hold it there for a second or so. 
Then, with the tip still in place, touch the end of your reel of solder on the pad, 
not the tip of the iron. The solder should flow evenly all over the pad, and you 
can remove the iron. The solder should solidify in a rounded, shiny blob! This 
provides a good surface for making soldered joints. 


To join component leads to the pads, cut each lead about 1 cm long, and then 
bend the last 2 mm at right angles to the rest of the lead. As you did before, tin 
the 2 mm length of each lead. Place the tinned portion on to the pad, and place 
the tip of your iron on the pad, close to the lead. The solder on the pad and on 
the lead will melt and run together; remove the iron and hold the component 
still until the solder solidifies. When the joint has cooled, give the lead a gentle 
tug to make sure you have a good joint (a good mechanical joint is usually a 
good electrical joint, too!). Each transistor straddles three pads, so the centre 
lead will need to be shorter than the other two. Take care here to get the lead 
lengths right — if you do, you will be surprised how much more firmly the 
transistor is held than if you just botched the lead lengths by bending them to 
fit! Make sure the connections to the transistors are correct. 


Winding the RFC is quite simple. Seven (or more) turns of thin (32 SWG) 
enamelled copper wire are threaded through a small ferrite bead. This 
requires care, because the bead is small and the wire is thin. Trim the ends to 
within about 1 cm of the bead, remove the enamel carefully with sandpaper 
and tin the bare ends, prior to soldering the choke to the board. 


After completion of the wiring, check the circuit against Figure 1. Bread- 
boarding a circuit like this has its advantages, but it can have disadvantages, 
too. One of these disadvantages is that it can make circuit checking difficult. 
For a simple circuit like this, it is not too bad! Check that no solder has run 
between the pads. Plug in your crystal for the 80 m band, and connect up the 
12 V power supply. Do not connect the Morse key yet and do not switch on 
the power. 


Testing and operating 


Clear your workbench of all metallic objects, slivers of copper, bits of wire, 
etc., switch on your power supply. With an external receiver, listen on and 


A breadboard 80 m CW transmitter 


around your crystal’s frequency for a signal. Remember that the oscillator 
runs all the time and, because you haven’t yet connected the Morse key, 
your receiver is close enough to pick up the signal from the oscillator. This 
confirms that your oscillator is running. Switch off. 


Connect the station aerial to the transmitter’s aerial socket, and the receiver 
to the transmitter’s receiver socket. Connect the Morse key, put the Receive/ 
Transmit—Netting switch in the receive position and switch on. You should 
be able to hear stations in the normal way. Now put the switch in the 
Transmit—Netting position. Signals in the receiver should almost disappear, 
as the circuit has disconnected the receiver’s aerial. 


Tune the receiver until you can hear your own crystal oscillator signal. This 
is known as netting, tuning your receiver and transmitter to the same 
frequency. Pressing the key will now transmit your signals when the switch 
is in the Transmit—Netting position; switch back to the receive position to 
listen for stations answering your call. As soon as you are happy that your 
circuit is functioning properly, you must build the low-pass filter circuit 
before using the transmitter regularly. 


Parts list 





Resistors: all 0.25 watt, 5% tolerance 
R1 100 kilohms (kQ) 
R2 See text 
R3 1 kilohm (kQ) 


Capacitors 
C1, C2, C3 100 nanofarads (nF), or 0.1 microfarad (wF) 
TC1 3-60 picofarads (pF) trimmer 


Semiconductors 
TR1 ZTX651 
TR2 ZTX751 
TR3 VN10KM 


Additional items 
RFC 7 turns of 32 SWG enamelled copper on a ferrite bead 
Switch Double-pole changeover (DPDT or DPCO) toggle 
Crystal For 80m band 
Crystal 
holder HC25 type 
Sockets According to station fittings 
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54 A 7-element low-pass filter 
for transmitters 


Introduction 


The simpler the transmitter, the more likely it is to radiate harmonics of its 
fundamental frequency. Harmonics are integral multiples of the frequency 
on which the transmitter is designed to operate. If you think you are 
transmitting on a frequency, f, for instance, you will also be radiating the 
harmonics of 2f, 3f, 4f, ... and so on. This results in your signals being 


heard on several frequencies, spread over a very wide frequency range. You 
are also contravening the terms of your licence. To avoid this, it is always 
advisable to use a /ow-pass filter between your transmitter and aerial. This 
is a filter which will pass your signal frequency, f, and all frequencies below 
it, but will not pass (attenuate) frequencies above f to any significant extent. 
The value of f is known as the cutoff frequency of the filter. 





A design of 7-element low-pass filter 


A 7-element low-pass filter (LPF) is so called because it has seven 
components, as the circuit diagram of Figure 1 shows. Filters containing 
any odd number of elements are possible: a 3-element filter would 


Figure 1 Circuit diagram of 
filter 


A 7-element low-pass filter for transmitters 
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comprise C1, L2 and C3 only, and is sometimes called a pi-network 
because the element disposition resembles the Greek letter pi (m); a 
5-element filter would comprise C1, L2, C3, L4 and CS only, and so on. 
In general, the more elements the filter has, the more effectively it 
attenuates signals above f,. 


The circuit of Figure 1 is designed to have an input and an output 
impedance of 50 Q, which means that it can be placed in the aerial feed 
of any common transmitter. Filter design is a very complex business, and 
is best left to the experts. One such expert is W3NQN, who produced a 
number of computer designs of LPF using commonly available (preferred 
value) capacitors, and aimed specifically for use on amateur frequencies. 
The results of this work are condensed into Table 1. The inductors are 
wound on standard toroidal cores, and their details are included in the 
table. 


Table 1 Filter component values for each brand 








Band C1,7 3,5 12,6 14 Core Wire 

metres pF pF turns turns type SWG 
80 470 1200 25 27 137-2 28 
40 270 680 19 21 737-2 26 
30 270 560 19 20 137-6 26 
20 180 390 16 17 137-6 24 
15 82 220 12 14 137-6 24 
10 56 150 10 11 137-6 22 





Making the filter 


The filter was made originally as an adjunct to the Breadboard 80m CW 
transmitter, which you will also find in this book. It uses the same 
constructional technique, based on a single piece of plain, copper-clad 
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ARDUINO CHEAT SHEET V.028 


Mostly taken from the extended reference: 
http://arduino.cc/en/Reference/Extended 
Gavin Smith — Robots and Dinosaurs, The Sydney Hackspace 


Structure 
void setup() void loop) 


Control Structures 
if(x<S){ } else [ } 
switch (myvar) { 





































case |: " 
break; Constants Qualifiers External Interrupts . 
case 2: HIGH | LOW static /! persists between calls attach Interrupt interrupt, function, 
break: INPUT | OUTPUT volatile // use RAM (nice for ISR) [LOW,C HANGE,RISING,FALLING]) 
default: true | false const // make read-only detachInterrupt(inierrupt) 


interrupts() 
nolnterruptst) 


143 // Decimal number PROGMEM // use flash 
0173 Octal number 

BHIOLILIL Binary (8-bits only) 
Ox7B // Hex number 

TU // Force unsigned 

LOL // Force long 

ISUL // Force long unsigned 

10.0 // Forces floating point 

2.405 // 245,000 


for (int =O; i<=255;i++){ | 
while (x<5){ } 

do ( | while (x<5); 
continue; //Go to next in do‘for'while loop 
return x; // Or ‘return;' for voids. 
goto ‘ considered harmful :-) 











Digital VO 
pinMode(pin, [(INPUT,OUTPUT)) 
digital W rite(pin, value) 
int digitalRead(pin) 
Write High to inputs to use pull-up res 
















Serial. 

begin( (300, 1200, 2400, 4800, 9600, 
14400, 19200, 28800, 38400, 57600, 
115200]) 

end() 

int available() 

int read() 





Analog VO 
analogReference({ DEFAULT,INTERNA 
// (single line comment) Data Types L,EXTERNAL}) 











Further Syotax 


/* (multi-line comment) */ void int analogRead(pin) //Call twice if flush() 
#define DOZEN 12 //Not baker's! boolean (0, 1, false, true) switching pins from high Z source. print() 
#include <avr/pgmspace.h> char (c.g. ‘a’ -128 to 127) analog Write(pin, value) // PWM printin() 


unsigned char (0 to 255) . 
byte (0 to 255) Advanced VO \ EEPROM (#include <EEPROM.h>) 
int = (-32,768 to 32,767) tone(pin, freqhz) byte read(intAddr) 
unsigned int (0 to 65535) tone(pin, freqhz ,duration_ms) Xx write(intAddr,myBytc} 
word (0 to 68535) noTone(pin) j 
long (-2,147,483,048 to shiftOut(dataPin, clockPin, 
2,147,483,647) [MSBFIRST,LSBFIRST], value) 
unsigned long (0 to 4,294,967,295) unsigned long pulseln(pin, [HIGH,LOW)]) 
float (-3.4028235E+38 to : 
3.4028235E+38) 
double (currently same as float) 
sizeof(myint) // returns 2 bytes 












General Operators 
= (assignment operator) 
+ (addition) - (subtraction) 
* (multiplication) / (division) 

" (modulo) 

(equal to) !» (not equal to) 
< (less than) > (greater than) 
<= (less than or equal to) 

~ (greater than or equal to) 
&& (and) — || (or) ! (not) 


Servo (#include <Servo.h>) 
attach(pin , [min_wS, max_uS)) 
write(angle) // 0-180 
writeMicroseconds(uS) // 1000-2000, 
a 1500 is midpoint 
Fime ¥ read() // 0-180 
unsigned long millis() // 50 days overtlow, 




























attached{) //Returns boolcan 
detach() 












unsigned long micros() // 70 min overflow 
delay(ms) 
‘ Strings v7 delay Microseconds(us) SoftwareSerial( Rx Pin, TxPin) 
& reference operator char SI[ 15]; ns = '/ #include<SoftwareSerial, > 
* dereference operator char S2U8}=s"a''r''d' uno"): } Math ' begin(longSpeed) // up to 9600 

La aed lade char read() // blocks till data 
print(myData) or printinimyData) 









Pointer Access 


char S3[8)}* (‘ae dui ao 0}; min(x,y) max(x,y) — abs(x) 
(Macluded \0 null termination constrain(x, minval, maxval ) 

char S4[ ) = “arduino”; map(val, fromL, fromH, toL, toH) 

char SS[8] = "arduino"; pow(base, exponent) sqrt(x) 


* (bitwise xor) ~ (bitwise not) char S6[15] = "arduino"; sin(rad) — cos(rad) tun(rad) 
<< (bitshift left) >> (bitshift right) 











Bitwise Operators 
& (bitwise and) | (bitwise or) 






Wire (#include <Wire.h>) // For 2C 
begin() ‘/ Join as master 
begin(addr) // Join as slave @ addr 
requestFrom(address, count) 
begin Transmission(addr) // Step | 
send(mybyte) /! Step 2 
send(char * mystring) 

send(byte * data, size) 

end Transmission() Step 3 
byte available() /) Num of bytes 
byte receive() //Retur next byte 
onReceive( handler) 
onRequest(handler) 









Random Numbers 
randomSeed(sced) // Long or int 
long random(max) 
long random(min, max) 


Arrays 
Compound Operators int mylnts[6]; 
++ (increment) -- (decrement) int myPins[{] = {2, 4, 8, 
+= (compound addition) int mySensVals{6] - 
-= (compound subtraction) 


Bits and Bytes 
lowByte() highByte() 
bitRead(x.bitn) bitWrite(x,bitn,bit) 
bitSet(x,bitn) —bitClear(x,bitn) 
bit(bitn) //bitn: 0-LSB 7-MSB 


*= (compound multiplication) Conversion 

‘= (compound division) char() byte() 

&= (compound bitwise and) int) word() 
|= (compound bitwise or) long() float() 




















Flash (2 for 
7 
SRAM ti 28 a 


[EEPROM | 3125 TS 


















14 +6 analog 
_](Nano has 1498 



























0 - Fx 

1.™ 16-Rxa 14. 1x4 
2~ {int 0) 23,21 20.1918 

3~ (int 1) 

6.6- Timer 


9,10 - Tirner 1 
3.11 ~ Tiner? 














61 - MOS! 
50 - MISO 
§2- SCK 
20+ SOA 
21- SCL 
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Figure 2 Layout and 
construction of filter 
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———— Board 6cm a 





@©@nsos DY141 


PCB, with ‘pads’ created by using a sharp blade in a junior hacksaw. The 
cuts in the copper are shown in the layout diagram of Figure 2. There are 
two ways of mounting the components: the first way is to drill small holes 
in each pad, as shown in Figure 2, and mount the components through 
the holes in the normal PCB manner; the second way is to solder the 
components directly to the pads, in the way that was described for the 
Breadboard transmitter. 


Winding the inductors is quite simple. All you need to remember is that 
each time the wire passes through the core counts as one turn. Cut off the 
spare wire at each end of each coil to about 1cm, scrape off the enamel 
with sandpaper, and tin the exposed copper. See the transmitter descrip- 
tion if you are unsure of how to do this. Note the wire links between each 
of the lower pads, forming a solid ‘ground’ for the elements. The 
prototype had a plug and socket on the ends, to match the transmitter 
and aerial terminations. 


The type of capacitor used in the design is not critical; the polystyrene 
type works well. 


Radio-frequency mixing explained 


55 Radio-frequency mixing 
explained 


Introduction 


Mixers find widespread use in electronic circuitry. Many of the projects in 


this book, together with every TV set and radio in the home, contain mixer 
circuits — a good indication of their usefulness. 





Confused? 


Audio mixers (as used in recording studios and radio broadcast stations) are 
used to add or ‘balance’ the signals from various sources such as 
microphones, CD players, etc. These have nothing whatsoever to do with 
radio-frequency (RF) mixers, and should never be confused with them. 


RF mixers and beat frequencies 


Instead of adding signals (as in the audio mixer), the RF mixer multiples 
them together. As you might expect, this has an entirely different effect. The 
two signals entering the mixer beat or heterodyne with each other to 
produce signals on other frequencies. One example of this occurs in sound, 
when two musical notes of almost the same frequency are heard together. 
Instead of hearing two separate notes, the listener hears one note whose 
intensity (loudness) appears to increase and decrease. This intensity 
variation is called a beat, and its frequency is equal to the difference in the 
frequencies of the two original notes. The technique is used by musicians to 
tune their instruments. If one note is known to be a correct frequency, the 
other can be tuned to it by making the beat frequency as close to zero as is 
possible. 


Multiplying together 


The process of mixing presupposes that we have a device which will 
automatically multiply two signals together. Fortunately, this is easy; so 
easy, in fact, that it often occurs when we do not want it! Multiplying is 
achieved by any device which is non-linear; this means a device whose 
output is not a constant factor larger than its input, something that can be 
achieved by many electronic devices and circuits. 
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Figure 1 The effect of 
multiplying (or mixing) two 
signals together 
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Mixer 
‘ Input Output — “(1 . ¥2} 
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Input 
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containing 


{fl 4 £2) Output 
(ft = £2) 
-G-RSGB DY145. 


Let us look now at what a mixer does in concrete terms. Suppose two 
signals, of frequencies f1 and f2 go into our mixer. These signals are shown 
in Figure 1. Putting numbers in, to make the situation clearer, suppose /1 is 
1.000 MHz and f2 is 160 kHz. The beat frequency is the difference of these: 
1.000 MHz - 0.160 MHz = 0.840 MHz, or 840 kHz. A mixer also produces 
an output at the sum of these frequencies; in this case the new frequency 
would be 1.000 MHz + 0.160 MHz = 1.160 MHz. 


Suppose you fed the output of your mixer, operating with these input 
frequencies, into a receiver and tuned around to find what frequencies were 
present. You would find two signals, one at 840 kHz and one at 1.160 MHz, 
showing that the two ‘new’ frequencies were very real! 


In addition to drawing out the waveform of the resultant signal, as in Figure 
1, we can draw the inputs and outputs on a frequency axis, to form a 
spectrum of the signal components. This is done in Figure 2. The top two 
diagrams show the input signals at f1 and f2. The bottom diagram shows 
the output signals in relation to the input signals. Depending on the type of 
mixer used, one or both of the input signals would be removed. 


Figure 2 The result of 
multiplying or mixing two 
signals together as seen on a 
spectrum analyser 


Figure 3 The basic idea of a 
superhet receiver 
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A mixer in every radio 


Basically, a mixer is used to change a signal from one frequency to another, 
something it does without altering the characteristics of the incoming signal. 
If the incoming signal is amplitude modulated (AM), then the frequency- 
changed signal would be AM also. The same applies to FM, SSB, CW, and 
all other modulation forms you can think of. This explains why mixers are 
often called frequency changers. 


Frequency changing is the key process in the type of radio known as a 
superheterodyne (or superhet). By mixing the incoming signal with a 
variable-frequency local oscillator as Figure 3, shows, the signal can be 
converted to the fixed frequency of a filter and amplifier. This is useful 







Fixed 
Incoming frequency 
signal arnplifier 
and 
filter 


Variable 
frequency 
‘local’ 
oscillator 
©ases py147 
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because it is easier to make a very high-quality filter and amplifier at a single 
fixed frequency, than at a variable frequency. 


All TV receivers and virtually all radio receivers (and transmitters) use 
mixers. Both the Yearling and Colt receivers (see the relevant projects) are 
superhets, and use mixers. 


A voltage monitor for a 
12V power supply 


Introduction 


If for any reason, the stabilisation of your main 12 volt power supply unit 
(PSU) breaks down, it is possible that a voltage much higher then the 
nominal 13.8V will be applied to your precious equipment. If you would 


like to know the instant that this occurred, and hence be able to switch 
things off before it was too late, then this circuit is what you need. It will 
give audible and visual indications if the voltage rises above 14.4 V, and a 
visual indication only if the voltage is reduced. 





The circuit 


The circuit uses three ICs and is shown in Figure 1. The circuit is powered 
by the PSU whose output is being monitored, and the circuit’s immunity to 
supply line variations is secured by the 6 volt regulator, IC1. The heart of the 
circuit is IC2, an LM3914; it is a bargraph driver, which operates ten LEDs 
in a display resembling a thermometer - the string of lit LEDs increases in 
length as the voltage on pin 5 increases. 


The input voltage range on pin 5 is 1.2V maximum, making each LED 
correspond to one-tenth of this, which is 0.12 V, the step size. R1 and R2 act 
as a voltage divider, so that voltages of up to the maximum of 14.4 V may 
be applied to R1 without exceeding 1.2 V at pin 5. R3 sets the brightness of 
the LEDs and R4 determines the step size. 


IC3 is an opto-isolator, a device containing an LED and a phototransistor in 
one package. This enables the piezoelectric sounder to operate without 
affecting the operation of the bargraph driver. The input to IC3 is provided 
by the voltage on D8, so that if any of the LEDs at or above D8 are lit, the 
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Figure 1 PSU monitor, circuit diagram 


sounder will operate, indicating overvoltage. Despite the fact that some of 
your other equipment might be damaged by this overvoltage, the monitor 
circuit itself is unaffected. 


Construction 


The prototype was built on two pieces of Veroboard of the copper-strip 
variety. The main (circuit) board measured 15 strips by 25 holes, and the 
display (LED) board measured 4 strips by 30 holes. Track cuts are necessary 
in each board. The correct places are shown for the main board in Figure 2, 
but there is sufficient flexibility in the layout of the display board for a 
prescriptive layout not to be needed. All the anodes of the LEDs are 
connected to the same strip, which makes things comparatively simple! 


For the main board, insert the Veropins and the wire links first, and solder 
them to the copper strips. Then fit the IC holders and the resistors. Fit the 
IC holders with their notches towards the top of the board. When fitting the 
voltage regulator, IC1, note than the centre lead (the ‘common’ lead in 
Figure 1) does not go to position A3; the track should be cut at A3, and the 
common lead soldered at B3. This is indicated in Figure 2. 


Wire up the LED board with its ten LEDs and 11 connecting wires, each 
about 10cm long. This length depends on how far away from the main 
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Figure 2 PSU monitor, PCB 
layout 
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board you are planning to mount the display. The LEDs should have 
different colours: three orange, four green and three red, to indicate ‘low’, 
‘medium’ and ‘high’ voltage. 


Now solder the other ends of these leads to the Veropins on the main board, 
making sure that the order is correct. Finally, connect the piezoelectric 
sounder to the main board; the polarity is important, so make sure the red 
lead goes to pin 4 of IC3 and the black lead to the ground rail. If you were 
careful to fit the IC holders with their notches in the correct positions, 
match these up with the notches on the ICs before pushing home the ICs 
gently. Check your circuit for solder bridges and unwanted pieces of copper 
swarf before screwing the small heat sink to the voltage regulator, IC1. 


Testing 


(a) With a variable-voltage PSU. Set the PSU for 10 V, connect the circuit 
and switch on. Increase the voltage slowly, and check that each LED 
lights up after the one before it. As the voltage exceeds about 14.4 V, the 
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first red LED should light and the sounder should operate. If an LED 
does not illuminate, you should immediately suspect either a dry joint or 
an incorrect LED polarity. The voltage at which the first red LED lights 
can be adjusted by varying R1; increase R1 if the LED comes on too 
early; decrease R1 if the LED comes on too late. 

(b) Without a variable-voltage PSU. For your ‘variable supply’, you can use 
several AA-type 1.5 V cells (or 1.2 V NiCad cells) in series. The voltages 
produced by a range of cells is shown in Table 1 — because of the lower 
voltage of NiCad cells, more of them are needed to produce a given 
voltage. 


Once the operation of the circuit has been checked, it can be fitted into a 
plastic or metal box. Only two connections are needed for the PSU. You 
may want to drill some holes in the case to increase the apparent loudness 
of the sounder. 


Table 1 Test voltages available from batteries in series 








No. of batteries Voltage, nicads Voltage, dry cells 

7 8.4 10.5 
8 9.6 12 
9 10.8 13.5 

10 12 15 

11 13.2 - 

12 14.4 - 

13 15.6 - 








Parts list 





Resistors: all 0.25 watt, 5% tolerance 


R1 11 kilohms (kQ) - see text 
R2 1 kilohm (kQ) 
R3 1.2 kilohms (kQ) 
R4 18 kilohms (kQ) 
Semiconductors 
IC1 L7806 
IC2 LM3914 
IC3 Opto-isolator - Maplin code WL35Q 


D1-D3 3mm LED, orange 
D4-D7 3mm LED, green 
D8-D10 3mm LED, red 
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Additional items 
LS1 Piezoelectric sounder, wire leads 
6-pin DIL socket for IC3 
18-pin DIL socket for IC2 
Veroboard - two pieces for main and display boards, see text 
for sizes 


Veropins 

Heat sink for IC1 

Single-core insulated wire for links 

Insulated stranded wire for interconnecting the boards 
Case as required 





57 A 1750 Hz toneburst for 
repeater access 


Introduction 


Repeaters across the UK and much of Europe need an access tone to switch 
the transmitter from standby ready for use. Commonly, this is a 1750 Hz 
tone of duration no greater than half a second. Although many UK 
repeaters may now be accessed using the continuous tone-coded squelch 


system (CTCSS — see the RSGB Yearbook), you may wish to access a repeater 
whose CTCSS frequency you don’t know; in this case, using the universal 
1750 Hz tone will gain you access. Commercial transceivers are usually 
fitted with an automatic toneburst, but if you are using a home-made 
design, then you may want to incorporate this little circuit. 





Warning 


This circuit uses a member of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
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and can be completed destroyed if they come into contact with the 
magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
destruction has happened — all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 


1. Before you open the little packet in which the IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 


The circuit is safe from destruction while it is connected to the battery. 


Circuit description 


The circuit is shown in Figure 1. The tone is generated by an integrated 
circuit oscillator (IC1), whose frequency is controlled by a ceramic 
resonator, XL1. Its frequency is very high, and is divided down to the 
1750 Hz needed by the same chip. The ceramic resonator is designed to 
operate at 455 kHz, the intermediate frequency of many receivers. Because 
all divider circuits use powers of 2, we need the oscillator to run at 448 kHz 
so that when it is divided by 256 (256 = 2°), we end up with 1750 Hz. Try 
it on your calculator: 


448 000 
256 


= 1750. 


Ss! 
(see Fig 3} 





Figure 1 Toneburst module, 
circuit diagram @Rsce ov167 
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Structure & Flow 


Basic Program Structure 
void setup() { 
// Runs once when sketch starts 
} 
void loop() { 


// Runs repeatedly 


} 


Control Structures 
if (x <5) { } else { 
while (x <5) { ... } 
for (int i = 0; i < 10; i++) { 
break; // Exit a loop immedi 
continue; // Go to next 
switch (var) { 
case 1: 


break; 
case 2; 
break; 
default: 


unction Definitions 
ret. type> <name>(<params>) { ... } 
b.g. int double(int x) {return x*2;} 


Operators 


General Operators 
assignment 
add 
multiply 
modulo 
equal to 


ess than 


greater than or equal 


Compound Operators 
increment 
decrement 
com 


compe 


compound 
compound 


bitwise 
bitwise not 


shift right 


Pointer Access 
& reference: get a pointer 


* dereference: follow a pointer 


Variables, Arrays, and Data 


Data Types 


unsigned long 

float 3.4028e+3 
double currently s 
void i.e., no ret 


Strings 
char stri[8] = 
{'A','r','d 


fi 


*,'n',‘0', '\@"}; 

Includes termination 

char str2[8] = 
Cas" n 


/ 


,'u',*i','n','o'}; 

/ Compiler adds null termination 
char str3[] = "Arduino"; 

char str4[8] = “Arduino”; 


Numeric Constants 

123 decimal 

@b@1111011 binary 

0173 octal base 8 

@x7B hexadecimal base 16 
123U force unsigned 

123L force 1 

123UL force unsigned 

123.8 f e floating poi 
1,23e6 .23*10°6 1230€ 


Qualifiers 

static persists between 
volatile in 
const read-only 
PROGMEM in flash 


AM (nice for I 


Arrays 

int myPins[] = {2, 4, 8, 3, 6}; 

int myInts[6]; // Array of 6 ints 

myInts[@] = 42; Assigning first 
ex of myInts 

myInts[6] = 12; RROR! Indexes 


2 though 5 


Built-in 


Pin Input/Output 
Digital I/O - pins @-13 A@-AS 
pinMode(pin, 
(INPUT, OUTPUT, INPUT_PULLUP]) 
int digitalread(pin) 
digitalwrite(pin, [HIGH, LOW]) 


Analog In - pins A@-A5 
int analogRead(pin) 
analogReference( 
(DEFAULT, INTERNAL, EXTERNAL]) 


PWM Out - pins 35691011 
analogWrite(pin, value) 


Advanced 1/0 

tone(pin, freq_Hz) 

tone(pin, freq_Hz, duration_ms) 

noTone(pin) 

shiftOut(dataPin, clockPin, 
[MSBFIRST, LSBFIRST], value) 

unsigned long pulseIn(pin, 
[HIGH, LOW]) 


Time 
unsigned long millis() 

// Overflows at 5@ days 
unsigned long micros() 

// Overflows at 70 minutes 
delay(msec) 
delayMicroseconds(usec) 


” 
a 


DIGITAL (PWM~) re 


Primary source: Arduino Language Reference 
http: //arduino.cc/en/Reference/ 


Functions 


Math 
min(x, y) max(x, y) abs (x) 
sin(rad) cos(rad) tan(rad) 
sqrt(x) pow(base, exponent) 
constrain(x, minval, maxval) 
map(val, fromL, fromH, tol, toH) 


Random Numbers 

randomSeed(seed) // long or int 
long random(max) // @ to max-1 
long random(min, max) 


Bits and Bytes 

lowByte(x) highByte(x) 
bitRead(x, bitn) 
bitWrite(x, bitn, bit) 
bitSet(x, bitn) 
bitClear(x, bitn) 
bit(bitn) // bitn: 


Type Conversions 
char(val) 
int(val) 
long(val) 


byte(val) 
word(val) 
float(val) 


External Interrupts 

attachInterrupt(interrupt, func, 
[LOW, CHANGE, RISING, FALLING]) 

detachInterrupt(interrupt) 

interrupts () 

noInterrupts() 
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Libraries 


Serial - comm. with PC or via RX/TX 
begin(long speed) // Up to 115200 
end() 

int available() 

int read() // -1 if none available 
int peek() // Read w/o removing 
flush() 

print(data) printlin(data) 
write(byte) write(char * string) 
write(byte * data, size) 
SerialEevent() // Called if data rdy 


SoftwareSerial.h - comm. on any pin 

SoftwareSerial(rxPin, txPin) 

begin(long speed) Up to 115200 

listen() // Only 1 can lister 

isListening() / at a time. 

read, peek, print, printin, write 
Equivalent to Serial library 


EEPROM.h - access non-volatile memory 
byte read(addr) 
write(addr, byte) 
EEPROM[ index] / Access as array 
Servo.h - control servo motors 
attach(pin, [min_uS, max_uS]) 
write(angle) / @ to 180 
writeMicroseconds(uS) 

/ 1000-2000; 1500 is midpoint 
int read() // @ to 188 
bool attached() 
detach() 


Wire.h - I?C communication 
begin() // Joi 
begin(addr) // Join a slave 
requestFrom(address, count) 
beginTransmission( addr) 

send(byte) 

send(char * string) 

send(byte * data, size) 
endTransmission() 

int available() // #bytes available 
byte receive() // Get next byte 
onReceive(handler) 

onRequest (handler) 


a master 


by Mark Liffiton 
BY SA 


Adapted from: 
- Original: Gavin Smith 
- SVG version: Frederic Dufourg 
- Arduino board drawing: Fritzing.org 
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Figure 2 Veroboard 
component layout 
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We use C1, C2 and R1 to pull the frequency of the oscillator away from 
455 kHz to 448 kHz. The divider chain has eight counters in it, and each 
counter divides the frequency of the signal it sees by two, giving the final 
division of 256. 


This counting process can be stopped at any time by taking the voltage on 
the reset pin (pin 12) up to the supply voltage. When the circuit is switched 
on by closing $1, pin 12 is at 0 V because C3 is discharged. The oscillator 
runs, producing the output frequency of 1750 Hz. As time progresses, C3 
charges up through R2 and the voltage on pin 12 rises. When this has risen 
sufficiently, and in a time determined by the values of C3 and R2, the 
counter resets and stays in the reset state; no division takes place and there is 
no output. The duration of the toneburst is thus governed by C3 and R2. 


When S1 is opened, the circuit is switched off, and C3 is discharged through 
D1 and R3, ready for the next toneburst. If you have used a repeater, you 
will know that a toneburst is needed only to activate a repeater in the 
standby condition; it is not needed once a contact has been established. 


VR1 adjusts the amplitude of the tone fed to the microphone, and C4 
prevents any voltage that may be present on your microphone connector 
from damaging the integrated circuit. 


Construction 


The prototype circuit was built on Veroboard of the copper-strip variety, 
measuring 20 holes by 14 strips. The layout is shown in Figure 2. Make the 
track cuts first, and check that there are no slivers of copper wedged 
between adjacent tracks. Then, solder in the IC socket (with the notched end 
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Figure 3 Toneburst module: 


two alternative switching 
arrangements 


A 1750 Hz toneburst for repeater access 


facing towards track A), the wire links and the three Veropins. Having done 
this, solder in the resistors, capacitors and diode, making sure that D1 and 
C3 are the right way round! Using your best soldering technique, solder in 
the ceramic resonator quickly, to prevent heat damage. Recheck your 
circuit, check for solder splashes and bridges, and then gently insert IC1 into 
its socket, matching up its notch with that of the socket. 


Testing 


Set VR1 to half-way and connect a crystal earpiece to the output; apply 
power to the circuit. You should hear the tone, lasting for about half a 
second. If there is no tone, disconnect your circuit from the power supply, 
and check for dry joints in the vicinity of pin 12. Is the diode, D1, the correct 
way round? Is C3 the correct way round? Did you choose to ignore the 
CMOS safety precautions given earlier? 


Once the circuit is working, you need to decide how you are going to 
connect it to your transmitter. Two options are shown in Figure 3. If you 
have access to a point in your transmitter circuit that has between 9 V and 
12V positive on it during transmit, you can use this to power your circuit. 
As the toneburst is needed only for repeaters, the switch, $1, disconnects it 
when not needed, as shown in Figure 3a. If you want the circuit to be self- 
powered, then a 9 volt PP3 battery may be used; Figure 3b shows this 
configuration. 
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The output from the circuit board is fed directly into the microphone socket, 
in parallel with the microphone itself; use thin coaxial or screened cable for 
this lead, or you may induce hum into the microphone circuit and suffer 
from RF breakthrough into the audio circuits. To adjust the setting of VR1, 
start with it at the zero output position and connect a dummy load to your 
transmitter. Slowly, increase the output while monitoring your transmitted 
signal on another nearby receiver. Make sure you do not increase the output 
so far that the signal sounds distorted. If you would prefer that the tone was 
on continuously while you made this adjustment, simply connect a wire 
across C3 remembering, of course, to remove it as soon as you have 
completed the test! 





Parts list 





Resistors: all 0.25 watt, 10% tolerance (or better) 


R1 1 megohm (MQ) 
R2 150 kilohms (k®) 
R3 12 kilohms (kQ) 


VR1 10 kilohms (kQ) horizontal preset 


Capacitors: all 16 V WKG or higher 
C1, C2. 1 nanofarad (nF) disc ceramic 
C3 4.7 microfarad (wF) tantalum bead 
C4 47 nanofarads (nF) disc ceramic 
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Semiconductors 
IC1 4060 
D1 1N4148 


Additional items 
XL1 XR455 
Veroboard (see text for size) 
Veropins (3) 


S1 Switch (momentary action push-to-make SPST) 
16-pin DIL socket for IC1 
Single-core insulated wire for links 
Coaxial or screened cable for microphone connection 





58 A circuit for flashing LEDs 


Introduction 


There are many occasions when one’s attention needs drawing to the fact 
that something important has happened. A single red light coming on is 
seldom sufficient to attract attention, particularly if it is surrounded by 


other lights and indicators. The eye is known to be very sensitive to changes 
in its peripheral vision; such changes can be brought about by movement 
or by differences in light level — a flashing light, for example. So, a circuit 
that flashes a single LED or a pair of LEDs finds plenty of uses in the 
amateur station. 





Warning 


This circuit uses a member of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
and can be completed destroyed if they come into contact with the 
magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
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destruction has happened — all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 


1. Before you open the little packet in which the IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 


The circuit is safe from destruction while it is connected to the battery. 
However, when the battery is removed, the same care should be exercised 
with its handling, because there is no supply decoupling capacitor across 
the IC. 


Basic description 


LEDs can be made to flash (switch on and off) by driving them from sources 
that switch on and off. Such a source is an astable multivibrator. If you have 
built or read about A basic continuity tester, elsewhere in this book, you will 
have come across such a beast before. That circuit used an astable 
multivibrator made from two transistors. This new circuit achieves the same 
behaviour from a single integrated circuit, the CMOS 4011. To give it its 
full description, the 4011 is a quad 2-input NAND gate. Quite a mouthful, 
but all it means is that inside the chip are four NAND gates, each with two 
inputs. 


A NAND gate needs a positive voltage (known as a logic 1) on both inputs 
in order to produce zero volts (known as logic 0) at the output. Two NAND 
gates can be connected, as are A and B in Figure 1, to make our astable 
multivibrator. The combination of A and B has been described as the most 
perverse circuit in electronics; as soon as the output goes to logic 1, the 
circuit decides that it would prefer to have a logic 0 there, and switches over. 
With logic 0 at the output, the circuit now prefers to have logic 1 there, and 
so it goes on! We are going to use this continuous switching backwards and 
forwards to flash two LEDs. The rate at which A and B ‘change their minds’ 
is the frequency at which our LEDs will flash, and is controlled by the 
charging and discharging times of C1 through R2 and C2 through R1. As 
the values of R1 and R2 are the same, and those of C1 and C2 are the same, 
the ON and OFF states of the circuit are the same. 


Gates C and D do not contribute to the flashing action; they act as buffers 
to isolate the LEDs from the multivibrator circuit itself. You will find in 
electronics that an oscillator is seldom used to drive another device directly; 
there is usually a buffer between it and the stage it drives. 


Figure 1 Flashing LEDs, 
circuit diagram 


A circuit for flashing LEDs 
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A characteristic of all multivibrators, astable or not, is that they have two 
outputs. In this case, those outputs are at pins 3 and 10, which are then 
buffered and appear at pins 4 and 11, respectively. When one output is at 
logic 1, the other is at logic 0, and vice versa. This means that LED1 is off 
when LED2 is on, and LED1 is on when LED2 is off, the two states 
switching backwards and forwards at the frequency of the oscillator. 


Construction 


Read the warning at the beginning of this article again. It is not intended to 
scare you off from building this, but is a genuine piece of advice which can 
save you time and irritation when all your labours result in a circuit that 
doesn’t work! That extra bit of care can make all the difference! 


Veroboard (the copper strip type) is used for the layout, shown in Figure 2. It 
measures 20 holes by 12 strips. Be aware that there is no row ‘I’ in the layout, 
so don’t miscount when you are placing components on the board! 


Firstly, cut the tracks using a 3 mm (% inch) twist drill held between thumb 
and forefinger; check that there are no slivers of copper bridging any of the 
tracks, and that the tracks have been completely cut by the drill. Solder in 
the components carefully. Leave the IC in its carrier for the time being, and 
solder in the IC socket, with the notched end facing row A. On completion, 
check the circuit carefully. If you are happy that it is correct, follow the 
instructions given earlier and fit IC1 into its socket, matching up the two 
notches. Connect the battery and switch on. The two LEDs should flash on 
and off alternately. If only one LED flashes, you have probably connected 
the other one the wrong way round. Switch off, check and correct if 
necessary. If neither LED flashes, you must have a significant error in your 
circuit, which will need checking again! Or did you choose to ignore the 
handling precautions for the CMOS chip? 
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Figure 2 Flashing LEDs, Component side of nD ©nses ove 
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The board can be mounted near to the point where you want your flashing 
LEDs to be seen, although long leads to the LEDs are acceptable. The LEDs 
can be different colours — it’s all up to you now! 


Parts list 





Resistors: all 0.25 watt, 10% tolerance or better 
Rl, R2 4700 ohms (Q) 
R3, R4 1 kilohm (kQ) 


Capacitors 
C1, C2 47 microfarads (wF) 12 V WKG 


Semiconductors 
IC1 4011 


Additional items 
LED1, LED2 Any size of LED, any colour 
S1 SPST on/off 
Plastic box if needed, 8.5 by 5 by 2.5cm 


Source 





Components are available from Maplin. 
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Figure 1 Switches and lamp 
AND gate 


Introduction 


Logic circuits form the backbone of even the most advanced computer, yet 
their basic operation can be demonstrated by a couple of switches, a 
battery and a bulb. 





Logic using switches 


Everyone reading this article will look at Figure 1 and know immediately 
how it works and be able to write down something like ‘When switch A and 
switch B are closed, the light will come on’. Without knowing it, you have 
written down a logic statement involving the so-called AND operation; the 
light comes on only when switches A AND B are ON. Below the circuit in 
Figure 1, is a table showing the only possible positions of the two switches 
and the state of the bulb for each position. This is called a truth table, and 
is frequently used in logic analysis. 


Switch Switch 





RSGB DY182 


Figure 2 shows a different circuit. Here, the two switches are in parallel 
rather than in series, as was the case in Figure 1. Again, if you analyse the 
circuit in words, you would say that the light will be on when switch A OR 
switch B is ON. This is an example of the OR operation, and its truth table 
is shown in Figure 2. The statement above is not complete, however; can 
you see why? The truth table will show you. The light comes on if A is ON, 
OR if B is ON, OR if A AND B are both ON. That third condition is easy 
to miss, but don’t worry about it! 
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Figure 2 Switches and lamp 
OR gate 
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Believe it or not, some very complicated logic is possible (in theory) using 
switches and lights, but it is highly impractical and would be very slow. This 
is where electronic logic circuits come in. 


Switches with no moving parts 


You may have come across projects in this book where a statement is made 
such as ‘... the transistor is being used as a switch .. .’. Transistors can be 
used as switches, as were thermionic valves in the world’s first pro- 
grammable computer Colossus, at Bletchley Park. However, technology has 
moved on from valves, through transistors to logic gates, combinations of 
electronic switches designed specifically to perform logic functions. 


These act on voltage levels as their inputs and produce changes in voltage 
levels as their outputs. A positive voltage is called logic 1, and corresponds 
to a switch being ON in our previous descriptions; a zero voltage is called 
logic 0, and corresponds to a switch being OFF. The output from a logic 
gate (normally labelled Q) is also logic 1 or logic 0, corresponding to our 
light being ON or OFF, respectively, in our switch analogy. 


Many logic devices operate from a stabilised 5 V supply, and this determines 
the ideal voltages corresponding to the two logic states: 


logic 0 = OV, 
logic 1 = SV. 


The world isn’t an ideal place, so the real voltage ranges used by the logic 
gates are: 


logic 0 = 0.0 to 0.4 V, 
logic 1 = 3.0 to 5.0V. 


Figure 3 Electronic AND 
gate 


Figure 4 Electronic OR gate 


Digital logic circuits 


The AND circuit of Figure 1 is now called an AND gate, and requires logic 
1 inputs on A AND B to produce a logic 1 at the output. Figure 3 shows this. 
The truth table is identical with that of Figure 1 — logic 1 replaces ON and 
logic 0 replaces OFF. Now compare Figure 2 with Figure 4 — circuits and 
truth tables for the OR function. Again, we have exact similarity. 
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There is another very common logic gate, which performs the NOT 
function. It is easy to understand. Just ask yourself the question ‘What is 
NOT logic 0?’, and the answer is obviously ‘logic 1’. Similarly, logic 0 is 
NOT logic 1. A NOT gate simply changes the logic state of the input; it is 
also known (because of this behaviour) as an inverter. Its symbol and truth 
table can be found in Fig 5. Note the little circle on the output of the gate 
in Figure 5. In logic circuits, this symbol always implies inversion, or the 
presence of a NOT gate. Keep an eye open for it! 


So far, the logic functions we have discussed have all been words which we 
use in everyday language, which has made the electronic interpretation of 
them relatively easy. Now we must introduce a function for which there is 
no analogy in normal speech - the NAND function. This means a 
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combination of an AND gate and a NOT gate, and the sharp-eyed reader 
will have spotted the little circle added on to the normal AND gate symbol 
in Figure 6! 


To make things easier to understand, the truth table in Figure 6 has four 
columns, not three as in previous tables. The third column is the standard 
AND output — compare it with the third column in Figure 3. That is the 
output from the AND gate before it encounters the little circle that inverts 
it, so the final output from the NAND gate is the output of the AND gate, 
inverted! The third and fourth columns are the inverse of each other. 





Figure 6 Electronic NAND 
gate 





Inputs 








Figure 7 Electronic NOR 
gate ©nrsce Dy187 
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We can add the inverting operation to the output of an OR gate also, 
producing a NOR gate! The symbol and its truth table are shown in Figure 
7. Again, notice that the final output is that of the ordinary OR gate, 
inverted! 


These new functions of NAND and NOR are used more than the AND and 
OR functions because it makes other circuits easier to design using 
combinations of these gates. 


A taste of Boolean algebra 


The design of circuits using combinations of logic gates usually begins with 
a little mathematics, where the functions to be implemented are analysed. 
The mathematics used is surprisingly simple, and is a slightly changed 
version of ordinary algebra called Boolean algebra, which allows manipula- 
tion of logic functions to be made. Normal algebra has operations in it such 
as addition, subtraction and multiplication and division. The mathema- 
tician Boole found that the logical AND operation could be handled by the 
algebraic operation of multiplication (symbols x or ©), and the OR 
operation by the algebraic operation of addition (symbol +). The NOT 
operation involved a new symbol, that of a bar over the input being 
inverted, such as A. 


So, our five basic logic operators can now be written in a mathematical 
form: 


AND O=AxB 
OR O=A+B 
NOT Q=A 

NAND Q=AxB 
NOR OQ=A+B. 


Using logic operations in a mathematical form enables the most complex 
logic to be designed, simplified and converted into circuit diagram form in 
a very efficient and rapid way. There are more logic operators than the five 
we have considered here but, in general, they can all be broken down into 
combinations of these gates alone! 
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60 A resistive SWR indicator 


Introduction 


When a transmitter produces some output power, we want to make sure 


that as much as possible of this power is radiated by the aerial. This often 
requires the use of an aerial tuning unit (ATU), which matches the aerial 
impedance to that of the transmitter. 





How do you know when this matching has been achieved? The most usual 
way is to use a standing-wave ratio (SWR) indicator. If the impedance of the 
aerial does not match that of the transmitter output, some of your 
transmitter power (also known as the forward power) is reflected back 
along the aerial feeder and back into the transmitter, where it causes excess 
heating. The forward and reflected waves interact along the feeder to 
produce a wave whose position remains constant, and which is therefore 
called a standing wave or a stationary wave. An SWR meter simply indicates 
forward power and reflected power, and adjustments are made to your ATU 
until the reflected power is as small as possible (ideally zero, of course). If 
there is no reflected power then, by a process of elimination, all your 
forward power is reaching the aerial! 


Sampling the RF 


Whatever type of SWR indicator you use, it must use some sort of sampling 
circuit to pick up the forward and reflected waves. The project A standing- 
wave indicator for HF, elsewhere in this book, uses a toroidal transformer 
to separate the readings for the forward and reverse waves. This design 
differs in that it measures the voltages across resistors through which the RF 
current is passing. Its advantages are: 


(a) it uses cheap parts — four resistors, two capacitors and a diode, together 
with a rotary switch, a surplus meter, a preset potentiometer and two 
sockets; 

(b) within this SWR indicator, there is always a resistive path for the RF 
current from the transmitter, formed by R1, R2 and R3; this can prevent 
damage to simpler home-made transmitters, which may be damaged 
during adjustment of the ATU when using more conventional SWR 
indicators. 
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Figure 1 Resistive SWR 
meter, circuit diagram 


A resistive SWR indicator 


The only disadvantage of this form of indicator is that it must be switched 
out of circuit once the ATU has been adjusted for a particular band. 


Construction 


The SWR indicator is very simple to build, as most of the components can 
be mounted on the back of the 3-way rotary switch. This is shown in Figure 
1. The switch is a 4-pole, 3-way rotary type, of which only two poles are 
used. 








Input 1 { Output 
trom to 
transmitter antenna 
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Because the other switch contacts are not being used, they can be employed 
as support tags for other components. The ground wires are all soldered on 
to the metal frame of the switch. If your switch frame is of all-plastic 
construction, then a 12 SWG copper wire run around the switch will make 
a good earth connection to the metal case for the leads shown in Figure 1. 
The preset potentiometer used to control the sensitivity of the circuit can be 
mounted directly on the meter tag. 


Resistors R1, R2 and R3 handle the RF power during the tuning-up process. 
If you have them, use 1 watt resistors; otherwise, you can use two 100 ohm 
half-watt resistors in parallel for each of R1, R2 and R3. The meter, M1, can 
be any DC type of sensitivity around 200 pA. 


In use 


First, find a clear frequency, and without the indicator in circuit, check that 
the frequency really is clear by asking and identifying yourself. If it is, 
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connect the indicator between the transmitter and the ATU which, in turn, 
is connected to your aerial. Turn SW1 to the SET position and key the 
transmitter. Adjust VR1 until the meter reads full scale. Switch off the 
transmitter. Turn SW1 to the REF position and key the transmitter again. 
Adjust the ATU until the lowest reading is obtained on the meter. Switch off 
the transmitter. For the chosen frequency, you have adjusted your ATU for 
minimum reflected power and hence the lowest SWR. You will need to 
repeat the process when you change bands, and possibly when you change 
frequency within the same band. Switching SW1 to the OUT position, you 
are ready to transmit. You may have noticed that it is good practice to 
switch the transmitter off when operating SW1. Get into that habit! 


Parts list 





Resistors 
R1, R2,R3 47 ohm (Q) 1 watt (or 2 x 100 Q, 4 watt, see text) 
1 kilohm (kQ) 0.25-watt 
10 kilohms (kOQ) preset 


Capacitors 
Cl 1 nanofarad (nF) 
C2 10 nanofarads (nF) 


Semiconductors 
D1 1N914 or similar 


Additional items 
SW 4-pole 3-way rotary switch, of which only 2 poles are 
used 
M1 200 pA DC 
Case 
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Figure 1 CW filter, circuit 
diagram 


An audio filter for CW 


An audio filter for CW 


Introduction 


This is a simple passive circuit (it has no power supply) that adds some 


audio selectivity for Morse code reception and also includes a very simple 
noise limiter that gives a visual indication of when noise spikes are being 
removed! 





The circuit 


Figure 1 shows the complete circuit. The tuned circuit of C1 and L1 resonates 
very close to 800 Hz, so initially you will have to tune a signal in carefully 
until it sounds loudest — you will soon be able to do this without thinking. The 
two LEDs connected back to back across the signal path act as a noise limiter, 
reducing the amplitudes of static crashes and noise from car ignition systems, 
etc. The LEDs blink when they conduct — this is not necessary to the operation 
of the circuit, but adds a little colour to your listening! The noise limiter does 
make listening more comfortable, though. 


Melis SW1 DPDT 
1 
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Construction 


The circuit layout is shown in Figure 2. Point-to-point wiring is used, with 
a small tag-strip being the only item used for the extra support of C2 and 
R1. The LEDs and $W1 support the other components. An aluminium box 
(Figure 3) is used to make the circuit tidy and usable. 
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Figure 3 CW filter, front 
panel “= Phones 


You must use low-impedance headphones for the circuit to perform 
properly. Plug the completed unit into the headphone socket of your 
receiver and adjust the volume so that the LEDs are just not blinking on 
normal audio. The unit should be switched out of circuit for speech 
listening; this is the purpose of the toggle switch, SW1. 
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Parts list 





Resistor 
R1 10 ohms (Q), 0.25 watt, 10% tolerance 


Capacitors 
Cl 470 nanofarads (nF) 
C2 100 microfarads (wF) electrolytic, 16 V WKG 


Inductor 
LI 82 millihenries (mH) 


Semiconductors 
D1, D2 LEDs 


Additional items 
SwW1 DPDT 
ji 3.5mm jack socket 
PL Jack plug to suit receiver 
Aluminium box, approx. 11 by 6 by 2.5cm 


Source 





Components are available from Maplin. 





62 An electronic die 


Introduction 


Throwing a die is a venerable way of generating a ‘random’ number between 
1 and 6. A die is easy to lose, so here is an electronic die-throwing circuit 


which brings the technique up to date and serves as another application of 
logic circuits. If you need a reminder of the basics of logic, refer to Digital 
logic circuits. 





Warning 


This circuit uses members of the integrated circuit family known as CMOS 
(complementary metal-oxide semiconductor). These use very little current 
and can be completed destroyed if they come into contact with the 
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Figure 1 Electronic dice, 
circuit diagram 
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magnitudes of static electricity that most of us carry about when we walk on 
carpets and wear rubber shoes. You will never know if this wanton 
destruction has happened — all you will discover is that your circuit doesn’t 
work and that you have tested everything. To avoid this problem do the 
following things: 


1. Before you open the little packet in which the IC is supplied, touch 
something which you know to be earthed — the metalwork of any 
equipment which is mains-earthed, for example. Then open the 
packet. 

2. Let the IC fall gently on the bench — don’t pick it out with your fingers. 
Touch your earthed metalwork again. Pick up the IC and insert it gently 
into its holder. 


The circuit is safe from damage while it is connected to the battery. 


Description 


The circuit is shown in Figure 1. ICla and IC1b form an astable 
multivibrator, similar to that used in ‘An LED Flasher’ also in this book. It 
runs constantly, and its output is fed to IC2 via a single NAND gate, IC1c. 
The other input of IC1c is held at 0 V by R3 and C3. Whenever one input 
of a NAND gate is logic 0 (or 0 V), there can be no output from the gate, 
irrespective of what is happening at other inputs. So, despite the fact that the 
oscillator (or clock) is running all the time, its square-wave output never 
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An electronic die 


reaches IC2 until the ‘other’ input of IC1c is brought away from logic 0. 
This happens when SW2 is pressed. Pressing SW2 momentarily, as is 
normally done, charges up C3 to 9 V, putting a logic 1 on the second input 
of IC1ic and allowing the clock signal through to IC2. As the switch is 
released, C3 begins to discharge through R3, gradually lowering the voltage 
on pin 8 of IC1c. As this voltage crosses 4.5 V (half the supply voltage), IC1c 
then treats this input as logic 0, which cuts off the clock signal from IC2 
again. Thus, when SW2 is momentarily pressed, the clock signal is fed to 
IC2 for a short interval of time, before being blocked again. 


IC2 is a binary counter, and the outputs that concern us are from pins 14, 
11 and 6. Pin 14 is the most significant bit and pin 6 the least significant bit. 
See the panel for an explanation of what happens here. 


To understand these outputs, you should be able to count in binary, 
using three bits. At the start of the counting process, all the bits have 
zero values, i.e. 000. The left-most bit is called the most significant 
bit, and the right-most bit is called the least significant bit. (When 
we write numbers normally, a number 1 in the left-hand position 
represents one hundred, 1 in the middle column represents ten, while 
the number 1 in the right-hand position means one. One hundred is 
a more significant number than one, hence the nomenclature.) 


The three bits of our binary number have values, from left to right, 
of 4 (=27), 2 (=2!) and 1 (=2°). This means that a number 1 in the 
left-hand column signifies the normal number four, in the middle 


column it would represent two, and in the right-hand column, it 
would represent one. This should help you understand the patterns 
of bits which emerge as the clock waveform is counted, as the next 
paragraph explains. 


As each cycle of the clock enters IC2, it increments its internal 
counter and the values of that counter are shown by the states of 
pins 14, 11 and 6. After the first pulse, these three pins would have 
states corresponding to 001; after the second, 010; after the third, 
011; after the fourth, 100; after the fifth, 101; after the sixth, 110. 
This sequence of 3-bit numbers represents a binary count from 1 to 
6 in ‘normal’ parlance. These six states are used to illuminate the 
conventional pattern of dots on a die, using LEDs. 





As the clock cycles are counted, the LEDs flicker as the die is ‘rolled’. 
Resistors R4 to R7 are used to limit the current through the LEDs. When the 
counter stops, it can be in any of the positions shown in Table 1. Because of 
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Table 1 Dice number relative to counter output 





Step Pins Dice number 





14 11 6 
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=s5454000 
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the way in which the dots are grouped on the faces of a die, the wiring of 
the LEDs is simpler than it might otherwise be. You can see from Figure 1 
that there are really only three sets of connections to the LEDs — one from 
each bit of the counter output. When pin 14 is at logic 1, four LEDs are lit, 
corresponding to the number four. For the number five, pins 14 and 6 will 
be at logic 1. For the number one, only pin 6 is at logic 1. For three, pins 11 
and 6 are at logic 1, for six, pins 14 and 11 are at logic 1, and for two, only 
pin 11 is at logic 1. These conditions are summarised in Table 1. 


Construction 


Two pieces of Veroboard (of the strip type) are needed — one for the main 
circuit (Figure 2) and the other for the display LEDs (Figure 3). The display 
board is easier to build, so we will do that first. It measures 20 holes by 18 
strips. 


Cut the tracks as shown in Figure 3, using a 3 mm (/inch) twist drill rotated 
between thumb and forefinger. Insert and solder the Veropins, resistors and 
the wire links. Then solder the LEDs in place, making sure their polarities 
are correct. The LEDs are mounted proud of the board (Figure 4, which will 
help when you come to fix the board into a case. 


The main board measures 32 holes by 18 strips. As before, remove the 
tracks in the places shown in Figure 2. Note that track ‘LV’ is not broken 
under the position for IC2. Solder in the IC holders and the links. Solder in 
R1 and R2 vertically, and R3 horizontally. Then solder in C1, C2 and C3; 
these all being electrolytics, check their polarities. Solder in the Veropins 
and prepare the connections to those components not on the main board, 
using stranded, insulated wire. Check the circuit carefully, and read the 
handling precautions given earlier before carefully inserting the two ICs. 


An electronic die 
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Figure 4 D7 lead bending 
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Testing and use 


When the circuit is switched on, it is likely that the centre LED only will be 
lit. Press SW/2, the ‘throw’ switch. All the LEDs should flicker, even after the 
switch is released, but only for a second or so. Then a standard pattern 
should show, signifying numbers between one and six. If this does not 
happen, switch off and check your circuit again. Are there any missing 
links? Are there any obvious dry joints (usually dull instead of shiny)? Can 
you see any solder bridges between tracks? Did you choose to ignore the 
handling precautions? If none of these results in a working circuit, try some 
fault-finding. 


@ Disconnect the lead to D7 on the main board (marked ‘to pin F1’ on 
Figure 2). Touch the lead on to the positive supply rail. D7 should light. 
Now transfer this lead on to pin 4 of IC1. If it flickers, then the oscillator 
is running (which it should). 

@ Transfer this lead to pin 10 of IC2. D7 should flicker when SW2 is 
pressed, but should be on permanently when it is released. This means 
that the correct signals are reaching IC2 from IC1. 

@ If one of the chains of LEDs (i.e. D1 and D2, D3 and D4, DS and D6) 
does not light, you may have one or both LEDs the wrong way round. 


When the die is working, you may care to experiment with the values of R1 
and R2, but you should keep their values the same, i.e. R1 = R2. The larger 
the values of these, the more slowly the die will appear to ‘roll’. 


Finishing touches 


On completion of the project, you will want to mount it in a smart case; any 
plastic box is suitable for this, with the display board mounted so that the 


An electronic die 


LEDs protrude through the top and are fixed to it using LED clips. The way 
in which you mount both boards to the case is entirely up to you. 


Parts list 





Resistors: all 0.25 watt, 10% tolerance, or better 
R1, R2 5600 ohms (Q) 
R3 15 kilohms (kQ) 
R4-R7 470 ohms (Q) 


Capacitors 
C1, C2 1 microfarad (pF) electrolytic, 16V WKG 
C3 68 microfarads (wF) electrolytic, 16 V WKG 


Semiconductors 
IC1 4011 
IC2 4029 
D1-D7 LEDs, any size and colour 


Additional items 

SW1 On-off switch SPST toggle 

SW Push-to-make, non-latching 
Veroboard, 2 pieces, see text for sizes 
Veropins, 10 
Stranded insulated wire for general wiring 
Single-core insulated wire for links 
PP3 battery clip 
PP3 battery 
Plastic box to suit 
LED mounting clips (7) 
Means of mounting boards to box 


Source 





Components are available from Maplin. 
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63 The absorption wavemeter 


Introduction 


The purpose of the absorption wavemeter is to check that a transmitter is 
radiating within the correct waveband, and to detect any spurious 
harmonic emissions. A harmonic frequency is an integral multiple of the 
carrier frequency — e.g. if the carrier is at a frequency f, the harmonics are 
at frequencies 2f, 3f, 4f ... and so on. 


It can also be employed as a relative field-strength indicator, being used in 
experimentation with aerials. What it cannot do is to measure the 
transmitted frequency accurately; all it can do is to place the signal within 
a particular band, say the 7MHz or the 18MHz band (or their 
harmonics). 





How it works 


You may recognise the circuit of Figure 1 as a crystal set with a meter 
replacing the headphones. It is simply the parallel combination of an 
inductance with a variable capacitance, which constitutes a resonant circuit 
with a variable frequency. A dial on the variable capacitor can be roughly 
calibrated with frequency. The fixed capacitor across the meter helps to 
improve the meter reading by making it read the peak value of the carrier 
wave rather than the average value. 


sla @RScB OY210 


We 
Y Tuned 


1 circuit 4) 
Diode 


Heter 


Figure 1 Absorption 
wavemeter circuit 
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The absorption wavemeter 


When the wavemeter is situated in the vicinity of a relatively strong radio- 
frequency (RF) field, the inductor absorbs a small amount of energy from 
that field. If the circuit is resonant at the same frequency as that of the 
transmitter, an RF voltage is produced across the coil and is proportional to 
the strength of the RF field. The RF voltage is rectified, or detected (turned 
from AC into DC) by the diode and the second capacitor, and is displayed 
by the meter. 


The tuned circuit 


The formula for calculating the resonant frequency of a coil and capacitor 
is relatively simple. It is 


f 1 
> 2nJLC’ 


where f is the resonant frequency (Hz), 
L is the inductance (H), and 
C is the capacitance (F). 


If this formula puts you off, there is this slightly easier version: 


159 


Se. 

where f is the frequency in MHz, 
L is the inductance in microhenries (wH), and 
C is the capacitance in picofarads (pF). 


When a variable capacitor is specified, it is usual to quote its maximum 
capacitance, i.e. the value when the vanes are fully meshed. When the value 
of the capacitor is small, it is usual to quote its minimum capacitance also, 
the value when the vanes are fully open. If you use a variable capacitor of 
10-100 pF with a 100 pH inductor, you will use the value of 10 pF to 
calculate the maximum resonant frequency, and the value of 100 pF to 
calculate the minimum resonant frequency, giving a tuning range of 
1.6 MHz to 5 MHz. Check it yourself! 
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Figure 1 HF absorption 
wavemeter, circuit diagram 
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wavemeter 


Introduction 


An absorption wavemeter is basically a simple tunable detector circuit, 
such as would be used in a crystal set, but with the headphones replaced 
by a meter, in order to indicate the strength of the received signal. 





The circuit 


Figure 1 shows the circuit of the wavemeter. It is designed to cover all the 
HF bands from 1.8 MHz to 28 MHz in four switchable ranges. There is no 
built-in method of amplification, so a sensitive meter is needed in order to 
indicate sufficiently using the available absorbed energy. The meter does not 
need calibrating, it serves to produce only an indication of the absorbed 
power, vot its absolute value. 


An absorption wavemeter does not have outstanding selectivity, mainly 
because of the loading effect of the meter. This problem is ameliorated here 
(but only slightly) by the inclusion of R1 in series with the meter. It gives 
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An HF absorption wavemeter 


improved selectivity at the expense of a slight loss of sensitivity. The 
appearance of capacitor C1 across the meter is discussed in The Absorption 
Wavemeter, in the previous section. 


Coils 


These can be purchased (see the parts list) or hand-wound on short lengths 
of PVC water pipe or conduit, and the coil-winding details are given in 
Table 1. In theory, the 100 pF tuning capacitor would cover all the HF 
bands with only three coils, omitting the 22 wH coil. Sample calculations are 
explained in the previous article. However, its inclusion avoids the common 
problem of having some bands cramped at the extreme edges of the tuning 
scales. 


Table 1 Close-wound coil values 





L (pH) No of turns Span (mm) SWG 





PVC FORMER OF OUTSIDE DIAMETER 25 mm 


2.2 9 9 20 
10 24 24 20 
22 44 44 20 

100 110 60 26 


PVC FORMER OF OUTSIDE DIAMETER 20 mm 


2.2 10 10 20 
2.2 9 5 26 
10 32 32 20 
10 24 12 26 
22 63 62 20 
22 41 21 26 
100 134 70 26 


PVC FORMER OF OUTSIDE DIAMETER 19 mm 


2.2 11 11 20 
2.2 9 5 26 
10 35 34 20 
10 25 13 26 
22 68 67 20 
22 44 22 26 
100 157 79 26 
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Construction 


Hand-wound coils, using 19-25mm PVC formers, have single-layer 
windings, with their ends secured by threading the wires through two small 
holes drilled in the formers at each end of each winding. 


You may have wondered about the use of the two-pole switch $W1, as all 
the lower ends of the coils are grounded anyway. The answer lies in the ease 
of construction. Each coil can be mounted on the tags of the switch for 
support. If you are using the commercial coils, they are small enough to be 
accommodated on a miniature rotary switch; a larger rotary switch is 
required for hand-wound coils. The specification of a 6-way switch allows 
for the addition of extra frequency ranges at little extra cost. Rotary 
switches such as the 2-pole, 6-way variety have an adjustable end-stop 
which allows the number of ways to be set anywhere between 2-ways and 
6-ways. Remove the nuts from the switch, and a ‘washer’ will fall out. It is 
not a washer, really, and has a little piece of metal bent over at right angles 
to the washer. This fits into one of 12 holes in the body of the switch, and 
prevents the shaft from turning through 360° and selecting the number of 
ways. 


Calibration 


This process needs a commercial amateur-bands transceiver, if it is to be 
done quickly and accurately. 


@ Connect the transceiver to a dummy load, and connect a piece of flexible 
wire from point A in Figure 1 and wrap two or three turns around the 
cable between the transceiver and the dummy load. 

e@ Turn the transceiver power level control to minimum, and set the 
frequency at 1.81MHz and the mode to FM or AM. Switch to 
transmit. 

@ With the wavemeter set to its lowest frequency range (i.e. 1.8-3.5 MHz), 
rotate the tuning capacitor until maximum deflection is obtained from 
the meter needle. Write the frequency on the inner ring of the wavemeter 
scale at that point. 

@ Switch off and retune the transmitter to 3.5 MHz. Repeat the above 
process. 

@ Repeat, using switch range 2 for 3.5, 7 and 10 MHz, range 3 for 7, 10 
and 14 MHz, and range 4 for 14, 18, 21, 24 and 28 MHz. 


An alternative source of calibration signal could be an HF signal generator, 
with a single-turn loop of wire at the remote end of its cable, and the wire 
from the wavemeter brought close to the loop. 


Remember that the marks on the scale represent frequency bands, not 
precise frequencies. 


An HF absorption wavemeter 


Extending the range 


If you would like to experiment with increasing the range to the lower VHF 
band, then 50 MHz should be achievable with an additional self-supporting 
coil (no former). Try three turns of 20 SWG enamelled copper wire of 
25 mm ID (internal diameter). Wind it on some 25 mm PVC pipe, as before, 
then slide out the pipe! The same result could be achieved with four turns 
of 19 or 20mm ID, or 12 turns of 7.1mm ID. 


Parts list 





Resistor 
R1 


Capacitors 
C1 
vCcl1 


Inductors 


2200 ohms (Q) 0.25 watt, 10% tolerance 


1 nanofarad (nF) min. ceramic 
100 picofarad (pF) variable 


100 microhenries (4H) 
22 microhenries (jwH) 
10 microhenries (wH) 
2.2 microhenries (4H) 


Semiconductors 


D1 


Germanium OA91 or 1N4148 


Additional items 


SW1 





Rotary 2-pole, 6-way 

Moving-coil meter, 50 or 100 pA FSD (any meter 
of this sensitivity will do) 

Plastic box, approx. 150 by 80 by 50mm 
Connecting wire, coloured 
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65 A vertical aerial for 70 cm 


Introduction 


If the range of your hand-held transceiver is very limited, what you need is a 
vertical aerial mounted outside. This design is a half-wave dipole fed at the 
end instead of the middle. Because the impedance of the dipole is high at its 


ends (and low in the centre), a matching circuit is needed so that this high 
impedance can be matched to that of the low-impedance coaxial cable. All 
that is needed is a coil, which increases the electrical length of the aerial to 
%-wavelength. (Note that the electrical length (i.e. the length as it appears to 
an RF signal) is not necessarily the same as the actual length.) 





Construction 


The aerial element and the coil are made from a single piece of 1.5mm 
welding (brazing) rod, and the dimensions are given in Figure 1. Wind the 
coil around a 4mm rod or the shank of a twist drill. The lower end is filed 
to a point and then soldered into the centre conductor of a 4-hole panel- 
mounting BNC socket. (Try to obtain a good-quality BNC socket with 
PTFE insulation — the insulation of cheaper sockets is easily damaged.) Trim 
the element to 427 mm (top of element to top of coil) after the wire has been 
soldered to the socket. 


The base coil causes the aerial to be rather ‘whippy’, so a piece of 5mm 
plastic knitting needle can be cut to the length of the coil and then forced 
into it. 


The radials are made from four lengths of 3 mm welding rod. These are bent 
and soldered into the four mounting holes of the socket, and then cut to the 
lengths shown in Figure 1. 


Testing 


Using a standing-wave-ratio (SWR) meter connected between your aerial 
and the transceiver, measure the SWR (or obtain some indication of the 
reflected power) on transmit. If it is greater than 1.5, switch off the 
transmitter, trim about 3mm off the end of the element, and try again. 
Repeat the process until the measured SWR (or the reflected power) is as 
low as you can get it. 
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Figure 1 Construction of the 
70cm antenna 
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Installation 


The aerial is made waterproof by enclosing it in a 22mm diameter PVC 
waste water pipe. It is ‘weldable’, and available at plumbers’ merchants, 
usually by the metre. A coupler is slotted to take the radials (Figure 1). File 
the BNC socket as required, so that it slides inside the coupler until the 
radials poke out of the slots. Cut a length of plastic tubing which is 30 mm 
longer than the aerial, and push it into the coupler. You will then need a 
plastic bung or screw-top to waterproof the top end. 
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Plastic welding solution is now applied to the joints, sealing the aerial inside 
the tube. The coupler has been weakened as a result of making the slots, so 
it is worthwhile applying PVC tape around this joint until the welding 
solution sets. 


A support for the aerial is made from an off-cut of tube pushed into the 
lower end of the coupler and held with a self-tapping screw. 


Parts list 





4-hole panel-mounting BNC socket 

3mm brazing rod (may be available from a small garage) 
1.5mm brazing rod 

22mm PVC waste water pipe 

22 mm straight coupler 

Plastic welding solution 





A UHF corner reflector 
aerial 


Introduction 


The corner reflector is a well-known design and is capable of good 
performance on the VHF and UHF bands. At UHF, the practical 
implementation of the corner reflector is an ideal constructional project. 





Some details 


Expressed quite simply, the aerial consists of a } dipole (where d is the 
standard symbol for wavelength, making a ‘% dipole’ a half-wave dipole). 


Figure 1 70cm corner 
reflector antenna 


A UHF corner reflector aerial 


Nothing new in that, you might say. However, the interesting feature is the 
reflector, which is not the usual single element, but a 90° metal ‘corner’, 
acting rather like a parabolic dish as used for satellite signal reception. The 
wind resistance of this type of reflector makes it impractical so, to reduce 
the ‘windage’ quite significantly, we make the ‘corner’ from closely spaced 
rods, as illustrated in Figure 1. 
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The reflector consists of a number of 0.6\ rods, spaced from each other by 
0.1X. The aerial frame can be made of metal or wood, but wood is easier to 
work with, and mounting the elements to the frame is simpler. The 
prototype was made with wood of 20 mm by 15 mm cross-section, as Figure 
2 shows. The wood was varnished for protection. The elements were made 
from 1.5mm diameter copper wire, because a large reel of the wire 
happened to be available. The wire diameter is not critical; tubing could be 
used just as successfully. 14 SWG hard-drawn copper aerial wire would be 
even better than that used in the prototype. 
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Figure 2 Driven element 
dimensions, together with 
boom dimensions for driven 
element and reflectors 
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Construction 


This project is just as much a woodworking project as a radio project! 
Follow the instructions carefully, and you should have little trouble. 


@ Cut the booms for the reflectors, as shown in Figure 2. A mitre block is 
invaluable here in producing the 45° corners. 

@ Using the dimensions given on the diagram, mark the hole positions for 
the reflector elements, and then drill holes of a size which holds the 
elements firmly. 

@ Cut the driven element boom according to the diagram, and mark the 
point midway along the longer side, which will assist you later in 
positioning the driven element. 

@ Cut the back plate to size (about 120mm by 80mm). You may need to 
alter this size depending on the size of the U-bolt you will be using to 
clamp the aerial to the mast. 


A UHF corner reflector aerial 


@ If you want to be extra cautious in your construction, use the belt-and- 
braces approach, commonly known as ‘screw-and-glue’ to fix the booms 
to each other and to the back plate. 

@ Fix the reflector booms to the back plate first, then slide in the driven- 
element boom until it will go no further, then apply the wood glue and 
screw the two ends tightly to the reflector booms. Leave for the period 
prescribed by the glue manufacturers for the glue to harden. 

@ Varnish the whole structure. 

@ Cut the driven element to the correct size plus a couple of centimetres (the 
reason for this will be evident in the Testing section), and fix it to the 
centre of its boom (at the position you marked earlier) with a ‘chocolate 
block’ connector to which the coaxial feeder cable will eventually be 
connected. 

@ Cut and fix the reflector elements in place. If you find that these are a 
loose fit in the holes then, for each element, drill a pilot hole through the 
boom to intersect the hole for the element. File off the point of a 
woodscrew, and screw it gently into the pilot hole until it meets the 
element and grips it in place. You will now see why the point was filed 
off! Alternatively, you can glue the elements in place. 


Testing 


Place the aerial on a mast, clear of obstructions. Connect it to a transceiver 
with a length of coaxial cable, with a standing-wave-ratio (SWR) meter in 
circuit. Find a clear frequency, identify your transmission and ask if the 
frequency really is clear. If so, key the transmitter again and note the SWR. 
Do not stand in front of any aerial when it is radiating! The length of the 
driven element must be adjusted to obtain an SWR of less than 2. If you 
have to shorten the dipole, bend the ends over rather than cut them off. That 
way, if you go too far, your can lengthen them again! The dipole was 
initially cut too long intentionally, to allow for adjustment here! Bending the 
ends over also reduces the risk of physical damage to clothing, skin and 
eyes. You may like to consider applying the same technique to the reflector 
elements for that reason alone. 


Moving on... 


Once you have warmed to the idea of the corner reflector as an aerial, you 
might like to ring the changes regarding the reflector. How about replacing 
the 20 reflector elements with a wire mesh, such as garden centres sell as 
‘chicken wire’? Choose the finest mesh if there is a choice. Some extra 
support may be needed around the edges of the mesh, but you could go on 
to make a comparison of aerial gain between the two types, using the UHF 
Field Strength Meter described elsewhere in this book. 
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Materials 





Stiff wire or thin-walled tubing for dipole and reflector 

Frame — wood, 15mm by 20mm cross-section, lengths given in text 
Back plate — stout plywood, dimensions given in text 

U-bolt to suit mast 

Wood screws 

Wood glue 

50 W coaxial cable for feeder 

2-terminal ‘chocolate block’ for dipole connection to feeder 

Varnish 





67 A switched dummy load 


Introduction 


A dummy load is a pure resistor of value 50 ohms which can replace your 
transmitting aerial and enable you to operate the transmitter for test 
purposes without radiating a signal. It sounds simple enough, but there are 
two main problems. Firstly, it is impossible to delve into your junk box and 
emerge with a resistor that will dissipate 100W PEP and still retain its 
marked resistance value. Secondly, a ‘pure resistance’ is very difficult to 
achieve. A pure resistance is a device which has resistance but no reactance. 
All common resistors have significant reactance at radio frequencies, 


particularly the wire-wound varieties, which have a helical (i.e. wound like 
a coil) construction. This is particularly annoying, because wire-wound 
construction is normally used for large-wattage resistors. 


Although all resistors have some reactance, not all are quite as bad as the 
wire-wound type. Carbon film resistors are made by depositing a thin film 
of carbon on the surface of a small, hollow ceramic cylinder, the thickness 
of the film of carbon determining the value of the resistor. Provided the 
lead lengths are kept short, these resistors have a tolerably small reactance, 
and will be used in this project. 





Bearing the load 


A 2.W carbon film resistor is hardly going to withstand our 100 W PEP of 
SSB, so it is obvious that the design of our dummy load must be a little more 
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Figure 1 Basic circuit 
diagram 


A switched dummy load 


complex than a single resistor and a switch, despite what Figure 1 might 
suggest! In fact, it uses 20 resistors, each of value 1000 0 (1kQ). How does 
this solve our problem? 


Perhaps a little theory is in order here, but no more than is required by the 
Radio Amateurs’ Examination. 


When two equal resistors of value r are combined in parallel (i.e. side by 
side), the total resistance, Ry, is given by: 


Adding 1/r to 1/r gives 2/1, therefore: 


1 2. 
—=-, Le. Ry = 7/2. 
Ry r 


So, by connecting two equal resistors in parallel, we get a combined 
resistance which is half the individual resistances. If we combine three in 
parallel, we get a third of the resistance, and so on. 


Here, we are connecting 20 resistors of 1 kQ in parallel, so we will produce 
an overall resistance of one-twentieth of the individual resistance, i.e. 
1000/20 = 50 Q, which is what we set out to achieve! 


{20 x 1kR 2W) 





@)RASGB D212 


This is not the only advantage, though. Each resistor is capable of 
dissipating 2 W, so 20 of them will safely dissipate 40 W, for short periods 
at least. This power dissipation is approximately the same as 100 W PEP of 
normal speech, so the design should be capable of use in an ‘average’ 
amateur station. The power-handling ability of any dummy load can be 
improved by providing a ‘heat sink’ which helps to conduct the heat energy 
away from the resistors, thus lowering their temperature. One popular heat 
sink is a can of transformer oil, into which the resistors are immersed. This 
design uses a rather more mundane heat sink, but which is adequate for the 


job in hand. 
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Figure 2 PCB resistor 


1Omm 
supports | ie 
o o 


©rsGe 0213 





2 PCBs (single sided} 100 x 35mm, 20 holes 
l'earth’' PCB with two 3mm holes 


120 x 95 x S3mm To transmitter 
die cast aluminium box a= 





ee, Bolt ‘earth’ PCB 


‘Earth’ PCB to side of box 


2mm gap 18swg aluminium 

between — 20 x 230mm 

resistors bent up each end 
with two 3mm holes 





Heat sink Twenty kk 2W = Two 5 x 20 x 100mm 
compound resistors ceramic wall tile 
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A switched dummy load 


Pouring the heat away 


Two basic PCBs are needed, the details being given in Figure 2. Both 
measure 11 x 35 mm. Each has a set of 20 holes of diameter about 1 mm to 
take the ends of the resistors. Only one of them has two 3 mm holes which 
are used for mounting the completed load. Figure 3 shows how the heat sink 
is assembled. Solder one end of each resistor into the ‘earth’ PCB, and then 
mount this to the box using the two bolts as shown in the diagram. Between 
each rank of resistors is a ‘sandwich’ consisting of an aluminium strip and 
two pieces of ceramic wall tile, to act as a heat sink for the resistors. Heat 
sink compound is used to provide good thermal contact between the 
resistors and the tiles, and between the tiles and the aluminium strip. This 
is shown in the lower part of Figure 3. Thread the loose wires of the resistors 
through the holes in the second PCB, solder into place, and crop the 
protruding wires. 


Switching 


A changeover switch must be used so that the transceiver can be switched 
between the dummy load and the aerial without unscrewing connectors. For 
most purposes, an ordinary 10 A 230 V changeover switch will suffice, as 
found in many electrical shops and DIY stores. 


Wire this into the circuit as shown in Figure 1 and Figure 3. Check your 
wiring. Put $1 in the ‘dummy load’ position. If you have a multimeter which 
includes an ohmmeter, measure the resistance across the socket, J1, before 
connecting it to the transceiver. It should be very near 50 ©. With S1 in the 
‘aerial’ position, there should be an infinite resistance across J1. Move your 
ohmmeter to read the resistance across J2. It should be infinite for both 
positions of S1. If all seems correct, close the box and your dummy load is 
ready for use! 


Parts list 





Resistors 
1000 Q (1kQ) 2 W carbon film, 20 required 
Additional items 
10 A 230 V changeover (SPDT) switch 
SO-239 sockets, 2 required 
Aluminium box 120 x 95 x 53mm or similar 
Ceramic wall tile cut as required 
Aluminium strip, 18 SWG 
Nuts and bolts as required 
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68 A simple Morse oscillator 


Introduction 


This is an excellent project which uses the ‘junk box’ as its source of 


components. If you have trouble in finding the bits for this one, a good 
source of the components for this and many other similar projects is to be 
found with the parts list at the end of the project. 





The circuit 


This is shown in Figure 1, and uses an ‘unknown’ Plessey chip, which makes 
the overall circuit extremely easy to build. A 0.1 wF capacitor is connected 
between pins 7 and 8, a speaker (in the popular 8 to 25 O impedance range) 
is connected between pins 8 and 9. If a 9 V battery is connected with its 
positive terminal to pin 8 and its negative terminal to pin 1, 3 or 5, a tone 
will be produced in the speaker. 


To make this circuit into a good Morse practice oscillator, it is necessary 
only to insert a Morse key into the supply rail from the battery. 


However, there is another refinement which you may care to build into the 
circuit. The tone from the loudspeaker is different, depending upon which 
of pins 1, 3 or 5 you use. In the prototype, a single-pole changeover switch 
was used to select the tones from pin 1 or pin 3, and the Morse key would 
be connected to the circuit via a small jack socket. There is no need for an 
on/off switch, as the Morse key performs that function. The switch and the 
jack socket can be seen in the photograph. 


+9V 
on PP3 






Speaker 

Key jack 
Figure 1 Morse oscillator, -9V 
circuit diagram @ASGB DY243 on PP3 
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The case 


Almost any small loudspeaker will do; the higher the impedance the better. 
The ‘impedance’ is the figure usually printed on the rear of the speaker 
magnet. It is a value given in ohms (Q). For simple circuits like this, you will 
usually find that the higher the impedance (within reason), the louder the 
sound it will produce. Speakers from old transistor radios will work, 
although their impedances can be rather low sometimes. 


Any case big enough to house the components and the battery will be 
suitable. The prototype used a ‘Walkman’-type speaker and case, and is 
shown in the photograph. 


To use the circuit, simply attach a 3.5 mm jack plug to your Morse key, and 
insert it into the socket. Nothing should happen until you press the key, 
when a tone should be heard from the loudspeaker. 


Another application 


Try soldering the two wires of a ‘twisted pair’ to the 3.5mm jack plug. 
Touching the wires together produces a tone from the speaker. This simple 
circuit can then be used as a ‘continuity tester’. Touch the two wires to the 
ends of a fuse. If there is no sound, then the fuse is blown. There are many 
other such tests you could perform with this device — to check whether there 
really is a connection between one end of a wire and the other, for example. 
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Warning 


You must never make such tests on any equipment which is connected to the 
mains supply, even if it is switched off. If you want to make any such tests, 
make sure you are supervised by someone who understands what you are 
doing and is competent to advise and supervise you. 


Parts list 





Plessey oscillator chip 

0.1 wF capacitor (disc ceramic) 

Loudspeaker 8 to 25 0, 

3.5mm jack socket (and 3.5 mm jack plug if needed) 
Single-pole changeover switch 


The Plessey oscillator chip is available from J. Birkett, 25 The Strait, 
Lincoln LN2 1JF, tel: 01522 520 767. 


John Birkett may also provide a kit of parts (the chip, capacitor and 
loudspeaker). 





69 A bipolar transistor tester 


Introduction 


This is a circuit which will test normal transistors, i.e. npn or pnp. It has the 


advantage of being able to test devices while they are still connected in 
their original circuits. However, when such tests are made, the circuit 
containing the transistor under test must not be switched on. 





The circuit and how it works 


The circuit runs from a 9 V battery such as a PP3 or six AA-type 1.5 V cells. 
Alkaline cells are to be preferred, as their electrolyte leakage properties are 
better. The circuit shown in Figure 1 uses a single CMOS integrated circuit 
type 4001 or 4011. CMOS circuits require special handling precautions 
which are described in the project Christmas Tree LEDs, elsewhere in this 


book. 


A bipolar transistor tester 


@) Used in text 
pin 14 to explain 

(B) operation R5—sopl-4 
100R 1N4148 
poe] 





IC] 


OV i pin 7 


Base 0 
O©Rrses pv220 Collector 


Figure 1 Transistor tester, circuit diagram 


Inside the IC are four logic gates (see Digital Logic Circuits) which are all 
connected as inverters, which means that the output signal is always the 
logical ‘opposite’ of the input. The first two gates are connected as an 
oscillator; the circuit being the same as that used in An Electronic Die. 


The output of the oscillator, at pin 11, is connected to the input of a buffer 
stage, IC1c, which helps to isolate the oscillator from the circuit that follows 
it. The buffer output appears on pin 3, which we shall label as test point A 
for future use. Another inverter, IC1d, follows this, its output at pin 4 being 
labelled test point B. 


There are two LEDs connected back to back at the circuit output. These are 
DS and D6, DS being red and D6 being green. Whatever the output of the 
oscillator at any instant, one of the LEDs must be lit and the other unlit. 
With point A positive and point B zero, the red LED is lit, when A is zero 
and B is positive, the green LED is lit. Because the oscillator output is 
repeatedly switching from one polarity to the other, the lit LED is alternately 
red and green. They switch between the two colours much faster than we 
can see, so what we think we see are both LEDs lit together. 


The two 100 ohm resistors, R3 and R4, provide the bias to the base of the 
transistor under test. When A is positive and B is zero, the base-emitter 
junction of the transistor will be forward-biased, and the transistor will 
switch on (if it is a working npn type). When the transistor is on, it 
effectively short-circuits D5 (the red LED) and it extinguishes. When point 
A is zero and B is positive, an npn transistor will be switched off and the 
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Figure 2 Transistor tester, 
component layout 
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green LED (D6) will light. Thus, for a working npn transistor, only the green 
LED is lit. 


If the transistor under test is a pnp type, it will switch on when A is zero and 
B positive, thus short-circuiting the red LED (D6). When A is positive and 
B zero, the transistor is off and the red LED (DS) is lit. Thus for a working 
pnp transistor, only the red LED is lit. 


To summarise, the states of the LEDs indicate the following conditions: 


e@ Both LEDs apparently lit: no transistor connected, or transistor 
permanently open circuit. 

@ Neither LED lit: a collector-emitter short-circuit is almost certain. 

@ Red LED alone: pnp transistor in working order. 

@ Green LED alone: npn transistor in working order. 


Construction 


The prototype tester was built on a piece of Veroboard measuring 15 strips 
by 18 holes. Cut the tracks using a track-cutting tool or a 3mm (% inch) 
twist drill, as shown in Figure 2. Notice that, in this diagram, there is no 
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A bipolar transistor tester 


track ‘I’, so try to avoid miscounting when you translate diagram positions 
to real positions on the board. Hold the board up to a strong light to ensure 
that there is no copper swarf shorting adjacent tracks together, and that you 
have made the cuts in the correct places. 


Having done this, insert and solder Veropins for all the connections to be 
made to components not on the board itself. Then solder in the IC holder 
and the wire links. Then insert the other components in the order resistors, 
capacitors and diodes D1—D4. Some resistors are mounted vertically so that 
their connections are on adjacent tracks. Double check the diode polarities 
— it is easy to make a mistake when wiring diodes in anti-parallel! Next, 
connect up the off-board components, again making sure that the LEDs 
have the correct polarity. The probe leads for the emitter, base and collector 
should be made from different colours of wire and terminated in probe clips 
(small insulated crocodile clips). 


Check carefully for dry joints and errant blobs of solder. Plug the IC into its 
holder, ensuring that it is inserted the right way round, as shown in Figure 2. 


Testing 


Without a transistor in circuit, and the battery connected, both LEDs should 
be lit. Connect a known good npn transistor and verify that the green LED 
lights. Now simulate two transistor faults: disconnect the base lead and 
both LEDs should light; remove the transistor and connect the emitter and 
collector leads together. Neither LED should light. 


Repeat the tests with a known good pnp transistor. The results should be the 
same, except that the correct indication should now be a lit red LED. On 
your computer, make a small label of the bulleted list above, to fit on your 
tester showing the states of the LEDs and what they mean. It will act as a 
useful aide mémoire when you use the tester in future. 


Using 


The circuit will test transistors in isolation or in an existing circuit, i.e. prior 
to use. You can check the lead identifications in component catalogues such 
as the Maplin catalogue. The tester is ideal for going through the large bags 
of unmarked transistors that you can buy for a song at rallies. You can sort 
them into three piles — npn, pnp and dud! 
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Parts list 





Resistors: all 0.25 watt, 10% tolerance or better 
R1, R2 5600 ohms (Q) 
R3, R4, RS 100 ohms (2) 


Capacitors 
C1, C2 1 microfarad (pF) electrolytic, 16V WKG 


Semiconductors 
D1-D4 1N4148 general-purpose silicon diodes 
D5 Red LED 
D6 Green LED 


Integrated circuit 
IC1 CMOS 4001 or 4011 


Additional items 
Veroboard, 15 strips by 18 holes 
Veropins 
PP3 battery and connector (or 6 x AA cells in PP3 clip holder) 
Switch, SPST 
Connecting wire 
One each of known working npn and pnp transistors for test 
purposes. 


Source 





Components are available from Maplin. 
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70 The ‘Yearling’ 20 m receiver 


Introduction 


Published to celebrate the first anniversary of D-i-Y Radio, this excellent 
receiver design forms a suitable ‘second receiver project’ for those who 
have successfully completed the MW receivers earlier in this series. The 
receiver is powered from a PP3 battery or from a mains adaptor, and can 


be built with the help of an experienced constructor, on a prototype board. 
The circuit diagram and some of the components used are shown in the 
separate diagram. Headphones or a loudspeaker can be used and, once the 
radio is completed, a few simple adjustments will make the Yearling spring 
to life! 





Building the receiver 


Before starting the constructional process, start by identifying all the parts. 
One by one, tick them off against the parts list. Are their values correct? The 
varactor diode is a twin type (see circuit diagram overleaf), and must be cut 
carefully down the middle, producing two devices, D1 and D2, with two 
wires each. 


First, solder the IC sockets, followed by the coils (inductors); L1 is pink 
inside the top, and L2 is yellow inside. Then, solder in the varactors; the 
lettering on D1 should be next to coil L1, and the lettering on D2 should 
face resistor R7. After those, the capacitors, wire links and resistors should 
be soldered to the board. Take care to wire the voltage regulator, IC3, 
correctly. Solder in the crystal X1 as quickly and deftly as you can — crystals 
do not take kindly to having their leads bent and being fried with a soldering 
iron! Make sure that the electrolytic capacitors C2, C12, C15 and C16 are 
fitted the right way round. Most electrolytic capacitors have only the 
negative lead marked. 


Figure 1 shows the rear of the front panel, illustrating the connections from 
the board and antenna socket to the controls. All normal connecting wires 
are 22 SWG or thereabouts, with insulation. Their lengths should be about 
15cm, except for the battery lead to the switch, which is about 8 cm. It is 
recommended that you use different-coloured wire for each connection to a 
control. Figure 2 shows this. The variable resistor section of VRS, the AF 
gain control, uses single screened cable connected to 0 V (ground) at the 
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O~arDQ] 
To PCB C To PCB 
(+5V stable} {OV) 
To PCB 
(#5V stab) 
To PCB 
(C7) 
gv DC 
to PCB To DC power 
connector 
To earth 
ToRV3 
(R2) Cc 
To PCB To PCB 
{RV5 ground) (OV) 
To PCB To PCB 
un (R39) (Lt To antenna 
To PCB socket 
(RV5 middle} 
To PCB 
(C16) @RSGB DY233 


Figure 1 Rear view of the variable resistors. Check the connections carefully to make sure the wires fit the correct 
holes 


Red Green 
Yellow 


@ASGB DY234 


Figure 2 It is helpful to use different colour insulated connecting wires. Wires between each variable resistor and the 
board should be twisted together to give a neat wiring outfit. 
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The ‘Yearling’ 20m receiver 


board end. Now fit the ICs into their sockets. Make sure that they are the 
right way round (see circuit diagram) and that each pin lies directly above 
its corresponding socket before applying gentle pressure with the back of 
the board firmly supported. 


Check that all the connections are correct (don’t assume this — check the 
ends of each wire against the circuit diagram) and that all your soldered 
joints are shiny. Lastly, drill the five 10.5 mm diameter holes for the main 
controls. On the side of the case, a 6.3 mm diameter hole is needed for the 
speaker socket, and 8mm holes for the antenna and earth sockets. The 
external power socket requires an 11mm diameter hole. 


Adjusting it 


Before you can make adjustments, and in order to hear anything on your 
Yearling, you will need to connect an antenna (aerial) to the antenna socket. 
About 8 metres of wire, preferably outdoors and as high as possible, is all 
you need to connect to the socket. Connect the 3.5 mm jack socket for the 
speaker, and a 3.5mm jack to your speaker leads. Connect a battery and 
switch on. 


1. Using a very small screwdriver or, better still, a non-metallic ‘trimming 
tool’, gently screw in the core of L2 as far as it will go, but don’t force 
it. Then unscrew it by three turns anticlockwise. 

2. Set VR1, VR2 and VR4 to mid-position and rotate the core of L1 
anticlockwise until the hissing noise you hear reaches a maximum 
intensity. Then adjust L2 for maximum noise. 

3. If you now tune carefully with the main tuning control, VR4, you should 
hear some amateur Single-Sideband (SSB) speech signals. You may have 
to adjust the bandspread (fine tuning) control, VR3, to make the speech 
sound normal. 

4. Having verified that everything is working, switch off and mount the 
controls on the front panel and the sockets on the side. To do this, it is 
much safer to disconnect all the controls and sockets, mount them in 
their final positions, and then wire them up again. 

5. Fit the front panel knobs, connect your aerial and switch on again, 
checking that everything is working. Then, locate the cluster of CW 
(Morse) signals to be found at the bottom of the 20 metre band, set the 
bandspread control to mid-position and slacken off the main tuning 
knob. Turn the knob (but not the control!) until the pointer lies a little 
clockwise of 14.0 MHz. The SSB signals should now lie roughly between 
the dial centre and 14.35 MHz. Tighten up the knob. 

6. Finally, fix the board to the rear panel, and secure the battery (if you are 
using one). Attach the rear panel to the back of the box, and you are 


finished! 
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Listening! 


Make a habit of keeping the bandspread control in its centre position when 
searching for stations; then you can adjust it either way to make the signals 
readable. Unless you have a very big aerial, it is best to have the ‘RF Gain’ 
control, VR1, at maximum. Use the ‘Antenna Tune’ control, VR2, to give 
the best signal, and control the volume with the ‘OFF/AF Gain’ control. You 
will find some excellent DX stations with your Yearling receiver, and it will 


serve you well. 





Parts list 





Resistors (all 0.25 W, 5%) 


R1, RS, RY 


100 kilohms (kQ) 
10 kilohms (kQ) 
1.5 kilohms (kQ) 
12 kilohms (kQ) 
200 ohms (Q) 


Capacitors (all rated at 16 V or more, tolerance at least 
what is quoted) 


C1, CS 


C16 


180 picofarads (pF) polystyrene 5% 

10 microfarads (wF) electrolytic 

47 picofarads (pF) polystyrene 5% 

100 picofarads (pF) polystyrene 5% 

100 nanofarads (nF) or 0.1 microfarad (uF) ceramic 

220 picofarads (pF) polystyrene 2% 

330 picofarads (pF) polystyrene 2% 

10 nanofarads (nF) or 0.01 microfarad (uF) ceramic 

100 microfarads (wF) electrolytic 

47 nanofarads (nF) or 0.047 microfarad (uF) 
polyester, 5% 

1 microfarad (uF) electrolytic 


Variable resistors 


VR1, VR3 
VR2, VR4 
VRS 


Inductors 
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1 kilohm (kQ) linear 
47 kilohms (kQ) linear 
10 kilohms (kQ) log with switch 


Toko KANK3335R 
Toko KANK3334R 
10 microhenries (wH), 5% 


Adding the 80 metre band to the Yearling receiver 


Semiconductors 
1C1, IC2 Philips/Signetics NE602 or NE602A 
IC3 78L05 5V 100 mA regulator 
1C4 TLO72 Dual Op-Amp 
ICS Philips TDA7052 audio amplifier 


Additional items 
D1, D2 Varactor diode Toko KV1236 (cut into two sections — 


see text) 
X1 Crystal 8.86 MHz type (from Maplin, etc.) 
4 off 8-pin DIL sockets for IC1, IC2, IC4 and ICS 
2. off 4mm sockets aerial (red) and earth (black) 
1 off 3.5 mm chassis-mounting speaker jack socket 
1 off DC power socket for external supply (if required) 
4 off Red knobs with pointers 
1 off Tuning knob with pointer (e.g. 37 mm PK3 type) 
1 off Printed-circuit board or prototype board 
1 off Plastic case approx 170 x 110 x 6mm (e.g. Tandy 
number 270-224) 
1 off Speaker 8-32 Q impedance (or headphones) 





71 Adding the 80 metre band 
to the Yearling receiver 


Background 


You will have noticed that your Yearling receiver has a dial which shows 
coverage of the 80-metre amateur band (3.5—3.8 MHz). This band is used 


for local contacts during the day, and contacts up to about 1600 miles in 
darkness. Longer distances are possible, particularly in the middle of 
winter. 





The modifications 


Only a few extra parts are required, as you may have noticed from the parts 
list. A low-pass filter, FL1 (one which passes low frequencies and rejects 
higher frequencies), is switched into the circuit on 80m. The circuit of the 
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Adding the 80 metre band to the Yearling receiver 


Figure 3 Internal view of 
the Yearling case. The filter 
FL1 is attached to the base 
with glue 


switch and its connections is shown in Figure 1. Before making the 
modifications, dismantle the receiver so that you have easy (and safe) access 
to the case and the track side of the PCB. 


1. 


2. 


The first thing to do is to drill a 6.5 mm diameter hole in the side of the 
case into which the switch fits. 

Then, using a sharp Stanley knife or scalpel, carefully cut the track on the 
PCB as shown in Figure 2, making a gap about 1 mm wide. 


. Using 10cm lengths of different-coloured insulated wire, make the four 


connections, a, b, c and d, to the PCB, as shown in Figure 2. 


. Solder the two links on the filter, and then make the connections to the 


switch, capacitors and PCB. You will have to disconnect the existing wire 
between the RF gain control, VR1, and pin 4 of L1 on the PCB. 


. Lastly, check your new connections carefully, then mount the switch in the 


new hole and fix the filter to the bottom of the case with a little glue, as 
shown in Figure 3. Reassemble the circuit, and replace the back of the 
case. 


More testing! 


Firstly, switch your new switch, S1, into the 20 m position, to check that the 
original circuit still works! If you find that the ‘Antenna Tune’ control peaks 
at a slightly different position, don’t worry. 
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Now switch to 80 m, and tune around the anticlockwise end of the dial; you 
should hear some SSB stations, particularly in the evenings and at weekends, 
when may people are on the air. At the other end of the travel of the tuning 
control, you should hear CW (Morse) stations. 


The Radio Society of Great Britain broadcasts amateur radio news every 
Sunday morning on or about 3.65 MHz; the table below has the details. 
Finally, a good antenna is more important than ever for 80 metre reception 
— aim for more height and length, and then consider the project concerned 
with making an Antenna Tuning Unit (ATU)! 


Parts list 





Capacitors (all rated at 16 V or more, tolerance 10% or better) 
Cx, Cy 100 picofarads (pF) polystyrene 


Filter 
FL1 Toko 237LVS1110 low-pass filter 


Additional items 
SW1 2-pole 2-way (changeover) toggle switch 
7 off Short lengths of insulated wire of different colours 





The RSGB news broadcasts, GB2RS — Sunday 
mornings 








Frequency (MHz) Local time Reception area 
3.650 0900 SE England 
3.650 0930 Midlands 
3.650 1000 SW England 
3.650 1100 Yorkshire 
3.640 1130 Aberdeen 
3.660 1130 Glasgow 





The Midlands transmission is repeated at 1800 (6pm) local time on 
3.650 MHz. All frequencies are approximate in order to avoid interference, 
and use lower sideband (LSB). If you also have a 40 metre receiver, there are 
GB2RS news broadcasts on 7.048 MHz at 0900 local time from Northern 
Ireland and from 1100 local time from the north midlands. 


How the Yearling works 


72 How the Yearling works 


Introduction 


The Yearling was designed to provide an introduction to Amateur Radio on 
the 20 m amateur band. Let’s look at how the different sections (or ‘stages’) 


of a radio work, and how they fit together to form a complete receiver. 
Figure 1 shows a block diagram which you can follow and compare with 
the circuit diagram of your Yearling receiver. 





The antenna (or aerial) 


Connected to your receiver, it will pick up not only amateur signals, but 
all other signals as well! This means that the receiver has to select the one 
signal that interests you, while rejecting all the others. The following 
stages do just that. 


The RF filter 


This stage (centred around L1) selects the band of radio frequencies (RF) 
containing the signal you want, in this case, those having wavelengths 
around 20m. Signals from the 40m band, for example, would not get 
through. 


The crystal oscillator 


This is an oscillator circuit designed around a quartz crystal (X1), and has 
a very stable frequency. It produces a single, very pure frequency to feed into 
the mixer. A crystal having a frequency between 8.800MHz and 
9.000 MHz is suitable for this circuit. The oscillator and mixer functions are 
both carried out inside IC1. 


The first mixer 


Yes, this stage ‘mixes’ two signals together. In this case, the two signals are 
(i) from the aerial via the RF Filter, and (ii) from the crystal oscillator. Two 
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Figure 1 Block diagram of the Yearling, showing how the various stages fit together to make a complete radio 


receiver 
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bands of signals emerge from the mixer. The first is centred upon a 
frequency equal to the incoming signal frequency added to the crystal 
frequency, and the second is centred upon a frequency equal to the incoming 
signal frequency subtracted from the crystal frequency. Look at an example 
- if the signal is at 14 MHz and the oscillator at 9 MHz, then the mixer 
outputs will be 14 + 9 = 23 MHz and 14 - 9 = 5 MHz. 


Intermediate frequency (IF) filter 


It is the purpose of the IF filter (centred around L2) to select only one of 
these two bands of frequencies emerging from the mixer. In this case, it is the 
lower band of frequencies (around 5 MHz) which we select. This is because, 
in general, lower frequencies are easier to handle than higher ones. 


Variable-frequency oscillator (VFO) 


The VFO (part of IC2) enables us to tune into a particular station, and 
operates over a band of frequencies between 5 MHz and 5.35 MHz in this 
receiver. You will notice that IC1 and IC2 are the same type of chip, so that 
you will be expecting another mixer stage to be associated with the VFO. 
You are quite right! 


The second mixer 


This mixer obeys exactly the same rules as those of mixer 1. Sum and 
difference frequencies are produced, like this. Mixing is between the 
incoming IF signals (around 5 MHz) and the VFO signals (around 5 MHz), 
producing output frequency bands centred upon 10 MHz and 0 MHz. The 
use of the words ‘band of frequencies’ throughout this explanation is 
intentional. If all the signals were pure, there would be no bands; the bands 
are produced because of one thing — the modulation imposed on the pure 


How the Yearling works 


frequencies at the transmitter. So, the ‘bands’ contain the one thing that we 
want to extract from the signal, and that is the speech or Morse code that 
the signal contains. The band of frequencies at 0 MHz is just that — the 
audio frequencies we want in the loudspeaker. Because of this, the audio 
frequency output of the second mixer is selected and passed on for 
amplification. 


The audio preamplifier 


Preliminary amplification of the minute audio signal which emerges from 
the second mixer is provided by IC4a, which will respond only to audio 
signals, automatically rejecting the 10 MHz signal. 


The audio filter 


The bandwidth of normal speech when transmitted by an amateur station is 
around 3kHz, so there is no advantage to be gained in amplifying 
frequencies greater than this. IC4b is known as a low-pass filter, because it 
passes (lets through) lower frequencies and rejects higher ones. 


The power amplifier 


ICS produces the final audio amplification and provides enough power 
(about 350 milliwatts (mW) to drive a small speaker. 


How does it work on 80 m? 


If you have fitted the 80 m modification to your receiver, you are probably 
wondering how the circuit works at this different frequency. Firstly, the 
filter which you fitted selects the 80m band instead of the 20m band. The 
only other slight difference lies in the way the first mixer stage works. Its job 
is to produce sum and difference frequencies from the incoming signal and 
crystal frequencies. On 20 m, it did this by subtracting the crystal frequency 
(9 MHz) from the incoming frequency (14 MHz) to produce an IF output of 
5 MHz. On 80m, the incoming frequency (3.5 MHz) is subtracted from the 
crystal frequency (9 MHz) to produce an IF output of 5.5 MHz, which is 
still within the tuning range of the VFO in the next stage. 
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73 A field strength meter 


Figure 1 Voltage doubler 
circuit 
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Introduction 


Having a reliable field strength meter is always useful. There are two basic 
types — the tuned variety (also known as an absorption wavemeter) and the 
broad-band variety. A project centred on the tuned variety can be found in 
this book (An HF absorption wavemeter), and the way it works is also 


presented (The absorption wavemeter). This project describes an untuned or 
broad-band type which is every bit as useful as the tuned type, when it is 
the level of RF in which you are principally interested. 


With the possible exception of the meter, you may have all the parts needed 
in your junk box. The prototype was distinguished by its meter, found at a 
rally, and marked ‘Safe’, ‘Dangerous’ and ‘Explosive’ on its scale. 





How it works 


The basic field strength meter uses the circuit of a crystal set, but with a 
meter replacing the headphones. A better design, which is used here, is that 
of a voltage doubler, giving more sensitivity. Figure 1 illustrates the voltage 
doubler circuit. 


The AC input shown will be our RF input, which will be explained soon. 
Diode D1 will pass the positive half of the signal and use it to charge up C1 
to the peak value of the signal. D2 uses the negative half of the signal to 
charge up C2 to the same value. Because C1 and C2 are in series, the peak 
voltage appearing across both of them (which is the DC output voltage) is 
equal to twice the peak input voltage, hence the name voltage doubler. If 
you’re wondering why DC is present at the output when AC comes in at the 
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Figure 2 Field strength 
meter 


How the Yearling works 


input, remember that capacitors pass AC (RF) but block DC; thus the RF is 
shorted out through C1 and C2, but the steady voltage (DC) remains across 
the two capacitors. The voltage is thus proportional to the size of the RF 
signal applied at the input. 


The circuit 


The voltage doubler is converted into a field strength meter using the circuit 
of Figure 2. A piece of wire serves as the aerial to provide an RF signal 
across the radio-frequency choke (RFC). A choke is an inductor which is 
large enough to prevent the RF passing through it — it ‘chokes’ the RE. This 
produces the maximum RF signal at the input to the voltage doubler, and 
the DC output from it is measured on the meter. 


Wire 
antenna 
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The parts used are not very critical. The RF choke can have any value 
between about 1mH and 2.5mH. Almost any common diode such as 
the 1N914 or 1N4148 can be used for D1 and D2. The two capacitors 
could be any value between 1nF and 100nF (0.001 wF and 0.1 wF). The 
meter should be reasonably sensitive, with a full-scale deflection (FSD) 
in the range SOpA to 100pA. Look for VU meters at rallies — these 
are ideal. 


Construction 


The prototype circuit was made on matrix board. If you don’t want to use 
pins with the board, simply push the component leads through the holes 
and make the connections on the underside of the board, either with the 
excess component leads themselves, or with ordinary connecting wire. 
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Figure 3 Board layout and 
interconnections 
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Component side of board shown. 
All connections are under board 


Figure 3 shows how the parts are placed and connected. The matrix board 
can be mounted directly on the meter using its terminal bolts! 


In use 


Needing no power supply other than an RF signal, just connect it all up 
and leave it to work! A short length of insulated wire is enough to pick up 
some RF and display it on the meter. Using a 200A meter, about 3 
metres of wire gave a good deflection on the meter. To increase deflection, 
the wire can be wrapped around the aerial lead, provided that the wire is 
PVC covered and doesn’t come into contact with the aerial wire. 


This requires a little experimentation. Try a long piece of wire first and 
adjust its position until the meter needle kicks whenever there is a 
transmission. It is very reassuring to see the meter moving during a 
transmission. Although SWR meters also indicate power, they are usually 
set to read reverse power, and show little or no movement during 
transmission. 


Preselector for a short-wave receiver 


Parts list 





D1, D2 1N914, 1N4148 or similar 
C1, C2 10 nF disc ceramic 

RFC Miniature axial choke (1 mH) 
Meter Surplus VU meter or similar 
Matrix board or similar 


Components are available from Maplin. 





74 Preselector for a 
short-wave receiver 


Introduction 


A preselector is a simple RF tuned amplifier which is inserted between the 
aerial and the receiver. It provides some extra gain and may improve the 
overall performance of the receiver. This project uses a Field-Effect 
Transistor (FET) amplifier in grounded-gate mode. 


The design has a tuned circuit at both the input and output which, with 
excessive gain and poor construction, would produce only one thing — 
oscillation! So, to avoid this happening, we will have only a low gain, and 
use a circuit which provides good isolation between input and output. The 
grounded-gate FET amplifier fulfils both these criteria. It will also cover a 
frequency range from about 7 to 30 MHz, which includes most of the HF 
amateur bands. 





The circuit 


This is shown in Figure 1. The signal from the aerial arrives at an RF 
transformer, the secondary of which is tuned with capacitor VCla. The 
output from the tuned circuit is taken from a tap on the secondary to the 
source of the FET. The gate is grounded (earthed) and the amplified signal 
appears at the FET drain, which is then fed to the primary of another RF 
transformer, which is tuned by VCib. The output to the receiver comes 
from the secondary of the RF transformer. 
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Figure 1 HF preselector, 
circuit diagram 
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Twin gang +9V PP3 
via $1 


on T-50-6 toroid 
(tap L1 4 turns from ground) 


Lia, L2a = 3 turns @©nrsee pv256 


Notice that the two RF transformers are identical, but they are used ‘back 
to back’, with the secondary of the first and the primary of the second being 
tuned. They are tuned with identical capacitors, fitted on the same shaft of 
a variable capacitor. We say that the two capacitors are ‘ganged’. Because 
L1 and L2 are the same, and VCla and VC1b are the same, both RF 
transformers should be resonant at the same frequency, no matter what that 
frequency is. 


Construction 


The final layout should look something like that shown in Figure 2. The 
external connectors and controls being two SO-239 sockets for connection 
to your receiver and aerial, a tuning control and its associated scale, and an 
on/off switch. 


The circuit can be put together on a plain matrix board, using pins to 
anchor the components, or simply by pushing the component leads through 
the board and making connections on the underside. The layout of the 
prototype is shown in Figure 3. Mounting the board to the aluminium box 
is accomplished with bolts, solder tags and stand-off insulators. 


Check your construction against the circuit diagram and against the layout 
diagram. Wire in the PP3 battery clip, put the switch in the ‘off’ position, 
and fit the battery. Testing can be carried out without fitting the top of 
the box. 


Figure 2 HF preselector, 
front panel layout 


Preselector for a short-wave receiver 
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Testing 


Don’t fit your preselector yet. Tune your radio to a broadcast station, 
preferably a fairly weak one. Disconnect the aerial and fit your preselector 
between the aerial and receiver. Switch it on and rotate the tuning knob 
slowly. You should find a position where your original station is received 
more clearly than before. If it doesn’t work at all, recheck your wiring. Is 
there a positive voltage on the drain of the FET? If not, work back towards 
the positive battery terminal. Is there a voltage at the junction of L2 and R2? 
Is there a voltage at the junction of L2 and R3? Is there a voltage at the 
junction of R3 and the battery lead? If there isn’t a voltage at that point, 
then you have probably mounted your switch upside down, and it is off, not 
on! It’s a common mistake. 


Calibration 


This is not obligatory, surprisingly enough. However, if having a frequency 
scale appeals to you, then using an RF signal generator (or using the services 
of a friend who has one) is the simplest solution. Feed in a weak modulated 
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Figure 3 HF preselector, 
component layout ©rscp Dv288 


signal from the generator to the preselector, and rotate VC1 until the signal 
is maximum. Mark this frequency on your dial. Repeat the process for the 
frequencies shown on the dial in Figure 2. 


If you have a commercial transceiver, feed its output into a dummy load (such 
as the type described in A Switched Dummy Load, elsewhere in this book) 
using a distinctive modulating signal such as an idling RTTY signal. Set the 
receiver to the same frequency with the preselector out of circuit. Insert it into 
the aerial lead, and search for the signal with VC1 until it gives the maximum 
deflection on your S-meter, then mark the frequency on your dial. 





Parts list 





Resistors: all 0.25 W carbon film or better 


R1 270 O 
R2 1S 0 
R3 100 © 
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An audible continuity tester 


Capacitors 
C1, C2 100 nF (0.1 wF) ceramic 
vCl1 250/250 pF polyvaricon 


Inductors 
L1, L2 19 turns 26 SWG enamelled copper on T.50.6 toroid 
L1 has a tap 4 turns from ground end 
L1a and L2a — 3 turns wound over previous winding 


Semiconductors 
TR1 MPF102 FET 


Additional items 
Matrix board To fit aluminium box (see Figure 3) 
Aluminium box 12x9x3cm 
Battery and connector PP3 9V 
SPST on/off switch 
As required 
Sockets - 2 required 





75 An audible continuity 
tester 


Introduction 


This is not the only continuity tester in this book. This alone attests to 
their use, so you may well want to experiment with several designs, then 
come up with one of your own! The very simplest form of continuity 
tester is probably a battery and a bulb in series, with the circuit being 
closed by connecting it to a fuse or other object being tested for 
continuity. The bulb could be replaced by a buzzer to give an audible 


indication. The current taken by the buzzer could damage some 
components, however. An ohmmeter can also be used, and is very 
popular for the purpose, as it indicates whether the circuit is low, 
medium or high resistance. This project has the advantages of indicating 
whether there is no continuity, some resistance or good continuity, and 
making an audible sound, so that you don’t have to move your eyes from 
the circuit while making the test. 
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Figure 1 Continuity tester, 
circuit diagram 
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The circuit 


Using only one integrated circuit, four components and a battery, this is a 
particularly simple circuit, as Figure 1 shows. IC1 is usually used to flash an 
LED from a 1.5 V source, and to have a low current consumption. By 
changing the component values, IC1 is made to oscillate at audio 
frequencies, and we can hear these through the loudspeaker, LS1. Low- 
impedance speakers can be used, but result in an increased current drain, so 
the higher the impedance, the better. 





Test 
probes 


ee: 
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Construction 


The layout of the circuit on Veroboard measuring 7 strips by 15 holes is 
shown in Figure 2. Start by making the four track cuts which will lie 
underneath the IC. Use a track cutter or a 3mm (% inch) twist drill rotated 
between thumb and forefinger for this. Solder the Veropins in place, 
followed by the wire link. Then solder in the IC holder, the resistor and the 
capacitors, making sure that the electrolytic capacitor, C1, is connected the 
correct way round. 


Check, with the board against a bright light, that there are no shorted 
tracks, either by large blobs of solder or by copper swarf from the track- 
cutting process. Then insert IC1 into its holder the right way round. The 
probes can be ordinary connecting wire, the free ends being tinned with 
solder to prevent wire whiskers from touching components other than the 
one you are testing. 


If you are happy that the circuit and the wiring appear to be correct, fit the 
battery into its clip. Nothing should happen until the probes are touched 
together, when you should hear a note from the loudspeaker. If nothing 
happens, all you can do is to recheck your circuit, as there is nothing else to 
go wrong! 


Figure 2 Continuity tester, 
component layout 
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Component side of board shown 


Any box can be used; there is no justification for a metal case, unless you 
want to make use of something, which is to hand, such as a tobacco tin. 
Alternatively, any suitable plastic box will do. 


Use 


The tester will give different pitch notes for resistances of different values. 
The higher the resistance, the higher the pitch from the speaker. Try it with 
small inductors, and you will learn to recognise the different tones produced 
by the IC. 


Safety notice 


Using the continuity tester on components in situ is not advisable, as the 
results could be misleading. It can be dangerous to make measurements in 
situ on equipment, which is operating. If you must make such tests, always 
disconnect the equipment form its power source first. 





Parts list 





Resistor 
R1 1000 2 (1kQ), 0.25 W carbon, 10% or better 


Capacitors 
C1 10 pF electrolytic, 16 V 
C2 0.1 wF subminiature polyester or ceramic 
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Integrated circuits 
IC1 LM3909N 


Additional items 
Veroboard 7 strips by 15 holes 
LS1 64 O miniature loudspeaker 
IC holder 


Veropins 

Connecting wire 

Test leads 

1.5V AA alkaline battery 





76 An experimental 70 cm 
rhombic aerial 


Introduction 


Most commonly used aerials can be classed as resonant or standing-wave 
aerials. There is another class known as non-resonant or travelling-wave. 
Resonant aerials, such as the dipole, are narrow-band; this occurs because 
resonance occurs only over a narrow band of frequencies. Travelling-wave 
aerials, on the other hand, can operate over a wide band of frequencies. 


The rhombic is an example of a non-resonant or travelling-wave aerial. It is 
often employed for fixed commercial and military short-wave radio links. 
Made with wire, it has a diamond shape when looking down on it from 
above. The four corners are supported on four masts. It is a very effective 
aerial, and has good gain, a quality which can be judged from the polar 
diagram shown in Figure 1. This has been obtained from a computer 
program, and so is the perfect shape for a rhombic aerial. 





Theory (but only a little) 


A polar diagram shows graphically the ability of an aerial to radiate (or 
receive) more effectively in one direction at the expensive of the radiation in 
other directions. Figure 1 shows the polar diagrams of two aerials, a simple 
70cm dipole and the rhombic described in this project. The dipole has the 
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Figure 1 The horizontal 
polar diagrams of the small 
rhombic antenna and a 
dipole compared 


An experimental 70cm rhombic aerial 
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well-known figure-of-eight shape, showing a symmetrical angular behav- 
iour about the direction of the aerial and about a direction perpendicular to 
the aerial. That of the rhombic, on the other hand, is quite irregular by 
comparison, but is still symmetrical about one axis only, not two. It’s this 
asymmetry that gives the rhombic its gain, by virtue of its front-to-back 
ratio. This is the ratio of the power radiated forwards to that being radiated 
backwards. Notice the large Jobe (lump) at the top of the polar diagram; this 
is the direction in which the aerial transmits best. The lobe in the opposite 
direction has been reduced significantly, allowing more power to be directed 
forwards, not backwards 


Problems 


The rhombic is not found in every amateur’s back garden, despite its 
attractions. To work best each edge of the diamond shape should be about 
two wavelengths long. Hence, a rhombic for the 20 metre band could be 
about 80 m from tip to tip! Another disadvantage is that, because of its size, 
it cannot be rotated. 
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It will operate well over a range of frequencies. An HF rhombic could work 
on the 7, 10, 14, 18, 21 and 28 MHz bands. One for the lower VHF 
frequencies could operate on the 50, 70 and 144 MHz bands. 


Its large size is less of a problem at UHE A portable rhombic can be made 
for 70cm which can be used with a hand-held transceiver. The aerial design 
to be described here will give a gain of up to 9 dB relative to a dipole. This 
is written as 9dBd, the second ‘d’ meaning ‘relative to a dipole’. This is 
equivalent to improving your signal by 1.5 S-points at the receiver or (and 
you may be surprised by this) by fitting a linear amplifier to your transceiver 
that would take 5 W input and produce 40 W output to a normal dipole! 
Consider the relative costs of the two approaches to producing the same 
received signal. You will also receive everyone else’s signals 1.5 S-points 
better than before! 


Unlike the popular Yagi aerial, this design has no critical dimensions and 
can be folded up for transport by car or bicycle. It has a fairly high input (or 
feed) impedance, being fed usually by balanced twin feeder. To feed it with 
standard 50 Q coaxial cable, a matching transformer in the form of a balun 
is required. A balun will convert the balanced (symmetrical) aerial 
impedance to the unbalanced and lower impedance of the coaxial cable. The 
details of how to build the balun, which in this case is a half-wave 
transformer, are included in the constructional details. 


Construction 


The aerial frame is made up of 1cm x 2cm strips of wood fixed to a 
plywood centre using 30mm long M4 bolts, as shown in Figure 2a. The 
outer bolts fixing the front and side supports can be removed for folding 
prior to transportation, as shown in Figure 2b. 


The wires are fixed to the front and rear supports using screw connectors, 
sometimes called ‘chocolate block’ connectors. Detail X and Y of Figure 2 
show how this is done. The side supports have holes in the ends through 
which the wire is threaded. 


The aerial must be mounted in the horizontal plane using a small shelf 
bracket attached to the centre plate, using the same bolts that hold the rear 
support. The other half of the bracket may be mounted to a vertical mast 
using screws or jubilee clips (hose clips). 


The balun 


Cut a 23 cm length of coaxial cable; this is to be our half-wave transformer. 
Cut and remove 2.cm from each end of the sheath. Make the braid into a 
pigtail at each end. Cut and remove 1cm of the inner insulator from each 


An experimental 70cm rhombic aerial 


3007? resistor made Irom lwo 
6002 resistors In parallel 
v4 {see texl) 











Coaxial teeder 
to transmitter 







Coaxial cable 
(23cm long) 
balun 


Braiding al 
coamal cables 
Jomned together 





Detail X 


Wooden wire 


ir 
supports Detar ¥ 





Wire routed 
through support 






\ Sm thick 


« 210rmrmn square 10 x 20mm 


wood 





lz2em 
(«x 2) 


Imm inswlated wire 


Rsce D265 


(bh 


Figure 2 Construction of the UHF rhombic antenna 


end, leaving 1 cm of the centre conductor exposed. Fasten this piece of cable 
to the chocolate block connector together with the coaxial feeder cable as 
shown in Detail Y of Figure 2. The braids of all three prepared ends are 
soldered together, but are not connected to anything else. The inner 
conductor of the feeder from the transceiver is soldered to one end of the 
centre conductor of the 23cm piece, and is connected to one end of the 
rhombic by one side of the chocolate block. The other end of the half-wave 
transformer also goes to the chocolate block, where it is connected to the 
other side of the rhombic loop. 
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The opposite corner of the rhombic, as shown in Detail X of Figure 2, shows 
that the loop is broken at the chocolate block, and is ‘terminated’ by two 
600 © resistors in parallel. This makes the aerial a broad-band travelling- 
wave device, and gives it its directivity and gain. There is a rule of thumb, 
which includes a safety factor, which says that the terminating resistor must 
be able to absorb one-half of the maximum transmitter output power. So, if 
you use two 2W 6000 carbon resistors (mot wire-wound resistors) in 
parallel, you can use a transmitter with an output of 8 W, which is more 
than adequate for 70cm hand-helds. 


Using the rhombic 


Fit the aerial to a pole or mast in the horizontal plane, if you intend to use 
CW or SSB, but in the vertical plane if you want to concentrate on FM 
work. In the latter case, a wood or fibreglass pole is mandatory. Tune to a 
local repeater, whose signal strength you know. Rotate the aerial to face the 
repeater, and you should see that the signal strength is greatly improved! 
Verify the directional properties of the aerial by rotating it and observing the 
changes in signal strength on your S-meter. 


Water level alarm 


Introduction 


This is a simple device which, when you have built it, you begin to wonder 


how you ever managed without it! It will sound a buzzer when the level of 
water reaches a particular point, which you can set and vary at will. 





Detecting water 


Water is not too difficult to detect electrically, because it is a conductor of 
electricity. Not a good one, but sufficiently so to carry enough current to 
control a warning circuit. 


The circuit is shown in Figure 1. If you imagine a resistor placed between the 
ends marked ‘water detector’, the circuit is then recognisable as a transistor 
used as an electronic switch. Whether the switch is off or on depends on the 
value of this resistor. If the resistance is low, the transistor switches on and 
the buzzer sounds. If the resistance is high, the transistor switches off and 
the buzzer stops. 


Water level alarm 







Water 
detector 
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buzzer 


Cc 
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Figure 1 Circuit diagram of e ©ASGB Dv298 
the water level detector 
Construction 


The unit is made in two separate sections — the detector board (Figure 2) 
and the main board (Figure 3). The main board is plain perforated board 
(without copper strips). The components are pushed through holes in the 
main board and connected together on the underside. The battery is held on 
with sticky tape. No on/off switch is used, as the circuit consumes virtually 
no current when it is not sounding the buzzer. 


Unlike some buzzers, this type is polarised, and the red lead must go to the 
supply as shown in Figs 1 and 3. 


The detector board is a piece of standard matrix board — the type with 
copper strips along one side. It measures 9 strips by 15 holes, and is wired 
in such a way that alternate strips are connected together, as Figure 2 shows. 
This gives a greater surface area for the water to touch, thus increasing the 
sensitivity of detection. 
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Figure 3 Water detector 
constructed from stripboard 
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The two boards are connected by ordinary twisted pair, enabling the 
detector to hang over the edge of the water container, with the buzzer circuit 
safely out of the way. When positioning the detector board, the left-hand 
edge (as shown in Figure 2) should face downwards, with the connecting- 
wire edge facing upwards. When the water level rises, the water causes 
current to flow between adjacent strips, and the higher the water, the lower 
the resistance between them. Eventually, the resistance will be low enough 
to turn on the transistor and sound the alarm. 


Parts list 





Resistor 
Rl 10 000 © (10kQ), 0.25 W 


Semiconductor 
TR1 BFYS1 


Additional items 
WD1 6V miniature buzzer (polarised) 
Battery PP3 
Battery connector 
Strip board 9 strips by 15 holes 
Perforated board 3.5 x 10cm 





A delta loop for 20 metres 


78 A delta loop for 20 metres 


Introduction 


HF aerials take up a lot of room when they are straight. Space can be saved 
by bending them and, at the same time, giving them properties which are 


quite different from their original linear forms. The delta loops shown in 
the accompanying diagrams have the shape of the Greek upper-case letter 
delta (A) upside down. It can be upright, except that it is more practical to 
have the feed point at the bottom than at the top. 





Putting the loop together 


This is the design for a loop to be used on the 20 metre band. It is a very 
popular band and carries most of the amateur radio DX traffic. The aerial 
is light in weight and operates best if the top section is at least 30 ft above 
the ground, with the feeder point being about 6 ft above ground. All you 
need is some good wire, some polypropylene rope, some insulators and a 
method of matching the output of this 75 0 balanced aerial to the 50 0 
unbalanced coaxial input of your transceiver or receiver. 


Each of the three sides must be 7.2 m long. Using tent pegs or six-inch nails, 
mark out the three corners on the lawn, making sure that each pair of pegs 
or nails is exactly 7.2 m apart. Put the wire around the nails, together with 
two insulators on the wire for the two top corners. These insulators can be 
of the ‘dog bone’ variety, or of the home-made type, using a piece of flat 
plastic with holes in each end. The use of these is shown in Figure 1. Located 
at the positions of two of the tent pegs or nails, they must be secured at 
those points by any convenient means. 


Now attach a support rope to the free end of each of the insulators, ready 
for suspension, as shown in the diagrams, from any convenient supports 
(house, tower, tree, etc.). The top section of the loop could be taped to a 
continuous piece of rope between the two supports. You might like to try 
this if you think it is easier. Then, when you find some dog-bone insulators, 
you can change the design and see if there is any noticeable change of 
performance. 


Connecting to the radio 


If you are the proud possessor of an aerial tuning unit (ATU) with a 
balanced output, all you will need is a length of twin cable soldered to the 
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Twin 752 teeder any length or Z match ATU with Transceiver 
18 gauge twin moulded speaker cable twin baianced inputs 


{QRSGB DYs02 


Figure 1 Multiband version of the delta loop connected to the ASTU using 75 © twin feeder 


Figure 2 Multiband version 
of the delta loop using 75 © 
coaxial cable. This 
arrangement requires an 
ASTU if used with a 
multiband antenna 
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ends of your delta loop and connected to the balanced output terminals on 
the ATU, as Figure 1 shows. 


Another way is to buy a ferrite-cored 1:1 balun, and use it as indicated in 
Figure 2. This produces an aerial which will operate over the whole range 
of amateur and commercial short-wave frequencies, when used with an 


ATU. 





Belta loop 





50 coaxial cable direct to receiver 
©RASGA D303 no tuner required 


Figure 3 Single band 
version of the loop antenna 
using a coaxial balun. The 
direction of maximum signal 
strength is indicated by the 
arrows 


A delta loop for 20 metres 






/ 


Support line 
with insulators 


Plastic water pipe 


25 x 46cm 
geen 


50 radio coaxial 
; ; cable to receiver 
Nylon line to tent peg in 
the ground for stability 
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However, since this aerial is designed to be a single-band type, there is a 
simpler answer to the problem of matching the aerial to your 50 0 coaxial 
cable — Figure 3 shows this. Make a tuned balun with a length of plastic 
water pipe, 25cm long and 4cm diameter and a piece of good-quality TV 
aerial cable. TV aerial cable has a characteristic impedance of 75 Q, 
compared with the 50 © of the coaxial feeder that we usually use with 
amateur radio equipment. Use the type with a brown sheath and a closely 
knit earth braid, not the type having an earth foil inside the sheath. 


The length we need for the balun is 3.8 m, but always allow between 3 and 
4cm extra for preparing the ends. Drill two small holes diametrically 
opposed in the top of the tube; these will be used to anchor the two ends of 
the delta loop, as shown in Figure 3. Drill another single hole in the bottom 
end of the tube, which will be used to anchor a nylon line going to the 
ground to add stability to the loop. Then, after drilling a pilot hole, drill a 
5 or 6mm hole near the top end of the tube, as shown in Figure 4. Prepare 
both ends of the coaxial cable, then feed one end into the tube, far enough 
for its ends to be soldered to the ends of the loop when the assembly reaches 
that stage. 


Now, close-wrap the cable around the tube until only about 3cm remain. 
Holding the cable tightly, drill another 6 mm hole beside the free end of the 
cable and feed it into this hole. At this point, feed the two ends of the loop 
into the top two holes and twist it back on itself. Figure 4 shows how this 
is done. Then, solder the ends of the coaxial balun to the ends of the loop. 
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a4 es Cable ends joined 
2 inside the tube to 
hold coit in place 


3-8m cable wound 
tightly onto former 


752 television 
coaxial cable 


502 radio coaxial 
cable to receiver 


One connection to 
inner conductor. 
Join braids together. 
Insulate inner from Braid 
with insulation tape 





Pee Nylon line to 


ground stake 


Figure 4 Construction of the 


balun @AsGs bys0s 


The bottom ends of the balun are then soldered to the 50 Q coax which goes 
to your shack and to the transceiver. 


Hoist the aerial into position carefully, being careful not to pull too hard on 
the support lines. Then, take the nylon line from the bottom of the balun to 
a peg in the ground. This adds stability to the aerial. 


Using the delta loop 


It is a directional aerial, as Figure 3 shows. It produces maximum power 
(and has maximum receive sensitivity) along a direction perpendicular to its 
own plane. Don’t be too concerned with which direction it is pointing at 
first. Give it a try ‘on the air’ and see how it performs. Then you can 
contemplate how to point it in your favourite direction, to the USA, or 
Australia, for example. 
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Experimenting 


You may want to enclose the balun in some sort of weatherproof container. 
Plastic ice cream containers are favourites for this sort of job. Seal all the 
holes where wires enter it with silicone sealant or self-amalgamating tape. 


If you have used ordinary single-strand or multi-strand wire for your aerial, 
it will stretch over time under its own weight and that of the balun. Its 
operating frequency will fall slightly as a result. If you notice a significant 
difference, then dismantle it, remeasure and fix the sides and erect it again, 
perhaps facing a different direction. You can buy pre-stretched or hard- 
drawn wire for such purposes, if you feel that periodic tweaking of your 
aerial is a chore. 


You can make a delta loop for different frequencies simply by scaling the 
lengths of wire for the loop and for the balun according to the design 
frequency. If your maths isn’t quite up to this, enlist the help of someone 
well versed either in maths or aerial design! 


79 A simple desk microphone 


Introduction 


A hand-held transceiver is usually the first type used by most novices. It is 
ideal when used out of doors, in the shack or mobile. However, using one 
in the shack with an outside aerial is not the best of solutions. 


This article describes the design of a desk microphone which can be used 
either for transceivers using a common microphone and push-to-talk (PTT) 
line, or for those using a separate PTT line. 


It is a simple design, using the barrels of two plastic pens, the lid of an old 
coffee jar, and the plastic sheath of a DIN plug. 





Construction 


The end caps and the ink tubes should be removed from two ball-point 
pens, leaving only the two plastic shells. One of them is used for the vertical 
microphone support, while the other is used to hold the microphone 
element. 
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Figure 1 Vertical support 
made from ball-point pen 
shell 


Figure 2 The microphone 
stand base 
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The vertical support should have the pointed end shaped so that it holds the 
microphone support at a convenient angle, as Figure 1 shows. 


The base should be prepared next — see Figure 2. Four holes are required. 
Two, A and B, are small holes for the cable to be fed through. A third, C, 
is slightly larger and is used to take one of the plastic end caps. The fourth 
hole, D, is determined by the type of switch that you want to use for the PTT 
function. 


hen Remove 
1 ——— shaded 
area 
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AandB C tor 
for cable 


All holes D for 
appropriate PTT 
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Figure 3 Complete 
microphone stand assembly 


A simple desk microphone 


Some epoxy resin such as Araldite Rapid is used to mount the separate 
parts. Mix only a small amount at a time, and glue each part of the base 
assembly and allow to harden before moving on. Be sure to read and follow 
the instructions for the use of the glue to prevent accidents. 


Firstly, glue the end cap to the base, feeding it underneath and pushing it up 
through hole C. Then, the vertical pen body is placed over the protruding 
end cap and glued into place, making sure that the top (shaped) end is 
pointing in the right direction to hold the other plastic tube carrying the 
microphone. While the glue hardens, place the DIN plug sheath on the 
second pen body. Place and glue this pen body on the shaped top of the 
vertical support, making sure that the whole assembly is supported while 
the glue sets. What you should have now ought to resemble Figure 3, but 
without the microphone and wiring. Leave everything to set for 24 hours. 


Any switch of the press-to-make variety can be used for your PTT switch, 
but choose one which does not apply too much force to operate! If you find 
the whole assembly is too light and slides over your table, some plasticine 
can be pushed into the base when all the wiring has been completed. 








Old DIN plug body 
housing microphone 


Screened cable 
to microphone 


PTT switch End cap 
To set 
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Figure 4 Wiring diagram for 
hand-held radios 


Figure 5 Wiring diagram for 
radios which use separate 
PTT lines 
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The circuit 


A small electret condenser microphone is used, powered by a DC supply. 
Most hand-held radios use a single screened lead for both the PTT line and 
the microphone audio lead. In such cases, the circuit of Figure 4 will operate 
the PTT function. Note that the PTT switch is in series with the audio lead 
from the microphone. If you find that the PTT switch does not switch your 
radio into transmit, reduce R1 from its normal value of 33 kO to 27 kQ.. You 
should find that the original value works with most hand-helds. 





©RseB Ov229 


For radios with a separate PTT lead, the circuit of Figure 5 is used. 
However, a power supply is needed for the electret microphone. This can 
be a PP3 battery, or can (in most cases) be derived from the microphone 
socket on the transceiver. You will need to consult the makers’ handbook 
for this information. Figure 5 shows the PTT switch wired in a ‘ground- 
to-transmit’ configuration, which is correct for most base-station trans- 
ceivers. If you’re in any doubt about what your radio needs, consult an 
experienced friend. 


+9¥ max 
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The last connections 


The microphone element should be connected with screened cable. Tape 
(masking or insulating) should be wound around the electret insert until it 
is a snug fit inside the DIN plug sheath. Feed the screened cable through the 
barrel of the pen until it emerges from the far end. Poke it through hole B 
and make the connections under the coffee jar lid. The components can all 
be mounted on the PTT switch or on a small piece of Veroboard mounted 
under the top surface. The output lead emerges through hole A and is of 
sufficient length to reach your transceiver. A suitable plug needs to be fitted 
to it. 


Parts list 





Resistors: all 0.25 W carbon, 5% tolerance 
R1 (Figure 4) 33 000 O (33 kQ) 
R1 (Figure 5) 1000 O (1kQ) 


Capacitors 
C1 (Figure 4 and 5) 0.1 microfarads (0.1 wF) disc 
C2 10 microfarads (10 wF) electrolytic 


Additional items 
S1 Push-to-make 
Mic Electret microphone (Maplin type FS34W) 
Screened cable As required 
Plug As required by your radio 
Veroboard If required 
PP3 battery and clip If required 
Two old plastic ball-point pens 
Lid of coffee jar 
Plastic sheath from DIN plug 
Araldite or similar epoxy resin glue 





283 


Radio and Electronics Cookbook 


80 


Figure 1 Circuit diagram of 
the sinewave oscillator and 
amplifier 


284 


Morse oscillator 


Introduction 


This is not the simplest Morse oscillator to build, but it differs from the 
simple circuits in that it produces a pure note, not a coarse, rasping sound. 
People who have practised Morse using a non-sinusoidal oscillator 


sometimes find that they have trouble copying Morse code with a pure 
tone. As the pure tone is the correct way to receive Morse code, it is 
important that you should learn to listen to the code from a pure oscillator 
— so here’s one! 





The twin-T 


There are many oscillator circuits, and there are many variations of the 
twin-T oscillator that we are going to use. Figure 1 shows one version of a 
very useful circuit. All oscillators must have positive feedback in order to 
work. The feedback determines the frequency of the note produced by the 
oscillator. 


b 
Cy) BC109 
e O O +9V 
Key PP3 


(via socket} 
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Figure 2 Component layout 
and interconnection diagram 





Morse oscillator 


Here, the feedback circuit looks like two letter Ts. If you look at Figure 1, 
one T is formed by R1, R2 and C3, the other by C1, C2 and R3 — hence the 
name “Twin-T’. Notice that the two Ts are connected in parallel between the 
collector and base of TR1, so any signal appearing at the collector is fed into 
both Ts. What emerges is then fed back into the base, producing in turn a 
signal at the collector. And so it goes on, producing a sine wave output. 


The oscillator output is fed into an integrated circuit amplifier for output via 
a small loudspeaker. 


Putting it together 


The prototype was constructed on plain matrix board (the type without the 
copper strips), as shown in Figure 2. The components have their leads 
pushed through the holes in the board, and connections are made 
underneath. 


Build the amplifier circuit first, using a socket for IC1. Connect the 9V 
supply and touch pin 3 with an ordinary piece of wire. If a buzz is heard 
from the speaker, all should be well. If not, check your circuit and make 
changes until it does. 


Build the oscillator circuit, and connect its output to the volume control 
VR1 via C4. Set VR1 half-way along its travel and switch on. A note should 
be heard from the speaker when the Morse key is depressed. The component 
values making up the twin-T determine the frequency of the note. Try 
varying them if you think your note is too high or too low. Whatever 
changes you make, either to the resistors or the capacitors, always ensure 
that R1 = R2 and that C1 = C2. 


------- Wires under 
board 


To #9¥ via 
key socket 


Plain perforated 
board 3-5 x $cm 
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Parts list 





Resistors: all 0.25 W carbon film 
18 000 ohms (18 kQ) 
4700 ohms (4.7 kQ) 
10 000 ohms (10kQ) 
10 ohms (10 2) 


10 nF (0.01 pF) 

47 nF (0.047 F) 

100 nF (0.1 pF) 

22 nF (0.022 pF) 

10 pF electrolytic, 16 V WKG 
22 pF electrolytic, 16 V WKG 
220 pF electrolytic, 16 V WKG 


Semiconductor 
TR1 BC109 


Integrated circuit 
IC1 LM386 


Additional items 
10kO, log potentiometer with switch 
8 O loudspeaker 
Matrix board 3.5 x 9cm 
Small jack socket for key input 
Box 
PP3 battery and clip 
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81 A simple 6m beam 


Introduction 


The attraction of building your own aerials is an abiding feature of our 


hobby. You can buy almost any shape or size of aerial, but one you have 
made yourself can often work every bit as well as a commercial device 
costing ten times as much. 





The design 


This aerial, designed for use on the 6 m band, is essentially a two-element 
Yagi, with the elements bent in order to reduce the physical size. It is known 


Total length of reflector 
3m 


Elements tixed to spreaders 
using plastic insulating tape 





Insulator A AN Insulator A [7] 

Tait Tail 

{see (see 

text) text) 

Total length of driven element 
2-98m 
nA 

Figure 1 Plan view of the Feed point 
complete 50 MHz VK2ABQ insulator B 
antenna ©Rsee oy310 
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Figure 2 Centre support 
piece 
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as the VK2ABQ beam, and was designed originally for the 20, 15 and 10m 
bands, principally because of its space-saving qualities. It is made using a 
wooden frame and wire elements, and is ideal for portable operation. 


Tools ready? 


The beam is shown in Figure 1. The driven element is the one whose centre 
is fed by the coaxial cable, and lies between the two insulators marked A 
and the feedpoint at B. The reflector is also anchored at the points A, and 
lies over the upper half of the frame. 


The wooden centrepiece is used to support the cross-pieces and to mount 
the aerial on the mast, using a common shelf bracket. The cross-pieces, 
known as spreaders, can be wooden canes or dowelling, and are mounted to 
the centrepiece using cable clips and adhesive. Figure 2 shows how this is 
done. 


If the aerial is to be a permanent installation, the spreaders should be 
weatherproofed using a good-quality exterior varnish. The wire elements 
are PVC covered and fed through holes in the spreaders. 


Arms 





15em 


Clip and hole 
for coax 
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Figure 3 Details of 
insulators 


A simple 6m beam 


The end insulators are made of drilled perspex, and the wire passed through 
the two holes and twisted, as shown in Figure 3. 


Note: if you have not drilled holes in perspex before, take care! The drill bit 
must be well-lubricated because it generates a lot of heat (enough to melt the 
perspex and jam the drill). Never turn the drill for more than a few seconds 
at a time, and moisten the bit in between. Start with a pilot hole and use bits 
of increasing size until the hole is the size you want. 


Another perspex insulator is used to secure the feeder to the aerial, as shown 
in Figure 3. The feeder then passes directly to the centrepiece, where it is 
fastened with a cable clip and then passes down the mast. 


icm 





tem . zcm 
Side view showing 
how wire is fixed 
16mm dia 
hole 
Insulator A 
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Adjustment 


The driven element (A—B—A) in Figure 1 is fixed to the end insulators in 
such a way as to have ‘pigtails’ which are about 10cm long. Using an SWR 
meter between the aerial and the transmitter, trim the pigtails equally at 
each end for minimum SWR in that portion of the 6m band in which you 
plan to work. Make sure that the transmitter is off when you trim the ends, 
as high voltages can be present there. Always listen on the frequency before 
you transmit and, when you do, ask if the frequency is in use and identify 
yourself. Use as little power as possible. 


The prototype had an SWR of 1.2 at 50.2 MHz and performed well. If you 
look at Figure 1, which is a view of the aerial from above, you will 
immediately see that when the aerial is horizontal, it radiates with 
horizontal polarisation in a direction from the top of the page to the 
bottom. A metal pole or mast can be used for horizontal polarisation, but 
if you intend to use the aerial for vertical polarisation, it is much better to 
use a wooden or fibreglass pole. 


Portable use 


If you plan to operate portable with this aerial, the only real modifications 
you need are to the centrepiece and how it supports the spreaders. Instead 
of using glue and cable clips, nuts and bolts through the spreaders and 
centrepiece would allow the spreaders to be ‘hinged’ closed for transport. 


Materials 





Centrepiece Hardwood, 15 x 15x 25mm 

4 spreaders 110 cm long (cane or 6 mm dowel) 

Wire 1.5mm PVC-covered copper 

50 0 coaxial cable RGS58 or similar 

Cable clips 6 mm (12 off) 

Varnish Polyurethane for waterproofing 

Tape Self-amalgamating, to waterproof all soldered joints 
Insulators See text 
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amplifier 


Introduction 


A simple audio-frequency amplifier is a very useful building-block in many 


more advanced electronic circuits. It is also a very useful piece of test 
equipment. To have one spare in the shack can be a life-saver at times. 





Planning 


Get into the habit of planning your project. How do you want it to look 
when it is finished. Do you want it in a box? Do you want it ‘open-plan’, 
with all the components on view? 


The ‘minimalist? approach to any project is simply a front panel and a 
baseboard, on to which all the components are fitted. In this case, the front 
panel would accommodate the loudspeaker, the volume control and the 
input and output jack sockets, and the baseboard would support the circuit 
board. Once you have decided these things, and know the size of the board, 
speaker and volume control, you can decided how big the panel and 


baseboard should be. 


The amplifier 


Instead of building the amplifier from discrete components (i.e. transistors), 
as was done in the project An audio-frequency amplifier (which you will 
find elsewhere in this book), we are going to use an integrated-circuit (IC) 
amplifier. External resistors and capacitors are still needed but, compared 
with the number of components inside the chip, these are very few 
indeed! 


The IC we are going to use is the TBA820M. The circuit may look 
complicated, but with the use of a matrix circuit board it becomes quite 
simple. Figure 1 shows the circuit diagram and Figure 2 the layout on the 
board. The external connections to the PCB are shown in Figure 3. 


To avoid having a separate switch to switch off the power supply when 
the amplifier is not being used, a volume control which incorporates a 
switch is used. 
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Figure 1 Audio amplifier, 


circuit diagram @AsGs Ova31 





Figure 2 Audio amplifier, 
component layout 
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Positive connection 







To battery 
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Figure 3 Connecting the 
circuit board to the speaker, 
volume control/switch and 
battery 


Speaker 
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A novice ATU 


What power supply? 


If the amplifier is to be used only for short periods, as a test instrument, for 
example, then it can be run from a PP3 battery, which can be mounted on 
the baseboard. If you intend to use it often, then a connection to an external 
power supply is preferable. For this option, you may want to consider fixing 
two terminals to the baseboard for this connection. 


83 A novice ATU 


Introduction 


Having an aerial tuning unit (ATU) is always useful. It is used for adjusting 
the aerial impedance, as ‘seen’ by the transceiver, to be the same as that of 
the transceiver itself, usually 50. This process is called matching, and 
ensures that the receiver and the power amplifier (PA) stage of the 
transmitter work efficiently. 


This design is due to the late Doug DeMaw, W1EFB, and uses readily available 
components. It will handle up to about 5W, and operates over the 
frequency range 1.8 to 30 MHz. 





Circuit evolution 


The basic circuit of one type of ATU is shown in Figure 1. On transmit, the 
input signal at L1 is coupled into L2, which forms a resonant circuit with 
C1. The signal across the resonant circuit is fed to the aerial by C2. The 
combination of L2 and C1 helps to remove signal harmonics, because they 
are not at the resonant frequency and are shunted to earth. On receive, only 
those signals which are within the pass-band of L2 and C1 will pass into the 
receiver. This improves receiver performance by rejecting many out-of-band 
signals which the simpler receiver doesn’t like. 
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Figure 1 Basic circuit of the 
ATU 


Figure 2 L6 added for 
160m 
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For this design, the all-important resonant frequency is chosen to be in the 
80 metre band. If we want to make the circuit operate on other bands, we 
need to change either L2 or C1. It is easy to change L2 by using a set of 
switched inductors (L3—L5) as shown attached to S1 in Figure 2. Forget 
about S2 and L6 for the moment. 





@RSGB DY324 


When S1 is in position 1, the circuit reverts to that of Figure 1. $2 should be 
brought into circuit only when S1 is in position 1. Looking at the way the 
circuit is drawn, you can see that when S2 is in position 2, we have two coils 
in series, which is equivalent to adding more turns to L2. More turns means 
more inductance, which lowers the resonant frequency still more, and gives 
coverage of the 160m band. 


Rather than having to remember to flick $2 to the correct position and move 
S1 to position 1 when we want to operate on 160m, both functions can 
be combined into one rotary switch with two wafers. This circuit is shown 
in Figure 3. 


Figure 3 Two-pole switch 
for all bands 


Figure 4 L1 is wound over 
L2 as shown 


A novice ATU 


Lé 






Output 
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In all positions of S1a except position 1, the extra coil, L6, is shorted out. The 
two halves of the switch, $1a and $1b, move together, as the shaft is turned, so 
both halves are in position 1 at the same time, position 2 at the same time, and 
so on. The two switches, $1 and 82, are said to be ganged. 


Construction 


L1 is formed by winding four turns of 22 SWG enamelled copper wire over 
L2, as in Figure 4. L2 already exists on the purchased former. After scraping 
the enamel off the ends of the wire (with a sharp knife or sandpaper), one 
end of L1 must be soldered to one end of L2, as shown in Figure 4. The free 
end of L1 goes to the transceiver aerial socket. 


All components except the capacitors are assembled on the switch. Note 
that the rotor of C1 is earthed, but neither side of C2 is earthed. This means 
that the metal shaft of C2 is not earthed, and touching it will detune the 
ATU. Using a plastic knob for C2 will minimise this effect. If you decide to 
use a metal box, take precautions to ensure that no part of C2 is in electrical 
contact with the box. 


u Jo input 
{4 turns of socket 
22S WG wire) 


L2 
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a one 

C) e. ; 

This is now bb cl 
the earth end 0 

tor both coits 
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The capacitors are mounted using M2.5 screws. Make sure that the screws 
do not foul the vanes of the capacitor. If your screws are too long, a few 
washers between the box and the capacitor will solve the problem! 


In use 


The best indication of a good match is obtained with a standing-wave meter 
between the ATU and the transceiver. The controls are adjusted alternately 
to ‘feel’ your way to a better and better match. 


For receive-only use, the same alternate adjustments are used, watching for 
the maximum signal strength on the S-meter or, for a very weak signal, 
making the signal from the loudspeaker as large as possible. 


Parts list 





Capacitors 
C1, C2 350 pF variable 


Inductors 
See text 
27 pH 
10 pH 
2.2 pH 
1pH 
65 pH 


Additional items 
$0239 sockets (2 off) 
S1 2-pole 6-way rotary 
Box as required 
Plastic knobs (2 off) 
Stick-on feet (4 off) 
M2.5 screws for capacitors 
Screws, nuts and washers for mounting the input and output 
sockets. 
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84 CW QRP transmitter for 


Figure 1 Block diagram of 
the ceramic resonator 
controlled 80 m CW 
transmitter 


80 metres 


Introduction 


This is a relatively simple transmitter design having an output of 1W. The 


design is not new, having been described before in other amateur radio 
publications. The components are all available new and the total cost 
should not exceed £15. 





The circuit 


Like other simple transmitters (see An 80 Metre Crystal-Controlled CW 
Transmitter and A Breadboard 80m CW Transmitter elsewhere in this 
book) this one is crystal controlled. This assures frequency stability, but 
limits the usefulness of the transmitter. The key to increased frequency 
coverage without a conventional Variable Frequency Oscillator (VFO) is the 
use of a low-cost 3.58 MHz ceramic resonator. The ‘pulling’ range of a 
3.58 MHz ceramic resonator covers the UK novice 80 m sub-band and some 
of the CW segment below 3.525 MHz. 


A ceramic resonator is like a crystal, but not quite as stable in frequency. Its 
main advantage is its large pulling range. 


The block diagram is shown in Figure 1. It is very similar to a crystal- 
controlled transmitter, and includes an oscillator, buffer and final amplifier. 
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This amplifier is keyed, the oscillator remaining running all the time. This 
improves frequency stability because the oscillator is not being continuously 
stopped and started by the key. It is switched off while receiving, though, to 
avoid interference with the received signal. Transmit/receive switching is 
accomplished by a panel-mounted switch controlling both the aerial, 
oscillator and buffer switching. 


Figure 2 shows the transmitter circuit diagram. An unusual aspect of this 
transmitter is the use of a digital CMOS integrated circuit (IC) type 4069 for 
the buffer and oscillator stages. The IC houses six inverters, four of which 
are used in the circuit. One is used as the oscillator, two are used for the 
buffer stage, and the fourth provides an output for a direct-conversion 
receiver, should one be added at a later date. 


The frequency of the oscillator is changed by varying the capacitance in the 
ceramic resonator circuit. This is provided by VC1. 


The power amplifier (PA) is a small MOSFET (metal oxide semiconductor 
field-effect transistor), TR1. This is capable of providing an output power of 
2 W but, in this circuit, it is run conservatively to give 1.5 W. The output can 
be varied by changing the resistance (RS + R6) in the gate circuit. Attempts 
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Figure 2 Circuit diagram of 80 metre transmitter 
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to raise the output power by decreasing the values of these resistors may 
result in immediate MOSFET failure. 


A pi-network (C8, RFC, C9) provides impedance matching to 50 Q, 
together with harmonic suppression. Like all inductors in this transmitter, 
the pi-network inductor is a pre-wound RF choke. A pi-network is so 
called because the components are arranged in the shape of the Greek letter 
pi (7). 


Keying is carried out by a pnp transistor switch, TR2. Closing the key earths 
the base and supplies 12 V to the collector of TR2 and to the drain of the 
MOSFET, TR1, allowing the PA to operate. 


Construction 


You must house your transmitter in a metal box, to avoid hand-capacity 
effects and the radiation of spurious frequencies. Size is not important, 
provided it is large enough to accommodate the transmitter without 
cramping the components. You may want to allow space for future 
additions such as a direct-conversion receiver, break-in keying, sidetone or 
a small power amplifier. A good size is 5 x 15 x 15cm. You can make your 
own box, buy it, or even use a biscuit tin! 


Front and rear panel connectors can be fitted first. The choice of these is a 
personal matter, but a good working choice would be: 


(a) Power socket — 2.1mm panel socket — centre pin positive. 
(b) Key socket — % inch jack socket. 
(c) Aerial and receiver connectors — panel-mounting SO239 type. 


Particular attention must be paid to the mounting of the variable capacitor, 
VC1. Make sure the hole for the shaft is amply big enough, and if you use 
screws to mount the capacitor on the front panel, then make sure they are 
not too long, otherwise they will touch the vanes of the capacitor! Mounting 


can be by means of glue, sparingly applied and kept well away from the 
shaft. 


A board size of about 6 x 10cm is adequate. Component layout on the 
board is suggested in Figure 3. The prototype used ordinary matrix board, 
which is preferable to stripboard for a design like this; stripboard has undue 
capacitance between adjacent strips. Component leads are fed through holes 
in the board and are connected underneath. Make sure that leads and 
connections are rigid because, if they can move, there is always the danger 
of short-circuiting, and capacitance changes. 


To facilitate construction, servicing and testing, it is advisable to use 
Veropins for connections to the variable capacitor, transmit/receive switch, 
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Figure 3 Component layout of the 80 metre transmitter. The transmit/receive switch is not mounted on the board 
and is not shown in this diagram 
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aerial and power sockets. Use screws and spacers to mount the circuit board 
to the box. Mounting the board horizontally assists troubleshooting. 


Use a socket for the IC, and observe the CMOS handling precautions given 
in An Electronic Die, elsewhere in this book. When soldering the leads to 
the ceramic resonator, do it quickly — excessive heat damages the device. The 
earth lead running acoss the bottom of the board must be connected to the 
metal case by a short length of stout wire. 


Testing 


After carefully checking your wiring, both against the circuit diagram and 
the layout diagram, it is time to test your circuit. You will need a multimeter, 
an 80m SSB receiver and a 50 Q dummy load. A good design of dummy 
load can be found in the project A Switched Dummy Load, also in this 
book. An RF power meter and frequency counter will also be useful, 
although if your receiver has a digital frequency readout and S-meter, the 
latter two items are not really necessary. You will also need a 12V 1A 
power supply unit (PSU) to power the transmitter. 


CW QRP transmitter for 80 metres 


Switch the transmitter to receive and switch on the transmitter. No current 
should be consumed. Switch to transmit and check that pin 14 of IC1 is 
6.8 V positive. With the dummy load connected to the aerial socket, press 
the key. The voltage on TR2 collector should now be 12 V, dropping to zero 
when the key is released. 


Now check the operation of the oscillator. In transmit mode, you ought to 
be able to find a strong carrier signal with the receiver, even though the 
dummy load is connected. Adjusting the variable capacitor should change 
the frequency. At the lower end of the frequency range, you may find that 
the oscillator is unreliable in starting, because the circuit is attempting to 
pull the resonator too low in frequency. If this is the case, set the trimmer at 
the back of VC1 to minimum capacitance. If your version of VC1 has two 
trimmers, and you don’t know which one to set, set them both to minimum 
capacitance. If there is still a problem, reduce the value of RFC1 to 6.8 or 
4.7 aH. 


In all probability, the unmodified circuit of Figure 2 will not require any of 
the changes outlined here. A coverage of 3.518 to 3.558 MHz should 
be possible, while preserving good frequency stability and reliable 
oscillation. 


A signal probe (see An RF Signal Probe, elsewhere in this book) is useful for 
checking the operation of the oscillator and PA. Alternatively, an RF power 
meter or the receiver’s S-meter can be used. With the PA running, the unit 
should draw between 200 and 300 mA. If TR1 becomes too hot to touch 
after a few seconds of transmitting, increase RS or R6 to limit the 
transistor’s heat dissipation. A small 6.3 V bulb connected across the aerial 
output is a simple way to check that the PA is working. An orange/white 
glow when the key is pressed is indicative of correct operation. 


The final test is to monitor keying ‘quality’. With your dummy load 
connected, press the key and listen to the note on the receiver’s loudspeaker. 
Then operate the key, sending a string of dits, for example. What you hear 
should be free of chirps and clicks, as well as being stable in frequency. This 
test is sometimes better performed with no aerial connected to the receiver, 
thus preventing receiver overload and its associated plops. No problems 
should be encountered here. 


Frequency tuning 


A peculiarity of ceramic resonators is that, every now and again, their 
frequency changes abruptly by 100 Hz or so, then remains stable for some 
time. This is certainly noticeable in the received signal, but does not detract 
from the QSO and no characters are lost as a result. Try to keep the area 
around the ceramic resonator cool, to avoid temperature variations. 
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Parts list 





Resistors: all 0.25 W, 5% tolerance 
10 megohms (MQ) 
2200 ohms (2.2 kQ) 
270 ohms (270 Q) 
1 megohm (1 MQ) 
1.5 megohms (1.5 MQ) 
1000 ohms (1kQ) 


100 nF 

100 pF 

47 pF 

1nF 

10nF 

560 pF 

820 pF 
10-160 pF variable 


Inductors 
RFC1 8.2 pH 
RFC2 10 pH 
RFC3 2.2 pH 


Semiconductors 
IC1 4069 
TRI VN10KM 
TR2 BC640 
D1 6V8 Zener 


Additional items 
Matrix board (see text) 
14-pin DIL socket 
Pointer knob 
Sockets (see text) 
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An audio booster for your hand-held 


85 An audio booster for your 


Figure 1 Circuit diagram of 
the audio amplifier. The 
power is derived from the 
cigarette lighter socket and 
the fuse is in-line with the 
lead 


hand-held 


Introduction 


The audio output from many hand-held transceivers and receivers usually 
leaves much to be desired, so this little amplifier was designed to increase 
the output at minimal expense. 


All that is needed is a separate amplifier and bigger loudspeaker. This is 
accomplished using a single integrated circuit (IC), a few components, and 
a loudspeaker from the junk box. This circuit will enable the output from 
your hand-held to be heard easily in a car. 





The circuit 


This is shown in Figure 1. It uses only those components necessary to 
operate the IC amplifier. VR1 is the preset volume control, and varies the 
signal coming from the ‘External speaker’ jack on the hand-held before 
feeding it into the IC for amplification. C1 blocks any constant voltage 
present on the input. 
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Figure 2 Layout of the 
components within the box 
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The IC output comes from pin 4 and is fed via the electrolytic capacitor, C4, 
to the loudspeaker. The circuit is provided with an on/off switch, fuse and 
LED to indicate when the circuit is switched on. 


Construction 


The box is made of aluminium. This is necessary to help to dissipate some 
of the heat generated by the IC. Do not build the circuit inside a plastic box 
unless you take special precautions! The IC has a metal mounting tab with 
a hole, specifically designed to be mounted to a metal box or other metal 
heat sink. Apply plenty of heat sink compound between the tab and the box, 
tighten the nut and bolt, and then wipe off any excess compound. The box 
will get slightly warm in operation. 


The size of the box is not specified. You may want to decide on this when 
you find a loudspeaker. Choose one which will be able to handle 6W 
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A grid dip oscillator 


output. Drill all the holes in the box first. Holes for the speaker, input phono 
socket and the LED. The amplifier can be constructed on ordinary matrix 
board, which can be mounted inside the box with screws and spacers. 


The layout is shown, for your guidance, in Figure 2. The components are 
mounted by pushing their leads through the holes in the board and making 
connections on the underside. The preset volume control, VR1, is set such 
that the hand-held’s volume control is sufficient to control the final output 
over a good volume range. Use a screened lead from the ‘External speaker’ 
jack socket to the phono plug. 


An external power supply is needed for this circuit. The normal dry battery 
which we usually use for small projects in this book will not work here, so 
you will need a proper mains power supply producing a stabilised 12 V. If 
you are going to use the unit principally in a car, then the cigar lighter socket 
can supply this voltage easily. Do make sure that the polarity is correct 
before you switch on! 


When you plug the jack plug from your booster into the ‘External 
speaker’ socket on your hand-held, its internal speaker will be muted, so 
don’t think that something dire has gone wrong! Adjust VR1 for a good 
volume range on your booster, when the volume control is turned on the 


hand-held. 





Parts list 





Resistors: all 0.25 W, 5% tolerance, unless otherwise stated 


R1 15 ohms (15 Q) 1 W 

R2 220 ohms (220 9) 

R3 2.2 ohms (2.2 Q) 

R4 470 ohms (470 Q) 

VRI1 1000 ohms (1k Q) 
Capacitors 

C1 10 pF 25V 

C2 470 pF 25 V 

C3,C5 220 nF (0.22 pF) Mylar 

C4 1000 pF 25 V 

C6 100 pF 25 V 
Semiconductor 

LED 5mm Red 


Integrated circuit 
IC1 TDA2003 
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Additional items 
Heat sink compound 
Nuts and bolts 
Loudspeaker 4 0 6 W 
3A fuse 
On/off switch (SPST) 
Matrix board 4 x 6cm 
Solder tags 
Plugs and screened cable for connecting lead 
Aluminium box 
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Introduction 


When an inductor and a capacitor are connected, whether in series or 
parallel, they form a circuit with a natural (or resonant) frequency. The 
circuit stores energy, and this energy is being constantly shifted from the 
inductor to the capacitor and back again. 


The dip oscillator is a simple instrument used to measure the resonant 
frequency of a tuned circuit without having to make any direct connection 
to the circuit. The circuit is more commonly known as the grid dip oscillator 
(GDO), from the days when the active device in the circuit was a valve. The 
FET or Field-Effect Transistor operates in a way which is very similar to that 
of the valve, so it is not quite a misnomer to call this instrument a grid dip 
oscillator, too. 





The circuit 


The GDO uses a calibrated, tunable FET oscillator in the circuit of Figure 
1. It has a frequency range of 1.6 to 35.2 MHz in four ranges using a set of 
plug-in coils, shown in Figure 2. When the oscillator coil, L1, is placed near 
an external resonant circuit, some of its RF energy is coupled into the 
external circuit. A gain in energy of the external circuit must mean a loss of 
energy in the GDO circuit, resulting in a change of current through TR1, 
which is measured by the meter, M1. 


The current through TR1 is of the order of 5 to 8mA, but the change 
of current may be only a few microamps. To measure a very small 
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Figure 1 Circuit of an FET GDO. The coils are wound on DIN speater plugs, which provide both a plug-in base and a 


coil former 


Figure 2 Details of coil 
construction: 

Range 1: 1.6—4.0 MHz 55 
turns of 30 SWG 

Range 2: 3.3-7.9 MHz 27 
turns of 30 SWG 

Range 3: 6.3—4.0 MHz 14 
turns of 26 SWG 

Range 4: 11.9-4.0 MHz 7 
turns of 24 SWG. 


L1 winding 
( see caption ) 


2-pin DIN 
loudspeaker 
plug 
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change superimposed on a much larger standing current, the method of 
offset can be used. 


One connection to the meter goes to the source of the FET, while the other 
goes to a variable offset voltage set by VR1. M1 has a full-scale deflection 
(FSD) of 100 pA. If the current through TR1 changes, the voltage across R3 
changes. When there is no resonance, the voltage at the wiper of VR1 is set 
to be very slightly greater than that across R3, and there is a 75% FSD meter 
deflection. When the voltage across R3 decreases very slightly, due to 
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external circuit resonance, a significant ‘dip’ in the meter deflection is 
produced, hence the name of the instrument. 


The circuit is not difficult to make on standard matrix board. Provided you 
can follow a circuit and translate it into a good component layout, then this 
project is probably only an evening’s work. 


The most important part of the GDO is the tuning capacitor and its 
associated frequency-calibrated dial. New, air-spaced tuning capacitors can 
cost you up to £20, so it is worth delving around in junk boxes, or scouring 
the tables at a local boot sale or rally. The tuning capacitor from an old 
transistor radio should be perfect. It may even have a slow-motion drive and 
a dial which can be remarked for the project. 


Choose a coil plug and socket arrangement that is practical. Think about 
crystal holders or phono plugs and sockets. The prototype shown in Figure 
1 and Figure 2 used 2-pin DIN plugs, with the coil wound on the outside of 
the plastic plug cover. Figure 2 shows the coil construction and the winding 
details. 


If you use a variable capacitor, VC1, with a value different from that shown 
in the parts list, then the frequency ranges will be different. This does not 
matter, as it will be taken into account during calibration. 


Position VC1 so that the dial will be easy to see and to operate, while 
locating the coil socket as close to it as possible. Figure 3 shows the 
traditional layout of the GDO. 


Calibration 


Because the GDO also radiates a very small amount of energy, a general 
coverage receiver can be used to calibrate the dial. Don’t try to aim for great 
accuracy and clutter the dial with marks and figures! If you include C10, R7 
and R8 in your circuit, you can connect a frequency counter directly to the 
GDO and leave it in circuit all the time. 


The GDO in use 


Always try to place the external tuned circuit with its coil coaxial with the 
plug-in coil, as shown in Figs 1 and 3. If the coils are at right angles, the 
GDO may not produce any resonance. Set the offset control to give about 
75% FSD and slowly tune L1 through its whole range. If no dip occurs, you 
may have the wrong coil plugged in. When you eventually find a dip, move 
the external coil further away until only a minute dip is seen. You may have 
to retune the dip meter as you do this, but it gives a much more accurate 
reading of frequency. 


Remember that you cannot ‘dip’ a coil by itself — there must always be a 
capacitor present. 
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Figure 4 A wire antenna 
element can be looped into 
a single turn coil for 
increased coupling to the 
GDO 
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Aerial resonance 


Figure 4 shows how to check the resonance of a dipole aerial. Disconnect 
the coax feed at the aerial and place a short piece of wire, terminated with 
crocodile clips, across the centre insulator to short together the two ends of 
the aerial. By placing the GDO close to the shorting link, a dip should be 
seen on the meter while VC1 is turned. Alternatively, a loop in the element 
can be made around the coil, as in Figure 4, or the shorting link can be made 
long enough to loop over the coil. The latter method does not require 
tampering with the mounting and tensioning of the dipole wires. 


Loop in antenna 
element held 
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Parts list 





Resistors: all 0.25 W, 5% tolerance 
100 000 ohms (100 kQ) 
56 ohms (56 Q) 
1000 ohms (1 kQ) 
5600 ohms (5.6 kQ) 
560 ohms (560 2) 
4700 ohms (4.7 kQ) 
1000 ohms (1 kQ) 
5600 ohms (5.6 kQ) 
1000 (1 kQ) linear 


Capacitors 
C1, C2 22 pF 
C3, C4 100 pF 
CS, C7, C9 100 nF (0.1 pF) 
C6, C8 1 nF (1000 pF) 
C10 6.8 pF 
vcl1 2 x 365 pF 


Semiconductors 
TR1 J304 or similar 
D1 1N4148 
LED 


Additional items 
See Figure 2 
1mH 
SPST 
100 pA 


Source 





Components are available from Maplin. 
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87 A CW transmitter for 160 to 


Figure 1 Transmitter circuit 
diagram 
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20 metres 


Introduction 


This very small transmitter is designed to work on any band from top band 


(160 m) to 20 m, with an RF output of 1 W. It will work on higher frequencies 
but with a reduced output. 





The circuit 


The three-transistor circuit is shown in Figure 1. It comprises a crystal 
oscillator using a BC182 transistor which drives a 2N3866 power amplifier 
(PA) keyed by a ZTX750 PNP transistor. The oscillator and PA are coupled 
by a capacitor and resistor; this provides a very small amount of positive 
bias to the PA. 


The oscillator can be used as a basic crystal oscillator but, by including a 
variable series capacitor as shown in Figure 1, the crystal frequency can be 
‘pulled’ slightly, making the oscillator a variable crystal oscillator (VXO). 


Construction 


The PCB layout is shown in Figure 2 and in the photograph. Although the 
prototype was built around a PCB, this circuit is equally amenable to 
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Figure 2 Component placing on the PCB. The external connections are also shown 


construction on a matrix board. Populating the PCB is very simple, and you 
can expect to be able to do this in about one hour. The radio-frequency 
choke (RFC) is made by winding 10 turns of 33 SWG wire on a ferrite bead. 
The enamel coating of the wire is intended to vaporise when soldered into 
the board, thus obviating the need to remove the enamel manually with a 
knife or sandpaper. However, if you do have problems with the PA either 
not working or keying intermittently, it is suggested that you investigate the 
RFC connections immediately! 


If you decide to make the VXO version, you will have to cut the track 
between the crystal and earth, and connect the variable capacitor (250 pF) 
across the break. 


In use 


After performing the usual checks on the accuracy of your circuit building 
and the wiring of the external components, it is time to connect a 12 V 
battery between the points shown in Figure 2. Do not switch on yet. An 
aerial needs to be connected to the output via an ATU and a crystal, of 
frequency matching that of the aerial, fitted. The variable capacitor should 
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give you a tuning range from about 14.058 to 14.064 MHz. ‘Netting’ (the 
process of tuning your transmitter to the same frequency as that of a 
received station) is achieved simply, because the oscillator is always running, 
and the leakage of the signal (despite the fact that the PA is not powered) is 
sufficient to bring the two frequencies to zero beat. 
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Warning 


Note that the transmitter has no filtering; harmonics are not suppressed. It 
is strongly recommended that you use this transmitter in conjunction with 
the excellent low-pass filter described in the project A 7-element low-pass 
filter for transmitters, described elsewhere in this book. 


Matching the end-fed 
random-wire aerial 


Introduction 


Many amateurs who do not have the space (or money) for a multi-band 
beam aerial, make use of the simplest possible alternative — the longest 
piece of wire that they can erect, with its end connected to the transceiver 
or receiver by an aerial tuning unit (ATU). 


The length of the wire is not of major importance. Any length between 10 m 
and 80m, with bends if necessary, will suffice. A good earth connection to 
the radio is just as important. Bends in the aerial wire can have some 
interesting effects on the directional properties of the aerial; V- or L-bends, 
or even a square shape are permitted. The only thing not permitted is to 
fold the wire back on itself in a tight hairpin bend! 





Longish wire aerials 


The term ‘long wire’ is usually used (incorrectly) to describe an end-fed 
aerial. How long is a piece of string? It depends what you mean by ‘long’. 
In aerial parlance, it means ‘long with respect to one wavelength’. Again, 
this depends on the band you are using. A long wire at 20m is somewhat 
different from a long wire at 160m. However, if you have sufficient real 
estate for a long wire on the 160m band it must, by definition, be a long 
wire on all the other bands, too! 
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This should put you on your guard when analysing published data about 
feed-point impedance and the directional properties of a long wire aerial. 
Such theoretical data relate to a real, ideal long wire which is straight, 
horizontal, very high above perfect (conducting) ground, and not obstructed 
in any way. So your aerial doesn’t quite match these criteria? Join the 
club! 


Don’t let this dampen your ardour when it comes to evaluating what the 
longish wire can do for you. The following should explain why. 


Feed-point impedance 


The impedance at the end of a longish-wire aerial can vary from a few tens 
of ohms to several thousand ohms, depending on the frequency in use and 
the wire length. It is also affected by factors such as bends, height above 
ground, proximity to buildings and wire diameter. 


The actual value doesn’t matter, provided we can make the aerial appear to 
have a 50 2 impedance at the aerial socket of the transmitter. This process 
is what we call impedance matching, or simply matching. It maximises the 
power transfer from the transmitter to the aerial, and from the aerial to the 
receiver. 


That is why an aerial tuning unit, or ATU, is almost (but not necessarily) 
obligatory. 


The ATU 


Many commercially produced HF receivers and transceivers have single 
50 0 coaxial sockets as their one and only means for connecting an external 
aerial. This means that an external aerial should have a 500 feed 
impedance if it is to work efficiently, and it rules out most of the aerials 
being used by amateurs on the HF bands. Some means is necessary to 
change the aerial feed impedance to ‘match’ that of the transceiver. Such 
impedance-matching, or Z-matching (because Z is the symbol for imped- 
ance, just as L is the symbol for inductance) is the réle of the ATU. 


These can be bought and will accommodate either an end-fed or a coax-fed 
aerial. They can be bought ready for use or in kit form. Whether you want 
one for receiving only, or for use with a low-power (QRP) or high-power 
(QRO) transmitter, will determine what you need and how much 


you pay. 


Figure 1 Parallel tuned 
circuit as single-band ATU 
for end-fed longish-wire 
antenna 


Matching the end-fed random-wire aerial 


A simple single-band ATU 


The simplest form of ATU is shown in Figure 1. It is simply a parallel LC 
(coil and capacitor) circuit, resonant at the chosen frequency, with taps on 
the coil for the aerial and the coaxial feed to the transceiver. If we assume 
the circuit is resonant, a high impedance exists at the top of the coil, and a 
low impedance at the bottom. 


We said earlier that the end-fed longish wire presented an impedance which 
was high (or at least higher than 50). This explains why the aerial is 
tapped to the coil near the top, where the impedance is high, and the 500 
coax is tapped near the bottom, where the impedance is low. 






End-fed 
wire 
antenna 


Tuned to 
required 
wave-band 
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Because the feed-point impedance of the aerial changes with frequency, so 
must the point at which the aerial is tapped to the coil to achieve impedance 
matching. The value of C must be changed also, to ensure that the circuit is 
resonant, and the 50 tap will require tweaking also. 


Setting up an ATU is quite simple. Make up an LC parallel-tuned circuit 
consisting of 50 turns of enamelled copper wire on an empty 35 mm film 
plastic container (or similar), tuned with a 500 pF variable capacitor. Make 
sure the enamel is removed from the ends of the wire before soldering. 


Solder the inner wire of the coaxial cable from the radio to the first or 
second turn of the coil from its grounded end. Then solder the braid to the 
grounded end. Connect the aerial about one-third of the way down the coil 
from the top, removing the enamel at the connection point. 


Adjust the variable capacitor for maximum noise or signal strength in the 
receiver. Then, try different tapping points from the aerial, to maximise the 
signal again. This matches the aerial impedance to that of the tuned circuit. 
Repeat the process with the coax tap, thus matching the impedance of the 
radio and the cable to that of the tuned circuit. 
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Figure 2 Simple multi-band 
ATU for end-fed longish-wire 
antennas 
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You will no doubt find that the tapping process on the coil was not easily 
accomplished, especially when the enamel must be removed at each tapping 
point without shorting adjacent turns together. It is therefore logical to 
produce a design where the taps have been prepared during the winding of 
the coil, and are selected with a rotary switch. To this end, the following 
multi-band design is described. 


A multi-band ATU 


The same type of coil design around a 35 mm film container is used (see 
Figure 2). The tapping points can be prepared in advance by a little 
judicious planning. Dismantle your original coil and measure the length of 
wire on it. It will be a little more than a calculation of 50 x mD would 
suggest (where D is the diameter of the film container), due to the lack of 
tension in the coil and the wire diameter itself. You will need aerial tapping 
points at turns 1, 2, 3, 5, 10, 15, 20, 25, 30, 35, 40 and 45, corresponding 
to all the bands from 28 MHz to 1.8 MHz. The coaxial cable tap is fixed at 
turn 2 (an acceptable compromise). All the turns are counted from the 
earthy end. 


Cut another piece of enamelled copper the same length as you used 
originally. Then, with the aid of an ordinary calculator, work out the 
positions of the points where the enamel must be removed for the taps. For 
example, turn 15 will have to be made # of the way along the wire, turn 20 
tap made at 3 of the way along. So, if the length of wire is, say 4.7 metres, 
the two taps in question will be made at ¥ x 4.7 = 1.41m and 3 x 4.7 = 
1.88 m from one end. This must be repeated for each of the tap positions, 
and the enamel removed ready for the wire to be soldered to it. With a 
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Matching the end-fed random-wire aerial 


soldering iron, tin each tap point while the copper is shiny, thus ensuring a 
good, low-resistance connection. Do not solder on the taps yet. 


The coil can now be wound as before. The taps can be soldered on, taking 
the lead from each one to the wafer of a single-pole 12-way rotary switch, 
the pole being connected to the aerial. 


The tuning of the ATU is carried out by the same 250 pF capacitor, with a 
single-pole 5-way rotary switch used to select the band. Its tapping points 
will need to be chosen manually, using the method described earlier. Don’t 
attempt to make new tapping points on the coil for this — use the taps 
available on the wafer of the other rotary switch, and find which is optimum 
for each band. 


Notes 


@ For the aerial, use PVC-covered stranded tinned copper, of size 
16/0.2 mm or 24/0.2 mm. 

@ Make the wire as long as possible, but anything over 10m should be 
OK. 

@ Keep the wire as high as you can, in the clear and away from 
obstructions. 

@ Don’t worry about bends, but don’t use hairpin bends. 

@ Use a good insulator to attach your aerial — anything plastic will do. 

e@ Anchor the wire near the point of entry to the building, but use a U-bend 
to prevent ingress of water. 

@ The wire can be brought in through the corner of a window, the PVC 
acting as an insulator. If you must drill a hole in the brickwork, make sure 
it slopes upwards from outside, so that water is deterred from 
entering. 

@ Use a good RF earth (as opposed to an electrical earth) such as half a 
dozen bare copper wires buried under the lawn in a fan shape. They 
should be joined together at the point of the fan and strapped to the earth 
connector of your ATU. 
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Adrift upon an electron sea 
Dying of thirst how could this be? 
With water everywhere, 

I search for money without a care 
Never once did I stop to think 
maybe it’s time to take a drink 

Nur 
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Introduction 


UE TO THE INCREASING INTEREST IN Egyptian science, 
Li achievements of the Nile Valley civilization 
of Africa have been brought into focus. Depictions on 
tombs, pyramids and temples, provide a glimpse of 
the rich spiritual, cultural and scientific wisdom of 
Kemit. 

These astonishing achievements point to the fact 
that Africa invented the Modern World. The origin of 
every scientific discipline, from algebra to zoology can 
be traced to the Nile Valley civilization in Africa. 
However in the face of overwhelming evidence to 
support an African origin of science and technology, 
the racist scientific community continues to deny its 
recognition. African Egyptologists fighting to return 
Egypt to Africa, have only been partially successful 
against the repressive colonial Academic Power that 
endeavors to hold our minds in slavery. The truth is 
the Real Estate over which we must be prepared to 


die, for a lie is far more dangerous, not only to our- 


selves but to our collective consciousness. 
s 
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Now the war has taken a new turn on a different 
front: that of electronics. The most powerful tool of 
modern technology is electronics and its origin has, 
like most things, been attributed to the European 
minds of the early eighteenth century. With damaging 
consequences for our youth, the discovery of electron- 
ics has been claimed as the sole domain of Europeans 
without a single mention of any prior knowledge in 
Africa, 

The European concept of discovery should be 
examined in the light of its political consequences on 
others, for a pattern exists which invariably results in 
domination and exploitation, The pattern eradicates 
the truth, and replaces it with lies designed to pro- 
mote White supremacy. This is the prime directive: to 
maintain control over all other civilizations, by acade- | 
mic interference and distortion of traditional religious 
beliefs. 

The discovery of the New World by Christopher 
Columbus is an example of this concept in action. Its 
awful brutality is fully documented and the results are 
evident on the native population even today, five cen- 
turies later. Discovery has nothing to do with original 
use, it is a means by which a Claim can be pursued 


and adjudicated by Colonial Powers. 
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The strategy is still used in all areas of endeavor, to 
allowing the expropriation of wealth, whether it be 
land, inventions, art or culture. 

Evidence is mounting which proves that the so- 
called discoverers of electronics like Volta, Hertz and 
Benjamin Franklin, were merely Columbus's of the 
electronic frontier. The evidence also points to an 
extensive cover-up, which became imperative because 
of the legal aspects governing discovery. They are 
today known as Patent Laws. Subsequent knowledge 
of an invention could preclude any financial gains, 
rendering them useless to the new profiteer, 

The cover-up and denial of prior electronic use in 
Africa allowed many inventions to be patented creat- 
ing massive profit for the inventors and this new 
industry. One lie begets another and academia’s role is 
to perpetuate these lies for future generations. 
However, to quote Professor Leonard Jeffries, “the 
truth is our most powerful weapon.” 

The parallel between the sudden rise in electronic 
inventions and European Egyptological excavations 
(grave-robbery) has been suspiciously ignored. It is no 
coincidence that the most important discovery in elec- 
tronics, the pile or battery, and Napoleon's scientific 
expedition to Egypt occurred almost simultaneously. 


i 
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Foremost in Egyptian electronics is the ? Ankh, 
and although the European Egyptologists claim that 
what it represents is still unknown, this is convenient 
ignorance, 

The implication of Ankh Science is enormous and 
can only be fully understood through the spiritual 
awareness of the African, which allows him to appre- 
ciate and develop the technical sophistication with 
regard to ils importance. | say Africans, because the # 
Ankh is a symbol of our unique spiritual heritage. 
Although physical evidence of African electronic 
devices have long decayed or were expropriated for 
later examination by the plunderers of Egypt in the 
18th and 19th centuries, there still remains sufficient 
proof of wide-spread knowledge and use in Kemit, 
prior to the Greek and Assyrian presence in the Nile 
Valley. 

This book will be of special interest to those of us 
who have been educated in traditional electronics and 
science courses, and felt disenfranchised as White 
inventors were lauded for their contributions to a sci- 


ence our ancestors originated, 


12 








Author’s Notes 


T 1S THE AUTHOR'S HOPE IN writing this book, that seri- 
j a investigation of this subject will follow, with the 
aim of restoring our traditional greatness and spiritu- 
ality in these original African sciences. 

My introduction to the? ankh came in 1986 when 
|, as a jeweler, was asked, to make a silver ankh for a 
customer. I became extremely fascinated with the 
symbol that seem to communicate something about 
my ancestral past that resonated with my very soul. 
Trips to the local library and questions to so-called 
experts all gave a limited view on the subject. With the 
aide of my spiritual guide, Sankhamen, I investigated 
the Ankh for six years; studying every mention, draw- 
ing or article of jewelry. I came to the realization that 
the # Ankh was the ultimate spiritual icon. 

My traditional educational history was a disaster. ] 
had difficulty understanding some concepts, because 
my professors were more concerned to label me as 
incompetent in science, rather than trying to educate 
me. The curriculum was designed to promote White 
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supremacy and discourage deeper understanding. 
There was something they did not want me to know, 
something that seemed to arouse great fear and anxi- 
ety in them. Somehow they knew I was different, that 
1 was not buying “the great White scientist routine;” I 
wanted the truth. A truth that I later found them inca- 
pable of supplying. Was | asking to be educated or 
spoon fed? 

I decided to wean myself from the American 
Educational System and pursue a deeper understand- 
ing of science through spiritual discipline and divine 
inspiration. 

Through these methods | was taken to the heights 
of celestial wisdom and knowledge so vast in scope, 
that they could not be explained in the scientific pre- 
cepts or language used today. My impressions are that 
spiritual precepts are a higher order of the same sci- 
entific concepts but separated by a yet unrecognized 
form of sensory perception. It was like trying to see 
with one’s nose or attempting to describe a scene 
based solely on one’s sense of hearing. No wonder the 
Spiritualists were frustrated, they could not express to 
anyone what they knew to be true from these intense- 
ly personal spiritual experiences. 

I have come to the conclusion that we can no 
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longer allow ourselves to be educated in the same 
manner, by a system based on cranial capacity, while 
ignoring our superior spiritual faculties, simply 
because they cannot be expressed in language to the 
satisfaction of our academic slave-masters. Divine 
inspiration is a supernatural form of communication 
and the ultimate goal of a truly liberated African 
Education System, a system that I contend is still 
intact today. Our professors and teachers are our 
ancestors, alive in a realm where belief is the door and 
the # Ankh is the key. 

What about credibility? Why do we need the 
Established Academic Apparatus to legitimize our 
theories, and why do we need degrees to expound on 
those we present? Why? Let the truth speak for itself. 

They do not try to disprove the substance of what 
we are saying, instead they mount personnel attacks 
on us to discredit us, or worse , they will use one of 
our own. Maybe a respected Black Egyptologist, 
whose authority will be threatened by this revolution- 
ary view of Kemit, which he, with all his scholarly 


acclaim could not bring to light. 











The Ankh and 
Popular Myth 


Anyone familiar with the # Ankh will tell you it is the 
key of life and for some that explanation is sufficient, 
but for others the next question is, “what is life ?” 

1, Life: 

a: the quality that distinguishes a vital and func- 
tional being from a dead body. 

b; a principle or force that is considered to underlie the 
distinctive quality of animate being compare 

2, Vitalism: 

a: an organismic state characterized by capacity 
for metabolism, growth, reaction to stimuli, 
and reproduction. 

b: the sequence of physical and mental experi- 
ences that make up the existence of an individ- 
ual. 

¢: one or more aspects of the process of living 

3. Biography 
a: spiritual existence transcending physical death. 
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Life is harmonious coordination of energy and 
matter, of such sophisticated construction and effi- 
ciency as to appear divinely ordained and self sus- 
taining. 

How could an object like the $ Ankh come to be 
representative of life? The only conclusion is that the 
Ankh is a mechanism that possesses a living charac- 
teristic. 

An examination of the word and its usage in Egypt 
will reveal that the Ankh meant more than organic 
life. 

By permission. From Webster’s Ninth Collegiate 


Dictionary 1991 by Merriam Webster Inc,, publisher of the 
Merriam Webster dictionaries 


ankh ® life, to live, living 
=| 4 
ankh-T 0) } “life, stability, blessing [or, good fortune] 
ankh 7 = ever-living,” living forever 
ankhu T & human life, male. 


ankh $ hi! the living incarnation of God. 


A 
ankh- UT “to whom life is granted.” life giving. 
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warm fi A y 
ankh } o 44 a living entity. 
ankh T e© the house of life 
yes 
Ankhet } &™ the land of life, the etheric realm. 
© ee 
ankh ¥ w= life in a tomb. 


The Encyclopedia of Hieroglyphics states: 
The ankh is commonly known to mean life in the lan- 
guage of Ancient Egypt, where numerous examples 
have been found that were made from metal, clay and 
wood, It is usually worn as an amulet to extend the life 
of the living and placed on the mummy to energize the 
resurrected spirit. The gods and kings are often shown 
carrying the ankh to distinguish them from mere mor- 
tals. The? ankh symbolized eternal life and bestowed 
immortality on anyone who possessed it. 

There is no consensus among Egyptologists as to 
what object the ankh represents. 

It is believed that life energy emanating from the # 
ankh can be absorbed by anyone within a certain prox- 
imity. An ankh serves as an antenna or conduit for the 


divine power of life that permeates the universe. 
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The Amulet is a powerful talisman that provides 
the wearer with protection from the evil forces of 
decay and degeneration. 

The Encyclopedia of Ancient Egypt defines the 
ankh as: 

The symbolic representation of both physical and 
eternal life. The # ankh is the original cross with a 
loop that was held by the gods. It is associated with 
Isis and Osiris in the Early Dynastic Period, and 
although the knowledge of what object it signified 
was lost, it remained a hieroglyphic symbol of life to 
the Christian era. 

The ankh was used in various religious and cul- 
tural rituals involving royalty. In the Treasures of 
Tutankhamen, the ankh is explained away as: 

A stylized version of a sandal strap. 

Zolar’s Encyclopedia of Omens, signs and super- 
stition says: 

The circle symbolizes eternal life and the cross 
below it represents the material plane. The ? ankh is 
called the “Crux Ansata,” it is of Egyptian origin and 
can be traced to the Early Dynastic Period, appearing 
frequently in artwork of various material and in relief, 
depicting the gods. 


It is usually held to the nose of the deceased king 
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by the gods to represent the breath of life given in the 
after-world. The # ankh resembles a key and is con- 
sidered the key to eternal life after death. 

Its influence was felt in every dynastic period and 
survives as an icon possessing mystical power 
throughout the Coptic Christian Era. 

Amen: The secret waters of the Great Pyramid. 

The ankh was the key used to control the flow of 
water in the underground flow of the Nile, the way a 
tap is used in today’s faucets. 

The wire ankh has been used in Dowsing, which is 
the pseudoscience of detecting water underground. 

Stonehedge: Large volts of energy have been emit- 
ted from a megalith to a wire shaped in the form of an 
ankh, 

The ankh possessed by each god had power asso- 
ciated with that god. The ankh of Anubis related to the 
protection of the dead, that of Sekmet war, Hapi relat- 
ed to the living waters of the Nile and Amen, the spir- 
it god, the breath of life. It is being suggested that the 
ankh box found in the tomb of Tutankhamen was 
actually a mirror case. Although no such mirror was 
found and mirror cases were not completely enclosed, 


as only the mirror face needed protection, it is still 
referred to as a mirror case. 
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The ankh box of Tutankhamen 





The box contained Tutankhamen’s ankh device, which 
today is no doubt sitting in the private collection of 
some wealthy European collector. Some say it’s in the 
Vatican. 

One very curious theory suggest the ankh # pro- 
duced high pitch ultrasound inaudible to our human 
ear but effective in frightening wild animals like jack- 
als and hyenas. This would have been especially use- 
ful in the wilderness at night, protecting travelers 
from unseen dangers. 


Not only were the living protected but the dead as 





> pl 1:38/3:12 





THE ANKH ¥ 





well. Ultrasound has the effect of frightening insects, 
rodents and maggots that would devour the bodies of 
the deceased. By producing tiny air bubbles in the 
body of pests, the ultrasonic environment is very 
uncomfortable. 





The deity associated with the dead, Anubis, is a jackal- 
headed god with his ears pointed up, able to hear what 
is inaudible to man. 


Although the basic shape has remained constant, clos- 


er examination reveals subtle differences in design 
and construction of ankhs at different periods. The 
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different shapes suggest refinement or varied usage. 
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The # ankh is often depicted in combination with 


other symbols, but it is usually attached to its power 


source, the djed. 





The gods Ptah and Khonsu hold this combination 
scepter, 





Ankh Science 
and the History of 
European Electronics 


i ie EARLIEST RECORD OF Studies in electrical and mag- 
netic phenomena by Europeans, were done by 
priests of the Jesuit Schools in the 17th Century. The 
mysterious properties of amber, which attract small 
pieces of paper when charged, and the lodestone or 
magnet were investigated. 

The core knowledge of these schools relied on the 
works of Greek philosophers like Pythagoras and 
Aristotle, who were students at the feet of the Africans 
in Kemit. The electron is named after the Greek word 
for amber. 

Experimentations of the 17th Century culminated 
in the discovery of means by which large static elec- 
trical sparks could be produced by various contrap- 
tions which reproduced the effect of rubbing one’s 
shoes on the carpet and touching a door knob, 

An accidental discovery enabled electrical charges 


. 
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to be stored in what is called a leyden jar or capacitor 


in 1742. This device stimulated interesting experimen- 
tation all over Europe and as far away as Japan. 
Electrical current could be passed from person to per- 
son in a chain and a terrific lightning bolt could be 
produced by the discharge. 

A leyden jar or capacitor is constructed by placing 
an insulating material, usually wood or glass, 
between two sheets of metal. This invention was 
known 5000 years before in Ancient Egypt. Shrines 
were built of wood and covered with sheets of gold 
inside and out, then charged to protect sacred objects 
placed inside. 

One of the most famous of these shrines was the 
Ark of the Covenant. Built by Moses the Egyptian, to 
protect the tablets of the Ten Commandments and to 
serve as a reminder of the presence of God. Once 
charged this portable shrine was potentially lethal if 
touched, as was evident in the Old Testament account. 
A priesthood specially trained to handle the shrine 
wore special clothing for protection and used a rod to 
ground or discharge the Ark. When the shrine was dis- 
charged by the priest it could be handled safely. 
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Exodus 25 


10 “They shall make an 
ark of acacia wood; two 
cubits and a half shall be its 
length, a cubit- and a half its 
height 

11. And you shall overlay 
it with pure gold, within 
and without shall you over- 
lay it, and you shall make 
upon it a molding of gold 
round about. 

12 And you shall cast four 
ring of gold for it and put 
them on its four feet, two 
rings on the one side of it, 
and two rings on the other 
side of it, 

13 You shall make poles 
of acacia wood, and overlay 
them with gold. 

14 And you shall put the 
poles into the rings on the 
sides of the ark, to carry the 
ark by them. 

15 The poles shall remain 
in the rings of the ark; they 
shall not be taken from it. 

16 And you shall put into 
the ark the testimony which 

I shall give you. 

17 Then you shall make a 
mercy seat of pure gold; two 
cubits and a half shall be 
length, and a cubit and a 
half its breath. 


“ 


18 And you shall make 
two cherubim of gold; of 
hammered work shall you 
make them , on two ends of 
the mercy seat. 

9 Make one cherub on 
the one end, and one cherub 
on the other end; one 
piece with the mercy seat 
shall you make the cheru- 
bim on its two ends. 

20 The cherubim shall 
spread out their wings 
above, overshadowing the 

mercy seat with their 
wings, their face one to 
another; toward the mercy 
seat shall the face of the 
cherubim be. 

21 And you shall put the 
mercy seat on the top of the 
ark; and in the ark; and in 
the ark you shall put the tes- 
timony that | shall give you. 

2? There T will meet with 
you, and from above the 
mercy seat, from between 
the two cherubim that are 
upon the ark of the testimo- 
ny, | will speak with you of 
all that I will give you in 
commandment for the peo- 
ple of Israel. 


of 
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The Ark of the covenant 


And when they come to the threshing floor of 
Chidon, Uzzah put out his hand to steady the ark, 
when the oxen stumbled. And the wrath of the Lord 
was kindled against Uzzah; and he smote him 
because he put forth his hand to the ark; and he died 
there before God. 


1 Chronicles 13; 9 


When the positive and negative terminals of a charged 
capacitor or shrine where brought close to each other, 
a spark could occur and if the capacitor is attached to 
a stable source of current, charging and discharging 
occur at a specific rate. 

The high voltage necessary to charge the shrine or 
ark was provided by the atmospheric potential differ- 
ence between the sky and the ground. The electrical 
gradient above the earth is 60 to 100 volts per meter in 
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fair weather and increases to 6000 to 12,000 volts per 
meter under a thunderstorm. 

Shrines were usually placed on high mountains, 
natural or artificial, to take advantage of this effect. 
Moses was no doubt an eye witness to the ark in the 
King’s Chamber of the Great Pyramid at Giza. The 
sarcophagus contained the electrified mummy of the 
God-King Khufu as part of a high voltage circuit. 

With this tremendous power, the God-king could | 
still communicate his will in this world from the 
ankhet (the other-world). So powerful was this 
achievement that certainty of an afterlife was firmly 
engraved in the psyche of Egypt, lasting thousands of 
years. Communication was not necessarily in words, 
like radio, it was a spiritual communion or revelation 
which was impressed upon the mind resulting in a 
prophetic experience. 

They were communications of a highly moral 
nature, coming from beings who had been freed from 
the sinful bodily nature and viewed us as being 
almost like children. 

The pillaging and grave robbing in Egypt contin- 
ued for hundreds of years by foreigners of every 
description. Total disregard for the African was the 


only rule, so much so that the mummies or corpses 
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were ground and boiled to make potions for sale. The 
European trade in mummies in the 16th and 17th cen- 
tury took on a feverish pace, because they were 
thought to have medicinal value. The melanin rich 
corpses of your ancestors were eaten by these savages. 

By the 18th Century, the plundered skeletal 
remains of Egypt were under the control of intellectu- 
al scavengers in search of occult wisdom, by which 
they could feed the already mesmerized and addicted 
European aristocracy. Collectors were willing to 
spend fortunes to acquire these objects of antiquity, 
especially if they were rumored to possess some mys- 
terious supernatural powers. Many of these curious 
objects are still kept secretly in private collections 
throughout the world. 

In 1798 Napoleon recruited 167 scientists and tech- 
nicians to accompany the French fleet in the conquest — 
of Egypt. And in 1801 Volta, the so-called discoverer of 
the pile or battery, was given a medal and a pension 
by Napoleon for his contribution. The British invasion 
of Egypt in 1801 seemed primarily aimed at stopping 
the French savants from exporting anymore artifacts. 
It was viewed as a matter of National Security in those 
days. 


Volta’s discovery of the principles by which the 
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djed produced a stable electrical current, is considered 
to be the greatest invention of the 19th Century. 
+ 


djed pile or battery 
shen © Ohm QQ 


symbol for water MWA electronic symbol —-~WWW— 


and hieroglyph “n” 
Note the similarity between these symbols. 


The Encyclopedia of Ancient Egypt defines the djed as: 

The Egyptian symbol of stability. The djed is a pil- 
lar with bands across the top and base. This hiero- 
glyphic symbol is associated with the Osirian mortu- 
ary cult practice of mummification. Serving as a pow- 
erful symbol in Egyptian magic and reincarnation, 
where it was used to symbolize the metamorphosis 
which the body underwent at death. The transforma- 
tion of the physical being into its eternal celestial 
form. 

The djed is thought to represent the backbone of 


Osiris, who's sparks were as bright as the Sirius Star. 
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It is also associated with Jacob’s Ladder. 





A djed or battery is made by placing two dissimilar 
metals on either side of a piece of papyrus soaked in 
salt water or acid. Greater power can be realized by 
increasing the number of units. For instance, a single 
unit of zinc and copper can produce 0.759 volts and 
the current has greater magnitude than that produced 
by electrostatic machines. Napoleon gave the Ecole 
Polytechnic University a battery with 600 units. 

Passing voltage through all sorts of material, 
experimenters using these batteries were able to pro- 
duce many chemical reactions and split molecules like 
water into hydrogen and oxygen. 


Egyptologists have long suspected the use of direct 
current in Egypt by the many examples of electroplat- 
ed jewelry and their knowledge of other chemical 
processes. The Egyptian word for electroplating of sil- 
ver or gold is sem oil (sem means: a kind of, 


similar i.e. likeness of gold) which contains the ideo- 
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graphs conveying the entire process. The 4 uas: an 
=z 

indicator of electric current and © Ill nub, a 

gold in solution. However rather than accept the scien- 

tific evidence, these artifacts are often attributed to 

accidental occurrence or some still unknown process. 

A good example is their promotion of iron as a 
Hittite technology, despite evidence of prior usage in 
Kemit. Chiekh Anta Diop claims iron usage originated 
in the Ancient Empire (2700 B.C.) and that the steel 
blade of Tutankhamen’s dagger, could only have been 
produced by very deliberate means. He theorized that 
such a purity of iron would require the type of sophis- 
ticated processes used in modern electrolytic refine- 
ment. The ideograph for pure gold or is proof that 
the Egyptians knew that the electrolytic process led to 
the purest metals, 

Plating was in common use during ancient times 
as evidenced by the many words for it. Yet no such 
words in Coptic (a Greek-Egyptian language) have 
survived, except in a reference to Alchemy from a 

_— : : eee ~ 
variation of the word = — SE NHB neb; to smelt 


or work in metal (gold), 
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Alchemy, the transmutation of base metals, ice, . 
lead, to gold, was the most sought after secret of the 
Medieval Period. The origin of the word chemistry, it 
is a reference to Egypt and the philosophy held by the 
Blacks concerning the transmutation of the body to an 
immortal spirit. 

Had Egyptology been in the hands of Africans or 
people without a racist agenda, more knowledge 
would have been gathered concerning these batteries. 
For instance, the origin of the lead acid batteries in 
popular use today, may well be Ancient Egypt. Both 
lead and lead oxide, the elements of its construction 
were widely used by 3000 B.C. But what is most inter- 
esting is the word tet U (battery or djed), it sounds 
Like a> §-S tht, Copt T&ET the word for lead. 


With the principle of the djed fully understood, the 
principles of the Ankh remained the greatest chal- 
lenge to European scientist, however it would not 
yield its secrets for another 87 years. 

Early attempts to unravel its secrets were made by 
Henry, now credited with the discovery of self- induction. 

Henry reports that... 


When a short wire is connected across a battery, no 
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spark is perceived when the connection is formed or 
broken. But if a wire 30 or 40 feet long is used instead 
of the short wire, although no spark will be seen when 


the connection is made, yet when broken a vivid spark 





is produced, The effect appears somewhat increased 
by coiling the wire into a helix; and it also seems to 
depend in some measure on the length and thickness 
of wire... 

Henry had rediscovered self-induction, the 
method of producing electricity from a changing mag- 
netic field. 

Hans Christian Oersted (1777-1851) observed in 
1820 the magnetic action of an electric current, open- 
ing the study of electromagnetism, He observed the 
deflection of a magnetic needle during a thunder- 
storm. 

In 1842, Henry observed that the effects of sparks 
in one location could be detected some distance away 
by their magnetic effects in another location. The anal- 
ogy between the rippling waves, caused by a stone 
dropped in the center of a pool, and the spark trans- 
mitting rippling waves in an ether-like medifim, were 
attributed to Henry. He also noted that the effects of a 
single spark could be detected thousands of feet away. 
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Hertz, experimenting with various sizes of loop detec- 
tors, was able to detect electromagnetic waves and 
determine quantitatively the effect known as reso- 
nance, Using the spark from an induction coil, electro- 
magnetic waves could be detected in a loop some dis- 
tance away. In other words, a spark in one location 
produces a spark between the gap of a loop detector in 
another location. 

A hertz oscillator consists of a coil and a capacitor, 
made from two flat sheets of metal B and a spark gap 
G. One can easily see the similarity to an ankh oscilla- 
tor, which produces a higher frequency because the 
coil is one turn or loop, 

As mentioried before, the English defeated the French in 
Egypt, taking over the scientific explorations and 
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Apparatus used by Hertz to demonstrate the wave like 
nature of electromagnetism. 





other antiquities excavated by the French. Among 
these were strange devices, numerous scientific and 
mathematical papyri and most notably, the “Rosetta 
Stone.” 

As a result of this scientific coup d’état, Newton, 
the famous mathematician provided the mathematical 
language to codify the theory of wave transmission 
and the action-at-a-distance properties of electromag- 
netic waves. Budge was able to translate the so-called 
Book of the Dead, and Sir Oliver Lodge discovered the 
properties of the ? Ankh. 
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Lodge was the first European to prove that light- 
ning and sparks between the gap, were high-frequen- 
cy discharges. Current would rather flow through the 
high resistance path across the gap, than the low dc- 
resistance wire loop. He was able to show that this 
occurs because of the high impedance presented by 
the wire loop at higher frequencies. Lodge was fasci- 
nated with the subject of psychic phenomena and 





communication with the dead. He spent much of his 
time trying to give scientific legitimacy to 
Spiritualism. 





COHERER 





Lodge’s transmitter and receiver. 


You may have.noticed a set of grooves or lines in the 
center of some ankhs, especially the one belonging to 
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Tutankhamen. Well, after the discoveries of Hertz, a 
Professor Righi invented a very sensitive spark gap 
made from a sheet of glass covered with tin foil. This 
foil was divided into several strips by very fine razor 
cuts. When used in a Hertz loop detector, sparks are 
easily observed jumping across each gap in the foil. I 
would think Professor Righi was 4000 years late. 


silver foil 





Righi’s spark gap 





The early telegraph and radio circuits used detectors 
of various construction and material. Detectors are 
required because the high frequency of the oscillator is 








inaudible. A very sensitive detector was galena (lead 
sulfide) crystals, some of which were found in 
Tutankhamen’s tomb. 


The hieroglyphic symbol for stone in the cen- 
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ter of the #ankh, su ggests the usage of crystal or even 
semiconductor technology. For instance, continuous 
wave oscillation can be produced by attaching oscil- | 
lating components (capacitor and inductor) and a bat- 
tery across a galena-galena contact. This black stone, 


kam OAM a representative of Egyptian | 


electromagnetic waves well into the infrared frequen- 





cies known as heat. 


If you subscribe to the 
belief that the ankh of a 
god had power associated 
with that god, then the 
ankh of Maat would be 
instrumental in the realm 
of law and righteousness. 
Maat is the goddess of 





Spirituality, is the most sensitive crystal, detecting 
truth, indispensable in the 

Maat with her eyes closed cause of justice. Her sym- 
bol is the feather of truth, against which the heart is 
weighed in the judgment. Therefore, she is represen- | 
tative of the solar archetype Libra. | 


The ankh she is holding, is the oracle of truth, 
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operating on a principle known as galvanic skin 
response (GSR) named after the Italian experimenter 
Luigi Galvani, who in 1750 discovered the reflex 
action of a frogs leg to electrical stimulus, it is widely 
used as a part of a modern polygraph test. 

The conductivity of the skin varies with one’s emo- 
tional state and what makes (GSR) so effective is how 
totally involuntary these skin responses are. An elec- 
trode is placed in the hand or taped to the finger of the 
subject and the conductivity or resistivity of the skin is 
measured in response to questioning. The skin is the 
u key to the soul, portraying 
subtle psychological changes, 
it does not lie, 

Changes in conductivity of 
the skin alters the capacitance 
of the ankh, creating frequen- 
cy changes as a result. By 
holding the ankh in this way, 





the emotional and spiritual 
Ne ee responses can be communi- | 
Vesica Piscis 
cated as a frequency modulat- 
ed transmission. 

A high frequency oscillator, like the ankh, has the 


advantage of producing high voltages at low current, 
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so they can be handled safely. Tesla was known to 
have attached a high frequency coil to himself and 
produced corona-like discharges from his body. 
Luminous effects produced by high voltage high fre- 
quency coils are used today in Kirlian photography. 
Objects appear to have a glowing aura around them, 
when subjected to high voltage. 

The Europeans have skillfully 
rewritten history in such a way 
as to present themselves as the 
sole provenance of all science. 
Weaving a concoction so con- 
vincing, that one can only con- 
clude that they alone have 





Kirlian photograph 
of a fingertip brought progress to the world. 


This part of their racial policy is important if they are 
to convince the world to tolerate their murderous 
onslaughts and exploitation as a necessary side effect 
in the cause of civilization. 

One chord seems consistent in the propaganda of 
their discovery: a diversionary claim of ignorance and 
the naming of other Europeans on whose work they 
hold up as the basis or source material for their dis- 
covery, 


Columbus used the diversion of seeking a route to 
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India, even though he was in possession of maps and 
accurate information gleaned from West African 
sailors who had been traveling across the Atlantic for 
200 years. He claimed the Portuguese as his informa- 
tion source. It is the same with Volta and Galvani in 
the concealment of the piles Egyptian origin. 

This stranglehold caused by European editorial 
censorship of Egyptology, is preventing the spiritual 
reconnection with our glorious past. Without the 
oppressive scrutiny of the Academic Establishment, 
you are free to develop your own conclusions about 
the ¥ ankh using your knowledge of electromagnetism 
as a guide. 

lt is imperative for us as Africans to develop a way 
of teaching electronics, that is both interesting and cul- 
turally relevant, if we are ever to compete successful- 
ly in the new millennium 


FREE THE PEOPLE! 


The Ankh is essential to the liberation of African 
peoples throughout the world. Without the Ankh and 
it’s associated technology we will remain dependent 
on the inferior technology permitted by the maintain- 

« ers of the status quo. 


As a Free Energy Generator the Ankh represents 
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the symbol of our liberation. It produces electricity 
indefinitely without any fuel or other energy sources 
such as wind, solar or hydro power. 

Ankhs of different sizes or capacities may be used 
to power boats, cars or airplanes giving them infinite 
range. Imagine, never running out of fuel or paying 
another utility bill; enjoying the freedom to live in 
remote regions of earth and sky as UFOs that are pow- 
ered by # Ankhs. 
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The Oscillator 





f: OSCILLATOR 1S.A circuit which produces or responds 
to electromagnetic waves, usually within a range of 
frequencies. The circuit may consist of only a single 
wire, crystal or transistor semiconductor device. They 
respond most strongly to vibration at their resonant 
frequency. 

Everything in nature is an oscillator and God is the 
spark projecting all frequencies to which everything 
responds. Atoms and molecules are perfect oscillators, 
which respond to light by absorbing and emitting at 





specific frequencies. Even complex organic molecules 
like melanin exhibit quantum states once thought to 
be limited to atoms and molecules. An oscillator’s 
ability to absorb and emit energy, explains a host of 
phenomena which were once considered mysterious. 

Oscitlator: Ya sine wave within a circle, is the 


yoneen symbol that corresponds to while the uraeus 


& which is the ancient symbol, representing the ser- 
pents undulating or oscillating movements across the 


sand, 
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A circuit containing a capacitor, inductor and resis- 
tor are the components of an oscillator, which operates 
within a defined range of frequencies depending on | 
their values. 





L 


Because of the frequency-restricted nature of these 
oscillators they are called filters. They are also called 
tank circuits because of their ability to store energy. 
When the switch is opened, oscillations are pro- 
duced by the opposing nature of the reactive compo- 


nents. However, without a method of amplification in 
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the LC circuit, the resistance eventually quells these 
oscillations. The result is a dampened waveform, 





The components of a typical oscillator can be traced to 
the Amen Priesthood, which wielded power based on 
knowledge kept secret from the masses. 

The symbols in many hieroglyphic reliefs are in 
fact elements of electronic circuit design, meant to 
convey knowledge of the hidden force of electromag- 
netism, to the future generations of this Order. These 
symbols would hold supreme religious significance 


only to the descendants of a race of Photonic Beings. 
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The mathematical description of a 


sine wave is attributed to Fourier, 
one of the 167 French savants who 
accompanied Napoleon in the 
conquest of Egypt. His formula 
idescribing a wave as a distinctive 
sum of sine waves, defined by 
their frequency, amplitude and 
phase, predates the European discovery of electro- 
magnetic waves by almost a century, 

Like Volta’s discovery of the djed, Fourier’s 
mathematical description of the serpent, has made a 
profound impact on all areas of analysis from sound 
to quantum physics. 





“™ 





The scepter (rod, conductor or connector) is an impor- 
tant electronic component, used in the conveyance of 
current through a circuit and in discharging a capaci- 
tor (shrine), 

The gods are often shown holding the scepter to 
symbolize their power over the lethal force of electri- 
cal discharge. This rod, having a loop at its base which 
allowed a free swinging connection, is a switch. Once 
planted by the loop, it was thrown against the shrine 
to affect an electrical discharge flow to ground. 


7 The 


Hence the phrase “throw the switch.” 
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The electric field around a dipole antenna, 


The mark of the beast Set ( f Wy, a canine) and the 
mark of Cain are one and the same, the symbol of 
Christendom (+). The ion only the Setian could con- 
sider positive. While the ideograph of the earth G? 

is the ground “= and a source of the electron (-). 


The Egyptians were fully aware of the fact that a 
spark produced high-frequency discharge and under- 


stood the inductive properties of rods and wires. 
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So Moses and Aaron went to Pharaoh and did as the 
Lord commanded; Aaron cast down his rod before 
Pharaoh and his servants, and it became a serpent, 
Then Pharaoh summoned the wise men and sorcer- 
ers; and they also, the magicians of Egypt, did the 
same by their secret arts. For every man cast down 
his rod, and they became serpents. 


Exodus 7: 10 
A conductor wrapped in coiled fashion, as a ser- 
pent is known to coil itself around a rod, is an electro- 
magnet. 


electromagnet 


we (tod of Aaron) 


iron rod 





... But Aaron's rod swallowed their rods. 
" : . ° oh 8 j ss 
The Egyptian name for this coil circuit is J —! Tit 
qeb, which is also the name of the multi-coiled mytho- 
logical serpent 41); Qeb. The magnetic attraction 
of a coil was well known to the Egyptians, 4000 years 
before the European named Gauss, Henry or Weber as 


units of magnetic force. 


Another device attributed to Moses is the Helicial 
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antenna, made in the form of a copper serpent and 
suspended on a pole. It was supposedly built in the 
wilderness (Egypt), and as the golden calf, represent- 
ed the goddess Hathor, the serpent was symbolic of 
the goddess Isis 4 The serpent built by Moses was 
destroyed by Hezekiah during a period when Israel 
was under intense pressure from the Assyrians to 
abandon their spiritual, cultural and military alliances 


with Egypt. 


He removed the high places, and broke the pillars, 
and cut down the Ashe’rah. And he broke in pieces 
the bronze serpent that Moses had made, for until 
those days the people of Israel had burned incense to 
it; it was called Nehushtan. 


2 Kings 18:4 


antenna 





Antennas are resonant circuits which detect a speci- 
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fied range of frequencies. Two forms of these are the 
half-wave dipole and loop antenna. Used extensively 
by Hertz to prove the existence of electromagnetic 
waves, the loop antenna was used to detect the waves 
emitted from a dipole antenna. 


At the turn of the century 
the basic concepts of the 


Ankh were understood, as 
fr evidenced by the Duddell’s 
musical Arc, The arc or 


spark-gap has negative 
resistance, where the resis- 
tance to electron flow is 
greatly reduced. [f an oscillating circuit (inductor and 
capacitor) is placed across a spark-gap, oscillations are 
induced in that circuit. 


loop antenna 





zac choke 


high voltage 


— 





A metal loop in close proximity to the spark-gap could 
be excited into oscillation, due to the ultraviolet rays 
ionizing the air between the gap of the loop. 

Perhaps the closest circuit that describes the + 
ankh’s operation is the Liebowitz Mercury Generator, 
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invented in 1914. Using a mercury vapor tube instead 


of a spark-gap, continuous oscillation was produced, 


negative 
resistance device 





With the advent of other negative resistance devices, 
like the vacuum tube and the 
















transistor, spark-gap oscilla- 
tors were no longer used. 
They were considered noisy 
for the purpose of communi- 


cation. 

The question still re- 
mains, whether a method of 
amplification existed in 
Ancient Kemit. An essential 
component in the production 
of continuous wave oscilla- 
tion, amplification is neces- 
sary in overcoming the 
dampening effects of circuit resistance. It is my belief 
that both evacuated glass tubes (vacuum tubes) and 
semiconductor type active components were known 


The modern equivalent of 
the ankh, using Tunnel 
Diodes. 
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and used by the Egyptians. 


symbolic representation of amplification, 


a representation of continuous wayes 
Continuous waves have been produced in circuits 
using an ark light bulb as an active device, And it 
should be remembered, that the first vacuum tubes 
were invented through experimentation with ordi- 
nary light bulbs. 

You maybe asking yourself why the Europeans did 
not use the # Ankh for its intended purpose, or how 
could an object so popular in the Nile Valleys of Africa 
be virtually ignored in Europe. 

This is because the Europeans lacked melanin, 
which is an organic semiconductor, that acts as a 
detector (the sixth sense). Without an electric skin, an 
ankh is practically useless. However the principles on 
which the ankh operated would give birth to the 
many electronic gadgets in use today. 
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Melanin 


WL {S A PIGMENT IN THE skin of people of 
color, which is produced by melanocyte cells, 
and deposited in the epidermal tissue. Melanocytes 
are neuron-like cells which produce melanin and 
numerous proteins in response to electromagnetic 
radiation. 

The production of melanin starts with the conver- 
sion of tyrosine by the enzyme tyrosinase to 5, 6- 
iodole quinone, 


Tyrosinase is a copper-contain- 


. > ing enzyme which catalyzes the 
‘J conversion of tyrosine (an 
o x ; a 
amino acid) and stabilizes the 
chemical stucture of ' 
5, 6-iodole quinone conformation of the melanin 
structure. 


The metal ion acts as a backbone for the polymer 
structure of melanin, resulting in a metal-organic com- 
plex. The amino acid forms peptide-linked formations 
with the metal ions. The ligands are attached at the 


nitrogen atoms, 
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The proposed structure resem- 
bles a swastika, with the inter- 
o~ actions occurring between the 
central Copper (Cu) ions. This 





complex meta] compound is 
o” “o © the only substance in the body 
that qualify as a organic semiconductor. 

Black and brown melanin granules are oval in 
shape, forming a small dipole antenna. The field due 
to one dipole can induce a dipole in another melanin 
granule nearby, 


S ceseagl 
> XP 
age 


Melanin granules act as tiny primitive eyes, forming a 
large neural network structure, whose function is to 
absorb and decode electromagnetic waves. Neural- 
network computers are learning machines which are 
made with a number of receptors that can adjust their 
weights (quantitative properties) to produce a specific 
output, 

The bodies of Africans contain massive amounts of 


melanocytes that encode all life experiences in their 
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chemical stucture of melanin molecule 


melanin production, with the aim of creating an actu- 
al- reality state after death. During life, visions appear 
frequently and ESP is common. 









A representation of a higher form 
of life, in the superconducting 
body of Osiris (the mummy) 

The reason for mummification 
was to preserve the skin which 
contained a living neural-net- 
work of melanin. The conductivi- 
ty of melanin increases with age, 
so Tutankhamen’s mummy is 
more alive in the spiritual plane 
than our own. Consider the difference in flammability 


between living green trees and coal. 
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As a semiconductor, melanin has an energy gap. 


The absorption of energy is required before electrons 


can jump into the conduction band and make melanin 


conductive. An increase in conductivity increases the 


sensilivity of melanin to the electromagnetic world of 


etheric beings, astral projections and spiritual entities. 


At low frequencies, the conductivity of melanin is 


small, but at ultra high frequencies (UHF), melanin is 


a superconductor. Maximum current flows only on 


the skin, due to the skin-effect, at melanin’s UHE res- 


onant frequency. 
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King Tutankamen on his throne 
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Melanin is 
the most im- 
portant sub- 
stance in the 
human body. 
It is an oxi- 
dized form 
of RNA, 
which en- 


production 
of Proteins 
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needed in cellular repair. Wherever there is cell dam- 
age melanin is seen surrounding the site, functioning as a 
neurotransmitter in coordination with melanocyte pro- 
tein production for the repair of damaged DNA. 

Knowledge of the medicinal value of melanin is 
suppressed by the Medical Establishment in order to 
deny its supremacy. 

The most damaging attack on African health is the 
promotion of albino domesticated animals for con- 
sumption. In fact only albino animals are considered 
domesticated. The yellow pigment in chicken and the 
lack of tyrosinase in albino animals, are responsible 


for premature aging. 






Illustrates the curative prop- 
erties of negative ions, the 
electromagnetic energy of 
mental concentration can be 
directed through the breath 
of life, by a competent 
Psychic healer. 


The laying of hands on which is we 


known to emit energy from the 
aura, 









The Spiritual or 
Electromagnetic Worlds 


fp: MYSTERIOUS NATURE Of God is central to Christian 
doctrine. Most believers and their preachers 
maintain the mystery through ignorance and confu- 
sion. The various interpretations of the Bible leaves 
one wanting for a simpler understanding and a more 
practical version of God. Despite the many scientific 
discoveries into the nature of the world, a separation 
between science and religion has prevented the 
understanding of anything spiritual, from an objective 
point of view. This separation is the result of a patho- 
logical condition among non- pigmented people, 
which renders them incapable of becoming in tune or 
sensing these higher forces directly. Imprisoned by 
this condition, our white ruler’s viewpoint on spiritu- 
al affairs cannot be trusted despite its domination over 
more traditional nature-based religions of the world. 

[t is obvious that the early Christians’ religious 
concepts came to Europe from Ethiopia, as evidenced 


by the language used to describe the spiritual realm, 
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ethereal 1. a: of or related to the regions beyond the 
earth b: celestial, heavenly c: unworldly, 
spiritual. 
2 a; lacking material substance: immaterial, 
intangible. 

ether 1 a: the rarefied element formally believed to 

fill the upper regions of space 

b: the upper regions of space: heavenly 

2 at a medium that in the undulatory theory 

of light permeates all space and transmits 

transverse waves 

b: the medium that transmits radio waves 
ethic __ the discipline dealing with what is good and 

bad and with moral duty and obligation. 

2 a: a set of moral principles or values 

b; a theory or system of moral values (the 

present-day materialistic) 

Ethiopic 1 a: a Semitic language formally spoken in 
Ethiopia and still used as the liturgical Jan- 
guage of the Christian church in Ethiopia 
2 a: the Ethiopic group of Semitic lan- 
guages. 

utopia 1: an imaginary and indefinitely remote 
place 2 a: a place of ideal Perfection esp. in 

- laws, government and social conditions. 


By permission 1991 by From Webster’s Ninth New 
Collegiate Dictionary by y Merriam Webster Inc., Publisher 
of the Merriam Webster dictionaries 
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; The rise of materialism brought new language, 
electromagnetic replaced the word “ether,” in describ- 
ing the heavenly medium, thus erasing the link 
between spiritual and natural phenomena. The patho- 
logical condition of race caused them to enforce this 
Separation academically and religiously, by claiming 
that the classical ether was unnecessary and the vacu- 
um was somehow endowed with odd and unusual 
characteristics. With their strong emphasis on materi- 
alism, all electromagnetic theory was co-opted for 
material implementation, therefore losing all spiritual 
application. 

Anyone displaying an interest in electromagnetic 
spiritualism was considered to be a pseudo-scientist 
and ridiculed. There were many devices which 
claimed to photograph, or record the voices of the 
dead. These ghost detectors were routinely rejected by 
the materialist’ scientific community. 

The seventies brought renewed interest in Psychic 
Phenomena and ESP around the world. Knowing that 
belief is the prerequisite to the use of ones psychic 
ability, the scientific community conspired to take 
over this research with the aim of disproving and sup- 
pressing any attempt at legitimizing this field. So most 
people continue to experience vivid dreams, visions, 
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premonitions and a host of strange occurrences, which 
scientists refuse to recognize because of their threat to 
the materialistic power structure. 

African culture and history are rich with examples 
of the unity of spirit and matter; heaven has always 
been our birthright. Today those faculties that put us 
in tune with the spiritual world are weak from lack of 
exercise. We have allowed the TV, radio and the tele- 
phone to replace our telepathic abilities, few now 
believe or would accept the notion of astral-travel. 

Service to the materialist’s society requires the 
denunciation of the spiritual. When bills are on our 
minds, we dream less as we focus on the depressing 
condition of this earthly prison, with our tormentor on 
our backs, The # Ankh is the key to the door of eternal 
life, strengthening our faith in a world unseen, where 
our souls can be free. 
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Osiris The First 
Resurrected Christ 


TT" CORRELATION BETWEEN the myth 
of Osiris and the story of the 
Christ have been illustrated by 
many prominent historians, who 





have shown that the evolution 
of Christianity is rooted in the 
religion of Isis, Horus and 
Osiris. This religion survived in 
its last outpost in Nubia until the 
Temple at Philae was destroyed 
by Justinian in 6th century A.D. 
Although there are many 
versions, the essential theme of 
Be the Osirian legend, states that 

Statue of Ositis Osiris was once king of Egypt. 
He came to an untimely death at the hand of his broth- 
er Set, who had the parts of the dismembered body of 
Osiris hidden in various locations all over Egypt. Isis, 
wife and sister of Osiris found all the parts and was 
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able to reconstruct 
the body with the 
exception of the 
penis, which was 
thrown in the Nile 
and eaten by fish. 
Her lamentations 
were heard by Ra, 
who sent his fourth 
son Anubis to wrap 
the body with ban- 
dages and perform 
all rites due one of 





his stature. Isis 


Horus, Osiris and Isis 


caused the breath of 
life to enter into the body by the rapid beating of her 
wings, whereupon Osiris was resurrected and became 
the king of the other world. While hovering over the 
body she became pregnant and later conceived a son 
Horus, who would avenge his fathers death. 
Hence-forth all the dead of Egypt were considered 
Osiris, wrapped in the bandages of the familiar 
mummy, with the ne. of resurrection in the spirit 


world of the ankhet vs YM“) “the land of life.” 
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If the Egyptians seemed to be preoccupied with 
the dead, it is from a belief that life on Earth was mere- 
ly a preparation for an eternal life. The proof of this 
could be demonstrated by the ankh, which become 
the symbol of life, because of its ability to detect the 
energies of that realm. 

Further proof that life on Earth was preparation for 
another life is the manner in which we dream. Dreams 
are our fledgling entrance into the spirit world while 
we are still alive. Our earliest attempt at spiritual 
flight are short. While dreaming the penis is usually 
erect (the phallus of Osiris is unnecessary) and the 
body is kept rigid by powerful chemical secretions 
from the brain; which prevent it from acting out the 
experience. During those brief seconds we are as if 
dead, yet alive in the other world. 


The days of our years are three score years an,reason 
of strength they be four scoré years, yet I labor and 
sorrow; for it is soon cut off, and we fly away. 

Psalm 90: 10 


According to Gerald Massey’s book Ancient Egypt 
Light of the World , Osiris is the Corpus Christi. The 
word Christ comes from the Greek word “Kristos” 
which means “anointed.” In Egypt “krst” means; to 


embalm, to knot, to make the mummy. 


66 








(ey) Arrican ORIGIN OF ELECTROMAGNETISM 


Central in Christian theology is the resurrection of 
Christ from the dead. This concept has an undying 
appeal for the masses of humanity from the dawn of 
the human experience. 


The thief cometh not, but for to steal, and to kill, and 
to destroy: | am come that they might have life, and 
that they might have it more abundantly. 


John 10: 10 


Acceptance of the Egyptian definition of “Krst” could 
put the confusion within Christianity to rest. For 
Christianity did not start with the Jews, but was of 
Egyptian origin, revolving around mummification 
and the spiritual resurrection of the dead. The follow- 





ers of Jesus, after his supposed death and resurrection, 
were only later called Christians because their beliefs 
were similar in nature to what was practiced in Egypt 
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for thousands of years. 

Unfortunately the misinterpretation of this mysti- 
cal gospel would ultimately inspire the outrageous 
behavior of ingesting the flesh of mummies (Krst, 
Christ) in hope of attaining immortality. This felo- 
nious religion let loose among a canine race, already 
predisposed to cannibalism, found easy acceptance in 
a god who offered his flesh and blood as a means of 


salvation. 


And he said to me, “It is done! [am the Alpha and the 
Omega, the beginning and the end. To them that 
thirst I will give water without price from the foun- 
tain of the water of life. 


” 


Revelation 21:6 


In the original myth, 
Horus lost an eye in his 
victorious battle against 
Set. After his wound was 


healed by Thoth, he gave 
These Greek letters, alpha 2 
and Omega, have come 
to represent Christ. which  vivified and 


the eye to Osiris to eat, 





strengthen him. The eyes of Horus are the sun and 

moon. Our sun is living water, made mostly of hydro- 

gen that has not suffered the death of oxidation. 
There is much evidence to conclude that life ener- 
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gy may be harnessed to prolong the life of the living. 
Our ancestors took full advantage of this wholistic sci- 
ence, allowing some to live hundreds of years. This 
technology predates the Early Dynastic Period in a 
time when the Earth, according to the Egyptian, was 
inhabited by demigods and kings. Obviously the 
Ancients had different priorities. The accumulation of 
wealth was superseded by a desire for wisdom and 
life. 

The mythological story of the creation of man, 
recorded in Genesis, was taken from the original 
Egyptian story of the creator god Khnum who formed 
man and his Ka on a potter’s wheel. 
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The hieroglyphic symbol which represents Khnum 
consists of a Tet between the raised arms of the Ka 


symbol and the word ! ¥ Qe) oun, which means 


light-tower, fat another name for the God Amen. 


“Allah” is the light of the heavens and the earth. A 
likeness of his light is as a pillar on which is a lamp. 
The lamp is a glass, the glass is as it were a bright 
shining star-lit from a blessed olive tree, neither east- 
ern nor western, the oil whereof giveth light, though 
fire touch it not - light upon light. Allah guides to his 
light whom he pleases.” 


Surah 24:35 


The Tet is the orthodox illustration of a tree and 
according to Gerald Massey, it represents the eternal 
life after death. 


The Lord God formed man from the dust of the 
ground and breathed into his nostrils the breath of 
life, and man became a living being. The Lord God 
planted a garden in Eden away to the east and in it he 
put the man he made. The Lord God made trees to 
grow up from the ground, every kind of tree pleasing 
to the eye and good for food; and in the middle of the 
garden he set the tree of life and the tree of the 
Knowledge of good and evil. 


Genesis 2:7-9 
Notice that the tree of life was not planted but set in 
the middle of the garden. After Adam and Eve ate of 
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the fruit of knowledge of good and evil they became 
knowledgeable. | 


The man has become like one of us, knowing good | 
and evil; what if he now stretch forth his hand and 
takes the fruit of the tree of life also and eats it and 
live forever? So the Lord God banished him from the 
garden to till the ground from which he has been 
taken, 


Genesis 3:22 


The tree of life was no ordinary tree. 


She replied, “We may eat the fruit of any tree in the 
garden. But the tree in the middle of the garden, we 
may not eat or even touch it lest we die.” 


Genesis 3:2 
The Tet is a high voltage power source, touching it 
may have been lethal to those without knowledge. 
| Adam, who now possessed knowledge knew that the 
ankh portion of the tree was a high-frequency source 
| that could be handled safely. 
Tet = d a4 a4 fruit tree., Danger do not 


touch. 


Now we have come full circle and in our midst is 
the tree of good and evil, the modern computer and 
the Tree of Life, which is the Ankh Science of our 
Spiritual Nature. The moral question faces our gener- 
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ation, whether to trust Satan’s path or thé path which 


leads to Eternal Life as gods. 


For it is not simply a question of a machine, but the 
programming of falsified information aimed at seduc- 
ing you from your Divine Nature. 

Who said you were ignorant, for you were created 


clad in Divine Wisdom and light. 


a4 


vat | 
| rl 





The depiction above shows Ra, Sun-god and his ether- 
ic double, Amen-Ra, the hidden force behind the sun. 
Our sun has a surface temperature of 6000 degrees, yet 
its corona (spirit or aura) exceeds 2 million degrees. 


The difference in temperature is caused by laser-like 


72 4 








@ AFRICAN ORIGIN OF ELECTROMAGNETISM 


effects produced by the strong electric and magnetic 
fields within ionized gases over the highly reflective 
surface of the sun. 

King Tut is also depicted with his etheric double 
and like Ra his name Tutankhamen expresses the hid- 
den source of life. All living systems have electromag- 
netic phantoms. The phantoms of atoms and mole- 
cules are called photons, they are the essence of 
nuclear life, governing the energy states of the mater- 
ial world. 

The ankh is held to the nose area because of its sen- 
sitivity to electromagnetic waves. The area between 
the fifth.and sixth chakra is centered around the nasal 
cavities, where a massive quantity of neural receptors, 
responsible for the sense of smell, are exposed to the 
environment, The sensations are often confused with 
sound because of their proximity to the ears, sounding 
like the noise you hear from a TV set tuned to an 
unused channel or like the sound of the ocean. 

Sensitivity can be increased and with practice one can 
detect the presence of high frequency waves close by>Some 
highly spiritual people, are so sensitive to these waves, that 
their neurons can demodulate radio broadcasts, causing 
them to hear voices. Many end up in psychiatric wards 
because they hear voices other can’t. 
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The gods, who are a spiritual race of photonic 
beings, made man in their own image and likeness, to 
serve them on Earth. However man became aware of 
his own divinity and sought to be like the gods while 
in the flesh. 

The story in Genesis also relates the longevity of 
Adam and his sons, whose average life span was 900 
years. 


Then the Lord said, “My spirit shall not abide in man 
for ever, for he is flesh, but his days shall be a hun- 
dred and twenty years” 


Genesis 6:3 


So it is the spirit (photonic or electromagnetic energy) 
which gives man the ability to live an extended life * 
span. A tree deprived of a important nutrient like sun- 
light or water would wither and die in a shorter time. 
Without this vital ingredient we grow old and die pre- 
maturely. 

The first signs of aging are apparent in the skin and 


is related to some melanin dysfunction. There is an 


increase in yellow pigment and among Caucasians 
there is premature wrinkling and melanoma. If the 
resonant frequency of melanin was known, the appro- 
priate energy could be absorbed to vitalize the skin 
and delay aging. 
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Electromagnetic radiation may cause cancer 
among Whites because non-pigmented skin, has no 
defense against a high frequency wave which pene- 


trates deeply in human tissue. 

A drawing of the World’s First 
electronic clock, built by Nile 
Valley Africans to represent their 
ancestral spirit Tet Ankh Ka Ra, 
The Ankhi (Khnum, chronos). The 
glowing globe was slowly rotated 
by the precise electromechanical 
movement of the arms. 


The Tree of Life provided suffi- 





cient power for the creation of 
electromagnetic radiation (angelic or spiritual beings) 
and the rotation of the world. The Egyptians not only 
knew the world was round, they knew the force 
which turned it was a perpendicular electric and mag- 
netic field. They used elements of electronic circuitry 
to represent the spiritual nature of life. The circuit on 


the right of the tree is a relaxation oscillator, charging 
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and discharging through the spark gap, to provide 
excitation for the loop circuit in the figure below. A 
minimum of 300 volts is required to produce a spark 
across the gap. 

The relaxation oscillator is an inefficient method of 
excitation, because the discharged cannot be synchro- 
nized. However, with the use of kam (galena), a more 
effective continuous wave excitation oscillator can be 


made that requires significantly lower voltage. 





The loop and plates above are also a tank circuit which 
is shunted across the gap and capacitively coupled to 
the input resonant circuit. This transmitter radiates 
UHF power to ankhs of comparable size within the 
vicinity. 

The spark was considered to be an indication of 
Gods presence because within a spark all frequencies 
are generated, therefore, all circuits are compelled to 
respond. The large capacitance of the shrine or ark 


could provide powerful sparks of lightning sufficient 
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to excite an ankh into oscillation, especially when this 
discharge was through the gap of a transmitting ankh 
circuit. 

A circuit consisting of a loop and plates could also 
provide lighting at night or in the darkness of the 
tomb. It has always been a mystery as to what method 
of lighting was used to allow those intricate paintings 
to be produced on the walls of some of those tombs. 
No soot was found on the ceiling suggesting that 
some other method besides the torch was used. Again 
we are asked to believe it was done with mirrors 
reflecting sunlight, because the truth of electric light- 
ing in tombs would suggest widespread use similar to 
our modern use, but superior, because power would 
be wireless transmitted.. 

The pectoral of King Senusret Il embodies the spir- 
itual and scientific principles governing the universe. 
The ankhs illustrated have coils on either side of the 
loop, and Heru (falcon) is standing on the senk Le} ‘ 
a divine light. 

When this type of ankh was constructed and 


attached to a battery, it operated like a motor and pro- 


duced high voltage spikes at audible frequencies. 
The coils on both sides of the loop, form an elec- 

tromagnetic switch, which switches on and off under 

the influence of magnetic attraction and the flexibility 
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of the loop. The high voltage produced is a result of 
the sudden interruption of current flow through the 
coil, 

This by itself did not seem strange, for on closer 
examination of the output, it was discovered that the 


ea \ 
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output power exceeded the input power. With the use 
of rectifiers and rechargeable batteries, the excess 
power kept the ankh in a state of perpetual motion. 
The latent energy within the magnetic field was har- 
nessed to produce electricity, 


The kneeling figure in the center of the pectoral is 
Heh the god of Eternity, holding the ane chain of 
infinity. 

This type of ankh was andoubtedly the power 
transmitter for the loop circuit of the senk. 
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snk Wer  , to see the light 
= 
mn 

is ° 


light rays 


snk om cy, night or darkness (note the 
7 'senkh is upside down over the 
symbol for sky) 


; = 
sen QO or @ 2 khe i! senk or senkh. 

sen means, similar, dual, two or alike. 

Similar to today’s fluorescent lamp, the senk was used 
extensively before the numerous invasions put this 
light of Egypt out forever. 

Since there are no known surviving examples of 
the senk, its basic operation can only be extrapolated 
from fluorescent light theory and examples depicted 
in Egyptian Art, The primary elements of the senk’s 


construction are: 


Plates 


Glass Tube 1. partially evacuated glass tube 





2. coil or loop Gnductance) 
3. plates (capacitor) 


4. DC. voltage 


A partially evacuated glass 
tube can be made to glow 


when placed within a 
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rapidly changing electrostatic field. The air in the tube 
is ionized by the presence of high-frequency oscilla- 
tion in the coil and plates, at 10 to 50 MHz. The ion- 
ized gas in the tube becomes conducting and estab- 
lishes direct current flow from the battery through the 
tube, further increasing the intensity and duration of 
the glow. 


loop 


The ionized gas tube of the 
senk can be adapted for 
use as a diode (rectifier) or 
semi-conductor as an active device by 





exploiting it’s negative 
resistance for amplifica- 
tion. By adding an extra 
set of plates to isolate the 
DC voltage, the senk could 





a a 


easily be modified to pro- 
duce continuous wave oscillation. However since the 
Egyptians had knowledge of galena, it is likely that 
the vacuum tube was abandoned in favor of more 
efficient semiconductor technology. If all the compo- 
nents of modern radio transmission and reception 
were known and used in Kemit, 4000; years before 
their re-emergence in this century, then the super 
technology of the UFO’s heed not have come from 
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other planets, but could have developed right here on 
Earth. 

These are the questions which will arise to disturb 
the status quo if knowledge of # Ankh science is made 
public. It would necessitate a complete re-examina- 
tion of Kemitic religion to explain the connection 
between the African and these electromagnetic cir- 
cuits, which were of such high spiritual significance. 
This would provide a direction for research into what 
we truly are as a people. 

The atmosphere is a rarefied ocean inhabited by 
numerous spiritual entities living in realms which 
vary in activity levels between night and day or dur- 
ing cloudy weather conditions which causes the spir- 
its to take on a higher density, 

The electronic circuitry of the Egyptians was used 
to facilitate greater contact with the spirit world, 
known as the Kingdom of Heaven. The lords of this 
Kingdom are called the “grays” and many consider 
them negative aliens because of the fear they arouse 
and their enigmatic behavior. 


“The fear of the Lord is the beginning of wisdom.” 
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Ankh Circuits continued 





to battery 
microwaves 





The War ankh of Sekhet 








THE ANKH i 





& AFRICAN ORIGIN OF ELECTROMAGNETISM 


The Heavens | | 


LTHOUGH THE EGyrtiAns considered heaven to be 

the abode of the eternally blessed, it contained 

all the elements of a blissful earthly life. The dead 
were usually buried with their earthly possessions 1 | 
and provisions to sustain a life similar to their earthly 1 
one. 
Everyone seems to agree that this realm is located | | 

in the sky above the clouds somewhere, but no one 





wants to specify its exact location. Here also, the sep- | 
| aration of matter and spirit create 
the usual confusion characteristic of modern reli- 
gious theology and the materialist scientific aristocra- 
cy. If both spiritual and scientific evidence concerning 
heaven are examined objectively by someone with a 
unified perception, they would conclude that heaven 
was in the ionosphere. Our ancestors, who were not 
afflicted with this modem schism, knew this also. 


In the beginning God created the Heavens and the 
Earth. 


Genesis 1: 1 
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The aureole of the Earth created by the breath of Ra. 


The Egyptian symbol of this Creator-God Khnum is 
the most profoundly esoteric, containing all the ele- 
ments which could explain the nature of divine exis- 
tence. 

This is the god that created night and day by the 
rotation of the earth and made man on this revolving 
potter’s wheel. 

-island vacuum glass tube ... au 


-breakdown discharge, “N” water, 
aurora. 


—_ 

PtH 
j -Ka, spirit, power, image-double. 
qm) 


-Horizon, the God Amen, aun; which 
means lamp or light post 


-Tet, djed, battery or voltage Osiris, 
Jacob's ladder. 
As we have discussed before, the evacuated tube pro- 
vides an easy path in the flow of electrons, creating the 


, 
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ionization and negative resistance used for continu- 
ous waves, and glowing when these electrons and 
ions recombine to form neutral atoms. 

All these activities occur in the near-vacuum of the 
ionosphere, which is a region of high electron density, 
about 300 km above the Earth’s surface, This layer is 
maintained by ultra violet radiation and high energy 
particle emissions from the sun. The high voltage 
(potential difference or electric field) between the 





earth and the ionosphere, represented by the Tet, is | 
responsible for the rotation of the planet. This is due to 
the Earth’s magnetic field being perpendicular to that 
electric field and in exactly the same way as the force 
which rotates the shaft of an electric motor created. 
The four bands at the top of the Tet represents the fact 
that the ionosphere is divided into four layers, the two 
uppermost levels Fl and F2 merge into one layer at 
the first hour of the Tuat (night). 
Because of its high electron content, this layer 
reflects electromagnetic waves, allowing extended 
range to radio transmission. 


And he who talked to me had a measuring rod of 
gold to measure the city and its gates and walls. The 
city lies foursquare, its length the same as its breadth; 
and height are equal. He also measured its wall, a 
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hundred and forty-four cubits by a man’s measure, 
that is, an angel's 


Revelation 21:15 


Wes The description of 
the measurement are 


| whose height is 
* ‘| defined by the cut-off 
| frequency of 1,440 
|Mhz. Because the 


~ | that is of the angel is 
|the Ka st , ten mil- 


person out of clay. One figure represents 
the physical body while the other repre- 
sents the spirit. Both came together to cre- 
ate one-new being, 





And he dreamed that there was a ladder set up on the 
earth, and the top of it reached to heaven; and 
behold, the angels of God were ascending and 
descending on it! And behold, the Lord stood above 
it and said, “I am the Lord, God of Abraham your 
father and the God of Isaac; the land on which you lie 
I will give to you and to your descendants; and your 
descendants shall be like the dust of earth .., 


’ Genesis 28:12-14 
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Heaven 


Genesis Chap, 1-1 

And the spirit of God 
was moving over the 
face of the waters 

The word “ankh’ also 
means mirror, “that 
which sees the face,” in 
the language of ancient 


Earth 


Chap. 2-7 

then the Lord God 
formed man of dust 
from the ground, and 
breathed into his nos- 
trils the breath of life; 
and man became a liv- 
ing being. 


Egypt. 

Genesis Chap. 1-27 

So God created man in 
his own image, in the 
image of God he created 
him; male and female he 
created therm. 


Phonetic 
Value 


aa = 
t= 


Hieroglyphic 
character 






a sieve 


examination of the word #”"J"ankh, reveals the nature 
of our earthly and heavenly incarnation in the eternal 
cycle of life. The word contains three ideographs, each 
representing an aspect of the Trinity, Father, Son and 
« Our 


Holy Spirit. If you can accept the concepts 
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Father who art in Heaven,... | and the Father are one 
and... Son of man, you will be well on your way to an 
understanding of eternal life. 

From the Egyptian point of view, 7; ihe heav- 
en was made from a material called —/5 S|I|_ baa. 
This baa (baa; metallic substance i.e. = meteoric 
iron) was known to have metallic properties such as 
conductivity and reflectivity. 

The ionosphere is a mirror image of the electro- 
magnetic emissions from the Earth, no matter how 
faint. The spiritual characteristics of every object on 
Earth is duplicated in Heaven, because their emissions 
cause the electrons there to vibrate in such a way as to 


emit an exact electrical i image of all earth transmission. 


ionosphere — 


s 
Sy % 


“s,s S88 above so below 
. . 
. 


. 


The body was preserved with the knowledge that 
its electromagnetic nature would continue to be 
reflected in the Heavens, The concept of a spiritual 
abode in heaven is as perplexing to the materialist of 
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today as it was in the time of the Messiah. In John 
chapter 3, the Messiah attempts to explain to a White 
man why he cannot go to or understand heaven. 


Jesus answered, “Truly, truly, I say to you, unless one 
is born of water and spirit, he cannot enter the king- 
dom of God. That which is born of the flesh is flesh, 
and that which is born of spirit is spirit. Do not mar- 
vel that | said to you, “You must be born anew.’ The 
wind blows where it wills, and you hear the sound of 
it, but you do not know whence it comes or whither 
it goes; so it is with everyone who is born of Spirit.” 
Nicode’ mus said to him, “How can this be?” Jesus 
answered him, “Are you a teacher of Israel, and yet 
you do not understand this? Truly, truly, I say to you, 
we speak of what we know, and bear witness to what 
we have seen; but you do not receive our testimony. 
if I have told you earthly things and You do not 
believe, how can you believe if I tell you heavenly 
things? No one has ascended into heaven but he who 
descended from heaven, the Son of man. And as 
Moses lifted up the serpent in the wilderness, so 
must the Son of man be lifted up, that whoever 
believes in him may have eternal life. 


John 3:5-14 


It would be fruitless at this point to attempt to 
untangle the enormously confusing theology of the 
Trinity proposed by Whites who, having discovered 
themselves excluded, sought to deny the Divinely 
Blessed the knowledge of their birthright. The secret 
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ingredient, for which our race has been made to suffer 
is melanin, the dust of the Kha. The word Kha ranges 
in meaning, from dead body or corpse to powdered 
medicine or simply the dust of the dead. 

Allow me to digress for a moment to examine the 
use of dust in the early days of radio. A phenomenon, 
which permitted the detection of radio waves, was the 
response of dust particles to electromagnetic waves 
caused by a spark. Particles of dust tend to stick 
together (coherence) aligning themselves in such a 
way as to increase the current flow in a certain direc- 
tion. The early rectifiers, known as coherers, were 
made by filling a tube with an electrically responsive 

7 dust or filings, (See Lodge's transmitter and receiver). 
When there was a passage of electromagnetic waves 

the coherer would conduct, however once aligned 

) they were no longer responsive and needed to be 
tapped periodically to loosen the particles to respond 
to the next incoming wave. This is the reason why the 
dreamer’s body must be kept rigid, like the dead, for 
movement disrupts the alignment reducing conduc- 
tivity. 

Christ said to Mary, “Touch me not, for I am not 


yet ascended unto my father.” 








The senkh held by the Ba represents the electromag- 
netic emissions of the Kha. 


The majority carriers (type of charge transport) of 
melanin are electrons as opposed to (+) holes. 
Therefore, in the Judgment of Osiris, described by the 
Millikan’s oil drop experiment, the etheric body rises. 


In Millikan’s oil drop experiment, an electrically 
charged oil drop is suspended between two plates by the 
upward force of an electric field against it’s weight mg. 


¢ 





THe ANKH y 


Who Knoweth the spirit of man that goeth upward, 
and the spirit of beast that goeth downward to the 
earth? 


Ecclesiastes 3:21 









The confusion as to the direction of charge flow dis- 
plays Greek ignorance and Egyptian wisdom. 
Electrons flow from the so-called negative potential, 
known as the cathode, which canes from the Greek 
word “Kathodos” meaning ‘the way down’. The 
Egyptian root of the word “Ka,” is represented by 


the raised arms LJ representing the true direction of 
electron flow, from the ground upwards. 


Each melanin granule is a tiny feather and, when 
energized by the ankh of levitation, the gods were 
given the power of flight. 

The ankh of levitation was related to the goddess 
of the Upper Kingdom, the Divine Vulture. These vul- 
tures are often seen soaring around large clouds dur- 
ing a thunderstorm. The reason for this behavior was 
thought to be related to upward convection currents 
of air. And it was believed that these birds used these 
currents to attain great heights without effort. This 
assumption neglected the fact that thunderclouds pos- 
sessed strong electrostatic charges which exerted a 
force of attraction on the birds in the same way that a 


charged plastic comb attracts small pieces of paper. 
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The goddess Nekhbet 
represented this prin- 
ciple, by which the 
Messiah was taken up 
into the clouds, By 
holding a high fre- 
quency emitter like the 
tet-ankh scepter, one 
could soar into the sky 
as the Medieval witch- 
es were said to do. At 





sufficiently high fre- 
quencies, the dipole of the melanin granule cannot 
respond rapidly enough to remain in step with the 
changing electric field. Therefore, a displacement cur- 
rent arises and the granule behaves as a dielectric, 
subject to the force of electrostatic attraction and 
repulsion 


The winged serpent is the most compelling argument 
in the link between spiritual and electromagnetic phe- 
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nomenon. While representing all the elements of air- 
borne electromagnetic wave transmission, it evokes 
the wisdom and spirituality associated with Isis. 


SETI (Search for ExtraTerrestrial Intelligence) 


In October 1992, NASA will engage in the study of 
the heavens under the guise of a search for extrater- 
restrial intelligence in the galaxy. This project, with the 
very Egyptian sounding acronym, will use the 
World’s largest radio telescopes and advanced multi- 
channel scanners to canvas the sky in an attempt to 
discover the source of angelic communications. 

It is no coincidence that the frequencies of interest 
to these researchers is around the 21 cm wavelength of 
the constituents of water (hydrogen: H and hydroxyl: 
OH), called the “water hole.” This is the most prudent 
choice since the Messiah referred to these beings as 
composed of water and spirit. 

These beings have the some color as the clouds, a 
glowing gray, and it is said that their appearance is 
like unto the “the sons of men,” that being like chil- 
dren. 

Despite the sophistication of the computerized 
equipment, the project is doomed to failure. Even if 
angelic communications were detected among the 








&D AFRICAN ORIGIN OF ELECTROMAGNETISM 


noise of terrestrial transmission, the language of the 
angels is unknown, I am not suggesting that commu- 
nication with Angelic Beings is impossible. What is 
required is nothing less than Ankh Science in the hand 
of the Oracle. 
The synthesis of amino acids (the building blocks 
of life) under the condition of a primordial atmos- 
——=ie * phere, with 
the use of 
electrical dis- 
charge, con- 
firmed the 
existence of 






psc extraterres- 
trial life. If 
the chemical 
composition 
of amino 
acids (hydro- 
gen, oxygen, 
carbon, ni- 


Boiling 







tube contains trogen and 
amino acids sthes. trace 


elements), 





can be found 
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in the upper- atmosphere, then why should life be lim- 
ited to the earth. The synthesis of more complex mol- 
ecules (protein and nucleic acids) by linking together 
amino acids, involves the bonding of an amino group 
(HN) and an acid group (COOH), The C—N bond- 
ing results in the removal of (H and OH) a water mol- 
ecule, exactly what SETI is searching for. In this hos- 
pitable environment, of the heavenly ocean, the holo- 
graphic projection of the recently dead is reconstruct- 
ed, giving birth to the Son of man. This is what is 
meant by the return of Christ in the clouds, now 
revealed in the present age of Aquarius. 

It is said that these beings traverse the heavens in 
boats or barges. These UFO’s are the Fishers of men. 
The Government is fully aware of the existence of 


these beings, and has launched an extensive campaign 


of disinformation to prevent its citizens from knowing 
the truth. How could they explain to their people that 
the lowly Africans are merely beings in a caterpillar 
stage, destined to be transfigured into an image of 
splendor and glory. Creatures whose total existence is 
so eloquently expressed in the life cycle of the Scarab 
beetle. 
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The Searab Beetle 
Symbol of Christianity 
the tish or UFO’s 





The Scarab, symbolic of the god Kheper $a! of is 
a dung beetle commonly found in Egypt. Lt. is usually 
seen rolling a ball of dung which contains it’s larvae, 
around the countryside, creating in the mind the 
Egyptians an analogy with solar orbit. In Egyptian 
cosmology, the universe is represented as a cow called 
Nut. 


The ball of cow dung is obviously the earth, 
although the European Egyptologist would like us to 
believe that our ancestors were as ignorant as theirs 
were of the Earth’s orbit of the Sun. 
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After a period of gestation in the ionosphere, the Spir- 
itual body returns to it’s astral homeland, one of 
twelve regions, from which it came. There it will find 
a glorious existence beyond description, an existence 


where there is no night only day and it’s every desire 
will be fulfilled in Amentet. 
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African 
Astrophysics 


Hii THEOSOPHICAL CONFLICT between the Big-Bang 
pie the Steady-state model of the universe, is 
unresolved after 4000 years. It is deeply rooted in the 
Osirian and Amenite perspectives concerning the ori- 


gin of the universe. 





Fig. 1 Radiograph of a typical radio galaxy with jets pro- 
jecting from its whirling black hole nucleus. 

* aye 

*_ +s 








Fig 2 The twin serpents illustrate the unique feature of a 
radio galaxy which appear as two separate radio sources. 
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Osiris, God of continuity through the resurrection 

of the dead, is the Steady-state universe. A philosophy 

which arose from the African’s view of himself as a 

reflection of the God Osiris, the Ultimate Black. The 

Ancient African Astrophysicist, studying the universe, 

also looked inside himself and found that the connec- 

tion between melanin and the black hole, was the elec- 
tron (the breath of life 4 ). 

The Grand Unification Theory, which eluded 
Albert Einstein, has already been solved. The Africans 
discovered that subatomic particles, like the electron, 
were created when ordinary matter (energy) passes 
through a black hole. However, since the Europeans 
cannot accept Osiris, their scientists have sought 


diverse theories in order to circumvent the truth of an 


all powerful Black God. 












African 
Plasma Physics 













In the original myth, 
Horus lost an eye in his 
victorious battle against 
Set (Typhon, typhcon). 
After his wound was 
healed by Thoth, he gave 
the eye to Osiris to eat, 
which vivified and 
strengthened Him. 


This myth, handed down from Ancient Times, 
relate the events occurring in the eye of a radio galaxy. 
Where stars and planets are swallowed by the central 
black hole and resurrected as fourth-dimensional mat- 
ter (plasma). 

A plasma is characterized by its high electron con- 
tent. About 95% of the matter in the universe is in this 
state. A low pressure gas plasma need not be strongly 
ionized to respond to or produce electromagnetic 
effects. Black skin, which is composed of a layer of 
organic semiconductors can be considered a plasma or 
fourth dimensional matter. And since neuro-melanin 
and melanocytes are the basis of higher mental activ- 


‘Or AFRICAN ORIGIN OF ELECTROMAGNETISM 








THe ANKH 4 


ity, it stands to reason that our moral nature is an 


expression of a more direct contact with God through 


the spirit. In other words, melanin is your link with 


the Universal Mind of God and morality is the 


Osiris 





Universal Law of reconcil- 
iation characteristic of our 
God Osiris. Osiris is the 
God of Judgment and the 
cross-road, whether to go 
right or left on the Path 
that leads to Him and 
Peace in the eye of the 
storm, The Egyptian sym- 
bol of a plasm MwA is the 
same as “n” or water, but it 
must be considered as liv- 
ing water. It is also illus- 
trated in the symbol of the 


aurora@wa) which most people can recognize as an 


electrical discharge in what is now called a cathode- 


ray tube. 
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African 
Quantum Physics 


Sx THE piscovery of the electron, modern physi- 
cists have found themselves in lockstep with a 
more ancient reality already defined by our African 
ancestors. The Tuat is the fourth- dimensional world 
of the electron and the core of the particle- wave para- 
dox in quantum physics. Only the names have been 
changed to protect the guilty. 

Our present reality is defined by the speed of light, 
beyond which nothing material can be transmitted, 
however in the actual reality world of the Tuat, the eye 
of the Ka sees another light. The light described in the 
Quran as ‘light upon light’ and in the Bible as an 
incomprehensible light that shines in darkness. The 
Bible is replete with descriptions of this immaterial 
world, providing a source for physicists, who behind 
closed doors, are probing the tenents of spirituality in 
search of answers. 


But, beloved, be not ignorant of this one thing, that 
one day is with the Lord as a thousand years, and a 
thousand years as one day. 


2 Peter 3:8 
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Here the existence of a non-local reality is defined 
by a difference in time reference. For if a thousand 
years is as a day, then something is traveling 365,000 
times faster. 

The intermediary between this world and the Tuat 
is the electron, the substance of the soul. It is indivisi- 
ble, eternal and connected to the mind of God. This 
alternate reality can be understood in the analogy of 
the whale, whose dorsal fin emerges when the whale 
surfaces for air. What we observe is the point-like 
character of the electron or fin, but beneath the surface 
lies the greater glory of the whale. The Ka, which sur- 
faces periodically from the sea of eternity, is repre- 
sented not only as a particle but also a wave (the 
mythological serpent 44 J (7) Qeb. The human body 
is merely the skin of this mystical serpent which is 
shed periodically and in which the god walks upon 
the Earth. 


Nur Ankh Amen 
The Religious Institute of Kemitronics. 
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The Science of Kemit 


<- RELIGIOUS CoNcEPTs Of Ancient Egypt were struc- 
tured on scientifically verified electromagnetic 
theory, not unsubstantiated traditional beliefs, as ours 
are today. Separation of science and religion is a mod- 
ern phenomenon where clashes between cultures in a 
shrinking, world, force compromises with the percep- 
tion of truth. 

Most of us are unprepared to cope with the idea of 
a superior African science. Years of slavery and colo- 
nial domination have damaged our belief in the abili- 
ty of our race to have accomplished these feats of 
mental genius. In spite of the pyramids and other 
colossal monuments, which are a testimony to our 
greatness, most of us are still in disbelief. 

Electromagnetic religion in Kemit can be seen to 
have played a role in the evolution of monotheism 
during the reign of Amenhotep IV in the 18th 
Dynastic Period. The reason for the conflict between 
the polytheistic doctrine of the past and the singular 


universal god Aten may have been the result of the 
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discovery of a new source of electromagnetic radia- 
tion called Cosmic Background Radiation, 

In 1964, experimenters at Princeton University 
studying the possibility of leftover radiation from the 
“Big-Bang,” discovered the universal microwave radi- 
ation hypothesized by Akenaten 3500 years before. 
The Aten was represented by a disc with many rays 
ending in hands holding the ankh (symbol of life). 
Because this source of radiation was universal, it was 
difficult to depict, therefore, the instrument used to 
detect its microwave emissions was used. 

The Disk of aten | ray was an ancient solar 
device, used to focus sunlight to a point or beam of 
extreme intensity. These large domed disks were 
made of highly polished metal (the word aten means 
mirror) to concentrate the heat of the sun on a focal 
point for a variety of uses, which include the splitting 
of large stone blocks. A stone block was exposed to a 
narrow beam and, when heated, cold water was 
poured causing the stone to split in precise dimen- 
sions lines. 

With the rise of the Amenites, the technology con- 
centrate other invisible electromagnetic wave 
obsessed with the building of larger and more requir- 
ing massive quantities of gold and silver shrines of the 
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ancient gods, which ruined the national economy and 
created enemies throughout Egypt. The disks were dis- 
mantled during the reign of Tutankhamen, to fund the 
restoration of the ruined temples of the Ancient gods. 





























This may be difficult to accept if you are unfamiliar 
with the two dimensional convention of Egyptian Art 
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as opposed to the modern three dimensional repre- 


“> 


sentation. 


CQ Sirius A& B 


Invisible Sirius B was “discovered” in 1970), She is composed of super- 
dense matter created by an encounter with a black hole. 

The Aten was rejected as the universal source of all 
life because the faintness of the emissions suggested 
weakness in comparison to the more powerful gods of 
the past. 


Akenaten’s 
mucrowave ankh 
wingsof Isis device 
Akenaten’s microwave ankh device 
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The dise of Aten, concentrated the microwave radia- 
tion into the horn antenna, exciting the wings of Isis 
(resonant cavity) into oscillation. The natural frequen- 
cy of her wings and the incoming microwaves are 
mixed (heterodyned) and the lower difference fre- 
quency, which resulted from the mixing, is detected 
by the loop. An explanation of the loop’s function in 
this FM discriminator requires an excessive use of 
technical jargon, which would only detract from the 
spiritual essence of this divinely inspired device. 

This radio telescope could detect radiation from 
stars and other stellar activities in the cosmos. 
Akenaten was dismissed as a heretic and is not a 
favorite among European Egyptologists because of his 
distinctly African appearance. but he was undoubted- 
ly one of the greatest astronomer- scientists in human 
history. For he not only discovered the remnants of the 
Original Spark (the Aten, the Big bang) from which all 
life originated, but he founded the first religion based 
on the Oneness of God. 

Higher on the electromagnetic frequency scale 
above microwaves are the invisible infrared rays also 
known as heat. And by exploring infrared we come to 
the real reason the pyramids were built. 





The word “pyramid” means, fire within (pyr; fire, 

heat & mid; middle), not the familiar flames, but the 
7) LORrA - 

Ankhet & LF *= living fire.” A special fire whose 


flames were life giving. These rays were concentrated 


111 











01~40mm White 600°C HIGH TEMP Fiberglass Sleeving Wire 


Cable Insulating Tube 
® 4sold in last 24 hours 


Condition: New 


Size(Diameter): _- Select - 


Lenght: _ - Select - 


Quantity: 1 | 


Price: US $1.29 


100% buyer satisfaction 


v 


More than 10 available 
498 sold / See feedback 


Buy It Now 


Y Add to watch list 


498 sold 30-day returns 


THE ANKH f 


or focused by the pyramid into the sacred chamber 
under its base. 

The pyramid was simply a lens which focused a 
specific frequency of infrared waves on the sacred 
chamber. 





In order to understand this fully, let us explore the 
question of “living fire.” 

Aby product of both life and combustion is carbon 
dioxide. If living fire is to exist, carbon dioxide must 
be eliminated or exhaled and fresh oxygen supplied 
for further combustion of fuel (organic, fossil or 
sugar). A flame in an enclosed area would die from the 
lack of oxygen, which would have been consumed 
and converted into carbon dioxide. 

If carbon dioxide could somehow be converted to 
it’s constituents, carbon and oxygen, the oxygen could 
be re-used to further continue combustion and pro- 
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duce a living fire. 

Carbon dioxide molecules can be split into carbon 
and oxygen by absorbing energy at specific resonant 
frequencies. The molecule vibrates in response to the 
energy absorbed and if there is sufficient concentra- 
tion of these photons, the molecule splits and oxygen 
is liberated. 








4 
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modes of vibration of CO, 
Every object with a temperature above zero degrees 
Kelvin (K), emits infrared by what is known as Black 
Body Radiation. The frequency and intensity of the 
radiation is related to the temperature of the object. At 
the pyramid’s natural temperature of 300 K, there is 





sufficient infrared at the proper frequency, which the 
shape of the pyramid can concentrate on the sacred 
chamber to effect dissociation of carbon dioxide. If the 
incorrect frequency is used the molecule could split 
into poisonous carbon monoxide. 
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The Sacred Chamber was a special life promoting 





Imhotep, builder of the 
first pyramid 


environment where the 
dead were revived and 
incredible surgical proce- 
dures could be carried out 
safely. This technology is 
specific to Africans, simply 
because white skin is too 
reflective and would not 
allow enough energy to be 
absorbed. 

The first pyramid was 
built by Imbhotep, the 
African multi-genius, whom 
the Greeks called Asclepius, 
their god of medicine. 
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ASCLEPIUS 


Legend has it that Asclepius, god of healing and son 
of Apollo, was delivered by cesarean section per- 
formed on his dead mother Coronis by Thoth 
(Hermes) and taught the art of medicine. Another ver- 
sion states that he was abandoned on a mountain and 
suckled by goats. The shepherd who discovered him 
was frightened when he observed a mysterious aura 
of glistening corona discharges emanating from the 
child’s skin. 

His wisdom and skill in the healing arts were 
unsurpassed, for Asclepius dis- 
covered the secret of the 
Gorgon’s blood, which was both 


a medicine and a deadly poison. 








With this knowledge he devel- 
oped a method of bringing the 
dead back to life. After reviving 
many people he himself was 
killed with a lightning bolt from 
Zeus, for fear that he might 


reveal the secret which would 





give immortality to human 


Thoth 


beings, Apollo, angered by the 
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murder, responded by killing the thunder-making 
Cyclopes of Zeus. 
Asclepius was associated 
with serpents and his 
emblem of twin winged 
snakes is still used as the 
insignia of the medical 
profession. 

Focused infrared rays 





were also used to dehy- 
drate the bodies of the 
dead. This sophisticated 
form of mummification, usually reserved for nobility, 
produced the most life-like mummies because of the 
precision of the dehydration process. 

However the ultimate use of infrared rays, 
involved the semiconductor nature of melanin, which 
requires an infusion of energy to bridge the gap 
between it’s levels of conduction. With this constant 
source of power the Kha of the Pharaoh would remain 
an electrically active antenna, supporting his heaven- 
ly reflection in divine splendor. 
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The Ankh of Science 


HEN SANKH WAS HIGH Priest, Ankh Science had 

long ago reached it’s zenith in Kemit. The 
Priesthood of the CaAnkh, an established 
University of Ankh Science, maintained the temples 
and shrines of numerous ankh possessing gods. The 
most notable of these were the shrine of khonsu, 
miraculous healing, and Ptah, the god of creative 
insight. However the Priests of Amen possessed the 
most powerful shrine, that of spiritual flight or tele- 
portation. There power arouse from a knowledge of 
themselves, the knowledge that the photonic essence 
of man which emanated from the soul was indeed his 
truest self. 


In him was life, and the life was the light of men. And 
the light shineth in darkness; and the darkness com- 
prehended it not. 


Si. Joni 1:4-5 


The light of the body is the eye: if therefore thine eye 
be single’ thy whole body shall be full of light. 


Matthete 6:22 
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After receiving this revelation, I beseeched my lord 
and master, the High Priest Sankhamen, continually 
to grant me the knowledge of the secret workings of 
the ankh of light, which was referred to as the Neb 
ankh. Understanding of the Neb ankh was achieved at 
the culmination of a lifetime of study and religious 
discipline. Although I am only a messenger, with a 
message already too complex for those whe would 
receive it, I felt compelled to include some mention of 
it’s enormous importance. 

The Neb ankh was an awesome experience which 
would change forever, the initiate’s perception of real- 
ity. For it was a foretaste of life after death, a discovery 
of an existence outside the mass of the body, a feeling 
of total weightlessness and an inter-dimensional 
access to the Tuat (the otherworld). 

Superior African Technology has already achieved 
levels which are still thought to be science fiction. 

The rewards of African Nationalism will be the 
ability to mount large scale research efforts, akin to the 
Space Program or the Manhattan Project, to revive 
ancestral wisdom. Imagine the cohesive power and 
national unity in Kemit during the Era of Pyramid 
Building. Modern technology is still in its infancy and 
can only scratch the surface of this enormously com- 
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plicated issue. We should abandon the Pale god and 
return to the worship (study) of Osiris (the Black God, 
the electronics of 

Black skin). 

Although the 
active component is 
the melanin granule, 
its random orientation 
renders it ineffective, 
The electromagnetic 
emissions from the 
ankh and the uas 
(scepter) were used to 
align these tiny dielec- 
tric resonator anten- 
nas, in order to pro- 
duce a coherent radia- 
tion pattern. The posi- 
tion of a granule can be 
Ptah, portrayed as a mummy, with adjusted. Because, as 
his hands protruding from the wrap- 


pings, holding a staff that combines |shown on page 56, the 


the djed pillar, ankh sign and sceptre. ila of & welantn 





granule could exert a 
dipole moment on its neighbor, creating the proper 
alignment of this microscopic antenna array. 
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Coherence is the essential property of a laser (Light 
Amplification by Stimulated Emission of Radiation), 
and Black skin can be made to lase. 





Light rays, in the form of beams tipped by tiny flames, 
emitted from the body of Osiris, the Neb Ankh. 
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Conclusion 


HE BASIC CHARACTER OF African Science is the pro- 

motion of life, as opposed to the Euro-centric pre- 
occupation with destructive or weapons based tech- 
nology. Because of this mind-set, the view that all sci- 
ence has some weapons potential, Europeans are 
intent on suppressing Ankh Science as a matter of 
National Security. Their need to mis-educate African 
children results from a very real fear, that the genetic 
memory of these mental giants will be awakened. This 
| policy has been in effect since the Greeks first encoun- 





Nile Valley. 

Because of the barbaric nature of the Greeks, the 
Amen Priests were killed, libraries burned, religion 
distorted and hieroglyphic writing forbidden. This 
arms race mentality is a permanent feature of Euro- 
science, having the effect of placing all science under 
the scrutiny and directorship of the governing body, 
in order to prevent a departure from science that is 
only beneficial to Whites. The encounter with an alien 


tered this advanced extraterrestrial civilization of the 
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civilization, possessing science developed over thou- 
sands of years around unique genetic differences, 
forced Whites to institute policies of mis-education. 

The photo-active nature of melanin is an evolu- 
tionary quantum-leap, generating a science, culture 
and religion totally alien to the invaders of the Nile 
Valley. If allowed unimpeded development, this— 
advantage could be exploited with miraculous conse- 
quences for the African, the greatest benefits being in 
the medical arena, where laser technology and the 
protein-producing melanocytes will be wedded to cre- 
ate cures unheard of since the time of Imhotep And 
speaking of Imhotep, could reviving the dead by 
using infrared laser techniques to dissociate carbon 
dioxide in the body be far away? This might not be 
our greatest achievement, for within the genetic mem- 
ory of an African child is the knowledge to deoxidize 
melanin and put flesh on dry bones. 
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Afterword 


WW I FIRST READ The Ankh:African origin of electro- 
magnitism, | was elated, because all positive 
information about the Ankh is necessary to awaken 
the Nubian Kamitik Giants sleeping in the belly of 
Amenta (the West). The Ankh is the old rugged sign 
that has been despised by the world. The four major 
world religions: Hebrew-Israelite, Buddhism, 
Christianity and Islam were all nurtured by the Ankh 
people of the Nubian Hapi (Nile) Valley. In this scin- 
tillating book, the elect romagnetic power of the Ankh 
has been scientifically investigated by Nur Ankh 
Amen. 

The Egyptological would-be suppressers of 
AfrakaNubian Spiritual High Kulture continue to 
deny the primacy of Afrakan Kosmik thought and its 





application in the mundane realms. These humble 
Black farmers of the Nile Valley could not possibly 
have knowledge of electricity and atomic energy. 
Long before the atom was discovered and misused by 
western man, Atum appeared on the temple walls of 
Khamit (Egypt) as the primordial principle of unman- 
ifested potential. It was Atum, cradled on the head of 


Ptah, the unmoved mover who copulated within her- 
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himself to bring forth Shu-Nifu, the fire fed wind and 
Tefnut-the materialization of H,O. These complemen- 
tary elements sustain the Ankh (Life) principle of the 
wombniverse. 

Nur Ankh Amen has not been criticized because of 
fear that the reclamation of Ankh Spiritual Science by 
Afrakan people, will make the foreign imposed reli- 
gions obsolete, The oppressor knows this much, that 
the Ankh sign itself is a primordial mental key to 
unlock the gates of ancestral memory. In his book, 
Black Seminarians Without a Black Theology, Dr. Yosef 
Ben Jochannan issued a call for restoration of the 
Ankh to its place of primacy in Afrakan Spiritual High 
Kulture. 

The Ankh is also carried by Nubian Kamitik initi- 
ates in the major cities of the West. Bearers of the Ankh 
are very courageous people who are undaunted by 
the slander against the Ankh. They have seen beyond 
the lie that the original AfrakaNubian bearers of the 
Ankh were ‘pagan’ and ‘heathen’ people who ‘wor- 
shiped idols.” Yet this slander has caused many people 
of Afrakan ascent to turn away from Ankh science. 
Bearers of the Ankh are keepers of a sacred legacy 
which calls them to service as healers in the earth. On 
the temple walls of Aton-Ra Akhet (called El-Armana 
today) the Aton Ra (Sun) is chiseled in stone project- 
ing rays terminating in Ankh (Life). The rays of Aton- 
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) Ra are the food of plants. To consume green plants is 
the way we feed our internal sun within the pineal 
gland. ; 

The first Ankh bearer was called Heru (in Greek 
Horus). The aim of all initiates in Ankh Sacred Science 
is to become transformed into Heru. Heru is the Ankh 
(Life) advocate ruling the upper realms of your 
Konsciousness, Heru Asr, the Nubian Falcon of the 
Holy Spirit, is pictured on temple walls flying with 
Ankhs in its talons. Heru - the Ankh (Life) messenger 
came with words of healing and life. H 

The Socio-Spiritual Meaning of the Ankh i}: 
In woman the loop of the Ankh represents the womb, 
the crossbar the fallopian tubes, the staff the birth 
canal. In man the loop is his prostate, the crossbar his 
testes, the staff his penis. Ankh is a life wand. 
Khamitically speaking our ecological Ankh is that 
loop of mist drawn up through the power of Aton- 

Ra's (the Sun’s) rays to make clouds which is purified | 

by the Kosmik kiss of Tefnut (moisture). It falls back to 

earth (the crossbar) as Nun (Rain) or Hapi (die inun- 

dated river) fertilizing and bringing the seed of new 

life (the staff) out of the ground as vegetal food of life 
| in the first times. Ptah’s face was green with the | 
| promise of renewal and regeneration of life through 

eating and drinking the green. Queen Afua who as 

Mut Nebt-Het is Chief Priestess of Purification says, 
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“Eat green, wear green, walk on green” and Priestess 
Tehuti adds, “Put green in your pocket.” Remember 
electromagnetic Ankhs utilized copper which is oxi- 
dized as green. This is the great drama of the rebirth 
of Asar the Resurrected One, Ankh is the perennial 
symbol of the Divine Afrakan family in perpetuity, 
However you look at it, Ankh is life. 
Special Note: For Bearers. Wearers and Keepers of Ankh 
Ankhians are not selfish, we share the gifts of heal- 
ing and life with all people who respect the primordial 
Aftakan soutce of all earth life, The mitochondrial Eve 
is a Nubian Khamit woman - Ta-Urt Sekemet Mut Ast. 
The Ankh is an Afrakan re-birth concept and sym- 
bol which Afraka gave to the world when she pre- 
served the Ankh on temple walls and as amulets. 
Ankh may be worn by all who adore NTR the one life 
source as NTR Ankh (Divine Supreme Womb/Seed 
Source of Life) the Mother/ Father Creator. A wearer 
of the Ankh is not racist, is not violent, does not eat 
dead or live animals, nor flesh, avoids any foods that 
cause putrefaction or fermentation stinking up the 
body and does not eat creatures with eyes. An initiate 
wearer, carrier or user of the Ankh honors the femi- 
nine (womb) principle as the first and eldest manifes- 
tation of divine in Kosmos and on earth. She/he is 
cognizant of the need of Maat in a patriarchal world. 
Ankh supporters practice Maatiarchy - balanced 
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Execution of power in female/male relationships. 
Ankh demands focus and attention to spiritual and 
material needs simultaneously. 

However you see the Ankh either as a Spiritual, 
Kultural, healing or scientific tool or wand, it is essen- 
tial to remember that the Creators of the Ankh instru- 
ment caused the rise of the longest lasting most right- 
eous civilization in the Hapi (Nile) Khamitic Valley 
and sent messengers of Ankh (Life) to all people of 
earth. So tenacious is humanity's hold on Ankh (Life) 
that Ankh subliminally creeps up in all English words 
of continuity. All gerund (ing) words /sounds conceal 
the Hesi (mantra) Ankh - “ing” is continuity through- 
out all time and all space. The anchor which secures 
the lives of passengers on a stormy sea conceals the 
hesi (word / sound) Ankh. When we thank the Creator, 
we use the word Ankh. Connect conceals Ankh in the 
letters “onnec.” Our interconnectedness with NTR 
(Divine) is the greatest lesson taught by Ankh (Life 
Eternal) science. Ask your k-nee (reverse the sound 
and the movement). Ask your ankle, ask your tongue 
which stimulates the waters which form the sound of 
your voice. Ankh the very word in MTU NTR begins 
with the wave, (Nu) water. According to Gerrald 
Massey in Ancient Egypt Light of the World, the very 
word King conceals the Khamite hope of life eternal. 
Nkh, Ankh - -g may he live. -g Live the -g. 
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The Ankh unifies us all in spite of religious and 
philosophical differences because it is the sign of the 
Wombniversal AfraKosmik Spiritual source of all reli- 
gions. Without Ankh (life) of what use is religion? 
Meditate on ankh as you hesi (chant) Ankh over and 
over. Come to Ankh. Come to Life. 

May this book serve to fill in open gaps in your 
knowledge. Add this scientific and spiritual portion to 
your store of Ankh knowledge (reverse the first three 
letters in know what do you get? Onk, life.) Ink makes 
the word permanent. The written words of wisdom 
gives life. I offer this humble addendum as I have 
been asked. May you take your Ankh back. RISE 
AFRAKANUBIANKHAMITIKUSHITE PEOPLE, 
RISE! 


Forever yours in Ankhtuity, 
For Ankhternity, 
Ankhtually, 

Heru Ankh Semahj sa Ptah 
Studio of Ptah 

155 Canal Street, suite 9 
New York, NY, 10013 
1-212-226-8487 
1-212-343-9706 
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Glossary 


ankh: A tau cross with a loop on top. 


diety: A person or thing revered to as supremely powerful or 
beneficent. 


djed: Cruciform symbol with at least three cross bars. 


lodestone: naturally occurring mineral that is strongly mag- 
netic. 


aurora: Intermittent electrical discharge that occurs in the rar- 
efied upper atmosphere. 


ionosphere; An ionized layer in a planetary atmosphere 
where free electrons and ions with thermal energies exist 
under the control of earth’s gravitational and magnetic 
fields. 


ions: electrically charged atoms or group of atoms. 
electron: negatively charged elementary particle of the atom. 


DNA: The nucleic acid forming the genetic material of all 
cells. 


Heh: God of infinity. 


chakras: The points located along the body that are known as 
energy centers. They are seven of them. 

diode An electrical device that allows electricity to flow in 
one direction only. 

SETI: Search for Extraterrestrial Intelligence 

UFO Unidentified Flying Object. 

Khnum: A Ram-headed creator god often depicted at a pot- 
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Preface 


By inventing the wireless transmitter or radio in 1897, the Italian physicist Tomaso 
Guglielmo Marconi added a new dimension to the world of communications. This 
enabled the transmission of the human voice through space without wires. For this 
epoch-making invention, this illustrious scientist was honored with the Nobel Prize 
for Physics in 1909. Even today, students of wireless or radio technology remember 
this distinguished physicist with reverence. A new era began in Radio 
Communications. 

The classical Marconi radio used a modulation technique known today as 
“Amplitude Modulation” or just AM. This led to the development of Frequency 
Modulation (FM), amplitude shift keying (ASK), phase shift keying (PSK), etc. 
Today, these technologies are extensively used in various wireless communication 
systems. These modulation techniques form an integral part of academic curricula 
today. 

This book presents a comprehensive overview of the various modulation tech- 
niques mentioned above. Numerous illustrations are used to bring students 
up-to-date in key concepts and underlying principles of various analog and digital 
modulation techniques. In particular, the following topics will be presented in this 
book: 


Amplitude Modulation (AM) 

Frequency Modulation (FM) 

Bandwidth occupancy in AM and FM 
Amplitude shift keying (ASK) 

Frequency shift keying (FSK) 

Phase shift keying (PSK) 

N-ary coding and M-ary modulation 
Bandwidth occupancy in ASK, FSK, and PSK 


This text has been primarily designed for electrical engineering students in the 
area of telecommunications. However, engineers and designers working in the area 
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of wireless communications would also find this text useful. It is assumed that the 
student is familiar with the general theory of telecommunications. 

In closing, I would like to say a few words about how this book was conceived. 
It came out of my long industrial and academic career. During my teaching tenure 
at the University of North Dakota, I developed a number of graduate-level elective 
courses in the area of telecommunications that combine theory and practice. This 
book is a collection of my courseware and research activities in wireless 
communications. 

I am grateful to UND and the School for the Blind, North Dakota, for affording 
me this opportunity. This book would never have seen the light of day had UND 
and the State of North Dakota not provided me with the technology to do so. My 
heartfelt salute goes out to the dedicated developers of these technologies, who 
have enabled me and others visually impaired to work comfortably. 

I would like to thank my beloved wife, Yasmin, an English Literature buff and a 
writer herself, for being by my side throughout the writing of this book and for 
patiently proofreading it. My darling son, Shams, an electrical engineer himself, 
provided technical support in formulation and experimentation when I needed it. 
For this, he deserves my heartfelt thanks. 

Finally, thanks are also to my doctoral student Md. Maruf Ahamed who found 
time in his busy schedule to assist me with the simulations, illustrations, and the 
verification of equations. 

In spite of all this support, there may still be some errors in this book. I hope that 
my readers forgive me for them. I shall be amply rewarded if they still find this 
book useful. 


Grand Forks, USA Saleh Faruque 
May 2016 
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Chapter 1 
Introduction to Modulation 


Topics 


Background 

Modulation by Analog Signal 

AM and EM Bandwidth at a Glance 
Modulation by Digital Signal 

ASK, FSK and PSK Bandwidth at a Glance 


1.1 Background 


Modulation is a technique that changes the characteristics of the carrier frequency in 
accordance with the input signal. Figure 1.1 shows the conceptual block diagram of 
a modern wireless communication system, where the modulation block is shown in 
the inset of the dotted block. As shown in the figure, modulation is performed at the 
transmit side and demodulation is performed at the receive side. This is the final 
stage of any radio communication system. The preceding two stages have been 
discussed elaborately in my previous book in this series [1, 2]. 

The output signal of the modulator, referred to as the modulated signal, is fed 
into the antenna for propagation. Antenna is a reciprocal device that transmits and 
receives the modulated carrier frequency. The size of the antenna depends on the 
wavelength (A) of the sinusoidal wave where 


A=clfm 
c = Velocity of light = 3 x 10° m/s 
jf = Frequency of the sinusoidal wave, also known as “carrier frequency.” 


Therefore, a carrier frequency much higher than the input signal is required to 
keep the size of the antenna at an acceptable limit. For these reasons, a 
high-frequency carrier signal is used in the modulation process. In this process, the 
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Fig. 1.1 Block diagram of a modern full-duplex communication system. The modulation stage is 
shown as a dotted block 


low-frequency input signal changes the characteristics of the high-frequency carrier 
in a certain manner, depending on the modulation technique. Furthermore, as the 
size and speed of digital data networks continue to expand, bandwidth efficiency 
becomes increasingly important. This is especially true for broadband communi- 
cation, where the digital signal processing is done keeping in mind the available 
bandwidth resources. 

Hence, modulation is a very important step in the transmission of information. 
The information can be either analog or digital, where the carrier is a 
high-frequency sinusoidal waveform. As stated earlier, the input signal (analog or 
digital) changes the characteristics of the carrier waveform. Therefore, there are two 
basic modulation schemes as listed below: 


e Modulation by analog signals and 
e Modulation by digital signals. 


This book presents a comprehensive overview of these modulation techniques in 
use today. Numerous illustrations are used to bring students up-to-date in key 
concepts and underlying principles of various analog and digital modulation 
techniques. For a head start, brief descriptions of each of these modulation tech- 
niques are presented below. 
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1.2 Modulation by Analog Signals 
1.2.1 AM, FM, and PM 


For analog signals, there are three well-known modulation techniques as listed 
below: 


e Amplitude Modulation (AM), 
e Frequency Modulation (FM), 
e Phase Modulation (PM). 


By inventing the wireless transmitter or radio in 1897, the Italian physicist 
Tomaso Guglielmo Marconi added a new dimension to the world of communica- 
tions [3, 4]. This enabled the transmission of the human voice through space 
without wires. For this epoch-making invention, this illustrious scientist was 
honored with the Nobel Prize for Physics in 1909. Even today, students of wireless 
or radio technology remember this distinguished physicist with reverence. A new 
era began in Radio Communications. The classical Marconi radio used a modu- 
lation technique known today as “Amplitude Modulation” or just AM. In AM, the 
amplitude of the carrier changes in accordance with the input analog signal, while 
the frequency of the carrier remains the same. This is shown in Fig. 1.2 where 


e m(t) is the input modulating audio signal, 
e C(® is the carrier frequency, and 
e S(t) is the AM-modulated carrier frequency. 


Voltage 


‘wh yl Input Modulating Signal: m(t) 
NANA Carrier Frequency: C(t) 
Nv AM Signal: S(t) 


Fig. 1.2 Modulation by analog signal 
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As shown in the figure, the audio waveform changes the amplitude of the carrier 
to determine the envelope of the modulated carrier. This enables the receiver to 
extract the audio signal by demodulation. Notice that the amplitude of the carrier 
changes in accordance with the input signal, while the frequency of the carrier does 
not change after modulation. It can be shown that the modulated carrier S(t) con- 
tains several spectral components, requiring frequency-domain analysis, which will 
be addressed in Chap. 2. It may be noted that AM is vulnerable to signal amplitude 
fading. 

In Frequency Modulation (FM), the frequency of the carrier changes in accor- 
dance with the input modulation signal as shown in Fig. 1.2 [5]. Notice that in FM, 
only the frequency changes while the amplitude remains the same. Unlike AM, FM 
is more robust against signal amplitude fading. For this reason, FM is more 
attractive in commercial FM radio. In Chap. 3, it will be shown that in FM, the 
modulated carrier contains an infinite number of sideband due to modulation. For 
this reason, FM is also bandwidth inefficient. 

Similarly, in Phase Modulation (PM), the phase of the carrier changes in 
accordance with the phase of the carrier, while the amplitude of the carrier does not 
change. PM is closely related to FM. In fact, FM is derived from the rate of change 
of phase of the carrier frequency. Both FM and PM belong to the same mathe- 
matical family. We will discuss this more elaborately in Chap. 3. 


1.2.2 > AM and FM Bandwidth at a Glance 


The bandwidth occupied by the modulated signal depends on bandwidth of the 
input signal and the modulation method as shown in Fig. 1.3. Note that the 
unmodulated carrier itself has zero bandwidth. 

In AM: 


e The modulated carrier has two sidebands (upper and lower) and 
e Total bandwidth = 2 x base band. 


In FM: 


e The carrier frequency shifts back and forth from the nominal frequency by Af, 
where Af is the frequency deviation. 

e During this process, the modulated carrier creates an infinite number of spectral 
components, where higher-order spectral components are negligible. 

e The approximate FM bandwidth is given by the Carson’s rule: 


— FM BW = 2f(1 + f) 


— f= Base band frequency 
— f= Modulation index 


— p= Aff 


— Af = Frequency deviation. 
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Fig. 1.3 Bandwidth Time-Domain Frequency-Domain 
occupancy in AM, FM, and ; : 
PM signals (as viewed on an (as viewed ona 
Oscilloscope) Spectrum Analyzer) 
Voltage Voltage 
Time Frequency 
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1.3. Modulation by Digital Signal 


For digital signals, there are several modulation techniques available. The three 
main digital modulation techniques are as follows: 


e Amplitude shift keying (ASK), 
e Frequency shift keying (FSK), and 
e Phase shift keying (PSK). 


Figure 1.4 illustrates the modulated waveforms for an input modulating digital 
signal. Brief descriptions of each of these digital modulation techniques along with 
the respective spectral responses and bandwidth are presented below. 


1.3.1 Amplitude Shift Keying (ASK) Modulation 


Amplitude shift keying (ASK), also known as on-off keying (OOK), is a method of 
digital modulation that utilizes amplitude shifting of the relative amplitude of the 
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Input Modulating Digital Signal: m(t) 


0 0 
ASK Signal: S(t) 


Fig. 1.4 Modulation by digital signal 


career frequency [6-8]. The signal to be modulated and transmitted is binary; this is 
referred to as ASK, where the amplitude of the carrier changes in discrete levels, in 
accordance with the input signal, as shown. 


Binary 0 (bit 0): Amplitude = Low and 
Binary 1 (bit 1): Amplitude = High. 


Figure 1.4 shows the ASK-modulated waveform where 


Input digital signal is the information we want to transmit. 

Carrier is the radio frequency without modulation. 

Output is the ASK-modulated carrier, which has two amplitudes corresponding 
to the binary input signal. For binary signal 1, the carrier is ON. For the binary 
signal 0, the carrier is OFF. However, a small residual signal may remain due to 
noise, interference, etc. 


1.3.2. Frequency Shift Keying (FSK) Modulation 


Frequency shift keying (FSK) is a method of digital modulation that utilizes fre- 
quency shifting of the relative frequency content of the signal [6-8]. The signal to 
be modulated and transmitted is binary; this is referred to as binary FSK (BFSK), 


1.3. Modulation by Digital Signal 7 


where the carrier frequency changes in discrete levels, in accordance with the input 
signal as shown below: 


e Binary 0 (bit 0): Frequency = f+ Af 
e Binary 1 (bit 1): Frequency = f— Af 


Figure 1.4 shows the FSK-modulated waveform where 


e Input digital signal is the information we want to transmit. 

e Carrier is the radio frequency without modulation. 

e Output is the FSK-modulated carrier, which has two frequencies w, and wo, 
corresponding to the binary input signal. 

e These frequencies correspond to the messages binary 0 and 1, respectively. 


1.3.3 Phase Shift Keying (PSK) Modulation 


Phase shift keying (PSK) is a method of digital modulation that utilizes phase of the 
carrier to represent digital signal [6-8]. The signal to be modulated and transmitted 
is binary; this is referred to as binary PSK (BPSK), where the phase of the carrier 
changes in discrete levels, in accordance with the input signal as shown below: 


e Binary 0 (bit 0): Phase, = 0°. 
e Binary | (bit 1): Phase, = 180°. 


Figure 1.4 shows the modulated waveform where 


e Input digital signal is the information we want to transmit. 

e Carrier is the radio frequency without modulation. 

e Output is the BPSK-modulated carrier, which has two phases ~, and @2 cor- 
responding to the two information bits. 


1.4 Bandwidth Occupancy in Digital Modulation 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth. The trans- 
mission bandwidth depends on the following: 


e Spectral response of the encoded data, 
e Spectral response of the carrier frequency, and 
e Modulation type (ASK, FSK, PSK), etc. 


Let us take a closer look! 
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1.4.1 Spectral Response of the Encoded Data 


In digital communications, data is generally referred to as a non-periodic digital 
signal. It has two values: 


e Binary-1 = High, Period = T. 
e Binary-0 = Low, Period = T. 
Also, data can be represented in two ways: 


e Time-domain representation and 
e Frequency-domain representation. 


The time-domain representation (Fig. 1.5a), known as non-return-to-zero (NRZ), 
is given by 


=V <0<t<T 
0 elsewhere 


wa (1.1) 


The frequency-domain representation is given by “Fourier transform” [9]: 


V(o) = 7 Ved (1.2) 


0 


\V(o)| = vr [Ser 
po) = (FIM vr ere 1.3) 


Here, P(@) is the power spectral density. This is plotted in (Fig. 1.5b). The main 
lobe corresponds to the fundamental frequency and side lobes correspond to har- 
monic components. The bandwidth of the power spectrum is proportional to the 
frequency. In practice, the side lobes are filtered out since they are relatively 
insignificant with respect to the main lobe. Therefore, the one-sided bandwidth is 
given by the ratio f/fb = 1. In other words, the one-sided bandwidth = f = f,, where 
Jp = Rp = IT, T being the bit duration. 

The general equation for two-sided response is given by 


a 


V(@) = / V(t)- edt 


—a 


In this case, V(@) is called two-sided spectrum of V(t). This is due to both 
positive and negative frequencies used in the integral. The function can be a voltage 
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(a) (b) 
V(t) 


P 


0 t 0 1 fife 





Fig. 1.5 a Discrete time digital signal, b it is one-sided power spectral density, and ¢ two-sided 
power spectral density. The bandwidth associated with the non-return-to-zero (NRz) data is 2R,, 
where R;, is the bit rate 


or a current (Fig. 1.5c) shows the two-sided response, where the bandwidth is 
determined by the main lobe as shown below: 


Two sided bandwidth (BW) = 2R, (R, = Bit rate before coding) (1.4) 


1.4.2. Spectral Response of the Carrier Frequency 
Before Modulation 


A carrier frequency is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component. For example, the 
sine wave is described by the following time-domain equation: 


V(t) = V,sin(@te) (1.5) 
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Fig. 1.6 A sine wave and its frequency response 


where 
V, = Peak voltage 


© oO. = 2mf. 
e f. = Carrier frequency in Hz 


Figure 1.6 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 
and the peak voltage is shown in the vertical axis. The corresponding bandwidth 
is zero. 


1.4.3, ASK Bandwidth at a Glance 


In ASK, the amplitude of the carriers changes in discrete levels, in accordance with 
the input signal where 


e Input data: m(t) = 0 or 1. 
e Carrier frequency: C(t) = A, cos(@,t). 
e Modulated carrier: S(t) = m(NC( = mA, cos(@,t). 


Since m(f) is the input digital signal and it contains an infinite number of har- 
monically related sinusoidal waveforms and that we keep the fundamental and filter 
out the higher-order components, we write: 

m(t) = A» sin(@nt) 


The ASK-modulated signal then becomes: 


S(t) = m(t)S(t) = AmAc sin(@mt) cos(@-) 


= A,Ac cos (@. + Om) 
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Fig. 1.7 ASK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. ¢ Spectral response of the carrier after 
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modulation. The transmission bandwidth is 2f,, where f;, is the bit rate and T = 1/f, is the bit 


duration for NRZ data 


The spectral response is depicted in Fig. 1.7. Notice that the spectral response 
after ASK modulation is the shifted version of the NRZ data. Bandwidth is given by, 


BW = 2R, (coded), where R, is the coded bit rate. 


1.4.4 FSK Bandwidth at a Glance 


In FSK, the frequency of the carrier changes in two discrete levels, in accordance 


with the input signals. We have: 


e Input data: m(f) = 0 or 1 
Carrier frequency: C (f) = A cos (aft) 


Modulated carrier: S(t) = A cos(@ —A w)t, For m(t) = 1 


S(t) = A cos(w@ +Aq@)t, For m(t) = 0 
where 


e S(t) = The modulated carrier, 
e A= Amplitude of the carrier, 
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Fig. 1.8 FSK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. ¢ Spectral response of the carrier after 
modulation. The transmission bandwidth is 2(f, + Af.). fy is the bit rate and Af, is the frequency 
deviation = 1/f, is the bit duration for NRZ data 


e w= Nominal frequency of the carrier frequency, and 
e Aq = Frequency deviation. 


The spectral response is depicted in Fig. 1.8. Notice that the carrier frequency 
after FSK modulation varies back and forth from the nominal frequency f. by + Af., 
where Af. is the frequency deviation. The FSK bandwidth is given by 





BW = 2(fp + Af) = 2fo(1 + Afe/fr) = 2fo(1 + B), 


where f = Af/f, is known as the modulation index and f, is the coded bit frequency 
(bit rate R,). 


1.4.5 BPSK Bandwidth at a Glance 


In BPSK, the phase of the carrier changes in two discrete levels, in accordance with 
the input signal. Here, we have: 


(jsusscrise 


ee ee geom 
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e Input data: m(t) = 0 or | 
e Carrier frequency: C(f) = A cos (wt) 
e Modulated carrier: S(t) = A cos(w + @)t 


where 


e A= Amplitude of the carrier frequency, 
e m= Angular frequency of the carrier, and 
e @ = Phase of the carrier frequency. 


Table below shows the number of phases and the corresponding bits per phase 
for MPSK modulation schemes for M = 2, 4, 8, 16, 32, 64, etc. It will be shown that 
higher-order MPSK modulation schemes (M > 2) are spectrally efficient. 




















Modulation Number of phases @ Number of bits per phase 
BPSK 2 1 
QPSK 4 2 
8PSK 8 3 
16 16 4 
32 32 J 
64 64 6 








Figure 1.9 shows the spectral response of the BPSK modulator. Since there are 
two phases, the carrier frequency changes in two discrete levels, one bit per phase, 
as follows: 


@ = 0° for bit 0 and 
@ = 180° for bit 1. 


Notice that the spectral response after BPSK modulation is the shifted version of 
the NRZ data, centered on the carrier frequency f.. The transmission bandwidth is 
given by 


BW(BPSK) = 2R;,/Bit per Phase = 2R,/1 = 2R, 


where 


e R, is the coded bit rate (bit frequency). 
e For BPSK, @ = 2, one bit per phase. 


Also, notice that the BPSK bandwidth is the same as the one in ASK modula- 
tion. This is due to the fact that the phase of the carrier changes in two discrete 
levels, while the frequency remains the same. 
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Fig. 1.9 PSK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. ¢ Spectral response of the carrier after 
modulation 


1.5 Conclusions 


This chapter presents a brief overview of modulation techniques covered in this 
book. Numerous illustrations are used to bring students up-to-date in key concepts 
and underlying principles of various analog and digital modulation techniques. In 
particular, following topics will be presented in this book: 


Amplitude Modulation (AM), 

Frequency Modulation (FM), 

Bandwidth occupancy in AM and FM, 
Amplitude shift keying (ASK), 

Frequency shift keying (FSK), 

Phase shift keying (PSK), and 

Bandwidth occupancy in ASK, FSK, and PSK. 
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Chapter 2 
Amplitude Modulation (AM) 
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Amplitude Modulation (AM) 
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Double Side Band Suppressed Carrier (DSBSC) 
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Single Side Band (SSB) Carrier 

SSB Spectrum and Bandwidth 


2.1 Introduction 


By inventing the wireless transmitter or radio in 1897, the Italian physicist Tomaso 
Guglielmo Marconi added a new dimension to the world of communications [1, 2]. 
This enabled the transmission of the human voice through space without wires. For 
this epoch-making invention, this illustrious scientist was honored with the Nobel 
Prize for Physics in 1909. Even today, students of wireless or radio technologies 
remember this distinguished physicist with reverence. A new era began in Radio 
Communications. 

The classical Marconi radio used a modulation technique known today as 
“Amplitude Modulation” or just AM, which is the main topic of this chapter. 
In AM, the amplitude of the carrier changes in accordance with the input analog 
signal, while the frequency of the carrier remains the same. This is shown in 
Fig. 2.1, where 


e m(t) is the input modulating audio signal, 
e C(® is the carrier frequency, and 
e S(t) is the AM-modulated carrier frequency. 
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Fig. 2.1 AM waveforms. m(t) 
The amplitude of the carrier 

changes in accordance with 

the input analog signal. The 

frequency of the carrier 

remains the same 


C(t) 


S(t) 


As shown in the figure, the audio waveform changes the amplitude of the carrier 
to determine the envelope of the modulated carrier. This enables the receiver to 
extract the audio signal by demodulation. Notice that the amplitude of the carrier 
changes in accordance with the input signal, while the frequency of the carrier does 
not change after modulation. However, it can be shown that the modulated carrier 
S(t) contains several spectral components, requiring frequency domain analysis. In 
an effort to examine this, this chapter will present the following topics: 


e Amplitude Modulation (AM) and AM spectrum 
e Double Sideband-suppressed carrier (DSBSC) and DSBSC spectrum 
e Single sideband (SSB) carrier and SSB spectrum 


In the following sections, the above disciplines in AM modulation will be 
presented along with the respective spectrum and bandwidth. These materials have 
been augmented by diagrams and associated waveforms to make them easier for 
readers to grasp. 
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2.2 Amplitude Modulation 


Amplitude Modulation (AM) is a method of analog modulation that utilizes 
amplitude variations of the relative amplitude of the career frequency [3-5]. The 
signal to be modulated and transmitted is analog. This is referred to as AM, where 
the amplitude of the carrier changes in accordance with the input signal. 

Figure 2.2 shows a functional diagram of a typical AM modulator for a single 
tone. Here, m(f) is the input analog signal we want to transmit, C(f) is the carrier 
frequency without modulation, and S(¢) is the output AM-modulated carrier fre- 
quency. These parameters are described below: 


e m(t) =A,,cos(27fnt) 
C(t) = A.cos(2f-t)fe >> fin 


S(t) = [L tm(n]C() a) 
= C(t) + m(t)C(t) 
Therefore, 
When m(t) = 0: 
e S(t) = A,cos(27f-t) (2.2) 
When m(t) = Ay, cos(27f,,t): 
e S(t) = A.cos(27f.t) + A-AmCos(27fnt) cos(27f.t) (2.3) 
Antenna 


S(H) 


m(t) 
AM 
Modulator ; 
ime 


Time 


| C(t) 


INIT 


Fig. 2.2 Illustration of amplitude modulation. The amplitude of the carrier C(f) changes in 
accordance with the input modulating signal m(2). S(t) is the modulated waveform which is 
transmitted by the antenna 


20 2 Amplitude Modulation (AM) 


In the above equation, we see that: 


e The first term is the carrier only, which does not have information 
e The second term contains the information, which has several spectral compo- 
nents, requiring further analysis to quantify them. 


2.3. AM Spectrum and Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth and modulation. 
The transmission bandwidth depends on the following: 


e Spectral response of the input modulating signal 
e Spectral response of the carrier frequency and 
e Modulation type (AM, FM ASK, FSK, PSK, etc.) 


Let us take a closer look! 


2.3.1 Spectral Response of the Input Modulating Signal 


In AM, the input modulating signal is a continuous time low-frequency analog 
signal. For simplicity, we use a sinusoidal waveform, which is periodic and con- 
tinuous with respect to time. It has one frequency component. For example, the sine 
wave is described by the following time domain equation: 


V(t) = V, sin(@nt) (2.4) 


where 


e Vp = Peak voltage 
© Om = 20m 
e fn = Input modulating frequency in Hz 


Figure 2.3 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 
at fi, and the peak voltage is shown in the vertical axis. The corresponding band- 
width is zero. 


m(f) 
m(t) 


Time = Frequency 


m 


Fig. 2.3. A low-frequency sine wave and its frequency response 
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2.3.2 Spectral Response of the Carrier Frequency 


A carrier frequency (f..) is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component, which is much 
higher than the input modulating frequency (f. > f,,). For example, the sine wave 
is described by the following time domain equation: 

V(t) = V, sin(@-t) (2.5) 


where 


V, = Peak voltage 


© w. = 2mf. 
e f. = Carrier frequency in Hz 


Figure 2.4 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 
at f. and the peak voltage is shown in the vertical axis. The corresponding band- 
width is zero. 


2.3.3 AM Spectrum and Bandwidth 


Let us consider the AM signal again, which was derived earlier: 
S(t) = A, cos(27mf-t) + AcAm Cos(27fnt) cos(27f-t) (2.6) 
Using the following trigonometric identity: 


cosA cosB = 1/2cos(A + B) + 1/2cos(A — B) (2.7) 


C(t) 
Time 


Frequency 


Fig. 2.4 A high-frequency sine wave and its frequency response 
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where 


© A=2n (f. + fit 
© B=2n (ff. — fmt 


we get 
S(t) = A, cos(27f.t) + (1/2)A-Am cos[22(fo + fin)t] + 1/2)A-Am cos[2a(f. — fin)t] 
(2.8) 
This is the spectral response of the AM-modulated signal. It has three spectral 
components: 


e The carrier: f. 
e Upper sideband: f. + fir 
e Lower sideband: f. — fin 


where f, is the carrier frequency and f,,, is the input modulating frequency. This is 
shown in Fig. 2.5. The AM bandwidth (BW) is given by 


BW = 2fin (2.9) 
Notice that the power is distributed among the sidebands and the carrier, where 


the carrier does not contain any information. Only the sidebands contain the 
information. Therefore, AM is inefficient in power usage. 
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0 fr . 
C(t) oo) 
Time | | Frequency 
0 i. 
S(t) 


sip 


ong { | Frequency 
Time 


0 fs 


2fn 


Fig. 2.5 AM spectrum. The bandwidth is given by 2 f,, 
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2.3.4 AM Response Due to Low and High Modulating 
Signals 


If m(f) has a peak positive value of less than +1 and a peak negative value of higher 
than —1, then the modulation is less than 100 %. This is shown in Fig. 2.7. 

On the other hand, if m(t) has a peak positive value of +1 and a peak negative 
value of —1, then the modulation is 100 % [3-5]. Therefore, 


e Form(t)=—-1: S(t) =A,[1 — 1] cos(2z,t) =0 (2.10) 


e Form(t) = +1: S(t) = A-[1 + l]cos(2af,t) 


= 2A, cos(2zf.t) (2.11) 


This is called 100 % modulation, as shown in Fig. 2.6. The percent modulation 
is described by the following equation: 


The overall modulation percentage is: 


Amax — Amin 
% Overall Modulation = — i x 100 


Cc 


(2.12) 
7 max(m(t)] — min[m/(t)| 
2Ac 


m(t) m(t) 
t t 


ANNA AANA. 


x 100. 





= Modulation due to low amplitude | = Modulation due to high amplitude 
input signal | input signal 


Fig. 2.6 Amplitude modulation due to low and high modulating signals 
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Fig. 2.7 AM demodulation technique. As the signal enters the receiver, it passes through the 
band-pass filter, which is tuned to the carrier frequency fo. Next, the recovered signal is passed 
through an envelope detector to recover the original signal that was transmitted 


2.3.5 AM Demodulation 


Once the modulated analog signal has been transmitted, it needs to be received and 
demodulated. This is accomplished by the use of a band-pass filter that is tuned to 
the appropriate carrier frequency. Figure 2.7 shows the conceptual model of the 
AM receiver. As the signal enters the receiver, it passes through the band-pass filter, 
which is tuned to the carrier frequency fo. Next, the recovered signal is passed 
through an envelope detector to recover the original signal that was transmitted. 


2.3.6 Drawbacks in AM 


e The modulated signal contains the carrier; carrier takes power and it does not 
have the information 

Therefore, AM is inefficient in power usage 

Moreover, there are two sidebands, containing the same information 

It is bandwidth inefficient 

AM is also susceptible to interference, since it affects the amplitude of the 
carrier. 


Therefore, a solution is needed to improve bandwidth and power efficiency. 
Problem 2.1 Given: 


e Input modulating frequency f,, = 10 kHz 
e Carrier frequency f, = 400 kHz 


Find 


e Spectral components 
e Bandwidth 
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Solution 
Spectral Components: 


e f. = 400 kHz 
e f.+fm = 400 kHz + 10 kHz = 410 kHz 
© f.— fm = 400 kHz — 10 kHz = 390 kHz 


Bandwidth 
e BW=2f,,=2 x 10 kHz = 20 kHz. 


2.4 Double Sideband-Suppressed Carrier (DSBSC) 
2.4.1 DSBSC Modulation 


Double sideband-suppressed carrier (DSBSC), also known as product modulator, is 
an AM signal that has a suppressed carrier [3-5]. Let us take the original AM signal 
once again, as given below: 

S(t) = A,cos(2af ,t) + (1/2)A-Ancos[22(f. +f) E] 


+ (1/2)A,Amcos[22(f. — fin) ¢] (2.13) 


Notice that there are three spectral components: 


e The first term is the carrier only, which does not have any information 
e The second and third terms contain information. 


In DSBSC, we suppress the carrier, which is the first term that does not have any 
information. Therefore, by suppressing the first term we obtain the following: 


S(t) = (1/2)A-Ancos[2a(f, +f,,)t] + 1/2)AcAmcos[2a(f. — fn)t] (2.14) 


Next, we use the following trigonometric identities: 


e cos(A + B) = cosA cosB — sinA sinB 
e cos(A — B) = cosA cosB + sinA sinB 


With A = 27f,,t = Ont and B= 2nf.t = wt, we obtain: 
S(t) = A-Am COS(@mt) cos(@ct) (2.15) 
Now, define 


© M(t) = An COS (nt) 
e C(t) = A; cos (af) 
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=i, COOGEE S(t) = m(t) C(t) = m(t)A,Cos (et ) 





C(t) = A, Cos (wet ) 


Fig. 2.8 Symbolic representation of DSBSC, also known as product modulator 


Then, we can write the above equations as: 
S(t) = m(t) C(t) (2.16) 


This is the DSBSC waveform. Since the output is the product of two signals, it is 
also known as product modulator. The symbolic representation is given in Fig. 2.8, 
where m(f) is the input modulating signal and C(f) is the carrier frequency. 


2.4.2 Generation of DSBSC Signal 


A DSBSC signal can be generated using two AM modulators arranged in a bal- 
anced configuration as shown in Fig. 2.9 [3-5]. The outcome is a cancellation of 
the discrete carrier. Also, the output is the product of two inputs: S(f) = m(t) C(P). 
This is why it is called “product modulator.” 


Proof of DSBSC 


Consider the DSBSC modulator as shown in Fig. 2.9. Here, the AM modulators 
generate S(t) and S3(t), which are given by: 







m(t) = Am Cos (Opt ) —_—> Modulatar. 
NLOO alc 


S(t) = m(t) A.Cos (a@,t ) 


C(t) = A, Cos (at ) 


AM 


m(t) ra An Cos (Opt ) ——> Modul 
Modulator 


Fig. 2.9 Construction of DSBSC modulator. The output is the product of two signals 
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Si (t) = A-[1 + m(t)] cos(a@et) (2.17) 
Sy(t) = A.[1 — m(t)] cos(@,t) 
Subtracting S2(f) from S,(#), we essentially cancel the carrier to obtain: 


S(t) = S\(t) = S(t) 


= 2m(t) A, cos(@-t) ene) 


Therefore, except for the scaling factor 2, the above equation is exactly the same 
as the desired DSBSC waveform shown earlier, which does not have the carrier. In 
other words, the carrier has been suppressed, hence the name double sideband- 
suppressed carrier (DSBSC). 


2.4.3 DSBSC Spectrum and Bandwidth 


We begin with the DSBSC-modulated signal: 
S(t) = 2m(t) Ac cos(a@¢t) (2.19) 
where 
m(t) = Ap COS(@nt) 
Therefore, 
S(t) = 2A-Am COS(Mmt) cos(@et) (2.20) 


This is the desired DSBSC waveform for spectral analysis. 
Now, use the trigonometric identity: 


e cosA cosB = 1/2 cos(A+B)+1/2 cos(A — B) (2.21) 
where 
A= Ont = 2tfnt and B= wt = 2nfct 
Therefore, 


S(t) = A. [cos(@- + @m)t + cos(@. — Om)t] 


= A,[cos 2n(f. +fn)t+ cos 2n(f. — fn)t] (2.22) 
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Fig. 2.10 DSBSC spectrum 
where the carrier frequency is SH 
suppressed. The bandwidth is 
given by 2 fin 


Frequency 





Notice that the carrier power is distributed among the sidebands (Fig. 2.10). 
Therefore, it is more efficient. The bandwidth is given by: 


BW = 2f, (2.23) 


2.4.4 DSBSC Drawbacks 


e There are two identical sidebands. 

e Each sideband contains the same information 
e Bandwidth is 2 f,, 

e Unnecessary power usage 


Therefore, a solution is needed to improve bandwidth efficiency. 


Problem 2.2  Given:Two product modulators using identical carriers are connected 
in a series, as shown below: 


Si S,(t) 
m(t) = Ay, Cos(pt) —@—_—- x ) . 


C(t) = A, Cos (o,t) C(t) = A, Cos (,t) 
Find 


(a) The output waveform S>(f) 
(b) What is the function of this circuit? 


Solution 


) 0 =m Cl 

S2(t) = S(t) C(t) = m(t)C?(t) = Am cos(@mt) Ac? cos 2(@¢t) 
(b) The function of the circuit is to demodulate DSBSC signals, where the carrier 
frequency is filtered out. 
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2.5 Single Sideband (SSB) Modulation 
2.5.1 Why SSB Modulation? 


e The basic AM has a carrier which does not carry information—Inefficient power 
usage 

e The basic AM has two sidebands contain the same information—Additional loss 
of power 

e DSBSC has two sidebands, containing the same information—Loss of power 

e Therefore, the basic AM and DSBSC are bandwidth and power inefficient 

e SSB is bandwidth and power efficient. 


2.5.2 Generation of SSB-Modulated Signal 


Single sideband (SSB) modulation uses two product modulators as shown in 
Fig. 2.11 [3-5], where 


@ = m(t) = Am COS(@nt) (2.24) 
e m(t)* =A, sin(@,t) — (Hilbert Transform) (225) 
e C(t) =A, cos (@-t) (2.26) 
e C(t)’ =A; sin(@-t) — (Hilbert Transform) (2.27) 






S3(t) =A,A, Cos (@,+ we )t 


m(t)* 


Fig. 2.11 Generation of SSB signal 
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Solving for S;, S2, and $3, we obtain: 


@ = S\(t) = A.Am COS(Mmt) cos(@-t) (2.28) 
e = So(t) = Ac-Am Sin(@mnt) sin(@et) (2.29) 
S4(0) = Si(0) — (0 on 
= A-Am COS(Mmt) cos(@et) — AcAm Sin(@mt) sin(@ct) , 
Using the following formula: 
e cosA cosB = 1/2cos(A + B) + 1/2cos(A — B) 
e sinA sinB =1/2cos(A — B) — 1/2cos(A + B) 
Solving for $3, we get: 
S3 = A,Am COS(¢ + Om)t (2.31) 


In the above equation, S3(f) is the desired SSB signal, which is the upper 
sideband only. 


2.5.3 SSB Spectrum and Bandwidth 


Let us consider the SSB signal again: 


S3 = A-Am COS(@¢ + Om)t 


(2.32) 
=A,Am cos 2n(f.+fn)t 


Here, we see that the SSB spectrum contains only one sideband. Therefore, it is 
more efficient. The SSB bandwidth is given by: 


SSB BW = fy, (2.33) 


Figure 2.12 displays the SSB spectrum. 


Fig. 2.12 SSB spectrum 
showing the upper sideband. 
The SSB bandwidth is f, 


Frequency 
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Problem 2.3 
Given: 


M(t) = Ap COS (Wnt) 

m(t)* = A, sin (@,,t) — (Hilbert Transform) 
C(t) = A, cos (@,;t) 

C()* = A, sin (@,t) — (Hilbert Transform) 


Design an SSB modulator to realize the lower sideband. Sketch the spectral 
response. 


Solution 
Solving for S; and S>, we obtain: 


e S,(@) =A, Am COS (Mmt) COS (1) 
e S5(t) = A, Am SiN (WM pt) sin (1) 


Obtain S3 as: 


S3(t) = Si(t) + Sa(t) 
= A-Am COS(@mt) cos(@et) + AcAm Sin(@mt) sin(@-t) 


Using the following formula: 


e cos A cos B = 1/2cos(A + B) + 1/2cos(A — B) 
e sin A sin B = 1/2cos(A — B) — 1/2cos(A + B) 


Solving for $3, we get: 


S3 =A-Am COS(Om, = ¢)t 
= A-Amcos 2n(f — fin)t 
In the above equation, $3(t) is the desired SSB signal, which is the lower 


sideband only. The spectral response, showing the lower sideband, is presented 
below. 


Frequency 
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2.6 Conclusions 


This chapter presents the key concepts and underlying principles of Amplitude 
Modulation. It was shown how the audio waveform changes the amplitude of the 
carrier to determine the envelope of the modulated carrier. It was also shown that 
the modulated carrier contains several spectral components that lead to DSBSC and 
SSB modulation techniques. In particular, the following topics were presented in 
this chapter: 


Amplitude Modulation (AM) 

AM spectrum and bandwidth 

Double sideband-suppressed carrier (DSBSC) 
DSBSC spectrum and bandwidth 

Single sideband (SSB) 

SSB spectrum and bandwidth 


These materials have been augmented by diagrams and associated waveforms to 
make them easier for readers to grasp. 
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Chapter 3 
Frequency Modulation (FM) 


Topics 


Introduction 

Frequency Modulation (FM) 

FM Spectrum 

Carson’s Rule & FM Bandwidth 
Bessel Function & FM Bandwidth 
FM bandwidth Dilemma 


3.1 Introduction 


In Frequency Modulation (FM), the frequency of the carrier changes in accordance 
with the input analog signal, while the amplitude of the carrier remains the same [1-5]. 
This is shown in Fig. 3.1, where 


e m(t) is the input modulating audio signal, 
e C(® is the carrier frequency, and 
e S(t) is the FM-modulated carrier frequency. 


As shown in the figure, the audio waveform changes the frequency of the carrier. 
This enables the receiver to extract the audio signal by demodulation. Notice that 
the frequency of the carrier changes in accordance with the input signal, while the 
amplitude of the carrier does not change after modulation. However, it can be 
shown that the modulated carrier S(t) contains an infinite number of spectral 
components, requiring frequency domain analysis [3]. In an effort to examine this, 
this chapter will present the following topics: 


e The basic Frequency Modulation (FM), 
e FM spectrum, and 
e FM bandwidth. 
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m(t) 
Time 
Cit) Time 
S(t) 
Time 


Fig. 3.1 Illustration of FM 


3.2 Frequency Modulation (FM) 
3.2.1 Background 


FM is a form of angle modulation, where the frequency of the carrier varies in 
accordance with the input signal. Here, the angle refers to the angular frequency 
(@). The angular frequency @ is also recognized as angular speed or circular 
frequency. It is a measure of rotation rate or the rate of change of the phase of a 
sinusoidal waveform as illustrated in Fig. 3.2. 

Magnitude of the angular frequency @ is defined by one revolution or 27 
radians: 


@ = 2nf =d0@/dt Radians per second (3.1) 


where, 


e q = Angular frequency in radians per seconds, 
e f= Frequency in Hertz (Hz) or cycles per second, and 
e @ = Phase angle. 
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Voltage 
7/2 


\\ w = d0/dt 
ATA, 0 


0 
2n 


Time 


3n/2 


Fig. 3.2. A sinusoidal waveform in the time domain and its representation in the phase domain 


Notice that in Eq. 3.1, the angular frequency @ is greater than the frequency fby a 
factor of 27. Now solving for the phase angle, we obtain, 


0;(t) = 2x [ie (3.2) 
0 


e 0; = Instantaneous phase angle and 
e f; = Instantaneous frequency. 


This forms the basis of our derivation of FM as presented in the following 
section. 


3.2.2. The Basic FM 


Frequency Modulation (FM) is a method of analog modulation that utilizes fre- 
quency variation of the relative frequency of the career [1]. The signal to be 
modulated and transmitted is analog. This is referred to as FM, where the frequency 
of the carrier changes in accordance with the input signal. The modulated carrier 
frequency f. varies back and forth and depends on amplitude A,, and frequency f,, 
of the input signal. 

Figure 3.3 shows the functional diagram of a typical FM, using a single-tone 
modulating signal. Here, m(f) is the input analog signal we want to transmit, C(¢) is 
the carrier frequency without modulation, and S(f) is the output FM-modulated 
carrier frequency. These parameters are described below. 
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m(t) =Ag, Cos (@pt ) 
m(t 


m(t) 


Pes S(t) 
Time rm | AWWA VV 


Time Time 


VW = 


Time 
C(t) =A, Cos (@,t) 


Fig. 3.3. A functional diagram of a typical FM modulator using a single-tone input modulating 
signal. Here, m(t) is the input analog signal we want to transmit, C(¢) is the carrier frequency 
without modulation, and S(t) is the output FM-modulated carrier frequency 


We examine this by means of a single-tone input modulating signal and its 
angular frequency as shown in Fig. 3.2. Since the frequency of the carrier varies in 
accordance with the input signal, the instantaneous frequency of the carrier is given 
by 


fi(t) = fe(t) + Dypm(t) (3.3) 
where, 
e f; = Instantaneous frequency, 
e f. = Carrier frequency, 
e D,= Constant, and 
e mt) =A,, cos (wmt). 


The FM-modulated signal is given by 
S(t) = A-cos(6;) (3.4) 


where Ac is the amplitude of the carrier frequency and 6; is the instantaneous angle. 
Substituting Eq. (3.2) into Eq. (3.4) for 0i, we get 


S(t) = A,cos[21 [sae (3.5) 
0 


where f; is the instantaneous frequency. Substituting Eq. (3.3) into Eq. (3.5) for fi, 
we obtain 


S(t) = A-cos|2n / {fc(t) + Df m(t)}df] (3.6) 
0 
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where m(t) = A», cos (@mt) is the input modulating signal. Integrating the above 
equation, we obtain the desired FM signal as follows: 


A 
S(t) = A-cos [ante + (2) sin 2a) 
= A.cos[2nf.t + Bsin(27fnt)| (3.7) 
A 
p= (~) = Modulation Index Af = DfAm = Freq. Deviation 
where, 

e S(t) = FM-modulated carrier signal, 
e f. = Frequency of the carrier, 
e A. = Amplitude of the carrier frequency, 
e Af=DA,, = Frequency deviation, 
¢ fn = Input modulating frequency, 
e Am = Amplitude of the input modulating signal, 
e D,= A constant parameter, and 
e f= Afif, = Modulation index. 


Note that the modulation index f is an important design parameter in FM. It is 
directly related to FM bandwidth. It may also be noted that FM bandwidth depends 
on both frequency and amplitude of the input modulating signal. Let us take a 
closer look. 


3.3. FM Spectrum and Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth and modulation. 
The transmission bandwidth depends on the following: 


e Spectral response of the input modulating signal, 
e Spectral response of the carrier frequency, and 
e Modulation type. 


Let’s take a closer look! 


3.3.1 Spectral Response of the Input Modulating Signal 


In FM, the input modulating signal is a continuous time low-frequency analog 
signal. For simplicity, we use a sinusoidal waveform, which is periodic and 
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Fig. 3.4 A low-frequency sine wave and its frequency response 


continuous with respect to time. It has one frequency component. For example, the 
sine wave is described by the following time domain equation: 


V(t) = V, sin(@nt) (3.8) 


where, 


e Vp = Peak voltage, 


© Om = 21m, and 
© fin = Input modulating frequency in Hz. 


Figure 3.4 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 
at f,, and the peak voltage is shown in the vertical axis. The corresponding band- 
width is zero. 


3.3.2 Spectral Response of the Carrier Frequency 


A carrier frequency (f.) is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component, which is much 
higher than the input modulating frequency (f. » f,,). For example, the sine wave is 
described by the following time domain equation: 


C(t) 


Frequency 





Time 


Fig. 3.5 A high-frequency sine wave and its frequency response before modulation 
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V(t) = V,sin(@-t) (3.9) 


where 
V, = Peak voltage 


° o. = 2nf. and 
e f. = Carrier frequency in Hz. 


Figure 3.5 shows the characteristics of a high-frequency sine wave and its 
spectral response. Since the frequency is constant, its spectral response is located in 
the horizontal axis at f. and the peak voltage is shown in the vertical axis. The 
corresponding bandwidth is zero. 


3.3.3 FM Spectrum 


In FM, the frequency of the carrier changes in accordance with the input signal. 
Here, we have: 


3 


e Input Signal : (t) = Am COS(@mt) 
e Carrier Frequency: C(t) = A, cos(@e¢t) (3.10) 
e Modulated Carrier: S(t) = A, cos[(@et) + B sin(@mnt)| 


where 

e S(t) = The modulated carrier, 

e Ac = Frequency of the carrier, 

e @, = Nominal frequency of the carrier frequency, 
e f= Afifm = Modulation index, 

e Af = D/A,, = Frequency deviation, 

e D,= Constant, and 

e A,, = Amplitude of the input modulating signal. 


By inspecting the modulated carrier frequency, we observe that S(t) depends on 
both frequency and amplitude of the input signal. The spectral response is given in 
Fig. 3.6. Notice that the carrier frequency after modulation varies back and forth 
from the nominal frequency f. as depicted in the figure. In Fig. 3.6, we see that: 


e As time passes, the carrier moves back and forth in frequency in exact step with 
the input signal. 

Frequency deviation is proportional to the input signal voltage. 

A group of many sidebands is created, spaced from carrier by amounts N x f;. 
Relative strength of each sideband depends on Bessel function. 

Strength of individual sidebands far away from the carrier is proportional to 
(freq. deviation x input frequency). 

e Higher order spectral components are negligible. 
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Fig. 3.6 FM spectrum. As time passes, the carrier moves back and forth in frequency in exact step 
with the input signal and generates an infinite number of sidebands 


e Carson’s rule can be used to determine the approximate bandwidth: bandwidth 
required = 2 x (highest input frequency + frequency deviation). 


3.3.4 Carson’s Rule and FM Bandwidth 


The Carson’s rule, a rule of thumb, states that more than 98 % of the power of FM 
signal lies within a bandwidth given by the following approximation: 


FM Bandwidth (BW) = 2f,,(1 + B) (3.11) 


where 
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Table 3.1 Bessel function B JO Il 2 33 j4 J5 
table 








0.25 0.98 0.12 
0.5 0.94 0.24 0.03 














1 0.77 0.44 0.11 0.02 
15 0.51 0.56 0.23 0.06 0.01 
2 0.22 0.58 0.35 0.13 0.03 














e f= Afifm = Modulation index, 

e Af = Peak deviation of the instantaneous frequency from the center of the carrier 
frequency, and 

e fm = Highest frequency of the modulating signal. 


3.3.5 Bessel Function and FM Bandwidth 


FM bandwidth can be estimated by means of Bessel function of the first kind. For a 
single-tone modulation, it can be obtained as a function of the sideband number and 
the modulation index. 

For a given f, the solution for S(f) is given as follows: 


S(t) = A-cos[(@ct) + B sin(@mnt)| 
= Jo (f) cos(@-t) 
+ Ji (B) cos(@et + Wnt) + Jo(B) cos(@et + 2Mmt) + J3(B) cos(@et + 3@mt) +... 
— Ji(B) cos(@ct — mt) — Jo(B) cos(@ct — 2@mt) — Jz(B) cos(@et — 3@mt) +... 
(3.12) 


Here, J’s are the Bessel functions, representing the amplitude of the sidebands. 
Jo (f) is the amplitude of the fundamental spectral component, and the remaining 
spectral components are the sidebands. Each sideband is separated by the input 
modulating frequency. These values are also available as a standard Bessel function 
table. 


Voltage 





Frequency 


0 f-3fn  f.-2f,  fi-fn f. fitfy  f.+2fn £.4+3f, 
UJ 


Fig. 3.7 FM sidebands. Power is taken from the carrier JO and distributed among the sidebands 
J1, J2, J3,..., etc. Each sideband is separated by the modulating frequency f,, 
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Fig. 3.8 FM sidebands for large $. More power is taken from the carrier JO and distributed among 
the sidebands J1, J2, J3, J4,... Each sideband is separated by the modulating frequency f,, 


As an example, Table 3.1 provides a few Bessel parameters to illustrate the 
concept. In this table, the carrier and sideband amplitude powers, JO, J1, J2,..., etc., 
are presented for different values of 8. Here, JO is carrier power before modulation. 
After modulation, with a given value of 8, power is taken from the carrier and 
distributed among the sidebands. Also, there is a unique value of (, for which the 
carrier amplitude becomes zero and all the signal power is in the sidebands. 

Note that, in FM, the sidebands are on both sides of the carrier. Therefore, the 
total bandwidth includes spectral components from both sides of the carrier. For a 
given low B, this is shown in Fig. 3.7. Here, JO is the spectral component of the 
carrier. J1, J2, J3, etc., are the sidebands. Each sideband is separated by the input 
modulating frequency f,,,. After modulation, power is taken from the carrier JO and 
distributed among the sidebands, depending on the modulation index f. 

Figure 3.8 shows another scenario where f is large. In this case, more power is 
taken from the carrier and distributed among the sideband, while creating more 
significant sidebands, requiring more bandwidth. 


3.3.6 FM Bandwidth Dilemma 


In FM, we notice that if the modulation index is low, the occupied bandwidth is low 
and the sidebands take less power from the carrier, making the modulation less 
efficient. On the other hand, if the modulation index is high, the occupied band- 
width is also high, while the sidebands retain most of the power, making the 
modulation more efficient at the expense of bandwidth. This is a dilemma in FM. 
However, FM is more popular because it is less sensitive to noise. 


Problem 3.1 
Given: 
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Find: 


(a) The FM bandwidth using Carson’s rule and 
(b) The FM bandwidth using Bessel function 


Solution: 


(a) FM BW (Carson’s rule) = 2 f,, (1 + 6) = 2 x 1 kHz (1 + 1) = 4 kHz. 
(b) For f = 1, See Table 3.1: 


e JO = 0.77, Jl = 0.44, J2 = 0.11, J3 = 0.02 


where JO is the carrier and J1, J2, and J3 are the sidebands. Here, we can neglect J3 
since it has a negligible power. Therefore, there are two significant upper and lower 
sidebands, and each sideband is 1 kHz apart. Therefore, FM bandwidth is 
2 x Number of significant sidebands = 2 x 2 = 4 kHz. See figure below. 


Voltage 





5 Frequency 
0 Negligible f-2fm ffm ftfn +20. Negligible 
IMHz2kHz 1IMHz1kHz 1 MHz IMHz+ikHz 'MHz+2kHz 
Problem 3.2 
Given: 
jm = 1kHz 
fc = 1MHz 
Find: 


(a) The FM bandwidth using Carson’s rule and 
(b) The FM bandwidth using Bessel function 


Solution: 


(a) FM BW (Carson’s rule) = 2 f,, (1 + 6) = 2 x 1 kHz (1 + 2) = 6 kHz. 
(b) For f = 2, See Table 3.1: 


e JO = 0.22, JI = 0.58, J2 = 0.35, J3 = 0.13, J4 = 0.03 


Here, we have 4 upper and 4 lower sidebands, and each sideband is separated by 
1 kHz. Since the J4 is negligible, we take 3 upper sidebands and 3 lower sidebands. 
Therefore, the FM bandwidth is 2 x 3 = 6 kHz. See figure below. 
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3.4 Conclusions 


e This chapter presents a brief overview of Frequency Modulation (FM) and its 
attributes. 

e The key concept and the underlying principle of FM are presented with 
numerous illustrations to make them easier for readers to grasp. 

e FM spectrum is addressed with illustrations. 
FM bandwidth is estimated by means of Carson’s rule and Bessel function. 
FM bandwidth dilemma is explained, and problems are given to illustrate the 
concept. 
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4.1 Introduction 


In amplitude shift keying (ASK), the amplitude of the carrier changes in discrete 
levels in accordance with the input digital signal, while the frequency of the carrier 
remains the same. This is shown in Fig. 4.1, where 


e m(t) is the input modulating digital signal, 
e C(® is the carrier frequency, and 
e S(t) is the ASK-modulated carrier frequency. 


As shown in the figure, the digital binary signal changes the amplitude of the 
carrier in two discrete levels. This enables the receiver to extract the digital signal 
by demodulation. Notice that the amplitude of the carrier changes in accordance 
with the input signal, while the frequency of the carrier does not change after 
modulation. However, it can be shown that the modulated carrier S(t) contains 
several spectral components, requiring frequency domain analysis. 

In the following sections, the above disciplines in ASK modulation will be 
presented along with the respective spectrum and bandwidth. These materials have 
been augmented by diagrams and associated waveforms to make them easier for 
readers to grasp. 
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Fig. 4.1 ASK waveforms. The amplitude of the carrier changes in accordance with the input 
digital signal. The frequency of the carrier remains the same 


4.2 ASK Modulation 


Amplitude shift keying (ASK), also known as on-off keying (OOK), is a method of 
digital modulation that utilizes amplitude shifting of the relative amplitude of the 
career frequency [1—3]. The signal to be modulated and transmitted is binary, which 
is encoded before modulation. This is an indispensable task in digital communi- 
cations, where redundant bits are added with the raw data that enables the receiver 
to detect and correct bit errors, if they occur during transmission [4-16]. 

While there are many error-coding schemes available, we will use a simple 
coding technique, known as “Block Coding” to illustrate the concept. 

Figure 4.2 shows an encoded ASK modulation scheme using (15, 8) block code 
where an 8-bit data block is formed as M-rows and N-columns (M = 4, N = 2). The 
product MN = k = 8 is the dimension of the information bits before coding. Next, a 
horizontal parity P;, is appended to each row and a vertical parity Py is appended to 
each column. The resulting augmented dimension is given by the product (M + 1) 
(N + 1) =n = 15, which is then ASK modulated and transmitted row by row. The 
rate of this coding scheme is given by 
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Fig. 4.2, Amplitude shift keying (ASK) is also known as on-off keying (OOK). The input 
encoded data block is transmitted row by row. The amplitude of the carrier frequency changes in 
accordance with the input digital signal 


Code Rate: r = (MN) /|(M+1)(N+1)] = 4 x 2)M5 x 3) = 8/15 (4.1) 
The coded bit rate R,2 is given by 
Ry2 = Uncoded Bit Rate/Code Rate = Rz1/r = Rp, (15/8) (4.2) 


Next, the coded bits are modulated by means of the ASK modulator as shown in 
the figure. Here, 


e The Input digital signal is the encoded bit sequence we want to transmit 
Carrier is the radio frequency without modulation 
Output is the ASK-modulated carrier, which has two amplitudes corresponding 
to the binary input signal. For binary signal 1, the carrier is ON. For the binary 
signal 0, the carrier is OFF; however, a small residual signal may remain due to 
noise, interference, etc., as indicated in the figure. 


As shown in the figure, the amplitude of the carrier changes in discrete levels, in 
accordance with the input signal, where 
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e Input Data : m(t) = Oor | (coded data) 
e Carrier Frequency: C(t) = Acos(ort) (4.3) 
e Modulated Carrier: S(t)=m/(t)C(t) = mA cos(at) 


Therefore, 


For m(t) = 1: S(t) = Acos(ot) i.e. the carrier is ON 
For m(t) = 1: S(t) = 0,1.e. the carrier is OFF 


where A is the amplitude and « is the frequency of the carrier. 


4.3 ASK Demodulation 


Once the modulated binary data has been transmitted, it needs to be received 
and demodulated. This is often accomplished with the use of a band-pass filter. In 
the case of ASK, the receiver needs to utilize one band-pass filter that is tuned to the 
appropriate carrier frequency. As the signal enters the receiver, it passes through 
the filter and a decision as to the value of each bit is made to recover the encoded 
data block, along with horizontal and vertical parities. Next, the receiver appends 
horizontal and vertical parities P;* and Py* to check parity failures and recovers 
the data block. This is shown in Fig. 4.3 having no errors. If there is an error, there 
will be a parity failure in P;,* and Py* to pinpoint the error. 
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Fig. 4.3. Data recovery process in ASK, showing no errors. If there is an error, there will be a 
parity failure in P;,* and Py* to pinpoint the error 


4.4 Ask Bandwidth 49 


4.4 ASK Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth in error control 
coding and modulation. The transmission bandwidth depends on: 


e Spectral response of the encoded data 
e Spectral response of the carrier frequency, and 
e Modulation type. 


4.4.1 Spectral Response of the Encoded Data 


In digital communications, data is generally referred to as a non-periodic digital 
signal. It has two values: 


e Binary-1 = High, Period = T 
e Binary-0 = Low, Period = T 


Also, data can be represented in two ways: 


e Time domain representation and 
e Frequency domain representation 


The time domain representation (Fig. 4.4a), known as non-return-to-zero (NRZ), 
is given by: 


V(th=V <0<t <T 
=0 elsewhere G2) 
The frequency domain representation is given by “Fourier transform”: 
T 
V(@) = ‘| V- edt (4.6) 
0 
_ sin(@T /2) 
|V(@)| = 0 | 
1 sin(wT /2)]? a) 
P(w) = (—)|V(o) = VT |-——__* 
(0) = (F)voye= ver | 


Here, P(q) is the power spectral density. This is plotted in Fig. 4.4b. The main 
lobe corresponds to the fundamental frequency and side lobes correspond to har- 
monic components. The bandwidth of the power spectrum is proportional to the 
frequency. In practice, the side lobes are filtered out since they are relatively 
insignificant with respect to the main lobe. Therefore, the one-sided bandwidth is 
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given by the ratio f/f, = 1. In other words, the one-sided bandwidth = f = f,, where 
Jp = Rp = IT, T being the bit duration. 
The general equation for two-sided response is given by: 


V(@) = / V(t) « edt 


In this case, V(@) is called two-sided spectrum of Vif). This is due to both 
positive and negative frequencies used in the integral. The function can be a voltage 
or a current. Figure 4.4c shows the two-sided response, where the bandwidth is 
determined by the main lobe as shown below: 


Two-sided bandwidth (BW) = 2R, (R, = Bitrate before coding) (4.8) 

(a) (b) 

P 

Vit) 
T 
— > 
0 t 0 1 f/fc 
(c) p 





-ft/c -1 0 1 f/fc 


Fig. 4.4 a Discrete time digital signal b it is one-sided power spectral density and ¢ two-sided 
power spectral density. The bandwidth associated with the non-return-to-zero (NRZ) data is 2R,, 
where R;, is the bit rate 
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Important Notes 


1. If R, is the bit rate before coding, and if the data is NRZ, then the bandwidth 
associated with the raw data will be 2R,. For example, if the bit rate before 
coding is 10 kb/s, then the bandwidth associated with the raw data will be 
2 x 10 kb/s = 20 kHz. 

2. If R, is the bit rate before coding, code rate is r, and if the data is NRZ, then the 
bit rate after coding will be R, (coded) = R, (uncoded)r. The corresponding 
bandwidth associated with the coded data will be 2R, (coded) = 2R, (uncoded)/ 
r. For example, if the bit rate before coding is 10 kb/s and the code rate r = 1/2, 
then the coded bit rate will be R, (coded) = R, (uncoded)/r = 10/0.5 = 20 kb/s. 
The corresponding bandwidth associated with the coded data will be 
2 x 20 = 40 kHz. 


4.4.2 Spectral Response of the Carrier Frequency 
Before Modulation 


A carrier frequency is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component. For example, the 
sine wave is described by the following time domain equation: 


V(t) = V,sin(ot,) (4.9) 
where 


Vp = Peak voltage 


© ow. = 2m. 
e f. = Carrier frequency in Hz 

Figure 4.5 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 


and the peak voltage is shown in the vertical axis. The corresponding bandwidth is 
Zero. 


4.4.3 ASK Bandwidth at a Glance 


In ASK, the amplitude of the carriers changes in discrete levels, in accordance with 
the input signal, where 


52 4 Amplitude Shift Keying (ASK) 


Voltage #—— T +] Voltage 


Vp $ 


Time 
MW ip 
w Angular Frequenc 


Fig. 4.5 High-frequency carrier frequency response 


e Input Data : m(t) = Oorl 
e Carrier Frequency: C(t) = Accos(@¢t) 
e Modulated Carrier: S(t) =m(t)C(t) = m(t)A- cos(a-¢t) 


Since m(f) is the input digital signal and it contains an infinite number of har- 
monically related sinusoidal waveforms and that we keep the fundamental and filter 
out the higher-order components, we write: 


m(t) = Amsin(@nt) 
The ASK-modulated signal then becomes: 


S(t) = m(t)S(t) = ApAcsin(@t)COS(@nt) 


4.10 
= 1/2A,A; [sin(@. — @n)t+ sin(@, + On)t] ( ) 


The spectral response is depicted in Fig. 3.14. Notice that the spectral response 
after ASK modulation is the shifted version of the NRZ data. Bandwidth is given by: 
BW = 2R, (coded), where R, is the coded bit rate (Fig. 4.6). 


Problem 1 
Given: 


e Bit rate before coding: Rg, = 10 kb/s 
e Code rate: r = 8/15 
e Modulation: ASK 


Find: 


(a) the bit rate after coding: Rg 
(b) Transmission bandwidth: BW 
Solution 


(a) Bit rate after coding (Rg) 
Rg = Ra,/r = 10 kb/s (15/8) = 18.75 kb/s 


(b) Transmission BW = 2 x 18.75 kb/s = 37.5 kHz. 
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Fig. 4.6 ASK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. ¢ Spectral response of the carrier after 
modulation. The transmission bandwidth is 2f,, where f, is the bit rate and T = 1/f, is the bit 
duration for NRZ data 





BW=2fb 


4.5 BER Performance 


It is well known that an (n, k) bock code, where k = number of information bits, 
n = number of coded bits, can correct t errors [4, 5]. A measure of coding gain is 
then obtained by comparing the uncoded word error WERy with the coded word 
WERc. We examine this by means of the following analytical means. 

Let the uncoded word error be defined as (WER). Then, with ASK modulation, 
the uncoded BER will be given by: 


BERy = 0.5 EXP(—Ep/2No) (4.11) 
The probability that the uncoded word (WER,) will be received in error is 1 


minus the product of the probabilities that each bit will be received correctly. Thus, 
we write: 


WERy= | — (1 — BERy)* (4.12) 
Let the coded word error be defined as (WER,). Since n > k, the coded bit 


energy to noise ratio will be modified to E,/No, where E,/No = E,/No + 10log(k/n). 
Therefore, the coded BERc will be: 


> pl  2:06/3:42 
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Fig. 4.7 Typical error performance in AWGN 


BERc= 0.5 EXP( — Ec /2No) (4.13) 


The corresponding coded word error rate is given as: 


WERc = >> [{,) Benes ER (4.14) 


k=t+1 


When BER, < 0.5, the first term in the summation is the dominant one; there- 
fore, Eq. (4.14) can be simplified as 


WERc © (7) 1 — BER,)"* (4.15) 


Using (15, 8) block code (n = 15, k = 8, t = 1), we obtain the coded and the 
uncoded WER as shown in Fig. 4.7. Coding gain is the difference in E,/No between 
the two curves. Notice that at least 3-4 db coding gain is available in this example 
where r = k/n = 8/15. 


4.6 Conclusions 


e This chapter presents ASK modulation and its attributes. 

e Numerous illustrations are provided to show how amplitude of the carrier 
changes in discrete levels in accordance with the input digital signal, while the 
frequency of the carrier remains the same. 

e The Fourier transform is used to derive the spectral components and ASK 
bandwidth is calculated. 
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e Bit error rate (BER) performance is presented. 
e These materials have been augmented by diagrams and associated waveforms to 
make them easier for readers to grasp. 
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Frequency Shift Keying (FSK) 
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5.1 Introduction 


In frequency shift keying (FSK), the frequency of the carrier changes in discrete 
levels in accordance with the input digital signal, while the amplitude of the carrier 
remains the same. This is shown in Fig. 5.1 where 


e m(t) is the input modulating digital signal, 
e C(® is the carrier frequency, and 
e S(t) is the FSK-modulated carrier frequency. 


As shown in the figure, the digital binary signal changes the frequency of the 
carrier on two discrete levels. This enables the receiver to extract the digital signal 
by demodulation. Notice that the frequency of the carrier changes in accordance 
with the input signal, while the amplitude of the carrier does not change after 
modulation. However, it can be shown that the modulated carrier S(t) contains 
several spectral components, requiring frequency-domain analysis. 

In the following sections, the above disciplines in FSK modulation will be 
presented, along with the respective spectrum and bandwidth. These materials have 
been augmented by diagrams and associated waveforms to make them easier for 
readers to grasp. 
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Fig. 5.1 FSK waveforms. The frequency of the carrier changes in accordance with the input 
digital signal. The amplitude of the carrier remains the same 


5.2 Frequency Shift Keying (FSK) Modulation 


Frequency shift keying (FSK) is a method of digital modulation that utilizes fre- 
quency shifting of the relative frequency content of the signal [1-3]. The signal to 
be modulated and transmitted is binary, which is encoded before modulation. This 
is an indispensable task in digital communications, where redundant bits are added 
with the raw data that enables the receiver to detect and correct bit errors, if they 
occur during transmission [4-16]. While there are many error-coding schemes 
available, we will use a simple coding technique, known as “block coding” to 
illustrate the concept. 

Figure 5.2 shows an encoded FSK modulation scheme using (15, 8) block code 
where an 8-bit data block is formed as M rows and N columns (M = 4, N = 2). The 
product MN = k = 8 is the dimension of the information bits before coding. Next, a 
horizontal parity Py is appended to each row and a vertical parity Py is appended to 
each column. The resulting augmented dimension is given by the product (M + 1) 
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Data 


Antenna 





Fig. 5.2 Binary frequency shift keying (BFSK) modulation. The input encoded data block is 
transmitted row by row. The frequency of the carrier changes in accordance with the input digital 
signal 


(N + 1) =n = 15, which is then FSK-modulated and transmitted row by row. The 
rate of this coding scheme is given by: 


Code Rate : r = (MN)/|(M+1)(N+ 1)] = (4 x 2)/5 x 3) = 8/15 (5.1) 
The coded bit rate R,> is given by: 
Ry2 = Uncoded Bit Rate /Code Rate = Ry; /r = Rp1 (15/8) (5.2) 


Next, the coded bits are modulated by means of the FSK modulator as shown in 
the figure. Here, 


e The input digital signal is the encoded bit sequence we want to transmit. 

e Carrier is the radio frequency without modulation. 

e Output is the FSK-modulated carrier, which has two frequencies corresponding 
to the binary input signal. 

e For binary signal 1, the carrier changes to f. — Af. 

e For binary signal 0, the carrier changes to f. + Af. 

e The total frequency deviation is 2Af. 
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As shown in Fig. 3.8, the frequency of the carrier changes in discrete levels, in 
accordance with the input signals. We have: 


e Input Data: m(t) = Oor1 
e Carrier Frequency: C(t) = Acos(qt) 
e Modulated Carrier : = Acos(w — Aw)t, For m(t) 


= (5.3) 
Acos(@ + Aw)t, For m(t) = 0 


S(t) 
S(t) 
where 


e A= Frequency of the carrier 
e m= Nominal frequency of the carrier frequency (5.4) 
e Aw = Frequency deviation. 


5.3. Frequency Shift Keying (FSK) Demodulation 


Once the modulated binary data has been transmitted, it needs to be received and 
demodulated. This is often accomplished by the use of band-pass filters. In the case 
of binary FSK, the receiver needs to utilize two band-pass filters that are tuned to 
the appropriate frequencies. Since the nominal carrier frequency and the frequency 
deviation are known, this is relatively straightforward. One band-pass filter will be 
centered at the frequency w, and the other at wm. As the signal enters into the 
receiver, it passes through the respective filter and the corresponding bit value is 
made. This is shown in Fig. 5.3. In order to assure that the bits are decoded 
correctly, the frequency deviation needs to be chosen with the limitations of the 
filters in mind to eliminate crossover. 
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Fig. 5.3. Binary FSK detector utilizing two matched band-pass filters 
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5.4 FSK Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth in error control 
coding and modulation. The transmission bandwidth depends on the following: 


e Spectral response of the encoded data 
e Spectral response of the carrier frequency and 
e Modulation type. 


5.4.1 Spectral Response of the Encoded Data 


In digital communications, data is generally referred to as a non-periodic digital 
signal. It has two values: 


e Binary | = high, period = T 
e Binary 0 = low, period = T 


Also, data can be represented in two ways: 


e Time-domain representation and 
e Frequency-domain representation 


The time-domain representation (Fig. 5.4a), known as non-return-to-zero (NRZ), 
is given by: 


V(th=V <O0<t<T 


(5.5) 
= 0 ;elsewhere 
The frequency-domain representation is given by “Fourier transform”: 
T 
viel = / V eat (5.6) 
0 
sin(@T /2) 
Vv = Vr |—_— a7 
Mo) = ve (5.7) 


to) = (2)iMor= vir Bere 


Here, P(q) is the power spectral density. This is plotted in Fig. 5.4b. The main 
lobe corresponds to the fundamental frequency, while side lobes correspond to 
harmonic components. The bandwidth of the power spectrum is proportional to the 
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Fig. 5.4 a Discrete-time digital signal, b its one-sided power spectral density, and ¢ two-sided 
power spectral density. The bandwidth associated with the non-return-to-zero (NRz) data is 2R,, 
where R;, is the bit rate 


frequency. In practice, the side lobes are filtered out, since they are relatively 
insignificant with respect to the main lobe. Therefore, the one-sided bandwidth is 
given by the ratio f/f, = 1. In other words, the one-sided bandwidth = f = f,, where 
tp = Ry = UT, T being the bit duration. 

The general equation for two-sided response is given by: 


V(@) = / V(t)» edt 


In this case, V(@) is called the two-sided spectrum of V(t). This is due to both 
positive and negative frequencies used in the integral. The function can be either a 
voltage or a current. Figure 5.4c shows the two-sided response, where the band- 
width is determined by the main lobe as shown below: 


Two sided bandwidth (BW) = 2R,(Rp = Bitrate before coding) (5.8) 
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Important Notes: 


1. If R, is the bit rate before coding, and if the data is NRZ, then the bandwidth 
associated with the raw data will be 2R,. For example, if the bit rate before 
coding is 10 kb/s, then the bandwidth associated with the raw data will be 
2 x 10 kb/s = 20 kHz. 

2. If R, is the bit rate before coding, code rate is r, and if the data is NRZ, then the bit 
rate after coding will be R, (coded) = R,(uncoded)r. The corresponding band- 
width associated with the coded data will be 2R, (coded) = 2R; (uncoded)/r. For 
example, if the bit rate before coding is 10 kb/s and the code rate r = 1/2, the 
coded bit rate will be R, (coded) = R, (uncoded)/r = 10/0.5 = 20 kb/s. 
The corresponding bandwidth associated with the coded data will be 
2 x 20 = 40 kHz. 


5.4.2 Spectral Response of the Carrier Frequency 
Before Modulation 


A carrier frequency is essentially a sinusoidal waveform, which is periodic and 
continuous with respect to time. It has one frequency component. For example, the 
sine wave is described by the following time-domain equation: 


V(t) = V,sin(ot,) (5.9) 
where 


Vp = Peak voltage 


© ow. = 2nf- 
e f. = Carrier frequency in Hz 

Figure 5.5 shows the characteristics of a sine wave and its spectral response. 
Since the frequency is constant, its spectral response is located in the horizontal axis 


and the peak voltage is shown in the vertical axis. The corresponding bandwidth is 
Zero. 


5.4.3 FSK Bandwidth at a Glance 


In FSK, the frequency of the carrier changes in two discrete levels, in accordance 
with the input signals. We have: 
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Fig. 5.5 High-frequency carrier response 


e Input Data: m( 

e Carrier Frequency: C(t) = Acos(aft) 

e Modulated Carrier: S(t) = Acos(@ — Aw)t, For m(t) = 1 
S(t) = Acos(@+ Aw)t, For m(t) = 0 


where 


S(t) = The modulated carrier 

A = Amplitude of the carrier 

c« = Nominal frequency of the carrier 
Aq = Frequency deviation 


The spectral response is depicted in Fig. 5.6. Notice that the carrier frequency 
after FSK modulation varies back and forth from the nominal frequency f. by +Af., 
where Af. is the frequency deviation. The FSK bandwidth is given by: 


BW = 2(f, + Af.) 
= 2fo(1 + Afe/fo) (5.10) 
= 2fr(1+ B) 





where B = Af/f, is known as the modulation index and f; is the coded bit frequency 
(bit rate R,). The above equation is also known as “Carson’s rule.” 


Problem 
Given: 


Bit rate before coding: Rg, = 10 kb/s 
Code rate: r = 8/15 

Modulation: FSK 

Modulation index B = 1 


| ee ae. | 219/342 
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Fig. 5.6 FSK bandwidth at a glance. a Spectral response of NRZ data before modulation. 
b Spectral response of the carrier before modulation. ¢ Spectral response of the carrier after 
modulation. The transmission bandwidth is 2(f, + Af). f, where f;, is the bit rate and Af, is the 
frequency deviation =1/f, is the bit duration for NRZ data 


Find: 


(a) the bit rate after coding: Rg 
(b) Transmission bandwidth: BW 


Solution 


(a) Bit rate after coding (Rz2): 

Rg = Rai/r = 10 kb/s (15/8) = 18.75 kb/s 
(b) Transmission BW = 2 Rgo(1+P) 

= 2 x 18.75 kb/s (1 + 1) = 75 kHz. 


5.5 BER Performance 


It is well known that an (n, k) bock code, where k = number of information bits and 
n = number of coded bits, can correct f errors [4, 5]. A measure of coding gain is 
then obtained by comparing the uncoded word error WERy, to the coded word 
WER. We examine this by means of the following analytical means. 


66 5 Frequency Shift Keying (FSK) 


Let the uncoded word error be defined as (WER,). Then, with FSK modulation, 
the uncoded BER will be given by: 


BERy = 0.5 EXP(—Ep/2No) (5.11) 
The probability that the uncoded word (WER,) will be received in error is 1 


minus the product of the probabilities that each bit will be received correctly. Thus, 
we write: 


WERy = 1—(1—BERy)* (5.12) 
Let the coded word error be defined as (WER). Since n > k, the ratio of coded 
bit energy to noise will be modified to E./No, where E./No = E;/No + 10log(k/n). 

Therefore, the coded BER,. will be: 
BERc = 0.5 EXP(—E,./2No) (5.13) 

The corresponding coded word error rate is: 
. n 

WERc = >~> ( )mes — BER,)"* (5.14) 

k=t+1 
When BER. < 0.5, the first term in the summation is the dominant one; there- 

fore, equation can be simplified as 


WER¢ © (jae —BER,)"* (5.15) 


Using (15, 8) block code (n = 15, k = 8, t = 1), we obtain the coded and the 
uncoded WER as shown in Fig. 5.7. Coding gain is the difference in E,/No between 
the two curves. Notice that at least 3—4-db coding gain is available in this example 
where r = k/n = 8/15. 


Eb/No (dB) 


—— Uncoded 
—*— Conv. Enc. 














Fig. 5.7 Typical error performance in AWGN 
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5.6 Conclusions 


This chapter presents FSK modulation and its attributes. 

Numerous illustrations are provided to show how frequency of the carrier 
changes in discrete levels in accordance with the input digital signal, while the 
amplitude of the carrier remains the same. 

The Fourier transform is used to derive the spectral components, and FSK 
bandwidth is calculated. 

Bit error rate (BER) performance is presented. 

These materials have been augmented by diagrams and associated waveforms to 
make them easier for readers to grasp. 
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6.1 Introduction 


In phase shift keying (PSK), the phase of the carrier changes in discrete levels in 
accordance with the input digital signal, while the amplitude of the carrier remains 
the same. This is shown in Fig. 6.1, where 


e m(t) is the input modulating digital signal, 
e C(® is the carrier frequency, and 
e S(t) is the PSK-modulated carrier frequency. 


As shown in the figure, the digital binary signal changes the phase of the carrier 
on two discrete levels. This enables the receiver to extract the digital signal by 
demodulation. Notice that the phase of the carrier changes in accordance with the 
input signal, while the amplitude of the carrier does not change after modulation. 
However, it can be shown that the modulated carrier S(¢) contains several spectral 
components, requiring frequency domain analysis. 

In the following sections, the above disciplines in PSK modulation will be 
presented, along with the respective spectrum and bandwidth. These materials have 
been augmented by diagrams and associated waveforms to make them easier for 
readers to grasp. 
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Fig. 6.1 Binary PSK (BPSK) waveforms. The phase of the carrier changes in accordance with the 
input digital signal. The amplitude of the carrier remains the same 


6.2 Binary Phase Shift Keying (BPSK) 
6.2.1 BPSK Modulation 


Phase shift keying (PSK) is a method of digital modulation that utilizes phase 
shifting of the relative phase content of the signal [1-3]. The signal to be modulated 
and transmitted is binary, which is encoded before modulation. This is an indis- 
pensable task in digital communications, where redundant bits are added with the 
raw data that enable the receiver to detect and correct bit errors, if they occur during 
transmission [4—16]. While there are many error-coding schemes available, we will 
use a simple coding technique, known as “Block Coding” to illustrate the concept. 

Figure 6.2 shows an encoded BPSK modulation scheme using (15, 8) block 
code where an 8-bit data block is formed as M-rows and N-columns (M = 4, 
N = 2). The product MN = k = 8 is the dimension of the information bits before 
coding. Next, a horizontal parity P;, is appended to each row and a vertical parity 
Py is appended to each column. The resulting augmented dimension is given by the 
product (M + 1) (N + 1) =n = 15, which is then PSK modulated and transmitted 
row by row. The rate of this coding scheme is given by 
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Fig. 6.2 Binary phase shift keying (BPSK) modulation. The input encoded data block is 
transmitted row by row. The phase of the carrier changes in accordance with the input digital 
signal 


Code Rate : r = (MN)/|(M+1)(N+ 1)] = (4 x 2)/5 x 3) = 8/15 (6.1) 
The coded bit rate Rp is given by: 
Ry. = Uncoded Bit Rate/Code Rate = R,)/r = Ry) (15/8) (6.2) 


Next, the coded bits are modulated by means of the PSK modulator as shown in 
the figure. Here, 


The Input digital signal is the encoded bit sequence we want to transmit; 
Carrier is the radio frequency without modulation; 

e Output is the PSK-modulated carrier, which has two phases corresponding to the 
binary input signals; 

e For binary signal 0, p = 0°; and 

e For binary signal 1, g = 180. 


As shown in Fig. 6.2, the phase of the carrier changes in two discrete levels, in 
accordance with the input signals. Here, we have the following: 


e Input Data: m(t) = Oorl 
e Carrier Frequency: C(t) = Acos(a@,1) 
e Modulated Carrier: S(t) = A,cos[w,t+22/M)m(t)] m(t) =0, 1, 2,3,...M—1 


(6.3) 
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where, 


A, = Amplitude of the carrier frequency 

(@®- = Angular frequency of the carrier 

M =2, 4, 8, 16,... 

In BPSK, there are two phases | bit/phase(M = 2) (6.4) 


In QPSK, there are four phases, 2-bits/phase, M = 4 
In 8PSK, there are 8 phases, 3-bits/phase, M = 8 
In 16PSK, there are 16 phases, 4-bits/phase, M = 16 


We can also represent the BPSK modulator as a signal constellation diagram 
with M = 2, | bit per phase. This is shown in Fig. 6.3, where the input raw data, 
having a bit rate R,), is encoded by means of a rate r encoder. The encoded data, 
having a bit rate Ryo, = Rpir (r < 1), is modulated by the BPSK modulator as 
shown in Fig. 6.3. 

The BPSK modulator takes one bit at a time to construct the phase constellation 
having two phases, also known as “Symbols,” where each symbol represents one 
bit. The symbol rate is therefore the same as the encoded bit rate Ryo. 


Rv2=Rbi/r BPSK 
(bits/s) 
Rb1 
(bits/s) | Encoder S(t) 
Rate=r |, ] ] ne 
Two phases 
r<1 1 bit/phase 





C(t) 


Fig. 6.3 BPSK signal constellation having 2 symbols, 1-bit per symbol 
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Therefore, the BPSK modulator has the following specifications: 


e 2 phases or 2 symbols; 
e 1-bit/symbol, 


The above specifications govern the transmission bandwidth, as we shall see 
later. 


6.2.2. BPSK Demodulation 


Once the modulated binary data has been transmitted, it needs to be received and 
demodulated. This is often accomplished with the use of a phase detector, typically 
known as phase-locked loop (PLL). As the signal enters the receiver, it passes 
through the PLL. The PLL locks the incoming carrier frequency and tracks the 
variations in frequency and phase. This is known as coherent detection technique, 
where the knowledge of the carrier frequency and phase must be known to the 
receiver. 

Figure 6.4 shows a simplified diagram of a BPSK demodulator along with the 
data recovery process. In order to assure that the bits are decoded correctly, the 
phase deviation needs to be chosen with the limitations of the PLL in mind to 
eliminate crossover. 
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Fig. 6.4 Binary PSK detector showing data recovery process 
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6.3 QPSK Modulation 


In QPSK, the input raw data, having a bit rate R,,, is encoded by a rate r (r < 1) 
encoder. The encoded data, having a bit rate R,2 = Rz,/r, is serial to parallel con- 
verted into two parallel streams. The encoded bit rate, now reduced in speed by a 
factor of two, is modulated by the QPSK modulator as shown in Fig. 6.5. 

The QPSK modulator takes one bit from each stream to construct the phase 
constellation having four phases, also known as “Symbols,” where each symbol 
represents two bits. The symbol rate is therefore reduced by a factor of two. 
The QPSK modulator has four phases or 4 symbols, 2-bits/symbol as shown in the 
figure. 

Therefore, the QPSK modulator has the following specifications: 


e 4 phases or 4 symbols 
e 2-bits/symbol 


The above specifications govern the transmission bandwidth, as we shall see 
later. 


Rb2=RbI/t Ro2/2 
(bits/s) (bits/s) QPSK 







Rb1 
(bits/s) Encoder . S() 
Rate=r ——> 


Four phases 
r<1 ) | 2 bits/phase 


Fig. 6.5 QPSK signal constellation having 4 symbols, 2-bits per symbol 
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Fig. 6.6 8PSK signal constellation having 8 symbols, 3-bits per symbol 


6.4 S8PSK Modulation 


In 8PSK, the input raw data, having a bit rate R,), is encoded by a rate r (r < 1) 
encoder. The encoded data, having a bit rate R,2 = Rp,/r, is serial to parallel con- 
verted into three parallel streams. The encoded bit rate, now reduced in speed by a 
factor of three, is modulated by the 8PSK modulator as shown in Fig. 6.6. 

The 8PSK modulator takes one bit from each stream to construct the phase 
constellation having 8 phases, also known as “Symbols,” where each symbol 
represents 3-bits. The symbol rate is therefore reduced by a factor of 3. The 8PSK 
modulator has 8 phases or 8 symbols, 3-bits/symbol as shown in the figure. 

Therefore, the 8PSK modulator has the following specifications: 


e 8 phases or 8 symbols; 
e 3-bits/symbol. 


The above specifications govern the transmission bandwidth, as we shall see later. 


6.5 16PSK Modulation 


In 16PSK, the input raw data, having a bit rate R,;, is encoded by means of a rate 
r(r < 1) encoder. The encoded data, having a bit rate R,. = Rp,/r, is serial to parallel 
converted into four parallel streams. The encoded bit rate, now reduced in speed by a 
factor of four, is modulated by the 16PSK modulator as shown in Fig. 6.7. 


> plo 2:27/3:42 
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Rb2=RbI/r Rb2=/4 16PSK 
(bits/s) (bits/s) 
Rb 

(bits/s) En r 

code s/P S(t) 
Rate=r 

—> 
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Fig. 6.7 16PSK signal constellation having 16 symbols, 4-bits per symbol. Here, each symbol is 
represented by a dot, where each dot represents 4-bits 


The 16PSK modulator takes one bit from each stream to construct the phase 
constellation having 16 phases, also known as “Symbols,” where each symbol 
represents four bits. The symbol rate is therefore reduced by a factor of four. 
Therefore, the 16PSK modulator has 16 phases or 16 symbols, 4-bits/symbol as 
shown in the figure. 

Therefore, the 16PSK modulator has the following specifications: 


e 16 phases or 16 symbols; 
e 4-bits/symbol. 


The above specifications govern the transmission bandwidth, as we shall see 
later. 

Table 6.1 shows the number of phases and the corresponding bits per phase for 
MPSK modulation schemes for M = 2, 4, 8, 16, 32, 64, etc. 














Table 6.1 MPSK “Modulation [Number of phases | Number of bits per 
modulation parameters. 9 phase 
M = 2, 4, 8, 16, and 32 

BPSK 2 1 

QPSK 2 

8PSK 8 3 

16 16 4 

32 32 5 

64 64 6 
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6.6 PSK Spectrum and Bandwidth 


In wireless communications, the scarcity of RF spectrum is well known. For this 
reason, we have to be vigilant about using transmission bandwidth in error control 
coding and modulation. The transmission bandwidth depends on: 


e Spectral response of the encoded data; 
e Spectral response of the carrier phase; and 
e Modulation type. 


Let us take a closer look: 


6.6.1 Spectral Response of the Encoded Data 


In digital communications, data is generally referred to as a non-periodic digital 
signal. It has two values: 


e Binary-1 = High, Period = T 
e Binary-0 = Low, Period = T 


Also, data can be represented in two ways: 


e Time domain representation and 
e Frequency domain representation 


The time domain representation (Fig. 6.8a), known as non-return-to-zero (NRZ), 
is given by: 


Vt)h=V <O0<t<T 


(6.5) 
=0_ elsewhere 


The frequency domain representation is given by “Fourier Transform”: 


V() 


4 i 
/ Ve Hat (6.6) 
0 


IV(«)| = (“) a (“") a cae 
P(@) = (=) |V(o)P= VT eee 
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(a) (b) 


0 t 0 1 f/fc 


(c) P 





-ff/c -] 0 1 f/fc 


Fig. 6.8 a Discrete time digital signal b it is one-sided power spectral density and ¢ two-sided 
power spectral density. The bandwidth associated with the non-return-to-zero (NRz) data is 2R,, 
where R;, is the bit rate 


Here, P(q) is the power spectral density. This is plotted in Fig. 6.8b. The main 
lobe corresponds to the fundamental frequency, while the side lobes correspond to 
harmonic components. The bandwidth of the power spectrum is proportional to the 
frequency. In practice, the side lobes are filtered out, since they are relatively 
insignificant with respect to the main lobe. Therefore, the one-sided bandwidth is 
given by the ratio f/fb = 1. In other words, the one-sided bandwidth = f = f,, where 
tp = Ry = UT, T being the bit duration. 

The general equation for two-sided response is given by: 


V(@) = / V(t) edt 


In this case, V(@) is called the two-sided spectrum of V(t). This is due to both 
positive and negative frequencies used in the integral. The function can be either a 
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voltage or a current. Figure 6.8c shows the two-sided response, where the band- 
width is determined by the main lobe as shown below: 


Two-sided bandwidth (BW) = 2R, (Rp = Bit rate before coding) (6.8) 


6.6.2 Spectral Response of the Carrier Before Modulation 


A carrier frequency is a sinusoidal waveform, which is periodic and continuous 
with respect to time. It has one phase component. For example, the sine wave is 
described by the following time domain equation: 


V(t) = V, sin(@ct) (6.9) 
Where 


Vp = Peak voltage 


© oO. = 2mf. 
e f. = Carrier phase in Hz 


Figure 6.9 shows the characteristics of a sine wave and its spectral response. 
Since the phase is constant, its spectral response is located in the horizontal axis and 
the peak voltage is shown in the vertical axis. The corresponding bandwidth is zero. 


6.6.3 BPSK Spectrum 


In BPSK, the input is a digital signal and it contains an infinite number of har- 
monically related sinusoidal waveforms. This is given by (see Sect. 6.6.1): 


Voltage — T 4 Voltage 


Vp ‘ 


Time 
1 cigs 
w Angular Frequency 


Fig. 6.9 High-frequency carrier response 
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\V(o)| = (*) sin (+) = vr (6.10) 


Here, V (@) is the frequency domain representation of the input digital signal, 
which has a sin(x)/x response that governs the phase of the carrier frequency. 
With Vit) = m(t), we write the following as: 


S(t) = A, cos[@et + B m(t)] (6.11) 


where f is the phase deviation index of the carrier and m(t) has a sin(x)/x response, 
which is given by 


m(t) = VT 


prone (6.12) 


cmt /2 


Therefore, the spectral response after BPSK modulation also has a sin(x)/x re- 
sponse, which is the shifted version of the NRZ data, centered on the carrier 
frequency f,, as shown in Fig. 6.10. The transmission bandwidth associated with 
the main lobe is given by 


Spectral Response 
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P 7 ny 
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< > 
BW=2fb 





Time 


(b) 


Carrier Frequency Before Modulation 
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Fig. 6.10 BPSK bandwidth. a Spectral response of NRZ data before modulation. b Spectral 
response of the carrier before modulation. ¢ Spectral response of the carrier after modulation 


6.6 PSK Spectrum and Bandwidth 


BW (BPSK) © 2R;2/Bit per Phase 
ye 2Rp2/1 y 2Rp2 


where R,,> is the coded bit rate (bit frequency). Notice that the BPSK bandwidth is 
the same the ASK bandwidth. It may be noted that the higher-order spectral 


components are filtered out. 


Problem 6.1 

Given: 

e Uncoded input bit rate: R,; = 10 kb/s 

e Code rate: r = 8/15 

e Carrier frequency fc = 1 MHz 

e Modulation: BPSK, QPSK, 8PSK, and 16PSK 


Find: 


(a) Coded bit rate Rp 

(b) BPSK bandwidth (BW) 
(c) QPSK bandwidth (BW) 
(d) 8PSK bandwidth (BW) 

(e) 16PSK bandwidth (BW) 





Solution: 


(a) Coded bit rate: Reo = Rpi/r = 10 kb/(15/8) = 18.75 kb/s 
(b) BPSK bandwidth: BW = 2Rg./1 = 2 x 18.75 = 37.5 kHz 

(c) QPSK bandwidth: BW = 2Rg./2 = 2 x 18.75/2 = 18.75 kHz 
(d) 8PSK bandwidth: BW = 2R,0/3 = 2 x 18.75/3 = 12.5 kHz 

(e) 16PSK bandwidth: BW = 2R,0/4 = 2 x 18.755/4 = 9.375 kHz 


NOTE: Higher-order PSK modulation is bandwidth efficient. 


Problem 6.2 
Given: 


e Input bit rate R,; = 10 kb/s 
e Code rate r = 1/2 
e Modulation: BPSK, QPSK, 8PSK, 16PSK 


Find: 


(a) Bit rate after coding Rp 
(b) Transmission bandwidth BW 


Solution: 


(a) Ryo = Rpj/r = 10 kb/s x 2 = 20 kb/s 
(b) Transmission bandwidth: 
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BPSK BW = 2R,)/Bits per Symbol = 2 x 20 kb/s/1 = 40 kHz 
QPSK BW = 2R,>/Bits per symbol = 2 x 20 kb/s/2 = 20 kHz 
8PSK BW = 2R;./Bits per symbol = 2 x 20 kb/s/3 = 13.33 kHz 
16PSK BW = 2R,,/Bits per symbol = 2 x 20 kb/s/4 = 10 kHz 


NOTE: Higher-order PSK modulation is bandwidth efficient. 


6.7 Conclusions 


This chapter presents PSK modulation and its attributes. 

Numerous illustrations are provided to show how phase of the carrier changes in 
discrete levels in accordance with the input digital signal, while the amplitude of 
the carrier remains the same. 

The Fourier transform is used to derive the spectral components and PSK 
bandwidth is calculated. 

These materials have been augmented by diagrams and associated waveforms to 
make them easier for readers to grasp. 


References 


12. 
13. 


. Smith DR (1986) Digital transmission systems. Van Nostrand Reinhold Co. ISBN: 


0442009178 


. Couch II LW (2001) Digital and analog communication systems, 7th edn. Prentice-Hall, Inc.: 


Englewood Cliffs. ISBN: 0-13-142492-0 


. Sklar B (1988) Digital communications fundamentals and applications. Prentice Hall 
. Faruque S (2016) Radio frequency channel coding made easy. Springer, ISBN: 


978-3-319-21169-5 


. Clark GC et al (1981) Error correction coding for digital communications. Plenum press 
. Ungerboeck G (1982) Channel coding with multilevel/multiphase signals. IEEE Trans Inf 


Theory IT28:55-67 


. Lin S, Costello DJ Jr (1983) Error control coding: fundamentals and applications. 


Prentice-Hall, Inc., Englewood Cliffs 


. Blahut RE (1983) Theory and practice of error control codes. reading. Addison-Wesley, 


Massachusetts 


. van Lint JH (1992) Introduction to coding theory. GTM 86. 2nd ed. Springer. p 31. ISBN 


3-540-54894-7 


. Mac Williams FJ, Sloane NJA (1977) The theory of error correcting codes. North-Holland. 


p 36. ISBN 0-444-85193-3 


. Huffman W, Pless V (2003) Fundamentals of error-correcting codes. Cambridge University 


Press. ISBN 978-0-521-78280-7 
Ebert PM, Tong SY (1968) Convolutional Reed-Soloman codes, Bell Syst Tech, pp 729-742 
Gallager RG (1968) Information theory and reliable communications. John Wiley, New York 


References 83 


14. Kohlenbero A, Forney GD Jr (1968) Convolutional coding for channels with memory, IEEE 
Trans. Information Theory IT-14, 618-626. 1968 

15. M.A. Reddy, S. M, “Further results on convolutional codes derived from block codes. Inf 
Control 13:357-362 

16. Reddy SM (1968) A class of linear convolutional codes for compound channels. Technical 
Report, Bell Telephone Laboratories, Holmdel, New Jersey 


Chapter 7 
N-Ary Coded Modulation 
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Coding Gain and Bandwidth 

Conclusions 


7.1 Introduction 


N-ary coded modulation is a multi-level channel coding and multi-level modulation 
technique, where instead of coding one bit at a time two or more bits are encoded 
simultaneously and then modulated by means of M-ary modulation. In its most 
basic construction, the input serial data is converted into several parallel streams. 
These parallel bit streams, now reduced in speed, are mapped into a bank of 
N unique convolutional or orthogonal codes. The coded information bits are then 
modulated by an M-ary PSK modulator and transmitted through a channel. At the 
receiver, the decoder recovers the data by means of code correlation. A lookup table 
at the receiver contains the input/output bit sequences. Upon receiving an encoded 
data pattern, the receiver validates the received data pattern by means of code 
correlation. 

In this chapter, we will present the key concept, underlying principles and 
practical application of N-ary coded modulation schemes, offering spectrum effi- 
ciency with improved error correction capabilities. Construction of N-ary coded 
modulation schemes based on convolutional and orthogonal codes will be presented 
to illustrate the concept. 
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7.2 N-Ary Convolutional Coding and M-Ary Modulation 
7.2.1 Background 


In convolutional coding, a sequence of data signals is transformed into a longer 
sequence that contains enough redundancy to protect the data [1-6]. This type of 
error control is also classified as forward error control coding (FECC), because 
these methods are often used to correct errors that are caused by channel noise. In a 
typical convolutional encoder, k information bits enter into the encoder sequen- 
tially. The convolutional encoder generates n parity bits as encoded bits (n > k). 
The code rate is defined as r = k/n. The coded information bits are modulated and 
transmitted through a channel. 

Another class of convolutional codes, known as parallel concatenated codes or 
turbo codes [7-9], is popular in wireless communications because of its superior 
error control capabilities. Yet, turbo codes are limited to two convolutional codes 
connected in parallel, where delays are introduced due to concatenation and 
interleaving, thereby limiting high-speed data communications in wireless com- 
munications. In addition, it is also too complex to realize. 

In this section, a modified technique, defined as N-ary complementary convo- 
lutional coding, along with M-ary modulation, is presented to overcome these 
problems. N-ary complementary convolutional coding is a multi-level convolu- 
tional code, where more than two convolutional codes can be used simultaneously 
to further enhance coding gain without concatenation and interleaving. 


7.2.2 Generation of Complementary Convolutional Codes 


In a typical convolutional encoder, k information bits enter into the encoder 
sequentially. The encoder generates n parity bits as encoded bits (n > k). The code 
rate is defined as r = k/n. The proposed N-ary convolutional codes are a block of n- 
convolutional codes and their complements. 

In its most basic construction, as shown in Fig. 7.1, a typical convolutional 
encoder is taken as the basis to generate a block of n-convolutional codes. Next, 
each convolutional code is inverted to construct a block of n-antipodal codes. 
Therefore, a block of N-ary convolutional code has n-convolutional codes and 
n-antipodal codes, for a total of 2n = N complementary convolutional codes. In 
short, we shall define this as N-ary complementary convolutional codes. 

Let us consider Fig. 7.1 once again and assume that the input bit sequence to the 
encoder is: 


m(t)=101 (7.1) 


& Pl om = 2:12/3:18 
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Convolutional Code 


Antipodal Code 


> 





Fig. 7.1 Generation of N-ary complimentary convolutional codes 


Which is described by the following polynomial? 


m(X) = 1+0X+1X? 





72 
eee (7.2) 
The encoder is described by the following generator polynomials: 
1(X) =14+X+X? 
gl(X) ; (7.3) 
g2(X) =1+xX 





Then, the product of polynomials for the encoder can be described as follows: 





(X)g1(X) = (1+ X*) (14+ X4+X?) =14+xX4+X34+x" 
(X)g2(X) = (14+ X7) (14+. xX?) =14 x4 








(7.4) 


m 
m 





with X? + X* = 0, the output bit sequence can be found as U(X) = m(X)g1(X) 
multiplexed with m(X)g2(X), where m(X) is the input bit sequence [7]. We write the 
above two equations as follows: 


m(X)gl(X) = 1 + 1X + OX? + 1X? + 1x? 
m(X)g2(X) = 1 + OX + OX? + OX? + 1x#* (7.5) 


U1U2 =(1,1)+(1,0) + (0,0)+ (1,0) +(1,1) 
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00 00 00 00 00 
11 10 11 00 00 
00 11 1011 00 
11 01 O1 11 00 


00 00 11 10 11 
11 1000 10 11 
0011 0101 11 
1101 1001 11 
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Convolutional Code Antipodal Code 


|e el 
00 01 0011 11 
11 00 01 00 11 
00 10 10 00 11 
11 11 00 0100 
00 01 11 01 00 
11 00 10 10 00 
00 10 01 10 00 





Fig. 7.2 N-ary complimentary convolutional code blocks 


Taking only the coefficients, we obtain the desired convolutional code sequence 
corresponding to the input bit sequence m(T) = 101 as follows: 


Convolutional Code=11 10 00 10 11 (7.6) 


The corresponding antipodal code is obtained simply by inverting the convo- 
lutional code as shown in the figure. This is given by: 


AntipodalCode=00 O1 11 O1 00 (7.7) 


As can be seen, each 3-bit data corresponds to a unique 10-bit convolutional 
code. Antipodal code is just the inverse of the convolutional codes. Since a 3-bit 
sequence has 8 combinations, the above convolutional encoder generates 8 unique 
convolutional codes and 8 unique antipodal codes, for a total of 16 complementary 
convolutional codes. These code blocks are displayed in Fig. 7.2. 


7.2.3 2-Ary Convolutional Coding with QPSK Modulation 


A 2-ary (N = 2) coded QPSK modulator can be constructed by inverse multiplexing 
the incoming traffic into 6-parallel streams as shown in Fig. 7.3. These bit streams, 
now reduced in speed by a factor of 6, are partitioned into two 8 x 3 data blocks. 
The first 8 x 3 data block maps the 8 x 10 convolutional code block, and the next 
8 x 3 data block maps the next 8 x 10 antipodal code block. These code blocks 
are stored in two 8 x 10 ROMs. The output of each ROM is a unique 10-bit 
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Fig. 7.3. 2-ary convolutional coding with QPSK modulation 
convolutional/antipodal code, which is modulated by a QPSK modulator using the 
same carrier frequency. The code rate is given by: 

Code Rate: r = 6/10 = 3/5 (7.8) 


Since there are two convolutional waveforms (one convolutional and one 
antipodal), the number of errors that can be corrected is doubled. Moreover, the 
transmission bandwidth is also reduced, which is given by: 

Transmission bandwidth: BW = 2R,,/bits per symbol Hz 


B= 2Rp2/2 = Ry (7.9) 


where Rp> = Rp,/r. Ry2 is the coded bit rate, and R,, is the uncoded bit rate. 


7.2.4 4-Ary Convolutional Coding with 16PSK Modulation 


A 4-ary (N = 4) coded 16PSK modulator can be constructed by inverse multi- 
plexing the incoming traffic into 8-parallel streams as shown in Fig. 7.4. These bit 
streams, now reduced in speed by a factor of 8, are partitioned into four 4 x 2 data 
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Fig. 7.4 4-ary convolutional coding with 16PSK modulation 


blocks. Each 4 x 2 data block maps corresponding 4 x 10 convolutional code 
blocks. These code blocks are stored in four 4 x 10 ROMs. The output of each 
ROM is a unique 10-bit convolutional/antipodal code, which is modulated by a 
16PSK modulator using the same carrier frequency. The code rate is given by: 


Code Rate:r = 8/10 = 4/5 (7.10) 


Since there are four convolutional waveforms (two convolutional and two 
antipodal), the number of errors that can be corrected is quadrupled. Moreover, the 
transmission bandwidth is further reduced, which is given by: 

Transmission bandwidth: BW = 2R,,/bits per symbol Hz 


= 2Rpy/4 = Ryp/2 (7.11) 


where Rp> = Rp,/r. Rz2 is the coded bit rate, and R,, is the uncoded bit rate. 
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7.3 N-Ary Convolutional Decoder 


7.3.1 Correlation Receiver 


Decoding is a process of code correlation. In this process, the receiver compares the 
received data with the expected data set to recover the actual data. The expected 
data is stored into a lookup table [see Table 7.1]: 


e The lookup table at the receiver contains the input/output bit sequences. 

e For m = 3, there are 8 possible output combinations of 3-bit data. 

e For each combination of 3-bit data, there is a unique encoded 10-bit data (see 
table). 
The receiver receives one of 8 output sequences. 
Upon receiving an encoded data pattern, the receiver validates the received data 
pattern by means of code correlation. 


Let us examine the correlation process using the following example: 


The input bit pattern m = 0 1 1 
Encoded transmit data: U = 00 11 01 01 11 
e Received data with errors U* = 00 11 01 01 00 


Notice that the last two bits are in error, identified in bold. Now, let us determine 
how the receiver recovers the correct data, where the actual input data is m= 0 1 1. 
This is a correlation process, requiring several tests to validate the actual data. The 
correlation process is described below: 


Test 0: 


This test compares the received data with the Ist row of data stored in the lookup 
table and counts the number of positions it does not match. This is accomplished by 
MOD2 operation (EXOR operation). The result is presented below: 


e Received data: 00 11 01 01 00 
e ist row of data in the lookup table: 00 00 00 00 00 
e Mod-2 Add: 00 11 01 01 00 





Table 7.1 Lookup table a 




















Input (7m) Output (U) 

0.000 00 00 00 00 00 
1.001 00 00 11 10 11 
2.010 00 11 10 11 00 
3.011 00 11 01 01 11 
4.100 11 10 11 00 00 
5.101 11 10 00 10 11 
6.110 11 01 O1 11 00 
7111 11 01 1001 11 





92 


7 N-Ary Coded Modulation 


e Correlation value = 4 (count the number of 1’s in MOD2 Add) 


e Verdict: No match, continue search. 


Test-0; Look Up Table 


Input (i) Output (L/) Correlation 
Value 


4 
0111011 0 


00 11 01 01 11 





4. 100 11 10 11 00 00 


Test 1: 








Received Data 


00 11 01 01 00 


This test compares the received data with the 2nd row of data stored in the lookup 
table and counts the number of positions it does not match. This is accomplished by 
MOD2 operation (EXOR operation). The result is presented below: 


Received data: 00 11 01 01 00 


Mod-2 Add: 00 11 10 111 11 
Correlation value = 7 


Test 1: Look Up Table 


Verdict: No match, continue search 





Input (m) Correlation 


Value 


Output (U) 


10. 000 | 00 00 00 00 00 
1.001 |00 00 11 10 11 7 
2. 010 00 11 10 11 00 


00 11 01 01 11 





11 10 11 00 00 





11 10 00 10 11 





11 01 01 11 00 


a Lit 11 01 10 01 11 








2nd row of data in the lookup table: 00 00 11 10 11 


Received Data 


00 11 O1 01 00 


The remaining tests may be conducted by using the same method to reach the 


final verdict as given below: 


Final Verdict: 


Collect the correlation values and validate the data that indicates the lowest cor- 
relation value. This is presented in the following lookup table. 
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Final Verdict: Look Up Table 





Input (m) Output (U) Correlation 
Value 





0. 000 00 00 00 00 00 4 





001 00 00 11 10 11 7 








1 
2. 010 00 11 10 11 00 3 
3 


011 00 11 01 01 11 2 [+— Accept 
4 


Accept ——> 





4.100 11 10 11 00 00 5 





5. 101 11 10 00 10 11 
6. 110 11 01 01 11 00 





% ADM 11 01 10 01 11 7 











In examining the above table, we find that: 


e The lowest correlation value is 2. 
e The corresponding data is m=0 1 1. 
e This is the data which has been transmitted to the receiver. 


7.3.2 Error Correction Capabilities of N-Ary Convolutional 
Codes 


An n-bit convolutional code is generated by a rate 2 encoder of constraint length 
K where 


n=4K—2 (7.12) 


In the above equation, K is the length of the shift register and the factor —2 is due 
to the initial content of the shift register, which is 000. For example, a rate 2 
convolutional encoder with K = 3 generates 00 when the initial content of the shift 
register is 000. Therefore, the value of n is reduced by 2. Therefore, each 3-bit data 
sequence corresponds to a unique 10-bit convolutional code. The antipodal code is 
just the inverse of the convolutional codes. Since a 3-bit sequence has 8 combi- 
nations, the above convolutional encoder generates 8 unique convolutional codes 
and 8 unique antipodal codes, for a total of 16 complementary convolutional codes. 

These code blocks are displayed in Fig. 7.2. As can be seen, each code is unique 
and there is a minimum distance d,,i, between any two convolutional codes where 


dmin <n/2 (7.13) 


This distance property can be used to detect an impaired received code by setting 
a threshold midway between two convolutional codes. It can be shown that an n-bit 
convolutional code can correct the errors, where 
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Table 7.2. Error correction capabilities of N-ary convolutional codes 























Constraint | Number of errors Number of errors Number of errors 

length (K) | corrected if the corrected if the corrected if the 
modulation scheme is modulation scheme is modulation scheme is 
(BPSK) (QPSK) (16PSK) 

3 2. 4 8 

5 4 8 16 

7 6 12. 24 

9 8 16 32 

<dnin/2<n/4 < (4K —2)/4 (7.14) 


where 


e t= Number of errors that can be corrected by means of a single convolutional 
code 

e n= Code length 

e K = Constraint length 


The proposed N-ary coded modulation is a multi-level channel coding technique, 
where instead of coding one bit at a time two or more bits are encoded simulta- 
neously. Therefore, we modify the above equation to obtain 


Nt<N dmin/2<Nn/4 <N(4K — 2) /4 (7.15) 


Table 7.2 displays error correction capabilities of N-ary convolutional codes. 


7.4 N-Ary Orthogonal Coding and M-Ary Modulation 
7.4.1 Background 


Orthogonal codes are used in CDMA cellular communications for spectrum 
spreading and user ID [10-13]. The use of orthogonal codes for forward error control 
coding has also been investigated by a limited number of authors [14—16]. This 
chapter presents a method of channel coding based on N-ary orthogonal codes [17— 
20]. N-ary orthogonal coding is a multi-level channel coding technique, where instead 
of coding one bit at a time two or more bits are encoded simultaneously. This type of 
channel coding is bandwidth efficient and further enhances the coding gain with 
bandwidth efficiency. In the proposed scheme, the input serial data is converted into 
several parallel streams. These parallel bit streams, now reduced in speed, are mapped 
into N-ary orthogonal codes. The coded information bits are then modulated by means 
of MPSK modulator and transmitted through a channel. At the receiver, the decoder 
recovers the data by means of code correlation. The proposed coded modulation 
scheme is bandwidth efficient and offers a coding gain near the Shannon’s limit. 
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Orthogonal Code Antipodal Code 


00000000 11111111 
01010101 10101010 
00110011 11001100 
01100110 10011001] 


00001111 11110000 
01011010 10100101 
00111100 11000011 
01101001 10010110 





Fig. 7.5 Bi-orthogonal code set for n = 8. An 8-bit orthogonal code has 8 orthogonal codes and 8 
antipodal codes for a total of 16 bi-orthogonal codes 


7.4.2 Orthogonal Codes 


Orthogonal codes are binary-valued and have equal numbers of 1’s and 0’s. 
Antipodal codes, on the other hand, are just the inverse of orthogonal codes. 
Antipodal codes are also orthogonal among them. Therefore, an n-bit orthogonal 
code has n-orthogonal codes and n-antipodal codes, for a total of 2n bi-orthogonal 
codes. For example, an 8-bit orthogonal code has 8 orthogonal codes and 8 
antipodal codes, for a total of 16 bi-orthogonal codes, as shown in Fig. 7.5 [12]. 
Similarly, a 16-bit orthogonal code has 16 orthogonal codes and 16 antipodal codes 
for a total of 32 bi-orthogonal codes, as shown in Fig. 7.6. 

We note that orthogonal codes are essentially (n, k) block codes, where a k-bit 
data set is represented by a unique n-bit orthogonal code (k < n). We now show that 
code rates such as rate '4, rate 4, and rate | are indeed available out of orthogonal 
codes. The principle is presented below. 


7.4.3 2-Ary Orthogonal Coding with QPSK Modulation 


A 2-ary orthogonal coded QPSK modulator with n = 8, having 16 complementary 
orthogonal codes, can be constructed by inverse multiplexing the incoming traffic 
into 6-parallel streams, as shown in Fig. 7.7. These bit streams, now reduced in 
speed by a factor of 6, are partitioned into two data blocks. Each data block is 
mapped into an 8 x 8 code block, as depicted in the figure. 
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16 Bit Orthogonal Code 


0000 0000 
01010101 
00110011 
01100110 
00001111 
01011010 
00111100 
01101001 


0000 0000 
01010101 
00110011 
01100110 
00001111 
01011010 
00111100 
01101001 


0000 0000 
01010101 
00110011 
01100110 
00001111 
01011010 
00111100 
01101001 
11111111 
10101010 
11001100 
10011001 
11110000 
10100101 
11000011 
10010110 
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16 Bit Antipodal Code 


LAAITILELILI Ee 
1010101010101010 
1100110011001100 
1001100110011001 
1111000011110000 
1010010110100101 
1100001111000011 
1001011010010110 
l111l1111900000000 
1010101091010101 
11001100900110011 
1001100191100110 
1111000000001111 
1010010101011010 
1100001100111100 
1001011001101001 


Fig. 7.6 Bi-orthogonal code set for n = 16. A 16-bit orthogonal code has 16 orthogonal codes 
and 16 antipodal codes for a total of 32 bi-orthogonal codes 


Fig. 7.7 2-ary orthogonal coding with N = 2 
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Antipodal Code 


Orthogonal Code 


00000000 
01010101 
00110011 
01100110 
00001111 

01011010 
00111100 
01101001 


11111111 
10101010 
11001100 
1001100] 
11110000 
10100101 
11000011 
10010110 
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According to the communication scheme, when a 3-bit data pattern needs to be 
transmitted, the corresponding orthogonal/antipodal code is transmitted instead, 
requiring a QPSK modulator. The modulated waveforms are in orthogonal space 
and have fewer errors. The code rate is given by: 


Code Rate: r = 6/8 = 3/4 


Since there are two orthogonal waveforms (one orthogonal and one antipodal), 
the number of errors that can be corrected is doubled. Moreover, the transmission 
bandwidth is also reduced, which is given by: 

Transmission Bandwidth: BW = 2R,,/bits per symbol Hz 


= 2Rp2/2 = Roo Hz (7.16) 


where R,2 = Rp1/r. Ryo is the coded bit rate and R;, is the uncoded bit rate. 


7.4.4 4-Ary Orthogonal Coding with 16PSK Modulation 


A 4-ary orthogonal coded 16PSK modulator, with n = 8, having 16 complementary 
orthogonal codes, can be constructed by inverse multiplexing the incoming traffic into 
8-parallel streams, as shown in Fig. 7.8. The bit streams, now reduced in speed by a 
factor of 8, are partitioned into four data blocks. Each data block is mapped into a 
4 x 8 code block as depicted in the figure. According to the communication scheme, 
when a 2-bit data pattern needs to be transmitted, the corresponding orthogonal/ 
antipodal code is transmitted instead, requiring a 16PSK modulator. The modulated 
waveforms are in orthogonal space and have fewer errors. The code rate is given by: 


Code Rate: r = 8/8 = 1 (7.17) 


This is achieved without bandwidth expansion. 

Since there are four orthogonal waveforms (two orthogonal and two antipodal), 
the number of errors that can be corrected is quadrupled. Moreover, the transmis- 
sion bandwidth is further reduced, which is given by: 

Transmission bandwidth: BW = 2R,>/bits per symbol Hz 


= 2Rp/4 = Ry? /2 Hz (7.18) 


where Rp2 = Rp,/r. Ry2 is the coded bit rate, and R,, is the uncoded bit rate. 


7.4.5 2-Ary Orthogonal Decoding 


Decoding is a correlation process. Notice that the entire biorthogonal code block is 
partitioned into two code blocks. Each code block represents a data block as shown 
in Fig. 7.9. Upon receiving an impaired code, the receiver compares it with each 
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Data Code 


DE La de! 
10101010 
11001100 
10011001 
Modulated 


11110000 Carrier 
10100101 Frequency 
11000011 16PSK 

10010110 


Modulator 





Fig. 7.8 N-ary orthogonal coding with N = 4 


Data Orthogonal Correlation 
Blocks Code Blocks Value 


00 00000000 A ve "a Code 
01 01010101 


10]] 00110011 
>/11 01100110 


01 01011010 
> |10 00111100 
i | 01101001 





00|]| 00001111 ihe oo rer oe Code 


Fig. 7.9 2-ary orthogonal decoding 
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entry in the code block and appends a correlation value for each comparison. 
A valid code is declared when the closest approximation is achieved. As can be 
seen, the minimum correlation value in each block is | as depicted in the figure. The 
corresponding data is 1 1, 1 0, 1 1, 1 0, respectively. 

Since there are two orthogonal waveforms (one orthogonal and one antipodal), 
the number of errors that can be corrected is given by 2 x | = 2. Moreover, the 
bandwidth is also reduced, as presented below: 


BW = 2Rb2/bits per symbol = 2z42/2 = Ryo (7.19) 


7.4.6 4-Ary Orthogonal Decoding 


Decoding is a correlation process. Notice that the entire biorthogonal code block is 
partitioned into four code blocks. Each code block represents a data block, as 
shown in Fig. 7.10. Upon receiving an impaired code, the receiver compares it with 
each entry in the code block and appends a correlation value for each comparison. 
A valid code is declared when the closest approximation is achieved. As can be 
seen, the minimum correlation value in each block is | as depicted in the figure. The 
corresponding data is 1 1, 1 0, 1 1, 1 0, respectively. 

Since there are four orthogonal waveforms (two orthogonal and two antipodal), 
the number of errors that can be corrected is given by 4 x | = 4. Moreover, the 
bandwidth is further reduced as presented below: 


BW = 2Rb2/bits per symbol = 2z52/4 = Rp2/2 (7.20) 


7.4.7 Error Correction Capabilities of N-Ary Orthogonal 
Codes 


Error correction capabilities of orthogonal codes have been discussed earlier [16]. 
We present it again for convenience. An n-bit orthogonal code has n/2 1’s and n/2 
0’s; i.e., there are n/2 positions where 1’s and 0’s differ. Therefore, the distance 
between two orthogonal codes is d = n/2. This distance property can be used to 
detect an impaired received code by setting a threshold midway between two 
orthogonal codes as shown in Fig. 7.11, where the received code is shown as a 
dotted line. This is given by: 


n 
din = (7.21) 


where n is the code length and d,;, is the threshold, which is midway between two 
valid orthogonal codes. Therefore, for the given 8-bit orthogonal code, we have 
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biorthogonal 
Code Blocks 


00000000 
01010101 
00110011 
01100110 


00001111 
01011010 
00111100 
01101001 





11111111 
10101010 
11001100 
10011001 


11110000 
10100101 
11000011 
10010110 





Fig. 7.10 4-ary orthogonal decoding 


Fig. 7.11 Distance 
properties of orthogonal codes 
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din = 8/4 = 2. This mechanism offers a decision process, where the incoming 
impaired orthogonal code is examined for correlation with the neighboring codes 
for a possible match. 

The received code is examined for correlation with the neighboring codes for a 
possible match. The acceptance criterion for a valid code is that an n-bit comparison 
must yield a good autocorrelation value; otherwise, a false detection will occur. The 
following correlation process governs this, where an impaired orthogonal code is 
compared with a pair of n-bit orthogonal codes to yield: 


R(x,y) = Sox > (n-dn) +1 (7.22) 
i=] 


where x and y are two n-bit orthogonal codes, R(x, y) is the autocorrelation function, 
n is the code length, and d,;, is the threshold as defined earlier. Since the threshold is 
in the midway between two valid codes, an additional 1-bit offset is added to Eq. 7.21 
for reliable detection. The average number of errors that can be corrected by means of 
this process can be estimated by combining Eq. 7.21 and Eq. 7.22, yielding: 


t=n—R(x,y) =7-1 (7.23) 


In the above equation, ¢ is the number of errors that can be corrected by means of 
an n-bit orthogonal code. For example, a single-error-correcting orthogonal code 
can be constructed by means of an 8-bit orthogonal code (n = 8). Similarly, a 
three-error-correcting orthogonal code can be constructed by means of a 16-bit 
orthogonal code (n = 16) and so on. Table 7.3 shows a few orthogonal codes and 
the corresponding error-correcting capabilities. 


Problem 7.1 This problem relates to N-ary convolutional codes and M-ary PSK 
modulation. 
Given: 


e Input bit rate before coding: R,; = 10 kb/s 
e K =3, Rate 2 complementary convolutional codes 
e 4-ary convolutional coding (N = 4) 


Table 7.3. Error correction capabilities of N-ary orthogonal codes 














Code Number of errors corrected Number of errors corrected by N-ary code Nt 
length n per code t N= 1, 2, 4, 8, ... 

8 1 N 

16 3 3N 

32 7 7N 

64 15 1S N 
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Find: 


(a) 
(b) 
(c) 
(d) 
(e) 


Modulation level M 

Code rate r 

Bit rate after coding Rp 
Transmission bandwidth BW 
Number of errors corrected 


Solution: 


(a) 


(b) 


A 4-ary (N = 4) coded modulator can be constructed by inverse multiplexing 
the incoming traffic into 8-parallel stream. These bit streams, now reduced in 
speed by a factor of 8, are partitioned into four 4 x 2 data blocks. Each 4 x 2 
data block maps a corresponding 4 x 10 convolutional code blocks. These 
code blocks are stored in four 4 x 10 ROMs. The output of each ROM is a 
unique 10-bit convolutional/antipodal code, which is modulated by a 2* = 16 
PSK modulator using the same carrier frequency. Therefore, M = 16. 

The code rate is given by: 


Code Rate: r = 8/10 = 4/5 


Bit rate after coding Ry = Rp,/r = (5/4) 10 kb/s = 12.5 kb/s 
Transmission bandwidth: BW = 2R,,/bits per symbol Hz 


= 2Ryy/4 = Ry /2 = (12.50 kb/s) /2 = 6.25 kHz 


Since there are four convolutional waveforms (two convolutional and two 
antipodal), the number of errors that can be corrected is quadruple, 
4t=4 x 2 = 8 [Each code corrects 2 errors.] 


Problem 7.2 This example relates to N-ary orthogonal codes and M-ary PSK 
modulation. 
Given: 


e Input bit rate before coding: R,; = 10 kb/s 
e n= 8 orthogonal codes having 16 complementary orthogonal codes 
e 4-ary orthogonal Coding 


Find: 


(a) 
(b) 
(c) 
(d) 
(e) 


Modulation level M 

Code rate r 

Bit rate after coding Rp 
Transmission bandwidth BW 
Number of errors corrected 
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Solution: 


(a) A 4-ary orthogonal coded modulator, with n = 8, having 16 complementary 
orthogonal codes, can be constructed by inverse multiplexing the incoming 
traffic into 8-parallel streams. The bit streams, now reduced in speed by a 
factor of 8, are partitioned into four data blocks. Each data block is mapped 
into a 4 x 8 code block. According to the communication scheme, when a 
2-bit data pattern needs to be _ transmitted, the corresponding 
orthogonal/antipodal code is transmitted instead, requiring a 2* = 16 PSK 
modulator. Therefore, M = 416. 

(b) The code rate is given by: 


Code Rate: r = 8/8 = 1 
(c) The bit rate after coding is given by: 
Ry. = Roir = 10kb/s (r = 1) 
(d) The transmission bandwidth is given by: 


BW = 2Rb2/bits per symbol Hz 
= 2Ryp/4 = 2 x 10kb/s/4 = 5k Hz 


(e) Since there are four orthogonal waveforms (two orthogonal and two antipo- 
dal), the number of errors that can be corrected is quadrupled, i.e., 


4t+=4x1=4 


7.5 Conclusions 


A method of coded modulation, based on N-ary complementary codes and M-ary 
PSK (MPSK) modulation, is presented. N-ary coded modulation is a multi-level 
channel coding and multi-level modulation technique, where instead of coding one 
bit at a time two or more bits are encoded simultaneously and then modulated by 
means of M-ary modulation. At the receiver, the decoder recovers the data by 
means of code correlation. A lookup table at the receiver contains the input/output 
bit sequences. Upon receiving an encoded data pattern, the receiver validates the 
received data pattern by means of code correlation. Construction of N-ary coded 
modulation schemes based on convolutional and orthogonal codes is presented to 
illustrate the concept. The proposed coded modulation schemes are bandwidth 
efficient and offer a coding gain near the Shannon’s limit. 


104 7 N-Ary Coded Modulation 
References 


1. Ebert PM, Tong SY (1968) Convolutional Reed-Soloman codes, Bell Syst Tech, pp 729-742 
2. Gallager RG (1968) Information theory and reliable communications. Wiley, New York 
3. Kohlenbero A,.Forney GD Jr (1968) Convolutional coding for channels with memory, IEEE 
Trans Inf Theory IT-14:618-626 
4. Reddy SM (1968) Further results on convolutional codes derived from block codes. Inf 
Control 13:357-362 
5. Reddy SM (1968) A class of linear convolutional codes for compound channels. Technical 
Report, Bell Telephone Laboratories, Holmdel, New Jersey 
6. Reddy SM, Robinson JP (1968) A construction for convolutional codes using block codes. Inf 
Control 12:55-70 
7. Berrou C, Glavieux A, Thitimajshima P (2010) Near Shannon limit error—correcting (PDF). 
Retrieved 11 February 2010 
8. Berrou C (2010) The ten-year-old turbo codes are entering into service, Bretagne, France. 
Retrieved11 February 2010 
9. McEliece RJ, MacKay DJC, Cheng J-F (1998) Turbo decoding as an instance of Pearl’s 
“belief propagation” algorithm. IEEE J Sel Areas Commun 16(2):140-152, doi:10.1109/49. 
661103, ISSN 0733-8716 
10. IS-95 Mobile station—base station compatibility standard for dual mode wide band spread 
11. Spectrum Cellular Systems, TR 55, PN-3115, March 15 (1993) 
12. Samuel CY (1998) CDMA RF system engineering. Artech House Inc 
13. Vijay KG (1999) IS-95 CDMA and cdma 2000. Prentice Hall 
14. Bernard S (1988) Digital communications fundamentals and applications. Prentice Hall 
15. Faruque S, Faruque S, Semke W (2013) Orthogonal on-off keying for free-space laser 
communications with ambient light cancellation. SPIE Optical Eng J 52(9), September 26 
16. Faruque S (2016) Radio frequency channel coding made easy, Springer, ISBN: 
978-3-319-21169-5 
17. Faruque S (1999) Battlefield wideband transceivers based on combined N-ary orthogonal 
signaling and M-ary PSK modulation, SPIE proceedings, vol. 3709 digitization of the battle 
space 1 V, pp 123-128 
18. Faruque S et al (2001) Broadband wireless access based on code division parallel access, US 
Patent No. 6208615, March 27 
19. Faruque S et al (2001) Bi-orthogonal code division multiple access system, US Patent 
No. 6198719, March 6 
20. Faruque S (2003) Code division multiple access cable modem, US Patent No. 6647059, 
November 


RADIO TESLA 


the secret of Tesla’s radio and wireless power 





by George Trinkaus 


in clear English, 66 illustrations, and a 
minimum of math, this booklet details the 
peculiar radio technology of Nikola Testa. 
Early elemental radio devices like Tesla’s 
are fascinating and worthy of study 
because they remind us that powerful 
radio technologies can be so simple and 
accessible. Tesla's transmitters produced 
high-voltage, sudden-pulse disturbances 
conducted through the earth at low 
frequencies, His radio is as taboo in official 


SLATS 


0 far asGe 19. 


science ashis wireless power, which works 
onthe very sameprinciples, Teslasaidthe 
radio physics of Hertz, sti vogue, was 
an "abberation,” a “fiction.” Modern radio 
took a lot from Tesla, but what did it 
ignore? Also in these pages: spark 
reconsidered, grounding rediscovered, low 
frequency revived, lament on solid state, 
underground radio, license-free radio, the 
suppression of amateur radio, carrier- 
current radio, radio-free energy... 








$7.75 





“Oscillations of low frequency are 
ever so much more effective in 
transmission.” — Tesla, page 10 


isan os7oneteso 


| il tii il 
afya970! a3" Intl 




















High Voltage Press, P.O, Box 1525 
Portland, OR 97207, USA 
toll-free 877-263-1215 
teslapress@aol.com 
‘www.teslapress.com 


> Ppl  3:00/3:42 





Thanks to Lee Dodson for all kinds of sustenance and 
to Jim Davis for his patient teaching. 


Copyright © 1993 by George B. Trinkaus 
All rights reserved. 


ISBN 0-9709618-3-9 


photos by Jan L. Kahn 














Contents 

Introduction . sil 
1. High Voltage, Sudden Pulse . 5 
2, Low Frequency ....--0+++00+ 10 
3. Conduction through the Ground..... 15 
4, Resonance +19) 
5. Sensitive Device . 25 


6. Aerial Capacity 
Tank Tables .. 


HIGH VOLTAGE PRESS 





Introduction 


radio was bom around the tm of the 20th 
WWW et tn a nota 
cebratedtoday. created their own peculiar radio 
technologies, which are largely ignored today. Among 
these inventors is Nikola Tesla, though there are others, 
like Nathan Stubblefield and Mahon Loomis, who are 
‘even more obscure. The radio technology that is pecu- 
liarto Tesla, though itgotafew years of publicexposure 
initstime, gets even less acceptance in today's technol- 
ogy than Tesia’s disk turbine, his tesla coil, orhishigh- 
frequency lighting, and Tesla’s radio is as taboo in 
official science as his wireless power, which works on 
the very same principles, 
1n 1943, only a few months after Tesla's death, the 
U.S, Supreme Court, yielding finally to the pressure of 
it fought over many years, dectared that Tesla's 
radio patenis were among those that had been infringed 
upon by Marconi and thus, in effect, wrote into the 
officlal record Tesia’s status as a founder of radio. This 
was a purely symbolic victory, for Tesla's radio was 
suppressed, and the technology that developed is dis- 
tinelly different in many essential respects. 

During the period of radio's most rapid growth 
(1915-1940), Testa watched quietly from the sidelines, 
forby this time head fallen out of favor with the media, 
or rather with the establishment that controls it. Still, 
some of his Comments have made it into the published 
record, In 1927 hesaid that broadcasting “isnow carried 
out with unfit apparatus and on a commercially defec- 
tive plan.” Of radio technology generally Tesla said in 
1932 that “the transmitting and receiving apparatus is 
ill-conceived and not well adapted for selection. The 
transmitter generates several systems of waves, all of 
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which, except one, are useless. As a consequence only 
an infinitesimal amount of energy reaches the receiver, 
and dependence is placed on extreme amplification.” 
“Radio experimenters of this age,” Tesla said of the 
hams of 1934, “are following ancient theories.” By this 
hemeantbackward theories. Tesla’s favorite backward 
theorist was Heinrich Hertz, who saw the phenomenon 
of radio as some kind of straight-line radiation akin to 
light, Tesla said Hertz’ theory, which is still in vogue 
today, was “one of the most remarkable and inexpli- 
cable aberrations of the scientific mind which has ever 
‘been recorded in history.” This was not a reckless 
statement, for Tesla reports that he had carefully re- 
viewed Hertz’ experiments, conducted comparative 
tests with his own brand of radio and had come to a 
Gifferent set of conclusions. Tesla said, “I considered 
this so important that in 18921 went to Bonn, Germany 
to confer with Dr, Hertz in regard to my observations. 
‘Heseemed disappointedtosuch a degree that Iregretted 
my tip and parted from him sorrow fully.” Tesla made 
subsequent tests in 1900 with the same results and kept 
abreast of articles on Hertzian radio-telegraphy, which, 
he said, always impressed him “like works of fiction,” 


suppressed information 
In this book T attempt to break down Tesla’s radio into 
‘set of specific principles and to survey the whole of 
radio technology from Tesla’s perspective. While 1 
have stadied some out-of-print literature, much of my 
information comes from reprints still available. These 
tiles [cite ata chapter'send together with addresses for 
ordering. (Addresses given on first mention only.) 
For the core material on Testa, what you have in 
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print is one fat hardcover book, Colorado Springs 
Notes, eight U.S. patents, and a few magazine articles 
by Tesla himself, one of which is titled "The True 
Wireless.” The biggest ingle source, Colorado Springs 
‘Notes, embraces only one year (1899) of Tesla's many 
years in radio, albeit a very intense year. Though this, 
‘work is rich in information, it represents only a tiny 
fragment of Tesia's total Iegacy, which has been said to 
‘amount to some 100,000 documents, including 34,552 
pages of scientific material and 5,297 pagesof technical 
drawings and plans. Though much of Tesla's research 
into radio took place in New York City in years prior to 
his Colorado adventure, there is no published volume 
called “New York Notes.” 

Colorado Springs Notes itself has a bizarre pub- 
lishing history. Tesla's papers, confiscated by the U.S. 
government upon his death, surfaced years later in a 
Tesla Museum in Belgrade, Yugoslavia, or at least a 
Jarge chunk of the expropriated material did. When the 
‘Museum, thirty or so years after Tesla’s death, pub- 
lished the Colorado fragment itdid soin Serbo-Croatian, 
curious choice since Testa, though of Serbian origin, 
wrote these notes in English. What the Museum pub- 
lished as Colorado Springs Notes in 1978 (under the 
imprint NoLit) had been translated back into English 
from the Serbo-Croatian, The translator, in his ay 
pended notes, tends to discredit Tesla’s version of radio. 
‘The discrepancies between the original and the transla- 
tion have prompted a study by Tesla scholar John 
Ratzlaff called Serbo-Croatian Diary Comparisons. 

‘These frustrations noted, you still have to be grate- 
fulforthe relatively abundant documentation of Tesla’s 
radio relative to what you would find in print on any 
other deviant radio pioneer, such as Loomis or 
Stubblefield. 

‘To put Testa in perspective, Ihave alsoreadexten- 
sively in the literature of conventional radio, and, by 
‘way of grounding this information, have invested per- 
haps an inordinate amount of time in designing, baild- 
ing, and experimenting with elemental transmittersand 
receivers, a couple of which are illustratedin this book. 


Tesla’s radio principles 

‘Tesla believed that radio was conduction, notradiation. 
A radio transmitter should put out high voltage deli 
red in pulses sharp and sudden. Tesla's radio was 
groundedrather than aerial. He saw radioas most potent 
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in the lower frequencies. For both transmitting and 
receiving, the magnifying of effects, he believed, should 
be achieved with resonance and capacitive discharge 
rather than amplifier stages. He believed radio was a 
disturbance of a pervasive medium called the ether. 
Rather than a radiating antenna, he employed an aerial 
‘capacity. Tesla’s radio inventions, like his others, show 
a striving for simplicity rather than complexity. He 
‘eschewed the miniaturization fashionable today, con- 
ductinghis experiments on a fearless scale. Fundamen- 
taltoresonant tuning was Tesla'squarter-wave principle. 
Tesla planned, promoted, and began construction of a 
World System of radio founded on these principles. 

(On these same transmitting principles, and with 
aboutthe same equipment, Tesla experimented with his 
‘wireless power. This wasaradio-like system thatwasto 
be a successor to the wired grid, which was built on 
Tesla’ sown60-cycle alternating-currentpatents. Tesla's 
‘wireless power system (also patented) was designed to 
deliver by means of earth-electrical vibration power 
sufficient for industrial demands. 

Tesla boasts of the simplicity of his wireless-power 
receiving system: “Any person skilled in the mechani- 
cal and electrical arts can utilize to advantage the 
practical applications of the system,” by which he 
‘means that any person so skilled can construct the 
apparatus, receive the energy, and put it towuse. Thus 
Tesla's system short-circuits the techno-priesthood, 
inviting suppression. 

‘Tesla’s wireless power has never been duplicated. 
Tesla is on record as saying that he lit up 10,000 watts 
worth of Edison bulbs wirelessly 26 miles from his 
‘magnifying transmitter at Colorado Springs, butif Tesla 
‘wrote an entry on this remarkable experiment, itis not 
10 be found in the English version of the published 
Notes. Whatever the viability of Tesla's wirelesspower, 
his conviction that such a thing was possible testifies to 
his belief in the special power of his peculiar radio 
technology. 





for more information 

‘Tesa’s Colorado Springs Notes (No-Lt) is distbuted by Tweoty 
Flest Ceatury Books (P.O. Box 2001, Breckearidge, CO 20424, 

‘ww tebooks com) as are John Ratlaf's Complete Patents of 
‘Tesla, Serbe-Croattou Diary Comparisons, and Ratzlafis' Tesla 
Bibliography. 


1. High Voltage, 
Sudden Pulse 





esla-style radio transmitting applies highelecuo- 

jotive force to the aerial-ground system ~ 
wundred thousands or millions of volts,” said 
‘Tesla, These extraordinary-sounding pressures can be 
achieved using the tesla coil, and fact is that Tesla's 
transmitters were tesla coils. 

‘The tesla coil, withthe addition of a resonant third 
coil and a few other alterations, becomes Tesla’s mag- 
nifying transmitter, which Tesla boasted “wouldenable 
the obtainment of practically any em, the limits being. 
so far remote that would not hesitate to produce sparks 
thousands of feet long in this manner.” In Tesla radio 
you are happening only when your aerial glows blue. 

In modem transmitters potentials in the hundreds 
of thousands, miich less millions, of volts are unheard- 
of. Rarely does the voltage anywhere in vacuum-tube 
transmitter circuits exceed ten thousand and is usually 
‘under 1500, Antenna voltage rarely exceeds 1000. In 
calculating the performance of a modem transmitter, 
focus is on antenna current, not voltage. 








sudden pulse 

Jnaddition o the high voltage, Tesla-style transmission 
requires sudden ulsings, in Testa’s words, “animmense 
rate of momentary energy delivery.” This also comes 
casily to the tesla coil transmitter, driven as itis by the 
sudden capacitive discharges of Tesla’s spark-gap 
oscillator. 

Tesla’s transmitters 

“With electromotive impulses notgreatly exceeding 15 
{o 20 million volts, the enesgy of many thousands of 
horsepower may be transmitted over vast distances, 
measured by many hundreds and even thousands of 
miles.” So writes Tesla in a basic radio and wireless- 
power patent. Among the uses for this electromotive 
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basic Tesla transmitter circuit 


cuergy Tesla cites the transmission of “intelligible 
messages t0 great distances,” power for “industrial 
purposes,” the production of nitric acid and fertilizer by 
clectrifying nitrogen in the atmosphere, and the illumi- 
nation of “upper strata of air,” this last item referring to 
Tesla’s outrageous scheme to light upareas of theplanet 
‘atnight by beaming oscillating electric energy into the 
sky. 

“tis aform of oscillator of great simplicity,” Testa 
‘wrote. “A coil of high self-induction is connected in 
series with a condenses, and across the condenses is 
placeda break generally in series with the primary ofthe 
coil. Very sudden discharges are produced when using 
a fine stream of electrolyte or mercury to effect short 
circuit,” says Tesla, referring to one of his patented 
circuit controllers. 


engineering 

‘The engineering of the Testa transmitters the enginees- 
ing of the tesla coil, and I offer, as supplement to my 
booklet on the subject, the following guidelines from 
‘Tesla's patents and Colorado notes: 

‘The primary coil’s inductance, and its resistance, 
should be as low as possible, Just one mim of heavy 
double cable sufficed for the 51-Foot diameter primary 
of Tesla’s Colorado transmitter, and the coil with which 
‘Tesla demonstrated wireless before the patent examin- 
xs, acoil witha flat spiral secondary, had a primary of 
a single turn, 

‘The primary and secondary should have equal 
weights of metal. This principle helps determine the 
thickness of the primary conductor. 

Of the secondary, Tesla wrote that its resistance, 
09, should beas low as possible, but the self-induction 
should beas high as possible. The flat spiral secondary 
‘of the coil mentioned above had 50 turns of number 10 
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wire. The helical secondary of the Colorado transsnitier 
had 24 turns of number 8 on its 51-foot diameter. 

‘A loose coupling between primary and secondary 
isdesirable, “The mutual inductance should be small so 
aasto permit rec oscillation,” said Tesla; acoil oscillates 
most vigorously when it is “inductively free of other 
circuits.” The incredible excitation of a magnifying 
‘transmitter's tertiary coil Tesla atributes to its freedom 
from the damping effects that would result froma more 
closely coupled secondary. The tertiary, or"‘extracoil,” 
as Tesla called it,can be located some distance from the 
coil stimulating it. Within the Colorado transmitter’s 








secondary coils 


thwart arcing between the coils, A cone-shaped second 
ary offers similar advantages and is also considered 
‘superior to the customary helical. 

‘The magnifying cffect of the interacting coils, 
Tesla said, is “directly proportionate to the inductance 
and frequency and inversely to the resistance of the 
secondary system." This need for low resistance invites 
the builder to consider conductors superior to conven- 
tional copper wire. A video from Borderland Sciences 
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Hertz resonator 





demonstratesa Tesla-style transmitter witha flat-spiral 
secondary madeofsilver-teflon coaxialcable; the shield- 
ing is the conductor. The same coil has a primary of 
bronze strap. 

‘Tesla tuned his transmitters for “maximum rise of 

















‘51-foot diameter primary-sccontary coil system, Tesla 
‘Would setdowna tertiary, notnecessarily centered. One 
Colorado photo shows several of these extra coils, 
ranging in diameters from seven inches to eight feet, 
placed here and there within the S1-foot enclosure, each 
spouting sparks. 

Loose coupling for amore free and swinging oscil- 
Iation isan engineering objective behind the flat-spiral 
secondary design. As the coil spirals in, turns become 
‘more and more remote from the primary and its inertial 
influence, Also, since the secondary takes on higher 
voltage as it spirals inward, the outer turns nearer the 
primary are at relatively low potential, and this helps to 
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spark-gap oscillators 





emf on the excited system,” as indicated by a small 
incandescent bulb connected ina single loop around the 
final coil. Tuning was aided by a regulating coil and by 
anadjustable spark gap in the ground circuit or by a gap 
shunting part of the secondary. He observed that “the 
tuning is remarkably exact, 1/8 turn of the self-induc- 
tion box reducing the effect very much.” He said, “It 
‘becomes easy to locate the maximum rise within one- 
‘quarter of one percent.” Hie described his transmitter's 
tuning as “very sharp.” 


spark 
Spark radio is high-voltage, sudden pulse. Spark is as 
old as radio itself, Radio was supposedly discovered by 
somebody wondering aboutspark noisesin atelephone. 
Hertz’ experiments used spark. The induction coil with 
spark gapis the first radio transmitter. The nextadvance. 
Pt a capacitor in the circuit, as in Tesla’s spark-gap 
oscillator. This Tesla invented not for radio but for an 
carly high-frequency lighting system, For radio, Tesla 
used his all-purpose oscillator, the testa coil. 

As radio moved into the future, leaving Testa 
behind, the spark transmitter that came into general use 
‘was nota tesla coil but a truncated version in which the 
‘magical resonant secondary was lopped off. The power 
supply was an induction coil which one could build or 
buy. One manufacturer advertised eleven models pro- 
viding sparks from 1/4 inch to 8 inches. Antenna and 
ground were connected to a primary-like helical 
called a transmitting helix. The rarity of true testa-coil 
transmitters in the literature suggests that this potent 
oscillator may have been a well-kept secret even in the 
spark era. 


“spark forever” 

“Using spark allows obtaining of great suddenness,” 
said'Testa. Nomodem tube or semiconductorcan match 
disruptive discharge for rapid switching of high energy 
‘without blowing apart. The history of radio reports that 
‘operators were satisfied with spark. “The pervading 
spirit was one of complete complacency with regard to 
the technical status of the art,” according to one histo- 
fian. A 250-watt spark set went 300-400 miles, and with 
spark that power was easy to come by. The circuitry is 
imple, the parts easy o find even today for those in the 
{now about tesla-col building, If you needed to throw 
Jogethera telegraphic radio signalling devicein apinch, 
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spark-gap transmitter with helix 


spark might be the way to go, and even voice modula- 
tion is possible, as we shall see, 

‘The sudden-pulse spark-gap oscillator could be 
used to drive a microwave cavity resonator (page 7). 

Could a self-powered spark transmitter be created 
froma static machine? (Also page 7) 

Radio operators, both commercial and amateur, 
resisted mightily the movement to suppress spark and 
replace it with tbe oscillators, which they saw as 
costly, complex, and relatively ineffectual. The anti- 
spark movement was imposed from above by industry 
and government. Imprinted on some of the QSL cards 





author's experimental spark transmitter 
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hams sent through the post to confirm contact was the 
slogan “spark forever.” Resistance continued into the 
1930's, and, who knows, there may stil be afew covert 
spark operators out there in the night. 


cleaning up spark 
‘The problem imputed to spark was broadness of signal 
‘and harmonic noise in radio bands which were becom- 
ing progressively more crowded with competing com- 
municators. Desired was a sharp, clean signal that 
‘occupied only the thinnest slice of the busy radio 
spectrum. There is nothing in the FCC Code for ama- 
teurs that prohibits spark itself. The Code does set strict 
mission standards that the rudimentary transmitter of 
the spark era had trouble conforming to, 

‘The common historical impression is that spark 
‘transmitters were uniformly and inevitably crude and 
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that the new vacuum-tube transmitters, using feedback 
principles of oscillation, came along like white knights 
and cleaned up the spectrum, Fact is, though, that 
toward the end of the spark era transmitters using 
‘evolved spark technologies were developed, manufac- 
tured in numbers, and saw long service on land and sea, 
sharing the bands with the incoming tube (and arc) 
transmitters. Although any spark transmitter,no matter 
how sophisticated, dissipated some of its power in 
harmonics, these advanced spark rigs produced rela- 
tively clean and narrow fundamental signals and the 
‘smooth, damped, “continuous waves” boasted by the 
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Tesla's push-pull oscillator 


‘promoters ofthe new ube transmitters. Evenafter ships 
‘Were routinely equipped with tube rigs, radio operators 
insisted on keeping on board as auxiliaries their old 
reliable units with spark. 

‘The engineering of superior spark transmitting 
focused on improving the quenching (shutting off) of 
the gap: the technology of airtight series gaps, magnetic, 
blowouts, and rotary gaps, Perfecting of the spark gap 
gota lot of attention from Tesla, and perhaps his patents 
‘were studied by radio engincers, but not necessarily. 

‘Tesla anticipated the push-pall circuit common in 
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amplifiers and transmitters, Tesla ultimately replaced 
the spark gap altogether and achieved disruptive dis- 
‘charge with ingenious high-energy mechanical “breaks,” 
including rotary mercury switches and mercury jets. 
“Tesla said that his transmitters produced continuous 

















static machine drives. ~~ 
Spark transmitter (putative) 














basic tube transmitter 


waves. Evolved spark transmitters used synchronous 
rotary gaps which coordinated the charging rhythm of 
the capacitor with the frequency. 

‘A feature of Tesla’s magnifying transmitter design 
that discourages undamped waves is the single-tum 
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spark-gap oscillator 
drives cavity resonator 





primary. This reduces the induction of the primary 
circuit so that unwanted oscillation cannot occur there. 
‘The same provision shows up in the only magnifying 
transmitercircuitThave seenin radio outside of Tesla's, 





Called the impact transmitter, this circuit from the spark 
‘era featured quenched gaps in tandem. The name belies 
an understanding of Tesla-style sudden-pulse transmit- 
ting. Knowledge of the impact transmitter, patented by 
Oliver Lodge, was never widely circulated to the public 
‘and remained a secret. 


Can you modulate spark? 
‘The general impressionis that spark is strictly telegraphic, 
but, facts, spark transmiuers can be modulated. 

For telegraphy, tone modulation is inherent in 
spark, the tone being determined by the frequency ofthe 
gap. Rotary and series gaps produce characteristic tones 
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that help telegraphic signals cut through static noise. 
(ube and tansistor transmitters require separate au- 
dio-oscillator circuits to impose a tone, yet another 
complexity.) Voice modulation requires that this spark 
sound be eliminated, that the frequency of spark dis- 











arc transmitter 


charges be raised toat least 5000 sparks per second. As 
early as 1900, Reginald Fessenden achieved bona-fide 
radio telephony with a spark transmitter. He probably. 
useda very simple and now-forgotten method known as 


‘A precedent for absorption modulation is to be 
foundin the technology ofallemnator transmis. Tesla, 
the inventor of the ac generator, or alternator, had 





Tesla's mercury break 
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experimented with units having many polesand capable 
of frequencies of up to 20 or 30 ke. These he intended 
touse not for radio but for his high-frequency lighting. 
‘Tesla abandoned the altemator early on in his experi- 
menting because of its frequency limitations and devel- 
‘oped his spark-gap oscillaior and tesla coil for his 
lighting, Ironically, it was an alternator quite similar to 
TTesla’s that became the frst overseas radio transmitter. 
Fessenden developed a 50-kilowatt dynamo. 
‘Alexanderson scaled this up to 200 kilowatts. These 
hhuge alternators (they looked like power-plant dyna- 
mos) were put into service parallel with spark. Altema- 
tor radionecessarily remained low-frequency (often $0 
ow that voice was not possibie) with Long antennas and 
deep groundings. Unlike spark, the high-RPM altera- 
torcould not be turned onand off for elegraphy. Sohow 
ddid they key an alternator? The solution was amagnetic 
‘shut-off, which works on a principle similar to that of 
absorption modulation. Notice that the shut-offisin the 
ground circuit, suggesting that alternator radio was 
‘construed as a grounded radio. Absorption modulation 
forradio-telephony was installed in the circuits either 
the antenna or the ground. Fessenden, in 1906, broad- 
cast program of music and speech with an 80 ke 
alternator. 
TInvacuum-tube transmitting expensive high-power 
audio amplifiers are necessary for plate modulation, the 
respectable mode; grid- and screen-modulation also 








require audio amplifiers, though of lesser power. The 
inexpensivenessand simplicity of absorption modulation 
tempts experimenters who seek a simpler radio 
technology. Thave seen the method describedas crude” 
ina 1924 radio book where it pops up, but no specifics 
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were given. Is it necessarily low-fi? Does it cause 
unwanted FM effects, widening the band-width 
‘unacceptably? I have seen reference to the carbon 
‘microphone overheating in multi-kilowatt rigs. The 
cure was a water-cooled microphone, KQW in San Jose, 
California broadcast voice and music circa 1912 ocran 
are transmitter heard for about a thousand miles, and 
WLW iin Chicago boomed on the AM band in the early 
"30's witha half-megawattspark transmitter. Both used. 
the antenna-absorption method. 
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spark transmitter 
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absorbtion modulation 











Tesla'savailable notes and patents tellus very lite 
about his particular modulation schemes (his Coiorado 
notes show an “arc controller”), but as the promoter of 
a world broadcasting system he seemed supremely 
confident that his magnifying wansmiters could be 
modulated. 

‘The passing of spark marked the end of Tesla-style 
high-voltage, sudden-pulse transmitting, 
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‘Tesla Coil by George Tenkaus. A howto forthe nonespect. How 
Tesla dit How you can fom offhestelf pars. (High Voltage 
Pret). The Tesla Coll Designee by Wall Noon is 2 compiter 
program. G28 Belvedere, Riverside, CA 92507). Theory of 
Wireless Power (book) and Tesla's Longitudinal Electricity 
(ideo) ne among many Tesla ties Bo Borderland Sciences 
0. Box 6250, Burka, CA 95507) Lindsay Publications bas 
many petinent ides. (7.0. Box 12, Bradley, 1, 60915). 
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‘ scillations of low frequency,” said Tesla in 

O 1919, “are ever so much more effective in 
transmission, which is inconsistent with the 
prevailing idea.” Radio at low frequencies (below the 
‘AM broadcast band) delivers more distance per watt. It 
is less vulnerable to atmospherics than shortwave. It 
does not suffer from the fade-in-fade-out syndrome that 
plaguesshortwave. Low frequency radiois lessaffected 
by the sun, While much of shortwave is blotted out in 
daytime, low-frequency propagation is strongest at 
midday. 

Tnearly radio, the superiority oflow frequency was 
taken for granted. Shortwave was considered uscless. 
Butas radio attracted more practitioners, there inevita- 
‘bly developed a struggle for elbow room within the 
limited confines of the recognized radio spectrum, 


who owns the ether? 
Notsurprisingly, the very firstentity toclaim ownership 
of the increasingly precious spectrum real estate was 
Government, in particular that of the U.S. through its 
navy. The US. Navy between 1900 and 1910 made 
several attempts to putradio under its sole control. The 
Navy, which during this period was already developing 
global marine communications and radio-navigation 
systems, was so assured ofits right to rule the ether that 
it campaigned Congress for a monopoly of all of radio, 
both point-to-pointand broadcast on sea and land world- 
wide. 

‘The Navy also fought for the phase-out of spark and 
the development of a more refined radio. Itset the specs 
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for industry to develop the new continuous-wave 
technology. 

Of course, the spectrum had not been waiting 
silenily for government to step in and regulate it. The 
ether was already abuzz with activity, much of it con- 
ducted by the independent citizen-experimenters who 
ultimately became labelled (did they think it conde- 
scending?) as “amateurs.” 

‘TheNavy introduced into Congress aseries of bills 
‘that had the standard formula of providing for different 
classes of stations that would be registeredand licensed, 
and then making it illegal for any outsider to interfere 
with these stations, No mention was made of the ama- 
teurs, whose transmitting stations (largely spark) were 
to number about 6000 by 1916. Thus, in these early 
legislative attempts, the hams were rendered de-facto 
outlaws. The Navy's campaign was ultimately joined 
by the Department of Commerce and by such commer- 
cial interests as Marconi's United Wireless. The hams, 
to defend themselves, organized into the still-active 
‘American Radio Relay League. 

“The legislation that finally passed (1912) did rec- 
ognize the hams but banished them from any activity in 
the low frequencies. This was in the spirit of yes-you- 
‘can-go-swimming-but-don't-go-in-the-water, for low- 
frequency radio was all the radio there was, The short 
waves were then considered not only inferior but un- 
‘workable, the desert real estate of the spectrum, 

‘The Government's final solution to the problem of 
‘a peoples’ experimental radio was achieved, albeit 
‘briefly, in World War 1 when all amateur radio was 





‘atly outlawed for the duration. The Emergency Order, 
which came from the Dept. of Commerce and was 
signed by the Navy, banned not only transmitting but 
short- and long-wave listening as well. The order put 
‘radio under the full control of the Navy, which then tried 
topersuade Congress to make this situation permanent. 
Ultimately, federal control of radio was to pass out of 
the control of the Navy and into the Dept.of Commerce, 
until the Radio Act of 1934 created the FCC. 

WWI also provided the opportunity for the 
government's destruction by dj of Tesla’s mag- 
nifying transmitter tower, which still stood sturdily at 
Wardencliff, Long Island, a curiosity to passers-by. The 
excuse given was that the tower could be used by 
“spies,” but the intention must have been to erase this 
monument to Tesla’s alien radio and wireless power. 

During WWI the government ordered another 
blackout of amateur radio. 

‘The hams are still on the defensive, As I write the 
ARRL is dealing with a threat to yet another amateur 
territory way up in the spectrum at 222 megacycles, a 
‘band United Parcel Service and others are pressuring 
the FCC to reallocate to Jand-mobile uses. 

‘The low frequencies, under the control of govern- 
ment, have becn allocated to military and other bureau- 
cratic functions, tonavigation beacons, like Omega (10- 
14 kc) and LORAN (100 kc), and for weather stations, 
and time registers. Tesla had suggested low-frequency 
navigation systems. Some of the military transmitters 
«a humungous, like the Navy's 3000 acre NAA com- 
mand facility (24 kc) thatruns 2 million watts and ELF 
down at 76 cycles, which uses antennas over 50 miles 
long. 








citizens’ radio 

‘The government-nilitary takeover of radio (nearly 100 
percent of the low bands and much of the upper spec- 
‘cum as well) has impacted on the amateurs, who have 
had to justify themselves as a quasi-government ‘‘ser- 
vice” in order to retain the privilege of radio. The 
amateurs’ awkward posture is: “We are an emergency 
service, but, untilan emergency comes up, we'll just be 
Jawboning here to keep these bands open.” 

As early as 1925 the hams were building close 
functional relationships with the military. During the 
amateur blackout of WWI, many hams, as a way of 
staying active, enlisted in a military-nun civildefense 
program called the War Emergency Radio Service, 
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Before government had a police radio, there was an 
amateur service that assisted the police in matters such 
recovering stolen cars. 

‘The fact that there is any nongovernment or non- 
commercial radio is obscured from the public con- 
sciousness. While hams sometimes get a few seconds 
on the tv news when they are performing their public 
service duringan earthquake, the general publicis given 
le awareness via the mass media that such a thing as 
citizen's radio exists. On the tv the only character 
holding a radio mike is a cop. 

A colorful wall-poster chart of the entire radio 
spectrum published by the Office of Spectrum Manage- 
‘ment (a bureaucracy within the U.S. Department of 
‘Commerce’s National Telecommunications and Infor- 
mation Administration) provides elaborate color cod- 
ing of 28 radio services, including broadcast, 
radionavigation, amateur, etc., but has no code for a 
citizens radio, andthe 40-channelcitizens bandat27 mc 
is ominously absent from the chart, 

Regulation of the ether can never be absolute, 
Some governments, like Italy's, have had to abdicate 
some of theircontrof over broadcasting to independents 
(C pirates”). Pirate radio and tv flourish where a state 
radio tries to dominate, and, by the same dynamic, 
‘where broadcasting is dominated by a handful of media 
‘corporations acting as one, piracy will predictably tise 
up. (Some people believe in keeping a gun in the house 
by way of providing for some impending political 
‘catastrophe. I'm not a gun person, but I do advocate 
keepingatransmitterhandy. DoestheFirst Amendment 
guarantee the right to bear transmitters?) The FCC once 
thought that it controlled CB, but when CB exploded 
with the advent of inexpensive transceivers made 
‘possible by the phase-lock loop frequency synthesizer, 
the government found itcould notenlistthe cooperation 
ofall operators in a licensing procedure and threw up its 
hands. CB may be anarchy, but it still works, and the 
FCC can't do much about the kilowatt linears anyway. 











black-box consumers 

‘There is little encouragement for hams or anybody else 
toexplore radio experimentally. The literature testifies 
toa time when way opened more easily for the curious 
and the experimenter. Published between 1900 and 
1930 were at least twenty different monthlies for the 
electrical experimenter. These publications were full of 
projects, including transmiters and receivers, that one 
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could build in the basement workshop from parts easily 
available at independent dealers. Tesla, who published 
in the popular press, while avoiding the academic, was 
a star contributor to some of these magazines. The 
reader was assumed to be an experimenter, a builder, 
and capable of sustained thought, judging from the 
prose. Today heisassumed tobe, above alla consumer. 
‘The typical ham through the 1930's built his own 
station, transmitter and receiver. By the mid-1940's he 
‘was still likely to build his own transmiter (though 
manufactured units were becoming available), but by 
then he had been persuaded that the manufactured 
receiver was superior to anything he himself could 
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build. Since the ’60's the ham has boughtboth transmit- 
ter and receiver (even most of the kits popular in the 
*50's are gone), and today he is encouraged to buy, for 
‘$800 and up, both units boxed into one solid-state 
transceiver. Once an experimenter and builder, the ham 
‘of today is encouraged to become just another depen- 
dent consumer of black-box electronic components, 
which he himself often cannot even repair. In the case 
‘of broadcasting, the FCC prohibits a licensed operator 
‘of an AM, FM, or tv station building his own transmit- 
ter, and the FCC dictates design, hence cost. Today, 
among the few who build their own, is the pirate 
broadcaster, though he is also likely to convert an old 
‘ham rig. Many of the radio listeners of yesteryear built 
their own receiving sets for broadcast AM listening as 
‘wellas shoitwave, but by 1930 this became unfashion- 
able due to the abundance of manufactured units. 
With today's integrated circuits, even the do-it- 
yourself discreet-component builder and experimenter 
‘becomes a consumer of tiny black boxes Whose con- 
cealed workings he may only dimly understand. 
Sealing up electronics in black boxes discourages 
the curious, while it promotes a priesthood, and sodoes 
the conventional electronics education and its text- 
books. The innocent student, from the first day, is 
‘snowed under with mathematical formulae — informa- 
tion that could be useful someday if he were allowed to 
engineer a circuit, but it cannot tell him how electricity 
‘works. (Your author in his checkered past was an editor 
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of a series of those “basic” electronics texts; his Tesla 
‘work may be an act of penance.) Tesla, a consummate 
mathematician, was skeptical of mathematical explana- 
tions. He alledRelativity “amassof deceptions wrapped 
ina beautiful mathematical cloak.” Tesla had no good 
words for the electronics theory that grew out of quan- 
tum and Einsteinian physics. He is on record as saying 
that “there is no such thing as an electron.” 


low-frequency revival 
‘While conventional histories congratulate the amateurs 
for tuming shortwave into viable radio (the hams in- 
vented the shortwave technology the Navy and others 
‘would adopt), the allocation of hams to frequencies 
above 1500 ke meant their exile from superior turf, The 
banishment of hams from long-wave along with the 
romancing of the shortwaves has resulted inthe almost 
‘complete lapse from public memory of low-frequency 
rodioand what it means. This is particularly rue in the 
US. ,for there is some long-wave broadcasting abroad, 
which, incidentally, canbe received here tosomeextent 
‘on both coasts, 

But in recent years there has been a revival of 
longwave. Low Frequency Experimental Radio people 
(LowFERs) transmit license-free in the 1750-meter 
band (160-190c) with government sanction under Part 
15 of the Federal Communications Act, the same lttle- 
‘known part ofthe law that permits flea-power commu- 
nity broadcasting. The law limits LowFERs to just one 
walt and to a 50-foot antenna-ground system. Under 
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ideal conditions, a legal LowFER signal can be tear 
forupto 1000miies, testimony tothe power of longwave. 
But there are so many competing disturbances in these 
frequencies from broadcast harmonics, powerline har- 
‘monics, powerline-carried noises from motors and light 
dimmers and many other inadvertent transmitters, that 
reception is almost impossible in urban environments, 

Most LowFERs set up telegraphic beacons, listen for 
‘each other, and report reception in their networking 
newsletters, publications that are in the avant-garde of 
experimental radio. LowFERs are among the few who 
build their own. LowFERs remain true to the experi- 
‘menial spirit that marked early radio, They are willing, 
as oneLowFER patit,to“reinvent the wheel.” LOwFER 
reception requires the experimenter to go mobile into 
the boondocks where it's electronically quiet, but even 
thensignalsmay be overwhelmed by GWEN, a nuclear- 
‘doomsday Aur Force system having about one hundred 
sites across the country. GWEN operates in the same. 
bband assigned to the one-watt LowFERs and its stations 
rehearse daily, emitting bursts of heavily encrypted 
radio teletype. (The same federal spectrum chart that 
forgets CB assigns a" govemmentexclusive" codetoall 
‘of LowFERIand.) 

Most LowFERs are resigned to working experi- 
‘mentally within the challenging constraints of the gov- 
‘emiment-mandated one watt, but some are agitating for 
more practicable levels of power. 

Closely allied to the LowFERs are the MedFERs, 
‘medium-wave experimenters who operate just above 
‘and below the AM_ band with a 100 milliwatt power 
limit, the same flea-power limit applied to community 
broadcasters. The upper MedFER territory has been 
‘opened to commercial broadcasters, but these experi- 
‘menters will continue in the band until displaced. A few 
broadcasters are already operating in the band; their 
viability depends upon the manufacture of receivers 
with extended AM-band coverage. 





carrier-current radio 

‘When amateur radio was outlawed in WWII, the only 
activity open to hams, outside of enlisting in the War- 
time Radio Service, was a low-frequency radio propa- 
gated over the power lines. Called carrier-current or 
Wired wireless, this little known mode of radio is par- 
ticularly effective at low frequencies. ine transformers 
tend to choke out high frequencies, but low frequencies 
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conduct through. The WWII hams worked voice and 
code down at 160 to 200 ke. 

Power companies use such alow-frequency system 
loday to transmit information between stations, Power- 
Ime carriers are another nuisance to low frequency 
listeners. 

For the independent broadcaster carrier current is 
an option. Within flea-power wall restraints, it’s even 
Jegal underPart 15. ndependentand community broad 
casters use carrier current for transmitting both AM and 
FM. Receivers need notbe coupled othellines; even car 
radios can get the signal from the overhead wies. 
‘Though the AM band is five times higher than the 
frequency a power company ora WWI ham would use, 
‘AM probably does some penetrating of transformers. I 
recall that my college AM carrier-current station did a 
‘good job of getting around the entire campus as well as 
much of the adjoining small town. 


open land 

Did you know that in the basement ofthe very crowded, 
highly controlled radio spectrum, down at 0 - 9000 
cycles, there is no government regulation? Thus, this 
‘unallocated very low frequency band is open to unli- 
censed experimenters at any power level. Conceivably, 
one could set up point-to-point communications using 
Just everyday audio amplifiers. An underwater diver 
‘communication system uses 10-watt audio amplifiers. 
‘Ourput is connected to widely spaced submerged elec- 
trodes as antennas. The idea might be tempting to 
audiophiles who would be radiophiles. A problem would 
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be the noises, both civilized and natural, that abound in 
thisband, particularly the 60-cycle power-line hum and 
its harmonics, Another problem is that any one voice- 
modulated signal would consume theentire band within 


its range for the duration of the transmi: 





low-frequency listening 
When shortwave came into fashion, the lower frequen- 
cies became de-facto off-limits tothe listening public. 
Batlately, along with the LowFERs, the low-frequency 
listener is coming back. There is a growing curiosity 
about what goes on in the forbidden territory below the 
‘AM broadcast band. 

To tune in reliably to distant LowFER beacons 
takes a sophisticated receiver with crystal filtersandone 
Kilocycle dial resolution, but I can testify to the enjoy- 
ment provided by seeking stronger beacons on my 
simple, one-transistor, uncalibrated home-built regen- 
‘erative unit shown later herein. If you own a shortwave 
fee oa ee oe ba econ eee 
the one shown above. Beacons are radio- 
lighthouses thattepat slow alphabeticidentfirs (good 
code practice). Called NDB's in LowFER jargon, ma- 
rine non-<directional beacons run only about 25 watts, 
while the FAA’s aeronautic beacons can go to a kilo- 
‘watt. There are directories that can tell youthe location 
of beacons heard, if you want totake itthatfar. Also you 
‘may hear maritime ship-to-shore telegraph as well as 
big military transmiters, along with a lot of other 
strange signals you just have to wonder about. Receiv- 
ing the megawatt foreign low-frequency broadcast sta- 
tionsis.a possibility fyou ive on either U.S. coast. Any 
low-frequency listening is subject to suppression by 
civilized electrical noise and benefits from a nonurban 
environment. Itis in urban listening that the expensive 
well-fitered receiver pays off, 


natural radio 

With a very low-frequency receiver (below 30 ke), you 
ccam hear the sounds of natural radio: spherics, hisses, 
ops, chitps, tweaks, whistlers, as well as something 
called the dawn chorus. Tesla listened to the sounds of 
‘VLF radio and conjectured that among the disturbances 
‘were signals from Mars. (“A clearsuggestionof number 
andorder,"he noted; “impossible to think accidental. 
Purpose was behind these signals.”) Experimenters 
today who tune in to nature's radio use receivers of 


“ 








avon ot 


ney eal 
























SEED 
“teal 
ears 
2 
| Lee 
ee 


sone ty Ex tirtha 


low frequency converter 


various degrees of sophistication, but, according to 
Michael Mideke in his Sounds of Natural Radio,“given. 
a large enough antenna, even amplification can be 
dispensed with; signals can be heard using nothing 
‘more than headphones connected between antenna and 
ground.” 


for more information 
200 Meters and Down, Tbe Story of Amateur radio by Clinton 
‘DeSoto, 1936, (ARRL, 225 Main St. Newington, CT 06111). US. 
Frequency Allocations, The Spectrum isa fll-coler wall poser 
chart (US. Gov. Printing Office, Washington D.C. 20422). Hig 
Power Wireless (1910) and The 1934 Official Shortwave 
‘Manoal, Hogo Gemsbach, ed. (all dee from Lindsay). The 
Lowdown isthe LowFER and MedFER newsletter, Bill liver, ef. 
(Longwave Club of America, 45 Wildflowec Rd, Levitown, PA 
19037), Carrier Current Techoiques by Emest Wilson (Pan 
Com, P.O, Box 130, Paradise, CA 95968). Low and Medium 
Frequency Scrapbook by Kea Comal, the bible of LF tech (225 
‘Baldmore Ave, Point Pleasant Beach, NJ 08742). Tesla: Contact 
with Mars (Rex Research, P.O. Box 19250, Jean NV 89019). 





3. Conduction 
Through the Ground 


he propagation of radio signals and wireless 

power Tesla saw as 3 matter of conduction. 

‘Tesla’ sradio-conductive path was nota circuit 
in the conventional sense but was modelled on the 
single-wire-without-retum principle that he demon- 
strated in his high-frequency, high-voltage lighting 
‘system. Electric researcher Eric Dollard calls this one- 
‘way conductive effect “longitudinal electricity.” 

‘Tesla’ radio-conductioncanhappen either through 
the earth or through the sky. Tesla said, “The earth 
behaves simply as an ordinary conductor.” He said the 
earth was superior conductor; but, pertinent to sky 
transmission, Teslaison recordin apatentas saying that 
“transmission through elevated strata encounters possi- 
bly less resistance than copper wire.” 

‘Conventional theory never hints at radio propaga- 
tion being anything like conduction but represents it as 
some kind of radiation. This is more than a textbook 
convention; a whole science of antenna design is based 
‘on this assumption, which Tesla dismissed. 


an etheric medium 
What is radio, anyway? The texts, like my Radio 
Amateur's Handbook, speak of radio as “radiation.” 
Bit, atthe same time, itis a “wave.” Then again, inthe 
‘same paragraph of the Handbook, which is just echoing 
respectable physics, we are told that it is “traveling 
<lcctrostatic and electromagnetic fields.” Whatever it 
is, some sortof almost material emanation is presumed 
to be issuing from the antenna into a void. 

‘Testa, however, saw radio as a “disturbance of the 
























‘medium,” ora “commotion in the medium." He writes 
of "transmitting anelectrical movementto the environing 
‘medium.” What is this medium? 

In Tesla’s time it was an antcle of faith that there 
‘existed a unified field that pemmeated all being, all 
matter, including solids, liquids, and even what we call 
space or vacuum. This pervasive “ether,” as it was 
called, is the medium of radio. The transmitter sets upa 
disturbance that produces, says Testa, “altemate com- 
pressions and rarefactions in the medium.” This sug- 
gests some kind of elastic continuum that conducts 
standing waves. 

Coming from this view, all electric phenomena — 
charge, polarity, oscillation — involve some kind of 
strain or vibratory disturbance of the equilibrium of the 
ther. 

‘The etheric perception of radio came naturally to 
‘early experimenters. Loomis writes of his aerial teleg- 
raphy as “causing electrical vibrations or waves to pass 
around the world, asupon the surface of some quiet lake 
‘one wave circle follows another from the point of 
disturbance to the farthest shores.” 

In Tesla’s radio, effective transmitting is achieved 
by setting this elastic medium vibrating with a sudden 
high-voltage whack, like that created by the discharge 
of a capacitor. 





grounded radio 

‘Hertzian radio has us all conditioned to thinking in 
terms of aerial radio: “the air waves,” “on the air.” 
‘Extreme importance is placed on the antenna and its 
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‘configurations, which can become byzantine, ButTesta's 
radio is not aerial. Its ground-conduction. The lower 
‘end of the energized coil is rooted in the earth. Pure 
Herzian radio has no such natural load, Modem radio 
regards earth ground as an electronic toxic waste damp 
towhich noises conducted. Tesla said radio "shouldbe 
designed with due regard to the physical properties of 
the planet and the electrical conditions obtaining in 
same.” 

The electrical vibrations of the transmitter are 
“communicated to the ground,” says Tesla. Here they 
setup standing waves — “outgoing crests and hollows 
in parallel circles.” He said, “The terrestrial conductor 
isthrowninto resonance withthe oscillationsimpressed 
nit like a wire.” Tesla was convinced that the waves 
were not “electromagnetic” since such waves were not 
Tikely to travel through the earth. Tesla’s ground wave, 
unlike Hertz’ aerial, does not travel uniformly at the 
speed of light and can even reach a velocity that is 
ae 


Oscillating the entire electrostatic Earth wasamong 
Tesla’s many ambitions, and he observed that “the 
planet behaves like a perfectly smooth and polished 
‘conductor of inappreciable resistance.” He went on to 
characterize the globe as having “capacity and self- 
induction uniformly distributed along the axis of sym- 











single wire without return 


metry of wave propagation.” In the same text (a patent 
applied for in 1902), Tesla added that these standing 
‘waves propagate “without attenuation.” That is, he is 
saying they do not diminish in intensity over distance, 
no ionosphere 

‘Tesla believed Hertzian aerial radio was a waste of 
energy. Tesla suggests that there is some radiation 
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audio-frequency grounded radio 


‘component in a radio transmission but that itis a weak 
and incidental output. He thought the theory that high- 
frequency signals travelled long distances by bouncing 
off some high-altitude, radio-reflective layer called the 
ionosphere was “an utter impossibility.” Tesla was not 
alone in disputing the existence of the Heavyside Layer, 
‘as the ionosphere was called then; it was quite contro- 
versial for a time before it was frozen into official 
science. Tesla said that Hertz wave theory “by its 
fascinating hold upon the imagination, has stifled cre- 
ative effort in the wireless art and retarded it for 25 
years.” 











audio radio 

In World War I, when field telephones were used that 
stretched long wires over the surface of the ground, it 
‘was discovered that one could eavesdrop on opposing 
forces’ conversations just by connecting headphones to 
ground rods, This discovered, effective monitoring 
systems were developed by both sides that consisted of 
two widely separated ground rods connected to a sensi- 
tive audio amplifier. Here was a Tesla-like radio: low- 
frequency conduction through the earth. ‘There is no 
reason you cannot use this principle for an audio- 
frequency radio inthe unregulated open land below 10 
kc. When you consider that radio can happen in the 


audio band, you have to wonder about the term “radio 
frequency” (f), asin “rf energy,” etc., which seems to 
imply that radio isa function of frequency. 

Disturbances caused by the various electrical hap- 
penings innature, suchas lightning-created staticcrashes, 
‘an occasional whistler, and other strange sounds can 
also be heard using the above system, and itso happens 
that the WWI eavesdropping apparatus was sometimes 
totally jammed by such natural activity. 


underground radio 

A follower of Tesla, James Harris Rogers, patented 
(1920) aradio ystemin which both sending and rece’ 
ing antennas were sunk completely underground or 
‘underwater. Rogers had his own doubts about Hertzian 
radio. He wondered, “If 50 units of power are passed 
into the aerial, then what becomes of the equal amount 
of energy which passes into the ground?” 

‘Roger's was working at low frequencies, but noth- 
ing in his patents limits his grounded radio to the low 
band. The Rogers underground achieved superior sig- 
nal strength. According to accounis, reception was free 
from atmospheric static, and there was no diminishing 
of the signal in daytime, 

‘The Navy used the Rogers system secretlyin WWI 
‘and announced it tothe public in 1919. Aneditorial by 
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the famous editor Hugo Gemsbach in the March 1919 
issue of the Electrical Experimenter predicted that “the 
‘greatest pride of the radio amateur, the aerial on top of 
his house..s doomed... As for commercial stations 
their towers are doomed shortly for the scrap heap.” 
Tesla himself had said, “The great amount of energy 
which can be conveyed to a {receiving} circuit by 
‘conduction through the ground, makes it appear pos~ 
sible that the necessity of elevating terminals...nay be 
dispensed with." Gemsbach, who published much on 
Tesla in his time, said, “AUl our pet theories on wireless 
are thrown into chaos,” and he predicted “a war to the 
knife between our wave-propagation theorists and the 
‘new school of ground-impulse savants.” 

‘This noted, the Rogers underground vanished from 
themedia, and Rogers’ career took a downturn reminis- 
cent of Tesla’s. 


Stubblefield 

In 1902 Nathan Stubblefield demonstrated a grounded 
wireless-telephone system of his own invention. Stick- 
ingiron rods into the ground at the Virginia shore of the 
Potomac River, Subblefield communicated with a 
steamship half a mile away. Stubblefietd’s grounded 
radio was powered by the high-frequency output of his 
Stubblefield battery (patent No. 600,457), a type of 
space-energy receiver, which shows how the occult 
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science of free energy nudges up against that of radio, 
another instance being the free-energy work of T. Henry 
Moray, Loomis, too, used a power supply that obtained 
clectricity from the atmosphere. 


grounding technology 

‘The ground should be made with great care with the 
object of reducing itsresistance,” said Testa, To ground 
his Colorado magnifying transmitter, Tesla buried a20- 
x-20-inch copper screen 12 feet down in the arid soil. 
‘Over the top of the screen he spread a layer of coke. He 
flowedwater over he spotcontinuously. Beneath Tesla’s 
‘Wardencliff tower, a shaft descended 120 feet into the 
carth. Out from the foot of the 12-x-12-foot shaft, side 
funnelsextended radially. They werecarbon-blackened 
and hence conductive. Situated near the Long Istand 
shore, the giant transmitter was thus grounded to the 
‘oceans. 

Such solid grounding has become another lost 
radio art. Until the 1950's even commercial broadcast 
receivers had a ground terminal on the chassis that one 
‘was encouraged toconnect toa cold-water pipe or other 
ground; some houses had a radio ground wired into a 
wall socket. 

A 1930's shortwave magazine recommended a 
stovepipe ground: a buried stove-pipe section filled 
with a mixture of soil and rock salt, which attracts 
‘moisture, Charcoal can be mixed in,as Teslaused coke. 
Down the center runs five feet of solid copper rod or 
galvanized pipe around which is wrapped the heavy 
Tead-in wire, 

Any conductor used to connect radio and ground 
should be as short as possible and with the heaviest 
conductor, such that an excessively long run of, say, 
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one wavelength 





nodal grounding 





twenty feet is best done with a wire gauge of zero or 
bigger or maybe with copper tubing or galvanized pipe, 

‘Clamping securely ontocold-waterplumbingnear 
tits ground-entry point is good grounding butthiscan 
‘be supplemented by other grounds, like earth rods or 
‘existing fence posts. Any body of water makes a good 
ground, Connect to a large submerged metal object. 
Any radio, transmitter orreceiver, becomes hyperactive 
neat or connected to a body of water, 

‘Older schematics show a variable capacitor be- 
‘tween output coil and ground, comparable toan antenna 
tuner. I've adopted this practice of tuning ground with 
‘g00d results, including noise control in receiving. 

Tesla’s radio assumes standing earth waves, and 
Tesla recommends grounding the two ends of the re- 
ceiving coil one-half wavelength apartata wave'snodal 
points, the location of which one determines experi- 
mentally. This arrangementis particularly important for 
reception of wireless power. 

Having established a solid ground, some interest- 
‘ng experiments can be conducted in receiving, Discon- 
nectthe antenna. Does thesignal vanish? What happens 
when you connect groundtoa receiver's sacred antenna 
terminal? Will the Hertz police arrest you if you try any 
of this? 








for more information 

‘Underwater Communication, includes some of Rogers patents 
‘Rex Research) Subsurface Astennasand the Amateur by Richacd 
Silberstein, anarilein Vol. of The Antenna Compendium (ARRL). 
‘TheComplexSecret of Dr. Henry Moray by JorgeResines, radio 
snd TVehreuitsfrom 1928 appiadio Moray’ free-energy discoveries 
(Bontedand). 


4. Resonance 


he idea of properly harmonized coils and ca- 
pacitors vibrating with sympathetic reinforce- 
ment and thereby magnifying effects by 
tremendous ratios is at the heart of Tesla’s technology. 

‘Testa’s basic radio tuning “tank” cireuit (coil plus 
capacitor between aerial and ground) is, all by itself, a 
powerful resonant signal amplifier and a beautifully 
simple one, Tesla suggests the power of a coil to 
vorticize energy. Butas radio developed over the years, 
the tank coils in both transmitters and receivers shrank 
in size, and the result was a loss in gain that was 
‘compensated for by the addition of stage after stage of 
complex amplification circuitry using vacuum tubes, 

Tesla watched this development with bewilder- 
‘ment, For transmitting, the resonantly tuned circuits oF 
the tesla coil provided the high electromotive force 
Tesla thought necessary for long-distance radio-con- 
duction. For receiving, the big loading and tuning coils 
“magnified effects,” as Tesla liked to put it. So why 
depend on complex, multi-stage circuitry to amplify? It 
didn’t makesenseto Tesla, He said, “My plans involved 
the use of a highly effective and efficient transmitter 
conveying, at whatever distance, a relatively Jarge 
amount of energy. The receiver itself is a device of 
clementary simplicity... In such a system resonant am- 
plification is the only one necessary.” 

Taking the tank circuit another step out, Tesla 
conceived of a receiving coil made of glass tubing that 
vas filled with a rarified gas, thus offering almost no 
impedance tothe signal. This superconductivity would, 
he reasoned, result in tremendous gain, 

T've heard tell ofa radio experimenter in Portland, 


7 
‘Oregon who built the basic crystal set on an obscene 
scale with a broadcast AM-band tank coil four feet in 
diameter and and six feet long, wound of copper tubing. 
‘Tuned witha bigold commercial variable capacitor, the 
single-stage set, void of amplifier stages, drove an 
cight-inch loudspeaker with room-filling volume. 


earth resonance 

Tesla calculated the frequencies and pulsings of his 
‘transmitters with an eye to resonating the earth. Earth 
resonance is fundamental to Tesla’s groundedradio and 
wireless power. Tesla suggested that the electrostatic 
‘earth resonated at a particular frequency, and seems to 
be suggesting that the closer the vibration is to that 
frequency the greater the magnification of effects. 

‘What is this magical earth-resonant frequency? In 
his Colorado notes, Tesla says the wavelength is 5200 
feet or 1737.7 meters, which works out to about 173 ke. 
‘Tesla’s Colorado transmitter ranged from 60 ke to 190 
ike; 170kc wasa typical operating frequency, according 
10 the Notes. 

Ina 1920 patent, however, Testa specifies that the 
frequency should be “smaller than 20 ke, though shorter 
‘waves may be practicable. “The lowest he would allow 
would be 6 cycles per second, to which he adds that 
“paradoxical as it may seem, the effect will be greatest 
in a region diametrically opposite the transmitter.” In 
another fundamental radio patent, Tesla says he has 
Tearmed to setup standing waves in the earth. “I found,” 
he says, “their length to vary approximately from 25 to 
70 kilometers.” This works out to 428 cycles to 12 
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Kilocycles. Ifearth resonance happened for Teslabelow 
60 ke, then he did not achieve it on his Colorado 
transmitter unless it was by harmonics, 

In the 1920 patent Testa said, “The most essential 
requirementis..that, irrespective of frequency, the wave 
‘or wave-train should continue for a certain interval of 
time, which I have estimated to be not less than 1/2 oF 
probably .08484 of a second — the time taken in 
passing to and returning from the opposite pole at a 
mean velocity of about 471,240 kilometers per second.” 

Recent thinking on the carth-resonance mystery 
hypothecates an earth-ionosphere waveguide, a Hert- 
ian notion that would set Tesla spinning in his grave. 
Tesla spoke only of resonating the earth itself. The 
Schuman Cavity, as this waveguide is called after its 
theorist, is said to resonate at exactly 7.83 cycles. 





the resonant tank 

Of his Colorado transmitter, Tesla wrote, “The vibrat- 

ing system is formed by a continuously variable and 
‘exactly determinable inductance and a capacity stan- 

dard, or by an inductance standard and a continuously 
adjustable condenser, orbyasystemin which both these 
elements are continuously adjustable.” 

‘Modern radio technology has settled on the second. 
of these options for tuning — fixed coil and variable 
capacitor. This is the arrangement since the 1930's for 
both transmitters and receivers. Butearly radioshows.a 
mix of options to accomplish tuning, Sometimes there 
is no capacitor, and tuning is accomplished with a 
variable inductance alone, Variable coils include the 
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tapped coil, the slider, and the variometer in which one 
coil rotates within another. The tradition of the tapped 
and slider coils is preserved among builders of the 
crystal set. Almost forgotien is the capacity slider, a 
section of tubing which encircles the coil except for a 
narrow slit, There is a revival among LowFERS of the 
elegant variometer. 

Variable capacitors includethe familiarrotary plate 
{also called “air variable” because the dielectric is air), 
the simply constructed “book” type, (P. 22) and the 
‘tubular high-voltage type for transmitting, Old circuits 


























tank options 
show variable capacitors consisting simply of a cluster 
offixed capacitors and a rotary switch. Tesla’s variable 
capacitor consisted of two opposing conductive disks 
‘whose distance apart was adjustable (p. 22). Transmit- 
ters sometimes use little neutralizing variables of this 
design, butI' ve seen itnowhere else. The book type was 
‘manufactured by Crosley in the 1920's, The tubular 
shows up in the transmitter literature circa 1910. 
‘Even the popular rotary-plate type of variable ca- 
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where L is the coils inductance, Wis the number of 
turns of wire, and A is the length of the coil winding, B 
the diameter, both in inches, 

Divide the oscillation constant for the frequency 
you want by the capacitance in microfarads and you'll 
{getthe inductance in microhearies that you'll design the 
coil for. By transposing the coil formula, you can yield 
the number of turns. By plugging in lengths and diam- 
clters, the physical characteristics of a coil with the 
desired inductance will begin to emerge. 
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quarter-wave principle 

‘Tesla advised a simple method of calculating the length 
‘ofatuning coil. Justi vide the wavelength by fourto get 
the length ofthe coil wound up. This length includes the 
length of the entire aerial-ground circuit. Odd multiples 
of the quarter wave, including, ! assume, odd fractions, 
will also resonate a the frequency, 

‘Tesla stated the rule: “In order to attain the best 
results it is essential that the length of each wire or 
circuit, from ground connection to the top, should be 
‘equal to one-quarter of the wavelength of the electrical 
vibration in the wire, or else equal to that length multi- 
plied by an odd number.” 








Tesla's quarter wave 





‘Tesla called his quarter-wave principle “the secret 
of tuning,” He said that “without the observation of this 
rule it is impossible to prevent the interference and 
insure the privacy of messages.” 

‘Tesla’s quarter-wave formula is still honored in 
calculating the length of antenna elements and is still 
useful in calculating an antenna-loading coil and for 
tuning circuits that haveacoil lone withoutacapacitor. 





building capacitors 

If you are building a variable (or any other) capacitor 
from scratch this formula is useful. It also helps you 
calculate the value of unmarked variables that you find 
{in surplus electronics stores: 


C= 224K Ald(n-1) 


Cis the capacity in picofarads (pf); Ais the area of one 
plate in square inches; d is the distance between the 
plates in inches; m is the number of plates. K is the 
Gislectric constant, an index of the insulative (dielec- 
tric) power of the material, air being the standard with 
aK of 1. You can more than double the K of a variable 
if you are clever enough to find a way to submerge the 
device in mineral oil, which has a K of 2.2.and you can 
‘more than quadruple the K in castor oil (4.7). Oil also 
ups the voltage-handing ability by a factor of ten or 
more. 

‘Testa built a salt-water capacitor for his Colorado 
magnifying transmitter, It consisted of salt-water in 
large mineral-water bottles immersed in a tank of salt- 
‘water, The “plates” are the salt-water, inside the bottles, 





and outside, The dielectric is the botle-glass. Tesla 
called the bottles “jars” (probably inthe tradition of the 
Leyden jar) and measured capacity by how many jars he 
connected into the circuit. You can build an adjustable 
salt-water capacitor out of beer boitles (See Testa Coil.) 


World System 
When the magnifying transmitter vower at Wardenclift 
was still under construction (1902), Tesla published a 
brochure advertising the project as a prototype for a 
global radio communications corporation. Called the 
World System inthe brochure, itwould serveasamulti- 
frequency wireless traffic center for all existing tele- 
phone, telograph, and stock-ticker services around the 
planet. Built on Tesla's earth-resonantradio principles, 
the System would also carry a universal time register, 
navigation beacons, and even facsimile transmissions. 
Itwould also be a global system of broadcasting. Tesla 
‘was among the first to suggest broadcasting ofnewsand 
entertainment to the public; only point-to-point signal- 
ling had been experimented with up to then. 

Tesla's tower was never completed beyond the 
rugged framing, and the World System fantasy col- 
lapsed when Tesla’s backing, from J.P, Morgan, was 
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pulled suddenly from under him, This crushing event 
Signalled the end of Tesla's official career. 

‘The system Tesla describes represents ahuge jump 
forward from any radio technology of Tesla’s docu- 
mented in his Colorado notes, his patents, or an ywhere 
else, The brochure suggestthe achievementof precisely 
tunable, high-Q, limitlessly powered transmitting of 
multiple channels from a single point, transmitting that 
could be voice-modulated as well. 

Little technical detail is given, but the promotional 
Titerature suggests that Tesla may have been planning to 
rely heavily on multiplex techniques to cut through 
noise, “My individualized system with transmitters 
emitting a wave complex and receivers comprising 
‘separate tuned elements cooperatively associated.” He 
called the technique a “combination lock” and boasted 
thatany degree of safety against statics or other kinds of 
disturbance can be obtained.” The receiver is so de- 
signed thattresponds “only through the joint action of 
the tuned elements.” 


Was Tesla a fascist? 

You have to wonder since his World System would 
hhave taken radio right off the bat into global ceatraliza- 
tion, a fantasy of control beyond the dreams even of the 
U.S. Navy. Asittumed out,aquarter century after Tesla 
proposed his System, broadcastradio, particularly within 


23 


radio tesla 
the U.S. was still quite diversified with hundreds of AM 
stations, most only running 100 to 500 watts. National 
networks were still undeveloped. Stations were owned 
Dyentreprencurs, local newspapers, colleges, churches, 
retailers. Giobal radio became the BBC and VOA. Even 
today, as multinational monopoly media is putting into 
place a decadent Hertzian equivalent of Tesla’s World 
System using satellites, including direct-satelite tv, the 
‘broadcasting of signals across national boundaries 1s 
hotly resisted at diplomatic and other levels, though this 
battle gets no coverage in the mainstream medi 

‘Tesla saw his World System as a civilizing force: 
“at will be very efficient in enlightenmg the masses, 
particularly instill 
sibleregions.” What did Teslamean b 
said, “No community can exist and prosper without 
rigid discipline.” He said, “Law and order absolutely 
require the maintenance of organized force.” Tesla said 
‘government “should prevent thebreeding ofthe unfit by 











sterilization and the deliberate guidance of the mating 
instinct.” 

‘Tesla is admired for his technological purism, his 
insistence that a machine possibility be carried to its 
logical conclusion. Society, too, was a machine, and it 
needed perfecting. The World System fitted into Tesla's 
ideals of social order. His logical conclusion for orga- 
nizing radio wasa system that was centralized, omnipo 
tent, and global. 


for more information 

Henley’s 222 Radio Circuit Design, 1922 vscuu-tube techno, 
Gscinstna (Lavsay) Teala'e Wark wills AC and Wireless, eed 
by Tes Resear Land Anderson Clwenty Fist Century Books) 
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TESLA, The True Wireless edited by George Trinkws 


In Nikola Tesla’s own words and in 21 
illustrations, this is the mventor’s final 








would allow. Can we transmit electric 
power 10 our homes and workplaces 
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Published statement on how radio, at the 
radical, really works. What is the true 
‘wireless? Tesla says the orthodox 
Hertzian radio we've been taught is a 
"fiction." “He insists that the amount of 
‘energy thal can be transmitted is “billions 
of times greater” than conventional radio 


‘High Voltage Press, P.O. Box 1525 
Portland, OR 97207, USA 
toll-free 877-263-1215 
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without wires? Can the unsightly and 
{ragile grid come down? Tesla claims his 
radio can dehver wireless power. This 
article of 1919 has been completely reset 
and redesigned for clarity. Includes an 
‘introduction by Trinkaus, explanstory 
notes, and information sources. 








5. Sensitive Device 


‘sla gave a lot of attention to the development 

of the ideal apparatus for detecting disturbances 

in the medium. ‘Testa let his imagination run 
{roe in his quest for the optimal “sensitive device,” as he 
called it 


the coherer 

Tesla's detector research was paralleled by many others 
at the time, The popular detector among radio experi- 
Inenters was the coherer. This is simply a short glass 
tube partly filled with small metal chips or filings. 
Strained to near-conduction by battery voltage, this 
‘carly semiconductorm ysteriously switches on when an 
oscillating disturbance is present. A tap is needed to 
‘eset the coherer back to nonconduction. Breaking the 
battery circuit also works, Tesla improved the coherer 
boy setting it into constant rotation at about 16 RPM so 
Mt would automatically reset. Changing the rate of rota- 
tlon controls sensitivity. In a patent he also mentions a 
vibrating coherer. Constant motion suspends the 
‘oherer’s chipsin space, making them moresusceptible 
to disturbances. 

“The coherer’s intemal chips or filings are ideally of 
uniform size. They are cleaned thoroughly in alcohol. 
Chips are ideally a mixture of nickel and silver, but 
thier conductive materials can be used. Ideally, the 
thumber is evacuated, but not necessarily 

‘Until 1902 the coherer was the only detector in 
‘wide use. It dropped out of use about 1912. Tesla must 
Nave regarded the coherer as a passably reliable sensi- 
live device because he used it in his robot (radio- 
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Tesla’s magnetic detector 


controlled) boat (patented 1898) and in his Colorado 
lightning-tracking experiments (1900). 











‘Tesla’s detectors 

‘Tesla explored the possibilities of many other sensitive 
devices. His patents show a rotating rectifier, a precur- 
sor to such static rectifying diodes as the crystal detec- 
tor. Tesla replaced his rotating rectifier with a vacuum- 
tube diode, This is mentioned in the Colorado notes but 
thereisnopatent. I'veseen mention of Teslaexhibiting, 
al the 1893 Chicago World's Fair, a vacuum-tube re- 
ceiver for voice and music. This must have used for its 
detector a vacuum diode. 

‘The idea of straining a device to near-conduction, 
asinthe coherer, he applied to adiode vacuum tube and 
to semiconductors having thin-film dielectrics. 

Another Tesla detector, limited to telegraphy, was 
visual. It used the deposit of a thin film on a glass 
surface. An iodine solution, upon being stimulated by 
a radio disturbance, releases a conductive haloid film 
‘ontothe glasé screen. Battery current, conducted through 
the film, destroys it, thus erasing the screen. A sort of 
telegraphic ty, this is a precursor of the liquid-crystal 
display. 

Tesla’s Colorado notes show a magnetic detector. 
Itconsists of a coil of many hundreds of turns of fine 
wire around glass-enclosed wires of soft iron which are ~ 
‘magnetically stimulated bya disturbance, Marconi used 
a""magnetic detector” that worked on another principle. 
‘A pair of horseshoe magnets slowly revolved over an 
clectro-magnet the windings of which were connected 
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coherer receiver 
to earphones, This detector was the immediate succes- 








sor to the coherer. 

Tesla noticed that the megavolt streamers from his 
Colorado coils were extremely responsive to the slight- 
estchanges in etheric conditionsand wondered how this 
phenomenon might be applied to the sensitive device, 
Later, working with high-voltage, high-frequency cur- 
rents in vacuum, he discovered the “rotating brush.” 
‘This is an eerie emanation, a brush discharge, from a 
spherical conductor exactly centered in a glass bulb. 
‘The device resembles the familiar plasma globes, but 
these contain gases, The results differeat in a vacuum. 
‘The brush resolves intoa rotating ray so sensitive that if 
youapproach itfrom a few paces it will turn away from 
you. Testa found that a small one-inch magnet “will 
affect it visibly at a distance of two meters, slowing 
down or accelerating the rotation according to how it’s 
held relative to the brush.” There is no information on 
how Testa planned to hamess the rotating brush as a 
sensitive device, but he wrote that it was “undoubtedly 
the most delicate wireless detector known.” 





Tesla’s receivers 

Over 50 different receiver circuits are to be found in 
Tesla's Colorado notes. These art various configura- 
tions of sensitive device, tuning coil, capacitor, rotary 
interrupter, and battery source. If early radio engineers 
had studied these notes (But how could they have since 
they were not published until 19782), they would have 
found circuits that lay the foundation fortwo receivers 
which would dominate the history of radio: the rexen- 
erative, and the superhetrodyne, 
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Most of Tesla’s receivers have one or more continu- 
‘ously moving parts, an offensive ideain this age of solid 
slate. Tesla’s coherer rotated, and so did his rectifying 
diode, Central to Testa’s receiver designs is another 
continously moving part, a rotary “break” or switch 
used to discharge the capacitor at the proper intervals. 
‘The break discharges the capacitor through a sounder. 
{tis a device that magnifies effects, 

All the moving parts notwithstanding, Teslaallows 
for semiconductors to do the job of the mechanical 
break. “The devices,” he says in an 1898 patent, “may 
‘consist of merely two stationary electrodes separated by 
a feeble diclectric layer of minute thickness.” Tesla's 
‘experience with spark gaps must have attuned himto the 
possibilities, He writes of thin insulative films serving 
as dielectrics. The patents offer no drawings or verbal 
detail. How far Tesla took these thin-film semiconduc- 
tor ideas experimentally Ido not know. 


radio-free energy 
Central to Tesla’s receivers was the use of capacitors to 
store and release energy and to magnify effects: “How- 
ever feeble or attenuated the impulses received, enough 
‘energy may be accumulated from them by storing up the 
energy of succeeding impulses for a sufficient interval 
of time to render the sudden liberation of it highly 
effective in operating a receiver.” By “receiver” here 











Patent Hos 6134809 (1858) 


Tesla's robot boat 









































Tesla's coherer receiver 


‘Tosla means sounder. It probably took a fair amount of 
‘energy todrive the sounder, especially if what Tesla had 
ln mind was the old magnetic click sounder used in 
wired telegraphy. 

‘Tesla’s free-energy patent (685,957) was filed at 
fnbout the same time (1901) as a string of his radio 
‘feociver patents and is, in facta kind of radio receiver. 
Asinhisradioreceiving circuits Testa isusing precisely 
Aimed capacitive discharges to magnify effects. Timing 
ln tuning and is critical whether receiving signals or 
‘eallecting energy at levels sufficient to do work. 

‘The capacitors suitable for energy applications, 
Tosla says, should be “of considerable electrostatic 
‘upacity,” and the dielectrics made of “the best quality 
inca.” 





the crystal set 
‘Me simplest detector diode is the crystal, a sensitive 























Tesla’s rotating rectifier 
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device with a long and illustrious history in radio. Itis 
notclear how close Tesla came to thiskind of solid-state 
rectifying diode; he may have gone from the rotating 
rectifier to the vacuum diode unaware of the crystal 
principle, but I doubt it. 

‘The crystal setis the simplest receiver in radio, and 
the tradition of crystal-set building persists even into 
this “high tech” era wedded to impressive complexity. 
‘You can build a crystal set using an inexpensive diode 
from Radio Shack. The traditional rock crystal with 
cat's whisker is still available from Antique Radio 
‘Supply, as is the high-impedence headset that enables 
‘you to listen to crystal and other elemental receivers 
‘without amplification. The cat's-whisker crystal was 
mass-produced in the Crystal Age enclosed in a glass 








rotating brush 

‘conductive powter. oltew apbere 

high youu outer globe 

rerkfied exe Aner compartment 
‘Tesla's rotating brush 








envelopeand with the cat’s whisker welded tothe active 
spot. Although germanium became the dominant rec- 
tifying material for diodes, similar detectors show up in 
the literature where the same rectification is accom- 
plished with junction to less exotic materials: an acid 
solution, an electrolytic solution, a piece of strap iron. 
Soon after WWII there appeared a “Yoxhole” radio 
hich used for its detector safety pin and arazorblade 
of the no-longer-available blued-steel type. Ibuiltone, 
and itworked. 

The crystal set is the simplest receiver you can 
build. White single tuning (tank) circuit migh’ workin 
the country, in the city one strong station may over- 
‘whelm all others unless multiple tuning ciscuits are 
used. A crystal set with two oF more tuned circuitsis the 
simplest practical radio receiver. 
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Parant Hoy 685,957 (1901) 
Tesla’s free-energy device 








the regenerative 
‘Tesla laid the foundation for the regenerative receiver. 
‘The vacuum-tube version, creditedto Edwin Armstrong, 
was the receiver that succeeded the crystal set in the 
development of radio, “Regenerative” refers to the 
recirculating of the signal vibrating in the coil back into 
the sensitive device so as to further excite it. This 
feedbackis another of Tesla's strategies for magnifying, 
‘effects, and he knew about it early on from the self 
‘excitation circuits he used in some of his dynamos. 
‘The regenerative feedback link in Tesla’s regen- 
‘erative is a coil adjacent to the main tuning coil. In the 
‘vacuum-tube regens this became known as the “tickler 
coil.” In some regen circuits the feedback link was 
through a capacitor, which could be a variable, Tesla 

















F_ basic crystal set 





did not patent the regen but shows many circuit varia- 
tions of the idea in his Colorado notes, where he ob- 
serves hat thad “many valuable usessince by its means 
effects too feeble 10 be recorded in other ways may be 
rendered sufficiently strong to cause the operation of 
any suitable device,” 

“The regen isone ofthe forgotien magical circuits of 
radio, but only recently forgotien. Familiar to every 
student of radio atleast up through the *60's, itis not to 
be found in recent editions of The Radio Amateurs 
Handbook. 

‘Though a regen often has a stage or two of ampli- 
fication, anunamplified,single-stageregen having only 
a dozen parts is an effective listening tool for a wide 
range of frequencies from low through short wave. (As 
in other elemental receivers, high-impedence head 
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some diode detectors 











Phones are used, These differ from other Phones in that 
there are many more turns of finer wire on the electro- 
‘magnets, a technique to magnify effects, as in Tesla's 
magnetic detector.) Theregen is sensitive and discrimi- 
nating. As is, without any additional circuitry, a regen 
can receive code and both AM and single-sideband 


In my youth I built a one-tube, 4-band, shortwave 
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delicate junctions and tenuous conductors within 
integrated circuits and other solid-state devices are 
particularly prone to vaporization. (Vacuum-tube 
devicesare said tobe ten-thousand times moreresistant.) 
It’s been speculated that a nuke exploded 200 miles 
above Nebraska would dud all unprotected solid-state 
circuitry in the continental United States. Particularly 
vulnerableare components connected to the power grid, 
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label on Radio Shack IC package 




















‘authar's “lowefrequency regenerative 





‘to telephone lines, and to antennas, Magnetic memory 
‘could also be erased. While large institutions have been 
‘cued to this contingency and are moving ahead with the 
hardening of computer and communications facilities, 
the general public islargely oblivious tothe fact thatthe 
entire “high tech” electronic cultureis EMP-cancellable 
ata stoke, 

‘This same vulnerability of solid-state devices to 
shock makes them a headache for the builder experi- 
‘menter, The ability to plug these ltd items into bread- 
boards is a big step forward in convenience, but, when 
acircuitfails, theexperimenteris eftwondering whether 
‘his hook-up is flawed or has the IC or transistor blown 
due to excess heat in sollering, some miniscule excess 
of current or voltage, from reversed polarity, some 
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ike static discharge, orkickback from some 
related high-voltage component, 

‘The same cheap mass production of transistors and 
IC’s thathas made possible the world of digital has also 
‘encouraged the corruption of the quality of electronic 
‘components across the board. Switches, pots, audio 
transformers, variable capacitors, once built with integ- 
Fity have become cheaply made mini-junk, and this is 
often the only stuff readily available to experimenters, 
Parts suitable for transmitters, tesla coils, and other 
high-voltage, high-current work, like power transform- 
rs, heavy-duty wire-wound pots, chokes, high-watt 
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‘resistors, transmitter variables, vacuum tubes, and insu- 
lators, must be obtained from surplus sources. For 
cxperimenters mini-junk electronics also means tiny, 
brittle, vexatious, finger-puncturing, eye-strainingcon- 
nection terminals where there used to be hefty lead 
Wires or sturdy posts. 

‘Miniaturization did not become an obsession until 
the 1950's and the advent ofthe miniature and “acorn” 
lubes. The fashion ultimately reduced the size of all 
‘Components to the minimum, including coils. But for- 
imerly, the size of a coil was correlated with its power. 
“Note the difference in size,” said an ad in an Electrical 
Experimenter magazine of 1917. The ad illustrated a 


15,000-meter ham antenna-loading coil against a 
competitor's smaller counterpart. The advertised coil’s 
diameter was 10 inches, its length 32. A typical Tesla 
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receiving coil was 25 inches in diameter. Tesla built 
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6. Aerial Capacity 


hat ball sticking up in the air that is so symbolic 
of Tesla’s radio: What is it? Some sort of an- 
tena? Actually, Tesla never referred toitas an 
antenna but as an “serial” or “air capacity” or as an 
“elevated capacity.” Tesla did not see the elevated ball 
as aradiator, which is how the transmitting antenna of 
conventional Hertzian radio is construed. The aerial 
capacity corresponds tothe terminal capacitor ofa tesla 
coil. Tesla said that in radio the aerial capacity “height- 
ened the effect” of what is essentially a grounded 
system, Electrically, in transmitting, it appears to pro- 
videa capacitive leverage against whichto pump ground. 
The ball shape also holds high voltage, minimizing 
coronal discharge and loss. 
‘Theball aerial appears on Tesla's receivers as well 





son his transmitters, Tesla understood that along wire 
(esinalong-wire antenna) had capacity buthe believed 
the sphere was the efficient geometry, “By using a body 
‘of considerable urface...betterresults.are obtained than 
‘a wire leading to a height alone... The system is more 
‘economical in providing an electrical vibration in the 
sound,” This would be especially true at low frequen- 
cies that would require a wire of inordinate length 
Tesla’s Colorado transmitter when operating at 60 ke 
would have required a half-wave wire antenna 2500 
meters long if modem antenna conventions had been 
observed. 

Tesla also believed that the idea of polarizing, or 
putting into parallel, transmitting and receiving anten- 
‘has was nonsense, On his Colorado magnifying trans- 
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‘miter, Tesla used a hollow copper sphere only 30 
ches in diameter. It was thickly coated with rubber 
{nsulation, Insulated or not, the ball terminal reduces to 
‘ minimum the problem of streamers breaking out at 
high electrical pressures, since those jump more readily 
Irom angular surfaces, Tesla experimented extensively 
\with the effect of the ball’ sheight. Anincrease in height 
‘caused an increase in the effective capacity of the ball, 
‘Tesla discovered. (However, of Hertzian radio, Tesla 
said,"*The actions at adistance cannot be proportionate. 
(o the height of the antenna or the current in same.") 
‘The ball worked for Tesla but so did other geom- 
tries. In Colorado Tesla experimented with a structure 
of iron pipes as an aerial capacity. He said the aerial 
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Tesla's opposing-ball capacitor 


" swpscity could be a cylinder with hemispheric ends, or 
Wi could be a toroid. Tesla suggested that a coil of 
insulated wire put aloft would suffice, He said any 
Aiollow vessel, like.a ball, could be filled with agas like 
liydrogen at low pressure for better effect. Some of 
‘Vonla’s receiver schematics show the aerial capacity as 
‘ssimple metal plate, 

‘The ball capacitor shows up in other Tesla circuits 
ces aerial, consisting of a capacitor of wo opposing 
illow balls. 


ypacitive antennas 
capacitive hat” appears as an occasional element 
jodern antenna design. Although the texts explainit 
jvomething that “improves radiating efficiency,” it's 
{nthe nomenclature as a “capacitive hat.” Capaci- 
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elleal antenna #1th 
Skpecitive hee 


capacitive hats 





tive hats appear frequently in low-frequency radio: in 
the antenna systems of navigational beacons, of LO- 
RAN, of GWEN, and among LowFERs, The capacitive 
hhatappearson top ofthe helical antenna, which, as coil 
of wire aloft, might itself qualify as an aerial capacity. 
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medium-, and shortwave bands.) Does the wansmitier 
‘orreceiver"'see” the treeasa Tesla-style aerial capacity? 


loops 

‘Loop antennas abound in radio and suggest Tesia's 
clevated-coil idea. Youcan easily build your own using 
PVC tubing for the structure. For strength, use one-inch 
schedule 40 tubing instead of the 1/2inch [used (photo). 











tree as antenna author's loop antenna 
Is the loading coil on a center- or top-loading whip ‘The shielded loop appears in the LowFER receiver 
“seen” as an acral capacity? literature as a noise-reduction strategy. The shielding 


Inthe radio literature of the 1920's there are refer- 
ences to a “capacitive antenna.” This consisted of a 
sheet of metal or a wire screen aloft or, alternatively, 
‘where a ground connection was distant, a sheet of metal 
or screen aloft and another below, the two separated by 
10 to 15 feet. Recommended as an indoor alternative 
‘where an outdoor antenna cannot be put up, the upper 
clement could be placed in an attic, the lower, if any, 
under the carpet. 

Hertzian antennas, like the ham array and the CB 
whip, are flags announcing the presence of a transmit- 
ter, Are they necessary? 

‘Loomis sentkitesaloftasacrials; they were covered 
with copper gauze. Loomis also observed that a tree 
‘could be used as a receiving antenna, and others have 
discovered the tree as a transmitting antenna as well. 
I've seen no mention of frequencies in the tree-as- 
antennaliterature, which comes from thelow-frequency 
era, (Tve tried it for receiving, and it works on long-, 
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‘excludes the magneticcomponentof disturbances while 
the loop inside responds only to the electrostatic, ac- 
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cording to the literature. A preamp is a good idea with 
any loop. 


studded mushroom 

‘Tesla's magnifying transmitter patent shows a toroid- 
shaped aerial capacity. Itis studded with half-spherical 
‘etal plates, presumably to enlarge the surface without 
Increasing by much the bulk. The ultimate Tesla aerial 
capacity is the studded mushroom that topped 
Wardencliff tower. Its diameter was68 feet. The studding, 
may have been parabolic rather than strictly 
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Tesla's magnifying transmitter 
aerial capacity 
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Wardenciiff aerial capacity 
(artist's conception) 


hemispherical. Thereisnotmuch information aboutthe 
tower, and Tesla’sreasoningbehind the strange geometry 
is not Fully understood, 

The notion of aerial capacity has little currency 
‘outside of Tesla-land. What would antennas be like if 
they Were reinvented, not as senders and receivers of 
Hertzian radiation, but as aerial capacitors? 


for more information 
ElectrieSpaceera® Journal ed. by Charles You has some interesting 
speculations on Wardenclif'stemminal. (P.O. Box 18387, Ashville, 
NC 28814). Trees as Antennas (Rex Research), 
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tank tables 


To calculate the appropriate values for any tank coil 
and capacitor to resonate at a particular frequency, I 
find these tables from a 1928 technical-school text 
clear and useful.. They are also useful for engineering 
fa tesla coil, The column headed “LC” contains 
numbers representing the “oscillation constant.” This 
is the number you get by multiplying the capacitance 
in microfarads by the inductance in microhenties, If 
you know one value, you can get the other by 
division. The frequency in column two is in cycles; 
lop off three zeros for kilocycles. See pages 21-22. 

Usually the variable capacitor will be the known 
and the coil the unknown. Variables are rated in 
picofarads. Move the decimal point six places to the 
Teftto get microfarads. 
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Dedication 


This work is dedicated to those rare and courageous individuals who have 
boundless curiosity in their hearts and minds intensely pursuing a Greater 
Truth about themselves and the universe in which they live and have their 
being. They are critical thinking rebels recognizing the status quo does 
not satisfy their constant and persistent questioning of every thing or idea 
whether trivial or held as sacred dogma. 


“Here’s to the crazy ones. The misfits. The rebels. The troublemakers. 
The round pegs in the square holes. The ones who see things differently. 
They’re not fond of rules. And they have no respect for the status quo. You 
can quote them, disagree with them, glorify or vilify them. About the only 
thing you can’t do is ignore them. Because they change things. They push 
the human race forward. And while some may see them as the crazy ones, 
we see genius. Because the people who are crazy enough to think they can 
change the world, are the ones who do.” Apple Computers 


Forward 


“There are times in life when all the stars seem to align for us. This 
work, for Dale Pond, is one of those moments! Dale has worked to recap- 
ture John Keely’s fragmented work for over three decades and collate this 
collection of fragmented footnotes back into John Keely’s coherent science 
called Sympathetic Vibratory Physics [SVP]. I have known Dale personally 
for twelve years and studied along side him the works of John Keely. It took 
me many years to understand in a coherent manner what John Keely was 
saying. A lot of this confusion was due to his works being so fragmented. 
Dale has completed and is still working on his SVPwiki.com, which inte- 
grates so many others’ works that support the threads of John Keely. Still 
one must be deeply committed to the study to pick up the basic corollary 
concepts to develop a clear image of this new science discipline. “Well, 
no longer! This new publication of Dale Pond’s is surely his greatest work 
and most fundamental. Here he has laid out basic building blocks of Sym- 
pathetic Vibratory Physics in a sequential coherent pattern that helps the 
reader circumvent years of study to reveal an understanding of this science. 

“John Keely was a thousand years ahead of today’s quantum physicist 
understanding of the basic building blocks of the Universe. John Keely saw 
it as a three dimensional construct of radially vibrating energy systems from 
centers in proportional progressive values filling all the plenum of the Uni- 
verse. He understood through repeatable experimentation the character of 
this primal energy construct and how to manipulate it’s present stable res- 
onate fundamental states - known matter into new ones - yet undiscovered 
by modern man. Also, along the way he discovered many wonderful, what 
would seem magical, characteristics of these new states of matter and force. 

“The possible progression from here as I see it, for Dale Pond, is forward 
into applied application of this now defined science for humanity’s new age.” 


Jerry Williams 
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Preface 


0.1 What this book is 


This book is a culmination of a two year epiphany. In early 2011 I began 
sensing there is more to the concept and state of polarity than previously 
thought by anyone save Keely. In July of that year I attempted to speak of 
this new insight at the Extraordinary Science Conference in Albuquerque. 
That attempt failed. 


Then in October of 2013 the idea gelled - I got it! This book then is an 
expression of that two year epiphany and over a year of writing. 


This work attempts to explain the unrecognized nature, construction and 
dynamics of vibration, oscillation and toroids with their polar dynamics as 
also to clarify Professor Daniel Brinton’s! description of Keely’s ideas within 
his article “Laws of Being”? revealing Keely’s technique for understanding 
and manipulating the periodic nature of matter and energy’. This Brinton 
article (Chapter 7 - Laws of Being) is central to this document. 


Two prior versions of this book have been issued. This version (2.2 or 4th 
edit) is a rewrite of the previous versions and has been expanded, reorga- 
nized and retitled. The chapters coming before Chapter 7 are foundational 
materials to understanding Chapter 7. The chapters coming after Chapter 7 
are consequential to it. 


Keely developed what seems to be entire fields of research mostly akin to 
our non-classical quantum physics and quantum mechanics decades before 
these fields existed*. Keely was splitting the atom in the 1880s° working on 
his own and with few resources fifty years before mainstream science had a 
clue. Conventional science at that time period considered the atom to be 
indivisible. Yet here was Keely splitting the atom and releasing its awesome 





‘(Daniel Brinton] 

? Appendix I and II 

3see Appendix III - Ultimate Constitution of Matter 
4\Sympathetic Vibratory Physics] 

°{Keelys Accomplishments] 
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powers. Because the scientists and engineers “knew” this was impossible 
most would not could not believe what Keely was demonstrating to them. 
Political correctness (dogma and doctrine) didn’t work well then either. 


It should further be noted Keely worked with the forces and laws that gov- 
ern matter and energy (non-classical physics). Conventional science and 
engineering works with things and their motions (classical physics). The dis- 
tinction between these two very different fields is all important. Most people 
who have witnessed or read Keely and Russell look at their work from the 
classical viewpoint and miss everything that was intended. Their first reac- 
tion is to condemn Keely and Russell for no other reason than they did not 
understand - not because Keely and Russell were wrong which they weren’t. 
They were simply too far ahead of their time and everyone else’s comprehen- 
sion. 


Unfortunately, or fortunately, Keely’s research lab notes, books® and pub- 
lications have not been available wherewith all his work could be studied. 
Therefore this book is limited to exploring Brinton’s paper as also the sup- 
porting definitions and explanations required to grasp the subject matter. 


0.2 Hindsight is mostly 20/20 


Within Keely’s philosophy and science are several fundamental concepts sub- 
stantially different from conventional understandings. It must be remem- 
bered Keely developed these ideas years and sometimes decades before simi- 
lar concepts were imagined or considered by orthodox science. After years of 
study it has been found these points to be not only essential to understand- 
ing Keely’s work but they are also more accurate conceptualizations. His 
work has a consistency, continuity, completeness and homogeneity not seen 
in other earlier models. 


Essentially Keely discovered quantum mechanics and quantum physics decades 
before these fields were suspected to exist. He further devised means to power 
and operate mechanical devices’ with these quantum energy level forces - 
a feat that has yet to be fully achieved by modern science and engineer- 





°[Keelys Lost Books] 
lKeelys Mechanical Inventions and Instruments] 


ing. Keely’s focus was primarily on 1) power development and production, ® 
whether by pressure from dissociated matter or rotation 2) discovering and 
harnessing the ultimate Source® of all energy 3) demonstrating Mind is that 
ultimate source and 4) developing and proving out his theories through his 
many devices. !° 


0.3 Original Concepts 


A few of Keely’s original concepts that are somewhat different than conven- 
tional concepts would be but are not limited to: 


e What vibration and oscillation (periodic motion) are. 
e Causative (Scalar) constituent components of vibratory motion. 


e Dynamical and structural nature of matter and its association with 
force and energy. 


e Mind Force as primordial source of matter and energy. 


e Fundamental definitions of basic manifestations of forces and energies 
such as 


1. Electricity 

2. Magnetism 

3. Gravity 

4. Mind / Consciousness 

5. Vibration and Oscillation 


While many correspondences have been identified between Keely’s work and 
conventional science some like the ones above have no clear correspondence or 
translation. These are new (for us) concepts and constitutes a new paradigm. 
It has been found the theories and philosophy of Walter Russell!! coincides 





8[Apergy - Power Without Cost] 

°(Source] 

10/Keelys Mechanical Inventions and Instruments] 

"University of Science and Philosophy http://www.philosophy.org 
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with, compliments and supports in countless ways Keely’s ideas. Hence some 
Russell ideas and artwork are used throughout this book. The few Russell 
ideas incorporated herein are not all that compliment Keely’s work as it 
would require several volumes to illustrate Russell’s work alone. Both their 
works are vast if not outright encyclopedic in scope. The focus of this work 
is fairly concentrated and does not attempt to cover the entire gamut of their 
philosophies and sciences. 


0.4 Analog Signal Generators 


Keely developed his science and machines in a time before there were elec- 
tronic or digital instruments such as signal generators, microphones, ampli- 
fiers, signal conditioners, synthesizers, transducers, accelerometers, speakers, 
etc. Therefore he made use of what was at hand - music instruments and 
simple disk, rod, cavity and string resonators were his signal generators. He 
invented devices to produce and test for frequencies in the high ranges of 
etheric and mind vibrations. A violin, zither, harmonica, stretched strings, 
tube resonators and chladni plates (gongs) among other simple and complex 
devices supplied his acoustic signals (simple frequencies) and chords (com- 
plex wave forms). He also developed precious metal wires and beads” that 
somehow multiplied multiple frequencies and conducted them without resis- 
tance. Peppered throughout the literature are many references to his copious 
use of diverse music instruments employed to excite various responses from 
his many devices. Below is a picture of one such device using a zither as part 
of a much more complicated device that also has within it rod, sphere, tube 
and plate resonators and a simple horn adorning its top. 





!2/Trexar], [Bixar], [Trextrinar] 
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Figure 1: Example of an analog zither as acoustic source 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/zither.jpg 


0.5 Music as an Engineering Tool 


Music is orderly organized sound. Noise is disorderly unorganized sound. 
Music allows the intelligent use of simple (notes) and complex tones (chords), 
time, amplitude, concord and discord (the basis of all vibration), wave form 
control and how these tools can be used. The study of music science in- 
corporates numbers, arithmetic, geometry, history, philosophy and acoustics. 
Music is not unlike a shorthand approach to acoustics. Music is of the Whole 
Mind connecting physical science with higher states of consciousness. 


‘Tt (the study of music) gives (a knowledge of) a rhythm that is as necessary 
as law, in making any success in a material experience. Some knowledge of 
music and some knowledge of law are necessary in the experience of every 
male individual.” Cayce (903-3,4) 
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“That was a happy inspiration which led the Quintet Club, of Philadelphia, 
to pay a visit to the workshop of Keely a few weeks ago. Its members had been 
told that the illustrious inventor had employed the power of music to develop 
the wonderful forces of nature, and evolve by a law of sympathetic vibrations 
a mighty energy through the disintegration of a few drops of water. Naturally 
they were anxious to go. They were familiar with the claim by Paganini that 
he could throw down a building if he knew the chord of the mass‘? of masonry, 
and wanted to know if it were possible that the dreams of the great violinist 
is realized at last. 


“So nearly as can be made out from the mysterious language of the man 
of many promises, there is a harmony of the universe’ that is controllable 
by the strains of music. Each of the molecules composing a mass of matter 
is ina state of incessant oscillation, and these movements can be so much 
changed by means of musical vibration that the matter will be disintegrated’, 
its constituent molecules fly apart, and a propulsive force be generated sim- 
ilar to that which is evolved by the touching of a match to a single grain 
of powder stored in a magazine. He holds that matter is nothing but forces 
held in equilibrium, and that if the equilibrium be once destroyed’® the most 
tremendous consequences will ensue. 


“According to the report, he proved to the satisfaction of more than one mem- 
ber of the club that he has already discovered the means of calling out this 
force, and is able to partially control it. In their presence he caused a heavy 
sphere to rotate rapidly or slowly, according to the notes given by the instru- 
ment on which he played. The sphere was so isolated as to prove that it could 
not be acted on by electricity or in any other way than by the sound waves. 
He disintegrated water’ into what he calls “etheric vapor”'® by means of a 
tuning fork and a zither. The disintegration of only four drops of water pro- 
duced a pressure of 27,000 pounds! to the square inch, and three drops of 





chord of mass] 

see [Sympathy] 

MS 'DISINTEGRATION OF MATTER - THREE SYSTEMS] 
Disturbance of Equilibrium] 

17'THEORY AND FORMULA OF AQUEOUS DISINTEGRATION] 
18/Etheric Vapor] 

19/PRESSURES PRODUCED BY VIBRATION] 
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the harmless liquid fired off a cannon”® with a tremendous roar.”?+ 


Music incorporates ratio and proportion - the very base constructive ele- 
ments of vibrations and oscillations. 


0.6 A word of warning 


It is highly unlikely the reader will grasp the entirety of this material on the 
first or second read through. One must learn the background ideas, basic or 
underlying definitions and concepts before the Light dawns in consciousness. 
This is not unlike learning a new language which does take some time, effort 
and consequent shifts in consciousness. Do not give up if you don’t get SVP 





within the first five minutes! What you are learning here is PhD level or 
higher. It takes years of study to earn a PhD - SVP is no different in its 
level of commitment and materials except that SVP is far more interesting 
and satisfying. 





Do not now or in the future presume what is presented here is the Truth 
carved in stone. Some is undoubtedly accurate while some not so much. Use 
your own discernment at all times. This book is my take on these ideas. It 
is my ‘best guess’ after years of careful study and deep contemplation. No 
doubt many will interpret Keely’s work differently which is completely OK 
with me. It will, in my opinion, take many more years if not decades before 
Keely’s work is sorted out, understood and applicable for humanity’s benefit. 
The same goes for Russell’s many books and drawings. To do a thorough 
effort to cover and decipher all that material would take a properly focused 
and funded team decades of dedicated effort - in my opinion. 


0.7 How to use this book 


Where terms or phrases are enclosed in brackets ({ |) the reader is encouraged 
to look these up within the svpwiki.com. These bracketed terms are mostly 
in the footnotes at the bottom of each page. If a concept, word or phrase 
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is not understood look it up. A good dictionary resource is onelook.com”?. 
Learning Keely is learning a new jargon describing a new paradigm - it takes 
time to assimilate these new-to-us ideas. On top of that one is obliged to 
learn the jargons of several fields such as quantum mechanics and physics, 
chemistry, math, music, acoustics, metaphysics and several others. It then is 
a hard climb to the peak of understanding but the view will be worth it. 


Due to the nature and expense of the printing process, especially color, 
imbedded images are black and white smaller low resolution facsimiles of 
the originals to which have been included below each image a link to the 
original color and/or higher resolution image. 


0.8 Generalities and Idealism 


The concepts covered herein are mostly generalities. There are some specifics. 
Usually a general concept is idealized for simplicity’s sake. All phenomena are 
subject to countless influences, some major and some quite subtle all causing 
some degree of modulation in the simple models presented. A good example 
covered in ‘Chapter 12 - Vortices and Toroids’. A torus is usually presented 
looking somewhat like a common donut. This is a gross over-simplification 
as the structural and functional elements in toroids are many, complex and 
dynamic. The treatment on these complex toroid structures and dynamics 
takes the basic idea then ventures into a bit more detail. One’s lifetime 
is not enough to cover all the details of all the subjects touched on within 
Sympathetic Vibratory Physics [SVP]*?. ll do what I can to provide details 
as Iam able. Other unresolved details are left for later writings and to those 
so interested and driven to ferret them out. 


Dale Pond?* 
La Junta, Colorado 





?2Tt has been found the older dictionaries are better to understand Keely and the science 
of that time period than newer dictionaries. 

3/Sympathetic Vibratory Physics] 
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Chapter 1 


Ether as a Working Fluid 


1.1 Something old something new 


Has the Victorian Ether! been rediscovered? I believe it has. Science has 
been brow-beat to never ever use the term “ether” or else. Such a threat 
has perpetuated a clear state of ignorance in direct proportion to holding 
back true scientific progress. The too often used blanket statement “Ether 
does not exist” is nothing short of dogma and therefore decidedly unscientific. 
But no one (openly) questions that statement out of reactionary inquisitional 
fear. Had any questioned it they would have seen the term “ether” is 1) a 
general concept and not specific and 2) there is obviously ‘something’ unseen 
and unacknowledged operating at finer levels of 3) classifications or states 
of matter and energy. It would require a book-length expose to show not 
only does the ether exist and has always existed but it is now being seen by 
conventional science under different eyes because the general catch-all term 
‘elemental particle’ is being applied to a multitude of new classifications of 
sub-atomic or quantum entities both elementary and composite. We could 
take all these ‘new’ quantum entities or higher classifications of matter and 
energy states and interactions and lump them under the term “ether” and 
we would then know what ether is. Ether to SVP is simultaneously a ‘clas- 
sification’ or ‘state’ and depending on context a ‘thing’. This puts us into a 
nice position of understanding what Keely called “Ether”, “Etheric Vapor” ?, 
etc. and still be on a solid scientific footing which none could successfully 





1 Ether] 
?[Etheric Vapor] 
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assail. 


Quark-Gluon Plasma (QGP) “The strength of the color force means that 
unlike the gas-like plasma, quark-gluon plasma (QGP) behaves as a near- 
ideal Fermi liquid, although research on flow characteristics is ongoing. In 
the quark matter phase diagram, QGP is placed in the high-temperature, 
high-density regime; whereas, ordinary matter is a cold and rarefied mixture 
of nuclei and vacuum, and the hypothetical quark stars would consist of rel- 
atively cold, but dense quark matter.” 


Compare the above description to 


Liquid Ether “The atomolic* substance is what is termed the ether which 
fills all space and is the transmitting medium for all celestial and terrestrial 
forces. This is the liquid ether of occult science.” Keely 


Both named substance are 1) subatomic entities, 2) liquids and are 3) con- 
ducting or transmitting? mediums of/for diverse forces. I do not at this 
point consider QCP as elementary as it is a composite conventionally classi- 
fied within the “Very high energy state” of matter and energy. It therefore 
ought to be classified to correlate with Keely’s Interetheric subdivision®. To 
ferret out all this “new” information one could begin with the svpwiki.com 
pages “State” and “Subdivision” then proceed to Wikipedia, States of Mat- 
ter, etc. Again many volumes could be researched and written about this 
one aspect of SVP correlated to conventional science. 


1.2 Energy Levels 


For the purposes of this document “Ether” (quantum energy level substances) 
is considered as a Working Fluzd not unlike refrigerants in a cooling system 
where liquid is converted into gas state then back to liquid state by vary- 
ing pressure and temperature. Molecular substances that can undergo this 
type of repeating phase change without changing their chemistry are called 





3Wikipedia/Quark-Gluon Plasma 
4letheric] 

°{Connecting Link] 

® [Subdivision] 


1.3. CLASSIFICATION OF ENERGY LEVELS, STATES OR PHASES29 


azeotropic fluids of which there are a great variety on the market. The only 
thing that changes within such a system is the Wave Function’ (mathemat- 
ically defined state) of the Working Fluid. In this context Ether, being and 
viewed as an azeotropic fluid, may be (generally speaking) 


Molecular, as in liquid water or water vapor (composed of molecules) 
Atomic, as in Hydrogen and Oxygen and (composed of atoms) 


Etheric, as in Electrons, Protons, Neutrons, Photons, Quarks and Glu- 
ons, etc. of which there are a great variety. (composed of quantum entities) 


Hence there are many types and variations of these three main classifica- 
tions each possessing their own identifying state or Wave Function. These 
states or Wave Functions are interchangeable according to Keely’s Law of 
Transformation of Forces®. The first two above states operate within what is 
called classical physics (sometimes called Newtonian Physics, 3D, material- 
ity, maya, etc.) and obey its laws. The third state or classification operates 
within non-classical physics (sometimes referred to as Quantum Physics, 
Quantum Mechanics, Quantum Electrodynamics, Subtle Energy Physics, 
Mind Physics, Scalar Physics or Spiritual Physics). As is well known the 
third state or classification of non-classical physics does not operate accord- 
ing to principles of classical physics even though many foolishly attempt to 
apply classical physics laws to these subtler (non-classical) states of matter 
and energy. 


1.3 Classification of Energy Levels, States or 
Phases 


SVP establishes a seven-level matter and energy classification having the 
three main divisions of molecule, atom and ether. The modern classification 
is not as simple or neat. Modern science has identified multiple classes or 
types of associations of quantum entities. Several of these associative states 
are theoretical meaning they are hypothesized but not yet “proven”. Several 
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others are well established and accepted.? The modern states that are listed 
below may be associated with Keely’s “Etheric” state or subdivision are (but 
not limited to) 


I - Low Temperature states 
1. Superfluid 

2. Bose-Einstein condensate 

3. Fermionic condensate 

4. Rydberg molecule 

5. Quantum Hall state 

6. Strange matter 

7. Photonic matter 


II - High-energy states 


1. Degenerate matter 
2. Quark-gluon matter 1° 


3. Color-glass condensate 


III - Very high energy states 


The High-energy states may be considered in this document as ‘states of 
ether’ of which there are countless variations. It is not our intent to delve 
into the intricate details of these states. If is however our intent to explore 
and clarify how some aspects of these etheric states associate, behave and 
have their being. These high energy states as defined as ether or ‘atomolic 
substances’: 


“The atomolic substance is what is termed the ether which fills all space 
and is the transmitting medium for all celestial and terrestrial forces. This 
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is the liquid ether of occult science.” Keely 


“For convenience’ sake we will use the term atomolic in place of etheric 
in our subsequent definitions.” Keely!! 


1.4 Michelson-Morley 


Keely’s quantum discovery work preceded even the discovery of the electron 
in the early 1890s!?. Keely’s pioneering work with splitting the atom into its 
constituent quantum elements predates quantum mechanics and quantum 
physics by decades. This accomplishment!’ predates any officially recog- 
nition fields such as these existing within quantum realms of matter and 
energy - because they didn’t exist to victorian science unless it be referred 
to as Ether. In fact the atom was considered as indivisible by orthodox sci- 
ence of that day. No scientist or engineer of that time period had a clue 
what Keely was doing because his ideas were never suspected by science or 
engineering. In consequence he developed his own terms which worked for 
him as he applied his findings to design and operate his innovative hybrid 
quantum/mechanical devices‘! of diverse designs and purposes - mostly to 
prove out his theories as he constructed his paradigm of Sympathetic Vibra- 
tory Physics which he sometimes called Vibratory Etheric Physics or simply 
Vibratory Physics. Of course as there were no other scientists or engineers 
aware of quantum mechanics and physics in Keely’s day there was no one 
who could understand or verify what he was doing. The best they could 
do (the honest ones of integrity) was to witness Keely’s demonstrations and 
report what they thought they saw without offering any explanations. '® The 
dishonest ones or those who felt threatened by knowledge they knew nothing 
about (despite their lofty degrees) condemned everything Keely did as fraud 
or fakery!”. 


From the above and with 20/20 hindsight we can see the Michelson-Morley 
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experiment did not prove the ether did not exist. It simply proved the ether 
or the now known to exist high-energy states could not be detected or mea- 
sured with his crude equipment built and operated with their incomplete 
classical physics paradigm that did not include non-classical physics even 
though is what they were hoping to verify. 


Keely said etheric substances are so tenuous as to pass through seeming 
solid matter as wind through “a coarse sieve”. If his view is correct there 
was no possibility Michelson and Morley were going to impede or measure 
any resistance caused by ether. 


“The negative sympathetic polar stream is the magnetic flow proper, and 
it is in sympathetic coincidence® with the second atomic flow, the electric 
current is the first and second order of atomic vibration, a dual force, the 
flow of which is too tenuous to displace the molecules. It can no more do 
so than the flow from a magnet can displace the molecules of a glass plate 
when it is passed under it. The flow from a magnet is too fine to disturb the 
plate molecules, but passes as freely between them as a current of air would 
through a coarse sieve.” (underlines added)!® 











1.5 Etheric or Quantum Carriers 


These high-energy states or tenuous substances are carriers or conductors of 
subtle imperceptible forces or disturbances that once excited will manifest as 
other perceptible detectible phenomena. These streaming forces are Keely’s 
Sympathetic Streams”’. These fine subtle forces are therefore the unseen 
and often unsuspected scalar or causative forces manifesting as other lower 
frequency coarser effects of attraction, repulsion and rotation. This book 
is about identifying and manipulating these subtle unseen constituent forces 
that we may be enabled to create desirable effects such as magnetism, electric- 
ity, health, gravity effects, rotation and all of their attributes and variations. 
As carriers of excitation or disturbances”! they are therefore as connecting 
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links?” between the seven subdivisions?’ of matter and energy states thus 
affecting transformations or transmutations of these energy states?* between 
themselves whether moving into or out of higher or lower energy ranges man- 
ifesting as centralizations or as more commonly called - particles.?° These 
unseen and unacknowledged subtler forces are the constructive constituent el- 
ements making up the wave function of all known states of matter and energy. 


One of the more significant attributes of this Dirac Sea-like?® substratum 
of the universe is it’s vibratory uniformity and harmony establishing a sym- 
pathy between centers or centralizations which modern science now calls 
quantum entanglement. Keely called this ubiquitous harmonic state of be- 
ing between entities sympathetic association and is governed by the Law 
of Sympathetic Association?’. The active link between centralizations or 
particles is their inherent vibrations and oscillations. When these periodic 
motions form unisons or harmony between secondary and tertiary harmonics 
are called sympathetic vibration and sympathetic oscillation. It is this sym- 
pathy between periodic motions that is the cause and link seen in “action 
at a distance” > phenomena such as quantum entangle??ment, remote view- 
ing, mind to mind*? communication, telepathy, telekinetic actions, etc.°! As 
we will see another synonym for this universal sympathetic attribute of and 
between all centralized energy states (centralizations, particles) is Love (as 
one). 
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Chapter 2 


Love in Science and Physics 


2.1 First and foremost Love is sympathy 


First and foremost Love is sympathy or that which connects (entangles) all 
things to all else. In SVP, sympathy does NOT mean “feeling sorry” but 
means “feeling the same as”, “as one” or “one with”. Some might call this 
“empathy”, “harmonization”, “resonance”, “bonding”, “coupling” or “en- 
tanglement” .! 


“Love is the Creative Force of All that Is.”? 


2.2 Love in Science and Physics 


2.2.1 Sympathy essential 


This harmonious high-energy state of matter and energy is everywhere the 
same. It, by its nature, is that which connects everything to everything 
else. Without this unity of being the universe would be fragmented, separate 
and discontinuous. It is a universal bonding agent without discontinuities. 
Should anything be disturbed everything else responds in like fashion as their 
essences (constituent elements) are entangled. 





1'Sympathetic Association], [Law of Sympathetic Association], [Law of Assimilation], 
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“Where there is no sympathy there can be no love, for love is sympathy.” ? 


2.2.2 The state or condition of Sympathetic Associa- 
tion 


The state or condition known as Love is important to science and physics 
because this state or condition is what underlies and connects all seeming 
individuated things. Love is a condition or state of vibration that links or 
entangles all things to all other things everywhere, essentially eliminating 
Time and Space. Which is to say all things are quantum entangled. This 
statement appears false as we do not perceive it to be the case when we 
see every thing as seemingly being separate and distinct. Our perception 
(opinion) is of the physical or molecular state, form and color of things. 
For instance, a rock is a molecular mass appearing to have an individual 
existence all by itself. So we see the mass which we can pick up and move 
it around and not physically see a connection to any other thing or rock not 
realizing the rock is a portion of the earth and is resonant to the earth else it 
would not remain either on the earth or in a molecular state or both. Should 
we consider just the electrons and photons making up every thing that is, 
regardless of location, as being essentially the same, vibratorily speaking, how 
can they not be entangled? 


2.2.3. Looking at the substance of a rock 


Looking at the substance of a rock (for instance) 

We know 

1 - it is composed of molecules which are composites of atoms. 

2 - these atoms are composed of electrons, protons and neutrons. 

3 - these elementary entities are composed of photons. 

4 - photons are composed of quarks‘. 

5 - all these above entities vibrate and oscillate perpetually at given rates and 
amplitudes and as modulated by their near and far vibratory environment. 
6 - that individual objects of the same frequencies or chords of frequencies are 
sympathetically linked or entangled to and with each other. As every type of 
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quark, photon and electron are essentially the same°® no matter where they 


are we can say all these particles are sympathetically linked or entangled 
to each other to varying degrees or gradients. They have the same or very 


similar Wave Function®.’ 


2.2.4 Sympathy Connects Everything 


Thus this underlying sympathy that dynamically connects these seeming 
individual entities is the unseen Connecting Link® that connects them all. 
This Connecting Link functions on the 6th and 7th subdivisions? of Matter 
and Energy and permeates all forms of matter whether in solid or fluid form. 


2.2.5 Sympathy is simply another word for Love 


Sympathy is simply another word for that state of being known as Love, 
Harmony, Coupled or Quantum Entanglement. 


2.2.6 Sympathy is Attractive 


It is this sympathy or sympathetic affinity of vibration or oscillation rates 
that binds, unites or coheres like entities to one another whether they are 
quarks, atoms or people individually or in groups. This property of vibratory 
attraction was demonstrated by Carl Bjerknes’® in 1881 and is a fundamental 
dynamic of SVP.'! Likewise vibratory attraction is the cause of syntropy!” 
(negative entropy!*) another basic and important dynamic of SVP. 





°notwithstanding near and far, seen and unseen vibratory influences and/or modula- 
tions 
Wave Function] 
Entanglement], [Subdivision] 
Connecting Link] 
Subdivision] 
10/Carl Anton Bjerknes] 
Bjerknes Effect], [Law of Attraction], [Syntropy] 
syntropy] 
negentropy] 





38 CHAPTER 2. LOVE IN SCIENCE AND PHYSICS 


2.2.7 Individuated Complex Wave Functions 


Having said all that it must be also stated that no two electrons are exactly 
the same compound chord of frequencies (complex wave function or spectra) 
at any given moment in Time and location in Space. They do all possess 
certain ‘standard’ chord configurations in common else they would be some- 
thing other than electrons. Each has a slight and ever changing variation 
dependent upon modulating forces such as local gravity, electric and mag- 
netic influences, pressures, temperatures, etc. If these subtle differences were 
not present then destroying one electron would destroy them all and as we 
see a continuity happening with the universe we can see this completely en- 
tangled sympathy does not occur on the electron subdivision. Some aspects 
of electrons are fully entangled other aspects not so much. On the other hand 
should we progress to the next subdivision, the photonic or light, we see a 
higher degree of sympathy or harmony between the photons than the sym- 
pathy that exists between electrons. This is because there are less frequency 
parameters (simpler chord or signature) to a photon than has a larger group 
of photons manifesting as an electron. Likewise we can advance to the next 
higher subdivision of quarks and notice there is again another higher degree 
or “Q” of sympathy than with the lower grosser photon or electron subdivi- 
sions. There is yet another higher level of subdivision which Keely called the 
Compound Interetheric or Undifferentiated Mind Force and substance. He 
indicated this level is not differentiated and is wholly sympathetic unto and 
within itself. A pure (latent) sympathy if you will being of course pure Love 
or Oneness of vibratory Being. Religions have called this state or condition 
of total Love or sympathy many names from God, Nirvana, Allah, Jehovah, 
Heaven, etc. 


2.2.8 The state of pure Sympathy 


This state of pure sympathy acting in a highly sympathetic medium (etheric, 
quantum subdivisions) means no matter what happens anywhere in this sym- 
pathetic medium such is communicated to all of the medium simultaneously 
and the velocity of communication is near instantaneous.'4 Now, is not 
this instant awareness or knowing of what is going on regardless of distance 
(space) an omniscience? Is this not a “Self Awareness” of the underlying uni- 
versal matrix we call the universe? Does this interconnectedness not account 
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for shared Mind phenomena such as remote viewing, clairvoyance, spooky 
action at a distance, and telepathy?!° 


This background or ground state sympathy was established when quiescent 
Divine self-awareness occurred and before active thought or thinking began. 
This state is not unlike the initiatory Void of Genesis. An undifferentiated 
state of “perfect continuity without extension”. The originating state of neu- 
trality of a Neutral Center cannot change but its effects once disturbed are 
always changing. 
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Chapter 3 


Sympathy 


3.1 Sympathy is Love 


Sympathy is Love or that which connects (entangles) all things to all else. 
When the frequency of vibrations are one there is unison and sympathetic 
resonance!. In SVP, sympathy does NOT mean “feeling sorry” but is “feel- 
ing the same as”, “one with”, “as one”, concordant, harmonic or entangled 
with identical or near identical states with near identical wave functions.” 
With this insight we can see Sympathy is a vibratory state of matter and 
energy with its own waveform, spectra and wave function. It is a real state 
or condition existing throughout nature and is a condition we can know, un- 
derstand and engineer®. For instance between two tuned tuning forks exists 
this state of sympathy, sympathetic vibration or sympathetic association. 
The sympathetic vibrations and oscillations originating from each fork and 
active between them creating this shared state, can be modified to increase 
or decrease the state of sympathy existing between them. The fact that they 
are sympathetic and co-vibrate together is called resonance which only oc- 
curs within this state or condition of sympathetic association via sympathetic 
vibrations and oscillations. 





1'Sympathetic Resonance] 
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3.1.1 Infinitely Small Centers 


The infinitely small strings of the String Theory are a classical physics con- 
cept of oscillating physical strings extrapolated to the non-classical quantum 
realm and is a non sequiter. Such is an attempt to apply known or assumed 
classical oscillation dynamics associated with an oscillating 3D or physical 
string, which are also poorly understood and in error, as an answer or postu- 
late to address presumed quantum dynamics.’ Should we replace the hypo- 
thetical infinitely small oscillating strings as held in the String Theory with 
infinitely small constructive (virtual or actively created by virtue of dynam- 
ics and purpose) centers that vibrate, pulsate and oscillate like tuning forks 
it can be seen how every center is sympathetic (in sympathy) with every 
other center and are therefore quantum entangled; 7.e., (sympathetic to one 
another). All of these centers form One Continuous Continuum of sympa- 
thetic (entangled) centers and is everywhere throughout Space permeating 
every seeming separate or seemingly individualized object. What connects 
all these sympathetic centers is a state of etheric level high-grade sympathy 
creating a condition of sympathetic association - one with all others®. This 
would of course imply a single fundamental tone or frequency at the very 
heart /core of the universe. Keely called these centralizations of orchestrated 
motion “atomoles”®. Therefore what is experienced by one center is to a 
degree experienced by all other centers regardless of Time and Space. Being 
mutually responsive to excitation where all are aware of all others we may 
term this continuum the Whole Undifferentiated Mind of the universe. Mind 
or Consciousness being synonyms for Keely’s Compound Interetheric state. 
Some over the years have referred to this continuum and its sensitive re- 
sponsive properties as God and have erroneously anthropomorphized it even 
though it is the root of Awareness and cognition. Being sympathetic these 
centers can be stimulated or excited by an appropriate exciter’. That exciter 
being clear focused Mind Force, Thought, Volition or idea.® Other different 
state excitations (stimulations) on coarser molecules and atomic substances 
could be acoustical, electrical, microwave or physical or similar. 
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3.1.2 Atomoles 


Atomoles (atom = unit + mole = power) = Power Unit, are primordial par- 
ticles (preferably ‘centralizations’) filling all space. 


“Atomoles are elementary units of matter uniform in size and weight, and 
exist in solid, liquid, gaseous, and isolated forms.” (plural ‘atomolini’)? 


“The atomoles are made up of atomolini (singular atomolinus); the subdi- 
vision of matter from this point is beyond man’s power, as at this point it 
escapes all control of apparatus, passing through glass and hardened steel as 
a luminous flame without heat, which is hardly seen before it vanishes, - a 
perpetual flame coldly luminous.” '° 


‘‘The atomolic substance is what is termed the ether which fills all space 
and is the transmitting medium for all celestial and terrestrial forces. This 
is the liquid ether of occult science.” 


3.1.3. Records of Motion are Seeds 


Walter Russell refers to these excitable (plastic) centers, when considered 
as One Continuous Continuum, as points of 4++ (voiding and dispersion) 
and as “seeds” or “ideas”. These seed centers correspond to Keely’s Neutral 
Centers conditions of birth to all seeming things in a progressive evolutionary 
manner. 


“Records of Motion are seeds for repetition of motion. In the seed is de- 
sire for manifesting imaged forms of idea. All forms are wave forms. All 
wave forms unfold from seed records of those wave forms.” !° 





° [Keely] 
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3.2. Neutral Center of the Earth 


“In setting the conditions of molecular sympathetic transmission by wire, “writes 
Keely, “the same law calls for the harmonious adjustment of the thirds, to 
produce a non-intermittent flow of sympathy. Intermission means failure 
here. That differential molecular volume is required, in two different medi- 
ums of molecular density, to destroy differentiation“ of sympathetic flow, 
seems at first sight to controvert the very law established by the great Creator, 
which constitutes harmony - a paradoxical position which has heretofore mis- 
led physicists who have propounded and set forth most erroneous doctrines, 
because they have accepted the introductory conditions, discarding their sym- 
pathetic surroundings. The volume of the neutral centre of the earth is of no 
more magnitude than the one of a molecule: the sympathetic conditions of 
one can be reached in the same time as the other by its coincident chord.” ° 


3.2.1 Force of Sympathy 


“There is no force in all creation more real or more powerful that the force 
of sympathy.” '® 


Sympathy may be considered a force because it provides a harmonizing 
modulation. Where there is discord or enharmonicity Sympathy exerts an 
influence, of its own accord and nature, converting or transforming that im- 
balance back to balance or harmony. Discord, entropy or differentiation may 
be considered as a disturbance of equilibrium which imbalance is restored by 
Sympathy - harmony or balance being the natural eigenfrequency (wave form 
and wave function) of the universal matrix - with preponderance of syntropy 
during growth and a preponderance of entropy during death. 


3.2.2 Sympathy is the Essence of Life 


“Sympathy, like a human electricity, is the essence of life.” '” 
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“There is a celestial mind force, a great sympathetic force which is life it- 
self, of which everything is composed.”'® Keely'® 


“Life is creative, and is the manifestation of that energy, that oneness, which 
may never be WHOLLY discerned or discovered in materiality, and yet is the 
basis of all motivative forces and influences in the experiences of an individ- 
ual. ”2° 


For life or Life Force?! to be creative it must be syntropic - that building 
process of assimilating elements its environment - to itself. As this Life 
Force cannot be discerned strictly in materiality or the 3D classical world it 
must be of the unseen non-classical scalar forces such as Mind. Hence Keely’s 
use of the term celestial mind force”? also known as celestial radiation?®. 


3.2.3 Sympathy is as Syntropy and Electricity 


“The powers of electricity have not hitherto been observed, nor have the ori- 
gin and importance of sympathy. The electric marvels of the present day were 
in electricity thousands of years ago, but there was no practical observer to 
utilize them. Sympathy is as everlasting and all-powerful as electricity is. 
Men, in their honest research for human happiness, will put it to the test, 
and the new insight it will give to life will be more marvelous than the mar- 
vels of electricity.” *4 


What David Sinclair?’ is saying here is sympathy as a force or state ex- 
ists and can be engineered. That science has not recognized this state of 
being existing and operating as an ubiquitous construct of the universe is 
lamentable. Keely recognized it to such an extent he has able to utilize its 
properties in his science and incorporated it as a usable function in their 
dynamics. It is a simple fact that unless a property is acknowledged to exist 
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it cannot be utilized. We can look at this state of being as a restorative force. 
Natural systems are in a state of equilibrium. Sympathy, as a pre-existing 
condition of dynamic systems, will restore that balance or equilibrium should 
the system be disturbed. This self-acting and self-correcting functional dy- 
namic, unseen by classical and non-classical science and lay alike, is a core 
functional principle in Sympathetic Vibratory Physics. Taking the metaphor 
of an undisturbed seesaw quietly sitting in a horizontal position we can see 
it will tend to re-level itself once disturbed. It will return to its horizontal 
position. Or a pendulum will come to rest (balance) is moved off center 
(disturbed out of rest or balance). Likewise we know a given volume of at- 
mosphere is essentially in balance between dry hot expanding air and cold 
contracting moist air. When a cold wet front approaches a volume hot dry 
air the localized atmospheric system is then out of balance between the two 
volumes. The re-balancing occurs when the two volumes come together with 
the unseen desire?® to re-balance themselves by one attempting to become 
the other. This seeming antagonistic action is what Walter Russell called 
Voiding?’. This voiding action can be gentle or it can be violent as a tornado 
depending on Time and polarity or bias difference between the two states or 
conditions. This desire to void or re-balance (to become as one) is born of 
sympathy and the nature of sympathetic associations where all unlike (seem- 
ingly opposite) participant forces or states desire to be alike (in balance or 
harmony). Hence we see throughout nature seeming opposite poles of elec- 
tricity voiding against or through each other in a spark or load, opposite 
poles of a magnetic adhere as one and opposite sexes drawing together and 
assimilating each other. 
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Figure 3.1: Opposite polar forces void/combine as One 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/bar-magnet1.jpg 


After voiding (Keely’s neutralization”®) or becoming depolar or neutral 
each pole or participant in the voiding action returns to its original state of 
unbalance or near so.”? This return from depolar to polar is of course Time 
dependent. 


3.2.4 The rate of acceleration of Sympathy is enor- 
mous 


Sympathy exists between all centers. It is as an etheric connecting link*? 
stronger and denser than hardened steel. Because transmission or propaga- 
tion increases with density its rate of extension or propagation is enormous. 


“It 1s a law of falling bodies that they steadily increase their speed, so is 
it with this great power of sympathy when once it is started. Its rate of ac- 
celeration is enormous. A force that is once created can never be destroyed, 
and there 1s no force in all creation more real or more powerful than the force 
of sympathy. It may be stored up and hidden as energy is in fossil vegetable 
matter. It is a great created power, latent in the hand of the Creator, and at 
the command of the creature.” °! 





?8 neutralization| 
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3.2.5 Sympathetic Associative Forces 


“What modern cosmologists would have us believe was evolved by blind chance 
out of the inherent potentialities of primordial chaos, this glorious system of 
spiritual physics demonstrates as dependent upon the relationship between 
mind and matter; showing whence the initial impulse comes which sets in 
motion machinery of unimagined complexity, on given lines, toward a pre- 
scribed end. Chance, as has been said, is in no sense a force, but merely the 
sway of a balance of forces already in action. Sir Isaac Newton taught that 
there is such consistency in nature that what lies wholly beneath the region 
of visibility may be safely inferred to be similar to that which is gross enough 
to be palpable to sense; and Keely, reasoning on this line, has copied nature 
in his mechanical work. “I call this indefinable, latent element,” he writes, 
“the soul of the sympathetic elements in which it manifests, itself; and which 
until now has been locked up in their interstitial embrace. It is the leader of 
all triple streams, associated with the polar negative envelope of our planet 
and the one most sympathetically concordant to celestial radiation. In our 
individual organisms, the latent soul-forces, existing in the cerebral domain, 
are sympathetically subservient to the celestial radiating force whereby they 
are stimulated into action in controlling the movements of our bodies. Take 
away this latent element from the brain and the physical organism becomes 
an inert, dead mass; on the same order as a mechanical device without an 
energy to operate it. 


“The polar negative machine is a mechanical brain, with all the adjuncts 
associated with it to sympathetically receive and distribute the polar negative 
force. Its sympathetic transmitter (corresponding to our sun in our planetary 
system, transmitting all energy from the central sun of the universe) is the 
medium whereby sympathetic concordance is established between it and polar 
sympathy. The requisites for polarizing and depolarizing keep up the action 
of the machine as long as it is associated with the transmitter. The force 
which operates the mechanical is the same as that which operates the physical 
brain; purely mental, emanating from celestial outreach. There is nothing in 
the range of philosophy which so satisfies the intellect as the comprehension 
of this wondrous system of sympathetic association, planned by the Creator 
of the celestial and terrestrial universe, for the government of all forms of 
matter. 
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“Nature cannot rebel against herself. The flowers of spring cannot resist 
the sympathetic force which calls them into bloom, any more than the latent 
force in intermolecular spaces can rebel and remain in neutral depths when 
sympathetic vibration calls it forth. 


“What is the soul but life in latent suspension? The motion exhibited in 
matter shows that its soul is ever present; and yet there are men of great 
learning, as taught in the schools, who, after spending their lives in research- 
ing all forms of matter, deny that all living things depend on one everlasting 
Creator and Ruler, in whom they live and move and have their being through 
all time, as much as when He first breathed into them the breath of celestial 
radiation; and to whom they are as closely allied, still, by the workings of the 
great cosmical law of sympathetic association, as when the evolutionary work 
of creation commenced. 


“The ancients were far better schooled in spiritual philosophy than are we 
of the present age. Their mythological records, in their symbolical meaning, 
prove this fact. They recognized this latent element as the very breath of the 
Almighty; the sympathetic outflow of the trinity of force, the triple spiritual 
essence of God Himself. Their conceptions of Deity were greater and truer 
than our own. From them we learn that when God said ‘Let there be light,’ 
He liberated the latent celestial element that illuminates the world: that when 
He breathed into man the breath of life, He impregnated him with that latent 
soul-element that made him a living and moving being.” °° 


3.2.6 Sympathy is Entanglement 


When object A is in sympathy with object B, A is aware (responsive) of 
what happens to B and B is aware of what happens to A. As there is an 
innate or natural vibratory sympathy (sympathetic association of vibration 
and oscillation) between all things or objects all things and objects are aware 
(responsive) of all that is happening, everywhere and all the time regardless of 
Time and Space. This property or condition os sympathetic association has 
been called by many names throughout humanity’s long evolution: Entan- 
glement, Omniscience, Coupling, God (and all its variations), non-locality, 
Mind, Love, Remote Viewing, Clairvoyance, Celestial Sympathetic Radia- 





32Keely from [The Veil Withdrawn] 
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tion, Brahma, Cosmic Consciousness, etc.°? 


3.3. Sympathy defined 


It is important to understand what sympathy is as it plays a tremendous and 
an all important role in how the universe and all it contains works. Sympa- 
thy is a state or condition that occurs between all centers and is an inherent 
property of these centers. 


1-‘‘Where there is no sympathy there can be no love, for love is sympathy.” ** 


2 - noun: a relation of affinity or harmony between people or things; what- 
ever affects one correspondingly affects the others. *° 


3 - noun: In natural history, a propension of inanimate things to unite, or to 
act on each other. Thus we say, there is a sympathy between the lodestone 
and iron.*° 


4- Sympathy is a Force, as material as Sound, Light and Heat - “For the sake 
of being popularly understood, sympathy as a force is here, in a general sense, 
sometimes spoken of in a kind of figurative way as a message on the telegraph 
wire, etc. In a more particular way it will now be scientifically explained as 
a force, as material as sound, light and heat. We speak of the sun’s rays as 
if each ray were some simple element, and yet easily carry in our minds the 
fact that each ray is composed of light and heat; so this philosophy speaks of 
this ether as a mere lineal connecting-rod between the creature and Creator. 
If the analogy between the sun’s rays and the ether be closely followed, it will 
be seen that wisdom, truth, and sympathy are the same thing, and travel on 
the ether lines®” exactly as light and heat do on the sun’s rays.” *® 


5 - Pertaining to or produced by sympathy. 





33(Dale Pond], 11/21/10 

34/Vera Vita the Philosophy of Sympathy] 

35 [Sympathetic Vibration] 

36Webster’s 1828 Dictionary 

37!connecting link] 
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6- “The mutual relation between parts more or less distant, whereby a change 
in the one has an effect upon the other.” *° 


7 - A real or supposed affinity between certain things, by virtue of which 
they are similarly or correspondingly affected by the same influence, affect 
or influence one another (especially in some hidden, unseen way), or attract 
or tend towards each other. 


8 - A relation between two bodily organs or parts (or between two per- 
sons or things) such that disorder, or any condition, of the one induces a 
corresponding condition in the other. 


9 - Agreement, accord, harmony, consonance, concord, agreement in qual- 
ities, likeness, conformity, correspondence. 


10 - Conformity of feelings, inclinations, or temperament, which makes per- 
sons agreeable to each other; community of feelings; harmony of disposition. 


11 - The quality or state of being affected by the condition of another with 
a feeling similar or corresponding to that of the other; the fact or capacity 
of entering into or sharing the feelings of another or others; fellow-feeling. 
Also, a feeling or frame of mind evoked by and responsive to some external 
influence.*° 





12 - Sympathy, n.; pl. Sympathies. (F. sympathie, L. sympathia, Gr. ; 
with + suffering, passion, fr. , to suffer. See Syn-, and Pathos.) 


13 - Feeling corresponding to that which another feels; the quality of be- 
ing affected by the affection of another, with feelings correspondent in kind, 
if not in degree; fellow-feeling. 


14 - An agreement of affections or inclinations, or a conformity of natu- 
ral temperament, which causes persons to be pleased, or in accord, with one 
another; as, there is perfect sympathy between them. 





39Blakiston’s New Gould Medical Dictionary. The Blakiston Company, 1949. 1st edition 
40 (source unknown, underline added) 
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15 - Kindness of feeling toward one who suffers; pity; commiseration; com- 
passion. 


16 - (Physiol.) (a) The reciprocal influence exercised by the various organs 
or parts of the body on one another, as manifested in the transmission of 
a disease by unknown means from one organ to another quite remote, or in 
the influence exerted by a diseased condition of one part on another part or 
organ, as in the vomiting produced by a tumor of the brain. (b) That rela- 
tion which exists between different persons by which one of them produces 
in the others a state or condition like that of himself. This is shown in the 
tendency to yawn which a person often feels on seeing another yawn, or the 
strong inclination to become hysteric experienced by many women on seeing 
another person suffering with hysteria. 


17 - A tendency of inanimate things to unite, or to act on each other; as, the 
sympathy between the loadstone and iron. 


18 - Similarity of function, use, office, or the like. 


3.4 Recommended reading 


[David Sinclair], [A New Creed the book] 
[David Sinclair], [Vera Vita the Philosophy of Sympathy] 


Chapter 4 


Neutral Center 


4.1 Neutral, Latent Neutral and Neutral Cen- 
ter 


Scattered throughout the following pages are the terms “neutral”, “latent 
neutral” and “neutral center”. These are central concepts in SVP (Keely’s 
physics) and any study of polarity and its dynamics. 


4.2 Neutral means 


Neutral means: Where two phases from two vibrations are opposite in polar- 
ity and cancel each other out or “sum to zero” is called phase conjugation and 
is one form of neutral. Another form is the balance point between polarities 
much like a fulcrum under a seesaw. This balance point within a vibration 
or oscillation is neutral, depolar or potential. The power (potential) in both 
above cases of the phases or polarities has been equated and becomes latent 
thus establishing two poles and one neutral - a trinity of states of forces. 
There are other forms or associative dynamics constituting a neutral state 
or neutral center and will be discussed later. 


“When a force becomes neutral it 1s inactive, and is no longer a force; con- 
sequently the name given is misleading, Keely calls this third element the 
‘latent neutral,” which is a better name for it.”! 





‘Bloomfield-Moore [CJBM], [What Electricity Is - Bloomfield Moore] 
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Latent means depolar. The other two forces or states are polarized forces 
dynamic relative to each other. These are the Harmonic (syntropy) and En- 
harmonic (entropy). There exists a neutral state from which these two polar 
forces originate and to which they return. This neutral (depolar) state is 
“latent” or quiescent until stimulated (polarized). 


THE UNIVERSAL SEE-SAW 


Every sphere is of equal mass. Any change of potential in mass 
changes allofits dimensions and its position also changes to 
conform. The constant of energy for the.mass does not change as 
dimensions change. The lifting power of an expanding mass at D 
uals the compression capacity of the contracting mass at B. 
Altdimensions change in universal ratios. © 





EVERY MASS FINDS ITS OWN POSITION ACCORDING TO [TS ABILITY TO DIS- 
PLACE OTHER MASS. A MASS OF GREAT VOLUME MUST SEEK A LOWER POTEN- 
TIAL POSITION THAN THAT REQUIRED BY AN EQUAL MASS OF SMALL VOLUME. 





Figure 4.1: Universal Seesaw balancing seeming opposites 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/universal-seesaw.jpg 
(courtesy University of Science and Philosophy) 


A latent center is a center that has not been stimulated or excited. It is 
quiescent (depolar). Latent Forces are forces not stimulated (polarized) into 
motion or activity but held in stable (harmonic) balance. A scalar? force is 
a non-moving non-dynamic latent force or potential - not kinetic. 





? scalar] 
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In the above Russell image he uses the phrase “potential position” which 
is the same as Keely’s “level of tenuity”. Thus indicating it is the potential 
or tenuity of relative position that constitutes mass being a relative quantity. 
The fulcrum is the neutral balance point between two potentials or polarity, 
bias or bipolar polarities. 


Neutral State or condition and Neutral Center are two different things or 
dynamics. A Neutral State is a condition independent of location. A Neu- 
tral Center is a location or foci, relatively speaking. A Neutral State has 
among other attributes Mutual Affinity between participating streams or 
conditions, sensitivity to appropriate stimuli, equated polarizations, point or 
state of equation. There are diverse orders, kinds or types of Neutral Centers. 
The two sides of the seesaw represent polarization. The fulcrum represents 
the neutral sustaining point, principle or condition where the polarizations 
meet by mutual affinity in mutual antagonism. “All forces are Mind Forces” 
meaning all forces originate from Undifferentiated Mind? or the Compound 
Interetheric* subdivision. As sections or segments of Undifferentiated Mind 
are polarized (differentiated) they become forces or energies. The Ultimate 
Differentiator is thought or idea. These polar forces become neutral or latent 
by removal of polarization (discords). Keely called this process “harmoniza- 
hin”; 


4.3 Coordination or coincidence of forces 


Consequently when and where various forces meet and cancel (void) or agree 
there is established a Neutral Center. Sometimes this point may be called 
a center of neutrality, center of attraction, center of sympathetic attraction, 
center of sympathetic coincidence, center of association and concentration, 
center of focalization, nucleal center, Prime Neutral Center and Supreme 
Neutral Center, depending on its general dynamical state. Some of the types 
of Neutral Centers are: 


e mass - every mass of whatever substance or size has a neutral center. 


e molecular - neutral centers in molecules. 





3[Undifferentiated Mind] 
4[Compound Interetheric] 
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atomic - neutral centers in atoms. 


etheric neutral centers - neutral centers in quantum/etheric centraliza- 
tions. 


Prime Neutral Centers - neutral centers that govern and enliven sec- 
ondary centers not unlike the Sun (primary) and its planets (secondary). 


Supreme Neutral Center - The one Dominant Center that controls all 
other neutral centers. 


center of centers - an object may have more than one neutral center, 
this is the coordinated center between them all. 


focalized centers - centers can have more than one center. This idea is 
what we see in a circle (one foci) and an ellipse (two foci). A focalized 
center is where all these centers are coincident or focalized together as 
one center. 


sympathetic concordant focalized neutral center - a focalized center 
that is concordant (in harmony of parts) that is sympathetic to some- 
thing else, usually an outside stimulant or exciter or other center(s). 


focalized negative attractive centers - A focalized neutral center that is 
in the syntropic phase of assimilation, attraction or concentration. It’s 
opposite would be a dispersing positive propulsive center (radiating or 
radiant). See [Law of Assimilation]. 


centers of sympathetic coincidence - A dynamic center where forces 
that are sympathetic to each other coincide. 


centers of neutrality - a neutral center that is in a quiescent state of 
neutral latency. 


centers of focalization - centers where forces are mutually attracted or 
focused to interact. 


centers of distribution - centers where forces are mutually repelled and 
dispersed. 
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Centers are intermittently attractive and repulsive or dispersive. When a 
Neutral Center is disturbed it becomes intermittently attractive and repul- 
sive. When attractive it becomes a center of focalization. When repulsive it 
becomes a center of propulsion or dispersion. In between one state and its 
opposite is a moment of pause not unlike the furthest point in the swing of a 
pendulum or seesaw. This null point or fulcrum can endure both polarities 
without itself being affected.° 


The Neutral Centers give birth to quantum centralizations Keely called ato- 
moles. The Neutral Centers are then the cause that give rise to their effects - 
these atomoles - and are synchronistic meaning “can’t have one without the 
other’ (the chicken and egg riddle). On the other hand Keely and Russell 
both said there is an infinite number of Neutral Centers implying there is an 
infinitely small space between these centers which makes the universe quite 
dense (986,000 denser than steel®) and births the logical idea matter is more 
of a tenuous ‘bubble’ in this dense etheric substratum than the way ego sees 
matter as more dense than seeming vacuity. 


Matter evolves from vacuity of space 


“Pure sympathetic concordants are as antagonistic to negative discordants as 
the negative is to the positive; but the vast volume the sympathetic holds over 
the non-sympathetic, in ethereal space, makes is at once the ruling medium 
and re-adjuster of all opposing conditions if properly brought to bear upon 
them.” Again Russell and Keely concur on the origin of matter. Sympa- 
thetic streams aggregate at a neutral center about which forms centralized 
motions; i.e., form or appearance of matter. Non-sympathetic conditions are 
discordant and dispersive resulting in the appearance of seeming empty space. 
Solidity devolves towards vacuity through the action of non-sympathetic (dis- 
cordant) conditions; i.e., entropy. Outer space is the domain of the non- 
sympathetic or dispersed matter. 


In one of many ways Russell describes the dual nature of space (cube) and 
matter (sphere) he says this about that dynamic state: “The sphere is the 





°See [Philosophers Stone] 
°[Law of Matter and Force] 
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result of the concentrative pulsation of Gods thinking which pulls inward from 
within (syntropy) to focus the light of Gods thinking to a point of stillness, 
around which a thought body (form or matter) can be formed. This causes 
that universal effect, which we know as gravitation, and the still point of con- 
centration is a center of gravity. GRAVITATION MULTIPLIES POWER. 
[See ([Neutral Center]) 


“The cube is the result of the decentrative pulsation of Gods thinking which 
thrusts outward (entropy) from within to the stillness of the cube boundaries 
to produce the opposite effect which we know as radiation. RADIATION DI- 
VIDES POWER. 


“Gravitation and radiation are the opposite ends of the piston which mo- 
tivates the heartbeat of this eternally living dual body of God, which is our 
dual body. Its continual giving and regiving’ manifests the love principle® in 
both the action and reaction not just in one of them.”° 


4.4 Neutral Center 


Neutral Center = Dominant = Fulcrum = Pure (Undifferentiated) Conscious- 
ness = Love = 0 (Russell) = First Cause. There are neutral centers on all 
seven subdivisions of matter and energy. These Neutral Centers possess dif- 
fering states; i.e., properties, functions and geometries. !° 


We do not yet know all the properties of the neutral center but Keely does 
list a few of them. Keely considered his discovery of the Neutral Center to 
be one of his greatest discoveries as also its control through machinery. Our 
rediscovery of it will be one of humanity’s greatest achievements. Keely’s 
description of the neutral center follows: 


“Every molecule, every mass, every moving body in space, every solar sys- 
tem, every stellar system, EVERY ROTATORY SYSTEM, is built about a 





"[Giving-Regiving] 

8{Law of Sympathetic Association] 

°Russell, Home Study Course, GOD CREATED ONLY ONE FORM; see [Cube Sphere] 

10'Barycenter], [Center], [Center of Gravity], [Center of Mass], [Sympathetic Coinci- 
dence], [MINERAL DISINTEGRATION - Snell] 
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NEUTRAL CENTER.” "! 


“The neutral center represents only focalization and distribution of the streams 
of energy.” 


Thus there are discrete mass, molecular, atomic and etheric neutral cen- 
ters as well as Prime Neutral Centers, “center of centers”, “focalized cen- 
ters”, “sympathetic concordant focalized neutral center” , “focalized negative 
attractive centers”, “centers of sympathetic coincidence”, “centers of neu- 
trality” and “centers of focalization”, thus defining its state depending on 
dynamical function, location, association, etc. 


“The neutral center is that protean, uncreated, indestructible, forever-existing 
FIRST CAUSE. Without hands, without tools, without thought, without 
emotion, without love, without form, without substance, it, of itself, created 
all these. All that we see or can see in the objective Universe exists because of 
and by means of the properties and powers of the NEUTRAL CENTER.” 4 


“Where the vibrations under this mode meet, and are maintained in a state 
of mutual affinity or equilibrium, there is established what is called a “neutral 


center”, or, as otherwise expressed, ‘a center of sympathetic coincidence’.” '® 


4.4.1 Disturbance of Equilibrium 


This is why a meditative state (neutral or undifferentiated) of mind is impor- 
tant (sympathetic) to “knowing” these interlaced concepts. Because they are 
All One. To be it is to know it. The thinking ego or intellect is differentiated 
conscious and is highly discordant which is to say it destroys harmony as is 
present in the meditative or quiet mind. This does not make the intellect 
thinking an enemy - it is simply discordant, a disturber of the harmony. This 





[Keely] 
[ROTATION - Snell] 
[First Cause] 
14/Keely] 
[First Cause] 
[KEELYS PHYSICAL PHILOSOPHY - Snell] 
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discordance is the Infinite Exciter’ ‘‘that moulds and makes” '® something 


from seeming nothing thus making humanity as a Creator. We use our crys- 
tal clear thinking and focus to create the lives we live. As neutral states 
are pure unmanifested potential (latent) in perfect harmony it is from where 
and whence all manifestation of form originates - “from harmony is gener- 
ated discord” '°. These manifestations become reality when the neutral state 


is disturbed. This disturbance of equilibrium”? ?1is a key function in SVP. 


Logically, if all three forces are modulated the same degree at the same 
time there would be imbalance in the equation. Disturbance of equilibrium 
means the three forces, in an established triune or three-way equilibrium, are 
thrown out of balance or equation by changing one or two of the three so 
the equation of harmony becomes one of discord; 7.e., thrown into motion 
which then seeks to re-establish the originating harmony or balance. For 
instance, this principle is active in spiritual seekers as they are all seeking 
to return to the original Peace and Harmony with the One (wake up or self 
realization. Such a disturbance in a molecule being intermittent will cause 
the molecule to deform in its motions into activity then recede back to its 
original quiescent state. 


The Neutral Center is a point or center of sympathetic coincidence. It has 
many properties. The creation and perpetuation of the Neutral Center is 
predicated on the inflow of what some call God/Divine Force (Divine Will 
or sympathetic celestial streams) or as Keely called it Celestial Sympathetic 
Radiation’ originating from the Supreme Neutral Center, establishing its 
progressive evolution, as it were, and through the Principle of Regeneration 73 
is radiated outward as refracted or differentiated materiality via the Law of 
Harmonic Pitch?*, Law of Harmonic Vibrations”, and Law of Cycles?°. This 
process is in other words a ubiquitous (everywhere in all Time and Space) or 





1lInfinite Exciter] 

181As a Man Thinketh] 

1918.23 - Law of Cycles] 

disturbance of equilibrium] 

see [7.26 Disturbance of Equilibrium] 
Celestial Sympathetic Radiation] 
Principle of Regeneration] 

Law of Harmonic Pitch] 

Law of Harmonic Vibrations] 

Law of Cycles] 
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non-local “Micro Bang” (syntropic implosion/cavitation) process that then 
radiates and eventually manifests as what we perceive as matter, etc. In 
a word, the Neutral Center is a Compound Interetheric sympathetic force 
or state of Undifferentiated Mind (scalar). Therefore it is this inflow of the 
Divine Will (sympathetic celestial streams, Mind Force) as CAUSE of mate- 
riality; I feel this needs to be clearly stated. See Figure 12.8 for an animated 
graphic showing this spontaneous generation or production of discords that 
breaks down into dispersion the formative harmony. 


4.4.2 Supreme Neutral Center 


The Compound Interetheric (Undifferentiated Mind) is outside of Time and 
Space and is unaffected by either. So one could rightly say the Supreme 
Neutral Center has always existed and always will exist even though it only 
exists in the NOW moment like everything else. The physical universe is as 
a Thought in this Undifferentiated Mind. Thoughts are polar. Expression 
is polar. Manifestation is polar. All materiality is polar. Non-materiality is 
depolar (neutral) in relation to materiality. Hence all polar conditions em- 
anate from depolar or neutral latency until stimulated into being by desire, 
idea or thought. 


The egoic intellect creates the ideas of Time and Space. As time is an illu- 
sion, a creation of our polar egos, it has not relevance to actuality. There 
never was a “time” prior to the creation of the “universe”. For lack of a 
better expression the universe has always existed and had no beginning be- 
cause if time is an illusion then it might be said there never was a past and 
there is no future. There is only Now. Our fractured egos cannot Know the 
Undifferentiated Mind Knowing (God’s knowing). The countless attempts to 
anthropomorphize ‘creation’ and ‘God’, etc. are doomed as feeble attempts 
at rearranging dream elements (fabrications of the ego). Only our whole un- 
differentiated minds (Cosmic Consciousness) can know these infinite things, 
states or conditions which cannot be adequately expressed through finite in- 
tellectualism. The Mind of Deity?’ is cause while the universe is the effect 
of that Cause. A cause and its effects cannot be separated. The connecting 
link is the etheric domain. As Cause is Undifferentiated Mind then all its 
effects are polarized (split) mind thinking. 





27'Mind of God] 
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Keely indicated there is a single Supreme Prime Neutral Center governing all 
other neutral centers whether mass, molecular, atomic or etheric regardless of 
location. Prime Neutral Centers are as the Sun (prime) to its planets (secon- 
daries). As neutral centers are effects as well as cause this Supreme Neutral 
Center is Dominant and an integral of all neutral centers - they are all one 
and the same in substance and dynamic with the exception One is sum and 
source of all others. Russell referred to it as the Universal One”® from which 
all else originated. The intellect wants to separate every thing into parts. 
The universe is one whole acting through what appears to be individuated 
parts. All the parts are governed by one Supreme Neutral Center, each man- 
ifesting as though individual. There is one supreme state of neutrality that 
permeates every thing. This omnipresent state or condition of Neutrality is 
perfect concordance or Sympathy (Love) and everywhere present in all things 
and actions - the Universal One. 


Outflow and Inflow 


Each Neutral Center has an intermittent outflow and an inflow of sympa- 
thetic streams originating from the Supreme Neutral Center redirected from 
the Prime Neutral Center. These occur according to Russell’s Rhythmic Bal- 
anced Interchange’ and Macvicar’s Law of Assimilation®’. 

There is an outflow: ‘“..communicates direct by means of its outflow of sym- 
pathy, with every planetary mass in the Universe.” 

There is an inflow: ‘‘Through its inflow of sympathy, through the solar inter- 
mediate, the sun, it receives the life flow from the Supreme Neutral Center..” 











?8'The Universal One] 
2°9'Rhythmic Balanced Interchange] 
3°[Law of Assimilation] 
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Figure 4.2: From the One comes the many 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/russell-neutral-center2-300.jpg 
(courtesy University of Science and Philosophy) 


4.4.3. Keely further describes the Neutral Centers 


“All the Dominant conditions of nature represent the focal centers towards 
which like surrounding ones become sympathetically subservient.” *! 


The dominant condition of nature is harmony or Sympathy (Love). This 
harmonic or attractive state has a field of influence (sympathetic outreach) 
which casts its influence or its controlling effects as a modulation of every- 
thing in its reach (its Sympathetic Outreach*”). Other surrounding Neutral 
Centers which can be few or countless depending on the chord of the Domi- 
nant Neutral Center fall under this influence. Sympathy extents as a state or 
condition of forces. This extension has harmonizing effects and will modulate 
any other chord to, in some degree, resemble this originating chord of har- 
mony. This is what and how people “feel” energy around the Dynaspheres. 
The calming or harmonizing power is extended by sympathetic vibrations 
and/or oscillations (quantum entanglement) on the sixth and seventh subdi- 
visions. This power and dynamic has been anthropomorphized throughout 





3!/Keely and His Discoveries], pg 179 
32/Sympathetic Outreach] 
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history as the“Love of God” **. This dynamic is described in Keely’s 


4.4.4 Law of Transmissive Vibraic Energy 


“All oscillating and vibrating coherent aggregates create, in the media in 
which they are immersed, outwardly propagated concentric waves of alter- 
nate condensation and rarefaction, having a period-frequency identical with 
the pitch of the aggregate.” 

Scholium: “All forms of transmissive energy can be focussed, reflected, re- 
fracted, diffracted, transformed, and diminished in intensity inversely as the 
square of the distance from the originating source.” 


Which law and its dynamics sets the stage for: 


“Neutral centers are the focalized seat of sympathetic concordance for control- 
ling any differentiation that may exist outside, or in the mass that surrounds 
them.” 4 


Every individual “thing” has its own chord of mass. Apparently no two 
chords of mass are identical. A chord of mass will have numerous frequencies 
within itself resulting from its own chordal evolutions (overtone series) and as 
modulated from countless outside FM and AM modulations (summation and 
difference tones). It is these modulations that cause differentiations®’. They 
are the differentiations. One center will control all the neighboring neutral 
centers being as it is or becomes the Dominant Center. Centers are not en- 
tirely individuated in their existence because they are ultimately controlled 
or governed by sympathetic streams, concurrently arriving to each, from the 
Supreme Neutral Center which created them and in which they have their 
being or existence perpetuated. 


“Neutral centers are the center of Sympathetic Coincidence.” *® 


Which dynamic and conditions establishes Sympathy as being the controlling 
state or condition over everything in its reach or field of influence. 





33Law of Sympathetic Association] 
34/Keely and His Discoveries], pg 255 
35 [Differentiation] 

36Keely and His Discoveries], pg 220 
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‘‘Pure sympathetic concordants are as antagonistic to negative discordants as 
the negative is to the positive; but the vast volume the sympathetic holds over 
the non-sympathetic, in ethereal space, makes it at once the ruling medium 
and readjuster of all opposing conditions if properly brought to bear upon 
them.” >" 


‘‘The effects of the law of sympathetic association, which Mr. Keely demon- 
strated as the governing medium of the universe, find illustrations in inani- 
mate nature.” > 


“A center of introductory action is necessary in all operations of Nature. 
All structures require a foundation. This neutral center is the foundation. 


“Every molecule, every mass, every moving body in space, every solar sys- 
tem, every stellar system, EVERY ROTATORY SYSTEM, is built about a 
NEUTRAL CENTER. It is the indestructible unit around which all that we 
recognize as matter is built. Immovable itself, it moves all things. Indestruc- 
tible itself throughout infinity of time, it creates all things. It produced and 
preserves the incalculable energy of motion of the entire Universe. It bears 
the unthinkable burden of the mass of the Universe. It is the most wonderful 
thing Man has discovered in the Universe since he discovered fire. 


“Tf we should take a planet of say 20,000 miles diameter and should displace 
a portion of the interior so as to have a crust of say 5,000 miles thickness, 
and at the center of the planet, place a billiard ball, that small mass, immea- 
surably smaller than the bulk of the earth, would bear the entire burden of the 
mass of the crust 5,000 miles thick and would keep it equidistant from itself. 
No power, however great, could possibly displace this central mass so as to 
bring it into contact with the crust. Furthermore, to move this central mass 
in any direction, would require a force sufficient to move the entire mass of 
the planet, and in propagating or continuing any such motion the neutral cen- 
ter, this billiard ball, will at all time periods remain still in the exact center, 
bearing the same equidistant relation to its hollow shell. The mind staggers 
in contemplating the burden borne by this neutral center, where weight ceases. 
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Bloomfield-Moore, Keely and His Discoveries] 
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“No less wonderful are other properties of the neutral center. 


“Tt is the cause of the physical Universe. Its attraction condensed that which 
we recognize as substance. Matter was evolved from the affinity of this neutral 
center for Sympathetic Streams and since it is immovable, it caused, through 
negative attraction the formation of nodes in these streams, where the vibra- 
tions thereafter continued to meet in a center of Sympathetic Coincidence 
causing the permanence of form and matter. 


THE CREATING UNIVER 
APPEARS PROM THES. 


ONE 






AND DISAPPEARS 
INTO THE 


ONE 


Figure 4.3: Coincidental forces meet at center 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/syntropy-entropy-meet.gif 
(courtesy University of Science and Philosophy) 


“Every nebula, an embryonic world, is acted upon, created and preserved 
by this neutral center, and at the termination of its cycle, it is ultimately 
also destroyed by it, causing its absorption into the Unknown from whence it 
came.” 


Every molecule and atom disintegrates into its constituent components and 
disperses into the vacuity of space - seeking their density coincident or ‘level 
of tenuity’ (of density). If they all be depolarized they lose their form and 
dynamics. They become as ‘nothing’; 7.e., no ‘thing’. Polarity gives form 
and motion. Depolarity (neutrality) has no form or motion. All form evolves 
from the vacuity of space (dispersed matter). Neutral Centers do not of 
themselves exist as a ‘thing’. They are dimensionless points of the conflu- 
ence of forces. How can neutrality have dimension if it has no form? But it 
does have function not unlike Mind or Consciousness itself. 
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This latent sympathetic plenum (sympathy) throughout the universe gives 
rise to all form and motion when disturbed, stimulated or excited. A thought 
or desire excites this neutrality into a polar condition or state. Polarity causes 
motion and motion appears as form. Wherever forces synchronize or equate 
there is established an activated neutral center about which ‘matter’ may 
aggregate creating form. 





Figure 4.4: Neutral Center - creator of nebula and galaxies 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/ringnebula.jpg 


“The actual neutral center of the earth is, in fact, even infinitely smaller 
than the billiard ball referred to above. It consists of a compound interetheric 
point in space, so small that were we to magnify a pin head to the size of the 
sun, and from that substance take a particle of matter the same size, again 
magnifying it to the size of the sun, the neutral center would still be invisible, 
even though the structure of this last substance was examined through the 
highest powered microscope ever created, or to be created. For the neutral 
center is INDIVISIBLE®®. Its attributes do not belong to matter, and pertain 
in no way to matter, which is but its exterior manifestation.*° 





3°How can neutrality (Undifferentiated Mind) have dimension? One cannot divide zero. 
40/FORM OF THE ATOM] 
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“Every aggregate mass consists of molecules, each of which has its neutral 
center where the three modes of vibration, dominant, harmonic, and enhar- 
monic, meet in a center of Sympathetic Coincidence and are equated without 


cancellation of their energy.“ 
“Neutral centers are the focalized seat of sympathetic concordance. 


“The proof of this assumption is that all matter responded to Keely’s dis- 
integration process*” and must therefore consist of these fundamental modes 


of vibration. 





Keely’s Compound Disintegrator. 


Figure 4.5: Keely’s Compound Disintegrator 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/compound-disintegrator.jpg 


The above Compound Disintegrator,*?* later called Liberator’, is pre- 





41/Scalar] 
42 disintegrator picture gallery: http://www.svpvril.com/DisPix/Disin1.html 


43/Compound Disintegrator], [Disintegrator] 
44more photos http://www.svpvril.com/DisPix/Disin1.html 
45 [Liberator] 
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sumed to be one of the devices Keely used to progressively dissociate or 
disintegrate water into etheric vapor (plasma). In modern terms this device 
would be not unlike a multi-frequency “analog signal generator” in function. 
See section 7.21 Latent Force. The term ‘Liberator’ describes its function of 
liberating the Latent Force held within the confines of the rotating etheric 
envelopes of the atom. See section 12.12 Etheric Envelopes. In the photo 
below we see the Liberator connected to the pressure lever for measuring 


pressure of the liberated etheric vapor*®. 





Figure 4.6: Liberating and measuring Etheric Vapor pressures 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/liberating-pressure.jpg 





46/etheric vapor], [Ether Generator Producing High Pressures] 
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THE LIBERATOR. 


Figure 4.7: An earlier Liberator design 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/liberator1.jpg 


4.5 Divine Will - The Wheelwork Source of 
all Force 


“The fired neutral center of the earth is the concentration or totalized power 
of all the several molecular neutral centers in the earth’s mass. This neutral 
center, which is absolutely WITHOUT WEIGHT, an interetheric point in 
space, communicates direct by means of its outflow of sympathy, with every 
planetary mass in the Universe. Through its inflow of sympathy, through the 
solar intermediate, the sun, it receives the life flow from the Supreme Neutral 
Center that enables it to perpetuate its existence. Thus through the outflow 
from this Supreme Neutral Center that pivoting point of the Universe con- 
trols the existence and motion of not only every stellar, solar and planetary 
mass in space, but also the rotatory vibration, in every individual molecule, 
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intermolecule, etc. through all the subdivisions of matter, thereby sustaining 
their existence and motion with the life flow. 


Figure 4.8: Sympathy Links all Centers to all other Centers 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/universal-oneness.jpg 


“All foundations must be sufficient to bear their burden. Conceive then 
the Universe centered upon and resting the burden of is incalculable mass and 
kinetic energy on a vacuous interetheric point in space, so minute that tt is ac- 
tually INDIVISIBLE. This conception can only be fully comprehended by an 
infinite mind. Independent of tume, because indestructible in its unity, inde- 
pendent in space, because through its properties space itself exists and without 
it would not exist, independent of matter because its properties in an external 
direction created all that we know as matter and gave it seeming permanence, 
the neutral center is that protean, uncreated, indestructible, forever-existing 
FIRST CAUSE. Without hands, without tools, without thought, without emo- 
tion, without love, without form, without substance, it, of itself, created all 
these. All that we see or can see in the objective Universe exists because of 
and by means of the properties and powers of the NEUTRAL CENTER.* 





47/God] 
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Figure 4.9: Neutral Center is Mind or Consciousness of God 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/mind-motion400.jpg 
(courtesy University of Science and Philosophy) 


“No machine heretofore constructed has been made with a neutral center. 
This conception of mechanics has never before dawned on man’s thought field. 
Had this been done, perpetual motion*® would have become a demonstrated 
fact. Were a machine so constructed as to use its properties, an introductory 
impulse would suffice to run it for centuries. However, this would not be a 
useful mechanical contrivance for no more energy could be obtained from it 
than was originally given, and its only value would be as a timekeeper.°° 


“Keely did not seek to invent, nor did he claim to have invented, perpet- 





48/Perpetual Motion], [Continuous Motion] 
49!Introductory Impulse] 
5°(Continuous Motion] 
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ual motion. 


“The physicist tells you that “you cannot make something out of nothing;” 
that “in the economy of nature profit and loss must balance;” that “no mat- 
ter what the nature of the force may be, its production must necessarily be 
accompanied by a corresponding expenditure of force in some form or other,” 
etc., etc. But, in the prodigality of nature, this energy flows, without measure 
and without price, from the great storehouse of the Infinite Will. From the 
sympathetic portion of the etheric field, all visible aggregations of matter em- 
anate, and on the same order that molecular masses of all living organisms 
are vitalized by the sympathetic flow from the brain.” >! 





A MIND-CENTERED THOUGHT-RING OF MOTION 


Figure 4.10: Neutral Center is as mind or consciousness 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/ring-of-motion.jpg 
(courtesy University of Science and Philosophy) 


“When this great scientific and religious truth has been made known, and 
established by demonstration, all controversy as to the source of energy will 





°!Bloomfield-Moore ([CJBM]) in [Vibratory Sympathetic and Polar Flows| 
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be for ever silenced. If I am the chosen instrument to develop this knowledge, 
and to make known the conditions which surround this pure truth, it is only 
that I may hand the key to those who will use it to enter the doorway that 
opens into the inaudible, and thus gain an insight into the now invisible 
region of the operation of Nature’s most powerful governing forces, in the 
control over terrestrial matter by celestial mind.” °? 


4.5.1 Center of Sympathetic Attraction 


“T find that there is no medium in the range of vibratory philosophic research, 
that is as unerringly exact, towards the center of sympathetic attraction, as 
the negative attractive influence of a certain triple association of the metallic 
masses of gold, silver and platina®®. In fact, they are as accurate indicators 
of the earth’s terrestrial sympathetic envelope, and its triple focalized action 
towards the earth’s neutral center, as the magnet is an indicator of the di- 
version of the attractive flow of the dominant current of the electric stream. 
Although much has been written on the subject, the conditions attending the 
continuous flow of the magnet remains a problem that has never been solved 
by any other theory. Yet the solution is very simple when harmonic vibratory 
influence is brought to bear upon it.>4 


4.5.2 Center of Sympathetic Coincidence 


“Where the vibrations under this mode meet, and are maintained in a state 
of mutual affinity or equilibrium, there is established what is called a “neutral 


center”, or, as otherwise expressed, “a center of sympathetic coincidence”.”*° 


4.5.3 Center of Association and Concentration 


A shared point, point of convergence or center of sympathetic coincidence 
(Neutral Center) or where syntropic forces meet, coincide, centralize or come 
together or harmonize. 





52/Keely] in [Keely and His Discoveries] pg. 365-367 

53/Trexar], [Trextrinar] 

54/Keely], [ANSWERS MADE IN LETTERS FROM MR. KEELY - TO QUESTIONS 
ASKED OF HIM] 

5° |[KEELYS PHYSICAL PHILOSOPHY - Snell] 
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4.5.4 Center of Focalization and Transformation 


In the following quote we see the evolution or creation of perceptible light 
when thought (imperceptible) is directed to a center, undergoes transforma- 
tion via Law of Cycles, then is manifest as perceptible light. 


“Light is induced by electromagnetic percussion emanating from the ether, 
and in its action represents the plane of magnetism. In fact, it 1s the plane 
of magnetism when under polarization. (Platina wires the thickness of a fine 
hair associated with each of the nine nodal beads, and concentrated towards a 
general center of focalization, attaching the other end of the wires to the focal 
center, will determine, by the magnetic conduction, the number of corpuscu- 
lar oscillations per second induced by a thought, either positive or negative, 
in the central centers. These are the only conditions those of magnetic con- 
duction whereby the evolution of a thought can be computed in regard to its 
force under propagation, as against the amount of latent energy set free to 
act as induced by such thought on the physical organism.) Some scientific 
theories of the past have taught us that electricity and magnetism are one 
and the same thing. Sympathetic vibratory philosophy teaches that they are 
two distinct forces of one of the triune sympathetic family.” °" 


4.5.5 Nucleal Center 


Term used by Russell to denote the point in a wave of maximum polar oppo- 
sition or the 4++°° state of polar opposition and when depolar as the Plane 
of Inertia®’. Also understood to be the same as Keely’s Neutral Center where 
Keely mentions ‘antagonism’’, etc. 


In between one state and its opposite is a moment of pause not unlike the fur- 
thest point in the swing of a pendulum or seesaw. This null point or fulcrum 
can endure both polarities without itself being affected. See [Philosopher’s 
Stone] There are in actuality two fulcrum points or points of transformation. 
The first is the 4++ center position where opposing polarities seek to Void 





°6/Thought Force] 

57 Keely], [Snell Manuscript - the book], [ELECTROMAGNETIC RADIATION - Snell] 
58 [4plusplus] 

°9/Plane of Inertia] 

6°fantagonism| 
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at maximum opposition. The other fulcrum or transformation point is what 
Russell called the Plane of Inertia where polarities are at their least oppo- 
sition. The sympathetic streams wind or spiral towards the center of 4++ 
and unwind spiraling away from that center to the six Planes of Inertia. 
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Figure 4.11: Syntropy winding up force to 4++ center 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/67-Winding.GIF 
(courtesy University of Science and Philosophy) 
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THE UNWINDING OF THE COSMIC CLOCK SRRING . 
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Figure 4.12: Entropy unwinding energy to 0 Plane of Inertia 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/68-unwinding.gif 
(courtesy University of Science and Philosophy) 


4.5.6 Resistance 


Resistance in DC circuits is equivalent to impedance in AC circuits. It is 
quite clear the concepts of resistance in the writings of Keely and Russell are 
more akin to AC impedance than DC resistance (as commonly understood). 
Resistance or antagonism is the presence of discords. As two poles harmoni- 
cally accumulate force through mutual syntropic assimilation and at the 4++ 
point of convergence resistance or antagonism is created ultimately resulting 
in activating the Law of Cycles by way of run-away development of discords. °! 
These discords multiply in number and accumulate power until the unifying 
harmonic forces revert from harmonic assimilation to enharmonic dispersion. 
No doubt this dynamic is the cause of implosion and cavitation processes 
and activities. 





®llovertone series| 
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Two-way journey from zero—through zero—to zero 


Figure 4.13: Russell’s 4 plus plus center of polar opposition 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/4plusplus2.jpg 
(courtesy University of Science and Philosophy) 


About resistance Keely says: “..In crystalline structures, heat, which ex- 
pands the atoms, by twisting them produces striae®’, increases the resistance, 
etc.” & 





62 [striae] 
°3Keely, [Law of Vibrating Atomolic Substances] 
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CAVITATION 


Expanding 


Collapsing 


Figure 4.14: Cavitation is an example of the Law of Cycles 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/Cavitation_Bubbles.jpg 
(courtesy University of Science and Philosophy) 


Keely continues: “The electric current destroys cohesion and chemical ten- 
sion directly as square of current in amperes, inversely as the resistance in 
ohms, inversely as the chemical equivalent, and conversely as the coefficient 
of the difference between the freezing and volatilizing temperature of mass 
acted upon.” 4 


Russell describing the opposing spirals: “Positive electricity pulls inward spi- 
rally from within against the opposing resistance of negative electricity which 
thrusts outward spirally from within.” © 


Russel continues: “/n this electric universe, sensation is the strain of resis- 
tance to the separation which exists between all separated masses. All matter 
is one. Separated particles desire to find that oneness.” © 





Keely, [Law of Variation of Atomic Oscillation by Electricity] 
Russell, [The Secret of Light], page 148 
Russell, [The Secret of Light], page 85-86 
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4.5.7 Prime Neutral Center 


Prime Neutral Centers are primary centers about which other subservient 
secondary neutral centers are attracted and aggregate. In the quote below 
these Prime Neutral Centers are the neutral centers as stars or suns about 
which aggregate the secondary neutral centers of their planets. Hence they, 
the neutral centers are the source of gravity. 


“The luminous, etheric, protoplastic element, which is the highest condi- 
tion®’ of the ether, fills the regions of infinite space, and in its radiating 
outreach® gives birth to the prime neutral centers that carry the planetary 
worlds through their ranges of motion.” © 


The actions of Neutral Centers (almost) dictates the existence of rotating 
shells surrounding centralizing (gravitic) neutral centers. This not unlike so- 
called electron shells. Hence if every thing or mass has a neutral center and 
all neutral centers behave according to the same laws then planets would 
by those same laws (almost) have to be hollow. If it walks like a duck and 
quacks like a duck then it is a duck. I’m not saying they are but logic points 
to such a conclusion. 


It is not physicality that causes negative attraction but the activated neutral 
centers that cause negative attraction. It is an illusion of the physical to 
ascribe causative properties to it when it is in fact nothing more than an 
effect of the cause - neutral center activity. The neutral centers formed the 
instant Divine self awareness occurred. It was all created in an instant of no 
duration and continues to recreate itself as it evolves. The human intellect 
has a hard time with the concept of no time.” 


4.5.8 Supreme Neutral Center 


Every molecule, atom and sub-quantum centralization everywhere existent 
within the universe has a Neutral Center. All of these neutral centers are 
sympathetic each to (entangled with or ‘as one’ with) all others. What keeps 





°7Interetheric| 
68 [outreach] 
[Keely], [Keely and His Discoveries] pg 270 
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all these Neutral Centers “in order” (having one shared state) is subservience 
to One Supreme Neutral Center of the universe. Some would call this One 
Supreme Neutral Center, God. Taking out the egocentric anthropomorphic"! 
assignments we then have an Intelligence (Consciousness) intimately associ- 
ated with (in sympathy or entangled with) everything that is. The connecting 
link’ between all these centers is Compound Interetheric sympathy which 
Keely said above ‘ ‘fills the regions of infinite space”. These ubiquitous Neu- 
tral Centers constitute a state of perfect continuity and living extensions of 
the One that through progressive evolution’? or devolution as the case may 
be manifest as seeming solid matter in all its motions and activities which 
motion is Life. 


It is the nature of neutrality as Undifferentiated Mind Force that fills every 
thing everywhere. This Undifferentiated Mind Force is everywhere present 
as ”Sympathy” within which, as motion (form), is latent. Being of infinite 
density and extenuation (although not having dimension) it is ubiquitous and 
reactive to and action upon every neutral center everywhere without itself 
being changed. See [Philosophers Stone]. It is the Supreme Prime Neutral 
state or condition (Cause) governing all else, manifested or not. The state of 
Neutrality is “perfect continuity without extension”. Density and extenua- 
tion are dimensions according to Walter Russell so they do not actually exist 
except in the intellect of Man; 7.e., within his definition of matter and energy. 


A neutral center is a conjunction of coincidence and focalization of forces. 
If those centralized forces (molecules, planets, galaxies) cease to exist so too 
does their controlling neutral center which created them and by which they 
have their being. They, the cause and its effects, exist concurrently and co- 
dependently. In other words “can’t have one without the other”. 


“All motion is thought, and all force is mind force.” 


This then clarifies the adage all, the many, comes from One. The state 
of the one Supreme Neutral Center does not change yet it births and governs 





7lmade in Man’s egoic image, anthropomorphizied 
™2/connecting link] 

73/Progressive Evolution] 

Dale Pond], [Prime Neutral Center] 

Keely, [Keely and His Discoveries], pg 252 
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all else. No state of a material thing is fixed or stable within the universe as 
everything is in constant compound rhythmical (vibratory) motions. These 
states of motion are governed by invisible yet knowable principles and laws. 
It could be said the principles and laws governing these motions are fixed or 
stable. 


“Macvicar’ foreshadowed the teachings of this new philosophy when he 
wrote, “All motion in the universe is rhythmical”. This is seen in the for- 
ward and backward movement of the pendulum, the ebb and the flow of the 
tides, the succession of day and night, the systolic and diasystolic action of 
the heart’®, and in the inspiration and expiration of the lungs. Our breathing 
is a double motion of the universal ether, an active and a reactive move- 
ment. This androgyne principle, with its dual motion, is the breath of God™ 
in man.” The writings of the ancients teem with these ideas, which have 
been handed down to us from generation to generation, and are now flashing 
their light, like torches in the darkness, upon mysteries too long regarded as 


“lying outside the domain of physical science®®.”*! 


How can mind be devoid of thought /awareness? Desire is an aspect of mind, 
for instance. A quiet mind of knowing contains thought (depolar motionless 
awareness) but it does not contain egoic or intellectual thinking (polar mo- 
tion). The physical universe is a recording of thinking dynamics; its existence 
is manifestation of the originating knowing thought activated by desire. Just 
as a seesaw contains a fulcrum that does not move it also contains extensions 
that do move. A seesaw is a trinity of states. Same thing with Divine Mind 
(the fulcrum or Cause) and everything else (the extensions or effects) in the 
universe. 





76Dr. John Gibson [Macvicar] went to the university of St. Andrews in 1814, where 
he excelled in mathematics and natural philosophy, and thence to Edinburgh, where he 
studied chemistry, anatomy, and natural history under John Knox’s tutelage, together 
with rhetoric, Hebrew and church history (see Dictionary of National Biography). 

same as Russell’s [Rhythmic Balanced Interchange] 
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8!Bloomfield-Moore ([CJBM]), see [Father-Mother Principle], [Universal Heart Beat] 


Chapter 5 


Mind and Mind Force 


5.1 Mind is Force 


Universal Undifferentiated Mind is the One Force from which all other forces 
are derived. This premise is born out in the writings of many great philoso- 
phers, thinkers and sundry historical inspired texts. 


“All forces in nature are mind forces: magnetic, electric, galvanic, acous- 
tic, solar, are all governed by the triune streams of celestial infinity; as also 
the molecular, intermolecular, atomic, and interatomic’. The remote depths 
of all their acoustic centers become subservient to the third, sixth, and ninth 
position of the diatonic, harmonic and enharmonic chords; which, when res- 
onantly induced, concentrate concordant harmony’, by reducing their range 
of corpuscular motion, drawing them as if towards each other’s neutral center 
of attractive infinity.” ® 


Keely writes “Luminiferous ether’, or celestial mind force, a compound in- 
teretheric? element, is the substance of which everything visible is composed. 
It is the great sympathetic protoplastic element, life® itself. Consequently, our 
physical organisms are composed of this element ... its seat in the cerebral 








‘see [Subdivision] 

?[Syntropy] 

3Keely, see [Mind Force the hidden Scalar Force] 
4/Luminiferous ether] 

°[compound interetheric] 
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convolutions .... This sympathetic outreach’ (sympathetic radiation) is mind 
flow proper, or will force - sympathetic polarization to produce action, sym- 
pathetic depolarization to neutralize it. Polar and depolar differentiation® 
result in motion. The true protoplastic element ... permeates all forms and 
conditions of matter, having for its attendants, gravity, electricity and mag- 
netism, the triple conditions born in itself. In fact, it is the soul of matter®, 
the element from which all forms of motion’ receive their introductory im- 
pulse'!.”!? (underline added) 





“The luminiferous ether the compound interetheric element in other words, 
celestial mind force’? is the substance of which all visible and invisible things 
are composed.” * (underline added) 





That Mind Force is a real force has been studied over a 28 year period by the 
engineering department of Princeton University in their PEAR Proposition 
project.!° Their findings were revolutionary with far ranging implications. 1° 


“Nearly three decades of intense experimentation leave little doubt that the 
anomalous physical phenomena appearing in the PEAR studies are valid, 
and are significantly correlated with such subjective variables as intention, 
meaning, resonance, and uncertainty.” \” 


5.2 Whole vs Split Mind 


Mind or Whole Mind means total Awareness unless otherwise specified. The 
term Mind or Whole Mind does not mean “intellect” !*®. Intellect is of the 





nN 


sympathetic outreach] 
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10/Motion| 
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12°THE NEUTRAL CENTER] 
celestial mind force] 

14/Ether - Snell] 
http://www.princeton.edu/ pear/ 
'®http://www.princeton.edu/ pear/implications.html 
1’video http://vimeo.com/4359545 
18lintellect], [ego] 
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ego and is a subset of the general Consciousness or Mind and is that lim- 
ited awareness we have created as our interpretation of reality. The term 
“Mind” as used in SVP means the general Consciousness, Awareness, Whole 
or Undifferentiated Mind. Thinking is of the differentiated intellect, ego or 
Split Mind while knowing is of the Mind, heart or Whole Mind. Whole Mind 
knowing is knowing with the feeling of the heart while Split Mind thinking 
or intellect is of the limited duality of the ego. 


“Your ego is a limitation within your Mind. Your ego exists as an expression 
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Figure 5.1: Whole and Split Mind 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/two-minds.jpeg 


5.3. Mind is of the Sixth and Seventh Subdi- 
visions 

Mind is of the Compound Interetheric”’ or seventh subdivision”! of matter 
and energy. See Table 5.1. According to Keely’s molecular and atomic 
morphology a molecule may be dissociated into its constituent parts or atoms. 
Atoms may then be further dissociated into their constituent parts and so 
forth for all finer subdivisions until the seventh subdivision where the rarefied 
ubiquitous sympathetic substance of Mind exists. 





'9Tom Carpenter, [Dialogue on Awakening], pg. 29 
20'Compound Interetheric] 
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Dimension | Subdivision Relation 

1 Molecular separation of air brings 
us to the first subdivi- 
sion only. 

2 Intermolecular to the second; see [su- 
percritical fluid] 

3 Atomic to the third; 

4 Interatomic to the fourth; 

5 Etheric to the fifth; and 

6 Interetheric to the sixth subdivi- 
sion, or positive associ- 
ation with luminiferous 
ether; 

( Compound Interetheric | as the seventh subdivi- 


sion. 

















Table 5.1: Keely’s Seven Subdivisions of Matter and Energy 


It will be noted these seven states of matter and energy are not unlike 
the ancient states of matter and energy: Earth, Water, Air and Fire. 


5.4 Keely - Substance and Nature of Mind 
Force 


“There is a celestial mind force?, a great sympathetic force which is life it- 
self, of which everything is composed.” 
“All motion is thought, and all force is mind force.” ** 


“There is no dividing of matter and force into two distinct terms, as they 





?2'Mind Force] 
3 Keely 
4K eely, [Keely and His Discoveries], pg 252 
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both are ONE. FORCE is liberated matter. MATTER is force in bondage.” ?° 


The above last two sentences sound like something Albert Einstein would 
have said roughly twenty years later. 


“The mighty forces latent in corpuscular matter, by which we are surrounded, 
are all held in oscillating vortex action by the Infinite Designer?’ of work- 
ings hidden from us, until the time is ripe for their disclosure. This latent, 
registered power?’ interchanges sympathetically with the celestial radiating 
streams, whereby light, heat, electricity, magnetism and galvanic action are 
propagated in their different orders, vitalizing all nature with their life-giving 
principles. (underline added) 





“When this great scientific and religious truth has been made known, and 
established by demonstration, all controversy as to the source of energy will 
be for ever silenced. If I am the chosen instrument to develop this knowl- 
edge, and to make known the conditions which surround this pure truth, it 1s 
only that I may hand the key to those who will use it to enter the doorway 
that opens into the inaudible, and thus gain an insight into the now invisible 
region of the operation of Nature’s most powerful governing forces, in the 
control over terrestrial matter by celestial mind.”*® (underline added) 





“The action of the mind itself is a vibratory Etheric evolution, controlling 
the physical, its negative power being depreciatory in its effects, and its pos- 
itive influence elevating.” °° 


“The substance of the brain®® is molecular. The mind which permeates the 
brain is interetheric in substance; it is the element by which the brain is im- 
pregnated. This element, when excited into action, controls all physical mo- 
tion as long as the necessary sympathetic conditions are maintained. Then 
conditions are no more immaterial in their character than are light and heat. 
Electricity, magnetism, gravity, and heat are latent in all aggregations of mat- 





?°!Keely| 

?6/God] 

27 Latent Force] 

?8Keely in [Keely and His Discoveries] pg. 365-367 
?°'Keely] 

30 brain] 
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ter. They are not obtained from terrestrial influences. Celestial radiation®! 
is the true impregnating medium in all these forces. The brain is the high res- 
onating receptacle where the sympathetic celestial acts, and where molecular 
and atomic motion are induced, as according to the intensification brought to 
bear upon it by radiation.” 


“The sympathetic conditions that we call mind are no more immaterial in 
their character than light or electricity. The substance of the brain is molec- 
ular, while the substance of the mind that permeates the brain is interetheric 
and is the element by which the brain is impregnated, exciting it into ac- 
tion and controlling physical motion. In order to trace the successive triple 
impulses®®, taking the introductory one of sympathetic negative outreach*", 
towards the cerebral neutrals, which awaken the latent element to action, we 
find that mind may be considered a specific order of interatomic motion sym- 
pathetically influenced by the celestial flow and that it becomes when thus 
excited by this medium a part and parcel of the celestial itself. The brain 1s 
not a laboratory. It is as static as the head of the positive negative attrac- 
tor®’, until influenced by certain orders of vibration, when it reveals the true 
character of the outreach so induced. The brain is the high resonating recep- 
tacle where the sympathetic celestial acts, and where molecular and atomic 
motion exhibits itself, as according to the intensification brought to bear upon 
it by the celestial mind flow. The question arises, Why is this condition of 
the (luminous) ether always under a state of luminosity of an especial order? 
Its characteristics are such, from its infinite tenuity and the sympathetic ac- 
tivity with which it is impregnated, that it possesses an order of vibratory, 
oscillatory velocity, which causes it to evolve its own luminosity. This celes- 
tial, latent power, that induces luminosity in this medium, is the same that 
registers in all aggregated forms of matter, visible and invisible. It is held 
in the corpuscular embrace until liberated by a compound vibratory negative 
medium. What does this activity represent, by which luminosity 1s induced 
in the high etheric realm, if not to indicate that even this order of ether is 
bounded by a greater region still beyond? The activity of the corpuscles repre- 
sents its outflow from the luminiferous track towards the molecular centers of 





31/Celestial Radiation] 

32Keely, [The Operation of the Vibratory Circuit] 
33[Musical Triplet] 

34/sympathetic outreach| 

35Keelys Mechanical Inventions and Instruments] 
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neutrality, revealing the connecting link®® between mind and matter. These 
conditions of luminosity have no thermal forces associated with them, al- 
though, paradoxically, all thermal conditions emanate from that source. The 
tenuity of this element accounts for it. It is when the streams come in conflict 
with crude matter that heat is evolved from its latent state and a different 
order of light from the etheric luminous is originated, the sun being the inter- 
mediate transmitter. All planets and systems are sympathetic intermediates, 
the whole of one system, connected in sympathy for each other, the Brain of 
Deity.”>" See Figure 4.7. 


5.5 Russell on Mind and Mind Substance 


Keely uses the term ‘luminosity’ or ‘luminiferous ether’? which Russell calls 
‘white still magnetic light of gravity’ or simply ‘magnetic light’. 


Blue Red 
Chemism Thermism 


Visible Light Spectrum 


Figure 5.2: Red and Blue halves of the visible light spectrum 


Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/Vvisible-light-spectrum.jpg 


“Electricity is the divider of the invisible white still magnetic light®® of 
gravity - which Mind is - into the red and blue halves of the visible light 
spectrum for the purpose of creating male and female bodies which alone 
constitute all matter.” *° 





36 [connecting link] 

37Keely, [Dashed Against the Rock] 
3817B.09 - Luminiferous Ether or Light] 
39/Magnetic Still Light] 

40Walter Russell, notation on chart, 1955 
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THE, THE THE 
DIVIDED TWO UNITED ONE piVviDED THO 


THE DIVINE TRINITY 





Figure 5.3: Red and Blue halves of Polar states 


Image: http://pondscienceinstitute.on-rev.com /imagesNatDyn/female-male-color.jpg 


“This universe of matter in motion is but the electric record of thought.” 


“Light is the living substance of Mind in action. It is the creating princi- 
ple of the One substance. 

“The One substance is the etheric “spiritual” substance of the One uni- 
versal Mind. 

“The entire “created” universe of all that is, ever has been, or ever will 
be, is but the One substance in motion, light.” *? 


In other words matter is ultimately constituted of the polar concentrated 
and solidified substance of thought or Mind Force. 


5.6 Mind is a Substance 


Mind is substance or matter. Mind is a tenuous (ultra-gaseous) matter 
like ether or plasma (quantum substances). Mind is an etheric (quantum) 





41Walter Russell, [The Secret of Light] 
42/Ether - Russell] 
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substance (ultra-plasma). Mind therefore possesses vibratory, chemical and 
other knowable and engineerable attributes. As Mind is substance it can be 
regulated, harnessed and manipulated as any other gaseous substance. 


5.7 Mind is also as an aggregate of conscious- 
ness 


Mind is also as an aggregate of consciousness (self awareness) and is com- 
prised of three distinct subsets: 


Compound Interetheric 
Superconscious.*? Also known as Christ Consciousness“*, Cosmic Con- 
sciousness*’, Knowing, Wisdom, awareness and science. 
Interetheric 
Consciousness. Also known as intellect, ego, reason, thinking. 
Subconscious. Also known as Soul, body-mind and instinct. 
Unconscious. Belief, Habit, Natural Man 
Etheric 
Tenuous matter that composes the plasma gases of the body actuated 
(vivified) via our conscious and unconscious thinking and (beliefs, cognized 
or not). 
Interatomic 
The liquids and solids composing the body actuated by the etheric or 
quantum mind forces. 
Atomic 
Atoms 
Molecular 
Simple, Compound and Complex Molecules 


It is because of this hitherto unsuspected property of mind and consciousness 
as a form of tenuous matter the link is established between so-called hard 
science (3D, materiality, classical physics) and so-called sacred science or 
spiritual fields of study*® now loosely called non-classical physics. They are 





Superconscious| 
Christ Consciousness] 
Cosmic Consciousness] 
telekinesis], [telepathy] 
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in fact one field of study when this connection is recognized and admitted. 


Chapter 6 


What is Vibration? 


6.1 Quotes - vibration defined 


“Vibration is the rhythmical motion of a body within itself.” 


“Vibration is a periodic interchange of state.”? 
“Rhythmic Balanced Interchange. ”? 


“All force is vibration...” Cayce (900-422) “So is matter.” Cayce (1861- 
16) 


“All comes from one central vibration - taking different form.” Cayce (900- 
422) 


“Everything is vibratory.” Cayce (195-54) 


“As we see manifest in the electrical forces as used by man. This becom- 
ing only an atom in motion, and as the atomic force gathers this, producing 
such vibration as to create heat, light, and of the various natures, by the kind, 
class or nature of resistance’ met in its passage in the cycle given, reducing 
or raising the velocity, or better by the class of atomic force it vibrates, either 





Keely, see [Oscillation] 

[Dale Pond] 

3(Russell] 

4\Law of Vibrating Atomolic Substances] 
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with or against. These are examples of portions of universal forces.”° 


“Vibration is movement. Movement is activity of a positive and negative 
force.”® 


“Electricity’ or vibration is that same energy, same power, ye call God.”® 


“Life in its manifestations is vibration. Electricity is vibration. But vibra- 
tion that is creative is one thing. Vibration that is destructive is another. 
Yet they may be from the same source. As in the electrical forces in the form 
or nature prepared even for use in the body. Remember life is vibration. So 
is mind. So is matter.” ® 


6.2 A Vibration Is 


A vibration is a rhythmic periodic expansion (entropy/dispersion) and con- 
traction (syntropy/aggregation) change of state; 7.e., a periodic inter-exchange 
of seemingly opposite yet co-joined and inseparable polar states. The two 
polar states are entropy (expansion) and syntropy (contraction). In each 
wave or vibration there are two distinct yet related unseen sets of dynamic 
aliquot parts or constructive currents (when considering a wave train or con- 
tinuous vibration as a vibratory stream or vibratory flow). One set of aliquot 
attributes or parameters brings about the periodic concentration or aggre- 
gation of the vibrating media while the other set of aliquot attributes or 
parameters causes periodic expansion or dispersion of the media. If these 
unseen influences (aliquot or scalar components) were not there and a dy- 
namical constituent of each wave or vibration there could be no delta or 
change of state as both states or phases would be identical and unchanging. 
The perceived wave or vibration is then the effect of these unseen causative 
(scalar) influences, attributes, parameters or currents. The details of these 
unseen causative (scalar) influences, attributes, parameters or currents are 





>Cayce (900-17) 

®Cayce (281-29) 

"ILaw of Vibrating Atomolic Substances] 
8Cayce (2828-4) 

°Cayce (1861-16) 
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the subject of this presentation and are also presented in Laws of Being’®, 
Laws of Being - Annotated!', Wavefunction!” and Part 12 - Russells Locked 
Potentials'®. These two states are governed in part by the Law of Har- 
mony!, Law of Harmonic Pitch!®, Law of Harmonic Vibrations!® and the 
Law of Repulsion'’. See also [Bjerknes Effect] for a mechanical experiment 
demonstrating these two tendencies of vibratory attraction and repulsion. 


Vibrations manifest as three-dimensional (along x, y and z planes) expres- 
sions of these unseen creative currents. Vibrations are not well represented 
by the typical sine wave. The use of the sine wave graphic has become so 
ubiquitous it is often mistaken for the actual motions of a vibration. These 
three-dimensional expressions are a periodic expansion and contraction of 
the elements of the vibrating medium; 7.e., the air particles are mutually 
attractive then mutually repellant according to the Law of Attraction !® and 
Law of Repulsion!®. The contraction is seen as the compressive wave front 
while the repulsion is seen as the vacuous backside of the compression front. 
This same dynamic can also be seen as the compressed air at the front of 
an airfoil and the rarefaction on top of that same airfoil or airplane wing or 
propeller. 


6.2.1 Three Forces action on all Matter and Energy 


“All conditions of dispersion and focalization are accompanied by the “ce- 
lestial mind force” acting upon “terrestrial matter” - (corresponding to the 
mind force acting on the brain, which is only its molecular instrument.) This 
force is the first seal of the Book of Vibrational Philosophy - the first stepping 
stone toward solution of the Source of Life. 


“All Nature’s forces are mind forces: magnetic, electric, etheric, acoustic, 





Laws of Being] 

Laws of Being - Annotated] 
Wavefunction] 

13/Part 12 - Russells Locked Potentials] 
Law of Harmony] 

Law of Harmonic Pitch] 

Law of Harmonic Vibrations] 

Law of Repulsion] 

18!Law of Attraction] 

Law of Repulsion] 
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solar. Any metallic mass can be so impregnated with certain vibrations that 
it will assume mental attributes - attraction and repulsion. We must first 
understand the triune conditions or laws of that sympathetic medium which 
interconnects matter with matter, the triune conditions or laws of Sympa- 
thetic Streams and unites resonance of each of the seven subdivisions before 
we can understand the induction by means of acoustic generators, of magnetic 
antagonisms in matter and the different forms of energy thereby liberated.” 7° 


6.2.2 Law of Attraction (syntropy) 


“Jurtaposed coherent aggregates vibrating in unison, or harmonic ratio, are 
mutually attracted.” 


6.2.3. Law of Repulsion (entropy) 


“Juxtaposed coherent aggregates vibrating in discord are mutually repelled.” 2? 


6.2.4 Law of the Dominant (Celestial Mind Force) 


“All wave propagations, electromagnetic or otherwise by being thus refracted 
can be measured in regard to the time of their propagation all of which are 
introductorily subservient to the luminiferous ether.”° 


6.3 Rad-Energy - entropic dispersion 


Rad-energy”* is radiant energy - expanding from a center. Sometimes this en- 
ergy is referred to as dispersive, entropic or discordant as it is both. Accord- 
ing to the Bjerknes Effect”® radiation or radiant energy disperses (because 
affected media is mutually repulsive according to the Law of Repulsion?°) 
from a center losing its amplitude and degree of discord following the Square 





?0/Snell Manuscript] 

Keely, [Bjerknes Effect] 

2K eely 

3 Keely, [Luminiferous Ether] 
*4yad-energy 
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Law?’ until it reaches zero amplitude and zero discordant content at Russell’s 
Plane of Inertia”. The range of dispersion is dependent upon the Introduc- 
tory Impulse?’ and conductivity of the media. This dispersive energy effects 
the media in which it travels through modulation and heterodyning®®. The 
overall effects of this process is governed by the Law of Transformation of 


Forces”!. 


6.3.1 Introductory Impulse 


The introductory impulse sets the tone so to speak of the acoustic sound 
mentioned above. The introductory impulse may establish an entropic dis- 
persion or syntropic condition according to its overtone content. When the 
partials are discords the resultant sound will be entropic dispersion. When 
the partials are concords the resultant sound will be syntropic concentra- 
tion. The development of discordant overtones is a simple and low powered 
occurence. All sounds developing from an introductory impulse will create 
discords. It appears the more power initiating an introductory impulse the 
more discords are developed according to the Law of Cycles*?. 


6.4 Vibration v Oscillation 


These two rhythmic motions of vibration and oscillation are not the same. 
Without vibration and oscillation made distinct seeming unfathomable para- 
doxes arise. For these paradoxes to be understood the difference between 
vibration and oscillation has to be clarified. 


“Vibration is the rhythmical motion of a body within itself.”®> Not unlike 
the rhythmic motions of or within the heart without change in spatial loca- 
tion of the heart. 





27Square Law 

28Plane of Inertia 

?°Introductory Impulse 
3°Heterodyne 

3!Taw of Transformation of Forces 
32Law of Cycles 
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“Oscillation is a rhythmically recurring translatory movement.” ** Back and 
forth motion over space not unlike a child’s swing or penduluum. 


In the ground state, at the moment of inflow of the sympathetic celestial 
streams or Divine Permeation (spark of Life), vibration is, symbolically, one 
cps and oscillation is one cps. From that moment on in the process of progres- 
sive rhythmic devolution or evolution, due to the Law of Harmonic Pitch®°, 
Law of Harmonic Vibrations*°, Law of Transformation of Forces®” and Law of 
Cycles**, acting together as one complex or orchestrated law, the One is re- 
fracted or differentiated into the multiplicity of materiality (the One becomes 
the Many) in the natural formation of overtones sometimes called harmon- 
ics*®. These secondary and tertiary overtones are not separate from their 
source (the fundamental) but are inextricably linked to it as Cause is linked 
to its Effects. Demonstrating everything-that-is has a common origin or One 
Source and state of Being (sympathy; 7.e., Love or Harmony) regardless of 
outer appearance (opinion) of separateness and individuality. *° 


6.5 What a Vibration is NOT 


A vibration is not a two-dimensional expression as a sine wave. Sine wave 
patterns are developed from measuring a wave front passing by a measuring 
device such as a microphone, accelerometer or transducer. As the amplitude 
changes - at the point of monitoring - a sine wave is traced of the vary- 
ing amplitude over Time. I spoke about this over simplification in my 1994 
SVP presentation in Milwaukee.*! The sound wave front actually expands 
simultaneously along all three dimensions (x, y and z). A simple sine wave 
then is but a trace of what is happening at a given xyz point in space but 
says next to nothing about what is happening within the three dimensional 





34 Keely] 

35[Law of Harmonic Pitch] 

36[Law of Harmonic Vibrations] 

37(Law of Transformation of Forces] 

38 (Law of Cycles] 

39Tn SVP ‘harmonics’ are divisible by 2. All other developed secondary and tertiary tones 
are divisible by other divisors such as 3, 5, 7, etc. and are called ‘overtones’. Collectively 
they are called ‘partials’. 
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sound wave as per is originating forces, expanding and contracting dynam- 
ics and what is occurring with the periodic or aperiodic motions within the 
substance of the transmitting medium. The compression portion of the wave 
front is in actuality the mutual periodic attraction and subsequent concen- 
tration between the medium particles due to an increase in syntropic force. 
Conversely, the less dense (rarefied) wave section is an effect of the entropic 
forces causing the media particles to be mutually repulsive dispersing them 
into a relatively rarefied condition. Therefore the amplitude of a wave is 
predicated on the quantity of syntropy or entropy brought to bear on the 
vibrating media. The response within the media to an external excitation 
largely depends on the character (time, duration, condition and location) of 
the introductory impulse* of the excitation. From the above sketch it can 
be readily seen how Macvicar’s Law of Assimilation*? (Russell’s Rhythmic 
Balanced Interchange“*) is active in every periodic motion. 


6.6 Wave Propagation 


In the air the molecular wave front does not actually propagate as a wave. 
The wave is an effect of subtler causes which when viewed accumulatively 
have the appearance of a wave. Thus we are fooled when relying on our senses. 
The elements of the molecular medium (air particles) primarily rotate and 
oscillate about their centers depending on the nature of the disturbance. It 
is this disturbance that propagates causing periodic expansion and contrac- 
tion of that which it encounters along the way and before dissipation. The 
quantum scalar component propagates as a quantum disturbance through 
the molecular medium. This disturbance is rhythmical; i.e., (polar) inter- 
mittently syntropic then entropic in its effects upon the molecular receptive 
centers. There occurs an increasing compression to the 4++ potential* level 
where a 90° transformation, via the Law of Cycles, converts syntropic influ- 
ence from syntropic compression into entropic dispersion (gradients of vacu- 
ity). Logically then the time it takes for the invisible internal disturbance 








to become a visible external phenomenon is the apparent propagation rate. 
This is a periodic disturbance (time to reach the critical 4++ state plus re- 
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laxation time plus reformation time) and takes on the appearance of a wave 
or vibration. Of course, it should be noted not all rhythmic motions result in 
a complete 4++4 transformation as not all rhythmic motions have sufficient 
power to achieve transformation. Hence there are low energy waves and vi- 
brations that simply repeat themselves without self-destruction and rebirth 
in a new energy state. 


6.7 Frequency 


It can be argued Keely counted frequency as a dual motion of IN then OUT 
or OUT then IN depending where one begins counting. If this is true then 
the apparent oscillation of a pendulum is two oscillations from side to side. It 
is not certain this method of counting carries throughout the Keely materials 
but it is good to keep this in mind. 


Phases of a Wave 
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Figure 6.1: Four Phases of a Wave or Oscillation 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/fourphases400.gif 


6.8 Law of Cycles 


“Coherent aggregates harmonically united constitute centers of vibration bear- 
ing relation to the fundamental pitch not multiples of the harmonic pitch, and 
the production of secondary unions between themselves generate pitches that 
are discords, either in their unisons, or overtones with the original pitch; 
from harmony is generated discord, the inevitable cause of perpetual trans- 
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formation.” *® 
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Chapter 7 


Laws of Being 


7.1 Introduction 


Professor Daniel Brinton', author of the following reviewed article, spent 
considerable time in Keely’s nearby laboratory and workshop. It is believed 
this article is the clearest attempt to explain the basic concepts Keely discov- 
ered, developed and worked with and how he used them. After all, Keely was 
present to directly answer Brinton’s questions. Therefore it behooves us to 
closely examine this article to discern understanding and hopefully practical 
use. 


The terms and phrases in this article are linked to supporting materials 
within the svpwiki.com where the bulk of the known Keely materials are 
located. Comments are given immediately below a Brinton quote. These 
comments are quite important because they represent a synthesis of years of 
learning Keely’s and Russell’s jargons as well as comparative contemporary 
concepts and research. A careful reader will see an intermingling of materials 
from various sources that support each other. Most notably is the mutual 
affinities between the works and ideas of John W. Keely and Walter Russell. 


Brinton’s words or quotes are preceded by Roman Numerals in bold 
type. Numbers and brackets (||) contain comments and links about Brin- 
ton’s writings and Keely’s concepts. These terms and phrases in brackets 





‘Daniel Garrison Brinton (May 13, 1837 July 31, 1899) was an American archaeologist 
and ethnologist at the University of Pennsylvania. 
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({]) can be searched in www.svpwiki.com. The original unaltered Brinton 
text can be seen in “Keelys Physical Philosophy - Appendix-I” and “Laws of 
Being, Appendix-II” at the end of this book or within the svpwiki.com. 


7.2  Rhythmical Relations 


I. “The fundamental conception of the Universe is force mani- 
festing itself in rhythmical relations.” (continues to II);? 


7.2.1 Principle of Rhythmic Balanced Interchange 


“This principle of rhythmic balanced interchange® between Father* (syntropy) 
- Mother” (entropy) lights of gravitation (syntropy) and radiation (entropy) 
is fundamental in all creating things.”® 


In other words the principle of Rhythmic Balanced Interchange’ is a universal 
principle®®, as Russell repeatedly emphasized, active in all things from molec- 
ular to Mind energy subdivisions (states). Rhythmic Balanced Interchange 
is after all what every vibration and oscillation does that the ubiquitous and 
over simplified sine wave does not reveal. 


7.2.2. Every individualized object assimilates itself 


Macvicar!? writes: “Every individualized object assimilates itself to itself in 
successive moments of its existence and all objects tend to assimilate one an- 
other.” 





Rhythmic Balanced Interchange] 

rhythmic balanced interchange] 

Father] 

Mother] 

Russell, [The Secret of Light], page 150; see ‘Chapter 6 - What is Vibration?’ 
Rhythmic Balanced Interchange] 

Principles] 

see Chapter 11 

°Dr. John Gibson [MacVicar] professor at university of St. Andrews 1830. 
‘Snell Manuscript}, [Three Laws of Being], [Law of Assimilation], [Modes of Vibration 
- Annotated] 
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Please note this law as expressed by Macvicar is the same universal law 
in its essence and dynamic as expressed by Jesus wherein he says: 


“Jesus said unto him, Thou shalt love the Lord thy God with all thy heart, 
and with all thy soul, and with all thy mind. This is the first and great com- 
mandment.” (Matthew 22:3738). 


“And the second (commandment) is like unto it; Thou shalt love thy neighbor 
as thyself. On these two commandments hang all the law and the prophets.” 
(Matthew 22:3940). 


SVP (nor this author) does not subscribe to or promote organized religions 
but we are interested in universal laws and principles (applicable universally) 
regardless who revealed them or wherever they may be found. 


Love and Sympathy are synonyms for affinity, assimilation or being One 
With. These same dynamics apply everywhere and with everything thus es- 
tablishing sympathetic association’? between all things, everywhere and at 
all times. 


To repeat when the constituent frequencies of A and B are identical A trans- 
mits to B and B transmits to A sympathetic association or mutual resonance 
(Love or Sympathy) occurs. These dynamics are as expressed in the follow- 
ing of Keely’s forty laws”: 


Law of Harmonic Vibrations'* 


“All coherent aggregates are perpetually vibrating at a period-frequency cor- 
responding to some harmonic ratio of the fundamental pitch of the vibrating 
body; this pitch is a multiple of the pitch of the atomoles!’.” See Overtone 


Series!®, 
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Law of Transmissive Vibraic Energy‘’ 


“All oscillating and vibrating coherent aggregates create, in the media in 
which they are immersed, outwardly propagated concentric waves of alter- 
nate condensation and rarefaction, having a period-frequency identical with 
the pitch of the aggregate.” 


Scholium: “All forms of transmissive energy can be focussed, reflected, re- 
fracted, diffracted, transformed, and diminished in intensity inversely as the 
square of the distance from the originating source.” See also Square Law’. 


Law of Sympathetic Oscillation’ 


“Coherent aggregates immersed in a medium pulsating at their natural pitch 
simultaneously oscillate with the same frequency, whether the pitch of the 
medium be a unison, or any harmonic of the fundamental pitch of the cre- 
ative aggregate.” 


As the atomole is the constructive constituent of all atoms all atoms are 
therefore in sympathetic association at, by and through these atomoles. All 
is one at this level or state of being even though at the physical level of our 
perception everything appears to be separate and individual. 





17'Law of Transmissive Vibraic Energy] 
18/Square Law] 
19'Law of Sympathetic Oscillation] 
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Sympathetic Vibrations 


Sympathetic Vibrations of Transmission 





Sympathetic Transmission 
of Pure Wave Forms 


Same Chords 


Different Chords 
Oey = = = tetttye 
<? He = = SS & wy 


©Dale Pond, 1999 


Figure 7.1: Sympathetic Vibration - Entanglement 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/sympathetic-vibrations.jpg 


7.2.3. These modes are today much like “phase” 


These modes, or periodic change of state, are today much (but not exactly) 
like what we call “phase” of a wave. Usually conventional ‘phase’ is undis- 
tinguished in construction as to its causative (aliquot/scalar) forces and dy- 
namics being primarily intermittent syntropic and entropic. Phase in modern 
usage is almost exclusively linked to the positive or negative halves of a sine 
wave which does not convey all that is occurring in the wave under investi- 
gation.”° 


II. “This definition [from I] is exhaustive, including both thought”! 
and extension’, mind and matter. The law for the one is the law 
for the other. The distinction between them is simply relative, 
t.e., quantitative, not qualitative. 


As above so below - all forms of matter and energy regardless of frequency, 
subdivision or state are involved in a periodic Rhythmic Balanced Inter- 





20see chapters ‘Chapter 6 - What is Vibration?’ and ‘Chapter 8 - Modes of Vibration’ 
21 thought] 
221Sympathetic Outreach] 
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change between their polar states where one polar state becomes the other 
intermittently. 


Ill. “The rhythmic relations in which force acts are everywhere, 
under all conditions, and at all times, the same. They are found 
experimentally to be universally expressible by the mathematical 
relations of thirds.””° 


“Rythmic relations” indicates ALL vibratory and oscillatory motions are 
effects of this periodic interchange of intertwined poles between syntropic 
contraction or assimilation and entropic expansion or dispersion. This in- 
terchange occurs as these two states are in the relative proportion (ratio) of 
third parts to one another. 





Figure 7.2: Chart showing location of the three mode frequencies. 
Image: http://pondscienceinstitute.on-rev.com /imagesNatDyn/electromagneticspectrummodes500.jpg 


That three or threeness is fundamental is now seen to be valid in the 
Rule of Threes*4 re-discovered by Vitaly Efimov and is called the ‘Efimov 
trimer’ or ‘Efimov state’?°. Likewise both Keely in the 1880s and Russell in 


the 1920s clearly comment on the value of threes?°. 


“Rest and action are three. Space and matter are three. Equilibrium and 





?3/14.35.1 - Keely 3 6 and 9] and [Rhythmic Balanced Interchange] 
4/Rule of Threes proven] 

25 Wikipedia/Efimov state 

?6/Three] 
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motion are three. Dimensions and pressures are three. The heartbeat of the 
universe, and yours, are three. Likewise, its breathings and yours, its tem- 
peratures and yours, and all things else of the universe, and you, are three.” ?" 


7.2.4 ‘Thirds’ is usually a mathematical relationship 
of proportion 


Within this and related SVP documents the concept and use of the term 
‘thirds’ is usually a mathematical relationship of proportion of wave function 
parameters”® (of volume, force, density, etc.) and not always a musical rela- 
tion. A given whole being One Whole, has three parts always in varying yet 
relative proportion to one another. The overall or resultant expression of the 
One Whole is dependent on the ratios being applied. More syntropy makes 
the whole more syntropic. The more entropy the more entropic will be the 
One Whole. Therefore and thereby polarity 1s not fundamental but may be 
modified or manipulated by altering the ratios of these proportions held as 
thirds or third parts.?° 


7.3 Threefold Relations 


IV. “These threefold relations may be expressed with regard to 
their results (appearances) as, 


I. Assimilative (attractive, aggregating) 
Il. Individualizing (dispersing, dissociating) 
III. Dominant or Resultant (controlling, determining) 





27Russell, [Atomic Suicide]?, Chapter 5 - Prelude - The Transformation of Man 
?8/Eighteen Attributes or Dimensions] 
?°Chapter 10 - Proportions (Ratios) of Relative Values 
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Figure 7.3: Triune Forces/Modes/Proportions combined as One Force 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/Triune-Forces.jpg 


7.3.1 Each of the above dynamics (IV) is a § part or 


current of a 3 stream 


Each of the above dynamics is a 5 portion or current of a 3 stream (rhythmic 
flow of force or energy’). These three-fold relations are resultant dynamics 
of three-fold relations of these three currents acting “as one” - constituting 
a single compound stream or chord tone; 7.e., combined proportions of each 
with the others. This combination of three entities to make one compound 
entity works the same way three musical notes may be sounded at one time as 
a triplet chord, hence Keely’s constant use of triplet chord notations through- 
out his charts. It is further presumed the ratios of the musical notes within 
a triplet chord on his charts*! are the same ratios when specifying any other 
applied proportional value such as frequency, amplitude, etc. regardless of 
frequency range or subdivision. 





30 “In, this system (Sympathetic Vibratory Physics), force and energy are classified as 
opposites, working in antagonism to each other: Force as a positive power which initiates 
aggregative motion, and resists separative motion, in three postules, of ponderable matter 
in the etheric medium; Energy as a negative power, which initiates separative motion, or 
disintegration, and resists aggregative motion, in three postules of ponderable matter, also 
of the etheric medium.” Bloomfield-Moore, [What Electricity Is - Bloomfield Moore] 

3![Part 25 - Keelys Wonderful Charts of Vibratory Etheric Science] 
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7.3.2. Ratios of Harmonic and Enharmonic Potentials 


It is further assumed (until bench testing shows otherwise) these triplet 
chords when considered as a singular tone each represents a different de- 
gree of concord and discord. Tables would have to be developed from bench 
testing. These ratios of concord and discord would also parallel in some 
regards Russell’s concepts of Locked Potentials because that is what they 
are. 


yt ghbratery Creves 





Figure 7.4: Typical Triplet Chords in Keely’s charts. 


Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/Angles-Segment-500.jpg 


7.4 Three Actions and Laws of Being 


V. “From these three actions are derived the three fundamental 
LAWS OF BEING: 


I. Law of Assimilation: every individualized object assimilates itself 
to all other objects.” 

II. Law of Individualization: every such object tends to assimilate all 
other objects to itself.°? 

III. Law of the Dominant: every such object is such by virtue of the 
higher or dominant force which controls these two tendencies. ** 





32/Law of Assimilation] 

33!Law of Individualization] 

34these three laws act according to and with the [Law of Sympathetic Association] and 
[Law of the Dominant] 
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7.4.1 Law of Sympathetic Association 


“The effects of the Law of Sympathetic Association®®, which Mr. Keely 
demonstrated as the governing medium of the universe, find illustrations in 
inanimate nature. What else is the influence which one string of a lute has 
upon a string of another lute when a stroke upon it causes a proportionable 
motion and sound in the sympathizing consort, which is distant from it®®, 
and not perceptibly touched? It has been found that, in a watchmaker’s shop, 
the timepieces, or clocks, connected with the same wall or shelf, have such a 
sympathetic effect in keeping time, that they stop those which beat in irregular 
time; and, if any are at rest, set those going which beat accurately. Norman 
Lockyer®" deals with the Law of Sympathetic Association as follows: - “While 
in the giving out of light we are dealing with molecular vibration taking place 
so energetically as to give rise to luminous radiation, absorption phenomena 
afford no evidence of this motion of the molecules when their vibrations are 
far less violent.” . . .“The molecules are so apt to vibrate each in its own 
period that they will take up vibrations from light®® which is passing among 
them, provided always that the light thus passing among them contains the 
proper vibrations.°” “Let us try to get a mental image of what goes 
on. There is an experiment in the world of sound which will help us.” .. . 
“Take two large tuning-forks, mounted on sounding-boxes, and tuned to exact 
unison. One of the forks is set in active vibration by means of a fiddle-bow, 
and then brought near to the other one; the open mouths presented to each 
other. After a few moments, if the fork originally sounded is damped to stop 
its sound, it will be found that the other fork has taken up the vibration, 
and is sounding distinctly. If the two forks are not in unison, no amount of 
bowing of the one will have the slightest effect in producing sound from the 
other. ”*° 





35[Law of Sympathetic Association] 

36spooky [action at a distance] 

37Sir Joseph Norman Lockyer, FRS (17 May 1836 - 16 August 1920), known simply as 
Norman Lockyer, was an English scientist and astronomer. 

38etheric [disturbance of equilibrium] 

39 [Law of Force] 

40Clara Bloomfield-Moore([CJBM]), [Keely and His Discoveries], [Tuning Forks], [Sym- 
pathy] 
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7.4.2 Law of Assimilation 


The Law of Assimilation*! acts according to the laws of sympathetic attrac- 
tion and oscillation as also the Law of Sympathetic Oscillation.*? - “this 
law is to the effect that every individualized object tends to assimilate itself 
to itself, in successive moments of its existence, and all objects to assimilate 
one another. ”*? 


7.4.3. Law of Attraction 


“Juctaposed“ coherent aggregates vibrating in unison, or harmonic ratio, are 
mutually attracted. ”* 


Here then is the great law of attraction properly explained. When two or 
more objects are ‘vibrating in unison’ they are sympathetic to each other and 
what occurs to one occurs to both. The objects are ‘linked’ by sympathetic 
vibration and/or sympathetic oscillation. This phenomenon is recognized 
today as ‘entanglement’ or ‘spooky action at a distance’.*° Where objects 
are ‘equally and uniformly spaced’ we see the basis for geometric shapes such 
as tetrahedrons, etc. thought so much of by so many these days. Uniformity 
of design elements or dimensions (geometry) is therefore an attribute of har- 
mony and therefore attraction or assimilation lacking entropic (discordant) 
elements of dispersion (numbers and ratios other than those forming unisons 
or harmonic ratios). 


7.4.4 Law of Sympathetic Oscillation 


“Coherent aggregates immersed in a medium pulsating at their natural pitch 
simultaneously oscillate with the same frequency, whether the pitch of the 
medium be a unison, or any harmonic of the fundamental pitch of the cre- 
ative aggregate. ”*" 





1'Law of Assimilation] 

?[Law of Sympathetic Oscillation] 

3[Law of Assimilation] 

4equally and uniformly spaced 

°Keely, 1894; see [Bjerknes Effect] 

°[Sympathetic Vibration], [Sympathetic Oscillation], [Entanglement] 
"Keely, 1894 
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This coincidental and synchronous action is seen in the coordinated motion 
of seeming separated clock pendulums all immersed in the common medium 
of the atmosphere or sharing contact through a wall or shelf. In a similar 
fashion this is the basis of dissolving foreign materials (aggregates) by sol- 
vents in solutions. Curiously it is the same dynamic at work in the Stockholm 
Syndrome*®. See II above why this is so. 


7.4.5 Infinite neutral Mind centers and controls all mo- 
tion 


Should we replace the non-existent infinitely small strings as held in the 
String Theory with infinitely small centers’? to which are applied the above 
three laws it can be seen how every center is sympathetic (in sympathy) 
with every other center and are therefore quantum entangled; 7.e., sympa- 
thetic one to all others and clearly reflects the above three laws and their 
dynamics. This would of course imply a single fundamental chord at the very 
heart or core of the universe. This highly sympathetic universal chord could 
be the ‘Cosmic microwave background’®® that vibrates and oscillates every- 
thing in the universe at a common pitch thus sympathetically connecting 
(entangling) every seeming individuated thing to all other seeming individu- 
ated things regardless of space. At certain subdivision levels it may therefore 
be presumed all things regardless of location are sympathetically linked and 
behave as One Thing thus all things may be considered as One yet having 
individual exist and experience.°*! 


Cayce mentions this seeming duality of One yet individual state of affairs 
as described by the above laws, states and circumstances thusly: 


“That it, the entity, may know itself to be itself and part of the Whole; not 
the Whole but one with the Whole; and thus retaining its individuality, know- 
ing itself to be itself, yet one with the purposes of the First Cause that called 
it, the entity, into being, into the awareness, into the consciousness of itself. 
That is the purpose, that is the cause of being.” °*(underlines added) 





48 Wikipedia/Stockholm Syndrome 
49'Center Theory] 

5°(Cosmic microwave background] 
51/What is Sympathy] 

°2Cayce (826-11) 
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THE CREATING UNiVER: 
APPEARS FROM _ 
ONE 






AND DISAPPEARS 
INTO THE 


ONE 


Figure 7.5: From the One comes the many. 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/One-Many.jpg 
(courtesy University of Science and Philosophy) 


And of course this illusion of separateness carries on into the affairs of 
each individual and hence into society. 


As can be seen from the above the totality of the universe is One totality 
with seeming separate individualizations. Science sees it when it insists on 
creating experiments isolated from all outside influences. This of course can 
work in purely mechanical experiments but once the threshold of the atom is 
breached into the quantum world nothing can be isolated from these higher 
and finer outside forces and influences. Indeed even the atom is affected by 
these higher finer forces - we simply do not know how to pay attention to 
the effects which includes the existence of the atom itself being created and 


maintained by these unseen forces”®. 


How the many forms of matter and substance develop through evolution™ 
from the seeming void of Mind or Consciousness is not the topic of this book. 


Perhaps we’ll get around to writing such a book in the future. 


7.4.6 One Substance is Mind 


There is but One Substance in the universe and that substance is Mind 
which some have called “Light” as in the Light of Mind. Being of the Light 
or Etheric order of subdivided being the ancients called it “Luminiferous 





5317.9 - Ultimate Constitution of Matter and Action of Force Regulating its Phenomena] 
54svpbookstore.com - Hughes, F.; Harmonies of Tones and Colours - Developed by 
Evolution 
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Ether”®’. Walter Russell expressed it thusly: 


“Light units have the appearance of individuality, even as you and I. 

“There is no individuality in this universe of Mind. There is but an appear- 
ance of individuality. 

“This is a universe of the One Thing. 

“That One Thing is Mind. 

“The substance of thinking Mind in action is light. 

“There is but One substance. 

“The One substance cannot be divided into many substances, or many parts. 
“Individuality is but an appearance, an effect of potential in the periodicity 
of thinking.” °° 


Thus it can be seen Mind centers®’ all things because all things are mo- 
tions centralized about a common center originating of Mind as Source®® or 
the Interetheric realm or subdivision (6th subdivision) of being. 





Figure 7.6: Mind centers all motion. 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/thought-rings.jpg 
(courtesy University of Science and Philosophy) 


VI. “Applying these fundamental laws to an explanation of the 
universe, as it ts brought to human cognition, all manifestations 
of force may be treated as modes of vibrations.” 


Simplistically everything vibrates and oscillates perpetually.°? But not all 





5>[Luminiferous Ether] 

Russell, [The Universal One], Book 02 - Chapter 01 - Dynamics of Mind - Concerning 
Light Units of Matter 

57/Figure 12.06 - Mind Centers and Controls Motion] 

‘very important article by Keely [7.9 - Ultimate Constitution of Matter and Action of 
Force Regulating its Phenomena] 

5°[Law of Harmonic Vibrations] 
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vibrations and oscillations are equal bringing us to the subject of this book. 
The great secret to understanding is to see and know the unseen working 
constituents of vibrations and oscillations such that we can engineer them 
to create the precise waveforms and effects we want. These periodic mo- 
tions are not solely about sine, square, sawtooth and pulse shaped waves. 
Carefully sculpting a waveform synthesizing specific partials and harmonics 
allows a fine precision in applying these waveforms. Likewise understanding 
how waves interact with each other, as shown in Keely’s forty laws,°° gives 
us mastery over such vibrating and oscillating dynamics and media. 


7.5 Three Modes of Vibration 


VII. “The essential differences give rise to three modes of vibra- 
tion: 


I. The Radiating: called also the “Dispersing”, the “Propulsive”, the “Pos- 
itive”, and the “Enharmonic” .°! 


II. The Focalizing: called also the “Negative”, the “Negative Attractive” , 


the “Polarizing”, and the “Harmonic” .© 


II. The Dominant: called also the Etheric, or the Celestial. 


7.5.1 Polarity, Duality, Bias and Potential 


Polarity is usually understood as two seemingly opposing forces or states as 
in for instance the two poles of magnetism. Neither Keely nor Russell saw 
polarity in this simplistic manner. To them there are two composite poles 
and a centering fulcrum or neutral point, neutral center or neutral line. All 
three states are effects of subtler unseen forces united in discrete proportions 
of three united and manifesting as one. A key here is preponderance as in one 
composite force is preponderant over the other within a triplet configuration 





60 
61 


[ 
[ 
62) 
[ 


Keelys Forty Laws] 

Entropic]. [Russell] also calls this ‘[Mother]’ or ‘[Magnetic]’. 

Syntropic] or [Negentropic]. Russell also calls this ‘[Father]’ or ‘[Electric]’. 
63 /Mind], [Etheric Elements], [Scalar], [Spirit] 
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or pole. Each pole then is a result determined by predominance of one 
composite force over the other two within each pole. 


7.6 Three Laws of Being 


VIII. “These, it will be noted, correspond to the three Laws of 
Being” (continues to IX.) 





Syntropy Neutral Entropy 





The Focalizing | The Dominant | The Radiating 





























Absorbing Centering Emanating 
Accumulating Balancing Dissipating 
Plus Fulcrum Minus 
Assimilating Neutralizing Dispersion 
Heating Zero Cooling 





Table 7.1: Three Polarity States and Effects 
6465 


7.6.1 Dominant Mode 


“By use of the dominant mode, which is allied to the “order” of etheric vi- 
brations, we can induct, “sympathetic negative attraction” or “sympathetic 
positive propulsion” in any mass, according to its mass chord.°° 


The Dominant mode is of the etheric and interetheric subdivisions that gov- 
erns the two lower order (molecular and atomic) subdivisions party to the 
polar triplet. 





°6This quote is from [SYMPATHETIC INDUCTION - Snell]. It says there is a polarity 
to the etheric (quantum) range of vibrations (row four in the above Table). This also 
implies the two polar streams are different and therefore must be created and applied as 
separate streams. 
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“All the dominant conditions of nature represent the focal centers towards 
which like surrounding ones become sympathetically subservient.” © 


“By use of the dominant mode, which is allied to the “order” of etheric 
vibrations, we can induct, “sympathetic negative attraction” or “sympathetic 
positive propulsion” in any mass, according to its mass chord.” 


“The magnetic cannot lead the electric, nor the electric the gravital, nor 
the gravital the magnetic. All are subservient to the dominant, as a train of 
cars 1s subservient to the locomotive which pulls it along; the only difference 
between the two is that one is sympathetic, the other mechanical. Though 
this is a crude illustration, it conveys a great truth in sympathetic philoso- 
phy. All sympathetic flows have this triune condition associated with them, 
the same as the molecular, atomic and etheric aggregations of all forms of 
visible matter; the compound etheric, or dominant, being the leader and yet 
one of the constituents of the molecule itself. The dominant we may call the 
etheric portion of the molecule; the harmonic, the atomic; and the enhar- 
monic, the molecule itself. The dominant parts of the triune combination 
of the sympathetic streams are the leaders, toward which all co-ordinate to 
make up the sympathetic terrestrial envelope of the earth; the cerebral being 
the high dominant, or compound etheric, the luminiferous proper.” © (under- 
line added) 








67/Keely and His Discoveries], page 179 
Re [SYMPATHETIC INDUCTION - Snell] 
°°/Keely and His Discoveries] 
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7.7 ‘Table of Modes Correspondences 



































Source From Cen- | To  Cen- | Balancing or 
ter” ter” Controlling 

Keely / SVP Enharmonic Harmonic Dominant 

Modern wave | Longitudinal?! | Transverse!*! | Rayleigh!"®! 

form 

Angle of Inci- | 0°- 45° 45°- 90° <90° 

dence 

Path/Motion"! Straight Zig-Zag Circular 

Keely / SVP Dispersing Syntropic Dominant /Depolar 

Keely / SVP Entropic Syntropic Dominant /De- 

polar 

Russell!4) Plus Minus Fulcrum 

Russel]!!! Gravitation Radiation Balance, Void 

Charles Henry!” | Gravitation Electro- Biopsychic 

magnetic 
Possible Thirds Sixths Ninths 
Correspondence!) 




















Table 7.2: Table of Mode Correspondences 


7.7.1 The above dynamics are to the following effects 























Many to One to Many 
Polar to Depolar to Polar 
Unbalanced | to Balanced to Unbalanced 
Split to Whole to Split 
Dispersed to Concentrated to Dispersed 
Differentiated | to | Voided/Undifferentiated | to | Differentiated 
Discord to Harmony to Discord 























Table 7.3: Some Mode Effects 


7.8. THREE MODES, CURRENTS AND STREAMS aval 


7.7.2 Relations of Thirds 





Thirds refers to molecular subdivision. | Physical movements, 
classical physics and 
mechanics. 

Sixths refers to atomic subdivision. Sympathetic impreg- 
nation of electromag- 
netism in matter. Op- 
erations of thermism” 
and low light. 

Ninths refers to etheric subdivision. Sympathetic transfer 
from the celestial 
luminous’ or celes- 
tial radiation’, also 
chemism. 4 




















Table 7.4: Thirds, Sixths and Ninths 
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7.8 Three Modes, Currents and Streams 


IX. “It is not to be understood that any one of these three modes 
of vibration can exist independently. Each by itself is called a 
‘current’, and all three must be present in every ‘stream’ or ‘flow’ 
of force. The relations of the currents in every flow are expressible 
in thirds, and it is experimentally demonstrable that the relation 
of the three are in the order named: as 33 5 : 662 : 100. 


7.8.1 Ratios and Proportions of Thirds 


The ratios and relations below are logical determinations (best guess) and are 
not to be taken as established or proven fact. Lots of lab work is needed here. 





75see ‘Chapter 9 - Modes of Vibration’ for more details on structure of thirds. See also 
[Newton of the Mind], [Law of Cycles]. 
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EK = 33 5= Dispersing, Positive, Enharmonic, Depolarizing, Entropic, Mother, Magnetic. 
> = 66 = Concentrating, Negative, Harmonic, Polarizing, Syntropic, Father, Electric. 


D = 100 = Etheric, Celestial, Mind, SpiritWhen defined as proportional parts: 


E = 33 5 = } parts of A 
S = 66 = = § parts of A 
D = 100 = 100 parts of A. 
so if 


D = 100 parts then 

S = (- x A) or 66 = parts 

and 

E = (2x A) or 33 § parts. 

(when applied to vibratory or oscillatory rates) 


if 

D = 100 cps 
then 

5 = 66 5 cps 
f= 36 3 cps 


Certainly this applies to AMPLITUDE and POWER as well.”® 
These proportions most assuredly apply to “states” of compression (syntropy) and dispers 


Where 


E = Entropy (dispersion) 
S = Syntropy (contraction) 
D = Dominant (controlling or regulating) 





76 Potential] 
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7.9 Evolution of Matter 


X. “The evolution of what is called matter from the different modes 
of vibration is through the action of the second law, that of focal- 


ization, or negative attraction, or ‘negative affinity’. 


Conventionally and generally speaking this assimilating and accumulating 
into seeming solid matter process would be akin to the forces involved in 
the formation of bosons and in Bose-Einstein condensation nuclear fusion 
(BECNF) or boson cluster state nuclear fusion (BCSNF). 


7.10 Neutral Center 


XI. “Where the vibrations under this mode meet, and are main- 
tained in a state of mutual affinity or equilibrium, there is estab- 
lished what is called a neutral center, or, as otherwise expressed, 


‘a center of Sympathetic Coincidence’.” 





7 (Syntropy], [Negentropy], (Harmonic concentration or aggregation) via [Sympathetic 
Affinity], [Inverse Square Law] and [Sympathetic Association] 

"8 Wikipedia/Bose-Einstein condensation 

"9IKEELYS PHYSICAL PHILOSOPHY - Snell], [Neutral Center], [Center of Sympa- 
thetic Attraction] 
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ALL DIRECTION IS CURVED - ALL MOTION IS SPIRAL 





EVERY POINT IN THE UNIVERSE IS A GRAVITATIVE 
CENTER OF A CONSTANTLY CHANGING POTENTIAL 
FIGURE 8 


Figure 7.7: Every point in the universe is a gravitative center. 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/gravity4.jpg 
(courtesy University of Science and Philosophy) 


7.10.1 Center of Sympathetic Coincidence or Neutral 
Center 


“The neutral center is that protean, uncreated, indestructible, forever-existing 
FIRST CAUSE. Without hands, without tools, without thought, without 
emotion, without love, without form, without substance, it, of itself, created 
all these. All that we see or can see in the objective Universe exists because 
of and by means of the properties and powers of the NEUTRAL CENTER.”*! 


“Neutral centers are the focalized seat of sympathetic concordance for con- 
trolling any differentiation®? that may exist outside, or in the mass that sur- 


rounds them.” ®8 


I like to think of the power of the Neutral Center to be much like the power 
of a conductor wielding control over his orchestra. He sets the tone with 





8°[First Cause] 

8! Keely, [First Cause], [Neutral Center] 
82{differentiation| 
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his pitch pipe and moderates the time, coordinates activity (harmony) and 
amplitude of each section and individual within his domain - the orchestra. 


“Neutral centers are the center of Sympathetic Coincidence®*.” ®° 


7.11 Syntropy or Mutual Affinity 


XII. “The terms ‘neutral attraction’, ‘neutral affinity’, ‘negative 
attraction’, or ‘polar negative attraction’, are employed to express 
the property of a mode of vibration to direct its components to- 
wards such center.*° 


These center directing forces are by definition syntropic derived from mutual 
affinity itself born of harmony. They are born of harmonic (sympathetic) 
vibrations as discussed in the Bjerknes Effect®’, Law of Harmonic Vibration, 
Law of Attraction and Law of Cycles. The etheric or Dominant level fre- 
quencies appear to possess a predominant proportion of syntropic (center 
seeking) forces which increase with velocity. Hence the centralizing power of 
tornadoes and hurricanes - all vortex motion. 


“Taking into consideration even the introductory conditions of the etheric 
stage, etheric vibration has proved to me that the higher the velocity of its 
rotating stream the greater is its tendency towards the neutral center or center 
of sympathetic coincidence. Were it otherwise, how could there ever be any 
planetary formations or the building up of visible structures? If a billiard ball 
were rotated to a certain velocity, it would separate in pieces, and the pieces 
would fly off in a tangent, but if it were a ball of ether, the higher the velocity 
of rotation, the stronger would be the tendency of its corpuscles to seek its 
center of neutrality, and to hold together.” *® (underline added) 
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7.12 Subdivisions of Individualized Being 


XIII. “As no current or flow of force can be composed of one mode 
of vibration only, but must always be composed of three modes 
uniting in varying thirds, we have 1 x 2 x 3 = 6 as the total pos- 
sible forms of Sympathetic Coincidence, or, to speak in ordinary 
terms, there can be six; and six only, possible forms of individu- 
alized being. These are what Keely calls the six orders of atomic 
subdivision, or orders of vibratory motion, and he names them as 
follows: 


I. Molecular 

II. Intermolecular 

III. Atomic 

IV. Interatomic 

V. Etheric 

VI. Interetheric 

VII. Compound Interetheric (added by editor)*? 


7.12.1 Table of Subdivisions of Matter and Energy 


Subdivision Keely Keely Name Form Mental Ancient Tenuity Quantum Bearden Vedic 
7th Compound Neutral Void Superconscious God Vacuum Gluon 4-space 
Interetheric Center / Time 
6th Interetheric Interetheron Atomolini Conscious Awareness Vacuum Quark 4-space 
/ Time 
5th Etheric Etheron Etheron Mind Activated Ether Plasma Photon 4-space Akasa 
/ Time 
4th Interatomic Interatom Atomole Electromagnetic Fire Gas/Plasma Electron 3-space Marut 
3rd Atomic Atom Atom Matter Air Gas Atom 3-space Tejas 
2nd Intermolecular Intermolecule supercritical Matter Water Liquid Molecule 3-space Ap 
fluid 
ist Molecular Molecule Solids Matter Earth Solid Molecule 3-space Kshiti 
Table of Subdivisions of Matter and Energy Dale Pond, 2014 


Figure 7.8: Table of seven subdivisions or orders. 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/table-of-subdivisions.jpg 
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7.13 Arithmetical and Geometric Progressions 


XIV. “In this list forms of matter are arranged in the mathemati- 
cal sequence of the rapidity of the oscillations of their constituent 
members; the proportion being proved by experiment to be as fol- 
lows for the molecular orders:”° 


1:3:9: 27: 81: 248... 
2 Bt: B®: Be: Bt + 3... 


7.14 Progressions of Orders 
XV. “The arithmetical progression changes in the atomic orders to 
a geometrical progression as follows: 


3:9: 81: 6561 : 43046721... 
gee tore fa a 


7.15 Infinite Range of Vibration 


XVI. “This same method of progression is believed to hold in all 
the orders of vibrations above the molecular, and soon passes into 
mathematical infinity. 





°° [Figure 8.14 - Some Basic Waveforms and their constituent Aliquot Parts] 
°l/Part 12 - Russells Locked Potentials] covering Russell’s [Locked Potentials], [Square 
Law]. 
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Mode Subdivision| Octave - Hertz | Controlling 
Law 
Enharmonic Molecular Ist - 21st octaves Law of Oscil 
Centrifugal Intermolecular1 x 10°— lating Atomic 
2.09715 x 10° | Substances?2 
Harmonic | Atomic 21st - 42nd oc- Law of Sono- 
Cen- Interatomic | taves thermity®? 
tripetal 2.09715 x 10°— 
4.39805 x 10° | 
Dominant | Etheric 42nd - 63rd oc- Law of Oscil- 
Controlling Interetheric | taves lating Atoms% 
4.39805 x 10°— 
9.22337 x 10° | 

















Table 7.5: Mode Frequency Ranges 
95 


7.16 Progression Types 


7.16.1 Arithmetic and Geometrical Progressions 


Arithmetic Progression - In mathematics, an arithmetic progression or 
arithmetic sequence is a sequence of numbers such that the difference be- 
tween the consecutive terms is constant. °° 

Geometric Progression - In mathematics, a geometric progression, also 
known as a geometric sequence, is a sequence of numbers where each term 
after the first is found by multiplying the previous one by a fixed, non-zero 
number called the common ratio.®” 

Linear Progression - In music, a linear progression (Auskomponierungszug 
or Zug, German: train, abbreviated: Zg.) is a passing note elaboration 
involving stepwise melodic motion in one direction between two harmonic 
tones.°8 

Melodic Progression may be explored in “Harmonies of Tones and Colours 





96 Wikipedia; Arithmetical Progression 
°? Wikipedia; Geometric Progression 
°8 Wikipedia; Linear Progression 
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- Developed by Evolution” °° and “The Scientific Basis and Build of Music” 
by Ramsay!” 


Music (vibrations and oscillations of a string) is linear arithmetic progres- 
sion’?! while energy expansion and contraction is volumetric with geometric 
progression!®? as is described in Russell’s Scale of Locked Potentials'®’, the 
Square Law and Inverse Square Law.‘ 


7.17 Three Major Orders 


XVII. “Actually, however, all matter of which we are capable of 
cognition through the medium of our senses!” is in one of three 
forms of aggregation: 


I. Molecular 
II. Atomic 
III. Etheric 


7.17.1 The above are not “things” 


The above states constitute our sensorial world. They are not solely “things” 
but are also considered as states, phases, forms or dynamic structures re- 
sulting from specific combinations of the dynamic three modes of motion. 
Each state has a respective combination or proportion of the three modes. 
The higher three forms of aggregation are not perceptible to our senses and 
are therefore considered extrasensory, unseen, spiritual, subtle, scalar, non- 
classical, etc. 





°° svpbookstore.com 
100svpbookstore.com 
101 arithmetical progression] 
102/oeometric progression] 
103/Scale of Locked Potentials] 
104 Progressive Evolution] 

105 Sense] 


130 CHAPTER 7. LAWS OF BEING 


7.18 Controlling Mode 


XVIII. “In each of which the controlling mode of vibration is re- 
spectively: 


I. The Enharmonic (entropy, dispersive) - controls Molecular 
Il. The Harmonic (syntropy, attractive) - controls Atomic 
II. The Dominant (neutral, controlling) - controls Etheric 


7.18.1 Modes combine in unique proportions 


The above three modes combine in unique proportions to create orthogonal 1°° 


stabilized centralizations of forces that have the appearance of seeming solid 
matter. 


The following table is a supposition about the mixing of mode proportions 
in the 3rd and 4th columns for each aggregation. They seem reasonable but 
only bench testing will proven them out. 
































Aggregation | Governing Mode Dominant Mode | Subservient Mode 
Molecular 100 x Enharmonic | 66 3 Harmonic 33 4 Dominant 
Atomic 100 x Harmonic 66 Enharmonic 33 3 Dominant 
Etheric 100 x Dominant 66 3 Harmonic 33 ; Enharmonic 
Thirds 3 2 1 
Proportion | 9 6 3 
Portion Ninths Sixths Thirds" 











Table 7.6: Hypothetical controlling Modes and Proportions 


7.19 Modes as actual components 


XIX. “But it must be understood that each of these modes is a 
Positive and real constituent of every atom and molecule. 





106; 


ideally speaking as is demonstrated in carbon [crystallization]. 
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Considering an atom or molecule as a balanced dynamic of syntropic and 
entropic forces they must then by definition have these three component 
modes as essential to their existence. This concept is not unlike Buckmin- 
ster’s Tensegrity!°> idea. 


7.20 Foundational Concepts 


XX. “It will be seen that as every form of material aggregation is to 
be considered as a “neutral center of attraction”, where the vibra- 
tory force of all three orders are held in Sympathetic Coincidence, 
that is, in balanced activity or harmonized motion, and not by any 
means cancelled or mutually destroyed, there is no diminution of 
force, but only temporary suspension of its radiating or propulsive 
activity or expression.'”? (underline added) 





7.20.1 Balance or Equation of Father-Mother Forces 


This balance or equation of Father-Mother Forces!'® is not a perfect. bal- 


ance where there is no motion. There is in all seeming solid and still matter 
a near imperceptibly tiny periodic motions Russell referred to as “Rhyth- 
mic Balanced Interchange”. Macvicar called this balanced periodic motion 
the cosmical Law of Assimilation!!!. The range of motion of this periodic 
motion when considered as stable does not exceed 50% of the molecular di- 
mension.'!? Conventional science refers to this natural residual vibration as 
vacuum fluctuations, quantum jiggle or Zero-Point Energy. [see XX V below] 


“If access to the zero-point-energy (ZPE) reservoir is successful, one needn't 
worry about either depletion of this resource or creating an imbalance in the 
local environment. It is the electromagnetic equivalent of scooping cupfuls of 
water out of the ocean, with replacement occurring at the velocity of prop- 
agation of electromagnetic waves, the velocity of light. As to the ultimate 





108 Wikipedia/Tensegrity 

109 Neutralization] 

110/Father-Mother Principle] 

111/14.32 - Law of Assimilation] 

127A QUEOUS DISINTEGRATION - Snell] 
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origin of the ZPE, two views are discussed in the physics literature: one, 
that it is simply part and parcel of the energetic legacy that emerged with the 
Big Bang, and another that it is an energetic substratum the preceded even 
the Big Bang, with our universe emerging as the result of a giant vacuum 
fluctuation."3 In any case an argument can be made that it is sustained by 
a cosmological feedback cycle in which charged particles radiate due to their 
“quantum jiggle,” and the particles “jiggle” due to being caught up in the 
collective radiation of all the other particles, an electromagnetic equivalent of 
placing a microphone near a speaker and generating a squeal.” !\4 


7.21 Latent Force 


XXI “This is the foundation of Keely’s doctrine of ‘latent force’!"», 
and of the indefinite power which can be obtained by breaking 
up the harmonious balance or equation of forces of every mode, 
which exists in every neutral center, that is to say in every mass 
of matter.” 


7.21.1 Matter is the result of three forces or modes of 
vibration 


In SVP every form of matter is the result of three forces or modes of vi- 
bration that are balanced or equated to a determinable degree. Disturbing 
this balance or equation of forces liberates them - not the breaking of a solid 
appearing atom. Increasing syntropic force, for instance, will instantly evoke 
the Law of Cycles thereby causing transformation into intense dispersion 
(emission, radiation). Liberated entropy will instantly disperse. An example 
of this process of liberation is the well known atomic and nuclear detonations 
as seen in cavitation or implosion processes. 


The use of these principles in atomic weapons is an extreme liberation of 





1134 third view is this persistent periodic motion is that which maintains the physical 
universe. 

1477 E. Puthoff, “On the Source of Vacuum Electromagnetic Zero-Point Energy,” Phys. 
Rev. A, vol. 40, p. 4857,1989; Phys. Rev. A vol. 44, p. 3382,1991. 
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the contained latent force within a very short time span. The designers’ in- 
tent of such weapons is to get the biggest bang possible. In the real world 
we have no need of such gigantic liberations of energy. It is possible and 
desirable to perform smaller releases over longer periods of time such as is 
done with dissociation of water via electrolysis and similar means. In this 
case it would be prudent to use materials containing less latent energy on the 
molecular level and perhaps the atomic order. These releases of energy would 
be more than sufficient for most any application serving humanity’s needs. 
Such liberations would be saner, simpler, safer, non-ionizing and sustainable. 


Keely was able to release these forces in a gentle or violent manner depending 
on the stage of the Law of Cycles progression. 


“Sudden unition induces the same effect; but demonstration shows that the 
concentration of this triple force is as free of percussion as is the breath of 
an infant against the atmosphere; for the three currents flow together as in 
one stream, in the mildest sympathetic way, while their discharge after con- 
centration is, in comparison to their accumulation, as the tornado’s force to 
the waft of the butterfly’s wing.” 1'® 


Water molecules (Keely’s favorite medium for creating his all powerful and 
useful ‘etheric vapor’) can be easily dissociated in the molecular order with 
an electric current (AC or DC), X-rays, cavitation'!!’, ultrasound!'®, mi- 
crowaves'!’, radio waves’? and even vacuum. This molecular dissociation 
liberates a gas composed of the atoms of Hydrogen and Oxygen. These as 
gases constitute the next higher level or order of being - the atomic level of 
being. This atomic level can be dissociated with an electric spark”! ‘igniting’ 
or rendering (dissociating) the atomic order into the next ‘etheric’ level or or- 
der being plasma; 7.e., flame made of ionized gases possessing great pressure 
as discordant radiating entropy mode preponderates. The process is more 
complicated than the above but you get the essential points. As humanity 
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[Keelys Contributions to Science] 
[15.12 - Dissociating Water with Acoustic Cavitation] 
118115.09 - Dissociating Water with Ultrasonic Vibration - Puharich] 
[Dissociating Water with Microwave] 
120115.08 - Dissociating Water with X-Rays - Radiolysis] 
121But then what is a spark if not the electric stream preponderant with the individual- 
izing (syntropic) mode? see [Spark], [Introductory Impulse] 
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masters these low levels of dissociation the higher levels liberating greater 
quantities of useful energy may be accessed. 


It was this etheric vapor under immense pressure derived from dissociated 
water that Keely had intended to use to power his original Keely Motor. 
After designing and building over 120 models and 30 years of effort he gave 


up on that approach when he discovered the etheric vapor is not the source 
122 


of power but instead is a carrier’~~ of the force he wished to liberate. 





Figure 7.9: Keely Motor activated by slow released etheric vapor 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/keely-motor.jpg 


There was one instance where Keely did use this etheric vapor under 
immense pressure and released or liberated quickly was in his etheric can- 
non'!??, He demonstrated this cannon on many occasions and once before the 
US Navy at Sandy Hook Naval Yard, New Jersey. The Navy turned it down 
because they thought the mechanism “too complex”. 
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Figure 7.10: Keely’s cannon fired by quick release of etheric vapor 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/etheric-cannon.jpg 


7.21.2 Latent Force, Keely 


“With our present [1880s] knowledge,” writes Mr. Keely, “no definition can 
be given of this latent force; which, possessing all the conditions of attraction 
and repulsion associated with it, is free of magnetism. If it is a condition 
of electricity, robbed of all electrical phenomena, or a magnetic force, rebel- 
lant [sic] to the phenomena associated with magnetic development, the only 
philosophical conclusion I can arrive at is that this indefinable element is the 
soul of matter'**. Were not every form of matter, even to the cerebral con- 
volutions of the brain, impregnated with this latent element of force, which 
is sympathetically subservient to celestial radiation, nature would be like a 
still-born child, or a marble statue - dead to the sympathetic association that 
induces motion. Matter could not exist without this element, this spiritual 
essence, this impregnation from the Deity, which is its Soul, any more than 
aman with an ossified brain could have motion or life.” *° 


This new higher state liberated energy, not having any detectible magnetism 
or electricity, must by definition be a higher subtler subdivision than the 
atomic or etheric orders of being both having these two attributes. These 
new subdivisions then would be the sub-quantum levels of light (photonic) 
and finer quantum divisions such as quarks, gluons, etc. 





124/Soul of Matter] 
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7.22 Sympathy and Resonance 


XXII. “Insomuch as every mass of matter consists thus, in fact, of 
vibrations in harmonic equilibrium, related by simple proportions 
of thirds, it follows that every mass of every description stands 
in harmonic relation to every other mass. This is, in part, what 
is meant by the sympathy of all forms of matter and of motion 
(t.e., entanglement, bonding, coupling or love); and it is through 
the study of the methods of increasing or diminishing!” this sym- 
pathy that we reach practical results in this field of research. At 
present this is best accomplished by resonance!”’; that is, through 
the harmonic vibrations created by musical instruments (or sig- 
nal generators), bringing out the acoustic world as the microscope 
reveals the hidden visual world. 


7.22.1 Attraction and a Repulsion between all things 


There exists, by virtue and attributes of harmonic vibrations or sympathy 
(acoustic entanglement), an attraction and a repulsion between all things. 
The nature of this attraction and repulsion is discussed in ‘Chapter 2 - Love 
in Science and Physics’. This sympathetic association can be modified at will 
according to the Law of Sympathetic Association.'*° Keely referred to this 
process as ‘Disturbance of Equilibrium’!”° where he disrupted the harmonic 
equilibrium thus exciting the dynamics of balanced systems. Centralized 
forces in a state of coincidental harmony contain Latent Force!?°. The quan- 
tity of that Latent Force is determined by the subdivision or order of the 
material. This force is liberated into an useable force by an outside acoustic 
disturbance upsetting that balance. This would be not unlike a frequency 
and amplitude modulation (FM and AM) of existing chordal (complex fre- 
quency) patterns. 
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7.23 Matter composed of Molecules 


XXIII. “Every visible or tangible mass of matter must be regarded 
as an aggregation of molecules; the molecules being the true cen- 
ters of the equated forces of “neutralized attraction”. 


‘Neutralized attraction’ is where the two forces of syntropy and entropy 
are equated to a balanced state or condition. A stable molecule has such 
a center of neutralization of forces and every molecule, according to Keely, 
whether singularly or in a larger mass have this distinction. Disturbance of 
one molecule of such a mass is disturbing all molecules of the mass. Dis- 
turbance is accomplished with an ‘exciter’!*! being an acoustic pulse!’ pos- 
sessing certain characteristics such that it is received and re-modulates the 


molecule into a discordant condition. 


7.23.1 Attraction is an effect of Syntropy 


We now know that attraction is an effect of syntropy which is an effect of 
sympathetic association or harmonized frequencies or unisons. Syntropy un- 
opposed is pure active attraction or affinity. “Neutralized Attraction” then 
would be syntropy balanced by entropy when the rates of vibration or oscil- 
lation form an unison with the fundamental or harmonics. !°° 


Regarding attraction or bonding as an effect of harmonized vibrations and 
oscillations is decidedly different than force carrier particles. The first con- 
dition is a dynamic condition of the forces involved in the interaction. The 
second is an isolationist viewpoint requiring an unnecessary additional player 
on stage. Although a unit measure of attractive force - a quantum (least mea- 
sure or quantity such as a gluon) of attractive force - could be assigned to 
these entities for mathematical purposes which I feel is how all this quantum 
business got started in the first place. 
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7.24 Molecules are sensitive to modes 


XXIV. “These molecules have been experimentally proved by Keely 
to be formed of all three modes of vibration; the proof being that 
they respond to all three modes when subjected to the tests of 
compound concordant impulses (chords).'*4 


An example of a ‘compound concordant impulse’ would be a musical triplet of 
say C, E and G sounded together with a sharp attack and little decay within 
its signature envelope. Logic indicates at least one of those frequencies is 
concordant with natural tones (eigenfrequencies) of the target molecule. In 
which case power from the exciter chord is added (sympathetic and syntropic 
addition) to the molecule thus offsetting its original concordant equation of 
forces or balance. 


7.25 Oscillations of Molecules 


XXV. “When in that state of neutral aggregation which we know 
as matter!!], each molecule is in perpetual oscillation, the range 
of the oscillation being one-third of the molecule, and its rapidity 
20,000 oscillations in a second.'*° 


This has always been a curious statement - that all molecules oscillate about 
their center at a fixed rate of 20,000 Hz. Why hasn’t this been found by 
conventional science? Perhaps it has but I’ve not found any reference to it 
(yet). In today’s world there are countless types of molecules and many of 
them are artificial such as are found in plastics and new metal alloys. Does 
this statement apply to all of them? One would presume - to err on the safe 
side - that Keely is referring to naturally occurring molecules. That would be 
a big and perhaps dangerous assumption...'°° Nevertheless it is something 
to explore. The effort may be well worth it. 





134566 XXVI, [Law of Force], [Law of Chemical Affinity], [15.18 - Keely’s Process for 
Liberating Ether from Water] 

135/Molecular Dissociation] 
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7.26 Disturbance of Equilibrium 


XXVI. “It is through the disturbance of this oscillatory equilib- 
rium, by means of resonant impulses, that Keely alters the rela- 
tions of the vibratory impulses which constitute matter!. This he 
does by striking the same chord in three octaves, representing the 
third, sixth, and ninth of the scale.'*’ 


The above quote is the beginning of the description of how Keely modulated 
the eigenfrequency or chord of the mass!*° being acted upon. The following 
sections give insight into how he approached and did this using the thirds, 
sixths and ninths of a scale constructed upon the tonic or fundamental of the 
mass being acted upon using the quantization method!’*. Here lies perhaps 
one of Keely’s greatest secrets - the application of the much verbalized “3, 
6 and 9” so often attributed to Tesla®. Somewhere I read Tesla stated he 
had figured our Keely’s secret. This may be the secret he referred to. I do 
not have that quote nor a link to the original material. 


In music theory intervals are expressed as ratios. In standard music the- 
ory there are Major and Minor Thirds and Keely does not specify which. 
Normally a Major Third is considered as the quantity 5:4. Translated this 
quantity is the fundamental frequency divided by 4 which quotient is then 
multiplied by 5 gives the frequency of a Major Third. A Minor Third is 
considered as the quantity 6:5. Translated this quantity is the fundamental 
frequency divided by 5 which quotient is then multiplied by 6. The same 
treatment applies to all music intervals. 


These intervals form a three tone chord (musical triplet) when sounded si- 
multaneously. Multiply each of these frequencies by two and four creates 
Keely’s Triple Triplet !*! of ‘same chord in three octaves’. 
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Interval Ratio 
Minor Third 6:5 
Major Third D:4 
Minor Sixth 8:5 
Major Sixth 5:3 
Augmented Sixth | 125:72 
Minor Ninth 32:15 
Major Ninth 9:4 





Table 7.7: Thirds, Sixths and Ninths Intervals 


7.26.1 Disturbance of Equilibrium, Gravity 


“Disturbance of equilibrium, like gravity, 1s inherent, an eternal existing 
force” 


It is possible these two phases, gravity and disturbance of equilibrium, are 
simply the two opposite poles of matter, the physical Universe, the positive 


and negative poles of matter, controlled by the third or controlling principle, 
the Universal Will. 


“Unstable equilibrium, like gravity, is a condition born in each neutral cen- 
ter at the time of birth, and thus designed by the Architect as the connective 
link'*? between the “dispersing positive”'* and the “attractive negative. ”!” 
The action inducing this “link” I call “sympathetic planetary oscillation”. 


“The enharmonic portion of the electric current carries the power of propul- 
sion that induces disturbance of negative equilibrium. 


“In his (Keely’s) experiments of aqueous disintegration'*® disturbance of equi- 
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librium was brought about by using mediums of differential gravity in the dis- 
integrator'*’, air as one, water as the other.” \48 


Forces are held in a dynamic state of equilibrium, a neutral state, until dis- 
turbed by an excitation or stimulation. Adding either harmonic (syntropy) 
or enharmonic (entropy) excitations will evolve into opposite conditions ei- 
ther attraction or repulsion. This dynamic holds true on all subdivisions. 
On the lower subdivisions these disturbances must be sympathetic to that 
being stimulated which is to say acoustic waves or pulses. On the higher 
etheric subdivisions a sympathetic excitation would be the "infinite exciter” 
as thought or a form of thought such as desire, intent, etc. 


Matter is not directly created by these incoming sympathetic streams. The 
incoming etheric (celestial) streams impact (bombard) a Neutral Center 
which differentiates them and matter results from the effects of this impact or 
antagonism developing summation and difference modulations (tones) dur- 
ing its progressive evolution into being. The incoming excitations need not 
be all frequencies as countless frequencies may develop during the impact 
or antagonism. Any tone instantly generates an overtone series. These sec- 
ondary and tertiary partials or tones spring into existence the instant any 
tone is sounded. These many tones are effects of the one causative tone and 
cannot be separated from their cause. They are entangled everywhere ex- 
periencing summation and difference modulations (tones) originating from 
everywhere. Each experience is of course unique because of local influences 
or modulations. 


7.27 Sixths induces Neutral Radiation 


XXVII. “Of these, the sixth reduces the range of molecular oscilla- 
tion, and thus tends to give greater tenuity to the mass. It induces 
“trajectile velocity” from neutral centers, or “neutral radiation”. 
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7.27.1 Seeming Paradox 


The first part of the first sentence of XVII appears to contradict the second 
part of the same sentence thus creating a seeming paradox. However, the two 
sentences taken together illustrate quite clearly the function and dynamics 
of the Law of Cycles, said dynamics elsewhere discussed. 


“Experiment shows that molecular dissociation does not take place until the 
molecule attains an oscillation approaching, if not fully reaching two-thirds 
of its diameter. This can be effected by means of the action of the enhar- 
monic or “radiating” current applied to the mass, after its molecules have 
been disturbed by an “introductory impulse”; that is, by the musical note!*9 
above mentioned. 


7.27.2 Exciting the Molecular Mass 


First excite the molecular mass with a strong pulse, then continue this dis- 
turbance at resonance with its natural eigenfrequency (chord of mass) until a 
certain amplitude of oscillation occurs where dissociation takes place. These 
quantities of applied excitation (amplitude, duration, attack, sustain and 
decay) could be determined through experiment. 


7.28 Third is the Dominant 


XXIX. “The third represents the dominant, and when brought 
under control of a harmonic resonant impulse induces a complete 
rearrangement of the modes of vibration and oscillation; in other 
words, will transform the mass either into its component initial 
forces, or into some other form of matter. 


7.28.1 Harmonic Resonant Impulse 


“harmonic resonant impulse” means an impulse that is harmonic (in tune 
with; i.e., sympathetic) not unlike a singer singing the correct pitch that is 
in synch or establishes a chord of resonance!” with that of a wine glass to 





1494 musical note is a specific pitch in mathematical relationship with other pitches. 
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be shattered. Also called “resonant impulse” 1°! 


Of course Brinton/Keely is talking about none other than transmuting the 
mass being experimented upon whether that be water or some other molec- 
ular substance - ‘transform the mass either into its component initial forces, 
or into some other form of matter’. ‘Component initial forces’ means liber- 
ating these awesome atomic forces whether slowly or instantly. Of course the 
slower the liberation the better. 


“Matter is bound up energy and energy is liberated matter.” Keely, 1893 


It is astonishing these ideas were first published in 1894 well before orthodox 
science acknowledged splitting the molecule or atom was even possible. Not 
only does Keely say this is possible but he says how to do it and that he 
had been doing it for some years already prior to 1894. Realizing the above 
it is obvious why no one in Keely’s day had any idea what he was doing. 
In Keely’s ‘Ultimate Constitution of Matter and Action of Force Regulating 
its Phenomena’! he lays out the basic concepts of matter, force and their 
interactions such as converting one into the other. 


7.29 The Dominant or Etheric Mode 


XXX. “It is the study of the dominant’? to which Keely has de- 
voted his recent researches. He aims to control the power he 
evolves by altering the dominant or etheric mode of vibration in 
the triplicate flows of force. 


7.29.1 Etheric Current 


The etheric (Dominant) current is the controlling medium in the triune 
flows.!** It is the switch or regulator that actuates the power of the other 
two currents or forces thus disturbing the triune balance. The key phrase in 
the above is ‘control the power he evolves’ indicating he doesn’t want an all 
at once release as in a destructive explosion. 





15!Law of Transformation of Forces], [Transmutation] 
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7.30 Centers of Harmonized Vibration 


XXXI. “As all molecules and masses are mere centers of har- 
monized vibrations,®! temporarily held in suspension by simple 
Laws!” identical with those of resonance, it follows that these cen- 
ters can be broken up or divided by certain orders of vibration 
impinging upon and disturbing them.!”° 


See the above sections and subsections describing this equilibrium and its 
disturbance. The idea that the control of the forces of a molecule can be 
addressed via the molecule’s center of balanced forces represents a major di- 
version from conventional thought. It is far easier to modulate this center of 
balanced forces than any other condition of motion of a molecule be it elec- 
trons or atoms forming part of the molecule. The point or center of balance of 
forces is not unlike that point in a child’s swing when the highest or furthest 
point of motion is reached and all motion stops for an instant then reverses 
direction. This point coincides with Russell’s Zero Plane of Inertia’. This 
instant of depolar non-motion is where the kinetic out swing and in swing 
are neutralized (conjugated, sum to zero) and energy of the system becomes 
latent (potential). At this point it is easiest to add additional outside power 
to maintain or increase motion. It is the optimum point of modulation. At- 
tempting to add power at other points of the swing are either impossible or 
difficult. 


7.31 Sympathetic Outreach (sympathy /resonance 
field effect) 


XXXII. “It is a familiar fact that a cord in vibration tends to pro- 
duce a similar vibration in a cord placed near it.!°° This property 
belongs to all vibrations, whether resonant or not, and they exert 
it in proportion to the order to which they belong. The distance 
in Space to which this power extends, or can be extended, is what 





155/Keelys forty laws] 

156 [Disturbance of Equilibrium], [DISTURBANCE OF EQUILIBRIUM - Snell], [13.12.1 
- Disturbance of Equilibrium], [7.1 - Matter is centralized motion] 

157/Plane of Inertia] 
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is called ‘the sympathetic outreach’!® of the current or flow.” 
Sometimes the effects of this property are referred to as “entrainment” !° 
(sometimes as “coupling” 1°!) as in the case where multiple oscillating mech- 
anisms will synchronize their motion in and over time. The linking between 
mechanisms in sympathetic oscillation! is referred to as the “connecting 
link” © or the unseen etheric communication mechanism spanning space and 
time. This connecting link is the purveyor of so-called “spooky action at a 
distance” '°*. These sympathetic properties can be quantified and therefore 
engineered. They have for instance an “outreach” or ‘field effect’ that can 
likewise be quantified and engineered. This outreach or field effect is an ex- 
tension of sympathy from the mass and affects other masses within reach 
of its field effect depending on the degree of sympathetic vibration or oscil- 
lation of other nearby masses. Degrees of sympathetic association can be 
determined by the degree of harmony or discord in their respective chord of 
mass (vibration or oscillation signature). This property is governed by the 


Law of Sympathetic Oscillation’. 


7.32 Etheric Outreach 


XXXII. “In this manner we have ‘sympathetic negative attrac- 
tion’, and ‘sympathetic positive propulsion’, with reference to the 
outreach of the third or dominant current of the stream, which is 
allied to the order of etheric vibrations.” 


The effect of this field or outreach can be either attractive or repulsive on 
nearby objects according to the degree the creative and receptive chords are 
harmonic or enharmonic with each other.'®” The outreach or field effect of 
the etheric current is as mentioned above the connecting link between masses. 
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This condition of synchronous motions is described in the 


7.32.1 Law of Transmissive Vibraic Energy 


“All oscillating and vibrating coherent aggregates create, in the media in 
which they are immersed, outwardly propagated concentric waves of alter- 
nate condensation and rarefaction, having a period-frequency identical with 
the pitch of the aggregate.” 

Scholium: “All forms of transmissive energy'®® can be focussed, reflected, re- 
fracted, diffracted, transformed, and diminished in intensity inversely as the 
square of the distance from the originating source.” 


These “outwardly propagating waves” can be in harmony or discord with 
other masses creating sympathetic resonance. If the waves from the masses 
are in tune or harmonic they will be attracted to one another. If they are dis- 
cords the masses will be repelled. These tendencies and motions of attraction 
are governed by the laws of attraction’®® and repulsion!”. If these waves are 
in harmony the masses are then ‘coupled’ sympathetically and what occurs 
to one occurs to the other. They become as one. 


7.32.2 Etheric vibration is the cause of sympathetic 
association 


Etheric (quantum) vibration is the cause of Sympathetic Association, Sym- 
pathetic Vibration and Sympathetic Oscillation also known as Entanglement, 
Coupling, Quantum Entanglement, etc.. This etheric vibratory force!”! can 
be either syntropy (sympathetic negative attraction) or entropic (sympa- 
thetic positive propulsive). This phenomena may also be related to Russell’s 
lens!”? idea. 
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7.33 Chord of Mass 


XXXIV. “Each molecule of a given mass of matter represents the 
same harmonic chord or note in its oscillatory motion. The chord 
of the mass is, therefore, the chord of every molecule of [the] mass.” 


7.33.1 Qualifiers 


The above sentence (XXXIV) contains several qualifiers: 

1- “Each molecule of a given mass of matter” - each and every molecule 
of a specific mass. Therefore a given mass has a single chord being the same 
as each molecule participating in that mass. 

2- “same harmonic chord or note in its oscillatory motion” - to the de- 
gree of syntropy the molecule/mass is (i.e., represented by a musical note or 
pitch) in the mass oscillatory (translation) motion, NOT it’s internal vibra- 
tion. 

3 - The chord of mass!’ is of course the vibration or oscillation signa- 
ture, a collection of the fundamental and all partials resulting from that 
fundamental as per the Law of Harmonic Pitch. 


7.33.2 Law of Harmonic Pitch 


“Any aggregate in a state of vibration develops in addition to its fundamen- 
tal pitch a series of vibration in symmetrical sub-multiple portions of itself, 
bearing ratios of one, two, three, or more times its fundamental pitch.” 4 


7.34 Controlling Chord of Mass 


XXXV. “But as the condition of absolutely stable equilibrium is 
theoretical only, and does not exist in nature, the chord of the mass 
is constantly changing. Yet we must learn to control this chord of 
the mass by resonant induction!”, if we would gain command of 
the molecular forces.” 





173/chord of mass] 
74Keely, 1894 
175 [resonant induction] 
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7.34.1 Equilibrium or Balance cannot exist 


The states or conditions of equilibrium or balance cannot exist in the material 
world of seen effects as every thing or force is in perpetual transformation 
because of the ever present Law of Cycles and the Law of Transformation of 
Forces. Everything is always in motion as motion is Life activity a resultant 
of dynamic polarity of force and energy in their perpetual and persistent 
efforts to void. 


7.34.2 Law of Cycles 


“Coherent aggregates harmonically united constitute centers of vibration bear- 
ing relation to the fundamental pitch not multiples of the harmonic pitch, and 
the production of secondary unions between themselves generate pitches that 
are discords, either in their unisons, or overtones with the original pitch; 
from harmony is generated discord, the inevitable cause of perpetual trans- 
formation.” 


7.34.3 Table of Transformation over Time 


Figure 7.11: Table of Transformation of Forces over Time 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/Table-of-Transformation300.jpg 





176 Keely, 1894 
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7.34.4 Law of Transformation of Forces 


“All forces are different forms of Universal Energy unlike in their period- 
frequency, merging into each other by imperceptible increments; each form 
representing the compass of 21 octaves. Each form or pitch may be trans- 
formed into an equivalent quantity of another pitch above or below it in the 
scale of 105 octaves. The transformation can occur only through its static 
effect, developing vibrations of harmonic pitches above or below their fun- 
damental vibration, or developing with juxtaposed aggregates, resultant and 
difference, or third order, as the case may be. 

Scholium: “A table of the intervals and harmonics of the normal harmonic 
scale will indicate the ratios in which the transformation of forces will oc- 
cur. "177 


7.35 Harmonizing Chord of Mass 


XXXVI. “Keely believes he has solved this problem, by the inven- 
tion of a mechanical device which brings the chords of all masses 
within the conditions of a few simple acoustic tests.” 1” 


It is not known what this mechanical device is, specifically. It is presumed by 
this writer this device is the Trexar!”® and similar wires Keely made with spe- 
cific proportions of specific metals. These wires appear to have the property 
of superconductivity at room temperature. See section 7.37 below. 


7.36 Molecular Oscillation 


XXXVII. “The range of molecular oscillation is affected differently 
in different substances when submitted to the same vibratory im- 
pulse, and these ranges can be measured.” 


Again, more careful bench work is called for to determine these effects or 
modulations. 





1”’Keely, 1893 

178(Chord of Mass], [Keelys Mechanical Inventions and Instruments], [MECHANICAL 
INVENTIONS AND INSTRUMENTS] 
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7.37 Transmitting Concordant Impulses 


XXXVIII. “In the three metals, silver, gold, and platina, we obtain 
the proportions - 3: 6: 9 - As this is the primary relation of the 
modes of vibration, a wire!) made of these three metals is pecu- 
liarly adapted to transmit concordant impulses; and nodes made 
of these substances placed upon a wire, transmitting resonant vi- 
brations, indicate, by the different orders of vibration induced in 
them, the rate of oscillations of the atomic constituents.” !°° 


The first part of the above concerning transmission of concordant impulses 
is determined by the 


7.37.1 Law of Vibrating Atomolic Substances 


“Atoms are capable of vibrating within themselves at a pitch inversely as the 
Dyne (the local coefficient of Gravity), and as the Atomic volume, directly as 
the Atomic weight, producing the creative force (Electricity), whose transmis- 
sive force is propagated through atomolic solids, liquids, and gases, producing 
induction and the static effect of magnetism upon other atoms of attraction 
or repulsion, according to the Law of Harmonic Attraction and Repulsion.” 
Scholium: “The phenomenon of Dynamic Electricity through a metallic con- 
ductor and of induction are identical. In a metallic conductor, the trans- 
mission is from atom to atom, through homologous interstices, filled with 
ether, presenting small areas in close proximity. In crystalline structures, 
heat, which expands the atoms, by twisting them produces striae, increases 
the resistance, etc. Between parallel wires and through air the induction 
takes place from large areas through a rarefied medium composed of a miz- 
ture of substances, whose atoms are separated by waves of repulsion of vari- 
ous pitches, discordant to electric vibrations; the said atoms sympathetically 
absorb the vibrations and dissipate from themselves, as centers, concentric 
waves of electric energy which produces heat and gravism'*'.” 82 


The second part of the above concerns measuring frequencies. The exact 
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method of this detecting process is not known. Below are some frequencies 
apparently detected using this or a similar method. 


7.37.2 Frequencies of the Modes 


“He [Keely] mentions the following frequencies, measured in sound colors !**: 


Molecular frequency 

inducted in homexar!** by harmonic thirds, 100,000,000, [100 MHz] 

that inducted by enharmonic sixths, 300,000,000, [300 MHz] 

that induced by diatonic ninths, 900,000,000, [900 MHz] 

that inducted by dominant etheric sixths, 8,100,000,000, [8.1 GHz (mi- 
crowave)| 

that inducted by interetheric ninths, 24,300,000,000. [24.3 GHz (mi- 
crowave)| 

In the trexar’®° the ‘‘compounding of the triple triple'®® will give a fre- 


quency from the ninth node that, set down, would make a string of figures a 
187 


186 


mile long. 


7.38 Vibratory Rotation 


XXXIX. “The phenomenon of rotation arises from the harmonic 
interaction of the dominant and enharmonic elements of the flow; 
in other words, the first and third, the third and ninth, etc.; 
those whose vibrations bear the proportions to each other 33 
: 100.” 188189 


i 
3 


7.38.1 Microwaved Radiometer 


According to the listing of frequencies above (7.37.2) microwaves were part of 
Keely’s vibratory tool box. Today we have ready access to these frequencies. 
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For instance the effects of these waves can be readily seen by placing an ordi- 
nary radiometer or even a typical incandescent light bulb into a typical high 
power kitchen microwave oven. The radiometer vanes in such an environment 
and under microwave excitation spin too rapidly to see. The incandescent 
bulb flashes brilliantly white light. The effects are quite dramatic when 
these ‘dominant’ waves interact with the ‘enharmonic’ or molecular /atomic 
elements within these bulbs. 


Experiment: A microwaved radiometer (with sufficient power) rotates at 
high velocity, flashes brilliantly and gets very hot very quickly. ‘Enharmonic’ 
or molecular/atomic elements are Argon gas, metal of vanes, black and white 
coatings. Each of these has their own vibration frequency and figure into the 
process. 


7.39 Rotation 


7.39.1 Medium for inducing a Neutral Center 


“In the conception of any machine heretofore constructed, the medium for 
inducing a neutral center has never been found. If it had, the difficulties of 
perpetual motion seekers would have ended, and this problem would have be- 
come an established and operating fact. It would only require an introductory 
impulse! of a few pounds, on such a device, to cause it to run for centuries. 
In the conception of my vibratory engine', I did not seek to attain perpetual 
motion’? ; but a circuit is formed that actually has a neutral center, which is 
in a condition to be vivified by my vibratory ether!®?, and while under oper- 
ation, by said substance, is really a machine that is virtually independent of 
the mass (or globe), and it is the wonderful velocity of the vibratory circuit’ 
which makes it so. Still, with all its perfection, it requires to be fed with the 
vibratory ether” to make it an independent motor. . . .”'% 
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7.39.2 Keely on Rotation 


“Rotation arises from the harmonic interaction of the dominant and enhar- 
monic modes of vibration, which are in the ratio of 8:9.” [see XX XVIII] 


“Harmonic interaction”; where the frequencies of the dominant and enhar- 
monic are harmonized or made coincident. 1%” 


Keely is here referring to the dynamics operating in and through his globe 
motor’’® or Dynasphere’®? which was his experimental base or model to 
demonstrate and prove out his theories on vibratory rotation and power 
development. It was in this design he first began to use his etheric vapor as 
a carrier?” of these higher rotating vibratory forces herein explored. 





Figure 7.12: Globe motor actuated by rotary vibratory dynamics 


Image: http://pondscienceinstitute.on-rev.com/imagesNat Dyn/keely-globe-motor.jpg 
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Figure 9.4 - Radiation and Absorption interactions with Neutral Center] 
globe motor] 

Dynasphere] 

connecting link] 


Camel spider, wind scorpion, sun spider, solifuges 


11. Camel spider — 15 cm (5.9 in) 
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Figure 7.13: Keely’s globe motor and provisional engine 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/globe-motor.jpg 





Figure 7.14: Keely and his globe motor or dynasphere 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/keelyn.jpg 
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Figure 7.15: Pond’s replication of the globe motor or dynasphere 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/altea.jpg 


7.39.3. Power of Rotation 


“Power of rotation comes on the positive power of negation, arising when 
the receptive flows become independent of the circular chord of resonation?™! 
(set up mechanically or otherwise) breaks up the rotational power. Rotation 
is caused by the receptive concussion of the positive and negative forces as 
they come together at the neutral center and as each seeks its “coincident” 
by harmonic waves, flows or streams.”?°? 


I - Two concepts here: 

A: Power of Rotation (torque) 

“Power of rotation comes on the positive power of negation, arising when 
the receptive flows become independent of the circular chord of resonation 


(set up mechanically or otherwise) breaks up the rotational power.” 


B: Rotation itself. (rotary motion) 





201 (Figure 20.13 - Two Rings - Outer and Inner] 


202/Keely; [Snell Manuscript], PHILOSOPHY OF TRANSMISSION AND ROTATION 
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“Rotation is caused by the receptive concussion of the positive and negative 
forces as they come together?’ at the neutral center and as each seeks its 
‘coincident by harmonic waves, flows or streams.” 


7.39.4 Receptive Transmittive Concordance induces Ro- 
tation 


“Every body capable of rotation is susceptible to the operation of force, which, 
applied, impels motion. Receptive transmittive concordance?” induces rota- 
tion. This simply means - the reception of streams of energy by the neu- 
tral center, and the transforming of them into radiant outflowing streams 
of energy causes rotation of the molecule or mass. All the magnets in the 
world, no matter how differentiated cannot induce rotation, but polar nega- 
tive attraction?” induces rotation. The earth’s rotation is caused and kept in 
continuance rotation by the action of the positive and negative sympathetic 
celestial streams’, that is, by the inflowing celestial?> from the sun and 
the outflowing radiant celestial dispersing this same energy to all planetary 
masses in space. ”209719 


7.39.5 Polar and Depolar Differentiation result in Mo- 
tion 

“Polar and depolar differentiation?! result in motion. The compound in- 

teretheric or seventh subdivision is the Soul of Matter?, from which all 





203syntropically and [Law of Cycles] 
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forms of matter receive their introductory impulse.?'”2'4 


Polar and depolar is Keely’s way of saying having two poles (as in a magnet 
or electric circuit) or not. 


7.39.6 Neutral Center or fulcrum represents Focaliza- 
tion 


“The neutral center (fulcrum) represents focalization (of syntropic forces) 
and distribution of the streams of (entropic) energy. It is not associated with 
magnetism. When the radiant elements generated by the focalizing chord are 
submitted to compound vibration of their mass thirds, those radiant elements 
become magnetic and rotation ceases. Rotation is induced by submitting the 
mass to three different orders of vibration simultaneously, giving the majority 
to the harmonic third.” ?!° 


7.39.7 Rotation of the ether produces condensation 


“When we rotate a mass with sufficient rapidity, the particles of that mass 
ultimately overcome cohesion by dispersing as fragments at a tangent but 
should we cause rotation of the ether, this would produce condensation, which 
is opposite in effect. This condensation effect increases with the velocity of 
rotation of the ether. This is the direct cause of formation of molecules as 
well as planetary masses.7!© 


The above describes the difference between centrifugal (dispersive) and cen- 
tripetal (attractive) forces. The first belongs to the molecular and atomic 
domains or orders while the latter is a function of the etheric order or domain. 
In this we can see when the etheric is the exciter rotation of the molecular 
results - when proponderance is given the etheric order or third. 





?13/introductory impulse] 

214/Keely; [Snell Manuscript], PHILOSOPHY OF TRANSMISSION AND ROTATION 
OF MUSICAL SPHERE] 

215 Keely; (Snell Manuscript], PHILOSOPHY OF TRANSMISSION AND ROTATION 
OF MUSICAL SPHERE] 

a Keely;[Snell Manuscript], PHILOSOPHY OF TRANSMISSION AND ROTATION 
OF MUSICAL SPHERE] 





158 CHAPTER 7. LAWS OF BEING 


7.39.8 Controlling “negative attractive” 


“To control rotational force or produce commercialized energy, we must con- 
trol through its properties the ‘negative attractive’ or ‘enharmonic’ current. 
This will solve the problem up to any limit of power.”?\" 


7.39.9 Testing Positive and Negative Rotation 


“At the same time Keely was completing his third system?'®, he was also com- 
pleting an experimental sphere in which he intended to test the combination 
of the positive and negative rotation. This experiment was at least entirely 
successful which showed the explanation of rotation given above, to be cor- 
rect. The sphere even rotated with physical vibrations from the positive and 
negative interchange of positive and negative waves - not streams in this case. 
He had a desperate struggle in seeking to learn these laws of polarization and 
depolarization’. It was necessary for him to understand these laws before he 
could unfailingly secure rotation and control the reversions?”° which so often 
had made wrecks of his machines.”??! 


7.39.10 Russell on rotation 


“Mass is an accumulation of the universal constant of energy??? into higher 
potential. The greater the mass the greater the potential. Mass accumulates 
inductively along the centripetal lines of closing spirals, and is rotated by the 
impact of genero-active force. Mass dissipates conductively along centrifugal 
lines of opening spirals, and is rotated by the expulsion of radio-active??? 
force. These opposite forces are the cause of rotation of mass.” 77+ 





217/Keely; [Snell Manuscript], PHILOSOPHY OF TRANSMISSION AND ROTATION 
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7.40 Controlling negative attraction 


XL. “A practical example of rotation is a wheel in revolution on 
its axis. This is force in its commercial or economic aspect. To 
accomplish this result by molecular vibratory action, we must gain 
control of the negative attractive’? or enharmonic current?”° of 
the triple flow, and the problem is then solved up to any limit of 
power.” 


End of Brinton article. 


7.41 Notes 


[1] Also called Circular wave, Curl, Love Wave, Lamb Wave, Surface wave, 
Etheric. “Power of rotation comes on the positive and power of negation, 
arising when the receptive flows become independent of the circular chord 
of resonation (set up mechanically or otherwise) breaks up the rotational 
power. "22" 

[Rayleigh Wave]??8 


[Vortex]?79 


[2} Also called Compression wave. “The vibratory velocity governing the 
magnetic flow ranges from 300,000 to 780,000 per second and comes un- 
der the first interatomic. This is the first order above odor and permeates 
the molecules of glass in the compass cover as air passes through a sieve. 
Being governed by the full harmonic chord this flow moves in straight lines 
free from molecular interference.?*° .... “when free of this differentiation are 
in straight lines.” see |Discordant] 

Figure 8.3 - Coiled Spring showing Longitudinal Wave] 
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[Longitudinal] 
[Longitudinal Wave} 
[Longitudinal Waves in Vacuum] 


[3] “Discordance in any mass is the result of differentiated groups, induced 
by antagonistic chords, and the flight or motions of such, when intensified by 
sound, are very tortuous and zig-zag;” see [Discordant] 

Figure 8.4 - Transverse Wave] 

transverse] 

Transverse Wave] 


[4] Wave Field] 

12.05 - Three Main Parts of a Wave] 

12.09 - The MINUS side] 

12.08 - The PLUS side] 

Figure 2.12.1 - Polarity or Duality] 

Figure 15.03 - Opposing Forces of Gravity and Radiation] 
7B.16 - Polarity], [Principle of Polarity] 





OU 


Artwork by [Jeremy Pfieffer] et al. 


6] [The Seven Subdivisions of Matter and Energy], |VACUUMS FROM VI- 
BRATORY INDUCTION] 








7| Jose Arguelles, Earth Ascending, page 21; 1996 (3rd edition) [See Bi- 
nary Triplet] 


8] [Trexar], [Trextrinar], [TREXAR - Snell], [Trexnonar] 





9] [7.1 - Matter is centralized motion] 


10] [Etheric Vibration. - The Key Force] 





11] [7.9 - Ultimate Constitution of Matter and Action of Force Regulating 
its Phenomena] 


Chapter 8 


Modes of Vibration 


8.1 Two models of three modes 


There are three distinct modes of vibration in the standard acoustic model. 
These are the compression or longitudinal wave, shear or transverse wave 
and Rayleigh, Lamb or Love wave. 


There are three distinct modes of vibration in the Keely/SVP model. These 
are the 


Harmonic, 
Enharmonic and 
Dominant modes. 


Each of these modes have distinct attributes such as 
mode of motion, 
angle of incidence, 
relative frequency or pitch and 


creative aliquot component signatures. 


The two sets of three modes do not appear to be directly translatable. How- 
ever they do possess common characteristics. 
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8.2 Three Modes of Vibration 


8.2.1 Compression or Longitudinal Wave or Mode 


Longitudinal Wave! same as Compression Wave or Sound Wave. 

1) A wave incident or normal to a surface of a medium. 

2) A vibration moving directly away from a sound source in a straight 
line. 

3) Generally, considered as a motion to and from a center or source. 


When harmonic is generally considered syntropic and when enharmonic con- 
sidered entropic. 


“Vibration in which the principal motion is in the direction of the longest 
dimension.”? 


“A vibrating medium must lengthen and shorten two times per each lat- 
eral (transverse) oscillation; so one longitudinal motion equals two lateral 
or (transverse) motions. Longitudinal frequencies are independent of string 
tension.” 


8.3. Three Modes of Vibration 


Compression Expansion 


SUE CEUTMMNTTT EE OEE CETTT 


To and Fro Motion of Air Molecules — Direction of Propagation 


Figure 8.1: Coiled Spring showing Longitudinal Wave 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/longitudinal.jpeg 





‘ {Longitudinal Wave] 

?Rossing, Thomas D. The Science of Sound. Addison-Wesley Publishing Company, 
1982 

3Tyndall, John; Sound; Longmans, Green, and Co., London, 1893 
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The above and below are but an illustration commonly held of how a longi- 
tudinal wave behaves. This is a good working model but it does not explain 
the complex dynamics in vibrations which dynamics are touched upon in 
Chapter 6 and 7 where particles in a vibrating medium mutually attract 
(syntropy) then mutually disperse (entropy) periodically. 


Increase 
Pressure Oecreased 
5 Pressure 


Se 












ware 
Atmospheric 
Equilibrium 









To and Fro Motion of Air Molecules Direction of Propagation 


Figure 8.2: Compression and Rarefaction in a Wave 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/compress-wave.jpeg 


8.3.1 Transverse or Shear Wave or Mode 


Waves 45° and higher to normal incidence. 
Waves moving at 90° to the direction of (longitudinal) propagation. 





Transverse Waves are Back and Forth 
90° to Longitundinal Propagation 


Figure 8.3: Transverse Wave 
Image: http://pondscienceinstitute.on-rev.com /imagesNatDyn/transverse.jpeg 


8.3.2 Rayleigh, Lamb or Love Wave or Mode 


Rayleigh waves are circular vibrations. They travel along the surface of a 
vibrating object when the angle of incidence exceeds 90° or nearly parallel 
to the surface. This behavior is not unlike the idea electrons or electricity 
travels along the outside surface of a conducting wire and not through the 
conducting wire. This is the same form and motion of the ‘curl’ suggested 
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= 
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164 CHAPTER 8. MODES OF VIBRATION 


by Maxwell* in 1871 and so often spoken about by Bearden®. Thus this cir- 
cular form and motion would be universal principle of all periodic motion. 
With this idea we can say with some confidence power travels longitudinally 
‘through’ the wire, amplitude and polarity forms 90° to the longitudinal and 
the Rayleigh wave is the circulating path (skin effect’) around a conducting 
wire - all three wave forms are 90° to each other. Think about that for 
awhile..... 


Triple axis of the three modes of vibration drawn in reference to a circle 
and sphere. The three modes working together develop rotation by and 
through each other’s motion - the rotation is the Rayleigh Wave or Surface 
Wave mode component. The first two modes cause (or are) straight line 
and zig-zag motions only. The third or Rayleigh Wave travels in a circular 
motion. 


Law of One 






‘The Dominant, 





Neutral 
or Controlting 











The Radiating or 
Individualizing 





Figure 8.4: Relationship of Three Modes 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/Triune-Modes-Motion.jpg 





4James Clerk Maxwell (13 June 1831 5 November 1879) was a Scottish theoretical 
physicist and mathematician. See [James Clerk Maxwell] 

Thomas E. Bearden, Lieutenant Colonel, U.S. Army (Retired). Born Dec. 17, 1930, 
Cheniere, Louisiana. See [Bearden] 

°Wikipedia/skin effect 
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8.4 Introduction to Keely’s Wave Function 


Perhaps one of the more interesting aspects of Keely’s work is his Wave 
Function. The Wave Function is comprised of those foundational forces and 
attributes creating all oscillation and vibration which are seen effects of those 
unseen modal causes forces and attributes. Fundamentally these forces are 
in the 3, 6 and 9 proportions discussed in Chapter 7. 





4 + =" 
A= ATH ~ IA(Hc) + IA(De} + IA(Ec) (Harmonic 
Current} 

ATE = IA(Ec) + IA(De} + IAGic) (Enharmonic 
|Current) 
ATD = TA{(De) + IA(De} + IA(De) (2?) (Cominant 
|Current} 


\A = ATH = + + IA(3-) (Harmonic 


|Current) 


ATE K{3-) 4 + JA(3+}) (Enharmonic 
|Current) 
ATD + + IA(42) (?) (Dominar 


|Current) 





= Harmonic current 
Enharmonic current 


Dominant current 





= Harmonic stream = 3+ 
monic stream ~ j- 


Dominant stream ~ At 

















Figure 8.5: Suppositional Math and Symbolic Structure 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/table-13-01.jpg 


The above table is an attempt to correlate some of what has been dis- 
cussed.Elements include the three modes, their combinations, seven subdivi- 
sions and Russell’s Indig numbers’. The following table is another presenta- 
tion of a portion of the above data. 





"lIndig numbers] 
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AggregationGoverning Dominant Subservient 
Mode Mode Mode 

Molecular | 100 x  Enhar- | 66 2 Harmonic 33 3 Dominant 
monic 

Atomic 100 x Harmonic | 66 3 Enhar- | 33 5 Dominant 

monic 

Etheric 100 x Dominant | 66 3 Harmonic 33 5 Enharmonic 

Thirds 3 2 1 

Proportion | 9 6 3 

Portion Ninths Sixths Thirds 




















Table 8.1: Modes of Vibration® 


8.5 Feynman Morphology 


Richard Feynman’s morphology? from his book, QED: The Strange Theory of 
Light and Matter’®, depicts Keely’s 5 and 3 nested triune structure concept. 


(won) Gs} 
proton (+4 ) neutron (O) 


"The fact that the proton and neutron are made of 
charged particles going around inside them gives a 
clue as to why the supposedly neutral neutron 
has no magnetic moment at all.” Richard Feynman 


Figure 8.6: Feynman’s triplet structures of the proton and neutron 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/feynmandiagram400.jpg 





°(Figure 4.14 - Feynmans Triplet Structures of the Proton and Neutron] 
l0QED: The Strange Theory of Light and Matter; Princeton Science Library, ISBN- 


10:0691125759 
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Thus we see again Keely anticipated the quantum world decades before con- 
ventional science even had a glimmer of its existence as we also saw in the 
Rule of Threes (section 7.2.3 the Rule of Threes) and elsewhere. 


Range!) Octave cps range (gamut) Sound Sound Effect Sound Vibe Governing 
Type Action Type law 
Law of Force-> Creative Transmissive Static 
Atomolic 65..105 P-? Atomolity Gravis Gravity Atoms Law of 
Oscillate Oscillating 
Atomoles 
Etheric 43..64  4,398,046,511,104/ Thermism Rad-energy Cohesion / Atoms Law of 
1.8014398509482E+19 Chemism Osciliate Oscillating 
Atoms 
Atomic 21.42 2,097,152 / Sono Sono-therm Adhesion/ Internal Law of 
4,294,967,296,000 thermity Disintegration Vibrations Sono 
thermity 
Molecular 1..20 1... 1,048,576 Sonity Sound Sonism Atomic Law of 
Oscillation Oscillating 
Atomic 
Substances 


Table 14.03 - Ranges of Forces Vibration Forms Types and Governing Laws 


Figure 8.7: Table of ranges of forces, forms and laws 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/table-14-03.jpg 


(See Law of Transformation of Forces!! and subdivision” for explanation 


of the above table) 





'\ (Law of Transformation of Forces] 


12 Subdivision] 
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Source From Center | To Center | Controlling 
Keely / SVP Enharmonic Harmonic Dominant 
Modern wave form Longitudinal’! | Transversel®! Rayleigh"! 
Angle of Incidence 0° — 45° 45° — 90° = OU" 
Path/Motion!?! Straight Zig-zag Circular 
Keely / SVP Focalizing Radiating Dominant 
Keely / SVP Syntropic Entropic Dominant 
Russell!) Plus Minus Fulcrum 
Russell! Gravitation Radiation Balance, Void 
Charles Henry"! Gravitation Electromagnetic Biopsychic 
Possible Correspondence”! | Thirds Sixths Ninths 

Table 8.2: Table of attributes of the three modes 

Mode Subdivision Octave [Hz = 2°] | Law 

Enharmonic | Molecular / Intermolecular 1-21 Law of Oscil- 
lating Atomic 
Substances!3 

Harmonic Atomic / Interatomic 21-42 Law of Sono- 
thermity!4 

Dominant Etheric / Interetheric 42-63 Law of Oscil- 
lating Atoms!® 




















Table 8.3: Keely’s three modes; subdivision, octave and law 


‘“By use of the dominant mode, which is allied to the “order” of etheric 
vibrations, we can induct, “sympathetic negative attraction” or “sympathetic 


positive propulsion” in any mass, according to its mass chord. 





16 (SYMPATHETIC INDUCTION - Snell] 


»16 
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8.6 Footnotes 


[1] Also called Circular wave, Curl, Love Wave, Lamb Wave, Surface wave, 
Etheric. “Power of rotation comes on the positive and power of negation, 
arising when the receptive flows become independent of the circular chord 
of resonation (set up mechanically or otherwise) breaks up the rotational 
power.” 

[Rayleigh Wave} 

[Vortex] 


[2} Also called Compression wave. “The vibratory velocity governing the 
magnetic flow ranges from 300,000 to 780,000 per second and comes un- 
der the first interatomic. This is the first order above odor and permeates 
the molecules of glass in the compass cover as air passes through a sieve. 
Being governed by the full harmonic chord'® this flow moves in straight lines 
free from molecular interference.!° “when free of this differentiation are in 
straight lines.” 7° 

[Figure 8.3 - Coiled Spring showing Longitudinal Wave] 

[Longitudinal] 

[Longitudinal Wave} 

[Longitudinal Waves in Vacuum| 


[3] “Discordance in any mass is the result of differentiated groups, induced 
by antagonistic chords, and the flight or motions of such, when intensified by 
sound, are very tortuous and zig-zag;” 7" 

[Figure 8.4 - Transverse Wave] 

[transverse] 

[Transverse Wave] 


[4] See [Wave Field] 

Three Main Parts of a Wave] 
12.09 - The MINUS side] 
12.08 - The PLUS side] 





17TROTATION - Snell] 

full harmonic chord] 

191M AGNETIC ENGINE - Snell] 

Snell Manuscript], [Discordant] 

Keely and His Discoveries, pg 275], [Discordant] 
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[Figure 2.12.1 - Polarity or Duality] 
[Figure 15.03 - Opposing Forces of Gravity and Radiation] 
[7B.16 - Polarity, Principle of Polarity] 


Artwork by [Jeremy Pfieffer] et al. 


OU 


6] [The Seven Subdivisions of Matter and Energy], |VACUUMS FROM VI- 
BRATORY INDUCTION] 








7| Jose Arguelles, Earth Ascending, page 21; 1996 (3rd edition) See [Bi- 


nary Triplet] 
See [MUSICAL CHORDS], [Triplet] 


Chapter 9 


Keely Wave Function 


9.1 Introduction to Keely’s Wave Function 


One of the keys to Keely’s mastery of matter and energy lies in what I call the 
Keely Wave Function! and his ability to manipulate it. A wave function is 
a mathematical description of the factors involved in a sine-like wave, vibra- 
tion or oscillation expressed over time. Generally, science considers a wave 
function of one dimension or within a closed and defined range of frequency 
(to put it simply) which includes the constructive attributes of amplitude, 
Time and Space (wave length). In Keely’s case the wave function is compos- 
ite three dimensional wave function that operates within three levels, orders 
or ranges of frequencies, simultaneously and having additional constructive 
attributes or aliquot parts within those orders or levels. Thus it is more com- 
plicated but also more inclusive of the factors operating naturally within a 
wave, vibration or oscillation. The Keely Wave Function would include some 
if not all of the dimensions of the Russell Wave Function’. 


Perhaps one of the more interesting aspects of Keely’s work is his Wave 
Function. The Wave Function is comprised of those creative foundational 
forces creating all oscillation and vibration which are seen effects of those 
unseen causes. Fundamentally these forces are in the 3, 6 and 9 proportions 
discussed in the [Laws of Being - Annotated] and [Modes of Vibration - An- 
notated] and hinted at by Nikola Tesla and discussed in this book primarily 





1lKeely WaveFunction] 
(Eighteen Attributes or Dimensions| 
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in Chapter 7 and 8. 


The wave function preforms not too unlike complex impedance? calculations 
over time but with more variables or dimensions. The Keely Wave Function 
operates/is on three levels or orders simultaneously: 


Molecular 
Atomic 
Etheric 


Each level or order has three motions /dynamics: 


Harmonic = Syntropic 
Enharmonic = Entropic 
Dominant = Neutral 


This table below shows the three main levels or orders plus a fourth level 
or order and the forces active in each as also the law governing each specific 
frequency range. 





3limpedance | 
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Range!!/] Octavd cps range Sound Sound | Action Vibe | Governing 
Type | Effect Type | Law 
Law of | Creative Transmissiv8tatic 
Force> 
Atomolic | 65-105 ?-? Atomolity Gravism Gravity | Atoms | Law of 
Oscil- Oscillating 
late Atomoles 
Etheric 43-64 4,398,046,511,104 ThermismRad- Cohesion Atoms Law of 
- energy / Oscil- Oscillating 
1.8014398509E+19 Chemism. late Atoms 
Atomic 21-42 2,097,152 - | Sono- Sono- Adhesion Internal) Law of 
4,294,967,296,000 thermity therm / Vibra- Sono- 
Disin- tions thermity 
tegra- 
tion 
Molecular} 1-20 1 - 1,048,576 Sonity Sound Sonism | Atomic | Law of 
Oscil- Oscillating 
lation Atomic 
Sub- 
stances 
































Table 9.1: Ranges of forces vibration forms types and laws 


Table 9.1 shows the break-out into orderly detail the components, activity 
and functions of Keely’s Law of Transformation of Forces‘. 


9.1.1 Law of Transformation of Forces 


“All forces are different forms of Universal Energy? unlike in their period- 
frequency, merging into each other by imperceptible increments; each form 
representing the compass of 21 octaves. Each form or pitch may be trans- 
formed into an equivalent quantity of another pitch above or below it in the 





‘| 
°| 


Law of Transformation of Forces] 
12.02 - Universal Energy Unit Constant or Impulse] 





Golden silk orb-weavers (Nephila) 


10. Golden silk orb-weavers (Nephila) - 15 cm 
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scale of 105 octaves®. The transformation can occur only through its static 


effect, developing vibrations of harmonic pitches above or below their fun- 
damental vibration, or developing with juxtaposed aggregates, resultant and 
difference, or third order, as the case may be. 


Scholium: “A table of the intervals and harmonics of the normal harmonic 
scale will indicate the ratios in which the transformation of forces will occur.” " 


It is said energy cannot be created or destroyed however energy can be trans- 
formed or transmuted into different forms. These vibratory forces, states and 
conditions have reciprocity and are expressed in ratios of relative values or 
‘modes’ thus they can be changed one into the other under special circum- 
stances as described in Keely’s Law of Transformation of Forces. 


9.2 Thirds as Ratios within a Whole 


In Brinton’s “Laws of Being” (Chapter 7) we can see the description of 
Keely’s Thirds, Sixths and Ninths as learned, understood and presented by 
Professor Brinton during his visits to Keely’s laboratory. We can also see 
these terms are not specifically musical intervals of thirds, sixths or ninths, 
as considered by musicians, but they are musical in terms of relativity, pro- 
portion and value. They are relative proportions within a whole. Flows 
and currents can be understood by the metaphor of a river or stream. The 
stream flows as a whole and has within this stream many currents. Herein 
the syntropic flow to a center is composed of three currents. Each current is 
a third ; of the whole flow or stream. These currents are expressed as ratios 
within a whole of 100; 2.e., 33 5 : 100 or 66 2 : 100. The whole wave, flow or 
stream, regardless of polarity, is 100. Exploring the literature a bit further 
we find the following relationships: 


“Silver represents the third, gold the sixth and platinum the ninth, in their 
respective relative molecular oscillating ranges. This triune condition will 
equate thirds in vibratory frequencies, that is, chords in intervals of thirds 
will set up disturbances in the Trexar and these disturbances will be equated 





®[Scale of the Forces in Octaves| 
[Keely]; [Law of Cycles], [12.06 - Mid-Tones and Neutral Centers], [Scale of the Forces 


in Octaves] 
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so as to be transmitted as thirds from the positive or farthest end of the wire.”® 





8'TREXAR - Snell] 
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Thirds Sixths Ninths 

Silver Gold Platinum 

By: : 66 : 100 

neutral depolar polar 

33 5 >>Attractive - | 100 
Equation<< 

<<Repulsive - | 66 2 100 

Equation>> 

neutral entropic syntropic 

celestial terrestrial - mat- | terrestrial - mat- 
ter dissolving ter forming 

dominant individualizing assimilative 

Mind as Intent, | I want to be One | I want Every- 

Will, Volition, | with Everything | thing for myself 

Desire 

Ideals Service to Oth- | Service to Self 
ers 

Fulcrum, Neu- | Radiating from | Contracting to 

tral, Balance Center Center 

Controller Dispersing, Dis- | Concentrating, 
sociating Associating 

Neutral Minus Plus 

Dominant Enharmonic Harmonic 

Neutral Magnetic Electric 

Fulcrum, Void Mother Father 

Now Life Reducing | Life Enhancing 
(death) 

Neutral Chords | Dispersing Assimilating 
Chords Chords 













































































Table 9.2: Neutral (thirds); energy radiates from center (sixths); force con- 
tracts to center (ninths) 


The above three levels and three forces acting in each are delineated in 
the pages listed below, especially within the [Laws of Being - Annotated] and 


9.2. THIRDS AS RATIOS WITHIN A WHOLE LWA 


[Modes of Vibration - Annotated] all subject of this book especially Chapter 
7. The action of each mode is determined by their composite proportions or 
modal preponderance. Hence a mode may have different action in different 
contexts, use or circumstance. 
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Chapter 10 


Proportions (Ratios) of 
Relative Values 


10.1 Proportion 


Proportion is the ratio (relativity) of two or more numbers or quantities to 
each other as have been presented in the preceding chapters. The same of 
course applies to notes in a music chord. While the individual frequencies are 
important they take on a new meaning according to their proportion within 
the scale, chord and to each other. This gives us an insight into why Keely 
used music notation to such an extent. On Keely’s charts can be seen the 
following terms of numeric relationship. 


Proportion is in three kinds: (1) multiplex. (2) Superparticularis. (3) Super- 
partiens. Proportio multiplex is when the larger number contains the smaller 
so many times without a remainder, as 


2:1 (dupla) 
3:1 (tripla) 
4:1 (quadrupla). 


Proportio superparticularis is when the larger number exceeds the smaller 
by one only as 


3:2 (sesquialtera) 


T¢9 
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4:3 (sesquitertia) 
5:4 (sesquiquarta). 


Proportio superpartiens is when the larger number exceeds the smaller by 
more than one, as 


5:3 (superbipartienstertias) 
7:4 (supertripartiensquartas) 
9:5 (superquadripartiensquintas). 


Thus, it will be understood, that instead of giving simply the ratio between 
two numbers, early writers on arithmetic and geometry, as well as music, 
coined a single word to express that ratio; for example, 17:5 was said to 
be Triplasuperbipartiensquintas, 7.e., that the larger number contained the 
smaller number three times (tripla) with two remainder (bipariens). Again, 
Triplasupertripartiensquartas proportio, signified that the larger contained 
the smaller three times and three over, as 15:4, 27:8, etc., the last part of the 
compound word always pointing out the smaller of the numbers compared, 
or an exact multiple of it. Lastly, the addition of sub showed that the smaller 
number was compared to the larger, e.g., 4:15 would be called Subtriplasu- 
pertripartiensquartas proportio. This system of proportion was used not only 
with reference to intervals but also to the comparative length of notes (time).! 


An excellent booklet on proportion is ‘Propositions of Proportions’? in the 
svpbookstore.com online catalog. 


10.2 Reciprocating Proportionality 


Reciprocating Proportionality means what is added to one side must be si- 
multaneously subtracted from the other. A children’s seesaw is a perfect 
analogy. Whatever quantity or rate of change added to one side must be 
subtracted from the other. Another good analogy is a mathematical equa- 
tion where what is added to one side must be subtracted from the other 
side or where one side is multiplied the other is divided. A dynamic balance 





'Stainer, John; Barrett, W. A.; A Dictionary of Musical Terms; Novello, Ewer and Co., 
London, pre-1900 
2svpbookstore.com 


10.3. RECIPROCATING PROPORTIONALITY 181 


where the whole is always one while the two balanced forces in opposition 
(e.g.; syntropy and entropy) are constantly changing in direct proportion 
to one another. The Square Law and Inverse Square Law is another good 
example. This equal and balanced reciprocating dynamic is at the root of 
Russell’s Rhythmic Balanced Interchange*® and Macvicar’s cosmical Law of 
Assimilation‘. 
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Figure 10.1: One Balanced Whole and Two Reciprocating Dynamics 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/reciprocating.jpg 
(courtesy University of Science and Philosophy) 


10.3 Reciprocating Proportionality 


“The underlying law of Creation is RHYTHMIC BALANCED INTERCHANGE 
in all transactions in Nature. It is the one principle upon which the continu- 
ity of the universe depends. Likewise, it is the one principle upon which the 
continuity of man’s transactions, his health and happiness depend. It is the 
manifestation of God’s two opposing desires in all processes of creation. 


“BALANCE is the principle of unity, of oneness. In it is the stability which 
lies in CAUSE. BALANCE is the foundation of the universe. 
3 
4 





Rhythmic Balanced Interchange] 
Law of Assimilation] 
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“BALANCED INTERCHANGE simulates oneness by interchange between 
pairs of opposites. It is the principle of equal giving between all moving pairs 
of unbalanced opposites which constitute this dual electric universe. In it is 
the instability of EFFECT. Instability is forever seeking to find stability. It 
can never find it, but it can simulate it by balancing its instability through 
equality of interchange. 


“RHYTHMIC BALANCED INTERCHANGE is the principle of continu- 
ity of EFFECT. Balanced interchange between opposites repeats simulation 
of stability, and rhythmic balanced interchange continues that repetition.” 


The degree to which a vibrating or oscillating system is either one polarity or 
the other can be pictured or expressed in relative and accumulative numbers. 
Russell used the + sign to indicate accumulating, concentrating (syntropic) 
quantities and a — sign to indicate dispersive, radiating (entropic) quantities. 
Russell used his Scale of Locked Potentials® to measure degrees of polarity 
and this author believed Keely similarly used his mysterious thirds, sixths 
and ninths as part of his referencing method where proportions or parts of a 
whole were given proportioned or ratioed values.” 


10.4 Reciprocal Proportion 


Increases and decreases (establishing polar preponderance) are in inverse or 
direct proportion to rate of change or delta. 


Energy at Plane of Inertia is neutral or depolar. —0 0+. 





°Russell, [The Secret of Light], page 106-107 
®[Scale of Locked Potentials] 
73.13 - Reciprocals and Proportions of Motions and Substance] 
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Definitions of + & - 


Neutral 
Riodal Line 





|“, Plane of Inertia 
Mind 


~« 


as Differentiated Mind 
Undifferent 
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Figure 10.2: Plane of Inertia 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/plane-of-inertia.jpeg 
(courtesy University of Science and Philosophy) 


Degree of Concord or Discord is determinative anywhere from —0 0+ to 
4++4%. 


Figure 10.3: Scale of 0 to 4 to 0 


Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/lockedpotentials.jpeg 


When preponderantly harmonic a larger volume —O 0+ condenses to 
smaller volume of —1 1+ progressively to 4+ +. 


When preponderantly enharmonic a smaller volume 4 + + dissociates and 
expands to larger volume of —3 3+ progressively to —0 0+°. 





a 
°| 


4plusplus] 
4plusplus] 


‘9 
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Figure 10.4: Nested cubes or increasing and decreasing proportions 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/nested-cubes.jpg 
(courtesy University of Science and Philosophy) 


Volume decreases with increased potential. 


Volume increases with decreased potential. For numeric details and rela- 
tionships on the above see |[cube-sphere] and [Cubing the Sphere]. 


Transformations occur at the —0 0+ and 4+ + points, states or conditions. 
The first according to Russell’s Principle of Regeneration!? (Keely’s “static 
effect”) and the latter by Keely’s Law of Cycles'!. See Figure 12.8 for an 
animated graphic show progressive generation of discords until dissociation. 


10.5 Reciprocals and Proportions of Motions 
and Substance 


“The following fundamental laws governing mathematical relations will briefly 
convey the idea of the Principles governing universal ratios which is in every 
effect of motion the direct and inverse square of the distance, area or time 
dimensions and the cube of volume or potential dimensions. The direct and 
the inverse are the two way indicators of direction, the latter belonging to 





10'Principle of Regeneration Russell], [13.13 - Principle of Regeneration] and [Principle 
of Regeneration Bearden] 
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gravitational and the former to radiational effects.” ” 


Notice the reference to the reciprocals Square Law and Inverse Square Law 
in the above Russell quote. These two laws are reciprocals of each other 
and reflect the natural ways force and energy! interchange in nature when 
forming pressures, vacuity, rotation, gyroscopic motions, or vortices. 


“All dimensions simultaneously expand and contract in opposite directions 
of the same ratio.”' 


10.6 Thirds as Ratios within a Whole 


In the above quote we can see the description of Keely’s Thirds, Sixths and 
Ninths as presented by Professor Brinton after his visits to Keely’s lab on 
Chestnut street, Philadelphia. We can also see these terms are not specifi- 
cally musical intervals of thirds, sixths or ninths, as considered by musicians, 
but they are musical in terms of relativity, proportion and value. They are 
proportions within a whole. Flows and currents can be understood by the 
metaphor of a river. The river flows as a whole stream and has within this 
flow many currents. Herein the syntropic flow to a center is composed of 
three currents. Each current is a third (3) of the whole flow. These currents 
are expressed as ratios within a whole of 100; i.e., 33 7 : 100 or 66 : : 100. 
The whole wave or stream, regardless of polarity, is 100. Exploring the liter- 


ature a bit further we find the following relationships: 


“Silver represents the third, gold the sixth and platinum the ninth, in their 
respective relative molecular oscillating ranges. This triune condition will 
equate thirds in vibratory frequencies, that is, chords in intervals of thirds 
will set up disturbances in the Trerar'® and these disturbances will be equated 
so as to be transmitted as thirds from the positive or farthest end of the 
wire.” 1" 





Russell, [Genero-Radiative Concept], part 6b 

13In SVP [Force] is considered Syntropic while [Energy] is considered Entropic. 
14/Dimension| 

15 Russell 

16/Trexar] 

WITREXAR - Snell] 
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Chapter 11 


Universal Heart Beat 


THE EARTHS [GRAVITY 
© 





Figure 11.1: Universal Heartbeat 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/heartbeat.jpg 
(courtesy University of Science and Philosophy) 


Universal Heart Beat = 
Dynaspheric Force! = 

Rhythmic Balanced Interchange? = 
Triune Polar Flows? 


“The eternally conscious entity - call it by whatever name we please - moves 





'|Dynaspheric Force] 
?[Rhythmic Balanced Interchange] 
3(Triune Polar Flows], [Figure 13.12 - Triune Polar Stream Characteristics] 
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in cycles as eternal and infinite as itself; it oscillates and vibrates perpetu- 
ally.”* 


The universal heartbeat is the periodic flow of a polar system from a prepon- 
derance of one pole then to preponderance of its seeming opposite pole. This 
is the action of all vibration, oscillation and waves no matter what order 
or level (frequency or media) it is. Russell mentions “in the wave lies the 
secret of Creation.”°® The secret then of Creation® is the unseen dynamics of 
the wave, vibration or universal heartbeat - the essence of this book. The 
following are primarily Russell quotes describing this universal dynamic or 
dance of polarities. 


11.1 The Love Cycle 


“Energy accumulates during genero-active inhalation by rising potential, and 
is dissipated during the radio-active’ exhalation by lowering potential. The 
periodicities of inhalation and exhalation in all mass are absolute.” ® 


“All the force of electricity is exerted in the attempt to create the illusions of 
form and dimension. 


“All the force of magnetism is exerted in the attempt to destroy all illusion, 
all form and all dimension. 


“Neither force completely fulfills its desire, for each partially thwarts the 
other. 


“The energy of magnetism is the elastic energy of expansion, a straining 
energy ever pushing toward the inertial line of equalized pressures which lies 
between any two masses, while the energy of electricity is ever pulling toward 
the pulsing heart, the gravitational nucleus of every mass.” ® 





4Keely’s description of that state of being commonly known as God, [Dashed Against 
the Rock], see [14.30 - Effect of Preponderance] and [14.31 - Preponderance Russell] 

[In the Wave lies the Secret of Creation] 

°[Creation| 

"Tradio-active] 

8Russell, [The Universal One] 

°Russell, [The Universal One] 
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“To these periodic oscillations, alternating in sequence, is due the revolu- 
tion and rotation of all mass.'° 


“All evolving and devolving mass beats time in accord with its periodic se- 
quences of alternating electro-magnetic oscillations. 


“All mass beats time in accord with its varying potential. 


“The electro-magnetic oscillations of the universe are the heart-beats, the 
life pulsations of the universal One.” 


“The misconception of gravity as a force of attraction which pulls inward 
from within. The only force which motivates the heart beat of this universe 
is the cyclic wave force of gravity which expands and compresses, heats and 
cools, integrates and disintegrates, centripetally and centrifugally.” 


“Waves of motion spring from the stillness of the universal equilibrium. They 
are the universal heartbeat which manifests eternal life and power in God’s 
stillness by eternal repetitions of simulated life and power as expressed in 
waves of motion.” 8 


“Each interchange between the invisible omnipresent universe where motion 
begins and ends, and the visible transient universe, which multiplies and di- 
vides the speed and power of motion, is a cycle. Pulsing cycles constitute the 
heart beat of this universe, which simulates Mind-Idea through pulsing cycles 
of two-way motion. Every pulsation of the life principle of multiplying mo- 
tion creates divided electric male and female bodies, which seek rest in each 
other from the strains and tensions of their division into pairs of opposites.” 


“This shows how the heartbeat piston operates between the vacuity of the 





10'See 7.39.4 Receptive Transmittive Concordance induces Ro- tation] 

"Russell, [The Universal One], Book 02 - Chapter 03 - New Concepts of Electricity and 
Magnetism 

Russell, [Russells Optic Dynamo-Generator] 

'3Russell, [The Secret of Light], page 115 
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Creator’s Magnetic Light'* universe of Mind-energy'® and the potential of 
the electrically pressured universe to create cycles of two-way motion.” 


“The sexless Father-Mother Creator is One. His extended sex-conditioned, 
male and female bodies are the completion of His Trinity. 


“Rest and action are three. Space and matter are three. Equilibrium and 
motion are three. Dimensions and pressures are three. The heartbeat of the 
universe, and yours, are three. Likewise, its breathings and yours, its tem- 
peratures and yours, and all things else of the universe, and you, are three.” ‘" 


“To account for this unnatural phenomena The Coulomb Law was adopted, 
which says that opposites attract, meaning oppositely sexed mates and likes 
repel, meaning similarly sexed pairs. This law is invalid, for oppositely sexed 
mates do not attract. They are forced into collision by the electric action of 
dividing Oneness into unit pairs. The instant that they do collide they use 
their utmost endeavors to re-attain the sex-divided condition by re-charging 
their discharged condition. Nature helps in this process by assisting to re- 
charge with every heartbeat, every breathing cycle, and the food one eats.” !® 


“By turning on the current it will be found that the spot between the two 
electrodes is of zero potential, and that many lines of radiation extend from 
that center and cause a moving electric current to spin around the zero ful- 
crum center where the ring is located. Not only that but an electrode placed 
in contact with the ring, will convey current away from it. This effect of elec- 
tric current extending from a still center to convey its power to the ring, and 
other outside conductive matter, is identical with the mental example quoted 
in Fig. 48. 





14/Magnetic Still Light] 

1 (Mind Force] 

Russell, [Atomic Suicide]?, Chapter 4 - The True Nature of This Mind and Motion 
Universe 

7Russell, [Atomic Suicide]?, Chapter 5 - Prelude - The Transformation of Man 

18Russell, [Atomic Suicide]?, Chapter 8 - The Oneness of Gravity and Magnetism; see 
also [PoL - Chapter 9] 
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Figure 11.2: Neutral Center 4++ extention to periphery 0 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/ring-of-motion.jpg 
(courtesy University of Science and Philosophy) 


“Anyone who may question this fact may not only prove it by this simple 
experiment but can also move the two electrodes away from the center of the 
rim so that their centering zero occupies an eccentric position, as the human 
heart does in relation to the chest, and as the zero center of the heart itself 
is eccentrically placed in relation to its mass. A different wave pattern will 
result but the electric qualities will remain the same. There is always a neu- 
tral center which centers the birth point of any action. Motion spins around 
that neutral center, but there is no motion at that center.” !9 


“Say also thou to man who thinketh of his heart beat as his own alone - 
unbound to all things else - that all creating things unfold with the pulse beat 
of My cyclic thinking. As My thinking is universal, so likewise, is My pulse 
beat universal. 


“And furthermore I say that every blade of grass and leaf of oak in mighty 
forest pulseth with the heart beat of man and all things else, yea even down 
to microcosmic cells of forming things of earth, and sea, and sky; for even 
the most minute of these pulse with the electric waves of My cyclic thinking 
as the mightiest of stars in My heavens likewise pulse. 


“For I, God of Light, thy Father-Mother God of Love, am the One Whole. 





Russell, [Atomic Suicide]?, Chapter 9 - The Mind Nucleus of the Atom 
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From Me all unfolding-refolding things extend, and to Me they return for re- 
extension. 


“All things go from very heart of Me into My imaged universe; and when 
they disappear from there I also take them back to very heart of Me. 


“For Iam the Soul of art. To him whose Soul would touch My Soul, and feel 
the heartbeat of its mighty rhythms, I say, in so far as thou knoweth thy Self 
as Light, thou shalt know Me as Light.” ?° 


“God has two desires: the desire to unfold His creations to give them form 
and set them into action; and the other desire is to refold His forms and 
take them back to Him for rest and resurrection so that they may repeat 
their action. That is the basis of the entirety of creation - the two desires 
of God, to act, to create, and to take back for re-creation. That is why God 
divided everything into pairs of opposites: the desire to express action, the 
desire to separate from Oneness, God’s Oneness desiring to be manifested 
as many ones - the idea of separation and action; and the desire for return 
to rest from which that action sprang for the purpose of repeating the action 
in cycles, countless millions of cycles of action and rest, in-breathing, out- 
breathing; the pulse beat of the universe; the heartbeat of all things pulsing in 
all things to manifest life in action and reaction from the stillness of God’s 
One Light in which there is no action and reaction.” 7! 


“God’s universe is entirely composed of microcosmic and macro-cosmic masses 
of pulsing electric waves, which we call matter. These pulsing waves consti- 
tute the universal heartbeat, or universal breath of God’s body. God’s body 
continues its manifestation of the life principle by breathing outward and in- 
ward sequentially, just as you breathe out and in in balanced sequences to 
continue your appearance of existence. 


“Every mass in the universe breathes out and in, rhythmically. There are 
no exceptions to this law which every nebula, sun, planet or electron of an 
atom obeys, but in varying frequencies appropriate to their potential. Your 
breath frequency may be ten cycles per minute while the sun’s frequency 1s 





?0Russell, [The Message of the Divine Iliad] 
Russell, Fifth Kingdom, The Beginning of Man 
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one cycle in eleven years. 


“The most obvious fact of Nature is its repetition in reverse of every ef- 
fect of motion in two-way pulsing cycles. It is unaccountably strange that 
science has never observed this most obvious of all of Nature’s characteris- 
tics. Every cycle in Nature is a two-way, equal interchange between pairs of 
opposite conditions. That interchange between the equally balanced anodes 
and cathodes of this electric wave universe constitute its pulsing heartbeat, 
which likewise is cyclic, otherwise it would not continue.” ?? 


“The test for ascertaining the average number of those who are ready for 
this higher step upward in the unfolding of the man-idea is not a religious 
one, it is a cultural one. In New York City, for example, about 7,000 people 
out of 8,000,000 people love the higher inspirational rhythmic creations of 
the world’s great geniuses who interpret the heartbeat of Nature for the Souls 
of men. These same few shun noisy crowds, shudder at Jazz music, which 
distresses them acutely, in order to seek aloneness in the forests or oceans 
shores where they can hear Nature’s silent whisperings and rhythmic sounds 
within their very Souls.” 


“There is an indescribable glory all along the road which leads from your 
active thinking to the stillness of deep meditation. If you cannot actually go 
to the forest or sea, the better to commune with God, go there in your imagi- 
nation. If some problem demands your thoughts let the imagined tones of the 
sea drown them out. If you imagine the sea and hear the rhythms of its waves 
pounding upon the shores as echoes of the heartbeat of the universe resounding 
within you, or if you hear the breezes whispering in the pines with your in- 
ner ears, the glory of that ecstasy will soon drown out dross thoughts of earth. 


“Earth music is melodic and chains you to earth. The music of the spheres 
which you hear with inner ears, is deeply tonal, not melodic. The rhythms 
and tones of Nature’s music which sing its octaves in the language of Light 
have always within them the pulsing rhythms of the universal heartbeat, al- 
ways the one-two, one-two pulsing of the Father-Mother heartbeat of borning- 
reborning forms of things, which manifest the Father-Mother pulsing rhythms 





22Russell, [Home Study Course], Unit One - Prelude 
?3Russell, [Home Study Course], Unit One - Lesson 1.1 





194 CHAPTER 11. UNIVERSAL HEART BEAT 


of the Soul’s high heavens. 


“Always in your deep meditation the music of the silences from which sounds 
of earth spring is like unto the aftermath of the great symphonies by cos- 
mic masters, which have refolded from sounds of earth which your ears have 
heard, into your very Soul, which still hears them in the pulse-beat of your 
imagining.” 4 


“And as love is rhythmically repeated in its givings and regivings to syn- 
chronize with the givings of your outward breath to the heavens and their 
regivings to you, and as such balanced rhythmic interchange between your 
heartbeat pulsings and all other electric extensions from the stillness of your 
Soul is LAW - the basic fundamental LAW of all creating things in all this 
electric universe - your own masterpiece is the measure of how divinely you 
have conceived it and how worthily you have rendered it in balance with Uni- 
versal Law. 


“To the extent that you can extend the beauty of your imagined rhythms to 
material bodies built in the images of your spiritual conceptions those rhythms 
which you create are masterpieces of great art. The very measure of the qual- 
ity of your material interpretation lies in your ability to translate imagined 
forms and rhythms of the universal heartbeat into bodily forms and rhythms 
which can reinspire others with the ecstasy of your inspiration.” ?° 


“Your transcendent genius is the result of your communion with God. By 
your masterly interpretation of the rhythmic heartbeat of His thinking you 
have caused others to commune with you and God. Your meditation and 
theirs are one. You have made them to forget their sensed bodies and dwell 
in the Mind kingdom of your high heavens with you and all illumined Souls 
who dwell in God’s kingdom of Light.” *° 


“Imagine yourself communing with God indirectly, such as listening to the 
heavenly rhythms of God’s heartbeat in a masterly symphony. While thus 
enraptured by the divine rhythms reaching your very Soul can you possibly 





*4Russell, [Home Study Course], Unit One - Lesson 1.2 
?5Russell, [Home Study Course], Unit One - Lesson 2.1 
6 Russell, [Home Study Course], Unit One - Lesson 2.2 
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imagine yourself thinking evil, or thinking sinfully by planning to cheat, or 
lie, or steal? No - of course you cannot. The reason you cannot is because 
you are reflecting the love nature of the universe in your spiritual Self in its 
entirety, and there is no sin in that love nature to reflect.” 2" 


“The entirety of Creation is the manifestation of love. Every effect of motion 
in nature is a manifestation of the nature of God, for Nature gives of its all 
in every action and regives equally in every reaction. If that were not so the 
movements of the planets would not be predictable. 


“The electric heartbeat of Nature expresses love in both halves of each cycle 
of the universal heartbeat. Nature never takes for God never takes. Nature 
never gives unequally for God never gives unequally. 


“God’s equally balanced giving for regiving is never violated in Nature. It 
could not be violated for Nature is an extension of God’s nature. For this 
reason the balance of Nature can never be upset. 


“You can KNOW music and THINK it without having acquired the tech- 
nique of expressing it, or without producing sounds to give it a body. Your 
inner ears can hear the music in the silence of God’s eternal rhythms, and 
you can interpret your moods into the rhythms of the universal heartbeat, as 
Beethoven interpreted the mood of the moonlight into the rhythms of it with- 
out having any teacher but his God-Self. 


“Consider the life of any great musical genius. What he finally produces 
in a written composition first begins in his Soul. He must first find aloneness 
with his Self by getting away from all other people, and even from his own 
body awareness. He must suppress all outer influences to seek that stillness 
from within from which the inner ears of his Soul can hear the rhythms of 
the universal heartbeat of God’s creative thinking. 


“To find that stillness in the Light of knowing he must stop thinking, in 
order that he can conceive idea from the Light of all-knowing. From the ec- 
stasy of that stillness the inspiration is born in his very Soul. The motive 
for his symphony gradually takes form through the heartbeat of his thinking 





27Russell, [Home Study Course], Unit One - Lesson 3.1 
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which he extends from the stillness of his Soul, then ceases to extend it to 
again find the stillness of the Light which is gradually giving him his motive 
by its inspiring illumining within him.” ?® 


“SECOND. Your desire is written upon your heart. It 1s registered in your 
Soul. It is no longer your body desire, it is your Soul’s desire. You are 
in communion with God about it - not in words but in Light. You have 
an increasing sense of joyousness. Your desire is written into the universal 
heartbeat rhythmically. You are responding to it rhythmically. You are no 
longer just body - you are Soul - slightly aware of body - slightly aware of 
earth, and the heavens above, and of creating things. You are not thinking of 
extraneous things. You cannot think of objective things of earth while in the 
Spirit.” °° 


“The key to that answer is that God’s universe is founded upon balance - 
one balanced condition which He divides into two equal and opposite condi- 
tions of His electric thinking. This electric universe of matter is composed 
entirely of these two equal and opposite conditions. 


“Every effort of every creating thing is expressed by the motion of inter- 
change between those pairs of opposite conditions, such as matter and space 
which constantly interchange equally by breathing into and out of each other 
equally. Without that equality of rhythmically repeated interchange the uni- 
verse could not continue. That rhythmic interchange constitutes the heartbeat 
of God’s body. Its rhythm and balance are absolute because the division of 
God’s electric thinking is equally balanced.” °° 


“Meditation transports one from the transient world of matter to the real 
world of dreamings, visions, and imaginings where idea is and concepts are 
born. That is the world where sounds are heard in the silence of your Soul 
where no sound is where rhythms of symphony and poem are the rhythms 
of cosmic pulsings of God’s thinking manifested in the heartbeat of His uni- 


verse.” >! 
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“When you pray for God to show His love for you by giving your field good 
crops you must yourself give your love to your fields to regive His giving. 
Your love given to them is God’s love given to you for regiving. Your love 
and God’s love are ONE. Its manifestation is TWO in giving and regiving 
but that TWO is the ONE HEARTBEAT of God’s body, even as the swinging 
of the pendulum is the TWO of the ONE source of their manifestation. 


“He who knows the Light of love in him does not beseech the Father-Mother 
of the universe for his next breath, nor for his next heartbeat, for he fully 
knows that his heartbeat is one with the universal pulse, and that for which 
he would needlessly ask is already his. 


“And as there is not a time when God centers you, and an interval elapses in 
which He again centers and controls your balanced heartbeat to synchronize 
with His, so is there not a time when you should pray to Him, and another 
time when you should not.” °? 


“The love born symphony is prayer for love fulfilled in the composer and 
again fulfilled in the hearts of those whose heartbeat feels the ecstasy of God’s 
heartbeat as expressed in those heavenly rhythms.” ° 


“T instantly, and timelessly, knew the still magnetic Light which is the ful- 
crum of life and power, also I knew the heartbeat of the electric universe 
which manifests love, life and power in matter. 


“T also instantly and timelessly knew that the magnetic Light of the God 
of love was all that is - and that the sensed electric wave universe of motion 
which simulates love, life and power, had no reality whatsoever. I knew it for 
what it was - God’s thinking - God’s imagining - pure illusion - simulation - 
self-voiding forms thrown on the screen of space to manifest changeless idea 
by setting it in motion to produce the effect of change. 


“Thus knowing the universal heartbeat I knew the electric wave, or universal 
pulse, to which all moving, creating things were geared. Thus knowing the 
wave and its octave pulse beat in cyclic rhythms which spelled their rhythms 





32Russell, [Home Study Course], Unit One - Lesson 6.1 
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out for me always as 





'zero tone +two +three +four +zero- -four -three -two -one -zero 


I then knew all cause and comprehended all effect. 


“There was nothing to know but God’s one whole idea of Creation, which 
is represented in the following diagram by the changeless ZERO of the spiri- 
tual Mind universe of REST - and nothing to comprehend but the heartbeat 
of this pulsing electric wave universe of motion which is represented in the 
diagram by the NUMBERS. 


THE HEARTBEAT OF THE UNIVERSE 


POSITIVE NEGATIVE 
ot 2 3, 4h tS 2 2 0 


GENERATION DISINTEGRATION 
ENERGY TOWARD ENERGY TOWARD 
LIFE AND GROWTH | DECAY AND DEATH 





Figure 11.3: The basic formula of Creation 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/positive-negative-scale.jpg 
(courtesy University of Science and Philosophy) 


“This diagram is given to you now as the first simple step toward your 
acquisition of all knowledge of CAUSE and all comprehension of EFFECT. 
During the whole construction of this electric universe in this entire course 
of study the basic principle above diagramed will never be departed from, or 
exceeded, for there is nothing in Nature, nor in your own life, nor in your 
thinking, nor in any action of yours which can vary one whit from this basic 
formula of Creation. 


“Nor is there anything the chemist, physicist, metallurgist or engineer can ex- 
ceed beyond this formula or vary it in their work. Likewise the poet, painter, 
inventor, musician or architect is limited to this simplicity beyond which he 
CANNOT GO, and to which HE MUST CONFORM. 
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“Likewise the healthy growth of your body, or the conduct of your friendly 
or business relations must conform to this principle of BALANCE or else 
suffer the consequence of whatever unbalanced residue remains from lack of 
conformity with the heartbeat of the universe.” 


“The reason why I have been able to do so many things during life, and 
do them in a masterly manner, was because of my lifetime growing knowl- 
edge of the universal heartbeat which fully unfolded in one timeless flash in 
1921. 


“It may not suddenly unfold to you, as it did to me, but you can very greatly 
accelerate its unfolding if you will open your heart to these lessons and get 
what I am telling you into your Consciousness instead of just photographing 
them into your brain.” ** 


Giving Regiving 
O22 8 FP a ae 2.0 


BALANCE motion BALANCE motion BALANCE 





Figure 11.4: Formula of Rhythmic Balanced Interchange 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/giving-regiving.jpg 
(courtesy University of Science and Philosophy) 


“As you see I have again used the same formula of rhythmic balanced 
interchange in all transactions of Nature. I have but used different words to 
express different ideas.” *° 
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Chapter 12 


Vortices and Toroids 


12.1 Vortices 


Vortices combine their many complex motions to create compound vortices 
or toroids composed of several parts and dynamics. In other words a toroid 
of rotating motion is the effect of vortex dynamics. These dynamics are the 
combined effects of differential densities!, temperatures, pressures and ten- 
sions. These interactions between differences in density, potential, pressure, 
temperature and mass are the cause of motion which is the system attempt- 
ing to regain balance in all its parts. These dynamic systems are in turn 
governed by simple laws as are discussed in this book. The forces creat- 
ing vortices are the same forces creating vibration and oscillation but with 
different parameters. 





'\differential densities], [2.7 - Differential Densities], [16.13 - Differential Densities], [3.6 
- Differential Densities Begin to Form] 
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PLRRELIRE ZONE DIAGRAM. THE UNIVEIIAL OCTAVE CONSTANT 


UNIT OF TWO TONES 15 DIVIDED BY RISCURE ZONES, WHICH 
CAUSE ALL MASS TOROTATE AND TO REVOLVE IN SPIRALOREITS, 


Figure 12.1: Differential densities, pressures and masses 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/differentials.jpg 
(courtesy University of Science and Philosophy) 


In examining the dynamics of a vortex it is obvious there are many subtle 
polar dynamics converging to create a typical vortex such as are witnessed 
in a tornado or hurricane. These polar striations? (flows of differing energy 
states) would include differences in pressure*, mass, potential, velocities and 
tensions caused by the differences of these states. 


“vortex action (is) induced by differential conflict between the low and high 


tensions...” 4 


“All such experiments invariably resulted in vortex motion, whether induced 
sympathetically or otherwise. All corpuscular action in Nature is vortex mo- 
tion. The undulatory theory’ of light is only hypothetical. The conditions of 





[striations], [stria] 
3[Figure 3.6.1 - Tornadoes also have a Down Draft caused by its vacuous center], [Figure 


3.6 - Tornado Vacuums up Everything for Redistribution] 
‘Keely, [LIGHT - Snell] 
'wave theory 
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electro-magnetic radiation, on the same plane of matter as light, disprove the 
undulatory theory in many particulars. The vortex action induced by differ- 
ential conflict between the low and high tensions shows conditions analogous 
to those in the molecular dissociation of water® into hydrogen and oxygen in 
other words, vortex action of the highest order but peripheral only. Were it 
otherwise, the ether could not be held suspended or enclosed in the molecular 


or atomic envelopes’ .”® 





Figure 12.2: Tornado Vortex 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/tornado-hf.jpg 


12.2 Vortex Components 


1. Cone 

2. Cone Base (large opening) 

3. Cone Apex (Gravity Center, Neutral Center) 

4. Syntropic Still Magnetic Light, Gravity or Mind Shaft (hollow center) 

5. Etheric Vacuous Center 

6. Entropic Rotating Periphery (striated with high and low pressures and 
tensions) 

7. Pressure Striations 

8. Entropic Equator 90° to formative forces 





[Aqueous Disintegration], [Part 15 - Dissociating Water], [AQUEOUS DISINTEGRA- 
TION - Snell], [THEORY AND FORMULA OF AQUEOUS DISINTEGRATION] 

“lrotating envelope] 

8[LIGHT - Snell] 
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Figure 12.3: Vortex showing a few of its many components 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/vortex-nd.jpg 
(courtesy University of Science and Philosophy) 


12.3. Vortex Dynamics 


Syntropic (Sympathetic) Formative Forces® attracting to center. 
Entropic (Repellant) Dispersive Forces dispersing from center. 
Neutral Center Dynamics (Dominates/controls above two dynamics). 


12.4 Vortex Action is rotary 


“All such experiments invariably resulted in vortex motion, whether induced 
sympathetically or otherwise. All corpuscular action in Nature is vortex mo- 
tion.” [Keely] 


A vortex rotates on a divided horizontal plane along its extension, length or 
altitude from the ground to the clouds. The high and low tensions'° (pres- 
sures, temperatures and densities) are in constant conflict seeking balance or 





°[Figure 4.12 - Keelys Formative Structural Dynamic Morphology] 
10lantagonism| 
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voidance through and against each other. This assertive seeking for balance 
or voidance is the cause of the vortex’s violent motions - a sex act if you will 
allow such term. The base universal state is ‘desire for’ balance, harmony 
or equilibrium. Desired because no state of perfect balance can permanently 
exist. A system disturbed from this balance of forces will reassert itself in an 
effort to restore a stable state of balance or harmony (Love or sympathetic 
association) but such action is like a dog chasing its tail - and never catching 
at. 


12.5 Vortex Center 


A tornado’s center is an etheric vacuum having centripetal forces powerful 
enough to suction asphalt from paved roads" or lift cows, people and houses. 
This central vacuous column has been described as being luminous by those 
fortunate enough to have seen it and survived to tell about it. Walter Russell 
referred to this center as the Magnetic Still Light of Mind!?. It may also be 
the fabled Luminiferous Ether? of the ancients. 


“Know thou that God does not extend His Self into his moving universe, 
for the God-Light is still. Its stillness centers all things and it, likewise, cen- 
ters the shafts of all motion which turns around it, shafts which are levers of 
fulcrums and end at poles which measure extensions.” “ 


“Electricity (a polar condition) is the divider of the invisible white’? still 
magnetic light of gravity - which Mind is - into the red and blue halves of the 
visible light spectrum for the purpose of creating male and female bodies (in 
motion) which alone constitute all matter.” '° 





"Figure 3.6 - Tornado Vacuums up Everything for Redistribution] 

12/Magnetic Still Light] 

13'Luminiferous Ether] 

14/ Atomic Suicide]?; Chapter 5 - Prelude - The Transformation of Man, part 2 of 2 

Tn Figure 12.4 the white light is shown as yellow. Hughes in her book “Harmonies of 
Tones and Colours” considered yellow as the Source from which discord (form) originates 
and progresses. 

16Walter Russell, notation on chart, 1955. see [First Cause] 
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THE DIVINE TRINITY 





Figure 12.4: The depolar One divides into duality/polarity 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/female-male-color.jpg 
(courtesy University of Science and Philosophy) 


“The One begat the Two which begat the Three and from the Three all 
things are made.” Lao Tse!” 


The two initial polar states being 1) to separate or be individual and 2) 
be Unified or One are nothing more than tendencies or desires. Entropy 
tends in a direction away from the center, under certain circumstances, in 
a spiral path. Syntropy tends to a direction towards the center, under cer- 
tain circumstances, in a spiral path. Interestingly the two opposing states, 
forces or poles become each other intermittently'®. Since there are only two 
states they are initially in seeming perfect equilibrium one against the other. 
There is no motion or substance with the desire and tendency to direction 
and motion held latent. In this state of perfect latency on the etheric level 
there is pure potential waiting to be transformed into motion and matter by 
introducing idea (desire) or disturbing excitation.'? But such a static state 
cannot persist. On the molecular and atomic levels disturbance of this static 
equilibrium can occur with simple acoustic impulses. 





1™“The Tao te Ching’ [http://en.wikiquote.org/wiki/File:8orbitals.jpg] 
18iLaw of Assimilation] 
19/2.11 - Beginning as Undifferentiated One] 
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12.6 Vortex Polar Forces 


Russell’s reference to - creating male and female bodies - refers to the still 
magnetic light as dividing itself creating the two seeming polarities - the two 
seeming opposing forces of entropy and syntropy whose mutual conflict 7° to 
void or balance results in the motions of the vortex. The two poles’ prime 
objective is to void against/through each other that they may regain the 
Oneness (balance, harmony or love) from whence they came. These are the 
dynamics of the Universal Heartbeat, Rhythmic Balanced Interchange or 
Dynaspheric Force. In the simplest terms the vortex is comprised of three 
currents acting as a whole stream or flow - the same as has been described 
in Chapter 7 and as shown in Figure 12.5. 





Figure 12.5: Triune Forces of a vortex 
Image: http://pondscienceinstitute.on-rev.com/imagesNat Dyn/spiral-stria.jpg 


12.7 Vortex Periphery 


The periphery is molecular rotation governed by centrifugal forces counter- 
balanced by centripetal forces. In this section of the vortex molecular sub- 
stances (gases, evacuated debris, etc.) orbit around the vortex rotating center 
at high velocities and constitutes the visible form of the vortex. 





20/antagonsim| 
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12.8 Vortex Wall 


The wall or border condition between the still magnetic light and whirling 
molecular gases is where centripetal forces (syntropy) are transformed to cen- 
trifugal energies (entropy). Obviously this conversion zone is created by a 
dynamic balance between the inward pulling centripetal or syntropic forces 
of the vacuous etheric center and the outward flinging centrifugal entropic 
forces maintained by sufficient velocities. 7! 


If we picture three tornadoes rotating at 90° to each other would the com- 
bined forces tend enclose themselves to create a sphere much like Keely’s 
description of corpuscles formed via rotating envelopes”? Of course they 
would. 





Figure 12.6: Typical idealized torus, toroid or “donut” concept 
Image: http: //pondscienceinstitute.on-rev.com/imagesNat Dyn/donut-idealized.jpg 
(courtesy anonymous web artist) 


12.9 Toroid 


Idealized toroids are essentially composed of two opposing vortices meeting 
at their two apices forming a mutual center of neutrality, voidance or trans- 
formation. Being resultants of vortex structural components and dynamics 
they exist by virtue of these defining attributes. Of course, this is a prelimi- 
nary study and does not include all the myriads of structural and dynamical 
properties of all the different vortex forms. Please note these dynamics are 
inherent causative properties and not a mathematical description of phenom- 





oT 
oa 


Law of Cycles], [Law of Transformation of Forces] 
rotating envelopes] 
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ena which would be elegant in and of itself?? yet just a facsimile of what: is 
really taking place. 


Plane of Inertia 





Plane of Inertia 


Figure 12.7: Ideally toroids are two vortices meeting apex to apex 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/donut-inverted-mod.jpg 


12.9.1 Sympathetic Associative Attraction 


The two apices come together by virtue of sympathetic associative attraction 
or syntropy according to the Law of Harmony. They meet in this fashion at 
Russell’s 4+-+ wave crest where the Law of Cycles kicks in and the Law of 
Repulsion assumes preponderance. 





3for a good example: http://vortexmath.webs.com/ 
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Figure 12.8: Wave elements of Time, Compression and Dispersion 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/sine-indig-wavel.jpg 


Figure 12.8 shows an idealized structure of a wave being a sine wave. Some 
of the functional elements are included for identification purposes. In reality 
the left upward moving slope is syntropic (Law of Harmony) and will usu- 
ally be a longer time interval than from upper Center to lower Center (Law 
of Repulsion) which time may be greatly reduced. This is the time inter- 
val when compression (harmony) reverts to dispersion (repulsion) according 
to the Law of Cycles and may be of negligible duration. Hence the overall 
sine wave form will become a sawtooth wave as harmonics are generated and 
synthesized into the wave form according to the same law. An excellent ani- 
mation of this process can be found on Wikipedia/Sawto oth_wave here: 


http://en.wikipedia.org/wiki/Sawtooth_wavemediaviewer /File:Synthesis_sawtooth.gif 


12.9.2 Law of Cycle 


This sympathetic associative attraction increases until the conditions for the 
Law of Cycles to assume dominance at which point the sympathetic associa- 
tive attraction reverts to anti-sympathetic mutually repellant discords?* of 
increasing amplitudes. These discords will increase until their power of re- 
pulsion exceeds the power of attraction at which point the associating forces 
become repellant and the center discharges at 90° to the formative sym- 
pathetic associative forces. Thus forming the expanding energies outward 
through the equator. Russell proposed a four step compression to the 4++ 





?4By formation of secondary and tertiary pitches not harmonic with the fundamental. 
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point of transformation discussed in previous chapters??. 


Equaror 


Vortex 





Figure 12.9: Compression to center then equatorial dispersion 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/vortex-side-by-side-sm.jpg 
(courtesy University of Science and Philosophy) 


12.9.3 Neutral Center Repulsion 


The now highly anti-sympathetic (enharmonic) centralized bipolar center 
goes ‘critical’ so to speak when the participant substances mutually repel each 
and all other participant substances as they override the harmonic syntropic 
forces of attraction and compression. The mutual repulsion occurs 90° to the 
sympathetic associative forces outwards towards and through the equatorial 


plane. 





ASES ARE NOT 
ND 


Tre tN ERT Ss 
- AND ARE THEREFORE TONELESS A 


Figure 12.10: 4++ at center of transformation 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/4plusplus.jpeg 
(courtesy University of Science and Philosophy) 





25Ficure 10.3: Scale of 0 to 4 to 0 


212 CHAPTER 12. VORTICES AND TOROIDS 


12.9.4 Periphery Neutralization or Depolarization 


As these substances move away from the center and nearing the end of influ- 
ence of sympathetic outreach they begin losing their polar condition or state 
until such point as they become again depolarized or neutralized. The center 
represents Russell’s 4++ state. The polar substances becoming depolar at 
the Oth state of Russell’s Scale of Locked Potentials.?° Beginning at the vor- 
tex center with 4++ maximum polarization expanding outward (dispersing 
according to the Square Law) gradually losing polarization until all polar- 
ization is lost (depolarization) at the Oth state of Russells Scale of Locked 
Potentials which he defines as the Cube Wall of Neutrality, Plane of Inertia 
or the limit of Keely’s sympathetic outreach?’. At this Plane of Inertia a 
reversion takes place where the depolar state becomes polarized and begins 
the journey back to the 4++ state or condition. 


No state of motion ever began or ever ended. 





Figure 12.11: Depolar state at plane of inertia 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/0-inertia.jpeg 
(courtesy University of Science and Philosophy) 


12.10 Plane of Inertia 


We can see from photographs of hurricanes the tops are generally flat. These 
flat tops appear to coincide with Russell’s plane of inertia which coincides 
with the wall of his cube structures. Physically this is a zone where there is 
no polarity or is depolar. This extending downward as polarity increases to 
where the maximum (4++) zone is reached at or near the surface of the earth 
where most polarity occurs and hence the most violent action or motion. 





7612.01 - Scale of Locked Potentials] 
27 sympathetic outreach| 
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12.11 Free Space 


With hurricanes and tornados the plane of inertia is in higher altitudes if not 
space itself and the vertex at the surface of the earth are mostly molecular 
structures and are bound by gravity and other terrestrial dynamics. In the 
case of free forming quantum entities these bounds do not exist as these 
formations form in etheric space or vacuum. According to Keely and Russell 
there are two vortices per axis coming together at their mutually attractive 
centers or vortices making six in number. Do all six have the exact same 
wave function? No, else they would all be exactly the same which is an 
impossibility. 


Law of One 












This law can be broken into 
three separate parts 


Law of Assimilation : 
Every individuatized object 

assimilates itzelf to all other 
objects 


The Dominant, 


Neutral 
or Controlling 


Law of Individualization: 
Every object tends to assimilate 
all other objects to itself, 


Law of Dominant: Every such 
object ts such by virtue of the 
Nigher or dominant force which 
controls these two tendencies 








The Fecalizing or 
Assimilating 





The Radiating or 
Individuatizing 
Applying these fundamental laws to 
an explanation of the universe, as it 
ts brought to human cognition, al? 
manifestations of force may be 
treated as modes of v®rations. The 
essential differences give rise to 
three modes of vibration 
The Radiating or Individualizing 
The Fooalizing or Assimilating 
The Dominant, Neutral or Controling 


©Dale Pond, 1999 


Figure 12.12: Triune polar forces as One Force about a common center 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/triune-modes-motion.jpg 


Following the logic of Russell’s cosmogony there are virtual ‘cubes’ in 
Free Space having six sides. These six sides are the planes of inertia or 
depolarization. These correspond to Keely’s juxtapositioning of atomolic 
centers of mutual attraction which would be an alignment with the X, Y and 
Z vectors each forming their own respective virtual cubes as these would align 
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with the planes of said virtual cubes. Therefore there would be three of these 
double vortices forming along these vectors, each 90° to the others. Each 
would possess its own center line of mutual attraction. At the compound 
center there would therefore be three atomolic (etheric) centers of mutual 
attraction and six vortices. 





Figure 12.13: Three double vortices 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/3d-vortices.jpeg 
(courtesy anonymous web artist) 


According to Keely these atomolic centers bear the burden of all structure 
and motion it controls. Consequently each of the three centers is autonomous 
and independent of the other two though the three mutually interact to some 
degree and manner yet to be determined as they mutually occupy the same 
coordinates at the center of the structure. 


Therefore a quantum or etheric torus would have three orthogonal axes each 
with two mutually attracted vortices. This compound torus would in struc- 
ture be a compound spheroid with a surface of complex motions or encapsu- 
lated rotating envelops”® so long as their three centers are coincident.?° 





28 rotating envelope] 

?9/Etheric Capsule], [AFFINITY OF ETHERIC CAPSULES], [DISINTEGRATION OF 
ETHERIC CAPSULE], [ROTATION OF THE ETHERIC CAPSULE], [MEASURING 
THE VELOCITY OF THE ETHERIC CAPSULE] 
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12.12 Etheric Envelopes 


Here is one of the concepts where Keely and Russell diverge in their theories. 
Russell has the three planes and six vortices. Keely has the three planes 
as axis where the etheric substance rotates at 90° to the axis resulting in 
an envelope or shell spinning at tremendous velocities establishing the cir- 
cumference of the centralization®®. This results in three envelopes or shells 
spinning at 90° to each other thus forming the entirety of the corpuscle. Each 
shell acts together geometrically to fully enclose the corpuscle as they seal 
each others’ non-rotating poles. 


DIAGRAM 2. 





Showing Sections of the Three Envelopes. 


Figure 12.14: Keely’s three envelopes or shells 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/envelopes.jpg 





30[Figure 7.3 - Step 3 - Sphere Forms Orthogonally Triple Compressing Shell Layers] 
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Figure 12.15: Three overlapping envelopes or shells sealing poles 
Image: http: //pondscienceinstitute.on-rev.com/imagesNatDyn/sealedpoles.jpg 


This configuration®! is fundamentally important to Keely’s work with 


splitting the atom or molecule releasing its latent forces bound within. He 
said the ether (quantum substances) when given sufficient velocity will ro- 
tate and centripetally seek its controlling neutral center. The greater the 
velocity the greater the syntropic force the greater the compression inward 
and greater the contained latent energy to be liberated. He did this by 
manipulating these envelopes or shells rupturing them whether instantly or 
gradually.?23354 


It is not the purpose of this book to go into the details of how Keely manip- 
ulated these molecular and atomic envelopes (splitting the atom) to produce 
his etheric vapor and other forces and quantum substances. To do so would 
require a doubling or more of its volume (and time to write) and it is already 
near too much to digest. Perhaps a subsequent volume would be appropriate 
covering his dissociation and disintegration processes®” with water and other 





31 
32 


Figure 4.12 - Keelys Formative Structural Dynamic Morphology] 
15.18 - Keelys Process for Liberating Ether from Water] 

33[Vibratory Physics - True Science] 

34/Etheric Vapor] 

35[Aqueous Disintegration], [THEORY AND FORMULA OF AQUEOUS DISINTE- 
GRATION], [DISINTEGRATION OF ETHERIC CAPSULE}, [Disintegration], [Dissoci- 
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elements. 





ation], [DISINTEGRATION OF MATTER - THREE SYSTEMS] 
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Chapter 13 


Electricity and Magnetism 


13.1 Electricity is a Polar State Dipole 


Contrary to popular belief the common generator of electricity flow or cur- 
rent does not generate electrons then pushes them along a conductor. The 
generator creates a polarity, potential, dipole or bias between the positive 
electricity and negative electricity streams where prior to this condition of 
separation neither pole seemed to exist. This creation of this bias or potential 
is in fact a differentiation or splitting into three flows of an undifferentiated 
compound triune flow. 


“I believe electricity to be a substance, not a force.”! 


“Electricity is the result of three differentiated sympathetic flows, brought 
together by combining the celestial flow with the terrestrial flow through a 
certain degree of “negative attractive assimilation”. Electricity 1s one of Na- 
ture’s efforts toward restoring “attractive differentiation” for it has the highest 
degree of assimilative affinity.” ? 


13.1.1 Voiding the Dipole or Polarity 


Once the two (dipole) electric streams are created, thus creating a potential, 
they have a natural tendency to re-emerge or assimilate each other through 





‘Keely quoted in [Pittsburg Dispatch April 07-1890] 
?\Keely in SYMPATHETIC STREAMS - Snell] 
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voiding as Russell calls it and neutralization or depolarization as Keely calls 
it. This voiding, neutralization or depolarization is accomplished by provid- 
ing a conductor and a place or load where the separated streams can and will 
recombine, re-emerge, unite, assimilate or void the created polarity, dipole or 
bias - returning back to their natural undifferentiated state. Heat, light and 
rotation are produced at the point of voiding, neutralization or depolarization 
by the interaction (antagonism) of these streams against each other. 


13.1.2 Conduction 


The conduction of the electric current along a conductor is governed by 
Keely’s Law of Electric Conductivity. 


13.1.3 Polar and Depolar States 


An electric dipole is mutually attractive and will do everything possible to 
neutralize itself. 


A magnetic dipole is mutually repulsive and will retain its polar state. 


The difference between these two states of attraction and repulsion is ex- 
plained in Keely’s Law of Attraction and Law of Repulsion - governed by or 
as explained in the Laws of Being. See also |[Bjerknes Effect] 


13.2 Keely on Electricity 


Should we bring our understanding from previous chapters to bear upon 
electricity and magnetism a paradigm forms somewhat different than the 
standard model but which appears to make sense and evidently works as 
Keely produced electricity from etheric space (vacuum) in 1893.? 


“Nikola Tesla, for reasons that need not be explained, would not have been 
able to serve on the committee. It is well known that he is striving to draw 
power from space by purely scientific methods, which Keely succeeded in doing 





3/Dogmatism of Science], [Keely - Electricity from Space], [Newton of the Mind], [Free 
Energy], [The Operation of the Vibratory Circuit] 


13.2. KEELY ON ELECTRICITY 221 


in 1893 by “unscientific methods.” * 


“Electricity 1s the result of three differentiated sympathetic flows, combin- 
ing the celestial and terrestrial flows by an order of assimilation negatively 
attractive in its character. It is one of Nature’s efforts to restore attractive 
differentiation. In analyzing this triple union in its vibratory philosophy, I 
find the highest order of perfection in this assimilative action of Nature. The 
whole condition is atomic, and is the introductory one which has an affinity 
for terrestrial centres, uniting magnetically with the Polar stream; in other 
words, uniting with the Polar stream by neutral affinity. The magnetic or 
electric forces of the earth are thus kept in stable equilibrium by this triune 
force, and the chords of this force may be expressed as 1st, the dominant, 
2nd, the harmonic, and 3rd, the enharmonic. The value of each is, one to 
the other, in the rates of figures, true thirds. E flat - transmissive chord or 
dominant; A flat - harmonic; A double flat - enharmonic. The unition of the 
two prime thirds is so rapid, when the negative and the positive conditions 
reach a certain range of vibratory motion, as to be compared to an explosion. 
During this action the positive electric stream is liberated and immediately 
seeks its neutral terrestrial centre, or centre of highest attraction.” 





4Bloomfield-Moore in [Dogmatism of Science], [Keely - Electricity from Space] 
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Creation is but a swing of the cosmic pendulum from inertia through energy 
and back again to inertia,forever and forever. It is bute series of opposing pul- 


Sations of action and reaction,integration and disintegration, gravitation and 


radiation, sppesrance and disappearag 
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THE COSMIC PENDULUM 


ALL EFFECTS OF MOTION ARE ORDERLY AND PERIODIC, THE COSMIC 
PENDULUM UNFAILINGLY RECORDS AND ADJUSTS ALL PERIODICITHS 





Figure 13.1: Neutral Center governing seeming opposite potential states 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/cosmic-penduluum.jpg 
(courtesy University of Science and Philosophy) 


“The power of attractive vibration of the solar forces is the great coin- 
cident towards which the terrestrial magnetic sympathetic flow is diverted. 
This force is the celestial current that makes up the prime third of the triple 
association. It also induces aqueous disintegration” and thermal concentra- 
tion, the two prime conductors towards this coincident chord of sympathy 
with itself. Without this aqueous disintegration there would be no connective 
link® between the celestial and terrestrial. There would exist nothing but a 
condition of luminous radiation on the order of the aurora - a reaching out 
for the concordant without any sympathetic diversion to create unstable equi- 
librium of terrestrial magnetism. In fact under such a condition, the absence 





°[aqueous disintegration] 


®[connective link] 


13.2. KEELY ON ELECTRICITY 223 


of the sun on one side, or the absence of water on the other, the magnetic 
or electric force would remain in a stable state of equilibrium, or the highest 
order of the chaotic. Disturbance of equilibrium’ and sympathetic equation® 
constitute the dual power that governs all the varied forms of life and mo- 
tion which exist terrestrially, of which the electric or magnetic is the prime 
mover and regulator. All electrical action, no matter of what character, has 
its sympathetic birth by the intervention of that current of the triune flow, 
which I call the dominant, with the polar harmonic current; all sympathetic 
flows being composed of three currents. They become associative one with 
the other only near the junction of terrestrial interference. The great vacu- 
ous field which exists between the planetary ranges holds this portion of the 
etheric flow free of all antagonism®, molecularly or otherwise, till the asso- 
ciative point 1s reached; so wonderfully planned by the Great Creator, for 
instant electric evolution and assimilation with terrestrial centres of attrac- 
tion. I call this intervention, atomic intermolecular and molecular density. 
The combination of the action of the triune sympathetic celestial stream with 
the same intervening medium induces heat and light as the resultant of these 
corpuscular confliction with sympathetic celestial and terrestrial focalized cen- 
tres of neutral radiation. I do not recognize electricity, nor light, nor heat as 
coming from the sun. These conditions, according to my theories, emanate 
from atomic and interatomic interference on induced molecular vibration, by 
sympathetic etheric vibration, the celestial attractive being the prime mover. 
In my estimation this is not at all phenomenal; it is only phenomenal as far 
as the knowledge of its action in mechanical physics 1s concerned. Physicists 
have been working in the wrong direction to lead them to associate themselves 
with Nature’s sympathetic evolution. The expression “Electricity attracts at a 
distance” is as bad as, if not worse than, the “microbe of the magnet.” Clerk 
Mazwell seems, when theorizing on sound transmission by an atmospheric 
medium, not to have taken into consideration the philosophy attending the 
phenomena of the origination of electric streams in celestial space. Light is 
one of the prominent evolved mediums in electric action, and is evolved by 
corpuscular bombardment'® induced by sympathetic streams acting between 
the neutral centres of planetary masses, all of which are under a condition of 
unstable equilibrium. These unstable condition were born in them, and were 





"(Disturbance of equilibrium] 

[sympathetic equation] 

[antagonism] 

10INTERATOMIC BOMBARDMENT], [bombardment] 
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thus designed by the Architect of Creation in order to perpetuate the con- 
nective link between the dispersing positive and the attractive negative. The 
action that induces this link I call sympathetic planetary oscillation. 


“Light is induced by electromagnetic percussion emanating from the ether, 
and in its action represents the plane of magnetism. In fact, it is the plane 
of magnetism when under polarization. (Platina wires the thickness of a 
fine hair associated with each of the nine nodal beads, and concentrated to- 
wards a general center of focalization, attaching the other end of the wires 
to the focal center, will determine, by the magnetic conduction, the number 
of corpuscular oscillations per second induced by a thought, either positive 
or negative, in the central centers. These are the only conditions - those of 
magnetic conduction - whereby the evolution of a thought can be computed in 
regard to its force under propagation, as against the amount of latent energy 
set free to act as induced by such thought on the physical organism.) Some 
scientific theories of the past have taught us that electricity and magnetism 
are one and the same thing. Sympathetic vibratory philosophy teaches that 
they are two distinct forces of one of the triune sympathetic family.” '* (un- 
derline added) 








“Maxwell’s theory! is correct that the plane of polarized light is the plane 
of magnetic force. The sympathetic vibrations associated with polarized light 
constitute the pure coincident of the plane of magnetism. Therefore, they 
both tend to the same path, for both are interatomic, assimilating sympathet- 
ically in a given time, to continue the race together, although one precedes the 
other at the time of experimental evolution. The time is approaching when 
electromagnetic waves with an outreach of two feet will be produced, having 
an energy equal to that now shown up on the magnet when it is about to kiss 
its keeper, and showing a radiating force too stupendous for actual measure- 
ment.” 14 


“Professor Fitzgerald’s'> lecture on electromagnetic radiation shows that sci- 





"Vibratory Physics - The Connecting Link between Mind and Matter] 

12Snell, [Snell Manuscript] 

13/Maxwell Equations| 

14/Snell], [Snell Manuscript] 

5/Professor George Francis Fitzgerald, Irish professor 1851-1901, specializing in elec- 
tromagnetic theory and physics.] 
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entific men are beginning to realize and that fairly, the truths appertaining to 
the new philosophy. The professor admits that electricity and magnetism are 
of differential character and he is right. The progressive subdivision, induced 
by molecules by different orders of sympathetic vibration, and the resultant 
conditions evolved on the intermolecule!® and interatom'’, by introductory 
etheric dispersion, prove that the magnetic flow of itself is a triple one, as is 
also the electric.”'® 
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"Tf yow ovly knew the magnificence of the 3, 6 and 9, 
then you would have a key to-the universe." Nikola Tesla 


Figure 13.2: Triune Forces of Magnetic Field in Magnet 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/Forces.jpg 


Keely says the iron of the magnet has no magnetism of itself. The iron atoms 
of the magnet diverts a portion of the terrestrial streams. In the above image this 
diversion is clearly shown where the streams come into the South pole and exit 
via the North pole. Also shown are the two modes of Syntropy (s), Entropy (e) as 
also the 3, 6 and 9 modes. His explanation is: 





'6lintermolecule] 
1 linteratom] 
18/Snell], [Snell Manuscript] 
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“The explanation of the magnetic flow is very simple. The harmonic at- 
tractive chord, thirds, induces nodal interference on the harmonic current in 
the earth’s polar stream, and it moves toward the negative pole to flow out 
through the positive end. The diversion of the harmonic portion of the stream 
from the dominant portion causes the magnet to assume its position.” '® 


“Again, the professor says that electricity and magnetism would be essen- 
tially interchangeable if such a thing existed as magnetic conduction, adding: 
“It 1s in this difference that we must look for the difference between electricity 
and magnetism.” Thus you see how plain it is that progressive scientists are 
approaching true science. The rotation of the magnetic needle’, as produced 
in my researching experiments, proves conclusively that the interchange spo- 
ken of, in Professor Fitzgerald’s lecture, is a differentiated vibratory one, in 
which the dominant and enharmonic forces exchange compliments with each 
other, in a differential way, thus inducing rotation, in other words polariza- 
tion and depolarization.” 7" 


“In electric lighting, the velocity of the dynamos accumulates only the har- 
monic current - by atomic and interatomic conflict - transferring one-two 
hundred thousandth (1/200,000) of the light that the dominant current would 
give, if it were possible to construct a device whereby it could be concentrated 
and dispersed.” 


13.3 Russell on Electricity 


“Electricity is the servant of the God-Mind. Electricity expresses the desire in 
the God-Mind for creative expression by seemingly dividing the One still light 
into transient waves of spectrum divided positive-negative colors of light.” ?° 


“Electricity is the motivative force which projects the One Light of Mind 
two ways to create cycles of light waves for the purpose of expressing thought 





19(POLARIZATION AND DEPOLARIZATION] 

20/4.2.5 - Rotation of Compass Needle], [DISTURBANCE OF MAGNETIC NEEDLE] 
?1/Snell], [Snell Manuscript] 

?2/Snell], [Snell Manuscript] 

?3Russell, [The Secret of Light], page 50 
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cycles.””" (underline added) 





Figure 13.3: White Light of Mind divided into red and blue halves 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/red-blue.jpg 
(courtesy University of Science and Philosophy) 


“Electricity is the divider of the invisible white still magnetic light of grav- 
ity - which Mind is - into the red and blue halves” of the visible light spectrum 
for the purpose of creating male and female bodies which alone constitute all 
matter.” 7 


“As servant of Mind, electricity gives moving form to the idea by performing 
the work necessary to produce it.” 2" 


“Electricity 1s forever winding light up into hot spheres, surrounded by cold 
cube wave-fields of space, and likewise sequentially unwinding them for rewind- 
ing. While winding them into compressed light masses, they are simultane- 
ously unwinding to a lesser extent. Conversely, while unwinding they are 
simultaneously rewinding to a lesser extent.” *® 





?4Russell, [The Secret of Light], page 57 
?5!chemism], [rad-energy] 

?6Walter Russell, notation on chart, 1955. 
27Russell, [The Secret of Light], page 114 
Russell, [The Secret of Light], page 124 
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“The farther removed from rest, the greater the strain or tension. That which 
we call high electric potential 1s merely great strain to maintain a condition 
which is far from the condition of rest.” ° 


Ccfricity mureees! 





S ole. an S 
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\ study oF Fig. 18 together with the bar magnet diagrams and other polarity 
diagrams showa in Figs, 1) to 16 will prepare you for a better understanding of 
the nature of etectricity and the electric current, 


Figure 13.4: Attractive (syntropic) power of electricity 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/attractive-electricity.jpg 
(courtesy University of Science and Philosophy) 


“Electricity is the strain or tension set up by the two opposing desires of 
universal Mind thinking - the desire for balanced action and the desire for 
rest.” °° 


“Electricity creates Life by dividing stillness into two-way [polar] motion. 
It creates death by rest (depolar) from motion.” *! 





Russell, [The Secret of Light], page 139 
3°Russell, [The Secret of Light], page 139 
31Russell, [Atomic Suicide]?; Figure 9 and 10, page 88] 
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ML MOTION IS EITHER FOR SEX pIVIsiC iN OR SEA-UNION 
GRAVITATION UNITES - PB ON DIVIDES - 


Frectricity creates bite by dividin 
o-way mob ' ’ 


Figure 13.5: Polar dynamics of electricity 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/fig-9-10-88-bw.jpg 
(courtesy University of Science and Philosophy) 


“Electricity is the strain or tension set up by the two opposing desires of 
universal Mind thinking - the desire for balanced action and the desire for 
rest. 


“As rest cannot be unbalanced save by illusion, electricity which causes that 
illusion has no existence.” °° 


“Electricity is the servant of Mind. It does all of the work of creating this 
light-wave universe in unfolding-refolding sequences which Mind desires. The 
universal Mind has two desires - the desire for creative expression through the 
action of concentrative (polar) thinking and the desire for rest from action 
through decentrative (depolar) thinking.” ** 





32Russell, Walter; [The Secret of Light], page 139 
33Russell, [The Secret of Light], page 141 
34Russell, [The Secret of Light], page 144 
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13.4 Tesla on Electricity 


“The day when we shall know exactly what electricity is will chronicle an 
event probably greater, more important, than any other recorded in the his- 
tory of the human race.” ®° 


Below is a quote from William Lyne’s book®® discussing Tesla’s ideas about 
electricity and magnetism. We will see Tesla’s ideas were decidedly different 
than Keely’s or Russell’s. Incidentally Tesla knew of Keely and he knew 
Russell personally s mentioned in Russell’s ‘Atomic Suicide?’ book. 


In his 1891 A.I.E.E. lecture at Columbia College, Nikola Tesla said in per- 
tinent part: ‘‘What is electricity, and what is magnetism “...We are now 
confident that electric and magnetic phenomena are attributable to the ether, 
and we are perhaps justified in saying that the effects of static electricity are 


effects of ether in motion”. “...we may speak of electricity or of an electric 
condition, state or effect”. “..we must distinguish two such effects, opposite 
in character neutralizing each other”. “...for in a medium of the properties 


of the ether, we cannot possibly exert a strain, or produce a displacement or 
motion of any kind, without causing in the surrounding medium an equiva- 
lent and opposite effect.” “..its condition determines the positive and nega- 
tive character.” “We know that it acts ike an incompressible fluid;” “...the 
electro-magnetic theory of light and all facts observed teach us that electric 
and ether phenomena are identical.” “The puzzling behavior of the ether 
as a solid to waves of light and heat, and as a fluid to the motion of bodies 
through it, is certainly explained in the most natural and satisfactory manner 
by assuming it to be in motion, as Sir William Thomson*" has suggested.” 
“Nor can anyone prove that there are transverse ether waves emitted from 
an alternate current machine; to such slow disturbances, the ether, if at rest, 
may behave as a true fluid.” 


In his statements, Nikola Tesla was balancing the various arguments in prepa- 
ration for his decision: “..Electricity, therefore, cannot be called ether in the 





35[Nikola Tesla] 

36Summation of Tesla’s Dynamic Theory of Gravity; An excerpt from: Occult Ether 
Physics by William R. Lyne 

37(William Thomson], Ist Baron Kelvin OM, GCVO, PC, PRS, PRSE, (26 June 1824 - 
17 December 1907) was a Belfast-born British mathematical physicist and engineer. 
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broad sense of the term; but nothing would seem to stand in the way of calling 
electricity ether associated with matter, or bound ether; or, in other words, 
that the so-called static charge of the molecule is ether associated in some 
way with the molecule.” 


‘It cannot differ in density, ether being incompressible: it must, there- 
fore, be under some strain or in motion, and the latter is the most probable.” 
Nikola Tesla obviously believed in an ether (quantum substances) which was 
in motion relative to earth, because the earth is in motion. 


The thing which Nikola Tesla had realized, was that ether possesses electric 
charges which are deposited on or contained within atoms. In supporting 
the “dynamic” ether concept, he was supporting the “stationary ether” con- 
cept, since the “motion” he referred to was “apparent” motion of the ether 
perceived by an observer on earth, relative to a stationary ether. 


The importance of cosmic motion to the electromagnetic effects of static 
charges was brought up by Nikola Tesla in his lecture: “About fifteen years 
ago, Professor Rowland®® demonstrated a most interesting and important 
fact, namely, that a static charge carried around produces the effects of an 
electric current.” “...and conceiving the electrostatically charged molecules 
in motion, this experimental fact gives us a fair idea of magnetism. We can 
conceive lines or tubes of force which physically exist, being formed of rows 
of directed moving molecules; we can see that these lines must be closed, that 
they must tend to shorten and expand, etc. It likewise explains in a rea- 
sonable way, the most puzzling phenomenon of all, permanent magnetism, 
and, in general, has all the beauties of the Ampere theory without possessing 
the vital defect of the same, namely, the assumption of molecular currents. 
Without enlarging further upon the subject, I would say, that I look upon all 
electrostatic, current and magnetic phenomena as being due to electrostatic 
molecular forces.” 


In these statements, Nikola Tesla showed he was aware that any “stationary” 
locale on earth is actually in fantastic motion (“70,000 mph”). The electro- 





38/Henry Augustus Rowland] (November 27, 1848 April 16, 1901) was a U.S. physicist. 
Between 1899 and 1901 he served as the first president of the American Physical Society. 
He is remembered today particularly for the high quality of the diffraction gratings he 
made and for the work he did with them on the solar spectrum. 
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static charges “carried around” are currents between atoms and the ether, 
which produce magnetism. The phenomena of ‘permanent magnetism’ or 
‘cosmically induced’ magnetism are apparently due to electrostatic charges 
‘carried around’ by cosmic motion, in the universal ether field. 


Since no one can hold an atom or molecule perfectly still - because it is 
in fantastic motion - all atoms and molecules carry currents producing mag- 
netic fields. Since a magnetic field is the product of a current, no one can 
produce a magnetic field without electricity, moving through or along a con- 
ductor, or as electrostatic charges in local or cosmic motion.” °° 


“Now, I must tell you of a strange experience which bore fruit in my later 
life. We had a cold snap observed even drier than before. People walking in 
the snow left a luminous trail. As I stroked Macak’s back, it became a sheet 
of light and my hand produced a shower of sparks. My father remarked, this 
is nothing but electricity, the same thing you see on the trees in a storm. 
My mother seemed alarmed. Stop playing with the cat, she said, he might 
start a fire. I was thinking abstractly. Is nature a cat? If so, who strokes its 
back? It can only be God, I concluded. I can not exaggerate the effect of this 
marvelous sight on my childish imagination. Day after day I asked myself 
what is electricity and found no answer. Eighty years have gone by since and 
I still ask the same question, unable to answer it.” Tesla *° 


13.4.1 Summary 


Keely’s definition of electricity in this writer’s opinion seems to address the 
issue best of the three because he details causative forces - when allied with 
some of Russell’s ideas. More research into Tesla’s ideas is required. We 
know ether is quantum and supports electric and magnetic phenomena. To 
fully understand Keely’s definition requires a re-education to more fully grasp 
his concepts discarding (or at least setting aside) descriptions of phenomena 
(effects) to the contrary. 





39Summation of Tesla’s Dynamic Theory of Gravity; An excerpt from: Occult Ether 
Physics by William R. Lyne 
40Nikola Tesla - Lord of Lightning; by Nikola Tesla , edited by William Kern 
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Gravity 


14.1 Keely on Gravity 


“Gravity is nothing more than an attractive, sympathetic stream’, flowing 
towards the neutral center of the earth, emanating from molecular centers 
of neutrality; concordant with the earth’s centers of neutrality, and seeking 
its medium of affinity with a power corresponding to the character of the 
molecular mass. Gravity, he defines as transmittive interetheric force under 
immense etheric vibration. He continues: - The action of the mind itself is a 
vibratory etheric evolution, controlling the physical, its negative power being 
depreciatory in its effects, and its positive influence elevating.” ? 


“Gravity is transmittive interetheric force under immense etheric vibration.” ° 


“Gravity is the mutual attraction of atomoles.”* 


“Gravity is an eternal existing condition in etheric space, from which all 
visible forms are condensed. It is inherent in all forms of matter, visible 
and invisible. It is not subject to time or space. It is an established con- 
nective link? between all forms of matter from their aggregation. Time is 
annihilated by it, as it has already traversed space when the neutral centers 
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of the molecules were established. It 1s nothing more than an attractive, sym- 
pathetic stream, flowing towards the neutral center of the earth, emanating 
from molecular centers of neutrality, concordant with the earth’s centers of 
neutrality and seeking its medium of affinity with a power corresponding to 
the character of the molecular mass.” ® 


“Nature has established her sympathetic concordants from the birth of the 
neutral centres of the planets. This is gravity; therefore gravity is fixed, in- 
herent. There is no flight of gravity.” " 


“Gravity is polar propulsion the sympathetic concordant of the ninths and 
but one of the triune combinations. Magnetism is polar attraction, while 
gravity is polar propulsion. By proper vibrations, the action of both mag- 
netism and gravity can be intensified or accelerated.” ® 


“The sympathetic outreach? of negative attraction’® is the power that holds 
the planetary masses in their orbital ranges of oscillatory action.” | 


“Gravity is not subject to time or space. It pervades the universe without 
reference to time or space, instantaneously and without intermission. It is, 
however, a sympathetic flow, proceeding from the molecular or mass neu- 
tral centers to the earth’s neutral center with a power corresponding to the 
character of each individual molecular mass.” He [Keely] believed gravity 
dependent on the medium of the polar stream, for he says “If the sympa- 
thetic negative polar stream were cut off from the earth the molecular neutral 
centers would float away into space like a swarm of bees.” 


“Under my system the gravital flow comes under the order of the “sympa- 
thetic concordant of the ninths” and is that third of the triune combination 
called the “polar propulsive.” Gravity is polar propulsion while magnetism is 
polar attraction. Both magnetism and gravity can be accelerated by proper 





® John Worrell Keely circa 1886, [Snell Manuscript] 
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vibrations. 


“He believed gravity to be the result of a law which provides for a rever- 
sion of attraction in repulsion, and which acts by transmission of force under 
immense etheric vibration through the “interetheric subdivision.” He also 
showed that gravitation acts “as a lever.” MacVicar states “Every individu- 
alized object assimilates itself to itself in successive moments of its existence 
and all objects tend to assimilate one another.” Keely says “Gravity is an 
ever existing eternal force, coexistent with the compound etheric or high lumi- 
nous (seventh subdivision) since it entered into, and is an inherent property 
of, all forms of aggregated matter from their birth. It is the source from which 
all matter originated and each substance-unit or neutral center is a concor- 
dant link, attractive and dispersive, to all other neutral centers. Each neutral 
center is the nucleus of what we recognize as substance and is potentially the 
nucleus of a planet.” 


14.2 Keely and anti-gravity 


Keely not only had a working theory of what gravity is and how it functions 
he also developed experimental models which he demonstrated to scientists 
of his time and an actual heavier-than-air flying craft.!° 


From Dashed Against the Rock - “A small instrument, having three 
gyroscopes as a principal part of its construction, is used to demonstrate the 
facts of aerial navigation“. These gyroscopes are attached to a heavy, inert 
mass of metal, weighing about one ton. The other part of the apparatus con- 
sists of tubes, enclosed in as small a space as possible, being clustered in a 
circle. These tubes, represent certain chords, which were coincident to the 
streams of force acting upon the planet, focalizing and defocalizing upon its 
neutral center. The action upon the molecular structure of the mass lifted 
was based upon the fact that each molecule in the mass possessed a north and 
south pole, - more strictly speaking, a positive and negative pole, - situated 
through the center, formed by the three atoms which compose it. No mat- 





12IGRAVITY - Snell] 
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ter which way the mass of metal is turned, the poles of the molecule point 
undeviatingly to the polar center of the earth, acting almost exactly as the 
dip-needle when uninfluenced by extraneous conditions, electrical and other- 
wise. The rotation of the discs of the gyroscopes produces an action upon 
the molecules of the mass to be lifted, reversing their poles, causing repulsion 
from the earth in the same way as like poles of a magnet repel each other. 
This repulsion can be diminished and increased according as the mechanical 
conditions are operated. By operating the three discs, starting them at full 
speed, then touching two of them, so as to bring them, according to the tone 
they represented by their rotation, to a certain vibratory ratio, the weight then 
slowly sways from side to side leaves the floor, rising several feet in the air, 
remaining in that position, and as the discs gradually decrease their speed of 
rotation the weight sinks to the floor, settling down as lightly as thistle-down. 
Where one molecule can be lifted, there need be no limit as to the number 
in a structure that may be operated upon as easily as one. The vessel in 
contemplation, the aerial navigator, will be over two hundred feet long, over 
sitty feet in diameter, tapering at both ends to a point, made of polished steel, 
and will be capable of being driven under the power of depolar repulsion, at 
the rate of three hundred miles an hour. It can be far more easily controlled 
than any instrument now in use for any phase of transit. Another very re- 
markable feature connected with this system of aerial navigation, is that the 
vessel is not buoyed up or floated in the air through the medium of the air, so 
that if there were no atmosphere it would float just as readily; hence, under 
mechanical conditions most certainly capable of production, involving mas- 
sive strength of resistance to interstellar vacuity this can be made capable of 
navigating even the remote depth of space, positions between planets where 
polarity changes being controlled by other adjuncts of concentration for that 
purpose. 


“Safely enclosed within this structure, a man possessing the chemical knowl- 
edge these new laws’ give, with sufficient supply of material from which to 
make oxygen, by the enormously increased rate of speed attained by such nav- 
igator where atmospheric friction is avoided, the time occupied in traveling 
from one planet to another would be amazingly brief, and one can travel to 
other planets in this system of worlds as easily as the same ship could navi- 
gate the depths of the ocean. 





5 /Keelys Forty Laws] 
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“The great obstacle hitherto preventing the solution of this problem has been 
the strength of structure needed under conditions above presented. With this 
knowledge of matter, the size of structure is unimportant; the heaviest can be 
as easily controlled as the lightest.” '® 





Figure 14.1: Keely’s experimental air ship 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/air-ship-photo.jpeg 





14.3 Levitation experiments 


No less intriguing are Keely’s experiments showing principles of levitation. 





16Levitating Gyroscopes], [Dashed Against the Rock] 
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Glass containing weight which Keely claimed could be moved up or down 
by striking the wither strings. 


Figure 14.2: Levitating weights 


Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/anti-gravity-keely.jpg 


From Pittsburg Dispatch April 07, 1890 - Mr. Willcox!” and Dr. 
Leidy’® then examined the platinum wire, the metal disk on which the mag- 
netic needles rested, the cupboard, the base of the cupboard and the table 
on which the disk and needle rested. When asked if there was, in his opinion, 
any possibility that the force which made the needle revolve!” was electricity, 
compressed air or steam, Dr. Leidy looked thoughtful and said he could not 
see the possibility of any of those forces producing the result attained. 


“What you have seen was shown you in order to illustrate the ease with 
which this force can be made to do work,” said Keely. 


“Of course the work just done was trifling. But I hope now to show you 
what will look very differently.” 





'7Dr. James M. Wilcox, PhD, [Wilcox] 

18/Joseph Leidy] (September 9, 1823 April 30, 1891) was an American paleontologist. 
Leidy was professor of anatomy at the University of Pennsylvania, and later was a professor 
of natural history at Swarthmore College. 
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He pointed out then two glass jars, such as chemists use, on a table near 
by. The jars were of the same size, about 40 inches high, and 10 inches in 
diameter. They were filled with what is said to be, and certainly smelled and 
tasted like, Schuylkill?° water. In the bottom of one jar lay a copper globe, 
cut in half to show, Keely said, just what it was; and filled, in each hollow 
half, with iron nails. 


Another Peculiar Experiment. 


In the other jar were three brass balls of different sizes. The copper globe and 
nails were weighed by Dr. Leidy and found to kick the beam at five pounds 
and six ounces. The brass balls or eggs they were egg-shaped, weighed less. 
Everybody sat down alter the weighing and Keely fastened another “plat- 
inum silver wire” to the cylinder on the cupboard and, detaching the one 
already in use from the magnetic needle disk was about to fasten the loose 
ends of each to the metal disks that covered the tops of the jars when some 
one asked if the wires were “hollow.” The suggestion was followed by a smile 
from Keely, who at once cut off the end of one of them and handed it around. 


“Prof. Rowland, of Baltimore, [had/ declared that this was a fraud, because 
the wires were hollow,’ said the woman, “but Keely asked’ him how he could 
explain what Keely did even on the hypothesis that the wires were hollow and 
he didn’t answer. Then Keely got mad and would not let him cut the wire, 
as he wanted to do.” 


Dr. Leidy followed everything closely. Keely fastened the loose ends of 
both wires into the metal caps of the cylinders. 


The String an Important Feature. 

Again he spun the spindle on his cupboard with the twine string he had 
used before. Again with his gnarled fingers, the joints of the first two fingers 
of his right hand being as big as walnuts, be pounded the “harp” in the 


cupboard and the resonant bars on top of it. 


“What are you doing now?” asked Dr. Leidy. 
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“T am trying” said Keely, “to get the mass chord of that copper sphere full 
of nails. Every aggregation of molecules or of matter, I claim, or, in other 
words, every mass of matter, has a sympathetic chord, through the medium 
of which I can operate my vibratory force.” 


The chord was not found for some minutes. Again the spindle was spun 
by the help of the twine, and its whizz [sic}was distinct in the silence of the 
room. The search for the mass chord continued on the “harp” and the reso- 
nant rods. A deep, clear note resounded from both at the same time, and at 
the instant it broke on the ear the heavy copper globe quivered as it lay at 
the bottom of the water, rolled over, reluctantly as it were abandoning the 
ties by which gravity held it to the bottom of the jar, floated at first slowly, 
and then more swiftly and steadily to the top of the jar, against which it 
impinged with an audible concussion. 


Gravity Easily Overcome. 


“Why, there is the force of gravity as plainly overcome and indeed annihi- 
lated as it is possible for a human being to imagine,” exclaimed the woman. 


Dr. Leidy was asked this question: “Doctor, is it true that this unknown 
force, or what is here manifested as such, has actually before your eyes over- 


come the force of gravity with which we are all familiar?” and the answer, 
slowly, deliberately, was: “I see no escape from that conclusion.” 7' 


14.4 Russell on Gravity 


“Gravitation is the generative force of increasing potential and the regenera- 
tive force of decreasing potential. 


“Gravitation is the power within the electric force of action to attract the 
electric force of action. 


“Gravitation is the contractive power within electricity to divert the univer- 





21 Pittsburg Dispatch April 07-1890], [Leidy and Wilcox Visit Keelys Lab], [Figure 17.18 
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sal constant of energy into centripetal vortices of closing spirals of increasing 
speed, thereby attracting similar states of motion into an accumulation of 


mass, the pressure of which increases toward its center. 


“Gravitation is an expression of the power of electricity to accumulate by 
induction and, by so doing, to force magnetism to increase its resistance to 


that accumulation. 


“Gravitation is the (electric) inductive force.” *” 


tlh garnet 


LOW PRESSURE LONG WAVES 


ANALYSIS OF THE OCTAVE GRAVITY BAR. 
A GRAVITY BAR HAS FOUR PAIRS OF POLES—NOT ONE PAIR 





Figure 14.3: Gravity wave bar and poles 
Image: http://pondscienceinstitute.on-rev.com/imagesNatDyn/gravitybar.jpg 
(courtesy University of Science and Philosophy) 
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Appendix A 


I - Laws of Being 


from ‘Keely and His Discoveries’, Conclusion 


Keely’s Physical Philosophy 


“Mr. Keely begins with sounds whose vibrations can be known and registered. 
I presume that the laws of ratio, position, duality, and continuity, all the 
laws which go to mould the plastic air by plastic bodies into the sweetness 
of music, will also be found ruling and determining all in the high silence of 
interior vibrations, which hold together or shake asunder the combinations 
that we call atoms and ultimate elements.” ! 


“What Keely has discovered in physics, I am in some measure credited with 
discovering in metaphysics: this is nothing strange, according to this philos- 
ophy, which shows that many people may divine the same original truth at 
the same time by means of the etheric element which connects the Deity, the 
source of all truth, with all His creatures.” ? 


Abstract of Keely’s Physical Philosophy in its main features up to 
the point of practical application; 


by Professor Daniel G. Brinton, of the Pennsylvania University; subject to 





1'The Scientific Basis and Build of Music]; [Dougald Carmichael Ramsay]. Edited by 
the Rev. [John Andrew]. Marcus Ward and Co. 

?Preface to [Vera Vita; or, The Philosophy of Sympathy]. [David Sinclair]. Author of 
[A New Creed]. Digby, Long and Co., London. 
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modifications and additions when Keely has made public his system. 


The fundamental conception of the Universe is force manifesting itself in 
rhythmical relations. This definition is exhaustive, including both thought 
and extension, matter and mind. The law for the one is the law for the 
other. The distinction between them is simply relative, i.e. quantitative, not 
qualitative. 

The rhythmical relations in which force acts are everywhere, under all con- 
ditions, and at all times, the same. They are found experimentally to be 
universally expressible by the mathematical relations of thirds. 


These threefold relations may be expressed with regard to their results as,- 


I. Assimilative 
II. Individualizing. 
III. Dominant or Resultant. 


From these three actions are derived the three fundamental LAWS OF BE- 
ING. 


I. Law of Assimilation: every individualized object assimilates itself to all 
other objects. 

II. Law of Individualization: every such object tends to assimilate all other 
objects to itself. 

III. Law of the Dominant: every such object is such by virtue of the higher 
or dominant force which controls these two tendencies. 


Applying these fundamental laws to an explanation of the universe, as it 
is brought to human cognition, all manifestations of force may be treated as 
modes of vibrations. 


The essential differences give rise to three modes of vibration:- 


I. The Radiating: called also the “Dispersing,“ the “Propulsive,“ the “Posi- 
tive,“ and the “Enharmonic.” see entropy 

II. The Focalizing: called also the “Negative,“ the “Negative Attractive, “ the 
“Polarizing,“ and the “Harmonic.” see syntropy 

III. The Dominant: called also the “Etheric,“ or the “Celestial.” 
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These, it will be noted, correspond to the three laws of being. It is not 
to be understood that any one of these three modes of vibration can exist 
independently. Each by itself is called a “current,” and all three must be 
present in every “stream” or “flow” of force. The relations of the currents 
in every flow are expressible in thirds, and it is experimentally demonstra- 
ble that the relations of the three are in the order named: as 33 7 : 66 2 : 100. 


The evolution of what is called “matter” from the different modes of vibra- 
tion is through the action of the second law, that of focalization, or “negative 
attraction,” or “negative affinity.” ° 


Where the vibrations under this mode meet, and are maintained in a state of 
mutual affinity or equilibrium, there is established what is called a “neutral 
center,” or, as otherwise expressed, “a center of sympathetic coincidence.” 


06 7 66. 


The terms “neutral attraction,” “neutral affinity,” “negative attraction,” or 
“polar negative attraction,” are emplyed to express the property of a mode 
of vibration to direct its components towards such centre. see syntropy 


As no current of flow of force can be composed of one mode of vibration 
only, but must always be composed of three modes uniting in varying thirds, 
we have 1 x 2x 3 = 6 as the total possible forms of sympathetic coincidence, 
or, to speak in ordinary terms, there can be six; and six only, possible forms 
of individualized being. These are what Keely calls the six orders of atomic 
subdivision, or orders of vibratory motion, and he names them as follows: 


Molecular 
Intermolecular 
Atomic 
Interatomic 
Etheric 
Interetheric 


In this list the forms of matter are arranged in the mathematical sequence of 
the rapidity of the oscillations of their constituent members; the proportion 





3see [syntropy] 
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being proved by experiment to be as follows: for the molecular orders: 
Leee ra? i Oks 243. 


This arithmetical progression changes in the atomic orders to a geometri- 
cal progression as follows: 


3:9: 81: 6561 : 43,046,721; etc. 


This same method of progression is believed to hold in all the orders of 
vibrations above the molecular, and soon passes into mathematical infinity. 


Actually, however, all matter of which we are capable of cognition through 
the medium of our senses is in one of three forms of aggregation: 


Molecular 
Atomic 
Etheric 


in each of which the controlling mode of vibration is respectively, 


The Enharmonic. 
The Harmonic. 
The Dominant. 


But it must be understood that each of these modes is a positive and real 
constituent of every atom and molecule. 


It will be seen that as every form of material aggregation is to be considered 
as a “neutral center of attraction,” where the vibratory force of all three 
orders are held in “sympathetic coincidence,” that is, in balanced activity or 
harmonized motion, and not by any means cancelled or mutually destroyed, 
there is no diminution of force, but only temporary suspension of its radiat- 
ing or propulsive activity or expression. + 


This is the foundation of Keely’s doctrine of “latent force,” and of the indef- 





4see [Rhythmic Balanced Interchange] 
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inite power which can be obtained by breaking up the harmonious balance 
or equation of forces of every mode, which exists in every “neutral center,” 
that is to say in every mass of matter. 


Insomuch as every mass of matter consists thus, in fact, of vibrations in 
harmonic equilibrium, related by simple proportions of thirds, it follows that 
every mass of every description stands in harmonic relations to every other 
mass. This is, in part, what is meant by the sympathy of all forms of mat- 
ter and of motion; and it is through the study of the methods of increasing 
or diminishing this sympathy that we reach practical results in this field of 
research. At present this is best accomplished by resonance; that is, through 
the harmonic vibrations created by musical instruments, bringing out the 
acoustic world as the microscope reveals the hidden visual world. 


Every visible or tangible mass of matter must be regarded as an aggrega- 
tion of molecules; the molecules being the true centres of the equated forces 
of “neutralized attraction.” 


These molecules have been experimentally proved by Keely to be formed 
of all three modes of vibration; the proof being that they respond to all three 
modes when subjected to the tests of compound concordant impulses. 


When in that state of neutral aggregation which we know as matter, each 
molecule is in perpetual oscillation, the range of the oscillation being one- 
third of the molecule, and its rapidity 20,000 oscillations in a second. 


It is through the disturbance of this oscillatory equilibrium, by means of 
resonant impulses, that Keely alters the relations of the vibratory impulses 
which constitute matter. This he does by striking the same chord in three 
octaves, representing the third, sixth, and ninth of the scale. 


Of these, the sixth reduces the range of molecular vibrations or oscillations; 
and, by thus bringing nearer to each other the neutral centers, increases so- 
lidification. 


The ninth extends the range of molecular oscillation, and thus tends to give 
greater tenuity to the mass. It induces “trajectile velocity” from neutral cen- 
ters, or “neutral radiation.” Experiment shows that molecular dissociation 
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does not take place until the molecule attains an oscillation approaching, it 
not fully reaching two-thirds of its diameter. This can be effected by means 
of the action of the “enharmonic” or “radiating” current applied to the mass, 
after its molecules have once been disturbed by an “introductory impulse;” 
that is, by the musical note above mentioned. 


The third represents the “dominant,” and when brought under control of a 
harmonic resonant impulse induces a complete rearrangement of the modes 
of vibration and oscillation; in other words, will transform the mass either 
into its component initial forces, or into some other form of matter.° 


It is the study of the dominant to which Keely has devoted his recent re- 
searches. He aims to control the power he evolves by altering the dominant 
or etheric mode of vibration in the triplicate flows of force. 


As all molecules and masses are mere centres of harmonized vibrations, tem- 
porarily held in suspension by simple laws identical with those of resonance, 
it follows that these centres can be broken up or divided by certain orders of 
vibration impinging upon and disturbing them. 


It is a familiar fact that a cord in vibration tends to produce a similar vi- 
bration in a cord placed near it. This property belongs to all vibrations, 
whether resonant or not, and they exert it in proportion to the “order” to 
which they belong. The distance in space to which this power extends, or 
can be extended, is what is called “the sympathetic outreach” of the current 
of flow. 


In this manner we have “sympathetic negative attraction,” and “sympathetic 
positive propulsion,” with reference to the “outreach” of the third or domi- 
nant current of the stream, which is allied to the order of etheric vibrations. 


Each molecule of a given mass of matter represents the same harmonic chord 
or note in its oscillatory motion. The “chord of the mass” is, therefore, the 


chord of every molecule of the mass. 


But as the condition of absolutely stable equilibrium is theoretical only, and 





°see [Law of Transformation of Forces] 
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does not exist in nature, the chord of the mass is constantly changing. Yet 
we must learn to control this “chord of the mass” by resonant induction, if 
we would gain command of the molecular forces. 


Keely believes he has solved this problem, by the invention of a mechani- 
cal device which brings the chords of all masses within the conditions of a 
few simple acoustic tests. 


The range of molecular oscillation is affected differently in different sub- 
stances when submitted to the same vibratory impulse, and these ranges can 
be measured. 


In the three metals, silver, gold, and platina, we obtain the proportions - 
3:6: 9 


As this is the primary relation of the modes of vibration, a wire made of 
these three metals is peculiarly adapted to transmit concordant impulses: 
and nodes made of these substances placed upon a wire, transmitting res- 
onant vibrations, indicate, by the different orders of vibration induced in 
them, the rate of oscillations of the atomic constituents. 


The phenomenon of rotation arises from the harmonic inter-action of the 
dominant and enharmonic elements of the flow: in other words, the first and 
third, the third and ninth, etc.; those whose vibrations bear the proportions 
to each other 33 7 : 100. 


A practical example of rotation is a wheel in revolution on its axis. This 
is force in its commercial or economic aspect. To accomplish this result by 
molecular vibratory action, we must gain control of the “negative attractive” 
or “enharmonic” current of the triple flow, and the problem is then solved 
up to any limit of power. 
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This is probably the one you dreaded reading about. Grubs are very easy to find and collect, and some 
even taste not-disgusting. 
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Appendix B 


II - Laws of Being 


“The brain of an Aristotle was needed to discern and grasp Keely’s meaning 
to interpret and define it. Dr. Brinton never touches a subject without throw- 
ing light upon it, and his penetrating mind perceived the ideas to be defined 
in all their relations. His keen logical acumen separated and classified them 
in their order, in a true, sound, and scientific manner. In the words of Sir 
James Crichton Browne, who heard Professor Brinton read this abstract in 
London, “Professor Brinton’s synopsis is an able, lucid and logical paper.” 
[Progressive Science] 


Laws of Being 
by Professor Daniel Brinton, University of Pennsylvania 
Abstract of Keely’s Physical Philosophy in its main features up to the point 
of practical application; by Professor Daniel G. Brinton, of the Pennsylva- 


nia University; subject to modifications and additions when Keely has made 
public his system. ! 


“The fundamental conception of the Universe is force manifesting itself 
in rhythnucal relations. 


“This definition is exhaustive, including both thought and extension, mat- 





from Keely and His Discoveries, Conclusion, Keelys Physical Philosophy 
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ter and mind. The law for the one is the law for the other. The distinction 
between them is simply relative, 1.e., quantitative, not qualitative. 


“The rhythmic relations in which force acts are everywhere, under all 
conditions, and at all times, the same. They are found experimentally to be 
universally expressible by the mathematical relations of thirds. 


“These threefold relations may be expressed with regard to their results as, 
I. Assimilative 
II. Individualizing 


III. Dominant or Resultant 


“From these three actions are derived the three fundamental LAWS OF BE- 
ING: 


I. Law of Assimilation: every individualized object assimilates itself to all 
other objects. 


II. Law of Individualization: every such object tends to assimilate all other 
objects to itself. 


III. Law of the Dominant: every such object is such by virtue of the higher 
or dominant force which controls these (above) two tendencies. 


“Applying these fundamental laws to an explanation of the universe, as it 
is brought to human cognition, all manifestations of force may be treated as 
modes of vibrations. 


“The essential differences give rise to three modes of vibration: 


I. The Radiating: called also the “Dispersing”, the “Propulsive”, the Pos- 
itive, and the Enharmonic. 


II. The Focalizing: called also the Negative, the Negative Attractive, the 
“Polarizing”, and the Harmonic. 


III. The Dominant: called also the Etheric, or the Celestial. 
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“These, it will be noted, correspond to the three laws of being. It 1s not 
to be understood that any one of these three modes of vibration can exist 
independently. Each by itself is called a “current”, and all three must be 
present in every “stream” or “flow” of force. The relations of the currents 
in every flow are expressible in thirds, and it is experimentally demonstra- 
ble that the relation of the three are in the order named: as 88 5 : 66 E : 100. 


“The evolution of what is called matter from the different modes of vibra- 
tion is through the action of the second law, that of focalization, or negative 
attraction, or “negative affinity”. 


“Where the vibrations under this Mode meet, and are maintained in a 
state of mutual affinity or equilibrium, there is established what is called a 
neutral center, or, as otherwise expressed, “a center of Sympathetic Coinci- 
dence”. 


“The terms “neutral attraction”, “neutral affinity”, “negative attraction”, 
or “polar negative attraction”, are employed to express the property of a Mode 
of vibration to direct its components towards such center. 


“As no current or flow of force can be composed of one Mode of vibration 
only, but must always be composed of three modes uniting in varying thirds, 
we have 12% 223 = 6as the total possible forms of Sympathetic Coincidence, 
or, to speak in ordinary terms, there can be six; and six only, possible forms 
of individualized being. These are what Keely calls the six orders of Atomic 
subdivision, or orders of vibratory motion, and he names them as follows: 





I. | Molecular 
II. | Intermolecular 














III. | Atomic 
IV. | Interatomic 
V. | Etheric 





VI. | Interetheric 














“In this list forms of matter are arranged in the mathematical sequence of 
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the rapidity of the oscillations of their constituent members; the proportion 
being proved by experiment to be as follows for the molecular orders: 


1:3:9: 27: 81: 248... 


“The arithmetical progression changes in the atomic orders to a geometri- 
cal progression as follows: 


3:9: 81: 6561 : 43046721, etc. 


“This same method of progression is believed to hold in all the orders of 
vibrations above the molecular, and soon passes into mathematical infinity. 


“Actually, however, all matter of which we are capable of cognition through 
the medium of our senses is in one of three forms of aggregation: 


I. Molecular 
II. Atomic 
Ill. Etheric 


“In each of which the controlling Mode of vibration is respectively: 


I. The Enharmonic 
Il. The Harmonic 
III. The Dominant 


“But it must be understood that each of these modes is a Positive and real 
constituent of every atom and Molecule. 


“Tt will be seen that as every form of material aggregation is to be consid- 
ered as a “neutral center of attraction”, where the vibratory force of all three 
orders are held in Sympathetic Coincidence, that is, in balanced activity or 
harmonized motion, and not by any means cancelled or mutually destroyed, 
there 1s no diminution of force, but only temporary suspension of its radiating 
or propulsive activity or expression. 


“This is the foundation of Keely’s doctrine of latent force, and of the in- 
definite power which can be obtained by breaking up the harmonious balance 
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or equation of forces of every Mode, which exists in every neutral center, that 
is to say in every mass of matter. 


“Insomuch as every mass of matter consists thus, in fact, of vibrations in 
harmonic equilibrium, related by simple proportions of thirds, it follows that 
every mass of every description stands in harmonic relation to every other 
mass. This is, in part, what is meant by the sympathy of all forms of matter 
and of motion; and it is through the study of the methods of increasing or 
diminishing this sympathy that we reach practical results in this field of re- 
search. At present this is best accomplished by resonance; that is, through the 
harmonic vibrations created by musical instruments, bringing out the acous- 
tic world as the microscope reveals the hidden visual world. 


“Every visible or tangible mass of matter must be regarded as an aggrega- 
tion of molecules; the molecules being the true centers of the equated forces 
of “neutralized attraction”. 


“These molecules have been experimentally proved by Keely to be formed 
of all three modes of vibration; the proof being that they respond to all three 
modes when subjected to the tests of compound concordant impulses. 


“When in that state of neutral aggregation which we know as matter, 
each Molecule is in perpetual oscillation, the range of the oscillation being 
one-third of the Molecule, and its rapidity 20,000 oscillations in a second. 


“Tt 1s through the disturbance of this oscillatory equilibrium, by means of 
resonant impulses, that Keely alters the relations of the vibratory impulses 
which constitute matter. This he does by striking the same chord in three 
octaves, representing the (musical) third, sixth, and ninth of the scale. 


“Of these, the sixth reduces the range of molecular oscillation, and thus 
tends to give greater tenuity to the mass. It induces “trajectile velocity” 
from neutral centers, or “neutral radiation”. Experiment shows that molecu- 
lar dissociation does not take place until the Molecule attains an oscillation 
approaching, if not fully reaching two-thirds of its diameter. This can be 
effected by means of the action of the enharmonic or “radiating” current ap- 
plied to the mass, after its molecules have been disturbed by an “introductory 
impulse”; that is, by the musical note above mentioned. 
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“The third represents the dominant, and when brought under control of a 
harmonic resonant impulse induces a complete rearrangement of the modes 
of vibration and oscillation; in other words, will transform the mass either 
into its component initial forces, or into some other form of matter. 


“It is the study of the dominant to which Keely has devoted his recent 
researches. He aims to control the power he evolves by altering the dominant 
or etheric mode of vibration in the triplicate flows of force. 


“As all molecules and masses are mere centers of harmonized vibrations, 
temporarily held in suspension by simple Laws identical with those of reso- 
nance, it follows that these centers can be broken up or divided by certain 
orders of vibration impinging upon and disturbing them. 


“It is a familiar fact that a cord in vibration tends to produce a simi- 
lar vibration in a cord placed near it. This property belongs to all vibrations, 
whether resonant or not, and they exert it in proportion to the order to which 
they belong. The distance in Space to which this power extends, or can be 
extended, 1s what is called “the sympathetic outreach” of the current or flow. 


“In this manner we have “sympathetic negative attraction”, and “sym- 
pathetic positive propulsion”, with reference to the outreach of the third or 
dominant current of the stream, which is allied to the order of Etheric vibra- 
tions. 


“Each Molecule of a given mass of matter represents the same harmonic 
chord or note in its oscillatory motion. The chord of the mass is, therefore, 
the chord of every Molecule of mass. 


“But as the condition of absolutely stable equilibrium is theoretical only, 
and does not exist in nature, the chord of the mass is constantly changing. 
Yet we must learn to control this chord of the mass by resonant induction, af 
we would gain command of the molecular forces. 


“Keely believes he has solved this problem, by the invention of a mechan- 
ical device which brings the chords of all masses within the conditions of a 
few simple acoustic tests. 
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“The range of molecular oscillation is affected differently in different sub- 
stances when submitted to the same vibratory impulse, and these ranges can 
be measured. 


“In the three metals, silver, gold, and platina, we obtain the proportions - 
8: 6:9: - As this is the primary relation of the modes of vibration, a wire 
made of these three metals is peculiarly adapted to transmit concordant im- 
pulses; and nodes made of these substances placed upon a wire, transmitting 
resonant vibrations, indicate, by the different orders of vibration induced in 
them, the rate of oscillations of the atomic constituents. 


“The phenomenon of rotation arises from the harmonic interaction of the 
dominant and enharmonic elements of the flow; in other words, the first and 
third, the third and ninth, etc.; those whose vibrations bear the proportions 
to each other 83 5 : 100. 


“A practical example of rotation is a wheel in revolution on its axis. This 
is force in its commercial or economic aspect. To accomplish this result by 
molecular vibratory action, we must gain control of the negative attractive or 
enharmonic current of the triple flow, and the problem is then solved up to 
any limit of power.” 
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Appendix C 


III - Ultimate Constitution of 
Matter 


The Ultimate Constitution of Matter and the Action of the Force 
Regulating its Phenomena 


by John W. Keely 


First: Matter is capable of infinite subdivision. 


Second: In the aggregation of matter, force or energy is stored up or con- 
served. 


Third: In the dissociation of matter, force is liberated. 


Fourth: All matter is in a state of perpetual activity, whether the substance 
under consideration be inanimate or animated, visible or invisible. 


Fifth: There is no dividing of matter and force into two distinct terms, 
as they both are ONE. FORCE is liberated matter. MATTER is force in 
bondage. 


Sixth: All motion is synchronous; no sound or movement can be made but 
all that moves or sounds does so in harmony with something. 


Seventh: All structures, whether crystalline or homogeneous, have for their 
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Also called “sow bug”, “potato bug”, or “pill bug,” the wood louse is actually not a bug at all. 
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unit structures minute bodies called molecules. It is the motion of these 
molecules with which we have particularly to deal; as in experimental re- 
search and demonstration, when we produce an action upon one molecule we 
do so upon all the molecules constituting the mass operated upon. 


Eight: These molecules have an envelope, rotating with inconceivable ra- 
pidity, formed of a high tenuous ether, whose place in the order of subdivi- 
sion ranks third, the three divisions being, - first, molecular; second, atomic; 
third, atomolic. (Atomolic is the same as Etheric) 


Ninth: This atomolic substance has a density approximately 986,000 times 
that of steel, enabling it to permeate steel as light penetrates glass; this ro- 
tating envelope of atomolic substance is in a liquid condition. There are four 
conditions of matter; viz. solid, liquid, gaseous, and ultra-gaseous. These 
conditions result from greater or lesser range of oscillation of the compos- 
ing units individually; this is equally true, whether the units are molecules, 
atoms, atomoles, planets, or suns. But one LAW governs all matter. 


Tenth: This molecular envelope, rotating with such great velocity, holds 
in its embrace the next subdivision of matter, the atomic. There cannot ever 
be more or less than three atoms in any molecule. These are placed so as to 
form a triangle in the interior; they rest in a condition of substance, or mat- 
ter, we will term intermolecular. In this intermolecular substance we find an 
enormous energy or force in bondage, held thus by the rotating envelope en- 
closing it. Were we to rotate a spun brass shell, say nine inches in diameter, 
at a very much less rate of speed than that at which the molecular enve- 
lope rotates, - say nine hundred revolutions per second, - its equator would 
first bulge out, then form into an oval disk. A solid block of wood subject 
to such revolution would swiftly fly to pieces. The rotating envelope of a 
molecule, unlike these, the greater the velocity of rotation, the greater is its 
compression toward the center of the molecule. The rotation of this envelope 
is of such a nature as to produce an internal pressure upon every portion 
from every point of the molecule as a sphere. Were we to consider a rotating 
envelope as ordinarily understood, it would be one in which the envelope 
rotated around an equator having poles of no rotation; i.e., the poles would 
not possess the compressing force of the equator; the result would therefore 
be a compressed equator, and the intermolecular substance would pass out 
without resistance at the poles. 
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Eleventh: If it be possible let us conceive of an envelope with an equator, but 
destitute of poles, a number of these rotating over the sphere, this atomolic 
envelope possessing an almost infinite attractive force toward the center of 
the molecule, pressing in the intermolecular substance, where it is held until 
this revolving envelope becomes negatized by a certain order of vibration, 
when the enclosing matter rushes out to its natural condition of concordant 
tenuity, as in the case of gunpowder, dynamite, and nitroglycerine. This 
force, we must see, has been held in the embrace of the rotating envelopes of 
the unit structures, or where does it come from? This force at the time of an 
explosion was liberated by shock or fire, both being orders of imparted mo- 
tion or vibration. How much greater the result would be were we to associate 
a scientific instrument now completed, and shortly to be given to the world, 
with such an agent as nitroglycerine; one pound of nitroglycerine would have 
its destructive force augmented beyond all possible control. These instru- 
ments are carefully concealed by wise masters from all persons save the few 
who are already prepared to study their potency with the exclusive end in 
view of aiding the real scientific progress of humanity; and, furthermore, it 
may be truly stated that a ferocious sensualist, however powerful his intel- 
lect, would be utterly unable to either comprehend or operate one of these 
marvelous constructions. 


Twelfth: Next in order of consideration is the second subdivision of mat- 
ter - the atomic. The atom has the same rotating envelope as the molecule, 
governed by the same laws of rotation and compression. The rotating en- 
velope holds in its embrace the interatomic substance and three atomoles 
resting in it, the atomoles within the atom being constructed after the same 
pattern as the atom and the molecule, obedient to the same laws; the ato- 
molic being simply the third subdivision of matter. The threefold order is 
absolutely universal. 


Thirteenth: The atomolic substance is what is termed the ether which fills all 
space and is the transmitting medium for all celestial and terrestrial forces. 
This is the liquid ether of occult science. 


Fourteenth: The atomoles are made up of atomolini (singulara tomolinus); 
the subdivision of matter from this point is beyond man’s power, as at this 
point it escapes all control of apparatus, passing through glass and hardened 
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steel as a luminous flame without heat, which is hardly seen before it van- 
ishes, - a perpetual flame coldly luminous. 


Fifteenth: (Not in book, may have been a mis-numbering. editor) 
Sixteenth: This again, from previous analysis, is made up according to the 


triple order, and may again be subject to subdivision, even into infinity.” 
[Dashed Against the Rock] 
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Musical Numerology 
By Don Robertson, 1970 with revisions in 2003 
Copyright 1970, 2003 by Don Robertson 
(First appeared in the book Kosmon) 


| wrote the article Musical Numerology in 1970 and published it in Denver, Colorado in a book called Kosmon, a book 
created by myself and two other people. It was in this book that | first published my findings about the duochord and 
proclaimed that rock and roll music was taking a downward turn.One day, after we had started distributing the book 
to local bookstores, | received a letter from a young man who lived nearby and wanted to meet the author of this 
article. | went to see him and looking around the one-bedroom apartment, | saw that everywhere there were large 
pieces of white paper on which he had been making mathematical calculations: on tables, chairs, and taped to all of 
the walls. He was ecstatic, "I had to meet the author because | have applied what was stated in the article to every 
known science and found that the same formula proves itself in every case." | went back a week later to discuss the 
matter with him more thoroughly , but the apartment was empty and he was gone. Now after 23 years, | have revised 
the article, and am publishing it again on DoveSong.Com. | hope this information can be as useful to others as it was 
for this young man and has been for me. | believe that musical scales and harmony are based on alchemical realities 
that can be proved by math. Math demonstrates the formation of the laws of the universe, and music, color, and all 
manifestation follow the same laws. 


Don Robertson, May, 2003 
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To our knowledge, there is no religion on the earth that does not incorporate some kind of symbolic use of 
the quantities three and seven. 


Our objective is to illustrate some of the mysterious relationships between the quantity three, the quantity 
seven, and what these quantities have in common with the basic physical structure of the universe. 


The direct relationship between three and seven is as follows: 


If we have three objects, which we will call 1, 2, and 3, we will observe that the absolute number of 
different combinations of these 3 objects is 7; 


that is, we may arrange them in no more than seven different combinations, regardless of the order in 


comin 


which they are arranged. 


Combination 5 





Combination 6 





There are three primary colors in the color spectrum, plus four more natural colors that are created from 
the combinations of the three colors similarly to the three objects above. 


All colors that exist are either : 


a) One of the primary colors, or 
b) A resultant mixture of two or three of the primary colors. 


The primary colors cannot be created by mixing other colors, so they are rather special. 


The three primary colors are red, yellow, and blue.[1] 


The natural, or secondary colors are those colors that are created by mixing equally the three primary 
colors according to the chart above. 


The resultant seven natural colors the colors of the rainbow, a naturally occurring phenomena that can be 
created using a prism to break down light. 


They are arranged in the spectrum as follows: 


The Color Spectrum 





Thus we see that the color spectrum is based on the relationship between 3 and 7. 


There are three primary tones of the musical scale and seven natural tones: 


The Musical Scale 





The notes that correspond to the primary colors are C, E, G: the major triad, which is the most important 
chord in music, and the groundwork of the scale. 


It is important to realize the correspondence between the colors of the spectrum and the notes of the 
scale, as the musical scale is based on the same principals of nature (the natural overtone series) and it 
has been adapted in some form or another most all cultures. 


There are three root-position triads contained in the major scale (C,D,E,F,G,A,B). These are: 


The major triad that is based on the correspondence with the primary colors (C, E, G) and two 
minor triads, based on three of the natural, or secondary, tones (D, F, A and E,G,B). 


Major and minor triads are the fundamental underpinnings of harmony used in the music of Western 
cultures. 


Three Forces at the heart of Nature 


The simplest physical structure in the material universe is the hydrogen atom. It has the least number of 
forces at work: three. 


These three forces are: 


1) At the center of the atom resides the nucleus, composed of a positive charge of electricity called a 
proton. 


2) Orbiting around this proton in an elliptical orbit is a negative charge of electricity called an electron. 
Since this electron has a negative charge, and since a negative charge is attracted to a positive 
charge, the electron is attracted to the proton. 


3) Since the electron is attracted to the proton, there needs to be a force that causes equilibrium between 
the two, as the electron would collide with the proton if no such force were in place. This force then is 
the force that governs bodies in motion, causing them to travel in an orbit. It is centrifugal force. \|n the 
atom, this is the neutron. 


Some Aspects of Three 


If there is a given object that is fixed in space, this object has, as its location, three coordinates. An 
example of this would be the relative position of an airplane above the earth. It is calculated by longitude, 
latitude, and altitude, its three coordinates. 


If someone looks into the corner of a room, where the room meets the walls, they will see three 
intersecting planes that are considered to extend into infinity. These are the three dimensions of 
space. 


There are three time zones that man senses, past, present, and future. 


If there is space with no motion, then time does not exist, only space. But if there is no motion, then there 
can be no space, for there has to be space to contain the motion. The motion through space causes 
sequentially. The earth’s orbit around the sun and revolution on its axis causes a time sequence on earth. 
Thus we have three aspects: time, space, and motion. 


The Law of Three 


The fact that events, laws, and all creation result from three principals is referred to as the "Law of Three" 
or the "Law of the Triangle." This law is illustrated by the example that every effect has two causes: one 
passive, and one active. 


What does the Russian philosopher Georges Gurdieff have to say about the Law of Three? In the book /n 
Search of the Miraculous, PD Ouspensky quotes him as follows: 


“This is the ‘Law of Three’ or the law of the three principles or the three forces. It consists of the fact that 
every phenomenon, on whatever scale and in whatever world it may take place, from molecular to cosmic 
phenomena, is the result of the combination or the meeting of three different and opposing forces. 


Contemporary thought realizes the existence of two forces and the necessity of these two forces for the 
production of a phenomenon: force and resistance, positive and negative magnetism, positive and 
negative electricity, amel and femail cells, and so on. But it does not observe even these two forces 
always and everywhere. No question has ever been raised as to the third, or if it has been raised it has 
scarcely been heard. 


“According to real, exact knowledge, once force, or two forces, can never produce a phenomenon. The 
presence of a third force is necessary, for it is only with the help of a third force that the first two can 
produce what may be called a phenomenon, no matter in what sphere. 


“The teaching of the three forces is at the root of all ancient systems. The first force may be called 
active or positive, the second, passive or negative; the third, neutralizing. But these are merely names, for 
in reality all three forces are equally active and appear as active, passive and neutralizing, only at their 
meeting points, that is to say, only in relation to one another at a given moment. 


The first two forces are more or less comprehensible to man and the third may sometimes be discovered 
either at the point of application of the forces, or in the medium, or in the result. But speaking in general, 
the third forces is not easily accessible to direct observation and understanding. 


The reason for this is to be found in the functional limitations of man’s ordinary psychological actively and 
in the fundamental categories of our perception of the phenomenal world, that is, in our sensations of 
space and time resulting from these limitations. People cannot perceive and observe the third force 
directly any more than they can spatially perceive the forth dimension. 


“The first fundamental law of the universe is the law of three forces,or three principles, or as it is often 
called, the law of three. According to this law, every action, every phenomenon in all worlds without 
exception, is the result of a simultaneous action of three forces: the positive, the negative, and the 
neutralizing. Of this we have already spoken.... The next fundamental law of the universe is the law of 
seven or the law of octaves. 


Some Aspects of Seven 


During the late 1700’s, some chemists began identifying certain chemical elements. About 1800, they 
began to determine the atomic weights of some of them. In 1808, John Dalton suggested that atoms were 
physical objects with specific weights. In 1829, Johann Doebereiner showed that particular elements could 
be arranged in groups of three. In each group, the elements had similar properties and the weight of the 
middle atom of the group was close to the average of the other two. These were said to be chemical 
equivalents to the musical triad. 


The Law of Octaves 


In 1864, John A. Newlands grouped all the known elements in the order of their atomic weights. He then 
divided them into groups of seven elements each. He showed that when the atoms were put into order 
with their weights increasing, there was a repetition in the similarities according to the musical octave, the 
same found on the keyboard. When he talked to chemists of this time about his newly found law of 
octaves, they laughed. 


But octaves are the substance of the musical scale, the same musical scale that was demonstrated by 
Pythagoras and used today, with slight modifications according to culture. It is a naturally occurring 
phenomena. The basis of the musical scale is the octave, the repetition of the vibration of the set of seven 
notes that occurs as the fundamental vibration of the first note, the basic note of that scale, is doubled. 


In 1869, Mendeleev compiled a “Periodic Table of the Elements.” This table was arranged according to 
atomic weights. Mendeleev found, as had Newlands, that the chemical properties of the elements reoccur 
at definite intervals. He concluded that these were the periodic functions of their atomic weights. According 
to Daniel Morris, in his article Music of the New Spheres in the December, 1969 Chemistry Magazine, 
Mendeleev’s arrangement of the elements came to him while listening to a performance of Schumann’s 
exquisite piano quintet. He was seated upon a sofa, apparently mulling over Newland’s and Doebereiner’s 
arrangements of the elements, when all of a sudden he jumped up, sat at his desk, and arranged all of the 
elements accordng to a new plan. Morris' feeling was that there was a definite relationship between the 
quintet and the periodic table in the repetition and development of the seven-note melody of the quintet. 


Vibrations in Different Octaves 


It was in 1925 that French scientist Louis Victor Pierre Raymond duc de Broglie discovered that the 
electron was actually a wave of vibration. These waves properly follow the same property and 
characteristics of vibration as the vibrating string of a musical instrument, the waves being complete with 
overtones. (We are familiar with the presence of overtones on the vibrating string from the experiments of 
Pythagoras and his monochord — a single-stringed instrument he built to display how musical scales were 
produced by the natural overtone series). 


An atom such as uranium has more that 90 electrons, each capable of its own harmonies, and all this can 
be recorded by a spectroscope. From this, one can conclude that all matter is made of waves. Therefore, 
we, and the world we live in, are vibrations...just as the children of the 1960s discovered while taking large 
doses of LSD! But this should not be too surprising. Our understanding of the world around us is through 
perception of the five senses. What we experience is actually taking place in our brain, interpretations of 
waves of light, taste, smell, feeling, and sound. Are we really living in a world, as we suspect, or is this 
simply a world created in our brain, similar to that when we dream? And if spectral and aural vibrations 
obey the same law of octaves that applies to the physical makeup of the universe, then perhaps it is all 
just a part of one large keyboard of vibrations, with particular sensations and manifestations taking place 
in particular octave ranges. Light, heat, magnetic and chemical vibration are all subject to the law of 
octaves. 


The ancient Greek philosopher Democritus wrote: 


Sweet and bitter 

Cold and warm, 

As well as all the colors. 
All these things exist 
But in the opinion 

And not in reality. 


What really exists 
Are unchangeable articles: atoms, 
And their motions in empty space. 


The great German mathematician Gottfried Wilhelm Leibniz wrote: “Il am able to prove that not only light, 
color, heat, and the like, but motion, shape and extension too are mere apparent qualities.” 


Many scientists and philosophers have come to the conclusion that everything exists in the mind: stars, 
planets, atoms. Einstein showed us that even space and time were forms of intuition. 


Georges Gurdjieff, the important Russian spiritual teacher said that the law of octaves was based upon the 
discontinuity of all vibrations in nature, as they do not develop uniformly, but with periodic accelerations 
and retardations. 


The original impulse becomes alternately stronger and weaker. This could be a phenomenon similar to the 
AC cycle. This cycle of alternating electrical vibrations can be viewed by means of an oscilloscope or with 
a computer program such as Sound Forge. Called the duty cycle, it appears as such. 


All sounds are made up of these cycles. 


The cycles take place in the time domain. By using a brilliant mathematical formula known as the Fourier 
transform, these cycles can be translated into the frequency domain, where we find that the timber of the 
sound depends upon the strength of overtones, the higher harmonics of the fundamental tone. 


The duty cycle can be equated to a circle broken at its diameter with the bottom half twisted 180 degrees 
or to the continuous movement of a spiral. 


Alternating current (AC) obeys the laws of the duty cycle: energy alternates with no energy. 


Home electricity in the United States alternates sixty times per second, thus it is called 60 cycles, or 60 
Hertz. 


An electric light bulb does not continually burn, but flashes sixty times in one second, faster than our eyes 
can follow, so we perceive the appearance only of continuous light. This would not be the case when light 
is powered by a battery, as batteries produce direct current (DC). 


Musical tones can be represented using the mathematical symbols of trigonometry, signs and cosigns, 
and the imaginary numbers of calculus. 


Computer systems that generate musical tones, such as synthesizers, do so using these mathematical 
formulas. All of this is based on the alternation of the duty cycle. 


Pretty much everyone knows how fo find earthworms, though few have probably eaten them. 





“Shocks” 


While teaching in Russia during the first world war, Gurdjieff described something about octaves that had 
not been publically known before. He stated that there were two places in the octave where retardation of 
the vibrations takes place. 


These places are between the notes E and F and between the notes B and C. These are the two places 
on the keyboard where there are no sharp or flat note (black) keys between the white keys. 


Octaves, according to Gurdjieff, develop according to whether or not these places where retardation of 
vibrations take place are “filled.” 


In the right development of these octaves, these places are filled by the energy of octaves that run in 
parallel to the given octave. 


This process of filling in Gurdjieff calls a shock. Processes, institutions, laws and other things all progress 
through time according to the law of octaves, and therefore these two shocks in the octave are a part of 
the development process. 


Gurdjieff stated that if develooment continues without the shocks being filled in, then the line of 
development constantly changes. 


The way he described it, if octaves — as a principal of nature — develop unimpeded, the development looks 
as if it is proceeding along a straight line, but every time one of the two points in the octave is reached 
where a shock occurs, even though development of the process that the octave represents appears to be 
progressing forward along a straight line, the development of the process actually jogs a little, causing 
what would be compared to a jog in the line. 


The development continues and after the progress through the series of octaves has gone on for a 
particular amount of time, what was considered to be development along a straight line has actually turned 
into a development in the opposite direction! Further continuation will bring the development back to the 
same direction that it started in. This is actually a full duty cycle, or one full revolution on a spiral. 


The law of octaves, with this intrinsic circular motion generating a spiral, governs all activity and shows 
how organizations, religions, and governments -- if allowed to develop without conscious knowledge 
concerning the application of the ‘filling in’ of these shocks -- always develop into something that is 
opposite to what was originally intended. 


The Octave with Two Added Shocks 


Gurdjieff explained how an octave of seven ‘notes’ was transformed into one of nine, the seven notes and the two 
shocks, by applying the following fascinating bit of arithmetic. 


He divided the number ‘1’ into seven equal fractions: 1/7, 2/7, 3/7, 4/7, 5/7, 6/7, 7/7 


The decimal equivalents of these seven fractions are arrived at using the time-honored tradition of dividing the 
numerators by the denominator: 


1/7 = .142857 
2/7 = .285714 
3/7 = .428571 
4/7 = .571428 
5/7 = .714285 
6/7 = .857142 


Of course 7/7 equals 1 
Studying the numbers that result from our division is a fascinating process. 
We find that we have a reoccurring sequence of numbers that is present in every case! 
This is the sequence 7142857142857....that continues on and on ad infinitum. 


-142857142857142857 etc.... 
7/1.00000000000000000 


(Numerical patterns such as these are very telling. 
They describe a situation that is naturally occurring and should be taken seriously by the researcher). 


The nature of this pattern is very interesting. It starts with the number ‘7’, which is the number of the 
octave, the number that we are dealing with here. Next in line is double that number, ‘14’. 


Following that we have another doubling: ‘28’, and after that another doubling: ‘56’...whoops, not 56, but 
57, the ‘7’ being the start of another sequence! 


It takes some thought about this to fully appreciate the beauty of this sequence and this change from 56 to 
57 to start another series. This just really breathes “cycle,” does it not? 


There are other interesting things about this series of numbers. If we add each line in the set of six 
decimals above, we always get the number ‘28’ as a result. 


This is because each of the six decimal sequences is ordered in such a way that when you add 
downwards, only the six numbers of the sequence appear, there are no duplications. 


We have six pieces of the whole (7/7), each with a sequence of six numbers, the same sequence in each 
piece, ordered in the very unique fashion. This is something to contemplate. 


Now we will turn to something called horizontal addition. This is a process used in numerology. 


Although we don’t endorse the common understanding of what numerology represents, the principles 
behind manipulation of numbers are simple aspects of natural mathematics, which demonstrate the laws 
of nature, and this understanding of numbers and what they are all about is the key to understanding 
nature and what it is all about. 


That is why trigonometry and calculus are so important to engineering. 


Both these sciences give us an understanding of nature, and hence, an understanding of sound, and the 
natural laws that govern the use of sound in music...principals that are not arbitrary, but work according to 
natural law, the law of three, the law of octaves, and now the law of nine (the octave plus the two shocks). 


By using horizontal addition on the sequence, we arrive at another number: 


144424+84+5+7=27 
2+7=9 


Adding the sequence numbers together, we end up with ‘9’. This demonstrates one way that seven ties 
into nine. 


The Periodicity of Nine 


The notes of the octave combined with the two shocks show us what is called the periodicity of nine. 


Creating a circle with nine positions and connecting the numbers from our sequence above, we have the 
figure that Gurdjieff calls the enneagram. 


9/0 





5 4 


The numbers that are not in the sequence are 3, 6, and 9. When a they are connected, the result is 
a triangle. The numbers 3 and 6 are the shocks. 





By applying the color spectrum and musical notes to the enneagram, we have the following: 


¢ 
violet 8 ° yellow 
indigo a & orange 
blue : 7 green 


When asked why one shock correctly appeared between the E and the F, but the other, instead of 
appearing between B and C, appeared between G and A, Gurdjieff stated that this demonstrated the 
nature of the shock that occurred when passing from one octave to the next. 


He also said that every completed whole, every organism, is an enneagram, but that each of these 
enneagrams does not have an inner triangle (3,6,9). 


142857 is the working of the corporeal scheme, the triangle is the presence of higher elements in the 
organism. This inner triangle is possessed by plants, for example, from which come our “drugs”: hemp, 
poppy, hops, tea, coffee, tobacco. 


When any number is added to nine, the sum, added horizontally to one significant figure, always equals 
that same number (also added horizontally to one significant figure). 


Examples: 
8+9=17and1+7=8 
6+9=15and1+5=6 
36+9=45 and4+5=9and3+6=9 


When any number is multiplied by nine, the product added horizontally to one significant figure, always 
equals nine. 


Examples: 
9x7=63 and6+3=9 
9x12=108and1+0+8=9 
Casting Out Nines 


Further use of horizontal addition is applied in a mathematical process that is called casting out nines. 
The sum of any number added horizontally is equal to the remainder of that same number when it is 
divided by nine. Thus, to cast out all nines from a number, add it horizontally: 


Example: 16,378 =1+6+34+7+8=25=7 
If you were to divide 16,378 by 9, you will find that the remainder is 7. 


The Enneagram with Combinations of Nine 


This interesting drawing shows how multiplication of nine by the other single-digit numbers produces a 
sum that fits nicely into our enneagram. We have equated nine with zero because nine becomes zero 
when it is cast. Notice how the sums are equal to the two numbers at that level of the drawing (for 
example, the sums on the first line are 18 and 81, on the second 72 and 27 and so on). 
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We see that by horizontal addition of the sums, in each case, we always end up with nine. If we now take 
each number from one to eight and multiply it by numbers 1 through 9 — we will see some interesting 
numerical patterns develop. 


We will start with the first line from the circle above: 


8x1=8 
8x 2=7 (16, or1+6= 7) 
8 x 3 = 6 (24, or 2 + 4 = 6, and so on...) 


8x4=5 
8x5=4 
8x6=3 
8x7=2 
8x8=1 
8x9=9 


We end up now with a sequence of 876543219. 
A similar sequence is produced by doing the same thing with 1. 
This sequence is the reverse of the other: 


1x1=1 
1x2=2 
1x3=3 
1x4=4 
1x5=5 
1x6=6 
1x7=7 
1x8=8 
1x9=9 


This is how this sequence looks on the circle: 





Notice that this sequence was generated by the numbers 8 and 1, the two numbers at the top of the 
enneagram. 


The number series that resulted from these two was the same, however one series is the reverse of the 
other. For 8 we have: 876543219, and for 1 we have 12345789. 


To be completely the opposite of each other, the second series would have had to have been 987654321, 
but interestingly enough, this isn't the case. 


Now we will generate another pair of sequences using seven and two, the next set of numbers in the 
enneagram. 








This is how this sequence looks on the circle: 


Again we have a resultant series of numbers where one is the opposite of the other. 
For 7 we have 753186429, and for 2 we have 246813579. 
As is the case with 8 and 1 above, both series always ends with a 9! 
Also, the reverse series is one number off from the original. 
This series of numbers is one that skips every other number. 


Now we will generate another pair of sequences using five and four: 





5x1=5 4x1=4 
5x2=1 4x2=8 
5x3=6 4x3=3 
5x4=2 4x4=7 
5x5=7 4x5=2 
5x6=3 4x6=6 
5x7=8 4x7=1 
5x8=4 4x8=5 
5x9=9 4x9=9 








This is how this sequence looks on the circle: 





When we look at these, we see again that we have the same kind of pattern where the series from the 
second set is the opposite of the first, however offset by a single number, and that both end in 9. 


The series for 5 is 516273849 and the series for 4 is 483726159. This series of numbers is one where 
three numbers is skipped each time. 


Finally we will take a look at the sequence generated by the two shock values three and six: 








This is how this sequence looks: 


Interestingly enough, the number 6 yields a series of 639, 639, 639, and the series from 3 yields the 
opposite: 369, 369, 369. Who says the universe isn't the result of mathematics! 

We have now horizontally multiplied each number from 1 to 9 by the numbers 1 through 9 and 
have arrived at a series that is in each case has been illustrated using the enneagram circle, the 
circle with 9 points. 


The numbers 1,2,4,5,7, and 9 are the numbers found in the period (142857). When we look at the tables 
that we have just created using these numbers (that is the tables for "8 and 1", "7 and 2", and "5 and 4") 
we can see that a series of numbers has been created in each table. 


For example, in the 8 table, the results from horizontally multiplying 1 through 9 by 8 resulted in a 
pattern (reading down the sum column) of 876543219 and the results from horizontally multiplying 7 by 1 
through 9 is the sequence 753186429. 


Now, taking the third, sixth, and ninth numbers in each of these series, we discover that we have a 
repeating sequence of either 639 or 369. These are the "inner triangles" of each one of these sets 


8x1=8 
8x2=7 
8x3=6 
8x4=5 
8x5=4 


7x1=7 5x1=5 4x1=4 
7x2=5 5x2=1 4x2=8 
7x3=3 5x3=6 4x3=3 
7x4=1 5x4=2 4x4=7 
7x5=8 5x5=7 4x5=2 
7x6=6 5x6=3 4x6=6 
7x7=4 5x7=8 4x7=1 
7x8=2 5x8=4 4x8=5 
7x9=9 5x9=9 4x9=9 


8x6=3 
8x7=2 
8x8=1 
8x9=9 


eek ek ek ek kkk 
x KK KK KK OK OX 
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order: 639 order: 369 order: 369 order: 639 order: 639 order: 369 





We will now show each number and the order of its series. 


This order, as you have just seen, was determined by the inner triangle of each series (the points of 3, 6 
and 9 on the circle) and number present at those point turn out to be either a sequence of 639 or 369. 


639 represents energy moving counter clockwise and 369 is the energy moving clockwise. 
For purposes of demonstration, we will fix polarity designations to the 639 and 369. 
We will call 369 positive and 639 negative. 

The numbers 3, 6 and 9, not being part of the periods, we will call neutral (=): 








(shock) 





We will turning again to the sequences that we created above. 


For simplicity sake, we will just use the forward sequence from each set. 


These sequences were: 


123456789 (from 8-1), 
135792468 (from 7-2) 
639639639 (from 6-3) and 
159483726 (from 5-4). 


Applying the polarities we assigned in the chart above to these sequences we get: 


123456789 





[1] It is noted that modern theory of colors has adapted new colors to represent the subtractive domain of 
primary colors, and some writers go so far as to dispute the standard primary colors, but we stand by what 
we have written: red, yellow and blue are the primary colors. 


For more information about modern color theories, see: http:/www.goatrance.de/mahak/colors.html 
http:/Avww.physicsclassroom.com/Class/light/U12L2d.html 
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Disintegration of Stone 


A short time ago the mining world 
in America was seized with an inexpli- 
cable excitement. The value of gold 
mines in particular suddenly rose. 
Mines long since abandoned on ac- 
count of the expense of working, awoke, 
and rubbing their eyes made their way 
again into the stock list. Presently it 
leaked out that a syndicate of the long- 
est-headed and wealthiest mining capi- 
talists were quietly buying up all the 
cheap and apparently worthless gold 
mines they could hear of, and people at 
once concluded that something was up. 
Then everyone of a speculative turn, 
very knowingly hegan to buy worthless 
gold mining shares at ever-in 
prices, and when the little speculators 
had gorged themselves to the full extent 
of their financial capacity, they asked: 
What next? No one knew exactly what 
he was after; and everyone looked to 
the Syndicate for the next move; but 
the Syndicate smilingly put its hands in 
its pockets and whistled! After the fever 
came ‘prostration. The small fry had 
not, like the Syndicate, bought to hold, 
so they got first uneasy, then alarmed, 
and finally panic-siricken. The tide of 
credulity turned and began to run out 
even more quickly than it had set in, 
and thousands of the unlucky, but 
greedy Httle grudgeon of the Stock Ex- 
change were left stranded in a short 
time by the receding tide of speculation, 
kicking and gasping in the mortal ago- 
mies of financial asphyxia. The panic is 
easily accounted for by the general laws 
that govern the movements of the Stock 
Exchange; but not so the action of the 
syndicate. The problem remains: Why 
did the long-headed millionaires buy up 
worthless mines? That is the point of 
interest, and the explanation thereof is 
as follows:--- 


1888 


A few weeks before the panic oc- 
curred, twelve solid men - millionaires - 
Met by appointment in a certain labora- 
tory in Philadelphia to witness an exhi- 
bition of the disintegration of quartz by 
a new method. They were mag- 
nates, who had a tremendous interest 
iri getting the gold out of quartz rock 
quickly and cheaply. The inventor 
obliged them by simply touching some 
blocks of quartz with a little machine 
he held in his hand; and as he touched 
each block it instantly crumbled into 
atomic dust, in which the specks of 
gold it had comtained stood out like 
boulders in a bed of sand. Then the 
twelve solid men solidly said: Mr. Keely, 
if you will in the same manner disinte- 
grate some quartz for us in its natural 
place, we will each of us give you a 
cheque for --- dollars. So off they all 
went to the Katskill mountains, and 
there the twelve solid men pointed out 
a reef of quartz on the side of a moun- 
tain, as solid as themselves; and Mr. 
Keely took out his little machine and 
said: Gentlemen, please take the time. 
In eighteen minutes there was a tunnel 
in that. quartz mountain eighteen feet 
long and four and a half feet in diame- 
ter. Then Mr. Keely quietly returned to 
Philadelphia with his cheques in his 
pocket, and the twelve solid men went 
from New York to San Francisco to 
gather in the seemingly worthless stock 
of mines long disused because of the 
working expense, thus producing the 
disastrous effect upon the mining 
world, which we have just seen. {All 
these men bound themselves to secre- 
cy; and this is the first time that this 
incident has been made public.) 

How was the quartz disintegrated?-- 
That is one of Keely’s secrets. 

The disintegration of the rock is, 
however, a very small and accidental ef- 
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Scorpions are a common street food in China and can be found in California, Arizona, New Mexico and 
other Southwest states. They taste a bit like crab. 


fect of that tremendous force that lies 
behind the secret. Indeed, that particu- 
lar application of the force was a 
chance discovery. One day the inventor 
was studying the action of currents of 
ether playing over a floor upon which 
he had scattered fine sand,---the ether 
was rolling the sand into ropes,---when 
a block of granite, which was dsed for 
fastening back a door, disintegrated un- 
der his eyes. He took the hint, and in a 
few days he had made a vibratory disin- 
tegrater. 

Who is this man, and what ts this 
force? to whom, or to which, boring a 
tunnel into the mountain side is mere 
child's play? Surely, were such things 
true, science would long ago have filled 
the world with the renown of such a 
man---the man who has discovered a 
force in nature compared to which all 
known motor or mechanical forces are 
like the scratch of a nail, or the breath 
of a child. Surely the press, the plat- 
form, and even the pulpit would have 
resounded with the glad tidings of so 
great a victory over the stubborn pow- 
ers of nature, a victory which goes so 
far towards making man the master of 
things in this material plane! 

Those who argue like that know lit- 


Ue of modern science and its votaries. . 


An Anglican bishop never ignored a dis- 
senting preacher with more dignified 
grace than the professor of orthodox 
acience ignores the heterodox genius 
who has the audacity to wander beyond 
the limitations which received opinion 
has placed upon the possibilities of na- 
ture. The fact is that men of science 
have persistently ignored, and know.ab- 
solutely nothing about, the great de- 
partment of nature into which Keely 
penetrated years ago, and in which he 
has now made himself at home. Not 
long ago a Fellow of the Royal Soctety of 
Edinburgh, Major Ricarde-Seaver, went 
to Philadelphia to convince himself as 
to the nature of s discovery. He 
returned, saying that Keely was work- 
ing with, and had the apparent com- 
mand over forces, the nature, or even 
the very existence, of which was abso- 
lutely unknown to him, and so far as 
he is aware, to modern science. 


Universal Laws Never Before Revealed.. Keely's Secrets 


Beyond disintegration lies disper- 
sion, and Keely can just as easily dis- 
solve the atoms of matter as disinte- 
grate its molecules. Dissolve them into 
what? Well,---into cther, apparently; 
into the hypothetical substratum which 
modern scientists have postulated, and 
about whose nature they know abso- 
lutely nothing but what they invent 
themselves, but which to Keely is not a 
hypothesis, but a fact as real as his 
own shoes; and which ether, indeed, 
seems to be Pivarle sperg ecaor of all 
things. As to w of gravity, it ap- 
pears very like a delusion, in the light 
of Keely's experiments, or, at least, but 
one manifestation of a law of very much 
wider application---a law which pro- 
vides for the reversion of the process of 
attraction in the shape of a process of 
repulsion. One of Keely's little scientific 
experiments is to put a small wire 
round an iron cylinder that weighs sev- 
eral hundred weight, and when the 
force runs through the wire, to lift the 
cylinder up on one finger and carry it 
as easily as if it were a piece of cork. 
Not long ago he moved, single-handed, 
a 500 horse-power vibratory engine 
from one part of his shop to another. 
There was not a scratch on the floor, 
and astounded engineers declared that 
they could not have moved it without a 
derrick, to bring which in operation 
would have required the removal of the 


_Toof of the shop. Of course it is but a 


step in advance of this to construct a 
machine which, when polarized with a 
negative attraction, will rise from the 
earth and move under the influence of 
an etheric current at the rate of 500 
miles an hour, in any given direction. 
This is, in fact, Keely's air ship. 

Lately, he has applied his force to 


optics, and by means of three wires 


placed across the lens of a microscope 
he makes its magnifying power equal to 
that of the great telescope in the Lick 
observatory - the largest in the world. 
Why don't all astronomers and opti- 
cians run to look through Keely's mi- 


‘Croscope, and to examine into the pro- 


cess? Perhaps if Galileo were alive he 


might express an opinion! 
But, the reader may naturally ex- 


claim, how long has this been going on, 
and we to know nothing about it? Mr. 
Keely is now over 60 years of age, and 
he has worked since he was a boy, at 
times, upon various inventions before 
his discovery of ether. For the last 18 
years he has been constantly employed 
with experiments upon the ether: for 
eighteen long years he has worked day 
and night, with hand and brain, in the 
face of discouragements that would 
long ago have killed the owner of a iess 
heroic soul; and he has worked almost 
single handed. Slander, ridicule, open 
accusations of fraud, charlatanry, in- 
sanity---everything evil that it could en- 
ter the head of the knave of the heart of 
the fool to conceive, every mean insinu- 
ation, every malicious lie that prejudice. 
bigotry, ignorance, self-conceit, vested 
interests, greed, injustice, dishonesty, 
and hypocrisy could concoct---these 
have been the encouragement which, so 
far, the world has bestowed upon the 
discoverer of the profoundest truths 
and laws of nature that have ever been 
imparted to the profane, or even hinted 
at, outside of the circle of Initiates. And 
now it has been proved in a hundred 
ways, and before thousands of persons 
competent to judge of the merits of his 
machines, that he has really discovered 
previously unknown forces in nature, 
studied them. mastered some of their 
laws, invented, and almost perfected, 
apparatus and machinery that will 
make his discoveries of practical appli- 
cation in a hundred ways---now that he 
has actually done all this, how does the 
world treat him? Does Congress come 
forward with a grant to enable him to 
complete his marvelous work? Do men 
of sclence hail him as a great discover- 
er, or hold out the hand of fellowship? 
Do the people do honour to the man 
whose sole entreaty to them is to re- 
ceive at his hands a gift a thousand 
times more precious to them than 
steam engine or telegraph? It is a literal 
fact that the world to-day would tear 
Keely to pieces if it had the power to do 
so, and if he fell exhausted in the terri- 
ble struggle he has so long maintained, 
his failure to establish his claims would 
be received with a shout of malignant 
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delight from nearly every lecture hall, 
pulpit, counting-house, and newspaper 
office in the so-called civilized world! 
The world has hardly ever recognized 
its benefactors. until it has become 
time to raise a statue to their memory, 
‘in order to beautify the town.” Jeal- 
ousy, stupidity, the malignity which is 
born of conscious inferiority, are at this 
moment putting in Keely's road every 
impediment which law and injustice 
can manufacture. Two hundred years 
ago he would have been burned, a cen- 
tury since he would have been probably 
mobbed to death, but thank God we are 
too civilized, too humane to burm or 
mob to death those whe make great 
discovertes, who wish to benefit their 
fellow men, or whose ideas are in ad- 
vance of their age - we only break their 
hearts with slander, ridicule, and ne- 
giect, and when that fails to drive them 
to suicide, we bring to bear upon them 
the ponderous pressure of the law, and 
heap upon them the peine forte et dure 
of injunctions, and orders, and suits, to 
ctush them out of a world they have 
had the impertinence to try to improve 
and the folly to imagine they could save 
from suffering without paying in their 
own persons the inevitable penalty of 
crucifixion. Had it not been for the obli- 
gations incurred by Mr. Keely, writes 
Mrs. Bloomfield-Moore in the Philadel- 
phia Inquirer, of Jan. 20th of this year, 
in accepting the aid of the Keely Motor 
Company - in other words, had scien- 
tists, instead of speculators, furnished 
him with the means necessary to carry 
on his ‘work of Evolution,’ the secrets 
which he has so carefully guarded 
would now have been public property, 
so little does he care personally for fi- 
nancial results. As it is, those who have 
witnessed his beautiful experiments in 
acoustics and sympathetic vibration 
were often too ignorant to comprehend 
their meaning, and, consequently, even 
after expressing gratification to him, 
‘went away from his workshop to de- 
nounce him as a Cagliostro, while oth- 
ers, competent to judge, have refused to 
witness the production of the ether, as 
Sir William Thomson and Lord Raleigh 
refused when they were in America a 
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few years since. The company here 
mentioned has been a thorn in the in- 
ventor's side ever since it was orga- 
nized. It has been bulled and heared by 
greedy speculators, in whose varying 
interests the American newspapers for 
years have been worked, the results of 
which the inventor has had to bear. For 
many years the Company has ¢onitrib- 
uted nothing towards Mr. Keely’s ex- 
penses or support, and in the opinion 
of many lawyers it is virtually dead. 
How far it is entitled to his gratitude 
may be gathered from the fact, as stat- 
ed in Mrs. Bloomfield-Moore's article 
above quoted, that when Mr. Keely 
abandoned his old generator of etheric 
force, baffled in his attempts to wrest 
from nature one of her most carefully 
guarded secrets, harassed by his con- 
nection with the Keely Motor Company, 
some of the officers and stockholders of 
which had instituted law proceedings 
against him, which threatened him with 
the indignity of imprisonment, he de- 
stroyed many of his marvelous models, 
and determined that, if taken to prison, 
it meas be his dead body and not him- 
self. 

When the history of his discoveries 
and his inventions come to be written 
there will be no more pathetic story in 
the annuals of genius than that of John 
Worrell Keely. The world hereafter will 
find it hard to believe that in the last 
quarter of the 19th century a man with 
an insight into the secret workings of 
nature, and a knowledge of her subtler 
forces, which, whenever it is utilized, 
will relieve mankind from much of the 
grinding toil that now makes bitter the 
existence of the vast majority of mor- 
tals, that such a man should have been 
left to starve, because in all the ranks 
of Science there was not found one man 
capable of understanding his colossai 
work - because in all the ranks of relig- 
jon there was not found one man able 
to realize the enlarged conception of 
Deity immanent in Keely's great 
thoughts - because in all the ranks of 
commerce, of speculation, of literature, 
of art, there was not found one man 
large enough, generous enough, unself- 
ish enough, to furnish money for a pur- 


12 


Universal Laws Never Before Revealed.. Keely's Secrets 


pose that did not promise an immediate 
dividend. 

It is to a woman, not a man, that 
the eternal honour is due of having 
come to Keely's rescue, and saved hu- 
manity from once more disgracing itself 
by doing genius to death with broken- 
hearted want and neglect. That wom- 
an's name will go down the centuries 
inseparably connected with Keely's dis- 
coveries. Probably no more romantic in- 


. cident ever happened in the ‘history of 


invention than the connection between 
this wealthy and large-minded woman 
and this slandered and persecuted gen- 
jus, and no stranger one than the way 
in which she was led, by a series of 


‘most unfortuitous events, to offer her 


aid. From that day this lady has been 
not only his benefactor, but also his co- 
worker, trusted friend, and courageous 
defender. With the exception of his 
friend, those who have occupied them- 
selves with Keely's discoveries have 
confined their attention to its commer- 
cial value. This was to be expected, for 
Science now is the hand-maid of trade, 
and Religion has become the fawning 
follower of Science. There is. however, a 
higher aspect to Keely’s discoveries, 
and that their value as contributions to 
man's knowledge of Nature and natural 
laws. So far as that is concerned, Kee- 
ly's success is an accomplished fact. 
His work, explaining his whole system, 
is now in the Press, and were he to die 


. tomorrow he will be just as great a fig- 


ure in the world’s history as he would 
be were a thousand speculators to clear 
ten million dollars apiece by his inven- 
tions. Fancy honouring Copemicus or 


_ Galileo because the yelping jackals of 


spéculation, who were their contempo- 
raries, grew fat by feeding on their 


_ brains! 


Whether Keely‘s inventions will be 
commercial success at present is an- 
other matter. The force, or, rather forc- 
es, which Keely handles, are the same 


. as those known under other names in 


Occultism, and it is the belief of Occult- 
fsts that these forces cannot be intro- 
duced into the practical life of men, or 
fully understood by the uninitiated, un- 
til the worid is fit to receive them with 





benefit to itself - until the balance of the 
good and the evil they work is decidedly 
on the side of the goad. Keely himself is 
persuaded that the world will derive al- 
most unmixed benefit from his discover- 
ies; but an Occuitist would prefer te say 
that inventions and discoveries are dis- 
closed to man, rather than to credit 
genius with the elaboration of ideas - 
disclosed, that is to say, through the 
brain of the ostensible inventor by one 
of the higher powers that guide the des- 
tinies of humanity. The discoveries of 
Keely have an occult side, which per- 
haps he himself may not fully perceive, 
but it is upon that side that it depends 
whether those discoveries themselves 
are fitted, by reason of sympathetic vi- 
bration of a still more inner ether than 
Keely has publicly spoken of, to har- 
monize with the mass chord of our 
present civilization, and manifest in the 
material life of man. Occultists believe 
that there are intelligent powers behind 
the visible things and events of life, 
which powers alone can say So far shalt 
thou go, and no further; but they do not 
believe that these powers act as a deus 
ex machina, for in themselves they are 
part of the natural order of things. and 
act in and through material and imma- 


terial nature. We at present in our nor- . 


mal state of consciousness know these 
powers only as forces and laws, and 
when we become conscious of them as 
intelligent entities, we perceive at the 
same time that they themselves are gov- 
erned by higher wills and intelligences, 
which act through them, as they act 
through us, and are to them their force 
and their Laws. ‘ 
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*Occultists see in everything the (to 
us) eternal action of two opposing pow- 
ers or principles, which are ever seek- 

equilibrium, and never find ft, for 
behind them there is a definite tenden- 
cy towards that which we call progress, 
which tendency gives the preponder- 
ance to one of these powers, and thus 
prevents the establishment of equilibri- 
um, in other words of stagnation and 
death. Now all great discoveries are 
manifestations of one of these powers 
or forces only, and, however good in 
themselves, tend to disturb the equilib- 
rium of terrestrial life more than is re- 
quired for the normal rate of universal 
progress; and therefore they produce a 
disproportion of parts, and the opposite 
power or force gathers strength to re- 
sist and check the exaggeration. Al- 
ready, in the estimation of an ever- 
growing number of thinking men, the 
inventions and discoveries of the 
present century have proved them- 
selves a curse rather than a blessing. 
The have raised the world’s standard of 
comfort, and at the same time they 
have lowered the power of purchasing 
these very comforts, a desire for which 
they have generated. The advantages 
that accrue from steam and from ma- 
chinery have not been distributed, but 
have become the property of a small 
minority. Year by year competition is 
becoming fiercer, and labor more ardu- 
ous and continual, and men are grow- 
ing more and more like living ma- 
chines, and the helpless slaves of 
machinery and of institutions. An oper- 
ative, in these days of steam power, has 


less liberty than a slave ever had, ex- 





* Franck, in Die Kabballa, says: We learn, by the last threa Sephiroth, that the Universal Providence, 
that the Supseme Artist, is also Absolule Force, ihe al-powerul Cause; and that, at the same time, this 
cause is the generative element of all that is. It is these jas! Sephiroth that constitule the natural world, or 
nature in its essence and in its Active principle, Natura naturans. This passage is quoted in Isis Unveiled 
{Voti,p.40}, the authoress adding: "This Kabalistic conception is thus proved identical with that of the Hindu 
philosophy. Whoever reads Plato and his Dialogue Timaeus, will find these ideas as faithfully re-echoed by 
the great philosopher." They are all, in fact echoes of the archaic Secret Docirine of the Occultists; and It is 
somewhat singular (pour le dire en passant) that the newspaper press so parsistently refers to Theosophy 
as a new, or new-fangled, religion or philosophy, whereas the ideas now called theosophical are the oldest 
in the world, and may be found, more or less disguised or mutilated, and under many different forma and 
names, in all the great philosophical and religious sytems of antiquity. One is forced to conciude that the 
complaint, so often heard, that competition now compels young people to eam their bread while they ought 
still to be at school, applies with a good deal of force to a certain class of writers for the press. 
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cept in one particular - he has full liber- 
ty to starve, or to work himself to 
death, neither of which privileges an 
owner would allow him. Keely, however, 
‘thinks his discoveries will restore this 
disturbed equilibrium. 

The direct effect of modern discover- 
ies and inventions has been the rise of 
the commercial and economic/system; 
and the inevitable consequence of that 
system has been to deepen the gulf be- 


tween, the poor and the rich. The natu-: 


ral effect of this is an antagonism be- 
tween the two poles of society, which 
has its roots deep down in human na- 
ture and human passions, and this an- 


tagonism is becoming better recognized, . 


and growing in intensity, year by year, 
in so much that it is almost universally 
felt that the only possible outcome from 
it is a social overturning, the date of the 
actual occurrence of which will depend 
chiefly upon the activity of the school- 
boards, and the thoroughness of their 
work. Hardly a man of the 
present day but foresees, sooner or lat- 
ér, a great sociai cataclysm, in which all 
mere political and financial considera- 
tions will be as straws in a whirlwind. 
Now, it would seem that Keely's discov- 


eres tend to develop power over materi- 


al nature in the same direction in 
which that power has been growing 
during the last hundred years. If it be a 
power into the exercise of which there 
enter no moral considerations whatev- 
er, then it is applicable alike for good 
purposes and for evil: and it will be as 
Teady to the hand of the bad man as to 
that of the good. Were such inventions 
given to the world in their complete- 
ness, the whole of the enormous power 
they gave over human life and destines 
would, ft would seem, fall into the pos- 
session of the same small minority who 


at present control the power conferred 7 


by our present inventions and discover- 
ies - the capitalists. If so, that section of 
the community would then, under our 


present institutions, obtain almost ab- - 


solute power over the great majority - 
those who depend upon their labor for 
their support. The capitalists who 
owned the tremendous powers implied 
in a monopoly of Keely’s inventions 
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‘would be practically the absolute mas- 


ters of the people; and obedience to 
their will would be far more really, than 


even now, the condition upon which 


those who were not capitalists also 
would be allowed the means of contin- 


‘ued existence. 


Occultists believe that the world is 
not yet ready for the appearance of 
such tremendous forces on the stage of 
human life. Mankind is too selfish, too 
cruel, too stupid, too pitiless, tao ani- 
mal, to be entrusted with what, in so- 
ber reality, are minor divine powers. 
Such powers could not at present be 
employed for the benefit of mankind 
and for the advancement of the race; on 
the contrary, they would tend to the 
further brutalization and virtual en- 
slavement of the poor, and also to the 
further materialization and moral deg- 
radation of One the rich. In a word, the 
human qualities of justice, mercy, love, 
generosity, unselfishness, have not yet 
grown strong enough in the race, and 
the animal qualities of revenge, anger, 
Jealousy, tyranny, hatred, selfishness, 
are still too in man to make 
the acquisition of almost absolute pow- 
er over nature, and over one another, 
anything but a curse to mankind. It 
would be less disastrous to give dyna- 
mite cartridges to monkeys for play- 


s. 
.__ For this reason Occultists, in gener- 
al, do not regard Keely's discoveries as 
likely to succeed in the commercial 


_ Sense, And at present things have cer- 


tainly a look that is in accordance with 
that opinion. The powers that might be 
expected to intervene in order to pre- 
vent Keely's inventions from becoming 
factors in human life, are, as has been 
said, through human means, and the 
stolid stupidity of the scientists tn re- 
gard to Keely's discoveries, the bovine 
indifference of theologians, the silly ridi- 
cule of the press, the hostility of vested 
interests, the suicidal greed of some of 
the largest shareholders, and the para- 
lyzing influence of the law, which ap- 


. parently lends itself in this case to 


those whose object is simple robbery. 
All these things seem very like the oper- 
ation of the higher controlling powers, 


acting with a consciousness other than 
our consciousness for the attainment of 
ends that transcend our narrow calcu- 
lations. 

Be this as it may, Keely's discover- 
ies, and Keely‘s personality also, have a 
peculiar interest for Theosophists, for 
the force with which he is working is 
without doubt the ether of the ancient 
philosophers, which is one aspect of the 
Akasa, the underlaying great force in 
nature, according to the Secret Doc- 
trine, a force whose existence has been 
recognized from time immemorial under 
various fanciful names, and whose 
property is sound, whether audible or 
inaudible to us; or, in more moder 
language, whose characteristics are vi- 
bration and rhythm. It corresponds to 
the seven-fold Vach of Hindu Philoso- 
phy, and is the raison d'etre of spells 
and Mantrams. It is the basis of harmo- 
ny and melody throughout Nature. This 
force is alluded to many times in Ma- 
dame Blavatsky's Isis Unveiled. On 
page 139, vol I., we read: The Akasa is 
a Sanscrit word which means sky, but 
it also designates the imponderable and 
intangible life principles, the astral and 
celestial lights combined together, and 
which two form the anima mundi, and 
constitute the soul and spirit of man; 
the celestial light forming his nous, 
pneuma, or divine spirit, and the other 
his psyche, soul, or astral spirit. The 
grosser particles of the latter enter into 
the fabrication of his outward form, the 
body. The Akasa is connected on the 
one hand with physical matter and on 
the other with WILL, that intelligent, in- 
tangible, and powerful something which 
reigns supreme 

over all inert matter. Of the Akasa 
in this respect we read on page 144, 
vol,I., of Isia Unveiled: The mysterious 
effects of attraction and repulsion are 
the unconscious agents of that will; fas- 
cination, such as we sec exercised by 
some animals, by serpents over birds, 
for instance, is a conscious action of it, 
and the result of thought. Sealing-wax, 
glass, and amber, when rubbed, te., 
when the latent heat which exists in 
every substance is awakened, attract 
light bodies; they exercise unconscious- 
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ly Will; for inorganic as well as organic 
matter, however infinitesi small it 
may be, possesses a particle of the di- 
vine essence in itself... What is, then, 
this inexplicable power of attraction but 
an atomical pertion of that essence that 
Scientists and Kabalists equally recog- 
nize as the ‘principle of life’ - the Aka- 
sa? Granted that the attraction exer- 
cised by such bodies may be blind; but 
as we ascend higher the scale of organ- 


‘ic beings in nature, we find this princi- 


ple of life developing attributes and fa- 
culties which become more determined 
and marked with every mung of the end- 
less ladder. Man, the most perfect of or- 
ganized beings on earth, in whom mat- 
ter and spirit - 1.e., Will - are the most 
developed and powerful, is alone al- 
lowed to give a conscious impulse to 
that principle which emanates from 
him, and only he can impart to the 
magnetic fluid opposite and various im- 
pulses without limit as to the direction. 
Isis Unveiled was published nearly elev- 
en years ago; and in her forthcoming 
work, The Secret Doctrine, the autho- 
ress enters more fully into this and oth- 
er matters only sketched or hinted at in 
her former volumes. 

It is the fact that Keely is working 
with some of the mysterious forces in- 
cluded under the name Akasa that 
makes his discoveries interesting to 
Theesophists. It is the fact that he has 
shown magnificent courage and fixity of 
‘purpose under every kind of opposition, 
and the fact also that he has been sup- 
ported all thro the generous be- 
Hef that his discovertes will be of ines- 
tmable benefit to mankind that make 


his personality of interest. If he can 


succeed in making his marvelous dis- 


' coveries pay dividends, science may be- 


gin to give attention to them; -for men of 


_ science, like other men, require a sign 
* before they can accept as truth the 


things that are beyond their compre- 
hension, and the value of a scientific 


: discovery is now determined by its mar- 


ket value. 


R. Harte (Sec. T.P.S.) 
July, 1888 
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Etheric Force Identified as 
Dynaspheric Force 


Clara Jessup Bloomfield-Mcore 


"Science is to know things.” 
Herodotus. 


“Knowledge is developed by experience from in- 
nate ideas." 
* Plato 


‘Truth is not attained through reflection, but 
through immediate intuition. We neither originate 
thought nor its form. “ 
Aryan Teachings 
uv 


"It may be said that if all things come from only 
one cause or internal source, acting within itself, 
then motion and matter must be fundamentally 
and essentially one and the same, and we look 
upon matter as being latent force and upon force 
as being free matter. * ‘g 
Franz Hartmann, M.D. 


JOHN WORRELL KEELY---the dis- 
coverer of compound inter-etheric force, 
as operating in the animal organism, 
man - is a great thinker, and a great 
student of the capabilities of nature in 
offering to man's intelligence the means 
whereby he may discover for himself 
the secrets she often veils without en- 
tirely concealing, 

The result of more than twenty 
years of persistent effort to apply this 
force to the operation of machinery has, 
at last, been enabled to produce conti- 
nuity of motion in his engine; but, up to 
this time, he has not so mastered this 
subtle force as to control reversions. 
The development of his various discov- 
erties has been one uninterrupted work 
of evolution, reaching, within the last 
year, he thinks, the sphere of perfect vi- 
bratory sympathy, both theoretically 
and practically. The proof of this is 
found in the fact that he now transmits 
vibrations along a wire, connected at 
one end with the vibratory machine 
which is the source of power, and at the 


other end with the engine or cannon, as 
the case may be, which is operated by 


‘such vibratory power. Until recently, 


comparatively speaking, Keely stored 
force, as he generated it, in a receiver; 
and experiments were made by him in 
the presence of thousands, at various 
times, for the purpose of testing the op- 
erations of this force, liberated in the 
presence of his audience and stored up 
in this small receiver, The editor of the 
Scientific Arena thus describes what 
took place at one of these exhibitions, 
when he was present:---"The confined 
vapor was passed through one of the 
small flexible tubes to a steel cylinder 
on another table, in which a vertical 
piston was fitted so that its upper end 
bore against the underside of a power- 
ful weighted lever. The superficial area 


_ of this piston was equal to one-half of a 


square inch, and it acted as a movable 
fulcrum placed close to the hinged end 
of the short arm of this lever, whose 
weight alone required a pressure of 
1,500 pounds to the square inch 
against the piston to lift it. 

After testing the pressure by several 
small weights, added to that of the lever 
itself, in order to determine haw much 
power had already been accumulated in 
the receiver, the maximum test was 
made by placing an iron weight of 580 
pounds, by means of a differential pul- 
ley, on the extreme end of the long arm 
of the lever. To lift this weight, without 


‘that of the lever supporting it, would re- 


quire a pressure against the piston of 
18,900 pounds to the square inch, 


courting the difference in the length of 


the two arms and the area of the pis- 
ton, which we, as well as several others 
present, accurately calculated. When 
all was ready, and the crowded gather- 
ing had formed as well as possible to 
see the test, Keely turned the vaive- 
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wheel leading from the receiver to the 
flexible tube, and through it into the 
steel cylinder beneath the piston, and 
simultaneously with the metion of his 
1and ‘thé weighted lever shot up against 
distance of several inches, as 
at mass of iron had been only 
‘hen, in order to a ¢ our- 
e full 25,000 p to the 
h claimed, we added most of 
it to the arm of the lever with- 
ng the piston back again. 














essed themselves satisfied, Kee- 
rted his etheric gas to the excit- 
work of firing a cannon, into which 
‘he placed a leaden bullet about an inch 
in diameter. He conveyed the force from 
the receiver by the same kind of flexible 
copper tube, attaching at one end of it 
to the breech of the gun. When all was 
in readiness he gave a quick turn 

to the inlet valve, and a report like that 
ef a small cannon followed, the ball 
passing through an inch board and flat- 
tening itself out to about three inches 
in diameter, showing the marvelous 
power and instantaneous action of this 


strange vapor. 

The difficulty encountered by Keely 
in his old generator of etheric force 
grew out of the fact, in part, that the 
vaporie power produced was so humid 
that he could not, when he attempted 
to utilize it, obtain its theoretical value 
in work. This difficulty has been entire- 
ly overcome by dispensing with the wa- 
ter which he used in liberating etheric 
force, by his old generator; and, by this 
departure, he has attained a success 
beyond that which we anticipated by 
himself, when he abandoned his origi- 
nal line of experiment. Ignorant, in- 
deed, of the nature of Keely's work 
must those men be who accuse him of 
“abandoning his base“ or “principle,” 
each time that he discovers his mis- 
takes:---using them as stepping-stones 
to approach nearer and still nearer to 


his goal. Reproaching him, even, for . 


Keeping his own counsel, until certainty 
of success rendered it prudent for him 
to make known that he had changed 
his field of experiment from positive at- 
traction to negative attraction, he had 
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ting this experiment till | 


succeeded in his efforts to produce con- 
tinuity of motion. Equally ignorant are 
those, who would wrench by force his 
secrets from him before the time is ripe 
for their disclosure. Let us suppose that 
Faraday, when he discovered radiant 
matter in 1816, had formed a “Faraday 
Phosphe-Genetic Radiant Company," to 
enable him to experiment: fully cogni- 
zant of all that Crookes has since dis- 
covered, and had taken for his base in 
experimenting the principle involved in 
Crookes’ discovery. Not succeeding at 
first, we will suppose that the Company 
became clamorous for returns, and de- 
manded that his secret principle should 
be made public. Had he been driven 
into making known. who would have 
credited what Crookes is now able to 
prove? The effect would have been upon 
the Faraday Company the same as if a 
balloon were punctured just as it was 
soaring heavenward. The same with the 
Keely Motor Company, had Keely 
obeyed the order of the Court in 1882, 
and made his marvelous secret public. 
it would have collapsed. Therefore, he 
has maintained his secret in the inter- 
ests of the stockholders of the Keely 
Motor Company with a firmness worthy 
of a Christian martyr. The one person 
to whom alone Keely then disclosed it 
thought him under a delusion, until he 
had demonstrated its soundness. When 
he said, in all solemnity, "Now, I feel as 
if you and I were the god and goddess 
of this world,” the effect upon the hear- 
er was no more than it would have been 
had a patient in a hospital for the in- 
sane spoken the words. Charles B. Col- 
lier, Keely’s patent lawyer, writes as fol- 
lows, concerning the difficulties 
attendant upon “the supposed duty” of 
his client's imp his “secrets,” as 
ordered by the Court to do, some time 
since:--- 

If to-day, for the first time in your 
lives, you saw a harp attuned and being 
played upon, you would hardly expect, 
without considerable time and study, to 
be able to reproduce the harp, attune 
its strings in proper relation to each 
other, and to play upon it so as to pro- 
duce the harmonies which you had lis- 
tened to. Mr. Keely's work is analogous 
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to the illustration which I have present- 
ed, inasmuch as he is dealing with the 
subject of sound, or acoustics, but in a 
much more involved form than as ap- 
pled simply for the production of har- 
monies for the delight of the ear. Mr. 
Keely's engine is analogous to the 
mechanism of the human ear, in the re- 
spect that it is a structure operated 
upon, and its notion induced by vibra- 
tion; and to the end of securing and at- 
, in and by it, uniformity or reg- 
ularity of motion, there must be perfect 
unison or synchronism, as between it 
and his structure which is the prime 
source of vibration. To attain this per- 
fect unison or synchronism, has in- 
volved unparalleled research and exper- 
iment upon his part---experiments that 
have varied from day to day. No one, in 
my opinion, who had not stood by his 
side, as his shadow, wa every ¢x- 
periment, could have kept fully abreast 
of him. To pursue my simile, I may say 
that his harp (engine) is not yet perfect- 
ly attuned ("graduated"); when it is so, 
it will produce nothing but harmony 
(regularity of motion), and his work will 
be finished. 
At such time, | doubt not that he 
will be able to give to Mr. Boekel, myself 
or another, the scale with which to re- 


construct and attune another appara- — 


tus so as to produce like results with it; 
but to go over the ground that he has 
gone over, to explore the wilderness in 
which he has been the pioneer, in other 
words, the study, to a full understand- 
ing of them, of his experiments and re- 
searches, as recorded in his writings 
and illustrated in the beautiful charts 
which he has produced, will be a work 
rather for scientists than for mechani- 
cians or engineers 

Mr. Keely’s "Theoretical Expose” is 
in preparation for the press; and, when 
these volumes are issued, we may look 
for a change of attitude towards him in 
all men who hold themselves ready to 
abandon preconceived notions, however 
cherished, if they be found to contradict 
truths; which, Herbert Spencer says, is 
the first condition of success in scientif- 
ic research. The Rev. J. J. Smith, MA., 
D.D., tells us that the only way the 


great problem of the universe can ever 
be scientifically solved is by studying, 
and arriving at just conclusions with 
regard to the true nature and character 
of force. This has been Mr. Keely’s life 
study; and he is able to demonstrate all 
that he asserts. 

The author of No. 5 of the pamph- 
lets issued by The Theosophical Publi- 
cation Society, "What is Matter and 
What is Force, " says therein, "The men 


_of science have just found out ‘a fourth 


state of matter,’ whereas the occultists 
have penetrated years ago beyond the 
sixth, and therefore do not infer, but 
know of, the existence of the seventh, 
the last. "This knowledge comprises one 


‘of the secrets of Keely's so-called "com- 


pound secret.” It is already known to 
many that his secret includes "the aug- 
mentation of energy, "the insulation of 
the ether,” and the “adaptation of dy- 
naspheric force to machinery.” 
Laurence Oliphant writes: Recent 
scientific research has proved conclu- 
sively that all force is atomic --- that 
electricity consists of files of particles, 
and that the interstellar spaces contain 
substances, whether it be called ether 
or astral fluid (or by any other name), 
which is composed of atoms, because it 
is not possible to dissever force from its 
transmitting medium. The whole uni- 
verse, therefore, and all that it con- 
tains, consists of matter in motion, and 
is ariimated by a vital principle which 


we call God. 


"Science has further discovered that 
thése atoms are severally encompassed 
by an ethereal substance which pre- 


-vents their touching each other, and to 
this circumambient, inter-atomic ele- 
‘ment they have given the name of dyna- 


sphere; but, inasmuch as has further 
been found, that in these dynaspheres 


‘there resides a tremendous potency, it 
is evident that they also must contain 


atoms, and that these atoms must in 
their tum be surrounded by dyna- 


_ spheres, which again contain atoms, 


and so on ad infini Matter thus be- 
comes infinite and indestructible, and 
the force which pervades it persistent 
and everlasting. 

"This dynaspheric force, which is 
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also called etheric, is conditioned as to 
its nature on the quality of the atoms 
which form its transmitting media; and 
-which are infinite both in variety and in 
their combinations. They may, however, 
be broadly divided into two categori¢s; 
viz. the sentient and the non-sentient 
atoms. Dynaspheric force, composed of 
non-sentient atoms, is the force that 
has been already mechanically applied 
by Mr. Keely to his motor; and which 
will probably ere long supersede the 
agencies now used for locomotive, pro- 
jectile, and other purposes. When the 
laws which govern it come to be under- 
stood, it will produce materially a great 


commercial and industrial revolution. . 


There is no hard and fast line between 
the animal and vegetable creation, so 
there is a graduated scale of atoms, be- 
tween which although animated by the 
divine life are not sentient, and those 
which are as highly developed, relative- 
ly to them, as man is to a cabbage." 
"The most remarkable illustration of 
the stupendous energy of atomic vibra- 
tory force is to be found in that singular 
apparatus in Philadelphia --- which for 
the last fifteen years has excited in tum 
the amazement, the skepticism, the ad- 
miration, and the ridicule of those who 
have examined it --- called ‘Keely's Mo- 
tor.” ... "in the practical land of its ori- 
gin, it has popularly been esteemed a 
fraud. I have not examined it personal- 
ly, but I believe it to be based upon a 


sound principle of dynamics, and to be’ 


probably the first of a series of discover- 
jes destined to revolutionize all existing 
mechanical theories, and many of the 
principles upon which they are found- 
ed. Those who are sufficiently: unpreju- 
diced to connect the bearings of this 
discovery, of what must be dynaspheric 
force, with phenomena which have 
hitherto been regarded as supernatural 
by the ignorant, will perceive how rap- 
idly we are bri over the chasm 
which has divided the seen from the 
unseen, obliterating the distinction be- 
tween ‘matier' and what has most erro- 
neously been called ‘spirit. 

In 1882 a woman, coversing with 
Mr. Keely, said, "You have opened the 
door into the spirit world.” He an- 
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swered, “do you think so? ] have some- 
times though I might be able to discov- 
er the origin of life." At this time Mr. 


Keely had given no attention whatever 


to the occult bearing of his discovery; 
and it was only after he had pursued 


‘his researches, under the advantages 


which his small Liberator afforded him 
for such experiments, that he realized 
the truth of this women's assertion. It 
was then, in 1887, that a “bridge of 
mist” formed itself before him, connect- 
ing the laws which govern physical sci- 
ence with the laws which govern spiri- 
tual science, and year by year this 
bridge of mist has solidified, until now 
he is in a position to stand upon it, and 
proclaim that its abutments have a sol- 
id foundation --- one resting in the ma- 
terial and visible world, and the other 
in the spiritual and unseen world; or, 
rather, that no bridge is needed to con- 
nect the two worlds, one law governing 
both in its needed modifications. 

"The physical thing,” writes a mod- 
em scientist, “which energizes and does 
work in and upon ordinary matter, is a 
separate form of matter, infinitely re- 
fined, and infinitely rapid in its vibra- 
tions, and is thus able to penetrate 
through all ordinary matter, and to 
make everywhere a fountain of motion, 
no less real because unseen. It is 
among the atoms of the crystal and the 
molecules of living matter; and, wheth- 
er producing locked effects or free, it is 
the same cosmic thing, matter in mo- 
tion, which we conceive as material en- 


- ergy, and with difficulty think of as only 


a peculiar form of matter in motion.” 

Oliphant, commenting upon this 
view of energy, says: "This {s nothing 
more or less than what we have been in 
the habit of calling ‘spirit. ... “Mind is 
also composed of this extraordinary 
matter; so is will; so is every emotion." 
Jacob Boehme calls it “heavenly sub- 
stantiality," and Swendenborg calls it 
"natural and spiritual atmospheres, 
composed of discrete substances of a 
very minute form.” Professor Crookes 
has invented the word "protyle.” Profes- 
sor Cones calls it “soul-stuff," or bie- 
gen while Occultists call it “astral 

uid." 
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To all who are conversant with Mr. 
Keely's theories a similarity of views will 
be evident. . 

The President of the British Associa- 
tion, Sir Henry Roscoe, in his address 
before that body, said: "In nature there 
is no such thing as great or small; the 
structure of the smallest particle, invisi- 
ble even to our most searching vision. 
may be as complicated as that of any of 
the heavenly bodies which circle round 
our sun.” As to the indivisibility of the 
atom, he asks this question: “Notwith- 
standing the properties of these ele- 
ments have been studied, and are now 
known with a degree of precision for- 
merly undreamt of, have the atoms of 
our present elements been made to 
yield?” He continues: "A negative an- 
swer must undoubtedly be given, for 
even the highest of terrestrial tempera- 
tures, that of the electric spark, has 
failed to shake any one of these atoms 
in two." 

This is an error, for it is well known 
by those who are fully acquainted with 
the principle involved in Keely’s inven- 
tions that the intense vibratory action 
which is induced in his “Liberator” has 
accomplished what the retort of the 
chemist has failed to do, what the elec- 
tric spark has left intact, and what the 
inconceivably fierce temperature of the 
sun and the volcanic fires has turned 
over to us unscathed. The mighty Genil 
imprisoned within the molecule, thus 
released from the chains and fetters 
which Nature forged, has been for years 
the the tyrant of the one who rashly in- 
truded, without first paving the way 
with the gold which he has since been 
accused of using in experiments with 
reckless and wanton waste! For more 
than a score of years has Keely been 
fighting a hand-to-hand fight with this 
Genil; often beaten back by it, para- 
lyzed at times, even, by its monstrous 
blows; and only now so approaching its 
subjugations as to make it safe to har- 
ness it for the work that is calling for a 
power mightier than steam, safer and 
more orm im operation than elec- 
tricity; a power which, by its might and 
beneficence, will ameliorate the condi- 
tion of the masses, and reconcile and 


solve all that now menaces our race; as 
it was never menaced before, as has 
been said. 

The structure of the air molecule, as 
believed in by Keely, is as follows: --- 
Broken up, by vibratory action, he finds 
it to contain what he calls an atomic 
triplet. The position of a molecule, on 
the point of a fine cambric needle sus- 
tains the same relation to the point of 
the needle that a grain of sand sustains 
to a field of ten acres. 

Although, as Sir H. Roscoe has said, 
"In nature there is no such thing as 
great or small,” the human mind can- 
not conceive such infinitesimal minute- 


ness. We will, then, imagine a molecule 


ed to the size of a billiard ball, 
and the atomic triplet magnified to the 
size of three marbles, in the triangular 
position, within that molecule, at its 
center; unless acted upon by electricity, 
when the molecule, the billiard ball, be- 
comes oblate, and the three atoms are 
ranged in a line within, unless broken 
up by the mighty force of vibratory ac- 
tion. Nature never gives us a vacuum, 
consequently, the space within the 





molecule not occupied by the atomic 
triplet must be filled with something. 
This is where the Genii- “the all- 

ether"---has made its secret 
abode through untold eons, during 
which our world has been in course of 
preparation for its release, to fulfill its 
appointed task in advancing the 
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progress of the human race. 

Step by step, with patient persever- 
ance which some day the world will 
honour, this man of genius has made 
his researches, overcoming the colossal 
difficulties which have raised up in his 
path what seemed to be insurmounta- 
ble barriers to further progress: but 
never before has the world’s tiidex fin- 
ger so pointed to an hour when all is 
making ready for the advent of the new 
form of force that mankind is waiting 
for. Nature, always reluctant to yield 
her secrets, is listening to the demands 
made upon her by her master, necessi- 
ty. The coal mines of the worid cannot 
long afford the increasing drain made 
upon them. Steam has reached its ut- 
most limits of power, and does not ful- 
fill the requirements of the age. Elec- 
tricity holds back, with bated breath, 
dependent upon the approach of her 
sister colleague. Air ships are riding at 
anchor, as it were, waiting for the force 
which is to make aerial navigation 
something more than a dream. As easi- 
ly as men communicate with their offic- 
es from their homes by means of the 
telephone, so will the inhabitants of 
separate continents talk across the 
ocean. Imagination is palsied when 
seeking to foresee the grand results of 
this marvelous discovery when onice it 


is applied to art and mechanics. In tak-. 


ing the throne which it will force steam 
to abdicate, dynaspheric force will rule 
the world with a power so mighty in the 
interests of civilization, that no finite 


mind can conjecture the results. Laur- - 


ence Oliphant, in his preface to "Scien- 
tific Religion," says: "A new moral fu- 
ture is dawning upon the human race - 
one, certainly, of which it stands much 
in need." In no way could this new mo- 
ral future be so widely, so universally, 
commenced as by the utilizing of dy- 
naspheric force to beneficial purposes 
in life, thus to all men an- 
other phase of God's “underlying pur- 
pose.” ; 

In 1746, when Franklin's attention 
was drawn to the phenomena of elec- 
tricity, little more was known on the 
subject than Thales had announced 
two thousand years before. Von Kleist 
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in Leyden, Collinson in London, and 
others in as widely-separated cities in 
Europe, were experimenting in the 
same field of research. What our last 
century has done toward subduing this 
tyrant which Franklin succeeded in 
bringing down to earth, from the 
clouds, the next century will see sur- 
passed beyond man's widest conjec- 
tures, should Keely's utilization of this 
unknown force of nature bestow upon 
humanity the costless motive power, 
which he anticipates it will. Reynolds 
predicted that those who "studied the 
mysteries of molecular vibration would 
win the victorious wreaths of successful 
discovery." After such discoveries as 
Mr. Keely has made in this fleld of re- 
search, it matters not to him whether 
he succeeds commercially or not. His 
work of discovery commenced when, as 
a boy of twelve, he held the seashells to 
his ear as he walked the shore and not- 
ed that no two gave forth the same 
tone. From the construction of his first 
crude instrument, his work of evolution 
progressed slowly for years; but within 
the last five years he has made giant 
strides towards the “Dark Tower" which 
is his last fortress to take. When he is 
ready, “Dauntless the slug-horn to his 
lips” he will set; and the world will hear 
the blast, and awaken from its slumber 
into new life. 

Molecular vibration is thus seen to 
be Keely's legitimate field of research; 
but more than once has he had to tear 
down portions of the vibratory scaffold- 


. ing which aided him in the buil up 


of his edifice of philosophy; therefore, 
he is ever ready to admit that some of 
the present scaffolding may have to be 
removed. The charge of “abandoning 
his base,” recently brought against him 
by one of the editors of The New York 
Times, could only have been made by 
one who is utterly ignorant of the sub- 
ject upon which he writes. Under the 
heading "A Cool Confession,” this editor 
asserts that Keely has “given up the 
Keely Motor as a bad job,” and that he 
admits that he is a “bogus inventor’ 
and a “fraud.” This is not true, 

What Keely does admit is that, baf- 
fled in applying vibratory force to me- 
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chanics, upon his first and second lines 
of experimental research, he was 
obliged either to confess a commercial 
failure, or to try a third departure from 
his base or principle; seeking success 
through another channel of experiment. 
While experimenting upon this third 
line, until his efforts were crowned with 
success, he kept his secret from all 
men; with the approbation of the one 
who furnished the money for these ex- 

ents. There is a time when silence 
is golden; and the charge made by the 
same editor that Keely had been “re- 
ceiving money from the Keely Motor 
Company on false pretences from the 
time that he abandoned his original 
plans," could only have been made by 
one who knows nothing of the facts of 
the case: for years have passed away 
since the Keely Motor Company broke 
its contract with him, and since it has 
furnished him with any money for his 

ents. 

But let Keely speak for himself in 
reference to his work: --- "In considering 
the operation of my engine, the visitor, in 
order to have even an approximate con- 
ception of its modus operandi, must dis- 
card all thought of engines that are oper- 
ated upon the principle of pressure and 
exhaustion, by the expansion of steam 
or other analogous gas which impinges 
upon an abutment, such as the piston of 
a steam-engine. My engine has neither 
piston nor eccentrics, nor ts there one 
grain of pressure exerted in the engine, 
whatever may be the size or capacity of 
it. 

"My system, in every part and detail, 
both in the developing of this power and 
in every branch of its utilization, is 
based and founded on sympathetic vt- 
bration. In no other way would it be pos- 
sible to awaken or develop this force, 
and equally impossible would it be to op- 
erate my engine upon any other princt- 
ple. 

"All that remains to be done is to se- 
cure a uniform speed under different ve- 
locities and control reversions. That I 
shall accomplish this is absolutely cer- 
tain. Some few years ago, I contempilat- 
ed using a wire as a connective link be- 
tween two sympathetic mediums, to 


evolve this power as also to o, -.ate my 
machinery --- instead of tubular connec- 
tions as heretofore employed --- I have 
in accomplishing 
successfully such change. This, howev- 
er, is the true system; and henceforth all 
my operations will be conducted in this 
manner-—that is to say, the power will 
be generated, my engines run, my can- 
non operated, through a wire. 

"ft has been only after years of in- 
cessant labour, and the making of al- 
most enumerable experiments, involving 
not only the construction of a great 
many most peculiar mechanical struc- 
tures, and the closest investigation and 
study of the phenomenal properties of 
the substance “ether,” per se, D 
that I have been able to dispense with 
complicated mechanism, and to obtain, 
as I claim, mastery over the subile and 
strange force with which I am dealing. 

"When my present process of ad- 
justment is completed, the force, the 
mechanism, and all that pertains to it, 
will be explained in a theoretical expost- 
tion of the subject, with appropriate dia- 
grams, which I shall publish to the 
world; through the medium, and my pat- 
ents, when taken out, a knowledge of all 
that is required for its commercial em- 
ployment will be more easity acquired 
than is the necessary skill required to 
enable one to safely operate a sizam- 


“My power will be adapted to en- 
gines of all sizes and capacities, as well 
to an engine capable of propelling the 
largest ship as to one that will operate a 
sewing machine. Equally weil and cer- 
tain is it that tt will be adapted as a pro- 
jectile force for guns and cannons of all 
Sizes, from the ordinary shoulder-piece 
to the heaviest artillery.”.... 

When Keely in 1887 obtained conti- 
nuity of motion (for a time) in his en- 
gine he thought that his last difficulty 
had been overcome: but, up to the 
present time, he has not succeeded in 
governing its speed nor in controlling 
reversions. He has, however, again re- 
duced in size the instrument with 
which he produces force. From 1882 to 
1884 the "Generator" was a structure 
six feet long and correspondingly wide 


23 


and high; but, failing in his attempt to 
make an automatic arrangement upon 
which its usefulness in mechanics de- 
pended, Keely found a new standard for 
research in an experiment often made 
by himself, but never before successful, 
which resulted in the production of a 
machine in 1885 which he; named a 
“Liberator” --- not so large as a lady's 
small round work-table, Continuing his 
labor of evolution Keely within one year 
made such astonishing progress, from 
experiments with this beautiful piece of 
vibratory mechanism, as to combine 
the production of the power, and the 
operation of the cannon, his engine and 
his disintegrator in a machine no larger 
than a dinner plate, and only three ‘or 
four inches in thickness. This instru- 
ment was completed in 1886, up te 
“which time his experiments had been 
conducted upon a principle of sympa- 
thetic vibration, for the purpose of liber- 
ating a vapour or etheric product. His 
later experiments have been confined to 
another modification of the vibratory 
sympathy; and the size of the instru- 
ment used now, ‘88, for the same pur- 
poses is no larger than an old- 
fashioned silver watch, such as we see 
in Museum collections. The raising of a 
lever with an apparent uplifting expan- 
sive force of between 20,000 and 
30,000 pounds to the square inch, the 
running of the engine, the firing of the 
cannon, are conducted without one 
ounce of pressure in any part of the ap- 
paratus, and without the production or 


presence of what has been known as 


Keely’s ether. The force is. now trans- 
mitted along a wire (of platinum and 
silver), and when the lever is towered 
there is no exhaustion, into the atmos- 
phere of the recom, of any up-lifting va- 
por, as was always the case when ether 
was used in this experiment; nor is 
there any vapor impinging upon the 

piston under the lever to raise it. 
“*- Keely has named this new 
“--ea in nature 
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been experimenting with, and the phe- 
nomena atten: them, are the very 
antithesis of each other. Keely does not 
feel the shadow of a doubt as to his 
eventual success in producing engines 
of varying capacities; small enough, on 
the one hand, to operate sewing ma- 
chines with, and large enough, on the 
other hand, to propel the largest ships 
that plough the seas. Every fact and 
feature surrounding the case warrants 
the belief, notwithstanding the incre- 
dulity of all who have not witnessed the 
progress of Mr. Keely. step by step, that 
his success will be complete, and his 
work stand as the most colossal exam- 
ple of the survival of the fittest. in the 
process of inventive evolution. Cox 
says: "not one of the great facts which 
science now accepts as incontrovertible 
truths but was vehemently denied by 
the scientists of its time:---declared to 
be a priori impossible, its discoverers 
and supporters denounced as fools and 
charlatans, and even investigation of it 
refused as being a waste of time and 
thought." "History repeats itself." and 
Amiel's definition of science gives the 
key to the incredulity of scientists in 
reference to Mr. Keely's discovery; for if, 
as Amiel has said, “science is a lucid | 
madness occupied with tabulating its 
own hallucinations,” it is not strange 
that men of science should refuse to in- 
vestigate what they consider the hallu- 
cinations of others. 

Ht is an undisputed fact that “too 
much has been conceded to science, 
teo little to thase sublime laws which 
make science pessible.” But the one law 
which regulates creation, and to which 


* A system of pendulums tuned to swing the 
various ratios of the musical scale, form a "Silent 
Harp" of extraordinary interest. This “Silent Harp,” 
D.C.Ramsay, of Glasgow, has shown to his stu- 
dents of harmony for many a year. A pen, placed 
by means of a universal-jointed arrangement be- 
tween any two pendulums of this "Silent Harp,” so 
as to be moved by a blend of their various mo- 

_ 7 writes. with all the precision of gravitation, a 
To stetodes . trasey corresponding 
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all other laws are made subservient, 
keeping in harmony the systems upon 
systems of worlds throughout space, 
developing sound and colour, animal 
and vegetable growth, the crystalliza- 
tion of minerals, is the hidden law, 
which develops every natural science 
throughout the universe; and which 
both Kepler and Newton anticipated 
would be revealed in our age. "You can 
even trace the poles in sound," writes 
Mrs. F. J. Hughes, a niece of Darwin, in 
her work upon the "Evolution of Tones 
and Colours." The experiments made by 
Mrs. Watts Hughes, at the annual Re- 
ception of the Royal Society, and the 
Pendulograph* writings by Andrew of 


Belfast, have a b upon Keely’s 
discovery; illustrating the workings of 
this hidden law of nature. 


Of all women Mrs. Hughes ap- 
proaches nearest to the theories of Mr. 
Keely. Concerning them she writes to a 
friend well versed in music, as music is 
taught: - “From ignorance of the 
present Science of Musicians, which 
you know so thoroughly, it is easier for 
me to grasp his meaning, than for you. 
I have lately been proving by scriptural 
types how Nature's laws in the lower 
creation develop by fifths below and by 
fourths above the key-note, the two 
meeting in one harmony: art 
both, creating discords, and undulating 
them into harmony. Dr. C. Martin says: 
- ‘Musicians must have discords; the 
ear is educated to them: but every one 
must allow that the nearer Art follows 
nature, the more perfect it is.' Mrs. 
Hughes adds: "I think Keely must have 
caught the center where both laws 
unite, or act upon Nature's law only.” © 

Of the law of periodicity, Hartmann 
writes: “Its actions have long ago been 
known to extsi-tn the vibrations produc- 
ing light and sound, and it has been rec- 

in chemtstry by experiments 
tending to prove that all so-called simple 
elemenis are only various states of vi- 
bration of one primordial element, mant- 
Jesting itself in seven principal modes of 
action, each of which may be subdivided 
into seven again. The difference which 
exists between so-called single sub- 
stances appears, therefore, to be no dif- 


ference of substance or matier, but only 
a difference of the function of matter in 
the ratio of its atomic vibration.” It is by 
changing the vibrations of cosmic ether 
that Mr. Keely releases this energy, and 
Dr. Kellner in Austria produces electric- 
ity in the same way; while it is said that 
a chemist in Prague produces magne- 
tism; also Dr. Dupuy, of New York, who 
has been for years experimenting in 
this field without meeting with Keely's 
progressive successes. 

Horace Wemyss Smith, in commentt- 
ing upon the fact that, at the time of 
Franklin's discovery, men in France, in 
Belgium, in Holland, and in Germany 
were pursuing the same line of experi- 
ment, says that there is something wor- 
thy of observation in the progress of sci- 
ence and human genius, inasmuch as 
in countries far distant from each other 
men have fallen into the same tracks, 
and have made similar and correspond- 
ing discoveries, at the same period of 
time, without the least communications 
with each other.. 

Laurence Oliphant’s recent works 
give us the clue to an explanation of 
this fact; and Lowe, in his Fragments of 
Physiology. condenses the answer in 
these words: "Man is not the governor 
and commander of the created world; 
and were it not for superhuman influ- 
ence constantly flowing into created 
forms, the world would perish in a mo- 
ment. It is this superhuman influence, 
felt most by those who have educated 
the hidden sense (with which all men 
are born), which inspires all discovery, 
all invention, all poetry, all of truth, let 
it take whatever form it may. This sixth 
sense is as much undeveloped in the 
mass of mankind as sight would be had 


.we been born with our eye-lid sealed; 


able to distinguish nothing beyond the 
period of day-light from the reign of 
night, and remaining sealed all the 
years of our life upon earth. We know 
that some spiritually minded persons 
seem to possess powers unknown to 
those who are spoken of in Scripture as 
the carnal minded ; and it may be that 
with dim vision they are able to discern 
as in a glass darkly, without education 
of this hidden sense, truths which are 
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hidden from others. Of such are men 
and women of genius. Again, there are 
others who possess uncertain, unrelia- 
ble powers, which often lead astray 
those who commit themselves to the di- 
rection of these powers. What infallible 
medium of superhuman influence? 
Spiritualism represents a great truth, 
behind the spiritism which stands in 
the same relation toward it that coun- 
terfeit coin holds to sterling gold. The 
operations of our sixth sense are as li- 
able to be deceptive as are the opera- 
tions of our other senses; and are limit- 
ed or governed by law in the same way. 
We cannot see in total darkness, and 
this hidden power, susceptible of edu- 
cation, can only be brought into use by 
an illuminated mind; a mind that has 
studies the laws of evolution and invo- 
lution, the descent of spirit into matter, 
and the re-ascension of matter to spirit 
- laws of the life-impulse beginning in 
the elemental kingdom and ending in 
an evolution of man, far beyond the 
comprehension of man of the present 
day. Man and woman as units, contin- 
ues Oliphant, are still so ignorant of the 
great powers which they themselves in- 
herit that they wholly fail to see them, 
though they sweep like mighty seas 
throughout all human nature. 

When mankind has become suffi- 
ciently spiritualized by the process of 
evolution laid down in the plan of the 
great Master, then shall we know our- 
selves and our powers as we are known: 
to Him. True Science must first open 


wider the path of religion - a religion of — 


progress, a religion suited to the wants 
of humanity, as well as a humane relig- 
ion - the religion, taught by our Holy 
Master, of love for our fellow-men, of 
harmony with all that is good - at war 
only with evil; not with those who, 
warped by transmitted tendencies, 
commit evil. An eye for an eye, a tooth 
for a tooth, is the old Jewish law. 
Christ's law is the law of love, which is 
God's law. Do unto others as ye would 
have others do unto you ; and this is 
the law which we need to fulfil, in order 
to purify and regenerate mankind. 
Hitherto we have been, in one re- 
spect, like the laborer in Tolstoi’s Con- 
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fession, doing the work assigned him, 
in the space assigned, without under- 
standing where he was, or what the re- 
sult would be, and unable to judge 
whether the arrangements for this work 
were reasonably planned by his master 
or not. The laborer worked the handle 
of a pump, he saw the water flow into 
numerous channels for irrigation of the 
soil; little by little, shrubs grew and 
blossomed and bore fruit,, and the la- 
borer passed on to more important 


work, understanding better and better 


the arrangement of the establishment, 
and never doubting that fts Lord had 
planned all for the best. Our race has 
been pumping water for generations, 
planting the seed, watching the growth 
of the plants, the shrubs, and the trees; 
not always satisfied, however, that the 
Creator of the universe had planned as 
well as all might have been planned, or 
that there was any plan, or any Crea- 
tor. 

There are men in various parts of 
the world, unknown even by name to 
each other, who tell us by the sign of 
the times that the season of harves 
is approaching; the season for gather- 
ing the fruit, which has been deferred, 
century after century, because man- 
kind is yet not ready, in the opinion of 
many, to share the fruit with one an- 
other. 

Hyndman says that capitalism has 


' been as necessary as serfdom in the 
progress of the human race; and its 


stores will continue to be garnered and 
used to spread the great net-work of 
railways, steam navigation, telegraph 
and telephone lines, which have given 
bread to millions and millions; encour- 
aging paid labor and penging nearer 
and nearer the age of love and harmo- 
ny, which, it has been predicted that 
the twentieth century will usher in. 
Renan, the French theologian, writ- 
ing of the advances to be made in sci- 


_ence by the discovery of nature's se- 


crets, said that, although he had 
ceased to look forward to anything very 
unexpected, he envied those who 
should live to see the wonders of the 
twentieth century. For, he added they 
who live then will see things of which 
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we have no conception. Already the 
light of a new dawn is breaking upon 
the world of science. These foretold ad- 
vances are heralded by the modifica- 
tions of force, before alluded to. The in- 
strument invented by Dr. Kellner 
collects and produces electricity directly 
from the ether of the atmosphere with- 
out any friction of solid corporeal sub- 
stances and without any chemical 
agency; the invention of one of the 
Prague professors, which, it is said, col- 
lects and gives out magnetism, seeming 
to be derived from changing the vibra- 
tions of cosmic ether, as in Keely’s and 
Kellner’s experiments, and other more 
recent discoveries. 

It has been said that when Keely's 
vibratory force shall have taken the 
place of steam-engines, the millions of 
working men who gain with difficulty 
their daily bread by the work of their 
hands, will find themselves without oc- 
cupation. The same prediction was 
made in regard to steam, but instead 
we find the city of Boston giving work to 
thirty thousand men in one manufacto- 
ty of boots and shoes by steam, in 
place of the three thousand shoemak- 
ers who were all that were occupied in 
this branch of labor in that city when 
the work was done by hand. 

Dr. Kellner's colleague, Franz Hart- 
mann, M.D., writing in reference to 
Keely’s discovery, says: I -have taken 
great interest in him ever since I first 
heard of him in 1882. As gaslight has 
driven away, in part, the smoky petrole- 


um lamp, and is about to be displaced’ 


by electricity, which in the course of 
time may be supplanted by magnetism, 
and as the power of steam has caused 
muscular labor to disappear to a cer- 
tain extent, and will itself give way be- 
fore the new vibratory force of Keely, 
likewise the orthodox medical quackery 
that now prevails will be dethroned by 
the employment of the finer forces of 
nature, such as light, electricity, mag- 


netism, etc. 

When the time is ripe, these are of 
the true scientists who will come to the 
front to lead as Progress leads, men 
who know how to wait upon God, viz., 
to work while waiting; and to such the 
end is, sooner or later, victory! God nev- 
er hurries. He counts the centuries as 
we count the seconds, and the nearer 
we approach to the least comprehen- 
sion of His underlaying purpose the 
more we become like Tolstoi’s laborer, 
who knew that the fruit was ripening 
for him and his fellow-men, trusting im- 
plicitly in the superior wisdom of his 
master. 


"Evermore brave feet, in all ages. 
ee the heights that hide the coming 

ys 

Evermore they cry, these seers and sages, 
From their cloud, "Our doctrines make no 
wa eee : . 

All too high they stand above the nations, 
Shouting forth their trumpet-calls 
sublime, 

Shouting downwards their interpretations 
Of the wondrous secrets born of time. “ 


No man, whose sptritual eyes have 
been opened to "discern the signs of the 
times,” can doubt that we are on the 
eve of revelations which are to usher in 
the dawn of a brighter day than our 
race has yet known; and no prophecy of 
this brighter day. foretold by prophets, 
apostles, and inspired poets, was ever 
made in truer strains than in these glo- 
rious lines of Elizabeth Barrett Brown- 
ing:--- 


"Verily many thinkers of this age. 
Aye, many Christian teachers, 
_ half in heaven, 
Are wrong in just my sense who understood 
Our natural world too insularly, as if 
No spiritual counterpart completed it, 
Consummating its meaning, rounding a 
To justice and perfection, line by line. 
Form by form, nothing single nor alone; 
The Great Below clenched by the Great 
Above.” 
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MUSICAL CHART BY WHICH KEELY 
CLAIMED TO HAVE DISCOVERED 
HIS ‘‘ETHERIC"’ FORCE. 


One Phase of Keely's Discovery in Its 
Relations to the Cure of Disease 


Clara Jessup Bloomfield-Moore 


"| know medicine is called a science. lt is 
nothing like a science. It is a great humbug! Doc- 
tors are mere empirics when they are not charla- 
tans. We are as ignorant as men can be. Who 
knows anything In the world about medicine? 
Gentlemen, you have done me the honour to 
come here to attend my jectures, and | rijust tell 
you now, frankly, in the beginning, that 1 know 
nothing about medicine, nor do | know anyone 
who does know anything about It. Nature does a 
great deal, imagination does a great deal, doctors 
do devilish litte when they do not do harm. Sick 
people always feel they are negiected,*unless 
they are well drugged, les imbeciies!". 3 

Professor Magendie; 
(before the students of his class.in The 
Allopathic College of,Paris ) 


In the year 1871, the writel was 
sent from Paris to Schwalbach, by Dr. 
Beylard, and recommended to the care 
of Dr. Adolph Genth. She said to the 
physician, ] wish for your opinion and 
your advice, if you can give it to me 
without giving me any medicine. He re- 
plied, With ali my heart, madam: and I 
wish to God there were more women 
like you, but we should soon lose most 
of our patients if we did not dose them. 


This is a terrible excuse for the use 


of those agencies which Dr. John Good 
says have sent more human beings to. 
their graves than war, pestilence and fa-. 


mine combined. Keely holds the opinion . 


that Nature works under the law of 
Compensation and Equilibrium---the 
law of Harmony; and that when disease 
indicates the disturbance of this law Na- 
ture at once seeks to banish the disease 
by restoring equilibrium, He seeks to 
render assistance on the same plan; re- 
placing grossly material agencies by the 
finer forces of nature; as has been so 
successfully done by Dr. Pancoast and 
Dr. Babbitt in America. It was the inten- 
tion of Dr. Hartmann to establish a The- 


osophical Sanatorium at Goritz, in Aus- 
tria, this summer, where medicine 
would be dispensed with: but his plans 
have been interfered with by his visit to 
America, where he went last March for 
the purpose of ascertaining Mr. Keely's 
views in reference to the best manner of 
conducting experimental research in 
reférence to the restoration of equilibri- 
um in the human system; the distur- 
bance of which occasions local disor- 
ders and all disease, according to his 
ideas. Paracelsus held that Man ts made 
out of the four elements, and is nour- 
ished and sustained by magnetic power, 
which is the Universal Motor of Nature. 
He treated disease in two ways - Sympa- 
thetically and Antipathetically; but only 
a fragmentary trace of his system can 
now be found. Nature, says Dr. Pan- 
coast, author of The True Science of 
Light, works by antagonism in all her 
operations: when one of her forces over- 
does its work, disease, or at least a local 
disorder, is the immediate consequence; 
now, if we attack this force, and over- 
come it, the opposite force has a clear 
field and may re-assert its rights---thus 
equilibrium js restored, and Equilibrium 


_ is heatth. 


The Sympathetic System, instead 
of attacking the stronger force, sends 
recruits to the weaker one, and enables 
it to recover its powers; or, if the disor- 
der be the result of excessive tension of 
Nerves or Ganglia, a negative remedy 
may be employed to reduce the tension. 
Thus, too, equilibrium is restored. 

Dr. Hartmann disclosed to me in 
one of his letters that he knew the most 
important secret involved in Mr. Keely's 
compound secret. But he had not in any 
way connected this so-called secret with 
Mr. Keely. In one of Dr. Hartmann's let- 
ters to me, he writes - 

Mr. Keely is perfectly right in saying 
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Aphids are tiny little insects that love sweet, sweet sap. They're very smali—you could probably fit more than 50 on a 
penny. 


that all disease is a disturbance of the 
equilibrium between positive and nega- 
tive forces. In my opinion, no doctor 
ever cured any disease. All he can possi- 


bly do is to establish conditions under = 


which the patient (or nature) may cure 


himself. The untversal power which Mr. . 


Keely calls the ether. and, which Dr. 
Kellner calls transitory element, was 
known to medieval philosophers as pri- 
ma materia, will and thought: or, ac- 
cording to Schopenhauer, will and 


imagination are substance. I recognize — 


only one universal and fundamental 
power, which I call consciousness, act- 
ing within matter by means of thought; 


and I have no doubt that you already ~ 


know that we agree all around, al- 
though we may not all use the same 
terms to signify the same objects. In 
your most important papers, I have 
found my own sentiments and views re- 
flected: and I have in my books on Mag- 
ic, Paracelsus, and the Rosicrucians, at- 
tempted to explain these identical views. 
Why will our scientists insist on refus- 
ing to see the self-evident fact that ail 
visible material substances, animal or- 
gans, etc., are nothing else than the ul- 


timate products of pre-existing psychic 


(interior and invistble) forces? These 
facts were all known to the ancient phi- 
losophers; while the moderns insist on 
mistaking the effects for the cause. They 
reject the idea of God (the primordial 


cause of all in its highest aspect of spiri-. 


tual consciousness) because they 
formed a misconception of that which is 
intellectually inconcetvable; they found 
that God could not be that which they 
had imagined, and they logically{?) con- 
cluded that there could be no. Divine 
power at all. But this subject is too 
grand, too sublime, and extensive to be 
more than alluded to in this letter, and I 
merely write these remarks to show you 
that your views, those of Mr. Keely, and 
my own are all identical, as they, in- 
deed, must be with those who are capa- 
ble to perceive self-evident truth; for the 
truth is only one, and all who know it 
possess that same identical knowledge. 
Mr. Keely’s power seems to be derived 
by changing the vibrations of cosmic 
ether. The machine which my friend Dr. 
Kellner has invented seems to be based 
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upon the same principle, only, while Mr. 
Keely transforms these vibrations into 
some force connected with sound, Dr. 
Keliner's machine transforms them into 
elctricity. Again, Dr. Hartmann writes: 
Even to the superficial observer, the fact 
that the world is becoming more and 
more spirltualized, from top to bottom, 
begins to be evident. ‘The crude sclentif- 
ic opinions which were prevailing in the 
beginning of the century are disappear- 
ing before a higher knowledge in regard 
to the Jaws of nature; the materialism 
which flourished twenty years ago, the 
offspring of animalism and ignorance, 
has almost disappeared from view, and 
has to descend to the lowest strata of 
society to find admirers. The iron rod, 
with which a self-conceited and arro- 
gant sacerdotalism ruled the people, 
has been broken, and its remnants exist 
only in those countries where priest- 
craft is upheld and abetted by kings 
and governments. 

If you enter the field of therapeutics 
and medicine, we find a decided fermen- 
tation of new ideas; not among the fossil 
specimens of antediluvian quackery, 
but among those who are called irregu- 
lars, because they have the courage to 
depart from the tracks trodden out by 
their predecessors. The more intelligent 
class of physicians have long ago real- 
ized the fact that drugs and medicines 
are perfectly useless, excepting in cases 
where diseases can be traced to some 
mechanical obstruction, in some organ 
that may be reached by mechanical ac- 
tion. In all other cases our best physi- 
cians have become agnostics, leaving 
nature to have her own way, and ob- 
serving the expectative method, which, 
in fact, is no method of cure at all, but 
merely consists in doing no harm to the 
patient. Recently, however, light, elec- 
tricity, and magnetism have been em- 
ployed; so that even in the medical guild 
the finer forces of nature are taking the 
place of grossly material, and therefore 
injurious substances. The time is prob- 
ably near when these finer forces will be 
employed universally. Everywhere the 
leaven 1s working, and many are asking, 
‘What causes it to work?’ The answer is 
‘It is spirit working in matter. But the 
term 'spirit' is to the majority of man- 
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kind a term without any meaning, a 
nonentity. Nevertheless, the action of 
that power which is called cohesion, 
and which is equally invisible, but 
which really holds the atoms of all bod- 
fes together and prevents them from 
dissolving into tangible ether, is contin- 
ually manifested before their eyes. Why 
should not the opposite form of activity, 
that which enters between the atoms 
and separates them, likewise be a reali- 
ty? The scientist will answer, We know 
this activity, and we call it heat. What 
has heat to do with spirit?’ It has been 
demonstrated long ago that heat is a 
mode of motion, and likewise every oth- 
er form of energy (including spiritual ac- 
tivity) is nothing else but a mode of mo- 
tion. Motion is that universal agent 
which is fundamentally and essentially 
only one, but whose mede of manifesta- 
tion differs according to the conditions 
under which it manifests itself. Acting 
without relative consciousness, it is 
known as gravitation, attraction, heat, 
light, sound, electricity, magnetism, etc. 
In a higher state it is known as life, and 
becomes endowed with relative con- 


sciousness, actipg in the highest plane 
of existence it bééqrges, self-conscious 
and self-existent, and is‘alled spiritual 


power. But there is no motion gt 
without a substance to movesanes 

imagine a force without Maherfenor 
matter without energy. er erg t, 
therefore, be one original subs 
primordial:‘matter, although of a kind 
very different from the form in which it 
appears to us on the externally visible 
plane. The existence of this primordial 
substance was known to the spiritual 
perception of the ancient Rosicrucians, 
and some of them have, by logical can- 
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clusions, arrived at a belief in its exis-’ 


tence, and named it Cosmic Ether; 
while by the Eastern sages it was called 
Akasa. We therefore see that there is 
one primordial and universal power , 
which is Motion: and, likewise, one pri- 
mordial and universal substance which 
we may call Ether, or Matter; and that 
all existing forms can be nothing else 
but various shapes of that Ether in vari- 
ous states of density, and ae un- 
der various conditions, while all forms 
of energy, from the most grossly materi- 
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al up to the highest spiritual seem to be 
merely modifications of motion in Ether, 
manifesting themselves in various con- 
ditions and under various circumstanc- 
es, unconsciously, consciously, and 
with self-consciousness. Furthermore, it 
may be said that if there is only one 
God, that is to say, if all things come 
from only one cause of internal force 
acting within itself, then motion and 
matter must be fundamentally and es- 
sentially one and the same, and we may 
look upon matter as being latent force 
and upon force as being free matter. Fi- 
nally, if the great first cause is not to re- 
main eternally in a state of inactivity, 
or, in other words, if it is to manifest it- 
self as matter and motion, and if motion 
is to act within matter, then there must 
be a cause why such an activity takes 
place, and this cause can be nothing 
else but the eternally active Great First 
Cause itself, because there can be only 
one universal cause and no other. This 
is a self-evident truth to all who are able 
to see it. There can be no special name 
for that cause, because it is in itself the 
all and cannot be specified, for it is, in 
itself, everything that exists. It, howev- 
er, appears to us in manifold aspects, 
and according to the aspects under 
which it appears, we may give to it dif- 
ferent names. Looked at in its aspect as 
an. universal power, which causes ac- 
tion and reaction, we may call it the 
will, existing within all forms in an ac- 
tive and latent condition. Whenever it 
becomes active, it may act unconscious- 
ly, -‘ consciously, or with — self- 
consciousness, according to the condi- 
tions under which it is active. 

The great and universal trinity of 
cause, motion, matter---or, as others 
call it, will, thought, and manifestation- 
--was known to the ancient Rosicru- 


‘clans and adepts as prima materia. Par- 


acelsus expressly states that each of the 
three is also the other two, for nothing 
can possibly exist without cause, mat- 
ter, and energy, Le., spirit, matter, soul, 
the ultimate cause of existence being 
that it exists. We may, therefore, look 
upon all forms of activity as being an 
action of the universal or Divine will 
upon the ether...It would be useless for 
us to speculate about the spiritual pow- 
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er of the will if acting through the or- 
ganism of an adept; but we may study 
the effects of that same will-power when 
it acts within a more material plane, 
where it is known to us as causing heat, 
light, sound, electricity, and magnetism. 


All these forms of energy may theoreti- . 


cally be transformed one into another, 
because they all manifest thefnselves as 
various rates of vibrations or undula- 
tions of the ether which is contained in 
everything; and if we can change the 
rate of these vibrations, we may trans- 
form one form of energy into another. 
For a long time it has been known 
to modern science that one form of en- 
ergy can be transformed into another, 
although with a certain amount of loss; 
and it was believed impossible that one 
amount of energy, if transformed into 
another, would cause more than the 
same amount to become manifest. The 
cause of this false conclusion rests in 
the still prevailing misconception that a 
form or substance creates or produces 
an energy, while, in fact, the form is 
only an instrument through which the 
universal and pre-existing motion 


Worlds and planets are the prod- 
ucts of the pre-existing cosmic ether or 
space, and not the ether the products of 
the planets! The same fundamental law 
evidently exists in all departments of 
nature, manifesting itself differently ac- 
cording to the difference of conditions 
under which it acts. Universal forces are 
bound into forms, and the forms dis- 


solved into forces. Every form, on giving 


up its ghost, renders to the universal 
storehouse that which has been en- 
tornbed in the form, but no more; in the 
same sense as steam, cooled off into wa- 
ter and frozen into an icicle, will, if heat- 
ed, produce the same amount of heat 
again. The universal forces exist not 
merely in the form, but also in the uni- 
versal storehouse in nature. By means 
af a glass lens we may collect the heat 
which exists in the light of the sun's 
rays and set a piece of wood on fire. No 
heat exists in the wood; it is merely a 
certain motion of the ether, which has 
been latent, and which is rendered free 
by the process of burning. As in heat, so 
in sound. No sound exists in a fiddle; it 
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is the ether in the atmosphere which is 
transformed into vibration of sound by 
the instrumentality of the fiddie. No 
light exists in the fire; it is merely the 
ether which, by the process of combus- 
tion, is transformed into certain vibra- 
tions which ultimately produce the phe- 
nomenon called light. No magnetism 
exists in iron; but ether, in a certain 
state of vibration which we call magnet- 
ic, acts through the instrumentality of 
the iron. No life is produced through a 
vegetable or animal organism; but they 
are instruments through which the uni- 
versal element may manifest itself as 
life. No thought is created with the 
brain; but the brain is an instrument 
through which the universal mind oper- 
ates. No love, will, faith, or any other 
spiritual power is created by the soul; 
but the sole is an organism through 
which these eternal and self-existent 
powers may become manifest. There is 
before me a little electrical instrument, 
invented by a well-known Austrian in- 
ventor, which collects and produces 
electricity directly from the ether of the 
atmosphere without any friction of solid 
corporeal substances and without any 
chemical agency. Moreover, the amount 
of electricity produced by it is far great- 
er than that produced by a great engine 
with friction; a continuous stream of 
electric fire proceeds from it five to sev- 
en inches in length. It clearly proves 
that the electricity does not reside in the 
substance by means of which it is pro- 
duced, but in the ether contained in the 
atmosphere, from which it is collected 
by means of the instrument and ren- 
dered perceptible to our senses. It also 
shows that electricity(ie., the ether in 
that state of atomic vibration which we 
call electricity; as this is Keely's defini- 
tion of electricity, it should not be at- 
tributed to Hartmann;) is something 
substantial, for it produces an electric 
gush of wind similar to the vapour pro- 
duced by an atomizer; or still more re- 
sembling the cold gushes known to spir- 
itualists, and which often occur at the 
beginning of some so-called spiritual 
manifestation....If we had any means to 
induce certain vibrations of ether in the 
air, or in the ether of space, by produc- 
ing them in some substance able to 


communicate them to the ether of 
space, we might set the whole atmos- 
phere, or even ali the ether of space, 
into certain vibrations, and exercise a 
power whose limits cannot be estimated 
by our present comprehension. On the 
material plane we can only deal with 
those powers which we can insulate or 
store up in a form. We can store up 
heat, light, electricity, magnetism, and 
motion; but we cannot store up ether in 
its original form, because it prevades all 
known substances. There is nothing 
which offers any resistance to it. We 
can, therefore, deal with ether only 
when it becomes manifest to us through 
the instrumentality of a substance or 
for; that is to say, we can deal with it 
when transformed into heat, electricity, 
etc. Then it has entered into a state 
which renders it capable to be insulated 
by certain substances which offer resis- 
tance to it. We must, therefore, conduct 
our physical experiment with ether 
stored up in material forms. Everybody 
knows that a note struck upon an in- 
strument will produce sound in a corre- 
spondingly attuned instrument in its vi- 
cinity. If connected with a tuning fork, it 
will produce a corresponding sound in 
the latter: and if connected with a thou- 
sand tuning forks, it will make all the 
thousand sound, and produce a noise 
far greater than the original sound, 
without the latter becoming any weaker 
for it. Here, then, fs an augmentation of 
multiplication of power, as it has been 
called by the ancient Rosicrucians, 


while modern scientists have called it - 
the law of induction. If we had any | 


means to transform sound again into 


mechanical motion, we would have a- 


thousand-fold multiplication of mechan- 


ical motion. It would be presumptuous ~- 


to say that it will not be as easy for the 
scientists of the future to transform 
sound into mechanical motion, as it is 
for the scientist of the present to trans- 
form heat into electricity. Perhaps Mr. 
Keely has already solved the problem. 
There is a fair prospect that in the very 
near future, we shall have, in his ethe- 
Teal force, a power far surpassing that 
of steam or electricity. Nor does the idea 
seem to be Utopian if we remember that 
modern science. heretofore only knew 
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the law of the conservation of energy; 
while to the scientist of the future the 
law of the augmentation of energy will 
be unveiled. As the age which has 
passed away has been the age of steam, 
the coming era will be the age of induc- 
tion. There will be a universal rising up 
of lower vibrations into higher ones, in 
the realm of motion, emotion, and 
thought. Mr. Keely will, perhaps, trans- 
form sound inte mechanical motion by 
applying the law of augmentation and 
multiplication of force known to the an- 
cient Rosicrucians; as we will apply the 
same law in the realm of thought, and 
induce people to think. Thus matter will 
become more subject to the action of 
the finer forces of nature, and the 
minds of men will become less gross 
and easier to be penetrated by the light 
of Divine wisdom. Ail this has been pre- 
dicted eighty-eight years ago, at the be- 
ginning of the century. 

Mr. Keely, finding in his first inter- 
view with Dr. Hartmann about ethereal 
force, or dynaspheric force, was so well 
understood by that learned gentlemen, 
expressed great pleasure in meeting. for 
the first time, one who comprehended 
so much more of its nature than any 
man whom he had ever met; and Dr. 
Hartmann expressed himself as equally 


' charmed and satisfied with Mr. Keely in 


this interview; although he gained from 
him nothing in the way of information 
that was new to him. 

. Before the second meeting took 
place, one of Mr. Keely’s papers upon 
disturbed equilibrium (in the brain) was 
given to Dr. Hartmann to read with the 
request that he would limit his next 
conversation with Mr. Keely ta the prop- 
er method of re-adjusting opposing con- 
ditions in the brain --- or, in other 
words, ascertaining how the ruling me- 
dium could be brought to bear upon 
these opposing conditions, in the brain, 
in order to restore equilibrium. Mr. Kee- 
ly's paper amply treats the cause of dis- 
turbance ‘of equilibrium in the brain, 
producing insanity; and reads as fol- 
lows:--- 
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Brain Disturbance 
“In considering the mental forces as 


assoctated with the physical, I find, by ~ 


my past researches, that the convoiu- 


ttons which exist in the cerebral field are . 


entirely governed by the sympathetic 
conditions that surround theif. 

The question arises, what are these 
aggregations and what do they repre- 
sent, as being linked with physical im- 
pulses? They are simply vibrometric res- 
onaters, thoroughly subservient to 
sympathetic acoustic impulses given to 
them by their atomic sympathetic sur- 
rounding media, all the sympathetic im- 
pulses that so entirely govern the physi- 
cal in thetr many and perfect impulses 
(we are now discussing purity of condi- 
tions) are not emanations property irther- 
ent in their own composition. They are 
only media-the acoustic media-for irans- 
Jerring from their vibratory surroundings 
the conditions necessary to the pure con- 
nective link for vitalizing and bringing 
into action the varied impulses of the 
physical. 

All abnormal discordant aggregations 
in these resonating convolutions produce 
differentiation to concordant transmis- 
sion; and, according as these differentia- 
tions exist in volume, so the transmis- 
sions are discordanily transferred, 
producing antagonism to pure physical 
action. 


Thus, in Motor Ataxis, a differentia- 
tion of the minor thirds of the posterior 
parietal lobule produces the same condi- 
tion between the retractors and exten- 
sors of the leg and foot; and thus the 
control of the proper movements is lost 
through this differentiation. The same 
truth can be universally applied to any of 
the cerebral convolutions that are in a 
state of differential harmony to the mass 
of immediate cerebral surroundings. Tak- 
ing the cerebral condition of the whole 
mass as one, if is subservient to one gen- 
eral head center, although as many neu- 
trals are represented as there are convo- 
lutions. 

The introductory minors are con- 
trolled by the molecular; the next pro- 
gressive third by the atomic: and the 
high third by the Etheric. All these pro- 
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gressive links have thetr positive, nega- 
tive, and neutral pasition. When we take 
into consideration the structural condi- 
tion of the hurnan brain, we ought not to 
be bewildered by the tnfinite variety of 
its sympathetic impulses; inasmuch as it 
unerringiy proves the true philosophy 
that the mass chords of such siruciures 
are governed by utbratory etheric flows--- 
the very maierial which composes then. 
There is no structure whatever, animal, 
vegetable, mineral, that is not built up 
from the universal cosmic ether. Certain 
orders of attractive vibration produce cer- 
tain orders of structure; thus, the infinite 
variety of effects---more especially in the 
cerebral organs. The bar of iron or the 
mass of steel, have, in each, all the quali- 
fications necessary, under certain vibra- 
tory impulses, to evolve all the conditions 
that govern that animal organism-~the 
brain: and it is as.possible to differen- 
tiate the molecular conditions of a mass 
af metal of any shape so as to produce 
what you may express as a crazy piece 
of tron or a crazy piece of steel; or, vice 
versa, an intelligent condition in the 
same. 

I find in my researches, as to the con- 
dition af molecules under vibration, that 
discordance cannot exist in the molecule 
proper; and that it is the highest and 
most perfect structural condition that ex- 
ists; providing that all the progressive or- 
ders are the same. Discordance in any 
mass is the result of differentiated 
groups, induced by antagonistic chords, 
and the flight or motions of such, when 
intensified by sound, are very tortuous 
and zig-zag; but when free of this diffe- 
rentiation are in straighi lines. Tortuous 
lines denote discord, or pain; straight 
lines denote harmony, or pleasure. Any 
differentiated mass can be brought to a 
condition of harmony, or equation, by 
proper media, and an equated sympathy 
produced. 


There is good reason for believing 
that insanity is simply a condition of dif- 
JSerentiation tn the mass chords of the ce- 
rebral convolutions, which creates an an- 
tagonistic molecular bombardment 
towards the neutral or attractive centers 
of such convolutions; which, in tum, pro- 
duce a morbid irritation in the cortical 
sensory centers in the substance of idea- 


ion; accompanied, as a general thing, by 
sensory hallucinations, ushered in by 
subjective sensations; such as flashes of 
light and colour, or confused sounds and 
disagreeable odours, etc., etc. 

There ts no condition of the human 
bratn that ought not to be sympathetical- 
ly coincident to that order of atornic flow 
to which its position, in the cerebral field, 
is fitted. Any differentiation in that spe- 
cial organ, or, more plainly, any discor- 
dant grouping tends to produce a discor- 
dant bombardment--an antagonistic 
conflict; which means the same disiur- 
bance transferred to the physical, pro- 
ducing inharmonic disaster to that por- 
tion of the physical field which ts 
controlled by that especial convolution. 
This unstable aggregation may be com- 
pared to a knot on a violin string. As long 
as this knot rematns it is impossible fo 
elicit, from tts sympathetic surroundings, 
the condition which transfers pure con- 
cordance to its resonating body. Discor- 
dant conditions, Le., differentiation of 
mass, produce negatization to coincident 
action. 

The question now arises. What condi- 
tion is it necessary to bring about in or- 
der to bring back normality, or to pro- 


duce stable equilibrium in the’ 


sympathetic centers? 

The normal brain is like a harp of 
many strings strung to perfect harmony. 
The transmitting conditions being perfect, 
are ready, at any impulse, io induce 
pure sy assimilation. The dif- 
ferent strings represent the different ven- 
ticles and convolutions. The differentta- 
tions af any one from tts true setting ts 
fatal, to a certain degree, to the harmony 
of the whole combination. 

if the sympathetic condition of an: 
physical erganism carries a positive flow 
of 80 per cent on its whole combination, 
and. a negative one of 20 per cent, tt is 
the medium of perfect assimilation to one 
of the same ratio, if tt ts distributed un- 
der the same conditions to the mass of 
the other. [f two masses of metal, of any 
shape whatever, are brought under per- 
fect assimilation, to one another, their 
unition, when brought into contact, will 
be instant. If we live in a sympathetic 
field we become sympathetic, and a ten- 
dency from the abnormal to the normal 
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presents itself by an evolution of a pure- 
ty sympathetic flow towards its attrac- 
five centers. It is only under these condi- 
ttons thai differentiation can be broken 
up, and a pure equaiion established, The 
only condition under which equation can 
never be established is when a differen- 
tial disaster has taken place, of 66 2/3 
against the 100 pure, taking the full vol- 
ume as one. If this 66 2/3 ar even 100 
exists in one organ alone, and the sur- 
rounding ones are normal, then a condi- 
tion can be easily brought about to estab- 
lish the concordant harmony or equation 
to that organ. It ts as rare to find a nega- 
tive condition of 66 2/3 against the vol- 
ume of the whole mass, as it ts to find a 
coincident between differentiation; or, 
more plainly, between nwo individuals 
under a state of negative influence. Un- 
der this new system, it ts as possible to 
intiuce negations alike as it is to induce 
postitves alike. 

Pure sympathetic concordants are as 
antagonistic to negative discordanis as 
the negative is to the posttive; but the 
vast volume the sympathetic holds over 
the non-sympaihetic, in ethereal space, 
makes tt at once the niling medium and 
re-adjuster of all opposing conditions if 
properly brought to bear upon them.” 

{signed} Keely 


Until Keely’s Theoretical Expose is 
given to science, there are few who will 
fathom the full meaning of these views. 
So little did Dr. Hartmann comprehend 
the principle involved that he ignored 


‘them altogether, and in the more than 


one hour's conversation with Mr. Keely 
which followed, instead of keeping to 
this subject matter as requested, he 
made no illusion to it whatever, and 
confined his investigations to the me- 
chanical work of Mr. Keely in its appli- 
cation to machinery. In leaving, Mr. 
Keely again expressed his great delight 
in meeting one who knew so much of 
the hidden working of some of nature's 
laws; whereas, after his departure, Dr. 


‘Hartmann announced it as his opinion 


that, although Mr. Keely had made the 
greatest discovery of this or of any other 
age, he would never be able to utilize 
the force in mechanics, and that his 
mission would be to spiritualize the 
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world instead of advancing its material 
progress. 

Some days later, when Mr. Keely 
was asked why it was that Dr. Hart- 
' mann no longer believed in the mechan- 
ical success of Mr. Keely’s inventions, 
the reply was made that Dr. Hartmann, 
in disclosing his own views and theories 
and philosophy, had prevented Mr. Kee- 
ly from any attempt to point out the er- 
rors in these views and theories: feeling, 
as Mr. Keely did feel, that he would be 
wanting in humility to dispute with one 
so learned as Dr. Hartmann, and prefer- 
ring to wait until the court had removed 
the injunction placed upon him (Keely), 
when he would be at liberty to demon- 


strate to Dr. Hartmann the nature of his 


errors by the operation of his inven- 
tions. However, this delay was not nec- 
‘essary, inasmuch as upon the occasion 
of Dr. Hartmann's first visit to the work- 


shop, where he saw the old generator, — 


the old Liberator and other machinery, 
his knowledge that, by means of the vi- 
brations of Ether called Sound, the mo- 


lecular structure of bodies may be 


changed, even though these vibrations 
are not audible to the human ear, 
caused Dr. Hartmann to confess his er- 
ror, and to assert that his confidence in 
Mr. Keely’s mechanical success was re- 
established and stronger than it had 


ever been before. Those scientists who, - 


because they could not hear the vibra- 
tions of sound, in Mr. Keely’s Liberator, 


denied its operation, saying that one . 


could not make something out of noth- 
ing, seem to forget that there are inaud- 


ible vibrations of sound as there are in- 


visible rays of light. 


Dr. Hartmann knows that every- 


thing in nature has its own appropriate ° 


‘sound’, ‘color’, and ‘number’, and can - 


be acted upon as soon as we are in pos- 


session of its 'key-note'. This knowledge - 


enabled him to grasp the principle of 
Mr. Keely’s inventions, as soon as the 
action of the mechanism was explained 
to him. Although Dr. Hartmann then 
and there 
sacrificing some of his property in order 
to invest in the new company, in pro- 
cess of organization, it was from no sor- 
did motive that he was so intensely in- 
terested in the practical part of Mr. 
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Keely's work; but, having seen such 
marvelous effects produced in occult ex- 
periments, while residing in India, he 


. Was inclined to attribute to Mr. Keely 


natural occult powers which could nev- 
er be made available in mechanics. Mr. 


' Keely’s financial success depends upon 


the prolongation of his life until his 
work of evolution is completed. There- 
fore, the writer of this paper has never 
advised anyone to invest on such an 


uncertainty and she requested Dr. Hart- 


mann not to do so, 

Mr. Keely's discovery embraces the 
manner or way of obtaining the key- 
note, or chord of mass, of mineral, vege- 
table, and animal substances; therefore, 
the construction of instruments, or ma- 
chines, by which this law can be ut- 
lized in mechanics, in arts, and in resto- 
ration of equilibrium in disease, is only 
the question of the full understanding of 


the operation of this law. Herein lies Mr. 


Keely's work of evolution. 

The principal point of difference ex- 
isting between Mr. Keely and Dr. Hart- 
mann, in their views respecting force, 
ies in the former attributing the so- 
called forces of nature to various modes 
of vibration, as to the length and direc- 
won of the vibrations; while the latter 
attributes all forces to various modes of 
vibration, as to the number of vibra- 
tions in a second. Electricity Mr. Keely 


' defines as a certain form of atomic vi- 
‘bration. 


Keely estimates that, after the intro- 
ductory impulse is given on the har- 


monic thirds, molecular vibration is in- 


creased from 20,000 per second to 
100,000,000. On the enharmonic 
sixths, that the vibration of the inter- 
molecule is increased to 300,000,000. 

On the diatonic ninths, that atomic 
vibration reaches 900,000,000; on the 
dominant etheric sixths, 8,100,000,000; 
and on the _ inter-etheric ninths, 
24,300,000,000; all of which can be 
demonstrated by sound colours. 

In such fields of research, Mr. Keely 
finds little leisure. Those who accuse 
him of dilly-dallying, of idleness, of al- 
ways gong to do and never doing, of vi- 
Stonary plans, etc., etc., know nothing 
of the infinite patience, the persistent 
energy, which for a quarter of a century 
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has upheld him in his struggle to attain 
this end. Still less, if possible, is he un- 
derstood by those who think he is seek- 
ing self-aggrandizement, fame, fortune, 
or glory. 

The time is approaching when all 
who have sought to defame this discov- 
erer and inventor, all who have stabbed 
him with unmerited accusations, all 
who have denounced him as a bogus in- 
ventor, a fraud, an impostor, a charla- 
tan, a modern C , will be forced 
to acknowledge that he has done a 
giant’s work for true science, even 
though he should not live to attain com- 
mercial success. But history wili not for- 
get that, in the nineteenth century, the 
story of Prometheus has been repeated, 
and that the greatest mind of the age, 
seeking to scale the heavens to bring 
down the light of truth for mankind, 
met with Prometheus's reward. 

Mrs. Clara F. Bloomfield-Moore 
July 1, 1888 


NOTE.---Dr. Hartmann, in a report, 
or condensed statement, in reference to 
Keely's discovery, writes as follows: He 
will never invent a machine by which 
the equilibrium of the living forces in a 
disordered brain can be restored. 

As such a statement would lead the 
reader of the report to fancy that Keely 
expected to invent such an instrument, 
it is better to correct the error that Dr. 
Hartmann has fallen into. Keely has 
never dreamed of inventing such an in- 
strument. He hopes, however. to perfect 
one that he is now at work upon, which 
will enable the operator to localize the 
seat of disturbance in the brain in men- 


tal disorders. If he succeeds, this will 


greatly simplify the work of re-adjusting 
opposing conditions; and will also ena- 
ble the physician to decide whether the 
differential disaster has taken place 
which prevents the possibility of estab- 
lishing the equation that is necessary to 
a cure. 

According to Keely's theories it is 
that form of energy known as magne- 
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tism - not electricity - which is to be the 
curative agent of the future, thus reviv- 
ing a mode of treatment handed down 
from the time of the earliest records, 
and made known to the Royal Society of 
London more than fifty years since by 
Professor Keil, of Jena, who demonstrat- 
ed the susceptibility of the nervous sys- 
tem to the influence of the natural mag- 
net, and its efficacy in the cure of 
certain infirmities, as thousands can 
testify in our day who are indebted to 
Parke's Compound Magnets for relief; 
trying them as the last resort after hav- 
ing suffered much at the hands of many 
physicians, as St. Paul said. A grandson 
of Goethe, after calling upon Robert 
Browning many years since, returned to 
inquire if he had dropped the magnet 
there which he was wearing, as he has 
missed it after leaving the house. The 
effect of the magnet is one of the effects 
of the law of sympathetic association, 
which Keely demonstrates as the gov- 
erning medium of the universe through- 
out animate and inanimate nature. 

As Cheston Morris, M.D., has well 
said in his paper on Vital Molecular Vi- 
brations, We are entering upon a new 
field in biology, pathology. and of 
course, therapeutics, whose limiits are 
at present far beyond our ken. 

The adaptability of drugs, says Dr. 
Henry Woad, to heal disease is becom- 
ing a matter of doubt, even among 
many who have not yet studied deeper 
causation. Materia Medica lacks the ex- 
act elements of a science. The just pre- 
ponderance, for good or ill, of any drug 
upon the human system is an unsolved 
prolem, and will so remain ... After cen- 
turies of professional research, in order 
to' perfect the art of healing, diseases 
have steadily grown more subtle and 
more numerous ... Only when internal, 
divine forces come to be relied upon, 
rather than outside reinforcement, will 
deterioration cease. Said Plato, You 
ought not to attempt to cure the body 
without the soul.’ 
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On Dynaspheric Force 


by Laurence Oliphant, 1888 


Recent scientific research has 
proved conclusively that all force is 
atomic. That electricity consists of files 
of particles, and that the interstellar 
spaces contain substance, whether it be 
called ether, or astral fluid, or by any 
other name, which is composed of at- 
oms, because it is not possible to dis- 
sever force from its transmitting medi- 
um. The universe, therefore, and all 
that it contains, consists of matter in 
motion, and is animated by a vital prin- 
ciple which we call God. Science has 
further discovered that these atoms are 
severally encompassed by an ethereal 
substance which prevents their touch- 
ing each other, and to this circum- 
ambient interatomic element they have 
given the name dynasphere--- but inas- 
much as it has further been found that 
in these dynaspheres there resides a 
tremendous potency, it is evident that 
they also must contain atoms, and that 
these atoms must in their turn be sur- 
rounded by dynaspheres, which again 
contain atoms, and so on ad infinitum. 
Matter thus becomes infinite and inde- 
structible, and the force which pervades 
it, persistent and everlasting. 

This dynaspheric force, which is 
also called etheric, is conditioned as to 
its nature on the quality of the atoms 
which form its transmitting media, and 
which are infinite both in variety and in 
their combinations and permutations. 
They may, however, be broadly divided 
into two categories, the sentient and the 
non-sentient atoms. : 

Dynaspheric force, composed of 
non-sentient atoms, is the force that 
has been already mechanically applied 
by Mr. Keely to his motor, and which 
will probably ere long supersede the 
agencies now used for locomotives, pro- 
jectiles and other purposes; when the 
laws which govern it come to be under- 


stood, it will produce materially a great 
commercial and industrial revolution. 
There is no hard-and-fast line between 
the sentient and non-sentient atoms; 
just as zoophytes are a connecting link 
between the animal and vegetable crea- 
tion, so there {s a graduated scale of at- 
oms between those which, although ani- 
mated by the divine life, are not 
sentient, and those which are as highly 
developed relatively to them as man is 
to a cabbage. For the highest class of 
sentient atoms through which divine 
force is transmitted are in the perfect 
human form. They are infinitesimal bi- 
sexual innocences male and female, two 
in one. The tradition of fairies is the lin- 
gering consciousness, come down from 
a remote past, of this fact. 

to the unhappily debased 
condition of our planet, this force is not 
now operant upon it, except to a very 
limited and imperfect degree - it is 
struggling, however, to penetrate into 
the human organism through the chan- 
nel provided for it, and this channel 
must, of necessity, partake of the na- 
ture of the forces operant within it---in 
other words, it must be a bi-sexual 
channel. It was this bi-sexual channel 
which Christ came to restore by his 
mission to earth; and thus inaugurate a 
process by which man should regain his 
lost bi-une condition. That process has 
now partially achieved its consumma- 


- tion in the advent of the complementary 
half of man whom we call the sympneu- 


ma. It is only through the sympneuma 
that the dynaspheric force, consisting of 
bi-sexual atoms, can be projected into 


-nature. It comes for the healing of the 


nations, and is ail the more necessary 
now because the conditions of nature 
have of late years undergone such a 
change as to render possible the inva- 
sion of the human organism by forces 
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similar in character, with this one dif- 
ference, that the atoms of which they 
are composed are not bi-sexual. These 
forces exhibit themselves in the phe- 
nomena of hypnotism, thought-reading, 
telepathy, mesmeric healing, spiritualis- 
tic manifestations, and in divers other 
ways, and depend for their quality on 
the source of their projection in the in- 
visible and the human medium through 
whom they are transmitted---where 


both are bad, the atoms are in the form — 


of infusoria, or predatory animalculae, 
who prey upon each other, and work 
moral and physical malady. Where both 
are relatively good, they are in the form 
of separate uni-sexual beings, depend- 
ing for their quality upon the medium, 
and partaking of what moral taint his 
nature may possess. It must be said 
that the same remark applies to the bi- 
sexual atoms of the sympneumatic 
force; but, although imperfect, there is 
this guarantee for their superior quality, 
that it is not possible for a human being 
to enter upon sympneumatic condi- 
tions, excepting after a long and ardu- 
ous discipline and self-sacrifice for his 
neighbor, and of great sufferings, - 

The sympneuma visits none who 
have not been thus prepared, and who 
do not live exclusively for the service of 
humanity, to the extinction of private 
affections, personal ambitions, or world- 
ly considerations of any kind. 

A false sympneuma may, however, 


visit those who are wholly engrossed by 


self; such are the succabi and incubi--- 
well-known by the Church---and the 
force acting through them is the most 
fatal which can operate upon earth. 


There are methods, however, not . . 
necessary to enter upon here, by which — 
the true can be distinguished from the. 


false with absolute certainty. All human 
emotion is atomic, and it has never 


been possible that it should be other- — 


wise. The peculiarity of the atomic force 
of the present day is, that it has re- 


ceived an immense accession of energy, . 


through changes which have operated 
in the invisible. ; 

It ig these changes which render 
will-force, and magnetic influence so 
much more powerful now than they 
were formerly: and hence it becomes of 
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such transcendent importance that per- 
sons who find themselves in possession 
of this reinforced energy, and able to op- 
erate upon others hypnotically or for cu- 
rative purposes, should realize the char- 
acter of the agency they are dealing 
with---for it is quite impossible for them 
to project this will-force, or magnetic in- 
fluence, into the organism of another, 
without projecting the atoms with it. 
Now, these atoms vary in quality from 
the predatory animalculae to the hu- 
man form through an infinite variety of 
types; none of them pure and good, 
though some are far purer and better, 
relatively, than the others---still no 
magnetiser is so perfect that his magne- 
tism does not convey to his patients the 
atoms of the vices and defects peculiar 
to his own nature, of which they may 
have been comparatively free. 

It may thus happen that a magnetis- 
er, while healing the body of a patient, 
tay work irreparable moral injury to 
his soul, and this while animated with 
the best intentions, and quite uncon- 
sciously to himself. It often happens, 
moreover, that the progress of the soul 
can only be achieved by an attenuation 
of the external structural atoms, thus 
producing physical disease; to heal a 
person thus under going moral treat- 
ment, directed from the unseen world, 
by a sudden and premature exercise of 
will-force in this one, applied to his sur- 
face organism, is to render him a fatal 
service. Again, it may be that the wel- 


_ fare of a person's soul is dependent 


upon its removal from the body at a cer- 


' tain juncture; here, again, human inter- 


ference, by the operation of the human 
will being free, and yet under specific 
law, that free operation cannot be arbi- 
trarlly hindered in defiance of the law 
under which it acts. 

The reason why material remedies of 
all kinds may be employed with safety 
and propriety, is because the curative 
forces they contain are not composed of 
sentient atoms, and can be controlled 
from the unseen in quite a different 
manner from those which are---which 
may, to a certain extent, be influenced 
by them, but cannot be controlled. 
When a person has reached the point, 
which may be attained after a long 


sympneumatic training, and a life 
passed under the uence of that 
training, of having no will but that of 
God operating freely in him, as his own, 
he may, under a pressure, which he will 
recognize as a divine impulse, put forth 
a healing power, but he will have no 
personal desire connected with it; the 
healing force will be put through him ir- 
respective of any conscious will he used; 
the energy he projects will convey bi- 
sexual atoms, which may prove a seed 
sown as a preparation for a sympneu- 
matic descent. 

At such moments the operator will 
hold himself exclusively open to Christ, 
for it cannot be too earnestly insisted 
upon, that Christ is the one source and 
channel of sympneumatic life, and the 
healing which comes through it, when a 
person’s moral condition renders such 
physical healing desirable. 

In the presence of the rapid develop- 
ment which dynaspheric force is acquir- 
ing, and of the great interest which it is 
attracting, especially among good and 
earnest truth seekers, who are only in- 
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vestigating it with the object of turning 
it to account for the benefit of humani- 
ty, it has seemed to me necessary to 
make these remarks. I have done so in 
the hope that they might serve as a 
warning and an encouragement---as a 
warning of the dangers that beset the 
unwary explorers into these little known 
and almost untrodden regions; and as 
an encouragement as indicating the im- 
mense potentialities now descending 
upon the world for its succor in the 
hour of its approaching need. 

If I seem to have written with the 
certainty of conviction, it is with no de- 


_ sire to impose my authority arbitrarily 


upon my readers, but in all humility to 
give them the facts as they have been 
revealed to me, after an arduous strug- 
gle and investigation into the methods 


_of operation of these forces, which has 


lasted nearly twenty-five years. 
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What Is Matter And What Is Force 


(from The Theosophist, September, 1888) 


subjects becomes unreliable when it is a few 
years old, because most probably supersed- 


year's fashions. This, of course, is a danger 
which necessarily threatens anyone who, 
not being in the inner circle of scientists, 
quotes from even the latest editions of scien- 
tifle works, and the uncertainty thereby 
created does much to keep up the unques- 
tioning faith which so many persons feel in 
the dicta of modern science, paradoxical as 
that may sound. The reason is plain enough. 
Men of science stand to the vulgar in the po- 
sition of revelators. It does not so much mat- 
ter if they are mistaken today, since they will 
most likely correct their mistakes tomorrow; 
and this uncertainty does for the men of sci- 
ence what the constant promise of a new 
revelation did for Joe Smith and 

Young - it creates expectant attention and 
happy anticipation. This uncertainty of sct- 
ence tends also to discourage undue curiosi- 
ty and criticism on the part of the public, 
and to favor the autocratic assumptions of 
scientific authorities; for naturally there 
does not seem to be much use for outsiders 
to spend their time in learning abstruse 
things that may be discovered, in a few 
moniths or years, to have after all been alto- 
gether falsely conceived and wrongly ex- 
plained. In the case of the following article, 
however, most of the scientific theories and 
data quoted are still standing, although the 
article is over five years old; and the occult 
views of nature it puts forth are true for all 
time. For this reason it has been thought 
well to republish it without delay, before the 
scientific views it deals with have any more 
time to turn sour or explode. The article, it 


should be mentioried. was written in answer 
to some objections raised by a_correspon- 
dent in a previous number of The Theoso- 
saan as to the designation of electricity as a 
‘orm of matter; and the writer does not ima- 
oa that the question which forms its ttle is 
‘ully answered in the text. There remain sev- 
eral aspects of force almost wholly unno- 
ticed, and it would, of course. be ridiculous 
to suppose that the subject of Force has 
been exhausted by dealing with some of its 
manifestations. Had it been the intention of 
the article to settle the questions at issue, 
the writer would not have taken for a title 
the query, What is Matter and What is 
Force? but would probably have adopted the 
usual style of teachers of science, and head- 
ed the article, What Matter and Force are. 
Enough is said in the article, however, to an- 
swer its original purpose, namely, of show- 
ing that the all-important questions, What is 
matter? and What is Force? have received no 
satisfactory answer from modern science. 
and of proving that no one has any right, in 
the present state of scientific knowledge, to 
assert, in the face of the occultists, that elec- 
tricity is not a form of matter, more especial- 
ly so since Helmholtz has declared it to be as 
atomic as ponderable matter itself. 
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It is a question of science, which, as 
such, has to be strictly kept within the 
boundaries of modern materialistic sci- 
ence. All discussion on the subject. 
however desirable, would prove, on the 
whole, unprofitable, Firstly, because 
science confines herself only to the 


physical aspect of the conservation of 


energy or correlation of forces; and, sec- 
ondly, because, notwithstanding her 
own frank admission of helpless ignor- 
ance as to the ultimate causes of things, 


judging by-the tone of our critic's arti- 


cle, | doubt whether he would be willing 
to admit the utter inaptness of some of 
the scientific terms as approved by the 
Dwija, the twice-born of the Royal Socie- 
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ty, and obediently accepted by their ad- 
mirers. The fact that modem science 
has been pleased to divide and subdi- 
vide the atmosphere into a whole host of 
elements, and to call them so for her 
own convenience, is no authoritative 
reason why Occultists should accept 
that terminology. Science hag never yet 
succeeded in decomposing a single one 
of the many simple bodies miscalled ele- 
mentary substances, for which failure, 
probably, the latter have been named by. 
their elementary. And whether she may 
yet, or never may, succeed in that direc- 
tion in time, and thus recognize her er- 
‘ror, in the meanwhile, we Occultists 
permit ourselves maintain that the al- 


leged primordial atoms would be better ° 


classified under any other name but 
that one. With all respect due to the 
men of science, the terms element and 
elementary applied to the ultimate at- 
oms and molecules of matter of which 
they know nothing do not seem in the 
least justified. It is as though the Royal 
Society agreed to call every star a Kos- 
mos, because each star was supposed 
to be a world like our own planet; and 
then would begin taunting the ancients 
universe. So far, however, science ad- 
mits herself that the words element and 
elementary, unless applied to primordial 
principles or self-existing essences, out 


of which the universe -was evoluted, are | 


unfortunate terms, and remarks there 
upon that experimental science deals 


only with legitimate deductions from the . 


facts of observation, and has nothing to 
do with any kind of essences except 
those which it can see, smell, or taste. 
Professor J.P. Crooke tells us that sci- 
ence leaves all others to the metaphysi- 
cians (New Chemistry, 1887). This stern’ 
pronunciamento, which shows the men 
of science refusing to take anything on 
faith, is immediately followed by a very 
curious admission made by the same 
author, Our theory, I grant, may be all 
wrong, he adds, and there may be no 
such thing as molecules...The new 
chemistry assumes as its fundamental 
postulate that the magnitudes we call 
molecules are realities, but this is only 
a postulate. We are thus made suspect 
that the exact science of chemistry 
needs to take as well as transcendental 
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metaphysics something on blind faith. 
Grant her the postulate - and her de- 
ductions make of her an exact science; 


_deny it - and exact science falls to piec- 


es! Thus, in this respect, physical sci- 
ence does not stand higher than psy- 


‘chological science, and the Occultists 


need fear but very little of the thunder- 
bolts of their exact rivals. Both are, to 
say the least, on a par. The chemist, 
though carrying his subdivision of mole- 
cules further than the physicist, can no 
more than he experiment on individual 
molecules. One may even remind both 
that neither of them has ever seen an 
individual molecule. Nevertheless, and 
while priding themselves upon taking 
nothing on faith, they admit that they 
cannot often follow the sub-division of 
molecules with the eye, but can discern 
it with the intellect. What more, then, 
do they do than the Occultists, the al- 


chemists, the adepts? While they dis- 


cern with the intellect, the adept, as he 
maintains, can as easily discern the 
sub-division ad infinitum of that which 
his rival of the exact methods pleases to 
call an elementary body, and he follows 
it - with the spiritual in addition to the 
physical intellect...We must pass to the 
more important question now, and see 
how far science is justified in regarding 
electricity as a force and... Eastern 
Occultists in maintaining that it is still 
matter. Before we open the discussion I 


- must be allowed to remark that, since a 


Theosophist wants to be scientifically 


_ accurate, he ought to remember that 
_ sclence does not call electricity a force, 


but only one of the manifestations of 
the same; a mode of action or motion. 
Her list of the various kinds of energy 
which occur in nature is long, and 

are the names which she uses to 
distinguish them. With all that, one of 
her most eminent adepts, Professor Bal- 
four Stewart - one of the authorities he 
quotes against our President - warns 
his readers (see The Forces and Ener- 


‘gies of Nature) that their enumeration 


has nothing absolute or complete about 
it, representing, as it does, not so much 
the present state of our knowledge as 
our want of knowledge, or rather pro- 
found ignorance, of the ultimate consti- 
tution of matter. So great is that ignor- 


ance, indeed, that, treating upon heat, a 
mode of motion which is supposed to be 
better understood than electricity, that 
scientist confess that if heat be not a 
species of motion, it must necessarily be 
a species of matter, and adds that the 
men of science have preferred to consid- 
er heat as a species of motion to the al- 
ternative of supposing the creation of a 
peculiar kind of matter. And, if so, what 
is there to warrant us that science will 
not yet find out her mistake some day, 
and recognize and call electricity, in ar- 
gument with the Occultists, a species of 
a peculiar kind of matter. Thus, before 
the dogmatic admirers of modern sci- 
ence take the occultists to task for view- 
ing electricity under one of its aspects - 
and for maintaining that its basic prin- 
ciple is - matter, they ought first to 
demonstrate that science errs when she 
herself, through the mouthpiece of her 
recognized high priests, confesses her 
ignorance as to what is properly force 
and what is matter. For instance, the 
same Professor of Natural Philosophy, 
Mr. Balfour Stewart, LL.D., F.R.S., in 
his lectures on the Conservation of En- 
ergy, tells us as follows: - We know 
nothing or next to nothing of the ulti- 
mate structure or properties of matter, 
whether organic or inorganic, and... it 
is in truth only a convenient classifica- 
tion and nothing more. 

Furthermore, one and all, the 
men of science admit that though they 
possess a definite knowledge of the gen- 
eral laws, yet they have no knowledge of 
the individuals in the domains of physi- 
cal science. For example, they suspect a 
large number of our diseases to be 
caused by organic germs; but they have 
to avow that their ignorance about these 
germs is complete. And in the chapter 
What is Energy? the same great natu- 
ralist staggers the too-confiding profane 
by the following admission: - If our 
knowledge of the nature and habits of 
organized molecules be so small, our 
knowledge of the ultimate molecules of 
inorganic matter 1s, if possible, still 
smaller. It thus appears that we know 
little or nothing about the shape or size 
of molecules, or about the forces which 
actuate them. The very largest masses 
of the universe sharing with the very 
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smallest this property of being beyond 
the scrutiny of the human senses. Of 
physical human senses he must mean, 
since he knows little, if anything, of any 
other senses. But let us take note of 
some further admissions, this time by 
Professor Leconte, in his lecture on the 
distinction between force and energy 1s 
very imperfectly, if not at all, defined in 
the higher forms of force, and especially 
in the domain of life. . . Our language 
cannot be more precise until our ideas 
in this department are far clearer than 
now. 
Even as regards the familiar liquid - 
water - science is at a loss to decide 
whether the oxygen or hydrogen exist as 
such in water, or whether they are pro- 
duced by some unknown and uncon- 
ceived transformation of its substance. 
It is a question, says Mr. J.P. Crooke, 
Professor of Chemistry, about which we 
may speculate, but in regard to which 
we have no knowledge. Between the 
qualities of water and the quality of 
these gases there is not the most dis- 
tant resemblance. All they know is that 
water can be decomposed by an electri- 
eal current; but why is it so decom- 
posed and then again recombined, or 
what is the nature of that they call elec- 
tricity, etc., they do not know. Hydro- 
gen, moreover, was still very lately one 
of the very few substances which was 
known only in its aeriform condition. It 
is the lightest form of matter known. 

. There is not an atom in nature but 
contains latent or potential electricity 
which manifests under known condi- 


‘tions. Science knows that matter gener- 


ates* what it calls force, the latter mani- 
festing itself under various forms of 
‘energy - such as heat, electricity, mag- 
netism, gravitation, etc., - yet that same 
science has hitherto been unable as we 


‘find from her own admissions, as given 
- above, to determine where it is that 


matter ends and force (or spirit, as 
some erroneously call it) begins. Sci- 





*Using the term generated in the lesser 
sense of calling fo into manifestation. 
Force or energy is known to be eternal, and 
cannot of course be ‘generated’ in the same 
sense of being created. 
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ence, while rejecting metaphysics and 
relegating it through her mouthpiece, 
Professor dail, to. the domain of 
poetry and fiction, unbridles as often as 
- Many metaphysicians her wild fancy, 
and allows mere hypotheses to run rict 
on the field of unproved speculation. All 
this she does, as in the case of the mo- 
lecular theory, with no better“ authority 
for it than the paradoxical necessity for 
the philosophy of every science to arbi- 
trarily select and assume im 

fundamental principles; the only. proof 
offered in the way of demonstrating the 
actual existence of the latter being a 
certain harmony of these principles with 
the observed facts. Thus, when men of 


science imagine themselves subdividing. 


a grain of sand to the ultimate molecule 
they call oxide of silicon, they have no 
real but only an and purely 
hypothetical right to suppose that, if 


they went on dividing it further (which, _ 


of course, they cannot), the molecule, 
separating itself into the chemical con- 
stituents of silicon and oxygen, would fi- 


nally yield that which has to be regard- . 


ed as two elementary bodies - since the 
authorities so regard them. Neither an 
atom of silicon nor an atom of oxygen is 
capable of any further subdivision into 
something else, they say. But the only 
good reason we can find for such a 
strange belief is because they have tried 


the experiment and - failed. But how - 


can they tell that a new discovery, some 
new invention of still finer and more 


perfect apparatuses and instruments, 


may not show their error some day? 
How do they know that those very bod- 
és or molecules, which, when analyzed 
with still greater minuteness, may show 


containing in themselves the real pri-. 
mordia! elementary globules, the gross 


encasement of the still finer atom- 


spark, the spark of life, the source of. 


electricity - matter stili! Truly has Henry 
Kunrath, the greatest of the alchemists 
and Rosicrucians of the middle ages, 
shown spirit in man, as in every atom - 
as a bright flame enclosed within a 
more or less transparent globule - 
which he calls soul. And since the men 
of science confessedly know nothing of 
{a) the origin of either matter or energy: 
(b) nor of electricity or life: and (c) that 


46 


Universal Laws Never Before Revealed.. Keely's Secrets 


their knowledge of the ultimate mole- 
cules of inorganic matter amounts to a 
cipher. Why, I ask, should any student 
of Occultism, whose great masters may 


' know, perchance, of essences which the 


professors of the modern materialistic 


. school can neither see, smell, or taste - 


why should he be expected to take their 
definitions as to what is Matter and 
what is Force as the last word of unerr- 
ing, infallible science?. . .The term im- 
ponderable agents is now regarded as a 


‘scientific absurdity. The latest conclu- 


sions at which modern chemistry has 
arrived, it seems, have brought it to re- 
ject the word imponderable, and to 
take away with those text books of pre- 
modern science which refer the phe- 
nomena of heat and electricity to atten- 
uated forms of matter. Nothing, they 
hold, can be added to or subtracted 
from bodies without altering their 


‘weight. This was said and written in 


1876, by one of the greatest chemists in 
America. With all t, have they be- 
come any wiser for it? Have they been 
able to replace by a more scientific theo- 
ry the old and tabooed phlogiston theo- 
ry of the science of Stahl, Priestley, 
Scheele, and others? Or, because they 
have proved, to their own satisfaction, 
that it is highly unscientific to refer the 
phenomena of heat and electricity to at- 
tenuated forms of matter, have they 
succeeded at the same time in proving 


. what are really Force, Matter, Energy, 


Fire, Electricity, Life? The phlogiston of 
Stahl - a theory of combustion taught 


_ by Aristotle and the Greek philosophers 
'- as elaborated by Scheele, the poor 


Swedish apothecary, a secret student of 
Occultism, who, as Professor Crooke 
says of him, added more knowledge to 
the stock of chemical science in a single 
year than did Lavoisier in his lifetime, 
was not a mere fanciful speculation, 
though Lavoisier was permitted to taboo 
and upset it. But, indeed, were the high 
priests of modern science to attach 
more weight to the essence of things 
than to mere generalizations, then, per- 
haps, they would be in a better position 
to tell the world more of the ultimate 
structure of matter than they now are. 
Lavoisier, it is well known, did not add 
any new fact of prime importance by 


upsetting the phlogiston theory, but 
only added grand generalization. The 
Occultists are perfectly aware, it need 
hardly be said, of modern theories of 
combustion, and fully recognize the part 
which oxygen plays therein. They prefer, 
however, to hold to the fundamental 
theories of ancient sciences, knowing 
well that a very large balance of real 
knowledge lies on that side, when the 
ancient and the modern are compared. 
No more than the authors of the old 
theory do they attach to phiogiston - 
which has its specific name as one of 
the attributes of Akasa - the idea of 
weight which the uninitiated generally 
associate with all matter. And though to 
us it is a principle, a well defined es- 
sence, yet no more than we did they 
view it as matter in the sense it has for 
the present men of science. As one of 
their modern professors put it - Trans- 
late the phlogiston by energy, and in 
Stahl's work on Chemistry and Physics, 
of 1731, put energy where he wrote 
phiogiston, and you have. . . our great 
modern doctrine of conservation of en- 
ergy. Verily so it is the great modern 
doctrine, only plus something else, let 
me add, Hardly a year after these words 
had been pronounced, the discovery by 
Professor Crookes of radiant matter - of 
which farther on - has nigh upset again 
all their previous theories. 

Force, energy, physical agent, 
are simply different words to express 
the same idea, observes our critic. I be- 
lieve he errs. To this day the men of sci- 
ence are unable to i in giving to 
electricity a name which would convey a 
clear and comprehensive definition of 
this very mysterious agent, as Professor 
Balfour Stewart calls it. While the latter 
states that electricity or electrical at- 
traction may probably be regarded as 
peculiarly allied to that force which we 
call chemical affinity; and Professor 
Tyndall calls it only a mode of motion; 
Professor A. Bain regards electricity as 
one of the five chief powers or forces of 
nature:--- One mechanical or molar, the 
momentum of moving matter, the oth- 
ers molecular, or embodied in the mole- 
cules, also supposed(?] in motion - 
these are heat, light, chemical force, 
electricity. (The Correlations of Nervous 
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and Mental Forces.) Now, these three 
definitions would not gain, I am afraid, 
by being strictly analyzed . . . Light was 
never regarded as a force. It is, says sci- 
ence, a manifestation of energy, a mode 
of motion produced by a rapid vibration 
of the molecules and transmitted by the 
undulations of ether. The same for heat 
and sound, the transmission of the lat- 
ter depending, in addition to the vibra- 
tions of ether, on the undulations of an 
in atmosphere. Professor 
Crookes thought at one time that he 
had discovered light to be a force, but 
found out his mistake very soon. The 
explanation of Thomas Young of the un- 
dulatory theory of light, holds now as 
good as ever in the theories of modern 
science at least, and according to this 
explanation that which we call light is 
simply an impression produced on the 
retina of the eye by the wave-like motion 
of the particles of matter. Light, then, 
like heat - of which it is the crown - is 
simply the ghost, the shadow of matter 
in motion! . . The men of science have 
just found out a fourth state of matter, 
whereas the Occultists have penetrated 
years ago beyond the sixth, and, there- 
fore, do not infer, but know of the exis- 
tence of the seventh, the last. Professor 
Balfour Stewart, in seeking to show 
light to be an energy or force, quotes 
Aristotle, and remarks that the Greek 
philosopher seems to have entertained 
the idea that light is not a body, or the 
emanation of any body (for that, Aristo- 
tle says, would be a kind of body), and, 
that, therefore, light is an energy or act. 
To this I respectfully demur, and an- 
swer that if we cannot conceive of mo- 
tion without force, we can conceive still 
less of an energy or act existing in 
boundless space from the eternity, or 
even manifesting without some kind of 
body. Moreover, the conceptions about 


body and matter of Aristotle and Plato, 


the founders of the two great rival 
schools of antiquity, opposed as they 
were in many things to each other, are 


- nevertheless still more at variance with 


the conceptions about body and matter 
of our modern men of sclence. The The- 
osophists, old and modern, the Alchem- 
ists, and Rosicrucians have ever main- 
tained that there were no such things 
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per se as light, heat, sound, electricity, 
least of all could there be & vacuum in 


what they had always affirmed, namely, - 


that in reality there is no such thing as 


a chemical ray, a light ray, or a heat 


ry: As far as can be ascertained by 
those whose observations on experi- 
material 


Plane, there is nothing but radiant ener- 
gy: Of, as a man of science expresses it 
in the Scienttfic American, radiant ener- 
gy. motion of some kind, causing vibra- 
tions across space of something be- 
tween us and the sun; something 
which, without understanding fully (ver- 
ily sol), we call ‘ether,’ and which exists 
everywhere, even in the vacuum of a ra- 
diometer. The sentence, for being con- 
fused, is, none the less for it, the last 
- Word of science. Again: We have always 
one and the same cause, radiant ener- 
&y, and we give this one different 
names - ‘actinism,' 'light,' or ‘heat.’ And 
we are told also that the miscalled 
chemical or actinic rays, as well as 


mometer feels, are all one thing, the ef- 
fects of motion in ether. (The Sun's Ra- 
diant Energy, by Professor Langley.) 
Now, the sun and ether being 
beyond dispute Material bodies, neces- 
sarily every one of their effects - light, 


cepted, though s tly misconceived, by 
Professor Balfour $ a4 


of body, ergo - matter. 


Now what is in reality matter? 


We have seen that it is hardly possible 


not be matter. Well, there is much to be 
said on both sides. Mallet’s experiment, 
which corroborated that of Piranj 
(1878), showed that electricity is under 
the influence of gfavitation, and must 
have, therefore, Some weight. A straight 
copper wire, with its ends bent down- 
wards, suspended at the middle to one 
of the arms of a delicate balance, while 
the bent ends dip in mercury. When the 
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current of a strong battery is passed 


anced'by a counterpoise, sensibly tends 
downwards, notwithstanding th 
tance produced by the buoyancy of the 
mercury. Mallet's opponents, who tried 


nothing to do with the fact of the arm of 
the balance tending downward, but that 


an open one. This, er, raises a 
Side issue as to what is the law of gravi- 
tation. The scientists of the present day 


are quite distinct from one another. But 
the day may not be far distant when the 
theory of the Occultists that the law of 


Science may, of course, if it so 
pleases her, call electricity a force, O 
by grouping it together with light and 
heat, to which the name of force is de- 
cidedly refused, she has either to plead 
guilty of inconsistency, or ta tacitly ad- 
mit that it is a species of matter. But 


science; I mean Mr. Crookes’ radiant 
matter, or, as it is now called, the fourth 


upon the discovery of that fourth state 
of matter. Says one of them in Scientific 
American:--- ‘There is nothing any more 
improbable in the supposition that 
these three states of matter do not ex- 
haust the possibilities of material condi- 
tion than in supposing the possibilities 
of sound to extend to aerial undulations 
to which our organs of hearing are in- 
sensible, or the possibilities of vision to 
ethereal undulations too rapid or too 
slow to affect our eyes as light. 

And as Professor Crookes has now 
succeeded in refining gases to a condi- 
tion so ethereal as to reach a state of 
matter fairly describable as_ ultra- 
gaseous, and exhibiting an entirely nov- 
el set of properties, why should the Oc- 
cultists be taken to task for affirming 
that there lie beyond that ultra-gaseous 
state still other states of matter; state so 
ultra-refined, even in their grosser man- 
ifestations - such as electricity under all 
its forms - as to have fairly deluded the 
scientific senses, and let the happy pos- 
sessors thereof cali electricity - a force! 
They tell us that it is obvious that if the 
tenuity of some gas is very greatly in- 
creased, as in the most perfect vacua 
attainable. the number of molecules. 
may be so diminished that their colli- 


sions under favourable conditions may | 


become so few in comparison with the 
number of masses that they will cease 
to have a determining effect upon the 
physical character of the matter under 
observation. In other words, they say: 
The free-flying molecules, if left to obey 
the laws of kinetic force without mutual 
interference, will cease to exhibit the 
properties characteristic of the gaseous 
state, and take on an entirely new set of 
properties. This is radiant matter. And 
still beyond lies the source of electricity 
- still matter. . . Speaking of his discov- 
ery. Professor Crookes justly remarks 
that the phenomena he has investigated 
in his exhausted tubes reveal to physi- 
cal science a new field for explanation, a 
new world, a world wherein matter ex- 
ists in a fourth state, where the corpus- 
cular theory of light holds good, and 
where light does not always move in a 
straight line, but where we can never 
enter, and in which we must be content 
to observe and experiment from, with- 
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out. To this the Occultist might answer: 
If we can never enter it with the help of 
our physical senses, we have long since 
entered and even gone beyond it, car- 
ried thither by our spiritual faculties 
and in our spirit bodies. ~ 

' And now I will close this too 
lengthy article with the following reflec- 
tion. The ancients never invented their 
myths. One acquainted with the science 
of occult bology can always detect a 
scientific fact under the mask of gro- 
tesque fancy. Thus one who would go to 
the trouble of studying the fable of Elec- 
tra - one of the seven Atlantides - in the 
light of occult science, would soon dis- 
cover the real nature of Electricity, and 
learn that it signifies little whether we 
call it force or matter, since it is beth, 
and so far, in the sense given it by mod- 
em science, both terms may be regard- 
ed as misnomers. Electra, we know, is 
the wife and daughter of Atlas the Titan, 
and the son of Asia and of Pleione, the 
daughter of the Ocean. . . As Professor 
Leconte well remarks, there are many of 
the best scientists who ridicule the use 
of the term vital force or vitality as a 
remnant of superstition, and yet the 
same men use the words gravity, mag- 
netic force, physical force, electrical 
force, etc., and are unable withal to ex- 
plain what is life, or even electricity; nor 
are they able to assign any good reason 
for the well-known fact that when an 
animal body is killed by lightning, after 
death the blood does no coagulate. 
Chemistry, which shows to us every 
atom, whether organic or inorganic, in 
nature susceptible to polarization, 
whether in its atomic mass or as a unit, 
and inert matter allied with gravity, 


‘light with heat, etc., hence as contain- 


ing latent electricity, that chemistry still 
persists in making a difference between 
between organic and inorganic matter 


' though both are due to the same mys- 


terious energy, ever at work by her own 
occult processes in Nature's laboratory, 
in the mineral no less than in the vege- 
table kingdom. Therefore do the Occult- 
ists maintain that the philosophical 
conception of spirit, like the conception 
of matter, must rest on one and the 
same basis of phenomena, adding that 
force and matter, spirit and matter, or 


Dragonflies have two life-cycle stages: nymph and adult. Both of these stages are edible—though one is much easier 
to catch than the other. 
haw?2 / Flickr 





viewed as opposite poles in their respec- 
tive manifestations, yet they are tn es- 
sence and in truth but one, and that life 


is present as much tn a dead as in a liv-' 


ing body, in inorganic as in organic 


matter. This is why, while science is. 


searching still, and may go on searching 
for ever, to solve the problem What is 
life? the Occultist can afford to refuse 
taking the trouble, since he claims, with 
as much good reason as any given to 
the contrary, that life, whether in its la- 
tent or dynamical form, is everywhere, 
that it is as infinite and indestructible 
as matter itself, since neither can exist 
without the other, and that electricity is 
the very essence and origin of life itself. 
Purush is non-existent without Prakriti: 
nor can Prakriti, or plastic matter, have 
being or exist without Purush, or spirit, 
vital energy, life. Purush and Prakriti 
are, In short, the two poles of the one 





eternal element, and are synonymous 
and corivertible terms. Our bodies as or- 
ganized tissues are indeed an unstable 
arrangement of chemical forces, plus a 
molecular force - as Professor Bain calls 
electricity - raging in it dynamically dur- 
ing life, tearing asunder its particles at 
death, to transform itself into a chemi- 
cal force after the process, and thence 
again to resurrect as an electrical force 
or life in every mdividual atom. There- 
fore, whether it is called Force or Mat- 
ter, it will ever remain the omnipresent 
Proteus of the universe, the one ele- 
ment, Life, Spirit or Force at its nega- 
tive, Matter at its positive pole; the for- 
mer the Materio-Spiritual, the latter the 
Materio-Physical Untverse, Nature, 
Swabhavat or Indestructible Matter, 


Unsigned 
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The Astral Light 


by Louise A. Off 


The Astral Light, as the source of 
all world phenomena, is a theme of no 
little importance to the student of ac- 
cultism. The root of the word Astral is to 
be found in the Assyrian Istar, signify- 
ing star, and was applied to this ele- 
ment by the Kabbalists and later mys- 
tics, because they considered the 
heavenly bodies as the concrete crystal- 
lizations of the Astral Light. Some Theo- 
sophic writers have confounded the na- 
ture of this element with that of Akasa, 
while in fact the latter comprehends in- 
finitely more both in quality and quanti- 
ty. Literally the Sanscrit term Akasa 
means the sky, but occultly the impal- 
pable Ether or the Soul within the 
Ether. Our most logical authority, The 
Secret Doctrine, defines it as the immor- 
tal spirit, the progenitor of Cosmic life 
and universal intelligence whose char- 
acteristic property is Buddhi. Akasa ts 
the sphere of the pure undifferentiated 
Monad, the essence of wisdom, while 
the Astra Light at its opposite pole is 
the abstract atom of matter, the plane 
of generation, and the great womb out 
of which issues all planetary life. Ether, 
which is the highest vibration of the 
Astral Light, is but as a vehicle for Aka- 
sa, a gross body in comparison. The 
functions of the Astral Light are as 
manifold as the expressed universe. Its 
nature is dual - the highest Ether form- 
ing its positive, and the concrete, or dif- 
ferentiated elements, its negative pole. 
Its cause reaches back to the root of all 
causes, and its effects involve all our 
physical and psychical experiences. We 
deal with its familiar phenomena in eve- 
ry breath and every motion, while the 
rare and abnormal phases are as strict- 
ly subject to its laws. It is not substan- 
tially identical with any one of the mate- 
rial elements of Cosmic matter, but is 
one degree superior to Prakriti (Nature 


as apprehended by the senses), and it 
impenetrates and vitalizes each atom. It 
is itself the one underlying element in 
which all other known elements have 
their source and supply. In its physical 
aspects it includes the Ether of modern 
scientists, but in the metaphysical 
sense they scarcely touch its border- 
land. For while it is the reservoir of 
Heat, Light, Magnetism, and Electricity 
- the field of all degrees of vibration - it 
is also the sphere of all intellectual life, 
and the ruling agent in the alchemical 
process which frees the cerebral atom 
and converts it into thought. Its vibrato- 
ry rate determines individual mental 
tendencies, and also establishes our in- 
timate relations in body with the stars. 
Paracelsus maintains that, as fire pass- 
es through an iron stove, so do the stars 
pass through man with all their proper- 
ties, and go into him as the rain into the 
earth, which gives fruit out of that same 
rain. While the modern spectroscope re- 
veals the identity in substance of infini- 
tesimal man, and the greatest luminifer- 
ous body that glides in vast revolutions 
through space, no instrument has, as 
yet, been discovered so sensitive as to 
register the subtle and evanescent fluid 
which, by its uniform nature, makes as- 
tronomical research and_ thought- 
transference possible. Keely's Motor 
lias, however, already foreshadowed 
such a discovery. 

The Astral Light is the great record- 
book upon whose pages every thought 
and act of differentiated consciousness 
is engraven, there to be read by the in- 
dividual who has learnt the secret of ex- 
alting his vibrations until they become 
synchronous with the waves of this fin- 
er element. The definition of Memory 
which has ever been the enigma of sci- 
ence, a function with an inapprehensi- 
ble cause, is relegated to the domain of 
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the occultist, who may briefly define it 
as the correlative vibration of the cere- 
bral center with the Astral Light. Within 
this correlation reside all the possibili- 
ties of consciousness from the horizon 
of Maya (illusion) to the zenith of pure 
Ether of transcendental life. Madame 
Blavatsky sweepingly states: The psy- 
chic forces, the 'ideomotdr’ and ‘electro- 
biological powers,’ latent thought’ and 
even ‘unconscious cerebration' theories 
can be condensed into two words, the 
Kabbalistic ‘Astral Light.’ Quesnes treat- 
‘ed of it as a universally diffused fluid 
permeating all things, and differing in 
action only according to the mobility of 
the organism by which it is confined. 
The differentiated will to live accom- 
panying each primary monad is the 
sculptor of the astral images which con- 
stitute individual experience. An intense 
power of concentration makes these im- 
ages subjective, in which case they are 
realities only to the operator, but under 
still more acute and intelligent. develop- 
ment, these images may assume a con- 
crete objective form with power of dura- 
tion proportioned to the original 
impulse or determined purpose of the 
projector. Determined will, says a fire- 
philosopher, is a beginning of all magi- 
cal operations, and the great magician, 
Abbe Constant, states: To acquire magi- 
cal power, two things are necessary: to 


disengage the will from all servitude and . 


to exercise it in control. He alone can 
become a Master whose physical and 
psychical organization is attuned to the 


Key-note - whose _ self-. 


consciousness has outgrown the limits 
of personal slavery, and whose will is so 
cultivated as to act without fear. and 
without desire - intelligent, determined, 
self-possessed and confident. While the 
majority of mankind is occupied in mere 
negative registration of sense- 
impressions the occultist classifies 
these, and admits only those most use- 
ful to his purpose. Colonel Olcott refers 
to the manipulation of the Astral Light 
in his statement, that the efficacy of all 
words used as charms and spells lies in 
what the Aryans call the vach, a certain 
latent power resident in Akasa. Physi- 
cally we may describe it as the power to 
set up certain measured vibrations, not 
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in the grosser atmospheric particles 
whose undulations beget light, sound, 
heat and electricity, but in the latent 
spirttual principle or force - about the 
nature of which modern science knows 
almost nothing. As an illustration of 
this we have the word Aum, which, as 
all students know, has an equilibrating 
effect which resists the inroad of pas- 
sion. 

The symbol used to express the 
astral realm by the mystics of all ages is 
the serpent, or the flery dragon. It is 
stated that long before our globe or even 
our universe became egg-shaped, a long 
trail of Cosmic dust (or fine mist) moved 
and writhed like a serpent in space, 
This was the be of our Eternity, 
exoterically expressed Ey a serpent with 
its tail in its mouth, or in the act of in- 
cubating the Mundane Egg with its fiery 
breathe. The Chaldean Oracles refer to 
the Astral Light as winding in form, 
which qualification refers to the vibrato- 
ry motion that characterizes it. The in- 
tense rate of its pulsation may be faintly 
realized in the rapidity with which suc- 
cessive images are recorded in the 
dreaming or hypnotized state. An illus- 
tration is recounted of a student who 
was m scientific experiments in 
this psychological field with a friend. 
While a drop of water was descending 
down upon his forehead, he closed his 
eyes and dreamed that he started out 
from a harbor upon the wide main, soon 
passing several beautiful islands full of 
villages, cities, verdant flelds and moun- 
tains. The sun was beaming generously, 
but little by little the sky grew darker 
and heavier, and drifts of black clouds 
swept upon the scene. A great gal arose. 
Consternation and horror pervaded the 
crew. The waves began to rise higher 
and higher, until the heavens 
and the sea were blended into one 
dense chaos. 

The crises was at hand. The dream- 
er suddenly felt as though the whole sea 
had burst asunder and drawn him in - 
he awoke fust as the drop of water 
touched his skin, fallen from the hand 
of his friend and held but a few inches 
above his head. He had registered the 
full episode of dramatic changes during 
the instant in which the sensor nerve 


flashed its irritation to the brain. Far 
more remarkable than this are illustra- 
tions on record which cover an extent of 
years and are recorded in an instant of 
time, experimentally proven to be less 
than the period required for transmit- 
ting a nervous current. The wondrous 
rapidity with which feeling and thinking 
may be condensed has also been fre- 
quently in the experience of 
persons nearly drowned, and as Helm- 
holtz has demonstrated that the period 
in which a nerve-current may be con- 
ducted 1s a definite one, we have no al- 
ternative but to assume that a far sub- 
tler element or vehicle is employed in 
the registering psychic experiences. By 
the astral current throughout the ayras, 
around the nerve-centers and nerve- 
tubes, mind contacts mind, thoughts 
are flashed in upon us and emotions 
conveyed. It radiates from the individual 
man as an impalpable but intelligent 
aura - the medium of his psychic and 
intuitional life, by means of which he 
evinces sympathy and understanding; 
while in its higher aspect it is the sensi- 
tive plane that records Cosmic ideation, 
and conveys impressions of truth and of 
universal law to the human mind. 

Experiment with trained sensitives 
has proven that when an intellectual 
concept is formed, the astral aura pho- 
tagraphs it instantaneously, while, 
when an emotion is evinced, the aura 
changes in intensity of color, and, on 
volition becoming manifest, there is a 
positive increase of vibration. We, there- 
fore. carry with us all we have ever 
thought and felt - and self is the ever- 
refining essence of this thought and 
feeling. From this point of view respon- 
sibility assumes enormous proportions, 
and we perceive why the great Teachers 
of the world have ever agreed that Man 
is his own heaven and his own hell. 


The Astral Light 


The great mesmerizer, Du Potet, de- 
clares that the faculty of directing this 
fluid is inherent in certain organiza- 
tions, that it passes through all bodies, 
and that everything can be used as a 
conductor - no chemical or physical 
forces are able to destroy it. Treating 
thus with the merest initial of this la- 
tent power, who can say where its fur- 
ther unfoldment will lead the collective 
consciousness of Humanity? 

In the present age, our science in- 
forms us, we perceive in the main only 
the lowest vibrations and inferior quali- 
ties of the Astral Light, because we are 
in the lower are of our present cycle, 
and the energy of the life-wave is at its 
ebb. Mme. Blavatsky says of Plato's 
method of expression that he divides 
the intellectual progress of the universe 
during every cycle into fertile and bar- 
ren periods . . . When those circula- 
tions, which Eliphas Levi calls ‘currents 
of the Astral Light’ in the universal 
Ether, . . take place in harmony with 
the divine spirit, our earth and every- 
thing g to it enjoys a fertile pe- 
riod, The occult powers of plants, ani- 
mals, and minerals § magically 
sympathize with its superior natures, 
and the divine soul of man is in perfect 
intelligence with these inferior ones. But 
during the barren periods the latter lose 
all their magic sympathy, and the spiri- 
tual sight of the majority of mankind is 
so blinded as to lose every notion of the 
superior power of its own divine spirit. 
We are in a barren period. Ignoring our 
latent inherent forces, we drift in nega- 
tive submission to the lower laws of Na- 
ture, suffer deprivation, want of 
thought, emotion, and volition, while 
the precious fluid, in mute anticipation, 
liaunts our dreamless sleep, and awaits 
the dawning of a higher Consciousness. 
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Mr. Plum's Visit to Keely's 
Laboratory 


{sometime in late 1893) 
from Dashed Against the Rock 


"I have seen a spectacle I would have 
pronounced impossible according to all 
accepted theories of physics with which 
I am familiar. Without apparent exhibi- 
tion of heat, electricity, or any other form 
of energy hitherto operated by man, I 
have seen a strong metallic wheel, 

seventy-two pounds, in swift 
and steady revolution by the hour, and 
absolutely without cost. It is but a sub- 
sidiary engine, made and used simply to 
help equip with similar mysterious ca- 
pacity of movement the large commercial 
engine by its side. And that is a most 
strange and complex mechanism, which 
perhaps no one but the inventor can 
even understand at present, and which, 
but for too frequent previous unauthor- 
ized fixing of dates, might be said to give 
promise of being itself in motion very 


soon. What is ‘very soon’ in such an 


undertaking? Another thirty years of pa- 
tient, lonely plodding on this labyrinth 
path would be nothing, if then this ex- 
plorer could reach his goal. How long 
after Franklin's kite did the world wait, 
and how many hundred great experi- 
menters, before a dynamo engine kindled 
our lamps and whirred our wheels? Yet 
this solitary pioneer, grown half blind by 
groping in these dim intricacies so long, 
again and again hurled aside, broken 
and almost dieing by the terrific force 
with which he is seeking to cope, is met 
with the sneer, 'Why don't you do some- 
thing?’ He has done much, of ignorant, 
senseless, and cruel abuse. His immor- 
tality, however, is sure. For the world at 
length honors an honorable purpose, 
persistently pursued in a high under- 
taking. And he has already so enlarged 
the domain of human knowledge, he has 
lifted man into such a new world of facts, 
the truths his experiments unveil are so 
novel, suggestive, and inspiring, that 
whether all this is ever turned to practl- 


cal account or not, his name will never 
die. But if he should turn out to be a 
prophet, if he is a seer, and does really 
discern a promised land of lightened toil 
into which mankind will eventually ¢n- 
ter, even though he may not live to lead 
them in, then the world will gratefully 
build his tomb. 

But the world asks, who is the wit- 
ness that testifies so boldly to these sur- 
prising things? Is he competent and 
worthy of trust? The witness is not a 
capitalist, and he has no relations with 
investors, and is free to say that if Keely 
were to die tomorrow, it might be a hun- 
dred years before another mind would 
arise able to complete his work; if indeed, 
it is capable of being completed at all, 
which no one at present knows. Impelled 
by a life-long interest in the wonders of 
natural science, and honored by the 
personal friendship of Keely and a few of 
his advisers, | have followed the course 
of this investigator for years with the in- 
tensest interest and sincerest admira- 


‘tion. I spent more of my vacation this 


season in the Philadelphia laboratory, 
and saw greater wonders there, than in 
the Chicago Fair. 

In whose judgement greater? Is a 
layman in physical science competent to 


_ Judge in such matters? Confessedly not. 
‘on. some questions. To most men the 
‘Jearned physicists speak an unknown 

- tongue. Too profound for the common 

_ apprehension are the mathematical for- 
-mulas, even, with which their works 


abound, though their theories and argu- 
ments are full of interest... And many 
would confess also that they can no more 


- understand the ground of Keely's asser- 


tions concerning the number of millions 
of oscillations taking place in a given 
substance each second, nor his fluent 
discourse upon clustered thirds and in- 
troductory ninths, upon nodal transmit- 
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ters and neutral centers, and upon 
streams and waves of polar and depolar 
influence. On these declarations this 
witness has no testimony to offer. In 
electrical science the world gladly ac- 
cepts the terminology and the philoso- 
phy by which the specialists creditably 
seek to gain some practical apprehen- 
sion of the elusive mystery with which 
they deal; elusive, for through all their 
technical terms and fine-spun theories, 
the futility of their endeavor to gain any 
exhaustive comprehension of it plainly 
appears. Experts have their field, but as 
Mr. Gladstone says of the Hebraist and 
the scientist in reference to the higher 
criticism and the scriptural cosmogony, 
‘their title to speak with authority is 
confined to their special province, nor 
are they inerrable there; and if we allow 
them to go beyond it, and still to claim 
their authority, when they are what is 
called at school “out of bounds,” we are 


much to blame, and may suffer for our. 


carelessness.' ‘My contention is,’ he 
says, ‘that there is a ground which the 
specialist is not entitled to occupy in his 
character as a specialist, and on which 
he has no warrant for entering, except in 
so far as he is a just observer and rea- 
soner in a much wider field.' 

It is into this wider fleld of fact, where 
any can go whose general training fits 
him to be in any wise 'a just observer and 
reasoner,’ that this witness deems it not 
improper to enter, especially as he fol- 
lows in the wake of not a few who rank 
high as experts in mechanical engineer- 


ing. in chemistry, in electricity, and other: ° 


departments of superior culture. For, 


not only has Keely's legal counsellor, . 


Charles B. Collier, an experienced patent 


lawyer, acute, cultured, and discerning, 


given him from the first his sincere and 
hearty support, but numbers of other 
men of honorable character and posi- 
tion, many of them eminent for scientific 
attainments, have given their unquali- 
fied testimony that Keely is an original 
and able investigator in an interesting 
and promising, though wholly novel, 
field - a wonder-worker, whose work 


seems to overturn certain accepted the- 


ories, and has puzzled and bafiled their 
learned advocates. Yet, partly, perhaps, 
because Keely is not in the fraternity of 
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college bred men, but has educated 
himself (though his writings show famil- 
{arity with scholarly works), partly be- 
cause his claims are so astonishing and 
his methods so incomprehensible, and 
partly because of premature predictions 
of a practical issue of his labors, and 
because also of unfortunate differences 
reported in respect to the business side 
of his enterprise, there are comparatively 
few men of public prominence who seem 
to be willing to be known as believers in 
the importance of his investigations, or 
even in the integrity of the man. At any 
rate, ridicule and contempt continue to 
be thrown at him and at the faithful 
friends who have long and nobly stood by 
him. Only lately a prominent trad tt 
intimated that ‘an interruption of Keely’s 
personal freedom’ ought to result from 
what it calls his ‘gigantic jugglery.' It is 
these unworthy flings, together with a 
sense of the public importance of the 
whole matter, which have prompted my 
voluntary and unsolicited testimony in 
the interest of truth. 

For though scores of assemblies, 
comprising learned scientists, skiliful 
engineers, and men of large success in 
the practical conduct of affairs, have 
witnessed various experiments by Keely 
during the past dozen years, and al- 
though their clear and positive state- 
ments of the interest and value of his 
researches have been repeatedly pub- 
lished in leading newspapers, with the 
names and professional titles of the wit- 
nesses given, yet the general public ap- 
pears either to overlook or forget all these 
testimonies, and to be rudely impatient 
of every undertaking that does not im- 
mediately issue in commercial success. 
Seldom does any public journal refer to 
Keely in terms of appreciation and re- 
spect. As his labors have now reached 
some new results which only a few per- 
sons have witnessed, this further testi- 
mony is offered as information upon a 
matter of scientific interest, certainly, 
and with a possible bearing upon indus- 
trial advance. 

What, then, is the testimony that the 
present witness has to give? After some 
ten years of acquaintance with Keely, 
and after personally seeing many of his 
experiments, ‘witness deposeth and 
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of one of the most beneficent revolutions in 
the history of human progress; a man of 
wonderful insight and truly amazing fertil- 
ity of inventive genius in overcoming ob- 
stacles and in contriving appliances for at- 
taining his mechanical ends; that he is 
dealing with and trying to employ im prac- 
tical mechanics a force absolutely new 
among all the forces hitherto handled by 
man, although its presence in nature is af- 
firmed by the theories of scientists, and 
demonstrated by various observed phe- 
nomena; a force of mysterious and awful 
energy, boundless in extent, and literally 
costless as the air. Electricity is subtle and 
powerful and illimitable in supply, but it 
requires constant and costly expenditure of 
energy to call it into exercise and keep it at 
work. This new force, beyond the curious 
and complicated mechanism which this 
wonderful wizard has contrived for it to 
employ, the harness he has fashioned for it 
to wear, seems to require but a few slight 
musical sounds, the sonorous vibrations of 
certain metallic appliances, to set it in mo- 
tion, and then it will keep in motion - for all 
that at present appears, in steady, noiseless, 


and almost resistless motion - till the solid - 


metals of which it is composed wear out. 
What! one and all exclaim, is the ab- 
surdity of perpetual motion to be revived 
again? But the physicists tell us there is 
perpetual motion all around us in nature, 
intense and all-prevading, and always has 
been, since the hour ‘when the morning 
stars sang together, and all the sons of God 
shouted for joy.' Here we touch the robe of 
the Infinite One, who 'upholdeth all things 
by the word of his power.’ Of him the Un- 
erting One declared, ‘My Father worketh 
hitherto and I work.' Aye, works unceas- 
ingly now, in the incessant and intense 
molecular vibration all the time going on in 


all matter; in the solid table by which we sit, . 


in the firm granite of the building which 
encloses us. Action, motion in everything, 
by everything, everywhere, all the time, 
and swift, more nimble-footed sometimes 
than thought almost, but with such a soft 
and easy pace that no footfall is heard, no 
movement discemed save as we take ob- 
servation by the distant heavenly orbs 
among which we all here on the earth are 


traveling, hurled along our pathway over a 


_ thousand miles a minute, Movement of 


everything from here to there, and move- 
ment in everything while here or there. And 
so hatmonious is the movement, on such 
delicate anti-friction cushions do the bear- 
ings rest, that it is all inaudible, save to that 
One alone whose ear discerns the music of 
the spheres - the spheres immensely great 
and infinitesimally small - 


"Forever singing as they shine, 
The hand that made us is divine.' 


And only now, after thousands of years 
of unheard song, this great magician arises 
and strikes the chord of sympathy to which 
this vibrating force responds, and lo! it 
comes forth from its secret chambers like 
the mighty Genius unloosed by the Arabian 
fishermen from the copper flask, and waits 
on man to do his bidding, bending its tough 
sinews and plying its facile fingers to per- 
form his humblest tasks. 

And what proof can there be that this 
dream of poetry and fancy of story is in any 
degree an accomplished fact? Look and 
see. Here is a wooden table, sometimes 
covered by a heavy slab of glass. Standing 
on the glass or on the wood, and capable of 
being moved freely upon it, is a metal 
standard say a foot high, bearing a copper 
globe about a foot in diameter. Around the 
base of the standard project horizontally 
numbers of small metal rods a few inches 
long, of different sizes and lengths, vibrat- 
ing like tuning forks when twanged by the 
fingers. In the hollow globe is a Chladni 
plate and various metal tubes, the relation 
which can be altered by turning a projection 


ike a door-knob, on the outside of the 


globe, at the outer end of 2 small shaft, 
round and round to the right or left. This 
construction is called a ‘sympathetic trans- 
mitter.’ Some two or three feet distant on 
the table stands a movable metallic cylin- 


drical case, some six inches by eight in size, 


composed of certain metal resonating 
tubes, and certain other metal fixtures. You 
take it all apart and see there is no magnet 
there, You place on top of this cylinder a 
small pocket compass, a brass cup of two 
inches in diameter with its glass face, The 
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six inches by eight in size, composed of 
certain metal resonating tubes, and cer- 
tain other metal fixtures. You take it all 
apart and see there is no magnet there. 
You place on top of this cylinder a small 
pocket compass, a brass cup of two 


inches in diameter with its glass face. 


The needle points north, From the pe- 
riphery of the globe of the ‘sympathetic 
transmitter’ extends a wire of the size of 
a common knitting-needle, made of gold 
and silver and of platinum. The free end 
of this wire is now attached to the cylin- 
der. The needle is still true to the pole. 
Then the vibrating rods are twanged, the 
knob is turned, and on a rude harmoni- 
con trumpet for a moment or two certain 
sounds are made, when lo! the needle is 
invisible, it is whirling on its pivats fast. 
The operator talks of the variant length 
of waves and of a continuous stream, 
and in some instances it is half a minute, 
sometimes three minutes, before the 
needle comes to rest, and it has kept in 
swift revolution for many hours; but 
when it pauses it points no longer to the 
north, but to a particular part of the 
mechanism. You leave it there, and are 
busy with other wonders for an hour or 
so. Returning, you find the needle still 
points to its new master. You lift the 
compass off, and at once tt resumes its 
normal position. You slowly lower it to- 
wards the silent cylinder, and when 
within an inch or two it obeys the new 


impulse again, and points as before. So 


also it veers from the north when you 
carry it near the knob of the copper 


globe. As Gladstone says, ‘Our hands . 


can lay hold of truths that our arms 
cannot embrace,’ and though it takes a 
physicist to comprehend this miracle, 
any careful observer can apprehend it, 
and, after seeing it repeated many times, 
if he is measurably well read, is compe- 
tent to testify that here is a new, subtle, 
sient, continuous influence, and that it 
is called into exercise in connection with 
certain brief musical sounds. 

Look again. On this mide harmoni- 
con trumpet this magician blows 
through a small window into the next 
room towards a common zither some ten 
feet distant, held upright on a table by a 
smali standard composed of a group of 
metal tubes. The two musical instru- 
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ments have been carefully attuned to 
each other. Attached to the back of the 
zither is a common silk thread loosely 
hanging and extending some eight feet 
away, where it is tied to a movable 
framework of half-inch iron rods, sup- 
porting and bra in position, on an 
isolated table of cass. a metal globe, fif- 
teen inches in diameter, capable of 
turning freely in either direction, on its 
axis, which bears inside the globe certain 
resonant tubes and plates, the table 
standing at an angle of 45 degrees from 
the face of the zither. Louder sounds the 
horn, till in a minute or two the metal 
globe begins to revolve. The horn stops, 
the globe stops. Again the horm re- 
sounds, again the globe turns, and the 
stronger and more continuous the blast, 
the more swiftly whirls the globe. You 
snip the thread apart with your scissors, 
and the ear of the globe has grown dull; 
no sound can awake it to motion again. 
Does a man need to be an expert in 
physics after he has seen that marvel 
repeated a few times, and has moved all 
that apparatus freely hither and thither, 
to testify that the rapid revolution of that 
metal giobe was not caused by com- 
ressed air, coming in concealed tubes 
m a hidden reservoir, or that a silk 
thread is not the highway usually cast 
up for electricity to travel? 

But these are philosophical toys. 
What about an engine with power to help 
human toil? 

I have in my study a paper weight - 
a disc, said to be composed of an alloy of 
three metals. It looks like steel, meas- 
ures two and a half inches by three- 
quarters of an inch, weighs about a 
pound, is enclosed in a brass ring, and 
exhibits no magnetic power. I am told 
that shut up in a chamber and 
connected with the wire which seemed to 
affect the compass, it absorbed some 
seven pints of hydrogen gas. The story 
runs that it was also rapidly whirled by 
a steam engine a certain number of 
hours, still in connection with the appa- 
ratus from which seemed to flow that 
subtle influence which the needle of the 
compass obeyed. Whatever may be 
thought of this, it is a fact that the disc 
thus ‘vitalized in its atomic or molecular 
constitution’ adheres to the under side 
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of a certain metallic resonant structure 
as if held there by magnetic attraction, 
and also supports a weight hung to itself 
of over two hundred and thirty pounds. 
Dissociated from the peculiar vibrating 
apparatus, it falls like any other heavy 
body, and though that apparatus at- 
tracts the disc, even with the attached 
weights, it is incapable of attracting 
anything else: it will not support the 
smallest iron filing. Here then is a strong 
pulling power in exercise in certain cir- 
cumstance when two bodies are in con- 
tact. Can it pull bodies together which 
are not in contact? 

I see before me on a table a glass jar, 
ten inches in diameter and forty-eight 
inches high, filled with water. At the 
bottom He three metal balls like the one 
I hold in my hand, which weighs about 
two pounds. The jar has a metal cap to 
which is attached the gold and platinum 
wire reaching from the copper globe. I 
am told each ball, like every mass of 
matter, has its peculiar musical chord. 
I am reminded of well-known facts of 
sympathetic vibration; e.g., a large mill 
trembling in response to the note of a 
neighboring waterfall, and only quieted 
and rendered safe by building on an ad- 
dition, changing its musical chord. And 
now again the rods are twanged, the 


knob is tumed, the trumpet sounds and | 


keeps sounding till, in a moment or two, 
I see one ball begin to sway from right to 
left, then slowly leave the bottom of the 
jar and rise through the water till with a 
bump it strikes the metal cap, rebounds 
a few inches and comes to rest in contact 
with it on the surface of the water. Still 
the horn blows, and by this time the 
second ball responds in like manner, and 
then the third. Then the music ceases, 
and we turn to other experiments, but.as 
long as I stayed in the shop that day 
something made that metal swim. My 
companion said he had often seen the 
weights brought slowly down, or held 
midway, as shown by photographs, by 
sounding other chords. On the top of the 
jar lay certain pieces of metal. Keely 
said, ‘Do not remove those. I once did 
that, and crash went the balls through 
the bottom of my jar.’ Now here was a 
pulling power acting at a distance of four 
feet, not capable of lifting the weights 


through the air, but before all eyes lifting 
them through water. Can this pulling 
power turn a wheel? 

Here is a wheel of stout metal 
weighting, as stated, seventy-two 
pounds, free to move either way on its 
stationary axis. Its hub is a cylinder 
containing certain resonant tubes parai- 
fel to the axis. It has eight spokes, each 
carrying one of the ‘vitalized discs’ at its 
outer end, the face of the disc at right 
angles with the spoke. There is no rim to 


‘ the wheel, but there is a stationary metal 


rim some six inches wide and thirty-two 
inches in diameter, within which the 
wheel turns without touching it. This 
rim carries on its inner surface nine 


similar discs, and on the outside, at- 


tached to each disc, a resonating cylin- 
der. The requisite amount of the metallic 
volume of this cylinder is obtained by 
enclosing in its tubes a few cambric 
needles, more or less as required, and 
curiously enough, some of these needles 
at length become magnetic. Attached to 


this engine is a gold and platinum wire, 


some ten feet in length, running through 
the small window to the copper globe in 
the other room, where sits the man who 
has fashioned all this. He twangs the 
rods of the sympathetic transmitter on 
the table at his side, he turns its knob, 
the musical instruments sound for a 
moment, and peering through the win- 
dow along the line of the wire his face 
lights up with a smile of triumph. He 
settles back in his chair, and all is still. 
That wheel at the end of the wire is in 
rapid revolution before your eyes, You 
turn: and look with amazement upon 
Orpheus returned to earth again and 
outdoing his fabled exploits of old. For by 


_the enchantment of the subtle harmo- 
’ nies he evokes, too fine for human ear to 


catch, you see the untamed forces of 
nature obey his behest; that most con- 
stant of all things, the magnetic needle, 


you see charmed into fickleness by his 


magic spell; you see bails of iron swim, 
you see insensate matter - as you 


. thought it, but sensitive now to his call 


- leap forward into instant rotation, con- 
tinucus and swift. Long we stand 
around that flying wheel. The friend who 
photographed it at rest again levels his 
camera upon it. In vain; its spokes can- 
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Name of 
Insect 


Grasshoppers 
and Crickets 


Ants 


Termites 


Grubs 


Woodlice 


Earthworms 


Stinkbugs 


Scorpions 


Earwigs 
Aphids 


Maggots 


Dragonflies 


Where Can! 
Find Them? 


In grass 


Everwhere 


in decomposing 
wood 


In rotting logs; 
one to two 
inches deep in 
loamy soil 


In rotting 
vegetation (like 
a pile of leaves 


or dead wood) 


In dirt (or above 
ground if it's just 
rained) 


Around crops 
and gardens 


In dens; under 
logs, wood, 
clutter 


Under rocks; in 
dark, damp 
places 


On plants 


In carrion; under 
wood; in fruits 
and veggies 


Near water 
sources 


Peak Season? 


Summer months (can be 
found year-round) 


Weather-dependent: after 


rainstorms and during 


droughts 


Spring 


Late summer/early fall 


Spring, autumn and 
winter 


Spring (when it's wet) 


March - September 


Most active in the 
summer (can be found 
year-round; usually 
inactive in the winter) 


Fall (can be found year- 
round) 


Spring 


Black fly maggots peak 
late May/earlyJune 


Spring/summer 


Active Day or 
Night? 


Grasshoppers 
day; crickets 
night 


Day 


Day 


Either (they're 


eggs, so they're 
really not on the 


move) 


Day 


Day 


Night 


Night 


Either 


Day 


Either 


Day 





Cook 
Them? 


Yes; pull 


off head 
and legs 


Yes 


Yes 


Can be 


eaten raw, 
but yes, 
cook them 


Yes 


Yes 


Yes 


Yes; cut 
off stinger 


Yes 


Yes 


Can be 


eaten raw, 
but yes, 
cook them 


Yes, pull 
off wings 


and legs 


Edible Buas You Probablv Want to Avoid 


not tarry long enough to be caught by his 
snare. It is still as death, and almost as 
mysterious. We listen to long disserta- 
tions upon the reason for the relative 
position of the eight discs on the wheel 
and the nine on the stationary rim, and 
how the adjustment can be so altered 
that, instead of a revolution, there will be 
a violent oscillation back 4nd forth. We 
are shown the corresponding wheel and 
the rim of the large engine close by, 
which is to bear the discs not singly, but 
in groups, the steel resonating drums 
with their circles of tubes inside, and 
thirty-five inch Chladni plate under- 
neath the ‘sympathetic transmitter’ on 
top; the extra wheel bearing on its 
spokes cylindrical cases, each filled solid 
with a hundred thin-carved plates of 
steel, to get the utmost superficial area, 
we are told, and it is all so utterly beyond 
comprehension, that we can see no rea- 
son why it should have been made as it 
is, or how any one can be sure it will ever 
run. But. we turn around and look again 
on that noiseless wheel, still running 
rapidly all alone, and confess we should 
have said the same thing about that. And 
we are inclined then to trust the word of 
the inventor when he says the running 
of the smaller insures the running of the 
larger; that the wheel you see spinning 
so fast cannot be stopped by any force 
except one that would tear it into frag- 


ments, unless with thumb and finger you 


loosen that golden wire along which 'the 
stream of sympathetic vibration’ is said 
to flow, and that there is no reason why 
the wheel should not keep in motion till 
the bearings wear out. 

I say nothing now of the wonders of 
which other witnesses can speak, and 


which are said to have appeared in the © 
slow progress this incomprehensible. 


man has been making all these years; of 
a pressure obtained from the disintegra- 


tion of water by vibration of twenty 


thousand pounds to the square inch; of 
a slowly revolving drum which went no 
slower when winding tightly upon itself 


a stout inch and a half rope fastened to > 


a beam, and no faster when the rope 
parted under the strain; of the disinte- 
gration of rock into impalpable powder, 
of raising heavy weights by aid of a ‘vi- 
bratory lift," recalling the 'negative gravi- 
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ty' of our modern story-teller. 

The engine you have been looking 
upon requires as part of itself for some 
mysterious purpose certain heavy tubu- 
lar copper rings. Skillful artisans failed 
in various endeavors, by electrical de- 
posit and otherwise, to make them right. 
The inventor contrived machinery for 
bending into semicircles sections of cop- 
per tube, one and a half inch bore, 
three-eights of an inch thick, forcing a 
steel ball through them to keep the tube 
in shape. To make a ring, he placed two 
of those half-circles together and joined 
the ends in some way (without heat), by 
what he calls sympathetic attraction, so 
the resonant properties of the ring are 
satisfactory, and though you see the line 
of union, the two parts cannot be se- 
vered. You see one of these rings, some 
fifteen inches in diameter, hanging by 
block and tackle from the ceiling, and 
lashed to the lower half swings a big iron 
ball weighing five hundred and fifty 
pounds, and there it has swung for 
weeks. Has the man who has done sim- 
ply that, and done it merely to furnish a 
subsidiary adjunct to his main contri- 
vance, won no place among the great ar- 
tificers? Is it worthy business to revile 
him as a swindling charlatan? The end 
is not yet. We shail see what we shall 
see, or some one will. One thing, how- 
ever, we see clearly now, and that is that 
John Worrell Keely deserves the esteem 
and admiration of his fellow-men, Who 
does not hope that he has solid grounds 
for the persistent belief which has been 


- his star of hope these many years; that 


a merciful Providence is about to confer 


-a new boon upon the suffering industries 


of mankind; that the time at length has 
come when man is wise enough to fash- 
ion and strong enough to handle the be- 
neficent gift of a costless motor to ease 
the burdens of human toil? 

Wise enough and strong enough, 
perhaps, some may say, but is man 
trusty? For the question has arisen 
whether a force of such fearful energy as 
some of these experiments disclose can 
safely be entrusted to such a being as 
man, who can destroy as well as build. 
But why should man have been set to 
discover and harness it? ‘I take great 
comfort in God,’ said James Russell 


Mr. Plum's Visit to Keely's Laboratory 


Lowell, in one of his recently published 
letters, 'I think, ... He would not let us get 
at the match-box as carelessly as he does 
unless he knew that the frame of his 
universe was fireproof.’ 





GRAVITY OVERCOME 


[XPERIMENTAL MODELS FOR RESEARCHING. 








Ven fipie mje rstands if hiect hiinisels 


61 


Pyramids, Telescopes and Light 


John Ernst Worrell Keely 
from Dashed Against the Rock 


A building, pyramidal in shape, two 
hundred feet high, one hundred feet at 
the base, and having at the apex a disc 
with a minute aperture in its center, and 
a triple combination of reflectors, which 
must concentrate upon one center which 
must be focalized upon the minute aper- 
ture in the disc, - the image being re- 
ceived at the base of the pyramid upon a 
white surface prepared to receive it, - 
would yield results beyond the dreams of 
the most e astronomer of the 
present day. The distinctness of the im- 
age taken would be the most wonderful 
part of the phenomenon, and the size of 
the magnification would be limited only 
to the diameter of the base of the pyra- 
mid. This probably explains the great 
Egyptian pyramid, with its circular 
opening through its center and cavity at 
the bottom. The apparatus from its 
summit has probably been destroyed 
during some of the many ravages to 
which the land of strange vicissitudes 
has so frequently been subjected. The 
Great Pyramid proves that, among the 
ancient Egyptians, the knowledge of as- 
tronomy was amazingly great, although 
they need not necessarily have known of 
the modern telescope to have obtained it: 
The almost impossible labor of making 
lenses 1s done away with in this system, 
which embraces also a microscope on a 
similar principle without lenses, far su- 
perior to now in use. 

Vibrations necessary to the produc- 
tion of colors are very high, reaching to 
millions of vibrations per second. The 
true relation between the vibration and 
the color can only be a harmonic one, as 
colors commence in the millions and end 
not lower than in trillions of vibrations 
per second. The conditions essential of 
this class of phenomena are, first, a 
condition relating to the structure in 
which they take place, free from all ex- 


traneous vibrations; the experimenter’s 
presence even influences to a great extent 
the motions of the molecules used in the 
experiments. A bath is employed, ar- 
ranged so that light rays can be projected 
upon it at certain angles, and from that 
upon a screen. The bath must have what 
are termed centers of association and 
concentration, and suspended across its 
surface in such a manner that the cen- 
ters approach very near the surface of 
the liquid, which is preferably water, 
whose surface must be free from all films. 
Upon this is dropped a single drop of 
naptha dissolved in ether, which con- 
stantly spreads over the surface and 
gradually evolves most beautiful varia- 
tions of color. The vibrations are trans- 
mitted from an instrument capable of 
producing vibrations of varying intensity 
and pitch, across the line of resonating 
centers, nine in number, The first center 
shows a light straw color, condensing 
about the center; the second shows a 
very dark straw color; the third exhibits 
an orange red; the fourth, a bluish red; 
the fifth is largely green. The entire gam- 
ut ranges from a very light yellow to a 
dark blue. The theory is that the vibra- 
tions. produced gather certain numbers 
of the molecules together about the cen- 
ters, which represent different ranges of 
motion, and which by the color evolved 
affords a demonstration of a certain 
connection between that vibration and 
the colors it educes. Under different 
conditions, using films suspended in the 
air, and light passing through these films 
under polarization, (polarized light) the 
vibrations influence the molecules in the 
film, producing again exhibitions of var- 
ying colors when projected upon a 
screen. Experiments of this kind are 
most difficult, on account of the unstable 
conditions found everywhere. 
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DIAGRAM 1}. 


External View of Atom. 


DIAGRAM 2. 


Showing Sections of the Three Envelopes. 








DIAGRAM 3. 





Showing Positions of Atoms in Inner Envelc 


DIAGRAM 4. 
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Showing Lines of interference of Triple Envel 


Levitation 


John Emst Worrell Keely 
from Dashed Against the Rock 


A small instrument, having three gy- 
roscopes as a principal part of its con- 
struction, is used to demonstrate the 
facts of aerial navigation. These gyro- 
scopes are attached to a heavy, inert 
mass of metal, weighing about one ton. 
The other part of the apparatus consists 
of tubes, enclosed in as small a space as 
possible, being clustered in a circle. 
These tubes, represent certain chords, 
which were coincident to the streams of 
force acting upon the planet, focalizing 
and defocalizing upon its neutral center. 
The action upon the molecular structure 
of the mass lifted was based upon the fact 
that each molecule in the mass possessed 
a north and south pole, - more strictly 
speaking, a positive and negative pole, - 
situated through the center, formed by 
the three atoms which compose it. No 
matter which way the mass of metal is 
turned, the poles of the molecule point 
undeviatingly to the polar center of the 
earth, acting almost exactly as the dip- 
needle when uninfluenced by extrancous 
conditions, electrical and otherwise. The 
rotation of the discs of the gyroscopes 
produces an action upon the molecules of 
the mass to be lifted, reversing their 
poles, causing repulsion from the earth in 
the same way as like poles of a magnet 
repel each other. This repulsion can be 
diminished and increased according as 
the mechanical conditions are operated. 
By operating the three discs, starting 
them at full speed, then touching two of 
them, so as to bring them, according to 
the tone they represented by their rota- 
tion, to a certain vibratory ratio, the 
weight then slowly sways from side to side 
leaves the floor, rising several feet in the 
air, remaining in that position, and as the 
discs gradually decrease their speed of 
rotation the weight sinks to the floor, 
settling down as lightly as thistle-down. 
Where one molecule can be lifted, there 
need be no imit as to the number in a 


structure that may be operated upon as 
easily as one. The vessel in contempla- 
tion, the aerial navigator, will be over two 
hundred feet long, over sixty feet in di- 
ameter, tapering at both ends to a point, 
made of polished steel, and will be capa- 
ble of being driven under the power of 
depolar repulsion, at the rate of three 
hundred miles an hour. It can be far 
more easily controlled than any instru- 
ment now in use for any phase of transit. 
Another very remarkable feature con- 
nected with this system of aerial naviga- 
tion, is that the vessel is not buoyed up or 
floated in the air through the medium of 
the air, so that if there were no atmos- 
phere it would float just as readily; 
hence, under mechanical conditions most 
certainly capable of production, involving 
massive 5 of resistance to inter- 
stellar vacuity this can be made capable 
of navigating even the remote depth of 
space, positions between planets where 
polarity changes being controlled by other 
adjuncts of concentration for that pur- 
pose, 

Safely enclosed within this structure, 
a man possessing the chemical knowl- 
edge these new laws give, with sufficient 
supply of material from which to make 
oxygen, by the enormously increased rate 
of speed attained by such navigator where 
atmospheric friction is avoided, the time 
accupied in traveling from one planet to 
another would be amazingly brief, and 
one can travel to other planets in this 
system of worlds as easily as the same 
ship could navigate the depths of the 
ocean. 

The great obstacle hitherto preventing 
the solution of this problem has been the 
strength of structure needed under con- 
ditions above presented. With this 
knowledge of matter, the size of structure 
ig unimportant; the heaviest can be as 
easily controlled as the lightest. 






tondition ofthe vibratory flow 
disruption. Ponder af Vibration 


Chart showing the bi ple 
governing fhe in afecerle ZUriNg 


: MOLE 


fA) _+ i oo 
et et eto 


pariqnied hy 
JOH: 


sone mea ee ce ana tty aeepmnmeentrre 
aif emo 
cere me 


Amplitude of Force 


John Ernst Worrell Keely 
from Dashed Against the Rock 


The amplitude of vibrations is di- 
rectly increased or diminished by in- 
creasing or diminishing the size or 
number of creative aggregates. 

The human EGO, subject to the 
forces of love or hate, kindness or cruel- 
ty, forgiveness or revenge, is according to 
circumstances ruled or dominated by 
these forces in proportion to their inten- 
sity. 

The intensity of a force is precisely 
proportionate to the number of units vi- 
brating at that particular pitch. For in- 
stance, let fear assail one man, and ac- 
cording to its intensity will be the effect; 
but let a crowd of men experience fear, 
see the result in the augmentation of 
fear, though its source be relatively in- 
significant. A curtain in a theater, for 
example, takes fire; one or two persons, 
cowardly at heart, become afraid 
through the dominance of the purely 
animal instinct of bodily preservation; 
there is actually no real danger, but 
these two or three persons are sufficient 
to arouse the unreasoning dread which 
lies latent in every breast, with perhaps 
a very few remarkable exceptions. The 
fire burns nobody; but blind fear, which 
is extremely contagious among people 
routually sympathetic, by reason of the 
rapidity with which etheric waves trans- 
mit all feeling, occasions a terrible panic, 
during which many severe accidents and 
many instances of fierce cruelty occur, 
all because of this sympathetic transfer 
of feeling starting from one or two aug- 
mented or intensified fear-centers, each 
person being a center emanating the 
feeling of fear. Were there no counter- 
acting centers of influence in an audi- 
ence, radiating contrary feelings, the re- 
sult of a panic would be the total bodily 
extinction of a very large percentage of 
the assembled multitude. 

Thus the human race is immersed in 


forces whose intensity is vast in propor- 
tion to the number of EGOS adding each 
its quota to the already intense vibration, 
tending either to love or hate, kindness 
or cruelty, timidity or bravery. Those 
who intensify the force of cruelty in the 
place where they reside, may be 
strengthening a murder's hand to strike 
the deadly blow in a distant land. This 
result is brought about through the 
agency of etheric waves, which transmit 
forces with undiminished intensity even 
to uncalculated distances. This phe- 
nomenon may be termed transympathet- 
“ 


They who feel that force called love, 
which on higher planes is known as 
sympathy, thrill with waves of force 
which are already strong, augmenting 
them or increasing their intensity. They 
who indulge such sentiments and en- 
courage such forces may stop the falling 
hand on evil sped. 

In order to protect ourselves effectu- 
ally from becoming the dispensers or 
propagators of deadly force, we must 
consciously and deliberately relate our- 
selves by resolute determination, to 
awaken within us such centers only as 
are concordantly sympathetic with all 
force radiating in the interest of univer- 
sal goodwiil, thereby aiding the estab- 
lishment of universal brotherhood. 

‘ All ye who feel a longing for a better 
life or nobler existence draw to your- 
selves streams of force which they alone 
feel who have attuned their bodies to the 
higher harmonies. For a moment you 
feel as they who dwell perpetually in 
communion with higher harmonies, liv- 
ing immersed in that higher force; they 
are the true heirophants, and you, O 
neophytes, s to attain the goal 
which they have reached, do not despair 
though at present you find yourselves 
unable to maintain this high altitude for 
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long together. Though you fall many 
times, be not discouraged, for as yet your 
organisms and all their centers of reso- 
nation are not yet concordant to the fo- 
calized vibrations of the higher harmo- 
nies; being still related to the mass, you 
are drawn again and again jnto the 
whirlpool of the vibrations which affect 
the mass, for these you cannot resist. 
But know that you can change all this 
rapidly or slowly as your purpose 1s 
steadily intense or vacillating. 

With the cessation of your lower de- 
sires comes the cessation of the action 
upon you of the lower forces; the reso- 
nating centers which formerly distribut- 
ed this force, no longer active, become 
latent and are absorbed back to an em- 
bryonic condition. 


Let him realize fully the 
transient character of his own 
personality and contrast 
therewith his eager longing to know 
the immortal. 


Every man contains, developed or 
embryonic, all conditions of the Infinite; 
therefore no height is too great to reach. 
Impossibility is a meaningless word to 
the man who apprehends the fathomless 
contents of his own nature. Thou comest 
here, O man, with the instrument thou 
hast graduated in thy many past exis- 
tences; how few of thy chord-settings, if 
thou art numbered with the many, re- 


sporid to the higher harmonies! Univer-' — 


sal untty or fraternity has been absorbed 
to almost embryonic conditions by the 
prevalence of material self-regard. 


Charity has been rendered almost latent, . 
that beautiful chord-setting found even . 


in the lowest forms of creation -. LOVE, 
the dominant chord of the cycles. Love 
has an amplitude of action in the brute 


which may well make the selfish man. 


ashamed, but until the crust of selfish- 
ness is broken through, the beauty of 
love is obscured, and though it exists all 


about him, the poor blind egotist has no: 


eye to discern it. The centers of love, 
brotherhood, charity, voice their music 
loud and clear, yet the masses will not 
listen. I do not mean the immortal EGO 
when I say man will not listen; I refer to 
the personality which is the resultant of 
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all the ages of action in this, now rapidly 
closing, cycle. 

You who exist to-day, to-morrow 
would exist no longer in your present 
personalities did you but dare to yield to 
these higher harmonies. I say YIELD 
because it is a yielding process for this 
personality. In a moment your outer life 
would end, and you, the warrior, would 
enter peace. 

The immortal EGO is an entity of 
which man can become thoroughly con- 
scious while here on earth, but to arrive 
at this consciousness necessitates the 
entire abandonment of all the petty con- 
siderations involved in the transient and 
subordinate EGO, which is the only self 
of which the unenlightened man is con- 
scious. Let him who desires to reach this 
inner consciousness enter his inner 
sanctuary, wherever that sanctuary may 
be; it matters not whether it be his own 
chamber, the open field, the mountain 
top, the seashore, the stately cathedral, 
or the humble village chapel. Let him 
realize fully the transient character of his 
own personality and contrast therewith 
his eager longing to know the immortal. 
Let him concentrate his whole con- 
sciousness upon his personality, fully 
arousing all his personal conditions as 
a distinct individual; then with all the 
aspiration of which this personality is 
capable, let him beseech of the immortal 
EGO - which is eternal and does not in- 
camate, but overshadows all incarmna- 
tions, waiting until one is formed capable 
of illumination, to whom it may reveal 
itself - to consider him worthy of illumi- 
nation, and according to his prepared- 
ness to receive illumination will it then 
be granted. He who asks this, knows not 
what he asks; for were the prayer an- 
swered, life henceforth for such an one 
would be a weary round, as Hamlet says: 
"to-morrow and to-morrow and to- 
morrow brings in this weary round of 
life’; for, having seen the glory of this 
immorial EGO, all else seems so base, so 
commonplace and mean, so inglorious, 
that oftentimes the personality has ut- 
terly collapsed when thrown back from 
the radiant vision of this glorious im- 
mortal entity possessed by all alike, 
though scarcely dreamed of by any save 
the very few who, discontented with the 


“ignorance and emptiness of terrene exis- 
tence, aspire to know the great reality of 
the supernal. As the incarnations of 
every entity, passing through certain or- 
ders of experience through numerous 
lives, inevitably culminate in this mo- 
ment of conscious realization of the im- 
mortal entity; the Buddha says: "Ail shall 
reach the sunlit snows.” 
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Amplitude of Force 


You who through your daily life move 
on unthinking, not caring, inactive, you 
shall hear when your supplications 
reach this high entity, “Lo! thou didst not 
even try, knowing that even thy failures 
were acceptable to me.” 
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Top view looking down on the original Keely motor. 
Scanned image from original patent drawings. 
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These bugs are edible, but either harder to find or riskier to collect and eat. You may 
want to exercise caution before eating these—or at least know what you're getting 
yourself into. 


e Slugs and snails 
e Tarantulas 
e Bees and wasps 


¢ Caterpillars 


Slugs and Snails 


While their flesh is benign, there's a high enough likelihood that they've fed on 
something toxic—like poisonous plants or mushrooms—to make eating them 
inadvisable. The ones that you eat in a restaurant have been fed safe-to-eat plants; the 
people preparing them know exactly what those snails were eating. The same can't be 
said of an in-the-wild snail’s diet. If you wild snails or slugs, you risk contracting rat 
lungworm, which can turn into eosinophilic meningitis (causing severe brain and 
nervous system damage). These diseases usually hide in the digestive tract of the 
slugs and snails, so cooking them won't necessarily guarantee that they’re disease-free 
system. If snails are your only meal option, you can also feed them plants you know 
aren't poisonous for a week before eating them. Then be sure to cook them thoroughly. 





While their flesh is benign, there's a high enough likelihood that they've fed on poisonous plants or mushrooms to 
make eating them inadvisable 


David Rynde / Flickr 
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Front view looking straight on the original Keely motor. 
Scanned image from original patent drawings. 
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The Chord Settings of Life 


John Ernst Worrell Keely 
from Dashed Against the Rock 


Question: "By what term shall we define 
that force which, when differentiated, 
expresses itself on the lower planes of 
manifestation as charity, self- 
forgetfulness, compassion, and the ten- 
dency of all illuminated ones to associa- 
tion in universal brotherhood?” 


Keely's reply: “I hold that ONE SU- 
PREME FORCE, which we may term the 
incomprehensible, holds within itself all 
these sublime qualities, as an octave 
embraces its many tones. This force ex- 
pressed in the human organism, has 
what may be termed CONCORDANT 
CHORDSETTINGS dominated by one or 
other of the above-named differentia- 
tions of this supreme force. 

Now let us ask what makes human 
beings differ the one from the other. The 
reason we give for this striking natural 
phenomenon ts that in one individual 
these chord-settings are allowed full 
amplitude in action, while in others they 
are suppressed, and by suppression 
rendered latent. To illustrate: we will 
picture a beggar asking alms of a richly 
dressed gentleman, who passes by en- 
tirely oblivious of the suppliant's needs;. 
but here the wonderful law of sympa- 
thetic action intercedes, making the 
wealthy individual comprehend the ne- 
cessitous condition of the pauper. 

At this point the ego enters the 
chamber of the ordeal; here, in com- 
monplace life, in everyday surroundings, 
man. 1s tried; this is initfation. 

The well-to-do man goes on his way, 
not caring to stop, hurried perchance by 
the urgency of worldly affairs; the 
chard-setting representing that differen- 
tiation of infinite force called by us com- 
passion, acting upon its concordant 
chord-setting, loudly proclaims to the 
ego what is right action, and the oppor- 
tunity passing when it should be seized, 


powerfully exerts its force against the will 
of the personality that would suppress 
its action. Here is where the battle is 
fought; simple though the illustration 
may appear, it forcibly sets forth the ac- 
tual conflict continually waging between 
divine wisdom and mortal error, care- 
lessness, and ignorance. 

The man of wealth and position goes 
on, perhaps, for some distance, the bat- 
tle all the while continuing; finally, he 
stops and turns back, he yields to the 
dominating influence of that chord- 
setting; he gives the beggar alms and 
goes on his way with the skies bright 
above him; he has won a battle he will 
not have to fight again. Understand that 
victory is won, not by the giving of alms, 
but by yielding to that divine force- 
differentiation. If this chord-setting had 


‘not retained its dominance, it would only 


require a few instances of the above type 
to render it latent, and when latent the 
person is no longer amenable to influ- 
ences calculated to arouse compassion. 
In like manner, other centers may be 
rendered latent by repeated suppression, 
until we find a person so dead to all ap- 
peals from the various chord-settings 
that his whole course in life is repre- 
sented by the sum-iotal of the antago- 
nisms internally produced, results 
proving this are seen everyday. 

' You ask why do people commit such 
blunders and perform such acts as they 
do, all the while seemingly unable to help 
themselves. The reason is that they 
have rendered latent these centers which 
otherwise would have given them the 
power to rightly control their deeds in- 
stead of being, as they now are, domi- 
nated exclusively by the forces of aggre- 
gated matter which we usually call the 
self-wilt of the outer personality, as dis- 
tinquished from the distinctly humane 
individuality which always responds to 
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a divine appeal. 
It can be readily seen from this ¢x- 


ample that a man can mould himself . 


practically as he chooses, though he may 
have to encounter many obstacles erect- 


ed by himself in past periods of earthly ” 


existence, as he comes to earth anew 
with these chord-settings latent, or de- 
veloped to the extent they were so, at the 
conclusion of his earth-embodiment; a 
man has therefore only to carefully ex- 
amine the condition of these settings to 
learn whether they are latent or devel- 
oped; if latent, he knows well that if he 
yields to the dominance of the chord- 
settings of the supreme force - and he 
needs no monitor other than these to in- 
struct him, their voice being loud-toned, 
full, strong, deep, and high - to carry him 
on to the consummation of his highest 
ideal, their suppression leading him to 


nated by the action of the blind forces 
inherent in 


latent chord-settings is sometimes 
equivalent to giving birth to an entirely 
new condition in the person, the intellect 
and the imagination having to actively 
cooperate in the endeavor to produce 
even the minutest degree of activity. 

In such persons their hardest expe- 
riences may be the greatest benefit to 
them, if rightly taken; for it is through 
cettain orders of experience - not unat- 
tended with suffering - that these centers 
are powerfully acted upon. The foregoing 
jllustrations of the merchant and the 
beggar introduces one in whom the ac- 
tion of the centers is to a certain degree 
active. 

In experiences where the emotions 
are intensely aroused their action is far 
greater, and we may see the result of the 
conflict, in the event of a person of hith- 
erto unnoticeable traits being developed 
either into a person of crabbed, irritable 
disposition or into one of considerable 
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moral beauty and attractiveness, and all 
because a center hitherto dormant has 
been powerfully aroused or more com- 
pletely suppressed. 

Who knows but that all the varieties 
of disposition we sce expressed every 
hour in the persons of those about us is 
due to HABIT; in the case of the sweet 
and lovable, to the habit of constant 
yielding to the dominance of what we 
may term super-celestial force. while on 
the other hand, the sour and morose are 
but the suffering victims of their own 
habitual suppression of these same di- 
vine centers of radiation, which are con- 
tinually dispersing the divine energy fo- 
calized upon them throughout the 
eternal ages of unwasting life. 

Concerning circumstance let it be most 
emphatically stated that they never need 
be permitted to suppress the upward 
tendencies of our nature; that they have, 
like ail experiences, and opportunity 
contained within them, to act either for 
the more perfect dominance of the celes- 
tial or the terrestrial, none need deny: 
but it rests with every individual to em 
brace or refect opportunities as he will, to 
accept the honors of initiation or under- 
go the regrets consequent upon failure. 

Only the keen. sensitive soul can 
understand when these opportunities 
come and go, for only such have won this 
right by successive victories gained 
through yielding to these celestial 
streams of force, and the conqueror over 
himself is the victor always, though he 
may seem sometimes to yield obedience 
to a force greater than himself. Let the 
supreme desire of each one of us ever be 
that these resonating centers, perma- 
nent throughout measureless cycles of 
time, graduated by the all-wise builders 
of the universe to perfect concordance 
with the Divine Force which is in essence 
incomprehensible, - shall vibrate to full- 
est amplitude of action; so shall we each 
escape from the pains, Sorrows, and 
disappointments associated with their 
suppression and inevitably resulting 
from it.” 


The Dynamics of Mind 


Henry 


Wood 


reprinted from ARENA, #LXIII February, 1895 


In the light of recent psychical dem- 
onstrations, it has been sald that 
thoughts are things, perhaps a more ex- 
act statement would be that they are 
forces. 

In physical science, the present trend 
of teaching is distinctly from the former 
accepted atomic basis, which included 
the solidity and potency of matter, to- 
wards a hypothesis in which energy is 
regarded as the underlying principle of 
all phenomena. Thus the atom, which 
has never been discovered, and is not 
likely to be, is no longer recognized as the 
real unit in the physical economy, energy 
being now accepted as the primal start- 
ing point. 

Manifestations to our senses, which 
we call light, heat and sound, are only 
differentiated modes of vibratory forces. 
Primal energy, unitary in its essence, 
and always conserved in the aggregate, 
takes on, to us, one of several qualitative 
appearances, according to the form of its 
waves, or rather, perhaps, the rapidity of 
its vibrations. Under certain circum- 
stances and through the action of laws 
yet imperfectly understood, these vari- 
ous modes of manifestation are inter- 
changeably transformed in constant 
repetition. 

Modern science has accepted the 
conclusion that vibration is a universal 
law, and the recognition of this fact is the 
key which ts unlocking mysteries and 
solving phenomena hitherto unexplaina- 
ble. It has furnished an  all- 
comprehensive working hypothesis. Be- 

with an inter-molecular rhythm 
of inconceivable rapidity in all bodies, 
even those that appear to be solid and at 
rest, its domain of wave movements ex- 
tends through all space, and its impulses 
are coursing in every conceivable direc- 
tion. They are ceaseless and endless. 
The cosmos may truly be said to be “all 


of a quiver.” 

The basic medium of these enumer- 
able wavy motions is undoubtedly the 
universal ether, the nature of which can 
only be dimly conjectured through its 
multiform manifestations. Who can say 
that this is not the boundless common 
meeting ground between the spiritual 
and the material? Unaccountably 
enough, the myriads of vibrations of dif- 
ferent kinds and velocities that are 
sweeping through space do not appear to 
disturb or neutralize each other in the 
least. There is a clear path for all. 

These late developments in physical 
science, which have only been hinted at 
in the most general of terms, carry with 
them necessary inferences and correla- 
tions, the scope of which can yet hardly 
be imagined. The dematerialization, or 
perhaps what may even be called the 
spirttualization of physics, as a science, 
is one of the marked logical tendencies. 
There is also a growing demonstration 
and conviction of the deceptive and ut- 
terly unreliable nature of sensuous ap- 
pearances. Science, before finally ac- 
cepting any proposition as proven, has 
always: insisted upon material and 
mathematical demonstration. This is 
well in its place but it is not all, in fact it 
is. only the lower and cruder side. 

_ Matter, as formerly regarded, seems 
to be consciously melting into mind or 
spirit. It is no longer inert or dead, but 
instinct with life. Its transformations are 
céaseless and mysterious. Can any one 
explain just how and why a visible solid 
can take the form of an invisible gas and 
vice versa? 

The theoretical boundary line be- 
tween the immaterial and the material is 
getting very faint if not actually disap- 
pearing. Let us drop our crude, childish 
materialism and rise easily and reason- 
ably to the grand conception that differ- 
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entiated forces are being traced back, 
even through the methods of the physi- 


cist to the One Primal Energy - INFINITE 


MIND. The veils which in our infantile 
development we have hung around ex- 
ternal nature are growing so attenuated 
that we can almost discern with unaided 
vision the active operation of Supreme 
Intelligence, Goodness and Beneficence. 

All profound discernment and analo- 
gy lead back to the grand fundamental 
premise, that behind all manifestations, 
energy is One, that it is an Intelligent 
Energy, and is therefore Omni-present 
Mind, Monisn, or the inherent unity of 


all things, is the growing inspiration of | 


science. It is thereby confirming the im- 
pressions already received through the 
delicate vision of the unfolded interior 
faculties. Paul's immortal aphorism, 
that "in Him we live and move and have 
our being" has waited long for scientific 
endorsement, but it is apparently soon to 
be realized. We behold the universe as 
soulful and not mechanical. This is no 
ancient superstitious pantheism resur- 
rected. Rather the Deity is infinitely 
honored as compared with any and all 
past human concepts. 

If all energy, in its last analysis, be 
Intelligent Mind, and vibration the uni- 
versal method, we may reasonably infer 
that human mind or volition, being in, 
and a part of the whole, should form no 
exception in the working plan of its or- 
derly activities. If essential, potential 
and ideal man be the “offspring,” “image” 
and manifestor of God, nothing unlike it 
could be normal. As the former idéals of 
a Deity, localized, personified, changea- 
ble and in every way unconsciously lim- 
ited, are slowly replaced by the ‘tran- 
scendent ideal of the unconditioned “All 
in All," the interrelation of all things. to 
and in God, is being grasped. When man 
refines, enlarges and elevates his con- 
sciousness of Divinity, he does the same 
for his own deeper and generic spiritual 
nature, which though temporarily ob- 
scured, is in reality, himself. If God be 
spirit, man, His reflection and likeness, 
must also be spirit and not dust. By a 
traditional and distorted self conscious- 
ness he has thought himself to be a poor, 
sinful, material being, and the formative 
power of his mental specification has 
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externally actualized his model. He is 
mind or spirit, but his physical expres- 
sion, which should be of ideal quality, 


 outpictures his perverted estimate of 


himself. Not recognizing his true being, 
he has drawn a mistaken outline and 
then naturally filled it out. He has thus 
unwittingly hidden his own potential and 
divine forces, though they are still with- 
in. The mirror of false consciousness 
has reflected a doleful image which he 
has seriously taken for himself. 

The purer and higher trend of science 
is characterized by a gradual refinement 
and immateriality. The laboratory 
should become a sanctuary, for in it are 
gained glimpses of the Eternal. Man 
himself is being more truly interpreted as 
the highest expression of divinity. He is 
a concrete manifestation of the One 
Mind, finite, but with unlimited possi- 
bilities. He is inconceivably great, 
though ignorantly unaware of it. But a 
significant indication of his 
consciousness of the possession of su- 
pernal power is found in the recent dis- 
covery of the dynamic and formative po- 
tency of his thought. The Infinite 
Uncreate is the primal and universal en- 
ergy, but man is its embodier and manit- 
festor. His mental forces cannot create 
de novo, but they can mould, utilize and 
express. The unfolded soul having de- 
veloped a self-consciousness of its tran- 
scendent power, intelligently sends out 
its own vibrations from its own center. 
Conforming to the divine plan and chord, 
it becomes a reflection, or secondary ra- 


--diator of rhythms which are concordant 


with the Original. 

We are logically led to the conclusion 
that the recent recognition of the potency 
and utility of the projective vibration of 
thought, is an unprecedented and im- 
mense step in scientific achievement, 
human unfoldment and spiritual evolu- 
tion. Man is finding his rightful domi- 
nant place in nature, in the arcana of 
soul force and expression, and in his re- 
lation to the Infinite. 

Before considering specifically the 
dynamic relations between mind and 
mind, it may be well to note briefly these 
relations as they exist between a human 
mind and its physical counterpart, Man 
is mind, and this statement implies that 


the physical organism is not man, but 
only his visible index or expression. To 
attempt to prove this is like demonsirat- 
ing an axiom, but yet mankind at large 
indicate by their action that they do not 
practically believe it. Nine-tenths of the 
care, labor, and attention of the world is 
bestowed upon the body and its gratifi- 
cation, or upon those subordinate men- 
tal powers, the product of which will 
command the greatest commercial value. 
Most of the prevailing systems of educa- 
tion, so called, have the same end more 
or less directly in view. The trained in- 
tellect, including not only technical and 
professional attainment, but also the 
powers of literary, poetic and dramatic 
ability, eloquence and wit, are largely 
rated and valued on an economic and 
material basis. To train, control and 
uplift the mind, and develop its higher 
faculties for its own sake, and that of 
others, is not common. The world is still 
endeavoring to “live by bread alone.” 

Prevailing systems of philosophy, 
science, theology, therapeutics, sociolo- 
gy and charity, including Darwinian ev- 
olution, all proceed upon the general 
hypothesis that man is intrinsically a 
material being. He has an attenuated 
; berm called a soul, dependent upon 

eshly brain cells. 

The "fall," not historic but continu- 
ous, is from the ideal, potential and in 
Mostly actual, into the external of ap- 
pearances, and this comprises the 
Adamic consciousness. Men cling to the 
sensuous Eden until they are started 
and driven from it by the loud calling of 
the divine veice within. The beneficent 
expulsion from that Eden, and the suc- 
ceeding necessary restlessness, furnish 
the true and only impetus for voluntary 
moral and spiritual evolution. The world 
is still largely peopled with Adams who 
practically believe that they are made of 
red earth or dust. 


Is man to grasp, mould and rule that | 


little portion of dust that he has tempo- 
rarily taken on, and which before has 
often been used to express and embody 
other qualities of life, or must he believe 
himself in bondage to it? Shall the 
shadow, even though real as a shadow, 
dominate the substance? Not forever, 
even in what is called this life. So soon 
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as man recognizes the fact that he is a 
mental and spiritual dynamo he will no 
longer remain a vassal in his own legiti- 
mate kingdom. But the more specific 
treatment of the relations of mind to 
body must be reserved for a subsequent 
Paper. . 

A dominant vibration in the 
thought-atmosphere is able to arouse a 
nation, or a continent. Great minds, as 
well. as. those of less development, are 
submerged and swept along by it. Cru- 
sades, reformations, revolutions, and 
reforms, furnish mnumberless illustra- 
tions of psychic upheaval and contagion. 
Through sympathetic vibration a vast 
number of responsive mental sirings are 
stirred into action. As the rhythmical step 
of a regiment will powerfully shake a 
strong bridge, so the concerted energy of 
mind will generate tidal waves of tre- 
mendous import. The result is not 
merely from a contemporaneous logical 
process, carried on respectively by many 
individuals, but from a great immaterial 
gulf stream, deep and mighty, though 
silent and unconscious. 

Mind, as a force, is no more unintel- 
ligible or unthinkable than other vibra- 
tions of unseen energy. And there lies 
the tremendous significance of the new 
psychology or recognition of soul force. 
Till recently conventional science, as 
taught in ali accepted textbooks, recog- 
nized no extension of the dynamics of 
thought beyond the confines of the 
physical organism. The mind, with fee- 
ble domination, through nerve channels, 
could transmit its orders to different 
parts of its visible counterpart, but it was 
not believed that it could go one inch 
beyond that limit. Any suggestion that 
telepathy, or thought transference, could 
take place at a distance of a thousand 
miles, or even one mile, would have been 
pronounced impossible. 

_ We shall waste no time in the mere 
attempt to prove the fact that thought is, 
and can be, projected through space, 
both consciously and unconsciously. No 
well-informed individual who has given 
any adequate attention to the subject 
now questions it. Scores of pages might 
be filled with examples, now on record, 
which are entirely beyond collusion or 
coincidence. Every one of thousands of 
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hypnotic experiences proves It, and every 
case of healing through mental treat- 
ment attests it. There is no fact in 
physical science better assured. 

And how has the world received this 
transcendent truth which is transform- 
ing in its potency, all-inclusive in its se- 
quences, and divine in its possibilities? 
Very much as it would a new curio or an 
ingenious toy. The institutional psy- 
chologist fondles it, turns it over, weighs 
and measures its properties in his la- 
boratory, speculates about it, and makes 
a profession of it. But the last thing to be 
thought of, is to make it useful to man- 
kind. That would be unprofessional. To 
harness and utilize this force of all forces 
for the good of humanity would lower it 
from the select and charmed circle of 
professional theory and speculation to 
the broad plane of practical and benefi- 
cent agencies, 

The average psychical researcher 
shows much of the same indifference as 
to any utilization of his favorite princi- 
ples of pursuits. He is engaged in a nev- 
er-ending pursuit of phenomena. He will 
strain his investigative powers, and burn 
midnight oil in testing, comparing and 
recording curious manifestations, and in 
interpreting their methods and laws, but 


as to their practical application in ethical | 


culture, therapeutic potency or spiritual 
unfoldment he is as innocent as a child. 
It bas not occurred to him. These re- 
flections are made in no impatient spirit 
as applied to individuals, but rather to 
show the negative character of systems 
of thought into which we have allowed 
ourselves to become crystallized. How 


much freedom. originality and progress 


being called unprofessional and uncon- 
ventional, which now holds men in 


Besides the classes already noted 
there are many excellent people, lovely in 
character and pure in motive, whose 
temperamental fondness for the mystical 
leads them to seek visions, dream 
dreams, and to cultivate an order of 
phenomena more dramatic than profita- 
ble. Abstract truth and vivid demon- 
stration are well, but the world is hun- 
gering for their application to its woes. 

If we gained some knowledge of the 
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laws which govern a force inconceivably 
grander and higher than electricity, may 
we not dismiss undue sensitiveness as to 
deviations from traditional scholasti- 


‘cism, and for the sake of humanity, step 


out of the ruts which have been grooved 
by the schoolment of the darker and 
narrower past? All great advances in 
their earlier aspects have been irrational 
innovations. 
- Regarding the fundamental basis of 
psycho-dynamics, not only as admitted 
but overwhelming proven, let us now 
concisely sum up a few of the results 
which logically should be realized. They 
are of stupendous significance, but sur- 
rounded as we are by the blank walls of 
our self-imposed and traditional limita- 
tions we can hardly picture them even to 
the imagination. 

Thoughts being forces, every mind is 
a creative center from which rhythms of 


. qualitative energy are going out in all di- 


rections. By their impact upon corre- 
sponding chords in other minds, these 
are also swept into active vibration. 


' ‘Throw a pebble into a lake and the placid 


surface at once becomes vibrant with a 
series of ever-widening circles which go 
out to its utmost boundary. They are 
never quite lost, or neutralized, though 
we may be unable to trace them to their 
final destination. So every soul is the 
seat of a great centrifugal current, which 
is generated and set free in the simple 
process of thinking. This is true - though 
less in degree - of desultory or aimless 
thought, as weil as of that which is con- 


centrated and projected with definite in- 


tent. Every thinker is a battery of positive 
forces even though he utter never a 
word. 

The soul - which is the man - is a 
resonant instrument with innumerable 
tremulous strings of the most delicate 
quality. The water in the lake responds 
to the pebble, but the medium through 
which thought-waves pass is infinitely 
more subtle and elastic. 

- What volumes of potential energy 
are wasted and far worse, in negative and 
discordant mental activities! We are not 
thinking for ourselves but for the world. 
With the shuttle of thought in the loom 
of the mind, we are weaving the multi- 
colored fabric of conditions, and these 


not merely immaterial but to be out- 
wardly actualized and manifested. If one 
in his own soul strikes the discordant 
notes of anger, envy, avarice, selfishness 
or even those seemingly more harmless 
ones of simple fear, weakness, grief. 
pessimism or depression, he is creating 
and vibrating those conditions far and 
near, thereby s the corresponding 
chords in other souls into sympathetic 
activity. The sphere of outward action is 
limited, while that of thought is bound- 
less. Mere doing makes ephemeral rep- 
utation, while quality of thinking deter- 
mines, or rather is, vital character. 
Every one's thought-images are being 
constantly impressed both upon 


and others. His mind is a busy factory © 


where conditions are positively manu- 
factured. He weaves their quality, con- 
sciously or unconsciously, into every 
nerve, muscle and tissue of his own 
His materialistic thought tethers 
him in a little circle of limitation, while 
boundless green fields lie beyond waiting 
for occupation. His mental pictures of 
evil, disorder and disease, photograph 
themselves not only upon his own mind 
and body but upon those of his fellows. 
One cannot afford to think much 
about evil, even for the well-intentioned 
purpose of its suppression. The_tme 
remedy is its displacement. Thoughi- 
space given to it confers realism, famil- 
iarity and finally dominion. To silence 
discordant strings in ourselves or others 
we must vibrate their opposites. To truly 
sympathize with a friend who is quiver- 
ing with trouble or sorrow, is not to drop 
into his rhythm and intensifying it - as is 
usual - but to lift his consciousness by 
striking a higher chord in unison. The 
road to mental and physical invigoratiqn 
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lies through the dynamics of formative 
thought. Our way to elevate other lives 
is also through their creative mental en- 
ergies.. 

When the art of projecting thought 
vibrations on a high plane is systematl- 
cally cultivated, and the concentrative 
habit developed, potency for good is in- 
creased a hundredfold. Force is no 
longer squandered in worse than useless 
discordant negations, but intelligently 
conserved in positive vigor and exuber- 
ance. Purposeful thought ministration, 
spiritual and pure in quality, accurately 
and scientifically projected, like an arrow 
towards a target, will be the great har- 
monizing and uplifting agency that uvill 
transform the world. Vibrations of love. 
peace, spirituality, health, sanity and 
harmony, will be radiated in ever widen- 
ing circles, striking responsive unisons 
that are only waiting for a well-directed 
concordant impulse. 

- The dynamics of mind, when gener- 
ally utilized, will be the sovereign balm 
that with scientific accuracy will heal all 
the infelicities of society. It will usher in 
not only reform but regeneration. In its 
copious fulness it will overflow from the 
altitude of spiritual development, until 
the subordinate plains of intellectuality, 
ethics, therapeutics, sociology, econom- 


~ jes and physics.are swept purified and 


uplifted. The highest includes every- 
thing below. With the kingdom of heaven 
- which is subjective harmony - first 


_ sought, "all these things" will be added. 


ek cette eng oh vere 


(from left to right) - Sympathetic Negative Transmitter; Triple Column for Measuring Specific 
Gravity of Gases; Dominat Scale and Resonator; Hydrogen Generator 
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The Neutral Center 


John Ernst Worrell Keely 


“A center of introductory action ts 
necessary in all operations of Nature.” 


All structures require a foundation. 
This neutral center is the foundation. 


"Every molecule, every mass, every 
moving body in space, every solar sys- 
tem, every stellar system, EVERY ROTA- 
TORY SYSTEM, is built about a NEU- 
TRAL CENTER. It is the indestructible 
unit around which all that we recognize 
as matter is built. Immovable itself, it 
moves all things. Indestructible itself 
throughout infinity of time, it creates all 
things. It produced and preserves the 
incalculable energy of motion of the en- 
tire Universe. It bears the unthinkable 
burden of the mass of the Universe. It is 
the most wonderful thing Man has dis- 
covered in the Universe since he discov- 
ered fire. zi 

“If we should take a planet of say 
20,000 miles diameter and should dis- 
place a portion of the interior so as to 
have a crust of say 5,000 miles thick- 
ness, and at the center of the planet, 
place a billiard ball, that small mass, 
immeasurably smaller than the bulk of 
the earth, would bear the entire burden 
of the mass of the crust 5,000 miles thick 
and would keep it equidistant from itself. 
No power, however great, could possibly 
displace this central mass so as to bring 
it into contact with the crust. Further- 
more, to move this central mass in any 
direction, would require a force sufficient 
to move the entire mass of the planet, 
and in propagating or continuing any 
such motion the neutral center, this bil- 
liard ball, will at all time periods remain 
still in the exact center, bearing the same 
equidistant relation to its hollow shell. 
The mind staggers in contemplating the 
burden borne by this neutral center, 
where weight ceases.” No less wonderful 


are other properties of the neutral cen- 
ter. 

"It is the cause of the physical Uni- 
verse. Its attraction condensed that 
which we recognize as substance. Matter 
was evolved from the affinity of this 
neutral center for sympathetic streams 
and since it is immovable, it caused, 
through negative attraction the forma- 
tion of nodes in these streams, where the 
vibrations thereafter continued to meet 
in a center of sympathetic coincidence 
causing the permanence of form and 
matter. Every nebula, an embryonic 
world, is acted upon, created and pre- 
served by this neutral center, and at the 
termination of its cycle, it 1s ultimately 
also destroyed by it, causing its absorp- 
tion inte the Unknown from whence it 
came. 

"The actual neutral center of the 
earth is, in fact, even infinitely smaller 
than the billiard ball referred to above. It 
consists of a compound interetheric 
point in space, so small that were we to 
magnify a pin head to the size of the sun, 
and from that substance take a particle 
of matter the same size, again magnify- 
ing it to the size of the sun, the new 
center’ would still be invisible, even 
though the structure of this last sub- 
stance was examined through the high- 
est powered microscope ever created, or 
to be created. For the neutral center is 
INDIVISIBLE. Its attributes do not be- 
long to matter, and pertain in no way to 
matter, which is but its exterior mani- 
festation. 

"Every aggregate mass consists of 
molecules, each of which has its neutral 


center where the three modes of vibra- 


tion, dominant, harmonic, and enhar- 
monic, meet in a center of sympathetic 
coincidence and are equated without 
cancellation of their energy.” 

"The fixed neutral center of the earth 
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Tarantulas 


Fun fact: fried spider is a delicacy in Cambodia. Remove as much hair as you can, and 
don't eat the fangs. If you cook them, curled legs are an indicator of how done they are 
and how well cooked the insides are. One of the most common edible spiders is the 
Thai zebra spider, but it is venomous and aggressive. 





Bees and Wasps 


Cut off the stingers and legs. Cook well. But be forewarned: These fliers are dangerous 
to catch. If risking stings is worth it (or you don’t have another choice), you can try 
plugging the hive, and then smoke the whole thing with some sort of improvised torch to 
kill everything inside. These are on the “honorable mention” list only because they’re 
hard to catch and will attack you without remorse. That said, bee larvae can be eaten, 
and they’re less likely to fight back. 
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is the concentration or totalized power of 
all the several molecular neutral centers 
in the earth's mass. This neutral center, 
which is absolutely WITHOUT WEIGHT, 
an interetheric point in space, commu- 
nicates direct by means of its outilow of 
sympathy, with every planetary mass in 
the Universe. Through its inflow of’sym- 
pathy, through the solar intermediate, 
the sun, it receives the life flow from the 
SUPREME NEUTRAL CENTER that ena- 
bles it to perpetuate its existence. Thus 
through the outflow from this Supreme 
Neutral Center that pivoting point of the 
Universe controls the existence and mo- 
tion of not only every stellar, solar and 
planetary mass in space, but also the 
rotatory vibration, in every individual 
molecule, intermolecule, etc. through all 
the subdivisions of matter, thereby sus- 
taining their existence and motion with 
the life flow. 

"All foundations must be sufficient to 
bear their burden. Conceive then the 
Universe centered upon and resting the 
burden of is incalculable mass and ki- 
netic energy on a vacuous interetheric 
point in space, so minute that it is actu- 
ally INDIVISIBLE. This conception can 
only be fully comprehended by an infinite 
mind. Independent of time, because in- 
destructible in its unity, independent in 
space, because through its properties 
space itself exists and without it would 
not exist, independent of matter because 
its properties in an external direction 
created all that we know as matter and 
gave it seeming permanence, the neutral 
center is that protean, uncreated, inde- 
structible, forever-existing FIRST 
CAUSE. Without hands, without tools, 
without thought, without emotion, with- 
out love, without form, without sub- 
stance, it, of itself, created all these. All 
that we see or can see in the objective 
Universe exists because of and by means 
of the properties and powers of the 
NEUTRAL CENTER. 

"No machine heretofore constructed 
has been made with a neutral center. 
This conception of mechanics has never 
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before dawned on man's thought field. 
Had this been done, perpetual motion 
would have become a demonstrated fact. 
Were a machine so constructed as to use 
its properties, an introductory impulse 
would suffice to run it for centuries. 
However, this would not be a useful me- 
chanical contrivance for no more energy 
could be obtained from it than was orig- 
inally given, and its only value would be 
as a timekeeper.” Keely did not seek to 
invent, nor did he claim to have invented, 
perpetual motion. 

“The neutral center is only estab- 
lished when rotation exceeds 100 revo- 
lutions per minute, which is sufficient, 


_ with the vibratory circuit running at 


100,000 per second, to neutralize the 
influence of gravity on the volume of the 
neutral third of the sphere.” The neutral 
center controls its sphere of operation, 
whether that mass controlled by it be 
homogeneous or complex. All differential 
mass antagonism is equated on the in- 
duction of certain orders of vibration. 
The structural conditions can be entirely 
adverse, even of unlike states --- gases 
with liquids, liquids with solids, solids 
with gases, its control will be as complete 
in one case as in the other. 

"The condition of unstable equilibri- 
um was bom in ¢ach neutral center, that 
by means of this arrangement, the nei- 
tral center might become the connective 
link or controlling tendency, holding 
these two properties in balance and as- 
suming either phase at will. Between the 
dispersing positive and the attractive 


‘hegative it stands, the deciding factor, 


the Universal Will. "The action that in- 
duces this property I call the connective 
link is sympathetic planetary oscilla- 


tion." 


Theory And Formula Of Aqueous 
Disintegration 


by John Keely 


The peculiar conditions as associated with the 
gaseous elements of which water is composed, as 
regards the differential volume and gravity of its 
gases, make it a ready and fit subject of vibratory 
research. In submitting water to the influence of 
vibratory transmission, even on simple thirds, the 
high action induced on the hydrogen as contrast- 
ed with the one on the oxygen (under the same vi- 
bratory stream) causes the antagonism between 
these elements that induces dissociation. The dif- 
ferential antagonistic range of motion, so favor- 
ing the antagonistic thirds as to become thorongh- 
ly repellant. The gaseous element thus induced 
and registered, shows thousands of times much 
greater force as regards tenuity and volume than 
that induced by the chemical disintegration of 
heat, on the same medium. In all molecular disso- 
€iation or disintegration of both simple and com- 
pound elements, whether gaseous or solid, a 
stream of vibratory antagonistic thirds, sixths, or 
ninths, on their chord mass will compel progres- 
sive subdivisions. In the disintegration of water 
the instrument is set on thirds, sixths, and ninths, 
to get the best effects. These triple conditions are 
focalized on the neutral center of said instrument 
so as to induce perfect harmony or concordance 
to the chord note of the mass chord of the instru- 
ments full combination, after which the diatonic 
and the enharmonic scale located at the top of the 
instrument, or fing, is thoroughly harmonized 
with the scale of ninths which is placed at the 
base of the vibratory transmitter with the tele- 
phone head. The next step is to disturb the harmo- 
ny on the concentrative thirds, between the trans- 
mitter and the disintegrator. This is done by 
rotating the siren so as to induce a sympathetic 
communication along the nodal transmitter, or 
wire, that associates the two instruments. When 
the note of the siren becomes concordant to the 
neutral center of the disintegrator, the highest or- 
der of sympathetic communication is established. 
It is now necessary to operate the transferable vi- 
bratory negatizer or negative accelerator, which 
is seated in the center of the diatomc and enhar- 
monic ring, at the of the disintegrator, and 
complete disintegration will follow (from the an- 
tagonisms induced on the concordants by said ad- 
juact) in triple progression, thus: First thirds: Mo- 
lecular dissociation resolving the water into a 
gaseous compound of hydrogen and oxygen. Sec- 
ond: sixths, resolving the hydrogen oxygen 


into a new element by second order of dissocia- 
tion, producing what I call low atomic ether. 
Third: ninths, the low atomic ether resolved into 
a new element, which I denominate high or sec- 
ond atomic harmonic. All these transmissions be- 
ing simultaneous on the disturbance of sympa- 
thetic equilibrium by said negative accelerator. 


. EXAMPLE: 


Taking the chord mass of the disintegrator B 
flat, or any chord mass that may be represented 
by the combined association of all the mechanical 
parts of its structure (no two structures being 
alike in their chord masses) taking B flat, the res- 
onators of said structure are set at B flat first oc- 
tave, B flat third octave and B flat ninth octave 
by drawing out the caps of resonators until the 
harmony of thirds, sixths, and ninths are reached; 
which is simple movement of the fingers on the 
diatonic scale, at the head, will determine by the 
tremulous action which is highly sensible to the 
touch, on said cape. The caps are then rigidly 
fixed in their different positions by set screws. 
The focalization to the neutral center is then es- 
tablished by dampening the steel rods, on the 
back of the scale, representing the thirds, sixths 
and niaths, drawing a piece of small gum tube 


‘over them, which establishes harmony to the 


chord mass of the instrument. Concordance is 


thus effected between the disintegrator and the 


ninths of the scale at base of transmitters with tel- 
ephonic head. 


This scale has a permanent sympathetic one, 
Set on the ninth of any mass chord that may be 
represented, on any and all the multiple variations 
of mechanical combinations. In fact, permanently 


’ set for universal accommodations. 


‘The next step is to establish pure harmony be- 
tween the transmitter and the disintegrator, which 
is done by spinning the siren disk, then waiting 
until the sympathetic note is reached, as the siren 


chord, decreasing in velocity, descends the scale. 


At this juncture, the negative accelerator must be 
immediately and rapidly rotated, inducing high 
disturbance of equilibrium between the transmit- 
ter and the ee by triple negative evolu- 
tion, with the result that a force from five to ten, 
fifteen, twenty, and thirty thousand pounds to the 
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square inch is evolved by the focalization of this 
triple negative stream on the disintegrating cell, 
or chamber, whether there be one, two, three, 
five, or ten drops of water enclosed within it." 


“When moist air is subdivided by atomic vibra- 
tion, the hydrogen is dissociated or separated 
from the oxygen but neither of them pass from 
the intermolecular state. Not until the intersholec- 
ular structure of hydrogen is subdivided by inter- 
atomic vibrations can it assimilate with the intro- 
ductory etheric element.“ 


"The latent force from liquids and gases differs . 


from that liberated in metals in that it results from 
the breaking up of their rotating etheric enve- 
lopes, increasing simultaneously the range of 
their corpuscular action giving under confine- 
ment forces of almost infinite variety of pres- 


sures, When liberated from the tube it is confined 


in it seeks its medium of corresponding tenuity 
with a velocity exceeding that of light.” 


"The sympathetic neutral flow (from the mo- 
lecular neutral centers to the mass neutral center) 
is the latent power liberated in the disintegration 
of water. In water this power is dispersive, liber- 
ating latent elastic energy, while in metals the'la- 
tent force manifests itself only in negative attrac- 
tion and when these vibrations are applied to 
minerals, there is evolved the primal ether which 
is dissipated, leaving behind only an impalpable 
intermolecular dust, in which is contained in vir- 
gin form an metals originally in the mineral 
mass." 


A non-intermittent flow of sympathy must 
flow along the Trexar, consisting of harmonious- 
ly adjusted thirds. Differential molecular weight 


is required, that is, the gas must contain heavy at- 


oms and light atoms. This condition is satisfied - 


by waiter, which consists of two light atoms of hy- 

drogen and one heavy atom of oxygen. The oxy- 

gen atom weighs sixteen times as much as the hy- 
ogen. 


It is absolutely necessary to release the molec- : 


ular ether by reducing the water.to the interatom- 
ic state, before the atoms within the intermole- 


cules can be released. Also the etheric capsules of . 
the atomic and interatomic must be ruptured be-. 
luced. The 


fore the interatomic force can be 
ether from one subdivision is essential to subdi- 
viding the next higher. 


Keely systemized the proper vibratory chords 
progressively, from the introductory molecular to 
the interetheric, embracing seven distinct orders 
of triple subdivision. He proved to his own satis- 
faction that progressive subdivision evolves new 
and distinct elements "too multiple to enumer- 
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ate.” 


Water is a ready and fit oy for vibratory 
research on account of its "differential volume" 
and gravity of its gases. Even on simple thirds the 
differential action between hydrogen and oxygen 
causes antagonism and dissociation. The differen- 
tial of mass is such that the hydrogen and oxygen 
become thoroughly repellant and thereby exhibit 
thousands of times more force than d be in- 
duced by heat on the same amount of water. Vi- 
bration of antagonistic thirds, sixths and ninths on 
the mass chord will compe! progressive subdivi- 
sions and to get the best effect on water, the in- 
strument is set on all of these. First, the focalizing 
chord of sixths induces perfect harmony to the 
mass chord. Then the diatonic scale and enhat- 
monic scale at the top of the instrument (or ring) 
is harmonized with the scale of the ninths at the 
base of his Trexar with the telephone transmitter. 
His next procedure was to disturb the harmony 
between the transmitter and disintegrator on the 
concentrative thirds or sixths, by rotating a siren. 
This he used to induce sympathetic communica- 
tion along the Trexnonar between the vibrator 
and disintegrator. When the siren concorded to 
the neutral center it established the highest order 
of sympathy. He then operated the “transferable 
vibratory negatizer” or “vibratory accelerator” in 
the center of the “diatonic and enharmonic ting" 
at the top of the disintegrator and complete disin- 
tegration followed. The thirds first resolved the 
water molecules into bydrogen and oxygen, then 
the sixths resolved the hydrogen and oxygen into 
new elements by dissociation, rang “low 
atomic ether." Then the ninths resolved the low 
atomic ether into a new element or “high or sec- 
ond atomic harmonic." All these transmissions 


-were simultaneous on the sympathetic equilibri- 


um being disturbed by the negative accelerator. 
‘Keely's first efforts toward disintegration of 


.the elements of water were successful because of 


the differential weight of the respective atoms 
composing its molecules. Subsequently, he dis- 
covered that this same method, disintegration by 
differential mass, may be carried out with any 
gas, in other words, it must contain heavy atoms 
and light atoms. The heavy atom or oxygen in 
water weighs just sixteen times as much as either 
of the hydrogen atoms to which it is joined by 
chemical affinity. 


"In the dissociation of water, molecular and in- 
termolecular dissociation produces the first order 
of ozone, which is refreshing and vitalizing to 
breathe. Atomic and interatomic dissociation pro- 
duses the second order of ozone, which is too 
pure to breathe, for it produces insensibility.” The 
third order of ozone, produced by etheric and in- 
teretheric dissociation, Keely used in his "carbon 


Theory and Formula of Aqueous Disintegration 


Tegister” to produce a high vibratory circuit to 
break up cohesion, which he recognized as mo- 
lecular magnetism. It is possible that this "disso- 
ciation” in the “carbon register" depolarized the 
iron molecules by allowing the corpuscular out- 
reach to retum within the molecular embrace, 
The acceleration of vibration producing these dif- 
ferent orders is governed by the introductory im- 
pulse and the subsequent chords, as arranged in 
his Liberator, by which he dissociated water. In 
molecular dissociation he used one fork of 620, 
setting chords on the first octave. In atomic separ- 
ation, he used two forks, one of 620 and one of 
630, setting chords on the second octave. In 
etheric separation he used three forks, one of 620, 
one of 630 and one of 12,000, setting the chords 
on the third octave. 


"Not until the intermolecular structure of hy- 
drogen is subdivided by interatomic vibrations, 
can it assimilate with the introductory etheric ele- 
ment.” 


Certain differential, dual, triple or quadruple 
chords act as an introductory impulse exciting ac- 
tion on molecular masses (liquid or gaseous) de- 
creasing molecular oscillation. They are then in a 
receptive state for vibratory disintegration. The 
diatonic-enharmonic is sounded, increasing mo- 
lecular oscillation. Molecular subdivision takes 
place when oscillation exceeds 50% of their di- 
ameters. (Molecular or intermolecular?) The gas 
is now molecularly subdivided and assumes a 
high velocity of rotation in any confining contain- 
er, be it sphere or tube and becomes the medium 
or prepared subject for further disintegration. At 
this particular time Keely sought to further excite 
this preparatory medium by the use of an “illumi- 
nated revolving prism” a condenser (concave mir- 
ror or convex lens) and colored lenses, thereby 
giving the vibratory frequencies of their respec- 
tive colors. In his disintegrator a glass tube of suf- 
ficient strength to withstand a pressure of 1000 
Ibs. per square inch was arranged leading to the 
neutral center and the Trexar was attached to the 
external end of this glass tube. His use of this 
tube was probably also to convince the skeptics 


that the production of his power was genuine and. 


possibly also was used to transmit color vibra- 
tions of such frequencies as to release the energy 
in the neutral center of the sphere. 


When the triple introductory impulse or chords 
in three octaves, are transmitted to the disintegra- 
tor it SUBSERVES OR RENDERS NON- 
OPERATIVE THE MOLECULAR CONCOR- 
DANT THIRDS AND ANTAGONIZES WITH 
DISCORDANT THIRDS, extending their range 
of oscillation and thereby inducing the highest 
degree of repellant antagonism or repulsion to- 
ward the neutral center of the sphere volume. 


The etheric dominant or celestial current induc- 
es aqueous disintegration and thermal concentra- 
tion which two prime conductors display a coin- 
cident chord of sympathy with the celestial 
current. These two prime conductors link the ter- 
restrial to the celestial, without which electricity 
and magnetism would tend to 
become static or stable, all life and motion are 
governed by a dual power disturbance of equilib- 
rium and sympathetic equation, both of which are 
in turn moved and regulated by electricity and 
magnetism. 


Progressive molecular and intermolecular dis- 
sociation reproduces on a smali scale Nature's 
system of light production and also invariably re- 
sults in vortex motion. All corpuscular action in 
Nature is vortex motion. The vortex action be- 
tween the terrestrial and celestial streams, terres- 
trial condensation against solar tensions, shows 
conditions analogous to those displayed in the 
dissociation of water into hydrogen and oxygen, 
that is, vortex motion of the highest order, but pe- 
Tipheral only. 


EXAMPLE OF DISINTEGRATION 


If the mass chord of the disintegrator is B flat, 
the resonators of that structure are set at B flat 
first actave, B flat third octave and B fiat ninth 
octave, by drawing out the resonator caps and 
clamping the set screws. A simple movement of 
the fingers on the diatonic scale at the head will 
determine by the tremulous action of the caps 
when exactly resonant. Neutral focalization is 
then established by dampening the steel rods on 
the back of the scale representing thirds, sixths, 
and ninths, by drawing a piece of small gum tube 
over them, which establishes harmony to the 
mass chord of the instrument. This effects con- 
cordance. between the disintegrator and the ninths 
oe at base of transmitter with telephone 
head. 


_ This instrument had a universal accommodator 
for all ninths in all multiple variations. This was 
possibly his sphere resonator. 


Concordant harmony must now be established 


‘between the transmitter and the disintegrator by 


spinning the siren disk and waiting for the sympa- 
thetic note as its velocity decreases. As scon as 
this note sounds, the negative accelerator must be 
rapidly rotated inducing high disturbance of equi- 
librium between the disintegrator and the trans- 
mitter by triple negative evolution resulting in 
enormous pressure. By triple negative evolution 
he doubtless means disintegration to the etheric 
stage. 
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Keely's Motor Secret 
Revealed at Long Last 


by Dale Pond 


For over 120 years the secret concern- 
ing the function and operation of the Kee- 
ly Hydro-Pneumo-Pulsating-Vacuo motor 
has baffled all the scientists and engineers 
who saw it. This mystery of mysteries has 
been solved. 

I had developed a theory of operation 
over the past several years regarding its se- 
cret of operation. What was needed was 
to rebuild and run the motor to prove the 
theory. 

During the second week of August, 
Vic Hansen and I resolved to recondition 
the original Keely motor in his possession. 
Extraordinary care was taken not to dam- 
age any part and all gaskets were replaced 
and all leaks fixed. We succeeded in recu- 
perating only one of the two pistons as a 
valve in the second piston was frozen and 
we loathed to dismember the motor that 
this second piston would function. We 
were able to reestablish the functionality 
in only one piston. This proved to be suf- 
ficient for the test. Running on only one 
cylinder was not sufficient for the motor to 
mun on its own power so we ran waler 
through it in reverse. This was sufficient to 
prove the principle as we could clearly 
hear the "pop" of the one live cylinder co- 
inciding with the tming and function of 
principles. As the piston “popped” the 
crank and connections responded to the 
momentary decrease in pressure. Yes, I 
said decrease in pressure. 

This function of this motor represents 
the female or nightside forces at work. 
The force is one of implosion or centrali- 
zation of vibratory forces. It is exactly op- 
posite in function to every known type and 
manner used to today to derive motive 
power. This explains, in part, why it has 
remained a mystery all these years. Be- 
cause they were looking for expansive 
force or the male, propulsive type forces, 


they remained baffled because no such 
force exists in its function. Two other not- 
able things can be said about its function: 
one, it uses a lot of water to mun, second, 
there is no heat whatsoever as it operates. 
The need for so much water can be re- 
solved with better engineering - this 
should be simple feat as we know Keely 
eventually generated thousands of psi us- 
ing but a few drops of water as he im- 
proved the design of the motor. The cold- 
ness of operation is a boon just the way it 
is. This means new models can be built of 
PVC or other plastics. 

The importance of this discovery can- 
not be over stated: 1) It proves Keely 
wasn't a fraud as some allege. 2) It gives 
mankind a whole new energy source that 
is clean, powerful and simple. 3) It uses a 
plentiful and costless fuel - water. 4) It 
gets us into the doorway to reach for his 
greater and more wonderful discoveries 
based on his etheric vapor. This motor, as 
simple as it is, led Keely to the discovery 
and development of his etheric vapor and 
etheric force. By understanding its prime 
principle of function, we too, can make 
this giant step into the far reaches of ap- 
plied physics. 

So, how does it work? Where does the 
energy come from to propel itself? From 
cavitation of water. You are no doubt fa- 
miliar with the phenomenon of water ham- 
mer. This is cavitation and is the very 
same source of energy in the Keely Motor. 
Water hammer is the development of a 
negative pressure cell in a flowing stream 
of watér by cutting off its supply quite 


‘suddenly. The resulting partial vacuum 


collapses (implodes) with a force that can 
reach several thousand pounds per square 
inch instantly. In his motor this pressure 
was controlled to around 50 psi which was 
sufficient to run this little model. 
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Those of you working with implosion 
forces will be glad to see this practical ap- 
plication of the phenomenon of cavitation 

- and the resulting implosive force. 

Thus, the engineers investigating Kee- 
ly's Motor were all looking for a male or 
explosive force and found none. During 
the collapse of the cavitation ‘bubble 
formed in the piston chamber the piston 
was sucked down and not pushed up as in 
our "modem" engineering concepts. 

The design of Keely's motor is so sim- 
ple and basic that anyone with a modicum 
of talent can replicate and even improve 
on his design. He built his machine over 
120 years ago and was hindered by not 


having the convenience we have of mod-— 


ern valves, ready made materials and 120 
years of hydraulic engineering as suppott. 
Since the motor runs cold and with ordi- 
nary water the parts to build a unit can be 
had at your nearest hardware store. I sug- 
gest looking into PYC pipe and automatic 
valves such as are used in building sprink- 
ler systems. Two valves, one for intake 
and one for exhaust coupled to a PVC cy!- 
inder should be all that is needed. 

To go about building your own work- 
ing model of his motor you should first ac- 
quire a copy of the book Cavitation by F. 
Ronald Young, MacMillan and Co. This 


book is now out of print. This book is the . 


first and hence only book detailing cavita- 
tion. The different kinds of cavitation and 
their technical parameters are explored 
very thoroughly. The resulting effects of 
cavitation such as sonoluminescence and 
sonochemistry are all explored. The book 
further gives hundreds of references for 
source materials or previous research and 
lab work on this most fascinating of sub- 
jects. There is also a very good technical 
description of water hammer on page 249. 


How the motor works 


Water hammer is caused by a stream 
of water being shut off quickly. The trail- 
ing edge of the water stream (next to the 
shutoff valve) becomes rarefied (partial 
vacuum) and forms into a negative pres- 
sure area filled with a sensitized vapor 
composed of water, air and any gases that 
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‘may have been present in the water. This 


vapor is the first stage or the basic form of 
Keely's etheric vapor. The negative pres- 


. gure cell collapses when the water stream 


bounces back against the shutoff valve. 


_ The physics of these actions and reactions 


is fascinating and promises so much for 
development that we will all be very busy 
developing them for years to come. 

In the Keely Motor the water is first 
drawn into the central pulsating vacuum 
chamber by a light vacuum formed when 
the pistons pull water into the system. 
This vacuum chamber maintains a steady 
negative pressure on the water from this 
point on. Between the vacuum chamber 
and the pistons are two valves. The first is 
a one-way check valve which serves to 
maintain the vacuum in the central pulsat- 
ing vacuum chamber yet allows the pis- 
tons to pull water into itself as it is needed. 
The second valve is quite ingenious and 
simple. Its function is: 1) to allow water 
into the piston, 2) close for implosion and 
then 3) to allow drainage of the spent wa- 


[. 

The water then passes directly into the 
piston during its up (suction) stroke. The 
valve rotates shutting off the water stream 
just as the pene reaches its apex and cavi- 
tates which brings the piston down again. 
Instantly the valve rotates a little more 
opening two exhaust ports and the water is 


’ pushed and drained out through the bot- 


tom. This is all there is to the Keely mo- 
tor. It is simple, elegant and functional. 


- Rules of thumb are: 1) the more vacuum 


the better the cavitation, 2) the greater the 
velocity of the water the better the cavita- 
tion. The book "Cavitation" has more ide- 
ag on improving cavitation than we have 
space here to list. 


Editor’s Note (lune, 1994): Since this 
article was written much more has been 
learned about this motor. Please refer to 
booklet The Keely Motor available from 
Delta Spectrum Research P. O. Box 316 
valenine: Nebraska 69201 (402) 376- 
1523. 


Sympathetic Vibratory Physics 


The Science and Technology of John Ernst Worrell Keely 


Lecture given by Dale Pond before the 
Swiss Association of Free Energy, . 
October 28, 1989, Einseideln, Switzerland 


Mankind has placed himself in a 
grave situation. He has divorced him- 
self from Nature with his current atti- 
tudes towards Science and Religion. The 
study of Nature ts really a study of Sci- 
ence and Religion. Science is man's ef- 
fort to know about Nature. Religion is 
man's effort to reconnect with that Na- 
ture. Hence through the arts of science 


and religion Mankind is attempting to ~ 


know what Nature is in its truest sense 
and by way of this ever-expanding un- 
derstanding to establish his kinship 
with Nature. These two subjects are 
bound together as a two sided unit. 
Science on the one side is ever expand- 
ing understanding and Religion is the 
assimilation of himself into this ever 
growing awareness of all that is around 
him. This concept is of course the ideal 
situation. Mankind has rarely attained 
this ideal state. 


In actuality Mankind has separated 
himself from Nature with his ever in- 
creasing materialistic views embodied in 
both Science and Religion. His Science 
admits no connection between himself 
and his experiments. Atheistic atti- 
tudes separates him from Nature and 
natural processes. This is in error and 
has lead ultimately to the abysmal situ- 
ation we find on earth today. Pollution 
is rampant and uncontrolled. Hunger, 
pain and suffering, and a lack of the ba- 
sic material necessities plagues people 
in all countries. In fact, century 
has been the bloodiest time in all of 
Mankind's history with nearly 100 mil- 
lion souls destroyed in all parts of the 
Blobe. 


It would seem, at first glance, that 
with all the modernizations and increas- 
es in human science and technology, 
that we are living in the greatest age of 


history. But this is not so. To those 
who have perished and those who now 
suffer this is a terrible time in history. 
The question remains “why is this so?" 


It is an easy thing to point one's fin- 
ger at the “bad guys” and lay blame at 
someone else's feet. It is easy to say 
one political group is evil and one's own 
political group is innocent. The truth of 
the matter is these problems were not 
created by any one or several groups of 
politically oriented peoples. These prob- 
lems were created and perpetuated by 
ignorance. This ignorance is a lack of 
awareness that all of Mankind is a part 
of Nature. This materialistic ignorance 
does not recognize that we are all 
of a single natural scheme closely 
bound together in our actions and cir- 
cumstances. A concept of Oneness, an 
idea that Mankind is a valuable part of 
Nature, has long been held and pre- 
served through the centuries most con- 
spicuously by the religious and meta- 
physical organizations. Materialistic 
science has cut off these tried and true 


. ideas at the knees and left man bereft of 


his common foundation. Materialistic 
science has left mankind with nowhere 
to go except along the paths he has es- 
tablished in this century. These paths 
have lead to more bloodshed, pain and 
suifering than all previous paths he has 
ever choosen. 


' Free energy will not liberate Man- 
kind from these evils. Neither will faster 
and more powerful machines free him of 
these self imposed burdens. Certainly 


more money, more people and more bu- 


reaucracies will not help either. We al- 
ready have cheaper energy, more peo- 
ple, more bureaucracies and have 
spend vast amounts of human effort to- 
wards the solution of these problems 
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and the net result has been an increase 
of the same problems. Mankind is on 
the wrong path. 


What is needed is a comprehensive 
awareness that binds Mankind together 
within a wholstic knowledge that he is 
a part, an important part, in the natural 
processes of Nature in which finds 
himself. What one man does has an ef- 
fect on his neighbor and the natural 
processes surrounding them both. This 
dual view of nature is fundamental to 
science, religion and common sense, It 
is called the Law of Cause and Effect by 
science and karma by certain religions. 
This is an almost impossible law for 


most science or most religions to accept. 


because it implies responsibility to one's 
self. It also implies that the perpetrator 
be: charitable. He must concede that 
his neighbor have as much importance 
to him as himself. Another false prem- 
ise of materialistic science is that of in- 
sufficiency. The establishment of mon- 
opolistic and totalitarian organizations 
is based on this false idea of there not 
being enough energy or materialistic 
substances to go around. With a broad- 
er paradigm that concedes the Universal 
Forces of Nature are limitless mankind 
can then be charitable. But to even 
concede this much many are hesitant 
because it implies their knowledge and 
power structures are based erroneously 
on false premises. These ideas of end- 
less abundance implies sharing and 
most refuse to share because they be- 
lieve in limited materialities as opposed 
to limitless potentialities. -- Hence, the 
exercise of charity has not been one of 
Mankind's greatest achievements. 


My message to you today is that 
there is a paradigm of both Science and 
Religion that encompasses the highest 
of virtues expressible by Man. There is 
a field of science so powerful that it can 
build a new and better future for Man- 
kind. There is a philosophy and science 
so all-encompassing that it can bring 
Mankind to a realization of his Oneness 
with his neighbors and with all of Na- 
ture. This paradigm has latent within 
itself, because of its breadth and scope, 
more than enough material and spiritu- 
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al benefits for everyone because it rec- 
ognizes and uses the very foundation 
principles of Nature itself. Because of 
its recognition and acceptance of its role 


- in life it does not trample human rights 


or the rights of Nature and assumes full 


_ responsibility for itself within its own 


scope of possibilities. More than all 
this, it recognizes the valuable parts of 
all sciences and religions and merges 
them into a comprehensive and usable 
paradigm that has within itself seeds for 
‘unlimited growth and expansion. This 


paradigm of science is called Sympa- 
thetic Vibratory Physics. 


What is Sympathetic Vibratory 
Physics? It is the science of Harmony, 
of Oneness. It holds the concept that 
all comes from One Source, One Force. 
It maintains that the fantastic array of 
things and activities throughout the 
universe are related in a simple man- 
ner. This simple basis of relativity is 
called vibration. It has been long recog- 
nized that everything in the universe vi- 
brates. Thus, a study of vibrations is 
the study of the very foundation of Na~ 
ture. For once we grasp the inner func- 
tioning of the vibratory Universal Crea- 
tive Forces as they operate throughout 
the universe, then, and only then, can 
we correlate them into a comprehensive 
paradigm and bring them into practical 
modes of usefulness for the benefit of 
mankind. Unlike dogmatic, cold sci- 
ence, Sympathetic Vibratory Physics 
does not isolate one phenomena from 
another but accepts and shows the in- 


- ter-connectivity between all things and 


forces, This interconnection between all 
things is vibration and related vibratory 
phenomena. To understand vibration 
we must develop a comprehensive orga- 
nized science of vibration governed by 
laws and principles. Fortunately a great 
deal of this development work has al- 
ready been done. We have a well devel- 
oped science of music. Music is an or- 
ganized art and science of vibrations 
found within the audible range of the 
infinite Electromagnetic Scale. A major 
segment of Sympathetic Vibratory Phys- 
ics is therefore a study of music, its ar- 
ithmetical and philosophical basis of de- 
velopment and how these may be 


United States Patent [19 
Rogers, Sr. 


[54] METHOD AND APPARATUS FOR 
OPERATING AN ENGINE ON 
COMPRESSED GAS 


{76] Inventor: Leroy K. Rogers, Sr., #5 Capistrano 


Ct., Fr. Myers, Fla. 33908 


{21] Appl. No.; 158,303 

[22} Filed: Jun, 10, 1980 

[51] Lint, Ch a eseesteneesseerseee FLSB 11/06 

[SZ] US. CD, ec cccsecsccnsesernsansepeesceneens 60/407; 91/187; 

91/275 

(58] Field of Search .................... 60/407, 412; 91/187, 
91/275, 364 

[56] References Cited 


U.S. PATENT DOCUMENTS 


3,881,399 5/1975 Sagi et al. ........ we GA/187 X 
3,885,387 5/1975 Simington .. ..- 60/407 X 
4,018,050 4/1977) Murphy essere 60/412 X 


Primary Examiner—Allen M. Ostrager 
Attorney, Agent, or Firm—Burns, Doane, Swecker & 
Mathis 






(H1] 4,292,804 
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(57] ABSTRACT 


The present invention relates to a method and apparatus 
for operating an engine having a cylinder and a piston 
reciprocable therein on compressed gas. The apparatus 
comprises 2 source of compressed gas connected to 4 
distribuior which distributes the compressed gas to the 
cylinder. A valve is provided to selectively admit com- 
pressed gas to the cylinder when the piston is in an 
approximately top dead center position. In one emoodi- 
ment of the present invention the timing of the opening 
of the valve is advanced such that the compressed gas is 
admitted to the cylinder progressively further before 
the top dead center position of the piston as the speed of 
the engine increases. In a further embodiment of the 
present invention a valve actuator is provided which 
increases the length of time over which the valve re- 
mains open to admit compressed gas to the cylinder as 
the speed of the engine increases. A still further embodi- 
ment of the present invention relates to an apparatus for 
adapting a conventional internal combustion engine for 
operation on compressed gas. 


22 Claims, § Drawing Figures 





Caterpillars 


Some are toxic, like the giant silkworm moth and the puss caterpillar. Bright ones and 
hairy ones tend to be toxic, but that isn’t a set-in-stone rule. So either do some research 
about the area you plan to be stranded in or proceed with extreme caution. If you're 
stranded and looking to survive, this probably isn’t the best gamble. 





Some are toxic, so either do some research about the area you plan fo be stranded in or proceed with extreme 
caution 


tinkerbrad / Flickr 


Which Bugs Shouldn't | Eat and Why? 





Bug Don't Eat It Because... 





You don't know what they ate. They love eating poisonous plants. Cooking them 








| oe doesn't boil out this poison. They also carry rat lung worm (and it’s as awful as it 
sounds). 
Tarantitie They have no qualms about jumping on you and attacking you. They're 


aggressive. 


| 
| Bees and These guys will kamakaze you. You could get stung by them. Other insects are 
Wasps likely more readily available, and they're definitely less likely to attack back 





Some are toxic, and unless you know which is which beforehand, now is probably 
not the time to guess wildly. 





| Caterpillars 


Telltale Signs a Bug Might Kill You 


While the majority of bugs are safe to eat, there are a few precautions you should take: 


e Avoid Bright Colors: Don't eat any insects that are brightly colored; their coloration 
is a warning to predators that they're toxic. That even goes for the insects on this list. 


e Avoid Hairy Things: Avoid hairy bugs; there may be stingers nestled in the fuzz. 


« Avoid Smelly Things: Also avoid any bugs that have a potent smell (except, 
paradoxically, stinkbugs). 
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METHOD AND APPARATUS FOR OPERATING 
AN ENGINE ON COMPRESSED GAS 


BACKGROUND AND SUMMARY OF THE 
PRESENT INVENTION 


The present invention relates to a method and appara- 
tus for operating an engine using a compressed gas as 
the motive fluid. More particularly, the present inven- 
tion relates to a apparatus for adapting a pre-existing 
internal combustion engine for operation on & com- 
pressed gas. : 

Air pollution is one of the most serious problems 
facing the world today. One of the major contributors 
to air pollution is ordinary internal combustion engine 
which are used in most motor vehicles today. Various 
devices, including many items mandated by legislation, 
have been proposed in an attempt to limit the pollutants 
which an internal combustion engine exhausts to the air. 
However, most of these devices have met with limited 
success and are often both prohibitively expensive and 
complex. A clean alternative to the internal combustion 
engine is needed to power vehicles and other machin- 
ery. 

A compressed gas, preferably air, would provide an 
ideal motive fluid for a engine since it would eliminate 
the usual pollutants exhausted from an internal combus- 
tion engine. An apparatus for converting an internal 
combustion engine for operation on compressed air is 
disclosed in U.S. Pat. No. 3,885,387 issued May 27, 1975 
to Simington. The Simington patent discloses an appa- 
ratus including a source of compressed air and a rotat- 
ing valve actuator which opens and closes a plurality of 
mechanical poppet valves. The valves deliver com- 
pressed air in timed sequence to the cylinders of an 
engine through adapters located in the spark plug holes. 
However, the output speed of an engine of this type is 
limited by the speed of the mechanicai valves and the 
fact that the length of time over which each of the 
valves remains open cannot be varied as the speed of the 
engine increases. : 

Another apparatus for converting an internal com- 
bustion engine for operation on steam or compressed air 
is disclosed in U.S. Pat. No. 4,102,130 issued July 25, 
1978 to Stricklin. The Stricktin patent discloses a device 
which changes the valve timing of a conventional four 
stroke engine such that the intake and exhaust valves 
open once for every revolution of the engine instead of 
once every other revolution of the engine. A reversing 
valve is provided which delivers live steam or com- 
pressed air to the intake valves and is subsequently 
reversed to allow the exhaust valves to deliver the ex- 
panded steam or air to the atmosphere. A reversing 
valve of this type however does not provide a reliable 
apparatus for varying the amount of motive fluid in- 
jected into the cylinders when it is desired to increase 
the speed of the engine. Further, a device of the type 
disclosed in the Stricklin patent requires the use of mul- 
tiple reversing vaives if the cylinders in a multi-cylinder 
engine were to be fired sequentially. 

Therefore, it is an abject of the present invention to 
provide a reliable method and apparatus for operating 
an engine or converting an engine for operation with a 
compressed gas. 

A further object of the present invention is to provide 
a method and apparatus which is effective to deliver a 
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constantly increasing amount of compressed gas to an 
engine as the speed of the engine increases. 

A still further object of the present invention is to 
provide a method and apparatus which will operate an 
engine using compressed gas at a speed sufficient to 
drive a conventional aptomobile at highway speeds. 

It is still a further object of the present invention to 
provide a method and apparatus which is readily adapt- 
able to a standard internal combustion engine to convert 
the internal combustion engine for operation with a 
compressed gas. 

Another object of the invention is to provide a 
method and apparatus which utilizes cool expanded gas, 
exhausted from a compressed gas engine, to operate an 
air conditioning unit and/or an oil cooler. 

These and other objects are realized by a method and 
apparatus according to the present invention for operat- 
ing an engine having at least one cylinder and a recip- 
ticating piston therein using compressed gas as a motive 
fluid. The apparatus includes a source of compressed 
gas and a distributor connected with the source of the 
compressed gas for distributing the compressed gas to 
the at least one cylinder. A valve is provided for admit- 
ting the compressed gas to the cylinder when the piston 
is in approximately a top dead center position within the 
cylinder. An exhaust is provided for exhausting the 
expanded gas from the cylinder as the piston returns to 
approximately the top dead center position. 

In a preferred embodiment of the present invention a 
device is provided for varying the duration of each 
engine cycle over which the valve remains open to 
admit compressed gas to the cylinder dependent upon 
the speed of the engine. In a further preferred embodi- 
ment of the present invention, an apparatus for advanc- 
ing the timing of the opening of the valve is arranged fo 
admit the compressed gas to the cylinder progressively 
further before the top dead center position of the piston 
as the speed of the engine increases. 

Further features of the present invention include a 
valve for controlling the amount of compressed gas 
admitted to the distributor. Also, a portion of the gas 
which has been expanded in the cylinder and exhausted 
through the exhaust valve is delivered to a compressor 
to be recompressed and returned to the source of com- 
pressed gas. A gear train is selectively engagable to 
drive the compressor at different operating speed de- 
pending upon the pressure maintained at the source of 
compressed air and/or the speed of the engine. Still 
further, a second portion of the exhaust gas is used to 
cool a lubricating fluid for the engine or to operate an 
air conditioning unit. 

In a preferred embodiment of the present invention, 
the valve for admitting compressed gas to the cylinder 
is electrically actuated. The device for varying the du- 
ration of each engine cycle over which the intake valve 
remains open as the speed of the engine increase com- 
prises a rotating element whose effective length ia- 
creases as the speed of the engine increases such that a 
first contact on the rotating element is electrically con- 
nected to a second contact for a longer period of each 
engine cycle. The second contact actuates the valve 
whereby the valve remains in an open position for a 
longer period of each engine cycle as the speed of the 
engine increases, 

Still further features of the present invention meluide 
an adaptor plate for supporting the distributor above an 
intake manifold of a conventional internal combustion 
engine after a carburetor has been removed to allow air 


4,292,804 


3 
to enter the cylinders of the engine through the intake 
manifold and conventional intake valves. Another adap- 
tor plate is arranged over an exhaust passageway of the 
internal combustion engine to reduce the cross-sectional 
area of the exhaust passageway. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Preferred embodiments of a method and apparatus 
for operating an engine according to the present inven- 
tion will be described with reference to the accompany- 
ing drawings wherein like members bear like reference 
numerals and wherein: 

FIG. 1 is a schematic representation of an apparatus 
according to the present invention arranged on an en- 
gine; 

FIG, 2 is a side view of one embodiment of a valve 
actuator according to the present invention; 

FIG. 3 is a cross-sectional view taken along the line 
3—3 in FIG. 2; 

FIG. 4 is a cross-sectional view of a second embodi- 
meni of a valve actuator according to the present inven- 
tion; 

FIG. 5 is a view taken along the line 5—5 in FIG. 4; 

FIG. 6 is a cross-sectional view of a third embodi- 
ment of a valve actuator according to the present inven- 
tion; 

FIG. 7 is a view taken along the line 7—7 in FIG. 6; 

FIG. 8 is a cross-sectional view of a gearing unit to 
drive a compressor according to the present invention. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENTS 


With reference to FIG. 1, an engine block 21 (shown 
in phantom) having two banks of cylinders with each 
bank including cylinders 20 having pistons 22 recipro- 
cable therein (only one of which is shown in phantom) 
in a conventional manner. While the illustrated engine is 
a V-8 engine, it will be apparent that the present inven- 
tion is applicable to an engine having any number of 
pistons and cylinders with the V-8 engine being utilized 
for illustration purposes only. A compressed gas tank 23 
is provided to store a compressed gas at high pressure. 
It may also be desirabie to include a small electric or gas 
compressor to provide compressed gas to supplement 
the compressed gas held in the tank 23. In a preferred 
embodiment, the compressed gas is air which can be 
obtained from any suitable source, 

A line 25 transports the gas withdrawn from the tank 
23 when a conventional shut off valve 27 is open. In 
addition, a solenoid valve 29 preferably operated by a 
suitable key operated switch (not shown) for the engine 
is also arranged in the line 25. In normal operation, the 
valve 27 is maintained open at ail times with the sole- 
noid valve 29 operating as a selective shut off valve to 
start and stop the engine 21 of the present invention. 

A suitable regulating valve 31 is arranged down- 
stream from the solenoid valve 29 and is connected by 
a linkage 33 to a throttie linkage 35 which is operator 
actuated by any suitable apparatus such as a foot pedal 
(not shown). The line 25 enters an end of a distributor 
33 and is connected to an end of a pipe 35 which is 
closed at the other end. A plurality of holes, which are 
equal to the number of cylinders in the engine 21, are 
provided on either side of the pipe 35 along the length 
of the pipe 35. 

When the present invention is used to adapt a conven- 
tional internal combustion engine for operation on com- 
pressed gas, an adaptor plate 36 is provided to support 
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the distributor 33 in spaced relation from the usual in- 
take opening in the intake manifold of the engine after a 
conventional carburetor has been removed. In this way, 
air is permitted to enter the internal combustion engine 
through the usual passageways and to be admitted to 
the cylinders through suitable intake valves (not 
shown). The adapior plate 36 is secured to the engine 
block 24 and the distributor 33 by any suitable appara- 
ius, e.g., bolts. 

Each of the holes in the pipe 35 is connected in fiuid- 
tight manner to a single line 37. Each line 37 carries the 
compressed gas to a single cylinder 20. In a preferred 
embodiment, each of the lines 37 is 3 inch high pressure 
plastic tubing attached through suitable connectors to 
the distributor 33 and the pipe 35. Each of the lines 37 
is connected te a valve 39 which is secured in an open- 
ing provided near the top of each of the cylinders 20. in 
the case of a conversion of a standard internal combus- 
tion engine, the valves 39 can be conveniently screwed 
into a tapped hole in the cylinder 20 typically provided 
for a spark plug of the internal combustion engine. In a 
preferred embodiment, the valves 39 are solencid actu- 
ated valves in order to provide a fast and reliable open- 
ing and closing of the valves 39, 

Esch of the valves 39 is energized by a valve actuator 
41 through one of a plurality of wires 43. The valve 
actuator 41 is driven by a shaft of the engine similar to 
the drive for 2 conventional distributor of an internal 
combustion engine, That is, a shaft 55 of the valve actu- 
ator 41 is driven in synchronism with the engine 21 at 
one half the speed of the engine 21. 

A first embodiment of the valve actuator 41 (FIGS. 2 
and 3) receives electrical power through a wire 45 
which is energized in a suitable manner by a battery, 
and a coil if necessary (not shown) as is conventional in 
an internal combustion engine. The wire 45 ts attached 
to acentral pest 47 by a nut 49. The post 47 is connected 
to a conducting plate 51 arranged within a housing 53 
for the valve actuator 41. Within the housing 53, the 
shaft 85 has an insulating element 57 secured to an end 
of the shaft 53 for co-rotation therewith when the shaft 
55 is driven by the engine 21, A first end of a flexible 
contact 59 is continuously biased against the conducting 
plate 51 to receive electricity from the battery or an- 
other suitable source. A second end of the contact 59 is 
connected to a conducting sleeve 60 which is in con- 
stant contact with a spring biased contact 6% which is 
arranged within the sleeve 60. The contact 61 is biased 
by a spring 63 which urges the contact 41 towards a side 
wall of the housing 53, 

With reference to FIG. 3, a plurality of contacts 65 
are spaced from one another and are arranged around 
the periphery of the housing 53 at the same level as the 
spring biased contact 64. Each contact 65 is electrically 
connected to 2 post 67 which extends outside of the 
housing 53. The number of contacts 6 is equal to the 
number of cylinders in the engine 21. One of the wires 
43, which actuate the valves 39, is secured to each of the 
posts 67. 

In operation, as the shaft 5$ rotates in synchronism 
with the engine 23, the insulating element 57 rotates and 
electricity is ultimately delivered to successive ones of 
the contacts 65 and wires 43 through the spring biased 
contact 61 and the flexible contact 59. In this way, each 
of the electrical valves 39 is actuated and opened in the 
proper timed sequence to admit compressed gas to each 
of the cylinders 20 to drive the pistons 22 therein on a 
downward stroke. 
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The embodiment illustrated in FIGS. 2 and 3 is effec- 
tive to actuate each of the valves 39 to remain open for 
a long enough period of time to admit sufficient com- 
pressed gas to each of the cylinders 20 of the engine 21 
to drive the engine 21. The length of each of the 
contacts 6$ around the periphery of the housing 53 is 
sufficient to permit the speed of the engine to be in- 
creased when desired by the operator by moving the 
throttle linkage 35 which actnates the linkage 33 to 
further open the regulating valve 33 to admit more 
compressed gas from the tank 23 to the distributor 33. 
However, it has been found that the amount of air ad- 
mitted by the valves 39 when using the first embodi- 
ment of the valve actuator 41 (FIGS. 2 and 3) is substan- 
tially more than required to operate the engine 21 at an 
idling speed. Therefore, it may be desirable to provide a 
valve actuator 41 which is capable of varying the dura- 
tion of each engine cycle over which the solenoid 
valves 39 are actuated, i.c., remain open to admit com- 
pressed gas, as the speed of the engine 21 is varied. 

A second embodiment of a valve actuator 41 which is 
capable of varying the duration of each engine cycle 
over which each of the valves 39 remains open to admit 
compressed gus to the cytinders 20 dependent upon the 
speed of the engine 21 will be described with reference 
to FIGS. 4 and 5 wherein members corresponding to 
those of FIGS. 2 and 3 bear like reference numerals. 
The wire 45 from the electrical source is secured to the 
post 47 by the nut 49. The post 47 has a annular contact 
ring 69 electrically connected to an end of the post 47 
and arranged within the housing 53. The shaft $5 rotates 
at one half the speed of the engine as in the embodiment 
of FIGS. 2 and 3. 

At an upper end of the shaft 55, 4 splined section 71 
slidably receives an insulating member 73. The splined 
section 71 of the shaft 55 positively holds the insulating 
member 73 for co-rotation therewith but permits the 
insulating member 73 to slide axially along the length of 
the splined section 71, Near the shaft 55, a conductive 
sleeve 72 is arranged in a bore 83 in an upper surface of 
the insulating element 73 generally parallel to the 
splined section 71. A contact 75, biased towards the 
anoular contact ring 69 by a spring 77, is arranged 
within the conductive sleeve 72 in contact therewith. 
The conductive sleeve 72 also contacts a conductor 79 
at a base of the bore $1. 

The conductor 79 extends to the upper surface of the 
insulating element 73 near an outer periphery of the 
insulating element 73 where the conductor 7$ is electri- 
cally connected to a flexible contact 83. The flexible 
contact 83 selectively engages a plurality of radial 
contacts 8§ arranged on an upper inside surface of the 
housing 53. A weak spring $7 arranged around the 
splined section 71 engages a stop member 89 secured on 
the shaft 55 and the sulating clement 73 to slightly bias 
the insulating element 73 towards the upper inside sur- 
face of the housing 53 to ensure contact between the 
flexible contact 83 and the upper inside surface of the 
housing 53. As best seen in FIG. 5, the radial contacts 
85 on the upper inside surface of the housing 33 are 
arranged generally in the form of radial spokes extend- 
ing from the center of the housing §3 with the number 
of contacts being equal to the number of cylinders 20 in 
the engine 21. The number of degrees covered by each 
of the radial contacts $5 gradually increases as the dis- 
tance from the center of the upper inside surface of the 
housing 53 increases. 
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In operation of the device of FIGS. 4 and 5, as the 
shaft 5§ rotates, electricity flows along a path through 
the wire 45 down through post 47 to the annular contact 
member 69 which is in constant contact with the spring 
biased contact 75. The electrical current passes through 
the conductive sleeve 72 to the conductor 79 and then 
to ‘the flexible contact 83. As the flexible contact 83 
rotates along with the insulating member 73 and the 
shaft 55, the tip of the flexible contact 83 successively 
engages each of the radial contacts 85 on the upper 
inside of the housing 53. As the speed of the shaft 55 
increases, the insulating member 73 and the flexible 
contect $3 attached thereto move upwardly along the 
splined section 71 of the shaft 55 due to the radial com- 
ponent of the splines in the direction of rotation under 
the influence of centrifugal force. As the insulating 
member 73 moves upwardly, the flexible contact 83 is 
bent such that the tip of the contact 83 extends further 
radially outwardly from the center of the housing 53 (as 
seen in phantom lines in FIG. 4). In other words, the 
effective length of the flexible contact 83 increases as 
the speed of the engine 21 increases. 

As the flexible contact $3 is bent and the tip of the 
contact 83 moves outwardly, the tip remains in contact 
with each of the radial contacts 85 for a longer period of 
each engine cycle due to the increased angular width of 
the radial contacts with increasing distance from the 
center of the housing 53. In this way, the length of time 
over which each of the valves 39 remains open is in- 
creased as the speed of the engine is increased. Thus, a 
larger quantity of compressed gas or air is injected into 
the cylinders as the speed increases. Conversely, as the 
speed decreases and the insulating member 73 moves 
downwardly along the splined section 71, a minimum 
quantity of air is injected into the cylinder due to the 
shorter length of the individual radial contact 93 which 
is in contact with the flexible contact 83. In this way, 
the amount of compressed gas that is used during idling 
of the engine 21 is at a minimum whereas the amount of 
compressed gas which is required to increase the speed 
of the engine 21 to a level suitable to drive a vehicle on 
a highway is readily available. 

With reference to FIGS. 6 and 7, a third embodiment 
of a valve actuator 41 according to the present inven- 
tion includes an arcuate insulating element 91 having a 
first end pivotaily secured by any suitable device such 
as screw 92 to the shaft 33 for co-rotation with the shaft 
55. The screw 92 is screwed into a tapped hole in the 
insulating element 91 such that a tab 94 at an end of the 
screw 92 engages a groove 96 provided in the shaft 55. 
in this way, the insulating element 91 positively rotates 
with the shaft 55. However, as the shaft 55 rotates 
faster, a second end 98 of the insulating element 91 is 
permitted to pivot outwardly under the influence of 
centrifugal force because of the groove 96 provided in 
the shaft 55. A spring 93 connected between the second 
end 98 of the element 91 and the shaft 55 urges the 
second end of the element 9t towards the center of the 
housing 53. 

A contact 99 similar to the contact 59 (FIG. 2) is 
arranged such that one end of the contact 99 is in con- 
stant contact with the conducting plate 51 located cen- 
trally within the housing 53. The other end of the 
contact 99 engages a conductive sleeve 101 arranged in 
bore 102. A contact element 95 is arranged in the con- 
ductive sleeve 101 in constant contact with the sleeve 
101. The bore 102 is arranged generally parallel tc the 
shaft 5§ near the second end of the arcuate insulating 
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element 91. The contact 95 is biased by a spring ‘97 
towards the upper inside surface of the housing 53 for 
selective contact with each of the plurality of radial 
contacts 85 which increase in arc length towards the 
outer peripheral surface of the housing 33 (FIG. 6). 

In operation of the device of FIGS, 6 and 7, as the 
shaft 55 rotates the arcuate insulating element 91 rotates 
with the shaft 55 and the second end 98 of the insulating 
element 91 tends to pivot about the shaft 55 due to 
centrifugal force. Thus, as the effective length of the 
contact 95 increases, iLe., as the arcuate insulating éle- 
ment 91 pivots further outwardly, the number of de- 
grees of rotation over which the contact 95 is in contact 
with each of the radial contacts 85 on the upper inside 
surface of the housing 53 increases thereby permitting 
each of the valves 39 to remain open for a longer period 
of each engine cycle to admit more compressed gas to 
the respective cylinder 20 to further increase the speed 
of the engine 21. 

With reference to FIG. 1, a mechanical advance link- 
age 104 which is connected to the throttle linkage 35, 
advances the initiation of the opening of each valve 39 
such that compressed gas is injected into the respective 
cylinder further before the piston 22 in the respective 
cylinder 20 reaches a top dead center position as, the 
speed of the engine is increased by moving the throttle 
linkage 35. The advance linkage 104 is similar to a con- 
ventional standard mechanical advance employed on an 


internal combustion engine. In other words, the linkage , 


104 varies the relationship between the angular posi- 
tions of a point on the shaft 55 and a point on the hous- 
ing 83 containing the contacts. Alternatively, a conven- 
tional vacuum advance could also be employed. By 
advancing the timing of the opening of the valves 39, 
the speed of the engine can more easily be increased. - 

The operation of the engine cycle according to the 
present invention will now be described. The com- 
pressed gas injected into each cylinder of the engine 21 
drives the respective piston 22 downward to drive a 
conventional crankshaft (not shown). The movement of 
the piston downwardly causes the compressed gas to 
expand rapidly and cool. As the piston 22 begins to 
move upwardly in the cylinder 20 a suitable exhaust 
valve (not shown) arranged to close an exhaust passage- 
way is opened by any suitable apparatus. The expanded 
gas is then expelled through the exhaust passageway. As 
the piston 22 again begins to move downwardly a suit- 
able intake valve opens to admit ambient air to the 
cylinder. The intake valve closes and the ambient air is 
compressed on the subsequent upward movement of the 
piston until the piston reaches approximately the top 
dead center pasition at which time the compressed gas 
is again injected into the cylinder 20 to drive the piston 
22 downward and the cycle begins anew. ; 

In the case of adapting a conventional internal com- 
bustion engine for operation on compressed gas, a plu- 
rality of plates 103 are preferably arranged over.an end 


of the exhaust passageways in order to reduce the outlet 


size of the exhaust passageways of the conventional 
internal combustion engine. In the illustrated embodi- 
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priate location. In.a preferred embodiment, the exhaust 
lines 105 are 13” plastic tubing. 

In a preferred embodiment, the exhaust lines 105 of 
one bank of the V-8 engine are collected in a line 107 
and fed to an inlet of acompressor 109. The pressure of 
the exhaust gas emmanating from the engine 21 accord- 
ing to the present invention is approximately 25 p.s.i. In 
this way, the compressor 109 does not have to pull the 
exhaust into the compressor since the gas exhausted 
from the engine 21 is at a positive pressure. The positive 
pressure of the incoming fluid increases the efficiency 
and reduces wear on the compressor 109. The exhaust 
gas is compressed in the compressor’ 109 and retummed 
through a line 111 and a check valve 113 to the com- 
pressed gas storage. tank 23, The check’valve 113 pre- 
vents the flow of compressed gas stored in the tank 23 
back towards the compressor 109. 

A suitable pressure sensor 115 is arranged at an upper 
end of the tank 23 and sends a signal along a line 117 
when the pressure exceeds a predetermined level and 
when the pressure drops below a predetermined level. 
The line 117 controls an electrically actuated clutch 119 
disposed at a front end of the compressor 109, The 
clutch 119 is operative to engage and disengage the 
compressor 109 from a drive pulley 121. Aiso, the signal 
carried by-the line 117 actuates a suitable valve 123 
arranged on 4 compressor housing 125 to exhaust the air 
entering the-compressor housing 125 from the line 107 
when the clutch 119 has disengaged the compressor 109 
from the drive pully 121. 

In a preferred embodiment, when the pressure is the 
tank 23 reaches approximately 600 p.s.i., the clutch 119 
is disengaged and the compressor 109 is deactivated and 
the valve 123 is. opened to exhaust the expanded gas 


‘delivered to the compressor 109 from the line 107 to the 


atmosphere. When the pressure within the tank 23 
drops below: approximately 500 p.s.i, the sensor 115 
sends a signal to engage the clutch 119 and close the 
valve 123, thereby. operating the compressor 109 for 
supplying the tank 23 with compressed gas. 

The pulley. 121 which drives the compressor 109 
through the clutch 119 is driven by a belt 127 which is 
driven by a pulley 129 which operates through a gear 
box 134. With reference to FIGS. 1 and 8, a second 
pulley 133 on the gearbox is driven by a belt 135 from 
a pulley 137 arranged on a drive shaft 139 of the engine 
21. The pulley 137 drives a splined shaft 140 which has 
a first gear 142 and a second larger gear 143 arranged 
theréon for rotation with the splined shaft 140. The 
splined shaft 140 permits axial movement of the gears 


- 141 and 143 along the shaft -140. 
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ment, a single plate having an opening in the center is - 


bolted to the outside exhaust passageway on each bank 
of the V-8 engine while another single plate having two 
openings therein is arranged with one opening over 
each of the interior exhaust passageways on each bank 
of the V-8 engine. A line 105 is suitably attached to each 
of the adaptor places to carry the exhaust to an appro- 


_In normal operation-({as seen in FIG. 8), the first gear 
141 engages.a third gear.145 arranged on a shaft 147 
which drives the pulley 129. The shafts 140 and 147 are 
arranged in suitable bearings 149 arranged at each end 
thereof. When the:speed of the engine 21 drops below a 
predetermined level, a suitable sensor 151 responsive to 
the Speed. of the drive shaft 139 of the engine 21 gener- 
ates a signal which is transmitted through a line 183 to 
a solenoid actuator £55 arranged within the gear box 
131. The solenoid actuator 155 moves the first and sec- 


-ond gears 141; 143 axially along the splined shaft 149 to 


: the right as seen in. FIG. 8'such-that the second, larger 


65 


gear 143 engages.a fourth smaller gear 157 which is 
arranged on the shaft 147.:The ratio of the second gear 
143 to the fourth gear 157 is prcteraphy Bpproxmnately 3 
to 1. 
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In this way, when the speed of the engine 21 drops 
below the predetermined level as sensed by the sensor 
151 (which predetermined level is insufficient to drive 
the compressor 109 at a speed sufficient to generate the 
500-600 pounds of pressure which is preferably in the 
tank 23), the solenoid actuator 155 is energized to slide 
the gears 143, 141 axially along the splined shaft 140 so 
that the second, larger gear 143 engages the fourth, 
smalier gear 157 to drive the pulley 129 and hence the 
compressor 109 at a higher rate of speed to generate the 
desired pressure, When the speed of the engine in- 
creases above the predetermined level, in a preferred 
embodiment approximately 1500 rpm, the solenoid ac- 
tuator 155 is deactivated by the sensor 151 thereby 
moving the gears 143 and 241 to the left as seen in FIG. 
8 such that the first gear 141 re-engages with the third 
gear 145 to effectuate a 1 to | ratio between the output 
shaft 139 of the engine 21 and the pulley 129. 

The other bank of the V-8 engine has its exhaust ports 
arranged with adapter plates 103 similar to those on the 
first bank, However, the exhaust from this bank of the 
engine 2f is not collected and circulated through the 
compressor 109. In a preferred embodiment, a portion 
of the exhaust is collected in a line 159 and fed to an 
enlarged chamber i161. A second fluid is fed through a 
line 163 into the chamber 161 to be cooled by the cool 
exhaust emmanating from the engine 21 in the Jine 159. 
The second fluid in the line 163 may be either transmis- 
sion fiuid contained in a transmission associated with 
the engine 21 or a portion of the oil used to lubricate the 
engine 21. A second portion of the exhaust from the 
second bank of the ¥-8 engine is removed from the line 
159 in a line 165 and used as a working fluid in an air 
conditioning system or for any other suitable use. 

It should be noted that the particular arrangement 
utilized for collecting and distributing the gas exhausted 
from the engine 21 would be determined by the use for 
which the engine is employed. In other words, it may be 
advantageous to rearrange the exhaust tubing such that 
a larger or smaller percentage of the exhaust is routed 
through the compressor 169. It should also be noted 
that since the exhaust lines 105 are plastic tubing, a 
rearrangement of the lines for a different purpose is 
both simple and inexpensive. 

In operation of the engine of the preseni invention, 
the engine 21 is started by energizing the solenoid valve 
29 and any suitable starting device {not shown), e.g., a 
conventional electric starter as used on an internal com- 
bustion engine. Compressed gas from the full tank 23 
flows through the tine 25 and a variable amount of the 
compressed gas is admitted to the distributor 33 by 
controlling the regulator valve 31 through the linkage 
33 and the operator actuated throttle jinkage 35. The 
compressed gas is distributed to each of the lines 37 
which lJead to the individual cylinders 20. The com- 
pressed gas is admitted to each of the cylinders 20 in 
timed relationship to the position of the pistons within 
the cylinders by opening the valves 39 with the valve 
actuator 41, 

When it is desired te increase the speed of the engine, 
the operator moves the throttle linkage 35 which simul- 
taneously admits a larger quantity of compressed gas to 
the distributor 33 from the tank 23 by further opening 
the regulator valve 31. The timing of the valve actuator 
41 is also advanced through the linkage 104. Still fur- 
ther, as the speed of the engine 21 increases, the effec- 
tive length of the rotating contact 83 (FIG. 4) or 95 
(FIG. 6) increases thereby electrically contacting a 
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10 
wider portion of one of the stationary radial contacts 85 
to cause each of the valves 39 to remain open for a 
jonger period of each engine cycle to admit a larger 
quantity of compressed gas to each of the cylinders 20. 

As can be seen, the combination of the regulating 
valve 31, the mechanical advance 104, and the valve 
actuator 41, combine to praduce a compressed gas en- 
gine which is quickly and efficientiy adaptable to vari- 
ous operating speeds. However, all three of the controls 
need not be employed simultaneously. For example, the 
mechanical advance 104 could be utilized without the 
benefit of one of the varying valve actuators 41 but the 
high speed operation of the engine may not be as effi- 
cient. By increasing the duration of each engine cycle 
over which each of the valves 39 remains open to admit 
compressed gas to each of the cylinders 26 as the speed 
increases, conservation of compressed gas during low 
speed operation and efficient high speed operation are 
both possible. 

After the compressed gas admitted to the cylinder 20 
has forced the piston 22 downwardly within the cylin- 
der to drive the shaft 139 of the engine, the piston 22 
moves upwardly within the cylinder 20 and forces the 
expanded gas out through a suitable exhaust valve (not 
shown) through the adapter plate 103 (Gif employed) and 
into the exhaust line 105. The cool exhaust can then be 
collected in any suitable arrangement to be compressed 
and returned to the tank 23 or used for any desired 
purpose including use as a working fluid in an air condi- 
tioning system or as a coolant for oil. 

When using the apparatus and method of the present 
invention to adapt a ordinary internal combustion en- 
gine for operation with compressed gas it can be seen 
that considerable savings in weight are achieved. For 
example, the ordinary cooling system including a radia- 
tor, fan, hoses, etc. can be eliminated since the com- 
pressed gas is cooled as it expands in the cylinder. In 
addition, there are no explosions within the cylinder to 
generate heat. Farther reductions in weight are ob- 
tained by employing plastic tubing for the lines which 
carry the compressed gas between the distributor and 
the cylinders and for the exhaust lines. Once again, 
heavy tubing is not required since there is little or no 
heat generated by the engine of the present invention. 
In addition, the noise generated by an engine according 
to the présent invention is considerably less than that 
generated by an ordinary internal combustion engine 
since there are no explosions taking place within the 
cylinders. 

The principles of preferred embodiments of the pres- 
ent invention have been described in the foregoing spec- 
ification. However, the invention which is intended to 
be protected is not to be construed as limited to the 
particular embodiments disclosed. The embodiments 
are to be regarded as illustrative rather than restrictive. 
Variations and changes may be made by others without 
departing from the spirit of the invention. Accordingly, 
it is expressly intended that all such variations and 
changes which fail within the spirit and the scope of the 
present invention as defined in the appended claims be 
embraced thereby. 

What is claimed is: 

1. An apparatus for operating an engine having at 
least one cylinder and a reciprocating piston therein 
comprising: 

a source of compressed gas; 
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11 
distributor means connected with the source of com- 
pressed gas for distributing the compressed gas to 
the at least one cylinder; 
valve means for admitting the compressed gas to the 
at least one cylinder when the piston is in approxi- 
mately a top dead center position within the cylin- 
der; 

altering means for increasing the duration of each 

engine cycle over which the valve means admits 
compressed gas to the af least one cylinder as the 
speed of the engine increases, and 

exhaust means for exhausting gas as the piston jibe 

quently approaches approximately the top dead 
center position. 

2. The apparatus of claim 1 further comprising con- 
trol means for controlling the amount of compressed 
gas admitted to the distributor means. 

3. The apparatus of claim £ wherein the valve means 
is a solenoid valve secured in an opening in the cylinder 
above the level of the piston at the top dead center 
position. 

4. The apparatus of claims 1 or 2 further comprising 
means for advancing the timing of the valve means as 
the speed of the engine increases such that compressed 
gas is admitted progressively further before the top 
dead center position as the speed of the engine in- 
creases. 

5. The apparatus of claim 4 wherein the means for 
advancing the timing comprises a mechanical! tinkage 
connected to an operator actuated accelerator linkage. 

6. The apparatus of claim 1 wherein a portion of the 
gas exhausted through the exhaust means is compressed 
in a compressor driven by an output shaft of the engine 
and ts returned to the source of compressed gas. 

7. The apparatus of claim 1 wherein a portion of the 
gas exhausted through the exhaust means is used to cool 
transmission fluid for a transmission associated with the 
engine. 

8. The apparatus of claim 1 wherein a portion of the 
gas exhausted through the exhaust means is used as a 
working fluid in an air conditioning system. 

9. The apparatus of claim 6 further comprising first 
gearing means interposed between the output shaft of 
the engine and the compressor for increasing the speed 
at which the compressor is driven. 

19. The apparatus of claim 6 further comprising 
clutch means attached to the compressor both for disen- 
gaging the compressor from the output shaft of the 
engine when a first predetermined pressure at the 
source of compressed gas is exceeded and for engaging 
the compressor with the output shaft of the engine 
when the pressure at the source of compressed gas 
drops below a second predetermined pressure. 

11. The apparatus of claim 9 further comprising 
means for both disengaging the first gearing means 
when a predetermined speed of the engine is exceeded 
aod engaging a second gearing means for driving the 
compressor at a speed slower than the first gearing 
means when the predetermined speed of the engine is 
exceeded. 

32. The apparatus of claim 1 wherein the valve means 
is electrically actuated and wherein the altering means 
comprises: 

a rotating member timed with the at least one cylia- 

der and arranged within a housing; 

first and second contacts arranged on a first end of 

the rotating member and on an inside surface of the 
housing, respectively; 
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means for increasing the distance of the first contact 
from the rotational axis of the rotating member as 
the speed of the engine increases such that the first 
contact moves radially outwardly within the hous- 
Ing; and 

said second contact presenting # longer arc length ta 
the first contact as the distance of the first contact 
from the rotational axis of the rotating member 
increases. 

13. The apparatus of claim 12 wherein the rotating 
member comprises an arcuate arm and wherein the 
means for increasing the distance of the first contact 
comprises pivotally mounting a second end of the arcu- 
ate arm about the axis of rotation of the rotating mem- 
ber and spring means for biasing the first end of the 
arcuate arm towards a radially inward position whereby 
the first end of the arcuate arm pivots radially out- 
wardly as the speed of the engine increases. 

14. The apparatus of claim 12 wherein the rotating 
member is azially slidably received on a rotating shaft 
for co-rotation therewith, said shaft having splines with 
a radial component in the direction of rotation, and 
wherein the first contact comprises a flexible contact 
located on an upper surface of the rotating member, said 
flexible contact being biased against the inside surface of 
the housing which carries the second contacts whereby 
as the speed of the engine increases the rotating member 
is urged axially along the splined shaft towards the 
inside surface of the housing such that the flexible 
contact ts forced radially outwardly along the inside 
surface, ; 

15. The apparatus of claim 12 wherein the second 
contact comprises of radially extending conductor ar- 
ranged on an upper inside surface of the housing, said 
conductor increasing in arc length as the conductor 
extends radially outwardly from a central portion of the 
housing. 

16. An apparatus for adapting an internal combustion 
engine for operation with compressed gas, the internal 
combustion engine having at least one cylinder, a piston 
reciprocable within the at least one cylinder, intake and 
exhaust means disposed in the at least one cylinder, and 
a tapped hole in the at least one cylinder adapted to 
receive a spark plug, the apparatus comprising: 

a source of compressed gas; 

distributor means connected with the source of com- 

pressed gas for distributing the compressed gas to 
the at least one cylinder; 

valve means arranged in the tapped hole for admit- 

ting the compressed gas to the at least one cylinder 
when the piston is in approximately a top dead 
center position within the cylinder; and 

altering means for increasing the duration of each 

engine cycle over which the valve means remains 
open to admit the compressed gas as the speed of 
the engine increases, 

17. An apparatus as in claim 16 further comprising 
first adapter plate means for supporting the distributor 
means above an intake manifold of the engine, which 
adaptor plate means allows ambient air to enter through 
the intake manifold. 

18. The apparatus of claim 16 further comprising 
second adapter plate means for reducing the exit area of 
the exhaust means. 

19. A method of operating an engine on compressed 
gas, said engine having at least one cylinder and a piston 
reciprocable therein comprising the steps of: 
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delivering compressed gas from a source to a distribu- 
tor; 
distributing the compressed gas to the at least one 
cylinder; 
admitting compressed gas to the at least one cylinder 
through an intake valve when the piston is at ap- 
proximately a top dad center position; 
increasing the duration of each engine cycle over 
which compressed gas is admitted to the at least 
one cylinder as the engine speed increases; and 
exhausting the remaining gas when the piston subse- 
quently reaches approximately the top dead center 
position. 
20. The method of claim 19 further comprising the 
step of controlling the amount of compressed gas which 
is delivered to the distributor. 


14 
21. The method of claim 19 further comprising the 


step of advancing the timing of the opening of the intake 
valve as the speed of the engine increases. 


22. An apparatus for operating an engine having at 


5 least one cylinder and a piston reciprocable therein on 
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compressed gas comprising: 


a source of compressed gas; 

distributor means connecied with the source of com- 
pressed gas for distributing the compressed gas to 
the at least one cylinder; 

electricaliy actuated valve means secured in an open- 
ing in the at least one cylinder for selectively ad- 
mitting compressed gas to the at least one cylinder 
when the piston is in approximately a top dead 
center position, and 

means for advancing the timing of the valve means as 
the speed of the engine increases whereby com- 
pressed gas is admitted progressively further be- 
fore the top dead center position as the speed of the 
engine increases. 
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PRELIMINARY PLANS TO RUN YOUR CARON TAP WATER! 


IT ALSO WORKS ON YOUR, 
TRUCK / RV / MOTORCYCLE / AIRPLANE (ETC) 


Will This Work? 


These plans were sent to the Spirit of Ma'at anonymously, from someone who does not 
want his or her name printed (for obvious reasons). 

We have had them checked by anexpert who believes that they are real. 

We also have talked with another individual who has patented asimilar device, and we Know 
by personalexperience that the technology is sound. 

So although we cannot guarantee it, we believe these plans willenable you to build a car 
that runs on water. If you test it out, though, do as the writer suggests and use an old car 
that doesn't represent a loss of value if you can't make it work, And leave everything 
intact so that you can always reconnect back to gas if you have to. 


But if you do get it working, please send us your experience for our readers. Youcould be 
a national hero and help save our country and our world. 


We know for certain that an automobile willrun on water. So this could be an interesting 
project for you mechanical types, with agreat reward of never having to purchase gasoline 
for the rest of your life - and helping humanity at the same time. 


Re The Need to Rustproof Your Exhaust System 


It is possible to make a hybrid of both gas and water (a system that is being tested now in 
Mexico), which would eliminate the need to openthe head and remove the exhaust system. 
Just athought. It takes onlyasmallamount of gas to keep the system dry. 


The text sent from the anonymous individual was edited slightly for better reading. The 
following is his/her words and drawings, which has been given into the public domain. 
- Spirit of Maat LLC 


Introduction 


It is suggested youtry this out to begin with ona second vehicle you own, one that you 
don't need to live with everyday, until you perfect this technology. 


Do-it-yourself plans allow the individual (that's you and me, folks) to make a difference. 
This is the easiest and lowest-cost way to convert your car to run on (relatively) free 


energy. 


Now, with existing technology, anyone can stand up and make a difference by reducing the 
focalautomotive pollution, eliminate gasoline expenses, help restore our atmosphere, and 
breathe a little easier. 


In putting these plans into operation, you will be making use of your entire existing system 
except for the fueltank and the catalytic converter. 


The Plan 


Build and installa low-cost alternative method for running your vehicle (internal 
combustion engine) on tap water, using off-the-shelf components. 


This is simply an efficient way to convert ordinary tap water into gaseous hydrogen and 
oxygen, and then burn these vapors in the engine, instead of gasoline. 


This "minisystem" runs easily from your existing battery and electrical system, and it 
plugs into your carburetor with simple off-the-shelf fittings. 


You will be installing a plastic water tank, acontrolcircuit, a reaction chamber, a hi- 
pressure carb/FlI fitting, and 3 gauges, and then hooking into your existing carb/Fl. 


The simplicity comes from its being an "on-demand" system requiring no fancy storage or 
plumbing. You crank the gas pedalor throttle, and you electrically create more vapor for 
imme diate consumption, on demand; low-high flowrate as needed, from idle to maximum 
power. The only realchange is that you are using tap water as fuel, instead of the 
traditional petroleum-based fuel. 


Given a choice, which way would you choose? 
Frequently Asked Questions 


Q: Does it really work ? 

A: Yes; this is well-established technology dating back to stainless steel. But be sure to 
follow these instructions using the proper mechanical and electricalassembly techniques, 
as this plan incorporates the best qualities of severaltechniques. 


Q: How does it qualify as "free energy’? 

A: If you're paying someone for the water you use, then it is not strictly free. But the 
alternative is to keep buying into expens$ ive ga$ oline and its resultant hydrocarbon 
pollution. 


Q: Is it safe? 

A: Technically, it is safer than running on fossil fuel because you are no longer choking on 
your own emissions (health-wise). In general, it is practically as safe as your current 
gasoline arrangement. You will be installing a fewsimple safety devices, using current 
automotive standards. 


Q: What Kind of performance can I expect? 

A: Properly adjusted, your modified vapor-only fuelsystem will run cooler, and at a 
modestly higher power level. The mileage performance expected from this design ranges 
from 50-300 mpg (of water), depending on your adjusting skills. 


Q: Can I do the modification myself? 

A: Why not? If you don't have any mechanical skills, and you know someone with basic 
mechanicaland/or electrical skills, youcanevendelegate some of the construction. If you 
are using a fuel-injected engine, you may have to get a mechanic's opinion. [There will have 
to be anadapter inserted into the fuel-injection system, just as you would have to do if 
you were going to run on propane, hydrogen, or natural gas. Ed.) 


Q: What is the environmental impact that my vehicle will have? 

A: It willbe producing H20 steam (water vapor) and unburnt O2 (Oxygen). Hence, it will be 
cleaning the environment, rather than dumping nauseous toxins into it. Plus you will be 
helping to save our dwindling supply of atmospheric oxygen. Any excess vapor in the 
reaction becomes either steam or oxygen. Youcan also expect to be receiving more than 
casualinterest from those around you. 


Q: Isnt this really asteam engine? 

A: No. Really. Exceedingly high temperature and pressure are not used. This is strictly an 
internal-combustion engine (burning orthohydrogen) with residual steam in the exhaust as 
a by-product. 


There are afewthings you should Know about gasoline: 
Gasoline as a fuelis not necessary; it is optional. 
Gasoline versus Water 


There is alot of thermochemicalenergy in gasoline, but there is even more energy in 
water. The DOE (Department of Energy) has quoted about 40%, so it is probably much 
more than that. 


Most people are unaware that "internal combustion" is defined as 'a thermo-vapor 
rocess" -as in "no liquid in the reaction." Most o e gasoline ina standard interna 
i liquid in th t Most th fi tandard int [ 


combustion engine is actually consumed, (cooked, and finally, broken down) in the catalytic 

converter after the fuelhas been not-so-burnt in the engine. Sadly, this means that most 

of the fuel we use in this way is used only to cooldown the combustion process, a pollution- 
ridden and inefficient means of doing that. 


How It Works 


Exceedingly simple. Water is pumped as needed to replenish and maintain the liquid level in 
the chamber. The electrodes are vibrated with a0.5-5A electrical pulse which breaks 
2(H20) =>2H2 +02. When the pressure reaches say 30-60 psi, you turn the key and go. 
You step on the pedal, yousend more energy to the electrodes, and thus more vapor to the 
cylinders; ie. fuel vapor on demand. 


You set the idle max-flowrate to get the most efficient use of power, and you're off to 
the races. 


Inthe big picture, your free energy is coming from the tap water in an open system, as 
the latent energy inthe water is enough to power the engine and hence drive the 
alternator and whatever belt-driven accessories. And the alternator is efficient enough to 
run the various electrical loads (10 - 20 amps), including the additional lowcurrent to run 
this vapor reaction. No extra batteries are required. 


STEP BY STEP CONS TRUCTION (Please refer to diagrams at the end of this document) 
OVERVIEW - Here is the suggested sequence of steps: 


1. Installthe CHT (or EGT) gauge and measure your current operating temp range 
(gasoline), for comparison. 


2. Build and test the controller to verify the correct pulse output. 

3. Build the reaction chamber and test it with the controller (i.e pressure out). 

4. Install the tank, controller, chamber, and pressure fittings. 

5. Run engine and adjust the controlcircuit as necessary for best performance. 

6. Install the stainless steelvalves and get the pistons/cylinders coated with ceramic. 


7. Coat the exhaust system with ceramic without the catalytic converter (or let it rust out 
and then replace the whole dang thang with stainless steel pipe sections). 


YOU WILL NEED 


plastic water tank with pump and levelsensor. 

control circuit, wiring, connectors, and epoxy. 

reaction chamber with electrodes and fittings. 

3/8" stainless steel flex-tubing, fittings and clamps. 

carb/FI vapor-pressure fitting Kit. - pressure, CHT (or EGT), elevel gauges. 
stainless steel valves. 

copper mesh junction. 

ceramic surface treatment for cylinders e& pistons. 

stainless steelor ceramic treated exhaust assembly. 


BASIC TOOLS 


drill, screwdriver and pliers 

hole cutter 

wire-wrap, solder-iron and clippers 
DVM and oscilloscope. 


REACTION CHAMBER, 


Construct as shown in the diagrams. Use a section of 4" PVC waste pipe with a threaded 
screw-cap fitting on one end and a standard end-cap at the other. Make sure to drill-and- 
epoxy or tap threads thru the PVC components for all fittings. Set and controlthe water 
levelin the chamber so that it wellsubmerses the pipe electrodes; yet leave some 
headroom to build up the hydrogen/oxygen vapor pressure. Use stainless steel wires inside 
the chamber or otherwise use a protective coating; use insulated wires outside. Ensure 
that the epoxy perfects the seal, or otherwise lay down a bead of water-proof silicone 
that can hold pressure. 


The screw fitting may require soft silicone sealant, or a gasket; its purpose is to hold 
pressure and allow periodic inspection of the electrodes. No leaks, no problems. Make sure 
youget asymmetric 1-5mm gap between the 2 stainless steel pipes. The referenced 
literature suggests that the closer to Imm you get, the better. You will want to get your 
chamber levelsensor verified before you epoxy the cap on. 


Make your solder connections at the wire/electrode junctions nice, smooth, and solid; then 


apply a water-proof coating, e.g. the epoxy you use for joining the pipes to the screwcap. 
This epoxy must be waterproof and be capable of holding metal to plastic under pressure. 
You will want to get your chamber levelsensor verified before youepoxy the cap on. 


CONTROL CIRCUIT 


The diagrams showa simple circuit to controland drive this mini-system. You are going to 
make a'square-pulse' signal that '‘plays' the electrodes like a tuning fork; which you can 
watch on an oscilloscope. The premise given by the literature is: the faster you want do go 
down the road, the 'fatter' you make the pulses going into the reaction chamber. Duty 
cycle will vary with the throttle in the vicinity of 90%MARK10%S PACE (OF F/ON). 


There is nothing sacred about howthe pulse waveform is generated; there are many ways 
to generate pulses, and the attached diagrams showa few. The diagram shows the NE555- 
circuit approach from the referenced patent. The output switching transistor must be 
rated for 1-5 amps @ 12VDC (in saturation). 


Go with a plan that works for you or your friendly neighborhood technoid or mechanic, and 
go get allthe circuit elements from your localelectronics store, such as Radio-S hack or 
Circuits-R-Us, including the circuit board, IC sockets, and enclosure/box. 


Digikey has better selection, service, and Knowledge; plus they have no minimum order. Be 
sure to use acircuit board with a built-in ground plane, and to accommodate room for 
mounting 2 or 3 of the gauges. Mounting the reaction chamber in the engine compartment 
will require running a stub to your pressure gauge where you can watch it. 


You can easily make 30-gauge wire-wrap connections between the socket pins and thru- 
hole discrete components having wire leads. Also make sure to get spec sheets on any IC 
you use. More details of the best circuits to use willbe announced pending prototype 
testing. You will want to get your chamber levelsensor verified before youepoxy the cap 
on. 


Throttle Control 


If you have a throttle position sensor, you should be able to access the signal from the 
sensor itself OR from the computer connector. This signalis input to the circuit as the 
primary control (i.e. throttle level = pulse width = vapor rate). 


If you don't have such a signal available, you will have to rig a rotary POT (variable 
resistor) to the gas linkage (i.e. coupled to something at the gas pedalor throttle cable 
running to the carb or FI. If you make the attachment at the carb/fl1, be sure tousea 
POT that can handle the engine temp cycles. Don't use acheezy-cheapy POT; get one 


rated for long life and mechanical wear; mount it securely to something sturdy and 
stationary that willnot fallapart when you step on the gas. 


Control Range. The fullthrottl RANGE (idle-max) MUST control the vapor rate, ie. pulse - 
width (duty). The resistor values at the throttle signal must allowthe throttle signal 
voltage, say 1-4 Volt swing, to drive the VAPOR RATE. You will be using this voltage swing 
to generate a10% ON ‘square’ pulse. The patent implies using a ‘resonant’ pulse in the 10- 
250 KHz frequency range; but it is not explicitly stated so. 


In this circuit, you will simply tune to whatever frequency makes the most efficient vapor 
conversion. You will have to get into the specs for each IC you use, to insure you connect 
the right pins to the right wires, to control the frequency and pulse width. You can use 
spare sockets to try out different discrete component values. Just keep the ones that are 
spec-compatible in the circuit, and get the job done. 


You crank up the throttle signaland put more electricalenergy (fatter pulses) into the 
electrodes; verify youcan get 10% duty on the scope (2 - 100 usec on the horizontal time - 
base). Your averaging DVM will display the 90%-10% DC voltage across the output 
transistor (Vce or Vds or Output to Ground). Set and connect DVM in the supply current 
and measure 5-5 amps, without blowing the DVM fuse. Now verify that you got 
everything you wanted. 


Verify your wiring connections using your DVM as a continuity detector. Check your wiring 
lat atime and yellow line your final schematic as you go. Youcan best use board-mount 
miniature POTs for anything you want to set-and-forget. Ihe LEDs are there to give youa 
quick visualcheck of normalvs abnormal operation of your newcreation. You will want to 
get your chamber levelsensor verified before you epoxy the cap on. 


CARB/FI CONNECTION 


The diagram also shows that fittings are required to the carb/fl1 l. There are ready-made 
kits (such as by Impco) available for making your pressure fittings to the carburetor or 
fuel-injector as the case may be. You will necessarily be sealing the built-in vents and 
making a 1-way air-intake. 


The copper mesh comprises the inadvertent backfire’ protection for the reaction 
chamber. Make sure that all vapor/duct junctions are air-tight and holding full pressure 
without leakage. Your new 'system' is considered successfuland properly adjusted when 
you get the full power range at lower temp and minimum vapor flow without blowing the 
pressure safety valve. 


CHT {or £GT) 


Monitor your engine temp with the CHT (cylinder head temp) or EGT (exhaust gas temp) 
instead of your originalengine temp indicator (if any). Your existing gauge is too slow for 
this application and will not warn you against overheating until after you have burnt 
something. Make sure that your engine runs no hotter than in the gasoline arrangement. 
VDO makes a CHT gauge with a platinum sensor that fits under your spark plug against the 
cylinder head (make sure it is really clean before you re-install your spark plug (as this is 
also an electrical ground). 


ENGINE/EXHAUS T TREATMENT 


Get the valves replaced with stainless steelones and get the pistons/cylinders ceramic - 
treated ASAP when you have successfully converted and run your newcreation. Do not 
delay as these items willrust, either by sheer use or by neglect (i.e. letting it sit). You 
could make max use of your current exhaust system by using it with your new deal until it 
rusts through, then have your mechanic or welder friend to fit astainless steelexhaust 
pipe (no catalytic converter is required). But it could be easier and cheaper to send your 
existing exhaust system out for the ceramic treatment, and then simply re-attach it to 
the exhaust ports. 


GENERAL 


1.Do not discard or remove any of the old gasoline setup components, e.g. tank, carb/Fl, 
catalytic converter, unless necessary. Better to always leave aneasy way to revert back to 
something that at least runs, just incase.Some people are leaving their gasoline setup 
completely intact, and switching back and forth at will, just to have a backup plan. 


2.Set your throttle circuit so that you get minimum vapor flowat idle, and maximum vapor 
flow at full power without blowing the pressure relief valve. In this way, you control how 
‘lean’ your mixture is by the strength of the pulse (ie. “fatness” at the optimum pulse 


frequency). 


3.If you just don't get enough power (at any throttle setting), it means that you need to 
(1) change the pulse frequency, (2) change the gap between the electrodes, (3) change the 
size (bigger) electrodes, or (4) make a higher output pulse voltage (last resort). Always use 
an output transistor, such asa MOS FET, that is rated for the voltage and current you 
need to get the job done.OKso you might have to play around with it some. Isn't that 
where allthe Fun is anyhow? 


4.1f youget any engine Knock our loud combustions (not compensated by adjusting the 
timing), it means that you need to install an additional coilin the chamber, and drive the 
coil with an additional pulse signal (about 19 Hz on the .Isec time base (see diagram). Here, 


you will be slowing down the burn rate just enough so that the vapors burn thru out the 
power stroke of the piston. Be sure to include a board-mount POT to set the correct 
strength of this 2nd pulse signalinto the coil. This is astainless steelcoilof about 1500 
turns (thin wire) that you can arrange like a donut around the center pipe (but NOT 
touching either electrode), directly over the circular 1-5mm gap. You want no Knocking at 
any power/throttle setting; smooth power only, but also no excess hydrogen leftover from 
the combustion. 


5. Build the canister(s) as tallas youcan without compromising your ability to mount them 
conveniently near the dash panel, or in the engine compartment, as the case may be. This 
way, you can always make the electrodes bigger, if necessary without undue hardship. 
Remember that anything in the engine compartment should be mounted ina bullet-proof, 
vibration and temperature tolerant fashion. 


6. If you have to drilla thru-hole for wiring or plumbing thru metal, make sure to also 
installa grommet for protection against chafing. Always watch your chamber pressure 
range from IDLE (15-25 psi) - FULL POWER (30-60 psi). Set your safety-pressure relief - 
valve to 75 psiand make sure it's rated for much higher. 


7.Shut OF F the power switch and pull over if there is any malfunction of the system. Your 
engine will last longest when it still develops FULL POWER+ at some minimum temperature 
that we are sure youcan find, by leaning back the Royal Vapor Flow and/or by making use 
of the water-vapor cooling technique (see diagram). Keep good mpg performance records, 
and periodic maintenance/inspection. Keep it clean; save some money; clean the air; heal 
the planet; happy motoring; tella friend; enjoy your freedom and self-empowerment. 


&.There lacks documented material for perfecting this vapor system thrua fuel injector; 
there may be some details you will discover on your own as working prototypes progress. 
For example, you may be restricted to inject the hydrogen/oxygen vapor without any 
water vapor, as it may rust the injectors. If engine temp and CHT is a problem, then you 
will want to re-think your plan, e.g. ceramic-coating the injectors. There is always 
“replacing the FI system with a Carb.” 


9.If you installthe water-vapor system (for lower operating temp/stress), you will want 
to lean the mixture (vapor/air) for minimum vapor flowrate to achieve any given throttle 
position (idle - max). Make sure that you get a minimum flow for IDLE and a modestly 
sufficient flow for MAX, that does the cooling job without killing the combustion. 


10. If you cannot find stainless steel pipe combinations that yield the 1-5mm gap, you can 
always regress back to alternating plates of +/- electrodes. 


11. If you are concerned about the water freezing in your system, you can (a) add some 


98% isopropylalcoholand re-adjust the pulse frequency accordingly; or (6) install some 
electric heating coils. 


12. Do not let ANYONE ever compromise your dream, your freedom, your independence or 
your truth. 


REFERENCES 


Stephen Chambers 'Apparatus for Producing Orthohydrogen and/or 

Parahydrogen' US Patent 6126794, uspto.gov 

Stanley Meyer 'Method for the Production of a Fuel Gas' US Patent 4936961, 

uspto.gov 

Creative Science & Research, 'Fuel From Water’, fuelless.com 

Carl Cella “A Water-Fuelled Car” Nexus Magazine Oct-Nov 1996 

Peter Lindemann “Where inthe World is Allthe Free Energy’, free-energy.cc Attp://www.free-energy.cc/> 
George Wiseman “The Gas-Saver and HyCO Series” eagle-research.com Attp://www.eagle-research.com/> 
C. Michael Holler “The Dromedary Newsletter” and “SuperCarb Techniques ” 

Stephen Chambers “Prototype Vapor Fuel System” xogen.com Attp://www.xogen.com/> 


COMMON, LAW COPYRIGHT #285714: Allrights to the use and duplication of these plans are hereby reserved for the People, 
in their efforts to healand restore the environment. Dare to express your uniqueness and environmental ideals. This 
technology is an exercise in responsible self-determination. 


DISCLAIMER: The Spirit of Ma'at LLC and the Spirit of Ma'at ezine and the author of this document assumes no liability for 
the use or misuse of this information; which is made available as public-domain information and free of charge, for the 
purposes of education, ecology, health, well-being, freedom, liberty, and pursuit of happiness. 
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VAPOR FROM WATER....... ON DEMAND + POLLUTION-FREE 


CONVERT YOUR ENGINE TO BURN HYDROGEN AND OXYGEN 
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FIGURE 4 E-SCHEMATIC 
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FIGURE 6 OPTIONAL WATER COOLING 


12/30/2018 Get power from a telephone line without disturbing it | EDN 


An idle telephone line tempts designers to use its 48V potential as a power source. However, Part 
68 of the US Federal Communications Commission's telecommunications regulations states that 
any device that connects to the phone line and is not actively communicating must present a 
resistance of at least 5 MQ (Reference 1). To meet this requirement, a device's continuous- 
current drain must not exceed 10 UA. Fortunately, many devices that connect to the phone line do 
not require continuous power and can remain off for long intervals, awakening only for a short 
time before relapsing into power-off mode. Providing power for these applications from the phone 
line presents obvious advantages by eliminating the need for a battery or another power source 
and the cost of battery maintenance. 


The circuit in Figure 1 charges a 1.5F supercapacitor, C,, from the 
phone line through a diode bridge and a 5.6-MQ resistor. A Maxim 
MAX917 nanopower comparator, IC,, consumes only 0.75 yA from 
its power supply. Resistors Rg and Rg halve the voltage across C, 
and apply it to IC,'s positive input voltage at Pin 3 for comparison 
with its built-in 1.245V reference. For voltages across C, that do not exceed 2.49V, IC,'s output at 
Pin 6 remains low. When C,'s voltage reaches 2.5V, Pin 3's voltage exceeds the reference 
voltage, and IC,'s output goes high, turning on Q, and Qo. 
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12/30/2018 Get power from a telephone line without disturbing it | EDN 


Figure 1 This power-conversion circuit delivers intermittent bursts of regulated voltage from a 
supercapacitor charged by a trickle of current from a telephone line. 


Several days must elapse before C, becomes fully charged, given its huge capacitance and a 
charging current of less than 10 WA. The voltage on C, can never exceed 2.5V because, once it 
reaches 2.49V, Q, and Q» turn on, connecting C, to a switched-mode-power-supply circuit. 
Because the power-supply current exceeds the charging current, the voltage across C, starts to 
decrease when Qg, turns on. Transistor Q3 holds Qz on when C,'s decreasing voltage causes Q, 
to turn off. 


The switched-mode-power-supply circuit comprises a Linear Technology LTC3459 micropower 
boost converter, IC5, and its associated components, which deliver 5V at 10 mA. A fully charged 
C, can supply power to a 10-mA load for approximately 40 sec. With no load, the circuit can 
sustain its 5V output for more than 10 hours. For greater output current and shorter operating 
time, select another boost converter that can operate at a low input voltage. 


Mechanical switches, open-drain MOSFETs, open-collector transistors, or a READ MORE 
microcontroller's open-drain output pins can drive two external control inputs to designicieas 
force the circuit on and off. Pulling the On input low forces Q> to turn on and 

deliver power from C, to the power converter, and pulling the Off input low turns off Q5 and 
removes power from the converter. Note that the power converter's output-return line connects to 
the telephone line and thus should not connect to an earth ground or to grounded equipment. 


Reference 


1. "Part 68," Federal Communications Commission. 
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not in use, this is a constant DC signal (about 50-60 volts). When the phone rings, the 
signal is a 20 hertz AC signal (about 90 volts). When in use it is a modulated DC 


signal (between 6 and 12 volts). pens Eevomle 


The phones lines even have power during a blackout in most cases. This is because 
the phone company maintains their own backup power system. Your phone lines may 


be powered even if you don't have a land line service set up. 
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Step 2: Check the Phone Line With a Multimeter 
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Before you try to tap into the electricity in the phone line, you should check it with a 


multimeter to see what you are working with. 


Start by cutting open a phone cord and separating the internal wires. In most cases 
you will have one red wire and one green wire. Strip the insulation off the ends. Then 
plug the cord into a phone jack and use a multimeter to measure the output voltage. 


(htto:/en. wikipedia.org/wiki/Open-circuit_voltage) of 52 volts DC. 





Then | hooked up various resistors to see what the output would be with different 

loads. | determined that the supply voltage isn't regulated. This means that the peunegs Eavomle 
voltage changes depending on the resistance of the circuit that it is powering. After 

some calculating, | worked out that the base signal coming out of my phone 

jack pretty closely resembles a 52 Volt DC source 

(htto:/en. wikipedia.org/wiki/Voltage_source) with a 628 ohm internal resistance 
(http://en.wikipedia.org/wiki/Internal_resistance). 








Basically this means that | can run a 12V circuit at 64mA, a YV circuit at 68mA, or a 
5V circuit at 75mA. This isn’t a lot. But it is enough to charge a cell phone. 
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Step 3: Construct a Simple Voltage Regulator Circuit 


7805 78L05 





sa] Av i 3 Av 


Fliwt 





thttne:IAAn inatrintahinge nanm/OCVDIEWAIM /UCIALD IVA/OVDEWAIMUECIAL IVA I ADAT ina\ 


fhttne:IAdAn inetriintahinge nanm/CON//UONQUECL VNQA VWEECN/UONAQUCI VNQA TI ADAE aifs 


We know that the phone needs 5 volts in order to charge. But 
much current it draws or it's equivalentload resistance 

from the phone line. We need to use a voltage regulator 
(http://en.wikipedia.org/wiki/Voltage_regulator) to bring the ou 








down to 5 volts and keep it there. ALM7805 5 volt regulator ll 


To make this simple phone line adapter you will need the phon, ee ee Favorite 5. Se 
been working with, the 5V voltage regulator and a USB connector cable with a female 

end. Just connect the red wire from the phone line to the first lead on the regulator 

and connect the green wire from the phone line to the second lead. Then connect the 

black wire from the USB cable to the second lead on the regulator and connect the 

red wire from the USB cable to the third lead on the regulator. If you can't solder the 

wires together (because the power is out), you can just wrap the wires around each 

lead. If you do this, you should bend the leads of the regulator away from each other. 


This will help you avoid accidentally crossing the wires. 


This simple regulator circuit is able to safely convert the base phone signal into 
something that can be used to charge your phone. However, many voltage regulators 
are not able to handle the AC signal that they would receive if the phone rang. So if 
you are worried that you might receive a call while your regulator is hooked up to the 
phone line , then you may wish to add a diode between the red wire from the phone 
line and the first pin on the voltage regulator. This will protect your circuit from 


problems that may be caused by reverse polarity. 
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Step 4: Use Other Regulators for Other Output Voltages 


LM317 #LUM338 /LM350 





A 7805 regulator will work if you need an output of 5 volts but other kinds of voltage 
of voltage regulators are also available. Other voltages in the 78xx series include 6V, 
BV, OV, 10V, 12V, 15V, 18V, and 24V. In addition to these fixed value regulators, 
there are also variable regulators that let you set the voltage level with the use of a 
few external components. One such variable voltage regulator is the LM317 

(http: /www.ticom/lit/ds/symlink/Im117.pdf). These are what you would use if you 
needed a different output voltage. 
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Step 5: Finished Phone Line Adapter Tool 
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BUILDING A DIY VIDEO TRANSMITTER 












































WHAT YOU NEED 

- Blank PCB Copper Plate (jameco.com part #169279) 
- Capacitors: 2x 0.1uf 

1x 100u 

2x 6-70pf Variable Caps (jameco.com part #32855) 
- Resistors: 27kOhm 

10kOh 
- Transistor-MPSA18 (jameco.com part #210681) 
- 1k potentiometer 
- Small amount (~4”) of magnet wire 24 AWG or close (jameco.com part #2098419) 
- Sand paper 
- Stranded hookup wire 
- Hacksaw or dremel tool 
-Headphones with 1/8” plug (from iPod or MP3 player) 
- Hot glue or super glue 
- Soldering Iron 
- CRT “tube” TV with an antenna (the transmitter won’t transmit to newer flat screen TV’s) 
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INTRODUCTION 
This micro video transmitter was designed by the DIY radio and micro TV artist Tetsuo Kogawa. His 
website (http://anarchy.translocal.jp/) is full of great info on DIY radio, and all credit for this circuit goes 
to him.The transmitter can be used to transmit a relatively clear video signal or abstract visualizations, 
depending on the desired output. It will usually function at a distance of about 20 feet. If you have any 
previous experience with electronics or circuit building, you will notice that this method of building is 
different. The circuit is constructed on top of a copper “ground plate” which is common in radio applica- 
tions. This tutorial uses step-by-step sketches and photos created based on Tetsuo Kogawa’s design. 
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BUILDING THE TRANSMITTER 
1. PREPARING THE COPPER PLATE 


- Take the bare copper plate and cut off 1inch of material using a dremel tool or hacksaw. 
- Use this material to cut out 6 square 7’ in. x “in. pieces. 
- Arrange the 6 pieces on the larger copper plate as shown in the image below... 


, 











(APE 


**NOTE** Be sure to arrange them so that all the component leads will be able to reach the 
squares. Look ahead to see what components will go where so you know exactly how to space 
them. 


- Once you have them arranged, put a dab of hot or super glue on the bottom of each square and 
stick them in place on the copper plate. 
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2. ADDING THE 100uF CAPACITOR (the cylinder with “100uF” written on the side) 
- Melt a blob of solder onto the two squares furthest to the right. To do this, apply your iron to each 


square to transfer heat for an extended period of time until the solder flows onto the surface. 
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reheat solder blobs and put the 
Capacitor into place 
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- Bend the legs out of the 100uf capacitor and straddle them between the two squares making 
sure that the leads are only touching the two small squares (not touching the ground plate). 

- Cut the excess off of the leads. 

- One at a time, re-heat the solder blobs and place the capacitor leads into them, allowing them 
to cool down until they stay in place. 
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***NOTE*** - This capacitor is polarized meaning that it has to be facing in the appropriate direc- 
tion. Make sure you solder the NEGATIVE lead to the LOWER of the two squares. The negative 
side has the shorter lead and a vertical stripe along the side of the capacitor. 
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3. ADDING THE .1uF CAPACITORS (the two discs with “104” written on them) 
- These capacitors will be positioned between the upper and lower left most squares and the 
ground plate. Melt a blob of solder on these two squares and two blobs on the ground plate be- 
side each. (Reference the pictures for exact positioning). 
- Re-heat the blobs and position the capacitors accordingly as in step 2. 
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4. ADDING THE RESISTORS (10k and 27k) 
- Solder the 10k resistor (brown, black and orange stripes) between the bottom left square and 
ground. 
- Solder the 27k resistor (red, violate and orange stripes) between the two left squares. 
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5. ADDING THE COIL 

- Cut about 4” of the magnet wire (24 AWG or close) 

- Use the plug from your headphones to wrap the wire around. Make 5 turns. 
ON = < 






a 









eo 2 a 
- With the wire still wrapped around the headphone plug, take a small piece of sand paper 
and rub off the colored insulation of each end until the bare copper is exposed (If the copper 
is not exposed, you won't be able to make a connection). 






ae 


- Solder the coil into place bridging the two squares as seen below 
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ADDING THE VARIABLE CAPACITORS 
*NOTE* Once the component leads start to pile up on each other on each square, it helps to add 
additional solder. 

- The first variable capacitor will be soldered between the top square of the three that make up 
the bottom triangle and the ground plate. 

- Solder the “nose” of the capacitor (the lead that is different from the other two) to the square, 
and the other two side leads to the ground plate. 

*NOTE* You will have to bend the leads in a certain way in order to get everything positioned 
properly. Just play around with it till you get it. 

- The second variable capacitor will bridge between top and right squares of the triangle. Only 
two leads are needed here so use your clippers to remove one of the side leads, leaving the 
nose and only one side. (See the pic below) 


6. 





The variable capacitors soldered into place... 





7. ADDING THE TRANSISTOR (MPSA18) 
*NOTE* This transistor is sensitive to heat and can be destroyed by the heat from your iron. Be 
sure to follow the necessary precautions below. But don’t worry if you do kill one, they are only 
~$.10 a piece. 
- The three leads of the transistor all do specific things and must go to the appropriate places. 
Here is a pic of the orientation of this transistor... 
C=Collector B=Base E=Emitter 


flat edge 
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- Each lead from the transistor will be soldered to the three different squares that make up the 
triangle, so you will have to bend the leads accordingly. 

- The B lead (base) goes to the left square of the triangle, the C lead (collector) goes to the top 
square, and the E lead (emitter) goes to the right square, as in the image below. 
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Before you solder the transistor in place, you need to have a “heat sink” attached to protect 
it. This will draw some of the heat from the transistor to something else. To do this, simply 
take an alligator clip and attach it to the lead you are soldering... 
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pl alligator clip 
between soldering 
iron and transistor 
to act as a heat sink 
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- Solder each lead in place attaching the clip lead to each one before doing so. 
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8. ADDING THE 1k POTENTIOMETER 
- Put a bit of super glue or hot glue on the bottom of the potentiometer and stick it to the upper 
right corner with the leads facing towards the left of the plate. 
- Take a small amount of stranded hookup wire and strip both ends. Solder one side to the upper 
most lead and the other side to the ground plate. 
- Repeat the process by connecting the middle lead of the potentiometer to the upper most of 
the two right squares. Then connect the lower lead of the potentiometer to the right most square 
of the triangle. 
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9. ADDING THE INPUT WIRES 
- Cut two small lengths (~4-5”) of your stranded wire and strip both sides 
- Solder one of the wires to the ground plate (this will be the ground input from your video 


source) 
- Solder the other wire to the bottom square of the two right squares. (This will be the signal input 


from your video source) 


~ 
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10. ADDING THE BATTERY INPUT WIRES 
- Just like the last step, cut two shot pieces of wire and strip both ends. 
- Solder one of the wires to the ground plate (this will be the negative input from your 9volt bat- 
tery). 
- Solder the other wire to the upper left square (this will be the positive input from your Qvolt bat- 
tery). 





ep 
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11. ADDING THE ANTENNA 
- Cut about 2 feet of wire and strip one end. 
- Solder the wire to the right most square of the triangle. 
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OPERATING 
- Find a video source (DVD player, VHS player, iPod etc.) that has a composite video output. 
- Use an alligator clip lead to connect the ground from your video source to the ground input 
of the transmitter. Using another alligator clip lead, attach the signal output from your 
source to the signal input of the transmitter. 
- Use two more alligator clips to connect the positive and negative of a 9v battery to the 
positive and negative battery inputs of the transmitter. 
- Turn on a CRT “tube style” TV and tune it to channel 2 or 3. 
- Turn your potentiometer to somewhere around 50% 
- Using a small screwdriver, tune the upper most variable cap slowly until you see the TV 
make a flicker or change. 
- Tune the second variable capacitor until you start to see some strong signal coming through 
- Tune the potentiometer and the two variable capacitors until you get the imagery you wan 


Send any comments, questions or suggestions to yaktronix.online@gmail.com 
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Testatika Demonstration (4 August 1999) 
Translation by Stefan Hartmann < harti@harti.com > & Hans Holzherr 


From: Hans Holzherr 
To: Stefan Hartmann 


Recently, over 30 technicians and engineers (most of them retired) were allowed to visit the 
Methernitha group in Linden, Switzerland, where they witnessed a demo of the different Testatika 
machines. 


Here is a report from Hans Holzherr from Switzerland who was present: 
Hello Mr. Hartmann, 
To your questions: > Have you seen live a machine with a load? If so, what load? 


I am referring in the following to the model with the 50-cm diameter disks. This machine was 
already running when the visitors stepped into the room, and was not halted during the whole time - 
-- we were there for about 1.5 hrs. As a first load a 1000-Watt lamp was connected for 
approximately 10 seconds whose brightness did NOT diminish --- the corresponding sequence on 
the Testatika film is just an effect of the camera aperture's automatic adjusting to the sudden 
brightness! The second load was a U-shaped heating element, that Mr.Baumann handed to me. It 
became so hot within one second that I had to put it down immediately! What was particularly 
impressive was that while he pulled back one of the contact wires (that was with the lamp, I 
believe), a 1-cm long arc appeared between the output electrode and the connecting wire for 
approximately one second. The apparatus was under a plexiglass hood. Near the base it had two 
holes which Baumann used to insert the contact wires to touch the output electrodes. 


How do you think the high wattage is produced ? 
Good question! I'd love to know the answer, too! 
Did the disks slow down when a load was placed across the output electrodes ? 


I did not notice that (nobody else did), but of course you tend to turn your look to 'where the action 
is' (the lamp etc.) The disks turned with 15 rpm, which is quite slow. The spin rate was regulated 
magnetically. 


What general impression did you have ? 


It was really impressive! One can hardly believe it, with this slow rotation. In any case, this cannot 
be explained in terms of bare electrostatics in the sense of the Wimshurst machine. The perforated 
sheets seem to have a key function... Beside the pick-up and the drive electrodes there are a number 
of small plexiglass blocks with glued-on perforated sheets, whose function is unknown. 


As Adolf Schneider already mentioned, my colleague Bernhard XXX and I want to try to copy the 
principle experiment shown by Baumann --- without much hope to find anything extraordinary, 
though. 


The device consists of a horizontal swiveling plexiglass arm with a small rectangular plexiglass 
plate at both ends glued to the lower side of the arm. The lower side of the arm is covered with 
perforated aluminum sheets (square holes), while the bottom of the plates is covered with brass wire 
mesh. Beneath each plate five additional plates are glued onto the base plate. There is also wire 
mesh between each pair of plates in the two blocks. From the mesh layer between the lowest plate 
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and the base a wire goes to the two capacitors, which are connected in parallel . Baumann seized the 
arm with both hands and turned it about ten times back and forth (a full rotation was not possible, 
because the capacitors were in the way), then measured the DC voltage with a digital measuring 
instrument: 60 Volts. Then, as he short-circuited the condensers a loud crack could be heard. I don’t 
know if that already is an abnormal result... 


On my question Baumann replied that with metal foil (instead of wire mesh) the device would not 
produce that effect. 


For more information, Contact: leo@zelator.in-berlin.de 


"Back-Engineered Testatika" 


by 
Paul E. Potter 
http://website.lineone.net/~aarekhu/index.html 
(Copyright 2000) 


That the Swiss Methernitha group's Testatika machine is thought to be based on a Wimshurst 
electrostatic generator, is only a sparse approximation of the truth --- of the great multitude of 
electrostatic influence machines developed around the 1900's it more closely follows the charge- 
separation-and-collection system used by the 1898 Pidgeon machine [note 1] for its electrical 
circuit. 


Its 50-per-disc steel grilles or 'gitter-grilles' are plainly unique to the Methernitha (see fig.1) but in 
principle follow on from previous research and patents for corrugated sectors which were found to 
be more efficient charge carriers [note 2] than flat ones, and from a similar example in more recent 
times of aluminium rods extending out like wheel spokes from an insulating hub of perspex [note 
Cie 


Another unique function of these perforated grilles attached to the discs is how they induce charge 
from the rotating discs onto the special collecting pads, or 'tasten' antennae keys (which are also 
perforated --- so as to more readily pick up charge); for in a Wimshurst you had conductive brushes 
or rails of sharp points which actually touched the discs or were placed very close to them, but in 
the Methernitha the charge has to be made to traverse a parallel air-gap to the pads and for this 
purpose the metal gitter-grilles are so designed to create miniature eddy-currents of charged air 
which circulate in and out of the perforated metal's surface charges, and are more easily bounced 
out to the collecting pads. This process is categorised as VARIABLE CAPACITANCE electrostatic 
generation. 


Careful note needs to be made of how the Methernitha uses its basically Pidgeon setup with regard 
to its neutralising rods (that equalise and stabilise the opposite charges --- see fig.2), and how 
charges are picked up from one area and accumulated at others, so that the polarities of charge are 
distributed correctly to specific areas on both discs [note 4]. 


And although there have been some fanciful claims, or misinformation, that it uses all sorts of 
radioactive materials to achieve its pulsed output I most strongly believe that the auxiliary 
electromagnetic circuit, that wraps itself around the rotating discs, portrays a simple electronic 
approach; afterall, who would use radium radioactive emission alongside leyden jar capacitors ! 
Indeed, the more you look into certain elements of its construction the more they point to three main 
eras of electronics development, the 1900's, the 1920's and the 1950/60's. The authentic Methernitha 
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was designed and developed by purists who believed they had discovered a previously unknown 
electronic phenomenon, but they wanted to keep an integrity to the early pioneering days of the 
Pidgeon, Wimshurst and Holtz electrostatic machinery; they would not use such modern devices as 
transistors or IC chips (more's the pity) --- but they do use some pretty uncommon electronic 
engineering in their circuit [note 5]. 


Obviously, the electronics are in two parts; one --- the electrostatic generator and its particular 
technologies of how to direct what charge where, and two --- the very unique auxiliary 
electromagnetic circuit of inductances, capacitances and rectification that mobilises that 'static' 
electricity. To understand how they convert static energy into an electromotive force you would do 
well to go back to the earliest years of radio. From the pages of spark radio you soon appreciate just 
how important oscillation circuits and their valve rectifiers were, and moreover, how difficult it 
proved to engineer them. For although radio transmitters and receivers from the 1900's used 
resonating circuits their oscillations were controlled by sparks between two contacts and, of course, 
they were relatively inefficient. Not until the 1920's did the first electric current oscillations become 
an observable controlled phenomenon when someone coupled a rectifier valve, a capacitor, and a 
resistor together [note 6]. The early 1920's also saw the best era of experimentation and invention 
for novel devices that turned static energy into useable electromagnetic energy; it was in a 1921 
patent that we see a German physicist Hermann Plauson describe in great detail his methods to 
convert static power, not only from rotary influence machines but also from balloons collecting 
atmospheric electricity up in the sky; and by using thermionic rectifiers, leyden jar capacitors and 
inductor coils he proposed a free-energy network that was to power the whole of Germany [note 7] ! 
The thermionic rectifier valve heralded a new era for radio and high voltage physics, and as it was 
then subjected to such a broad array of experiments and modifications to improve its efficiency so it 
paved the way for all sorts of new avenues in electronics. Indeed, with such a technical catalogue of 
similarities with what we see in the available photographs of Testatika it can be assumed without 
doubt that the horizontal glass tube which sits on top of the Methernitha machines is exactly what a 
home-made vacuum thermionic rectifying valve would look like; with its internal anode mesh-plate, 
surrounded by a coiled copper grid, fed by a glowing (heated) cathode wire running horizontally 
across its centre and capped by two black end-pieces, which are too big and bulbous to be mere end- 
caps and must surely be black rubber vacuum seals to seal the glass tube and the input/output wires 
[note 8]. 


With such a rectifier, some induction coils, and some leyden jar capacitors you have a circuit that 
oscillates, and that's what has to happen with a Methernitha, the electromagnetic circuit has to 
oscillate for it to work, and then the oscillations have to be rectified (or even modulated) so that the 
resulting single-pole pulses can be channeled through the big cans, which are basically high- 
efficiency transformers, and outputted as reduced voltage higher current DC pulses (see fig.3). 


The precise components used to oscillate the primary oscillating circuit are, I believe, not to be seen 
in any of the available photographs, but there are various hints for their approximate whereabouts 
on the machine. Firstly, according to electronic design there should be a capacitor and coil 
configuration in close proximity to the rectifier. Well, from the picture "3K WREAR" can be seen 
the two long upright tubes which, according to those who have seen them first-hand, comprise a 
spirally turned aluminium strip (which indicates they are chokes [note 9]) inside a glass tube, inside 
the same sort of outer shielding that the big cans have (which indicates they are electrostatic 
shields), inside yet another glass tube, and are terminated at the top with a brass connecting rod 
which does a right-angled turn and passes into the side of the tower --- but only two-thirds up the 
height of the tower. These two assemblies must form a connection to the rectifier, because the 
rectifier is at the top of the tower, so why don't these electrostatically sensitive tubes extend all the 
way up to it ? Again, from the photographs of the rear and front of the Methernithas there is a wire 
that comes out of the tower's side wall at about 4 inches above the upright's brass terminals and this 
wire then passes through a short black tube and on to the rectifier valve. This, of course, would 
happen on both sides of the tower, enabling a connection to both ends of the rectifier. But why have 
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this 4 inch gap of connections at the top of the tower ? Something is placed inside the top of the 
tower in this intermediate space which is very necessary to the circuit, and I think it must be the 
location of the capacitor/inductor configuration to oscillate the circuit. This (fig.4) is how I would 
see the inside of the top of the towers [note 10]. 


I've seen some of the patented inventions that rotate discs --- by using magnets (i.e., H.Rosenberg's 
permanent magnet excited rotational machine, US Patent # 3,411,027 ), and by utilising inscribed 
metalised discs (US Patent # 3,239,705 for instance), but there simply isn't enough room for these to 
be located in the Methernitha disc setup --- also, you don't want to interfere with the ES fields that 
zip around the revolving discs: From the reports of those who have seen the small machines 
working it appears their discs were rotated by small DC electric motors after they were hand- 
started, some re-wound with thinner wire (to presumably increase their torque) and powered 
directly from the discs' generated electricity --- but I have also seen how two discs can continue to 
rotate simply by careful placement of curved electrodes [note 11] which would act on the charges 
on the discs --- like the 3kw Testatica Distatica generators. 


After reading through the many early accounts of electrostatic rotary machines, and some of the 
more recent ones, you can't help but be puzzled by the Methernitha's incredibly low rotational speed 
of just 60 rpm (and in the 1999 engineers report as low 15 rpm !). Most other early experimenters 
boasted up to 3000 rpm. J.G.Trump in his work on high voltage generation in space [note 12] spun 
his rotary machine at 10,000 rpm (to produce 433 Watts at 24 KV no less). One reason for this low 
speed might be to do with the close proximity of the 50 lamellas (gitter-grilles) on the discs at their 
inner ends, they are very close together, I think too close. Air, normally an insulator, breaks down 
and conducts at around 25-35 KV (this figure has been fairly constant from day-one of electrostatic 
machine experiments right through to the present day --- because air has a breakdown field strength 
of 3x106 volts/metre) and short-circuits the circuit. I feel that because this design of grilles is prone 
to short-circuiting at high voltages the Methernitha people have limited their rotational speed so as 
to ensure a low operating voltage --- of what I'd guesstimate to be only 12 to 24KV. 


But, is this a waste of extra potential ? Not necessarily, for I don't think that the main power output 
comes solely from what the two counter-rotating discs supply. 


There is, I believe, a far more important power generator --- the electron cascade generator, and the 
Methernitha has two of them, held inside the two horseshoe magnets, and providing the circuits to 
the magnets are made to oscillate at the right frequency at a high enough voltage then these 
metalised-perspex laminated blocks can enmass A MUCH LARGER AMOUNT OF 
ELECTRICITY THAN WHAT IS PUT INTO THEM. 


This, perhaps, is the previously unknown electronic phenomenon that the Methernitha group have 
so zealously been trying to protect against unscrupulous entrepreneurs. But I would say that this 
copious supply of free energy is already known to the world --- it is not readily available - and its 
principles are not fully understood, as yet, but it is known about. 


As the descriptions say (on the Testatika website), between the horseshoe magnet legs are four 
blocks of transparent 'plexiglass' type material alternated with copper and aluminium plates (that 
may or may not be perforated), in the sequence c-p-a-c-p-a-c-p-a-c-p-a (also see fig.6). And 
according to the Linden Experiment, where Paul Baumann induces a resonance of about 80-140 
MHz in a coiled horseshoe and then has an aluminium-insulator-copper block moved between the 
horseshoe legs, a voltage could be taken off the plates of the block which measured 700 volts (DC 
presumably) [note 13]. This incredible phenomenon has never been replicated by any ‘outside 
researcher’, and is said to be the basis by which the Methernitha machine could be understood how 
to work [the clue, possibly, to this Principle Experiment may be variable-capacitance and dielectric- 
absorpsion]. 
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But what, I hear you say, is an electron cascade... Well, it was only by chance, very recently, that I 
happened to listen to an audio tape by a Dr. Flanagan about crystal water; when I switched the tape 
over after the end of side one Dr. Flanagan then began talking about an electronic configuration that 
applied a high frequency, high voltage alternating field across an insulator --- that created what he 
called an electron cascade effect --- Yes, I thought, here is the answer to the Methernitha Machine. 


The electron cascade or avalanche effect is where air molecules are accelerated to the device at such 
a high velocity that they collide with other molecules and atoms in the air to liberate new electrons 
which in turn also collide and liberate even more 'free electrons' from other air molecules (see 
fig.5), all of which become accelerated by the electric field, and an avalanche of electron- 
multiplications progresses throughout the whole immediate environment [note 14]. It's a chain 
reaction, and an entirely safe one, it happens in a more ferocious way in lightning strikes, and is a 
natural phenomenon. And, as in this case, the environment actually becomes part of the circuit [note 
15] because the process is actually negatively-ionising the air surrounding the Methernitha 
machines, and that is why those who have been near these generators when working say the air 
around about them is cool and fresh [note 16]. 


In view of the fact that it's designers have chosen to wind insulated wire (which may or may not be 
bifilar) around the horseshoe metal it is likely that the horseshoes are used for some form of 
induction [note 17], it would also be very possible to draw directly from this part of the circuit the 
extra electric current produced from the electron cascade blocks, with suitable connections that 
might lead downward into the wooden base (where it is believed that an alternate layering of 
perforated metal plates and insulating plates - making up a large high-voltage storage capacitor - is 
located). This power could then be discharged as a pulsed output of high wattage, especially if the 
final output part of the electronic circuit is configured as a Pulse Forming Network of multiple 
sections of inductor / capacitor combinations [note 18]. 


The two big cans at the side, the big capacitors, are probably not highly technical (see fig.7), once 
the fundamental formula has been decided upon all models of a Testatika generator would follow a 
similar construction process. The written descriptions are a little contradictory but they seem to 
suggest a central input rod, or tube, connecting at the bottom of the cans to a stack of inter-linked 
pancake coils, that are wound secondary-outside primary-inside, fitted around a core of 6 hollow 
donut-ring magnets stacked in such a way with plastic spacers as to allow air gaps between them, 
and then finally the output of each can is a connection from the top coil of the secondaries of the 
pancake coils to a brass ring around the centre of the black plastic top lid --- and from the 
photographs can be seen a large diameter wire or tube [note 19] connecting that polarity's output 
terminal to the top lid's brass ring via a brass screw terminal. I would suggest that the ring magnets 
(of anistropic ferrite perhaps) are gapped in this way to prevent the magnetic flux fields of the 
pancake primaries co-joining as one sprawling field, because it would be more advantageous, and 
safer, to have each separate pancake's magnetic flux cut it's own adjoining secondary coil, and 
divide the secondary output voltage into smaller amounts of potential, thus depending less on 
complicated insulating procedures that accompany high voltage single primary / single secondary 
transformers. 


The use of aluminium mesh and solid copper sheeting is commonly used in electronic construction; 
the outer aluminium mesh cylinder would be used to shield stray electrostatic charges, and the solid 
copper cylinder is to shield the large amount of stray electromagnetic fields produced by the 
transforming process from high voltage/low current to lower voltage/higher current [note 20]. 
Obviously they don't want field contamination taking place between the sensitive electrostatic 
generator and the transformers. 


Within these two outside shielding-cylinders are 'grid condensers' which, according to the 1999 
report by the 30 engineers, can be as many as 20 layers of perforated sheet (presumably as 
concentric cylinders) - which I have indicated (in fig.7 for instance) as being electrically connected 
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BETWEEN each separate secondary winding - in the fashion of an old discovery from the early 
days of wireless telegraphy and based on the ‘disruptive discharge coil’ devised by Nikola Tesla, that 
such a condenser connected in the center of a secondary coil collects the maximum amount of 
voltage created by that secondary. This configuration of one condenser inside another inside another 
etc etc, has a striking similarity to the layout of a pulse forming network [see note 18]. 


In the red wired can the transformer is wired to output negative, and the blue wired can's 
transformer is wired to output positive polarity. Special note should be made of a similar 
arrangement for divided primary / secondary windings devised by Van de Graaff in his 'High 
Voltage Electromagnetic Charged-Particle Accelerator Apparatus Having an Insulating Magnetic 
Core' [note 21] with respect to magnetic reluctance gaps. 


Whilst it has been said that the clear perspex disc was designated the 'cloud' disc, and the (rear) dark 
disc the 'ground' disc I would think this relates to different types of acrylics or plastics that might 
become charged to different polarities, as in the triboelectric series, where frictional charging of 
different plastics --- and then bringing them close together, might cause donation or acceptance 
from one to the other; I would think from the above that cloud represents a donator (positive charge) 
and that ground must mean an acceptor (negative charge). Has anyone tried the combination of a 
teflon disc (extremely negative charge) with a glass disc (highly positive charge) ? 


Or discs doped with paramagnetic particles perhaps [note 22] ? 
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Back-Engineered Methernitha --- Notes 


Note 1 --- For more information on the Pidgeon machine see "Electrical Influence Machines" by 
John Gray, 1903 p. 206 & "Philosophical Magazine" Dec 1898, p. 564, and of course the Pidgeon 
patents. 
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Note 2 --- See "Modern High Speed Influence Machines" by V.E. Johnson, 1921, p. 76. Johnson 
was not only a researcher of electrostatic machines but was also an innovative constructor of them, 
and as such was keen to try any technique that made his generators more powerful than even the 
specialised Wommelsdorf multi-disc condenser machines. This book is an absolute must for those 
who wish to work in this field. Another 'must' is the website of Antonio Carlos M. de Queiroz ( 
http://www.coe.uftj.br/~acmq/electrostatic.html ) which is absolutely full of information about (and 
with links to) present-day developments in electrostatic machines. 


Note 3 --- See "Self-Excited, Alternating, High-Voltage Generation Using A Modified Electrostatic 
Influence Machine" by M.Zahn, et al., American Journal of Physics, Vol 42 (1974) p. 289. 


Note 4 The Methernitha designers have taken a basic Pidgeon electric field system and added a few 
modifications of their own, partly to lock a certain polarity of charge to a certain area so as to 
stabilise it, and also to boost certain areas with charge. As in their use, for example, of an extra field 
plate located at the top-centre in front of the front disc (just under the rectifying valve), note also 
that this plate, or antennae key, is indirectly coupled to the rest of the circuit, via a coil setup. Much 
the same occurs with the two plates slightly below it, these plates are connected to a brass terminal 
which connects to a copper wire that goes down and winds in a coil shape around a hollow plastic 
tube, and inside the tube will be another wire or small coil that draws off the electric charge. So 
these three plates are using not direct connection but induction to get their charge. 


Note 5 ------- By looking at how each of the photographed machines have been constructed you can 
see that these are high quality crafted structures. I would think each would start off as sub- 
assemblies fitted together by pairs or small groups of members, those sub-assemblies of wooden 
base, big cans, perspex framework, discs with bearings and axles, when completed would be passed 
on to the electrical engineers of the community who would then fit the wiring connections, vacuum 
tube rectifier and make sure that not only did they work but that they looked like a work of art. 


Note 6 --- The Fleming valve had been around since 1905 and while it progressed to the thermionic 
valve and audion, by 1922 the ‘Pearson and Anson Effect’ was discovered whereby oscillating 
currents could be produced with a resistor, capacitor and thermionic valve coupled together. 


Note 7 --- See US Patent 1,540,998 (9 June 1925) Conversion of Atmospheric Electric Energy by 
Hermann Plauson. He also wrote a book of the subject titled "Gewinnung und Verwertung der 
Atmospharischen Elektrizitat" in 1920 in German (which is currently held in the British Library). 


Note 8 --- Whilst some have seen the smaller 300 Watt machine’s discharger/rectifier quite open 
and not encased in a vacuum tube the vacuum tube models would be much more efficient and 
would waste less current. Also, the rectifier tube must have a heated filament (which on the 3K W 
machines can be seen as a glowing line running the whole length of the grid and coil assembly 
between the two black end caps, and in the films you can see faint flashes coming from behind the 
rectifier so possibly the filament is wrapped around the other side of the grid/coil assembly as well). 
Coolridge, back in the 1900’s, discovered that no discharge from the cathode to the anode would 
occur, even at 100,000 volts, unless the filament was heated (Physics Review, Vol. 2, Dec 1913, p. 
418). Aluminium mesh will give off electrons quite readily and can be used as a cold cathode --- but 
a heated cathode offers the advantage of being able to control the oscillations. 


Note 9 --- The two long upright tubes are without doubt choke coil assemblies in precisely the right 
place to slow down the current where it gets oscillated and rectified. In a choke the higher the flow 
of current the greater will be its resistance to that current flow. An even better form of choke will 
have some form of iron core inside it. 


Note 10 --- I have come up with 6 different circuits for this oscillation section, some of which 
include small quartz crystals. (See notes 13 and 16 on frequency of oscillation). The black dial at 


http://www.rexresearch.com/testatik/testart.htm#potbakeng 9/24 


7/9/2017 Paul Baumann: Testatika Generator (Methernitha Group) 


the rear of the 3kw machine is most likely to select a variety of capacitances so as to control the 
oscillations of the circuit, which in turn control disc rotational speed. 


Note 11 --- The phenomenon of electrostatic motors has been well researched over the years (see 
"Electrostatic Motors" O. Jefimenko in "Physics Teacher" Vol. 9, March 1971, p. 121-9, and in 
"Electrostatics And Its Applications" by A.D. Moore (1973) p. 131-147; "Electrostatic Motors" by 
B.Bollee in "Philips Tech. Review" Vol 30 (1969), p. 178-194). The Methernitha Testatika 
generators (see a recent report by 30 engineers) auto-rotate, after they have been started by hand, by 
the same principles of these ES motors. 


Note 12 --- J.G.Trump worked for the US Air Force and pioneered some highly efficient 
electrostatic machines around the 1960’s (see"Electrostatic Sources of Electric Power" in "Elec. 
Eng." 66:525, June 1947; and "High Voltage Generation in Space:The Parametric Electrostatic 
Machine" in "Progr. Astronaut. Rocketry" (vol 3 --- Energy Conversion for Space Power) 1961 
p745). 


Note 13 --- Although the ‘Linden Experiment’ was thought to register a frequency of 80-140 MHz 
this does not necessarily mean that the Methernitha generators would oscillate at that rate also. Such 
a frequency seems unnecessarily high. 


Note 14 --- See "Plasma --- The Fourth State of Matter" by D.A. Frank-Kamenetskii (1972) pp10, 
and Dr.Patrick Flanagan’s US patents 4,743,275 (May 10, 1988) and 4,391,773 (Jul 5, 1983). 


Note 15 --- The effect is very similar to the converging forces in a non-uniform field, the oscillating 
perspex blocks become one ‘electrode’ and the surrounding air in the room becomes the opposite 
‘electrode’, and by the processes of electrophoresis and dielectrophoresis the electrically charged 
particles in the air (the electrons and negative ions) are drawn toward the central electrode, which in 
this case is the perspex block assembly (see "Nonuniform Electric Fields" by Herbert A. Pohl in 
"Scientific American" (Dec 1960) p. 107-8). Iam much more inclined to believe that the ingenuity 
of the design of these types of machines comes from physicists and not electronic engineers. 


Note 16 --- Dr. Flanagan actually uses the electron field generator in his own special ionizer (see 
Method of Purifying Air and Negative Field Generator US Patent 4,391,773). 


How does an electron cascade generator work, I would think that while you have an alternating 
electron movement (and Dr. Flanagan reckons this effect occurs with a high voltage field alternating 
at above 20 KHz) at the metal electrodes, the perspex blocks sandwiched between them would 
transfer the electricity not through their mass but around it, as surface charge --- actually in the layer 
of air right next to the insulator’s surface. Its the same principle as dielectric absorption - the 
perspex blocks don't discharge themselves fast enough to keep up with the alternating voltage and 
so they accumulate more and more charge --- until it forms as a layer of charge on the insulator's 
surface. This means that at a high enough frequency the surface-air molecules polarize, with the 
more mobile electrons separating from the slower bulks of those molecules and while the electrons 
get thrusted back and forth a secondary layer of (slower) positive air ions develops, and so on, and 
the process of high voltage high frequency polarization triggers the electron avalanche effect. 


In the event that the perspex blocks are indeed ELECTRETS (as free-energy researcher Geoff Egel 
and others suggest) I would think that they would work in a similar fashion to the above process, of 
dielectric absorption that charges up the blocks before they produce the cascade-effect. Because in 
the electret the electrons charged into the perspex/plastic, and the positive ions, would still be 
manipulated by the reversing electromagnetic field in such a way as to orientate (as with dipoles) 
back and forth, to eventually reach the point (if the whole circuit is tuned properly) where they 
would attain resonance with the immediate air surrounding them. And if this effect is similar to an 
inductance then possibly a back-emf will result also, to increase the output voltage. Either way I 
believe the effect will still be an electron cascade through the environment and the product of this 
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oscillating output (at the blocks) could similarly be drawn off and accumulated in the multi-layered 
base capacitor network. 


I would suggest that a test program to find the best type of blocks would be; One --- try different 
types of plastic/acrylic/ceramic materials for the blocks. 

Two --- try different methods of electrifying the plastics (as with electrets). Three --- try plastics 
doped with semiconducting particles. Four - try plastics doped with paramagnetic particles. Five - 
try hollow plastic blocks containing an electrolytic fluid. More information on plastics will be found 
on the Electret vs Dielectric Absorption Page. 


Note 17 --- There are several definitions of Bifilar, one where the wires cancel out their magnetic 
fields, and one where the wires are wound to ensure a tight low-loss magnetic flux coupling, in this 
case you need all the magnetic flux you can get so it must be the latter --- See "Transformers For 
Electronic Circuits" by Nathan R. Grossner (1967), p. 224 etc. 


Most commonly used magnetic metal is Mumetal, which is an easily saturable magnetic material, 
routing magnetic flux through it rather than in the surrounding air, so as to enhance the mutual 
induction between the two coilings of red wire around the horseshoe legs. 


Note 18 --- So that the machine's output voltage doesn't drain away when it is connected up to a 
large load, what is needed here is a Pulse Forming Network (or artificial delay line). "Such a 
network is an improvement on simple capacitor storage because of the cascading action from one 
capacitor to the next along the chain. At the beginning, all capacitors are charged to the same 
voltage but as soon as the first one starts to loose voltage, the one behind it is then free to discharge 
into it. This topping-up action, which trickles down the network from capacitor to capacitor, is the 
mechanism by which the voltage across the output terminals tends to hold onto its original level." 
(see "High Energy Discharge Systems" A.P.Stephenson, Electronics Today International, March 
1992, pp. 24-26). 


Note 19 --- When voltage of a high potential and high frequency flows along a wire it does so on 
the outer surface (called the ‘skin effect’) and so the Methernitha would use thick wiring or even 
1/8" tubing to connect its circuit. 


Note 20 --- Two references for shielding are: "A Shielded Loop" by S. Goldman in "Electronics" 
Vol 11 (1938), pp. 20-22; and "Measurements in Radio Engineering" by F.E. Terman (1935), p. 218 
& p. 341. 


Note 21 --- For information on maximum voltage in the center of a secondary coil see "A 
Handbook of Wireless Telegraphy" by J. Erskine-Murray (1913) p. 42; and an article called 
"Dielectric Hysteresis at Radio Frequencies" by E.F.W. Alexanderson in "Proc. I.R.E., Vol. 2 (June 
1914) p137-157. For Van de Graaff's transformer see US patents 3,323,069 (May 30, 1967) and 
3,187,208 (June 1, 1965). These patents were not just for a Van de Graaff high voltage generator, 
they were for a special system devised by Van de Graaff long after his generator had been in use to 
convert static electricity into current electricity. This system may be a little too complicated for the 
Methernitha but, nevertheless, the principles he used for multiple primary / secondary windings may 
be of some interest. 


Note 22 --- Dr. Flanagan modified his insulator blocks, made of resin, by doping them with 
paramagnetic granules (such as silicon carbide) to enhance even more the electron cascade effect; 
which is an idea that the physicist Thomas Townsend Brown first experimented with (by using lead 
oxide granules) in his US Patent 3,187,206 (June 1, 1965) to good effect. The surrounding air could 
also be ‘enhanced’ in similar fashion to polarise it's electric charge and improve its side of the 
performance (for those interested in the ‘physics’ of this see an article by W.A.Douglas Rudge "On 
Some Sources of Disturbance of the Normal Atmospheric Potential Gradient" in Proc. Royal Soc. 
A, Vol. 90 (1914) pp. 571, etc). 
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Note 23 --- Some other generators with similarities to the Testatika machine are the "Electrostatic 
Energy Field Power Generating System" invented by William W. Hyde (US Patent 4,897,592 of Jan 
30, 1990) is a rotor/stator variable capacitance machine capable of producing 300 KV. Other such 
generators are; "Parametric Electric Machine" invented by Ferdinand Cap (US Patent 4,622,510 of 
Nov 11, 1986) which has a series resonant (LCR) circuit structured into it so that it oscillates --- and 
indeed operates AT RESONANCE to ensure a high output; "Electrostatic Generator" invented by 
Dan B. Le May, et al. (US Patent 3,094,653 of Jun 18 1963) is a very ingenious system of variable 
capacitance; the "Electrostatic Machine" by Noel Felici (US Patent 2,522,106 of Sep 12, 1950) is a 
good standard which utilizes a valve rectifier; and the "Electrostatic Generator" by William S. 
Spencer (US Patent 1,415,779 of May 9, 1922) is an early rotor/stator generator which transferred 
its electric impulses through a transformer to produce a higher current output. 






,” Pidgeon (configured as 
Methernitha machine) 


Wimshurst machine 
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' In the Testatika-Distatica Video it has... "By means of grid-condensers the energy is stored and itis then uniformly dscharged, 
at the same time reducing the high-voltage and buildng up power with additional devices." 


"Principle Experiment" 
by 
Paul E. Potter 


With respect to the 30 engineer's report (of 1999) the ‘principle experiment’ was set up in such a 
way (see diag 1) that by swivelling the cross-piece over two other plexiglas blocks a current was 
transferred into two capacitors. Possibly when someone grabs hold of the swivelling cross-piece 
they transfer some static electricity from their body to the grilles of the cross-piece which, when 
vigorously turned back and forth will initiate a transfer of electric charge to the two stacks of blocks 
below them attached to the base. This may either be because anyone walking over a carpet or 
wearing man-made fibres will already hold thousands of volts of electrostatic charge - which will be 
enough to 'prime' this apparatus after touching it, to get it to work, much the same as when a 
rotating influence machine has to be primed with an electric charge before it will work; or, as many 
researchers have surmised already, that the plexiglas blocks glued to the swivelling cross-piece had 
been charged up with electricity as an ELECTRET. 
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The use of mesh around the cross-piece guarantees a variable capacitance to the moving arms --- 
and as these are moved quickly over the base blocks (again, alternated with mesh and Plexiglas) an 
amount of electric charge will be transferred to them EACH TIME the arms go backward-and- 
forward over them. Electronically, you have one variable capacitance acting upon another variable 
capacitance - which is why Baumann said that if metal foil were used instead of the mesh it would 
not produce the same effect. 


What happens next is called "dielectric absorption", and the following extract, from "Dielectrics" by 
P.J.Harrop (1972) pp71, will explain; 


"When a given dielectric [1.e., plexiglas] has a field put across it, and this field is then removed, the 
electrodes are briefly shorted out (not enough for all the ions and particles to relapse back) and the 
device left on open circuit one finds subsequently that it has partially charged up again. 


This is due to the slow-moving charge carriers remaining in position. It can be a frightening 
phenomenon with practical dielectrics since a person who has briefly discharged a charged insulator 
may subsequently touch it and be severely shocked." Some dielectric materials being more prone to 
this effect than others, and so obviously some experimentation will be needed to choose the best 
perspex, plexiglas, plastic, or acrylic materials so as to take the most advantage from this dielectric 
absorption effect. 


Once the blocks are being charged up the electric charge simply flows into the two interconnected 
capacitors and accumulates. 


Principle Experiment 
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Linden Experiment ~ 


A look at the only available diagram of the Linden experiment (see diag 2) shows a horseshoe 
magnet coupled to what seems to be a closed-ended wire. It can also be seen in this diagram that the 
wire coils around the magnet are sufficiently spaced apart so as to provide capacitance (between 
each coil of the wire) in the circuit. So, with capacitance, coils (for induction), and magnetic flux, 
you have all the ingredients needed to make an oscillating circuit --- provided there is a supply of 
voltage and some sort of interruption mechanism - then you have a circuit that will resonate. And 
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this leads us back to that oft repeated question --- is the block used in the Linden Experiment an 
electret. The first person to PUBLISH how they have duplicated this experiment will be the one to 
answer that question... 


But there is something wrong with this diagram --- the resonant frequency of this simple circuit --- 
depending only on the values of inductance and capacitance included in the circuit would 
consequently enable it to oscillate at only a few kilohertz at best. No circuit of 
capacitance/inductance can be made to resonate at such a high frequency as claimed, not even if it 
included any form of quartz crystal. If, as the diagram says, it resonates at 140 MHz then there must 
be a Lecher wire system (the running of two conducting wires in a parallel line, about a foot apart or 
less, for several feet) to make it resonate at such a high frequency. It would seem to me also that a 
required modification of the Linden Experiment diagram would be to put a different metal into this 
circuit where the wire is said to be "closed-ended", say for instance a zinc plate, then there will be a 
contact voltage established between the copper wire and the zinc plate. Such a voltage would start 
the circuit resonating, for the reasons stated above. 


And as with the Tini setup if a block comprising two metal plates separated by a suitable dielectric 
material (such as plexiglas) is placed in an oscillating electric field the electric charge on the metal 
plates will permeate into the dielectric, and for the same reasons as detailed above in the Principle 
Experiment, will temporarily accumulate voltage because of dielectric absorption. As I have already 
said elsewhere there is a great similarity between the phenomenon of the Testatika horseshoe blocks 
(and the Tini setup) and the principle behind Patrick Flanagan's Electron Field Generator which 
energizes an electron cascade mechanism throughout the immediate environment. 





Geoff Egel (1997) --- http://www2.murray.net.au/users/egel ~ 


Rectifier Circuit ~ 
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The rectifier forms the basis for Testatika’s operation 
For whilst the LC circuits L*, VC", UPR*, UPR? and C’ set up 
oscillations from the generator’s ligh voltage output the 
rectifier controls the oscillations to provide positive de pulses 
(which are then cirected through a step-down transformer 
BP4/BS and BP*/B 5°), to supply power 
ata higher current rate and lower voltage 





single filament 
rectifier 


Unidentified European Report ~ 


"Believe or Not, Here It Is!" 


The first really running "free energy" machine coming from Switzerland, Europe. It was developed 
over a 20 years Research period by a religious group called: METHERNITHA. This group lives in 
CH-3517 Linden, Switzerland. The inventor of this superb machine, Mr.Paul Baumann claims, its 
running principle was found by studying the lightning effects from nature. 


And here are the facts : 


* Testatika is an influence-type Wimhurst machine which runs on it's own energy, once started by 
counterclock revolving it's 2 dics by hand !!! 
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* Testatika not only runs on it' own energy, but produces also a huge amount of excess power, at 
least 3 KWATTS of power! That is enough to supply a one-person apartment with one machine! 


* The machine you see during this demo-animation is only about 70 cm wide, 40 cm deep and about 
60 cm tall ! 


* It delivers DC-Voltage ranging from 270 til 320 Volts, only depending on the dryness of the air! 
At this voltage it can supply at least 10 Amperes of DC-current ! 


* Testatika is not a perpetuum mobile, but an energy machine that collects it's huge amount of 
"FREE" energy from the charged and ionized air particles. But there are still some technological 
tricks implemented to overcome the normal drag-resistance of a conventional Wimhurst machine, 
which is still the secret of the Methernitha group !!! 


When will this technology be available for everyone? 


The Testatika machines, (there already exists also some smaller units which only deliver about 200- 
300 Watts) are not yet mass-production type models! They are still laboratory prototype units, 
although they are build with a very good craftmansship ! 


For more info contact directly: 


METHERNITHA, CH-3517 LINDEN, Switzerland 
TEL.-Nr.: ++ 41 31 97 11 24 


The pictures are from some photos and from a video-tape Methernitha sells. It shows the machines 
(also the smaler ones) and explains also Methernitha's spiritual aims. The tape has a running length 
of about 40 minutes and is really worth looking at it! It is also available in 

VHS-NTSC and American language. It also shows Methernitha's earlier research developments like 
huge wind generators. 


With the Testatika there is no fraud, hidden batteries or any other hidden energy source. It is really 
running! They already have the technology of ten years ahead! No more oil, no more pollution, no 
more atomic waste products, no more hunger in this world! This is the machine the mankind has 
dreamed about for centuries. Now it has come true! 


More information about the Methernitha machine is also available in the German magazine RAUM 
& ZEIT, issue Nr.40 (8). 


Jean L. Naudin Labs (4 February 1998) ~ 
"Testatika Generator and Over-Unity" 
by 
Cyril Smith 


Having read Nelson Camus’ article purporting to "explain" the Testatika over-unity generator 
(http://members.aol.com/overunity2/nelson/testatic.htm), I am of the opinion that the real 
explanation is hidden amongst the 19th century electrical mumbo jumbo which makes up much of 
the machine (Leyden Jars, Horseshoe Magnets, Wimshurst Generator and so on). From the 
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description of spiral-wound foil capacitors containing radioactive material and placed within current 
carrying coils it strikes me that perhaps the real energy comes from Beta particles (fast electrons) 
absorbed into the electrical circuit. 


To extract energy from Beta particles it is not just enough to capture them. Clearly this will result in 
a current flow according to the capture rate, but current by itself is not power. The kinetic energy of 
the particle must be captured and this will result in potential difference or voltage. If a Beta particle 
enters a thin foil conductor normal to its surface and is captured, then the potential difference 
associated with giving up its kinetic energy can be expected to occur across the opposite faces of the 
foil. If however the Beta particle were turned so as to enter at a shallow grazing angle to the surface, 
not only would the probability of capture be increased (since the particle will travel further within 
the material) but the potential difference will occur along the length of the foil. Beta particles 
travelling even at relavistic velocities can be turned within short distances by relatively weak 
magnetic fields, so the concept shown in the following Figure suggests itself. 


Magnetic 
Field 


Beta 
emitter DC 


Output 


Thin Foil 
Conductor 


Methernitha Statement of Purpose ~ 


"The Research Work of Methernitha in the Field of the so-called Free Energy" 


Ever since the foundation of Methernitha there existed a department for research, development and 
electronics, which was concerned with the problem of alternative energy sources, namely with 
technologies, which were suited to exploit the inherent forces of nature and thus to unlock sources 
of energy without disturbing natures ecological balance in any negative way. Any technology man 
invents should serve him in short as well as in long terms, and this condition is not fulfilled as soon 
as it opposes nature in any way. 
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This team of research within Methernitha works completely autonomous and is financed out of the 
co-operatives own resources, without any outside support. 


The efficient utilisation of wind energy was one of the first objectives of Methernitha's research 
program. At the beginning generators with special excitation were developed, which allowed to load 
the cells of accumulators even at low RPM at times when there are only moderate air movements. 


Utilising the kinetic energy of water currents was another field of interest of the development team, 
but it was pursued more as hobby. The key problem was here to transfer the slow revolutions of the 
waterwheel to an extent that the excitation threshold of the generator could be surpassed by a 
minimal loss of energy. 


Also solar cells and solar heat collectors attracted the attention of our researchers since a long time. 
But since in these fields other institutions have attained outstanding results, Methernitha started, and 
this was already more than 30 years ago, to concentrate its efforts on lesser known and even 
generally unknown sources of energy. The result of this scientific work is the Thestatica machine. 


The question arises: How it comes, that Methernitha, nothing more than a private organisation, 
could invest so much time, engagement, perseverance and financial resources in this kind of 
research. 


Research and development are integrated parts of the general idealistic concept of Methernitha. To 
make you understand these ideals and goals, we will now introduce you into the practical sides of 
this spiritual community Methernitha, as it functions as a co-operative of people, living and 
working together. 


Linden is a calm village of farmers just as dozens of others in the region of the valley called 
Emmental. However Linden is also the home of a special form of human life, which is capable of 
attracting more and more people from all over the globe, and which has repeatedly caused 
astonishment through its excellent functioning, even in extremely difficult situations. 


There is no doubt that the formation of Methernitha is also a good part of the life story of Paul 
Baumann. Through his extraordinary technical capabilities, but also through his astonishing 
practicable wisdom he opened relations to all kind of people with ideals and in many places, and 
pretty soon, the idea to form a co-operative enterprise took shape. 


"In the name of the God Almighty" people of equal thinking gathered and founded a co-operative, 
which could serve as the economic basis of this spiritual community. 


"We want to be a united group of brothers, and never separate however severe the burden may be", 
this was the solemn vow. 


Renunciation of alcohol and smoking and the will to realise a harmonious community life without 
dispute and discord like in the original Christian communities were the prerequisites to become a 

member. For the members Methernitha is an ideal opportunity to lead a fulfilled life by practising 
charity. 


A workshop was erected and soon, one house after the other grew on these premises. Also all 
construction was done out of own resources and solely with the savings from the common work. 


Today Methernitha is a social model proving the quality of its ideals through its well functioning 
just more than forty years. The people working here are almost without exception members of 
Methernitha. 
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Not even the prospering development that took place over the following decades could impair or 
even suppress the global idealistic aims. On the contrary, everybody works in his own interest with 
diligence and great joy towards the erection and the support of their new homeland and according 
to the principle: 


One for all and all for one! 
With this word one can conquer anything. Also the ancient truths appear again and attain respect. 


The people living here feel themselves as members of a family, like a group sitting in the same boat 
and proud, but also grateful proprietors of their own beautiful homeland, which they may shape 
exactly as they wish to. Evidently, this form of human social life can function only on the base of 
idealistic principles. 


The question arises, how the realisation of a sincere religious philosophy of life may be brought in 
harmony with a successful economic management. It is not obvious at all, that this is attainable. 


Nowadays there are many amongst us that are caught in the world-wide and dense network of social 
and economic dependencies and obligations and many also feel the confrontation with its problems. 


One member of the economic directory has recently phrased this in the following way: 


"The fact that all essential functions of Methernitha are fulfilled without any external force, driven 
solely through inner conviction, which causes everybody to help and take care of the other, this is 
for me the most astonishing effect which is produced by this form of living together. It seems to be 
a miracle." 


Another miracle within Methernitha is the Thestatica, which is the result of more than 20 years of 
research. 


This wonder machine is lurked from nature, nothing else. Nature is the greatest source of power as 
well as knowledge which man has, and it still conceals many secrets, which are only revealed to 
those, who approach and tie in with them with highest respect and responsibility. 


To understand nature and to perceive its voice, man is obliged to experience silence and solitude, 
and it was there, where the knowledge about this technology was obtained. 


For these reasons it was always a great concern of Methernitha to acquire properties, untouched by 
man as far as possible, be it in valleys or forests, in the mountains or ashore of lakes, where one 
could study nature, ones own being and the creator of all this universe in silence and concentration 
and without being disturbed. 


The public never understood this properly, rather interpreted it wrongly as an act of seclusion, 
assuming we had to hide something unclean. We actually had --- and still have --- to take great 
troubles to realise undisturbed all the things we intended to accomplish. 


Such undertaking in research and development necessitate considerable financial expenditures. 
Therefore we are quite often obliged to construct things with most primitive means and materials. 
What was thrown away by our affluent society, we collect and possibly set up with it a cornerstone 
in the discovery of new forces and truth. 


We are fortunate in gaining the experience that paradoxically the most beautiful and useful results 
can be achieved by just using the most simple means. Never did we use any borrowed capital 
because we want to stay free Swiss citizens and do not want to be hindered or even bound in any 
way in the pursuance of our aims. 
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The two conterrotating discs generate an electrostatic charge. One disc represents the earth, the 
other the cloud. Using grid electrodes the charges are bound. After that they are collected by non- 
contacting so-called antenna keys and then sorted. 


After being initially turned on by hand, the discs rotate by themselves according to the electrostatic 
laws about attraction and repulsion. A rectifying diode keeps the cycles in steady state. Otherwise 
the impulses of attraction and repulsion would accumulate and cause the discs to run faster and 
faster. The correct speed is of great importance and for optimal power generation the discs have to 
run quite steady and slow. 


By means of grid condensers the energy is stored and then uniformly discharged, at the same time 
reducing the high voltage and building up power with additional devices. Finally the machine 
supplies a uniform direct current, which varies according to the size of the model. The machine 
furnishes about 3-4kW permanent output, depending on humidity, whereby the electric potential 
ranges from 270 to 320Volt. High humidity of the atmosphere prevents the build-up of electric 
potential. The drier the air, the better. 


No doubt, through the so far achieved results one main objective has been reached, namely to prove 
that it is possible to use Free Energy. Nevertheless the research work is not yet completed. 


To the educated physicist many a thing of this machine may seem impossible, maybe even crazy. 
Maybe he is also offended by the conceptions used to explain the whole. Only partly we could use 
the concepts of conventional physical terminology to explain and define only approximately the 
functions and properties of the various parts of the machine. 


After all it will be necessary to create some more new concepts like the one we have already used 
before, when we termed the non-contacting collectors of electric charges as antenna keys. 


This machine puts experts, which are just trained in conventional physics to a very hard test, 
because its mode of action is not explainable with the state of the art of officially accepted physical 
knowledge, or at the most only partially explainable. However also a trained specialist should 
remain free and independent in his thinking, and should avoid to be limited by the temporal 
framework of publicly admitted knowledge in any science. 


It has to be remembered that the established science was already many times forced to change or 
give up some of its very fundamental concepts. Think about Galilee, to name only one example. 
Our human society almost condemned this man as a sorcerer and magician, just because he 
investigated and discovered a truth that seemed unacceptable by the established science of the days. 


The book knowledge of any times is not wrong, but it is incomplete, and therefore allows to draw 
wrong conclusions. 


We are part of a new area which brings to light many new facts and new knowledge. The clothes of 
nowadays science have become too tight and should be stripped off, just as the larva of an insect 
does with its skin. Only this will allow a true metamorphosis to take its course, and finally, at the 
limits and at the destination of all worldly knowledge, an universal and unlimited spiritual science, 
radiating and beautiful, just as the completed imago of an insect, may give its blessings and 
benediction to a renovated humanity. 


To ever reach there, a universal development of man has to take place. This however is only 
possible when man becomes aware of his true role within the whole creation, and again learns to 
recognise his true tasks, because the whole universe functions within a strict and precisely 
structured order according to the will and word of the creator. Therefore also man should recognise 
and realise these universal laws that are valid within the whole and within every part of this 
creation. 
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The hard facts rather show how far man has left the divine order through his self willed and 
authoritarian way of action and that he has become the actual cause of all discord and evil on this 
planet. 


Unfortunately the ruling bodies that should be responsible for the well-being of the people work too 
often with the target to make life more and more difficult and to render impossible every free 
spiritual development. 


Instead of utilising the achievements of science and technology for the benefit and preservation of 
all form of life, they are abused carelessly and irresponsibly to destroy and to kill, and thus turn 
them into a curse upon mankind. 


To change all this, the evolution of a new technology is not enough, even if it were the most 
ecological and ingenious. To change this present status one has to go much deeper down, to the 
root-cause of all this evil, and this is mans way of thinking, his state of mind. 


The ancient divine commandments are still valid today and also show today the way and direction 
humanity should go, as clearly spoken by the prophet Mica: 


God has told you what is good. And what is it that the Lord asks of you? Only to act justly, to love 
loyalty, to walk wisely before your God. 


"Testatika-Distatica Machine" 
(Transcribed from the Methernitha Testatika video by Paul E Potter) 


"... The efficient utilization of wind energy was one of the first objectives of Methernitha’s research 
program. 


At the beginning generators with special excitation were developed which allowed to load the cells 
of accumulators even at low rpm, at times when there are only moderate movements. 


Utilizing the kinetic energy of water currents was another field of interest of the development team, 
but it was pursued more as hobby. The key problem was here to transfer the slow revolutions of the 
water-wheel to an extent that the excitation threshold of the generator could be surpassed by a 
minimal loss of energy. Also solar cells and solar heat collectors attracted the attention of our 
researchers since a long time. But since in these fields other institutions have obtained outstanding 
results Methernitha started, and this was already more than 20 years ago [since 1960], to 
concentrate its efforts on lesser-known and even generally unknown sources of energy, the result of 
this scientific work is the Testatika machine of which most of you may have heard already. 


The two counter-rotating discs generate an electrostatic charge. One disc represents the earth, the 
other the cloud. Using grid-electrodes* the charges are bound. After that they are collected by non- 
contacted, so-called, antennae keys** and then sorted [shorted ?]. 


After being initially turned on by hand the discs rotate by themselves according to the electrostatic 
laws about attraction and repulsion. 


A rectifying-diode keeps the cycles in steady state, otherwise the impulses of attraction and 
repulsion would accumulate and cause the disc to run faster and faster. The correct speed is of great 
importance, and for optimum power generation the discs have to run quite steady and slow. 


By means of grid-condensers* the energy is stored and it is then uniformly discharged, at the same 
time reducing the high-voltage and building up power with additional devices. 
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Finally, the machine supplies a uniform direct current which varies according to size of the model. 


The machine furnishes about 3 to 4 Kilo-Watt permanent output, depending on humidity, whereby 
the electrical potential ranges from 270 to 320 volt. High humidity of the atmosphere prevents the 
build up of electric potential. The dryer the air the better. 


No doubt, through the so-far achieved results, one main objective has been reached, namely, to 
prove that it is possible to use free energy. Nevertheless, the research work is not yet completed: To 
finish a model which can be handed out more or less to anybody and without any haphazards, also 
to non-specialists, much work and also time will still be needed. 


Only partly we could use the concepts of conventional physical terminology in order to explain and 
define only approximately the functions and properties of the various parts of the machine. After all, 
it will be necessary to create some more new concepts, like the one we have already used before, 
when we termed the non-contacting collectors of electric charge as antennae keys**. This machine 
puts experts who are just trained in conventional physics to a very hard test..." 


* The German original has gitter-condensers, with gitter defined as wire lattice, grille, grate. 


** the original word used is tasten or taster, which means antenna, probe, key. 
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Started prototyping receiver to go with Michigan Mighty Mite Transmitter 


wandrson Jul 16 
In August, there will be . The second claggistil) tras four tickets available, so if 
interested email me to reserve your seat! 

1/2 

Jul 2016 


In preparation for a couple of classes in September, | started prototyping a matching radio receiver for that transmitter. It will be a very basic direct conversion 
receiver with crystal control to match the frequency of the transmitter. With luck | will have the prototype completed by the first class on August 3rd 


While waiting for some parts, | started assembling the front end to the receiver on some scrap pcb material. 


6h, Goa Gad 


May 17 


JoK 








When working with projects like this, it is best to test (and if nescessary) fix the project in stages. So the first stage is a simple tuned front end (inductor-capacitor 
tank circuit). To ensure | did the math correctly, | plugged one of the crystals into a test oscillator | have and fed that into the antenna input and hooked up my scope 
to both the input and output of the tuned circuit as shown below. 
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The circuit is aligned by using a ( @artg_dms the Electronics committee could use a couple of sets of ) to rotate the little 
trimmer capacitor to maximize the amplitude of the output. 


Here is a short video demonstrating the process: 


If this kind of thing interests you, please sign up for the class (we can/will offer repeats of the transmitter class if there is interest) and come out to our monthly 
special interest group meetings for the Amateur Radio SIG! 


% Dallas Makerspace Show and Tell - August 2017 


zmetzing May 17 


wandrson: 


If this kind of thing interests you, please sign up for the class (we can/will offer repeats of the transmitter class if there is interest) and come out to our monthly 


I'm interested. 3) 


Another interesting design for a 80m/40m receiver is here: 
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INTRODUCTION 


Before any attempt is made to construct a 
receiver, it is necessary to examine the problems 
which surround the crystal set, so that the best 
can be obtained from any of the designs 
attempted. 


Firstly, it must be understood that the crystal 
Set as it is to-day does not provide any amplifica- 
tion. It relies entirely on what is fed into it via 
the aerial and earth system and gives a very faith- 
ful replica of the original transmission. 


From this it will be obvious that the aerial and 
earth system must be as efficient as possible if 
the fina] results are to be in any way outstanding. 
This because these are the only means by which 
the signals are fed to the receiver. 


Secondly it is necessary to understand the 
nature of the transmitted signal, then it will be 
easy to understand the working of the set and to 
appreciate the function of each of the components. 


When crystal sets first became popular, very 
little information was generally available, at 
least, not in a form that school-boys could 
understand. 


We all built sets of all shapes and sizes, with 
coil designs that had to be seen to be believed, 
but very few of us had much idea of how they 
worked. 


I well remember the case of a cousin of mine 
who, in those days acquired a magnificent vari- 
able capacitor or condenser as it was then called, 
this instrument had a most impressively engraved 
dial of polished ebonite, brass vanes and nickel 
plated end plates. Having observed similar dials 
on several highly priced commercial receivers in 
the town, he at once ripped out the somewhat 
tattered coil from the family receiver and replaced 
it with this device. The profound silence which 
ensued caused considerable amazement and dis- 
may until a better informed adult explained the 
mysteries of L and C to him. Readers of this 
manual, however, will be better informed and 
there is no risk of failure with any of the designs 
described provided the instructions are carefully 
followed. 


The Signal 


To commence, we will assume that an orchestra 


is playing in a broadcasting studio. Since the 
principle of radio transmission is electrical it is 
necessary to change the sound produced by the 
orchestra into an electrical equivalent. This is 
carried out by the microphone, which picks up 
the sound and changes it into minute electric 
currents. 


As they appear at the output of the micro- 
phone they are too small to be of use and 
accordingly are passed through a high power 
amplifier, These amplified currents could now 
be transmitted, but unfortunately, as we shall 
learn, owing to the inherent nature of the signal 
in this state, transmission over any useful distance 
would be impractical. 


When the music from the orchestra is trans- 
formed into electrical currents they are in the 
form of alternating currents, usually called A.C., 
that is they rise to a maximum in one direction, 
fall to a minimum, rise to a maximum in the 
Opposite direction and then fall to minimum 
again. This process is repeated over and over 
again. One complete rise and fall in each direc- 
tion is called a cycle and is drawn in Fig. 1. 
Every time a note is struck on a piano, vibrations 
are sent out which reach the ear enabling you to 
hear it. These vibrations are also spoken of as 
cycles, they rise and fall in intensity the same way 
as an alternating current. The number of cycles 
radiated by any given note over a period of one 
second are referred to as its frequency. Middie 
C on the piano sends out 261 cycles every second 
and is known as having a frequency of 261. The 
microphone also “hears” the note and in the 
case of middie C produces minute A.C. at 261 
cycles. This can be drawn as in Fig. 2, the only 
difference between Fig. 1 and 2 is, that the time 
factor is given so that the frequency can be iden- 
tified. The higher the pitch of a note the higher 
the frequency and the lower the pitch the lower 
the frequency. On a piano the frequency of the 
top note is 3515 cycles and that of the lower 27 
cycles. Those of you who have listened to an 
organ in a concert hall will have noticed that © 
when a very deep note was played, it sounded 
like a growl to the ear, but the vibrating fre- 
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quency could be distinctly felt through the seat. 
Higher notes have too high a frequency to be 
observed in this manner. 

The range of sounds which can be detected 
by the human ear are known as audio or low 
frequencies. From this you will understand that 
a low frequency amplifier is one which amplifies 
sound. 

So that the transmitter will carry the pro- 
gramme over a useful distance it is necessary to 
radiate high frequencies. Now, as explained, the 
programme to be transmitted consists of low fre- 
quencies, and to overcome the difficulty, the 
transmitter generates A.C. of high frequency and 
combines it with the low frequencies. It will now 
be understood that the transmitted signal consists 
essentially of two different parts, a high and a low 
i ag content. 

ig. 3 gives a representation of the high fre- 
quency signal generated by the transmitter. In the 
case of the London Home Service, the frequency 
is 908000 cycles. 

When referring to a high frequency signal on 
the medium or long wave-band it is usual to ex- 
press the frequency in thousands of cycles, thus 


908000 cycles becomes 908 , which in 
turn may be abbreviated to 908 k/cs. It might at 
first be thought that by adding the low frequ 
or L.F. signal to the high frequency or HF. 
cartier a form such as in Fig. 4 would result, such 
a combination is useless, and, so that the original 
LF. content can be satisfactorily extracted by the 
receiver, the L.F. signal must vary the amplitude 
or output power of the H.F. signal as in Fig. 5. 

It is in this form that the signal arrives at 
the receiving aerial. .The aerial in itself is in- 
capable of discriminating between one signal and 
another, and countless signals will be collected 
by the aerial at any one time. Many of these are 
too weak to be of use but the stronger ones must 
be sorted out since there is no point in receiving 
several programmes at once. 

Fig. 6 shows the basic circuit of the rg to 
a crystal. The coil L. possesses a quality known 
as inductance, and the capacitor C, that of capa~ 
citance. If the coil had no capacitance whatever 
across it, all signals arriving at the aerial would 
be effectively short circuited to earth. As a matter 
of interest, it is impossible to obtain this state 
of affairs since even without any additional capa- 
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citor any coil must contain a certain amount of 
self capacitance. 

By combining a coil and capacitor as in Fig. 
6 a peculiar effect is observed, at one particular 
frequency, the signals are not short circuited to 
earth, but are developed across the coil. In other 
words the combined effect of L and C no longer 
provides a short circuit, but only at one particu- 
lar frequency. If the value of C is altered the 
effect will be observed at a different frequency; 
likewise by altering L the frequency at which the 
effect will take place can be changed. There is 
a name for this phenomena, the frequency at 
which it occurs with any given L and C combina- 
tion is known as the resonant frequency. 

The values of the coils and capacitors shown in 
this manual have been carefully chosen so that 
resonance will be obtained at all frequencies 
where stations are broadcasting. Broadcasting 
Stations work in bands of frequencies, those of 
major interest to crystal set constructors are the 
medium wave-band 1200 k/cs—600 k/cs and the 
long wave-band 300 kc/s—150 k/cs. 

Usually a variable capacitor is used with a fixed 
inductance to cover one band and an additional 


coil switched in to increase the inductance to 
cover the other. In this way the L and C com- 
bination can be adjusted to provide resonance at 
the desired frequency of any given station. In other 
words you can select the station you want by 
varying C, that is turning the dial of the variable 
capacitor. This procedure is referred to as tuning. 
Having selected or tuned the required station it 
still remains necessary to change the form of the 
signal back to that of the original transmission. 
This process is called detection or de-modulation. 

Examination of Fig. 5 will show that the signal 
has been duplicated, in other words, as it rises 
in one direction it also rises equally in the other. 
In this form the signal is useless since each half of 
the signal cancels the other, and if this signal is 
applied to a pair of headphones silence will 
result. Obviously some provision must be made 
to get rid of the unwanted half of the signal, and 
it is here that the crystal detector must be con- 
sidered. This device will pass current in one 
direction only, ignoring any signal in the opposita 
direction, so that if the signal of Fig. 5 is passed 
through such a crystal, that of Fig. 7 will result. 
There is still the H.F. content to be reckoned 





Pe 
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with, fortunately this is easily dealt with, a capa- 
citor connected across the headphone terminals 
effectively disposes of this, leaving only the audio 
or L.F. content, as shown in Fig. 8. This audio 
content, which is a faithful replica of the original 
transmission is fed to the headphones. These in 
turn reverse the process of the microphone and 
transform the electrical currents into sound waves 
acceptable to the human ear. 

Briefly then, your requirements are as 
follows: — 

(1) A good aerial and earth installation, to 

make the most of the available signals. 

(2) A receiver containing: — 

(a) Some form of coil and capacitor (L & 
©) combination to select or tune in the 
wanted station. 

(b) A crystal to get rid of the unwanted 
half of the signal (detection). 

(c) A fixed capacitor across the head- 
phones to get rid of any remaining 


carrier. 
3) A Mee! of sensitive high resistance head- 
Pp a 


Aerials 


By this time the intending constructor will be 
able to appreciate the necessity of a good aerial. 
It is a point which cannot be over-emphasised. 
Assuming that you are in the fortunate position 
of being able to erect an outdoor aerial there are 
two main considerations, height and length. 

One of the best that can be used is the inverted 
L shown diagramatically in Fig. 9. 

It should be erected as high as is practical, 
every foot counts. The horizontal wire, that is 
the aerial proper, should have a minimum length 
of 60’ to which of course the length of the down 
lead is added. Where it is impossible to erect 
an aerial with an ideal horizontal length, a com- 
promise must be effected. 

Fig. 10 shows a three wire spreader aerial 
which gives quite a good effective length. 

Suitable wire for a receiving aerial will not set 
any problems, stranded copper about 7/22 gauge 
is the best. 7/22 means that it consists of 7 strands 
of 22-gauge wire. This wire may be obtained 
covered, and for the present purpose is better 
than the plain or enamelled kind. 

Note that insulators are used between the 
actual aerial wire and its anchoring supports, it 
is important that these are used, otherwise 
leakage will occur which will of course spoil its 
efficiency. Fig. 11 and 12 show how the wire may 
best be attached to two of the most common 
types of insulator available. Fig. 11 is of porce- 
lain and is usually referred to as an egg insula- 
tor, whereas Fig. 12 shows a more modern (and 
more expensive) type in glass. If you are using 


the glass pattern, one is usually sufficient at each 
end of the aerial, but with the egg type two 
should be used. No doubt many readers will not 
be in a position to erect an out-door aerial, and 
must necessarily be content with an indoor in- 
stallation. 

The next best thing to a good out-door aerial 
is a replica constructed in a loft. If this form of 
construction is used, care must be taken when 
feeding the down lead to avoid close contact with 
the wall of the house. At the point where the 
lead feeds under the eaves, a length of rubber 
tubing can be used to cover the wire. The lead 
is fed through one of the small spaces left for 
ee purposes. A general idea is given by 

ig. 13. . 

A less elaborate but quite effective aerial can 
be obtained by using a bed-spring. A length of 
7/22 copper insulated wire is connected between 
the receiver and the spring. The spring should 
first be cleaned with emery cloth. Remove about 
2” of insulation from the wire and bind it tightly 
round the prepared spring. The joint may be 
covered with insulating tape which is obtainable 
from all electrical stores for a few pence. 

Such aerials are quite popular since so many 
crystal sets are built for bedroom use. 

When an aerial is required in the living room, 
the picture rail can be conveniently used. Insu- 
lated screw-eyes are fixed at intervals of about 
3 feet along the rail, the wire is firmly anchored 
to one of them, and stretched right round the 
room until you arrive back at the starting point. 
By use of one of the insulated screw-eyes, the 
wire is secured and the down lead fed to the 
receiver. The idea is illustrated in Fig. 14. 
Soldering 

Before leaving the subject of aerials, a few 
words on soldering will not come amiss. Down 
leads on outdoor aerials should be soldered, and 
the same applies to loft oie Apart from aerial 
leads; earth leads and the connections in the 
receiver will require soldering. 

For the type of soldering necessary in radio 
construction an electric iron is the best solution. 
One of the small types marketed by Adcola or 
Henleys will be found admirable for the job. 
These are excellent for actual set construction but 
are hardly large enough for soldering the down 
lead to an outdoor type of aerial. Here the heat 
is dissipated much more quickly and a larger 
iron is required in order to get the solder to flow. 

Ordinary irons which may be heated by a gas 
flame can be obtained very cheaply from most 
ironmongers’ stores, ing the use of such 
an iron, first heat the iron until the copper bit 
is giving off a green coloured flame, the iron is 
now at the correct operating temperature. The 
bit is now discoloured or oxidised and - its tip 
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should be quickly cleaned with an old file which 
should be kept specially for the purpose. A better 
idea is to obtain a small block of sal-ammoniac 
and rub the tip of the hot iron on it. This will 
clean the tip of the bit perfectly. Next take a 
length of cored solder such as Ersin Multicore, and 
melt a little on to the prepared tip faces, now 
smooth it evenly over the surface with a piece 
of old rag (be very careful not to burn your 
fingers) the iron is now “tinned” and ready for 
use. When heating the iron, be very careful not 
to let the bit overheat or get red hot, otherwise 
the tinned surface will be destroyed and the whole 
process will have to be gone through again. 

An electric iron will not overheat, and the tin- 
ning will last much longer than with ordinary 
types, and since the heat does not deteriorate 
there is less likelihood of making faulty joints. 

Having obtained a tinned iron, the process of 
soldering joints is remarkably simple and anyone 
With a little patience can acquire the art in a very 
short time. 

To solder two copper wires together: clean the 
wire with emery cloth, apply a prepared iron 
and some cored solder to it, the solder will flow 
evenly over the wire thus tinning it. Repeat the 
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process with the remaining wire and then twist 
the two together. Now apply the iron to the joint 
from the underside and the cored solder to the 
joint on top. Solder will flow evenly over the 
joint. Remove both iron and solder and allow 
to set. The solder will harden or set in a few 
seconds but during this period the joint must 
not be touched or moved, as otherwise the joint 
will be “dry ” and quite useless mechanically or 
electrically. On radio components, tags for sol- 
dering are already tinned though if they are old, 
or discoloured it is best to re-tin them. Normally, 
however, it is only necessary to twist the connect- 
ing wire to it and apply the iron and solder as 
explained. 

Remember: never apply the solder to the iron 
and then the iron to the joint, always apply the 
iron and the solder to the joint. It is however a 
good thing to apply a little solder to the iron tip 
even when it is perfectly tinned just before making 
a new joint. 

One final “DON’T,” you will have noticed 
that the solder referred to is “cored,” that is, it 
contains resin and other substances through its 
centre, plain solder as used by electricians and 
plumbers will not do, as it is the resin or flux 
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as it is called which makes the solder flow evenly 
and permits a good electrical joint. 

Equally important do not attempt to use a 
separate flux or soldering fluid with plain solder 
or to “help” the cored solder; since these are 
almost certain to cause eventual corrosion and 
will destroy any components that have been con- 
taminated. 


Earths 

The provision of a good earth is just as 
important as the rest of the installation. 

Much disappointment would be avoided if this 
fact were not lost sight of, to avoid any slip up 
in this direction I am proposing to outline several 
well tried and efficient earth systems. 

If it can be obtained, an earth rod, specially 
designed for the purpose provides the basis of a 
good earth connection. These were very popular 
some years ago when the majority of receivers 
were either crystal or battery operated, but in 
these days of modern mains driven sets they are 
not often used and consequently not always 
readily available. 

Fig. 15 shows how it is used. First excavate a 
hole to a depth of three feet and fill with a mix- 
ture of soot and coke. Drive in the earth rod, 
which is a hollow copper tube, perforated. The 
lead to the receiver is connected at the top, and 
should be of covered 7/22 gauge, as used for the 
aerial system. Though not obvious it is important 
that this lead-in should be in covered wire, other- 
wise a number of indifferent earth contacts are 
likely to be made at various points along its 
length until it reaches the set. This is very un- 
desirable and will spoil the efficiency of the 
system. It is essential to keep the soil surround- 
ing the rod moist, which is one reason why the 
tube is hollow, and care must be taken to pour 
water into the tube at intervals. 

A very efficient earth is the percolative type 
also popular at one time. Due to the chemicals 
used, it will extract moisture from its surround- 
ings, thus maintaining a permanently moist earth. 

It should be installed as in Fig. 15b. 

The container is of copper or zinc, anything 
else will quickly rust away, again a good quantity 
of coke is used. Fill the container with a mixture 
of sal-ammoniac and coke, and then bury in coke 
as illustrated. This earth will not require further 
attention. It is possible to use powdered calcium 
chloride instead of sal-ammoniac but unless a 
chemist can be persuaded to make some up it is 
better to stick to sal-ammoniac. 

If a zinc container is not available and you do 
not use or cannot easily get coke, Fig. 15¢ should 
be used. This makes a better earth than many 
so-called “earths” that I have come across. 
Obtain as large a tin as possible, make a number 
of holes as shown. Solder the lead in the bottom 


and fill it with sal-ammoniac. Replace the lid 
and bury in the ground. The tin will eventually 
Tust away, but the replacement cost is negligible. 

Af it is quite impossible to make direct contact 
with the ground, a water pipe must be pressed 
into service. This should be a main pipe feeding 
Straight to ground and not a hot water pipe or 
one fed from a tank. Scrape the pipe clean and 
twist the lead in tightly around it, a copper clip 
is even better. Do not attempt to solder on to 
the water pipe; since cold water is flowing through 
the pipe, it is extremely unlikely that your sol- 
dering iron will heat up the water supply sufti- 
ciently to allow a sound electrical joint, though 
you may spring a leak. 

No attempt should be made to utilise gas pipes; 
the possibility of causing a fire is certainly very 
remote but, they make incredibly bad earth con- 
nections due to a number of joints made before 
true ground is reached. These joints are at best 
only semi-conductors, at least from an electrical 
standpoint. 

Headphones 

Since the late war there have been a large 
number of head-phone sets available on the sur- 
plus market. These may be roughly divided into 
two types, high-impedance and low-impedance. 
For the crystal sets detailed in this book high- 
impedance *phones are required and the low- 
impedance pattern will not be suitable unless a 
matching transformer is used. As this is likely 
to cost more than the rest of the installation in- 
cluding the set, it will be as well to avoid them. 

High-impedance types have an impedance of 
20008 to 40002 whereas the low-impedance 
types are usually 6009. 

remaining consideration is weight; often 
cheap headphones are very heavy and uncomfort- 
able to wear, every endeavour should be made 
to obtain "phones as light in weight as possible. 
Crystals 

All the sets shown in this book have been de- 
signed to work with modern germanium crystals 
rather than the older galena crystal. 

These germanium crystals require no adjust- 
ment, which, in itself, removes the main objec- 
tion to this class of receiver. Suitable crystals 
are available from the following manufacturers 
and on the surplus market: Mullard, G.E.C., 
Brimar, Westinghouse and B.T.H. They are of 
robust construction, some in glass, others in cera- 
mic or plastic, but must not be subjected to heavy 
knocks, otherwise the contact point may become 
dislodged. 

From the mformation given, you should now 
be able to install an excellent aerial and earth 
system, and have some idea of how the crystal 
set works, so it is time to pass on to the actual] 
receiver construction. 
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CONSTRUCTION 1 


If you examine the following circuits you will 
find that each one is different. In most cases the 
difference lies in the coil design and/or the 
method by which the crystal and aerial is tapped 
into it. Each of these circuits has its own par- 
ticular advantage to suit different conditions and 
the ideal circuit in some localities is not neces- 
sarily the best in others. It is not just a matter 
of a given circuit giving louder results than an- 
other, if it were there would be no point in 
showing more than one. 

The main problem is to obtain adequate 
selectivity without reducing the volume level. 

A receiver is said to be selective when it tunes 
sharply, a set with poor selectivity allows the 
stations to spread over the dial and when used 
near a transmitter will receive the local stations 
mixed together, which of course is useless. 

Consider Fig. 16a, this is a very simple receiver, 
with no special attempt to provide any great 
amount of selectivity. In areas where signal 
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strength is not -high, or a short aerial is used, it 
will probably be ideal. 

It would have been quite easy to increase the 
Selectivity by A gi a tap on the coil for the 
aerial as in Fig. 17a, but unfortunately, as the 
selectivity is increased overall volume is likely 
to decrease, so that unless you live close enough 
to the transmitter to have a e signal avail- 
able and therefore need the selectivity, the circuit 
of Fig. 16a will be quite satisfactory. 

Capacitor Cl is to prevent the aerial damping 
the circuit too heavily because this would flatten 
the tuning unnecessarily, however with small 
aerials it may be better to take the aerial direct 
to the black tag on LI. The signals are selected 
or tuned by L1 and C2, X1 is the crystal and C3 
the capacitor across the ‘phones to prevent un- 
wanted carrier or R.F. reaching the ‘phones. 

A practical diagram (Fig. 16b) is provided 
showing the layout and all the wiring. You will 
require nuts and bolts to fix the coil, about 2. 
4BA size will do, the other parts have locking 
nuts provided. An old 2-0z. tobacco tin makes a 
very good container and keeps the size down. 
Note that the metal box is connected to earth. 
With the exception of AC/DC receivers the metal 


Fig. 17a circuit is similar in many respects to 
that of Fig. 16a. The difference is purely one 
of selectivity, tuning will certainly be sharper, and 
even with comparatively inefficient aerials the de- 
sign will put up a very good performance. There 
is no reason why the construction should not fol- 
low the same lines as the previous receiver but, by 

ing the set a little and using an air spaced 
tuning capacitor, the efficiency is improved. 
Observe that the colour coding on the coil, an 
R.E.P. Dual Range (Blue Box) is different from 
that of the Crystal set coil used on the previous 
design, and make sure it is correctly wired in. 

Cl is a mica compression capacitor, often re- 
ferred to as a “trimmer” and because it is ad- 
justable, permits the set to be matched to aerials 
of varying lengths. Construction is carried out 
On a square panel of bakelite, perspex or wood, 
as shown in Fig. 17b. Perspex being clear like 

presents a most attractive finish, ided 
the set is neatly wired. It must be drilled slowly, 
however, otherwise the generated heat of the drill 
will make the hole wander, and spoil the panel. 

After the set has been wired and tested a small 
wooden container can be made to house the com- 


When ¢ littl 

en carrying out reception tests, a little ex- 
periment is well worth while, to get the best out 
of the set. Try removing the germanium crystal 


work on any receiver or amplifier is connected 
to earth. 

When SI is open as in the diagram, the set will 
tune in long-wave stations, but when closed the 
medium wave-band will be received. 


Components List, Fig. 16a 

Cl 100pF mica capacitor. 
C2 SOOpF tuning capacitor, solid dielectric. 
C3 1000pF mica capacitor. 
X1 Germanium crystal. 
Li Crystal Set Coil. R.E.P. 
S1_ Single Pole toggle switch. 
4 Insulated wander-plug sockets and plugs. 
1 2-0z, tobacco tin (or similar container), 

Make sure that the wander-plug sockets are of 
the insulated type, otherwise the metal case will 
join all the sockets together electrically. 
‘Try to follow the theoretical diagram when 
wiring, a little practice will soon enable you te 
wire up a set without a practical diagram, which 
Is a great advantage because often only the theo- 
retical diagram is given when circuits are detailed 
in the technical press. 

Fig 28 on page 34 gives a list of symbols 
used on the theoretical diagrams, so that you can 
readily identify the components. 


2 





from the green tag on L1 and connecting it to 
yellow, at the same time removing the lead from 
Cl to yellow and connecting it to green. Once 
the best arrangement has been found the wiring 
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can be left permanently in that position. Note 
that two tags on the coil are unused, this is 
intentional because on this circuit the extra 
winding connected to these tags is not required. 
With the switch S1 closed, the coil will cover the 
medium wave-band, and when open, long wave 
stations can be received. It is customary to 
abbreviate the expression medium wave-band to 
M.W. and long wave-band to L.W. 


Components List, Fig. 17a 
Cl 100pF mica trimmer capacitor. 
C2 500pF variable capacitor (air spaced). 
C3 1000pF mica capacitor. 
L1 Dual Range Coil R.E.P. (Blue Box). 
S1 Single Pole toggle switch. 
X1 Germanium Crystal. 
4 Terminals or wander-plugs and sockets. 
Perspex, bakelite or wood for mounting 


panel. 


TUNING 


Coto 
ry : 


FIG. 17b 


The design shown in Fig. 18a and 18b is more 
flexible than either of the preceding sets. That 
is, it can be varied to suit local conditions to a 
greater extent than the first two sets. This is made 
possible | the large number of taps provided 
on the coil. 

You will notice that in this instance the coil 
is home-constructed on a cardboard former and 
is much larger than commercially produced 
coils. Coils wound in this manner are called 
solenoids, the turns are wound on side by side; 
in this case to a depth of some three inches. The 
diameter of the coil is made purposely large so 
as to obtain high efficiency. Modern commercial 
coils are invariably wave-wound and quite often 
are litzendraht which is the German for litz wire. 





This wire is made up of a number of strands of 
fine copper wire, each strand is enamelled to in- 
sulate it from the others, the whole is then silk 
covered. Litzendraht is more efficient than solid 
copper wire, and by using this and wave-winding, 
manufacturers can produce an efficient coil which 
is also small. Unfortunately wave-wound coils 
cannot be produced without a complex winding 
machine and home-constructed coils must take 
the solenoid form. It would be possible to use 
litzendraht but it is not easy to obtain by the 
reel, it is most expensive, and is difficult to handle. 
Tits inet fete Sa Recast Seesaw pes 
each strand must be cleaned of its enamel before 
a joint is made, and if one strand is broken, its 
advantage over plain copper wire is lost. How- 
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INSET SHOWING METHOO OF TAPPING COIL. 
neers 


ever, by using a former of reasonably large 
dimensions an efficient coil can be produced 
cheaply using ordinary copper wire. 

The wire must be firmly secured at the start 
and finish of the windings. Pierce three small 
* holes about }” apart 4” from the end of the 
former. Pass the wire through the first from the 
outside, return it through the second and pass it 
back again through the third. Leave some 6” of 
wire at the end to make off the connection. It 
will now be possible to wind the turns on tightly 
without wire slipping. 

Count on ten turns and make a loop 1” long. 
The method of preparing loops is shown in Fig. 
18a, loops or taps should always be made in this 
manner, never by baring the wire and soldering 
a further length of wire to it. Carry on with the 
winding, making off the taps every ten turns as 
directed until the coil is complete. 

Construction is carried out on a wooden base- 
board and front panel. Secure the coil to the 
base-board as shown on Fig. 18b, mount the re- 


maining components and proceed with the wiring. 
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60 TURNS 24 DCC. TAPPED EVERY 
10 TURNS. 


OETAILS OF COIL, 
—S 


FIG. 18.4 


When testing out, it will be found that the fur- 
ther the aerial is tapped down the coil towards 
the earth end, the greater the selectivity. A posi- 
tion should be found which permits separation 
of local stations without excessive loss of sensi- 
tivity. 

The crystal tap is adjusted for best results and 
different settings of C1 tried out, when choosing 
the best position for the aerial tap. 


Components List, Fig. 18a 


Cl 450pF padder. 

C2 SO0pF variable capacitor. 

C3 1000pF mica capacitor. 

Ll _ See text and Fig. 18a. 

Xi Germanium Crystal. 

2 os ee Clips (to connect leads to coil 
taps). 

4  Wander-plugs and sockets, 


ance 
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EARTH AERIAL 


TO SUITABLE 
TAPPINGS 


1 most unusual design is reproduced in Fig. 
a. 

It first appeared in America about three years 
ago, and it certainly does offer some advantage 
over more conventional sets. The tuning circuits 
are duplicated and two crystals are used, so the 
circuit may be described as a full-wave receiver. 
Signals received will certainly be louder than 
with simple sets, but care must be taken with the 
coil winding, as with the other receivers using 
home-made coils, otherwise results will be dis- 
appointing. Be very careful to ensure that all 
three windings are in the same direction, this is 
very important. 

The distance between each winding should be 
¢”. After the coil has been wound it is a good 





aii 
|| nna || 
PULL 


VIEW _ON FRONT PANEL 


plan to warm it before a fire and paint the wind- 
ings with “ Durafix.” Heating the coils makes 
the “ Durafix” run freely. is substance sets 
quite hard and there will be no risk of the wind- 
ings loosening. A small quantity of enamelled 
wire will cover the requirements of this coil, a 
2 oz. reel will provide more than sufficient. 

Before wiring in the germanium crystals, ex- 
amine them carefully, note that one end is 
coloured red or in some cases marked with a 
positive sign thus +. You will notice, the sign 
is the same as the addition symbol used in 
arithmetic. 


It is essential that both the red or positive ends 
are connected together, note that this is clear! 
marked on Fig. 19b. The receiver cannot work 
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one of the crystals is connected the reverse way 
round. 

A baseboard and panel form of assembly is 
used for this set which looks quite attractive if 
housed in a small polished cabinet. Dimensions 
are not at all critical but Fig. 19b gives a general 
idea of the layout that should be used. To avoid 
any unnecessary losses the coil should be mounted 
on perspex. 

Obtain two strips of perspex 54” long by 4” 
wide, drill fixing holes at both ends of each strip. 
It is best to clamp the two together when drilling 
these holes, Place one strip on the board in posi- 
tion, then put the coil and remaining strip over 
the first one and screw down. The coil will be 
clamped neatly and rigidly into position. 

Twin socket bakelite strips are used to carry 
the acrial/earth and ‘phone connections, if de- 
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LS ND 


FORMER CAN BE BAKELITE, OR WAXEO 


CARDBOARD TUBE, 


sired terminals mounted on pieces of bakelite 
could be used. These socket strips can be pur- 
chased from most’ shops selling components. If 
feet are not provided, drill two holes and screw 
into the edge of the base-board. Tag-strips are 
used to anchor some of the wires from the coil, 
and the germanium crystals. These also can be 
purchased for a few pence. At least two tags are 
necessary on one, and three on the other, though 
if the strips have more tags than required it is of 
no consequence. C3-C4, the ganged tuning capa- 
citors have trimmers fitted, this should be stipu- 
lated when purchasing, and when first operating 
the set these small trimming capacitances are set 
about half-way. The idea of these trimmers is, 
that they compensate for any difference between 
the self-capacity of the tuning coils. With the 
switch S.1 open, that is in the OFF position, tow 
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in a station at the high-frequency end of the 
band, that is with the vanes of C3-C4 towards 
the disengaged position. Adjust C1 for maximum 
volume, without interference from other stations. 
Now adjust the trimmers for loudest headphone 
strength. It may be necessary to run over the 
adjustments several times for best results. Once 
they are correctly set, the trimmers require no 
further adjustment. The tuning coil covers the 
M.W. band, 1500 kc/s. to 600 ke/s., as the capa- 
citor C3-C4 is advanced and the vanes start to 
mesh, the frequency to which the receiver tunes 

so that with the vanes disengaged the 
set is tuned to 1500 kc/s. approximately and at 
full mesh, 600 kc/s. Switch S1 is used as follows, 
for stations lower in frequency than 850 ke/s it 
should be in the ON position with the contact 
closed, but for stations higher in frequency, it is 
in the OFF position. As an example both the 
London Home Service and London Light Pro- 
gramme transmitters on the M.W. band operate 
at a higher frequency than 850 ke/s. If any doubt 
exists as to the operating frequency of a given 


Whenever crystal sets are discussed, construc- 
tors are apt to think in terms of medium-wave 
reception. When you consider that at least 98% 
of published circuits are designed for this band 
(sometimes with the long-wave band thrown in as 
an afterthought) it is understandable. However, 
if you can provide a good outdoor aerial (and 
an equally good earth) there is a lot of fun to 
be had listening to the short-wave bands. This 
receiver is designed specially for short-wave re- 
ception. 

A metal chassis is used for construction, these 
can be obtained ready made in aluminium from 
most good supply houses. It can be quite small 
and on the original model a 6” x 4” was used. 
Low loss components are used so as to obtain 
greatest efficiency on the short wave bands. The 
coil is a commercial product which plugs into a 
4-pin base. Best results were obtained on the 
3mce/s to 7mc/s band though coils covering other 
bands are available. 

Note that the tuning capacitor Cl is smaller 
than normally used and has a maximum capaci- 
tance of 140pF. 

Coil type 706/R covers the 3mc/s to 7me/s 
band, but the set is equally satisfactory on the 
M.W. band, and to cover this coil type 706P 
should be used. This coil has an iron dustcore 
which can be adjusted to make the coil cover 
the required band. The effect of the core is as if 


turns were being added or removed from an or- 


station, reference should be made to the Radio 
Times which quotes both wave-lengths and fre- 
quency. If you know the wave-length in metres, 
it is simple to find the frequency. Divide 300,000 
by the wave-length in metres, the dividend equals 
the frequency in kilocycles, ic., 300,000 + 300 
metres=1,000 ke/s. In the same way, dividing 
300,000 by the frequency in kilocycles will pro- 
duce the wave-length in metres. 
* To use the receiver, tune in the signal by C3- 
C4, adjust Cl for maximum volume without 
“allowing stations to overlap. 


Components List, Fig. 19a 


Cl 300pF solid dielectric variable capacitor. 
C2 1000pF mica capacitor. 

C3-4 500pF twin gang variable capacitor. 
L1-2-3 See text and Fig. 19a. 

X1-2. Germanium Crystal. 

2 Tag-strips. 

2 Twin socket strips. 


Sl Single Pole toggle switch. 


dinary coil. When dealing with the short waves 
it is customary to refer to the frequencies in terms 
of mega-cycles (mc/s) rather than kilo-cycles. One 
mega-cycle is equivalent to 1000 kilo-cycles, that 
is 1,000,000 cycles. 

Layout and wiring can be clearly followed from 
Fig. 20b and a theoretical diagram is shown in 
Fig. 20a. Care should be taken when arranging 
a mounting for the aerial terminal. The best plan 
is to cut a 1” hole in the chassis, mount the aerial 
terminal on u piece of perspex and screw into 


the chassis. This avoids any unnecessary losses 
between aerial and chassis. The earth terminal 
is screwed directly into the chassis. 
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Wiring as shown in Fig. 20a is likely to give 
the best results, but other arrangements are pos- 
— 3 to get the best out of the set they should 


Refer to Fig. 20a. The aerial is connected to 
pin 3 on LI, Cl to pin 2 and X1 the crystal to 
pin 4. If you have a long aerial try this com- 
bination—Aerial to pin 4, Cl to pin 2, and the 
crystal to pin 3. Connections to pin 1 are not 
altered. In a few cases the following arrange- 
ment may prove best. Crystal and Ci to pin 2, 
acrial to pin 3, pin 4 left free and again pin 1 
is unaltered. 

Tuning on the short-wave .bands is more 
Critical than on the medium waves so tune very 


Fig. 21a-b is yet another design from America 
and appeared in Radio Craft some years ago, 
designed by Mr. W. J. Spain. The original used 
a silicon crystal which preceded the Gevelovaedt 
of the germanium. Results are certainly very 
good though of course on the model built here, 


slowly over the band and remember signal 
strength is likely to vary from day to day. 


Components List, Fig. 20a 
140pF variable capacitor Eddystone 586. 
1000pF mica capacitor. 
Coil holder Eddystone 707. 
3m/c—7m/c coil Eddystone 706/R. 
Engraved tuning dial. 
6”x4”"x2}” chassis. 
Termi (Aerial-Earth). 
Twin socket strip (phones). 
Germanium Crystal. 


"9c 
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a germanium crystal was used. Selectivity can 
be adjusted to suit all conditions and even at short 
distances from local stations. Good volume can 
be obtained without the programmes overlapping. 
Home made coils are used and for best results a 
75° outdoor aerial is desirable. 


. 
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Baseboard and panel construction is used, 
which can conveniently be housed in a small 
wooden cabinet. . 

Operation is a little more complicated than 
some of the other designs, but the results cer- 
tainly merit the extra trouble taken. As with 
the other receivers much of the success obtain- 
able is due to the coils and these must. be care- 
fully made otherwise results will be dis- 
appointing. : 

Layout and wiring can be followed quite easily 
from Fig. 21b and requires no special comment. 

First make the coils. LI is a tapped coil, the 
taps should be made in the same way as shown 
in Fig. 18b;_It consists of 90 turns of 22 D.C.C. 
(double cotton covered) copper wire tapped at the 
following number of turns, 5, 10, 15, 25, 30, 
40, 50, 60, 70 and 80. The former used has a 
diameter of 2”. L2 is also wound on a 2” dia- 
meter former, this coil however is not tapped, 
it consists of 110 turns of 38 D.C.C. or enamelled 
copper wire. Great care must be taken when 
handling this wire, it is quite fine and in the 


hands of the inexperienced will easily break. 
After wiring has been carried out the set can 
be put into operation. 
Selectivity is controlled by $2, in position B 
ag is broad but in position A it can be quite 


arp. 

When searching for a station switch S2 to B. 
Tune the station and switch S2 to A. The fre- 
quency range is controlled by the position of the 
tap on L1, a good plan is to start with the 5 turn 
tap on L1. 


Components List, Fig. 21a 
C1 SOOpF variable capacitor. 
C2 SO00pF variable capacitor. 
C3 1000pF Mica Capacitor. 
X1 Germanium Crystal. 
LI&L2 See text. 
Sl Single Pole toggle switch. 
$2 Single Pole 2-way toggle switch. 
2 Twin socket strips 
(Aerial/Earth and Phones). 
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FIG. 21b 
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Keep S1 open and C1 for tuning, adjusting the 
tap on LI for best results. Very powerful signals 
are best brought in with S1 closed. When using 
Cl and adjusting the taps on L1, switch S2 is 
kept in the A position. 

It will be found that C2 acts as a fine control 
on Cl. One division of the tuning dial on C1 is 


A very useful receiver for both medium and 
long-wave reception is possible with the circuit of 
Fig. 22a-b. A home-made coil is used. On the 
original a 1}” diameter former was used but in 
fact this is not very critical and a 14” former 
could be used. An interesting point is the con- 
struction of the long-wave coil section. Solenoid 
coils as used for the medium wave-band are not 
efficient if the length is too great relative to the 
diameter.? Now as the long-wave section has 300 
turns, if wound as a solenoid the winding length 
would be very great and a lot of efficiency would 
be lost. To overcome the difficulty the coil is 
pile wound. If the whole coil were to be wound 





roughly equal to a movement of 20 divisions on 


Note that the coils are mounted at right angles 
to one another and that in this instance wood 
has been used as far as possible, an aluminium 
or other metal chassis is not suitable. 


in one pile it would still be inefficient because of 
the capacity formed in the winding, but by divi- 
ding it into five sections a coil of reasonable effi- 
ciency results. The same remarks concerning 
winding apply to this coil as to all the others in 


Components List, Fig. 22a 
C1 300pF Mica Capacitor. 
C2 500pF Variable Capacitor. 
C3 1000 Mica Capacitor. 
X1 Germanium Crystal. 
L1-2 See Text. 
S1 Single Pole Toggle Switch. 
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FORMER CAN BE BAKELITE OR WAXED 
CARDBOARD TUBE. 
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FIG. 22 b 


this book, and readers should not, by this time, 
encounter any difficulties. 

The design provides good selectivity with good 
sensitivity, and provided the set is not required 
to operate within a few miles of a powerful trans- 
mitter, no trouble will be encountered from inter- 
ference between adjacent stations. 


If you look at all the other circuits shown in 
this book you will find that in each case the 
tuning capacitor and tuning coil are in parallel, 
this is by no means essential and the circuit of 
Fig. 23a shows a series arrangement that is the 
tuning capacitor is between the coil and earth 


instead of being wired up across it. This design 





A wooden base-board and front panel is best 
for this design, and the wiring and layout can be 
clearly followed from Fig. 22b. Switch S1 is open 
for long-wave reception and closed for the 
medium-wave band., * 

Coil mounting can be on the same principle as 
for the full-wave design Fig. 19a-b. 


also appeared in Radio Craft a few years ago. 
An interesting point is that the coil is a con- 
version adapted from another type of component. 
To make this coil you must obtain an old LF. 
transformer as used in superheterodyne receivers. 
You will require one designed to work any- 
where between 450 and 470 kc/s. Some of the 
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very early ones worked at 110 kcs/ but these are 
unsuitable. 

The LF. transformer must also be of the type 
tuned by an iron dust core at each end. 

Dismantle the transformer, remove the parallel 
capacitors and mounting wires so that you are 
left with two coil bobbins and their former. Be 
very careful when un-soldering the wires from 
the supports because the coils are usually wound 
in litzendraht and must remain intact. Remove 
25% (approximately) of the turns from one coil 
which we will call the secondary, and completely 
remove the iron dust slug from this coil, now 
cut the former in half, and mount as in Fig. 23a. 
Warm the coils with heat from your soldering 
iron or from a fire and gently slide the coils into 
position at the ends of the former as in Fig. 23a. 
The wax will set again holding the coils in their 
new position. 

Note that the wires from the coils are con- 
nected to tags on the mountings. These are pieces 
of bakelite, and usually the original end pieces 
used on the IF. transformer can be used. 

A word about soldering litzendraht. Do not 
attempt to use emery paper. Prepare the end of 
wire by removing the outer silk covering and dip 
‘he end in methylated spirits. Ignite with a match 


and after about five seconds wipe with a cloth 
held between finger and thumb. This will quench 
the flame and will remove all traces of enamel 
from the wire. It is a good plan to experiment 
with the odd length of wire removed from the 
secondary coil. If the coils prove to be con- 
structed of ordi copper wire, it can of course 
be prepared with fine emery cloth in the normal 
manner. 


Components List, Fig. 23a 
C1 500pF variable capacitor. 
X1 = Germanium Crystal. 


4 Plugs and sockets or terminals. 


Wiring is straight forward as can be seen from 
Fig. 23b and requires no explanation. 

Operation is as follows, selectivity is controlled 
by varying the distance between coils with the 
wing nut, and to an extent by the position of the 
primary iron dust core. Remember that the aerial 
and earth installations are as important with this 
set as with any other crystal receiver. No parallel 
capacitance appears necessary across the "phones, 
the set works quite happily relying on the self- 
capacitance of the head-phones. 


ADJUSTING NUT. 


SLUG LOCK 


NUT. 


PRIMARY SECONDARY. 


FIG. 234 
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TUNING CONTROL 


SELECTIVITY 
CONTROL 


— FRONT VIEW _ 


FIG, 23 b 
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So as to give a truly varied selection of circuits, 
some of the sets have been designed around com- 
mercial coils whilst others use coils which must 
be home-constructed. 





Most enthusiasts like to build their own coils 
but when it is a question of something really 
small combined with efficiency a commercial coil 
is the obvious choice. 

Fig. 24a-b uses a tobacco tin or a similar 
container just as the design shown in Fig. 16a. 

This receiver however is a little more selective 
and is more suitable than the earlier design, if 
you are near a transmitter or have a very long 
aerial. Take great care to connect the coil accord- 
ing to the colours shown on the diagrams. 
Sockets are used for wave-changing, this cheapens 
the cost a little and they are just as efficient. 


Components List, Fig. 24a 


C1 100pF Mica capacitor. 

C2 S00pF variable capacitor solid dielectric. 
C3 1000pF Mica capacitor. 

X1 Germanium crystal. 

L1-2 R.E.P. dual range coil. Blue box, 

6 Insulated wander-plug sockets. 

5 Wander Plugs. 

2oz. Tobacco tin or similar container. 
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WAVECHANGE PLUG 


MEDIUM 


AERIAL EARTH 


‘PHONES 


LID SHOWN BROKEN AWAY _TO REVEAL 
POSITION OF COMPONENTS: 


FIG. 24b 
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In certain cases, signals from the local trans- 
mitter are too powerful to permit a crystal set 
with a normal coil to be of much use. I myself 
tive in Hertfordshire a few miles from the Lon- 
don transmitters, and find a more elaborate cir- 
cuit is necessary. Now in radio circles it is a 
well-known fact that the greater the number of 
tuned circuits, the greater the overall selectivity. 
Look at Fig. 25a, you will see that the usual L 
and C tuning arrangements have been duplicated. 
This type of circuit is known as a Band-Pass 
Filter. There are many kinds of such filters, this 
particular type is an inductively-coupled filter, 
note that ‘snergy from the first half (L2) is con- 





veyed to L3 by way of two small inductors Ll] 
and L4. 

Tuning is quite sharp and the “feel” of the 
set is quite different from that of single coil de- 
signs. A small chassis is ideal for construction. 

6”x4”x24” was used on the original, though it 
could have been smaller. 

Fig. 25b gives the layout and wiring. 

Take particular notice that L1-2-3 is mounted 
horizontally and at right angles fo L4-5-6, this 
is to prevent the coupling from riage | too “tight” 
which would ruin the idea of the filter. A good 
aerial and earth is of course necessary. It may 
be found on test that the selectivity is too great 


THE BOY’S BOOK OF CRYSTAL SETS 





and that volume has suffered. This can be in- 
geniously overcome by connecting a very small 
capacitance between the two Green tags on the 
coils, The simplest way is to connect it across 
the fixed vane connections on C2-C3. Values for 
this extra oo are a matter for experiment 
usually a value between 10pF and 47pF is suffi- 
cient. A small 50pF trimmer could be used and 
adjusted to suit. The ideal setting is to enable 
powerful adjacent stations to be received just 
short of overlap so that as much volume as pos- 
sible is obtained. 

There is one point to be observed with the 
ganged capacitor. It should be of the type fitted 
with trimmers though of course, there is no rea- 
son why a should not fit them yourself. These 
are to al for differences between coils to be 
balanced out, and consist of a small variable 
capacitance across each main section. 


When setting up the receiver, first set each 
trimmer at half way and tune in a station near 
the high-frequency end of the band (vanes nearly 
out) adjust the trimmers for maximum volume. 
If extra coupling capacity is added as described, 
try adjusting them further. 

_ Once properly set up, no further adjustment 
is necessary. 


Components List, Fig. 25a 
Cl 100pF Mica capacitor. 
C2-3 2 x 500pF variable capacitor (see text). 
C4 1000pF Mica capacitor. 
L1-2-3 Dual Range Coil R.E.P. (Blue Box). 
L4-5-6 Dual Range Coil R.E.P. (Blue Box). 
X1 Germanium Crystal. 
Sla-b 2 pole single throw toggle switch. 
4 Terminals or plugs and sockets. 







Snare 
positioned 
at head height 
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Another band-pass circuit is shown in Fig. 26a. 
This time home-made coils are used. This filter 
is not inductively coupled but entirely capacitive, 
relying on C3. As in the previous circuit it must 
be adjusted to give just sufficient “‘ broadness ” to 
the tuning to provide adequate volume without 
station overlap. To avoid unwanted coupling a 
screen is mounted between the coils, this is neces- 
sary because due to the size of the coils they 
would be bound to couple quite tightly without 
it. Such precautions were not necessary with the 
circuit of Fig. 25a, as the commercial coils are 
much smaller physically and the risk of un- 
wanted coupling reduced. 

The coils for this receiver are for medium wave 
reception only, this keeps the size down. Coil 
Winding procedure has already been fully ex- 
plained, and covers all the requirements of these 
coils. Base-board and panel construction is used, 
and for more accurate tuning since the coils are 
home-made, separate tuning capacitors are re- 
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commended. Fig. 26b gives the layout and prac- 
tical wiring. 


Components List, Fig. 26a 
100pF Mica capacitor. 
500pF variable capacitor. 
50pF Mica trimmer. 
C4 500pF variable capacitor. 
C5 1000pF mica capacitor. 
L1-2 See text. 
X1 Germanium Crystal. 
4 Terminals or plugs and sockets. 


Cl 
C2 
C3 


For those who do not wish to bother with these 
a ganged capacitor can be used, but tuning may 
not be as good as with separate ones. The screen 
mounted between the coils is of aluminium or 
copper and should be about 1” higher than the 
coils and the same length as the baseboard depth. 
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KEEP LEADS 
5" LONG, CUT 
TO LENGTH ON 
CONSTRUCTION 


/ 


50 TURNS OF 28 
SWG. ENAMELLED 
COPPER WIRE. 


CENTRE TAP 


TOP OF COIL 


SCREEN MADE 
OF ALUMINIUM 
OR COPPER & 
TO BE 3“ HIGH 


FIG. 26b 


Fig. 27a-b uses a band-pass filter for 
tuning, and the coils are home-constructed. 

With this design a ganged capacitor is quite 
suitable as the coils tune quite accurately. It is 
essential that the coupling condenser C3 is non- 
inductive, there will be no difficulty in obtaining 
a new component of this pattern but it is as well 
to avoid old components which may not employ 
this form of construction. 
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Receivers using this type of filter are used to 
the best advantage when situated a short distance 
from a powerful transmitter and if selectivity ts 
not important this particular design is not the 
most suitable. 

Both medium-waves and long-waves are catered 
os consider L1-2-3, this is the first half of the 

ter. 

L1 is the aerial coupling coil, with S1 closed, 
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the medium-waves are received. This coil is 
inductively coupled to L2 and L3. Again with $2 
open L2 and L3 combined cover the long-waves 
and when §2 is closed the medium waves are 
covered. 

Tuning for this half of the filter is by means 
of the capacitor Cl, which is one half of the 
ganged capacitor. A screen is erected between 
the two sets of coils comprising the filter, and 
coupling is effected by C3, an earth return for 
the coils is provided by R1. 

L4 and L5 operated in a similar manner to 
L2 and L3, tuning is by means of C2, the re- 
maining section of the ganged capacitor. You 
will realise that the coils must be accurately 
wound otherwise tuning will not remain constant 
between the two sections over the band. 

The ganged capacitor should be fitted with 
trimmer capacitors when purchased so that the 
two circuits can be balanced. 

You will have noticed that this circuit uses 
three sets of switch contacts. A three-pole two- 
way wafer switch is the best choice otherwise 
either two or even three separate switches are 


necessary. All the necessary coi) details are giver 
in the diagrams, the tap on L4 is made in the’ 
same way as shown for other coils in the manual. 
One other component used only on this design, 
is the resistor R1, its size is not important be- 
cause the current flowing is so small it can be 
ignored, 

A 4 watt rating is adequate, its precise value 
is not critical so that a 20% tolerance component 
is quite suitable. 

Resistors are coded by colours and the 1000Q 
type you require will bear the following sequence. 
At one end will be painted three coloured rings. 


Components List, Fig. 27a 
Cl1-2 5SO0pF 2 gang, variable capacitor. 
C3 0.05mfd. non-inductive paper capacitor. 
C4 1000pF mica capacitor. 
R1 1000 ohm resistor. 
X1 Germanium Crystal. 
$1-2-3 3-pole 2-way wafer switch. 
L1-2-3 & L4-5 See text. 
4 Terminals (Aerial, Earth and Phones). 
Sheet copper or aluminium for screen. 





L2-L4 

58 TURNS No.30 
S.WG, ENAMELLED 
WIRE, CENTRE 
TAPPED. 


Ll, 75 TURNS 
~~ No.36 SWG. 
ENAMELLED WIRE- 
PILE WOUND. 
<a sees oe 
L3-L5 
174 TURNS No. 
36 S.W.G. ENAMELLED 
WIRE - WOUND IN 3 
PILES OF 58 TURNS 
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KEEP LEADS 6"LONG 
L2-L4 & CUT TO LENGTH ON 
CONSTRUGTION 


ON COIL L4 & LS, 
OMIT_WINDINGS 





SCREEN MADE 
OF COPPER OR 
ALUMINIUM & 

TO BE 4)’ HIGH. 
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SWITCH 
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The first one is BROWN which represents 1, the 
first figure of the value, the second BLACK, this 
indicates the second numeral is nought, and the 
third colour is RED which tells us that two fur- 
ther ciphers or noughts are added to give the 
total value. From this you can see, we have 1 
plus a nought equalling 10, plus two further 
noughts which total 1000. Some earlier types of 
resistor were painted differently, the whole body 
colour represented the first figure, one tip was 
coloured to represent the second figure, and a 
painted dot in the centre gave the number of 
ciphers to be added. 


There are no other special points regarding 
construction except perhaps that if a long aerial 
is used, a small 100pF capacitor might be tried 
in the aerial lead to prevent damping the first 
tuned circuit. 


When setting up the receiver, tune to a station 
at the high-frequency end of the M.W. band and 
set the trimmers for loudest volume, no other 
adjustments are necessary. 


CONCLUSION 


_ The twelve receivers described are representa 
tive of the best crystal set designs available to-day. 
Their construction will provide many hours of 
useful enjoyment, and the results will give lasting 
pleasure. 


A final word about components, if no actual 
maker is specified, any good class component can 
be used. Switches, fixed and variable capacitors 
and crystals, are available from numerous manu- 
facturers all of which are invariably of excellent 
quality. Where a particular manufacturer’s pro- 
duct is called for, the specification should be 
adhered to. The commercial coils specified are 
freely available from most supply houses speviai- 
ising in components for constructors, but in case 
of difficulty write to Bernards (Publishers) Ltd., 
The Grampians, Western Gate, London, W.6, who 
will, on receipt of a S.A.E. be pleased to supply 
the address of your nearest stockist. Coil formers 
are not always easy to obtain and in this case 
advice should be sought from Post Radio 
Supplies, 395, Queensbridge Road, London, E.8. 
who will be pleased to help in any way possibte. 
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INTERFERENCE TECHNOLOGY 


The HF Current Probe: 
Theory and Application 


KENNETH WYATT 
Wyatt Technical Services 
Woodland Park, Colorado, USA 


his article describes one of the most 
Tes tools in the EMC engineers 

“bag of tricks” — the high-frequency 
current probe. Current probes are invalu- 
able for measuring high-frequency com- 
mon-mode (or “antenna”) currents flowing 
on wires or cables. Experience has proven 
that poorly terminated (bonded or filtered) 
cables are the number-one cause for radi- 
ated emissions failures at a test facility. By 
measuring the common-mode (CM) cur- 
rents (sometimes referred to as “antenna” 
currents) on these cables it’s possible to 
troubleshoot and apply fixes to a product 
right there in your development lab. You 
can also predict, to a good degree of ac- 
curacy, whether a given cable current will 
pass or fail in the measurement chamber. 
This will save you tons of time trying to 
apply fixes at the test facility while the 
clock is ticking away your test time. I’ll 
also show you several ways to create do- 
it-yourself (DIY) probes that are quick to 
make and very useful in a pinch. 


COMMON-MODE CURRENTS 

Let’s consider CM currents and how they 
are generated, because it is not intuitive as 
to how current may travel the same direc- 
tion through both the signal and signal- 
return wires in a cable or PC board. Re- 
ferring to Figure 1, note that due to finite 


impedance in any grounding system (in- 
cluding circuit board signal/power return 
planes), there will be a voltage difference 
between any two points within that return 
plane. This is denoted by V,,,,, and Venps 
in the figure. This difference in potential 
will drive CM currents through common 
cabling or circuit traces between circuits 
or sub-systems. In addition, unbalanced 
geometries - for example, different lengths 
or path routings for high-speed differential 
pairs - can create voltage sources that drive 
associated CM currents. Finally, routing a 
high-speed clock trace across a split in the 
return plane or referencing it to multiple 
planes, can also bea source of CM current. 
Because the current phasors in Figure 1 
are additive, the resulting radiated pha- 
sor may be quite large compared to those 
generated by differential-mode (DM), or 
signal currents, which are opposite in di- 
rection, and so tend to cancel. Therefore, 
CM emissions tend to be more of an issue 
than DM emissions. 


CURRENT PROBES: THEORY OF 
OPERATION 

The RF current probe is an “inserted- 
primary” type of radio frequency current 
transformer. When the probe is clamped 
over the conductor or cable in which 
current is to be measured, the conductor 
forms the primary winding. The clamp-on 
feature of this probe enables easy place- 
ment around any conductor or cable. This 
is essentially a broadband high-frequency 
transformer. High-frequency currents can 
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Source Load 


Signal Return 





Venp1 


: 


Phasor from far wire — 


Phasor from near wire = *“———— 


Resultant phasor _—— . 











Figure 1. Common-mode currents in a circuit loop. The source is a digital signal (with 
harmonics) and we'll assume a resistive load. Because the phasor current in the far 
wire is in the same direction as the phasor current in the near wire, the resultant phasor 
is relatively large compared to that produced by differential-mode current phasors. 

In this case, lowering the harmonic content (by slowing the digital rise/fall-times) or 
diverting/blocking the CM current is very important in limiting radiated emissions. 


sults at the higher frequencies. This is one 
of the largest drawbacks in performance 
of the clamp-on ferrites (as in Figure 5). 


TRANSFER IMPEDANCE 
The CM current (Ic) in microamps in the 
conductor under test is determined from 
the reading of the current probe output 
(V) in microvolts divided by the current 
probe transfer impedance (Z7). 

Ic = V/ZT (1) 
Or, in dB 

Ic(dBuA) = V(dBuV) - Z1(dBQ) (2) 
The typical transfer impedance of the 
current probe throughout the frequency 
range is determined by passing a known 
RF current (Ic) through the primary test 
conductor and noting the voltage (V) de- 
veloped across a 50-Ohm load. Then, 

ZT = V/Ic (in standard units) (3) 
Or 

Z1(dBQ) = V(dBuV)-Ic(dBuA) (4) 


The Fischer F-33-1 probe is acommonly 


be measured in cables without physically disturbing the 
circuit. 

Since the current probe is intended for “clamp-on” 
operation, the primary shown in Figure 2 is actually the 
electrical conductor in which CM currents are to be mea- 
sured. This primary is considered as one turn since it is 
assumed that the CM currents flow through the conductor 
and return to the source via a return conductor such asa 
frame, common ground plane, or earth. On some current 
probe models the secondary output terminals are resis- 
tively loaded internally to provide substantially constant 
transfer impedance over a wider frequency range. 


COMMERCIAL CURRENT PROBES 

While commercial current probes are pricey, the advan- 
tage is that they can open up and snap around a cable, 
rather than having to be threaded onto the cable to be 
measured. See Figure 3. They are also a lot more rugged 
and can take a lot of abuse as compared to the “do-it- 
yourself” (DIY) versions below. Finally, they are also accu- 
rately characterized, allowing very precise measurements 
of cable currents. 


DIY CURRENT PROBES 

In a pinch, you can make your own current probe. Ex- 
amples of several DIY probes are shown in Figures 4 and 
5. I typically try to find a ferrite toroid or clamp-on core 
that offers good high-frequency characteristics in the 10 
to 1000 MHz range. Winding a few (not too critical) turns 
and terminating with a coax connector is all you need. 
Keeping the turns as far apart as possible (as in Figure 4) 
will reduce inter-winding capacitance and yield better re- 
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used troubleshooting tool and has a flat 
frequency response from 2 to 250 MHz (Figure 6). The 
transfer impedance is about 5Q (approximately +14 dBO 
on the graph), therefore, a 1 uA current will produce a5 
uV output voltage from the current probe. 


PROBE CALIBRATION 

The accurate calibration of RF current probes is a 
complex process. Characterization is a more correct 
term to use than calibration. The probe must be prop- 
erly characterized to reflect how the user uses the probe. 
Probe manufacturers usually sell a calibration fixture 
that attempts to maintain a 50Q impedance. A 50Q load 
is connected to the output port and a calibrated RF gen- 
erator (or network analyzer) is connected to the input 
port. The probe to be characterized is clamped around 
the fixture and the frequency is swept while measuring 





Primary Winding 


Noise Current 
——- (wire under test) 


Electrostatic 
Shield (Case) 


Secondary Winding 


Coax Connector 
(50 Ohms) 


Case Ground 











Figure 2. The basic current probe (high-frequency 
current transformer). 
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Figure 3. Examples of commercial current probes. 

















Figure 4. Examples of DIY current probes based on a large toroid 
core. These photos were taken prior to installing the E-field shield 
which consists of a layer of copper tape over the windings, leaving a 
small gap around the inside of the toroid. 14 turns of Teflon-insulated 
wire wound around a Wiirth Electronik #74270097 ferrite core (4W620 
material) was used, which is useful from 10 to 1000 MHz. 

















Figure 5. Examples of DIY current probes based on clamp-on 
ferrite chokes. | used a couple sample Steward (now a unit of 
Laird Technologies) chokes — a round one (model 28A3851-0A2) 
and a square one (model! 28A2024-0A2). They each had 7 turns 
of Teflon-insulated wire wound around one-half and glued down 
on the inside to hold the windings. | later epoxied a PC board- 
style BNC connector to the outside, making sure there was 
enough epoxy to hold the outer turns together. Type 28 material 
was used, which is useful from 10 to 1000 MHz. 
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the probe output. 

My test setup was a little more rudimentary (Figure 7), 
but for troubleshooting purposes, it’s good enough. I used 
a short piece of stiff wire across the output port with a 
50Q resistive load in series. I then adjusted the generator 
for zero dBm — a convenient amount. This is equivalent to 
an output voltage of 224 mV (or 73 dBuA of current) into 
50Q. The actual generator output doesn’t matter, so long 
as the resulting probe voltage is large enough to be seen 
readily in the receiver or spectrum analyzer. I monitored 
the probe output with a Thurlby Thander TTi PSA2701T 
handheld spectrum analyzer. 

Knowing the current through the wire in dBuA and 
the probe output in dBuV, the transfer impedance may be 
plotted graphically by subtracting: V(dBuV) — Ic(dBuA) 
(expressed in dB). In this case, ZT(dBQ) = V(dBuV) — 73. 
While this may be useful for educational purposes, I 
wouldn't be too inclined to use the DIY probes to predict 
“pass/fail”, as described further down. However, because 
they compare favorably to the commercial probes as far 
as output voltage, I believe (and have proven in practice) 
that they are completely suited for troubleshooting. You 
only need to know whether an EMC design fix made the 
cable current better or worse. 


PREDICTING PASS/FAIL 

It is possible to predict whether a particular cable will pass 
or fail radiated emissions by measuring the CM current at 
the offending frequency, reading off the transfer imped- 
ance of the probe, Zt (dBQ) in Figure 6, and solving for Ic 
(using Equation 2 above). Plugging Ic(Amps) into Equation 
5 will calculate the E-field level in V/m. The length of the 
cable is L(m) and the offending harmonic frequency is 
f(Hz). Use a test distance, d, of either 3 or 10m to predict 
the outcome at those test distances. 





‘Mocet Number F-33-1 


























198 1008 w ™ so7M to00u 








Freqeemcy Ma) 





Figure 6. Transfer impedance (ZT) graph of an F-33-1 current 

probe (courtesy of Fischer Custom Communications). The x-axis is 
frequency, while the y-axis is dBQ.. Use this to calculate the value 
of Ic (Equation 2), given the measured voltage at the probe terminals 
(V,,.,) and ZT. 


dBuV’ 
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Commercial versus DIY Current Probe (Wire Loop) 


so HUM 
ws HUTT TT 
a» HAS NT 


——— Commercial Probe 
—— DIY Probe 





| 
Pm 
an 
=_| 
= 
an 
=_| 
b-] 
= 
Pm 
= 
=| 
= 
= 
i=] 
= 


Transfer Impedance (dB) 
w 

















Figure 7. | used a short wire and 500 load (two parallel 1000 
resistors) across the generator output for probe characterization. aa8 
Obviously, there are shortcomings at higher frequencies, due to the 
inductance of the wire. In fact, the system impedance starts to go Frequency (MHz) 
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1400 (i e 











capacitive at 100 MHz and it’s difficult to keep a fixed 224 mV across 


the load resistor with frequency. Figure 8 Transfer impedance (ZT) graph of a commercial current 


probe versus the DIY toroidal probe. The x-axis is frequency, while 
the y-axis is dBQ.. Note that the commercial probe is only designed 
and characterized to 250 MHz, so the data above that, while 
interesting, is probably not valid. The DIY probe, as well, performs 
poorly above 200 MHz and frankly, the wire loop used to introduce 
a “calibrated” current (while as short as possible) affects the 

(5) measurement, as well. 

Once you’ve determined a particular cable has CM cur- 


rents that may cause a RE failure, you should to examine the enclosure. The connectors simply poked up through 
the connector where the cable is attached to the product cutouts in the rear metal shield. 

enclosure. Very often, I find poor or non-existent bonding While using a current probe to measure the CM cur- 
between the connector shield and enclosure shield. These _ rent flowing on the outside of the USB cable under test, I 
points must be bonded well to permit the CM currents simply jammed the screwdriver blade of my Swiss Army 
to flow back to their source within the product, avoiding knife between the connector bonding fingers and metal 
associated cable radiation. Please refer to my previous chassis enclosure and was able to drop the overall cable 
articles on troubleshooting radiated emissions for more currents by 10 to 15 dB. 

information (references below). 


cen|e12s7 ioe 





Commercial versus DIY Current Probe (Wire Loop) 
Hit ‘a rth 
oh Lely) 
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REAL-WORLD 
TROUBLESHOOTING EXAMPLE 100 

As previously mentioned, one of 
the most common sources of radiated 80 
emissions is due to poorly bonded 
connectors mounted on shielded 
product enclosures. This occurs es- 
pecially if the connectors are circuit 
board mounted and penetrate loosely 
through the shielded enclosure. Poor- 
ly bonded connectors allow internally 
generated CM currents to leak out and 
flow on the outside of I/O, mouse or 
keyboard cables. This will also allow -20 
ESD discharges inside the product — 
more bad news. If these currents are -40 
allowed out of the enclosure, the at- 
tached cables will act as radiating an- 
tennas — often resonating around 300 
MHz, due to their typical 1m length. 

This was the case for a new digitiz- 
ing oscilloscope prototype I worked 
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Figure 9. Probe output voltage (V,_,) graph of a commercial current probe versus the DIY 
toroidal probe. The x-axis is frequency, while the y-axis is dBuV. This shows that the 
probes are very comparable in output voltage versus frequency. For troubleshooting 
on recently. The I/O connectors were purposes, absolute accuracy is not required - just consistency in measurements. All 
allsoldered onto the PC boardandthe one really needs to know is, “did the fix | implemented make the CM current go up or 
board was fastened to the rear half of | down?” The DIY probe works well for this. 
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Commercial versus DIY Current Probes (Wire Loop) 


—— Commercial Probe 
—— DIY Toroid #1 
—— DIY Toroid #2 
—— DIY Square 

40 — DIY Round 


TROUBLESHOOTING TIPS 
USING CURRENT PROBES 

Here are a few troubleshooting tips 
using current probes. 

1. When evaluating the harmonics 
on a cable by using a current probe, 
if sliding the probe back and forth 
changes the harmonic levels, part of 
the coupling may be near-field, rather 
than conducted. 

2. When using a pair of current 
probes; one on each of two cables, if 
the harmonics are the same in each, 
the source is in the middle. If one 
cable has stronger harmonics, then 
you ll want to work on that side first. 
See Figure 12 below. 

3. Measuring the currents on two 
suspect legs of a dipole should read 
the same. Placing the two suspect 








Figure 10. Probe output voltage (V,_) graph of a commercial current probe versus two DIY 
toroidal probes and two different clamp-on probes. The x-axis is frequency, while the y-axis 
is dBuV. This shows that all these probes are very comparable in output voltage versus 
frequency and therefore, useful for troubleshooting purposes. Just don't try using the DIY 
probes to determine “pass or fail” predictions. Commercial probes are better-suited for that. 


legs through the same current probe 
should cause a big decrease due to 
current cancellation. See Figure 12 
below. 


The solution was to fabricate a custom shim with 
spring-fingers that would slip over all the connectors cre- 
ating a firm bond between the connector ground shell and 
inside of the shielded enclosure. More and more low-cost 
products are relying on PC board mounted I/O connec- 
tors as a cost-cutting measure. Any time you see this, be 
prepared to carefully examine the bonding between the 
connector ground shell and the shielded enclosure. 


4. When measuring video cable 
currents and large cable movements cause big changes in 
amplitude, the coupling is likely inductive - otherwise, it’s 
more likely conductive. 

5. If you suspect inductive coupling, the phase at the 
victim will be 180-degrees from the source. This may be 
observed on an oscilloscope with H-field probes or cur- 
rent probes. Try syncing the scope trigger at the source 
using a scope probe. 

My colleague, Doug Smith, has many more examples 
on how to use current probes for measuring cable and PC 

board resonances, injecting pulses 
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Test setup: 

Current probe on USB cable. 
Connection between connector 
ground shell and chassis 
enclosure made with 
screwdriver blade. 





Before 





Looking from 500 to vada MHz 





Some harmonics dropped by 10-15 dB! 


for troubleshooting, interpreting the 
relative phase of common-mode cur- 
rents and troubleshooting ESD issues. 
Refer to the references below. 


SUMMARY 

Use of a current probe is vital 
during the troubleshooting process. 
Poorly bonded cable connectors can 
be readily identified and fixed. The 
radiated E-field from a product I/O 
cable may be calculated by measuring 
the high-frequency common-mode 
currents flowing in the cable. All 
this may be performed right at the 
designer’s workbench and without the 
expense of a third-party test facility 
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or shielded chamber. 


Figure 11. Cables should be tested individually. Here, | have a current probe clamped 


around the cable under test and am monitoring the harmonics with a simple hand-held 
spectrum analyzer. As | ground the connector shell to the chassis with the Swiss Army 
screwdriver blade, the harmonics were reduced 10-15 dB! 


5 INTERFERENCE TECHNOLOGY 


REFERENCES - PAPERS 
° (1) Mat Aschenberg & Charles 


EMC DIRECTORY & DESIGN GUIDE 2012 


| 
Pm 
an 
=| 
= 
an 
—_| 
b=] 
= 
Pm 
= 
=| 
= 
= 
i—] 
= 





THE HF CURRENT PROBE: THEORY AND APPLICATION / WYATT 








1or2 


182, 192-209. 

° [20] Allen Wolff, Building a Ferrite 
Core Antenna Current Probe, Technical Cor- 
respondence, QST, August 2009, page 53. 

. [21] Kenneth Wyatt, Troubleshoot- 
ing Radiated Emissions Using Low-Cost Bench- 
Top Methods, Interference Technology (ITEM) — 
EMC Directory & Design Guide 2011, May 2011, 
page 10-21, http://www.interferencetechnology. 
com/uploads/media/Wyatt_DDG11.pdf. 








Figure 12. When measuring two cables from a system and the harmonic currents are 
approximately the same (point 1 is the same as point 2), the source is at the center (the 
EUT) and the two cables are acting as a dipole antenna. You may notice a peak in harmonic 
strength at the half-have length of the two cables combined. If the harmonic currents are 
larger in one side or the other, then you'll want to troubleshoot just that cable. 
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Grasso, Radiation from Common-Mode Currents — Beyond 1 GHz 
(Three Methods Compared) 

2 Dave Eckhardt, Homebrew Clamp-On Current Probe, private 
correspondence (January 2009), Email: davearea51@wildblue.net. 

3 Jasper Goodblood, Electromagnetic Compatibility, 1990, Pren- 
tice Hall, pages 31-34. 

4 Michel Mardiguian, EMI Troubleshooting Techniques, Mc- 
Graw-Hill, 2000, pages 39-49. 

5 Montrose & Nakauchi, Testing for EMC Compliance, 2004, 
Wiley Interscience, pages 116-124, 143-145, and 159-161. 

6 Henry Ott, Electromagnetic Compatibility Engineering, Wiley, 
2009, pages 690-693. 

Vv) Henry Ott, Measuring Common-Mode Currents on Cables, 
www.hottconsultants.com/techtips/tips-cm.html 

8 Clayton Paul, Introduction to Electromagnetic Compatibility 
(2nd Edition), Wiley Interscience, 2006, pages 518-532. 


9 Ridao, Carrasco, Galvin and Franquelo, Implementation of low 





cost current probes for conducted EMI interference measure in Power 
Systems, EPE 1999 (Lausanne). 

10 H. Ward Silver, Hands-On Radio column, Detecting RF — Part 
2, QST, August 2011, page 54-55. 

11 Doug Smith, Current Probes, More Useful Than You Think, 
IEEE EMC Symposium 1998, http://emcesd.com/pdf/iprobe98.pdf. 
12 Doug Smith, The Two Current Probe Puzzle, http://emcesd. 
com/tt061999.htm. 

13] Doug Smith, Using Current Probes to Inject Pulses for Trou- 
bleshooting, http://emcesd.com/tt2007/tt120307.htm Part 1, http:// 
emcesd.com/tt2009/tt030309.htm Part 2. 

14 Doug Smith, Using Current Probes to Measure Cable Resonance, 
http://emcesd.com/tt2008/tt010108.htm. 

15] Doug Smith, Measuring and Interpreting the Relative Phase of 
Common Mode Currents, http://emcesd.com/tt2008/tt030208.htm. 
16] Doug Smith, Using a Comb Generator with a Pair of Current 
Probes to Measure Cable Resonance, http://emcesd.com/tt2009/ 
tt110709.htm. 

17} Doug Smith, Using Current Probes to Inject Pulses for Trouble- 
shooting (Board Resonances), http://emcesd.com/tt2010/tt010110.htm. 
18] Doug Smith, Predicting Cable Emissions from Common Mode 
Current, http://emcesd.com/tt2006/tt030106.htm. 

19] Douglas Smith, High Frequency Measurements and Noise in 
Electronic Circuits, Van Nostrand Reinhold, 1993, pages 41-44, 159- 
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. [22] Kenneth Wyatt, Trouble- 
shooting Radiated Emissions — Three Case 
Studies, InCompliance Magazine, October 
2011, http://www.incompliancemag.com/index. 
php?option=com_content&view=article&id=8 
18:troubleshooting-radiated-emissions-three- 
case-studies&catid=27:testing&Itemid=136. 


REFERENCES - SUPPLIERS 

« [23] Fischer Custom Communications (FCC), Phone: (310) 303-3300, 
Email: sales@fischercc.com, Web: www.fischercc.com. They provide a 
very wide range of HF current probes — their specialty. 

« [24 
EMI-Solutions/. They offer a complete line of ferrite cores and chokes. 
« [25] Pearson Electronics, Phone: (650) 494-6444, Email: sales@ 


pearsonelectronics.com, Web: www.pearsonelectronics.com. They 


Laird Technologies, Web: http://www.lairdtech.com/Products/ 


have a good selection of probes. 

+ [26] Rhode & Schwartz USA, Phone: (888) 837-8772, Email: info@ 
rohde-schwarz.com, Web: www.rohde-schwartz.us. They have a very 
limited selection. 

« [27] Solar Electronics, Phone: (800) 952-5302, Email: sales@solar- 
emc.com, Web: www.solar-emc.com. They have a limited selection. 

« [28 Teseq USA, Phone: (732) 417-0501, Email: usasales@teseq.com, 
Web: www.teseq.us. They have a very limited selection. 

« [29 Thurlby Thander Instruments, Phone: +44-1480-412451, Email: 
sales@tti-test.com, Web: http://www.tti-test.com/contact-tti.htm. They 
offer a low-cost handheld spectrum analyzer for under $2,000 USD. 

« [30] Wirth Electronics Midcom, (605) 886-4385, midcom@we- 


online.com, www.we-online.com. I used one of their large ferrite cores 








for my DIY current probe. 
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CRYSTAL SET 
CONSTRUCTION | 


SIMPLE INSTRUCTIONS FOR MAKING 
NINE CRYSTAL SETS 


- by B. B. BABANI 


There is to-day a marked revival of interest in crysty 
receivers, and this book has been specially prepared to introduce 
the home constructor to the design and building of the various types. 
The text ts simple and free from technicalities, so that even the. 
young reader may confidently embark on the construction of any of 
the receivers shown. 


CONTENTS 


i ears: . 9. HIGH SELECTIVITY RECEIVER. 
2. EARTHS. 10, BATTERY AIDED CRYSTAL 
). CRYSTAL DETECTORS RECEIVER, 
4 COILS. 1. MEDIUM AND LONG BAND 
4. THE BEGINNERS’ CRYSTAL RECEIVER. 
RECEIVER. ‘ 12. ULTRA SENSITIVE ALL WAVE 
6. FRAME AERIAL RECEIVER. RECEIVER. 
7. LONG DISTANCE RECEIVER. 13, AN ADVANCED CRYSTAL DIODE 
s. RECEIVER. 
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|. Aerials. 


One of the essentials for satisfactory reception with crystal sets is an efficient 
acrial. Four different types are suggested and are shown in Fig. 2. 

There are several important points to be noted when erecting an aerial for 
a crystal set. 

{1} See that it is suspended as high as possible and is not screened by tall 
buildings, obstructions, etc. 

(2) The aerial itself and the tead-in from the aerial must be adequately 
insulated. Be sure that the porcelain or plastic insulators do not permit the 
aerial or lead-in to touch the building, tree, or post from which they are 
suspended, The lead-in shouid be brought into the house through an insulated 
rod 


QB) It is exceedingly important to use insulated copper wire, either single 
or multi-stranded, for both the aerial and the lead-in, 


2. Earths. 


An adequate and efficient earth contributes to the good performance of any 
well-designed crystal set and Fig. 3 shows the best method of obtaining ar 
efficient earth where there is a garden or patch of ground available at a short 
distance from the receiver, 

Obtain a 3-ft. length of }-in. gaivanised iron pipe and at one end drill a 
hole right through. Insert a bolt with spring washer and locking nut in the hole. 
Connect the earth lead-in wire to the bolt; the other end of the lead-in to the 
earth connection on the receiver. Leave both ends of the pipe open. Insert 
the end opposite the bolt into the ground vertically until only 3-in. are showing 
above the surface of the surrounding earth. 

It is important to see that the surrounding ground is kept damp, if necessary 
by occasionally pouring a pint or two of water down the open projecting end 
of the pipe. 

Ready-made copper earthing rods with a pointed end for easy hammering 
into the carth are sometimes obtainable from radio deaters. 

Should a garden not be available, an alternative earth is a cold water pipe 
coming from a rising main. Simply file very lightly the pipe at the back of the 
tap and wind the copper wire earth lead-in round the filed part and cover the 
joint with insulating tape. 

In no circumstances should a gas pipe be used for an earth. 


3. Crystal Detectors. 


Most radio dealers can supply very efficient permanent or semi-permanent 
crystal detectors of proprietary makes. However, there are always availeht 
quite a numberof ex-Government surplus units which are called crystal valves 
and, though these were originally designed for a very different use in service 
equipment, they are easily adaptable and wil] give extremely efficient results 
when used in circuits designed for them. To enable the constructor to purchase 
suitable types for this purpose—and they cost very litthke—the following list 
gives the Government reference numbers. 

CV 101, CV 102, CV 103, CV 111, CV 112, CV 113, CV 226, CV 241, CV 246, 
CV 247, CV 253, CV 291, CV 351, CV 361, CV 364, CV 367, CV 727, CV 749, 
and CV 1785. 

One of the satisfactory proprietary makes of this class of crystal detector 
is the BTH CS7A, which, incidentally, is the commercial equivalent of the CV 253. 

For all these Government types, one connection should be made to each 
end by arranging a holder to fix them into or by carefully soldering the appropriate 
conpecting wires to each end. 
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In Fig. 3 two methods are shown of fixing the coil to the chassis. However, 
the ingenious constructor may evolve another arran t. 

The important thing to remember is that the col should be fixed so that it 
is completely insulated from the metal chassis that may be used, 

It is also important to remember that if a metal chassis is used, one must 
see that all components and wiring, with the exception of earth connections, 
are adequately insulated from this chassis so as to make sure that no short 
circuits take place. It is recommended that ali crystal sets should be buih 
on a panel, and that both panel and chassis should be of bakelite, paxolin or 
perspex, as these three materiais are efficient insulators in themselves. 


5. The Beginners’ Crystal Receiver. 


The popularity of the crystal receiver among beginners is undoubtedly due 
to the very modest outlay necessary, and the ease with which such receivers 
may be built. It is not always appreciated that, to obtain worth while results, 
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far more care in avoiding losses is necessary than with a three or four valve 
receiver, One reason for this is the fact that the crystal receiver can offer no 
help by way of amplification and it is therefore dependent on an efficient aerial/ 
earth system, low loss design within the receiver itself, and the use of sensitive 
headphones. The experience gained is well worth the time expended since, 
when more ambitious receivers are attempted, the constructor will remember 
the benefits gained by efficient construction and installation with the result that 
each receiver attempted will be an instrument capable of giving a first class 
performance. 

Losses within the receiver itself may be considerably reduced by efficient 
coil design. Unfortunately, selectivity is a factor which must not be overlooked; 
it is this factor which governs the sharpness of the tuning and permits the separa- 
tion of adjacent powerful stations. The greater the selectivity, the greater the 
ease with which signals may be separated; but at maximum selectivity the 
received signals are at minimum strength. In Fig. 4, the coil is tapped at four 
points, which enables the best point between selectivity and sensitivity to be 
chosen. The nearer the aerial tap to the earth end of the coil, the greater the 
selectivity. The pre-set condenser Cf also aids selectivity; at minimum capacity 
the selectivity is high, and vice versa. 

Used in conjunction with the coil taps, the constructor should have no 
difficulty in selecting a condenser setting and tapping point which permit the 
"ception of strong signals and at the same time effect the required separation 
of powerfui stations, 

The coil is constructed on a former 3-in. diameter x 2-in,, and consists 
of 5C turns 36 S.W.G. enamelled wire close wound and tapped at every tenth 
turn, These taps are brought out in the form of loops twisted firmly so that 
there is no actual break in the winding continuity. After completion the 
winding may be painted with Durafix to prevent any movement, and the taps 
and two free ends cleaned with emery cloth to remove the enamel. The layout 
and wiring is shown in Fig. 4. The headphones should have a resistance of 
gome 4,000 ohms or more and should be of reputable manufacture. Any of 
tw serials oreviously described are suitable for use with this receiver, 


C2 0005 variable condenser. 2 oz, 30 S.W.G. enamelled copper 
. £1 0002 pre-set condenser. : wire, 
C3 .001 mica condenser. -1 Cou tormer 3-in. dia. x 2-in. 
1 Crystal detector, semi-permanent 1 Ebonite or Bakelite panel 6-in. x 
pattern, §-in. x }-in. 


4 terminals, connecting wire, etc. 


w. Frame Aerial Receiver for Local Station use 
on Medium wave bands. 


This .eceiver was specially designed for constructors who are within 
§ to 10 miles of a powerful station and who have no facilities for constructing 
a guod outdoor aerial. 

The frame itself consists of two 3-in. x 2-in, square section wooden rods 
each 36-in. in length. These are placed together at their centre line to form a 
cross; they are fastened by a nut and bolt and these in turn pass through an 
upright piece of wood }-in. x 1-in. section 2-ft, in length. This upright support 
is then screwed into a baseboard 8-in. x 8-in. x I-in. thick. At each of the 
arms of the 36-in. cross a 4-in. strip of }-in. square section wood is placed. 
Reference to Fig. 58 will give the details of the construction of this aerial 
quite clearly. 

It will be noted that approximately 85-ft. of 20 S.W.G. double cotton- 
severed ‘vire are required for the industance to cover the medium wave broadcast 
band, The wire should be wound around the four crossbars, thereby creating 
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FIG.4 THE BEGINNERS CRYSTAL RECEIVER. 
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a square wire frame, and each turn of the wire should be spaced approximately 
-in. The best way to effect this spacing accurately is to file on the 4-in. crossbars 
a number of small nicks at 4-in. intervals. The two ends of the wire should 
then be brought down on the two terminals which may be screwed into the 
wpzare baseboard and two leads taken from there to the crystal set itself. 

The actual set may be constructed on a small ebonite, paxolin or perspex 
panel 8-in, x 3-in. which may be screwed to one side of this base supporting 
piece of wood, thereby making the set virtually self-contained except for the 
earphones, Fig. 5A shows the circuit of the receiver, 

To obtain the best results with this receiver, the aerial should be rotated by 
hand until the signals become loudest. 


1 Semi-permanent crystal detector. 1 pair of high sensitivity earphones. 

C1 1 .000S mfd. variable condenser. 85-ft. to 90-ft. of 20 S.W.G. double 

C2 1 .0005 mfd. fixed condenser. cotton covered wire. (80z.) 

1 condenser dial marked 0 to 100 or Sufficient connecting wire for wiring 
0 to 180, purposes. 


7. Long Distance Receiver. 


This receiver has been specially designed to achieve high sensitivity. With 
a eT good outdoor aerial effective reception has been obtained up to 
150 miles, 

The circuit is quite straightforward, as can be seen from Fig. 6 and the 
only special point is in winding the coil Li. 

This coil consists of a 24-in. diameter former on which are wound a total 
of 51 turns using 24 S.W.G. double cotton wire. Starting at one end, tap every 
two turns until there are eight taps; wind a further 15 turns and tap; then 
a further 10 turns and tap; finaliy, add 10 turns to end the winding. The wire 
‘should be close wound, i.e., with turns touching. 

To obtain the best results, the two crocodile clips A and B should be tried 
on the various coil taps until the loudest reception is obtained. It may be 
found in use that the loudest reception of any particular station causes anothe 
station to be heard at the same time; care should, therefore, be taken to select 
the appropriate tapping point to separate any two powerful stations that may 
interfere with one another. 


4 oz. 24 S.W.G. DCC copper wire. 1 Permanent crystal detector. 
Coil former 2}-in, dia, x 3-in. C3 =.001 fixed condenser, 
1-2 single variable condensers 1 pair of high sensitivity earphones 
.00035 mfd. (preferably between 4,000 ohms 
2 Condenser dials marked from and 8,000 ohms impedance}. 
0 to 100 or 0 to 180, 2 Crocodile clips. 


8. High Gain Receiver. 


This receiver has been designed to give good reception up to 50 miles distance 
from any normal power broadcasting station in the medium band. It is a very 
selective circuit and will therefore enable the user to separate closely situated 
stations. 

It will be noticed in the circuit (Fig. 7) that the variable condenser C1, has 
an on/off switch S1 to throw it out of circuit if necessary, It is used to increase 
the selectivity of the receiver and, in operating, it should be tried with this 
condenser either in or out of circuit on the various tappings on the coil L1. 

Li consists of 90 turns of 22 S.W.G. double cotton covered wire wound 
on a 2-in. diameter former and tapped every ten turns. 2 separately wound 
on a 2-in. former, consists of 90 turns of 22 S.W.G. double cottm ce~ered 
wire, also taoped as Ll. The components required are given on page ? 
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FIG.6 LONG-DISTANCE CRYSTAL RECEIVER 


C1-2 Single variable condensers 1 Pair of high sensitivity earphones. 
.00035 mfd. 8 oz. 22 §.W.G. DCC. 

$1 Single pole single throw switch. 2 Dials for variable condenser 

CS .0001 preset condenser. marked 0 to 100 or 0 to 180, 

' | Permanent crystal detector. 

C3-4 .001 mfd. fixed condenser. 


9. High Selectivity Receiver. 


This circuit (see Fig. 8) is for use in high saturation strength areas where it is 
desired to separate powerful stations. The circuit is not complicated and is 
extremely effective. 

It wili be noted that C1 and C2, each .00035 mfd. capacity, are 2 gang unit. 

The only special point in this set is the design of coils L1, 2 and 3, which 
are constructed as follows: L1, 60 turns of 22 S.W.G. double cotton covered 
wire on a3 x 4 inches former tapped every fiveturns; 12, 15 turns of 225.W.G. 
double cotton covered wireon a 3 x 6 former; and L3, 85 turns of 22 S.W.G. 
double cotton covered wire wound on the same former as 12, the two windings 
being separated by approximately }-in. (see Fig. 8). 

Note that the aerial lead is brought down to one of the tappings on wire L1. 
This should be tried on each of the tappings and the one giving the required 
selectivity should be used. 

C1-2 2-gang variable condenser C3 = .0005 fixed condenser. 

00035 mfd 


d ; I Semi-permanent crystal detector. 
2 3-in. formers for coils L1-2-3, 
8 oz, 22 S.W.G. DCC. 


10. Battery-aided Crystal Receiver. 


Fig. 9 shows a design which utilises a 9-volt grid bias battery to improve 
performance. 

The charge built up in the .02 mfd. fixed condenser is changed to a positive 
current when it passes through the coil L1. This, in turn, is superimposed on 
the positive charge that is commencing to be rectified by the crystal detector 
and thereby increases the signa] strength. 

Coil LI consists of a 4-in. diameter former wound with 85 turns of 24 S.W.G. 
double cotton covered wire tapped at 5, 25, 45 and 65 turns from the earth end. 
The earth end and these four taps are brought out to five small sockets and the 
connection from the earth is taken to a small socket. The plug should be tried 
in cach of the five positions to find which one gives the greatest signal strength, 

The 9-volt battery is connected across the .02 mfd. condenser and special 
ea ee taken to see that the battery is connected correctly, i.¢., negative 
pole to earth. 


1 Permanent crystal detector. C3 Fixed condenser .02 mfd, 

1 4-in. dia. x 3-in, former. 1 pair of high sensitivity headphones. 
8 oz. 20 S.W.G. DCC copper wire, 1 Clix plug. 

Cl Variable condenser .0005 mfd. 35 Clix sockets. 

C2 Fixed condenser .005 mfd. 1 9-volt grid bias battery. 


Il. Medium and Long wave band Receiver. 


This set has been designed for reception on two wave bands. 

Care must be taken in winding the coils L!, 2,3 and 4. These are wound 
on a single 3-in. diameter former. Li consists of 30 turns of 28 S.W.G, DCC 
tapped at 8, 16 and 24 turns, 1.2, 60 turns of 32S.W.G. DCC. L3, 40 turns of 
28 S.W.G. DCC, and L4, 80 wrns of 32 $.W.G. DOC. All are close wound 
and are separated from each other as followa: +etween Li and L2, 3/16-in.; 
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between 12 and L3, 1-in.; and between L3 and L4, 3/l6-in. See Fig. 10. 


Cl-2 single variable condensers C3 .001 mfd. fixed condenser. 

.0005 mfd. 1 Pair of high sensitivity earphones. 
2 Variable condenser dials marked I 3-in. dia, x 8-in. former. 

0 to 100 or 0 to 180. 2oz of both 28 and 32 S.W.G. 
1 Clix plug. double ‘cotton covered wire to 
3 Clix sockets. make these 4 coils. 
$1 Single pole double throw switch. 1 Permanent crystal detector, 


In use, the plug should be tried in each of the three sockets to find the point 
which gives the best results. The switch is used as a wave band change switch. 


12. Ultra Sensitive All Wave Receiver. 


The receiver shown in Fig. 11 is for long distance reception. It is a novel 
circuit and, though apparently complicated in construction, it is really very 
simple to assemble with the minimum of tools and labour. 

It will be seen from the circuit diagram that there are two banks of sockets, 
five black and six red. When using this set the appropriate black and red plugs 
should be inserted in whichever of the similar coloured sockets give the best 
results, The coil is quite easy to construct and consists of @ primary winding 
which is inserted at the earth end of the secondary winding. For the medium 
wave band, the secondary winding L2 consists of 54 turns of 20 §.W.G. enamelled 
or cotton covered wire. This coil has four taps in addition to the starting point 
and the end connection, and these taps are taken at six turns, 14 turns, 27 turns 
and 40 turns from the earth end. The taps are taken out and a connection is 
made to an appropriate socket, as shown in the diagram, 

The coil is wound on a 3-in, diameter former which may be a paper tube, 
bakelite, paxolin or perspex, and spacing is approximately 17 turns to the inch. 

For short wave work down to about 30 metres, L2, the secondary coil, will 
consist of the same diameter former wound with 15 turns of the same gauge wire, 
the four taps being taken at 3, 6, 9 and 12 turns from the earth end. 

LI, the primary coil, is used for both wave bands and consists of 11 turns 
of similar gauge wire to that used for L2, wound on a 2-in. x 1-in, former, the 
winding to be spaced the same as L2. The coil is then inserted at the earth end 
of whichever secondary coil L2 is being used. 

The crystal detector may be one of the semi-permanent types freely available 
to-day; the old-fashioned cat's whisker pattern; or one of the silicon permanent 
detectors which are sold by many surplus dealers. 

The ’phones should be of a standard type 4,000 ohms impedance although 
“phones of other values will probably Operate quite satisfactorily with this 
powerful receiver. [t should, however, be stressed that the better the head- 
hones used, the more satisfactory the reception, 

Coils for other wave bands may be experimentally designed by the con- 
structor, remembering that four tappings are advisable for the secondary coil L2. 

A long aerial is very desirable with this receiver, placed as high as possible, 
It is recommended that a minimum length of 70-ft. be allowed, to include the 
aerial and lead-in. 

The values of the components are shown in the following components list. 
The constructor should experience no difficulty in obtaining excellent results 
from this cleverly designed receiver. 


C1 .0005 variable condenser. 4 Ib. 20 S.W.G. enamelled or DCC 
C2 .002 fixed condenser. copper wire. 

] serni-permanent crystal detector. 6 red wander plug sockets. 

1 coil former 3-in. dia. x 44-in. 6 biack wander plug sockets. 

| coil former 2-in, dia. x 1-in, ‘red and | black wander plug. 


Headphones, terminal, “nnecting wire 
It 
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FIG. 11 ULTRA-SENSITIVE ALL=-WAVE CRYSTAL RECEIVER 





13. An Advanced Crystal Diode Receiver. 


The modern crysta} diode of the radar type does not require any adjustment 
and thus has a distinct advantage over the ordinary crystal detector which needs 
delicate adjustment—even the semi-permanent type. 

Such crystals are now obtainable on both the regular and the surplus 
a 7 a popular type is the B.T.H. CS7A silicon crystal (also coded 
as A ce 

A rather different circuit from the usual crystal set arrangement is needed 
to suit the characteristics of a crystal diode. The diode must be tapped on to 
the tuning coil, and it is found that the tuning circuit itself gives best results if 
a series-tuned acceptor circuit is used. The circuit of a radar crystal receiver is 
shown in Fig. 12, The type of aerial used with this circuit has a very great 
‘bearing on the behaviour of the receiver for, in effect, the tuned circuit, with a 
series resistance equivaient to the reflected crystal] load resistance, is in series 
with the capacitance of the aerial to earth and the aerial’s effective series 
resistance. 

At resonance—when the combination is tuned to any particular signal— 

the inductance resonates with the capacitances of the tuning condenser and the 
aerial in series, and the final effect is that the reflected load of the crystal, in 
series with the coil’s R.F. resistance, is paralleled across the aerial’s series 
resistance. 
For maximum power transfer, the crystal load resistance must be made 
equal to the sum of the serial series resistance and the coil R.F. resistance, and 
so the method in which the crystal is tapped into the tuning coil, and the exact 
capacitance required to tune the receiver to any required signal, must depend 
to a very great extent on the aerial itself. 

At the same time the crystal resistance varies with the signa! strength, the 
resistance being high for weak si and dropping by as much as 50 per cent. 
ad more for strong signals, so that this effect also has a bearing on the correct 
2oil tap. The output impedance of the crystal also varies similarly, affectin 
the matching of the headphones into the crystal diode, and so for any set o 
conditions, the receiver requires to be matched up to both the aerial and the 
signal being received for best results. Thie would mean a series of coil taps 
and (theoretically, not practicaily) a matching transformer between the diode 
and the headphones; but in practice it will be found that a receiver using standard 
parts can be built up to give very good results under various conditions. 

It has been shown already that the tuning of the receiver depends to a great 
extent on the characteristics of the aerial, and while a .000S mfd. variable 
capacitor is shown in Fig. 12 as the tuner, the constructor must be prepared 
to experiment with different capacitance values until the required station is 
tuned in. The range of reception given by the receiver is quite good, if a really 
long and high aerial, and a good earth connection, are used; but no more than 
the loca] station signal can be expected, and the tuning therefore must be adjusted 
to suit the station frequency. 

It must be mentioned that the headphones are shown parallel connected. 
High resistance headphones of the 4,000 ohm type must be used, and if two of 
these are connected in parallel rather than in the more usual series method, they 
will provide a roughly accurate match to the crystal. If more than one pair of 
headphones are to be connected in, then the pairs of headphones may be left 
series connect in the usual manner, the sets of headphones being connected 
in parallel. 

The capacitor across the headphone terminals completes the crystal R.F. 
circuit, and any value between about 0.001 and 0.005 mfd. will serve. The higher 
capacitance will, of course, by-pass some of the higher audio frequencies, so 
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that if good steady reception is obtained some experiment with this condensef 
is also worth while. . 
C1, .0005 mfd. variable condenser. M.R.1 CV 253 Crystal diode. 
C2, .005 mfd. fixed condenser, Coil former 1}-in. dia, x 44-in. 
402. 26 5.W.G. enamelled copper wire. 

Coil details are as follows: 150 turns of 26 S.W.G. tapped at 20, 25, 30, 
35, 40 and 45 wns from the earth end. At cach tapping-point the wire should 
be twisted up into a loop and the winding then continued without breaking the 
Ming when the coil is completed and the ends anchored the tapping loops -aa 
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PREFACE 


In the beginning of this century, when radio was called 
"Wireless", most of the early experimenters used a 
crystal set to receive radio signals. 


The crystal set is still the simplest type of radio 
receiver. A catwhisker (made from a thin wire) touching a 
sensitive spot on a piece of galena or silicon mineral 
crystal and a tuning coil, form the basic parts of this 
radio. 


| MANN nsaanianar 


a g 


Radio signals from a nearby station are picked up via 
antenna and ground connections to the crystal set. The 
galena or silicon crystal detects the signals and the 
resultant audio is heard with headphones. No battery or 
electrical power is required. 


This book tells you about crystal sets and shows you how 
to build them. 


Charles Green 
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THE CRYSTAL DETECTOR 








A crystal detector of radio waves can be either a 
traditional catwhisker and natural mineral crystal, or a 
modern semiconductor diode. 


EZ) 


SEMICONDUCTOR 
DIODE 








CATWHISKER 
DETECTOR 


Certain natural minerals such as galena (lead sulphide) 
and silicon have electrically sensitive surface spots. In 
the beginning of this century, experimenters discovered 
that electrical current would flow into the sensitive 
spot on a mineral crystal from a catwhisker, but would 
not pass readily (high resistance) from the crystal to 
the catwhisker. This unique feature was used to detect 
(rectify) radio waves and extract the audio modulation. 


HOW-IT-WORKS 


There are two general types of crystal detctors; 


. Point contact diode 
Junction diode 


Both types use semiconductor material such as_ silicon, 
germanium, or galena. The basic semiconductor junction 
diode is made of two portions of the material "doped" in 
manufacturing by adding controlled amounts of chemicals. 
The doped portions have opposite electrical properties: 


"Pp" TYPE, with an excess of positive electrical 
charges (holes). 

"N" TYPE, with an excess of negative electrical 
charges (electrons), 


the crystal detector 


Junction Diode 


SPACE CHARGE 





The boundary between the two doped portions is called a 
PN junction. The area on both sides of the PN junction is 
called the space charge region. When a positive voltage 
is applied to the "P" material (and negative voltage to 
the "N" material), the space charge region becomes narrow 
and electron current flows through the PN junction. 


ELECTRON FLOW 





~ + 
FORWARD BIAS REVERSE BIAS 


When the voltage polarities are reversed, negative to "P" 
and positive to "N", the space charge region widens 
(increasing the effective resistance of the PN junction) 
and the electron flow is very small (back current). If an 
ac voltage is applied to the PN junction, it will act as 
a rectifier (or radio wave detector). 
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Point Contact Diode 


The point contact diode uses a "catwhisker" of thin wire 
contacting the surface of doped "N" semiconductor 
material. The pointed end of the wire produces a high 
intensity electric field in the area of the semiconductor 
surrounding the wire. When an electric current flows from 
the wire to the semiconductor material, a small region of 
"Pp" material forms around the area of the point contact. 
Thus a PN junction is formed which operates in the same 
way as the junction diode. 





CATWHISKER 


The sensitive spots of galena and silicon crystals used 
in traditional catwhisker detectors have naturally doped 
areas of semiconductor material, and operate in the same 
way as the point contact detector. 


DETECTION OF RADIO WAVES 


At the transmitting radio station, a microphone converts 
sound waves into electrical audio signals. The audio 
signals then modulate the transmitted radio waves. 





MIC 






TRANSMITTER 


MODULATED RADIO WAVES ———> 
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the crystal detector 


The transmitted radio waves are intercepted by the 
receiving antenna and small rf currents are induced in 
the antenna wire. The rf currents (high frequency ac) 
flow through the detector to ground. As_ previously 
explained, the crystal detector will pass current in only 
one direction, therefore, pulsating dc voltages (detected 
audio signals) are developed by the crystal equivalent to 
the audio modulation of the transmitted radio waves. 





The detected audio signals flow through the headphone 
coils and affect the intensity of a magnetic field. This 
causes the steel discs of the headphones to vibrate and 
produce audible sound waves. 


TUNING THE CRYSTAL SET 


The antenna intercepts all radio waves in the area, and 
the signals will be heard jumbled up in the earphones. A 
nearby radio station may be received with the other 
stations heard in the background. 









TUNED 
CIRCUIT 





- 
DETECTOR _ 
» 






In order to receive a radio station properly, the crystal 
set must be tuned to the frequency of the transmitter. A 
tuned circuit composed of an rf coil (inductance) and a 
capacitor, is connected between the antenna/ground 
circuit and the detector. 
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Capacitor 


The modern capacitor is evolved from the old Leyden jar. 
It consists of two or more metal sections separated by a 
dielectric (air, paper, or plastic). The capacitor stores 
energy in the form of an electrostatic charge in its 
dielectric. A variable capacitor (used in a_ tuned 
circuit) has movable metal sections that adjust the 
amount of capacity. 





A capacitor will allow pulsating dec current or ac current 
to flow through it, but will block steady de current. A 
capacitor has an oppositon or "reactance" to ac that 
varies with frequency. The higher the frequency, the 
lower the reactance of a given value of capacity. 
Capacity is measured in micro-farads (uF) or 
micro-micro-farads (picofarads) (uuF or pF). 


RF Coil 


An rf coil is made of insulated copper wire wound on a 
plastic or cardboard tube. When electric current flows 
through the coil, a magnetic field is created. This 
magnetic field resists any change in electric current 
flow. This opposition or "reactance" to ac varies with 
frequency. The higher the frequency, the higher’ the 
reactance of a given value of rf coil inductance. 
Inductance is measured in millihenrys (mH) and 
microhenrys (uH). 





the crystal detector 


Tuned Circuit 


A tuned circuit is composed of a capacitor and an rf 
coil. As previously described, the reactances of a 
capacitor and an rf coil change with frequency (but in 
opposite ways). At a particular frequency, the two 
reactances will cancel each other out, This condition is 
called "resonance". The impedance of a parallel tuned 
circuit is at its highest at resonance. Radio signals at 
the resonant frequency will be greatly magnified, while 
signals at other frequencies will be shunted to ground 
(rejected). 


HIGH Q 


LOW Q 


a 
FREQUENCY 


The resonant frequency of'a tuned circuit can be changed 
by adjusting the capacitance (using a variable 
capacitor),or by varying the inductance (using a slider 
or taps on the rf coil). A ferrite core can also be used 
to change the inductance of a coil. The selectivity ofa 
tuned circuit is dependent upon the quality (Q) of the 
components and the inductance /capacity ratio (L/C 
ratio). A high-Q tuned circuit is more selective than a 
low-Q circuit. A tuned circuit with a high L/C ratio 
(large inductance and small capacity) is more selective 
than a low L/C ratio circuit. 
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ANTENNA AND GROUND 


A simple crystal set depends upon the strength of the 
radio waves received by the antenna to produce audio in 
the earphones. If you live ina strong signal area (a 
nearby radio transmitter), a crystal set can produce loud 
audio in earphones with only an inside antenna. But in 
lower signal areas, a good outside antenna with a ground 
connection is required, 


ANTENNA 





INSULATOR 


LEAD-—IN 


If you are fortunate enough to be able to put up an 
outside antenna, the basic rule of thumb is the higher, 
the better reception. Check your local electronics store 
for an antenna kit. You can construct an antenna using a 
glass or plastic insulator at each end of a length of 
copper wire (insulated or bare). Make the antenna as long 
as possible. It does not have to .be in a straight line to 
work. 


CAUTION 


ANTENNA INSTALLATION 
NEAR ELECTRICAL POWER 
LINES IS DANGEROUS. 


Make sure that your antenna 
is far enough away from any 
power line, so that it will 
not touch a wire if it falls. 


Connect a length of insulated wire between the end of the 
antenna and your crystal set antenna terminal. This 
antenna lead-in wire can be fed into your house through a 
window. 
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the crystal detector 


If you can not erect an outside antenna, run a length of 
insulated wire as long and high as possible through your 
house or apartment, It will work, but not as well as an 
outside antenna because of the shielding affect of the 
house walls. ; 


Connect a ground lead to a cold water pipe. Make sure 
that it is a metal pipe. Or, you can buy a ground rod 
from your local electrical supply store and drive it into 
the ground near your house. Then connect your crystal set 
ground lead to the rod. For safety install a lightening 
arrestor between the antenna lead and _ ground (see the 
instructions with the device). 


HEADPHONES 


Headphones (also called earphones, or headset) are 
required to hear the received audio from a crystal set. 
The standard headphones are made with dual coils of fine 
wire connected in series in each phone, Horseshoe magnets 
are built into each phone case to provide a magnetic 
field. A disk of thin sheet iron (diaphragm) is mounted 
near the top of the coils. The phones are connected in 
series with a set of flexible leads terminated in metal 
“phone tips". 





Detected audio signals flow through the coils and affect 
the intensity of the magnetic field from the horseshoe 
magnet. This changes the magnetic attraction of the 
diaphragm, and causes it to vibrate and produce audible 
sounds. 


The total resistance of the series headphone coils is 
used as a measure of audio sensitivity. A resistance of 
2000 ohms is sufficient. More sensitive headphones have a 
resistance of over 5000 ohms and are used to hear very 
weak signals. 


The 2000 ohm headphones can be obtained at electronic 
parts mail order houses. 
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SIMPLE RECEIVER PROJECTS 





SIMPLE CRYSTAL SET 


Look at the schematic diagram. The crystal set uses a 
tunable ferrite coil Ll, and a crystal diode D1. This 
type of tuning coil is called a "loopstick". The ferrite 
core is screwed into the coil form and increases the 
inductance of Li, thus tuning the receiver to a lower 
frequency. 





CONSTRUCTION 


As shown in the illustration, the crystal set components 
are mounted on a “5 1/2-inch by 2 1/2-inch by 3/4-inch 
wood base. Layout and install the crystal set parts in 
the locations shown. The loopstick L1, is mounted with a 
metal strip supplied with it. Push the snap-in end of Li 
into the large hole of the metal strip. Then bend 
1/2-inch of the other end of the strip to form a_ bracket 
and mount it on the base with a wood screw. If the metal 
strip is not available, make one out of sheet metal 
approximately 2-inches long by 1i/2-inch wide. Then drill 
a hole to fit Ll at one end, and a small hole to fit a 
wood screw at the other end. 


Mount the four fahnestock clips and solder lugs with wood 
screws in the locations shown in the illustration. 


WIRING 


Use hookup wire to connect the crystal set components as 
shown in the schematic and illustration. The loopstick Li 
may have three terminals. One of the terminals is a tap, 
which is not used in this circuit. Make sure that you 
connect only to the terminals at the start and end of the 
loopstick coil. 
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simple projects 


ANT DI 


uf PHONES 


GND ; | 


SIMPLE CRYSTAL SET 





List of Materials 


Di - Germanium diode 

(1N34A or equiv.) 
Li - Loopstick 

(see text) 
4 - Fahnestock clips 
BASE ~ 5 1/2 X 2 1/2 X 

3/4-inch wood section 

PHONES - 2000-ohm headphones 
MISC. - Solder lugs, wood screws, 
knob and bracket to fit Ll, 
hook-up wire. 
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Install a small knob on the end of the Lil adjustment 
screw. Make sure that the screw turns freely with the 
knob. Position the 1N34A diode as shown before soldering 
the leads. 


Experiment 1 


Connect the antenna, ground, and 2000-ohm headphones to 
the crystal set terminals. Rotate the Li knob 
counter-clockwise as far as it will go. Do not turn past 
this point, or you may break the ferrite rod inside the 
coil form. The ferrite is now outside of the coil 
winding. This is the highest frequency point of the 
tuning range of Ll. 


Slowly turn the Ll knob clockwise and listen for received 
radio stations. When the Li knob is turned fully 
clockwise, the ferrite will be completly inside the coil 
(increasing the inductance) and it will be at the lowest 
frequency point of the tuning range. 


Experiment 2 


Connect capacitors, with values from 50 mmf to 300 mmf, 
in parallel with Li. Then tune Li and _ note how the 
frequency range has changed. 


AMPLIFIER CONNECTION 


The simple Crystal Set (and the other receiver projects) 
can be connected to an amplifier in place of earphones. 
This amplifier can be a single channel input of your home 
stereo. , 


Parts values are not critical; C1 is approximately .005 
mfd, and the volume control Ri can be any value from 1000 
ohms to 10,000 ohms. Use shielded wire between R1 and the 
amplifier input jack. 
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CRYSTAL 


SET TO AMPLIFIER 


GND 


Amplifier Connection 


Schematic Symbols 
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RESISTOR HEADSET 
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VARIABLE BATTERY 
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RF COIL SWITCH 
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List of Materials 


D1 - Germanium diode, type 
IN34A, 1N60, 1N82A, 
or equiv. 

Li - Slider-tuned coil 
(see text) 

4 - Fahnestock clips 
(terminals) 

BASE - 6 x 3 x 1/2-inch 

section of wood (see text) 

PHONES - 2000 ohms headphones 

MISC. - Coil form (see text), 

No. 24 enameled copper wire, 

3/32 inch dia. brass rod, brass 

ball slider (see text), solder 

lugs, two small brackets, 
hook-up wire, wood screws, 
machine screws and nuts. 


LI 





L1 







AWA, 


SLIDER TUNED CRYSTAL SET 
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SLIDER TUNED CRYSTAL SET 


In the early days of radio, slider tuned coils were used 
in crystal sets. This method of tuning the inductance 
uses an adjustable metal contact (slider) that moves over 
the coil. The slider makes contact with individual coil 
wires to tune in the radio stations. 


oO) 
Xv 
CX 





The enamel insulation of the coil wires in the slider 
path is removed for good electrical contact. 


You can experiment with a _ slider tuned coil by building 
this crystal set. As shown in the illustration, the coil 
is mounted upright on a 6-inch by 3 1/2-inch by 1/2-inch 
wood base. A semiconductor diode is used for a detector. 


TUNING COIL CONSTRUCTION 


Look at the drawing of the tuning coil Ll construction 
details on the next page. The tuning coil is wound on a 
cardboard or plastic mailing tube section, 2 5/8-inches 
in diameter and 5-inches long. Make sure that you select 
a rigid, thick-walled tube for a coil form. The tube used 
in our model has a 3/16-inch wall. The coil form must be 
rigid to hold the slider ball and rod assembly. 
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Before q@ winding the coil, drill all the holes in the form 
as shown in the drawing, and then install the solder 
lugs. Position the solder lug ends toward the coil form 
edges. 
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The coil is wound with No., 24 enameled copper wire. 
Remove the enamel from the wire end with sandpaper and 
then solder the wire to the lug. Start winding the coil, 
keeping the turns as tight and close together as 
possible. Wind the wire to the front of the bottom solder 


lug B. Remove the enamel and solder the wire end to the 
lug. 
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A brass ball approximately 3/8-inches in diameter is used 
as the moving contact slider. This brass ball can be 
found at your local electrical supply store. It is a type 
of ball that is used as a top nut for small table lamps, 
Drill a hole through the ball so that it will slide over 
a length of 3/32-inch diameter brass rod. Bend the brass 
rod at each end (after placing the ball in the center of 
the rod), to fit through the holes in the coil form as 
shown in the drawing, Cut the rod 1-inch down from the 
bend at each end, 





Insert the brass rod with the slider ball into the coil 
form holes, Then place a small washer and spring on one 
end of the rod (inside the coil form), Solder a nut on 
the end of the rod to hold the spring in place. Do the 
same to the other end of the rod. After soldering, slide 
the ball over the wires and check that it slides 
smoothly. Use sandpaper to remove the enamel insulation 
of the wires in the path of the ball slider. Connect a 
wire between the soldered nut on the bottom end of the 
brass rod and the solder lug near the rod, 


BASEBOARD 


All of the crystal set components are mounted on a wood 
baseboard as shown in the drawings. Cut the baseboard to 
size; a 6-inch by 3 1/2-inch section of 1/2-inch thick 
wood (maple is used in our model), Sand the edges after 
cutting. It is not necessary to paint or stain the 
baseboard. 


Mount the four terminals and solder lugs as shown in the 
drawing. Label the four terminals with either rub-on 
lettering or cemented paper tags. Install two brackets on 
opposite sides of the bottom of the coil, and mount it on 
the baseboard with the lugs toward the terminals. 
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WIRING 


Bare No.22 wire was used to wire our model, but any kind 
of hookup wire can be used. Connect the wires between the 
solder lugs as shown in the drawing, except do not 
connect the antenna terminal lug wire to the coil 
terminal at this time. Connect the crystal diode between 
the solder lugs as shown, 


Experiment 1 


This experiment will show how an untuned crystal detector 
functions. 





Connect the untuned detector circuit as shown in the 
drawing, and then hook-up your antenna and ground leads. 
Connect 2000-ohm headphones to the circuit and listen to 
the detected radio waves. 


You will probably hear a strong local radio station, with 
other, weaker radio station transmissions all jumbled 
together. 


Experiment 2 


Reconnect the baseboard wires to the circuit of the 
Slider-Tuned Crystal Set as shown in the drawing. Listen 
to the detected radio waves as you tune the coil by 
sliding the brass ball over the sanded wire path. You 
should be able to receive the radio stations much better 
than the untuned detector circuit of Experiment 1. 
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LOADING COIL 





An additional slider tuned coil, Li, can be used as a 
Loading Coil to increase the electrical length of your 
antenna, This may allow better reception of the lower 
broadcast band frequencies, Connect Li in series with the 
antenna lead to the receiver, and tune it for best 
reception, 


WAVE TRAP 





Li can also be used in a Wave Trap circuit to tune out a 
strong local signal, and allow easier tuning of weaker 
stations, Cl is a 365 mmf variable capacitor connected in 
parallel with Li. Adjust Li and Ci so that the 
interfering station is at minimum, 
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List of Materials 


Ci - 365 mmf variable capacitor. 

D1 - Germanium diode (1N34A or 
equiv.). 

Li - Ferrite coil (see text). 

4 -— Fahnestock clips. 

2 - wood sections; 6 X 1/2-inch 
Square (see text). 

BASE - 8 1/2 X 6-inch sheet 

plastic (see text). 

PHONES - 2000-ohm headphones 

MISC. - plastic tube section for 

Ll primary winding (see text), 

solder lugs, machine screws and 

nuts, wood screws, bracket for Cl 

(see text), knob for Cl, hookup wire. 
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FERRITE COIL CRYSTAL SET 


This crystal set has a large ferrite core coil Ll of a 
type that is normally used for a _ built-in antenna in 
portable radios, This type of coil has a very high "Q" 
and may be more selective than an air-core coil. As you 
can see in the schematic, a primary coil is wound around 
the ferrite coil, The original winding is used as_ the 
secondary. 





The primary coil (connected to the antenna and ground) 
can be moved close to, or away from, the secondary 
(original winding connected to Dl), This variable 
coupling is used to control the selectivity of the 
crystal set. 


PRIMARY COIL 


The primary coil is wound on a 1-inch section of plastic 
tube that can fit loosely over the ferrite rod. A 
1/2-inch diameter plastic tube is used on the receiver 
shown in the illustration. Wind 12-turns of hookup wire 
evenly over the tube and twist the ends together to 
prevent movement, Leave 4-inch leads from the primary 
coil winding. Slide the. primary coil over the center of 
5 


BASEBOARD 


The crystal set components are mounted on a 8 1/2-inch by 
6-inch section of sheet plastic, The thickness of the 
plastic is not critical, but it must be rigid enough to 
hold the parts without bending. A 6-inch long 1/2-inch 
square wood section is installed under each end of the 
baseboard. A section of wood can be used for the 
baseboard with wood screws to mount the parts, in place 
of machine screws and nuts. 
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The model shown uses a plastic variable tuning capacitor, 
but an air type capacitor can be used for Cl instead. 
Make a metal bracket approximately 1-inch wide by 1 
1/4-inch high and a 1/2-inch right angle mounting foot 
from sheet aluminum. Drill a hole in the top of the 
bracket to fit Ci and two holes in the mounting foot to 
fit small machine screws. Locate the components on_ the 
baseboard as shown in the illustration and then drill 
mounting holes. If you have a cardboard or plastic 
mounting supplied with ferrite coil L1, you can mount it 
on the baseboard. If not, Li can be taped loosely on top 
of the baseboard. Th ferrite coil Li in our crystal set 
was obtained from an old radio. Install the components on 
the board with solder lugs, machine screws, and nuts. 


WIRING 


Connect the parts with hookup wire as shown in the 
illustration. Use the schematic diagram as a guide. Make 
sure that the ground lead from Li secondary passes inside 
the primary coil. Also check that the primary coil slides 
freely over the Ll winding. Install a_ knob on the Cl 
shaft, and mark the terminal designations on the 
baseboard. 


Experiment 1 

Hookup the antenna, ground and 2000-ohm headphones to the 
crystal set terminals. Slide the primary coil over the 
center of the Ll winding. Tune Cl for radio stations. 
Then slide the primary coil towards the ground end of Ll 
while tuning Cl. Note the difference in selectivity. 
Experiment 2 


Change the number of turns of the primary winding and 
repeat Experiment 1. 
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Operating Tips 


After operating a crystal set for some time, you may 
notice a difference between day, evening, and night 
reception of radio stations. This is due to the two ways 
that radio signals travel between the transmitting 
antenna and a receiving antenna. 


(a) The ground wave; which moves along the surface of 
the earth. 

(b) The sky wave; which travels upward and is 
reflected by the ionosphere, 


The reception of broadcast stations is dependent upon the 
time of day. During daylight hours, stations are received 
primarily by ground wave transmission. At night, the 
broadcast stations will be received via sky wave 
transmission, Also, some radio stations change to a lower 
power at night. Reception in the evening may be more 
difficult as the fading ground wave is interfered with by 
reflected waves, But later, it may be possible to hear 
far-away stations transmitted by sky wave. 


Your geographical location to radio~ stations is very 
important for reception, as a crystal set receiver does 
not amplifiy signals, It is entirely dependent upon the 
strength of the radio waves, If you are in a deep valley 
surrounded by high mountains, reception will be 
difficult. If you live in a flat plain, with no obstacles 
to radio transmission, reception may be very good, 


An outside antenna is necessary for for best reception. 
If possible, try erecting an extra antenna at a right 
angle to the original one, and switch it in to provide a 
directional effect for increased signal strength. Keeping 
a log of received stations for a week may be helpful in 
determining the radio reception conditions in your area. 
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List of Materials 


C1 - 365 mmf variable capacitor. 
Di - Catwhisker crystal detector 

(or 1N34A or equiv. diode). 
L1 - Spiderweb coil (see text). 
4 - Fahnestock clips. 


2 - small alligator clips 
BASE - 8 X 6 X 1/2-inch section 
of wood sng Peay Bt stan] 
MTG. POST - 5 x 3/4 x 3/8-inch IRS 
wood section (see text). f PASS 
PHONES - 2000 ohms headphones: Gy ENS 


MISC. - Coil form (see text), “4 

No. 22 enameled copper wire, 

solder lugs, hook-up wire, | 1] 
wood screws, machine screws, 

and nuts. 





SPIDERWEB COIL CRYSTAL SET 
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SPIDERWEB COIL CRYSTAL SET 


The spiderweb coil is a tuning coil that is wound on a 
flat wheel form that has an uneven amount of spokes. This 
type of coil was also used as a loop antenna in early 
radios. 





Our receiver uses a tapped spiderweb coil that is tuned 
by a variable capacitor. As shown in the illustration, 
the spiderweb coil is mounted at the rear of a 8-inch by 
6-inch by 3/4-inch wood base. A catwhisker crystal 
detector and a variable capacitor are mounted near the 
front of the wood base. 


SPIDERWEB 


The spiderweb coil is wound on a 6-inch diameter flat 
form that has nine vanes. Make a tracing of the spiderweb 
coil form template on the next page. Then use carbon 
paper to transfer the tracing to a section of 1/8-inch 
fibreboard or sheet plastic. Cut the coil form out with a 
jeweler's saw, and drill a center hole to fit a small 
wood screw. 
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Spiderweb Coil Form Template 
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Wind the coil with No. 22 enameled copper wire, starting 
from the center and winding outward. Leave about 5-inches 
of the starting end of the wire free. It will be used as 
a connecting lead. Feed the wire behind a vane and over 
the front of the next vane as you wind. Wind the wire 
closely and evenly on the form. It is not necessary to 
count the turns. Wind the wire to about 1/4-inch from the 
end of a form vane. Then drill a small hole near the vane 
end, and bend a solder lug through it. Solder the wire 
end to the lug. 


On one of the vanes, count down five wires and then 
carefully lift it outward. Remove about 1/4-inch of the 
enamel with a section of sandpaper and then bend the end 
of a solder lug aound the bared wire. Solder the lug to 
the wire, then cut off remaining portion of the lug (away 
from the bentover end). Repeat this every five turns 
until you have a total of six lug taps on the coil. 
Stagger the lugs away from each other to keep them from 
shorting. 


BASEBOARD 


As shown in the illustration, the Spiderweb Coil Crystal 
Set parts are mounted on a wood baseboard. Cut the 8-inch 
by 6-inch baseboard from a section of 1/2-inch thick 
wood. White pine was used in our model. Sand the surface 
of the wood after cutting. 


Make the spiderweb coil mounting post by cutting out a 
5-inch by 3/4-inch by 3/8-inch wood section. Then cut a 
notch in the center of the rear of the baseboard to fit 
the wood section. Install the wood section in the notch 
with small wood screws, 


Mount the parts on the baseboard as shown in the 
illustration with small wood screws. If the mounting 
holes of the tuning capacitor Cl are on the bottom, drill 
matching holes in the baseboard and use flathead machine 
screws to hold the capacitor. 


Install solder lugs with the four terminals, and mount 
the spiderweb coil to the mounting post with a wood screw 
through a center hole in the coil form. The coil should 
be positioned with the lugs facing forward (on the left 
side of the coil form). 
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WIRING 


Connect the crystal set components with hookup wire as 
shown in the illustration. Use 6-inch lengths of 
insulated stranded wire to the two small alligator clips. 


Experiment 1 


Connect antenna, ground, and 2000-ohm headphones to the 
crystal set. Then connect the D1 alligater clip lead to 
the antenna terminal. Set the tuning capacitor Cl _ to 
minimum capacity (rotor blades all the way out). Connect 
the antenna clip lead to the tap on Ll near the center of 
the form. 


Adjust the crystal detector Dl catwhisker to a sensitive 
spot and tune Cl for a radio station. It may be easier to 
tune for stations if you temporarily connect a crystal 
diode (1N34A or equiv.) in place of the catwhisker 
crystal detector. 


After a station is heard, you can disconnect the diode 
and probe for a sensistive spot on the crystal with the 
catwhisker. Change the antenna clip lead to other Ll taps 
and continue tuning Cl for radio stations. 


Experiment 2 


Disconnect the D1 clip lead and reconnect it to a tap on 
Ll close to the center of the coil. This will load Ll 
more lightly than if the detector was connected to the 
top of the coil. Repeat the tuning procedure of 
Experiment 1 and note the difference in selectivity and 
volume of the received radio stations. Then tune in a 
radio station and move the Di clip lead to other taps on 
Li. There will be a particular tap point for optimum 
selectivity and volume for each received station. 
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STATION LOG 


DATE TIME DIAL |STATION | NOTES 
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ADVANCED RECEIVER PROJECTS 





DUAL TUNED CRYSTAL SET 





This crystal set circuit uses two variable capacitors Cl 
and C2. As you can see in the schematic drawing, Cl tunes 
the ground circuit, and C2 tunes a tapped coil Ll. The 
taps of Ll are connected via the rotary switch Sl. 


TUNING COIL 


Look at the drawing of the coil form construction details 
on page 34. The tuning coil Ll is wound on a section of 
1/8-inch wall plastic tube, 2-inches in diameter, and 
approximately 4-inches long. 


Drill holes in the form and install three solder lugs 
with machine screws and nuts. Position the solder lug 
ends towards the coil form ends as shown. 
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Dak e/ 
Ci,C2 - 365 mmf variable Mh 
capacitors, iM 

Di - Germanium diode 

(i1N34A or equiv.). 
Ll - Tuning coil (see text). DUAL TUNED 
Sl - 1-pole, 10-position 

rotary switch (see text). CRYSTAL SET 


4 - Fahnestock clips. 
1 - Small alligator clip. 
BASEBOARD - 5 x 8 x 3/8-inch 
wood section (see text). 
PHONES - 2000-ohm headphones. 
MISC. - Coil form (see text), 
No. 24 enameled copper wire, 
solder lugs, hook-up wire, 
wood screws and nuts, knobs, 
bracket for Sl. 
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The coil Ll is wound with No. 24 enameled copper wire, 
and is tapped every five turns for a total winding of 75 
turns. 


Drill a small hole in the coil form approximately 1 
1/4-inch from the “A" lug. Remove the enamel from the 
end of the No. 24 wire and then feed the wire end through 
the hole. Solder the wire to lug "A". 





Wind five closely spaced tight turns around the coil 
form. Then bend back and twist together 1/2-inch of the 
wire to make a tap. Position’the tap outward and then 
continue winding the coil, keeping the turns as tight and 
close together as possible. Make a tap every five turns 
and then drill a small hole in the coil form after the 
75th turn. Feed the wire through the hole, remove enamel, 
and solder the end to lug "B". 


BASEBOARD 


The Dual-Tuned Crystal Set is built on a wood baseboard 
as shown in the illustration. Cut the 5-inch by 8-inch 
baseboard from a section of 1/4-inch thick plywood. Sand 
the edges and surface of the baseboard to remove any 
splinters. Drill holes in the baseboard and install the 
parts with small machine screws and nuts in the locations 
shown in the illustration. Drill mounting holes at each 
end of the tuning coil Ll and position it on the rear of 
the baseboard with the coil taps toward the front. The 
illustration shows a commercial rotary switch, but a 
wooden rotary switch can be used for S1 instead. (See 
page 53 for construction details.) 
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Install the four fahnestock clips (used as antenna, 
ground and headphone terminals) with solder lugs. Mount 
an additional solder lug on the baseboard midway between 
S1 and Li, 


WIRING 


Connect the crystal set parts with hookup wire as shown 
in the pictorial illustration and the schematic diagram. 
Use the center solder lug as a junction point for leads 
from Cl, C2 and S1 as shown in the illustration. Connect 
the leads from Si to the taps on Li in numerical 
sequence; every 5 turns for 7 taps. Then connect the last 
three leads every 10 taps. Insert the lead ends into the 
taps and hold them with a drop of solder. This will make 
it easier to move leads to other Ll taps. Use a 5-inch 
length of stranded hookup wire for the alligator clip 
lead connected to Di at solder lug C., 


Experiment 1 


Connect 2000-ohm headphones, antenna and ground leads, 
to the crystal set terminals. Then connect the D1 clip 
lead to the L1 "A" solder lug. 


Set Sl to each tap position in turn and tune Cl and C2 
for received radio stations. If all of the local 
stations can not be heard, experiment with different 
connections to the L1 taps. More turns may have to be 
added to Li (with additional five-turn taps) to receive 
stations at the lower frequency end of the broadcast 
band. 


Experiment 2 


Remove the D1 clip lead from "A" and then connect it to 
the "B" solder lug on Ll. Repeat the tuning method of 
Experiment 1 and note if the crystal set is more 
selective. This is possible, because Ll is now connected 
as an rf transformer, You can also connect the D1 clip 
lead to each of the S1 taps and note if there has been 
any improvement in reception. 
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SELECTIVE CRYSTAL SET 


This receiver uses two spiderweb coils in a two-circuit 
tuner for good selectivity and sensitivity. As you can 
see in the schematic diagram, the antenna-ground et 
input circuit is tuned by L1-C1 for maximum signal gain. 
Li acts as the primary winding of an rf transformer, with 
L2-C2 as the tuned secondary. Coupling between Li and L2 
is variable for best selectivity. L2 is connected to a 
catwhisker crystal detector and the audio signals are fed 
through the phone jack to 2000-ohm headphones. 


As shown in the illustration, the crystal set parts are 
mounted on the rear of a black plastic panel. This type 
of layout is similar to the type of construction of the 
old-time crystal sets, 





SPIDERWEBS 


Both Li and L2 spiderweb coils are made exactly the same 
way. Li and L2 are wound on 17-vane coil forms 3 
5/8-inches in diameter, The coil forms in our receiver 
are made from 1/16-inch sheet plastic of the same type 
used for printed circuit boards (but without the copper 
foil). Any kind of rigid sheet plastic should be suitable 
for the coil forms. 
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Make a tracing of the spiderweb coil template. Then use 
carbon paper to transfer the tracing on a section of 
1/16-inch thick sheet plastic. Cut out the vanes with a 


jeweler's saw. Drill two holes as shown, and install the 
two solder lugs. 





COIL FORM TEMPLATE FOR Li—L2 


Wind as much No.22 enameled wire as possible on each coil 
form. Solder the wire to a solder lug before winding a 
coil. Then wind the wire over ‘a vane and under the next 
vane. Wind the wire closely and evenly on the form. It is 
not necessary to count the turns. Solder the wire end to 
the remaining solder lug 
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CONSTRUCTION 


The panel used in our receiver is a 7 3/4-inch by 4 
1/2-inch section of 1/4-inch thick black acrylic plastic. 
The size is not critical, but it should be large enough 
to mount all of the parts as shown in the illustration. 


Layout and drill the mounting holes of the components’ on 
the panel. Make sure that Cl and C2 are positioned so 
that the edges of the tuning knob dials are more than 
1/2-inch apart. Install the catwhisker crystal detector 
assembly, antenna and ground terminals, and the phone 
jack in the locations shown. 





As you can see in the illustration, Li is installed on 
the end of a variable coupling metal rod. This 1/4-inch 
diameter rod is 3-inches long with a flat side. Drill and 
tap a small hole close to the end of the rod. The rod 
used in our model came from a discarded volume control. 
Cut a 2-inch long by 1/2-inch wide by 3/8-inch thick wood 
section and drill holes to fit the rod, two mounting 
screws, and a hole for the rod set screw. Locate and 
mount the wood section in the center of a spiderweb coil 
Ll so that the rod will be 3/4-inch down from the edge of 
the top vane. 
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Hold L1 behind the panel and using the free end of the 
rod, locate the panel hole. Position Li midway between Cl 
and C2, and make sure that the top edge of the coil is 
below the top of the panel. Drill a hole to fit the rod 
bushing in the panel hole location. The panel bushing in 
our model was removed from a discarded volume control. 


Drill a hole to fit the bushing in one end of a 2-inch by 
1/2-inch section of sheet aluminum. Bend the other end of 
the section to fit against the flat side of the rod. 
Install the metal section and the bushing in the panel 
hole. 


Insert the rod into the bushing and make sure that the 
metal section end fits close to the flat side to prevent 
rotation of the rod. Install a knob on the rod end and 
make sure that the rod can be pushed in and out easily. 
If necessary, put a small amount of grease on the flat 
side of the rod. 


Install the remaining spiderweb coil L2 on a wood section 
that is mounted on the rear of the panel with two 
spacers. The spacers should be long enough for L2 to be 
located 1/4-inch behind Li with the rod pushed all the 
way in. The 5 1/2-inch by 1-inch by 1/4-inch wood section 
in our model is supported with screws installed through 1 
1/2-inch metal spacers into tapped holes in the rear of 
C1 and C2. The screws and bushings can be made longer and 
mount into panel holes in your receiver, 


Install a wood section on the bottom rear of the panel to 
keep the receiver upright. A 5-inch by 3-inch section of 
1/4-inch thick wood is used in our receiver. 


SET WIRING 


Connect the receiver components with hookup wire as shown 
in the illustration and schematic diagram. Use flexible 
stranded wire for connections to Ll. Make sure that the 
Li leads do not touch any component as the variable 
coupling rod is moved in and out. 


Install knobs on Cl, C2, and the variable coupling rod. 
Then place the crystal in the detector assembly. 
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OPERATION 


Connect antenna and ground leads to the receiver 
terminals. Plug in a set of 2000-ohm headphones into the 
panel phone jack. For easier initial operation of the 
receiver, temporarily connect a germanium diode (1N34A or 
equivalent) across the Dl connecting lugs. Make sure that 
the catwhisker is not touching the crystal at this time. 


Push the variable coupling rod half way in and tune Cl 
and C2 for a station. Adjust the variable coupling rod 
and retune Ci-C2 for best reception. Check operation over 
the entire broadcast band. It may be necessary to add or 
subtract turns of wire on Ll-L2 for complete coverage. 
After checking operation with the germanium diode, remove 
it and try using the catwhisker crystal detector. 


List of Materials 


C1,C2 - 365 mmf variable capacitor. 
Di - Catwhisker crystal detector 

assembly. 
L1,L2 - Spiderweb coils (see 

text). 

2 - Terminals. 
1 - Phone jack. 
PHONES - 2000-ohm headphones, 
MISC.- Plastic sheet for spiderweb coils, solder lugs, 
machine screws and nuts, wood screws, hookup wire. 
CONSTRUCTION MATERIALS (See Text), 


A - knob 

B - Panel 

Bl- Bushing 

C - Aluminum section 


D - Rod 

E - Wood section 
F - Setscrew 

G - Ll coil form 
H - Wood section 
I - Spacers (2) 
J - Wood section 
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List of Materials for Carborundum Crystal Set 


C1A-C1B - Dual 365 mmf variable capacitor. 

C2 - 365 mmf variable capacitor. 

C3 - 0.1 mf capacitor. 

C4 - 1000 mmf capacitor. 

Di - Carborundum crystal and catwhisker detector assembly 
(see text), 

J1 to J6 - Fahnestock clips. 

Li - Tuning coil (see text). 

R1 - 5,000-ohm potentiometer (linear taper). 

BAT - 6-volt battery . 


PHONES - 2000-ohm headphones. 
MISC. Coil form (see text), No.24 enameled copper wire, 


1/2-inch long spacers, perfboard strip (see text), 
push-in clips, solder lugs, knobs, hook-up wire, 1N34A 
diode (or equiv.), wood for base and D1 detector assembly 
(see text), wood screws, machine screws and nuts, 
alligator clips X-Y, brackets for Ll and Rl. 
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CARBORUNDUM CRYSTAL SET 


Materials other than galena, silicon or germanium have 
the property of detection. In the beginning of radio, 
carborundum (the name given to a compound of silicon 
carbide) was also used as a detector. The required heavy 
catwhisker pressure made it suitable for the early radio 
stations on ships, as it did not fall out of adjustment. 
It would also handle the strong signal energy from nearby 
spark transmitters without burning out. But what makes 
this type of crystal detector different, is the necessity 
for a bias battery. 


A crystal detector has a high current flow with voltage 
applied so that it conducts in the forward direction 
(catwhisker to crystal), and a very low current flow in 
the reverse direction. The amount of current flow in the 
forward direction depends upon the characteristics of the 
crystal material and the applied forward voltage. 
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FORWARD VOLTAGE 
TYPICAL CRYSTAL DIODE CURRENT 


The graph compares carborundum with germanium and silicon 
crystal detectors. Germanium minimum conduction voltage 
is about 0.3 V, Silicon is 0.6 V, and carborundum is 3 V. 
The high carborundum minimum conduction voltage is the 
reason a bias battery is used to move the threshold down 
so that weak radio signal voltages can be detected, 
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TUNING COIL 


As shown in the illustration, the tuning coil L1 is wound 
on a cardboard (or plastic ) mailing tube section 
2-inches in diameter and 2 3/4-inches long, 


LI 
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TUNING COIL ASSEMBLY 


Locate and drill a hole 1/4-inch from each coil form end 
for machine screws to fit the two spacers. Also drill 
holes for two mounting brackets at one end. Then drill a 
small hole near each spacer hole to feed the wire on the 
form before you start winding. 


Wind the coil with No. 24 enameled copper wire. Tap the 
coil every 10 turns for a total of 9 taps. An easy way to 
make the taps is to twist the wire together for a half 
inch and position the free end out. Make all the coil 
taps in the area between the two spacer holes. Thread the 
free end of the wire through the small hole at the end of 
the form near the spacer hole. Make sure that all of the 
turns are tightly wound and close together. Use a section 
of sandpaper to remove the enamel from the tap wire ends, 
Then tin the ends. 
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Mount 9 push-in clips in a 1/2-inch by 2 1/4-inch perf 
board section. Locate and drill holes on the board and 
install it on the coil form with two solder lugs, 
1/2-inch spacers, machine screws, and nuts. Solder the 
coil taps to the ends of the push-in clips. Connect the 
coil leads to the solder lugs and mount the two 1/2-inch 
brackets on the coil form. 


DETECTOR 


The crystal detector assembly is vertical, (as shown in 
the illustration) instead of horizontal as in most 
catwhisker detectors, Begin construction by cutting the 2 
1/2-inch diameter base and 2-inch by 4-inch vertical 
section from 1/4-inch thick wood. 






OOD 
SECTION 


DETECTOR ASSEMBLY 


Locate and install the two fahnestock clips on the base 
with solder lugs and small wood screws. Mount’ the 
vertical section on the edge of the base with wood screws 
(or cement). Locate and install the catwhisker holder 
with a solder lug, machine screw and nut near the top of 
the vertical section. 
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Temporarily position the crystal holder on the base so 
that the catwhisker will touch the center of the crystal. 
Locate and mount the crystal holder in this position with 
a solder lug and machine screw and nut. Connect the 
detector assembly with hookup wire as_ shown in the 
illustration. Solder a short section of coiled steel 
spring wire to the end of the positioning rod to serve as 
a catwhisker. Cut the end of the wire diagonally to give 
it a sharp point. 


BASEBOARD 


The receiver parts are installed on a 8-inch by 7-inch by 
3/4-inch wood base. Wherever poossible, small wood screws 
are used to hold the components on the base. 


Begin construction by laying out and installing the parts 
in the positions shown in the illustration. It will be 
necessary to make. a metal mounting bracket to fit Rl. 
C1A-B and C2 are mounted with machine’ screws in the 
tuning capacitor frames through countersunk holes in the 
base. Install solder lugs in the rear frame of both 
tuning capacitors. Also mount solder lugs with all of the 
terminals. Install knobs on the tuning capacitors and Rl. 


WIRING 


Use hookup wire to connect the crystal set parts as shown 
in the schematic and illustration. Connect 5-inch leads 
of flexible stranded insulated wire to each alligator 
clip. Solder one lead to the stator lugs of C1A-B and 
connect the other lead to Dl. Connect C3 and C4 as shown 
and keep their leads as short and direct as possible. 


Experiment 1 

Connect your antenna to Jl, ground to J2, and 2000-ohm 
headphones to J5 and J6. Temporarily connect a germanium 
diode (1N34A or equiv.) in place of the carborundum 
crystal detector Dl. The diode will make it easier to 
check out the receiver. 


Do not attach the battery 
to J3-J4 at this time, or 
the diode may be damaged. 
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Connect X CiA-B clip lead to the top tap of Li, and Y 
Di clip lead to the seconde tap from the top. Tune in a 
radio station with C2 and then adjust C1A-B for best 
volume. Change the position of the clip leads and retune 
ClA-B and C2 for best reception. Check operation of the 
receiver over the entire broadcast band. 


Experiment 2 


Tune the receiver to a radio station and then disconnect 
the germanium diode, Do not disturb the receiver’ tuning. 
Install a carborundum crystal into the Dl assembly. Set 
Ri to mid range, and connect a 6-volt battery to the 
receiver; negative lead to J3, positive lead to J4. 


Adjust the Di catwhisker for a sensitive spot on _ the 
carborundum crystal. Then set Rl for best volume of 
received signal. Retune C1A-B and C2 and change the clip 
leads on the Li taps as necessary for reception of radio 
stations. 


Note 
Carborundum that will work as a detector may be hard to 
find. Grinding wheels are not suitable as a source, 


because the carborundum is usually in fine particles 
mixed with other material. Best bet is to contact 
collectors of antique radio parts. But you can use 
this receiver to experiment with minerals for 
semiconductor operation. See the Workshop Section for 
information on mounting mineral sections for detector 
experiments. 
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BOOK TUNING CAPACITOR 


During the roaring 20's,the Crosly Radio Corporation used 
a type of tuning capacitor that had two plates hinged 
together on one edge. The dielectric was a sheet of mica 
between the two plates. This type of tuning capacitor was 
called a Book Condenser. 


The tuning capacitor shown in the illustration is similar 
to the Crosly Book Condenser. It uses aluminum foil 
plates cemented to fixed and movable wood sections, and 
a plastic sheet dielectric (cut from thin transparent 
plastic notebook protector material). 


MOVING CAM K OB 
SECTION 






DIELECTRIC 


PDD DAALDD OL ODPL HPIAAAAA 
0,99, 050.0, 0.0,020,0,0,0,0,0 64 
x OKOKER 


XD 
SRK 


FIXED SECTION 





Adjusting the tuning knob causes a metal cam to rotate 
and control the movement of a spring loaded wood section. 
This varies the capacity between the two foil plates. As 
the plates are brought closer together, the capacity 
increases. As they are separated, the capacity decreases. 
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BOOK TUNING CAPACITOR 


List of Materials 


A - 3 x 3 1/2 X 3/8-inch wood section 

B- 3x 1 3/4 x 3/8-inch wood section 

C - 3 x 3 1/8 x 3/8-inch wood section (one end beveled 45 
degrees - see text). 

D - 3/4 - inch diameter wood dowel, 2 1/4 inches long. 

- 3 1/2 x 3 -inch sheet plastic (See text). 

- 2 triangular 1-inch metal sections 

- 1/4-inch metal rod, 3 -inches long. 

-~ Metal cam (see text). 

- Machine screw (see text) 

- Bushing 3/8-inch long (to fit rod G). 

- Tuning knob (to fit rod G). 

- 2 springs 1/4-inch diameter by 1 1/4-inch long. 

M - 4 solder lugs. 

MISC. Small wood screws, nails, aluminum foil, machine 
screws, nuts, solder lugs and washers. 
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CONSTRUCTION 


Start construction by cutting the wood sections from 
3/8-thick wood to the sizes shown in the drawing. Section 
C has a 45 degree bevel at one end. This acts as a pivot 
point for the movable section. Drill and countersink a 
hole to fit a flathead machine screw in the places shown 
on sections A and C. Do not install the screws at this 
time. 


Cement aluminum foil on the top of section A and on _ the 
bottom of section C. Then cut and remove a 1/2-inch strip 
of foil from the front edge of section A. Cut a 1/8-inch 
strip from the remaining edges. Also cut away a 1/8-inch 
strip from all the edges of the foil on section C. 


Carefully slit the foil on top of the machine screw hole 
on section A and press the foil gently inside the hole. 
Install the flathead machine screw into the hole, making 
sure that it is in contact with the foil. Fasten the 
screw with a washer and nut. Make sure that the screw 
does not turn and rip the foil. Install a solder lug and 
nut on the free end of the screw. Repeat this operation 
with section C. 


Cut the sheet plastic E to size and place it on top of 
section A. Then place section B on _ top of the plastic 
sheet and install it on the end of section A with wood 
screws. Install the two metal sections F with small 
nails. 


Saw the metal rod G to size and tap one end to fita 
machine screw. Cut the dowel D to size and center drill 
it to fit the rod G. Cut a flat on one side of the dowel. 


Make a tracing of the cam H template and cement it ona 
section of heavy gauge sheet aluminumm. Cut the cam to 
size and drill a hole to fit the rod machine screw in the 
location shown. Install the cam with a lock washer on 
rod G. Insert the free end of the rod into dowel D. Place 
section C on top of the plastic sheet E on section A. 
Then temporarily position dowel D with rod G in the 
center of section B. Rotate the cam so that its long end 
touches the top of section C. Mark the placement of the 
dowel on section B. Drill a hole in section B to fit 
dowel D. Cement the dowel in place. 
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Locate and install solder lugs with wood screws on 
sections A and C as shown in the drawing. Bend over the 
ends of the solder lugs and install two springs L in the 
lugs. 


Mount tuning knob K and bushing J on the free end of rod 
G. Adjust the knob and check that section C moves in and 
out with the cam rotation. changing the capacity between 
the foil plates. 


You may have to experiment with the cam diameter for best 
operation of section C. File the cam edges in small 
increments only and recheck the operation often. Use very 
light springs to keep section C from pressing against the 
cam and moving it. 


Reverse the cam on rod G to alter the direction of 
capacity (clockwise or counterclockwise). The capacitor 
can be installed vertically on a receiver project with a 
small metal bracket mounted on the bottom side of section 
A. 
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ROTARY SWITCH . 





List of Materials 


A - 2 1/4 diameter x 3/8-inch wood section. 

B - Flat head machine screws. 

C,L - Solder lugs. 

D - Nuts to fit B. 

E - Machine screw 1 1/4-inches long. 

F - 1/4 diameter x 1/2-inch long bushing (to fit E). 
G - Switch arm 1 x 1/4-inch (sheet brass, see text). 
H,K,M - Nuts to fit E. 

I,J - Washers to fit B. 

N - Small woodscrew. 
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ROTARY SWITCH 


In the early days, radio experimenters could not buy 
parts that are readily available today. They had to build 
their radio components from wood sections and common 
hardware.The rotary, switch ilustrated is similar to a 
type constructed for use with tapped coils of crystal 
sets. 


The rotary switch shown uses flat head screws for contact 
points that are mounted on a wood section. The switch arm 
is cut from sheet brass and is installed on a machine 
screw. 


CONSTRUCTION 


Refer to the drawing of the rotary switch, Begin 
construction by cutting the 2 1/4-inch diameter section A 
from 3/8-inch thick wood. Locate, drill,and countersink 
the holes for the flathead machine screws B. The rotary 
switch shown has 10 machine screws, but you can space the 
hole locations for the number of switch contact points 
desired. Allow a _ space between the starting and ending 
contact points for the woodscrew N. This woodscrew is 
used as a stop for the rotary arm G. Locate and drill a 
cer %r hole for the machine screw E. Install the screws B 
in section A with solder lugs C and nuts D. Install the 
woodscrew N. 


Measure and cut the rotary arm G from a section of, sheet 
brass. The arm should be long enough to reach the 
contacts. Make sure that it is not too wide, or it may 
short out to a nearby contact. Make a dent or "dimple" on 
the contact end, and drill a hole for screw E on the 
other end. Bend the rotary arm as shown in the drawing. 
Install screw E into bushing F, and arm G, and tighten 
the assembly with nut H. Place washer I on the screw and 
install screw E into the center hole of A. loosely fasten 
the screw with washer J and nut K. Then rotate the 
bushing F and arm G. Adjust the tightness of nut K as 
required to allow rotation of G with only a slight 
"drag". Install solder lug L on screw E with nut M,. and 
bend the lug towards the screw end. Install knob O on 
bushing F, and recheck operation of the arm G. It should 
touch all of the contacts B and stop at screw N. 


The rotary switch is used as shown in the Dual-Tuned 
Crystal Set Construction Project. Make sure that extra 
le’? length is allowed for connection to the solder lug 
L. »end the lead into a "pig-tail," so that it will not 
break as the solder lug L is rotated. 
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The construction projects in this book can be built with 
common hand tools found in an average home workshop. 


Useful Hand Tools 


Safety glasses or face shield 
Steel rule 
Square 

Hack saw 

Wood saw 
Screwdrivers 
Pliers 
Wirecutters 
Tin snips 
Center punch 
Files 

Hammer 
Soldering Iron 


Wear safety glasses or face shield while working. Observe 
common sense safety precautions. 


SOLDERING 


Make sure that the part to be soldered is clean. Use only 
rosin core solder. Prepare the soldering iron tip as 
follows: 


File each surface of the tip to remove oxidation. Plug in 
the iron and let it heat until you can melt solder on the 
tip (before the copper tip turns blue or bronze color). 
Melt enough solder until all sides of the tip are coated. 
Then wipe off excess solder with a damp sponge or cloth. 
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Make sure that the bare wire lead to be soldered is free 
of oxide. It is best to tin it first by melting a bit of 
rosin core solder on the lead end. Crimp the lead in the 
part hole to keep it from moving during soldering. Hold 
the iron tip under the part until it is hot enough to 
melt solder; Apply only enough rosin core solder to cover 
the surface of the part. Remove the iron, Do not move the 
part or wire while it is cooling. 


PROJECT CONSTRUCTION TIPS 


Tape a sheet of graph paper over a project wood section. 
Mark locations of the parts on the paper. Center punch 
mounting hole centers through the paper. Use a compass to 
draw circles the same size as the holes. Then drill holes 
through the paper. 


Lettering on the projects can be done with a labelmaker 
that prints on strips of adhesive coated plastic. You can 
also use decals or dry transfer lettering sheets. 


Small metal brackets can be made from heavy gauge _ sheet 
aluminum. Layout and drill the mounting holes and then 
cut it to size with a tin snips. Form the bracket by 
using a heavy mallet and a vise. 


Tuning Capacitors, Knobs, and Dials 


Old radios are a good source of components. The radios 
generally use two tuning capacitor sections ganged 
together. The receivers previously described will operate 
with one of the capacitor sections (365 mmf). You can cut 
out cardboard discs and cement them to radio knobs and 
use them as dials with the tuning capacitors, Mark the 
dials with dry transfer lettering, or black drawing ink. 


Panels and Cabinets 


The layout and construction of crystal sets is not 
critical. They can be fitted into many different types of 
wood cabinets. You can use almost any type of 
non-metallic box, but metal boxes are not recommended as 
sheet metal close to the tuning coil may lower its "Q". 
Black sheet plastic used for the front panel with white 
dry transfer lettering will give your receiver project an 
antique look. 
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MOUNTING MINERALS FOR CRYSTAL DETECTORS 


Minerals (galena, etc) for experimentation as crystal 
detectors, will work best when mounted ina metallic 
base. For temporary mounting (while testing), wrap 
aluminum foil tightly around the sides and bottom of the 
mineral. Then place it into a sheet metal ring or cup 
that will fit into the detector assembly. 


After testing, the mineral can be permanently mounted in 
a metal slug. Drill a shallow hole of a diameter equal to 
the detector assembly crystal in a block of wood. Fill 
the hole with melted solder. While the solder is still 
molten, carefully place your mineral section into the 
center. Hold the mineral in place with tweezers or long 
nose pliers until the solder cools. Then pry the metal 
slug out of the wood. Be sure that the top of the mineral 
section is free of solder. 
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SIMPLE Time-Difference-Of-Arrival RDF 
Joe Leggio WB2HOL 


This T.D.O.A. RDF set is built into a die-cast Pomona box. I built it in October, 1989. As you can see 
from the photo, it has held up to lots of abuse as it gets knocked around in my RDF bag. 


How it works 


Time Difference of Arrival RDF sets work by 
switching your receiver between two antennas 
at a rapid rate. When both antennas are the 
same distance from the transmitter, the RF 
phase received by both antennas will be 
identical. If the two antennas are different 
distances from the transmitter the RF will 
have a different phase at each antenna. If we 
switch between the antennas 500 times a 
second, this phase change will be detected by 
an FM receiver as a 500 Hz tone. 


By turning the antennas for a null in the tone, 
your two antennas will be perpendicular to the 
transmitter. Unfortunately, you can be facing 
the transmitter or facing away from the 
transmitter and get a null in the tone. By using 
a synchronous detector and processing the 
phase of the tone, it is possible to drive a 
center scale meter to indicate which direction 
to turn to face the transmitter. 


If you have a null in the tone and turn slightly 
right, the meter should point to the left and 
direct you to turn left to face the transmitter. I 
instead, it points right as you turn right, you 
need to continue turning right to face the 
transmitter; you were facing away from it 
originally. (in other words, you need to turn 180 degrees around) 





When you build this unit you must test it with *your specific receiver.* The audio circuits in a receiver 
sometimes invert the audio phase and if that is the case, the unit will read opposite of the true direction. 
If this happens to you simply turn the antenna unit around or reverse the connections to the meter. 


If you look closely at the center of the antenna boom in the picture below, you will see my markings on 
the antenna for one of my HTs. (I used abbreviations, but it says "When using the Ten-Tec HT, this side 
of the boom should be on the bottom and away from the transmitter") 
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Circuit Description 


This circuit is adapted from an idea which originally was described in QST in an article for a Double 
Ducky direction finder. It uses a CMOS 4066 as a synchronous detector. I used a CMOS 555 as a 
square wave oscillator to drive both the antenna switching diodes and the synchronous detector. I also 
added a stage of audio amplification to help drive a less sensitive meter. This unit was originally 
designed to be mounted directly on the antenna connector of my HT. This worked fine when I 
originally built it. Today, I have a Yeasu FTSOR. It is smaller than the TDOA unit and has an SMA 
connector for the antenna. Somehow, I don't think it could support the weight. 


Audio is input via a cable connected to the earphone jack of the HT. A small loudspeaker was mounted 
on the front of the T.D.O.A. RDF unit to allow me to hear the FOX. The loudspeaker is not illustrated 
in the schematic shown here. The T.D.O.A. RDF unit supplies voltage to the antenna unit through the 
center conductor of the coax. The voltage alternately causes the diodes connected to the antenna 
elements to conduct. As the diodes conduct, RF is able to flow from one of the antenna elements to the 
receiver The switching rate is set by the .0luf capacitor and the 47k resistor connected to pin 2 of the 
555. If you would like a different tone, try adjusting the value of the 47k resistor. 


This T.D.0.A. RDF unit uses a center scale meter to indicate which direction to turn in order to face the 
transmitter. I used a surplus meter movement in my TDOA RDF unit. It was not a center zero meter 
until I took it apart and moved the mechanical zero adjust lever to make it so. I would guess it was a 
100 microamp meter movement originally. I think it was a signal strength meter from an old FM 
broadcast band receiver. A more sensitive meter would allow you to use less volume. I usually look for 
a 50 to 200 microamp zero center meter when building one of these units and can usually find a bargain 
at one of the ham radio flea markets I attend. I never spend more than five dollars for a surplus meter. 
The meter in this unit cost me about a dollar. I would guess that even a 500 microamp meter could be 
used. I would be less sensitive and require you to use a bit more volume. 


The Printed Circuit Board 


I used rub-on transfers (available from Radio Shack) to lay out the PC board in this unit. It does not 
have the audio amplifier stage which is present on the PC layout included on this web page. The 
amplifier is needed when using less sensitive meter movements. 


The PC board layout is shown here looking at the bottom of the board as if you had X-ray eyes and 
could look through the board and see the parts on top. There is one wire jumper. It is at the lower right 
side of the PC board. The two transistors are 2N3904 or equivalent. The two diodes across the meter 
movement are 1N914 or equivalent. The three 25uf capacitors each have two different pads available 
for their leads. If you can obtain parts small enough to fit the set of pads spaced closer together, use 
them. There is nothing critical about the value of most of the parts. Anything plus or minus 20 percent 
of the value indicated will work. (don't add 20% to the 555 or the 4066. I doubt *that* would work!). 


All of the resistors are 1/4 watt. The two diodes on the PC board are connected "back-to-back" The PC 
layout illustrates how the diodes should be mounted. The electrolytic caps should be rated for at least 
10 volts. (assuming you are going to use a 9 volt battery). The 1.0 microhenry coil used to couple the 
output from the 555 to the antenna was fashioned by winding about 20 turns of number 22 AWG wire 
on a 3/16 inch drill bit. It was then slid off of the drill and mounted on the PC board. 
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The Antenna Unit 


Details of the antenna are shown below. The four antenna elements should be fashioned out of stiff 
wire or metal rods. One club member recycled a broken TV antenna and used 19 inch segments of its 
elements. The schematic shows two antennas; you might be wondering why there are four antenna 
elements. The extra two are connected to the coax shield at the ends of the boom. These form a 
counterpoise for the two active elements. 


The boom of the antenna must be less than 1/2 wavelength long. The longer the boom, (up to 1/2 
wavelenngth ) the more RF phase difference will be detected. I found that spacing the antennas about 
1/4 wavelength apart gave the best results. Further apart resulted in more modulation but at the expense 
of portability. It also seemed a bit less sensitive to multipath errors when I used the shorter boom. The 
antenna unit pictured here has a 15 inch long boom. 


The antenna must be constructed as symmetrical as possible. The lengths of coax from the center BNC 
connector must be identical. A difference of 1/2 inch will cause an error of several degrees. If you use 
1/2 wavelengths of coax you only need one set of diodes where the coax connects to the BNC 
connector at the center of the boom. If you find it easier to mount a flange style SO-239 connector on 
the boom instead of a BNC, use it instead. You will then need a cable with an PL-259 at one end and a 
BNC connector at the other to connect the antenna to the RDF unit. 




















I have found that by 
mounting the antenna 
on a mast so it is up and 
in the clear will result 
in the most accurate 
bearings.(It is then 
away from reflections 
from your body and the 
ground) Whatever you 
do, make the unit 
collapsible so it can be 





stored when not in use. 
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1/4 wavelength 


f antenna element 


1N4007 










RDF ANTENNA MECHANICAL DETAIL 


1N4007 
O 


RG5B8 Coax RG456 Coax 


N4007 1N4007 


ee 


Female BNC Connector 






1/4 wavelength 
ff counterpoise 


element 





It is very important that the diodes on the antenna be connected as shown on the schematic. Most 
diodes have a band which shows which end is the cathode. The best diodes for use in the antenna are 
RF PIN diodes. I used 1SS103 PIN diodes I purchased at a flea market. An equivalent diode is the 
MPN 3404. In a pinch, you can substitute a 1N4007 power diodes. They have a similar internal diode 
structure to the PIN diodes and will work almost as well. The MPN 3404 is advertised at Dan's small 
parts 


RDF Antenna Mechanical Details 


My antenna unit is designed to fold for storage. Wing nuts are used to secure the elements in position. I 
used brass brazing rod for the antenna elements on my latest hand-held unit. Earlier units used 
straightened out coat hanger. On the unit pictured, I used 1/2 wavelength lengths of coax between the 
center PIN diode and the antenna elements. This allowed me to use only one pair of PIN diodes in the 
center. I coiled the coax and secured it to the boom mid way between the center BNC connector and the 
ends. RG-174 coax was used on the unit illustrated here to reduce weight. The resistor in the picture is 
a 1.5k. The schematic below shows 820 ohms. Remember, in this circuit, few part values are critical. 


The antenna boom was made from a piece of scrap glass epoxy circuit board material about 15 inches 
long and about 1 1/4 inch wide. I peeled the copper from the board, mounted a BNC connector at the 
center, and used small ring terminals secured by screws as tie points. The PIN diodes are the small 
rectangular black parts with the red stripe at one end. The picture shows them soldered to the back of a 
chassis mount BNC connector. 


When you build your antenna make sure you mark one side as being the side towards the transmitter. 
Also mark the TOP. The first time I used this antenna, I started out walking away from the fox instead 
of towards it because the antenna was being held upside down. (My antenna was visually as well as 
physically symetrical) What amazed me was the number of other hunters who followed me thinking I 
knew where I was going. For the second fox hunt, I had marked the antenna. I won that event using this 
unit. 
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The Schematic 


2 Antennas - 19 inches long, 
spaced 14 inches apart. 


1N4007 diodes ae the best substitute 
if you are unable to get PIN diodes 
made for switching RF. 











COAX to Antenna Unit 






390 pf 
lL. o Receiver Antenna Input 


WB2HOL RDF 
9/93 
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555 Time-Difference-Of-Arrival RDF 
by Joe Leggio WB2HOL 


This T.D.O.A. RDF set is built on a Radio-Shack experimenters board. It was featured on the cover of 
the May,June,July 1993 issue of the South Eastern Repeater Association, Inc Repeater Journal. 


It uses a single 555 timer wired to produce a square wave output at about 500 Hz. 1N4007 power 
rectifier diodes were used in place of PIN diodes to switch between two dipole antennas at a 500 Hz 
rate. If you substitute another lower voltage power rectifier, it will work, just not as well. Of course, if 
you have RF PIN diodes, use them. (the 1N4007 is the only diode in the 1N400X series to contain a 
PIN diode structure) Power is supplied by a 9 volt battery. 


I mounted the 555 oscillator circuit at the center of a 15 inch long piece of wood which acts as a boom 
to support two dipoles. The dimensions are not too critical. I used small brass screws as tie points at the 
ends of the boom and used wing-nuts to allow the dipole elements to fold against the boom when the 
unit was not in use. 


I did not bother to add a power switch. I simply used a rubber band to secure the 9 volt battery to the 
boom and disconnect the battery from the circuit when I'm not using it. 


How it works 


Time Difference of Arrival RDF sets work by switching your receiver between two antennas at a rapid 
rate. When both antennas are the same distance from the transmitter, the RF phase received by both 
antennas will be identical. If the two antennas are different distances from the transmitter the RF will 
have a different phase at each antenna. If we switch between the antennas 500 times a second, this 
phase change will be detected by an FM receiver as a 500 Hz tone. 


By turning the antennas for a null in the tone, your two antennas will be perpendicular to the 
transmitter. Unfortunately, you can be facing the transmitter or facing away from the transmitter and 
get a null in the tone. This circuit does not give you the ability to know if you are facing the transmitter 
or facing away from it. You must use triangulation to determine the correct direction. Although I have 
not tried it, you may also add a switched phasing line to your unit as shown here. This will result in a 
non-symmetrical receive pattern and allow an indication of which direction to travel. 


The best method to tell the front from the back when using a TDOA RDF unit is by using a T.D.O.A. 
with a synchronous detector and processing the phase of the tone. It is then possible to drive a center 
scale meter to indicate which direction to turn to face the transmitter. 
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The Antenna Unit & 


Details of the antenna are shown below. The 
four antenna elements should be fashioned out 
of stiff wire or metal rods. One club member 
recycled a broken TV antenna and used 19 inch 
segments of its elements. The schematic shows 
two antennas; you might be wondering why 
there are four antenna elements. The extra two 
are connected to the coax shield at the ends of 
the boom. These form a counterpoise for the two 
active elements. I found that 15 inch lengths of 
wire "coat-hanger" worked well as antenna 
elements for the unit pictured here. You can 
experiment to determine the optimal length and 
distance between the dipole elements. (until you 
run out of wire hangers, that is) 


The boom of the antenna must be less than 1/2 
wavelength long. The longer the boom, ( up to 
1/2 wavelength ) the more RF phase difference 
will be detected. I found that spacing the 
antennas about 1/4 wavelength apart gave the 
best results. Further apart resulted in more 
modulation but at the expense of portability. It 
also seemed a bit less sensitive to multipath 
errors when I used the shorter boom. The unit 
pictured here has a 15 inch long boom. 


The antenna must be constructed as symmetrical 
as possible. The lengths of coax from the center 
circuit board must be identical. A difference of 
1/2 inch will cause an error of several degrees. 
Note that the layout of the antenna switching 
diodes on the experimenters PC board is symmetrical. 


09/24/08 05:28:37 AM 





I have found that by mounting the antenna on a mast so it is up and in the clear will result in the most 
accurate bearings.(It is then away from reflections from your body and the ground) Whatever you do, 
make the unit collapsible so it can be stored when not in use. I used wing-nuts on the antenna elements 


to allow the unit to fold easily. 


It is very important that the diodes on the antenna be connected as shown on the schematic. Most 
diodes have a band which shows which end is the cathode. The best diodes for use in the antenna are 
RF PIN diodes. I used 1SS103 PIN diodes I purchased at a flea market. An equivalent diode is the 
MPN-3404. In a pinch, you can substitute a 1N4007 power diodes. They have a similar internal diode 
structure to the PIN diodes and will work almost as well. The MPN-3404 is advertised at Dan's small 


parts 
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1IN4007 IN4007 1N4007 IN4007 







555 Time Difference of Arrival 


RDF Unit 


1991 - WB2HOL 





+9 Volts 





1k 47uf, 16¥ 
+ 


To Receiver 
A, AA oee 


1k Li 470pf aa 


33k 


L1 = 10 turns, # 24 AVVG air-core wound on 1/8 inch form 
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TAPE MEASURE BEAM 
OPTIMIZED FOR RADIO DIRECTION FINDING 


Joe Leggio WB2HOL 


Description 


This antenna evolved during my search for a beam with a really great front-to-back ratio to use in 
hidden transmitter hunts. This design exhibits a very clean pattern and is perfect for RDF use. It trades 
a bit of forward gain in exchange for a very deep notch in the pattern toward the rear. (You could 
optimize the design for more forward gain, but at the expense of a really good notch in the pattern 
toward the rear.) It is a design that can be constructed using only simple hand tools (no machine shop 
needed) and still perform well. It has been duplicated several dozen times by other local hams and has 
been successfully used as a club construction project. 


When I designed this antenna I had one basic idea in mind. It had to be easy to get in and out of the car 
when hunting for a hidden 
transmitter. This would be 
accomplished by the use of steel 
"tape measure" elements. These 
elements could fold easily when 
fitting the antenna into my car and 
yet still be self supporting. I 
decided to use three elements to 
keep the boom from getting too 
long. 


Another of my design goals was to 
use materials that were easy to 
obtain. I chose to use Schedule-40 
PVC pipe and fittings available at my local hardware store for the boom and element supports. These 
kept the cost for the antenna very low. The element supports consist of PVC crosses and tees. 





Since I had never seen any plans for an antenna using elements made from | inch wide steel "tape 
measure," I had to do the design myself. To assist in the design I used a shareware computer aided yagi 
design program written by Paul McMahon VK3DIP. It allowed me to optimize the antenna for the 
cleanest pattern combined with the best front-to-back ratio. 








Performance Predicted by YAGI-CAD 








GAIN 7.3 dBd 








Front-to-Back Ratio >50 db 








3 db Beamwidth E = 67.5 degrees 








3 db Beamwidth H = 110 degrees 
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When I first built this beam I found it needed a matching network of some kind to have a low SWR. 
My first attempt was a Gamma match. This was unwieldy. The driven element could barely handle the 
weight and the Gamma match itself was not very flexible. The best matching network turned out to be 
a "hairpin match." This is simply a 5 inch length of wire that is connected across the feed points of the 
driven element. The antenna has some capacitive reactance without the matching network. The 5 inch 
length of wire has just enough inductance to cancel the capacitive reactance. This resulted in a better 
match than anything else I had tried. 


The wire I used for the hairpin match was enamel insulated 18 gauge solid. Other hams who have 
duplicated this beam have used just about anything they had on hand. 14 gauge house wire works well, 
so does a length of 22 gauge hookup wire. It does not seem to matter if it is stranded or solid, use 
whatever you have available. This results in a very good match across the two meter band once you 
have adjusted the distance between the halves of the driven element for minimum SWR. (1 inch apart 
on my prototype). 


I used a pair of shears to cut the tape measure elements to length. An old pair of scissors will probably 
do as well. No matter how you cut the elements be very careful. Those edges are very sharp and will 
inflict a nasty cut if you are careless. Use some sandpaper to remove the really sharp edges and burrs 
resulting from cutting the elements to size. I put some vinyl electrical tape on the ends of the elements 
to protect myself from getting cut. I encourage you to do the same. It will probably be best if you round 
the corners of the elements once you cut them. Wear safety glasses while cutting the elements. Those 
bits of tape measure can be hazardous. 


The RGS58 coax feedline is connected directly to the driven element. No matter what method you use to 
attach the feedline, make sure you scrape or sand the paint off the tape measure element where the 
feedline is attached. Most tape measures have a very durable paint finish designed to stand up to heavy 
use. You do not want the paint to insulate your feedline connection. 


If you are careful, It is possible to solder the feedline to the element halves. Care must be taken since 
the steel tape measure does not solder easily and since the PVC supports are easily melted. You might 
want to tin the tape measure elements before mounting them to the PVC cross. 


If you decide not to solder to the tape measure elements, there are two other methods that have been 
used to attach the feedline. One method employs ring terminals on the end of the feedline. The ring 
terminals are then secured under self tapping screws which hold the driven element halves. This 
method does not allow you to tune the antenna by moving the halves of the driven element. 6-32 bolts 
and nuts could be used if holes are drilled in the elements near the ends. If the bolt heads are placed 
nearest the PVC fitting, you could secure ring-terminals with nuts and lock washers. Another 
possibility is to simply slide the ends of the feedline under the driven element hose clamps and tighten 
the clamps to hold the ends of the coax. I know this is low-tech, but it works just fine. 
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Stainless steel hose clamps are used to attach 
the driven element halves to the PVC cross 
which acts as its support. This has the added 
benefit of allowing you to fine tune your 
antenna for lowest SWR simply by loosening 
the hose clamps and sliding the halves of the 
driven element either closer or further apart. 
By using the dimensions specified, I found that 
the SWR was 1:1 at 146.565 Mhz (our Fox- 
Hunt frequency) when the two elements were 
spaced approximately 1 inch apart. Figure 1 
shows the method used to attach the driven 
element to the PVC cross. 





I used 1 1/2 inch hose clamps to attach all the 

elements on my prototype beam. Others who have duplicated my design have used self tapping screws 
to attach the elements to the PVC crosses and tees. Performance is the same using either method. The 
screws are much less expensive but they do not hold the elements as securely. If you do not use 1/2 
inch PVC fittings but instead use 3/4 inch, make sure the hose clamps you buy are large enough to fit. 


If you wish a slightly neater looking beam, use the self tapping screws. If you do not mind spending a 
few more dollars for the hose clamps, use them instead. If I were to build another beam I would use 
screws for the director and reflector, and hose clamps for the driven element. That would give me the 
best of both methods. 


Rubber faucet washers have been used by some builders between the tape measure element and the 
PVC fittings on the director and reflector. These allow for the tape to fit the contour of the PVC fitting 
and will make the antenna look better. Now you know what to do with those washers left over from the 
assortment you once purchased; You know the ones I mean, the washers that do not fit the faucets you 
have in your house. If you are an apartment dweller, ask around, these things are stashed in almost 
every homeowners basement or garage. 





Me P 


TRAPS OF THE AMERICAN INDISNS STEPS OF AUTOMATISM ""' THE GRaspING DEVICE. 


1, Connon dull. 2, dell om theRler. 3. dll amd ratehet, 4. cvlnples ties teup 


(Courtesy Sapitheonian Institution.) 
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Driven Element 


35 1/2 inches 
4] 3/8 inches (each half= 17 3/4 inches) 35 1/8 inches 







1/2 inch 7 1/2 inch 
Schedule 40 Stainless Steel 
PYC Crosses Hose Clamps 





Use tape on 
' Wout aes for 


<fiae|> (ee 


Antenna elements are made of 1 inch wide steel 
tape-measure. 


Construction: 


Cut a length of tape measure to 41 3/8 inches. It will be the Reflector element. Cut two lengths of tape 
measure to 17 3/4 inches. These will be used for the Driven element. Cut one length of tape measure to 
35 1/8 inches. It will be used for the Director. Once you have cut the tape measure to length, put vinyl 
tape on the cut ends to protect yourself from the sharp edges. You will want to scrape or sand off the 
paint from one end of each of the driven element halves so you can make a good electrical connection 
to the feedline. 


If you are planning to solder the feedline to the driven elements it is best to tin the elements first before 
attaching them to the PVC cross. If you don’t, the PVC will melt as you apply heat to the element. It 
would be a good idea to also take the time to form the wire used for the hairpin match into a “U” shape 
with the two legs of the “U” about 3/4 inch apart. Tin the ends of the hairpin if you plan on soldering it 
to the driven element. If you tin 1/4 inch of each end of the hairpin it will leave 4 1/2 inches to shape 
into the “U”. 
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You will need to cut two lengths of PVC pipe to use as the boom. One should be cut to 11 1/2 inches. It 
is used to form the boom between the Director and the driven element. The other piece of PVC should 
be cut to 7 inches. It will be used between the Reflector and the Driven element. Just about any saw 
will cut through the soft PVC pipe. I used a hacksaw. When we mass produced this antenna as a club 
project, we marked the pipe and used a portable jig saw to cut the lengths in assembly line fashion. It 
took longer to measure the pipe than to actually make the cuts. Since the pipe is available in ten foot 
lengths, you can make a few beams from a single 10 foot length. In any case, you might want to cut a 
few extras lengths for your friends. They will want to duplicate this once they see your completed 
antenna. 


At this time you can pre-assemble the PVC boom, crosses and tee which will support the tape measure 
elements. I did not use any cement or glue when I assembled mine. The PVC pipe is secured in the 
fittings with a friction fit. 


The hose clamps I used are stainless steel and have a worm-drive screw which is used to tighten them. 
They are about 1/2 inch wide and are adjustable from 11/16 inch to 1 1/2 inch diameter. Attach the tape 
measure elements to the PVC fittings as shown in the accompanying drawing. It is normal for the 
Reflector and Director elements to buckle a bit as it is tightened to the PVC Tee and Cross. You can 
eliminate this buckle if you use the washers and self tapping screws to attach these elements instead of 
the hose clamps. I do not think the beam will withstand as rough a treatment as when hose clamps are 
used. 


How does it perform? 


Once you have completed your beam you probably will be interested to see if it performs as well as the 
computer predicted. The SWR should be less than 2:1 across the entire two meter band. The front-to- 
back ratio is predicted to be very good with the antenna exhibiting a very deep notch in its pattern 
towards the rear. The YagiCad 4.1 program produced these antenna pattern graphs showing the pattern 
you should expect. If you would like to experiment a bit with this program, the yagi specification file 
for this tape measure beam is available for download here. Simply download the YAGI-CAD program 
and put the tape measure beam design file in the same directory. You will then be able to experiment 
with the design. 


Note: under Windows95, only the first .yag file will show in the OPEN-FILE menu. You can either 
move all the other .yag files to a sub-directory or re-start the computer in MS-DOS mode. It works fine 
there. (I really do not know why this occurs but will blame Microsoft) 
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How does the tape measure beam "measure up?" 


WBA4SUV and WA6EZV used a storage 
scope connected to a copy of this 
antenna constructed by KC8FQY and 
provided the following picture of the 
actual antenna pattern. I am very happy 
to see that the computer prediction of a 
clean pattern with a really great front- 
to-back ratio was accurate. What do you 
think? 


Summary 


This beam has been used on Fox-Hunts, 
on mountain tops, at local public service 
events, outdoors, indoors in attics, just 
about everywhere. The SWR is typicall 
very close to 1:1 once adjusted. Front to 
back performance is exactly as 
predicted. The null in the rear of the 
pattern is perfect for transmitter hunts. When tested using a sensitive field strength meter and a low 
powered fox transmitter, full scale readings were seen from a distance of ten feet. With the same field 
strength meter I was able to point the antenna away from the transmitter and move the reflector element 
to within a few inches of the transmitter antenna and still not see a reading. I don’t have the facilities to 
verify a 50 db notch as predicted by the Yagi-Cad software but It sure seems close. The flexible 
elements have taken a lot of abuse. My antenna has seen a lot of use and has held up quite well. Best of 
all, when on a fox-hunt, this beam is a breeze to get in or out of the car. 
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RDF2 YAGI WITH TAPE MEASURE ELEMENTS 
Joe Leggio WB2HOL 





Description 


This antenna is an adaptation of the RDF2 two element, close spaced Yagi antenna described in the 
May, 1996 issue of 73 Amateur Radio Today Magazine. 


The original design, developed by N6WZI and featured in the Homing In column of 73, used 1/4 inch 
solid aluminum rods for antenna elements. If you don't subscribe to 73, find someone who does and ask 
to see the original article. 


My version of the RDF2 antenna uses | inch wide steel "tape measure" elements. This is one antenna 
you can take into the woods without having to worry about Yagi Eating Trees. The flexible elements 
also make it very easy to get this antenna in and out of the car. 


You do not need a machine shop to build this antenna. You only need common hand tools. It is much 
easier to construct than the original design and can be assembled in about 30 minutes once you gather 
the needed parts. 
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Performance Predicted by ELNEC 








GAIN 4.7 dBi 








Front-to-Back Ratio >8 db 








3 db Beamwidth E = 36 degrees 




















3 db Beamwidth H = 70 degrees 














N6W2ZI's original design used a "hairpin" matching network made from a length of TV antenna 
twinlead. I made a similar "hairpin match" but instead used a 5 inch length of wire connected across the 
feed points of the driven element. The antenna has some capacitive reactance without the matching 
network. The 5 inch length of wire has just enough inductance to cancel the capacitive reactance. 


The wire I used for the hairpin match was enamel insulated 18 gauge solid. This results in a very good 
match across the two meter band once you have adjusted the distance between the halves of the driven 
element for minimum SWR at the desired frequency. (3/16 inch apart on my prototype). Experience has 
shown that the wire guage used for the hairpin match is not very critical. Use what you have on hand. 
14 guage house wire works well, probably any insulated wire which will hold its shape will work just 
fine. 


I used a pair of shears to cut the tape measure elements to length. An old pair of scissors will probably 
do as well. No matter how you cut the elements be very careful. Those edges are very sharp and will 
inflict a nasty cut if you are careless. Use some sandpaper to remove the really sharp edges and burrs 
resulting from cutting the elements to size. I put some vinyl electrical tape on the ends of the elements 
to protect myself from getting cut. I encourage you to do the same. It will probably be best if you round 
the corners of the elements once you cut them. Wear safety glasses while cutting the elements. Those 
bits of tape measure can be hazardous. 


Replacement tape measure blades are available for reasonable prices at larger hardware stores. I found 
a 30 foot replacement blade at Sears for less than five dollars. If you use a replacement blade, be very 
careful when removing it from the package. The blade I purchased had a hard plastic cover which, 
when twisted, allowed access to the end of the replacement tape measure element. When you twist the 
cover, make sure you keep your fingers away from the "razor sharp" end of the blade. ( I probably 
could have assembled this antenna in even less time if I didn't have to go upstairs to the medicine chest 
to get a band-aid. This is experience speaking. The spring steel popped out, inflicting a nasty cut on my 
thumb. I'll probably heal in a week or so...) 


The RGS58 coax feedline is connected directly to the driven element. No matter what method you use to 
attach the feedline, make sure you scrape or sand the paint off the tape measure element where the 
feedline is attached. Most tape measures have a very durable paint finish designed to stand up to heavy 
use. You do not want the paint to insulate your feedline connection. 


If you are careful, It is possible to solder the feedline to the element halves. Care must be taken since 
the steel tape measure does not solder easily and since the PVC supports are easily melted. You might 
want to tin the tape measure elements before mounting them to the PVC cross. I used a bit of rosin flux 
to help with tinning the element connection points. 
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Two Meter Tape-Measure RDF* Beam 
12/9? WB2HOL - adapted from N6WZ1 design 


Driven Element 


each half = 16 5/8 inches Director 
elements spaced 1/4 to 3/8 inch apart. 3? 3/16 inches 


total overall length approx. 3? 1/2 inches 





inches 


Antenna elements are made of 1 inch wide steel 
tape-measure. 


Stainless steel hose clamps are used to attach the driven element halves to the PVC cross which acts as 
its support. This has the added benefit of allowing you to fine tune your antenna for lowest SWR 
simply by loosening the hose clamps and sliding the halves of the driven element either closer or 
further apart. By using the dimensions specified, I found that the SWR was 1:1 at 146.565 Mhz (our 
Fox-Hunt frequency) when the two elements were spaced approximately 3/16 inch apart. Figure 1 
shows the method used to attach the driven element to the PVC cross. 
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I used | 1/2 inch hose clamps to attach all the elements on my prototype beam. if you do not use 1/2 
inch PVC fittings but instead use 3/4 inch, make sure the hose clamps you buy are large enough to fit. 
Others who have duplicated my design have used self tapping screws to attach the elements to the PVC 
crosses and tees. Performance is the same using either method. The screws are much less expensive but 
they do not hold the elements as securely. In addition, the screws do not allow you to tune the antenna 
by sliding the halves of the driven element closer or further apart. 


If you wish a slightly neater looking beam, use the self tapping screws. If you do not mind spending a 
few more dollars for the hose clamps, use them instead. If I were to build another beam I would use 
screws for the director, and hose clamps for the driven element. That would give me the best of both 
methods. 


Construction: 


Cut two lengths of tape measure to 18 5/8 inches. These will be used for the Driven element. Cut one 
length of tape measure to 37 3/16 inches. It will be used for the Director. Once you have cut the tape 
measure to length, put vinyl tape on the cut ends to protect yourself from the sharp edges. You will 
want to scrape or sand off the paint from one end of each of the driven element halves so you can make 
a good electrical connection to the feedline. 


It is best to tin the elements first before attaching them to the PVC cross. If you don’t, the PVC will 
melt as you apply heat to the element. It would be a good idea to also take the time to form the wire 
used for the hairpin match into a “U” shape with the two legs of the “U” about 3/4 inch apart. Tin the 
ends of the hairpin to make it easier when soldering it to the driven element halves. If you tin 1/4 inch 
of each end of the hairpin it will leave 4 1/2 inches to shape into the “U”. 


You will need to cut two lengths of PVC pipe. One should be cut to 3 inches. It is used to form the 
boom between the Director and the driven element. The other piece of PVC should be cut to 6 1/2 
inches. It will be used as a handle so you can hold the antenna from the rear. Just about any saw will cut 
through the soft PVC pipe. I used a hacksaw. Since the pipe is available in ten foot lengths, you can 
make a few beams from a single 10 foot length. In any case, you might want to cut a few extras lengths 
for your friends. They will want to duplicate this once they see your completed antenna. 


At this time you can pre-assemble the PVC boom, cross and tee which will support the tape measure 
elements. I did not use any cement or glue when I assembled mine. The PVC pipe is secured in the 
fittings with a friction fit. When assembled, the cross and tee will be 4 inches from center to center. 


The hose clamps I used are stainless steel and have a worm-drive screw which is used to tighten them. 
They are about 1/2 inch wide and are adjustable from 11/16 inch to 1 1/2 inch diameter. Attach the tape 
measure elements to the PVC fittings as shown in the accompanying drawing. It is normal for the 
Director element to buckle a bit as it is tightened to the PVC Tee. You can eliminate this buckle if you 
use washers and self tapping screws to attach this element instead of the hose clamps but I do not think 
the beam will withstand as rough a treatment as when hose clamps are used. 
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How does it perform? 


Once you have completed your beam you probably will be interested to see if it performs as well as the 
computer predicted. My prototype antenna does seem to have a pretty good front-to-back ratio. It is real 
easy to get a peak on the "S" meter. It does not hear cross polarized signals very well. This is an 
advantage as most reflections will not have the same polarization as the original transmitter. Gain 
seems to be between 3 to 5 dB less than the three element RDF beam I designed. This is probably an 
advantage when close to the transmitter. You will need a bit less attenuation. The short boom and light 
weight make this antenna attractive if you have to use it for any length of time. It is light enough for 
youngsters to carry without tiring. As long as you put vinyl tape on the ends of the elements, this 
antenna is pretty safe to carry. Descriptions of the NoWZI RDF2 Yagi performance when used on a 
foxhunt may be found at Jim Elmore's site. 


Drawbacks 


The curved, airfoil shaped, flexible elements will "flutter" and bend when in high wind situations. 
(Mobile flutter while stationary?) If you need additional support, you can add short lengths of PVC 
pipe to the TEE and CROSS and then tape the elements to the PVC pipe. I figure 6 to 12 inches of PVC 
would add lots of strength to the elements. The short boom does result in less gain than a more 
conventional Yagi. You may need more gain when starting on a foxhunt and still far from the fox 
transmitter. 
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THE FOX - 40 milliwatt transmitter 
Joe Leggio WB2HOL 


This two transistor 144 MHz transmitter uses a 48 MHz scanner crystal as an oscillator / tripler. A 
second transistor boosts the power output to 40 milliwatts. A 7-element filter is used to minimize output 
on the third harmonic. (I did not want it to be easy to RDF this on the 450 MHz third harmonic) 


The scanner crystal I used was actually for a 
receive frequency 10.7 MHz higher than the 
two meter transmitter output. It was marked 
156.21 MHz. (When you subtract the 10.7 
MHz IF offset, it resulted in a transmit 
frequency of 145.51. Since this circuit is not 
the exact same circuit as the scanner, you 
may find that the crystal oscillates 
somewhere close to the marked frequency. 
The crystal marked as 156.21 MHz I used in 
this transmitter actually resulted in a signal 
on 145.53 MHz. ) 


I did get the salesperson at the local Radio 
Shack store a bit confused when I asked to 
look at his box of scanner crystals. The first 
thing he asked was which service I was 
ele to listen to... Police, Fire, Ambulance, 
.. When I said that I was looking for 

ie te for a homemade project and did not ie a specific frequency in mind he understood. I aid 
not try to tell him the crystal was to be used in a transmitter. He probably would have told me that I 
can't use a "receiver" crystal for a "transmitter." 





As I looked at the available crystal selections, I simply took my calculator and subtracted 10.7 MHz 
from the marked receive frequency. I was lucky; several crystals ended up in places on the two meter 
band where a fox could transmit without interfering with other users. If you are not lucky, or live in an 
area where you must put your fox on a specific frequency, you can order a crystal through Radio Shack. 
Since there are still quite a few crystal controlled scanners out there, the odds are that someone in your 
town will have something you can use. Be aware, although most scanners use a 10.7 MHz IF, there are 
some with a 10.8 MHz IF. In that case, you may end up 100 kHz from where you expected. 


You will need to wind several coils to build this transmitter. They are all self-supporting air-core coils 
made from enamel covered wire. If you follow the instructions illustrated here, you should not have 
any difficulty. The top of my workbench is littered with coils I have wound and tried in various circuits. 
I specifically avoided tapped coils or multi-winding coils to keep construction as easy as possible. 
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I use a simple diode detector across a 50-ohm dummy load to measure the power output while tuning 
up this transmitter. It is reasonably stable. It does not have a tendency to break into spurious 
oscillations. I did try about 5 or 6 different prototype circuits as I designed this transmitter; many were 
not stable. Their RF output did not smoothly change as the trimmer capacitors were adjusted but 
instead jumped as spurious oscillations occurred. I used an oscilloscope to monitor the output 
waveform and confirm the lack of spurious oscillations. This is not really necessary as you can usually 
hear the instability if you monitor the output signal with your 2-meter rig. 


Style of PC board construction 


I built all of the transmitters using copper clad PC board as a ground plane and 1/4 inch squares of PC 
board as tie points. The tie points were cemented to the ground plane using "crazy-glue." This 
technique made constructing the transmitter go very fast. It only took a drop of glue to secure the tie 
points. The glue set up in seconds. It made it easy to experiment with different circuits. In a pinch, a tie 
point could be removed or relocated by prying upward on its side with a screwdriver. I built three 
transmitters using this style of construction in the past month. All have worked exactly as expected. I 
used a pair of shears to cut a number of 1/4 inch squares of PC board material. I then used a wide file to 
remove any burrs created by the shear. This allowed the square of PC board material to lay flat against 
the PC ground plane. (Crazy-glue is not designed to fill voids. It works best when the surfaces to be 
glued fit together well) Be careful as you work with "crazy-glue." It is very effective at gluing fingers 
together. 


I tried to use parts that could be obtained with little difficulty. You will need to wind several coils. I also 
kept these as simple as possible. The wire I used was recycled from old transformers. 





Tie-points are made from 1/4 inch squares of PC board materialglued with "crazy- 
glue" to a solid ground plane of PC board. 


The Basic Anatomy of a Rabbit Snare 


To “cock” the snare, 
twist the wire 2-3 times 
before placing the noose 
, Double baler or any 
Brass eyelet to feed wire through 2 material to attach the wire 


foilage 
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Winding the Coils 





Enamel wire is close-wound on a drill bit to form the coils for this transmitter. It is easier to cut the 
leads to the coil and strip the enamel from the ends prior to removing the coil from the drillbit used as 
the form. 


All the coils are wound in a single layer using a drill bit as a winding form. To help you visualize how 
to form the coils, I have included an illustration showing how the coils are wound.. 


All of the coils are "close wound" with "air cores." I used a drill bit as a form and then slipped the coil 
off of the bit after I had cut the free ends to about 1/4 inch. I used a hobby knife to scrape the enamel 
paint from the ends of the wire before I removed the coil from the drill bit used as a form. This made 
the coils easy to solder. With any luck, you too will be able to wind your own coils for this project. 


Two different gauges of enamel covered wire are used for the coils in this project. If you have wire 
reclaimed from an old transformer, or from an old television deflection yoke, you can determine its 
gauge by winding a single layer on a drill bit. You will be able to fit about 46 turns per inch if the wire 
is 24 gauge. You will be able to fit about 37 turns per inch if the wire is 22 gauge. If you can't find an 
old transformer with the correct gauge wire to recycle, the best places I have found to buy enamel 
covered wire are shops which specialize in rewinding electric motors. In a pinch, if you live in the 
USA, Radio Shack sells "magnet wire" in both 24 and 22 gauge. You will only need a few feet of each 
gauge wire for this project. 


I used the same transistor for both the oscillator and the amplifier stage. It is important that the 
transistors you use in your transmitter have sufficient gain at 2 meters. The 2N5770 is one of many I 
could have used. Please note: a 2N3904 would probably work fine as the oscillator (at 48 MHz), it 
would not work well as the amplifier as it does not work well at 144 MHz. 


The tune-up of this transmitter is easy. Simply adjust each of the trimmer capacitors for maximum RF 
output to the antenna. (The trimmer in series with the crystal is the only exception, it is used to trim the 
transmitter frequency, use a frequency counter to adjust it) 
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I packaged one version of this transmitter in a very well shielded cast aluminum box and powered it 
with a 9 volt battery. The output power was reduced at the lower voltage to about 25 milliwatts. Even at 
that power level, it can be heard for miles. As an experiment, I tried voltages as low as 5 volts. The 
power output was down to below 10 milliwatts but the transmitter stayed on the air! This design works 
well even as the battery gets weak. 


Schematic 


+12 yalts 


3 turns #22 AWG, 1/4 inch diameter 


7 turns #22 AWG, 1/4 inch diameter 





" RF Output - 40 mw 


| J turns #22 AWG, 1/4 inch diameter 
O01<, 33 
a = 2- 25 pf 3 y tp ne | 
25 turns #24 guage, 1/8 inch diameter 
; 10 pf 22 pf ie fas 
220 is 





O01 


ine 
: 


2 Meter - 40 mW FOX TRANSMITTER - 4/98 WB2HOL 
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THE FOX - 250mw transmitter with TIMER 
Joe Leggio WB2HOL 


This FOX transmitter is equipped with a timer. It can be set to start transmitting up to 24 hours later. 





The timer consists of a Radio Shack travel alarm. I disconnected the pizeo-ceramic beeper and used the 
signal to set a flip-flop built from a CMOS 4011. The output of the flip flop is connected to a switching 
transistor which supplies voltage to the CW ID. I used an R/C combination on the flip/flop so it would 
be reset when first powered up. A push button is provided so the flip/flop can be set manually (turning 
on the transmitter) 


The transmitter consists of three stages: a 45 MHz oscillator, a tripler, and a "power" amplifier. I know 
the heat sink on the final is a bit of overkill at 250 milliwatts output. I used a 6 volt gell cell for power. 
This thing can go for days. 


The CW ID consists of a CMOS 4011 clock and a CMOS 4020 binary counter connected to a 2k 
EPROM. One bit on the EPROM is used for the CW ID, a second is used to control the switching 
transistor which supplies power to the transmitter oscillator. It is set up to transmit once every few 
minutes and stay on the air for about one minute. 


Normally, the travel alarm timer is attached to the outside of the 3x5 file card box with velcro. This 
makes it easy to change the clock battery when needed. 


A word of advice. Do not try to take a device like this through the security gate at an airport. It looks 
too much like something you would see in a "Die Hard" movie. Please make sure it is plainly labeled as 
an Amateur Radio Transmitter Location Device (or some other official title) and put your name and 
address on it in case it is discovered by someone not familiar with fox hunting. They *might* think the 
FOX looks suspicious and call officials to investigate. (You might want to notify officials in advance 
about your FOX-HUNT. We usually do just to eliminate problems when neighbors call in reporting 
*strange* people in the neighborhood) 
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THE FOX750 - 750 milliwatt transmitter 
Joe Leggio WB2HOL 


This three transistor 144 MHz transmitter uses a 48 MHz scanner crystal as an oscillator / tripler. A 
second transistor boosts the signal to 40 milliwatts, a third amplifies the power output to 750 milliwatts. 
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The scanner crystal I used was actually for a receive frequency 10.7 MHz higher than the two meter 
transmitter output. It was marked 156.21 MHz. (When you subtract the 10.7 MHz IF offset, it resulted 
in a transmit frequency of 145.51. Since this circuit is not the exact same circuit as the scanner, you 
may find that the crystal oscillates somewhere close to the marked frequency. The crystal marked as 
156.21 MHz I used in this transmitter actually resulted in a signal on 145.53 MHz. ) 
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I did get the salesperson at the local Radio Shack store a bit confused when I asked to look at his box of 
scanner crystals. The first thing he asked was which service I was trying to listen to... Police, Fire, 
Ambulance, etc.... When I said that I was looking for something for a homemade project and did not 
have a specific frequency in mind he understood. I did not try to tell him the crystal was to be used in a 
transmitter. He probably would have told me that I can't use a "receiver" crystal for a "transmitter." 


As I looked at the available crystal selections, I simply took my calculator and subtracted 10.7 MHz 
from the marked receive frequency. I was lucky; several crystals ended up in places on the two meter 
band where a fox could transmit without interfering with other users. If you are not lucky, or live in an 
area where you must put your fox on a specific frequency, you can order a crystal through Radio Shack. 
Since there are still quite a few crystal controlled scanners out there, the odds are that someone in your 
town will have something you can use. Be aware, although most scanners use a 10.7 MHz IF, there are 
some with a 10.8 MHz IF. In that case, you may end up 100 kHz from where you expected. 


You will need to wind several coils to build this transmitter. They are all self-supporting air-core coils 
made from enamel covered wire. If you follow the instructions illustrated here, you should not have 
any difficulty. The top of my workbench is littered with coils I have wound and tried in various circuits. 
I specifically avoided tapped coils or multi-winding coils to keep construction as easy as possible. 


I use a simple diode detector across a 50-ohm dummy load to measure the power output while tuning 
up this transmitter. I did try about 5 or 6 different prototype circuits as I designed this transmitter; many 
were not stable. Their RF output did not smoothly change as the trimmer capacitors were adjusted but 
instead jumped as spurious oscillations occurred. This design is reasonably stable. It does not have a 
tendency to break into spurious oscillations. I used an oscilloscope to monitor the output waveform and 
confirm the lack of spurious oscillations. This is not really necessary as you can usually hear the 
instability if you monitor the output signal with your 2-meter rig. 
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Style of PC board 
construction 


I built all of the transmitters using copper 
clad PC board as a ground plane and 1/4 
inch squares of PC board as tie points. The 
tie points were cemented to the ground 
plane using "crazy-glue." This technique 
made constructing the transmitter go very 
fast. It only took a drop of glue to secure 
the tie points. The glue set up in seconds. It 
made it easy to experiment with different 
circuits. In a pinch, a tie point could be 
removed or relocated by prying upward on 
its side with a screwdriver. I built three o~ - 
transmitters using this style of construction Zie-points are made from 1/4 inch squares of PC board 
in the past month. All have worked exactly ™aterialglued with "crazy-glue" to a solid ground plane 
as expected. I used a pair of shears to cuta 0f PC board. 

number of 1/4 inch squares of PC board 
material. I then used a wide file to remove 
any burrs created by the shear. This allowed 
the square of PC board material to lay flat 
against the PC ground plane. (Crazy-glue is 
not designed to fill voids. It works best when 
the surfaces to be glued fit together well) Be 
careful as you work with "crazy-glue." It is 
very effective at gluing fingers together. 





os ” és 


As I had already constructed several low 
power versions of this transmitter, I first 
glued squares of PC board material for the 
first two stages to the PC board ground 
plane. I then proceeded to add the 
components. I saved the output stage for last 
as I had not yet decided upon the interstage 
and output coupling curcuit design. The design I 
finally used was a combination of several from 
the ARRL handbook. I tried to use parts that 
could be obtained with little difficulty. 








Construction is under way. The oscillator stage 
was constructed first and tested before 
proceeding. 
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Winding Coils 


You will need to wind 
several coils. I kept 
these as simple as 
possible. The wire I 
used was recycled from 
old transformers. All 


the coils are wound iN Enamel wire is close-wound on a drill bit to form the coils for this transmitter. 
a single layer using a J js easier to cut the leads to the coil and strip the enamel from the ends prior 


drill bit as a winding jg removing the coil from the drillbit used as the form. Winding the Coils 
form. To help you 


visualize how to form the coils, I have included an illustration showing how the coils are wound.. 


All of the coils are "close wound" with "air cores." I used a drill bit as a form and then slipped the coil 
off of the bit after I had cut the free ends to about 1/4 inch. I used a hobby knife to scrape the enamel 
paint from the ends of the wire before I removed the coil from the drill bit used as a form. This made 
the coils easy to solder. With any luck, you too will be able to wind your own coils for this project. 


Two different gauges of enamel covered wire are used for the coils in this project. If you have wire 
reclaimed from an old transformer, or from an old television deflection yoke, you can determine its 
gauge by winding a single layer on a drill bit. You will be able to fit about 46 turns per inch if the wire 
is 24 gauge. You will be able to fit about 37 turns per inch if the wire is 22 gauge. If you can't find an 
old transformer with the correct gauge wire to recycle, the best places I have found to buy enamel 
covered wire are shops which specialize in rewinding electric motors. In a pinch, if you live in the 
USA, Radio Shack sells "magnet wire" in both 24 and 22 gauge. You will only need a few feet of each 
gauge wire for this project. 


I used the same transistor for both the oscillator and the amplifier stage. It is important that the 
transistors you use in your transmitter have sufficient gain at 2 meters. The 2N5770 is one of many I 
could have used. Please note: a 2N3904 would probably work fine as the oscillator (at 48 MHz), it 
would not work well as the amplifier as it does not work well at 144 MHz. 


You will need to use a heat-sink on the output transistor. I used a small press-on style. I gets warm to 
the touch after transmitting for a few minutes. If it gets very hot, you probably have something mis- 
tuned or the circuit is oscillating on it own If you follow the layout shown, you probably will not have 
any difficulty. If you try a different layout, be sure to keep the input and output coils of the various 
stages away from each other. It is too easy to create an accidental feedback path. If this occurs, the 
transmitter will be very unstable and almost impossible to tame. If you are experienced with VHF 
design, you may want to try winding the coils in toriod coil forms. Because toriods are self-shielding, 
you may be able to try other layouts without as much concern towards stability. Obviously, if you do 
this, you will have to determine the number of turns needed for the toriods. A grid dip meter would be 
helpful in that case. 


When building the output stage, I realized that I needed to bend the base lead of the output transistor 
between the emitter and collector in order to install it properly. Although it did not affect performance, 
it did make soldering the transistor to the PC board pads a bit more difficult. If I build another version 
of this transmitter, I will lay out the board a bit differently so the transistor will fit better to the pads. 
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The tune-up of this transmitter is easy. Simply adjust each of the trimmer capacitors for maximum RF 
output to the antenna. (The trimmer in series with the crystal is the only exception, it is used to trim the 
transmitter frequency, use a frequency counter to adjust it) 


Power output was between 750 milliwats and 900 milliwatts. I will probably add a three terminal 
voltage regulator so I can vary the output power for any specific hunt. As an experiment, I tried 
voltages as low as 5 volts. The power output was down to 100 milliwatts but the transmitter stayed on 
the air! This design works well even as the battery gets weak. 


Schematic 


+12 volts 


RF Output - 750 mv 


2-25 pf 








Q3 
iliac U7 
i 7 if ile 1 2-26 pf 

ui 001 33 = 
2-26 pf el i = | GND 
| a = GND 
: 220 : she 
oot 





Li = 25 turns #24 AVG, 1/B inch diameter  L4=7 turns #22 AWG, 1/4 inch diameter 
L2= 3 turns #22 AWG, 1/4 inch diameter L5= 12 turns #24 AWG, 1/8 inch diameter 





L3= 5 turns #22 AWG, 1/4 inch diameter L6= 5 turns #22 AVG, 1/4 inch diameter 
L7 = 3 turns #22 AWG, 1/4 inch diameter 


2 Meter - 750 mW FOX TRANSMITTER - 4/98 WB2HOL 
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SIMPLE ADJUSTABLE PASSIVE ATTENUATOR 
Joe Leggio WB2HOL 


RF ATTENUATOR 


WB2HOL 6/93 


UHF Bulkhead adaptor or UHF to BNC adaptor 








Mount BNC a 





3/8 inch insulated wire 
soldered to BNC terminal 


This adjustable passive attenuator works as a "waveguide beyond cutoff." It can be constructed in about 
ten minutes from parts available locally. 


This attenuator was the result of a search for an inexpensive attenuator which could be used on an HT 
to help beginners equip themselves for a hidden transmitter hunt. The 3/8 inch piece of wire will extend 
into the center conductor of the bulkhead adaptor forming a small capacitor. The coupling between the 
two conductors will vary as the PL-259 shell is turned further onto the bulkhead adaptor. 


If you are able to find a BNC to UHF adaptor with a long threaded portion, you may use it instead of 
the bulkhead adaptor. 


The maximum attenuation available depends upon the length of the wire soldered to the chassis mount 
BNC connector. A service monitor measured a loss of up to 36 dB. With the cost so low and 
construction so simple, many hams have made several with different length wires. 


Although 36 dB may sound like a lot of attenuation it will not be suffucient when on most transmitter 
hunts. This passive attenuator project is aimed at the beginner who is armed with only an HT and is 
attempting to use the "body-fade" method of Radio Direction Finding. The passive attenuator can be 
put in-line with the existing rubber-duck antenna and adjusted so the signal no longer is full scale on 
the S-meter. 


Coyote Snare 





Cam-Lock \ 


Universal 
Support 


\ 


10 ft. total length 


#9 gauge 
wire swivel 


Radio Direction_Finder RDF Projects Joe WB2HOL Page 33 of 78 09/24/08 05:28:58 AM 


Tuning off frequency by 5 or 10 ke, listening for the third harmonic, using a foil wrapped tube as an RF 
shield around the HT, or even wrapping aluminum foil directly around the HT are all methods which 
will help to some degree. One or more of these techniques will reduce the signal to where a '"S" meter 
reading peak (or null) gives you a clue to the direction where the transmitter might be found. (If you do 
wrap aluminum foil around your HT, put some tape over any exposed battery charging contacts. 
Otherwise, the foil may get a bit warm as it rapidly discharges the battery) 


When closer to the fox, more signal will enter the HT through the case than through the antenna. At this 
point, other methods must be used to locate the fox transmitter. The most effective attenuator in most 
cases is an "active attenuator." They can offer over 100 dB of attenuation. Plans for one are available 
here. 


Construction Details 


This BNC to UHF adapter has a raised knurled portion of the barrel which prevents the PL-259 shell 
from being tightened completely. (The BNC and insulated wire do not "bottom out" when tightened all 
the way) You can file that section of the adaptor down and enjoy more range in available attenuation. 





used a length of wire clipped from a 2 watt resistor. (Use any stiff wire) I then forced a small length of 
insulation stripped from another piece of wire onto it. By using this method, the insulation does not 
melt during assembly. 
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I used a "star" washer. It was just the right size. The washer prevents the BNC connector from falling 
through the PL-259 shell. The hardest part of the construction is tightening the nut on the BNC 
connector. I usually wedge a screwdriver in the shell to hold the nut and tighten the BNC from the 
outside. 
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ACTIVE ATTENUATOR 
Joe Leggio WB2HOL 


How it works 


This active attenuator works as a simple mixer. A signal 
from a 1 MHz oscillator is mixed with the received signal 
in a 1N914 diode. The 1000 ohm potentiometer adjusts the 
level of the local oscillator fed to the mixer diode. 


It is possible to get over 100 db attenuation using this 
device. This circuit is a variation of one first described in 
the November, 1992 issue of QST. That circuit was 
designed by PAOZR. It used a L/C tuned 500 KHz 
oscillator. 


I used a | MHz crystal oscillator and it made construction 
even simpler than the original unit. 


This attenuator is used by tuning the receiver 1 MHz 
above or below the frequency of the transmitter. By 
adjusting the oscillator level fed to the mixer diode, the 
signal output to the receiver will be attenuated. 





Note: You may also tune your reciever 2 MHz 
above or below the frequency of the transmitter 
and get even more attenuation. (thanks to 
VE3EFY for this tip) 


Technical Hints 


If you find that this circuit does not oscillate with 
your crystal you might need to add a small 
capacitor (anything from S5pf to 25pf) from the 
gate of the FET to ground. It may also help to 
reduce the 150pf capicitor connected from the 
drain to ground to 100pf. 


These two capicitors, along with the crystal, 
provide a 360 degree phase shift from the drain to 
the gate of the FET. The circuit pictured in the 
schematic below is a Pierce oscillator and relies 
upon the gate-to-source capacitance of the FET to 
form part of its phase shift network. If there is not sufficient stray capacitance to ground from the gate 
of the FET, you may need to add the additional capicitor. VE3EFY reported that his oscillator would 
not function below 4.5 volts. He used a 9 volt battery to power his unit. The battery should last a long 
time, he measured the current drain to be 1.8 mA. 
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Construction MOTOROLA 


I built this unit "dead-bug" style. Most of the components were mounted 
and supported by their fee ee on the back of the 1000 ohm RA PE 1 02 
potentiometer. The RF Choke connected between the output connector and 1 DRAIN 
ground was made by winding about 20 turns of 22 guage wire on a 1/8 inch 

drill bit. The coil was then slid off of the form and wired in place. If you 


want to use a commercially available coil, a value of 3.3uh should work 3 

just fine. That was the value specified in the original article. GATE 

I mounted the 150pf capicitor, the 1N914 diode, and the RF Choke on the 

inside panel of the attenuator box between the two BNC connectors. I also 2 SOURCE 


mounted a slide switch between the BNC connectors so I could conserve 
the batteries when the unit was not being used on a hunt. 


Note: The MPF-102 Field Effect Transistor has an unusual pin-out 

compared to general purpose transistors. The GATE is not the lead in the 

center. The pin-out for the MOTOROLA MPF-102 is illustrated below. 

(The Radio-Shack MPF-102 I used had the same pin-out) 1 





23 

The Schematic CASE 29-04, STYLE 5 

TO-92 (TO-226AA) 
+ 
oyels 04 fut Antenna 
Active Attenuator 
6/96 WB2HOL — 
1k 150pf 
1 Mhz 
1N914 
Receiver 
RF Choke 
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The HANDI-Finder® 


The HANDI-Finder® is a HANdheld DIrection 
Finder which can be used to localize both AM 
and FM carrier-based sources using a single 
connection to the antenna input of an FM 
receiver tuned to the frequency of interest in the 
range of 45 to 450 MHz. It has been designed 
for bare-bone functionality as well as low power 
consumption, simplicity, and economy! 


Because it is both an easy-to-build kit for the 
beginner and a convenient basis for further 
experimentation by those with more experience, 
it makes a great club project! Overall, it is a 
quick, inexpensive way to implement the 
concept of direction finding, and provides 
something relatively compact to keep readily 
available for locating sources of interference. 


Except for adding a handle, fabrication is 
minimal. Two open-loop antennas are made 
from coat hanger wire bent into halves of a 
"bow-tie" shape and mounted directly to the 
circuit board, as illustrated in the "layout" 
drawing. 





The coax downlead is connected to an FM receiver and detects the carrier regardless of whether the 
transmission mode is AM or FM. The unit is switched on (UP) and rotated for a null in the audio tone 
that it adds to the audio coming out the receiver. The signal direction is perpendicular to the plane of 
the antennas. There is 180-degree ambiguity, but this is not a problem in actual use because multiple 
"bearings" must be taken anyway in order to establish a "fix" on the location. Once close in, the 
operator works toward the general sense of the direction, and again the ambiguity is not a problem. 


The 3-position switch is moved DOWN to stop the tone but still keeps the antenna activated for 
monitoring and standby purposes, --or it is moved to the CENTER position to shut off the unit. Refer to 
the extensive discussion in the manual which describes construction variations, and the concepts behind 
the design. 


"Build the HANDI-Finder" appeared as an article in QST Magazine, May, 1993. All the information in 
that article and much more is included here! By clicking on the appropriate boxes in this web page, all 
the drawings and text that come with the kit can be printed out or downloaded from PDF files. 
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may be obtained by contacting: 
Northern Ohio Amateur Radio Development 
P. O. Box 271 


Brunswick, OH 44212-0271 USA 
Tel: 330-225-7373 


09/24/08 05:29:03 AM 
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The HANDI-Finder® Experimenter’s Kit 
by Bob Leskovec, K8DTS 
6th Edition, 


The HANDI-Finder® is a HANdheld Direction Finder which can be used to localize both AM and FM 
sources using only a single connection to the antenna input of a VHF-FM receiver tuned to the 
frequency of interest. 


The basic HANDI-Finder® when equipped with open-loop wire antennas and a short handle, stores flat 
and ready-for-use in a briefcase. It works well with just an HT (handy-talky). 


The HANDI-Finder® has been designed for low power consumption, simplicity, and economy. The 
goal was to provide an easy-to-build kit for the beginner and a basis for further experimentation by 
those with more experience. Overall, it is a quick, inexpensive way to introduce users of FM 
communications equipment to the principle of direction finding and give them something with which 
they can help locate sources of malicious interference. 


A HANDI-Finder® Experimenter’s Kit has been put together to conveniently supply the essential parts 
necessary to build the control circuit powered by an on-board 9V battery. The user provides the coax, 
cable connector, and appropriate antennas. By using two open loop antennas made out of coat-hanger 
wire, the unit can be put into immediate use! 


An equally valuable part of the kit is this instruction manual which describes variations in antennas, 
general construction and detailed discussions of the circuit and components, to encourage 
experimentation and ideas for improvements. 


The HANDI-Finder® first came together in October of 1986, and continued to evolve. A write-up 
later appeared in May, 1993 QST Magazine, entitled “Build the HANDI-Finder’”. 


TECHNICAL OVERVIEW: 


The electronic circuit is based on a design credited to Tom Feierabend SO/CM 03N18 circa 1979 which 
appeared in a manual published in May, 1980 by Van Field, DCP XVIII, entitled “VHF Radio Direction 
Finding Manual for Coast Guard Auxiliary Use”. 


A similar circuit, referred to as the “Double-Ducky” direction finder (DDDF) designed by David 
Geiser, WA2ANU, is described in July, 1981 QST and reprinted in the 1983 ARRL Antenna Handbook. 


The USCG AUX-03N18 version uses an LM555 driving two successive stages of 7404 TTL to provide 
complementary buffered outputs. Since TTL requires a 5-volt power supply, yet another IC, a 7805 or 
78L05 is needed, to regulate the stated 6-30 volt input range. 


One problem is that the LM555 does not easily put out a symmetrical square waveform, which is useful 
in this application. The antenna assembly consists of two vertical /2-wave dipoles (37” long) mounted 
8” apart on a boom. This assembly is rather bulky and quite a bit of mechanical fabrication is required. 
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The QST circuit uses only one IC, the LM567 Phase-Locked-Loop Tone Decoder. This is a complex 
chip that contains an oscillator and other circuitry, including an output circuit which does put out a 
symmetrical square wave. However it does not have simultaneous complementary outputs. In the 
DDDF the single output is connected to the diode switches through a non-polar capacitor, and some 
adjustment is required to achieve the proper switching level. Data sheet specifications show that the 
LM567C typically draws 12mA. The antenna assembly consists of two “rubber duckies” mounted 10” 
apart on a 4.25” X 18.5” ground-plane. While the ground plane requires much less work to fabricate 
than the USCG-AUX circuit, two “rubber duckies” must be obtained. 


The HANDI-Finder® is a good example of integrated simplicity, wherein one simplification 
contributes to another. 


First, it uses a single CD4047B CMOS IC, which contains both an oscillator and a divider flip-flop to 
automatically provide complementary symmetrical square wave outputs without special adjustments. 
Only a single resistor and capacitor are needed to set the frequency. While many have not heard of this 
IC, it continues to be available from standard suppliers like Digi-Key, Mouser, and Jameco. 


Second, very little current is used to bias the switching diodes so the total current draw is only 1.7mA 
at 9V. Good service can therefore be provided by a common alkaline “transistor radio battery” and 
there is no need for wiring to an external source such as a 12V vehicular supply. This, in turn, 
eliminates the need for noise filtering. The operation of the circuit is not dependent on battery voltage, 
so a regulator is not required. Supply voltage for the CD4047 can be anywhere from 3-18 volts. 
Finally, since all the parts, including the battery are mounted on a single circuit board, the board is 
designed to also serve as the mounting base for the two open-loop antenna elements easily made out of 
bent wire. Thus, there are no ground-plane or vertical dipole elements to make, nor “rubber duckies” to 
buy, and no case to drill, until later if you really want to! 


HOW IT WORKS: 


All three circuits described above are based on the same principle. An electronic switch alternately 
connects two antennas to the coax cable downlead going to the antenna input of an FM radio receiver 
tuned to the frequency of interest. First one antenna is connected, then the other, etc., back and forth 
with equal intervals. This is done at an audio rate, well within the audio bandpass of the receiver, and 
usually in the range of 400 to 1500 Hz. A good frequency is 1000Hz. 


Of the two antennas, if one is slightly closer to the source, it receives the wave front slightly earlier in 
time (phase) than the other. There is a phase difference in the signal received by one antenna compared 
to the other. Since the receiver is being switched between the two antennas, the switching action 
imposes phase modulation on the incoming signal. This is detected in the FM receiver and is heard at 
the audio output as a tone equal to the switching frequency. The amplitude of the audio signal 
corresponds to the deviation, which depends on the physical separation of the two antenna elements, up 
to 2 wavelength. In other words, if the antennas are farther apart the circuit will impose a higher 
percentage of modulation or a larger deviation, producing a louder tone, but the modulating frequency 
will stay the same. 


If the antenna is rotated so that the plane of the two elements is perpendicular or broadside to the 
direction of the signal, both elements receive the signal at the same time (phase) and there is no longer 
a difference in phase. Hence, the audio tone disappears. This is perceived as a rather sharp null in the 
audio as the antenna array is rotated into position perpendicular to the direction of the signal. 
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This type of direction finder has the disadvantage that it exhibits 180-degree ambiguity. However, it 
has several advantages: 


1) — It works on a nulling principle rather than a peaking principle. The null is sharp and much easier 
to detect than the peak from a directional or beam antenna. 


2) | When you null the superimposed audio, you are not nulling the carrier. This is unlike a 
conventional loop antenna or cardioid array, which nulls out the carrier. The problem with carrier-null, 
is that as you get closer to the null, the signal you are trying to hear in order to null out, is getting 
harder to hear! Also, when you null the superimposed audio, you can still hear the audio coming from 
the source. 


3) Since audio is being nulled, the operator does not have to watch a field-strength meter. He only 
needs to listen, which is something he can do while driving, riding a bike or walking. 


4) Since this method uses phase information, it works well with strong signals, so no attenuator is 
required. (By comparison, the signal from directional gain antennas must be progressively attenuated 
to keep the receiver RF within the range of the S-meter.) 


REFERENCE INFORMATION: 


The HANDI-Finder® is an evolving project which underwent several changes (hopefully for the better) 
during the early stages. However, the basic circuit remains essentially the same. This manual might be 
supplied to help you work on an earlier unit, as far back as 1986. If you have a model that does not 
correspond to the pictorial description in this document, you should be able to identify the components 
with only minimal tracing of the etched circuit pattern. 


Your unit may also have component values that differ from the schematic. If you did not buy a kit, you 
may have obtained the circuit board and documentation from separate sources that copy and distribute 
such things and try to make them “public domain”. 


The circuit board versions are identified by a prefix letter “A”, a 6-digit date code (YYMMDD), and an 
optional suffix. (The suffix, if present, indicates very minor changes.) As of this writing, the numbers 
used are: A861003, A860102, A870122, A890422, A01110, and A031123. 


In general, if the board has a date code earlier than the documentation, the component values in the 
documentation take precedence, provided the integrated circuit type is pin-compatible. If the board has 
a date code later than the documentation, and/or a different IC pinout, you would do well to send a self- 
addressed-stamped-envelope (SASE) to the distributor for an update of the layout and parts list. Of 
course, be sure to furnish the number on your board, so you will be sent the correct information. Please 
indicate whether the RALTEC® or other trademark is present and we will help you figure it out. Try 
contacting the author at ral@ralserve.net. (If you have trouble, you can also find the author’s current 
snail mail and e-mail addresses through the internet Ham-Call database.) For information, try the 
website handi-finder.com. 
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CHECKING THE COMPONENTS 


If you received this instruction manual as part of a packaged kit along with the circuit board and loose 
components, unpack all the parts and check the quantities and values against the Component Parts List 
before you do anything else because some parts have the same value but different mounting positions 
and lead lengths. Before proceeding with actual construction, it is suggested that you read this manual 
to see if there are any changes you would rather incorporate right away. Then proceed with 
“ASSEMBLING THE KIT” which is located at then end of this discussion. 


NO PILOT LIGHT: 


Considering that a small transistor radio draws about 10mA, it can be seen that the battery will last 
quite a while if the user remembers to turn it off. Unfortunately a pilot light would be self-defeating, 
since it would draw 5-10 times the current of the circuit itself! 


How many times have you forgotten to turn of your HT? After a while you finally learn to double 
check. With the HANDI-Finder® it should even be a little easier, because you will probably be 
disconnecting it from your radio or otherwise storing it at the end of a “DF’ing” session. That action 
should help remind you to check that the switch is off. Better yet, remove the battery. That’s why we 
have included a top grade battery holder in the bare board version. 


ON-OFF SWITCH STATUS INDICATOR: 


For models prior to A890422, here are a couple of things to help you tell OFF from ON in the absence 
of a pilot light. First, the “ON is UP” convention has been followed. This is fairly commonplace on 
most equipment. Second, you can make a “passive” indicator by using a dot of bright paint, for 
example, typewriter correction fluid such as “whiteout”. Push the slider to the ON position, then paint 
a small dot on the lower part of the slider that is now exposed. Let the paint dry thoroughly so it 
doesn’t rub off. When you slide the switch to OFF, the painted part should be hidden; when ON, it 
should be visible. On Model A890422 and later the switch has 3-positions: OFF is in the center, UP is 
for DF’ing, and DOWN is for straight receiving or Standby. (Notice the design date is embedded in 
this code as YYMMDD.) 


ON-OFF SWITCH MECHANICAL VARIATION: 


There are a couple of subminiature slide switches available from “experimenter” sources such as 
Mouser and Digi-Key, but they differ slightly in the spacing and style of the connector pins. Circuit 
boards A861003 and A860102 used the CW Industries switch available from Digi-Key as SW103-ND. 


Starting with circuit board A870122, the switch pads were made larger and the spacing changed to use 
the Mouser 10SM007 or 10SP001. The larger pads allow larger holes to be drilled to allow for the 
wider flat pins. If the switch you have does not go right in, do not force it. Study the problem and 
carefully enlarge the holes only where necessary. A small modeling file is handy for this purpose. 
Don’t make the holes any larger than necessary, or you will have trouble bridging the gap and getting a 
good flow joint when soldering. When you do solder it into position, use ample solder and heat it 
enough so the solder surrounding each terminal flows evenly into a nice even form similar to an 
“Indian tepee.” A890422 and later use a DP3T switch with 6 pins, which will not fit the previous 
models, but that gave the ability to add the “standby” position which is very useful. 


Small Game Snare 4 Micro Lock 


; ‘ 
‘ 
\ 


Swivel 


#9 Support Wire 


1/16” 7 x 7 cable 
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BATTERY HOLDER: 


The 9-volt battery holder is fastened at one end by soldering the two terminal tabs that pass through the 
board. The other end of the frame can best be fastened by using 1/8” diameter “pop-rivets”, but you 
may alternatively try hot-melt glue, epoxy, small screws, etc. However, make sure that whatever you 
use won’t protrude and prevent the battery from seating in the clip. 


QUICK HANDLE: 


The bottom area of the circuit board contains an area where the handle is attached. The unit can be 
mounted on either a short handle or directly to a mast, whatever you desire. To get going quickly, take 
any convenient piece of wood or metal, lay the end against the board, mark the holes, drill them 
through the handle, and attach with screws. If you use a round handle, you will either have to make a 
flat cutout along one side, or cut a slot in the end so that the board can slide in. A round handle is best. 
The most utilitarian handle is described next. 


PAINT-ROLLER HANDLE: 


Find an inexpensive paint roller, but one with a handle which is threaded for an extension pole. (Home 
supply stores sell them typically for $1.39). Study how the handle is attached and determine the best 
way to remove it or otherwise adapt it so the HANDI-Finder® can be mounted on it. 


Most of the handles available these days are plastic, force-fit directly to the metal roller rod. Use a 
hacksaw and cut off the roller assembly rod so that about 3” of rod is left protruding from the handle. 
File the rod enough to have a flat area, center punch, then drill two #6 holes to match up with the 
circuit board, and attach. The flat side should of course go against the board. 


Next, shop around for your choice of a wood or metal paint roller extension pole, preferably the type 
which is made of 3 sections which screw together. You will thus have a very flexible system. You can 
use the unit with just the handle alone, or screw on up to three lengths of additional “mast”. You may 
even wish to obtain a second extension to have more lengths available. Be aware that some extension 
handles have different threads in the sections than they have at the roller end. In any event, the pieces 
are easily stored when disassembled. 


UTILITY-DUSTER HANDLE: 


There is a homemaker’s utility duster on the market called a WEBSTER® which can be found for as 
little as $4 in discount stores. Unfortunately, only a small percentage of stores seem to stock it. 
However, this is an amazing value for our purposes because it contains not only a 6-inch detachable 
handle, but includes a removable, telescoping, extension pole! 


The dusting head consists of an 8-inch diameter half-spherical array of bristles embedded in the end of 
the short handle. This end is easily sawed off to allow for the HANDI-Finder®. The extension pole is 
about 36” in the collapsed position and 60” when extended. 


HANDLE, CAUTIONARY NOTE: 


Mount the handle against the component side and put the screws through with the heads on the solder 
side, to keep a low profile for the coax cable which will come down the solder side 
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The HANDI-Finder® works best when the first % wavelength of coaxial cable downlead to the 
receiver is kept vertical or parallel to the center line of the circuit board. (Measure the 4-wave from 
the bottom antenna terminal.) If it waves around, it can throw off the bearing. Therefore, when using 
the unit with a short handle, make sure to hold it straight and high so that the cable hangs straight 
down. When using the unit with a long handle it is preferable to attach the coax to the mast for the first 
% wavelength. Use tape, nylon cable ties, etc. 


RESISTORS vs. INDUCTORS: 


The HANDI-Finder® was designed mainly out of the need to inexpensively provide Radio Amateurs 
with something they could use to help locate interference on the 2-meter repeaters. But the unit 
operates over a much wider range of frequencies because the chokes “traditionally” used in such RF 
circuits have been replaced by resistors. 


Inductors are usually used to feed direct current into some point in a circuit where it is desired to allow 
an alternating current signal to pass without attenuation. At radio frequencies these are called “RF 
chokes”. Circuits which operate in the 150MHz range, for example, usually use small coils with a 
value of 1.0 to 1.2 microHenries. Using the expression Xc = 2(3.14)fL, where “‘f” is the frequency in 
MHz and L is the inductance in microHenries, the corresponding reactance works out to about 1000 
Ohms. At 1/3 the frequency, or 50 Mhz, this same inductor would have a reactance of only 333 Ohms. 
At UHF this inductance would mathematically exhibit a proportionately higher reactance, but other 
difficulties arise. Certain assumptions about the construction of the coil are no longer valid and the 
math becomes more complicated. Factors like the “capacitance between turns” and the length of the 
connecting leads can no longer be ignored. At some frequencies the coil looks like a high impedance, 
but at others it may look like a short circuit! 


Thus, the frequency band over which the circuit can operate is limited by the chokes. Different sets 
have to be installed to operate over different ranges of frequencies. Normally it is necessary to use 
chokes because they have a comparatively low resistance at d.c. so there won’t be any significant 
voltage drop. The key word here is “significant”. 


In this circuit, the switching diodes are biased by current. As long as enough current is supplied to do 
the job, it doesn’t matter if a little voltage drop occurs across the connecting element. The chokes can 
simply be replaced by 1000 Ohm resistors. The currents are so small that the voltage drop is 
negligible. Further, for all the complications involved with determining how chokes will act at 
different frequencies, it is no less risky, and a great deal easier, to assume that a resistor will exhibit the 
same resistance over a much wider frequency range. 


In this circuit R4, R5, and R6 would have “traditionally” been specified as 1.0uH chokes for operation 
in the 150 MHz region. As you can see, by using IK resistors, operation at 150 MHz should not be 
affected, and operation over a wider range of frequencies should now be possible. The value of the 
resistors is not that critical. Values in the range of 1K-1.3K will do, but make them all the same value. 
Using carbon-film resistors, we also get some useful inductance, but since the resistance is high and 
distributed with resistance, these are inherently free of self resonance, and broadband becaue they are 
low Q. 
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However, if you wish to experiment with inductors, you can either make them or buy them. According 
to the USCG AUX article, you can make these with one layer of #28 close wound on a 1 Meg '4-watt 
carbon composition resistor. Actually there is nothing magical about the 1 Meg value, it is the physical 
size and shape that is more important. The intention is that the resistance be at least a factor of 100 
times greater than the inductive reactance. Therefore any value above 100k is acceptable. 


Mouser Electronics has a line of good quality subminiature RF chokes that are quite reasonably priced, 
roughly $.23 each. Consult their catalog for the “43LQ” series. The 1uH value is part number 
43LQ106. Keep in mind they probably will not fit on the HANDI-Finder circuit board supplied with 
the kit. 


WIDEBAND OPERATION: 


The HANDI-Finder® should work over a wider range when resistors are used in place of inductors, but 
there will still be problems with resonances (series LC) and anti-resonances (parallel LC) for any given 
set of antennas. However, ignoring those effects, let us discuss the effect of antenna spacing. 
Remember, you want the vertical members of the two antennas as far apart as practical to get maximum 
modulation. 


This will make it easier to tune for a null. 


For a given set of antennas, the upper frequency limit should be that which corresponds to a 4 
wavelength equal to the widest spacing of the vertical members. 


If the usual wavelength formula is multiplied by 12 inches/ft, a new “constant” factor is obtained: 
dividing 5616 by the frequency in MHz will give the 2 wavelength in inches. For the open-loop 
antennas you will be instructed to make elsewhere in this manual, the spacing between opposing 
vertical sections is typically 17.5 inches. Turning our formula around, and dividing 5616 by 17.5 gives 
321 MHz, which is also the frequency at which maximum deviation would be available. Some have 
reported operation to include the 70cm Ham Band. 


Moving to 1/10 that frequency or 32 MHz, only 1/10 the modulation would be available, but the units 
should still function. So it would appear that operation over a 10:1 range might be possible. 


COUPLING CAPACITORS: 


At the lowest limit, it is important that the coupling capacitors have a reactance of 50 Ohms or less so 
as not to attenuate the signal by more than 3dB. If we choose that limit to be 27MHz the value of 
capacitance having 50-Ohm reactance is 117pF. Values of .001uF, or 1000pf will be one tenth that or 5 
Ohms, and work just fine. 


SCREW TERMINALS: 


Antenna connections to the board are made using screw terminals. On early units, these are formed by 
installing a clip-type “tinnerman nut” which is slipped onto the circuit board edge at each designated 
point, and then threading in a 6-32 x 3/8” or ’2” binder head machine screw. Only four are needed for 
any given configuration. Later units use regular hex nuts, serrated lock washers, and flat washers 
against the board to keep the lock washers from tearing up the copper foil. 


Radio Direction_Finder RDF Projects Joe WB2HOL Page 46 of 78 09/24/08 05:29:05 AM 


When fastening small diameter or stranded wires to these, it is suggested that you first install crimp-on 
spade lugs or ring lugs on the end of the wire. If you must wrap the wire around the screw, do it under 
a washer and wrap it in the direction that the screw tightens (clockwise). 


BE CAREFUL NOT TO OVERTIGHTEN. If you experiment a lot, the tinnerman nuts will strip and 
wear out. If you need to have things very tight, you can use 6-32 screws with regular hex nuts. 
However, do not put serrated lock washers against the surface of the board since they really dig in and 
cause problems. It is better to use a slightly longer screw with flat washers to protect the surfaces. If 
you are tempted to just solder directly to the board, don’t do it! The heavy heat may cause the foil to 
delaminate. Further, if the antennas are bumped, the foil may be pulled off the board. If you want to 
have some sort of “rounded off’ nut on the thread end, inquire about “‘acorn nuts” in the screw 
specialty section of most hardware stores. 


ANTENNAS: 


The HANDI-Finder® is quite versatile in the way it can be used with different kinds of antennas. First 
of all, you can get it running immediately without extensive fabrication because two simple wire 
antennas can be attached directly at the circuit board. For 150 MHz, take two EQUAL lengths of stiff 
wire about 19 to 20 inches long and bend each one into a neat square “U” shape. The bottom of the 
“U” should be about 6”. Form the ends into a hook and fasten them to the screw terminals on the 
circuit board. Looking at the component side of the board, you will see there are three terminals along 
the left side and three along the right side. Fasten one end of one antenna to the very top terminal on 
the right side. Fasten the other end of that same antenna to very bottom terminal on the same side. 
Then repeat this procedure for the left side. 


Note that the bottom terminals are merely mounting points. They are electrically isolated. On some 
board designs there are circuit pads to allow installation of a grounding jumper. DO NOT INSTALL 
THIS JUMPER! It is desired that the antennas be open loops. If you ground the bottom of the loop, 
you will create a closed loop that will cause a carrier null in the direction of the signal. This is not 
desirable. On later circuit boards provisions for grounding was eliminated to avoid confusion. 


The wire you use should be thick enough to provide desired rigidity, but thin enough to allow fastening 
under the screw terminals. If it is too thick, you might be better to first solder on some spade lugs or 
similar terminations. Of course, it helps if the wire is a good conductor, but steel coat-hanger wire or 
welding rod will work satisfactorily. A better choice would be brass rod or brazing rod, between 1/16” 
to 3/32” thick. If you wish, you can make the loops even larger. 


Note the ACTIVE ELEMENT of each antenna in this application is the vertical part of the open loop 
supported in space by the horizontal part. A greater separation of the vertical elements will produce a 
larger deviation and more audio. However, the longer a vertical element is, the more signal it will 
receive, provided there isn’t some gross impedance mismatch. This shows up as more carrier, better 
quieting, or a stronger S-meter reading. Of course, when that vertical section is maintained in space by 
an unshielded horizontal section, determining the resonance or tuning gets very complicated. Also 
consider that the horizontal part does receive some signal, and this degrades the intended signal. 
Therefor, larger loops may work worse. Feel free to experiment; that is the whole object of this 
project! 
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Alternatively, the circuit board is designed to accommodate connections by coax cable to other kinds of 
antenna arrays. Just below the top antenna mounting screw on each side, is a ground screw. This is not 
used with the open loop antennas, but is used for the coax shield. Thus, if you do wish to make a 
“Double-Ducky” direction finder as described in the ARRL Antenna Handbook, you can connect the 
two equal-length coax cables to the HANDI-Finder® circuit board. Similarly, you can fabricate the 
dual half-wave vertical dipole array described in the Coast Guard Auxiliary Manual and run it with the 
HANDI-Finder® board. 


One suggestion for a more extravagant system is to position two multi-element Yagi antennas with 
vertical orientation at opposite ends of a horizontal boom. Support the boom at its center on a vertical 
mast so that it can be rotated. Use equal lengths of coax from each beam and connect them to the 
HANDI-Finder® board which should be mounted in a protective enclosure at the center of the boom. 
The beams will give greater forward gain and reduce the 180-degree ambiguity. It is just a little hard to 
use with the mobile! 


Since the antennas have no path to ground, there is no need for DC blocking capacitors. On A890422, 
the positions of C6 and C7 are jumpered out with board foils. If an application is encountered which 
requires DC blocking, slit each foil at each end carefully with a sharp hobby knife, then heat the center 
section with a soldering iron and peel it off the board with the knife. Holes are provided to install the 
capacitors. Refer to parts list. Later boards don’t have this connection, and come with capacitors. 
Check the board. If you don’t have the capacitors, then be sure to insert some jumpers. 


NO ENCLOSURE 


As you can now appreciate from these discussions, there are many ways you may end up using the 
circuit board and enclose it accordingly. 


In its simplest “quick & dirty” constructed form, the unit can be put to immediate use. The long 
narrow profile was purposely selected to minimize wind resistance for the benefit of a vehicle operator 
who may be trying to hold on to the unit mounted on a narrow mast protruding through the drivers 
window. 


You will discover that an enclosure will only increase the drag and may not be worth the effort! With 
only minimal care, these units have rattled around in many trunks and back seats without anything 
getting shorted out. The battery in one of the demo lasted over three years, even though it had been left 
“ON” for several weekends during that time! 


However, you might want to consider that numerous sharp edges from component leads could snag 
cloth upholstery, or scratch leather and vinyl. 


Where you really need to, the circuit board can be mounted to surfaces on standoffs using 6-32 screws 
through existing holes. 
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MOUNTING IN AN ENCLOSURE: 


Model A890422 and later are designed so that it can be more easily modified to fit into a case. This is 
somewhat irreversible since it requires that the bottom part of the board be cut off, unless you can find 
a really long, flat plastic case. Some have come and gone off the market, so it is there is no particular 
model case that can be recommended. It is strongly suggested that the circuit be completely built up 
on the existing board and thoroughly checked out. After you are familiar with the unit’s operation, you 
may NOT wish to put it in a case. 


TRYING IT OUT: 


It is best to start off with a “test” situation where you know the location of the source, and experiment 
with “getting a feel” for the null. The null itself is fairly sharp, but it does not always manifest itself as 
a total null in the audio tone. Sometimes, you will observe instead, a jump in tone one octave up or 
down. (Refer to the ARRL Antenna Handbook article for more discussion.) 


At other times, you may hear a “buzz” or a fast “twiddle”. This is usually due to multipath, so moving 
just a few feet may help clear up the null. Also, if there is a strong transmitter in the area, such as a 
lkw paging system, 3 or 4 MHz away, you may experience more “de-sense” than normal when the 
HANDI-Finder® is switched on in the DF-ing mode. The sharp edges of the diode switching 
waveform cause it to be rich in harmonics, all of which modulate that strong RF source and cause it to 
broaden its normal spectrum at the input of your receiver. (These are the same problems that bother the 
more complex “DOPSCANs” that switch 4 or 8 antennas.) 


Using the unit with a synthesized scanner or one of the new extended-coverage HT’s will not only 
allow you to work in the Ham bands, but other frequencies as well. The prototypes were tried over the 
range of 49 MHz to 450 MHz and worked well even though the 450 MHz test was well above the 
suspected '4-wave limit frequency of 321 MHz calculated previously. As you get considerably above 
or below the 150 MHz design frequency you may find that your unit has a “null” point which is no 
longer perpendicular to the plane of the circuit board. However this also sometimes occurs due to 
multi-path in high reflection areas, especially indoors. (Don’t try to do anything meaningful indoors!) 
In any event, don’t jump to conclusions. Take several measurements at different locations a few feet 
apart, and consider your findings carefully before deciding whether the problem is due to the location 
or a characteristic of the way you have set up your particular unit. 


When driving through neighborhoods it is interesting to scan the bands and see what sort of frequencies 
are in use. For example, one of our experimenters found several homes with 49 MHz “baby monitor” 
intercoms. You may also hear cordless phones near that frequency. 


Another application is to drive around and look for Cable-TV leakage on 145.250 MHz. You will quite 
easily pinpoint hotspots on poles and at the lawn boxes used for underground installations. 


Perhaps you can promote some Ham Radio good will by helping local law enforcement officials find 
mobiles with “stuck mikes.” Such a “free” service can help educate personnel about Amateur Radio 
and keep you from getting “pulled over” when you are out hunting. 


If you are an avid radio-controlled model airplane enthusiast, and have had a plane get away from you 
and get lost in the woods, this could save you time. Put a low-power transmitter and “crash switch” in 
your plane. Then if it gets away or crashes in the woods, you can track it down! 
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Some areas have rather extensive park reserves or other situations where naturalists “tag” wild animals 
with radio transmitters to track their migration. 


They are quite interested in reports on these animals, and will give out the frequencies to individuals 
with a genuine interest in helping. Invite your local naturalist to speak to your club and demonstrate 
how you can help. But keep in mind they DO NOT put radio collars on deer and turkey just to make it 
easy for game hunters to track and kill them! 


CHECKING DIRECTION CALIBRATION: 


A round handle is best, because it allows a calibration mark at any angle. You would do well to try 
your unit outdoors in an open field by walking in a circle around a central source. A person keying an 
HT held up at arm’s reach is easiest, but caution him to hold still. The null should always occur 
perpendicular to the plane of the antennas, but your radio or other factors may be introducing phase 
shift. If the error is totally consistent as you walk around the circle, then you will want to mark the true 
direction on the handle. 


If such is the case, expect this calibration to change at different RF frequencies, or if you change the 
CD4047 oscillator frequency. If the error is not consistent, and changes as you walk around the source, 
you are experiencing (multi-path) reflections from the surroundings. Try reducing the power of the 
source. For example, if a 100 mW HT is too strong, remove the antenna and substitute a 51 Ohm, 2 
watt carbon resistor. If you still get erratic readings you will have to go to another location. 


Once you have established the calibration mark, fasten the cable along the side of the handle or mast so 
it runs over the mark. That way you can feel it in the dark. Now you are ready to do some serious DF- 
ing or Fox Hunting. 


Notes: 
if The abbreviation “uF” is used throughout this text to denote “micro-Farads”. 


2: Bob Leskovec, K8DTS, has been licensed since 1957 and promises not to change his call letters 
so you can always locate his mailing address via the Ham database! 


3% A less detailed description of this project appeared as “Build the HANDI-Finder!” QST 
Magazine, May, 1993. 


4. HANDI-Finder® and RALTEC® are Registered Trademarks. 
The HANDI-Finder® Experimenter’s Kit 
ASSEMBLING THE KIT: (Please read the whole manual before assembling) 


1) Check the circuit board and make sure all the holes are drilled and it is otherwise finished and ready 
to accept the parts. 


2) Having read the discussions about the ON/OFF switch, locate that item and make sure that the type 
you have does indeed fit the hole pattern on the circuit board. Do not install it yet. 


3) Locate the integrated circuit socket, carefully straighten the pins, and insert it onto the component 
side of the board with the proper orientation. You may have to study the IC socket to determine how its 
design denotes the position of pin 1. Some sockets have a beveled corner at pin 1. Others have an 
indentation at the end between pins | & 14, some are not clear! 
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Note, for packing purposes, the IC may have been installed in the socket. It is NOT necessary to 
remove it, unless you can see it has been inserted in the socket incorrectly. The IC will incur much less 
handling and there will be less chance of damaging it if you just leave it in place when you solder the 
socket onto the board. Make sure the socket is properly oriented and seated flat against the board when 
you do the final soldering. 


4) In the following order, mount the diodes, resistors, and capacitors, starting with the smallest parts 
first. If you have only one capacitor with long leads, SAVE that, and use the precut ones first. There is 
one location that needs the capacitor to be formed with longer leads. 


5) Examine the ON/OFF switch and make sure that the terminals are clean and not tarnished, before 
soldering. If needed, carefully scrape them with a small hobby blade. Then mount the switch and 
solder it in position. The 6-pin switch also requires that the two diagonal frame tabs be soldered as 
well. NOTE: if you later use a solvent to remove flux from the board, be especially careful not to get 
any into the switch. Some literally melt. Some have four frame mounting pins. Carefully clip off only 
the two diagonal pins that prevent insertion. 


6) Refer back to the discussion about the battery holder and mount that item. 


7) Prepare the end of a length of RG-58/U or the miniature RG-174/U and attach it to the board. Note 
that the hole for the shield should be 1/8” so that the shield can fit through. The excess braid is cut off 
so that only about 3/16” lies flat against the circuit foil where it is soldered down. Install a nylon cable 
tie through the holes provided in the circuit board. Pull it tight so that it anchors the coax securely 
against the board to prevent flexing at the cable end. This is known as a “strain relief.” Clip off the 
excess. Depending on what type of handle you use, you will need to figure out how to route the coax 
so that it crosses to the center and comes down the handle equidistant from the two antennas for best 
symmetry. Later circuit board layouts have the coax routed down the centerline in the solder side of 
the board on the side opposite where the handles should be attached. 


8) Slide on “tinnerman” nuts (if such nuts have been supplied) at the four points used to attach the open 
loop antennas. These are the two top-most and two bottom-most locations. 


9) Fashion two open-loop antennas according to the instructions described previously and attach them 
to the board using the 6-32 x '4” screw hardware. That’s it! Refer to the section “TRYING IT OUT”. 


The manual includes discussions of several other options and variations in the way the unit can be 
wired. 
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Sense The Right Way To Go With The HANDI-Finder® 


by Joe Moell KOOV 
ARRL Technical Advisor 


The following was submitted to the Technical Correspondence column in QST Magazine for October 
1993 in response to the HANDI-Finder construction project in a previous QST issue. The original 
HANDI-Finder was created by Bob Leskovec K8DTS. It is documented at the HANDI-Finder Web 
site. A kit of parts is sold by the North Olmsted Amateur Radio Depot. "Clones" of the bow-tie 
bidirectional HANDI-Finder are being or have been offered for sale by some other companies and 
individuals. The KOOV unidirectional pattern modification and antenna improvements described 
below are applicable to all of these bow-tie sets. 


Hats off to QST for its recent promotion of foxhunting and radio direction finding (RDF) activities. 
Simple RDF gear in the hands of a large number of hams will provide important preparedness for 
emergency searches and malicious interference location. 


The HANDI-Finder® by K8DTS[1] holds promise for this purpose, but its bidirectional peaks and 
nulls limit it to short range "sniffing" in situations where time-to-locate is of little concern. Its 180- 
degree ambiguity makes it unsuitable for long-range or high-speed work. 


If you were shopping for a compass to use on a hike, what would you think of one with an indicator 
that points either north or south, with no way of determining which? You probably wouldn't buy it, 
even if it was priced much lower than other compasses in the store. It's the same way with foxhunt 
equipment. 


A bidirectional RDF set such as the basic HANDI-Finder presents a 50-50 chance of leading you away 
from the fox instead of toward it. So it's worthwhile only for occasions when boundaries are small, 
such as on-foot foxhunts in a small park. Fortunately, it's a simple matter to incorporate a second mode 
into your HANDI-Finder to resolve the ambiguity. 


2 1 
[CKT BOARD CKT BOARD 


TONE 
ig 


Rh! (b) 
In this view looking down from the sky, the bidirectional HANDI-Finder unit 
(a) has two nulls, each perpendicular to the plane of the antennas. The added 
sense mode (b) has a single null on the Antenna ¥1 side. 








CROSS SECTION 
OF POLE AND 
SNARE WIRE 
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Add a Sense Mode 


By adding time delay to the signal from one of the two HANDI-Finder 
antennas, the peak/null tone pattern of the unit is modified. If you add 
just the right amount of delay, the pattern changes from bidirectional 
(figure-8) with nulls perpendicular to the antenna plane to cardioid 
(heart-shaped) with a single null off one end. 


Mount S52 


This two-pattern technique forms the basis of the Handy Tracker, a RDF 
unit that I designed in 1989.[2] The cardioid pattern concept came from 
an unpublished 1980 project by Russ Andrews K6BMG. The Handy 
Tracker sense mode scheme can be applied to the K8DTS HANDI- 
Finder with the simple addition of a switch and a length of coaxial cable 
to provide delay. 


As K8DTS points out, the bidirectional HANDI-Finder indication is 
independent of frequency. This is not true of the added sense mode. A delay line of a given length 
produces a precise cardioid pattern at only one frequency. A useful pattern is obtained over a frequency 
range of several per cent, however, so one delay line will provide ambiguity resolution over one full 
VHF amateur band. 





Modification Details 


The modification adds a DPDT micro-mini toggle switch without Etch cuts 

center-off (Radio Shack 275-626) and a precisely trimmed coax | 1-34 inch junper DFOT switch 
delay line. Mount the switch in the etch-free area of the circuit (rear view) 
board between the two antennas. 


On the rear side, cut the traces where C6 and C7 connect to the 
antenna terminals per the drawing. On the Antenna #2 side, wire 
the antenna connection through the switch per the schematic. On 
the Antenna #1 side, install an unshielded wire jumper 1-3/4 
inches long, to compensate for the added switch wiring on the 
Antenna #2 side. This jumper is important, since one inch of 


. ; : Phasin 
difference in feed length to one antenna will cause 6.5 degrees ara.” 
bearing error in the figure-8 mode. Rear view of modified board showing 
trace cuts and added switch wi ri ng. 
Cut the delay line according to the following formula: Note loop of wire on left; this 
compensates for switch-lead lengths 
l= (1 1808-df)v/f that would otherwise unbalance the 


system. 





where | = length of coax in inches, v = velocity factor of coax as a 
fraction, f = frequency in MHz, and d = spacing between the vertical antennas in inches. For example, 
assume we are adding the sense mode to a HANDI-Finder with "bow tie" open loop antennas for two 
meters. The vertical sections of the two loops are 15 inches apart. We are using RG-174 coax, which 
has velocity factor of 65.9 per cent. Computed for the center of the band (146 MHz), delay line length 
is 


(11808-(15)(146))(0.659)/146 = 43.4 inches. 
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Coil up the coax and lace it to the board. Miniature coax 
such as RG-174 is best for the delay line because it 
makes a compact coil. Whatever coax you use, make sure 
to determine its characteristic velocity factor. It is 
different for foam and non-foam type cables. 


Cb 
From Jumper 
D1 | bo (See Text) O selidig 


Because of environmental multipath and stray coupling, a 
perfect cardioid tone pattern may not be achieved. The 
end null may not be complete or there may be a double 
null on one end. This doesn't matter, because the purpose 
of the sense mode is merely to determine which of the 
two figure-8 nulls to follow. There is plenty of peak/null 
(See T ext) amplitude difference for that. 


Partial HANDI-Finder schematic showing Getting RDF bearings with the modified HANDI-Finder 
added jumper, toggle switch 52 and delay line {is 4 simple two-step process. In a clear location, with S2 
to provide cardioid sense mode. ae ies : 3 
set for normal (bidirectional) mode, listen for the tone 
nulls in the receiver to obtain a line of bearing as described by K8DTS. Next, switch S2 to the cardioid 
pattern mode and turn the unit 90 degrees so that one end points along your line of bearing. Note the 
tone level. Rotate the unit 180 degrees and note the tone level again. It should be distinctly different. 
The lower amplitude tone will occur when Antenna #1 is closest to the signal source. To help you 
remember, mark the peak/null directions on the board. 





Other Observations 


In the K8DTS QST article photo, the receiver feedline passes over the open 
end of one antenna loop. This unbalances the antenna pair and can cause 

major bearing errors on two meters and above. The coax should be routed a~ 
away from the loop. 


Two dpoles 
spaced 42 max 


The horizontal sections of the bow tie antennas severely degrade RDF Electr rary 
performance. Properly spaced coax-fed vertical dipoles are far better for ‘dipoles ar 


serious use with this type of RDF set. Such an antenna set is easy to make spe lng 
with inexpensive whip antennas and PVC plumbing parts. 


The two antennas should be spaced as widely as possible for maximum 
audible df tone, but spacing must not exceed one half free-space wavelength 
at the receiving frequency. Approximately 24 inch spacing is practical for ual wartical enlewues fon 
both two meters and 125 cm. Coax cables from the HANDI-Finder board to with equal—length coax 
each of the two vertical dipoles must be exactly equal in length. pinee BERG IOS che Best 


performance with 


; : ; itched-ant RDF set 
Wide antenna spacing gives better performance, but it may increase the pxhiniceibarg eas eu 


received tone deviation to the point that the receiver "squelches out." If this 
occurs, reduce the tone oscillator frequency to 400 Hz or lower by increasing the value of R1 and/or 
Cl. 
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Footnotes: 

[1] Leskovec, "Build the HANDI-Finder!" QST, May 1993, pp 35-38. 

[2] Moell, "Homing In," 73 Amateur Radio, September 1989, pp 58-59 and November 1989, pp 52-53. 
The spelling and form of HANDI-Finder constitutes a trademark registered to K8DTS. 





Close-up of top area of board, showing added DPST switch and wire jumper to provide equal signal 
paths in bidirectional mode. 
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Frequently Asked Questions and Answers About T-hunting and 
RDF 
by Joe Moell KGOV 


Over 98% of reader response to my articles is via e-mail. The 80-20 rule (or is it 90-10?) definitely 
applies, because the vast majority of questions are the same. Here they are, along with the answers. 
Now maybe I can spend more time building and T-hunting! 


Part 1 - Questions about Dopplers (scroll down) 
Part 2 - Questions about Other RDF Equipment 
Part 3 - Questions About Transmitters and and Covert Tracking 


Part 4 - Miscellaneous Questions 





Part 1 - Questions About Dopplers 
Q: What is a Doppler? What is a Roanoke Doppler? 


A: Nineteenth Century physicist Christian Doppler is credited with creating equations that describe the 
apparent frequency shifts that result from the relative motion of the sender and receiver of a wave. The 
Doppler principle is now used for many applications, including dating the universe and catching 
highway speeders. In radio direction finding, a simulated rotating antenna can be used to determine the 
direction of an incoming signal using this principle. 


When transmitter hunters speak of Dopplers, they usually mean a device with an electronically rotating 
array of 3 to 8 vertically oriented whips or dipoles and a circular display of 8 to 50 light-emitting 
diodes. These Doppler add-ons work with VHF and UHF narrowband FM receivers. There are other 
RDF devices with similar antenna sets and displays that are used with AM receivers (e.g Watson-Watt), 
but these are not Doppler sets. 


The Roanoke Doppler was first published in my book "TRANSMITTER HUNTING---Radio Direction 
Finding Simplified" (THRDFS), along with an extensive writeup of the theory of operation. The 
Roanoke Doppler has become the most popular Doppler RDF home construction project. Originated by 
Chuck Tavaris N4FQ, then improved and documented by Joe Moell KOOV and Thomas Curlee 
WBO6UZZ, the design was named by K@OV to honor the transmitter hunters of Roanoke, Virginia, 
where N4FQ tested his prototype. This Homing In site is the official support site of the Roanoke 
Doppler project: 


Three suppliers of circuit boards and parts for the Roanoke Doppler are listed on the Hardware 
Sources page. 

Updates to the THRDFS documentation of the Roanoke Doppler are in the THRDFS Update 
page. 

An improved multiband antenna switcher is fully described in the Wide-Range Antenna Array 
page. 
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There are other home-construction Doppler projects, but only the ones built from the design in 
THRDFS and this Web site are Roanoke Dopplers. 


Q: I can't locate any 75492 ICs for the Roanoke Doppler display. What shall I do? 


A: An improved 16-LED display circuit is in the THRDFS Update page at this site. The 75492 ICs 
have been eliminated. If you already have a circuit board for this project, you can still use it. 


Q: The WA2EBY Doppler circuit in a recent ham magazine looks very much like the Roanoke Doppler. 
Is it an improvement? 


A: That author has utilized many of the design attributes of the Roanoke Doppler, but his unit has no 
new functions or operating features. 


Q: The WA2EBY article states that ECG-555 PIN diodes give poor UHF performance and that ordinary 
1N4148 diodes are just as good for a Doppler antenna. Is that true? 


A: First, The ECG-555 is an older PIN diode, with unspecified RF series resistance. Newer PIN diode 
types listed on the Hardware Sources page of this site should perform better. Second, the switcher 
circuit of the WA2EBY Doppler is not optimized for PIN diodes. For best isolation, RF diodes should 
be reverse-biased when OFF, not just at zero DC current. That's because the series capacitance of PIN 
diodes drops dramatically as OFF (reverse) bias goes from 0 to 4 volts. (Examples: HP 5082-3080 goes 
from 1.1 to 0.4 pF. MPN3404 goes from 2.5 to 1.4 pF.) The lower the capacitance, the less RF gets 
through (better isolation). The Wide-Range Roanoke Antenna at this Homing In site reverse-biases the 
OFF diodes, which is an important reason why it performs better than the original Roanoke antenna. 
The WA2EBY Doppler circuit does not reverse-bias the OFF diodes. I believe that the results of the 
WA2EBY's loss/isolation tests would have been quite different if it did. 


I discuss PIN versus switching/rectifier diodes for Dopplers on page 128 of THRDFS. PIN diodes 
provide significantly less insertion loss when ON, if biased properly, meaning that a PIN switcher will 
generally have less loss. More importantly, stray RF rectification is much less likely with PINs. I 
encountered significant cross-modulation problems using a Doppler with non-PINs, especially when 
driving near strong RF sources. WA2EBY did not test for cross-modulation when he evaluated diodes. I 
would welcome input from anyone who has done such tests. 


Q: Will the Roanoke Doppler find aircraft Emergency Locator Transmitters (ELTs)? 


A: The Roanoke and other ring-antenna Doppler RDF sets can readily track signals in the 120 and 240 
MHz aircraft bands, provided that a suitable receiver is used. The Doppler modulation produced by 
switched whips in a Doppler array is FM, not AM. Therefore, the receiver must have an FM detector to 
properly process it. I use a venerable Regency MX-7000 scanner for this purpose. Just tune it to the 
proper frequency (121.5 or 243.0 MHz for ELTs, 121.6 MHz for tests) and set the receiver to the 
Narrowband FM mode. 


The new Wide-Range Antenna Array should be used with the Roanoke Doppler processor for greatest 
sensitivity and best rejection of multipath distortion. Whips for 121.5 MHz should be 22 inches long, 
spaced in a square pattern 21 inches on each side. Whip lengths and spacings should be halved for 
243.0 MHz operation. The Doppler is intended for vehicle or fixed station use only, not for on-foot 
operation. 
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Some high-end scanning receivers (including Icom R1, R10, R100, R7100-2, AOR AR-3000A, 
AR-8000, Radio Shack Pro-60 and others) can be operated in the Narrowband FM mode on 121.5 
MHz. Specification changes may occur, so check to be sure before purchasing. Another idea for 
experimenters is to install crystals for 121.5 and 121.6 into an old crystal-controlled FM scanner. 
Everybody wants synthesized scanners nowadays, so "rockbound" sets are cheap and plentiful at swap 
meets and yard sales. Retune the RF stages as necessary for best sensitivity, because these sets were 
usually designed for receiving 146 MHz and up. 


While a Doppler may be useful in some ELT tracking situations (such as 
a false alarms from aircraft on an airport runway), it is not a universal 
tool. ELT signals from actual crashes are usually very weak and of mixed 
wave polarization. Experienced Civil Air Patrol (CAP) volunteers in my 
area prefer cubical quads and phased arrays (such as the L-Per) instead of ' 
a Doppler when in such weak-signal situations. The photo shows a dual & 
frequency (121.5 and 243.0 MHz) stiff-wire quad built by Bob Miller 
N6ZHZ, Commander of Brackett Composite Squadron 64 in La Verne, ‘J 
California. He says, "With the quad, I am able to pick up a 243 MHz ELT 
two to five miles miles before the L-Per's antenna will hear it. When there are two or three ELTs 
chirping simultaneously in hangers at an airport, I use a high-gain quad to track one at a time, listening 
to the differences in tone sweep rate of each one." 






An RF attenuator should be used with an RDF quad to allow S-meter bearing readout and to help 
determine how close you are to the ELT. Plans for suitable quads are in THRDFS. For more on CAP 
and tales of searches for ELTs, see Homing In for April 1994. 


Q: Can I use the Roanoke (or other) Doppler on the 10-meter ham band and/or the 11-meter Citizens 
Band? 


A: It could be done if: 
The receiver is in FM detection mode (not SSB or AM) 
Switcher inductors and capacitors are optimized for this frequency range 
Antennas are 8-foot whips in a square pattern 8 feet by 8 feet 


Of course this is not practical on a car, but could be considered for a fixed installation. Remember, 
Dopplers need carrier-type signals, so you can track amplitude-modulated signals (in FM mode) but not 
SSB signals. I have experimented with the Roanoke Doppler on 6 meter (S50 MHz) FM signals, using 
resonant whips spaced in a four-foot square. They fit on the roof of the van, but there wasn't enough 
ground plane area around the whips, and the whips were so tall that they waved around too much while 
driving. Compared to baseline two-meter performance, this didn't work very well, especially in motion. 


Q: I'm thinking of mounting a Doppler RDF antenna on top of my home ham station tower. Any 
suggestions? 


A: One problem with remote operation of the array will be rf losses in the coax. You will probably not 
have problems with long control lines, although some added protection from lightning-induced 
transients is in order. For tower mounting, I recommend using four vertical dipoles (which would look 
like the marine DF antenna photo in THRDFS) instead of whips on a ground plane. This will give 
better performance by minimizing mutual coupling between the whips. 
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Q: OK, how about putting the Doppler at our mountaintop repeater site to find jammers on the input? 


A: There are many pitfalls in the way of remote mountaintop RDF systems. I get letters regularly from 
hams who tell me about the wonderful linked RDF systems at repeater sites that they'll be putting on 
line "real soon now." I encourage them to send me all the details of their results, with photos, so I can 
tell the world via Homing In. Then I never hear from them again. 


You'll probably discover, as they do, that you won't be able to successfully operate a Doppler DF at 
your repeater site. Here's why: 


1. The commutating antenna system, "moving" at an audio rate, will induce the annoying Doppler 
tone into your repeater receiver and probably into most other receivers at the site, even those on 
widely different frequencies. This will occur even if you use a separate receiver for the Doppler 
antenna. Note that this phenomenon is not caused by digital switching noise in the commutating 
antenna. It is a parasitic RF effect and can occur even if no digital switching noise exists. 


2. The cross-modulation products caused by stong signals from your repeater transmitter and other 
VHF/UHF transmitters at the site into the switched antenna system will make the Doppler 
insensitive and prone to unreliable indications. 


Fast-switched dual-antenna RDF sets such as TDOA's will probably have similar problems. You might 
consider a slowly rotating beam with some sort of direction indication through the repeater---this was 
done by the Happy Flyers organization many years ago. 


I know of only one successful remote repeater-connected RDF system now in operation, and it is not a 
Doppler. (If you know of others, please enlighten me.) This system uses a phased array which is 
switched very slowly (every second or so) to avoid the problems mentioned above. That slow switching 
is OK in the user's application, because it is intended to track continuously-transmitting ELTs, not ham- 
band kerchunkers. 


So if you want to use Dopplers for remote RDF, put them at sites that are not associated with repeaters 
or other VHF/UHF radio systems. 


Q: I have read several articles on 2-meter Dopplers and they all specify different antenna element 
spacings. What is the best? 


A: No matter how many whips or vertical dipole elements in a Doppler array, the adjacent elements 
must not be more than 1/2 free-space wavelength apart, to avoid ambiguous bearings due to phase steps 
of greater than 180 degrees. Furthermore, adjacent element spacings of greater than 1/4 wavelength 
will produce phase steps of more than 90 degrees, lowering the level of the recovered audio tone and 
worsening the signal-to-noise ratio. With that in mind, an optimum adjacent-whip spacing for a 4-whip 
mobile array for VHF or UHF is slightly less than 1/4 wavelength at the highest frequency to be used. 
Plans for the 4-whip Roanoke Doppler in THRDFS call for 18-inch whip-to-whip spacing, which is 
0.22 wavelength. 


The array doesn't have to be this big, but don't make it too small, either. Deviation of the recovered 
Doppler tone is a function of antenna size and speed of rotation, as given by the formula on page 121 of 
THRDES. This works out to about 0.5 KHz deviation for the Roanoke Doppler 2-meter antenna, which 
is a good value. A super-small array such as the 0.07 wavelength-on-a-side mentioned in the Dick 
Smith literature won't work well, because the recovered Doppler tone out of the receiver would be only 
0.1 KHz. It could be readily overpowered by modulation audio and noise. 
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If you use a mag-mount implementation, remember to place the whips in a perfect square pattern. 
Measure spacing carefully or make a template. A slightly rectangular or trapezoidal pattern will 
introduce significant bearing errors at some angles. 


Q: What about the spacing if I use more than four whips? 


A: Going to 6, 8, 12 or more whips, as provided for in some Doppler sets, provides little improvement 
if the array size (radius of rotation) is the same as for 4 whips. The Doppler tone deviation is 
unchanged, though there are fewer high-order harmonics in the recovered audio. (That's unimportant if 
a very narrow passband filter is used, as in the Roanoke Doppler). Furthermore, the closer element 
spacing of a same-size-more-whips array increases inter-whip RF coupling, which degrades 
performance in multipath. 


To fully realize the advantages of more whips, the array size must be increased. Consider a two-meter 
8-whip array in an octagon pattern of 18 inches per side (i.e. the same adjacent whip spacing as the 
Roanoke Doppler). Radius of rotation is more than double that of the 4-whip Roanoke, giving over | 
KHz Doppler tone deviation at the same rotation rate. The array aperture is more than doubled, which 
improves performance in multipath. 


However, an array with a diameter of almost 4-1/2 feet won't fit on most vehicles, especially when you 
remember that you would need 7-1/2 feet total diameter to provide ground plane under the whips. A 
similar size (in wavelengths) array for the 70 cm band (450 MHz) would be only 2-1/2 feet diameter, 
which is practical. 


Q: Why doesn't the Roanoke Doppler use RF preamps and/or "soft switching" in the antenna system to 
give more sensitivity and less noise? 


A: Questions like this indicate three assumptions: 
- Assumption #1: Soft switching eliminates noise 
- Assumption #2: Monolithic amps provide increased system sensitivity 


- Assumption #3: A Doppler with switched preamps provides the same directional performance as 
one using PIN diodes. 


I disagree with all three assumptions. Here's why: 


1. Any Doppler antenna commutation, whether "hard" or "soft," produces additional spectral 
components in the RF signal to the receiver. It is true that rectangular-wave switching can create 
some broadband noise, but if the noise is really bad in your system, it's probably because the 
diodes are biased or driven improperly. Wide-bandwidth receivers such as scanners and handi- 
talkies are much more susceptible to this problem than mobile radios with good input RF 
filtering (such as helical resonators). You may find that changing your receiver or adding a 
helical filter between antenna and receiver improves the performance of your Doppler 
markedly. 
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2. Monolithic preamps have gain, which can overcome the small amount of loss in the coax from 
antenna to receiver. But they usually have a poor noise figure, much worse than most receivers. 
RF gain ahead of the receiver will worsen any receiver overload and cross-modulation 
problems. Strong signals can also overload the preamps, distorting the incoming signal phase 
and degrading the bearing accuracy. (Long-time T-hunter Mike Musick NOQBF has observed 
this even on signals from one or two miles away!) So unless you are using a very insensitive 
receiver, antenna preamps will probably do more harm than good. In addition, some Doppler 
sets hard-switch the preamp supply voltages. This causes the same broadband noise problems in 
a wideband receiver that improperly biasing the PIN diodes does. 


3. As I explained in detail in my Homing In of April 1995 and August 2003, the impedance match 
(or mismatch) presented to switched-off whips in a Doppler array determines the multipath 
performance of the system. Preamps usually "look like" 50 ohms, which is undesirable in this 
application. 


In summary, I believe that a properly designed PIN-diode switcher (with correct ON and OFF biasing), 
when used with a sensitive narrow-range receiver, gives as good or better overall Doppler performance 
(in both sensitivity and multipath accuracy) than any preamp-based design does, whether hard or soft- 
switched. 


Q: Our club wants to set up some RDF sites to automatically find jammers and display their locations 
on the Internet. How do we do it? 


A: First, understand that you won't be able to use such a system to positively identify RF coming from 
a specific house or apartment at a distance. Let's say you set up a RDF system with three sites to cover 
a typical urban area of 20 X 20 miles. For good coverage of the area, the sites will have to be on the 
perimeter. Assume that you can find enough quiet sites and link them. Now assume that the jammer is 
right in the middle of the triangle of sites (best case). The intersection of your bearings and their 
uncertainties will create a polygon with an area of about 4 square miles! That certainly won't be good 
enough evidence for the FCC. There are about 10 hams per square mile in my city, probably the same 
as where you live. So you'll still have to do plenty of close-in DFing to verify the actual perpetrator's 
site and get eyewitness evidence. 


Why the large polygon? Because the inherent uncertainty of a bearing from a typical VHF 4-whip 
Doppler in an urban environment is about +/- 5 degrees, even if you have 10-bit readout precision. 
Sometimes, the bearing error is even greater, especially at fixed sites. (See Chapter 18 of THRDFS.) 


This is not intended to discourage you, just to add a healthy dose of reality. If you want to link up RDF 
stations, consider using APRS, which allows packet interconnection of a limitless number, both fixed 
and mobile, close-in or far away, each one displaying their own and everyone else's bearings. Bearings 
and station locations can be input to APRS either manually or automatically, so even base stations with 
beams can help out. For more info, see my Homing In columns in 73 Magazine for October 1994, 
January 1995, and February 1995. 


Q: How can I interface my Doppler to APRS? 
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A: Any of the popular homebrew or kit-built Doppler RDF sets with 8, 16, or 32 LED indicators can be 
connected to computers using a circuit developed by Robert Swain N7LUE. This includes the popular 
Roanoke Doppler and the DoppleScAnt from QST in the 70's. Robert's circuit takes the binary 
information from the LED drivers and outputs a serial RS232 data stream of ASCII characters 
representing directions. For details, see Doppler-to-APRS interface at this Web site and Homing In for 
August 1995. A microcontroller-based serial interface that outputs in "Agrelo" format is described on 
the Web pages of Bob Simmons WB6EYV. He also sells the PicoDopp, a Doppler add-on that includes 
serial interface, in semi-kit form. 


Some sets made by Doppler Systems Incorporated feature RS232 serial output consisting of 3-digit 
numerical readout of bearing in degrees. Doppler Systems sets in the 3000, 4000, and 5000 series can 
also be used with N7LUE's interface. 


The MicroFinder Doppler set by AHHA! Solutions has serial output of bearing information in "Agrelo" 
format. 


Q: Why are there only 16 LEDs on the Roanoke Doppler? 


A: The Roanoke Doppler was designed for the best combination of simplicity and performance. A 16 
LED display is usually quite adequate for tracking signals when mobile in urban areas. It gives a rapid 
indication of which way to drive when time is of essence. I still use my 16-LED unit on the local hunts 
with good results. When I need higher accuracy for triangulation, I switch to a beam. 


Finer resolution is possible with some circuit changes. Tom Curlee WB6UZZ has designed a version 
with digital readout to the nearest degree. But the basic bearing accuracy of VHF Dopplers on vehicles 
is typically +/- 5 degrees, so such a display gives a false sense of accuracy. And all these improvements 
require more complexity. That means more parts to find and greater cost. We have found that most 
hams want maximum simplicity in projects they have to build themselves. (On the other hand, when 
they buy a ready-to-use piece of gear, they want maximum bells and whistles.) 





Part 2 - Questions About Other RDF Equipment 


Q: Can you help me get my (choose one) Agrelo, Ramsey, Dick Smith, or "bow-tie" RDF equipment 
(not in THRDFS) to work? 


A: Mail about these units is so frequent that I have posted details at this site. 
Agrelo DFjr Doppler 
Ramsey SlyFox and Foxhound 
Dick Smith Doppler 
"Bow-tie" sets by K8DTS and others 
Q: I can't get my Shrunken Quad to work. What's wrong? 


A: Most likely you are using the wrong piston trimmers, but it could also be an improperly built balun. 
Go to More on the Shrunken Quad to find out. 


Q: Are there any updates/corrections to (fill in your favorite project in TRANSMITTER 
HUNTING---Radio Direction Finding Simplified)? 








dia.org/wiki/File:19th_century_knowledge traps _and_snares_ portable _snare_1.jpg 
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A: Click here to get the latest updates to THRDFS. 
Q: Where can I find boards/kits/parts for your projects? 


A: I try to locate inexpensive sources for uncommon parts and include them in all my project articles. 
For updates and additional parts/boards info, jump to the Hardware Resources page at this site. 


Part 3 - Questions About Transmitters and Covert Tracking 


CN =u 


ro: My club wants to start transmitter hunting but first we need a hidden 
transmitter. What is available? 












_A: No problem! The transmitting part of T-hunting is easy if you give it a little 
“thought. Keep in mind that no transmitting setup is perfect for all hiding situations. 
/)Hiders use a wide variety of equipment, with power output and antenna type 

» depending on the distance to the start point and the level of intended difficulty. You 
wneed to determine, for instance, whether you want to do short range on-foot 

; hunting, longer range hunting on bicycles, or still longer range mobile hunts. 


or your first mobile hunts, just have someone stay with the transmitter and and 
key it up at appropriate intervals. The hider can read into the mike from a book, or from the club 
newsletter, or just make comments and urge the hunters on, as NOQEC and KB@IEK of the Lincoln 
(Nebraska) Amateur Radio Club are doing in the photo at left. 


After a few hunts, you may want to put together an 
unattended transmitting setup, so the hider doesn't have to 
stay with the rig. For starters, connect your two-meter 
hand-held or mobile transceiver to a tape recorder playing 
an endless loop answering machine cassette with an 
appropriate message and ID. Some hiders like to use a 
dual-band hand-held and activate it on the subband from 
another transmitter. Later on, after you gain some 
experience and have a better idea what suits your needs, 
consider a dedicated home-built or commercial "foxbox" 
with tones and a cycling timer for hiding. See the 
Hardware Resources page at this site for transmitter 
controller ideas. 





For short-range on-foot hunts in parks, consider complete mini-transmitters like the SquawkBox by 
Bob Simmons WB6EYV (photo at right). It records and sends short voice messages at adjustable 
periodic intervals. 


More about transmitting gear for on-foot hunts can be found in the Equipment Ideas for Radio- 
Orienteering page of this site. And of course there is a complete chapter of clever transmitter hiding 
ideas in THRDFS. 


Q: I need a miniature transmitter to put on my prized possession (sports car, TV set, motorcycle, 
coonhound) to find it after it wanders away or is stolen/abducted. What is available? 
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A: Yes, I have actually had inquiries about tracking devices for each of the above examples, and many 
more! Unfortunately, it is still true that you get what you pay for, and no matter what you pay, there's 
no assurance of success. 


In the under-$40 category are "experimenter" micro-transmitters such as the TT7-K "Tracking 
Transmitter Homing Beacon" sold by Amazing Devices. Several miniature transmitter models are 
available from ElectroKits. These "bugs" typically use the 88-108 MHz FM broadcast band, where 
low-power unlicensed transmitters are permitted by FCC Part 15. Manufacturers sometimes claim 
range of three miles or more for these FM micro-transmitters. But that range assumes high-gain 
antennas on both transmitter and receiver. A practical antenna on a stealth radio tag will seldom be 
large and efficient enough for that. Furthermore, if one were to actually achieve three-mile range with 
such a transmitter, that fact would demonstrate that the field strength is in excess of that allowed by 
FCC Part 15 rules for unlicensed devices in the USA. In other words, it would be illegal operation of a 
radio transmitter in the eyes of the law. 


Some of these experimenter FM-band transmitters use simple L-C tuning, so the transmitter tends shift 
frequency due to temperature changes, battery voltage droop or proximity to other objects. Futhermore, 
the FM broadcast band is not suitable for covert operations, as the tag can be tuned in on every home 
and car radio within range. Usable tracking range is severely limited by interference from powerful 
broadcast stations. The high level of audio FM deviation (+/-75 KHz) used by transmitters and 
receivers in the FM broadcast band is not compatible with narrowband Doppler RDF techniques. Have 
I convinced you that this is not a good option for most applications? 


S 


Also available for about $40 are micro VHF transmitters for the two-meter ham radio band, 
such as the MR6 Model Rocket Tracking Transmitter Kit by Ramsey Electronics. A similar 
postage-stamp sized transmitter project was detailed in Homing In for May and September 
1993 (photo at left). At about 10 milliwatts, such transmitters are perfect for short-range 
ham radio transmitter hunts (see previous question). But two-meter frequencies may be 

* used only by licensed ham radio operators, with proper transmitter identification, in 
‘accordance with FCC regulations. Plenty of ham radio T-hunters are ready and eager to 
track down intruders on these frequencies, and they won't be amused if they discover that a non-ham is 
using their spectrum space to keep track of his cat. There are restrictions and license requirements for 
the use of other VHF and UHF frequencies at these power levels as well. 
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A much better choice would be the tiny transmitters and 
tracking receivers made specifically for tracking 
mammals, reptiles, birds, fish and even insects. See my 
RDF links page for commercial suppliers of transmitters 
and receivers that are popular with two market groups: 
wildlife researchers and the owners of prize hounds. A 
good example is Communications Specialists of Orange, 
California, which sells waterproof tracking transmitters 
that are about the size of a stack of six quarters (photo at | 
right). They may operate unlicensed under FCC Part 15 be - 
rules and are powered by a lithium-ion "coin-cell" battery | )% 
that lasts about a month. Com-Spec is expanding the 
market for these radio tags by selling them as the « 
LoCATor Pet Tracking System, the Radio Controlled Airplane ELT System, and the Law Enforcement 
Tracking System. Range of Part 15 compliant transmitters is a few blocks in the city and up to a mile in 
open terrain with transmitter and receiver elevated. For official law enforcement use, more powerful 
transmitters certified to FCC Part 95 are available for greater range. 





To save battery life, these critter-tracking transmitters are pulsed for a few tens of milliseconds, every 
second or so. Their low-power signals are so weak at long range that dual-antenna sets and Dopplers 
are at a disadvantage. Sensitive narrowband receivers and beam or phased-array antennas work best. 
Professional grade tracking receivers are quite expensive, but the 30-channel Com-Spec Model PR-30 
215 MHz range set with Moxon type directional antenna (photo at right) is a bargain at about $200. 
Another option is a consumer-type scanner. It must be multi-mode model such as the Icom IC-R10, 
Trident TR2400 or Sony ICF-PRO80, which include CW/SSB (BFO) modes. For a tracking antenna, 
you could build a small cubical quad from plans in THRDFS. 


If money is no object, consider the complete RDF tracking systems manufactured by law-enforcement 
suppliers such as Tracking Products, Inc. Also at the high end of the cost range are "hostage tracking" 
systems sold by "spy market" distributors such as Surveillance Equipment Group and Airtight 
Investigations. Note that even with their high prices, there are practical limits on range and battery life. 
All advertising claims must be taken with more than a grain of salt. None of these providers offer any 
guarantees that you will locate whatever you're tracking or even that you will hear a trackable signal. 


For vehicles, don't overlook LoJack and other commercial tracking systems. LoJack transmitters are 
installed in an undisclosed place in your vehicle or other important asset and activated automatically 
when it's reported stolen to the police. Then the signal is received and RDF-tracked by police and 
sheriff cruisers and aircraft (over 400 in the Los Angeles area alone). Ask the LoJack salesman if the 
guarantee of your car's return is still offered. 


There are also non-RDF vehicle tracking systems such as the new GPS-based CyntrX by Enhanced 
Vehicle Applications of Wisconsin. It is sold by TechWholesale in Ohio. (Reports from users wanted, 
please let me know your experiences by e-mail.) 


Q: What about a pager-sized tracking device to put on toddlers? Parents would carry a pocket-sized 
receiver so that they could locate the child in case he/she became lost. 


A: As you can imagine, the tracking of children is a much more serious and difficult matter than the 
tracking of cats and sports cars. Here are just some of the many factors that must be considered if 
direction-finding technology is to be used: 
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- Size - For sufficient transmitter power and antenna size for tracking over a wide area, the child's 
device must be bigger and heavier than most people desire. 


- Tracker - An effective tracker needs a "wide aperture" antenna for sensitivity and accuracy, so it 
cannot be pocket-sized. But parents won't want to haul around a big tracker on every trip to the 
amusement park. 


- Battery Life - The longer the battery must last, the bigger and heavier the transmitter on the 
child must be. 


- Antenna - How do you put an effective antenna next to a child's body without detuning it? 
- RF Radiation - Is it safe to have a transmitting antenna next to a child's body? 
+ Liability - Will the maker be sued if parents cannot quickly find their child with the device? 


+ Security - How do you keep criminals from tracking lost children, too? What happens if a 
potential kidnapper finds the lost child before the parents do? 


Companies such as Xmark Systems make "perimeter protection" systems that sound an alarm if a tag- 
wearing individual wanders or is taken out of a protected area. These systems are marketed to health 
care facilities as alarms to provide early notification of wandering Alzheimers or mental patients, or of 
infant abductions. They are based on RFID technologies (see next question), so they don't have any 
direction-finding capabilities. The protected perimeter is non-portable, and the tags can't be used to 
help find the person once he or she is outside the protected area. Care Trak, Incorporated sells a system 
of wrist/ankle transmitters that combines perimeter alarm and short-range (up to one mile) RDF 
tracking. In some localities, RDF-proficient volunteers assist authorities in tracking wandering patients 
under Project Lifesaver. 


Some startup "personal tracking" companies, such as Protect Me Toys (now defunct?), eWorldTrack, 
Wherify Wireless, and Digital Angel (also defunct?) have received considerable press (and resulting 
investor attention) for their claims of long-range positioning and tracking. None of their systems use 
traditional direction finding (i.e. beacon transmitter and human-carried RDF gear). Instead, they are 
based on wearable Global Positioning Receivers with radio transmitters that beacon the GPS data to 
trackers directly or via cell/PCS phone systems. Currently available models are relatively large, have 
short battery life, and require a clear view of the sky for accurate positioning. A savvy child abductor 
would quickly remove such a device from the child or shield it to render it inoperative. 


Other RDF-based systems now on the market for tracking children and adults include the medium- and 
high-end solutions described in my answer to the previous question, with the usual power, range, and 
battery limitation. If you have personal experience with any of these products, good or bad, or if you 
discover any other suitable (or unsuitable) systems, please let me know the details by e-mail. 


Q: Our construction company is losing small tools, either by accident (falling into holes) or theft. Can a 
transmitter be inserted into items like wrenches, drills or grinders, with a RDF unit capable of detecting 
them inside a car trunk? 


A: Radio Direction Finding (RDF) technology is typically done at considerable distance (from yards to 
miles and beyond). To do that, transmitters require long-term power sources (such as batteries) and 
antennas. They're usually too large to be placed on or in a hand tool. In addition, the transmitted signal 
can be detected by anyone with a receiver tuned to the proper frequency, so these systems are not 
covert. 
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RFID technology at the jobsite exit is probably more appropriate for this tool-detection application. 
RFID systems track property and objects at relatively close range with unique codes. For instance, 
chips (also called tags or transponders) can be implanted in pets to provide positive proof of ownership 
if the pet strays into the pound or is stolen. A reader device, passed over the chip, detects it and reads 
out the chip's unique ID code. Similar RFID systems sound an alarm when non-paid-for merchandise 
passes through the doors of a store. RFID done at greater distance in automatic toll collection systems 
on and elsewhere. At one time, the FasTrack transponders for southern California toll roads could even 
be used to quickly pay for a McDonald's burger at the offramp. (This feature was discontinued because 
so many transponders were being stolen out of cars and then used for this purpose!) 


In an ideal situation, the chips are "passive," meaning that they don't require battery power. They 
usually cannot be detected with conventional receivers, but only by a reader or polling device designed 
to be used with them. 





Part 4 - Miscellaneous Questions 
Q: I'm ready to go on a mobile T-hunt. How do I find one? 


A: If you live in southern California, see the Southern California T-Hunts for Beginners page at this site 
for monthly mobile T-hunts in the Los Angeles and Orange County area where first-timers are 
especially welcomed and encouraged. Web sites about other Los Angeles area Saturday night hunts and 
the southern California All-Day hunts are on the Links page of this site. That page also has links to Web 
sites and Homing In Correspondents who can tell you about hunts all over the USA, and in some other 
countries, too. If there are no hunts in your area now, get together with your local ham club members 
and start them! 


Q: My friends and I chat on the local two-meter repeater. Somebody on there transmits beeps and 
mocks us. We can all hear him on the input of the repeater. Please listen with your direction finding 
equipment. We need to stop him. 


(Believe it or not, requests for me to listen on VHF/UHF have come from hams that are hundreds of 
miles away from me!) You and your friends need to put some RDF gear on your vehicles and track 
down the offender yourselves. That's why I have this site and my book --- to help hams like you 
become proficient at RDF. It's not hard. Once you find him or her, a little friendly persuasion may be all 
that it takes to eliminate the problem. If not, the chapter on solving malicious interference problems in 
THRDFS may be helpful in developing a strategy. 


You should also find out if the Amateur Auxiliary and Official Observer programs of the American 
Radio Relay League are active in your area. If so, join them now. Your ARRL Section Manager has 
more information. 


Q: Is it true that transmitters can be "fingerprinted" for positive identification without the user being 
aware? 
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- A: The concept of transmitter fingerprinting was invented and patented decades ago 
~ by Phil Farrell K7PF of Seattle. He licensed his patent/technique to The Boeing 
WW Company and to Motron Electronics, which sells equipment for it. The Motron 
implementation (called TxID) consists of a card that plugs into the expansion slot of 
a PC, plus software running under DOS. The asking price is higher than most 
~~ individuals are willing to pay, but it is affordable for repeater clubs. I tested and 
reviewed the system in Homing In for November 1994. The review explains the principles of 
fingerprinting and shows good and bad points, including comparison of some same-model transmitters. 
Since then, Motron has added features such as receiver frequency control and readout for remote 
operation. TxID will control a tape recorder for evidentiary purposes. 






A few hams have developed similar fingerprinting systems. The first was "XMIT_ID" by Richard 
Rager KB8RLN. It used PC software and an 8-bit Soundblaster card. I have lost contact with Richard 
and don't know the current status of this project. 


"Sherlock" by Malcolm Mallette WA9BVS also runs on a PC and uses its sound card with commercial 
oscilloscope software. The newest version of Sherlock, which works with Windows XP and Vista, was 
detailed in a feature article by WA9BVS in the Winter 2006 issue of CQ VHF magazine. Click to 
download this article in PDF format (7 MB), courtesy of WA9BVS. 


XMIT_ID and Sherlock are intended for home experimentation only. Commercial production of any 
fingerprinting system based on the turn-on frequency changes of a transmitter may infringe on US 
patent 5,005,210. 


Q: What is a Crenshaw Factor and why do I need one? 


A: The Crenshaw Factor has been used for many years in southern California T-hunts to normalize 
mileages and account for odometer differences between various vehicles. Your vehicle's Crenshaw 
Factor is the odometer mileage you get when you drive a standardized course that runs along Crenshaw 
Boulevard for about 9 miles. The course was chosen because it is relatively straight and goes up to the 
start point of the All-day hunts. This makes it easy for hunters to check their factors regularly on the 
way to a hunt. 


A big problem right now is that the landmarks at the start of the Crenshaw have changed. The official 
start point is in front of a now-gone telephone booth in front of a now-gone Winchell's Doughnut shop 
on the southwest corner of Artesia Boulevard and Crenshaw. If you can find this point, then all you do 
is record your odo reading and drive in the left-hand lane along Crenshaw to the stop sign at Crest 
Road in Rancho Palos Verdes. Your elapsed mileage to that point is your Crenshaw Factor. 


Nobody knows exactly what this distance is, but it doesn't matter. To normalize mileages on a T-hunt, 
each vehicle's elapsed odometer mileage is divided by its Crenshaw factor. The result is in "Crenshaw 
Units." The team with minimum Crenshaw Units wins. 


Example: Say your odometer mileage on the hunt is 35.7 and your Crenshaw factor is 8.8. Your 
Crenshaw Units are 4.057. You think you won, but another hunter has odo mileage of 36.8 and 
Crenshaw factor of 9.3. That means his odo reads higher than yours for the same distance traveled. His 
Crenshaw Units are 3.957, so he beat you. 


It is commonplace for two or more hunters to have low mileages within a few tenths of one another. 
Crenshaw Factors are needed to determine winners on many of our milege hunts, so it is important for 
every hunter to have one. 
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Q: Why has your book's price increased to $24.95? 


A: I don't know. It was done by the new publisher in recent printing runs, without notice to the authors. 
There are no changes in these print runs, so look for previous-printing books at lower prices, if you can 
find them. 


Q: I have a ham store and would like to carry your book. Do I have to get it from ARRL? 


A: Retailers and dealers should get books directly from the publisher. Call McGraw-Hill Trade Order 
Desk at (800) 722-4726 to place quantity (5 or more) orders. 


Q: Is there any difference between ISBN number 007-1560068 and ISBN number 0-8306-2701-4 for 
your book? 


A: The book has two ISBN numbers because one was assigned to it by TAB Books originally, and the 
second was assigned by McGraw-Hill when McGraw-Hill acquired TAB Books. Booksellers might 
show stock in either ISBN number, depending on when they ordered the book and put it into their 
computer system. Sorry for the confusion, but I have had no control over this process. 


Q: Why don't you sell copies of old Homing In columns or post them here on the Web? 


A: For logistic and contractual reasons, I don't mail out or sell copies of magazine articles I have 
written. Furthermore, they cannot be posted here or on any other Web site, with only a few exceptions. 
Your fastest source for back issues of ham magazines is probably a visit to your local library. A nearby 
ham radio store may also have recent issues in stock. Many ham clubs maintain ham magazine libraries 
for their members. 


Q: Can I make and sell kits and boards for projects in your books and articles? 


A: Since Tom Curlee and I don't have the time to get into the board/kit business, we welcome other 
enterprising hams supplying these products. However, our publishers insist that we protect the 
copyrighted material appearing in the book and my magazine columns. Kit/board suppliers must not 
duplicate, sell, or give away any of the TAB/McGraw-Hill or 73 documentation of the projects. 
Kit/board buyers should be urged to purchase THRDFS for the tune-up, calibration, installation, and 
operating details. This works out well, because some of our kit suppliers are making extra money by 
retailing the book! To purchase books wholesale (5 or more copies), call the "trade order" desk at 
TAB/Mc-Graw-Hill. Please note that Tom and I support the circuits in our book, but we accept no 
responsibility for performance of third-party boards and products. 
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Hardware Resources for RDF Home Builders 


Sources for the Roanoke Doppler project 


Complete construction plans for the Roanoke Doppler are in Transmitter Hunting---Radio Direction 
Finding Simplified (THRDFS). The following are sources of printed circuit boards for the display unit. 
Some may also offer critical parts, complete kits, and/or wired/tested units. 


Directional Systems: Jim Sorenson KA4IIA, PO Box 81881, Conyers, GA 30094, 
ka4iia@radio.org 


FAR Circuits: Fred Reimers KF9GX, 18N640 Field Court, Dundee, IL 60118, farcir@ais.net or 
http://www.farcircuits.net (847) 836-9148. Users have reported errors on older versions of the 
display boards. They have been corrected in display boards now being shipped. FAR Circuits 
also has a circuit board for the Wide-Range Antenna Array. There is a minor correction to the 
marking on this board. Click here for more information. 


Stephen Douglas K6HZT of Sacramento, CA, k6hzt@arrl.net or 
http://www.marshwildman.com/doppler.htm. Please note the board errata information on his 
site. 


Disclaimer: The information above, and elsewhere on this page, is provided for the convenience of 
readers only. These suppliers are independent entities. They have no business association with Joe 
Moell or Tab/McGraw-Hill. A listing on this page does not constitute endorsement of products. Contact 
these suppliers directly for offers and prices. 


Boards are no longer available from Ed Greany KB6DOL or Tom Lewis ABSCK. 


Sources for RF attenuator projects 


Resistive RF attenuators are best suited for mobile HF and VHF T-hunting with directional antennas 
such as loops, yagis and quads. Pete Ostapchuk N9SFX sells parts for resistive attenuators, including a 
6-section enclosure machined from 6061-T6 aluminum bar stock and engraved with attenuation values. 
Also available from him are switches, resistors and connectors. Plans for his project are in QST 
Magazine for May 1998. Send e-mail to n9sfx@aol.com for details and prices. The above disclaimer 
applies. 


Another source of resistive RF attenuators is National RF, Incorporated (formerly Radio Engineers) of 
San Diego, CA. 


For on-foot VHF/UHF "sniffing" and international-style foxhunting with a beam and handi-talkie or 
scanner, an "offset" or "active" attenuator is better because it eliminates the problem of signal leakage 
directly into the receiver's case. Plans for an active attenuator are at this Homing In site, click here. 
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Sources for fox-boxes 


Hidden transmitter controllers, sometimes called "fox-boxes" are units that provide audio and timed 
key-up/key-down (push-to-talk) outputs. A fox-box turns an ordinary handi-talkie or mobile transceiver 
into a cycling hidden T. Here are four fox-box projects for home construction: 


1. The Un-Music Box by K@OV is an easy-to-build project using common easy-to-obtain CMOS 
ICs. No microprocessor programming is required. Provides on-off cycling or continuous 
transmissions. Callsign is hand-programmed using two switches; shift register memory has 
battery backup. Complete plans in the bbok TRANSMITTER HUNTING---Radio Direction 
Finding Simplified. You can remote control the Un-Music Box with a surplus pager receiver 
using plans in Homing In for December 1990. 


2. PicCon by Byon Garrabrant N6BG uses a Microchip PIC microcontroller and has a variety of 
programmed on/off modes and tone sequences for mobile T-hunts as well as IARU-standard 
MOE/MOI/MOS audio, timing and synchronization for international-style radio-orienteering. 
DTMF remote control and programming with your HT or external receiver. Delayed turn-on 
and turn-off timers. Callsign and programming info are held in EEPROM when power is 
removed. Reviewed in Homing In for March 1997. Complete kit is available from N6BG. 


3. TBOX by Ron Seese N6MBR uses an 80C51 microprocessor to provide three programmed tone 
sequences and/or a CW message. User-programmable on and off times in intervals from 
seconds to hours. Programmed via RS-232 serial port using commands similar to packet TNCs. 
Non-volatile memory (EEPROM) holds programming and message when powered down. 
Optional SmartWatch clock turns fox on automatically at programmed time. Plans for basic unit 
are in Homing In for October 1991. Assembly, object and binary files for the microcontroller 
program (10K total) are available at this Homing In site. Contact NOMBR regarding availability 
of kits and critical parts. 


4. Francois Tremblay VE2JX and Jacques Brodeur VEZEMM of Montreal have designed a new 
PIC-based foxbox for international-style hunts with MOE/MOI/MOS audio, synchronization of 
2 to 7 foxes, delayed start of up to 3-1/2 hours in 1/2-hour increments, and automatic shutoff 
after four hours of operation. Callsign is held in non-volatile flash memory. Callsign changes 
and mode setup are easily done with dipswitches. This project is fully described in Homing In 
for April 1998. 
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Sources of PIN type RF diodes 


For maximum receiving sensitivity and minimum problems with cross-modulation, good RF PIN 
diodes must be used in hard-switched dopplers such as the Roanoke Doppler. Breakdown voltage and 
power rating of the PIN diodes are not important in low-level receiving circuits. (You aren't going to 
transmit through the switcher, are you?) For low loss and good sensitivity, the diodes should have low 
RF resistance (Rs) at the expected forward DC bias current (7.5 mA for the wideband switcher). They 
should have low capacitance (Ct) at the reverse bias off-state voltage. Effective carrier lifetime and 
reverse recovery time (Trr) should be short. (PIN diodes with long carrier lifetime are ideal for current- 
controlled RF attenuators, but that's not what we want in this application.) Keep the diode leads very 
short to minimize inductance and make sure signal path lengths, including diodes, are equal for all 
elements in the array. 


Suitable PIN diodes include: 


Narda KS3542 -- DO-34 package, click for data sheet. A ham with a supply of these diodes has 
offered to make them available in small quantities to home builders of RDF equipment. Send e- 
mail to me for more information. 


Philips NTE555 or ECG5S55 -- "Replacement" type semiconductor available at local electronics 
parts houses all over the country. Even some giant computer stores such as Fry's Electronics 
carry NTE parts. Priced $1.50 to $2.00 each. This is an older part with tab leads and unspecified 
series RF resistance. 


Agilent Technologies (formerly Hewlett-Packard) surface-mount PIN diodes -- Surface-mount 
parts are best if you're building a doppler for UHF (400 MHz and up). Three types used to be 
easy to get from RadioShack.com but are apparently no longer available there. Try Arrow 
Electronics, a major parts distributor in in Melville, New York. The Agilent HSMP-3892 or 
HSMP-3893 are good choices for a series doppler switcher such as the wideband array on this 
Web site. On the other hand, the HSMP-3820 is optimized for a shunt switcher such as the one 
in THRDFS. 


Motorola MPN3404 -- In TO92-style plastic package. 50 cents each or ten for $4.50 at Circuit 
Specialists, 220 S. Country Club Dr. #2, Mesa, AZ 85210 (800) 528-1417. $1.00 each from 
Debco Electronics, 4025 Edwards Road, Cincinnati, OH 45209 (513) 531-4499. Advertised 
price is 60 cents each at Dan's Small Parts and Kits, Box 3634, Missoula, MT 59806-3634 (406) 
258-2782. 


TRW A5S303 -- Axial lead device formerly available from Tanner Electronics in Carrollton, TX 
(214) 242-8702. Does anyone have a new source? 


Agilent Technologies 5082-3077 -- Axial-lead low-Rs device available from Newark 
Electronics. Newark also carries Agilent 5082-3081 and 5082-3080, which are long-carrier- 
lifetime parts intended for variable RF attenuators and thus not suitable for doppler switches. 


Motorola MMBV3401LT1 -- Surface-mount replacement for the now-discontinued MPN3401. 
Available from Motorola industrial distributors. Not suitable for perf-board construction. 
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After I bought some Motorola PIN diodes from Debco Electronics, I mentioned their availability in 
Homing In for April 1995. A reader wrote to me after publication to say that Debco was astonished at 
the response. The order-taker said that they hadn't sold a PIN diode for over a year and then after the 
article came out they began selling like hotcakes. Who says hams don't build nowadays? 


Other Sources of RF Parts 


Hard-to-find RF parts such as air variable capacitors for tuning HF loop antennas can sometimes be 
found at dealers of "overstocked" or "industrial surplus" components. Here are three to try: 


Bogdan Electronic Research & Development (Jim & Carolyn), PO Box 62, Lakewood, CA 
90712, (562) 634-0911. They sell RF parts by mail and are often at southern California swap 
meets, too. Note: Jim says that the margin on small quantities of RF parts is so low that it's not 
cost-effective for him to return calls. (I know the problem!) Therefore, please use e-mail or call 
back to catch him or Carolyn "live" on the phone if you get a recording when you call. 


All Electronics, PO Box 567, Van Nuys, CA 91408. 
Alltronics, 2300 Zanker Road, San Jose, CA 95131, (408) 943-9773. 


For more information about sealed RF "piston" trimmer capacitors and sources, see the Shrunken Quad 
page at this site. 


Ferrite beads and cores for the dual-polarization quad (see Homing In for February 1997) and other RF 
projects are available by mail order from Amidon Associates. Locals can save shipping charges by 
picking up orders at 240 Briggs Avenue, Costa Mesa, California, during normal business hours. Call in 
advance to 800-898-1883 or 714-850-4660. 


ByteMark Corporation, 7714 Trent Street Orlando, FL 32807 (407) 679-3184 also carries Amidon 
ferrite components and has technical information about Amidon ferrite and iron powder products on its 
Web site. In addition, ByteMark sells a Windows-based program for calculating the turns for coils on 
various Amidon cores. 


The Philmore line of packaged electronic parts includes unusual items such as Amidon T50-6 cores 
(used in the ATX80 80-meter fox transmitter), International Rectifier HEXFETs, MPF-102 JFETs, etc. 
Unfortunately the Philmore Web site does not have a complete product list, but it does include a list of 
local distributors of these parts. 


Crystals for 80-meter foxboxes are available from Brian Carling AF4K in Sanford, FL. He also sells 
some crystal-can oscillators that may be suitable for building offset attenuators. 


Jerry Boyd WB8WFK provides this feedback on ON7YD's Fox Transmitter for 80 meters (ATX80), 
which was featured in 73 Magazine for November 2000: "Motorola MC14001B Quad-NOR ICs from 
Radio Shack (part number 276-2401) didn't work. The oscillator would not start properly. I tried 6 
different ones and they all acted the same. I put in an old Fairchild CD4001B Quad-NOR and now it 
works with no problem. I downloaded data sheets from the manufacturers' Web sites and the internal 
schematics are indeed different." Fairchild ICs are available from many suppliers, including Digi-Key. 
K@OV's six transmitters use Signetics (Philips) CD4001B's packaged by Jim-Pak and sold by local 
parts suppliers nationwide -- they all work fine. 
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Sources for building polar-plot bearing readouts 


I have many requests for sources of unusual electromechanical parts used in two-dimensional bearing 
indicators such as the KK6CU motorized quad, the WB8WFK and KD6IFZ computer displays, and the 
N@MKSJ Foxcopter. (See the Homing In Index page at this site for articles describing these RDF 
systems.) 


For (relatively) inexpensive surplus sine-cosine potentiometers as used in the KK6CU motorized quad, 
try Servo Systems Company, 115 Main Road, PO Box 97, Montville, NJ 07045, (201) 335-1007, in 
USA (800) 922-1103. The last catalog I received from this company included sin-cos pots by Litton, 
Duncan, N.E.I., Samarius, and Gamewell. There were continuous turning and single-turn models with 
prices from US$18.50 to $69.50. 


For a "Cadillac" system, check out these contactless sin-cos resolvers using internal magnets and Hall 
effect sensors, designed to be rotated at up to 10,000 RPM: Elweco Incorporated, PO Box 909, 
Painesville, OH 44077-0909, (440) 254-1716. 


Small industrial rotary joints (slip rings) in the $30 price class are suitable for low-voltage uses. 
N@MKJ used one of these for the two-meter coax feed in his Foxcopter. They are available from 
McMaster-Carr Supply Company, PO Box 54960, Los Angeles, CA 90054-0960, (310) 692-5911. 


Another promising source of rotary joints is Mercotac, Incorporated, 6195 Corte del Cedro #100, 
Carlsbad, CA 92009, (619) 431-7723. Unfortunately the Web site does not list prices. If you use one of 
these products in your RDF system, please let me know how it works and what it costs. 


Inexpensive electronic compasses with digital output (Vector 2X series) are manufactured by Precision 
Navigation Incorporated, 1235 Pear Avenue, Suite 111, Mountain View, CA 94043 (415) 962-8777. 
They are sold by Jameco Electronic Components, 1355 Shoreway Road, Belmont, CA 94002, (415) 
592-8097, in USA (800) 831-4242. They are also sold by JDR Microdevices, 1850 South 10th Street, 
San Jose, CA 95112, (408) 494-1400, in USA (800) 538-5000. 


From Peter PB2RDF comes this suggestion for a source of obsolete and out-of-stock electronic 
components for replacement or for older designs: 1-Source Electronic Components, 591-B Bicycle 
Path, Port Jefferson Station, NY 11776 (800) 966-8826 or (631) 642-2479. 
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RF Sniffer with Tone Output 


Here is a neat Sniffer 
designed by Don, KFOGQ. Itt MU RF Sniffer with Tone Output 
produces an audible tone 

which rises in frequency as 
the signal gets stronger. It 


uses 5 transistors and a 555 Ly Zero , 
7 L J jus 
timer IC. L 
: Sensitivity 
For a 1 Watt transmitter, adjust 





sniffing range is about 225 
feet using a 3 element Quad 
beam, or about 100 feet with 
a 1/4 wave spike antenna. 


The Zero Adjust pot is used a 555 
to set the tone frequency einer 
when there is no RF. With 
knob, field adjustable. ssnulles Babies 





The Sensitivity Adjustment pot is used to control how much signal is required to produce the maximum 
tone frequency. With knob, field adjustable. 


Parts Not Given on Schematic 


L1 =5 turns, 1/4 inch form tapped at 1.5 turns. (For 2 meters) 

Ct = Small RF trimmer capacitor, adjustable over about 5 to 45 pFd. Not critical. Screwdriver 
adjustment is fine. 

Ql & Q4 = 2N5457 (silicon J-FET) 

Q2 & Q3 = 2N3904 (silicon NPN) 

Q5 = 2N3906 (silicon PNP) 

NOTE: Just about any small-signal silicon transistor of the same general type as specified should work. 


Contact Information 


George (Russ) Andrews, K6BMG 

BMG Engineering, Inc. 

9935 Garibaldi Avenue 

Temple City, CA 91780 USA 

Phone: 1(626)285-6963 

FAX:  1(626)285-1684 (dedicated line, automatic) 
Web: _http://members.aol.com/bmgenginc 
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Audible S-Meter 
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The Montreal Audio FS-Meter 


PARTS LIST, 27 JULY 99 


R1 =2M7 1/4 W (2.7 mohms) 

R2 = 47R 1/4 W (47 ohms) 

R3 = 100K 1/4 W 

R4= 10K 1/44W 

R5 = 10K 1/44 W 

R6 = 1K0 1/4 W or 1K0 trimm pot DK# D4AA12-ND for volume adjustment 
if needed (1 kohm) 


RV1 = 1M0 to SMO POTENTIOMETER (GAIN) (1 to 5 mohms) 
RV2 = 10K 1T TRIMM POT, DK# D4AA14-ND 


Cl = 2-20 pF RED TRIMMING CAP DK# SG20015-ND 

C2 =.001 uF CER 

C3, C4 = .luF CER 

CS = 1 uF ELECTROLITIC 16V 

C6 = 100 uF ELECTROLITIC 16V, Mount laying down on the board 
C7 =.01 uF CER 


D1 = 1N34, IN60 ETC GERMANIUM DIODE 
IC] = MAXIM MAX495CPA RAIL TO RAIL SINGLE SUPPLY OP-AMP, DK# MAX495CPA-ND 
IC2 = MICROCHIP PIC12C671/JW, UPGRADABLE, DK# PIC12C671/JW-ND 

OR FOR LOWER COST, PIC12C671-04/P, NOT UPGRADABLE, DK# PIC12C671-04/P 


L1 =2T, 1/4" ID ON COLD END OF L1 #20 
L2 = 5ST, 1/4" ID AIR WOUND #20 


SW1 = SPST MINIATURE SWITCH 
MISC: 


3 = AAA BATTERY HOLDER 

1 = 18 pins IC socket or 2 = 8 pins IC sockets 
1/8" EARPHONE JACK MONO 

SINGLE EARPHONE 

BNC CHASSIS JACK 

PUNCH BOARD OR PCB 

METAL BOX for shielding 
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THE MONTREAL AUDIO FS-METER 
JACQUES BRODEUR VEZEMM 
V 1.0 JUNE 99 





A Simple Crystal Radio Set 


Whether you are a beginner or a seasoned expert, you would probably agree that there is nothing quite like 
using this simple design to make a crystal radio and enjoying it, listening to stations both near and far. Add 
to this the "something for nothing" advantage of not having to power this set with batteries or AC line and 
you can see why this simple design will be used and enjoyed for a long time to come. Almost like magic... Let' 
build one! 











Al 
C1 D1 
e@ High 
L1 Impedance 
ail e Headphones 


=e A Simple Crystal Design 








Components: 


Al- 50-100 foot longwire antenna 

C1 - 50 pf ceramic capacitor OSE p/n CD-5 

C2 - 365 pf variable capacitor OSE p/n BC14400 

Di - 1N34A diode OSE p/n IN34A 

G1 - Ground (see instructions below) 

L1 - 100 turns of #20 AWG enamel coated copper wire OSE p/n MW20, adjustable tap (see instretions 
below) 

« R1-a 100k ohm resistor OSE p/n RQ1O0K 

e Crystal Earphones OSE p/n CE748 

e Fahnestock clips OSE p/n 2090 











W Al Fahnestock 
ToAntenna = Clips 





gi 1°Sund Layout ona “Breadboard” for 
the Simple Crystal Tuner 
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CHAPTER THREE 


Crystal Sets 


Crystal sets are simple to build and cheap! With six feet of aerial this set will pick 
up the BBC programmes at good strength; with fifty feet of aerial the volume is 
really loud. Build the set with care, remembering that reception depends entirely 
upon aerial and earth. 


These crystal set designs are chosen as the first in our constructional series 
because of their simplicity and cheapness. The most popular receiver for years 
was the ‘crystal set’, the theoretical design of which was precisely the same, in 
effect, as that shown in Fig. 7, our first design. Those old crystal sets, however, 
used large coils of thick wire and detectors consisting of a piece of crystalline 
substance ‘tickled’ by a small cat’s whisker, which was only a piece of thin wire 
wound up into a small spring. Today we use a miniature coil and a germanium 
diode detector. 

Germanium is one of the modern metals which have been developed for 
industrial purposes in recent years. A small flake of it is sealed into a tiny glass 
tube, with its cat’s-whisker contact cemented permanently into place (Fig. 6). 





lake of “Cat'swhisker” 
ermanium 


Figure6 The Germanium Diode Detector 


A crystal set has no power to amplify the signals which it receives via the aerial 
and the crystal detector merely converts the radio signals into currents capable of 
actuating the diaphragms of our headphones and producing sounds thereby. 

It follows, therefore, that the strength of the sound we receive in the 
headphones depends on the size of the aerial we have — a larger aerial picking up 
‘bigger’ signals — and the efficiency of the detector in converting them (‘rectifying’ 
them is the proper term) into ‘sound’ signals. 

The germanium diode is much better as a detector in every way than the old 





crystal detector and is completely stable in use. The modern crystal set, therefore, 
must not be confused with that of fifty years ago; it is best to discard the term 
‘crystal set’ really in favour of ‘germanium diode receiver’. The receiver in the Fig. 
7 circuit is small and compact and very simple to make. With a good aerial it will 
give an extremely loud headphone signal from two or, possibly, three stations. It 
is essential to have a good aerial with a crystal set, and a good earth as well if this is 
possible. In North London, I could receive both the BBC Radio 2 (Light) and Radio 
4 (Home) services with about 6 feet of wire. With 50 feet of aerial in the loft I could 
obtain Radio 1, 2, 3 and 4, with Radio 2 and 4 at extremely loud volume. The 
trouble then is that it is difficult to separate Radio 2 from Radio 4, and each 
programme has a slight background of the other. 

From this you see that on medium and long waves small aerials mean good 
selectivity (i.e. power to separate stations) but small signals, whereas large aerials give 
large signals but poor station separation. If you live in a country district a long way 
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Figure 7 Crystal Set Theoretical Diagram 





Figure'8 Crystal set Wiring Diagram 


Components required: 

0005 mfd. solid dielectric variable capacitor (C.2) 
On-off switch 

DRR2 coil (Repanco) 

-0002-mfd. fixed capacitor (C,1) 

Germanium diode (Osram GEX 35 or Mullard OA 81) 
4 terminals or 2 double mounts 

Crocodile dip 

Wood, wire, etc. 

Tuning knob 





from a BBC transmitter, and can erect a large aerial in the open air, you will 
probably get good resulis from the simple receiver; but if you live under twenty 
miles from a station for best results you need a more selective set. 

Firstly, then, to build the set shown theoretically in Fig. 7 with a wiring diagram 
in Fig. 8, you need a piece of three-ply wood about 242 inches square. If you have a 
particular box or cabinet to build the set into, and this requires a slightly larger 
size, it does not matter at all. You must drill holes for those components which are 
mounted on the panel; and these are the tuning capacitor in the centre, above and 
below it the ‘“A/E’ and ‘phones’ terminals or terminal mounts. If you use the latter, 
the terminals affixed to them must protrude through holes to the other side, but 
terminals will automatically pass their shanks through the panel. The particular 
coil specified has a long-wave section and this requires an ‘on-off’ switch to 
short-circuit the long-wave section of the coil when medium waves only are 
required. As some of the holes may be a little larger than the drill you have 
available, an easy way to make them is to drill them out as large as possible and 
then ‘reamer’ them to size with the tang of a file or other tool. 

After mounting those parts which require fixing to the panel, the soldering-up 
can be started; it will be found that remaining small items can be soldered into 
place and held into position by the wiring. Earlier remarks on soldering and wire 
to use may be referred to here, particularly the importance of clean joints made 
with a hot iron. Avoid ‘dry joints’ which look good but can be pulled apart quite 
easily and beware of applying a hot soldering iron for too long to the tags of 
components. In particular, do not-let the iron get too near to the diode or remain 
too long on its connecting wires. 

When soldering to the coil, be careful that the heat of the iron does not unsolder 
the wires already connected to the tags. Once the wiring has been completed and 
checked over, the headphones may be joined to the appropriate terminals, with 
aerial and earth also connected to their correct points. 

Headphones must be of the ‘high-resistance’ type, i.e. 2000 or 4000 ohms 
impedance. If you have a pair of headphones which are low-resistance type, or 
yours are marked LR or 120 ohms, you can use them by interposing a special 
transformer (obtainable quite cheaply) between the set and the phones. Most 
dealers have these transformers. 

After connecting the external apparatus, make sure the switch indicates the 
waveband required, that is, pointsshort-circuited, cutting out the long waveband, 
if you want to receive on medium waves, and open if you want the whole coil in 
circuit for long-wave reception. Turn the knob slowly and you should pick up the 
stations available. A push-pull switch may not be available but any small on-off 
switch will do. 

The coil specified is a Repanco DRR 2 and is really a coil with a reaction winding 
which is normally used in a one-valve or two-valve receiver. I have specified it for 
the crystal set because, in accordance with our promise of progressive 
set-building, it can be used for the receiver described in Chapter 4. In the design as 
given, using the DRR 2 coil, the ‘reaction’ winding is wired up so that it may be 
used as an aperiodic aerial winding which will give you a variation in selectivity. 
For this reason the lead from the aerial (through C.1) terminates in a crocodile clip. 
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This may be attached either to ‘yellow’ on the coil or ‘red’, in order to give the best 
position for the aerial in use. Try also fixing the diode to ‘yellow’ instead of to 
‘fixed vanes’. 
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Figure 9 Crystal Set Wiring Diagram (home-made coil) 


The second crystal receiver is very cheap and simple to make and uses the BOP 
coil which I first made up for use in two transistor receivers described in Boy’s Own 
Paper in 1963. It is very easily wound on a ferrite rod which is 4 inches long and % 
inch in diameter. At the end of this chapter I repeat the instructions which we 
gave in BOP for winding it. The receiver in Fig. 9 can be put together easily in any 
handy box and will tune medium waves only, so that if you must get your Light 
programme on long waves, you would do better to make the design in Fig. 8. 
Components for this ferrite-rod coil design should be the same as those listed 
below Fig. 8 except for the coil, of course, which will not be required, nor will the 
on-off wavechange switch or the crocodile clip. The -0002 mfd. condenser 
(capacitor) will help selectivity if it is wired between the aerial terminal and 
centre-tap on coil. By the way, use two thicknesses of good writing paper or very 
thin card for making the coil. The wire should not be too close to the ferrite rod 
itself. You can experiment with this coil quite a lot, if you wish, by putting 
different windings on it. Readers have told me they have even been using it for 
short-wave reception in a transistor receiver by using fewer turns and adding a 
reaction winding. For this crystal receiver, it might be found better to use a tuning 
condenser of only 200 pf (i.e. -0002 mfd.) instead of the 0005 mfd. one specified. 

If you build these crystal sets, remember that reception is entirely dependent 
upon the aerial and earth in use. If these are poor, good signals cannot be 
expected. Poor signals cannot be amplified or adjusted to make them louder. A crystal set 
connected to an amplifier such as the ‘small high fidelity’ described later makes a 
very satisfactory arrangement for local station reception. For ‘reaching out’ and 





for louder signalsa valve detector is required. Do not take your crystal set to pieces 
unless you have no alternative. The next design shown in Fig. 10 uses the large 
home-made coil of Fig. 4. 
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Figure 10 Diode ‘Crystal Set’ 
Components required: 

Coil: see text (home made type) 
C.1. 0005 mfd variable capacitor 
C.2. -001 mfd fixed capacitor 
Diode: any suitable of good quality 
R.1.: 1000 ohm resistor 

Phones, wire, wood, etc. 


The crystal set shown in Fig. 10 is very simple to make. Fix your coil on a small 
piece of wood in the manner shown. On one side of that piece of wood fix a small 
panel on which are mounted the tuning capacitor and two small terminals or a 
socket strip for phones. Also required will be a small on-off switch for 
wavechanging. Connect 2 on the coil to one side of diode and fixed plates on the 
tuning capacitor. Other side of diode to phones. Other side of phones to 4 on coil 
and 4 on coil also goes to one side of on-off switch plus 6 on coil and moving plates 
on capacitor. Other side of on-off switch to3 on coil. Across the phones terminals 
connect a 001 mfd. capacitor and if you are using a crystal earpiece you will also 
need a 1k? resistor there. For ordinary headphones (high-resistance) no resistor 
is needed. The aerial can be attached to a ‘crocodile’ clip and tried for best results 
on 1, 2 or 5 on coil. Earth can be clipped to 4 or 6, or you can add two more 
terminals to the panel for A & E. Your set should now work well and, having fixed 
a small knob to the shaft of the capacitor, you can tune in the available stations. 

Figures 11 and 12 are rather special crystal set designs and ] am indebted to 
Messrs Repanco Ltd, whose copyright designs they are, for allowing me to use 
them here. The coil featured is the DRR2 which they make and the first circuit is 
for a headphone crystal receiver which uses 2 diodes and 142 volt cell. It is rather 





CHAPTER 2 


Crystal Sets 


Crystal sets are simple to build and cheap! With six feet of aerial this set will pick up the 


BBC programmes at good strength; with fifty feet of aerial the volume is really loud. Build 


the set with care, remembering that reception depends entirely upon aerial and earth. 





jis Crystal Set designs arc chosen as 
the first in our constructional series 


because of their simplicity and cheapness. 
The most popular receiver for years was 
the ‘crystal set’, the theoretical design of 
which was precisely the same, in effect, as 
that shown in Fig 4, our first design. Those 
old crystal sets, however, used large coils 
of thick wire and detectors consisting of a 
piece of crystalline substance ‘tickled’ by a 
small cat’s-whisker, which was only a piece 
of thin wire wound up into a small spring. 
To-day we use a miniature coil with a 
dust-iron core and a germanium diode 
detector. 

Germanium is one of the modern metals 
which have been developed for industrial 
purposes in recent years, and is actually 
processed from soot-scrapings obtained 
from certain factory chimneys! A small 
flake of it is sealed into a tiny glass tube 
with its cat’s-whisker contact cemented 
permanently into place (Fig. 3). 

A crystal set has no power to amplify 
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Fig. 3. The Germanium Diode Detector 
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Fig. 4 Crystal Set Theoretical Diagram 

the signals which it receives via the aerial 
and the crystal detector merely converts 
the radio signals into currents capable of 
actuating the diaphragms of our head- 
phones and producing sounds thereby. 

It follows, therefore, that the strength of 
the sound we receive in the headphones 
depends on the size of the aerial we have— 
a larger aerial picking up ‘bigger’ signals— 
and the efficiency of the detector in con- 
verting them (‘rectifying’ them is the proper 
term) into ‘sound’ signals. 

The germanium diode is much better as 
a detector in every way than the old crystal 
detector and is completely stable in use. 
The modern crystal set, therefore, must 
not be confused with that of thirty years 
ago; it is best to discard the term ‘crystal 
set’ really in favour of ‘germanium diode 
receiver’. The receiver in Fig. 4 circuit is 
small and compact and very simple to 
make. With a good aerial it will give an 
extremely loud headphone signal from 
two or, possibly, three stations. It is 
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essential to have a good aerial with a 
crystal set, and a good earth as well if this 
is possible. At my own home, which is ten 
_ miles from the BBC (Brookmans Park) 
transmitters in North London, I can receive 
both the BBC Home and Light service 
with about 6 feet of wire. With 50 feet of 
aerial in the loft I can obtain Home, Light 
and Third, the first two at extremely loud 
volume. The trouble then is that it is 
difficult to separate Home from Light, 
and each programme has a slight back- 
ground of the other. 


¥ * * 


From this you see that on medium and 
long waves small aerials mean good 
selectivity (i.e. power to separate stations) 
but small signals, whereas large aerials 
give large signals but poor station separa- 
tion. If you live in a country district a long 
way from a BBC transmitter, and can 
erect a large aerial in the open air, you 
will probably get good results from the 
simple receiver; but, if, like me, you live 
under twenty miles from a station, for 
best results you need the more selective set 
shown in our second design. 

Firstly, then, to build the set shown 
theoretically in Fig. 4 with a wiring dia- 
gram in Fig. 5, you need a piece of three- 
ply wood about 24 inches square. If you 
have a particular box or cabinet to build 
the set into, and this requires a slightly 
larger size, it does not matter at all. You 
must drill holes for those components 
which are mounted on the panel; and these 
are the tuning capacitor in the centre, 
above and below it the ‘A/E’ and ‘Phones’ 
terminals or terminal mounts. If you use 
the latter the terminals affixed to them 
must protrude through holes to the other 
side, but terminals will automatically pass 
their shanks through the panel. The par- 
ticular coil specified has a long-wave sec- 
tion and this requires an ‘on-off’ switch to 





Fig. 5. Crystal Set Wiring Diagram 
Components required: 
-0005 mfd. solid dielectric variable capacitor (C.2) 
On-off switch 
QCD 2 Coil (Osmor) 
‘0002 mfd. fixed capacitor (C.1.) 
Germanium diode (Osram GEX 35 or Mullard OA 60) 
4 terminals or 2 double mounts 


For better selectivity Teletron HAX coil can be used. 
Connections are given with coil. 


short-circuit the long-wave section of the 
coil when medium waves only are required. 
As some of the holes may be a little larger 
than the drill you have available an easy 
way to make them is to drill them out as 
large as possible and then ‘reamer’ them 
to size with the tang of a file or other tool. 

After mounting those parts which 
require fixing to the panel, the soldering- 
up can be started; it will be found that 
remaining small items can be soldered into 
place and held into position by the wiring. 
Earlier remarks on soldering and wire to 
use may be referred to here, particularly 
the importance of clean joints made with 
a hot iron. Avoid ‘dry’ joints which look 
good but can be pulled apart quite easily 
and beware of applying a hot soldering 
iron for too long to the tags of components. 
In particular do not let the iron get too 
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Fig. 6 Crystal Set Theoretical Diagram 
Components required: 
Midget -0005 mfd. variable capacitor {C.3/4) dual 


gang 
00005 mfd. fixed capacitor (C.1) 
2 Teletron Coils type BA 2 ; 
50 mmfd. (i-¢., 00005 mf.) variable trimmer (C.2) 
Germanium diode (Osram GEX 35 or Mullard OA 60) 
4 terminals or 2 terminal mounts 
Knob or small dial 


near to the diode or remain too long on 
its connecting wires. 

When soldering to the coil be careful 
that the heat of the iron does not un-solder 
the wires already connected to the tags. 
Once the wiring has been completed and 
checked over, the headphones may be 
joined to the appropriate terminals, with 





5-ply Baseboard 


aerial and earth also connected to their 
correct points. 

Headphones must be of the “high 
resistance’ type, i.e. 2000 or 4000 ohms 
impedance. If you have bought a pair of 
Government surplus ’phones which are 
low-resistance type, or yours are marked 
LR or 120 ohms, you can use them by 
interposing a special transformer (obtain- 
able quite cheaply) between the set and 
the "phones. Most dealers have these 
transformers. 

After connecting the external apparatus, 
make sure the switch indicates the wave- 
band required, that is, points short- 
circuited, cutting out the long waveband, 
if you want to receive on medium waves, 
and open if you want the whole coil in 
circuit for long-wave reception. Turn the 
knob slowly and you should pick up the 
Stations available. 

The selective receiver in my next design 
is shown theoretically in Fig. 6, and fully 
wired in Fig. 7. It costs a little more than 
the set just described, but if a large aerial 
is available is well worth having because of 
the large signal the aerial brings in, which 
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FREE-POWER AM RECEIVER (P,E) 


This project uses a strange way to get its power. It uses power “extracted” 
from the tuned station to give to the amplifier transistor. With a reasonably 
strong applied modulation envelope, this type of detector produces a strong 
demodulated output. 


Naturally, the closer you are to a strong station, the more current your radio 
will be able to supply. 


For best results, you must do everything possible to deliver a strong signal to 
the transistor detector. We recommend a good antenna and ground, the iat- 
ter preferably being made to a water pipe or solid external ground composed 
of a pipe driven at least 5 feet into moist earth. This is important for ensuring 
maximum signal pickup. F | . 


If you have plenty of space available, the longer the antenna (up to about 100 
feet), the better the results. 


Figure 1 shows the schematic diagram of the Free-Power AM receiver. Ob- 
serve that the heart of the circuit is a germanium transistor that works as a 
detector and audio amplifier. 


Components placement on a terminal strip used as a chassis is shown in 
Figure 2. The terminal strip can be fixed on an experiment board that can be 
constructed using some common tools and materials. 


Q1 is any germanium transistor, such as GE-2 or 2N107. You can find germa- 
nium transistors in old nonworking AM transistor radio receivers. Nonworking 
AM radios can also supply the variable capacitor and the loopstick (ferrite 
rod). 


Earphone must be a high-impedance crystal type. Low-impedance earphones 
don’t function in this circuit. 








Preject 7 Free-Pewer AM Recelver 
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Parts List — Free-Power AM Receiver 
Qi - NPN or PNP germanium transistor - see text 
XTAL - Crystal earphone 
L1 - Loopstick - see text 
CV - 365 pF variable capacitor - see text 
R1  - 12,000 ohm, 1/4W, 5% resistor 


C1. -- 1 uF, 25 WVDC electrolytic capacitor 





ideas to Explore 
To learn more about the circuit: 


@ Replace L1 by 15 turns of No. 28 wire, wound on a ferrite rod, to 
tune short-wave stations. 


@ By replacing Q1 with a germanium diode and removing R1 and C1 
you'll transform this radio into a simple crystal set. 


@ Alter R1 in a range between 4,700 and 47,000 ohms to get better 
performance, depending on the transistor used. 


@ Replace the transistor with a silicon type, such as the BC548. What 
will happen with sensivity? 


Science project involving the circuit and uncommon uses: 


@ €xplain how crystal sets function and tell about radio history. lf you 
are interested in more radio history, several texts can be found in the 
public library. 


@ If you want to learn more about radio receivers, try to find informa- 
tion about heterodyne and super-hereterodyne types. 


eee 


Parts List: 


PVC pipe, 1" outside diameter (3/4” size) x 4" long 
Aluminum or steel sheet metal, 0.5” wide x 5” long 


Crystal earphone (GC electronics, cat. no. 30-5302) 
Jack for the earphone plug 





Board, 3/4" thick, approximately 7" x 9" 


What else you need: 


Vise-Grip pliers 

Wire cutters 

Soldering iron and solder 

Drill, with 1/8", 3/16” and 3/8” bits 

File or motorized grinder (e.g. Moto-Tool) 
Screwdriver 

Scotch tape 


Instructions 
I. CONSTRUCTION OF SPECIAL PARTS. 


The following steps involve making a few special parts for the radio. Some of 
these steps are most easily performed using power tools and some involve soldering. 
This work should be done by someone old enough and knowledgeable enough to handle 
these tools safely. Once these parts are made, however, the rest of the project requires 
only hand tools and can be completed by nearly anyone. 


1. Coil Form 


The coil form is a piece of PVC pipe, 1” in diameter (outside) and 4” long. (For 
reasons fully understood only by plumbers, pipe of this diameter is referred to as 3/4”.) 


To facilitate mounting the coil to the board, drill two sets of holes, on opposite sides of 
the form. On one side of the form, drill two holes, 3/16” in diameter and 3/8” from the 
ends. Directly opposite from these holes, drill two more holes 3/8” in diameter. Screws 
will be placed through the smaller holes, while the larger ones make it easy to reach the 
screws with a screwdriver. 


2. Slider 


Drill two 3/16” holes in the piece of sheet metal, each 1/4” from an end. After the 
holes are drilled, place a bend in the metal 3/4” from each end, as shown in the figure on 
page 3. Use a vise or pliers to bend the metal. Use a file to smooth all of the edges and 
corners of the metal. 


CAUTION: Drilling sheet metal can be very dangerous! If the bit catches on the metal, 
you can have a very sharp edge flying through your hands. Hold the metal firmly with a 
pair of pliers (preferably Vice-Grip type), not with your hands! Also, place a piece of 
wood under the metal as you drill. This will help keep the metal from tearing and 
grabbing the bit as the passes through. 


3. Pointed screw for slider 


Using either a file or a grinder, grind a point on the 8-32 machine screw. The 
point doesn’t need to be very sharp; about like the tip of a medium ball-point pen is ideal. 


4. Earphone jack with wires. 


Cut two pieces of hook-up wire 2” long. Remove 1/4” of insulation form one end 
of each wire and solder the wires to the terminals of the earphone jack. Remove 1/2” of 
insulation from the other ends of the wires. 


Note: Headphone jacks often have more than two terminals. Make sure that the terminals 
you solder to are the ones that will be connected to the tip and side of the plug when it is 
inserted. 
5. Ring terminal with two wires. 

Cut two pieces of hook-up wire, one 7” long and the other 2”. Remove 1/4” of 
insulation from one end of each wire. Solder the two wires to the ring terminal. Remove 
1/2” of insulation from the other ends of the wires. 


6. Board 


Tape the layout template (the last page of this document) to a board, 
approximately 7” x 9”, and drill a 1/8" hole at each position marked with a cross. 


Tool is in plastic bag 


ALWAYS BAIT HOOK FIRST BEFORE SETTING with dehydrated bait. 


To set speedhook, bring spring arms together until 
you can put latch hook into BOTTOM of SPLIT RING. 
Latch hook. (See diagram A) Latch ? 






To Set Tension 
DiAGRAM B 


To set tension you must bend latch hook inward to 
tighten, or outward to loosen. (see diagram B) Inward 
would be used in rushing water or when speedhook trips 
prematurely. Outward would be used for ice fishing or 
catching very small fish: (Outward requires less force to 
trip.) To replace line on latch, knot must be tied against 
latch loop and must go through safety snap swivel. (sec 
diagram A) 











PASS THROUGH 
BOTTOM OF 
SWIVEL TO 
FUNCTION 
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Il. ASSEMBLY 
1. Wind the coil. 


The coil is made by wrapping the #24 magnet wire onto the coil form, which is 
made from a piece of PVC pipe. The magnet wire is the wire that looks like it has no 
plastic insulation on it. But, it is actually coated with a thin layer of enamel. This 
coating must be removed from the ends of the wire before making any connections. 


The best way to wind the coil is with two people, one to hold the wire taught (the 
holder) and the other to wind it onto the coil form (the wrapper). First, thread the end of 
the coil wire from the outside of the form through one of the large holes and out the end 
of the form. Leave about 4" of wire going out the end. Hold onto the other end of the 
wire and begin wrapping it around the form, starting right next to the hole. After you 
have wound a few turns on, push the wire together so it is nice and neat and put a piece of 
Scotch tape over it. The coil should look like this: 





Now, the "holder" should hold the spool of wire loosely while the "wrapper" walks across 
the room unwinding the wire. Then, the holder should hold the spool very tightly so that 
the wrapper can wind the wire onto the pipe evenly. Each turn should be wrapped on 
right next to the previous turn, but shouldn't overlap. As the wire is wrapped on, the 
wrapper slowly walks across the room keeping the wire tight. When the wrapper reaches 
the holder, hold the wire that has been wrapped onto the form tightly, while the holder 
lets the wire on the spool unwrap. The wrapper then walks back across the room 
unwinding the wire from the spool, and the same procedure is repeated. 


When the coil is within about 1/8" of the holes at the other end of the coil, stop 
winding. Put a piece of Scotch tape on the end of the wrapping, and cut the wire a few 
inches from the end of the coil. Thread the end of the wire through the large hole in the 
form. 


2. Attach the coil to the board. 


Use two of the #8 sheet metal screws to attach the coil to the board, using holes B 
and C that you drilled. Place the screws through the small holes in the coil form from the 
inside. You can then use the large holes on the other side of the form to reach the screws 
with a screwdriver. Make sure the coil is attached snugly to the board. 


3. Assemble the slider. 


Find the slider, the 8-32 screw and the two 8-32 nuts. Thread one of the nuts onto 
the screw until it is about 3/8" from the head of the screw. Put the screw through one of 
the holes in the slider and thread the other nut on, so that the slider looks like this from 
the side: 


Tighten the second nut against the slider and the first nut with a wrench. 
4. Attach the slider to the board. 


Find a sheet metal screw, a washer and the ring terminal with two wires attached 
to it. Put the screw through the ring terminal, the washer and finally the open hole in the 
slider assembly (from the top of the slider as shown above). Attach the entire assembly 
to the board with the screw at hole E. Tighten the screw so that it is snug but still allows 
the slider to move back and forth. The pointed end of the machine screw at the other end 
of the slider should press firmly against the wire on the coil. If necessary bend the slider 
so that it makes firm contact with the coil but can still move. 


Move the slider back and forth on the coil to scrape the enamel insulation from 
the coil wire where the pointed end of the machine screw touches it. The screw should be 
able to make an electrical contact with the coil wire at any position along the length of 
the coil. 


5. Put the remaining screws in the board. 


Screw the remaining sheet metal screws into holes A, D, F, G and H, with a 
washer on each screw. Do not tighten the screws yet. 


6. Wire the components of the radio together. 


Use the circuit drawing as a guide. For each connection, make sure that the insulation is 
removed from the end of the wire. Wrap the bare ends of the wires around the screw 
between the screw head and the washer underneath. 


a. Wrap the two wires from the earphone jack around screws F and H. Do not 
tighten these screws yet. 


b. Take the short wire from the slider and wrap the bare end around screw F 
(which should already be attached to one of the earphone jack wires). Do not 
tighten the screw yet. 


c. Take the long wire from the slider and wrap the bare end around screw A. Do 
not tighten this screw yet. 


d. Find the crystal diode, the small cylinder with two bare wires attached to it. 
Wrap one of the wires around screw H (attached to the other earphone jack wire), 
and tighten the screw. 


e. Take the other wire from the diode and wrap it around screw G. Do not tighten 
this screw yet. 


f. Find the capacitor, the small disc with two bare wires attached to it. Wrap one 
of the wires around screw F and tighten the screw. 


g. Wrap the other wire from the capacitor around screw G, but do not tighten this 
screw yet. 


h. Cut a piece of hook up wire about 6" long and remove about 1/2" of insulation 
from each end. Wrap one end around screw G and tighten the screw. Wrap the 
other end of the wire around screw D, but do not tighten this screw yet. 


i. Take the wire from the right hand end of the coil and remove the insulation 
from about 1/2" from the end of the wire. To remove the insulation, either lightly 
scrape the wire with a knife or use a small piece of sandpaper. Wrap the bare end 
of the wire around screw D, but do not tighten the screw yet. 


7. Connect the radio to ground. 


In order to work, the crystal radio must be wired to a good ground connection. 
Often, the easiest way to make a ground connection is to use the grounding circuit for the 
house's electrical system. Cut a piece of hook-up wire long enough to reach from the 
radio to a nearby electrical outlet. Remove 1/2" of insulation from each end of the wire. 
Wrap one end around screw A of the radio and tighten the screw. On the electrical outlet, 
loosen the screw that holds the plate on the box. Wrap the other end of the wire around 
this screw and tighten it. 


CAUTION: Be sure not to let the wire or anything else touch the 120 V socket! 


Alternatively, you can use a cold water pipe to connect the radio to ground. 
Remove a few inches of insulation from the wire from screw A of the radio and wrap the 
bare end around a cold water pipe. 


8. Connect an antenna to the radio. 
Use the rest of the hook-up wire to make an antenna. Remove 1/2" of insulation 
from one end of the wire and wrap it around screw D. Tighten the screw. Unwind the 


wire from the spool and try to place it as high as possible in the room. 


In areas with many powerful radio stations nearby, an inside antenna should be 
adequate to receive a few stations. If you have trouble hearing anything, it may help to 


set up a long outside antenna. Radio Shack sells a kit with the necessary wire and other 
parts (cat. no. 278-758). 


9. Try the radio! 

Plug the earphone into the jack. Listen to the earphone and slowly move the 
slider across the coil. Try to find the position where a station is loudest. You should be 
able to hear a few different stations with the slider at different positions. 

10. If the radio doesn't work, check the following: 

a. Make sure all of the connections are correct and that the insulation has been 

removed from the wires where they are wrapped around screws. Also check that 


there aren't any short circuits between the screws or bare wires. 


b. Make sure that you scraped the insulation from the coil wire with the slider so 
that the slider can make good contact with the coil. 


c. Make sure that you have a good ground connection. Try a different electrical 
outlet or a cold water pipe. 


d. Place the antenna higher up or try a longer wire. 


to antenna 


capacitor diode 





to earphone 














speaker SP2. SPI then acts as a microphone, and sounds are 
reproduced in SP2. 


With the switch in the opposite position, $1A selects SP2 
as microphone, and amplified signals pass via SIB to SPI, 
so that speech can be in the other direction. 


The switch, amplifier, battery and SP2 are assembled as the 
master control unit, and twin leads run to SP1. The person at 
§P1 should say “Over” so that the other person can operate 
the switch, and he in turn should say “Over” to signify that 
SP1 is again acting as microphone. 


A simplified home-made change over switch is shown in Fig. 
5. This is two strips of metal, pivoted so that they can be 
swung from side to side, and bearing on two of the three 
round-headed screws. A strip of insulating material is fitted 
so that both strips move together, In Fig. 5, this switch is in 
its “Off” position. 


Ready made 2-pole 2-way switches can be obtained and used 
instead (see Fig. 49). Spring-loaded push switches are also 
available, and can be wired to provide “press to talk”. A 
switch without a central “Off” position can also be used, a 
single pole on-off switch then being added in one battery 
connection. 


The master unit can call SP1 by switching to speak, and allow- 
ing SP2 to be used as microphone. If calling in the other direc- 
tion is required, a third connection, with bell push, battery 
and buzzer can be used. (An alternative, requiring more 
circuitry, but avoiding the need for a third wire, will be found 
in “Two Transistor Electronic Projects’, (BP30, Babani Press.) 


Fig. 5B shows assembly of the intercom in a wooden case. 
A 3% inch speaker is suitable, so the whole can be quite a 
compact unit. The home-constructed switch, using the bolts 
below the speaker, can be replaced by a ready-made switch, 

as described, if preferred. 


Best results are obtained with speaker units of quite high 
impedance — say 45 ohm to 75 ohm or so. The few other 
components are assembled on a small insulated board, as for 
earlier circuits. 

22 





The speaker at the remote point also requires a small case. 
Dimensions are not important, and it is possible to utilise 
plastic boxes of suitable type for each unit. Connections 
between units are by twin bell wire, or any similar twin con- 
ductor. With a transistor of other than the type shown, the 
value of R1 can be chosen to give maximum amplification. 


Tuned Ferrite Aerial 


This simple device will allow “portable” reception with the 
old type of receiver which normally requires an external 
aerial, and it can also give improved reception in terms of 
freedom from interference on the 160 metre amateur band 
and adjacent frequencies. As shown in Fig. 6, it consists ofa 
tuned circuit with ferrite rod, and a coupling winding to 
connect to the receiver aerial and earth sockets. It will be 
found very useful with a communications type receiver, where 
a long extended outdoor or similar aerial results in a high level 
of noise and interference. 
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The device is constructed in a plastic lunch box about 6 x 4 x 
4 inch or other insulated case. Some boxes of this kind, 
though strong, are of brittle material. These must be drilled 
without too much pressure, or they may crack. Drill points 
should also be sharp. 


The rod is 6 inch long and 3/8 inch in diameter, and it is 
supported by two strips of insulating material, which are fixed 
with brackets. Each strip has a V-shaped notch, so that the 
rod can be held with thin String. LI is the tuned winding, and 
it had sixty turns of 24 swg enamelled wire, side by side. 
Connections can be made to the frame (moving plates) and 
fixed plates of the capacitor VC1 by means of small bolts, or 
may be lightly twisted. 


L2 is the coupling winding. Many communications type 
receivers have a low impedance input circuit, and twelve turns 
will be adequate for L2. The same wire can be used as for LI. 
With other receivers it may be worth while to experiment with 
the number of turns on L?, for best reception. 
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An air-spaced single gang capacitor of about 31SpF is most 
suitable for VC1, and will allow the usual medium wave band 
of frequencies to be tuned as well. However, a smaller capaci- 
tor is Suitable if the ferrite aerial is for 160m reception only, 
or for the high frequency end of the medium wave band. The 
actual frequencies tuned can be lowered by having more turns 
for L1, or by using a larger capacitance for VC1, or by having 
LI more nearly towards the centre of the rod. Reducing VC1, 
or the number of turns on L1, or moving L1 to the end of the 
rod, will raise the highest frequency tuned. 


The rod is directional, so the unit can be positioned for best 
signal pick up of wanted transmissions, or minimum reception 
of interference. 


VC1 has to be adjusted in conjunction with tuning of the 
receiver and is set for best reception. Tuning with this control 
should be quite sharp. 


A ready made MW transistor type receiver aerial cdn be useful 
for the medium wave band, and may in some cases reach 160 


iB metres, if VC1 has a low minimum capacitance, and the 


winding is quite near the end of the rod. But should tuning 
not reach a high enough frequency, some turns will have to 
be removed. 


Diode Radio 


A lot of interest can be obtained from a diode radio receiver. 
It requires few components, no battery or other supply, 
and can give good headphone reception of a few of the more 
powerful transmitters. It can also be used as a tuner, as shown 


® later, and will provide excellent audio quality for local station 


reception. 


The circuit in Fig. 7 is intended for medium wave reception. 
That is, from about 200 metres to 500 metres, or 1500 kilo- 
hertz to 600 kilohertz. 


The coil L1 is tuned by the variable capacitor VC1. At re- 

Sonance with the wanted transmission, a signal voltage is 
€veloped across the coil. Detection or demodulation by the 

diode D1 allows the audio component of the signal to be 
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recovered, and taken to the phones or to an amplifier. Such 
“crystal sets’ were used in very many homes, in the early 
days of radio. 


AERIAL 
DIODE DI 


PHONES 





VARIABLE 
CAPACITOR 
vcl 


Fig. 7B shows the practical layout. It is convenient to use an 
insulated board larger than necessary, so that a transistor 
amplifier can be added later. A board about 5 x 8 inch is 
suggested, and it can be supported on | inch high runners 
(strips of wood) so that there is clearance for screws or 
terminals. 


Coil L1 is wound with 26swg or similar wire, and has seventy 
turns, side by side. Secure the wire by passing it through two 
small holes, wind on about thirty five turns, and form a loop. 
Continue to wind in the same direction for a further thirty 
five turns, cut off the wire, and secure the end through two 
holes. The tube used can be 1% inch to 2 inch in diameter, 
and can be paxolin, or can be made by winding thin card 
round a suitable object, smearing a little adhesive on to forma 
tube. 


Point 1, the beginning of the coil, is taken to the fixed plates 


tag F of the variable capacitor, which is also connected to- 
diode D1. The tapping 2 goes to the aerial terminal. End 3 is 
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Gas pipes should not be used. 


taken to the moving plates connection or metal frame of the 
capacitor. Ends | and 2, and loop 3, are left long enough to 
reach these points, and the insulation is carefully scraped off 
the wire where connections are to be made. The capacitor 
VC1 can best be about S5OOpF, but this exact value is not 
essential. 





Four terminals, for Aerial, Earth, and Phones, will complete 
the receiver. Best results will be had by connecting a good 


headset, of about S00 ohm to 2,000 ohm. Very low 
impedance earpieces, such as are employed with some tran- 
sistor receivers, are not suitable here. 


With a simple receiver of this kind it is necessary to employ a 
reasonably effective aerial and earth. Only in some circum- 
stances will volume be great enough with no earth, or with a 
short aerial. The earth connection can be taken to a metal 
spike in the ground, or to a metal object buried in soil, or to 
any other available earth other than a mains circuit earth. 
(No connection must be made to any mains plug or other 
mains circuit.) A cold water pipe may provide a good earth. 
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For the aerial, a length of aerial wire some 30 ft to 75 ft or so may be considered as replacing the headphones. C2 is a 

in all may form the aerial itself and lead-in. If this can be coupling capacitor passing audio signals to the following 

suspended quite high, and clear of buildings or earthed objects, amplifier. 

signal strength will be improved. However, satisfactory 

reception may be obtained from an indoor aerial, or shorter As with the previous circuit, any general purpose detection 

aerial, if a good earth is present. A simple indoor aerial can_ type diode is satisfactory for D1, such as the OA91] and many 

be made from about 15 ft to 20 ft or so of thin insulated wire, similar devices. The value of C1 is not critical, and this 

fitted along two walls of the room near the ceiling with — component can be about 470pF or InF. R1 can be 100k to 

adhesive tape. (Do not fold the wire back on itself to obtain a — 220k or so. C2 should be of quite large value, and can be 

greater length.) O.1uF to O.5uF. 

Volume will be improved, with a poor aerial, if the acrial lead D! can be moved from the position in Fig. 7B, and the few 

is taken directly to point | of the coil or F at VCl. However, extra components added, as in Fig. 8. 

this will make tuning even more flat or unselective, so cannot 

generally be employed with a long aerial. When using the tuner to feed an amplifier, note that one 
phone terminal P is the earth line, and that audio signals are 

taken from the other terminal, connected to C2. . 

Use as Tuner 

The earth line of the amplifier is connected to the earth line of 

onents Cl, C2 and RI are added. Cl and RI the tuner. For a sensitive or powerful amplifier, a screened 

king of the detector diode D1, and audio lead is recommended. This has an inner screened lead, 

which goes to C2, and a conductor former by the outer 

brading, which is the ground or earth. The lead should be 

fitted with a plug to suit the amplifier input socket. 


In Fig. 8 comp 
are to allow proper wor 


Where the tuner is to be followed by a small headphone or 
similar amplifier, a screened audio lead is not required. So then 
connections are merely taken from terminals P-P in Fig. 8, 
remembering to join amplifier earth and tuner earth circuits as 
explained. 


Medium and Long Wave 


The addition of long wave coverage is worthwhile in some 
areas, and the coil can be modified as in Fig. 9 so that both 
MW and LW can be tuned. 


A tube about 3 inch Jong and approximately 1% inch in 
diameter will be necessary. The section L1 is wound as before. 
L2 consists of about two hundred turns of 34swg or 36swg 
wire, in two compact piles of one hundred turns each. All 
turns throughout are in the same direction. The junction of 
LI and L2 goes to the waveband switch $1. The second 
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performance than the air-cored home made type of coil 


switch terminal goes to 4 and earth line. MW tuning is Coil 
S$ can also be wound in a similar way to that in Fig. 6 


obtained with S1 closed, and LW tuning with S1 open. 


One Transistor Amplifier 


Headphone volume obtained f; 

ah H one. rom the crystal diode i 

he oe A considerably boosted by adding a single seme iaaves 
plifier. Space for this can be found on the circuit board 


In Fig. 10, resistor R2 and the i 
} 1 transistor have b 
sage switch $2 for on-off switching of the prstiege 
, D1 and C2 are already present, as shown in Fig. 8. 










WANA 


Mh 


For accurate coverage of the usual MW and LW bands, and 
using a 144 inch diameter tube, L1 can be eighty-four turns of 
32swg enamelled wire, with tapping 2 sixty turns from point’ 
1. Leave a space of 5/8 inch and glue on a card disc cut to 

fit the tube. Also glue on two further discs, leaving spaces of 
¥, inch between them. L2 is wound with 32swg double cotton 
covered wire, with one hundred and twenty turns in each slot 
(making 240 in all for L2). The coil can be fixed with two 
screws or small bolts, with spacers or extra nuts to hold it 

a little clear of the board. The windings should not be 
varnished, covered with adhesive, or wax. 





TRI, R2 and $2 are connected as shown. For 
1S: : TRI, 
2N706, or similar general purpose NPN transistor will be 
satisfactory. R2 can generally be 1 megohm with satisfactory 
rg but it can be worth while trying values from about 
k to 2.2 megohm here, as performance depends on the 
transistor, phones, and battery voltage. 


With circuits of this kind there is no ganged tuning, or need 
for exact tuning of a particular frequency band. This means 
that coil winding details (wire gauge and covering, and 
diameter, or number of turns) can be varied to suit materials 
to hand. Ready-made coils can also be tried. Some com- 
mercially made coils with cores can give a slightly better 
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Medium and high impedance 
1 phones, such as a 600 
headset, will be most suitable. The battery ae be ase ts Sy. 
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If the phones are first connected to terminals P-P in Fig. 8, 
then taken to terminals P in Fig. 10, a very considerable in- 
crease in volume should be obtained. 


If a PNP transistor is to be tried in this circuit, the polarity 
of the battery must be reversed. 


Two Transistor Amplifier 


Fig. 11 is the circuit for an easily made 2-transistor amplifier 
which can provide reasonable loudspeaker volume. The 
audio signal is taken to the input terminals, battery negative 
being the grounded side of this circuit. 





C1 couples the audio signal to the base of the first amplifier 
TR1, which receives base current through R1. An amplified 
signal is developed across the collector resistor R2, and is 


coupled to the base of the following amplifier TR2 by means 


of C2. 


The two resistors R3 and R4 set the base operating conditions 


for TR2, and the output is taken from TR2 emitter. 


Fig. 11B shows assembly of the components on a small insula- 


ted board. If preferred, connections between components 
can be on the underside of the board, in the way shown for 


a2 























later circuits. Fit red and black flexible leads for battery 
connections. The amplifier, with its battery, can be fixed in 
an insulated box or metal case. Sockets can then be used for 
input and output circuits, and an on-off switch can be placed 
in one battery lead. 





The board can be secured with bolts through its fixing holes, 
and through the bottom of the case. Extra nuts or other 
Spacers must be placed between the case and board. 


Whenever a metal box is used, remember that all connections 
and other circuits except the earth line must be insulated from 
the metal. The metal case itself is normally connected to the 
earth line, and a lead can be put under one of the fixing screws 
for this purpose. In Fig. 11, both input and speaker are re- 
turned to the earth line. So 3.5mm jack sockets of the type in 
which the outer or sleeve contact is common to the fixing 
bush could be used, as these points will be connected to 
battery negative and the earth line and metal box. But with 


some circuits it is necessary to use an insulated jack socket, 
or to insulate this from the metal. An example of this would 
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arise if the speaker were placed in the collector circuit of TR2, 
as the outer or sleeve circuit would then need to go to battery 


positive. 


Instead of the type of socket which takes a jack plug, ordinary 


single sockets can be used — two for input, and two for out- 
put. Or wires may be connected directly to the terminals 
provided in Fig. 11B. 


Input to this amplifier may be directly from the crystal set, 


Fig. 7. Connect earth and battery negative lines; and C1 of the 
amplifier to D1. The effect of connecting C1 and RI, Fig. 8, 


across the crystal receiver phone terminals, can be tried. 


The amplifier can operate a speaker of 15 ohm to 75 ohm 
impedance. Current with a 9v battery is about 25—30mA 


with a 15 ohm speaker, or 10—15mA with a 75 ohm speaker. 


Headphones can also be used if required. 


Two BC108 or similar transistors will give very good results. 
For transistors of different type, it may be necessary to alter 
the values of R1 or R2 for best operation of TR1, or R3 or 
R4 for TR2. 


Push-Pull Output Stage 


For good volume, with low battery current, some form of +» 


push-pull output stage is generally used. This has two tran- 
sistors, and each amplifies one half of the audio signal. Base 
bias conditions of the two transistors are so arranged that 
only a low current flows during silent intervals. Overall 
battery drain is thus much lower than if a single transistor 
were used to obtain a similar level of volume. 


Fig. 12 is a typical push-pull output stage. TI is the input 
or driver transformer, and an audio signal is taken to its 


primary P. The secondary S is centre tapped. So for one half 
of the audio cycle one transistor base is driven positive and the 


other transistor base is driven negative, this being reversed 
for the remaining half cycle. Thus each transistor conducts 
alternately, and the centre-tapped output transformer T2 
combines the collector currents, to operate the speaker 
connected to the secondary S. 
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R2 and R3 set the base bias conditions for the transistors. 
Bias is arranged so that collector current is low, when no audio 


signal is present. The emitter bias resistor R4 limits peak 
collector current. 


If R3 is a pre-set resistor, as in Fig. 12, operating conditions 
can be arranged to suit the transistors fitted. For best results 
TRI and TR2 should be a matched pair. This means that they 
will have similar gain and current characteristics. However, 


two transistors of the same type number will generally be 
satisfactory. 


It is assumed that the same battery will suppl i 

pply earlier stages 
of the amplifier, and current for this purpose is taken re Cl 
and RI. R1 and Cl prevent audio signals present in the posi- 
tive line passing back to earlier amplifier stages. The by-pass 
oo C2 = si this respect. With simple circuits 
not giving much overall amplification, or small power outputs 
R1, Cl and C2 might all be omitted. . oe 
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TRI and TR2 are NPN transistors. If PNP transistors are to 
be tried, battery polarity must be reversed, and also the 
polarity of Cl and C2. PNP transistors, with a positive earth 
line, could be convenient where earlier stages also use PNP 
transistors and a positive earth. 


When first using the circuit, a meter can be placed in one 
battery lead. R3 is set for minimum value. Battery current 
will then be low, but reproduction will be very distorted. 
Slowly increase the value at R3 until reproduction is at its 
best. This will cause a rise in battery current, so do not set 
R3 to an unnecessarily high value. 


The driver transformer T1 can be of about 5:1 ratio. T2 can 
be a miniature type for low power, or a 500 milliwatt or 1 
watt component for larger power. Its ratio can generally be 
about 8:1, for use with a 3 ohm speaker. T1 must have a 
centre tap on its secondary, and T2 a centre tapped primary. 


Many transistors other than those given below can be used, 
the following being typical for negative ground or positive 
ground, 


Negative earth (NPN transistors). 2 x BC108. RI 1.2k. 
R3 100 ohm fixed or 250 ohm pre-set. R4 4.7 ohm. 


Positive earth (PNP transistors). 2 x AC\28 or 2 x AC142. 
R2 4.7k. R3 82 ohm or 250 ohm pre-set. R4 4.7 ohm. 


R1 will generally be 1k to 2.2k, depending on the earlier 
amplifier. The primary of Tl can be connected to terminals 
P in Fig. 10; or alternatively to any audio source where a 
reasonably strong signal is present. 


Where signals are too strong, an audio gain control needs to 
be fitted. In Fig. 8 this can be done by omitting R1, and 
disconnecting C2 from D1. Connect the outer tags of a 100k 
volume control or log pot from D1 to earth line. Take C2 to 
the centre tag or slider of the potentiometer. Any required 
audio level can then be taken off by adjusting the control 
knob. 


Fig. 12B shows the board layout. 
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Boost Speaker 


For best reproduction, a speaker needs to be i 
cabinet or fitted to a baffle board. A cabinet beach : 
from wood, and can be about 6 x 10 inch and 4 inch deep 
Or as required for the speaker unit. Cut an aperture in the 
cabinet front to match the cone diameter, and glue thin 
fabric behind this opening. The speaker can be fixed with 
nuts and bolts, or short woodscrews driven in from behind. 


Connect flexible leads, with separate pl j 
suit the equipment. 3 plugs oF a jack plug,ta 


Small pocket receivers, which have a miniature speaker, can 
give much improved volume and reproduction when used with 
a larger speaker. If a headphone socket, operated from the 
receiver output stage, is present, it is only necessary to plug 
the speaker into this. A fairly large speaker, of sensitive type 
will give best results. A unit 5 inch to 6 inch in diameter or 
about 4 x 7 inch, will be convenient. The speaker has to be 
of approximately the correct impedance, which should be 
found in the receiver operating instructions. Where the 
speaker impedance is wrong, a matching transformer has to 
be employed between receiver and speaker, 
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SECTION 2 
MISCELLANEOUS DEVICES 


Extension speakers are less frequently used today, but if two 
leads are run into another room programmes from a non- 
portable type radio can be listened to there also, 



























Other “No Soldering” Projects 
Soldering 
It will be seen that many of the circuits which follow, and 
especially those of simpler type, can be assembled without 
soldering. Where necessary, an examination of the practical 

layouts will give an indication of how components can be 

placed. Generally a little extra space should be allowed so 
that nut and bolt connecting points need not be extremely 
close together on the insulated board. 


Soldering for electronic wiring will be found to be a very easy 
and straightforward matter. An electrically heated iron is 
usual, and as large areas of metal do not have to be raised 

to the melting point of the solder, a 20 watt to 25 watt iron 
is satisfactory. This will be perfectly safe if correctly fitted 
with a mains plug, and if placed on a metal plate or tray when 
not actually in use. 


It is best to use cored solder, as made for electronic wiring. 


Leads, tags and other items to be joined should be clean and 
bright. They have to be raised in temperature to the melting 
point of the solder at the actual points where a joint is to be 
made, and the active core of the solder, or flux, must be 
present here when the joint is being made. 


The iron should be tinned — that is, have melted solder on its 
tip — and have reached its correct temperature. Leads can be 
hooked or looped into position. The joint is then heated with 
the iron, and the solder is simultaneously applied to the joint, 
so that it melts and flows over the surfaces to be soldered. 
This usually takes place in a second or two. The solder and 
iron should be removed at once, as excessive heating may 
damage some components, and especially transistors or other 
semiconductors. The joint cools in a few seconds, and should 
be rigid, and solder having flown onto the items to be joined. 


A probable cause of poor joints is insufficient heating of items 
to be soldered, or carrying solder to the joint on the iron, so 
that the activity of the flux is wasted. 


Electronic items such as tags and the wire ends of compon- 
ents are generally designed for easy soldering. They will be 
copper, tinned copper, and similar metals and alloys which 
solder readily. For this reason, difficulties are unusual. 
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Some metals do not solder readily, or need special methods. 
Aluminium is one of these, and it is not used where popular 
cored solders intended for copper or general wiring are 
employed. 


Make sure that heat from the iron does not damage furniture 
or other items, and keep the flexible cord away from the 


heated tip. Always switch the iron off at once when the work 
in progress is to be left. 


One Transistor Audio Oscillator 


This can be used instead of a bell or buzzer warning, or for 


code practice and similar purposes. It needs very few compon- 


ents, Fig. 13, and can be made to work satisfactorily with a 
wide range of transistors. 


In Fig. 13, an NPN transistor is shown in the theoretical 
circuit, so battery polarity is as indicated, with negative to 
emitter. If a PNP transistor is fitted, battery polarity must be 
reversed. 





(1) shows leads from a typical NPN transistor, such as the 
BC108, 2N706, and similar types. (2) is the base of the PNP 
‘AC128 transistor. 


Ti can be a small speaker matching transformer, as used for 
‘push-pull stages. A centre tapped primary is necessary. The 
secondary S can be taken to a loudspeaker or headphones, 


The values of R1, C1 and C2 can be varied considerably. 
Ci can be 0.1uF or so. R1 determines to some extent the 
power obtained, and can be about 22k, increased to 47k or 
100k for lower power. The value of C2 has considerable 
influence on the note, or frequency of oscillation. Increasing 
the value of C2 lowers the pitch. C2 can be about 47nF to 
4.7nF or thereabouts. A 9v battery can be used. Changes 
to the supply voltage will influence the note produced. 


Fig. 13 also shows a layout for components, using either a 
fully perforated board, or a panel drilled to suit. Trans- 
former T1 is fixed by screws. Small transformers of this type 
are usually wire ended, or have pins which pass down through 
holes in the board. 


The wire ends of the resistors and capacitors are passed down 
through suitable holes, and bent over. The board is then 
tured so that the underside wiring can be carried out. In 
most places the wire ends of the components will be long 
enough to reach connecting points. Elsewhere, 24swg tinned 
copper wire, or similar connecting wire, will be used. Make 
the soldered joints as described, and snip off unwanted ends of 
wire. It is as well to leave the transistor to last, as this avoids 
heating it unnecessarily when soldering other items. Lengths 
of flex, anchored at holes in the board, are used for battery, 
key (or push) and speaker connections. 





Multivibrator 

Fig. 14 is the circuit of the multivibrator assembled in Fig. 2. 
Reference to Fig. 14B will show how this can also be prepared 
on a tag board. 

The tag board has two rows of tags fitted to an insulated 
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board, and it is five tags long in Fig. 14B. Boards of this type 
can be obtained in many sizes. It is also easy to cut a section 
from a long tag board, to suit the needs of the item to be 
assembled, Such boards are very handy indeed for electronic 
assemblies, as the tags support resistors, capacitors and other 
items, and a neat layout is readily achieved. 





Tag strips are also useful for projects, and may have any 
number of tags required. Long tag strips can be cut down as 
necessary. Short tag strips have one tag for mounting the 
strip, longer strips having two tags formed as brackets for this 
purpose. 


Place the components approximately as in Fig. 14B, and solder 
the wires to the tags. If any component values may be 
changed,.do not twist the leads tightly round the tags before 
soldering, or removal will be difficult. 


Wires which cross can be kept clear of each other, and then 
no insulated sleeving will be necessary. The transistors can be 
soldered on last, and can readily be changed without disturb- 
ing other parts. 


The same layout can be used for the next project, though the 
component values are different. 
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Glissade 


This device will produce swooping, rising and falling tones, for 
“effects” purposes, or can with additional skill be-used to 
obtain musical notes through several octaves. The circuit is 
shown in Fig. 15, and reference can be made to Fig. 14B 
for a practical layout on a tag board. 


In Fig. 15, suitable component values are: 


Rl 10k Cl 22nF 
R2 12k C2 22nF 
R3 100k C3 22nF 
R4 10k VRI 100k linear pot. 


Transistors: 2 x BC108 or similar types. 


The circuit is a wide frequency audio oscillator, in which the 
pitch can be controlled by VR1, and “on” switching is obtain- 
ed by S. The oscillator is placed in a box, so that switch S 
and VR1 can be mounted on the top. The switch is a strip of 
springy metal, fitted with a spacer and bolt, so that it is just 
clear of a further bolt. A small downwards movement of the 
arm or knob completes the circuit. 
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VRI has a % inch shaft coupler, into which is screwed a length 
of 4ba threaded rod. A knob is also fitted to the end of this 
rod. It can be swung backwards or forwards, to change the 
resistance of VR1. Connect VR1 so that movement of the 
knob towards the right raises the pitch. 


Output from C3 can go to high resistance headphones, for 
amusement, but should be taken to an audio amplifier. Gain 
of the amplifier will have to be turned back somewhat, as the 
output from the glissade is at a quite high level. 


Swooping tones are produced by holding down the switch S 
and swinging the control knob attached to VR1 from side to 
side. For notes which do not swoop to frequency, switch S 
must be released while VR1 is rotated. A slight quivering 
motion of the hand controlling VR1 will produce a vibrate 
effect. It is useful to have an ordinary switch in parallel 
with the knob control S, and to have the amplifier audio gain 
control near the left hand, so that fading effects can be pro- 
duced as well. 44 





About 4.5v to 9y can be used, this influencing volume. Should 
other transistor types give an unsuitable range of frequencies, 
the note can be raised by reducing Cl or C2 (or both). 


Morse Oscillator for Phones 


By using the windings of magnetic headphones as part of the 
feedback circuit from collector to base, a single transistor 
oscillator can be made as in Fig. 16. Medium to high imped- 
ance phones are most suitable, and numerous other transistor 
types can be fitted. 


The transistor and few other items are mounted on a tag strip. 
This is in turn bolted to a small insulated box, which can carry 
the battery. A 4.Sv supply was found best with this oscilla- 


_ tor. The note obtained can be modified by altering the 
voltage, resistor, or capacitor values. 




















For serious code practice a good Morse key is required. It is 
adjusted so that only a small movement of the wrist is needed 
to operate it. Each letter consists of short and long sounds, 
shown as (+) and (—). The (—) has three times the length of 
the (+) 


rAe- totam Oe > 
. i 9 
Lt5 
NxX¥x<e<c CH UNDWOVOZ 
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Mit — amass 
After learning the code, practice between two persons will 
be best to gain speed. Care should be taken to form each 
letter correctly. 


Two Door Siren 


This can be used as a warning device instead of a door bell. 
The circuit is arranged so that two bell pushes can be con- 
nected, and they will provide distinctive notes. It is thus clear 
which of the pushes has been used, as, for example, to dis- 
tinguish between front and back doors. 


Fig. 17 is the circuit. The collector of each transistor drives 


the base of the other through a capacitor with parallel resistor. 


TI is centre tapped, and couples a loudspeaker. 


Component values are intended for two AC128 or AC142, 
or similar transistors, as used in 4w to lw output stages of 
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receivers and small amplifiers. Other transistors will of course: 
operate in this circuit. The pitch obtained can be modified 
by changing C3. The circuit shown is for PNP transistors, 
and battery polarity has to be reversed for NPN transistors. 


B sPeaKeR 


Fig. 17B shows the oscillator wired on perforated board. For 
a self contained unit, the board can be screwed inside a case 
which is large enough to house the speaker and battery. 


The note obtained when Push 1| is operated depends on the 
value of R3, In the same way, R4 allows a different note to 
be obtained when Push 2 is closed. If necessary, R3 or R4 
can be changed, to obtain notes which are readily distin- 
guished. 


Transformer T1 is best of fairly high ratio, or can be the usual 
type of transistor output transformer, with a ratio of about 
8:1. Tl and loading by the speaker influence the volume and 
notes obtained. 
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PUSH! PUSH2 


In some circumstances it may be convenient to run a single 
twin lead from Push 1 on to Push 2, including an extra resistor 
at Push 2 itself, to modify the tone. This may save taking 
leads from Push 2 all the way back to the oscillator board. 


UJT Oscillator 


The uni-junction transistor is a device having emitter, Base i 
and Base 2, Fig. 18. B2 receives positive bias, in this case 
through the headphones. When forward bias on the emitter E 
is reached the UJT conducts. 


in Fig. 18, the emitter potential rises as C1 charges through 
the resistor RI. When the UJT conducts, C1 is discharged, 
and the process is repeated. This can take place over a very 
wide range of frequencies, depending on the values used for 
Rl and C1. Here, these are chosen to produce an audio tone. 


A battery supply of 3v to 9v will be convenient. For use of 
the UJT oscillator during code practice, place the key in one 
battery lead. 48 
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UJT Continuity Tester 


Fig. 19 shows actual assembly of the circuit in Fig. 18 ona, 
small perforated board. This is fitted in an insulated box, 
which carries a phone jack socket, and two sockets for Morse 
key or test leads. A 9v battery is used, secured with string 
or elastic. 


For continuity tests, take prods or clips on the test leads to 
the suspected item. If the circuit is in order, the UJT oscil- 
lator will produce an audio tone. Oscillation will be obtained 
with a series resistance between the prods of up to 20k or 
more, so various components can also be tested, and some idea 
of the resistance in circuit can be gained from the sound 
obtained. The tester can also be used to check bulbs, lamps, 
fuses, extension and other leads, and similar items — these 
must of course be removed or disconnected from the equip- 
ment, before being tested. 
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PHONES FIG.I9. KEY OR TEST LEADS 





UJT High Voltage Producer 


The UJT oscillator can be used to produce a high voltage, at 
very low current, by connecting a transformer as in Fig. 20. 
A loudspeaker transformer, as would be used in valve equip- 
ment, is suitable, and will have a ratio of about 45:1 or so. 
The usual secondary, or low-resistance winding, is connected 
to B2 and positive, so that a step-up of voltage is obtained. 
This should be found to light a small neon lamp. 


VRI is fitted to allow some adjustment, to find the most 
suitable frequency of oscillation. For maximum possible 
high voltage output, if required, operating voltage and current 
should be raised. No rating of the UJT must be exceeded. 
For the 2N2646, the supply should not exceed 30v, emitter 
current should not be over SOmA, and dissipation of power 
in the device should not be more than 300 milliwatts. (Dissi- 
pation can be found from Voltage x Current.) 
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HIGH VOLTAGE, 
LOW CURRENT 
(AC) 





A small mains transformer can be used for T1, with a low 
voltage winding, such as that for a 6.3v heater circuit, as 
primary, and the 200/250v winding as secondary. The high 
voltage output is alternating current. 


Signal Blinker 


Fig. 21 is a multivibrator in which the feedback capacitors 
Cl and C2 are of high value, so that conduction alternates 
between TRI and TR2 at a low rate. A light emitting diode is 
placed in the collector circuit of TR2, and so flashes on and 
off. 


This device can be used for various instruments and other 
equipment, and a flashing indicator draws attention to a 
greater extent than does one continuously illuminated, The 
LED can be located at any required point, with leads running 
to it. 


Transistors other than the types shown can be utilised. R4 can 
usually be about 150 ohm for a 3v supply, 470 ohm to 1.2k 
for 6v, or 680 ohm to 1.5k for 9v. This depends to some 
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extent on the amount of light required when the indicator 
is operating. Lower resistor values at R4 will increase light, 
but current must in any case be limited to the LED rating. 


Power should be drawn from a 3-pin plug, and this should have 
a 3A or other low rating fuse installed. The live or L, neutral 
or N, and earth or E conductors must be correctly connected, 
both at the plug and the equipment. 


The plug must always be withdrawn from the supply socket, 
before touching any intemal connections, or making any 
adjustments or checks of any kind. 


Apparatus operated from the mains must be constructed in a 
Strong insulated box, such as can be obtained from various 
suppliers of electrical equipment; or when built in a metal 
box, the box must be soundly earthed. This is achieved by 
bolting the mains cord earth conductor to the box. 


Boxes or cases can have ventilation holes or slots, but must 

be closed so that no one can touch live or dangerous connec- 
tions or parts inside. It should be remembered that unskilled 
or unaware persons may eventually handle or use the equip- 
ment, so it must be arranged to present no unexpected hazards 
such as live terminals or parts, or openings for the fingers. 


If these points are remembered, mains operated equipment 
can be safe to use and handle. No switch or other means of 
interrupting the circuit is put in the earth conductor, and any 
switch or equivalent device is placed in the live or L con- 
ductor. This leaves both earth and neutral permanently 
connected, for maximum safety. 


Dimmer/Heat Control 





It is often convenient to dim a filament lamp, or reduce the 
heat of a soldering iron to be left on for long periods, or the 
power of a low wattage heater. The silicon controlled rectifier 
circuit in Fig. 22 can be used for these purposes. 


C1 and C2 need only be 6.4v working, and the device can be 
assembled on a very small perforated board. See p.61 for 
LED polarity. 


Mains Wiring When the switch marked “Full” is closed, current for the 
load passes through this, so that full power is obtained. 
All the devices described so far have operated from low 
voltage batteries, so than no shock hazard exists with them. 
However, it is necessary to employ mains power for some 
units, and proper care must then be taken to avoid any danger. 
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When this switch is opened, current passes through the SCR. 
This device conducts only when the gate has been triggered, 
and the instantaneous point in the alternating current cycle 
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where this arises is determined by the setting of the potentio- 
meter VRI. Triggering is advanced as the wiper of VR1 is 
moved towards RI. The average power supplied to the load 

can thus be adjusted between wide limits. Since the device is 
operating as a half wave controller, full power is not obtained 
with VR} at maximum, so the switch is closed as described. 


of the box should be screwed in place. A suitable size is about 
4x5 x2 inch deep. 


FIG .22B. 





Fig. 22B shows construction of the SCR controller in a metal 
box. The front of this carries a socket outlet, and the mains 
cord has a 3-pin plug, wired as explained earlier. It is thus 
easy to plug the controller into an outlet, and insert the plug 
of the lamp or other item to be used in the new outlet. 





Ifa fully insulated box is used instead, then the bush of VR1 
and of the switch should both be earthed by wires, except 
when these items are constructed wholly with insulated 
material. (This precaution is necessary to avoid any chance of 
The mains cord is secured with a clamp, and passes through metal parts outside the box becoming “‘live’’.) 
an insulated grommet. The tag strip supporting the small 
items is mounted by an unused tag. A strip of metal is cut 
to clamp round the body of the SCR, and is soldered to one 
tag, as shown. Run earth and neutral leads from the cord up 
through a hole, and connect them to the E and N terminals of 
the socket outlet, Also earth the case, at E. A well insulated 
wire runs from the L terminal of the outlet, to the “Full” 
switch. The outlet can be secured with bolts and nuts. 


Two Power 


A circuit which will allow half or full power can be useful to 
reduce the heat of a soldering iron, or for dimming a filament 
lamp. 


Fig. 23 is an easy circuit of this type. Full power is obtained 
when the switch S is closed. With S open, the silicon rectifier 
allows current to flow in one direction only, so that power is 
approximately halved. A 600v 1A or 1000v IA rectifier is 
suitable. 


R1 should be | watt, and Cl is a 500v capacitor. The neon is 
a small type as used for indicators, etc. 


After checking that the controller operates correctly, the back 
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soldering a connecting wire through the holes. This will 
provide one connection to the pad. The other foils — 2, 4 
‘and 6 — are similarly joined together for the other pad con- 
nection. 













The pad is fixed to the top or side of a box, which can contain 
the battery and electronic components. 





This device can be made by using an insulated junction box 
which will take a socket outlet and also the switch S$. A3-  - 
core cord with plug is run to the box, so that it can be used 
with any power point. The iron or other item can then be 
plugged into the outlet fitted to the junction box. Remember 
to make mains connections in the way described earlier, for 
safety. The switch S should be of fully insulated type. 




















The sensitivity of the SCR, or gate current or potential needed 
to produce conduction, will depend somewhat on the individual 
device, while the gain of individual transistors will also be 
different. Numerous NPN types are suitable. If it is found that 
the switch is too sensitive, this can be corrected by placing a 
resistor from transistor base to SCR cathode or negative 

line. This resistor can be about 470k to 1 megohm or so. 
Excessive sensitivity will be apparent if the circuit is switched 
on by dust, damp air, or similar effects. The pad should be 
kept clean by wiping it with a dry cloth. 


Sensitive Touch Switch 


In Fig. 24, finger contact with the touch pad switches on a 
low voltage bulb. T?.is circuit is suitable for a battery operated 
portable bedside light, and for some other devices. 5 





Normally the silicon controlled rectifier is not conducting, 
so the lamp is extinguished. Finger contact with the pad 
provides positive base bias for the transistor so that it conducts. 
This moves the transistor emitter and SCR gate positive, 
triggering the SCR. Current then flows from cathode K to 
anode A, and through the bulb. The SCR remains in the 
conducting condition until the battery circuit is interrupted 
by opening the switch. A push switch, normally closed, is 
most suitable here. Pressing it then switches off the bulb. 


Fig. 24B shows assembly of the components on a tag strip. 

A small 5Ov 1A SCR is more than adequate. The bulb can be 
a screw in type, and can be 6.3v 0.15A, or 6.3v0.3A. A 

6v 3W (0.5A) bulb is also suitable, provided the battery is 
fairly large. 





It is convenient to make a wooden box which will take the 
battery, and leave a little space for the tag strip assembly. 






This touch pad is easily made from a piece of circuit board 
with foil strips. It can be about 2 x 1 inch, or of any convenient 
size. Join together alternate foils — e.g., 1,3, 5 and 7 — by 
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FIG. 24B 


SENSOR 


Water Level Indicator 






This is a battery operated low voltage device, which is trig- 
gered by rising water. It can be used to give indication when a 
tank, cistern, fish or swimming pool has filled to the required 
level. 


Fig. 25 shows the circuit, and also assembly on an insulated 
board, This also carries the battery, and it is fitted in a metal 
or plastic box. 





SENSOR 















In use, the base normally has no positive bias, as the sensor 
passes no current. When water reaches the sensor, it conducts, 
and the transistor passes collector current, to operate the 
indicator. RI limits base current. 





For indoor use or in a location protected from rain, the sensor 
can be two bare wires, about % inch apart, bolted to a strip 

of insulated material. Where rain could operate the device, 

it needs to be covered. Alternatively, it can be made from a 
piece of metal tube, with a central wire, as in Fig. 25. The 
wire is bound with insulating tape for about half its length, 

to fit tightly in the tube. Flexible leads are soldered on, and 
the joints covered with tape. The sensor can be suspended 
inside the tank or pool, with its bottom at the required water 
level. 


This circuit will operate satisfactorily with a wide range of 
PNP or NPN transistors, but battery polarity must be reversed 
for the PNP types. 


The indicating or warning device can be one of the multi- 
vibrator or other audio oscillators shown earlier. These will 
give an audible warning, and will draw only a small current, 


so that a large transistor is not required, If the transistor is a high gain one, so that damp operates the 


indicator, sensitivity can be reduced by connecting a 100k 
resistor from base to emitter. 
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amplification, which will depend on the transistor. and also 
the LDR, or stray light reaching the latter. 


Optical Isolator 


In some equipment complete electrical isolation of one circuit 
from another is required, though signals must be able to pass. 
The optical isolator is a neat way to arrange this, and can be 
fitted up from the circuit in Fig. 26. 


The LED and LDR can be enclosed in a card tube, or should 
at least be shielded from light, which will swamp the modula- 
ted illumination of the LDR, obtained from the LED? 


With the circuits switched on, and VR1 adjusted so that the 
LED is illuminated, turn the radio to give fairly low volume. 
Adjust VR2 for best bias conditions. When these are reached, 
signals should be heard clearly in the headphones. VRI, VR2 
and the audio input to T1 can then be adjusted for best results. 
TRI can be the BC108, 2N706, or similar transistors suitable 
for audio amplification. A medium or high impedance head- 
set will be satisfactory. Assembly can be on a perforated 
board, as for other circuits. Take care not to adjust VRI so 
that the LED current is too high. 


LED Indicator 


A light emitting diode can be used as an indicator on battery 
powered equipment and the current required is very small. 
Fig. 27 is a LED indicator circuit. Here, the long wire of the 
LED is negative, but with some LEDs this is not so. A flat 
side may, or may not, be present. So polarity may have to be 


+ = 
AUDIO BATTERY FIG,26. 





Electrically, the device is in two sections. The first has the 
light emitting diode LED, VR1, and transformer TI. When 
the battery is switched on, current flowing through the LED is 
adjusted by VR1, so that the LED glows dimly. A signal 
voltage in the secondary of TI then modulates the LED light 
intensity. 


To operate this circuit from a radio having a 2/3 ohm or similar 
speaker, a speaker matching transformer with a ratio of about 
45:1 can be used. (The actual ratio is not very important.) 

Connect the usual transformer secondary to the radio speaker, 
so that Tl provides a step up effect. 


The second part of the equipment has the light dependent 
resistor LDR, forming part of the network providing TR1 with 
base bias. VR2 allows adjustment of conditions for best 
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The LDR has a high resistance when in darkness or subdued 
light, so that the gate potential of the SCR is not sufficiently 
high to trigger this device. When light reaches the LDR, 

its resistance falls, and the SCR gate voltage rises. The SCR 
then moves into its conducting condition, so that current 
flows through the bulb. The sensitivity of the circuit, or 

level of illumination needed to trigger the SCR, is set by VRI. 


found by trial — the correct connections are those allowing 
the LED to light. The series resistor may be about 150 ohm 
to 1k or more, depending on the actual voltage, and brightness 
required. Current drawn varies with different LEDs, and 

with voltage and series resistance, but can be about SmA or 
less, without reducing the brightness too far. 


The LED indicator with resistor is connected to the circuit 
where voltage is present when the equipment is on. LEDs are 
available in red, yellow, green and other colours, with grommets 
or clips for panel mounting. Different circuits may be identi- 
fied by a range of colours. 


Components can be assembled on a small tag strip. This, with 
a battery. can occupy a tubular case, with the lamp on top. 
An opening is necessary opposite the LDR, and a hole is also 
made so that VRI can be adjusted with a screwdriver. Here, 
a miniature pre-set SOk or 100k linear potentiometer is most 
suitable. It is necessary to have a small push switch to interrupt 
the battery current, as the SCR remains in the conducting 
condition until the circuit is momentarily broken. A 6V 
battery and bulb can be used. SCRs may fail to operate at 

all if attempts are made to use them with extremely low 
voltages, such as a single 1 .5v cell. 


“Magic Candle” 


The triggering of a silicon controlled rectifier can be used for 
slave photoflash and similar purposes. In Fig. 28 it is em- 
ployed to switch on a light when a match or lighter is brought 
near. Sensitivity is best in somewhat subdued light, and it 
will then be found that striking a match at some distance can 


bring on the light. Nerve Tester 


This device tests the nerve, concentration, and steadiness of 
hand, and always provides amusement. 


Connections and construction will be seen from Fig. 29! A 
wooden box at least 10 inch or 12 inch long will be used, 
and large enough to take the battery and other parts. 


A stout bare wire — at least 14swg — is mounted with a bolt 
and spacer, and is bent in any way found appropriate, and 
according to the degree of difficulty wanted. A similar wire 

is fitted with a wooden handle, and has a loop bent at one end. 
A flexible lead of convenient length is soldered to this wire. 


The problem is to pass the loop all along the shaped wire, 
without allowing contact, until the loop can be rested on a 
piece of insulated sleeving at the fixed end, as in Fig. 29. 
The size of the loop will also have considerable influence on 
the ease or otherwise of the likelihood of success. 
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BATTERY 


If loop and wire touch, current flows from the battery to the 
buzzer, which sounds. Current also flows to the relay winding, 
so that the relay contacts close. Even a momentary contact 
between loop and wire will thus cause the buzzer to sound 
until the switch is used to break the circuit. 


Any 4.5v, 6v or similar battery and buzzer will be satisfactory, 
with a relay which operates on a similar voltage. Connections 
are to the relay contacts which remain open until] the relay is 
energised. 


In use, the device can stand upright. A back is attached with 
small screws. 


Burglar Alarm 


The same circuit arrangement as in Fig. 29 will provide a burglar 
alarm operated by pressure mats. The latter are available in 

various sizes, and consist of a thin pad which can be placed 
under a carpet or ordinary mat. 
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Leads from the mat or mats will run to the terminals at 

X—X. The buzzer should be changed for a bell, which need 
not be fitted in the box, but can be situated where it is best 
heard. Momentary weight on any of the mats will then switch 
on the bell, which will be locked on by the relay as described, 
and will ring until the unit is switched off. 


Transistor Tester 


A very useful check of transistors can be made with the aid of 

a multi-range test meter, with a selection of base resistors to 
provide base current, as in Fig. 30. This method does not give 
an exact indication of transistor gain, but it does allow defective 
transistors to be eliminated, and provides a good idea of the 
performance to be obtained from surplus or other unknown 
transistors. 


A 6-way switch allows the base to be open circuit, or to receive 
current through one of the resistors RI to RS. These values 
are Rl 330k, R2 110k, R3 33k, R4 11k and R5 3.3k. After 
allowing for the base-emitter potential, switch positions and 
corresponding base currents are near the following: 1, zero; 
2, 104A; 3, 30uA; 4, 100A; 5, 0.3mA, and 6, ImA. 
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Polarity is shown for NPN transistors. Reverse polarity of 
both meter and battery for PNP transistors. 


For all tests, initially set the switch to 1, and the meter to its 
highest range (say | ampere). Afterwards, switch the meter to 
a lower range, after adjustment of the 6-way switch, as may 
prove to be necessary to obtain an easy reading. 


With the switch at 1, a high reading on the meter shows that the 
transistor has a short circuit from emitter to collector, and is 
defective. 


With germanium transistors, collector current (with the switch 
at 1) may be 0.1mA or so up to perhaps 0.5mA for small 

types, and up to some milliamperes for larger types. This small 
leakage current does not show that the transistor is defective. 


In the case of silicon transistors, the leakage current (with 
switch at 1) will be zero or extremely small, if the device is in 
good condition. 


The switch is then turned to one of the positions 2 to 6. If 
collector current does not rise, the transistor is defective. 

If current rises at each step, do not go beyond the switch 
setting which results in a safe collector current for the device 
actually being tested. This can be 10mA or less for some smuall 
transistors, or 100mA or so for those able to handle greater 
power, and up to an ampere or more for large power transis- 
tors, but limitation of base current will not allow full collector 
current with large types. 


The approximate hFE or current amplification of the transis- 
tor (common emitter mode) can be found by noting the 
approximate base current and collector current. If the collector 
current with the switch at | was very small, it can be ignored. 
If not, take this value from the actual collector current read 
by the meter, with the switch at 2 to 6. Collector current 
(read by the meter) is then divided by base current (taken 
from the switch position as described). This gives the approxi- 
mate hFE, or amplification, of the transistor. 


It is convenient to mark the switch with the base current 
figures, and to have three small clips to attach a transistor to 
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the circuit. Switch, clips, and battery can all be fitted toa 
small box. A development of the circuit would be to include 

a current meter, with switch and shunts, to replace the external 
general purpose test instrument. 


Treasure Locator 
This locator is among the simplest that can be constructed, as 
it uses an ordinary small portable radio as part of the detection 


circuitry. No modifications or connections to the radio are 
needed, 


e'¢-8 


2N3704 





Fig. 31 is the circuit. It has a single transistor as a low radio- 
frequency oscillator, operating in conjunction with the search 
coil. Oscillation is obtained by having a tapped coil, with 
outer leads going to base and collector circuits. The 
frequency of oscillation depends on the coil, and the parallel 
capacitors, trimmer Tl, and C2. 


The winding of the search coil is 6 inch in diameter, and is of 
34swg enamelled wire. The coil former can be made from three 
pieces of 1/8 inch thick hardboard, or similar insulated mat- 
erial. Cut one disc 6 inch in diameter, and two others about 
6% inch in diameter. Smooth the edges with glasspaper, and 
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cement them securely together, with the small disc between 
the larger discs. This provides a former with a channel to take 
the winding. The adhesive should be allowed to dry with the 
discs under pressure, so that there is no gap into which turns 
can fall. The former should also be varnished, and allowed to 
dry, before winding. 


The wire is passed up through a small hole, this being point 1. 
Wind on fifteen turns. Make a loop and pass this up through a 
hole, for point 2. Wind a further twenty-five turns in the same 
direction, finishing off at point 3. These leads are scraped and 
soldered to a small tag strip. This is an anchor point for in- 
sulated leads which will run up the handle of the locator (Fig. 
32). 


Cut a block of wood, and drill it to take the bottom of a 
broomstick. Cement the block to the prepared coil. 


Components are assembled on a tag strip as in Fig. 32. Mount 
this strip in a plastic lunch box or similar container, which 
will also take a small 9v battery, and the switch S1. A test 
for oscillation can be made by placing a meter in one battery 
lead, and shorting 1 and 3 of the coil. Meter current should 
change slightly. If not, look for some mistake in wiring. 
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A shelf is bolted to the handle, and the detector rests on 
this, with connections passing down to the search coil, A 
few loops of tape or string will secure these to the handle. 


Operation in Great Britain can be on frequencies under 
100kHz. Initially tune the radio receiver to 200kHz on long 
wave, and place it near the coil. Adjust T1 until a strong 
whistle is heard in the receiver speaker. This is the 2nd 
harmonic of the oscillator. T1 is then screwed down very 
slightly from this position. 


The small portable radio is placed on top of the locator box, 
and can be held here with elastic. It is tuned to the medium 
wave band. Some small adjustment of T1, and of the receiver 
tuning, may be required, until a suitable heterodyne is produced 
by a harmonic or multiple of the oscillator. It will then be 
found that the pitch of the note changes when the search coil 
approaches a metal object. 


It should generally be found that sufficient coupling is obtained 
with the receiver when they are situated as in Fig. 32. If not, 
run a few inches of insulated wire from the transistor collector 
tag up through the box and place this under the receiver. 


For best results, adjustments are directed towards obtaining a 
good change in pitch, when the search coil approaches metal. 


For those interested in details of other detectors, reference 


can be made to “‘How to Build Your Own Metal and Treasure 
Locators” (No. 32, Babani Press). 
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SECTION 3 
RADIO AND AUDIO FREQUENCY 


MW Booster 


This unit can be employed in conjunction with any ordinary 
portable having a ferrite rod aerial, and will provide a con- 
siderable increase in range and sensitivity to weak signals. It 
has two functions — to allow the use of an external aerial and 
earth, and to amplify and couple signals to the portable 
receiver. 


Tuning coverage is for medium waves. That is, about 200—S50 
metres, or 1500—SSOkHz. Many overseas and other stations 

can be picked up on this band, and distant reception can be 
particularly common on the higher frequencies, during the hours 
of darkness. 
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Fig. 33 is the circuit, and it uses a cored tuning coil with 
aerial coupling winding 8—9, tuned winding 6—1, and base 
coupling coil 5—7. These numbers are for the pins of the 
Denco (Clacton) “Blue” Range 2 component. It will be 
apparent that other coils, or surplus or home-wound inductors, 
can be substituted. 


For the coil mentioned, VC1 is 315pF. However, this value is 
not too critical, provided the capacitor fitted allows tuning 
the wanted frequencies. A solid dielectric capacitor can be 
used, though the air spaced type is likely to be a little more 
efficient. ‘ 


‘Coupling to the base is by Cl, and resistors R1 and R2 set the 
base bias conditions, with R3 for emitter bias. These values 
will suit numerous RF transistors. 


Fig. 33B shows assembly of the components on an insulated 
board. The coil is mounted by its threaded bush. When the 
board has been wired, it can be mounted by means of bolts 
with extra nuts. The case is preferably metal, for screening 
purposes, but the booster can be used satisfactorily with a 

plastic or similar box. 


EARTH AERIAL 


FIG. 33B. 


Fit a small slide switch to the box front, and aeria! and earth 
sockets to the back, near the coil, A 9v battery is accommo- 
dated in the case. 


Coupling to the transistor receiver is by means of a loop which 
is placed on the receiver ferrite rod, or near the rod. The loop 
can be about twenty turns of thin insulated wire, about % inch 
in diameter, and bound with cotton to keep the turns together 
The ends can be left long enough to reach the two connecting 
points in Fig. 33B. 


If the case is metal, the booster and receiver can be near each 
other, so the loop leads will only need to be a few inches long. 
But when an insulated case is used, coupling from the receiver 
ferrite aerial or other circuits, to the booster coil, may cause 
instability. This will become apparent as whistles accompany- 
ing most signals. If this arises, the booster and receiver should 
be moved some inches apart. The aerial lead must not run 
near the loop connections. 


Some receivers have an internal winding which is intended to 
couple an external aerial, and it may be possible to connect to 
this, so that a separate coupling loop is not required. 


In some cases the earth connection may be omitted, though it 
can improve range. The aerial can be some 20ft to 40ft or so 
long. If possible, it should be high and clear of walls and 
other earthed objects. 


If necessary, the coupling afforded by the loop to the receiver 
aerial circuit can be modified by moving the loop. Initially, 
tune in signals with the receiver, then adjust VC1 for reson- 
ance. This should provide a very considerable increase in the 
volume of weak signals. A scale can be fitted to the booster, 
and marked to agree with the receiver tuning by this means. 
This will allow tuning to be kept in step, and the booster 
should allow reception of transmissions which will be inaudible 
if it is removed. 


Actual tuning coverage can be modified by adjusting the 
position of the coil core. This may be helpful in obtaining 
agreement between booster and receiver tuning. The booster 
is not required for the reception of powerful signals, and the 


73 








receiver automatic gain control circuit will tend to mask any 
increase in signal strength obtained with such transmissions. 


Midget MW Diode Radio/Tuner 


A small, compact tuner can be of utility in allowing radio 
reception through an amplifier, and a diode receiver can give 
excellent quality of reception. Such a unit can also be em- 
ployed alone, with headphones, for personal listening. 


Fig. 34 is a receiver/tuner which can be built in a very small 
plastic or other insulated box. VC1 is a compression type 
trimmer, fitted with a small knob for adjustment by hand. 
To do this, it is necessary to remove the short screw (gener- 
ally 6ba) and replace this with a longer one, which projects to 
take the knob. The latter can be a terminal head, or the cap 
from an empty tube of adhesive, secured with lock nuts. 


PLASTIC BOX 
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For best efficiency and small size, the tuning coil is wound on 
a piece of ferrite rod. It consists of seventy turns of 24swg 
or similar enamelled wire, on a rod about 1% inch long and 
3/8 inch in diameter. Actual details will not be critical. A 
piece can be obtained from a longer rod by cutting a notch 
round the rod with a file and snapping at this point with the 
fingers. A few touches of adhesive will hold the ends of the 
winding secure, The loop for the aerial connection is about 
one-third the total number of turns from the diode end of 
the coil. (Moving this tapping towards the earthed end of the 
coil will increase selectivity or sharpness of tuning, but reduce 
volume.) 


Aerial and earth sockets, and a 3.5mm jack outlet, complete 
the receiver. Headphones can be plugged directly in here. 


The aerial and earth can be provided as explained for the diode 
radio in Fig. 7. 


To use the radio as a tuner, Cl, RI and C2 may be added. 
Suitable values are Cl 470pF, R1 220k, and C2 0.25uF. A 
screened lead with jack plug should be made up to connect the 
tuner to the amplifier input socket. 


One Transistor VHF Receiver/Converter 


The super-regenerative receiver is well known for its great 
sensitivity, which equals that of a multi-stage superhet. It has 
no alignment difficulties, and few components, so is an inter- 
esting project. Its main disadvantages are its background 

hiss, but this ceases when a signal is tuned in, and its lack of 
selectivity. The latter is however relatively unimportant on 

the VHF bands. The circuit here is particularly intended for 2m 
reception, but is easily modified. It is not intended for FM 
signals. 


In Fig. 35 the detector is a VHF FET, and the field effect 
transistor will be found very satisfactory in circuits of this 
kind. T1 is the pre-set tuning capacitor, which allows adjust- 
ment over a fairly wide band of frequencies. Tuning is by VC1, 
which does not require a reduction drive. 
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Control of super-regeneration is by means of the potentio- 
meter VR1, which adjusts the FET drain potential. The value 
of VR1 is not very important, but a linear potentiometer is 
necessary. 


C5 provides feedback from source to drain, for regeneration. 
R3 and the associated components form the quench network, 
with C6 feeding headphones, or an audio amplifier. 


For best results, VR1 should enable the transistor to go 
smoothly into super-regeneration, which is shown by the hiss 
mentioned. Achieving this depends somewhat on the transis- 
tor, value of C5S,adjustment of T1, and aerial loading. 
However, matters are not too critical. 


Transistors unsuitable for VHF cannot be used. Individual 
FETs of the same type will also differ somewhat, so that in 
some cases it might be necessary to omit C5, or change the 
value. Alternatively, a small pre-set (not over 10pF) may be 


fitted. It will be found that a very small capacitance is required. 


Another cause of failing to obtain super-regeneration is too 

tight aerial coupling, and this is easily corrected by moving the 

aerial coupling winding a little further from the larger winding. 
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The RF choke can be a VHF type, or can consist of seventy 
five turns of 36swg enamelled wire, side by side on a % inch 
diameter insulated rod. Touches of adhesive may hold the end 
turns only. 


Short leads are essential, and assembly on a tag board is shown 
in Fig. 35B. The variable capacitor is fitted first, and it can 
later attach the finished board to a panel, by means of an extra 
nut. 


AF OUTPUT 


FIG.35B. 


The larger coil has five turns of 18swg wire, and is % inch in 
diameter and % inch long. The smaller coil has two turns. 
Wiring to VCI, T1, C5, the coil and C1 must be as short as 
can be arranged. Connections elsewhere are reasonably direct. 
A ceramic disc capacitor may be used at Cl. T] should be a 
low loss trimmer. 


The board can be fitted in a case which will carry VR1, and 
large enough for the battery and on-off switch. The case can 
be used to support a telescopic aerial, some 30 inch or so when 
extended. 77 





Frequencies tuned by VC1 can be raised by unscrewing T1, 
or by stretching the larger coil to separate the turns more, or 
by using a coil with fewer turns, or of smaller diameter. The 


The circuit in Fig. 36 may be used for these purposes. It 
generates a carrier of about the same frequency as that used 
in the intermediate frequency stages of the receiver, exact 


receiver is most suitable for use over the 7OMHz to 200MHz 
range. 


adjustment of frequency being by VC1, 






For the single transistor alone, a sensitive pair of medium or 
high resistance phones will be needed. Audio ouptut from C6 
can be taken to an amplifier, for more powerful reception with 
phones, or to allow a loudspeaker to be used. 


To use the circuit as a converter, tune a portable receiver to 
around 1500kHz (or as found to give best results, with no 
break through of unwanted medium wave signals). Place the 
receiver so that its ferrite aerial is coupled to the RF choke of 
the converter. When VR1 is correctly adjusted, conversion 
within the VHF circuit will then allow VHF signals to be 
heard with the receiver. 


Component List 





RI Ik Cl InF VHF disc 

R2 10k C2 22yF 10v 

Beek liviear ms pi — Most popular receivers have an intermediate frequency of about 
rirsneeing alee phon 455kHz to 470kHz. The circuit in Fig. 36 intermediat 

VC1 5SpF air-spaced variable C5 3.3pF VHF type : eee Cees Oh 

T1 20pF air spaced trimmer CS) O.1uF frequency transformer of similar type, and adjustment of 


its core allows operation with any IF from 455 to 470kHz. 
Pin numbers are for the Denco (Clacton) IFT13, normally 
intended for 465kHz. The connections to the base winding 
(4 and 5) have to be phased to secure oscillation. 


MPF102/BF244, or other VHF FET 
Tagboard, wire for coils and choke, etc. 


Pearse and Selenapd Reselver RI and R2 provide base bias, and R3 emitter bias. R4, and 


the large capacitor C3, allows current to be drawn from the 
same battery as is used to run the receiver, if wished. Alter- 
natively, a separate 9v battery may be employed here. 


Quite a number of inexpensive multi-band transistor receivers 
have frequency coverage which includes one or more Amateur 
bands. That is, 1.8, 3.5, 7, 14,21, or 283MHz. On these 
bands transmissions are often in Morse code or CW, or single 
sideband. CW or SSB can be resolved by the specialised 
Amateur receivers and transceivers, but not with the general 
purpose home receiver. To receive CW or SSB with the latter 
type of radio, it is necessary to add an oscillator. This either 
generates a heterodyne or beat note for code reception, or 
replaces the carrier which was eliminated from the single 
sideband transmission. 


Fig. 36B shows the practical layout of components, and 
wiring to them, using a perforated board. Connections and 
joints are kept close against the underside of the board. When 
wiring is finished, the board is mounted in a metal box, using 
¥% inch bolts with extra nuts for clearance. 


VCI1 can best have a dial with a central zero mark, this showing 
when the plates are half meshed. 
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obtain a note of the most suitable pitch. VC1 can be rotated 
either way from its central or zero beat position, to obtain 
best freedom from interference. 


When receiving SSB, a more critical adjustment of VC1 is needed 
and the carrier produced must be at the right side of the SSB 
signal. (One side is used for the low frequency bands, and the 
other for the higher frequency bands.) If the carrier is the 
wrong side, the speech will be “inverted” or unintelligible. 
With careful adjustment of VC1, a setting will be found where 
the sideband signal is correctly resolved. 


Easy Preamplifier 


This amplifier can be placed in circuit before a larger amplifier, 
to boost the input, or it may be used alone with headphones. 


A preamplifier will be added to existing equipment when a 
pickup or microphone having only a low output has been found 
to give insufficient volume. An amplifier may be able to 
provide a signal at a sufficiently high level. But with low input 
levels, output can be inadequate. 


FIG.36B. 





The stage in Fig. 37 can provide considerable gain. Audio 
input is to Cl, and RI provides base current for the transistor. 
Amplified signals are obtained across R2, and pass to the main 
amplifier (or phones) via the isolating capacitor C2. 


An insulated lead is run from 2 on the IFT, and is placed near 
the receiver. This lead may be so positioned as to give best 
coupling into the IF stages of the receiver. If coupling is too 
weak, the signal from the CW/SSB Resolver will be inadequate. 
On the other hand, tight coupling will allow the carrier to swam 
weak signals tuned in on the receiver. Fortunately the degree of 
coupling is not at all critical. 


To set up the oscillator, first of all tune in any normal broad- 
cast with the receiver. Set VC1 half closed and switch on. 
The core of the IFT should now be slowly adjusted until a 
loud heterodyne or beat note is heard accompanying the 
signal received. Set the core so that this note falls to about 
zero, or to a low pitch. It will then be possible to rotate 
VCl either way from this central zero beat position, in each 
case producing a note which rises in frequency as VCI is 
rotated. 


To receive CW or Morse code, it is only necessary to tune in 
the code signal with the receiver, and then to adjust VC1 to 
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With a BC108 or similar transistor, the supply can be about 9v 
to 15v. Numerous NPN transistors, intended for preamplifier 
use and of low noise type, will perform well. Current may be 
from a separate battery. Or it may in many cases be drawn 
from the main amplifier. To avoid instability or similar 
troubles, the positive supply should be from a well decoupled 
and smoothed point in the main amplifier. If this is not 
available, connect a 220uF capacitor from positive to negative 
in Fig. 37, and draw the positive supply through a 1k resistor. 
Negative is returned to the negative line of the main amplifier. 


Should the main amplifier have a positive earth line, then the 
transistor can be a PNP type, RI and R2 being changed to 
suit. 


Fig. 37B shows assembly on a perforated board. When the 
circuit provides input to a main amplifier, it should generally 
be in a metal case. Input is by a screened lead, and a screened 
lead is also fitted for the audio circuit to the main amplifier. 
The case should be earthed to the negative line. This can be 
by means of one of the bolts securing the board. 


Screening to avoid hum or instability will generally prove to be 
unnecessary when using the stage to operate headphones. So 
two sockets, or a jack socket, will be more convenient for the 
phone circuit. 


FIG .378. 








741 Preamplifier 


Integrated circuits have several stages of amplification, formed 
as a single chip and enclosed in a small case. The 741 is an 
easily obtained audio IC which can be used in many circuits. 
The uA741CE or metal can 741 is convenient, as its leads may 
be spaced to suit any ready perforated board. The dual in line 
741 is electrically similar. 


Fig. 38 shows a preamplifier using the metal can 741. Input is 
via Cl to 3. As shown, 7 and 4 are positive and negative, while 
output is from 6. Negative feedback is applied to 2, via R4. 
C3 is an isolating capacitor. 





Modification to the values of R3 or R4 allow feedback and 
gain to be adjusted between quite wide limits, but for general 
purposes the values shown are satisfactory. A wide range of 
voltages (not exceeding 36v) may be used. The actual output 
is from a complementary pair, and is easily adequate for very 
good headphone volume, if required. 


Fig. 38B shows assembly of the integrated circuit amplifier 
on a perforated board. For phone working, input and output 
need not be screened. But for preamplifier use before a main 
amplifier, these circuits need to be made by means of screened 
leads. 
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FIG .388. 


Lead 8 is identified as in Fig. 38. The wires are spread out 
slightly, to fit the board perforations. After inserting com- 
ponents as shown, turn the board over. Bend and solder the 
wires, cutting off excess length. Sleeving can be put on any 
connections which run very near other leads or soldered joints. 


If the preamplifier is to be used as a separate unit, input and 
output leads may be run to jack sockets, or sockets to suit 
other items of equipment. A metal case is advised, as this will 
help to avoid any pick up of hum, or other troubles due to 
coupling to the board wiring. The board can be secured to 
the metal box or case with 4 inch 6ba bolts, and extra nuts 
to give a little clearance. 


The amplifier may be run from its own battery; or from a 
supply used with a main amplifier. For the latter, it is wise to 
provide a decoupled point, in a similar manner to that descri- 
bed for the transistor preamplifier. This consists of a quite 
large capacitor (say 220uF to 470uF) from positive to negative 
across the preamplifier supply circuit, and a resistor of 1k to 
2.2k or so from preamplifier positive to positive on the main 
amplifier. ™ 





Tone Control for Your Discs Etc. 


The preamplifiers shown have a substantially flat response. 
That is, they do not purposely emphasize bass or treble, or 
have similar effects in modifying the audio frequencies pre- 
sent. In some circumstances it is necessary to boost treble or 
bass, or reduce the emphasis of these frequencies, in order to 
obtain the most satisfactory reproduction. 


This may be achieved by making a fully adjustable tone 
control, and Fig. 39 is a suitable circuit. A volume control is 
also incorporated, as this has not been present in the pre- 
amplifiers. 





The tone control is a passive circuit, needing no battery, and 
it can be placed between the source of audio signals (generally 
a microphone, pick-up, or radio tuner) and the amplifier or 
preamplifier. It may also be located between preamplifier 
and main amplifier, if wished. 


Results are substantially flat with the treble control VRI and 
base control VR2 in their central positions. Adjustment of 
VRI and VR2 will provide separate boost or cut of treble, or 
boost or cut of bass frequencies. VR3 is the volume control. 
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The degree of control afforded by circuits of this type may be 
adjusted by alterations to the component values. In practice, 
it will be found that there is little point in having extreme 
levels of adjustment, which will never be required. The follow- 
ing values may be used: Cl and C2, 270pF; R1, 390k; R2 and 
R3, 100k; C3 680pF; VR1 and VR2, 2 megohm linear poten- 
tiometers; VR3, 2 megohm log potentiometer. 


Components should be assembled in a metal case, for screen- 
ing. The case is grounded to the earth line. Input and output 
sockets can be near the ends of the case, with VR], VR2 and 
VR3 between. Components can be soldered directly to the 
potentiometer tags. 


Two Channel Mixer 


A mixer will permit fading in and out of two signals, such as 
these from tape and microphone, or radio and disc, and can be 
of considerable utility for home entertainment. The mixer 
in Fig. 40 takes two inputs, and also provides additional 
amplification, which will often be useful where input levels 
are not very high. 
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Input A has its individual volume control VR1, and Input B 

is similarly provided with VR2. Resistors R1 and R2 prevent 
short circuiting one input when the other potentiometer is 

set at zero. Coupling to the transistor base is by Cl. R3 

and R4 set base bias conditions, with RS as the collector load and 
audio output from C2. 


Component values are not very critical, though R3, R4 and R5 
need to be selected to suit the transistor fitted. The mixer is 
connected and used in a similar way to that explained for the 
preamplifiers. 


FIG.408B. 





Fig. 40B is the layout, using a metal case or box. A screened 
output lead is provided. Input sockets A and B may be chosen 
to suit the type of plugs on existing equipment. The on-off 
switch is separate from the potentiometers, so that these can 
be left at pre-set levels if wished. 


Component values may be chosen to suit low or high imped- 
ance inputs, if wished. Or the following may be used for 
general purposes: 
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Components List: The assembly of this amplifier on 0.15 inch matrix board is 
shown in Fig. 41B. Pin numbering is when looking at the top 
of the IC and the component side of the board. 


VRI, VR2, | megohm log potentiometers. 
R1, R2, 200k 

C1 0.5uF C2 0.5uF 
R3 330k BC109 
R4 22k 

R5 10k 


This is when using a 9v supply. 


¥% Watt IC Amplifier 


An integrated circuit which combines driver and push-pull 
output stages is used in Fig. 41. The IC is the MFC400B and 
is intended for operation from a 9v battery supply, and 
delivers up to about 250 milliwatts into a 16 ohm speaker. 
This will be found ideal for many projects, and for loud- 
speaker reception. FIG.41B. 





A screened input circuit will be found necessary when the IC 
amplifier is used with a preamplifier or similar items. Connect 
the outer brading of this lead to the negative line, and the 
inner conductor to Cl. Such screening is not necessary with 
very short connections from other stages to the IC 
amplifier, or when using it to amplify a crystal diode radio, 

or for similar purposes. 


The on-off switch can be in either the positive or negative 
battery lead. The IC will be found to give a good performance 
with speakers of a higher impedance than that shown, and up 
to 75 ohm may be used (with some small loss in output). 
Units of lower impedance than 16 ohms should not be fitted. 





The small size of this IC and the few extra components needed 


Audio input is to 2 of the IC, from the isolating capacitor make is very suitable for miniature apparatus, probably with 
Cl. C2 is a by-pass capacitor to maintain stability. The IC a 2% inch speaker. It will also operate a large speaker well 
has only four connections, 1 going to the negative line, and 3 (see “Boost Speaker”) and at a volume level adequate for 
to the positive supply. Audio output is from 4, and to the many purposes. 

loudspeaker via C3. R1 provides negative feedback and bias 

to point 2. 
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Class A Amplifier 


A Class A amplifier uses a single transistor, Fig. 42, which 
must thus operate over the whole audio cycle. As a result, 

the resting or no-signal current has to be fairly high, if other 
than a very low power output is to be obtained. An ampli- 
fier of this kind is thus most usual in circumstances where a 
fairly large current will be available. That is, with accumulator 
operated equipment (e.g., a car radio) or mains operated 
amplifiers. It can also be used for other purposes where opera- 
tion is more or less on an intermittent basis (as in a Loud 
Hailer), or for somewhat lower power where simplicity is 
important, 


The circuit in Fig. 42 can be used with any NPN transistor, 

or with PNP transistors if polarity is reversed. Small transi- 
stors of the 300mW and similar type will provide rather 
modest loudspeaker volume. Larger transistors, with a dissipa- 
tion of SO0mW to 1W or so, will be able to give reasonable 
power, and can often be useful here. The very large power 
transistor, such as that shown, will run at a much higher 
current level, and deliver several watts output. 





2N3055 


































T1 is the coupling or driver transformer, which may receive 
audio signals from a radio receiver, smaller amplifier, or other 
equipment. A step down ratio of about 5:1 to 10:1 will 
generally prove to be suitable. 


For smaller Class A amplifiers, T1 may be omitted. R1 and 
VRI may then be’of about Ik, and the audio signal can be 
coupled to the transistor base by means of a fixed capacitor, 
as in earlier circuits. 


T2 is the output or speaker transformer. This can be omitted 
when the speaker is of suitable impedance, and is able to carry 
the required collector current. This means that a 75 ohm 
or similar unit can be connected directly in the collector 
circuit, with low power transistors. If a 2/3 ohm speaker is 
used, then T2 is required with these for impedance matching, 


With the large type of transistor, current may be 500mA to 
1A or so, and this means that the usual speaker cannot be 
connected directly in circuit. Instead, a transformer or tapped 
choke will be needed. 


The circuit is often operated from 12v (a vehicle supply) but 
can be used with 9v, or more than 12v. 


RI and VRI set bias conditions, and R2 limits peak collector 
current. For the 2N3055, R2 may be 1 ohm. RI can be 
100 ohm, and VR1 25 ohm. T2 can be 2:1 fora 3.5 ohm 
speaker. Cl is 3200uF. Begin with VR1 at minimum value, 
slowly increasing this until reproduction is satisfactory. 
(This will set collector current at about 4 ampere.) 


With other transistors, adjustment can be made in the same 
way, by slowly increasing the base bias until best results are 
secured. Raising the value of VR1 in Fig. 42, or reducing the 
value of R1, will increase collector current, and thus raise the 
power which can be handled. However, current is limited by 
the power handling capacity of the transistor, so a meter 
should be put in one battery lead, and a check made that the 
power dissipation of the transistor is not exceeded. With 
small transistors, current can be limited to 5OmA or so. 


Fig. 42B shows assembly of the circuit-in Fig. 42. The power 
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transistor is mounted on an aluminium plate, which acts as a 
heat sink to carry away heat from the transistor itself. Note 
that this plate is common to the collector. Base and Emitter 
pins pass through clearance holes. Smooth off any burr round 
the fixing and clearance holes, so that the transistor can rest 
flat on the metal. Where it is awkward to have the plate or 
case common to the collector, the usual insulation set can be 
fitted. This consists of bushes for the fixing bolts, and a thin 
mica washer to go under the transistor, so that electrical 
isolation is obtained. 












T2 OR 
SPEAKER 







FIG.42B. 





The insulated board carrying the other components is 
mounted by long bolts with extra nuts. A large Class A stage 
transistor of this type will grow very warm to the touch, if 
run at anything like maximum power rating. This does not 
indicate any defect. 


Two Stage Amplifier 


The circuit of a 2-stage amplifier is shown in Fig. 43, and this 
can be used for loudspeaker reproduction. Input to the driver 
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stage is by the isolating capacitor C1. Operating conditions 
in this stage depend largely on the values of R2, R3, and the 
emitter bias resistor RS. 


é 
BcIO8/9 
2NI306 


T1 is the driver transformer, with centre tapped secondary, so 
that TR2/3 may be operated in push-pull (see Fig. 12). T2 
couples output to a 2/3 ohm speaker. 


With the values shown, a BC109 will give very good results in 
the TRI position, with 2 x BC108s for the output stage. R7 

is set so that battery current is around 10mA, with no signal 
present. Current rises from 20mA to 60mA or so, according to 
volume, when the amplifier is driven. 


A pair of 2N1306 transistors may be used for the output stage. 
Other transistors are also possible here, as operating conditions 
can be adjusted by R7. 

The 2N3706 will operate in the TR1 position, though with 
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Components List: 


500 ohm pre-set 


lower gain than the BC109. Numerous other small audio 
transistors can also be used here. 


For full volume, a fairly strong input is required to TR1. It 
will thus be necessary to use a preamplifier, for low level 


Cl 0.5uF 
C2 100uF 
C3 100uF 
C4 4.7nF 
C5 470uF 





SECTION 4 
POWER SUPPLIES 


Mains power supplies are convenient for equipment which will 
receive long periods of use, and for items where the current 
needed is too heavy for economical running from batteries. 


Such supplies should be operated from a 3-pin plug, fitted 
with a low rating fuse. Connect L, N and Earth correctly, 
both at the plug and at the equipment. 


Those circuits where mains voltages are present must be so 
arranged that no shocks can be experienced. Mains voltage 
circuits include any means of anchoring the mains con- 
ductors in the equipment, the main on-off switch (if used), 
and primary connections of the mains transformer. Enclos- 
ing the whole equipment in an insulated or metal case will 
avoid accidental contact with such circuits or with the tags 
of switches or transformer. If the case is metal, earth it by 
the mains earth conductor, 


Provided the secondary or low voltage circuit is correctly 
earthed, there is normally no danger from handling these 
connections, or equipment operated from the supply. 


Easy PSU 


A useful power supply suitable for many purposes can use 
the circuit in Fig. 44, Mains L (live) and N (neutral) con- 
ductors go to the primary P of the transforer. A switch is 
placed in the L circuit. 


The secondary S can delivery any wanted low voltage, and also 
give isolation from the mains. 


Almost all equipment will need direct current. The four 
separate rectifiers, or an equivalent single device, produce 
pulsating DC. The reservoir capacitor Cl smoothes this. 
Resistor R1, with the second capacitor C2, gives additional 
smoothing. Output from the supply is then substantially 
smooth DC, as would be obtained from a battery. 
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Sometimes R1 and C2 are omitted. Should hum accompany 
reproduction from an amylifier, this shows that smoothing 
is probably inadequate, and if so the cure is to add R1 and C2, 


Any wanted voltage can be obtained by using a transformer 
with an appropriate secondary, with rectifiers and capacitors 
to suit. 


Cl may charge up to approximately 1.4 times the RMS or 
usual voltage rating of the secondary S. Thus, if S were a 6.3v 
winding, about 8.8v would be expected across C1, But should 
R1 be present, a voltage drop will arise in it, the figure depend- 
ing on the resistance value of R1, and current flowing. 


For these reasons, the actual output may not be exactly the 
figure expected. This will often be unimportant, and such 
power supplies are largely used for all sorts of equipment. 


For apparatus generally operated from a 9v or similar battery, 
a bell transformer with 3v, Sv and 8v output tappings is suit- 
able. If R1 is 22 ohm, this will give around 9v at 100mA, 
with the 8v tap in use. 


It is convenient to use 5Ov or 100v rectifiers, and the rating 
can be | ampere, with a 1 ampere transformer secondary. 
Four individual wire ended rectifiers can be mounted on a 
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tag strip, and connected as in Fig. 44. A combined rectifier 
will have AC, positive, and negative tags (see Fig. 45) and can 
be fitted instead. 


The capacitors need to be of large value, and have a voltage 
rating higher than the actual voltage which will be present. 
The 12v capacitors could be fitted in the circuit described. 
C1 can be 2500uF or larger, and C2 can be of similar value. 


Easy Regulated PSU 


With the circuit in Fig. 44, the exact voltage will depend on 
the current drawn, rising when current is low. To avoid this, 
some means of regulation may be employed. 





Fig. 45 shows a typical regulation circuit, giving an output of 
approximately 9.4v. The output from the rectifier needs to 
be of somewhat higher voltage than required at the output, 
and a transformer with a 10v secondary is suitable. Current 
through R1 supplies the Zener diode, which holds the base of 
the transistor at virtually the same voltage for all current 
loads. Some voltage is lost in the transistor, so the output is 
nearly the same, for any current load. For up to about 
200mA, a BFYS1 or equivalent transistor is adequate, so this 
will do well for many purposes. 
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Multi-Voltage Regulated PSU 


Fig. 46 is a somewhat similar circuit, but it has a switch, 
to select any one of the four Zener diodes. These may be 
chosen so that 6v, 9v, 12v and 15v will be available. 


© \ 2NI970 SE NX 029 
E\ee°)6 o o)c 
FIG. 46. °B 


RI supplies current for any diode, and 1 watt diodes should be 


used. With a 24y transformer and large transistor such as the 
2N1970 or 0C29, an output of up to | ampere can then be 
drawn. The bridge rectifier must of course be rated at 1A 
or higher. 


Note that this circuit has a PNP control transistor, so that 
polarity is obtained as shown. (Compare with the NPN 
transistor in the previous circuit.) However, either positive or 
negative can be grounded, and a separate earth terminal can 
be provided to allow this. A flying lead is placed between 
earth terminal and positive, or earth and negative, as required, 
The permanent negative earth connection shown in Fig. 45 
must of course then be omitted. 


More details of actual construction will be found later. 
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One Transistor Adjustable PSU 


Fig. 47 is the circuit of a simple power supply unit which can 
be set to provide any output from zero to 12 volts. The 
transformer has a 17v secondary, rated at | ampere or higher. 
After rectification, DC is obtained from the reservoir capaci- 
tor Cl. 


l2v ISW 


2N3055 
2) 


VR1 is panel mounted, and allows the base potential of the 
control transistor to be set at the required voltage. C2 pro- 
vides “electronic smoothing” from the base circuit. 


The 12 volt 15 watt bulb is for short circuit protection. 
With relatively low currents, little voltage is lost here. But if a 
short circuit arises in the output circuit, current is limited to 
alittle over 1A by the bulb. This reduces the chances of any 
damage due to temporary shorts in leads or equipment. 


R1 is a bleeder resistor, drawing some current even when no 
external load is connected. The meter is the usual high resis- 
tance type, scaled from zero to 12v. VR1 is adjusted until 
this instrument shows the wanted voltage. 
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The regulation of this supply is not so good as that of supplies 
using a number of transistors. But it will be found suitable for 
all ordinary purposes, and to supply power for circuits in this 
book, as only a small change in voltage arises, with changes 
to the load, or current drawn. 


Fig. 47B shows practical construction of this PSU. A similar 
layout can be adopted for the other power supply units. 


The mains cord is anchored at a tag strip, and connections 
are made as described earlier. The mains switch is in the L 
conductor to the 240v winding, or primary, of the trans- 
former. 


OUTPUT 





A tag strip supports the rectifier, which has AC (~), positive 
and negative connected as shown. The lamp can be a vehicle 
type, supported by stout wires soldered to its base contacts, 
or side and tip. A hole is drilled in the panel level with this 
lamp, so that it will give indications of a short circuit or heavy 
load, 


The transistor is mounted on the metal panel, to enable this 

to carry away heat, but is insulated from the metal. Use the 
correct insulation set (mica washer and bushes) which can 

generally be obtained with the transistor. A tag under one 
of the securing nuts provides the collector connection. 


For voltage readings, a meter scaled O—12v is most suitable. 
Or a ImA meter, with 12k 1% series resistor, may be used. 
If so, a new scale, marked O—12, can be drawn for it. 


A 3 watt linear potentiometer is used. Earth and negative 
are connected to the metal panel, for equipment with a 
negative ground line. The positive output terminal or socket 
is insulated from the metal. 


The case can be metal, or wood. It should have a few 
ventilation holes. The transistor can be expected to run quite 
warm, at maximum current. Heating here rises as the output 
voltage is reduced by VR1, as in these circumstances more 
voltage is dropped in the transistor. 
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Zener Regulated Supply 


Zener diodes alone may be used to provide a regulated supply. 


This can be convenient, as example, when operating 9v equip- 
ment from a car accumulator, where the voltage will vary 
somewhat during charging. 


Fig. 48 shows two supplies regulated by a Zener diode only. 
With the first circuit, Rl and the negative line are taken to 
the supply, and the regulated output is obtained across the 
Zener in the polarity shown. 





The second circuit is virtually the same, but polarity is re- 
versed, so that the ground return is positive. 


These circuits can be prepared for a wide range of voltages, 
by taking into account the Zener voltage and wattage, and 
thus the voltage to be dropped in RI and R2. 


For calculations, remember the following: 
Voltage = Current in Amperes x Resistance in Ohms. 
Current = Voltage divided by Resistance. 
Resistance = Voltage divided by Current. 
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The units employed are ohms, amperes, and volts. Wattage 
may be found from Voltage x Current. 


Select R1 or R2 so that the wattage rating of the Zener is not 
exceeded, with the smallest current ever to be drawn by the 
load. As example, suppose a 7.Sv output is wanted, so that 

a I 4w 7.Sv Zener is fitted. Approximately 200mA may thus 
flow through the Zener, if no current is taken by the load. 
Suppose the supply is up to 1 Sv. It will be necessary to drop 
or waste 7.5v in RI or R2. So a 42 ohm resistor may be 
fitted, with a little safety latitude. Any current from zero to 
about 150mA may then be drawn, without any important 
change in voltage. 

Where a Zener diode would have to be of very large wattage, 
it may be more convenient to use the Zener to control the 
base potential of a transistor, as also shown for negative and 
positive earths in Fig. 48. (See also Fig. 45.) R3 or R4 then 
only need provide a relatively low current for the Zener and 
transistor base. 


Motor PSU with Reverse 


| Fig. 49 is the circuit of a supply for model motors, and giving 


both speed control and reversing. 


| 


“gd 


| 
ERs — MOTOR 
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A transformer with a 12v secondary will be suitable for the 
usual model requiring up to 12v. The circuit is similar to that 
of the supply in Fig. 47. The potentiometer VR1 gives speed 
control. Cl can be around 2,000yF. 


“A” is one type of ready-made switch, and it can be obtained 
with a central off position. “B’’ shows a home-built switch, 
similar to that described in Fig. 5. The switch must not short 
circuit the supply when changing over polarity, and one with 
central off is recommended. 


Motors reversed in this way must be of the permanent magnet 
type, in which a change of polarity causes the armature to 
tun in the opposite direction. Train and many other model 
motors are of this construction. Motors with a wound field 
will not be reversed by changing the polarity of supply. 


A controller of this kind should be constructed as shown 
earlier, so that it is safe to use, and so that no joints in the 
mains circuits can be touched. 


Earthing can only be omitted when a double-insulated trans- 
former, of the type specifically made to avoid any need for 
earthing, has been used. The whole controller should be so 
constructed that, even if a fault develops, mains voltages 
cannot reach the secondary circuit or model. 


Wrong Polarity Protector 


There is sometimes a danger that transistorised equipment 
may be connected to a vehicle or other supply in the wrong 
polarity. This will usually cause damage, and may destroy 
the semiconductor devices, or electrolytic capacitors. 


Adding a diode to the circuit as in Fig. 50 will avoid this. 
For most small equipment, a silicon 100v 1A rectifier will 
be ideal. With the supply connected correctly, current passes 
with virtually no loss of voltage. But if the supply polarity 
is reversed, the diode does not conduct, so no harm is 
caused to the equipment. Such a diode is readily incorporated 
in almost any item which may from time to time be run from 
an external accumulator or dry battery supply where the 
polarity is not known. 
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Component Tolerances 


For circuits in this book, exact component values are generally 
not too important. Capacitor values such as 47nF (0.047uF) 
and 0.05uF may be regarded as interchangeable. In the same 
way, a 125uF capacitor may replace 100 uF, or 200uF can be 
used instead of 220uF, and so on. 


Resistors will generally be the standard 5% tolerance types. 
In some circuits exact resistor values are not at all critical. 
In others, and especially base, emitter and collector circuits, 
the values which provide best results can have much less 
latitude. 


Bases 


The lead-out positions of base, emitter and collector wires 
have been shown for typical transistors. However, it is felt 
that Fig. 51 should be useful. This gives lead information for 
types most likely to be required for circuits in this book. 
Other types of transistors may of course be used success- 
fully, but it is not practical to list all these, or show 
connections for them all. 
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EQUIVALENT SEMICONDUCTORS 


To help our overseas readers the following list of possible 
equivalents is shown below: — 


CV9778, OC74—318, NKT281, 2N467, 2SB222— 
415, AC117—124—153, GET110, NKT302, 
SFT232, 2N659—1373—1384—1926—2001 —2431— 
4106, 28B370, SK3004, RS276—2005S. 

CV9475, NKT243, ACZ10, 2N652—2303—2801. 
2N642;2SA155, AF]02—105—127—133-1 37, 
BFX48, BSW19—73, GM1213B, NKT603F, 
SFT354, SK3006, 2N2273—-2635—3324—491 6— 
5354, RS276—2003. 

CV9780, AM251, BC147—167—207—317, MPS6566, 
SK3020—3122, ZTX107, TT107, RS276—2009. 
CV10541, AM252, BC148—168—208—318, 
MPS6520, SK3020, ZTX108, TT108, RS276— 
2009. 

CV10769—10806, AM253, BC149—169—209-—319, 
MPS6521, SK3020, ZTX109, TT109, RS276—2009, 
BC171—182/L—207—317, MPS6566, SK3020, 
RS276—2013, 

BC172—183/L—208—318, MPS6520,SK3020, 
BS276—2009. 

BC184/L—209—173-—-319, MPS6521, SK3020; 
RS276—2009. 

BF162—173—225—271—311-—314, SES020/1/2/3/4, 
SK3018, 2N616—2708—3288—3693, RS276—2011. 
CV7723—7726—10827—11238, BFX51—68A, 
BFR19, BSX45/X, BSY46—85,, SK3024, 40347, 
2SC708, ME6102 2N2193/4— 2218-2410 -3053: 
3252 4046, RS276—2009. 

CV7648— 9379, BC108A, BSX51—73—91, 

BFX96, BSY20-58—62, ME9022, SK3122, 2SC321, 
2N744—9 14—1708—2218—2369—5187, RS276— 
2011. 

E305, SK3116. 
AA117—118—132—144, AAZ15, OA91—95—161, 
SD38, 1N38—56—-476—618, 1833. 

CV8560, NKT452, 2N257—297—458—553 

1021, 2SB3, AD130—131—138—140—149, 

OC28, SK3009, TF80, T1156—3027, 2N174— 
1073—2870—RS276—2006. 
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0C29 CV7083—8356, NKT402 , 2N457, 2SB86—425, AD150, Notes 
ASZ16, AUY21, OC28—35—36, SK3009, T13028, 
2N174—1073—2870, RS276—2006. 
OC44 CV5710—7003, OC170—171—410—613.2N1303, 
2SA15, AF101—117—126, ASYS5, AC191, BC126, 
NKT211, SKT358, SK3005, 2N36—1191/2—1352— 
1373-1384, RS276—2003. | 
OC70 CV5457, @C303—602, NKT214, 2N279—1305, 2SB75, 
AC122—125—151—163, ACY27—34, ASY27, BC213— 
206A, BSX36, SK3003, 2N1193—1352—1375—2429, 
RS276—2004. 
OC71 CV5712—7005 —8344, OC70—304—604, NKT214, 
2N280—1305, 2SB77, AC122—125—151—163, ACY35, 
BSX36, O0C3041, SK3003, 2N1193—1352—1375— 
1384—2429, RS276—2004. 
OC72 AC122/3—125/6—131—151 IV—152—162—191, 
BC126—213—206A, NKT211, SFT353, 2N282— 
1190—1352—1371—1384—1991—2431, CV5713-— 
7006-8440, RS276—2005. ! 
OC76 CV8314, OC307—6025 , 2N284—1305, NKT212, 
2SB89, AC128—131—151-—152, ACY28, ASYS8— 
76, BC126—213—260A, SK3004, 2N394—1191— 
1352—1371—1384—1991, RS276—2004. 
ORP12-. RS276—116, LDRO3, RPY25. ; 
1N4001  BY127, EMS02, RS276—1101/1135, 1S100. 
1N4002.. BY 127, EM502, RS276—1102/1136, 1S100. 
2N1306 CV7350—10686, NKT736, 2N634—635—636— 
1891—1993—1994—1995, ASY26—29, BSX19—20, 
-- “RS276—2001. 
2N1613.. CV7440—8843, BFY33—34—67, BSY44, 2N698— 
699—717—1711—1889—1890—1893, BFY41, 
BSX45/6, BSY53, MPS6530, 2SC708, 2N2101. 
| 


N.B.: Although equivalent semiconductors may have 
similar electrical properties, physical dimensions may 
be different and this must be born in mind if space 
is tight and for mounting details. 

Remember polarities if replacing PNP with NPN types 
and vice versa, If in doubt always be advised by your 
dealer for suitable equivalent semiconductors. 
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THE WIRELESS CONNECTION 





ur earlier crystal receiver projects 
O)iess popular, so here’s another 

crystal receiver with an odd twist: 
it’s intended to intercept stations on the 
88- to 108-MHz FM band! With some 
modification, itll also copy nearby VHF 
AM aviation band traffic, just the ticket 
for eavesdropping while watching the 
activity at your local airfield! FM crystal 
receiver projects aren’t new; this project 
is based on material from an article that 
ran back in the 1950s, but with some 
modern refinements to improve perfor- 
mance. Most of the parts you’ll need to 
build this project can be found in your 
junkbox, but I'll also provide some mail- 
order sources for those of you who don’t 
have goodies hoarded away! 

Monitoring FM signals is more chal- 
lenging than tuning in your local AM sta- 
tions with a simple crystal set. There are 
two reasons: AM signals are readily 
detected by a crystal-diode detector, and 
a simple longwire antenna will usually 
suffice in providing enough signal level 
so you can hear at least a few of the local 
stations. FM is a different animal. A crys- 
tal detector recovers both a DC and audio 
signal from an AM carrier, a simple diode 
detector will only produce a DC signal 
component when monitoring a FM sig- 
nal. Since there are no AM sidebands to 
mix with the carrier in the detector, none 
of the audible information is recovered. 


Slope Detection 


ee ee =a 





So, how’s it possible to make a work- 
ing FM crystal radio? Good question. The 
answer lies in using a technique called 
“Slope Detection.” FM is simply a carri- 
er being shifted in frequency at an audi- 
ble rate. The rate of shift corresponds to 
the frequency of the audio signal while 
the excursion, or carrier deviation, repre- 
sents the audio signal level, or amplitude. 
U.S. FM broadcasters are allowed a devi- 
ation of + 75 kHz, or 150 kHz total. This 
means we can hear FM signals on a sim- 
ple crystal radio, providing the tuned cir- 
cuit has enough Q for the recovered audio 
to be great enough to drive a pair of head- 
phones. Whereas a crystal detector will 
detect AM signals without tuned circuits, 
the FM set relies on a very sharply tuned 
high-Q circuit to work. If we tune the FM 
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Building An FM Crystal Receiver! 


Slope Detection 





Figure 1. Here’s a representative tuning curve for an LC tuned circuit as found in our FM 

Crystal Set. Slope detection occurs when the FM carrier straddles either side of the tuning 

curve between points A and B or C and D. An AM carrier would be centered between points 
Band C for best AM detection. 





Figure 2. Here's the schematic for the simple and basic FM crystal receiver. FM performance 
is about 20 dB down from AM signals in the same tuning range. It makes a good companion 
at the local airfield to monitor AM aircraft and tower traffic in the 120-MHz region. 


station so it falls on either side of the 
slope, the modulated FM carrier will be 
converted to AM since its signal ampli- 
tude will vary depending on where it falls 
on the tuning slope at any given instant. 

Many early 2-meter amateur FM 
repeater operators used AM transceivers, 
modified with simple external FM mod- 
ulators, while using slope detection to 
hear the FM repeaters. Most of these early 
AM receivers were 15 or 30 kHz wide; 
the IF bandpass curves easily recovered 
the + 5-kHz FM deviation! The trick was 
to tune to one side of the signal or the 
other, carefully centering the FM carrier 
on the center of the tuning skirt, not dead 
on at the peak! In short: The steeper the 
slope, the greater the recovered audio for 
a given deviation. 

Figure 1 illustrates how slope detec- 
tion works. The curve on the drawing 


represents a typical, but not exact, rep- 
resentation of how a tuned circuit 
responds as it is tuned across a carrier. 
Points A and D denote the bandwidth of 
the tuned LC circuit. The areas between 
points A and B and C and D represent 
the slopes of the tuning curve. Ideally, 
an AM signal would be tuned so its car- 
rier is at the apex, or center, of the tun- 
ing curve. If we center the carrier fre- 
quency of the FM transmitter to the same 
spot, the carrier will swing over both 
slopes, and any recovered audio would 
be canceled. Instead, the “sweet spot” is 
where the FM carrier falls near the mid- 
point of the slope between A and B, or 
likewise on the slope of the curve 
between points C and D. The AM detec- 
tor output will then swing in correspon- 
dence with the aural information carried 
on the FM carrier. 
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Figure 3. The infinite-impedance detector offers several advantages over a germanium diode 
detector. It has gain, doesn’t load the tuned circuit, and it features better weak-signal detection. 


Ideally, for maximum audio recovery, 
the FM deviation will “sweep” over the 
largest area of one side of the slope as is 
possible. It’s hard to match the tuning 
curve to the FM deviation, and also any 
non-linearity in the slope along the rise or 
fall on the curve (a straight line, like a saw 
tooth, is ideal) will cause distortion. Too 
wide a slope and the FM deviation will 
fall on a very small area on the slope, giv- 
ing very poor recovered audio. Too much 
deviation, where the carrier swings 
beyond the cutoff and into the opposing 
slope, yields large amounts of distortion 
on the recovered audio. In practice, these 
sets do work, but don’t expect anything 
approaching high-fidelity reception! 


The Simplest Receiver 





There are several key elements needed 
for this project to work, most importantly, 
having a very strong local FM station or 
two or listen to. Most urban locations are 
so blessed. You'll also probably need a 
good outdoor FM or TV antenna to cap- 
ture enough signal for the set to work, and 
it’s a big plus if your system includes an 
inline VHF/FM preamplifier. 

Let’s get started by looking at Figure 
2, the starting point for our project. It 
closely resembles the primitive FM crys- 
tal set projects shown in those early mag- 
azines. The heart of the receiver is the 
high-quality tuning capacitor and induc- 
tor. The tuning capacitor can be salvaged 
from an old FM tuner or converter, if need 
be. The tuning capacitor (C1 in the draw- 
ings) is a 35-pF capacitor with a built in 
3:1 vernier dial reduction, and was sal- 
vaged from my junkbox. Any capacitor 
with a maximum capacity of 25 to 45 pF 
will work. 

The set tunes rather broadly, thus the 
vernier tuning isn’t a necessity, but it is 
nice to have. One source for the cap is Fair 





Photo A. The tuning capacitor and coil form 
the heart of the crystal set. The Q of these parts 
determines the tuning slope, and ultimately 
audio recovery on FM signals. The capacitor 
should be the best quality available. Often mil- 
itary surplus capacitors with ceramic insula- 
tion are available on the surplus market or at 
hamfests. If you can find one, use it. The tap 
point for the antenna is visible. Use a short 
lead between the tap and JI connector. 


Radio; its 3G-25 variable cap has a 
vernier drive and three sections with 4- 
25, 4-20, and 3-17 pF. Two of these sec- 
tions could be paralleled to yield a larger 
tuning range. The inductor (LI in all 
drawings) is wound from a length of #8 
copper ground wire, available from any 
hardware store. You can substitute a 
smaller gauge if necessary. The circuit Q 
could be improved by silver-plating the 
coil—if you have a means to do so try it. 
Otherwise, I suggest polishing the copper 
to asheen, followed by applying a coat of 
clear Krylon to prevent tarnishing. The 
coil consists of six turns; I used a half- 
inch wood dowel as a form to wind the 
coil. The antenna tap is made at one-half 
turn above ground on the coil. Photo A 
shows the tap point and also the tuning 
capacitor. Table 1 lists the parts values 
and sources for all the components used 
in three versions of the receiver shown in 
this month’s column. 





Photo B. Here’s the Millen Grid Dip Meter in 
action! When tuned to the resonant frequen- 
cy of the capacitor and coil, the meter on the 
Millen will dip to a lower value. Fifty or 60 
years ago, every ham owned one of these use- 
ful pieces of test equipment. That was a time 
when hams built their own gear. Now using 
one has become an archaic art. 


I know finding parts can be difficult. I 
listed a few resources in Table 1, includ- 
ing one for a basic kit, sans headphones, 
for building the basic FM crystal set. This 
five-dollar postpaid kit can serve as the 
nucleus for the more advanced versions 
shown here as well. 


Checking The Tuning Range 


A grid-dip meter is the easiest way to 
check the tuning range of your coil and 
tuning capacitor combination. A ham 
friend who is also a builder is a likely can- 
didate to have one of these units in his 
workshop. Photo B shows my venerable 
James Miller ‘dipper being used to check 
that my set will tune the entire FM band. 
These devices are variable oscillators 
with calibrated tuning ranges. A set of 
companion plug-in coils allows covering 
from the broadcast band up through 300 
MHz. When the ’dipper’s coil is held near 
a tuned circuit, and the grid dipper is 
tuned to that frequency, the grid current 
in the ‘dipper will drop (or “dip”), as 
shown on the 'dipper’s built-in meter. 

Alternately, a signal generator would 
also do for checking the tuning range. 
Compressing or expanding the coil slight- 
ly will shift the range: squeezing the coil 
will allow lower frequency tuning, while 
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Figure 4. Adding the infinite-impedance detector to the basic FM crystal 
receiver might make the difference between hearing a station or not! 


Photo C. The leads for the infinite-impedance detector should he kept short 
and direct for VHF. The J-FET leads and associated parts are mounted to 
the capacitor terminals and frame. § ——————> 


Table 1. Parts List And Recommended Suppliers 


Al #8 copper wire, see text 

Cl variable capacitor, 5 to 50 pF max. with knob 

D1 IN34A germanium diode, or equivalent 

Jl RCA phono jack or suitable RF connector for antenna 
C2 10 utd @ 16 volts electrolytic 

G3 10 ufd @ 16 volts electrolytic 

C4 10 pfd @ 16 volts electrolytic 

C5 0.1-mfd ceramic capacitor @ 16 volts 

C6 220 to 470 fd @ 16 volts electrolytic 

C7 500-pF ceramic disc or silver mica capacitor 

R] 47k-ohm 1/4-watt resistor 

R2 47k-ohm 1/4-watt resistor 

R3 10k-ohm variable potentiometer, audio taper/with knob 
BAT] 9-volt transistor battery with battery clip 

Phones 2000-ohm vintage headset or crystal earpiece 
Speaker — 8-ohm speaker in enclosure 

Q! J-FET, type J-310 

Ul LM-386 DIP package 8-pin audio IC 


Resources 


¢ Dan’s Small Parts, PO Box 3634, Missoula, MO 59806-3634, (406) 258-2782, 
www.danssmallpartsandkits.net 

This is an excellent resource for all components (ICs, FETs, small parts, and vari- 
able caps). Dan’s features low prices and is set up to deal with home experimenters. 
Dan’s offers an online catalog and ordering system. Minimum order might apply, 
check with seller. 


¢ Bill Turner, 1117 Pike Street, St. Charles, MO 63301, (636) 949-2210, 
www.dialcover.com 

Bill offers a kit and copy of the original vintage magazine article for the FM 
Crystal receiver for $5 postpaid. No frills or headphones, just the basic parts. No 
minimum order. 


* Fair Radio Sales, 2935 St. Johns Road, PO Box 1105, Lima, OH, (419) 227- 
6573, www.fairradio.com 

Surplus stalwart Fair Radio has a nice three-section variable (catalog #3G-25) that 
will work well. Price is $6. They also offer some high-Q ceramic military versions, 
but these are more expensive. Minimum orders might apply, check with seller. 





expanding the coil will increase the high- 
er end of the tuning range. A 40-pF vari- 
able capacitor shouid tune from 80 MHz 
through at least 130 MHz into the aircraft 
band. At worst, you may have to wind a 
new coil with a turn added or removed 
before you’re able to tune the desired 
range. Adding a full or partial turn will 
lower the frequency. Photo B shows my 
Millen dip meter in action. 


Improving The Detector 





Crystal diodes make poor detectors. 
Germanium diode detectors don’t work 
well on weak signals; for a weak enough 
signal they act more like resistors than 
diodes. Figure 3 shows a circuit for a neat 
device called an Infinite Impedance 
Detector. This detector offers some gain 
and doesn’t load the tuned circuit as much 
as a diode detector would; hence the Q 
and selectivity are also improved. The J- 
FET gate adds some capacity to the tuned 
circuit, and this can reduce the high-fre- 
quency tuning by several MHz. 

Photo C shows how the J-FET and 
associated parts for the infinite-imped- 
ance detector are mounted using short 
leads. The gate is tied directly to the tun- 
ing capacitor stator terminal, and the 
FET’s source lead bypass caps and bias- 
ing resistor are tied directly to the capac- 
itor frame for good VHF performance. 

Figure 4 shows how the infinite- 
impedance detector is incorporated in the 
FM crystal receiver. Parts values are given 
in Table 1. The detector will drive a pair 
of vintage high-impedance headphones 
(2000 ohms or better) directly. I use a pair 
of military sound-powered headphones 
with a matching transformer. Adding the 
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Photo D. The audio amp IC is mounted using 

“dead bug” construction techniques. The 

larger parts are glued to the pc board to alle- 
viate stress on the IC leads. 





Photo E. Here’s a top view of the completed 

receiver. Ugly, but it works—and it was 

intended as an experimental prototype to 
begin with. 


infinite-impedance detector allowed me 
to hear some FM stations from my rural 
home when using some high-gain tower- 
mounted VHF antennas. 

You might want to try this detector on 
your AM BCB crystal sets; it makes a big 
improvement! 


Adding An Audio Amplifier 





REA SATE TERED 





Figure 5 shows the final phase of the 
FM crystal receiver. A small 8-pin LM- 
386 audio IC gives enough gain for loud- 
speaker level volume, or to drive more 
contemporary low-impedance head- 
phones. I mounted the IC and supporting 
parts “dead bug” fashion on the pc board. 
If you’re not familiar with this bread- 
boarding technique, the parts are sol- 
dered directly to the copper side of an 
unetched pe board for ground, and are 
self-supporting or glued in place as need- 
ed. (ICs were sometimes mounted on 
their backs, looking like little dead bugs; 
hence the name.) 

It’s not very pretty, as shown in Photo 
D, but it works and is good for quickly 
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Figure 5. Adding the high-gain audio stage gives loudspeaker volume on strong Stations. 





Photo F. This is my 6S321 Stars-and-Bars 
Zenith! Sorry for the mix up! As you can see, 
this cabinet needs a bit of work. I'd started 
scraping the old lacquer off the top when the 
photo was taken. Chemical strippers risk 
damaging the photo-etched lacquered pat- 
terns on the front, which I intend to restore 
and save. 


prototyping circuits on the fly. I think 
some builders call this technique Ugly 
Board construction. Hot glue assisted in 
mounting and supporting the IC and larg- 
er components to the board. Photo E 
shows an overall view of the entire receiv- 


er. Again, it isn’t pretty, since I consid- 
ered this to be an experimental project. 
An off/on switch is needed to preserve 
battery life. 


An Apology 


META z 





eR RED CHAM 


Our opening photograph in the July 
2004 issue purportedly showed the 
deplorable condition of my Zenith 68321 
cabinet. What accidentally got forward- 
ed for publication was a photo of a nice- 
ly restored example from the webpages 
of Mike Urban’s Internet site at 
www.urban-antiqueradio.com. I had 
saved his photo as an example to follow 
when restoring my Zenith. Hopefully 
Photo F is the correct photo. Anyway, 
visit Mike’s website to see some nicely 
restored radios in his collection, and to 
check out a few he’s offering for sale. 

Well, that’s it for this month. If you 
build one of these sets, I’d like to hear 
about it, and photos would be great! Let 
me hear about your other projects, as well. 
Until next month, keep those soldering 
irons warm and those letters coming in! 


If you enjoy radio communications you'll love.... 
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WRAP SLEEVE FROM 
GUMMED PAPER 


Ys 

tame fam / dom 
6 TUBMS WMD ES 
Wht 


Pig. 3.1 Aetial turing ell wound from Sha-wy. wie on a Bn 
diameter ferrite rod, 


Fig. 3.1 details the construction of « suitable coll fora tuned circuit, 
matched to a ferrite rod of in. diumeter and about 4 in. long (nee 
Chapter 4 for altemative coil windings on different rod sixes), If a rod is 
purchased longer than 4 in., jt can be used as it ls, of cut down by 
marking around with a file and then breaking off the merplus length. 

Cut seven lin, lengths of gumstrip. Molaten one and wrap around 
the rod gummed side up, Now add about another half a dozen 
wrappings of similar length over dhe firm, this time with pimmed aide 
down vo form a reasonably rigid tibe. Make sure that the paper tube is 
a wliding fit om the ferrite rod and leave to dry thoroughly (preferably 
removed fron) the rod so that it cannot become stuck to it} 

When the paper tube is quite dry it should be rigid, when the coil 
windings can be applied. The wire to be used is 38-4.w.g. enamelled 
copper wite, the number 38 referring to the actual diameter of the wire 
according to the standard wire gauge (s.w.g.)."* 

Starting about 7 in. in from ode end of the paper tube, wind the 
wite carefully round the tube, with each tum fight agains? the one 
before it, until sixteen [ull tupms have been completed. Then make a 
Joop in. the wive, as shown, and carry Gn winding, with mucceeding turns 
touching, until fifty turns in all have been completed. The two loose 
ends of the coil (the start and finish) can be secured with « dab of 
sealing wax whilst the projecting loop can be twisted together (e.g. by 
putting a pencil through the loop and twisting up). Cut off the loop, 
leaving uboat 2 in, protruding from the main coil, bare the wire ernie 
and solder together. This forms point 2 on the coil; the start is point |, 
and the end point 3—see Fig 3.1. It will be easy to remember these 


* Arwrican wire gauge (awe? is about twe sims stmaller that the British standard 
Wirt gauge (ee a) Por etample Jew. ¢ is apprakimalely the same a0 Sb 4c 
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without marking since the loop of tapping point (2) comes much closer 
one end (1) than the other (3). | 
Cut a panel of Paxotin see? to about the size shown in Fig. 3.2, 
using & hacksaw*On this secure a fag strip, a shown, and drill a hole to 
mount a miniature of emall-siee 500 pF variable capecttor. 
TERMINAL 
HOLE Foe MOUNTING ' TaG STRIP 
o« , To 





CAPACITON 
Fig. 3.3 Layout of components an Faxolin panel 

The aerial ‘coll is then mounted on the panel as shown in Fig. 3,3, 
guing the coil on to the Paxolin with two or thee dabs of sealing wax, 
or some other suitable adhesive, Nore: the ferrite rod must be free to 
slide in the paper tube for ‘tuning’ adjustments. 

Virtually any miniature germanium of silicon diode will be suitable 
for the detector. Recommended types, which are readily available, are 
IN34 and IN9I4. | 

Earphones must be of high-impedance type, which need not be 
expensive to buy, and the higher the lmpedance the better the reception. 
Panne nile Hits abe abate bia REO Nea A eS SE 


* A phenolic or fiberglass sheet may also be used 
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EXTERNAL 
Cure 





CONNECTION To 
EXTERNAL EARTH 
Fig. 3.4 Wiring connections to complete the crystal set. 


Alternatively 9 deuf-aid type earplece can be used; this will not give the 
fame volume or quality of reproduction a& leadpliones, but is a less 
expensive component. This should preferably be of the Aigh-inpedunce 
tiagnetic type, with high sensitivity. Any high-tinpedance earpiece will 
suffice, but if of crystal type will require a realator, connected across it, 
to complete the circuit. This will reduce the amount of current Mowing 
through the earpiece and Jower the strength of sienal. 

Wiring connections are shown in Fig. 3.4. End 3 of the aerial coil 
(the end of the 50-turn coil) connects to one terminal of the tuning 
capacitor, the aerial or ‘hot’ end of the tuned circuit, and the point to 
which an external aerial 8 connected. The other end of the coil (end 1) 
connects to the other terminal of the tuning capacitor, from which an 
additional wire is taken to the first tag on the tag strip. This is the 
‘earthy’ end of the tuned circulr, and the point to which an external 
earth ts connécted, Leave plenty of slack wire between the coil and 
tuning capacitor, 

The other connections are then as follows: 


(i) Tapping point of the coil wire bared and connected to the 
second tag. 
(ii) The diode also soldered to this same tag, and to any other free 
tag. 
(ii) Headphone (or earpiece) leads to the ‘earthing’ tag, and to the 
“free” tug to which the above diode has been connected, All 
connections should be made with soldered joints. 
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The wiring-up can be checked against the circwit diagram shown in 
Fig. 3.5 (ignoring the components shown with broken lines). The set 
should now be ‘working’. 

In areas of strong signal strength, no extemal aerial or earth 
connections should be necessary. Performance will, however, be 
improved in any atea by attaching an serial wire (which can be any thin 
wire, ¢.g, using the same wire at for the coil winding), of up to 160 feet. 
The longer the serial the better the reception, provided it is led away 
from the receiver to as drigh a point as possible, 

‘An earth connection may further improve sedial. performance; by 
iis We niean 8 connection to some conductor positively in contact 
with the ground (preferably buried), an excellent example being a metal 
waterpipe, Thus, if an earth connection is found to be necessary (or 
you want to try one to see how performance is affected), connect a 
wire from the ‘earthing’ tag on the receiver to a convenient water-pipe. 

This question of obtaining « good serial and earth is a most 
important one in ares of poor signal strength. Linking up to & 
television aerial is often @ good plan, since TV aerials ure also usually 
mounted gs high us possible, If bave wire is used, it (s also important 
that the upper (free) end of the aerial is not made fast to something 
which could produce an earth connection (e.g. a damp tree), oF at least 
js suitably insulated from such a support. String is not an efficient 
inmalator; that, too, can conduct when wet, 

Quite good results are often obtained by using the spring: of a bed as 
an aerial, in which case an earth connection ts usually not necemary- 


Sometimes, too, when other attempts to yield a good signal strength in 


ALTERNATIVE 
AERIAL CONNECTION 





Fig. 33) Cirewir 1. Circuit diagzam of basic crystal set, 
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the aerial have failed, corimecting the aerial side of the tuning coil to-a 
good ¢arth (a water-pipe) can prodiice betier remilts, the normal earth 
connection being left off. | 


Tuning 


Tho- receiver is adjusted as follows. Turn the tuning capacitor to fully 
chose the wanes, then open about half a turn on the spindle or knob, (If 
you are using » trammer a @ tuning capacitor, screw right down and 
then open half « tum.) 

The tuning coil should now be alid up and down the forits rod (the 
coil lends were left a fairly long time to give the necessary freedom of 
movement) until BBC Radio 3 is heard* 

It may be necessary to slightly alter the adjustment of the variable 
condenser to tune in to this progranune, Also, because of the ferrite-rod 
serial the set will be directional, that is, the signal strength received will 
depend to some extent on the direction in which the seral rod ts 
pointing, so position the set to pick up the maximum volume. 

Having establizied the best position of the tuning coil on the rod to 
teceive BBC Radio 3, fix permanently with a dab of sealing wax. You 
should then find it possible to tune in to further stations by altering the 
siting of the variable capacitor—eg. typically Radio 4 in about the 
middle of the capacitor travel and Radio | towards the otherend, 

Any reception you get will almost certainly be very weak and (unless 
you live close to as broodcatt station) you can really fee} satisfied if you 
pet any station st all at audible strength, But (1 js surprising how, 
soinetimes, even quite distant stations can be heard. Also you can often 
improve the reception and listening strength by quite simple moilif- 
cations. Try these in order: 


(1). Connect a 1,000-pF capacitor across the headphone (earpiece) 
connections (CZ in Fig. 3.5), 

(ii) Instead of connecting the extemal serial directly to the tuned 
circuit, connect one lead to a 220-pF capacitor, and the other 
end of the capacitor circuit to ‘hot’ end of the tuned 
circuit (Cl in Pig. 3.5). 

(li) Instead of connecting the extemal aerial to the tuned circuit, 
connect to the tipping point of the coil (fag to which the 
diode is ako connected). Try a direct connection, and also 
connecting in a 220-pF capacitor, 

* Tune to an AM beoedcust station near the lower end of the dinl—eiose to $50 abiz. 





(iv) Try connecting a 1.2-k sesistor (or higher value) across the 
phone connection (Rin Fig, 3.5), You may be using the 
wrong type of phones of earpiece, which do not provide @ 
proper load or complete the circuit. 


If there is a complete lack of response, check for faulty wirtng-ep. A 
mote Wkely cause, however, is lack of an external aerial or earth 
confection in an area where these are strictly necessary for adequate 
reception; or an ineffictent aerial (too short) or poor earth connection 
(bad electrical contact to a good earth point, or connection to a bad 
earth point). 

Another posible cause of apparent failure may be too much outside 
nulse entering the car $0 that it is impossible to detect the very weak 
rudio sigeal 95 it is being tuned in. Headphones are better than a single 
deaf-aid type of eurpiece in this respect but, in any case, a really quiet 
room is virtually essential for initial setting up and tuning | 
Also, if your adjustment of the tuning contral is too coarse, you may 
completely miss the setting for the station you are looking for, without 
realizing it. 

Reception will alsa tend to vary with weather conditions. Some days 
it may be so poor that what was normally a strong station is hardly 
heard at all. The simple basic teceiver has many limitations but, singe it 
costs very little to construct and mothing at all (o operate, this must be 
regarded as inevitable. eno 

Providing you can hear something—even if too weak a signal to 
distitiguiah properly—you can certainly improve the performance of 
your basic set by further experimentation with tuned circuits (see 
Chapter 4) and/or the addition of amplification to the circuit. You can 
also try other types of basic crystul sat, as described in the following 


projects. 

Circuit 2 (Fig: 3,6) is identical to Carawt J except that, iastead of 
diode, # transistor is used as 3 detector. Only two of the transistor leads 
are connected—the emitter (e} connection to the tapping part of the 
coil, atid the base (b) to the ‘earthy’ end of the circuit. The collector 
jead of the transistor is ignored (bend it cut of the way so that it 
cannot accidentally short out the other leads). 

You can try almost any type of low-cost AF transistor, recom 
mended types are OC42 2N370, 2N2925, 2N5086 . | 
With the addition of two more components, Ciraiit 2 can be modified 
‘to work the transistor both as a detector and an amplifier, to give 
stronger signals through the headphones. Using the same transistor type 





-¢ 
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Fig 3.6 Circuit 2. Crystal set using translator inytead of a diode. 


as above (or nearequivalent) resistor R should be 15 k and capacitor C3 
1 »F oF higher. 

This time a battery is aho required to supply power for the 
transistor to work as an amplifier. This cen be from 1.5 V wp to 9 V. 
Remember the rules for polarity of connection: these shown in Fig. 3.7 
aie fot a p-i-p transistor; an n-p-ti transistor would need the battery 
connected the opposite way round. Battery polarity also affects the 
connections of capacitor C3 (if an electrolytic or polarized type). 

Experiment further by trying the effect of using additional 
capacitors in the circuit, e.g. Cl,220-pF; C2, 0.00) pF (try other values 
as well); C4, 0.001 pF (try other values aa well). 


| 





Fig. 2.7 Crewlt 2 Crystal set with amplification. 





Fig 3.8 4 Girewit 4. Double divite crystal set. 
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This circuit incorporates ‘voltage doubling’ to improve the signal 
volume and should give better performance than s single diode circuit. 
Land Cl are the umal tuned circuit, but an unusual feature is that the 
aerial is connected to the coil tapping point, Any type of germanium 
diodes can be used (they should preferably be the xame), making sure 
to connect them the right way round, A high-impedance eryital 
earpiece tmust be used in this circuit, 

Capacitor values are: C2, 220 pF (this capacitor can be omitted—try 
with acid without in the circuit); C3 and C4, 1,000 pF, 

The optimum tapping point for the aerial connection to the coil L 
fs best found by trial and error (see Chapter 4 on ‘Tuned Circuits’), but 
the set should work at a nominal one-third tapping point from the 
‘earthy” end. 

This set can also be tried with conventional tuned-circuit coupling— 
Le. aerial to the top of the coil L, and diode D2 connection to the 
tapping point on the coil. | 
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Question: Is there enough useable energy from my phone line to light a 100 watt light bulb? 


Answer: Yes, but only for a short time. If you are looking for a way to light up your home then 
build our fuelless engine.( see our web site at: www.fuellesspower.com or write us for a catalog. ) 
This engine is powerful enough to run a 10 kw 120 vac 60 hz generator which can run your home. 


You can still use your incoming phone line as a useful light source. You can get enough light to light 
up a room or two by using a diode and a large 100 volt capacitor bank to collect the 50 vdc. What 
you then want to do, is to use a high efficient lighting source, such as ultra bright white diodes, White 
neon lighting or flouresent bulbs. ( great for emergancy lighting in any storm.) 


The 50 vde current you have collected will not light Neon or Flourescent bulbs until the voltage is 

much higher. 300 to 5,000 vac, You can buy a 15,000 volt neon transformer and pulse the 50 vdc 

into the primary using a wind up spring pulse switch ( food timers) or build a low milliamp transistor 
type pulse generator, this will turn the DC to AC which you can then collect from the secondary out 

put of your transformer. You can also build our #363-a step up DC ( No amperage loss! 100% eff. 

Using Photo caps ) Or just for a quick fun experiment charge 20 - 50 volt capacitors, with each 

capacitor having about 4700 uf ( micro farads ), simply fully charge each capacitor by hand then 
connect them in series using Radio Shack allegator clips ( wire ), just like batteries, Negative to Positive, 
Warning! Use rubber gloves when working with High Volatge, High Voltage can kill! 





Once you are done with connecting them in series, use a small low amp ( Miliamp ) isolation transformer 
which you can buy from any electronic supplier or Radio Shack store. ( Search for Electronic Suppliers 
on web search engine ) connect the negative to the primary and the positive you will need to pulse the + 
on and off very quikly! the faster the pulse the better the output of energy! Connect the secondary leads 
from the isolation transformer to the ends of a neon or flourescent light bulb, as you pulse the positive to 
the primary of the transformer the bulb will light very brightly! 


Or you can pulse 
this homemade 
Tesla Coil to light 
a bulb! 





15,000 v Neon Transformer 
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Again, there are many ways to get free electricity from your phone lines. (also great for out door lighting.) 


Updated 2004: The below method seems to be the best way so far to collect and store the 50 vdc energy. 
This method should be done at night or when the phone line is not in use. 


To obtain 1 amp at 15 vdc we use a 10 volt capacitor to step down the 50 VDC that is coming from the lines. 
This capacitor is a very special capacitor, try to get the same type if they still sell them. I think it was made in 
Japan. I wish we had them in stock we would sell them. Photo caps are very special and might work as well. 
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Electrolytic Capacitor 
10v x 1000 uf 105C 
Made by Elna part # 8643 


Power diode works best! 
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SW for discharging into 12 v battery when cap is full. 
Use 2 4 pola magnate spring swiichir ng, 50 input sw1 should be off when connecting 
Sw2 for discharging into the 12 v batt 





12 volt 
Deep Cycle 
Marine Battery 


Let cap charge every 4 to 6 seconds, you 
may want to use a spring wind up timer 
for switching or use transistors as dc 
pulser to control 4 pdt relays which all can 
be powered from free energy from the 
earth method, (See our free energy from 
the earth plans #459 $29.95 plus $3.95 
shipping. ) Or you can use small magnetic 
reed switches ( about 10 ) placed and 
glued around a kitchen timer. Glue a small 
1/4 diameter neodymium magnet to the 
rotating handle. 
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High Voltage Care 


Be careful, high voltage or even low voltage with high amperage can 
kill you. Do not attempt to work on this project unless you are a 
trained professional in high and low - high amperage.. 


Remember to wear RUBBER GLOVES and RUBBER SOLE SHOES. 
Using rubber platex gloves from a dollar store or such, work good for 
up to 50 volts, any higher voltage you should wear a thicker rubber pair 
of gloves.... 


WARNING: discharge all capacitors before you touch and work on 
them or around them.. If you do not know what a electrolytic 
capacitor is then we suggest you buy a beginners book in electronics 
that you can get from from any Radio Shack or electronic store or 
book store. 


You can also use the earth ground to gain more electrical energy into 
your capacitor by using one leg (the Negative) from the the telephone 
out put! A diode in the right direction of this leg will do wonders. it's that 
easy. 


The following information is confidential and has copyright and 

patent pending: Capacitors store and discharge free energy! Radiant 
energy is stored in between the capacitors plates and the electrons rest 
on the metal plates themselves. Radiant energy is also created at disch- 
arge, but in reality is taking the energy from a very special place 

that we do not want to disclose at this time. 


+ 
Input 50 vde 





Power diode works best! 
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Electrolytic Capacitor 
10v x 1000uf 105C 
Made by Elna part # 8643 
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Part 2 


We are going to show you several different methods that you can use to get 
free electricity from your phone line. 


The amount of electricity will vary and depend on which set up you use. 
most of these set ups can be used at night time while your phone is not 
in use. using it this way will be the strongest.... by using these methods 
it will keep the phone 1/2 way off the hook ? (hard to explain) 

One of the methods that we will explain is a bit crude... 
If you should get an incoming phone call in the middle of the night or day 
it will charge the capacitors faster and with more amperage input, but with 
one disadvantage, the phone will not ring! But we have discovered a way 
past this, but with a slight amperage loss. By using what we invented called 
a ceramic permanent magnet capacitor blocker filter.. you will see the drawings 
on the following pages. 


I'm sure there are much better ways to charge and gain more voltage and 
amperage from your phone line than what we have shown you here. but I am 
sure you will understand that our time is limited, it's a fun project, but we have 
been developing and researching much better technology than this! If you find 
a better way then please contact us so we can put it in our plans and share it to the 
world, we can mentionyour name as being the inventor if you like. 


( Timer Switching 4 PDT relays ) 


The Electricity you will get can be constant when hooked up to multible capacitor 
banks (Differant caps than the one shown on page 2). Using one 9 volt battery 
capacitor timer switches, to fire each cap bank at it's proper time. or by using earth 
energy. (use 2- 63 vx 4700 uf electrolytic capacitors ) 


We have actually lit a 100 watt 115 volt AC light Bulb with this set up. 2 caps 
connected in series. Charge each cap by hand, then connect together in series. 
But the main purpose is to use this system as a 12 volt deep cycle battery charger 
that will run a DC to AC 115 volt inverter to use as usable household energy to 
power a light bulb, an ac motor, TV, VCR etc... 


Page 4 





Creative 


& Research 






Copyright 2002 - 2004 Creative Science & Research 


You can Produce up to 3 amps every 30 seconds by charging a 35 volt 

x 4,700 uF electrolytic capacitor bank. Connecting large uf capacitors 

in parallel increases the amperage but slows down the charge time. 

You can also use them in series to step up the voltage to get 100 volts or 
150 vdc if you use three fully charged caps connected in series. The Fuelless 
engine can be designed as a small 2 hp electric motor and made to run on 
.05 ma x 300 input and can run from the phone line using our Com /SW 
method, ( See Our Plans ) you would need six fully charged caps 50 to 63 v 
x 4700 uf caps, to run this type of High Effiecient free energy motor. 

the output will be greater than the input! 


You can also use a DC to AC inverter (not the type to run your home )right from 
the phone wall outlet and then by using a step down transformer you can get 
12 volts ac which you will then need to change to dc using a one way diode. 
The amperage will be greater and can charge a 12 volt marine battery. 


Notice: 


Be sure to be neat! Put all Components in a safe and convenient plastic 
box. Use PC board, make it professional looking don't be sloppy! 

You must keep it safe were Kids as well as some Adults will not get 
shocked or hurt. 


IS IT LEGAL? 


We don't Know? 

When we first put it in our catalog we were confident that it was. Now 

we are not so sure? But, it's your phone and you are paying for it! Once it 
passes into your home it should be yours, as long as you hook it up right 

and it does not kick back up into the phone line and cause any harm to the phone 
companies generator lines or breaker boxes etc... that's why we use one way 
diodes. We have knocked out our phone lines for about an hour or so. when 
pulsing into the earth you sometimes get a kick back of more current and 

voltage than what is being collected or inputed. 


Remember: it's your phone service! you pay for it every month. The electric 


you pay for is used to run your telephone, if you wish to use it for something 
else there should be no law against it.... WE HOPE!!!!???? 
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OBJECTIVE; 





All the methods described in these plans are ways to get cheap Free 
energy for your home, ( #359 is not intended for your entire home ). 


There are millions of poor people all around the world who can't afford 
electricity but may have a phone, ( this system is much better than 

using candles). It's fast and cheap to put together for emergancy low 

light conditions. If one can afford it, we recomend building our Fuelless 
engine to run a car altntr, or 10 kw home generator system and stop paying 
a high electric bill, our system can pay for itself. Someday | hope we will 

be allowed to manufacture our free energy motors then you can simply 

go down to your local hardware store and buy a free energy motor and 
generator to power your entire home, but that may not be soon. The only 
way the open public is going to be able to get a hold of a free energy electric 
motor is to build one for thereself. It's really not that hard! The cost to build 
our 2 hp ( Fuelless ) Free Energy Electric Motor is only about $195. You can 
use the 2 hp to run a 80 amp car alternator to charge a 12 volt marine deep 
cycle battery system connected to a 500 to 5000 watt inverter ( Which you 
can buy or make, see our #579 plans $40 ) to run your lighting, fans, VCR, 
TV, Refrig, Microwave etc... 


Collecting Free Energy from your phone line is also a fun science project! 
Your friends will love it. Most people do not even know they have 50 vdc 
running to there phone line, and when the phone rings it sends 3 times more 
amperage to your charging system. Set your phone up were it will ring itself 
every 2 minutes for one hour or until your batteries are fully charged. It's 
basically free! The phone company is not going to charge you extra for it. 


Use 4 - 12 v deep cycle marine batteries, ( car batteries will not work ) and 
connect them in parralel to increase your amp hr. then connect your inverter 
or inverters to your fully charged battery bank and enjoy free lighting, free 
electricity etc... Notice: Do not let your batteries go under a 25% charge, the 
batteries will last years if you take care of them by not under charging or 
over charging them. Use a digital volt meter. If you need more amperage, 
again use our Fuelless Engine or our free energy from the earth. 
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Use a DC Volt meter to find the negative and the positive. WARNING! Do not ground the 
positive to the earth, it will knock out your phone line for about 1 hr! 






5 amp output 








35 volt 
Capacitor 
35 volt 
Capacitor 
35 volt 
Capacitor 
35 volt 
Capacitor 


Using both the negative and the positive of the phone line seems to work best. Use 4 - 35 
vx 4700 uf electrolytic capacitors. This can be used as a battery charger using the diode 
as shown or a com/ sw switching method as seen in our Fuelless Engine plans or you can 
simply use a hand wind timer with a strong magnet glued or taped to the handle and using 
multiple reed switches. Or power a low volt, low milliamp 4 PDT relay using the earth 
power ( see plans #459 $29.95 ) or our #396 homemade batteries $16.95 


Many homes have 2 phone lines, you can use both lines to get 100 vdc with double the 
amperage output! Use 4 - 150 v x 4700 uf capacitors instead, you can then light a 100 
watt bulb, or pulse the 100 volts into a 15,000 volt neon transformer to get a 14,000 vac 
out put to power several neon bulb tubes or flourescent bulbs. 


30 second timer 


5 amp output Deep Cycle 


Marine Battery 


Capacitor 
Capacitor 
Capacitor 


ho 

[e) 
° 
re 
oO 


35 volt 
35 volt 
35 volt 





Dawn to dusk on/ off SW 


If you wish to build your own hand spring timer and relays you can buy material at www.smallparts.com 
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Grounding to Earth 








30 second timer 


5 amp output Deep Cycle 


Marine Battery 


35 volt 
Capacitor 
35 volt 
Capacitor 
35 volt 
Capacitor 
35 volt 
Capacitor 


Dawn to dusk on/ off SW 


+ 


Copper Pipe 3 to 8 feet into the ground. 





Earth Ground 











If you wish to build your own hand spring timer and relays you can buy material at www.smallparts.com 
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DC to AC inverter 
50 to 100 volts ac 


100 vac if using 2 lines 


Dawn to dusk on/ off SW 
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Best to use a high Eff 
Electronic SW trans. 
All computer power 
supplies use them. 


Copper Pipe 3 to 8 feet into the ground. 





12 volt 
Deep Cycle 
Marine Battery 


Amperage output will 
now be higher! 














Earth Ground 








If you wish to build your own hand spring timer and relays you can buy material at www.smallparts.com 


Page 9 


C1 Capacitor 
1 uf 





Copyright 2002 - 2004 Creative Science & Research 


A Simple but effective Inverter 





A simple but very effective inverter that you can build if you know how to handle a soldering 
gun. Parts can be purchased at any radio shack store or electronic supply house. Search the 
web. When | say search the web, you would not believe how many people do not know what | 
am talking about so | will explain it. You can find just about anything you need on the web. If 
you have AOL.com then that is a search engine as well as Google.com, Yahoo.com etc.. They 
are all powerful search engines, you simply type in a word in the search the web white address 
bar, for example: Looking for capacitors, Type in capacitors or electronic parts and supplies. 
You can also buy beginners books in electronics from any Radio shack or on line store to 
quickly help you learn how to put this inverter together, some suppliers sell HV inverter kits. 


The 50 vdc must be changed to ac voltage current or it will not work ( step up voltage ) into a 
step up transformer or diode / capacitor step up multiplier circuit. 


High Voltage Power supply / DC to AC Inverter 


Rated for 1.5 to + 9vdc__if using 50 vdc or 100 find cap and transistors rated for that voltage or more, or you will burnout trans 


R1 
27k 
Resistor 






Primary Secondary 


T1=6.3v x 120v transformer This circuit will produce about 220 volts. Use a 1m resisitor 
for higher volatges. 


We found this cicuit in an old electronics book, it is for low voltages but you can replace the parts 
with higher rated parts so they will work on higher amperages or higher voltages. 
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INTRODUCTION 


ne 
CREATIVE SCIENCE AND RESEARCH _ ‘Since 1993" | 





Patent Pending 2003 


Free Energy using Carbon rod, 
as well as special Molded Soft Iron Ductal Cores 


The reason we made this catalog was to raise money for research and development and 
to also share to the World our findings and discoveries on The Fuelless Engine. 

All of our research and findings on the topic of free energy have guided us to many other 
ideas and devices along the way which are included in this catalog, but none can compare 
to the Fuelless Engine! If the whole world uses this free energy engine we will all be able 
to free ourselves from the Gas, Oil, and Electric companies that now hold us prisoner. By the 
year 2020 every home should have their own power plant, and we will do everything in our 
power to make this happen. 


This engine will run forever with a once a year maintenance check, and will provide FREE 
ENERGY for the rest of your life. 


If you are a skeptic and find Free Energy and Perpetual motion a little hard to believe then 
consider this, The earth is FREE ENERGY in a perpetual motion state. Hydrogen and oxygen 
atoms are FREE ENERGY constantly being reused over and over. Acoil of wire induced by 
a DC current and then turned off will produce Free energy from a collapsing magnetic 
field. HV Capacitor’s play a very important roll as well..... Solar Cells are free energy devices but 
they have there limitations, they can only operate when sunlight is present, but our devices are far 
greater than solar cell technology and can operate 24 hrs a day 7 days a week. 


We take what we do very seriously! We would not sell anything that we did not first test our- 
selves. | personally believe 100% in what we sell. Our plans are Guaranteed to work or 
your money back! 





Free Energy is everywhere, don't be left in the dark. 


Thank you 
David Waggoner 


pith Wrage 
Owner / Research and Development 
Creative Science & Research 


PO BOX 557 
New Albany, IN. 47151 USA 





sales@fuellesspower.com Nikola Tesla 
www.fuellesspower.com 
www.fuelless.com 


www.fuellessengine.com 
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The Fuelless Engine 
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© Free Energy” Free Electricity for your home or car! 








FREE POWER! For your home, garage or car! 


The US Government nor the Oil Companies will not let us 
or anyone else manufacture these powerful engines right 
now, ( They say it could destroy our economy? ) 

But if we can slowly introduce these devices to the world | 
think we can convert every home and automobile to run on 
free energy by the year 2020, | believe it could be done safely 
and would not hurt our economy at all. That’s where you 
come in, We need backyard researchers just like yourself, to al 
build our device(s), use them, and keep them confidential! 
We have made it as easy for you to build using our easy to 
follow plans. 





2'x2'x 1’ 350 Hp 






Many years of research went into designing this engine. ‘her 
ate iarem iL ccm heme Cole mer-am-Xer-1(-Maat-t-1-m o)t-lal-Me] ome) mele) Vamcol elUii(ol-lanva-jP4-w ale) 


THIS ENGINE CREATES IT'S OWN POWER, /t does not run on any type of gasoline, oil or 
any other type of combustible fuel. It has a high free energy output! Guys, if you do not get 

these plans now you will be kicking yourself in the pants tomorrow! This is the engine that 

every free energy researcher is talking about! 


EASY TO BUILD STEP BY STEP PLANS / BLUE PRINTS 


MANY MAGAZINE ARTICLES HAVE BEEN WRITTEN ON OUR ENGINE! You may have read about us in the 
1996 July Issue of Exotic Research magazine. Popular Science has done many articles on free energy in the early 
1940's and 50's, I’m sure before BIG BROTHER asked them to stop! 


Plans ony. 1 6° 


1-50hp Order # 362 





ery 
Video Only S29 95 


50 to 350 hp plans only $40.00 Order#362rc Order # 361 


Creative Science & Research P.O. BOX 557 New Albany, IN. 47151 
Once we teach you the secrete in building this engine You can then design and build this engine to any HP you desire. 
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All Our Plans are Now on CD! 
FREE ENERGY MOTORS & GENERATORS 


* CONFIDENTIAL INFORMATION! 


For Selected Customers Only! 


 SUIESST) NV —ide olan 





As requested by many of our customers! 


* Information The Oil Companies and Big Brother Do Not Want You To Know! 





We are now offering our entire web site and catalog of Free Energy 





Plans for only $300 


You save over $200 (a $500.00 value ) 
Order # CD Package # 1 


* LOADED with information! Packed full of color photo's, More information! etc.... 
Plans are sent to you on a CD Computer Disk, which you can then view or print from your computer. 


PDF format for Adobe Reader Computer Program. If you do not have Adobe Reader 4.0 
It is FREE for downloading at www.adobe.com 





* Please add $3.95 for US Priority Shipping which includes online tracking 


* Guaranteed To Work Or Your Money Back! 


Other CD Packages Available: See our web site order form, Bottom page 
www.FuellessPower.com 





Please Send a Check or Money Order To: 











Creative Science & Research 
PO BOX 557 New Albany, IN. 47151 USA 


www.fuellesspower.com or www.fuelless.com 





NOTICE: Most of our plans can are now available by E-mail Download 


Radio Receivers, from crystal set to stereo 


author: Miomir Filipovic 


It is hard to imagine what would the modern world look like without the permanent exchange of 
huge quantity of information. It is being transferred by various means (newspapers, telephone, 

the Internet etc.), however, the fastest way of doing it, and sometimes the only one, is by radio, 
where transfer is being done by electromagnetic waves, traveling at the speed of light. This book 
covers the history and principles of radio transmission and an array of different radio receivers... 


Chapter I INTRODUCTION 


Chapter II PRINCIPLES OF RADIO 
TRANSMISSION 


2.1. AM Transmitter 
2.2. FM Transmitter 
2.3. Wavebands 











Chapter III DIRECT (TRF) RADIO RECEIVERS 


1.The Simplest Radio Receiver 
1.2. The Antenna 

1.3. The Ground 

1.4. Other Components 
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. The Simplest Amplified Radio Receiver 

. Simple Radio Receiver with TDA7050 IC 
3.4. Simple Radio Receiver with LM386 IC 
3.5. Radio Receiver with Increased Sensitivity 
Audio Amplifier 

3.6. Universal Audio Amplifier 

3.7.Receiver with HF Amplifier 

3.8. The Audion - Direct Receiver with Drain 
Detector 

3.9.1. Reaction - Type Receiver 

3.9.2. Direct SW Receiver for AM, AM-SSB & CW 
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Chapter IV SUPERHETERODYNE RADIO 
RECEIVERS 


4.1.Superheterodyne AM Receivers 
4.1.1. The Simplest AM Superheterodyne 
Receiver (worldwide) 

4.1.2. The Fully (not exactly 100%) 
superheterodyne AM Receiver No.1 
4.1.3. The Fully (not exactly 100%) 
superheterodyne AM Receiver No.2 
4.2. Superheterodyne FM Receivers 
4.2.1. FM Receiver with TDA7000 
4.2.2. FM Receivers with TDA7088T 
4.2.2.1. Miniature FM Receiver 
4.2.2.2. Stereophonic Receiver 






































Chapter V APPENDIX 


5.1. Making PCB’s 

5.2. Computer - Aided Radio Receiver Control 
5.3. Receivers with NE612 IC 

5.3.1. Synchrodyne AM Receiver 
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3. Input Circuits for the Receivers with NE612 
Universal Audio Receiver 
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3.10. Miniature Receiver with ZN414 (ZN414Z) IC 5.5.2. Electronic Tuning 

3.11. Pocket Receiver with ZN414 & LM386 IC’s 5.5.3. Signal Suppressing of Local Radio 
3.12. Miniature Receiver with ZN415E IC Transmitter(s) 

3.13. Receiver with ZN415 & LM386 IC’s 5.5.4. Dual Tuning 

3.14. Mini Receiver with ZN415 & TDA7052 IC’s 5.5.5. Separation of Stages - Preventing the 
3.15. Direct (TRF) FM Receivers Oscillation 

3.15.1. The Simplest FM Receiver 5.6. The Boxes 

3.15.2. The Simplest FM Receiver with Audio 5.7. Bimboard, Protoboard 

Amplifier 5.8. Universal PCB Plates 

3.15.3. FM Receiver with One Transistor and Audio 5.9. A Modern Oldtimer 

Amplifier 


3.15.4. FM Receiver with (just) One Transistor 
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high 
enough to kill animal and strong enough to hold the weight 
of the weight. 

B: Weight Stick about same size of Fulcrum 

C: Bait Stick will be longer and will be sharpened on the tip 
to hold the bait on it. 

b: Deadfall is a log, rock, or other weight or a cage that is 
meant for live capture. You will obviously make everything 
sized for the game, you won't be getting Elk with it. 

E: You want to find a flat hard surface to place the bottom 
of the Fulcrum on. 

G: Visit CleverSurvivalist.com for more awesome posts! 
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CHAPTER 1 Introduction 


It is hard to imagine what the modern world would look like without the constant exchange of a huge quantity of 
information. It is currently disseminated by various means such as newspapers, telephone and the Internet. 
However the fastest way, and sometimes the only way, is by radio. This is where the transfer is by 
electromagnetic waves, traveling at the speed of light. In radio communication, a radio transmitter comprises 
one side of the link and a radio receiver on the other. No conductor of any kind is needed between them, and 
that's how the expression Wireless Link came into being. 

In the early days of radio engineering the terms Wireless Telegraph and Wireless Telephone were also 
used, but were quickly replaced with Radio Communication, or just Radio. 
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Pic. 4.4. Electrical diagram of Hernz’s transmitter / receiver 


Radio communication is created by means of electromagnetic waves, of which the existence and features were 
theoretically described and predicted by James Maxwell, in 1864. 

First experimental proof of this theory was given by Heinrich Hertz in 1888, ten years after Maxwell's death. 

It was already known at that time that electric current exists in oscillatory circuits made of a capacitor of 
capacity C and coil of inductance L. It was Thomson, back in 1853 that determined the frequency of this 
arrangement to be: 


1 


La PN Toi 


Hertz used an oscillatory circuit with a capacitor made of two bowls, Ki and K2 (Pic. 1.1), and the "coil" was 
made of two straight conductors. The bowls could be moved along the conductors. In this way the capacitance 
of the circuit could be altered, and also its resonance frequency. With every interruption from the battery, a high 
voltage was produced at the output of the inductor, creating a spark between the narrow placed balls ki and 
k2. According to Maxwell's theory, as long as there was a spark, i.e. alternating current in the circuitry, there 
was an electromagnetic field surrounding the conductors, spreading itself through the surrounding space. A few 
metres away from this device Hertz placed a bent conductor with metal balls k3, k4 placed on the ends, 
positioned very close to each other. 

This also was an oscillatory circuit, called the resonator. 


According to Maxwell's theory, voltage induced by the electromagnetic waves should be created in the 
resonator. Voltage existence would be shown by a spark between the balls k3 and k4. 

And that's the way it was: Whenever there was a Spark in the oscillator between the balls k1 and k2, a spark 
would also be produced by the resonator, between balls k3 and k4. 

With various forms of the arrangement in Pic. 1.1, Hertz proved that electromagnetic waves behave as light 
since they could also be reflected and refracted. 

It was also shown that light is of electromagnetic nature, as stated by Maxwell. 

Hertz, however, did not believe in the practical value of his electromagnetic waves experiments. The range of 
the link was no further than a few meters. The transmitted signal was very weak, therefore the signal in the 
receiver had a very small amplitude and it wasn't possible to detect it at a greater distance. The possibility of 
amplifying the signal in the receiver did not exist at the time. 

Besides the short range, another shortcoming of the link was noted: If another similar transmitter was working 
nearby, a receiver detected all the signals at the same time. It did not have the ability of isolation. 

However crude and simple these experiments were at the time, they represented the birth of a new scientific 
branch - Radio Engineering. 

The pioneers of radio were Popov and Marconi, but the place of honor belongs to Nikola Tesla, who 
demonstrated wireless broadcasting in 1893, at the Franklin Institute. 

Pic.1.2 shows the arrangement of this broadcast system. 

Tesla's idea was to produce electromagnetic waves by means of oscillatory circuits and transmit them over an 
antenna. A receiver would then receive the waves with another antenna and oscillatory circuit being 

in resonance with the oscillatory circuit of the transmitter. This represented the groundwork of today's radio 
communications. 

In 1904 John Flemming created the diode, and in 1907 Lee De Forest invented the triode. That year can be 
considered the birth of electronics, with the triode being the first electronic component used in a circuit for 
signal amplification. 
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Pic. 4.2. Electrica! diagramof Tesia’s radiotransmitter & receiver from 1893. 


Rapid development of radio engineering over the ensuing years produced many innovations and after the First 


World War a huge number of radio stations emerged. 

At that time TRF (Tuned Radio Frequency) receivers were used. Compared to modern receivers they had both 
poor selectivity and sensitivity, but back then they fulfilled the demands. The number of radio stations was 
much less than today and their transmitting power was much smaller. The majority of listeners were satisfied 
with the reception of only local stations. However as the number of stations increased, as well as their 
transmitting power, the problem of selecting one station out of the jumble of stations, was becoming 
increasingly more difficult. 


It was partially solved with an increase in the number of oscillatory circuits in the receiver and the introduction 
of positive feedback, but the true solution was the invention of the superheterodyne receiver. This was 
accomplished by Lewy (1917), and improved by E.H. Armstrong (1918). 

An enormous impact on the world of radio was the invention of the transistor by Bardeen, Bretten & Schockley, 
in 1948. This reduced the size of the radio receiver and made truly portable sets a reality. 

This was followed by the introduction of the integrated circuit, enabling the construction of devices that not only 
proved better in every way than those using values, but also new designs. 

Radio amateurs’ contribution to radio engineering should also be emphasized. 

In the beginning, radio communication was being conducted in the LW and MW bands. But achieving long- 
distance reception required very powerful transmitters. The SW band was considered to be useless for radio 
broadcast on long distances and was given to radio amateurs. 

The were banned from using LW and MW bands by commercial radio stations. 

However, something unexpected happened: Amateurs were able to accomplish extremely long distance 
transmissions (thousands of kilometres), by using very low-power transmitters. This was later explained by the 
influence of the ionosphere layer, the existence of which was also predicted by Tesla. 

Modern radio receivers differ greatly from the "classical" types, however the working principles are the same. 


The only significant difference is in the way the receiver is tuned to a station. Classical devices used a variable 
capacitor, coil or varicap diode, with the frequency read from a scale with movable pointer. In modern devices, 
the adjustment is done with a frequency synthesizer controlled by a microprocessor and the reading is displayed 
on an optical readout. 


The inclusion of a microprocessor enables any one of a large number of pre-tuned stations to be selected and 
displayed and the use of a remote control makes the receiver even more user friendly. 


Chapter 2 Principles of radio transmission 


2.1. AM Transmitter 
2.2. FM Transmitter 
2.3. Wavebands 


Transfer of information (Speech, music, image, computer data etc.) by radio can be presented in its simplest 
form with block - diagram as on Pic.2.1. That is a transmission realized by amplitude - modulated signal. Since, 
in our example, the information being transferred is the sound, the first step of such transmission is converting 
the sound into electrical signal, this being accomplished by a microphone. The low - frequency (LF) voltage at 
microphone output (Pic.2.1-a), that represents the electrical "image" of the sound being transferred, is being 
taken into the transmitter. There, under the effect of LF signal, the procedure called amplitude modulation is 


being carried out, and on its output high - frequency (HF) voltage is generated, its amplitude changing 
according to the current LF signal value. HF voltage creates HF current in the antenna, thus generating 
electromagnetic field around it. This field spreads through the ambient space, being symbolically shown on 
Pic.2.1 with dashed circles. Traveling at the speed of light (c=300 000 km/s), the electromagnetic field gets to 
the reception place, inducing the voltage in the reception antenna, as shown on Pic.2.1-c. This voltage has the 
same profile as the one on Pic.2.1-b, except it has much smaller amplitude. In the receiver, the amplification 
and detection are carried out first, resulting with the LF voltage on its output, that has the same profile as the 
one on Pic.2.1-a. This voltage is then transformed into sound by loudspeaker, that sound being exactly the 
same as the sound that acted upon the microphone. This, naturally, is the way it would be in ideal case. Back to 
reality, due to device imperfection as well as the influence of various disturbances, the sound being generated 
by the loudspeaker differs from the one that acts upon the microphone membrane. The block - diagram on 
Pic.2.1 (excluding the HF signal shape) is also applicable in case of radio transmission being carried out by 
frequency modulation. In that case frequency modulation is being carried out in the transmitter, under the effect 
of LF signal coming from the microphone, therefore HF signals on Pics.2.1-b and 2.1-c having constant 
amplitude, and their frequency being changed in accordance with the actual value of LF signal from the 
microphone. In fact, all types of radio transmission can be presented with Pic.2.1. First, the information being 
sent is always transformed into electrical signal through the appropriate converter. In telegraphy this converter 
is the pushbutton, in radiophony it's a microphone, in television engineering an image analysis cathode ray tube 
(CRT) etc. Then, with this "electrical image" of information, the modulation is being done. The modulated HF 
signal is being transferred into antenna and transmitted. On the reception place, the modulated signal from the 
reception antenna is being amplified and detected and then, again with the appropriate converter (pen recorder, 
loudspeaker, TV CRT etc.), the information is transformed back into its original form. 
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Pic.2.4. Radio Transmission Block-Diagran 


2.1 AM Transmitter 


In order to better understand the way the radio transmitter works, block - diagram of a simple AM (amplitude 
modulated) signal transmitter is shown on Pic.2.2. The amplitude modulation is being performed in a stage 
called the modulator. Two signals are entering it: high frequency signal called the carrier (or the signal carrier), 
being created into the HF oscillator and amplified in the HF amplifier to the required signal level, and the low 
frequency (modulating) signal coming from the microphone or some other LF signal source (cassette player, 
record player, CD player etc.), being amplified in the LF amplifier. On modulator's output the amplitude 


modulated signal UAM is acquired. This signal is then amplified in the power amplifier, and then led to the 
emission antenna. 
. . Amplitudnoe 
Signal Carrier meodulis ani 
Cus, %5) ANNAN signal Emission 
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Os cillator HF 
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Pic. 2.2. AM Transa itter Block Diag ran 


The shape and characteristics of the AM carrier, being taken from the HF amplifier into the modulator, are 
shown on Pic.2.3-a. As you can see, it is a HF voltage of constant amplitude US and frequency fS. On Pic.2.3-b 
the LF signal that appears at the input of the modulator at the moment tO is shown. With this signal the 
modulation of the carrier's amplitude is being performed, therefore it is being called the modulating signal. The 
shape of the AM signal exiting the modulator is shown on Pic.2.3-c. From the point tO this voltage has the same 
shape as that on Pic.2.3-a. From the moment tO the amplitude of AM signal is being changed in accordance with 
the current value of the modulating signal, in such a way that the signal envelope (fictive line connecting the 
voltage peaks) has the same shape as the modulating signal. 

Let's take a look at a practical example. Let the LF signal on Pic.2.3-b be, say, an electrical image of the tone 
being created by some musical instrument, and that the time gap between the points tO and t2 is 1 ms. 
Suppose that carrier frequency is fS=1 MHz (approximately the frequency of radio Kladovo, exact value is 999 
kHz). In that case, in period from tO till t2 signals us on Pic.2.3-1 and uAM on 2.3-c should make a thousand 
oscillations and not just eighteen, as shown in the picture. Then It is clear that it isn't possible to draw a realistic 
picture, since all the lines would connect into a dark spot. The true picture of AM signal from this example is 
given on Pic.2.3-d. That is the picture that appears on screen of the oscilloscope, connected on the output of the 
modulator: light coloured lines representing the AM signal have interconnected, since they are thicker than the 
gap between them. 

Block - diagram on Pic 2.2 is a simplified schematic of an AM transmitter. In reality there are some additional 
stages in professional transmitters that provide the necessary work stability, transmitter power supply, cooling 
for certain stages etc. For simple use, however, even simpler block diagrams exist, making the completion of an 
ordinary AM transmitter possible with just a few electronic components. 
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Pic .2.3. Voltage wave eaveloges of an AM sigra!: a- The (signa!) Carrier, A- The Modulating Signa! 
(LF signal being transferred), c- AM (am plitude - modulated) sigaa!, d- true look of the AM signal. 


2.2. FM Transmitter 


Block diagram of an FM (frequency modulated) transmitter is given on Pic.2.4. Information being transferred, 
i.e. the modulating signal, is a signal from some LF source. it is being amplified in LF amplifier and then led into 
the HF oscillator, where the carrier signal is being created. The carrier is a HF voltage of constant amplitude, 
whose frequency is, in the absence of modulating signal, equal to the transmitter's carrier frequency fS. In the 
oscillatory circuit of the HF oscillator a varicap (capacitive) diode is located. It is a diode whose capacitance 
depends upon the voltage between its ends, so when being exposed to LF voltage, its capacitance is changing in 
accordance with this voltage. Due to that frequency of the oscillator is also changing, i.e. the frequency 


modulation is being obtained. The FM signal from the HF oscillator is being proceeded to the power amplifier 
that provides the necessary output power of the transmission signal. 

Voltage shapes in FM transmitter are given on Pic.2.5. Pic.2.5-a shows the LF modulating signal. The frequency 
modulation begins at moment tO and the transmission frequency begins to change, as shown on Pic.2.5-b: 
Whilst current value of the LF signal is raising so is the trasmitter frequency, and when it is falling the frequency 
is also falling. As seen on Pic.2.5-c, the information (LF signal) is being implied in frequency change of the 
carrier. 

The carrier frequencies of the radio difusion FM transmitters (that emmit the program for "broad audience") are 
placed in the waveband from 88 MHz til 108 MHz, the maximum frequency shift of the transmitter (during the 
modulation) being +75 kHz. Because of that the FM signal should be drawn much "thicker", but it would result 
in a black-square-shaped picture. 
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2.3. Wavebands 


While considering problems related to the realization of the long - distance radio links, significant differences 
between the electromagnetic waves of various frequencies must be kept in mind. For example, low frequency 
waves (below 500 kHz) can bend themselves following Earth's curvature, while the HF waves are moving in 
streamlines, just as light. Some waves can be reverberated from the ionosphere, others are passing through it 
etc. According to characteristics of their outspread, radio waves can be classified into several groups or ranges: 
long, mid, short and ultra-short. Limits between the wavebands are not precise, with the raise of their frequency 
the waves are gradually losing some features while gaining some others. This division is shown in Table 1. 


Table No.1 


d. Millimetre range (EHF?) 30 - 300 GHz 





* LF low frequencies, MF mid frequencies, HF high frequencies, VHF very high frequencies, UHF ultra high 
frequencies, SHF super high frequencies, EHF extra high frequencies. Waves with wavelength smaller than 30 
cm are also called the microwaves. 


In the third table column the wavelengths are given. Wavelength (6) is distance that the wave passes moving at 
the speed of light (c=3*103 m/s), during the period that is equal to its oscillating period (T): @=c*T. Having in 
mind that the wave frequency is f=1/T, one can easily get to the well known expression that gives the relation 
between the wavelength and the frequency: 


Using this formula one can calculate the wavelength knowing the frequency and vice versa. For example, 
wavelength of an FM transmitter emitting at f=100 MHz frequency is L=3*108/100*106=3 m. Similar to that, 
wavelength of Radio Belgrade 1 is L=439 m, which makes its frequency equal to f=3*108/439=684 kHz. 
Radio diffusion is being performed in certain parts of the wavebands given in Table 1, their boundary 
frequencies are (rounded values): 


LW (long waves) 150 kHz (2km) 300 kHz (1 km) 

MW (mid waves) 500 kHz (600 m) 1500 kHz (200 m) 

SW (short waves) 6 MHz (50 m) 20 MHz (15 m) 

FM (ultra short waves) 88 MHz (3.4 m) 108 MHz (2.78 m) 


In LW, MW and SW the amplitude modulation is used, while in FM range it is the frequency modulation. 


Here are the frequencies (in kHz) of some radio transmitters from the MW range, that can serve for tuning of 
the radio receivers being described in this issue: Timisoara 630, Belgradel 684, Bucharest 855. 


3.1. The Simplest Radio Receiver 


Each radio receiver must have a reception antenna. It is an electrical conductor, where 
voltages of various frequencies and amplitudes are being induced, under the influence of 
electromagnetic fields from various radio transmitters. Besides these voltages, those 
induced by EM fields that are created by various disturbance sources (such as electrical 
motors, various household appliances spark-plugs of an automobile and all other devices 
where electrical current is being switched on/off during work) are also present in the 
antenna, as well as those from fields originating from outer space or the Earth’s 
atmosphere. Basic roles that a radio receiver has are: 

a. To separate the signal (voltage) of the radio station that it is tuned at from the multitude 
of other voltages, whilst suppressing (weakening) all other signals as much as possible, 

b. amplifies the extrapolated signal and take out information from it and 

c. reproduces that information, i.e. restores it into its’ original shape. 

Even the simplest radio, the one we are discussing in this chapter, must be able to 
accomplish all these tasks. The electronic diagram of one such device is given on Pic.3.1. It 
is the famous (years ago) Detector Radio Receiver or shortly, Detector. The signal selection 
(separation) and voltage amplification are performed in the oscillatory circuit that is 
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Pic. 3. 1- a-Block diagram and electronic diagram of 2 detector radio receiver, b-operating principle of input circuit 
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made of the capacitor C and coil L, the separation of information (speech or music) from the 
AM station signal in the detector that comprises the diode D, capacitor C2 and resistance of 
the headphones, and information restoring in the very headphones. 

Main advantages of this device lie in its extreme simplicity and the fact that it requires no 
additional energy sources for its’ operation. All the energy required it draws from the 
antenna, which therefore has to be at least a dosen metres long for proper operation. It is 
also useful to have a good ground. One can do without it but the reception with it is truly 
better, especially considering the distant and small-power transmitters. 
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3.1.1. Input Circuit 


The capacitor that takes the signal from the antenna (so-called coupling capacitor) C1, 
variable capacitor C and coil L form the input circuit of the radio receiver. Its main role is to 
separate the signal of station the receiver is tuned at from multitude of voltages (having 
various frequencies and amplitudes) existing in the antenna, amplify that signal and turns it 
over to the detector. 

In order to better understand the requests that are to be fulfilled during the practical 
realization of input circuit, it is necessary to know basic characteristics of circuit made of 
capacitor C and coil L. It is called ‘The oscillatory circuit’ and is shown on pic.3.2-a. The 
amount of its impedance (resistance to AC current) between points A and B, which is 
marked with , depends on the frequency, as it is shown on the diagram on pic.3.2-b. The 
most important characteristic of this circuit is its resonance frequency, being given by the 
Thomson’s formula: 


As one may notice, the resonance frequency depends on the capacitance of the capacitor C 
and inductivity of coil L, and changes if one of them change. In our receiver, a variable 
capacitor is used, that can change its capacitance from Cmax to Cmin, therefore changing 
the resonance frequency in boundaries from 
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The area between fd (lower boundary frequency) and fg (upper boundary frequency) is the 
reception area of the input circuit, as shown on pic.3.2-b. On this picture, carrier 
frequencies of four radio transmitters are being marked with fs1, fs2, fs3 and fs4. The 
resonance frequency of the oscillatory circuit is set (by means of C) to be equal to the 
carrier frequency of the second station: fs2. In that case, the impedance ZAB - frequency 
dependance is shown in continuous line. As one can see, the impedance ZAB for all received 
signals whose carriers have frequencies less than fsi and greater than fs3 is less than 20 
kOhms, while for the station that is tuned it is equal to 200 kOhms. Let us now imagine that 
the parallel oscillatory circuit is connected with the antenna and ground, as shown on 
pic.3.1-b. Imagine, also, that there are (only) four voltages in the antenna, that have the 
same amplitude and are created by four radio 
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transmitters, having carrier frequencies of fs1, fs2, fs2 and fs4. Since these voltages spread 
between the antenna and the ground, four currents will flow through the oscillatory circuit: 
Isi, Is2, Is3 and Is4. The voltages that are created by them in the oscillatory circuit, 
between points A and B, are equal, acc. to Ohm’s Law, to the product of current and 
impedance: UAB=I*ZAB. Acc. to pic.3.2-b, for Is2, impedance of the circuit is ZAB=200 
kOhms, and for currents Isi and Is3 it is 10x smaller. That means that the voltage that is 
being created in the oscillatory circuit by the station that transmits on frequency fs2 will be 
ten times greater than the voltages being created by stations transmitting on frequencies 
fsi and fs3. This is how selection of one station is performed, by means of the oscillatory 
circuit. Transition to some other station is performed by changing the capacitance of 
capacitor C, as long as the resonance frequency of the oscillatory circuit does not become 
equal to the carrier frequency of that station. If its frequency happens to be fs4 (acc. to 
pic.3.2-b), the impedance of the oscillatory circuit for that case is shown in dashed line, 
which causes that on the circuit output voltage of the station that transmits on frequency 
fs4 is acquired, while other stations’ signals are suppressed. 

At first glance, everything is just the way it should be: Parallel oscillatory circuit 
extrapolates one and suppresses all other stations. Unfortunately, the reality isn’t so simple. 
First of all, radio transmitters operate with various output (emission) powers and on various 
geographic distances from the receiver, therefore making the voltages that their signals 
create in the reception antenna very different in amplitude. It is clear that stronger signals 
will “cover” the weak ones, thus disabling their reception. E.g. if radio transmitter that emits 
on the frequency fsi is geographically much closer to our radio receiver that the transmitter 
operating on fs2, the voltage the former creates in the reception antenna can be even 200 
times greater than the one created by the latter. The oscillatory circuit will do its job as 
previously described, but on its ends the voltage of the first transmitter will still be greater 
(20x) than that of the transmitter the receiver is tuned at, and normal reception won't be 
possible. There are also other problems whose solving will not be discussed herein, and 
readers that are interested in those can read a book “Radio Receivers”, written by Momir 
Filipovic, issued by the National Textbook Publishing Company from Belgrade, Yugoslavia. 
To conclude this chapter, we may say that the simplest radio receiver can cover only signals 
of the local and powerful radio transmitters. 


3.1.2. The Antenna 


Extremely important factor for good work of simple radio receivers is the outside antennaTHAT HAS to be 
long enough, and in which voltages induced by the radio transmitters will be high enough. At first sight, one 
can think of using instead some modest antenna made of a piece of wire, compensating that with supplying 
the receiver with amplifier strong enough to give the end result as if much better antenna have been used. 
That, of course, is not the case, since every amplifier creates noise that makes the reception worse, if not 
impossible. This fact is the cause for a radio-amateur saying that "Antenna is the best HF amplifier." The 
external (outside) antenna is being made of copper wire, thick enough to resist strong wind conditions. In 
the sense of mechanical strength, the best thing is to use the litz wire (cable), i.e. a cable made of huge 
number of thin threaded copper wires. There is no need to remove the wire isolation if it exists since it 
doesn't represent an obstacle for the electromagnetic waves. The length of antenna is being determined in 
accordance with the "TLTB" law (The Longer, The Better ). The antenna that we have been using for testing 
the receivers described herein was 6 metres long (the length of the Radio Receivers Lab at "Tesla" 
highschool, where it was spread), but if you are in position, you should make it even longer (the author has 
a friend whose antenna is about 30 metres long). It should be moved away from the sources of electrical 
disturbances (public electricity cables, various household electrical devices, cars, electric motors etc.). 
Considering this, the best place for your antenna should be the building roof. The wire can be crossed 
between two chimneys (Pic.3.3), between a chimney and some pillar, between two purposefully built pillars, 
between two buildings, a building and a pole in the yard etc. You should, however, always keep in mind that 
the wire, however strong it may be, can snap during some big storm and, in case that happens, under 
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NO CIRCUMSTANCES it should fall onto electrical network cables, telephone leads and similar, or to cause 
some other damage. if your roof cover is not covered with tin, the attic could also be a good place for the 
antenna. You can also stretch it between two stronger laths attached to two opposite window frames of your 
apartment. If you have no other options, you can put your antenna between the walls in your room. 

The antenna must be electrically isolated from the carriers being attached to. In amateur conditions, one car 
make the isolators of a piece of thick wall plastic pipe where, acc. to Pic.3.3, an indent should be made with 
the round rasp, in order for the wire not to slip away. 

The antenna lead is another piece of wire which carries the signals from antenna into the receiver. It should 
be isolated and placed in such a way not to touch the walls, to be as far from metal parts as possible 


(gutters, city grounding etc.). 


At the end of this chapter, let's just say that in mobile receivers ferrite antennas are being used, which we 
are going to talk about later. 


3.1.3. The Ground 


As all other sorts of ground, the ground for the radio receivers is being accomplished by connecting the 
receiver ground (point Z on Pic.3.1) to Earth over a coper wire. You can live without the ground but the 
reception is much better with it though, especially considering simple devices, such as one at the Pic.3.1-a. 
Water plumbing is an excellent ground (central heating pipes are not), but it is most often inappropriate for 
use. There is no housewife that would agree to have some dreadful wire stretched across the house, from 
bathroom to the living room! House electrical installation's ground is excellent, but it should be used under 
NO circumstances, since life-threatenning danger from electrical shock exists. If you live on a ground floor, 
and there's plain soil beneath your window you can make your own ground by sticking a piece of water 
plumbing in it, acc. to Pic.3.4. The pipe should be about 80 cm long, and on its end you should connect the 
receiver ground, attaching it with a metal ring and a screw with the nut. 
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Pic.3.4. The Ground 


3.1.4. Other Components 


a. On Pic.3.1-a with letters A, Z, S1 and S2 the hubs where one can connect the antenna (A), ground (Z) and 
the headphones (S1 and S2) are labelled. Since the cabinet for our radio receiver(s) is being made of 
material that is the electrical isolator (plywood, plastics etc.), the simplest metal hubs can be used, although 
hubs with isolation plates (for metal plate mounting) can be found in shops more easily, but are significantly 
more expensive. 

b. C1 capacitor is the so-called coupled capacitor, through it the signals from the antenna being led into the 
oscillatory circuit. Its capacitance depends upon the length of the antenna, and it lies within the limits of few 
pF (antenna longer than 10 m), up to few dozens pF (a couple of metres long antenna), the optimal value is 
to be found through experimenting. Every reception antenna behaves as a voltage generator, having its own 
internal resistance and capacitance. Antenna's resistance damps the oscillatory circuit and reduces its 
selectivity (which manifests as the "mixing" of stations) and sensitivity (which exerts as signal strength 
reduction), and antenna's capacitance reduces the reception bandwidth. More precise, antenna's capacitance 
reduces the upper bound frequency of the reception bandwith (Pic.3.2), making reception of the stations 


laying close to this frequency impossible. Both these features are undesirable and manifest themselves as 


less as the capacitance Ci is smaller. On the other hand, the smaller the capacitance Ci, the weaker the 
signal that goes through it from the antenna, the reception therefore getting weaker. As you can see, the 
compromise solution is a thing to go for, i.e. one must find the capacitance at which the signals from the 
antenna won't be much weakened while simultaneously keeping the selectivity and the bandwidth big 
enough. You can start with C1 being about 30 pF. Then, 


using C, tune yourself to some radio stations you can receive. If all the stations that interest you are there, 
and the strongest one of them still does not jam the reception of other stations all's well. Try then with some 
bigger capacitance for the capacitor C1. The reception will be getting louder, so do continue increasing C1 as 
long as it is still possible, by changing C, to receive all the stations of your interest that can be heard in your 
place, without the interference of some strong or local station. If, however, reception of some nearby statior 
isn't possible, smaller C1 should be tried out. In this manner the biggest capacitance for Ci should be found, 
that allows optimal reception both regarding selectivity and bandwidth. The simplest solution is using 
variable capacitor for C1, its capacitance ranging from few picofarads to few dozens pF, adjusting it to obtair 
optimal reception for each station individually. During this, whenever C1 is being changed, the receiver must 
be re-tuned to the station using C. 

c. The coil is one of the components that cannot be bought, therefore it has to be manufactured. Its main 
property is the inductance L. As an example, we are going to take a look at how to build a coil for the MW 
receiver with band range from fd=540 kHz til fg=1620 kHz. The inductance is being calculated using the 
Thomson formula (being solved by L): 
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Where Cx denotes the so-called parasite capacitance. It comprises the capacitance of the trimmer capacitor 
(its average value) that is connected parallel to the variable capacitor C, input capacitance of the next stage 
of the receiver (where the signal from the input circuit is being lead), antenna capacitance, coil capacitance 
and capacitance of the connections between the components of the input circuitry. The amount of this 
capacitance is not known in advance, therefore must be assumed. Taking that value, the coil inductance is 
calculated and the appropriate coil is made, together with the input circuit. The error being made with the 
assumption of the capacitance Cx is then compensated with the abovementioned trimmer capacitor. In all 
our projects this capacitor had minimum capacity Cmin=12 pF. We assumed Cx=15 pF, and therefore: 
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We made this coil, conented it with other components from Pic.3.1 and, after some experimenting and 
measurement, came upon the conclusion that its inductance should be somewhat smaller. We uncoiled a few 
reels, re-checked the bandwidth, then uncoiled some more, re-checked again, and after several tries came 
up with the solution. With variable capacitor that will be described in the following chapter, the 
abovementioned bandwidth is achieved with the coil of inductance L=330 iH (microhenries). 

The coil body i.e. the body where the coil is being reeled is a cylindrically shaped isolation material. For this 
purpose we have been using the carton core of the household aluminium foil package, its diameter being 3.2 
cm. The number of bends required and wire diameter are calculated acc. to the formulas from Pic.3.5. 
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Pic.3.5. Formulas to calculate the coll inductance and 
number of reels 


In order to use these expressions coil length must be assumed first. If this length later proves to be 
incorrect because the wire is too thick or thin, new length is adopted and the calculation is repeated. Let us 
assume that coil length is l=4 cm. The number of reels and coil diameter are: 
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Pic.3.6. Coll of radio receiver's Input circuit dimensions, b-layout and details 


Since there is no wire of such diameter, we adopt the closest existing value, d2=0.3 mm. In that case the 
length | will be somewhat bigger, and so will be the number of reels. After a few iterations in calculus and 
later inductance check of the finished coil, we came upon the n=144 reels of lacquered copper wire (the 


mark for such wire is CuL), its diameter being d=0.3 mm. 


This coil is shown on Pic.3.6. As you can see, two holes are made in coil body (with a bodkin) and through 
them the wire origin is being threaded twice. After that 90 reels are made, then a leg, then another 55 reels 
and finally the wire end is again threaded twice, through the other two holes. The leg is made by multiple 
twisting the wire. It is then cut, and from these new ends about 5 mm of isolation is removed, after which 
they are tinned, twisted around each other and finally, soldered (the easiest way to remove the isolation is 
by burning it with lighter, then carefully scrapping it with the pocket knife or similar). Two small pieces of 
wood are then glued onto coil's ends. When the coil is being mounted into the box, they are pasted onto its 
top panel, as shown in the rightmost part of Pic.3.6-b. 


If you are using a coil of different diameter, you should keep in mind that the necessary inductance for the 
coil which measures more than 3.2 cm in diameter will be obtained with number of reels less than 144 and 
vice versa, if the coil body is less than 3.2 cm you will need more than 144 reels. 

d. Variable capacitor C is hard to find in stores, therby we have been using in all our receivers the one that 
we took from a disused commercial pocket size MW radio receiver, the one shown on Pic.3.7. On Pic.3.7-a 
you can see it together with the reel with numbers that represent the frequencies, divided by 100, on which 
that receiver was able to be tuned at. On Pic.3.7-b you can see the front, side and rear views of this 
capacitor. Electrical diagram is given on Pic.3.7-c. AS one may notice, there are actually two variable 
capacitors under the same cover, Co and Ca, and two trimmer capacitors connected parallel to them, Cto and 
Cta. The dashed line shows symbolically that the rotating plates of the variable capacitors are connected on 
a common shaft, so that by turning the reel their capacitances are being changed simultaneously. For our 
use, all four capacitors are parallel connected, by joining the legs O and A. The trimmers are set to minimal 
capacitance. In such way the variable capacitor is attained with capacitance ranging from Cmin=12 pF til 
Cmax=218 pF. 


In commercial radios that can receive both stations from AM and FM ranges, variable capacitor shown on 
Pic.3.8 is being used. Four variable and four trimmer capacitors are placed under the same cover. If you wist 
to use capacitor like this in the receiver from Pic.3.1 (and in most of the receivers described in this book), 
you should then connect in parallel Cto, Co, Ca and Cta, after which you shall obtain a variable capacitor 
ranging from Cmin=16 pF til Cmax=286 pF. Other capacitors from this block are not being used. 

In all input circuits (more about them soon to come), one end of the variable capacitor is always connected 
to the device ground. For capacitors shown on Pics.3.7 and 3.8 that is the middle leg, marked as G. 

During the dismounting of the capacitor from the old radio, you should pay attention not to loose the screw 
for the reel attachment, and two screws for mounting the capacitor onto the PCB, since they are very hard to 
provide separately. 
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Pic. 3.8. Variable capacitor of the Input circuit of an AM/FM receiver: a-layout, b-dimensions, c-capacitance 
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Pic.3.9. Vaniable capacitor assembly: a-plate dimensions, b-capacitor on plate, 
c-assemblage on the front receiver pane! 


If the reciever is being put into the box whose front pannel is made of isolating material not thicker than 1 
mm, then one 10 mm hole should be drilled on it, followed by two 3 mm holes, as shown on Pic.3.9-a. Havinc 
thicker front panel does represent a problem, the shaft of the capacitor being too short to mounting the reel. 
In that case you will have to make the auxiliary plate about 1 mm thick as shown on Pic.3.9-1 and then 
mount the capacitor on it , acc. to Pic.3.9-b. On the front panel a round eye should be made, its diameter 
being a little bit bigger than the reel. The auxiliary plate with the capacitor should then be tightened onto 
this front panel with two small screws Z1 and Z2, and the reel on the capacitor shaft with the screw Z3 
(While tightening this screw you should hold the reel with your other hand, and not the capacitor housing). 
Finally, a button made of a thick plywood can be glued to the reel. This is not necessary, but gives the device 
a more sophisticated looks. 

Different variable capacitors than the ones described here can also be used, for example, an air variable 
capacitor described in the first issue of Practical Electronics. The important thing for it is to have a big 
max/min capacitance ratio, at least 15, i.e. Cmax/Cmin>15. While connecting the capacitor, care should be 
taken to connect its rotor with the ground (as on Pic.3.1), labeled Z, and its stator with the point 1 of the 
coil. 

e. The diode D, capacitor C2 and headphones' resistance comprise the AM signal detector, also called the 
serial diode detector. When the AM signal of the station the receiver is tuned at is brought on its input, NF 
signal is obtained on the output, its shape being the same as the envelope of the AM signal. An example of 
this is given on Pic.3.10. When voltage uul is present on the input of the detector, the voltage uizl appears 
on its output. It is useful to notify that on the output, besides the LF voltage (speak, music etc.), DC voltage 
Uo is also present. 

The detection diode D must be of low-power GERMANIUM type, such as AA112, AA116, AA121, 1N21, 1N34, 
1N54, 1N78 etc. 


Product of the capacitance C and resistance R (on Pic.3.1. R is the headphones resistance) should be approx. 
equal to 50 is (microseconds). That means that if you're using the bigger resistor (which is advisable, since 
the detector then damps less the oscillatory circuit), the capacitor should then be smaller. For example, if 


R=500 kU then C=100 pF, and if R=10 kU, C=5 nF, etc. 


f. The headphones are the electro acoustic convertor that transforms electrical signal into the sound. We 
have been using old fashioned electromagnetic headphones with 1.5 kU resistance that were serially 
connected, giving the total resistance of 3 kU. The receiver from Pic.3.1 will be working as better as 
headphones' resistance is bigger. if you're using the crystal headphones, parallel to them you should add a 
resistor of couple of hundreds of kiloOhms. There's a very simple way of testing the high resistance 
headphones: Hold one end of their cable between your fingers while rubbing the other over the surface of a 
big metal object, say, the radiator. If snapping can be heard from them they are, most likely, satisfactory. 
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Pic.3.4. inputand output voltage atthe seria/diode detector 


All the components of the receiver from Pic.3.1 should be placed into some kind of a box. That can be any 
box made of an isolation material (plastics, wood etc.), big enough to receive all the components. As an 
example, a receiver is shown in scale 1:1 on Pic.3.11, being placed in a box made of plywood. The top, 
bottom and side panes are made of plywood that is 5 10 mm thick. The front and the rear side are being 
made of some thinner material, that allows for simple mounting of the variable capacitor. One can notice 
straightaway that the box is at least twice as big as it could be. That has been done for the sake of better 
visibility, and for the box to be big enough to accept the devices that will be described later in this book. 
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Component joining is being done by soldering. Performing soldering onto the hubs can represent a small 
problem. In order to complete this operation successfully, you should turn the box for the part of hub where 
cables are being soldered pointing upwards. Put a piece of the tinol wire through the eye on the hub, put the 
soldering iron top onto the eye from upwards and hold it like that a while, for the tinol to melt. Then add 
some more tinol, until the eye is completely covered with the solder. After that, push the wire end into the 
melted solder while holding it with pencers, until it hardens and cools itself a little. The pencers remove the 
heat and prevent its transfer onto the component that is being soldered. 


3.2. The Simplest Amplified Radio Receiver 


The most obvious shortcoming of the receiver described in the previous chapter is that it 
can perform the sound reproduction loud enough only in case when the programme from 
some local or very powerful radio transmitter is being received, which can create very 
strong signal in the reception antenna. The reception of signals from other transmitters is 
too weak. The only thing that can be done is either to increase the length of the antenna, 
which, of course, does have its limits, or to insert an amplifying stage into the receiver. The 
simplest way to perform the latter is to add a LF amplifying stage behind the detector in the 
detection receiver, Pic.3.1. The electrical diagram of one such receiver is given on Pic.3.12. 
The electrical load in the detection stage are no longer headphones, but an ordinary resistor 
R1. An NF signal is obtained on its ends, which is then being lead into the LF amplifier with 
the transistor T, over the coupling capacitor C3. The electrical load in the collector circuit of 
the transistor are the headphones, which transform the amplified LF signal into sound. 

The voltage negative feedback is being obtained with the capacitor C4, and the current 
negative feedback with the resistor R3. They enhance the characteristics of the amplifier 
(increase its stability, reduce distortion, widen the reception band), but they also reduce the 
amplification. The capacitor C5 prevents the AM signal carrier which, although very weak, 
also appears on the detector output, from entering the headphones. These 3 components 
however, can be omitted in most cases, for the sake of simplifying the device. C4 and C5 
can be simply removed, and a piece of wire should be soldered instead of R3. Transistor 
operation point where the optimal reproduction (the biggest amplification, the smallest 
distortion) is being set by adjusting the resistence value of the resistor R2. The simplest 
way to do it is to connect the trimmer of couple of MU instead of the resistor, set the 
receiver on some station, then change the resistence until the optimal reception is being 
reached. The trimmer is then put out, its resistence measured, and a resistor of similar 
resistivity is then soldered on its place. The transistor T is any universal NPN - type. 


C1-SpF.....30 pF 
C2- 100pF.....1nF 

C3 - d70NF....5 pF 

L- 0,35 mH 

C+ Copin= 12[16 IPF. Crrax=2 18 [286 JF 
R1-S00kQ.....50 KO 

Re- 500 ka.....22 Ma 
D-DUG(44112,44116, 44121, 1N3d isl. J 
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Pic.3.42. Detection receiver with simple amplifier: a-biock diagram, 
belectronic diagram, c-components 


Please note that in the case of a very long antenna, when C1 of very small capacitance is 
being used, a hand made trimmer capacitor can be used. It is made by twisting two isolated 
wires, and its capacitance is changed simply by removing some wire from the ends. 

The component data is given on the electrical diagram and in table on the rightmost side of 
Pic.3.12. If you don't have a 100 pF capacitor (C2) you can put some of bigger capacitance, 
but you should then use smaller R1. 

The PCB layout is given on Pic.3.13. On 3.13-a is a picture that should be copied with the 
thin alcohol marker onto well cleaned copper side of the pertinax plate. Etching is to be 
performed then, as well as drilling the 0.8 mm holes, in the way that has been described in 
detail in PE2 issue (Practical realization of electronic devices). The component layout is 
given on Pic.3.13-b. The printed circuit is also visible on this picture, and that can be 
achieved by using vitroplast plate instead of pertinax. The look of board upon completion is 
on 3.13-c. Before soldering the wires that connect the variable capacitor, battery, switch 
etc. with the board, put some tin on the wire ends, using the calofonium or the tinol wire. 
You should by all means do this, especially if you 're not using the wire that is not pre 
tinned, in order to avoid cold solders, very unpleasant surprises that are hard to detect and 
locate. 

The layout of the entire receiver is given on Pic.3.14, in a scale 1:1. As in the previous 
receiver example, the coil is being glued to the top side of the box, over two small pieces of 
wood. The board is being tightened with a screw, that is screwed into a piece of wood being 
glued to the front end box plate. The battery is attached with a rubber band for the pieces 
of wood glued at the back plate of the box. We did this, however, only for the sake of 
having a clear and understandable drawing. Battery can be put inside the box in the same 
way as before, or some other way. 
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Pi¢c.3.43. PCB forthe receiver frompic. 3.42: a-s eng side view, Db-component side view, 
c-component layou 


3.3. Simple Radio Receiver with TDA7050 IC 


Readers that were able to browse through book 4 and, especially, book 5 of Practical 
Electronics edition, were able to convince themselves that there's a huge number of various 
audio amplifiers built with IC's, therefore amplifiers in discrete technique are practically no 
more being made. If we add on this the fact that integrated amplifiers outreach their 
discrete competition both by price and quality, it is then clear why we are going to use them 
in this book. 

Electronic diagram of a simple radio receiver with LF stage built around the TDA7050 IC, 
where reproduction is being made through modern-type headphones, resistance being 32 or 
64 U, is given on Pic.3.15. In book 5 of Practical Electronics you have acquainted yourself in 
more detail with this IC. Let us just repeat that it can be purchased both in 8-pin DIL 
package that we have been using, and in SO package, suitable for surface mount. Its label 
in the latter case is TDA7O50T and it can also be used without any problems whatsoever. In 
that case changes on the PCB should be made considering that it is being mounted on the 
copper side of the board, and that drilling is now obsolete, since the pins are being soldered 
directly onto the copper foil. You can read the text that follows Pics.4.16 and 4.17 about 
soldering SMD components. Supply voltage for the IC is in range from 1.6 to 6 V. Idle 
current is 3 mA on 3 V supply voltage. Voltage amplification is 32 dB (40 x) on 6 V supply 
voltage and 32 U headphones resistance. Maximum output power is 150 mW, more than 
enough for the headphones amplifier device. 

Regarding the Pic.3.15, both input and detection circuit described in two previous projects 
can be used, We have decided instead, to show you how to use the coil with multiple legs, 
since it offers more possibilities for experimenting in order to achieve optimal reception. The 
picture of such coil is given on Pic.3.16, the legs being made as previously described in this 
book. The first leg (numerated 6) is made after the 15-th quirk, the second (5) after 30-th, 
the third (4) after 45-th and the last one (2) after 55-th. Number of quirks between the legs 
isn't critical, you can have even more legs, being arranged more closely to each other. As 
seen on Pic.3.15, both the antenna and the detector are connected over these legs. Legs 
No. 4 and 5 have been used, but that is not a must. The closer the legwhere antenna is 
connected is to the ground (point Z), the less it damps the oscillatory circuit (therefore 
increasing the receiver's selectivity), and less it reduces the reception bandwidth. However, 


the signal that exits the antenna is then also smaller. The similar thing is with the leg where 
the diode (its anode end) is connected: The closer it is to the ground, the less the detector 
damps and tunes out the input circuit, but the signal being transferred to the detector is 
also smaller. It is clear now that a compromise must be made: Experimenting with various 
coil legs, those providing the optimal reception should be found. 
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i Pic.3.15, Direct-type (TRF) radio receiver built with TDA 7050 iC 


Let us finally add that the antenna can also be connected to point 1, over the coupling 
capacitor (C1 on Pic.3.1), and the detector on one of the coil legs, or you can connect both 
the antenna and the diode's anode on the same leg, to connect the anode to point 1, etc. 
You should try various combinations out, observing their influence on the reception. You 
should certainly re-tune the resonance of the oscillating circuit after every change, with the 
aid of the variable capacitor C. 


The resistor R2 and capacitor C2 create an LF filter, whose role is to pass through at the 
next stage the LF signal being detected, preventing simultaneously the HF voltage do the 
same (this voltage originates from the AM signal carrier). This filter circuit affects the LF 
signal tone colour. If you don't like it, you should alter the capacitance C2 in order to 
change it. 


PCB for this device is shown on Pic.3.17. The receiver can be put in a box just as on 
Pic.3.14. The only significant difference is that a 4.5 V battery pack must be used instead of 
1.5 V battery, but there's plenty of room for it. 
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Pic.3.17. PCB forthe receiver frompic.3. 15; + solidering side view, bcomponent side view, c-photo-view 
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3.4. Simple Radio Receiver with LM386 IC 
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= Pic.3.18 Electronic diagram ofthe detector (TRF) radio receiver with audio amplifier built around the LV 386 IC 


Listening the programme over the headphones has its advantages, but the true radio 
receiver is certainly the one that with the loudspeaker. In this project the simplest such 
receiver is being described, consisting of input circuit, diode detector and audio amplifier 
with LM386 IC, that allows the loudspeaker reproduction to be performed. 


The author has firstly met with the LM386 circuit over twenty years ago, and has ever since 
been using it very successfully in various devices. The fact that this IC has survived at the 
market for such a long time is a considerable proof of its quality, however, its most 
significant advantage remaining extremely low price. The readers can find more information 
on this circuit in book 4 of PE. Purchasing this IC, one must have in mind that it is being 
manufactured in several versions, marked as LM386, LM386N-1, LM386N-3 and LM386N-4, 
that differ themselves by the supply voltage values and the output power. In case the 
supply voltage being no greater than 12 V, any of these can be used in this receiver. 


Electronic diagram of the direct radio receiver that has a LM386 IC in its LF stage is given 
on Pic.3.18. The resistor in the detection circuit is the log type 470 kOhms potentiometer. 
The LF voltage is being led over its moving end and the coupling capacitor C2 onto the 
inverting input (leg No.2) of the LM386. Other, non inverting input (leg No.3) is connected 
to the ground. The output is on the leg No.5. On this leg the load (i.e. 8 Ohm impedance 
loudspeaker) is being placed, connected over the C6 capacitor to the ground. With smaller 
battery power supply voltages a 4 Ohm impedance loudspeaker can also be used. If there's 
nothing in between the legs 1 and 8, the voltage amplification of the IC is Au=20, in which 
case the capacitor C7 can be omitted. If, however, a 10 iF electrolytic capacitor is connected 
between legs 1 and 8 (+ end on leg 1) as shown on Pic.3.18, the amplification is Au=200. 
Adding a resistor in line with the abovementioned capacitor, any amount of amplification 
between 20 and 200 can be achieved. This resistor is shown in dashed line on Pic.3.18 and 
is being marked with "*" sign. 


The PCB and components layout for the receiver shown on Pic.3.18 are given on Pic.3.19. 
Miniature loudspeakers from the pocket-size radio receivers should be avoided, since their 


efficiency and sound quality are poor, especially in the low frequencies area. On Pic.3.19 a 
1W loudspeaker is being shown, whose membrane is 8 cm in diameter. That isn't such a 
bad solution, but even better would be using the loudspeaker with greater power and 
membrane diameter (During the testing the 3 W , 8 Ohm loudspeaker has also been used, 
and the sound quality was much better than with the one that is shown on the picture). As 
you can see, the cables connecting the loudspeaker with the PCB are firmly twisted around 
each other. This is a must, especially for the cables being longer than a dozen centimetres. 
The same has to be done with cables that connect PCB with the battery and the main switch 
Z. 


Significantly louder reception, with bandwith being narrower in the area of the lower bound 
frequency, can be accomplished with the coil that has smaller inductivity and the coupling 
capacitor CA with greater capacitance. For example, if you are interested in radio stations 
that emits the signal in the MW area from 750 kHz to 1700 kHz, you could use the coil that 
has been previously described, by using only its' part between the legs 1 and 2, as shown 
on Pic.3.20. For the antenna that is about 6 m long use the CA=33 pF, and the reception is 
going to get better. Try increasing the CA capacitance (47 pF, 100 pF, 200 pF), the 
reception is going to get louder and louder, but the reception bandwidth will be getting 
smaller and smaller, some stations will not be heard any more, others will start to "mix" etc. 
it is up to you to find an optimum that suits you best. If using very short antenna, you 
should omit CA, and connect the antenna directly to the oscillatory circuit (at pt. 1). 
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Pic.3.49. Practical realization of radio receiver from pic. 3.18: a-PCB, 
B-component layout, c-connecting the board with other components 


3.5. Radio Receiver with Increased Sensitivity Audio Amplifier 


If you cannot obtain the signal reception that is loud enough with receiver from the previous 
project, the sensitivity of the LF part of the device must be increased. The simplest way to 
manage this is adding a transistor pre-amplifier, as shown on pic.3.21. Please note that all 
the components except Ci, C and L are located on the PCB, which allows you to use the 
input circuit from pics.3.15 and 3.20. The receiver is supplied from the 4.5 V battery but, if 
you intend to use an adaptor, the supply voltage can be bigger, its maximum value being 
from 12 V (for the LM386) till 18 V (for the LM386-4). 

The optimal value for R3 resistor (obtaining the greatest amplification, minimal distortion 
etc.) depends upon the kind of transistor that is being used. The easiest way to finding it is 
by experimenting, with a few MOhms’ trimmer resistor, in the way it has already been 
described in chapter 3.2. 
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3.6. Universal Audio Amplifier 


In majority of the receivers described so far, as well as in many those that will be described 
further, an audio amplifier is being used. This makes it useful to build an universal amplifier 
that would be used during testing of all receivers. That can be the circuit from pic.3.21 
(from C4 inclusive to the right), but it can be something else, too, e.g. the one from the 
pic.3.22. Two IC’s are used in it: operational amplifier TLO71 as the pre-amplifier, and 
LM386 as the power amplifier. The TLO741 is exactly the same as the more famous 741, 
the only difference laying in fact that TLO71 has the FET on its input, and 741 - the bipolar 
transistor. Since inverting input is being used in the operational amplifier, its voltage 
amplification is given by AU=RP/R1i, where RP stands for the potentiometer resistance from 
the sliding contact to its left end. When the slider is at its rightmost position, it is then 
RP=470 kOhms, yielding Au=470, and when it’s at its leftmost position the RP=0O, therefore 
Au=0. As you can see, moving the slider changes the amplification from 0 to 470. That’s 
what theory says, the practice is, of course, somewhat different. When capacitors are being 
connected between the input and ground, maximum amplification gets lower than 470 but is 
still more than enough for our needs. 


* Without any modifications, 
100m he IC 741 canbe used instead of TLO71 
1k 


—— 
I= ma 
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OFFSET NULL- setting that assures the 
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Pic.3.22. Audio amplifier built with TLO??4 and LVM 386 





Pi¢.3.23. PCB forthe amplifier from pic.3.22: 2-print side view, Dbcomponent side view, c-“photograp hic” view 


* All the receivers that have been described so far, as well as all those to come, can be 
tested with this universal amplifier. That is done by taking the signal from the Detector 
output (through two wires as short as possible or through the microphone cable that can be 
significantly longer) to the amplifier input (between left end of Ci and Ground). If the 
antenna, input circuit (and other stages, if exist) are OK, you will be able to hear the tuned 
station program from the loudspeaker. The sound volume can be adjusted by moving the 
slider of the potentiometer P. PCB and component layout are given on pic.3.23. 


* KS marks the short-circuit wire. It’s a piece of wire which ends are taken through the 
holes on the plate and soldered. It can be omitted, but then the left end of potentiometer is 
to be soldered in such a way to be connected to the bottom end of Ri. 


* To connect the potentiometer with the PCB, as well as the male, a shielded cable should 
be used. The shield (outside conductor) is connected to the Ground. If cables are shorter 
than app. 10 cm, the ordinary wires can be used instead. 


* The amplifier, the loudspeaker and the battery (or adapter) are put in the common box, 
on whose front plate the potentiometer, the switch and some simple plug (the chinch will 
do) are mounted. If the device is powered from the adapter, it is useful to also mount a 
LED. With these parts you have made yourself the so-called “active loudspeaker”, which is a 


very useful gadget for every electronics lover. 


* Just before you start mounting and soldering the components, clean well the PCB copper 
conductors with a piece of wet sponge dipped in some cleaning powder. Components should 
be mounted and soldered in the following order: short-circuits, resistors, IC’s, capacitors (all 
except C4), connecting wires and microphone cables (if used). The last component to be 
mounted is the C4 capacitor, but first you have to check whether the amplifier operates 
correctly. 


Connect the loudspeaker, and the wire marked as “B” on pic.3.23-c connect to the minus 
battery pole. The other end of the wire marked as “A” should be connected to one probe of 
the multimeter, which is to be set to measure DC current. Contact the plus battery pole with 
second instrument probe, and it will measure the idle current of the amplifier, which should 
be app. 5 mA. If this is OK, touch the pin No.2 of the LM386 with finger, and if everything is 
fine you will hear the 50 Hz hum from the loudspeaker. The power amplifier is OK. You can 
now solder C4. Touch the left end of the wire that is connected to the C1 with your finger, 
the hum should be heard again from the loudspeaker, its loudness depending upon the 
position of the slider of the potentiometer P. (If you don’t possess an instrument, connect 
the battery on the wires “A” and “B” and do the touching described. If you hear the hum, 
the amplifier is OK). 

If the Idle current is zero or is significantly bigger than 5 mA, something is wrong. If it’s 
zero, check out whether you have connected your instrument properly and whether it is 
functioning. Remove the instrument and connect the battery directly to the wires A and B. 
Touch the pin No.2 of LM386 with your finger, if you hear the hum - your instrument is 
malfunctioning. However, if the instrument is OK, you should check the DC voltages. Set 
your multimeter to measure DC voltages, connect one probe (the one marked with the 
ground sign) to the amplifier ground (minus battery pole) and with second probe touch the 
plus battery pole first, and then pin No.6 of LM386. These two voltages should be equal to 
the battery (supply) voltage. Contact then pin No.7 of the TLO71. This voltage should be 
slightly smaller than the supply voltage. Voltages at pin No.5 of LM386 and No.7 of the 
TLO71 should be app. equal to the one half of the supply (battery) voltage. 

Try to locate the malfunction based on your measurements. Check out if there are some 
discontinued copper lines on the print, or if two adjacent lines are connected (by themselves 
or by a small piece of tin that you dropped from the iron during soldering), whether all 
junctions are the way they should be, if you happened to mount some electrolytic capacitors 
or IC’s upside-down, etc. 

When you make sure that everything is fine, un-solder the potentiometer and the 
loudspeaker and put them on the front box panel. Also mount the plug and the switch, the 
LED (if used) etc. Tighten the plate with two small wood screws to the side pane, placing 
the LM386 on top (above the TLO71). Two distant-rings are to be mounted between the 
plate and the wood, making the distance between them a few (say, 5) mm. (These rings 
can be cut from some small plastic pipe). The screws are first to be put through the plate 
holes, then the rings and then screwed in the panel. After all this you can connect the 
loudspeaker, the switch, the battery, etc. 


3.7. Receiver with the HF Amplifier 


In HF amplifier the signal coming from the radio station is being amplified in its original 
form. In our case, this means that AM signal is led at input of the HF amplifier, and on its 
output the same shaped signal is obtained, only with bigger amplitude. This device got its 
name because it is used to amplify HF signals, although more precise term for it is the 
Selective Voltage Amplifier (that's how it is called in professional books). 

Electrical diagram of a direct receiver consisting of HF amplifier, diode detector and LF 
(audio) amplifier is presented on Pic.3.24. This receiver does not have a selective input 
circuit. It would be better that way, the selectivity of the receiver would be better, but 
"technical reasons" made us not to include it: the double variable capacitor (like the one in 
the first issue of PE) i.e. the one consisting of two equal variable capacitors connected onto 
the common shaft, is very hard to find these days. The active element of the HF amplifier 
from Pic.3.24 is the transistor BC557 that operates in the common base junction. The 
station signal that is being amplified is led onto the emitter (i.e. between the emitter and 
ground), and the amplified signal is taken from the collector (i.e. between it and ground). 
Working principle is similar to the one of the input circuit explained with the Pic. 3.1-b. To 
refresh your memory: we have been considering an example where four signals of equal 
amplitudes but different frequencies, were present in the antenna: fsi, fs2, fs3 and fs4. 
They were causing four different currents to flow through the LC oscillatory circuit: Is1, Is2, 
Is3, and Is4. All these currents were creating some voltage on the ends of the LC circuit, 
but the one caused by the current Is2 was significantly (about 20 times) bigger, due to the 
oscillatory circuit being set to its frequency. The parallel oscillatory circuit that is on Pic.3.24 
as the collector ..... is exactly the same as the the one on pic.3.1. 


HF amplifier Diode detector LF audio amplifier 





It also has the same role, therefore HF amplifier from pic.3.24 having the same selectivity 
as the input circuit in all the receivers described so far, with addition of extra amplification. 
This is being accomplished in the following manner: under the simultaneous load of 4 
voltages that are coming to emitter from the antenna, their frequencies being fS1, fS2, fS3 
and fS4, four currents flow simultaneously through the transistor. They share the same 
circuit: from positive battery pole, through P1, then transistor (in direction emitter- 
collector), over the LC circuit to the minus battery pole. All of them therefore flow 


Pic.3.24. Direct receiver with HF amplifier 


simultaneously through the LC circuit as well. The resonance frequency of this circuit is set 
(by C) to be equal to the frequency of one of the currents and it acts upon it as a huge 
resistor (200 kOhms, as on pic.3.2-b). According to Ohm’s Law, this current creates voltage 
on the oscillatory circuit. For other 3 currents the circuit acts as a resistor with much smaller 
resistance (less than 20 kOhms, as on pic.3.2-b) and they create much smaller voltage in 
the circuitry (10x smaller, as in our example). The important difference in operation of 
circuits from pics. 3.1 and 3.24 is that all currents are much smaller in the latter case 
(because of the amplifying effect of transistor), therefore the voltages on the LC circuit 
being much bigger. 


* With P1 potentiometer the signal amplitude from antenna to the input of HF amplifier is 
regulated. If, on your device, you find the slider for all stations to be in rightmost position, 
put a resistor instead of potentiometer, and connect the antenna with emitter. 


* As with all input circuits, when connecting the capacitor C care should be taken to connect 
the rotor to the ground (G-point on pic.3.7-a). 


* The R3 resistor comprises with C2 and C3 capacitors the LF filter which prevents the 
feedback (that would lead to unstable operation) between the LF circuitry and HF amplifier. 
If the feedback still occurs, the R3 resistance should be increased. 


* In LF part of the receiver the audio amplifier with LM386 IC is used. That is by no means 
necessary, any audio receiver will do. 


* There is also a better variation of HF amplifier, with increased selectivity. Its electronic 
diagram is shown on pic.3.29-b. 


3.8. The Audion - Direct Receiver with Drain Detector 


During the experiments with this receiver, the Author had decided to name this chapter 
“The BEST Direct (TRF) Receiver”, which he gave up on later, having in mind the old Latin 
saying: DE GUSTIBUS NON DISPUTANDUM EST (Tastes should not be discussed). It is, 
however, very hard to make something better with so little components. Anyway, the 
Author leaves to the readers of this chapter to name their own Best Receiver candidates, 
picking one of these described in this book, having in mind their own criteria for concepts of 
the beautiful, simple, cheap and useful. You can mail your voices to me on the address: ETS 
"Nikola Tesla" (Praktiena ELEKTRONIKA), Narodnog Fronta 31, Beograd, or by E-mail: 
tesla@drenik.net, Subject: Pe9. 

On Pic.3.25 you can see the electrical diagram of this, however, anyway, nevertheless... 
Device. The signal of the tuned-in station is lead to the Gate of the BF256 transistor. Please 
notify that the signal is being taken from the upper end of the coil, and not from its leg, as 
it has been in previous projects. This is possible due to big input resistance of the FET 
(bigger than MegaOhm), compared to the one of the bipolar transistor (couple of kiloOhms),. 
Why is this so important? Pic.3.26 shows the voltage - frequency curve of the parallel 
oscillatory circuit that is made of the coil L and capacitor C, while being tuned to the station 
whose frequency is fs2. In case the circuit is not loaded (the next stage of the device is not 
connected to it), this curve is shown in solid line and, as previously explained, the voltage 


(measured at the ends of the osc. circuit) of the station with carrier frequency fs2 is 
significantly bigger than the voltages of the stations with frequencies fs1 and fs3, although 
all of them have the same size in the antenna. However, when the next stage, containing 
the bipolar transistor as, for example, the one on the Pic.3.12, is connected, is small input 
resistance is damping the circuit and the bandpass curve has 
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Pic.3.25, Audion- Ojrect receiver with the Drain Detector 


he shape shown with the dashed line, marked as Q2.When the FET is connected to the 
oscillatory circuit (as on Pic.3.25) there is practically no damping, and the bandpass curve 
remains as shown in solid line. This is, clearly, much better, since all the other station 
voltages are more suppressed (reduced), comparing to the voltage of the tuned station. 
Considering the curve marked as Q3, we will be discussing it more in context with the 
Pic.3.29-a. 


It has been earlier noticed that the most important characteristic of a parallel oscillatory 
circuit being used in a receiver is its resonance frequency 
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Its second most important feature is the Goodness Factor of the receiver, which is most 
often being marked with the letter Q, and is therefore also known as the Q-Factor. A loaded 
circuit has smaller Q-factor than the non-loaded one, as shown on Pic.3.26, consequently 
being Q1>Q2.For example, the goodness factor of the circuit from Pic.3.6 is Q=95. Since it 
is not loaded, the oscillatory circuit on Pic.3.25 has smaller (narrower) bandpass and 
therefore better selectivity. Additionally, since the whole signal from the circuit is led in the 
next stage (instead partly, when getting the signal from the coil’s leg), the receiver has got 
bigger sensitivity (it’s capable of receiving weaker signals). 
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Pic.3.27.Bardpass curves of aparaiie! LC circuit 


The FET, together with R1, R2, C2, C3 and C4 forms the so-called Drain Detector (its 
analogous circuit with bipolar transistors is the Collector Detector, and with the electronic 
tubes - the Anode Detector. The popular name for the anode detector was - the Audion). 
The LF signal being detected is received on the drain (D). It has the same shape as the LF 
signal obtained on the output of the diode detector, but is significantly bigger than it, since 
the drain detector also amplifies the signal. The LF signal is then led on the volume 
regulation potentiometer, over the filter that is used to suppress the remains of the HF 
signal carrier (R3 and C7). After that it goes to the audio - receiver. 


* The R7 resistor can be omitted. If you do that you should switch off the battery (over the 
switch S) every time you are removing the coil from the circuitry (during experiments). If 
you fail to do so, the oscillation in the circuitry will occur, and loud hum will be heard from 
the loudspeaker. 


* Since FETs have very different characteristics compared to each other, it might be 
necessary to change the value of R1 resistor. The simplest way to do it is to place a 50 
kOhm variable resistor instead, tune the receiver to some radio station and then achieve the 
best possible reception by moving the slider. The resistor is then removed from the circuit, 
its resistance measured, and the (fixed value) resistor of similar resistivity soldered in the 
circuit. The same goes for R2. 


* The filter (R3 and C7) used to suppress the remains of the signal carrier affects the colour 
of the tone of the LF signal. If you wish more bass tones you should increase the C7 
capacitance. Similarly, if you wish more high pitch tones, C7 should then be decreased. 


* The receiver will not start operating the very same moment the switch S is engaged. That 
is due to a fact that the FET doesn’t work under small supply voltages. Its supply voltage is 
the one on the C5 capacitor and the detector won't work until C5 doesn’t fill. This is being 
achieved through R4. Since this resistance is quite big and so is the capacitance of C5, the 
filling time is rather long. If, however, you just need the receiver that will have a “late 





start”, you should be increasing the capacitance and the resistance until reaching the 
desired delay time. 


* This receiver works well also with the ferrite antenna. On Pic.3.27-a you can see the 
symbol for it, and on Pic.3.27-b its shape and dimensions are given. The simplest thing to 
do isusing the antenna from an old pocket radio, probably the same one you took the 
variable capacitor from. During the dismount, you should by no means cut the coil ends or 
shorten them later. Instead, you should carefully un-solder and unhook them from the PCB 
(the coil is made of the “litz wire”, consisting of a dozen very thin lacquer - isolated copper 
wires, wrapped together with the thread. If you cut this cable, you will find very hard to re- 
solder it, since it is difficult to remove the lacquer from all the wires without damaging 
(some of) them). Such an antenna, as seen on picture, has four ends. We shall be using the 
coil L, therefore only significant ends for us are those marked as 1 and 2. The end No.1 is 
easy to identify, it is the single one, which is not the case with the end No.2. To detect it in 
the group of three you will need an ohm-meter of some other conductivity tester, which you 
should connect to the end No.1, and then search for No.2 by touching those 3 remaining 
ends. 
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Pic.3.27. The Ferrite Antenna: 2a- symbol Db appearance 


In the lower right corner of Pic.3.27-b you can see means of attachment of such an antenna 
to the PCB. The envelope being shown is made of carton. It is wrapped around the ferrite 
core, and then glued to it. The screw is mounted through the hole and the antenna is then 
attached to the PCB. Instead of screw and nut, the antenna can also be glued onto the 
board. If the ferrite rod is longer than 6 cm, the envelopes should be mounted on both rod 
ends. 


* C6 is the block-type capacitor that (together with R4) prevents the receiver from working 
in an unstable regime. If such a thing occurs, its capacitance should be increased. If that 
doesn’t help either, or if the detector is working improperly, you should try increasing R1 


and R4. 


* With this receiver the reception of the SW band stations can also be achieved. All that is 
to be done is making a new coil. For these purposes we utilized a piece of carton cylinder 
already used for building our coil L (described in previous projects). On it, we bended tightly 
6 bends of 0.6 mm copper wire. The wire diameter isn’t critical, practically any can be used. 
This coil is shown on Pic.3.28-a, together with attachment plates. This coil should replace 
the coil L, as seen on Pic.3.25. With 6 m long antenna and the antenna capacitor Ci=12 pF, 
the reception bandwidth should be app. from fd=7 MHz till fg=10 MHz. This can be changed 
by changing the number of bends on the coil and /or C1 capacitance. I such a way you can 
“take a peek” what’s happening in the civil area, what are the radio - amateurs doing, some 
professional links etc. You can even make a multiple - legged coil, such as on Pic.3.28-b 
(number of bends isn’t critical, it may be useful trying out some other values, too), and to 
be able to choose SW1, SW2, SW3 with a selector switch. Please do have in mind that the 
reception quality of the SW stations isn’t the same during the day. It is good in the 
afternoon hours, during the night and in the morning, the weakest reception quality is 
around noon. But, that isn’t all. It also depends on the season, solar activity etc. Anyway, 
you should see it for yourself. 

There’s also a possibility of receiving professional stations working on considerably higher 
frequencies. The coil, which is then also an antenna, is given on Pic.3.28-c. It is made of 
stronger, thicker wire or an metal band, being circularly shaped and then attached to the 
wooden plate with two screws. With same screws cables connecting the antenna with the 
variable capacitor C are affixed. The antenna diameter varies from couple of cm till few 
dozens cm, the real value being found by experiments. It is a directive antenna, which 
means that the amount of voltage being induced in it depends also upon the direction where 
the waves are coming from. This gives you the opportunity of achieving the optimum 
reception of the desired station and simultaneous suppression of others by rotating the 
antenna. Similar antennas are used in radio - location (searching for whereabouts of an 
unknown radio transmitter). 
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Pic.3.282a-SW band coll; b- Inputcircut with 3 SW bands; c- Coll for VHF & UHF bands 


3.9-a Reaction - type Receiver 


In the previous project, in the context of Pic.3.26, we have seen how important it its for an oscillatory circuit of 
the receiver to have as big Q- factor as possible. The bigger it is, the receiver gets more selective, i.e. capable 
to separate the signal of the station the oscillatory circuit is tuned at from the multitude of signals in the 
reception antenna, at the same time suppressing other signals. There is yet another important thing to be 
emphasized: the voltage in the oscillatory circuit is Q times bigger than the voltage that is being led to it from 
the antenna. If Q=95 and the voltage in the antenna is, say, 1 mV, the voltage exiting the circuit is then 95 mV. 
It is then clear that the Q- factor should be as big as possible. Some improvements can be made by using the 
silver - coated wire instead of the plain copper one, of using ceramic material for the coil body instead of carton 
etc. These improvements, however, are not significant. The solution for this was, eventually, found: It was the 
process known as the “regeneration”, many scientists had been working on it simultaneously, A. Meissner being 
one of the more important ones. The complete process was patented in 1913 by the American radio - pioneer 
Edwin H. Armstrong, two months before his 23rd. Birthday. He discovered that the Q- factor could be extremely 
increased (even by couple of tens of times), if the signal from the inlet circuit would be amplified with the triode 
and then the small part of this amplified voltage adequately returned into the inlet circuit. The radio station 
signal could therefore be amplified to much greater extent, and the reception of very far stations became 
possible, the thing that wasn’t even thought of, until then. From an average listener’s point of view, the main 
mishap of this regenerative, or, here better known as reactive, receiver was the fact that optimal tuning 
required somewhat more skill and basic knowledge of the working principles. Much easier tuning was that of the 
superheterodyne receiver (invented also by Armstrong), which was reduced to turning only one reel, and it 
contributed, to a great extent, to its final victory. The battle between the two concepts lasted for almost half a 
century, but the reactive receiver did not retreat itself completely. Even nowadays an electrical diagram of some 
younger and more modern brother, or rather a grand-grandson of once famous reactive receiver, appears in 
some popular electronics magazine. One such diagram, where the triode is replaced by a MOSFET, is given on 
Pic.3.29-a. 

Radio engineering enthusiasts know that, as soon as the signal from the input circuit is led on the gate (G1) and 
that the source (S) isn’t connected to the ground but to the coil leg (point No.3), they have a diagram of the 
Hartley’s oscillator in front of them and that connecting the source to the leg No.3, the so-called positive 
feedback (positive reaction)is achieved. But, the abovementioned labourers also know that the oscillator shall 
oscillate only if the leg No.3 is made on the right spot, and the P1, TP1 and TP2 variable resistors are set on the 
right values. Let us imagine that everything is OK: the coil leg is right where it should be, the slider of the 
variable resistor P1 is in the middle of the range, and trimmers TP1 and TP2 are set in such a manner that the 
oscillator is really oscillating. It behaves then as the generator, that creates the sinusoidally - shaped AC 
voltage, whose amplitude is a couple of volts. Theoretically speaking, the Q- factor is now infinitely big . All this 
shall produce a very strong whistling sound in the loudspeaker. The slider of P1 should now be carefully moved 
downwards. The transistor amplification is hereby reduced and the oscillating stops. The Q-factor is being 
reduced too, it is no longer infinite but is still very big. The receiver is now tuned on the desired station. If the 
station signal is weak, everything should be OK and the programme should be heard. The reception can then be 
made better, by carefully operating with P1’s slider. If the whistling emerges again, the slider should be moved 
backwards until it stops. If we come upon some stronger station the whistling will start immediately, in which 
case the slider P2 should be carefully moved downwards until it stops and the station programme is heard, loud 
and clear. As one may notice, every time this receiver is being attuned to optimal receipt the whistling is being 
heard for a short while. This is why it has been named “The Whistler”, here in Yugoslavia . 
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Pic. 3.29-2. Reactive Receiver with double - gate MOSFET. 


The amount of the reaction (feedback, regeneration) is controlled with P1 potentiometer, which sets the 
magnitude of DC voltage on the gate G2 of the MOSFET, changing therewith the amount of its amplification. The 
range of this control is being determined with TP1 trimmer, G2 is connected to the AC signal’s ground over C2 
simultaneously eliminating the noise coming from the potentiometer, and the FET is de-coupled from the supply 
line (and therefore all other stages of the device by the LF filter made of C3, C4 and R2. 

The receiver is being tuned as follows: Put the slider of P2 in mid position and later, after tuning, you can set 
the volume as you wish. Set the P2 at minimum resistance (slider full down), and P2 on maximum (slider full 
right), connect the antenna and close the switch S. Start moving the slider P1 upwards, the reaction gets 
stronger and stronger, and you can hear the typical hiss or some radio programme from the loudspeaker. Move 
the variable capacitor C and tune the receiver to various stations. If the whistling starts, put the slider P1 back 
down. 

Set the capacitor is minimum capacitance position (see Pic.3.7), put the slider Pi fully upwards and start 
carefully increasing the resistance TP2 until the whistling stops. Measure the TP2 and insert in the device the 
ordinary resistor of similar resistance. The TP1 trimmer should be set in such a way to have as big resistance as 
possible, keeping at the same time the reaction effective throughout the entire reception bandwidth of the 
receiver. 

* During every station change (with C), a maximum amount of reaction should be set (with P1). Move the slider 
upwards until the oscillating occurs, then put it back down a little. 

* While receiving very strong signal (local transmitter), an overload can occur. If that happens, you should 
insert a 1 MOhm potentiometer between the antenna (A) and the upper end of C1 capacitor; it should be 
connected as the rheostat (like TP1 and TP2), then you can set the optimum reception with slider. 

* SW - band stations can also be received with this device, with a different coil. In this case it would be very 
useful to add a trimmer capacitor in parallel to the variable capacitor, being marked as Ct on Pic.3.29-a. With it 
the so-called “range yielding” can be done (the initial, approximate setting is done with C, and fine tuning 
between closely placed stations with Ct). It should be mounted on the front panel, as close to C as possible. 
Another type of capacitor can be used as Ct, see more about it in the Appendix. The SSB (Single Side Band) 
technique transmissions are also being placed in the SW band area. These signals cannot be received with the 
earlier described receivers, but they can with this one. In that case the slider P1 should be moved a bit more 
upwards, so that oscillating can occur. The reception becomes clear, before that it was unrecognizable. 


* If the local radio station still corrupts the reception of other stations, you should insert the circuit that will 
suppress its signal. You can read more about it also in the Appendix. 


3.9-b Direct SW Receiver for AM, AM-SSB & CW Signals 


SSB stands for Single Side Band, which signifies the amplitude - modulated signal which gets its signal carrier 
and one sideband suppressed in the transmitter. Carrier suppressing gives huge savings in transmission power 
(the power necessary to accomplish the desired reach of the signal is significantly smaller than in the 
conventional - type transmitters), and cancellation of one sideband makes the signal have its spectrum two 
times narrower, allowing twice as many transmitters as usual to be placed into the same bandwidth. 

CW is for Continuous Wave, which determines the radio link where the Morse Code is being transmitted by 
cutting the oscillator work in the transmitter. 

SSB and CW signals are impossible to accomplish with the receivers that use the ordinary diode - type detector 
(earlier described AM receivers). The receipt can be done only by bringing another signal into the detector, the 
HF signal from the oscillator, known as the BFO (Beat Frequency Oscillator). Simpler solutions, however, do 
exist. These are the reaction - type receivers, i.e. receivers with positive feedback. 
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You have been able to see one of them in the previous project (3.29-a), and here we'll take a look at another 
one, which works so nice that we were sometimes having the impression it beats up much more sophisticated, 
modern supereterodyne receivers. Its electrical diagram is shown on Pic.3.29-b. 

The coil L and capacitors C and C1 form a parallel oscillatory circuit whose role is to separate and amplify the 
signal of the tuned station, and to suppress all others. It doesn’t entirely succeed in that, however. The reason 
for this is small Q- factor of the oscillatory circuit, being such because of big energy losses in the circuitry. There 
are many kinds (reasons) of these losses, but we can imagine in first approximation that there’s a resistor RG in 
the circuit which represents these losses, its resistance being such that the oscillating current transforms itself 
into heat dissipation energy on it, its amount being the sum of all the (actual) losses in the circuit. We could, 
furthermore, solve the problem of these losses if connecting serially to RG a resistor RG’, whose resistance 
would be negative and equal to the value of RG by its absolute value. The overall resistance would then be zero, 
there would be no energy losses and the Q- factor would become infinite. The oscillatory circuit would, together 
with the components that create this negative resistance, become an oscillator capable of receiving SSB and CW 


signals. 

We don’t really need an infinite Q- factor while receiving usual (conventional) AM RG by its absolute value. The 
resistances would not cancel each other completely, but the losses would be made very small, the Q- factor 
therefore becoming very big therefor increasing both the selectivity and sensitivity of the oscillatory circuit. 
Transistors Ti and T2 constitute, together with resistor R3, a two-stage amplifier with strong positive feedback 
that has a negative dynamic input resistance. This negative resistance is connected between the leg No.3 on the 
coil and the ground, therefore superimposing itself with the resistance representing losses of the circuit. The 
quantity of this negative resistance depends on the amount of the DC current flowing through the transistors, 
which is being regulated by altering the DC voltage on the right end of the R3 resistor (by moving the slider of 
the Pi potentiometer). 

The red LED D and the resistor R2 comprise a simple voltage stabilizer, obtaining 1.8 V of stabilized voltage on 
the P1. That means that the voltage on the right end of R3 shifts between 0 and 1.8 V while moving the slider of 
Pi. The current flowing through the transistors thereat also changes, causing the voltage on the left end of R3 
to vary between 0 and 0.6 V. 

The signal of the station is being led from the leg No.3 of the coil into the collector-type detector made of T3, 
R3, R4 and C4. That is an AM signal detector that performs both signal detection and its amplification. Its name 
is the Audion. The LF signal is then, from the collector of T3, over the coupling capacitor C5, being led onto the 
sound volume potentiometer P2 and the audio amplifier. For the latter any of the earlier described devices can 
be used. 

Tuning this receiver on the desired station requires both some knowledge and patience (that’s what finally 
“puried” this kind of receivers). Put the slider P1 in the upmost position. If strong whistling is heard that means 
the oscillating began. Move the slider carefully downwards until the oscillating stops. Then start slowly turning 
the rotor of the capacitor C until you come upon some station. If the whistling re-appears, move the slider of 
the potentiometer very little downwards, the whistling should stop and you should be able to hear the radio - 
station programme from the loudspeaker (loud and clear). For the next station tune yourself with C, then move 
the slider P1 upwards until the whistling appears, then put the slider back until it stops etc. All this may seem 
rather complex at first, but with a little practice and with two hands all will go quick and smooth. 

The abovementioned method is for the signal reception of ordinary, broadcast stations. If you wish to receive 
the SSB and CW signals you should move the Pi slider upwards until the oscillating is achieved, so that 
articulate speech (SSB) or Morse code signs (CW) can be heard from the loudspeaker. 

* The coil L is being made on the cylindrically - shaped body 6 mm in diameter, about 25 mm long. The plastic - 
made body taken from an old device is the best, like the one shown on Pic.5.14-b. The screw-shaped core 
allows the setup of the inductance, adjusting therewith the reception bandwidth of the device. If you cannot find 
such coil body, any plastic- or carton- made cylinder can be used instead. If you don’t have even that, then 
make yourself one. Cut the paper band to be 25 mm wide and about 150 mm long and reel it around the flat 
part of the 4 mm drill, adding every now and then some glue (UHU or similar). When the glue gets dry, remove 
the coil body off the drill. 
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Pic. 3.29-c. Spooting the call body 


The coil L has the total of 20 quirks of the lacquer - isolated copper wire, having 0.3 to 0.5 mm in diameter. A 
leg should be made on every fifth quirk. Latching of the wire ends (with small holes made in the coil body), as 


well as leg making (by making wire loops) can be done acc. to the instructions given with Pic.3.6. It can also be 
accomplished differently, as shown on Pic.3.29-b. First, 4 separate coils, each one made of 5 wire rings, are 
made side-by-side on the coil body. The starts and ends are fixed with scotch tape. The isolation is then 
removed from all coil ends, about 5 mm in length, after which they are tinned. On the PCB the legs are being 
soldered in pairs, the end of one coil with the beginning of the next (they are put together in the same hole on 
the PCB). For example, the end of the second and the beginning of the third coil should be connected on the 
same line where contact for the left end of C3 capacitor is, thus creating the leg No.3 of the coil. Putting two 
wires through one hole is not a very professional solution. The “real thing” are separate junctions, one for each 
wire, as shown on Pic.3.29-d-c. 


* The feedback may happen to be not big enough, causing that there’s no oscillating even when the P1 slider is 
in the rightmost position. In that case, leg No.2 of the coil should be used instead of No.3. Switching between 
the legs can be done in many ways, the nicest (?) one given on Pic.3.29-d, made with factory-made contact 
pins and jumpers. On Pic.3.29-d-c you can see a detail of the PCB for the receiver shown on Pic.3.29-b. In the 
contacts marked as x, y and z (distance between them is 1/10 inch) the contact pins are soldered. The jumper 
is in position marked with dashed line, therefore making contacts x and y short-circuited. When it is moved in 
vertical position, the x and z contacts are in junction. In former case the coil leg No.3 is used, and in the latter it 
is No.2. In factory-made devices, these 
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Pic.3.29¢-d. A- connector pin, Db pins with jumper, c- detail of the PCB from Pic.3.29¢b 


jumpers and contacts are used, together with appropriate connectors, to connect the PCB to the loudspeaker, 
power supply, variable capacitors, various switches etc. 


* Setting the collector-type detector circuit to optimum operation is done by changing the R3 resistance, until 
voltage on the collector of BC549C is 1.2 V. 


* The antenna can be a piece of copper wire no longer than 50 cm, but with longer (few metres), external 
antenna, the results will be much better. 


* This receiver is scheduled for the reception of SW stations from 6 MHz till 9 MHz, which is accomplished with 
C1 value of about 400 pF. The exact value for Ci is being determined experimentally and can be significantly 
different. Going down to the amateur range (about 3.75 MHz) is performed with bigger C1 capacitance. 


3.10. Miniature Receiver with ZN414 (ZN414Z) IC 


The receiver from Pic.3.25 can be made portable (without an external antenna) if ferrite 
antenna is used instead of the carton-body coil, right? Well, not exactly. The ferrite antenna 
is a directional - type antenna, meaning that it does matter where are the waves made by 
transmitter coming from. The voltage being induced in it under the effect of EM field is the 
biggest if the ferrite rod is in horizontal position, aimed in such a manner that its axis is 
perpendicular to the direction of spread of the waves (i.e. perpendicular to the direction 
towards the transmitter). If the rod is being turned (in horizontal plane), the voltage 
decreases and gets to minimum when the rod is turned for 90 degrees, i.e. When the rod 
axis is parallel to the direction pointing towards the transmitter. That means that when the 
receiver from Pic.3.25 (with the ferrite antenna) is tuned to some station, the reception can 
be additionally improved by simply rotating it. The directional feature of the antenna is 
useful here. This, however, can be bad if the receiver is used in motion, since the volume 
would be constantly changing, and the receiver should be constantly turned towards the 
transmitter. It would clearly prove itself useful to have an electronic circuit in the receiver 
that would be automatically changing the amplification of the receiver, in such a manner 
that it would be increased when the signal in the antenna weakens and vice versa. This 
would even be convenient in the stationary - type receivers, since it would provide the 
constant sound strength in the loudspeaker during the reception of signals of various power. 
Such circuit does exist in modern receivers, and is called the Automatic Amplification 
Regulation circuit (AAR). 

AAR circuit could be added to some of the receivers described in previous projects. The 
mishap is that electrical diagrams would then become significantly more complex, which 
would reflect itself both on the price and the realizability. The solution, however, does exist, 
and is rather simple: it’s the ZN414 IC, being promoted as an “AM Receiver”. Its block 
diagram is given on the Pic.3.30. The signal from the input 
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Pic.3.30. HF partofan AM radio receiver realized with the Z2n414 IC 
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Pic.3.37,. AM radio receiver with 2N414 ic 


circuit (with ferrite antenna) is led on pin 2 of the IC, which is the input of the amplifier (Z) 
that has very big input impedance (about 4 MOhms). This is very significant, since such 
amplifier does not load the oscillatory circuit and doesn’t reduce its Q- factor. The signal is 
then being amplified through 3-stage HF amplifier (HFA) and demodulated in the detector, 
thereby exiting the IC as an LF signal (music, speech...). In the right part of the Pic.3.30 
the pin description of the ZN414 is given. As you can see, it is placed in a housing usually 
used for small-power transistors, either plastic (on top, like BC547) or metal (bottom, like 
BC107). 

One end of the oscillatory circuit is connected to the ground over the C1 capacitor (for AC 
voltages), since input into the amplifier Z is between pin 2 and the ground, where the input 
signal is to be brought. 

The automatic amplification regulation (control) is achieved by returning the DC component 
of the detected signal from the output to the input of the IC, over the R1 resistor. This DC 
voltage is being created on R2 resistor. It is substantial for the correct operation of ZN414, 
its resistance must be such that DC voltage on the pin 1 (to the ground) when no station is 
being received, is equal to 0.9 V. While calculating the R2 one must have in mind that the 
idle current of the IC goes through it, its typical value being 0.3 mA, and maximum 0.5 mA 
(more data about ZN414 can be found in table on Pic.3.36). 


The electrical diagram of a small portable MW radio receiver, reproduction being done over 
the headphones, is given on Pic.3.31. The LF signal is led from the ZN414 output over the 
coupling capacitor C3 to simple amplifier made with BC547 transistor (or similar), which we 
discussed about before. This can even be done without the LF amplifier. If you have high- 
resistance headphones that are sensitive enough connect them between the right end of C3 
and the ground, and omit the transistor, R3 R4 and C4. 


The 1.5V battery is being used in this device, therefore the necessary 0.6V voltage drop is 
done with R2=1.5 kOhms. You should, just in case, connect first a 5 kKOhms trimmer instead 
of R2, put its slider in the mid position, turn on the receiver and set it on an empty place on 
the scale, where no signal can be heard. Connect the voltmeter between the pini and 
ground, and carefully move the slider until the instrument shows 0.9V. If you have no 
instrument, tune the receiver to some station and move the slider carefully until you reach 
an optimum receipt. Then turn the variable capacitor’s knob across the entire scale, to 


ensure that receiver is working well throughout the entire reception range. If everything is 
OK turn off the receiver, disconnect the trimmer, measure its resistance and solder an 
appropriate resistor on the PCB. While experimenting with R2 please have in mind that its 
resistance should be in any case no less than 600 Ohms. 


On Pic.3.32 the PCB, ferrite antenna and look of entire device are shown. 
If you plan to make a different PCB, since the device works on high frequencies, you have to 
obey certain rules in order to have a reliable and stable operation: 


a. The splitting capacitor C2 has to be mounted as close as possible to the pin 1 of the 
ZN414. Its capacitance affects both the amplification (which increases with increase of C2) 
and the limit frequency of the LF signal (which decreases with increase of C2), so the 
compromise has to be found. You may put for start C2=82 nF (or even 100 nF), and if the 
reproduction quality pleases you - everything is in order. You could try with smaller 
capacitance, the amplification will decrease but the reproduction will be better, etc. 


b. All the connections, especially those near the ZN414, must be kept as short as possible. 


c. The ferrite antenna and variable capacitor should be placed as far away from the battery, 
loudspeaker (if existing) and the cables connecting them to the PCB. 


d. The rotor (G- leg) of the variable capacitor must be connected with the junction of R1 

and Cl. 

Regarding the ferrite antenna, the best thing would be using some that is retrieved from 
some disused conventional receiver, more on this was told in the project No.3.8. If you can’t 
find one, or it is unsuitable for some reason, you can make it according to Pic.3.32-c. The 
length of the ferrite rod is 42 mm. If you have a longer rod, cut it down to size. This cannot 
be done with the saw, but a groove must be made with the rasp all around, after which the 
rod can be simply broken in two. The coil body is, again, made of paper tape that is spooled 
and glued onto the rod. Before you start with spooling, several pieces of 0.5 mm wire (3 on 
the picture) should be inserted between the rod and the paper. The coil has got 80 quirks of 
lacquer -isolated copper wire, its diameter being app. 0.2 mm. The beginning and the end of 
the coil are fixed with the scotch tape (the starting quirks are pressed on the coil body and 
fixed with several reels of 3 mm tape. The same is done with the ending ones). When the 
body is finished, the wires are removed. It is thus achieved that the coil body doesn’t lay 
firmly on the rod, which can now be moved side-to-side, changing thereby the inductance of 
the coil, so that its optimum value can be established. If you still decide not to use the 
ferrite antenna, you can use our coil from Pic.3.6. In that case, the leg should be kept “in 
air”, i.e. it is not used. 
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Pic.3.32. Practical implementation ofthe Radio Receiver from Pic. 3.34-a: a- PCB (soldering side), 
Bb PCB Fahponen side), c ferrite antenna making, d- complete device 


* The battery can be connected to the PCB with two pieces of wire that are soldered to it. 
This solution is fine if you are skilled in soldering and can easily un-solder the old battery 
and attach the new one. But if you intend to give the receiver to someone, and he/she is 
not a soldering-lover, you'll have to find another solution. The simplest thing to do is take 
the battery housing from an old receiver, do the necessary adjustments and connect it with 
the PCB with two pieces of flexible (litz) wire. If you cannot do the former, make two 
battery platforms of brass, as shown on Pic.3.33 and solder them on two copper areas on 
PCB that are big enough to support them. If you accept this solution, your PCB must be 
bigger (The additional part is shown in dashed line, on Pic.3.32-a). The board now also 
contains the holes for the screws, which are fixing it onto the device box. On the platform 
that supports negative (-) battery pole, a small spring can be attached, to provide a good 
contact. If you don’t have such a spring, bend the platforms inwards a little, to keep the 
battery firmly in place. 

If you are using a power source whose voltage is greater than 1.5 V, the R2 resistance 
should be increased. The exact value for it is best to find as previously described, by using 
the 50 kOhms trimmer. Even better solution is using one of the circuits from the Pic.3.34. 
Which one should it be? The one on the Pic.3.34-d gives the best operating performance. 


The setting is done with the TP trimmer. The slider is put in the lowest position, and then is 
slowly moved upwards until the voltage on the pin 1 doesn’t reach the level required. 


However, this circuit applies a big load onto the battery, surging from it the current I=(9V- 
3V)/6800hm=8.8 mA. 
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Pic.3.33. Battery mounting onthe PCB 
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Pic.3.34. Power supplying the 2N 414 from the SI battery: a- with the resistor divider, Db with a two-diode stabilizer, 
c- With the transistor voltage attenuator, & with the stabilizer with a transistor and the Zener- diode 


3.11. Pocket Receiver with ZN414 & LM386 IC’s 


The author was taking notes in his lab while testing the receivers being described herein, 
and used them later to write this book. One remark about the receiver whose electrical 
diagram is given on Pic.3.35 was: “Works EXCELLENT”. The reader will probably ask 
himself: Isn’t this the aforementioned “The Best Receiver’? No, it isn’t, just remember: DE 
GUSTIBUS... If, however, you consider it to be “The One”, please send your vote on E-mail: 
tesla@drenik.net; 

This device is very similar to the one being described in the previous project. The most 
important difference is that the LF signal exiting the ZN414 does not go to the transistor 
amplifier but to the power amplifier built around the LM386, which was used in some 
previous projects. Any other audio amplifier can be used instead, e.g. those on Pics. 3.15, 
3.21 and 3.22. 

With this receiver, special care should be taken regarding the voltage on pin No.1. As you 
did in previous project, put the potentiometer’s slider in mid-position, turn the receiver on 
and tune it to some station. Move the slider carefully, until you reach the optimum 
reception. Start changing the capacitance of the variable capacitor, covering its entire 
scope, to make sure that receiver works well in its entire operating range. If a problem 
occurs, re-position the slider again. When everything gets OK, turn the receiver off, 
disconnect the potentiometer, measure its resistance, and solder the resistor of such 
resistance on the board. The R2 resistance must be no less than 600 Ohms. 
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Pi¢.3.35, The AM Radio Receiver with 2N414 and L386 IC's 


3.12. Miniature Receiver with ZN415E (ZN416E) IC 


The ZN415 IC, being promoted as “The World’s smallest radio” by its manufacturer 
(FERRANTI), is an improved version of ZN414. As seen on the Pic.3.36-a (IC’s block 
diagram), the 8-pin DIL package contains ZN414 IC with R1 and R2 resistors, an amplifier 
with Ti transistor and the separation stage performed with T2 transistor. All the necessary 
resistors are comprised in the IC. Someone will, perhaps, wonder why there are no 
capacitors integrated inside, so that the externally mounted parts would then be only the 
battery and the headphones? The answer is fairly simple: It isn’t yet possible to make the 
capacitors that would have enough big capacitance, in the monolithic IC’s manufacturing 
process. Regardless of this “problem”, the receiver built around the ZN415 is, really, 
extremely simple. 

As described in project 3.10, the LF signal exits the ZN414. Through the coupling capacitor 
C3 it is led on the base of T1, and the amplified signal is obtained on its collector pin, and is 
taken directly on the base pin of T2. The remains of the HF signal are led to the ground over 
the C4 capacitor. The separation stage allows us to connect small - resistance (64 Ohms) 
headphones, which are mass - produced these days and are the easiest ones to obtain. 

The 1.5 V battery is used for the power supply of the circuit, and is being connected 
between the pins 6 and 4. Having in mind the previous experience gained with the ZN414 
IC, the author recommends to the readers to try improving the signal reception by adding 
the R2* resistor (helping themselves with linear 1-5 kOhms potentiometer), which is shown 
in dashed line on the picture. 

In the upper end of the Pic.3.37 the table with basic data about ZN415 circuit is given. All 
these apply on the ZN414 as well, except for the last line. The smaller table given below it 
contains the data about the DC voltages on the pins of the IC. If something is wrong, the 
first thing to do is check these voltages and if they are (approximately) as those given in 
the table, the IC is OK and the error is therefore to be searched in the printings, the 
contacts, junctions, etc. 

Everything that is said about the ferrite antenna in the previous projects applies here as 
well. 


The ZN415E (ZN 4142) features 
ZN415E 


cane [Parameter [rin [te [max] ont] 
Supply 
voltage 1/4 13] 16 Vv 
Current 4 
consumption (0,3) ma 
Frequency 
range 150 3000 kHz 


Input 

resistance 

HF power 

amplification 72 
LF ens 

amplification 18 


*Datain the parenthesis are for ZN414Z 








a The DC voltages on 
ZN415E pins 
dd. b. 
Pic. 3.36 Miniature AM receiver with ZN415E Ic Pi¢.3.37.2N... IC’s data 


3.13. AM Receiver with ZN415E & LM386 IC’s 


This FRT AM receiver combines the features of two magnificent IC’s, ZN416E (HF amplifier, 
detector and the pre-amplifier) and LM386 (audio power amplifier). Add a power supply 
based on 7809 voltage stabilizer IC, use a loudspeaker with membrane diameter being 
about 15 cm, put all this in one of the boxes described in the Appendix, and you will have a 
new and improved silicone - based model of an old - fashioned radio receiver, built 
somewhat less than 100 years ago. 

The electrical diagram of this device is given on Pic.3.38. The voltage reduction (and 
stabilization) from 9V to 1.5V, as needed by ZN415, is being done over the R2 resistor and 
Di and D2 diodes, although any circuit given on Pic.3.34 can be used instead. Universal - 
type diodes 1N4148 are used here, but any other low-power silicon diodes will do. With 250 
Ohms trimmer TP the fine - tuning of the voltage on the pin 6 is being done (the receiver is 
set to some station in the upper part of the reception bandwidth (app. 1500 kHz), and the 
slider of the TP is then used to obtain the optimum reception). After that, the receiver is 
switched off, the trimmer is disconnected, its resistance measured and an equivalent 
resistor soldered in the circuitry. On the PCB, this resistor is marked as R3. 





* See text 


Pi¢e.3.38. AM radioreceiverwithZN415& & LM386 


The PCB, component layout and connections with other parts of the device ar shown on 
Pic.3.39. If the receiver is made for the household use, you should certainly put it into some 
bigger box where bigger loudspeaker (~15 cm) can be installed. The ferrite antenna should 
be mounted on the rear or side panel, as far from the loudspeaker as possible. All the 
conductors, especially those that connect the capacitor to the board, should be as short as 
possible. The wires that connect the loudspeaker and the adapter to the PCB have to be 
firmly twisted, as shown on picture for the loudspeaker. The potentiometer is to be 
connected with the shielded microphone cable, if it is more then 10 cm away from the 
board. 
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Pi¢.339. Practical implementation of the receiver from Pic. 3.38: a- PCB (solder sice), 
Db PCB (component side), c- “Real” layout 


A connector for 64-Ohm headphones can also be mounted on the box. It is then connected 
to the PCB via a microphone cable, connecting its “live” end directly on pin No.5, and the 
shield wire to the closest ground. Headphones can also be used instead of loudspeaker, in 
which case such connector must be chosen, that will switch off the loudspeaker when 
headphones are plugged in. 

* Some more modern IC, other than LM386, can also be used in this device. The author 
recommends TDA7052A. Its main features are: 

. Extremely stable operation 

. Implemented output short-circuit protection 

. No cooler necessary 

. Small power consumption, IO=4 mA 

. No “clicking” during switching ON/OFF 

. Voltage amplification is 39 dB 

. Output power Piz=1.2 W (3x bigger than LM386) 

. The 220 mF capacitor isn’t needed if the power rectifier that has an electrolytic capacitor 
on its output is used, and the cables connecting it with the device are short. In that case the 
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amplifier is practically made without the external components, if we exclude the (inevitable) 
100 nF capacitor, which is in every way great advantage. 


To right end ofR 2” 
oto 


o 
4 
“J 
re) 
a 
ho 


a OV 





Na bottom 
end of C4 etc. 


Pic. 3.40. LF part of the receiver from pic. 3.38. 


3.14. Miniature receiver with ZN415E & TDA7052 IC’s 


The 9 V battery is not so popular nowadays as it used to be, probably for its quite big 
price/capacity ratio, so it is almost never used in the pocket-type receivers today. Much 
more frequently utilized these days are the cylindrically shaped 1.5 V AA type batteries. 
Electrical diagram of one pocket-type AM receiver that uses two of these for power supply is 
given on Pic.3.41. Two IC's, ZN415 and TDA7050 are being used in it. The DC supply 
voltage for TDA7050 must be exclusively 3 V, and should be no bigger than 4 V. The voltage 
being supplied from the batteries gets smaller during the use, but the IC operates properly 
as long as it doesn't drop below 1.6 V. Besides this nice feature, this IC has very small 
dimensions, very low idle current (4 mA), all the external components it requires are two 
capacitors (C8 and C9), which makes it ideal for usage in the mobile-type devices (radios, 
wakmans, etc.), the purpose that is originally designated to it by its manufacturer (Philips). 
* Caution must be expressed with the power supply, since this two-batteries power supply 
cannot be simply replaced with some common-type 3V adaptor. If you wish to use such 
adaptor, the pin 6 of ZN414 must be connected, over the R2 resistor and one of the circuits 
from Pic.3.35, to the pin 8 of the TDA7050, and the adaptor is then to be connected 
between the pin 8 and the ground. 

* The R2* resistor, shown in dashed line on the picture, should be added only if the receiver 
does not operate stable. Determining its exact value is explained in several previous 
projects. 

* The 64 Ohm headphones are connected onto the output of the ZN415 (between pin 5 and 
Gnd), or instead of the loudspeaker (in which case the reproduction can be much louder). 

* The PCB and components layout is shown on the Pic.3.42. Connecting other components 
is being done in the similar manner as in the previous project. In the left corner the 
batteries are shown, placed in some convenient holder taken from some old device. 
Between the plus pole of the left and the minus pole of the right battery the tin plate is 
inserted, with one of 3 cables connecting the supply to the PCB soldered to it. 
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Pic.3.42. The PCB forthe device from pic. 3.44 


3.15. Direct (TRF) FM Receivers 


Frequency modulation is used in radio broadcast in the bandwidth range from 88 MHz til 
108 MHz. This range is being marked as “FM” on the band scales of the radio receivers, and 
the devices that are able to receive such signals are called the FM receivers. 

Radio broadcast transmitters are using the amplitude modulation on LW, MW and SW 
bandwidths. According to international treaties, each of the transmitters has a 9 kHz wide 
broadcasting channel, therefore making maximum frequency of the information being 
transferred fNFmax=4.5 kHz, according to the characteristics of the AM signal. To put it 


more simple, the highest frequency of the sound that can be heard from the loudspeaker of 
an AM receiver is 4.5 kHz, all above it will be simply truncated in the circuitry. Considering 
the speech itself, this isn’t so important since the most important components are located 
below these 4.5 kHz (during the telephone transfer, all the components above 3.2 kHz are 
being cut, and nobody is complaining). Things stand different, however, for the transfer of 
music. Music has much more sound components, with their frequencies spreading up to 15 
kHz, so truncating them above 4.5 kHz does deteriorate the transmission quality. 

The radio-broadcast FM transmitter has a 250 kHz wide channel on its disposal, therefore 
allowing for the maximum frequency of the information (acc. to the characteristics of the FM 
signal) to be fNFmax=15 kHz. That means that music is being fully transferred and its 
quality is significantly better than in the case of the AM transfer. The FM transfer has some 
other advantages, perhaps the most significant of them being the possibility of eliminating 
various disturbances that are manifesting themselves as snapping, squeaking etc. The main 
disadvantage, however, is not the result of the frequency modulation itself, but rather of the 
fact that this method is being used on high frequencies, and that high-frequency 
electromagnetic waves behave themself as light, spreading themselves in straight line, not 
reflecting from the ionosphere etc. This is why obtaining this kind of radio-link requires 
optical visibility between the transmission and reception antennas, which is not the case for 
the links obtained on frequencies which are less than 40 MHz. In practical terms, it is 
possible to receive the SW signal from anywhere on Earth, whilst the range of an UHF link is 
limited to the horizon. Or, as Hamlet would say: “The quality or the range, that is the 
question!” 

Can we have it both, somehow? Yes we can, and it is already being done, over the satellite 
links, using the same equipment as for the TV signal receipt and an audio amplifier 
connected to the audio output of the satellite receiver. For now, in the earthly conditions, 
those that are interested in the worldwide news will make and use the AM receivers, and 
music lovers will stick to the FM’s. And what can those interested in both do? Well, they 
make AM-FM receivers :) 

The direct-type (TRF) FM receivers have never been produced, the industry started right 
away with the superheterodynes, made acc. to the block diagram on Pic.4.6, which will later 
be discussed. In amateur life, however, the direct FM receivers do exist, having very simple 
electronic diagrams and being easy to manufacture. These receivers have very strong 
positive feedback, making the intermittent oscillations in it, and are therefore being called 
the super-reaction receivers. 


3.15.1. The Simplest FM Receiver 


On Pic.3.43 you can se the electronic circuit of an extremely simple direct FM receiver. The 
T2 transistor together with the R1 resistor, the coil L the variable capacitor C and internal 
capacitances of the T1 transistor, comprises the so-called Kolpitz oscillator. The resonance 
frequency of this oscillator is being set by C to correspond to the one of the station that we 
wish to hear (meaning it has to be altered between 88 and 108 MHz). The signal, i.e. the 
information being used in the transmitter to perform the modulation, is extracted on the R1 
resistor, and being led from it to the high-resistance headphones, over the coupling 
capacitor Cl. 
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Pic. 3.43. The simplest Fil receiver 


* The capacitance of the variable capacitor should be able to change from a couple of pF 
(Cmin) to app. 20 pF. During the testing off this device, we were using the capacitor from 
Pic.3.8. The legs marked as FO and G were used, the G leg being connected to the ground. 
When all the trimmers from the circuit on the Pic.3.8 are set to minimum capacitance, the 
capacitance between the FO and G legs should be adjustable between 7 and 27 pF. 

* The coil L has 4 quirks of lacquer-isolated copper wire (CuL), bended to have a 4 mm 
internal diameter. The practical realization of this coil is explained in text connected with 
Pic.3.45. During the setup of the bandwidth, the inductance of the coil can be altered by 
changing the distance between the quirks. If the coil is stretched the inductance decreases, 
and vice versa. If this cannot give the desired results, new coil must be made. 

* The telescopic antenna taken from a disused device can be used. If you can’t find one, 
you obtain very good results with a piece of isolated copper wire, about 60 cm long (the 
optimum length to be found experimentally). 


3.15.2. The Simplest FM Receiver with Audio Amplifier 


The radio-broadcast FM transmitters operate with output power that is much smaller than 
that of the AM transmitters. That is why the LF signal coming from the device on Pic.3.43 is 
rather small, urging the use of very sensitive headphones. They are much more expensive 
than the “ordinary” ones, making it better to use the cheap headphones in connection with 
audio amplifier. One such solution where TDA7050 IC is used is given on the Pic.3.44. The 
R3 resistor and capacitors C5 and C6 are to be added only if the operation of the device is 
unstable. There optimum values are to be found experimentally, starting with those shown 
in the picture. 

For loudspeaker reproduction any of the previously described amplifiers can be used, e.g. 
that from Pic.3.21 (which we have been using, very successfully), or one of the devices 
described in P.E.4 and P.E.5. Since in these amplifiers a battery with voltage bigger than 3 
V is used, using of R3 and C5 is obligatory. The R3 is counted from the formula 


UY sar~3 1x0] 
0,235 


where UBAT is battery voltage, and 0.235 mA is the current through R1, that supplies T1 
and T2. E.g. if UBAT=9 V, it is then and the nearest existing resistor is used. 


Capacitors C5 and C6 comprise, together with R3, a pass-filter for very low frequencies, 
which is used to separate the HF and LF parts of the receiver. 


The battery itself acts as a short-circuit for the AC currents. But when it ages its resistance 
increases and there is no more short-circuit. That is why C3 and C4 are added, to 
accomplish it. 
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Pic.3.44. The simplest FM receiver with audio amplifier 


3.15.3. FM Receiver with one Transistor and Audio Amplifier 


Audio amplifier from pic.3.21. 


10p 





GS 
6-100 nF 





CoilL-5 quirks of CuLwire, d£0,9mm 


4.5mm 10 mm 


| fe 


HFC - 16 quirks of CuL wire d=0,6 mm 


Pic.3.45, FM radio receiver with audio amplifier 


We have made this receiver on the experimental plate, and it was playing for days in our 
lab. Its electronic diagram is given on Pic.3.46. Regretfully we had to disassemble it, since 
we needed the plate for one of the devices described later in this book. This, too, is a 
reaction-type receiver, where the BF256 transistor, coil L and capacitors C, C* and C2 form 
the Hartley oscillator. Its frequency is being adjusted by means of the variable capacitor C 
to be equal to the frequency of the station that we wish to listen to. The LF signal is being 
taken from the R1 resistor, and led into the audio amplifier. 


* The coil L is self-supporting (doesn't have the body), made of 5 quirks of CuL wire, its 
diameter being from 0.8 to 1 mm. It is spooled on some cylindrical object (pencil, pen etc., 
the best thing is the round part of a 9 mm drill), in one layer, quirks put tight to each other, 
as shown in the left, framed part of the picture. When the coil is finished, it is taken off the 
cylinder and stretched a little, so that the quirks do not touch each other. Its final length 
should be about 10 mm. The mid coil leg, which is to be connected to the left end of the C3 
capacitor, is made by taking off couple of millimetres of the lacquer from the wire, 
approximately in the middle of the coil. This place is then tinned and a piece of thin wire is 
soldered to it. The other end of this wire is soldered onto the PCB, on its place, to be 
connected to the left end of C2. 


* For the variable capacitor C the one from the Pic.3.8 (legs FO and G, G goes to Gnd). If 
you are using some other capacitor, that has bigger capacitance, and you cannot achieve 
the reception of the full FM bandwidth (88 til 108 MHz), try changing the value of the C*. Its 
capacitance is to be determined experimentally, usually being about a dozen pF. 
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Pic. 3.46. FM receivers with headphones 


* HFC is the high-frequency choke. Together with C2, it makes a filter that prevents the HF 
current to flow through the R1, simultaneously allowing for DC and LF current to go 
through. The muffler is, in fact, a coil that has 16 quirks of 0.6 mm CuL wire, spooled on a 
round part of a 3 mm drill. 


* This receiver works well even without the external antenna. It can, of course, be 
connected to it, as shown in dashed line. Instead of antenna, a 50 mm piece of wire can 
also be used. 


3.15.4. FM Receiver with (just) one Transistor 


On the left side of the Pic.3.46 you can see the diagram of another very simple FM receiver, 
that has only one transistor as the active element. That is, as one can see, the HF part of 
the receiver from Pic.3.45, where the reproduction is being accomplished over the high- 
resistance headphones. But, as previously noticed, they are pretty expensive, therefore 
making it better to use the "regular" headphones and a simple amplifier, as shown on the 
right side of the Pic.3.46. 


Chapter 4 Superheterodyne Radio Receivers 


.Superheterodyne AM Receivers 

.1. The Simplest AM Superheterodyne Receiver (worldwide) 
.2. The Fully (not exactly 100%) superheterodyne AM Receiver No.1 
.3. The Fully (not exactly 100%) superheterodyne AM Receiver No.2 
. Superheterodyne FM Receivers 

.1. FM Receiver with TDA7000 

.2. FM Receivers with TDA7088T 

.2.1. Miniature FM Receiver 


2.2. Stereophonic Receiver 
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As far as the professional manufacturers are concerned, the direct (TRF) receiver has 
"played out his tune”. After half-century struggle on the market, it has been replaced by the 


Headphones 


superheterodyne receiver, that was patented in 1918 by Edwin Armstrong. In that time, 
commercially speaking, its main advantage was its substantially easier tuning to the station. 
It requires only one button for this, comparing to the TRF receiver that needs two buttons to 
be intermittently adjusted for optimal reception, and also it requires much of the 
knowledge, skill and patience, which the average buyer does not have. The 
superheterodyne receiver is, however, also more complex than the TRF, and setting of its 
stages during its production requires some special instruments, that the average radio 
amateur does not possess. Nevertheless, it is not impossible to build such device in the 
amateur environment, and when the operating principles are known, the necessary 
adjustments can be done "by hearing". 


4.1. Superheterodyne AM Receivers 


On Pic.4.1 you can see the block diagram of a radio-broadcast superheterodyne receiver 
The input circuit (UK) refines the signal of the tuned station from all the voltages created in 
the antenna (A) by various radio transmitters and sources of disturbances. In our example, 
it's an AM signal that has the carrier frequency fs, and is modulated by a single tone, as 
seen in the rectangle above its label. This signal is being led into the stage called the mixer. 
Another voltage is also led into it, the voltage from the local oscillator that has the 
frequency of f0, and a constant amplitude. Under the effect of these two signals, the 
phenomenon called the outbreak takes place in the mixer, and an AM signal appears on its 
output, its frequency being fm=455kHz. This signal is called the inter-frequency (IF) signal, 
and its frequency fm the interfrequency. The IF signal has the same envelope as the station 
signal entering the mixer. That means, that the information from the transmitter to the 
mixer is carried by the signal frequency fs, and in the mixer it is being assumed by a new 
carrier, that has the frequency fm. When transferring to another station, the user changes 
the capacitance of the variable capacitor C by turning the knob, setting up the resonance 
frequency of the input circuit to be equal to that station's one. Another variable capacitor, 
Co, is located on the same shaft as C, so its capacitance changes simultaneously to that of 
C. This capacitor is located in the local oscillator and that is how it gets the new oscillating 
frequency, having such value that the difference of the oscillator and station frequencies is 
again equal to the inter-frequency value. 

Here's one numerical example. The interfrequency is being adopted by the constructor of 
the device, and it is mostly fm=455 kHz. When the receiver is set to the station that has the 
frequency of fm=684 kHz, the frequency of the local oscillator shall be fFO=1139 kHz, 
therefore making there difference be 

1139 kHz-684 kHz=455 kHz=fm. 

When tuning to a station that operates on the frequency of f$=1008 kHz, the listener will 
change the capacitances of the two capacitors until the resonant frequency of the input 
circuit becomes fS=1008 kHz, and the oscillator frequency fO=1463 kHz, therefore yielding 
1463 kHz-1008 kHz=455 kHz=fm. 

If the receiver has more wavebands (LW, MW, SW1, SW2...) it is being constructed to have 
the same inter-frequency value for all of them. 

What do we gain with this change of the carrier frequency? So far we haven't mentioned 
one very important thing, that is that the input circuit can never be selective enough, to 
extrapolate only the signal of the tuned station, from all the signals that exist in the 
antenna. On the output of this circuit, besides the station signal, also signals of strong and 
local transmitters are obtained, especially the signals from the neighbouring channels (their 
frequency being very close to the one of the tuned station). All these signals are receiving 
new signal carriers in the mixing stage, with their frequencies deviating fm as much as their 
carrying frequencies differ from fS. E.g., if the input circuit is set on the station whose 
frequency is 1008 kHz, another two signals from the neighbouring channels can also 
emerge on its exit. 
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Pic.4.1. Block diagram of 2 superheterodyne AM receiver 


Their frequencies would be 999 kHz and 1017 kHz. The ordinary TRF receiver would in this 
case be totally incapable of suppressing those signals, which is not the case with the 
superheterodyne receiver. These 3 signals are entering the mixer, which gets the 1463 kHz 
voltage from the oscillator. The outbreak occurs, and 3 AM signals are exiting the stage, 
their frequencies being 455 kHz, 464 kHz and 446 kHz. All 3 signals go to the IF amplifier 
(MFP), which has several amplifying stages with oscillatory circuits set to 455 kHz, making it 
very selective, so it amplifies only the 455 kHz signal and suppresses the others enough not 
to disturb the reception. 

the signal exiting the IF amplifier is led onto the detector (Det.), the LF voltage amplifier 
(NFP) and the output stage (IS), the circuits we spoke about in the previous projects. 

The ARP signifies the circuit that turns back the DC component of the detected signal into 
the IF amplifier, to obtain the automatic amplification regulation. 

Above every block on the picture you can see the signal shape exiting that block, as seen on 
the oscilloscope, in case the modulation in the transmitter is done by the single, 
sinusoidally-shaped tone. The upper part of the picture contains the average voltage 
amplifications for each block, for the mass-production devices. Total voltage amplification, 
which is the ratio of the voltage on the loudspeaker to the voltage in the antenna is 
A=750000. The amplification in decibels is therefore: A(dB)=20logA=117.5 


4.1.1. The Simplest Superheterodyne AM Receiver 


The author presumes that most of the readers, especially those just entering the world of 
radio with this book, are somewhat scared by the block diagram from Pic.4.1. Their question 
probably is: Can an amateur build such a receiver? Yes, he can. The author has a friend that 
succeeded in this some 40 years ago, when all had been done with the electronic tubes, 
making the practical realization of a receiver much harder than it is today, with 
semiconductors (its radio amateur call sign is YT1FA, and those who doubt it may contact 
him). However, he was doing this in the premises of YU1EXY Radio Club, in the attic of the 
Electrotechnical Faculty in Belgrade, using the club (more less trophy) instruments and, 
more important, he had help of Sasa Piosijan, Radivoje Karakasevic and Kiro Stojcevski, 


who knew all about the radios, especially Sasa. 

The main problem in making a superheterodyne device is not the circuitry complexity but its 
setup, which requires lot of practical experience and some special instruments, that our 
readers probably don't possess. But they are much better than the TRF receivers, both 
regarding the sensitivity and selectivity, so we made simpler devices that are simple to set, 
with no instruments necessary than your ears. They are realized around the NE612 IC, 
whose pin description, block diagram and main features are given on Pics.4.2-a & b. 

This IC comprises the critical stages of an AM superheterodyne receiver, the mixer and local 
oscillator. the station signal is led either on pin 1 or on pin 2 (or on both of them, in case of 
symmetrical coupling with the previous stage), and the IF signal is obtained on the pin 4 or 
5 (or on both of them, in case of symmetrical coupling with the next stage). An oscillatory 
circuit, that determines the frequency of the local oscillator and the positive feedback circuit 
are connected between the pins No.6 and 7. Pin 3 is connected to Gnd, i.e. the minus pole 
of the DC supply voltage. Pin 8 receives a positive DC supply voltage which can, acc. to the 
table given on Pic.4.2, vary between 4.5 V to 8 V. The value of this voltage is not critical, 
but it is extremely important for normal operation of the receiver that this voltage is stable, 
therefore urging for it to be separately stabilized (with special care), as seen in some 
projects in this chapter and in the Appendix, that involve the NE612. 

In the text that follows 3 simple superheterodyne receivers made with NE612 will be 
described. 


NE612 IC Characteristics (NEG02, SA612, SAGO2) 
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Pic.4.2. The simplest superheterodyne AM receiver: 2-pin Jjayout and bloc k diagram 
of the NE612, DIC technical data, c-electronic diagram of the receiver 


More will be discussed in the chapter dedicated to NE612 IC, and the reader should pick one 
of these, or make the receiver that suits him best by combining these diagrams with earlier 
described HF amplifiers and input circuits. 

The electronic diagram of the simplest superheterodyne AM receiver in the world, with 
reproduction over the loudspeaker, is shown on Pic.4.2-c. The device has got only one 
oscillatory circuit in the IF amplifier (being marked as MFT), whose frequency does not need 
to be set to some specific value (meaning the receiver will work OK even if its frequency is 
bigger or smaller than standard 455 kHz). Further simplification was done by omitting the 


input circuit, therefore avoiding the problems with quite complex adjustments between the 
input circuit and the local oscillator. All these simplifications do have their price: this device 
is less sensitive and selective than the complete superheterodyne, and is also more prone to 
disturbances. Even so, it has better both the selectivity and sensitivity than the TRF. 

Signals of all the stations are being led directly from the antenna onto the pin no.1, i.e. the 
mixer. On the other hand, the mixer also receives the HF voltage from the local oscillator, 
whose frequency is equal to the resonance frequency of the parallel oscillatory circuit made 
of CO, CtO, and LO. This frequency, if neglecting the parasite capacitances, is: 


1 


fo 2afZ,(C, +C,,) 


On the mixer exit the signals from all the stations are obtained, but now they have new 
carrier frequencies, that are equal to the difference of the oscillator frequency and their 
original one. Nevertheless, only one of these signals will have the frequency that is equal to 
the resonance frequency of the MFT, and it will be the only one to appear on the ends of 
this oscillatory circuit. Here's a numerical example. 


Let us assume that we have (only) 3 MW signals in the antenna, having the frequencies of 
fS1=711 kHz (Nis), fS2=855 kHz (Bucharest) and fS3=1008 kHz (Belgrade 2). The IF 
transformer frequency could be fm=455 kHz. If we set the frequency of our oscillator on 
fm=1166 kHz (with CO), the following signals, modulated by the radio stations' programs, 
will exit the mixer: 


fmi=f0-fS1=1166-711=455 kHz, 
fm2=f0-fS2=1166-855=311 kHz and 
fm3=f0-fS3=1166-1008=158 kHz. 


Since the oscillatory circuit on the mixer exit (MFT) is set to 455 kHz, we will have Radio 
Nis's signal from it, others will be suppressed. If we wish to hear Bucharest, the oscillator 
frequency should be set to 1310 kHz, and for Belgrade 2 1463 kHz. Of course that the 
listener doesn't need to know all these frequencies, he will just turn the knob of CO until 
hearing the desired station's broadcast. 

The IF signal is led from the pin 3 to the detector with AA121 diode. The LF signal is taken 
from the R1 resistor and over the capacitor C4 it is led to the volume potentiometer P and 
the audio amplifier. 


* the MFT is also being called the inter-frequency transformer. It is a special type 
component that is hard to find in the ordinary electronic shops, therefore the radio 
amateurs are usually obtaining them from disused factory-made devices. The IF transformer 
is shown on Pics.4.3-a,b,c & d. As you can see it on 4.3-a, the MFT is, in fact, a parallel 
oscillatory circuit with a leg on its coil. The coil body has a ferrite core (symbolically shown 
with single upward straight dashed line) that can be moved (with screwdriver), which allows 
for the setting of the resonance frequency of the circuit, being mostly fm=455 kHz. The 
same body contains another coil, with less quirks in it. Together with the bigger one it 
comprises the HF transformer that takes the signal from the oscillatory circuit into the next 
stage of the receiver. Both the coil and the capacitor C are placed in the square-shaped 
metal housing that measures 10x10x11 mm (Pic.4.3-b). From the bottom side of the 


housing you can see 5 pins emerging from the plastic stopper, that link the MFT to the PCB, 
being connected inside the MFT as on Pic.4.3-a. Besides them, there are also two noses 
located on the bottom side, that are to be soldered and connected with the device ground. 
Japanese MFT's have the capacitor C placed in the cavity of the plastic stopper, as shown on 
Pic.4.3-c. The part of the core that can be moved with the screwdriver can be seen through 
the eye on the top side of the housing, Pic.4.3-d. This part is coloured in order to distinguish 
the MFT's between themselves, since there are usually at least 3 of them in an AM receiver. 
The colours are white, yellow and black (the coil of the local oscillator is also being placed in 
such housing, but is being painted in red, to distinguish it from the MFT). 

Un-soldering the MFT isn't that simple and is to be performed very carefully. The iron is not 
to be kept leaned too long on the pins, since there's danger of melting the plastic stopper. 
All the tin from the pins and noses has to be removed first, by the aid of the iron and the 
vacuum pump (or a piece of wire stripped from the antenna coaxial cable). You can then 
safely remove the MFT from its original PCB. 


* Pics.4.3-a, b, c & d almost fully apply for the oscillator coil as well (LO). The only 
difference is that LO doesn't have the capacitor C. looking from the outside, LO and MFT can 
be distinguished only by the marking colour, until they're lifted from the PCB. 
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LO's have red colour, while MFT's (IFT’s) are white, black or yellow. During the PCB design, 
absolute care must be taken that pins 1 & 4, as well as 2 & 3, do not permute. If that would 








happen, the feedback would be negative (instead of positive) and the oscillator wouldn't 
function. However, if you conclude during the design phase that it would be more 
convenient to connect pin 4 to Gnd (instead of pin 1), do have in mind that it can be done 
only if you connect also pin 2 to Gnd (instead of pin 3). 


* Fine tuning (if necessary) of the LO's and MFT's inductance values is done by adjusting 
the position of the ferrite core with screwdriver. 


* With CO and CtO, variable capacitor and the trimmer capacitor in the oscillator are 
labelled. Acc. to Pic.4.3-e & f, which shows the capacitor we spoke about in the connection 
with Pic.3.7, the abovementioned capacitors are connected with the circuitry over the legs O 
and G (Ca and Cta are not used), with G connected to Gnd. 


* The receiver from Pic.4.2 can be utilized for the reception of AM stations in the SW 
waveband. All there is to be done is to make a new oscillator coil, acc. to Pic.4.3-g & h. It is 
being made of 0.4 mm CuL wire (a thicker one can also be used), on the 32 mm diam. 
carton body, the same one used for making coils on Pics.3.6 & 3.28. Number of quirks on 
the picture is 9, but other combinations should also be tried, say, 12 quirks, or somewhat 
less than 9. The feedback coil has 3 quirks and is spooled along the oscillator coil (as shown 
on picture), or over it. If you have already accomplished the reception of SW stations with 
some of the previously described TRF devices, you will be surprised with much bigger 
selectivity of the receiver from Pic.4.2. in the evening hours you'll be able to perform the 
receipt of huge number of stations on the radio-broadcast, professional and amateur 
wavebands. 

For the reception of SW stations smaller capacitances for C1 should also be tested, say, 
C1=33 pF and similar, since it affects the oscillator frequency. 


* In the previous numerical example we saw that tuning is done by setting up the frequency 
of the local oscillator and that fm=455 kHz, Radio Nis will be heard when the oscillator 
frequency is fO=1166 kHz. The story is not over, though: What will happen if there is a 
station that operates on 1621 kHz? Mixing its signal with the voltage from the local 
oscillator the modified signal is made, its frequency being 

1621 kHz-1166 kHz=455 kHz. 

We now have two signals on the MFT. They both have the same carrier frequency (455 
kHz), one of them is program of Radio Nis, and the other comprehends the program of the 
station transmitting on 1621 kHz. Both of them are being heard in the loudspeaker, the 
interference occurs. Speaking in expert language, the obstruction because of the 
symmetrical station occurred. That is a station whose frequency fSS iz greater than fm for 
the value of the oscillator frequency: 

fSS=fO+fm 

Suppressing the symmetrical station signal must be done before the mixing stage. In the 
radio-broadcast receivers this is being done over the input circuit, and in the professional 
devices, by input circuitry and the HF amplifier. If you have experienced disturbances while 
using the receiver from Pic.4.2 (mixing of stations or, more common, whistling or squeaking 
tone) try changing the MFT's oscillation frequency (by turning the ferrite coil), then re-tune 
the receiver. 


* If the receiver from Pic.4.2 is power-supplied from the battery (or adaptor) whose voltage 
is over 6 V, a voltage stabilizer should be inserted in the plus (+) line of the power supply 
for NE612, as it was done with the receivers on Pics. 4.4, 5.7 and 5.9. 

If you cannot receive the signal of some station transmitting on 1500 kHz, not even with the 
capacitor CO knob in the rightmost position, start reducing the CtO capacitance (turning the 
trimmer with screwdriver) until you hear the signal. similarly, if you can't hear some station 
you're fond of, that transmits on 500 kHz (e.g. Radio Budapest), try increasing the LO 
inductance (by turning the core towards inside with screwdriver). If this doesn't succeed, 
change a little the MFT frequency, then try again. 


* The reception can be significantly improved if input circuit (UK) is added to the receiver. 
In order to avoid problems with attuning the UK and the LO, the UK with special variable 
capacitor can be used, as on Pic.4.3-i. It is "our" capacitor from Pic.3.7, with all the 
capacitors connected in parallel, and "our" coil from Pic.3.6. Station tuning is now being 
done with two buttons, which isn't "a job for everyone". The receiver is first roughly tuned 
to the station using these two buttons, and then the optimum reception is carefully 
searched. 


* If you omit the amplifier with 386 IC on the Pic.4.2, and connect high-resistance 
headphones instead of Ri, it is the truly the simplest superheterodyne receiver in the world. 


4.1.2. The Fully (not exactly 100%) Superheterodyne AM Receiver No.1 


Its electrical diagram is given on Pic.4.4. It is easily being noticed that this is the receiver 
from Pic.4.2 with inter-frequency (IF) amplifier with ZN415E added. 

By adding ZN415 IC multiple enhancements are performed. Thanks to its huge input 
resistance, the MFT's oscillatory circuit is not choked, resulting in better selectivity. The 
sensitivity of the device is extremely increased since this IC has big amplification and the 
AAR (automatic amplification regulation) is also accomplished, making the usage of this 
device easier and more comfortable. 

* It is very important to obtain the necessary value of the DC voltage in pin 6 of the ZN415 
for its proper operation. Acc. to the table on Pic.3.36 it has to be about 1.3 V, and its 
setting is done via the TP1 trimmer. The receiver is set to some weaker station, the sound 
volume is made very low with potentiometer P, and the slider of the TP1 is carefully moved 
until the best reception is made. If that doesn't work, one should try changing the value of 
R5 resistor; this is to be done also if the supply voltage being used is other than 12 V. In 
case of voltage on the pin being much bigger than 1.3 V, and cannot be reduced on the 
trimmer, short-circuit one of the diodes. 

* The voltage stabilizer with 78L06 isn't needed if the receiver is supplied from the 6 V 
battery. 

* The receiver from Pic.4.2 needs input circuit to be 100% complete. That can be an 
independent input circuit from Pic.4.3-i, or input circuit and the HF amplifier that are 
described in the Appendix (Pic.5.10). If the former circuit is used, station tuning is being 
accomplished with 2 knobs, as explained in the previous chapter. 
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Pic.4.4. Superheterodyne AM receiver with NE612, 2N415E£ & LM386 
4.1.3. Fully (not exactly 100%) Superheterodyne AM Receiver No.2 


All the receivers we made with NE612 IC were tested in our lab, except the one from the 
previous project, since we didn't have ZN415 "with us". We found, however, a ZN414 IC, so 
we tested the receiver from Pic.4.5 with it. The receiver was working great, from the 
amateur's point of view. He played us for long time, until we didn't require the board to test 
one of the receivers from previous projects afterwards, when we regretfully had to 
disassemble it. 

* The diagram is very similar to that on Pic.4.4, so most of the things said about that 
receivers stands for this one, too. 

* DC voltage setting on pin 1 of ZN414 is done with the trimmer TP. Its slider is put in mid 
position, the receiver is tuned to some weaker station close to the upper bound of the 
bandwidth. While making the reproduction very quiet (slider of P as low as possible), the 
trimmer slider is moved until reaching optimum reception. After that the trimmer is 
disconnected, its resistance measured and the ordinary resistor of similar value is put into 
circuit. 

* The device operates nicely with the outside antenna made of a piece of wire measuring 
only half metres in length. 

* The reception would certainly become better if an input circuit would be added, which we 
spoke about in the previous project. 

* The receivers from pics. 4.4 and 4.5 can, with appropriate coils in the oscillator, 
accomplish the reception of AM stations from all the bandwidths from 70 kHz till 200 MHz. 


4.2. Superheterodyne FM Receivers 


The FM receivers being described in chapter 3.15 are the amateur solutions. These are 
extremely simple devices, that cannot perform the noiseless tuning, automatic oscillator 
frequency regulation and other features that ensure very high quality of the reproduction, 
being expected from an UHF FM receiver. The true solution is the superheterodyne FM 
receiver, whose block-diagram is given on Pic.4.6. 

Station signals are taken from the dipole antenna and led through the appropriate cable into 
the input circuit (UK). Inside it, the signal selection is performed, of station whose 
frequency is fS, this signal is then amplified in the HF amplifier and led into the mixer. As in 
the case of earlier described AM receiver, the inter-frequency signal is obtained at the mixer 
output, whose carrier frequency is fm=10.7 MHz (this is the standard value, used in all 
radio-broadcast FM receivers). The IF signal is being amplified in the IF amplifier and led on 
the amplitude limiter (Ogr.). In this stage the signal whose amplitude exceeds certain level 
is being cut off, accomplishing with this the elimination of the parasite amplitude 
modulation, which is performed by various noise sources during the transmission 
(atmospheric charges, various electrical devices etc.), which significantly improves the 
signal quality. The signal then goes to the FM signal detector, where the information being 
modulated in the transmitter is extrapolated from the signal, followed by the LF part of the 
receiver. With AFC the circuit that performs the automatic frequency regulation of the local 
oscillator is labelled. 
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Pic.4.6. Block diagram of the monophonic superheterodyne FIM receiver 


4.2.1. FM Receiver with TDA7000 


The face that FM receivers operate on pretty high frequencies makes their practical 
realization somewhat difficult, but most of the problems, as in many other amateur builds, 
originates from building the coils, except the self-bearing, small-inductance coils (without 
the coil body), which are easy to make, especially if there aren't many of them in the device 
and if no special instruments are required for setting up their proper inductance value. The 
coils used in this FM receiver are just like this, and there are only two of them, making the 
practical realization much easier. 

The basic data about the famous Philips' IC used in this project, TDA7000, are given in the 
following table. 


Supply Voltage 22,7710 
Current Consumption (U=45¥) [| 8 | mA | 
Frequency Bandwidth 14-100 


Hz 
(F signal on pin2 
Package - DIL-18 ;SOT102-1 ae ae 





Electronic diagram of the HF part of the device (from antenna to the LF output) built with 
TDA70OO0 is shown on Pic.4.7. As one can see, it is a simple device, made with relatively 
small number of components. The IC contains all the stages of the superheterodine 
receiver: the mixer, the oscillator, the IF amplifier, the amplitude limiter, the FM detector 
and few others. More about them will be told in the next project which contains the 
description for a receiver with TDA7O88T IC, which is the improved version of TDA7000. 

The station signal is from the (telescopic) antenna led to the input circuit that consists of L2, 
C13, C12 and C14. It is a parallel oscillatory circuit damped with R3 resistor, which has the 


reception bandwidth from 88 MHz till 108 MHz (it admits all the UHF signals on the pin 13, 
and weakens te signals outside the reception bandwidth). Inside the IC the signals are led 
into the mixer, where they are being given new carrier frequencies. The IF amplifier then 
follows, amplifying only one of those signals, the one whose frequency is equal to the inter- 
frequency, followed by the limiter, the FM detector, mute circuit and LF pre-amplifier. The 
output from the last stage is on the pin 2 (R2 is the collector load of the last transistor in 
the LF pre-amplifier). The oscillatory circuit of the local oscillator (L1, Cp, Cs, C and C5) is 
connected between pins 5 and 6. 

Pic.4.8-a shows the PCB of the device from Pic.4.7, while Pic.4.8-b contains the component 
layout (on the PCB). The complete device can be seen on Pic.4.8-c. The variable capacitor 
from Pic.3.8 is used as the only variable capacitor here since the input circuit is aperiodic, 
the legs marked with FO and G. This capacitor serves us to tune the receiver to stations. In 
the LF part of the receiver, the amplifier made with LM386 from Pic.3.19 is utilized (the 
components left from the potentiometer are omitted). 

* L1 and L2 are the self-bearing coils (without the core). They have few quirks and are 
made of relatively thick wire, therefore they don’t need a body of any kind, that is why they 
are called “self-bearing”. Their appearance is shown on Pic.4.9, and the calculus for them is 
done acc. to the table from Pic.3.5. They both have 6 quirks of the CuL wire, 0.6 mm in 
diameter, being spooled on the flat part of the 3 mm drill. In order to be able to solder the 
coil onto the PCB, the couple of mm of isolation has to be removed from the wire ends with 
sharp knife, and they have to be tinned afterwards. There must be a small gap between the 
adjacent quirks. The inductance of the coil is set by its shrinking (the inductance increases) 
or stretching (the inductance decreases). Stretching can be nicely done by inserting the 
screwdriver between the quirks and then turning it along the coil. 

* The TDA7000 also contains the mute circuit (for noiseless tuning). It is being active when 
the S2 switch is open. Pocket-type receivers usually do not have S2 and R1 elements. 

* The part of the receiver that requires biggest care during build is the oscillatory circuit of 
the local oscillator, which is connected between the pins 5 and 6. When changing the 
capacitance of C, its resonance frequency must change from 88 MHz (C=Cmax) till 108 MHz 
(C=Cmin). If that cannot be accomplished (not all the stations can be heard) some 
experimenting is required with capacitances of Cp and Cs. For start, you should omit the Cp. 
If the problem persists, 





Teles copic antenna 


cl4 cl2 
220p 58 p 
cis 
=p 10k 


TDA/000 





3 ins 
(2,7 = 10¥) I. al 100n 27p 


Pic. 4.7. Fil radio receiver with TDA? 000 


GBS ORR yt. 
° ‘— 
ee Det 
Lez] 





To the loudspeaker 


To battery and switch 
(as on Pic.3.21-¢) 


Pic. 4.8 Practical realization ofthe receiver from Pic.4. 7: a-PCB, bcomponent layout, c-complete device 


capacitance of Cs should be reduced (to 15 pF, 10 pF etc.), or it should be short-circuited. 
You can also try compressing or stretching the Li coil, etc. The setup of the oscillatory 
circuit is completed when with C=Cmax some station that operates on app. 88 MHz can be 
heard, and with C=Cmin the one that works on 108 MHz. 

The input circuit setup (it is connected between pins 13 and 14), is performed by tuning the 
receiver to some mid-range station (about 98 MHz). Then, the best possible reception is 
searched, by changing capacitances C13 and C12 and inductance L2. 
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Pic.4.9. Coils for the receiver from Pic. 4. 7 





4.2.2. FM Receiver with TDA7088T IC 


The receiver described in the last project has two IC’s, one variable capacitor, two small 
coils and fairly small few other components, so it can be put into some small box, by 
carefully placing the components. Further miniaturization can be accomplished by using the 
SMD components. These are the resistors, capacitors, transistors, IC’s and other 
components, whose dimensions are significantly smaller than these of “classical” 
components. They are mounted on the copper side of the PCB, therefore it isn’t necessary 
to drill the holes on the board. TDA7088T is also an SMD component. Its drawing is shown 
on Pic.4.10. 

This IC is the successor of the famous TDA7000, i.e. it is an improved model of TDA7000, 
that allows to implement both monophonic and stereophonic FM receiver. The basic features 
of TDA7088T are given in the following table. 


Supply Vollage 
Consumption current (U.=4 5) 42-65 
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The electronic diagram of the HF part of the monophonic FM receiver made with TDA7088T 
IC is given on Pic.4.11. The IC contains all the parts of the classic superheterodyne 
receiver: the local oscillator, IF amplifier and FM detector, but also some other circuits that 
extend the possibilities and improve the features of this IC. 

As far as practical use is concerned, the most significant novelty is the auto-tuning circuitry. 
No variable capacitor is necessary for tuning, as it was in all the previous projects, the 
BB910 varicap diode is used instead. Its capacitance is being changed by varying the DC 
voltage supplied to its anode over the 5k6 resistor. This is how the tuning is performed: 
When the user press and releases the pushbutton marked with “RUN”, the positive voltage 
impulse is released to the S(et) input of the SEARCH TUNING circuit. The 100 nF capacitor 
then starts chargingl and the voltage on the pin 16 increases. This voltage is then 


transferred, over the 5k6, to the anode of the BB910, causing its capacitance to decrease, 
which increases the frequency of the local oscillator (VCO). The VCO voltage is led into the 
mixer (MIXER) which also receives, over pin 11, the signals of all the other FM stations. The 
mixer outputs the FM signals whose frequencies are equal to the differences of the oscillator 
and the original station frequency. The only signal that can reach the demodulator (FM 
detector) is the one whose carrier frequency is equal to the inter-frequency, i.e. fm=73 kHz 
(selectivity is being accomplished by two active filters whose components are the capacitors 
connected to pins 6, 7, 8, 9 and 10). Therefore, the oscillator frequency increases until it 
gets the condition fO-fS=73 kHz is accomplished. When this happens, the charging of the 
capacitor is halted by the command that is sent into the SEARCH TUNING circuit by two 
detectors (diode-blocks) located in the MUTE circuit. The AFC (Automatic Frequency Control) 
circuit now gets its role and prevents the voltage on pin 16 to be changed, until the RUN 
button is pushed again (this voltage can vary from 0 V til 1.8 V during the tuning). 

When the RESET button is pushed, the 100 nF capacitor is discharged, the voltage on pin 16 
drops down to zero, and the receiver is set to the low end of the reception bandwidth, i.e. 
88 MHz. 

Let us get back to the mixer. On its output, the 73 kHz FM signal is obtained, and it is 
modulated by the programme of the first station that is found after the RUN button is 
pushed. This signal then passes the active filters, gets amplified in the IF amplifier (IF 
LIMITER) and passed onto the input of the demodulator. By connecting the demodulator 
exit, over the LOOP FILTER, the adder (+) and resistor, to the VCO, the so-called FFL 
(Frequency Feedback Loop) circuit is accomplished, reducing the deviations of the signal 
being received from +75 kHz to £15 kHz. 

The LF (AF) signal is led from the demodulator, over the LOOP FILTER stage, the invertor (- 
1) and MUTE circuit onto the pin 2. The detectors (diode-blocks) control the operation of the 
MUTE circuit, preventing the LF (AF) signal to reach the output pin (2) until the tuning on 
the station that creates the signal in the antenna that is strong enough for quality reception 
is obtained. 
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Pic.4.47. TOA?088T: + block diagram, b-pin layout 


4.2.2.1 Mini FM Receiver 
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Pic.4.42 Electronic diagram of the monaphonic Fi radio receiver with electronic tuning 


The electronic diagram of the monophonic FM receiver made with TDA7088T is shown on 
Pic.4.12. If built with SMD components it can be placed in a matchbox, altogether with two 
button-type batteries. The operating principle of this device is given in the previous chapter. 
The only thing new is a very simple audio amplifier made with BC547 transistor, which is 
loaded by cheap 16-Ohm headphones. The telescopic antenna is used, as on Pic.4.8. 

Small mishap of this receiver is that it has no indication of station tuning. This problem can 
be solved by adding a small voltmeter in parallel to the BB909, whose scale is graduated in 
MHz, as described in the Appendix. This solution is not appropriate for the miniature 
receiver, since the voltmeter that has the scale that is big enough takes too much space. It 
is in this case better using a manual tuning instead of automatic. Such solution is given on 
Pic.4.13. 

The tuning is done via the variable capacitor C with numbers written on its button, similar to 
that on Pic.3.11. It is most simple to use numbers from 1 to 10. The variable capacitor is 
like the one on Pic.4.8. Some experimenting is to be done with capacitances of Cx and Cy, 
in order to cover the entire reception bandwidth, from 88 till 108 MHz. 
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Pic.4.{4 Electron diagram of the monaphonic FIV radio recever with TDA 7O88T and LV386 


The AFC (Automatic Frequency Control) of the local oscillator is accomplished with BA483 
diode, obtaining that station’s position on scale does not “walk” over the scale. 
The complete radio receiver should still have a loudspeaker. Electronic diagram of such 


receiver made with TDA7O88T is given on Pic.4.14. As one can see, that is a receiver from 
Pic.4.12 with an audio receiver made with LM386 IC. 

Maximum value of the DC supply voltage for the TDA7088T is 5V, therefore if using a 4.5 V 
battery the LM386 will work with reduced output power, the D2 diode and C15 capacitor 
should be omitted, and R4 should be short-circuited. 
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PinNo.g 


TDA 708 8T 


Pin No.1 


Pic.4.16 Postion of the TO4A7088T on 
the PCB 


If higher voltage battery is used, the voltage stabilizer, comprised by the aforementioned 
components, has to be activated. D2 is a Zener diode with 3 V Zener voltage. The optimum 
value of R4 is found experimentally: in order to make the power consumption as low as 
possible it should have the resistance as big as possible, while simultaneously keeping the 
voltage on Pin 4 about 3 V and the device working well within the entire reception 
bandwidth (One should start with, say, R4¢=1.5 kOhm, and if the receiver operates well 
bigger resistance should be tried out, and if not smaller one, until the optimum value is 
found). 


Pic.4.15. shows the PCB for the HF part of the receiver with TDA7088T, that is realized with 
ordinary components, instead of the SMD’s. Pic.4.15-a shows the board layout from the 
soldering (copper) side. All the components apart from TDA7O088T are mounted on the 
opposite side of the board, their pins are put through the holes and soldered through the 
holes. The TDA is soldered on the copper side, directly onto the copper contacts. That is 
why it is being drawn in dashed line on pic.4.15-b, where the board layout on the 
component side is given. 


* Pic.4.16-a shows 3x enlarged picture of the IC and the surrounding lines. The soldering 
procedure for SMD is as follows: 

A thin tin layer is applied on the copper contacts where IC legs are to be soldered to. The 
firs legs to be soldered are the diagonally opposite ones, in this case No.1 and 9. A small 
cushion-shaped amount of tin (not profuse) is applied on the contacts where these pins are 
to be soldered (pic.4.17-a). The IC is placed in its position, with all the pins properly laid. 
Pin No.1 is pressed against the tin pillow with a top of a bodkin, with iron head 
simultaneously touching both the tin and the pin end. The tin gets melted, and the pin lies 
down on its place with the aid of the bodkin, and gets soldered. 

It is now time to check out the positioning of the chip. If it needs to be corrected, the tin 
surrounding the pin No.1 is melted with iron tip and the chip position is quickly and carefully 
adjusted, in order not to overheat the pin. Soldering the pin No.9 is shown on Pic.4.17-b. 
First, the iron tip is simultaneously put on the top of the leg and the copper below it, so that 


both of them are heated. After app. half a second, the iron is slightly removed from the leg 
but remains on the copper contact. The tip of the tinol wire is then approached to touch the 
iron, the pin top and the copper contact at the same time. The wire gets melted and 
adheres to the copper and the pin, so it has to be constantly moved downwards. When 
enough tin is applied, the tinol wire is removed first, then the iron, and the pin No.9 is 
soldered. Once again you have to check whether all the pins are properly placed, and then 
they too are soldered as it was just described. The solders are OK if they look app. as on 
Pic.4.17-c. 
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Pic.4.47. Soering of the leg of TDA 70887: a-sokdering the leg No. 1, 
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* Pic.4.15-b contains the PCB component side layout. The pushbuttons we used here are 
Siemens, type BO2ZAMAP-2. The common housing contains, as one can see, two button 
switches, one of which is being used by this device. Any other pushbutton switches can also 
be used. In that case small modifications on the PCB lines would probably be necessary. The 
board is mounted fairly close to the box edge, so that the switch shafts are passing through 
the panel, and that the buttons can be mounted on the outside. The panel-mount switches 
can also be used, in which case they are connected to the board by wires (pic.4.15-e). 


* Any audio amplifier described so far can be used, e.g. the one with LM386, as on pic.4.8. 
* Instead of the antenna, a 20 cm piece of wire can also be utilized. 


4.2.2.2. Stereophonic Receiver Built with TDA7088T 


Stereophonic radio broadcast is performed in the ultra short waveband, from 88 MHz till 108 
MHz. All radio transmitters operating in this range are stereophonic, but their signal is 
designed so that monophonic receivers can also read it, performing the compatibility. The 
readers that wish to get acquainted in more details with the stereophonic broadcast basics 
can refer to the “Radio Receivers” textbook, for the IV grade of the Electrotechnical 
Highschool. 
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Making an introduction to this part, a operating principle of the stereophonic radio receiver 
shall be considered, its block diagram shown on pic.4.18. Comparing this diagram with the 
one of the monophonic receiver given on pic.4.6, one may notice that they are identical, up 
to the block called "The Decoder". It means that, as already described, exiting the FM 
detector the LF signal is obtained, i.e. the information that was used to perform the 
frequency modulation in the transmitter. However, this is not an ordinary LF signal, but the 
one, called the "composed" (KS) or "multiplexed" (Mpx) signal. Besides the full-scale LF 
signal used by the monophonic receiver, 





Pic.4.48. Block diagram of 2 stereaphonic FM receiver 


it also contains the so-called auxiliary signal which allows the separation of left (L) and right 
(R) channels in the stereophonic receiver. E.g. if a direct broadcast of some band music is 
performed, the left part of performers is being recorded with one microphone (the signal 
marked as L), whilst the right side is recorded with the other one (it’s a R signal). These two 
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signals are being led in the FM transmitter in the stage called “the coder”. Exiting the coder 
we have the multiplexed signal Mpx which contains, in an indirect manner, both left (L) and 
right (R) signal. Frequency modulation of the transmitter is being performed with the Mpx 
signal. In the receiver, Mpx signal is obtained on the output of the FM Detector and is then 
led to the decoder. This stage plays a role complementary to the one of the coder in the 
transmitter, therefore two signals are exiting it, the L and D signal. They are being amplified 


over two identical audio amplifiers, then reproduced over two same loudspeakers. The 
listener can now hear the left half of the performers from the loudspeaker placed on its left, 
and the right half from the loudspeaker that is placed on its right. The performers that are 
situated in the middle of the orchestra are being equally reproduced from both 
loudspeakers, making an impression to the listener as if there’s a third loudspeaker, located 
in the middle, between the left and right one. Based on all this, the listener has a picture 
about the layout of the performers in space, which significantly improves the total musical 
impression. 

Electronic circuit of a portable stereophonic radio receiver with headphones reproduction, 
made with TDA7088T is shown on pic.4.19. It is a receiver whose practical realization was 
described in the previous project, with decoder with TDA7040T and dual audio amplifier with 
TDA7OS5OT blocks added, the latter was discussed in PES. 

* L3, L4 and L5 are HF chokes that allow for the headphones cable to be used as a reception 
antenna. This is accomplished by connecting one of the headphones’ contacts from the 
plug-in, over the 10 pF capacitor, to the point where, acc. to pic.4.14, the outside antenna 
is connected. The coils represent big resistance to the station signals, preventing them to 
“go to ground” over the 47 mF capacitor or over the TDA7O50T output. Each coil has 3 
quirks of the 0.2 mm CuL wire, threaded through ferrite pearls, as shown on detail in the 
right corner of the pic.4.19. If telescopic antenna is to be used, these coils should be 
omitted. 
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5.1. Making PCB’s 


Design and manufacturing of the PCB’s has been explained in detail in the second issue of 
P.E. Here, we'll consider how to make a PCB whose drawing is already done. As an example, 
we'll take a drawing of the board of the receiver from pic.3.19, which measures 45 mm x 30 
mm. 

a. The PCB is being made of pertinax or vitroplast, i.e. a thin plate (about 1.5 mm) made of 
isolation material, which has a lean layer of copper put on one side. From the plate you buy 
in some electronic components’ shop, a 45 mm x 30 mm piece should be cut. In amateur 
conditions, this means refracting. First, points A and B are marked on the non-copper side 
of the plate, acc. to pic.5.1-b. A ruler is placed over them and a groove is made by pressing 


with a screwdriver or a bodkin along it. Its depth should be about 0.5 mm (on picture it is 
shown in dashed line). When this is done, the plate is placed on the edge of the table, with 
copper facing downwards. With one hand the plate is pressed firmly to the table, and with 
the other, the piece that has to be refracted. And - it cracks just along the groove. 

On the refracted piece, a new groove, measuring 30 mm from the edge, is made, and the 
procedure is repeated. In this way we finally have our 45 mm x 30 mm plate. 

b. All of the copper has to be clean and shiny, since only in this case the etching and, later, 
soldering is performed quick and easy and well. If it seems to you that the copper you have 
just bought is clean enough, you’re probably wrong. The plate must have spent some time 
in the shop, and the copper surface is certainly more-less corroded. The cleaning is most 
efficiently done with some abrasive powder (VIM or similar) which is otherwise used for 
cleaning of the cookers, bathrooms etc, but also the sodium bicarbonate, laundry detergent 
and even plain salt can well serve the purpose. Take a piece of cloth, wipe it with water, 
extract the water well and muss it to be ball-shaped. Dip it then in the powder, and scrub 
the copper until it “shines like the shiny sun”. After that rinse the plate, and pay attention 
not to touch the copper with your fingers, since that will make it dirty again. 

c. Put the plate, facing the copper up, beneath the sheet that contains the PCB layout, right 
under this drawing. In our example, that would be the one on the pic.5.2-a. With the pike of 
a bodkin the holes are made through the centers of all the contacts, and in the centers of 
two bigger holes that are placed sidewise, taking care not to move the plate. The bodkin has 
to be pressed firmly, in order to obtain good prods on the copper. When this is finished, the 
plate should look as on pic.5.2-b. i.e. it has to contain as much prods as there are contacts, 
plus two. If the drawing contains many contacts, the plate can be easily dislocated, and the 
procedure is to be done all over again. It is better practice then to make a copy of the 
picture, cut it out, and attach it to the plate with two pieces of scotch tape. 

d. Drawing the contacts and lines on the plate is done with the acid-resistant marker 
paintstick. It can be recognized by its characteristic “alcohol smell”, and is being sold in 
bookstores as a marker for “writing on glass”. You can test it: write in the store (it will be 
later afterwards) something on the glass, piece of plastic and similar, wait for a couple of 
seconds, then try to wipe it out with your fingertip. If the paint remains - the marker is OK. 
Nevertheless, this test isn’t 100% certain, it is much better to buy the marker in the 
electronic components store (you have to accent to the salesman that you need a marker 
for drawing lines on PCB’s). With the tip of the marker draw a circle around every prod 
(except those two that are for bigger holes), measuring 2-3 mm in diameter. Move the 
marker slowly, in order to leave a thick layer of paint on the plate. Take care to leave a 
small copper isle around every hole. Then, 
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you should, carefully and slowly, draw all the lines, by looking at the pic.5.2-a. They do not 
need to have the same shape as on the picture, especially they don’t have to be that 
“chamfered”. Line thickness should be about 1 mm, but that either is not obligatory, they 
can be somewhat thinner or a lot thicker (where applicable). The important thing is not to 
connect the nearby lines or contacts during the drawing, i.e. not to make junctions that do 
not exist on the drawing. If that happens anyhow, remove the paint surplus with a razor or 
a small, sharp screwdriver. Pic.5.2-c shows the beginning of drawing, several contacts and 3 
lines are drawn. The drawing is finished when you have a pic.5.2-a on the copper foil. 

e. Next step is etching, i.e. removing the copper that is not covered with marker paint. For 
this purpose, a mixture of hydrochloric acid (HCI), hydrogen peroxide (H202) and water 
(H20). Pure hydrochloric acid is not used, but its 35% solution, that is being sold as a 
household cleaning agent. Hydrogen peroxide is being sold in drug stores and cosmetic 


stores. It is being sold as 30% solution, or even more diluted, 8-12%. 

Hydrochloric acid and hydrogen peroxide are very aggressive media, especially for the eyes 
and skin, therefore care should be exercised when working with them. It would be the best 
for you to work with them in the bathroom, or some other place close to the running water 
supply. If some of these liquids spills on your skin, metal tool or clothing, wash them down 
with water immediately. 
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The etching mixture is being made directly before the etching, and is CERTAINLY being 
disposed of, right after the process. The plate is put at the bottom of a plastic, glass or 
porcelain dish, with copper facing upwards, and the acid is poured, in quantity enough to 
fully cover the plate (pic.5.2-d). Hydrogen peroxide is then added, being poured from the 
container directly over the plate. The amount of peroxide depends on its concentration, as 
well as on the concentration of the acid. So, put some peroxide, raise a little left end of the 
dish, then the right one, to allow a liquids to mix, and observe the plate. The mixture is 
transparent, and if the copper starts changing the colour after a dozen seconds - the 
etching has begun. During this process, the bubbles are formed in the mixture, in the 
amount somewhat more than in a glass of mineral water. If too little bubbles are present, 
add some more peroxide. Be careful, however, not to exaggerate, since if you happen to 
have too much bubbles, the mixture is going to heat up and the marker paint can be 
destroyed. From time to time, you should raise one end of a plate with a pointed wooden or 
plastic stick, in order to remove the old liquid from its surface, and allow for fresh mixture 
to take its place. 

Etching is finished when there is no more uncovered copper on the plate. Raise one plate 
end with the stick, wait for the liquid to decant, take a plate with a laundry clip and wash it 
thoroughly in a jet of running water. You can then remove the paint by scrubbing, as 
previously described, with a wet cloth dipped in some powder. The copper contacts and lines 
will emerge on the plate. 

f. If you were careful enough to leave a uncovered isle of copper in the centre of every 
contact, after etching this will be a small cavity, in the centre of the contact. Through these 
cavities, that will guide your drill, a 1 mm holes should be drilled (it is better if the holes are 
0.8 mm in diameter, but such drills are harder to find, and a lot easier to break). Two holes 
for the fixing screws are usually about 3 mm in diameter. While drilling, a piece of thicker 
plywood or some flat hard-wood plank (beech, oak) should be put beneath the plate, and 
not a piece of polystyrene or something similar. Do not press the drill too hard, since the 
tool will be plucking tiny pieces of plastic on the other side of the plate. 


5.2. Computer-Aided Radio Receiver Control 


In Book 7/8 of Practical ELECTRONICS methods for simple control of various electrical 
devices by computer were discussed. Practical realization of various interface circuits and 
sensors was described, by which the computer is being connected with the outside world, so 
that it can turn on/off the heater, light, fan, TV set or some other electrical device at the 
desired moment, based on data comprising temperature, light intensity, humidity etc. In 
this chapter we shall present, in short terms, one of the projects from the aforementioned 
book, that deals with simple computer-aided turning on/off of the radio receiver at the 
desired moment. 

The radio is connected with the computer via parallel port, the one where the printer is also 
being plugged. It is a 25-pin female connector, called Sub D-25, which is given on Pic.5.3. 
With appropriate programme, logical ones (voltage +3.6 V) and zeroes (0 V) can be sent to 
the outputs marked as DI-1, DI-2,...DI-8, that are located on the legs marked with numbers 
2 to 9. Electrical devices that are being controlled are connected to these outputs over the 
interface circuit that is given on Pic.5.4. Two connected devices are shown on the picture, 
their maximum number is 8. 

Pic.5.5-a shows the electronic diagram of an extremely simple interface circuit, which can 
serve to connect to computer the radio receiver, that can then be switched on or off at 
certain time, with adequate programme. The low-power transistor BC547 can be used for 
the consumers that use the current from the battery that is not greater than 100 mA. In 
case you have bigger power consumers, some stronger transistor or two transistors in 
Darlington junction can be used instead of BC547. The transistor bas is connected to the pin 
No.9 of the mail Sub D-25 connector over the R1 resistor, while the emitter and minus pole 


of the battery are connected to the pin No.25, i.e. to the computer ground. As long as 
there’s a logical zero on the DI-8 output, the base voltage is zero and the transistor is 
locked and no current runs through it, therefore also through the consumer. When a logical 
one emerges on the DI-8, the transistor goes to the saturation regime, the voltage between 
collector and emitter becomes very small (practically zero) and the transistor behaves as if 
the collector and emitter are short-circuited. In that way almost the entire battery voltage is 
available on the receiver power supply input. 

The PCB layout is shown on Pic.5.5-b: The component side is in the upper part, and the 
soldering side in lower part of the picture. 

Pic.5.5-c shows how a small transistor radio receiver, powered by a 9 V battery, is 
connected to the parallel port, over the interface from pic.5.5-a. The plate is connected with 
clamps via the cables A and B, and with the battery over C and D. 
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c-Sub-D- 25 connector, 
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Pic.5.4. Connecting electrical devices onto the paraliel port 
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Pic.6.5. Connecting the Radio Receiverto the BN Port: a-Ellectronic diagramofthe Interface Circuit, b-PCB, 
c-Connecting the Computer, Interface Circuit, Receiver and the Battery 


5.3. NE612 
5.3.1. Synchrodyne AM Receiver 


If the author remembers well an article that he read in a professional magazine many years ago, the 
synchrodyne receiver is the ancestor of the superheterodyne receiver. Sometime at the beginning of the 20th 
century this device was called the Heterodyne receiver, and it was first constructed by Levvy. Armstrong 
improved it and gave new name to the new device, by adding the prefix SUPER to the old name. 

The electronic diagram of this device is given on Pic.5.7. This receiver, as well as that on pic.4.2 has got the 
local oscillator with oscillatory circuit connected between pins 6 and 7. However, frequency of this oscillator is 


not greater for the value of fm, but is in fact equal to the frequency of the station we wish to listen to: fm=fS. 
Because of that, the important design difference compared to the diagram from pic.4.2 is that on pic.5.7 
capacitors Co and Cto are not used, but the capacitor C which is obtained by connecting the legs O and A, acc. 
to pic.3.7. Its capacitance can be changed from 12 pF till 218 pF, so that the oscillator frequency, in case of MW 
reception, goes between 500 kHz to 1500 kHz. The oscillator voltage is emanated in the mixer by the signals 
from all stations coming from the antenna. The result of emanation with signal of the station whose frequency is 
equal to the oscillator frequency is the LF signal (speech, music, Morse Code etc.) that serves for performing the 
modulation in the transmitter. This signal is obtained on pin No.4, from which it is then led, over the 1 iF 
capacitor, to the volume potentiometer and audio amplifier. Products of mixing the oscillator voltage with other 
stations’ signals are also obtained on that pin. 
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They are being suppressed by the LF filter that comprises the R* resistor and C* capacitor. The device we were 
testing did not, however, contain R*. It is to be installed if some disturbances occur (whistling or similar), and 
its optimum value is to be found experimentally. If necessary, greater capacitance of C* is also to be tried out. 


* As mentioned earlier, it is very important for the supply voltage of the NE612 to be stable. This values even 
more for the synchrodyne then the superheterodyne receiver. The voltage control is done by the stabilizer, 
made with 78L06 IC. It is being placed in the low-power transistor package, either metal (as for BC107) or 
plastic (as for BC547), and its maximum current is about 100 mA (pic.5.7-b). A simpler stabilizer, made with 
the Zener diode, can be used instead, as on pic.5.9. 


* Instead of factory-made coil LO, the self-made one can also be used. The simplest solution is to use the one 
from pic.3.6, in which case the mid leg is not used. Over this coil, the feedback coil should be winded, acc. to 
pic.5.7-c (its ends are marked with 4 and 1). When connecting with capacitor C and pins 1 and 7 of NE612, care 
should be taken to join properly: coil ends 1 and 3 with ground, 2 with capacitors C and 560 pF, and 4 with 1 nF 
capacitor. It is, of course, possible to use smaller coil, wound on a smaller body, with more quirks of thinner 
wire. Its inductance should be about 350 mH, and the number of quirks required is to be found by testing. The 
feedback coil (4-1) has app. 3x fewer quirks than the oscillatory circuit coil (2-3). 


* On the pin 5 of the NE612 the LF signal is also obtained. It is the same as the one on pin 4, but has a 180° 
phase shift compared to it (in simple words, while one signal increases, the other one decreases, and vice 
versa). That gives us the opportunity to use the dual audio amplifier in the LF part, that has two amplifiers, with 
inverting and non-inverting inputs. As shown on pic.5.8, the counter-phase LF signals from NE612 are led onto 
the same inputs. The output signal has 2x greater amplitude, therefore making the output power 4x greater 
than when only one input is used (as on pic.5.79). 


5.3.2. AM Receiver with Synchro Detector 


In previous project, the NE612 was in fact used as the AM signal detector. The LF signal exiting the mixer is 
product of the simultaneous (synchronous) action of the station signal and voltage from the local oscillator upon 
it. That is how the term “Synchro Detector” emerged. There’s also a possibility to use a station carrier instead of 
local oscillator’s voltage, so that the station signal gets beaten by itself, however strange this may sound. 
Electronic diagram of one such device is given on pic.5.9. 

The station signal, which the input circuit (C, L) is tuned at, is led to the regulating Gate of the BF960 MOSFET. 


Under the effect of this voltage, the AC current that creates voltage drops on resistors R2 and R3 runs through 
the transistor. These two voltages, taken between the S and ground and D and ground, are mutually shifted in 
phase for 180°, and are being led over the coupling capacitors C2 and C3 to pins 1 and 2 of the NE612, i.e. on 
one input of the mixer. On the other mixer input the Drain signal is brought, over C4, and beating occurs in the 
mixer, the result of which is the LF signal on pin 4. This signal is, over C8, being led onto the volume regulation 
potentiometer and the audio amplifier. 

* The unwanted (and parasite) products of mixing, that are manifested as whistling, squeaking etc. are being 
suppressed by the C7 capacitor. If the obstructions still exist, the capacitance of C7 is to be increased and/or 
the R* resistor added. 

* The voltage stabilization of the DC voltage on pin 8 is performed by the ZPD6.2V Zener diode and resistor R5. 
A diode with smaller voltage is also possible to be used, say, 6.2 V and similar. If the supply voltage is less than 
12 V, the resistance of R5 should be decreased. 
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Pic.5.9. AM Recelver with Synchro Detector 


5.3.3. Input Circuits for Receivers with the NE612 IC 


All the receivers with NE612 that are described here work better, especially considering suppressing the noise in 
case of the symmetrical station, if the proper input circuitry is added to them. Pic.5.10 shows two examples of 
the MW receivers that use the ferrite antenna. In both cases, the antenna taken from an old commercial radio is 
being used. 


5.4. The Universal Audio Amplifier 


We already spoke about the universal amplifier in the text connected with pic.3.22. Pic.5.11 contains the 
diagram of another such device, where the transistor amplifier with BC547 is used as the pre-amplifier, instead 
of that with TLO71 IC. It can be used for practical check of all the earlier mentioned radio receivers. The LF 
signal is being taken from the detector in the HF part of the receiver to the hubs marked as In and Gnd (if the 
links aren’t too long the ordinary wires are used, otherwise - the microphone cable). On the third hub the DC 
voltage is outputted, which is used in some HF circuits for their operation (such as e.g. those on pics.3.24, 3.25, 
3.29 etc.). 

* The LED (and the appropriate resistor) are added if the amplifier is being supplied from the adapter connected 
to the household voltage installation. It can also be used if the amplifier is power supplied from the battery, but 
this is not recommendable, since its power consumption is fairly big, which significantly shortens the battery life. 
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* The amplifier can be put in a box of any kind, one of the possible solutions shown on pic.5.11-b. 

* A very useful solution can be to place the adapter also in the box, with the ability to control its output voltage 
from few volts to 12 V. In that case, you have both the amplifier and adapter in the same box, which can be 
used for power supply and check-out of various electronic devices, and not just radio receivers. 


5.5. Additional Circuitry 
5.5.1. Fine Tuning 


During the tuning of the receiver to some station at the SW band with the variable capacitor, a problem occurs. 
In simple terms, the station frequencies are too close to each other, so the capacitor’s shaft should be turned 
for an extremely small angle in order to change station, which is practically impossible. It would certainly be 
useful if we could somehow stretch (a popular term for this) the part of the band near the frequency to which 
the receiver is tuned at. For the direct type (TRF) receivers that were described in the previous chapters, this 
can be accomplished if, acc. to pic.5.12, another variable 





Pic.5.10. a-input Circuit for the Receiver from pic 5.9, 
Biput Clrewt & HF Amplifier forthe Receiver frompic.4.2 


capacitor (CR) is added in parallel to the variable capacitor at the input circuit. Its capacitance should vary at 
substantially smaller scale than that of C, meaning from a few pF til about 20 pF. The tuning is accomplished by 
setting the receiver, by means of C, approx. at the middle of the band we are interested in, then tuning by 
means of CR to some station in that area. E.g. if the stations we want to receive are located in the part of the 
SW band from 6.1 MHz till 6.2 MHz (it’s a well-known 49-metre band), first we tune ourselves with C to approx. 
6.15 MHz, and then we pick with CR some of the stations located in that area. The same applies for the famous 
Magic Band (at about 50 MHz). 

The CR capacitor is mounted close to C in order for their knobs to be near each other at the front plate. 

* As CR, some air-type trimmer capacitor can be utilized, with adjustment knob mounted on its shaft. Also, one 
of the sections of the variable capacitor from pic.3.8 can be used, as shown on the right part of pic.5.12. 

* The problem of the station “adjacency” at the SW band also exists at the superheterodyne receivers. It is 
being solved by adding the CR in parallel to the variable capacitor in the local oscillator circuit. The reason for 
this is that, at supereterodynes, the station is chosen over the local oscillator. The important thing for the 


oscillator is to have the exact frequency, that is greater from the station frequency for the amount of the 
interfrequency. If the resonance frequency of the input circuit isn’t equal to the station frequency, it won’t 
significantly affect the reception. Because of all this, in the receiver on pic.4.5, CR is attached between the pins 
2 and 3 of the LO circuit. 
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Pic.5.77. Universal Audio Receiver 2Electronic Circuit, b Box 


5.5.2. Electronic Tuning 


Instead of the capacitor CR, that was used for fine tuning in the previous project, a 
capacitive (varicap) diode can be used. It’s a special HF diode which is polarized by 
exposing it to DC voltage in order to be non-permeable (+ to the anode, - to cathode). By 
changing the voltage diode’s capacitance also changes, which allows for it to be utilized as 
variable capacitor. If, acc. to pic.5.13-a, the DC voltage between the cathode and anode 
(UAK) varies from U1 to U2, diode’s capacitance goes from Cmax till Cmin. 

The electronic diagram for the electronic fine tuning circuitry is given on pic.5.13-b. Diode 
capacitance is changed by moving the slider of the Pi potentiometer. By means of trimmer 
TP the necessary Cmax is set, and when this is done TP can be replaced by an ordinary 
resistor. All the components are mounted on the PCB, together with other parts of the 
receiver, except the P1. It is mounted on the front panel, and connected to the PCB with 3 
ordinary wires. 

* The variable capacitors that were used for tuning in all the receivers described so far are 
solid, lasting, reliable 
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Pic.5.42. Fine Tuning | 
(stretching 2 par of the bandwidth) 


components. Their mishap is they are hard to purchase, they are quite robust (compared to 
other device components), and their mounting isn’t simple because the shaft for the knob 
must go through the front plate of the device box. That is why varicap diodes are also 
replacing them. With the diode that has Cmax/Cmin ratio that is big enough, say, 
Cmax/Cmin>15, the circuit form pic.5.13 can be used as the variable capacitor (C is simply 
omitted). In that case, some bigger knob with an arrow is mounted on the P1 handle, and 
numbers from 1 to 10 are written on the panel, as shown on pic.5.13. This scale allows the 
listeners to see what station is the receiver tuned at. Of course, for the MW band, the 
numbers as those on pic.3.7 can also be written. 

* In case of SW band, the P2 potentiometer is added for fine tuning. 

The optical indication of the tuning, with and knob with arrow is the simplest solution 
possible. More prettier one is using a small movable-coil instrument (V), such as those used 
as battery indicators in industrial devices, or for tuning indication and similar. The 
connecting is done acc. to the diagram on the left part of the pic.5.13-c. In series with the 
instrument, the TP potentiometer is attached. Its resistance depends on the maximum 
instrument current, and can be found experimentally. For start, you may use a 1 MOhm 
linear trimmer, with its slider at lowest position (so that its resistance is maximum). Put the 
Pi slider also at the lowest position. Turn on the receiver. Start moving the Pislider 
upwards, and observe the instrument needle. if it soon goes to the end, you'll have to take 
a trimmer with greater resistance or to add another resistor in series with it, so that when 
the P1 slider gets to its rightmost position, the needle goes somewhere around the middle 
of the full scale. If the needle, with P1 in topmost position, moves too little, you'll need a 
smaller resistance trimmer. When you succeed in having the needle in the middle of the 
scale with P1 in topmost position, start moving the TP slider until the needle reaches the 
end of scale. The circuit is well adjusted if the needle goes from zero to full scale while P1 
slider is moved from bottommost to topmost position. The instrument can have any shape, 
but the most appropriate (and cheapest) is square, like the one on the picture. 
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Pic.5.13. Electronic Tuning: ¢Diagrar, 
b-Varicap Diode Characteristic, c-Recelver Scale 


* The optical indication of station tuning at the receiver 
with electronic tuning, as those on pics.4.12,4.14 and 4.19 is 
accomplished with the instrurnent that is connected in parallel 
to the varicap diode. the diagram is shown on the right part of 
pic.65.13-c. In the lower part of the picture the rovable-coil 
instrurmentis shown. 

scales ofthese instruments are most often marked fromm 
1 to 10, but, if you are skilful enough, you can write down 
numbers representing frequencies in MHz (e.g. 
80...96....100.....108 MHz}. 
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5.5.3. Suppressing the Signal of the Local Transmitter 


From all the signals in the reception antenna, the one that is created by the local 
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transmitter is by far the strongest one, due to the fact that it is hundreds, sometimes even 
thousands times closer than other radio transmitters. That signal can be so strong that it 
can jam normal reception of other stations. In case of simpler receivers its programme is 
heard,more or less, in all the positions of the variable capacitor. The solution for this 


problem is the so-called seal circuit, which serves to weaken the signal of the local 


transmitter, so that it doesn’t interfere (but is still strong enough for normal reception, 


when the receiver is tuned at it). 
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Pic.5.14. Suppressing the Signa! of the Loca! Transmitter 


The seal circuit is a parallel oscillatory circuit which comprises the coil L1 and capacitor C1, 
as shown on pic.5.14-a. By means of Ci the resonance frequency of the circuit is set so that 
it corresponds to the carrier frequency of the local station. On that frequency, this circuit 
behaves as a huge resistor (see pic.3.2-b) and decreases the current that is created by the 
local transmitter signal. For other signals it has very small resistance and practically has no 
effect on them. The setup is done by tuning the receiver on the local station, and the 
reception is weakened enough by turning the C1. If the decay is too strong, a resistor 
should be added in parallel to C1. 


Using a variable capacitor in the seal circuit (pic.5.14-a) isn’t an economical solution. It is 
much better, considering both economy and space, the solution given on pic.5.14-b. A block 
capacitor C1 and a variable inductance coil are used in the seal circuit. As shown on the 
framed part of picture, the coil is wound on the plastic body, with ferrite core. The number 
of quirks is found experimentally about couple of hundreds of quirks made with as thin 
copper wire as possible). The capacitance for Ci is also found experimentally (couple of 
hundreds of pF). The earlier mentioned IF transformer can also be used as a coil. With 
labelling acc. to pic.4.3-a, legs No.2 and 3 are used, the others are “hanging” (they are not 
soldered). C1 capacitance is also found experimentally. It is also possible to wind the coil on 
a piece of ferrite rod, as shown on pic.5.14-b, and setup to be done with trimmer Ct 


5.5.4. Dual Tuning 
The author of this book, as great radio technige lover (amateur, in French), owns great 


collection of over 150 pieces of various old-timer radio receivers. There is one among them 
that is over 60 years old, at which the tuning is being done by two knobs. With first one the 


receiver is set roughly to the desired station, which is usually barely heard at that moment. 
The second knob is then turned until the optimum reception is achieved, which is 
significantly better than before, and in case of weak stations - extremely better. 

The selectivity of simple receivers that were described in previous chapters can be 
significantly increased by using the aforementioned dual tuning. The electronic diagram is 
shown on pic.5.15-a. Another oscillatory circuit, made of Ll and Ci connected in series, is 
inserted between the antenna connector and input circuit of the receiver (it can be any of 
the earlier described AM receivers). As with the earlier mentioned parallel oscillatory circuit, 
the resonance frequency of the serial circuit is given by the Thompson pattern: 
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The serial oscillatory circuit has very small impedance (compared to the parallel circuit 
whose impedance is very big on the resonance frequency). The dependance of the 
impedance (“resistance”) of the serial oscillatory circuit from the frequency is shown on the 
diagram on pic.5.15. As you can see, the serial circuit acts as a resistor of very small 
impedance only for the station that it’s tuned at. For all other stations, it behaves as a huge 
resistor (impedance). All in all, from all the signals in the antenna, the biggest current, and 
therefore the biggest voltage on the input circuit is created by the transmitter that both 
serial and parallel oscillatory circuits are set to. The tuning is done as it has already been 
described, first with C (so-so), then with C1 (much better). 
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Pic.5.15, Qual Tuning: First by C (so-so), then by Cf (much better) 


* Between the coils L1 and L a magnetic coupling should be prevented. This is accomplished 
by mounting the coils to be as far from each other as possible, and to position their axes 
mutually perpendicular. 


* Greater experimenting opportunities with dual tuning provides the diagram on pic.5.15-b. 
Once again, it’s the serial resonance (in circuit L1, C1), and parallel resonance (in circuit L, 
C), that are being used. The coils are placed side-by-side, in order to generate magnetic 
coupling between them. The tuning is done as previously explained, but now we also have a 
possibility of changing the amount of magnetic coupling between the coils by moving them 
closer or farther, which affects the antenna’s influence on the L, C oscillatory circuit, 
therefore changing its selectivity and sensitivity. 


5.5.5. Separation of Stages - Preventing the Oscillation 


On of the significant problems that occur at devices that comprise more cascade-linked 
amplifying stages is the occurrence of the feedback over the conductors that connect those 
stages with the positive pole of the battery, or the power supply. By the way, the feedback 
is a phenomenon when part of the signal exiting an amplifier gets on its input. Under certain 
conditions, this feedback causes the oscillation of the stage, which in devices that have the 
loudspeaker on output, manifests itself as strong whistling, squeaking and similar. 

On of the ways to prevent this feedback is given on pic.5.16, where a block-diagram of a 
radio receiver that has four amplifying stages with active components (transistors or IC’s) 
that require the battery supply is shown. Separation of stages for the AC current 
(preventing the feedback) is accomplished by the LF filters with resistors and capacitors. 
Resistors are from couple of hundreds of Ohms to 1 kOhm. Capacitances of C1 and C2 are 
from couple of tenths till couple of hundreds of nF, and of C3 from couple of hundreds of nF 
to about 100 mF. The stage PCBs should be designed in such way to make the contact 
where right end of the capacitor is soldered as close to the contact where the positive end of 
the power supply voltage is brought (e.g. on pic.5.9, the right contact for C6 should be as 
close as possible to the contact where pin 8 of NE612 is soldered). 

In the devices supplied from the battery, the C5 capacitor, which has capacitance of couple 
of hundreds of micro Farads, serves to take the role of the battery when it gets emptied a 
little bit, and strong tones have to be reproduced at the loudspeaker (in simple terms, C5 
acts as a small accumulator that helps the worn-out battery to give enough power to the 
power amplifier, when necessary. When its help isn’t needed, the capacitor is refilled). This 
capacitor is not needed when the receiver is supplied from the adaptor that already has an 
electrolytic capacitor on its output, and when the wires that connect the adaptor to the 
receiver are not longer than about 15 cm. 
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5.6. The Boxes 


For all lovers of the electronics, the box where their device is to be put is the famous 
“production weak link”. The finished boxes are either impossible to purchase, or they can be 
bought but their dimensions or shape is inappropriate, or they are too expensive, or... In 
cases like this one should be quick-witted enough to find some square-shaped box that is 
being used at household, or some packaging box or similar. That is how it’s done in the 
“whole white world”. Two years ago, in the famous electrotechnical magazine ETI TOP 
PROJECTS the article named “TIC TAC RADIO” was printed, where a receiver with ZN414 
that is placed in the transparent plastic box of TIC TAC mints (In the abstract, it was written 
that making this device serves well as an excuse for buying candies, which is probably 
meant for the readers that are on a diet for aesthetic reasons). 

However, the “finishing touch” is of great importance for everything. The majority of your 
friends will be more impressed by a lovely box where the receiver is placed, than the 
reproduction quality, type of modulation and other technical characteristics. And a nice, 
appropriate box cannot be bought, it is up to you to make it. It can be something as on 
pic.3.11 or similar. The idea can be also found in some catalogue of radio receivers’ 
manufacturers, or you can think of something of your own. As far as the author of these 
lines is concerned, he likes best the wooden boxes from the 20’s and 30’s of the previous 
century, from the times of the charleston, E. H. Armstrong and Al Capone. They looked 
something like those on the pic.5.17 and can serve you as an inspiration for your personal 
design. 


The mid button is for the variable capacitor for station tuning, the right one is for the 
potentiometer for volume regulation. The button on the left can be a rotary switch for 
turning on/off (S). It can also be a tone regulation button, and for the reaction-type 
receivers it can be a button of the potentiometer that regulates the magnitude of the 
reaction. In the last two cases, the on/off switch (S) is located on the regulation 
potentiometer. The outside antenna and ground hubs are located at the rear panel of the 
box. The wires connecting the hubs with the PCB should be isolated, flexible and long 
enough to be able to open the panel and put it at upright position. 

If the receiver is power supplied from the outside net, a green LED should also be added, as 
the power indicator. The good place for it is just above the variable capacitor’s button, 
instead of the triangle-shaped marker. 

Pic.5.18 shows the parts for the first box from pic.5.17. For the front and rear side two 
pieces of 5 cm thick plywood, measuring 22 cm x 15 cm are needed; for the side panels, 
two pieces of 10 cm thick plywood, 15 cm x 9 cm, and for the bottom side - one piece of 10 
cm thick plywood, measuring 13 cm x 9 cm. The best way to cut these parts is to be done 
by the carpenter on the special machine, since only then will they be of strictly rectangular 
shape, and bottom and side panels will have exactly the same width, which is very 
important during assembling. On the front side, the circle and the arc are drawn with the 
aid of the sector, and the cutting is done with the carving saw. The part that is cut from the 
back panel will serve as a closure. When it is cut it isn’t necessary to treat it with emery, 
since it will fit nicely in the hole on the rear panel even if it isn’t cut evenly. On the inner 
side of the rear panel two plywood lattices measuring about 2 cm x 13 cm should be nailed. 
Four wood screws will be screwed in them later (the holes are shown as four dots), which 
will serve to tighten the closure. Connecting of the pieces is done with the wood glue and 
small nails. Before you start hammering, it is very useful to drill a few holes for the nails in 
the front and rear panel with 1 mm drill. The nails are partially hammered into the panels, 
the edges are then covered with glue, and the nailing can then be done. When all this is 
finished, the box should look as the drawing at the right end art of the pic.5.18 *vertical 
stripes over the loudspeaker opening are not shown. They can be omitted, and you can nail 
in a few thin lattices, when the box is finished, as shown on the last drawing on the 


pic.5.17). The semicircle part is made of 5 mm x 5 mm lattices, or similar, which are put 
side by side on the upper edges of the front and rear panels, that are covered with glue (the 
picture shows only one of these lattices). When the last one is fitted, the space between 
them is filled with “putty” that is made by mixing the fine wooden chips with the wood glue, 
with the aid of a steel plate. After that, the lattices are tightened to the panels’ edges by 
two pieces of strong scotch tape, which are shown in dashed lines, and everything is left to 
dry well. When drying is, after about 10 hours, finished, all the edges and lattice parts that 
protrude are well flattened with emery. All the remaining holes are filled with the fast-drying 
putty, and everything is abraded once again, and the putty is applied again, and abraded 
again, etc., until the upper part is semicircle-shaped, all the sides smooth and the edges 
correct. 





Pic.5.17. Radio Recelver Boxes 


* Before the loudspeaker is attached with screws, a piece of decorating cloth should be 
placed between the panel and the loudspeaker, which will protect it and contribute to better 
looking box. 


* Perhaps some of the readers will seem that there’s a lot of exaggeration in previous lines, 
and even too much pedantry. There’s a Latin proverb, that says: AGE QUOD AGIS - Do the 


things you do, which, in our case, can be interpreted as: You should either make the box 
properly or not making it at all. 


* This box is relatively small, it is predicted for the loudspeaker that is about 12 cm wide. If 
you have bigger loudspeaker, and it will certainly play both louder and better, you should 
make a bigger box. The dimensions calculation is done by dividing the diameter of the 
bigger opening, that will suit bigger loudspeaker, in centimetres, by 11, and all the 
measures on pic.5.18 are multiplied with the number attained. E.g. if the diameter for the 
new, bigger hole is 15 cm, new dimensions are obtained by multiplying the old ones by 
1.36. 
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Pic.5.18. Parts of an olc-fashioned Radio Receiver’s Box 


5.7. Bimboard, Protoboard... 


The readers that have carefully studied all the radio receiver projects that are described 
here, have possibly noted that the author referred to experimenting either with values of 
some components or with entire circuits, and all that was in order to practically find the 
optimal solution. When small changes are discussed, such as finding the optimum value for 
some resistor, that can be done on the previously made PCB. In case of bigger changes that 
of course is not convenient, and sometimes it is almost impossible. For all kind of electrical 
diagrams check-outs as well as various experimenting with all electronic devices, including 
radios, it is the best to use a special experimental board, which can be purchased under 
various trade names: protoboard, bimboard, matador, steckplatine, steckboard etc. All of 
them have in common that component connecting is done without soldering, by simply 
inserting the legs into the small holes on the plate. 

As an example, pic.5.19 shows a full-scale experimental board that can be purchased in one 
of the Belgrade electronic shops. It has 630 vertically aligned holes, connected internally in 
126 groups of 5 holes each, and another 100 holes placed in two topmost lines, connected 
in two horizontal groups by 50 holes each. The connections between the holes are inside the 
board and cannot be seen, they are shown on picture in dashed lines. The two topmost 
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parts are used fo bring the supply voltage, and the battery or the adaptor is connected to 
them. One of them, most often the one that has minus pole connected to it (in all the 
devices described herein), also serves as the device Ground. The holes contain miniature 
metal hubs that are elastic, so when a leg is popped in, a reliable mechanical and electrical 
junction is accomplished. The distance between the adjacent holes is 2.54 mm (1/10 inch), 
which allows for connecting the vast majority of electronic components, which are being 
produced with inter-leg distance that is equal to a hole number multiplied with 2.54 mm (in 
the producers and sellers’ catalogues the 2.54 mm distance is marked as R, which stands 
for raster, and the components that have their legs horizontally and vertically distanced to 
2.54 mm multiplied by some whole number are said to have their legs in raster). 

The necessary electrical junctions between the hole groups are accomplished with 
connecting wires that can be bought at Conrad, but are more often self-made from plastic- 
isolated 0.5 mm or 0.6 mm copper wire. These pieces vary in their length and can be bent 
as the biggest piece in the lower left part of the pic.3.19, although it is better and nicer to 
use regular pieces, shaped as the cyrillic letter P. 

Pic.5.19 also shows an example of practical usage of one such board. The radio-receiver 
from pic.3.15 is made on it. As can be seen, the coil ends are stuck into the holes whose 
coordinates are j,37; j,39; i,45; i,47, the diode in holes i,39 and i,45, the pin No.1 of the IC 
in e,54, etc. With the connecting wires the legs No.1 and 3 are connected, the ones that are 
connected with the potentiometer slider, and legs No.2 and 4 are connected to the ground 
by means of 4 connecting wires (the minus pole of the battery), etc. 

It is now clear that experimenting is done in a very simple manner. E.g. if you are 
interested how does a capacitance of C2 affect the tone colour in the headphones, all you 
should do is remove it and insert a capacitor of greater or smaller capacitance, etc. 
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Pic.5. 49. The Receiver from pic. 3.15 Mounted on the Protoboard 


* The hubs on the board are elastic, so that conductors of various diameters can be easily 
inserted. No wires much thicker than 0.6 mm should be inserted, since the hubs will 
deform. The components whose legs are too thick as the variable capacitors, 
potentiometers, transformers and similar, are connected over pieces of wire that are 
soldered to them. 


* It is useful for the connecting wires to be made with isolations of various colours, so that 
red ones could be used e.g. for connecting with the + battery pole, the black ones with Gnd, 
the yellow ones for the signal etc. 





¢ LO NE612 2ZN414  LM386 P 
Pic.5.19-b The Receiver frompic.4.5, withthe SW Coll mounted on the Bimboard 


5.8. Universal PCB 


Practical realization of simple radio receivers, as well as other simple electronic devices, can 
be done in many ways, as it was discussed in PE No.2. One of those is shown also in this 
number. That is construction of the detector receiver from pic.3.11, where some of the 
components are mounted onto the box walls (the variable capacitor, coil and the hubs), 
while other (the diode and two block-capacitors) are placed between them. With some skills, 
and by the aid of few smaller nails nailed from the inside of the front panel, a more complex 
device could be made, say, that from pic.3.12. But this solution would start looking as “the 
dead cockroach technique”, which will be discussed in the “Funniest Electronics”. The real 
solution is the PCB that can be made from the drawings that are given, or those you will 
draw yourself, together with the instructions given in chapter 5.1. 

There’s another option for practical realization. It is a universal PCB, that can be bought in 
the electronic components’ stores. There are more sorts of these PCB’s, and all of them 
have in common that the holes on them are drilled on the distance of 1/10 inch (R=2.54 
mm). 

One of the universal PCB’s is shown on pic.5.27. It consists from a huge number of round 
copper isles, with hole in the middle. The components are being soldered first (resistors, 
diodes, IC’s, capacitors...), and then the component pins are connected by pieces of isolated 
copper wire, on the soldering side. 

As an example, pic.5.28 contains the photograph of the receiver from pic.3.21-a that is 
made with the universal PCB from pic.5.27. It can be placed into a box as on pic.3.21-c, 
except the box should be bigger, in order for the loudspeaker to. 
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Pic.5.27 The Receiver frompic. 3.2 4-a, 
mounted on the universal PCB 


5.9. A Modern Oldtimer 


The receiver on pic.5.22 is designed for the readers that wish to make a semi-conductor 
model of a complete direct radio receiver that was being produced many years ago, with 
electronic tubes. It had a total of 3 tubes, one of the contained the HF pentode (utilized in 
the HF amplifier) and the diode (used in detector), the other one had a triode (pre- 
amplifier) and powerful pentode (power amplifier), whilst the third one contained the duo- 
diode (the rectifier). 


Input circuit HF Amplifier Detector LF Filter Pre-Amplifier Power Amplifier 
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Pic.5,22. A complete Direct AM Recelver 


THE END 
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Visual inspection 


What are we looking for during this inspection? In general terms we are 
inspecting the installation with regard to: 


Safety 

Age 
Deterioration 
Corrosion 
Overload 
Wear and tear 


An easy way to remember this is to use the acronym SADCOW. 


Suitability and external influence should also be included. At this point it is a 
good idea to get from the client any documentation that is relevant to the 
installation. These documents could include: 


Plans 

Drawings 

Previous test results and certification 
Fuse charts 


You should also make it clear that you will require access to all parts of the 
building and that the electricity supply will need to be turned off at some 
point. It is also a good idea to ask the client if they are aware of any alterations 
that have been carried out, as this information may be useful to you during 
inspection. 


The visual inspection of any installation is as important as any testing that is 
carried out on an installation; if you are not familiar with the building it is 
also a good opportunity to find your way around first. 


The first part of a visual inspection is to ensure that the system is safe to test 
and that you have enough information to be able to carry out the test safely. 
Generally, a good place to start would be the supply intake; this will give a 
reasonable indication of the age, type and size of the installation. 


Things to look for at the supply intake before removal of any covers 
would be: 





The type of supply system — is it TT, TNS or TNCS? 
e Is it old or modern? 
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Are the conductors imperial or metric? 

What type of protection is there for the final circuits? 

Is documentation available for the original installation? 

Is the consumer’s unit labelled correctly? 

Is the earthing conductor in place? 

What size is the earthing conductor? 

Is the earthing conductor green or green and yellow? 

Are all of the circuits in one consumer’s unit or are there two or three 

units that need combining? 

e Is there any evidence of equipotential bonding? Remember! It must start 
at the main earthing terminal. 

© What size is the equipotential bonding? Is it large enough? 
Is there a residual current device (RCD)? If so has it a label attached? Is it 
a voltage or current operated type? 

© Do the enclosures meet required IP codes? (Regulation 412-03-01) 

© Ifalterations have been carried out is there documentation available for 
them, along with test results? 

°® Where alterations have been carried out since January 2005, has a warning 
notice been fitted on or near to the distribution board to indicate that new 
colours have been used? (Regulation 514-14-01) 
What size is the supply fuse? Is it large enough for the required load? 
Are the meter tails large enough? 

e Are the seals broken on supply equipment? If they are it could indicate 

that the system has been tampered with since it was first installed and 

perhaps closer investigation is required. 

Have any alterations or additions been made? 

Would any alterations or additions affect the required disconnection time 

for the circuit concerned? 


This list is not exhaustive and installation conditions may require more. 


When the visual inspection of the supply intake area is complete, that is a 
good time to look around the building to make sure that there are no very 
obvious faults. All of this should be carried out before removal of any covers. 


Things to look for: 


Are accessories fixed to the wall properly? Are they missing or damaged? 
Are the accessories old with wooden back plates? 

Are the socket outlets round pin or square? Is there a mixture of both? 
Have cables been installed in vulnerable situations? 

Have cables, enclosures and accessories been fixed securely? 
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° Have ceiling roses got perished flexes? (Particular attention should be 
given to the old braided and rubber type flexes.) 

e Are any socket outlets likely to be used outside? If they are then they 
should be RCD protected. If they have been installed before the late 
1990s, then it is not a requirement that they are, but an RCD should be 
listed as a recommendation. 

e Are earthing clamps to BS 951 standards and correctly labelled? 

e If gas, water is bonded using the same conductor, ensure that the 
conductor is continuous and not cut at the clamp. 

e Is the supplementary bonding in place in bathroom? (See Figure 4 of the 
On-Site Guide.) 

® Is the correct equipment for the correct zones in bath/shower room? (See 
601 BS 7671) 

e Has the bedroom had a shower installed? If so, are the socket outlets 
3 metres from the shower and RCD protected? 

e Is there any evidence of mutual detrimental influence; are there any cables 
fixed to water, gas or any other non-electrical services? (The cables need to be 
far enough away to avoid damage if the non-electrical services are worked on.) 

e Are the cables of different voltage bands segregated? Low voltage, 
separated extra low voltage (SELV), telephone cables or television aerials 
should not be fixed together (although they are permitted to cross). 


Whilst these items are being checked, look in any cupboards for sockets or 
lights. If your customer is uncomfortable with this it is vitally important that 
you document any areas that cannot be investigated in the extent and 
limitation section on the Periodic Inspection Report. During this purely 
visual part of the inspection you will gain some idea of the condition of the 
installation, and indeed any alterations which have been carried out by a 
qualified tradesman or by a cowboy/girl. 


Clearly, if it is an old installation, an electrical installation certificate must be 
completed and some of the items listed above will apply. However, if it is a new 
installation, access to all areas must be secure; if this is not possible then the 
certificate should not be issued. Again, this list is not exhaustive but will not 
require removal of any fittings, etc. 


Providing that you are happy that the installation is safe to tamper with, a 
more detailed visual inspection can be carried out and the dreaded but 
necessary form filling can be started. 


Once again begin at the consumer unit. Before you start, this must be 
isolated. The Electricity at Work Regulations 1989 states that it is an offence 
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to work live. Once you remove a cover you will be working live if you do not 
isolate it first. Having carried out the safe isolation procedure, remove the 
cover of the consumer unit. 


e Your first impression will be important — has care been taken over the 

terminations of cables (neat and not too much exposed conductor) ? 

Are all cables terminated and all connections tight (no loose ends)? 

Are there any signs of overheating? 

Is there a mixture of protective devices? 

Are there any rubber cables? 

Are there any damaged cables (perished or cut)? 

Have all circuits got Circuit Protective Conductors (CPCs)? 

Are all earthing conductors sleeved? 

On a photocopy of a Schedule of Test Results record circuits, protective 

devices and cable sizes. 

© Look to see if the protective devices seem suitable for the size cables that 
they are protecting. 

© Note any type D or 4 circuit breakers — these will require further 
investigation. 
Are all barriers in place? 
Have all of the circuit conductors been connected in sequence, with 
phase, neutral and CPC from circuit number | being in terminal number 
1 — preferably the highest current nearest the main switch? 

° Have any protective devices got multiple conductors in them, are they the 
correct size (all the same)? 

e Is there only one set of tails or has another board been connected to the 
original board by joining at the terminals? 


Having had a detailed look at the consumer unit, and with the installation 
still isolated, carry out a more detailed investigation of the rest of the 
installation. 


It may be that you have agreed with your client that only 10% of the 
installation is to be inspected. This would mean 10% of each circuit. There 
would be little point in inspecting 10% of the circuits. If the period between 
inspections was 10 years it could be many years before a circuit was eventually 
inspected and the exercise would be pointless. 


During your preliminary walk around, you will have identified any areas 
of immediate concern, and these must be addressed as your inspection 
progresses. There is no reason why you should not start your dead testing 
at this point, as you progress through your visual inspection. 
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On radial circuits this would be a good time to carry out CPC continuity, 

R, + Rg, insulation resistance and polarity tests as you work your way round. 
Start at circuit number | and work your way through the circuits one at 

a time. 


But first what are you looking for? Let’s look at a selection of circuits. 


Shower circuit 

Is isolation provided, if so is it within prescribed zones? 
Has the correct size cable/protective device been selected? 
Is it bonded? 

Are connections tight? 

Has earth sleeving been fitted? 

Is the shower secure? 

Is there any evidence of water ingress? 

Is the shower in a bedroom? 


Cooker circuit 

e Is the switch within 2 metres of the cooker or hob? 

°® Has the cooker switch got a socket outlet? If so it requires a 0.4 second 
disconnection time. 

Green and yellow sleeving fitted. 

If it has a metal faceplate has it got an earth tail to the flush box? 

Is the cable the correct size for protective device? 

Are there any signs of overheating around the terminations? 

Is the cooker outlet too close to the sink? Building regulations require 
any outlets installed after January 2005 should be at least 300 mm from 
the sink. 


Socket outlets 

e Is there correct coordination between protective devices and 
conductors? 

® Green and yellow sleeving fitted. 
Do any metal sockets have an earthing tail back to the socket box? 
Radial circuit not serving too large an area (see Table SA of the On-Site 
Guide). 
Secure connections. 
Are cables throughout the circuit the same size? 
Are there any sockets outside? Are they waterproof? Are they 30 mA RCD 
protected? 

e Are there any outlets in the bathroom? If there is, are they SELV? 


DINGS BME BRS LOCK 


ie ml mm = 1:21/7:46 
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Are there socket outlets within 3 metres of a shower installed in a 
bedroom: If there is, are they 30 mA RCD protected? 

Will the protective device for the circuit provide 0.4 seconds disconnection 
time? 


Fused connection units and other outlets 


As above but could be 5 second disconnection time. 

Does it supply fixed equipment in bathrooms? Are they in the correct 
zones? 

Do they require RCD protection? (Regulation 601-09-02 and 601-09-03) 
Permanently connected equipment must be protected locally by a plug or 
fused connection unit or comply with (Regulation 476-03-04). 


Immersion heater circuits 


Is there correct coordination between the protective device and live 
conductors? 

Has the CPC been sleeved? 

Is the immersion the only equipment connected to this circuit? (Any water 
heater with a capacity of 15 litres or more must have its own circuit.) On-Site 
Guide, Appendix 8. Often you will find that the central heating controls 
are supplied through the immersion heater circuit. 

Is the immersion heater connected with heat resistant cord? 

The immersion heater switch should be a cord outlet type; not a socket 
outlet and plug. 

If the supplementary bonding for the bathroom is carried out in the 
cylinder cupboard, does the supplementary bonding include the 
immersion heater switch? (It should.) 


Lighting circuits 


Is there correct coordination between the protective device and the live 
conductors? 

How many points are there on the circuit? A rating of 100 watts minimum 
must be allowed for each lighting outlet. Shaver points, clock points and 
bell transformers may be neglected for the purpose of load calculation. As 
a general rule, ten outlets per circuit is about right. Also remember that 
fluorescent fittings and discharge lamps are rated by their output, and the 
output must be multiplied by a factor of 1.8 if exact information is not 
available (Table 1A of the On-Site Guide). 

Are the switch returns colour identified at both ends? 

Have the switch drops got CPCs? If they have, are they sleeved with green 
and yellow? 

Are the CPCs correctly terminated? 
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e Are the switch boxes made of box wood or metal? 
Are ceiling roses suitable for the mass hanging from them? 

© Only one flexible cord should come out of each ceiling rose unless they 
are designed for multiple cords. 

e Light fittings in bathrooms must be suitable for the zones in which they 
are fitted. 

® Circuits supplying luminaries fitted outside must have a 0.4 second 
disconnection time (Regulation 471-08-03) . 

e Is the phase conductor to ES lampholders connected to the centre pin? 
This does not apply to E14 and E27 lampholders (Regulation 553-03-04). 


Three phase circuit/systems 


These circuits should be inspected for the same defects that you could find in 
other circuits. In addition to this: 


e Are warning labels fitted where the voltage will be higher than expected? 
For example, a lighting switch with two phases in it, or perhaps where 
sockets close to each other are on different phases. 

Are conductors in the correct sequence? 
© Remember PFC should be double the phase to neutral fault current. 


Always remember 
that the reason for 


this inspection is to 
ensure safety 


Occasionally other types of circuit will be found, but the same type of 
inspection should be carried out using common sense. 





Periodic testing 


The level of testing will usually be far less for periodic testing than it is for initial 
verification; this is providing that previous test results are available. If they are 
not, then it will be necessary for the full survey and the complete range of tests 
to be carried out on the installation, to provide a comprehensive set of results. 


The level of testing will depend largely on what the inspector discovers during 
the visual inspection, and the value of results obtained while carrying out 
sample testing. If any tests show significantly different results, then further 
testing may be required. 


In some cases, up to 100% of the installation will need to be tested. Periodic 
testing can be dangerous, and due consideration should be given to safety. 
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Persons carrying out the testing must be competent and experienced in 
the type of installation being tested and the test instruments being 
used. 


There is no set sequence for the testing which may be required for the 
completion of the periodic inspection report. The sequence and type of tests 
which are to be carried out are left to the person carrying out the test to 
decide upon. Where tests are required, the recommendations for these tests 
would be: 


Recommended tests 


Continuity of protective conductors Between the distribution board earth terminal 
and exposed conductive parts of current using 
equipment. 

Earth terminals of socket outlets (test to the 
fixing screw of outlet for convenience). 





Ring circuit continuity Only required where alterations or additions 
have been made to the ring circuit. 





Polarity Live polarity tested at the origin of the 
installation. 
Socket outlets. 
At the end of radial circuits. 
Distribution boards. 


Earth fault loop impedance At the origin of the installation for Z,. 
Distribution boards for the Z, of that board. 
Socket outlets and at the end of radial 
circuits for Zs. 
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Voltage drop in conductors 


It is part of the inspection process to ensure that installed conductors have 
been correctly selected for current carrying capacity and voltage drop. 

To check the suitability of the current carrying capacity it is simply a matter of 
looking at the installation method, and then checking on the current carrying 
capacity tables for the cable in Appendix 4 of BS 7671. 


To ensure that the cable meets the voltage drop requirements is slightly more 
complex. A simple method is to measure the voltage at the origin of the 
circuit, and then measure the voltage at the end of the circuit with the load 
connected and switched on. The difference between the two measurements 
will be the volt drop. 


If the first method is impractical, then a resistance test should be carried out 
between the phase and neutral of the circuit. This test is carried out using the 
same method as the R, + Rg test although, instead of the test being between 
phase and CPG, it is between the phase and neutral for the circuit. Once the 
resistance Ry, + R,, of the circuit has been measured it should be multiplied 

by the current that will flow in the circuit. This will give you the volt drop for 
the circuit. 





Example 


A circuit is wired in 2.5 mm? and is 25 metres in length. The current in the 
circuit is 18 amps. 


The measured value of resistance is 0.37 Q 


Voltage drop = I X R= V 
18 X 0.37 = 6.66 volts. 


This is the voltage drop for the circuit. 
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Testing of electrical 
installations 


Safe isolation 


It cannot be over-emphasized how important it is that isolation of electrical 
circuits is carried out in a set sequence, and that this sequence is repeated 
each time a circuit or complete installation is to be isolated. 


If the same procedure is followed each time isolation is carried out, it will 
soon become a habit, which can only be a good thing as it may save your 
life. 


It is vital that the correct test equipment is used for isolation and that it complies 
with the Health and Safety Executive document GS 38. This document gives 
guidance on the use of test equipment, particularly leads and probes. 


The GS 38 document is not a statutory document but if the guidance given in 
the document is followed, it will normally be enough to comply with the Health 
and Safety at Work Act 1974, the Electricity at Work Regulations 1989 

and any other statutory requirements that may apply. The items of equipment 
that should be available to persons carrying out the safe isolation 

procedure are: 


e A proving unit 
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e An approval voltage 
indicator (left) and 
test Lamp (right) 


- : A® 


°® Locking devices : ” 
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Another useful piece of equipment is: 


e An R, and Rg box. This will not only be useful for the safe isolation of 
socket outlets, it can also be used for ring circuit testing and the Ry + Ry 
testing of radial circuits incorporating a socket or socket outlets without 
having to remove them from the wall. 





R, andj Re box 


Neutral Earth (Live) 
phase 


The leads should be: 


Flexible and long enough, but not too long. 

Insulated to suit the voltage at which they are to be used. 

Coloured where it is necessary to identify one lead from the other. 
Undamaged and sheathed to protect them against mechanical damage. 


The probes should: 


e Have a maximum of 4mm exposed tip (preferably 2mm). 

© Be fused at 500 mA or have current limiting resistors. 

° Have finger guards (to stop fingers slipping on to live terminals). 
© Be colour identified. 
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Isolation procedure 


It is very important to ensure that the circuit that you want to isolate is live 
before you start. To check this, a voltage indicator/test lamp or a piece of 
equipment that is already connected to the circuit should be used. If it 
appears that the circuit is already dead, you need to know why. 


Is somebody else working on it? 
Is the circuit faulty? 

Is it connected? 

Has there been a power cut? 


You must make absolutely certain that you and you alone are in control of 
the circuit to be worked on. Providing the circuit is live you can proceed as 


follows: 
STEP 1 STEP 2 
Ensure voltage indicator/test lamp is working Test between all live conductors and live 
correctly. conductors and earth. 





Voltage lights lit 
Voltage lights lit 
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STEP 3 


Locate the point of isolation. Isolate and lock off. 


Place warning notice (DANGER ELECTRICIAN 
AT WORK) at the point of isolation. 





Isolate and lock off Place warning notice 


STEP 4 


Test circuit to prove that it is the correct circuit 
that you have isolated. 





No voltage lights lit 


Be careful! Most test lamps will trip an RCD when testing between live and earth, it is better to use an approved voltage 


indicator to GS 38 as most of these do not trip RCDs 





Pl omy 2:02 /7:46 
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STEP 5 


Check that the voltage indicator is working 
by testing it on a proving unit or a known live 


supply. 


When carrying out 
the safe isolation 
procedure never 


assume anything, 
always follow the 
same procedure 








Voltage lights lit 


It is now safe to begin work. 


If the circuit which has been isolated is going to be disconnected at the 
consumer’s unit or distribution board, REMEMBER the distribution board 
should also be isolated. The Electricity at Work Regulations 1989 do not 
permit live working. 
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Testing for continuity of protective conductors 


Main equipotential bonding 


This test is carried out to ensure that the equipotential bonding conductors 
are unbroken, and have a resistance low enough to ensure that, under fault 
conditions, a dangerous potential will not occur between earthed metalwork 
(exposed conductive parts) and other metalwork (extraneous conductive parts) ina 
building. 


It is not the purpose of this test to ensure a good earth fault path but to 
ensure that, in the event of a fault, all exposed and extraneous conductive 
parts will be live at the same potential, hence EQUIPOTENTIAL bonding. In 
order to achieve this, it is recommended that the resistance of the bonding 
conductors does not exceed 0.052. 


Table 54H of the On-Site Guide and Regulation 547-02-02 in BS 7671 cover the 
requirements of equipotential bonding. Table 10A of the On-Site Guide is also 
useful. Maximum lengths of copper bonding conductors before 0.05 is 
exceeded. 


Length in metres 





The test is carried out with a Low Resistance Ohm meter and often can 
only be carried out on the initial verification; this is because one end of 
the bonding conductor must be disconnected to avoid parallel paths. 
When disconnecting a bonding conductor, it is important that the 
installation is isolated from the supply. On larger installations it is often 
impossible to isolate the installation and, therefore, the conductor must 
remain in place. The instrument should be set on the lowest value of 2 
possible. 
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STEP 1 sua sh 2000MQ 


Mo 
500V 20M0 as 
Isolate supply (as safe isolation procedure) Bg 
OFF © | 20002 
a a ma 
Auto null 200 


STEP 2 


Disconnect one end of the conductor 

(if possible, disconnect the conductor at the 
consumers unit, and test from the disconnected end 
and the metalwork close to the bonding conductor. 
This will test the integrity of the bonding clamp) . 














Test leads 





1000V 2000MO 
Measure the resistance of test leads or null 500V 200M0. 
leads (these may be long as the only way that we 250V ha 20Ma a 
can measure a bonding conductor is from end to OFF @| 20000 
end). a a 2000. \\, 
Auto null 200, 














Nulled leads 
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STEP 4 


Connect one test lead to the disconnected 
conductor at the consumer’s unit. 


Note: Safety notice removed for clarity. 


STEP 5 


Connect the other end of the test lead to 
the metalwork that has been bonded 
(connecting the lead to the metalwork 
and not the bonding clamp will prove 
the integrity of the clamp). 


STEP 6 


If the instrument is not nulled remember 
to subtract the resistance of the test leads 
from the total resistance. This will give you 
the resistance of the bonding conductor. 
If the meter you are using has been nulled, 
the reading shown will be the resistance of 
the conductor. 





Isolated and locked off Disconnected Test lead 
conductor 





Bended metalwork Other end of test lead 





Very low value—less than 0.05A 


Testing of Electrical Installations 





STEP 7 


Ensure that the bonding conductor is reconnected on completion of 
the test. 


Whilst carrying out this test a visual inspection can be made to ensure 
that the correct type of BS 951 earth clamp, complete with label is 
present, and that the bonding conductor has not been cut if it is 
bonding more than one service. 


If the installation cannot be isolated on a periodic inspection and test, 
it is still a good idea to carry out the test; the resistance should be a 
maximum of 0.052 as any parallel paths will make the resistance lower. 
If the resistance is greater than 0.05 the bonding should be reported 
as unsatisfactory and requires improvement. 


In some instances the equipotential bonding conductor will be visible 
for its entire length; if this is the case, a visual inspection would be 
acceptable, although consideration must be given to its length. 





For recording purposes on inspection and test certificates no value is Y 
required but verification of its size and suitability is. Correct 


Items to be bonded would include any incoming services, such as: water 
main, gas main, oil supply pipe, LPG supply pipe. Also included would 
be structural steel work, central heating system, air conditioning, and 
lightning conductors within an installation (before bonding a lightning 
conductor it is advisable to seek advice from a specialist). 


This is not a concise list and consideration should be given to bonding 
any metalwork that could introduce a potential within a building. 





x 


Incorrect 
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Continuity of supplementary bonding 
There are two general reasons for carrying out supplementary equipotential 
bonding. 


Supplementary bonding 1 


This is required when there is an increased risk of electric shock (Regulation 
471-08-01). 


BS 7671 states that supplementary bonding must be installed in 
bathrooms/shower rooms and swimming pools. 





It should be remembered that, although Regulation 601-04-01 requires that 
we must bond the exposed and extraneous conductive parts in bathrooms, 
this Regulation applies only to zones 1, 2, and 3. 


Due consideration must be given to other areas where there is an increased 
risk of electric shock. There is no specific requirement to carry out 
supplementary bonding in Kitchens. However, if it is thought by the installer 
that there is an increased risk of electric shock, there is no reason why 
bonding could not be carried out, it will do no harm providing it is carried 
out correctly. 


On occasions it is often useful to carry out supplementary bonding, 
particularly under Kitchen sinks. This may not be for electrical reasons, 

more for visual purposes — bonding is not well understood by many people. 
A possible scenario might be where you may have travelled 20/30 miles to 

fit a Kitchen and completed everything to comply with the required 
regulations. A few days later, before you have been paid for the work you 
receive a phone call from your customer, informing you that his next door 
neighbour has spotted that you have not bonded the sink. Of course your 
customer will believe his neighbour is right and that you have forgotten 
something or tried to save a bit of money. The choice is now yours, do you try 
and convince your customer that his neighbour is wrong or do you travel back 
to the job to carry out the bonding to ensure payment? Perhaps for the sake 
of a couple of earth clamps and a short length of 4mm, it would have been 
cheaper just to bond it in the first place. 


Where complimentary supplementary bonding is used in this instance a test 
must be carried out to ensure that the resistance between exposed and 
extraneous conductive parts is in place and has a resistance of less than 
0.05. The instrument to be used is a low resistance ohm meter. 
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Probe on solid metal part of tap 





Probe on unpainted metal work 





Bonding conductor 


A visual check must be made to ensure that the 
correct earth clamps have been used and that they 
have the correct labels attached. 


It is perfectly acceptable to use the pipe work and 
structural steelwork within the area as a bonding 
conductor, and bonding can be carried out adjacent 
to the area providing that the integrity of the pipe 
work/steelwork can be assured. An airing cupboard 
would be a good example of a suitable place to 
bond. 


If it is necessary for the lighting point or electric 
shower in a bathroom (remember if they are not within 
zones I, 2, or 3 no bonding is required), there is no 
reason why the bonding conductor could not be 
simply attached to a pipe within the roof space, 
which is bonded elsewhere and passes near the 
item which requires bonding. The correct bonding 
clamps and labels should always be used. 


If using pipe work of plumbing and heating systems 
as bonding, continuity of the pipe work must be 
verified. The resistance values are the same as if 
copper cables were used. Tests must be made 
between exposed and extraneous conductive parts 
to ensure that the resistance does not exceed 
0.05Q. This is a simple test carried out using a low 
resistance ohm meter. A probe of one lead should 
be placed on one metal part and the probe of the 
other lead placed on an adjacent metal part. The 
resistance must be no greater than 0.052. 


Problems can arise if the pipe work is altered and 
plastic push fittings are used. Clearly these will not 
conduct and the bonding continuity could be 
compromised. If ever a plastic plumbing fitting is 
used on copper pipe work, consideration should be 
given to the installation of a bonding conductor 
installed across the fitting. 
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It is acommon belief that water in pipe work will 
conduct; in fact, the current that would flow through 
water in a 15mm diameter pipe which has a plastic joint 
in it is very small. 


To find out just how much, I set up a simple controlled 
experiment, two short lengths of 15mm pipe were 
joined using a 15mm plastic push fit coupler. The pipe 
was then filled with water and the two ends of the joined 
pipe were connected to a 230 volt supply. The current 
flowing was measured to be 0.003 Amperes (3 mA). The 
current flow would increase if the water had central 
heating additives in it, but not considerably. 


In bathrooms/shower rooms where the plumbing has 
been carried out using plastic pipe, the pipe work does 
not need supplementary bonding; however, it should be 
remembered that electrical appliances and any 
extraneous/exposed conductive parts within zones 1, 2 
and 3 must still be bonded. Figure 4d and 4e in section 4 
of the On-Site Guide are good places of reference for this. 





For the sizing of supplementary bonding Table 10b in Appendix 10 of the 
On-Site Guide should be used. As a general rule, supplementary bonding 
within a bathroom should be 2.5 mm? if mechanically protected or 4mm? if 
not. It is usually easier to use 4mm” to save the trouble of mechanically 
protecting the bonding conductor (see Regulation 547-03 of BS 7671). 


Supplementary bonding 2 


Used where, due to various circumstances, the required disconnection time 
cannot be met by conventional methods, and where it is not desirable to use a 
residual current device. Supplementary equipotential bonding may be used as 
a means of compliance (Regulation 413-02-04 (i)). 


Wherever supplementary bonding is used in this instance it must be tested to 
ensure that the resistance between two parts is less than the value R obtained 
by the following formulae: 


R = maximum resistance of bonding conductor; 50 = the safe touch voltage 
(this may be 25 volts in special locations); I, = fault current needed to operate 
the protective device within 5 seconds (Regulation 413-02-28). 
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If the circuit is protected by a Residual current device I, may be substituted 


by IA,,. 
The fault current can be found in Appendix 3 in BS 7671 or by using the 
calculation: 
L= Voc 
Zs 


Uoc = open circuit voltage of supply transformer; Z, = maximum earth loop 
impedance for the protective device. 


The test should be carried out between exposed and extraneous conductive 
parts, using a low resistance ohm meter with long leads to find out the 
resistance between them. If the resistance is higher than that required, then 
supplementary bonding is required. 


Exposed conductive parts Extraneous conductive parts 





Screw fixings are earthed Unpainted metal work 





Example 1 


A circuit on a TN system is to be altered. The current carrying capacity and 
the volt drop of the cable are adequate for the load. However, the Zs value is 
too high for the 20A BS 1361 protective device which is being used to protect 
the circuit. 
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The maximum resistance permissible between exposed and extraneous 
conductive parts must be calculated. 


The first step is to find the current that would cause automatic disconnection of the supply. 


T Voc 
a 7, 
I= ae = 81.91 amps 
93 


This value can also be found in Figure 3.1 of Appendix 3 of BS 7671 (it is rounded up 
to S2 amps). 


The maximum permissible resistance between conductive parts can now be found by: 


ee 
I 

R= 29-960 
8 


Supplementary bonding is installed where there is a risk of simultaneous contact with any 
extraneous and exposed conductive parts. Its purpose is to ensure that the potential between 
any of these parts does not rise above a safe value. In most cases, this value is 50 volts, 
although some chapters in Part 6 of BS 7671 require a maximum potential of only 25 volts. 


Determining if a part is extraneous, or just a piece of metal 
A test should be made using an insulation resistance tester set on mQ), 
supplying 500 volts. 


Connect one test lead to the metal part and the other lead to a known earth. If 
the resistance value is 0.02 mQ (20,000Q) or greater, no supplementary bonding 
is required. If less than 0.02 mQ, supplementary bonding should be carried out. 


If we use Ohm’s law we can see how this works: 


i= I: = 0.025 A 
R 20,000 





This shows that a current of 25 mA would flow between the conductive parts; 
this would of course only be 0.012 amp if the fault was on a single phase 
230 volt supply. This current is unlikely to give a fatal electrical shock. 


The test must not be confused with a continuity test. It is important that an 
insulation resistance tester is used. 


> pl m 2:32/7:46 
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Continuity of circuit protective conductors 


This test is carried out to ensure that the CPC of radial circuits are intact and 
connected throughout the circuit. The instrument used for this test is a low 
resistance ohm meter set on the lowest value possible. 


This is a dead test and must be carried out on an isolated circuit. 


Testing can be carried out using two methods. 


Method one 


STEP 1 


Using a short lead with a crocodile clip on each end, 
bridge phase and CPC together at one end 

of the circuit (7¢ does not matter which end, although 

it is often easier to connect at the distribution board as 

this will certainly be one end of the circuit). 


The resistance of this lead plus the resistance of the 
test leads should be subtracted, or the instrument 
nulled before the R; + Rog reading is recorded. 





STEP 2 Connect to main earth terminal Connect to phase conductor 


At each point on the circuit test between phase and 
CPC. 





Terminal of switch return Earthing terminal Earthing terminal Switch return 
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Keep a note of the readings as you carry out the test, they should increase as 
you move further from the connected ends. The highest reading obtained 
should be at the furthest end of the circuit and will be the R, + Ro of the 
circuit. This value should be recorded on the schedule of test results. If the 
highest reading is obtained at a point which is not the furthest from the 
circuit, further investigation should be carried out as it may indicate a loose 
connection (high resistance joint). 


In some instances only the value of Ro may be required. Where the phase 
conductor is the same size as the CPC the total measured resistance can be 
divided by 2 as the phase and CPC resistance will be the same. If the phase 
and CPC are of different sizes (this is usual in twin and earth thermoplastic 
cable) the Rg value can be calculated using the following formula: 


A phase 
ACPC + A phase 





Ry =R, +R, X 


Ro = resistance of CPC in ohms; R; + Ro = measured value of resistance 
in ohms; A phase = Area of phase conductor in mm?:; A CPC = Area of 
CPC mm?. 


Example 2 


A radial circuit is wired in 2.5 mm? phase and 1.5mm? CPC. The test 
resistance of Ry + Rg is 0.37Q. 


To calculate the resistance of the CPC on its own: 


ae. 
25415 


R, = 0.37 X 0.625 = 0.232 


If the CPC is smaller than the phase conductor, the resistance of the CPC conductor will 
always be greater than the phase conductor as it has a smaller cross-sectional area. 


Another method of determining Rg is described in the ring circuit test. 
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Method two 


This method will prove CPC continuity and is usually only used where the 
circuit is wired in steel enclosures where parallel paths to the CPC may be 
present and the R, + Ro value would not be a true value. Or where the CPC 
resistance is required for use with Table 41C of the Wiring Regulations. 


This method uses a long lead. One end is connected to the earth terminal of 
the distribution board, and the other connected to a low resistance ohm 
meter. The short lead of the ohm meter is then touched onto each fitting to 
ensure that it is connected to the CPC. The highest reading minus the 
resistance of the leads can be recorded as the Rg reading. 


If the furthest point of the circuit is known, and no parallel paths exist, the 
Ry, + Rg reading can be carried out first using Method one, and then a test 
between earthed metal at each point can be made to ensure that the CPC is 
connected to each point on the circuit, using Method two. This method is 
particularly useful where there are a lot of enclosed metal fittings and 
dismantling them would be impractical. 


Ring final circuit test 
The purpose of this test is to ensure that: 


The cables form a complete ring. 
e There are no interconnections. 
© The polarity is correct on all socket outlets. 


When this test is carried out correctly it also gives you the R; and Rg value of 
the ring and identifies spurs. 


Table 8A in the On-Site Guide provides information on final circuits for socket 
outlets. This table states that a ring circuit is to be wired in 2.5 mm? phase 
conductor and 1.5mm? CPC as a minimum size. This type of circuit is an Al 
ring and should be protected by a 30/32 amp overcurrent protective device. 


Complete ring circuit 


A test must be carried out on the conductors to verify that they form a 
complete loop. If it is found that they do not, overloading of the cables could 
occur. In installations where more than one ring circuit has been installed, it 
is possible for the ends of the ring to become muddled, resulting in the 
circuits being supplied through two protective devices. 


Testing of Electrical Installations rm 
43 

































































Earth Bar [0] 




















Neutral Bar 


[a] 





































































































Complete ring circuit 


The whole point of a ring circuit is that it can be wired in small CSA cables 
but carry a reasonably high current, this is because we have two 2.5 mm? 
cables wired in parallel (Regulation 473-01-06). If we look at Table 4D5A in BS 
7671, the value of current that 2.5 mm? cable can carry is 20 amps in the worst 
type of conditions. 


If we use two of these conductors in parallel, we will have a total current 
carrying capacity of 40 amps. As one of the jobs of the protective device is to 
protect the cable, this situation will be fine because the protective device is 
smaller than the total current carrying capacity of the cables in parallel. 


Broken ring circuit 


If, however, we found the ring to be broken, the protective device could not 
do its job as it is rated at 32amps and the cable is rated only at 20amps. Hence 
overloading! 


Interconnections 


Occasionally a situation will be found where there is a ring within a ring, in 
other words the ring is interconnected. 
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Broken ring circuit 
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Interconnected ring circuit 


Testing of Electrical Installations 





This situation, as it is, will not present a danger. However, it will make it very 
difficult for a ring final circuit test to be carried out as, even if the correct 
ends of the ring are connected together, different values will be found at 
various points of the ring. If one loop is broken, a test at the consumer’s unit 
will still show a complete ring. It will not be until further tests are performed 
that the interconnection/broken loop will be found. 


Polarity 


Each socket outlet must be checked to ensure that the conductors are 
connected into the correct terminals. Clearly if they are not, serious danger 
could occur when appliances are plugged in. 


It could be that phase and neutral are the wrong polarity; the result of this is 
that the neutral would be switched in any piece of equipment with a single 
pole operating switch. 


If the live conductors and CPC are connected with reverse polarity, then the case 
of any Class 1 equipment could become live and result in a fatal electric shock. 


Performing the test 


The instrument required is a low resistance ohm meter set on the lowest scale, 
typically 202. Be sure to zero the instrument or subtract the resistance of the 
leads each time you take a reading. 


This is a dead test! Safe isolation must be carried out before working on this circuit 
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STEP 1 
Isolate circuit to be tested. ls 


STEP 2 





LOS 


Identify legs of ring. 











STEP 3 


Test between ends of phase conductor and note the 
resistance value. 


Instrument set to 2 for whole test. 





Ends of phase conductor 


STEP 4 


Test between ends of neutral conductor. This value 
should be the same as the phase conductor 
resistance as the conductor must be the same size 
(see Note 1). 





Ends of neutral conductor 
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STEP 5 


Test between the ends of the CPCs. If the conductor 
size is smaller than the live conductors (as 7s usually 
the case when using twin and earth cable), the 
resistance value will be higher (see Note 2); make a 
note of this reading. 


a 
aaa = 
* 





Ends of CPCs 


STEP 6 


Join P of leg 1 to N of leg 2. 


Test between N of leg 1 and P of leg 2. The 
measured resistance should be double that 
of the phase conductor. 





Resistance P2 P1 joined to N2 N1 
double that of 
phase conductor 
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STEP 7 


Join N of leg 1 to P of leg 2 together (leaving 
N2 and P1 joined). 


Test between joined ends. 


The measured value should be vA of test between 
N of leg 1 and P of leg 2. 





P2 joined Resistance 1/4 Testbetween  P1 still joined 
to N1 of that tested joined ends to N2 
between 
Nl and P2 


STEP 8 


Leave the ends joined. 


Test between P and N at each socket outlet, the 
resistance should be the same at each socket 
(see Note 1). 


A higher reading should be investigated, although 
it will probably be a spur it should be checked as 
it may be a loose connection (high resistance joint). 





Resistance value N P Test at 
the same at each each socket 
socket outlet 
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STEP 9 


Disconnect the ends and repeat the test using 
phase and CPC conductors (see Note 3). 





Phase CPC joined to phase CPC 





CPE P Test at each 
socket outlet 





P2 joined P1 joined 
toCPC 1 to CPC 2 


The highest value (which will be the spur) will be the Ry and Rg value for this 
circuit. 


3h, OPENMES! 


+* a 4 


@) ©2437 7:46 
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Notes 


1. If with ends connected (P1/N2 and P2/N1) a substantially different 
resistance value is measured at each socket outlet, check that the correct 
ends of ring are connected. A difference of 0.05 2 higher or lower would 
be acceptable. 

2. In a twin and earth cable the CPC will usually have a resistance of 1.67 
times that of the phase conductor as it has a smaller cross-sectional area. 

3. When phase and CPC conductors are not the same size a higher 
resistance value will be measured between Phase and CPC than Phase 
and neutral. It will also alter slightly as the measurement is taken around 
the ring, the resistance will be lower nearer the joined ends and will 
increase towards the centre of the ring. The centre socket of the ring 
will have the same resistance value as the test between the joined 
ends. 

4. If the circuit is contained in steel conduit or trunking parallel paths may 
be present, this would result in much lower R; + R) resistance values. 

5. Some certificates may require r, to be documented. This is the resistance 
of the neutral loop measured from end to end. 





Example 3 


Let’s use a 2.5/1.5 mm? twin and earth cable 22 metres long. If we look at 
Table 9A in the On-Site Guide we will see that the resistance of a copper 
2.5mm? conductor has a resistance of 7.41 mQ per metre. 


The resistance of the phase conductor will be. 


7.41 X 22 
1000 


= 0.1632 


Divide the largest conductor by the smallest to find the ratio of the conductors (how 
much bigger is the larger conductor?) . 


ne 
Ls 


The 2.5mm? conductor is 1.67 X larger than the 1.5mm? conductor; therefore, it must 
have 1.67 X less resistance than the 1.5mm? conductor. 
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If we now multiply the resistance of the phase conductor by 1.67: 
0.163 X 1.67 = 0.27) this is the resistance of the 1.5 mm? conductor. 


We can check this by looking at Table 9A of the On-Site Guide once again, and we can 
see that the resistance of 1.5mm? copper is 12.10mQ per metre. Therefore, 22 metres of 
1.5 mm? copper will be: 


22 X 12.10 
1000 


= 0.26622 


As a final check, if we look at Table 9A of the On-Site Guide for the resistance of a 
2.5mm?2/1.5 mm? cable, we will see that it has a resistance of 19.51 m2 per metre, and 
that 22 metres of it will have a resistance of: 


22 X 19.51 
1000 


= 0.4292 


The resistance value of the 2.5 mm? is 0.163Q; and the resistance value of the 
1.5 mm? is 0.26622. 


If we add them together. 0.1632 + 0.2662 = 0.42992. Finally, 0.42922 is the 
resistance of our 2.5 mm?/1.5 mm? measured as one cable. 


Insulation resistance test 


This is a test that can be carried out on a complete installation or a single 
circuit, whichever is suitable or required. The test is necessary to find out if 
there is likely to be any leakage of current through the insulated parts of the 
installation. A leakage could occur for various reasons. 


A good way to think of this test is to relate it to a pressure test — we know that 
voltage is the pressure where the current is located in a cable. On a low 
voltage circuit, the expected voltage would be around 230V a.c. The voltage 
used in an insulation test on a 230 V circuit is 500 V, which is more than 
double the normal circuit voltage. Therefore, it can be seen as a pressure 
test similar to a plumber pressure testing the central heating pipes. 


Low insulation resistance 


Cable insulation could deteriorate through age. A low insulation 

resistance caused through age will often be found in installations where 
rubber-insulated cables have been used. Cables which are crushed under floor 
boards, clipped on edge, or worn thin where pulled through holes in joists 
next to other cables, can give a very low reading. 
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Low insulation resistance could be found if a building has been unused for a 
period of time, due to the installation being affected by dampness in the 
accessories. Low insulation resistance readings will also often be found where a 
building has been recently plastered. In theory, long lengths of cables or circuits 
in parallel could give low readings due to the amount of insulation (the longer the 
circuit or the more circuits, the more insulation there will be for leakage to occur). 


The instrument used to carry out this test is an insulation resistance tester. To 
comply with the requirements of the Health and Safety Executive the 
instrument must be capable of delivering a current of 1 mA when a voltage of 
500 V.d.c is applied to a resistance of 0.5 MQ. Table 71A in BS 7671 gives the 
test voltages and minimum acceptable resistance values. 


The values are shown here: 


Circuits between Circuits between Circuits between 
0V and 50V a.c. 50V a.c. and 500 V and 
500 V a.c. 1000 V a.c. 


Required test voltage 250V d.c. ETUUM as res 1000V d.c. 
Minimum acceptable 0.25 MQ 0.5 MQ BY 60) 


In 17th Edition of the (0.5 MQ) (1MQ) (CAWKg)) 
Wiring Regulations 





Domestic installations 


Remember that testing should be carried out from the day the installation 
commences (Regulation 711-01-01). 


Testing a whole installation 


In new domestic installations it is often easier to carry out insulation 
resistance testing on the whole of the installation from the meter tails before 
they are connected to the supply. If this is the preferred choice the test should 
be carried out as follows: 


Safe isolation must be carried out before commencing this test. 
Inform any occupants of the building that testing is to be carried out. 
Ensure that all protective devices are in place and switched on. 
Remove all lamps from fittings where accessible. 

If the lamps are not accessible or if a luminaire with control gear 
(fluorescent) is connected, open the switch controlling the luminaire 
(Note 6). 
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The same applies to extra low voltage transformers. 


© Where dimmer switches are fitted it is important that they are either 
removed and the switch wires joined, or that the switch is bypassed (Note 7). 
Any accessories with indicator lamps are switched off (Note 8). 
Passive infra red detectors (PIRs) are removed or bypassed (Note 9). 
All fixed equipment such as cookers, immersion heaters, boilers and 
television amplifiers are isolated. 
Shaver sockets are disconnected or isolated (Note 9). 
Items of portable equipment are unplugged. 


Great care must be taken as, during this test, 500 V will be passed through any 
electrical equipment which is left connected. This could damage the 
equipment or, at the very least, cause low readings to be obtained during the 
test. Once all precautions have been taken proceed with the test as follows: 


Notes 


1. The control equipment within discharge lamps will cause very low 
readings. It is quite acceptable to isolate the fitting by turning off the 
switch. This is more desirable than disconnecting the fitting. After the test 
between live conductors is completed the control switch for the 
luminaire should be closed before carrying out the test between live 
conductors and CPC. This is to ensure that all live conductors are tested 
for insulation resistance to earth. 

2. Most dimmer switches have electronic components in them and these 
could be damaged if 500 V were to be applied to them. It is important 
that wherever possible the dimmer switches are removed and the phase 
and switch return are joined together for the test. 

3. Neon indicator lamps will be recognized as a load by the test instrument 
and will give a very low insulation value. All that is required is for the 
switch on the accessory to be turned off. 

4. Passive infra red detectors will give very low readings and may be damaged 
by the test voltage. Either disconnect it or test between live conductors and 
earth only on circuits containing PIRs. The same applies to shaver sockets. 
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SYP wee Set insulation resistance tester to 500 V. 


Some instruments have settings for Meg ohms and some 
are self ranging. If yours requires setting then 200 MQ 
or higher is the setting to use. 


STEP 2 


To ensure that the test results are accurate it is 
important to ensure correct operation of instrument 
and the integrity of the leads. Push the test button with 
the leads disconnected. The resistance shown on screen 
should be the highest that the instrument can measure. 


STEP 3 


Join leads and operate instrument again, the resistance 
shown on screen should be the lowest value possible 
(0.0 mQ) in all cases. 








1000V 
500V 
250V 


OFF(O 


10) 
Auto null 


2000MQ 


200MQ, 
20MQ 
20000 
ne 
200 














Over range Leads not connected 


Closed circuit Leads connected 
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STEP 4 


When testing the whole installation from the 
disconnected tails, it is important that the 
main switch is in the on position and that the 
protective devices are in place. If they are 
circuit breakers they must be in the ‘on’ 
position. 


Test between live conductors (tails) and 
operate any two-way and intermediate 
switching. This is to ensure that all switch 
wires and strappers are tested and that the 
switch returns have been correctly identified 
and connected (no neutrals in the switches). 


STEP 5 


Join live conductors (tails) together, connect 
IR tester leads, one on live conductors and 
the other on the earthing conductor, carry 
out the test and again operate all two-way 
and intermediate switching. 





Connected to live conductors Main switch and 
circuits on 





Earthing Live conductors Main switch 
conductor joined together and circuits on 
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Table 71A of BS 7671 give the acceptable insulation resistance as 0.5 MQ. This 
is for a single circuit or a complete installation. Guidance Note 3 in BS 7671 
recommends that any circuit under 2 MQ should be investigated, as such a low 
insulation resistance value could indicate a latent defect. Although these 
values will comply with the requirements of BS 7671, they are very low values 
for the majority of domestic circuits and installations. 


Depending on the type of circuit it may be wise to carry out further 
investigation on the circuit with the lower reading. It would be very rare 
that an insulation resistance value of between 0.5 MQ and 2 MQ would be 
acceptable. There would have to be a very good reason for this, and it would 
need to be monitored to ensure that there was not continued deterioration. 


A low value would possibly be acceptable if, for instance, a building had been 
empty and unused for a period of time, or perhaps an underground cable which 
had been unused for some time was to be reconnected to supply an outbuilding, 
or any other outdoor circuit. It could be that, after a period of continued use, 
the insulation resistance rises; only regular testing would show this. 





Example 4 


An installation consisting of five circuits is tested as a whole, and the 
insulation resistance value between live conductors and earth is found to be 
less than 2MQ. 


The installation is split into individual circuits and each circuit is tested again, all 
circuits are found to be greater than 200 MQ except a mineral insulated cable serving 
electrically opening gates 30 metres from the building. This circuit is found to have an 
insulation resistance value of 2 MQ. In this instance, the value would be compared to 
previous results to see if any deterioration had occurred since the last test. In the likely 
event that previous results are not available, the result could be recorded for future 
reference. 


If, however, the low value circuit was a new circuit wired in PVC thermoplastic cable, 
6 metres long further investigation should be carried out as the insulation resistance for 
this circuit should be beyond the scale of the test instrument; in this case > 200 MQ. 


When testing is carried out on any installations it is important that the results 
are thought about and not just recorded. As shown in the example above, an 
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element of careful thought and sensible judgement has to be included in the 
testing process. 


Ifa high insulation resistance value for a complete installation is measured, it 
is permissible to enter this value for all circuits on the schedule of test results. 


Testing of individual circuits 


If it is necessary to test individual circuits, the same process can be applied to 
new and existing circuits; and the same safety precautions must be taken. 


Ensure that safe isolation of the circuit to be tested is carried out. It is 
preferable for safety reasons to isolate the whole of the distribution board if 
possible. If not, each circuit can be isolated individually by removing the fuse 
or turning off and locking off the circuit breaker. 


It will be necessary to disconnect the neutral or CPC of the circuit to be 
tested. This is because the neutrals for all of the circuits will be connected toa 
common neutral bar and the CPCs for all circuits will be connected toa 
common earth bar. 


Check that equipment vulnerable to testing, or any equipment that could 
produce a low insulation resistance reading is disconnected or isolated. 


Carry out a test between live conductors. And then live conductors and earth. 





If there was an 
insulation fault 
between any 
neutral and CPC in 
the system it would 
show up as a fault 
on all circuits, 
disconnection of 
the neutral or CPC 
will stop this 
happening. 





Neutral Between live conductor and earth Earthing 
terminal 


Neutral Between live conductors Phase 
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Earthing Between live conductor and earth 
terminal Earthing terminal Live conductors 


Where testing between live conductors and earth the live conductors can be 
joined and then tested to earth. Alternately, they can be tested separately, 
whichever is the easiest. 


If, for some reason, there is a piece of equipment connected to the system 
that cannot be isolated from the circuit under test, do not carry out the test 
between live conductors — only test between live conductors and earth. This is 
to avoid poor readings and possible damage to equipment. This test should 
only be carried out on individual circuits, not whole installations, as it is 
important to test as much of the installation as possible. 
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Testing of 3 phase installations 


When testing 3 phase and neutral (TP&N) installations or circuits the same 
safety precautions apply as when testing single phase installations or circuits. 


The test for the whole installation can be carried out on the isolated side of 
the main switch. If this is the chosen method it is important to ensure that all 
of the protective devices are in the ‘on’ position. Safe isolation must be 
carried out before commencing this test. 


STEP 1 


The instrument should be set on 500 
volts DC. 





Phase L2 and L3 Locked off and isolated 
S¥U@ay Test between all phase conductors. 





Phase L1 and L2 Locked off and isolated 
Phase L1 and L3 Locked off and isolated 


> Ppl @ 2:51/7:46 
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STEP 3 


Test between all phase conductors 
and neutral, the phase conductors 
can be joined together for this 
test to save time. 


STEP 4 


Test between all phase conductors 
and earth. The phase and 
neutral conductors can be joined 
to save time. 


STEP 5 


Test between neutral and earth. 





Locked off All phases Neutral 
and isolated joined together 





Earth Locked off All phases joined 
and isolated together 





Earth All phases Locked off Neutral 
joined together and isolated 
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SUM The resistance values should be 2 MC) or greater for each circuit 
and the whole installation must have an insulation resistance of 
greater than 0.5 MQ. 


SoeHwvae If a circuit is found to have an insulation resistance of less than 
2 MQ it should be investigated. 


SMU0we Ensure that any links used for testing are removed prior to the 
switching on of the supply. 


Be aware that if the live conductors are joined and then tested to earth, 
theoretically the insulation resistance value may be lower due to the 
conductors being in parallel. 


Example 5 


A three-phase sub-main is tested and the results are as follows: 


LI to earth is 130 MQ 
L2 to earth is 80 MQ 
L3 to earth is 50 MQ 
N to earth is 100 MQ 


If these conductors were now joined and tested to earth the value would be as 
given below. 


Calculation is: 


Put in the values: 


1 1 1 1 1 


+ + + + = 19.92 MQ 
130 80 50 100 0.05 





Enter it this way into a calculator. 

130X"' + 80X~! + 50X~! = X~! Answer is 19.92 MO 
This value is still acceptable but lower because the conductors are in parallel. 
When completing a Schedule of Test Results, it is important that you 
document exactly which insulation tests have been carried out. If it is not 


possible to carry out a test between any conductors a note of this should be 
made in the remarks column of the schedule. 
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Remember! If you 
are working on a 
consumer unit or a 


distribution board, 
the whole board 
should be isolated. 





Testing of site applied insulation 


This type of testing is only required where insulation is applied during the 
erection of equipment on site. It is not required to be carried out on site built 
assemblies where pre-tested equipment is built on site. 


The test is carried out by wrapping metallic foil around all surfaces which has 
been insulated. Then joining all live conductors together and applying a 
voltage of 3750 V a.c. between the foil and the conductors for a duration of 
60 seconds. The insulation is satisfactory if a breakdown of the insulation does 
not occur within this time. The instrument used to carry out this test is an 
applied voltage tester. 


Further information on this type of test can be found in the IKE Guidance 
Note 3 in BS 7671). 


Polarity tests 


This is a test carried out to ensure that: 


e Protective devices are connected to the phase conductors of the circuits 
which they are protecting. 

© Switches in circuits are in the phase conductor. 

e ES lampholders have the centre pin connected to the phase conductor 
(except for E14 and E27 lampholders complying with BSEN 60238) 
(Regulation 553-03-04). 

© Accessories such as fused connection units, cooker outlets and the like are 
correctly connected. 


In many cases this test can be carried out at the same time as the CPC 
continuity test. The instrument required is a low resistance ohm meter. 


Ensure that the circuit that is to be tested has been isolated. 
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Polarity test on a radial circuit such as a cooker or 
immersion heater circuit 


STEP 1 "h wr rrr ire. 


At the origin of the circuit, link the phase and 
CPC using a short lead with crocodile clips at 
each end. Whilst connecting the lead visually 
check that the phase conductor is colour 
identified and connected into the protective 
device. 


STEP 2 


At the furthest point of the circuit remove the 
cooker or immersion heater switch, visually 
check that the phase conductor is identified 
and connected into the correct terminal. 





Earthing : linked Phase 
Remember to null the leads of the instrument terminal by lead 


if the value is to be used for Ry + Ro. 


STEP 3 


Connect the leads of the test instrument to the 
incoming phase and CPC terminals at the 
switch. Test to ensure continuity. The 
instrument should show a very low reading. 
This will also be the R, + Rg for the circuit. 


STEP 4 


Remove the lead at the consumer unit and test 
again. The circuit this time should be open 
and the instrument reading will be 

high. This will prove that the correct circuit is 
being tested. 





Test instrument Test instrument 
probe at incoming probe at 
CPC terminal of incoming phase 


switch terminal of switch 
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Polarity test on a lighting circuit 


STEP 1 


At the origin of the circuit connect 
the phase and CPC, this can be done 


with a short lead with crocodile he "phic oy 
+ eben die og lt seo 


my) 


clips at each end. 





Ph 
ie Linked by 


lead 


STEP 2 


At the ceiling rose or light fitting place the probes 
of the instrument on to the earthing terminal and 
the switched live. 





Test instrument Connection to light Test instrument 
probe at earthing fitting place probe at 
terminal switched live 


Close the switch controlling the light and the instrument should 
read a very low resistance (this will also be the Ry and Ry reading 
for the circuit). When the switch is opened the instrument reading 
should be very high. 
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This test can also be carried out at the switch if required: 


STEP 1 = reais  podoss oodood Ti Ee 


ee wwwwwwe =z 
Place a link between the phase and CPC of the 
circuit. 





Earthing ~~ linked = Phase 
terminal by lead 


STEP 2 


Place the probes of the test instrument on the 
earth terminal at the switch and the switch 
return terminal. 





Test instrument Connection to switch Test instrument 
probe at switch probe at earth 
return terminal terminal 
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STEP 3 
1000V 


2000MQ 
Close the switch and a low resistance reading auny 200MQ, 
should be shown on the instrument. 250V 20MO 
OFF (0 | 20000 


a ey 2000 
Auto null 200 














Low resistance 
reading 


STEP 4 


Open the switch and the instrument reading 
will show over range as the circuit should be 
open circuit. 





Over range 
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Live polarity test 


This test is usually carried out at the origin of the installation before it is Creabcareinust 
be taken whilst 


energized to ensure that the supply is being delivered to the installation at the : 
carrying out this 


correct polarity. test as it is a live 


test. 
The instrument to be used is an approved voltage indicator or test lamp that 


complies with HSE document GS 38. It is acceptable for an earth loop 
impedance meter to be used as these instruments also show polarity. 
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STEP 1 


Place the probes of the voltage indicator onto 
the phase and neutral terminal of the incoming 
supply at the main switch. The device should 
indicate a live supply. 





Neutral Phase on Live supply 
on main main switch showing 
switch 


STEP 2 


Place the probes of the voltage indicator onto 
the phase and earth terminal of incoming 
supply at the main switch. The device should 
indicate a live supply. 





Phase on Live supply Earthing 
main switch showing terminal 
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STEP 3 


Place the probes of the voltage indicator onto 

the earthing terminal and the neutral terminal 
at the main switch. The device should indicate 
no supply. 





Neutral No supply Earth 
main switch showing terminal 


m@) §=.2:54/ 7:46 
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Earth electrode testing 


Earth fault loop impedance tester 


For many installations the resistance of the earth electrode can be measured 
using an earth fault loop impedance test instrument. It is perfectly acceptable 
to use this type of instrument on a TT system where reasonably high 
resistance values could be expected. 


The test is performed in exactly the same way as the external earth fault loop 
Z,. test. 


SOU wee Isolate the installation. 


SW¥@4y Ensure that the earthing conductor is correctly terminated at the 
earth electrode. 


SUR Me Disconnect the earthing conductor from the main earthing 
terminal. 


S¥¥wZay Connect a lead of the earth fault loop meter to the disconnected 
earthing terminal. 


Seu we Place the probe of the other lead on to the incoming phase 
conductor at the supply side of the main switch and carry out the 


test. 


SMU Record the result. 


SMU de Reconnect the earthing conductor and leave the installation in safe 
working condition. 
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Ifa three lead test instrument is used, read the instrument instructions before 
carrying out the test. It may be that the leads must be connected on to the 
phase, neutral and earthing terminals, or possibly the neutral and earth lead 
of the test instrument, should be joined together. 


Regulation 413-02-16 from BS 7671 tells us that the maximum permissible 
resistance value of the earth electrode must be no greater than 50/IAn. This 
is to ensure that any exposed metalwork does not rise to a potential of greater 
than 50 volts. 


50 is the maximum voltage 
IAn is the trip rating of the residual current device 
Zs is the earth fault loop impedance 


If the rating of the device is 100 mA the calculation is: 


ae 500 Q 
0.1 


The maximum permissible value to comply with the regulations using this 
calculation is 500. Although this value would be deemed acceptable, it 
may not be reliable as it could rise to an unacceptable value if the soil dries 
out. 


An acceptable value for RCDs up to 100 mA is stated as a maximum of 2002. 
If the resistance is above this it should not be accepted under most 
circumstances. The installation of an additional or larger electrode may 
bring the resistance value down to an acceptable value. 


The maximum calculated values for earth electrodes are: 


Operating current of Electrode resistance 
[i stew 34 @) D) in ohms 
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For special locations where the maximum touch voltage is 25 V the electrode 
resistance should be halved. Electrode tests should be carried out in the worst 
possible conditions. The worst condition for an earth electrode is when the 
soil is dry. Where lower values of earth electrode resistances are required, 

an earth electrode tester should be used. 


Measurement using an earth electrode test instrument 


This test requires the use of three electrodes: the earthing electrode under 
test, a current electrode and a potential electrode. 


SWUAwE The earthing electrode (E) should be driven into the ground in 
the position that it is to be used. Attention should be paid to the 
length of the electrode which is in the ground. 


SWUXM The current electrode (C? spike) should be pushed into the 
ground at a distance of ten times the depth of the electrode under 


test away from it. 


S¥UAXM The potential electrode (P?) should be pushed into the ground 
midway between E and C?. 


SWeRe ee The leads of the test instrument should be connected to the 
appropriate electrodes. 


SMU Measure the value of resistance. 
yuo Move P? 10% closer to C?. 
Syeda Measure the value of resistance. 


SWUM Move P? back to 10% closer to E than the mid-point. 





SMU Measure the value of the resistance. 
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A calculation must now be carried out to find the percentage deviation of the 
resistance values. 


Example 6 


Three measurements are taken: 0.8 ohms, 0.86 ohms and 0.78 ohms. These 
must now be added together and an average value calculated. 


Total value of three readings = 2.44 


Find the average: 


24 = 081 
3 


The average value is 0.81 ohms. 


Now find the highest difference between the average value and the measured values. In 
this case it will be 0.86 — 0.81 = 0.05. 


The percentage of this value to the average value must now be found: 


Ma X 100 = 6.1% 
0.81 


This value is higher than 5 % of the average value and it is not advisable to accept, it 
as a percentage deviation of greater than 5% is deemed to be inaccurate. To overcome 
this, the distance between the electrode under test (E) and the current spike (C?) should 
now be increased and the first three tests repeated to obtain a more accurate reading. 


If the required resistance value cannot be obtained by the use of a single 
electrode, additional electrodes may be added at a distance from the first 
electrode equal to its depth. 


Earth fault loop impedance Z, 


This is a live test and great care must be taken )\ 


Z, is a measurement of the external earth fault impedance (resistance) of the 
installation. In other words, it is the measured resistance of the supply 
transformer winding, the supply phase conductor, and the earth return path 
of the supply. It is measured in ohms. 
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Earth fault path for a TT system 


This system uses the mass of earth for the fault return path. 
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Earth fault path for a TNS system 


This system uses the sheath of the supply cable for the earth fault return path. 
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Earth fault path for a TNCS system 


This system uses the neutral (PEN) conductor of the supply for its earth fault 
return path. 
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To carry out this test correctly the installation should be isolated from the 
supply and the main earth disconnected from the main earth terminal 
(MET). This is to avoid the possibility of parallel paths through any earthed 
metalwork within the installation. 


Often in industrial and commercial installations — where isolation may be 
impossible due to the building being in use — the only time that this test can 
be carried out with the main earthing conductor disconnected, is during the 
initial verification. It is important that the Z, with the earthing conductor is 
disconnected during the initial verification as this will give a reference value 
for the life of the installation. If, during subsequent tests, the earthing 
conductor cannot be disconnected, a test can still be carried out but the 
parallel paths should give a lower impedance value. If a higher value is 
recorded it will indicate a deterioration of the supply earth. 


The instrument used for this test is an earth fault loop impedance meter, and 
it is important that the person using the instrument has read and understood 
the operating instructions. There are many types of test instruments on the 
market and they all have their own characteristics. 


Some instruments have three leads which must be connected to enable this 
test to be carried out correctly. Some instruments require that the leads are 
connected to the phase, neutral and earth of the circuit to be tested. Other 
instruments require the phase lead to be connected to the phase conductor 
and the earth and neutral leads to be connected to the earthing conductor of 
the circuit to be tested (7 ts important to read the instructions of the instrument 
being used) . 


If using a two-lead instrument it should be set on Z,. One lead should be 
connected to the main earthing conductor and the other to the incoming 
phase on the supply side of the main switch. 


Probes can be used for this providing they meet the requirements of 
GS 38, Le.: 


Insulated 

Fused 

Finger guards 

Maximum of 4mm exposed tips or retractable shrouds 
Long enough to carry out test safely 

Undamaged 
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Performing the test 


SOU Isolate the supply. 


This is a live test 
and care should be 


taken when 


S¥U wa Disconnect the earthing conductor. 
carrying it out 





SMU ge Set the instrument to loop test. 





OOF 20002 200A PSC 


2000 2000A 
200 20k 








Function 
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SOU wea If you are using a two-lead instrument the leads should be 
connected as in the figures below. If you are using a three lead 
instrument, then the leads should be connected as shown here. 





Connections for 2-lead instrument Disconnected Gniinactone tae adeadinewument. Leads 
earthing joined 
conductor 


SMUHWo The measurement obtained is Z, and can be entered on the test 
certificates in the appropriate place. 


WU wo Reconnect earthing conductor. 


It is important that the instructions for the test instruments are read and fully 
understood before carrying out this test. 


Care should be taken to reset time clocks, programmers, etc. when the supply 
is reinstated. 


Circuit earth fault loop impedance 
This is a live test and great care must be taken LN 


Zs is the value of the earth loop impedance (resistance) of a final circuit 
including the supply cable. 


Se 
te Au 


Be ¥6 is minut os later 


> pl 3:03/7:46 
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The earth fault loop (Zs) path for a TT system. 
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The earth fault loop (Zs) path for a TNS system. 
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The earth fault loop (Zs) path for a TNCS system. 
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To obtain Zs, the Z, value should now be added to the Ry; + Ro values that 
were obtained when carrying out the CPC continuity tests for each individual 
circuit. 


The total value Z, + Ry + Ro will be Zs (earth loop impedance for the 
circuit). 


This value (Zg) should now be compared with the maximum values of Zs 
given in BS 7671, Chapter 41, to verify that the protective device will operate 
in the correct time. 


Unfortunately, it is not quite as simple as it seems. This is because the values 
Zs have been measured when the conductors were at room temperature and 
the maximum Zs values given in BS 7671 are at the conductor operating 
temperature of 70°C. This is the maximum temperature that the conductor 
could be operating at in a sound circuit. There are two methods. 


Accurate test instruments must be used for these tests. 
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Method one 


Measure the ambient temperature of the room and use the values from 
Table 9B in the On-Site Guide as dividers. (DO NOT USE THEM AS 
MULTIPLIERS) 


This is because Table 9B is to correct the conductor resistances in Table 9A 
from 20°C to room temperature. 


When they are used as dividers they will correct the cable from room 
temperature resistance, to the resistance that it would be at 20°C. 





Example 7 


R, +R, 
Temp factor 


Measured R,; + Ro = 0.842 @ 25°C 


Factor from Table 9b for 25°C = 1.02. 


Values at 20°C is 0.82. 


Having corrected the measured values to 20°C the next step is to calculate what the 
resistance of the cable would be at its operating temperature. 


As the resistance of copper changes by 2% for each 5°C the conductor resistance will rise 
by 20% if its temperature rises to 70°C. 


Multiplying the resistance by 1.2 will increase its value by 20%, this value can now be 
added to Z, to give Zs. 


Resistance value at operating temperature would be: 


0.82922 X 1.2 = 0.982 
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Example 8 


The Z, of an installation is 0.62. A circuit has been installed using twin and 
CPC 70°C thermoplastic (pvc) cable. The room temperature is 25°C and the 
measured R, + Ro value is 0.482. The circuit is protected by a BS EN 60898 
16A type B device. 


Correct the cable resistance to 20°C by using factor from Table 9B On-Site 
Guide. 


Adjust this value to conductor operating temperature by increasing it by 20%. 
0.47 X 1.2 = 0.562 


Add this value to installation Z, to find Zs. 


0.56 + 0.6 = 1.162 


This value can now be compared directly with the maximum value Zs for a 16A type B 
protective device. This value is 32 and can be found in Table 41B2 in BS 7671. 


To comply with the regulations the actual value 1.1692 is acceptable as it is less 
than 32. 


Method two 


Measure the resistance of earth fault loop impedance at the furthest point 

of the circuit using the correct instrument (remember the furthest point is the end 
of the circuit, not necessarily the furthest distance from the distribution board). Record 
the value obtained onto the test result schedule. 


This measurement cannot be compared directly with the values from BS 7671 
because the operating temperature of the conductors and the ambient 
temperature of the room are unknown. 
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This method is useful for a periodic test where existing test results are available. 
If the measured value is higher than previous results it will indicate that there is 
a possible deterioration of the earth loop impedance of the circuit. 


The usual method to check that the measured Zs is acceptable is to use the 
rule of thumb method. 


First look in the correct table in Chapter 41 of BS 7671 for the maximum 
permissible Zs of the protective device for the circuit being tested. 


Use three-quarters of this value and compare it with the measured value. 
Providing the measured value is the lowest the circuit will comply. 


More information on this can be found in Chapter 5 (Protective devices). 


Performing the tests 


This is a live test and great care must be taken )\ 
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A circuit incorporating a socket outlet on a ring or a radial 


SSUKwey Use an earth fault loop impedance instrument. Set it onto 202 
(unless you have a self ranging instrument). 


S$Uray Ensure all earthing and bonding is connected. 


SUA Plug in the instrument and record the reading. 





Loop 20002 200A PSC 


Bren 2000A 
oom ae 












Function 
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Performing the test on a radial circuit other than a socket outlet 


STEP 1 


Ensure earthing and bonding is connected. 


Si BO 4 


Isolate circuit to be tested. 


STEP 3 


Remove accessory at the extremity of the 
circuit to be tested. 





Probes on phase and earthing 
terminals for 2-lead instrument 


Two-lead instrument as connected here 
STEP 4 


Use an earth fault loop impedance 
instrument with fly leads. 


Place the leads on correct terminals. If you 
are using a two-lead instrument as 
connected here; if you are using a three-lead 
instrument as connected here (always read 
the instrument manufacturers instructions). 


STEP 5 


Energize the circuit. 





Probes on phase and neutral 
terminals, clip on earthing terminal 
for 3-lead instrument 


Three-lead instrumented as connected here 
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STEP 6 


Perform the test on a lighting circuit at the 
ceiling rose or at the switch. 


If you are using a two-lead instrument, place the 
probes as shown on the left, this will also prove 
polarity if the switch is operated whilst carrying 
out the test (this may be easier with two people). 





Test instrument Test instrument 
probe at earthing probe at 
terminal switched line 


Connection to light-fitting place for 2-lead instrument 





Test instrument Test instrument 
probe at switch probe at earth 
return terminal terminal 


Connection to switch for 2-lead instrument 


Testing of Electrical Installations 





If you are using a three-lead instrument then 
connect the probes as shown here (always read 
the instrument’s instructions). 


yuma Isolate the circuit and remove the leads. 


SUR M Replace accessory and energize circuit. 





Probe at J oined leads at 
switched line earthing terminal 


Connection to light-fitting place for 3-lead instrument 





Probe at switch J oined leads 
return terminal at earth 
terminal 


Connection to switch for 3-lead instrument 


Testing of Electrical Installations r™~ 
89 


Example 9 


A ring final circuit is protected by a 30A BS3036 semi-enclosed rewirable fuse 
and the measured Zg is 0.96 2. 


As this is a ring final circuit, the disconnection time has to be 0.4 seconds. From Table 
41B1 in BS 7671 the maximum Z; for a 30A rewirable fuse is 1.14 92. 


Three-quarters of this value must now be calculated, this can be achieved by multiplying 
it by 0.75. 


1.14 X 0.75 = 0.85.2 


The measured value for the circuit must now be lower than the corrected value if it is to 
comply with BS 7671. 


Measured value 0.962 
Corrected value 0.8522 


The measured value of Zs is higher; therefore, the circuit will not comply. 


Option one is the preferred method because tt will give an accurate value whereas the 
test in Option two will include parallel paths and because of this will often give lower 
readings. 


Option one should always be used for an initial verification as the first reading will be 
used as a benchmark to be compared with results taken in future periodic tests. 


Tf, on a periodic inspection using Option two, a higher test result is obtained than on 
the initial verification, this would indicate that the circuit is deteriorating and that 
Jurther investigation would be required. 


The methods described here must be fully understood by anyone who is 
intending to sit the City and Guilds 2391 exam on inspection and testing of 
electrical installations. 


However! Providing that the ambient temperature is between 10°C and 20°C 
there is a much simpler way to check the results when you are actually 
working on site testing. The On-Site Guide and Guidance Note 3 information 
contain tables which are already corrected for conductor operating current 


a hl 


m@) 4:06 / 7:46 
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and ambient temperature. In the On-Site Guide these tables can be found in 
Appendix 2 (Table 2A to Table 2D). These tables can also be used where the 
CPC is of a different cross-sectional area than the live conductors. 


These values are slightly more favourable than the rule-of-thumb method, as 
they are at approximately 80% of values given in BS 7671 and are perfectly 
acceptable (remember, however, that the previous methods described must also be 
understood). 





Example 10 


A circuit supplying a fixed load is protected by a 20A BS 3036 fuse and the 
measured Zs is 2.32 0. The circuit CPC is 1.5 mm?. 


As this circuit is supplying a fixed load the maximum permitted disconnection 
time is 5 seconds. 


The table that should be used is 2A(i) from the On-Site Guide. Using this table it can 
be seen that for a 20A device protecting a circuit with a 1.5mm? CPC the maximum 
permissible Zs is 3.292. As the measured Zg is lower than the maximum permitted, the 
circuit complies with the Regulations. 


Example 11 


A circuit supplying a cooker outlet which incorporates a socket outlet protected 
by a 45A BS 1361 fuse, has a measured Zg of 0.4. The CPC is 4mm?. 


As this circuit has a socket outlet on it, the disconnection time would be 0.4 seconds. 


The table to use for this circuit is 2C(i) from the On-Site Guide and the maximum 
permitted Zs is 0.4892. This circuit will comply. 


Example 12 


A circuit supplying a lighting circuit protected by a 6A type C BS 60898 protective 
device has a measured Zs of 2.992. 
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It should be remembered that miniature circuit breakers will operate at 0.1 seconds 
providing that the measured Zs is equal to or lower than the values given in the 
tables. We do not have to worry about 0.4 or 5 second disconnection times for these 
devices. 


The table to use for this example is 2D in the On-Site Guide, the maximum permitted Zs 
is 3.292. The measured value of 2.992 is lower than the maximum permitted, therefore, 
this circuit would comply. 


Remember that the values in GN3 and the On-Site Guide are corrected for 
temperatures between 10°C and 20°C and no other calculation is required 
providing the ambient temperature is between these values. 


If the ambient temperature is below 10°C or above 20°C then correction 
factors from Table 2E of the On-Site Guide must be used as follows. 


Using Example 9, a circuit supplying a fixed load is protected by a 20A BS 
3036 fuse and the measured Zs is 2.32 2. The circuit CPC is 1.5 mm?, and the 
ambient temperature is 23°C. 





As this circuit is supplying a fixed load, the maximum permitted 
disconnection time is 5 seconds. 


The table that should be used is 2A(ii) from the On-Site Guide. Using the table 
it can be seen that for a 20A device protecting a circuit with a 1.5mm? CPC, 
the maximum permitted Zs is 3.20Q. 

Now the temperature has to be taken into account. 

Using Table 2E from Appendix 2 of the On-Site Guide it can be seen that the 
nearest value to the temperature which was measured (23°) is 25°C (always 


round up to be on the safe side). The correction factor for 25°C is 1.06. 


This value (1.06) is now used as a multiplier to the maximum permitted Zg 
(3.20 Q) to calculate the maximum Z,g for the circuit at 25°C 


3.20 X 1.06 = 3.390 


This is the maximum measured Zg permissible for the circuit at 25°C. 
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Prospective fault current test 


This is a live test and great care must be taken )\ 


A prospective fault current test instrument is normally combined with an 
earth loop impedance test instrument, the measured value is normally shown 
in kA (kilo amps). 


Regulations 434-02-01 and 713-12-01 require that the prospective short circuit 
current and the prospective earth fault current are determined. Once 
determined, the highest value must of course be recorded. 


A prospective short circuit current is the maximum current that could flow 
between phase and neutral on a single-phase supply or between phase 
conductors on a three-phase supply. 


A prospective earth fault current is the maximum current that could flow 
between live conductors and earth. 


The higher of these values is known as prospective fault current. 


The highest prospective fault current will be at the origin of the installation 
and must be measured as close to the meter position as possible, usually at the 
main switch for the installation. It is measured between phase and neutral. 


This can be done by: 


e Enquiry to the supplier 
® Calculation 
°® Measurement 


Enquiry 

This is a matter of a phone call to the electricity supplier of the installation. 
They will tell you the maximum PFC. Usually this is a lot higher than the value 
will actually be, but if you use this value you will be on the safe side. 


Calculation 


The PFC can only be calculated on a TNCS system. This is because the neutral 
of the supply is used as a Protective earth and neutral (PEN) conductor. 
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When the earth fault loop impedance is measured, the value measured is in 
ohms. To convert this value to prospective short circuit current we must use 
the following equation: 


It is important to remember that the open circuit voltage of the supply 
transformer is used Ugg 240 V (BS 7671, Appendix 3). 


Example 13 


Z, is measured at 0.28 Q 


oS 857 amps 
0.28 


A useful tip is that when you have measured Z, on a TNCS system, set your instrument 
to PFC and repeat the test. This will give you the value for PFC and save you doing the 
calculation. 
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Measurement 


This is carried out using a prospective fault current tester. As with all tests it is 
important that you have read the instructions for the instrument which you 
are going to use. 


If you are using a two-lead instrument with leads and probes to GS 38: 





LOOP PSC 
STEP 1 ear 

200 Lo OS 
Set instrument to PFC. 








Function 
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STEP 2 


Place the probes on the phase and neutral 
terminals at supply side of the main switch. 


STEP 3 


Operate the test button and record the reading. 


When carrying out the test using a three-lead 
instrument with leads to GS 38, it is important 
that the instrument instructions are read and fully 
understood before carrying out this test. 


STEP 1 


Place the phase lead on the supply side of the 
main switch and the neutral and earthing 
probes/clips onto the earthing terminal. 





Probe at Insulated tips Probe at phase 
neutral at at supply side 
supply side of main switch 


of main switch 
Connection for 2-lead instrument 





J oined leads Probe at phase 
at neutral at at supply side 

supply side of of main switch 
main switch 


Connection for 3-lead instrument 


YU era Operate the test button and record the reading. 
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If the supply system is a three-phase and neutral system then the highest 
current that could flow in it will be between phases. Some instruments will not 
be able to measure the high current that would flow under these 
circumstances. 


Under these circumstances the measurement should be made between any 
phase and neutral at the main switch and the measured value should be 
doubled. 


For your personal safety and the protection of your test equipment it is 
important to read and fully understand the instructions of your test 
instrument before commencing this test. 


Some PSCC (protective short-circuit current) instruments give the measured 
value in ohms, not kA. If this is the case, a simple calculation, using ohms law 
is all that is required. 


Example 14 
Measured value is 0.08. 


Remember to use Upc in this calculation (240 V) 


PSCC = Bc 3000 A 
0.08 


It is important that the short circuit capacity of any protective devices fitted 
exceeds the maximum current that could flow at the point at which they are 
fitted. 


When a measurement of PFC is taken as close to the supply intake as possible, 
and all protective devices fitted in the installation have a short circuit capacity 
that is higher than the measured value, then Regulation 432-02-01 will be 
satisfied. 


In a large installation where sub mains are used to supply distribution boards 
it can be cost effective to measure the PFC at each board. The PFC will be 
smaller and could allow the use of a protective device with a lower short 
circuit rating. These will usually be less expensive. 


Table 7.2A in the On-Site Guide gives rated short circuit capacities for devices. 
These values can also be obtained from manufacturer’s literature. 
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Examples Rated short circuit capacity 





Circuit breakers to BS 3871 are marked with values M1 to M9 the number 
indicates the maximum value of kA that they are rated at. 


Circuit breakers to BS EN 60898 and RCBOs to BS EN 61009 show two values 
in boxes, usually on the front of the device. 





Type In rating Ics rating Icn rating 
Circuit breaches to BS EN 60898 
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The square box will indicate the maximum current that the device could 
interrupt and still be reset [3]. This is the Ics rating. The rectangular box will 
indicate the maximum current that the device can interrupt safely | 6000 |. 
This is the Icn rating. 














If a value of fault current above the rated Isc rating of the device were to flow 
in the circuit, the device will no longer be serviceable and will have to be 
replaced. A value of fault current above the Icn rating would be very 
dangerous and possibly result in an explosion causing major damage to the 
distribution board/consumer’s unit. 


Functional testing 


All equipment must be tested to ensure that it operates correctly. All switches, 
isolators and circuit breakers must be manually operated to ensure that they 
function correctly, also that they have been correctly installed and adjusted 
where adjustment is required. 


Residual current device (RCD) 


The instrument used for this test is an RCD tester, and it measures the time it 
takes for the RCD to interrupt the supply of current flowing through it. The 
value of measurement is either in seconds or milliseconds. 


Before we get on to testing, let’s consider what types of RCDs there are, what 
they are used for, and where they should be used. 


Types of RCD 
Voltage operated 


Voltage operated earth leakage current breakers (ELCBs) are not uncommon 
in older installations. This type of device became obsolete in the early 1980s 
and must not be installed in a new installation or alteration as they are no 
longer recognized by BS 7671. 


They are easily recognized as they have two earth connections, one for 

the earth electrode and the other for the installation earthing conductor. The 
major problem with voltage operated devices is that a parallel path in the 
system will probably stop it from operating. 


These types of devices would normally have been used as earth fault 
protection in a TT system. 
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Although the Electrical Wiring Regulations 
BS 7671 cannot insist that all of these 
devices are changed, if you have to carry out 
work on a system which has one it must be 
replaced to enable certification to be 
carried out correctly. If, however, a voltage 
operated device is found while preparing a 
periodic inspection report, a 
recommendation that it should be replaced 
would be the correct way of dealing with it. 


BS 4293 General purpose device 


These RCDs are very common in 
installations although they ceased to be 
used in the early 1990s. They have been 
replaced by BS EN 61008-1, BS EN 61008-2- 
1 and BS EN 61008-2-2. 


They are used as standalone devices or main 
switches fitted in consumers’ 
units/distribution boards. 





A typical general purpose RCD to 

BS4293 - now obsolete 

This type of device provides protection 

against earth fault current. They will 

commonly be found in TT systems 15 or 

more years old, although they may be found _ A typical voltage - operated earth 

in TNS systems where greater protection leakage current breaker (ELCB) - 
é now obsolete 

was required. 





If this type of device is fitted to a TT system which is being extended or 
altered, it is quite safe to leave it in the system. If the system supplies socket 
outlets which could be used to supply portable equipment used outside, it 
must have a tripping current of no more than 30 mA. This includes socket 
outlets that could serve extension leads passed through open windows or 
doors. 


The problem with using a low tripping current device as the main switch is 
that nuisance tripping could occur. The modern way of tackling this is 
explained later in this chapter. 


SUBSCRIBE 


AroundMeBD 


a so 
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ao Testing of Electrical Installations 
100 


BS 4293 Type S 


These are time delayed RCDs and are used to give good discrimination with 
other RCDs. 


BS EN 61008-1 General purpose device 


This is the current standard for a residual current circuit breaker (RCCB) and 
provides protection against earth fault current. These devices are generally 
used as main switches in consumers’ units/distribution boards. 


Three-phase devices are also very common. 


BS 7288 


This is the current standard for 
RCD-protected socket outlets 
and provides protection against 
earth fault currents. These 
socket outlets would be used in 
areas where there is an increased 
risk of electric shock, such as 
common areas of schools and 
colleges. It is also a requirement — 
that any socket outlet used for i 
portable equipment outdoors 
must have supplementary 
protection provided by an RCD 
(Regulation 471-16-02). Where 
the socket outlets are sited 
outside, waterproof BS 7288 
outlets are used to IP 56. A typical 3-phase RCCB to BS EN 61008-1 





A typical 2-phase 
RCCB to BS EN 61008-1 
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BS EN 61009-1 


This is the standard for a residual current circuit breaker with overload 
(RCCBO) protection. 


These devices are generally used to provide single circuits with earth fault 
protection, overload protection and short circuit protection. They are fitted 
in place of miniature circuit breakers and the correct type should be used 
(types B, Cor D). 


BS EN 61008-1 Type S 


These are time delayed RCDs and are used to give good discrimination with 
other RCDs. 


Section 3 of the On-Site Guide gives good examples of how these devices 
should be used within an installation. 


RCDs and supply systems 


TT system 


If the installation is a TT system and it is possible for any of the sockets to 
supply portable equipment outdoors or RCD protection is required for other 





A typical RCCBO to BS EN 61009-1 Side view of a typical RCCBC to BS EN 61009-1 
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reasons (protection for fixed equipment in zones I-3 in bathrooms, for instance), there 
are various options available. While all will be safe, they will vary in cost. 


Option 1 Use a 100 mA S-Type RCD (BS EN 610081) as the main switch and 
RCD protection for all circuits. Then use a 30 mA RCBO (BS EN 61009) as a 
circuit protective device for the circuit which requires protection. In this case, 
the 100 mA RCD must be labelled ‘Main Switch’. 


Option 2 Use a split board with 100 mA S-Type RCD (BS EN 61008) as a main 
switch and a 30 mA RCD (BS EN61008). All circuits require supplementary 
protection. This method is useful if more than one circuit requires 30 mA 
protection. 





100 mA S-type 30 mA RCD Only this partis 
RCD (BS EN 61008) (BS EN 61008) RCD - protected 
as main switch protection 


Option 3 Use a split board with a 100 mA RCD for fixed equipment and 
lighting with a 30mA RCD for the circuits requiring supplementary bonding. 
This option would require a separate main switch. 


Option 4 Another method would be to use a consumer unit with a main 
switch to BSEN 60947-3 and RCBOs to BS EN 610091 as protective devices for 
all circuits. This option is perfectly satisfactory but can work out a little 
expensive! 
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TNS and TNCS systems 


If the supply system was TNS or TNGS, Options 1 and 2 could be used. But 
instead of using a 100 mA S-Type RCD as a main switch, it could be substituted 
for a main switch to BS EN 60947-3. 


Option 4 will remain pretty much the same but BS EN 60898 devices could be 
used where RCD protection is not required. 


Testing of RCDs 


Remember that these are live tests and care D\ 
should be taken whilst carrying them out 


The instrument to be used to carry out this test isan RCD tester, with leads to 
comply with GS 38. 
Before carrying out 


Voltage operated (ELCBs) the tests ensure 
that all loads are 


removed; failure to 
do this may result 
BS 4293 RCDs in the readings 

If this type of RCD is found on TT systems or other systems where there is a being inaccurate. 
high value of earth fault impedance (Z,), the RCD tester should be plugged 
into the nearest socket or connected as close as possible to the RCD. The 
tester should then be set at the rated tripping current of the RCD (IAn); for 
example, at 30 mA (be careful and do not mistake the tripping current for the current 
rating of the device). 


No test required as they should now be replaced. 
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STEP 1 


The test instrument must then be set at 50% of 
the tripping current (15 mA). 


re >) 


I Wiring correct when 
Wt proceed to test 


on RS 


STEP 2 CO Si 


Push the test button of the instrument, the RCD 
should not trip. 





Switch Set to rated Set at50% 
on 180° tripping current of the tripping 
of the RCD current 


STEP 3 


The test instrument will have a switch on it 
which will enable the instrument to test the 
other side of the waveform 0°~180°. This switch 
must be moved to the opposite side and the test 
repeated. Again the RCD should not trip. 





Switch Set to rated Set at50% 
on 0° tripping current of the tripping 
of the RCD current 


If, while testing an RCD it trips during the 50% test, do not automatically 
assume that the RCD is at fault. 


Consider the possibility that there is a small earth leakage on the circuit or 
system. Switch all circuits off and test RCD on the load side at 50% using fly 
leads. If it still trips, then the RCD should be replaced. 
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If the RDC does not trip, then turn each circuit on one at a time, carrying 
out a 50% test each time a circuit has been turned on. When the RCD does 
trip, switch off all circuits except the last one which was switched on. Test 
again. If the RCD trips carry out an insulation test on this circuit as it 
probably has a low insulation resistance. If, however, the RCD does not trip it 
could be an accumulation of earth leakage from several circuits and they 


should all be tested for insulation resistance. 


STEP 4 


Now set the test current to the rated tripping 
current (30 mA) 


STEP 5 


Push the test button, and the RCD should trip 
within 200 milliseconds. 


STEP 6 


Reset the RCD. 


STEP 7 


Move the waveform switch to the opposite side, 
and repeat the test. Again it must trip within 200 
milliseconds. 


STEP 8 


Reset the RCD and the slowest time in which it 
trips should be entered on to the test result 
schedule. 


If the RCD is used to provide supplementary 
protection against direct contact, or for socket 
outlets used to supply portable equipment 
outdoors — fixed equipment in zone 1 or other 
current using equipment in zone 3 of a 
bathroom, the following test should be 
performed. 





Switch Tripping time Set to rated Set to 100% 
on0oe <200 ms tripping current of the tripping 
of the RCD current 





Switch Tripping time Set to rated Set to 100% 
on 180° <200 ms tripping current of the tripping 
of the RCD current 
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STEP 9 


Set the test current to 5 times the rated tripping 
current (150 mA). 


STEP 10 


Push the test button and the RCD should trip 
within 40 milliseconds. 


STEP 11 


Move the waveform switch to the opposite side, 
and repeat the test. Again it must trip within 40 
milliseconds (five times faster than the times 1 
test). 


After completion of the instrument tests 


STEP 12 


Push integral test button on RCD to verify that 
the mechanical parts are working correctly. 


STEP 13 


Ensure that a label is in place to inform the user 
of the necessity to use the test button quarterly. 





Switch Tripping time Setto rated Set to 5 times 
on 180° <40ms tripping current the rated 
of the RCD tripping current 





Switch Trippingtime Setto rated Set to 5 times 
on 0° <40 m tripping current the rated 
of the RCD tripping current 
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BS EN 610081 


These devices should be tested in exactly the same manner as BS 4293 using 
the same test instrument. However, the difference is that, when carrying 
out the 100% test, the tripping time is increased to 300 milliseconds. 


BS 4293 Type S 


This device has a built in time delay. The simple way to think about this is that 
it does not recognize a fault for 200 milliseconds, and they must trip within 
200 milliseconds after that. 


UAE Plug in or connect an RCD as close as possible to the RCD to be 
tested. 


S¥U0 wag Set the instrument on the trip current of the RCD and ensure that 
it is set for ‘S’ type. 


SWUM Test at 50% and the device should not trip. 
SWUM Repeat the test on the opposite waveform. 


SMU wom Set test instrument on 100% and carry out test. The RCD should 
trip within 400 milliseconds (200 ms time delay and 200 ms fault). 


S¥UR@ Repeat on the opposite wave form. 


The slowest operating time at the 100% test should be recorded, as should the 
fact that it is an ‘S’ type. 


BS EN 61008 Type S 


This device has a time delay of 200 milliseconds and a tripping time of 300 
milliseconds, making a maximum tripping time of 500 milliseconds. 


The test should be carried out as the BS 4293 Type S but remember the 
different tripping time. 


BS 7288 RCD protected socket 


This device should be tested the same as for a BS 4293 and the tripping times 
are the same. 
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The 5 times test 
must only be 
carried out on 
RCDs with trip 
ratings (IAn) up to 
30mA. 


Always ensure that 
it is safe to carry 
out these tests. 
Remember to 
remove any loads, 
ensure that the 
disconnecting of 
the supply due to 
the test will not 
effect any 
equipment or 
cause damage. 

If any people are 
within the building 
ensure that they 
are aware of testing 
being carried out, 
and that a loss of 
supply is likely. 
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Consideration should be given to whether the socket will supply portable 
equipment outdoors. If it can it should be tested at 5 times its rating. 


BS EN 61009 RCBOs 


These devices should be tested as for BS 4239 RCDs but the disconnection 
times are: 


50% test on both sides of waveform, no trip. 

100% test on both sides of waveform; must trip within 300 milliseconds. 
If used as supplementary protection, the 5 times test must also be carried 
out; it must trip within 40 milliseconds. 
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Correct selection of protective devices 


(While protective devices are mentioned throughout this book, this chapter brings all 
of the information together for reference) 


When carrying out an inspection and test on any electrical installation it is 
important to ensure that the correct size and type of device has been installed. 


To do this we must have a good knowledge of the selection of protective 
devices and the type of circuits that they are protecting. 


Why are they installed? 


Protective devices are installed to protect the cable of the circuit from 
damage — this could be caused by overload, overcurrent and fault current. 





The definition for overload given in Part 2 of BS 7671:2004 is: Overcurrent occurr- 
ing in a circuit which is electrically sound. This is when the circuit is installed correctly 
and the equipment connected to it is drawing too much current. For instance: 


An electric motor connected to the circuit is used on too heavy a load, 
leading to an overload of the circuit. Provided that the correct size of 
protective device was installed, the device will operate and interrupt the 
supply preventing the cable from overloading. 


If additional luminaries were installed on an existing circuit which was 
already fully loaded, the protective device should operate and protect the 
cable of the circuit. 


AY 
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Overcurrent is a current flow in a circuit which is greater than the rated 
current carrying capacity of the cables. This would normally be due to a fault 
on the circuit or incorrect cable selection. For example: 





A fault current is a current which is flowing in a circuit due to a fault. For 
example: 





So what are we looking for with regard to protective devices during an 
inspection? 


What type of device is it? Is it a fuse or circuit breaker? 


A fuse has an element which melts when too much current is passed through 
it, whether by overload or fault current. 


Fuses in common use are: 


BS 3036 semi-rewirable fuse 
BS 88 cartridge fuse 
BS 1361 cartridge fuse 


A circuit breaker is really two devices in one unit. The overload part of the 
device is a thermal bi metal strip, which heats up when a current of a higher 
value than the nominal current rating (I,) of the device passes through it. 


Also incorporated within the device is a magnetic trip, which operates and 
causes the device to trip when a fault current flows through it. For the device 
to operate correctly it must operate within 0.1 seconds. The current which has 
to flow to operate the device in the required time has the symbol (1,). 
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Circuit breakers in common use are: 


t= BS 3871 types 1, 2 and 3 
«= BS EN types B, Cand D (A is not used, this is to avoid confusion with Amps) 


Is the device being used for protection against indirect contact? 


In most instances this will be the case. 


What type of circuit is the device protecting, is it supplying fixed equipment 
only, or could it supply handheld equipment? 


If the circuit supplies fixed equipment only, the device must operate on fault 
current within 5 seconds. If it supplies socket outlets it must operate within 
0.4 seconds (see BS 7671, Regulations 413-02-08 and 413-02-09). 


When using circuit breakers to BS 3871 and BS EN 60898 these times can be 
disregarded. Providing the correct Zs values are met, they will operate in 
0.1 seconds or less. 


If it is a circuit breaker is it the correct type? 
Table 7.2b of the On-Site Guide provides a good reference for this. 


Types | and B should be used on circuits having only resistive loads (have you 
ever plugged in your 110 v site transformer and found that it operated the circuit 
breaker? If you have it will be because it was a type 1 or B). 


Types 2, C and 3 should be used for inductive loads such as fluorescent 
lighting, small electric motors and other circuits, where surges could occur. 


Types 4 and D should be used on circuits supplying large transformers or any 
circuits where high inrush currents could occur. 


Will the device be able to safely interrupt the prospective fault current 
which could flow in the event of a fault? 


Table 7.2A or the manufacturer’s literature will provide information on the 
rated short circuit capacity of protective devices. 


Is the device correctly coordinated with the load and the cable? 


Correct coordination is: 


Current carrying capacity of the cable under its installed conditions must be 
equal to or greater than the rated current of the protective device (I,). 
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The rated current carrying capacity of the protective device (I,,) must be 
equal to or greater than the design current of the load (I,). 


In short, L, > 1, > I, (Appendix 4. item 4 BS 7671 or Appendix 6 On-Site Guide). 


Additional information regarding circuit breakers 


Overload current 
The symbol for the current required to cause a protective device to operate 
within the required time on overload is (Ig). 


Circuit breakers with nominal ratings up to 60 amps must operate within 
1 hour at 1.45 X their nominal rating (1,). 


Circuit breakers with nominal ratings above 60 amps must operate within 
2 hours at 1.45 &X its rating (I,). 


At 2.55 times the nominal rating (I,,), circuit breakers up to 32 amps must 
operate within 1 minute; and circuit breakers above 32 amps, must operate 
within 2 minutes. 


They must not trip within | hour at up to 1.13 their nominal rating (I,). 


Maximum earth fault loop impedance values (Zs) for circuit breakers 
These values can be found in Table 41B2 in BS 7671, they can also be found 
in Sections 604 and 605 of BS 7671. 


Because these devices are required to operate within 0.1 of a second, they will 
satisfy the requirements of BS 7671 with regard to disconnection times in all 
areas. Therefore, the Zs values for these devices are the same wherever they 
are to be used (this only applies to circuit breakers) even in special locations 
where the disconnection time must be 0.2 seconds. 


Calculation of the Maximum Zs of circuit breakers 

It is often useful to be able to calculate the maximum Zz value for circuit 
breakers without the use of tables. This is quite a simple process for BS 3871 
and BS EN 60898 devices. Let’s use a 20A BS EN 60898 device as an example: 


Table 7.2b shows that a type B device must operate within a window of 3 to 
5 times its rating. As electricians we always look at the worst case scenario. 
Therefore, we must assume that the device will not operate until a current 
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equal to 5 times its rating flows through it (I,). For a 20 A type B device this 
will be 5 X 20 A= 100A. 


If we use a supply voltage of 240 volts — which is the assumed open circuit 
voltage (Ugc) of the supply (Appendix 3, BS 7671) - Ohm’s law can be used 
to calculate the maximum Zs. 


U 
Zs = 7 
=P = 94.6 
100 


And to check this, we look in Table 41B2 of BS 7671, we will see that the value 
Zs for a 20 A type B device is 2.42. 


Now let’s use the same procedure for a 20 A type C device. Table 7.2b 
shows us that a type C device must operate at a maximum of 10 times its 


rating (I,). 
10 X 20 = 200 A 
2100 
200 


If we check again in Table 41B2, we will see that the maximum Zg for a 20A 
type C device is 1.22. 


A type C circuit breaker with a nominal operating current (J,,) must operate 
at a maximum of 20 times its rating: 


20 X 20 = 400 A 


240 


— = 0.62 
400 


Again, if we check in Table 41B2 we will see that the Zs value is 0.62. 
We can see that the maximum Zs values for a type C are 50% of the Zs value of 


a type B device, and that the Zs value for a type D are 50% of the Zs value of a 
type C device. 
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Maximum earth loop impedance (Zs) for fuses 

Fuses have to operate at 0.4 or 5 seconds depending on the type of circuit 
which they are protecting. To find the maximum permissible Zs value 

for a fuse, the current curves in Appendix 3 of BS 7671 will have to be 
looked at. 


Example 


Find the maximum permissible Zs for a BS 1361 fuse with a rating of 20 amps 
with a required disconnection time of 0.4 seconds. 


Look in Appendix 3, Figure 3.1. The left-hand side of the grid represents the 
disconnection time. 


From the bottom left-hand corner, follow the line upwards until the horizontal line 
representing 0.4 seconds is found. Now follow the horizontal line across to the right 
until the bold line for a 20 amp fuse is found, from where the horizontal line touches the 
bold line move vertically down the page until you meet the bottom line of the grid. The 
bottom line represents the automatic operating current for the fuse. It can be seen that 
the current required is around 130 amps. 


The table in the right-hand top corner of the page will show this value to be 
135 amps. 


The calculation is: 


240 
S15 
Zs = 1.777 2 


Rounded up, this is 1.7792. As a check, look in BS 7671, part 4, chapter 1, Table 
41B1 and you will see that the Zs; for a BS 1361 20 amp fuse is 1.7792. 


Do not forget to correct this value for the conductor operating temperature and ambient 
temperature, if required. 
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This calculation can be used for any type of protective device. But remember 
that the disconnection time for a circuit breaker will always need to be 
0.1 seconds, and that for some special locations it will be 0.2 seconds. 


Comparing maximum Zs and measured Zs 

Unfortunately, we cannot compare this value directly to any measured Zs values 
that we have. This is because the values given in BS 7671 for Zs are for when the 
circuit conductors are at their operating temperature (generally 70°C). 


However, we can use a simple calculation which is called the rule-of-thumb 
(Section 2.7.14 of Guidance note 3). This calculation will allow us to compare 
our measured values with the values from BS 7671. 


The values given in the Table below are the worst case values. In these types of 
calculations we must always use the worst case values to ensure a safe installation. 


From this table below, it can be seen that types D, 3 and 4 will have very low 
maximum permitted Zs values. This will often result in the use of an RCD. 


Circuit Worst case Typical uses 
breaker type tripping current 





~ Safety in Electrical Testing 
156 


This type of 
calculation must be 
understood by any 
student studying for 


the City and Guilds 
2391 inspecting and 
testing course 





Example 


Let’s assume that we have a circuit protected by a 32A BS EN 60898 type B 
device. The measured value of Zs is 0.982. 


Following the procedure described previously: 


5X32=160 A 
Ee a 
160 


The maximum Zg at 70°C for the circuit is 1.5 92. 
vA eee 
To find /4 of 1.5 we can multiply it by 0.75. 


1.5 X 0.75 = 1.1252 


So, 1.1252 now becomes our maximum value, and we can compare our measured 
value directly to it without having to consider the ambient temperature or the conductor 
operating temperature. Our measured value must be less than the corrected maximum 
value; in this case it is, and the 32 amp type B device would be safe to use. 


Test equipment 


It is important that the test equipment you choose is suitable for your needs. 
Some electricians prefer to use individual items of equipment for each test; 
others like to use multi-function instruments. 


Any test instruments used for testing in areas such as petrol filling stations, or 
areas where there are banks of storage batteries, etc. In fact, anywhere there is 
a risk of explosion, must be intrinsically safe for the purpose. 


Most electricians are aware that electrical test instruments must comply with 
BS standards. However, students studying for Part P and City and Guilds 2391 
exams, an understanding of the basic operational requirement for the most 
common types of test instrument is very important. 


Whichever instrument you choose it must be suitable for the use to which it is 
to be put and be manufactured to the required British standard. It is also vital 
that you fully understand how to operate it before you start testing. 
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Instruments required 


Low resistance ohm meter 


Used to measure the resistance and verify the continuity of conductors. This 
instrument must produce a test voltage of between 4 and 24 volts anda 
current of not less than 200 mA. The range required is 0.02 to 2 ohms 
although most modern instruments are self ranging and will measure higher 
values if required. 


Insulation resistance tester 


Used to measure the insulation resistance between live conductors and live 
conductors and earth. This test is a pressure test of conductor insulation. 
The instrument must deliver a current of 1 mA ona resistance of 0.5 MQ. 
At 250 volts d.c. for extra low voltage circuits, 500 volts d.c. for low voltage 
circuits up to 500 volts a.c. and 1000 volts d.c. for circuits between 500 

and 1000 volts d.c. 


This instrument is sometimes called a high resistance tester as it measures 
values in megohms. 


Earth fault loop impedance tester 


This instrument allows a current of up to 25 amps to flow around the 
earth fault loop path. It measures the current flow and by doing so can 
calculate the resistance of the earth fault loop path. The values given are 
in ohms. 


As a current of 25 amps will trip RCDs and some smaller circuit breakers, it 
is useful to have an instrument that can carry out low current testing where 
required. Use of this type of instrument will avoid the tripping of devices 
during testing. 


Prospective short circuit current test instrument 


This instrument measures the current that would flow between live 
conductors in the event of a short circuit. It is usually incorporated in the 
earth loop impedance tester and normally gives a value in kA. Some 
instruments give the value in ohms which then needs to be converted to 
amps by using Ohm’s law (use 240 volts). 


Most instruments will measure the value between phase and neutral and not 
between phases; to find the value between phases it is simply a matter of 
doubling the phase to neutral value. 
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Earth electrode resistance tester 


This is normally a battery operated 3 or 4 terminal instrument with a current 
and potential spike. The values given are in ohms and the instrument 
instructions should be fully understood before using it. The instrument would 
be used where low and very accurate earth electrode resistance values are 
required such as for generators or transformers. 


Residual current device tester 


This instrument measures the tripping times of RCDs in seconds or 
milliseconds. 


Phase rotation 


This instrument is used to ensure the correct phase rotation of 3 phase supplies. 


Calibration of test instruments 


To carry out any kind of test properly your instruments have to be accurate. 
If they were not then the whole point of carrying out the test would be lost. 
While it is not a requirement to have instruments calibrated on an annual 
basis, a record must be kept to show that the instruments are regularly 
checked for accuracy. 


Instrument accuracy can be tested using various methods. For an earth loop 
impedance tester all that is required is a dedicated socket outlet. Use your 
earth fault loop impedance instrument to measure the value of the socket 
outlet. This value can then be used as a reference to test the accuracy of the 
instrument at a later date. You can also test any other earth fault loop 
instrument on the dedicated outlet to check its accuracy. The loop impedance 
values of the socket outlet should not change. 


For an insulation resistance tester, or a low resistance ohm meter, the accuracy 
can be checked quite simply by using various values of resistors. The instruments 
could even be checked against values given by another instrument. If the values 
given are not the same when testing against another instrument, this will 
indicate that one of the instruments is inaccurate and further investigation 
using resistors should be undertaken. 


An RCD test instrument accuracy is a little more difficult to check and often 
the best way is to check it against another instrument. However, if you do 
check it in this way do not expect exactly the same values as the trip time 
could be slightly different each time you test it due to the instrument 
increasing slightly in temperature. 
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It is also possible to purchase a calibration instrument which will check the 
accuracy of all electrical test instruments. When it is found that an instrument 
is not accurate, then it must be returned to the manufacturer or specialist for 
re-calibration. This is not a job that can normally be carried out by the owner 
of the instrument. 


Testing for continuity 


FASTCHECK FC1000 





Calibration instrument 


Testing for insulation 





Calibration instrument 


AroundMeBD 
> plo 517/112 
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If, for any reason, 
your instrument 
does require 
re-calibration, it 


should be returned 
to the instrument 
manufacturer or a 


calibration specialist. 





Recordkeeping for accuracy testing of the instrument is quite a simple but 
important process. A record showing the instrument model, serial number 
and the date of the test along with the recorded values is all that is required 
and will satisfy most regulatory bodies. Records can be kept in a ledger, on a 
computer. Alternatively, calibration registers can be purchased to make life a 
little easier. 


Electric shock 


An electric shock is caused by current flowing through a body. A very 
small amount — between 50 and 80 mA is considered to be lethal to most 
human beings, although this would of course depend on the person’s 
health and other circumstances. In livestock the lethal current would be 
considerably less. 


The electrical regulations are set out to provide for the safety of persons and 
livestock. An electric shock is one risk of injury; others are: 


© Excessive temperatures likely to cause burns, fire and other injurious 
effects. 

© Mechanical movement of electrically actuated equipment, in so far as such 
injury is intended to be prevented by electrical emergency switching or by 
switching for mechanical maintenance of non-electrical parts of such 
equipment. 

e Explosion. 


This can be found in Chapter 13 of BS 7671 (Regulation 130-01-01). 


Regulation 130-02-01 tells us that persons and livestock shall be protected so 
far as is reasonably practical against dangers that may arise from contact with 
live parts of the installation. This protection can be achieved by one of the 
following methods. 


For direct or indirect contact: 


e Preventing current passing through the body of any person or 
livestock. 

© Limiting the current which can pass through a body to a value lower than 
the shock current. 
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For indirect contact: 


e Automatic disconnection of the supply in a determined time on the 
occurrence of a fault likely to cause a current to flow through a body in 
contact with exposed conductive parts, where the value of that current is 
equal to or greater than the shock current. 


The regulations quoted mention Direct and Indirect contact. 





Protection can be achieved by various methods which can be found in 
Chapters 41 and 47 of BS 7671. The most common methods used for 
protection against direct contact within electrical installations are: the use of 
insulation, and enclosures. 


Protection from electric shock from indirect contact can be by many methods. 
The most common method used within a normal electrical installation is by 
the use of Earthed Equipotential Bonding and the Automatic Disconnection 
of the supply (EEBADs). Class 2 equipment (double insulated) and electrical 
separation (shaver socket) are also very common methods. 


In a single phase system, current flow is achieved by creating a difference in 
potential. 


If we were to fill a tank with water and raise the tank a metre or so, then 
connect a pipe with a tap on one end of it to the tank, when we open the 
tap the water will flow from the tank to the open end of the pipe. This is 
because there is no pressure outside of the pipe - the higher we raise the 
tank the greater the pressure of water and therefore the greater the flow of 
water. 


Current flow is very similar to this. If we think of voltage as pressure, then to 
get current to flow we have to find a way of creating a difference in pressure. 
This pressure in an electrical circuit is called potential difference and it is 
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achieved in a single phase system by pegging the star point of the supply 
transformer to earth. The potential of earth is known to be at 0 volts. 


If we place a load between a known voltage and earth, the current will flow 
from the higher voltage through the load to earth. If we increase the voltage, 
then more current will flow, just as more water would flow if we increased the 
height of the water tank. 


The problem we have with electricity is that if we use our body to provide the 
current with a path to earth it will use it, and possibly electrocute us at the 
same time. 


Current will not flow unless it has somewhere to flow to — that is, from a high 
pressure to a lower pressure, possibly zero volts but not always. It is also possible 
in some instances to get different voltages in an installation, particularly during 
a fault where volt drops may occur due to loose connections, high resistance 
joints and different sizes of conductors. We must also remember that during a 
fault it will not only be the conductors that are live, but any metalwork 
connected to the earthing and bonding system, either directly or indirectly. It 
is highly likely that a shock by indirect contact could be received between pipe 
work at different voltages. 


In any installation, protection must be in place to prevent electric shock. 
The protection we use against direct contact is self-explanatory and we can 
only prevent unintentional touching of live parts — if a person is intent on 
touching a live conductor, we can only make it difficult for them, not 
impossible. 


Protection against indirect contact is a different problem altogether and we 
can achieve it by different methods. Firstly, if there is a fault to earth all of the 
metal work connected to the earthing system, whether directly or indirectly, 
would become live. In the first instance we need to ensure that enough current 
will flow through the protective device to earth to operate the protective 
device very quickly. This is achieved by selecting the correct type of protective 
device, and ensuring that the earth fault loop path has a low enough impedance 
to allow enough current to flow and operate the device in the required time. 
On its own this is not enough and that is where the equipotential and supple- 
mentary bonding is used. The basic principle is that, if one piece of metal 
work becomes live, any other parts that could introduce a potential (voltage) 
difference also become live at the same potential. If everything within the 
building is at the same potential, current cannot possibly flow from one part 
to another via a person or livestock. 
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Testing transformers 


It is a requirement to test isolation and SELV transformers to ensure the 
user’s safety. It is also useful to be able to test them to ensure that they are 
working correctly. 


Step up or down double wound transformer 


Use a low reading ohm meter to test between to primary (cable that connects to 
the main supply) side. The resistance should be quite high — this will of course 
depend on the size of the transformer. It may be that the resistance is so high 
that a multi meter set on its highest resistance value will have to be used. If 
this is the case, then set the instrument to the highest value possible and turn 
it down until a reading is given. If the winding is open circuit then the 
transformer is faulty. Repeat this test on the secondary winding. 


Now join the ends of the primary winding together and join the ends of the 
secondary winding together. Use an insulation resistance meter set on 500 V 
d.c. to test between the joined ends. Then test between the joined ends and 
earth. The maximum insulation value permissible in both cases is 0.5 MQ. If 
the resistance is less, then the transformer is faulty. 


Isolation transformer 


Carry out the test in the same manner as the double wound transformer and 
the values for insulation resistance are the same, 0.5 MQ. 


Separated Extra Low Voltage transformers (SELV) 


These transformers are tested using the same procedure as for the step up or 
down transformer. The insulation resistance test values are different for this 
test. If the SELV circuits from the secondary side of the transformer are being 
tested, then the test voltage must be 250 V d.c. and the maximum resistance 
value is 0.25 MQ — although this would be considered a very low value and any 
value below 5 MQ must be investigated. 


The test voltage is increased to 500 V d.c. for a test between the actual 
transformer windings. The minimum insulation resistance value is 0.5 MQ 
although any value below 5 must be investigated. 


Testing a 3 phase induction motor 


There are many types of 3 phase motors but by far the most common is the 
induction motor. It is quite useful to be able to test them for serviceability. 
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Before carrying out electrical tests it is a good idea to ensure that the rotor 
turns freely. This may involve disconnecting any mechanical loads. The rotor 
should rotate easily and you should not be able to hear any rumbling from 
the motor bearings. Next, if the motor has a fan on the outside of it, check 
that it is clear of any debris which may have been sucked in to it. Also check 
that any air vents into the motor are not blocked. 


Generally, if the motor windings are burnt out there will be an unmistakable 
smell of burnt varnish. However, it is still a good idea to test the windings as 
the smell could be from the motor being overloaded. Three phase motors are 
made up of three separate windings — in the terminal box there will be six 
terminals as each motor winding will have two ends. The ends of the motor 
windings will usually be identified as W1, W2; U1, U2; or V1, V2. The first part 
of the test is carried out using a low resistance ohm meter. Test each winding 
end to end (W1 to W2, U1 to U2 and V1 to V2). The resistance of each 
winding should be approximately the same and the resistance value will 
depend on the size of the motor. If the resistance values are different, then 
the motor will not be electrically balanced and it should be sent for 
rewinding. If resistance values are the same, then the next test is carried out 
using an insulation resistance tester. Join W1 and W2 together, Ul and U2 
together and V1 and V2 together. Carry out an insulation resistance test 
between the joined ends, i.e. W to U then W to V and then between U and V. 
Then repeat the test between joined ends and the case, or the earthing 
terminal of the motor (these tests can be in any order to suit you). Providing the 
insulation resistance is 2 MQ or greater then the motor is fine. If the 
insulation resistance is above 0.5 MQ this could be due to dampness and it is 
often a good idea to run the motor for a while before carrying out the 
insulation test again as the motor may dry out with use. 


To reconnect the motor windings in star, join W2, U2 and V2 together and 
connect the 3 phase motor supply to W1, U1 and V1. If the motor rotates in 
the wrong direction, swap two of the phases of the motor supply. 


To reconnect the motor windings in delta, join W1 to U2, U1 to V2 and V1 to 
W2 and then connect the 3 phase motor supply one to each of the joined 
ends. If the motor rotates in the wrong direction, swap two phases of the 
motor supply. 
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Introduction 


F xperienced home electricians understand the need to keep up with changes in the world of wiring. Wiring 

\_ projects, and more advanced projects in particular, almost always require a permit from your municipality and 
typically an on-site inspection or two as well. If you aren't up-to-date with wiring codes, there is a likelihood that 
your project will not pass inspection. But beyond the practicality of passing inspections, the codes that govern 
wiring practices are updated for good reason: they improve safety. And when you're talking about your own home 
and family, that’s worth paying attention to. 

This newest edition of BLACK+DECKER Advanced Home Wiring has been reviewed and revised to reflect 
the many changes to wiring code published in the 2014 edition of the National Electrical Code (NEC), which is 
updated every three years. And this time around there were an unusually high number of changes. They include 
the requirement that an available neutral wire be present in every switch box, expansion of the types of circuits 
that require AFCI protection, a new prohibition on tying into a garage receptacle, and more. Several of these cy 
changes are reflected in the updated information you'll find here. 

Almost all of the advanced wiring projects featured in this book involve new circuitry, panel upgrades, or 
troubleshooting with diagnostic equipment. Among the high-level projects: making a direct-current, solar-electric 
circuit; upgrading the grounding and bonding on your new 200-amp or larger home circuit; installing an 
automatic transfer switch for your backup power supply; wiring a room addition; and using a multimeter to 
precisely locate an open neutral in a home circuit. 

Because the projects found in this book are advanced in nature, do not attempt any of them unless you are 
confident in your abilities. Consult a professional electrician if you have any concerns—in many cases your best 
solution might be to do some of the work yourself, such as pulling new sheathed cable through walls, and to have 
the electrical contractor do the other work, such as making the connections. But do keep in mind that home 
wiring can be a fun and fascinating pursuit, and successfully accomplishing a major project is personally gratifying 
and can also save you substantial amounts of money. 
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IN) Wiring Safety 


(C afety should be the primary concern of anyone 

~ working with electricity. Although most household 
electrical repairs are simple and straightforward, 
always use caution and good judgment when working 
with electrical wiring or devices. Common sense can 


prevent accidents. 

The basic rule of electrical safety is: Always turn 
off power to the area or device you are working on. At 
the main service panel, remove the fuse or shut off 


Shut power OFF at the main service panel or the main 
fuse box before beginning any work. 





Confirm power is OFF by testing at the outlet, switch, or 
fixture with a voltage tester. 
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the circuit breaker that controls the circuit you are 
servicing. Then check to make sure the power is off by 
testing for power with a voltage tester. Tip: Test a live 
circuit with the voltage tester to verify that it is working 
before you rely on it. Restore power only when the 
repair or replacement project is complete. 

Follow the safety tips shown on these pages. 
Never attempt an electrical project beyond your skill 
or confidence level. 





Create a circuit index and affix it to the inside of the door to 
your main service panel. Update it as needed. 








Installation instructions 
on inside of Bon 
Instrucciones de Instalacién 
dentro de la caja 


Use only UL-approved electrical parts or devices. These 
devices have been tested for safety by Underwriters Laboratories. 
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Wear rubber-soled shoes while working on electrical 
projects. On damp floors, stand on a rubber mat or dry 
wooden boards. 


Use fiberglass or wood ladders when making routine 
household repairs near the service mast. 





Extension cords are for temporary use only. Cords must be 
rated for the intended usage. 





f 


Never alter the prongs of a plug to fit a receptacle. 
possible, install a new grounded receptacle. 
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Breakers and fuses must be compatible with the panel 
manufacturer and match the circuit capacity. 





Do not penetrate walls or ceilings without first shutting off 
electrical power to the circuits that may be hidden. 
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M9) Planning Your Project 


areful planning of a wiring project ensures you 

will have plenty of power for present and future 
needs. Whether you are adding circuits in a room 
addition, wiring a remodeled kitchen, or adding an 
outdoor circuit, consider all possible ways the space 
might be used, and plan for enough electrical service 
to meet peak needs. 

For example, when wiring a room addition, 
remember that the way a room is used can change. 
In a room used as a spare bedroom, a single 15-amp 
circuit provides plenty of power, but if you ever choose 
to convert the same room to a family recreation space, 
you will need additional circuits. 

When wiring a remodeled kitchen, it is a good idea 
to install circuits for an electric oven and countertop 


range, even if you do not have these electric appliances. 


Installing these circuits now makes it easy to convert 
from gas to electric appliances at a later date. 


® 


as oS 6 


A large wiring project adds a considerable load 
to your main electrical service. In about 25 percent 
of all homes, some type of service upgrade is needed 
before new wiring can be installed. For example, many 
homeowners will need to replace an older 60-amp 
electrical service with a new service rated for 100 
amps or more. This is a job for a licensed electrician 
but is well worth the investment. In other cases, the 
existing main service provides adequate power, but 
the main circuit breaker panel is too full to hold any 
new circuit breakers. In this case it is necessary to 
install a circuit breaker subpanel to provide room for 
hooking up added circuits. Installing a subpanel is a 
job most homeowners can do themselves (see pages 
65 to 67). 

This chapter gives an easy five-step method 
for determining your electrical needs and planning 
new circuits. 


| Five Steps for Planning a Wiring Project 


MAIN 
PRINCIPAL 


Examine your main service panel (See page 10). The 
amp rating of the electrical service and the size of the circuit 
breaker panel will help you determine if a service upgrade 

is needed. 


1st 
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Learn about codes (see pages 11 to 13). The National 
Electrical Code (NEC), and local electrical codes and building 
codes, provide guidelines for determining how much power 
and how many circuits your home needs. Your local electrical 
inspector can tell you which regulations apply to your job. 
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Prepare for inspections (see pages 14 to 15). Remem- Evaluate electrical loads (see pages 16 to 19). New circuits 

ber that your work must be reviewed by your local electrical put an added load on your electrical service. Make sure that 

inspector. When planning your wiring project, always follow the the total load of the existing wiring and the planned new 

inspector's guidelines for quality workmanship. circuits does not exceed the service capacity or the capacity of 
the panel. 





Draw a wiring diagram and get a permit (See pages 20 to 21). This wiring plan will help you organize your work. 


1st 
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Examine Your Main Service Panel 


The first step in planning a new wiring project is to 
look in your main circuit breaker panel and find the 
size of the service by reading the amperage rating on 
the main circuit breaker. As you plan new circuits 
and evaluate electrical loads, knowing the size of 


the main service helps you determine if you need a 


service upgrade. 

Also look for open circuit breaker slots in the 
panel. The number of open slots will determine if you 
need to add a circuit breaker subpanel. 





Find the service size by opening the main service panel and 
reading the amp rating printed on the main circuit breaker. 

In most cases, 100-amp service provides enough power to 
handle the added loads of projects such as the ones shown 

in this book. A service rated for 60 amps or less should 

be upgraded. Note: In some homes the main circuit breaker is 
located in a separate box. 


Expandable 
} 





Older service panels use fuses instead of circuit breakers. 
Have an electrician replace this type of panel with a circuit 
breaker panel that provides enough power and enough open 
breaker slots for the new circuits you are planning. 





Look for open circuit breaker slots in the main circuit breaker panel or in a circuit breaker subpanel, if your home already has 
one. You will need one open slot for each 120-volt circuit you plan to install and two slots for each 240-volt circuit. If your main 
circuit breaker panel has no open breaker slots, install a subpanel (see pages 65 to 67) to provide room for connecting new circuits. 
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Learn About Codes 


‘To ensure public safety, your community requires that 
you get a permit to install new wiring and have the 
work reviewed by an inspector. Electrical inspectors 
use the National Electrical Code (NEC) as the primary 
authority for evaluating wiring, but they also follow the 
local building code and electrical code standards. 

Most communities use a version of the NEC 
that is not the most current version. Also, many 
communities make amendments to the NEC, and 
these amendments may affect your work. 

As you begin planning new circuits, call or visit 
your local electrical inspector and discuss the project 
with him or her. The inspector can tell you which of 
the national and local code requirements apply to 
your job and may give you a packet of information 
summarizing these regulations. Later, when you 
apply to the inspector for a work permit, he or she 


- ED 


will expect you to understand the local guidelines as 
well as a few basic NEC requirements. 

The NEC is a set of standards that provides 
minimum safety requirements for wiring installations. 
It is revised every three years. The national code 
requirements for the projects shown in this book are 
thoroughly explained on the following pages. For more 
information, you can find copies of the current NEC, 
as well as a number of excellent handbooks based on 
the NEC, at libraries and bookstores. 

In addition to being the final authority of code 
requirements, inspectors are electrical professionals 
with years of experience. Although they have busy 
schedules, most inspectors are happy to answer 
questions and help you design well-planned circuits. 


Basic Electrical Code Requirements 








Electrical code requirements for living areas: Living areas need at least one 15-amp or 20-amp basic lighting/receptacle 
circuit for each 600 sq. ft. of living space and should have a dedicated circuit for each type of permanent appliance, such as an air 
conditioner, or a group of baseboard heaters. Receptacles on basic lighting/receptacle circuits should be spaced no more than 12 
ft. apart. Many electricians and electrical inspectors recommend even closer spacing. Any wall more than 24" wide also needs a 
receptacle. Every room should have a wall switch at the point of entry to control either a ceiling or wall-mounted light or plug-in 
lamp. Kitchens and bathrooms must have a ceiling or wall-mounted light fixture. 
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BY MATERIAL 

Panels 

e = Maintain a minimum 30" wide by 36" deep of 
clearance in front of the panel. 

e Match the amperage rating of the circuit when 
replacing fuses. 

e —_Use handle ties on all 240-volt breakers and on 120- 
volt breakers protecting multi-wire branch circui 

e Close all unused panel openings. 

e Label each fuse and breaker clearly on the panel. 


n 


Electrical Boxes 

e —_Use boxes that are large enough to accommodate the 
number of wires and devices in the box. 

e Install all junction boxes so they remain accessible. 

e —_ Leave no gaps greater than ’%" between wallboard and 
the front of electrical boxes. 

e Place receptacle boxes flush with 
combustible surfaces. 

e Leave a minimum of 3" of usable cable or wire 
extending past the front of the electrical box. 





Wires & Cables 

e Use wires that are large enough for the amperage 
rating of the circuit. 

e Drill holes at least 2" from the edges of joists. Do not 
attach cables to the bottom edge of joists. 

e Donotrun cables diagonally between 
framing members. 

e Use nail plates to protect cable that is run through 
holes drilled or cut into studs less than 1%" from the 
front edge of a stud. 

e  Donot crimp cables sharply. 

e — Contain spliced wires or connections entirely in a 
plastic or metal electrical box. 

e — Use wire connectors to join wires. 

e —_Use staples to fasten cables within 8" of an electrical 
box and every 54" along its run. 

e = Leave a minimum %4" (maximum 1") of sheathing 
where cables enter an electrical box. 

e — Clamp cables and wires to electrical boxes with 
approved clamps. No clamp is necessary for one-gang 
plastic boxes if cables are stapled within 8". 

e Connect only a single wire to a single screw 
terminal. Use pigtails to join more than one wire to a 
screw terminal. 
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Highlights of the National Electrical Code > 


Switches 


Use a switch-controlled receptacle in rooms without a 
built-in light fixture operated by a wall switch. 

Use three-way switches at the top and bottom on 
Stairways with six risers or more. 

Use switches with grounding screws with plastic 
electrical boxes. 
Locate all wall switches within easy reach of the room 
entrance and not behind the door. 

Install a neutral wire in switch boxes. 

Use black or red wires to supply power to switched 
devices. 





Receptacles 


Install receptacles on all walls 24" wide or greater. 
Install receptacles so a 6-ft. cord can be plugged in 
from any point along a wall or every 12 ft. along a wall. 
Include receptacles in any hallway that is 10 ft. long 

or longer. 

Use three-slot, grounded receptacles for all 15- or 
20-amp, 120-volt branch circuits. 

Include a switch-controlled receptacle in rooms 
without a built-in light fixture operated by a wall switch. 
Install GFCl-protected circuits in bathrooms, kitchens, 
garages, crawl spaces, unfinished basements, and 
outdoor receptacle locations. 








Light Fixtures 


Use mounting straps that are anchored to the 
electrical boxes to mount ceiling fixtures. 

Keep non-|C-rated recessed light fixtures 3" from 
insulation and ¥%" from combustibles. 

Include at least one switch-operated lighting outlet in 
every room. 


Grounding 


Ground receptacles by connecting receptacle 
grounding screws to the circuit grounding wires. 
Use switches with grounding screws whenever 
possible. Always ground switches installed in 
plastic electrical boxes and all switches in kitchens, 
bathrooms, and basements. 
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BY ROOM 

Kitchens/Dining Rooms 

e Install at least two 20-amp small appliance receptacle 
circuits. 

e Install dedicated 15-amp, 120-volt circuits for dish- 
washers and food disposals (required by many local 
codes). 

nstall GFCI protection for all countertop receptacles; 

receptacles behind fixed appliances do not need to be 

GFCI protected. 

e Position receptacles for appliances that will be 

installed within cabinets, such as microwaves or 

food disposals, according to the manufacturer's 

structions. 

clude receptacles on all counters wider than 12". 

e Space receptacles a maximum of 48" apart above 
countertops and closer together in areas where many 
appliances will be used. 

e —_ Locate receptacles on the wall above the countertop 
not more than 20" above the countertop. 

e Install at least one receptacle not more than 12" below 
the countertop on islands and peninsulas that are 12" 
x 24" or greater. 

e Donot connect lights to the small appliance receptacle 

circuits. 


= 





e 
5 


e Install at least one wall or ceiling-mounted light fixture. 
Bathrooms 
e Install a separate 20-amp GFCI-protected circuit only 


for bathroom receptacles. 
e Ground switches in bathrooms. 





e Install at least one receptacle not more than 36" from 
each sink. 
e Install at least one ceiling- or wall-mounted light fixture. 


Utility/Laundry Rooms 

e Install a separate 20-amp circuit for a 

washing machine. 

approved conduit for wiring in unfinished rooms. 

e Use GFCl-protected circuits for 120-volt receptacles 
within 6 feet from a sink (including the washing 
machine receptacle). 
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Living, Entertainment, Bedrooms 


Install at least one 15- or 20-amp lighting/receptacle 
circuit for each 600 sq. ft. of living space. 

Install a dedicated circuit for each permanent 
appliance, such as an air conditioner or group of 
electric baseboard heaters. 

Use electrical boxes listed and labeled to support 
ceiling fans. 

Include receptacles on walls 24" wide or more. 
Space receptacles on walls in living and sleeping 
rooms a maximum of 12 ft. apart. 

Check with your local electrical inspector about 
requirements for installing smoke and carbon 
monoxide alarms during remodeling. 


Outdoors 


Check for underground utilities before digging. 

Use UF cable or other wiring approved for wet 
locations for outdoor wiring. 

Run cable and wires in schedule 80 PVC plastic and 
other approved conduit, as required by local code. 
Install in-use rated weatherproof receptacle covers. 
Bury cables and wires run in conduit at least 18" deep; 
cable not in conduit must be buried at least 24" deep. 
Use weatherproof electrical boxes with 

watertight covers. 

Install GFCl-protected circuits for receptacles. 

Support boxes that are not attached to a building and 
that contain switches or receptacles using at least two 
pieces of conduit. Secure the conduit not more than 
18 feet from the box. Locate the box at least 12" above 
the ground. 


Stairs/Hallways 


Use three-way switches at the top and bottom on 
stairways with six risers or more. 

Include receptacles in any hallway that is 10 ft. long or 
longer. 

Position stairway lights so each step and landing is 
illuminated. 
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| Prepare for Inspections 


Electrical inspectors who issue the work permit 

for your wiring project will also visit your home to 
review the work. Make sure to allow time for these 
inspections as you plan the project. For most projects, 
inspectors make two visits. 

The first inspection, called the rough-in, is done 
after the cables are run between the boxes but before 
the insulation, wallboard, switches, and fixtures are 
installed. The second inspection, called the final, is 
done after the walls and ceilings are finished and all 
electrical connections are made. 

When preparing for the rough-in inspection, make 
sure the area is neat. Sweep up sawdust and clean up 
any pieces of scrap wire or cable insulation. Before 
inspecting the boxes and cables, inspectors will check 
to make sure all plumbing and other mechanical work 
is completed. Some electrical inspectors will ask to 
see your building and plumbing permits. 


| 8" maximum | 
| 
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At the final inspection, inspectors check random 
boxes to make sure the wire connections are correct. 
If they see good workmanship at the selected boxes, 
the inspection will be over quickly. However, if they 
spot a problem, inspectors may choose to inspect 
every connection. 

Inspectors have busy schedules, so it is a 
good idea to arrange for an inspection several days 
in advance. In addition to basic compliance with 
code, inspectors expect your work to meet their 
own standards for quality. When you apply for a 
work permit, make sure you understand what the 
inspectors will look for during inspections. 

You cannot put new circuits into use legally until 
an inspector approves them at the final inspection. If 
you have planned carefully and done your work well, 
electrical inspections are routine visits that give you 
confidence in your own skills. 


Inspectors may measure to see that 


heights. Height may not be dictated by 
code, but consistency is a sign of good 
workmanship. Measured from the center 
of the boxes, receptacles in living areas 
typically are located 12" above the 
finished floor and switches at 48". For 
special circumstances, inspectors allow 
you to alter these measurements. For 
example, you can install switches at 36" 
above the floor in a child’s bedroom, 

or set receptacles at 24" to make them 
more convenient for someone using 

a wheelchair. 








Inspectors will check cables to see 
that they are anchored by cable staples 
driven within 8" of each box and every 
4% ft. thereafter when they run along 


in a smooth curve. Do not crimp cables 


framing members. Some inspectors 
specify that cables running between 
receptacle boxes should be about 20" 
above the floor. 


electrical boxes are mounted at consistent 


studs. When bending cables, form the wire 


sharply or install them diagonally between 
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¥%" sheathing, minimum 


6" to end of wire 





Electrical box faces should extend past the front of framing members so the boxes will be flush with finished walls (left). 
Inspectors will check to see that all boxes are large enough for the wires they contain. Cables should be cut and stripped back so 
that at least 3" of usable length extends past the front of the box and so that at least %" of sheathing reaches into the box (right). 
Label all cables to show which circuits they serve: inspectors recognize this as a mark of careful work. The labels also simplify the 
@ final hookups after the wallboard is installed. ic 


Is your Receptacle Spacing Correct? > 


3ft.sliding 3 ft. fixed PB Sit 4 ft. 
6 ft. door door C4 a [) @ 





Refrigerator 









Island 





Example of receptacle spacing requirements in a 
typical room. Measure receptacle spacing distance along 
the wall line. Install receptacles along partial height walls 
and along balcony guards in lofts and similar areas. 


Example of countertop receptacle spacing ina 
typical kitchen (right). 





aft. |") 2 ft. 2.5 ft. 
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| Evaluate Electrical Loads 


Before drawing a plan and applying for a work permit, 
make sure your home’s electrical service provides 
enough power to handle the added load of the new 
circuits. In a safe wiring system, the current drawn 
by fixtures and appliances never exceeds the main 


service Capacity. 


To evaluate electrical loads, use whatever 
evaluation method is recommended by your electrical 
inspector. Include the load for all existing wiring as 
well as that for proposed new wiring when making 


your evaluation. 


Most of the light fixtures and plug-in appliances 
in your home are evaluated as part of general 
allowances for basic lighting/receptacle circuits and 
small-appliance circuits. However, appliances that 
are permanently installed require their own dedicated 
circuits. The electrical loads for these appliances are 
added in separately when evaluating wiring. 

If your evaluation shows that the load exceeds the 
main service capacity, you must have an electrician 
upgrade the main service before you can install new 
wiring. An electrical service upgrade is a worthwhile 
investment that improves the value of your home 
and provides plenty of power for present and future 


@ wiring projects. 


Amperage > 











MA ALS Toe ome 
RAO Y DECK 16:8) me in Maier wes rts 44 


Amperage rating can be used to find the wattage of an 
appliance. Multiply the amperage by the voltage of the 
circuit. For example, a 13-amp, 120-volt circular saw is 


rated for 1,560 watts. 
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AMPS x VOLTS TOTAL CAPACITY SAFE CAPACITY 


15Ax 120V= 
20Ax 120 V = 
25Ax 120V = 
30 Ax 120 V = 
20Ax 240 V = 
30 Ax 240 V = 


1,800 watts 
2,400 watts 
3,000 watts 
3,600 watts 
4 800 watts 
7,200 watts 


1,440 watts 
1,920 watts 
2,400 watts 
2,880 watts 
3,840 watts 
5,760 watts 
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Add 1,500 watts for each small appliance circuit required If the nameplate gives the rating in kilowatts, find the 


by the local electrical code. In most communities, three such watts by multiplying kilowatts times 1,000. If an appliance 
circuits are required—two in the kitchen and one for the lists only amps, find watts by multiplying the amps times the 
laundry—for a total of 4,500 watts. No further calculations are voltage—either 120 or 240 volts. 


needed for appliances that plug into small-appliance or basic 
lighting/receptacle circuits. 


| Fixed Devices > 


Do not connect one or more fixed devices that in 
total exceed 50 percent of a multiple outlet branch 
circuit's amperage rating. Fixed devices do not 
include light fixtures. This means that that all fixed 
devices (Such as a permanently wired disposal or hot 
water circulating pump) on a multiple outlet branch 
circuit may not exceed 7.5 amps (about 900 watts) 
ona 15-amp multiple outlet branch circuit and may 
not exceed 10 amps (about 1,200 watts) on a 20-amp 
multiple outlet branch circuit. 





Air-conditioning and heating appliances are not used at the 
same time, So figure in only the larger of these two numbers 
when evaluating your home's electrical load. 
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| Locating Wattage 


== 





Light bulb wattage ratings are 
printed on the top of the bulb. If a 
light fixture has more than one bulb, 
remember to add the wattages of all 
the bulbs to find the total wattage of 
the fixture. 


Dishwashers installed permanently 
under a countertop may need a 
dedicated 15-amp, 120-volt circuits. 
Dishwasher ratings are usually between 
1,000 and 1,500 watts. Portable 
dishwashers are regarded as part of 
small appliance circuits and are not 
added in when figuring loads. 
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Electric water heaters are permanent 
appliances that require their own 
dedicated 30-amp, 240-volt circuits. 
Most water heaters are rated between 
3,500 and 4,500 watts. If the nameplate 
lists several wattage ratings, use the 
one labeled “Total Connected Wattage” 
when figuring electrical loads. 







Nameplate <— 





Electric ranges can be rated for as 
little as 3,000 watts or as much as 
12,000 watts. They require dedicated 
120/240-volt circuits. Find the exact 
wattage rating by reading the nameplate 
found inside the oven door or on the 
back of the unit. 


Food disposers are considered 
permanent appliances and may require 
their own dedicated 15-amp, 120-volt 
circuits. Most disposers are rated 
between 500 and 900 watts. 





Nameplate 


Microwave ovens are regarded 

as permanent appliances. Add in its 
wattage rating when calculating loads. 
The nameplate is found on the back 
of the cabinet or inside the front door. 
Most microwave ovens are rated 
between 500 and 1,200 watts. 
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Nameplate 





Freezers are permanent appliances 
that may need a dedicated 15- or 20- 
amp, 120-volt circuits. Freezer ratings 
are usually between 240 and 480 watts. 
But combination refrigerator-freezers 
rated for 1,000 watts or less are plugged 
into small appliance circuits and do not 
need their own dedicated circuits. The 
nameplate for a freezer is found inside 
the door or on the back of the unit, just 
below the door seal. 





A central air conditioner requires 

a dedicated 240-volt circuit. Estimate 

its wattage rating by adding the 
numbers labeled RLA and FLA on the air 
conditioner’s metal plate. Multiply the 
RLA+EFLA by 240. 
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Electric clothes dryers are 
permanent appliances that need 
dedicated 30-amp, 120/240-volt circuits. 
The wattage rating is printed on the 
nameplate inside the dryer door. Use 
5,000 watts as a minimum, regardless 
of the printed rating. Washing machines 
and gas-heat clothes dryers with 
electric tumbler motors do not need 
dedicated circuits. They plug into the 
20-amp small-appliance circuit in the 
laundry room. 





lhl 


Nameplate 


Window air conditioners, both 
120-volt and 240-volt types, are 
permanent appliances that require 
dedicated circuits. The wattage rating, 
which can range from 500 to 2,000 
watts, is found on the nameplate 
located inside the front grill. Make sure 
to include all window air conditioners in 
your evaluation. 


Forced-air furnaces and heat pump 
air handlers have electric fans and are 
considered permanent appliances. They 
require dedicated 15-amp, 120-volt 
circuits. Include the fan wattage rating, 
printed on a nameplate inside the 
control panel, when figuring wattage 
loads for heating. You should also 
include the wattage rating for heat 
pump backup heating coils. 





Electric room heaters that are 
permanently installed require a 
dedicated circuit and must be figured 
into the load calculations. Use the 
maximum wattage rating printed 
inside the cover. In general, 240-volt 
baseboard-type heaters are rated for 
180 to 250 watts for each linear foot. 


1st 


ADVANCED HOME WIRING 19 


proofs for 
reference 
only 


Job: 41940 Title: CSP - Advanced Home Wirinl8/4Qh'#ai8iGG AM 
Page: 19 


® 


M9) GFCI & AFCI Breakers 


nderstanding the difference between GFCI 

(ground-fault circuit interrupter) and AFCI (arc 
fault circuit interrupter) is tricky for most homeowners. 
Essentially it comes down to this: Arc-fault interrupters 
keep your house from burning down; ground-fault 
interrupters keep people from being electrocuted. 

The National Electric Code (NEC) requires 
that an AFCI breaker be installed on most branch 
circuits that supply outlets or fixtures in newly 
constructed homes. The NEC also requires adding 
AFCI protection to these circuits when you add new 
circuits and modify or extend existing circuits. They're 
a prudent precaution in any home, especially if it has 
older wiring. AFCI breakers will not interfere with the 
operation of GFCI receptacles, so it is safe to install 
an AFCI breaker on a circuit that contains GFCI 
receptacles. For a discussion on codes that concern 
AFCI and GFCI breakers see pages 120 to 121. 


GROUND-FAULT 

CIRCUIT-INTERRUPTERS 

A GFCl is an important safety device that disconnects 

a circuit in the event of a ground fault (when current 

takes a path other than the neutral back to the panel). 
On new construction, GFCI protection is required 

for receptacles in these locations: kitchen counter 

tops, bathrooms, garages, unfinished basements, 

crawlspaces, outdoors, within six feet of sinks, and 


in unfinished accessory buildings such as storage 
and work sheds. In general it is a good practice to 
protect all receptacle and fixture locations that could 
encounter damp or wet circumstances. 
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Tools & Materials > 


[ 


Insulated Combination tool 
screwdriver AFCI or 
Circuit tester GFCI breaker 


ARC-FAULT CIRCUIT INTERRUPTERS 
AFCIs detect arcing (sparks) that can cause 
fires between and along damaged wires. AFCI 
protection is required for 15- and 20-amp, 120- 
volt circuits that serve living rooms, family rooms, 
dens, parlors, libraries, dining rooms, bedrooms, 
sun rooms, kitchens, laundry areas, closets, and 
hallways. AFCI protection is not required for 
circuits serving bathrooms, garages, the exterior 
of the home, appliances such as furnaces and 
air handlers. 

The easiest way to provide AFCI protection for 
a circuit is to install an AFCI circuit breaker labeled 
as a “combination” device in the electrical panel. 
The 2014 NEC allows several alternate methods of 
providing AFCI protection, but you should consult 
an electrician before using these alternate methods. 
You should install combination AFC] circuit breakers 
when installing new circuits that require AFCI 
protection. You should install either combination AFCI 
circuit breakers or AFCI receptacles when you modify, 
replace, or extend an existing circuit that requires 
AFCI protection. 


AFCI breakers (left) are similar in 
appearance to GFCI breakers (right), but 
they function differently. AFC! breakers 
trip when they sense an arc fault. GFCI 
breakers trip when they sense fault 
between the hot wire and the ground. 


An AFCI-protected 
receptacle 
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How to Install an AFCI or GFCI Breaker 
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Locate the breaker for the circuit Find the white wire on the circuit Flip the handle of the new AFCI or 
you'd like to protect. Turn off the main you want to protect, and remove it from GFCI breaker to OFF. Loosen both of 
circuit breaker. Remove the cover from the neutral bus bar. the breakers terminal screws. Connect 


the panel, and test to ensure that power 
is off. Remove the breaker you want 

to replace from the panel. Remove the 
black wire from the LOAD terminal of 
the breaker. 


the white circuit wire to the breaker 
terminal labeled PANEL NEUTRAL. 
Connect the black circuit wire to the 
breaker terminal labeled LOAD POWER. 


ee a 


uit we ~ i 
Ads + 
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Connect the new breaker’s coiled Make sure all the connections are Turn the main breaker on. Turn off 
white wire to the neutral bus bar on tight. Snap the new breaker into the and unplug all fixtures and appliances 
the service panel. bus bar. on the AFCI or GFCI breaker circuit. 


Turn the AFCI or GFCI breaker on. Press 
the test button. If the breaker is wired 
correctly, the breaker trips open. If it 
doesn't trip, check all connections or 
consult an electrician. Replace the 
panel cover. 
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nly a generation ago, fuse boxes were commonplace. 


But as our demands for power increased, 
homeowners replaced the 60-amp boxes with larger, 
safer, and more reliable circuit breaker panels. Typical 
new homes were built with perfectly adequate 100-amp 
load centers. But today, as average home size has risen 
to more than 2,500 sq. ft. and the number of home 
electronics has risen exponentially, 100 amps is often 
inadequate service. As a result, many homeowners have 
upgraded to 200-amp service, and new single-family 
homes often include 250 amps or even 400 amp service. 

Upgrading your electrical service panel from 
100 amps to 200 amps is an ambitious project that 
requires a lot of forethought. The first step is to obtain 
a permit. When you are ready to begin, you will need 
to have your utility company disconnect your house 
from electrical service at the transformer that feeds 
your house. When you schedule this, talk to your utility 
company about the size of your service drop or lateral. 
That may need to be upgraded too. Not only does this 
involve working them into your schedule, it means you 
will have no power during the project. You can rent a 


portable generator to provide a circuit or two, or you can 
run a couple extension cords from a friendly neighbor. 
But unless you are a very fast worker, plan on being 
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without power for at least one to two days while the 


project is in process. 


Also check with your utility company to make 


sure you know what equipment is theirs and what 


belongs to you. In most cases, the electric meter and 
everything on the street side belongs to the power 
company, and the meter base and everything on the 


house side is yours. Be aware that if you tamper with 


the sealed meter in any way, you likely will be fined. 
Utility companies will not re-energize your system 
without approval from your inspecting agency. 
Upgrading a service panel is a major project. 
Do not hesitate to call for help at any point if you're 


unsure what to do. 


[| Tools & Materials > 


200-amp load center 
(service panel) 

200-amp bypass 
meter base 

Circuit breakers 
(AFCI if required 
by local code) 

Schedule 80 or 
RMC conduit 
and fittings 


Weatherhead 

Service cable 
Circuit wires 
Plywood backer board 
Screwdrivers 
Drill/driver 

Tape 

Allen wrench 
Circuit tester 
Multimeter 





Modern homeowners consume more power than our 
forebears, and it is often necessary to upgrade the electrical 
service to keep pace. While homeowners are not allowed to 
make the final electrical service connections, removing the old 
panel and installing the new panel and meter base yourself 
can save you hundreds or even thousands of dollars. 
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Service drop cables 





Weatherhead 


Service mast 





Power meter Service 


entrance 
cables 


Meter base 











Aboveground service drop. In this common configuration, 
the service cables from the closest transformer (called the 
service drop) connect to service entrance wires near the 
weatherhead. This connection is called the service point and is 
where your property usually begins. The service entrance wires 
from the weatherhead are routed to a power meter that’s 
owned by your utility company but is housed in a base that's 
considered your property. From the meter the service entrance 
wires enter your house through the wall and are routed to the 
main service panel, where they are connected to the main 
circuit breaker. 

















Service 
entrance 
cables 
Power meter 


Meter base 





Conduit 





Underground service lateral. Increasingly, homebuilders 
are choosing to have power supplied to their new homes 
underground instead of an overhead service drop. Running the 
cables in the ground eliminates problems with power outages 
caused by ice accumulation or fallen trees, but it entails a 
completely different set of cable and conduit requirements. 
For the homeowner, however, the differences are minimal, 
because the hookups are identical once the power service 
reaches the meter. 
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[| Locating Your New Panel > 


Local codes dictate where the main service 

panel may be placed relative to other parts of 

your home. Although the codes vary (and always 
take precedence), national codes stipulate that 

a service panel (or any other distribution panel) 
may not be located near flammable materials, in a 
bathroom, clothes closet or other area designated 
for storage, above stairway steps, or directly above 
a workbench or other permanent work station 

or appliance. The panel also can’t be located in 

a crawl space. If you are installing a new service 
entry hookup, there are many regulations regarding 
height of the service drop and the meter. Contact 
your local inspections office for specific regulations. 








Maximum 
circuit breaker 
height 79” (ideal 
height 60”) 


a 














Minimum 36" deep 


unebstucted Minimum 30" wide 


unobstructed 
access 


access 









> studs or to %" 
backer 
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All the equipment you'll need to upgrade your main panel 
is sold at most larger building centers. It includes (A) a new 
200-amp panel; (B) a 200-amp bypass meter base (also called 

a socket); (C) individual circuit breakers (if your new panel is 
the same brand as your old one you may be able to reuse 

the old breakers); (D) new, THW, THHW, THWN-2. RHW, RHW-2, 
XHHW (2/0 copper seen here); (E) 2" dia. rigid metallic conduit; 
(F) weatherhead shroud for mast. 





The main circuit breaker (called the service equipment) 
may need to be located outside next to the electric meter 

if your main panel is too far away from the point where the 
service cable enters your house. The maximum distance 
allowed varies widely, from as little as 3 ft. to more than 10 
ft. Wiring the service cable through the shutoff has the effect 
of transforming your main panel into a subpanel, which will 
impact how the neutral and ground wires are attached (see 
Subpanels, pages 64 to 65). 
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How to Replace a Main Panel 





Shut off power to the house at the transformer. This 
must be done by a technician who is certified by your utility 
company. Also have the utility worker remove the old meter 
from the base. It is against the law for a homeowner to break 
the seal on the meter. 


Disconnect incoming circuit wires from breakers, 
grounding bar, and neutral bus bar. Also disconnect cable 
clamps at the knockouts on the panel box. Retract all circuit 
wires from the service panel and coil it up neatly, with the 
labels clearly visible. 
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Label all incoming circuit wires before disconnecting them. 
Labels should be written clearly on tape that is attached to the 
cables outside of the existing service panel. Test the circuits 
before starting to make sure they are labeled correctly. 





Unscrew the lugs securing the service entry cables at the 

top of the panel. For 240-volt service you will find two heavy- 
gauge SE cables, probably with black sheathing. Each cable 
carries 120 volts of electricity. A neutral service cable, usually 
of smaller gauge than the SE cables, will be attached to the 
neutral bus bar. This cable returns current to the source. 
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Remove the old service panel box. Boxes are rated for negice the old mae backer board with a larger board 


a maximum current capacity; and if you are upgrading, the in the installation area (see sidebar, page 52). A piece of %" 
components in the old box will be undersized for the new plywood is typical. Make sure the board is well secured at wall 
service levels. The new box will have a greater number of framing members. 


circuit slots as well. 





Attach the new service panel box to the backer board, Attach properly sized cable clamps to the box at the 


making sure that at least two screws are driven through the knockout holes. Install one cable per knockout in this type of 
backer and into wall studs. Drill clearance holes in the back of installation and plan carefully to avoid removing knockouts that 
the box at stud locations if necessary. Use roundhead screws you do not need to remove (if you do make a mistake, you can 
that do not have tapered shanks so the screwhead seats flat fill the knockout hole with a plug). 


against the panel. 
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Splicing in the Box > 


Some wiring codes allow you to make splices inside the 
panel box if the circuit wire is too short. Use the correct 
wire cap and wind electrical tape over the conductors 
where they enter the cap. If your municipality does 

not allow splices in the panel box, you'll have to rectify 
a short cable by splicing it in a junction box before it 
reaches the panel and then replacing the cable with a 
longer section for the end of the run. Make sure each 
Circuit line has at least 12" of slack. 

















Attach the hot lead wire to the terminal on the circuit 
breaker, and then snap the breaker into an empty slot. When 
loading slots, start at the top of the panel and work your way 
downward. It is important that you balance the circuits as you 
go to equalize the amperage. For example, do not install all the 
15-amp circuits on one side and all the 20-amp circuits on 

the other. 
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Attach the white neutral from each circuit cable to the 
neutral bus bar. Most panels have a preinstalled neutral bus 
bar, but in some cases you may need to purchase the bar 
separately and attach it to the panel back. The panel should 
also have a separate grounding bar that you also may need to 
purchase separately. Attach the grounds as well. 


Create an accurate circuit index and affix it to the inside 

of the service panel door. List all loads that are on the circuit 
as well as the amperage. Once you have restored power to the 
new service panel (see step 18), test out each circuit to make 
sure you don’t have any surprises. With the main breakers on, 
shut off all individual circuit breakers, and then flip each one 
on by itself. Walk through your house and test every switch and 
receptacle to confirm the loads on that circuit. 


(continued) 


1st 


ADVANCED HOME WIRING 55 


oofs for 
reference 
only 


pre 


Job: 41940 Title: CSP - Advanced Home Wirinl8/4Qh'#ai8iG8 AM 
Page: 55 


Ww 


‘ 
nim 





Install grounding conductors (see pages 58 to 59). Local 
codes are very specific about how the grounding and bonding 
needs to be accomplished. For example, some require 
multiple rods driven at least 6 ft. apart. Discuss your grounding 
requirements thoroughly with your inspector or an electrician 
before making your plan. 


Update the conduit that runs from your house to the 
bottom of the meter base. This should be 2" rigid conduit 

in good repair. Attach the conduit to the base and wall with 
the correct fittings. Rigid metal conduit is a good option, but 
Schedule 80 PVC is probably the best choice for housing the 
service entrance wires. 
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Replace the old meter base (have the utility company 
remove the meter when they shut off power to the house, step 
1). Remove the old meter base, also called a socket, and install 
a new base that’s rated for the amperage of your new power 
service. Here, a 200-amp bypass meter base is being installed. 


Install new service entrance wires. Each wire carries 

120 volts from the meter to the service wire lugs at the top 

of your service panel. Code is very specific about how these 
connections are made. In most cases, you'll need to tighten 
the terminal nuts with a specific amount of torque that 
requires a torque wrench to measure. Also attach the sheathed 
neutral wire to the neutral/grounding lug. 
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Attach the SE wires to the lugs connected to the main Install service entrance wires from the meter to the 
breakers at the top of your service entry panel. Do not remove weatherhead, where the connections to the service drop wires 
too much insulation on the wires—leaving the wires exposed are made. Only an agent for your public utility company may 

is a safety hazard. The neutral service entry wire is attached make the hookup at the weatherhead. 


either directly to the neutral bus bar or to a metal bridge that 
iS connected to the neutral bonding bus bar. Install the green 
grounding screw provided with the panel. 


Tall Mast, Short Roof > 


The service drop must occur at least 10 ft. above 
ground level, and as much as 14 ft. in some cases. 
Occasionally, this means that you must run the 
conduit for the service mast up through the eave of 
your roof and seal the roof penetration with a boot. 








Service drop Weatherhead 







> Mast (conduit) 









Boot minimum 
18 inches from 
the bottom of the 
drip loop 





Have the panel and all connections inspected and 
approved by your local building department, and then contact 
the public utility company to make the connections at the 
power drop. Once the connections are made, turn the main 
breakers on and test all circuits. 
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Il home electrical systems must be bonded and 
grounded according to code standards. This 
entails two tasks: the metal water and gas pipes must 

be connected electrically to create a continuous low 
resistance path back to the main electrical panel; 

and the main electrical panel must be grounded to 

a grounding electrode such as a ground rod or rods 
driven into the earth near the foundation of your 
house. Although the piping system is bonded to the 
ground through your main electrical service panel, the 
panel grounding and the piping bonding are unrelated 
when it comes to function. The grounding wire that 
runs from your electrical panel to grounding electrode 
helps even out voltage increases that often occur 
because of lightning and other causes. The wires that 
bond your metal piping are preventative, and they 
only become important in the unlikely event that an 
electrical conductor energizes the pipe. In that case, 
correct bonding of the piping system will ensure that 
the current does not remain in the system, where it 
could electrocute anyone who touches a part of the 
system, such as a faucet handle. Bonding is done 
relatively efficiently at the water heater, as the gas 
piping and water piping generally there. 

Gas pipe in older homes is usually steel or copper. 
The bonding connection point for these pipes can be 
at any accessible location, such as at the water heater 
or at the gas meter. Gas pipe in some new homes is 
a flexible material called corrugated stainless steel 
tubing (CSST). The bonding point for CSST must be 
at the first piece of steel or copper pipe where the gas 
service enters the home. This is because lightning can 
blow holes in CSST, causing a gas leak. 


| Tools & Materials > 


Hammer 3 pipe 

Straight edge ground clamps 
screwdriver Eye and ear 

Drill protection 

Yo" drill bit Work gloves 

A length of Grounding rods 
ground wire 5-Ib. maul 

Some wire staples Caulk 
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A pair of 8-ft.-long metal ground rods are driven into the 
earth next to your house to provide a path to ground for your 
home wiring system. 
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How to Bond Metallic Piping 
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Determine the amperage rating of your electrical service 
by looking at your main breakers. The system amperage 
(usually 100 or 200 amps) determines the required gauge 

of the bonding wire you need. #4 copper wire is sufficient 
for service not exceeding 200 amps. Smaller, less expensive 
copper wire is allowed for services between 100 and 175 
amps. Check with your electrical inspector if you want to use 
wire smaller than #4. 


Install pipe ground clamps on each pipe (hot water supply, 
cold water supply, gas), roughly a foot above the water heater. 
Do not install clamps near a union or elbow because the 
tightening of the clamps could break or weaken soldered 
joints. Also make sure the pipes are free and clear of any paint, 
rust, or any other contaminant that may inhibit a good clean 
connection. Do not overtighten the clamps. Use clamps that 
are compatible with the pipe so that corrosion will not occur. 
Use copper or brass clamps on copper pipe. Use brass or steel 
clamps on steel pipe. 
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Run the bonding wire from a point near your water heater 

(a convenient spot if you have a gas-fueled water heater) to 

an exit point where the wire can be bonded to the grounding 

wire that leads to the exterior grounding electrodes. This is 

frequently done at the service panel. Run this wire as you 

would any other cable, leaving approximately 6 to 8 ft. of wire 

at the water heater. If you are running this wire through the 

ceiling joists, drill a %" hole as close to the center as possible 

to not weaken the joist. Staple the wire every 2 ft. if running it 

parallel to the joists. co 





Route the ground wire through each clamp wire hole and 
then tighten the clamps onto the wire. Do not cut or splice the 
wire: The same wire should run through all clamps. 


(continued) 
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At the panel, turn off the main breaker. Open the cover 
by removing the screws, and set the cover aside. Route the 
ground wire through a small %" hole provided towards the 
rear of the panel on the top or bottom. You will usually have 
to knock the plug out of this hole by placing a screwdriver on 
it from the outside and tapping with a hammer. Make sure 
the ground wire will not come into contact with the bus bars 
in the middle of the panel or any of the load terminals on the 
@ breakers. 
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Locate an open hole on your ground and neutral bus 

and insert the ground wire. These holes are large enough to 
accommodate up to a #4 awg wire, but it may be difficult at 
times. If you're having trouble pushing the wire in, trim a little 
wire off the end and try with a clean cut piece. Secure the set 
screw at the lug. Replace the panel cover and turn the main 
breaker back on. 


Tips for Grounding the Main Service Panel 


(a) 


The neutral and grounding wires should not be connected 
to the same bus in most subpanels. The grounding bus should 
be bonded to the subpanel cabinet. The neutral bus should not 


be bonded to the subpanel cabinet. 
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Metallic conduit must be physically and electrically connected 
to panel cabinets. A bonding bushing may be required in some 
cases, where not all of a knockout is removed. 
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| Ground Rod Installation 


The ground rod is an essential part of the grounding Exercise Your Breakers > 


system. Its primary function is to create a path to 


ground for electrical current, such as lightning, line 
Your breakers (including the main) should be 


“exercised” once a year to ensure proper mechanical 
function. Simply turn them off and then back on. A 
convenient time to perform the exercise is at daylight 
savings time, when you'll need to reset all of your 
clocks anyway. 


surges, and unintentional contact with high voltage 
lines. If you upgrade your electrical service you likely 
will need to upgrade your grounding wire and rods to 
meet code. 

Note: Different municipalities have different 
requirements for grounding, so be sure to check with 
the AH] (Authority Having Jurisdiction) first before 
attempting to do this yourself. 

Call before you dig! Make sure the area where you 
will be installing the ground rods is free and clear from 
any underground utilities. 


How to Install a Grounding Electrode System 
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Begin by purchasing two copper-coated steel ground Drill a %c" hole in the rim joist of your house, as close as 
rods */" diameter by 8' long. Grounding rods have a driving practical to the main service panel to the outside of the house 
point on one end and a striking face on the other end. above the ground level at least 6". 
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About a foot from the foundation of the house, pound Run uninsulated #4 copper wire from the ground bus in 
one ground rod into the earth with a five-pound maul. If you your main service panel through the hole in the rim joist and to 
encounter a rock or other obstruction, you can pound the the exterior of the house, leaving enough wire to connect the 


ground rod at an angle as long as it does not exceed 45°. Drive two ground rods together. 
until only 3" or 4" of the rod is above ground. Measure at least 
6 ft. from the first ground rod and pound in another one. 





Using a brass clamp commonly referred to as an acorn, Connect the second ground rod with another acorn to the 
connect the wire to the first ground rod, pulling the wire taut uncut grounding wire previously pulled through the first acorn. 
so no slack exists. Continue pulling the wire to reach the Trim the excess wire. 


second grounding rod, creating a continuous connection. 
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Dig out a few inches around each rod to create clearance 
for the five-pound maul. Creating a shallow trench beneath 
the grounding wire between the rods is also a good idea. Drive 
each rod with the maul until the top of the rod is a few inches 
below grade. 


Tips for Grounding 





A listed metal strap may be used to ground indoor 
communication wires such as telephone and cable TV if an 
intersystem bonding terminal is not available. 
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Inject caulk into the hole in the rim joist on both the interior 
and exterior side. 
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A piece of reinforcing bar encased in a concrete footing is a 
common grounding electrode in new construction. Called an 
ufer, the electrode must be No. 4 or larger rebar and at least 20 ft. 
long. (Shown prior to pouring concrete.) 
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nstall circuit breaker subpanels if the main circuit 

breaker panel does not have enough open breaker slots 
for the new circuits you are planning. Subpanels serve as 
a second distribution center for connecting circuits. They 
receive power from a double-pole circuit breaker you 
install in the main circuit breaker panel. 

If the main service panel is so full that there is no 
room for the double-pole subpanel breaker, you can 
reconnect some of the existing 120-volt circuits to 
special slimline breakers (photos below). 

Plan your subpanel installation carefully, making 
sure your electrical service supplies enough power to 
support the extra load of the new subpanel circuits. 
Assuming your main service is adequate, consider 
installing an oversized subpanel breaker in the main 
panel to provide enough extra amps to meet the needs 
of future wiring projects. 

Also consider the physical size of the subpanel, 
and choose one that has enough extra slots to hold 
circuits you may want to install later. The smallest 
panels have room for up to six single-pole breakers 


= Single-pole 
‘circuit — 


Zo 
i) 
3 
=] 
= 
Oo 
= 
= 
te} 
os 


pa 
bi 
= 
¥ 
i 
5 
5 


(or three double-pole breakers), while the largest 
models can hold 20 single-pole breakers or more. 

Subpanels often are mounted near the main 
circuit breaker panel. Or, for convenience, they can 
be installed close to the areas they serve, such as in 
a new room addition or a garage. In a finished room, 
a subpanel can be painted or housed in a decorative 
cabinet so it is less of a visual distraction. If it is 
covered, make sure the subpanel is easily accessible 
and clearly identified. 


| Tools & Materials > 


Cable clamps 

Three-wire NM cable 
Cable staples 

Double-pole circuit breaker 
Circuit breaker subpanel 
Slimline circuit breakers 


Hammer 
Screwdriver 
Circuit tester 
Cable ripper 
Combination tool 
Screws 


breakers 

replace 
i single-po 
} breakers 


” eeveyv ag 





To conserve space in a service panel, you can replace single-pole breakers with slimline breakers. Slimline breakers take up 
half the space of standard breakers, allowing you to fit two circuits into one single slot on the service panel. In the service panel 
shown above, four single-pole 120-volt breakers were replaced with slimline breakers to provide the double opening needed for a 
30-amp, 240-volt subpanel feeder breaker. Use slimline breakers (if your municipality allows them) with the same amp rating as the 
standard single-pole breakers you are removing, and make sure they are approved for use in your panel. If your municipality and 
panel allow slimline breakers, there may be restrictions on the quantity and location where they may be installed on the panel. 
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Wiring diagram for wiring a feeder from the main service panel to a subpanel in a separate building. 


_ How to Install a Subpanel 


+i 


rarer 


y 


Subpanels are subject to the same 
installation and clearance rules as service 
panels. The subpanel can be mounted to 
the sides of studs or to plywood attached 
between two studs. The panel shown 
here extends 12" past the face of studs 

So it will be flush with the finished wall 
surface. 
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Open a knockout in the subpanel 
using a screwdriver and hammer. Run 
the feeder cable from the main circuit 
breaker panel to the subpanel, leaving 


about 2 ft. of excess cable at each end. 





Attach a cable clamp to the knockout 
in the subpanel. Insert the cable into the 
subpanel, and then anchor it to framing 
members within 8" of each panel and 
every 54" thereafter. 


(continued) 
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Strip away outer sheathing from the 
feeder cable using a cable ripper. Leave 
at least “%" of sheathing extending into 
the subpanel. Tighten the cable clamp 
screws so the cable is held securely, but 
not so tightly that the wire sheathing 

is crushed. 


Slimline 
breakers 


At the main circuit breaker panel, shut off the main 
circuit breaker, and then remove the coverplate and test for 
power. If necessary, make room for the double-pole feeder 
breaker by removing single-pole breakers and reconnecting 
the wires to slimline circuit breakers. Open a knockout for the 
feeder cable using a hammer and screwdriver. Note: some 
panels do not allow slimline breakers and some restrict where 
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Strip %" of insulation from the white 
neutral feeder wire, and attach it to the 
main lug on the subpanel neutral bus 
bar. Connect the grounding wire to a 
setscrew terminal on the grounding bus 
bar. Fold excess wire around the inside 
edge of the subpanel. 


slimline breakers can be installed. Read the instructions on the 


panel cover. 
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Strip away ’2" of insulation from the 
red and the black feeder wires. Attach 
one wire to the main lug on each of the 
hot bus bars. Fold excess wire around 
the inside edge of the subpanel. 





Strip away the outer sheathing from the feeder cable so 
that at least 4" of sheathing will reach into the main service 
panel. Attach a cable clamp to the cable, and then insert the 
cable into the knockout, and anchor it by threading a locknut 
onto the clamp. Tighten the locknut by driving a screwdriver 
against the lugs. Tighten the clamp screws so the cable is held 
securely, but not so tightly that the cable sheathing is crushed. 
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Bend the bare copper wire from the feeder cable around 
the inside edge of the main circuit breaker panel, and connect 
it to one of the setscrew terminals on the grounding bus bar. 


Strip %" of insulation from the red 
and the black feeder wires. Attach one 
wire to each of the setscrew terminals 
on the double-pole feeder breaker. 
Note: If your subpanel arrived with a 
preinstalled grounding screw in the 
panel back, remove and discard it. 
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: 

Hook the end of the feeder circuit 
breaker over the guide hooks on the 
panel, and then push the other end 
forward until the breaker snaps onto 
the hot bus bars (follow manufacturer's 
directions). Fold excess wire around the 
inside edge of the circuit breaker panel. 


Guide hook pivot 
~s 
ay 











Strip away ’2" of insulation from the white feeder wire. 
Attach the wire to one of the setscrew terminals on the 
neutral bus bar. Fold excess wire around the inside edge of the 


If necessary, open two tabs where 
the double-pole feeder breaker will 

fit, and then reattach the cover plate. 
Label the feeder breaker on the circuit 
index. Turn the main breaker on, but 
leave the feeder breaker off until all 
subpanel circuits have been connected 
and inspected. 
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RB aseboard heaters are a popular way to provide 
additional heating for an existing room or primary 
heat to a converted attic or basement. 

Heaters are generally wired on a dedicated 
240-volt circuit controlled by a thermostat. Several 
heaters can be wired in parallel and controlled by a 
single thermostat (see circuit map 15, page 39). 

Baseboard heaters are generally surface-mounted 
without boxes, so in a remodeling situation, you only 
need to run cables before installing wallboard. Be sure 
to mark cable locations on the floor before installing 
drywall. Retrofit installations are also not difficult. 
You can remove existing baseboard and run new cable 
in the space behind. Baseboard heaters (and other 
heating equipment) get very hot and can ignite nearby 
combustible materials. Maintain the manufacturers 
recommended distance between the heater and 
materials such as curtains, blinds, and wood. 





S| asian 


| Tools & Materials > 


Drill/driver 

Wire stripper 

Cable ripper 

Wallboard saw 

Baseboard heater or heaters 
240-thermostat (in-heater or in-wall) 
12/2 NM cable 

Electrical tape 

Basic wiring supplies 


LE" 


Baseboard heaters can provide primary or supplemental heat for existing rooms or additions. Install heaters with clear space 


between the heater and the floor. 
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|| Baseboard Thermostats 


Double-pole 
thermostat 


Single-pole 
thermostat 





Single-pole and double-pole thermostats work in a similar 
manner, but double-pole models are safer. The single-pole 
model will open the circuit (causing shutoff) in only one leg of 
the power service. Double-pole models have two sets of wires 
to open both legs, lessening the chance that a person servicing 
the heater will contact a live wire. 


fl How Much Heater Do You Need? > 


If you don’t mind doing a little math, determining how 7. 

many lineal feet of baseboard heater a room requires is 

not hard. 8. 
©), 


1. Measure the area of the room in square feet 


(length x width): 10. 


2. Multiply the area by 10 to get the baseline minimum 


wattage: lie 


3. Add 5% for each newer window or 10% for each 
older window: 
. Add 10% for each exterior wall in the room: 
5. Add 10% for each exterior door: 
Add 10% if the space below is not insulated: 


_ 





In-heater and wall-mount are the two types of baseboard 
thermostats you can choose from. If you are installing multiple 
heaters, a single wall-mount thermostat is more convenient. 
Individual in-heater thermostats give you more zone control, 
which can result in energy savings. 


Add 20% if the space above is not well insulated: 


Add 10% if ceiling is more than 8 ft. high: —___ & 
Total of the baseline wattage plus all additions: 


Divide this number by 250 (the wattage produced per 
foot of standard baseboard heater): 

Round up to a whole number. This is the minimum 
number of feet of heater you need. 


Note: It is much better to have more feet of heater than is 
required than fewer. Having more footage of heater does 
not consume more energy, it does allow the heaters to 


work more efficiently. 


[| Planning Tips for Baseboard Heaters > 


e Baseboard heaters require a dedicated circuit. A ° 
20-amp, 240-volt circuit of 12-gauge copper wire will 
power up to 16 ft. of heater. 


e Do not install a heater beneath a wall receptacle. ° 
Cords hanging down from the receptacle are a 
fire hazard. ° 
41940 - Advanced Home Wiring_064-128.indd 69 iO} 
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Do not mount heaters directly on the floor. You 
should maintain at least 1" of clear space between 
the baseboard heater and the floor covering. 
Installing heaters directly beneath windows is a 

good practice. 

Locate wall thermostats on interior walls only, and do 
not install directly above a heat source. 
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How to Install a 240-Volt Baseboard Heater 


At the heater locations, cut a small hole in the drywall 3" to 
4" above the floor. Pull 12/2 NM cables through the first hole: 
one from the thermostat, the other to the next heater. Pull all 
the cables for subsequent heaters. Middle-of-run heaters will 
have two cables, while end-of-run heaters have only one cable. 
(See also circuit map 15, page 39.) 





Anchor the heater against wall about 1" off floor by driving 
flathead screws through the back of the housing and into 
studs. Strip away cable sheathing so at least %" of sheathing 
extends into the heater. Strip %" of insulation from each wire 
using a combination tool. 
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Remove the cover on the wire connection box. Open a 
knockout for each cable that will enter the box, and then feed 
the cables through the cable clamps and into the wire 
connection box. Attach the clamps to the wire connection 
box, and tighten the clamp screws until the cables are 
gripped firmly. 


From 7 
penorm, ostat 





Make connections to the heating element if the power 
wires are coming from a thermostat or another heater 
controlled by a thermostat. See the next page for other wiring 
schemes. Connect the white circuit wires to one of the wire 
leads on the heater. Tag white wires with black tape to indicate 
they are hot. Connect the black circuit wires to the other 

wire lead. Connect a grounding pigtail to the green grounding 
screw in the box, and then join all grounding wires with a wire 
connector. Reattach the cover. 
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One heater with end-cap thermostat. 
Run both power leads (black plus tagged 
neutral) into the connection box at either 
end of the heater. If installing a single-pole 
thermostat, connect one power lead to 
one thermostat wire and connect the 
other thermostat wire, to one of the 
heater leads. Connect the other hot 

LINE wire to the other heater lead. If you 
are installing a double-pole thermostat, 
make connections with both legs of the 
power supply. 





Multiple heaters. At the first heater, 
join both hot wires from the thermostat 
to the wires leading to the second heater 
in line. Be sure to tag all white neutrals 
hot. Twist copper ground wires together 
and pigtail them to the grounding screw 
in the baseboard heater junction box. 
This parallel wiring configuration ensures 
that power flow will not be interrupted to 
the downstream heaters if an upstream 
heater fails. ® 


wall-mounted thermostat. If installing a 
wall-mounted thermostat, the power leads 
should enter the thermostat first and then 
be wired to the individual heaters singly or 
in series. Hookups at the heater are made 
as shown in step 4. Be sure to tag the 
white neutral as hot in the thermostat box 
as well as in the heater box. 
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72 | 


ieee: a wall heater is an easy way to provide 
supplemental heat to a converted attic or basement 
without expanding an existing HVAC system. 

Wall heaters are easy to install during a remodel 
(most have a separate can assembly that you attach to 
the framing before the drywall is installed). They can 
also be retrofitted. 

Most models available at home centers use 
120-volt current (shown below), but 240-volt models 
are also available. 


| Tools & Materials > 


Drywall saw Wire connectors 
Drill Wall heater 
Fish tape Thermostat 
Combination tool (optional) 
Screwdrivers Wallboard saw 


12/2 NM cable 





Wall heaters are an easy-to-install way to provide 
supplemental heat. Some models have built-in thermostats, 
while others can be controlled by a remote thermostat. 


_ How to Install a Wall Heater in a Finished Wall 


1 


Make an opening in the wall for the heater. Use a stud 
finder to locate a stud in the area where you want to install 

the heater. Mark the opening for the heater according to the 
manufacturer's guidelines so that one side of the heater sits 
flush with a stud. Pay attention to clearance requirements. Cut 
the opening with a wallboard saw. If the wall is open, install the 
heater can before hanging drywall (inset). 
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Turn power off, and test for power. Pull 12/2 NM cable 
from the main panel to the wall opening. If the heater 

is controlled by a separate thermostat, pull cable to the 
thermostat, and then run another cable from the thermostat to 
the heater location. 
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Disconnect and remove the motor 
unit from the heater can. Remove a 
knockout from the can, and route the 
cable into the can. 


Secure the heater unit in the can 
as directed by the manufacturer. 
Reconnect the motor if necessary. 
Attach the grill and thermostat knob 
as directed. Connect the new circuit 
breaker at the main panel. 
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Install the can in the opening. Wire the heater. Connect the black 


Secure the cable with a clamp, leaving circuit wire to one of the black heater 
8" to 12" of cable exposed. Attach leads. Connect the white circuit wire to 
the can to the framing as directed by the other lead. Connect the grounds. 


the manufacturer. 


Variation: Connect a thermostat to control a wall heater. Some wall heaters do not 
use built-in thermostats. Install a thermostat in the heater circuit before the wall 
heater. Connect the black and the white wires coming from the main panel to the red 
leads on the thermostat. Connect the wires going to the heater to the black leads on 
the thermostat. Connect the grounds. 
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eee a backup generator is an invaluable way to 
prepare your family for emergencies. The simplest 
backup power system is a portable gas-powered 
generator and an extension cord or two. A big benefit 
of this approach is that you can run a refrigerator 
and a few worklights during a power outage with a 
tool that can also be transported to remote job sites 
or on camping trips when it’s not doing emergency 
backup duty. This is also the least expensive way to 
provide some backup power for your home. You can 
purchase a generator at most home centers and be 
up and running in a matter of hours. If you take this 
approach, it is critically important that you make 
certain any loads being run by your generator are 
disconnected from the utility power source. 

The next step up is to incorporate a manual 
transfer switch for your portable generator. Transfer 
switches are permanently hardwired to your service 
panel. They are mounted on either the interior or 
the exterior of your house between the generator 
and the service panel. You provide a power feed from 
the generator into the switch. The switch is wired to 


selected essential circuits in your house, allowing you 
to power lights, furnace blowers, and other loads that 
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can't easily be run with an extension cord. But perhaps 
the most important job a transfer switch performs is 

to disconnect the utility power. If the inactive utility 
power line is attached to the service panel, “backfeed” 
of power from your generator to the utility line can 
occur when the generator kicks in. This condition 
could be fatal to line workers who are trying to 

restore power. The potential for backfeed is the main 
reason many municipalities insist that only a licensed 
electrician hook up a transfer switch. Using a transfer 
switch not installed by a professional may also void the 
warranty of the switch and the generator. 

Automatic transfer switches turn on the generator 
and switch off the utility supply when they detect a 
significant drop in line voltage. They may be installed 
with portable generators, provided the generator is 
equipped with an electric starter. 

Large standby generators that resemble central air 
conditioners are the top of the line in backup power 
supply systems. Often fueled by home natural gas 
lines or propane tanks that offer a bottomless fuel 
source, standby generators are made in sizes with as 
much as 20 to 40 kilowatts of output—enough to 
supply all of the power needs of a 5,000-sq.-ft. home. 


Generators have a range of uses. 
Large hard-wired models can provide 
instant emergency power for a whole 
house. Smaller models (below) are 
convenient for occasional short-term 
backup as well as job sites or 
camping trips. 
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| Options for Backup Generators 





A permanent transfer switch patches electricity from 

a large portable generator through to selected household 
circuits via an inlet at your service panel (inset), allowing you to 
power hardwired fixtures and appliances with the generator. 


A 2,000- to 5,000-watt gas-powered generator and a 
few extension cords can power lamps and an appliance or 
two during shorter-term power outages. Appliances must 
not be connected to household wiring and the generator 
simultaneously. Never plug a generator into an outlet. Never 
operate a generator indoors. Run extension cords through a 


garage door. 
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For full, on-demand backup service, install a large standby generator wired through to an automatic transfer panel. In the 
event of a power outage, the household system instantly switches to the generator. 
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| A Typical Backup System 


ernneni 


‘a 









Service entry cables 


We 
AS 





Backup generators supply power to a manual transfer switch, which disconnects the house from the main service wires and 
routes power from the generator through selected household circuits. Cc 


| Choosing a Generator 


Choosing a generator for your home’s needs requires 10,000 watts). If the surge watts aren't listed, ask, 

a few calculations. The chart below gives an estimate or check the manual. Some generators can’t develop 
of the size of generator typically recommended for a many more surge watts than run watts; others can 
house of a certain size. You can get a more accurate produce twice as much surge as run wattage. 

number by adding up the power consumption (the It’s not necessary to buy a generator large enough to 
watts) of all the circuits or devices to be powered by match the surge potential of all your circuits (you won't 
a generator. It’s also important to keep in mind that, be turning everything on simultaneously), but surge 

for most electrical appliances, the amount of power watts should factor in your purchasing decision. If you 
required at the moment you flip the ON switch is will be operating the generator at or near capacity, it is 
greater than the number of watts required to keep also a wise practice to stagger startups for appliances. 


the device running. For instance, though an air 
conditioner may run on 15,000 watts of power, it will 


require a surge of 30,000 watts at startup (the power SIZE OF HOUSE RECOMMENDED GENERATOR 
range required to operate an appliance is usually listed (IN SQUARE FEET) SIZE (IN KILOWATTS) 
somewhere on the device itself). These two numbers 

Up to 2,700 5-11 


are called run watts and surge watts. Generators are 


typically sold according to run watts (a 5,000-watt TIM tM ale 
generator can sustain 5,000 watts). They are also rated 3,701—-4,700 20 
for a certain number of surge watts (a 5,000-watt 4,701-7,000 42-47 
generator may be able to produce a surge of 
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Types of Transfer Switches 





Cord-connected transfer switches (shown above) are When using a cord-connected switch, consider mounting 
hard-wired to the service panel (in some cases they‘re installed an inlet box to the exterior wall. This will allow you to connect 
after the service panel and operate only selected circuits). a generator without running a cord into the house. 


These switches contain a male receptacle for a power supply 
cord connected to the generator. Automatic transfer switches 
(not shown) detect voltage drop-off in the main power line and 
switch over to the emergency power source. 


Generator Tips > 


ya 





If you'll need to run sensitive electronics such A generator that will output 240-volt service is 


as computers or home theater equipment, look for a required to run most central air conditioners. If your 
generator with power inverter technology that dispenses generator has variable output (120/240) make sure the 
“clean power” with a stable sine wave pattern. switch is set to the correct output voltage. 
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| Running & Maintaining a Backup System 


Even with a fully automatic standby generator 
system fueled by natural gas or propane, you will 
need to conduct some regular maintenance and 
testing to make sure all systems are ready in the 
event of power loss. If you're depending on a 
portable generator and extension cords or a standby 
generator with a manual transfer switch, you'll also 
need to know the correct sequence of steps to follow 
in a power emergency. Switches and panels also need 





to be tested on a regular basis, as directed in your 


owner's manual. And be sure that all switches (both Pull-cord starter 
interior and exterior) are housed in an approved Smaller portable generators often use pull-cords instead of 
enclosure box. electric starters. 


ANATOMY OF A PORTABLE BACKUP GENERATOR 


Fuel tank 







Built-in GFCI 


Voltage 


selector 
® 


Built-in circuit 
breaker 


AC power 
outlets 


Start switch 


Gasoline engine 


Oil dipstick 


Portable generators use small gasoline engines to generate power. A built-in electronics panel sets current to AC or DC and 
the correct voltage. Most models will also include a built-in circuit breaker to protect the generator from damage in the event it 
is connected to too many loads. Better models include features like built-in GFCI protection. Larger portable generators may also 
feature electric starter motors and batteries for push-button starts. 
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Operating a Manual System During an Outage 
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| 
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Plug the generator in at the inlet Start the generator with the pull-cord Flip the manual transfer switch. 
box. Make sure the other end of the or electric starter (if your generator Begin turning on loads one at a time by 
generator’s outlet cord is plugged into has one). Let the generator run for flipping breakers on, starting with the 
the appropriate outlet on the generator several minutes before flipping the ones that power essential equipment. 
(120-volt or 120/240-volt AC) and the transfer switch. Do not overload the generator or the 
generator is switched to the appropriate switch, and do not run the generator 
voltage setting. at or near full capacity for more than 


30 minutes at a time. 


® Maintaining & Operating an Automatic Standby Generator ® 
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If you choose to spend the money and install a dedicated standby generator of 10,000 watts or more and operate it through 
an automatic transfer switch or panel, you won't need to lift a hand when your utility power goes out. The system kicks in by 
itself. However, you should follow the manufacturer's instructions for testing the system, changing the oil, and running the 
motor periodically. 
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Installing a Transfer Switch 





transfer switch is installed next to the main t Sa ee 
service panel to override the normal electrical Span tas 
service with power from a backup generator during 

a power outage. Manual transfer switches require an 
operator to change the power source, while automatic 
switches detect the loss of power, start the back-up 
generator, and switch over to the backup power feed. 
Because the amount of electricity created by a backup 
generator is not adequate to power all of the electrical 
circuits in your house, you'll need to designate a few 
selected circuits to get backup current (see page 81). 


a “4 ¥ Cte 

i Tools & Materials > a siagagghtaanniers 
Circuit tester Level A manual transfer switch connects emergency circuits in 
Drill/driver Manual transfer switch your main panel to a standby generator. 
Screwdrivers Screws 
Hammer Wire connectors 
Wire cutters (yellow) 
Cable ripper Standby power 
Wire strippers generator 





One flip of a switch reassigns the power source for each critical circuit so your backup generator can keep your refrigerator, 
freezer, and important lights running during an outage of utility power. 
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| Selecting Backup Circuits > 


Before you purchase a backup generator, determine e Refrigerator: 750 watts 
which loads you will want to power from your generator e —_- Forced air furnace: 1,100 to 1,500 watts 
in the event of a power loss. Generally you will want to e Incandescent lights: 60 watts per bulb (CFL and LED 
power your refrigerator, freezer, and maybe a few lights. lights use less wattage) 
Add up the running wattage ratings of the appliances e Sump pump: 800 to 1,000 watts 
you will power up to determine how large your backup e Garage door opener: 550 to 1,100 watts 
generator needs to be. Because the startup wattage of e Television: 300 watts 
: many appliances is higher than the running wattage, 
avoid starting all circuits at the same time—it can Add the wattage values of all the loads you want to 
cause an overload situation with your generator. Here power, and multiply the sum by 1.25. This will give you the 
, are some approximate running wattage guidelines (see minimum wattage your generator must produce. Portable 
page 132 to 137 for more information on calculating standby generators typically output 5,000 to 7,500 watts. 
electrical loads): Most larger, stationary generators can output 10,000 to 


20,000 watts (10 to 20 kilowatts). 


How to Install a Manual Transfer Switch 











Turn off the main power breaker in your electrical service Determine which household circuits are critical for 
panel. CAUTION: The terminals where power enters the main emergency usage during a power outage. Typically this will 
breakers will still be energized. include the refrigerator, freezer, furnace, and at least one light 


or small appliance circuit. 


(continued) 
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Match your critical circuits with circuit inlet on your pre- 
wired transfer switch. Try to balance the load as best you can 
in the transfer switch: For example, if your refrigerator is on 
the leftmost switch circuit, connect your freezer to the circuit 
farthest to the right. Double-pole (240-volt) circuits will require 
two 120-volt circuit connections. Also make sure that 15-amp 
and 20-amp circuits are not mismatched with one another. 





Select and remove a knockout at the bottom of the main 
service panel box. Make sure to choose a knockout that is 
sized to match the connector on the flexible conduit coming 
from the transfer switch. 





Feed the wires from the transfer switch into the knockout 
hole, taking care not to damage the insulation. You will note 
that each wire is labeled according to which circuit in the 
switch box it feeds. 


1st 


82 ADVANCED HOME WIRING 


proofs for 
reference 
only 


41940 - Advanced Home Wiring_064-128.indd 82 


Pro-Vision KS Text 


Secure the flexible conduit from the switch box to the main 
service panel using a locknut and a bushing where required. 


Job: 41940 Title: CSP - Advanced Home Wirh¥!Stiad he ™ 
Page: 82 Pro-Vis 








Attach the transfer switch box to the wall so the closer Remove the breaker for the first critical circuit from the 
edge is about 18" away from the center of the main service main service panel box, and disconnect the hot wire lead from 
panel. Use whichever connectors make sense for your the lug on the breaker. 

wall type. 
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Locate the red wire for the switch box circuit that 


Locate the black wire from the same transfer switch circuit, 
corresponds to the circuit you've disconnected. Attach the and twist it together with the old feed wire, using a yellow wire 


red wire to the breaker you've just removed, and then reinstall connector. Tuck the wires neatly out of the way at the edges of 


the breaker. the box. Proceed to the next circuit, and repeat the process. 


(continued) 
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If any of your critical circuits are 240-volt circuits, attach Once you have made all circuit connections, attach the 
the red leads from the two transfer switch circuits to the white neutral wire from the transfer switch to an opening in 


double-pole breaker. The two circuits originating in the transfer the neutral bus bar of the main service panel. 
switch should be next to one another, and their switches 


should be connected with a handle tie. If you have no 240-volt 
circuits you may remove the preattached handle tie and use 
the circuits individually. 





Attach the green ground wire from the transfer switch to Begin testing the transfer switch by making sure all of the 
an open port on the grounding bar in your main service panel. switches on it are set to the LINE setting. The power should still 
This should complete the installation of the transfer switch. be OFF at the main panel breakers. 


Replace the cover on the service panel box, and make sure to 
fill in the circuit map on your switch box. 
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Standby Generators > 





Make sure your standby generator is operating properly and has been installed professionally. See page 76 for 
information on choosing a generator that is sized appropriately for your needs. 





Before turning your generator on, attach the power cord Flip each circuit switch on the transfer switch box to GEN, 
from the generator to the switch box. Never attach or detach a one at a time. Try to maintain balance by moving back and 
generator cord with the generator running. Turn your standby forth from circuits on the left and right side. Do not turn all 
power generator on, and let it run for a minute or two. circuits on at the same time. Observe the onboard wattage 


meters as you engage each circuit, and try to keep the 
wattage levels in balance. When you have completed testing 
the switch, turn the switches back to LINE, and then shut off 
your generator. 
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othing improves the convenience and usefulness 

of an outbuilding more than electrifying it. 
Running a new underground circuit from your house 
to an outbuilding lets you add receptacles and light 
fixtures both inside the outbuilding and on its exterior. 
If you run power to an outbuilding, you are required to 
install at least one receptacle. 

Adding one or two 120-volt circuits is not 
complicated, but every aspect of the project is strictly 
governed by local building codes. Therefore, once 
you've mapped out the job and have a good idea of 
what’s involved, visit your local building department to 
discuss your plans and obtain a permit for the work. 

This project demonstrates standard techniques 
for running a circuit cable from the house exterior to a 
shed, plus the wiring and installation of devices inside 
the shed. To add a new breaker and make the final 
circuit connections to your home’s main service panel, 
see page 52. If you run power to an outbuilding, you 
are required to install at least one receptacle. 

First, determine how much current you will need. 
For basic electrical needs, such as powering a standard 





Ze 


light fixture and small appliances or power tools, a 
120-volt, 15-amp circuit should be sufficient. A small 
workshop may require one or two 120-volt, 20-amp 
circuits. If you need any 240-volt circuits or more than 
two 120-volt, 20-amp circuits, you will need to install 
at least a 60-amp subpanel with appropriate feeder 
wires. Installing a subpanel in an outbuilding is similar 
to installing one inside your home, but there are some 
important differences. 

You may use #14 copper wire for one 120-volt, 
15-amp circuit or #12 copper wire for one 120-volt, 
20-amp circuit. Use #10 copper wire for two 120-volt, 
20 amp circuits. Also, if the shed is more than 150 
ft. away from the house, you may need heavier-gauge 
cable to account for voltage drop. 

Most importantly, don’t forget to call before you 
dig. Have all utility and service lines on your property 
marked even before you make serious project plans. 
This is critical for your safety of course, and it may 
affect where you can run the circuit cable. 


Adding an electrical circuit to an outbuilding such as this shed greatly expands the activities the building will support and 
is also a great benefit for home security. 
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Spray paint 

Trenching shovel 
(4" wide blade) 

4" metal junction box 

Metal L-fittings (2) 
and conduit nipple 
for conduit 

Wood screws 

Conduit with 
watertight 
threaded and 
compression fittings 

Wrenches 


Hacksaw 
90° sweeps for 
conduit (2) 
Plastic conduit 
bushings (2) 
Pipe straps 
Silicone caulk 
and caulk gun 
Double-gang 
boxes, metal (2) 
One exterior 
receptacle box 
(with cover) 


| 


Single-pole switches (2) 

Interior ceiling light 
fixture and metal 
fixture box 

Exterior motion- 
detector fixture and 
plastic fixture box 

EMT metal conduit 
and fittings for 
inside the shed 

Utility knife 

UF two-wire cable 
(12 gauge) 


THNN wire 
(12 gauge) 
20-amp GFCI- 
protected circuit 
breaker 
Wire stripper 
Pliers 
Screwdrivers 
Wire connectors 
Hand tamper 
Schedule 80 conduit 
Eye protection 





Rigid conduit from service box 





Security light 


GFCI (covered) 





A basic outdoor circuit starts with a waterproof fitting at the house wall connected to a junction box inside. The underground 
circuit cable—rated UF (underground feeder)—runs in a 24"-deep trench and is protected from exposure at both ends by metal or 
PVC conduit. Inside the shed, standard NM cable runs through metal conduit to protect it from damage (not necessary if you will be 
adding interior wallcoverings). All receptacles in the shed must be GFCI protected. 
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How to Wire an Outbuilding 





Identify the circuit's exit point at the house and entry From outside, drill a hole through the exterior wall and the 
point at the shed and mark them. Mark the path of the trench rim joist at the exit point for the cable (you'll probably need to 
between the exit and entry points using spray paint. Make the install a bit extender or an extra-long bit in your drill). Make the 
route as direct as possible. Dig the trench to the depth required hole just large enough to accommodate the L-body conduit 

by local code (24") using a narrow trenching shovel. fitting and conduit nipple. 





Assemble the conduit and junction box fittings that From outside, seal the hole around the conduit with 


will penetrate the wall. Here, we attached a 12" piece of %" expandable spray foam or caulk, and then attach the free end 
IMC (intermediate metallic conduit) and a sweep to a metal of the conduit to the back of a waterproof L-body fitting. Mount 
junction box with a compression fitting and then inserted the the L-body fitting to the house exterior with the open end 


conduit into the hole drilled in the rim joist. The junction box is facing downward. 
attached to the floor joist. 
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Cut a length of IMC to extend from the L-fitting down 

into the trench using a hacksaw. Deburr the cut edges of 

the conduit. Secure the conduit to the L-fitting, and then 
attach a 90° sweep to the bottom end of the conduit using 
compression fittings. Add a bushing to the end of the sweep to 
protect the circuit cable. Anchor the conduit to the wall with a 
corrosion-resistant pipe strap. 


Run conduit from the exterior box down into the trench. 
Fasten the conduit to the building with a strap. Add a 90° 
sweep and bushing, as before. Secure the conduit to the box 
with an offset fitting. Anchor the conduit with pipe straps, and 
seal the entry hole with caulk. 
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Inside the shed, drill a %" dia. hole in the shed wall. On the 
interior of the shed, mount a junction box with a knock-out 
removed to allow the cable to enter through the hole. On the 
exterior side directly above the end of the UF trench, mount 
an exterior-rated receptacle box with cover. The plan (and your 
plan may differ) is to bring power into the shed through the 
hole in the wall behind the exterior receptacle. 





Run UF cable from the house to the outbuilding. Feed one 
end of the UF circuit cable up through the sweep and conduit 
and into the L-fitting at the house (the back or side of the fitting 
is removable to facilitate cabling). Run the cable through the 
wall and into the junction box, leaving at least 12" of extra 
cable at the end. 


(continued) 
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Lay the UF cable into the trench, making sure it is not 
twisted and will not contact any sharp objects. Roll out the cable, 
and then feed the other end of the cable up through the conduit 
and into the receptacle box in the shed, leaving 12" of slack. 


rau 





ee 


Connect the electrical boxes with conduit and fittings. 
Inside the outbuilding, you may use inexpensive EMT to 
connect receptacle, switch, and fixture boxes. Once you've 
planned your circuit routes, start by attaching couplings to all 
of the boxes. 
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Inside the outbuilding, install the remaining boxes for the 
other switches, receptacles, and lights. With the exception of 
plastic receptacle boxes for exterior exposure, use metal boxes 
if you will be connecting the boxes with metal conduit. 





Cut a length of conduit to fit between the coupling and 
the next box or fitting in the run. If necessary, drill holes for 
the conduit through the centers of the wall studs. Attach the 
conduit to the fitting that you attached to the first box. 
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If you are surface-mounting the conduit or running it Measure to find how much wire you'll need for each 
up or down next to wall studs, secure it with straps no more run, and cut pieces that are a foot or two longer. Before 
than 3 ft. apart. Use elbow fittings for 90° turns and setscrew making L-turns with the conduit, feed the wire through the 
couplings for joining straight lengths as needed. Make holes first conduit run. 

through the wall studs only as large as necessary to feed the 

conduit through. 





nea 


Feed the other ends of the wires into the next box or Once you've reached the next box in line, coil the ends of 


fitting in line. It is much easier to feed wire into 45° and 90° the wires and repeat the process with new wire for the next run. 
elbows if they have not been attached to the conduit yet. Keep working until all of the wire is run and all of the conduit and 
Continue feeding wire into the conduit and fitting until you fittings are installed and secured. If you are running multiple feed 
have reached the next box in line. wires into a single box, write the origin or destination on a piece 


of masking tape and stick it to each wire end. 
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Neutral wires 


Grounding 
wires 


IsYop-qrepqolineconnenes 








¥ screw 

Note: Your Code may require 

an in-use rated receptacle Receptacle 

box cover. grounding 

screw 

Make the wiring connections at the receptacles. Strip Variation: Installing a GFCl-protected breaker for the new 
%" of insulation from the circuit wires using a wire stripper. circuit at the main service panel is the best way to protect 
Connect the white (neutral) wire and black (hot) wire of the UF the circuit and allows you to use regular receptacles in the 
cable to the LINE screw terminals on the receptacle. Connect building, but an alternative that is allowed in many areas 
the white (neutral) and black (hot) wires from the NM cable to is to run the service into a GFCl-protected receptacle and 
the LOAD terminals. Pigtail the bare copper ground wires and then wire the other devices on the circuit in series. If you 
connect them to the receptacle ground terminal and the metal use this approach, only the initial receptacle needs to be a 
box. Install the receptacle and cover plate. GFCI receptacle. 





Continue installing receptacles in the circuit run, and Install the light fixtures. For this shed, we installed a caged 
then run service from the last receptacle to the switch box ceiling light inside the shed and a motion-detector security 
for the light fixture or fixtures. (If you anticipate a lot of load light on the exterior side. 


on the circuit, you should probably run a separate circuit 
for the lights). Twist the white neutral leads and grounding 
leads together and cap them. Attach the black wires to the 
appropriate switches. Install the switches and cover plate. 
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Run NM cable from the electrical box in the house at the At the service panel, feed the NM cable in through a cable 
start of the new circuit to the main service panel. Use cable clamp. Arrange for your final electrical inspection before you 
staples if you are running the cable in floor joist cavities. If the install the breaker. Then attach the wires to a new circuit 

cable is mounted to the bottom of the floor joists or will be breaker, and install the breaker in an empty slot. Label the new 
exposed, run it through conduit. circuit on the circuit map. 


Turn on the new circuit, and test cy 
all of the receptacles and fixtures. 

Depress the Test button and then the 

Reset button if you installed a GFCI 

receptacle. If any of the fixtures or 

receptacles is not getting power, check 

the connections first, and then test the 

receptacle or switch for continuity with 

a multimeter. Backfill the trench. 
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Standalone Solar Lighting System 


self-contained electrical circuit with dedicated 

loads, usually 12-volt light fixtures, is one of 
the most useful solar amenities you can install. A 
standalone system is not tied into your power grid, 
which greatly reduces the danger of installing the 
components yourself. Plus, the fact that your light 
fixtures are independent of the main power source 
means that even during a power outage you will have 
functioning emergency and security lights. 

Installing a single solar-powered circuit is relatively 
simple, but don’t take the dangers for granted. Your 
work will require permits and inspections in most 
jurisdictions, and you can't expect to pass if the work is 
not done to the exact specifications required. 

Solar panels that convert the sun’s energy into 
electricity are called photovoltaic (PV) panels, 


and they produce direct current (DC) power. PV 
solar panel systems can be small and designed to 
accomplish a specific task, or they can be large 
enough to provide power or supplementary power 
to an entire house. Before you make the leap into a 
large system, it’s a good idea to familiarize yourself 
with the mechanics of solar power. The small 
system demonstrated in this project is relatively 
simple and is a great first step into the world of 
solar. The fact that the collector, battery, and lights 
are a standalone system makes this a very easy 
project to accomplish. By contrast, installing panels 
that provide direct supplementary power through 
your main electrical service panel is a difficult 
wiring job that should be done by professional 
electricians only. 
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This 60-watt solar panel is mounted on a garage roof and powers a self-contained home security lighting system. Not only does 
this save energy costs, it keeps the security lights working even during power outages. 
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| Tools & Materials > 


‘Tape measure 
Drill/driver with bits 
Caulk gun 
Crimping tool 
Wiring tools 
Metal-cutting saw 
Photovoltaic panel 
(50 to 80 watts) 
Charge controller 
Catastrophe fuse 
Battery sized for 
3 day autonomy 
Battery case 
Battery cables 
12-volt LED lights 
including motion- 
sensor light 
Additional 12-volt light 
fixtures as desired 
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DC disconnect switch 


Junction box 












20 ft. Unistrut 17" 
thick U-channel (See 
Resources, page 125) 

(4) 45° Unistrut 
connectors 

(2) 90° Unistrut 
angle brackets 

(4) Unistrut hold 
down clamps 

(12) %" spring nuts 

(12) %"-dia. x 1"-long 
hex-head bolts 
with washers 

DC-rated disconnect 
or double throw 
snap switch 

6" length of 4"-dia. 
liquid-tight flexible 


metallic conduit 


Text 


Override switch 


Load 


Catastrophe fuse 







12-volt deep well 
marine battery 









Motion sensor (optional) 


(2) ’" liquid 
tight connectors 
(2) Lay-in 
grounding lugs 
(2) Insulated terminal 
bars to accept one 
2-gauge wire and 
4 |2-gauge wires 
(2) Cord cap 
connectors for 
”"-dia. cable 
%" oround rod 
and clamp 
Copper wire 
(6, 12-gauge) 
Green ground screws 
”" Flexible metallic 
conduit or 


Greenfield 


Ys" Greenfield 
connectors 

(4) Yo" junction boxes 
with covers 

(4) square boxes 
with covers 

PVC 6"x 6" junction 
box with cover 

14/2 UF wire 

Y’" x 20 nuts and 
bolts with lock 
washers 

Roof flashing boot 

Roof cement 

Silicon caulk 

Eye protection 
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The mounting stand for the PV panel is constructed from metal U-channel (a product called Unistrut is seen here. See 
Resources page 125) and pre-bent fasteners. Position the solar panel where it will receive the greatest amount of sunlight for the 
longest period of time each day—typically the south-facing side of a roof or wall. For a circuit with a battery reserve that powers 
two to four 12-volt lights, a collection panel rated between 40 and 80 watts of output should suffice. These panels can range from 
$200 to $600 in price, depending on the output and the overall quality. 





The stand components are held 
together with bolts and spring-loaded 
fasteners. The 45° and 90° connectors 
are manufactured specifically for use 
with this Unistrut system. 
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Connections for the feed wires that 
carry current from the collector are 
made inside an electrical box mounted 
on the back of the collector panel. 


An EPDM rubber boot seals off the 
opening where the PVC conduit carrying 
the feed wires penetrates the roof. 
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How to Wire a DC Lighting Circuit 
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Mount a junction box inside the building where the conduit Plan the system layout. Determine the placement of the 
and wiring enter from the power source. Secure the box to the battery, and then decide where you will position the charge 
conduit with appropriate connectors. Run two #14 awg wires controller and DC disconnect. The battery should be placed at 
through the conduit and connect them to the positive and least 18" off the floor, in a well-ventilated area where it won't 
negative terminals on the panel (see previous page). be agitated by everyday activity. Mark locations directly on 


® the wall. ® 





Attach a junction box for enclosing the DC disconnect, Run flexible metal conduit from the entry point at the 


which is a heavy-duty switch, to a wall stud near the battery power source to the junction box for the DC disconnect box. 
and charge controller location. Use a metal single-gang box Use hangers rated for flexible conduit. 


with mounting flanges. 


(continued) 
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Attach the DC disconnect switch to the wire leads from 
the power source. 





conduit with connectors and conductors from the disconnect 
box and to the charge controller box. 
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Attach a double gang metal junction box to the building's 
frame beneath the DC disconnect box to enclose the 
charge controller. 





Mount a PVC junction box for the battery controller about 2 
ft. above the battery location, and install two insulated terminal 
bars within the box. 
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Build a support shelf for the battery using 2 x 4s. The shelf Set up grounding protection. Pound an 8-ft. long, %2"-dia. 
should be at least 18" above ground. Set the battery on the ground rod into the ground outside the building, about 1 ft. 
shelf in a sturdy plastic case. from the wall on the opposite side of the charge controller. 


Leave about 2" of the rod sticking out of the ground. Attach a 
ground rod clamp to the top of the rod. Drill a %e" hole through 
the garage wall (underneath a shake or siding piece) and run 
the #6-gauge THWN wire to the ground rod. This ground will 
facilitate lightning protection. See pages 58 to 63 for more 
information on grounding the system. 





Wire the DC disconnect. Attach the two #14-gauge wires Wire the charge controller. Route two more #14-gauge 
to the two terminals labeled “line” on the top of the DC wires from the bottom of the DC disconnect terminals into 
disconnect switch. the 4" x ™%e" junction box and connect to the “Solar Panel 


In” terminals on the charge controller. The black wire should 
connect to the negative terminal in the PVC box and the red 
to the positive lead on the charge controller. Finish wiring of 
the charge controller according to the line diagram provided 
with the type of controller purchased. Generally the load wires 
connect to the orange lead, and the red wire gets tied to the 
battery through a fuse. 


(continued) 
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OPTION: Attach a motion sensor. Some charge controllers 
come equipped with a motion sensor to maximize the 
efficiency of your lighting system—these are especially 
effective when used with security lighting. The motion sensor 
is typically mounted to a bell box outside and wired directly 
to the charge controller with an 18-gauge x 3-conductor 
insulated cable. A system like this can support up to three 
motion sensors. Follow the manufacturer's directions for 
installing and wiring the motion sensor. 


14 


Install the battery. Here, a deep-cell 12-volt marine battery is 
used. First, cut and strip each of the two battery cables at one 
end and install into the battery control junction box through 
cord cap connectors. Terminate these wires on two separate, 
firmly mounted insulated terminal blocks. 
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Run wiring to the loads (exterior DC lighting fixtures in this 
case) from the charge controller. DC light fixtures (12-volt) with 
LED bulbs can be purchased at marine and RV stores if you 

can’t find them in your home center or electrical supply store. 





Install the catastrophe fuse onto the positive terminal 
using nuts and bolts provided with the battery cables. Connect 
the battery cables to the battery while paying close attention 
to the polarity (red to positive and black to negative). Make 
sure all connections have been made and double checked. 
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Troubleshooting & Repairs 


unning new circuits and hooking up new fixtures 

are fairly predictable projects when it comes 
to estimating time and expense. This is less true 
with repairing problems in your system and fixtures. 
In some cases, a repair is as simple as opening an 
electrical box, spotting a loose wire connector and 
remaking the connection. But there are also times 
when fixing a dead circuit or device is a highly 
frustrating proposition. Such cases are almost always 
caused by tricky diagnostic challenges. Wires are 
hidden behind walls and there very often are no 
visual clues to system breakdowns. So essentially, 
minimizing repair frustration boils down to learning 





to deploy logical, systematic diagnostics. Educated 
troubleshooting, you could say. 

In this project you'll learn how to use the most 
important diagnostic tool in any electrician’s toolkit: 
the multimeter. These handy devices come in a 
dizzying array of types and qualities, but for diagnostic 
purposes they are used to take readings for current 
(amperage), voltage and continuity (whether an 
electrical path is open or closed). Once you learn the 
basics of operating a multimeter, you can enlist it in 
a logical, deductive manner to track down the source 
of a wiring problem. Once located, correcting the 
problem is usually very simple. 


Diagnostic tools for home wiring use include: Touchless circuit tester (A) to safely check wires for current and confirm that 
circuits are dead; Plug-in tester (B) to check receptacles for correct polarity, grounding and circuit protection; Multimeter (C) to 
measure AC/DC voltage, AC/DC current, resistance, capacitance, frequency and duty cycle (model shown is an auto-ranging digital 
multimeter with clamp-on jaws that measure through sheathing and wire insulation). 
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| Multimeters 


Multimeters are nearly indispensible diagnostic tools 
for doing intermediate to advanced level electrical work 
(as well as automotive and electronics repair). They are 
used to measure voltage, current (amperage) and a few 
other conditions such as continuity, capacitance and 
frequency. For your home electrical system, by far the 
most used feature of a multimeter is testing voltage and 
current, although there are occasions where testing for 
resistance is needed. Among professional electricians, 
the most common and widely used multimeters have 

a clamp-on ammeter that measures current through 
the wire insulation so you don’t have to disconnect 


the circuit and expose bare wire. Most clamp-on 
multimeters also are fitted with insertible probes with 
which you can measure voltage and continuity in the 





Neon circuit testers are inexpensive and easy to use 
(if the light glows the circuit is hot), but they are less 
sensitive than multimeters and can be unsafe. In 
some cases, neon testers won't detect the presence 
of lower voltage in a circuit. This can lead you to 
believe that a circuit is shut off when it is not—a 
dangerous mistake. The small probes on a neon circuit 
tester also force you to get too close to live terminals 
and wires. For the most reliable readings, buy and 
learn to use a multimeter. At the very least, switch to a 
touchless tester like the one on page 107, Step 1. 
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traditional way. An example of a clamp-on multimeter 
can be seen on the next page. Among homeowners, 
however, the most common multimeters these days are 
digital, auto-ranging tools that use probes or alligator 
clamps at the ends of wire leads for diagnostic work. 
Older multimeters that do not have autoranging 
capability must be pre-set to estimated calibration 
levels before use. Non-digital multimeters or ammeters 
usually have a dial gauge that gives readouts. These 
tools are somewhat more difficult to use and are 

less precise. Considering that digital, autoranging 
multimeters can be found for just a few dollars (the 
top of the line models cost over $100) there is really 
no good reason not to replace your old device with one 
that resembles the tools seen on these pages. 


Capacitance Frequency 















Temperature 
(-4° to 1832° F 


Microamperage 


Milliamps 


Diode/continuity Gmiperiue 


Ohms (resistance) (eurren®) 


Voltage (AC and DC) 


Black lead probe 
Red lead probe 











Amperage 
input (red lead 
for household 
current up to 

10 amps 






Common input 
(black lead) 


Voltage/ 
small 
amperage/ 
resistance 
input (red 

lead) 


A digital, autoranging multimeter must be adjusted to 

the proper setting for the reading you want to take. The probe 
leads also must be inserted into the correct inlet at the bottom 
of the tool. Inserting the red lead into the incorrect inlet can 
cause the tool to trip an internal fuse. Study your owner's 
manual carefully before using any tool. 


Job: 41940 Title: CSP - Advanced Home Wirii19ti4Edihi88 6™ 


Page: 102 


Pro-Vis 


How to Measure Current 


q 





Create access to the wires you need to test. In most cases Set the multimeter to test for amperage (current is 
this requires that you remove the cover to an electrical service measured in amperes or amps). On some multimeters you 
panel or an electrical box (inset). need to select between amperage settings that are above or 


below 40 amps. Use the rated amperage of the circuit as a 
guide (amperage is printed on the circuit breaker switch). 


Taking Measurements 
at a Receptacle > 


You may use a multimeter to measure for voltage at a 
wall receptacle. Regardless of whether the outlet is in 
service, if it is live you will get a voltage reading in the 
approximate range of the receptacle rating—here, 120 
volts. To detect live current, measured in amps, the 
receptacle must be in use, with an appliance drawing 
from it. Taking an amperage reading in such an instance 
will only yield the amount of current being drawn, which 
is a factor of the appliance, not the circuit capacity. 





Clamp the jaws of a clamp-on multimeter onto the 
conductor or one of the conductors (if more than one) leading 
to a circuit breaker. If you are using a non-clamping multimeter, 
touch one probe to the screw terminal where the hot lead 

is attached to the breaker and touch the other probe to the 
metal panel box. The readout on your meter is the amount of 
current flowing in that circuit. 
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_ How to Measure Voltage 


To measure voltage using the 
multimeter, you will have to use the two 
probes provided with the multimeter 
and have access to a live terminal or 
slot as well as a grounded terminal 

or slot. If your meter has probe holders 
at the top, snap the probes into them. 
They are like extra hands. 


240 VOLTS. You can also measure voltage across the two hot 
leads to determine if you have 240 volts. This can be done at 
your range receptacle, dryer receptacle, or any other 240-volt 
receptacle. Place one probe in one of the small slots and the 


Turn the multimeter to the VAC 
setting to measure AC voltage that is 
found in your house. Set the multimeter 
to VDC if measuring DC voltage, such 
as in a car or a battery-fed device. 

On some multimeters, like the one 
above, you select “V” for voltage then 
change between AC and DC with 
the”FUNC” button. 


other probe in the other slot directly across from it. The voltage 


should read 240 volts, plus or minus 5 volts. 
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To measure the AC voltage, place 
one probe on a grounded surface, such 
as the metallic junction box or the bare 
ground wire. Place the other probe 

on the hot screw terminal or into the 
receptacle slot associated with the hot 
wire. The voltage readout should be in 
the range of 120 volts, plus or minus 5 
volts (usually 120 volts in a residence in 
the US). 





DC Voltage. When testing DC voltage, such as in a car battery, 
you can measure exactly the same way as for AC as long as 
the meter is set to the DC function. For more accurate results, 
test the voltage while the battery is in use. 
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_ How to Test for Continuity 


Continuity is a condition in a circuit where the present on the circuit you are testing or damage 
conductors form an unbroken pathway through may occur to the meter. You can also measure the 
which current may flow. When measuring for resistance in this mode as well. 


continuity, always make sure there is no power 





“EE 
The setting for continuity is an “audible” or diode symbol Verify that the continuity tester is functional by touching 
@ display on the dial. Select this setting. the two probes together. You should hear an alert sound @ 
and/or see a reading of zero ohms (Ohms is a value of the 
resistance to current flow). 





Remove the switch from the circuit and place one 

of the probes onto the common terminal and the 
other probe onto one of the other two terminals used 
for the traveler wires. If the meter indicates infinity 
ohms or there is no sound, flip the switch and if it is 
in working order the meter should read zero ohms 

or emit an audible sound. It should only work in one 
direction or the other, not both. 





To test a circuit, touch one probe to one of the wires ona 
given circuit and the other to the second wire of the circuit. If 
you hear an audible sound or read a value of resistance other 
than zero, you have a complete or unbroken path for current 





to flow. 
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| Troubleshooting an Open Neutral 


An open neutral is an electrical problem where the low or high voltage, which could damage voltage 
circuit is broken on the return path wire or neutral sensitive electronics such as a computer or flat screen 
(white wire). When this situation occurs anything TV. The lights will be dim or not work at all, depending 


plugged into or connected to this circuit can experience —_ upon where the problem lies within the circuit. 


i Possible Symptoms of an Open Neutral > 


tle 


SS on 2 C9 


When a whole circuit does not work and the breaker associated with that circuit is operating normally. 

When the neutral or white wire registers as a hot wire by using a non contact voltage tester when the circuit breaker 
is on. This most likely indicates a problem between the main service panel and the utility transformer. The condition 
should be readable on other receptacles as well. 

If you register a voltage lower than 110 volts between the hot and neutral. 

When the incandescent lights work, but are very dim. 

When the fluorescent lights are barely lit and are flickering. 

Discoloration of the wires or exposed copper turning green under the wirenut holding the neutral wires together. 
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_ How to Troubleshoot an Open Neutral 


Verify which lights and receptacles 
are on the circuit by turning the 
breaker off and by checking for power 
with a non-contact voltage tester. It 

is helpful to either draw a map of the 
house or place some tape on every 
affected opening. 


When you have found the problem connection, remove 
the wire cap and, if it is possible, cut the damaged portions of 
the wires off and restrip the wires to expose new copper. Line 
the wire ends up and twist on a new wire cap. 
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Start at the outlet nearest to the 
panel. With the breaker off and using 
a multimeter, check for continuity 
between the neutral (white wire) and 
the ground (bare or green wire). These 
two wires land at the same point 
electrically in your electrical panel. 

If there is an indication of continuity 
between these two wires, the neutral 
and ground connections are sound and 
you should proceed to the next outlet 
as you move away from the panel. 


a multimeter. 





When you encounter a point at 
which you read infinity ohms or there is 
no continuity between the neutral and 
ground wires, the problem lies within 
the connections in that box or the box 
just upstream (toward) the panel from 
the one you are checking. Sometimes 
you will see evidence of arcing on the 
wire cap containing the connection co 
which may include discoloration, or a 
blackish char near the copper. 





Turn the circuit breaker back on and verify the proper 
voltage is present at your receptacles by measuring with 
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Troubleshooting a Short Circuit 


Short circuits are a direct connection between the idea behind electrical troubleshooting is to simplify 
hot or power wire (black or red) and to either the the circuit by checking it at certain points, in order 
neutral (white) or ground (bare) wire. This connection to narrow down the problem point by process of 
between the two will cause your circuit breaker or elimination. Generally, the problem is that there is 
fuse to blow, which should interrupt power to the a bare ground wire touching a hot terminal within a 
affected circuit. switch or an outlet box. There will usually be a black 

Short circuits are a common problem and can scorched mark or some sign of an electrical arc where 
usually be solved by taking the following steps. The the problem lies. 


How to Troubleshoot a Short Circuit 





Turn the power off at the affected breaker and verify Using a multimeter set to the ohms or continuity setting, 
with a non-contact voltage tester that there is no power check the wires at the panel. Touch one of the probes to the 
present. Unplug everything from the receptacles and turn the hot or black wire and the other probe to the ground or bare 
lights off on the circuit that is affected. wire. If the meter rings or indicates a low resistance value, 


you have a direct short to ground. If the meter does not ring 
or indicates a high resistance value the circuit is clear. If the 
meter does not ring, start by turning the switches on one-by- 
one and re-testing to verify the resistance value. If the meter 
indicates a low resistance value or a short circuit, the problem 
is downstream from the switch or within the light fixture itself. 
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If the meter consistently rings or indicates a low resistive 
value, you will need to find the electrical box that contains the 
affected circuit. Choose a box that is convenient to open and 
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preferably in the middle of the run, such as a receptacle. Verify 
there is no power present by touching all of the wires within 


the box with a non-contact voltage tester. 





Check the resistance between the 
black and the ground on both sets of 
cables. One of the cables should cause 
the continuity alert to ring and the other 
should not. Mark the affected one with 
a piece of black tape and place wire 
caps over the exposed ends of the 
black wires. 
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Check the wires at the panel to 
see if the short has cleared. If the short 
is Clear, the problem lies down stream 
from the opened box and it is now safe 
to turn the breaker back on to help 
eliminate further problem points. If the 
short is still present, the problem lies 
between the opened electrical box and 
the panel. 





If the box you have chosen is in fact in the middle of the 
run, it will contain at least two cables. Remove the receptacle 
from the two cables and separate all of the wires. 














Choose another box in the middle of 
the affected circuit, there by narrowing 
down the possible problem areas 

until the short circuit can be positively 
identified and corrected. When you have 
discovered the short circuit, verify the 
wires are still in good shape and repair 
the connection. 
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all switches are available in three general types. 
‘To re-connect or replace a switch, it is important 
to identify its type. 

Single-pole switches are used to control a set of 
lights from one location. Three-way switches are used 
to control a set of lights from two different locations 
and are always installed in pairs. Four-way switches 
are used in combination with a pair of three-way 
switches to control a set of lights from three or 
more locations. 

Identify switch types by counting the screw 
terminals. Single-pole switches have two screw 
terminals, three-way switches have three screw 












Push-in fittings 


Grounding screw 







Amperage & 
voltage ratings 


Screw terminals 


Wire compatibilty ratings 


Underwriters 

Laboratories Wire release 
(UL) approved opening 

for push-in 
fittings 





3 


. 


Mounting strap 
Front 
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terminals, and four-way switches have four. Most 
switches include a grounding screw terminal, which is 
identified by its green color. 

When replacing a switch, choose a new switch 
that has the same number of screw terminals as the 
old one. The location of the screws on the switch 
body varies depending on the manufacturer, but these 
differences will not affect the switch operation. 

Whenever possible, connect switches using the 
screw terminals rather than push-in fittings. Some 
specialty switches (pages 118 to 119) have wire leads 
instead of screw terminals. They are connected to 
circuit wires with wire connectors. 


A wall switch is connected to circuit 
wires with screw terminals or with push-in 
fittings on the back of the switch. A switch 
may have a stamped strip gauge that 
indicates how much insulation must be 
stripped from the circuit wires to make 
the connections. 





The switch body is attached to a 

metal mounting strap that allows it to 

be mounted in an electrical box. Several 
rating stamps are found on the strap and 
on the back of the switch. The abbreviation 
UL or UND. LAB. INC. LIST means that the 
switch meets the safety standards of the 
Underwriters Laboratories. Switches also 
are stamped with maximum voltage and 
amperage ratings. Standard wall switches 
are rated 15A or 125V. Voltage ratings of 
110, 120, and 125 are considered to be 
identical for purposes of identification. 





For standard wall switch installations, 
choose a switch that has a wire gauge 
rating of #12 or #14. For wire systems 

with solid-core copper wiring, use only 
switches marked COPPER, CU, or CO/ALR. 
For aluminum wiring, use only switches 
marked CO/ALR. Note that while CO/ALR 
switches and receptacles are approved by 
the National Electrical Code for use with 
aluminum wiring, the Consumer Products 
Safety Commission does not recommend 
using these. Switches and receptacles 
marked AL/CU can no longer be used with 
aluminum wiring, according to the National 
Electrical Code. 
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|| Single-Pole Wall Switches 


A single-pole switch is the most common type of 
wall switch. It has ON-OFF markings on the 
switch lever and is used to control a set of lights, 
an appliance, or a receptacle from a single location. 

A single-pole switch has two screw terminals and a 
grounding screw. When installing a single-pole switch, 
check to make sure the ON marking shows when the 
switch lever is in the up position. 

In a correctly wired single-pole switch, a hot 
circuit wire is attached to each screw terminal. 
However, the color and number of wires inside the 
switch box will vary, depending on the location of the 
switch along the electrical circuit. 

If two cables enter the box, then the switch lies in 
the middle of the circuit. In this installation, both of 
the hot wires attached to the switch are black. 

If only one cable enters the box, then the switch 
lies at the end of the circuit. In this installation 
(sometimes called a switch loop), one of the hot wires 
is black, but the other hot wire usually is white. A white 
hot wire should be coded with black tape or paint. 


-in™ 








Note: Position 
of the screw 
terminals ona 
switch may vary, 
depending on 
manufacturer 


Grounding 
screw 


Two screw 
terminals 


Switch lever 


A single-pole switch is essentially an interruption in the black 
power supply wire that is opened or closed with the toggle. 
Single-pole switches are the simplest of all home wiring switches. 


| Typical Single-Pole Switch Installations 


Grounding 
wires 

Grounding 
wire 





Pater oui Neutral out 


PoWwerin Neutral in 


Two cables enter the box when 

a switch is located in the middle of a 
circuit. Each cable has a white and a 
black insulated wire, plus a bare copper 
grounding wire. The black wires are 

hot and are connected to the screw 
terminals on the switch. The white wires 
are neutral and are joined together with 
a wire connector. Grounding wires are 
pigtailed to the switch. 
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Old method: One cable enters the 
box when a switch is located at the end 
of a circuit. In this installation, both of 
the insulated wires are hot. The white 
wire should be labeled with black tape 
Or paint to identify it as a hot wire. The 
grounding wire is connected to the 
switch grounding screw. 


Groundingwire 






Available 
neutral 






i¢ 
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Power out 


OZ) 


Power in 


Code change: In new switch wiring, 
the white wire should not supply current 
to the switched device and a separate 
neutral wire should be available in the 
switch box. 
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| Three-way Wall Switches 


Three-way switches have three screw terminals and 
do not have ON-OFF markings. Three-way 
switches are always installed in pairs and are used to 
control a set of lights from two locations. 

One of the screw terminals on a three-way switch 
is darker than the others. This screw is the common 
screw terminal. The position of the common screw 
terminal on the switch body may vary, depending on 
the manufacturer. Before disconnecting a three-way 
switch, always label the wire that is connected to the 
common screw terminal. It must be reconnected to 
the common screw terminal on the new switch. 

The two lighter-colored screw terminals on 
a three-way switch are called the traveler screw 
terminals. The traveler terminals are interchangeable, 
so there is no need to label the wires attached to them. 

Because three-way switches are installed in 
pairs, it sometimes is difficult to determine which of 
the switches is causing a problem. The switch that 
receives greater use is more likely to fail, but you may 
need to inspect both switches to find the source of 
the problem. 





|) Typical Three-way Switch Installation © 


Two cables enter the box: one 

cable has two wires, plus a bare 

copper grounding wire; the other cable 
has three wires, plus a ground. The 
black wire from the two-wire cable is 
connected to the dark common screw 
terminal. The red and black wires from 
the three-wire cable are connected to 
the traveler screw terminals. The white 
neutral wires are joined together with a 
wire connector, and the grounding wires 
are pigtailed to the grounded metal box. 
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How to Replace a Three-Way Wall Switch 





Turn off the power to the switch at the panel, and then 
remove the switch cover plate and mounting screws. Holding the 
mounting strap carefully, pull the switch from the box. Be careful 
not to touch the bare wires or screw terminals until they have 
been tested for power. Note: /f you are installing a new switch 


@ a. 


2 


circuit, you must provide a neutral conductor at the switch. 





Common screw terminal 


Locate the dark common screw 
terminal, and use masking tape to 

label the “common” wire attached to it. 
Disconnect wires and remove switch. 
Test the switch for continuity. If it tests 
faulty, buy a replacement. Inspect wires 
for nicks and scratches. If necessary, clip 
damaged wires and strip them. 
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Common screw terminal 





Connect the common wire to the 
dark common screw terminal on the 
switch. On most three-way switches, 
the common screw terminal is black. 
Or it may be labeled with the word 
COMMON stamped on the back of the 
switch. Reconnect the grounding screw, 
and connect it to the circuit grounding 
wires with a pigtail. 








Test for power by touching one probe of the circuit tester to 
the grounded metal box or to the bare copper grounding wire 
and touching the other probe to each screw terminal. Tester 
should not glow. If it does, there is still power entering the box. 
Return to the panel, and turn off the correct circuit. 


5 





Connect the remaining two circuit 
wires to the screw terminals. These 
wires are interchangeable and can be 
connected to either screw terminal. 
Carefully tuck the wires into the box. 
Remount the switch, and attach the 
cover plate. Turn on the power at 

the panel. 
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|) Four-Way Wall Switches 


Four-way switches have four screw terminals and 

do not have ON-OFF markings. Four-way switches 
are always installed between a pair of three-way 
switches. This switch combination makes it possible 
to control a set of lights from three or more locations. 
Four-way switches are common in homes where 
large rooms contain multiple living areas, such as a 
kitchen opening into a dining room. Switch problems 
in a four-way installation can be caused by loose 
connections or worn parts in a four-way switch or in 
one of the three-way switches (facing page). 

In a typical installation, there will be a pair of 
three-wire cables that enter the box for the four-way 
switch. With most switches, the white and red wires 
from one cable should be attached to the bottom or 
top pair of screw terminals, and the white and red 
wires from the other cable should be attached to the 
remaining pair of screw terminals. However, not all 
switches are configured the same way, and wiring 
configurations in the box may vary, so always study the 
wiring diagram that comes with the switch. 


| Typical Four-Way Switch Installation 


Grounding wires 











Four wires are connected to a four-way switch. The red Switch variation: Some four-way switches have a wiring 

and white wires from one cable are attached to the top pair guide stamped on the back to help simplify installation. For the 
of screw terminals, while the red and white wires from the switch shown above, one pair of color-matched circuit wires 
other cable are attached to the bottom screw terminals. In will be connected to the screw terminals marked LINE 1, while 
new switch wiring, the white wire should not supply current the other pair of wires will be attached to the screw terminals 
to the switched device, and a separate neutral wire should be marked LINE 2. 


available in the switch box. 
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_ How to Replace a Four-Way Wall Switch 


1 





Turn off the power to the switch at the panel, and then remove the switch cover Disconnect the wires and inspect 


plate and mounting screws. Holding the mounting strap carefully, pull the switch from them for nicks and scratches. If 

the box. Be careful not to touch any bare wires or screw terminals until they have necessary, clip damaged wires and strip 
been tested for power. Test for power by touching one probe of the neon circuit tester them. Test the switch for continuity. Buy 
to the grounded metal box or bare copper grounding wire and touching the other a replacement if the switch tests faulty. 


probe to each of the screw terminals. The tester should not glow. If it does, there is still 
power entering the box. Return to the panel, and turn off the correct circuit. 





Connect two wires from one incoming cable to the top set Attach remaining wires to the other set of screw terminals. 

of screw terminals. Pigtail the grounding wires to the grounding screw. Carefully 
tuck the wires inside the switch box, and then remount the 
switch and cover plate. Turn on power at the panel. 
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| Double Switches 


A double switch has two switch levers in a single 
housing. It is used to control two light fixtures or 
appliances from the same switch box. 

In most installations, both halves of the 
switch are powered by the same circuit. In these 
single-circuit installations, three wires are connected 
to the double switch. One wire, called the feed 
wire (which is hot), supplies power to both halves 
of the switch. The other wires, called the switch 
leg, carry power out to the individual light fixtures 
or appliances. 

In rare installations, each half of the switch 
is powered by a separate circuit. In these 
separate-circuit installations, four wires are 
connected to the switch, and the metal connecting 
tab joining two of the screw terminals is removed (see 
photo below). 





Feed 


Separate-circuit wiring: Four black wires are attached to the switch. Feed wires 
from the power source are attached to the side of the switch that has a connecting 
tab, and the connecting tab is removed (photo, right). Wires carrying power from the 
switch to light fixtures or appliances are connected to the side of the switch that 
does not have a connecting tab. White neutral wires are connected together with a 


wire connector. 





Single-circuit wiring: Three black wires are attached to the 
switch. The black feed wire bringing power into the box is 
connected to the side of the switch that has a connecting tab. 
The wires carrying power out to the light fixtures or appliances 
are connected to the side of the switch that does not have 

a connecting tab. The white neutral wires are connected 
together with a wire connector. 


(Oxeyabel-Loqabele mt: Vo) 





Remove the connecting tab on 

a double switch when wired in a 
separate-circuit installation. The tab can 
be removed with needlenose pliers or 
a screwdriver. 
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| Pilot-Light Switches 


A pilot-light switch has a built-in bulb that glows 
when power flows through the switch to a light fixture 
or appliance. Pilot-light switches often are installed for 
convenience if a light fixture or appliance cannot be 
seen from the switch location. Basement lights, garage 
lights, and attic exhaust fans frequently are controlled 
by pilot-light switches. 

A pilot-light switch requires a neutral wire 
connection. A switch box that contains a single 
two-wire cable has only hot wires and cannot be fitted 
with a pilot-light switch. 


| Switch/Receptacles 


A switch/receptacle combines a grounded receptacle 
with a single-pole wall switch. In a room that does not 
have enough wall receptacles, electrical service can 
be improved by replacing a single-pole switch with a 
switch/receptacle. 

A switch/receptacle requires a neutral wire 
connection. A switch box that contains a single 
two-wire cable has only hot wires and cannot be fitted 
with a switch/receptacle. 

A switch/receptacle can be installed in one 
of two ways. In the most common installations, 
the receptacle is hot even when the switch is off 
(photo, right). 

In rare installations, a switch/receptacle is wired 
so the receptacle is hot only when the switch is 
on. In this installation, the hot wires are reversed, 
so that the feed wire is attached to the brass screw 
terminal on the side of the switch that does not have a 
connecting tab. 
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Pilot-light switch wiring: Three wires are connected to the 
switch. One black wire is the feed wire that brings power into 
the box. It is connected to the brass (gold) screw terminal on 
the side of the switch that does not have a connecting tab. The 
white neutral wires are pigtailed to the silver screw terminal. 
The black wire carrying power out to a light fixture or appliance 
iS connected to the screw terminal on the side of the switch 
that has a connecting tab. 


Switch/receptacle wiring: Three wires are connected to the 
switch/receptacle. One of the hot wires is the feed wire that 
brings power into the box. It is connected to the side of the 
switch that has a connecting tab. The other hot wire carries 
power out to the light fixture or appliance. It is connected to 
the brass screw terminal on the side that does not have a 
connecting tab. The white neutral wire is pigtailed to the silver 
screw terminal. The grounding wires must be pigtailed to the 
green grounding screw on the switch/receptacle and to the 
grounded metal box. 
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INN) Specialty Switches 


our house may have several types of specialty 

switches. Dimmer switches (pages 96 to 97) are 
used frequently to control light intensity in dining 
and recreation areas. Timer switches and time-delay 
switches (below) are used to control light fixtures 
and exhaust fans automatically. Electronic switches 
provide added convenience and home security, and 
they are easy to install. Electronic switches are 
durable, and they rarely need replacement. 

Most specialty switches have preattached wire 
leads instead of screw terminals and are connected to 
circuit wires with wire connectors. Some motor-driven 


timer switches require a neutral wire connection and 


| Timer Switches 


Countdown timer switches can be set to turn lights or 
fans on and off automatically once each day. They are 
commonly used to control outdoor light fixtures. 
Timer switches have three preattached wire 
leads. The black wire lead is connected to the hot 
feed wire that brings power into the box, and the 
@ red lead is connected to the wire carrying power out 





Countdown timer switch. This 
rocker-type switch gives you the option 
to easily program the switch to shut 

off after a specified time: from 5 to 60 
minutes. Garage lights or basement 
lights are good applications: anywhere 
you want the light to stay on long 
enough to allow you to exit, but not to 
stay on indefinitely. These switches often 
are used to control vent fans. 
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Occupancy sensor. Many smart 
switches incorporate a motion detector 
that will switch the lights on if they 
sense movement in the room and will 
also shut them off when no movement 
is detected for a period of time. The 
model shown above also has a dimmer 
function for further energy savings. 


a timer switch. 


cannot be installed in switch boxes that have only one 
cable with two hot wires. It is precisely due to the rise 
in popularity of “smart” switches that the NEC Code 
was changed in 2014 to require an available neutral 
wire in newly-installed switch boxes. 

If a specialty switch is not operating correctly, you 
may be able to test it with a continuity tester. Timer 
switches and time-delay switches can be tested for 
continuity, but dimmer switches cannot be tested. 
With electronic switches, the manual switch can 
be tested for continuity, but the automatic features 
cannot be tested. 


to the light fixture. The remaining wire lead is the 
neutral lead. It must be connected to any neutral 
circuit wires. A switch box that contains only one 
cable has no neutral wires, so it cannot be fitted with 


After a power failure, the dial on a timer switch 
must be reset to the proper time. 


Programmable timer switch. A 
dial-type timer allows you to program 
the switch to turn on for specific time 
periods at designated times of day 
within a 24-hour cycle. Security lights, 
space heaters, towel warmers, and 
radiant floors are typical applications. 
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Preset timer switch. This lets you turn on lights, heat lamps, 
and other loads for a designated amount of time (10 to 60 
minutes) with one easy push of a button. The green LED at 

the bottom of this unit provides a readout of how much time 
is left before the switch shuts off. The model shown is not 
compatible with fluorescent ballasts. 


Daylight sensor switch. This switch automatically turns on 
when light levels drop below a proscribed level. It can also be 
programmed as an occupancy sensor to shut off when the 
room is vacant and turn on when the room is entered. 
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Spring-wound timer switch. A relatively simple device, this 
timer switch functions exactly like a kitchen timer, employing a 
hand-turned dial to and spring mechanism to shut the switch 
off in increments up to 15 minutes. 


Backlit countdown timer. This digital switch lets you 
program lights or other devices to stay on for up to 24 hours 
and then shut off automatically. The backlit, LED readout gives 
a countdown, in minutes, of the amount of time left in the 
“on” cycle. Up and down buttons let you raise or lower the 
remaining time easily, and a manual override button will shut 
off the switch until it is turned back on. 
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GROUND-FAULT LOCATION REQUIREMENTS 


1. 


Kitchen receptacles. Install ground-fault circuit 
interrupt (GFCI) protection on all 120-volt 
receptacles that serve kitchen countertops. This 


on all 120-volt receptacles located in garages and 
grade-level areas of unfinished accessory buildings. 
Exterior receptacles. Install ground-fault circuit 
interrupt (GFCI) protection on all 120-volt 


does not include receptacles under the kitchen 
sink receptacles located on kitchen walls that do 


not serve the countertop and receptacles that are 


not within six feet of a sink. 


receptacles located outdoors. This does not apply to 
receptacles that are dedicated for deicing equipment 
and are located under the eaves. This applies to 
holiday lighting receptacles located under the eaves. 


Kitchen. Install ground-fault circuit interrupt 
(GFCI) protection on the outlets that supply 
dishwashing machines. 

Bathroom receptacles. Install ground-fault circuit 
interrupt (GFCI) protection on all 120-volt 
receptacles located in bathrooms. This applies 

to all receptacles regardless of where they are 
located in the bathroom and includes receptacles 
located at countertops, inside cabinets, and along 
bathroom walls. This also applies to bathtubs and 


6. Basement receptacles. Install ground-fault circuit 


interrupt (GFCI) protection on all 120-volt 
receptacles located in unfinished basements. An 
unfinished basement is not intended as habitable 
space and is limited to storage and work space. 
Crawl space receptacles. Install ground-fault 
circuit interrupt (GFCI) protection on all 120-volt 
receptacles located in crawl spaces. Receptacles 
in crawl spaces are not required unless equipment 
requiring service is located there. 


shower stalls that are not located in a bathroom. 
Install ground-fault circuit interrupt (GFCID) 
protection on all circuits serving electrically 


heated floors in bathrooms, kitchens, and around 


whirlpool tubs, spas, and hot tubs. 


4. Garage and Accessory Building receptacles. Install 


eround-fault circuit interrupt (GFCI) protection 


Ground-fault receptacles and circuit breakers cetect 
unwanted current running between an energized wire and a 
grounded wire. 
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8. Sink receptacles. Install ground-fault circuit interrupt 
(GFCI) protection on all 120-volt receptacles that are 
located within six feet of the outside edge of a sink. 
This includes wall, floor, and countertop receptacles. 
9. Boathouse receptacles. Install ground-fault circuit cy 
interrupt (GFCI) protection on all 120-volt 
receptacles located in boathouses. 


= 

S 

= 
1 
>] 
—) 
N 
Nn 
= 
a 
o 





A combination ARC-fault circuit breaker detects sparking 
(arcing) faults along damaged energized wires and detects 
these faults between wires. A branch ARC-fault circuit breaker 
only detects arcing faults between wires. 
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10. Spas, tubs, and other circuits requiring ground-fault 
protection. Install ground-fault circuit interrupt 
(GFCI) protection on all circuits serving spa tubs, 
whirlpool tubs, hot tubs, and similar equipment. 
Refer to the general codes for more information 
about receptacles serving these components. 

11. Install GFCI circuit breakers and receptacles so 
that they are readily accessible. 


ARC-FAULT LOCATION REQUIREMENTS 

1. Install a combination type or an outlet 
(receptacle) type arc-fault circuit interrupter 
(AFCI) on all 15- and 20-amp, 120-volt branch 
circuits serving sleeping, family, dining, living, 
sun, and recreation rooms, kitchens, laundry 
areas, and parlors, libraries, dens, hallways, 
closets, and similar rooms and areas. This 
means that 15-and 20-amp, 120-volt branch 
circuits serving most interior spaces in a home 
are required to have AFCI protection. Note that 
garages, basements, utility and mechanical rooms, 
and exterior branch circuits are not included in 





Receptacles for whirlpool tubs must be GFC! protected. 
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this list, although local building officials may 
include these areas by interpretation. 

You may provide AFCI protection for the entire 
branch circuit by installing a combination-type 
AFCI circuit breaker in the electrical panel where 
the branch circuit originates. 

You may provide AFCI protection to a branch 
circuit using several different combinations of 
branch-circuit type AFCI circuit breakers and 
branch-circuit type AFCI receptacles. Refer to 
general codes or your local building inspector for 
details about these alternate methods. 

Provide AFCI for branch circuits that are 
modified, replaced, or extended. You may use 
either of the following methods: (a) install 

a combination-type AFCI circuit breaker in 

the electrical panel where the branch circuit 
originates, or (b) install a branch-circuit type 
AFCI receptacle at the first receptacle in the 
existing branch circuit. 

Install AFCI circuit breakers and receptacles so 
that they are readily accessible. 
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/\\ll electrical boxes are available in different 
/~\. depths. A box must be deep enough so a switch 
or receptacle can be removed or installed easily 
without crimping and damaging the circuit wires. 
Replace an undersized box with a larger box using 
the Electrical Box Fill Chart (see page 124) as a 
guide. The NEC also says that all electrical 
boxes must remain accessible. Never cover 
an electrical box with drywall, paneling, or 
wall coverings. 


NONMETALLIC BOX INSTALLATION 

1. Use nonmetallic boxes only with NM type cable 
or with nonmetallic conduit or tubing. You may 
use nonmetallic boxes with metallic conduit or 
tubing if you maintain the electrical continuity 
of the metallic conduit or tubing by installing 
a bonding jumper through the box. In many 
situations it is easier to use a metallic box with 
metallic conduit or tubing. 

2. Extend NM cable sheathing at least 4 inch into a 
nonmetallic box knockout opening. 

3. Secure NM cable, conduit, and tubing to each 
box. You may secure NM cable with cable clamps 
inside the box or with compression tabs provided 
where the cable enters the box. You do not need 
to secure NM cable to a standard single-gang box 
(2% by 4 inches) mounted in a wall or ceiling if 
you fasten the cable not more than eight inches 
from the box and if the sheathing enters the box at 
least “4 inch. Measure the eight inches along the 
length of the sheathing, not from the outside of 
the box. 


LIGHT FIXTURE BOX INSTALLATION 

1. Use boxes designed for mounting light fixtures if 
a light fixture is to be mounted to the box. These 
boxes are usually four-inch round or octagonal. 

2. You may use other boxes to mount light fixtures on 
walls if the fixture weighs less than 6 pounds and 
if the fixture is secured to the box using at least 
#6 screws. 

3. Support light fixtures weighing at least 50 pounds 
independently from the light fixture box. You may 
use the light fixture box to support light fixtures 
weighing less than 50 pounds. Note that ceiling 
fans are not light fixtures. 


122 


ADVANCED HOME WIRING 


41940 - Advanced Home Wiring_064-128.indd 122 


Pro-Vision aa Text 








Box shape is directly related to function, as electrical fixtures 
are created to fit on boxes of a particular shape. Octagonal and 
round boxes generally are designed for ceiling mounting, while 
square and rectangular boxes are sized for single-pole, duplex, 
and other standard switch and receptacle sizes. 


Do not support heavy light fixtures using only the light 
fixture electrical box. The eye hook supporting this chandelier 
is driven into the same ceiling joist to which the electrical box 
iS mounted. 
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BOX CONTENTS LIMITATIONS 


1. 


Limit the number of wires, devices (such as switches 
and receptacles), and fittings in a box. This limitation 
is primarily based on the heat generated by the wires 
and devices in the box. The actual size of the box 
relative to its contents is a secondary consideration. 
Use the cubic inch volume printed on the box or 
provided in the box manufacturer's instructions to 
determine box volume. Do not attempt to measure 
the box volume. Do not estimate box volume from the 
volume of similar size boxes. You will probably not get 
the same volume as provided by the manufacturer. 
Use table “Wire Volume Unit” to determine the 
volume units required by wires, devices, and 
fittings in a box. 


BOX INSTALLATION TOLERANCES 


1. 


Install boxes in non-combustible material, such as 
masonry, so that the front edge is not more than 

% inch from the finished surface. 

Install boxes in walls and ceilings made of wood or 
other combustible material so that the front edge 
is flush with the finished surface or projects from 
the finished surface. 

Cut openings for boxes in drywall and plaster so 
that the opening is not more than % inch from the 
perimeter of the box. 


Volume Units > 


Calculate the volume units required by wires, devices, and 
fittings based on the following definitions: 


Volume units for current-carrying wires. Allow one 
volume unit for each individual hot (ungrounded) and neutral 
(grounded) wire in the box. Use Table 47 to determine the 
volume units of common wire sizes. Example: two pieces 

of #14/2 NM are in a box. Each piece of this cable contains 
one hot (ungrounded) and one neutral (grounded) wire 

and one grounding wire. From table “Wire Volume Unit", 
each #14 wire uses 2.00 cubic inches in the box. The total 
volume units required by the hot (ungrounded) and neutral 
(grounded) wires is eight cubic inches. 





Volume units for devices. Allow two volume units for each 
device (switch or receptacle) in the box. Base the volume 
units on the largest hot (ungrounded) or neutral (grounded) 
wire in the box. Example: NM cable size #14 and #12 are ina 
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Boxes must be installed so the front edges are flush with the 
finished wall surface, and the gap between the box and the wall 
covering is not more than %". 


Wire Volume Unit > 

















WIRE SIZE (AWG) WIRE VOLUME 
14 2.00 in.’ 
12 2.25 in. 
10 2.50 in. 
8 3.00 in.’ 
6 5.00 in.’ 





box. From Table 47, #14 wire uses 2.00 cubic inches and #12 
wire uses 2.25 cubic inches. Allow 4.5 cubic inches volume 
units (2 x 2.25 cubic inches) for each switch or receptacle in 
the box based on the volume of the larger #12 NM cable. 


Volume units for grounding wires. Allow one volume 
unit for all grounding wires in the box. Base the volume 
unit on the largest hot (ungrounded) or neutral (grounded) 
wire in the box. 


Volume units for clamps. Allow one volume unit for all 
internal cable clamps in the box, if any. Base the volume 

unit on the largest hot (ungrounded) or neutral (grounded) 
wire in the box. 





Volume units for fittings. Allow one volume unit for all 
fittings in the box, if any. Base the volume unit on the largest 
hot (ungrounded) or neutral (grounded) wire in the box. 
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| Electrical Box Fill Chart > 





BOX SIZE MAXIMUM NUMBER OF 

AND SHAPE VOLUME UNITS PERMITTED 
(SEE NOTES BELOW) 

(If volume not labeled by manufacturer) 14 12 10 8 


AWG AWG AWG AWG 





JUNCTION BOXES 
























































4x 1%" Ror 0 6 5 5 4 
4x 1%" Ror 0 7 6 6 5 
4x 2%" R or 0 10 9 8 7 
4x 1""S 9 8 7 6 
4x 1h" 10 9 8 7 
4x2" S 15 13 12 10 
Ahex 1M" S 12 1] 10 8 
4hex 1A" S 14 13 1 9 
4s x 26" S 21 18 16 14 
DEVICE BOXES 
3x2x 1K" él 3 3 2 
Sadi 5 4 4 3 
3x 2x2" 5 4 4 3 
3x2x 2" 6 5 5 4 
® 3x2 x 23" 7 6 6 4 
3x 2x3" 9 8 7 6 
4x 2% x 1" 5 4 4 3 
4x 2% x Ih" 6 5 5 4 
4x 2x 2h" 7 6 5 4 
Notes: 


e R=Round; O = Octagonal; S = Square 

or rectangular 

e Each hot or neutral wire entering the box is 

counted as one volume unit 

e Grounding wires are counted as one volume unit 

in total—do not count each one individually. 

e Raceway fittings and external cable clamps do 

not count. Internal cable connectors and straps 

count as one volume unit. 

e Devices (Switches and receptacles mainly) each 
count as two volume units. 

e When calculating total volume units, any non-wire 
components should be assigned the gauge of the 
largest wire in the box. 

e For wire gauges not shown here, contact your 
local electrical inspections office. 
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BOX SUPPORT IN WALLS, 
CEILINGS & FLOORS 
1. 


Zs ee 


Provide support for boxes that rigidly and securely 
fasten them in place. You may use nails or screws 
to support these boxes. 

Protect screws inside boxes so that the threads 
will not damage the wires. 

Wood braces used to support boxes must be at 
least one by two inches. 

Use “cut-in” or “old work” retrofit boxes only 

if they have approved clamps or anchors that 

are identified for the location where they 

are installed. 


DAMP LOCATIONS 


1. 


Install a receptacle box cover that is 
weatherproof when the cover is closed and a 
plug is not inserted into a receptacle located in 
a damp location. This applies to 15-amp and 
20-amp receptacles. A damp area is protected 
from direct contact with water. Refer to the 
definition of damp location. You may use a 
receptacle cover suitable for wet locations in a 
damp location. 

Install a watertight seal between a flush- 
mounted receptacle and its faceplate. This will 
require a gasket or sealant between the finished co 
surface (such as stucco, brick, or siding) and 

the faceplate. 


WET LOCATIONS 


1. 


Install a receptacle box cover that is 
weatherproof when the cover is closed on any 
receptacle located in a wet location. This applies 
to 15-amp and 20-amp receptacles in any indoor 
or outdoor wet location. This applies regardless 
of whether or not a plug is inserted into 

the receptacle. 

Install a watertight seal between a flush- 
mounted receptacle and its faceplate. This will 
require a gasket or sealant between the finished 
surface (such as stucco, brick, or siding) and 

the faceplate. 
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Jules Guillot -- Atmospheric Electric Generator -- Article & 2 French Patents 





Shared by L. Cozma ( Thanks ! ) -- 


The Guillot device generated about 2.5-3 Kilowatts with antenna height of ~ 20 meters. Power 
depends on the total collector surface and height of the vertical antenna. The apparatus in the 
photo produced ~300 watts with a collector 2 meters tall. 


"Practical Utilization of Atmospheric Electricity" 
by 
Gillbert Darida 
in The Invention Encyclopedia, pp. 204-207 ( 1930, Geo. Constantinescu, Ed. ) 


"The Earth has its own negative electricity, in the soil, and the atmosphere which surrounds the Earth is 
charged with positive electricity. The electric potential (the voltage) increases with the altitude, so we can 
say that the electric force is proportional to the atmospheric altitude (after Franklin, Quetelet, Lord 
Kelvin, Mascart, Joubert and other scientists). 


The recent observations demonstrate that the air at 6000-7000 meters in altitude, is very highly charged 
with positive electricity, which could be explained by the friction between the external photosphere and 
the upper atmosphere of Earth, which rotates at a speed of more than 100,000 Kilometer per hour. 


In that way, the Earth works like an electrostatic generator with electric charging by influence --- the 
upper atmosphere is positively charged by influence and the Earth crust obtains the negative polarity. 


http://www.rexresearch.com/guillot/guillot.htm 
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Between the two environments, the air and the soil, and inside the low atmosphere, in conditions of good 
weather, there are sbout 800 positive ions and also, 680 negative ion (and electrons) in just one square- 
centimeter of normal ionised air. 


The Earth behaves like an huge electric armature negatively charged, which repels the electrons and 
attracts the positive ions. That positive ions' attraction determinates an electric current, also called 
"convective current". That's like an invisible continous bombardment, subject to daily and seasonal 
variations, which could be aproximated at 3 x 10 “ -16 Amperes per square-centimeter, and that is a 
total value of 1500 Amperes for the entire surface of the Earth. 

The question is --- how does this current always maintains the same direction ? We can suppose that the 
natural radioactive emissions of the soil is responsable for this. We also know that radioactive emissions 
of the Earth works usually near the soil surface, and that explains the ionisation phenomenona inside 
caves. 


The ionisation of the low atmosphere could also be the effect of the radioactive emissions of the Earth, 
especially when the X radiation works. Also, the Earth atmosphere is ionisated by the external radiation 
proceeding from the Sun and from the space environment, especially the action of ultraviolet radiation 
and the electron fascicles emitted by the Sun surface, at the temperature of 6000 deg. Celsius. 


The capture of atmosphere electricity has been used in France, with aerial cables mounted on the Mont 
Blanc, and also in Germany --- with conductive cables carried by the captive baloons. 


The atmosphere electricity collect system invented by eng. Jules Guillot is most ingenious and it relies on 
"the electric siphon" [ m.n. --- the discharging devices or spark-gap used today from the protection of 
aerial electric cables against the atmospheric electricity ; Jules Guillot has thought to recuperate and to 
use that electricity ]. 


His method consisted in the direct "pumping" of the atmosphere electricity using a collecting device 
which had two antennae and several collecting rods. 


One antenna is vertical and it has a lot of rods scattered like an opened fan, with the tips against the 
zenith, for collecting the negative electricity which comes from the air ; the horizontal antenna is 
orientated against the South and its role is to collect the positive electricity. 


The air electricity seems to have the double-polarity, as we can see at two electrised clouds when between 
them apears the electric discharge. The air could have different electric charging and the ionisation 
processus of atmosphere is very heterogenous. The inventor Guillot used two separated and insulated 
armatures with the positive armature against the South ( more precisely, against the Equator...) and 
the negative armature against the zenith. 


We can see in the scheme : 


1,- the device P is the "collector apparatus" having 15-20 meters height ; it also has a lot of rods which 
are scattered fan-like, all this on top of an iron pillar ; and also an horizontal antenna S oriented against 
the South ; the two antennae are disposed at 90 deg. angle forming the two armatures where the electrical 
tension must apear. As the height of the pillar increases, the voltage increases more and more ; 


2,- a system of lightning-rods ( p1, p2, p3 ) for protection against discharges of atmospheric electricity 
during storms; 


3,- the regulator system (voltage regulator, etc) R ; 
4,- the electric resistors ( Cn ) for absorbing the parasite currents ; 
5,- the "electric siphons" which have the role of making a magnetic field as a good environment for the 


transport of the ionized fluid, absorbing the electricity from the air ; the El and E2 are their regulator 
devices ; 
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6,- an auxilliary continous current power supply which send the current against an special excitation 
coil, used as starting device ; it works only when the system is starting. 

This collector device works very good for lighting and heating. The device made by Guillot had 

20 meters height on the total surface of 3 square-meters. Also, J.Guillot used and electrical transformer 
for the industrial utilization of this "collector" --- as power supply for industrial electric engines." 


French Patent # 551,882 
Apparatus for Capture of Electric Currents in the Atmosphere 
16 April 1923 


Considering the terrestrial globe like the inductor of a dynamo, where the extraterrestrial 
ether is the inductor of electric currents circulating in the atmosphere; the apparatus of the 
invention described here selects through the device described below two perfectly distinct 
currents and eliminates others. 


The device includes: 


1, The air sensor; 2, a series of lightning rods; 3, vacuum; 4, an array of resistances; 5, 
vacuum; 6, witnesses. 


1. An aerial sensor mounted on a pole is composed of magnetic steel fixed and sealed by a 
porcelain insulator, and surrounded a base by a bronze ring which are screwed 32 points of 
soft iron, all forming antenna a pole. level beside it and isolated from the first, forming the 
2nd pole, is fixed a sharp point of magnetic steel fixed in the horizontal position and directed 
towards the south and movable to an angle of 45 is sealed in a porcelain insulator. This point 
is also circled a ring of copper notches figure. 1. 


2. A series of 6 lightning surge arrestors at corners between each pole and the earth and the 
various gauges. 


3. A first regulator form of a device similar absolutely similar to the aerial amtenna, but the 
two poles are superposed and opposed to the vertical point, and a copper disk connects to 
ground. Opposite the horizontal point, a ring of tin to which are welded tubes alternatively 
16 tubes composed each composed of copper-lead and iron-lead . The ring connects to the 
ground as shown in figure. 2. 


A second regulator form of automatic breakers balanced on 3 poles and two poles also 
equally balanced. 


4. A panel of resistances composed of wire mesh in bunches from different sections of glass 
tubes containing copper dust, coal and flowers of sulfur. 


Vacuum cleaners consists of a wooden box on each pole, containing a porcelain vase in 
which layers isolated with mica is made up of mercury, tin, coal, copper and sulfur, all 
contaied in a copper tube. 


6. The witnesses are comprised of ordinary incandescent lamps. 
Resume 


By the point at the zenith and the point to the south we channel two currents forming the two 
poles. We also protect from lightning. It regularizes the flow by a regulator and similar 
devices by a controlling each devise of adequate strength of the current harmful nature of 
these devices do not have loads. The refined current is conducted by ordinary copper wires. 
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French Patent # 565,395 


Combined Apparatus for Capture of Atmospheric Electric Currents with 
Immediate Implementation 


25 January 1924 


We know that earth with its constitution, its rotation and movement in space, provides the 
electricity in the atmosphere. The electrical currents escape into space or largely accumulate 
towards the equator, as a result of the greater periphery of the globe. 


In the atmosphere, there are two clearly distinct poles, i.e., clouds that can be electrically 
positive or negative; everything in nature shows this, otherwise it would be difficult to 
explain the lightning that occurs between the clouds and which are none other than contrary 
cloud electrical charges discharged by too close proximity. 


The invention relates to a set of devices capable of capturing the atmospheric electricity. 


So far, all searches made for this purpose has been to capture the atmosphere, 1.e., that 
brought together into one system to capture two poles and opposes effect has been to destroy 
or cancel each other leaving the amount as the difference of the strongest to weakest. 


It is therefore easy to understand why, considering the two poles of air as about equal, it is 
almost impossible to measure some potential with the land, the highest on the lowest 
remaining which can be positive or negative, copper being the strongest of one or other of 
these polarities. 


It is on this basis that all research until now have been made, and that is why we must 
consider that all the time, between the two poles captured in the atmosphere and not in any 
mixture of systems uptake, it is possible to obtain tension and intensity, a considerable and 
measurable power captured separately between the two poles and remaining isolated from 
one another until their utilization . 


In accordance with this invention, this collection is made by attraction of primary electrical 
currents in teh atmosphere, either positively or negatively charged, by an antenna that has 
two points absolutely isolated from one another, where one points to the zenith to attract 
negative electricity, and the other turned south, toward the equator to draws in the masses 
grouped in this area. 


This shows and proves the existence of atmospheric electrical currents, and that it is possible 
to capture them with specially designed equipment primarily acting as regulators, as the 
persistent difficulty encountered so far in realizing their capture lies with large variations of 
tension in which the current atmosphere is present in space, for each of the poles, and an 
overload could inevitably fatal. 


The patent in its present form of presentation does not cover the regulators or devices that are 
anticipated in the system, because they can be designed in different ways and give the same 
result, but covers the application and grouping of equipment operating as automatic relays 
with variable influence to limit current tension to that chosen for utilization. 


These devices have a role associated with an overflow reservoir outside carrying excess 
liquid; these regulators will divert the excess voltage flows to ground. 


We can still absorb these regulators having filters because they have the sole purpose of 


diverting the post being used , currents that are not yet known but likely that we will call for 
simplicity, abnormal currents. [sic...] 
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The patent also covers systems for regulating currents, applied to each of the poles because it 
is recognized that the shape and tension of the currents of the two poles are not equivalent. 


The method of capture is by special antenna has directed two points in the atmosphere, as 
will be stated after this, with Boot ecoulement prior to the current atmosphere is also of great 
importance. 

Finally, the current atmospheric reception is adequate even with the installation of a post, 
which can be expected at any location without the need for special altitude, as has been 
attempted in previous efforts. 


We refer to the attached drawings:. 


Figure 1 represents in elevation and side view an antenna that only has two points, to 
overcome an elevation ; 


Figure 2 is the end of one of the peaks, the horizontal: 
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Figure 3 shows schematically the table on which are mounted various devices or accessories 
that act as regulators of current tensions. 
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7 Fig.3. 


‘ 





Figure 4 is a scheme of surge arrestors, and 


Figure 5 a table of resistances. 
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The necessary arrangements to capture atmospheric current form is as follows: 


1. The antenna in figure | is formed with two peaks: the | is steel, supported by a bronze 
ring 2, surrounded by a spiral form 3; this point is oriented for attracting the zenith layers 
of negative electricity and the other edge 4 contains copper coils 6, and is oriented south to 
the equator to draw in the masses grouped in this area. To use this antenna it suffices to be 
raised on a mast or pole to a height a little higher than that of surrounding houses. 


2. On the table lightning arrestors, contained 4, forms of 7 copper horns used to absorb 
large atmospheric discharges by certain time, as it would be dangerous to allow movement in 
the devices regulators. 


3. On a table of two symmetrical systems regulators, Figure 3, one for each pole, to obtain 
and allow a regularization of large excesses in the current tensions, by automatically 
absorbing surges before passing over the surfacea chosen for the desired use. These 
regulators are represented on the drawing by the references R, RI, R2, R3, R4. 
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4. In the resistance panel in communication with regulators, these resistances are formed as 
spiral coils or screens 8, tubes 9 of glass filled with fine coal dust , aluminum powder, 
sulfur and fine copper dust. Finally, two special 10 processors and constitutes layers of 
metal forming an absorbant for harmful or abnormal currents. 


5. As a source of energy formed auxiliary batteries 11 and Ruhmkorff coils 12 to get into 
the antenna sufficient attraction by means of an adjustment of intensity, which once it begins, 
allows the constant flow of atmospheric current in the system. 


In considering Figure 3, which represents a sort of an installation scheme of the device, the 
reception of atmospheric electrical current will, as set out above, producing a priming of 
these currents. This boot is made in launching the system which is double to answer each of 
the poles, the current batteries 11 through 12 and reels going to the antenna. 


This boot will continue until the disposal of electrical current atmosphere is evident by the 
one or more table lamps L of resistance shown in Figure 5. 


Once the lights illuminate it is advisable to charge the batteries to boot. Natural flow and 
constant currents will be captured by the regulators , Figure 3; they will regularize in tension 
and in amperage and then directed to use in table lamps. 


It has been said above that regulators R, etc., are intended and designed to automatically 
eliminate earth surge currents capture and abnormal currents that cannot yet be level but that 
these regulators could be replaced by devices with the same function. 


There is therefore no need to describe in detail and especially the claims. We only specify 
that these regulators must be proper protection for the purposes described above. 
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The spark-gap with magnetic blowing : 
4,- the initial stage ; the imputse current send in soil through the shunt-resistences 3, because the 


The classic spark-gap with mag 
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coils 2 have an impedance too big for the impulse of 10:20 ps ; 


the spark-gap I has bvo elements dise-shaped la and Ib, the inferior disc have one electrode and 
the upper disc the other electrode of the spark-gap circuit. 
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b,- the second stage ; the accompanying current discharge - after the impulse current ; 


this accompanying current pass through the coils 2 which produce the magnetic fleid with the 
role fo extend the electric arc into the slit between insulator discs Ia and 1b ; the thickness of 
this slit is smatler and smatler in accord with the extension of the electric arc, in this manner 


producing the magnifing of its electric resistance and finally, the electric arc extinction. 
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I,- the spark-gap individual devices which 
work in the manner to extend the electric 
arc of the accompanying electric current ; 
2,- the coils which produce the magnetic 
field for the magnetic blowing ; 

3,- the electric shunt-resistances in parailel 
connection on the blowing coils, with the 
role of reducing the current inside this coils 
4,- the disc with untlinear resistance ; 

5,- electrical resistance for the homogenous 
distribution of the electric field in ail the 


elements of the spark-gap. 


in Jules Guillot scheme, that kind of de- 
vice could be used for leading the current. 


Spark-gap element with circuit for the magnetic blowing of the electric fascicle 
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? gap with the electrodes § and 6 disposed 
at the insulator 8 extremities ; and one 
ote C arc-over spark-gap device between the 
{—L_} "rod 4 and the electrode I. 


At start, the first spark apear in the aerial 
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se sSpark-gap and then, the electric dicharge 
e ; =| goes to the gas-producing tibe 7, where it makes 
Ni b) the arc-over. The local pressure in the gas allow 
Ne the electric arc extinction, after managing the 

s2 over electric tension into soil. The capacity C 

N which is created between the external ring 3 and 
: ) = the rod 4 is bigger than the Capacity CG between 1 an 2 
* in that manner, when the overtension apears, the 


a) auxiliary spark-gap 1, 2 will start working and then, 
the main spark-gap 1, 4. In this circuit, the electrode 9 is connected at the 
aerial electric line and the electrode 1 at the Earth. 

in the image above, it is an classic tube spark-gap used for the protection of 
aerial electric cables. The atmospheric electricity is discharged in soil and 





fost... The Guillot's inventions used that kind of devices for leading and ab- 
sorbing of the atmospheric electricity. 





DARIDA, Gillbert : "Practical Utilization of Atmospheric Electricity"; 
(in The Invention Encyclopedia, pp. 204-207 ; 1930, Geo. Constantinescu, Ed. ) -- 
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Utilizarea practicd a electricitatii atmosferice 


Pimantul ca gi celelalte astre, posed& o electricitate proprie 
negativa in interior, iar aerul care-] inconjoaré este pozitiv. Po- 
tentialul sau tensiunea electrici a aerului se miregte pe masuri 
ce ne ridicim in indltime, astfel ci putem spune ca intensitatea 
electricé este proportionali cu iniltimea (dupa lucrarile remar- 
cabile ale lui Franklin, Quetelet, Lord Kelvin, Mascart, Joubert 
gi a altor mari savanti fizicieni). 

Observatiile facute recent, au aritat ci aerul regiunilor inalte 
dela 6000—7000 m este foarte incarcat cu electricitate pozitiva, 
a cirei explicatie se datoreste frecirii fotosferei sau atmosferei 
terestre, prin invartirea pimantului in jurul soarelui cu mai mult 
de o sutai de mii de km pe ori. Aceasta frecare directa in fluidul 
eteric ambiant, face ca aerul si se incarce cu electricitate pozi- 
tiva prin influen{a, iar pamantul si se incarce negativ. 

Intre cele doudi medii, fluidic (aerul) gi (pamantul) materie, 
gtiinja ne spune, c& in partea de jos a atmosferei, pe timp frumos 
un centimetru cub de aer ionizat, con{ine circa 800 particule 
eu ioni pozitivi si 680 ioni negativi (electroni). 

Paimantul se comporta ca un enorm conductor ineareat negativ, 
respingand electroni gi atragdnd ionii pozitivi. Aceasta atractie 
a ionilor pozitivi determina un curent electric, zis si curent de 
conventiune. E un fel de bombardament invizibil supus variatiunilor 
zilei gi a sezoanelor, putandu-l evalua aproximativ la o densitate 
mijlocie remareabilé, dela 3x 10"* sau a 30 quatrilionime de am- 
per pe cm cub, ceea ce da pentru intreagé suprafati a paman- 
tului un curent formidabil, de 1500 de amperi. 

Se pune intrebarea cum un astfel de curent poate si-si intretie 
mereu acelagi sens? Aceasta este enigma pe care ne-o punem, 
studiind curentii naturali ai atmosferei noastre, presupunem ca 
poate sa fie o legitura a actiunii emanatiunilor radioactive. Aceste 
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emanatiuni fiind din gaze radiouctive grele, se gisese de obiceiu 
in mare abundent& aproape de pimant ceea ce ne explici marea 
jonizare observata in general in grote gi caverne. 

lonizarea atmosferici poate de asemenea fi produsd in parte, 
de actiunea razelor X, foarte pitrunzatoare si de diferite sub- 
stante radioactive inchise in subsolul pamantului. De asemenea 
poate si mai fie, tinfind seama de actiunea ¢ Calei Lactee » gi de 
jonizarea luminei solare, foarte bogaté in radia{iuni ultraviolete 





precum gi a electronilor emisi direct din radierea caldurii solare 
de cirea 6000 de grade. 

Captarea electricita{ii atmosferice 4 fost utilizaté in Franta 
prin cabluri aeriene montate pe Mont Blank, iar in Germania 
prin cabluri sustinute de baloane captive. 

Sunt mai multe sisteme, vom da pe scurt pe cel mai ingenios 
procedeu, inventat de ing. Jules Guillot, bazat pe sifonul electric. 
Procedeul consisté de a pompa direct din atmosferi, electricitate 
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prin ajutorul unui aparat de captare, format din 2 antene aeriene 

gi o serie de bobine dup& cum se vede in fig. 108. Una din antene 

este verticali in formi de evantaiu dirijaté cu varfurile catre 

zenit, pentru a capta electricitatea negativa din atmosferi; cea 

care este orizontala, este dirijata citre Sud, pentru a capta electri- 
citate pozitiva. 

oe Electricitatea in aer pare s& fie cu 

oot $ dubla polaritate, dup&i cum se vede la 

a re 2 nori electrizati, cari deplasandu-se 

in sens contrar, dau nagtere unei scantei 

(fulger) cand distanta respectiva poate 

84 fie strib&atuta de puternica lor di- 






L 


ferenta de potential. Straturile de aer 
ae de densitdti diferite, nu sunt toate 
I antrenate de aceeasi vitezi prin ro- 
I R° Z'c,  tafia pamantului, ele se electrizeaz& 
1 - deci prin frecarea decalajului lor res- 
i pectiy. 

I ’ Aceste sunt consideratiunile ce l-au 
r ficut pe inventator si ageze in at- 
i mosferi doi poli complet distineti si 
t 


perfect izolati, al c&rui pol pozitiv S 
(fig. 109) poate fi dirijat in directiunea 
Sudului, si a celuilalt negativ P, in 
directiunea zenitului. Fig. 109 arata 
: schema montajului si a conexiunilor 
ia 

' O46 cdmej Compuse dupi cum urmeazii: 1. dintr’o 
sae ee = anteni dubli aeriandi, montati pe 
Fig. 109 stalpi de 15—20 m inaltime. Aceasta 
parte care se mai numeste gi aparat 
de captat, este format din varturile P, dispuse in evantai in 
varful unei tije de otel dirijate catre zenit, pentru a capta 
curentii negativi ai atmosferei gsi dintr’o alta antena orizontala 
a carei sigeati este indreptata citre sud 5, adic&i citre equator, 
pentru a recepta curentii pozitivi. Aceste doua parti dispuse 
in unghiu de 90°, formeazi cei doi poli al curentului aerian, 
a cirei diferenta de potential este suficient& pentru a permite 

utilizarea electricita{ii atmosferice. 
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French Patent # 551,882 


Appareil Capteur de Courants Electriques dans L'Atmosphere 
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Lo all whom it may concern: : 

Be it known that I; ANDOR PALENCSAR, a 
subject of the King of Hungary, residing at 
Bada-Pesth, Austria-Hungary, have invented 
&@ certain new and useful Apparatus for Col- 
lecting Atmospherical Electricity, of which 
the following is a full, clear, and exact speci- 
fication. 

The present invention concerns an appa- 
ratus for collecting and driving or conduct- 
ing atmospherical electricity which renders 
it practicable to obtain material quantities 
of the same in serviceable form. 

The experiments made hitherto have been 
limited to deviating or conducting the elec- 
tricity by simple lightning-rods without mak- 
ing allowance for the progress of the theory 
of atmespherical electricity. It is obvious 
that.only extremely small quantities of elec- 
tricity can be collected in this manner, and, 
moreover, it was obtained in a form which 
entirely precluded its utilization. It is evi- 
dent that a source of electricity of irregular 
yield can only be utilized by means of ac- 
ecumulators and for charging accumulators 
only a current of constant potential can be 


employed. The potential of electricity de-. 


rived or deviated by means of a lightning- 
rod varies within wide limits, and, moreover, 
it is so high that it cannot bé used at all for 
charging accumulators. Allthese drawbacks 
are remedied by the present invention, by 
which the atmospheric electricity is obtained 


in larger quantities with as low and constant | 


a potential as may be desired. 

The idea underlying the invention is based 
ou the modern theory of atmospheric elec- 
tricity, according to which it is produced by 
the condensation of steam or aqueous vapors, 
and that the increase of potential is effected 
by the concentration of the small drops of 
water into larger ones, as the proportion of 
the surface of the drops to the volume of 
same is materially reduced thereby. Accord- 


_ing to this theory the water-droplets floating 


in the layers of air are considered as vehicles 
or carriers of the electricity, and a rational 
system of the deviation of the atmospheric 
electricity must derive it from the water- 
drops. This is attained by the present in- 


vention in the following manner: A collect- 
ing-body of as large a surface as possible is 
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provided with sharp needles. This is moved 
in the higher layers of air, while being con- 
tinually heated by a suitable heating device. 
Owing to the heat the water-drops imme- 
diately ambient to the collecting-body wilk be 
evaporated, their capacity is gradually re- 
duced, while the potential of the charge grows 
until it reaches.an infinite height with in- 
finite smallaess of the drops. It is readily 


‘apparent that the whole charge of the drops 


as soon as they have been evaporated will 
have passed to the collector or collecting- 
body, from which it can be conducted. For 
the purpose of replacing the evaporated 
drops, which have been deprived of their 
charge by new-charged drops, the collector is 
moved in relation to the ambient air. 

One way of carrying out the iuvention is 
represented in diagram in the accompanying 
drawings, in which— 

Figure 1 is a longitudinal section of. the 
collecting-balloon. Fig. 2 shows the deviat- 
ing and conversion device, and Fig. 3 a detail. 
Fig. 4 is a diagrammatic perspective view of 
a form of automatic regulator for the rheo- 
static machine. 

The apparatus consists of a balloon having 
two walls and covered with a light wire net, 
preferably of aluminiaw wire, said net being 
studded with needles. Besides, the balloon 
carries the net 3,.0n which the ring 4, made 
of asolid bat light material, (wood,cane, &.,) 
is fixed. This ring edrries the basket 6 by 
means of the cords or ropes 5. Ona level 
with the rieg 4 is the ring 7, which is kept 
spread by the blades or wings 9, which are 
journaled in a manner to rotate easily. . The 
ring 7 is kept fixedly in position by the cords 
or ropes 8, The blades or wings cousist of a 
frame covered with light material, and their 
rotation in either direction is limited by the 
stops or ledges 10. The blades or wings form 
advantageously an angle of sixty to seventy 
degrees with the vertical line. 

All wire nets, ropes, rings, and blades or 
wings may be covered with small metal nee- 
dles which are electrically connected with 
each other. 

From the space 11, foruted between the dou- 
ble walls of the balioon, the pipe 26 leads from 


the lowest point of the same to the serpentine: 


12, arranged in the basket 6, which in turn is 
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connected with the pipe 13, ending in the up- 
per part of. the space 11 between the two 
wallg12. The serpentine is heated by means 


-of a suitable source of heat, whereby a warm 
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current of gas or air circulates continually 
between the double walls of the balloon. 

Under the basket the ball-bearing 14 is ar- 
ranged in electrical connection with the wire 
nets, and its stud is electrically connected 
with the carefully-insulated light though suf- 
ficiently strong cable 15. _ 

On the earth’s surface is a winch 16, Fig. 
2, by means of which the balloon can be made 
to ascend or descend as soon as the interior 
space of the balloon is filled with illuminat- 
ing gas or hydrogen. 

The end of the cable-core is soldered to a 
collector arrauged upon and insulated from 
the axle of the winch, and the electricity is 
conducted from this collector by means of & 
sliding contact.. The collecting of the eiec- 
tricity takes place by moving the balloon con- 
tinuously up and down by meansof the winch. 
In this movement the balloon is turned by. 
means of the wings or blades 9, which are 
adapted to turn the balloon always in the 
sane direction whether ascending or descend- 
ing, as in the change from ascending into de- 
scending of the balloon, or vice versa, the 
blades are turned over by the aerial resist- 
ance, and thus impart the rotating motion to 
the balloon in the same direction. In order 
to avoid torsion of the cable, the ball-bearing 
14 is provided. This up-and-down motion 
and rotating of the balloon accomplishes the 
purpose of bringing it into contact with as 
many water particles floating in the air as 
possible. 


As the electricity conducted from the col- | 


lector-wing 17 possesses a much too high and 
varying potential for making its direct appli- 
cation practicable, and as it is usual with an 
irregular source of electricity to first charge 
accumulators and to further utilize the easily- 
regulated currentof thesame only, it becomes 


necessary to seek to maintain the electricity 
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conducted from the collector 17 for the charg-. 


ing of the. accumulators at a constant poten- 
tial and convert the potential to a much 
lower one; but as we deal in this case with a 
direct: current ordinary converters cannot be 
used for this purpose. Moreover, the elec- 
tricity possesses iu this case a much too high 


potential, so that with the employment of or-. 


dinary converters the greatest part of the 
collected electricity would be lost again. 
The only practical method for this purpose 
is the converting by means of the Planté 
rheostatie machine, by which this high-vol- 
tage electricity can be transformed almost 
without any loss whatever. Thus the ques- 
tion of conversion would be solved, and only 
the question of maintenance of constant po- 
tential remains. This is obtained in the fol- 
lowing manner: The rheostatie machine 18 
or only a part of the plates is connected with 


- an electrometer of any construction, the mov- 


674,427 


able part: of which closes a contact which 


eventually actuates an electromagnet which 


effects the switching or reversion of the rheo-| 


static machine. After the switching of the 


rheostatic machine it. is discharged, the po- 


teutial falls to zero, {nzi,) and the electrom- 
eter resumes its initial position, whereby 
the current of the electromagnet which ef- 
fects the reversion is interrupted and the 
plates of the rheostatic machine are recon- 
nected to potential. The machine is then 
ready for renewed charge and is again dis- 


charged when the determined potential is. 


reached. Thisaction is continually repeated 
as long as the apparatus is in operation. 

A form of the automatic regulator for the 
rheostatic machine is represented in Fig. 4. 
27 is the contact-cylinder of the rheostatic 
machine,on which, for clearness sake, only the 
eontacts for the charging position of the con- 
denser-plates are shown, while the contacts 
for the discharging position, which come into 
action after the contact-cylinder has been 
tarned, are omitted. The coating of the con- 
denser-plates is connected in electrical cir- 
cuit with the stationary ball 29 and the inov- 
able ball 32 of the charge-meter 30. When 
the charge of the rheostatic machine rises, 
the ball 32, arranged on ‘the one extremity of 
the lever 31, is repelled and at a certain stroke 
actuated by means of the fork 33, which is 
fastened on the bali 32, and by dipping into a 
mercury-cup it closes the circuit of the source 
ofcurrent34, Thiscurrent passes through the 
windings of the anchor or armature 33, fixed 
on theshaftof the contact-cylinder,and it also 
passes through the electromagnet 36, There- 
by the contact-cylinder is turned bya certain 
angle and the rheostatic machine -is thus re- 
versed. Then if the tension decreases by dis- 
charge and the repulsion of the balis 29 32 


declines so far that the contact is interrupted , 


at 33 the spring 37 turns the contact-cylinder 
into its normal position and the rheostatic 
machine is again switched to tension. The 
regulation of the electrometer is effected 
by the adjustable weights 38 39. When 


larger quantities of electricity shall be de- 1 


rived or deviated, two rheostatic machines 
may operate alternately so,that while the one 
is being discharged the other can be charged. 
It is readily apparent that if the capacity of 
the rheostatic machine is not changed the 


I 


switching or reversion by the electrometer . 


will always take place at the same potential 
of the rheostatic machine, and as the num- 
ber of plates, and hence the proportion of 
conversion, remains the same the current 
impulses derived or deviated from the rheo- 
static machine will also have the same poten- 
tial. s 

The irregularities of the source of elec- 


tricity change the interval of time in which the: 


charges follow each other; but as long as the 


La | 


+ 


potential remains constant this has no injuri- | 


ous effect on the charge of the accumulators. 
The current derived, or deviated from the 
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rheostatie machine can be further trans- 
formed by an ordinary converter 21 22, and 
whenever it is sufficiently constant it can be 
utilized without the intervention of the ac- 
cumulators. The converters can be connected 
or disconnected by means of the double 
switch 19 20 23. 

24 and 25 are the conducting-wires, which 
run either directly to the place of consump- 
tion or to an accumulator-battery. 

Haviug now described my invention, what 
Iclaim as new, and desire to secure by Letters 
Patent, iIs— Sc 

1. An apparatus for collecting atmospheric 
electricity comprising a collecting - body 
adapted to be kept in motion, heating means 
for said body, anda rheostatie machine and a 
converter connected with the said body elec- 
trically, substantially as described. 

2. Anapparatus for collecting atmospheric 
electricity for storage comprising a collect- 
ing-body adapted to be kept in motion in the 
ambient air, heating means for said body, a 
conductor leading from said body, a rheo- 


25+static machine connected with the said con- 


ductor, an slectrometer connected with said 


“A 
13 


rheostatic machine electrically, a contact con- 
trolled by the electrometer, and an electro- 
magnet controlled by said contact, said elec- 
tromagnet controlling the reversing of the 
rheostatie machine, substantially as de- 
scribed. 

3. In combination, the balloon-like collect- 
ing-body, having the collecting-points, means 
for heating the interior space of said body, a 
conductor leading from the balloon-like body, 
and electrical devices for receiving the eur- 
rent therefrom, substantially as deseribed. 

4. In combination, the balloon-like collect- 
ing-body, means for turning the same con- 
stantly in one direction in both ascending 
and descending, conducting means leading 
from the balloon and electrical devices for re- 
ceiving the current therefrom, substantially 
48 described. 

In witness whereof I have hereunto set my 
hand in presence of two witnesses. 


ANDOR PALENCSAR. 


Witnesses: 
EvuGENE HaRRANJO, 
PauL BOURSEERY. 
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*. or anchored kite balloons made of fabrics’ 
“and filled with hydrogen, are in theory al- 
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UNITED STATES. 


PATENT: OFFICE. 





ms HERMANN PLAUSON, OF: HAMBURG, ouRMANT. es 


CONVERSION OF ATMOSPHERIC ELECTRIC ENERGY, 


"Application filed. aeeey, 1s 1921, Serial Wo, 08, 107. 


Lo alt solani it may concern: 


Be it known that I, Hermann Bie aes 


_ Esthonian subject, residing in Hamburg, 
‘Germany. 
B useful 


: followin; ecification.” 

Metho 5: “of O tainin 
tricity by means of metallic nettings set with 
spikes which are held by, means-of ordinary 


ready. kiiown. . Atmospheric electricity ob- 


tained in this way has been suggested to be’ 


used in the form of direct current. for the 
charging of accumulators.’ This knowledge 


‘however is at present only theoretical as the . 


conversion in practice has hitherto been a 
failure. No means are known of Spedding 
the apparatus from destruction by 

The: balloons used for ‘collecting the char. 


must also be made-of very. large s size in order - 
to be able to support: the weight of the:me-. 
- tallie netting and the heavy” cable’ conn 


tions. . 
Thistead of. using 


collectors attached: to single: air balloons of 


. non-conducting materials which are liable to. 


“be torn’ and. are’ perméable to the gas, it-is 
proposed to use metallic balloon ¢ollectors 


which have the following important advan- : 


tages 


-' (a) The metallic cases are ‘impenetrable 
_ to helium’and hydrogen; the 
-33 large metallic weather “ptoof 


also represent 


faces... 
(b): Radio’ active means and. the like may 
be easily applied internally or. externally ; 


creased and therewith also.the quantity of 
_ atméspheric electricity: capable 0 being col- 
lected. 


.do not require to be of large size as they 
have to carry only their own moderate 


weight, and that of. the conducting. cable or, 


- wire. 


tle surface for the action-of storm and, wind . 
“seribed with reference to the accompanying 
diagrams in which :~— 


(d) The entire system therefore offers lit- 


‘and is resistant and stable.: 


{e) Each balloon can'bé easily raised and 


‘ Jowered by means of a winch go that all re- 
pairs, recharging and. the like can be.carried 
‘put without danger during the operation. 


, have: invented certain new and 
mpr ovements .in the Conversion of 
<p nernhene es Energy, of which the 


atmospheri ic elec-. 


_frequency vibrations, 


ightning, 
for technical purposes an 
tent strength. By- the use of closéd  oscilla- 


* thereb 
heavy metallié netting. a6 - 4 


collecting sure: 
drivin, 
ticularly. mentioned, lighting, production of 
_ heat and use in electro- -chemistry.. . 7 
whereby the ionization ‘is considerably in- 


Iti is further picnoasd to 86 a a. cfllecting 


spread out in the air above the earth, which 


collectors are. interconnected. by electrical ek 
conductors,’ s 
- According to this invention charges of ate 
-mospheric electricity are not directl 
“verted intq mechanical energy, an 
_forms the main difference from’ previous in 


ventions, but the static electricity which ruj 
to earth through aerial. conductors. in’ th 
form of direct current of very high: ‘volt 

and low current strength ‘is converted: in 


,electro-dynamic énergy in thé fori. of: high 
Many advantages are” 
é thereby obtained and... all’ disadvantages. 


avoided. - 


The very high voltage of static electricity nee 

of a low current strength can’ be’ converted. . 
by this invention to voltages more ‘suitable ~ 
of greater ‘cur-" 


tory circuits it is possible to obtain. electro: 


‘magnetic waves of various amplitude and- 
to increase: the degree of resonance’ 
current. Such resonance allows va- 


of su 


55 


aerial network of several separate collectors . 


OORe ‘ 








rious: values of inductance to be .chosen’ 
whereby again the governing of the starting — 
and SEIS ‘of machines driven tliereby_ by” 


‘simply tuning the resonance between coils 
of the machirie and the: transformer circuit 
‘forming the resonance’ can. easily be ob- 

hee the. - 


tained. Further, - such’ currents 
property of beitig directly available for va- 
rious uses, even without employing them for 
motors, of which. thére may be par- 


es 


8). 


Further, with such currents.a series. of ap- 


paratus may be fed without diréct current 


supply through conductors: and also the. 9: ‘ 


electro-magnetic high - frequené¢y:' currents 
(c) Such balloon éollectors of light metal 


may he converted by means of special motors 


adapted for electro-magnetic oscillations 7 


.inté ‘mechgnical energy, or finally converted - 


by special machines into alternatmg current 
of low frequency or even into direct current 


‘of high potential. 


The: invention is ‘more partis ularly ae 


Figure 1 is an explanatory figure. 


Figure 2 isa. ‘diagrammatic view. of he aes 


simplest bs 


Ww. 


a 


to 


I 


or 


3 


o 


os 
go 
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‘ electrode enclosed in a vacuum chamber. 


55 


’ alternating. current. 


GO 


a 
a 


‘ atmospheric 


5 pling by condenser. 


F.) 


Tigure 3 shows a method of converting 
electrical energy for use with 

motors. van ; 

Figure 4 is a diagram showing the use of 
protective means. as 

Figure 5 is a diagram of an arrangement 
for converting large current strengths. 
_ Figure 6 is a diagram of an arrangement 
including controlling means. 


_ Figure 7 shows means whereby the spark 


Bap length can be adjusted. © 
igure 8 shows a unipolar connection for 
the motor. ; 

Figure 9 shows a weak coupled system 
suitable for use with small power motors. 

Figures 10, 12 and 12 show modified ar- 
rangements.. 

Figure 18 shows a form of inductive cou- 
pling for the motor circuit. ; 

Figure 14 is a modified form of Figure 13 
with inductive coupling. - : 

Figure 15 is an arrangement with non- 
inductive motor: 

Figure 16 is an 


arrangement with, cou- 
Figures 17, 18 and 19 are diagrams of fur- 
ther modifications. 7 . 

Figure 20 shows a simple form in which 
the aerial network is combined. with special 
collectors. . 

Figure 21 shows diagrammatically an ar- 
rangement suitable for collecting large 
quantities of energy. .. : 

Figure 22 is a modified arrangement hav- 


5 ing two rings of collectors. 
Figure 23 shows the connections for three 


rings of collectors. ; 
‘igure 24 shows a collecting balloon and 
diagram of its connection of condenser bat- 
teries. — : : 
Figures 25 and 26 shox modified collector 
balloon arrangements. : 
Figure 27 shows a second method of con- 
necting conductor for the balloon aerials. - 
Figure 28 shows an auto-transformer 
method of connection. -——. 
Figure 29 shows the simplest form of con- 
struction with incandescent cathode. _. 
Figure 30 shows a form with cigar shaped 


balloon. 


‘ Figure 31 is a modified arrangement. 
. Figure 82 shows a form with cathode and 


Figure 33 is a modified form of Figure 32. 
Figure 34 shows an arc light collector. 
- Figure 35 shows such an arrangement for 


Figure 36 shows an incandescent collector 
with Nernst lamp. : 

Figure 37 shows a form with a gas flame. 

Figure 1 illustrates a simple diagram for 
converting static electricity into dynamic 
energy of a high number of oscillations. 


‘For the sake of clearness in the drawings an 


influence machine is assumed to be employed 
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and not an aerial antenna. 13-and 14 are 
combs for collecting the static electricity of 
the influence machine. 7 and 8 are spark 
discharging electrodes, 6 and 5 condensers, 
9 an inductive primaty coil, 10 secondary 
coil, 11 and 12 ends of conductors of the sec- 


ondary coil 10. When the disc of the static 


influence machine is rotated by mechanical 
means, the combs collect the electric charges 
one the positive and the other the negative, 
and charge the condensers 5 and 6 until such 
a high potential is formed across the spark 
gap (—8, that the spark gap is jumped. As 
the spark gap 7-8 forms a closed circuit 


with condensers 6 and 5, and inductive re- 


sistance 9, as is well known, waves of high 
frequency electromagnetic oscillations will 


‘pass In this circuit. 


The high frequency. of the oscillations 
produced in the primary -circuit induces 
waves of the same periodicity in the sec- 
ondary circuit. Thus in the primary cir- 
cuit alectremigheic oscillations are formed 
by the passage of the spark over the spark 
gap and these waves are maintained by fresh 


charges of static electricity. 


By suitably selecting the ratio between the 
number of the coils in the primary and sec- 
ondary circuits with regard to a correct ap- 


_ plication of the co-efficients of resonance | 


{eapacity, inductance, and resistance) the 
high voltage of the primary circuit may be 
suitably converted into low. voltage and high 
current strength. 


_.. When the oscillatory discharges in the pri- 


mary circuit becomes weaker or entirely 
cease, the condensers are charged again by 
the static electricity until the accumulated 
charge again breaks down the spark gap. 


“All this is repeated as long as electricity is 


produced by the static machine by employ- 
ing mechanical energy, 

An elementary form of .the invention is 
shown in Figure 2 in which two spark gaps 
in parallel are used one of which may he 


_ termed the working gap 7 in Figure.2, whilst 


the second serves as a safety device for ex- 
cess voltage and consists of a larger number 
of spark gaps than the working section, 
which gaps are arranged in series and are 


bet 
= 
. 


tu 


1a 


105 


] 


po 


0 


115 


bridged by very small capacities as is illus- 


trated in a@,, 8,, ¢,, Figure 2 which allow of 


- uniform sparking in the safety section. 


In- Figure 2 A is the aerial antenna. for 
collecting charges of atmospheric electricity. 
13 is the earth connection of the second part. 
of the spark gap, 5 and 6 are-condensers, 9 a 
primary coil, Now when through the aerial 


. A the positive atmospheyic electricity seeks 


to combine with the negative charge to earth, 
this is prevented by (the air gap between) 
the spark gaps. The resistance of the spark. 
gap 7 is, as shown in the drawings, lower 
than that of the other safety section which 
consists-of three spark gaps connected in 


120 | 


130 


~ 1,640,098 © 


serie’, and consequently a three times greater 


- air resistance is offered by the latter. ~~ 


ee, 


So long therefore, as the. resistance of 


‘the spark gap 7 is not overloaded, so that . 
the other spark gaps have an equal resist- 
. ance with it the discharges take place only: 


., over spark gap 7. Should however the 
' voltage be increased by ‘any influences so 


10 


oh 


. that-1t might be dangerous for charging 
0 the condensers 5 and 6 or for: the coil in-: 
. -gulation 9 and 10 in. consequence of break 
~ down; by a correct regulation of this spark 
- “gap the second spark gap can discharge free 
inet inductive effects direct to earth with-. 


out endangering the machine. 
“. Without this second spark g: 


ip, arranged 


‘in’ parallel having a higher resistance than 


‘the working spark gap. it is impossible to 


collect. and-render available large quantities’. j J 
“- st: * . charges .will-for the sake of simplicity be 
diagrammatically: indicated by two semi- 


of electrical energy.) 
- The action of this closed oscillation cir- 


~ euit ‘consisting of spark gap 7, two condens- 


35 
“30 


: Sb 


ers 5 and 


‘one described in Fi the ¢ 
iment of the static induction machine with 


‘the only difference: that here the second* 


spark gap is provided. ‘The electromagnetic 
high frequency alternating current obtained 
can be tapped off from the conductors: 11 
and 12 for lighting. and ,heating. purposes. 
Special kinds of motors adapted for awork- 
ing with. these pecnliar' electrical charges 


“may be connected at 14 and 15 which can 


work with static electricity 


charges or with 


high frequency oscillations. 


In addition to the- use of spark ‘gaps - 


in ‘parallel a second measure of security is 


40. 


also necessary for taking off the current. 
-This precaution. consists according to. this 


. Invention, in the introduction of and method . 
“of connecting : e 
‘ magnets or choking coils in the aerial cir- 


certain protective electro- 


cuit as shown by S in Figure’3. | 
_ A single electromagnet only having a core 


of the thinnest possible separate laminations. 


is connected with the serial. : 


In the case of high voltages in the serial. 


network or at places where there are fre- 


‘quent thunder storms, several such magnets 


aes 
- ~ In 


however be connected in series. - . 
the case of latge units or plants sev- 
eral electromagnets can 


The windings of ‘these ..electromagnets 
may bé simply connected in series with the 


_ aerials, In this case the winding’ preferabl 


Jer 
~~ 


- consists of several thin parallel wires, which. 


make up together, the necessary section. 
‘The winding. may be made of primary 
and secondary, windings in the form of a 


'.transformer. The primary ‘winding will be 


then connécted in series with the aerial net- 


work, and the secondary. winding more: or.. 
. less short-citcuited over a regulating resist- 


simple ring §... 7 : 
:, Figure 3 shows the simplest way of con- 

‘verting atmospheric eléctricity into electro-— 
‘magnetic wave energy by the use of special . 


6, primary coil 9, and also see: . 
. ondary. coil 10 is exactly the. same as the. 
ré 1 with the arrange: 


: aera aie d be employed in par. 
allel or in ‘series parallel. . a / 


‘ance or an induction. coil.. In thedatter 


case it is, possiblé to regulate to, a certain 


“€ 


o 


extent the effect of the choking ¢oils..: In| 
the further. description, of the: connecting ~~ 


and constructional diagrams the aerial elec-: 


tromagnet choke coil is indicated by a 


motors adapted for high oscillatory cur-.~. 
rents or static charges of electrical energy. | 
Recent improvements in motors for work- . 


‘ing with static charges and motors working 


by resonance, that is to say, having groups 
of tuned electromagnetic cooperating cir- 


.euits render this possible. but.such do not 
‘form part of the. present invention, . . 


...A motor. adapted to operate ‘with stsitic 


circles 1-and 2 and -the.rotor.of the motor 


by a ring M. (Figure 3.) A is a vertical — 
aerial or aerial network. S the safety. 


choke or electromagnet with coil O. as may. 


-be seen is connected-with the aerial A. Ad- 


Jacent the electromagnet’ S$ the aerial -con- 
ductor is. divided into three citcuits, the 


cireuit: 8 giving the safety spark gap, the 


circuit 7 with the working spark. gap, and 
then a circuit including the stator terminal. 
1, the rotor and ‘stator terminal 2 at which 


a connection is made to the earth wire: The - 


‘two spark gaps. are also connected metal- 


lically with the earth wire. ‘The method of 


working these diagrams is as follows: 


The positive atmospheric ‘electric charge 
collected tends to combine with the negative 
electricity {or earth electricity) ‘connected. 
with the earth wire’- It travels along tho 
aerial A. through the electromagnet § with- 


placed in the -way:and the stator. condenser 


‘surfaces. The stator condenser surfaces are. 
.charged -until the charge is greater than - 


the resistance of the spark gap 7, wheren poi 


105 


. out being checked as it flows in the saine di- 
‘rection as the direct current. Further, its 
. progress is arrested by two sparks gaps 


a spark springs over the:spark gap:7 and an» 
oscillatory: charge.is obtained as by means H5 | 


‘of the motor M, stator surfaces 1 and-2, and 
spark gap 7, a closed oscillation circuit is 


obtained for producing the electromagnetic 


oscillations. ‘The niotor here forms the ca-_ 


pacity and the necessary inductance and re- 
sistance, which, as is well known, are neces- 


sary for converting: static electricity. into .. 


‘electromagnetic wave energy. © 


' The discharges formed are converted into 
mechanical energy in special:motors and-can 
not reach. the aerial network -by reason of 


‘the electromagnet or*choke. .If, however,- 
“when a spark springs over the spark gap 7" 


a greater quantity of atmospheric electricity - 


tends to flow to earth, a counter voltage is. 


a 


induced in the electromagnet, which is 


reater the more rapidly and strongly the 
Aow of current direct to the earth is. By 


_ the formation of this opposing voltage 2 


an 


10 


15. 


20 


sufficiently high resistance is offered to the 
flow of atmospheric electricity direct to 
earth to prevent a 
earth. — Hi arr 
The circuit containing spark gap 8 having 
a different wave length which -is not.in reso- 
nance with the natural frequency of the 


motor, does not endanger the motor and- 


serves as security against excess voltage, 
which, as practical experiments have shown, 
may still arise in certain eases, but can be 
conducted clirect to carth through this spark 


2p. . 
7 ts the diagram illustrated in Figure 4 the 
spark gap 7 is shunted across condensers 3 
and 6 from the motor M. This construction 
affords mainly a better insulation of the 


motor against excess voltage and a uniform 


26 
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ao 


ae at 


3 


mt 
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excitation through the spark gap 7. 

In Figure 5 a diagtam is illustrated for 
transforming large current strengths which 
may be employed direct without motors, for 
example, for lighting or heating purposes. 
The main difference is that here the spark 
gap consists of a star shaped dise 7 which 
can rotate on its own axis and is rotated by 
a motor opposite similarly fitted electrodes 
7*, When separate points of stars face one 
another, discharges take place, thus forming 
an oscillation cireuit over condensers 5 and 
6 and inductance 9 for oscillatory discharges. 
It is evident that a motor may also be di- 
rectly connected to the ends of the spiral 9. 

The construction of the diagram shown 
in Figure 6 permits of the oscillation circuit 
of the motor being connected. with an in- 
duction coil. Here a reculating inductive 
resistance is introduced. for counter-acting 
excess voltages in the motor. By euitting the 
separate coils 9 (coupled inductively to the 


5. aerial) in or ont the inductive action on the 


motor may be more or less increased or 
variable aerial action may be exerted on the 


oseiHation eircuit. | . 


- \In Figure 7 the oscillation cireuit is closed 


through the earth (E and E,). The spark 
gap 7 may be prolonged or shortened by 
more or fewer spark gaps being successively 
connected by means of a contact arm 7°. 
Diagram 8 shows a unipolar connection of 
the motor with the aerial network.’ Here 
two oscillation circuits are closed through 
the same motor. The first oscillation circuit 


“passes from acvial A through electromagnet 


S, point x, inductance. 9° to the earth con- 
denser 6 and further, over spark. gap 7 to 
the aerial condenser 5 and back to a. The 
second oscillation circuit starts from the 


aerial condenser 5 at the point # over the. 


inductance 9 to the carth condenser 6 at the 
point 2 and throngh the condenser 6 over 


short circuit with the’ 
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the spark gap 7 back to #. The motor itself 
is inserted’ between the iwo points of the 
spark gap 7. From this arrangement slight- 
ly damped oscillation wave currents are pro- 
duced... 

In the diagram illustrated in Figure 9 2 
loosely coupled system of connections is il- 
lustrated which is assumed to be for small 
motors for measuring - purposes. A indi- 
cates the aerial conductor, 8 the electromag- 
net in the aerial conductor, 9 the inductance, 
7 the spark gap, 5 and 6 condensers, ED the 
earth, M the motor, and 1 and 2 stator con- 
nections of the motor. The-motor is di- 


rectly metallically connected with the oscil- § 


lation circuit. . 

In Figure 10 a purely inductive coupling 
is employed for the motor circuit. The mo- 
tor is connected with the secondary wire 10 
as may-be seen in Figure 11 in a somewhat 
modified diagram connection. The same 
applies to the diagram of Figure 12. 


The diagrams hitherto described prefer-— 


ably allow of motors of small and medium 
strength to be operated. For large aggre- 
gates, however, they are too inconvenient as 


the construction of two or more oscillation . 
circuits for large amounts of energy is difi- - 


cult; the governing is still more difficult and 


the danger in ‘switching on or off is greater. - 9% 


' A means of overcoming such difficulties is 
shown in Figure 18, The oscillation circuit 
here runs starting from the point a over con- 
‘denser 5, variable inductance 9, spark gap 
7 and the two segments (3* and 4°) form- 
ing arms of a Wheatstone bridge, back to a. 
If the motor is connected by brushes 3 and 
4 transversely to the two arms of the bridge 


as shown in the drawings, electromagnetic - 


oscillations of equa? sign are induced in the 
stator surfaces 1 and 2 and the motor does 
not revolve. 
4 are moved in common with the conduct- 
ing wires 1 and 2 which connect the brushes 


with the stator poles a certain alteration or 


displacement of the polarity is obtained and 
the motor commences to ‘revolve. 
The maximum action will result it one 


If however, the brushes 3 and’ 


1b) 
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brush 3 comes on the central sparking con- - 


tact 7 andthe other brush 4 on the part a.” 


They are however, usually in practice not 
brought. on to the central contact 7 but only 
held in the path of the bridge seements 4° 
and 3° in order not to connect the spark ¢aps 
with the motor oscillation cireuit.. 

As however, the erttire oscillation energy 


.can thereby not act on the motor it is better 


to carry out the same system according to the 
diagram 14. The diagram 14 differs from 
the foregoing only by the motor not being 
directly metallically connected with. the seg- 
ments of. the: commutator, but only a pri- 
mary coil 9 which induces in a secondary 
coil 10, current which feeds the motor M 


and takes the place of the rotor. By this 


33d 
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arrangement a good transforming action is 


. obtained, a loose coupling and also an’ os- 


cillation circuit without a spark gap... .- 
In. Figure 15 the motor.is not purely-in 


. § ductively as in 14, but. directly metallically 


_ 


ow 


- be employed. 


vote. 


-. and further m 


branched ‘off from the primary coil (at. z 
and «*) after the principle of the auto-trans- 
former.” = =e 
In Figure 1 
condenser. 6 is in similar manner, ‘and’ for’ 
the same object inserted, between" the. seg- 
ments 3* and 4*%. This has the advantage 
‘that the segments 3* and 4* need not.be-tiade 
of solid metal but may consist. of spiral coils’ 
whereby .a more exact regulation is possible . 
otors of high inductance. may 


The arrangements of Figures 17, 18 and 
19 may be employed for use with resonance: 
and particularly with induction condenser 


. motors; between the large stator mduction 
_ condenser surfaces, smiall reversing pole con- ° 
~densers are connected, which, as may be seen 


“be 


"88 which is formed of mercury, the other .of 


“a 
ou 


from Figures 17, 18 and 19 are led together 
to earth. Such reversing poles have. the- 
advantage that with large quantities of. 
electrical energy the spark formation. be- 
tween the separate oscillation circuits ceases. 
Figure-19 shows a further-method which. - 
prevents electromagneti¢ oscillations of high, 
number of alternations formed in the oscil- 
lation circuit striking. back to the aerial con-. 
ductor. It is based .on the well, known prin-- 
ciple that a mercury lamp, one electrode ‘of 


solid metal.such ag steel-allows an electric. 
charge to pass in only one direction from 
tle mercury to the steel and not vice versa, 


> The mercury electrode of the vacuum tube - 


N is therefore connected with the aerial’ 
conductor and the steel electrode with the. 
escillation circuit. \ From this. it results that . 
charges can pass’ only from the aerial 
through the vacuum tube to the oscillation 


5 circuit; but not vice versa. Oscillations’ 


‘which are formed on being transformed in- 
the oscillation circuit ¢annot pass to the 
aerial conductor. 

In practice these vacuum tubes must be 
connected behind an. electromagnet as the’ 
latter alone affords no protection against the 
dangér of lightning. — ae 
 iAs regards.the use of spark gaps, all 
arrangements as used for wireless teleg- 
rapby may be used. Of course the spark. 


' gaps in large machines must have.a suffi- 


ciently large surface, In very large stations 
they are cooled in Hquid carbonic acid or 
better still in liquid nitrogen or hydrogen ; 
in most cases the cooling may also take 


. place by means of liquefied low homelogues 


of the'metal series or by means of hydro- 
carbons the freezing point of which lies at 
between: 906° C. and —40° ©. The spark 
gap casing must also be insulated and be of 


6 instead of an inductance a 


sheaths preferably made of an 


‘sufficient strength to be able to. resist ‘any. : 


pressire which may arise: Any undesirable 


excess super-pressure which may be formed 
must be automatically let off, “I have ém- 
ployed with very good results mercury elec- 


10 


“trodes which were frozen. in liquid carbonic =” 


7S the cooling being maintained during 
the : 
wall 

» Figu 
‘bination with collectors, transformers and 
the like illustrated diagrammatically. E is. 
here the earth. wire, 8 the-safety spark gap, : 


7 the working spark gap, i and 2 the stator: | 
. surfaces ‘of the motor, 5’a condenser battery, 


S the protective magnet. which is connected 
with ‘the coil in. the aerial conductor, A‘ to: 
A» aerial antenne., with ‘collecting balloons, 


-N horizontal collecting or connecting wires | 


from which, to the centre a number of con- 
nections. run... ~ 


‘The~actual collec 


tors consist of metal. 
aluminium - 
‘magnesium alloy, and:are filled with hydro- 
gen or helium and are attached to copper 
‘plated ‘steel wires. The size of the balloon ' 
1s, Selected so that the actual wéight of the 
balloon ‘and the weight of the conducting 
“wire is supported thereby. On the top of. 
the balloon aluminium spikes, made - and 
gilded in a special manner hereinafter de-. 
scribed, are arranged in order to produce a 
‘conductor action. Smell quantities of 


radium. preparations, more. particularly | 
_polonium-ionium or mesothoriuny :prepara- . 


operation from, the outside through the ~~ 
ee ee ee de ele 


re 20 is one ofthe simplest forms of, 1. 
‘construction: of an. aerial network in‘com- 


tions considerably inerease the ionization, - 


and therewith the action of these ‘collectors. 


-- In addition to metal balloons, fabric bal- ‘ 


loons whieh aré’ superficially metal coated 
according to Schoop’s metal spraying proc- 
ess, may however also be. employed. A 
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metallic surface may also be produced by | 


‘lacquering with metallic bronzes, preferably ' 
‘according. to Schoop’s spraying ‘process or 
lacquering with metallic bronze: powders in - 
two electrical series of widely different . 
wnetals, because thereby the collecting effect 
is considerably increased. Site eat ee 
- Instead of the ordinary round balloons, 
elongated -cigar shaped ones may be em- 


- ployed. . In order also to utilize the fric- 


tional energy of the wind, patches or strips 
of non-conducting. substances which 
duce electricity by friction, may be attached 
to the metallized balloon surfaces.’ The 
wind -will impart a portion of its energy in 
the form of frictional electricity, to. the 
balloon casing, and thereby the collecting 
effect is substantially increased. 

In practice however, very high towers: 
{up to 300 metres is fully admissible) may 
be employed ‘as antennee. In these towers 
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copper tubes rise freely further above the-. 


top of the. tower. A gas lamp secured. 


against the wind is then lit at the point of 


the copper tube and a netting is secured to 


_ the copper tube over the flame.of this lamp 


40 


20 


30 


nected with a horizontal conductor. 


to form a collector. The gas is conveyed 
through the interior of the tube up to the 
summit. The copper tube must be xbso- 
lutely protected from moisture at the. place 
at which-it enters the tower and also, rain 
must be prevented running down the walls 
of the tower which might lead to a bad 
catastrophe. This is done by bell shaped en- 
largements which expand downwards, being 
arranged in’ the tower in the form of high 
voltage insulators of Siamese pagodas. 


Special attention must be devoted to the’ 


foundations of such towers. They must be 
well insulated from the ground, which may 
be obtained by first embedding a layer of 
concrete in a box form to a sufficient depth 
in the ground and inserting in this an 
asphalt lining and then glass bricks cast 
about 1 or 2 metres in thickness. Over this 
in turri there is a ferro-concrete layer in 
which alone the metal foot of the tube is 
secured. This concrete block must be at 
least 2 metres from the ground and be fully 
protected at the sides by a wooden covering, 
from moisture. In the lower part of the 
tower a wood or glass house for the large 
condenser batteries or for the motors may 
be constructed. In‘order to lead the earth 
connection to the ground water, a well in- 
sulated pit constructed of vitreous bricks, 
must be provided. Several such towers are 
erected at equal distances apart and ne 

ne 


* horizontal connecting wires may either run 


directly from tower to tower or he carried 


_ on bell shaped insulators similar to those in 
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use for high voltage conductors. The width 


of the network may be of any suitable size, 


and the connection of the motors can take 
place at any suitable places, 


‘In order to collect large quantities of - 


electricity with few aerials it is well to pro- 
vide the aerial conductor with batteries of 
condensers as shown in two methods of con- 
struction in Figures 21 and 22. In Figure 
21 the batteries of condensers 5 are con- 


nected on the one hand with the aerial elec-. 


tricity collectors Z by the aerial conductor 


_ A, and on the other hand interconnected in 


Gn 


series with an annular conductor from 
which horizontal conductors run to the con- 
necting points C to which the earth wire is 
connected. 
Figure 22 shows a similar arrangement. 
Should two such series of antenne rings be 
shown by a voltmeter to have a large dif- 
ference of potential {for example, one in the 


‘mountains and one in the plain) or even of 


different polarity these differences may be 
compensated for by connecting sufficiently 
large condenser batteries (5, 5*, 5°) by means 
of Maji star conductors D and Dt. In Fig- 


‘example a collecting 
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ure 28 a connection of three such rings of 
collectors to form a triangle with a central 
condenser battery is illustrated. 


The condenser batteries of such large in- 
stallations must be embedded in liquefied 7 


gases or in liquids freezing at very low 
temperatures. 
the atmospheric energy must be employed 
for liquefying these gases. It is also prefer- 
able to employ pressure. By this means the 
condenser surfaces may be diminished, and 
still allow for large quantities of energy to 
be stored, secure against breakdown. Yor 
smaller installations the immersing of the 
condensers in well insulated oil or the like, 
suffices. Solid substances on the other hand 
cannot be employed as insulators, 

The arrangement in the diagrams hitherto 
described was always such that the con- 


denser batteries were connected with both § 
_poles-directly to the aerial ‘conductors. An 


In such cases 2 portion of . 


improved diagram of the connections for | 


obtaining ‘atmospheric electricity. for the 
conderiser batteries has however, been found 
to be very advantageous, this arrangement 
consists in that they are connected by only 
one pole (unipolar) to the collecting, net- 
work. Such a method of arrangement is 
very important, as by means of it a constant 
current and an increase of the normal work- 
ing pressure or voltage is obtained. If for 
balloon aerial which is 
allowed to rise to.a height of 300 metres, 
shows 40,000 volts above earth voltage, in 
practice it has been found that the working 
voltage (with a withdrawal of the power 


according to the method hereinbefore de-. 


scribed by means of oscillating spark gaps 
and the'like) is only about 400 volts. If 
however, the capacity of the condenser sur- 
faces be increased, which capacity in. the 
above mentioned case was equal to that of 
the collecting surface of the balloon aerials, 
to double the amount, by connecting the 
condenser batteries with only one pole, the 
voltage rises under an equal withdrawal of 


‘current up to- and beyond 500 volts, This 


can only be ascribed to the favourable action 
of the connecting method. 

In addition to this substantial improve- 
ment it has also been found preferable to 
insert double inductances with clectromag- 
nets and-to place the capacities preferably 
between tao such electromagnets. Tt has 
also been found that the useful action of 
stich condensers can be further increased if 
an induction coil be connected 4s inductive 
resistance to the unconnected pole of the 
condenser, or still better if the: condenser 
itself be made as an induction condenser. 
Such a condenser may be compared with a 
spring which when compressed carries in 
itself accumulated force, which it again 
gives off when released, In charging, a 
charge with reversed sign is formed at the 
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yar" 


other free condenser pole, and if through the. 


rs 


~ aluminium m 


‘trated, Figure 24 shows a collecting 
and the diagram of-the connections to earth. 
Figure 25 four collecting balloons-and. the. 


‘tories, belonging thereto. © 05-500, 
_ A is the collecting balloon’ made of an. 
esium alloy (electron metal, 
“magnalium) of a specific gravity of 1.8 and 
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spark gap a short circuit. results, the accu- 


mulated energy is again given back since ® 


now new quantities. of energy.are induced 
at the condenser pole connected with the 
conductor network, which in fact charges 
with opposite signs to’ that at the freé con- 


denser pole. The new induced charges have. 
-of course the same sign as the collector net- 
_work. . The whole: voliage energy a 


aerial is thereby however increase the 


energy are acciimulated than is the case 


without such inserted condenser batteries. - 
In Figures 24 and 25 two. different dia-. 


grams of connections are more exactly illus: 


parallel connection of 


the condenser’ bat- 


a thickness of plate -0.1 to.0.2 mm. Inside 


. there are. eight strong vertical ribs of T 


at -- 


dg 


shaped section about 10 to 20 min, in height 


and about 8 mm..in-thickness with-the na 
ry: 


jecting part dirécted inwards (indicat 
a,b, e, d and so forth}; they are riveted to- 


géther to form a firm skeleton and are stiff-. 


ened in a horizontal direction by two cross 


one another internally and transversely b 
means of thin steel wires, whereby the hal- 


‘Toun cis oat puwer of resistance and. 
‘elasticity. Rol ; 
- tnickness made of magnalium alloy are then’: 


led plates df 0.1 to 0.2 mm. in 


cither soldered: or riveted on this skeleton 
so that'a fuily metallic casing: with sniouth 


. external surface is obtained. Well silvered 


or coppered aluminium plated steel wiresrun. 
irom each rib to the fastening ring 2. . Fur- 
ther, the coppered steel hawser L preferably: 
twisted out of separate thin wires (shown in 


dotted lines in Figure 24) and ‘which ust 


~. belong enoiigh to allow the:balloon to risé 


> 
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in the desired height, leads to.a metal roller 


or, pulley 3 and from thence.to a winch $V, 


. well insulated from the earth.. By means of - 
this winch, the balloon, which is filled with 


hydrogen, or helium, canbe allowed to rise 


to a suitable height (300 to 5,000 metres) | 
‘and brought to the ground for recharging 


or repairs, ile ee toe, ae 
The actual current is taken: directly 


through a frietion contact from the metal’ 


roller 8 or from the wire, or even from the 
wineh or simultaneously from all three by 


Means of brushes (3, 8*-and 3°)... Beyond 


the brushes the ‘conduetor is. divided. the 
paths being —firstly over 12 to the safety 
spark gap 8, from thence to the earth con- 
ductor E*, and secondly over ele-tromagnet 
S', point 13, to a second loose electromagnet 


the . 


- drawings 





Hoon’: 7 


. wear of the contacts. 


‘gold am 


7 


having an- adjustable coil S?, then to the’ 
spark gap 7 and to the second. earth con-_ 
ductor. E*, ~The actual working circnit is 
formed through.the spark gap.7, condensers’ 
5 and 6,.and through the primary coil 9; 
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here the static electricity formed by oscil-. 
latory discharges is acermulated and con- - 
verted into high frequency electromagnetic . 


oscillations.. Between the clestromagnets 
and S* at the crossing point 18, four con- 


denser batteries are introduced which: are 
‘same space of time larger quantities of .- 


only indicated diagrammatically. in the 


duction ¢oils.or spirals'17 and 19 while the 


‘two others (21 and 23) are induction con- 
densérs, As-may be seen from the drawitizs 
‘each of the four condenser batteries 1¢, [5, 
“21.23.18 connected ‘only by.oné pole.to the 
- aefial. or to. the .collector conducter. - The. 


’ seach by one condenser. Two of | 
‘these batteries. (16 and 18) are made as plate 
condensers and prolonged by regulating in- 
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second ‘poles 17, 19, 22, 24 are open. In the; -- 


case of plate condensers haying no. inductive: 


resistance an induction coil is inserted. The. 
“object of such a spiral or ceil is the displace- 9 


ment.of phase of the induction current by 14.) 


condenser poles which lie free inthe air,. 


maintained. in the aerial collecting con-. 


ductor than would otherwise be the casé. It 


has also been found that such a back action 


hasan extremely favourable effect. ou the | 
Of course the indue- 


tive effect may be regulated. at will within 
the limits of tlie size of the induction coil, 
the Jength of the coil in action being ad- : 
justable by means of wire connertion with- 


“out induetion (see Fig. 24,-No. 20). 


S* and'S? may also ‘he provided with such- 
regulating devices inthe case of S* {illus- 


trated by 11): “It excess voltage be formed 


it-is conducted to edrth through the wire 12 


-and spark gap 8 or throngh any other stit- 


able apparatus, since this formation would 
be dangerous for the othér apparatus. 
' The action of these condenser hatteries has 
already been hereiribefore described. 
The small cireles‘on the collector balloon 
indicate pao at which zine amalgam. or. 
a 


metals in the form of small patches in ex- 
tremely thin layers (.0f to .05 mm. in 
thickness) are applied to.the balloon casing 


-periods, whilst the charging current of the... 


works back tothe collector. aerial. The con--° 
sequence of this is that-in discharges in the . 
‘collector aerial the back inductive action of 
‘the free poles.allows a higher voltage to be 
ribs. The ribs are further connected ‘with 


1no 


gam-or other photoelectric acting — 


of light metal. Stich metallic patches may - 


also be applied to the entire balloon as-well 
as in greater thicknéss to the conducting 
network. The capacity of the collector is 
thereby. considerably ‘strengthened at the 
surface.. The greatest possible effect. in col- 
lecting may be obtained by polonium amal- 
gams and the like. On the surface of the 


bet 
tc 
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collector balloon metal points or spikes ave, 


also fixed along the ribs, which spikes serve 
particularly for collecting the collector 
charge. Since it is well known that the re- 
sistance of the spikes is less the sharper the 
spike is, for this purpose it is therefore ex- 
tremely important to .cmploy as sharp 
spikes as possible. Experiments made as 
regards. these have.shown that the fornia- 
tion of the body of the spike or point also 
plays a large part. for example, spikes made 
of bars or rollers with smooth surfaces, 
have a many times greater point resistance 
as collector accumulator spikes than those 
with rough surfaces. Various kinds of 
spike bodies have been experimented with 
for the collector balloons hereinbefore men- 
tioned. The best results were given by 
spikes which were mace in the following 
way. Fine points made of steel, copper, 
nickel, or copper and nickel alloys, were fas- 
tened together in bundles and then placed 
as anode with the points in a suitable elec- 
trolyte (preferably in hydrochloric acid or 
muriate of iron solutions) and so treated 


with weak current at 2 te 8 volts pressure. 
After 2 to 3 hours according to the thick- 


ness of the spikes or pins the points become 
extremely sharp and the bodies of the spikes 
have a rough surface. The bundle can then 
be removed and the acid washed off with 
water. The spikes are then placed as 
cathode in a bath consisting of solution of 
gold, platinum, iridium, paladium or wolf- 


ram salts or their compounds and coated: 


at the cathode galvanically with a thin layer 


of precious metal, which must however be 


sufficiently firm to protect. them from at- 
mospheric oxidation. . 
Such spikes act at 2-20 fold lower voltage 
alinest as well as the best and finest points 
made by mechanical means. ‘Still better re- 
sults are obtained if’ polonium or radium 


salts are added to the galvanic bath when: 


forming the protective layer or coating. 


_ Such pins have a low resistance at their 


ait) 
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points and even at one volt and still lower 


pressures have an excellent collector action. 
In Figure 24 the three unconnected poles 


are not connected with’ one another in par-. 
That is quite possible in- practice 


allel, 
without altering the principle of the free 
pole. Jt is also preferable to interconnect 
in parallel te a common collector network, 
a series of collecting aerials, — 

Figure 25 shows a diagram for such an 
installation. At. A*, A’, A* are four -metal 
eoHector balicons with -gold or platinum 
coated spikes which are electrolytically 
made in the presence of polonium emana- 
tions or radium salts, which spikes or neo- 
dles are connected over four electro-magnots 
$1, $°,$%, S* through an annular conductor 
R. From this annular conductor four wires 


run over four further electromagnets -S*, - 
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S®, Se, S4, to the connecting point 13. There 


_the conductor is divided, one branch passing 


over 12 and the safety spark gap 8 to the: 


earth at E', the other over inductive resist- 
ance J and working spark gap 7 to the earth 
at E*?, The working cirewit, consisting of 
the condenser 5 and 6 and a resonance 
motor or a condenser motor M, such as here- 
inbefore described, is connected in prox- 
imity round the sparking gap section 7. 
Instead of directly connecting the con- 
denser motor of course the primary cireuit 
for high frequency oscillatory current ‘may 
also be inserted. , . 
The condenser batteries are connected by 
one pole to the annular conductor R and can 
be either inductionless (16 and 18) or made 
as induction condensers as shown by 21 
and 23. The free poles of the inductionless 
-conclensers are indicated by tT and 19, those 
of the induction condensers by 22 and 24. 


aed 
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As may be seen from the drawings all these - 


poles 17, 22, 19, 24° may be interconnected 
In parallel through. a second annular con- 
ductor withont any fear that thereby the 
principle of the free pole connection will be 
injured. 
already set forth the parallel connection 


also allows of an equalization of the work-. 


ing pressure in the entire collector network. 
Suitably constructed and calculated induc- 
tion coils 25 and 26 may also be inserted in 
the annular conductor of the free poles, by 
means of which a circuit may be formed 
in the secondary coils 27 and 28 which al- 
lows current produced in this annular con- 


ductor. by fluctuations of ‘the charges or the. 


like appearances to be measured or other- 
wise utilized. 

' According to what has been hereinbefore 
stated separate collector balloons may be 
connected at equidistant stations distributed 
over the entire country, either connected di- 
rectly with one another metallically or by 


‘means of intermediate suitably connected 


condenser batteries through -high voltage 
conductors insulated from earth. The 
static electricity is converted through a 
spark gap into dynamic energy of a high 
nuinber of oscillations and may in such form 
be coupled as a source of energy by means 
of asuitable method of connecting, various 
precautions being observed. and with spe- 
cial regulations. The wires leading from 
the collector balloons have hitherte been 
connected through an annular . conduetor 
without this endless connection, which can 
be regarded as an endless induction coil, be- 
ing able to excrt any action on the whole 
conductor system. 

. Tt has now been found that if the network 
conductor connecting the aerial collector bal- 
loons with one another is not made as a 
simple annular conductor, but preferably 
short circuited in the form of coils over a 


In addition to the advantages. 
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_ balloons, 5, 6,7, 8 their metallic aerial con- 
. ductors and I the actual collector network. 
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condenser battery or spark gap or through 
thermionic tubes or valves or audions, then 


the total collecting network exhibits’ quite 


new properties. The collection of atmos- 
pheric electricity is thereby not only in- 
creased but an alternating field may be eas- 
ily produced in ‘the collector network. 


Further, ‘the atmospherié.:electrical forces. 


showing themselves in- the higher regions 
may also be directly obtained by induction. 
In Figures 26 and 28 a form of construction 


is shown on the basis of which the further 
. foundations of the method will be: more par-. 


ticularly explained. * yt 
In Figure.26 1, 2, 3, 4 are metal collector 


This consists of five coils and is mounted on 
high voltage insulators in the ‘air, on high 
vollaps masts (or with a suitable construc- 
tion of cable embedded in the earth), One 
coil has a diameter of 1 to 100 km. or more. 
S and 8! are two protective electromagnets, 
F the second safety section against excess 
voltage, E its earth conductor and E! the 
earth conductor. of the working section. 


. When an absorption of static atmospheric 


electricity is effected through the four bal- 
loon collactors, the current im order to reach 
the earth connection FE ‘must flow spirally 
through the collector. network over the elec- 
tromagnet S, primary induction coil 9, con- 
ductor 14, anode A of the audion tube, in- 
candescent cathode K, as the way over the 
electromagnet and safety spark gap F offers 
considerably greater resistance. b 


the collector network coil, whereby the whole 
free electrons are ditéeted more or less into 
the interior ‘of the coil: “An increased ioni- 


zation of the atmosphere is therefore pro- 


. duced. : In-consequence of: thie: the points 
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. points on’ the balioon and the surrounding | 
atmosphere are produced. The result ‘of pia ; 

- better in the polar regions where the 
wear ~ northern lights are-¢onstantly Listen large 
A second effect which could not be ob-~ it) 

tained otherwise is obtained by the -electro- - 
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_ less with a diminishing. or. increasing éffect’ 
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mounted on ‘the ‘collector: balloon show a 
considerably: reduced resistance and there- 
fore increased : static’: charges between the 


this is a considerably increased collector ef- 
fect, ae 


magnetic alternating field which running 
parallel to the earth surface, acts more or- 


on the earth magnetic field, whereby in the 
case of fluctuations in the current a return 


induction current of reversed sign is always 


produced in the collector coil by earth mag- 


“netism. Now if, however, a constantly pul- 


sating continuous alternating field is pro- 
duced as stated in the above collector net- 
work I, an alternating current: of the same 


_ periodicity is produced also in the collecting 


wing to. 
the fact that the accumulated current flows 
in one direction, an electromagnetic alter- 
nating field is produced. in the interior of - 


network coil. As the same alternating field | 


is further transmitted to the aerial balloon, . 
the resistance of its points is thereby con-: 
siderably reduced, whilst the collector ac- 
tion is considerably increased. A further 
advantage is that positive electrons which 
collect on the metal surfaces peaaiee the con-- 
version into dynamic current produce a so- 


called drop of potential of the collector 


ared. As an alternating field is present, the 
negative ions surrounding the collector sur- 
faces, when discharge of the collector. sur- 
faces takes place produce by the law of in- 
duction, an induction of reversed sign on 
the collector surface and so forth (that is 
to say again a positive charge). In addi- 
tion to the advantages hereinbefore set forth, 
the construction of connecting conductors in 
coil form when. of sufficiently large diam- 
eter, allows of a utilization of energy aris- 
ing in higher régions also in the simplest 


way. As is well known.electric discharges 


frequently take place “at ver eat eleva- 
tions. which ite Bo obaeeveil. each as St. 
Eimo’s fires. or northern lights. “These 
energy quantities. have not been able. to be 
utilized up to now..- By this invention all 
these kin, 
electromagnetic. nature and the direction of 
the axis of the edllector coils stands at right 
angles to the ¢arth’s surface, can be more or 
less absorbed in-the 
in wireless telegraphy absorbs waves coming 
from a far distance. With a large diameter 
of the spiral it is- 
surfaces and thereby to take up also. large 
quantities of energy. = 

: It is well known that large wireless sta- 
tions inthe summer months, and also in 
the tropics are very frequently unable to 
receive the signals in consequence of inter- 
ruptions which are caused by atmospheric 
electricity, and this takes place with vertical 


‘coils of only 40 to 100 m. diameter. If on 


the contrary horizontal coils of 1 to 100 ion. 
diameter be employed very strong currents 


are constantly taking place in the atmos-- 
‘Particularly in the tropics or still 


quantities of energy may probably be: ob- 
tained in this way. A coil with several 
windings should act the best. In similar 
manner any alteration of the earth mag- 
netism should act inductively on such a coil 
It is not at all unlikely that earthquakes 
and spots on. the ‘sun will also produce an 
induction in such collector coils of sufficient 
size. In similar manner this collector con- 


‘ductor will react on earth currents more 


particularly when they are near the surface 
of the earth or.even embedded in the earth. 
By combining the previous kind of current 
collectors so far as they are adapted for 


ossible to connect large - 


of energy, as they are of an — 


samhe way as a receiver — 


105 


may be obtained through discharges which - 
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Distillation Set-up 


Begin with a round bottom flask. This is one of the most critical pieces 
of glassware in the assembly, since it will hold the liquid to be 
distilled. You don't want it to fall and break because you would (1) lose 
your compound (2) spill a possible hazardous chemical. 


Round bottom flasks are part of your drawer equipment. It will be held 
in place in the set-up with a small three-pronged clamp with holder 
which is also in your lab drawer. Grab two ring stands from the back 
shelves. Obtain a ring clamp (in a box on the back shelves) and two 
ring stands (back shelves). The ring clamp will hold the heat source, 
either a steam bath or a heating mantle. 
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the improved system with the improved pos- 
sibilities of obtaining current the quanti- 
ties of free natural energy which are to be 
obtained in the form of electricity are con- 
siderably increased. va ee 

In order to produce in the improved col- 
lector coil uniform current oscillations of 


an undamped nature so-called audion high 


20 
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vacuum or thermionic tubes of suitable con- 


nection are employed instead of the pre- 
viously Imown spark gaps (Fig. 26, Nos. 
9-18). The main aerial current flows 
through electromagnet S (which in the case 
of a high number of alternations is not con- 


-nected here but in the earth conductor -E*) 


and may be conveyed over the primary coils 
in thé induction winding through wire 14 
to the anode A of the. igh vacuum grid 
tube. Parallel with the induction resistance 


9 a regulating capacity of suitable size, such . 


as condenser 11 is inserted. In the lower 
part of: the vacuum grid tube is arranged 
the incandescent filament or. the cathode K 
which is fed through a battery B. From 


the battery. B two branches run, one to the. 


earth conductor E* and the other through 
battéry B? and secondary coil 10 to the grid 
anode g in the vacuum tube. By the method 
of connections shown in dotted lines, a..de- 
sired voltage at the grid electrode g .may 
also be produced through the wire 17 which 
is branched off.from the main. current con- 
ductor through switches 16 and some small 
condensers (a, , ¢, @) connected in series, 
and conductor 18, without the battery B* 
being required. . 


The action of the entire system is some-. 


what as follows :— a Ak 
On the coiinecting conductor of the serial 
collector network being short circuited to 


- earth, the condenser pole 11 is charged and 
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slightly damped oscillations are formed in 
the short circuited existing ‘oscillation cir- 


ewit formed of the condenser 11 and self 


inductance 9. In consequence of the cou- 
pling through coil 10, fluctuations of voltage 
take place in the grid circuit 15 with the 
same frequency, which, fluctuations in tarn 


influence the strength of the electrode cur-- 
vent passing through the high vacuum am-. 
plyfying tube and thus produce current fluc- 


tuations of the same frequency in the anode 


circuit. A permanent supply of energy tothe: 


oscillation circuits 9 and 10 consequently 


takes place, until a condition of balance is © 


set up, in which the consumed oscillation 
energy is i oe to that absorbed. Thereby 
constant undamped oscillations are now pro- 
duced in the oscillation circuits 9-11. 

For regular working of such oscillation 
producers high vacuum strengthening tubes 
are necessary and it is also neéessary that 
the grid and anode voltages shail have a 
phase «difference of 180° so'that if the grid 


is negatively charged, then the anode is 
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positively charged and vice versa. This 


necessary. difference of phase may be ob- - 


tained by -most varied connéctions, for ex- 
ample, by placing the oscillation circuit in 


. the grid cireuit or by separating the oseil- 


lation circuit and inductive coupling from 


the anodes and the grid eireuit and so forth. 


A second important factor in this way of 
converting static atmospheric electricity into 
undamped oscillations is that care must be 


taken that the grid and anode voltages have 


a certain relation to one another; the latter 
may be obtained by altering the coupling 


and.a suitable selection.of the self induction. 


in the grid circuit, or as shown by dotted 
lines 18, 17, 16 by means of a larger or 
smaller number of condensers of suitable 
size connected in series; in this case the 
battery Bt may be omitted.” With -a suit- 
able selection of the grid. potential a glow 
discharge takes place between the grid g 
and the anode A, and accordingly at the 
grid there is a cathode drop and a dark 
space is formed. The size of this cathode 
drop is influenced by the ions which .are 
emitted in the lower space in consequence 
of shack ionization of the ineandescent 
cathodes K and pass through the grid in 
the upper space. On the other hand the 
number of the ions passing through the grid 
is dependent on the voltage between the grid 
and the cathode. Thus if the grid voltage 
undergos periodic fluctuations (as in the 
present cas¢) the amount of the cathode 
drop at the grid fluctuates and consequently 


‘the internal resistance of the tube corre- 


spondingly fluctuates, so that when a back 


- coupling of the feed circuit: with. the grid 


circuit takes place, the necessary means are 
afforded. for producing undamped oscilla- 


‘tions and of taking current, according to re- 


quirements from the collecting conductor. 

‘The frequency of the undamped oscilla- 
tions produced is with a suitably loose cou- 
pling equal to the self frequency of the 
soil tion circuits 9 and 10. By a suitable 
selection of the self induetion of the coil 9 
and capacity 11 it is possible to extend from 
frequencies which produce electromagnetic 
oscillations of only a few metres wave 
leneth down to the lowest practical alter- 
nating current frequency. For large instal- 
lations a suitable number of frequency pro- 
ducing tubes in the form of the well known 

igh yacuum transmission tubes of .5 to 2 
kw; in size may be connected in parailel so 
that in this respect no difficulty exists. 

The use of such tubes for producing un- 
damped oscillations, and also the constrnc- 
tion and methed of inserting such trans- 
mission tubes in art accumulator or dynamo 
circuit is known and also that such oscilla- 
tion producing tubes only work. well at. volt- 
ages of 1,000 up to 4,000 volts, so that.on 
the contrary their use at lower voltages is 
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considerably more difficult. By-the use of 


high voltage static electricity this method 


_ of producing undamped oscillatioris as com- 


a 


ared with that through spark gaps must 
s regarded, as an ideal solution particu- 


larly for small installations of outputs of. 


from .1 to 100 kw, 
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By the application of safety spark gaps, 
with interpolation of electro-magnets, not 
only is short circuiting avoided but also’ 
the taking up of current is regulated.. Os- 
cillation peadnoens inserted in the above way 
form a constantly acting electromagnetic 


alternating field in the collector coil, where- 


by as already stated, a considerable accumu- 
lating effect takes place. The withdrawal 


"wire or working wire is connected at 12 and 


13, but current may be taken by means of 
a secondary coil which is firmly or movably 
mounted in any suitable way inside the large 
collector coil, i. -e. in its: electromagnetic 
alternating field, so long as the direction, of 


its axis runs parallel with that of the main. 


current collecting coil. 

In producing undamped f 
high frequency (50,000. per second and 
more) in the oscillation circuits 9 and 11, 


electromagnets S and S* must be inserted if - 
the high frequency oscillations are not to 


penetrate the collector coil, between .the os- 
cillation producers and the collector coil. 
In all other casea they. are connected shortly 
before the earthing (és in Figs. 27 and 28). 

Figure 27 a second methad of construe- 


tion of the connecting conductor of the bal-. 


loon aerials is illustrated in the form of ‘a 
coil.. The main difference consists in that 
in addition to the connecting conductor T 
another annular conductor. II is inserted 


parallel to the former on the high voltage. 


masts in the air (or embedded as a cable in 


the earth) but both in the form of a coil. © 


The connecting wire of the balloon aerials 


ig indicated as @ primary conductor and also 


as a current producing: network; the other 
is the consumption network and is not in 
unipolar connection with. the current, pro- 
ducing network, | eS ote 

In, Figure 27 the current producing net- 
work I is shown with three balloon collec- 
tors I, 2, 3 and aerial conductors 4, 5, 63 it is 
short circuited through: condenser 19 and 
inductance 9. The oscillation forming cir- 
cuit consists in this diagram of spark gap: 
f, inductance 10, and condenser 11; the 
earth wire E, is connected to earth over 
electromagnet S'. F is the safety spark gap 


which is also connected to earth t hrough a 


second electromagnet S at E, On connect- 
ing 
poet ire over the spark 
oscillatory discharge is ' : 
Speen, currant acts through inductance 
10 on the inductively coupled secondary 9, 
whereby in the producing network a modi- 


p f whereby an 
Sorina. This dis- 


‘up the condenser circuit 11 this is. 


fication of the potential of the condenser 19 
is produced. e consequence of this is 
that oscillations atise in. the coil shaped 
producer network. These oscillations in- 


uce a current in the secondary ‘circuit IT, 7 


which has @ smaller number of windings 
and a less resistance, the voltage of which, 


according to the ‘proportion-of the number 


of windings and of the ohmic resistance, 
is considerably lower whilst the current 
strength is greater, =~ ae 
_ In order to convert the current thus ob- 
tained into current of an undamped char- 
acter, and to tune its wave lengths, a suffi- 
ciently large regulatable capacity 20 is in- 
serted between the ends 12.and-18 of the 
secondary conductor II. Here. also current 
may be taken without an earth conductor, 
but it is advisable to ingert 
gap E* ‘and to connect this 
over an electromagnet S% 

The producer network may be. connected 
with the working network IT over an induc- 


with the earth 


- ... tionless condenser 21 or over an induction 
oscillations of-a 


condenser 22,23. In this case the secondary 


conductor is unipolarly connected with the 


energy conductor. — 

In Figure 28 the connecting conductor be-. 
tween the separate accumulator balloons is 
carried out according tothe - autotrans.- 
former principle. The collecting coil con- 


nects four aerial balloons.1,2,3;4, the wind- 


tgs of which are not made side by side but 


one above the other. In Figure 28 the:col- 


lector coil I is shown with a thin line, the. 
ation coils IT 


metallically connected prolo 
with a thick line. Between the ends I? and 
IT of the energy network I a regulating 
capacity 19 is inserted. The wire I! is.con- 
nected with the output wire and with the 
spark gap F,. - " : 


a safety spark - 


“Tr 
a. 


As transformer of the atmospheric elec- . 
tricity an arrangement is employed which - 


consists in-using retary pairs of condensers’ 


in which the one stator surface B is con- 
nected with the main current,. whilst. the 


other A is connected with the earth nole. | 


Between these pairs of short circuited con- 
densers are caused to rotate from which the 
converted. current can be taken’ by means of 
two collector rings and brushes, in the form 
of an alternating current, the frequency of 
which is dependent on the number of bal- 
loons and the revolutions of the rotor. As 
the alternating current formed inthe rotor 
can act, in this improved method of con- 


coils 10 on the inductance 9, an-increase or: 
diminution of the feed current in T can be 
obtained according to the direction of the 
current by back induction, Current oscil- 
lations of uniform rhythm thereby result in 


‘nection described in this invention, through ~ 


the coil shaped windings of the producer » 


net-work, 
As the ends of this conductor are short cir- 
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2 
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cuited through the reguiatable condenser. 19 
these rhythms produce short circuited: un- 
damped oscillations in the energy conductor, 
the periodicity and wave lengths of which 
oscillations can be adjusted according to 
desire by altering the capacity 19 to a given 
wave length and therewith also to a given 
frequency. These currents may. also be em- 
ployed inthis form directly as working cur- 
yent. through the conductors -IT* and Mil. 
By. inserting the condenser 20 a connection 


between these conductors may also be made, 
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whereby harmonic oscillations of desired 


wave length aré formed. By this means 
quite new effects as regards current distribu- 
tion are obtained. The withdrawal of cur- 


rent can even take place without direct wire - 


connection if, at a suitable point in the in- 


terior of the producing network {quite im-- 


materially whether this has a diameter of 
1 or 100 kin.) a coil tuned to these wave 
lengths and of the desired capacity is firmly 
or movably mounted in the aerial conductor 
in such a way that its axial direction is in 
parallel with that of the collector coil. In 
this case a current is induced in the produc- 
ing network, the size of which is depend- 
ent on the total capacity and resistance and 
also on the periodicity employed. A possi- 


bility is thereby afforded in future, of tak-- 


ing energy from the producer network by 
wireless means. As thereby in addition to 
atmospheric electricity also magnetic earth 
currents and the energy from the higher at- 
mosphere (at least partially) may be simul- 
taneously obtained, this last system for col- 
lecting the atmospheric energy is of particu- 
lar importance for the future. 

Of course everywhere instead of spark 
gaps suitable grid vacuum tubes may be em- 
ployed as producers for undamped oscilla- 
tions. The separate coils of the producer 
net-work with large diameters may be con- 
nected with one another through separate 
conductors all in parallel or all in series or 
in groups in series: By regulating the num- 
ber of osciilations and also the extent of the 
voltage more or less large collector coils of 
this kind may be employed. The coils may 
also be divided spirally over the entire sec- 


tion. The coils may be earried out in anniv - 


Tar form or also in triangular, quadrangular, 
hexagonal or octagonal form. 

Of course wires may be carried from a suit- 
able place to the centre or also laterally 


“which serve the current waves as guides. 


= 


This is necessary when the currents have to 
be conducted over mountains and valleys 
and so forth. In all these cases the current 
must be converted into a current of suitable 
periodicity. : 


As already hereinbefore mentioned sepa-. 


rate collecting balloons may be directly me- 


_ tallically imterconnected at equidistant ‘sta- 
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tions distributed over the entire country or #5 


may be connected by interpolation of suit- 
able condenser batteries by means of high 
voltage conductors. The static electricity is 
converted through a spark gap into dynamic 


energy of a high number of oscillations, and. 


could then ‘in such form, with a suitable 
arrangement. of the connections, observin 
various mexsures of precaution, be employe 
as source of energy after separate or special 
regulation. 

According 


to this invention in order to in-- 


=r 


crease the collecting effect of the balloon m__ 


the zerial collector conductor or in the earth 
wire, radiating collectors are employed. 
These consist either of incandescent metal 
or oxide electrodes in the form of vacuum 
evid tubes, or electric ares (mercury and the 
like electrodes) Nernst lamps, .or finally 
flames of various kinds may -be simply con- 
nected with the respective conductor. 

Tt is well known th 
off from a cathode consisting of an incan- 
descent body opposite an anode charged 
with positive electricity (vacuum grid tube). 
Hitherto however, a cathode was always first 
directly placed opposite an anode, and sec- 
ondly the system always consisted of 
closed circuit. oe 

Now if we dispense with the ordinary 
ideas in forming light or flame ares in which 
a cathode must always stand directly oppo- 
site an anode, and if we place an incandescent 
cathode opposité an anode charged to a high 
potential or another body freely floating in 
the air, or regard the incandescent cathode 


‘only as a. source of unipalar discharge 


(which represent group and. point dis- 
charges in electro-static machines similar to 
unipolar discharges) >it may be’ ascertained 
that incandescent cathodes and Jess perfect- 
ly ali incandescent radiators, flames and the 
like admit of relatively large current densi- 
ties and allow large quantities of electric 
energy to radiate into the open space in the 
form of electron streams as transmitters. 
The object. of this invention is as described 
below, if such incandescent oxide electrodes 
or other incandescent radiators or flames are 
not freely suspended in space but connected 
metallicaily with the earth so that they can 
be charged with negative terrestrial elec- 
tricity, these radiators possess the property 
of absorbing -the free positive electrical 
charges contained in the air space surround- 
ing them (that is to-say of collecting them 


‘and conducting them to earth). They can 


therefore, serve as collectors and have, in 
comparison to the action of the spikes, or 
points, a very large radius of action R; the 
effective capacity of these collecto: is much 
greater than the geometrical capacity (Ro-) 


-ealenlated in an electro-static sense. 


Now as our earth is surrounded as is well 
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at energy can be drawn - 
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known, with an eleeectabe ‘field and the 
av 
of the earth. field according to: the latest 
investigations, is in summer about 60 to 


100 volts and in winter 300 to 500 volts pér 


metre of difference in height (24), 2 simple 
calculation gives the result that when such a 
radiation collector or. flame collector is ar- 
ranged for example on the ground; and a 
second one is mounted vertically over it at 
a distance of 2,000 metres and both are con- 


"nected by a conducting cable, there is a dif- 


. ference of potential in summer of about 


20 


25 


open air (temperature 


2,000,000 volts and in winter 
000 volts and. more, ~. 
Accordi 


even of 6,000,- 


to Stefan Boltzmann’s law of 
radiation, the quantity of energy which an 


incandescent surface (temperature T) of 1. 


sq. cm. radiates in a unit of time into the 
T.) is expressed by 

the following formula: = : 

and: the universal radiation constant 6. -is 


. . according to the latest researches of Ferry 
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(Annales de Chimie et de physique 17: page 


267 (1909) ) equal to 6:30 10" watt/sq, cm. 


Now if an incandescent surface of 1 sq. 
cm. shows, as compared with:the sutround- 
ing space a tentis 
radiates (independent of the current direc- 
tion, that is to say of the sign). in -accord- 


ance with the above formula, for example at 


a temperature of 8725° C. an energy of 1.6 
kw. per sq. em: per’ second. “As. for. the 
radiation the same value can’ be. calculated 


for the collection of energy, but reversed.. 
Now as carbon electrodes at the temperature 


of the electric: are support on the current 
basis a current density np to from 60 to 65 
amperes per sq. cm. no difficulties will result 
in this direction in émploying radiating col- 
lectors as accumulators. Ms 

Tf the earth be regarded as a cosmically 


insulated condenser in the sense of geometri- 


eal electro-statics @ there results from the 
geometric (compare Ewald Rasch, “das 
elektrische Bogenlicht”” (The electric arc 
light) page 169) capacity of the-earth ac- 
cording to Chwolson: i 


For negative charging 1.310% Coulomb - 


or negative potential V=1010 volts. 
From this there results however, EJT2224.7 
X10% watt/Sec. Now if- it is desired to 
make a theoretic short circuit through an 
earthed flame collector this would represent 
an electric total work of about 79,500 
10” kilowatt years. 
regarded as a rotating mechanism which is 
thermo - dynamically, electromagnetically, 
and also kinematically coupled with the sun 
and stars system by cosmic radiations and 


case as the 


iodic fall of potential 8V it 


with: 


As the earth must be” 


mE: 


gravitation a diminution of the electric. 


energy of the earth field is not to be feared, 
The energies which the incandescent col. 
lectors would withdraw from the earth field. 
ean only cause by the withdrawal of moter 


work a lowering of the earth temperature . 


(temaperature T,=800) and reduce this to 
that of the. world space (T=O) by using 
the entire energy. 
earth does not represent a cos- 
mically entirely insulated system. On the 
contrary there is conveyed. to-the same ac- 
cording to the recent value corrected ‘by: 
Ferry for the solar constants through the 
radiation from the sun an energy of 18,500 
X10" kw. Accordingly any lowering of 
the earth temperature ( Tz) without a simul- 
taneous. lowering of the sun’s temperature 
(Ts) would contradict: Stefan Boltzmann’s 
law of radiation. ae 


S=6(Tt—T,9. 


From this it must be concluded that if the 


earth. temperature (T;) sinks, the total 
radiation S absorbed by the earth increases, 
and further. also that the secular speed of 


cosmically coupled with the sun and is con- 
nected most closely with these. 7 

. The - incandescent radiation - collectors 
may, according to this ‘invention, be em- 
ployed for collecting atmospheric electricity 


earth electricity (that is to say when they 
are directly connetted by means of a metal- 
lic conductor with the earth) and (2) if 
large capacities .(metal surfaces) charged 
electricity are mounted ‘opposite them 
as positive poles in the air. This is regard- 
ed as the main feature of the ‘present in- 
vention as without ‘these inventive ideas it 
would not be possible to collect with an in- 
candescent pollector, sufficiently large quan- 


tities of the electrical charges: contained : 
-in the atmosphere as technology requires; 


the radius of action.of the flame collectors 
would also be. too small,. especially if it be 
considered that the very small surface den- 
sity (energy density) (6 about=2X7 . 10° 
St. E. per sq. em.) does not allow of large 
quantities of charge being absorbed from 
the atmosphere. i ge Os . 
w) Calculated according to Poisson's cal- 
culation ; 
AV=— 
potential or 
place in the 
calculation assumes the simple form 


potential gradients only takes 


1 Fy 
a See 
Tt has indeed already bean proposed to- 
employ flame collectors for co ecting at- 


mospheric electricity and it is known that 


This is however not the. 


3; as here the alteration of the 


cooling of the earth is directly dependent - 
on that of the sun and the other radiators - 


‘lf they: (1) are charged with the negative 
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direction of the normal, this - 
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their collecting effect is substantially great- 
er opposite the points. It is however, not 
known that the quantities of current which 
could hitherto be obiained are too small for 


technical purposes, According to my es-~ 


eriments the reason for this is to be found 
in the too small capacities of the collector 
conductor poles. If such flame or radiat- 
ing collectors have no or only small posi- 
tive surfaces, their radius of action for 


large technical purposes is too small. If 


the incandescent collectors be constantly 
kept in movement in the air they may co:- 
lect more according to the speed of- the 
movement, but this is again not capable of 
being carried out in practice. | 

By this: invention the collector effect is 
considerably increased by a body charged 
with a positive potential and oi the best 
possible capacity being also held floating 
(without direct carth connection} opposite 
such an incandescent collector which 1s held 
floating in the air at a desired height. If 
for example, a collecting balloon of sheet 
metal or of metalized balloon fabric be 
caused to. mount to 300 up to 3,000 metres 
in the air and as positive pole it is brought 
opposite such a radiating collector con- 
nected by a conductor to earth, quite differ- 
ent results are obtained. : 

The metallic balloon shell (with a large 
surface) is charged to a high potential by 
the atmospheric electricity. This potential 
is greater the higher the collecting a 

he 
positive electricity acts concentratedly on 


the anode floating in the air as it is attracted 
through the radiation shock ionization, pro-’ 


ceeding from the incandescent cathode. 


The consequence of this is that the radius 


of action of the incandescent cathode col- 


lector is considerably increased and thereby - 


_ also the collecting effect of the collecting 
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balloon. surface. Further the large ca- 
pacity of the anode floating in the air plays 
therefore an important part because it »l- 
lows of the taking of large charges, and 
thereby a more uniform current is obtained 
even ‘when there is 2 large consumption: 
this cannot be the case with small surfaces. 


In the present case the metallic collect-- 


ing balloon is a pos tive anode floating in 
the air and the end of the earth conductor 
of this balioon serves as positive pole sur- 
face opposite the surface of ‘the radiating 
incandescent cathode; which in twrn is 
charged with negative earth electricity be- 
ing conductingly connected to earth, 

The process maybe carried out by two 
such contacts (negative incandescent cath- 
ode and anode end of a capacity floating in 
the air) a condenser and an inductive re- 
sistance being switched on in parallel, 
whereby simultaneously undamped oscilla. 
tions may be formed, 
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In very large installations it is advisable 
to connect two such radiating collectors in 
series.. Thus an- are’ light incandescent 
cathode may be placed below on the open 
grouid and an incandescent cathode which 
is heated by special electro-magnetic currents 
be located high in the air: Of course for 
this the special vacuum Liebig tubes with or 
without grids may also be employed. An 
ordinary arc lamp with oxide electrodes may 
be introduced on the ground and the post- 
tive pole is not directly connected with the 
collecting balloon, but through the upper: 
incandescent. cathode or over a condenser. 
The metho of connecting the incandescent 
cathode floating in the air may be seen in 
Figs. 29-33,” Pie 

B is the air balloon, K a Cardan ring 
(connection with the hawser) C_ the bal- 
loon, L a good conducting cable, P a posi- 
tive pole, N negative incandescent cathode, 


and ¥ earth cénductor. 


Fig. 29 represents the simplest form of - | 


construction. If electric oscillations are 
produced below on the ground by means of 
a carbon arc lamp or in other suitable way 
a considerably greater electric resistance is 
opposed to that in the direct way by in- 
serting an electrical inductive resistance 9. 
Consequently between P and N, a voltage is 
format. and as, over N and P only an induc- 
tionless ohmic resistance is present, a spark 
‘will spring over.so long as the separate in- 
duction co-efficients and the like are cor- 
rectly calculated. The consequence of this 
is that the oxide electrode (carbon or the 
like) is rendered incandescent and then 
shows as incandescent cathode an increased. 
collecting effect. The positive poles must 
be substantially larger than the negative in 
order that they may not also become incan- 
descent. As they are further connected with 
the large balloon area which has a large 
capacity and is charged at high voltage, 
an incandescent body which is held floating 
in the air and a positive pole which can col- 
lect large capacities is thereby obtained in, 
the simplest way. The incandescent cathode 
is first caused to- become incandescent by 
means of separate energy produced on the 
earth, and then maintained by the energy 
collected from the atmosphere. | - 

’ Fig. 30 only shows the difference that in- 
stead of a round balloon a cigar shaped one 
(of metal or metalized fabric) may be em- 
pe and also a condenser 5 is inserted 

etween the incandescent cathode and the 
earth. conductor so that a. short circuited 
oscillation cireuit over P. N 5 and 9 is ob- 
tained. This has the advantage that quite 
small quantities of electricity cause the 
cathode to become incandescent and much 


larger cathode bodies may be rendered in- 


eandescent. 
In this form of construction hoth the in- 
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candescent cathode and also the positive 
electrode may be enclosed in -a’ vacuum 


‘ chamber as may be seen in Fig. 32. A cable 
' TL. is carried weil insulated through the 


--g with the 


cover of a vessel and ends in a condenser. 


disc 5. . The cover is arched in order to 
keep off the rain. The vessel is entirely of 


partially made of magnetic metal and. well’ 
Opposite the. 
this again a 
vacuum tube- 


insulated inside and ‘outside. 

disc 5 another. disc 6 and.on. 
metallic positive pole of the. 
incandescent, cathode (oxide 


_- electrode) N is arranged. The negative 


electrode is on the one hand connected with 


‘the earth conductor E, and on the other 
hand with the inductive. resistance 9 which’ 
‘is also connected with the cable L with the 


positive pole and wound round the vessel in 
coils. The action: is 
that in Fig. 29 only instead of 4m. open. in- 
candescent cathode one enclosed in vacuo is 


_ employed. As in suck collectors only small 
_ bodies can be brought to incandescence in 
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large installations a plurality of such 
vacuum tubes must be inserted ‘in 
to one another. According to the previous 
constructions Figs. 31 and 83 are quite self 
evident without further explanations. - 
Figs. 34-87 represent further diagrams 
of connections over radiating and flame col- 
lectors, and in fact, how they are to be ar- 
ranged on the ground. tie 
Fig. 34 shows an are light collector with 


oxide electrodes for direct;current and its: 
connection; Fig. 35 a similar one for alter-_ 


nating current, Fig. 36 an incandescent, col- 
lector with a Nernst lamp and Fig. 37 a 
similar one with a gas: flame. 

The positive pole 1 of the radiating col- 


lectors is always directly connected to the: 


aerial collecting conductor A.. In Fig. 34 


this is further connected over the condenser - 


battery 5 with a second positive electrode 
3. The direct current dynamo 3 produces 


current which flows over between the elec- 


trodes 3 and 2 as an arc light. On the for- 
mation of an arc the negative incandescent 


electrode 2 absorbs electricity from the posi-- 


tive poles standing opposite it and highly 


charged with atmospheric. electricity. and 


_ conveys the.-same to the working circuit. 


80 


65 


The spark gap 7, inductive resistance 9 and 
induction coil 10 are like the ones previous- 
ly described: The protective electromagnet 
S guards the installation against earth cir- 
cuiting, the safety spark gap 8 from ex- 
cess voltage or overcharging. =~ 

In Fig. 85 the connection is so far altered 
that the alternating current: dynamo feeds 
the exciting coil, 11 of the induction: con- 
denser. 12 is its negative and 13 its posi- 
tive pole; if the coil 3 on the magnet core 
of the dynamo is correctly caleulated and 
the periodicity of the alternating current is 


exactly the same as 


proximity . 


_ positive poles which are. connecte 
‘large metallic capacities as automatic col- 


collecting effect 


16 


between the two poles 1 and 2, As the 
cathode 2 is connected with the negatively. 


charged earth, and therefore always acts:as- | 


a negative pole, a form of rectification of. 
curtent produced by the 
dynamo 8. is obtained, the second half of - 


the alternating 


the period is always suppressed. The worlk- 
ing circuit may be carried out in the same 
way as m Fig. 34;-the working spark gap 
7 may however be dispensed with, and in- 
stead thereof between the points n and m a 


‘condenser 5 and an induction resistance 9 
“may be inserted from which the current is 


taken inductively. rm : 
-_ Fig. 36 represents a form of construction 


similar to Fig. 34 only that here instead of. 
an are lamp a_ Nernst: incandescent body’ 


is employed. The Nernst lamp is fed 


through the batiery 3. The working section | 


is connected’ with the negative pole, the 
‘safety spark gap with the + poles. The 
working spark gap 7 may also be dispensed 
with and the current for it taken at 12 
over the oscillation circuit 
dotted lines). - , 


5, 11 (shown in. 


=] 
~ 
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. Flame collectors (Fig. 87) may also be 


employed according to this invention, The 


wire network 1 is connected with the aerial 


collector conductor A and the. burner with 
the earth. At the upper end of the latter, 


long points are provided which project into - 


the flame. The positive electrode is connect- 
ed with the negative over 2 condenser 5 and 

the induction cvil 9 with the earth: . 
‘The novelty in this invention is firstly, 
the use of incandescent cathodes copes 
with 


lecting surfaces, (2) the connection. of the 
incandescent cathodes with the earth where- 
by, in addition to the electricit conveyed 
to them from the battery or machine which 
causes the incandescing, also the negative 
charge of the earth potential is conveyed, 
and (3) the connection of the positive and 
negative poles of. the radiating collectors 
over 2 condenser circuit alone or with the 
introduction of a suitable. inductive resist- 
ance, whereby simultaneously an oscillatory 
oscillation circuit may be obtained. The 
is by these methods quite 
considerably iuehenset: 


T declare that what I claim is a 


1. An electrical energy generating system, 
comprising a conducting surface: for static 
charges, means to support same at a distance 
above the earth, a conductor leading to the 
earth level; a spark gap associated with said 
conductor to convert electrostatic charges 
into electromagnetic high frequency oscilla- 
tions means to supply said e ectromagnetic 
encrgy to a net work, and a spark gap of 
greatly increased relative resistance in paral- 
lel therewith. 


106 


bm 


10 


sufficiently high an are light can be formed 2. An electrical energy geners<)+~ sysiera 1° 


0 


LG 


comprising -a_ conductor, means to support 
same above the earth Ievel, an inductance 
therein, a spark gap associated with said 
conductor, a second spark gap of much 
higher relative resistance in parallel there- 
with and an energy receiving circuit coupled 
with the spark gap of lesser resistance. 

3. An electrical energy generating system 
comprising a collecting suriace, means to 
support same abore the earth level, a con- 
ductor connecting said ‘collecting surface 
with the earth level, a choke in said con- 
ductor, an electromagnetic resistance con- 
verting electrostatic energy to electromag- 
netic energy, a safety higher resistance in 
parallel therewith and a net work coupled 


“with the conversion resistance of lesser 


value. 

4, An electrical energy generating system 
comprising electric conductors spaced above 
the earth to form electromagnetic oscillat- 


‘ing cireuits, conductors connecting to earth 


level, electrostatic to electromagnetic energy 
conversion means therein, a safety high elec- 
trostatia resistance in parallel therewith and 
means to alter the clectromagnetic charac- 
teristic of the circuits. , 

5, An electrical energy generating system 


comprising in combination a static collect- 


ing surface arranged above the earth, con- 
duetors connecting to earth level, a pair of 


_ Witnesses: 


1,540,008 


spark gaps in parallel of different clectro- 
static resistance, a utilization net work 
shunted across the spark gap of lesser re- 
sistance and an electromagnetic choke in said 
conductors. 

§. An electrical energy generating system 
comprising an open circuit energy collecting 
aerial, a pair of sparking gaps in parallel 


of widely different resistance, connected’ 


thereto and a closed electric oscillation cir- 
cuit in shunt across the gap of lesser re- 
sistance. 

7. An electrical energy generating system 
comprising an open circuit energy collecting 
aerial, a pair of sparking gaps in parailel 


of widely different resistance connected: 


thereto, a closed electric oscillation circuit 
in shunt across the gap of lesser resistance, 
a plurality. of electrostatic collecting sur- 


-faces, means to connect, said collecting sur- 


faces in parallel in groups and means to 
connect said groups symmetrically with said 
aerial. 

In witness whereof, I -have hereunto 
signed my name this 30 day of Dec., 1920, 
in the presence of two subscribing witnesses, 


HERMANN PLAUSON. 


H. F. Arasrrone, 
W. HH. Beeston. 
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The system and apparatus of one or more embodiments of the 
present invention extracts, conditions, and conveys electric 
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power from the earth ionosphere cavity through the integrated 
and collaborative operation of the system and apparatus con- 
sisting of a capacitively-coupled insulated elevated terminal 
(coupled capacitor upper plate), an evacuated spark gap, an 
integrated step-down transformer and resonant capacitor, and 
a ground terminal (coupled capacitor lower plate). The archi- 
tecture governing exemplary embodiments of the system and 
apparatus of the present invention emulates the natural archi- 
tecture governing the interaction of living trees with the elec- 
trical energy resident in the earth ionosphere cavity. The 
implementation of such exemplary embodiments of the 
present invention utilizes standard and customized compo- 
nents appropriate for their function within the system and 
apparatus. 


The extracted electric power from the earth ionosphere cavity 
manifests in the form of broadband electromagnetic waves in 
the 0 to 200 Hz frequency range. Electric energy from these 
waves produce magnetic fields inside the integrated step- 
down transformer which are added together by the primary 
coil of the integrated step-down transformer, and delivered as 
60 Hz 120/240 VAC to an electric load via the secondary coi] 
of the integrated step-down transformer resonating at 60 Hz 
due to the influence of the integrated resonant capacitor. 


The system and apparatus of exemplary embodiments of the 
present invention extracts, conditions, and conveys iono- 
sphere cavity-resident electric power in alternating current 
and direct current realms. 
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FIG. 2 


Distillation Set-up 


*> 


Place a ring clamp and your three pronged clamp on the ring stand. The 
ring clamp goes on the bottom and will hold the heat source, either a 
steam bath or a heating mantle. 


Secure the round bottom flask to the ring stand using the three pronged 
clamp. 


The next item to be added 1s the Y-adaptor, which is in your lab drawer. 
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METHOD AND APPARATUS FOR 
EXTRACTING AND CONVEYING 
ELECTRICAL ENERGY FROM THE 
EARTH’S IONOSPHERE CAVITY 


[9001] This application claims benefit of U.S. Provisional 
Application No. 61/889894, filed 11 Oct. 2013, titled, 
“Method and Apparatus for Extracting and Conveying Elec- 
trical Energy From the Earth’s Ionosphere Cavity,” the dis- 
closure of which is incorporated herein by reference in its 
entirety. 


BACKGROUND OF THE INVENTION 


(0002) A portion of the disclosure of this patent document 
contains material which is subject to copyright protection. 
The copyright owner has no objection to the facsimile repro- 
duction by any-one of the patent document or the patent 
disclosure, as it appears in the Patent and Trademark Office 
patent file or records, but otherwise reserves all copyright 
whatsoever. 

[9003] The invention is an apparatus and methodology for 
extracting electric power manifesting as a broadband collec- 
tion of electric field oscillations in the 0 to 200 Hz frequency 
range within the Earth’s ionosphere cavity, through the use of 
an elevated biased hemispherical or other curved surface 
capacitor coupling the ionosphere cavity and Earth, and then 
conveying this electrical energy at the proper frequency, 
amperage, and voltage to existing homes and buildings where 
it is delivered for consumption over existing home or building 
wiring. 


DESCRIPTION OF THE RELATED ART 


[0004] The current state of the art in this field is focused on 
the bending of radio frequency waves in the Earth's iono- 
sphere cavity for the purpose of distorting (through reflec- 
tion) the resident cavity’s magnetic field to physically direct 
the stimulating electrical energy to targeted locations within 
the Earth's ionosphere cavity and/or coordinates on the 
Earth's surface at specific energy levels appropriate to spe- 
cific applications. The regenerative feedback was done by 
Sutton’s active antenna. 

[9005] Nikola Tesla attempted to transmit wireless power 
in the “natural medium”’; however, Tesla bad no description of 
a device to receive natural oscillations as described in the 
present disclosure. 

(0006) There is no known prior art in the field of electric 
energy extraction from the ionosphere cavity and conveyance 
to other terminals within the cavity for delivery of usable 
electric power. 


SUMMARY OF THE INVENTION 


(0007) Inone exemplary embodiment of the present inven- 
tion, a properly-scaled electric power extraction/conveyance 
apparatus is installed at a typical consumer residential home 
to deliver 60 Hz 120/240 VAC electric power, sufficient to 
convey the equivalent of 5 kW of continuous electricity, to the 
home’s existing electric service entry component to power 
electrical appliances in the home over existing home electric 
wiring. 

[9008] In another exemplary embodiment of the present 
invention, a properly-scaled electric power extraction/con- 
veyance apparatus is installed at an appropriate location 
within an industrial park or neighborhood to deliver 60 Hz 
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120/240 V AC electric power, sufficient to convey the equiva- 
lent of 300 kW of continuous electricity, to the service entry 
components of industrial buildings or neighborhood homes to 
power electrical devices and appliances over existing build- 
ing or home electric wiring. 

[0009] Alternative exemplary embodiments of the present 
invention wil] extract direct current electric power from the 
Earth ionosphere cavity, generated by the earth’s rotating 
magnetosphere, and convey in the form of conditioned direct 
current to direct current load sources, or convert to alternating 
current and convey in the form of conditioned alternating 
current to alternating current load sources. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0010] A disclosure embodiments of the present invention, 
is set forth more particularly in the remainder of the specifi- 
cation, which makes reference to the accompanying figures, 
in which: 

[0011] FIG. 1 provides an example of an electric power 
extraction and conveyance apparatus for one residential-scale 
embodiment of the present invention. Certain additional 
example embodiments of the present invention utilize similar 
fundamental technologies, but differ in the scale (size) of the 
components and characteristics of the electricity conveyed 
for consumption; and 

[0012] FIG. 2 is a schematic illustration of ground termi- 
nals for use with embodiments of the present invention. 


DETAILED DESCRIPTION 


[0013] Applicant has discovered that trees extract and use 
electric power from the Earth ionosphere cavity. The present 
invention emulates the architecture of electric power extrac- 
ton and usage methodology inherent in the natural operation 
ofliving trees, but uses standard and customized components, 
common in the field, for its implementation. The natural 
electric power extraction and use of electric power by trees 
leverages the shape and physical composition of trees as 
instances of large electrical capacitors coupled to the iono- 
sphere cavity. The canopy of trees (upper limbs and leaf 
structures) emulates the upper plates of a coupled capacitor, 
the trunks of trees emulate a combined dielectric and resonant 
transformer/capacitor, and the root systems of trees emulate 
ground terminals (lower coupled capacitor plates). The 
extraction of electric power from the ionosphere cavity by 
trees is in the form of ultra-low frequency broadband waves 
(oscillations) in the frequency range of 0.1 to 14 Hertz (ULF). 
Inherent tree physical composition and control structure (i.e., 
DNA/RNA) govern the use of the extracted electric power to 
accomplish tree growth, seasonal metabolic adjustments, and 
reproductive processes. Any excess extracted electric power 
by trees is returned to the ionosphere cavity. The present 
invention is an exemplary instance of this same natural archi- 
tecture using standard and customized components that 
facilitate extraction and conveyance of ionosphere cavity- 
resident broadband electric power at useful scales sufficient 
to provide continuous electrical power for electrical devices 
used by people. 

[0014] One preferred exemplary embodiment of the 
present invention is in the form shown in Drawing 1 above 
and will deliver continuous 60 Hz 120/240 V AC electric 
power to consumer residences (and other structures with 
similar electricity conditioning and consumption require- 
ments) equivalent to electric power capacity of 5 kilowatts. 
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(0015) A secondary exemplary embodiment of the present 
invention is also in the form shown in FIG. 1, appropriately 
scaled for larger electrical power demands and related con- 
veyance capacity, and will deliver continuous 60 Hz 120/240 
V AC electric power to larger buildings or electrical distribu- 
tion facilities for commercial office parks with electric power 
capacity of 300 kilowatts. 


[9016] A third exemplary embodiment of the present inven- 
tion is also in the form shown in FIG. 1, appropriately scaled 
for larger electrical power capacity, and will deliver continu- 
ous 60 Hz 120/240 VAC electric power to utility substations 
with electric power capacity of 30,000 kilowatts (or higher). 


[9017] The following system, power sources, and compo- 
nent descriptions provide additional details of the present 
invention in various embodiments. 


[9018] Earth's ionosphere cavity (10) is a reservoir of con- 
tinuously-generated electrical energy (E-Field) in both direct 
current (DC) and alternating current (AC) realms. The DC 
electric energy is created by the constant rotation of the 
Earth's magnetosphere exposed to the solar wind. Earth's 
perpetually moving magnetic fields create the DC electric 
power in the ionosphere cavity E-Field per the equations in 
James Clerk Maxwell’s fundamental theory of electromag- 
netism. AC electrical energy in the ionosphere cavity is gen- 
erated from the persistent E-Field disturbances (i. e., oscilla- 
tions) caused by lightning discharges. The present invention 
includes the direct extraction of AC electric power from the 
ionosphere cavity, and the direct extraction of DC electric 
power from the ionosphere cavity which is converted to AC 
electric power before conveyance. Optional operational con- 
figurations of the present invention will also enable convey- 
ance of extracted DC electric power for potential scenarios 
where the conveyance of conditioned DC electricity is 
required. 


[9019] Electric-field oscillations (22) are induced by light- 
ning and encapsulated in the earth-ionosphere cavity, creating 
a continuous source of renewable electrical energy. The fre- 
quency of lightning occurrences in the ionosphere cavity 
averages thirty (30) strikes per second, with each strike rep- 
resenting approximately one (1) terawatt (TW) of instanta- 
neous energy. Assuming an average energy dissipation rate 
for each lightning strike of fifteen (15) microseconds (sec), 
i. e., the time involved for one (1) terawatt of instantaneous 
energy to dissipate to zero (0) energy, these lightning-induced 
electric field oscillations are sufficient to provide 4,500 times 
the entire electric energy consumption on planet Earth at the 
projected consumption rate for the year 2100 (55.3 TWh 
annually). Lightning-induced E-Field oscillations vary 
between 0.1 and 14 Hertz with wavelengths exceeding the 
practicality of an electromagnetic antenna for collecting the 
energy. The present invention utilizes capacitive coupling to 
overcome this obstacle. 


(0020) An insulated upper capacitor plate (terminal) (12) 
elevated above the influence of the ground floor collects 
E-Field oscillations from the ionosphere cavity. This insu- 
lated elevated terminal, capacitively-coupled to the E-Field 
bounded by the earth-ionosphere cavity, is arranged in a sur- 
face of large radii of curvature, supporting maximum surface 
connection to the E-Field without leaking the high voltage 
charge applied to the elevated terminal. The capacitance and 
resistance of the elevated terminal are responsive to the recep- 
tion of broadband electric-field frequencies in the 0 to 200 
hertz range. The elevated terminal is subject to high voltage 
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alternating current biasing used to collect electric-field oscil- 
lations generated by lightning impulses in the earth-iono- 
sphere cavity. 

[0021] An evacuated spark gap (24) connected to the 
elevated terminal (12) prevents electrical discharge occurring 
between the elevated terminal and the ionosphere cavity. As 
the high voltage alternating current approaches peak voltage 
the spark gap energizes and a large voltage is applied to the 
step-down transformer primary coil (16). The high voltage 
pumps high current from the ground terminal (14, 26) con- 
verting the electric-field to a magnetic field within the trans- 
former (16). The step-down transformer is connected to a 60 
hertz resonant capacitor (18), the secondary side of the trans- 
former resonating at 60 hertz will supply a 60 hertz 120/240 
VAC power to the load. Filter circuits will condition the 
power. The evacuated spark gap function may be accom- 
plished by solid state circuitry in the implementation of the 
present invention. 

[0022] The resonant transformer (16) is integrated with a 
parallel resonant capacitor across the transformer where the 
integrated combination resonates at 60 hertz supplying power 
to the electricity consuming structure (home or business). 
Various step-down transformers (28) are utilized to condition 
the conveyed electricity to accommodate the requirements of 
the receiving station for various embodiments of the present 
invention. 


[0023] Ground (26) is the source of electric current for the 
present invention. A ground terminal, connected to the soil, is 
arranged in a surface of large radii of curvature to permit 
instantaneous sourcing of high currents from earth ground 
without temperature and voltage rise inhibiting the ground 
terminal collection of current. The capacitance and resistance 
of the ground terminal to earth is minimized to promote on 
demand current sourcing. Drawing 2 illustrates an exemplary 
apparatus of the present invention that optimizes ground con- 
nection quality by maximizing the penetration extent and 
resulting surface area of the ground terminal’s extension into 
the soil. 


[0024] Step-down transformers (28) are scaled to transform 
the electrical current and voltage into structured and condi- 
tioned electricity that is compatible with the electric power 
needs of the load sources for various embodiments of the 
present invention. 


[0025] A mechanical nut (40) solidly attached to shaft 44 to 
facilitate extension, when tumed, of large gauge copper wire 
extrusions (46). 


[0026] A downward pointed anchor flat shaft (42) attached 
to the bezel 50 via a T-slot in bezel. 


[0027] A copper (or other highly-conductive metal) spool 
base (44) sourcing “X” independently attached large gauge 
pointed copper wires (46) of length “Y"’, where “X” is equal 
to the number of escape portals in bezel (50), and “Y” is the 
length determined to yield optimum surface area of wires of 
type 46 for high quality connectivity to soil. The spool can 
freely rotate inside the bezel (48) and emulates the primary 
root structure ofa living tree. 

[0028] Sharpened large gauge (reinforced) copper wires 
(46), quantity “X”, of length “Y” emulating the root structure 
of living trees. 

[0029] Threaded bezel (spool-housing sleeve) (48) with 
drilled escape portal holes with end of copper wires (46) 
protruding through holes 1/2 inch. 
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(0030) Bezel anchor slots ($0) oftwice the height of anchor 
flat shafts (42) and T-slotted to accommodate anchor flat 
shafts. 

(0031) Extended pointed end (52) of inner spool base shaft. 
(0032) Escape portals (54) in bezel to allow for large gauge 
copper wire (46) extension into soil. 

[9033] Connector port (56) for connection to ground termi- 
nal (14) in Drawing 1. 

(0034) Bezel threads (58). 

[0035] Various embodiments of the present invention will 
include one or more of the following characteristics in various 
combinations. These descriptions are provided for purposes 
of example. Not all of the following characteristics will be 
required for any given exemplary embodiment. 

[0036] Characteristic 1, The form (shape), physical com- 
position, size, insulation, location altitude, discharge capaci- 
tive threshold and discharge rate, and the strength of AC or 
DC biasing applied to the (CUP) upper coupled capacitor 
plate (12: elevated terminal) all form an integrated whole, the 
purpose of which is to extract and temporarily store DC or AC 
electric power from the Earth’s ionosphere cavity (10) at high 
voltage, and to trigger the energizing of the evacuated spark 
gap (24). 

[0037] Characteristic 2, The elevated terminal (12) is 
capacitively coupled to the E-Field (10) bounded by the earth 
ionosphere cavity, and arranged in a surface of large radii of 
curvature, supporting maximum surface connection to the 
E-Field without leaking the high voltage charge applied to the 
elevated terminal (12). 

[0038] Characteristic 3, The capacitance and resistance of 
the elevated terminal (12) are responsive to the reception of 
broadband electric-field frequencies in the 0 to 200 hertz 
range. 

[0039] Characteristic 4, The elevated terminal (12) is sub- 
ject to high voltage alternating current biasing used to collect 
E-Field oscillations generated by lightning impulses in the 
earth-ionosphere cavity. 

(0040) Characteristic 5, An alternative instantiation of 
elevated terminal (12) is subject to high voltage direct current 
biasing used to collect E-Field direct current generated by the 
Earth's rotating magnetosphere. 

[9041] Characteristic 6, The evacuated spark gap (24) may 
be in the form of a cohesive physical spark ignition or an 
operational emulation of this function through solid state 
circuitry. 

[0042] Characteristic 7, The evacuated spark gap (24) con- 
nected to the elevated terminal (12) prevents electrical dis- 
charge occurring between the elevated terminal and the iono- 
sphere cavity, 

(0043) Characteristic 8, The high voltage alternating cur- 
rent from the E-Field, induced into the elevated terminal (12), 
approaches peak voltage and causes the evacuated spark gap 
(24) to energize and a large voltage is applied to the step- 
down transformer primary coil (16). 

[9044] Characteristic 9, The high voltage alternating cur- 
rent impulse from the elevated terminal (12), which causes 
the evacuated spark gap (24) to energize, manifests as alter- 
nating current on broadband frequencies between 0.1 and 200 
Hz. 

[0045] Characteristic 10, In an alternative instantiation of 
the elevated terminal (12) the stored high voltage direct cur- 
rent, which causes the evacuated spark gap (24) to energize, 
manifests as direct current on broadband frequencies between 
0 and 200 Hz. 
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[0046] Characteristic 11, The high voltage applied to the 
step-down transformer primary coil (16) pumps high current 
trom the ground terminal (14), converting the electric-field to 
a magnetic field within the transformer (16). 

[0047] Characteristic 12, The high current pumped from 
the ground terminal (14), caused by high voltage applied to 
the step-down transformer primary coil (16), will attempt to 
normalize the field and extinguish the evacuated spark gap 
(24). 

[0048] Characteristic 13, The transformer’s (16) magnetic 
field expands in response to the high current electric-field 
inrush from the ground terminal (14). 

[0049] Characteristic 14, The primary winding inside the 
step-down transformer (16) will add the energy from each 
broadband frequency together into a single magnetic field, 
where it will become a 60 Hz frequency at the secondary 
winding of the transformer (16). 

[0050] Characteristic 15, The step-down transformer (16) 
is connected to a 60 Hertz resonant capacitor (18). 

[0051] Characteristic 16, The secondary (coil) side of the 
step-down transformer (16), resonating at 60 hertz, will sup- 
ply a 60 hertz 120/240 VAC power to the electric load. 
[0052] Characteristic 17, Filter circuits within the step- 
down transformer will condition the power according to the 
electric power needs of the electric load. 

[0053] Characteristic 18, Electric-field lines exist (within 
the Earth’s ionosphere cavity) that are horizontal to the sur- 
face of the Earth and extend to heights above 30,000 feet, with 
voltage gradients typically 100 Volts per vertical meter. 
[0054] Characteristic 19, Lightning impulses create global 
broadband oscillations in the Earth ionosphere cavity elec- 
tric-field between 0.1 and 14 Hertz. 

[0055] Characteristic 20, Rotation of the Earth’s magneto- 
sphere creates global electric field oscillations in the Earth 
ionosphere cavity that manifest as electromagnetic waves in 
the 0 to 200 Hertz frequency range. 

[0056] Characteristic 21, Global broadband oscillations in 
the Earth ionosphere cavity electric-field can be used for 
wireless energy transmission without harm to people, plants, 
or trees. 

[0057] Characteristic 22, A maximum quality ground con- 
nection is achieved by expanding the surface area of the 
ground connection (48 and 44) through extension of high- 
conductor large gauge copper wires (46) horizontally through 
bezel (48) escape portals (54) along depth of source spool 
(44) and bezel (48). 

[0058] Characteristic 23, The technique described in Char- 
acteristic 22 effectively expands the diameter of the ground 
source spool (44) with regard to quality of ground connection. 
[0059] Characteristic 24, Bezel threads (58) expand surface 
area of bezel (48) touching earth, enhancing ground connec- 
tion quality. 

[0060] Characteristic 25, Bezel threads (58) enhance 
ground connection quality of bezel (48), source spool (44), 
and high conductor large gauge copper wires (46) through 
rotational insertion and resulting friction hold v. other (direct 
drive) insertion methods which can result in corruption of 
ground hole integrity caused by imprecise angle and/or vibra- 
tion during insertion. 

[0061] While one or more embodiments of the present 
invention have been described above, it should be understood 
that any and all equivalent realizations of the present inven- 
tion are included within the scope and spirit thereof. Thus, the 
embodiments presented herein are by way of example only 
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and are not intended as limitations of the present invention. 
Therefore, it is contemplated that any and all such embodi- 
ments are included in the present invention. 

What is claimed is: 

1. A power receiver for extracting electrical energy from 

the earth’s electric field, said power receiver comprising: 

a resonant transformer connected between a ground termi- 
nal disposed below the surface of the earth and an 
elevated terminal; 

impulse generator for generating and applying a high volt- 
age electrical impulse to a primary winding of the reso- 
nant transformer to induce current flow from the ground 
terminal through the primary winding of the trans- 
former; and 

a power conversion circuit connected to a secondary wind- 
ing of the resonant transformer to convert electrical cur- 
rent flowing through the secondary winding to a desired 
form. 
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2. The power receiver of claim 1 wherein a resonant fre- 
quency of the resonant transformer is below 200 Hz. 

3. The power receiver of claim 1 wherein the elevated 
terminal comprises an upper capacitive plate coupled to the 
earth’s ionosphere cavity. 

4. The power receiver of claim 3 wherein the impulse 
generator comprises: 

the upper capacitive plate; 

a pair of electrodes separated by a spark gap, said elec- 
trodes connected between the upper capacitive plate and 
the primary winding of the resonant transformer and 
configured to generate a spark when a voltage difference 
between the electrodes reaches a predetermined level. 

5. The power receiver of claim 1 further comprising a lower 
capacitive plate coupled to the ground terminal. 

6. The power receiver of claim 1 wherein the resonant 
transformer comprises a capacitor connected in parallel with 
a primary winding of the resonant transformer. 
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Information Big Brother & the Oil Companies do not want you to know! 











Aluminum 


. Scale up the enclosed methods and you could have Pa 


Unlimited Amperage! 


By Unlimited we mean you can keep adding more earth cells to your earth power station 
as you can afford it year by year adding more and more amp power. 


There are many ways to pick up on the 
free energy in the earth, Just a few are 
described in these plans. These 
devices if made right will pick up earth 
energy that many call ether or static 
currents as well as acting as high 
efficient earth battery’s. Ether travels 
through plastic wood etc... Study and 
research these plans closely there is 
Copper more to these plans than what you may 
think. You can learn to get enough 
power to run your home! 
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Learning The basic’s of our invention 


Experiment #1 How to assemble a 12 vdc system Wine Rediorbelk 


1. You will have 12- 4" 3/4" copper piping, or If you did not =Negative o™ 
purchase the kit then cut your copper to this size. KIT: take 











each piece of copper and tape the tops with 1" masking 

tape. 

2. Now using RED LACQUER spray paint (Which you can 

buy at any hardware store), Paint the outside of the 1” or 3/4” 
copper all around. (DO NOT PAINT THE INSIDE.) Copper 
let air dry for 24 hrs. Now remove 1" masking tape. Pipe 


3. Take the copper pipe outside to the area that you are 
going to use. use a hammer and hammer each one Into 
the ground up to the 1" copper exposed top. do not let the : 
exposed copper touch the earth in the final placement. Dirt ‘ ° 
should be moist. Not real dry. +, 


4. Now remove each pipe and place a thick piece of 

plastic on bottom of copper pipe to cap it. LET IT BE LOSE, 
DO NOT TAPE IT. YOU WANT RAIN WATER TO BE ABLE TO ° 
ESCAPE FROM EACH PIPE, Do not let exposed outside ‘ a 
copper touch the earth. / Plastic 
5. Now hammer each pipe back Into the same holes. ae ee ‘ 
place each 2" piece of zinc rod ( or a long bolt, most bolts are zinc 
plated ) into the center of each pipe. The zinc Is the NEGATIVE 
and the copper is the + POSITIVE. 


6. Now connect them in series to get 12 volts, use clip wire _ Copper = re 


‘Earth dirt 








or solder them. If you are going to leave It outside for a Positive 1.5 vde 
long time then make sure connections are soldered and each cell you make 
then painted to protect them from the weather. The rain This represents one 
will replenish your earth batteries. Top get more amaperage cell. Aqty of 12 to 14 


will give you 12 - 14 volts de 


with this type simply add more copper and zinc rod cells USE 3' a en ee 


PIECES OF COPPER PIPE INSTEAD OF 4" PIPE. THEN 

CONNECT EVERY ROW OF 12 PIPES IN PARALLEL.. 

ADD AS MANY ROWS AS YOU NEED UNTIL YOU GET THE Cut 12-4°L x 3/4" 
DESIRED AMPERAGE YOU WANT. ( THINK BIG! ) This can be Oita kere 

a very powerful free energy system for your home or other. Not only 

will you get an earth battery effect, but you will also be collecting earth 

currents from ether /static and under ground radio waves as well. 


7. The deeper you go with the copper pipe, the more 
amperage and voltage you can get. 
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Learning The basic’s of our invention 


Experiment #2 How to assemble a 12 vdc system 


This is just an example to go by and is not the best way but is low in efficiency! See our capacitor earth cells, coil type or flat 
sheet type. They produce far more amperage and voltages than this type. 
Copper 


+- Zinc 





Zinc 
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NOTICE: Do not paint the 10 foot copper cell. Keep all copper exposed 
to the earth. The more exposed copper the better. For higher amperage 
output, use a zinc or aluminum rod 10/16” Diameter which will leave a 
space of more than 1/16” to the copper. 


Advantages of earth powered batteries 


1. Free Energy 
2. Long Life 


3. The collection of aether energy. 

4. Cells are also replenished by 
outside weather. Rain as well 
as lightning charges. 
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Learning The basic’s of our invention 


You can purchase Zinc rods or zinc plated bolts at any hardware store, most all nuts and bolts they sell are zinc coated and will work just fine. They also carry 
aluminum sheeting. Most hardware stores can order you copper sheeting as well. 


Experiment #3 How to assemble a 12 vdc system 


This is a simple way to produce more amperage but is not practical, we are only showing you 
this to educate you. The closer the zinc rod is to the copper the more amperage you will get as 
well as going deeper into the earth. If you do decide to build this basic set up. It is suggested 
that you solder all leads very well and dig deep enough into the earth to hide the tops of each 
cell. By covering the tops with dirt the cells can short out so what you want to do is to paint the 
exposed tops with lacquer or enamel paint then cover with plastic, cover with dirt and allow 
both the negative and the positive leads to stick out of the ground. But like | said this is not 
practical, what your goal should be is to make a very strong uf earth capacitor / battery, This 
will allow you to pick up and collect earth radiant waves of energy as well as lighting energy 
during storms, the energy you can collect in a strong lighting storm will amaze you! You must 
use an antenna on the zinc rod or copper rod. WARNING! Be careful when collecting 
lighting it can kill you, be sure the positive and negative wires are not coming into your 
home. During a storm it is advised to have the lead wires going into a large uf cap bank 
via a one way diode on the positive lead to the positive of the cap or battery. The earth 
battery’s can be dangerous at times and must be completely buried in the earth soa 
child, adult or animal can not touch or get to. Our earth capacitor batteries can store and 
hold thousands of volts. So be careful. Use rubber gloves and clothing to protect 
yourself. We are not responsible for anything in these plans you build at your own risk. 








+ 1/16” : 
space Zinc rod can be replaced by 
Top view of a 12 volt de array —_| 2rerodsan be replaces 
h ; h sheeting or Zinc sheeting, Use 
IQ a mM p system 100% cotton cloth wrapped 
around the rolled sheeting or rod 
Connect the series arrays in parallel to each other as shown. to give a small space in between 
E inva fect Zi d Or for a high voltage system connect all in series! Pulse the dc the aluminum sheet and copper. 
Baliye abe peliee! Sanit into a 10x step up transformer, 15,000 v Neon transf. 











copper pipe cell 
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Learning The basic’s of our invention 


Experiment #4 The 6 foot spacing method ( old way ) 





There are many US Patents that were Issued back in the 1800's, one of them was 
issued to a Mr. Deckman. Deckman found that if you take several small pieces of 
Zinc and Carbon rod and stick them into the ground next to each other and connect 
them in series ( much like a battery ) you get very liittle gain at all. 


TH 


But if you put them 6 feet apart you will get a gain In voltage and they will not cancel 
one another out. so by doing this you can put them In series to increase your voltage 


and your volt amps. The theory is that there Is some sort of natural energy VORTEX 
that takes up about that much space for each unit or cell. 
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TOP VIEW 





Zinc or Al rod 


Earth Ground 


. 
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By using this method it will take a lot of ground space, ground space that many 
people just do not have with the exception of farmers. If you do have the space then 
think BIG! dig deep and have as many cells as you can get up to 2 to4 acres. There 
are much better ways - vs - the old method as you will see. but by using Deckmans 
old way or our new methods, you can get as much free energy as you want with volt- 
ages or amperages as high as you want or desire. The higher the desired amperage 


the more costly it can get. We are always working to better our inventions to keep 
the cost down. 
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Learning The basic’s of our invention 


By using our new system you can get as much voltage or amperage as you want. Just 
size It to meet your needs or your budget. 


How to get AC current for house hold use. 


You can convert the incoming dc current to ac by using a home made inverter 

(which we sell the plans to, 5 kw inverter plans $40 order #579 ) or you can purchase 
a12v to 115 vac inverter from a store or solar panel supply house.. If you are planing to 
make a 115 VAC system this Is the only way you can do it. You can not get AC current 
from the ground. You must use our system to charge a deep cycle 12 v marine battery, 
and then connect our 5,000 watt 120 vdc to ac inverter to the battery to run your 

home. ( we do not sell kits or inverters assembled, we only sell the plans at this time. ) 


More on the basic pipe method 


Please note: the dirt level inside each pipe should be up to 1/4" from the top. each 
pipe should be tightly fliied with dirt. Which will automatically happen when you hammer 
the pipe into the ground the first time. 


Each copper pipe (or cell) should be spaced 1 Inch to 1 1/2 inch apart. Doing this 
will give you more amperage and voltage. 


How to dig a simple deep hole for 8' pipe: There are many ways in which you can do this. 
you can rent a ground drill bit and rig it up with a electric 2 hp motor or you can use 1" 


copper pipe. 


First: prepare the ground with water to make it moist but not muddy, 2nd: hammer a 
1" x 5' copper pipe into the moist ground about 5 inches deep/ then remove it from 
the ground and take a stick or a water hose to remove the dirt from inside the pipe. 
Then just repeat the process over and over until you get the desired depth that you 
want. you can get about 10 feet or more using this method. 


WARNINGI BE CAREFUL OF ELECTIC POWER LINES WHEN YOU PLACE OR 
PULL THE COPPER PIPE FROM THE GROUND, IT WILL KILL YOU IF YOU TOUCH 
A POWER LINE WITH THE END OF THE COPPER PIPE. 


We are dealing with a new type of energy as well as conventional energy < Ether 
energy can go through rubber/ plastic. Iron, etc.... 
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Distillation Set-up 


The Y-adaptor sits on top of the roundbottom flask. Simply place it on 
top. 


The next item to be added, the condensor, will secure the Y-adaptor to 
the system. You will also need a yellow clip and a versatile clamp. All 
of these items are in your lab drawer. 
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What is ether or Radiant energy? 


The understanding comes from a very deep study of etheric or static 
forces, this energy that we are getting out of the ground is what some 
call LIGHT ETHER, when you separate the light ether from the warm 
ether you can get these superconductive events. It appears like 
electricity but it has no heat events related to It. 


The point is that the best polarity's of things to get a differential in the 
light ether is to have a silvered coloured metal and then something that 
is totally absorbitive/ Like black Carbon. 


So now you have something that's the perfect reflector and something 
that is the perfect absorber, and once you understand what your pulling 
out of the ground ( and that it Is not classic electricity as we 
get out of a normal type of chemical battery), then your going to be 
farther down the road to understanding how to get much more power 
out of this stuff..... 


There are researchers now that are getting 1 /2 volt to 2 volts dc ona 
"Quote" volt meter, but it will shock you through an inch of rubber shoes 
this is not normal electricity! 


Q: Is this energy coming from the sun and being absorbed In the earth 
or from the center of the earth? 


A: Yes, but the primary source of light ether is the sun light, yes the 
earth does have an economy of light ether which does follow the sun 
around. BUT IT IS ALSO IN THE GROUND! AND ITS IN THE AIR! 


Q: Did NokolaTesla know about this in the 1900's? 
A: Yes, if you read into his writings he was always saying things like, 
there is more energy moving than just the electricity in this stuff. 


Example: If you take a large Tesla coil and fire it up, and you drive it 
with a van de graph generator and you put the output of that into a Tesla 
coil. you can throw sparks across the room! What these electrostatic 
machines are gathering is light ether. 
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A Very Strange and New Discovery! 


While working outside on another experiment | discovered a very strange generator effect, 
much to my surprise, | found that by using 2 aluminum 8” disks connected to my DC volt 
meter and by placing both disks in a vertical position while touching the bare earth dirt, and 
moving one of the disks and allowing the other to be stationary | get a dc voltage positive 
output! This effect works with any size or shape of aluminum, we used 8” diameter disk x 
1/8” thick, we found that size to work best. Also by stacking them like a capacitor you will find 
that the current output is far greater, For Example: see figure 1, Disk A would have 4 more 
disks connected in parallel of the same size separated by paper die electrics. The same 
goes for Disk B. 


First find a spot any where on the ground where there is no grass ( best when wet ). 
Please note, it's not just creating an acid battery effect, you are also getting a good contact 
with the ground as a conductor to pick up ether energy. 


Now place the disks side by side, attach your DC voltmeter probes onto the disks, 
one negative and one positive. DC meter should be on the lowest setting, now place 
both disks on the ground very softly and move disk B and do not move disk A (positive.) 
You will notice you are getting a small amount of voltage and amperage. Now Move disk 
A and do not move disk B. THE POLARITY CHANGES. 


The rule here is; The disk that moves is always positive. since we can get a polarity change 
just by moving the disks at opposite times. You can make a very simple mechanical device 
to get AC current from on top of the earth. Again, this is not just a chemical reaction we have 
done many test to prove this. You can also get a small voltage reading in dry dirt. The reason 
for the smaller voltage in using dry dirt is because a low conductance resistance is taking 
place here, keeping the system from being in contact with the earth and collecting the earth 


ether energy. 








* ° * ery 
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Capacitor Sheet Method 


This method is far better than using pipes or rods. By using copper and zinc or 
aluminum foil sheets you will get much more amperage out of your system! 


The amperage you will be collecting will be coming from 3 different sources, 
1. The acid in the ground and water 

2. Energy that is being transmitted from the earth itself 

3. Energy that is being transmitted from the sky and space. 


This may all seem unbelievable but it's true and is a fact! The more plates that 

you add the more power you will get! The copper sheet(s) is the positive, it must be 

facing down toward the earth. The aluminum or zinc sheet(s) is the negative and must 

be facing toward the sky! Between each sheet place 1- cotton or course screen printing 

mesh or other plastic course mesh cloth material. you can use a hole puncher to punch exact holes 

in each sheet, use 2 holes per sheet copper and aluminum. Use a 8 1/2" x 11" paper puncher one 

that is adjustable. next use a 3/4 wood base and drill hole for wood dowel rods to fit to the holes 

you punched in the sheets, you will have a total of 4 wood dowel rods, 2 on the right for the copper 

sheets and 2 on the left for the aluminum sheets to fit over, cloth die electric can be done the same. 

You then need to assemble dry and use another 3/4" wood board for top holding plate, which will 

fit over the wood dowel rods on top, sandwhich and press the assembly together and tape in place 

with duct tape, drill 2 long bolt holding holes on bottom wood base and top wood base then attach 

long bolts and nuts and tighten down. Remove tape. and attach wires, water the entire capacitor 
assembly and bury in the ground. 
























































Copper sheet Aluminum sheet eeneeeneeeeey 
O 
Ir Cloth sheet 
O 
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Capacitor Sheet Metho 


10’ Antenna 


Aluminum Washer(s) 


Copper Washer(s) 
spacers 
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Wood Dowel Rods 
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Capacitor Sheet Method 
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Again, the more plate sheets of metal you add (or cells ) the more power you will get! 
Remember it’s all about capacitance. You are collecting more than just simple battery type 
power. The copper plate sheet is the Positive + and the Aluminum sheet is the negative. 
There are many ways in which one can build this type of earth energy collector, below is 
simply an example of another shape and form. In this type we use water holes. water holes 


must all be in exact spots. 


Connection Tab 






Connection Tab 


Water Holes 


OO0O0000 0 


10” 


- Aluminum 


10” 


OoO00000 0 























12” 12” 
Figure #1 Top View of separate pieces 
Figure #1 Side View 
= 4/4" dirt 
Negative Aluminum sheeting 100% Cotton 
Positive 

































































Aluminum sheeting 
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Cotton Cloth 





Copper Sphere 
12" Diamter, hollow body 


10 to 22 feet high 


HV Diode 
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OUR MORE ADVANCED EARTH CAPACITOR! 


Copper Wire 
Layers 


( EECC) Earth Energy Coil Capacitor! 





To collect more ether earth energy atoms, build the following Earth Energy Coil 
Capacitor, Designed & Created by Creative Science & Research. This is far better than anything 
we have found yet! Much more power and is easier to build. 








a he vine 
Start with our EECC Model #1, Take a 5/16” zinc rod or aluminum rod, cut to 7.5” long. . 
Now use #27 bare copper wire, secure it in a drill press ( which you will then turn by hand). 
Cover zinc rod with paper one layer, use very tiny bits of tape to secure. Now apply the 
copper wire over the paper, remember to use copper that is not coated! Tape one end of the 
copper wire to the end of the zinc or aluminum rod and begin to slowly wind. Each wind must 
be perfectly fitted side by side, paper should be 5.5” long, total length of winds should be 4” 
long centered on paper. Once you are done with the first layer, apply another piece of paper 
to the top layer of the first copper layer, do not use to much tape to secure paper in place! 

Now begin your 2nd layer, repeat this same process until you have about 10 layers, ( the 
more layers the better!) Copper must not touch the zinc or aluminum. When done hot glue or 
epoxy a small end piece of the copper wire so it will not come unwound. This is one 
complete cell, keep in mind this is a small test version, to get more power you have to 
THINK BIG! Build larger cells, using larger size copper. Then place them in salt water to test, 
2 cells can be connected in series, after that you must connect them by use of capacitors, 
diodes and electronic or hand wound spring switches. If you build 20 of these and try to 
connect them all in series without a cap/ diode switching method, the cells will cancel each 
other out. Keep in mind you want water to get to each layer as well as the zinc or aluminum. 
You can also use Aluminum or zinc pipe. 





Now concerning the paper Die Electric, Paper will not last very long, test and find a water 
absorbing plastic die electric,( mesh type). We suggest that you use Plastic screen mesh 
that you can buy at any hardware store, if all you are interested in is collecting small voltages 
then use one layer in between each layer of copper, if you are interested in collecting higher 
voltages such as lightning charges then you must use more layers of plastic screen mesh to 
thicken the die electric so the higher voltages will not short out your system. Paper may not 
last longer than 1 year, Plastic screen mesh or polyester screen printing mesh will last for 
many years. 





EECC Model #2 Same as #1, but different. In this design we use #27 copper COATED wire, 
instead of bare wire. since the copper wire is coated and not bare, each layer must be 
sanded, that is, the top portion of the copper coated layer must be sanded off so it will be 
exposed to the water and acid, a die electric should still be used in this case. This type 
makes for a very high efficient earth cap! 





EECC Model #3 Same as #1 but reversed! You will use aluminum wire and a copper rod or 
pipe. Use a 3/4” copper pipe and wind the die electric paper or plastic mesh and Aluminum 
bare wire around the copper pipe as explained in Model #1 
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OUR MORE ADVANCED EARTH CAPACITOR! 


( EECC) Earth Energy Coil Capacitor! 





Aluminum 3/4” Diameter Pipe 









( EECC) Model #1 See page 12 


‘2 size of our larger version 





Copper Wire 
Layers #20 Gauge 


Brown Paper 
layers = Die Electric 


21” 


Winding the wire can be done quickly if you 
use a drill press that is redesigned and 
fitted with a low rpm 90 vdc conveyer belt 
motor with control box. www.Graingers.com 


The perfect rpm is about 70 rpms, If you 
wish to make it a bit easier you can use 
larger wire such as # 17 gauge. The photo 
is an example of a mid size cell and can be 
very powerful! This is % size of a large cell. 
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OUR MORE ADVANCED EARTH CAPACITOR! 


( EECC) Earth Energy Coil Capacitor! 








Our small test model #1, we used #22 bare copper 
wire wrapped around a zinc rod, each layer had a Small Drill press turned into a Coil Winder 
paper die electric, tested in tap water. 5 layers. 
Output = 89 vdc x 3.5 ma, this is low. 
more layers will = more capacitance which =’s more The more layers, the 


Ampere and velied= more free earth energy 
you can collect! 





Small Drill press turned into a Coil Winder. We turned this by hand. 
Larger coils is best to use low rpm motor at about 70 rpms, In this picture you see 
that we wound each wind side by side, this makes for a more high efficient earth cap. Side View 
You can wild wind if you like if you use smaller wire like #31 to #34. Ideal size for 


experimenting 
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( EECC) Earth Energy Coil Capacitor! 








MODEL #4 Rolled Earth Capacitor Bottom paper 





Copper foil is placed between 2 pieces of paper strips and 
Aluminum is placed on bottom. Use 400 foot strips 2” wide. 
This method is very hard to do. But is very high eff. 





We used salt water to test rolled caps before placing them in the ground. 
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( EECC) Earth Energy Coil Capacitor! 





MODEL #4 Rolled Earth Capacitor 









Top paper 


Rolled Earth Capacitor Copper Foil 


Aluminum Foil 


Bottom paper 





Again rolling this type of earth capacitor is very hard, Everything must be kept straight and 
inline with one another, Manufacturers of rolled electrolytic capacitors use computers and 
machinery. | am sure a simple home made roller with pin registration could be designed very 
easily. This type of earth battery is very high efficient. Paper is not a good die electric for high 
voltages! If you are wanting to collect earth and storm HV Currents you must use a thicker die 
electric. Metals must be spaced properly for storing high voltage. 
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Distillation Set-up 


4 


Connect the condensor to the Y-adaptor and secure the connection with a 
yellow clip. Secure the condensor to the ring stand with a versatile 
clamp. 


The next items you will need from your lab drawer are a vacuum adaptor 
and a yellow clip. 
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(EECC) Earth Energy Coil Capacitor! 





Rolling a capacitor is the best way but not the easiest, 
Which makes this pipe coil model much more desirable to build 


Copper 
#17 
Insulated 
Coated 


Aluminum Pipe 


Symbols 


—PI- 


= One way DIODE 


Photo of Diode 






Sand or scratch off top 
layer coating, this will leave 

a protective coating in between 
each wire and underneath. 

Copper should not touch itself 


or the aluminum pipe. 
_~*: Then cover with paper and begin 
‘ next layer of copper wire. 





Capacitor ( Electrolytic ) 


This end not used! 


Photo of one type 
of Capacitor 
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CONNECTING THE CELLS IN SERIES 





How to connect the cells in series to increase the output voltage without allowing the cells 
to cancel each other out. Figure A The Copper pipe and zinc rod method without the use 
of plastic on bottom of pipe. Figure B is the coil earth cap method. 


TO 
Figure A 


Large Dump Capacitor to collect high voltage 
and to be used by load. 


6 v Capacitor 


6v 
Diode 













































































s—___ 


= 
‘i Reed Sw’s 


Use electrolytic capacitors to store the charge coming from each cell, then 
connect them in series using Commutator Sw’s connected to a small rotor shaft, Magnets 
connected to a milliamp solar cell hobby motor or build a small fuelless engine 
electric motor to run on and off switch’s. You can also build a very low milliamp 
electronic switching circuit and use the earth energy to power it. Or another 
more simple way would be to use a hand spring type device ( timer type ) glue 
small magnets on a long rotating rotor arm connected to the inner spring. Then 
place small reed relay magnetic switches, on each timing magnet ON position. 
should have multi reed sw’s, as the unit turns if gives time for the caps to charge 
and then comes around and connects caps all in series which in turn discharges 
into main cap dump. 





























a 


Hand wound 
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12 vdc ORG 
car or marine Garesigns 

BATTERY 
12 v to 115 vac TV, vers etc.. 


INVERTER 










Copper 


12 v to 115 vac 
INVERTER 


EECC 


Free Energy Power Source 
To keep up 12 vdc battery 





Symbols 


= One way DIODE 


Photo of Diode 


=I} 


Capacitor ( Electrolytic ) 











Photo of one type 
of Capacitor 
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Suppliers List 


Free News 


Google [cconerror | | Seareh | 


See www.google.com 





1. Htto:/Awww.delphiglass.com/ 


Use there search engine to find copper foil tape 
2. http:/Awww.glassmart.com/foil_ menu.htm 


3. http://www.globalsources.com 


Search Google.com for: 


1. Copper flashing 
2. Inverters 

3. Batteries 

4. Copper coated wire 

5. Copper wire 

6. Electronic parts and supplies 
7. Diodes 

8. Capacitors 

9. Free energy from the earth 
10. Zinc rods 
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EECC update 











Step One 





Aluminum pipe or zinc 
Tape Paper 

















Maceeeneceeceecencneed a oon | 

















Metal angle wire guides 
Total of 4 per side 











Paper 














ee a Soe 

















Long bolts, nuts and washers 
long bolt attaches to drill press. 





Apply first layer of wire, remove, metal wire guides, apply more paper, then repeat over and 
over again until you have about a 5 to 6 inch diameter roll of wire and paper. Makes a very 
powerful earth capacitor! 
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EECC update 


These are just a few extra idea’s that we threw together. | hope they are helpful to you. 
Let us know how you like these plans. Send us photo’s of what you have done we love to 
hear from our customers. If you got any new free energy idea’s let us know we can 
research them for you. Many customers do not have the extra research time that we have. 


Cloth or plastic mesh 























































































































|b 

Lt Aluminum or Zinc sheet 
LU 

LU 

LU 

LU 

imi 

LU 

LU 

LU 

LU 

LU 

LU 

Lo | 
LU 

LU 

LU 

LU 

LU 

LU 

LU 

ima 

LU 

LU 

LU 

LU 

Side View 


Metal sheet type earth battery 





1 sheet 
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Eric Brasseur Home | Links | Contact | (Oeeate 


Fighting the pollution by public radio broadcast 
antennas 





Un texte en frangais : La pollution radio par les émetteurs FM 
Een tekst in het Nederlands: De radiovervuiling door FM-stralen 
A petition: www.petition-electrosmog.be 


The electromagnetic pollution has now reached such a level that not only hypersensitive persons are being harmed. 
The debate most often focuses on cell phones, their relay antennas, Wi-Fi routers and similar technologies. It is 
often pointed out that domestic appliances like power saving lamps and cheap electronic devices, are harmful too. 
Recently, I came to the conclusion that I too had problems with electromagnetic radiations. Yet after a few months 
investigating, I was surprised to find out that far out the main cause of my problems was nothing I had heard about. 
A 100 MHz FM public radio broadcast antenna is located atop a local hospital and burns the whole city with an 
astounding force of 2 V/m (pike value). 


I found other persons that are harmed. For example people who develop severe headaches or tiredness after a few 
hours working in a given place. They have no problems in other places, that are less exposed to the FM radio 
waves. It seems to me that people who live in strongly exposed habitations often develop psychiatric problems. My 
guess is that probably several thousand persons in the city are severely affected. Maybe tens of thousands are 
affected but without getting obviously sick. 


Most puzzling is the fact that this hammering by radio waves is completely useless. It wouldn't change anything to 
the quality of the reception by the listeners in the city, if the force of the radio waves was divided by 100 or 
preferably 1,000. The purpose of those antennas is to emit far away in the countryside. That's why they are located 
atop hills or tall buildings and they have a huge power. But, due to their rudimentary construction, quite much of 
that power is wasted and hits the nearby city. 


It is legal to hit the ground with such force. Whether I measure in rooms or in the open, it is at worst a little below 
the norms. Hence the problem is with the norms. They keep being too high, despite the efforts of many scholars and 
health organizations. The situation is catastrophic. If the people did understand the harm that is done to their 
children, revolts would break open. 


Below is a picture of a cheap calculator that I transformed. It contains no more battery nor solar power cell. Instead 
it draws its energy from a | meter long antenna. Anyplace in the city center, in direct view of the emitter, the power 
of the radio waves is strong enough to feed the device. I made this because nobody was frightened by the figures I 
was reporting, except some friends that are into electronics. Everybody knows that a car can kill even at 30 km/h 
speed but almost nobody has any knowledge about radio waves figures. When I showed the calculator, everybody 
understood and some whitened. (The calculator also works in some classrooms where I tried it out. The emitter was 
visible through the windows... Should I warn the parents of the students that failed their exams?) 


Fowered by ¢ "a COD we breast 
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This didn't help anyway, so I invented another device: the "snake". The picture below shows six of them, an early 
version. 





Powered by i OOwebheast | 
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You just hang the snake in the flux of radio waves and the LED lamp at one end will bright up, clearly visible in 
daytime and enough to light and read a text at night. 
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The snake is less impressive than the calculator but it is much cheaper and easier to make and it can be sent in an 
envelope. I made tens of them and sent them to politicians, newspapers, universities... I gave some to local people, 
together with a user guide on a sheet of paper. Just like the calculator, the snake contains no battery. The lamp lights 


up solely on the power of the radio waves. The picture below shows a later version, that can be rolled up in an 
envelope that fits the conditions to be sent with only one stamp. 
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However mad it is to send such power on a city, nothing has been done yet against this. It's like an 19th century 
chemical plant sending its pollutants all around. Some complain but others argue that closing the factory would 
mean people laid off. Some then reply that being employed to feed children that die from ugly sicknesses may be 
nonsense... And so on, except for the fact that the chemical factory indeed had a purpose while the strength of the 
radio waves we're talking about, has no serious purpose at all. 


Something common to all heavy sources of electromagnetic pollution is that it wouldn't cost much to make them 
harmless. For example, high tension power lines can be made harmless by feeding them DC current instead of AC 
current. This requires some more heavy electronics at the input and the output but the price of it is a detail in the 
whole. I studied the schematics of power saving lamps and simply noticed that they were conceived by people who 
do not understand the propagation of radio waves. Adding the necessary components to make the lamps radio-silent 
would almost not increase their prices. Enforcing proper norms will not change our way of life, it will just stop to 
favor the sociopathics amongst the industrials and lobbyists. 


So, what can I do to help people understand the situation? They need to appropriate the scientific knowledge 
involved. Most assume that the necessary studies will be made by labs and then the governments will adapt the laws 
accordingly... That would be OK if it wasn't for the trillions of money involved. A minister in Belgium tried to 
prevent sugar dispensers in schools, she immediately got a made-up scandal on her shoulders. All she ultimately 
managed to get was to have some health advice notices glued on the sacred dispensers... 


Flows of observations are now available, showing the effects of radio waves that match the norms: brains of rats 
destroyed, people unable to work, eggs that don't hatch, quarreling birds, increased risk of cancer, cows aging 
abnormally... I myself had seeds germinate and saw them die quicker when closer to a power saving lamp. Their 
strategy to cope with this is simple: "OK, there does exist scientific evidence of some danger... but there also does 
exist evidence that there is no danger at all! So let's balance the whole..." The norms are lowered but kept above 
what cell phone operators need for the current systems. The fact in itself of making a balance between scientific 
evidence is nonsense. Either a study proves a given danger and it can be verified, or bust. But anyway, what are 
those studies that tend to prove that there would be no danger? Lots of them are simply payed for by the cell phone 
industry... Yet some are perfectly serious, for example those concluding that radiations within the norms will not 
heat the brain or the body abnormally. This is perfectly true. There is no problem of scientific fairness involved with 
these studies. But, is a bullet harmless because it only very slightly heats your bones? A more sophisticated 
approach is to pick out studies that have borderline conclusions: "there may be a problem but it is not clear..." The 
study will be assumed to conclude that there is no problem at all, while it just was an inconclusive experiment like 
many are in science. Fowered by {> OOOwebhoast 
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Distillation Set-up 


Connect the vacuum adaptor to the condensor and secure the connection 
with a yellow clip. Add a couple boiling chips to the round bottom flask 
by dropping them down the Y-adaptor. 








6/2/2018 


Fighting the pollution by public radio broadcast antennas 


(When I'm exposed, I tend to compulsively perform simple tasks. What if a study examines if being exposed 
hampers the ability to perform that kind of tasks?) 


Then, there is the problem that I'm going to make people sick. Indeed, electromagnetic hypersensitivity has a 
psychological component. Once people understand that they are victim to the radio waves and what symptoms the 
radio waves cause, they can overreact and become very sick when they start feeling the symptoms or just when they 
know there is a strong radiation force around. The radio waves induce a physiological stress, that hampers the 
proper functioning of the brain. When you add a psychological stress, due to the awareness of the problem, the 
summation of the two multiplies... Therapies for hypersensitive persons imply to dislearn them to overreact. Some 
friends of mine just refuse to start talking about electromagnetic sensitivity because they don't want to embark in the 
sickness. They do so with everything, meanwhile they eat very good food and have lots of pleasure in life. It 
works... with people with a strong health and a tad of selfishness. 


When you are in a cold wind and you feel a pain in the neck, you know it is due to the wind and you take cover. 
Almost nobody can do this with the symptoms of an exposition to strong radio waves. You feel tired, some brain 
fog, like if your head was in a clamp, a headache, or simply you make stupid errors... You will blame yourself or the 
location, possibly the noisy people around... while in fact you are mainly undergoing electromagnetic sensitivity. 
The home of a friend is strongly exposed. After about twenty minutes I can nor more find my words and speak 
correctly, unless I wrap my head in aluminum foil. There is a fair chance that a while ago, I would have blamed my 
friend for being annoying (he is) to the point of making me speechless. There also is a fair chance that my friend is 
annoying because he hangs in that electromagnetic pollution everyday. Since he lives there, he became an alcoholic, 
lost his job, manages to keep no girlfriend... (Everything I mention here can have other causes. Quite often, such 
causes just add up. For example, the person blaming the noisy people around, would maybe have felt nothing if the 
noisy people weren't there. Like you don't feel your bad knee when you carry no bag.) 


The impact of the electromagnetic pollution is severe. It is a far too heavy, and pointless, contribution to our 
burdens and losses. But how do you establish, scientifically, be it as an amateur, that there indeed is a problem? My 
initial approach can be an illustration of this. As my home is uninhabitable, I spend most of the day working in local 
libraries. I noticed that I could work quite well at some places and not at all at other places. Then I saw an article 
taped on a board, about the effects of cell phone and Wi-Fi radiations. Okay... I made a spreadsheet, with a row for 
each location and a note from 0 to 10 according to my ability to work there. Although I knew it was a weak 
approach, I then filled in each row the strength of the closest Wi-Fi router, as listed by my laptop. There was no 
correlation... but this proved not at all that the Wi-Fi was innocent. Weeks later I made a nonsensical but working 
little assembly that made the variability of the radio waves hearable. This time I got a correlation. Mild, but 
obvious. The ability to work is horizontally while the intensity of the radio signals is vertically: 
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It quickly became obvious that I was measuring no strong signal in the GHz bands. I had no doubt that there were 


cell phone and Wi-Fi emissions coming from all directions and echoing all around but their strgpgih.ayas obM Ot ebhas t 
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weak. The problem was with lower frequencies. I accused the fluorescent lamps for a while, till I finally understood 
that there was only one strong source, hitting me everywhere; those 100 MHz public radio broadcasts. The picture 
below shows the final correlation. Only one dot disagrees with the theory: 
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I was heavily disturbed by the radio waves, simply unable to work, long before I started puzzling on the subject. 
This is a strong proof that the matter is not just psychological. Reciprocally, once I understood the psychological 
component, I tried to use it positively, to counterbalance the effects of the electrosmog. I did get some results but I 
was never able to work correctly in the most exposed places. It is by no means "just psychological". It is useless "to 
be willing to make a small effort". I did efforts that frightened other people. One thing that does clearly help is 
eating a lot of sugar (Organic jam on rice bread...) (by the way, is that why sugar dispensers are placed everywhere 
kids are supposed to think and learn, to counterbalance the effects of the nearby cell phone relay antennas?) Alcohol 
does also help and I'm afraid this is why people seem to become alcoholics in exposed habitations. 


Also, it does sometimes happen that I feel like undergoing strong radio waves but when I pop out my measuring 
device, I measure nothing serious. I have a natural tendency to be knocked-out... The radio waves are far out my 
heaviest problem but they are not always responsible. 


I started studying other sources of radio pollution. I had an obvious benefit of removing every power saving lamp in 
my home. | put ferrite cores on most power chords. On one power chord that I sometimes use to feed my laptop 
inside my shielded tent, I had to put ten ferrites till I felt no more direct effect. Something very interesting is that till 
then I had no problem when using my cell phone. You guessed correctly: I started having problems, to the point that 
I never more hold it against my ear. I always use an earplug linked to the cell phone by a wire with two ferrite cores. 
I suppose that since I started avoiding the exposure to strong radio waves (which significantly improved my life and 
ability to work), my brains are no more constantly knocked out. So they get knocked out if I hold my cell phone 
against my head. And I feel it. This is one more synergy between the public broadcasts emitters and the cell phone 
industry: one hides the other away. 'Want to prove that inhabitants close to a relay antenna are no worse than those 
further away? Do the experiment in a city that is strongly exposed to public broadcasts... 


So: buy a measuring tool or have a friend assemble one for you. And start comparing your problems and those of 
the people around you, with the level of electromagnetic pollution. If you can, make large-scale experiments with 
tens of persons, under advice of somebody with knowledge in statistics (to build an expressive statistic yet 
completely false, is *easy*). We need many such experiments, till it becomes unbearable for local interlocutors to 
negate the problem and not to dim the emissions. Step by step, we need to conquer our world back. Some 
enterprises and some countries have already set their norms at responsible levels. 


One very important parameter is the rate at which the problems build up and then disappear, when exposed. Some 

people claim that they instantly feel when their cell phone is going to ring. I never could verify this. A friend claims 

that his cat reacts when he is going to get a text message on his cell phone. I tried several times to see the cat change 
Fowered by ¢ (eg COC ee east 
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behavior while making my cell phone emit close to him but I got nothing. So I suppose that the cat reacts to the tone 
of the cell phone and my friend brain-confuses the timing. (I don't pretend nobody can feel a text message arriving, 
I'm just saying that I never could verify.) What I'm sure about is that my problems need minutes to build up, most 
often some ten or twenty minutes, the problem possibly becoming really painful after an hour. Once the problem 
built up, it needs much more time to diminish, maybe four times more. I often had to sleep a whole night on it. One 
day I "burned" my brains by holding a very polluting power saving lamp about 3 decimeters away from my head. I 
only noticed the problem after half an hour. But then it was horrible, like if a flame had been sweeping inside my 
head. Really just like the ache of a burn wound. I had a strong nausea and headache, that calmed down only hours 
later. I identified a few persons whose problems are obviously due to the electromagnetic pollution, in all cases the 
same applies: it needs time to build up. This means you cannot simply walk in and out of an exposed zone and 
claim you feel no difference. Also, you cannot get into a safe zone and claim you feel no better. If you were already 
poisoned, you will stay that way a long while. The only sure approach is to stay really long in a safe zone, 
preferably spend the night there, then go working in a polluted area. Try to be aware of what happens to you. The 
next day go working in a safe zone and try to see the difference. (This is a goldmine to build inconclusive studies.) 


Everybody is sensitive to electromagnetic waves. The question is about the level of the sensibility. That's why 


people who get seriously sick with the current levels of exposition are called "hypersensitive". They are more 
sensitive than the average, sometimes with very painful and debilitating consequences. 


There is a whole ladder of symptoms. This is roughly the ladder for me, exposed to the 100 MHz FM broadcasts: 


i[Vim]|Noproblem  esss—<—s——(sSsSsSSSSCiCSCSzY Vim||Noprollem problem 
[V/m||No more able to concentrateandwork —ssss—SsSCid 'V/m||No more INo more able toconcentrateandwork = sss—sSSCid to concentrate and work 


[vim head i in a clamp, maybe difficulties to talk 


Tried it once for 2 hours, had to stay the whole next day in bed with an awful — 














The serious problems begin for me at 0.1 V/m. Yet I know some people that wouldn't be called hypersensitive and 
that get problems similar to mine at about 0.3 V/m. A friend spent with me the two hours under the 10 V/m 
radiation and claimed he endured no problem... but he made surprising errors on the way back. It is very difficult 
for me, in my city, to find locations where the force is around 0.01 V/m. Values between 0.1 and 0.3 are common. It 
is easy to find building with rooms reaching 1 V/m. The force is quite predictable, according to the location and the 
orientation of the building, how much it emerges out of other buildings... So, because many people are being 
affected and because the radiation is reasonably easy to measure or to estimate, making statistics linking common 
health problems with the level of exposition is quite doable. 


Hypersensitive persons would be 1% of the population. The need to protect this minority is enough to stop those 
powerful broadcasts from reaching the ground. I don't understand why I have to add that everybody is being 
harmed, be it to a lesser degree. I met official people whose job is to help hypersensitive persons. They've seen their 
pain and anguish by themselves... but they feel clueless as to how to stop the emissions. It's a very strange situation, 
when even the people close to the steer and convinced of a problem, can't do anything to stop it. 


It has been claimed that the hypersensitivity of some persons is caused by an accumulation of toxic metals or 
organic pollutants. In such cases, antioxidants can be of immediate help and detoxifications would greatly help. 
(Note that common medical analysis like looking for mercury and the like in samples of blood, urine or hair, will 
reveal nothing even under severe intoxication, because blood and hair renew constantly. Only a sudden intoxication 
can be revealed by such analysis. The toxics slowly accumulated in standing body cells like the brain... Best method 
seem to be to take a well-tuned quantity of chelating molecules and then perform an analysis of the blood or urine.) 


Cell phone and Wi-Fi radiations are different, for several reasons: they don't spread the same way in the body, they 
are pulsated and their frequency make they will not target the same macromolecules in the body. It would seem that 
you need 3 times more force of FM broadcast waves than cell phone or Wi-Fi waves, to have a same global 
impact... 


I was frightened when I understood that under those 2 V/m force of radiation, an electric current in the order of 1 

mA oscillates through the body. Such a current at a high frequency of 100 MHz will interact with the body quite 
differently than a DC or low frequency AC current. You cannot make direct comparisons... Anyway, 100 mA of DC 
current can be enough to kill a person by electrocution. 1 mA of low frequency current is enough to feel the current 

as a tickle. What are the consequences of such a current on the chemical reactions in the liver, "Sa" Bie) ductiGR ype bast 
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hormones by glands everywhere in the body? What if the person being exposed is a pregnant woman, with the baby 
just at the worst place in the flux of current? The length of an "antenna" matters much to allow it to build up 
current. Teenagers have the "optimal" length for 100 MHz radio waves... One thing I'm sure about is that if the 
government decided that from now on the school kids will be latched electrodes on the body and a current of 1 mA 
send through several hours a day, whatever the frequency, the parents will not accept. But this *is* happening, 
through radio waves, and I could feel the neuroleptic-like effect of it. (By the way, this implies that those 
experiments that show brains of rats destroyed by cell phones waves within the norms, apply only to a lesser degree 
to human brains, because of the difference in size. Rats are close to the optimal length to be harmed by cell phone 
waves... The optimal wavelength to dammage teenagers is that of those 100 MHz public broadcasts...) 


The radiations harm me more inside buildings than outside. I may get more sick under 0.2 V/m in a room than 
under 2 V/m directly exposed to an antenna. I don't know exactly why. Here are four possibilities: 


e The roofs atop buildings act like prisms and send the waves towards the inhabitants beneath. Radio waves 
coming from above would be more harmful than when coming from aside. 


e The radio waves resonate and echo inside the building and build up in metallic structures. This creates halos 
of proximity that will inject more power inside nearby living bodies. For example, while simply wrapping 
aluminum foil around my head, it is obvious that some designs of shielding will make me even more sick 
than using no aluminum at all. The same way, when some parts of the shielding of my tent wear off and stop 
to be conducting, I can get serious problems till I replace or complement the faulty area. 


e Buildings contain their own sources of electromagnetic pollution. They add their effects to those of the 
pollution from the outside... 


e Close to metallic structures, the electromagnetic field can become rotating. This because waves with 
equivalent strength come from different directions with different phase shifts. 


Again, the four possibilities mentioned above are potentially very suitable to build experiments that demonstrate 
there is no problem. Perform the experiment in an anechoic place with the waves coming from aside and no other 
radiation than the one from the experiment... Just the opposite from real world situations but you can claim to be 
serious at avoiding parasitic variables... 


If you want to find the FM emitters somewhere, fmscan.org is the reference I used till now. 


This is the schematic of the "snake": 


875 0m BAT G2 112,5cm 


BAT 62 


BAT62 detection diodes are no more produced. BAT15 diodes work fine but they wear out; after a few months they 
stop functioning. SMS7630 diodes are great but very little and mechanically fragile. MMSD701T1G diodes are 
sturdy and powerful; an excellent choice for a beginner. Such SMD diodes do also work for cell phone frequencies, 
which allows to test out a snake with a calling cell phone pushed against it. But any detection diodes that can 
manage 100 MHz will do. 


The LED I'm currently using is the L-7113SEC-H . It lights up with a low tension and a very low current (the bluer 
a LED, the more tension it needs). Its color is red yet close to orange hence it is easily seen by the human eye (the 
eye is most sensitive to green, yellow and orange). The beam is quite narrow so when the LED is directed towards 
somebody's eyes it will appear quite bright. 


For the lengths of 37.5 and 112.5 centimeters, any electric wire with two copper conductors will do. Audio signal 
wire is a practical solution. Use the shielding as one of the two conductors. The lengths of the two segments must 


not be precise. What matters is that the total length of the snake be 1.5 meters. Do not hesitate to try out if a.little 
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longer or shorter snake gives better results. 


A schematic of my current probes, that I connect to a standard multimeter, measuring Volts DC. The measure 
displayed by the multimeter must be multiplied by 10. When using a 200.0 mV scale, just read while forgetting the 
dot: 





BATTS 


7OnF 


This is a picture of a device that tries to pack the whole in a neat gadget. The electronic circuit is a €7 digital Volts 


display with a scale of 200.0 mV. I soldered away the jumper that makes the dot be displayed. The antenna is only 7 


cm long, so an RMS value is displayed (for roughly steady radio waves). The whole cost about €12. Hold the 
antenna perpendicular to the direction the waves come from and try to hold the device away from conducting 
objects like your body or metallic objects. You cannot closely trust such simple device yet it is very handy and 
adequate to compare the radiation level in different places: 
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Those probes and device, quite easily allow to know the direction some 100 MHz radiation come from. Hold the 
thing at some decimeters from your body, roughly at the height of the belly. Your body and the device form a 
directional antenna... When the device is towards the emitter, it will display up to twice the value, while when it is 
hidden from the emitter by your body, the measure will be very low. 


If you measure something strong, yet by turning in different directions the device always shows approximately the 
same value, then you are probably undergoing low-frequency radio waves like short wave broadcasts. 


If the emitter is close, like a power saving lamp or a wrongly build power supply, converge towards it simply using 
the fact that the closer you get, the stronger the measure. 


Such measuring tools are handy to find out power chords and appliances that pollute, yet then the measure 
displayed doesn't mean much. Once you are really close to an emitter, the measuring device and the emitter interact 
and the power flowing through the measuring device can be tremendous even though the device is only weakly 
polluting. You are in the "halo of proximity" of the device... Best example is most quality laptops, which emit 
almost no radio waves. I never could notice a problem while using my laptop when it is plugged to nothing... Yet if 
I hold a measuring tool against the screen I get frightening data... A few decimeters further, where my head can be, 
the measuring tool tells there is nothing... So, the high figures close to the laptop indeed tell that strong currents 
flow through it, but competent people made things such that those currents harm nobody... 


If you want a global measure, away from the effects of your body, hold the device above your head. Or place it on 
some plastic or cardboard box and walk some distance away. 


The windows are a common entry point of radio waves and electric wires can be awfull ducts, yet in some cases I 
noticed that metallic structures unrelated with electricity, like the copper tubes of water heating radiators, were the 
main ducts of radio pollution towards a room. 


Below is a device I assembled to focus on 1.8 GHz cell phone radio waves. Close to the nearby cell phone relay 
antenna, in direct view of it, I could not measure much more than 0.1 V/m (pike value). While this is still too much, 
it is by no means comparable to the frightening 2 V/m intensity of the FM broadcasts. I also went measuring in 
places where people complain about problems similar to mine. They thought the reason was the nearby cell phone 
relay antennas. But I could measure no significant intensity of cell phone radio waves at all, while the force of the 
FM broadcasts was above 0.2 V/m... 
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After about a year experimenting, the most simple protection I could come up with against 100 MHz broadcasts is a 
headband of aluminum, much the shape and size of a sweatband. I hide it inside a bonnet. I have no idea as to how 
and why it helps, aside from the general fact that any conducting structure will change something to the propagation 
of high frequency currents. Don't make it too high, a 3 to 4 centimeters height is OK. To try this out, you can just 
fold in a circle a | meter long wrap of aluminum and compress it to a flattened ring that fits your head. If you intent 
to re-use it, then you must strengthen it with lengths of tape before (inside) and after (outside) the ring is 
constituted. Make sure the tape does not hamper a perfect electric contact all around the ring. This protection is not 
perfect but it really helps. 

When the field strength is above 0.1 V/m, I need a complementary vertical band in order to be able to work. 

This also is a cheap way to make statistics. Compare days with the headband to days without the headband. In order 
to be scientific, you must ask somebody else to put the headband inside your bonnet every morning, at random. 
Every morning, the other person writes down if there was a conducting headband inside the bonnet or not. Every 
evening, you write a comment down to how your day was (headache? brain fog? errors? doomed day?) Then after a 
while you compare the two. At worst, if you have to do it alone, buy two identical bonnets, push a plastic headband 
inside one and an aluminum headband inside the other, and spend each day without knowing which one you picked. 
At the end of the day, write your appreciation down before checking and writing down which bonnet you picked. 
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A friend who is a physician points out that in many administrations, be they public or private, the employees are 
being persecuted. (That often happens when the work done by the administration is mostly useless and only serves 
to justify the social position and the salaries of a few people.) A statistic about the health impact of radio waves in 
such administrations could be of few significance, because the people have all kinds of health problems due to the 
harassment. The addition to this by the radio waves may be comparatively negligible. (Yet another way to build a 
statistic that shows few or no impact of the radio waves: perform it in a place where people bow under 
humilations...) 


I was quite frightened to discover that the symptoms caused by radio waves, as I see them around me, are very close 
to those of "radiation poisoning". This is part of nuclear medicine. When a victim is exposed to a short and strong 
burst of radioactivity or any other ionizing radiation, its body will quickly react like if it had been poisoned. A 
"low" poisoning by radiations yields headaches, tiredness, difficulties to think... while stronger poisoning can lead 
to the person die in a few days like if it was heavily burn. The exposure to ionizing radiations is measured in 
"Gray". | Gy leads to a low poisoning. So I computed out how much energy a person gets from the local FM 
emitter, like the person I know that get sick at their desk. The result is 0.01 Gy for 8 hours of exposition, which is 
quite close. 


Radio waves can induce all the typical problems caused by that ionisinig radiations but the energy levels involved 
can be quite different. For example, ionizing radiations cause burns without increasing the temperature of the body, 
while radio waves can only burn if they are powerful enough to heat the body. Radio waves can induce cancer but 
again the energy required is ways higher, like spending ten years using a cell phone against the head, several hours a 
day. 


Body cells can be attacked by all kinds of means. Ionizing radiations lead to direct damage of the cell membrane. 
Radio waves disturb the molecular cell gates operate. The cell will always react the same way, as for poisoning: it 
will close the cell gates, to try to shun itself from the outside world and from the harm. This has many 
consequences. The cell is less able to fulfill its purpose inside the body. It uses resources to try to protect its internal 
parts. It will accumulate waste. That's why people get tired, less efficient or even sick. When the aggression made to 
the cell is deemed too strong, the cell will auto-destruct. That's the way radiations and chemicals can be used 
against cancer, making the cancer cell suicide. 


The cells can be helped to better recover from the state of shock. Also they can be made to go less likely into the 
state of shock. Medication and health advice can be helpful for this. 


A link has been proposed between autism and radio pollution. The growth of the human brain is very complex, with 
cells traveling from one side of the brain towards the other to find their place. This involves a tremendous amount 


of communication and coordination between the cells. What if those cells are too often put into a state of shock? 


These are two scientific publications about the link between autism and radio waves : 


http://www.ncbi.nlm.nih. gov/pubmed/16530334 
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Place a stemmed funnel into the top of the Y-adaptor and pour the liquid 
to be distilled through it so that it goes into the round bottom flask. The 
flask should be from 1/2 to 2/3 full, no more, no less (see details). 


When done, remove the funnel. 
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Publications about how radio waves disturb cells : 


http://www.ncbi.nlm.nih.gov/pubmed/10860806 
http://www.ncbi.nlm.nih.gov/pubmed/12379225 





Links 


http://www.teslabel.be 
http://www.clag.be 
http://Awww.001.be.cx 
http://www.criirem.org 
http://www.next-up.org 
http://www.robindestoits.org 
http://www.beperkdestraling.org 
http://www.stopumts.nl 








A petition: www.petition-electrosmog.be 


Eric Brasseur - October 3 2009 till October 16 2015 
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Roy J. Meyers: British Patent # 1098 (1913) -- Improvements in and Relating to 
Apparatus for Producing Electricity (PDF Format, requires Adobe Reader) 


R. J. Meyers: British Patent # 1098 (1913) -- Transcription w enlarged figures 


Notes & Comments 


R. J. Meyers: British Patent # 1098 (1913) —- JPG version 
Technology World Magazine, p. 279-281 (Year unknown, apparently circa 1912; another 
article about Meyers appeared in the November 1912 issue of Electronic World) 


"Picks Power from the Air" 


by 
Charlton Lawrence Edholm 


A remarkable scene took place in the legislature of Arizona this spring when the lawmakers 
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enthusiastically voted for the parole ofa certain convict in the State penitentiary, granting him a 
leave of absence for 30 days and by means of private contributions raising a fund to defray his 
expenses to Washington DC and return. 


The prisoner, Roy J. Meyers, is serving a 3-1/2 year sentence, but in spite of the fact that he bears 
the stigma of a convicted lawbreaker, he has demonstrated that a convict can be a usefull member 
of society. During his imprisonment he perfected an electrical device of such original character as to 
arouse feelings of wonder and skepticism until experts had seen it in actual operation. It is a device 
to draw electricity from the atmosphere for light and power, and the 30-day parole was granted in 
order that the inventor might protect his rights through the patent office at Washington. 


With the acquiescence of the legislature, Governor Hunt granted the parole and the prisoner was 
allowed to go free without any guard or any assurance but his word of honor that he would return. 
Two days before the period had elapsed, Meyer again presented himself before the governor, 
having accomplished his mission, and then returned to the penitentiary at Florence, where he 
continues to serve his sentence. 


This, in brief, is the picturesque story which has called attention of the civilized world to a newly 
discovered electrical genius, and to another feature of the case which is of equal importance and 
human interest; namely, the enlightened policy pursued by our youngest State in its treatment of 
convicts... 


Before entering the prison, Meyer had already applied for various patents, among them one for an 
improved trolley wheel head which prevents the trolley wheel from jumping the wire. Meyers had a 
conference with Superintendent Sims and Parole Clerk Sanders, and it was to these gentlemen that 
the inventor first explained the principles of his new device for securing electrical energy from the 
air. The officials were willing to give the man the opportunity to develop his plan and a little wooden 
building outside the walls was turned over to Meyers and was fitted up as a workshop and a 
laboratory. The first demonstration of the new apparatus was made shortly thereafter, the electricity 
drawn from the atmosphere being used to spark the gas engines of the pump house, and although 
the device was crude yet it did the work, and removed the doubts of his friends. Furtter 
development of the "absorber" followed, and his second model was constructed, and developed 8 
volts. The machine came to the attention of the remarkable woman who brought his name before 
the legislature. 


This was Miss Kate Barnard, State Commissioner of Charities and Corrections of Oklahoma, who 
was a guest of Mr. Sims, while studying prison conditions. She saw the machine at work, became 
familiar with the facts of Meyers' case, and was impressed by his rather blunt and unaffected 
personality, for Meyers has nothing of the polish or glibness of the poseur. He is a simple, earnest 
student of mechanical problems and not the sort of man to make a sentimental appeal for sympathy 
because of any grace of person or manner. Therefore it was the value of Meyers' invention, 
together with his essential integrity (in spite of his lapse) which so strongly impressed Miss Barnard 
that when she appeared before the Arizona legislature not long afterwards, addressing that body on 
the need of enlightened legislature along the line of her own work, she told the story of Roy Meyers 
and his epoch-making invention. 


So, early in May, Meyers set out for Washington, unaccompanied. 


In his own words: "When J arrived in Washington and laid my plans before the patent office 
experts, they merely smiled and told me that I would have to build a model and demonstrate my 
claims --- that it seemed strange that I, unknown as I am in the electrical world, should have 
accomplished the things for which Edison, Tesla and other experts have been striving for years. 


www.rexresearch.com/meyers/meyers.htm 2/26 


12/28/2009 Roy J. Meyers: Absorber (Atmospheric El... 
"They could grasp the meaning of my drawings nor the explanation I tried to make to them. There 
was little time to spare, as I had only 20 days left of my leave, but I set to work in a few days was 
able to take a crude model around to the patent office to make a demonstration. 


"Arriving at the patent office I telephoned to a friend who had been so kind as to introduce me and 
aid me in reaching the proper officials. The absorber was hoisted on two short poles and made to 
work. While they were as yet unable to understand the principles involved and hardly willing to 
believe their eyes, they were forced to admit that I had something new and different, and they told 
me that there would be no further objection; that I might file my application without further delay. 


"I hope to construct my first large machine right here in Phoenix. I feel grateful; to Governor Hunt 
and others for what they have done for me and to the help they have given in securing protection I 
might not otherwise have had, and I am desirous of demonstrating this gratitude. I am going back to 
Florence today to resume the serving of my sentence, which will expire in 10 months. Then, here in 
Phoenix, I will begin the work of making my machines." 


While there are some details of the device which the inventor refuses to make public, yet there are 
many general features that may be explained. It is planned that the machine, to be set up in Phoenix, 
will generate sufficient power to light the city, and will consist of a 200 foot tower upon which is 
placed the "absorber". The latter consists of a series of magnetized steel plates set in a circle (the 
manner of preparing them is kept secret) and this mechanism attracts the electricity from the 
atmosphere. This is carried by wires to a transformer in the engine house below and thence is 
applied to produce either power or light after the usual manner. 


In an authorized statement Meyers says: "The flow of electricity is constant. When it emerges into 
the transformer it is in the form ofa direct current. It will absorb the electricity day and night and will 
work whenever the wireless will work. I can put up a plant to supply such a building as the Adams 
Hotel for about $1500, and one of the principal items of the expense is the cost of the towers, the 
wires, the magnetizing of one set of plates, which is part of the secret of the treatment which makes 
it respond to the accumulations of the atmosphere. 


"For use in the case ofan electrical storm I have made what I call a modified form of circuit 
breaker, such as is commonly used as a lightning arrester on telegraph lines. In case ofa storm the 
accumulator would suddenly become overcharged, possibly, and as the electricity would not of 
itself flow back into the air, the result might be disastrous. So I send it down into the ground, 
whenever the voltage rises above a certain amount." 


Roy J. Meyers & the "Absorber" 
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Modern Electronics (1914 ?) 


Electricity From Air New Great Discovery 
by 


Dr Leonard Keene Hirshberg 


Working quietly in the heart of Baltimore for weeks on an invention which some critics say will 
revolutionize the method of converting electricity to practical use has been Roy J. Meyers, who like 
Benjamin Franklin, extracts the electric current from the air. 


Mr Meyers invention was made last summer while he was confined in the penitentiary at Florence, 
Arizona. His first finished apparatus was made in Baltimore. 


A practical, unlettered electrician, Mr Meyers, while in Arizona, was arrested on a comparatively 
minor charge and sent to the penitentiary. There he was placed in charge of the prison electrical 
plant, and there he says he made his discovery that the current which the civilized world is beginning 
to use most extensively for light and power could be transformed from the atmosphere without the 
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aid of moving machines or batteries. 


Miss Kate Barnard, Commissioner of Charities and Corrections, of Oklahoma, hearing of Meyers’ 
invention and of his desire to have it patented, appeared before the Arizona Legislature to make an 
appeal in behalf of the young convict. As a result a special bill was passed which granted Meyers a 
month’s leave of absence on parole. He went unaccompanied to Washington, filed his patent 
applications and returned to the penitentiary. Since then he has been indefinitely paroled. 


He came to Baltimore as the place where he could easily obtain the mechanical parts needed to 
make a more nearly perfect machine than the crude model he has fashioned in the penitentiary 
workshop, and is making his headquarters here while working on his invention. With him is W.E. 
Chenot, who has been his assistant in assembling and testing the machine and who says that he has 
bought Meyers’ patent rights for Germany. 


They have proved beyond doubt that the invention is practical and that when finally brought to a 
state of perfection it will introduce a new epoch in the industrial use of electricity. By Westinghouse 
meters they tested the strength of the current gathered from the air, and with the use of only two of 
the four rectifying transformers the voltmeter recorded four and one-half volts, and the ammeter, 
which had the capacity of recording 75 amperes, was broken by the force of the current. 


The machine itself is simple. It is in reality a transformer, which is familiar to anyone knowing 
anything at all about electricity in its practical uses. On a high tripod, which resembles somewhat the 
framework of a windmill tower, is the transformer, which Mr Meyers calls his ‘absorber’. It is made 
up of an ron core, wrapped with copper wire. The secret of the invention is the manner in which 
the disks composing this ‘absorber’ are magnetized, and this secret Meyers says he found by 
accident while at work in prison. 


What the machine, when finally perfected, will do is yet to be seen. Its inventor claims that it will 
greatly reduce the cost of making electricity. No batteries of any kind are needed, he says, and not 
a part of the machine turns upon the other. It is as durable, apparently, as an electric light pole. One 
of these machines, says Meyers, when perfected may be placed ona vehicle and transform enough 
electricity to give motive power, be that vehicle a locomotive or an automobile. He declared it can 
be placed on a building to furnish electric lights or power, and that the only wear will be upon the 
machinery which its current runs. 


Meyers is 34 years old and he gained his knowledge of electricity by working in shops along the 
Pacific Coast. The depths of the mysteries of electricity he has not explored, but he is certain that he 
has found the means of absorbing it from the air and of converting it to the use of mankind. 


British (GB) Patent # 191301098 
Improvements in and Relating to Apparatus for Producing Electricity. 
1-14-1914 
Roy Jerome Meyers 


Classification: - international: HO5F7/00; HOSF7/00; - european: HO5F7/00 

Application number: GBD191301098 19130114 

Priority number(s): GBT191301098 19130114 

Abstract ~ Vapour apparatus, arrangements of. - A rectifier for use with apparatus for producing 
electricity from the earth consists of mercury- vapour lamps constructed and arranged as shown in 
Fig. 4. Each lamp comprises two wires 6<1>, 7<1> wound around a steel tube 15 surrounding a 
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mercury tube 11 preferably of copper. The coil 6<1> is connected between the electrode 14 and 
the terminal 18, and the coil 7<1> between the terminals 19, 5. The coils 6<1>, 7<1> are 
preferably composed of soft iron. Reference has been directed by the Comp- troller to 
Specifications 16,709/87, 14,033/99, and 5457/11, [all in Class 53, Galvanic batteries], and 
15,412/06. 


British Patent # 1098 
(January 14, 1913) 
Improvements in and Relating to Apparatus for Producing Electricity 


Roy Jerome Meyers 


This invention relates to improvements in apparatus for the production of electrical currents, and the 
primary object in view is the production of a commercially serviceable electrical current without the 
employment of mechanical or chemical action. To this end the invention comprises means for 
producing what I believe to be dynamic electricity from the earth and its ambient elements. 


I am, of course aware that it has been proposed to obtain static charges from upper strata of the 
atmosphere, but such charges are recognized as of widely variant potential and have thus far proved 
of no practical commercial value, and the present invention is distinguished from all such apparatus 
as has heretofore been employed for attracting static charges by the fact that this improved 
apparatus is not designed or employed to produce or generate irregular, fluctuating or other 
electrical charges which lack constancy, but on the other hand I have by actual test been able to 
produce from a very small apparatus at comparatively low elevation, say about 50 or 60 feet above 
the earth’s surface, a substantially constant current at a commercially usable voltage and amperage. 
This current I ascertained by repeated tests is capable of being readily increased by additions of the 
unit elements in the apparatus hereinafter set forth, and I am convinced from the constancy of the 
current obtained and its comparatively low potential that the current is dynamic and not static, 
although, of course, it is not impossible that certain static discharges occur and, in fact, I have found 
occasion to provide against the damage which might result from such discharge by the provision of 
lightning arresters and cut-out apparatus which assist in rendering the obtained current stable by 
eliminating sudden fluctuations which sometimes occur during conditions of high humidity from what 
I consider static discharges. The nature of my invention is obviously such that I have been unable to 
establish authoritatively all of the principles involved, and some of the theories herein expressed may 
possibly prove erroneous, but I do know and am able to demonstrate that the apparatus which I 
have discovered does produce, generate, or otherwise acquire a difference of potential representing 
a current amperage above stated, or varied therefrom at the will of the operator according to the 
uses which the current is to be subjected. 


The invention comprises generically means for producing electrical currents of serviceable potential 
substantially without the employment of mechanical or chemical action, and in this connection I have 
been able to observe no chemical action whatever on the parts utilized although deterioration may 
possibly occur in some of the parts, but so far as I am able to determine such deterioration does 
not add to the current supply but is merely incidental to the effect of climatic action. 


The invention more specifically comprises the employment of a magnet or magnets and a co- 
operating element, such as zinc disposed adjacent to the magnet or magnets and connected in such 
manner and arranged relative to the earth so as to produce current, my observation being that 
current is produced only when such magnets have their poles facing substantially to the north and 
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south and the zincs are disposed substantially along the magnets. 


The invention also comprehends other details of construction, combinations and arrangements of 
parts as will hereinafter be fully set forth and claimed. 


In the accompanying drawings: 


Figure | is a top plan view of an apparatus embodying the features of the present invention, the 
arrow accompanying the figure indicating substantially the geographical north, parts of the figure 
being diagrammatic for condensing the showing. 
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Figure 2 is a view is side elevation of the parts seen in plan mn Figure 1. 
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Figure 3 is a vertical section taken on the plane indicated by the line 3-3 of Figure 2 and looking in 
the direction indicated by the arrow. 
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Figure 4 is a detail view partly in elevation and partly in section showing the detail connections of 


the converter and intensifier. 
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Distillation Set-up 


4 


This picture is only different from the last in that a flask has been placed 
under the vacuum adaptor. This is the "receiving flask". A beaker or vial 
or graduated cylinder could also be used. In a vacuum distillation, a 
round bottom flask is used as the receiving flask, and it is securely 
attached with either a clamp or a yellow clip. 


The next items to be added are the thermometer adaptor and 
thermometer. The thermometer is always added last because it is large 
and susceptible to breakeage. 
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Figure 5 is a transverse section taken on the planes indicated by line 5-5 of Figure 4 and looking 


downwardly. 
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Figure 6 is an enlarged detail fragmentary section illustrating the parts at the juncture of the 
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conductors and one of the intensifiers. 





Figure 7 is an enlarged detail view partly in elevation and partly in section of one of the automatic 
cut-outs and 





Figure 8 is a diagrammatic view of one of the simplest forms of embodiment of the invention. 
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TO WMECTIFIER 

Referring to the drawing by numerals, 1,1 indicates magnets connected by a magnetic substance 2, 
preferably an iron wire. The magnets | are arranged in pairs, one pair being spaced beneath the 
other, and interposed between the magnets are zinc plates 3,3 connected by an iron wire conductor 
4. Suitable insulating supports 5 are arranged for sustaining the respective magnets | and plates 3,3. 
Each plate 3 is preferably bent substantially into V form, as clearly seen in Figure 1, and the V1 of 
one of the plates opens or faces toward the north and the V of the other plate to the South. I have 
determined by experimentation that it is essential that the plates 3 be disposed substantially north 
and south with their flat faces approximately parallel to the adjacent faces of the co-operating 
magnets, although by experience I have not discovered any material difference in the current 
obtained when the plates are disposed slightly to one side of north and south, as for instance when 
the plates are disposed slightly to one side of north and south, as for instance when disposed in the 
line of the magnetic polarity of the earth. The same 1s true with respect to the magnets 1, the said 
magnets being disposed substantially north and south for operative purposes, although I find that it 
is immaterial whether the north pole of one of the magnets is disposed to the north and the south 
pole to the south, or vice versa, and it is my conviction from experience that it is essential to have 
the magnets of each pair connected by magnetic material so that the magnets substantially become 
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one with a pole exposed to the north and a pole exposed to the north. In Figure 1, I have indicated 
in full lines by the letters 8 and N the respective polarities of the magnets 1, and have indicated in 
dotted lines the other pole of those magnets when the connection 2 is severed. I have found that the 
magnets and zinc plates operate to produce, whether by collection or generation I am not certain, 
electrical currents when disposed substantially north and south, but when disposed substantially east 
and west no such currents are produced. I also find that the question of elevation is by no means 
vital, but it is true that more efficient results are obtained by placing the zincs and magnets on 
elevated supports. I furthermore find from tests that it is possible to obtam currents from the 
apparatus with the zincs and magnets disposed in a building or otherwise enclosed, although more 
efficient results are obtained by having the said elements arranged in the open. 


While in Figures 1, 2, and 3, I have shown the magnets and the zinc plates as superimposed, tt will 
be apparent, as hereinafter fully set forth, that these elements may be juxtaposed in horizontal 
planes, and substantially the same results will be secured. Furthermore, the magnets | with the 
interposed zincs 3, as shown in Figures 1, 2 and 3 merely represent a unit which may be repeated 
either horizontally or vertically for ncreasing the current supply, and when the unit is repeated the 
zinc plates are arranged alternating with the magnets throughout the entire series as hereinafter 
indicated. 


A conductor 6 is connected in multiple with the conductors 2 and a conductor 7 is connected with 
conductor 4, the conductor 6 extending to one terminal of a rectifier which I have indicated by the 
general reference character 8, and the conductor 7 extending to the other terminal of said rectifier. 
The rectifier as seen in diagram in Figure | may assume any of several well known embodiments of 
the electrical valve type and may consist of four asymmetric cells or Cooper-Hewitt mercury vapor 
lamps connected as indicated in Figure | for permitting communication of the positive impulses from 
the conductor 6 only to the line conductor 9 and the negative impulses from conductor 6 on only to 
the line conductor 10. The current from this rectifier may be delivered through the conductors 9 and 
10 to any suitable source for consumption. 


While the said rectifier 8 may consist of any of the known types, as above outlined, it preferably 
consists of a specially constructed rectifier which also has the capacity of intensifying the current and 
comprises specifically the elements shown in detail in Figures 4, 5, and 6 wherein I have disclosed 
the detail wiring of the rectifier when composed of four of the rectifying and intensify in elements 
instead of asymmetric cells or simple mercury vapor valves. As each of these structures is an exact 
embodiment of all the others, one only will be described, and the description will apply to all. The 
rectifying element of each construction consists of a mercury tube 11 which is preferably formed of 
glass or other suitable material, and comprises a cylinder having its end portions tapered and each 
terminating in an insulating plug or stopper 12. Through the upper stopper 12 is extended the 
electrode 13 which extends well into the tube and preferably substantially one-half the length thereof 
to a point adjacent the inner end of an opposing electrode 14 which latter electrode extends thence 
downwardly through the insulation 12 at the lower end of the tube. The tube 11 is supplied with 
mercury and is adapted to operate on the principle of the mercury vapor lamp, serving to rectify 
current by checking back impulses of one sign and permitting passage of impulses of the other. To 
avoid the necessity for utilizing a starter, as is common with the lamp type of electrical valve, the 
supply of mercury within the tube may be sufficient to contact with the lower end of the electrode 

13 when current is not being supplied, so that as soon as current is passed from one electrode to 
the other sufficiently for volatilizing that portion of the mercury immediately adjacent the lower end 
of electrode 13, the structure begins its operation as a rectifier. The tube 11 is surrounded by a tube 
15 which is preferably spaced from tube 11 sufficiently for allowing atmospheric or other cooling 
circulation to pass the tube 11. In some instances, it may be desirable to cool the tube 11 by a 
surrounding body of liquid, as hereinafter indicated. The tube 15 may be of insulating material but I 
find efficient results attained by the employment of a steel tube, and fixed to the ends of the of the 
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tube are insulating disks 16, 16 forming a spool on which are wound twin wires 6“1 and 71, the 
wire 61 being connected at the mner helix of the coil with the outer end of the electrode 14, the 
lower portion of said electrode being extended to one side of the tube 11 and passed through an 
insulating sleeve 17 extending through the tube 15, and at its outer end merging into the adjacent 
end of the wire 6“ 1. The wire 71 extends directly from the outer portion of the spool through the 
several helices to a pot adjacent the juncture of the electrode 14 with wire 61 and thence 
extends in mechanical parallelism with the wire throughout the coil, the wire 61 ending in a terminal 
18 and the wire 7*1 ending in a terminal 19. For the sake of convenience of description and of 
tracing the circuits, each of the apparatus just above described and herem known as an intensifier 
and rectifier will be mentioned as A, B, C and D, respectively. Conductor 6 is formed with 
branches 20 and 21 and conductor 7 is formed with similar branches 22 and 23. Branch 20 from 
conductor 6 connects with conductor 7“1 of intensifier B and branch 21 of conductor 6 connects 
with the conductor 71 of intensifier C, while branch 22 of conductor 7 of intensifier C, while 
branch 22 of conductor 7 connects with conductor 7’ 1 of intensifier D. A conductor 27 is 
connected with terminal 19 of intensifier A and extends to and is connected with the termmnal 18 of 
intensifier C, and a conductor 7 connects with conductor 71 of intensifier D. A conductor 27 is 
connected with terminal 19 of intensifier A. and extends to and is connected with terminal 18 of 
intensifier C, and a conductor 28 is connected with the terminal 19 of intensifier C and extends from 
the terminal 19 of intensifier B to the terminal 18 of intensifier D to electrode 13 of intensifier B. 
Each electrode 13 is supported on a spider 13“ 1 resting on the upper disk 16 of the respective 
intensifier. Conductors 31 and 32 are connected with the terminals 18 of intensifiers A and B and 
are united to form the positive line wire 9 which co-operates with the negative line wire 10 and 
extends to any suitable point of consumption. The line wire 10 is provided with branches 35 and 36 
extending to the electrodes 13 of intensifiers C and D for completing the negative side of the circutt. 


Thus it will be seen that alternating currents produced in the wires 6 and 7 will be rectified and 
delivered in the form of a direct current through the line wires 9 and 10, and I find by experiment 
that the wires 6 and 7 should be of iron, preferably soft, and may of course be insulated, the other 
wiring not specified as iron being of copper or other suitable material. 


In carrying out the operation as stated, the circuits may be traced as follows: A positive impulse 
starting at the zincs 3 is directed along conductor 7 to branch 23 to conductor 7“1 and the winding 
of the rectifier of intensifier B through said rectifier to the conductor 6“1, through the winding 
thereof to the contact 18, conductor 32 and to the line wire 9. The next or negative impulse 
directed along conductor 7 cannot find its way along branch 23 and the circuit just above traced 
because it cannot pass across the rectifier of intensifier B but instead the negative impulse passes 
along conductor 22 to conductor 7 of intensifier A and the winding thereof to the contact 19 and to 
conductor 27 to contact 18 of intensifier C, to the winding of the wire 61 thereof to the electrode 
14 through the rectifier to the of the electrode 13 and conductor of intensifier A, electrode 14 
thereof and conductor 6“1 to contact 18 and wire 31 to line wire 9. Obviously the positive impulse 
cannot pass along the wire 20 because of its inverse approach to the rectifier of intensifier B. The 
next impulse or negative impulse delivered to conductor 6 cannot pass along conductor 21 because 
of its connection with electrode 13 of the rectifier of intensifier A, but nstead passes along 
conductor 20 to the wire 7“ 1 and its winding forming part of intensifier B to the contact 19 and 
conductor 29 to contact 18 and the winding of wire 6%1 of intensifier D to the electrode 14 and 
through the rectifier to the electrode 13 and conductor 35 to Ine wire 10. Thus the current is 
rectified and all positive impulses directed along one line and all negative impulses along the other lie 
s that the potential difference between the two lines will be maximum for the given current of the 
alternating circuit. It is, of course, apparent that a less number of intensifiers with their 
accompanying rectifier elements may be employed with a sacrifice of the impulses which are 
checked back from a lack of ability to pass the respective rectifier elements, and in fact I have 
secured efficient results by the use of a single intensifier with its rectifier elements, as hereinafter set 
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forth. 


Grounding conductors 37 and 38 are connected respectively with the conductors 6 and 7 and are 
provided with the ordinary lightning arresters 39 and 40 respectively for protecting the circuit 
against high tension static charges. 


Conductors 41 and 42 are connected respectively with the conductors 6 and 7 and each connects 
with an automatic cutout 43 which is grounded as at 4. Each of said automatic cutouts is exactly like 
the other and one of the same is shown in detail in Figure 7 and comprises the inductive resistance 
45 provided with an insulated binding post 46 wit which the respective conductor 6 or 7 is 
connected, said post also supporting a spring 48 which sustains an armature 49 adjacent to the core 
of the resistance 45. The helix of resistance 45 is connected preferably through the spring to the 
binding post at one end and at the other end is grounded on the core of the resistance, the said core 
being grounded by ground conductor 44 which extends to the metallic plate 52 embedded in moist 
carbon or other inductive material buried in the earth. Each of the conductors 41, 42 and 44 is of 
iron, and in this connection I wish it understood that where I state the specific substance I am able 
to verify the accuracy of the statement by the results of tests which I have made, but of course I 
wish to include along with such substances al equivalents, as for instance, where iron is mentioned 
its byproducts, such as steel, and its equivalents such as nickel and other magnetic substances are 
intended to be comprehended. The cutout apparatus seen in detail in Figure 7 is employed 
particularly for insuring against high tension currents, it being obvious from the structure shown that 
when potential rises beyond the limit established by the tension of the spring sustaining the armature 
40, the armature will be moved to a position contacting with the core of the cutout device and 
thereby directly close the ground connection for line wire 41 with conductor 44, eliminating the 
resistance of winding 45 and allowing the high tension current to be discharged to the ground. 
Immediately upon such discharge the winding 45 losing its current will allow the core to become 
demagnetized and release the armature 49 whereby the ground connection is substantially broken 
leaving only the connection through the winding 45 the resistance of which is sufficient for insuring 
against loss of low tension current. 


In Figure 8 I have illustrated an apparatus which though apparently primitive in construction and 
arrangement comprehends the first successful embodiment which I produced in the course of 
discovery of the present invention, and it will be observed that the essential features of the invention 
are therem disclosed. The structure delineated in said figure consists of horseshoe magnets 54, 55, 
one facing north and the other south, that is, each opening in the respective directions indicated and 
the two being connected by an iron wire 55 which is uninsulated and wrapped about the respective 
magnets each end portion of the wire 55 being extended from the respective magnets to and 
connected with, as by being soldered to, a zinc plate 56, there being a plate 56 for each magnet and 
each plate being arranged longitudinally substantially parallel with the legs of the magnet and with the 
faces of the plate exposed toward the respective legs of the magnet, the plate being thus arranged 
endwise toward the north and south. An iron wire 57 connects the plates 56, the ends of the wire 
being preferably connected adjacent the outer ends of the plates but from experiment I find that the 
wire may be connected at practically any point to the plate. Lead wires 58 and 59 are connected 
respectively with the wires 55 and 57 and supply an alternating current at a comparatively low 
tension, and to control such current the wires 58 and 59 may be extended to a rectifier or combined 
rectifier and intensifier, as above set forth. 


The tests which I have found successful with the apparatus seen in Figure 8 were carried out by the 
employment first of horseshoe magnets approximately 4 inches in length, the bar comprising the 
horseshoe being about one inch square, the zincs being dimensioned proportionately and from this 
apparatus with the employment ofa single intensifier and rectifier, as above stated, I was able to 
obtain a constant current of 8 volts. 
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It should be obvious that the magnets forming one of the electrodes of this apparatus may be 
permanent or may be electromagnets, or a combination of the two. 


While the magnets mentioned throughout the above may be formed of any magnetic substance, I 
find the best results obtained by the employment of the nickel chrome steel. 


While the successful operation of the various devices which I have constructed embodying the 
present invention have not enabled me to arrive definitely and positively at fixed conclusion relative 
to the principles and theories of operation and the source from which current is supplied, I wish it to 
be understood that I consider myself as the first inventor of the general type hereinbefore described 
capable of producing commercially serviceable electricity, for which reason my claims hereinafter 
appended contemplate that I may utilize a wide range of equivalents so far as concerns details of 
construction suggested as preferably employed. 


The current which I am able to obtain is dynamic in the sense that it is not static and its production is 
accomplished without chemical or mechanical action either incident to the actual chemical or 
mechanical motion or incident to changing caloric conditions so that the elimination of necessity for 
the use of chemical or mechanical action is to be considered as including the elimination of the 
necessity for the use of heat or varying degrees thereof. 


Having now particularly described and ascertained the nature of my said invention, and in what 
manner the same is to be performed, I declare that what I claim 1s: --- [Claims not included here] 


NOTES & COMMENTS 
From the Article in Tech. World Mag.: 


1. First demo model was powerful enough to spark a gas engine. 

2. Second model developed 8 volts. 

3. Demo model at Patent Office was elevated on short poles. 

4. The model planned to power Phoenix AZ would be elevated 200 feet. 

5. The Absorber "consists ofa series of magnetized steel plates set in a circle (the manner of 
preparing them is kept secret)". 

6. "[T]he magnetizing of one set of plates... is part of the secret of the treatment which makes it 
respond to the accumulations of the atmosphere". 


From British Patent # 1098 (1913): 


"I have been able... to produce from a very small apparatus at comparatively low elevation, say 
about 50 or 60 feet above the earth’s surface, a substantially constant current at a commercially 
useable voltage and amperage". 


"This current... is capable of being readily increased by additions of the unit elements in the 
apparatus". 


Fig. 1 and Fig. 2 show the magnet poles are connected N-S by a thick iron rod (thick compared to 
the lines used for wires in the drawings). 


No angle is specified for the V-shaped zinc plates. The article (but not the patent) states that the 
plates are magnetized (obviously not zinc). Zinc- galvanized steel? Willa thin film of Zn work? Or, 
powdered Zn in a binder (more surface area)? Or, zinc- galvanized iron wire in a coil? 


The Palmer Craig device ( www.rexresearch.convcraig/craig.htm ) is powered by the terrestrial 
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magnetic field, and employs a thin film of bismuth to capture the energy as diamagnetism. Perhaps 
this can be integrated with Meyers’ device. 


Figure 8 (the demonstration of principle) show uninsulated iron wire being used to connect the 
plates and magnets. The wire is wound around the Bloch wall area of the horseshoe magnets. 
Perhaps Coler-type windings around the poles could be used here ( See: 
www.rexresearch.cony/coler/coler.htm ). Coler used copper plates as "condensers" in his device. 
Could copper plates be used for the Meyers device? Perhaps flat (Tesla non-inductive) coils could 
be integrated here. 


"It is essential that the plates 3 be disposed substantially N and S with their flat faces approximately 
parallel to the adjacent faces of the co-operating magnets.... 


"I find that it is immaterial whether the N pole of one of the magnets is disposed to the N and the S 
pole to the S, or vice versa". 


"[T]he magnets and zinc plates... produce electrical currents when disposed... N and S, but when 
disposed... E and W no such currents are produced". 


"[E]levation is by no means vital, but... more efficient results are obtained by placing the zincs and 
magnets on elevated supports". 


"The elements may be disposed in horizontal planes [or vertically]...". 


The "zinc plate 56... [is] arranged longitudinally substantially parallel with the legs of the magnet and 
with the faces of the plate exposed toward the respective legs of the magnet, the plate being thus 
arranged endwise toward the north and south". 


The first model used "horseshoe magnets approximately 4 inches in length, the bar comprising the 
horseshoe being about one inch square, the zincs being dimensioned proportionately and from this 
apparatus with the employment ofa single intensifier and rectifier, as above stated, I was able to 
obtain a constant current of 8 volts... [T]he magnets... may be permanent or may be 
electromagnets, or a combination of the two... I find the best results obtained by... nickel chrome 
steel", 


Comments & Questions: 


The rectifier is described as a preferred embodiment, but other designs also work. The Ed Gray 
capacitor design comes to mind ( www.rexresearch.com/evgray/1 gray.htm ). The Tate Ambient 
Power Module also might apply ( www.rexresearch/tate/tate.htm ). 


Would non-ferrous magnets work? Is there a frequency mvolved (oscilloscope tests)? Coler found 
that ferromagnetism has a resonant frequency about 180 KHz. Can the components be made 
adjustable for RLC-resonance? 
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N° 1098 A.D. 1913. 


Date of Application, 14th Jan.; 1913—Accepted, 14th Jan., 1914 
‘COMPLETE SPECIFICATION. 


. Improvements in and relating to Apparatus for Producing 
; eae ' Electricity. : ee 
I, ‘Roxy Jxromx Meyers, of ILotel Altamont, Baltimore, in the State of Mury- 
land, United Stites of America, Electrician, do hereby declare the nature of 
‘this invention and in what manner the sume is to be performed, to be particu- 
larly described and ascertained in and by the following statement: —- 


This invention relates to improvements, in apparatus for the production of 
electrical curréuts, and the primary object in view is the production of a com- 
mercially serviecuble electrical current without the employment of mechanical 

‘or chemical action. Yo this end the invention comprises menns for producing 
what I believe to be dynamic electricity from the earth and its ambient elements. 
| Tam, of course, aware that it has been proposed ‘to obtain static charges’ from 
upper strata of the atmosphere, but such charges are recognized as of widely 
variant potential and have thus far proved of no practical commercial value, and. 
the present invention is distinguished from ‘all such apparatus as has heretofore 
been employed for attracting static churges by the tact that this improved 
; apparatus is not designed or employed to produce or generate irregular, fluctuat- 
ing or other electrical charges which lack coustancy, but on the other hand I 
have by actual test been able to produce from a very small apparatus at com- 
paratively low elevation, suy ubout fifty or sixty feet above the earth's surface, 
a substantially constant current at a commercially usable voltage and amperage. 
) ‘his current I ascertained by repeated tests is cupable of being readily increased 
by additions of the unit elements in the apparatus hereinafter set forth, aud 1 
_am convinced frum the constancy of the current obtained and its comparatively . 
low potential that the current is dynamic and not static, although, of course, it: 
is not impossible that certain static discharges occur and, in fact, T have found 
; occasion to provide aguinst the damage which might result from such discharge 
by the provision of lightning arresters and cut-out apparatus which assist im 
rendering the obtuined current stuble by eliminating sudden fluctuations which 
sometimes ovcur during conditions of high humidity from what I consider static 
discharges. The. nuture of my invention is obviously such that I have been 
» unable to establish authoritatively all of the principles involved, and some of the 
theories herein expressed may possibly prove erroneous, but I do know and am 
able to demonstrate that the uppuratus which I have discovered docs produce, 
generate, or otherwise acquire a difference of potential representing a current 
value which is commerviully serviceable and may be delivered ut the voltage and 
; amperage above stated, or varied therefrom at the will of the operator according: 
to the uses to which the current is to be subjected. . ' 
The weal gets comprises generica)ly means for producing electrical currents 
vf serviceable potential substantially without the employment of mechanical or 
chemical action, and in this connection I have been able to observe no chemical 
» action whutever on the parts utilized although deterioration may possibly occur 
in some of the parts, but se far as I am uble to determine such deterioration does 
: _, add to the current supply but is mercly incidental to the effect of climatic 
on. . ‘ fi ae i . ; 
The invention more specifically comprises the employment of a maguet or’ 
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mniurhéts aud a co-operating element, such as xine disposed adjacent to the maguet 

or Daenete and sie macbed ie such manner and wranged relative to the earth so 

us to produce current, my observation being that current is produced only wheu 

such mugnets have their poles faciug substantially to the north aud svuth and 

the zines are disposed substantially along the magnets. " mney: 
The invention also comprehends other details of construction, combinations 

und arrangemeuts of parts as will hereinafter be fully set forth and claimed, 
In the accompanying. drawings : ‘ 

‘Figure 1 is « top plan view of an apparatus embodying the features of thc 
present invention, the arrow uccompanying the figure indicating substantially 10 
the geographical north, parts of the figure being diagrammatic for condensing 
the showing. . wares 

_ Figure 2 is a view in side elevation of the parts seen in plan in VPigure 1. 

Figure 3 is a vertical section tuken on the plane indicated by the ling 3—~3 
of Figure 2 and looking in the direction indicated by the arrow. . -15 

‘Figure 4 is a detail view purtly in elevation and partly in section showing the 
detail connections of the converter and intensifier. ; 

. Figure 5 is a transverse section taken on the planes indicated by line 6—5 of 
Figure 4 and lovking downwardly. ‘ ; 

Figure G is an enlarged detail fragmentary section illustrating the parts at- 20 
ihe juncture of the conductors and one of the intensifiers. — - . 

. Figure 7 is an culurged detail view partly in elevation and partly in section 

vf one of the autumatic cut-outs and ’ 
Figure 8 is « diagrammatic view of oue of the simplest forms of embodiments: 
vf the invention. - 25 

. Referring to the drawing by numerals, 1, 1 indicates magnets: connected by 
a magnetic substauce 2, preferably an ivon wire, The maguets 1 are arranged 
in purrs, one pair being spaced beneath the other, and interposed between ‘the 
magnets are zie plates 3, 3 connected by an iron wire conductor 4. Suitable 
insulating was, sy 5 are a for sustuining the respective magnets 1 und 30 
plates 3,3. Hach plite J is preferably bent substantially into Y form, as cleurl 
seen in Figure 1, and the Y'iof one of the plates opens or faces toward the north 
and the Y of the other plate to the south. [ have determined by experimentation 
(hat it is essential that the plates 3 be disposed substantially north aud south 
with their flat faces approximately parallel to. the adjacent faces of the co-* 35 
uperating magnets, although by experievce I have not discovered any material 
difference iu the current obtained whon the plates are disposed slightly to one 
sile of north and south, as tor instance when p ahd in the line of the magnetic 
polarily vf the earth. The same is true with respect to the magnets 1, the said 
magnets being disposed substantially north and south for operative purposes, ° 
although T find that it is immaterial whether the north pole of one of the magnets 
is disposed to the north and the south pole to the south, or vice versa, and it is’ 
my, conviction from experience that it 1s essential to have the mugnets of each 
pair connected by magnetic material so that the magnets substantially become 
ope with a pole exposed tothe north and a pole exposed to the south, Tn 
Figure J, L have indicted in full lines by the letters S and N the respective 
polarities of the maguets 1, and have indicated in dotted lines the other poles 
of those inagnets when the councction 2 is severed. I have found that the — 
nniguets and zine plates operate to produce, whether by collection or generation’ 

* Tam not certain, decketeal currents when disposed substantially north and south, 30 
but when disposed substantially cast and .west no such curreuts are produced. 
T also find that the question of elevation is by no means vital, but it is trae that 
more efficient results are obtained by placing the zines and magnets on elevated 
supports. I furthermore find from tests that it is possible to- obtain currents 
from the apparatus with the zincs und magnets disposed in a building or other- §5 
wise enclosed, although more efficient results are obtained by having the said’ 
glements arranged in the Open. 


oa 
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” 
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Here is all the glassware properly assembled. The thermometer and 
thermometer adaptor are connected on top of the Y-adaptor. Go to the 
following link for a close-up view of the position of the thermometer in 
the Y-adaptor. 


e thermometer in Y-adaptor 


Oops, what's missing? the receiving flask. I purposely removed it in 
preparation for the addition of the steam bath and tubing. The addition of 
these items could cause an un-secured flask to fall and break. 


Clip the text link below to see the set-up showing the entire length of the 
thermometer, no other changes. Skip it if you like. 


e full view 
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While in Figures 1, 2 and 3, I have shown the magnets and the zinc plates 
as superimposed, it will be apparent, as hereinafter fully set forth, that these 
elements may be juxtaposed in horizontal planes, and substantially the same 
results will be secured. Wurtheemare: the magnets 1 with the interposed zincs 3, 

5 as:shown in Figures 1, 2 and 3 merely represent a unit which may be repeated 
either horizontally or vertically for increasing the current supply, and when the 
unit is repeated the xinc plates are arran alternating with the magnets 
throughout the entire series as hereinafter indicated. ‘ 

A conductor 6 is connected in multiple with the ¢onductors 2 and a con- 

10 ductor 7 is connected with conductor 4, the conductor 6 extending to one 
' terminal of a rectifier which I have indicated by the general reference character 8, 
and the conductor 7 extending to the other terminal of said rectifier. The 
rectifier as seen in diagram in Figure 1 may assume any of several well known 
embodiments of the electrical valve type and may consist of four assymmetric 
15. cells or Cooper-Hewitt mercury vapor lamps connected as indicated in i tte 1 
for a ia communication of the positive impulses from conductor ml 
to the line conductor 9 and the negative impulses from the conductor 7 only 
to the line conductor 10, and permitting the positive impulses from the con- 
ductor 6 only to the line conductor 9 and the negative impulses from conductor 6 
20 only to the hne conductor 10. - The current from this rectifier may be delivered 
through the conductors {) und 10 to any suitable source for consumption. 

‘While the said rectifier 8 may consist of any of the known types, as above 
outlined, it- preferably consists of a specially constructed rectifier which also 
has the capeeisy of intensifying the current and comprises specifically the 

25 ‘elements shown in detail in Figures 4,-5 and 6 wherein I have disclosed ‘the 
detail wiring of the rectifier when composed of ‘four of the rectifying and 
intensifying elements instead of assymmetric cells or simple mercury va 
.valves. As each of these structures is an exact embodiment of all the others, 
one only will be described, and the description will apply to all. The rectifying 

30 element of each construction consists of a mercury tube 1] which is preferably 
formed of copper but-may be formed of glass or other suitable material, and 
comprises a cylinder having its end ions tapered and each terminating in 
an insulating plug or stopper 12. Through the upper — 12. is extended 
the electrode .13 whieh extends well into the tube and preferably substantially | 

35 one-half the length thereof to a point adjacent the inner end of an opposing 
electrode 14 which: latter electrode extends thence downwardly through: the 
insulation 12 at the lower end of the tube. The tube 11 is supplied with 
mercury and is adapted to operate on the principle of the. mercury vapor lamp, 
serving to rectify current by checking back impulses of one sign and permitting 

.40 passage of impulses of the other. ‘fo avoid the necessity for utilizing a starter, - 
us is common with the lamp type of electrical valve, the su ply of mercury 
within the tube may be sufficient to coutact with the lower end of the electrode 13 
when current is not being supplied, so that as soon as current is passed from ~ 
one electrode to the other sufficiently for a that portion of the 

14 mercury immediately adjacent the lower end of electrode 13, the structure begins 
its operation as a rectifier. The tube 11 is surrounded by a tube 15 which 
is preferably spaced from tube 11 sufficiently for allowing atmospheric or other 
cooling circulation to pass the tube 11. In some instances; it may be desirable 
to cool the tube 11: by a surrounding body of liquid, as hereinafter indicated. 

50 The tube 15 may be of insulating material but T find efficient results attained 
hy the employment of a ateel tube, and fixed to the ends of the tube are 
insulating Risks 16, 16 ‘forming a spool on which are wound twin wires 6' and 7, 
the wire (' being connected at the inner helix of the coil with the outer end of 
the electrode 14, the lower portion of said electrode being extended to one side 

-€5 of the tube 11 and passed through an insulating sleeve 17 extending through 
the-tube 15,-and at its outer end merging inte the adjacent end of the wire:6'.. 
The. wire 7' extends directly from the outer portion of ‘the speol through, the 
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several helices to a point adjacent the juncture of the electrode 14. with wire 6" 
und thence extends in mechanical purallelism with. the wire throughout the 
toil, the wire 6' ending in a terminal 18 and the wire 7' ending in a terminal 19. 
For the aake of convenience of description and of tracing the circuits, each of 
the apparatus just ubove deseribed and herein known as an intensifier and § 
rectifier will ‘i. mentioned ow A, B, C and D, respectively. Conductor 6 is 
formed with branches 20 and 21 and conductor 7 is formed with similar 
branches 22 and 23. Branch 20 from conductor 6 connects with conductor 7' 
of intensifier B and branch 21. of conductor 6 connects with the conductor 7! 
of- intensifier C, while branch 22 of conductor 7 connects with conductor 7! of .10 
intensifier A and branch 2% of conductor 7 connects with conductor 7' of 
intensifier D. A conductor 27 ik connected with terminal 19 of intensifier A 
‘and extends to and is connected with terminal 18 of intensifier C, and a con- 
ductor 28 is connected with the terminal 19 of intensifier C and extends to and 
is connected with electrode 1} of intensifier A. A conductor 29 extends .from .15 
‘the terminal 19 of intensifier 3 to the terminal 18 of intensifier D and a con- 
‘ductor 30 extends from the terminal 19 of intensifier D to electrode 13 of 
‘intensifier B. Enuch electrode 13 is supported on a spider 1S’ resting on. the 
‘upper disk 16 of the respective intensifier. Conductors 31 and 32 are con- . 
nected: with the terminals 18 of intensifiers A and B and are united to form ‘20 
the positive line wire 9 which co-operates with the negative line wire 10 and 
‘extends to any suitable point of consumption. The line wire.10 is provided with 
branches 35 and 36 extending ‘to the electrodes 15 of intensifiers C and D for 
completing the negative side of the -circuit. $ ss o + # 

Thus it will be seen that alternating currents produced in the wires 6 and 7 24 
-will he rectified and delivered in the Jorma a direct current through the line 
‘wires 9 and 10, and I find by experiment that the wires 6 and 7 should be of 

iron, preferably soft, and may of course be insulated, the other wiring not 
specified as irun being of copper or other suitable material. __ 

In carrying out the operation as stated, the circuits may be traced as follows: i490 
‘A positive impulse starting at the zines 3 is directed: along conductor 7 to 
branch 23 to conductor 7! and the winding of intensifier to terminal 19 
through conductor 30 to electrode 1 of the. rectifier of intensifier B through 
snid rectifier to the conductor 6', through the winding thereof to the contact 18, 
conductor $2 and to the line wire 9. The next or negative impulse directed 35 
ulong conductor 7 cannot find its way along branch 23 and the. circuit just 
ubove traced because it cannot pass across the rectifier of intensifier B but instead 
the negative impulse passes along conductor 22 to conductor 7 of intensifier A 
‘and the winding thereof to the contact 19 to conductor 27-to contact 18 of 
’ intensifier C, to the winding of the wire 6' thereof to the electrode 14 through 40 

the fectifier to the electrede 13 and conductor 386 to the line wire 10. .A 
‘positive impulse delivered to wire 6 passes along the said wire'to the branch 21 
to the conductor 7' of intensifier © and the winding thereof to the contact 19, 
conductor 28; elettrode 13 of the rectitier of intensifier- A, electrode 14 thereof 
and conductér 6! to contact 18 and wire 31 to line wire 9. Obviously the 45 
positive impulse cannot pass along the wire 20 because of its inverse approach 
to the rectifier of intensifier B. The next impulse or . negative impulse 
delivered to conductor 6 cannot pass along conductor 21 because of its -connection 
with electrode 13 of the rectifier of intensifier A, but instead passes along con- 
ductor 20 to the wire 7' and its winding forming part of intensifier B to the’ 59 
contact 19- and conductor. 29 to contact 18-and the. winding of wire 6' of 
intensifier D to the electrode 14 and through. the rectifier to the electrode 13 and 
conductor 45 to line wire 10. ‘Thus the current is rectified ond all positive 
‘ impulses directed slong one line and all negative impulses along the other line 
“so that the potential difference betweon -the two lines will be maximum for the ‘5 
given current ofthe alternating cireuit. It is, of course, apparent. that -a° leas 
“number of iutensitiers with their- accompanying rectifier elements may be 
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employed with a sacrifice of the impulses which are checked back from a lack 
of ability to pass the respective rectifier elements, and in fact I have. secured 


: efficient results by the use of « single intensifier with its rectifier elements, as 


10 


-such substance ‘all-equivalents, as for instance, where iron is mentioned its by- - 


25 


hereinafter set forth. se 

Grounding conductors 37 and 38 are connected respectively with the con- 
ductors 6 and 7 and are provided with the ordinary lightning arrestera il) 
ea 40° respectively for protecting the circuit against high tension static 
charges. 

Condesters 41 and 42 are connected respectively with the conductors 6 and 7 
‘and each connects with an automatic cut-out 43 which is grounded as at 44. 
Kach of said automatic cut-outs is exactly like the other and one-of the same is 
shown in detail in Figure-7 and comprises the inductive resistance 45 provided 
with on insulated binding post 46 with which the respective conductor 6 or 7 
is connected, said post also supporting a spring 48 which sustains an armature 40 


“ndjacent the core of the resistance 4). he helix of resistance 45 is connected 


preferably pec the spring to the binding post at one end.and at the other end 
ix grounded on the 

conductor 44 which extends to the metallic plate 52 imbedded in moist carbon 
or other inductive material 53 buried in the eurth, Each of the conductors 41, 42 
and 44 is of-iron, and in this connection I wish it understood that where I state 
the specific substance I am able to verify the accuracy of the statement by the 
results of tests which I have made, but of course 1 wish to include along with 


products, such as steel, and its equivalents such as nickel and other ‘magnetic 
substances’ are intended to be comprehended. ‘The cut-out apparatus seen in 
detail iv Figure 7 is employed particularly for insuring against high tension 
currents it being obvious from the structure shown that when potential risex 


-beyond the limit established by the tension of the spring sustaining ,the 


armature 49, the armature will be moved to a position contacting with the core 
of the cut-out device and thereby nha close the ground connection for line 
wire 41 with conductor 44, eliminating the resistance of winding 45 and allow- 


ing the: high tension current to be discharged to the ground. Immediately upon 


such discharge the winding 45 losing its current will allow the core to become 


‘demagnetized and reléasc ‘the armature 49 whereby the ground connection ix 


substantially broken leaving only the connection through the winding 45 the, 
registance-of which jis sufficient for insuring against loss of low tension current. 
In Figure 8 IT have illustrated an apparatus which though apparently primitive 


.in-construetion and arrangement comprehends the first successful embodiment 


40 


which I. produced ‘in the eourse of the discovery of the present invention, and it 


will be observed that the essential features of the invention are therein, disclosed. 


‘The -structure delincated: in said figure consists of horse shoe ag ag 54, 54, 


one facing north and the other south, that is, each opening in the respective 
directions indicated and the two being connected by, an iron wire 55 which is 


-uninsulated and wrapped about the respective magnets at or adjacent the neutral 


zone thereof, and the wite 55 is preferably soldered to the respective magnets 


-each end .portion of the wire 35° being extended from the respective maguet to 


and’ connected with, as by being soldered te, a xine ta (, there being a 


plate 56 for each magnet and each plate being arranged longitudinally substan- 
tially parallel with the legs of the magnet and with the faces of the plate exposed 
toeard the respective Jegs of the magnet, the plate being thus arranged endwise 
toward the north qnd south. An-iron wire 57 connects the plates 56, the ends 


of the wire being preferably connected adjaceut the outer ends of the plates but 
from riment I find that the wire may be connected at practically any point 


55 


to the,plate. Lead wires 58 and 59 are connected ss a a with the wires 55 


and 57 .and supply an alternating current ordinarily at «a comparatively low 
tension, and to rontrol-such current the wires 58 and 59 may be extended to.” 
rectifier or combined rectifier and intensifier, as above. set forth, 
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The tests which I have found successful with the apparatus seen in Figure 8 
were curried out by the employment first of horse shoe magnets approximately 
four inches in length, the bar comprising the horse shoe being about one inch 
square, the xincs being dimensioned proportionately and from this apparatus 
with the employment of a single intensifier and rectifier, as above stated, I wax 
able to obtain a constant current of 8 volts. 

It should be obvious that the magnets forming one of the electrodes of this 
Sprareres may be permanent or may be electro-magnets, or «a combination of 
the two. : m 

While the magnets mentioned throughout the above may be formed of anv 19 
mugnetic substance, I find the hest resulta obtained by the employment of the 
nickel chrome steel. - 

While the successful operation of the various devices which I have constructed, 
embodying the present invention have not enabled we to arrive definitely and 
positively at fixed conclusions relative to the principles aud theories of operation 15 
and the source from which current is supplied, I wish it to be understood that 
1 consider myself as the first inventor of an apparatus of the general type herein- 
‘before described capable of producing commercially serviceable electricity, for 
whieh reason my claims hereinafter appended contemplate that I may utilize a 
wide range of equivalents so far as concerns details of construction suggested 20 - 
as preferably employed. 

The current which I am able to obtain is dynamic in the sense that.it is not 
static and its production is accomplished without chemical or mechanical action 
cither incident to the actual chemical or mechanical motion or incident to 
changing calorific conditions so that the elimination of necessity for the use of 95 
chemical or mechanical action is to be considered as including the eHmination 
of the necessity for the use of heat or varying degrees thereof. 


a 


Having now particularly described and ascertained the nature of my said 
pte and in what manner the same is to he performed, I declare that what. 
eluim 1s :— 30 


1. Means for producing dynamic electricity without mechanical or chemical 
action. 

2. Electricity producing means as claimed in Claim 1, characterized in that 

‘said means is capable of producing low teusion current. 

3. Electricity producing means as claimed in Claim 1, characterized in that 35 

said means comprises a magnet, and means co-operating with the latter. 

4. Means ab set forth in Claim 3, characterized in that the parts are stationary. 

5. Means as claimed in Claim 3, characterized in that the magnet is disposed 

‘substantially north and south. 
G. Means as claimed in Claims 1, 3 and 5, wherein the means coacting with 40 
‘the magnet is a metal and said parts are disposed substantially north and south. 

7. Means as claimed in Claims 1, 3 and 6, in which the metal is zinc, and 
combined with conductors connected with the co-operating parts to deliver current 
therefrom, “9 
’ §$. Means as set forth in Claim 1, characterized in that said means comprises 45 
spaced magnets with an adjacent co-operating zinc, and an iron wire connecting 
the magnets, and means to deliver electrienl carrent from said parte. ‘ 

_ 9 Means as set forth in Claim 8, characterized im that the current delivery 
"means comprises an intensifier and rectifier. ; ; 

10: Means as set forth in Claim 8, characterized in that the current delivery 
means comprises wires connected with the magnets and zinc, an electrical valve 
connected with one of said wires, and independent helices surrounding said valve, 
one of said helices being connected with the terminal of the valve at the opposite 
side from the contact of said wire and the other of said helices being vonnected * 
with the other wire, the electrical valye comprising a mercury vapor rectifier. 55 

11. The process of producing electricity comprising’ exposing a magnet and 


50 
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co-operating means disposed substantially north and south and taking off current 
therefrom. 
12. The process of producing electricity comprising disposing stationary, 
elements in coaipavating solutions in respect to ak other al with respect to 
5 the earth for giving off relatively low tension electrical current, substantially 
without chemical action. 
13. Electricity producing means constructed and operating substantially as 
described with reference to the accompanying drawings. - _ . 
; Dated this 13th day of January, 1913. 
10 W. P. THOMPSON & Uo., 
: 6, Lord Street, Liverpool, and at 
Bradford & London, 
Agents for the Applicant. 
Reference has’ been directed, in pone of Section 7, Sub-section 4, of the 
15 Patents and Designs Act, 1907, to Specifications No. 16,709 of 1887, No. 14,033 
of 1899, No. 15,412 of 1906, and No. 5457 of 1911. 


Redhill: Priutod for His Mejesty’s Stationery Office, by Love & Malcomson, Ltd.—1914. 
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This device was brought to my attention by Grumage. Here is my take on why it 
worked. 


In its simplest form the device consists of two horseshoe magnets, some zinc plates 
and some uninsulated iron wire. The iron wire is wound around the curved ends of 
the horseshoe magnet and connected to the zinc plates as shown in figure 1. The 
system has to be aligned with the earth’s magnetic field. 


To rectifier 


Uninsulated Fe wires ad 


Zinc plates 





Figure 1. Simple Scheme reported to supply alternating current at low voltage 


At first sight this seems incapable of providing alternating voltage but here is a 
possible explanation. If you follow the magnetization axis of each horseshoe it is 
seen that the earth’s field supplies a magnetic gradient around the curved section, 
hence spin polarized conduction electrons therein will be dragged along thus creating 
a tiny potential difference between the two legs of each magnet. The iron wires 
wound over that curved end do nothing except create contact points at the ends of 
each curvature. We can discount any galvanic potential between iron wire and 
magnet since the magnets used were of magnetized steel. However we cannot ignore 
the galvanic potential between the zinc and the iron connection, or indeed the solder 
used for the connection. Although the two connections to the zinc would normally 
result in a zero overall potential, there exists a difference in the magnetic field at each 
end of the zinc, which could result in a significant (but low) voltage present. This 
magneto-Seebeck effect is a fairly new phenomenon and would not have been known 
in 1913 when the patent application was made. Also unknown at that time was the 
presence of spin-polarized conduction electrons. 


This all predicts the presence of DC voltage, so how could this become AC? Well the 
magneto-Seebeck effect can result in a positive or a negative potential, and it also 
changes with temperature. In fact there can be a crossover temperature where it 
changes from positive to negative. Hence the DC current flowing around the closed 
loop of iron wire could heat the thin zinc plates to take it through that crossover 
temperature, whereupon the current decreases, the zinc cools down then the whole 
process repeats itself. This would result in a very low frequency AC voltage being 
observed. 
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(37) ABSTRACT 


Atmospheric Transduction System including a Power Fre- 
quency broadcast station, a receiver, and a network. The 
Power Frequency broadcast station includes a transmitter and 
a computer server. The receiver is in communication with the 
Power Frequency broadcast transmitter and also includes a 
user interface for receiving user input commands comprising 
a request for information from the Power Frequency broad- 
cast station. The receiver is configured to establish a two-way 
communication path between the receiver and the Power 
Frequency broadcast transmitter. The network is in commu- 
nication with the transducer, controller and the receiver for 
exchanging information therebetween. In response to oscil- 
lation translation and/or rotation of the electronic transducer, 
portions of forces induced by the mass are transferred to the 
piezoelectric elements. Electrical energy output by these 
piezoelectric elements is received in a power controller and 
can be applied to the battery as self charging. The piezoelec- 
tric transducer includes a conductive rotor and bearings, at 
least one of them incorporating a vibrator of mechanical 
oscillation, having a piezoelectric transducer converting 
mechanical vibrations into electric power. 
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Distillation Set-up 
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Look in your drawer or on the bench for your steam bath. Grab 4 
lengths of Tygon tubing from either your drawer or the box in the back 
of the lab. 


T 
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Distillation Set-up 
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Place the steam bath on the ring under the round bottom flask. Adjust 
the height of the steam bath and/or apparatus as necessary. 


Connect two pieces of Tygon tubing to the condenser: one to each 
connection of the water-jacket of the condensor. The tubing to the 
lower connection goes to the water source, the upper connection goes 
to the drain. 


Connect two pieces of Tygon tubing to the steam bath: one to the 
lower and one to the upper connection. The tubing at the upper 
connection goes to the steam source, the lower one goes to the drain. 


Make sure all of the glass and tubing joints are tight before turning on 
the cooling water and the steam. You're done! 
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ATMOSPHERIC TRANSDUCTION SYSTEM 


CROSS REFERENCE TO RELATED 
APPLICATIONS 


[9001] NONE 
BACKGROUND OF THE INVENTION 


Field of the Invention 


[9002] Self-propelled travel is a type of recreational adven- 
ture travel using human powered transport. This includes 
non-motorized machines such as a bicycle or skateboard. It is 
in contrast to traveling in a powered vehicle (such as an 
automobile) as in that case it is the vehicle which powers 
itself. Self-propelled travel is used to travel short distances or 
even for much longer distances such as bicycle touring. Self 
propelled describes something that moves, progresses or acts 
on its own power without needing outside help. Leonardo da 
Vinci's 1478 Self-Propelled Car: It was more than 500 years 
ago, however—sometime around the year 1478 to be more or 
less specific—when Leonardo drew out his plans for the 
world’s first self-propelled vehicle. Experts originally 
believed two leaf springs, the simplest form of the spring 
typically used for automotive suspensions, somehow pow- 
ered the vehicle. Closer inspection eventually revealed the 
power came from bigger, coiled springs located in tambours, 
cylindrical drum-like casings, mside the car’s frame. The 
machine works like a robot or a wind-up toy simply by rotat- 
ing the wheels opposite of their intended direction, which 
winds up the springs inside and gives it power. Self propul- 
sion (of a vehicle) provided with its own source of tractive 
power rather than requiring an external means of propulsion. 
(0003) Inthe middle of the 18th century, Benjamin Frank- 
lin’s experiments showed that electrical phenomena of the 
atmosphere were not fundamentally different from those pro- 
duced in the laboratory. By 1749, Franklin observed lightning 
to possess almost all the properties observable in electrical 
machines. 

[9004] In July 1750, Franklin hypothesized that electricity 
could be taken from clouds via a tal] metal aerial with a sharp 
point. Before Franklin could carry out lus experiment, in 1752 
Thomas-Francois Dalibard erected a 40-foot (12 m) iron rod 
at Marly-la-Ville, near Paris, drawing sparks from a passing 
cloud. With ground-insulated aerials, an experimenter could 
bring a grounded lead with an insulated wax handle close to 
the aerial, and observe a spark discharge from the aerial to the 
grounding wire. In May 1752, Dalibard affirmed that Frank- 
lin’s theory was correct. 


Piezoelectric Motor 


[9005] A piezoelectric motor or piezo motor is a type of 
electric motor based upon the change in shape of a piezoelec- 
tric material when an electric field is applied. Piezoelectric 
motors make use of the converse piezoelectric effect whereby 
the material produces acoustic or ultrasonic vibrations in 
order to produce a linear or rotary motion. In one mechanism, 
the elongation in a single plane is used to make a series 
stretches and position holds, similar to the way a caterpillar 
moves. A transducer is a device that converts one form of 
energy to another. Energy types include (but are not limited 
to) electrical, mechanical, electromagnetic (including light), 
chemical, acoustic or thermal energy. While the term trans- 
ducer commonly implies the use of a sensor/detector, any 
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device which converts energy can be considered a transducer. 
Transducers are widely used in measuring instruments. 
Piezoelectric materials can also be used to harvest low levels 
of mechanical energy into electrical energy suitable for pow- 
ering wireless sensors, low power microprocessors or charg- 
ing batteries. Rotary Uses include rotating machines such as 
fans, turbines, drills, the wheels on electric cars, locomotives 
and conveyor belts. Also, in many vibrating or oscillating 
machines, an electric motor spins an unbalanced mass, caus- 
ing the motor (and its mounting structure) to vibrate. 


Atmospheric Electricity 


[0006] There is always free electricity in the air and in the 
clouds, which acts by induction on the earth and electromag- 
netic devices. Experiments have shown that there is always 
free electricity in the atmosphere, which is sometimes nega- 
tive and sometimes positive, but most generally positive, and 
the intensity of this free electricity is greater in the middle of 
the day than at morning or night and is greater in winter than 
in summer. In fine weather, the potential increases with alti- 
tude at about 30 volts per foot (100 V/m). 


Atmospheric Layers 


[0007] The electrical conductivity of the atmosphere 
increases exponentially with altitude. The amplitudes of the 
electric and magnetic components depend on season, latitude, 
and height above the sea level. The greater the altitude the 
more atmospheric electricity abounds. The exosphere is the 
uppermost layer of the atmosphere and is estimated to be 500 
km to 1000 km above the Earth's surface, and its upper 
boundary at about 10,000 km. The thermosphere (upper 
atmosphere) is the layer of the Earth’s atmosphere directly 
above the mesosphere and directly below the exosphere. 
Within this layer, ultraviolet radiation causes ionization. 
Theories that have been proposed to explain the phenomenon 
of the polar aurora, but it has been demonstrated by experi- 
ments that it is due to currents of positive electricity passing 
from the higher regions of the atmosphere to the earth. 
[0008] The mesosphere (middle atmosphere) is the layer of 
the Earth's atmosphere that is directly above the stratosphere 
and directly below the thermosphere. The mesosphere is 
located about 50-80/85 km above Earth’s surface. The strato- 
sphere (middle atmosphere) is a layer of Earth’s atmosphere 
that is stratified in temperature and is situated between about 
10 km and 50 kmn altitude above the surface at moderate 
latitudes, while at the poles it starts at about 8 km altitude. The 
stratosphere sits directly above the troposphere and directly 
below the mesosphere. The troposphere (lower atmosphere) 
is the densest layer of the atmosphere. 

[0009] The planetary boundary layer (PBL), also known as 
the atmospheric boundary layer (ABL), is the lowest part of 
the atmosphere and its behavior is directly influenced by its 
contact with the planetary surface. It is also known as the 
“exchange layer’. (see also: p-n junction.) 

[0010] There is a potential gradient at ground level (“Atmo- 
sphere ground layer”) and this vertical field corresponds to 
the negative charge in and near the Earth’s surface. The nega- 
tive potential gradient falls rapidly as altitude increases from 
the ground. Most of this potential gradient is in the first few 
kilometers. The positive potential gradient rises rapidly as 
altitude increases from the ground. Volta, over two centuries 
before the 21st century, discovered with some degree of exac- 
titude that the proportions of the ordinates of the curve or 


US 2014/0152016 Al 


gradient of electric potential increased as the distance from 
the earth increases, and, more recently, Engel has provided 
data to calculate the increase (Image to the right). 


Drum-Type Generator 


(0011) A drum-type homopolar generator has a magnetic 
field (B) that radiates radially from the center of the drum and 
induces voltage (V) down the length of the drum. A conduct- 
ing drum spun from above in the field of'a “loudspeaker” type 
of magnet that has one pole in the center of the drum and the 
other pole surrounding the drum could use conducting ball 
bearings at the top and bottom of the drum to pick up the 
generated current. 


Astrophysical Unipolar Inductors 


(0012) Unipolar inductors occur in astrophysics where a 
conductor rotates through a magnetic field, for example, the 
movement of the highly conductive plasma in a cosmic 
body's ionosphere through its magnetic field. In their book, 
Cosmical] Electrodynamics, Hannes Alfven and Carl-Gunne 
Falthammar write: 

[0013] “Since cosmical clouds of ionized gas are generally 
magnetized, their motion produces induced electric fields [ . . 
. ] For example the motion of the magnetized interplanetary 
plasma produces electric fields that are essential for the pro- 
duction of aurora and magnetic storms” [.. . ] 

(0014) “... the rotation of a conductor in a magnetic field 
produces an electric field in the system at rest. 

[9015] This phenomenon is well known from laboratory 
experiments and is usually called ‘homopolar’ or ‘unipolar’ 
induction. 


The Faraday Disc 


[9016] The homopolar generator was developed first by 
Michael Faraday during his experiments in 1831. It is fre- 
quently called the Faraday disc in his honor. It was the begin- 
ning of modern dynamos—that is, electrical generators 
which operate using a magnetic field. It was very inefficient 
and was not used as a practical power source, but it showed 
the possibility of generating electric power using magnetism, 
and led the way for commutated direct current dynamos and 
then alternating current alternators. 


Boeing 737-800 


[9017] The Boeing Fuel Cell Demonstrator Airplane has a 
Proton Exchange Membrane (PEM) fuel cel]/lithium-ion bat- 
tery hybrid system to power an electric motor, which is 
coupled to a conventional propeller. The fuel cell provides all 
power for the cruise phase of flight. During takeoff and climb, 
the flight segment that requires the most power, the system 
draws on lightweight lithium-ion batteries. 

(0018) The demonstrator aircraft is a Dimona motor glider, 
built by Diamond Aircraft Industries of Austria, which also 
carried out structural modifications to the aircraft. With a 
wing span of 16.3 meters (53.5 feet), the airplane will be able 
to cruise at approximately 100 kilometers per hour (62 miles 
per hour) on power from the fuel cell. 

(0019) Nikola Tesla explored the wireless transmission of 
energy through his work with radio and microwaves and his 
creation of the Tesla coi] and the magnifying transmitter. In 
1898, Tesla demonstrated his radio-controlled boat, which he 
was able to control remotely. In the 1930s, Tesla claimed to 
have invented a particle beam weapon, or, as some called it, a 
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“peace ray.” The device was, in theory, capable of generating 
an intense, targeted beam of energy and sending it across 
great distances to demolish warplanes, foreign armies, or 
anything else you'd rather didn’t exist. 

[0020] “Roy J. Meyers, British Patent Number 1098” 
[0021] This invention relates to improvements in apparatus 
for the production of electrical currents, and the primary 
object in view is the production of acommercially serviceable 
electrical current without the employment of mechanical or 
chemical action. To this end the invention comprises means 
for producing what I believe to be dynamic electricity from 
the earth and its ambient elements. 

[0022] Edward Leedskalnin: Magnetic Current— 

[0023] The Perpetual Motion Holderis primarily a teaching 
device but it has many functions including an electromagnet, 
this is easy enough to see; it is a generator—spin a magnet 
between the coils it will generate electricity; it functions as a 
transformer, it demonstrates how permanent magnets are 
made, and is a holder of perpetual motion. 


Strategic Defense Initiative 


[0024] TheStrategic Defense Initiative (SDI) was proposed 
to use ground and space-based systems to protect the United 
States from attack by strategic nuclear ballistic missiles. 


Description of the Related Art 


[0025] The present invention relates to a ball bearing 
assembly structure, an electromagnetic clutch having the bal] 
bearing assembly structure, and a gas compressor equipped 
with the electromagnetic clutch. 

[0026] When operating the gas compressor, the electro- 
magnet of the electromagnetic clutch is energized to attract or 
adsorb the follower armature plate to an end surface of the 
prime-mover pulley and join the prime-mover pulley and the 
rotor shaft, thereby rotating the rotor shaft. 

[0027] The bal] bearing of the electromagnetic clutch con- 
ventionally has used one having an even number of balls per 
row. Generally, the ball bearing causes vibration and noise 
due to rotation. In the case of the bal] bearing rotating while 
undergoing a radial Joad due to a tension of the belt, vibration 
and noise considerably occur. Particularly when other vibra- 
tion and noise levels are lowered during engine idling, the 
vibration and noise of the ball bearing transmitted to the 
vehicular compartment is not negligible. 

[0028] The inventor has conducted various experiments 
and discovered that the one factor of high vibration and noise 
level is an even number of balls of the ball bearing. In the ball 
bearing having an even number of balls per one row, the balls 
are in a facing relation to have linear-symmetry arrangement 
between the inner race and the outer race. The deformation 
and vibration at a regular particular frequency is caused in the 
inner and outer races. It is to be considered that the vibration 
as a source also increases noise. 

[0029] The present invention relates generally and in vari- 
ous embodiments to piezoelectric mechanical systems. More 
specifically, the present invention relates generally and in 
various embodiments to atmospheric oscillation transducer 
apparatuses, systems, and methods. 

[0030] Although various implementations of the present 
invention, among many, may be described herein with refer- 
ence to the specific illustrative embodiments related to par- 
ticular applications, those skilled in the art will understand 
that the invention is not in any way intended to be limited to 
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such embodiments and/or applications. Those having ordi- 
nary skill in the art and reference to the description of the 
embodiments herein will recognize additional modifications, 
applications, and other embodiments falling within the scope 
of the claimed invention and additional fields in which the 
present invention may be practiced. 

[9031] Digital Radio (also known as Satellite Radio or Sat- 
ellite Digital Audio Radio Service (SDARS)) is a subscriber- 
based digital radio service that is broadcast via satellites. 
Digital radio service provides compact-dise (CD) quality pro- 
gramming that may be digitally transmitted via one or more 
satellites and/or space stations to one or more Earth-based 
(terrestrial) digital radio stations, receivers, and/or repeaters. 
In satellite-based direct-broadcast radio services, digitally- 
encoded audio program material may be broadcast to terres- 
trial fixed or mobile digital radio receivers. Fixed receivers 
may include, for example, stand alone digital radio receivers 
or digital radio receivers connected via computer networks, 
including for example, the Internet. Mobile receivers may 
include, for example, digital radio receivers located in auto- 
mobiles, aircrafts, watercrafts, and the like. 

[9032] Satellite-based digital audio radio services such as 
SDARS, for example, may be broadcast to one or more digital 
radio receivers either directly from an orbiting satellite, or 
indirectly from one or more repeater stations. Such repeater 
stations may be useful where the digital radio receiver is 
located in a shielded location or where there is no direct line 
of sight between the radio and the satellite. In other digital 
audio radio services systems, the audio programs also may be 
transmitted in digital form by one or more space stations 
directly to fixed, mobile, and/or portable radio stations. Such 
systems may comprise, for example, orbiting satellites, 
complementary repeating terrestrial transmitters, telemetry, 
tracking, and control facilities. 

[0033] Combinations of mechanical devices U.S. Pat. Nos. 
4,019,073, 6,615,968 and atmospheric system interaction are 
disclosed in U.S. Pat. Nos. 1,119,732, 787,412, 6,902,513 to 
Nikola Tesla; 28,793 to Charles Vion; and U.S. Pat. No. 
1,540,998 to Herman Plauson. Lastly, U.S. Pat. No. 8,102, 
078 and US2008/0009240. Agnoff discloses an Oscillating 
watch winder in U.S. Pat. No. 6,543,929, Jennings further 
discloses an oscillating smart device in application No. 
13,572,679. 

[0034] As illustrated by a large body of prior art, including 
the above-noted patents, and a large number of commercial 
devices, efforts are continuously being made in an attempt to 
improve helmets, headsets and their methods of fabrication. 
Nothing in the prior art, however, suggests the present inven- 
tive combination of materials and method steps as herein 
described and claimed. The present invention achieves its 
purposes, objects and advantages over the prior art through a 
new, useful and unobvious combination of components and 
method steps which improve safety, comfort and noise abate- 
ment performance. 

[9035] Therefore, it is an object of this invention to provide 
Effectively, the provision of energy such that it meets the 
needs of the present without compromising the ability of 
future generations to meet their own needs . . . . Sustainable 
Energy has two key components: renewable energy and 
energy efficiency. 

[9036] It is still a further objection of this invention to 
promote Dynamic harmony between equitable availability of 
energy-intensive goods and services to all people and the 
preservation of the earth for future generations.” And, “the 
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solution will lie in finding sustainable energy sources and 
more efficient means of converting and utilizing energy. 
[0037] It is a further object of the present invention to 
produce Green Power Energy: is energy that can be extracted, 
generated, and/or consumed without any significant negative 
impact to the environment, green power; as electricity pro- 
duced from solar, wind, geothermal, biogas, biomass, and 
low-impact small hydroelectric sources. 

[0038] Thus, there is a need for a clean energy system that 
uses atmospheric electricity. 


Prior Art 


[0039] Quartz crystals have been in regular use for many 
years to give an accurate frequency for al] radio transmitters, 
radio receivers and computers. Their accuracy comes from an 
amazing set of coincidences: Quartz—which is silicon diox- 
ide like most sand—is unaffected by most solvents and 
remains crystalline to hundreds of degrees Fahrenheit. The 
property that makes it an electronic miracle is the fact that, 
when compressed or bent, it generates a charge or voltage on 
its surface. This is a fairly common phenomenon called the 
Piezoelectric effect. In the same way, ifa voltage 1s applied, 
quartz will bend or change its shape very slightly. 

[0040] Ifa bell were shaped by grinding a single crystal of 
quartz, it would ring for minutes after being tapped. Almost 
no energy is lost in the material. A quartz bell—if shaped in 
the right direction to the crystalline axis—will have an oscil- 
lating voltage on its surface, and the rate of oscillation is 
unaffected by temperature. If the surface voltage on the crys- 
tal is picked off with plated electrodes and amplified by a 
transistor or integrated circuit, it can be re-applied to the bell 
to keep it ringing. 

[0041] Theelectronics of the watch initially amplifies noise 
at the crystal frequency. This builds or regenerates into oscil- 
lation—it starts the crystal ringing. The output of the watch 
crystal oscillator is then converted to pulses suitable for the 
digital circuits. 


Polymers 


[0042] Polyvinylidene fluoride (PVDF): PVDF exhibits 
piezoelectricity several times greater than quartz. Unlike 
ceramics, where the crystal structure of the material creates 
the piezoelectric effect, in polymers the intertwined long- 
chain molecules attract and repel each other when an electric 
field is applied. 


Near Space 


[0043] Solar particles become trapped within the Earth’s 
magnetic field and form radiation belts. The Van Allen radia- 
tion belt is a torus of energetic charged particles (i.e. a plasma) 
around Earth, trapped by Earth’s magnetic field. 

[0044] At elevations above the clouds, atmospheric elec- 
tricity forms a continuous and distinct element (called the 
electrosphere) in which the Earth is surrounded. The electro- 
sphere layer (from tens of kilometers above the surface of the 
earth to the ionosphere) has a high electrical conductivity and 
is essentially at a constant electric potential. The ionosphere 
is the inner edge of the magnetosphere and is the part of the 
atmosphere that is ionized by solar radiation. (Photoionisa- 
tion is a physical process in which a photon is incident on an 
atom, ion or molecule, resulting in the ejection of one or more 
electrons.) 
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Advantages/Disadvantages 


(0045) Energy in electronic elements: Electric potential 
energy, or electrostatic potential energy, is a potential energy 
(measured in joules) that results from conservative Coulomb 
forces and is associated with the configuration of a particular 
set of point charges within a defined system. The term “elec- 
tric potential energy” is used to describe the potential energy 
in systems with time-variant electric fields, while the term 
“electrostatic potential energy” is used to describe the poten- 
tial energy in systems with time-invariant electric fields. 


[9046] Capacitance is the ability of a body to store an elec- 
trical charge. Any body or structure that is capable of being 
charged, either with static electricity or by an electric current, 
exhibits capacitance. A common form of energy storage 
device is a parallel-plate capacitor. In a parallel plate capaci- 
tor, capacitance is directly proportional to the surface area of 
the conductor plates and inversely proportional to the sepa- 
ration distance between the plates. If the charges on the plates 
are +q and -q, and V gives the voltage between the plates, then 
the capacitance C is given by 


C=qik 


[0047] The capacitance is a function only of the physical 
dimensions (geometry ) of the conductors and the permittivity 
of the dielectric. It is independent of the potential difference 
between the conductors and the total charge on them. 


[9048] Piezoelectricity is the combined effect of the elec- 
trical behavior of the material: 


D=CE 


where D is the electric charge density displacement (electric 
displacement), © is permittivity and E is electric field 
strength, and 


Hooke’s Law: S=sf 


where S is strain, s 1s compliance and T is stress. 


[0049] Polyvinylidene fluoride, or polyvinylidene difluo- 
ride (PVDF) is a highly non-reactive and pure thermoplastic 
fluoropolymer produced by the polymerization of vinylidene 
difluoride. PVDF is a specialty plastic material in the fluo- 
ropolymer family; it is used generally in applications requir- 
ing the highest purity, strength, and resistance to solvents, 
acids, bases and heat and low smoke generation during a fire 
event. Compared to other fluoropolymers, it has an easier 
melt process because of its relatively low melting point of 
around 177°C, 


(0050) thas alow density (1.78) and low cost compared to 
the other fluoropolymers. It is available as piping products, 
sheet, tubing, films, plate and an insulator for premium wire. 
It can be injected, molded or welded and is commonly used in 
the chemical, semiconductor, medical and defense industries, 
as well as in lithium ion batteries. It is also available as a 
crosslinked closed cell foam, used increasingly in aviation 
and aerospace. PVDF has a glass transition temperature (Tg) 
of about -35° C. and is typically 50-60% crystalline. To give 
the material its piezoelectric properties, it is mechanically 
stretched to orient the molecular chains and then poled under 
tension. PVDF exists in several forms: alpha (TGTG’), beta 
(TTTT), and gamma (TTTGTTTG’) phases, depending on 
the chain conformations as trans (T) or gauche (G) linkages. 
When poled, PVDF is a ferroelectric polymer, exhibiting 
efficient piezoelectric and pyroelectric properties. These 
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characteristics make it useful in sensor and battery applica- 
tions. Thin films of PVDF are used in some newer thermal 
camera sensors. 

[0051] Copolymers: Copolymers of PVDF are also used in 
piezoelectric and electrostrictive applications. One of the 
most commonly-used copolymers is P(VDF-trifluoroethyl- 
ene), usually available in ratios of about 50:50 wt % and 65:35 
wt % (equivalent to about 56:44 mol % and 70:30 mol %). 
Another one is P(VDF-tetrafluoroethylene). They improve 
the piezoelectric response by improving the crystallinity of 
the material. 

[0052] While the copolymers’ unit structures are less polar 
than that of pure PVDF, the copolymers typically have a much 
higher crystallinity. This results in a larger piezoelectric 
response: d33 values for P(VDF-TrFE) have been recorded to 
be as high as -38 pC/N versus -33 pC/N in pure PVDF. 
[0053] Applications: 

[0054] The piezoelectric properties of PVDF are used to 
advantage to manufacture tactile sensor arrays, inexpensive 
strain gauges and lightweight audio transducers. Piezoelec- 
tric panels made of PVDF are used on the Venetia Burney 
Student Dust Counter, a scientific instrument of the New 
Horizons space probe that measures dust density in the outer 
solar system. PVDF is the standard binder material used in the 
production of composite electrodes for lithium ion batteries. 
1-2% weight solution of PVDF dissolved in N-Methy]-2- 
pyrrolidone (NMP) is mixed with an active lithium storage 
material such as graphite, silicon, tin, LiCoO2, LiMn204, or 
LiFePO4 and a conductive additive such as carbon black or 
carbon nanofibers. This slurry 1s cast onto a metallic current 
collector and the NMP is evaporated to form a composite or 
paste electrode. PVDF is used because it is chemically inert 
over the potential range used and does not react with the 
electrolyte or lithium. Piezoelectric elements can be used in 
laser mirror alignment, where their ability to move a large 
mass (the mirror mount) over microscopic distances is 
exploited to electronically align some laser mirrors. By pre- 
cisely controlling the distance between mirrors, the laser elec- 
tronics can accurately maintain optical conditions inside the 
laser cavity to optimize the beam output. Piezoelectric sen- 
sors especially are used with high frequency sound in ultra- 
sonic transducers for medical imaging and also industrial 
nondestructive testing (NDT). 

[0055] For many sensing techniques, the sensor can act as 
both a sensor and an actuator—often the term transducer is 
preferred when the device acts in this dual capacity, but mast 
piezo devices have this property of reversibility whether it is 
used or not. Ultrasonic transducers, for example, can inject 
ultrasound waves into the body, receive the returned wave, 
and convert it to an electrical signal (a voltage). Most medical 
ultrasound transducers are piezoelectric. 

[0056] Advantageously, 

[0057] Sustainable energy is the sustainable provision of 
energy that meets the needs of the present without compro- 
mising the ability of future generations to meet their needs. 
Technologies that promote sustainable energy include renew- 
able energy sources, such as hydroelectricity, solar energy, 
wind energy, wave power, geothermal energy, and tidal 
power, and also technologies designed to improve energy 
efficiency. 

[0058] This sequence of oscillations causes the rotor within 
the watch to spin rapidly thereby winding the watch in a 
manner closely simulating the spinning of the rotor that 
occurs during normal winding of the watch when the watch is 
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worn by a user. Due to the forces that are exerted, the rotor 
spins around the watch shaft during the oscillations, as 
opposed to the partial rotation observed in prior art mecha- 
nisms. Therefore, the time required to wind the watch, and the 
energy required, is substantially reduced. Moreover, since the 
rotor is spinning about the shaft, as opposed to merely being 
held ina downward position while the watch is rotated, wind- 
ing more closely approximating the design mechanism is 
achieved, thereby putting Jess wear on the watch. 

[0059] This invention relates to satellite communications 
systems using multiple spot beams from a geosynchronous 
earth orbit satellite to provide selective coverage of the con- 
tinental United States and, more particularly, relates to a 
system having a satellite receiving hub in every spot beam 
that allows for asynchronous communications between each 
hub and the satellite for maximizing frequency re-use. 
[9060] These purposes, objects and advantages should be 
construed as merely illustrative of some of the more promi- 
nent features and applications of the present invention. Many 
other beneficial results can be obtained by applying the dis- 
closed invention in a different manner or by modifying the 
invention within the scope of the disclosure. Accordingly, 
other purposes, objects and advantages as well as a fuller 
understanding of the invention may be had by referring to the 
summary herein mentioned and detailed description describ- 
ing the preferred embodiments of the invention, in addition to 
the scope of the invention, as defined by the claims, taken in 
conjunction with the accompanying drawings. 


SUMMARY OF THE INVENTION 


[0061] In one general respect, an embodiment of the 
present invention is directed to a system. The system includes 
a Power Frequency broadcast station, a receiver, and a net- 
work. The Power Frequency broadcast station includes a 
transmitter and a server. The receiver is in communication 
with the Power Frequency broadcast transmitter and also 
includes a user interface for receiving user input commands 
comprising a request for information from the Power Fre- 
quency broadcast station. 

[0062] The receiver is configured to establish a two-way 
communication path between the receiver and the Power 
Frequency broadcast transmitter. The network is in commu- 
nication with the server and the receiver for exchanging infor- 
mation therebetween. The request for information is provided 
to the server via the network and the server is configured to 
receive the request and transmit a response message to the 
receiver in accordance with the request. 


Continuously Outboard Recharged Electric Vehicle 
(COREY) 


[9063] Given suitable infrastructure, permissions and 
vehicles, BEVs (battery electric vehicles) can be recharged 
while the user drives. The BEV establishes contact with an 
electrified rail, plate or overhead wires on the highway via an 
attached conducting wheel or other similar mechanism (see 
Conduit current collection). The BEV’s batteries are 
recharged by this process—on the highway—and can then be 
used normally on other roads until the battery is discharged. 
Some of battery-electric locomotives used for maintenance 
trains on the London Underground are capable of this mode of 
operation. Power is picked up from the electrified rails where 
possible, switching to battery power where the electricity 
supply is disconnected. 
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[0064] The present invention is directed to overcome the 
disadvantages of the prior art. The invention is a mechanism 
which taps into the naturally occurring static electricity in the 
atmosphere. Whereas heretofore, the attempt to garner elec- 
tricity from the atmosphere has focused exclusively on cap- 
turing lightning, the present invention syphons off the static 
electricity which is generated from any agitated air and voids 
lightning. 

[0065] Lightning is only the final discharge of the static 
electricity, whether that lightning is intra-cloud lightning, 
cloud-to-ground lightning, or inter-cloud lightning. Other 
types of final discharges are known as heat lightning, summer 
lightning, sheet lightning, ribbon lightning, silent lightning, 
ball lightning, bead lightning, elves, jets, and sprites. Well 
before these discharges are observed, as the atmosphere 
becomes agitated by wind or thermal, static electricity is 
being generated. The present invention recognizes that this 
static electricity 1s being formed and creates a mechanism to 
capture it, 

[0066] In the preferred embodiment, a sensor array is used 
to monitor the activities both at the base unit (such as electri- 
cal flow within the conductor) and in the surrounding locale. 
A sensor monitoring the electrical flow (i.e. voltage and/or 
current) within the conductor is used to monitor the electrical 
activity within the conductor. 

[0067] In the preferred embodiment, a lightning sensor 
monitors for lightning activity within the locale. As noted 
earlier, the electrical characteristic of lightning is so extreme 
that ideally this discharge is avoided as it might damage the 
mechanism of this invention. The sensor array is utilized by a 
controller, such as microprocessor, programmed to operate 
the mechanism as outlined herein. 

[0068] Thecontroller operates the winch motor to extend or 
withdraw the conductive line and by extension the altitude of 
the balloon. The controller is programmed to operate the 
winch by monitoring the electrical characteristics of the con- 
ductor and adjusting the balloon’s altitude to maintain these 
characteristics within the conductor within a preset range. 
[0069] This preset range is established either in the base 
programming of the controller or is established by an operator 
of the system. As example, by controlling the amount of 
current being withdrawn from the atmosphere, the mecha- 
nism operates within a safe range and also provides a rela- 
tively stable current flow from which a variety of activities 
can take place (such as DC-AC conversion). 

[0070] The controller also utilizes the lightning sensor to 
protect the mechanism from a lightning strike. Should light- 
ning be detected within a pre-determined range (as estab- 
lished by the software or defined by an operator), then the 
balloon is pulled down to minimize the risk of damage from 
a lightning strike. 

[0071] Another aspect of the invention relates to the elec- 
trical system which accepts the fluctuating atmospheric 
charge and changes it into an acceptable configuration for 
either the desired load or for the existing power grid. 

[0072] Power grids in the United States operate with a 
frequency of 60 hertz in an alternating current arrangement. 
While this basic configuration seems to be universally 
accepted, the voltage within the grid varies dramatically, such 
as 15 kv, 34 ky, 69 ky, and even 112 kv. 

[0073] Each atmospheric generator is placed proximate to 
or within easy access to a specific grid; this establishes the 
required electrical output configuration (i.e. that which is 
accepted by the power grid). As example, one of the atmo- 
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spheric electrical collector units as described above collects 
the atmospheric electrical power as direct current and then 
supplies the appropriate power grid a specific flow (as 
example, AC, 60 hertz, at 69 kv). 

(0074) The difficulty lies the fact that the DC current being 
garnered from the atmosphere varies depending on the actual 
agitation being generated in the atmosphere. This means that 
the source of DC current is fluctuating. 

[9075] The present invention uses a monitoring system 
which checks the input DC voltage. Depending on the actual 
voltage being received, the appropriate converter is con- 
nected to the input DC voltage so that the desired output is 
obtained. 

[9076] As example, suppose the DC input voltage is 1500 
volts, the monitoring system, sensing this mput, closes the 
switch connecting the DC voltage to a converter which 
accepts DC voltage in the range of 1000-2000 volts which 
then delivers an AC, 60 hertz 69 kv signal to the power grid. 
If the DC input voltage increases to 2100 volts, then the 
monitoring system opens the switch to the first converter 
(1000-2000 volts) and closes the switch to a second converter 
(such as 2000-4000 volts) to deliver the desired output of AC 
(60 hertz, 69 kv) for the power grid. 

[9077] In this manner, regardless of the fluctuating input 
DC voltage, the electrical grid is supplied with a fully con- 
figured electrical input conforming to the needs of that spe- 
cific electrical grid. 

[9078] Another aspect of the present invention is the use of 
a tower or permanent structure instead of an aircraft. In this 
embodiment, the building or tower is electrically isolated 
from the ground and a rod (similar to a lightning rod) is 
extended into the atmosphere. The rod collects the atmo- 
spheric charge which is conveyed via an electrical conduit 
(ideally insulated) where the collected DC charge is recon- 
figured to meets the need of the locale. 

[0079] Inthis context, for one embodiment of the invention, 
a tower is placed onto the top of a building. The tower is 
electrically isolated from the building using such mecha- 
nisms well known to those of ordinary skill in the art such as 
rubber mats. A rod ideally extends from the top of the tower 
to facilitate the collection of the DC electrical energy. 
(0080) Piezoelectricity is a material property that is mani- 
fested when voltage is produced by applying mechanical 
forces, and vice versa, the effect has been described as direct 
and converse. Piezoelectricity has been described as coupling 
between a quasi-static electric field and dynamic mechanical 
motion. 

(0081) A piezoelectricity converter mechanism such as 
described above, is connected to the tower to flow the DC 
electricity to a converter which modifies the DC current for 
the specific application. In one application, the DC current is 
converted to the electrical needs of the building, thereby 
providing at least some of the electrical requirements of the 
building itself. 

[0082] As noted earlier, the dynamic converter system of 
the present invention allows a power generator to address a 
variable voltage in an efficient manner. This makes the 
dynamic converter system ideal for a variety of alternative 
energy sources such as the above described atmospheric elec- 
trical generator and other alternative energy sources such as 
wind and wave powered systems. In these systems, the energy 
being generated must be converted to a proper electrical con- 
figuration for a identified load. This may be a particular motor 
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or comnection to the power grid which act as a load to the 
power generating mechanism. 

[0083] For these energy generating systems, the converter 
assembly of this invention utilizes multiple converters. Each 
converter is configured to accept a unique range of voltages 
and from these voltages, create the desired electrical configu- 
ration. By using multiple converters, a full range is available, 
from a minimum voltage input to a maximum voltage input. 
[0084] The present invention can include systems and 
methods for integrating sensors for tracking atmospheric 
transducer system performance metrics into media devices 
and accessories therefor, thereby reducing or eliminating the 
need for additional independent monitoring devices. In one 
embodiment of the present invention. 

[0085] It also is known to provide such transducers with 
connectors to allow their rechargeable batteries to be charged. 
In some cases, the connector is a Universal Serial Bus (USB) 
connector, allowing the transducer to be charged by plugging 
it into the USB port ofa computer, grid circuit or other device. 
[0086] These and other objects and advantages of the inven- 
tion will appear more clearly from the following description 
in which the preferred embodiment of the invention has been 
set forth in conjunction with the drawings. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0087] FIG. 1 Prior Art depicts perspective view of Electric 
currents created in sunward ionosphere; 

[0088] FIG. 2 is a box flow chart of the propulsion cycle 
systems present invention; 

[0089] FIG. 3 is an top view of the piezoelectric disk cyl- 
inder orb of the present invention; 

[0090] FIG. 4 is a longitudinal sectional view showing an 
embodiment of this invention, 

[0091] FIG. 5 is a top view of the (ATS) slip rotor piezo- 
electric chamber of the present invention; 

[0092] FIG. 6 is an alternate top view of the piezoelectric 
cylinder orb of the present invention; 

[0093] FIG. 7-10 elevation views of spine piezo stacks 
embodiments of the present invention; 

[0094] FIG. 11 illustrates one embodiment of a power ser- 
vice (ATS) system architecture; 

[0095] FIG. 12 is a block diagram of the ATS charge sche- 
matics systems of the present invention; 

[0096] FIG. 13 is a block diagram of an ATS charge and 
recycle schematics of the present invention; 

[0097] FIG. 14 is a view of the piezoelectric ball race cyl- 
inder of the present invention; 

[0098] FIG. 15 is a view of the piezoelectric housing and 
gear of the present invention; 

[0099] FIG. 16 isa view ofa multiple piezoelectric ball race 
cylinder of the present mvention; 

[0100] FIG. 17 is another embodiment of the piezoelectric 
stack ball of the present invention; 

[0101] FIGS. 18 & 19 are antenna rod transmit device 
embodiments of the (ATS) present invention, 

[0102] FIG. 20 illustrates substation embodiment of the 
power service (ATS) system architecture; 

[0103] FIG. 21 illustrates a home embodiment of the power 
service (ATS) system architecture; 

[0104] FIG. 22 illustrates a window embodiment of the 
power service (ATS) system architecture, 

[0105] FIG. 23 is(ATS) shock device in accordance with an 
embodiment of the present invention; 


Distillation Set-up 


completed! 


This is the entire set-up, ready to begin distillation. 
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(0106) FIG. 24is (ATS) shock device in accordance with an 
embodiment of the present invention; 

[0107] FIG. 25 is (ATS) motorcycle device embodiment of 
the present invention, 

(0108) FIG. 26 is (ATS) axle device in accordance with an 
embodiment of the present invention; 

[0109] FIG. 27 is (ATS) train device in accordance with an 
embodiment of the present invention; 

(0110) FIG. 28 is (ATS) plane device in accordance with an 
embodiment of the present invention; 

[0111] FIG. 29 is (ATS) boat device in accordance with an 
embodiment of the present invention; 

(0112) FIG. 30 is (ATS) solar device in accordance with an 
embodiment of the present invention; 

(0113) FIG. 31a (ATS) turbine device in accordance with 
an embodiment of the present invention; 

[9114] FIG. 32 is (ATS) auto body panel device embodi- 
ment of the present vention; 

(0115] FIG. 33 is (ATS) motorcycle body fairing panel 
device in of the present invention; and 

[9116] FIG. 34 is (ATS) cross section view of body embed 
panel device of the present invention. 


DETAILED DESCRIPTION 


[0117] This sequence of oscillations causes the conductive 
rotor within piezoelectric molded housing device to spin rap- 
idly thereby winding the mechanism in a manner closely 
simulating the spinning of the conductive rotor that occurs 
during normal electric activity when the device is activated. 
Due to the forces that are exerted, the conductive rotor spins 
around the piezoelectric cylinder device shaft during the 
oscillations, as opposed to the partial rotation observed in 
prior art mechanisms. Therefore, the time required to charge 
the Atmospheric Transduction System (ATS) device, and the 
energy required, is substantially reduced. Moreover, since the 
rotor is spinning about the shaft, as opposed to merely being 
held in a downward position while the ATS device is rotated, 
recharging more closely approximating the design mecha- 
nism is achieved, thereby putting less wear on the ATS cham- 
ber device Innovative Piezoelectric housing and bal] bearing, 
coupler and book spine stacks. There relies the notion of 
negative ground electricity and positive aerial electricity 
which is in abundance. This invention substantiates land 
vehicles recycle recharge by reverse oscillation. Aerial 
vehicles recycle recharge by forward oscillation in accumu- 
lation of environmental positive and negative electricity. 
These aforementioned activities are integral or synchronous 
with frequency. 

(0118) Prior Art FIG. 1 

(0119) Electric currents created in sunward ionosphere. 
FIG. 2 is a recycle box flow chart 49 of a self propulsion unit 
consisting of a battery 27, engine 29 and piezoelectric trans- 
ducer 33 unit. FIG. 3 is a multiple disk 31 load part 51 about 
a 360 degree cylinder 45 and shaft 44. FIG. 41s a piezoelectric 
molded device 100 housing 110 containing a ball bearing race 
104, disk stacks capacitor 102 and conductive rotor 46. FIG. 
5 is a piezoelectric chamber 120 configuration including a 
counterweights 50, shaft 44, conductive slip rotor 106. FIG. 6 
is an alternate part 200 chamber cylinder 201 embodiment 
containing piezoelectric spine disk stack capacitors 102. FIG. 
7-10 are variations of spine 107,108,109,110 case piezoelec- 
tric stack capacitor 102 with plate and ball heads. FIG. 11 
Various embodiments of the present invention, among others, 
will now be described with reference to the accompanying 
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drawings. Accordingly, FIG. 11 illustrates an embodiment of 
a Atmospheric Transduction (ATS) System 300 architecture. 
The system 300 may include, for example, a satellite broad- 
cast station 318 that transmits signals 333 containing fre- 
quency content from a geostationary satellite 312 by way of 
airplane antenna 326. In turn, the satellite 312 transmits line- 
of-sight (LOS) signals 333 to one or more ATS terrestrial 
frequency power receiver farms 314. The system 300 also 
may include one or more terrestrial repeaters 316 which 
receive and retransmit the satellite signals 333 as repeater 
signals 323 to facilitate reliable reception in geographic areas 
where LOS reception from the satellite 312 is obstructed by 
tall buildings, hills, tunnels, and other similar impediments to 
the signals 333. The ATS receivers 314 maybe designed to 
receive one or more signals 333 from the satellite 312 and/or 
from the terrestrial repeater transceiver 316. In operation, 
such ATS receivers 314 may receive both the satellite signals 
333 and the repeater signals 323. The receivers 314 also may 
be located in mobile environments 320, 321, 322 which 
include, but are not limited to, land vehicles 321, 322, aircraft 
320, watercraft 900, and handheld devices, among others. 
The receivers 314 also may be fixed in stationary units for 
residential use (e.g., home 325,750 entertainment, etc.) or 
commercial 314, 328,360 use (e.g., business 314, office 700, 
security 328, etc.). The power frequency broadcast station 
318 also may be in communication with a grid network 342. 
Two-way communication between the ATS receivers 314 and 
the power frequency broadcast station 318 may occur via the 
network 342. Furthermore, information feedback from the 
power frequency broadcast station 318 may be transmitted to 
the ATS receiver 314 both by way of the network 342 as well 
as viathe satellite 312. Information also may be transmitted to 
the power broadcast station 318 wirelessly via a wireless 
network 342,707 by way of transducer tower 360. 


[0120] Further disclosed in FIG. 12 and FIG. 13 (in block 
diagrams 400, 500) are electrical schematics for handling the 
static charge from the atmosphere. By maintaining the volt- 
age being collected in a prescribed range, an electrical con- 
version system is easily designed. While FIGS. 12, and 13 
illustrate some electrical configurations, those of ordinary 
skill in the art readily recognize a variety of other contigura- 
tions which will serve the same function. 


[0121] Referencing FIG. 12, Direct Current In (DC IN) 401 
is buffered by a gang of capacitors 410 before being commu- 
nicated to a DC/AC converter 420, The DC/AC converter 420 
converts the direct current into a an alternating current suit- 
able for placement over an existing electrical grid 430 such as 
normally found from a power-plant. FIG. 12 Also illustrates 
an electrical arrangement suitable for use in charging a bat- 
tery 440. DC IN 401 is buffered by capacitor 410 bank before 
entering into a step down transformer 435. Step down trans- 
former 435 reduces the voltage so that the voltage can safely 
be introduced into battery 440 which is connected to ground 
450 at the battery’s other pole. In FIG. 12, DC IN 401 is fed 
into an adjustable rheostat 460 which is controlled by the 
controller 465 so that the DC OUT 470 falls within a com- 
puter 475 monitored and sensor 480 specified range. FIG. 13 
Hypothetically, unused energy may be recycled current 501 
and/or recaptured by reversing the oscillated spin rotation of 
devices 51, 100, 120 with the use ofa rectifier 502 and Step up 
transformer 503, returned to grid 430 capacitor 410. This 
theory lends itself to the concept of positive and negative 
frequency. FIG. 14-17 Self charging propulsion embodiment 
of the invention where Da Vinci’s ball race 510,512 is com- 
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bined with a disk cylinder 45 and 513 stack balls 525, con- 
ductive rotor 46, 511 tooth gear 515 and piezoelectric molded 
housing 555. FIGS. 18 & 19 Improvement structures Frank- 
lin’s lightening rod 600,603 and a molded vibration trans- 
ducer 601 quasi replicating Vion’s tubes and piezoelectric 
spine stacks capacitor 602 improving Tesla’s Atmospheric 
transmit device. FIG. 20 is an atmospheric receiving building 
sub station 700 where energy is consumed and excess ren- 
dered to the grid 707 by conductive rotor 702 transducer 710, 
tower transducer 703, antenna rod 701 and transducer win- 
dows 704. 

[0122] FIG. 12 and FIG. 2 flowchart illustration also 
includes battery 440. Battery 440 may provide electrical 
power to components of ATS devices within FIG. 11. Charg- 
ing circuitry may also be provided to charge battery 440 when 
an externa] power supply is connected to an ATS device 100. 
FIG. 14-17 eliminates one or more steps by presenting a self 
charge retaining transducer §10-513 may be configured with 
an accelerator sensor 480 controller 465 and gears 515, pro- 
vide reciprocal power incorporated within piezoelectric 
molded and ceramic housing 555 along with stack balls 525 
and cylinder 545. This assembly more resembles a motor by 
characteristics given power with application. 

[0123] In operation, as illustrated in FIGS. 2-20 and FIGS. 
21-34, is periodically energized by movement to rotate Orb in 
either a clockwise or counterclockwise direction. The length 
of time or activity is energized, and the length of time between 
the period when the capacitor 31, 102 battery is energized, 
will depend on the particular ATS device design. As the Orb 
rotates, the outer end of the disk moves along a 360° circular 
pathway to push against with forward and rearwardly spin- 
ning. Upon engagement of the Orb, ATS device disk is rotated 
until carried to the apex or top of the circular pathway. Upon 
reaching the apex, the gravitational and vibrational force or 
counterweight 50 promotes additional oscillation. ATS 
device movement rapidly rotate on Orb at a rotational speed 
greater than the speed of rotation of Orb. Counterweight 50 is 
then carried beyond the bottom or lowest point of the pathway 
by its momentum to a point near the apex on the opposite side 
of the pathway. The cycle is repeated through multiple 
increasing oscillations of the ATS device until counterweight 
50 stops at the bottom position, or until once again engages to 
again move counterweight to the top of its circular pathway. 
[9124] FIG. 2 isa flow chart showing generation of energy 
using a rotor according to one or more of the above-described 
embodiments. First, battery 27 starts the engine 29 and/or 
mobile transducer 33 is oscillated. In response to this accel- 
eration, forces are imposed on one or more rotation piezo- 
electric devices. In response to those forces, the piezoelectric 
devices output electrical energy, which energy is extracted at 
a power controller 465. The power controller 465 sensor 480 
then makes this energy available to recharge a capacitor 410 
battery 440 and/or to electronic components of the mobile 
terminal. Although FIG. 2 shows a serial flow of events, it is 
to be appreciated that the events of blocks 33, 27 and 29 occur 
substantially instantaneously upon acceleration of the mobile 
terminal. 


Preferred Alternate Embodiments 


[9125] The present invention (ATS) device in accordance 
with an embodiment of the present invention overcomes the 
foregoing problem in the conventional art and provides an 
electro energy vibration and alternative to gas, oil or fossil 
fuel consumption in FIG. 21 homes 750 transducer 755, FIG. 
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28 airplane 880 transducer 801, FIG. 27 train 860 transducer 
801, FIG. 32 auto 950 transducer 910, FIG. 25 and FIG. 33 
motorcycles 960,850 transducers 799, 802, 810, 910 and FIG. 
29 boat 900 transducers 901.910. 

[0126] In order to solve the foregoing problems in the con- 
ventional art, the present invention provides an electro trans- 
ducer having a ball bearing assembly which is compatible 
with FIG. 26 axle shaft 44 transducer 810 whee] 870 assem- 
bly. In order to solve the foregoing problems in the conven- 
tional art, the present invention provides an electro transducer 
having an FIG. 34 housing panel 980 transducer 910 assem- 
bly which is compatible with an exterior body assembly. 
Thereby, an Atmospheric transducer device may be shock 
800 integrated as within the FIG. 23 coupler 802, and FIG. 24 
ladder 799, (vertical friction) piezoelectric absorbers assem- 
blies. In order to solve the foregoing problems in the conven- 
tional art, the present invention provides an electro transducer 
having a capable flat assembly which is compatible with FIG. 
22 window 704 disk 31 plate transducer 714, FIG. 30 solar 
panel 920 transducer 910, FIG. 31 wind turbine 930 trans- 
ducer 910 assembly. This invention provided FIG. 3 piezo- 
electric plate disks 31, FIG. 7-10 spine piezoelectric disks 
stacks 107-110 capacitor 102, FIG. 17 piezoelectric stack 
balls 525 capacitor, the arrangement of balls 525 will not bein 
a facing relation. The deformation in the inner and outer races 
during rotation of the ball bearing while undergoing a radial 
load is made irregular and complicated. The spine eliminates 
the deformation and vibration level increased by a combina- 
tion of ceramic and molded piezoelectric materials at a regu- 
lar predetermined frequency thereby multiplying the level of 
vibration and noise reduction. 

[0127] Certain modifications and improvements will occur 
to those skilled in the art upon a reading of the foregoing 
description. It should be understood that all such modifica- 
tions and improvements have been deleted herein for the sake 
of conciseness and readability but are properly within the 
scope of the following claims. 

[0128] Thus it is seen that an atmospheric transducer device 
may be integrated and/or provided. It will be understood that 
the foregoing is only illustrative of the principles of the inven- 
tion, and that various modifications can be made by those 
skilled in the art without departing from the scope and spirit of 
the invention, and the present invention is limited only by the 
claims that follow. 

1-3. (canceled) 

4. An atmospheric transduction system comprising: 

means for recycle recharge by oscillation and frequency in 

accumulation of environmental positive and negative 
electricity, maintaining the voltage being collected in a 
prescribed range, providing an electrical conversion 
broadcast network; and 

means for collecting the atmospheric electrical power as 

direct current and then supplies the appropriate power 
grid, transceiver and capacitates a charge; and 

means for self charging propulsion provides motor charac- 

teristics, and frequency engine. 

5. The atmospheric transduction system in accordance with 
claim 1, wherein said means for recycle recharge by oscilla- 
tion and frequency in accumulation of environmental positive 
and negative electricity, maintaining the voltage being col- 
lected in a prescribed range, an electrical conversion broad- 
cast network comprises piezoelectric transducer molded 
device(s), rotor, stack ball bearing, coupler, book spine stacks 
and antenna rod stacks; 
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wherein said means for collecting the atmospheric electri- 


cal power as direct current and then supplies the appro- 
priate power grid and capacitates a charge comprises a 
piezoelectric network, piezoelectric grid, piezoelectric 
spine stack antenna, piezoelectric transmitters, piezo- 
electric receivers, piezoelectric devices, piezoelectric 
cylinders and orbs, power frequency broadcast; 


wherein said means for charging providing motor charac- 


6. 


teristics, said power frequency engine comprises a sen- 
sor accelerator, rotor/gear, battery/capacitor, antenna, 
controller, for propulsion. 

An atmospheric transduction system comprising: 


a piezoelectric transducer molded device(s), rotor, spine 


ball bearing, coupler and book spine stack transducers, 
for recycle recharge by oscillation and frequency in 
accumulation of environmental positive and negative 
electricity, maintaining the voltage being collected in a 
prescribed range, providing an electrical conversion 
broadcast server network; and 


a piezoelectric network, piezoelectric grid, piezoelectric 


spine stack antenna, piezoelectric transmitters, piezo- 
electric receivers, piezoelectric devices, piezoelectric 
cylinders and disc orbs, stack rods, power frequency 
broadcast, for collecting the atmospheric electrical 
power as direct current and then supplies the appropriate 
power grid, transceiver and capacitates a charge; and 


a sensor accelerator, rotor/gear, battery/capacitor, control- 


ler, antenna, means for self charge propulsion providing 
motor characteristics, thereby an engine of power fre- 
quency. 
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Be it known that I, MARK W. DEwry, of 
Syracuse, in the county of Onondaga, in the 
State of New York, have invented new and use- 
ful Inprovements iu the Method of Utilizing 
Natural Electric Energy, of which the follow- 
ing, taken in connection with the accompa y- 
ing drawings, is a full, clear, and exact de- 
seription. 

The object of this invention is to provide 
a method whereby natural electrical energy— 
such as the so-called “atmospheric electrical 
energy,” or electrical energy that may be de- 
rived from the difference of potential exist- 
ing between two points, one being the earth 
and the other the atmosphere at an elevation 
above the earth—may be collected or utilized 
for the various uses to which electricity is 
applied. 

It has been found that the presence of elec- 
tricity in the apper regions of the atmosphere 
is not confined to thunder-clouds, but can 
be detected a& all times and often in great 
quantities in different conditions of the at- 
mosphere. In fine weather this electric- 
ity is mostly positive; but in showery or 
stormy weather negative electricity is as fre- 
quently met with as positive, and it is in 
such weather that the indications of electric- 
ity, whether positive or negative, are usually 
the strongest. It has also been found that 
as we proceed farther from the earth’s sur- 


-face, whether upward from a level plane 


thereof or horizontally from an elevation, the 
potential of points in the air becomes more 
and more different from that of the earth, 
the difference being, in a broad sense, simply 


‘proportional to the distance; hence we can 


infer that there is electricity residing on the 
‘gurface of the earth, the density of which at 
any moment in the locality of observation is 
measured by the difference of potential found 
to exist between the earth and a given point 
in the air near it. The results of observa- 
tions show that the variations of the electric- 


‘ity residing in the atmosphere is the main 


cause of the variations of the electricity on 
the surface of the earth. A charged cloud 
or body of air induces electricity of the op- 
posite kind to its own on the parts of the 
earth’s surface over which it passes and pro- 


duces such variations. The difference of 
potential in increasing the distance from the 
earth is due to electricity indueed on the sur- 
face of the earth by opposite electricity in 
the air overhead, and the air being a non- 
conductor the eleetricities are unable to com- 
bine. <As electrical density is greater on pro- 
jecting parts of a surface than on those which 
are plane or concave, stronger indications 
are obtained on hills than in valleys, if the 
collecting apparatus be at the sane distance 
from the ground in both cases. The average 
difference of potential is greater in the win- 
ier than in the summer. Little or no effects 
can be obtained within inclosures or under 
trees, as they tend to screen the apparatus. 
‘Inasmuch as electricity travels in prefer- 
ence through the best conductors, it follows 
that if a path of low resistanee is formed 
(such as the erection of a metal pole) to a suf- 
ficient elevation above the earth the elec- 
tricities in the atmosphere and that on the 
surface of the earth will tend to combine and 
travel through the said path in a current or 
currents, and if this pole terminates ina metal 
poiut or a number of such points the earth 
and clouds exchange their opposite electrici- 
ties without a disruptive discharge—as the 
lightning—but in a slow and gradual way 
through convection. Besides supplying the 
top of the pole with points, a metal plate to 
which the said points are fixed attracts the 
opposite electricity in the atmosphere. In 
order to obtain a greater and increased effect, 
a large metal plate is buried at the foot of the 
pole and electrically connected therewith, and 
is provided with points or branches extend- 
ing in different directionsin the ground. The 
plate and branches may be surrounded by 
metallic refuse, coke, or other good conduct- 
ing substance. The metallic points on the 
top of the pole should be sharp, and prefer- 
ably of copper,and may be platinized, gilded, 
or galvanized to prevent corrosion. It hav- 


ing been ascertained by practical experi- 
ments that either a flame or dropping water 
at an elevation above thesurface of the earth 
‘produces convection of electricity, it is obvi~ 
ous that such means may be employed in 
place of the points hereinbefore referred to. 
As the electricity in the atmosphere is some- 
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rection of its flow, is greatly varied. 


‘ductor and prevents corrosion. 


times positive and other times negative, the 
direction of the currents is not always the 
sane—that is, the atmospheric electrical en- 
ergy is composed of a current of an alternat- 
ing character, flowing in one direction on an 
average about as much of the time as in the 
opposite direction, but the length of the eur- 
vent in a certain direction, or the lengths of 
time between reversals or changes in the di- 
This 
and also the varied strength of the currents 
have prevented the utilization of atmospheric 
electrical energy in commercial quantities for 
the various purposes for which electricity is 
generally employed. In order to utilize such 
a current or currents, they should be trans- 
formed into a continuous direct current of 
tiniform strength. The apparatus for accom- 
plishing the transformation of atmospheric 
electricity into a direct current of uniform 
strength issusceptible of being greatly inodi- 
fied. The preferred form of apparatus, how- 
ever, for carrying the invention practically 
into effect I will now proceed to deseribe to 
show that the method is capable of actual 
performance. Said apparatusisillustrated in 
the diagram accompanying this specification. 

Referring specifically to said diagram, A 
represents a metallic pole, which is shown 
bare, but may be enveloped in suitable insu- 
lating material, if desirable. B is the base of 
the aforesaid pole, which base is of insulating 
material set in the ground E. Cis a large 
metal plate beneath the said base, and has 
points or branches ¢’ extending therefrom in 
lifferent directions in the ground. C’ is a 
metallic post extending from the said plate 
above the surface of the ground and having 
a terminal ¢ of the cireuit D. On the top of 
said pole is mounted a metallic cap F, con- 
sisting, preferably, of a convex disk provided 
with sharp iron or copper points », which pro- 
ject in all directions from the same. As be- 
fore mentioned, the said points may be plated 
with a suitable metal that forms a good con- 
Similar caps 
I’ may be placed on other insulated poles, as 
A’, in the vicinity, and connected with the 
main pole A by an electric conductor «, for 
increasing the effect. The pole A’ may be of 
wood, and the pole A may also be of the same 
material if provided with a metat conductor 
within or on the outside, extending from the 
cap to the other terminal d’ of the cireuit.D. 
The said circuit D leads from the terminal d 
through an atuitomatic variable resistance G, 
thence to one of the poles of a secondary or 
storage battery H, and from the other pole of 
‘said battery through an automatic current- 
regulator to the terminal @’. An antomatie 
current-reverser or pole-changer J is located 
in the said circuit for reversing the current 
whenever there is a change in its direction, 
so that it may be rectified or straightened 
during transit and caused to travel at all 
times whether its direction is toward or from 
the earth in one and the same direction 
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through a portion of the circuit containing 
the secondary battery. The reversals ave ac- 
complished automatically by means of a piv- 
oted polarized armiuture 6, located between 
two electro-magnets cc, having their coils in- 
cluded in a shunt-circuit between the leads 
of the circuit D. The magnets are wound so 


that a north pole will be presented to the ar-: 


mature on one side and a south pole on the 
other. When the current is flowing in a cer- 
tain direction, the said polarized armature 
will be repelled by one magnet and attracted 
by the other, and thereby moved to one side. 
When the current changes its direction 
through the magnets, the poles of the said 
magnets are reversed and the armature is 
both repelled and attracted to the other side, 
An arm 0’, of diamagnetic material, is fixed to 
and extends from the armature and is moved 
by the same, Detaween a movable end of the 


-arm and the said current-reverser is a pivoted 


connection or link e, by which the motion of 
the arm is conveyed to the reverser. Stops f 


‘ave provided for limiting the movement of 
‘the said arm, and an adjustable resistanee d’ 


is included in the shunt ¢’’ to regulate the 
current through the same. ; 
Thecurrent-regulator hereinbefore referred 
to prevents short-cireuiting or the rapid dis- 
charge of the secondary battery into the air 
and ground when the strength of said battery- 
current becomes greater than that passing to 
the battery. Said regulator is composed of 
an eleetro-magnet I, having its coil in the cir- 
cuitD. A pivoted polarized armature g¢ is con- 
nected at its pivot to one terminal of the coil 
of said magneé, and when the current is flow- 
ing to the battery said armature is attracted 
by the magnet I and held in contaet with the 
stop h, to which the terminal of the secondary 
battery is connected. In the aforesaid con- 
dition a free or low-resistance path for the 
current is provided to the battery; but when 
the battery-current exceeds the charging-eur- 
rent the magnet-poles are reversed and the 
armature is repelled by the magnet, and the 
free path of the circuit is broken between the 
armature g and stop 2. In order to maintain 
the armature in the latter position until the 
charging - current has been increased in 
strength above that of the battery-current or 
discharging-current, and so that the said reg- 
ulator will automatically operate, a shunt 
path K of high resistance is provided around 
the armature g and stop k. The high resist- 
ance of the said shunt is obtained by inelud- 
ing arheostat m. This shunt path or cir- 
cuit IX, with the resistance, permits a sinall 
but sufficient amount of current to flow 
through the magnet I to hold the armature 
away from the stop / until the current is re- 
versed, and then move the armature back to 
stop h to close the free orlow-resistance path. 
A spring 7 is provided to assist the movement 
of the armature from the magnet when it is 
repelled by the same. 
The electric current may be directly con- 


7O 


75 


80 


go 


95 


100 


105 


Ilo 


T2¢ 


130 





Io 


35 


20 


25 


414,943 3 


ducted to translating devices—such aslamps! 3. As prelininary steps in the method of 


or electromotors; but, as hereinbefore stated, 
said current is preferably employed to charge 
one or more cells of the secondary battery H, 
and this battery stores or accumulates the 
electrical energy and supplies the said trans- 
lating devices. To illustrate the latter fea- 
ture, leads or wires Land L’ are extended from 
the poles or electrodes of said battery, and 
translating devices, in the shape of ineandes- 
cent lamps j, are connected with the said 
wires in multiple are. 
mon circuit maker and breaker 2 to close 
and open the cireuit to the lamps. Thesaid 
battery may be charged in series or parallel. 

The automatic variable resistance G main- 
tains the current flowing through the circuit 
D approximately uniform by increasing the 
resistance therein upon an _ inerease of 
strength. Said resistance is not absolutely 
necessary and may be dispensed with. 

The lightning-arrester M is to short-circuit 
avery heavy current to prevent the same 
from passing through the other paris of the 
apparatus and injuring it. A low-resistance 


shunt O, with a cireuit maker and breaker 


3° 


therein, is connected between the leads of the 
eircnit D, near the terminals d and @’, to com- 
pletely short-circuit the apparatus when de- 
sired. 

Having described my invention, what I 


~ claim as new, and desire to secure by Letters 
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Patent, is— 

1. The method of utilizing atmospheric 
electrical energy, consisting inconducning the 
electric current or currents beftween the earth 
and a point in the atmosphere at an elevation 
above the earth, rectifying or straightening 
the currents during transit, and storing or ac- 
camulating the electrical energy of said rec- 
tified current or currents. 

2. As preliminary steps in the method of 
utilizing atmospheri¢ electrical energy, con- 
ducting the electric current or currents 
through a path of low resistance between the 
earth and the atmosphere at an elevation 
above the earth, maintaining an approxi- 
mately uniform strength of current and rec- 
tifying or straightening the same during 
transit. 


Inthe wire Lis acom- | 


utilizing atmospheric electrical energy, con- 
ducting the electric eurrent or currents 
through a path of low resistance between the 
earth and the atmosphere at an elevation 
above the earth, and rectifying or straighten- 
ing said currents during transit. 

4. The method of utilizing atmospheric 
electrical energy or deriving energy from the 
difference of electrical potential existing be- 
tween the earth and a point or points in the 
atmosphere at an elevation above the earth, 


6o 


consisting in conducting the current or cur- . 


rents between the two points through a path 
of low resistance, rectifying or straightening 
the said currents in a portion of the path 
during transit, and storing o1 accumulating 
the electrical energy thereof. 

5. The method of utilizing atmospherie 
electrical energy or deriving energy frem the 
difference of electrical potential existing be- 
tween the earth and a point or points in the 
atmosphere at an elevation above the earth, 
consisting in conducting the current or cur- 
rents between the two points through a path 
of low resistance, maintaining an approxi- 


mately uniform strength of current, rectify-. 


ing or straightening the said currents in a 
portion of the path during transit, and stor- 
ing or accumulating the electrical energy. 

6. The method of utilizing atmospheric 
electrical energy composed of a current of a 
varied alternating character, consisting in 
conducting the eleetric current or currents 


. through a path of low resistance between the 


earth and the atmosphere at an elevation 
above the earth, and then accumulating the 
electrical energy of said current or currents 
while flowing in both directions in one or 
more cells of. a secondary or storage battery, 
as described. 
In testimony whereof I have hereunto 
signed my name this 29th day of April, 1889, 
MARK W. DEWEY. [1. s.] 
Witnesses: 
C. H. DUELL, 
©. L. BENDIXON, 
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present invention consists in further ad-: 
-vantages which are brought out in the fol- 
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UNITED STATES PATENT OFFICE. 
WALTER = PENNOCK, OF PHILADELPHIA, PENNSYLVANIA. 


1,014,719, 


Specification of Letters Patent, 





Patented Jan. 16,1912. 


Application filed January 4, 1911. Serial No. 600,777. 


To ail whom it may concern: 
Be it known that I, Wavrer I. Penwocs, 
a~citizen of. the United States, residing at 
Philadelphia, county of Philadelphia, and 
State of Pennsylvania, have invented cer- 
tain new and useful gs pes ates Appa- 
ratus for Collecting Electrical Energy, of 
which the following is a full, clear, and ex- 
act disclosure. 
. The present invention relates to an im- 


proved means for collecting the charges of | 


electricity from the appa atmosphere and 
at form which con- 
sists in one or more captive balloons from 
which is suspended a suitable form of me- 
tallic conductor. é 4 
The principal objects of the device are: to 
provide a collector for atmospheric and 
static electricity, which when in operative 
position will present a large surface to cur- 
rents of air, but which will offer compara- 
tively little resistance thereto, to provide a 
collector of such material and construction 
as will be more efficient in its operation than 
any previously constructed for a similar 
purpose, to provide a means for maintain- 
ing such a collector suspended in the air and 
at right angles to opposing currents thereof, 
and to provide a suitable anchorage for 
melding said means captive. ° 
With these principal objects in. view, the 


lowing specification and accompanying 
drawings, in both of which like numerals 
refer to like paris, and in which drawings— 

Figure 1 is a perspective view of the com- 


. plete device in operative position, Fig, 2 is 


40 


45 


an enlarged detail view of the wire mesh 
and the manner in which it is attached to 
the supporting balloons, Fig. 3 is a detail 
of the manner of securing the collector- 
supporting and anchor cables to the bal- 
loons, Fig. 4 is an enlarged cross section of 


_the swivel connection shown in Fig. 3, Fig. 
5 is top plan view of the reinforcing braces 


on the screen, Fig. 6 is an elevation of the 


- same and Fig. 7 is an end view of the struc- 


50 


ture shown in Figs. 5and6. =! 
Referring to-the drawings, in Fig. there- 


mo 


able swivel 5, by which the anchor ropes 6 





of, a plurality of balloons 1 of any suitable 
type 1s shown, each of which embodies hol- 
low metallic elongated gas tanks 2, extend- 
ing from the rear of which are single, 
rigidly affixed rudders 3, while on the sides 
the tanks are sectired stationary lifting 
planes 4. . 
To the bottom and slightly to the rear of 
the center of the tanks 2 is secured a suit- 


and the suspension ropes 7 for the metallic 
conductor 8 are secured to the balloons t. 
A suitable form of swivel joint is illustrated 


‘in Figs. 3 and 4, but any type can be- used 


that embodies the essential 
therein. eee: : 

The swivel joint illustrated consists in the 
base plate 9 having a looped portion 10 in- 
tegral therewith and_ projecting from -the 
upper face thereof. Secured to the loop 10 
is a set of three light electrically conductive 


eatures shown 


55 


70 


supporting ropes or cables 11 which extend . 


upwardly and are secured at intervals to the 
bottom 12 of the balloon above. 

The lower or revoluble member 19 of the 
swivel joint preferably comprises three up- 
wardly directed curved arms, 20, 21, and 22, 
respectively, forming at their junction a T- 
shape as shown, said arms at their upper ex- 
tremities being integral with the plate 23. 


75 


The member 19 is revoluble below and con. - 


centric with the Pe 9, and the two mem- 
bers are lightened in weight by opposed con- 
centric grooves as shown at 24. Contact be- 
tween said members is made through the 
roller bearings 25, which are carried in the 


‘opposed concentric grooves 26 and 27 of the 


respective upper and lower plates. Further- 
more, said plates are maintained in codpera- 
tive relation with each other by means of a 
bolt 28 passing through centrally drilled 
holes 29 and 30 in the respective Jower and 
upper plates, the drilled hole 30 opening up- 
wardly into an enlarged recess 31, in which 
1s sunken the nut 32 on the bolt 28. Two of 
the arms 20 and 22 of the lower revoluble 


member 19 extend in diametrical alinement, | 


while from the central point thereof extends 
the third arm 21 at-right angles thereto, and 
upward to the plate-23.. 


100 





-arms 20 an 


Suspended below the plurality of balloons 
is a hollow rod 35, of any suitable material, 
connected at regular intervals such as at 
points 36, by metallic ropes 7, to the alined 
d 22 of the swivel joint 5, Be- 
low and parallel to the rod 35 is a similar 


_ but stnaller rod 388 suspended therefrom by 


means of suitable couplings 39. From the 


- yod 88 hangs a wire mesh 40 of any suitable 
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- into the 


large collector, since no parts 


_apparatus as a whole and will be conducted 


bedded in the anchorage 49. 
When the balloons with the metallic 
screen suspended therefrom are allowed to 
rise into one of the mgher altitudes, the 
entire apparatus being of metallic construc- 
tion and uninsulated will become energized 
by contact with the surrounding natural 
charges of electricity. From the above de- 


‘seription it is evident then that, while the | 


screen 8, on account of its great extent, will 


be the greatest collecting agent, it will be. 


seen that the balloons themselves ‘and the 
suspending wires will also codperate as one 
‘of which are 
insulated from any of the neighboring parts 
thereof. Consequently, when the apparatus 
described has reached an altitude or strata 
of the atmosphere abounding in _ static 


~ charges of electricity, an amount of the said 
. charges pro 


ortionate to the surface area 
of the metal exposed will colléct. upon the 


downwardly toward the earth by means of 


the various anchor ropes 6, but will not pass 


| other, and furthermore, from the manner 
‘| in which the device is held captive and-the 


| pose of the swivel joint shown in Figs. 3 


when any rapid shifting of the air currents 


-thermore, that although not illustrated, any 
suc: 


‘ment of the invention has been described, 


are of such structure as fall w 





prising 


4 ound on account of the interposi-. 
' tion of the,insulators 45... - 





| erative to maintain sai 
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-To use the electrical charges thus ac-_ 
quired, a plurality of Leyden jars 50, or 
other suitable collectors are supported above. 
the surface of the earth and insulated there- | 
from by any suitable means as represented 
by the blocks 51. Either the inner or outer 
conducting surfaces of the jars may be con- % 
nected together and energized by the accu- 
mulated charge. In the present instance, . 


the inner surfaces of the accumulators are 


shown to be connected, and the. connecting 
means 52 is in turn connected to the ropes 6.75. 
by means of wires 53. These wires are se-_ 
cured to the repes mentioned by means of 
suitable binding posts 54 

In the device described the anchor ropes 6 
are of substantially the same length, and § 
when the apparatus is raised to the desired 
altitude and is being blown by the currents 
of air, the balloons are turned by means of 
the vanes 3 to parallel relation with each 


collecting net 40 is suspended from the bal- 
loons, it is obvious that said net will at all 
times readily swing into a plane substan- 
tially perpendicular to any current of air § 
acting upon the balloons above. The pur-- 


and 4 is principally for allowing the bal- 
loons to readily aline themselves with any 
new direction of the wind before the ap- 
paratus, including the suspended screen, can 
swing about the swivel 48, and said joint 
will also prevent the twisting of the ropes 7, 


mT Ne ay -100 
ile applicant has shown’a set. of Ley- 
den jars as the accumulators in. the accom- 
panying drawings, it is obvious that any 
other suitable form may be used, and fur- 


suitable apparatus may be run thereby, 
as for instance, wireless telegraphic - in- 
struments, gress Ps 
Furthermore, although but one embodi- 
1u 
it is to be understood that various modi-. 
fications may be mode eer: and in fact 
several are contemplated by. applicant. that 
within the 
scope of the appended claim, 
Having thus described my invention, what . 
I claim and desite to protect by Letters Pat- 
ent of the United States, is: a ge 
: A collestar eet fps of electricity, com. 
2, plur: of su means, & 
metallic Pe reg eg Sen liein a 
plane and. substantially equidistant from: 
each of said supporting means, anchoring 
means emanating from a common point to 
each of said supporting means, means op- 12 
| supporting means 


10 
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in their normal positions, and means be-| my hand this 28 day of December, A. D. 
- tween each of said supporting means and | 1910. 
said gauze to permit each of said support-| . 


ing means to readily. and independently WALTER I. PENNOCK. 


-. § aline itself to accord with any alteration in} - Witnesses: 


the direction.of opposing air currents. Mnprep S. Terre, 
In. witness: whereof I have. hereunto set |. E. Evernia Pennoor. 
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(57) ABSTRACT 


An energy collection system may collect and use the energy 
generated by an electric field. Collection fibers are suspended 
from a support wire system supported by poles. The support 
wire system is electrically connected to a load by a connecting 
wire. The collection fibers may be made of any conducting, 
material, but carbon and graphite are preferred. Diodes may 
be used to restrict the backflow or loss of energy. 
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1 
ENERGY COLLECTION 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
emng storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 


The atmosphere is the return path for the circuit. The electric 2 


field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth’s atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airborne radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 
atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 
the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 


and methods for collecting energy. Briefly described in archi- : 


tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
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structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure will be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that al] such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG, 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 2A is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG, 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 isa circuit diagram ofan exemplary embodiment of 
a circuit for the collection of energy. 

FIG. § is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram ofan exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram ofan exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell, 

FIG. $ is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
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property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode anda collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 1490. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140. can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge wil] be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graplute fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small] charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 


tially blocks it in the opposite direction. A diode can be § 


thought of as the electrical version of a check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 


collection device comprises the diode with no collection fiber. 


A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 24-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
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Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side, Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment ofa sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
comnected on one side to support member 285, which may be 
comnected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200, 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
comnection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
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placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the comection point(s) between collection fiber 130 and 
support structure wire 200. 


FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. 


Capacitor 320 may be connected in parallel to the switch 
330 and load 150 to store energy when switch 330 is open for 
delivery to load 150 when switch 330 is closed. Rectifier 340 
may be electrically connected in parallel to load 150, between 
the receiving end ofswitch 330 and ground. Rectifier 340 may 
be a full-wave or a half-wave rectifier. Rectifier 340 may 
include a diode electrically connected in parallel to load 150, 
between the receiving end of switch 330 and ground. The 
direction of the diode of rectifier 340 is optional. 


In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit, Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 trom FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450, Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectitier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. 

The direction of the diode of rectifier 450 is optional. The 
output of rectifier 450 is connected to transformer 4390 to drive 
load 150. 

FIG. § presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor $10, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 

FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
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6 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
$10. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor 810 can be used to charge spark gap 
820 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
$20 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel to inductor 830 and load 150, between the receiving, 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
connected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
connection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks in flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device froma plurality of 
support structure wires elevated above a ground level, 
the collection device including a carbon or graphite fiber 
that collects electrical enemy from the air and is electri- 
cally connected to the support structure wire, and 

providing a load with an electrical connection to the plu- 
rality of support structure wires to draw current. 

2. The method of claim 1, wherein the collection device 

comprises a diode. 
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3. The method of claim 1, wherein the collection device 
comprises a diode electrically connected between the fiber 
and the load. 

4. The method of claim 1, further comprising storing 
energy provided to the load. 

§. The method of claim 4, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

6. The method of claim 2, wherein the diode is elevated 
relative to the ground level. 

7. A system of energy collection comprising: 

a plurality of support structure wires elevated above ground 
level; at least one collection device including at least one 
carbon or graplute fiber that collects electrical enemy 
from the air and is electrically connected to the plurality 
of support structure wires; and 

a load electrically connected to the plurality of support 
structure wires. 

8. The system of claim 7, wherein the collection device 

comprises a diode. 

9. The system of claim 7, wherein the collection device 
comprises a diode electrically connected between the load 
and the fiber. 

10. The system of claim 8, wherein the diode is elevated 
relative to the ground level. 

11. The system of claim 7, further comprising a diode 
electrically connected between the at least one collection 
device and the plurality of support structure wires. 

12. The system of claim 7, wherein the fiber comprises a 
first end and a second opposing end, and wherein the system 
further comprises a support structure connected to both ends 
of the fiber. 

13, The system of claim 7, comprising: 

said at least one fiber including a plurality of collection 
fibers; a support frame having a top side and a bottom 
side, and a conducting connecting wire between the 
plurality of support structure wires and the support 
frame, wherein one end of each of a plurality of collec- 
tion fibers is connected to the top side of the support 
frame, and the opposing end of each of a plurality of 
collection fibers is connected to the bottom side of the 
support frame. 

14, The system of claim 7, further comprising a rigid struc- 
ture, the rigid structure comprising multiple supports extend- 
ing outward from a single point of the support structure, 
wherein each end of the fiber is connected to an end of the 
multiple supports. 

15. The system of claim 7, further comprising a rigid struc- 
ture, the rigid structure comprising multiple supports extend- 
ing outward from multiple points of the support structure, 
wherein each end of the fiber is connected to an end of the 
multiple supports. 
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16. The system of claim 14, further comprising a plurality 
of rigid structures wherein said at least one fiber includes 
collection fibers connected between a plurality of the rigid 
structures. 

17. The system of claim 7, further comprising: 

a switch connected in series between the plurality of sup- 

port structure wires and the load; and 

a capacitor connected in parallel] with the switch and the 

load. 

18. The system of claim 17, wherein the switch comprises 
an interrupter connected between the plurality of support 
structure wires and the load. 

19. The system of claim 18, wherein the interrupter com- 
prises one of a fluorescent tube, a neon bulb, an AC light, ora 
spark gap. 

20. The system of claim 18, further comprising a trans- 
former connected between the interrupter and the load. 

21. The system of claim 7, further comprising: 

a motor for providing power the motor connected between 

the plurality of support structure wires and the load; and 

a generator powered by the motor. 

22. The system of claim 7, wherein the load comprises a 
spark gap in a container of fluid, and the load is used to 
produce a chemical reaction. 

23. The system of claim 22, wherein the fluid comprises 
water and the chemical reaction comprises the production of 
hydrogen and oxygen. 

24. The system of claim 7, further comprising a fuel cell 
between the plurality of support structure wires and the load. 

25. The system of claim 7, wherein the load comprises a 
fuel cell. 

26. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 

27. The system of claim 24, further comprising a diode 
connected between the plurality of support structure wires 
and the fuel cell. 

28. A system of collecting energy comprising: 

means for suspending carbon or graphite collection fibers, 

the means elevated above a ground level, the collection 
fibers collecting electrical enemy from the air and elec- 
trically connected to the means for suspending collec- 
tion fibers: 

means for inducing current flow, the means for inducing 

current flow electrically connected to the means for sus- 
pending collection fibers; and 

means for restricting the backflow of charge carriers, the 

means for restricting the backflow of charge carriers 
electrically connected between the collection fibers and 
the means for inducing current flow. 
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1 
ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATION 


This application is a continuation application of US. 
patent application Ser. No. 11/358,264, filed on Feb. 21,2006, 
which is incorporated by reference herein. 


TECHNICAL FIELD 
The present disclosure is generally related to energy and, 


more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 


tric field and the electric current in the atmosphere propagated 


by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
emng storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 


to as static electricity or static energy. FIG. 1 illustrates a 


weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth's atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airbome radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 

Alpha-active materials are primarily responsible for the 


atmospheric ionization. Each alpha particle (for instance, ‘ 


from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 

While there is a large amount of usable energy available in 


the atmosphere, a method or apparatus for efficiently collect- ‘ 


ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described in archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 
nected to the support structure wire; a load electrically con- 
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nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure wil] be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is intended that all such additional 
systems, methods, features, and advantages be included 
within this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 24 is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram ofan exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. $ is a circuit diagram ofan exemplary embodiment of 
an energy collection circuit for powering a generator and 
motor. 

FIG. 6 is a circuit diagram ofan exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. $ is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
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around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode anda collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 140. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 
bon, graphite, Teflon, and metal. An exemplary embodiment 
utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140. can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge wil] be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 
potential between collection device 130 and electrical 
ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very small] charge from ambient voltage. When col- 
lection device 130 is connected to support wire 120, collec- 
tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 


tially blocks it in the opposite direction. A diode can be § 


thought of as the electrical version ofa check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
A preferred embodiment, however, includes a diode at the 
connection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 
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Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means. Some 
non-limiting examples are provided in FIGS. 24-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
connected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side, Support member 230 holds 
the fiber steady on both ends instead of letting it move freely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment ofa sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
comnected on one side to support member 285, which may be 
comnected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 
support wire 200 in a single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
comnection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
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to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection tibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the comection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 may be connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit, Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 trom FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will arc from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectifier 450, Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectitier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 150. 

FIG. § presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor $10, which powers generator 
520 to drive load 150. A plurality of diodes may be placed at 


any position in the circuit. Motor 510 may also be directly : 


connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes may be placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 
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FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
$10. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor $10 can be used to charge spark gap 
$20 when it reaches sufficient voltage. Spark gap 820 may 
comprise One or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will arc from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
$20 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel] to inductor 830 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
comnected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
comnection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

Any process descriptions or blocks in flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in Which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

Tt should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 
embodiments, are merely possible examples of implementa- 
tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 


Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 
tion, microscopic points of a cross-section of the collec- 
tion device exposed to the environment, the at least one 
collection device electrically connected to the support 
structure; 

providing a load with an electrical connection to the at least 
one collection device to passively draw current; and 
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powering a fuel cell between the support structure and the 
load, the powering performed with energy collected 
from the at least one collection device. 

2. The method of claim 1, wherein the collection device 
comprises a diode. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

§. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

8. A system of energy collection comprising: 

a support structure; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 

a load electrically connected to the at least one collection 

device; and 

a diode electrically connected between the at least one 

collection device and the support structure. 

9. The system of claim 8, wherein the collection device 
comprises a diode. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising: 

a switch comected in series between the at least one col- 

lection device and the load, and 

a capacitor connected in parallel with the switch and the 

load. 

15. The system of claim 14, wherein the switch comprises 
an interrupter connected between the at least one collection 
device and the load, and wherein the interrupter comprises at 
least one ofa fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

16. The system of claim 15, further comprising a trans- 
former connected between the interrupter and the load. 

17. The system of claim 8, further comprising: 

a motor for providing power, the motor connected between 

the at least one collection device and the load; and 

a generator powered by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 
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19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 
20. A system of collecting energy comprising: 
means for suspending at least one collection device with, in 
operation, microscopic points of a cross-section of the 
collection device exposed to the environment, the at 
least one collection device electrically connected to the 
means for suspending; 
means for passively inducing current flow, the means for 
inducing current flow electrically connected to the 
means for suspending; and 
means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
21. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the collection device elec- 
trically connected to and suspended from the support 
structure, the at least one collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; and 
a switch connected in series between the at least one col- 
lection device and the load, the switch comprising an 
interrupter connected between the at least one collection 
device and the load, and wherein the interrupter com- 
prises at least one of a fluorescent tube, a neon bulb, an 
AC light, and a spark gap. 
22. The system of claim 21, further comprising a trans- 
former connected between the interrupter and the load. 
23. A system of energy collection comprising: 
a support structure; 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at Jeast one collection 
device electrically connected to and suspended from the 
support structure, the collection device configured to 
passively draw current; 
a load electrically connected to the at least one collection 
device; 
a motor for providing power, the motor connected between 
the at least one collection device and the load; and 
a generator powered by the motor. 
24. A system of energy collection comprising: 
a support structure, 
at least one collection device with, in operation, micro- 
scopic points of a cross-section of the collection device 
exposed to the environment, the at Jeast one collection 
device electrically connected to and suspended from the 
support structure the at least one collection device con- 
figured to passively draw current; 
a load electrically connected to the at least one collection 
device, and 
a fuel cell between the support structure and the load. 
25. The system of claim 24, wherein the fuel cell produces 
hydrogen and oxygen. 
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ENERGY COLLECTION 


CROSS REFERENCE TO RELATED 
APPLICATIONS 


This application is a continuation in part application of 
US. patent application Ser. No. 12/255,130 filed on Oct. 21, 
2008, which is a continuation application of U.S. patent appli- 
cation Ser. No. 11/358,264, filed on Feb. 21, 2006, which are 
both incorporated by reference herein. 


TECHNICAL FIELD 


The present disclosure is generally related to energy and, 
more particularly, is related to systems and methods for col- 
lecting energy. 


BACKGROUND 


The concept of fair weather electricity deals with the elec- 
tric field and the electric current in the atmosphere propagated 
by the conductivity of the air. Clear, calm air carries an elec- 
trical current, which is the return path for thousands of light- 
emng storms simultaneously occurring at any given moment 
around the earth. For simplicity, this energy may be referred 
to as static electricity or static energy. FIG. 1 illustrates a 
weather circuit for returning the current from lightning, for 
example, back to ground 10. Weather currents 20, 30 return 
the cloud to ground current 40. 

In a lightening storm, an electrical charge is built up, and 
electrons arc across a gas, ionizing it and producing the light- 
ening flash. As one of ordinary skill in the art understands, the 
complete circuit requires a return path for the lightening flash. 
The atmosphere is the return path for the circuit. The electric 
field due to the atmospheric return path is relatively weak at 
any given point because the energy of thousands of electrical 
storms across the planet are diffused over the atmosphere of 
the entire Earth during both fair and stormy weather. Other 
contributing factors to electric current being present in the 
atmosphere may include cosmic rays penetrating and inter- 
acting with the earth's atmosphere, and also the migration of 
ions, as well as other effects yet to be fully studied. 

Some of the ionization in the lower atmosphere is caused 
by airbome radioactive substances, primarily radon. In most 
places of the world, ions are formed at a rate of 5-10 pairs per 
cubic centimeter per second at sea level. With increasing 
altitude, cosmic radiation causes the ion production rate to 
increase. In areas with high radon exhalation from the soil (or 
building materials), the rate may be much higher. 


Alpha-active materials are primarily responsible for the ‘ 


atmospheric ionization. Each alpha particle (for instance, 
from a decaying radon atom) will, over its range of some 
centimeters, create approximately 150,000-200,000 ion 
pairs. 


While there is a large amount of usable energy available in ‘ 


the atmosphere, a method or apparatus for efficiently collect- 
ing that energy has not been forthcoming. Therefore, a here- 
tofore unaddressed need exists in the industry to address the 
aforementioned deficiencies and inadequacies. 


SUMMARY 


Embodiments of the present disclosure provide systems 
and methods for collecting energy. Briefly described in archi- 
tecture, one embodiment of the system, among others, can be 
implemented by a support structure wire elevated above a 
ground level, at least one collection fiber electrically con- 


30 


60 


Zz 


nected to the support structure wire; a load electrically con- 
nected to the support structure wire; and a diode electrically 
connected between the load and at least one collection fiber. 

Embodiments of the present disclosure can also be viewed 
as providing methods for collecting energy. In this regard, one 
embodiment of such a method, among others, can be broadly 
summarized by the following steps: suspending at least one 
collection fiber from a support structure wire elevated above 
ground level, the fiber electrically connected to the support 
structure wire; providing a load with an electrical connection 
to the support structure wire to draw current; and providing a 
diode electrically connected between the collection fiber and 
the load. 

Other systems, methods, features, and advantages of the 
present disclosure wil] be or become apparent to one with 
skill in the art upon examination of the following drawings 
and detailed description. It is tended that all such additional 
systems, methods, features, and advantages be included 
witlun this description, be within the scope of the present 
disclosure, and be protected by the accompanying claims. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Many aspects of the disclosure can be better understood 
with reference to the following drawings. The components in 
the drawings are not necessarily to scale, emphasis instead 
being placed upon clearly illustrating the principles of the 
present disclosure. Moreover, in the drawings, like reference 
numerals designate corresponding parts throughout the sev- 
eral views. 

FIG. 1 is a circuit diagram of a weather energy circuit. 

FIG. 2 is a perspective view of an exemplary embodiment 
of many energy collectors elevated above ground by a struc- 
ture. 

FIG. 24 is a side view of an energy collection fiber sus- 
pended from a support wire. 

FIG. 2B is a side view of an exemplary embodiment of an 
energy collection fiber suspended from a support wire and 
with an additional support member. 

FIG. 2C is a perspective view of a support structure for 
multiple energy collection fibers. 

FIG. 2D is a side view of an exemplary embodiment of a 
support structure for multiple energy collection fibers. 

FIG. 2E is a side view of a support structure for an energy 
collection fiber. 

FIG. 2F is a side view of an exemplary embodiment of a 
support structure for an energy collection fiber. 

FIG. 2G is a side view of a support structure for multiple 
energy collection fibers. 

FIG. 3 is a circuit diagram of an exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 4 isa circuit diagram ofan exemplary embodiment of 
a circuit for the collection of energy. 

FIG. 5 is a circuit diagram of an exemplary embodiment of 
an energy collection circuit for powermg a generator and 
motor. 

FIG. 6 is a circuit diagram ofan exemplary embodiment of 
a circuit for collecting energy and using it for the production 
of hydrogen and oxygen. 

FIG. 7 is a circuit diagram ofan exemplary embodiment of 
a circuit for collecting energy, and using it for driving a fuel 
cell. 

FIG. $ is a circuit diagram of an exemplary embodiment of 
a circuit for collecting energy. 

FIG. 9 is a flow diagram of an exemplary embodiment of 
collecting energy with a collection fiber. 
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FIG. 10 is a system diagram of an exemplary embodiment 
of a windmill with energy collectors. 


DETAILED DESCRIPTION 


Electric charges on conductors reside entirely on the exter- 
nal surface of the conductors, and tend to concentrate more 
around sharp points and edges than on flat surfaces. There- 
fore, an electric field received by a sharp conductive point 
may be much stronger than a field received by the same 
charge residing on a large smooth conductive shell. An exem- 
plary embodiment of this disclosure takes advantage of this 
property, among others, to collect and use the energy gener- 
ated by an electric field in the atmosphere. Referring to col- 
lection system 100 presented in FIG. 2, at least one collection 
device 130 may be suspended from a support wire system 120 
supported by poles 110. Collection device 130 may comprise 
a diode or a collection fiber individually, or the combination 
ofa diode and a collection fiber. Support wire system 120 may 
be electrically connected to load 150 by connecting wire 1490. 
Supporting wire system 120 may be any shape or pattern. 
Also, conducting wire 140 may be one wire or multiple wires. 
The collection device 130 in the form ofa fiber may comprise 
any conducting or non-conducting material, including car- 


bon, graphite, Teflon, and metal. An exemplary embodiment 2 


utilizes carbon or graphite fibers for static electricity collec- 
tion. Support wire system 120 and connecting wire 140 can be 
made of any conducting material, including aluminum or 
steel, but most notably, copper. Teflon may be added to said 
conductor as well, such as non-limiting examples of a Teflon 
impregnated wire, a wire with a Teflon coating, or Teflon 
strips hanging from a wire. Conducting wire 120, 140, and 
200 may be bare wire, or coated with insulation as a non- 
limiting example. Wires 120 and 140 are a means of trans- 
porting the energy collected by collection device 130. 

An exemplary embodiment of the collection fibers as col- 
lection device 130 includes graphite or carbon fibers. Graph- 
ite and carbon fibers, at a microscopic level, can have hun- 
dreds of thousands of points. Atmospheric electricity may be 
attracted to these points. If atmospheric electricity can follow 
two paths where one is a flat surface and the other is a pointy, 
conductive surface, the electrical charge will be attracted to 
the pointy, conductive surface. Generally, the more points that 
are present, the higher energy that can be gathered. Therefore, 
carbon, or graphite fibers are examples that demonstrate 
exemplary collection ability. 

In at least one exemplary embodiment, the height of sup- 
port wire 120 may be an important factor. The higher that 
collection device 130 is from ground, the larger the voltage 


potential between collection device 130 and electrical ; 


ground. The electric field may be more than 100 volts per 
meter under some conditions. When support wire 120 is sus- 
pended in the air at a particular altitude, wire 120 will itself 
collect a very smal] charge from ambient voltage. When col- 


lection device 130 is connected to support wire 120, collec- : 


tion device 130 becomes energized and transfers the energy to 
support wire 120. 

A diode, not shown in FIG. 2, may be connected in several 
positions in collection system 100. A diode is a component 
that restricts the direction of movement of charge carriers. It 
allows an electric current to flow in one direction, but essen- 
tially blocks it in the opposite direction. A diode can be 
thought of as the electrical version of'a check valve. The diode 
may be used to prevent the collected energy from discharging 
into the atmosphere through the collection fiber embodiment 
of collection device 130. An exemplary embodiment of the 
collection device comprises the diode with no collection fiber. 
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A preferred embodiment, however, includes a diode at the 
comnection point of a collection fiber to support system 120 
such that the diode is elevated above ground. Multiple diodes 
may be used between collection device 130 and load 150. 
Additionally, in an embodiment with multiple fibers, the 
diodes restricts energy that may be collected through one fiber 
from escaping through another fiber. 

Collection device 130 may be connected and arranged in 
relation to support wire system 120 by many means, Some 
non-limiting examples are provided in FIGS. 2A-2G using a 
collection fiber embodiment. FIG. 2A presents support wire 
200 with connecting member 210 for collection device 130. 
Connection member 210 may be any conducting material 
allowing for the flow of electricity from connection device 
130 to support wire 200. Then, as shown in FIG. 2, the support 
wire 200 of support system 120 may be electrically connected 
through conducting wire 140 to load 150. A plurality of 
diodes may be placed at any position on the support structure 
wire. A preferred embodiment places a diode at an elevated 
position at the connection point between a collection fiber 
embodiment of collection device 130 and connection mem- 
ber 210. 

Likewise, FIG. 2B shows collection fiber 130 electrically 
comnected to support wire 200 and also connected to support 
member 230. Support member 230 may be connected to 
collection fiber 130 on either side. Support member 230 holds 
the fiber steady on both ends instead of letting it move treely. 
Support member 230 may be conducting or non-conducting. 
A plurality of diodes may be placed at any position on the 
support structure wire. A preferred embodiment places a 
diode at elevated position at the connection point between 
collection fiber 130 and support wire 200 or between fiber 
130, support member 230, and support wire 200. 

FIG. 2C presents multiple collection fibers in a squirrel 
cage arrangement with top and bottom support members. 
Support structure 250 may be connected to support structure 
wire 200 by support member 240. Structure 250 has a top 260 
and a bottom 270 and each of the multiple collection fibers 
130 are connected on one end to top 260 and on the other end 
to bottom 270. A plurality of diodes may be placed at any 
position on support structure 250. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support structure wire 200. 

FIG. 2D presents another exemplary embodiment ofa sup- 
port structure with support members 275 in an x-shape con- 
nected to support structure wire 200 at intersection 278 with 
collection fibers 130 connected between ends of support 
members 275. A plurality of diodes may be placed at any 
position on the support structure. A preferred embodiment 
places a diode at an elevated position at the connection point 
between collection fiber 130 and support wire 200. 

FIG. 2E provides another exemplary embodiment for sup- 
porting collection fiber 130. Collection fiber 130 may be 
connected on one side to support member 285, which may be 
connected to support structure wire 200 in a first location and 
on the other side to support member 280, which may be 
connected to support structure wire 200 in a second location 
on support structure wire 200. The first and second locations 
may be the same location, or they may be different locations, 
even on different support wires. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support wire 200. 

FIG. 2F presents another exemplary embodiment of a sup- 
port for a collection fiber. Two support members 290 may 
support either side of a collection fiber and are connected to 


US 8,810,049 B2 


5 


support wire 200 ina single point. A plurality of diodes may 
be placed at any position on the support structure. A preferred 
embodiment places a diode at an elevated position at the 
connection point between collection fiber 130 and support 
wire 200. 

FIG. 2G provides two supports as provided in FIG. 2F such 
that at least two support members 292, 294 may be connected 
to support structure wire 200 in multiple locations and col- 
lection fibers 130 may be connected between each end of the 
support structures. Collection fibers 130 may be connected 
between each end of a single support structure and between 
multiple support structures. A plurality of diodes may be 
placed at any position on the support structure. A preferred 
embodiment places one or more diodes at elevated positions 
at the connection point(s) between collection fiber 130 and 
support structure wire 200. 

FIG. 3 provides a schematic diagram of storing circuit 300 
for storing energy collected by one or more collection devices 
(130 from FIG. 2). Load 150 induces current flow. Diode 310 
may be electrically connected in series between one or more 
collection devices (130 from FIG. 2) and load 150. A plurality 
of diodes may be placed at any position in the circuit. Switch 
330 may be electrically connected between load 150 and at 
least one collection device (130 from FIG. 2) to connect and 
disconnect the load. Capacitor 320 maybe connected in par- 
allel to the switch 330 and load 150 to store energy when 
switch 330 is open for delivery to load 150 when switch 330 
is closed. Rectifier 340 may be electrically connected in par- 
allel to load 150, between the receiving end of switch 330 and 
ground. Rectifier 340 may be a full-wave or a half-wave 
rectifier. Rectifier 340 may include a diode electrically con- 
nected in parallel to load 150, between the receiving end of 
switch 330 and ground. The direction of the diode of rectifier 
340 is optional. 

In an exemplary embodiment provided in FIG. 4, storage 
circuit 400 stores energy from one or more collection devices 
(130 from FIG. 2) by charging capacitor 410. If charging 
capacitor 410 is not used, then the connection to ground 
shown at capacitor 410 is eliminated. A plurality of diodes 
may be placed at any position in the circuit. Diode 310 may be 
electrically connected in series between one or more collec- 
tion devices (130 from FIG. 2) and load 150. Diode 440 may 
be placed in series with load 150. The voltage from capacitor 
410 can be used to charge spark gap 420 when it reaches 
sufficient voltage. Spark gap 420 may comprise one or more 
spark gaps in parallel. Non-limiting examples of spark gap 
420 include mercury-reed switches and mercury-wetted reed 
switches. When spark gap 420 arcs, energy will are from one 
end of the spark gap 420 to the receiving end of the spark gap 
420. The output of spark gap 420 may be electrically con- 
nected in series to rectitier 450. Rectifier 450 may be a full- 
wave or a half-wave rectifier. Rectifier 450 may include a 
diode electrically connected in parallel to transformer 430 
and load 150, between the receiving end of spark gap 420 and 
ground. The direction of the diode of rectifier 450 is optional. 
The output of rectifier 450 is connected to transformer 430 to 
drive load 1590. 

FIG. 5 presents motor driver circuit 500. One or more 
collection devices (130 from FIG. 2) are electrically con- 
nected to static electricity motor 510, which powers generator 
§20 to drive load 150. A plurality of diodes may be placed at 
any position in the circuit. Motor 510 may also be directly 
connected to load 150 to drive it directly. 

FIG. 6 demonstrates a circuit 600 for producing hydrogen. 
A plurality of diodes maybe placed at any position in the 
circuit. One or more collection devices (130 from FIG. 2) are 
electrically connected to primary spark gap 610, which may 
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be connected to secondary spark gap 640. Non-limiting 
examples of spark gaps 610, 640 include mercury-reed 
switches and mercury-wetted reed switches. Secondary spark 
gap 640 may be immersed in water 630 within container 620. 
When secondary spark gap 640 immersed in water 630 is 
energized, spark gap 640 may produce bubbles of hydrogen 
and oxygen, which may be collected to be used as fuel. 

FIG. 7 presents circuit 700 for driving a fuel cell. A plural- 
ity of diodes may be placed at any position in the circuit. 
Collection devices (130 from FIG. 2) provide energy to fuel 
cell 720 which drives load 150. Fuel cell 720 may produce 
hydrogen and oxygen. 

FIG. 8 presents exemplary circuit 800 for the collection of 
energy. Storage circuit 800 stores energy from one or more 
collection devices (130 from FIG. 2) by charging capacitor 
$10. Ifcharging capacitor 810 is not used, then the connection 
to ground shown at capacitor 810 is eliminated. A plurality of 
diodes may be placed at any position in the circuit. The 
voltage from capacitor $10 can be used to charge spark gap 
$20 when it reaches sufficient voltage. Spark gap 820 may 
comprise one or more spark gaps in parallel or in series. 
Non-limiting examples of spark gap 820 include mercury- 
reed switches and mercury-wetted reed switches. When spark 
gap 820 arcs, energy will are from one end of spark gap 820 
to the receiving end of spark gap 820. The output of spark gap 
$20 may be electrically connected in series to rectifier 825. 
Rectifier 825 may be a full-wave or a half-wave rectifier. 
Rectifier 825 may include a diode electrically connected in 
parallel] to inductor $30 and load 150, between the receiving 
end of spark gap 820 and ground. The direction of the diode 
of rectifier 825 is optional. The output of rectifier 825 is 
comnected to inductor 830. Inductor 830 may be a fixed value 
inductor or a variable inductor. Capacitor 870 may be placed 
in parallel with load 150. 

FIG. 9 presents a flow diagram of a method for collecting 
energy. In block 910, one or more collection devices may be 
suspended from a support structure wire. In block 920, a load 
may be electrically connected to the support structure wire to 
draw current. In block 930 a diode may be electrically con- 
nected between the support structure wire and the electrical 
comnection to the load. In block 940, energy provided to the 
load may be stored or otherwise utilized. 

A windmill is an engine powered by the energy of wind to 
produce alternative forms of energy. They may, for example, 
be implemented as small tower mounted wind engines used to 
pump water on farms. The modem wind power machines 
used for generating electricity are more properly called wind 
turbines. Common applications of windmills are grain mill- 
ing, water pumping, threshing, and saw mills. Over the ages, 
windmills have evolved into more sophisticated and efficient 
wind-powered water pumps and electric power generators. In 
an example embodiment, as provided in FIG. 10, windmill 
tower 1000 of suitable height and/or propeller 1020 of wind- 
mill tower 1000 may be equipped with energy collecting 
fibers 1030, 1040. Collecting fibers 1030, 1040 may tum 
windmill 1000 into a power producing asset even when there 
is not enough wind to turn propellers 1020. During periods 
when there is enough wind to turn propellers 1020, collecting 
fibers 1030, 1040 may supplement/boost the amount of 
energy the windmill produces. 

Windmill 1000, properly equipped with ion collectors 
1030, 1040, such as non-limiting example carbon fibers, can 
produce electricity: 1) by virtue of providing altitude to the 
carbon fiber to harvest ions, and 2) while the propeller is 
turning, by virtue of wind blowing over the carbon fiber 
producing electricity, among other reasons, via the triboelec- 
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tric effect (however, it is also possible for the triboelectric 
etfect to occur, producing electricity, in winds too weak to 
turn the propeller). 

There are at least two ways that energy collectors may be 
employed on or in a windmill propeller to harvest energy. 
Propellers 1020 may be equipped with energy collectors 
1030, 1040 attached to, or supported by, propeller 1020 with 
wires (or metal embedded in, or on propeller 1020) electri- 
cally connecting energy collectors 1030, 1040 to a load or 
power conversion circuit. There may be a requirement to 
electrically isolate energy collectors 1030, 1040, which is 
added to propeller 1020, from electrical ground, so that the 
energy collected does not short to ground through propeller 
1020 itself or through support tower 1010, but rather is con- 
veyed to the load or power conversion circuit. Energy collec- 
tors may be connected to the end of propellers 1020 such as 
collectors 1030. Alternatively, energy collectors may be con- 
nected to the sides of propellers 1020 such as collectors 1040. 

Aliernatively, propeller 1020 may be constructed of carbon 
fiber or other suitable material, with wires (or the structural 
meta] supporting propeller 1020 may be used) electrically 
connecting to a load or power conversion circuit. In the case 
of propeller 1020 itself being constructed of carbon fiber, for 
example, the fiber may be ‘rough finished’ in selected areas so 


that the fiber is ‘‘fuzzy.” For example, small portions ofit may 2 


protrude into the air as a means of enhancing collection effi- 
ciency. The fuzzy parts of collectors 1030, 1040 may do much 
of the collecting. There may be a requirement to electrically 
isolate carbon fiber propeller 1020 from electrical ground, so 
that the energy it collects does not short to ground through 
metal support tower 1010, but rather is conveyed to the load or 
power conversion circuit. Diodes may be implemented within 
the circuit to prevent the backflow of energy, although diodes 
may not be necessary in some applications. 

In an alternative embodiment, windmill 1000 may be used 
asa base on which to secure an even higher extension tower to 
support the energy collectors and/or horizontal supports 
extending out from tower 1010 to support the energy collec- 
tors. Electrical energy may be generated via ion collection 
due to altitude and also when a breeze or wind blows over the 
collectors supported by tower 1010. 

Any process descriptions or blocks in flow charts should be 
understood as representing modules, segments, or portions of 
code which include one or more executable instructions for 
implementing specific logical functions or steps in the pro- 
cess, and alternate implementations are included within the 
scope of the preferred embodiment of the present disclosure 
in which functions may be executed out of order from that 
shown or discussed, including substantially concurrently or 
in reverse order, depending on the functionality involved, as 
would be understood by those reasonably skilled in the art of 
the present disclosure. 

It should be emphasized that the above-described embodi- 
ments of the present disclosure, particularly, any “preferred” 


embodiments, are merely possible examples of implementa- : 


tions, merely set forth for a clear understanding of the prin- 
ciples of the disclosure. Many variations and modifications 
may be made to the above-described embodiment(s) of the 
disclosure without departing substantially from the spirit and 
principles of the disclosure. All such modifications and varia- 
tions are intended to be included herein within the scope of 
this disclosure and the present disclosure and protected by the 
following claims. 

Therefore, at least the following is claimed: 

1. A method of collecting energy comprising: 

suspending at least one collection device with, in opera- 

tion, microscopic points of a cross-section of the collec- 
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tion device exposed to the environment from a windmill, 
the at least one collection device electrically connected 
to the windmill; and 

providing a load with an electrical connection to the at least 

one collection device to draw current. 

2. The method of claim 1, wherein the collection device 
collects energy by triboelectric effect. 

3. The method of claim 1, wherein the collection device 
comprises a collection fiber. 

4. The method of claim 1, wherein the collection device 
comprises a diode and a collection fiber and the diode is 
electrically connected between the collection fiber and the 
load. 

5. The method of claim 1, further comprising storing 
energy provided to the load. 

6. The method of claim 5, wherein storing energy provided 
to the load comprises storing energy in a capacitor or an 
inductor. 

7. The method of claim 3, wherein the collection fiber 
comprises carbon fiber or graphite fiber. 

8. A system of energy collection comprising: 

a windmill; 

at least one collection device with, in operation, micro- 

scopic points of a cross-section of the collection device 
exposed to the environment electrically connected to the 
windmill; and 

a load electrically connected to the at least one collection 

device. 

9, The system of claim 8, wherein the collection device 
collects energy by triboelectric effect. 

10. The system of claim 8, wherein the collection device 
comprises a collection fiber. 

11. The system of claim 8, wherein the collection device 
comprises a collection fiber and a diode electrically con- 
nected between the load and the collection fiber. 

12. The system of claim 9, wherein the diode is elevated 
relative to the ground level. 

13. The system of claim 10, wherein the collection fiber 
comprises a carbon fiber or a graphite fiber. 

14. The system of claim 8, further comprising a diode 
electrically connected between the at least one collection 
device and the support structure. 

15. The system of claim 8, further comprising: a switch 
connected in series between the at least one collection device 
and the load; and a capacitor connected in parallel with the 
switch and the load. 

16. The system of claim 15, wherein the switch comprises 
an interrupter connected between the plurality at least one 
collection device, and wherein the interrupter comprises at 
least one of a fluorescent tube, a neon bulb, an AC light, and 
a spark gap. 

17. The system of claim 8, further comprising: a motor for 
providing power, the motor connected between the at least 
one collection device and the load; and a generator powered 
by the motor. 

18. The system of claim 8, further comprising a fuel cell 
between the support structure and the load. 

19. The system of claim 18, wherein the fuel cell produces 
hydrogen and oxygen. 

20. A system of collecting energy comprising: 

means for suspending at least one collection device with, in 

operation, microscopic points of a cross-section of the 
collection device exposed to the environment from a 
windmill structure, the at least one collection device 
electrically connected to the means for suspending, 
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means for inducing current flow, the means for inducing 
current flow electrically connected to the means for sus- 
pending; and 

means for restricting the backflow of charge carriers, the 
means for restricting the backflow of charge carriers $ 
electrically connected between the at least one collec- 
tion device and the means for inducing current flow. 
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ATMOSPHERIC ENERGY COLLECTION 


TECHNICAL FIELD 


[9001] The subject matter described herein relates to a 
light-weight, extendible electricity collecting windsock 
arrangement comprising an enhanced collection surface for 
atmospheric electrical energy collection. 


BACKGROUND 


[9002] The atmosphere above the earth is known to include 
electrical charge. The earth's surface is negatively charged, 
while the air above it is positively charged. All atmospheric 
effects are a result of an interplay between these two huge 
areas of opposite electrical energy. The potential difference 
between the positively charged atmosphere and the nega- 
tively charged earth surface causes atmospheric electrical 
energy to be developed. Some of this atmospheric electrical 
energy may be experienced through thunderstorms. 

[0003] Even though there is a huge amount of atmospheric 
electrical energy in the atmosphere, collection of the atmo- 
spheric electrical energy stil] remains a problem. Due to high 
voltage and low current conditions, there is a need for large 
collection surfaces for maximizing the collection of atmo- 
spheric electrical energy. Note that the terms atmospheric 
electricity, atmospheric energy, and atmospheric electrical 
energy have been used interchangeably in this specification. 
(0004) The problem of low current 1s compounded by a 
heavy weight of the collectors of atmospheric electrical 
energy. The heavy weight of the collectors increases payload 
requirements of a lift mechanism, which may be used to lift 
the collectors to an appropriate height or altitude so that the 
collection of atmospheric electrical energy is maximized. 
Thus, a need exists for large yet light-weight collectors such 
that payload requirements for the lift mechanism remain rea- 
sonable. 


SUMMARY 


[0005] The subject matter described herein relates to an 
atmospheric energy collector. The atmospheric energy col- 
lector includes an electricity collecting windsock arrange- 
ment that has a large up-wind opening on one side and that 
tapers from the larger up-wind opening on the one side to a 
small down-wind opening on the other side. The up-wind side 
is secured to a tether such that an electrically conducting 
material (e.g. metal) included in construction of the atmo- 
spheric energy collector is connected to the tether. The elec- 
tricity collecting windsock arrangement is extended outwards 
by wind and the like atmospheric conditions such that the 
electrically conducting material collects the atmospheric 
energy and transfers the collected energy to the tether. Fur- 
ther, the electricity collecting windsock includes light-weight 
collectors such that payload requirements for the lift mecha- 
nism remain reasonable (i.e. remain within a predetermined 
value). 

[9006] In one aspect, an electricity collection apparatus 
includes a tether and a windsock. The windsock is formed of 
an insulation material with a metal deposited on at least a 
portion of the insulation material. The metal of the windsock 
is electrically connected to the tether. The windsock extends 
ina direction of ambient wind to provide a surface area based 
on the ambient wind, and the surface area provides the metal 
to collect electrical energy from the ambient wind, the col- 
lected electrical energy being transferred to the tether. 
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[0007] In another aspect, an electricity collection apparatus 
includes a windsock formed of an insulation material the 
windsock to extend in a direction of ambient wind to provide 
a surface area based on the ambient wind. The apparatus 
further includes one or more electrical conductors provided 
on at least a portion of the insulation material to collect 
electrical energy from the ambient wind. The apparatus fur- 
ther includes an electrically conductive tether connected with 
windsock to anchor the windsock in the direction of the 
ambient wind, the electrically conductive tether being elec- 
trically connected to the one or more electrical conductors 
provided on at least a portion of the insulation material to 
transfer the collected electrical energy from the one or more 
electrical conductors to an electrical storage. 

[0008] The subject matter described herein provides many 
advantages. For example, large collection surfaces allow a 
maximized collection of atmospheric energy. Moreover, the 
light-weight collectors allow payload requirements for the lift 
mechanism to remain reasonable (i.e. remain within a prede- 
termined value). 

[0009] The details of one or more variations of the subject 
matter described herein are set forth in the accompanying 
drawings and the description below. Other features and 
advantages of the subject matter described herein will be 
apparent from the description and drawings, and trom the 
claims. 


DESCRIPTION OF DRAWINGS 


[0010] The accompanying drawings, which are incorpo- 
rated in and constitute a part of this specification, show certain 
aspects of the subject matter disclosed herein and, together 
with the description, help explain some of the principles 
associated with the disclosed implementations. In the draw- 
ings, 

[0011] FIG. 1A illustrates extendible electricity collecting 
windsock arrangement that is used for collection of atmo- 
spheric electrical energy in accordance with implementations 
of the current subject matter; 

[0012] FIG. 1B illustrates a cross-section of one implemen- 
tation of the electrically conducting windsock in accordance 
with implementations of the current subject matter; 

[0013] FIG. 1C illustrates a cross-section of another imple- 
mentation of the electricity collecting windsock in accor- 
dance with implementations of the current subject matter; 
[0014] FIG. 2 illustrates an exemplary conductive line in 
accordance with implementations of the current subject mat- 
ter; 

[0015] FIG. 3A illustrates a front view of a conductive line 
in accordance with implementations of the current subject 
matter, 

[0016] FIG. 3B illustrates a top view of the conductive line 
shown in FIG. 3 in accordance with implementations of the 
current subject matter; 

[0017] FIGS. 4A, 4B, and 4C illustrate electrical schemat- 
ics for handling the static charge from the atmosphere in 
accordance with implementations of the current subject mat- 
ter; 

[0018] FIG. 5 illustrates an adjusting apparatus (winch 
motor and spool) that enables adjustment of location/height 
of the electricity collecting windsock arrangement in accor- 
dance with implementations of the current subject matter, and 
[0019] FIG. 6 isa process flow diagram illustrating aspects 
of a method in accordance with implementations of the cur- 
rent subject matter. 
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(0020) When practical, similar reference numbers denote 
similar structures, features, or elements. 


DETAILED DESCRIPTION 


[9021] To address these and potentially other issues with 
currently available solutions, one or more implementations of 
the current subject matter provide methods, systems, articles 
or manufacture, and the like that can, among other possible 
advantages, provide an energy collector formed as a wind- 
sock and having an enhanced collection surface for atmo- 
spheric electrical energy collection. In preferred implemen- 
tations, an electricity collecting windsock is formed as a 
flexible cylinder, a truncated cone, or a cone with a metal 
surface, and is mounted to a mast or other tether so as to 
capture ambient wind which extends the windsock outward 
from the mast, in tum forming the largest possible surface 
area for the wind conditions to enable the metal surface to 
collect atmospheric amperage. The collected amperage is 
transferred from the metal surface of the electricity collecting 
windsock to the mast or tether, and eventually to an electricity 
storage device. Although implementations in which wind- 
sock arrangements having one windsock each are discussed 
below, those or ordinary skill in the art understand that a 
windsock arrangement may include two or more windsocks 
for enhanced atmospheric electricity collection. 

(0022) FIG. 1A illustrates an implementation of electricity 
collecting windsock arrangement 100 that is used to collect 
atmospheric electrical energy. The electricity collecting 
windsock arrangement 100 includes an extendible electricity 
collecting windsock 102. The extendible electricity collect- 
ing windsock 102 is made ofa material that has a high tensile 
strength and provides electrical insulation. This electrically 
insulating material 134 (discussed below with respect to FIG. 
1B) may bea plastic or a flexible glass, such as polyester like 
polyethylene terephthalate (PET) or biaxially-oriented poly- 
ethylene terephthalate (BoOPET). BoPET is known in the 
industry by different trade names, some of which are Mylar, 
Melinex and Hostaphan. 

[0023] As is described later with respect to FIGS. 1B and 
1C, which illustrate cross-sections of implementations of 
electricity collecting windsock 102, a thin coat of an electri- 
cally conducting material 132, 162 is deposited on the elec- 
trically insulating material 134. The deposited electrically 
conducting material 132, 162 is a good conductor of electric- 
ity, and helps electricity collecting windsock 102 to tap atmo- 
spheric electrical energy. The electrically conducting mate- 
rial may be any one of a metal or a suitable alloy, such as one 
of or a combination of one or more of gold, silver, copper, 
aluminum, and the like. 

(0024) The electricity collecting windsock 102 has a large 
up-wind opening up-wind opening 104 on one side. The 
electricity collecting windsock 102 tapers from the large up- 
wind opening 104 on the one side to a small down-wind 
opening 106 on the other side of the electricity collecting 
windsock 102. The up-wind opening 104 has a metal loop 110 
on the circumference of the up-wind opening 104. The metal 
loop 110 is attached to a tether 112 using an attachment 
mechanism 114. The attachment mechanism 114 may include 
a soldering mechanism. In some implementations, other 
attachment mechanisms 114 are also known to be used, such 
as nut and bolt mechanism, threading mechanism, gluing 
mechanism, and the like. The electricity collecting windsock 
102 is extended outwards by wind 116 and/or like atmo- 
spheric conditions such that the electrically conducting mate- 
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rial (e.g. metal) collects the atmospheric electrical energy and 
transfers the collected energy to the tether 112. 


[0025] The tether 112 includes a conductive line that is 
isolated from the ground. The conductive line is used to 
transfer the collected atmospheric electrical energy from the 
electricity collecting windsock 102 to an electricity storage 
device (not shown) where the collected atmospheric charge 
may be gathered for later or simultaneous use. 


[0026] When wind 116 strikes against the electricity cal- 
lecting windsock arrangement 100 in the direction illustrated, 
the electricity collecting windsock 102 extends outward, thus 
allowing the electrically conducting material 132 (discussed 
below with respect to FIG. 1B) to collect maximum possible 
atmospheric electricity. In one implementation, the outward 
extension 118 is fifty feet or more. When there is no wind, the 
electricity collecting windsock 102 may be in a relatively 
compressed state such that the length of the electricity cal- 
lecting windsock 102 is less than the outward extension 118 
caused by windy conditions or like atmospheric conditions. 
The collected atmospheric electrical energy is communicated 
to the tether 112. 

[0027] FIG. 1Billustrates a cross-section 130 of one imple- 
mentation of the electrically conducting windsock 102. The 
cross-section 136 illustrates the electrically conducting mate- 
rial 132 deposited on the inner surface of the electrically 
insulating material 134. The electricity collecting windsock 
102 includes the electrically conducting material 132 and the 
electrically insulating material 134 such that the electrically 
conducting material 132 forms the inner surface of the elec- 
tricity collecting windsock 102. When the wind 116 strikes 
the electricity collecting windsock arrangement, the electric- 
ity collecting windsock 102 extends outward, thus allowing 
the electrically conducting material 132 to collect maximum 
possible atmospheric electricity. The electrically conducting 
material 132 may include multiple collectors that are spaced 
apart such that the collection surface is greatly enhanced. The 
multiple collectors may be spaced apart in patterns, such as 
spaced apart lines, squares, rectangles, circles, and the like, or 
any other pattern that may maximize the collection of the 
atmospheric electrical energy. As noted above, the electri- 
cally insulating material 134 may be a plastic or a flexible 
glass, such as polyester like polyethylene terephthalate (PET) 
or biaxially-oriented polyethylene terephthalate (BoPET). 
The electrically conducting material 132 may be a metal or 
alloy, such as one of or a combination of one or more of gold, 
silver, copper, aluminum, and the like. 

[0028] FIG. 1C illustrates a cross-section 160 of another 
implementation of the electricity collecting windsock 102. 
The electrically conducting material (e.g. metal deposit) 132, 
162 may be placed on both sides of the electrically insulating 
material 134 such that the collection ability is increased even 
further. Multiple collectors are implemented and are spaced 
apart on electrically conducting material 132, 162 such that 
the collection surface is greatly enhanced. The multiple col- 
lectors may form one or more patterns, as noted above with 
respect to FIG. 1B. Furthermore, the electrically insulating 
material 134 (e.g. mylar) used in the electricity collecting 
windsock 102 is light, thereby minimizing the overall weight 
of the electricity collecting windsock 102 and reducing the 
weight for payload calculations. The electrically conducting 
materials 132, 162 may be an electrically conducting metal or 
alloy, such as one of or a combination of at least one of gold, 
copper, aluminum, silver, and the like. The electrically con- 
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ducting materials 132, 162 may be made of the same metal/ 
alloy or a different metal/alloy. 

[9029] The electrically conducting materials 132, 162 may 
be attached to the electrically insulating material 134 by a 
gluing mechanism. In some implementations, other attach- 
ment mechanisms are known to be implemented, such as 
paint coating mechanism, a threading mechanism, a nut and 
bolt mechanism, soldering mechanism, and the like. The 
attachment mechanism between the electrically conducting 
material 132 and the electrically insulating material 134 may 
or may not be the same as the attachment mechanism between 
the electrically conducting materia] 162 and the electrically 
insulating material 134. 

(0030) FIG. 2 illustrates an exemplary conductive line in 
accordance with one implementation. This type of conductive 
line is commonly referred to as poly-wire. The conductive 
line consists of multiple interwoven strands of plastic 202 and 
204 woven into a cord or rope arrangement having inter- 
twined therein exposed metal wires 206 and 208. Although 
FIG. 2 illustrates two plastic strands and two metal wires, any 
number of possible combinations of plastic strands and metal 
wires is possible. The exposed metal wires 206 and 208 attract 
the atmospheric static charge and transmit the charge down to 
the electricity storage device (not shown). 

[0031] FIG. 3A illustrates a front view of a conductive line 
300 in accordance with another implementation. FIG. 3B 
illustrates a top view of the conductive line 300 illustrated in 
FIG. 3. The conductive line 300 creates an ionized pathway 
for the flow of the static charges from the atmosphere to the 
electricity storage device via the electricity collecting wind- 
sock arrangement 100. This conductive line utilizes a tube 
302 having an outer layer 304 of PET Film (Biaxially-ori- 
ented polyethylene terephtalate polyester film). The tube 302 
provides exceptionally high tensile strength and is chemically 
and dimensionally stable. In one implementation, the tube 
302 may have an ideal diameter of between two and three 
inches. An interior metal coating 306 provides an initial con- 
duit for the flow of static charge. The static charge through the 
metal may force the tube 302 to expand due to the repulsion 
experienced by like charges. Further, the flow of electricity 
causes the interior of the tube 302 to become ionized to 
provide an additional pathway for the atmospheric static 
charges to the electricity storage device (not shown). 

(0032) FIGS. 4A, 4B, and 4C illustrate electrical schemat- 
ics for handling the static charge from the atmosphere. By 
maintaining the voltage being collected in a prescribed range, 
an electrical conversion system is easily designed. While 
FIGS. 4A, 4B, and 4C illustrate some electrical configura- 
tions, those of ordinary skill in the art readily recognize a 
variety of other configurations that may serve the same func- 
tion. 

[9033] Referencing FIG. 4A, Direct Current In (DC IN) 
402 is buffered by a gang of capacitors 404 before being 
communicated to a DC/AC converter 406. The DC/AC con- 
verter converts the direct current into alternating current suit- 
able for placement over an existing electrical grid 408 such as 
normally found from a power-plant. Those of ordinary skill in 
the art readily recognize a variety of DC/AC converters that 
may work in this capacity. 

[9034] FIG. 4B illustrates an electrical arrangement suit- 
able for use in charging a battery. DC IN 402 is buffered by 
capacitor bank 404 before entering into a step down trans- 
former 408. Step down transformer 408 reduces the voltage 
so that the voltage can safely be introduced into battery 410, 
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which is connected to ground 412 at the battery’s other pole. 
Those of ordinary skill in the art readily recognize a variety of 
batteries that may work in this capacity. 


[0035] In FIG. 4C, DC IN 402 is fed into an adjustable 
rheostat 414, which is controlled by the controller so that the 
DC OUT 416 falls within a specified range. 


[0036] FIG. 5 illustrates an adjusting apparatus 500 that 
enables adjustment of height of the electricity collecting 
windsock arrangement 100 in accordance with one imple- 
mentation. As per one implementation, the height of the elec- 
tricity collecting windsock 102 can be adjusted using a winch 
motor 502 and a spool 504. The winch motor 502 and the 
spool 504 can release or withdraw the tether 112 to adjust the 
height of the electricity collecting windsock 102 that is con- 
nected to the tether 112. In one implementation, this release 
and the withdrawal may be performed manually. In another 
implementation, this release and the withdrawal] may be per- 
formed automatically based on information obtained from a 
sensor system that measures atmospheric electrical energy 
being collected per unit time. If the sensor indicates that a 
current flow is diminishing, then the tether 112 is released/ 
extended from the spoo] 504 to increase the altitude of the 
electricity collecting windsock 102 such that more static 
charge from the atmosphere is gathered. If the sensor indi- 
cates that collected atmospheric electrical energy exceeds a 
preset level per unit time, the tether 112 is withdrawn onto the 
spool 504 to decrease the static charge being collected from 
the atmosphere. 

[0037] FIG. 6 is a process flow diagram illustrating aspects 
of a method consistent with implementations of the current 
subject matter. At step 602, the functioning of the electricity 
collecting windsock arrangement 100 depends on whether 
atmospheric conditions are windy. If the atmospheric condi- 
tions are windy, the wind 116 stretches/extends outward the 
electricity collecting windsock 102—Step 604. Next, it is 
determined whether the atmospheric electrical energy (atmo- 
spheric current) that is collected is im a predetermined 
range—Step 606. If the collected atmospheric electrical 
energy is in the predetermined range, the flow goes back to 
step 604. If the current is not in the predetermined range, the 
height of the electricity collecting windsock 102 may be 
adjusted using adjusting apparatus 500, such as the winch 
motor 502 and spool 504. One skilled in the art understands 
that other implementations may include any other adjusting, 
apparatus 500, such as a pulley, a whee] mechanism, or the 
like. 

[0038] The implementations set forth in the foregoing 
description do not represent all implementations consistent 
with the subject matter described herein. Instead, they are 
merely some examples consistent with aspects related to the 
described subject matter. Although a few variations have been 
described in detail herein, other modifications or additions are 
possible. In particular, further features and/or variations can 
be provided in addition to those set forth herein. For example, 
the implementations described above can be directed to vari- 
ous combinations and sub-combinations of the disclosed fea- 
tures and/or combinations and sub-combinations of one or 
more features further to those disclosed herein. In addition, 
the logic flows depicted in the accompanying figures and/or 
described herein do not necessarily require the particular 
order shown, or sequential order, to achieve desirable results. 
The scope of the following claims may include other imple- 
mentations or embodiments. 
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What is claimed is: 

1. An electricity collection apparatus comprising: 

a tether; and 

a windsock formed of an insulation material with a metal 

deposited on at least a portion of the insulation material, 
the metal of the windsock being electrically connected 
to the tether, the windsock to extend in a direction of 
ambient wind to provide a surface area based on the 
ambient wind, the surface area providing the metal to 
collect electrical energy from the ambient wind, the 
collected electrical energy being transferred to the 
tether. 

2. The apparatus in accordance with claim 1, wherein the 
metal is deposited on at least one of opposite sides of the 
insulation material. 

3. The apparatus in accordance with claim 2, wherein the 
metal is a metal selected from a group of metals comprising 
gold, silver, copper and aluminum. 

4. The apparatus in accordance with claim 1, wherein the 
insulation material is a polyester film. 

5. The apparatus in accordance with claim 1, wherein the 
transferred electrical energy at the tether is further transferred 
from the tether to an electricity storage device. 

6. The apparatus in accordance with claim 1, wherein the 
meta] comprises conductors that are light-weight thereby 
allowing payload requirements for adjusting the windsock to 
an optimum location to be within a predetermined value, the 
optimum location comprising a height of the windsock from 
ground level. 

7. The apparatus in accordance with claim 6, wherein the 
deposited metal conductors form a pattern that maximizes the 
collection of the electrical energy at the optimum location. 

8. An electricity collection apparatus comprising: 

awindsock formed ofan insulation material having a metal 

deposited on at least a portion of the insulation material, 
the windsock to extend in a direction of ambient wind to 
provide a surface area based on the ambient wind, the 
surface area providing the metal to collect electrical 
energy from the ambient wind; and 

an electrically conductive tether connected with windsock 

to anchor the windsock in the direction of the ambient 
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wind, the electrically conductive tether being electri- 
cally connected to the metal of the insulation material, 
the collected electrical energy being transferred to the 
tether. 

9, The apparatus in accordance with claim 8, wherein the 
metal is deposited on at least one of opposite sides of the 
insulation material. 

10. The apparatus in accordance with claim 9, wherein the 
metal is a metal selected from a group of metals comprising 
gold, silver, copper and aluminum. 

11. The apparatus in accordance with claim 8, wherein the 
insulation material is a polyester film. 

12. The apparatus in accordance with claim 8, wherein the 
transferred electrical energy at the tether is further transferred 
from the tether to an electricity storage device. 

13. The apparatus in accordance with claim 8, wherein the 
metal comprises conductors that are light-weight thereby 
allowing payload requirements for adjusting the windsock to 
an optimum location to be within a predetermined value, the 
optimum location comprising a height of the windsock from 
ground level. 

14. The apparatus in accordance with claim 13, wherein the 
metal conductors form a pattern that maximizes the collection 
of the electrical energy at the optimum location. 

15. An electricity collection apparatus comprising: 

a windsock formed of an insulation material the windsock 

to extend in a direction of ambient wind to provide a 
surface area based on the ambient wind; 

one or more electrical conductors provided on at least a 

portion of the insulation material to collect electrical 
energy from the ambient wind; and 

an electrically conductive tether connected with windsock 

to anchor the windsock in the direction of the ambient 
wind, the electrically conductive tether being electri- 
cally connected to the one or more electrical conductors 
provided on at least a portion of the insulation material to 
transfer the collected electrical energy from the one or 
more electrical conductors to an electrical storage. 


* * * * * 
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A resonant transformer connected between a ground termi- 
nal and elevated terminal draws current from the earth’s 
electric field through a primary winding of the transformer. 
An impulse generator applies a high voltage impulse to the 
primary winding of the resonant transformer to cause current 
to flow from the ground terminal through the primary 
winding. The flow of current through the primary winding of 
the resonant transformer induces a current in the secondary 
winding, which may be converted and filtered to a usable 
form, e.g. 60 Hz AC or DC. 
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POWER RECEIVER FOR EXTRACTING 
POWER FROM ELECTRIC FIELD ENERGY 
IN THE EARTH 


[0001] This application is a continuation-in-part of prior 
US. application Ser. No. 14/509772 filed 8 Oct. 2014 which 
claims the benefit of U.S. Provisional Application No. 
61/889894 filed 11 Oct. 2013, the disclosures of all of which 
are incorporated by reference herein in their entirety. 


TECHNICAL FIELD 


[0002] The present invention relates generally to renew- 
able energy, and more particularly to methods and apparatus 
for extracting energy from subsurface electrical fields 
beneath the earth’s surface. 


BACKGROUND 


[0003] The earth and the ionosphere cavity may be viewed 
as a global electric circuit. Electrical currents are constantly 
flowing within the earth and its atmosphere. Within the 
earth, the majority of the earth's energy is carried by 
extremely low frequency (ELF) and ultralow frequency 
(ULF) waves in the 0-200 Hz frequency range. The earth’s 
rotating magnetic field and positive lightning are two energy 
sources that sustain the ELF/ULF waves within the earth and 
the atmosphere. 

[0004] A great deal of research has been devoted to 
studying the electric field present in the earth’s ionosphere 
cavity. Joseph M. Crawley, the “Fair Weather Atmosphere as 
a Power Source”, Proceedings ESA Annual Meeting on 
Electrostatics 2011; O. Jefimenko, “Operation of Electric 
Motors from Atmospheric Electric Field,” American Journal 
of Physics, Vol. 39, Pgs. 776-779, 1971; M. L. Breuer, 
“Usability of Tapping Atmospheric Charge as a Power 
Source,” Renewable Energy, Vol. 28, Pgs. 1121-1127, 2003. 
Numerous attempts have been made in the past to extract 
electrical energy from the earth’s atmosphere. For example, 
USS. Pat. No. 1,540,998 to Plauson describes a system for 
converting atmospheric electrical energy into usable power. 
These past attempts have been successful in producing only 
small amounts of power from the electrical field in the 
earth's ionosphere cavity. The modest success of these 
experiments compared to results from other renewable 
energy sources, such as solar and wind, has tempered further 
research and prevented widespread use of the electric field 
in the ionosphere cavity as an energy source. 


SUMMARY 


[0005] The present invention relates to a power receiver 
for extracting power from electric fields beneath the earth’s 
surface. In embodiments of the present disclosure, a reso- 
nant transformer connected to a ground terminal draws 
current from the earth’s electric field through the primary 
winding of the transformer. Current flow through the reso- 
nant transformer is induced by applying a high voltage 
impulse to the primary winding. The flow of current through 
the primary winding of the resonant transformer induces a 
current in the secondary winding, which may be converted 
and filtered to a usable form, e.g. 60 Hz AC or DC. 


[0006] In some embodiments of the power receiver, the 
resonant frequency of the resonant transformers is below 
200 Hz. 
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[0007] In some embodiments of the power receiver, the 
resonant transformer comprises a ferro-resonant trans- 
former. 

[0008] In some embodiments, the power receiver further 
comprises an elevated terminal. 

[0009] In some embodiments of the power receiver, the 
primary winding of the resonant transformer is connected 
between the ground terminal and elevated terminal. 

[0010] In some embodiments of the power receiver, the 
elevated terminal comprises an upper capacitive plate 
coupled to the earth’s ionosphere cavity. 

[0011] In some embodiments of the power receiver, the 
impulse generator comprises the upper capacitive plate and 
a spark gap connected between the upper capacitive plate 
and the primary winding of the resonant transformer. The 
spark gap comprises a pair of electrodes separated by a gap 
and configured to generate a spark when a voltage difference 
between the electrodes reaches a predetermined level. 
[0012] In some embodiments of the power receiver, the 
iunpulse generator comprises a pulse generator for generat- 
ing low voltage pulses, a step-up transformer for converting 
the low voltage pulses provided by the pulse generator to 
high voltage impulses, and a spark gap connected between 
the step-up transformer and the primary winding of the 
resonant transformer to generate a spark responsive to the 
high voltage impulses from the step-up transformer. 
[0013] In some embodiments of the power receiver, the 
impulse generator comprises a pulse generator for generat- 
ing low voltage pulses, and a step-up transformer connected 
to the primary winding of the resonant transformer for 
converting the low voltage pulses provided by the pulse 
generator to high voltage impulses. 

[0014] In some embodiments of the power receiver, the 
impulse generator comprises a solid state spark generator. 
[0015] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor connected in par- 
allel with the primary winding. 

[0016] In some embodiments of the power receiver, the 
resonant transformer includes a capacitor comnected in series 
with the primary winding between the impulse generator and 
the elevated terminal. 

[0017] In some embodiments, the power receiver com- 
prises multiple resonant transformers having primary wind- 
ings comected in parallel between the ground terminal and 
the elevated terminal. 

[0018] In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[0019] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all] 
below 200 Hz. 

[0020] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 

[0021] Another embodiment of the power receiver com- 
prises a resonant circuit connected to a ground terminal 
disposed below the surface of the earth, an impulse genera- 
tor for generating and applying a high voltage electrical 
impulse to the resonant circuit to induce current flow from 
the ground terminal through the resonant circuit, and a 
power conversion circuit connected to the resonant circuit to 
convert electrical current flowing through the resonant cir- 
cuit to a desired form. The resonant circuit has a resonant 
frequency below 200 Hertz. 
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(0022) In some embodiments of the power receiver, the 
resonant circuit comprises a resonant transformer having a 
primary winding, a secondary winding, and resonant capaci- 
tor connected in series with the primary winding. 

[0023] In some embodiments of the power receiver, the 
resonant circuit comprises multiple resonant transformers 
having primary windings connected in parallel to the ground 
terminal. 

(0024) In some embodiments of the power receiver, the 
resonant transformers have different resonant frequencies. 
[9025] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are all 
below 200 Hz. 

[0026] In some embodiments of the power receiver, the 
resonant frequencies of the resonant transformers are 
matched to respective Schumann resonances. 

[9027] Other embodiments of the disclosure comprise a 
ground terminal for a power receiver. In one embodiment, 
the ground terminal comprises a ground shaft configured for 
insertion beneath the surface of the earth, a hollow cylinder 
surrounding the ground shaft and having a plurality of 
openings, and a plurality of ground wires connected at one 
end to the ground shaft. The ground wires are wound around 
the ground shaft and have free ends protruding through 
respective openings in the hollow shaft so that rotation of the 
ground shaft relative to the hollow cylinder causes the 
ground wires to extend radially into the earth. 

[0028] Other embodiments of the disclosure comprise 
methods of extracting power from the earth. In one embodi- 
ment, the method comprises applying a high voltage impulse 
to resonant circuit coupled to a ground terminal disposed 
beneath the surface of the earth to initiate resonance in the 
resonant circuit and induce the flow of current from the 
ground terminal to the resonant circuit, and converting the 
current flowing from the ground terminal into the resonant 
circuit into a useful form. 

[0029] In some embodiments of the method, the resonant 
circuit comprises a resonant transformer including a primary 
winding coupled to the ground terminal and a second 
winding coupled to a power converter, and applying a high 
voltage impulse to resonant circuit comprises applying a 
high voltage impulse to the primary winding of the resonant 
transformer. 

[9030] In some embodiments of the method, applying a 
high voltage impulse to the primary winding of the resonant 
transformer comprises applying an impulse in the range to 
10,000 to 40,000 volts to primary winding of the trans- 
former. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0031] FIG. 1 illustrates a first exemplary embodiment of 
a power receiver. 

(0032) FIG. 2 illustrates a second exemplary embodiment 
of a power receiver. 

[0033] FIG. 3 illustrates a third exemplary embodiment of 
a power receiver. 

(0034) FIG. 4 illustrates a fourth exemplary embodiment 
of a power receiver. 

(0035) FIG. 5 illustrates a fifth exemplary embodiment of 
a power receiver. 

[0036] FIG. 6A is an exploded perspective view of an 
exemplary ground antenna array for the power receiver. 
[0037] FIG. 6B is a perspective view of an assembled 
ground antenna array before being deployed. 


Apr. 27, 2017 


[0038] FIG. 6C is a perspective view of an assembled 
ground antenna array after being deployed. 

[0039] FIG. 7A is a side view of an insertion tool for 
installing the ground antenna array. 

[0040] FIG. 7B is a top view of the insertion tool for 
installing the ground antenna array. 

[0041] FIG. 7C is a bottom view of the insertion tool for 
installing the ground antenna array. 


DETAILED DESCRIPTION 


[0042] Referring now to the drawings, a power receiver 
for extracting energy from the earth’s electric field are 
illustrated and indicated generally by the numeral 10. Vari- 
ous embodiments of the power receiver 10 are described and 
similar reference numbers are used throughout the descrip- 
tion to indicate similar components. 

[0043] The power receiver 10 converts energy in the 
ELF/ULF waves to useful form, e.g. 60 Hz AC or DC. The 
power receiver 10 is essentially a resonance circuit that 
resonates at the natural resonance frequencies in the earth’s 
electric field. These resonance frequencies, known as Schu- 
mann resonance frequencies, occur at 7.83 Hz, 14.3 Hz, 20.8 
Hz, 27.3 Hz, and 33.8 Hz. A high voltage impulse initiates 
resonance within the power receiver 10. In the resonant 
mode, the impedance of the power receiver 10 is reduced to 
near zero thus inducing ground currents to flow into the 
power receiver 10 where the ground currents are converted 
to useful form. 

[0044] FIG. 1 illustrates a first embodiment of the power 
receiver 10. The power receiver 10 comprises a resonant 
transformer 30 connected between an elevated terminal 15 
and ground terminal 25. In this embodiment, the elevated 
terminal 15 is capacitively coupled to electric fields within 
the earth’s ionosphere cavity and functions as an upper 
capacitive plate. A lower capacitive plate 20 is connected to 
the ground terminal 25 beneath the surface of the earth. 
[0045] The resonant transformer 30 comprises a primary 
winding 35, secondary winding 40, ferromagnetic core 45, 
and capacitor 50. One end of the primary winding 35 is 
connected to the lower capacitive plate 20 and ground 
terminal 25. The opposite end of the primary winding 35 is 
comnected via a spark gap 90 to the elevated terminal 15. The 
capacitor 50 is connected in parallel with the primary 
winding 35 of the resonant transformer 30 to form an LC 
circuit 55 with a resonance frequency range of between 
about 0.1 and 200 Hz. In a preferred embodiment, the 
resonant transformer has a Q of about 10 or greater and 
resonance frequency in the range of about 0.1-200 Hertz. 
For example, the resonant transformer 30 may have a 
resonance frequency of about 7.83 Hz, the fundamental 
Schumann resonance frequency. The secondary winding 40 
of the resonant transformer 30 is connected to a power 
converter 110 as will be hereinafter described in greater 
detail. The power converter 110 converts the energy 
extracted from the earth’s electric field by the power 
receiver 10 into a usable form for driving a load 140. 
[0046] The elevated terminal/upper capacitive plate 15 
comprises an insulated, dish-shaped plate with a large radius 
of curvature. The capacitance and resistance of the elevated 
terminal is chosen for receiving broadband electric field 
frequencies in the 0-200 Hz range. The upper capacitive 
plate 15 is sized to maximize to the extent practical coupling 
with the electric field in the earth’s ionosphere cavity. 
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[0047] The lower capacitive plate 20 is also a dish-shaped 
plate with a large radius of curvature. One function of the 
lower capacitive plate 20 is to collect charge from the earth's 
ground currents and provide an instantaneous source of 
current as hereinafter described. The capacitance and resis- 
tance of the lower capacitive plate 20 is selected to promote 
the flow of current from the ground with minimal losses. 
[9048] The spark gap 90 connected between the elevated 
terminal 15 and resonant transformer 30 comprises a pair of 
electrodes 95, 100 separated by an evacuated air gap 105. 
Electrode 95 is connected to the upper capacitive plate 15. 
Electrode 100 is connected to the resonant transformer 30. 
The spark gap 105 prevents electrical discharge from the 
upper capacitive plate 15 to the earth’s ionosphere cavity. 
The spark gap 90 in combination with the elevated terminal 
15 function as an impulse generator that applies a high 
voltage impulse of about 10,000-40,000 volts to the primary 
winding 35 to initiate resonance in the transformer 390. 
[0049] In operation, the capacitive coupling of the upper 
capacitive plate 15 induces a high voltage operating current 
in the upper capacitive plate 15. The upper capacitive plate 
is connected to a first electrode 95 to the spark gap 90. When 
the voltage difference between the electrodes 95 and 100 
reaches a threshold, a spark forms across the electrodes 95, 
100 and a high voltage impulse is applied to the primary 
winding 35 of the resonant transformer 30. This high voltage 
impulse initiates resonance within the transformer 30. 
[9050] In resonant mode, the impedance of the resonance 
transformer is reduced to nearly zero allowing current to 
flow from the capacitive plate 20 and ground terminal 25 
through the primary winding 35 of the transformer 30, which 
in turn induces current in the secondary winding 40. Power 
converter 110 converts the current flowing through the 
secondary winding 40 into a usable form for driving a load 
140. The transformer 30 will continue to resonate for a short 
period of time. By providing high voltage impulses to the 
primary winding 35 of the resonant transformer 30 at 
periodic intervals, it is possible to maintain a continuous 
flow of current from the earth into the resonant transformer 
30, thus producing a continuous supply of power. 

[0051] FIG. 2 discloses a second embodiment of the 
primary receiver 10. This embodiment includes a resonant 
transformer 30 connected between an elevated terminal 15 
and ground terminal 25. The resonant transformer 30 com- 
prises a primary winding 35, secondary winding 40, ferro- 
magnetic core 45 and a high voltage capacitor 50. One end 
of the primary winding 35 is connected to the ground 
terminal 25. The opposite end of the primary winding 35 is 
connected to the elevated terminal 15. The capacitor 50 has 
a capacitance of about 0.01 micro-farads. In contrast to the 
previous embodiment, capacitor 50 is connected in series 
with the primary winding 35 and elevated terminal 15 and 
forms a LC circuit 55 with a Q of about 10 or greater and a 
resonance frequency in the range of about 0.1 to 200 Hz. In 
a preferred embodiment, the resonance frequency of the 
transformer 30 is 7.83 Hz, the fundamental Schumann 
resonance frequency. An impulse generator 60 is connected 
between the primary winding 35 of the resonant transformer 
30 and the series capacitor 50 and applies a high voltage 
impulse to the primary winding 35 of the resonant trans- 
former 30. A battery 130 or other external power source 
supplies power to the impulse generator 60. As previously 
described, the high voltage impulse applied by the impulse 
generator 60 initiates resonance within the resonant trans- 
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former 30 inducing current flow from the ground terminal 25 
into the primary winding 35 of the resonant transformer 30. 
The flow of current from the ground terminal 25 through the 
primary winding 35 induces current in the secondary wind- 
ing 40. Power converter 110 converts the electrical energy in 
the current flowing through the primary winding 40 into a 
usable form. 

[0052] In contrast to the first embodiment, it is not 
required to capacitively couple the elevated terminal 15 in 
the second embodiment to the earth’s ionosphere cavity. 
Rather, the elevated terminal 15 in this embodiment pro- 
vides lightning protection and dissipates some of the energy 
flowing into the power receiver 10 to the earth’s ionosphere 
cavity. Also, in contrast to the first embodiment, the capaci- 
tor 50 is connected in series between the primary winding 35 
of the transformer 30 and the elevated terminal 15. Those 
skilled in the art will appreciate that the capacitor 50 could 
also be connected in parallel rather than series with the 
primary winding 35 as shown in FIG. 1, Another difference 
is that the impulse generator 60 has an external power 
source. The amount of energy generated by the power 
receiver 10, however, is far greater than the energy needed 
to generate high voltage impulses. The first embodiment 
does not require an external power source to generate lugh 
voltage impulses. 

[0053] FIG. 3 illustrates a third embodiment of the power 
receiver 10. This embodiment is essentially the same as the 
embodiment shown in FIG. 2. The main difference is that a 
center tap of the primary winding 35 in the resonant trans- 
former 30 1s connected to an electrical ground 85. It should 
be appreciated that the electrical ground 85 may be different 
than the earth ground. When the center tap of the resonant 
transformer 30 is grounded at a distance away from the 
ground terminal 25 (e.g. 50 ft to 100 ft), the power receiver 
10 becomes a transmitter via the ground loop formed. 
[0054] FIG. 4 illustrates the power receiver 10 of FIG. 2 
in greater detail. The power receiver includes a resonant 
transformer 30 connected between a ground terminal 25 and 
an elevated terminal 15. The ground terminal 25 may 
comprise a 5-inchx8-foot copper ground rod, such as the 
ERICO 615880UPC. The elevated terminal 15 may com- 
prise a 90% copper mesh formed into a hemisphere with a 
radius of about 9 inches. The elevated terminal 15 may be 
elevated at a height of approximately 6 feet above the 
ground. 

[0055] The resonant transformer 30 includes a primary 
winding 35, secondary winding 40, ferromagnetic core 45 
and series capacitor 50 configured as previously described. 
The resonant transformer 30 may have a Q of about 10 and 
a resonance frequency in the range of about 0.1 to 200 Hz. 
The resonant transformer 30 may be made using an Allanson 
transformer (part #1530BP120R) connected in series with a 
0.01 micro-farad capacitor, such as the Condensor Products 
high voltage capacitor (part #TC 103-17-125). The resonant 
transformer 30 is used in a step-down configuration. The 
center tap of the resonant transformer 30 may optionally be 
comnected to a ground. 

[0056] An impulse generator 60 is connected between the 
primary winding 35 of the resonant transformer 30 and the 
series capacitor 50 and applies a high voltage impulse in the 
range of about 10,000 to 40,000 volts to the primary winding 
of the transformer 30. A battery 130 or other external power 
source supplies power to the impulse generator 60. The 
power converter 110 connects to the secondary winding 40 
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of the resonant transformer 30 for converting current in the 
secondary winding of the transformer to a useful form. 
[9057] The impulse generator 60 comprises a pulse gen- 
erator 65 for generating low voltage pulses, a step-up 
transformer 80 for converting the low voltage pulses from 
the pulse generator 65 to high voltage pulses, and a spark 
gap 90 for generating sparks responsive to the high voltage 
pulses from the step-up transformer 80. 

[9053] The pulse generator 65 comprises a square wave 
generator 70, such as a Sinometer VC2002 function signal 
generator, and solid state relay 75. The square wave gen- 
erator 70 generates a digital pulse stream. In one embodi- 
ment, the digital pulse stream generates a square waveform 
with a frequency of about 7.83 Hz. The frequency of the 
digital pulse stream is selected to match the resonance 
frequency of the transformer 30, though such is not neces- 
sarily required. The pulse stream output from the square 
wave generator 70 is applied to the solid state relay 75. The 
solid state relay 75 is connected between a battery or other 
power source and a first winding of the step-up transformer 
80. The battery may comprise a 12 V, 7.0 A/H sealed lead 
acid battery, such as the ELB 1270A by Lithonia Lighting. 
The solid state relay 75 functions as a switch that is activated 
responsive to the waveform from the square wave generator 
70 to provide a continuous stream of low voltage pulses 
from the battery to the first winding of the step-up trans- 
former 80. A 1 ohm resistor is connected between the solid 
state relay 75 and step-up transformer 80. 

[0059] The step-up transformer 80 may comprise a 
Transco 15 kV, 30 mA neon sign transformer (part 
#815612). The step-up transformer 80 converts the low 
voltage pulses from the pulse generator 65 to high voltage 
pulses that are applied to the spark gap 90. The step-up 
transformer has a 0.5 micro-farad capacitor connected in 
parallel with the primary winding of the step-up transformer 
80. The step-up transformer produces pulses at the output of 
about 30,000 to 40,000 volts. 

[0060] The spark gap 90 comprises a pair of electrodes 95, 
100 separated by an air gap 105. A suitable spark gap 
electrode pair is the Information Unlimited SPARKO5 14- 
inchx1-inch tungsten electrodes. As previously described, 
when the voltage potential between the electrodes 95, 100 
reaches a threshold, a spark forms between the electrodes 
95, 100 and supplies a nearly instantaneous, lugh voltage 
impulse to the primary winding 35 of the resonant trans- 
former 30. This high voltage impulse initiates resonance in 
the resonant transformer 30 inducing current flow from the 
ground terminal 25 through the primary winding 35 of the 
resonant transformer 30. 

[0061] The power converter 110 comprises a bridge rec- 
tifier 115, filter capacitor 120, charge controller 125, and 
inverter 135. A suitable rectifier is the Micro Commercial 
Components 10 amp, 1000 volt bridge rectifier (Part #GBIL 
1010). The bridge rectifier 115 converts the AC current 
flowing through the secondary winding 40 of the resonant 
transformer to a DC current. A filter capacitor 120 removes 
unwanted frequencies from the DC current. A suitable 
capacitor 120 is Cornell Dubilier 1000uF 450VDC capacitor 
(part #383LX 102M450N082). The filter capacitor 120 has a 
capacitance of about 1000 micro-farads. The DC current is 
input to the charge controller 125. The charge controller 125 
may, for example, comprise a maximum power point track- 
ing (MPPT) charge controller, such as a Tracer 4215 BN 
MPPT Solar Charge Controller, which is commonly used in 
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solar power generating systems. The charge controller 125 
applies a smal] amount of energy to a battery 30 to charge 
the battery 130. As previously noted, the battery 130 serves 
as a power source for the impulse generator 60. The remain- 
ing current is supplied to an inverter 135, which converts the 
DC current to an AC current with a desired voltage and 
frequency, e.g., 120 volts/60 Hz AC. A suitable inverter 135 
is the 1500 W Pure Sine power inverter (AIMS) (part 
#PWRI15001 25). The power converter 110 as shown in FIG. 
4 may be utilized in the embodiment shown in FIGS. 1, 2 
and 3. 


[0062] FIG. 5 illustrates a power receiver 10 according to 
another embodiment. The power receiver 10 comprises a 
plurality of resonant transformers 30 connected between a 
ground terminal 25 and elevated terminal 15. Each of the 
resonant transformers 30 comprises a primary winding 35, 
secondary winding 40, ferromagnetic core 45 and series 
capacitor 50. The primary windings 35 of the resonant 
transformers 30 are connected in parallel. The secondary 
windings 40 are connected in series with the power con- 
verter 110. An impulse generator 60 applies a high voltage 
impulse to the primary windings 35 of the resonant trans- 
formers 30. A battery 130 or other external power source 
supplies power to the impulse generator 60. The power 
converter 110 converts the current in the power converter 
circuit to a usable form for driving a load 140. 


[0063] In one embodiment, each of the resonant trans- 
formers 30 shown in FIG. 5 is configured to have a different 
resonant frequency. In one embodiment, the resonant trans- 
formers 30 are configured to resonate at frequencies of 7.83 
Hz, 14.8 Hz, 20.3 Hz and 26.8 Hz respectively. Additional 
resonant transformers 30 could be added to operate at other 
resonance frequencies. 


[0064] FIGS. 6A-6C illustrate a high quality ground 
antenna array 200 which may be used as a ground terminal 
25. The ground antenna array 200 comprises a generally 
cylindrical ground shaft 205 disposed with a hollow cylinder 
220 and a plurality of reinforced, heavy gauge ground wires 
210 attached at one end to the ground shaft 205. The ground 
shaft 205 and ground wires 210 should be lughly conductive 
and have low resistance to supply current from the ground 
to the power receiver 10. In one embodiment, the ground 
wires 210 may be copper or other highly-conductive metal. 
The end of the ground shaft may be pointed to facilitate 
insertion into the earth. A connection port on the ground 
shaft 220 is provided to electrically connect the ground 
antenna array 220 to the resonant transformer 30. 


[0065] The hollow cylinder 220 has external threads 25 to 
facilitate insertion into the ground. A rotator nut 235 is 
fixedly secured to the top end of the hollow shaft 220. A 
square shaft 215 protrudes from the top end of the ground 
shaft 205 into the opening in the rotator nut 235. FIG. 6B. 
A too] 250, shown in FIG. 7, engages with the rotator nut 
235 and square shaft 215 during insertion of the ground 
antennas array 200 into the ground as will be hereinafter 
described. 


[0066] The insertion tool 250 is shown in FIG. 7. The 
insertion tool 250 includes a tool body 255 having a first 
socket 260 on one side to fit the rotator nut 235 on the hollow 
cylinder 220 and a second socket 265 on the other side to fit 
the square shaft 215 on the ground shaft 205. Arms 270 
extend from the outer periphery of the tool body 255 for 
manually or mechanically turning the insertion tool 250. 
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[0067] Before the antenna array 200 is deployed, the 
ground wires 210 are wound around the ground shaft 205 
with the free ends protruding slightly from respective open- 
ings 230 in the hollow cylinder 220 to a distance not to 
exceed one half (14) the depth of the external threads 225 on 
the hollow cylinder 220. FIG. 6B illustrates the ground 
antenna array 200 before deployment. FIG. 6C illustrates the 
ground antenna array in a deployed contiguration. 


[9068] Installation of the ground antenna array 200 is 
performed in two stages. In the first stage, a hole slightly 
smaller in diameter than the threads 235 of the hollow 
cylinder 220 is drilled into the Earth to a depth matching the 
length of the hollow cylinder 220 or slightly longer. The hole 
is filled with water and the water is allowed to soak into the 
soil. After the ground is softened, the hollow cylinder 220 is 
rotated using the insertion tool 250 to insert the ground 
antenna array 200 into the ground. The first socket 260 of the 
insertion too] 250 is engaged with the rotator nut 230 and the 
insertion too] 250 is turned by hand or a mechanized rotating, 
shafi fitted and attached to the tool arms 270 to thread the 
ground assembly into the hole. During the initial insertion of 
the ground antenna array 200, the ground shaft 205 is fixed 
to the hollow shaft 220 and rotates with the hollow shaft. 
The hollow cylinder 220 is rotated until it reaches the full 
depth of the hole. 


[0069] Once the ground antenna array 200 has been fully 
inserted into the earth, the insertion tool 250 is flipped over 
and the second socket 265 of the insertion tool 250 is 
engaged with the square shaft 215. The insertion tool 250 is 
turned by hand or a mechanized rotating shaft fitted and 
attached to the tool arms 270 to rotate the ground shaft 205. 
During the second phase, the ground shaft 205 rotates freely 
inside the hollow cylinder 220. Rotation of the ground shaft 
205 causes the reinforced ground wires 210 to extend 
radially into the earth. The ground shaft 220 is rotated until 
the ground wires are fully extended. The ends of the ground 
wires may be sharpened to aid in the extension of the ground 
wires during the second phase. 


[0070] After the ground antenna array 200 is deployed, a 
connection cable 280 is attached to a connection port 240 on 
the ground shaft 220 to electrically connect the ground 
antenna array 220 to the resonant transformer 30 in the 
power receiver 10. 


What is claimed is: 


1. A power receiver for extracting electrical energy from 
the earth’s electric field, said power receiver comprising: 


a resonant transformer connected to a ground terminal 
disposed below the surface of the earth; 


an impulse generator for generating and applying a high 
voltage electrical impulse to a primary winding of the 
resonant transformer to induce current flow from the 
ground terminal through the primary winding of the 
transformer, and 


a power conversion circuit connected to a secondary 
winding of the resonant transformer to convert electri- 
cal current flowing through the secondary winding to a 
desired form. 


2. The power receiver of claim 1 wherein a resonant 
frequency of the resonant transformers is below 200 Hz. 


3. The power receiver of claim 1 wherein the resonant 
transformer comprises a ferro-resonant transformer. 
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4. The power receiver of claim 1 further comprising an 
elevated terminal, and wherein the primary winding of the 
resonant transformer is connected between the ground ter- 
minal and elevated terminal. 

5. The power receiver of claim 1 wherein the impulse 
generator comprises: 

a pulse generator for generating low voltage pulses; 

a step-up transformer for converting the low voltage 
pulses provided by the pulse generator to high voltage 
impulses; 

a spark gap connected between the step-up transformer 
and the primary winding of the resonant transformer to 
generate a spark responsive to the high voltage 
impulses from the step-up transformer. 

6. The power receiver of claim 1 wherein the impulse 

generator comprises a solid state spark generator. 

7. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in parallel with 
the primary winding. 

8. The power receiver of claim 1 wherein said resonant 
transformer includes a capacitor connected in series with the 
primary winding between the impulse generator and the 
elevated terminal. 

9, The power receiver of clam 1 comprising multiple 
resonant transformers having primary windings connected 
in parallel between the ground terminal and the elevated 
terminal. 

10. The power receiver of claim 9 wherein the resonant 
transformers have different resonant frequencies. 


11. The power receiver of claim 10 wherein the resonant 
frequencies of the resonant transformers are matched to 
respective Schumann resonances. 

12. A power receiver for extracting electrical energy from 
the earth’s electric field, said power receiver comprising: 

a resonant circuit connected to a ground terminal disposed 

below the surface of the earth, said resonant circuit 
having a resonant frequency below 200 Hertz 


an impulse generator for generating and applying a high 
voltage electrical impulse to the resonant circuit to 
induce current flow from the ground terminal through 
the resonant circuit; and 


a power conversion circuit connected to the resonant 
circuit to convert electrical current flowing through the 
resonant circuit to a desired form. 

13. The power receiver of claim 12 wherein the impulse 

generator comprises: 

a pulse generator for generating low voltage pulses; 


a step-up transformer for converting the low voltage 
pulses provided by the pulse generator to high voltage 
impulses, 

a spark gap connected between the step-up transformer 
and resonant circuit to generate a spark responsive to 
the high voltage impulses from the step-up transformer. 

14. The power receiver of claim 12 wherein the resonant 
circuit comprises a resonant transformer having a primary 
winding, a secondary winding, and resonant capacitor con- 
nected in parallel with the primary winding. 

15. The power receiver of claim 12 wherein the resonant 
circuit comprises a resonant transformer having a primary 
winding, a secondary winding, and resonant capacitor con- 
nected in series with the primary winding. 
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16. The power receiver of claim 12 wherein the resonant 
circuit comprises multiple resonant transformers having 
primary windings connected in parallel to the ground ter- 
minal. 

17. The power receiver of claim 16 wherein the resonant 
transformers have different resonant frequencies. 

18. The power receiver of claim 17 wherein the resonant 
frequencies of the resonant transformers are matched to 
respective Schumann resonances. 


a ee ee | 
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Capacitors we used are electrolytic rated at 400 volts x 47 uF put in series to equal 6,000 
volis, the diodes we used were silicon 1000 volt 2 amp placed in series to equal 6,000 
volfs......... Ground was connected fo laboratory wail out let ground. 


If vou decide to try Tesla's experiment by pumping DC 
into the ground be careful, | tried this and it does work 
but is very dangerous to you or your neighbors. If 
someone is taking a shower or using water they can get 
killed or shocked. do this experiment far away from 
humans and animals. you can get far more energy out 
than you putin. | will not tell you much more because it 
is such a dangerous experiment. 
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Energy Projects 
Electrodynamic Tether Photos 


Deployment of the Tether Satellite 


Boom Deploy Initial Deploy 


Satellite Deployed 


Closeup of boom showing tether Close up of end of boom 
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Tether Break 





The tether deployed to one mile 





Shortly after the breakreak 


\ 
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The tether coils as it moves away from the Shuttle 
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The base of the tether boom. The area looks more like a Tesla Laboratory than the space shuttle hanger bay. 


After the Break 


The following three images are those displayed for the public showing the white specks that appearall around 
the tether after it has broken free. NASA calls these "dust and debris" particles, though Mission control in the 
audio portion of the videos state that they see a "lot of stuff swimming around" and that the tether is wider 
than expected. 





thelivingmoon.com/../Tether02.htm 4/11 


6/28/2010 Hectrodynamic Tether Photos 











If you compare these images to the ones we captured from a hard to find high resolution copy of the video on 
you will see a remarkale difference. The video is a must see. 


Video Clip 


Editors Note: This video has been removed several times by Youtube. Currently it is available again. If it does 
get removed again, email me and I can send you a copy as we have it on disk now. Contact me at 
This one is from the hand held Infrared Camera and is not as clear as the other one was 
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What is most interesting to note is that most of the video clips above are taken from this video, yet NASA does not show the video 
itself. The copy on Youtube is a transmission intercept copy. However the fact that the NASA info site DOES use those clips gives 
credibility to the video that it is indeed a NASA film - Zorgon 


Tethered Satellite System (TSS-1R) 
Source of Clips: NASA STS-75 Mission Pictures 


Kennedy Space Center STS-75 Mission Fact Sheet 


"Critters" from STS-75 





The Report After the Fact 


NASA/TP—2003-21228 
Low Earth Orbit Spacecraft Charging Design Guidelines 


Below are a few keynote excerpts from the PDF file. The entire 367 page document is available below for those 
with technically savy who want to read the entire paper... 


Excerpt 1: 

In the case of the TSS-1R tether, its 20 km length produced a maximum of about 3500 V potential between its most positive and 
negative ends, since it wasn?t oriented perfectly perpendicular to the velocity vector and the Earth?s magnetic field. A satellite at 
its upper end collected electrons, and an electron gun at the lower end emitted electrons to complete the circuit. When the electron 
gun was not in operation, a large resistance prevented the Shuttle from being biased thousands of volts negative of its surrounding 
plasma. However, there remained a large voltage between the tether lower end and the Shuttle orbiter. This enormous bias 
eventually led to a continuous arc on the tether (see The Continuous Arc, section 4.2.3.1 below), which broke, freeing the satellite 
and ending the experiment. During the arc, the satellite collected over 1 Amp of electron current to keep the arc going. Probe 
theory (Cohen et al, 19870010625 N) is usually used to calculate the total current collected by a wire with distributed potentials. 
However, before the break, TSS-1R demonstrated that a satellite at a high positive potential could collect an anomalously large 
electron current. See Zhang, et al (20000110580), Stone and Raitt (19990084046 and 20000025437), and Stone, et al (19980202347) 





Excerpt 2: 

Sustained arcs (continuous arcs) - These are the events that have been attributed with the destruction of on-orbit solar arrays. 
Generally, the process begins with a fast transient (a so-called trigger arc). Under some conditions, the transient develops into an 
arc that is fed directly by the entire array, effectively becoming a short-circuit. Such events invariably involve large quantities of 
energy and can be severely damaging to cells, interconnects or power traces. 
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Excerpt 3: 

wants structure or array capacitance electrically connected to the arc site is sufficiently large, the initial transient arcs 
themselves can be large enough to produce significant damage. In Figure 9, we see an anodized aluminum plate that has undergone 
repeated arcing in the laboratory with the ISS structure capacitance attached. Its thermal properties have been completely 
destroyed, along with most of the insulating surface layer of aluminum oxide. 
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Excerpt 4: 

The cide famous sustained arc event of all led to the breakage of the TSS-1R electrodynamic tether, and the loss of the attached 
satellite. The image below shows the burned, frayed and broken tether end still attached to the Shuttle after the break. 
Incidentally, the tether continued arcing long after it and its satellite were drifting free, until finally it went into 
night conditions where the electron density was insufficient to sustain the arc. Noel Sargent (2002) has investigated 
whether the TSS-1R are was seen to disrupt Shuttle communications. Although he has found no record of disturbed communications 
during the event, for most of the time the arc was shielded by metallic structures from the communications antennas, and when the 
tether broke, the arc was many meters from the receiving antennas. It remains to be seen whether sustained arcs produce radio 
noise severe enough to be a communications problem. 


Comments: 

This is official confirmation that the tether continued to produce plasma energy long after it broke free, accounting for the 
"fluorescent bulb" glowing effect viewed after. We believe this concentrated collection of plasma energy is what attracted the 
"swarm" of "critters" to a "feeding frenzy" 


To get the full PDF file you can download LEO Charging Guidelines_v1.3.1.zip 
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Tether Optical Phenomena Experiment (TOP) 


Using a hand-held camera system with image intensifiers and special filters, the TOP investigation will provide visual data that may 
allow scientists to answer a variety of questions concerning tether dynamics and optical effects generated by TSS-1R. In particular, 
this experiment will examine the high-voltage plasma sheath surrounding the satellite... 


In one mode of operation, the current developed in the Tethered Satellite System is closed by using electron accelerators to return 
electrons to the plasma surrounding the orbiter. The interaction between these electron beams and the plasma is not well 
understood... 


Associate Investigator: Stephen Mende, Lockheed Martin 


SOURCE 





The Report After the Fact 


The niost fanbons sustained are event of all led to the breakage of the TSS-1E 
electrocdynamic tether, and the loss of the attached satellite. Figure & shows the bummed, 
frayed and broken tether end still attached to the Shuttle after the break. Incidentally. the 


tether continued arcing long after tt adits satellite were drifting free, until finally it went 
inthe might conditions where the electron density was insullierent to sustain the are. 





thelivingmoon.com/../Tether02.htm 9/11 


6/28/2010 





Electrodynamic Tether Photos 


Figure 8 — ‘The end of the remainine TS5-1R tether 


It is thus possible that an astronaut. grounded to TSS by lis tether or conductive tools. 
could nniderad an are ar only S07, A sneak cirenit analysis showed that such ares could put 
| Arup af current throes am astronaut’s heart: Since 0.1 Amp is enough to cause heart 
stoppage, if 1s mperaive that if the [SS platina contactors are mmoperable durine astronaut 
EV As, a method be used to prevent 188 astronaut workplaces from floating more than 30 V 
neeative: 


For many ISS surfaces peak are 


strengths of Inindreds of Aimps lave been caleulated, Arcs this strong will melt the are site 
anid spew molten metal through space. Plasma chamber tests of this kind of arcime are 
spectacular indeed! Ares on one anodized surface have been seen to trigger anes on nearby 
line-of-sight surfaces: 


Finally, an are on an electrodynamic tether nay become continous, The infamous are 
ou the TSS-1R tether that led to its break ancl the loss of the satellite was a eortiniaals 


(SUSTAIN) are with its power supplied by the tether. 
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Had TS5-1R used a tether of greater resistance. the 
threshold. are current could not have been maintained, . For example. a total tether resistance 
of ten Choate obits would have hinted the are curreril lo less than 0.4 Arps, less than the 
sustained ant threshold. Altematively, if the satelite election collection capability had been 
limited to less than 3 Amp, the are could not have been sustained. Of course, these measures 
worth have severely restneted the Bones or eat that's could be obtained by tether 





power svstem will not are. 


lonived gases cau be enuitled by plasma sources such as hollow cathode plasma 
contactors or from neutral gas sources at lagh positive potentials. Locally. the plasma 
density can be greater than the ambient plasma density and similar plasma interactions can 
OCCU with high PONSEY. Sphaeeis Cin Ss, ie Plasma Seater Units (PCTs), when 


detsily decreases below rine ambien plasma density i LEO. Arcing aril eared collection 


from such a plastna could occur in much the same wary as with an ambient plastma, implying 
that solar arrays and other active sites should be kept out of mdluced plasma plumes. 


Electrodynamic Tethers ~ Menu 
Critters ~ Critters 01 ~ Critters 02 ~ Critters 03 
Copyright Notice 


All pictures and photos on this page, unless otherwise noted, have been gathered from pubic domain sources or are available under GNU License. Further 
documentation is available on our Copyright Page and our Legal Department. 


Article Quotes all have links to their appropriate source and are noted. All other text not so noted is available under the terms of the GNU Free Documentation 
License 





All information on this page is used only for non profit educational purposes. All reasonable attempts have been made that no credits are missed, but with a work 
of this size omissions may occur. If you see anything of yours that has not been properly credited or wish to have removed please contact the Webmaster 


Webpages © 2001-2006 
Blue Knight Productions 
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KIT CONTAINS... 
Borosilicate Glassware: 

1. Boiling Flask, 1L 

2. Biomass Flask, 2L. 

3. Distillation Arm. 

4. Glass Stopper. 

5. Condenser, 300mm. 

6. Erlenmeyer Flask, 500mL. 


Hardware: 
7. Electric Hotplate. 
8. Ring Clamp, 6”. 
_ 9, 3-Finger Clamp. 
10. Lab Support Stand. 
11. Keck Clamps (2). 


Included but not shown... 
12. 5 ft. Amber Latex Tubing (2). 





Optional Lab Scissors Jack 
(Order Part No. NC-13222) 





STS 75 TETHER INCIDENT 





Zz id 
Tether Deployed 
Tether Satellite being deployed from the Shuttle Bay of STS-75 








oe ee SS) ey Waa 
. « 
Tether Activated 


Tether Satellite begins to glow as it gathers electricity from the Ionosphere 


PISBUNS00H DATt'OS6 








Tether Breaks Free 
Tether Satellite cable fries the connection and breaks free... still producing energy. 
The glow increases and the cable gets wider. ( More on this later) 





Tether Broke Free 
Tether Satellite worth 100 million has overloaded the circuits within minutes of being activated because the NASA 
Scientists under estimated the potential. The tether in just a few moments of operation produced 10 times the 
anticipated power and they forgot to install a circuit breaker. 


NOTES: 

Add "Critter" Portion 
Add Video 

Add FLV Viewer 





TETHER BROKEN FREE AND DRIFTING AWAY 


Source: Original Image NASA Cassini/ Huygens N00008771.jpg 
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(57) ABSTRACT 


The present invention compnises an electrodynamic tether 
Structure and a method of use. The structure of the tether 
taught by the present invention is a short, wide, intercon- 
nected multiwire (compared to the long, narrow single wires 
of the prior art) conductive tether whose area maximizes 
elecitrodynamic drag while simultaneously minimizing the 
Area-Time-Product swept by the tether during its operating 
lite. The preferred tether length is two kilometers to five 
kilometers. The preferred tether mass is one percent to five 
percent of the spacecraft mass. The method of operation 
comprises onenting the tether structure at an angle to the 
local vertical to maximize electrodynamic drag on the host 
spacecraft and minimize tether instability. The angle of 
35.26 degrees is preferred. 


26 Claims, 12 Drawing Sheets 
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FIG. 3 


Pl «@) 4:30/6:50 


How To Install Molecular Distillation Apparatus? 





U.S. Patent Sep. 12, 2000 Sheet 6 of 12 6,116,544 







406 






hm 


i a 
|| [cotessen| [DST gf 
a 
Be iat SE aia cr i 


405 


10000 


AN LAT 
PoC 
VOT eae 
LT 
Pec eee 


AL 5% Tether -1 km x 25cm 


y Tn 50 kg; Power = 5385 watts 
ACMI 


300 1100 1300 1500 


ae ee a ES 









Circular Orbit Altitude (km)} 
Area-Time Product for Mean and Extremes of Exospheric Temperature 
(m = 1000 kg, Cd = 2.0; 1% Tether, 1 km x 25 cm; power = 1077 watts) 
(5% Tether, 1 km x 25 cm; power =5385 watts) 


FIG. 4 
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FORCES AND TORQUES ON AN UPWARD DEPLOYED CONDUCTING TETHER DUE TO THE MOTION OF 
THE HOST SPACECRAFT THROUGH THE MAGNETIC FIELD OF THE EARTH. 


FIG. 12 
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ELECTRODYNAMIC TETHER AND 
METHOD OF USE 


TECHNICAL FIELD 


This invention relates generally to apparatus and methods 
useful for changing the state vector of a space object when 
the space object is moving relative to a magnetic field. More 
specifically, the present invention relates to an apparatus and 
method of using a conducting tether to produce an electro- 
dynamic force to deorbit a satellite from its orbit around a 
celestial body, such as the Earth, which has an associated 
magnetic field. 


RESERVATION OF RIGHTS 


This application is subject to certain nights of the U.S. 
government as a result of contracts between the U.S. gov- 
ernment and the inventors. 


BACKGROUND ART 


The present invention has its principal utility in outer 
space, primarily for deorbiting satellites at the end of their 
useful life to mitigate the harm and reduce the liability 
created by the proliferation of space debris. In order to 
obtain a better understanding of the present invention it is 
helpful to understand the prior art of space tethers, especially 
tether dynamics and tether electrodynamics. The present 
invention may be more readily understood through a review 
of the expermmental prior art and a mathematical analysis of 
electrodynamic space tethers. 

Prior Art Tethers: 

A tether was originally a rope or chain used to fasten an 
animal so that it grazed only within certain limits. Tethers 
have been used for decades in space to attach astronauts to 
their spacecraft. 

In 1974 Professor Guiseppe Colombo, holder of the 
Galileo chair of astronomy at the University of Padua in 
Italy, proposed using a long tether to support a satellite from 
an orbiting platform. U.S. Pat. No. 4,097,010, which issued 
to Professor Colombo and Mario Grossi on Jun. 27, 1978, 
teaches a satellite connected by means of a long tether to a 
powered spacecraft. Colombo actively pursued the design of 
a tethered satellite system. 

Several NASA experiments, such as the two Small 
Expendable Deployer System (SEDS 1 & 2) experiments 
and the Plasma Motor Generator (PMG) experiment used 
tethers in space. SEDS used a nonconducting tether. The 
PMG used a 500-meter conducting tether. The Tethered 
Satellite System flights in 1992 and 1996 (TSS-1 & 1R) used 
a 20,000-meter conducting tether. 

On the TSS-1 mission the tether deployed only 260 meters 
(853 feet) before the deployer failed. On the TSS-1R the 
tether was deployed 19,500 meters. In the SEDS-2 flight, a 
0.8-mm diameter, 20,000-meter long braided single-line 
tether was deployed to study tether dynamics and lifetime. 
Orbital debris or a meteoroid severed this tether in less than 
four days. 

In the TSS-1R flight, the conducting single-line tether was 
severed after five hours of deployment. This failure was 
caused by an electric are produced by the 3,500 volts of 
electric potential generated by the conductive tether’s move- 
ment through the Earth’s magnetic field. 

The Tether Physics and Survivability (TiPS) satellite 
consists of two end masses connected by a 4,000-meter long 
non-conducting tether. This satellite was deployed on Jun. 
20, 1996 at an altitude of 1,022 kilometers (552 nautical 
miles). Its tether is an outer layer of Spectra™ 1000 braid 
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over a core of acrylic yarn. The yarn will “puff” its outer 

braid to two millimeters to “give it a larger cross section to 

improve its resistance to debris and small micrometeoroids”, 
according to the National Reconnaissance Office (NRO), 

which is a sponsor of the TiPS mission. As of Jun. 21, 1997 

the TiPS tether had survived one year. 

References: 

1. Joseph A. Carroll, “SEDS Deployer Design and Flight 
Performance”, paper WSEDSA-1 at the 4” Interna- 
tional Conference on Tethers in Space, Washington, 
D.C., April 1995. 

. James E. McCoy, et. al. “Plasma Motor-Generator 
(PMG) Flight Experiment Results”, pp.57-84, Pro- 
ceedings of the 4‘ International conference on Tethers 
in Space, Washington, D.C., April 1995. 

3. W. John Raitt, et. al. “The NASA.ASI-TSS-1 Mission, 
Summary of Results and Reflight Plans, pp. 107-118, 
Proceedings of the 4” International conference on 
Tethers in Space, Washington, D.C., Apnl 1995. 

4. Joseph C. Anselmo, “NRO Orbiting Spacecraft Studies 
Tether Survivability”, Aviation Week, page 24, Jul. 1, 
1996, 

These experiments all used single line tethers. 

The following reference is illustrative of the current state 
of the art in space tethers: Paul A. Penzo and Paul W. 
Ammann. Tethers in Space Handbook—Second Edition. 
NASA Office of Space Flight, NASA Headquarters, 
Washington, D.C. 20546. See also the hundreds of refer- 
ences in the 33 page bibliography at the end of the hand- 
book. 

The “Hoytether’™, an Improved, High-Reliability 
Tether: 

In 1991, one of the present inventors, Robert Hoyt, 
invented a lightweight net-like structure that provides many 
redundant load-bearing paths. A number of primary load 
bearing lines running the length of the structure are con- 
nected periodically by diagonal secondary lines. The dis- 
closed embodiment of this invention has the secondary lines 
firmly connected by knots to the primary lines. The second- 
ary lines are connected only to the primary lines. At either 
end of the disclosed structure, a support ring enforces the 
cylindrical spacing between the primary lines. The second- 
ary lines are designed with a small amount of slack. These 
secondary lines are only put under load if a primary line 
fails. This specific tether structure was disclosed to the 
public in 1992 (Forward, R. L., “Failsafe Multistrand Tether 
Structures for Space Propulsion”, AIAA paper 92-3214, 28” 
Joint Propulsion Conference, Nashville, Tenn., 1992 
(hereinafter “1992 Hoytether structure”). This structure was 
named a “Hoytether”. The term “Hoytether” is used 
throughout the remainder of this specification for this type of 
tether structure. 

The present invention uses an improved Hoytether, which 
was invented by the same inventors as the present invention. 
This improved Hoytether is the subject of a copending PCT 
application. The Hoytether is discussed briefly in this speci- 
fication to aid understanding of the present invention. 

The 1992 Hoytether design teaches that the normally 
slack secondary lines have half the cross-section (0.707 the 
diameter) of the primary lines. There are twice as many 
secondary lines as primary lines, thus the mass of the 
secondary lines is equal to the mass of the primary lines. In 
an undamaged Hoytether, the primary lines carry the entire 
load, while none of the secondary lines are under load. 

While the survival probability of a single-line tether 
decreases exponentially with time, the Hoytether can main- 
tain a high, i.e. greater than 99 percent, survival probability 
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for periods of months or years (forward and Hoyt, “Failsafe 
Multiline Hoythther Lifetimes”, Paper AIAA 95-2890, 31° 
Joint Propulsion Conference, July 1995). 

References: 

1. Robert L. Forward, Failsafe Multistrand Tethers for 
Space Propulsion, Forward Unlimited, P.O. Box 2783, 
Malibu, Calif. 90265, July 1992, Final Report on 
NASA Contract NAS8-39318 SBIR 91-1 Phase I. 

2. Robert L. Forward and Robert P. Hoyt, Failsafe Mul- 
tistrand Tether SEDS Technology Demonstration, Final 
Report on NAS8-40545 with NASA/MSFC (Jun. 14, 
1995). 

3. Robert L. Forward and Robert P. Hoyt, “High Strength- 
to-Weight Tapered Hoytether for LEO to GEO Payload 
Transfer’ Final Report on contract number NASS- 
40690 with NASA/MSFC (Jul. 10, 1996). 

The Hoytether is essentially a tri-axial net structure, with 
‘primary’ lines running along the length of the tether and two 
sets of ‘secondary’ lines connecting these primaries diago- 
nally. They can be made by hand and connected with knots 
as is taught by the 1992 Hoytether structure. Because 
knotted connections severely limit the strength of a 
structure, it is desirable to use a knotless fabrication tech- 
Hique to achieve interconnections that have strengths 
approaching the limits of the constituent material. As these 
tethers may be many kilometers long; fast and inexpensive 
mechanical methods are required for their practical fabrica- 
tion. 

Hoytethers may be made by mechanical braiding, ie. 
three-dimensional braiding, such as 3-D rotation braiding 
using braiding machines such as those developed by the 
Herzog Company in Germany (August Herzog Maschinen- 
fabnk GmbH & Co., Postfach 2260.26012, Oldenburg, 
Germany. The specialized loom developed by the Nichimo 
Company of Japan (Nichimo Company Ltd., 2-6-2 
Ohtemachi, Chiyoda-Ku, Tokyo, Japan) is used to produce 
“Ultracross” knotless fishing nets in which the individual 
strands are braided as a 4-braid line, and the strands are 
interbraided where they cross. This produces netting that has 
slipless interconnections that are very strong, approaching 
the maximum capability of the fiber. Such a loom could, 
with some modifications, produce the present invention’s 
structure. Only two such machines exist, one in Japan, the 
other in Washington State. Unfortunately neither can work 
with the small line diameters needed to practice the pre- 
ferred embodiment of the present invention. See generally, 
Ko, F. K., “Braiding”, in Engineered Materials Handbook, 
Vol. 1., Composites. ASM International, Metals Park, Ohio, 
1957, Pp. 519-528. 

The most common 3-dimensional braiding machines are 
4-step braiders based upon the designs of Maistre (German 
Patent P230-16986, issued 1973) and Forentine (U.S. Pat. 
No. 4,312,261, issued 1982). Braiding is accomplished by 
using, pneumatics or solenoids to push the parts of the 
braiding machine to the proper positions. This is a slow 
process and making a Hoytether kilometers long with these 
machines would be very time consuming and expensive. The 
composites division of Albany International (Albany Inter- 
national Research Company, 777 West Street, Mansfield, 
Mass.) also produces a 3-D braiding machine. This machine 
uses modular braiding components that arc assembled 
breadboard fashion on a large wall. 

Although braiding is the preferred technique, alternate 
fabrication methods such as Raschel knitting and crocheting 
can be used successfully. Multikilometer long Hoyththers 
are presently being produced for the inventors by the ven- 
dors Culzean Fabrics and Flemings Textiles using an elec- 
tronically controlled crochet machine produced by Comez in 
Italy. 
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Space Tether Systems: 

The prior art teaches the use of tethers in space applica- 
tions. U.S. Pat. No. 5,163,641, issued on Apr. 9, 1990 to 
Yasaka, teaches the use of a powered spacecraft connected 
by a tether to a satellite. This tether is disconnected to 
change the state vector of the satellite. The state of the art of 
energy and momentum transfer using space tethers is dis- 
cussed in Ivan Beckey’s article “Tethering, a new Technique 
for Payload Deployment”, Aerospace America, March 1997, 
at pages 36-40. Beckey concludes, “Tethers can perform the 
same functions as propulsive upper stages of direct payload 
injection, but at lower weight and cost per pound.” U.S. Pat. 
No. 4,923,151, issued Mar. 1, 1988 to Roberts, Wilknson 
and Webster, teaches a tether power generator for earth 
orbiting satellites. U.S. Pat. No. 4,580,747, issued Mar. 15, 
1983 to Pearson, teaches use of a long tether extending 
downward into the atmosphere from a satellite. The state 
vector of the satellite is changed by forces acting on a lifting 
body connected to the end of the tether. U.S. Pat. No. 
4,824,051, issued Jan. 12, 1987 to Engelking, teaches pass- 
ing an electric current through a conductive tether attached 
to a satellite to provide propulsive force to alter the orbit of 
the satellite. U.S. Pat. No. 5,082,211, issued Jan. 21, 1992 to 
Werka, teaches use of a tether to deorbit space debris. U.S. 
Pat. No. 4,727,373, issued Mar. 31, 1986 to Hoover, teaches 
an orbiting stereo imaging radar system having two space- 
craft in synchronous parallel orbits connected by a tether. 
Tether Dynamics: 

In order to understand the forces that cause a tethered 
satellite to move upward and away from an orbiting satellite, 
for example, it is first necessary to explain briefly how a 
satellite remains in orbit. An orbiting satellite is acted on by 
the force of gravity which pulls it toward Earth, and by a 
centrifugal force, which pushes it away from Earth. The 
centrifugal force” (actually inertia) results from the motion 
of the satellite around its circular orbit. This is the same 
force that one can experience by swinging a ball around on 
the end of a string. Asatellite is maintained in its orbit when 
it travels at the natural speed for its altitude and, as a result, 
the centrifugal force is equal to the gravitational force. 

At the typical orbital altitude of 250 kilometers for a 
low-Earth orbit satellite, for example, a speed of approxi- 
mately 7.6-km per second is required to create sufficient 
centrifugal force to balance gravitational attraction on the 
satellite. If the altitude is changed, the two opposing forces 
will no longer be in balance unless the satellite also changes 
its speed. A higher orbital altitude requires a slightly lower 
speed so the satellite will take longer to complete an orbit. 
Because of this, if two free-flying satellites are in orbits at 
different altitudes, the lower satellite will circle the Earth in 
less time than the satellite in the higher orbit. 

If two satellites, at different altitudes, are connected to 
each other by a tether, they are forced to travel around their 
orbits together—in the same period of time, which is longer 
than the natural period of the lower satellite but shorter than 
that of the upper satellite. The lower satellite will, therefore, 
slow down below the natural speed for its orbit and will tend 
to fall to a lower orbit because the centrifugal force will now 
be less than the gravitational attraction of the Earth. An 
upward force in the tether that makes up the difference 
between centrifugal and gravitational forces holds it in 
place, however. 

Correspondingly, the upper satellite will be accelerated 
above its natural orbiting speed (increasing its centrifugal 
force above the gravitational attraction) and will tend to 
move to a higher orbit. It, too, is held in place by an 
additional force (downward) in the tether. In other words, 
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the net force downward on the lower satellite is balanced, 
through the tether, by the net force upward on the upper 
satellite. The effect of unbalanced forces on the two satellites 
is, therefore, to create tension in the tether. During the TSS-1 
& 1R experiments, the inertia of the tethered satellite causes 
the satellite to rise above the orbiter as the tether is reeled 
out. Very close to the orbiter, there is little difference in the 
two orbits, and the tension force is insufficient to overcome 
friction in the deployer mechanism; therefore, until the 
satellite reaches a separation of approximately 1000-meters, 
the tension is augmented by small tether-aligned thrusters on 
the satellite. Beyond this point, the tension in the tether is the 
only force required. 

By experimenting with a ball hung on a piece of elastic 
cord (a paddleball, for example) it is possible to simulate all 
the different types of oscillations that are possible on a 
space-based tether system. The elastic cord, representing the 
tether, may compress and stretch, causing the ball to bounce 
up and down (longitudinal oscillation). It also may move in 
a circular (skip-rope) motion or may develop wave-like 
motions (transverse oscillations). Even if the string itself 
remains straight, it is possible to get the ball swinging back 
and forth about its attachment point on the paddle like a 
child on a swing rope (pendulous motion). 

Each type of motion occurs with a particular frequency, 
which depends on the length and tension of the tether. When 
the frequencies are different, the motions do not interact; 
however, at some tether lengths, the frequencies of two or 
more types of oscillation can become very close. At this 
point, energy can be transferred from one type of motion to 
another, a phenomenon known as resonance. For instance, 
the transverse oscillations in the tether may cause the 
satellite to swing back and forth in pendulous motion. 

Many different factors may cause oscillations; the move- 


ments of the satellite or Shuttle are but two of these. For an 3 


electrodynamic tether, the skip-rope and pendulous oscilla- 
tions are of particular interest. If a current is passed through 
a tether, the current will interact with Earth’s magnetic field, 
resulting in a force that may produce skip-rope and pendu- 
lous oscillations. Because it is necessary to maintain control 
of the satellite, much study has gone into identifying the 
different types of possible motions and the methods used to 
control them. 

One way to control the magnitude of those motions that 
cause a change in tension or transverse motion at the end of 
the tether is to have an end mass connected to the Hoytether 
that maintains a controlled tension on the tether, working 
much like a spring-loaded ‘dog leash’. This may be as 
simple as a coiled spring, or as complex as an active control 
system that measures the tension and transverse forces on 
the tether and adjusts the applied tension according to a local 
or remotely operating algorithm. 

Electrodynamic Effects of Conductive Tethers: 

Electric potential is generated across a conductive tether 
by its motion through the Earth’s magnetic field. Electro- 
magnetic forces acting on a conductive tether in orbit can 
make the tether system behave like an electnic motor or 
generator, thereby exerting a useful force to alter the state 
vector of the tether and any mass attached to it. 

Electrodynamic tether propulsion is unlike most other 
types of space propulsion in use or being developed for 
space application today—there is no hot gas expelled to 
provide thrust. Instead, the environment of near-Earth space 
is being utilized to propel a spacecraft or upper stage via 
electrodynamic interactions. 

Acharged particle moving in a magnetic field experiences 
a force that is perpendicular to its direction of motion and the 
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direction of the field. When a current flows through a long, 
conducting tether the electrons flowing through the tether 
experience this force due to the fact that they are moving 
along the wire in the presence of Earth’s magnetic field. This 
force is transferred to the tether and to whatever the tether 
is attached (like a spacecraft, satellite, space station or upper 
stage). It can be an orbit-raising thrust force or orbit- 
lowering drag force, depending upon the direction of current 
flow. Operation in one mode allows boost from LEO to 
higher orbit while reversing the current flow provides nega- 
tive thrust for deboost. The principle is much the same for 
an electnc motor; reverse its operation and it acts as a 
generator. The current passing through the tether is returned 
through the ionosphere to complete the current loop with 
collection and emission occurring on opposite ends of the 
tether. 

The PMG expenment demonstrated that a conducting 
tether can be used as both a motor and a generator. The TSS 
experiments, especially TSS-1R showed that very large 
voltages (about 3500 volts) can be generated by a sufh- 
ciently long tether. 

Uses of an electrodynamic tether as an orbit raising and 
lower propulsion system has many advantages over com- 
peting systems: 

a. It is nearly propellantless. Most other systems expel hot 
gases and require extensive resupply. To emit current, 
the electrodynamic tether propulsion system may use 
plasma contactors developed as a part of the Interna- 
tional Space Station Program. These contactors con- 
sume less than 20 kg of xenon gas per year with a 50% 
duty cycle. The electrodynamic tether propulsion sys- 
tem can also use field emitter arrays, which emit 
electrons without the use of any gas. 

b. It can change both altitude and inclination. The Earth’s 
magnetic field is non-uniform and can therefore pro- 
vide both in- and out-of-plane forces for inclination 
changes as well as altitude changes. This is of particular 
interest to payloads requiring polar orbits in that they 
can be launched on a small launch vehicle into a lower 
inclination orbit and have it raised in space by the 
proper phasing of current through the tether. 

A demonstration of the propulsive capabilities of electro- 
dynamic tethers was recently approved for a flight test in 
1999. The Propulsive SEDS or ProSEDS mission, will fly as 
a secondary payload on a Delta II launch vehicle and deploy 
a 5-km conducting tether using the existing SEDS deployer 
concept. The ProSEDS experiment will be followed by the 
Electrodynamic Tether Upper Stage (EDTUS) experiment 
that will demonstrated the use of electrodynamic forces to 
change both the altitude and inclination of the experimental 
spacecraft. FIGS. 1B and 1C show the calculated electro- 
dynamic thrust at several inclinations and the reentry time 
sensitivity of the ProSEDS tether, respectively. 

One application for long-life conducting electrodynamic 
tethers is as a “Terminator Tether™” for removing from 
orbit unwanted Earth orbiting spacecraft at the end of their 
useful lives. When the mission of the satellite is completed, 
the Terminator Tether™, weighing a small fraction of the 
mass of the satellite, would be deployed. The electrody- 
namic interaction of the conducting tether with the Earth’s 
magnetic field will induce current flow in the tether con- 
ductor. The resulting energy loss from the heat generated by 
the current flowing through the ohmic resistance in the 
conducting tether will remove energy from the spacecraft, 
eventually causing it to deorbit, thus reducing the amount of 
orbital space debris that must be coped with in the future. 

In the following analysis, it is shown that the amount of 
energy loss generated by an electrodynamic tether is essen- 
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tially independent of its length or area, and instead is 
primarily proportional to the tether mass and the physical 
properties of the conductor metal chosen. In the typical 
example calculated, a 1000-kg spacecraft can be deorbited 
from a 1000-km high Earth orbit by a 10-kg mass tether in 
a month, while a 1-kg tether can deorbit a 1000-kg space- 
craft in less than a year. 

To the knowledge of the inventors, Joseph P. Loftus of 
NASAJSC first proposed the general concept of using an 
electrodynamic tether to deorbit spent satellites. (Joseph P. 
Loftus <JLoftus@ems.jsc.nasa.gov>, personal communica- 
tion via email to Robert Forward, Monday Jun. 10, 1996 
15:50:10.) In order to show that the Loftus deorbit concept 
was not obvious to those skilled in the art of electrodynamic 
tethers, Forward contacted the leading expert, Joseph 
Carroll, of Chula Vista, Calif., who built and participated in 
the flight test of the PMG. After being told of the Loftus 
concept in a telephone conversation, his reply in an Email 
message dated Aug. 5, 1996, was “such a system would be 
feasible .. . by it is still not obvious to me that it would be 
useful...” 

Loftus was considering the use of electrodynamic drag 
from a conducting tether to achieve this goal of bringing the 
unwanted spacecraft down from its high orbit (where atmo- 
spheric drag is negligible) to a 200-km orbit, where atmo- 
spheric drag would rapidly finish off the task of removing 
the unwanted spacecraft trom orbit. The tether Loftus was 
considering was a single-line, conducting tether, typically 
1-mm in diameter, 1-km long, and, if made of aluminum, 
2-kg in mass. He would include means at the ends of the 
tether to contact the ambient space plasma around the Earth 
to complete the current loop. 

Unfortunately it is probable that space impactors would 
sever the 1-mm diameter, 1-km long single-line tether 
proposed by loftus within a 1/e lifetime of four months. This 


would produce orbital debris rather than removing it. The 3 


motivation for this work is the NASA Safety Standard NSS 
1740.14 “(Guidelines and Assessment Procedures tor Lim- 
iting Orbital Debris.” The relevant portion of the Standard 
starts on page 6-3: General Policy Objective-Postmission 
Disposal of Space Structures. Item 6-1: “Disposal for final 
mission orbits passing through LEO: A spacecraft or upper 
stage with perigee altitude below 2000 km in its final orbit 
will be disposed of by one of three methods.” The method 
of interest is the atmospheric reentry option, Option a: 
“Leave the structure in an orbit in which, using conservative 
projections for solar activity, atmospheric drag will limit the 
lifetime to no longer than 25 years after completion of 
mission. If drag enhancement devices are to be used to 
reduce the orbit lifetime, it should be demonstrated that such 
devices will significantly reduce the area-time product of the 
system or will not cause the spacecraft or large debris to 
fragment if a collision occurs while the system is decaying 
from orbit.” 

The NASA standard applies only to NASA spacecraft and 
even then only to completely new spacecraft designs. New 
versions of existing designs are to make a “best effort” to 
meet the standard, but will not be required to change their 
design to do so. The Department of Defense has adopted the 
NASA standard with the same provisos. An Interagency 
Group report has recommended that the NASA standard be 
taken as a starting point for a national standard. It is NASA’s 
recommendation to the Interagency Group that the safety 
requirement be phased in only as spacefaring nations reach 
consensus internationally, which is being done through the 
International Debris Coordination Working Group whose 
members are Russia, China, Japan, ESA, UK, India, France, 
Italy, and the US. 
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Thus, although the NASA Safety Standard in its present 
form is not the “Law”, the existence of the standard means 
that some time in the future a similar requirement may be 
imposed on all spacecraft. This could result in major growth 
in future space tether business, with a sale to every non- 
geostationary spacecraft being “mandated” by government 
safety regulations, somewhat as the sale of seat belts and 
airbags for every car are mandated. 

In fact, three of the companies planning to set up “con- 
stellations” of low to medium orbit communications: 
Teledesic, Iridium and Odessey have committed their com- 
panies to abide by the spirit of NASA Safety Standard 
1740.14 by using one means or another to deorbit their 
spacecraft before they reach end of life. 

Problems with Prior Art Tethers: 

All electrodynamic tether designs proposed by the prior 
art teach that the tether should be operated at a right angle 
to the magnetic field through which the tether is moving. 
This is a problem because the electrodynamic force acting 
on the tether causes the tether to align itself with the 
magnetic field force lines. To overcome this problem the 
plior art teaches the use of a large ballast mass attached to 
the end of the tether and/or use of a very long (tens to 
hundreds of kilometers) tether. The large ballast mass is 
expensive to take to orbit because it replaces useful payload. 
The long tether sweeps a larger Area-Time-Product during 
its useful life and thus is more likely to impact other space 
objects, either debris or another spacecraft. 

Another problem common to all proposed prior art tethers 
is tether instability. If the tether produces a large electrody- 
namic drag force, which is desirable because a large drag 
force will cause the satellite to deorbit quickly, then the 
tether will be dynamically unstable. This instability can 
cause the tether to lose its effectiveness, act uncontrollably 
and even wrap around the satellite or otherwise malfunction. 
Experts skilled in the art of tether design have opined that 
this dynamic instability is inherently unavoidable in any 
electrodynamic tether system. The prior art solution, such as 
that presently being used in the ProSEDS experiment, has 
been to use a large ballast mass to increase the stabilizing 
gravity-gradient force and/or to limit the electrodynamic 
drag of the tether to less that the maximum that could be 
produced. In the ProSEDS experiment, the conducting elec- 
trodynamic tether is five kilometers long. To insure stability, 
it will be augmented by a 20-35 kilometer long non- 
conducting tether, which to further have stability will have 
a 40 kilogram ballast end mass. 

Yet another problem of all proposed prior art electrody- 
namic tether systems is how to radiate away the energy 
produced by the tether’s operation. A satellite moving at an 
orbital velocity of 18,000 miles per hour has a kinetic energy 
of over 10,000 calories per gram. To put this amount of 
energy in an understandable perspective, it may be noted 
that when nitroglycerine explodes it produces about 1,500 
calories per gram. Prior art designs of electrodynamic drag 
tethers teach the use of the electrical energy generated by the 
tether to charge batteries or operate electronics, with the 
excess energy being converted into heat by a resistive load. 
This excess heat must be radiated to the space environment 
or it will melt the resistive load. Thus the resistive load, 
and/or its associated radiator structures, must be massive 
and replace useful payload. 


DISCLOSURE OF THE INVENTION 


The present invention comprises an electrodynamic tether 
Structure and a method of use. The principal industrial utility 
of the present invention is to deorbit satellites in Earth orbit 
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at the end of their useful life. This embodiment of the present 
invention is sometimes referred to in this specification as a 
“Terminator Tether™™” because it terminates the orbital 
lifetime of the host spacecraft. The structure of the tether 
taught by the present invention is a short, wide, 
interconnected-multiwire (compared to the long single wires 
of the prior art} conductive Hoytether whose area maximizes 
electrodynamic drag while simultaneously minimizing the 
Area-Time-Product swept by the tether during its operating 
life. The preferred tether length is two to five kilometers. 
The preferred tether mass is one to five percent (1%—5%) of 
the spacecraft mass. The method of operation comprises 
orienting the tether structure at a 35.26-degree trailing angle 
to the local vertical to maximize electrodynamic force on the 
tether while avoiding tether instability and allowing use of 
a small tether end mass. 


The present invention also teaches that the satellite-tether 
system may be rotated around its common center of mass to 
centrifugally produce tension force in the tether structure to 
oppose forces causing tether instability. The angle of the 
conductive tether structure of the present invention with 
respect to the velocity vector of the host spacecraft may be 
controlled by the method of the present invention so it 
interacts with the encountered magnetic field to induce a 
maximum current flow in the tether. This produces maxi- 
mum electrodynamic drag. All or a portion of this electric 
power may be stored and then controllably applied to the 
conductive tether to produce an induced electrodynamic 
force. This induced electrodynamic force may by used to 
enhance the drag force, to rotate the tether-satellite system 
and/or to provide satellite propulsion, i.c. to change the state 
vector of the satellite for any useful purpose, ¢.g. to avoid 
collision or to change the host spacecraft’s orbit to an orbit 
more favorable for more rapid deorbiting. 

The present invention also teaches a tether structure that 
also functions as a thermal radiator and/or plasma contactor. 
An embodiment of the present invention using conducting 
elements of the satellite, e.g. the solar arrays, as electrody- 
namic tether structures is also disclosed. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The present invention may be better understood with 
reference to the following drawings: 

FIG. 1a is a graph comparing the survival probability of 
a single line tether as taught by the prior art to the Hoytether 
used by the present invention. 

FIG. 14 is a graph showing the level of electrodynamic 
thrust for a 10 kilometer, 10 kilowatt tether at various 
altitudes and inclinations. 

FIG. 1c is a graph showing reentry time sensitivity of a 
five kilometer ProSEDS tether for several conditions of 
current flow in the electrodynamic tether. 

FIGS. 2a, 25 and 2¢ show the Hoytether structure used by 
the preferred embodiment of the present invention. 

FIG. 2d shows the Hoytape structure used by the preferred 
embodiment of the present invention. 

FIG. 3 is a block electrical diagram of an electrodynamic 
tether system. 

FIG. 4 is a graph showing a graph of the Area-Time 
product for three separate levels of exospheric temperature 
(for neutral drag calculations) and for two separate assump- 
tions regarding tether mass and power drawn from the 
ambient plasma (for the Terminator Tether™ calculations). 

FIG. 5 is the percent additional mass required in orbit to 
drop the perigee of a circular orbit at altitude, at, to a value 
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of 200 kilometers using standard chemical rocket as taught 
by the prior art for deorbiting unwanted spacecraft. 


FIG. 6 is a deorbit tether system shown operating with its 
electrodynamic tether at a trailing 35.26-degree angle to the 
encountered magnetic field, as is taught by the preferred 
embodiment of the present invention. 

FIG. 7 shows an embodiment of the present invention in 
which the electrodynamic tether—satellite system is rotated 
about its center of mass to avoid tether instability. 


FIG. 8 shows an embodiment of the present invention 
wherein the tether is powered to provide induced electro- 
dynamic force. 


FIG. 9 shows an embodiment of the present invention 
wherein the solar power system structure of the satellite is 
used as an electrodynamic tether. 


FIG. 10 shows the use of a portion of the tether structure 
as a thermal radiator and plasma contactor. 


FIG. 11 shows the braiding of an ohmic resistive load into 
the tether structure. 


FIG. 12 is a force diagram showing the forces and torques 
on an upward deployed conducting tether due to the motion 
of the host spacecraft through the magnetic field of the 
Earth. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


The principal industrial utility of the present invention is 
the deorbiting of satellites in Earth orbit, which necessarily 
can happen only in outer space. Until the present invention 
is reduced to actual practice by use with satellites in outer 
space and a body of practical experience is thereby obtained, 
the present invention can only be constructively reduced to 
practice, such as by this written specification and its asso- 
ciated drawings, diagrams and graphs and by reference to 
electric measurements made on conducting tethers in space 
by the PMG and TSS experiments. The inventors provide 
herein a detailed discussion of the theory of the present 
invention to help those skilled in the art of aerospace and 
tether engineering to understand the present invention and to 
make and use the best embodiment of the present invention 
known to the inventors at the time this specification was 
prepared, without undue experimentation. 

Although the present invention is discussed in this speci- 
fication in its preferred embodiment as a means of deorbiting 
satellites, it must be emphasized that discussion of this 
specific use in no way limits the broad scope of the present 
invention. The present invention can be used to change the 
direction and speed, i.e. the state vector, of any space object 
providing that object is in motion relative to any magnetic 
field. This magnetic field may be that of the Earth or of any 
other celestial body, for example Jupiter or the sun. 

In this specification the material forming the structure of 
the electrodynamic tether is specified as being a conductor. 
For example, a metal, such as copper or aluminum wire 
could be used. Likewise, nonmetallic conductor, such as 
carbon nanotubes, or a conductive polymer could form the 
conductive structure of the tether. 

FIG. 1a shows the survival curve for a Hoytether as used 
by the present invention vs. the survival curve of a prior art 
single line tether. The survival probability curve of the 
Hoytether as a function of time does not conform to the well 
known “L/e decay” shape of a single-line tether. The 
Hoytether can maintain a high level of survival probability, 
about 99 percent, until it nears its ‘lifetime’. Its survival 
probability then drops rapidly to zero. Adetailed mathemati- 
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cal analysis of the difference between Hoytether and single 
tether survival probabilities is given in Appendix E “Small 
Impactor Survival Probabilities of Hoytethers” and Appen- 
dix F “Large Orbital Debris Survival Probabilities of 
Hoytethers”, both contained in the Final Report of NASA 
Contract NAS8-40545. The resulting cut probability with 
time for the Hoytether has a “bingo curve” shapes. In a bingo 
game, at least five numbers must be called before anyone 
can win, and usually many numbers have to be called before 
one of the bingo cards gets five in a row. In the Hoytether 
at least four cuts must happen at the same level before any 
failure occurs, and many cuts have to be made before any 
one of the levels has all four lines cut. The bingo curve has 
the property that the probability of survival stays very high 
for periods short compared to the lifetime. The probability of 
survival is greater than 99% for periods shorter than 10% of 
the lifetime. This is much better performance than the L/e 
curve of a single line tether, where the probability of survival 
is only 90% at 10% of the 1/e lifetime. 

FIG. 15 shows the calculated level of electrodynamic 
thrust, in Newtons, produced by a ten kilowatt, ten kilometer 
single conductor tether at altitudes between 200 and 1400 
kilometers and at orbital inclinations between zero degrees 
and eighty degrees. 

FIG. lc is a graph showing the reentry time sensitivity 
calculated for a five kilometer ProSEDS single conductor 
tether at altitudes between 200 and 500 kilometers with 
current flow in the tether between on flow and one ampere. 

FIGS. 16 and 1e are the work of Enrico Lorenzini of the 
Smithsonian Astrophysical Observatory from his study 
“Performance Evaluation of the Electrodynamic Tether 
Tug”, NASA/MSFC Grant NAG8-1303 (Nov. 12, 1966). 
They show that experts in the field believe that the present 
invention will have industrial utility, as the current flow of 
one ampere in FIG. le decreases the deorbit time for the 
calculated case from more than 180 days to less than 20 
days. 

FIG. 2@ is an isometric drawing showing the generally 
cylindrical structure of the Hoytether. In FIG. 2¢, primary 
lines 201 and 203 are shown connected via secondary lines 
211. In FIG. 24, which is a schematic illustration of the 
structure shown in FIG. 24, primary lines 201, 203, 205, 207 
and 209 are connected, each to their respective adjacent 
primary lines, by a plurality of secondary lines 221. These 
connections, for example as shown at interconnection 213, 
are made by knotless, slipless interconnections, such as 
Soutache braiding of twisted connections. 

FIG. 2c shows the Hoytether structure of FIG. 2 but with 
a severed primary line 205 at breakpoint 215. The second 
level of secondary lines 217, shown as bold lines in FIG. 2c, 
redistribute the load from the severed primary line 215 at 
point 217 back to line 215 at points 219 and 221, above and 
below the break, respectively. 

For the electrodynamic tether, a preferred embodiment 
would be to unroll the tubular Hoytetherr™ into a flat 
Hoytape™ as shown in FIG. 24. 

FIG. 3 generally shows the arrangement of functional 
elements of an electrodynamic tether system. Of course such 
a system must have a means of attachment to the spacecraft, 
a deployer, the tether itself, some form of space plasma 
cathode contactor, some form of space plasma anode 
contactor, a power dissipation system, and a communication 
and control system. Each of these individual elements are 
known in some form to those skilled in the art of aerospace 
engineering. Thus the present inventors do not feel it is 
necessary to describe them in detail in this specification. 
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In FIG. 3, a space object 301, i.e. a satellite in Earth orbit, 
or any other space object either natural or man made, is 
physically connected to the tether system. The tether system 
comprises a deployer 303 from which a conductive 
Hoytether 305 having a bare segment 307 extends upward 
from space object 301. The positively biased anode end 309 
of tether 305 collects electrons from the ionosphere as space 
object 301 moves in direction 319 across the Earth’s mag- 
netic field. These electrons flow through the conductive 
structure of the Hoytether to the power system interface 311, 
where it supplies power to an associated load, not shown. 
The electrons then flow to the negatively biased cathode 313 
where electrons are ejected into the space plasma 315, thus 
completing the electric circuit. 

In order to allow those skilled in the art to better appre- 
ciate the broad scope of the present invention, the inventors 
will now provide an example using specific tether and 
system values to compare the Terminator Tether™ to prior 
art means, ie a rocket, for deorbiting a satellite. 
Terminator Tethers™: 

When an Earth orbiting conducting space tether moves 
through the magnetic field of the Earth, an electric field is 
generated in the tether that is proportional to the velocity of 
the conductor, the magnetic field strength of the Earth, and 
the angle between the conducting tether and the magnetic 
field lines. From data obtained during the various electro- 
dynamic experiments that have been conducted in space to 
date, such as the PMG, TSS-1, and TSS-1R experiments, a 
typical value of the generated emf per unit length of tether 
of E=100-200 Volts/kilometer can be assumed. The electric 
potential V developed at the ends of a tether of length L is 
then V=EL. For a tether of length L=10 km, the electric 
potential developed is V=1000 V. For calibration, the 20-km 
long TSS-1R tether, at the moment of failure, was develop- 
ing a potential of 3500 volts, which is 175 volts/km. 

The mass of a conducting tether of length L, cross- 
sectional area A, and densin, d is given by m=dLA. Typical 
values for the density are d=2700 kg per cubic meter for 
aluminum and &900-kg per cubic meter for copper. For a 
typical aluminum tether of mass m=10 kg and length L=10 
km, the cross-sectional area will be A=0.37 mm squared. If 
this were a solid-wire single-line tether, the diameter of the 
wire would be D=0.69 mm (21.5 gauge). If this were an 18 
line tubular Hoytether, the diameter of the lines in the 
Hoytether would be D=0.16 mm (34 gauge). 

The resistance of a conducting tether of length L and 
cross-sectional area A is given by R=rL/A, where r is the 
resistivity of the conductor in nano-ohm-meters (nQ-m). 
Typical values for the resistivity are r=27.4nQ2-m for alu- 
minum and 17.0 -n&2-m for copper. For the m=10 kg 
aluminum tether of length L=10 km and cross-sectional area 
As=0.37 mm squared at 20 degrees C, the end-to-end resis- 
tance is 750 ©. This value of resistance is the essentially the 
same whether the conductor area is concentrated into a 
single-line tether or divided up into many lines as in a 
multiline Hoytether. 

The current I generated in the conducting tether by the 
electric potential V between the ends of the tether applied 
across the tether resistance R is I=V/R. For the 10 kg mass 
aluminum tether of length L=10 km, electric potential 
V=EL=1000 volts, and resistance R=750 © the current is 
I=V/R=1.33 Amps. Currents near these values were mea- 
sured in the TSS-1R experiment at the time of failure. At the 
time of failure of the TSS-1R tether, none of the plasma 
contactors on the Space Shuttle or the Italian Satellite were 
operating. Thus the current was being collected by the 
conductive surface area of the Space Shuttle and the Italian 
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Satellite at the two ends of the tether. The Space Shuttle area 
is quite large, so it was not the limiting factor in current 
collection. The diameter of the Italian Satellite was 1.6 m, 
which would give it an effective plasma contact area of 
about 8 square meters. This shows that, if the plasma contact 
area of the ends of a conductive space tether can be make 
large enough, then ampere level currents can be extracted 
from the ambient space plasma without the use of space 
plasma contactors. 

The power dissipated as ohmic heating in the tether is 
given by P=IE. For an aluminum tether of mass m=10 kg, 
resistivity r=27 nQQ-m, and density d=2700 kg/cubic meter, 
subjected to an electric field of E=100 V/m, the power 
dissipated in the ohmic losses of the conductor is P=IV= 
1330 Watts. For a 1 kg mass tether, it would be still a 
considerable 133 Watts of dissipation. 

There will no doubt be additional dissipation of energy in 
plasma ohmic losses, plasma wave generation, and plasma 
ion acceleration, but the ohmic losses in the conducting 
tether alone are sufficient for the task of deorbiting an 
unwanted spacecraft massing 100 to 1000 times more than 
the tether. 

The decay time of a metric ton spacecraft moving from a 
1000 km altitude orbit to a 200 km altitude orbit with an 
energy difference of dU=3.3GJ, when its energy is being 
dissipated at a power of P=1330 W by an aluminum tether 
massing just 10 kg, or 1% the mass of the spacecraft, is about 
one month. This is a remarkably short time, and indicates 
that the concept of using a conductive tether to deorbit a 
spacecraft is indeed feasible. If the aluminum tether massed 
only 1 kg, or 1/1000th the mass of the spacecraft it was 
deorbiting, then the decay time would rise to 10 months, still 
a reasonable value. 

In reality, of course, the actual decay time will be longer 
than this. If the electrodynamic drag force is very large, and 


becomes larger than the gravity gradient forces pulling on ° 


the ends of the tether (which force is proportional to the 
mass of the tether), then the tether will tend to align itself 
along the magnetic field lines instead of across them, and the 
drag force will decrease because of the small angle between 
the conductor length and the magnetic field lines. The tether 
will then settle into an angle determined by the balance 
between these two forces. 

Is the Terminator Tether™ theoretically a better means 
than atmospheric drag or a rocket engine for deorbiting 
satellites at the end of their useful life? 

In the formula for da/dt (change in altitude per change in 
time), using the assumptions of near-circular spiral 
trajectories, the Area-Time-Product (Z), the criteria by 
which NASA judges compliance with Safety Standard 
1740.14, is given by: 


da 


m 
afare-% fA, 
CoS plarv pa 


where p(a) is simply the density as a function of semi-major 
axis. Thus, for a static atmosphere, the problem of area-time 
product is reduced to quadrature. Note that the area-time 
product depends only on the density profile and the ratio of 
spacecraft mass to drag-coeflicient and is linearly related to 
that ratio. 

The basic altitude-dependence of the atmospheric density, 
represented here by p(a) can be expressed in a low-order 
power series of In(density)=f(In(altitude)), so that it will be 
possible to develop a representation of the log—log rela- 
tionship between altitude and density. The three static levels 
of atmospheric density are modeled as Sth order polynomi- 
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als in the natural log of the altitude and are representative of 
well known atmosphere models, for example, Jacchia, L. G., 
“Thermospheric Temperature, Density, and Composition: 
New Model,” SAO Special Report 375, March 1977. 2. 
Anon., Marshall Space Flight Center, “Long-Range Statis- 
tical Solar Activity Estimation,” Atmospheric Sciences 
Division, 1989.) The values of exospheric temperature are 
reasonable (about 2-sigma) high and low solar activity 
values of 1400 and 800 kelvins respectively. The mean value 
is taken to be 1100 Kevins. 

FIG. 4 shows a graph of the Area-Time product for three 
separate levels of exospheric temperature (for neutral drag 
calculations) and for two separate assumptions regarding 
tether mass and power drawn from the ambient plasma (for 
the Terminator Tether™ calculations). The density profiles 
for the three values of exospheric temperature represent the 
extremes and mean values to be expected during the next 
several decades. The exospheric temperature goes through a 
cycle of about an 11 year period with maximum about 1400 
kelvins and minimum about 800 kelvins. 

The tether calculations include an inherent assumption 
that the Terminator Tether™ transfers all the energy 
extracted from the ambient space plasma into drag that 
decreases the orbital energy of the spacecraft at a rate given 
by the power drawn by the tether. Thus, the change in energy 
for a spacecraft of mass m at an initial altitude h is given by 
the expression: 


AE = 


so os ee: 
UR, +h) WR, + 25tH?> 


and the time required to effect this change in energy of the 
mass, m, is just 


AtmAE/P, 


where P is the power drawn by the tether from the ambient 
plasma charge. 

The curves for 1% and 5% tethers do not include the 
ettects of atmospheric drag because the electrodynamic drag 
is orders of magnitude greater than the neutral atmospheric 
drag. At altitudes greater than about 700 km, the electrody- 
namic drag is 200 to 3000 times greater than the neutral drag 
forces. 

It is clear, from FIG. 4 that the Terminator Tether™ 
concept is far superior to neutral drag in removing spacecratt 
from orbit, no matter how much additional area is added to 
the passive spacecraft to increase the atmospheric drag. The 
analyst should note that FIG. 4 is proportional to mass; that 
is, the Area-Time-Product values should be multiplied by the 
mass of the spacecraft and divided by 1000 kg. This is true 
for the neutral drag and Terminator Tether™ curves alike. 
The power levels assumed for the 1% and 5% tethers are 
only 80% of their theoretical values. This is done to provide 
a 20% margin on the power available from the ambient 
plasma and electrodynamic gradient. 

Conventional rocket mechanisms can remove spacecraft 
from orbit, but this mechanism is apparently not viable from 
mass considerations when these factors are compared with 
the capabilities of the Terminator Tether™. A satellite owner 
may decide to satisfy the NASA safety requirements by 
adding a small solid motor and the associated hardware, 
software, sensors and structure to make the package 
independent, to be used to deorbit the spacecraft in case the 
main spacecratt power, attitude, or propulsion system fails. 

The requirements of such a rocket motor system are more 
Stringent than those attributed to ordinary spacecraft. The 
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rocket motor deorbit system must operate when some or all 
other systems of the spacecraft have failed. These more 
stringent requirements are balanced by lesser requirements 
of performance. The backup system must simply deorbit the 
spacecraft; it does not have to perform all the other duties of 
the spacecraft. But the backup system must know when to 
fire under all kinds of anomalous situations, including 
tumbling, offset of center of mass (because of loss of parts 
due to collisions), and lack of knowledge of the orbital 
position. 

FIG. 5 shows the percent additional mass required by the 
rocket motor system to drop the perigee of a circular orbit at 
some initial perigee altitude to a value of 200 km. The 
atmospheric drag at this 200 km perigee altitude will remove 
any spacecraft (in the range considered) from orbit in a few 
revolutions. The contours of constant stage propellant mass 
traction, >, range from low values of 0.5 through reasonable 
values of 0.65 to 0.7, up to the values associated with the 
best solid motors (2.V0.93) without adding any extra hard- 
ware to the emergency stage. An effective, independent stage 
to provide a retro deltaV of from 50 to 325 m/s will almost 
certainly have a > of the order of 0.6 to 0.75. If the 
emergency stage is required to perform its own attitude 
determination, the stage propellant mass fraction may be as 
low as 0.55 or 0.50, Note that the additional mass, shown in 
FIG. 5, must also be lofted to orbit in the first place, to 
provide the mass on orbit for the originally intended service. 
The stage propellant mass fraction, 2, is a key stage perfor- 
mance parameter that describes the ratio of the mass of 
propellant to the mass of the stage. That is A=m,/(m,+m,), 
where m,, is the mass of the propellant and m, is the mass of 
everything else in the stage (not including the payload or any 
stages above or below the stage being considered). Typical 
independent small rocket stages have values of ? from 0.60 


to 0.75. The curves of stage propellant mass fraction are 3 


shown as straight lines {a minor approximation) and are 
included only from 0.5 to 0.95, the extremes of reasonable 
design practice. 

These calculations that show, beyond any reasonable 
doubt, that the Terminator Tether™ concept is far superior to 
conventional mechanisms such as drag enhancement 
devices or small rocket deorbit propulsion systems. The 
superiority is measured in terms of Area-Time-Product, 
NASA’s measure of the likelihood of collision with other 
spacecraft in the path of the descending spent member of a 
constellation. Tether calculations were made using conser- 
vative assumptions that the power extractable from the 
ambient plasma and electrodynamic gradient is only 80% of 
the theoretical power available to a perfect tether crossing 
the magnetic field lines at a right angle, ic. normally. 

The following analysis is presented by the inventors to 
help those skilled in the art to better understand the present 
invention when it is used as a Terminator Tether™ for 
removing from orbit unwanted non-geostationary Earth- 
orbiting spacecraft at the end their useful lives. The primary 
result of that analysis is that the electrical power P in the 
tether that is converted into heat by the resistance of the 
tether and radiated away into space will remove energy from 
the spacecraft, causing it to rapidly deorbit, thus reducing 
the amount of orbital space debris that must be coped with 
in outer space. Tether electric power P is given by: 


P=(vB)?my2rd 


where m is the mass of the conducting tether, r and d are the 
resistivity and density of the conducting material, and v is 
the velocity of the spacecraft’s motion through the Earth’s 
magnetic field B. For a m=10 kg tether of aluminum with 
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resistivity of r=27.4 n@-m and density d=2700 kg/m’, 
moving at a velocity v=7037 m/s relative to the Earth’s 
horizontal magnetic field B=26.5 wT, the power dissipated is 
P=2350 W! This energy loss in the form of heat must 
necessarily come out of the kinetic energy of the host 
spacecraft. For a typical example, a 1000 kg spacecraft in a 
1000 km high orbit subjected to an energy loss of 2350 J/s 
from a 10 kg tether (1% the mass of the host spacecraft) will 
be deorbited in a few weeks. 

Power levels of the magnitude estimated in the previous 
paragraph have been measured in a real orbital space 
experiment, the TSS-1R mission carried out on the Shuttle 
Orbiter in 1995. In that experiment, a large Italian 
spacecraft, 1.6 min diameter, was deployed upward from the 
Shuttle Orbiter at the end of a conducting copper wire tether 
covered with electrical insulation. As the tether was slowly 
deployed upwards, a series of measurements were made of 
the open circuit voltage induced in the tether by its motion 
through the Earth’s magnetic field. The voltage between the 
end of the tether and the Orbiter ground varied from zero 
volts at the start to 3500 V when the amount of tether 
deployed approached its maximum length of 20 km. 
Periodically, the end of the tether was connected either to 
one of two different electron guns, which supplied contact to 
the surrounding space plasma, or to the Orbiter ground. The 
bare surfaces of the Shuttle Orbiter proved to be a surpris- 
ingly good plasma contactor via a combination of ton 
collection and secondary electron emission. The current 
flow through the tether was deliberately limited by control 
circuits and the current capacity of the electron guns to about 
0.5 amperes, but power levels of 1800 Watts were reached. 

The tether was intended to have a fully deployed length of 
20 km, but at a deployed length of 19.5 km, when about 
3500 V was being induced at the end of the tether inside the 
Orbiter reel mechanism, a flaw in the insulation allowed an 
electrical spark to jump in an uncontrolled manner from the 
tether to the Orbiter ground. With no control circuits to keep 
the current level down to 0.5 amperes, the current flow 
jumped to 1.1 amperes, and the total power generated was 
P=3850 Watts Most of this energy went into the electrical 
arc, which burned through the tether, causing it to break and 
halting the experiment. This experiment showed that large 
areas of bare conducting material, such as that provided by 
the 8 square meter area of the Italian spacecraft at one end 
of the tether and the very large surface area of the Shuttle 
Orbiter spacecraft at the other end of the tether, can collect 
and emit amperes of current, while thousands of volts of 
potential can be generated by sufficiently long tethers mov- 
ing at orbital speeds. 

Thus, both theory and experimental data collected in the 
space environment indicate that significant amounts of elec- 
trodynamic drag force can be obtained from a low mass 
conducting tether attached to a host spacecraft, provided the 
ends of the conductor can exchange sufficient numbers of 
electrons with the surrounding space plasma. 

Experimental data from the TSS-1R data also produced 
the amazing result that the efficiency of a bare metal surface 
in “contacting” the space plasma is many times better than 
the standard theory would predict. The 8 square meters of 
bare surface area of the Italian spacecraft were suflicient to 
collect the 1.1 A of electron current. This amount of area is 
easily replicated by a few hundred meters of bare wire, 
considering that the effective collection diameter around the 
wire is the Debye length, which is a few centimeters at the 
typical values for space plasma density and temperature. 

Because of this result, that a bare wire can easily collect 
electrons, Les Johnson, Nobie Stone, Chris Rupp, and others 
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at NASA Marshall Space Flight Center have formed a team, 
which includes the present inventors, which is embarked on 
a new flight experiment. The experiment is scheduled for a 
piggy-back flight on a Delta II launch of an AF Global 
Positioning Satellite in early 2000. The goal of the experi- 
ment is to demonstrate that electrodynamic drag from a wire 
moving at orbital speeds through the Earth’s magnetic field 
will create a large enough electrodynamic drag force to 
deorbit the Delta II second stage, whose mass is greater than 
1000 kilograms, in a few weeks. This is essentially a 
demonstration of the Loftus electrodynamic drag deorbit 
concept and the first step in the development of a Terminator 
Tether™. 

The ProSEDS (Propulsion Small Expendable-tether 
Deployer System) mission will use a 5 km long copper wire 
conductive tether massing 18 kg connected to a 20-35 km 
long nonconducting tether, which is in turn connected to a 
25-40 kg ballast mass. The total of 25-40 km of tether 
length and the 25-40 kg ballast mass on the end will provide 
enough gravity gradient force to keep the tether aligned near 
the zenith, so that the direction of the current in the tether is 
at right angles to both the direction of the spacecraft motion 
in the nominal EW direction and the Earth’s near-equatorial 
magnetic field in the nominal NS direction. 

An important feature of the ProSsEDS experiment is that 
it is designed to be completely self-powered. It uses a battery 
to initiate deployment and to power up the plasma contactor, 
but once current is flowing through the tether, some of the 
power is tapped off and used to recharge the battery. The 
battery, in turn, powers the current control electronics, the 
telemetry, system, and the plasma contactor. The ProSEDS 
mission will not be designed to allow ground control 
changes in operation, primanly because of the increase in 
complexity and cost associated with that option. 

The present invention is the use of a small, low-mass 
deployer/controller package containing a large collecting 


area, short length, multiline space tether, such as a Hoytape 


mesh made of aluminum wire, as a “Terminator Tether™” 
for a constellation spacecraft. The Terminator Tether™ 
would be deployed when the host spacecraft is no longer 
working or no longer wanted. The electrodynamic drag from 
the Terminator Tether™ would rapidly remove the unwanted 
spacecraft from the constellation and a few weeks later 
complete the deorbit of the host spacecraft from space by 
burnup in the upper atmosphere of the Earth. For a Termi- 
nator Tether™ to be of maximum usefulness for constella- 
tion spacecraft, it would be desirable to minmize the mass 
and the length of the tether. A lower added mass means more 
mass for revenue producing transponders, while a shorter 
tether length means a lower collision cross-section Area- 
Time Product during deorbit. 

FIG. 6 shows a spacecraft 600 having a state vector 602 
that causes the spacecraft to move across magnetic field 
lines 601. Spacecraft 600 has a conductive tether 603 
attached to it by tether deployer and control system 605. The 
outer end of tether 608 is attached to tether end mass 607. 
Spacecraft 600 also has an attached electron emitter means 
613. 

In FIG. 6, spacecraft 600 has a velocity and direction 
defined by state vector 602. As spacecraft 600 moves it 
causes conductive tether 603 to cut magnetic field lines 601. 
As this happens the distal end of the conductive tether 
collects electrons, shown as arrows 611, from the space 
plasma. Electrons 611 move through the conductive tether 
603, are passed through a resistive load, not shown, in 
control system 605, and are emitted back into the space 
plasma as electrons 615 from electron emitter 613. This 
produces an electrodynamic drag in the direction shown by 
arrow 609. 
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As is discussed in detail in the electrodynamic drag 
analysis below, especially in that sections of the analysis 
titled “Optimization of Tether Angle”, the maximum elec- 
trodynamic drag of the tether is achieved when the angle, 
shown as the Greek letter t in FIG. 6, is 35.26 degrees, 
trailing, to the direction of the magnetic field lines. This 
angle may be maintained by a feedback control circuit that 
maximizes the electrodynamic drag of the tether system, as 
is discussed in detail below. The tether structure 603 is a 
Hoytether having a length of about 2 to 5 kilometers. The 
use of the 35.26 degree angle to the magnetic field reduces 
the tether instability, allowing the use of a short tether which 
will have a small Area-Time-Product. This will minmize the 
possibility that the tether will impact another space object 
during its use. 

In FIG. 7, spacecraft 70) has a state vector 702 across 
magnetic field lines 704. Conductive tether 706 is attached 
to spacecraft 70 by tether deployer and control system 708. 
The distal end of tether 706 is attached to a tether end mass 
710. Spacecraft 700 has an electron emitter means 714. 

Functionally, electrons 712 flow from the space plasma 
into conductive tether 706, are passed through a resistive 
load in control unit 708 and are emitted into the space 
plasma by electron emitter 714 as free electrons 716. As is 
discussed in detail in the analysis below, this produces an 
electrodynamic drag on satellite 70), which causes it to 
deorbit. 

In FIG. 7, spacecraft 700 is rotating with an angular 
velocity indicated by arrow 718. This rotation causes a 
centrifugal force 720 to place tension on conductive tether 
706. This force 720 places tension on the tether 706 in a 
direction that counters tether instability. The Tether 706 may 
be at any angle to the magnetic field while the rotation of the 
tether-satellite system is producing this useful tension. FIG. 
7 shows the angle to be 35.26 degrees, which is optimum, 
but any angle will work. 

FIGS. 8@ and 85 show a powered Terminator Tether™. In 
FIG. 8a the spacecraft 800 has a state vector $02 that causes 
it and its associated conductive tether 806 to move across 
magnetic field 804. Tether 806 has an end mass 808 that is 
proximate a plasma contactor 810. Just as was discussed in 
the embodiment of the present invention shown in FIG. 6 
and FIG. 7, an electric current moves through the circuit 
formed by the space plasma, the plasma contactor 810, the 
conductive tether 806, and the electron emitter 815, thence 
back into the space plasma as electrons 816. This creates an 
electrodynamic drag on the tether in the direction shown by 
arrow 818. 

In FIG, 88, similar numbers indicate similar structures. In 
FIG, 85, however, an electric power source, not shown, in 
spacecraft 800 provides electrons to conductive tether 806. 
The electrons are emitted from the end 812 of the tether 806. 
Electrons are collected to from the space plasma 814 by 
contactor 815, thus completing the electric circuit. The result 
is an electrodynamic force on tether 806, and therefore on 
spacecraft 800, in the direction show by arrow 820. 

Spacecraft 800 in FIG. 85 may be rotated as is taught in 
the embodiment of the invention shown in FIG. 7, above, to 
allow the control system to time the application of electric 
current to the tether 806 to cause force 820 to be exert force 
in any desired direction along the circle made by the rotating 
tether. This allows the state vector of the spacecraft to be 
modified to raise or lower the spacecraft’s orbital altitude, or 
to otherwise usefully change its orbital elements. 

FIG. 9 show an embodiment of the present invention 
wherein the conductive structure of a satellite is used as the 
tether. In FIG. 9, a spacecraft 900 which has a state vector 
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901 and is moving across magnetic field 903, has two 
attached solar panels, 902 and 904. Solar panels 902 and 904 
have conductive aluminum frames 908 and 96, respec- 
tively. Frame 906 is electrically and mechanically connected 
to plasma contactor 912. Frame 908 is electrically and 
mechanically connected to electron emitter 910. As space- 
craft 90) moves across magnetic field 903, electrons from 
the space plasma 914 flow through contactor $12 and frame 
906 to the body of spacecraft 900, where the current flows 
through a resistive load, not shown, and then into frame 908 
and electron emitter 910 to the space plasma 916, thus 
completing the circuit. This creates an electrodynamic drag 
on spacecraft 900. If the power output from solar panels 902 
and 904 was directed to flow into the frames, 906 and 908, 
then the clectrodynamic interaction with the space plasma 
would cause a useful force to be impressed on spacecraft 
900, as was discussed in connection with FIG. 8 above. The 
spacecraft may be rotated and/or oriented to a desired angle 
with the magnetic field lines, as was also discussed above. 

FIG. 10 shows an embodiment of the present invention 
wherein the plasma contactor and the resistive load are 
structurally part of the conductive tether. In FIG. 10 space- 
craft 1000 has a state vector 1001 that causes it to pass 
through magnetic field 103. Spacecratt 1000 has a tether 
control and deployment system 1005 that is connected to a 
conductive tether 1007 having an end mass 1013. A con- 
tactor portion 1015 of the conductive tether 1007 near end 
mass 1013 is adapted to contact the space plasma so as to 
receive or emit electrons. This may be the bare wire strands 
of a wide Hoytether, or it may be any other plasma contactor 
means that can be conveniently made electrically part of the 
Hoyiether structure, such as points or metal fuzz. A second 
resistive portion 1009 of tether structure 1007 is adapted to 
be a resistive load. This may be done by making a portion 
of the tether structure from a material, such as nichrome 
steel wire, that has suitable electrical resistance The large 
surface area of the Hoytether provides an excellent radiator 
structure into the three degree Kelvin radiation sink of outer 
space. 

FIG. 11 shows an alternative embodiment of the load 
resistance/radiator structure of the present invention. In FIG. 
11, a biline Hoytether 1002 is attached to its control and 
deployer system 11@) on a spacecraft, not shown, and to a 
tether end mass 1004. A resistive load, 1006 is woven into 
the Hoytether structure, whereby this load 1006 and the 
section of the Hoytether 1002 into which it is woven act 
together as a thermal radiator allowing photons 1008 to 
radiate into the thermal sink of outer space. 

The following detailed analysis of the present invention 
will help those skilled in the art to better understand and use 
the present invention. 

Electrodynamic Drag Analysis: 

The following is an optimization analysis of the electro- 
dynamic drag produced by a conducting tether deployed 
from a host spacecraft that it is to deorbit. The force and 
torque diagram used in the analysis is shown in FIG. 12, 
which shows the forces and torques on an upward deployed 
conducting tether due to the motion of the host spacecraft 
through the magnetic field of the Earth. 

Physical Constants and Assumptions: 

The analysis that follows will use the following physical 
constants and assumptions: 

Newton’s gravitational constant G=6.67x10-" m*/kg-s?. 

Mass of Earth M,=5.976x10"* kg. 

Radius of Earth near equator R,=6378 km. 

Assumed host spacecraft altitude h=622 km. 

Assumed host spacecraft orbital radius a=7000 km. 


15 


40 


50 


55 


60 


65 


20 


Host spacecraft orbital velocity w=wa=[GM,/a ]”?=7546 
m/s. 

Vertical gravity gradient at spacecraft 27=2GM,/a°= 

2.32x107° s~*, 

Centrifugal gradient at spacecraft w*=GM,/a°=1.16x10-° 

s~. 

Combined gradient at spacecraft 37=3GM,/a7=307= 

3.49x107° s“*, 
Magnetic field of Earth (tilted dipole approximation): 
Magnitude B,=35 #T=0.35 gauss. 
Angle between magnetic pole and spin pole 11.5°. 
Field components at spacecraft with altitude a and 
angle § between radius vector of spacecraft and 
magnetic equatorial plane. 
Horizontal B,,=B,(R,/a)’ cos h=26.5 xT cos B. 
Vertical By=2B(R,/a)’sin B=52.9 wT sin - 
Electrodynamic Tether Constants and Assumptions: 

The electrodynamic tether is assumed to be made of a 
conducting metal, and have a length L, density d, resistivity 
r, and cross-sectional area A that is constant along the length 
of the tether. If the tether is a single round wire of diameter 
D, then the cross-sectional area is A=D*/4. Because of the 
micrometeonte and space debris hazard, however, it is likely 
the tether will be made up of redundantly interconnected 
multiple lines whose individual cross-sectional areas add up 
to A. Given these assumptions, the tether mass is then 
m,=dLA, while the end-to-end tether resistance is R;=rL/ 
A=rdL*/m,. 

Specific Conductivity Parameter: 

The choice of the metal conductor to be used in a space 
tether is determined by a combination of low resistivity 
(high conductivity) and low density, with cost, strength, and 
melting point as secondary considerations for certain appli- 
cations. Copper has a resistivity r=17.0 nQ-m, a density 
d=8933 kg/m, and a “specific conductivity” of 1/rd=6,585 
m?/-kg. Aluminum has a resistivity r=27.4 n@Q-m, which is 
significantly greater than that of copper, but it has a much 
lower density of d=2700 kg/m?. As a result, aluminum’s 
“specific conductivity” of 1/rd=13,500 m*/Q-kg is twice the 
conductivity per unit mass of copper. Silver, because of its 
higher density and higher cost, is not competitive as an 
electrodynamic space tether even though its resistivity of 
16.1 nQ-m is slightly better than that of copper. An alternate 
candidate material would be beryllium, with a resistivity 
r=32.5 nQ-m, density d=1850 kg/m?, and a “specific con- 
ductivity” of 1/rd=16,630 m?/2-kg, slightly better than that 
of the much cheaper aluminum. Beryllium also has a higher 
melting point at 1551 K than aluminum at 933 K, so some 
of its alloys may be a preferred material for some electro- 
dynamic applications despite its higher materials cost. 
Unfortunately, despite decades of metallurgical research by 
the nuclear power industry, highly ductile alloys of beryl- 
lium have not been found, so it is difficult to pull beryllium 
into wire. As a result, because of its high specific 
conductivity, low cost, and ready availability in ductile wire 
form, it will be assumed for this analysis that the electro- 
dynamic tether will be made of aluminum wire. 

Typical Resistance Values: 

To be economically competitive, the mass of the tether 
needs to be a small fraction of the mass of the host spacecraft 
it is required to deorbit. Since a typical constellation space- 
craft has a mass of about 1000 kg, a typical Terminator 
Tether™ with a mass that is 2% of the host spacecraft mass 
would consist of a deployer/controller package with a mass 
m,=10 kg, containing an aluminum tether with a mass 
m,=10 kg with a volume of LA=m,/d=3.70x107? m*. If this 
10 kg of aluminum were formed into a tether with a length 
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of L=2 km and a cross-sectional area of A=1.85 mm/?, then 
the end-to-end resistance of the tether would be R=rL/A= 
1dL?/m,=29.6 Q A longer tether would have a proportion- 
ately smaller cross-sectional area and a higher resistance; for 
example, a 5 km long tether with the same mass would have 
a resistance of 185 Q. 

Orbit Inclination Assumption: 

In order to make the remainder of the analysis mathemati- 
cally tractable, it will be assumed that the orbit of the host 
spacecraft is circular and above the magnetic equator, so that 
the angle between the radius vector to the spacecraft and the 
Magnetic equatorial plane is }=0 degrees. In this orbit, the 
velocity v of the spacecraft with respect to the magnetic field 
is the orbital velocity w less the rotational velocity of the 
magnetic field at the orbital radius a due to the once per day 
rotation of the Earth, or: 


vaW-2na/'Iday=(7546-509)ny's= 7037 m/s 


This equation also shows why electrodynamic drag will not 
be useful for removing geostationary spacecraft from orbit. 
At the geostationary orbital radius of a=42,200 km, the 
relative velocity of the spacecraft and the rotating magnetic 
field of the Earth is zero. 

With this assumption of an orbit above the magnetic 
equator, the vertical component of the Earth’s magnetic field 
is Zero and the horizontal component of the Earth’s magnetic 
field is at nght angles to both the local vertical and the 
direction of motion of the spacecraft. The total magnetic 
field seen by the host spacecraft and its Terminator Tether™ 
is then orthogonally horizontal and has the magnitude: 


B=B,=B,[R,/a]° cos P=26.5uT. 


Where for simplicity the subscript H will be dropped for the 
remainder of this analysis. 

This orbit, with its inclination of 11.5° with respect to the 
spin equator, will not stay in the plane of the magnetic 
equator, but will vary +11.5° above and below it as the Earth 
rotates, causing a variation in magnetic field strength of +0.5 
HT, as well as a slight variation in angle. This 2% variation 
is negligible in terms of the other uncertainties in this 
analysis. It is not until the orbital inclination of the host 
spacecraft orbit reaches 60°, where cos 60°=0.5, that there is 
a significant drop in the expected magnitude of the electro- 
dynamic drag forces calculated in this analysis. 
Electromagnetic Drag Effects in Polar Orbit: 

In many medium Earth orbit communication satellite 
constellations, there are a significant number of spacecraft at 
high inclinations and in nearly polar orbits. The high incli- 
nation spacecraft, with inclinations between 60° and 78.5°, 
will all have orbits that stay between the magnetic poles. 
Although the amount of electrodynamic drag will be sig- 
nificantly less than that experienced by spacecraft with 
orbits at lower inclinations, the direction of the induced 
electric fields in the tether will always be in the proper 
direction. If the tether is vertically upward, the outer tip of 
the tether will be positively charged and the bare wire in the 
tether will pull electrons out of the surrounding space 
plasma, while the electron emitter at the host spacecraft end 
will eject the electrons back into the space plasma to 
complete the circuit. 

For spacecraft in near polar orbits with inclinations 
between 78.5° and 90°, however, there will be much more 
drastic variations. First of all, for a spacecraft in a 90° orbit 
that happens to pass directly over the magnetic poles, there 
is no honzontal component of the magnetic field when it is 
passing over one of the magnetic poles, so no voltage is 
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generated in the tether during that part of the orbit, while the 
horizontal component of the magnetic field near the mag- 
netic equator, while strong in magnitude, is along the 
spacecraft velocity vector, so no voltage is generated in the 
tether in that part of the orbit either. As a result, there will 
be negligible electrodynamic drag experienced by the host 
spacecraft during that particular orbit. The Earth is rotating, 
however, and the magnetic pole is rotating with it. A few 
orbits later, the host spacecraft will be passing over the 
Earth’s spin pole at a point where the horizontal component 
of the magnetic field is exactly at right angles to the direction 
of motion of the spacecraft, so the full voltage is generated 
in the tether. When passing over the spin pole, the spacecraft 
radius vector is at an angle of 11.5° from the magnetic pole 
and at an angle B=78.5° away from the magnetic equatorial 
plane. With these assumptions, the magnitude of the hori- 
zontal component of the magnetic field at the Earth's spin 
pole is a respectable: 


B=B[RJa]’ cos 78.$°=$.28eT 


or 20% of the maximum value experiences by spacecratt 
orbiting above the magnetic equator. This value will drop 
slightly as the orbit continues, then build back up as the 
spacecraft passes over the opposite pole. As the Earth 
continues to rotate, bringing the magnetic pole again under 
the orbit, and the interaction of the tether with the horizontal 
component of the magnetic field again drops to zero. The 
average coupling of a tether to the Earth’s magnetic field 
over all polar trajectones has been calculated to be 12.3 
percent. 

A problem experienced only by spacecraft with orbit 
inclinations greater than 78.5°: 

The spacecraft will no longer be traveling from west to 
east with respect to the magnetic field axis, but will have a 
retrograde motion as it moves through the magnetic field. As 
a result, the voltage generated by the motion of the tether 
through the Earth’s magnetic field will switch direction. The 
outer tip will be negatively charged and will attempt to 
collect ions, which is a much less efficient process than 
collecting electrons. 

There are a number of solutions to this problem. The first 
is to increase the mass and length of the tether supplied to 
a spacecraft assigned to a polar orbit, so that higher voltages, 
currents, and drag are generated during the limited times the 
spacecraft is passing over the poles in the right direction. 
The second is to supply a tether with plasma contactors at 
both ends that can emit electrons from either end, allowing 
the current to flow either way, depending upon which 
direction the spacecraft is passing around the magnetic pole. 
The third is to utilize the first number of passes to torque the 
orbit of the spacecraft until the orbit inclination has been 
shifted below 60°, then turn on the electrodynamic drag full 
time to deorbit the spacecraft from this more favorable orbit 
inclination. This orbit torqueing maneuver is accomplished 
by activating the electrodynamic drag mechanism only when 
the magnetic field orientation is such that a strong out-of- 
plane component of force is created. This orbit torqueing 
maneuver can be augmented by switching to a propulsion 
mode, where power saved in the batteries during the drag 
force mode is pumped back into the tether when the mag- 
netic field is in the opposite direction, applying electrody- 
namic propulsion to torque the orbit even further. With the 
tether at a large and stable trailing orientation, the coupling 
to the magnetic field can be significant to a vertical tether. 

In summary, spacecraft in near-polar orbits might take 
longer to bring down, and might have to utilize specially 
designed Terminator Tethers™ that might cost and mass 
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more than the simpler Terminator Tethers™ usable in lower 
inclination orbits, but a Terminator Tether™ can still remove 
a spacecraft from a polar orbit when desired. 

The inventors now present a detailed analysis and opti- 
mization of a typical Terminator Tether™ attached to a 
typical host spacecraft in a typical low inclination orbit. 
Electromotive Generation of Voltage and Current in the 
Tether: 

When an object is moved at a velocity v through a 
magnetic field B, an electric field is generated in the frame 
of reference of the moving object given by: 


E=avxBeavB 


where the magnetic field B of the Earth, being mostly 
tangent to the Earth’s surface in the north-south direction, is 
at right angles to the velocity vector v of the spacecraft, 
assumed to be orbiting in a generally west-east direction. 
The direction of the electric field E will be at right angles to 
both v and B, or along the local vertical. It should be noted 
that this electric field exists in the moving frame of reference 
because a moving magnetic field creates an electric field. No 
object actually has to be there, but if it is, then the relative 
motion of the magnetic field of the Earth will not only apply 
magnetic forces to whatever maternal the object is made out 
of, but electric forces too. 

Note also that the velocity used in this equation is the 
relative velocity between the object and the magnetic field. 
Because the Earths magnetic field rotates with the Earth, the 
motion of the magnetic field must be subtracted from the 
orbital velocity of the object to obtain the relative velocity. 
Voltage generation in a Conducting Tether: 

If the moving object is a long conducting wire of length 
L, the electric field E, generated in the wire produces a 
voltage V between the opposite ends of the wire given by: 


V=E*L=EL cos 1=vBL cos t 


where T is the angle between the length vector L of the tether 
and the electric field vector E, assumed to be in the vertical 
direction at right angles to the velocity vector v in the plane 
of FIG. 12 and the magnetic field vector B out of the plane 
of FIG. 12. Atypical value for the voltage level built up in 
a vertically oriented tether with length L=5 km and t=0, 
moving at a velocity of v=7037 m/s through the Earth's 
horizontal magnetic field of strength 26.5 xT, is 932 V, or 
0.186 V/m. Spacecraft in higher inclination orbits would 
experience somewhat smaller electric fields. For calibration, 
the voltage measured between the ends of the 19.5 km long 
TSS-1R tether was 3500 V, or 0.175 V/m. 

Contacting the Space Plasma: 

Although a voltage will build up between the ends of the 
conducting tether, no current will flow unless the circuit is 
completed. The circuit cannot be completed with another 
wire, for it too will have a similar voltage generated in it by 
the moving magnetic field. Fortunately, empty space is not 
empty, and in near-Earth regions not too distant from the 
Earth’s atmosphere there exists highly electrically conduc- 
tive space plasma, kept partially ionized by radiation from 
the Sun. The electron and ion density varies from the dark 
to light side, with altitude, with season, with sunspot cycle, 
with contamination level, etc. but it typically varies from 
10" to 10"? electrons/ce. 

Fortunately, it has been found that if a bare conductive 
surface such as the spherical Italian spacecraft in the TSS-1R 
experiment, or the long bare wire to be used in the ProSEDS 
experiment, or a multiline conducting wire Hoytape mesh, is 


10 


15 


40 


45 


50 


55 


60 


65 


24 


charged to a few hundred volts, the bare conductor will 
readily pull electrons out of the space plasma. So all that is 
needed to complete a connection to the space plasma at the 
positively charged (upper) end of the tether is a sufficient 
large area of uninsulated conductor. 

It is more difficult to eject electrons from a wire or to 
collect positive ions from the space plasma. Although it is 
conceivable that a very large area at the other end of the 
tether could collect enough ions to complete the circuit as 
was demonstrated during the TSS-1R mission when the 
Shuttle orbiter was found to be an adequate plasma contactor 
for over an amp of current, the present method chosen is to 
use an electron emitter of some sort, either a hot cathode, a 
plasma cathode or contactor, a field-emission device, or 
something similar. Once provisions have been made at both 
ends of the tether to allow the flow of electrons out of one 
end of the tether and into the other end, and the altitude of 
the host spacecraft is not too high, then there will be 
sufficient conductivity in the space plasma surrounding the 
host spacecraft to allow current to flow through the tether. 
Current Flow In The Tether: 

The amount of current I flowing through the tether 
depends upon the total resistance R in the circuit. This 
resistance will consist of three components, the effective 
resistance of the plasma, the resistance of the tether, calcu- 
lated earlier as Rp=rL/A=rdL*/m,, and a control resistor Re, 
which will be varied as needed to optimize the Terminator 
Tether™ performance. There will also need to be a parasitic 
load on the current in the form of a charging device to charge 
some batteries. The batteries in turn will be used to power 
the control and communication circuits, and drive the elec- 
tron emitting devices at the negative end of the tether. A 
well-designed Terminator Tether™ will thus be completely 
self-powered, except for an initial charge in the batteries to 
provide electrical power for the deployment and startup 
procedure. For simplicity of analysis it will be assumed that 
this battery charging load, which absorbs power like a 
resistor, but which stores it and uses it later instead of 
dissipating it immediately as heat, is included in the control 
resistor R.. Normally, this load would act as a “base resis- 
tance” below which the control resistor could not be 
lowered, but since the charging circuit can be turned off 
when desired, and operations continued without interruption 
using the power stored in the battenes, it will be assumed 
that the control resistor can be taken to near zero value in 
those circumstances where the space plasma conductivity is 
low, or the magnetic field is in the wrong orientation and the 
voltage being generated in the tether is not large. Under 
these circumstances, lowering the control resistor to near 
zero allows a much higher current to flow for a given 
generated voltage, thus increasing the power being dissi- 
pated in the tether and maintaining a high level of electro- 
dynamic drag on the host spacecraft. 

A properly designed Terminator Tether™ will have plenty 
of bare metal area for electron collection at the positive end, 
while the electron emitters at the other end are efficient in 
terms of emitting large electron currents at low voltages and 
therefore low powers, while at the same time the mass, 
length, and area of the conducting tether have been made 
such that the resistance of the tether is moderately high. 
Under these conditions, the effective resistance of the space 
plasma will be much less than the design resistance of the 
tether. To make the mathematics more tractable it will be 
assumed that the plasma resistance is can be neglected and 
that the voltage available to drive the tether is the full 
voltage generated by the moving magnetic field. Although 
voltage will be needed to power the electron emitter, what- 
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ever its form, it will be assumed that the required voltage and 
power will be supplied by the batteries. The batteries in turn 
will be powered by the battery charging circuit, whose 
effective resistance is included in the control resistor (except 
for those short periods when the plasma or magnetic field 
interactions are weak). 

Given all these assumptions concerning the total resis- 
tance in the circuit, the current I flowing through the tether 
is then given by: 


I=V/R=vBL cos t(Re+rdL?/my) 


Atypical current level can be estimated by assuming that the 
control resistance R, should be about the same size as the 
tether resistance R,, which for an aluminum tether with 
resistivity r=27.4 nQ-m, density d=2700 kg/m*, length L=5 
km, and mass m,;=10 kg, is R,=185 Q, giving a total 
resistance, including the control resistance R;., of R=370 Q. 
Thus the current flowing though a tether of length L=5 km, 
generating a voltage of V=932 V, would be I=V/R=2.52 A. 
Power Dissipation Analysis: 

The induced current I flowing through the tether resis- 
tance R; will generate heat in the wire, which will be 
radiated into space and lost. That radiated energy must come 
trom somewhere. There is also power taken out of the 
current flow by the battery charging circuit and ultimately 
dissipated. In order to conform to energy conservation laws, 
this power and energy must come from a decrease in the total 
kinetic and potential energy of the host spacecraft, causing 
it to deorbit. Set forth below is a detailed, optimized force 
analysis which will calculate the drag force on the host 
spacecraft. In this section, by using some simplifying 
assumptions, it is possible to produce a general argument 
based on energy conservation laws, which will illustrate the 
broad scope of the present invention. 

For this energy conservation analysis it will be assumed 
that the plasma resistance is small compared with the tether 
resistance, and that the control resistance is equal to the 
tether resistance: 


Re=RyarL/A=rdL-/my 


Assume that the ballast mass at the end of the tether is a 
large piece of the defunct host spacecraft, such as a solar 
panel, antenna, or battery pack, so that the gradient force is 
large and the tether is always oriented along the vertical so 
that the angle t=0°. Also assume the spacecraft is in an orbit 
above the magnetic equator and thus is moving at right 
angles to the Earth’s magnetic field, so that the angle 
between the orbital velocity vector and the magnetic field 
vector is 90°, and the electric field vector is in the vertical 
direction, aligned perfectly with the tether length vector. 
Under these ideal conditions, the voltage between the ends 
of the tether is given by: 


V=ErL=(vxB)}L=vBL 
The current in the tether is then just: 
IaV/(Ro+Ry)=vBmy/2ML, 


The power dissipated as ohmic heating in the tether is then 
given by: 


Pal V=(vB)'m;/2rd 


This equation shows the interesting result that the power 
dissipated does not depend upon the length or the area of the 
tether (within reason), but only the mass of the tether mz, the 
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resistivity r and density d of the tether material, and the 
velocity v of the conducting tether through the Earth’s 
magnetic field B. 

For a typical aluminum tether of mass m;=10 kg, the 
power dissipated is an impressive P=2350 W. Even if only 
a small fraction of this power is dissipated in a real system, 
the kinetic energy of the host spacecraft would suffer a 
significant energy loss with time. 

Orbital Energy Extraction Analysis: 

The total energy U of a spacecraft of mass M in orbit 
around the Earth consists of two components, its positive 
orbital kinetic energy and its negative gravitational potential 
energy. If a circular orbit of altitude h and radius a=R,+h is 
assumed, then the total energy of the spacecraft moving at a 
velocity w=(GM,/a)"” is: 


U=+Mw?7/2-GMM, /a=-GMM,/2a 


The system will be dissipating energy in the tether to 
decrease the energy U of the unwanted spacecraft from its 
relatively low negative value in a high Earth orbit to a 
greater negative value in a lower Earth orbit. To give a 
specific example, an unwanted spacecraft with a mass of 
M-~=1000 kg (a metric ton) in an orbit with an altitude of 
h=1000 km and a high orbital radius of a(H)=R,+h=7371 
km, then its (negative) total energy is: 


U(H)=-GMM/24(H)=-27.1 GI or -27.1 Mika 


It is desired to lower the spacecraft to an orbit with an 
altitude just outside the atmosphere of h=200 km or a lower 
orbital radius of a(L)=R,+h=6571 km, where atmospheric 
drag will finish the job. The total (negative) energy of a 
metric ton spacecraft at 200 km altitude is: 


U(L)}=—GMM,/2a(L)=-30.4 GI 


Thus, the amount of energy needed to be dissipated in 
order to move the 1000 kg spacecraft from a 1000 km orbit 
with a total energy U(H)=-27.1 GJ down to a 200 km orbit 
with energy U(L)=-30.4 CJ is: 


dU=U(H)-U(L)=3.3 GI. 


The decay time T of a metric ton spacecraft moving from 
a 1000 km altitude orbit to a 200 km altitude orbit with an 
energy difference of dU=3.3 GJ, when its energy is being 
dissipated at a power of P=2350 W by a typical aluminum 
tether massing just 10 kg or 1% the mass of the spacecraft, 
is found to be T=dU/P=16 days. 

The actual decay time will be longer than this. If the 
electrodynamic drag force is very large, and becomes larger 
than the gravity gradient forces pulling on the ends of the 
tether, then the tether will tend to align itself along the 
magnetic field lines instead of across them, and the drag 
force will decrease because of the small angle between the 
conductor length and the magnetic field lines. The tether 
current will need to be controlled until the angle of the tether 
settles into an angle determined by the balance between 
these two forces. These electrodynamic torque vs. gradient 
torque dynamic interaction effects are discussed in the next 
section. 

Force and Torque Balance Analysis: 

It is now possible to calculate the forces and torques on 
the tether. It is also possible to use the fact that the electro- 
dynamic and gravity forces and torques on the tether must 
balance each other out to calculate and teach some optimum 
values for some of the Terminator Tether™ parameters. 
Electrodynamic Force and Torque: 
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As discussed above, both theory and experiment show 
that: provided the conducting tether is moved rapidly 
through the Earth’s magnetic field in order to generate a 
voltage across it, and provided good contact is made with the 
space plasma, the conducting tether will have a current 
flowing through it. When a wire (moving or not) carrying a 
current I is embedded in a magnetic field B, there will be an 
electrodynatnic force F,- generated on each element of the 
wire. The electrodynamic force will be at right angles to the 
magnetic field vector and the length vector of the wire 
element, with a magnitude given by: 


F-=JxB=ILB 


where B is the horizontal component of the magnetic field, 
which is perpendicular to the assumed magnetic equator 
orbit plane, while the tether length vector Lis assumed to lie 
in the orbit plane. If, as will be the case most of the time, the 
electron current is leaving the space plasma and entering the 
tether along the length of the tether, then IL needs to be 
replaced with an integral of the current along the length of 
the tether. 

Note that the electrodynamic force amplitude or direction 
is not directly dependent on the motion of the tether through 
the Earth’s magnetic field. The electrodynamic force would 
be the same if the tether were not moving and the current 
was being supplied by a battery. Since the current I is a 
function of the orbital velocity, however, there is a second- 
ary dependence of the electrodynamic force magnitude on 
the orbital velocity, but not its direction. The electrodynamic 
force is always at right angles to the conductor, and stays at 
right angles to the conductor as the angle tT varies, as shown 
in FIG. 12. 

Assuming that the electrodynamic drag force is applied 
uniformly along the length of the tether, it is possible to 
make the simplifying assumption that the integrated force is 
effectively applied at right angles to the center of mass of the 
tether at the point L/2 as shown in FIG. 12. The electrady- 
hamic torque on the tether is then: 


TyaFL/2=IBL7/2=vB-L> cos t/2(Re+dL7/m;)=vB7L’ cos W2R 


Gravity Gradient Forces and Torques: 

When a tether and its ballast end mass are deployed from 
a host spacecraft, the gravity gradient force field of the 
Earth, combined with the orbital centrifugal gradient force 
field, will cause the tether to deploy either up or down from 
the host spacecraft. The direction desired depends on which 
end of the tether is connected to the electron emitter. 
Normally, the electron emitter will be on the end attached to 
the host spacecraft, in which case the desired direction of 
deployment will be upward so that the induced voltage in the 
tether will produce an excess of electrons at the electron 
emitter end of the tether. The desired upward direction is 
chosen by having the deployer eject the ballast mass in the 
upward direction. Once the ballast mass has been started in 
that direction, the centrifugal force due to the orbital motion 
of the ballast mass will cause the ballast mass to continue to 
accelerate in the upward direction until it is brought to a halt 
by the full deployment of the tether. 

If there were no electrodynamic or atmospheric drag, the 
equilibrium direction of the tether would be exactly along 
the vertical, since the combined gradient field is a maximum 
in that direction. Because a significant amount of electro- 
magnetic drag is expected, the actual angle of the tether with 
respect to the local vertical will be at some angle t, lagging 
behind the spacecraft motion in the plane of the orbit, as 
shown in FIG. 12. In the following analysis shows that there 
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is an optimum angle for t that produces the largest electro- 
dynamic drag force on the host spacecraft without producing 
tether instability. 

The combined vertical gravity gradient and centrifugal 
gradient field 3D acting on the ballast mass m, at the end of 
the tether of length L will produce a gradient force F,,, given 
by: 


Fog=-3pmgL cos t 


The strength of the force depends not only on the ballast 
mass M, and the strength of the gradient field 3I, but also 
the component along the radial direction of the distance of 
the ballast mass from the center of mass, which is L cos t. 
This force acts in the vertical direction along the radius 
vector leading from the ballast mass away from the center of 
the Earth. The amount of gradient force is not large. For a 
ballast mass of mg=10 kg and a tether length of L=5 km, the 
gradient force is about 0.175 N. 

As can be seen in FIG. 12, the component of this gradient 
force that is at right angles to the tether, given by F,, sin, 
will produce a torque T,,, on the tether that tends to restore 
the tether toward the vertical, lessening the angle t. 


Tgs=LFg, sin =—3-mgL* sin t cos T 


The tether mass m; also contributes to the gradient force 
and torque. If it is assumed that the tether has a uniform 
cross section, then it is possible to replace the distributed 
mass of the tether with an equivalent point mass m, placed 
at the center of mass of the tether, which is the point L/2 
along the tether, and a distance L/2 cos t in the radial 
direction. The gradient force due to the tether mass is then: 


Foy=-3/2pm7L cos t 
While the gradient torque is: 
Tgy=-L/2F gz sin t=-3/4-mgL“sin teos T 


The total gradient torque attempting to restore the tether 
to its vertical orientation is then: 


Te=Testl 5 =3r(mgtm,/4)L* sin t cos t 


It is important to notice the variation of the total gravity 
gradient torque as the tether angle t is varied. Since the 
gradient force is always in the radial or vertical direction, 
there is no torque on the tether when the tether is vertical, as 
is the case when there are no aerodynamic or electromag- 
netic drag forces. Once the drag forces become important 
and start to apply torque to the tether, increasing the tether 
angle t, those drag torques causing an increase in tether 
angle t will be opposed by a rising gradient torque which 
will attempt to decrease the tether angle. For small tether 
angles, the gradient torque increases first linearly with +, 
then as sin tT, since cos t is near unity for small t, then at 
t=45° the gradient torque reaches its maximum, where sin 
t=cos T=0.707 and sin t cos t=0.50. When this angle is 
reached, the tether is a point of catastrophic instability, for 
if there is a further increase in the electrodynamic drag force, 
causing the angle t to become greater than 45°, the gradient 
torque, instead of growing stronger to counteract the 
increased drag torque, will become weaker and the tether 
angle will go rapidly to 90°. 

To restore control to the tether angle if the instability 
occurs, it will be necessary to turn off the electrodynamic 
drag forces by shutting off the current flow through the 
tether. The t=90° position for the tether and ballast mass is 
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a gravitationally unstable orientation. After a time, slight 
fluctuations in the gravity field will allow the gradient force 
to slowly take over and restore the tether to the vertical 
orientation, which, unless it can be controlled in some way, 
is equally likely to be up or down. It would therefore be 
desirable to maintain control of the tether angle so as to 
avoid the tether angle getting into the region of instability. 
Torque Balance on the Tether: 

The angle t of the tether is determined by a balance 
between the electrodynamic torque T, attempting to 
increase the angle t and the gradient torque T,, attempting 
to decrease the angle t. Balance is achieved when the two 
torques are equal: 


Te=Te=TegtT er 
or 
VB?L* cos 1/2R=3-(mg+m,/4)L? sin t cos T 


Simplifing and rearranging yields an equation giving us 
the angle t at which torque balance occurs: 


tearcsin[ vB-L/6,(mg+m7/4)R] 


The physical interpretation of this equation is that the 
maximum electrodynamic force that can be sustained on the 
tether is limited by the gradient force on the tether. It is 
possible to increase the electrodynamic force by decreasing 
the total resistance R of the tether (for example, by using a 
tether with a larger mass and a lower tether resistance), but 
if the tether resistance is too low, then the quantity in 
brackets becomes greater than unity and this equation has no 
solution, indicating that the tether has reached an angle 
where instability sets in. 

To maintain control of the tether angle, it will be neces- 
sary to vary the control resistance of the tether to compen- 
sate for vanations in magnetic field strength and direction, 
plasma density (which affects the plasma resistance), and 
other factors, and thereby maintain the tether at an interme- 
diate angle where both the electrodynamic and gradient 
forces are at an appreciable level and balance each other. 
Optimization of Tether Angle: 

At first glance, it might seem that the optimum angle for 
the tether would be 45°, since at that angle the gradient 
torque is largest and therefore can counteract a larger 
electrodynamic drag force. However, since the 45° angle is 
the point where instability sets in, it is desirable to set the 
tether angle at some value below 45°. The optimum angle is 
that which maximizes the horizontal or drag component of 
the electrodynamic force. This optimum angle T is derived 
from the equation for the horizontal component of the 
electrodynamic force, or the electrodynamic drag force, 
since it opposes the host spacecraft motion: 


Fz p=F, cos t=6[m,+m,/4]TL sin t cos*r 


By setting the partial derivativeOF,,/O1=0 and solving, 
it is possible to calculate that the optimum angle for the 
tether that gives the maximum electrodynamic drag force 
F,>, while still keeping the tether torques balanced and 
under control, is t=arctan(0.707)=35.26°. With this angle 
selected and maintained by varying the control resistor R, 
to compensate for variations in plasma contact resistance 
and variatins in the strength and direction of the Earth’s 
magnetic field B seen at the spacecraft, the tether experience 
the maximum stable value for the electromagnetic drag force 
of: 
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Fep(max,t=35,26°)=2.31[mg+m7/4 JTL 


There are many ways to provide the sensing information 
needed to provide the feedback signals to the control 
resistor, but the simplest is to merely measure the drag 
acceleration on the host spacecraft with a set of 
accelerometers, and maximiize the force in the direction 
opposite to the host spacecraft motion. Another method 
would be to measure the current in the tether, and knowing 
the tether resistance and the amount of control resistance, 
calculate the power being extracted and maximize that 
value. Alternate methods would be to use an optical position 
sensor or GPS receivers at both ends of the tether to measure 
the angle of the tether or the position of the ballast mass with 
respect to the host spacecraft. 

To make an estimate of the magnitude of drag force 
attainable, assume that a typical aluminum tether with a 
length of L=5 km, a tether mass of m;=10 kg and a ballast 
mass of m,=10 kg is being used. Then the maximum 
gradient force limited electrodynamic drag force is F.p= 
0.167 N. The power being dissipated in the canoical tether 
at the angle t, with Ro=R,=rdL7/m,=185 Q is given by: 


P=IR=[vBL cos t]}*(R-+rdL?m,;) 


which for an angle t=35.26° results in a power dissipation 
of 1570 W. Thus, the thrust level per unit power obtained by 
the typical Terminator Tether™ would be about 0.106 N/kW. 
This number is comparable to the value of 0.148 N/kW 
estimated for the much heavier and longer TSS-1R tether. 
Reconciliation of Energy and Force Analysis: 

By a force and torque balance analysis an optimum angle 
for the tether has been discovered at which it is possible to 
obtain a maximum in the drag component of the electrody- 
namic force. There is also an additional component of the 
electrodynamic force, the component in the vertical 
direction, F-yu;, sin(t}), which is downward for an 
upwardly deployed tether. This component of force com- 
bines with the gravity force of the Earth to effectively allow 
the host spacecraft to orbit a little faster than normal for that 
orbital altitude. It does not contribute to the deorbiting of the 
host spacecraft. But since this vertical component of force is 
created by current running through the tether, and that 
current is creating heat and dissipating energy as it passes 
through the tether, there might be some concern that the 
force and torque balance analysis above does not conform to 
the law of conservation of energy. 

The inventors will now show, in a very general manner, 
that no matter what the tether angle, the electnical power 
being dissipated in the tether is exactly equal to the power 
being lost by the slowing of the host spacecraft. 

The “deorbit power” P,, that must be removed from a 
spacecraft moving at a velocity v when that motion is 
opposed by a drag force Fz, is: 


Po=v*F_p=vF, cos t=vILB cos t=I[vBL cos t] 


But, since the voltage V induced across the tether of 
length L and tilt angle t moving at a velocity v through a 
horizontal magnetic field B is 


VeE*L=EL cos tavBL cos 
Therefore: 
PpslV=P; 


And the deorbit power P,, extracted from the slowing of the 
spacecraft by the drag component of the electrodynamic 
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force is always exactly equal to the electrical power P, being 
dissipated as heat in the tether circuits, independent of the 
tether angle. 

Optimization of Tether Mass Distribution: 

If it is not possible to use a piece of the host spacecraft as 
ballast mass, then the mass of the ballast must be included 
in the Terminator Tether™ mass. It would be desirable to 
minimize the total Terminator Tether™ mass, since every 
kilogram saved means that another kilogram’s worth of 
revenue-producing transponders can be added to the work- 
ing payload of the host spacecraft. Given a total mass for the 
Terminator Tether™ and the mass of the deployer/controller 
unit, it is possible to optimize the mass distribution between 
the ballast mass and the tether mass to obtain a minimum 


total Terminator Tether™ mass. A well-designed Terminator | 


Tether™ will also have most, if not all, of the deployer mass 
incorporated into the ballast mass. 

Assume that the total Terminator Tether™ mass consists 
of the deployer/controller mass m,, the tether mass mz, and 
the ballast mass mg, with m,g>m,>m,. Of the three mass 
components in the Terminator Tether™, two of them affect 
the electrodynamic drag performance. If it is assumed that 
the ballast mass is a factor X larger than the tether mass, or 
M,=Xm,, the maxinum drag force that can be obtained is 
now: 


Fep(max)=2.31m(X+0.25)PL 


If it is assumed that the control resistor has been adjusted 
so that this maximum value for the electrodynamic drag 
force is maintained as the motion of the spacecraft along its 
orbit moves the spacecraft into regions with different mag- 
netic field strengths and plasma densities, then for the angle 
t=35.26°, cos(35.26°)=0.817, and the maximum electrody- 
namic drag force in terms of the electrodynamic parameters 
will be: 


0.81 ?7vB7L7(R-+1dL7/n,)=F-p(max)=2.31m(X+0.25)0L 
or canceling out terms and rearranging: 
(X+0,25)=0,353vB-Lm;(Re+rdL*/my) 


It is now possible to make the further simplifying assump- 
tion that to maintain control of the tether, the control resistor 
needs to be roughly the same size as the tether resistance or 
R,=tdL*/m;. Using this assumption produces an equation 
for the optimum value for the ratio X of the ballast mass to 
the tether mass: 


vB 
X = vB? /{Urdh — 0.25 = —0.25 + ———___ 
L2sinycosyTrdh. 


A 
= -0,25— 
L 


Where A is the “effective electrodynamic length”. 

If the tether is short, so that L is small, this equation 
indicates that the ballast mass must be increased to increase 
the gradient force, since it is the gradient force which 
determines the upper limit to the amount of electrodynamic 
drag force that can be generated without losing control of the 
tether. 

Assuming the usual values for the Earth’s magnetic and 
gradient fields, the velocity of the host spacecraft through 
the magnetic field, and the resistivity and density of 
aluminum, this equation becomes: 


X=10.9/L-0.25 


where L is in kilometers. 
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For a typical tether of length L=5 km, X=1.93. If the total 
mass for the Terminator Tether™ is 20 kg, or 2% of the host 
spacecraft mass, and the mass of the deployer is 10 kg, then 
the remaining 10 kg should be distributed so that 6.59 kg is 
in the ballast mass while 3.41 kg is in tether mass. 
Optimization of Tether Length: 

If the ballast mass consists of a piece of the host 
spacecraft, then the mass of the ballast does not have to be 
considered in the optimization of the Tether system. In this 
case, the optimum distribution of the Tether mass is to put 
as much mass as possible into the tether, with a minimum in 
the deployer/controller package. Under this assumption, the 
optimum length of the tether is determined by the desire to 
keep the Area-Time Product of the host spacecraft plus 
Tether to a minimum. 

In a long tether of length L, the effective “collision” 
cross-sectional area is not the area of the tether, but the larger 
area produced by multiplying the length of the tether by sum 
of the width of the tether plus the width of the “target” 
spacecraft that would be damaged by the tether hitting it. 
Thus, to decrease the “area” portion of the Area-Time 
Product, it would be desirable to shorten the tether, making 
it thicker, and perhaps slightly wider, at the same time, thus 
keeping the same tether mass and electron collection area, 
and thereby maintaining the drag force and keeping the 
decay time at the same level. The result will be a shortening 
of the Area-Time Product. 

If the tether is shortened too much, however, the smaller 
voltage generated across the shorter tether will leave less 
voltage margin for the operation of the plasma contactors 
and the battery recharge system. Since the maximum voltage 
that can be generated is about 200 V/km, and typical plasma 
contactors and battery, chargers take 25-100 V to operate, a 
minimum length for a Tether would be roughly 2 km. Host 
spacecraft operating in polar orbits, where the conditions for 
voltage generation are not as good, may require a tether 
length of 5 km or more. 

Since many watts of heat power will be dissipated in the 
control resistor, means must usually be provided to radiate 
the heat away into space. One low-mass method of accom- 
plishing this is to make the control resistor (or resistors) in 
the form of a long, electrically insulated, high resistivity 
wire similar to those used in electric blankets, but designed 
to operate at a higher temperature, and during the fabrication 
of the electrodynamic tether, incorporate the high resistivity 
wire (or wires) into the end of the tether closest to the control 
circuit by weaving or braiding the insulated high resistivity 
wire in with the uninsulated aluminum wire of the electro- 
dynamic tether. The surface area of a long wire is very large, 
so in this extended wire configuration, exposed to the space 
all around it, the hot control resistor wire can self-radiate its 
power into cold space without incurring the mass penalty of 
a separate radiating surface. 

Implementation: 

The basic optimum structure for a Terminator Tether™ 
would be one of the many types of Hoytethers. A multiline 
(6-12 primary line) Hoytape™ will provide the largest 
contact area with the plasma, since both sides of the tape 
would be able to pass current to the plasma. If the spacing 
between the primary lines is chosen to be larger than twice 
the Debye length of the plasma, then the effective current 
collection area per unit length of the Hoytape is proportional 
to the width of the Hoytape mesh, not the diameter of the 
wires in the mesh. Thus, a Hoytape not only provides an 
assured longer life for the Terminator Tether™, but very 
short lengths will also provide a very large current collection 
areas. 

The deployer for the tether can deploy the Terminator 
Tether™ either down or up or both. The deployer can stay 
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attached to the spacecraft as was done in the SEDS missions, 
or perhaps a better alternative would have the deployer 
ejected from the spacecraft, with one end of the tether still 
attached to the spacecraft, reeling out tether as it leaves. The 
empty deployer would then act as a ballast mass at the end 
of the Terminator Tether™, which would improve the per- 
formance. 

The “Remora Remover™ 

In addition to attaching Terminator Tethers to spacecraft 
before launch, it is possible to consider a missile-like 
application. This “Remora Remover” missile would use a 
Terminator Tether™ carried by a seeker missile similar to 
the small “hit-to-kill” missiles developed by the Space 
Defense Initiative Office that deployed a net loaded with 
oriented metal rods. The Remora Remover missile would 
hunt down a spacecraft that needs to be removed from space, 
but instead of hitting the spacecraft, the missile would be 
programmed to rendezvous with the spacecraft and attach 
itself to the host spacecraft using a hooked net, harpoon, or 
adhesive “sucker”. The Remora Remover missile would 
then deploy the Terminator Tether™, which would bring 
down both the spacecraft and the missile. 

The inventors have presented two analyses, backed up 
with data obtained from space flight experiments. One 
analysis was based on generalized energy conservation laws 
while the other analysis use force and torque balance argu- 
ments. Both analyses show that optimized aluminum wire 
tethers 2 to 5 km in length and massing just 1% to 5% of the 
mass of the host spacecraft can deorbit the host spacecraft in 
the order of a few weeks, thus mitigating the long-lived 
orbital debris hazard created by a constellation spacecraft 
after their end-of-life. 

Power Augmented Operation of the Tether: 
It is well known in the aerospace literature that if a 


spacecraft has a power supply and a conducting tether ; 


hanging from it, and the spacecraft is in an orbit or trajectory 
that takes it near a body, such as the Earth or Jupiter, which 
has both a magnetic field and a region of moderate density 
electron-ion plasma, and electrical current is pumped from 
the power supply through the tether and back through the 
plasma, that the current flowing through the tether will 
interact with the magnetic field of the body, producing forces 
on the tether and thence on the spacecraft, changing its orbit 
or trajectory. These forces can be used to increase or 
decrease the spacecraft altitude and/or inclination. The 
amount of altitude or inclination change is proportional to 
the ratio of the power available from the power supply 
divided by the mass of the spacecraft and varies with 
altitude. The unpowered Terminator Tether™ is a simple 
example of such a system, in which only altitude decrease is 
possible, although small amounts of both inclination 
increase or decrease are possible at the same time. Some 
typical references to this prior art are: Les Johnson, “Pro- 
pulsive Small Expendable Deployer System Mission 
(ProSEDS)”, Proceedings of the OAST 8” Advanced Pro- 
pulsion Workshop, JPL, Pasadena, Calif., 20-22 May 1997, 
and Les Johnson, Joe Carroll, Robert D. Estes, Enrico 
Lorenzini, Brian Gilchrist, Manuel Martinez-Sanchez, Juan 
Sanmartin, and Irwin Vas, “Electrodynamic Tethers for 
Reboost of the International Space Station and Spacecraft 
Propulsion, AIAA Paper 1996. 

Since the Terminator Tether™ of the invention is nor- 
mally associated with a satellite that has a power supply in 
the form of a solar panel combined with a storage battery, the 
Terminator Tether™ can be operated in the “powered pro- 
pulsion” mode if desired. Such a mode would be useful 
when attempting to avoid a collision between the Terminator 
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Tether™ and another spacecraft. In such cases, the power 
from the solar panel, augmented by the power stored in the 
battery, can be used to temporarily operate the Terminator 
Tether™ in the propulsion mode instead of the normal drag 
mode. This would enable to Terminator Tether™ to raise its 
altitude and/or increase or decrease its inclination to avoid a 
collision. 

In addition, the Terminator Tether™ could be operated in 
the “power-augmented drag” mode. In this mode, there will 
be a current induced in the tether by the motion of the 
spacecraft through the magnetic field, which will cause a 
drag force on the spacecraft. This induced current would 
then be augmented by additional current in the same direc- 
tion generated by the solar panel and the storage batteries in 
the power supply. The increased current will cause an 
increased drag force. If there is a significant vertical com- 
ponent of the magnetic field there will also be an increased 
force normal to the orbital plane, which will cause an 
increased rate of change of inclination. 

When the Terminator Tether™ is operated in the “pow- 
ered propulsion” or “power-augmented drag” mode, the 
conditions for stable optimum operation will be essentially 
the same as in the “unpowered drag” mode. The reason the 
conditions stay the same is that the maximum tether force 
than can be effectively utilized is limited by the strength of 
the gradient force, which has not changed, since the length 
and mass of the tether and the ballast mass has not changed 
for these different modes of operation. As a result the 
optimum operational angle for the tether is still 35.26 
degrees, and the optimum ratio of ballast mass to tether mass 
for different tether lengths and tether material is still deter- 
mined by the analysis of the invention as is set forth above. 

In the analysis given above, where the optimum tether 
angle was found, the tether was assumed to be in the plane 
of the orbit and lagging behind the spacecraft motion, since 
in the “unpowered drag” mode, that would be its normal 
position, although if the component of the magnetic field 
along the orbit were high, there would be some tilt of the 
tether out of the plane of the orbit, producing a force tending 
to change the inclination of the orbit. In either of the 
“powered” modes of operation of the Terminator Tether™, 
however, the tilt of the tether could be forward toward the 
motion of the spacecraft or strongly tilted to one side or the 
other of the orbital plane. In all these cases, if the electro- 
dynamic force is allowed to become too large, and the tether 
angle exceeds 45 degrees, the restoring force of the gradient 
field will drop off and the tether angle will go unstable. As 
a result, the optimum angle for the tether that will give the 
maximum stable force, whether it is a maximum drag force, 
and maximum propulsion force, or a maximum inclination 
change force, will be 35.26 degrees, and the optimum ratio 
for the mass of the tether versus the mass of the ballast will 
be the same as for the unpowered drag case. 

The analysis that gave the optimum angle as 35.26 
degrees assumed that the tether would be oriented like a 
rigid rotor. In reality, variations in forces along the tether 
will probably cause the tether to hang in a slightly curved 
shape, where the optimum angle may not be exactly 35.26 
degrees from the local vertical. The optimum angle of the 
tether as it leaves the host spacecraft in such a case is where 
the drag force is largest. 

The present invention is discussed in this disclosure in 
terms of its space applications as a Terminator Tether™ 
useful for the removal of unwanted satellites. It should be 
understood, however, that the present invention is useful in 
any application where a space object can use a conductive 
tether to produce electrodynamic force through interaction 
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with a magnetic field. The invention, therefore, should be 
limited not by this description, but only by the appended 
claims and their equivalents. 

What is claimed is: 

1. A method of operating a conductive tether attached to 
a space object, said conductive tether being oriented at an 
angle to magnetic field lines of an external magnetic field 
and said conductive tether moving across the magnetic field 
lines of said external magnetic field at said angle to produc- 
ing an electric current in said conducting tether and a 
resulting electrodynamic force acting on said tether and said 
attached space object comprising, 


Controlling the amount of electric current flowing in said 
conducting tether to vary the angle between the con- 
ductive tether the field lines of the external magnetic 
field and the electrodynamic force acting on said tether 
and attached space object. 

2. A method as in claim 1 wherein said angle is less than 

45 degrees. 

3. A method as in claim 1 wherein said angle is 35.26 
degrees. 

4. A method as in claim 1 wherein said angle is controlled 
to average 35.26 degrees over time. 

5. A method as in claim 1 wherein said angle is controlled 
to average 35.26 degrees over the length of the tether. 

6. Amethod as in claim 1 wherein the space object and the 
tether connected to it are rotated about their center of mass 
while the conductive tether interacts with the external mag- 
netic field. 

7. A method as in claim 1 wherein the angle of the 
conductive tether to the external magnetic field is controlled 
by sensing a measurable parameter of the space object/ 
conductive tether system. 

8. Amethod as in claim 7 wherein the parameter is current 
flow in the conductive tether. 

9. A method as in claim 7 wherein the parameter is the 
electrical power dissipated in the conductive tether and the 
current control system. 

10. A method as in claim 7 wherein the parameter is the 
relative position of the space object and the position of the 
far end tip of the tether. 

11. A method as in claim 7 wherein the parameter is the 
acceleration of the space object. 

12. A method as in claim 6 wherein the parameter is the 
state vector of the space object as measured by the Global 
Positioning System. 

13. A method as in claim 1 including the step of applying 
electric power to the conductive tether to change the state 
vector of the space object. 
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14. Amethod of operating a conductive tether attached to 
a space object, said conductive tether being oriented at an 
angle to the local vertical between said space object and a 
celestial body having a magnetic field having magnetic field 
lines external to said conductive tether; said conductive 
tether moving across said magnetic field lines of said 
external magnetic field at an angle to the local vertical to 
produce an electric current in said conducting tether and a 
resulting electrodynamic force acting on said tether and said 
attached space object comprising, 

Controlling the amount of electric current flowing in said 
conducting tether to vary the angle between the con- 
ductive tether the local vertical between said space 
abject and said celestial body to vary the electrody- 
namic force acting on said tether and attached space 
object. 

15. Amethod as in claim 14 wherein said angle is less than 

45 degrees. 

16. A method as in claim 14 wherein said angle is 
controlled to average 35.26 degrees over time. 

17. A method as in claim 14 wherein the space object and 
the tether connected to it are rotated about their center of 
mass while the conductive tether interacts with the external 
magnetic field. 

18. A method as in claim 14 wherein the angle of the 
conductive tether to the external magnetic field is controlled 
by sensing a measurable parameter of the space object/ 
conductive tether system. 

19. A method as in claim 18 wherein the parameter is 
current flow in the conductive tether. 

20. A method as in claim 18 wherein the parameter is the 
acceleration of the space object caused by the electrody- 
namic force acting on the space object. 

21. A method as in claim 18 wherein the parameter is the 
change in the state vector of the space object as measured by 
the Global Positioning System. 

22. Amethod as in claim 14 including the step of applying 
electric power to the conductive tether to change the state 
vector of the space object. 

23. Amethod as in claim 14 wherein the celestial body is 
the Earth and the magnetic field is the Earth’s magnetic field. 

24. A method as in claim 14 wherein the celestial body is 
the sun and the magnetic field is the Sun’s magnetic field. 

25. A method as in claim 14 wherein the magnetic field is 
the vector sum of the magnetic fields from all celestial 
bodies in the solar system. 

26. Amethod as in claim 14 wherein the conductive tether 
is a Hoytether. 
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(37) ABSTRACT 


Arrangement of resonators in an aperiodic configurations are 
described, which can be used for electromagnetic cloaking of 
objects. The overall assembly of resonators, as structures, do 
not all repeat periodically and at least some of the resonators 
are spaced such that their phase centers are separated by more 
than a wavelength. The arrangements can include resonators 
of several different sizes and/or geometries arranged so that 
each size or geometry corresponds to a moderate or high “Q” 
response that resonates within a specific frequency range, and 
that arrangement within that specific grouping of akin ele- 
ments is periodic in the overall structure. The relative spacing 
and arrangement of groupings can be detined by self similar- 
ity and origin symmetry. 


14 Claims, 4 Drawing Sheets 
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FIG. 4 








Root Sciences Short Path Distillation apparatus is a short path evaporator with an internal condenser and 


discharge arms for concentrate and distillate. 


With short path distillation. a decrease of boiling temperature is obtained by reducing the operating pressure. It is 


a continuous process with very short residence time. 
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Concentrate Distillate 


* Continuous feed 
* Short residence time (less than 10 seconds) 
* High evaporation rates 


« Low processing temperatures 
» Low vacuum (down to 0.001 mbar) 


* Low fouling on evaporator wall 
* Compact design 


+ Automated System 
* Easy to use 


* Separates cannabis extracts into high concentrations of clear distillate. 
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WIDEBAND ELECTROMAGNETIC 
CLOAKING SYSTEMS 


RELATED APPLICATION 


This application claims priority to U.S. Provisional Patent 
Application No. 61/189,966, filed 25 Aug. 2008 and entitled 
“Method and Apparatus for Wideband Electromagnetic 
Cloaking, Negative Refractive Index Lensing and Metamate- 
rial Applications,” the entire contents of which are incorpo- 
rated herein by reference. 


BACKGROUND 


Much time and effort has been devoted to the quest for 
so-called invisibility machines. Beyond science fiction, how- 
ever, there has been little if any real progress toward this goal. 

Materials with negative permittivity and permeability lead- 
ing to negative index of refraction were theorized by Russian 
noted physicist Victor Veselago in his seminal paper in Soviet 
Physics USPEKHI, 10, 509 (1968). Since that time, metama- 
terials have been developed that produce negative index of 
refraction, subject to various constraints. Such materials are 
artificially engineered micro/nanostructures that, at given fre- 
quencies, show negative permeability and permittivity. 
Metamaterials have been shown to produce narrow band, e.g., 
typically less than 5%, response such as bent-back lensing. 
Such metamaterials produce such a negative-index effect by 
utilizing a closely-spaced periodic lattice of resonators, such 
as split-ring resonators, that all resonate. Previous metama- 
terials provide a negative index of refraction when a sub- 
wavelength spacing is used for the resonators. 

In the microwave regime, certain techniques have been 
developed to utilize radiation-absorbing materials or coatings 
to reduce the radar cross section of airborne missiles and 
vehicles. While such absorbing materials can provide an 
effective reduction in radar cross section, these results are 
largely limited to small ranges of electromagnetic radiation. 


SUMMARY 


Embodiments of the present disclosure can provide tech- 
niques, including systems and/or methods, for cloaking 
objects at certain wavelengths/frequencies or over certain 
wavelength/frequency ranges (bands). Such techniques can 
provide an effective electromagnetic lens and/or lensing 
effect for certam wavelengths/frequencies or over certain 
wavelength/frequency ranges (bands). 

The effects produced by such techniques can include 


cloaking or so-called invisibility of the object(s) at the noted 


wavelengths or bands. Representative frequencies of opera- 
tion can include, but are not limited to, those over a range of 
500 MHz to 1.3 GHz, though others may of course be real- 
ized. Operation at other frequencies, including for example 


those of visible light, infrared, ultraviolet, and as well as 5 


microwave EM radiation, e.g., K, Ka, X-bands, etc. may be 
realized, e.g., by appropriate scaling of dimensions and selec- 
tion of shape of the resonator elements. 

Exemplary embodiments of the present disclosure can 
include a novel arrangement of resonators in an aperiodic 
configuration or lattice. The overall assembly of resonators, 
as structures, do not all repeat periodically and at least some 
of the resonators are spaced such that their phase centers are 
separated by more than a wavelength. The arrangements can 
include resonators of several different sizes and/or geom- 
etries arranged so that each size or geometry (“grouping”) 
corresponds to a moderate or high “Q” (that is moderate or 
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low bandwidth) response that resonates within a specific fre- 
quency range, and that arrangement within that specific 
grouping of akin elements is periodic in the overall struc- 
ture—even though the structure as a whole is not an entirely 
periodic arrangement of resonators. The relative spacing and 
arrangement of groupings (at least one for each specific fre- 
quency range) can be defined by self similarity and origin 
symmetry, where the “origin” arises at the center of a struc- 
ture (or part of the structure) individually designed to have the 
wideband metamaterial property. 

For exemplary embodiments, fractal resonators can be 
used for the resonators in such structures because of their 
contro] of passbands, and smaller sizes compared to non- 
fractal based resonators. Their benefit arises trom a size 
standpoint because they can be used to shrink the resonator 
(s), While control of passbands can reduce or eliminates issues 
of harmonic passbands that would resonate at frequencies not 
desired. 

Tt should be understood that other embodiments of wide- 
band electromagnetic resonator or cloaking systems and 
methods according to the present disclosure will become 
readily apparent to those skilled in the art from the following 
detailed description, wherein exemplary embodiments are 
shown and described by way of illustration. The systems and 
methods of the present disclosure are capable of other and 
different embodiments, and details of such are capable of 
modification in various other respects. Accordingly, the draw- 
ings and detailed description are to be regarded as illustrative 
in nature and not as restrictive. 


BRIEF DESCRIPTION OF THE DRAWINGS 


Aspects of the disclosure may be more fully understood 
from the following description when read together with the 
accompanying drawings, which are to be regarded as illustra- 
tive in nature, and not as limiting. The drawings are not 
necessarily to scale, emphasis instead being placed on the 
principles of the disclosure. In the drawings: 

FIG. 1 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of cylindrical shells, in 
accordance with exemplary embodiments of the present dis- 
closure; 

FIG. 2 depicts a diagrammatic plan view of a resonator 
cloaking system utilizing a number of shells having an ellip- 
tical cross-section, in accordance with an alternate embodi- 
ment of the present disclosure; 

FIG. 3 depicts an exemplary embodiment of a portion of 
shell that includes repeated conductive traces that are config- 
ured in a fractal-like shape; and 

FIG. 4 depicts a perspective view (photograph) of an exem- 
plary embodiment of the present disclosure. 

While certain embodiments depicted in the drawings, one 
skilled in the art will appreciate that the embodiments 
depicted are illustrative and that variations of those shown, as 
well as other embodiments described herein, may be envi- 
sioned and practiced within the scope of the present disclo- 
sure. 


DETAILED DESCRIPTION 


The present disclosure is directed to novel arrangements of 
resonators useful for obscuring or hiding objects at given 
bands of electromagnetic radiation. Embodiments of the 
present disclosure can provide techniques, including systems 
and/or methods, for hiding or obscuring objects at certain 
wavelengths/frequencies or over certain wavelength/fre- 
quency ranges or bands. Such techniques can provide an 
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effective electromagnetic lens and/or lensing effect for cer- 
tain wavelengths/frequencies or over certain wavelength/fre- 
quency ranges or bands. The effects produced by such tech- 
niques can include cloaking or so-called invisibility of the 
object(s) at the noted wavelengths or bands. 

Representative frequencies of operation can include, but 
are not limited to, those over a range of about 500 MHz to 
about 1.3 GHz, though others may of course be realized. 
Operation at other frequencies, including for example those 
of visible light, infrared, ultraviolet, and as well as microwave 
EM radiation, e.g., K, Ka, X-bands, etc. may be realized, e.g., 
by appropriate scaling of dimensions and selection of shape 
of the resonator elements. 

Embodiments of the present disclosure include arrange- 
ment of resonators or resonant structures in aperiodic con- 
figurations or lattices. The overall assembly of resonator 
structures can include nested or concentric shells, that each 
include repeated patterns of resonant structures. The resonant 
structures can be configured as a close-packed arrangement 


of electrically conductive material. The resonant structures 2 


can be located on the surface of a circuit board. 

The overall assemblies, as structures, do not al] repeat 
periodically and at Jeast some of the resonators are spaced 
such that their phase centers are separated by more than a 
wavelength. The arrangements can include resonators of sev- 
eral different sizes and/or geometries arranged so that each 
size or geometry (“grouping”) corresponds to a moderate or 
high quality-factor “Q” response (that is, one allowing for a 
moderate or low bandwidth) that resonates within a specific 
frequency range, and that arrangement within that specific 
grouping of like elements is periodic in the overall struc- 
ture—even though the structure as a whole is not an entirely 
periodic arrangement of resonators. The relative spacing and 
arrangement of groupings (at least one for each specific fre- 
quency range) can be detined by self similarity and origin 
symmetry, where the “origin” arises at the center of a struc- 
ture (or part of the structure) individually designed to have the 
wideband metamaterial property. 

For exemplary embodiments, fractal resonators can be 
used for the resonators because of their control of passbands, 
and smaller sizes. A main benefit of such resonators arises 
from a size standpoint because they can be used to shrink the 
resonator(s), While control of passbands can reduce/mitigate 
or eliminate issues of harmonic passbands that would reso- 
nate at frequencies not desired. 

Exemplary embodiments of a resonator system for use at 
microwave (or nearby) frequencies can be built from belts of 
circuit boards festooned with resonators. These belts can 
function to slip the microwaves around an object located 


within the belts, so the object is effectively invisible and “see : 


thru” at the microwave frequencies. Belts, or shells, having 
similar closed-packed arrangements for operation at a first 
passband can be positioned within a wavelength of one 
another, e.g.. od, YA, Vad, 1A, ete. 

An observer can observe an original image or signal, with- 
out it being blocked by the cloaked object. Using no power, 
the fractal cloak can replicates the original signal (that is, the 
signal before blocking) with great fidelity. Exemplary 
embodiments can function over a bandwidth from about 500 
MHz to approximately 1500 MHz (1.5 GHz), providing 3:1 
bandwidth; operation within or near such can frequencies can 
provide other bandwidths as well, suchas 1:1 up to 2:1 and up 
to about 3:1. 

FIG. 1 depicts a diagrammatic plan view of a cloaking 
system 100 and RF testing set up in accordance with exem- 
plary embodiments of the present disclosure. As shown in 
FIG. 1, a number of concentric shells (or bands) 102 are 
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placed on a platform (parallel to the plane of the drawing). 
The shells include a flexible substrate (e.g., polyimide with or 
without composite reinforcement) with conductive traces 
(e.g., copper, silver, etc.) in fractal shapes or outlines. The 
shells 102 surround an object to be cloaked (shown as 104 in 
FIG. 1). A transmitting antenna 1 and a receiving antenna 2 
are configured at different sides of the system 100, for veri- 
fying efficacy of the cloaking system 100 and recording 
results. The shells 102 can be held in place by radial supports 
106 (while only four are shown, 12 were used in the exem- 
plary embodiment indicated). 

The shells indicated in FIG. 1 are of two types, one set 
(A1-A4) configured for optimal operation over a first wave- 
length’ frequency range, and another set (B1-B3) configured 
for optimal operation over a second wavelength/frequency 
range. (The numbering of the shells is of course arbitrary and 
can be reordered, e.g., reversed.) 

For an exemplary embodiment of system 100, the outer set 
of shells (A1-A4, with Al being the innermost and Ad the 
outmost) had a height of about 3 to 4 inches (e.g., 3.5 inches) 
and the imer set of shells had a height of about 1 inch less 
(e.g., about 2.5 to 3 inches). The spacing between the shells 
with a larger fractal shape (A1-A4) was about 2.4 cm while 
the spacing between shells of smaller fractal generator shapes 
(B1-B3) was about 2.15 cm (along a radial direction). In a 
preferred embodiment, shell A4 was placed between shell B2 
and B3 as shown. The resonators formed on each shell by the 
fractal shapes can be configured so as to be closely coupled 
(e.g., by capacitive coupling) and can serve to propagate a 
plasmonic wave. 

It will be appreciated that while, two types of shells and a 
given number of shells per set are indicated in FIG. 1, the 
number of shell types and number of shells for each set can be 
selected as desired, and may be optimized for different appli- 
cations, e.g., wavelength/frequency bands. 

FIG. 2 depicts a diagrammatic plan view of a cloaking 
system (or electrical resonator system) according to an alter- 
nate embodiment in which the individual shells have an ellip- 
tical cross section. As shown in FIG. 2, a system 200 for 
cloaking can include a number of concentric shells (or bands) 
202. These shells can be held in place with respect to one 
another by suitable fixing means, e.g., they can be placed on 
a platform (parallel to the plane of the drawing) and/or held 
with a frame. The shells 202 can include a flexible substrate 
(e.g., polyimide with or without composite reinforcement) 
with a close-packed arrangement of electrically conductive 
material formed on the first surface. As stated previously for 
FIG. 1, the closed-packed arrangement can include a number 
of self-similar electrical resonator shapes. The resonator 
shapes can be made from conductive traces (e.g., copper, 
silver, gold, silver-based ink, etc.) having a desired shape, 
e.g., fractal shape, split-ring shape, and the like. The shells 
202 can surround an object to be cloaked, as indicated in FIG. 
2. 

As indicated in FIG. 2 (by dashed lines 1 and 2 and arrows), 
the various shells themselves do not have to form closed 
surfaces. Rather, one or more shells can form open surfaces. 
This can allow for preferential cloaking of the object in one 
direction or over a given angle (solid angle). Moreover, while 
dashed lines 1 and 2 are shown intersecting shells B1-B3 and 
A1-A3 of system 200, one or more shells of each group of 
shells (B1-B3 and A1-A3) can be closed while others are 
open. 

With further regard to FIGS. 1-2, it should be appreciated 
that the cross-sections shown for each shell can represent 
closed geometric shapes, e.g., spherical and ellipsoidal shells. 
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As indicated previously, each shell of a cloaking system 
can include multiple resonators. The resonators can be 
repeated patterns of conductive traces. These conductive 
traces can be closed geometric shapes, e.g., rings. loops, 
closed fractals, etc. The resonator(s) can being self similar to 
at least second iteration. The resonators can include split-ring 
shapes, for some embodiments. The resonant structures are 
not required to be closed shapes, however, and open shapes 
can be used for such. 

In exemplary embodiments, the closed Joops can be con- 
figured as a fractals or fractal-based shapes, e.g., as depicted 
by 302 in FIG. 3 foran exemplary embodiment of a shell 300, 
or 402 in FIG. 4. The dimensions and type of fractal shape can 
be the same for each shell type but can vary between shell 
types. This variation (e.g., scaling of the same fractal shape) 
can afford increased bandwidth for the cloaking characteris- 
tics of the system (e.g., system 100 of FIG. 1) This can lead to 
periodicity of the fractal shapes of common shell types but 
aperiodicity between the fractal shapes of different shell 
types. 

Examples of suitable fractal shapes (for use for shells and/ 
ora scatting object) can include, but are not limited to, fractal 
shapes described in one or more of the following patents, 
owned by the assignee of the present disclosure, the entire 
contents of all of which are incorporated herein by reference: 
US. Pat. Nos. 6,452,553, 6,104,349; 6,140,975, 7,145,513; 
7,256,751, 6,127,977, 6,476,766; 7,019,695; 7,215,290, 
6,445,352; 7,126,537; 7,190,318; 6,985,122; 7,345,642; and, 
US. Pat. No. 7,456,799. 

Other suitable fractal shape for the resonant structures can 
include any of the following: a Koch fractal, a Minkowski 
fractal, a Cantor fractal, a torn square fractal, a Mandelbrot, a 
Caley tree fractal, a monkey’s swing fractal, a Sierpinski 
gasket, and a Julia fractal, a contour set fractal, a Sierpinski 
triangle fractal, a Menger sponge fractal, a dragon curve 
fractal, a space-filling curve fractal, a Koch curve fractal, an 
Typanov fractal, and a Kleinian group fractal. 

FIG. 3 depicts an exemplary embodiment of a shell 300 
(only a portion is shown) that includes repeated conductive 
traces that are configured ina fractal] shape 302 (the individual 
closed traces), For the exemplary embodiment shown, each 
resonator shape 302 is about 1 cm ona side. Such resonator 
could, e.g., be used for the fractal shapes of shells B1-B3 of 
FIG. 1, in which case similar fractal shapes of larger size (e.g., 
about 1.5 cm ona side) could be used for shells A1-44. The 
conductive trace is preferably made of copper. While exem- 
plary fractal shapes are shown in FIG. 3, the present disclo- 
sure is not limited to such and any other suitable fractal shapes 
(including generator motifs) may be used in accordance with 
the present disclosure. 

It will be appreciated that the resonant structures of the 
shells may be formed or made by any suitable techniques and 
with any suitable materials. For example, semiconductors 
with desired doping levels and dopants may be used as con- 
ductive materials. Suitable metals or metal containing com- 
pounds may be used. Suitable techniques may be used to 
place conductors on/in a shell, including, but no limited to, 
printing techniques, photolithography techniques, etching 
techniques, and the like. 

It will also be appreciated that the shells may be made of 
any suitable material(s). Printed circuit board materials may 
be used. Flexible circuit board materials are preferred. Other 
material may, however, be used for the shells and the shells 
themselves can be made of non-continuous elements, e.g., a 
frame or framework. For example, various plastics may be 
used. 
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FIG. 4 depicts a perspective view (photograph) ofan exem- 
plary embodiment of a cloak system 400 according to the 
present disclosure. As shown, the system includes a number 
of resonator shells 402 each having a close-packed arrange- 
ment of electrically conductive material (self-similar resona- 
tors 404) formed on one surface. Two different shell configu- 
rations are shown, four larger shells and two smaller shells. 
The smaller shells included close-packed arrangements of 
resonator structures in which each resonator shape (as shown 
by 302 in FIG. 3) was about 1 cm on a side. Similar fractal 
shapes of larger size (e.g., about 1.5 cm on a side) were used 
for the larger shells. 

In FIG. 4, a transmitting (source) antenna and a receiving 
antenna are shown as triangular shapes on the left and right, 
respectively (though functionally of each could of course be 
interchanged for the other). Twelve radially arrayed spacers 
are shown in FIG. 4. The system 400 is shown supported on a 
Nalgene tank and Delrin platform and Delrin supports (radial 
supports) RF absorbers were placed in the immediate vicinity 
of the set up; further RF tripods (e.g., available from ETS) 
were used; all such materials were substantially transparent at 
the RF frequencies investigated/used. The cloak system 400 
consists of six belts of fractal metamaterial (i.e., fractal-reso- 
nant structures shown in FIG. 3) on flexible Taconic EF35 
(low loss) circuit board. The belts are shown surround a 
scattering ring (object). The arrangement is supported by RF 
transparent plastics in a comb support. The entire system 400 
was shown to be easily built up and broken down within a 
minute or two. The scale in FIG. 4 is about 0.7 meters across. 
The height of each shell can of course be selected as desired 
depending on the situation/application. 

While embodiments are shown and described herein as 
having shells in the shape of concentric rings (circular cylin- 
ders), shells can take other shapes in other embodiments. For 
example, one or more shells could have a generally spherical 
shape (with minor deviations for structural support). In an 
exemplary embodiment, the shells could form a nested 
arrangement of such spherical shapes, around an object to be 
shielded (at the targeted/selected frequencies/wavelengths). 
Shell cross-sections of angular shapes, e.g., triangular, hex- 
agonal, while not preferred, may be used. 

One skilled in the art will appreciate that embodiments 
and/or portions of embodiments of the present disclosure can 
be implemented in/with computer-readable storage media 
(e.g., hardware, software, firmware, or any combinations of 
such), and can be distributed and/or practiced over one or 
more networks. Steps or operations (or portions of such) as 
described herein, including processing, functions to derive, 
learn, or calculate formula and/or mathematical models uti- 
lized and/or produced by the embodiments of the present 
disclosure, can be processed by one or more suitable proces- 
sors, €.g., central processing units (“CPUs”) implementing 
suitable code/instructions in any suitable language (machine 
dependent on machine independent). 

While certain embodiments and/or aspects have been 
described herein, it will be understood by one skilled in the art 
that the methods, systems, and apparatus of the present dis- 
closure may be embodied in other specific forms without 
departing from the spirit thereof. 

For example, while certain wavelengths/frequencies of 
operation have been described, these are merely representa- 
tive and other wavelength/frequencies may be utilized or 
achieved within the scope of the present disclosure. 

Furthermore, while certain preferred fractal generator 
shapes have been described others may be used within the 
scope of the present disclosure. Accordingly, the embodi- 
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ments described herein are to be considered in all respects as 
illustrative of the present disclosure and not restrictive. 


What is claimed is: 

1. An electrical resonator system, comprising: 

a plurality of concentric electrical resonator shells, each 
shell including a substrate having first and second sur- 
faces and a close-packed arrangement of electrically 
conductive material formed on the first surface, wherein 
the closed-packed arrangement comprises a plurality of 
self-similar electrical resonator shapes and is configured 
to operate at a desired passband of electromagnetic 
radiation; 

wherein the close-packed arrangements of at least two of 
the electrical resonator shells are different in size and/or 
shape; and 

wherein a resonator in the close-packed arrangement com- 
prises a second order or higher fractal. 

2. The system of claim 1, wherein said passband is about 

2:1. 
3. The system of claim 2, wherein said passband is about 
3:1. 

4. The system of claim 1, wherein the electrical system is 

configured and arranged so that radiation incident on the 


system from a given direction has an intensity on a point-by- , 


point basis such at each respective antipodal point, relative to 
an object placed at the center of the system, the radiation has 
the same or similar intensity. 

5. The system of claim 1, wherein the system is configured 
and arranged so that radiation incident on the system from a 
direction in cylindrical coordinates has the same or similar 
intensity at the antipodal point after having traversed the 
system. 
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6. The system of claim 1, wherein the plurality of shells 
comprises a first pair of shells having similar closed-packed 
arrangements for operation at a first passband, wherein the 
two shells are positioned within 1A of one another. 

7. The system of claim 6, wherein the plurality of shells 
comprises a second pair of shells having similar closed- 
packed arrangements for operation at a second frequency 
band, wherein the two shells are positioned within 4A. of one 
another. 

8. The system of claim 1, wherein the plurality of shells are 
hemispherical. 

9. The system of claim 1, wherein the plurality of shells are 
cylindrical. 

10. The system of claim 1, wherein the plurality of shells 
are spherical. 

11. The system of claim 1, wherein said fractal is selected 
from the group consisting of a Koch fractal, a Minkowski 
fractal, a Cantor fractal, a torn square fractal, a Mandelbrot, a 
Caley tree fractal, a monkey’s swing fractal, a Sierpinski 
gasket, and a Julia fractal. 

12. The system of claim 1, wherein the fractal is selected 
from the group consisting ofa contour set fractal, a Sierpinski 
triangle fractal, a Menger sponge fractal, a dragon curve 
fractal, a space-filling curve fractal, a Koch curve fractal, a 
Lypanoy fractal, and a Kleinian group fractal. 

13. The system of claim 1, wherein the plurality of con- 
centric electrical resonator shells are configured and arranged 
for operation at K band, Ka band, or X-band. 

14. The system of claim 1, wherein the system is opera- 
tional over a bandwidth from about 500 MHz to about 1500 
MHz. 
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[57] ABSTRACT 


A method and apparatus for altering at least one se- 
lected region which normally exists above the earth’s 
surface. The region is excited by electron cyclotron 
resonance heating to thereby increase its charged parti- 
ele density. In one embodiment, circularly polarized 
electromagnetic radiation is transmitted upward in 2 
direction substantially paraile] to and along a field line 
which extends through the region of plasma to be al- 
tered. The radiation is transmitted at a frequency which 
excites electron cyclotron resonance to heat and accel- 
erate the charged particles. This increase in energy can 
cause ionization of neutral particles which are then 
absorbed as part of the region thereby increasing the 
charged particle density of the region. 


15 Claims, 5 Drawing Figures 
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METHOD AND APPARATUS FOR ALTERING A 
’ REGION IN THE EARTH’S ATMOSPHERE, 
IONOSPHERE, AND/OR MAGNETOSPHERE 


DESCRIPTION 


1. Technical Field 

This invention relates to a method and apparatus for 
altering at least one selected region normally existing 
above the earth's surface and more particularly relates 
to a method and apparatus for altering said at least one 
region by initially transmitting electromagnetic radia- 
tion from the earth's surface essentially parallel to and 
along naturally-occurring, divergent magnetic field 
lines which extend from the earth’s surface through the 
region or regions to be altered. 

2. Background Art 

In the Iate 1950's, it was discovered that naturally- 
occuring belts exist at high altitudes above the earth’s 
surface, and it is now established that these belts result 
from charged electrons and ions becoming trapped 
along the magnetic lines of force (field lines) of the 
earth’s essentially dipole magnetic field. The trapped 
electrons and ions are confined along the field lines 
between two magnetic mirrors which exist at spaced 
apart points along those field lines. The trapped elec- 
trons and ions move in helical paths around their partic- 
ular field lines and “bounce” back and forth between 
the magnetic mirrors. These trapped electrons and ions 
can oscillate along the field lines for long periods of 
time. 

In the past several years, substantial effort has been 
made to understand and explain the phenomena in- 
volved in belts of trapped electrons and ions, and to 
explore possible ways to control and use these phenom- 
ena for beneficial purposes. For example, in the late 
1950’s and early 1960’s both the United States and 
U.S.S.R. detonated a series of nuclear devices of vari- 
ous yields to generate large numbers of charged parti- 
cles at various altitudes, e.g., 200 kilometers (km) or 
greater. This was done in order to establish and study 
artifical belts of trapped electrons and ions. These ex- 
periments established that at least some of the extrane- 
ous electrons and ions from the detonated devices did 
become trapped along field lines in the earth’s magneto- 
sphere to form artificial belts which were stable for 
prolonged periods of time. For a discussion of these 
experiments see “The Radiation Belt and Magneto- 
sphere”, W. N. Hess, Blaisdell Publishing Co., 1968, 
pps. 155 et sec. 

Other proposals which have been advanced for alter- 
ing existing belts of trapped electrons and ions and/or 
establishing similar artificial belts include injecting 
charged particles from a satellite carrying a payload of 
radioactive beta-decay material or alpha emitters; and 
injecting charged particles from a satellite-borne elec- 
tron accelerator. Still another approach is described in 
U.S. Pat. No. 4,042,196 wherein a low energy ionized 
gas, e.g. hydrogen, is released from a synchronous 
orbiting satellite near the apex of a radiation belt which 
is naturally-occurring in the earth’s magnetosphere to 
produce a substantial increase in energetic particle pre- 
cipitation and, under certain conditions, produce a limit 
in the number of particles that can be stably trapped. 
This precipitation effect arises from an enhancement of 
the whistler-mode and ion-cyclotron mode interactions 
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2 
that result from the ionized gas or “cold plasma” injec- 
tion. 

It has also been proposed to release large clouds of 
barium in the magnetosphere so that photoionization 
will increase the cold plasma density, thereby produc- 
ing electron precipitation through enhanced whistler- 
mode interactions. 

However, in all of the above-mentioned approaches, 
the mechanisms involved in triggering the change in the 
trapped particle phenomena must be actually positioned 
within the affected zone, e.g., the magnetosphere, be- 
fore they can be actuated to effect the desired change. 

The earth’s ionosphere is not considered to be a 
“trapped” belt since there are few trapped particles 
therein. The term “trapped” herein refers to situations 
where the force of gravity on the trapped particles is 
balanced by magnetic forces rather than hydrostatic or 
collisional forces. The charged electrons and ions in the 
ionosphere also follow helical paths around magnetic 
field lines within the ionosphere but are not trapped 
between mirrors, as in the case of the trapped belts in 
the magnetosphere, since the gravitational force on the 
particles is balanced by collisional or hydrostatic forces. 

In recent years, a number of experiments have actu- 
ally been carried out to modify the ionosphere in some 
controlled manner to investigate the possibility of a 
beneficial result. For detailed discussions of these opera- 
tions see the following papers: (1) lonospheric Modifi- 
cation Theory; G. Meltz and F. W. Perkins; (2) The 
Platteville High Power Facility; Carrol et al.; (3) Are- 
cibo Heating Experiments; W. E. Gordon and H. C. 
Carlson, Jr.; and (4) Ionospheric Heating by Powerful 
Radio Waves; Meltz et al., all published in Radio Sci- 
ence, Vol. 9, No. 11, November, 1974, at pages 885-888; 
889-894; 1041-1047; and 1049-1063, respectively, all of 
which are incorporated herein by reference. In such 
experiments, certain regions of the ionosphere are 
heated to change the electron density and temperature 
within these regions. This is accomplished by transmit- 
ting from earth-based antennae high frequency electro- 
magnetic radiation at a substantial angle to, not parallel 
to, the ionosphere’s magnetic field to heat the iono- 
spheric particles primarily by ohmic heating. The elec- 
tron temperature of the ionosphere has been raised by 
hundreds of degrees in these experiments, and electrons 
with several electron volts of energy have been pro- 
duced in numbers sufficient to enhance airglow. Elec- 
tron concentrations have been reduced by a few per- 
cent, due to expansion of the plasma as a result of in- 
creased temperature. 

In the Elmo Bumpy Torus (EBT), a controlled fusion 
device at the Oak Ridge National Laboratory, all heat- 
ing is provided by microwaves at the electron cyclotron 
resonance interaction. A ring of hot electrons is formed 
at the earth’s surface in the magnetic mirror by a combi- . 
nation of electron cyclotron resonance and stochastic 
heating. In the EBT, the ring electrons are produced 
with an average “temperature” of 250 kilo electron 
volts or kev (2.5 10°K) and a plasma beta between 0.1 
and 0.4: see, “A Theoretical Study of Electron—Cyclo- 
tron Absorption in Elmo Bumpy Torus”, Batchelor and 
Goldfinger, Nuclear Fusion, Vol. 20, No. 4 (1980) pps. 
403-418, 

Electron cyclotron resonance heating has been used 
in experiments on the earth’s surface to produce and 
accelerate plasmas in a diverging magnetic field. Kos- 
mahi et al. showed that power was transferred from the 
electromagnetic waves and that a fully ionized plasma 
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was accelerated with a divergence angle of roughly 13 
degrees. Optimum neutral gas density was 1.7 10'4per 
cubic centimeter; see, “Plasma Acceleration with Mi- 
crowaves Near Cyclotron Resonance”, Kosmahl et al., 
Journal of Applied Physics, Vol. 38, No. 12, Nov., 1967, 
pps. 4576-4582. 


DISCLOSURE OF THE INVENTION 


The present invention provides a method and appara- 
tus for altering at least one selected region which nor- 
mally exists above the earth’s surface. The region is 
excited by electron cyclotron resonance heating of elec- 
trons which are already present and/or artifically cre- 
ated in the region to thereby increase the charged parti- 
cle energy and ultimately the density of the region. 

In one embodiment this is done by transmitting circu- 
larly polarized electromagnetic radiation from the 
earth’s surface at or near the location where a naturally- 
occurring dipole magnetic field (force) line intersects 
the earth’s surface. Right hand circular polarization is 
used in the northern hemisphere and left hand circular 
polarization is used in the southern hemisphere. The 
radiation is deliberately transmitted at the outset in a 
direction substantially parallel to and along a field line 
which extends upwardly through the region to be al- 
tered. The radiation is transmitted at a frequency which 
is based on the gyrofrequency of the charged particles 
and which, when applied to the at least one region, 
excites electron cyclotron resonance within the region 
or regions to heat and accelerate the charged particles 
in their respective helical paths around and along the 
field line. Sufficient-energy is employed to cause ioniza- 
tion of neutral particles (molecules of oxygen, nitrogen 
and the like, particulates, etc.) which then become a 
part of the region thereby increasing the charged parti- 
cle density of the region. This effect can further be 
enhanced by providing artificial particles, e.g., elec- 
trons, ions, etc., directly into the region to be affected 
from a rocket, satellite, or the like to supplement the 
particles in the naturally-occurring plasma. These arti- 
ficial particles are also ionized by the transmitted elec- 
tromagnetic radiation thereby increasing charged parti- 
cle density of the resulting plasma in the region. 

In another embodiment of the invention, electron 
cyclotron resonance heating is carried out in the se- 
lected region or regions at sufficient power levels to 
allow a plasma present in the region to generate a mir- 
ror force which forces the charged electrons of the 
altered plasma upward along the force line to an alti- 
tude which is higher than the original altitude. In this 
case the relevant mirror points are at the base of the 
altered region or regions. The charged electrons drag 
ions with them as well as other particles that may be 
present. Sufficient power, e.g., 10!5joules, can be ap- 
plied so that the altered plasma can be trapped on the 
field line between mirror points and will oscillate in 
space for protonged periods of time. By this embodi- 
ment, a plume of altered plasma can be established at 
selected locations for communication modification or 
other purposes. 

In another embodiment, this invention is used to alter 
at least one selected region of plasma in the ionosphere 
to establish a defined layer of plasma having an in- 
creased charged particle density. Once this layer is 
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established, and while maintaining the transmission of 65 


the main beam of circularly polarized electromagnetic 
radiation, the main beam is modulated and/or at least 
one second different, modulated electromagnetic radia- 
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tion beam is transmitted from at least one separate 
source at a different frequency which will be absorbed 
in the plasma layer. The amplitude of the frequency of 
the main beam and/or the second beam or beams is 
modulated in resonance with at least one known ascilla- 
tion mode in the selected region or regions to excite the 
known oscillation mode to propagate a known fre- 
quency wave or waves throughout the ionosphere. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The actual construction, operation, and apparent 
advantages of this invention will be better understood 
by referring to the drawings in which like numerals 
identify like parts and in which: 

FIG. 1 is a simplified schematical view of the earth 
(not to scale) with a magnetic field (force) line along 
which the present invention is carried out; 

FIG. 2 is one embodiment within the present inven- 
tion in which a selected region of plasma is raised to a 
higher altitude; 

FIG. 3 is a simplified, idealized representation of a 
physical phenomenon involved in the present invention; 
and 

FIG. 4 is a schematic view of another embodiment 
within the present invention. 

FIG. 5 is a schematic view of an apparatus embodi- 
ment within this invention. 


BEST MODES FOR CARRYING OUT THE 
INVENTION 


The earth’s magnetic field is somewhat analogous to 
a dipole bar magnet. As such, the earth’s magnetic field 
contains numerous divergent field or force lines, each 
line intersecting the earth’s surface at points on opposite 
sides of the Equator. The field lines which intersect the 
earth’s surface near the poles have apexes which lie at 
the furthest points in the earth’s magnetosphere while 
those closest to the Equator have apexes which reach 
only the lower portion of the magnetosphere. 

At various altitudes above the earth’s surface, e.g., in 
both the ionosphere and the magnetosphere, plasma is 
naturally present along these field lines. This plasma 
consists of equal numbers of positively and negatively 
charged particles (i.e., electrons and ions) which are 
guided by the fteld line. It is well established that a 
charged particle in a magnetic field gyrates about field 
lines, the center of gyration at any instance being called 
the “guiding center” of the particle. As the gyrating 
particle moves along a field line in a uniform field, it 
will follow a helical path about its guiding center, hence 
linear motion, and will remain on the field line. Elec- 
trons and ions both follow helical paths around a field 
line but rotate in opposite directions. The frequencies at 
which the electrons and ions rotate about the field line 
are called gyromagnetic frequencies or cyclotron fre- 
quencies because they are identical with the expression 
for the angular frequencies of gyration of particles in a 
cyclotron. The cyclotron frequency of ions in a given 
magnetic field is less than that of electrons, in inverse 
proportion to their masses. 

if the particles which form the plasma along the 
earth’s field lines continued to move with a constant 
pitch angle, often designated “alpha”, they would soon 
impact on the earth’s surface. Pitch angle alpha is de- 
fined as the angle between the direction of the earth’s 
magnetic field and the velocity (V) of the particle. 
However, in converging force fields, the pitch angle 
does change in such a way as to allow the particle to 
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turn around and avoid impact. Consider a particle mov- 
ing along a field line down toward the earth. It moves 
into a region of increasing magnetic field strength and 
therefore sine alpha increases. But sine alpha can only 
increase to 1.0, at which point, the particle turns around 
and starts moving up along the field line, and alpha 
decreases. The point at which the particle turns around 
is called the mirror point, and there alpha equals ninety 
degrees. This process is repeated at the other end of the 
field line where the same magnetic field strength value 
B, namely Bm, exists. The particle again turns around 
and this is called the “conjugate point” of the original 
mirror point. The particle is therefore trapped and 
bounces between the two magnetic mirrors. The parti- 
cle can continue oscillating in space in this manner for 
long periods of time. The actual place where a particle 
will mirror can be calculated from the following: 

sin? alphag=Bo/Bin rah 
wherein: 

alphap= equatorial pitch angle of particle 

B,=equatorial field strength on a particular field line 

B,,=field strength at the mirror point 

Recent discoveries have established that there are 
substantial regions of naturally trapped particles in 
space which are commonly called “trapped radiation 
belts”. These belts occur at altitudes greater than about 
500 km and accordingly lie in the magnetosphere and 
mostly above the ionosphere. 

The ionosphere, while it may overlap some of the 
trapped-particle belts, is a region in which hydrostatic 
forces govern its particle distribution in the gravita- 
tional field. Particle motion within the ionosphere is 
governed by both hydrodynamic and electrodynamic 
forces. While there are few trapped particles in the 
ionosphere, nevertheless, plasma is present along field 
lines in the ionosphere. The charged particles which 
form this plasma move between collisions with other 
particles along similar helical paths around the field 
lines and although a particular particle may diffuse 
downward into the earth’s lower atmosphere or lose 
energy and diverge from its original field line due to 
collisions with other particles, these charged particles 
are normally replaced by other available charged parti- 
cles or by particles that are ionized by collision with 
said particle. The electron density (N-)} of the plasma 
will vary with the actual conditions and locations in- 
volved. Also, neutral particles, ions, and. electrons are 
present in proximity to the field lines. 

The production of enhanced ionization will also alter 
the distribution of atomic and molecular constituents of 
the atmosphere, most notably through increased atomic 
nitrogen concentration. The upper atmosphere is nor- 
mally rich in atomic oxygen (the dominant atmospheric 
constituent above 200 km altitude), but atomic nitrogen 
is normally relatively rare. This can be expected to 
manifest itself in increased airglow, among other ef- 
fects. 

As known in plasma physics, the characteristics of a 
plasma can be altered by adding energy to the charged 
particles or by ionizing or exciting additional particles 
to increase the density of the plasma. One way to do this 
is by heating the plasma which can be accomplished in 
different ways, ¢.g., ohmic, magnetic compression, 
shock waves, magnetic pumping, electron cyclotron 
resonance, and the like. 

Since electron cyclotron resonance heating is in- 
volved in the present invention, a brief discussion of 
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same is in order. Increasing the energy of electrons in a 
plasma by invoking electron cyclotron resonance heat- 
ing, is based on a principle similar to that utilized to 
accelerate charged particles in a cyclotron. Ifa plasma 
is confined by a static axial magnetic field of strength B, 
the charged particles wilt gyrate about the lines of force 
with a frequency given, in hertz, as f,=1.54x 1038/4, 
where: B=magnetic field strength in gauss, and A=- 
mass number of the ion. 

Suppose a time-varying field of this frequency is su- 
perimposed on the static field B confining the plasma, 
by passage of a radiofrequency current through a coil 
which is concentric with that producing the axial field, 
then in each half-cycle of their rotation about the field 
lines, the charged particles acquire energy from the 
oscillating electric field associated with the radio fre- 
quency. For example, if B is 10,000 gauss, the frequency 
of the field which is in resonance with protons in a 
plasma is 15.4 megahertz. : 

As applied to electrons, electron cyclotron resanance 
heating requires an oscillating field having a definite 
frequency determined by the strength of the confining 
field. The radio-frequency radiation produces time- 
varying fields (electric and magnetic), and the electric 
field accelerates the charged particle. The energized 
electrons share their energy with ions and neutrals by 
undergoing collisions with these particles, thereby ef- 
fectively raising the temperature of the electrons, ions, 
and neutrals. The apportionment of energy among these 
species is determined by collision frequencies. For a 
more detailed understanding of the physics involved, 
see “Controlled Thermonuclear Reactions”, Glasstone 
and Lovberg, D. Van Nostrand Company, Inc., Prince- 
ton, N.J., 1960 and “The Radiation Belt and Magneto- 
sphere’, Hess, Blaisdell Publishing Company, 1968, 
both of which are incorporated herein by reference. 

Referring now to the drawings, the present invention 
provides a method and apparatus for altering at least 
one region of plasma which lies along a field line, partic- 
ularly when it passes through the ionosphere and/or 
magnetosphere. FIG. 1 is a simplified illustration of the 
earth 10 and one of its dipole magnetic force or field 
lines 11. As will be understood, line 11 may be any one 
of the numerous naturally existing field lines and the 
actual geographical locations 13 and 14 of line 11 will be 
chosen based on a particular operation to be carried out. 
The actual locations at which field lines intersect the 
earth’s surface is documented and is readily ascertain- 
able by those skilled in the art. 

Line 11 passes through region R which lies at an 
altitude above the earth’s surface. A wide range of alti- 
tudes are useful given the power that can be employed 
by the practice of this invention. The electron cyclotron 
Tesonance heating effect can be made to act on electrons 
anywhere above the surface of the earth. These elec- 
trons may be already present in the atmosphere, iono- 
sphere, and/or magnetosphere of the earth, or can be 
artificially generated by a variety of means such as x-ray 
beams, charged particle beams, lasers, the plasma sheath 
surrounding an object such as a missile or meteor, and 
the like. Further, artificial particles, e.g., electrons, ions, 
étc., can be injected directly into region R from an 
earth-launched rocket or orbiting satellite carrying, for 
example, a payload of radioactive beta-decay material; 
alpha emitters; an electron accelerator; and/or ionized 
gases such as hydrogen; see U.S. Pat. No, 4,042,196. 
The altitude can be greater than about 50 km if desired, 
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e.g., can be from about 50 km to about 800 km, and, 
accordingly may lie in either the ionosphere or the 
magnetosphere or both. As explained above, plasma 
will be present along line 11 within region R and is 
represented by the helical line 12. Plasma 12 is com- 
prised of charged particles {i.e., electrons and ions) 
which rotate about opposing helical paths along line 11. 

Antenna 15 is positioned as close as is practical to the 
location 14 where line EI intersects the earth’s surface. 
Antenna 15 may be of any known construction for high 
directionality, for example, a phased array, beam spread 
angle (6) type. See ‘The MST Radar at Poker Fiat, 
Alaska”, Radio Science, Vol. 15, No. 2, Mar.-Apr. 1980, 
pps. 213-223, which is incorporated herein by refer- 
ence. Antenna £5 is coupled to transmitter 16 which 
generates a beam of high frequency electromagnetic 
radiation at a wide range of discrete frequencies, ¢.g., 
from about 20 to about 1800 kilohertz (kHz). 

Transmitter 16 is powered by power generator means 
17 which is preferably comprised of one or more large, 
commercial electrical generators. Some embodiments 
of the present invention require large amounts of 
power, é.g., up to 10%o 10!!watts, in continuous wave 
or pulsed power. Generation of the needed power is 
within the state of the art. Although the electrical gen- 
erators necessary for the practice of the invention can 
be powered in any known manner, for example, by 
nuclear reactors, hydroelectric facilities, hydrocarbon 
fuels, and the like, this invention, because of its very 
large power requirement in certain applications, is par- 
ticularly adapted for use with certain types of fuel 
sources which naturally occur at strategic geographical 
locations around the earth. For example, large reserves 
of hydrocarbons (oil and natural gas) exist in Alaska and 
Canada. In northern Alaska, particularly the North 
Slope region, large reserves are currently readily avail- 
able. Alaska and northern Canada also are ideally lo- 
cated geographically as to magnetic latitudes. Alaska 
provides easy access to magnetic field lines that are 
especially suited to the practice of this invention, since 
many field lines which extend to desirable altitudes for 
this invention intersect the earth in Alaska. Thus, in 
Alaska, there is a unique combination of large, accessi- 
ble fuel sources at desirable field line intersections. Fur- 
ther, a particularly desirable fuel source for the genera- 
tion of very large amounts of electricity is present in 
Alaska in abundance, this source being natural gas. The 
presence of very large amounts of clean-burning natural 
gas in Alaskan latitudes, particularly on the North 
Slope, and the availability of magnetohydrodynamic 
(MHD), gas turbine, fuel cell, electrogasdynamic 
(EGD) electric generators which operate very effi- 
ciently with natural gas provide an ideal power source 
for the unprecedented power requirements of certain of 
the applications of this invention. For a more detailed 
discussion of the various means for generating electric- 
ity from hydrocarbon fuels, see “Electrical Aspects of 
Combustion”, Lawton and Weinberg, Clarendon Press, 
1969. For example, it is possible to generate the electric- 
ity directly at the high frequency needed to drive the 
antenna system. To do this, typically the velocity of 
flow of the combustion gases (v), past magnetic field 
perturbation of dimension d (in the case of MHD), fol- 
jow the rule: 


vedf 


where f is the frequency at which electricity is gener- 
ated. Thus, if v= 1.78 106 cm/sec and d=1 cm then 
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electricity would be generated at a frequency of 1.78 
mHz. 

Put another way, in Alaska, the right type of fuel 
(natura! gas) is naturally present in large amounts and at 
just the right magnetic latitudes for the most efficient 
practice of this invention, a truly unique combination of 
circumstances. Desirable magnetic latitudes for the 
practice of this invention interest the earth’s surface 
both northerly and southerly of the equator, particu- 
larly desirable latitudes being those, both northerly and 
southerly, which correspond in magnitude with the 
magnetic latitudes that encompass Alaska. 

Referring now to FIG. 2 a first ambodiment is illus- 
trated where a selected region Riof plasma 12 is altered 
by electron cyclotron resonance heating to accelerate 
the electrons of plasma 12, which are following helical 
paths along field line 11. 

To accomplish this result, electromagnetic radiation 
is transmitted at the outset, essentially parallel to line 14 
via antenna 15 as right hand circularly polarized radia- 
tion wave 20. Wave 20 has a frequency which will 
excite electron cyclotron resonance with plasma 12 at 
its initial or original altitude. This frequency will vary 
depending on the electron cyclotron resonance of re- 
gion Riwhich, in turn, can be determined from available 


_ data based on the altitudes of region Ri, the particular 
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field line 11 being used, the strength of the earth's mag- 
netic field, etc. Frequencies of from about 20 to about 
7200 kHz, preferably from about 20 to about 1800 kHz 
can be employed. Also, for any given application, there 
will be a threshhold (minimum power level) which is 
needed to produce the desired result. The minimum 
power level is a function of the level of plasma produc- 
tion and movement required, taking into consideration 
any loss processes that may be dominant in a particular 
plasma or propagation path, 

As electron cyclotron resonance is established in 
plasma 12, energy is transferred from the electromag- 
netic radiation 20 into plasma 12 to heat and accelerate 
the electrons therein and, subsequently, ions and neutral 
particles. As this process continues, neutral particles 
which are present within Ryare ionized and absorbed 
into plasma 12 and this increases the electron and ion 
densities of plasma 12. As the electron energy is raised 
to values of about | kilo electron voit (kev), the gener- 
ated mirror force (explained below) will direct. the ex- 
cited plasma 12 upward along line 11 to form a plume 
Roat an altitude higher than that of Ri. 

Plasma acceleration results from the force on an elec- 
tron produced by a nonuniform static magnetic field 
(B). The force, called the mirror force, is given by 

Fo—pVB (2) 
where p is the electron magnetic moment and V B is the 
gradient of the magnetic field, » being further defined 
as: 


W/B=mb 2/28 


where Wis the kinetic energy in the direction perpen- 
dicular to that of the magnetic field lines and B is the 
magnetic field strength at the line of force on which the 
guiding center of the particle is located. The force as 
represented by equation (2) is the force which is respon- 
sible for a particle obeying equation (1). 
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Since the magnetic field is divergent in region Rj, it 
can be shown that the plasma will move upwardly from 
the heating region as shown in FIG. 1 and further it can 
be shown that 

AMV) {Mek el) + AMV || AY) (3) 
where the left hand side is the initial electron transverse 
kinetic energy; the first term on the right is the trans- 
verse electron kinetic energy at some point (Y) in the 
expanded field region, while the final term is the ion 
kinetic energy parallel to B at point (Y). This last term 
is what constitutes the desired ion flow. It is produced 
by an electrostatic field set up by electrons which are 
accelerated according to Equation (2) in the divergent 
field region and pulls ions along with them. Equation 
(3) ignores electron kinetic energy parallel to B because 
Vet] = Vil], 80 the bulk of parallel kinetic energy resides 
in the ions because of their greater masses. For example, 
if an electromagnetic energy flux of from about | to 
about 10 watts per square centimeter is applied to re- 
gion R, whose altitude is 115 km, a plasma having a 
density (N-) of 10!2 per cubic centimeter will be gener- 
ated and moved upward to region R2 which has an 
altitude of about 1000 km. The movement of electrons 
in the plasma is due to the mirror force while the ions 
are moved by ambipolar diffusion (which results from 
the electrostatic field). This effectively “lifts” a layer of 
plasma 12 from the ionosphere and/or magnetosphere 
to a higher elevation Rz. The total energy required to 
create a plasma with a base area of 3 square kilometers 
and a height of 1000 km is about 3x 10!3 joules. 

FIG. 3 is an idealized representation of movement of 
plasma 12 upon excitation by electron cyclotron reso- 
nance within the earth’s divergent force field, Electrons 
(e) are accelerated to velocities required to generate the 
necessary mirror force to cause their upward move- 
ment. At the same time neutral particles (n) which are 
present along line 11 in region Rare ionized and be- 
come part of plasma 12. As electrons (e} move upward 
along line 11, they drag ions (i) and neutrals (n) with 
them but at an angle @ of about 13 degrees to field line 
11. Also, any particulates that may be present in region 
Ri, will be swept upwardly with the plasma. As the 
charged particles of plasma 12 move upward, other 
particles such as neutrals within or below Ri, move in 
to replace the upwardly moving particles. These neu- 
trals, under some conditions, can drag with them 
charged particles. 

For example, as a plasma moves upward, other parti- 
cles at the same altitude as the plasma move horizon- 
tally into the region to replace the rising plasma and to 
form new plasma. The kinetic energy developed by said 
other particles as they move horizontally is, for exam- 
ple, on the same order of magnitude as the total zonal 
kinetic energy of stratospheric winds known to exist. 

Referring again to FIG. 2, plasma 12 in region R, is 
moved upward along field line 11. The plasma 12 will 
then form a plume (cross-hatched area in FIG. 2) which 
will be relatively stable for prolonged periods of time. 
The exact period of time will vary widely and be deter- 
mined by gravitational forces and a combination of 
radiative and diffusive loss terms, In the previous de- 
tailed example, the calculations were based on forming 
a plume by producing O+energies of 2 ev/particle. 
About 10 ev per particle would be required to expand 
plasma 12 to apex point C (FIG. 1). There at least some 
of the particles of plasma 12 will be trapped and will 
oscillate between mirror points along field line 11. This 
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oscillation wiH then allow additional heating of the 
trapped plasma 12 by stochastic heating which is associ- 
ated with trapped and oscillating particles. See “A New 
Mechanism for Accelerating Electrons in the Outer 
Ionosphere” by R. A. Helliwell and T. F. Bell, Journal 
of Geophysical Research, Vol. 65, No. 6, June, 1960. 
This is preferably carried out at an altitude of at least 
500 km. 

The plasma of the typical example might be em- 
ployed to modify or disrupt microwave transmissions of 
satellites. If less than total black-out of transmission is 


_ desired (e.g., scrambling by phase shifting digital sig- 
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nals), the density of the plasma (N-) need only be at least 
about 106 per cubic centimeter for a plasma orginating 
at an altitude of from about 250 to about 400 km and 
accordingly less energy (.e., electromagnetic radia- 
tion), e.g., 108 joules need be provided. Likewise, if the 
density Nzis on the order of 108, a properly positioned 
plume will provide a reflecting surface for VHF waves 
and can be used to enhance, interfere with, or otherwise 
modify communication transmissions. It can be seen 
from the foregoing that by appropriate application of 
various aspects of this vention at strategic locations 
and with adequate power sources, 2 means and method 
is provided to cause interference with or even total 
disruption of communications over a very large portion 
of the earth. This invention could be employed to dis- 
rupt not only land based communications, both civilian 
and military, but also airborne communications and sea 
communications (both surface and subsurface). This 
would have significant military implications, particu- 
larly as a barrier to or confusing factor for hostile mis- 
siles or airplanes. The belt or belts of enhanced ioniza- 
tion produced by the method and apparatus of this 
invention, particularly if set up over Northern Alaska 
and Canada, could be employed as an early warning 
device, as well as a communications disruption medium. 
Further, the simple ability to produce such a situation in 
a practical time period can by itself be a deterring force 
to hostile action. The ideal combination of suitable field 
lines intersecting the earth's surface at the point where 
substantial fuel sources are available for generation of 
very large quantitities of electromagnetic power, such 
as the North Slope of Alaska, provides the wherewithal 
to accomplish the foregoing in a practical time period, 
€.g., Strategic requirements could necessitate achieving 
the desired altered regions in time periods of two min- 
utes or Jess and this is achievable with this invention, 
especially when the combination of natural gas and 
magnetohydrodynamic, gas turbine, fuel cell and/or 
EGD electric generators are employed at the point 
where the useful field lines intersect the earth’s surface. 
One feature of this invention which satisfies a basic 
requirement of a weapon system, i.e., continuous check- 
ing of operability, is that small amounts of power can be 
generated for operability checking purposes. Further, in 
the exploitation of this invention, since the main electro- 
magnetic beam which generates the enhanced ionized 
belt of this invention can be modulated itself and/or one 
or more additional electromagnetic radiation waves can 
be impinged on the ionized region formed by this inven- 
tion as will be described in greater detail herein after 
with respect to FIG. 4, a substantial amount of ran- 
domly modulated signals of very large power magni- 
tude can be generated in a highly nonlinear mode. This 
can cause confusion of or interference with or even 
complete disruption of guidance systems employed by 
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even the most sophisticated of airplanes and missiles. 

The ability to employ and transmit over very wide areas 

of the earth a plurality of electromagnetic waves of, 
varying frequencies and to change. same at wili in a 

random manner, provides a unique ability to interfere 

with all modes of communications, land, sea, and/or air, 

at the same time. Because of the unique juxtaposition of 
usable fuel source at the point where desirable field Hines 
intersect the earth’s surface, such wide ranging and 

complete communication interference can be achieved 

in a resonably short period of time. Because of the mir- 
roring phenomenon discussed hereinabove, it can also 

be prolonged for substantial time periods so that it 

would: not be a mere transient effect that could simply 

be waited out by an opposing force. Thus, this invention 

provides the ability to put unprecedented amounts of 
power in the earth’s atmosphere at strategic locations 
and to maintain the power injection level, particularly if 
random pulsing is employed, in a manner far more pre- 
cise and better controjled than heretofore accomplished 
by the prior art, particularly by the detonation of nu- 

clear devices of various yeilds at various altitudes. 

Where the prior art approaches yielded merely transi- 

tory effects, the unique combination of fuel and desir- 

able field lines at the point where the fuel occurs allows 
the establishment of, compared to prior art approaches, 

precisely controlled and long-lasting effects which can- 

not, practically speaking, simply be waited out. Further, 

by knowing the frequencies of the various electromag- 
netic beams employed in the practice of this invention, 

it is possible not only to interfere with third party com- 

munications but to take advantage of one or more such 

beams to carry out a communications network even 

though the rest of the world’s communications are dis- 
rupted. Put another way, what is used to disrupt anoth- 

er’s communications can be employed by one knowl- 
edgeable of this invention as a communications network 
at the same time. In addition, once one’s own communi- 
cation network is established, the far-reaching extent of 
the effects of this invention could be employed to pick 

up communication signals of other for intelligence pur- 

poses. Thus, it can be seen that the disrupting effects 

achievable by this invention can be employed to benefit 

by the party who is practicing this invention since 

knowledge of the various electromagnetic waves being 

employed and how they will vary in frequency and 

magnitude can be used to an advantage for positive 
communication and eavesdropping purposes at the 

same time. However, this invention is not limited to 

locations where the fuel source naturally exists or 

where desirable field lines naturally intersect the earth’s 

surface. For example, fuel, particularly hydrocarbon 

fuel, can be transported by pipeline and the like to the 

location where the invention is to be practiced. 

FIG. 4 illustrates another embodiment wherein a 
selected region of plasma R3which lies within the 
earth’s ionosphere is altered to increase the density 
thereof whereby a relatively stable layer 30 of relatively 
dense plasma is maintained within region R3. Electro- 
magnetic radiation is transmitted at the outset essen- 
tially parallel to field line 11 via antenna 15 as a right 
hand circularly polarized wave and at a frequency (e.g., 
1.78 megahertz when the magnetic field at the desired 
altitude is 0.66 gauss) capable of exciting electron cyclo- 
tron resonance in plasma 12 at the particular altitude of 
plasma 12. This causes heating of the particles (clec- 
trons, ions, neutrals, and particulates) and ionization of 
the uncharged particles adjacent line 11, all of which 


0 


_ 


5 


20 


25 


30 


45 


60 


65 


12 
are absorbed into plasma 12 to increase the density 
thereof. The power transmitted, e.g., 2 10° watts for 
up to 2 minutes heating time, is less than that required to 
generate the mirror force F required to move plasma 12 
upward as in the previous embodiment. 

While continuing to transmit electromagnetic radia- 
tion 20 from antenna 15, a second electromagnetic radi- 
ation beam 31, which is at a defined frequency different 
from the radiation from antenna 15, is transmitted from 
one or more second sources via antenna 32 into jayer 30 
and is absorbed into a portion of Jayer 30 (cross-hatched 
area in FIG. 4). The electromagnetic radiation wave 
from antenna 32 is amplitude modulated to match a 
known mode of oscillation f3 in layer 30. This creates a 
resonance in layer 30 which excites a new plasma wave 
33 which also has a frequency of f; and which then 
propogates through the ionosphere. Wave 33 can be 
used to improve or disrupt communications or both 
depending on what is desired in a particular application. 
Of course, more than one new wave 33 can be gener- 
ated and the various new waves can be modulated at 
will and in a highly nontinear fashion. 

FIG. 5 shows apparatus useful in this invention, par- 
ticularly when those applications of this invention are 
employed which require extremely large amounts of 
power. In FIG. 5 there is shown the earth’s surface 40 
with a well 41 extending downwardly thereinto until it 
penetrates hydrocarbon producing reservoir 42. Hydro- 
carbon reservoir 42 produces natural gas alone or in 
combination with crude oil. Hydrocarbons are pro- 
duced from reservoir 42 through well 41 and wellhead 
43 to a treating system 44 by way of pipe 45. In treater 
44, desirable liquids such as crude oil and gas conden- 
sates are separated and recovered by way of pipe 46 
while undesirable gases and liquids such as water, H2S, 
and the like are separated by way of pipe 47. Desirable 
gases such as carbon dioxide are separated by way of 
pipe 48, and the remaining natural gas stream is re- 
moved from treater 44 by way of pipe 49 for storage in 
conventional tankage means (not shown) for future use 
and/or use in an electrical generator such as a magneto- 
hydrodynamic, gas turbine, fuel cell or EGD generator 
50. Any desired number and combination of different 
types of electric generators can be employed in the 
practice of this invention. The natural gas is burned in 
generator 50 to produce substantial quantities of elec- 
tricity which is then stored and/or passed by way of 
wire 51 to a transmitter 52 which generates the electro- 
magnetic radiation to be used in the method of this 
invention. The electromagnetic radiation is then passed 
by way of wire 53 to antenna 54 which is located at or 
near the end of field line 11. Antenna 54 sends circularly 
polarized radiation wave 20 upwards along field line 11 
to carry out the various methods of this invention as 
described hereinabove. 

Of course, the fuel source need not be used in its 
naturally-occurring state but could first be converted to 
another second energy source form such as hydrogen, 
hydrazine and the like, and electricity then generated 
from said second energy source form. 

It can be seen from the foregoing that when desirable 
field line 11 intersects earth’s surface 40 at or near a 
large naturally-occurring hydrocarbon source 42, ex- 
ceedingly large amounts of power can be very effi- 
ciently produced and transmitted in the direction of 
field lines. This is particularly so when the fuel source is 
natural gas and magnetohydrodynamic generators are 
employed. Further, this can all be accomplished in a 
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relatively small physical area when there is the unique 
coincidence of fuel source 42 and desirable field line 11. 
Of course, only one set of equipment is shown in FIG. 
5 for sake of simplicity. For a large hydrocarbon reser- 
voir 42, a plurality of wells 41 can be employed to feed 
one or more storage means and/or treaters and as large 
a number of generators 55 as needed to power one or 
more transmitters 52 and one or more antennas 54, 
Since all of the apparatus 44 through 54 can be em- 
ployed and used essentially at the sight where naturally- 
occurring fuel source 42 is located, all the necessary 
electromagnetic radiation 20 is generated essentially at 
the same location as fuel source 42. This provides for a 
maximum amount of usable electromagnetic radiation 
20 since there are no significant storage or transporta- 
tion losses to be incurred. In other words, the apparatus 
is brought to the sight of the fuel source where desirable 
field line 11 intersects the earth’s surface 40 on or near 
the geographical location of fuel source 42, fuel source 
42 being at a desirable magnetic latitude for the practice 
of this invention, for example, Alaska. 

The generation of electricity by motion of a conduct- 
ing fluid through a magnetic field, i.e., magnetohydro- 
dynamics (MHD), provides a method of electric power 
generation without moving mechanical parts and when 
the conducting fluid is a plasma formed by combustion 
of a fuel such as natural gas, an idealized combination of 
apparatus is realized since the very clean-burning natu- 
ral gas forms the conducting plasma in an efficient man- 
ner and the thus formed plasma, when passed through a 
magnetic field, generates electricity in a very efficient 
manner. Thus, the use of fuel source 42 to generate a 
plasma by combustion thereof for the generation of 
electricity essentially at the site of occurrence of the 
fuel source is unique and idea] when high power levels 
are required and desirable field lines 11 intersect the 
earth’s surface 40 at or near the site of fuel source 42. A 
particular advantage for MHD generators is that they 
can be made to generate large amounts of power with a 
small volume, light weight device, For example, a 1000 
megawatt MHD generator can be construed using su- 
perconducting magnets to weigh roughly 42,000 
pounds and can be readily air lifted. 

. This invention has a phenomenal variety of possible 
ramifications and potential future developments. As 
alluded to earlier, missile or aircraft destruction, defiec- 
tion, or confusion could resuit, particularly when rela- 
tivistic particles are employed. Also, large regions of 
the atmosphere could be lifted to an unexpectedly high 
altitude so that missiles encounter unexpected and un- 
planned drag forces with resultant destruction or de- 
flection of same, Weather modification is possible by, 
for example, altering upper atmosphere wind patterns 
or altering solar absorption patterns by constructing 
one or more plumes of atmospheric particles which will 
act as a lens or focusing device. Also as alluded to ear- 
lier, molecular modifications of the atmosphere can take 
place so that positive environmental effects can be 
achieved. Besides actually changing the molecular com- 
position of an atmospheric region, a particular molecule 
or molecules can be chosen for increased presence. For 
example, ozone, nitrogen, etc. concentrations in the 
atmosphere could be artificially increased. Similarly, 
environmental enhancement could be achieved by caus- 
ing the breakup of various chemical entities such as 
carbon dioxide, carbon monoxide, nitrous oxides, and 
the like. Transportation of entities can also be realized 
when advantage is taken of the drag effects caused by 
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regions of the atmosphere moving up along diverging 
field lines. Smai] micron sized particles can be then 
transported, and, under certain circumstances and with 
the availability of sufficient energy, larger particles or 
objects could be similarly affected. Particles with de- 
sired characteristics such as tackiness, reflectivity, ab- 
sorptivity, etc., can be transported for specific purposes 
or effects, For example, a plume of tacky particles could 
be established to increase the drag on a missile or satel- 
lite passing therethrough. Even plumes of plasma hav- 
ing substantially less charged particle density than de- 
scribed above will produce drag effects on missiles 
which will affect a lightweight (dummy) missile im a 
manner substantially different than a heavy (live) mis- 
sile and this affect can be used to distinguish between 
the two types of missiles, A moving plume could also 
serve as a means for supplying a space station or for 
focusing vast amount of sunlight on selected portions of 
the earth. Surveys of global scope could also be realized 
because the earth’s natural magnetic field could be sig- 
nificantly altered in a controlled manner by plasma beta 
effects resulting in, for example, improved magnetotel- 
luric surveys. Electromagnetic pulse defenses are also 
possible. The earth’s magnetic field could be decreased 
or disrupted at appropriate altitudes to modify or elimi- 
nate the magnetic field in high Compton electron gener- 
ation (e.g., from high altitude nuclear bursts) regions. 
High intensity, well controlled electrical fields can be 
provided in selected Jocations for various purposes. For 
example, the plasma sheath surrounding a missile or 
satellite could be used as a trigger for activating such a 
high intensity field to destroy the missile or satellite. 
Further, irregularities can be created in the ionosphere 
which will interfere with the normal operation of vari- 
ous types of radar, e.g., synthetic aperture radar. The 
present invention can also be used to create artificial 
belts of trapped particles which in turn can be studied to 
determine the stability of such parties. Stil] further, 
plumes in accordance with the present invention can be 
formed to simulate and/or perform the same functions 
as performed by the detonation of a “heave” type nu- 
clear device without actually having to detonate such a 
device. Thus it can be seen that the ramifications are 
numerous, far-reaching, and exceedingly varied in use~ 
fulness. 

I claim: 

1. A method for altering at least one region normally 
existing above the earth’s surface with electromagnetic 
radiation using naturally-occurring and diverging mag- 
netic field lines of the earth comprising transmitting first 
electromagnetic radiation at a frequency between 20 
and 7200 kHz from the earth’s surface, said transmitting 
being conducted essentially at the outset of transmission 
substantially parallel to and along at least one of said 
field lines, adjusting the frequency of said first radiation 
to a value which will excite electron cyclotron reso- 
nance at an initial elevation at least 50 km above the 
earth’s surface, whereby in the region in which said 
electron cyclotron resonance takes place heating, fur- 
ther ionization, and movement of both charged and 
neutral particles is effected, said cyclotron resonance 
excitation of said region is continued until the electron 
concentration of said region reaches a value of at least 
106 per cubic centimeter and has an ion energy of at 
least 2 ev. 

2. The method of claim 1 including the step of provid- 
ing artificial particles in said at least one region which 
are excited by said electron cyclotron resonance. 
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3. The method of claim 2 wherein said artificial parti- 
cles are provided by injecting same into said at least one 
region from an orbiting satellite. 

4. The method of claim 1 wherein said threshold 
excitation of electron cyclotron resonance is about | 
watt per cubic centimeter and is sufficient to cause 
movement of a plasma region along said diverging mag- 
netic field lines to an altitude higher than the altitude at 
which said excitation was initiated. 

5. The method of claim 4 wherein said rising plasma 
region pulls with it a substantia! portion of neutral parti- 
cles of the atmosphere which exist in or near said 
plasma region. 

6. The method of claim 1 wherein there is provided at 
least one separate source of second electromagnetic 
radiation, said second radiation having at least one fre- 
quency different from said first radiation, impinging 
said at least one second radiation on said region while 
said region is undergoing electron cyclotron resonance 
excitation caused by said first radiation. 

4. The method of claim 6 wherein said second radia- 
tion has a frequency which is absorbed by said region. 

8. The method of claim 6 wherein said region is 
plasma in the ionosphere and said second radiation ex- 
cites plasma waves within said ionosphere. 

9. The method of claim 8 wherein said electron con- 
centration reaches a value of at least 10!? per cubic 
centimeter, 
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10, The method of claim 8 wherein said excitation of 
electron cyclotron resonance is initially carried out 
within the ionosphere and is continued for a time suffi- 
cient to allow said region to rise above said ionosphere. 

11. The method of claim t wherein said excitation of 
electron cyclotron resonance is carried out above about 
500 kilometers and for a time of from 0.]} to 1200 sec- 
onds such that multiple heating of said plasma region is 
achieved by means of stochastic heating in the magneto- 
sphere. 

12. The method of claim 1 wherein said first electro- 
magnetic radiation is right hand circularly polarized in 
the northern hemisphere and left hand circularly polar- 
ized in the southern hemisphere. 

13. The method of claim 1 wherein said electromag- 
netic radiation is generated at the site of a naturally- 
occurring hydrocarbon fuel source, said fuel source 
being located in at least one of northerly or southerly 
magnetic latitudes. 

14. The method of claim 13 wherein said fuel source 
is natural gas and electricity for generating said electro- 
magnetic radiation is obtained by burning said natural 
gas in at least one of magnetolrydrodynamic, gas tur- 
bine, fuel cell, and EGD electric generators located at 
the site where said natural gas naturally occurs in the 
earth. 

15. The method of claim 14 wherein said site of natu- 
ral gas is within the magnetic latitudes that encompass 
Alaska. 


x * *£ KK 


-Nov. 12, 1957 


L. R. CRUMP 2,813,242 
POWERING ELECTRICAL DEVICES WITH ENERGY 
APSTRACTED FROM THE ATMOSPHERE 


Filed March 12, 1954 






TRANSISTOR 
| AF POWER OSCILLATOR 







HIGH YOLTAGE —». 
LEVEL d-€ POWER 


LOW VOLTAGE 
LEVEL ¢-C POWER 


FiG.3 


INVENTOR 
Lloyd R. Crump 


wv MEM Lacteawr Gl Qeur 


ATTORNEYS 


United States Patent Office 


i 


2,813,242 


POWERING ELECTRICAL DEVICES WITH EN- 
i ABSTRACTED FROM THE ATMOS. 


Lloyd R. Crump, Silver Spring, Mad. 
Application March 12, 1954, Serial No, 415,986 
1 Claim. (Cl. 321—2) 
(Granted under Title 35, U.S. Code (1952), sec, 266) 


The invention described herein may be manufactured 
and used by or for the Government for governmental 
Purposes without payment to me of any royalty thereon. 

This invention relates to the convenient and economical 
Provision of power for the operation of electronic circuits 
and devices using transistors, and of other electrical de- 
vices having modest Power requirements, 

A great advantage of transistors, and a major reason 
for their enthusiastic reception since their introduction a 
few years ago, is the fact that they will operate satisfac. 
torily with very low supply voltages and currents. One 
milliwatt or even less is sufficient to power a transistor 
in many applications. Various batteries have been de- 
veloped to provide, in a minimum of space, the relatively 
minute amounts of power needed by transistors, 

My invention provides metkods and means that permit 
transistor circuits, and also other low-powered electrical 
devices, to be economically and conveniently operated 
without any batteries whatever, and indeed without any 
power supply whatever as power supplies are ordinarily 
conceived, ; 

The invention centers around my discovery that it is 
practicable to construct operative transistor circuits that 
are able to abstract from the atmosphere sufficient elec- 
tromagnetic energy to provide all necessary supply volt- 
ages and currents for their own operation. Circuits and 
devices powered according to my invention will operate 
indefinitely without any local power source whatever, 

I have successfully constructed and demonsirated such 
circuits, For example, I have constructed a batteryless 
transistor radio receiver on which I have listened to either 
nearby or distant broadcast stations as desired, using 
either headphones or a loudspeaker; this receiver has been 
powered entirely by electromagnetic energy abstracted 
from the atmosphere. 

From the successful Operation of this receiver, and 
from other experimental work, it becomes clear that, by 
the methods and means of the invention, a great variety 
of practical and useful transistor circuits can be powered 
entirely by energy abstracted from the atmesphere. 

Furthermore, as will become apparent below, my in- 
vention is applicable to the powering of other electrical 
devices requiring relatively small amounts of power. 

An object of the present invention is to provide meth- 
ods and means for powering transistor circuits entirely 
from radiofrequency energy abstracted from the atmos- 
phere, 

Another object is to provide methods and means for 
powering remote radio receivers, low-powered radio trans- 
mitters, and other low-powered electrical devices, with 
energy received by radio from a master station, so that 
no local power supplies are needed by the devices and so 
that the powering or non-powering of the remote device 
is under the control of the master station, 

A further object is to provide methods and means for 
powering transistor circuits and other low-powered elec- 
trical devices with radiofrequency energy received from 
one oF More remote radio transmitters, 
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Other objects, aspects, uses, and advantages of the in- 
vention will become apparent from the following descrip- 
tion and from the drawing, 

Figure 1 is a schematic diagram of a transistor radio 
receiver in which ali necessary power is supplied by en- 
ergy abstracted from the atmosphere in accordance with 
the invention, 

Figure 2 is a schematic 
Plication of the invention 
to a load, 

Figure 3 is a schematic diagram of a system for obtain- 
ing a high energy D.-C. source at a high voltage level 
using energy abstracted from the atmosphere, 

Referring to Figure 1, a receiving antenna £ is con- 
nected to antenna coupling coils 2 and 3, the other ends 
of which are connected to ground. A parallel resonant 
circuit consisting of coil 5 and capacitor 6 is coupled to 
coil 2. A second parallel resonant circuit consisting of 
coil 7 and capacitor 18 is coupled to coil 3. A third 
parallel resonant circuit consisting of coil 11 and capac- 
itor 12 is also coupled to coil 3. 

Coil 5 and capacitor 6 are tuned to the frequency of 
a radio transmitter from which it is desired to receive 
information—for instance, an amplitede-modulated stand- 
ard broadcast station. The signal received from this trans- 
mitter need not be strong. The signal is detected by diode 
15 to obtain an audio-frequency information signal. This 
audio signal is coupled through a capacitor 16 and is am- 
plified by a circuit that includes a transistor 17 having a 
base 20, an emitter 21, and a collector 22. The ainpli- 
fied audio output of the transistor is coupled through an 
audio transformer 23 to an electroacoustical transducer, 
preferably a permanent-magnet dynamic foudspeaker 25 
as shown, : 

The novelty of the invention lies largely in the method 
and means by which the necessary direct-current power 
is supplied to the emitter and collector circuits of transis- 
tor 17. This method and means will now be described. 

Coil 7 and capacitor 10, and also coil 14 and capacitor 
12, are tuned to receive radio signals of relatively high 
strength. It does not matter whether these signals con- 
tain information. These power signals are rectified by 
diodes 26 and 27 to provide direct-current power that is 
filtered by capacitors 30 and 31. The D.-C. power thus 
obtained is utilized to power the transistor 17, 

In the circuit shown, two tuned circuits {coil 7 and 
capacitor 16, and coil 11 and capacitor 22) are tuned to 
power signals and the D,-C. voltages obtained from each 
are connected in series, The tuned power circuits may 
be tuned to the same or different power signals. Under 
certain circumstances it may be desirable to use more 
than two tuned power circuits and to tame them to more 
than two power signals: in this way power can be obtained 
from several signals and combined. On the other hand, 
if a strong power signal is available, a single timed power 
circuit may suffice to give the needed D.-C, power. 

Even weak information signals can be received success- 
fully. A plurality of transistor amplifier stages can be 
used if desired, or other circuits such as superhetercdyne 
circuits can be used. It is merely necessary that a suffi- 
ciently strong power signal or signals be available to pro- 
vide the small amount of D.-C. needed to power the 
transistors, 

Tf the information signal happens to be strong, it can 
be used as the power signal; all of the tuned circuits (coil 
5 and capacitor 6, coil 7 and capacitor 10, coil 11 and 
capacitor 12) are tuned to the information signal. 

Engineers who have observed my invention in operation 
have been surprised at the unexpectedly good results ob- 
tained, even with readily available power signals of quite 
moderate strength. For instance, sufficient power for sat- 
isfactory operation of a loudspeaker at low volumes is 


diagram showing a general ap- 
to provide direct-current power 








readily obtained .from.a 5-kilowatt standard -broadcast 
station 5 miles away, using only an indoor antenna to pick 
up the power signal as wel! as information signals. In 
typical operation under.:these ‘conditions .a DC. -voltage 
of about 2.5 ‘to 3 ‘volts is obtained between :the emitter 
and the collector, at a current of -about.25@ microamperes; 
D.-C, power ‘input: to the:transistor:is -thus-of the order 
of 0,5 to 1 milliwatt. So‘far.as:‘I.am-aware, no one-has 
ever before discovered:and demonstrated :the:practicability 
of this method of powering a radio receiver. Ue ne 

Because existing broadcast stations within a radius of 
a number :of.-miles provide adequate. ‘power signals, ‘the 
invention is readily practicable with existing power ‘sig- 
nals in-almost any location in«or mear:any. city.:in “the 
United States. : 

Although I-have ‘described a transistor radio receiver 
powered by my invention, it will'be-readily ‘apparent that 
the invention ‘is applicable ‘to ‘the: powering ‘of any tran- 
sistor circuit using one or a numberof transistors, ‘and 
to the powering of other devices requiring relatively:small 
amounts of power. -For instance, sensitive electrome- 
chanical, electrochemical, or electrothermal: devices can 
be operated by the method .of the invention. 


Referring to Figure 2, which shows-a‘more’ general em- 


bodiment-of my iavention, an antenna 35 :picks up-radio- * 


frequency energy from ‘the :atmesphere. This energy 
flows through coil 36, which is coupled’ to a-tuned circuit 
consisting of coil 37 and capacitor 40. The radicfre- 
quency voltage across capaciter 49 is rectified by diode 
41 and filtered by a low-pass filter 46 consisting’cf capac- 
itors 42 and 44-and choke coil 43. The wesulting D.-C. 
voltage is applied toa load 45. 

In the practice of my invention, “larger amoniits of 
power can be obtained for short periods of time by stor- 
ing received energy in a suitable energy “storage device. 
Stored energy may then be withdrawn at intervals at a 
more rapid rate than that at which it was received and 
put into the storage device. In this way the invention car 
be used to provide short pulses of relatively very -high 


electrical energy. This result can be readily obtained by 


charging a relatively large capacitor with direct current 
and then discharging the capacitor rapidly into a load 
when desired. This rapid discharge can be initiated auto- 
matically when the voltage across the capacitor reaches 
a certain level, or it can be initiated when a transistor 
radio receiver receives a certain information signal. 

Higher voltages can be obtained with the invention by 
means of well known devices for raising D.-C. voltages 
as shown in Figure 3. The D.-C, voltage output from the 
capacitor 44 can be used to power a low frequency. tran- 
sistor oscillator 52 whose A.-C. output is-:raised to’a iigher 
voltage level by the transformer 55. This relatively high 
A.C, voltage can then be rectified by a diode 61 and fed 
to a capacitor 64 to provide a high energy D.-C. source 
at a relatively high voltage level ‘at the termisals:69 and 
70. If desired, energy can now be withdrawn from ‘the 
capacitor 64 at intervals in short pulses ‘of high energy 
at a high voltage level. Pulsed radio transmission is one 
of the possible uses for this form of the invention. Other 
uses would be to provide a single relatively powerful pulse 
needed to actuate an electrothermal or electromechanical 
device. 

As has been indicated above, in many locations..and 
particularly anywhere in or near most American cities, 
power signals normally present in the atmosphere are 
" Teadily available for the easy and convenient practice of 
the invention, However, the invention also has important 
applications in systems in which the necessary power sig- 
nal is generated and transmitted specifically for the opera- 
tion of the particular system. Such systems can, for ex- 
ample, comprise a master station transmitting. all the 
power that is needed for hundreds or thousands of fixed 
or mobile transistor receivers or other remote devices over 
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a range of many miles, This eliminates the need for 
hundreds or thousands, as the case may be, of local power 
supplies. At the same time, such a system has the advan- 
tage that all of the remote devices can be simultaneously 
activated or deactivated at the will of the master station, 
simply by starting or stopping the transmission of the 
power signal. In such systems it will often be advanta- 
geous to use power signals of frequencies sufficiently high 
to permit the use of resonant receiving antennas of small 
physical dimensions for signal. pickup at the remote de- 
vices. In addition to the power signal, the master station 
may transmit an information signal on the same or’a dif- 


. ferent carrier, 
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Certain types of devices powered entirely by received 
radio waves are of course well known. The well-known 
“crystal set” of the early days of radio, which used a diode 
rectifier to demodulate an amplitude-modulated radio- 
frequency signal, is an outstanding example of such a de- 
vice. My invention is readily distinguishable from such 
prior devices, however. In typical prior devices a modu- 
lated radiofrequency signal is applied to a diode to obtain 
unidirectional half-wave pulses whose amplitudes vary 
with modulation. These pulses are integrated by means 
of a capacitor to obtain a unidirectional signal the ampli- 
iude of which follows the audiofrequency modulation en- 
velope. If the radiofrequency signal is received with 
sufficient strength the audio signal may have sufficient 
power to operate headphones or similar utilization device 
without power amplification; but the signal is utilized for 
its information content, rather than to supply non-infor- 
mation-containing power, 

My invention, on the other hand, entails the utilization 
of received radiofrequency energy to supply power to at 
least one pair of circuit poinis (across capacitor 31 in 
Fig. 1, for example), such circuit points requiring power 
solely for its power content and not for any information 
or modulation it may contain, In other words, my inven- 
tion entails the utilization of radiofrequency energy to 
supply power that would otherwise have to be supplied 
by batteries, generator, or other local power source. 

It will be apparent that the embodiments shown are 
only exemplary and that various modifications can be 
made in construction and arrangement within the scope 
of the invention as defined in the appended claim. 

I claim: 

An electrical device for obtaining a high energy D.-C. 
source at a high voltage level using energy abstracted. 
from the atmosphere, said device comprising in combina- 
tion: resonant meas for receiving radio waves, first recti- 
fier means for converting said radio waves into first direct 
current energy, first capacitér means for storing said first 
direct current energy, an oscillator powered by said direct 
current energy, said oscillator producing an A.-C. output, 
transformer means for raising said A.~C. output to an in- 
creased voltage level, second rectifier means for convert- 
ing the A.-C. output of increased voltage level from said 
transformer into second direct current energy, and second 
capacitor means for storing said second direct current 
energy. 
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IMPROVED METHOD OF UTILIZING ATMOSPHERIC ELECTRICITY. 


Specification forming part of Letters Patent No. 28,793, dated June 19, 1860, 


Lo all whom it may concern: 
Be it kuown that I, Hiprotyre CHARLES 


VION, of Paris, in the Empire of France, engi- ) 
heer, have invented a. new Mode of Obiaining | 


Atmospheric Electricity and Terrestrial Elec. 
' tricity aud its Iudustrial Applications; and t 
do hereby declare that the following is a full, 
clear, and exact description of the same, refer- 
ence being had to the accompa nying drawings, 
making part of this specification, ia which— 


Piate 1 represents a front elevation ; Plate 2, | 


a side elevation of an aerostat, in combination 
with certain other devices for obtaining at- 
mospheric and terrestrial electricity; Plate 3, 
ra plan of the device for obtaining terrestrial 
lectrictty; Plate 4, detached portions of the 
apparatus. Plate 5 shows a front view, and 
Plate 6 a vertical section and various details 
of the apparatus when applied in mountainous 
eegrons) the use of an aerestat being dispenséd 
‘ith, 


The object of my invention is to form an 
electric pile of great power by using the posi- 
tive electricity contained in ‘the atmosphere, 
and the negative electricity coutained in the 
earth, so as to make the electricity therein con- 
tained available for industrial pu rposes, 

To enable others skilled in the art to make 
aud use my invention, I will proceed to de- 
scribe its construction and operation. 

A is aerostat of a tubular form closed at both 
ends, Itis made of suitable niaterial, so as to 
be impervious to air. Its dimensions are sach 
as to give it great ascensional power when 
filled with gas. 

a @ are valves in.the surface of the aerostat, 
to be opened when the inflation of the aerostat 
should become too great. 

A long india-rubber tube, I, communicates 
with the interior of the aerostat, bein g attached 
to the latter, near one end of its ends D, as seen 
in Plate 1, while the lower end of the tube I 
is attached to a gasometer, (not shown in the 
drawings.) The gasometer is to be fed with 
hydrogen gas, produced by the action of the 
pile itself, the negative wires of which (after- 
ward to be described) enter a body of water at 
or near the base of the apparatus and decom- 
pose the water so as to produce the hydrogen 
gas. As the acrostat is supposed to be at a 
considerable height the tabe I mast be of cor. 








responding length, and isconsiructed of a num- 
ber of tubes, short wooden tubes I’ being in- 
serted where the trbes I are joined, and a fast- 
ening-ring, 1”, being slipped over cach of the 
joints, as seen in Fig. 3of Plate 4. At certain 
distances the tube Lis fastened to the net-work 
of the positive wires (afterward to be described) 
in order to secnre the tube against the action 
of the wiud, and at cach of these fastening- 
places a washer, 1”, is inserted in the tube in 
orter that the tube shall not be compressed by 
the wire or other means employed to fasten it 
to the net-work of positive wires, (See Fig. 4, 
Plate 4.) 

The aerostat is surrounded with a net-work 
of wires, one layer of the wires, C, being par- ° 
allel with the axis of the aerostat and fastened 
to rings Dat both ends of the aerostat, and 
the other layer of wires, B, extending partially 
around the aerostat at right angles tothe wires 
C. One end of cach of the wires B extends 
around an iron tube, E, some distance below 
the aerostat and meets the other end of it be- 
tween the tube E and the aerostat. The two 
ends are fastened together by a ligature, B’ 
(See Fig. 1, Plated.) Each end of the tube E 
terminates into a ball,e. The wires B are fast- 
ened to the surface of the tabe E by means of 
a helical wire, F, wound around the tube and 
across the wires B, as seen in Fig. 1, Plate 4. 
The upper ends of long vertical wires G are 
also wound around cylinder E, each wire G be- 
tween two of the wires B, and the ends se- 
cured by a ligature, G’, as seen in Fig. 1, Plate 
4. The helical wire F is also wound across 
the wires G, so as to keep them in their places 
on tube E, . 

The vertical wires G, which are ‘to be the 


| conductors of the positive electricity of the 


atmosphere, must be of a length proportionate 
to the desired efficacy of the electric pile, and 
the size and ascensioual power of the aerostat 
must, of course, be adequate to sustain the 
weight of and keep suspended the wires G, (2 
weight still further increased by the horizon- 
tal cross-wires H, with whieh the vertical wires 
G are interlaced, in order to form a net-work 
not liable to be deranged by the action of the 
winds or similar influences.) The two outside 
wires, G, are stronger than the rest of them, 
and their lower ends are fastened to dyna- 


—— 
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mometers of any suitable construction. These 
dynamometers are attached to the ends or a 
massive iron cylinder, J, and they serve to in- 
dicate the tension in the outside wires, G, and 
the corresponding ascensional power of the 


. aerostat. According to the reading:of these 


dynamometers the aerostat has to be supplied 
Carouge tube I) with more or Jess gas. The 
ower end of each of the wires G is wound 
around the cylinder J, and secured by liga- 
tures similar to those ab ve described. The 
wires G are all insulated (by acoating of gutta- 
percha or similar substance,) except where 
they are in contact with tube E and with cy!- 
inder J, and a similar insulating coating is 
laid on eylinder J, after the lower ends of the 
wires G have been fastened to it. 

Another cylinder, K, similar to J, is placed 
at some distance from and parallel to cylinder 
J. Itis connected with cylinder J by wires 
L, wound around both cylinders aud interlaced 
with cross-wires M. The wire-work L M and 
cylinders are insulated (in a manuver already 
described) against outside influences, so that 
the only electric communication between the 
twocylinders will be through the wiresL. -The 
two cylinders are placed upon insulated col- 
umns P, The cylinder K may be used as a 
substitute for cylinder J, aud vice versa, 
whenever repairs becomenecessary. Insulated 
branch wire or wires are attached to the cyl- 
inders J K and wires L, so as to conduct the 
positive electricity obtained from the atmos- 
phere by means of the above-described appa- 
tatits to wherever it is desired for industrial 
purposes. The insulated wires Q (interlaced 
with cross-wires R) are placed on the ground 
underneath and parallel to the positive wires 
L. Both ends of each of the wires Q are sunk 
into the earth or submerged in water, and fast- 
ened toa metallic plate coated with a metal 
not subject to oxidation. These wires Q are 
the conductors for the uegative electricity of 
the earth, and a branch wire or wires attached 
to the wires Q serve to transmit the negative 
terrestrial electricity to wherever it is wanted 
for industrial or other purposes. aa 

By uniting to the endsof the positive and the 
negative branch wire or wires a powerful elec- 
trie current will be obtained, one pole of which 
is the atmosphere and the other the earth, and 


may be applied to-any suitable useful purpose. 


I will now proceed to deseribe the morlifiea- 
tion of the above-described apparatus when to 
be applied in mountainous countries. 

P represents the positive electric copper or 
other metal wires coated over with an insulat- 
ing substance. . The upper ends of each of the 


positive wires is soldered to a prompter, O, at 
P’, Figs. 1, 5, and 6, Plate 6. The lower por- 


| tion of each of the positive-wires is secured to 


an insulator, T, Fig. 2, Sheet 6. The positive 
wires are held abore the ground by joints A, 
Figs. 3 and 4, Sheet 6, projecting from thesoil 
at suitable distances from each other. The 
wires P are intended to follow the inequalities 
of the ground on which they are laid. 

The prompters O, Figs. 5 and 6, Sheet 6, are 
irou rods sharpened to a point and silvered or 
coppered at their upperends. The lower part 
of the prompter is fastened into a pole, 8, coy- 


ered with tar, which isolates the prompterand 


holds it in a firm position. A large metallic 
plate may be soldered to each prompter, as 
shown in Fig. 6. The positive wires may be 
soldered to the rod of each prompter or to the 
plate which is fastened thereto. 

One or more branch. lines, I, are soldered ap 
to the positive wires to transmit the positive 
atmospheric electricity for which the wires P 
are the conductors to any desirable point. 

N are negative iron or other metal conduc. 
tors coated with an insulating substance. The 
upper ends of these wires rest on the ground 
near the positive insulators. The lower ends 
of these wires are soldered to a metallic plate 
or plates, V, Fig.7, Plate 6, coated with ametal 
not subject te oxidation. The aegative wires 
are sunk into the ground at very great depth 
or into wells, rivers, or intuthe sea. Theneg- 
ative electric branch wires are attached to the 
negative conductors N in the same manner as 


‘the positive branch wires are to the positive con- 


ductors. The branch wires and the solderivg 
are coated over with aa insulating substance. 
They are intended to carry the negative ter- 
restial eleetricity to any desired point. 

WhiatI claim as my invention, and desire to 
secure by Letters Patent, is— 

1. The peculiar arrangement of means here- 
in specified, whereby I am enabled to use the 
positive electricity contained in the atmosphere 
and the negative electricity contained in the 
earth, and thus form au electric pile of consid- 
erable powerand make the electricity therein 
contained available for industrial purposes, as 
set forth. 

2. The combination of an acrostat and ver- 
tical wire-work with a tube, I, for admitting 
gas into the aerostat, in the manner and for 
the purposes above set forth. 


CHARLES VION. 
Wituesses: 


Harry W. SPENCER, 
A. Guion, Jr. 
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Lo all whom it.may concern: — 

Be it known that I, Waurer I. Pennock, 
a citizen of the United States, residing at 
Philadelphia, in the county of Philadelphia 
and State of Pennsylvania, have invented 
certain new and: useful Improvements in 
-\pparatus for Collecting Atmospheric Elec- 
tricity, of which the following is a speci- 
fication, 

My invention relates to a method of col- 
lecting electricity from a strata laden with 
electricity at high altitudes in the atmos- 
phere, through the mediwn of a wire cable 
suspended from one or more balloons and 
in conveying this electricity to the earth’s 
surface, 

The object. of my invention is to provide 
a conveyance of the electra motive force to 
be found in the upper strata of the atmos- 
phere to the earth’s surface; where it may 
be utilized for commercial and other pur- 
poses, 

A further object of my invention is to 
provide a device or mechanism by which a 
suitable collector for the electrical ehergy 
in the upper strata of the earth’s atmos- 
phere may be elevated in the said strata 
and by which the said electric energy ma 
be transmitted to and collected at the earth's 
surface, from which point it may be con- 
ducted to any place’ where it is desired to 
use the same. 

A further object of my invention is to 
support and anchor said device in any de- 
sired position, 

further object of my invention is to 
provide an improved form of collector 
through which the energy of the said upper 
strata of the earth’s atmosphere may be col- 
lected and transmitted for various purposes 
to the earth’s surface. 

Other objects of my invention will appear 
in the specification and claims below. 

For a further full, clear and complete dis- 
closure of my invention, reference may be 
had to the following description and accom- 
panying drawings, in which like reference 
characters refer to corres onding parts, 

Figure 1 is an elevational view of one 
form or embodiment of my invention and 
Fig. 2 is a detailed view of one form of my. 
mepeovel, collector. ‘ 

€ passage of the electrical current to 
er ordinary conditions is pre- 


vented by an 


dense lower strata of the atmosphere, which | a 
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‘vided a conductor for 
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| is a bad conductor of electricity, as shown 


by the electrodes of an ordinary static ma- 
chine. When the electrodes are placed 
close together, the atmosphere is seen to 
carry the current across from one electrode 
to another, but if placed far apart the cur: 
rent is obstructed by the intervening air. 
The dense lower strata of the atmosphere 
affords one of the best non-conductors of 
electricity, as shown in the conduction of 
the electric current by telegraph, or trolley 


wires on the earth’s surface, where only a 


small quantity of the electric current escapes 
through the atmosphere; while rarefied at- 
mosphere affords a good conducting media, 
as Now by the vacuum tube. The upper 
strata of the atmosphere being rare 
portion to the altitude, and egg a good 
conductor of electricity: while the lower 
strata of the atmosphere being dense and 
affording a non-conducting media for. the 
electric current, thus: causes an obstruction 
to the electric current, or power in its pas- 
sage to the earth’s surface from the electric 
strata of the atmosphere under ordinary 
conditions, When, hovcier the cumulus 
clouds of a thunder storm pass over the sur- 
face of the earth, these clouds being of very 
great height, the moisture in said clouds 
forms a better conductor of electricity than 
does the dry air, with the result that the 
electricity in the upper strata of the atmos- 
phere breaks through the said cloud as a 
streak of lightning and in that form reaches 
even to the earth’s surface, while the thin 
or shallow strata of clouds, observed in the 
so-called “settled rain” storm, do not ex- 
tend upward to 4 sufficient height to form a 
conducting medium for the electricity from 
the electric strata to the earth’s surface. 
For this reason there is usually no light- 
ning during the said latter variety of rain 
storm. 

By means of my invention, I have pro- 
vided a mechanism for collecting the elec- 
trical energy or power created by nature 
and stored in the upper strata of rarefied 
air of the earth’s atmosphere and have pro- 
said electric energy 


in pro- 


to the earth’s surface. 

Referring now to the drawings 1 indi- 
cates what may be called the lower limits 
or boundaries of the strata of electric en- 


ergy above the surface 2 of the earth. 
obstruction afforded by’ the | 


8 indicates a balloon which is elevated to 
high altitude until it enters the said stra- 


160 


110 
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tum. ‘The said balloon 8 carries a bar 4 of | 


wood or any other suitable non-conducting 
material suspended by insulating links 5 or 
any other suitable form of insulation from 
the balloon 3. Upon either end of the said 
bar 4 1 mount collectors, one form of which 
I have illustrated as spheres ‘of coiled wire 
- §—6’ the outer ends 7 of which terminate 
in sharp points. The inner turns of the said 
spheres 6 and 6’ are wrapped around the 
wooden bar 4 and united as at 8 to a con- 
ductor of electric energy, preferably a large 
copper wire 9. This wire or conductor 9 
: extends to the earth’s surface and may have 
15 its end suitably attached to an electric ac- 
-“” eumulator or other piece of electrical appa- 
ratus. I have illustrated one form of my 
jnvention in which the conductor 9 is con- 
nected to one pole of a storage battery 10 

99 on the earth’s surface. 

The spiral spheres 6, 6’ are preferably 
provided with a polished metallic surface 
to form a good conductor of electricity and 
the material of said spheres should also be 

e5 of such a character that it will not rust or 

corrode or tarnish. A polished copper wire 

or a copper wire plated with platinum or 

gold or a solid platinum or gold wire may 

e used for this purpose, inasmuch as these 

30 materials are least affected by moisture and 

the atmosphere. The said spheres or col- 

lectors may be made of smooth wire as 

shown in the sphere designated by the nu- 

imeral 6 or of barbed wire, as is shown at 6’ 

and illustrated on a larger scale in Fig. 2 of 

the drawings. The latter form is prefer- 

able inasmuch as it provides a large number 

. of points through which the electricity may 

flow to the wire from the surrounding air 

40 in the said upper strata of the earth’s at- 
aS 


" 


> 


i 


3 


co 


osphere. 
In order that the ‘supporting .balloon 3 
‘may be held in a relatively fixed position, it 
should be suitably anchored to the earth’s 
surface. Inasmuch as the balloon 3 must 
be elevated to a very high position, the 
weight of the anchoring cables forms an 
important consideration, and if desired or 
necessary one or more supplemental bal- 
50 loons 11, 11, 11 may be attached to each of 
the anchoring cables 12, 12, 12 as illustrated 
in Fig. 1, to relieve the balloon 3 of such 
_ weight as would prevent it from ascending 
into the said electrical strata. In order that 


4 


a 


55 the electricity from the said upper strata _ 


of the earth’s atmosphere may not be con- 
‘ducted down the anchoring cables 12, 12, 12, 
TI attach them to the supporting balloon 3 
and to the sipolemental balloons 11 and to 
co the earth’s surface through suitable insu- 
lating devices 14. 
In the form of my invention ‘illustrated 
in Fig. 1, below the bar 4, I suspend a rin 
13 of any suitable material from the bal- 
-¢§ loon 3, and attach the anchoring cables 12 











thereto by means of insulating rings 14, 14, 
14. I may also provide additional insulat- 
ing rings 14 between that portion of the 
anchoring cables 12 between the balloon 3 
and the supplemental balloons 11, and also 70 
between that part of the cable 12 between 
the supplemental balloons 12 and the earth’s ° 
surface. I may also provide, near the earth’s 
surface and at the lower end of the anchor- 
ing cables 12, similar insulating links 14. 95 
While I have described links as forming & 
convenient form of insulating device for 
the purposes above set forth, 1 do not wish 

to be construed as being limited to the same, 
inasmuch as any sjlitable non-conducting g0 
connection, may be used in place of the 
links 14. 7 ; 
‘The terminals 15, 15 of the storage bat- 
tery 10 may be connecied to any Saas of. 
electric apparatus which it is desired to run 5 
or operate and if desirable one of the poles 

of the battery is adapted to be connected by 
the switch 16 with the earth’s surface. The 
lower ends of the anchoring cables 12 are 
securely anchored to the earth’s surface aS 90 
at 17. : 

With the apparatus arranged and con- 
nected in the manner illustrated in Fig. 1, 
the electric energy in the high strata of the 
earth’s atmosphere passes to and through 95 
the conductive spiral spheres 6 or 6’ to the 
conductor 9 ane is suitably stored or used 
at the earth’s surface, while the balloons 11 
support a part of the weight of the anchor- 
ing cables 12, and permit, the balloon 8 to 1090 
ascend as high as is possible, or necessary 
for it to enter the said electrical strata. of 
the earth’s atmosphere. By: arranging the 
anchorage 17 of the cables 12 symmetrically, 
or in any other position than in a straight 1095 
line, the balloon 8 may be held in a sub- 
stantially fixed position with relation to the 
earth, ; 

While I have illustrated in the drawings 


form of apparatus in which my invention. 
may be carried out, it is obvious that the 
drawings are more or less diagrammatic 
drawings, that is to say, that the propor- 
tions 0 
sarily those which would operate to the best 
advantage, inasmuch as -certain ortions . 
have been shown as greatly enlarged in the 
drawings for the sake of clearness, and that 


it is likely that more than one supplemental 120 


balloon would be réquird for each cable in 
order to support the weight of the same, 
and to relieve the supporting balloon 3 of 
such weight, as would prevent it from as- - 


cending into the high electrical strata of the 125 


earth’s atmosphere, but such changes in 
form, proportion and arrangement I regard 
as being fully within the aim and scope of 
my invention, so long as such formsor modi- 
fications fall within the scope of the append- 130 


and have described in the specification @ i409 


the various parts are not neces- 115 
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ed claims. It is also to be understood that 
the storage battery or accumulator which I 
have shown. as being connected to my col- 
lector, is only a type of apparatus which can 
be operated by the current collected by the 
spheres 6, 6’ and transmitted to the earth 
through the wire 9, and when I use the 
word “accumulator”, I mean any piece of 
useful apparatus which is operated by the 
current transmitted thereto through the 
wire or conductor 9. 

Having thus described my invention, what 
J claim and desire to protect by Letters Pat- 
ent of the United States is: 

1. The combination with an electrical col- 
lector comprising a bar of non-conducting 
material, and an open spherical conductor 
carried by said bar, of means to support 
said collector in the high electrical strata of 
the earth’s atmosphere. ; 

2. The combination with a balloon, of an 
electrical collector supported thereby and 
insulated therefrom, comprising a bar of 
non-conducting material, and a conductor 
wound spirally around said bar. 

8. The combination with an elecirical col- 
lector comprising a non-conducting bar, and 
a conductive wire wound thereon to form 
a open substantially spherical body, and 
means to support said collector in the high 
electrical strata of the earth’s atmosphere. 

4. The combination with a balloon, of an 
electrical collector carried thereby and com- 
prising a non-conducting bar, and a polished 
wire wound spirally thereon to form an 
open substantially spherical body. aoe 

5. The combination with an electrical col- 
lector comprising a non-conducting bar, and 
@ wire wound spirally thereon to form an 


open substantially spherical body, said wire 


being provided with pointed conductin 
projections, and means to support said col- 
lector in the high electrical strata of the 
earth’s atmosphere. 

6. The combination with a balloon, of an 
electrical collector carried thereby compris- 
ing a non-conducting bar, and a conducting 
wire wound spirally thereon to form open 
substantially spherical bodies upon the op- 
posite ends thereof. 


a 


45 


50 


7. The combination with a balloon, of an . 


electrical collector carried thereby compris- 
ing a non-conducting bar, a conducting wire 
wound spirally thereon to form open sub- 
stantially spherical bodies upon the opposite 


ends thereof, an electrical accumulator, and’ 


an electrical connection between the said col- 
lector and said accumulator. 

8. The combination with a balloon, and 
means to anchor said balloon, of an electrical 
collector supported by said balloon and in- 
sulated iheaeiconn an electrical accumulator, 
and a conductor connecting said collector 
and said accumulator. 


9. The combination of an electrical: col-. 


lector, means to support said collector at a 
high elevation from the earth’s surface and 
within the electrical strata of the earth’s at- 
mosphere, an electrical accumulator at the 
sarthis surface, an electrical connection be- 
tween said collector and said accumulator, 
and means to insulate said supporting means 
from said collector and from the earth. 

In testimony whereof, I have hereunto set 
my hand this 25th day of June, 1907. 


WALTER I. PENNOCK. 


Witnesses: 
Hoven: F, Quinn, 
Wa. G. Grenn. 


70 





W. I. PENNOCK. 
APPARATUS FOR COLLECTING ELECTRICAL ENERGY. 
; : APPLICATION FILED JAN, 4, 1911. 
1,014,719, | Patented Jan. 16, 1912. 


2 SEEETS—SHEET 1. 









» 
Z 


EZ. Wy a ZG 
(a 4 










INVENTOR. 


Walter [ Ferinock. 
/ Clee / 


ATTORNEY 


W. I. PENNOGK. 
APPARATUS FOR COLLECTING ELECTRICAL ENERGY. 
APPLIGATION FILED JaN. 4, 1912. 


1,014,719. | Patented Jan, 16, 1912, 


2 SHEETS—SHEET 2. 


Mreexeenescs ort STAIN Ss DOORS. 6% 
RO OOROD XXX ZZ Dy Lie SECS cm Kx 
Wo eshse state Ceeeereetedesearsnirsrece:0 00-0, ererensen ereenieniilellelets 


oe, 
ahees 
KOOX 








Oo Watters Bee 
oe 
we Se Lateed Hees CABAL: OS ye ce ; | ATTORNEY 


/ on 


10 


- More particularly to t 


16 


20. 


25 


30 


present invention consists in further ad-: 
-vantages which are brought out in the fol- 
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Application filed January 4, 1911. Serial No. 600,777. 


To ail whom it may concern: 
Be it known that I, Wavrer I. Penwocs, 
a~citizen of. the United States, residing at 
Philadelphia, county of Philadelphia, and 
State of Pennsylvania, have invented cer- 
tain new and useful gs pes ates Appa- 
ratus for Collecting Electrical Energy, of 
which the following is a full, clear, and ex- 
act disclosure. 
. The present invention relates to an im- 


proved means for collecting the charges of | 


electricity from the appa atmosphere and 
at form which con- 
sists in one or more captive balloons from 
which is suspended a suitable form of me- 
tallic conductor. é 4 
The principal objects of the device are: to 
provide a collector for atmospheric and 
static electricity, which when in operative 
position will present a large surface to cur- 
rents of air, but which will offer compara- 
tively little resistance thereto, to provide a 
collector of such material and construction 
as will be more efficient in its operation than 
any previously constructed for a similar 
purpose, to provide a means for maintain- 
ing such a collector suspended in the air and 
at right angles to opposing currents thereof, 
and to provide a suitable anchorage for 
melding said means captive. ° 
With these principal objects in. view, the 


lowing specification and accompanying 
drawings, in both of which like numerals 
refer to like paris, and in which drawings— 

Figure 1 is a perspective view of the com- 


. plete device in operative position, Fig, 2 is 


40 


45 


an enlarged detail view of the wire mesh 
and the manner in which it is attached to 
the supporting balloons, Fig. 3 is a detail 
of the manner of securing the collector- 
supporting and anchor cables to the bal- 
loons, Fig. 4 is an enlarged cross section of 


_the swivel connection shown in Fig. 3, Fig. 
5 is top plan view of the reinforcing braces 


on the screen, Fig. 6 is an elevation of the 


- same and Fig. 7 is an end view of the struc- 


50 


ture shown in Figs. 5and6. =! 
Referring to-the drawings, in Fig. there- 


mo 


able swivel 5, by which the anchor ropes 6 





of, a plurality of balloons 1 of any suitable 
type 1s shown, each of which embodies hol- 
low metallic elongated gas tanks 2, extend- 
ing from the rear of which are single, 
rigidly affixed rudders 3, while on the sides 
the tanks are sectired stationary lifting 
planes 4. . 
To the bottom and slightly to the rear of 
the center of the tanks 2 is secured a suit- 


and the suspension ropes 7 for the metallic 
conductor 8 are secured to the balloons t. 
A suitable form of swivel joint is illustrated 


‘in Figs. 3 and 4, but any type can be- used 


that embodies the essential 
therein. eee: : 

The swivel joint illustrated consists in the 
base plate 9 having a looped portion 10 in- 
tegral therewith and_ projecting from -the 
upper face thereof. Secured to the loop 10 
is a set of three light electrically conductive 


eatures shown 


55 
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supporting ropes or cables 11 which extend . 


upwardly and are secured at intervals to the 
bottom 12 of the balloon above. 

The lower or revoluble member 19 of the 
swivel joint preferably comprises three up- 
wardly directed curved arms, 20, 21, and 22, 
respectively, forming at their junction a T- 
shape as shown, said arms at their upper ex- 
tremities being integral with the plate 23. 


75 


The member 19 is revoluble below and con. - 


centric with the Pe 9, and the two mem- 
bers are lightened in weight by opposed con- 
centric grooves as shown at 24. Contact be- 
tween said members is made through the 
roller bearings 25, which are carried in the 


‘opposed concentric grooves 26 and 27 of the 


respective upper and lower plates. Further- 
more, said plates are maintained in codpera- 
tive relation with each other by means of a 
bolt 28 passing through centrally drilled 
holes 29 and 30 in the respective Jower and 
upper plates, the drilled hole 30 opening up- 
wardly into an enlarged recess 31, in which 
1s sunken the nut 32 on the bolt 28. Two of 
the arms 20 and 22 of the lower revoluble 


member 19 extend in diametrical alinement, | 


while from the central point thereof extends 
the third arm 21 at-right angles thereto, and 
upward to the plate-23.. 


100 


-arms 20 an 


Suspended below the plurality of balloons 
is a hollow rod 35, of any suitable material, 
connected at regular intervals such as at 
points 36, by metallic ropes 7, to the alined 
d 22 of the swivel joint 5, Be- 
low and parallel to the rod 35 is a similar 


_ but stnaller rod 388 suspended therefrom by 


means of suitable couplings 39. From the 


- yod 88 hangs a wire mesh 40 of any suitable 
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- into the 


large collector, since no parts 


_apparatus as a whole and will be conducted 


bedded in the anchorage 49. 
When the balloons with the metallic 
screen suspended therefrom are allowed to 
rise into one of the mgher altitudes, the 
entire apparatus being of metallic construc- 
tion and uninsulated will become energized 
by contact with the surrounding natural 
charges of electricity. From the above de- 


‘seription it is evident then that, while the | 


screen 8, on account of its great extent, will 


be the greatest collecting agent, it will be. 


seen that the balloons themselves ‘and the 
suspending wires will also codperate as one 
‘of which are 
insulated from any of the neighboring parts 
thereof. Consequently, when the apparatus 
described has reached an altitude or strata 
of the atmosphere abounding in _ static 


~ charges of electricity, an amount of the said 
. charges pro 


ortionate to the surface area 
of the metal exposed will colléct. upon the 


downwardly toward the earth by means of 


the various anchor ropes 6, but will not pass 


| other, and furthermore, from the manner 
‘| in which the device is held captive and-the 


| pose of the swivel joint shown in Figs. 3 


when any rapid shifting of the air currents 


-thermore, that although not illustrated, any 
suc: 


‘ment of the invention has been described, 


are of such structure as fall w 





prising 


4 ound on account of the interposi-. 
' tion of the,insulators 45... - 





| erative to maintain sai 
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-To use the electrical charges thus ac-_ 
quired, a plurality of Leyden jars 50, or 
other suitable collectors are supported above. 
the surface of the earth and insulated there- | 
from by any suitable means as represented 
by the blocks 51. Either the inner or outer 
conducting surfaces of the jars may be con- % 
nected together and energized by the accu- 
mulated charge. In the present instance, . 


the inner surfaces of the accumulators are 


shown to be connected, and the. connecting 
means 52 is in turn connected to the ropes 6.75. 
by means of wires 53. These wires are se-_ 
cured to the repes mentioned by means of 
suitable binding posts 54 

In the device described the anchor ropes 6 
are of substantially the same length, and § 
when the apparatus is raised to the desired 
altitude and is being blown by the currents 
of air, the balloons are turned by means of 
the vanes 3 to parallel relation with each 


collecting net 40 is suspended from the bal- 
loons, it is obvious that said net will at all 
times readily swing into a plane substan- 
tially perpendicular to any current of air § 
acting upon the balloons above. The pur-- 


and 4 is principally for allowing the bal- 
loons to readily aline themselves with any 
new direction of the wind before the ap- 
paratus, including the suspended screen, can 
swing about the swivel 48, and said joint 
will also prevent the twisting of the ropes 7, 


mT Ne ay -100 
ile applicant has shown’a set. of Ley- 
den jars as the accumulators in. the accom- 
panying drawings, it is obvious that any 
other suitable form may be used, and fur- 


suitable apparatus may be run thereby, 
as for instance, wireless telegraphic - in- 
struments, gress Ps 
Furthermore, although but one embodi- 
1u 
it is to be understood that various modi-. 
fications may be mode eer: and in fact 
several are contemplated by. applicant. that 
within the 
scope of the appended claim, 
Having thus described my invention, what . 
I claim and desite to protect by Letters Pat- 
ent of the United States, is: a ge 
: A collestar eet fps of electricity, com. 
2, plur: of su means, & 
metallic Pe reg eg Sen liein a 
plane and. substantially equidistant from: 
each of said supporting means, anchoring 
means emanating from a common point to 
each of said supporting means, means op- 12 
| supporting means 


10 


> pl 0:14/1:51 
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in their normal positions, and means be-| my hand this 28 day of December, A. D. 
- tween each of said supporting means and | 1910. 
said gauze to permit each of said support-| . 


ing means to readily. and independently WALTER I. PENNOCK. 


-. § aline itself to accord with any alteration in} - Witnesses: 


the direction.of opposing air currents. Mnprep S. Terre, 
In. witness: whereof I have. hereunto set |. E. Evernia Pennoor. 
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To all whom it may concern: 

Be it known that I, Nusota Testa, a citi- 
zen of the United States, residing in the 
borough of Manhattan, in the city, county, 
and State of New York, have invented cer- 
tain new and useful Improvements in Appa- 
ratus- for Transmitting Electrical Energy, 
of which the following is a specification, ref- 


erence being had to the drawing accom-— 


panying and forming a part of the same. 
In endeavoring to adapt currents or dis- 
charges of very high tension to various valu- 
able uses, as the distribution of energy 
through wires from central plants to distant 
places of consumption, or the transmission 


of powerful disturbances to great distances, . 
through the natura] or non-artificial media, - 


I have encountered difficulties in confining 
considerable amounts of electricity to- the 
conductors and preventing its leakage over 
their supports, or its escape into the ambient 
air, which always takes place when the elec- 
tric surface density reaches a certain value. 

The intensity of the effect of a transmit- 
ting circuit with a free or elevated termina! 
is proportionate to the quantity of electric- 


ity’ displaced, which is determined by the. 
product of the capacity of the circuit, the — 


pressure, and the frequency of the currents 
employed. To produce an electrical move- 
ment of the required magnitude it is de- 
sirable to charge the terminal as highly as 
possible, for while a great quantity of elec- 
tricity may also be displaced by a large 
capacity charged to low pressure, there are 
disadvantages met with in many cases when 
the former is made too large. ‘The chief of 
these are due to the fact that an increase of 
the capacity entails a lowering of the fre- 


queicy of the impulses or discharges and a- 


iminution of the energy of vibration. This 
will be understood when it is borne in mind, 
that a circuit with a large capacity behaves 
as a slackspring, whereas one with a small 
capacity acts like a stiff spring, vibrating 
more vigorously... Therefore, in order to 
attain the highest possible frequency, which 
for certain purposes is advantageous and, 
apart from that, to develop the greatest 
energy in such a transmitting circuit, I em- 
ploy a terminal of relatively small capacity, 


which I charge to as high a pressure as prac- 
ave | 


ticable. To accomplish this result I 
found it imperative to so construct the ele- 
vated conductor, that its outer surface, on 


which the electrical charge chiefly accumu- 
lates, has itself a large radius of curvature, 


or is composed of separate elements which, . 


irrespective of their own radius of curva- 


ture, are arranged in close proximity to each . 


other and so, that the outside ideal surface 
enveloping them is of a large radius. Evi- 
dently, the smaller the radius of curvature 
the greater, for a given electric displace- 
ment, will be the surface-density and, con- 


sequently, the lower the limiting pressure to - 


which the terminal may be charged without 
electricity escaping into the air. Such a 
terminal I secure to an insulating support 
entering more or less into its interior, and I 


likewise connect the circuit to it inside or, | 


generally, at points where the eleetrie den: 
sity issmall. This plan of constructing and 
stipporting a highly charged conductor I 
have found to be of great practical impor- 


tance, and it may be usefully appliedin many 


ways. 

Referring to the accompanying drawing, 
the figure is a view in elevation and part 
section of an improved free terminal and 
circuit of large surface with supporting 
structure and generating apparatus. | 

The terminal D ‘consists of a suitably 
shaped metallic frame, in this case a ring of 
nearly circular cross section, which. is cov- 
ered with half spherical metal plates P P, 
thus constituting a very large conducting 
surface, smooth on all places where the elec- 
tric charge principally accumulates. .The 
frame is carried by a strong platform ex- 


‘pressly provided for safety appliances, in- 


struments, of observation, etc., which in turn 


rests on insulating supports F F. These 


should 
formed 
density at the points where théy are bolted 
to the frame is still considerable, they- may 


penetrate far into the hollow space 
y 


be epoaly protected by conducting hoods 
as 


‘A part of the improvements which form 


the subject of this specification, the trans- 
mitting circuit, in its general features, is 
identical with that described and claimed in 
my original Patents Nos. 645,576 and 649,621. 
The cireuit comprises a coil A which is in 
close inductive relation. with a primary ©, 
and .one end of which is connected to a 
ground-plate E, while its other end is led 
through a separate self-induction coil B and 
a metallic: cylinder B’ to. the terminal 


the terminal, and-if the electric 


75 
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D. 345 


¢ 


_ The connection to the latter should always 


be made at, or near the center, in order to 


_ geenre a symmetrical distribution of the cur- 


in 


10 
-" being that the resonant condition is estab- 


15 
20 


25 


rent. as otherwise, when the frequency is 
very high and the flow of large volume, the 
performance of the apparatus might be im- 
paired. The primary C may be excited in 
any desired manner, from a suitable source 
of currents G, which may be an alternator 
or condenser, the important ‘requirement 


lished, that is to say, that the terminal D is 
charged to the maximum pressure developed 
in the circuit, as.I have specified in my 
original patents before referred to. The ad- 
justments should be made with particular 
care when the transmitter is one of great 


power, not only on account of economy, but - 
... also in order to avoid danger. I haveshown 


that it is practicable to produce in a resonat- 


_ ing circuit as E A B B’ D immense electri- 


cal activities, measured by tens and even 
hundreds of thousands of horsespower: and 
in such a ease, if the points of maximum 
presstire should be shifted below the ter- 


_ minal D, along coil B, a ball of fire might 


break out and destroy the support F or any- 
thing else in the way. For the better ap- 
preciation of the nature of this danger it 
should be stated, that the destructive action 
may take place with inconceivable violence.. 
This will cease to be surprising when it is 


‘borne in mind, that the entire energy accu- 


‘86 


mulated in the excited circuit, instead of re- 


quiring, as under normal working condi- 


tions, one quarter of the period or more for 


its transformation from static to kinetic 


_ form, may spend itself in an incomparably 
’ smaller interval of time, at a rate of many 


40 


millions of horse power., The accident is 


-apt to occur. when, the transmitting circuit 


. being strongly excited, the impressed oscil- 


45 


lations upon it are caused, in any manner 
more or less sudden, to be more rapid than 
the free oscillations. It ‘is therefore. ad- 
visable to begin the adjustments with feeble 


_ and somewhat slower impressed oscillations, 


50 
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strengthening and quickening them grad- 
ually, until the apparatus has been brought 


under perfect. control. To increase the. 


safety. 1 provide on a convenient place, pref- 


erably on terminal D, one or more elements: 
or plates. either of somewhat smaller radius. 
of curvature or protruding more or less be- 


yond the others: (in which case they may be 


of larger radius of curvature) so that, should’ 
the pressure rise to a 


value, beyond ‘which it 
is not desired to go, the powerful discharge 
may dart out there and lose itself harmlessly 
in the air. Such a plate, performing a func- 
tion similar to that of a safety valve on a 
high pressure reservoir, is indicated at ¥. 
Still “further extending the_ principles 
underlying my invention, special reference 


is made to coil Band conductor B’. The 
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latter is in the form of .a cylinder with 


‘smooth or polished surface of a radius much 


larger than that of the half spherical ele- 
ments P P, and widens out at the bottom 
into a hood H, which should be slotted to 


a 


3 


avoid loss by eddy currents and the pur- . 


pose of which will be clear from the fore-’ 


going. The coil B is wound on a frame or 
drum P*' of insulating material, with its 
turns close together. 
when so wound the effect of the small radius 
of curvature of the wire itself is overcome 
and the coil behaves as a conductor of large 
radius of curvature, corresponding to that 
of the drum. This feature is of consider- 
able practical’ importance and is applicable 
not only in this special instance, 
erally. For example, such plates at PP 


‘of terminal D, though preferably of large 


radius of curvature, need not be necessarily 
so, for provided only that the individual 


Thave discovered that : 


ny 
vi 


gn 


but gen- - 


plates or elements of a. high potential con- - 


ductor or terminal are arranged in prox- 
imity to each other and with their outer 
boundaries along an ideal symmetrical en- 
veloping surface of a large radius of curva- 
ture, the advantages of the inyention will 


be more or less fully realized. The lower. 


end of the coil B—which,. if desired, may 


‘be extended up to the terminal D—sliould 


be somewhat below the uppermost turn of 
coil A. This, T find, lessens the tendency of 
the change to break out from the wire con- 
necting both and to pass along the sup- 
Pp ort EF’. ‘ ‘ ~ 
‘Having described my invention, I claim: 
1, As a means for producing, great elec- 


trical. activities a resonant circuit having 


its outer conducting boundaries, which are 
charged to a high potential, arranged in 


105 


surfaces of Jarge radii of curvature so as . 
to prevent leakage of the oscillating charge, - 


substantially as set forth. 
2. In apparatus for the transmission of 
electrical energy a circuit connected to 


‘ground and to an elevated terminal and 


having its outer conducting boundaries, 
which are subject to high tension, arranged 
in surfaces of large radii of curvature sub- 
stantially as, and for the purpose described. 

3. In a plant for the transmission of elec- 


trical energy without wires, in combination | 


with a primary or exciting circuit a second. - 


ary connected to ground and to an elevated 
terminal and having its. outer conducting 
boundaries, which aré charged to a high 
potential, arranged in surfaces of large ra it 
of curvatire'for thé. purpose of preventing 
leakage and loss of energy, substantially as 
set forth.. ie 

4. As a means for transmittin, electrical 
energy toa distance through the. natural 


media a grounded resonant circuit, com- 
‘prising 


a part-upon which oscillations. are 
impressed and another for raising the ten- 


4 
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130. 
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sion, having its outer conducting boundaries 
on which a high tension charge accumulates 


~ arranged in surfaces of large radii of curva- 


10 


1b 


20 


23 


ture, substantially as descrived. 
‘5. The means for producing excessive 
electric potentials consisting of a primary 
exciting circuit and. a resonant secon 
having its outer conducting elements whic! 
are subject to high tension arranged in prox- 
imity to each other and in surfaces of large 
radii of curvature so as to prevent leakage 
of the charge and attendant lowering of po- 
tential, substantially as described. ~ 
6. A circuit comprising a part upon which 
oscillations are impressed and another part 
for raising the tension by resonance, the » 
latter part. being supported on places of low 
electric density and having its outermost: 


conducting boundaries arranged in surfaces 


of large radii of curvature, as set forth. 
7..In apparatus for the transmission of 


‘electrical energy without wires a grounded 


circuit the outer conducting elements of 
which have a great aggregate area and are 
arranged in surfaces of large radii of curva- 
ture so es to.permit the storing ofa high 
charge at a small electric density and pre-- 
vent loss through leakage, substantially as ~ 
described. Beet ee 


8. A wireless transmitter comprising in 


combination a source of oscillations as a 


condenser, a primary exciting circuit and a 
secondary grounded and elevated conductor 
the outer conducting boundaries of. which 
are in proximity to each other and arranged 
in surfaces of large radii of curvature, sub- 
stantially as described. - 

9, In apparatus for the transmission of 
electrical energy without wires an elevated 
conductor or antenna having its outer high 
potential conducting or capacity elements 


arranged in proximity to each other and in 


surfaces of large radii of curvature so as to 
overcome the effect of the small radius of 
curvature of the individual elements and 


‘leakage of the charge, as set forth. 


10. A grounded resonant transmitting 
circuit having its outer conducting bound- 
aries 
of curvature in combination with an ele- 
vated terminal of t surface supported 


‘at points. of low electric density, substan- 


tially as described. 
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The invention described herein may be manufactured 
and used by or for the Government for governmental 
Purposes without payment to me of any royalty thereon. 

This invention relates to the convenient and economical 
Provision of power for the operation of electronic circuits 
and devices using transistors, and of other electrical de- 
vices having modest Power requirements, 

A great advantage of transistors, and a major reason 
for their enthusiastic reception since their introduction a 
few years ago, is the fact that they will operate satisfac. 
torily with very low supply voltages and currents. One 
milliwatt or even less is sufficient to power a transistor 
in many applications. Various batteries have been de- 
veloped to provide, in a minimum of space, the relatively 
minute amounts of power needed by transistors, 

My invention provides methods and means that permit 
transistor circuits, and also other low-powered electrical 
devices, to be economically and conveniently operated 
without any batteries whatever, and indeed without any 
power supply whatever as power supplies are ordinarily 
conceived, : 

The invention centers around my discovery that it is 
practicable to construct operative transistor circuits that 
are able to abstract from the atmosphere sufficient elec- 
tromagnetic energy to provide all necessary supply volt- 
ages and currents for their own operation. Circuits and 
devices powered according to my invention will operate 
indefinitely without any local power source whatever, 

I have successfully constructed and demonsirated such 
circuits, For example, I have constructed a batteryless 
transistor radio receiver on which I have listened to either 
nearby or distant broadcast stations as desired, using 
either headphones or a loudspeaker; this receiver has been 
powered entirely by electromagnetic energy abstracted 
from the atmosphere. 

From the successful Operation of this receiver, and 
from other experimental work, it becomes clear that, by 
the methods and means of the invention, a great variety 
of practical and useful transistor circuits can be powered 
entirely by energy abstracted from the atmesphere. 

Furthermore, as will become apparent below, my in- 
vention is applicable to the powering of other electrical 
devices requiring relatively small amounts of power. 

An object of the present invention is to provide meth- 
ods and means for powering transistor circuits entirely 
from radiofrequeacy energy abstracted from the atmos- 
phere. 

Another object is to provide methods and means for 
powering remote radio receivers, low-powered radio trans- 
mitters, and other low-powered electrical devices, with 
energy received by radio from 2 master station, so that 
no local power supplies are needed by the devices and so 
that the powering or non-powering of the remote device 
is under the conirol of the master station, 

A further object is to provide methods and means for 
powering transistor circuits and other low-powered elec- 
trical devices with tadiofrequency energy received from 
one oF more remote radio transmitters, 
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Other objects, aspects, uses, and advantages of the in- 
vention will become apparent from the following descrip- 
tion and from the drawing, 

Figure 1 is a schematic diagram of a transistor radio 
receiver in which ali necessary power is supplied by en- 
ergy abstracted from the atmosphere in accordance with 
the invention. 

Figure 2 is a schematic 
Plication of the invention 
to a load, 

Figure 3 is a schematic diagram of a system for obtain- 
ing a high energy D.-C. source at a high voltage level 
using energy abstracted from the atmosphere, 

Referring to Figure 1, a receiving antenna £ is con- 
nected to antenna coupling coils 2 and 3, the other ends 
of which are connected to ground. A parallel resonant 
circuit consisting of coil 5 and capacitor 6 is coupled to 
coil 2. A second parallel resonant circuit consisting of 
coil 7 and capacitor 10 is coupled to coil 3. A third 
parallel resonant circuit consisting of coil 11 and capac- 
itor 12 is also coupled to coil 3. 

Coil 5 and capacitor 6 are tuned to the frequency of 
a radio transmitter from which it is desired to receive 
information—for instance, an amplitude-modulated stand- 
ard broadcast station. The signal received from this trans- 
mitter need not be strong. The signal is detected by diode 
15 to obtain an audio-frequency information signal. This 
audio signal is coupled through a capacitor 16 and is am- 
plified by a circuit that includes a transistor 17 having a 
base 20, an emitter 21, and a collector 22. The aimpli- 
fied audio output of the transistor is coupled through an 
audio transformer 23 to an electroacoustical transducer, 
preferably a permanent-magnet dynamic foudspeaker 25 
as shown. : 

The novelty of the invention lies largely in the method 
and means by which the necessary direct-current power 
is supplied to the emitter and collector circuits of transis- 
tor 17. This method and means will now be described. 

Coil 7 and capacitor 10, and also coil 14 and capacitor 
12, are tuned to receive radio signals of relatively high 
strength. It does not matter whether these signals con- 
tain information. These power signals are rectified by 
diodes 26 and 27 to provide direct-current power that is 
filtered by capacitors 30 and 31. The D.-C. power thus 
obtained is utilized to power the transistor 17, 

In the circuit shown, two tuned circuits {coil 7 and 
capacitor 16, and coil 11 and capacitor 22) are tuned to 
power signals and the D,-C. voltages obtained from each 
are connected in series, The tuned power circuits may 
be tuned to the same or different power signals. Under 
certain circumstances it may be desirable to use more 
than two tuned power circuits and to tame them to more 
than two power signals; in this way power can be obtained 
from several signals and combined. On the other hand, 
if a strong power signal is available, a single timed power 
circuit may suffice to give the needed D.-C, power. 

Even weak information signals can be received success- 
fully. A plurality of transistor amplifier stages can be 
used if desired, or other circuits such as superhetercdyne 
circuits can be used. It is merely necessary that a suff- 
ciently strong power signal or signals be available to pro- 
vide the small amount of D.-C. needed to power the 
transistors, 

Tf the information signal happens to be strong, it can 
be used as the power signal; all of the tuned circuits (coil 
5 and capacitor 6, coil 7 and capacitor 10, coil 11 and 
capacitor 12) are tuned to the information signal. 

Engineers who have observed my invention in operation 
have been surprised at the unexpectedly good results ob- 
tained, even with readily available power signals of quite 
Moderate strength, For instance, sufficient power for sat- 
isfactory operation of a loudspeaker at low volumes is 


diagram showing a general ap- 
to provide direct-current power 








readily obtained .from.a 5-kilowatt standard -broadcast 
station 5 miles away, using only an indoor antenna to pick 
up the power signal as wel! as information signals. In 
typical operation under.these ‘conditions .a DC. -voltage 
of about 2:5 to 3 volts is obtained between :the emitter 
and the collector, at a current of about 250. microamperes; 
D.-C. power ‘input: to the:transistorzis -thus-of the order 
of 0,5 to 1 milliwatt. So‘far.as‘I.am-aware, no one-has 
ever before discovered:and demonstrated :the:practicability 
of this method of powering a radio receiver. aes 

Because existing broadcast stations within 2 radius of 
a number :of.-miles provide adequate.‘ power signals, ‘the 
invention is readily practicable with existing power ‘sig- 
nals in-almost any location in«or mear:any. city.:in “the 
United States. ; 

Although T-have ‘described a transistor. :radio receiver 
powered by my invention, it will'be-readily ‘apparent that 
the invention ‘is applicable ‘to ‘the: powering ‘of any tran- 
sistor circuit using one or a numberof transistors, ‘and 
to the powering of other devices requiring relatively:small 
amounts of power. -For instance, sensitive electrome- 
chanical, electrochemical, or electrothermal: devices can 
be operated by the method .of ‘the invention. 


Referring to Figure 2, which shows. a‘more’ general em- 


bodiment-of my iavention, an antenna 35 :picks up -radio- - 


frequency energy from ‘the :atmesphere. This energy 
flows through coil 36, which is coupled’ to a-tuned circuit 
consisting of coil 37 and capacitor 40. The radicfre- 
quency voltage across capaciter 49 is rectified by diode 
41 and filtered by a low-pass filter 46 consisting’cf capac- 
itors 42 and 44-and choke coil-43. The:resulting D.-C. 
voltage is applied toa load 45. 

In the practice of my invention, “larger amouiits of 
power can be obtained for short periods of time by stor- 
ing received energy in a suitable energy “storage device. 
Stored energy may then be withdrawn at intervals at a 
more rapid rate than that at which it was received and 
put into the storage device. In this way the invention car 
be used to provide short pulses of relatively very -high 


electrical energy. This result can be readily obtained by 


charging a relatively large capacitor with direct current 
and then discharging the capacitor rapidly into a load 
when desired. This rapid discharge can be initiated auto- 
matically when the voltage across the capacitor reaches 
a certain level, or it can be initiated when a transistor 
radio receiver receives a certain information signal. 

Higher voltages can be obtained with the mvention by 
means of well known devices for raising D.-C. voltages 
as shown in Figure 3. The D.-C, voltage output from the 
capacitor 44 can be used to power a low frequency. tran- 
sistor oscillator 52 whose A.-C. output is:raised to’a iigher 
voltage level by the transformer 55. This relatively high 
A.C, voltage can then be rectified by a diode 61 and fed 
to a capacitor 64 to provide a high energy D.-C. source 
at a relatively high voltage level ‘at the termistals:69 and 
70. If desired, energy can now be withdrawn from ‘the 
capacitor 64 at intervals in short pulses ‘of high energy 
at a high voltage level. Pulsed radio transmission is one 
of the possible uses for this form of the invention. Other 
uses would be to provide a single relatively powerful pulse 
needed to actuate an electrothermal or electromechanical 
device. 

As has been indicated above, in many locations..and 
particularly anywhere in or near most American cities, 
power signals normally present in the atmosphere are 
"readily available for the easy and convenient practice of 
the invention, However, the invention also -has important 
applications in systems in which the necessary ‘power sig- 
nal is generated and transmitted specifically for the opera- 
tion of the particular system. Such ‘systems can, for ex- 
ample, comprise a master station transmitting. all the 
power that is needed for hundreds or thousands of fixed 
or mobile transistor receivers or other remote devices over 
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a range of many miles. This eliminates the need for 
hundreds or thousands, as the case may be, of local power 
supplies. At the same time, such a system has the advan- 
tage that all of the remote devices can be simultaneously 
activated or deactivated at the will of che master station, 
simply by starting or stopping the transmission of the 
power signal. In such systems it will often be advanta- 
geous to use power signals of frequencies sufficiently high 
to permit the use of resonant receiving antennas of small 
physical dimensions for signal. pickup at the remote de- 
vices. In addition to the power signa!, the master station 
may transmit an information signal oa the same or’a dif- 


. ferent carrier, 
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Certain types of devices powered entirely by received 
radio waves are of course well known. The well-known 
“crystal set” of the early days of radio, which used a diode 
rectifier to demodulate an amplitude-modulated radio- 
frequency signal, is an outstanding example of such a de- 
vice. My invention is readily distinguishable from such 
prior devices, however. In typical prior devices a modu- 
lated radiofrequency signal is applied to a diode to obtain 
unidirectional half-wave pulses whose amplitudes vary 
with modulation. These pulses are integrated by means 
of a capacitor to obtain a unidirectional signal the ampli- 
tude of which follows the audiofrequency modulation en- 
velope. If the radiofrequency signal is received with 
sufficient strength the audio signal may have sufficient 
power to operate headphones or similar ‘utilization device 
without power amplification; but the signal is utilized for 
its information content, rather than to supply non-infor- 
mation-containing power, 

My invention, on the other hand, entails the utilization 
of received radiofrequency energy to supply power to at 
least one pair of circuit poinis (across capacitor 31 in 
Fig. 1, for example), such circuit points requiring power 
solely for its power content and not for any information 
or modulation it may contain, In other words, my inven- 
tion entails the utilization of radiofrequency energy to 
supply power that would otherwise have to be supplied 
by batteries, generator, or other local power source. 

It will be apparent that the embodiments shown are 
only exemplary and that various modifications can be 
made in construction and arrangement within the scope 
of the invention as defined in the appended claim. 

I claim: 

An electrical device for obtaining a high energy D.-C. 
source at a high voltage level using enérgy abstracted 
from the atmosphere, said device comprising in combina- 
tion: resonant meas for receiving radio waves, first recti- 
fier means for converting said radio waves into first direct 
current energy, first capacitér means for storing said first 
direct current energy, an oscillator powered by said direct 
current energy, said oscillator producing an A.-C. output, 
transformer means for raising said A.-C. output to an in- 
creased voltage level, second rectifier means for convert- 
ing the A.-C. output of increased voltage level from said 
transformer into second direct current energy, and second 
capacitor means for storing said second direct current 


energy. 
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APPARATUS FOR DETECTING CHANGES IN THE 
ATMOSPHERIC ELECTRIC FIELD 
Lothar H. Ruhnke, Minneapolis, Minn., assignor to 
Litton Systems, Inc., Beverly Hills, Calif. 
Filed Dec. 20, 1963, Ser. No. 332,186 
: 4 Claims. (Ci, 325—113) 


This invention relates to a cloud detector or an ap- 


paratus for sensing electrostatic conditions in the earth’s 


‘atmosphere. 


Cloud detection apparatus which is presently employed 
is usually of the “ceilometer” type which merely measures 
the height of the lower surface of the clouds to indicate 
the ceiling conditions. One object of the present inven- 
tion is to determine the location of both the top and the 
bottom of one or more cloud formations of the atmos- 
phere. 

While electrostatic sensors of one type or another have 
been proposed heretofore for use in the atmosphere, they 
have been so complex and expensive that they have not 
enjoyed widespread use. In addition, cloud radars have 
recently been developed, but their usefulness is limited 
by failures when different zones of the atmosphere con- 
tain droplets of different sizes, as discussed more fully 
below. Accordingly, it is another object of the present 
invention to simplify and reduce the cost of cloud 
detectors, while maintaining reliability, compatibility with 
existing equipment, and adequate sensitivity for all prac- 
tical purposes. 

Yn accordance with an illustrative embodiment of the 
present invention, a conventional U.S. Weather Bureau 
or U.S. Army meteoroligical radiosonde transmitter may 
be provided with a modulator which is controlled by a 
field effect transistor. The input to the field effect 
transistor is 2 dipole antenna. Each of the arms of the 
dipole antenna may be five to fifty feet in iength, for 


example, and one of the dipole elements may trail the. 


radiosonde package while the other element may extend 
forward in the direction of movement of the unit. When 
a balloon is employed to carry the cloud detector unit 
aloft, a weight may be attached to one of the antenna 
elements so it hangs below the instrument package, while 


the other antenna element can extend along, or even form’ 


the flexible connection between the radiosonde unit and 
the balloon. A receiving unit is provided to pick up 
the modulated signals from the radiosonde apparatns, 
demodulate these signais and record them. While it is 


contemplated that the receiver may normally be situated 


on the ground and receive signals from a rising radiosonde 
unit, the radiosonde unit could well be employed by an 
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aircraft to determine conditions below a cloud layer. © 


Under these conditions the receiver would be mounted 
on the plane and the radiosonde unit could be parachuted 
to the ground. 

In accordance with a feature of the present invention, 
therefore, a system for detecting electrostatic field condi- 
tions in the atmosphere includes a transmitter, arrange- 
ments for moving the transmitter through the atmosphere, 
an antenna extending a substantial distance from the 
transmitter, and a field effect transistor connected to re- 
ceive electrostatic input signals from said antenna and 
to modulate the output of the transmitter in accordance 
with voltages detected by the antenna. 

’ Ig accordance with one aspect of the present invention, 
simplicity of circuitry and stability of operation are 
achieved by the use of dynatnic circuitry which measures 
the instantaneous difference in potential between two 
antenna elements. Thus, a high input resistor may be 
connected between the input antenna elements. With this 
type of arrangement the instrument package must be 
continuously moved through the atmosphere in order to 
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give meaningful results.. Under these conditions, the 
recorded output indicates changes in electric fields. A 
constant electric field, corresponding to a linear change 
in potential produces no substantial output signal. it has 
been determined that a balloon velocity of about five 
meters per second will produce good resulis with a 
dipole antenna shunted by a 1,000 megohm resistor and 
connected to a field effect transistor as discussed in detail 
in the present specification. With lower velocities, a 
higher input impedance or greater amplification would 
be required, with higher velocities, such as rocket propul- 
ston or the like, permitting even lower input impedances 
and simpier input circuits, 

Accordingly, it is a feature of the invention that ap- 
paratus is provided for moving a radiosonde unit through 
the atmosphere at a predetermined rate, that two element 
input antenna preferably of the dipole type is provided, 
and that the antenna is connected to the radiosonde by 
simple dynamic amplification circuitry, which requires 
continuous movement of the apparatus to ‘give useful out- 
put information, 

The novel features which are believed to be char- 
acteristic of the invention both as to its organization and 
method of operation, together with further objects and 
advantages thereof, will be better understood from the 
following description considered in conjunction with the 
accompanying drawings in which a typical embodiment 
of the invention is illustrated by way of example, It is 
to be expressly understood, however, that the drawings 
are for the purpose of illustration and description oniy 
and are not intended as a definition of the limits of the 
invention. 

In the drawing: 

FIG. 1 is a schematic block diagram of a radiosonde 
equipment for sensing changes in the electric field of the 
atmosphere, and thus detecting clouds, in accordance with 
the present invention; 

FIG. 2 is a diagrammatic showing of the record ob- 
tained under typical cloud conditions; and 

’ FIG, 3 is a circuit diagram indicating a typical arrange- 

ment of connections of a dipole antenna, a field effect 
transistor, and the input terminals of a standard meteor- 
ological radiosonde apparatus,: 

With reference to the drawings, FIG. 1 shows a radio- 
sonde package 12 supported by a bailoon 14. The 
radiosonde unit includes a transmitter 16, blocking oscil- 
lator 18, pressure sensor 20, and a field effect transistor 
unit 22. A dipole antenna having an upper element 24 
and a lower element 26 is connected to the input of the 
field effect transistor unit 22.’ A smail weight 28 is secured 
to the lower end of the antenna element 26 to hold it in 
the extended position. Similarly, the upper antenna ele- 
ment 24 extends in the other direction, and it may either 
form the support for the radiosonde unit 12 or may 
be closely associated with the supporting cable. A para- 
chute 3@ is provided for safe return of ths instrument 
package to ground. 

A ground or receiving station 32 may include an 
antenna 34, receiver and demodulator 36, and a recording 
apparatus 38. ; 

FIG. 2 shows a typical recording of the electrostatic 
fieid obtained as the ballon 14 and instrument package 12 
rise through the successive layers of clouds 42, 44, and 46, 
along the. center line of the drawing. It is known that 
the electrostatic potential in the atmosphere increases 
from ground potential to plus 306,000 volts at elevations 
of about 30 miles. It is also known that the atmospheric 
electric field, which is the gradient of the potential, is sub- 
stantially increased within clouds, As the package enters 
the lower edge of a cloud, the sudden increase in electric 
field causes a pulse of current to flow through resistor Ry 
in one direction, and upon leaving the cloud, the autre 
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3 ; 
reduction in electric field causes an oppositely directed 
current pulse. This produces the positive swing shown 
at 48 in FIG, 2 as the unit enters the cloud and the nega- 
tive peak 50 as the apparatus is rising through the upper 
surface of the cloud stratus 42. A similar pattern is ob- 
served as the unit goes through the higher cloud forma- 
tions 44 and 46. With a knowledge of the speed of ascent 
of the balloon and instrument package, the location of 
the upper and lower surfaces of successive cloud layers 
may be determined by the present apparatus. Accord- 
ingly, despite the presence of a relatively low cloud layer 
which completely obscures other cloud formations, ground 
personnel may readily determine the meterological condi- 
tions relating to clouds above this low ceiling. 

Returning to FIG. 1, the radiosonde equipment repre- 
sented by blocks 16, 18 and 20 is weil known. The 
meterological radiosonde system which will be taken as 
typical is designated by the military by the numbers AN/ 
AMT 48, The Army technical manual which describes 


this radiosonde system is identified as TM 11-2432A-TO' 


31IM4-2AMT~—11, dated June 26, 1958. The radiosonde 
transmitter operates at a frequency of 1680 megacycles 
per second, This transmitter is modulated by a blocking 
oscillator 18, the frequency of the blocking oscillator being 
controlled by the meteorological conditions which are 
detected. Normally, 2 thermistor for measuring the tem- 
perature and a humidity sensor are alternately switched to 
the input terminals of the blocking oscillator 18. In the 
present case, the cloud detector circuitry is connected to 
both of these terminals, The barometric pressure sensor 
20 may also be retained in the unit, and it may be con- 
nected to control the frequency of the blocking oscillator 
18 by a switching action as described below. 

With reference to FIG. 3, the humidity channel input 
terminals 62 and the temperature channel input terminals 
64 of the standard radiosonde unit are shown at the right- 
hand side of the circuit. Atmospheric electric signals 
received by the dipole antenna elements 24 and 26 are 
applied to the field effect transistor 66 and are then cou- 
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35 


pled by a suitable circuit to the input terminals 62 and 40 


64 of the radiosonde. While other field effect transistors 
may be employed, type C 610 of CrystaHonics, Inc., was 
found to be suitable from a sensitivity and reliability stand- 
point for the present purposes, The input to the field 
effect transistor is shunted by a-1,000 megohm resistor Ry 
to stabilize the input characteristic. Suitable biasing of 
the transistor 66 is provided by resistor R3. Because the 
impedance of the transistor 66 is substantially lower than 
that of the temperature and humidity sensors which are 
normally employed, a 110,000 ohm resistor in the block- 
ing oscillator was removed and a capacitor C was con- 
nected in parallel to the input terminals, The capacitor 
was selected to produce a modulation frequency of ap- 
proximately 100 cycles per second in the absence of an 
input signal. Positive and negative voltages will then 
raise or lower this frequency. ; 

In the radiosonde apparatus, signals from the pressure 
sensor 20 are normally employed to switch from the tem- 
perature channel terminals 64 to the humidity channel 
terminals 62. This switch is well known in the art as a 
baroswitch, The barometric pressure switching action 
provides an indication of altitude, so it is useful to preserve 
this information. Accordingly, the resistor Rg is em- 
ployed between the transistor 66 and one terminal 64 to 
reduce the output signal slightly, thus changing the modu- 
lation level and preserving the pressure and thus altitude 
information. 

With regard to the length of the dipole elements 24 and 
26, the size of resistor R, and the amplification of the fteld 
effect transistor, these are fixed by several factors. First, 
the antenna elements should be large enough to provide 
a substantial input signal, but should be relatively small 
as compared with normal cloud thicknesses. Lengths of 
5 to 50 feet for each dipole would be of the proper order 
of magnitude, The resistor Ry, was chosen to reduce the 
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input impedance between dipoles 24 and 26 below the 
point where fog and dampness and the resultant shunt 
impedance will introduce instability into the transmitted 
signals, With these parameters, and a speed of ascent 
of the order of 5 meters per second, it was determined that 
a single field effect transistor provided the necessary am- 
plification for operation with the standard radiosonde 
unit. 

As mentioned generally above, cloud radars are sub- . 
ject to failure under certain atmospheric conditions. Thus, 
the radar return is proportionai to the sixth power of the 
droplet or particle size, while the human eye and optical 
systems respond to the second power of the droplet size. 
With the radar retumm proportional to such a high power 
of the droplet diameter, if a radar is adjusted to pick up 
a cloud having large particles, other clouds having small 
size particles are not detected. The present electrostatic 
system, however, responds in a manner which is nearly the 
same as the optical response, and therefore does not fail - 
under atmospheric conditions where different size drop- 
lets or particles are present in successive clouds. 

It is to be understood that the above described arrange- 
ments are illustrative of the application of the principles 
of the invention. Numerous other arrangements within 
the scope of the invention may be devised by those skilled 
in the art. Thus, by way of example and not of limita- 
tion, a somewhat different shape of antenna could be em- 
ployed to pick up electrostatic field variations and apply 
them to the field effect transistor, an inherently stabilized 
transistor may be used, and the instrument package may 
be carried by rocket or other suitable propulsion arrange- 
ments than the balioon shown in the drawings. Accord- 
ingly, it is evident that various changes may be made in 
the present invention without departing from the spirit 
of the invention as defined in the present claims. 

What is claimed is: 

J. An apparatus for sensing electrostatic conditions in 
the atmosphere comprising: 

a radiosonde apparatus including means for modulat- 

ing the output frequency thereof, said means includ- 
‘ing an R-C circuit; 

a pair of probes positioned in respectively different 
locations in the atmosphere with respect to said 
radiosonde; 

a field effect transistor having its drain and gate ter- 
minais connected across said pair of probes and hav- 
ing its source and drain terminals connected in 
series with the resistance of said R-C circuit to 
modulate said radiosonde; and 

a stabilizing high resistance connected across the two 
probes and across said gate and drain terminals of 
said transistor. 

2. In an apparatus for sensing atmospheric electro- 

static field conditions; 

a balloon; 

an instrument package connected to and spaced from 
said balloon, said instrument package including 2 | 
transmitter, means including an R-C circuit for mod- 
ulating said transmitter, and a field effect transistor 
having source and drain terminals connected in series 
with the resistance in said R-C circuit to modulate 
said transmitter: 

antenna means including an antenna and resistance 
means connected across said antenna, said resistance 
means also being connected across the gate and the 
drain of said field effect transistor, said antenna ex- 
tending upward from said package toward said bal- 
loon and downwardly from said package for apply- 
ing signals to said field effect transistor in response 
to said field conditions to render said modulating 
means responsive to said field conditions. 

3. An apparatus for sensing changes of the atmos- 

pheric electric field at cloud boundaries, which comprises: 

a blocking oscillator-type modulated radiosonde in- 
cluding fixed resistance means and capacitance means 


‘ 


3,273,068 


connected in parallel with said fixed resistance 
means, said capacitance means being effective to dis- 
charge through said resistance means to control the 
modulation of said radiosonde; 


mospheric electric field for producing a signal indi- 
’ cative of said changes; 
resistance means connected across said dipole antenna; 


6 
dipole antenna means responsive to changes of ine») 


- dipole antenna means responsive to changes of the at- 5 and 
mospheric electric field for producing a signal in- a field effect transistor having source and drain termi- 
dicative of said changes; nals connected in series with said fixed resistance 
resistance means connected across said dipole antenna means and a gate terminal connected to said dipole 
means; and antenna means for reception of said signal, said field 
a field effect transistor having source and drain termi- 19 effect transistor being responsive to said signal for 
nals connected in series with said fixed resistance varying the rate of discharge of said capacitance 
means and a gate terminal connected to said dipole means to control the frequency of oscillation of said 
antenna means for reception of said signal, said field blocking oscillator in accordance with the sensed 
; effect transistor being responsive to said signal for changes in the atmospheric electric fietd. 
= varying the rate of discharge of said capacitance 15 : 


means to cause the blocking oscillator to modulate 
said radiosonde in accordance with the second 
changes in the atmospheric electric field, 
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(57] ABSTRACT 


Apparatus for and methods of converting radio fre- 
quency energy into direct current for generating elec- 
tric power includes a dipolar antenna for receiving 
radio frequency energy and a circuit connected thereto 
for converting the radio frequency energy to direct 
current. The circuit has a positive output line connected 
to one pole of the antenna and a negative output line 
connected to the other pole of the antenna. A positive 
transmitting diode is in the positive output line and a 
negative transmitting diode is in the negative output 
line. First and second bus lines and a pair of tuned cir- 
cuits of opposite polarity couple the positive output line 
and negative line to the bus line with one of the bus lines 
being connected to ground. Each tuned circuit includes 
a first bridging line connecting the positive output line 
to the first and second ground lines and a second bridg- 
ing line connecting the negative output line to the first 
and second ground lines. Each bridging line has a diode 
therein oriented at a polarity which is reverse with 
respect to the input diode. The bridging lines of each 
tuned circuit are connected to one another by an induc- 
tance and have capacitors disposed between the diode 
and the bus lines. A direct current device is connected 
to the positive line of the circuit. 


11 Claims, 1 Drawing Figure 
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APPARATUS FOR CONVERTING RADIO 
FREQUENCY ENERGY TO DIRECT CURRENT 


BACKGROUND OF THE INVENTION 


1. Field of the Invention 

The instant invention relates to methods of an appara- 
tus for converting radio frequency energy to direct 
current; more particularly, the instant invention relates 
to methods and apparatus for converting radio fre- 
quency energy to direct current wherein the direct 
current is of sufficient magnitude to power devices such 
as battery charges and electric motors without the use 
of amplification. 

2."Technical Considerations in Prior Art 

There has long been interest in technology directed 
to transmitting electrical energy over a distance with- 
out utilizing conductors, such as wire conductors. De- 
velopment of such a technology has enormous poten- 
tial. This was first recognized by Nikola Tesla who in 
1899 constructed a 200 foot Tesla coil rated at 300 kilo- 
watts and 150 kilocycies, Tesla hoped to set up standing 
waves of electrical energy around the whole surface of 
the earth, so that receiving antennas set at optimum 
points could tap the power when needed. Tesla was 
able to light hundreds of lamps at a distance of about 40 
kilometers with his device without utilizing electrical 
conductors. The scheme has generally remained a scien- 
tific curiosity but has provided the initial groundwork 
for current developments wherein attempts are being 
made to transmit power by microwaves. However, 
power transmitted by microwaves is envisioned in the 
form of a beam of very high intensity which is focused 
from a microwave generator to a receiving antenna. 
This technology is envisioned as being used for many 
types of purposes such as transmitting microwave en- 
ergy collected from gigantic solar power satellites and 
“star wars”-type weapons systems. However, the fo- 
cused microwave beam is not suitable for many applica- 
tions in that the beam must be directed toward a receiv- 
ing antenna and cannot be transmitted through most 
objects, including living objects, without destroying the 
objects. 

The instant invention relies on converting energy 
from standing waves which are emitted from radio 
frequency antennas in the RF range rather than the 
microwave range. Of particular interest are very low 
frequencies which are not used in communications and 
are available for transmitting power. Also of interest 
with respect to the instant invention are the low fre- 
quency waves emitted by the earth due to pulsation 
thereof caused by its magnetic field. These low fre- 
quency standing “earth” waves can be picked up by 
receivers tuned thereto. 


SUMMARY OF THE INVENTION 


It is an object of the invention to provide new and 
improved methods of an apparatus for converting radio 
frequency currents to direct current for practical uses 
other than communications, wherein the direct current 
energy converted from the radio frequency input en- 
ergy does not require amplification. 

Upon further study of the specification and appended 
claims, further objects and advantages of this invention 
will become apparent to those skilled in the art. 

The instant invention contemplates an RF antenna 
for receiving radio waves. The RF antenna connected 
to a circuit configured in accordance with the principles 
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of the instant invention to convert the RF signals to 
direct current. The radio frequency signals received by 
the antenna are transmitted to first and second leads, 
with one lead being rectified to transmit positive voit- 
age and the other lead being rectified to transmit nega- 
tive voltage. The positive voltage lead being connected 
directly to a positive output line and the negative volt- 
age lead being connected directly to a negative output 
line. The positive output line is connected to a pair of 
bus lines through a first pair of capacitors, while the 
negative output line is connected to the pair of bus lines 
by a second pair of capacitors. Disposed between the 
first bus line and the positive output line is a reverse 
diode of negative polarity, while disposed between the 
negative output line and first bus line is a reverse diode 
of positive polarity. The positive and negative output 
lines are connected to one another through an induc- 
tance which is in parallel with the capacitors of the first 
and second pair connected between the second bus line 
and the positive and negative output lines. 

In accordance with one embodiment of the invention 
the afore-described circuit is duplicated for each posi- 
tive and negative output line. In accordance with an- 
other embodiment of the invention, the afore-described 
circuitry is coupled to additional circuits identically 
configured in order to increase the direct current output 
of the arrangement. 

In accordance with a further configuration of the 
invention, the antenna utilized is a dipolar antenna of 
aluminum wire arranged in a “butterfly” configuration. 

The instant invention further contemplates the 
method of utilizing the afore-described elements so as to 
generate direct current having sufficient power to per- 
form tasks such as charging batteries, lighting lamps and 
powering direct current electric motors without the use 
of amplifiers. 


BRIEF DESCRIPTION OF THE DRAWING 


Various other objects, features and attendant advan- 
tages of the present invention will be more fully appre- 
ciated as the same becomes better understood when 
considered in connection with the accompanying draw- 
ing, in which like reference characters designate the 
same or similar parts throughout the several views, and 
wherein: 

There is shown a diagram of a circuit in accordance 
with the instant invention in combination with a driven 
device and a dipolar antenna which receives radio fre- 
quency waves which are converted to DC current for 
powering the driven device. 


DESCRIPTION OF THE PREFERRED 
EMBODIMENT 


Referring now to the drawing, there is shown a dipo- 
lar antenna, designated generally by the numeral 10, 
which receives radio frequency waves from an RF 
transmitter 11. The radio frequency waves are transmit- 
ted to a radio frequency to direct current converting 
circuit, designated generally by the numeral 12, through 
a coaxial cable 13 and DC current from the circuit 12 is 
used to power an output device, designated generaliy 
by the numeral 15, which may for example by a battery 
charger DC motor or lighting device. The circuit 12 has 
no other power inputs other than the radio frequency 
energy transmitted thereto by the antenna 10 and there- 
fore includes no amplifiers for amplifying the RF en- 
ergy. 
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The source of radio frequencies convertible to direct 
current by the circuit shown may include sources of 
high frequency, low frequency (LF), very low fre- 
quency (VLF) and extremely low frequency (ELF) 
radio waves as well as seismic vibration of the earth’s 
magnetic fields. 

Preferably, the dipolar antenna 10 is formed of two 
triangular loops of aluminum wire 16 and 17, one of 
which is connected to the annular conductor 18 of the 
coaxial cable 13 and the other of which is connected to 
the center conductor 19 of the coaxial cable. The size of 
the bipolar antenna 10 is dependent on the particular 
application to which it is put. In accordance with one 
embodiment of the invention, the antenna 19 is approxi- 
mately 12 inches in width and 18 inches in length. Such 
an antenna is used to receive five watt energy, such as 
that generated by a walkie-talkie or citizen-band radio. 

The annular conductor 18 of the coaxial cable 13 is 
connected to a positive lead 21 of the circuit 12, while 
the center conductor 19 of the coaxial cable is con- 
nected to a negative lead 22 of the circuit. A positive 
transmitting diode D1 is disposed between the lead 21 
and the remainder of the circuit 12 while a negative 
transmitting diode D2 is disposed between the lead 24 
to a positive output line 25 while the negative diode D2 
is connected to a negative output line 26. Accordingly, 
the positive voltages with respect to ground are pro- 
duced on output line 25 and negative voltages with 
respect to ground are produced on output line 26. 

In order to provide a DC output of sufficient power, 
a plurality of inductance-capacitance, RF, tuned cir- 
cuits 30, each forming a positive cell, or a negative cell, 
are utilized for connecting the positive output line 25 
and negative output line 26 to first and second bus lines 
31 and 32, respectively. Bus line 32 is connected to 
ground while bus line 32 can be connected to circuits 
similar to circuit 12. The positive output line 25 is con- 
nected by a first bridging line 33 to the first and second 
bus lines 31 and 32 while the negative output line 26 is 
connected by a second bridging line 34 to the first and 
second bus lines. The bridging line 33 has capacitors C1 
and C2 disposed between the positive output tine 25 and 
the first and second bus lines 31 and 32, while the bridg- 
ing line 34 also has capacitors C1 and C2 dispensed 
between the negative output line 26 and the first and 
second bus lines 31 and 32. Connected between the 
bridging lines 33 and 34, is an inductor 35 which serves 
as an RF choke, while disposed between the positive 
output line 25 and the capacitor C1 there is a negative 
polarity diode D4 referred to herein as a bridging diode 
and disposed between the negative output line 26 and 
capacitor C1 in line 34 there is a positive polarity diode 
D3 referred to herein as a bringing diode. As is seen of 
the drawing, the RF tuned circuit cell 30 is repeated a 
plurality of times. In the specific example shown, the 
circuit 12 has separate cells 30, 37, 38 and 39. The cells 
30 and 38 are of opposite polarity and balance one an- 
other while the cells 37 and 39 of opposite polarity and 
also balance one another. In order for the system to 
function, a pair of opposite polarized cells must be uti- 
lized. The particular number of cells 30 and the value of 
the components thereof are determined by the configu- 
ration of the dipolar antenna 10 and the power and 
frequency of the RF transmitter 11. 

The radio frequency to direct current conversion 
circuit 12 may itself be connected to a duplicate circuit 
via pins 41 so as to provide additional direct current 
output on lines similar to positive output line 25 and 
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4 
negative output line 26 the output lines may be con- 
nected together in order to boost the total output of the 
system. 

An operative embodiment of the invention utilizes 
the following elements: 

Diodes D1, D2, D3 and D4—Germanium Diodes, Ar- 

cher 1 N34A,Catalog #1123. 

Inductor 35-47 Milli henry R. F. Choke 

Capacitors C1 and C2-0.47 Pico Farads at 200 voits 

Coaxial Cable 13—50 ohms 

Dipolar Antenna 10—aluminum wire triangular loops 
approximately 12 inches by 18 inches. 

From the foregoing description, one skilled in the art 
can easily ascertain the essential characteristics of this 
invention, and without departing from the spirit and 
scope thereof, can make various changes and modifica- 
tions of the invention to adapt it to various usages and 
conditions. 

What is claimed is: 

1. Apparatus for converting radio frequency energy 
into direct current for generating electric power, the 
apparatus comprising: 

a dipolar input for receiving radio frequency energy; 

a positive output line connected to one pole of the 
dipolar input and a negative output line connected 
to the other pole of the dipolar input; 

a positive transmitting input diode means in the posi- 
tive output line and a negative transmitting input 
diode means in the negative output line; 

first and second bus lines and a pair of tuned circuits 
of opposite polarity coupling the positive output 
line and negative output line to the bus lines, one of 
the bus lines being connected to ground; 

each tuned circuit including a first bridging line con- 
necting the positive output line to the first and 
second bus lines and a second bridging line con- 
necting the negative output line to the first and 
second bus lines, each bridging line having a bridg- 
ing diode means therein oriented at a polarity 
which is reverse with respect to the transmitting 
input diode means of the respective output line; the 
bridging lines of each tuned circuit being con- 
nected to one another by an inductance and having 
capacitors disposed between the bridging diode 
means thereon and the bus lines, and 

a direct current device connected to the bridging 
lines of the tuned circuit. 

2. The apparatus of claim 1, wherein there are a plu- 
rality of similarly configured tuned circuits connected 
between the output lines and the bus lines. 

3. The apparatus of claim 2, wherein there are a plu- 
rality of radio frequency-to-direct current conversion 
circuits connected to one another to provide a direct 
current power array tuned to a specific radio frequency 
such as a high frequency source, low frequency source, 
very low frequency source, extremely iow frequency 
source, or source created by seismic vibrations of the 
earth’s magnetic field. 

4. The apparatus of claim 3 wherein the dipolar input 
is a dipolar antenna. 

5. The apparatus of claim 1, wherein the device con- 
nected to the output lines is a direct current motor. 

6. The apparatus of claim 1, wherein the device con- 
nected to the output line is an illuminating device. 

7. The apparatus of claim 1, wherein the device con- 
nected to the output lines is a battery charger. 

8. The apparatus of claim 1, wherein the device con- 
nected to the output lines is a DC-to-AC inverter. 
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10. The apparatus of claim 1 wherein the dipolar 
input is a dipolar antenna, 
rality of radio frequency to direct current converter 11. The apparatus of claim 10, wherein the dipolar 

antenna utilizes aluminum wire arranged in pair of tri- 
5 angular loops. 
circuits tuned to a particular radio frequency. sae oda 


9. The apparatus of claim 1, wherein there are a plu- 


circuits connected to one another to form an array of 
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1 
ATMOSPHERIC ELECTRICAL GENERATOR 


BACKGROUND OF THE INVENTION 


This invention relates to the production of electrical energy 
and more particularly to the production of electrical energy 
from the atmosphere. 

Everyone is familiar with Benjamin Franklin’ s kite experi- 
ment of 1752. Using a kite whose string had become wet, 
negative charges from the passing clouds flowed into the 
string, down to the suspended key, and then into a Leyden jar 
via a thin meta] wire. Franklin was protected by a dry silk 
string, but, when Franklin’s knuckle came too close to the 
key, he received a strong shock. Fortunately, Benjamin Fran- 
khn was not killed, others who tried this same experiment 
were not so lucky. 

Since then, the formation of lightning has remained some- 
thing of a mystery. Lightning bolts are triggered when a 
negatively charged cloud base induces a positive charge from 
the ground, thereby forming a “pathway” for the discharge of 
the collected electrical energy. 

Lightning travels up to 60,000 miles per hour with a flash 
that is brighter than ten million 100-watt lightbulbs. This 
wattage is as much power as is produced by all of the elec- 
tricity plants in the United States and with a voltage of up to 
300 million volts. 

It is this very fact, the power within lightning is immense, 
that has prevented any successful collection of the electrical 
energy from lightning. The electricity in lightning 1s far too 
extreme for current technology to harness. 

While lightning has attracted a energy starved industrial 
world, no one has developed any technique to harness this 
naturally occurring electrical source. 

It is clear there is a continuing need for an electrical source 
other than carbon-based fuels and that the naturally occurring 
electricity in the atmosphere is being ignored. 


SUMMARY OF THE INVENTION 


The invention is a mechanism which taps into the naturally 
occurring static electricity in the atmosphere. Whereas here- 
tofore, the attempt to garner electricity from the atmosphere 
has focused exclusively on capturing lightning, the present 
invention syphons off the static electricity which is generated 
from any agitated air and avoids lightning. 

Lightning is only the final discharge of the static electricity, 
whether that lightning is intra-cloud lightning, cloud-to- 
ground lightning, or inter-cloud lightning. Other types of final 
discharges are known as heat lightning, summer lightning, 


sheet lightning, ribbon lightning, silent lightning, ball light- ; 


ning, bead lightning, elves, jets, and sprites. Well before these 
discharges are observed, as the atmosphere becomes agitated 
by wind or thermal activity, static electricity is being gener- 
ated. 


The present invention recognizes that this static electricity 


is being formed and creates a mechanism to capture it. 

The mechanism of this invention utilizes an aircraft such as 
a lighter than air balloon. While the preferred embodiment 
uses a foil balloon, a variety of other aircraft are obvious to 
those of ordinary skill in the art, including, but not limited to: 
gliders, rubber balloons (such as weather balloons), biaxially- 
oriented polyethylene terephthalate polyester film balloons, 
and Jatex balloons. 

Within this discussion, the balloon is referenced, but, the 
invention is not intended to be limited solely to balloons. 

The balloon is sent aloft and is tethered by a conductive 
line. In this context, the conductive line may be any obvious 
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to those of ordinary skill in the art. For the preferred embodi- 
ment, the conductive line is a generically referred to as a 
“poly-rope” and is commercially available through a variety 
of sources. A suitable conductive line is described in US. Pat. 
No. 5,203,542, entitled “Apparatus for Improved Electric 
Fence Wire Construction for use with Intensive Grazing” 
issued Apr. 20, 1993, to Coley, et al. and incorporated hereinto 
by reference. 

The conductive line is played out of a winch to control the 
altitude of the balloon. The motor controlling the winch is 
able to reverse direction to both extend and withdraw the 
conductive line which is wrapped around a spool on the 
winch. The winch/spool combination are part of a base unit. 

In some embodiments of the invention, the spool is con- 
structed of rubber so as to insulate the conductive line from 
the winch assembly. In this embodiment, only the conductive 
line is charged by the atmospheric static electricity while the 
winch remains neutral. 

In yet another embodiment, the winch/spool are part of a 
base unit which is itself isolated from the ground by an insu- 
lator. In this embodiment, the entire base unit is charged by 
the atmospheric static electricity. 

A conductor, such as an insulated wire, is electrically con- 
nected to the conductive line. In one embodiment, where the 
conductive line is electrically isolated from the spool and 
winch motor, the conductor is connected to the conductive 
line. In the embodiment where the conductive line is electri- 
cally connected to the base unit, then the conductor is con- 
nected anywhere on a metallic base unit. 

The other end of the conductor is connected to a load. The 
load in this case can be any ofa variety of electrical loads well 
known to those of ordinary skill in art, including, but not 
limited to a motor, a battery system, or the electrical grid for 
the system. 

In the preferred embodiment, a sensor array is used to 
monitor the activities both at the base unit (such as electrical 
flow within the conductor) and in the surrounding locale. 

A sensor monitoring the electrical flow (i.e. voltage and/or 
current) within the conductor is used to monitor the electrical 
activity within the conductor. 

In the preferred embodiment, a lightning sensor monitors 
for lightning activity within the locale. As noted earlier, the 
electrical characteristic of lightning is so extreme that ideally 
this discharge is avoided as it might damage the mechanism of 
this invention. 

The sensor array is utilized by a controller, such as micro- 
processor, programmed to operate the mechanism as outlined 
herein. 

The controller operates the winch motor to extend or with- 
draw the conductive line and by extension the altitude of the 
balloon. The controller is programmed to operate the winch 
by monitoring the electrical characteristics of the conductor 
and adjusting the balloon’s altitude to maintain these charac- 
teristics within the conductor within a preset range. 

This preset range is established either in the base program- 
ming of the controller or is established by an operator of the 
system. 

As example, by controlling the amount of current being 
withdrawn from the atmosphere, the mechanism operates 
within a safe range and also provides a relatively stable cur- 
rent flow from which a variety of activities can take place 
(such as DC-AC conversion). 

The controller also utilizes the lightning sensor to protect 
the mechanism from a lightning strike. Should lightning be 
detected within a pre-determined range (as established by the 
software or defined by an operator), then the balloon is pulled 
down to minimize the risk of damage from a lightning strike. 
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The invention, together with various embodiments thereof 
will be more fully explained by the following description of 
the accompanying drawings. 


DRAWINGS IN BRIEF 


FIG. 1 diagrams the preferred embodiment of the inven- 
tion. 

FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 

FIG. 3 is a flow-chart of the operation of the controller for 
the preferred embodiment of the invention. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
from the atmosphere. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 


DRAWINGS IN DETAIL 


FIG. 1 diagrams the preferred embodiment of the inven- 
tion. 

Balloon 10 is an aircraft which, in this illustration, is a 
lighter than air balloon. Wings 10A, extending from the body 
of balloon 10, provide additional lift in air flow 18. Tail 10B 
helps to stabilize balloon 10. 

Balloon 10 is tethered to the ground via conductive line 12. 
As noted earlier, a variety of configurations and materials are 
available to serve as conductive line 12. In this illustration, a 
poly-wire is used Poly-wire is commercially available 
through a variety of vendors, including, but not limited to: 
Jeffers Livestock and Zareba Systems, Inc, of Ellendale, 
Minn. 

In this embodiment, located proximate to balloon 10, is an 
electrical collection enhancement lead 11 which assists in the 
collection of the static electrical charge in the atmosphere. 
Electrical collection enhancement lead 11 is configured to 
attract the static charge and conduct the charge into the con- 
ductive line 12. 

The electricity flows down the conductive line into spool 
13, where the conductive line 12 is collected and either with- 
drawn or dispensed through operation of winch motor 14. 

Winch motor 14 and spool 13 are mounted onto base unit 
16 which is electrically isolated from ground 7 using insulator 
17. Note, in this embodiment of the invention, when electric- 
ity is being collected from the atmosphere, the entire base unit 
16 becomes charged. In another embodiment of the invention, 
spool] 13 is constructed of rubber, thereby preventing base 
unit 16 from becoming charged, thereby restricting the charg- 
ing from the atmosphere to only conductive line 12. 

In this embodiment, conductor 6 is connected to base unit 
16 (since the entire base unit 16 is charged and the base unit 
is metallic) to communicate the electrical current to load 5. 
Conductor 6 is ideally an insulated wire. 

The electrical current through conductor 6 is measured 
using, sensor 8. 

In the alternative embodiment discussed above, where only 
the conductive line 12 is charged, then conductor 6 is con- 
nected to conductive line 12. 

Controller 15, located in this embodiment on base unit 16, 
operates winch motor 14 in response to signals from sensor 8 
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(measuring the current being discharged to load 5) to main- 
tain the current flow within a pre-defined range. As the current 
flow diminishes, then the conductive line 12 extended from 
spool 13 to increase the altitude of balloon 10 to that more 
static charge from the atmosphere is gathered; as the current 
flow falls exceeds a preset level, conductive line 12 is with- 
drawn onto spool 13 to decrease the static charge being col- 
lected from the atmosphere. 


The range of current flow through conductor 6 is ideally set 
by the program, although some embodiments of the invention 
permit an operator to establish this range of operation. 

In an alternative embodiment, the sensor monitoring con- 
ductor 6 monitors the voltage therein. 


In the preferred embodiment of the invention, controller 15 
is also equipped with a lightning sensor 19. In this embodi- 
ment, when lightning is sensed within a preset range, then 
substantially all of conductive line 12 is wound onto spool 13 
to pull balloon 10 near the ground and protect the entire 
mechanism from being damaged from a lightning discharge. 


In the preferred embodiment, the “safe” distance form 
lightning is set in the programming of controller 15 and is 
ideally two miles; other embodiments permit the operator to 
“safe” distance. 

There area variety of lightning sensors well known to those 
of ordinary skill in the art, including, but not limited to those 
described in: U.S. Pat. No. 7,016,785, entitled “Lightning 
Detection” issued to Makela, et al. on Mar. 21, 2006; U.S. Pat. 
No. 6,829,911, entitled “Lighting Detection and Prediction 
Alarm Device” issued to Jones, et al. on Dec. 7, 2004, U.S. 
Pat. No. 7,200,418, entitled “Detection of Lightning” issued 
to Karikuranta, et al. on Apr. 3, 2007; and US. Pat. No. 
6,961,662, entitled “Systems and Methods for Spectral Cor- 
rected Lightning Detection” issued to Murphy on Nov. 1, 
2005; all of which are incorporated hereinto by reference. 


In another embodiment of the invention, controller 15 is 
not located on base unit 16, rather it is remote and commu- 
nicates its control signals to winch motor 14 using radio 
waves. 

FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 


Static charges 23 are generated in the atmosphere by agi- 
tated air. These static charges are often collected at the bottom 
of clouds, but exist in other environments as well. 

Balloon 21 is extended into this strata of static charges 23 
which are then attracted to conductive line 12 to flow to base 
unit 22 and then onto load 5. 

By increasing or decreasing the altitude of balloon 21 
(defined by the length of the extended conductive line 12), 
conductive line 12 is selectively exposed to varying densities 
and levels of the static charge strata, and by extension, the 
current flow or voltage is increased or decreased. 

FIG. 3 is a flow-chart of the operation of the controller for 
the preferred embodiment of the invention. 


Once the program starts 30, the lightning sensor is checked 
to determine if lightning has occurred within the unsafe range 
31A, if it has, then the balloon is lowered 32.A, and the 
program continues monitoring the status of lightning until no 
lightning is detected. 

When the lightning status is acceptable, then the current 
within the conductor is checked to see if the current is within 
the prescribed range 31B. If the current is acceptable (within 
range) the program returns to check the lightning status 314; 
otherwise a determination is made to see if the current is 
above the prescribed range 31C. 
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If the current is above the prescribed range, then the alti- 
tude of the balloon is withdrawn a set amount 32B (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

If the current is below the prescribed range, then the alti- 
tude of the balloon is extended a set amount 32C (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

In this manner of feed-back and minor adjustments in the 
altitude of the balloon, the current is maintained within a 
prescribed range which can be handled by the downstream 
electrical system. 

As noted earlier, some embodiments of the invention moni- 
tor the voltage instead of the current. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

By maintaining the voltage being collected in a prescribed 
range, an electrical conversion system is easily designed. 
While FIGS. 4A, 4B, and 4C illustrate some electrical con- 
figurations, those of ordinary skill in the art readily recognize 
a variety of other configurations which will serve the same 
function. 

Referencing FIG. 4A, Direct Current In (DC IN) 40 is 
buffered by a gang of capacitors 41 before being communi- 
cated to a DC/AC converter 42. The DC/AC converter con- 
verts the direct current into a an alternating current suitable 
for placement over an existing electrical grid 43 such as 
normally found from a power-plant. 

Those of ordinary skill in the art readily recognize a variety 
of DC/AC converters, including, but not limited to: U.S. Pat. 
No. 7,394,671, entitled “Controller IC, DC-AC Conversion 
Apparatus, and parallel running system of DC-AC Conver- 
sion Apparatuses” issued to Fukumoto, et al. on Jul. 1, 2008; 
and, U.S. Pat. No. 7,330,366, entitled “DC-AC Converter” 
issued to Lee, et al. on Feb. 12, 2008; all of which are incor- 
porated hereinto by reference. 

FIG. 4B illustrates an electrical arrangement suitable for 
use in charging a battery. DC IN 40 is buffered by capacitor 
bank 41 before entering into a step down transformer 43. Step 
down transformer 43 reduces the voltage so that the voltage 
can safely be introduced into battery 44 which is connected to 
ground 45 at the battery’s other pole. 

Those of ordinary skill in the art readily recognize a variety 
of batteries which will work in this capacity, including, but 
not limited to those described in: U.S. Pat. No. 7,378,181, 
entitled “Electric Storage Battery Construction and Manutac- 
ture” issued to Skinlo on May 27, 2008; U.S. Pat. No. 7,388, 
350, entitled “Battery with Electronic Compartment” issued 
to Wright on Jun. 17, 2008; U.S. Pat. No. 7,397,220, entitled 
“Connection Member and Battery Pack” issued to Uchida, et 
al. on Jul. 8, 2008; and, U.S. Pat. No. 7,375,492, entitled 
“Inductively Charged Battery Pack” issued to Calhoon, et al. 
on May 20, 2008; all of which are incorporated hereinto by 
reference. 

In FIG. 4C, DC IN 40 is fed into an adjustable rheostat 46 
which is controlled by the controller so that the DC OUT 47 
falls within a specified range. 

FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 

This type of conductive line is commonly called poly-wire 
and consists of multiple interwoven strands of plastic 50A 
and 50B woven into a cord or rope arrangement having inter- 
twined therein exposed metal wires 51A and 51B. While this 
illustration shows two plastic strands and two metal wires, 
any number of possible combinations is possible. 
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The exposed metal wires 51A and 51B attract the atmo- 
spheric static charge and transmit the charge down to the base 
unit (not shown). 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
from the atmosphere. 

This conductive line utilizes a tube 60 having an outer layer 
62 of PET Film (Biaxially-oriented polyethylene terephtalate 
polyester film) which provides exceptionally high tensile 
strength and is chemically and dimensionally stable. The tube 
has an ideal diameter of between two and three inches. 

An interior metal coating 61 provides an initial conduit for 
the flow of static charge. The static charge through the metal 
forces the tube to expand due to the repulsion experienced by 
like charges. Further, the flow of electricity causes the interior 
of the tube 60 to become ionized to provide an additional 
pathway for the atmospheric static charges to the base unit 
(not shown). 

Because outer layer 62 provides a gas barrier, the resulting 
ionization is not dissipated by air currents, thereby providing 
a highly stable pathway. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

In this embodiment, controller box 70, resting on insulat- 
ing pad 72, is in communication with the sensors as described 
above. Using the input from these sensors, when there is flow 
of electricity through the base unit, warning flashing light 71 
is illuminated. To electrically neutralize the mechanism, 
switch 73 is activated to pass any existing current into the 
ground 74. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 

Referencing FIG. 8A, enhanced electrical collection lead 
82 is a Wire mesh which is in electrical communication with 
conductive line 81 and balloon 80. Because of the significant 
amount of metal exposed by enhanced electrical collection 
lead 82, more static electricity from the atmosphere is drawn 
to the collection lead 82, and then down conductive line $1 to 
the base unit (not shown). 

Conductive lead 82 is positioned proximate to balloon 80. 

In FIG. 8B, poly-wire 83 has enhanced electrical collection 
leads 84 wrapped therearound. Collection leads 84 have 
pointed ends 85A and 85B which have a propensity to attract 
more electricity than rounded ends do. 

It is clear from the foregomg that the present invention 
captures an entirely new source of electrical energy. 


What is claimed is: 

1. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon suspended in the atmosphere; 

b)a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line secured to said 
lighter than air balloon, a portion of said conductive line 
collecting electricity in the atmosphere, said winch 
motor capable of selectively extending or withdrawing 
said conductive line from said spool; 

¢) an insulator electrically isolating said conductive line 
from ground; 

d) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load being powered by collected electricity 
from said conductive line; 

e) an electrical flow sensor monitoring electrical flow 
through said conductor and generating an electrical flow 
indicia indicative of said electrical flow in said conduc- 
tor; and, 
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f) a controller receiving said electrical flow indicia and 
selectively operating said winch motor such that said 
electrical flow indicia remains within a selected operat- 
ing range. 

2. The mechanism to tap an electrical source according to 
claim 1, wherein said selected operating range is established 
by an operator. 

3. The mechanism to tap an electrical source according to 
claim 2, further including a warning light activated when said 
electrical flow indicia is non-zero. 

4. The mechanism to tap an electrical source according to 
claim 1, 

a) further including a lightning sensor generating a light- 
ning presence indicia indicative of lightning within a 
prescribed range, said presence indicia being communi- 
cated to said controller; and, 

b) wherein said control mechanism, in response to said 
lightning presence indicia, operates said winch motor to 
withdraw substantially all of said conductive line onto 
said spool. 

5. The mechanism to tap an electrical source according to 
claim 4, wherein said prescribed range is established by an 
operator. 

6. The mechanism to tap an electrical source according to 
claim 1, further including an electrical collection enhance- 
ment lead in electrical contact with a first end of said conduc- 
tive material, said electrical collection enhancement lead con- 
figured to attract static electricity. 

7. The mechanism to tap an electrical source according to 
claim 6, wherein said electrical collection enhancement lead 
is positioned proximate to said lighter than air balloon. 

8. The mechanism to tap an electrical source according to 
claim 7, wherein said electrical collection enhancement lead 
includes at least two pointed electrical conductors. 

9. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said con- 
ductive line from said winch motor. 

10. The mechanism to tap an electrical source according to 
claim 1, wherein said insulator electrically isolates said base 
unit from ground. 

11. A mechanism comprising: 

a) an airborne aircraft having a conductive line secured to 

a winch capable of extending or withdrawing said con- 
ductive line from a spool, when said airbome aircraft is 
aloft, said conductive line collecting electricity from the 
atmosphere, 

b) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load such that collected electricity from said 
conductive line powers said load; 
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c) an electrical flow sensor monitoring electrical flow 
through said conductor and generating an electrical flow 
indicia indicative of said electrical flow in said conduc- 
tor; and, 

d)a controller receiving said electrical flow indicia adjust- 
ing an altitude of said airborne aircraft via said winch 
such that said electrical flow indicia remains within a 
selected operating range. 

12. The mechanism to tap an electrical source according to 

claim 11, 

a) further including a lightning sensor communicating with 
said controller; and, 

b) wherein said controller, in response to selected signals 
from said lightning sensor withdraws substantially all of 
said conductive line. 

13. A mechanism to tap an electrical source comprising: 

a) a lighter than air balloon suspended in the atmosphere; 

b) a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line suspended by said 
balloon, a portion of said conductive line collecting elec- 
tricity from the atmosphere, said winch motor capable of 
adjusting an altitude of said lighter than air balloon by 
selectively extending or withdrawing said conductive 
line from said spool; 

c) a conductor having a first end electrically connected to 
said conductive line and a second end electrically con- 
nected to a load being powered by said collected elec- 
tricity from said conductive line; 

d) a sensor array having, 

1) an electrical flow sensor monitoring electrical flow 
through said conductor and generating an electrical 
flow indicia indicative of said electrical flow in said 
conductor, and, 

2) a lightning sensor monitoring existence of proximate 
lightning; and, 

e) a controller responsive to said electrical flow indicia 
from said sensor array to selectively operate said winch 
motor. 

14. The mechanism to tap an electrical source according to 

claim 13, 

a) further including a warning light; and, 

b) wherein said controller activates said warning light 
when said electrical flow in said conductor is non-zero. 

15. The mechanism to tap an electrical source according to 

claim 14, further including an electrical collection enhance- 
ment lead in electrical contact with said conductive material, 
said electrical collection enhancement lead configured to 
attract static electricity and positioned proximate to said 
lighter than air balloon. 
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(37) ABSTRACT 


Systems, methods and apparatus for harvesting atmospheric 
electricity are provided. The system includes a laser config- 
ured to form a plasma filament and a collector configured to 
collect electricity flowing along the plasma filament. The 
plasma filament comprises an electrically conducting plasma 
filament. Atmospheric electricity may be collected by having 
the plasma filament form at least a part of a conducting path: 
(1) between ground and a cloud, (2) between differently 
charged regions of the same cloud, (3) between differently 
charged regions of different clouds, and (4) between different 
regions of atmosphere, where there is a vertical voltage gra- 
dient. When the plasma filament is not long enough to form 
the entire conducting path, a lightning may be triggered to 
complete the conducting path needed to collect atmospheric 
electricity. 


21 Claims, 6 Drawing Sheets 
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SYSTEM FOR HARVESTING ATMOSPHERIC 
ELECTRICITY 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 


Not applicable. 
FIELD OF THE INVENTION 


The subject technology relates in general to a system for 
harvesting atmospheric electricity, and more particularly to a 
system that uses a laser to form an electrically conducting 
plasma filament for harvesting atmospheric electricity. 


BACKGROUND 


Itis well known that large quantities of electrical energy are 
present in the atmosphere and in lightning. Lightning was one 
of the first forms of electricity harnessed in the modern age by 
Benjamin Franklin in his famous kite experiment. 

A lightning discharge typically contains on the order of 
10'° Joules of energy. It has been estimated that the total 
electrical power of lightning across the Earth is of the order of 
10’? watts. Collection of electrical energy from clouds asso- 
ciated with lightning is a problem that needs to be resolved. 

Lightning is but a small part of the total electrical activity 
of the atmosphere. When a local build up of charge above the 
Earth exceeds the local breakdown potential of the atmo- 
sphere a lightning discharge occurs. However, there is a con- 
tinual invisible flow of charge from Ionosphere to Earth 
occurring day and night over the entire surface of the globe, 
which exceeds the global lightning power output by many 
times. The source of this flow of charge from the atmosphere 
to Earthis the Sun. Radiation from the Sun helps form most of 
the ions found in the Ionosphere, a highly charged region 
above the atmosphere, through ionization of atmospheric 
molecules. Solar radiation, particularly in the UV and soft 
x-ray bands, consist of photons whose energies are well 
suited to ionization. The Sun also emits continuously a solar 
wind of positively charged particles. These are captured by 
the Earth’s magnetic field and further contribute to the Iono- 
sphere. The positively charged region in the Ionosphere in 
turn induces (by electrostatic induction) a negative charge on 
the surface of the Earth. The Earth becomes in effect an 
enormous spherical capacitor. A potential gradient or electric 
field is thus established between the two “plates” of this 
capacitor, the Ionosphere (or Electrosphere) and the surface 
ofthe Earth. While the upper strata of the atmosphere conduct 
electricity reasonably well, the lower levels act as an insulator 
or dielectric. Near the surface of the Earth, this electrostatic 
potential gradient is on the order of about 100 Vin~! in sum- 
mer, rising to 300 Vm’ in winter. This flow of charge can be 
tapped and directed to provide useable electrical power. This 
source of atmospheric electricity has the following advan- 
tages: (1) Simple and robust technology: (2) Low cost tech- 
nology—imuch cheaper than photovoltaics or wind turbines; 
(3) Available day and night in all weather conditions—in fact, 
more power is produced at night than during the day; and (4) 
Available at any point on the Earth's surface. Collection of 
this source of atmospheric electricity is another problem that 
needs to be resolved. 


SUMMARY 


According to various aspects of the subject technology, a 
system for harvesting atmospheric electricity is provided that 
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solves some or all of the foregoing problems. In some aspects, 
the system may be used to harvest atmospheric electricity 
arising from an electrostatic potential gradient: (1) between 
ground and a cloud, (2) between differently charged regions 
of the same cloud, (3) between differently charged regions of 
different clouds, and (4) between different regions of atmo- 
sphere, where there is a vertical voltage gradient. In other 
aspects, the system may be used to harvest atmospheric elec- 
tricity arising from an electrostatic potential gradient between 
the Ionosphere (or Electrosphere) and the surface of the 
Earth. 

According to various aspects of the subject technology, a 
system for harvesting atmospheric electricity is provided. 
The system comprises a laser configured to form a plasma 
filament. The system also comprises a collector configured to 
collect electricity flowing along the plasma filament. 

According to various aspects of the subject technology, a 
method for harvesting atmospheric electricity is provided. 
The method comprises forming a plasma filament with a 
laser. The method also comprises collecting electricity flow- 
ing along the plasma filament. 

According to various aspects of the subject technology, an 
apparatus for harvesting atmospheric electricity is provided. 
The apparatus comprises means for forming a plasma fila- 
ment with a laser. The system also comprises means for 
collecting electricity flowing along the plasma filament. 

It is understood that other configurations of the subject 
technology will become readily apparent to those skilled in 
the art from the following detailed description, wherein vari- 
ous configurations of the subject technology are shown and 
described by way of illustration. As will be realized, the 
subject technology is capable of other and different configu- 
rations and its several details are capable of modification in 
various other respects, all without departing from the scope of 
the subject technology. Accordingly, the drawings and 
detailed description are to be regarded as illustrative in nature 
and not as restrictive. 


BRIEF DESCRIPTION OF THE DRAWINGS 


The accompanying drawings, which are included to pro- 
vide further understanding of the subject technology and are 
incorporated in and constitute a part of this specification, 
illustrate aspects of the subject technology and together with 
the description serve to explain the principles of the subject 
technology. 

FIG. 1 illustrates a first example of a system for harvesting 
atmospheric electricity. The system comprises a laser config- 
ured to form a plasma filament and a collector configured to 
collect electricity flowing along the plasma filament. The 
plasma filament forms a conducting path between ground and 
a cloud. 

FIG. 2 illustrates a second example of a system for harvest- 
ing atmospheric electricity. A plasma filament anda lightning 
together form a conducting path between ground anda cloud. 
A condensing mirror directs the beam of laser towards the 
cloud. 

FIG. 3A illustrates a third example of a system for harvest- 
ing atmospheric electricity. A laser system situated on an 
airplane forms two plasma filaments that together complete a 
conducting path between a first region ofa cloud and a second 
region of the cloud. The first region of the cloud and the 
second region of the cloud carry opposite electric charges. A 
collector configured to collect electricity flowing along the 
two plasma filaments is also situated on the same airplane as 
the laser system. 
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FIG. 3B illustrates a fourth example of a system for har- 
vesting atmospheric electricity. It is similar to FIG. 3A, 
except two lightnings complete the conducting path between 
a first region of a cloud and a second region of the cloud (i.e., 
a first lightning electrically connects the first region of the 
cloud to one of the plasma filaments and a second lightning 
electrically connects the second region of the cloud to the 
other plasma filament). 

FIG. 4 illustrates a fifth example of a system for harvesting 
atmospheric electricity. A laser system situated on an airplane 
forms two plasma filaments that together complete a conduct- 
ing path between a first cloud and a second cloud. The region 
of the first cloud that is connected to the first plasma filament 
and the region of the second cloud that is connected to the 
second plasma filament carry opposite electric charges. 

FIG. § illustrates a sixth example ofa system for harvesting 
atmospheric electricity. A laser situated on an airplane forms 
a plasma filament that completes a conducting path between 
a first region of atmosphere and a second region of atmo- 
sphere. A collector situated on the same airplane as the laser 
can collect electricity flowing along the plasma filament, 
because a vertical voltage gradient exists between the first 
region of atmosphere and the second region of atmosphere. 

FIG. 6 illustrates an example of a collector configured to 
collect electricity flowing along the plasma filament. The 
collector may be a charge collection circuit characterized by 
capacitance, inductance, and resistance. The electricity may 
be collected by charging a capacitor. 


DETAILED DESCRIPTION 


The detailed description set forth below is intended as a 
description of various configurations of the subject technol- 
ogy and is not intended to represent the only configurations in 
which the subject technology may be practiced. The 
appended drawings are incorporated herein and constitute a 
part of the detailed description. The detailed description 
includes specific details for the purpose of providing a thor- 
ough understanding of the subject technology. However, it 
will be apparent to those skilled in the art that the subject 
technology may be practiced without these specific details. In 
some instances, well-known structures and components are 
shown in block diagram form i order to avoid obscuring the 
concepts of the subject technology. Like components are 
labeled with identical element numbers for ease of under- 
standing. 

FIG. 1 illustrates a first example of a system 100 for har- 
vesting atmospheric electricity. The system 100 comprises a 
laser 110 configured to form a plasma filament 120 and a 
collector 130 configured to collect electricity flowing along 
the plasma filament 120. The plasma filament 120 forms a 
conducting path between ground and a cloud 140. 

The plasma filament 120 comprises an electrically con- 
ducting plasma filament. The plasma comprises of electrons 
and positive ions. The electrically conducting plasma fila- 
ment may be formed in atmosphere using an ultra short pulse 
laser (USPL). The USPL forms a plasma filament by raising 
the conductivity of a very smal] diameter channel (~100 
microns or less) for a very brief time. The propagation of high 
power (~10'* W/cm?) pulses from the USPL is accompanied 
by filamentation—self-channeling of femtosecond laser 
pulses in stable high-intensity light filaments with ~100 
microns diameters (so that the Kerr effect focusing balances 
defocusing due to plasma formation). This filamentation 
keeps the beam virtually free of diffraction divergence. The 
long plasma strings have high electron densities (10!°/cm*) 
which support high conductivities. The ionization of air at 
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these intensities results from multi-photon processes. Fila- 
mentation has been produced and detected at altitudes as high 
as 13-20 kin. Almost no beam scattering occurs in filamen- 
tation phenomenon, and virtually all the pulse energy is 
invested in ionization of air molecules. With the typical elec- 
tron density and channel diameter, a 160 mJ pulse is sufficient 
to generate a 1 km Jong channel. 

Once initiated, plasma filaments camnot go on forever, and 
typically only propagate a kilometer or so before energy 
depletion and exhaustion. However, by using two coaxial 
USPL projection optics having different time-lensing param- 
eters, a near and far filament could be initiated in a “daisy- 
chain” to extend the total Jength of the conductive channel. 
The onset of filamentation in the far filament is time-lensed to 
coincide with the exhaustion range of the near filament. Addi- 
tionally, using negative chirp, femtosecond laser pulses can 
propagate almost without loss until] different frequency com- 
ponents of the wave packet, propagating at different speeds 
due to dispersion in air, come together at a certain desired 
location so that the laser intensity there exceeds the filamen- 
tation threshold, resulting in long ionized filaments created at 
a distance of up to several miles from the laser source. In other 
words, negative chirp is used to essentially focus a beam of 
the laser at a desired distance to form the plasma filament 
there. Accordingly, this technique may be used to move the 
starting point and to extend the length of the plasma filament. 

The size, electrical conductivity, and lifetime of the plasma 
filaments are enhanced by an auxiliary radio-frequency elec- 
tromagnetic waves or microwaves. The plasma filament may 
act like an antenna to absorb the auxiliary radio-frequency 
(RF) electromagnetic waves or microwaves. 

The pulsed collection of electric charge and energy is 
repeated with an optimal (possibly very high) repetition rate 
of the pulsed laser and of the auxiliary RF waves or micro- 
waves. The energy collected per one pulse should exceed the 
energy spent on creating and enhancing the plasma filaments, 
so that the net energy collected is positive. The optimal pulse 
repetition rate (PRR) depends upon atmospheric conditions 
which can vary widely over even short time durations. As a 
general rule, one tries to tune the repetition rate to the plasma 
relaxation time (the ion-electron recombination time) so that 
the conductivity of the filament remain as high as is optimal 
given the atmospheric conditions at the time. A feedback 
contro] system that varies the PRR as well as the rest of the 
pulse-shaping parameters may be employed to optimize the 
net power production of the system. For more information 
regarding pulse shaping and tailoring, which is the central 
theme of the field called “quantum control”, please see A. 
Assion, T. Baumert, M. Bergt, T. Brixner, B. Kiefer, V. Sey- 
tried, M. Strehle, G. Gerber (30 October). “Control of Chemi- 
cal Reactions by Feedback-Optimized Phase-Shaped Femto- 
second Laser Pulses”. Science 282 (5390): 919-922. doi: 
10.1126/science.282.5390.919. PMID 9794756. 

FIG, 2 illustrates a second example of a system 200 for 
harvesting atmospheric electricity. A plasma filament 120 and 
a lightning 210 together form a conducting path between 
ground and a cloud 140. A condensing mirror 220 directs the 
beam of laser 110 towards the cloud 140. A collector 130 is 
configured to collect electricity flowing along the plasma 
filament 120. 

In the case of electricity collection from the cloud 140, the 
initial and RF-enhanced plasma filaments can be relatively 
short, not reaching al] the way from ground to the cloud 140. 
The relatively short plasma filament can be optimized so that 
it would trigger propagation of the so-called leader (as in 
natural lightning), which would effectively use the energy 
and potential of the cloud to eventually create an electrically 
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conducting path between ground and the cloud 140. The final 
conducting path would comprise ofa plasma filament 120 and 
a lightning 210. 

Itis not shown in the figures, but alternatively both the laser 
110 and the collector 130 may be placed on a mobile device, 
which moves together with the cloud. One such mobile device 
may be a vehicle moving on the ground, but another such 
mobile device may be an airplane flying in the air. In the case 
of an airplane flying in the air, plasma filaments may be 
formed by the laser to reach both ground and the cloud at the 
same time. In the event the plasma filament directed at ground 
is not long enough to reach ground, a lightning may also be 
formed to complete the conducting path to ground. 

FIG. 3A illustrates a third example of a system 300 for 
harvesting atmospheric electricity. A laser system situated on 
an airplane 310 forms two plasma filaments (321, 322) that 
together complete a conducting path between a first region 
331 of a cloud 330 and a second region 332 of the cloud 330. 


The first region 331 of the cloud 330 and the second region 2 


332 of the cloud 330 carry opposite electric charges. In the 
example shown here, the first region 331 of the cloud 330 
carties positive electric charges, while the second region 332 
of the cloud 330 carries negative electric charges. A collector 
configured to collect electricity flowing along the two plasma 
filaments is also situated on the same airplane 310 as the laser. 
Positive and negative charges are naturally separated within 
the cloud, so this example makes use of the electrostatic 
potential gradient between different regions of the same 
cloud. 

FIG. 3B illustrates a fourth example of the system 300 for 
harvesting atmospheric electricity. It is similar to FIG. 3A, 
except two lightnings (341, 342) complete the conducting 
path between a first region 331 of a cloud 330 and a second 
region 332 of the cloud 330 (i.e., a first lightning 341 electri- 
cally connects the first region 331 of the cloud 330 to one of 
the plasma filaments 321 and a second lightning 342 electri- 
cally connects the second region 332 of the cloud 330 to the 
other plasma filaments 322), The lightning formation is again 
because the initia] and RF-enhanced plasma filaments can be 
relatively short, not reaching all the way from the collector 
situated on airplane 310 to the cloud 330. These relatively 
short plasma filaments can be optimized so that they would 
trigger propagation of the so-called leader (as in natural light- 
ning), which would eventually create an electrically conduct- 
ing path between the two regions of cloud 330 via a connec- 
tion through airplane 310. The final conducting path would 
comprise of two plasma filaments (321, 322) and two light- 
nings (341, 342). Of course, one of the lightnings may not be 


formed, if one of the plasma filament can reach all the way : 


from airplane 310 to cloud 330. 

FIG. 4 illustrates a fifth example of the system 300 for 
harvesting atmospheric electricity. A laser system situated on 
an airplane 310 forms two plasma filaments (421, 431) that 


together complete a conducting path between a firstcloud 420 5 


and a second cloud 430. The region 422 of the first cloud 420 
that is connected to the first plasma filament 421 and the 
region 432 of the second cloud 430 that is connected to the 
second plasma filament 431 carry opposite electric charges. 
In the example shown here, region 422 of cloud 420 carries 
positive electric charges, while region 432 of cloud 430 carry 
negative electric charges. Positive and negative charges are 
naturally separated within the cloud, so this example makes 
use of the electrostatic potential gradient between different 
regions of different clouds. Once again, in case one of the 
plasma filament cannot reach all the way from airplane 310 to 
any one of the clouds, then lightning may be formed to com- 
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plete an electrically conducting path from airplane 310 to any 
one of the clouds. But these embodiments are not shown in the 
figures. 

FIG. § illustrates a sixth example of the system 300 for 
harvesting atmospheric electricity. A laser system situated on 
an airplane 310 forms a plasma filament 501 that completes a 
conducting path between a first region 510 of atmosphere and 
asecond region 520 of atmosphere. A collector situated on the 
same airplane 310 as the laser system can collect electricity 
flowing along the plasma filament 501, because a vertical 
voltage gradient exists between the first region 510 of atmo- 
sphere and the second region 520 of atmosphere. Because no 
clouds are needed for this embodiment, atmospheric electric- 
ity collection is possible under fair weather conditions (rely- 
ing on the naturally existing vertical voltage gradient in the 
atmosphere) as well as under foul weather conditions. 

FIG. 6 illustrates an example of a collector 130 configured 
to collect electricity flowing along a plasma filament 620. The 
collector may be a charge collection circuit characterized by 
capacitance 631, inductance 632, and resistance 633. The 
electricity may be collected by charging a capacitor associ- 
ated with capacitance 631. Battery 610 represents these natu- 
rally existing voltage sources: (1) between ground and a 
cloud, (2) between differently charged regions of the same 
cloud, (3) between differently charged regions of different 
clouds, and (4) between different regions of atmosphere, 
where there is a vertical voltage gradient. The plasma filament 
620 can, for the purpose of analysis and optimization of the 
charge collection process, be viewed as electromagnetic 
transmission lines characterized by their effective capaci- 
tance, inductance, and resistance per unit length. Accord- 
ingly, the parameters of the charge collection circuit and of 
the effective transmission line representing the plasma fila- 
ments are optimized, so as to maximize the net charge and 
energy collected (minus the energy spent on generating and 
enhancing the plasma filaments). 

The foregoing description is provided to enable a person 
skilled in the art to practice the various configurations 
described herein. While the subject technology has been par- 
ticularly described with reference to the various figures and 
configurations, it should be understood that these are for 
illustration purposes only and should not be taken as limiting 
the scope of the subject technology. 

There may be many other ways to implement the subject 
technology. Various functions and elements described herein 
may be partitioned differently from those shown without 
departing from the scope of the subject technology. Various 
modifications to these configurations will be readily apparent 
to those skilled in the art, and generic principles defined 
herein may be applied to other configurations. Thus, many 
changes and modifications may be made to the subject tech- 
nology, by one having ordinary skill in the art, without depart- 
ing from the scope of the subject technology. 

It is understood that the specific order or hierarchy of steps 
in the processes disclosed is an illustration of exemplary 
approaches. Based upon design preferences, it is understood 
that the specific order or luerarchy of steps in the processes 
may be rearranged. Some of the steps may be performed 
simultaneously. The accompanying method claims present 
elements of the various steps in a sample order, and are not 
meant to be limited to the specific order or hierarchy pre- 
sented. 

A phrase such as “an aspect” does not imply that such 
aspect is essential to the subject technology or that such 
aspect applies to all configurations of the subject technology. 
A disclosure relating to an aspect may apply to all configu- 
rations, of one or more configurations. An aspect may provide 
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one or more examples of the disclosure. A phrase such as an 
“aspect” may refer to one or more aspects and vice versa. A 
phrase such as an “embodiment” does not imply that such 
embodiment is essential to the subject technology or that such 
embodiment applies to all configurations of the subject tech- 
nology. A disclosure relating to an embodiment may apply to 
all embodiments, or one or more embodiments. An embodi- 
ment may provide one or more examples of the disclosure. A 
phrase such an “embodiment” may refer to one or more 
embodiments and vice versa. A phrase such as a “configura- 
tion” does not imply that such configuration is essential to the 
subject technology or that such configuration applies to all 
configurations of the subject technology. A disclosure relat- 
ing to a configuration may apply to all configurations, or one 
or more configurations. A configuration may provide one or 
more examples of the disclosure. A phrase such as a “con- 
figuration” may refer to one or more configurations and vice 
versa. 

Furthermore, to the extent that the term “include,” “shave,” 
or the like is used in the description or the claims, such term 
is intended to be inclusive in a manner similar to the term 
“comprise” as “comprise” is interpreted when employed as a 
transitional word in a claim. 

The word “exemplary” is used herein to mean “serving as 
an example, instance, or illustration.” Any embodiment 
described herein as “exemplary” is not necessarily to be con- 
strued as preferred or advantageous over other embodiments. 

A reference to an element in the singular is not intended to 
mean “one and only one” unless specifically stated, but rather 
“one or more.” The term “some” refers to one or more. Under- 
lined and/or italicized headings and subheadings are used for 
convenience only, do not limit the subject technology, and are 
not referred to in connection with the interpretation of the 
description of the subject technology. All structural and func- 
tiona] equivalents to the elements of the various configura- 
tions described throughout this disclosure that are known or 
later come to be known to those of ordinary skill in the art are 
expressly incorporated herein by reference and intended to be 
encompassed by the subject technology. Moreover, nothing 
disclosed herein is intended to be dedicated to the public 
regardless of whether such disclosure is explicitly recited in 
the above description. 


What is claimed is the following: 

1. A system for harvesting atmospheric electricity, com- 

prising: 

a laser configured to form a plasma filament comprising at 
least a first filament and a second filament, wherein onset 
of formation of the second filament coincides with an 
exhaustion range of the first filament; 

an auxiliary source of electromagnetic energy operable to 
enhance the plasma filament by applying electromag- 
netic energy to the plasma filament, and 

a collector contigured to collect electricity flowing along 
the plasma filament. 

2. The system of clam 1, wherein the plasma filament 

comprises an electrically conducting plasma filament. 

3. The system of claim 1, wherein the laser is a pulsed laser. 

4. The system of claim 3, wherein the pulsed laser is pulsed 

at an optimal repetition rate. 

§. The system of claim 1, wherein the electromagnetic 

energy comprises at least one of radio-frequency energy or 
microwave energy. 
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6. The system of claim 1, wherein the plasma filament 
forms at least a part of a conducting path between ground and 
a cloud. 

7. The system of claim 6, wherein at least one lightning 
forms another part of the conducting path between ground 
and the cloud. 

8. The system of claim 1, wherein the plasma filament 
forms at least a part of a conducting path between a first region 
ofa cloud and a second region of the cloud. 

9. The system of claim 8, wherein at least one lightning 
forms another part of the conducting path between the first 
region of the cloud and the second region of the cloud. 

10. The system of claim 1, wherein: 

the laser is further configured to form a second plasma 

filament, 

the plasma filament is connected to a region ofa first cloud, 

and 

the second plasma filament is connected to a region of a 

second cloud. 

11. The system of claim 1, wherein the plasma filament 
completes a conducting path between a first region of atmo- 
sphere and a second region of atmosphere. 

12. The system of claim 11, wherein a vertical voltage 
gradient exists between the first region of atmosphere and the 
second region of atmosphere. 

13. The system ofclaim 1, wherein the collector comprises 
a charge collection circuit. 

14. The system of claim 1, wherein the laser is situated on 
ground, 

15. The system of claim 1, wherein the laser is situated on 
a mobile device. 

16. Thesystem of claim 15, wherein the mobile device is an 
airplane. 

17. The system of claim 1, wherein negative chirp is used to 
move the starting point of formation of the plasma filament to 
a desired location. 

18. A method for harvesting atmospheric electricity, the 
method comprising: 

forming a plasma filament with a laser, wherein the plasma 

filament comprises at least a first filament and a second 
filament, and wherein onset of formation of the second 
filament coincides with an exhaustion range of the first 
filament; 

applying electromagnetic energy to the plasma filament to 

enhance the plasma filament; and 

collecting electricity flowing along the plasma filament. 

19. An apparatus for harvesting atmospheric electricity, the 
apparatus comprising: 

means for forming a plasma filament with a laser, wherein 

the plasma filament comprises at least a first filament 
and a second filament, and wherein onset of formation of 
the second filament coincides with an exhaustion range 
of the first tilament; 

means for applying electromagnetic energy to the plasma 

filament to enhance the plasma filament; and 

means for collecting electricity flowing along the plasma 

filament. 

20. The system of claim 1, wherein the laser is an ultra short 
pulse laser (USPL). 

21. The system of claim 1, wherein the laser comprises two 
coaxial USPL projection optics having different time-lensing 
parameters. 
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SYSTEM FOR CONVERTING 
ELECTROMAGNETIC RADIATION ENERGY 
TO ELECTRICAL ENERGY 


BACKGROUND OF THE INVENTION 


The invention relates generally to conversion of electro- 
magnetic radiation energy to electrical energy, and, more 
particularly, to conversion of high frequency bandwidths of 
the spectrum of a type of radiation known as zero point 
electromagnetic radiation to electrical energy. 


The existence of zero point electromagnetic radiation was 
discovered in 1958 by the Dutch physicist M. J. Sparnaay. 
Mr. Sparnaay continued the experiments carried out by 
Hendrik B. G. Casimir in 1948 which showed the existence 
of a force between two uncharged parallel plates which arose 
from electromagnetic radiation surrounding the plates in a 
vacuum. Mr. Sparnaay discovered that the forces acting on 
the plates arose from not only thermal radiation but also 
from another type of radiation now known as classical 
electromagnetic zero point radiation. Mr. Sparnaay deter- 
mined that not only did the zero point electromagnetic 
radiation exist in a vacuum but also that it persisted even at 
a temperature of absolute zero. Because it exists in a 
vacuum, zero point radiation is homogeneous and isotropic 
as well as ubiquitous. In addition, since zero point radiation 
is also invariant with respect to Lorentz transformation, the 
zero point radiation spectrum has the characteristic that the 
intensity of the radiation at any frequency is proportional to 
the cube of that frequency. Consequently, the intensity of the 
radiation increases without limit as the frequency increases 
resulting in an infinite energy density for the radiation 
spectrum. With the introduction of the zero point radiation 
into the classical electron theory, a vacuum at a temperature 
of absolute zero is no longer considered empty of all 
electromagnetic fields. Instead, the vacuum is now consid- 
ered as filled with randomly fluctuating fields having the 
zero point radiation spectrum. The special characteristics of 
the zero point radiation which are that it has a virtually 
infinite energy density and that it is ubiquitous (even present 
in outer space) make it very desirable as an energy source. 
However, because high energy densities exist at very high 
radiation frequencies and because conventional methods are 
only able to convert or extract energy effectively or effi- 
ciently only at lower frequencies at which zero point radia- 
tion has relatively low energy densities, effectively tapping 
this energy source has been believed to be unavailable using 
conventional techniques for converting electromagnetic 
energy to electrical or other forms of easily useable energy. 
Consequently, zero point electromagnetic radiation energy 
which may potentially be used to power interplanetary craft 
as well as provide for society’s other needs has remained 
unharnessed. 


There are many types of prior art systems which use a 
plurality of antennas to receive electromagnetic radiation 
and provide an electrical output therefrom. An example of 
such a prior art system is disclosed in U.S. Pat. No. 3,882, 
503 to Gamara. The Gamara system has two antenna struc- 
tures which work in tandem and which oscillate by means of 
a motor operatively attached thereto in order to modulate the 
radiation reflected from the antenna surfaces. The reflecting 
surfaces of the antennas are also separated by a distance 
equal to a quarter wavelength of the incident radiation. 
However, the Gamara system does not convert the incident 
radiation to electrical current for the purpose of converting 
the incident electromagnetic radiation to another form of 
readily useable energy. In addition, the relatively large size 
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of the Gamara system components make it unable to reso- 
nate at and modulate very high frequency radiation. 


What is therefore needed is a system which is capable of 
converting high frequency electromagnetic radiation energy 
into another form of energy which can be more readily used 
to provide power for transportation, heating, cooling as well 
as various other needs of society. What is also needed is such 
a system which may be used to provide energy from any 
location on earth or in space. 


SUMMARY OF THE INVENTION 


It is a principle object of the present invention to provide 
a system for converting electromagnetic radiation energy to 
electrical energy. 


It is another object of the present invention to provide a 
system for converting electromagnetic radiation energy hav- 
ing a high frequency to electrical energy. 


It is another object of the present invention to provide a 
system for converting zero point electromagnetic radiation 
energy to electrical energy. 


It is another object of the present invention to provide a 
system for converting electromagnetic radiation energy to 
electrical energy which may used to provide such energy 
from any desired location on earth or in space. 

It is another object of the present invention to provide a 
system for converting electromagnetic radiation energy to 
electrical energy having a desired waveform and voltage. 

It is an object of the present invention to provide a 
miniaturized system for converting electromagnetic radia- 
tion energy to electrical energy in order to enhance effective 
utilization of high energy densities of the electromagnetic 
radiation. 

It is an object of the present invention to provide a system 
for converting electromagnetic radiation energy to electrical 
energy which is simple in construction for cost effectiveness 
and reliability of operation. 

Essentially, the system of the present invention utilizes a 
pair of structures for receiving incident electromagnetic 
radiation which may be propagating through a vacuum or 
any other medium in which the receiving structures may be 
suitably located. The system of the present invention is 
specifically designed to convert the energy of zero point 
electromagnetic radiation; however, it may also be used to 
convert the energy of other types of electromagnetic radia- 
tion. The receiving structures are preferably composed of 
dielectric material in order to diffract and scatter the incident 
electromagnetic radiation. In addition, the receiving struc- 
tures are of a volumetric size selected to enable the struc- 
tures to resonate at a high frequency of the incident elec- 
tromagnetic radiation based on the parameters of frequency 
of the incident radiation and propagation characteristics of 
the medium and of the receiving structures. Since zero point 
radiation has the characteristic that its energy density 
increases as its frequency increases, greater amounts of 
electromagnetic energy are available at higher frequencies. 
Consequently, the size of the structures are preferably min- 
iaturized in order to produce greater amounts of energy from 
a system located within a space or area of a given size. In this 
regard, the smaller the size of the receiving structures, the 
greater the amount of energy that can be produced by the 
system of the present invention. 


At resonance, electromagnetically induced material defor- 
mations of the receiving structures produce secondary fields 
of electromagnetic energy therefrom which may have eva- 
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nescent energy densities several times that of the incident 
radiation. The structures are of different sizes so that the 
secondary fields arising therefrom are of different frequen- 
cies. The difference in volumetric size is very small so that 
interference between the two emitted radiation fields, and 
the receiving structures at the two different frequencies 
produces a beat frequency radiation which has a much lower 
frequency than the incident radiation. The beat frequency 
radiation preferably is at a frequency which is sufficiently 
low that it may be relatively easily converted to useable 
electrical energy. In contrast, the incident zero point radia- 
tion has its desirable high energy densities at frequencies 
which are so high that conventional systems for converting 
the radiation to electrical energy either cannot effectively or 
efficiently so convert the radiation energy or simply cannot 
be used to convert the radiation energy for other reasons. 


The system of the present invention also includes an 
antenna which receives the beat frequency radiation. The 
antenna may be a conventional metallic antenna such as a 
loop or dipole type of antenna or a rf cavity structure which 
partially encloses the receiving structures. The antenna feeds 
the radiation energy to an electrical conductor (in the case of 
a conventional dipole or comparable type of antenna) or to 
a waveguide (in the case of a rf cavity structure). The 
conductor or waveguide feeds the electrical current (in the 
case of the electrical conductor) or the electromagnetic 
radiation (in the case of the waveguide) to a converter which 
converts the received energy to useful electrical energy. The 
converter preferably includes a tuning circuit or comparable 
device so that it can effectively receive the beat frequency 
radiation. The converter may include a transformer to con- 
vert the energy to electrical current having a desired voltage. 
In addition, the converter may also include a rectifier to 
convert the energy to electrical current having a desired 
waveform. 


BRIEF DESCRIPTION OF THE DRAWINGS 


FIG. 1 is a plan view of the receiving structures and 
antenna of a first embodiment of the system of the present 
invention with a schematic view of the conductor and 
converter thereof and also showing the incident primary and 
emitted secondary electromagnetic radiation. 


FIG. 2 is a front view of the receiving structures, antenna 
and waveguide of a second embodiment of the system of the 
present invention with a schematic view of the converter 
thereof and also showing the incident primary and emitted 
secondary electromagnetic radiation. 


FIG. 3 is a perspective view of the receiving structures, 
antenna and waveguide of the second embodiment shown in 
FIG. 2 with a schematic view of the converter thereof and 
also showing the incident primary and emitted secondary 
electromagnetic radiation. 


FIG. 4 is a front view of the substrate and a plurality of 
pairs of the receiving structures and a plurality of antennas 
of a third embodiment of the system of the present invention 
with a schematic view of the conductor and converter 
thereof and also showing the incident primary and emitted 
secondary electromagnetic radiation. 


FIG. 5 is a top view of some of the components of the 
third embodiment of the system of the present invention 
showing two of the plurality of pairs of receiving structures 
and two of the plurality of antennas mounted on the sub- 
Strate. 


FIG. 6 is a diagram of a receiving structure of the system 
of the present invention showing an incident electromag- 
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netic plane wave impinging on the receiving structure and 
illustrating the directions of the electric and magnetic field 
vectors thereof. 


FIG. 7 is a diagram of a spherical coordinate system as 
used in the formulas utilized in the system of the present 
invention. 

FIG. 8 is a graph showing an imaginary p parameter 
plotted against a real p parameter illustrating the values 
thereof at resonance as well as values thereof at other than 
resonance. 


FIG. 9 is a graph showing a portion of the graphical 
representation shown in FIG. 8 illustrating the real and 
imaginary p values at or near a single resonance. 


DETAILED DESCRIPTION OF THE 
PREFERRED EMBODIMENT 


Referring to the drawings, a first embodiment of the 
present invention is generally designated by the numeral 10. 
The system 10 includes a first and second means for receiv- 
ing 12 and 14 incident electromagnetic radiation 16. The 
means for receiving 12 and 14 are preferably a pair of 
spherical structures 12 and 14 which are preferably com- 
posed of a dielectric material. Alternatively, the spheres 12 
and 14 may be cubical structures or any other suitable shape. 
The spheres 12 and 14 may be mounted on a suitable 
foundation by any suitable mounting means (not shown), or 
spheres 12 and 14 may be suspended from a suitable 
foundation by any suitable suspension means (not shown). 
The spheres 12 and 14 are preferably composed of a 
dielectric material. The dielectric spheres 12 and 14 scatter 
and concentrate electromagnetic waves. At very sharpely 
defined frequencies, the spheres 12 and 14 will have reso- 
nances wherein the internal energy densities can be five 
orders of mangitude larger than the energy density of the 
incident electromagnetic field driving the spheres 12 and 14. 
At resonance, the electromagnetic stresses, equivalent to 
pressures proportional to the energy density, can cause 
material deformation of the spheres 12 and 14 which pro- 
duce a secondary electromagnetic field. The spheres 12 and 
14 are preferably positioned proximal to each other, as 
shown in FIG. 1. Although the proximity of the spheres to 
each other will adversely affect the resonances, the very high 
“Q’s of the isolated-sphere resonances results in such 
adverse affect being relatively small. However, the proxim- 
ity of the spheres 12 and 14 allows the spheres to interact 
electromechanically which increases the magnitude of the 
secondary radiation emitted therefrom. 


The electromagnetic radiation incident upon the spheres 
12 and 14 which drives the spheres to resonance is prefer- 
ably zero point radiation 16. However, other types of elec- 
tromagnetic radiation may also be used to drive the spheres 
12 and 14, if desired. 


The effect of a dielectric sphere such as 12 or 14 on an 
incident electromagnetic radiation such as a plane wave 
thereof is shown in FIG. 6. The plane wave propagates in the 
z axis direction and is diffracted by the sphere 12 resulting 
in scattering thereof. This scattering is commonly known as 
Mie scattering. The incident radiation wave has an electric 
vector component which is linearly polarized in the x axis 
direction and a magnetic vector component which is linearly 
polarized in the y axis direction. 

An electromagnetic wave incident upon a structure pro- 
duces a forced oscillation of free and bound charges in synch 
with the primary electromagnetic field of the incident elec- 
tromagnetic wave. The movements of the charges produce a 
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secondary electromagnetic field both inside and outside the 
structure. The secondary electromagnetic radiation compris- 
ing this secondary electromagnetic field is shown in FIG. 1 
and designated by the numerals 18 and 20. An antenna 
which is shown simply as a loop antenna but may also be a 
dipole or any other suitable type of antenna is also shown in 
FIG. 1 and designated by the numeral 22. The nonlinear 
mutual interactions of the spheres produces interference 
between the secondary electromagnetic radiation 18 and 20 
_ produces a beat frequency radiation 24 which is preferably 
at a much lower frequency than the primary radiation 16. It 
is this beat frequency radiation 24 which is desired for 
conversion into electrical energy because it preferably is 
within the frequency range of rf radiation which may be 
converted into electrical energy by generally conventional 
systems. Thus, the radiation 24 received by the antenna 22 
is fed via an electrical conductor 26 to a means for convert- 
ing the beat frequency radiation 24 to electrical energy. This 
means for converting is designated by the numeral 28 and 
preferably includes a tuning capacitor 30 and a transformer 
32 and a rectifier (preferably a diode) 34. Instead of includ- 
ing the capacitor 30, transformer 32 and rectifier 34, the 
converter 28 may alternatively include an rf receiver of any 
suitable type. 

The resultant field at any point is the vector sum of the 
primary and secondary fields. For the equations that follow, 
the structure receiving the incident plane wave is a sphere of 
radius a having a propagation constant k, positioned in an 
infinite, homogeneous medium having a propagation con- 
stant k,. The incident plane wave propagates in the z axis 
direction and is as shown in FIG. 6. The spherical coordinate 
system used for the vector spherical wave functions is 
shown in FIG. 7. Expansion of the incident field provides: 
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The electric and magnetic fields of the incident wave 
transmitted into the sphere i.e., R<a, can be similarly 
expanded: 
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If j,(kR) is replaced by h,(k,R) in the previous equa- 
tions, the functions m® and n™ become m™ and n©. The 
outgoing fields i.c., R>a, are represented by: 
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where H, represents the resultant wave in the medium 
surrounding the sphere. At resonance, the values of p at 
resonance require that the a,’ and b,,’ coefficients be infinite. 
In order to determine these values of a,' and b,,, the 
boundary conditions at the sphere radius are needed. Since 
there must be continuity of the E and H values at the surface, 
the following equations are used: 


i,x(E+E,)=i,xE, and 
i,x(H+H,)=i,xH, 
which lead to two pairs of inhomogeneous equations: 
Op jp(NP)—Ap Ty (P)=jn(P) 
Hon (Npin(Np)I-t14n'[ph,?(p)]'=n,[p/,(P)]' and 
BoND a inNP tsb n hy (D-H) 
by INpj,(NP)]'-Nb,'[Ph,(p)!=NIpj,(P) 


where k,=Nk,, p=k,a, k,a=Np. Spherical Bessel functions 
of the first kind are denoted by j,,, while those of the third 
kind are denoted by h,,“?. The resulting equations are: 


tuin(P) PAM) — mM) Lpin(PT" 
prin(Np PAM (pI — poh?(p)LNpjn(NP)I' 


and 


___ BiNin(PPHP ODT — NAD PIP 
w2N2jn(Np)[phD(p)]' — wh(p)Npjn(NP)]' 


At aresonance, the denominator of either a,’ or b,' will be 
zero. Thus, p values are found using the above equations that 
correspond to a resonant combination of angular frequency 
(@) and radius (a) for a given sphere material and given 
surrounding medium. In determining such values of p, the 
following equations are also specifically used: 
and 


p=ak,= aw N e2p2 


Py = (k,/k2)p 


where p, corresponds to the sphere material. An iterative 
method is preferably used to find the desired values of p at 
resonance. In calculating p utilizing the above equations for 
purposes of example, it was assumed that y,=p)=Uo=40x 
10°’ and €,=€,=8.85419x10777. 

One major root of p which was found has a value of: 


Real (p)=+66.39752607619131 
Imaginary (p)=-0.634786707 1968998. 


These particular values are not shown in FIG. 8. However, 
other values of p found using the equations set forth herein 
are shown in FIG. 8. The peaks in FIG. 8 are the resonances. 
One of these resonances shown in FIG. 8 is shown in detail 
in FIG. 9. These resonance values are shown for purposes of 
example. Other resonances also exist which have not been 
determined; thus, not all possible resonance values are 
shown in FIGS. 8 and 9. 


> Pl om) 1:47/1:51 
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Calculation of these values also allows the determination 
of a possible am combination which would have these root 
values. For p, € (epsilon)=e, and p=Hp, and 


p=an \ €ou9 = aac. 


Expressed in SI units, the speed of light c=2.99792458x10'* 
m/s. If an a value of 10° m is assumed for the examples 
shown herein, then: 


w=pc/a~1,9919x10!*-i1.9044x10" radians/s. 


This is an example of the angular frequency required within 
the impingent EM radiation in order to create a resonant 
situation. Examples of other resonances were indicated, and 
these are shown in FIG. 8. No complex-frequency plane 
waves exist. Therefore, the calculations were made by 
considering only the real portion of the above root and 
setting the imaginary portion equal to zero. However, upon 
doing this, the iterative calculation procedure becomes 
insensitive to any root in the vicinity of the root’s real 
portion. In the iterative calculation procedure, initially a 
range of p values is input into the equations. These p values 
are in the neighborhood of the prospective root. A range of 
p values is subsequently studied to find any imaginary p i.e., 
fp (a function of p), peaks in that range. Next, once a peak 
has been chosen, the function order n giving the dominant fp 
is determined. This also gives a clue as to whether the peak 
is due to a magnetic resonance (a, approaches infinity) or an 
electrical resonance (b,, approaches infinity). A large number 
of Newton-Raphson iterations is preferably performed in 
order to converge upon a root p value. 

FIGS. 2 and 3 show a second embodiment of the present 
invention generally designated by the numeral 110. Embodi- 
ment 110 is essentially the same as embodiment 10 except 
that the antenna is a rf cavity structure 122 which feeds the 
received beat frequency radiation 124 to a waveguide 126. 
Embodiment 110 also preferably includes two spheres 112 
and 114 which receive the primary incident electromagnetic 
radiation 116 and emit the secondary electromagnetic radia- 
tion 118 and 120. As-with the spheres 18 and 20 of 
embodiment 10, spheres 118 and 120 are preferably com- 
posed of a dielectric material. Embodiment 110 also 
includes converter 128, capacitor 130, transformer 132 and 
rectifier 134 which are essentially identical to the corre- 
spondingly numbered elements of embodiment 10. There- 
fore, a description of these components of embodiment 110 
will not be repeated in order to promote brevity. In addition, 
the same equations and method of calculation set forth 
above with regard to embodiment 10 also apply to embodi- 
ment. Therefore, their description will not be repeated in 
order to promote brevity. 

FIGS. 4 and 5 show a third embodiment of the present 
invention generally designated by numeral 210. Embodi- 
ment 210 is essentially identical to the first embodiment 10 
except that the embodiment 210 includes a plurality of pairs 
215 of receiving means (spheres) 212 and 214 mounted on 
a substrate 236. The spheres 212 and 214 are thus in the form 
of an array 238. The pairs 215 of the array 238 are preferably 
positioned proximal to each other in order to maximize the 
amount of energy extracted from a particular area or space 
of a given size. Since, as set forth hereinabove, the energy 
density of the zero point radiation increases as the frequency 
of the radiation increases, it is desirable that the spheres 
resonate at as high a bandwidth of frequencies as possible. 
Because the spheres 212 and 214 must be small in direct 
proportion to the wavelength of the high frequencies of the 
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incident electromagnetic radiation 216 at which resonance is 
desirably obtained, the spheres 212 and 214 are preferably 
microscopic in size. Current lithographic techniques are 
capable of manufacturing such microscopically small 
spheres mounted on a suitable substrate thereby providing a 
suitably miniaturized system 210. A miniaturized system 
enhances the energy output capability of the system by 
enabling it to resonate at higher frequencies at which there 
are correspondingly higher energy densities. Consequently, 
utilization of array 238 in the system 210 enhances the 
maximum amount of electrical energy provided by the 
system 210. 

Lithographic techniques may be more amenable to manu- 
facturing microscopically small receiving structures 212 and 
214 which may be disc shaped, semispherical or have 
another shape other than as shown in FIGS. 4 and 5. 
Consequently, the receiving means 212 and 214 may accord- 
ingly have such alternative shapes rather than the spherical 
shape shown in FIGS. 4 and 5. In addition, a large number 
of small spheres may be manufactured by bulk chemical 
reactions. Packing a volume with such spheres in close 
proximity could enhance the output of energy. 

Embodiment 210 also includes a plurality of antennas 222 
positioned preferably between the spheres 212 and 214 
which receive the beat frequency radiation 224 produced by 
the interference between the secondary radiation 218 and 
220. The antennas 222 are shown as loop antennas 222 but 
may be any other suitable type of antennas as well. 

Embodiment 210 has a plurality of electrical conductors 
226 which preferably include traces mounted on the sub- 
strate 236 which occupies a finite volume. The electrical 
conductors 226 feed the electrical output from the antennas 
222 to a suitable converter 228 which preferably includes 
tuning capacitor 230, transformer 232 and rectifier 234, as 
with embodiments 10 and 110. Except as set forth above, the 
components of embodiment 210 are identical to embodiment 
10 so the detailed description of these components will not 
be repeated in order to promote brevity. In addition, the same 
equations and method of calculation set forth above for 
embodiment 10 also apply to embodiment 210. Therefore, 
the description of these equations and method of calculation 
will not be repeated in order to promote brevity. 

Accordingly, there has been provided, in accordance with 
the invention, a system which converts high frequency zero 
point electromagnetic radiation into electrical energy effec- 
tively and efficiently and thus fully satisfies the objectives 
set forth above. It is to be understood that all terms used 
herein are descriptive rather than limiting. Although the 
invention has been specifically described with regard to the 
specific embodiments set forth herein, many alternative 
embodiments, modifications and variations will be apparent 
to those skilled in the art in light of the disclosure set forth 
herein. Accordingly, it is intended to include all such alter- 
natives, embodiments, modifications and variations that fall 
within the spirit and scope of the invention as set forth in the 
claims hereinbelow. 

What is claimed is: 

1. A system for converting incident electromagnetic radia- 
tion energy to electrical energy, comprising: 

a first means for receiving incident primary electromag- 
netic radiation, said means for receiving producing 
emitted secondary electromagnetic radiation at a first 
frequency, said first means for receiving having a first 
volumetric size selected to resonate at a frequency 
within the frequency spectrum of the incident primary 
electromagnetic radiation in order to produce the sec- 
ondary electromagnetic radiation at the first frequency 
at an enhanced energy density; 
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a second means for receiving the incident primary elec- 
tromagnetic radiation, said means for receiving pro- 
ducing emitted secondary electromagnetic radiation at 
a second frequency, the secondary radiation at the first 
frequency and the secondary radiation at the second 
frequency interfering to produce secondary radiation at 
a lower frequency than that of the incident primary 
radiation, said second means for receiving having a 
second volumetric size selected to resonate at a fre- 
quency within the frequency spectrum of the incident 
primary electromagnetic radiation in order to produce 
the emitted secondary electromagnetic radiation at the 
second frequency at an enhanced energy density; 

an antenna for receiving the emitted secondary electro- 
magnetic radiation at the lower frequency, said antenna 
providing an electrical output responsive to the sec- 
ondary electromagnetic radiation received; 


a converter electrically connected to said antenna for 
receiving electrical current output from said antenna 
and converting the electrical current output to electrical 
current having a desired voltage and waveform. 

2. The system of claim 1 wherein: 


said first means for receiving is composed of a dielectric 
material; and 

said second means for receiving is composed of a dielec- 
tric material. 

3. The system of claim 1 wherein: 

said first means for receiving is spherical; and 

said second means for receiving is spherical. 

4. A system for for converting incident zero point elec- 
tromagnetic radiation energy to electrical energy, compris- 
ing: 

a first means for receiving incident primary zero point 
electromagnetic radiation, said means for receiving 
producing emitted secondary electromagnetic radiation 
at a first frequency; 

a second means for receiving the incident primary zero 
point electromagnetic radiation, said means for receiv- 
ing producing emitted secondary electromagnetic 
radiation at a second frequency, the secondary radiation 
at the first frequency and the secondary radiation at the 
second frequency interfering to produce secondary 
radiation at a beat frequency which is lower than that of 
the incident primary radiation; 

an antenna for receiving the emitted secondary electro- 
magnetic radiation at the lower frequency, said antenna 
providing an electrical output responsive to the sec- 
ondary electromagnetic radiation received; 


means for transmitting the emitted secondary electromag- 
netic radiation at the beat frequency from said antenna, 
said means for transmitting connected to said antenna; 


a converter connected to said means for transmitting for 
receiving the emitted secondary electromagnetic radia- 
tion at the beat frequency from said antenna and 
converting the same to electrical current having a 
desired voltage and waveform. 

5. The system of claim 4 wherein: 

said first means for receiving has a first volumetric 
spherical size selected to resonate in response to the 
incident primary electromagnetic radiation in order to 
produce the secondary electromagnetic radiation at the 
first frequency at an enhanced energy density; and 

said second means for receiving has a second volumetric 
spherical size selected to resonate in response to the 
incident primary electromagnetic radiation in order to 
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produce the emitted secondary electromagnetic radia- 
tion at the second frequency at an enhanced energy 
density, said first and second volumetric sizes selected 
based on parameters of propagation constant of said 
first and second means for receiving, propagation con- 
stant of medium in which said first and second means 
for receiving are located and frequency of the incident 
primary electromagnetic radiation. 

6. The system of claim 5 wherein the first and second 

volumetric sizes are selected by utilizing the formulas: 


pyin(P PRPC)! — mA p)Ipja(p)]" 
il ts 
uin(Np)[ohM()]' — poh (P)LNp in NP)! 


__ waNjn(P)LPHP OT — wNAN PLP In(ODT 
"po jp) PAM)! — APC) NAAN)" 


p=ao Venn, 


wherein at a resonance, the denominator of either equation 
for a,' or b,' will be approximately zero and wherein 
k,=propagation constant of the means for receiving, 
k,=propagation constant of medium through which the 
incident electromagnetic radiation propagates, ais the radius 
of either means for receiving, N=k,/k,, p=k,a, k,a=Np, 
a,,‘=magnitude of oscillations of the electric field of the nth 
order, b,,'=magnitude of oscillations of the magnetic field of 
the nth order, @=angular frequency of the incident electro- 
magnetic radiation, € is the permittivity of the material or 
medium and pis the permeability of the material or medium. 

7. The system of claim 6 wherein the radius of the first 
means for receiving is different from the radius of the second 
means for receiving, difference between the radius of said 
first means for receiving and the radius of said second means 
for receiving selected so that the beat frequency resulting 
from the difference is a frequency which facilitates conver- 
sion of the beat frequency electromagnetic radiation to 
electrical energy. 

8. The system of claim 4 wherein: 


said first means for receiving is composed of a dielectric 
material; and 

said second means for receiving is composed of a dielec- 
tric material. 

9. The system of claim 4 wherein: 

said first means for receiving is spherical; and 

said second means for receiving is spherical. 

10. The system of claim 4 wherein said antenna is 
positioned generally between said first and second means for 
receiving. 

11. The system of claim 4 wherein said antenna is a loop 
antenna. 

12. The system of claim 4 wherein said antenna is a 
generally concave shell partially enclosing said first and 
second means for receiving. 

13. The system of claim 4 wherein said means for 
transmitting is a waveguide. 

14. A system for for converting incident zero point 
electromagnetic radiation energy to electrical energy, com- 
prising: 

a substrate; 

a plurality of pairs of first means for receiving incident 
primary zero point electromagnetic radiation and sec- 
ond means for receiving incident primary zero point 
electromagnetic radiation, said plurality of pairs of 
means for receiving mounted on said substrate, said 
first means for receiving producing emitted secondary 
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electromagnetic radiation at a first frequency, said 
second means for receiving the incident primary zero 
point electromagnetic radiation producing emitted sec- 
ondary electromagnetic radiation at a second fre- 
quency, the secondary radiation at the first frequency 
and the secondary radiation at the second frequency 
interfering to produce secondary radiation at a beat 
frequency which is lower than that of the incident 
primary radiation, said first means for receiving having 
a first volumetric size selected to resonate in response 
to the incident primary electromagnetic radiation in 
order to produce the secondary electromagnetic radia- 
tion at the first frequency at an enhanced energy den- 
sity, and said second means for receiving having a 
second volumetric size selected to resonate in response 
to the incident primary electromagnetic radiation in 
order to produce the emitted secondary electromagnetic 
radiation at the second frequency at an enhanced 
energy density, said first and second volumetric sizes 
selected based on parameters of propagation constant 
of said first and second means for receiving, propaga- 
tion constant of medium in which said first and second 
means for receiving are located and frequency of the 
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incident primary electromagnetic radiation, said first 
and second volumetric sizes being different from each 
other; 


a plurality of antennas for receiving the emitted secondary 


electromagnetic radiation at the lower frequency, said 
antenna providing an output responsive to the second- 
ary electromagnetic radiation received, said plurality of 
antennas mounted on said substrate, each of said plu- 
rality of antennas receiving the emitted secondary 
electromagnetic radiation of one of said pairs of first 
and second means for receiving; 


means for transmitting the emitted secondary electromag- 


netic radiation at the beat frequency from said antenna, 
said means for transmitting connected to said plurality 
of antennas; 


a converter connected to said means for transmitting for 


receiving the emitted secondary electromagnetic radia- 
tion at the beat frequency from said antenna and 
converting the same to electrical current having a 
desired voltage and waveform. 


* *- # #* * 


12/31/2018 H. Perrigo: Aether Energy Electrical Generator 
"The machines I made out there did the work", Mr Perrigo said, "but they were bulky and bunglesome and got out of order easily. 


"Other things than getting rid of bulk bothered me, too. My early machines were affected by passing air currents. Power would increase 
when I fanned the machine or when a person walked past it, and decrease when the atmosphere was calm. 


"The machine I have now gives a steady flow of current, whether in the basement, 14,000 feet in the air, in a motor car or on a fast 
moving train. The copper pegs in the wooden block do that." 


The Completed Machine ~ 


The Perrigo consists of only four parts: two lead plates, a wooden block and a coil of copper wire. The coil that Mr Perrigo says will 
deliver 500 horsepower is 10 inches across, 4 inches high, of solid copper. Fine copper wire is wound smoothly about neat rows of copper 
stays, hardly larger than a toothpick, but longer, as long as the coil is high. The wire is connected in many devious ways. In those 
connections is the secret of the mysterious power. 


The lead plates for this size Perrigo are a foot square. On each plate are 100 spring coils of copper wire, spaced in rows, an inch apart. 
The plates appear identical, but are different in the way the connections of hair-like copper wire run from one coil to another. 


The wooden block is a foot square, also, and an inch thick. One hundred copper plugs run through the block, spaced just as the coils on 
the lead plates are spaced. Each plug is a bundle of copper stays, making a contact. 


That is all there is to the Perrigo, so far as anyone can see. Complete, the 500 horsepower size weighs 87 and one-half pounds. There are 
no moving parts. 


A Perrigo to operate an ordinary size motor car need be no larger than a 1-pound coffee can", Mr Perrigo said. "A size to provide all the 
current needed to heat and light a 5-room house will go into the can. The different sizes can be made to furnish any desired voltage, and 
either direct or alternating current, by a slight change in the wiring." 


The Inventor Explains It ~ 
Trying to avoid technical terms, difficult business for an engineer, Mr Perrigo explained his invention this way: 


"The device is a generator as truly as the power-driven rotary generator in any power plant. Those generators don't actually 'make' 
electricity. They condense it from the air. So does the Perrigo. But it does it through the system of wiring, rather than revolutions through 
a magnetic field. I get my starting point from the air by breaking up the ether waves. The coils on the lead plates do that. I know why they 
do. It's the way they are connected, one from the other. That's my secret. 


"They do break up the ether waves, gathering electricity and conducting it into the big coil underneath. That's the generator. Its size and 
the way it is wired determines the voltage, the horsepower. Outgoing wires from this coil take the 'juice' where you want it and it is there 
when you want it." 


Mr Perrigo has great plans for his electric 'chore boy' and great faith in it. 
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"It will replace every other source of power, light and heat", he predicts. "It means the doom of the steam engine, the end to coal mining, 
to the cutting of timber for fuel. It means petroleum will be used only for lubrication. It means smokeless, sootless cities. It means 
chimneys will disappear from housetops. It means cheap power for the farmer, the reclamation of much country that cannot be irrigated 
now because power is not available." 


What Other Persons Think ~ 


Mr Perrigo is able to impart his faith to others, too. The enthusiasm of persons who have seen the device work is second only to that of 
Mr Perrigo himself. 


S.W. Fries, an electrical engineer, and district sales manager here for the Economy Fuse and Manufacturing Company, saw the Perrigo 
first about three months ago. 


"When I heard about the machine through Dr McDowell, I told him it couldn't be done", Mr Fries said the other day. "I've been 
converted. I don't know how it works, but it does. Its possibilities are too big to grasp. Its use will mean a new age in industry. I believe 
Mr Perrigo will be the most widely known inventor in the world as soon as his device comes into general use, and he will become one of 
the world's most wealthy men, just from returns which already seem assured." 


"Mr Perrigo gets enough electricity from somewhere to knock him unconscious", Dr O.W. Butler (3700 Benton Blvd) pointed out. "I've 
been called to his house many times in the last four years to revive him, and once I carried him out of his basement. He has worked at his 
experiments as long as four days and nights without sleep --- worked until his health is broken and his constitution is a bundle of jagged 
nerves." 


"How are you going to manufacture your machine and get it on the market?" Mr Perrigo was asked when he asserted there was no stock 
for sale and he was seeking no financial aid. 


"Responsible backers are furnishing all the money I need for experiments, models for the patent office and other work I'm doing now", he 
answered. 


"As soon as one final amendment to my patent application is approved I'll be ready to permit motor car manufacturers to make the 
Perrigo in their own plants, charging them a small royalty on each machine. They will be eager for it when they see what it is. This will 


provide funds enough in a short time for my associates and myself to being to manufacture the machines for home use. 


"We don't expect to sell the Perrigo. We will lease them on the same plan the telephone companies use for their machines, charging a 
monthly rent, probably about $3 for a 5-room cottage size. That's cheap enough, isn't it, for all heat and light and power? 


"I've always said I never would sell out to any big corporation. My invention is for the benefit of the poor amn. Even on that basis I'll get 
more money out of it than I can ever use." 


The Householder's Point of View ~ 
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Mr Perrigo explained that it will not be necessary for the householder who desires the Perrigo installed to buy an expensive electric 
furnace, electric range or any special equipment. 


"A gas range can be wired through the pipes which now carry gas", he said. "It will be necessary only to replace the gas burners with 
electric heating plates and install snap switches where the gas valves are now. A furnace can be fitted in the same way, by removing the 
grate. No change will be necessary with the lights. The new machine will be installed where the meter is now. That's all." 


"When one man has a machine, won't it be possible for his neighbors to come in, see how it works, and manufacture their own?" Mr 
Perrigo was asked. 


"No", he answered, "Each one will be sealed, just as the electric meter is sealed. To break the seal will put it out of order and the 
subscriber will have to call for a 'trouble' man. Anyway, if a man would take one apart he couldn't put it back together again without my 
drawings and blueprints. That's my secret and I'll keep it." 

A Demonstration ~ 

When a visitor expressed a desire to see a machine actually produce light or power or heat, Mr Perrigo acquiesced. He went to the 
basement and returned almost immediately, bearing a boxlike affair, mounted on a little platform. A small electric motor, light sockets 
and switches were on the platform. The top of the box was glass. Through it Mr Perrigo pointed out parts of the machine inside. 

Mr Perrigo fastened the loose ends of two wires that extended from the box to the connection posts of the motor and pushed a switch 


button. The motor started at once. The inventor said he had not changed the machine or even opened the box, which was closed with 
screws since he made it five years ago. 


Kansas City Star (March 27, 1922) ~ 
"Can't Use His Invention" 


Patent Laws Prevent Demonstration, H.E. Perrigo Tells Inquirer ~ 


Miami, OK --- To The Star: "In your paper of January 15 there appeared a wonderful story relating to the invention of Harry E. Perrigo, 
an electrical engineer of Kansas City, of a device to generate electrical energy. 


"One got the impression from reading the story that Mr Perrigo's device was a demonstrated success, that it had been patented, and that 
he was practically ready to permit its manufacture as a source of power. 


"It was a whale of a story and interested me, for it seemed if it were true that his device was destined to have as far-reaching influence on 
the human race in the future as the grain binder and the gas engine had had in the past. 


"I wrote to various publications devoted to mechanics and electricity, seeking further information. None knew anything about it. One said 
no such device had been patented, another that a vast amount of research and experimentation had been done in an effort to develop such 
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a device and that the only result had been failure. 


"I would like to know if Mr Perrigo's device has been patented and if he is prepared at the present time to demonstrate it in a convincing 
way." 


The story of Mr Perrigo's invention was printed in the Star as the record of an ambitious and interesting enterprise. The apparent success 
of the device was vouched for by persons who had seen the machine in operation and were convinced it produced the results Mr Perrigo 
claimed for it. 

Questioned recently as to new developments, Mr Perrigo said there could be no new mechanical developments. 

"The machine has been developed to a state as near perfect as I can make it, for two years", he said. "I am waiting for the patent office to 
take final action. My applications have been approved and investigation has shown no conflicting patents on record. The rest is simply a 
matter of routine work in the patent office. As soon as the final patents are granted I'll be ready to manufacture the Perrigo. 

"I can't give a demonstration without going to considerable trouble to set the machine up. Of can't keep it set up, nor even use it in my 


home, because technically that would amount to 'commercial use' and would interfere with the granting of patent rights." 


(1) Harry E. Perrigo, the inventor of a "free energy" device which he believes will revolutionize all industry ~ 
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INDUSTRY ~ 


(2) Here, Perrigo says, is his secret: the 100 little spring coils of copper wire break up the aether waves and conduct the electricity they 
gather into the big generating coil. There are two of these plates, identical in appearance but different in wiring. 
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(3) The 100 little bundles of copper stays form the plugs driven through the wooden block are soldered over the ends, making them 
appear smooth. 
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(4) Mr. Perrigo's first machine, as he remembers it, was a crude device made from two embroidery hoops, a table leaf, bread box and 
other materials picked up around the house. 
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(5) The top of the big coil, showing the ends of the copper stays and the windings of wire. The space separating the two parts of the coil 
are the "field gap", Mr. Perrigo says. 
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(7) The complete Perrigo, without its wooden case. The drawing was made from a machine Mr. Perrigo made by hand which, he says, has 
developed more than 500 horsepower. The commercial machine will be an exact copy of this. 
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(8) This is the machine the writer saw in operation. It was built by Mr. Perrigo 5 years ago for demonstration in Washington, when the 
inventor successfully opposed a war measure which would have prevented for a period of 17 years the granting of his patents on any "free 


energy" device. The operation of this machine, on the speaker's table in the lower House, is recorded in the Congressional Record, 
December 15, 1917, pages 369-383. [Actually, pp. 357-372] 
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Kansas City Journal (August 7, 1927), page 1 ~ 


"Power Drawn From Air Propels Auto Over K.C. Streets" 
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Inventor Claims Tiny Motor Will Drive Plane Around World, Doing Away With Transportation of Fuel 


A motor car was driven 40 miles an hour in Kansas City yesterday on power drawn from the air. 


A device making this feat possible was demontrated after years of rebuffs and failures by its inventors, Harry Perrigo, 1116 Bennington 
Avenue, in the presence of Col, Paul Henderson, Chicago, vice president of the National Air Transport Inc., air mail contractors. 


"It is the greatest invention since the stone age", was Col. Henderson's comment. 


Lou E. Holland, president of the Chamber of Commerce, who saw the demonstration with Col. Henderson, was enthusiastic over the 
invention and said he believed it would have a great effect on public utilities if it can ever be brought into general use. 


Coils Gather Power ~ 


The device consists of a plate 14 inches square which, by a multiple arrangement of connected copper coils, it was explained, attracts 
electric current from the air. 


The electricity thus trapped passes through a generator and to a regular direct current motor, which was connected to the transmission 
shaft of the car. 


Mr Perrigo has been working on the device more than 10 years. Three years ago he suffered a nervous breakdown and has been back at 
his workshop only two months. 


While photographers focused their cameras, Mr Perrigo and his wife entered his roadster in which the device was installed. He turned a 
switch and the motor hummed. 


The inventor sat silent, listening. Then he threw in the clutch gently. The car moved away with only the sound of the cogs, whining softly 
as they meshed. He threw it into high and sped away. 


At the corer of 10th Street and Bennington Avenue, near his home, he stopped the machine while movie cameramen ground their 
machines. Then he backed it and turned around, stopping in the middle of the street. 


Later Mr Perrigo took the car out for a spin. It breezed along at 40 miles an hour. 
"100 Just As Easy" ~ 
"I could make it go 100 miles an hour just as easily", the inventor remarked, "if it were not for the danger of hurting someone." 


The total weight of the motor, generator and controls is about 86 pounds, according to the inventor. In the rear of the car are reduction 
coils, because the device is five times too powerful for the work of pulling the car, Mr Perrigo said. 
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The proper motor for a Reo car will not weigh more than 30 pounds", he said. "The motor to run a Chevrolet will weigh not more than 10 
pounds. An airplane motor would weigh around 50 pounds, and with that motor the air traveler could go around the world without 
waiting." 


Col. Henderson walked around the machine, inspecting it. 
"What it would mean to my airplanes", he said, "--- no weight for motors, no space for gas, no motor trouble." 
Like other spectators, he had difficulty in believing what he saw. 


The work of bringing the invention to its present state of development has been the story of a lone man working with the unknown, 
usually meeting with discouragement. 


Congress Wouldn't Believe ~ 


Five years ago, the inventor took one of his electric motors to Washington, set the boxlike contrivance on the speaker's stand in Congress 
and ran a motor and five lights with it. They called it an infernal machine. 


Even now, when he is seeking patents for his invention, the patent office refuses to believe the principles he advances are possible. 


"The machine has been taken up in an airplane 10,000 feet and it operated the same as if it were on the ground", Mr Perrigo said. "It has 
been tried out in hot places and cold places." 


He pictures it as power for every purpose --- the farm, the factory, the office, doing away with coal, gas, cost of water power and the 
cumbersome weight of engines. 


The models of the machine now are being kept in bank vaults. 


Mr Holland is convinced, after two weeks investigation, that the invention is genuine. 


Kansas City Journal (August 8, 1927), p. 3 ~ 
"Perrigo Dreams Of Aiding Humanity With Ether Wave Machine" 


Inventor Declares Generator, When Patented, Shall Not Be "Hogged" or "Shelved", But World Will Reap Benefits Of Cheap 
Power. 


Homes lighted and meals cooked for a cost of $5 per month; motor cars operating with a quart of lubricating oil about once every six 
months and a little grease in the rear axles and yet damaging no existing corporations by the working of these revolutions. 


These are the dreams of H.E. Perrigo, 1116 Bennington Avenue, inventor of the Perrigo ether wave generator. 
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Lou E. Holland, president of the Chamber of Commerce and Col. Paul Henderson, general manager of the National Air Transport, Inc., 
are convinced his invention is practical. 


Mr Holland, Mr Henderson and newspaper men Saturday witnessed a demonstration in which Mr Perrigo drove a motor car on electric 
power generated from the air. 


"It is too early yet to talk to manufacturing the invention", Mr Holland said yesterday. "The patent rights must be perfected in both the 
United States and foreign countries. Also, it must be made clear that nothing will be done to demoralize present power manufacturing." 


Mr Perrigo's invention is the result of more than 12 years labor on the part of the inventor. 
"Twelve years ago I conceived the idea that the generation of power from ether waves was possible, while I was employed ion the power 
plant at Pee Dee, NC, where some wires not connected with anything that was 'live' seemed to be generating power", Mr Perrigo said 


yesterday. 


"After more than a year of experimenting I finally produced light in a bulb about the size of those used in flash lights. Now in my 
laboratory I light three 300 watt globes from a wire no larger than the thread which holds the button on a man's overcoat. 


"Three times in my experiments I was knocked unconscious because I did not know how much power it would generate. 


"The invention has been tested under all conditions. It has been strapped to the running board of a locomotive running between Kansas 
City and Chicago, it has been tested in an airplane at a height of 12,000 feet. It will generate power anywhere that air circulates. 


"With the invention every home will have its own power plant and all the electricity needed for any purpose can be provided at a roughly 
estimated cost of $5 per month. 


"The Kansas City Public Service company, for instance, could afford to install these plants because they would eliminate the enormous 
overhead which is the principal expense of such companies." 


Both Mr Perrigo and Mr Holland made it plain that the invention will not be permitted to upset the electrical world. No one will be given 
exclusive rights of its use, they said. 


"Any person or any manufacturer can use the invention who will pay the royalty fees", Mr Perrigo explained. "No one will be permitted 
to 'hog' the invention and no one can purchase it and shelve it. 


"I have no doubt that it will bring me more money than Mrs Perrigo and I will need to supply our simple wants and I want humanity to 
benefit. 


"I want to see rural sections which have remained barren because it cost too much to pump the water to irrigate them, spring into bloom. I 


want to see the smallest farm house in the most isolated places with its electric lights and stoves; in other words, I want humanity to 
benefit." 
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"How about the gasoline industry if motor cars are to be run without fuel?" he was asked. 


"The supply of petroleum is limited", he answered. "There are 30 other purposes to which petroleum products can be turned, so the oil 
producers will not suffer." 


"Can you explain your invention so that the non-technically trained can understand it?" 


"That would be difficult, especially without divulging information that is now in the patent office; besides, the generation of power 
always is difficult to explain. 


"Electric generators have been used in power plants for a great many years. We all know what you have to do to make a generator and we 
all know that electricity is its product but we don't know very much about what really is going on inside that generator." 


While the patents for his device still are pending, Mr Perrigo is keeping his working models in the vault of a downtown bank to prevent 
the possibility of their being copied. 





Kansas City Star (August 7, 1927) ~ 
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"Electricity Power from Air?" 
An invention that will revolutionize radically all power producing and power using machinery of the entire world, if in practical use it 
equals the miracle of its demonstration, was given a showing here yesterday to newspaper men and Lou E. Holland, president of the 


Chamber of Commerce. 


It is a device to collect electrical energy from the ether and convert it into a powerful current of electricity of a type dissimilar in many 
ways from the direct or alternating current now known to electricians. 


So far as could be determined even by the most skeptical of those witnessing the demonstration yesterday, the device is exactly what 
Harry E. Perrigo, the inventor, asserts it to be -- a method for collecting natural electricity from the ether, in unlimited quantity and 
without cost. 

More Power Than Needed ~ 

One feature of the demonstration was the operation of a motorcar by power from a small model of the invention. The engine had been 
removed from the car and an electric motor substituted. The device supplied power in such quantity that it had to be reduced and yet 


propelled the car with speed and ease. 


A detailed examination of the car showed the absence of any possible form of power except the inventor’s small device and it is of such 
an open type that one may see clear through the mass of wires and coils. 


Other demonstrations were given with other models of the device, with the machine and electric lights and motors held in the hands of 
spectators, yet the device produced current to do any electrical task assigned to it. 


Col. Paul E. Henderson, general manager of the National Air Transport, Inc., was there with Mr Holland, being his guest for the day. He 
took an active part in the testing and enthusiastically was declaiming the invention as revolutionary. 


Cheap As Similar Motor ~ 


To operate a motor car would require a model weighing about 20 pounds, Mr Perrigo computes, but he has given no thought the probable 
cost of building it. However, he estimates the cost at no more than an electric motor of the same size. 


A device of the size of a coffee can would light and heat an average home, he declares, cutting off forever all fuel and lighting bills. 


And one can go on and dream of an electrified world with free power for all industries and operations, increased yields of foods from dry 
areas that cold be irrigated with this free energy, the passing of wood and coal and oil as fuels. 


At first thought, not one of the persons seeing yesterday's demonstration could give much credence to the inventor's declaration that his 
invention was a way to obtain unlimited electrical power from the ether without any cost. 
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There was not a doubter left as to the success of the demonstration, but the witnesses could not in any sense qualify as electrical 
engineers. 


Electricity Always In Ether ~ 


As near as a layman can understand, Mr Perrigo's theory is the revolution of the earth sets up a form of electric currents that are forever 
present in the ether. His theory is to capture those electrical impulses in very much to same way that a radio antenna picks up the 
programs broadcast from WDAF. Instead of a machine to turn the radio impulses into music, Mr Perrigo has a machine to turn the ether's 
electrical store into controlled power. He declares it is really no more mysterious than the fact that an electric dynamo picks electricity out 
of the air, although the dynamo must have a power to revolve it while his device sits perfectly still and seemingly produces many fold 
more electricity than a dynamo of the same bulk. 


Demonstrating the different nature of this electricity, Mr Perrigo showed how high voltage could be transmitted over hair-size wires and 
light a series of electric lamps although a sufficient power of the well known electricity to light those lamps would have melted the small 
wires immediately. 


Clearer Light Than Usual ~ 


And it imparted an unusual glow to the electric lamps, giving them a clear brilliancy with none of the effervescent haze that surrounds the 
wires in a lamp when lighted with ordinary electricity. 


Mr Perrigo has spent years on his invention. Years ago he conceived the idea that there was an unlimited source of electricity in the air 
that could be harnessed with a collector. He has not reached the present measure of success without a row of hard knocks along the way. 


In whatever neighborhood he has lived since moving here 15 years ago, it has been common knowledge that Mr Perrigo was the frequent 
victim of electric shocks that often came near proving fatal. He has been revived by pulmotors time and again. 


The first model of his device was constructed with makeshift material. A leaf from Mrs Perrigo's dining room table was the basis, with 
the bread box used, sheets torn up and the strips shellacked to be used for insulation. But as junky as it was, it operated a small motor, and 
that original model is still preserved and used a s part of his demonstration. 


Sickness Delayed His Work ~ 


In 1922 he got the device to such a point of perfection that he went before Congress and defeated a war-time measure that proposed to 
give 17-year rights to another person for a blanket patent on all free energy devices. 


Then three years of sickness came, and the invention progressed slowly. Mrs Perrigo is not electrically inclined, but she has carried 
forward the experiments under his direction and has always been his assistant. 


Mr Perrigo is not offering stock for sale and says he has made all necessary arrangements for financing the device when it is ready for 
manufacture. 
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Photo Caption: In a semi-public demonstration here yesterday of an invention said by its inventor to be able to collect electricity from 
the ether, in unlimited quantity and without cost, a motor car was propelled with perfect success, then an examination of the car allowed 
to show the absence of engine, storage battery or other usual form of power. The upper photograph shows under the motorcar hood, 
engine missing and an electric motor in its place. The equipment above the motor is a series of resistance coils, the collection device used 
being too powerful for the motor. The middle photograph shows the collector placed on the floor by the driver, a makeshift arrangement 
for the test. Below is Mr Perrigo, with his wife, seated in the test car. Lou E. Holland, president of the Chamber of Commerce, is standing 
on the near side of the car. Col. Paul E. Henderson, general manager of the National Air Transport, Inc., stands on the other side. They 
were among those attending the demonstration. 


Kansas City Times (August 8, 1927) ~ 
"Electricity from the Air" 
H.E. Perrigo, a nervous, red-haired little electrician, stood last nigh among a confused display of strange devices in is basement workshop 
at 1116 Bennington Avenue. He was still a bit haggard from an illness of three years, but is energy, dynamic as that which his devices 


"pick out of the air", was unabated. Mr. Perrigo had just returned from a conference with Lou E. Holland, president of the Chamber of 
Commerce. 
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"There are no batteries in this room", he said. "There are no light and power wires. There is nothing but these unconnected accumulators 
you see before you." 


On an old kitchen chair stood an object about one and one-half feet square, several inches thick. It appeared to consist of two parallel 
metal squares, separated and held together by numerous pegs woven around which was a maze of thin copper wires. It stood on edge, 
resting against the back of a chair. On the seat of the chair was a round metallic object, resembling, at a glance, a huge spring, a foot and a 
half in diameter, from an alarm clock. In a mechanical sense it was in no way similar. But it might as well have been an alarm clock 
spring, for all Mr. Perrigo would tell of its construction. The first object was the collector, the second the generator. 


No Moving Parts, No Wheels ~ 


Neither had any moving parts. They have no wheels. They are immobile, simply an arrangement of wires. On the to edge of the flat box 
was a switch. Thence ran two wires, connected with forty-five 100-watt standard electric light bulbs. 


Mr. Perrigo pulled the switch. There was no arc as the contact was made. The 45 bulbs flashed brightly and burned with a steady white 
glow. There was never a flicker. He turned 44 lights off, leaving one. It did not flicker as the 44 lights went off and on. 


"This little device, the Perrigo Electric Accumulator", said Mr. Perrigo, will light 8,000 bulbs as easily as it lights one. I can build one of 
any size, to produce the results that any amount of dynamo electricity will produce." 


He picked up a little narrow box, in the top of which was a pane of glass, through which one might see more pegs, more intricate wiring. 
He connected a small electric fan to the poles, and the fan whizzed. 


Tests Everywhere But Under The Sea ~ 


"There are skeptics yet", he said. "Some think I am picking up leaking electricity. This free energy device has been tested at an altitude of 
12,000 feet, on the sea, on deserts, everywhere except in a submarine. Everywhere it runs smoothly, without fluctuation". 


In his Reo roadster he had a large motor mounted, the one he demonstrated Saturday to Lou E. Holland, president of the Chamber of 
Commerce, and Col. Paul E. Henderson, general manager of the National Air Transport, Inc. Mr. Perrigo crawled into the seat, threw a 
switch, and a big all-speed motor, standing in the place of the gasoline engine, roared. 


"Rheostat control", said Mr. Perrigo. "It will run at all speeds. I do not need clutches". 


There were two "mystery boxes" in the car, one of which picked the electricity out of the ether, the inventor explained, another which 
regulated its intensity. 


"It will be on the market in the near future", Mr. Perrigo said. "I cannot say more at this time. It will be manufactured by a Kansas City 
company. 


"We do not intend to harm the men who produce electrical current by other means. Perhaps they will manufacture and distribute the little 
units. The can do it gradually, so there will not be a sudden, destructive revolution. That is bad economy. There is to be no monopoly. But 
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In 1926. Harry E. Perrico claimed to have discovered a method to tap the energy from atmospherics. He even had a car which he converted to run on 
electricity. that was generated in his ether wave accumulator". 


He applied for a patent December 31 1925 with serial number 78,715 being assigned. Perrigo's patent application Is considered a "classic" In patent 
law and Is listed under the classification of Perpetual Motion Machines and other Impossible Inventions. 


Despite the Patent Office's attitude towards Perrico's invention, there were a number of reputable people who claimed to have witnessed his device In 
action producing useable electric power. 


The existence of electromagnetic radiation, the modem term, or electric waves In the ether as it used to be called was known by Hertz, a research 
scientist who discovered the photoelectric effect 


In 1887. Atmosphierics, an electrical disturbance in the atmosphere, were known to produce noises In the early radio telegraph stations, some being 
strong enough to drown out the received signal. 





> Perrigo deduced that here was a possible source of electrical power. 


All that was needed was a method of transforming the existing radiation Into useable energy. Hie claimed to have developed a mechanism to intercept 
and collect from the general ether field electric wave energy and to transform it into useable electromotive force. 


http://www.linux-host.org/energy/sperrogos.htm 2/6 


11/9/2018 www.linux-host.org/energy/sperrogos.htm 


The basic method he used was an antenna arrangement which collected and resisted the Incoming energy raising It to a high enough current sewed 
where it could be run through a special electrical transformer to further intensify the available power. 





side view 
sairines alsetanil af Periecn Tnsrention Tan Antenna 


Perrigo's antenna was derived from his experiments with various wire shapes, sizes and arrangements. One of his more successful attempts was to 
partially pound 100 roofing nails into a board a 10 x 10 array and wrap very fine wire around each nail,making it a small electromagnet. 


Then by trial and error approach he connected the ends of the electromagnets to other nails in such a way that there was a maximum voltage between 
the wire and the nail.. His patent apes any mirrored this electrical connection scheme in a more refined electromechanical npraseh: 


Two ielaltkor plates were made With 100 round raf oeualtne RAGS in a square 10 X 10 array 
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The accumulator plates were then sandwiched together with an insulator material between them. The insulator had 100 holes matching the protrusions 
on the plates. Placed in each hole was a special coil wrapped around a bundle of wire . Once the accumulator plates were sandwiched ,a measureable 
electrical voltage existed between points A and B on plates one and two respectively. 
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coil sandwich board 





side view of coil Sandwich 


A very complicated transformer was attached to these two points. ~ 
The plates were set on top of the transformer and Perrigo claimed this arrangement enhanced the energy accumulation process. 
I have no idea of what materials the plate or protrusions were made The patent drawing would lead one to believe they are the same material. 
It could be a metal or a nonconductor. such as wood or a combimation. The protrusions were connected by the same wiring scheme _ 
Previously mentioned for the roofing nail model. The connections were different for the two plates. : 


_ (See diagrams for the plates connections 





egel@main.murray.net.au 


Geoff Egel 18 Sturt Street, Loxton ,5333, South Australia Australia. 
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(37) ABSTRACT 


An antenna for the collection of atmospheric static electricity 
in which an electrically conductive hub is suspended from a 
balloon or blimp via a tether. The hub is either solid or uses a 
spoke/arm arrangement. A number of rods extend from the 
hub enhance the collection of atmospheric static electricity. 
The collected atmospheric electricity is conducted from the 
rods to an electrical connection where the electricity is con- 
ducted to earth via a conductive line. 
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ATMOSPHERIC STATIC ELECTRICITY 
COLLECTOR 


This is a continuation in part of U.S. patent application Ser. 
No. 12/218,297, filed on Jul. 14, 2008, now U.S. Pat. No. 
7,855,476 and entitled, “Atmospheric Electrical Generator”. 


BACKGROUND OF THE INVENTION 


This invention relates to the production of electrical energy 
and more particularly to the collection of static electricity 
from the atmosphere. 

Everyone is familiar with Benjamin Franklin’ s kite experi- 
ment of 1752. Using a kite whose string had become wet, 
negative charges from the passing clouds flowed into the 
string, down to the suspended key, and then into a Leyden jar 
via a thin meta] wire. Franklin was protected by a dry silk 
string, but, when Franklin’s knuckle came too close to the 
key, he received a strong shock. Fortunately, Benjamin Fran- 
khn was not killed, others who tried this same experiment 
were not so lucky. 

Since then, the formation of lightning has remained some- 
thing of a mystery. Lightning bolts are triggered when a 
negatively charged cloud base induces a positive charge from 
the ground, thereby forming a “pathway” for the discharge of 
the collected electrical energy. 

Lightning travels up to 60,000 miles per hour with a flash 
that is brighter than ten million 100-watt lightbulbs. This 
wattage is as much power as is produced by all of the elec- 
tricity plants in the United States and with a voltage of up to 
300 million volts. 

It is this very fact, the power within lightning is immense, 
that has prevented any successful collection of the electrical 
energy from lightning. The electricity in lightning is far too 
extreme for current technology to harness. 

While lightning has attracted a energy starved industrial 
world, no one has developed any technique to harness this 
naturally occurring electrical source. 

It is clear there is a continuing need for an electrical source 
other than carbon-based fuels and that the naturally occurring 
electricity in the atmosphere is being ignored. 


SUMMARY OF THE INVENTION 


The invention is a mechanism which taps into the naturally 
occurring static electricity in the atmosphere. Whereas here- 
tofore, the attempt to garner electricity from the atmosphere 
has focused exclusively on capturing lightning, the present 
invention syphons off the static electricity which is generated 
from any agitated air and voids lightning. 

Lightning is only the final discharge of the static electricity, 
whether that lightning is intra-cloud lightning, cloud-to- 
ground lightning, or inter-cloud lightning. Other types of final 
discharges are known as heat lightning, summer lightning, 


sheet lightning, ribbon lightning, silent lightning, ball] light- ; 


ning, bead lightning, elves, jets, and sprites. Well before these 
discharges are observed, as the atmosphere becomes agitated 
by wind or thermal, static electricity is being generated. 

The present invention recognizes that this static electricity 
is being formed and creates a mechanism to capture it. 

The mechanism of this invention utilizes an aircraft such as 
a lighter than air balloon. While the preferred embodiment 
uses a foil balloon, a variety of other aircraft are obvious to 
those of ordinary skill in the art, including, but not limited to: 
gliders, rubber balloons (such as weather balloons), biaxially- 
oriented polyethylene terephthalate polyester film balloons, 
and latex balloons. 
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Within this discussion, the balloon is referenced, but, the 
invention is not intended to be limited solely to balloons. 

The balloon is sent aloft and is tethered by a conductive 
line. In this context, the conductive line may be any obvious 
to those of ordinary skill in the art. For the preferred embodi- 
ment, the conductive line is a generically referred to as a 
“poly-rope” and is commercially available through a variety 
of sources. A suitable conductive line is described in U.S. Pat. 
No. 5,203,542, entitled “Apparatus for Improved Electric 
Fence Wire Construction for use with Intensive Grazing” 
issued Apr. 20, 1993, to Coley, et al. and incorporated hereinto 
by reference, 

The conductive line is played out of a winch to contro] the 
altitude of the balloon. The motor controlling the winch is 
able to reverse direction to both extend and withdraw the 
conductive line which is wrapped around a spool on the 
winch. The winch/spool combination are part of a base unit. 

In some embodiments of the invention, the spool is con- 
structed of rubber so as to insulate the conductive line from 
the winch assembly. In this embodiment, only the conductive 
line is charged by the atmospheric static electricity while the 
winch remains neutral. 

In yet another embodiment, the winch/spool are part of a 
base unt which is itself isolated from the ground by an insu- 
lator. In this embodiment, the entire base unit is charged by 
the atmospheric static electricity. 

A conductor, such as an insulated wire, is electrically con- 
nected to the conductive line. In one embodiment, where the 
conductive line is electrically isolated from the spool and 
winch motor, the conductor is connected to the conductive 
line. In the embodiment where the conductive line is electri- 
cally connected to the base unit, then the conductor is con- 
nected anywhere on a metalic base unit. 

The other end of the conductor is connected to a load. The 
load in this case can be any ofa variety of electrical loads well 
known to those of ordinary skill in art, including, but not 
limited to a motor, a battery system, or the electrical grid for 
the system. 

In the preferred embodiment, a sensor array is used to 
monitor the activities both at the base unit (such as electrical 
flow within the conductor) and in the surrounding locale. 

A sensor monitoring the electrical flow (i.e. voltage and/or 
current) within the conductor is used to monitor the electrical 
activity within the conductor. 

In the preferred embodiment, a lightning sensor monitors 
for lightning activity within the locale. As noted earlier, the 
electrical characteristic of lightning is so extreme that ideally 
this discharge is avoided as it might damage the mechanism of 
this invention. 

The sensor array is utilized by a controller, such as micro- 
processor, programmed to operate the mechanism as outlined 
herein. 

The controller operates the winch motor to extend or with- 
draw the conductive line and by extension the altitude of the 
balloon. The controller is programmed to operate the winch 
by monitoring the electrical characteristics of the conductor 
and adjusting the balloon’s altitude to maintain these charac- 
teristics within the conductor within a preset range. 

This preset range is established either in the base program- 
ming of the controller or is established by an operator of the 
system. 

As example, by controlling the amount of current being 
withdrawn from the atmosphere, the mechanism operates 
within a safe range and also provides a relatively stable cur- 
rent flow from which a variety of activities can take place 
(such as DC-AC conversion). 


US 8,102,082 B2 


3 


The controller also utilizes the lightning sensor to protect 
the mechanism from a lightning strike. Should lightning be 
detected within a pre-determined range (as established by the 
software or defined by an operator), then the balloon is pulled 
down to minimize the risk of damage from a lightning strike. 

An aspect of the present invention is the use of an antenna 
which are used to collect the atmospheric static electricity. 
The antenna is shaped as a hub which is suspended from the 
blimp/balloon. The hub is ideally spoked shaped although an 
alternative embodiment uses a solid hub. 

A number of rods extend from the hub so as collect atmo- 
spheric static electricity These rods are ideally rounded at the 
ends to enhance the attraction of the atmospheric static elec- 
tricity. 

The collected atmospheric electricity is conducted from 
the rods to an electrical connection on the hub where the 
electricity is conducted to a power plant on earth such as 
described above. 


The invention, together with various embodiments thereof > 


will be more fully explained by the following description of 
the accompanying drawings. 


DRAWINGS IN BRIEF 


FIG. 1 diagrams the preferred embodiment of the inven- 
tion. 

FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 

FIG. 3 is a flow-chart of the operation of the controller for 
the preferred embodiment of the invention. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
from the atmosphere. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 

FIGS. 9A and 9B are side views and top views of an 
embodiment of the antenna used to collected atmospheric 
electricity. 

FIG. 10 is a top view of an alternative embodiment of the 
antenna of this invention. 

FIG. 11 is a side view of yet another alternative embodi- 
ment of the antenna used to collect atmospheric electricity. 

FIG. 12 is the preferred embodiment of the antenna of this 
invention. 


DRAWINGS IN DETAIL 


FIG. 1 diagrams the preferred embodiment of the inven- 5 


tion. 

Balloon 10 is an aircraft which, in this illustration, is a 
lighter than air balloon. Wings 10A, extending from the body 
of balloon 10, provide additional lift in air flow 18. Tail 10B 
helps to stabilize balloon 10. 

Balloon 10 is tethered to the ground via conductive line 12. 
As noted earlier, a variety of configurations and materials are 
available to serve as conductive line 12. In this illustration, a 
poly-wire is used. Poly-wire is commercially available 
through a variety of vendors, including, but not limited to: 
Jeffers Livestock and Sareba Systems, Inc. of Ellendale, 
Minn. 
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In this embodiment, located proximate to balloon 10, is an 
electrical collection enhancement lead 11 which assists in the 
collection of the static electrical charge in the atmosphere. 
Electrical collection enhancement lead 11 is configured to 
attract the static charge and conduct the charge into the con- 
ductive line 12. 

The electricity flows down the conductive line into spool 
13, where the conductive line 12 is collected and either with- 
drawn or dispensed through operation of winch motor 14. 

Winch motor 14 and spool 13 are mounted onto base unit 
16 which is electrically isolated from ground 7 using insulator 
17. Note, in this embodiment of the invention, when electric- 
ity is being collected from the atmosphere, the entire base unit 
16 becomes charged. In another embodiment of the invention, 
spool 13 is constructed of rubber, thereby preventing base 
unit 16 from becoming charged, thereby restricting the charg- 
ing from the atmosphere to only conductive line 12. 

In this embodiment, conductor 6 is connected to base unit 
16 (since the entire base unit 16 is charged and the base unit 
is metalic) to communicate the electrical current to load §. 
Conductor 6 is ideally an insulated wire. 

The electrical current through conductor 6 is measured 
using sensor 8. 

In the alternative embodiment discussed above, where only 
the conductive line 12 is charged, then conductor 6 is con- 
nected to conductive line 12. 

Controller 15, located in this embodiment on base unit 16, 
operates winch motor 14 in response to signals from sensor 8 
(measuring the current being discharged to load 5) to main- 
tain the current flow within a pre-defined range. As the current 
flow diminishes, then the conductive line 12 extended from 
spool 13 to increase the altitude of balloon 10 to that more 
static charge from the atmosphere is gathered; as the current 
flow falls exceeds a preset level, conductive line 12 is with- 
drawn onto spoo] 13 to decrease the static charge being col- 
lected from the atmosphere. 

The range of current flow through conductor 6 is ideally set 
by the program, although some embodiments of the invention 
permit an operator to establish this range of operation. 

In an alternative embodiment, the sensor monitoring con- 
ductor 6 monitors the voltage therein. 

In the preferred embodiment of the invention, controller 15 
is also equipped with a lightning sensor 19. In this embodi- 
ment, when lightning is sensed within a preset range, then 
substantially all of conductive line 12 is wound onto spool 13 
to pull balloon 10 near the ground and protect the entire 
mechanism from being damaged from a lightning discharge. 

In the preferred embodiment, the “safe” distance form 
lightning is set in the programming of controller 15 and is 
ideally two miles; other embodiments permit the operator to 
“safe” distance. 

There area variety of lightning sensors well known to those 
of ordinary skill in the art, including, but not limited to those 
described in: U.S. Pat. No. 7,016,785, entitled “Lightning 
Detection” issued to Makela, et al. on Mac. 21, 2006; U.S. 
Pat. No. 6,829,911, entitled “Lightning Detection and Predic- 
tion Alarm Device” issued to Jones, et al. on Dec. 7, 2004; 
US. Pat. No. 7,200,418, entitled “Detection of Lightning” 
issued to Karikuranta, et al. on Apr. 3, 2007; and USS. Pat. No. 
6,961,662, entitled “Systems and Methods for Spectral Cor- 
rected Lightning Detection” issued to Murphy on Nov. 1, 
2005; all of which are incorporated hereinto by reference. 

In another embodiment of the invention, controller 15 is 
not located on base unit 16, rather it is remote and commu- 
nicates its control signals to winch motor 14 using radio 
waves, 
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FIG. 2 illustrates the collection of the negative charged 
particles in the atmosphere. 

Static charges 23 are generated in the atmosphere by agi- 
tated air. These static charges are often collected at the bottom 
of clouds, but exist in other environments as well. 

Balloon 21 is extended into this strata of static charges 23 
which are then attracted to conductive line 12 to flow to base 
unit 22 and then onto load 5. 

By increasing or decreasing the altitude of balloon 21 
(defined by the length of the extended conductive line 12), 
conductive line 12 is selectively exposed to varying densities 
and levels of the static charge strata, and by extension, the 
current flow or voltage is increased or decreased. 

FIG. 3 is a flowchart of the operation of the controller for 
the preferred embodiment of the invention. 

Once the program starts 30, the lightning sensor is checked 
to determine if lightning has occurred within the unsafe range 
31A, if it has, then the balloon is lowered 32A, and the 
program continues motoring the status of lightning until no 
lightning is detected. 

When the lightning status is acceptable, then the current 
within the conductor 1s checked to see if the current is within 
the prescribed range 31B. If the current is acceptable (within 
range) the program returns to check the lightning status 31A; 
otherwise a determination is made to see if the current is 
above the prescribed range 31C. 

If the current is above the prescribed range, then the alti- 
tude of the balloon 1s withdrawn a set amount 32B (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

If the current is below the prescribed range, then the alti- 
tude of the balloon is extended a set amount 32C (ideally 
twenty-five feet) and the program loops back to see if the 
current is within range 31B. 

In this manner of feed-back and minor adjustments in the 
altitude of the balloon, the current is maintained within a 
prescribed range which can be handled by the downstream 
electrical system. 

As noted earlier, some embodiments of the invention moni- 
tor the voltage instead of the current. 

FIGS. 4A, 4B, and 4C are electrical schematics for han- 
dling the static charge from the atmosphere. 

By maintaining the voltage being collected in a prescribed 
range, an electrical conversion system is easily designed. 
While FIGS. 4A, 4B, and 4C illustrate some electrical con- 
figurations, those of ordinary skill in the art readily recognize 
a variety of other configurations which will serve the same 
function. 

Referencing FIG. 4A, Direct Current In (DC IN) 40 is 
butfered by a gang of capacitors 41 before being communi- 
cated to a DC/AC converter 42. The DC/AC converter con- 
verts the direct current into a an alternating current suitable 
for placement over an existing electrical grid 43 such as 
nonnally found from a power-plant. 

Those of ordinary skill in the art readily recognize a variety 
of DC/AC converters, including, but not limited to: U.S. Pat. 
No. 7,394,671, entitled “Controller IC, DC-AC Conversion 
Apparatus, and parallel] running system of DC-AC Conver- 
sion Apparatuses”’ issued to Fukumoto, et al. on Jul. 1, 2008; 
and, U.S. Pat. No. 7,330,366, entitled “DC-AC Converter” 
issued to Lee, et al. on Feb. 12, 2008; all of which are incor- 
porated hereinto by reference. 

FIG. 4B illustrates an electrical arrangement suitable for 
use in charging a battery. DC IN 40 is buffered by capacitor 
bank 41 before entering into a step down transformer 43. Step 
down transformer 43 reduces the voltage so that the voltage 
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can safely be introduced into battery 44 which is connected to 
ground 45 at the battery’s other pole. 

Those of ordinary skill in the art readily recognize a variety 
of batteries which will work in this capacity, including, but 
not limited to those described in: U.S. Pat. No. 7,378,181, 
entitled “Electric Storage Battery Construction and Manufac- 
ture” issued to Skinlo on May 27, 2008; U.S. Pat. No. 7,388, 
350, entitled “Battery with Electronic Compartment” issued 
to Wright on Jun. 17, 2008; U.S. Pat. No. 7,397,220, entitled 
“Connection Member and Battery Pack” issued to Uchida, et 
al. on Jul. 8, 2008; and, U.S. Pat. No. 7,375,492, entitled 
“Inductively Charged Battery Pack” issued to Calhoon, et al. 
on May 20, 2008; all of which are incorporated hereinto by 
reference. 

In FIG. 4C, DC IN 40 is fed into an adjustable rheostat 46 
which is controlled by the controller so that the DC OUT 47 
falls within a specified range. 

FIG. 5 illustrates a conductive line used in the preferred 
embodiment of the invention. 

This type of conductive line is commonly called poly-wire 
and consists of multiple interwoven strands of plastic 504A 
and 50B woven into a cord or rope arrangement having inter- 
twined therein exposed metal wires 51A and 51B. While this 
illustration shows two plastic strands and two metal wires, 
any number of possible combinations 1s possible. 

The exposed metal wires 51A and 51B attract the atmo- 
spheric static charge and transmit the charge down to the base 
unit (not shown). 

FIGS. 6A and 6B illustrate an alternative conductive line 
creating an ionized pathway for the flow of the static charges 
trom the atmosphere. 

This conductive line utilizes a tube 60 having an outer layer 
62 of PET Film (Biaxially-oriented polyethylene terephtalate 
polyester film) which provides exceptionally high tensile 
strength and is chemically and dimensionally stable. The tube 
has an idea] diameter of between two and three inches. 

An interior metal coating 61 provides an initial conduit for 
the flow of static charge. The static charge through the metal 
forces the tube to expand due to the repulsion experienced by 
like charges. Further, the flow of electricity causes the interior 
of the tube 60 to become ionized to provide an additional 
pathway for the atmospheric static charges to the base unit 
(not shown). 

Because outer layer 62 provides a gas barrier, the resulting 
ionization is not dissipated by air currents, thereby providing, 
a highly stable pathway. 

FIG. 7 illustrates the controller of an alternative embodi- 
ment and the associated safety devices. 

In this embodiment, controller box 70, resting on insulat- 
ing pad 72, is in communication with the sensors as described 
above. Using the input from these sensors, when there is flow 
of eleciricity through the base unit, warning flashing light 71 
is illuminated. To electrically neutralize the mechanism, 
switch 73 is activated to pass any existing current into the 
ground 74. 

FIGS. 8A and 8B illustrate two embodiments of enhanced 
electrical collection leads. 

Referencing FIG. 8A, enhanced electrical collection lead 
82 is a wire mesh which is in electrical communication with 
conductive line 81 and balloon 80. Because of the significant 
amount of metal exposed by enhanced electrical collection 
lead 82, more static electricity from the atmosphere is drawn 
to the collection lead $2, and then down conductive line 81 to 
the base unit (not shown). 

Conductive lead 82 is positioned proximate to balloon 80. 

In FIG. 8B, poly-wire 83 has enhanced electrical collection 
leads 84 wrapped therearound. Collection leads 84 have 
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pointed ends 85A and 85B which have a propensity to attract 
more electricity than rounded ends do. 

FIGS. 9A and 9B are side views and top views of an 
embodiment of the antenna used to collected atmospheric 
electricity. 

Blimp 90 supports antenna 92 via tether 91 which is 
attached to antenna 92 by connection 94. In this embodiment, 
antenna 92 is made of electrically conductive material and is 
ideally light in weight to lessen the payload requirements on 
blimp 90. 

Encircling antenna 92 and extending therefrom are rods 93 
which are rounded at their distal ends so as to enhance attrac- 
tion of the atmospheric static electricity. The static electricity 
is communicated to connection 96 and then to electrical line 
95 which communicates the electricity to the ground based 
station (not shown) as described above. 

FIG. 10 is a top view of an alternative embodiment of the 
antenna of this invention. 

In this embodiment of the antenna a central hub 101 has the 
blimp connection 104 (capable of receiving the tether to the 
blimp) secured thereto. In this illustration, four arms 102A, 
102B, 102C, and 102D extend from hub 101. Hub 101, and 
arms 102A, 102B, 102C, and 102D are all electrically con- 
ductive in this embodiment. 

At the end of each arm are rods 103 which are used to 
enhance the collection of the atmospheric static electricity. 

Although this embodiment illustrates four arms, the inven- 
tion is not intended to be limited to four arms, rather, any 
number of arms may be used and the number of rods extend- 
ing from the distal ends of the arms also varies. 

FIG. 11 is a side view of yet another alternative embodi- 
ment of the antenna used to collect atmospheric electricity. 

In this embodiment, several tethers 112A, 112B, and 112C, 
are used to secure the antenna 113 to the blimp 111. This 
arrangement of several tethers provides heightened stability 
of the antenna by reducing the affects wind will have on the 
antenna. 

FIG. 12 is the preferred embodiment of the antenna of this 
invention. 

In this embodiment of the antenna, arms 122A, 122B, and 
122C extend from a central hum and are electrically con- 
nected to rum 124. Tether connectors 123A, 123B, and 123C, 
are used to secure the antenna to the blimp or balloon. 

Rods 125 extend from rim 124 to increase the collection of 
the static charges in the atmosphere. 

It is clear from the foregoing that the present invention 
captures an entirely new source of electrical energy. 


What is claimed is: 

1. Asystem for collection of atmospheric static electricity 

comprising: 
a balloon; 
a hub that is electrically conductive and connected to the 
balloon by a tether, the hub having: 
at least three electrically conductive arms, a first end of 
each ofsaid conductive arms electrically connected to 
said hub; and 

a plurality of rods, a first end of each of said rods being 
electrically connected to a second end of at least one 
of said at least three arms: 

a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line secured to said 
hub, a portion of said conductive line and said hub col- 
lecting electricity in the atmosphere, said winch motor 
selectively extending or withdrawing said conductive 
line from said spool; 
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a conductor having a first end electrically connected to said 
conductive line and a second end electrically connected 
to a load being powered by collected electricity from 
said conductive line; 

an electrical flow sensor monitoring electrical flow through 
said conductor and generating an electrical flow imdicia 
indicative of said electrical flow in said conductor; and 

a controller receiving said electrical flow indicia and selec- 
tively operating said winch motor such that said electri- 
cal flow indicia remains within a selected operating 
range. 

2. The system according to claim 1, wherein each of said 

plurality of rods has a rounded second end. 

3. The system according to claim 2, wherein at least two 
rods are attached to the second end of each of said at least 
three arms. 

4. The system according to claim 1, further comprising an 
electrically conductive rim connected to a second end of said 
electrically conductive arms. 

5. The system according to claim 4, wherein at least a 
portion of said plurality of electrically conductive arms are 
connected substantially at right angles to an exterior of said 
electrically conductive rim. 

6. A system for collection of atmospheric static electricity 
comprising: 

a radial arrangement of at least three electrically conduc- 

tive arms, 

a plurality of rods, each of said rods being electrically 
connected to at least one of said at least three arms; and 

a balloon tether connected between a balloon and said 
radia] arrangement of at least three electrically conduc- 
tive arms, 

a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line secured to said 
radial arrangement of at least three electrically conduc- 
tive arms, a portion of said conductive line and said 
radia] arrangement of at least three electrically conduc- 
tive arms collecting electricity in the atmosphere, said 
winch motor selectively extending or withdrawing said 
conductive line from said spool; 

aconductor having a first end electrically connected to said 
conductive line and a second end electrically connected 
to a load being powered by collected electricity from 
said conductive line; 

an electrical flow sensor monitoring electrical flow through 
said conductor and generating an electrical flow indicia 
indicative of said electrical flow in said conductor, and 

a controller receiving said electrical flow indicia and selec- 
tively operating said winch motor such that said electri- 
cal flow indicia remains within a selected operating 
range. 

7. The system according to claim 6, wherein each of said 
plurality of rods has a rounded end distal from said electri- 
cally conductive arm. 

8. The system according to claim 7, further including a 
balloon tether connection secured to the first end of said at 
least three arms. 

9. The system according to claim 8, further including an 
electrical connection secured to the first end of said at least 
three arms. 

10. The system according to claim 9, wherein said at least 
two rods attached to said at least three arms is five rods. 

11. The system according to claim 9, further including an 
electrically conductive rim connected to a second end of said 
electrically conductive arms. 
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12. The system according to claim 11, wherein said plural- 
ity of arms are electrically connected to said electrically con- 
ductive rim. 

13. The system according to claim 12, wherein at least a 
portion of said plurality ofrods are connected to an exterior of 
said electrically conductive rim substantially at right angles 
thereto. 


14. A system for the collection of atmospheric static elec- 
tricity comprising: 
a generally circular electrically conductive body; 
a balloon tether connected to a first side of said generally 
circular electrically conductive body and to a balloon; 
and 


an electrical connection connected to a second side of said 
generally circular electrically conductive body; 


a base unit having a spool of conductive line on a winch 
motor, one end of said conductive line secured to said 
electrical connection, a portion of said conductive line 
and said generally circular electrically conductive body 
collecting electricity in the atmosphere, said winch 
motor selectively extending or withdrawing said con- 
ductive line from said spool; 
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a conductor having a first end electrically connected to said 
conductive line and a second end electrically connected 
to a load being powered by collected electricity from 
said conductive line; 

an electrical flow sensor monitoring electrical flow through 
said conductor and generating an electrical flow indicia 
indicative of said electrical flow in said conductor, and 

a controller receiving said electrical flow indicia and selec- 
tively operating said winch motor such that said electri- 
cal flow indicia remains within a selected operating 
range. 

15. The system according to claim 14, wherein said gen- 

erally circular electrically conductive body comprises: 

an electrically conductive hub; 

at least three electrically conductive arms, each of said 
arms connected at a first end to said hub; and 

an electrically conductive rim connected to the second end 
of each of said at least three arms. 

16. The system according to claim 15, further comprising a 
plurality of electrically conductive rods, a first end of each of 
said rods connected to said rim and extending therefrom 
substantially at rights angles thereto. 


* * * * * 
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A dead cell. This diagram shows a cell where the chromosomes 
have stopped oscillating, and for this reason have ceased to live. 
But the chondromes, visible through the opening, continue to 
live an independent life. They are surrounded by a tough 
membrane and are multiplying so as to burst open the outside 
of the cell, as a baby chick, when it comes to maturity, breaks 
through the egg shell to come out. 





A group of dead cells, but not yet destroyed, in which the 
neoplasic cells are forming. One can see the transforma- 
tion in the neoplasic tissue. 


Photograph taken during the treatment of Mrs S.... who sits 
between the MWO antennas at Calvary. Behind the patient fs 
Dr. Marquer, head physician of the hospital, to the left is Dr Z..., 
assistant, three voluntary Nurses, & to the right is Georges 
Lakhovsky. 


At left, Madame C... 
Before Treatment. 
Rodent Ulcer in in- 
ner angle of left eye. 





At right, Madame C... 
After Treatment 
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Excerpts from: 


RADIATIONS AND WAVES 
Source of Our Life 


by Georges Lakhovshy. 1941 


THEORY OF CELLULAR OSCILLATION 

Before presenting the therapeutic results obtained 
with my multiple short wave oscillator and presented at 
the International Congress of Short Waves in Vienna 
(July, 1937) it may be useful to give a rapid survey of my 
theory ofcellular oscillation which Ihave developed fully 
in a number of books.” 

All living cells are composed of two essential ele- 
ments; the nucleus and the protoplasm in which it is 
bathed, This nucleus is itself composed of many tubular 
filaments: the chromosomes. In addition, hundreds of 
much smaller filaments or chondromes are present in the 
cytoplasm, 

Chromosomes and chondromes are sheathed in an 
insulating substance (cholesterine, resin, fat, plastrin, 
etc.) and contain a liquid-like serum with the same min- 
eral content as sea water, and consequently a conductor of 
electricity. Thus, these filaments constitute ultramicro- 
scopic oscillating circuits capable of oscillating electri- 
cally over a wide scale of very short wavelengths. 

I have demonstrated in my works that these cellular 
oscillating circuits, chromosomes and chondromes, vi- 
brate electrically under the stimulus of electro-magnetic 
waves: cosmic, atmospheric and telluric. 

Now, many internal and external influences may 
upset the oscillating equilibrium of these cells. For 
instance, a variation or change in the field of cosmic, 
telluric or atmospheric waves, a demineralization of the 
organic matter constituting the cellular substance, trau- 
mas causing the destruction by shock of the protoplasm or 
the nucleus, 

I have shown in my books, The Secret of Life and 
especially in The Earth and Ourselves, that every living 
cell draws its oscillatory energy from the field of second- 
ary radiations resulting from theionization ofthe geologi- 
cal substances of the earth by cosmic radiations. 

But certain natural radiations are particularly toxic, 
especially those originating in geologically-induced geo- 
pathic zones. Many cancer cases have been attributed to 
these toxic radiations which has been proven experimen- 


* The Secret of Life; Contribution to the Etiology of Cancer; 
The Earth and Ourselves; Cellular Oscillation; Nature and 
Her Wonders. 


tally, notably in Germany by Dr. Rambean of Marburg. 
Therefore, earth radiations sometimes cause disturbance 
of the cellular oscillatory equilibrium of the organism. 

Under these varied circumstances cellular oscillation 
may cease; the cell is then dead. But within the dead cell, 
the chondromes sometimes continue to oscillate electri- 
cally on their own natural frequencies. Fortunately, this 
phenomenon occurs rarely, or all humanity would already 
have perished from cancer. 

The chondromes then envelope themselves inamem- 
brane and continue to oscillate and multiply indepen- 
dently ofthe cell. They may then become neoplasic cells. 


THE RADIO CELLULAR OSCILLATOR 

Tore-establish this equilibrium, I thought of creating, 
in 1923, a constant compensating field of very short 
radiations (2 to 10 metre wavelengths) to neutralize the 
action of the disturbing rays, and give the living cell the 
necessary stimulation for a return to its normal oscilla- 
tion. 

To this end, in 1923, I constructed my short-wave 
oscillator, using two triode tubes for very short waves 
made especially for this apparatus. I tried several cross 
leakages for this machine using one or more tubes and 
then multiple triodes with a tube containing oscillatory 
circuits within the bulb, Finally I adopted the oscillator 
with symmetrical cross leakage comprising two triodes. 
The oscillating circuits formed a single spiral, branched 
between the two grilles and the two anodes. It was fed 
directly by alternating current from the local supply 
circuit. 

With this short-wave apparatus I was able to cure 
plants inoculated with cancer. For six years at the 
Saltpetriere [ observed and checked the effects of these 
short waves. 

Using very low power, from 10 to 12 watts, and a 
limited duration of treatment, I succeeded in curing can- 
cer in human beings, but also had to record some failures. 

The news of the success of my experiments became 
widespread. In many countries, as early as 1928, they 
began to build short-wave oscillators of considerable 
power producing thermal effects. 

But here was great danger that the chromosomes and 


chondromes, which are barely a ten-thousandth or twenty- 
thousandth ofa millimeter in thickness, mightnot survive 
under a high frequency current, They offer much resis- 
tance, even to alow current which is sufficient to dissolve 
and destroy them. 

It is simple to prove this by bringing a small bulb of 
from 2 to 5 volts with a filament of several hundredths of 
amillimeter, inserted between metal rods forming anten- 
nas, within the radius of a short wave transmitter. The 
bulb will light up and sometimes burn out, if it is brought 
too near the apparatus. 

Moreover, the chondromes and chromosomes of all 
living cells, which are infinitely finer than the filaments 
of the bulbs, are sensitive centers of thermal phenomena, 
whichmay provoketheir fusion. Undoubtedly this method 
is effective in killing microbes in the organism and in 
neoplasic cells, But itcan also destroy millions ofcells of 
healthy tissue in every irradiation. 


THE MULTIPLE WAVE OSCILLATOR 

On the other hand, I thought it possibleto obtain better 
results by administering an oscillatory shock to all the 
cells in the organism simultaneously. Such a shock, very 
brief, produced by dampened or weakened electrostatic 
waves, does not provoke thermal and prolonged effects 
and involves no risk of burning living cells. 

I therefore sought to produce an artificial oscillatory 
shock causing a periodic oscillation of the weak or dead 
cells, 

At first glance this problem seems physically in- 
soluble as there are approximately 200 quintillion cells in 
our bodies, cach oscillating on its own natural wave- 
length, Theoretically, therefore, we would have to have 
a different wave length for each cell, so that every cell in 
the organism would oscillate in resonance on its own 
wavelength. 

After much research I was able to construct an appa- 
ratus creating an electrostatic field covering all frequen- 
cies from 3 metres to the infra-red, so that every cell can 
find its natural frequency and vibrate in resonance. 

We know that in physics, a circuit fed by damped or 
weakened high frequency currents creates many harmon- 
ics. Consequently, I conceived an oscillator of multiple 
wavelengths with a broad scale in which every organ, 
every gland, every tissue, every nerve, could find its 
natural frequency. 

To obtain this result I set up a transmitter composed 
ofaseries of circular concentric oscillating circuits linked 
by a silk cord but not contiguous. These circuits are 
stimulated by damped high frequency currents from a 
spark gap. Thus each circuit of the transmitter vibrates not 
only on its natural frequency, but also on numerous 


harmonics. 

Thus, I built an oscillator with ali the basic wave- 
lengths from 10 centimetres to 400 metres, that is, all 
frequencies from 750,000 to 3,000,000,000 cycles per 
second. But each circuit also emits many harmonics, 
which, with their basic waves, their interferences and their 
effluvia can reach the scale of infra-red and even that of 
visible light (1 to 3000 trillion vibrations per second.) 

Since all the ceils as well as the chondromes oscillate 
precisely at frequencies in that range, they can therefore 
find, in the output of such an oscillator, the frequencies 
which cause them to vibrate in resonance, 

You know the results I obtained with continuous very 
short waves using triode tubes at a distance, with no 
contact electrode... 

As early as 1931, I began using this multiple wave 
oscillator in various Paris hospitals: the Saint Louis, Val- 
de-Grace, Calvary, Necker, etc... Among the many cures 
with this treatment, I will mention especially those of 
various cases of cancer which X-ray and radium treat- 
ments failed to improve, These patients, cured six years 
ago, havehad norecurrence and arein perfect health at this 
date. In all pathogenic cases this treatment gives very 
good results. As it does not attack the microbes directly, 
it does not destroy live tissue, butreinforces the vitality of 
the organism by accelerating cellular oscillation. It is 
therefore the reinforced organism that successfully resists 
the microbes and all pathogenic causes, 

So, while X-rays and radium destroy microbes, 
neoplasic cells and healthy tissue at the same time -- 
which accounts for the serious accidents which occur 
daring and after such treatments -- high frequency radia- 
tions (short waves) applied at a distance and without 
thermal effect cure diseases ofall kinds, even those of the 
prostate to a considerable degree. 

Whatever the pathogenic cause, the multiple wave 
oscillator reproduced the frequencies necessary to re- 
establish the cellular oscillatory equilibrium. 

In general, itis sufficient to seat the patient, orto have 
him stand in the radius of the apparatus, before the 
transmitter, The duration of the treatment is usually from 
five to ten minutes, every other day. These figures are 
purely arbitrary, since these radiations reinforcing cellu- 
lar oscillation donot produce organic disturbances, what~ 
ever the duration of the treatment may be. 

Despite the many cases successfully treated, almost 
without exception, it must be understood that my oscilla- 
tor cannot cure all types of cancer in all its stages of 
development. In many cases, when the cancerous tumor 
has already destroyed important blood vessels, my appa- 
ratus is powerless to rebuild that tissue before the fatal 
haemorthage. 
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INFLUENCE OF COSMIC WAVES 
ON THE OSCILLATION OF LIVING CELLS 


Part 3, Chapter 1, From La Science et le Bonheur, by Georges Lakhovsky, Paris 1930 
Translated by Brigitte Donvez, Edited by Tom Brown 
© 1991 B.S.R.F, 


This part of my study is devoted to the trials, experimentation 
and applications of the theory of the oscillation of living beings. 

I have assembled here short technical reports about the 
processes and methods employed, as well as a collection of all the 
papers read at the French Sciences Academy and at various French 
and foreign Scientific Societies about oscillatory therapeutics and 
all its domains of application. 

We intend first to examine successively the influence of 
cosmic waves on the oscillation of living ceils, taking as a concrete 
example the influence of solar activity upon the quality of wine and 
vintage. Then we will examine the construction of an electromag- 
netic short-wave generator, such as the radio-cellular-oscillator for 
the treatment ofanimal and plant 
organisms. 

We will later consider the 
applications of the radio-cellu- 
Jar-oscillator, particularly in the 
experimental treatment of plant 
cancer, diathermy and the artifi- 
cial production of fever. 

Concurrently, we will in- 
troduce the application of open 
oscilisting circuits to the treat- 
ment of diseases in various liv- 
ing beings, in the absence of any 
other oscillations but those pro- 
duced by the natural cosmic and 
atmospheric waves, We willalso 
review in this chapter the obser- 
vations of scientists and practi- 
tioners who clinically appliedmy 
oscillating circuits. 

Pinally we will take up the 
very latest applications of oscil- 
lating circuits to water and liquid 
sterilization, and to the activa- 
tion of the germinative power of 
plants. 

Obviously, the number of these applications, presently lim- 
ited to certain domains, tends to rapidly expand and touch upon the 
various problems presented by therapeutics, biology, agriculture 
and zoology. 

Thave discussed elsewhere the role played by cosmic radia- 
tions in the development of living beings, dus to the very oscillatory 
nature of the ceil. Now, as a consequence of the earth’s rotation and 
the stars’ reciprocal motion, the cosmic and atmospheric radiation 
field is not constant, but rather variable. Living beings are subse- 
quently under the influence of these variable cosmic radiations, 
whose nature either weakens or strengthens the cell’s oscillatory 
balance. 

I have mentioned elsewhere! that the lunar radiation inter- 
feres with the waves of radioefectric stations. Every week, the 
recurrence of moon phases enables us to obtain highest and lowest 





1. L’universion, p.127, Gauthiers Villers publishers 


Fig. | — Distribution of the highest intensity of 
electromagnetic waves observed by Mr, Vincent, 
as a function of the moon phases. 





intensities in the reception of electromagnetic waves (see Fig. 1). 

On the other hand, the sun does not only send light, heat and 
actinic (ultra-violet) radiations, but also electromagnetic waves, 
especially during the eruptive periods of its prominences (sun- 
spots). The influence of the sun's electromagnetic radiation be- 
comes obvious if we consider the variations in the earth’s magnetic 
field and the spinning of a compass’ magnetic needle during 
Thagnetic stonus, under the influence of the telluric currents induced 
in the ground. The ionization produced by the sun’s radiation also 
generates atmospherics and statics which disturb radioelectric re- 
ceptions. 

Astrophysicists, notably those of the Meudon Observatoire 
under the direction of Mr. 
Deslandres, have been able to 
establish a correlation between 
the periodicity of cataclysms on 
earth (tidal waves, tides, earth- 
quakes) and that of the tecur- 
rence of sun-spots in the earth 
plane (about 27 days). 

We can observe that the 
graphs which render geophysi- 
cal, electric (ionization, gas con- 
ductivity, aurora borealis —north- 
exn lights), magnetic (variations 
of the earth field, compass spin- 
ning) and electromagnetic (dis- 
turbance in wave propagation, 
atmospherics and telluric para- 
sites) phenomena, as a function 
oftime, are very appreciably par- 
aliel to exch other and to the 
curve of solar activity. An 114 
year periodicity appears on these 
graphs, confirmed by numerous, 
previous observations in the do- 
main of meteorology. Inparticu- 
lar certain tropical rainfall patterns show a 33 to 35 year periodicity, 
three times longer than the previous one. 

I researched the extent to which cosmic radiations which 
condition physical and meteorological phenomena, also influence 
biological phenomena and the development of living beings. 

As early as 1801, whife cosmic radiations were not even 
suspected, Hershel pointed out: ‘‘the scarcity of vegetation when the 
sun has no spots’’, Starvations recur every eleven years in India with 
alternances of heat and rain. From 1901 to 1909, the canon Th. 
Moreux noticed that the wheat crop in France and in the world more 
or less followed the solar activity, so did arthritic conditions, and the 
nervousness of students and teachers. 

T compared the graphs of the solar activity, as recorded at the 
Meudon Observatory, with the statistics of wine production in the 
Bourgogne and Beaujolais regions, and J noticed that the outstand- 
ing vintages coincided precisely with the year of recrudescent solar 
activity. 

On this topic, Professor d@’ Arsonval agreed to present in my 


name at the Academie des Sciences (Academy of Sciences) on 
March 28, 1927, an original report entitled Influence of Cosmic 
Waves On The Oscillations Of Liying Cells which is entirely 
reproduced here. 


INFLUENCE OF COSMIC WAVES 
ON THE OSCILLATION OF LIVING CELLS 
(Paper by Mr. Georges Lakhovsky, presented on March 
28, 1927 to the Academie des Sciences (Academy of 
Science) by Professor d’Arsonval) 


Inmy book The Origin of Life, Radiation and Living Beings, 
that Professor D’Arsonval did me the honor to present to the 
Academie des Sciences (Academy of Science), at the sitting of the 
15th of February 1926, I exposed my theory about the influence of 
(cosmic) penetrating radiations on living beings. Asa matter of fact, 
I demonstrated that the nucleus of each living cell, having the form 
of a tubular filament made of a dielectric matter filled with a 
conductive substance, could be compared to an 
oscillating circuit, equipped with self-induc- 
tances, electric resistance and capacity. The 
living cells can thus oscillate at very high fre- 
quencies under the influence of cosmic radia- 
tion emitted by stars. 

I made certain to verify the exactness of 
this theory by studying the influence of cosmic 
tadiations (sun-spots, comets, interferences of 
stars’ radiations, etc...) on biological matter. 

My observations were based on the curves 
recorded by the astrophysicists of the Meudon 
Observatoire, curves which revealed since 1845 
the activities of the sun-spots, the frequency of 
magnetic disturbances, and the frequency of 
aurora borealis -- northern lights. 

These three curves are appreciably paral- 
lel, J endeavored to study the existing correla- 
tion between these cosmic radiations, on the one 
hand, and the development of vital activity inthe 
plant and animal domains, on the other. As for 
any given individual, periods of fatigue and 
illness alternate with periods of health, in the 
same way there is, for fruit and crops in general, 
for each species, years of good quality and years 
of rather mediocre quality. 

As to what concerns wine, according to 
the documentation established by the Chambers 
of Commerce of the Bordeaux and Bourgogne 
regions, I observed that, from 1845 until 1915, 
the outstanding vintages corresponded exactly 
to the highest activity of the sun-spots, as shown 
by the curves on Figure 2, 

The results for red Bordeaux wines are: 

Maximum of 1848: outstanding vintages of 1847 
and 1848; 

Maximum of 1858: ontstanding vintages of 1857 
and 1858; 

Maximum of 1869: outstanding vintages of 1869 
and 1870; 

From 1880 to 1889: period of phylloxera. 

Maximum of 1893: rather good vintages of 1890 
and 1893; 

Maximum of 1906: good vintages of 1906 and 
1907. 


Figure 2 


1895 Warm & fiery wines 


Mediocre, bad & very bad vintages | q 


Figure 2 -- Graph showing the coincidence of outstanding vintages with 
the intensity of the waves emitted by the sun and corresponding to the 
variation in intensity: 1} ofsun-spots, 2} of earth magnetic disturbances, 
3) of polzr lights. The graph has been established for red Bordeaux 
wines; the greatest Intensities correspond to the outstanding vintages, 
the lesser intensities correspond to the years of mediocre wines. Wecan 
establish a similar graph for the other vintages, notably Bourgogne and 
Beaujoiais wines. 


In addition, let’s point out that the wine of 1811 was called the 
wine of the comet, and we could ascribe its excellent quality to this 
comet’ sradiation. Itisthe same with white Bordeaux and Bourgogne 
wines. 

I am sure that there are many other biological phenomena 
which recur periodically after a few years or a few centuries as a 
function of the relative revolution of the earth around the stars. 1am 
convinced that all the scourges which ravaged humanity during the 
Middle-Ages: plague, leprosy, cholera, etc... and disappeared there- 
after without traces in other regions will reappear some day, when 
the earth shall once more occupy the same position as then in relation 
to the stars, producing thus by interference with the cosmic waves 
the same oscillatory imbalances of the cells, which at that time, had 
prodhiced these same diseases. 

Fortunately till then, thanks to the oscillating circuits and the 
new methods that scientific discoveries will put to our disposal 
without delay, we'll be in a position to fight victoriously against 
these illnesses provoked by the interference of the stars’ radiations. 


RED BORDEAUX WINES 


‘Average & mediocre 
vintages 


Average & mediocte 
vinlages 


Rather good vintages: 
full-bodied, distinguished 
& mellow wines 


Good vintages: 
Fine, distingushed wines 
with nose and aroma 
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THE RADIO-CELLULAR-OSCILLATOR 


AND ITS APPLICATIONS 


by Georges Lakhovsky 
Part 3, Chapter 2, from La Science et Je Bonheur, Paris 1930 


I demonstrated in the last chapter, how, according to my 
cellular oscillation theory, alteration in organic tissues came from a 
variation in the intensity of the cosmic waves’ radiations and from 
these waves’ frequency, thus causing the oscillation of the cells. 

To reestablish the balance of these natural astral fields, the 
radiation of which we can no more directly influence, than a 
meteorologist can influence the weather, I thought of using a local 
oscillator, generating waves and creating an artificial and auxiliary 
magnetic field. 

Incidentally, I should add that this method is analogous to the 
methods used in radiotelegraphy, knowa as heterodyne and super- 
heterodyne methods. Thesemethads use the interferences produced 
between the waves received and the waves generated by the local 
generator at the required frequency and intensity. 

About 40 years ago (1890) Professor D’Arsonval advocated 
the treatment of certain illnesses by high frequency electrical 
currents, that were at the time produced in waves strongly damped 
by means of a Ruhmkorff coil and a spark gap (arrester), 

My radio-celluiar-oscillator is a generator of continuous 
waves of very high frequencies, the fixst application of triode lamps 
to biological research and pathological treatments. 

We know the difficulty of obtaining very short waves, be- 
cause of the parasitic capacitance present in electronic lamps due to 
the electrodes themselves and, within the bulbs, to tube sockets and 
connective wires. 

Tn 1924, when I studied the possible construction of a triode 
lamp oscillator for very short waves, shorter than 2 meters, the 
radioelectrical technique, in France and abroad, was still at the stage 
of long-wavesand the length of the so-called short-waves was in fact 
from 200 to 500 meters. 

Therefore, I had to do my own research in view of studying 
a type of lamp appropriate to the peneration of very short waves. 
Thus, I have been led to design lamps with multiple electrodes 
enclosed inthe same bulb. These multiple lamps have been patented 
in France! and in Germany’. 

Later, J intentionally abandoned the idea of working this 
patent and preferred to give it up to the public domain, in a scientific 
aim, so that no patent claim could oppose disinterested researches 
undertaken for the radioelectric prophylaxis of diseases, especially 
cancer. 

However, if the French industry did not engage in the con- 
struction of these multiple famps, the problem was reconsidered in 
Germany three years later and partly resolved as the double or triple 
“muiti-vaive’’ by Dr. Siegmund Loewe’. 

To reduce connections to a minimum, as well as the parasitic 
capacity between electrodes, to achieve the generation of waves of 
less than 1.5 meters while avoiding low efficiency, deformation, or 
distortion of the wave which would jeopardize the purity of the 
transmission and particularly alter the modulation, I proposedin my 
patentto enclose the oscillating circuit and its connections within the 
bulb. This invention, which cannot conveniently be applied to long 
waves is, on the contrary, easy to carry out for very short wave 
circuits, of which the bobbins are reduced to several tums of coil, 


1. G, Lakhvosky. French patent #601,155 of October 18, 1924 
2. G, Lakvhosky. German patent #427,596 of May 26, 1925 
3. Patent application in France on May 7, 1927 


even to a fraction of a turn, and of which the condensers have a very 
sinali capacity (Fig. 3). 
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Fig. 3 -- Triode generator of very short waves, after the original 
drawing of Lakhovsky’s patent. 


Practically, the oscillating circuit only includes a tum of 
several centimeters in diameter, The only connections getting ont 
of the tube are the feeders, bringing in the plate voltage (anode 
Voltage) and the heating current (thermo-current)}. 

These tubes can generate oscillations and transmit them by 
induction to outer circuits (aerials, loops, antennas). 

Beside the practical simplification, the improvement of the 
efficiency comes from the fact that all electronic elements work with 
the same degree of vacuum. This is what] observed when I grouped 
within one same glass tubing the bulbs of a 4 triode lamp device 
(Fig. 4). The equal distribution of the vacuum among the various 
electrodes increases the purity and stabilizes the functioning. 





Fig. 4— Glass tube T helps maintain the same vacuum pressure Inside 
the four triades ofa classic resonance receiver. Author's realization. 


According to this principle, I indicated the possibility of 
constructing not only a certain number of simple or multiple 
electrical cell osciliators but also all kinds of triodes or electronic 
lamps contained in a same bulb. Figure 5, quoted from my patent, 
shows the diagram of a symmetrical oscillator, with double elec- 
trodes and filaments connected in parallel. This oscillator is 
completely enclosed in a same casing. 
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Fig. 5 -- According to the original drawing of the author's patent. 
Mukiple triode including inside the bulb the connections of a 
symmetrica! short-wave transmitter, with filaments set up in parallel. 


Figure 6, also taken from my patent, presents a double, 
symmetrical oscillator of which the filaments are connected in 
series. A possible tuning condenser is anticipated, which would be 
placed in the same vacuumed bulb as the electrodes and turns of the 
circuit. 





Fig. & — Multiple triode symmetrically connected with filaments In 
serles, according to the original drawing of the author's patent. 


Figure 7 shows the case of a double oscillator with a unique 
filament. 


ee 





Fig. 7 ~ Double triode multiple lamp with symmetrical connections 
anda singlefilament, accordingto the orlginal drawingof tha author's 
patent. 


For long-waves, moreover, I indicated the possibility of 
putting together the circuits outside the bulb. 

These various constructions are extremely general. Weknow 
that for all practical purposes Dr. Loewe has only introduced 
resistances and capacitances inside his multiple lamps, reducing 
therefore its use to low and high frequencies amplifications of long 
waves. These lamps’ efficiency is bound to be rather mediocre for 
the following reasons: great comnection resistances, strong plate 
voltage (about 160 to 200 volts), and impossibility to stabilize the 
circuits and cause a resonance. 

On the contrary, lalways anticipated inner couplings through 
bobbins and capacitances ensuring the ereatest efficiency. The 
resonance is obtained through a variable condenser inside the lamp 
and commanded from outside without any mechanical element. For 
example, if you use the gravity field, it suffices to place a counter- 
weight on the sliding condenser and to direct the lamp in epace. Or 
you can use 4 magnetic field produced by a magnet or an electro- 
magnet, (Fig. 8). 

I indicated the means of building an oscillator of good 
efficiency for ultra-short waves, with the possibility to tme it into 
a whole range of frequencies. 

To resolve this problem on a practical level, before people 
started to produce multiple lamps, I used a symmetrical oscillator 
including two triode lamps, It is the radio-cellular-oscillator which 
Tused in 1924, at the wards of the Saltpetriere Hospital in Paris, to 
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treat and heal geraniums inoculated with experimental plant cancer. 


Fig. 8 — Varlable 
sliding condenser 
M, balanced with 
a counterweight 
W within a tri- 
odeiamp, accard- 
ing to the original 
drawing In 
author's patent. 


The simplified diagram of the radio-cetlular-oscillator is 
indicated in Figure 9 (Mesny set-up). 
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Fig. 9 -- Simplified diagram of the Lakhovsky radio-cellular-oscillater. 


Plates, grids and filaments paraliel connected. The prids and 
plates circuits all comprise one tura. These two turns are variably 
coupled between them. Plates and filaments are directly supplied 
with alternating current of the mains by means of the appropriate 
transformer. In these conditions, the transmission of waves starts as 
soon as the plug is connected onto the mains. By using a timing 
condenser, one can produce the entire range of waves of a length 
comprised between 2 and 10 meters. The supply of alternating 
current creates a great number of harmonics with which the oscilla- 
tions of the various celfs can enter into resonance. The fundamental 
wave length can moreover be regulated according to thenature ofthe 
cells to be treated, 

The biological role of the radio-cellular-oscillator is to rees- 
tablish the oscillatory equilibrium of the living cell, threatened by 
any alteration, and in particular by neighboring microbes. When it 
Tesumes its normal vigor, thanks to the auxiliary radiation of the 
radio-cellular-oscillator, the cell can destroy the microbe itself by 
damping down its pernicious radiations. 

The fimdamental experiment I presented at the Saltpetriere 
Hospital demonstrates the functioning of the radio-cellular-oscilla- 
tor. It dealt with cancerous plants inoculated according to Erwin 
Smith’s method. 

This fundamental experiment was the subject, on the 26th of 
July 1924, ofareport to the Societe de Biologie (Society of Biology) 
and it is reproduced here in extenso, from the society’s newsletter. 
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ATTEMPT AT TREATMENT 
OF EXPERIMENTAL PLANT CANCER 


Report to the Society of Biology 
by A. Gosset, A. Gutmann, G. Lakhovsky, J. Magrou 


We know that we can produce tumors comparable to 
animal cancer (Erwin ¥. Smith)' on various plants, by inocu- 
lating them with the Bacterium tumefaciens. Using this 
method’, one of us obtained experimentally a great number of 
tumors. These tumors have an 
indefinite growth; they might par- 
tially necrotize but they only dis 
completely when the entire plant 
or at least the branch infected by 
the tumor has succumbed to the 
cachexia. Even when surgically 
removed, these tumors continued 
to proliferate, 

We intend to study, in this 
present report, the influence of 
magnetic waves of great frequen- 
cies, obtained by means of a de- 
vice built by one of us, for thera- 
peutic applications and following 
his theoretical views*: the Georges 
Lakhovsky Radio-Cellular-Oscil- 
lator. This device generates os- 
cillations of a X\ wave length = 
about 2 meters, and corresponds 
to 150 millions (150,000,000) vi- 
brations per second. 

A first plant (Pelargonium 
zonatum) has been experimented 
with a month after its inoculation 
with Bacterium tumefaciens; it 
showed atthat pointseveral, small, 
white tumors, of the approximate 





and the tumor could be taken off by the slightest traction. The 
necrosis effect of the radiation was extremely elective, limited 
only to the cancerous tissues which it followed into the very 
depth and root of the tamor; the healthy parts, stalk and leaves 
remained unhurt and retained all their vigor. 

A second Pelargonium was treated in the like manner, 
but the time of exposure to the radiations was lengthened 
(cleven 3-hour sessions); 16 days after the first session, the 
tumor it carried started to necrotize and several days later it 
dried out completely. As in the first case, the healthy part 
remained unhurt, 

With a third Pelargonium 
which underwent nine hours of 
radiation (three 3-hour sessions) 
the necrosis of the tumor’s lobes 
followed the same path. 

Sixteen control Pelargoni- 
umsremaineduntreated. All bore 
tumors in full activity which of 
ten became enormous. 

As a summary, we may say 
that the Pelargonium which be- 
came cancerous after inoculation 
ofthe bacterium tumefaciens and 
for which a surgical intervention 
could not prevent recurrence 
seemed to heal under the influ- 
ence of the magnetic waves indi- 
cated above. (Clinique Chirur- 
gicale de la Saltpetriere.} 

Avery clear conclusion can 
be drawn from this experiment 
and its counterpart. 

On the one side, we observe 
that, on the control subjects, in- 
oculated with the Bacterium 
tumefaciens and left untreated, 
enormous tamors grew which by 


volume of a cherry kernel. The Fig. §0 — Sight of the tumor of an untreated witness absorbing the plants vital enerey 
plant has been exposed twice to check sample. ~ Subject: Pelargonium zonatum Inacu- lead them to a quick and certain 
the radiation, witha 24- hour break lated April (0, 1924. Wesee the growth ofthe cancerous death. 

and during three hours each time. tumor onthe staik, (Clinique Chirurgicale deta Sattpetriere). On the other hand, the plants 


In the days following the 
treatment, the tumor continued to 
grow rapidly, like the check sample tumors, forming a great 
plurilobate mass. About sixteen days later, after the first 
treatment day, the tumor suddenly started to necrotize. A few 
days later (about 145 days) the necrosis was complete; the lobes 
of the tumor, retracted and completely dried out, separated 
from the stalk bearing them, through furrows of elmination, 





1. Erwin F. Smith, dn Introduction to Bacterial Diseases of Plants, 1st vol., 
Philadeiphia and London 1920. 

2, I, Magrou, Revue de pathologie comparee, March 1924. Two otherreports 
will be soon published in the Revue de pathologie vegetale et d’entolmologie 
agricole and in the Annales de l'Institut Pasteur. 

3. Georges Lakhovsky, Radio-revue, November 1923 and Conference to 
L’Ecole Superieure des P.T.T., June 2nd, 1924. 
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treated by the radio-cellular-os- 

cillator, and moreover taken at 
tandom from among the inoculated subjects, have been healed 
quickly and acquired a considerable vitality, as is proven by 
their growth, their continual development and abundant flow- 
ering, 

We can see it in the photograph (Figure 12), taken one 
year after the healing of the geranium, 

My theory of cellular oscillation, that I had moreover 
proposed before I realized this experiment, enables us to 
understand cancer pathology and to direct its therapy onto a 
new path. 

Cancer, mostly reaching older people, comes from the 
ageing of tissues as a result of the cells and blood decay. This 
impairing of the cells results from a modification of the 





Fig. If Sightofthescar ofthe treated subject. Subject: Pelargonium 
zonatum, inoculated April [0, 1924 with the Bacterium tumefaciens, 
treated from May 24, to June 14, 1924, during eleven three-hour 
sessions with the Lakhoysky oscillator with antennas, photographed 
after it healed on July 24, 1924. (Clinique Chirurgicale dela Saitpetriere). 





Figure 12 Sight of the treated subject after healing. - This 
pelargenium is no other than the one of Figure [0, treated by the 
Lakhoysky oscillator, on May 24, 1924, healed on the 4th of June, 
1924, and photographed in July 1925. As you can see, this plant Is 
In perfect health and abundantly flowered. On the other hand, the 
sixteen inoculated but untreated check samples died long ago. 





chemical composition due to the contribution of foreign 
bodies which appear as residues of the organism. Such are, for 
instance, blood haematoblasts, rich in iron and phosphorus, 
produced by residues of fibrin, leucocytes, and hematites. 
Each cell destruction brings withit asmall mass of cholesterol, 
an insulating substance forming the armature of the nuclear 
filament, which later clogs the nucleus. Therefore older 
people first experience a decrease in the number ofactive cells 
and of the white and red corpuscles, which is reflected in the 
Tegression of the blood count, and on the other hand, an 
increase of the quantity of mineral (iron, phosphorus, 
haematoblasts) and organic (cholesterol) residues. These 
chemical modifications of the cell result in the variation of the 
cellular oscillation both in intensity, as a consequence of the 
changes of electric conductivity and resistance, and in the 
radiation frequency, because of the changes of capacitance 
and inductance. 

The decayed cell appears like a pendulum with a 
pendulum-bob one could have lengthened, shortened or dam- 
aged. This oscillatory disorder provokes, because of the 
excess of cosmic waves, a too rapid cellular division, which 
results in the formation of neoplasms, or cells vibrating at a 
different frequency from the regular frequency of the tissue. 
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For long years, it has been wondered whether cancer is 
contagious and hereditary, or whether it is caused by a 
microbe. Histological analyses seem to invalidate the exist- 
ence ofa microbe. On the other hand, inoculations of cancer 
only succeed, and moreover very rarely, with impaired tissues 
composed of abnormal cells, such as certain moles and this 
would seen to min the hypothesis of contagion and heredity, 

In fact, It believe that the true cancer microbe is the 
neoplastic cell which forces the neighboring cells into oscil- 
lating at its own frequency, thus transforming by electromag- 
netic induction, the healthy cells into neoplasms. To prevent 
cancer, isto prevent this neoplastic induction and to give back 
the healthy cell enough vigor to reestablish its oscillatory 
equilibrium, 

Iwas pleased to observe that, apart from the skepticism 
ofa few, my experiments have been taken np again with great 
success in France and abroad by various scientists and prac- 
titioners who understood the future ofoscillation therapeutics. 

It seems appropriate to quote the works pursued in 
Germany by Professor Esau at the Technisch-Psychaliches 
institut of Tena. 

Although directed toward paths sometimes very differ- 
ent from mine, these works present a very clear analogy with 
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those I have conducted from the use of a very short wave 
oscillator similar to my radio-cellular-oscillator. 


circuits on which variable plugs can be installed. Another 
device is provided with a circular turn, of whicha radial cursor 
allows connection to the necessary position. 






Fig. 13 -- Simplified diagram of Dr. Esau’s very short wave oscillator, 


The transmitter-receivers used by Professor Esau donot 
essentially differ from the devices I advocated. I indicated 
moreover that connections were izrelevant as long as they 
ptoduced the desired very short waves. Professor Esau’s 
connections, which were described in the technical magazines 
of Dr, Ernest Busse, assistant at the Ieana Institute’, are 
characterized by the use of a single triode lamp, functioning 
in direct current. The transmitter’s filament (Fig. 13) is 
supplied through a filter preventing high frequency back 
currents, The coilings are simple fractions of turns, as in the 
radio-cellular-oscillator, which only includes about hatfa turn 
for each oscillating circuit. 

A test receiver (Fig. 14) is provided with square loop 


4. Dr. Ernest Busse, Die Erzeugung ultrakurzer Wellen. (Radio-Wait, No. 49, 
1928, p. 77. Vienna.) 
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Fig. 14 -- Simplified dlagram of Dr. Esau’s very short wave recelver. 


The works of Professor Esau in the biological domain 
are rather recent, for during the Radio-electric Symposium in 
Bremen (August 1928)°, he stated that he had been doing 
research, for only a year, on the physiological effects of ultra- 
short waves, or, according to his definition, very high fre- 
quency waves comprised between a length of 1.50 and 3 
meters, of which I indicated the use in 1924 in my report 
addressed to the Societe de Biologie, reproduced here. He 
indicated then that since July 1928, he successfully con- 
structed a very short wave receiver, 

About this subject Professor Esau pointed to the fact that 
the main difficulties came from the electronic lamps, and that 
he had to use foreign lamps, particularly French lamps, which 
are more appropriate for very short waves techniques. 1 
indicated earlier that, 4 years before, I had studied and had 
these special short-wave lamps built, which were designed for 
my ratdio-cellular-oscillator, 

T shall also point out that a very short transmitter has 
Tecently been used by Dr, Frantz Seidel from Vienna, for the 
destruction of bacteria, particularly in the sterilization of 
milk. This subject will be investigated at a later time. 


5. Oscar Gadamer. The ultra-short waves and their fleld of application. (Der 
Deuische Rundfunk, August 31, 1928, t. VI, p. 240, Berlin.) 

6. Les ondesultra-courte contre les bacteries, (Radio-Welt, January 27, 1929, 
No. 4, p. 108, Vienna.) 


THE LAKHOVSKY 
RADIO-CELLULAR OSCILLATOR 


a synopsis by Jorge Resines 
isle yous are ere = is sia bares ous book La 





nace fas and Good Health, Longevity nid Fasano 
tality Through Vibrations -- by Georges Lakhovsky. More 
specifically, this synopsis encompasses Part If, chapters i and 
2, being pages from 137-171 of said work, and whatever I 
translate from it will be forwarded by the words ‘““Lakhovsky 
said:’”. 

Mr, Lakhovsky begins by indicating the influence of 
heavenly bodies upon all facets of everyday life, from their 
influence upon the cells up to how magnetic compasses are 
affected by magnetic storms originating in the Sun (he refers 
the readership tohis book L’Universion, published by Gauthier- 
Villars of Paris, France). He says that the French Astronomer 
Mr. Deslandres with his collaborators at the Observatory of 
Meudon have established a cycle of about 27 days for sunspots 
affecting both tides and earthquakes. This lapse is part of 
another larger cycle of 114 years (or about) that most usually 
forms in turn part of another, larger, cycle of 33 to 35 years. 

Mr, Lakhovsky also discovered, as indicated by the 
small circles at the lunar orbit of Figure 1, that lunar radiations 
provoke interferences with the waves broadcasted from 
radicelectric stations at said marked positions. 





Figure | 
LI = Full Moon 
L3 = New (Dark) Moon 


T = Earth 
12 = Waning Moon 
L4 = Waxing Moon 


Carrying his researches astep further, helped also by the 
people at the Observatory of Meudon, he correlated the highs- 
and-lows of three different factors (to wit: a. Sunspot activity, 
b. Perturbations of Terrestrial Magnetism, and c. Polar Au- 
rota) with the type of wines collected at different French 
regions. For a single zone and type of wine, his findings are 


shown in Figure 2 (next page). You will easily notice how the 
highs of the three factors are in coincidence with the best 
collections of wines, with a single exception: the 1880-1889 
period when the grape-wines were massively attacked at 
France by the ‘‘Phylloxera”’ plague. Though Mr. Lakhovsky 
does not explain the reason for this adverse period (when the 
opposite was expected), he does voice his opinion that cellular 
and biological phenomenais periodically affected by the same 
type of radiations (and the generated-sicknesses they pro- 
duce), proposing at the same time to destroy the scourges by 
overriding the ‘‘astrally-produced radiations’? (his words) 
with this ‘‘Radio-Cellular Oscillator.” 

About the basic concept behind his devices, Lakhovsky 
said: ““To re-establish the balance of these heavenly fields 
from nature, upon which variations we are able to act directly, 
unlike Meteorology which cannot make weather change, I 
willresort toa local oscillating-generator of waves creating an 
auxiliary artificial electromagnetic field. 

‘*By the way, {mustadd this method is analogousto that 
employed in radiotelegraphy and known under the names of 
heterodyning and superheterodyning. These procedures em- 
ploy the interferences generated between the received and 
generated waves by a local generator, at the necessary fre- 
quency and intensity,”’ 

Mr. Lakhovsky states that his inspiration came from 
Professor Arsene D’Arsonval, who in 1890 had put forth the 
opinion that different sicknesses could be eliminated by 
means of high-frequency currents. He continues on, explain- 
ing that by about 1924 he studied the possibility of generating 
waves under 2 meters in length, but that the electronics of said 
period considered ‘‘short’’ only those waves from 200 to 500 
meters, 

To overcome such a hindrance, Lakhovsky developed a 
vacuum tube with multiple-electrodes and received two pat- 
ents for it — French Patent No, 601,155 granted in October 18, 
1924 and German Patent No. 427,596 granted in May 26th, 
1925 -- afterwards another scientist of that time, Dr. Siegmund 
Loewe, improved on his ideas and demanded a French Patent 
on May 07, 1927 (this Patent is not indicated as either granted 
or not; further investigation is needed here). 


Figure 3 
+HT = Positive High Voltage © =Condenser 
-HT = Negative High Voltage § =Loop of Coil 
G =Grid F =Flament 
P =Plate 
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Figure 2 -- RED BORDEAUX WINES 


1847-48 
Outstanding vincages 


1857-58 
Outstanding vintages 


Magnetic disturbances 
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1845 3850 «61855 1860 


1851, 52, 54, 55, 56 
Average & mediocre vintages 


1865 


B72, 73, 74, 76, 77 
Average & mediocre vintages 


1849-70 
Outstanding vintages 


1870 


1890-93 & 1896 
Rather good vintages: 
Full-bodied, distinguished 
& mellow wines 


1906-07 
Good vintages: 
Fine distinguished wines 
with nose and aroma 


{875 «1880 1885 1890 1895 1900 1905 1910 1915 


1894 Mediocre year 
1895 Warm & fiery wines 


1908-15 
Mediocra, bad & 
very bad vintages 


Graph showing the coincidence of outstanding vintages with the intensity of the waves emitted by the sun and corresponding to the 
variation in the intensity: |) of sun-spots, 2) of earth magnetic disturbances, 3) of polar lights. The graph has been established for 
red Bordeaux wines; the greatest intensities correspond to the outstanding vintages, the lesser intensities correspond to the years 
of mediocre wines. We can establish a similar graph for the other vintages, notably Bourgogne and Beaujolais wines. 


To produce waves ‘‘under 1/4 meters’’ (his words), Mr. 
Lakhoysky enclosed within a vacuum tube’s glass vessel 
different elements, as is seen in Figure 3. About this new type 
of tube, Lakhovsky said: “The oscillating circuit does not 
involve but aloop witha diameter of several centimeters. The 
only connections going out of the tube are the supply-wires, 
leading the plate-voltage and the heating current. These tubes 
can generate oscillations and transmit them to external circuits 
(square-lcop antennas) by induction.’’ 

I will stop now the synopsis to introduce a personal 
comment: [tis not clear on the illustration of Figure 3, WHY 
the filament is connected -- in a controllable fashion as the 
schematic indicates — to the loop ‘‘S’’; neither do I see clearly 
indicated whether the tube is one of direct or indirect heating 
and which type of vacuum tube -- existing at the time, with its 
specifications of that era -- served as the foundation to develop 
the tube of Figure 3, and how this was made in both constitu- 
ents, procedure of manufacture, etc. 

Neither is it indicated if there was a constitutional 
modification involving a change of material(s) for the new 
type of tube Mr. Lakhovsky first employed. I do not want to 
spoil anybody’s fim in experimentation, I am just suggesting 
caution... Let’s go on with Mr. Lakhovsky. 
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Another feature employed to ensure a high-quality 
when in use by Mr. Lakhovsky wasto puta group of electronic 
tubes, as illustrated in Figure 4, directly over these lines, in the 
same vacuum pump, Asall the tubes were connected in series, 
when the apparatus was made to work it produced the same 
degree of vacuum within them all. 


Figure 4 
L,L,£,L,= Identical Vacuum Tubes 
T = joining tube 





A further development of his idea, ‘‘extracted from his 
patent’ he claims without indicating which one (French or 
German) this is, is the multiple triode illustrated in Figure 5. 
From its analysis we notice that Mr. Lakhovsky adhered to 
electronic theory, which says that electricity is a flow of 
electrons, andinasemiconducting device as the usnal vacuum 
tube there is only a single direction of flow, from the ‘‘Cath- 
ode’’ (or negative pole) to the ‘‘ Anode’’ (or positive pole). In 
the multiple triode of Figure 5, the filaments are connected in 
parallel. 


Figure 5 

+BT = Positive Filament Voltage 
-HT = Negative High Voltage 
G, = Grid Tube No. | 

P,, G, F, = Same for Tube #2 


+HT = Positive High Voltage 
P, = Phte Tube No, | 

F = Filament Tube Ne. | 

€ = Condenser 





A further improvement of the device is scen in Figure 6, 
of which Lakhovsky says: ‘This illustration, also taken from 
my patent, shows a double and symmetrical oscillator where 
the filaments are mounted in series, It is also provided for, 
eventually, to place within a condenser so located as the 
electrodes and the loops of the oscillating circuit, within the 
same evacuated plass-vessel’’, 


Figure 6 

G, = Grid Tube No. { 
P,, G, F, = Same for Tube #2 4 9=-C = Condenser 

“HT = Negative High Voltage +HT = Posttive High Vokage 
-BT = Negative Filament Voltage +8T = Positive Filament Voltage 


P, = Plate Tube No. | 
f = Filament Tube Ne. | 
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Figure 7 shows us a double-oscillator with a single 
filament, that is the two lamps of Figure 6 within a single 
vessel and with just one heat-source. 


Figure 7 

+HT = Positive High Voltage 

+/. BT = Positive and Negative Filament Voltage 

F = Fllament $ = Loop of Cuil 
G, = Grid Ne. | P, = Plata No. | 

G, = Grid No. 2 P, = Plate No. 2 
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I remind the readership that all the models of vacunm 
tubes shown so far are for short waves under 2 meters. 
Lakhovsky indicated that to obtain long waves it sufficed to 
place the same elements outside a vacuum tube. 

After saying that everything so far shown were just 
“extremely general things’? Lakhovsky said: ‘‘One can, 
almost, say that Dr. Loewe just introduced resistances and 
capacities within his multiple-tubes, where performance is 
justreduced to amplifying low and high frequencies upon long 
waves. The performance of these tubes is very mediocre 
because of the following reasons: a) Heavy linking resis- 
tances, b) Strong plate-voltages (about 160 to 200 volts), c) 
impossibility of coupling circuits and thus producing a reso- 
nanece.”’ 


Figure 8 

M = Mobile blade of condenser 

A = Fixed blade of condenser 

W = Weight to move blade “M” 

H = Turning point for the combi- 
nation of “M" with “WW” 


&> 


Here, in the former comment, is an apparent contrarlic- 
tion: Lakhovsky criticized Dr. Loewe for including resis- 
tances and capacities within his multiple-tubes, while at the 
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Figure 9 

A = a Lakhovsky Triade 

B = another Lakhovsky Triode 

C = Loop associated ta Grids 

D = Loop associated to Plates 

— = Connection to Filament 

F = Connection to High Voltage of 
Transformer secondary tap S, 

8, = High Voltage tap of AC Transformer 
secondary 

5, = Filament Voitage tap of AC Trans- 
former secondary 

Tr= AC step-up Tranformer with a 
tapped secondary winding 





same time he did the same! But Lakhovsky’s capacitors are 
different to the common types. 

What he did was to “‘separate’’ a variable condenser’s 
blades and to ‘‘counterweight’’ the moving blades, as indi- 
cated in Figure 8, so that the blades would move within the 
fixed armature of the condenser as the whole tube was rotated 
and weight ‘‘W’’ responded to gravity! He does not indicate, 
thus making it an object of personal experimentation on the 
part of the readership, if there was just one or more of these 
special variable condensers. 

Now, in order to produce a wide range of frequencies 
with only two of his special triodes, Lakhovsky built the 
**Radic-Cellular Oscilfator’’ that is showa in schematic form 
in Figure 9, which he used at the Clinic of Salpetriere in 1924 
te treat and heal Geranium plants which he experimentally 
inoculated with the disease of cancer; it was mounted, he says, 
according to the ‘‘Montage Mesny,”’ thus indicating that one 
man called Mesny originated the setup at that time (this is 
another source for research, try finding in old books from 
either the *20s or *30s anything made by a Mr. Mesny). 

This is what, on the device, Lakhovsky says: ‘‘Plates, 
erids and filaments are connected in parallel. The circuits of 
grid and plate have each a single loop. These two loops are 
coupled variably between themselves. Plates and filaments 
are fed directly from the Alternating Current of the place by 
means of the appropriated transformer. Within these condi- 
tions, it is produced the emission of waves because it is 
branched the intake of current upon the electrified section. 

“Using, accordingly, a condenser it is possible to pro- 
duce the whole spectrum of waves between 2 and 10 meters 
ofwavelength, The supply from AC produces a large number 
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of harmonics upon which can enter into resonance the oscil- 
lations of different cells. Therefore, the fundamental wave- 
length can be regulated according to the nature of those cells 
to treat. 

‘*Phe biological role of the Radio-Cellular Oscillator is 
to re-establish the oscillatory equilibrium in the living cell, 
under threat by any alteration, particularly by a close microbe. 
When recovering its normal strength thanks to the auxiliary 
irradiation from the Radio-Cellular Oscillator, the cell can all- 
by-itself destroy the microbe by counter-acting its deleterious 
tadiation.”* 

Mr, Lakhovsky goes on indicating that he established 
the aforementioned concept as the fonadation ofhis device by 
first inoculating several plants of Pelargonium zonatum with 
the Bacterium tumefaciens in order to generate tumors similar 
to those of animals in plants (his source was: An Introduction 
to Bacterial Diseases of Plants by Erwin F. Smith, London and 
Philadelphia, 1920). He was helped with inoculating the 
plants by Mr. A. Gosset, Mr. A. Gutmann and Mr. J. Magrou, 
the latter being the one who had more articles published on the 
subject of plant-inoculation (see the Revue de Pathol. Vegetale 
et @entomologie agricole and within that the Annales de 
L’ Institut Pasteur, by this author), 

He then applied his Radio-Cellular Oscillator, using 
waves of about 2 meters, which he equated with a vibration of 

150,000,000 cycles per common-second, He broadcasted the 
oscillator’s output upon the infected plants and got them all 
back to heaith after a given time. He had already explained 
how his oscillator worked to his fellow Frenchmen inan article 
(Radio-Revue, Hoveuber atte ann a jcostereioe (given at 











on June 2ad, 1924), 

After detailing how the experiment in plant-healing 
progressed and how the plants were healed, he goes on to 
explain that -- in his conception — cancer is provoked by an 
‘‘aging”’ of the cells that makes them both reproduce at a 
slower rate and to evacnate a higher amount of wastes. This, 
in combination with radiations coming from space at different 
times, produces an oscillatory disequilibrium in the cells 
resulting in cancer of different types. Mr, Lakhovsky rejects, 
onthe ground ofhistological examinations he performed, both 
the *‘microbial’’ theory of cancer and its hereditary transmis- 
sion. 

If you have followed all of the writing up to this point, 
carefully noting the concepts involved in Lakhovsky’s proce- 
dures, you will remember that: 

(1) His Radio-Cellular Oscillator created an auxiliary 
electromagnetic field capable of restoring balance to the 
diseased cell(s) and body. 

(2) This was done 
by means of very short 
waves (during the period 
he experimented) of 
about 2 meters and 
150,000,000 cycies per 
second. 

(3) To achieve the 
necessary shoriness of 
wave he introduced dif- 
ferent elements within an 
evacuated glass-vessel, 
thus creating a different 
type of vacuum tube. 

(4) He purposely 
indicated that external 
elements created long 


Figure If 
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waves that did NOT comply with what he needed for therapy. 
(5) He included, within his special tubes, a variable 


. condenser that could be tuned to the desired capacity by 


moving the tube in space so that the internal variable capacity 
could generate the coupling needed in therapy. 

if all of this has been, so far, an essential group of 
conditions necessary to produce the short waves of about 2 
meters, then why — as seen in Figure 9 -- docs he place two 
electrified loops OUTSIDE the vacuum tubes of his special 
design???? 

In compliance with this ‘‘loops outside” line, he goes on 
quoting the works by one of many foreign scientists who, he 
claims, have followed his line of research: 

Lakhovsky says: ‘‘It is convenient to quote the works 
made by Professor Esau at Jena’s Technisch-Physicalishes 
institut (Germany). If they are directed by ways somewhat 
different to mine, his works show the similitude of using an 
oscillator of very short waves similar to my Radio-Cellular 
Oscillator. Professor Esau’s emitters and receivers do not 
differ essentially from the apparatus I champion. I have 
already indicated that the arrangements of constituents are 
indifferent, because they produce the very short waves needed. 

‘The setups by Professor Esau -- described in the 
Institute’s technical magazines by Dr, Ernest Busse (see Die 
Exzeugume Ultakurzer Wellen — Research on Ultrashort 
Waves - in Radio Welt, No. 49, page 77, Vienna, 1928), 
secretary to the Institute of Jena, are characteristic because 
they employ a single triode working with DC. 

**The emitter’s filament — as seen in Figure 10 — is fed 
by a filter preventing the return of high-frequency currents. 
Windings are made with simple fractions of tums, as in the 
Radio-Cellular Oscillator, which does not involve but a half- 
tum per oscillating circuit, 

“An experimental receiver (see Figure 11) is supplied 
with a circuit possessing a single square-loop, upon which can 
be made variable taps. Another apparatus is possessed of a 
single circylar-loop upon which a radial cursor allows to take 
just the necessary fraction of circuit, 

*“Works by Professor Esau in the realm of Biology are 
very Fecent, because at the August 1928 Radioelectric Con- 
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gress of Bremen (see n f 
application -- Ultrashort-waves and Their Field of Applica- 
tion -- by Oscar Gadamer in Der he_R 

German Radio — of August 31st, 1928, volume VI, page 240, 
Berlin) this author states that after about a yearhe investigated 
the physiological effects ofultrashort-waves thatis, according 
to his definition, waves of very high frequencies between 114 
and 3 meters in length, of which I have indicated how] employ 
them in a 1924 communication to the Society of Biology 
(Note: It is on the inoculation and healing of the Pelargonium 
zonatum, as explained on page four of this writing). Prof. Esau 
then indicated that, since July 1928, he built a receiver of very 
short waves. 

“About this subject, Professor Esau remarked that the 
main difficulties come from electronic tubes, for he was 
forced to use foreign tubes, particularly French ones, that are 
better fitted to the technology of very short waves. I must 
remind (the readership) that four years before him I studied 
and had built these special lamps for short waves, to be used 
in my Radio-Celiular Oscillator. 

**I will also point out that an emitter of very short waves 
has recently been employed by Dr. Franz Seidel of Vienna for 
destroying bacteria, particularly to sterilize milk (see Les 
ondes ultra-courtes contre Jes bacteries -- Ultra-short Waves 
Against Bacteria ~ in Radio Welt -- Radio World, January 
27th, 1929, No. 4, page 108, Vienna).” 

We have two definitely contradictory positions in the 
same chapter dealing with the same type of device: 

(Ist) In the paragraph translated under Figure 3 of this 
paper, Lakhovksy emphasized that the elements to produce 
ultrashort waves (under 2 meters) must be inside the tube. 
Figures 3 to 8 are dedicated to showing specific constituents 
for thisspecial type of tube. Though he only speaks on Triodes, 
there is no reason to suppose he did not experiment with 
Tetrode and Pentade tubes (plus others of his own design not 
usually covered in publicly available technical literature). 

(2nd) The formerly-indicated conditions change radi- 
cally when he speaks of his experimental device employed to 
eliminate tumors affecting inoculated plants, this being the 
device of Figure 9 of this paper. Notice how the emitting 
elements in this apparatus are outside the vacuum tube; 
furthermore Mr. Lakhovsky claims that other, similar, devices 
developed by Professor Esau at Jena’s Technisch- 
Physicalysches Institut are based in his ‘‘intemal’’ design 
when the opposite is quite tue! 

(rd) In order to make a better synopsis, I went back to 
tead my copy of The Secret of Life, a translation into Spanish 
by M. Aquilar (Madrid, 1929). Therein are explained the 
basics of the Muiti-Wave Oscillator but the Radio-Cellular 
Oscillator is NOT shown. It is reproduced in the 1924 
communication to the Society of Biology. Neither source 
mentioned here reproduced the special vacuum tubes, with 
internal constituents, as explained in La Science et le Bonheur, 
the subject of this synopsis. 


(4th) In Mark Clement’s The Waves that Heal, the 
Multi-Wave Oscillator is explained as: ‘‘The apparatus con- 
sists of a transmitter and a receiving resonator, both arranged 
SO as to set up an electromagnetic field in their immediate 
vicinity.’ The Multi-Wave Oscillator seems, in my opinion, 
derived from the ‘‘experimental receiver’’ of Figure 11 plus 
those of Heinrich Hertz (as I have indicated in my Some Free 
Energy Devices, a BSRF publication, quoting directly from 
The Secret of Life and introducing complementary informa- 
tion from other sources), cather than from the multiple-tubes 
shown in Figures 3 through 8 of this paper. 

(Sth) Considering everything explained from (1st) to 
(4th), it is my opinion Mr. Lakhovsky produced several types 
of apparati, along different lines of research, while pretending 
in his books that only a single-line of investigation was being 
pursued. 

What are the reasons for doing this? There are many: 

(*) Trying to disorient his fellow scientists by covering 
up his actual intentions and actions, so that the actual secret of 
the apparati rested with him. 

{*) Trying to foil any attempt by the ‘‘organised medical 
profession’ to steal his “‘secret’’ -- whatever this could 
actually be. 

(*) Having discovered something that he wantedtokeep 
for himself in the course of his researches, This is, in my 
opinion, the most likely possibility, for Mr. Lakhovsky’s 
researches were well-received in Europe, South America and 
Asia before WWII began. Even more, he was outspokenly 
backed by men of science and Academies of great reputation 
and his enemies were very few (outside of the USA, of 
course....). 

¥ do not mean to slander him and his researches, I just 
want to indicate the necessity for greater and deeper research 
into what he did from all possible sources of information. 


VERY IMPORTANT NOTE 

In order to facilitate the understanding of the illustra- 
tions, I have taken a few liberties to aid the non-French 
speaking associates: 

{1) All the ‘‘lateral letterings’’ from Figure 3 to Figure 9 are 
of my doing, they did not exist in the original text. 

(2) I changed into English, keeping the true meaning in 
transiation, the writing in Figure 2. 

@) Imade some additional lettering in some illustrations for 
greater understanding: L1 to L4 in Figure 1; I added the 
‘'C”’ in Figure 5, the same ‘*C*’ was added in Figure 6; 
Finally, I added the “‘H’’ in Figure 8 for greater clarity, 

(4) In French the letters ‘‘HT’’ are the abbreviation of 
‘‘Haute Tension’’ that means in English ‘High Volt- 
age’; in Spanish we also use the word ‘*Tension”’ in 
electricity meaning ‘‘Voltage,”’ as the French do. The 
letters ‘“BT’’ stand for ‘Basse Tension’’ which I trans- 
late not as ‘‘Low Tension’’ but as ‘‘Filament Voltage*’ 
for this is the actual meaning, 
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The present invention has for its object an appa- 
ratus capable of sending out simultaneously differ- 
ent wave lengths so that among these waves or their 
harmonics there is found almost always one or 
several capable of producing the best effect songht 
for any application whatever. 

There is used for that purpose the property of 
open circuits having well determined wave length if 
they are excited by electric impulses emanating from 
discharges of any source. 

The radiating part of the system, producing 
waves of various lengths, is therefore constituted by 
a certain number of concentric open rings of differ- 
ent diameters, which are maintained insulated by 
any appropriate means. These rings may or may not 
be terminated by small spheres forming capacities, 

These rings may be arranged either in the same 
plane or in different planes so as to form any 
surfaces, such as portions of cones, spheres, parabo- 
loids, ellipsoids, etc..., these surfaces being of a 
nature to concentrate the waves in a determined 
direction in the manner of a reflector, for example. 

These rings may be fed by any producing device 
whatever of high frequency, for example, a combi- 
nation comprising a trembler coil (or any other 
transformer) and a high frequency circuit provided 
with a self-induction coil and a capacity. 

One of several points of this high frequency 
circuitis or are connected to the end of one or several 
of the rings forming the radiating apparatus. The 
other rings not connected are excited by induction. 

The complete apparatus (coil, high frequency 
circuits, rings, etc....), may be mounted in a box or 
upon a small board capable of sliding along a guide 
or rocking so as to be able to be placed in the most 
convenient position. 

In the accompanying drawing, by way of ex- 
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ample, not limitative, there is shown: 

Fig. 1 a diagram of the system. 

Fig. 2 the position of the rings in the form of a 
cone. 

Fig. 3 the apparatus mounted upona footor base. 

InFig. 1 there is seen at T the transformer or coil 
(P the primary, § the secondary of this coil), V the 
screw of the trembler, C the condenser the discharge 
of which across the spark gap E produces oscillations 
in the self-induction coil L1, which in its turn acts by 
induction upon the self-induction coil L1; this self- 
induction coil L2 is connected on one side to the first 
exterior ring a, on the other side to the following ring 
b. It thus forms an electrostatic field of high fre- 
quency which induces oscillations in the other rings 
6, d, ¢, f. 

Asamodification, L2 may be suppressed and the 
rings a and b may be connected cach to one of the 
ends of L1. 

One of the ends, or even any point of the self- 
induction coils L1 or L2 may likewise be connected 
to any one of the rings. 

Fig. 2 shows the arrangement of the rings in the 
form of a cone. The open cirenits a, b, c....f can be 
constituted by solid conductors. They can also be 
tubular circuits, this being advantageous, since, for 
the same bulk, the radiating surface is larger. Fi- 
nally, the area of the cross section of each of these 
various circuits can vary from one circuit to the other 
for instance, this area can decrease from the periph- 
ery (ring a) to the center (ring f) of the radiating 
systern. 

Fig. 3 shows the apparatus mounted upon a foot 
Aalong which it can slide, in order to be placed at any 
desired height and upon a hinge B which allows it to 
be oriented upon the horizon. 

I claim:-~ 

1. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wave lengths, 
comprising a high frequency producing device, a 
series of high frequency radiating circuits consti- 
tuted by concentric insulated split rings of different 
diameters, the split ends being spaced from each 
other and terminating with small spheres. 

2. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wave lengths, 


comprising a high frequency producing device, a 
series of high frequency radiating circuits consti- 
tuted by concentric insulated split rings of different 
diameters and terminated by small spheres forming 
capacities, 

3. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wave lengths, 
comprising a high frequency producing device, a 
series of high frequency radiating circuits consti- 
tuted by concentric insulated split rings of different 
diameters and arranged in one and the same plane the 
split ends being spaced from each other and termi- 
nating with small spheres, in staggered position as 
regards adjacent rings. 

4, An apparatus of the type described compris- 
ing a base, a plate slidably mounted on said base, a 
support pivoted to the said plate, a series of open and 
insulated, high frequency radiating circuits mounted 
on the pivoted support, and a high frequency produc- 
ing device for the excitation of the said circuits. 

5. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wave lengths, 
comprising a high frequency producing device, a 
series of high frequency radiating circuits, said 
circuits being open, insulated, and having dimen- 
sions different from each other. 

6. An apparatus adapted to produce electric 
fields ofhigh frequency having multiple wavelengths, 
comprising a high frequency producing device, a 
series of high frequency radiating circuits arranged 
in the same plane, said circuits being open, insulated, 
and having dimensions different from each other. 

7, An apparatus of the type described compris- 
ing a transformer, a high frequency energizing cir- 
cuit fed by the said transformer and provided with a 
self-induction coil and a capacity, a series of open 
and insulated high-frequency radiating circuits hav- 
ing dimensions different from each other, and induc- 
tive connection between two of these radiating cir- 
cuits and respectively each of the poles of the 
outgoing element of the high frequency energizing 
circuit. 
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This invention relates generally to electric de- 
vices excited by electric impulses and more par- 
ticularly to multiple wave length conducting 
and/or producing means. This invention has for 
its primary object the provision of such means 
disposed within s vacuum tube or a tube contain- 
ing rare gas OF e&ses. 

My work over a period of more than 20 years 
has led me to the belief that there is great need 
for means conducting and/or producing multiple 
weve lengths which may be employed in many 
industria] and medical fields. Suitable appara- 
tus for producing waves of various lengths is dis- 
closed in my U.S. Letters Patent No. 1,962,565, 
dated June 12, 1934. Embodiments of this appa- 
ratus have been in use the world over, Because 
of the need for simplification in such apparatus 
so that it may be han¢y end easily used by per- 
sons jacking skill in electrical matters, I have 
concluded that by providing one unit whitch in- 
corporates oscillation generating means and an- 
other in which the wave lengths are produced, 
the apparatus may be more universally wsed in 
the treatment of celluiar life in therapy, in the 
aging or treating of Uquids and in other incus- 
trial flelds, 

The present invention deals with those units, 
preferably combined with one another and con- 
structed as @ portable device and as stated above, 
hag for its major object the provision cf a uni- 
tary multiple wave length producing and/or con- 
ducting device in the form of & vacuum tube. 

The prerant invention further contemplates 
the incorporation in such a tube, of mezns for 
varying the effect of wave lengths, or selectively 
employing the means therefor enclosed in or 
forming part of said tube. 

This invention further seeks to provide @ tube 
of the inditeted type incorporsting means for 
generating osciliations. 

Another oblect of the invention is to provide a 
single unit wrich contains an oscillation genera. 
tor, which produces waves of definite frequency, 
end further inductance means each permitting 
emanation of wave lengths of various values, 

The structural features of my invention aleo 
form a material part of this disclosure, tae ob- 
jects and advantages being attained in structures 
such ps shown in the sce-mpanying drawing, 


whick exemplifies the Invention. The following. 


sPeclfication, based on seld drawing, more clearly 
points out the purposes and adventag 2s of my in- 
vention, 

In the drawing: 
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vational view of a tube incarporating features of 
my invention. 

aa 2 is @ similar view of an alternate form 
thereof 

Fig. 3 Mustrates in @ similar manner a modi- 
fled form of my invention, 

Fig. 4 is a fragmentary sectional view of a mod- 
ification made in accordance with the invention, 

Fig. 5 is # similar view of another modification, 

Figs. 6 and 7 are sectional views illustrating 
tynes of wires used in elther of the forms of my 
favention es shown in Figs. 1, 2 3. 

Pig. $ is a partial sectional, partial elevational 
view tHustrating a tube incorperating a plurality 
of grids and aclective capacity means for varying 
the effects of sald grids. 

Fig. 9 is a similar view of 4 tube, such as shown 
in Figs. 1 or 2 and incorporating oscillating cr 
vibrating means. 

In that form of my invention shown in Fig. t, 
there is provided s sealed preferably transparent 
envelope 10 made of glass or like material affixed 
in the usual manner to a screw or Edison plug f 1. 
The latter is conventionally provided with a shell 
terminal 12 and @ central terminal 13. The sup- 
port ov seal 14 of the tube serves to hold wires 
such as I§ and {§ which connect to the terminals 
12 and £3. 

Connected to the wires 1§ and 16 is a primary 
inductance member in the form of a loose coil (7 
which may be disposed axially of the envelope 0, 
as shown. The upper end of sald member 17 
forms a tight wound coil [@ which serves to radi- 
ate the strongest induced wave lengths. 

Surrounding the primary inductance member 
ii, there are arranged a plurallty of separate 
colls of wire each being of different length and 
capacity. Thus, I provide a coil 19 having great- 
est capacity and successive coils 20, 21, 22, 23, 28, 
and 2§, each haying less capacity than the pre-~ 
ceding coil. These cails i8 to <5 form secondary 
inductance means each permitting emanation of 
@ Wave length of different magnitude and value 
than the other. 

<I may support the secondary colls in several 
ways. As shown, I prefer to provide a dielectric 
member such as a glass sleeve 26 surrounding the 
primary: inductance wire member 17 and to 
mount the secondary colls 18 to 28 on the outer 
surfece of sald sleeve, leaving the coll 18 exposed 
at the top thereof. In order to effectively sup- 
port and centralize the glass sleeve 28, I provide 
spacing washers 27 and 28 of mica or the jike, 

tep and bottom, aud provide a supporting cross- 


Fig. 1 ds @ vertical, partial sectional, partial ele- 38 ices 29 on the lower portion of the wire !7. 
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The tube above described may be employed as 
indicated for the treatment of cellular structures 
by connecting it to any one of the rings in the 
electrostatic fleld of high frequency, such as 
shown in said U. &, Letters Patent No. 1,962,565, 
each of the coils 18 to 25 producing by induc- 
tion a different wave length, as can be under- 
atood. 

In the form of my invention shown in Fig. 2, 
the envelope /6a is somewhat differently shaped, 
and the wire {Ja straight instead of arranged as 
en open coil. In other respects, the structure 
follows that described with reference to Fig. 1. 

As shown in Fig. 3, there may be arranged a 
plurality of open rings 30, 31, 32, 33, 34, 35, 36, 37, 
38, 39, and 40 in frustro-conical form, for in- 
stance, with the largest of said rings at the top 
and the smallest one adjacent the bottom. I 
have shown said rings as supported, for instance, 
by glass posts 4! and 42, said posts being sup- 
ported on the seal 14b, as by a band 43. I pro- 
vide extensions for the terminul wires iSa and 
{6a and connect said extensions 44 and 45 to 
the upper ring 30 and the next lower ring 31, re- 
spectively. 

The rings 30 and 31 may become the primary 
inductance members, whereas the remaining rings 
constitute the secondary inductance members as 
before set forth. Electric current conducted to 
the suitably spaced rings 30, 3! will cause a spark 
48 to be drawn between the rings 36 and 34 pro- 
viding oscillations emanating from electrical dis- 
charges therebetween and causing the radiation 
of waves of various lengths within the envelope 
(0d c.nd affecting the remaining rings. 

Tn Figs. 1 and 2, I have shown the secondary 
coils as formed of wires having wniform cross- 
section. Fig. 4 illustrates how such wires may 
be made progressively smalJer in the succceding 
coils §$e, 20c, and 2lc, etc. Similarly, I have 
shown the rings of Fig. 3 made progressively 
smaller in Fig. 5, said rings belng designated by 
numerals 30d, 31d, 32d, 33d, 34d and 35d, etc. In 
such various manners, the wave length producing 
effect of the secondary coils or rings may be ar- 
rived at. 

The secondary coils or rings may be round or 
somewhat flattened wire as shown in Fig, 6 or 
tubular as in Fig. 7, offering a yet greater flez- 
ibility of design. 

The devices of Figs, 1 and 2 above described 
may be incorporatec in the system shown in said 
U. S. Letters Patent by connecting one of the 
rings a, b, c, d, e, or f with plug (! of Fig. 1, 
Since either terminal 18, 6 is in contact with 
primary inductance memt:r 17, To this end a 
conductor (not shown) connects such a ring with 
said plug or socket, 

In Fig. 8, I have shown a modification of the 
inventicn which comprises a vacuum tube $0 con- 
taining a plate 6! and a plurality of different 
wave lengths producing grids 62, 63, and §4. I 
connect each grid with a variable capacity de- 
vice, such as 65, 58, and 6&7 carricd by said tube 
60 and preferably by its base support 63, whereby 
tiie grids may he selectively connected into an 
operating circuit (not shown) by means of the 
respective prongs 68, 59, and 60, and the plate 
prong 6!. Heating or other exciting means may 
be incorporated in the tube in a well-known man- 
ner. This combination tube 50 is designed to 
replece a plurality of known tubes each operat- 
ing with different and variable wave length ef- 
fect, mere exterior manipulation at said base 
support brings about change of the capacities 865, 
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66, and 57 and cutting in one or more of the 
grids 52, 53, and 84. 

The effect of the spark as produced in the 
form of the invention depicted in Fig. 3 may be 
further utilized in Fig. 9 in which I also incor- 
porate a vibrator 62 which produces electrical 
oscillations by a spark intermittently generated 
between the end of the primary inductance mem- 
ber {7@ and vibrator armature 64, In other re- 
spects the structure follows that of Fig. 1. 

It may be noted that any type of spark pro- 
ducing or oscillation generating means may be 
substituted for the vibrator shown. The tubes 
shown in Figs. 3 and 9 may be used in the manner 
described for Fig. 1 by connecting one terminal 
of the base as set forth to produce an induction 
effect. These tubes may be also connected across 
both terminals with a suitable potential to obtain 
the spark effect. 

From the foregoing it may be seen that I have 
provided tubes in various forms for the purpose 
of generating and conductin; multiple wave 
lengths. Other forms of the invention may be 
produced within the spirit and scope of the in- 
vention as claimed. 

Raving thus described my invention, what I 
Claim as mew and desire to be secured by Let- 
tera Patent, is: 

1. A device of the character described com- 
prising a vacuum tube having an envelope and 
base, pritiary inductance means, and a plu- 
rality of separate secondary inductance means 
of different length for radiating waves of various 
lengths extending above said primary inductance 
means, all said inductance means being arranged 
within said envelope. 

2, A device of the char-cter described compris- 
ing @ vacuum tube heving an envelope and base, 
& primary inductance member axially arranged 
in said envelope, and a plurality of secondary 
inductance members spaced apart and independ- 
ent from each other each member surrounding 
@ respective portion of said primary inductance 
member and within the field of influence thereof. 

3. A device of the character described com- 
prising a vacuurn tube having an envelope and 
base, a primary inductance member axially ar- 
ranged in said envelope, and a plurality of sec- 
ondary inductance members each surrounding 
the primary inductance member and within the 
fleld of influence thereof, each of said secondary 
inductance members having a different wave 
length effect than the others. 

4. A device of the character described com- 
prising a vacuum tube having an envelope and 
base, @ primary inductance member comprising 
@ pair of split rings in inductive relation, and 
a plurality of secondary inductance members 
each comprising split rings. 

5. A device of the character described com- 
prising a vacuum tube having an envelope and 
base, a primary inductance member comprising 
a pair of split rings in inductive relation, and a 
plurality of secondary inductance members each 
comprising split rings, said latter rings being ar- 
ranged in different planes and being of different 
length to produce a different wave length effect. 

6. In a device of the character described, 
means for producing multiple wave lengths com- 
prising a wire member, enclosing dielectric 
means for said member, and a plurality of sepa- 
rate wire coils of different lengths on said di- 
electric means and in the field of inductance of 
said wire member. 

7. In a device of the character described, 
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means for producing multiple wave lengths com- 
prising a wire member, enclosing dielectric 
wneens for said member, and a plurality of wire 
colls on sald dielectric means and in the fle'd 
of inductance of said wire member, each coll 
extending over safd wire member and having 
% different number of convyolutions than the 
others, 

& In w devica of the character describad, 
Tieans for producing multiple wave lengths 
comprising two split rings in inductive relation, 
and a plurality of split rings in inductive relna- 
tion to the two split rings. 

&. In a device of the character described, 
means for producing multiple wave lengths 
comprising two split rings in inductive relation, 
and a plurality of split rings in inductive rela- 
tion to the two split rings, the plurality of rings 
being of smaller diameter than the mentioned 


two rings and each progressively smaller than 20 


the others. 


10, In a device of the character described, 
means for producing multiple wave lengths 
comprising two split rings in inductive retation, 
end a plurality of split rings in inductive Yela- 
tion to the two split rings, the plurality of rings 
being of smaller diameter than the mentioned 
two rings and eacn progressively emailer than 
the others, alt of the rings bsing arranged in 
frusto-confcnl disposition, 

11, In & vacuum tuhe having « primary in- 
auctance member and secondary foductance 
members, & vibrator arranged in the field of in- 
fluence of sald primary inductance member and 
secondery inductance members, a vibrator ar- 


16 ranged in the field of influence of said primary 


inductance member for affecting the induction 
of satd secondary members. 


GEORGE LAKHOVSEY. 





in hi i i tain- 
1 oscillator used by the author in hia experiments with the supply box contain- 
ee aan ing the neceuace comirole and transformers, 


Picture from Radio News for February 1925 
Curing Cancer with Ultra Radio Frequencies 
by George Lakhovsky 


LAKHOVSKY'S VIBRATORY CIRCLE 


Author Unknown, Source: BSRF files 
Translated from the German by Bodo Capeller, 1988 


“We owe to magic all progress in physics and chemistry." 
(Jules Lermina, 1915) 


The Paris professor with the Russian name Georges Lakhovsky claims to capture, 
with so called open vibratory circuits (circuits oscillants), cosmic waves and pass 
them on to humans (neck antenna) and plants. Healing of people has been verified by 
French and Italian medical practitioners, healing of Cancer injected plants has been 
proven through photographic records. 


The vibratory circles are manufactured from heavy copper wire with a diameter of 
5-10 millimeters. Those wires 5-8 millimeters in diameter had a more pronounced 
effect than the much thinner variety. The spirai (of the open ended circle), which 
can be single or double, is guided aroumd the plant and is supposed to be insulated 
against its support by “Ebonit” (1). 


Instead of copper wire medical practitioner Dr. Ernst Busse (Garmisch, Germany) 
recommends the use of thin copper tubing: “because of the short wave length of cosmic 
vibration only the surface effect (skin effect) is effective (that means electricity 
is only present on the surface of a conductor, not in the middle) which requires the 
use of maximum surface area. Besides this the tubing is easier to work with and has 
less weight. (Private Correspondence 1/10/1953) 


Helmut Friedensdorff (Berlin, Germany) did report already in 1932, from himself 
as well as others, on the effectiveness of an open vibratory circuit against lumbago 
among other ailments. He inserted a simple isolated copper wire into surgical tubing 
and positioned it at the problem spot in a manner that both wire ends did not touch 
(2). 


Canon Smythe of Great Britain did proceed in a similar manner: “The only tools 
required are a one meter length of flexible electrical wire and a sidereal pendulum. 
The insulation is removed at both ends for a length of 2 centimeters, the wire is 
stripped and the wire strands are removed except a single strand. Then the wire is 
Laid out on a table and the pendulum is positioned over the wire ends. It will rotate 
over the positive end in a clockwise motion, over the negative end in reverse. Then 
one proceeds to make a knot at the negative end for identification purposes. It 
should be positioned on the left side of the body or in the vicinity of the leg, the 
bare wire pointing to the left. The wire may be installed over the clothing and can 
be braided or fastened with safety pins, the ends should point into the proper 
direction. 


“Arthritis in one toe should be treated by using the wire like a stocking holder 
wound around the leg where the knotted end will point to the left. The author makes no 
claims for the healing arthritis but reports a lessening of pain. 


"With severe headaches the wire is wound just above the eye level around the head 
so that the negative end rests over the left temple. 


“Severe coughing is treated with ome wire around the throat, another one around the 
abdomen. “ 
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A just started cold is removed by our associate in a few hours with two wires, 
one with the positive connected to the negative end of the next wire joined as a 2 
meter long wire. “I wound the wire over the shirt under a sWeater around the chest 
until I reached under the arm pits and made sure that the negative end is on left side 
of the chest pointing to the left, the positive end pointing the opposite way.” 


Smythe published this in a paper many years ago called "The Other Half of 
Medicine". He is supported by the research of a recently deceased friend, Dr. Martin 
of Airaines, France who had been promoted to the medical faculty in Paris in 1932 with 
a dissertation “Diagnostic Radiesthesique en medecine veterinaire” under the tutelage 
of professor Nathering~-without an examination! In 1935 a Dr. Girard presented a 
similar thesis before the University at Lyon. 


Medical practitioner Arnold Mannlicher (1880-1958) from Salzburg carried in his 
rear pocket an open vibratory circuit which also acted as a cell detector. 


Vibratory circuits proliferated after the announcements by Lakhovsky's discovery 
as "throat antennas, broadcast jewelry and healing chains” in the market place. T 
cannot say at the moment if they were of the open or closed kind. Apparently between 
the two kinds exists a fundamental difference in their effectiveness, open circuits 
reduce the tension within the body, closed circuits raise it. A closed breadcast 
chain can easily be transformed into an open one when it is opened and is closed with 
an insulator inbetween (rubber band, silk thread). 


The open circuit is nothing new at all. Dr. Beck, former head of the municipal 
children's clinic in Bayreuth says: “the open bronze rings of the Hallstadt area from 
grave sites can be understood as protection against radiation effects very similar to 
the rings worn by the Negro tribes around the arms, legs and throat." The ancient 
Germans Wore “broadcast jewelry"“-in order to coin a modern word--an open solar 
spiral. Dr. Heermann has revived this. He writes: “invigorating liver and intestines 
the solar wheel acts like a plated iron spiral with the windings running from the 
center clockwise." 


Smaller--sown into green material-~is my usual aid in stomach ulcers and swollen 
glands. Underneath his illustration (not shown) the researcher explains: “a spiral 
ending growth rays to the abdomen” (3). 


The never tired Dr. Busse since 1954 has also tried out open rings beside 
vibratory chains and belts. Earlier he replaced acupuncture needles with metal foil 
band aids and states now in a letter dated 4/19/1954: “instead of metal foil one may 
arrive at the same effect by wearing open copper rings on certain fingers and joints. 
When you put a ring that is cut open or manufactured from heavy copper wire on the 
corresponding finger an immediate change of pulse at the radial pulsation can be 
observed". 


One of his associates who experimented with these open finger rings was surprised 
by the achieved results. 


I am very much indebted to this versatile medical practitioner. 


Because copper rings are a tuner (strengthening, invigorating) it was required to 
find a second metal which reduces organic functions. It turned out to be aluminum. 
On closed rings it was already reported in the chapter “Amulets". As far as the 
application of aluminum is concerned the welder Herbert Bauer (born 1921) from 
Freiburg, Germany has manufactured many years ago the so called "“Yelemente". 
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According to the description it was recently manufactured from a three metal alloy 
which reminds of the "seven metal (electrum magicum)” of Hermetic fame. We are 
dealing here with closed chains that are supposed to protect from dangerous radiations 
of technical and cosmic nature and are therefore named radiation protective antennas. 
They Look flat and are meant to be moistened in the morning and evening. 


Whatever the effect is of the vibratory circuit on the world of plants hes been 
shown in 1905 when sick elm trees were healed on a Hamburg street. 


The Vienna engineer Lambert Binder (born 1905) caused, during a growth experiment 
in 1944 on orange trees, accelerated growth by surrounding the tree with an isolated 
wire spool. 


R.E. Esspiau tried out in 1954 the following experiment with the Lakhovsky 
antenna arrangement. He connected the first on a three stalk head of cabbage to free 
standing antenna, the second to ground the third one to water which was replaced every 
24 hours. In less than a week the first buds began to form, within four weeks other 
stalks were formed and developed leaves while a control plant withered away (4). 


PHOTO TEXT: 


Iilustration A: This illustration shows a Lakhovsky experiment on a Cancer infected 
geranium plant. The cancerous growth is clearly visible. Pelargonium zonatum 


(Geranium) inoculated with Bacterium tumefaciens on April 10th, 1924 and photographed 


June 6th, 1924. It will be observed that the stem of the plant bears a massive 
tumour. 


Iilustration B: An astounding discovery by Prof. Lakhovsky: a free standing antenna 
ring manufactured from copper that surrounds the geranium caused the plant to drop the 
cancerous growth (resting on the rim of the container) and made the plant whole again. 
Photographed June 1925. 


Illustration C: The test plant three years later. The antenna ring has completely 
healed the plant and protected it from other damage. To the side are two unprotected 
similar control plants of same age that became victims of the same disease. 
Photographed on March 13, 1928. 


Picture credits: These three iilustrations are designated tables II, V, and VII in 
Lakhovsky's Secret of Life. 
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THE RUSSIAN LAKHOYSKY REJUVENATION MACHINE 


by Bob Beck 
from the November 1965 Journal of Borderland Kesearch 


In September 1963, Dr. L.O. Anderson, 
Anderson Research Center Director and BSR 
Associate, phoned me about a “‘marvelous 
electronic machine’’ purported to ‘‘cure’’ 
almost any human ailment. [ve looked into 
dozens of these “‘modalities’” every year; so 
with extreme skepticism I gathered instra- 
ments and took cffto check another possible 
hoax. 

I found a heavy spark-gap Tesla Coil 
inside a four-foot cabinet. This console was 
rigged to circular ‘‘antennas’* and was par- 
tially shielded inside a home-built Faraday 
cage in the living room of Dr. Anderson’s 
friend. It hadn’t functioned in over a decade, 
and had been given up by some twenty-odd 
medical instrument repairmen and engineers 
as unfathomable. 

The machine, which had no nameplate 
or other identification, turned out to be a 
Lakhovsky ‘‘Multiple Wave Oscillator’, or 
MW0O. Fortunately the present owner had 
found patents and two books describing its 
operation. We were able to reconstruct the 
circuits and after several hours had it operat- 
ing perfectly. The machine was not a hoax. 

Lakhovsky didhisresearchpriorto world 
War I and died in 1942. No infringement 
can be invoived in duplicating Lakhovsky’s 
work, since his U.S. Patent #1,962,565 ex- 
piredin 1951 andis in public domain. Thave 
found from the book The Waves that Heal 
by Mark Clements that MWOs are exten- 
sively used in hospitals in France, Germany 
and Italy, and although tested in a New York 
Hospital with fantastic success, MWOs re- 
main practically unknown in the United 
States. 

MDs testing Multiple Wave Oscillators 
reported up to 98% cures of terminal cancer, 
arthritis and other ‘‘hopeless’’ conditions, 
Case histories were complete with before- 
and-after photos, Often rejuvenation was 
demonstrated, not only in human beings but 
in plants and animals as well! 

So, on Sept. 18, 1963, J designed and 
built a modern MWO based on Nikola Tesla 
and Lakhovsky’s original work and patents. 
The transistorized instrument fits into a brief 
case and weighs under 14 ibs. Experiments 
with the MWO on some eighteen volunteers 
have demonstrated almost unbelievable re- 
sults. At this writing, Oct 20th, every single 
subject, including myself, reports fantastic 
gains. 

My mother, age 72, who has suffered 
from hypertension and giaucoma for many 
years, measured absolutely normal blood 
pressure the moming after her first treat- 


ment. And the eye tension, tested by her MD 
the week following, had dropped to a lower 
point than in the previous two years, Another 
woman with a long-standing back condition 
says she was permanently relieved in one 15 
minute exposure. An asthmatic with chronic 
bronchial complications claims he is now 
symptom-free after two exposures and her 
husband with a bad dermatological condition 
of seven years history appears to be very 
definitely improved. Perhaps the most dra« 
matic is Mr. N.V.C. who had broken his leg 
skiing last December. Because of an old 
polo complication the broken leg had never 
healed and flesh surrounding the fracture 
was in a very poor, waxy condition, After 
one exposure he phoned to say he had re- 
gained feeling in the area. The next day we 
made an ‘‘after’’ photo slide of nearly nor- 
mal tissue. 

A friend suffering allergies oflong stand- 
ing says she can now eat anything and her 
MD admits he as startled by her youthful 
appearance and new vitality. The Lakhovsky 
literature illustrated many such rejuvena- 
tions as an unexpected side effect of cancer 
cases. Subject’s wrinkles disappeared along 
with the tumors! 


TREORY OF GPERATION 

Lakhovsky pointed out that ail cells ca- 
pable of reproduction contain in their nuclei 
**filamenis’’ of highly conductive material 
surrounded by insulating media. This fila- 
ment, which may be the RNA-DNA com- 
plex, is always in the form ofa spiral or helix 
~ in other words, acoii. Therefore, each will 
react as a tuned circuit if its resonant fre- 
quency can be approximated by an external 
oscillating coil. 

Lakhovsky dida’t carry this to it’s con- 
clusion; however, I postulate that by exciting 
the nuclei with electromagnetic energy a 
**charge’’ can be induced by the long estab- 
lished principle of electromagnetic induc- 
tion. This demonstratively raises the energy 
level and perhaps the vitality of every cell in 
the field simultaneously. Since each cell is 
an individual, and of slightly different physi- 
cal dimensions, the exciting wavelengths 
must be multiple, and must span a broad 
frequency spectrum. Diathermy machines, 
limited to crystal-controtled single frequen- 
cies in the 27.255 MC region, can do nothing 
but heat the tissue; and yet this approach, 
abandoned by Lakhovsky in the 1930s, can 
still be found in “‘modern’’ doctor’s offices! 

The Electromotive Force (EMF) pro- 
duced by the MWO and induced in the cell 
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nucleus, can raise the cell’s metabolic rate by 
Electrolysis, and perhaps jog the RNA-DNA 
“‘memory’’ and reproductive capabilities to 
their level at an earlier, younger age, thus the 
rejuvenation. Even more subtle changes 
might be postulated, such as magnetic *‘pro- 
gression’’ effects as evidenced by heavy 
water in magnetic fields. 

By contrast, any chemical taken into 
one’ssystem by mouth or by injection —- such 
as vitamins, food or medicine -- must first be 
absorbed in proper solution and ratio with 
unknown tract elements, then be transported 
by the biood to affected tissue only to be 
possibly rejected by the target areas. 

Perhaps in cancer the EMF induced by 
the MW raises the vitality and memory of 
marginal celis to normal reproduction ievels. 
In the case of other disease, pezhaps a cell’s 
given higher energy levels can more readily 
throw off affliction. 


A WAVE FOR EVERY BODY CELL 

The Multiple Wave Oscillator described 
here radiates a bandwidth ofradio frequency 
(RF) energy from the audio frequencies up 
beyond microwave frequencies. By actual 
measurement with standard field strength 
meters, this vast bandwidth of frequencies 
and harmonics can be shown. In fact, a bluish 
glow of ‘‘brush discharge’? surrounds the 
antenna when operating. A fluorescent lamp 
held anywhere within several feet of the 
subject glows brilliantly. Within this mul- 
tiple-wave range of frequencies, every cell in 
the body can find its ONE resonant frequency 
and absorb energy at its own natural wave- 
length. 

Obviously the Electrostatic energy can- 
not peneirate the body. This is known as the 
**skin effect’’, However, the Electromag- 
uetic component of the energy can and does 
permeate and will induce an EMF in each 
cell. It is precisely this energy to which 
Lakhovsky attributes his almost miraculous 
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cures’, 

A word of warning, although no delete- 
rious side effects have ever been reported for 
human reactions, the MWO has input power 
exceeding 35 watts, It radiates RF interfer- 
ence overa bandpass of 15 Kilocycles to well 
beyond 250 Megacycles. The Federal Com~- 
munications Commission has stiff penalties 
for unlicensed transmitters and radio and TV 
interference — not to mention making all 
your neighbors very unhappy. We operate 
our machine in a shielded room, and the 
battery input prevents RF interference from 
feeding back into the power line. 

The deluxe MWO diagrammed here can 
be built by any intelligent 16-year old with 
readily available electronic parts. I do not 
plan to build, manufacture, sell or otherwise 
exploit this device, as my interest is purely in 
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research. Several Associates given this cir- 


be available at Pep Boys stores in California, 
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cuit have successfully constructed MWOs, or can possibly still be purchased from J.C. and may be left out of the circuit without in 
We would certainly like to hear from any Whituey & Co.,1917 Archer Ave., Chicago, any way subtracting from results. By not 
i, BSR Associates who undertake this project, IL 60616. The spark gap was made from building in these deluxe features, the entire 
teas but please do not communicate until after salvaged tungsten relay contact points about MWO will cost much less to build. Use 
et building the unit. I cannot correspond over 1/4 in. in diameter. (Chevrolet Six timer plastic instead of metal screws around the 
i details which any intelligent person would be points, 1950, do very well). Therelay spring high voltage coils. High voltage capacitors 
a able to thresh out with his or her owntechni- arm can be tuned by a Nylon 6-32 screw can be tracked down at surplus stores or well 
= cal friends, adjusting its natural spring tension. The gep stocked electronics parts sources. The Tesla 
At one stage we had planned consiruct- mustbe carefully tuned formaximum output Coil must be hand woundas itis notavailable 
= ing a much higher-powered unit but the re- for every individual, since the subject’s ab- commercially. 
oe sults with the ‘‘portable’’ are so gratifying Sorption seems dependent on his body fluids Wehave determined experimentally that 
a that Model Two was shelved. Extensivetests and weight. Adjust for maximum sparking at a workable pair of antennas, radiator and 
are scheduied with plants and animals, and random times and intervals between several resonator, can consist of 16 concentric rings, 
ee every effort is being made to remove any of the inner antenna rings. ranging from an outside diameter of 10-3/4 
; element of ‘‘suggestion’’ from results. A Theautomatic timer, zeroto 15minutes, inches down to 1/2 inch. These were con- 
toon physician friend is cooperating with the the meter, the internal battery charger, the structed by cementing a one-foot square of 
project by sending a few 
es “‘problem’’ patients for test. 
{ It is much too soon, however, 
bod to make a finished statement BECK ADAPTATION OF LAKHOVSKY MULTIFLE-WAVE OSCILLATOR, U.S. Patent #1,962,565 
conceming the MWO’s po- 
i tential, No cures can be rae we 
Ea claimedevenif obviously dem- Soa eee 
onstrated, since our laws are rea iP acle pareaey io tee 
controlied by medical unions 
i forbidding the use of the word Battery 20.99 WEL 
bg except by MDs. But I have Charger S.P.8.T. 
satisfied myself with nearly 1 aap 
twenty miracles in these few Bridge 
weeks of tests that the MWO Rectifier 
— might well be the most prom- 2 amp 20 v peraae 
ising deviceto come to light in bios 
f many years. GE #09 Lazy <j | Timer 
i Thave onerequest, thatno lZ¥ 1 amp 
bend one building this device ever a att H\Ford T Coil 
be tempted to charge a fee, 
fo donation, orreimbursement of 
i any kind whatsoever for its 
a use. I feel most strongly that 
7 any device potentially helpful room piers 
i: to suffering humanity should 
Ls be available compietely free 
of charge to anyone needing it. 1 rimary 24" Ob, 23 turne #16 bare 
- wire, spaced out 3 in, 
CONSTRUCTION TIPS 78 em Cot ~S 
My MWO is built on an © FSF elinery #16 Mid ght 
11 x 11% inch plastic panel. Coil ps hare wire Tesla Coil Secondary 
Components extend 3% in. rhe i 23 turns 1k OD, 4! of $34 Foruvar 
below this, so the unit fits eg d mas insulated wire, tight woun 
nicely intoasmallattachecase, ali. 8 papal 
The 6 volt battery was a y 
Sonotone lifetime Nickel Cad- +e an 
i: mium unit; however, five war- Hi-Voltdea haves 
os surplus NiCads (1.2 v each) Meter 
wired in series would be less Wixe 
expensive. - 3h te. f dia. 
My first unit used a tran- Subject sits between Antenna and Resonator. apart 
sistorized driver for the Testa Thase are made of concentric Aluminum foil 


rings ranging from 11 cr 12" 0D down to 4", 
with gaps at alrernate 180 degrees, see 
cover illustration. Hang these vertically 
with coils facing subject. 


Coil but the Ford coil works 
equally well, is far cheaper, 
but has the disadvantage of 
making a buzzing noise, The 
_ Ford Model T coils may still 


C) Resonacor 
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Reynolds kitchen aluminum foil to an 11- 
inch square of thin fiberglass. The outline of 
each set of circles was carefully scribed with 
asharpened compass, razor or Scripto blade. 
By scoring or cutting the aluminum foil was 
cut through to the plastic backing and the 
waste area strips pulied away before the 
cement hardened. Excess cement was re- 
moved with a solvent. The gaps were then 
cut with the razor. Note that gaps are alter- 
nated in position each 180°, as per drawing 
on original cover page. This was drawn from 
an actual antenna and yon can set your com- 
pass distances for each ring from it. Keep 
gaps between inner rings narrow to encour- 
age random arcing between rings. Trim the 
comers from the gaps of the three or four 
outside rings to discourage fixed arcing at 
these places, Also be sure to clean away any 
bits of foil between rings. These also will 
cause fixed arcing, 

Tn use, the ring second from the outside 
is connected to the high side of the Tesla 
secondary. (Refer to “‘antenna terminal’* on 
original cover page illustration} This is the 
radiator coil. The arcing from this ring to the 
outside ring causes the “‘shock excitation’ 
ofthe fourteen other antenna elements. Since 
each radiator is of different diameter, the 
array spans a broad, multiple-wave segment 
of the Radio Frequency (RF) spectrum, The 
other antenna element, called the Resonator, 
is connected with a five-foot, high-voltage 
meter wire to the ground side of the Teslacoil 


secondary, 


PUTTING THE MWO TO USE 

Theantennaand resonator are suspended 
from non-conductive supports about three 
feet apart, such as wooden chairs with no 
nails or screws. The subject of the experi- 
ment, preferably with all metal removed 
from their person, including belt buckles, 
zippers, hooks, fasteners, coins, hairpins, 
CAITINRS, Tings, etc, is seated on a wooden or 
plastic rest between the antenna and resona- 
tor (hung vertically, the foil rings toward the 
subject. Unless the Resonator is powered by 
aseparate Tesla Coil it will notarc. Metal on 
the subject will produce eddy currents in the 
field of radio frequencies, reducing their 
effectiveness.) Experiments should last from 
nine to over 15 minutes. A four-day interval 
between experiments is recommended. Four 
such experiments over 16 days should suf 
fice to demonstrate anything. 

Waming, two-inch sparks can be drawn 
from sntenna; 30 keep subject at least three 
inches away. [ftouched a mild and harmless 
sting can be felt. HF effects can be demon- 
strated in a darkened room by holding a 
fluorescent lamp anywhere near the subject. 
The RF energy will cause the lamp to light 
although no wires are touching it. Field 


strength measurements read several watts of 
power from the audio frequency spectrum to 
beyond 250 megacycles. 

The illustration to the right is from 
Clement’s Waves That Heal, Lakhovsky’s 
illustration of a living cell. ‘In the centre ig 
a twisted filament which, possessing self- 
inductance and capacity, constitutes an os- 
cillating circuit. The similarity to a short- 
wave circuit is manifest; the filament shown 
here oscillates like a coil having a very small 
number of spirals.’’ He quotes Lakhovsky: 
‘Every living being emits radiations’’, and 
adds: ‘‘the living cell can thus play the part of 
a transmitter orreceiver of exceedingly short 
radio-electric waves which give rise to high 
frequency currents in the circuits of the cel- 
iufar nucieus.”’ 





THE FOLLOWING PHOTOS were kindly furnished by Borderland Sciences 
Research Associates from their awn experimental work with the MWO during the 
years of 1964 and 1965. 





THE PRINTED-CIRCUIT ANTENNA foil is glued toan | [-inch square of I/1 6th inch 
thick fiberglass. Spray one surface of the fiberglass with Hobby Shop spray glue and 
stretch smooth-surfaced kitchen aluminum foil across it. Press the foil on firmly from 
the center out, smoothing out repeatedly witha soft cloth. Any remainingair bubbfes 
can be released through a smail pin hole. The circles are more easily cut if you make 
a jig with a [6-inch square of plywoed with a headless nail for a center post. Using 
the antenna pictured on the front cover as a pattern, mark and notch an old ruler 
or stick where each circular cut is to be made. This marked guide ruler is mounted 
over the antenna on the plywoad jig as shown at right. The foil-covered surface is 
then turned clockwise with the feft hand against the Scripto blade held firmly in the 
successive notches by the right hand. Be careful to cut through the foil. If you don't, 
in lifting the cutouts afterward, you may also lift or tear the rings. lfa metal grommet 
is placed in the terminal hole in the second ring this will prevent the high-frequency 
arc from burning the foil and fiberglass during operation. Copper foil can be used 
for the printed-circuit antenna rings but deposits build up on it from arcing, wherever 
it accurs. There is no deposit buildup on aluminum foil. 
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THE RADIANT ENERGY of the MWO is 
obvious in this three-minute time exposure 
during operation in a darkened room. Note 
the brush discharge of etheric energy ail along 
the edge of the outside ring, going three or 
four inches. Look at the random arcing 
between the antenna rings, down to the 
eighth ring! This antenna received full power 
by being mounted on the MWO case, directly 


at the positive end of the Tesla Coil. 





THE INTERIOR HARDWARE 
LAYOUT is shown at right in this 
photo of another MWO, neatly pack- 
aged for an attache case. A. The five Ni- 
Cad batteries, 1-1/4 volts each at full 
power, B. Timer. C. Tesla Coil. D, 
| LSVAC transformer (for house current 
operation if desired), £. Spark-gap using 
modified Chevy Six points. F. Model T 
Ford Coil, G, Battery Charger. 
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AT LEFT IS A TYPICAL EXPERI- 
MENTAL SETUP, with a chair for 
“guinea pig” between antenna and reso- 
nator, Beck's original equipment called 
foran {8-inch lead wire fram the positive 
end of the Tesla coil to the antenna. It 
was found that there was too much loss 
of power along this wire. The later 
development shownabove hasthe MWO 
set upright, with the antenna mounted 
directly against the positive end of the 
Testa Coil in the case. 
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RECTIFYING THE FORD COIL OUTPUT using a IB3GT or 1G3GT high-voltage tube. 


To Spark Gap and Condenser Wind 15 or more turns of fairly heavy insulated copper wire 


around the middle of the Model T Fard Coil. One lead fram the 
winding goes to the Hi-voltage output of the Coil, and to pin 2 or 7 
of the IB3 tube, The other lead goes to the other pin, as only two 
Pins of the tube, 2 and 7, are used in this hookup. The souped-up or 
rectified voltage is drawn off the top of the tube to the spark gap and 
condenser. 


RECTIFYING TRE FORD COIL OUTPUT 





MODIFIED VERSION OF THE BECK TESLA COIL 

115 volt house current into the black leads of the 
6 volt transformer, one green lead to the T Coil 
negative terminal, the other to an SCR 45 amp Diode 
to make direct current to the Plus terminal of the T 
Coil. A 12-volt currentto the T Coil heats it up and will 
hot increase the spark. Radio Shack’s 6.3 volt, 3 amp 
transformer does very well for a power supply. 

Wrap 16 turns of insulated hookup wire around 
the middle of the T Coil and feed to pins 2 and 7 of the 
IB3 rectifier tube. Feed the plus output of the T Coil 
into pin 2 or 7 of the 1B3 also, 

Hi-voltage from the top of 1B3 goes to Spark plug. 














Widen gap of plug to [/8 inch or more for maximum a “a 
output of Secondary coil te Antenna. vol bene 
One [0,000 WVDC (Working Volts Direct Cur- tube 
rent} commercial-type Capacitor, on the plus side, will 
do very well in this circuit. Capacity can be from .001S - 
to .005 microfarads. Sparkplug 
Beck's tunable Tesla Primary called for 20 or more 
turns of bare wire for his movable contact but experi- 
ence shows that !6 turns of insulated #19 wire for a Ca 
‘ z ‘ ipacitor 
Primary and adjust one turn more or less for maximum .0033 mfd 
spark at Plus end Secondary coil. This is 4-1/4 inches of <2 


#34 insulated wire, or 4-3/4 inches of #32 insulated 
wire, for 420 turns more or less on I-1/4 inch coilform 
6 in. long. The Primary is wound ona 2 or 2% in. coil 
form. There should be heavy insulation between 
Primary and Secondary to prevent power-loss arcing 
between Coils. 

REMEMBER, the goal is a thin blue, or biye-white 
spark at least 3/4 inch long at the plus end of the 
Secondary. When fed into the center hole of the 
Antenna it should light up like a Christmas tree, with 
arcing between every ring. Feeding the coil output into 
the center hole gives more power to the shorter wave 
lengths. We get plenty of the longer wave-lengths from 
other electrical apparatus and from power lines. 

This coil would be a good high-frequency power 
supply for Kirlian Photography. 
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THE TRANSISTORIZED MWO 
By Gerald W. Steele 


Here is tentative information on the solid-state MwO. I say tentative since 
this is the 3rd version I've built. The first used an automobile spark coil for T2 
but I found this undesirable since it lacked higher frequency harmonics. Even worse, 
the lower frequency ones could be harmful to living systems. 

Version 2 was with a small black and white TV flyback transformer running at a 
slow (100 pulses per sec.) pulse rate. I eventually sped it up but could never get 
the required 1" spark from the Tesla coil. 

This version uses a color TV flyback and a higher power discharge circuit. 
Nominal lowest frequency is 1.5 Khe though it could go as low as 270 Hz. 

All diodes, SCR, and transistor can be substituted with universal replacement 
types available at electric part outlets. 

As you can see, electronically it is simple. The power metering circuitry in 
the original M“WO can aiso be used here if desired. I've had enough trouble 
maximizing the output of this device to worry about monitoring the power. 

This device is excellent for use in Kirlian photography several ways: A modified 
circuit could be used for A, for a wide range of pulse rate settings. 

There are two possible voltage sources for Kirlian use, each with unique 
characteristics. First is the output directly from T2 with or without the Tesla coil 
circuitry connected. Second is the Tesla coil output itself. 

Other modifications include rectifying T2's output. The old MWO manual 
recommended the use of a tube rectifier out there are solid state types available. 

Be sure it is a color TV high voltage rectifier. Connect as shown: 


ot 





One question may arise in the builders mind: the need to heatsink SCR. No need. 
Not much heat generated. 

Be sure R3 (or combination of resistors forming it) get ventilation. They get 
hot. 

Always short Cl just after turning off power to work on the device. Remove 
short before reapplying power. The device is perfectly safe if you exercise care. 
R6 is a safety feature, it discharges Cl when turned off — but still short Cl when 
servicing, a standard safety procedure. 

I am making constant improvements. The alternate values given for R3, C5 may 
give greater power at a higher pulse rate. I have yet to try them since 225 watt 
resistors are hard to find and apply. Besides it seems to work quite well as it 
stands. The only complaint one might have is the cost of construction principally 
due to the flyback transformer T2. But scavenging could help here. 

Enclosing the spark gap in a plastic box could reduce its audible noise level. 
Ventilation of the spark gap gives more consistent operation. If the spark gap can be 
physically constructed above R3 the heat will produce air currents giving natural 
ventilation. 

As I said, I am making constant improvements. Its too early to finalize it, but 
perhaps other associates may be interested in constructing and improving it. The 
jack of interrupter contacts gives a high level of reliability and consistent output. 
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Its too early in use for me to comment on its effects except that I think it is 
quite positive. 


CIRCUIT DESCRIPTION: 


The circuit consists of: low voltage oscillator, high voltage capacitive 
discharge generator, and Tesla coil. 

The low voltage oscillator consists of Q1 a unijunction transistor operating as 
a relaxation oscillator. Frequency is variable from 270 Hz to 26 Khz with most power 
generated at 1500 Hz. VR1 controls this frequency. The DC Power for this circuit 
comes from a voltage doubler on the power transformer low voltage windings. The low 
voltage DC value was chosen to be as low as possible with consistent firing of the 
SCR. 

The high DC voitage is rectified and filtered in Cl. Rl is surge protection. 
The high DC voltage charges C5 through R3 until Ql fires SCRI whereby C5 is 
discharged through the primary of flyback transformer T2. D5 protects the SCR from 
high reverse voltage transients. 

The secondary of T2 feeds the adjustable shunt spark gap and then through the 
Tesia coil resonating capacitors. Two capacitors are used here due to voltage 
requirements though one 15Kv capacitor could be used. From this point on it is all 
standard MWO fare. 

Transformer T2 is expensive although any used color TV flyback could be tried. 
In ail experimentation or adjustment the goal is maximum spark output at the Tesla 
coil secondary. 
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Note: Optional ground for Tesla coil secondary, Lf it reduces output do not use. 

R3 made from four 25K 10w resistors in parallel. VRi linear taper. Cl may or may 
not be polarized. C6, C7? could be single .0025/15KV capacitor. SCR1, Ql and all 
diodes can be standard replacement equivelants. . 

MFR Type: Tl - TRIAD. T2 - Stancor HO 6246, Thordarson fly. 

Alternate values: R3 ~— 1K ohm, 225 watts; C5 - 1 microfarad, 600v. 
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THE LAKHOVSKY MUL'TI-WAVE POWER SUPPLY 
by KLARK KENT 


Many of us have read the Borderland Sciences Research Foundation (BSRF) 
publication "The Lakhovsky MWO" in which electrical wizard Bob Beck 
astounds us with tales of wonder. He tells how he was informed of the 
location of an old Lakhovsky Multi-Wave Oscillator that had been declared 


"unfathomable". He was able to reconstruct the circuits and after several 
hours the machine worked perfectly! 


Mr. Beck and fellow experimenter Ed Skilling designed and built a modern 
version of the MWO based upon Nikola Tesia's and Lakhovsky's original works 
and patents. Georges Lakhovsky, a herald of the New Age, was no doubt a 
skilled experimenter and investigator of the Life Energy. This is evident 
by his practical application of Nikola Tesla'’s famous coil. 


Super Science has updated both Lakhovksy's original and Bob Beck's 


adaptation of the Multi-Wave Oscillator. Looking at the schematic diagram 
in Bob Beck's article, we will eliminate everything but the 12 volt 
battery (or 12 volt power supply), switch, Model T Ford Coil, high voltage 
capacitors, and the Tesla Coil. A large high voltage diode is added to 
rectify the output of the Model T Ford ceil which leaves us with a stripped 
down but thoroughly functional MWO power supply. 


12 volt lantern battery-------- olatetetotatatatate emia ike 
+ 


Switch --------------+--------- eemnnwenannnece 


Ford Coil ----------90--- 2-22 nen nnn ee nenecesn L, 





Diode, ECG-513, 45kv -------------------------- 


SPark GaP --nn ens e wen nnn eee wen nent eee nne 
Capacitors; .005mfd @10,000 volts 


Tesla Col] -------- 04 0----- 25 -- 2 ee ene 


Resonator antenna connection -----------------------~----- 


Before proceeding further, let's remember that the MWO is an experimental 
device and not for any healing or medical purposes! All experimenters 
should be in at least reasonably good health when building or experimenting 


with this high voltage, high frequency Tesla Coil Multi-Wave Oscillator 
power supply. 
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LET'S BUILD! 


To begin our MWO Tesla Coil power suppl j 
Y project, we can r 
needed parts and components. Basic parts ists ia 


-12 volt power supply; this can be a 12 volt lantern battery available from 
Radio Shack or any plug in power supply rated from approx 2 to 7 amperes. 


-Model T Ford Coil; these old time induction coils are still available from 
J.C. Whitney Co, 1917 Archer Ave, PO Box 8410, Chicago, IL 60680. The MWO 


power supply wiil work adequately with the Model T Ford coil but a 
transistorized driver for a modern "hot rod" auto ignition coil will 
produce a Tesla Coil power supply with far more power! 


-Switch; the on/off switch can be of any type. There is a switch already 


present on the plug in 12 volt power supply. I prefer to add a second 
switch of the key type, which prevents unauthorized use of the unit and a 


piece of vinyl tubing can be fitted over the metal key to create an 
insulated switch (this is important when turning the unit off). 


-Diode, ECG-513 at 45 KV. The diode rectifies the output from the Model 
f Ford coil or the auto ignition coil by taking out the stray ac signals. 


This diode is a high voltage device rated at 45 Kilovolts (45 KV) peak 
inverse voltage. 


“Spark Gap; an ordinary spark plug works adequately in this application. 

Try wrapping the spark plug in a large piece of vinyl tubing to insulate 
the spark gap. For a better spark gap, use a set of tungsten points. 
Chevy 6 cylinder 1965 model year works well to fabricate an adjustable gap. 


-Capacitors; .005 mfd and rated at least at 10 KV (20 KV is better). 
We buy our capacitors or make them ourselves. I prefer to buy them. Check 
with your local electronic supply house to special order these high voltage 


capacitors; they will not be cheap... An alternative is to scrounge the 
local surpius stores to fabricate high voltage capacitors from several 


capacitors of a lower rating. It is easy to round up some 2500 wvdc 
capacitors with a 5000 volt test rating and .005 mfd capacitance, Wire the 
capacitors together in a series/parallel arrangement to arrive at the 
Gesired value. Series connections add the voltage rating and lessen the 
capacitance by division of the total number of capacitors in the series. 


Thus four capacitors rated at 5000 volts wired together in series yield one 
20,000 volt capacitor. If the capacitance was originally .005 mfd each, 


now it will be .00125 mfd for the series. Thus we need to connect four of 


the series capacitors together in a parallel arrangement to create one 20 
KV capacitor at .005 mfd. Parallel connections have no effect on the 


voltage rating but parallel connections add the capacitance of each 
individual capacitor. 


CAUTION! Capacitors store electrical energy and can shock even when unit 
is turned off. Be sure to discharge the capacitors before touching then... 
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TESLA COIL 


We make the Tesla Coil ourselves using the basic parameters worked out by 
Bob Beck in his original MWO adaptation from Georges Lakhovsky. The Super 
Science Tesla Coil is a close coupled, liquid filled coil that produces a 
3" spark discharge when driven by a Darlington transistor and "het rod” 
auto ignition coil setup. 

For making the Tesla Coil, I like to use pvc pipe for the secondary coil 
form and acrylic tube for the primary coil forn. The acrylic is 
transparent which permits visual inspection of the interior of the coil to 
observe any corona leakage or malfunction. 


For the secondary winding: cut ai 1/4" outside diameter piece of pvc pipe 
seven inches long. For the primary winding: cut a 2 1/2" outside diameter 
piece of clear acrylic tubing (1/4" wall thickness) seven inches long. 
Wind the secondary coil form with #32 gauge bare enameled copper wire so 
that the turns are tightly packed to create a winding approx six inches 
long with a 1/2" gap at either end. Wind the primary coil form with #14 
gauge stranded and insulated copper wire. Wind exactly 18 turns and 
tightly pack them together. The vinyl insulation on the #14 gauge stranded 
wire will provide the correct spacing between turns. 


Place the secondary winding inside the primary winding and use Super glue 
to hold the windings in place. For the terminals of the windings, use 
ordinary banana jacks to create a modular coil with a standard banana plug 
connector system. There will be tremendous electrical stress between the 
primary and secondary windings. We could reduce this dialetric stress by 
using a pancake style primary winding, but the pancake style primary takes 
up a lot of room. To solve the dialetric breakdown between the two 
windings, we insulate the space with liquid mineral oil. The liquid 
mineral oil is self healing should a dialetric breakdown occur. Solid 
forms of insulation such as paraffin wax are useless once a short circuit 
path has been created between the two windings. 


To use the mineral oil insulation system, finish the coil first. Then 
drill a small hole in one end and squirt the oil in using a squeeze bottle, 
Then seal the hole using a piece of acrylic and Super glue. A word about 
Super Glue! This stuff is quite remarkable and is sold in hobby shops that 
specialize in flying, gas powered, model airplanes. Use accelerator to fast 
dry the glue. The brand name of the Super glue is "Gap Filler" and the 
accelerator is "Insta Set" both made by Bob Smith Industries. 
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Feed material is delivered from a feed flask into a cylindrical evaporation section, having heating, on the 
outside, (either electric resistance or circulating hot fluid jacket type), and a diagonally slotted wiper 
mechanism forcing liquid around and downward in a thin film on the inside. In the center of the body isa 
closely positioned internal condenser, providing a short path for vapor molecules traveling from the 
heated surface to the condenser surface. For cannabinoids, the internal condenser fluid must be kept 
elevated (~70°C) to prevent high viscosity or freeze up of THC, CBD and related components. During the 
journey downward, lighter (lower boiling point) fractions of the liquid begin to vaporize, move to the 
internal condenser and condense, falling down as a liquid into a well that captures and separates the 
distilled liquid (cannabinoid) which flows into a receiver flask. Heavier residue material (Chlorophyll, salts, 
sugars, heavy wax fractions) does not evaporate and instead travels the length of the still body and flows 
into a different receiver flask. Because of the optimized Pope design, this all happens within a number of 
seconds, and under vacuum-lowered temperatures, thus minimizing any possibility of product 


degradation. 


While Cannabinoids are caught and collected by the internal condenser, a different, external condenser, 
maintained at a chilled temperature, can capture terpenes (which are lighter than cannabinoids). The 
isolated terpenes are then collected in another, separate receiver flask. Depending on the composition of 
the feed material and the goals of the operator, some quantities of different terpenes are obtainable which 
can be very useful for various product formulations. Any remaining vapors which escape both the internal 
and external condensers and which may contain small amounts of solvents, water or lighter terpene 
components, are collected in a cold trap maintained at an ultra-low temperature. The trap serves the 
purpose of maintaining lowered vacuum levels in the still system and protecting the vacuum pump from 


contamination from the light vapors. 


It is important to maintain a steady feed rate, body temperature and vacuum level. In the standard glass 
molecular still systems, feed rate and vacuum are maintained manually. Pope also offers positive 
displacement feed pumps, automatic flow rate controllers, automatic vacuum controllers and other 
advanced features including product discharge pumps, multiple in-series staged still unit skid mounted 
systems and computer/PLC control. As clients’ product production requirements increase, Pope can assist 
with technology consistent throughout the product line, allowing straightforward process equipment 
scale up. Equipment for processing 24/7 at more than 200 kg/hr is offered, well more than sufficient for any 


cannabinoid application! 





Thin films are created in Pope Wiped-Film Stills 
for a variety of reasons: 


1. Turbulence and micromixing created bya 
rapidly moving diagonally slotted blade 
greatly assists in heat transmission, 
thereby lowering the temperature required 
on the inside evaporator wall for a given 
system pressure. 

2. Amaximum resulting surface area per unit 
volume of flow is generated, facilitating 
rapid, efficient evaporation. 

3. The liquid exposure time to the elevated 
wall temperature can be controlled and 
also completed within a matter of seconds. 
This minimizes product degradation of 
heat sensitive materials by controlling the 
wiper assembly speed. 


4. Pope diagonally slotted wiper blades 


promote plug flow with little back mixing 
and direct motion both circumferentially 
and downward. This minimizes dwell time 
distribution, ensuring that material flowing 
through the system has a uniform 
exposure to process conditions. 
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SPARK GAP 


Even though an ordinary spark plug will work for a spark dap, we can do 
much better with an adjustable spark gap made from a set of tungsten auto 
ignition points. Chevy six cylinder, vintage 1960's are fine. To fabricate 
the adjustable spark gap, cut the base plate of the point assembly into two 
parts; make the cut near the spot where the two tungsten contacts normally 
meet. You should now have two base sections, with a contact point on each 
section. The reason we cut the base plate is to prevent the high voltage 
from jumping from the connections to the base and bypassing the breaker 
points. File down any sharp points where the base was cut. Mount the two 
tungsten points in such a way that the contact points barely touch each 
other and the base sections are as far apart as possible. Mount the spark 
gap assembly on a small piece of acrylic sheet. Wood is not suitable to 
mount the spark gap because the high voltage current will pass right 
through the wood base, possibly setting it on fire! Use a large nylon bolt 
to mechanically adjust the points. Mount the nylon bolt (Toilet seat bolts 
work well) in the side of the briefcase so that it butts against the spring 
loaded contact arm; this acts as a spark gap adjuster. 


The advantage with an adjustable spark gap is that we can tune the gap 
while the MWO is in operation. The closer the two tungsten points are to 
each other, the faster the frequency of the spark jumping the gap. The 
further apart, the slower the frequency of the spark jumping the gap. 
Typically the Violet Ray Bulb Assembly calls for a fast frequency spark 
gap setting; while the High Power Radiator Antenna or Golden Ratio Antenna 
call for a wider gap spark setting to produce more power. 


One side of the spark gap points will be at "ground" potential: while the 
other side will be at "high voltage" potential. Leave a metal discharge 
point exposed on the high voltage side of the spark gap assembly. We do 
this so that the entire MWO power supply may be discharged with a test wire 
running from the Ground Bus to the high voltage point. This provides a 
quick way to discharge the capacitors before troubleshooting the unit. 

Also, cover the spark gap 
assembly with a visual 
biock made from 
translucent acrylic. This 
visual screen will block 
the ultraviolet light : fi 
emitted by the spark ; _ YA Ry, 
jumping the gap. Leave 1 f s 
the sides of the spark 
gap assembly open to allow V“ONV BAT 
circulation of air around 
the points; this will 
"quench" the spark gap and 
prevent the jumping spark 
from turning into a 
constant arc. Also, mount 
the cooling fan air intake 
near or directly above 
the spark gap assembly; 
this will serve to further 
quench the gap for better, 
more bouncy performance... 
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555 TIMER AND TRANSISTORIZED DRIVER 


Even though the Model T Ford coil works adequately to power the MWO Tesla 
Coil power supply, we can really do better with a modern "hot rod" auto 
ignition coil. Mallory makes an aftermarket coil for drag racing that puts 
out approx 45 KV. The "MSD Blaster" is another aftermarket auto ignition 
coil that really gets the job done. Even an ordinary UC-15 replacement 
coil with its 30 KV rating will outperform the Model T Ford coil. 


However there is one consideration to using an auto ignition coil as the 
primary high voltage source. Since we are working with 12 voits direct 
current, we need to interrupt or chop the 12 volts going into the auto coil 
to enable it to function as a transformer. The Model T Ford coil had a 
built in interrupter for this purpose. We will make a much better 
interrupter from a 555 timer chip and a high power Darlington transistor. 
The 555 timer chip will chop or interrupt the 12 volts going into the auto 
ignition coil from 130 times per second to 1300 times per second while the 
Darlington transistor handles the power. With the Model T Ford coil we 
were stuck with the fixed frequency of the interrupter {approx 200 Hz). 
With the 555 timer system, we can tune the frequency of the primary high 
voltage from 130 Hz to 1300 Hz. This really makes a difference when we try 
to get maximum performance from our Tesla Coil when it is driving the MWO 
Golden Ratio Radiator Antenna or driving the Violet Ray Bulb Assembly for 
direct stimulation. 


Below is the schematic for the 555 Timer/Transistor Assembly. It is shown 
hooked up to the auto ignition coil. You can hardwire this circuit using 
a Radio Shack #276~-162 project board. I use a large heatsink to mount the 
Darlington transistor (RCA 8766) and to mount the 50K ohm tuning 
potentiometer. When the MWO power supply is housed in a briefcase, the 
shaft of the 50K ohm potentiometer can extend through a hole in the side 
ef the case. Go ahead & slip a short piece of vinyl tubing over the 
potentiometer shaft both to extend the shaft and to insulate it from high 
voltage. 
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GROUND BUS 


An external Ground Bus is important because it lets us reference the high 
a voltage to the zero potential of the Earth itself. Without a true Earth 
e ground, the negative side of the circuit can pick up a substantial voltage 
bead by induction from the high voltage potentials in the circuit. This 
condition is known as a "floating ground" and could result in the 
experimenter getting shocked. The shock itself is harmless, but the 
surprise that an accidental shock causes may lead the experimenter to jump 
back and bump his head! The Ground Bus may be connected by a long wire to 
: a cold water pipe or to a steel fence post or to a piece of rebar driven 
ae into the ground. The Ground Bus is a handy reference point when 
discharging the circuit before troubleshooting. 
SAFETY 
Try to follow the "one hand rule" when actively adjusting the live high 
voltage circuit. This means keep one hand in your pocket or one hand behind 
your back. If an accidental shock should occur, then the electrical current 
does not travel across the heart when the experimenter follows the "one 
hand rule". Another safety procedure is to use a 12 volt lantern battery 
pe to power the circuit while it is still under construction. Once all the 
7 problems have been solved, then a more powerful 12 volt supply can be used. 
ee TESTING THE CIRCUIT 
Let the circuit run in darkness and try to observe any corona leaking from 
i exposed high voltage points. There are two good and easy ways to stop high 
voltage leaks. One method is ordinary vinyl tubing: wrap wires carrying 
high voltage in vinyl tubing to absolutely stop them from leaking power 
robbing corona, Auto parts store sell expensive spark plug wire which will 
wes withstand the high voltages we are dealing with. If you use spark plug 

wire, be sure that it is metal wire, not "radio suppressor" wire (it's 
bd carbon fiber and impossible to solder or connect to). 
= Another good method of insulating high voltage is 100% silicone clear 
caulk! With your caulking gun, apply some 100% silicone clear caulking to 
exposed wires, exposed high voltage points and other places where you can 
Lu observe leaking high voltage corona. 
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LAFHOVS ERY 
MUL TI—-WAVE 
OSCILGLATOR. 


HOW IT WORKS: 

The MWO sets up ae high 
voltage oscillating 
electromagnetic field between 
the two antennas. 
Experimental subject sits or 
stands in this field and 
every cell in the body is 
exposed to the resonant 
effect of the multiple waves. 
Just as one guitar string 
will sound when exposed to 
its resonant tone; so will 
each cell vibrate to its 
own natural frequency! 





Modular construction works 
well for the Tesla Coil in 
the Super Science MWO power 
supply. This high voltage 
Tesla Coil can produce a 3" 
spark discharge from the 
smooth HV Discharge Terminal! 
The unit is a versatile 
experimenter's kit that can 
be used for Kirlian 
photography, or to create a 
plasma of Argon gas in the 
Violet Ray Bulb Assembly. 


SUPER SCIENCE 
P.O. Box 392 


Dayton, Ohio 45409 44 
(513) 298-7116 





In this time lapse _ 


photo, we can see the 
dramatic effect of 
the high voltage 
excitation of each 
ring of the MWO 
antenna! Each ring 
radiates at its 
characteristic 
wavelength and 


frequency to cover | 


a range from approx 
200 Hz to 14 Giga Hz! 
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ANTENNA HOOKUP 


. Experimental subject is 
wi Placed within the 
oscillating electrostatic 
|: field between the two 
L. antennas which are approx 
4 to 6 feet apart. Ail 
metal such as heavy belt 
buckles is removed from 
the body. Clothes are 
optional. Sessions should 
last approx 20 minutes; 
skip at least one day 
pt between sessions to allow 
the body a chance to 
detoxify. 
With the Golden Ratio 
', Radiator Antenna, the use 





= of the second Resonator 

fo is not required due to 

> the unique “Scalar" 

o properties of this 
design. 
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From the December 1963 Journal of Borderland Kesearch 


Excerpts from: 


THE WAVES THAT HEAL 


The New Science of Kadiobiology 


by Mark Clement 
edited with commentary by Riley Hansard Crabb 


Bob Beckhas loaned us a copy ofthe late 
Mark Clement's brief, illustrated review of 
Georges Lakhovsky's Multiple Wave Oscil- 
lator showing pictures of antennas, before- 
and-afier skin cancers apparently cured by 
the Oscillator, and of cancerous plants re- 
turned to normal health by two means: 1. 
Radio-Celiular Oscillator, and 2. Single Wire 
Oscillating Circuits. 

‘*Qn the day Hitler's mechanized hordes 
drove into Prague a book was published in 
London entitled The Secret of Life by 
Georges Lakhovsky, a Russian-born engi- 
neer resident of Paris. The book had previ- 
ously appeared in French, German, Italian 
and Spanish translations and Lakhovsky’s 
theories were well known on the Continent 
long before the English Transiation was pub- 
lished. 

“The evil designs of the Nazis soon 
gave rise to depressing repercussions in all 
spheres of human activity and Lakhovsky’s 
remarkabie work was left virtually unucticed 
in this country (England) by the medical 
profession and the public alike. A few dis- 
ceming critics, however, expressed their views 
with appreciative understanding. The Hos- 
pital said ‘Lakhovsky’s theories are so inter- 
esting from the point of view of future devel- 
opments that it will repay any keen hospital 
officer to give them his close attention.’ 
Science Forum said ‘The admirable transla- 
tion of Lakhovsky’s The Secret of Life will 
be heartily welcomed in progressive circles. 
The general theory is one which physicists, 
biologists and medical men cannot afford to 
ignore.’ But these were voices in the wilder- 
ness and the field for experimental investiga- 
tion was ieft open to a few amateurs devoid 
of scientific training and lacking the neces- 
sary resources. 

“*The impartial investigation of claims 
of cure of various diseases by un-orthodox 
methods demands high qualities ofmind and 
character possessed by very few men indeed, 
Scientific truth is no respecter of persons or 
of vested interests, and Lakhovsky’s spec- 
tacular results in. the treatment of plants and 
animals and human beings were inevitably 
bound to antagonize orthodox practitioners 
and exponents of popular medical cults. 

**On the Continent Lakhovsky’s work 
attracted a great deal of attention in scientific 


circles, particularly in Germany and Italy. 
Italian investigators were among the first to 
study Lakhovsky’s theories and put them to 
the test in laboratories and clinics. It was, of 
course, to be expecied that thenew science of 
Radiobiology should make 4 special appeal 
to the intellectual heirs of Galvani, Volta and 
Marconi. It is somewhat depressing to ob- 
serve that in England, the country of Faraday 
and Clerk Maxwell, Lakhovsky’s theories 
have not yet received the attention they de- 
serve. 


REGENERATING OSCILLATING CTR- 
CUITS 

**Lakhovsky has been criticized by physi- 
cists ignorant of biology and by biologists 
ignorant of physics! These self-appointed 
censors of knowledge soon found they were 
confronted with a redoubtable opponent who 
fully realized the value of experimental evi- 
dence. Its publication resulted in causing 
annoyance to the custodians of infallible 
doctrines who made up with carping ver- 
biage what they lacked in clarity of vision. 
But Lakhovsky’s achievements with his os- 
cillating circuits supported by astonishing 
photographs of regenerated tissues in plants 
and human beings could not be exploded by 
mere verbal fireworks, and as evidence accu- 
mulated the skepticism of hostile critics re- 
Japsed into morose silence. 

**The indisputable fact remains that La- 
khovsky was the first experimenter to make 
use ofhiph frequency electro-magnetic waves 
in the domain of biclogy. Thus out of the 
application ofradio-clectricity to biology his 
work developed and gradually established 
the foundations of the new science of Radio- 
biology. The first international Congress of 
Radiobiology was held in Venice in 1934. A 
leading authority on electro-therapy, the late 
Dr. E.P. Cumberbatch, wrote: ‘Although it 
had been frequently observed that the short 
Hertzian waves could produce heat at a dis- 
tance from the transmitter the first scientific 
investigation from a biological point of view 
was made by Lakhovsky and his colleagues 
who published a paper in 1924 on the effects 
of very short waves on cancer in plants...’ 

‘‘When France was occupied by Ger- 
Man troops, Lakhovsky, being a prominent 
anti-Nazi, decided to leave Paris and made 
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his way to New York where he died in 1942 
at the age of 73. 

**in the United States Lakhovsky’s theo- 
ries were put to the practical test with typical 
American speed. Noticing that patients 
treated with Lakhovsky’s Multiple Wave 
Oscillator showed signs of rejuvenating ap- 
pearance, the possibility of exploiting this 
side-effect proved irresistible to an enter- 
prising ‘beautician’. A film was made fea- 
turing cases after treatment with Lakhovsky’s 
MW0O, which proved to be both interesting 
and convincing. 

“In New York Lakhovsky was ap- 
proached by several hospitals with a view to 
testing his apparatus experimentally, The 
temarkable results obtained . . . in a large 
New York City hospital, and also by a promi- 
neat Brooklyn urologist are fully set out in 
the text. 

“Tn this country (England), owing mainly 
tothe inauspicious time at which Lakhovsky's 
major work was published, very little interest 
has been shown on the part of those best 
qualified to judge its merits. The medical 
profession, whose conservatism is the most 
formidable barrier to progress, has been no- 
toriously slack in investigating the new ra- 
dio-electrical methods of treating disease as 
originated by Lakhovsky....’” 

Mark Clement’s observation on the for- 
midable conservatism of the medical profes- 
sion in 1949 is still true today. Effective 
electronic diagnosis and treatment of disease 
is still a closed door here in America as far as 
the AMA is concerned. Those brave MDs 
who have tried to keep medical practice 
abreast of developments in electronic sci- 
ence have been discouraged, if not actually 
driven out of practice. Dr Abrams is a good 
example, with his Oscilloclast, developed 
and proven effective in San Francisco about 
the time Lakhovsky was developing the MWO 
in Paris in the 1920s. Radical innovations in, 
any line of endeavor are usually thought up 
aud proven by rank outsiders. Georges La- 
khovsky was no doctor, but an electrical 
engineer} 

Doctors, with their own pharmacies and 
with massive investments in the drug indus- 
try, are not likely to show much interest in 
radical new ways for treating human ail- 
ments, especially ifthe new way is a threat to 
profitable practice: and, as long as Ameri- 
cans think they can buy health in a pill or a 
shot in the fanny, doctors will continue to 
treat them with poisonous drugs at top prices. 
This is good business. 


BORDERLAND RESEARCH 

But for those of us who would like to 
keep our bodies as uncontaminated —- and as 
healthy — as possible, Lakhovsky’s theories 
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It is highly significant that about the 
only rays and ray machines approved for 
general use by the American Medical Asso- 
ciation are the destructive ones of X-rays and 
atomic radiation for the mis-treatment of 
cancer, 

**Since Lakhovsky’s oscillating circuits 
were first used for the treatment of cancerous 
geraniums, an experiment fully described in 
communications to the French Academy of 
Science, the same method has been success» 
fully applied in Continental hospitals and 
nursing homes,”* 

Photos of the successful treatment of 
cancerous geranium plants are included in 
Clement’s book, along with the pictures of 
the disappearing skin cancers in human be- 
ings. So Clement describes the major fea- 
tures of Lakhovsky’s work in this first chap- 
ter, the simple, one-coil Oscillating Circnit 
powered by cosmic rays, and the electric- 
powered Multiple Wave Oscillator. There 
are photos of the Multiple Wave Oscillator, 
showing clearly the unique circular anten- 
nas. These were made of metal tubing, 
separated and suspended with silk thread. 
The simpler, aluminum-foil printed circuit 
in Bob Beck’s adaptation is an easy way to 
experiment with the idea, 


THE OSCILLATING CIRCUIT 

“*The diagram on this page shows where 
the oscillating circuits should be worn, i.e. 
round the neck, waist, and above the elbows 
and knees. The effect is intensified if more 
than onecircuitis worn. Generally speaking, 
the neck and waist are the favoured sites and 
likely to bring about the best resuits. 

“Ta the light of Lakhovsky’s theories 
the fight between the living organism and 
microbes is fundamentally a ‘war of radia- 
tions’. If the radiations of the microbe win 
the cell ceases to oscillate and death is the 
ultimate result. If, on the other hand, radia- 
tions of the cell pain the ascendant the mi- 
crobe is killed and health is preserved. 


THE SECRET OF LIFE (AT THE FORM 
LEVEL) 

“Broadly speaking, health is equivalent 
to oscillatory equilibrium of living cells 
whereas disease is characterized by oscilla- 
tory dis-equilibrium. This genera! principie 
has given rise to a vast number of experi- 
ments covering the whole field of biology. 
Plants, animais and human beings have been 
successfully treated by the application of 
Lakhovsky’s oscillating circuits and the 
reader is referred to his major work The 
Secret of Life for a full discussion of this 
important subject. 

Those of you who have been studying 
the Kabala with Mrs. Crabb and me must 
have been struck immediately by the meta- 


physical soundness of Lakhovsky’s basic 
theory expressed above. One wonders if this 
Russian escapee from Communism, and from 
Naziism, wasn’t indeed a student of the 
Western Mystery Tradition, perhaps even an 
Initiate! The Tree of Life is the groundplan 
of our Tradition. On the Tree we show the 
descent and the ascent of power, oscillating 
back and forth from left to right and right to 
leftacross the Middle Pillar, or balance point. 

Now for the final paragraph of Chapter 
One. ‘During recent years observations on 
the part of several investigators have estab- 
lished the fact that most animals, including 
insects and birds, emit radiations while they 
are also sensitive to the influence of external 
electromagnetic waves. These radiations 





Single wire oscillating circuits around 
subject’s neck, arms, waist and knees. 


emitted by all living beings cover an indefi- 
niterange (infinite range?) and are character- 
ized by amultitude of different wave lengths. 
In the immense range of existing radiations 
we can only perceive the luminous octave 
(visible light) but we know that whole gam- 
uts of radiations exist beyond the narrow 
limits of the visible spectrum. The limita- 
tions of our senses prevent us from perceiv- 
ing radiations of living beings and this sen- 
sory incapacity also excludes from the field 
of direct awareness the vast gamut ofelectro- 
magnetic waves traversing our atmosphere. 
Yet all these radiations and waves exist and 
affect all forms of organic life in various 
ways.”’ 


DR. RAUL ARAUJO’S REPORT 

In Chapter Two Mark Clement gives 
“*Medical Reports on Lakhovsky’s Oscillat- 
ing Circuits.”” We’ lI give only one, by Dr. 
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Aranjo, Physician at the Prophylactic Insti- 
tute, Montevideo Uruguay. ‘‘In 1929, Dr. 
Araujo was suffering from a long-standing 
infection of the laryax which his eminent 
colleagues had failed to cure. While in Paris 
he met Lakhovsky who advised him to wear 
one of his oscillating circuits in the form of 
a collar. Although feeling rather skeptical 
about this unorthodox method of treatment 
Dr. Araujo wore the oscillating circuit for 
several months with the result that he fully 
recovered and has hadno relapse since. This 
personal experience led him to treat his own 
patients with Lakhovsky’s oscillating cir- 
cuits. Having treated over 300 patients suf- 
fering from a wide variety of diseases Dr. 
Araujo succeeded in curing or greatly im- 
proving cases of rheumatism, asthma, ane- 
mia, neuralgia, gastric ulcer, colitis, glandu- 
lar disturbances, sterility, genito-urinary af- 
fections, general weakness and even cancer. 
Dr. Araujo observed that in cases in which 
Lakhovsky’s oscillating circuits appeared to 
give no definite results thers was invariably 
a latent infection whichrequired special treat- 
inent suchas syphilis, cholecystitns, sinusitis, 
pyelitis, dental sepsis, etc. ..A full account of 
Dr. Araujo’s Report appeared in a mono- 
graph entitled ‘Cosmic Rays and Oscillating 
Circuits’ by Dr. P. Rigaux, Paris, 1932." 


CHAPTER THREE, THE MULTIPLE 
WAVE OSCILLATOR 

Most of this has been well explained by 
Bob Beck in his article in the November 
Journal, though we might quote again in 
Clement’s own words: ‘‘After many experi- 
ments Lakhovsky succeeded in constructing 
an apparatus generating an electrostatic field 
in which all frequencies from 3 metres to the 
infra-red region could be produced. Hencein 
this field every celi conld find its own fre- 
quency in resonance... Thus a type of osciila- 
tor was obtained giving all fundamental wave 
lengths from 10 cms. to 400 metres, corre- 
sponding to frequencies of 750,000 to 3 
milliards per second. . . 

**Since 1931 the Multiple Wave Oscil- 
lator has been used in most European coun- 
tries and in America for the treatment of 
many diseases including cancer. No contra- 
indications for the use of the apparatus nor 
any harmful effects on patients have ever 
been reported. This is in striking contrast 
with short-wave therapy in general, X-rays 
and radium whose application in the hands of 
experts has not infrequently been followed 
by the most serious consequences. . .”’ 

Then follow several pages of photos of 
before-and-after cancer cures and medical 
reports from doctors. This one is typical, 
from Dr. Nicholas Gentile, Chief Radiolo- 
gist of the Clinic for Incurables of the Apos- 
tolic Ladies of the Sacred Heart of Jesus, 


offer a way out of the clutches ef the medical 
trust. There is little likelihood that the AMA 
will support research in this area of elec- 
tronic science for years to come, There is 
every probability that there will be murder- 
ous opposition to any attempt to exploit the 
MWO on a national scale. This means that 
you will have to build and test your own 
equipment, or make friends with some elec- 
tronic technician — engineer, TV or radio 
Tepainman -- and prevail upon him or her to 
build it for you. This is the active kind of 
borderland research which requires that you 
get up out of your easy chair and pet to work! 
If you live in an isolated spot, take a mail 
order course in basic radio construction. If 
you jive near a high school that has an adult 
education program, sign up for the evening 
class in radio theory and bench work. J did at 
Barstow in 1948, so can you. If you want to 
be a citizen of the New Age you should make 
some effort to keep up to date, even ifthe sick 
industry doesn’t! 

What are Lakhovsky’s general theories? 
Mark Clement sums them up neatly in Chap- 
ter One of The Waves That Heal: 

*‘The fundamental principle of 
Lakhovsky’s scientific system may be 
stimmed up in the axiom ‘Every living being 
emits radiation’. Guided by this principle 
Lakhovsky was able to explain such diverse 
phenomena as instinct in animals, migration 
in birds, heaith, disease, and, in general, all 
the manifestations of organic life. 

“According to Lakhovsky the nucleus 
of a living cell may be compared to an 
electrical oscillating circuit. This nucleus 
consists of tubular filaments and chromo- 
somes made up of insulating material and 
filied with a conducting fluid containing all 
the mineral salts found in sea water. These 
filaments constitute minute oscillating cir- 
cuits endowed with capacity and inductance 
and capable of oscillating according to 4 
specific frequency. They are comparable to 
the circuits, coils and windings of radio re- 
ceivers.”? 

I believe Clement’s comparison of a 
body cell with a radio receiver is only half- 
tue. The cell can aiso be compared with a 
radio transmitter when it is releasing energy. 
We are both radio-receptive and radio-ac~ 
tivel Lakhovsky’s theory should be accept- 
able to any occult scientist. The push-pull 
idea, the positive and the negative, the Law 
of Opposites, is basic to all forms and to all 
life at this level of existence. By inductance 
Clement means that radio-electricity can be 
induced or put into every cell of your body. 
By capacity he means that each body cell can 
hold a charge of radio-electricity, just as the 
battery of your car can carry a charge of 
electricity. In the case of your body, the 
charge is put in through invisible but very 


real radio waves. These can travel unim- 
peded through any solid object! 

“*The living cell can thus play the part of 
a transmitter or receiver of exceedingly short 
radio-electric waves whick give rise to high 
frequency currents in the circuits of the cel- 
jular nucleus, Now the vibration ofan oscil- 
lating circuit is maintained by radiated en- 
ergy. But where does it come from. 


COSMIC RAYS 

‘Scientists have established the exist- 
ence of highly penetrating waves to which, 
by reason of their universality, they have 
given the name of cosmic rays. These rays, 
generated by the interference of astral radia- 
tions, are capable of traversing dense metals 
and soils to a great depth. Lakhovsky has 
demonstrated the cellular oscillation of liv- 
ing organisms is maintained by cosmic ra- 
diation. According to him disease may be 
said to result from oscillatory dis-equilib- 
tium due to either a deficiency or an excess 
of cellular radiation. An important factor in 
this connection is the nature of the soil. A 
reinforcement of cosmic rays takes place on 
soils which are good conductors of eleciric- 
ity such as clay, ferruginous and carbonifer- 
ous soils. 


RESONATE IN HARMONY WITH THE 
UNIVERSE 

“To avoid the harmful effects of loss of 
oscillatory equilibrium it is necessary to en- 
sure the regularization of the cosmic field 
round the living organism by filtration. 
Lakhovsky’s own explanation of the prob- 
lem of filtration is as follows: ‘The terrestrial 
atmosphere is known to be impregnated by a 
vast range of electro-magnetic oscillations 
of ali wave lengths and intensities a3 a result 
of unceasing electrical discharges (thunder, 
etc.). Besides that we know that electric 
motors and other electrical machines create 
in the atmosphere a field of auxiliary waves. 
Moreover, during the past 25 years the earth 
has been flooded with radio-telegraphic, ra- 
dio-telephonic and other waves. Under such 
conditions it is easy to understand why any 
oscillating circuit ofany form or dimensions 
is likely to find in this vast fieid of waves its 
own resonance with which it can vibrate 
harmoniously. It is therefore obvious that to 
make any oscillating circuit oscillate there is 
no need to have recourse to a local penerator 
such as the Radio Cellular Oscillator used by 
Lakhovsky in 1924 when he first treated and 
cured geraniums inoculated with cancer. The 
oscillating circuit utilized by Lakhovsky in 
his second series of experiments — a circuit 
having no artificial source of excitation - 
proved equally effective in curing geraniums 
rendered cancerous by inoculation,’* 

Yes, in 1924 Lakhovsky ‘gradnated’ 
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from electronics toradionics! He discovered 
and proved to his own satisfaction that in 
some ways a simple, oné-turn coil of wire or 
fibre was as effective as the electric powered 
Multiple Wave Oscillator. Thesimple Oscil- 
lating Circuit, as Lakhovsky called it, has 
two advantages over the MWO. It doesn’t 
have to be plugged into a battery or 110 voit 
home power supply, and it broadcasts no 
interference withradio and TV sets, Itacts as 
a step down transformer for life-positive 
cosmic radiation. 

Clement says that ‘‘it must be particu- 
larly stressed that only Circuits made in strict 
accordance with Lakhovsky’s directions 
should be used, otherwise the results will 
prove to be entirely negative.” Unfortu- 
nately we do not have Lakhovsky’s direc- 
tions, and Clement certainly doesn’t give 
them. You are still free to investigate this 
type of research and many have. If you want 
to experiment in this area then get yourself 
some copper wire (solid or stranded, re- 
search should be done on both) in various 
lengths, (8 inches is one wave length which 
has worked well on tomato piants) and make 
them into a circle with the ends overlapping, 
but with the metal ends insulated or sepa- 
rated from each other. Lengths can be deter- 
mined through radiesthetic means (that is, by 
dowsing) or perhaps in geometric relation- 
ship with the structure of the plant. Consid- 
ering the radionic and radiesthetic viewpoint 
geometric shapes would also have an influ- 
ence and can be experimented with. Always 
use control] samples in your experiments to 
see what works and what doesn’t. 

To getbackto Clement’stext: ‘Through 
the action of this constant field of radio- 
électric waves which emanates from the sur- 
rounding atmosphere the oscillating circuit 
is made to resonate like an instrument in tune 
with certain sounds. Thus the oscillating 
circuit creates a field which canalizes and 
filters, so to speak, the cosmic waves neces- 
sary for cellular oscillation. 


THE DANGER OF BURNING X-RAYS 

Furthermore, this filtration isa general 
phenomenon. It hasbeen discovered, through 
the investigations of Lakhovsicy, that radia- 
tions such as those associated with light, 
ultra-violet rays, X-rays, etc., have the prop- 
erty of making cosmic rays act, as it were, to 
the advantage or disadvantage of the celis. 
Now the field created by an oscillating cir- 
cuit is constant and emits a steady and sus- 
tained force. It invariably acts in a favorable 
manner on the oscillation of the body ceils, 
facilitating by the filtration of cosmic rays, 
regular cellular division, a fact which ex- 
plains the immunity imparted to the cells and 
their consequent capacity of resistance to 
diseases and microbes. 
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Rome, published in the medical review 
edicina ome: 
“Effects Ou The Nervous System. Gener- 
ally speaking [have observed a marked anal- 
gesic action following the application of the 
Multiple Wave Osciliator in all affections 
associated with pain, particularly in the clas- 
sical cases typical of such affections. For 
exaniple, a patient suffering from cephalagia, 
tesulting from violent cranial trauma, for a 
duration of 10 years, was subjected to a great 
variety of treatments, but all in vain. The 
patient was definitely cured after 2 months’ 
treatment with the MWO. Improvement was 
manifest after only 3 applications.” 

Dr. Gentile also reported the effects of 
the MW on the Central Nervous System, on. 
Chronic inflammations, on Metabolism, on 
Disorders of the Cardio-Vascular System, 
and on miscellaneous cases. He says he 
adopted the ‘‘technique of localized irradia- 
tion. Generally speaking, treatment is piven 
every 4 days for a duration of 5-15 minutes 
per session. This is the technique which has 
given me the best results after having experi- 
mented with many forms of application, For 
children, old people and debilitated women, 
a relatively weaker application is indicated. 
If results are not apparent after 7 or 8 appli- 
cations, ] continue until 15-30 applications 
are givenat therate ofa single treatment once 
aweek, I havenever observed any ill-effects 
fromthe MWO treatment, whatever thenum- 
ber of applications was in any given case. 
Moreover, the general condition of patients 
is always improved, even if only tempo- 
rarily, so much so that the patients them- 
selves sometimes insist on having further 
treatments, . .”” 

This chapter on the MWO concludes 
with four pages of reports of notable im- 
provement or cure by American doctors. 
Chapter Five is concerned with the remark- 
able results obtained by using the Multiple 
Wave Oscillator on animals. Chapter Six 
contains Lakhovsky’s prophecy that some 
time in the future diagnosis of disease would 
be obtained by television! This is something 
which Dr. Ruth Drown’s Radio-Vision and 
Homo-Vibra Ray instruments have already 
accomplished. 


THE NOVEMBER CONVENTION 
TESTING PROGRAM 

There were two Multiple Wave Oscilla- 
tors available. These were generously fur- 
nished by Bob Beck and Ed Skilling, and 
were set up in the shielded seance room. 
Only short exposures of from 2 to $ minutes 
were given, during the lunch and dinner 
hours on Saturday and Sunday. In that time 
perhaps 100 people volunteered for tests. 
Until a follow up inquiry is made, no statis- 
tical conclusion can be made, or even begun! 


A, few individual cases reported to your 
Director are worthy of note, including my 
own, By mid-moming on Saturday a spinai 
injury from my old, hockey-playing days 
was acting up. Doctors havecalled ita spasm 
in the sacro-iliac area. Ed Skilling invited me 
to sit in the rays from the MWO for a couple 
of minutes while the seance room was being 
readied for testing. Within a minute the 
spasm relaxed completely and the pain was 
gone. This was not a permanent change, of 
course, but the analgesic effect was certainly 
noticeable. 

Mrs. Fred Rannenberg, financial secre- 
tary of Harmony Grove anda BSR Associate, 
told me she had had a sharp pain in the area 
of her left hip for over two weeks at the time 
of the Convention. One 3-minute exposure 
to the rays of the MWO removed this com- 
pletely, When | attended the Grove Board 
meeting a week later she said the pain had 
still not returned. 

One Associate did report a negative re- 
action to the MWO, She attributed it to 
arsenic poisoning. She had a severe case of 
this earlier in the year. When the machine 
was turned on she felt a severe pain through 
her right side, as though someone had jabbed 
a knife into her. It could be that some of the 
lead poison was still in her system and the 
stirring of the cells in the mid-section pro- 
duced this reaction. It was endurable, how- 
ever, and she sat out the exposure without a 
murmur. The pain persisted that night and 
she had to put cold compresses on her side to 
get to sleep. The next morning she felt fine 
and was eager to take another exposure to the 
multiple waves. This time there was no 
nepative reaction. 

The most startling subject ofall was the 
woman who had been awake ali Saturday 
night with a migraine headache, an old and 
recurring ailment. By Sunday moming, Nov. 
10th, she was sick and nauseated. It was 
sugpested that before taking her toa doctor or 
hospital she be given a short exposure to 
MWO rays. Within minutes all pain was 
gone and she retumed to her cottage to lay 
down and sleep like a baby. 


THE PSYCHEDELIC EFFECT 

Eé Skilling is the only I know who has 
stayed in the MWO field or rays for longer 
than 15 minutes. While testing and adjusting 
his equipment at his microphone factory 
several weeks ago he deliberately stayed 
between the antennas for an hour. At the end 
of that time he was beginning to feel light- 
headed and dreamy he thought it a good 
idea to get out before losing consciousness 
altogether. 

An even more spectacular possibility is 
the Time-Machine effect in connection with 
rejuvenation. If, as Bob Beck suggested in 
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his article, the MWO tends to take the body 
cell back down the time-track to a more 
youthful, more vital period, what would hap- 
pen to a person who stayed in the field of the 
machine for four hours? Would his vibratory 
tate be speeded up to where he would disap- 
pear completely? Like the hero of HG. 
Wells’ ““Time Machine’’? Anybody want to 
try it? It seems, from hints George Van 
Tassel has been dropping over the years, that 
his integratron at Giant Rock, California 
might do something like this —-ifand when he 
gets it working! As TI recall, both George and 
the Canadian Saucerian, the late W.B. Smith, 
spoke of the four dimensions of electricity: 
1. is the electricity moving in one direction 
along @ copper wire, 2. is the magnetic field 
around the wire, 3. is the static charge created 
by the first two effects, and 4. is Time -- orthe 
**tempic field’’ as Smith called it. The Time 
Field equates with Space, where conscious- 
ness is everywhere present. Seems to me 
Lakhovsky’s Multiple Wave Oscillator is a 
gadget which gives us the opportunity — for 
the first time — of approaching the Time 
Field with scientifically acceptable equip- 
ment, operating in known frequencies. Re- 
member, that with its circular antennas it 
aperates on the yortex principle. Each indi- 
vidual antenna in the group is 2 segment of a 
60 degree cone. The i/2 inch gaps, at aiter- 
nate 180 degrees from each other, conform to 
the alternating principle and give a damped 
or pulsed wave. 


THE SPACE AGE EFFECT 

Copies of our November 1963 Jouraal 
have gone all over the world. Hach day’s 
mail brings new orders. We are confident 
that Lakhovsky's invention, far ahead of its 
time in the 1920s and 30s, has been given a 
new lease or life and will be pushed to its 
ultimate development on every continent. 
There will be vigorous opposition from the 
right-wing conservatives and reactionaries. 
Their resistance will furnish the platform 
from whichelectronic ‘‘medicine”’ willeven- 
tually sweep the world. 

I see the day when a device, similar to 
the MWO, will be a standard part of every 
home bathroom or cleansing center. You 
will consider it as necessary and as routine to 
take an electronic showerbath, as to take a 
water bath. Home from work, tired, dirty and 
discouraged, you strip, flip on the MWO 
switch, and while shaving, doing your hair or 
whatever, re-balance your whole system with 
a two or three minutes exposure to the puls- 
ing waves from the oscillator as they flood 
the whole room. For the sale of the house of 
the future it will be as important for the ad to 
say “‘shielded bath with MWO”’ as it will to 
say ‘‘tile bath with radiant heat.’’ 

Mr. Skilling told me he was tired and 


“dragged out’? after processing dozens of 
volunteer ‘‘guines pigs’’ late Saturday after- 
noon. Before shutting down the equipment 
he sat in the nail-iess wooden chair between 
the antennas and gave himselfa three minute 
shot of pulsed waves. Refreshed andrevived 
he looked forward to a good dinner and the 
full evening program. 

I don’t know of a better Christmas gift 
we could have given the Associates than the 
idea and the pians for the Lakhovsky MWO, 
researched and so generously offered us by 
Bob Beck in the true borderland science 
tradition. Now it is up to you to carry it 
forward in your own individual way. We 
welcome your comments, observations and 
research data as you develop equipment and 
a testing program. 


AND NOTHING HAPPENED! 

“No doubt you are deluged with corre- 
spondence about your articles on the La- 
khovsky Rejuvenation Machine. Since you 
said itis possible for any intelligent 16-year. 
oid to build one that is exactly that which I 
have had to rely on. Fortunately, my son is 
fairly well informed on electronics but obvi- 
ously no expert at his age, 16. He followed 
your diagram but instead of battery power he 
used an electric train transformer, which he 
assures Ine, is equally efficient. He also 
found he had to make one change in the 
hookup of the Tesla Coil. I have taken four 
exposures and the results! Nil!’’ 

Maybe this lady expected to be rejuve- 
nated back to her early twenties. As faras we 
know, no such claims have ever been made 
for the Lakhovsky gadgets —- though it would 
be interesting if it happened! As for power 
supply to the Modei T Ford coil, any 6, 8, 10 
or 12 volt battery or transformer should do, 
depending on what you have available and 
where you intend to do your experimenting. 
We understand the old Model T magneto 
delivered as high as 18 volts to the four coils. 
One handy source of 6 or 12 volt electricity 
is the cigarette lighter on the dash of the car. 
Plug in there for power when you want to 
expose yourself while driving or out in the 
country. 

“Thad been fighting a virus for several 
days and the day after the first exposure! felt 
a great deal better, but the second day I was 
right back where I had been. But that was the 
pattern the virus had been taking. One day 
I'd fee! fairly normal, the next miserable 
again. So it is difficult to know if the 
Lakhovsky machine could be credited with 
the temporary izaprovement.”’ 

That’s right, ma’am, some people show 
little or no reaction to the mytogenic waves 
put out by the Lakhovsky instrument, The 
results are unpredictable, Perhaps that’s why 
the research was pushed no further in the 


1930s by authorities herein the United States. 
You, like most people, think that health can 
be bought in a package. Lakhovsky didn’t 
agree with this erroneous conclusion. His 
theory was that health is a condition of bai- 
ance of ail the forces of the body. Iil health 
is a condition of imbalance caused by your 
misbehavior. If you continue to misbehave, 
any force applied from the outside, whether 
it be mytogenic waves, manipulation, drugs, 
medicine or surgery, will only bring tempo- 
rary relief. Pain is an insistent teacher, 
urging you to change your mind; but if you 
can’t change your mind, how can youchange 
your body? 

“One possible reaction to the exposure 
I can report is that I took the first one just 
before going to bed at night. It took me three 
hours to get to sleep. Several things puzzle 
me about the machine we have constructed. 
First of all, althouph we have experimented 
with a Tesla coil of the size your diagram 
calls for, a3 well as one almost twice the size 
and strength, we cannot get a two-inch spark 
from the antenna or resonator, 1/2 to 3/4 ofan 
inch is the absolute maximum.,”’ 

The mention of the two-inch spark was 
Mr. Beck’s error. 1/2 to 3/4 inch arcing is all 
this circuitry will produce and that is ad- 
equate to affect notable changes in many 
forms of cell life. More power might pro- 
duce faster changes, and much harm! Be 
reasonable, a living cell is so small as to be 
invisibie without a microscope. Only minute 
amounts of energy are necessary to affect a 
cell, to stimulate it or to kill it. 

“Second, under no conditions do we get 
the ‘bluish glow of brush discharge’ from the 
antenna that you mention; although we have 
no trouble Lighting up a two-foot fluorescent 
lamp.*? 

Operate your Oscillator in tatal darkness 
and you should see some brush discharge at 
some points on the antenna. True this re- 
designed equipment puts out nothing tike the 
five-inch brush discharge visible in the photo 
of some of the original Lakhovsky equip- 
ment in Mark Clement’s book, ‘“Waves That 
Heal’, and Lakhovsky’s antenna appears to 
be at least two feet across. 

But power is not the answer to balanced 
celllife! Dr. Abrams discovered this with his 
early electronic experiments in San Fran- 
cisco in the 1920s. It is the quality and the 
variety of the pulsed waves that counts! In 
any event weaker equipment can be compen- 
sated by longer exposure, and this may be 
more beneficial to living matter. 

‘And thirdly, since we have not con- 
structed any outer shield for the machine, 
such as a Faraday cage of copper screen, I 
have been monitoring the operation on our 
radios and television, Ontheradio, one notes 
an aunoying and loud buzz, but on T.V. 
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except for a couple of light horizontal fines 
and a very slight hum, there is no serious 
effect. So I doubt that we're bothering our 
neighbors very much. In any case, we try to 
use the osciliator very early or very late in the 
day, when few people are using their radios 
or TV. I have sent for Clement’s book, 
“Waves That Heal,’ and Lakhovsky’s ‘The 
Secret of Life’, not only to better understand 
what we are trying to work with but also in 
the anxious hope that I will find out why our 
machine does not have the affect it appar- 
ently should have.”’ 

Let me assure you, good lady, thereisno 
single cure-all for man’s ills. The clue to 
better health is in the profound statement of 
the Savior of our race: ‘“‘As a man thinketh 
in his heart, so is he.’’ Pain is stili the great 
teacher in the world and will be for a tong, 
long time to come. I don’t know what your 
physical condition is and it’s none of my 
business; that’s between you and your doc- 
tor. If you have a long history of frustration 
aad thwarted ambition, going back to child- 
hood and even into past lives, this mass of 
energy of crystallized thought-forms, is not 
going to be broken up and dissipated over- 
night, Ifyou have consciously and willfully 
flouted Cosmic faws, or have turned them to 
your own selfish ends, the consequences of 
this misbehavior will have te be worked out 
at this level. The occult scientist calls this 
Fixed Karma. In this connection, one of my 
favorite teachers, Dion Fortune, reminds us: 
“What cannot be cured must be endured.”’ 

Ifthe Lakhovsky oscillator does have an 
analgesic affect -- as it appears to have hadin 
some cases —~it has this advantage over pain- 
relieving drugs; it does not leave a residue of 
poison in our already over-loaded liver and 
kidneys! 


WORD OF A SEMILAR INSTRUMENT 
UNDER DEVELOPMENT 

We have a second letter from this same 
lady Associate, also worthy of note in con- 
nection with the Lakhovsky Multi-Wave 
Oscillator. 

“‘First off, whenmy brotherreceivedthe 
machine we had built for him, using the 
battery indicated in the schematic, he felt the 
power source might be too weak. It so 
happens he has a business contact with one of 
the largest electronic instrument companies 
in the area where he fives. He decided to go 
straight to the president and seek his advice. 
With the whole idea placed before him this 
gentleman said, ‘This is very interesting. I 
want you to meet one of our physicists who 
is working on a very similar instrument.’ A 
meeting with the physicist revealed two in- 
teresting pieces of information: first, the 
physicist had never heard of Lakhovsky or 
his machine; second as goon as this new 
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The Molecular Background 


Wiped-Film still technology takes advantage of the fact that each 
chemical substance has a characteristic vapor pressure. It is this relative 
difference in vapor pressures which dictates how easily a complex 
compound can be separated into its constituent components. 


Since the molecules of all matter are in constant motion in varying 
degrees, depending upon the chemical composition of that matter and 
the temperature and pressure applied to it, molecules near the surface 
have a tendency to escape into the surrounding atmosphere. As 
temperature increases and pressure decreases, this escaping tendency 
usually increases and the substance is said to vaporize. 


The force generated by these escaping molecules is referred to as the 
vapor pressure of that material at a particular temperature and 
pressure. It is the relative difference in vapor pressure of substances 
which dictates how easily a complex compound can be separated into its 
constituent compounds. 
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instrument was completed, arrangements had 
been madeto testitina largenearby hospital! 
is this latter not a cheering bit of news?” 
Both cheering and discouraging. The 
basic principle discovered by Lakhovsky is 
certainly available to the mental probing of 
other sincere researchers, so let us keep it 
alive by all means. But barring a revolution 
in the ultra-conservative leadership of the 
American Medical Association, no electronic 
developments will be allowed to threaten the 
high-profit position of the drug industry. 
“Tn their discussion of the power source, 
the physicist suggested my brother use a wet- 
cell car battery, #50, 39 plates, 70 AH. We 
are using one too and it makes a much better 
spark from the antenna, although it still is no 
greater than 1/2 to 3/4 inch. It does seem 
stronger. Of course the machine is not so 
readily portable with such a heavy battery. 
My brother had only one exposure at this 
writing but he reports a noticeable improve- 
ment in the arthritic pain bothering him in his 
right arm for months. On the other hand, the 
report on the use of my own machine is 
somewhat less encouraping. The only posi- 
tive results concern my husband. After his 
firstten-minute exposure, within a few hours, 
a painful bursur in his shoulder cleared up. 
He has been subject to off-again, on-again 
attacks of bursitis there for some 15 years; 
for which he had taken medication, short 
wave, and even X-ray treatments, when the 
attacks were severe. He has since taken 
another exposure, but neither this nor the 
first one seemed to help an itching-skin ai- 
lergy which has bothered him for some years, 


NOT THE FOUNTAIN OF YOUTH SHE 
EXPECTED! 

**As for myself, i have taken at least a 
half-dozen exposures and cannot in all hon- 
esty detect the slightest difference from them. 
Pm not sure ifit is a matter of ‘suggestion’ or 
a desire to prove the capabilities of the ma- 
chine. On the contrary, I notice such strange 
contradictions as the fact that although [took 
anexposure yesterday morning, in the evening 
the fourth and fifth fingers on my right hand 
were painful, from some kind of arthritis or 
rheumatism. J had never had anything like 
this before. Does it not seem odd that it 
should develop on the day of the exposure?’’ 

Not at alll Any positive reaction to 
exposure to the mytogenic rays of the La- 
khovaky oscillator indicates that it is work- 
ing! Mr. Lakhovsky’s theory is that the 
‘waves or oscillations excite the cell, causing 
it to release mor energy, also to shake off 
accumulated poisons and/or tensions. If 
your system is loaded down with tensions 
from daily living in America, if your system 
is loaded down with poisons from processed 
foods and contaminated air and water, you 


can expect painful reactions when the junk 
breaks free. I believe that is what sickness is 
the body struggling to get rid of poison. For 
you, things may get worse before they get 
better! 


HOW OFTEN AND HOW LONG? 

“With the mention of two successive 
exposures in two days I get to what is the 
most important question in the use of the 
MWO. No one has explained why exposures 
are suggested at four-day intervals. Is it 
harmful or useless to take them more fre- 
quently? When one is uncomfortable or in 
pain, one is anxious to rid oneself of the 
discomfort as quickly as possible. And to 
have to wait four more days for additional 
improvement seems unnecessary if there is 
no harm in the exposures. J have exposed 
myself at more frequent intervals and still 
have observed no reactions?’’ 

The suggested exposure rate of fifteen 
minutes every four days came from Dr. 
Gentile’s extensive researches with Lakhov- 
sky equipment in Rome in the 1930s. This is 
a typical professional approach to treatment 
of disease by doctors, From long experience 
with drugs and other proven forms oftherapy, 
they know that it takes time for the human 
organism to adjustitselfto radical changes -- 
Without harming the organism. 

Whether or not this holds true for the 
operation and effect of the Lakhovsky ma- 
chine remains to be proven and you’ lI have to 
be your own guinea pig. It’s your machine; 
it’s your body; it’s your life. Youcan take an 
exposire every hour on the hour if you like; 
stay in all day. Who’s going to stop you? 
This is borderland research and you are a 
borderland scientist, looking for new knowl- 
edge which may be of benefit to yourselfand 
the human race, judging from the last lines of 
your letter. 

“T am so excited and hopeful of the 
efficacy of this MWO machine that I do not 
want to leave any avenue unexplored that 
may possibly help in understanding its use 
and making it freely available to anybody I 
can possibly help. May I take this opportu- 
nity to tell you how tremendously enthusias- 
tic and interested [ am in BSRA, not only 
what you are trying te do but what you are 
accomplishing, too. From what youimply of 
the financial situation, it seems to be largely 
a labor of love and service on your part, for 
which you deserve great praise and the heart- 
felt thanks of every BSRA member and oth- 
ers whose lives they touch. Please accept this 
very, very small donation of the enclosed 
check, as a symbol of my appreciation.” 

The donation is most welcome and will 
be put toward the expenses of carrying on this 
work, also the words of appreciation. The 
lady was also most curious about the La- 
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khovsky circuits, those single bands of wire 
which are placed around the waist, or knees, 
or ankles, wrist or neck, and seem to have a 
subtle but very real affect onthe wearers. We 
have some information on the Lakhovsky 
Circuits or Belts from Associate A.B. Powell, 
a tetired lieutenant colonel of the British 
Indian Army: 


THE OSCILLATING CIRCUIT 

**The Belts can be made by almost any- 
one, for a few cents. At most hardware 
stores, for a few cents per foot, one can buy 
twin electric cable insulated with white rmub- 
ber, used for lamps, efc. Get the smaller size 
1/4 inch wide, having 42 strands of copper 
wire, Slit an end with a knife and the two 
wires easily tear apart. 

‘*For the button, get white sheet plastic 
about 1/8th inch thick, saw it into pieces 
about 14 by 5/8th inches, and drill near each 
end a hole large enough to take two wires. 
Round the comers of the plastic and bevel 
edges, Thread the wires, from opposite di- 
rections, up through one hold and down 
through the other, leaving about kalfan inch 
projecting beyond each end of the button. 
Where a circuit can be slipped off the body 
without unbuttoning, you may overlap the 
ends of the wire belt an inch or two, bind with 
fine string and smear with Duco cement for 
strenpth. 

**Parallelism and overlap of the ends are 
important. This builds up capacitance, pro- 
duces inductance and generates an alternat- 
ing current, Circuits may be worn, as many 
as youpleass, round chest, waist, neck, arms, 
wrists, legs, ankles, neck or head continu- 
ously. Water will do them no harm. 

“*Gladly will I supply Circuits, in any 
quantity, with buttons er bound ends. To 
avoid trouble with the Food and Drug peopie, 
I make no charge. Donations, however, are 
acceptable, and go intactinto my Fund for the 
Sick. For long this has been doing fine work 
and I’m sure you will approve. For reasons 
stated I make no claims whatsoever for the 
Circuits, and no guarantee or promise of any 
kind. Ifyou want to give them a trial, that is 
wholly your affair.’’ Col. AE. Poweil (Col. 
Powell died in March 1969}. 


MWO USED TWENTY YEARS AGO 
**The recent article in the BSRA Journal 
pertaining to the Lakhovsky Oscillator is of 
special interest to me. First, I am aa engi- 
neer, Physician and Surgeon, anda Scientific 
Consultant for the U.S. Government. (Tech- 
nical Intelligence). I am not in any manner 
snooping for the government. This is com- 
pletely personal. We built several oscillators 
in 1944, These were used in my sanatorium 
in Dallas where we had some startling re- 
sults, As we didnot have the proper facilities 


to research the instruments adequately, we 
became more and more conservative. Many 
patients would show reactions, resembling 
the old fashioned Fiu, after a few days fol- 
lowing exposure to the oscillator. I realized 
we were using too much power, so cut the 
level several times with good results; but we 
didnotcompletely eliminate the side effects. 
In 1946 I was sent to Germany for the Gov- 
ernment to explore Electro-biology and Bio- 
physics in its application to electro-medical 
equipment. I felt it wise to destroy the 
machines so injudicions use would not be 
indulged. The possibilities have intrigued 
mie ever since, It looks as though you have 
solved most if not ali of the problems in- 
volved. Hence my renewed interest. The 
excess power upset the enzyme complex of 
the body, or as some felt, distorted the double 
electric layers of charge carried on the cells, 
hence allowing for the penetration of virii 
directly into the cells (virii operate within the 
cells ~ bacteria operate between the cells). 
Cells as well as organs function in a force 
field so mild oscillating currents not only 
work through resonance but seem to regener- 
ate these force fields. Here is where applica- 
tionto cancer can be optimistically explored,’’ 

Speak for your own state, Doc! Here in 
California the medical association has de- 
creed that only four forms of treatment for 
cancer are legal; drugs, surgery, burning rays 
and death, 

*“Proof of energy flow from the fingers 
and thumb is here and must be recognized. 
We have demonstrated it by its effect on 
Yeast celis, viewed under the microscope 
(Girwich research). Whether it comes from 
the conscious rather than the subconscious 
mind is harder to prove, but Iam impelled to 
believe it does, This may interest you. Years 
ago we experimented with crystallization. 
Precipitated water vapor to snowflakes in a 
chamber with electrodes planted in two sides. 
Whea we threw a current inta the chamber at 
a given frequency the flakes were all the 
same. Changing the wavelength changed the 
crystallization pattern. Each frequency had 
its own pattern. Here is the explanation of 
energy absorption by the chemical used, and 
the control of the crystalline patterns by the 
nature of the energy flowing.’’ 

Naturopaths are in 100% disagreement 
with the doctor’s above explanation of the 
side affects of his use of the MWO on his 
patients. IfI understand the theory correctly, 
according the natural view of colds, flu, virus 
infections, etc., these are attempts by the 
human organism to throw off mucous, to 
eliminate intolerable accumulations of poi- 
son from the system, Exposure to the field 
created by the MWO tends to raise the gen- 
eral tone of the whole system by stimulation. 
The raised vibrations release an unusual 


amount of mucous and other junk into the 
elimination channels, and until this is elimi- 
nated one would have a cold or flu and the 
usval aches and pains which generally go 
with such a condition. 

Another doctor stopped by here not long 
ago to tell of his sad experience in trying to 
use spark-gap electronic equipment in his 
medical practice ‘‘for those suffering pa- 


tients not helped by diugs.’’ This powerful, 
high-frequency machine produced a two- 


inch spark! Every time he turned it on, 
everyone in town seemed to know it and the 
phone would ring. Even a Faraday cage 
didn’t shield the output of this monster. 
Finally he was called before the county medi- 
cal board to explain what he was doing. The 
board presented a staggering combination of 
fatuous conceit and stubbom ignorance. 
“They didn’t want to know anything about 
the affects of radio waves on the body and 
didn’t carel’? 


CURING CANCEROUS PLANTS 


WITH ULTRA RADIO FREQUENCIES 


by Georges Lakhovsky 
From Radio News February 1925 


“*The new application of short wave- 
length oscillations described in the following 
article’’ wrote the Editor of Radio News, “‘is 
one of the most important ever found, and we 
are pleased to present to our readers this 
article by Mr. Georges Lakhovsky, the well 
known French scientist. The experiments 
described were carried out in collaboration 
with several doctors and scientists of high 
standing and it seems from results obtained, 
that the very high frequency treatments will 
play an important role in the future, We shall 
publish in a later issue another article on this 
new system together with the effects of ultra 
radio frequencies in the treatment of diseases 
in lunnan beings.” 

Since November 1923 I have published 
in various technical and radio publications, 
several papersin which I explained my theory 
that the instinct or special feeling, which 
permits birds to direct themselves in space, is 
only the results of the emission and reception 
of rays by living beings. While developing 
this theory, I explained how thoroughly! was 
convinced that science will discover, some 
day, not only the nature of microbes by the 
radiation which they produce, but also a 
method of killing disease bacifli within the 
human body by means of the proper radia- 
tions. 

The researches I have made by means of 
special apparatus have shown such results, 
that I believe my theory is correct. This 
theory is that life is born from radiations, 
kept going by radiation and suppressed by 
any accident producing the destruction ofthe 
oscillatory equilibrium, especially by the 
radiations of certain microbes, which sup- 
press those of the weaker cells. 

Before poing any further in our reason- 
ing, it is necessary, in order to present the 
facts to the uninitiated reader, to imagine 
what oscillations really are. The motion of'a 
pendulum will be used for this explanation. 
When a pendulum is displaced from the 
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position of equilibrium, it moves back and 
forth producing what are known, as ochrone 
oscillations, uutil the energy stored is en- 
tirely exhausted, By means of 4 motor, a 
spring, or an electro-magnet, it is possible to 
keep the motion of the pendulum of constant 
amplitude, producing undamped oscillations. 
If, on the contrary, the source of power is 
removed, the oscillations die down and it is 
necessary not only to re-apply the power 
sustaining the oscillations, but also to furnish 
additional energy to start the pendulum in 
motion. This oscillation of a pendulum re- 
produces exactly what happens in the cells of 
a living being. 

Ovrorgaus are composed ofcells formed 
of protoplasm containing various mineral 
matters and acids, such as iron, chloride, 
phosphorous, etc. Itis by the combination of 
these elements that the cells detect outside 
waves and vibrate continuously at a very 
high frequency, probably higher than the 
period of X-rays or over all other vibrations 
known and measured today (1925). The 
amplitude of cell oscillations must reach a 
certain value, in order that the organism be 
strong enough to repulse the destructive vi- 
brations from certain microbes. 


COSMIC RAYS AND CELL LIFE 

The astrophysicians are actually carry- 
ing out experiments of great interest on the 
existence of vibrations, which have been 
called penetration rays and of which the 
frequency is higher than that of X-rays and of 
the alpha, beta and gamma rays of radium. 
Such rays, according to the theory, are pro- 
duced by the earth itself and some others 
come from outer space. Some accurate mea~ 
surements have proved the correctness of 
this theory. Therefore, itis quite permissible 
to believe that these penetration rays, or at 
least some of them, produce the vibratory 
motion of living cells and consequently their 
life. 
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For instance, let us suppose a cell vi- 
brates at a certain frequency and a microbe 
vibrates ata different frequency; the microbe 
begins to fight the cell, and sicknessis started. 
ifthe cell cannot repel the stronger vibrations 
and if the amplitude of its own vibration 
decreases, the microbe gains and its vibra- 
tions Mm decreasing and stopping those of the 
ceils, bring dangerous sickness or death. If, 
on the contrary, the living ceil is started 
vibrating with the proper amplitude by inside 
or outside causes, the oscillatory attack is 
repulsed, Such is my theory. 

The problem is somewhat similar to the 
situation in which a rescuer finds himself 
when, coming to help a friend in a dangerous 
situation, finds himself fighting hand to hand 
against strong aggressors, The rescuer does 
not dare to fire his gun; fearing to harm his 
friend mixed up with the aggressors in the 
melee. Similarly, microbes and healthy cells 
are exposed to electric orradio-active action, 
which could be used to destroy the unwanted 
rays and it is difficult to suppress them 
without barming or killing at the same time, 
the cells which areto be treated. In fact, since 
Pasteur, scientists have been constantly 
searching for means of destroying microbes. 
The great difficulty with all methods found 
was that in destroying the bacillae, the cell 
Was attacked too, The experience gained in 
cancer and tuberculosis treated with radium, 
X-ray, or ulira-violet rays, shows how diffi- 
cult is the work of the investigators, 


A RADICALLY NEW METHOD 

The remedy in my opinion is not to kill 
the microbes in contact with the healthy 
cells, but to reinforce the oscillations of the 
cell either directly by reinforcing the radio 
activity of the blood or in producing on the 
cells a direct action by means of the proper 
rays. During January 1924 I began to build, 
according to this theory, and with the pur- 
pose of therapeutic applications, an appara- 
tus which I have called Radio-Celiular-Os- 
cillator, with the firm belief that the cells 
vibrating at extremely short wave-lengths 
would find their own in the Hertzian waves, 
which have the properties of producing ex- 
tremely short harmonics. The cell with very 
weak vibrations, when placed in the field of 
multiple radiations, finds its own frequency 
and starts again to oscillatenomnally through 
the phenomenon of resonance. This type of 
vibration which I propose to use, is harmless, 
unlike those of X-rays and radium. Their 
application, therefore, does not present any 
danger to the operator. 

J exposed in front of my apparatus, dur- 
ing long periods, a certain number of mi- 
crobes in culture, which developed them- 
selves normally. I, myself, have never felt 


the effect of these ultra radio frequencies, 
although I remained for a great many days 
near the apparatus, during the treatment ap- 
plied to the living cells, It is only when two 
living beings such as acell and amicrobe, are 
in contact, that the rays produced by the 
Radio-Cellutar-Osciilator have any direct ef- 
fect upon cellular structure. 


WORK IN A FRENCH HOSPITAL 

The experiments which I carried out at 
the Salpetriere Hospital in Paris, in the ser- 
vice and with the collaboration of Prof. 
Gosset, were made with plants inoculated 
with cancer, and the results were described in 
apaper presented on July 26, last year, before 
the Biological Society. The text of this paper 
follows. 

“One knows that it is possible to pro- 
duce by inoculation of Bacterium tumefaciens 
in plants tumors similar to those of cancer in 
animals. One of us obtained experimentally 
by this method, a great number of tumors. 
These had various degrees of development. 
Some of them dry up partially, but do not die 
entirely until the entire plant or at least the 
limb bearing the tumor dies, Even removed 
by surgical methods, these grew again on a 
sick limb. 

‘We propose to describe in this paper, 
the action of electromagnetic waves of very 
high frequency obtained by means of the 
Radio-Cellular-Oscillator of Georges La- 
khovsky. This apparatus produces wave- 
lengths of the order of two meters and less, 
corresponding to 150 million cycles per sec- 
ond. A first plant was submitted to the effect 
ofradiation ons month after being inoculated 
with cancer; at this time small tumors of the 
size of a cherry stone were visible upon it. 
This plant was submitted to the rays twice, 
for three hours each time. During the follow- 
ing days, the tumors continued to grow rap- 
idly in the same way as those on plants, which 
had not been submitted to the effect of radia- 
tions. However, 16 days after the first treat- 
ment, the tumors began to shrink and dry up. 
A. few days later the tumors were entirely 
dried up and could be very easily detached 
from the limb of the plant by merely touching 
them. The drying action of the radio fre- 
quency radiations is selective and affects 
only the sick part of the plant. Even the inside 
sick tissues were destroyed, although they 
were next to healthy cells in the center of the 
limb, showing that the radiations had not 
affected the healthy parts, 

** Another plant was treated in the same 
way, except that it was exposed 11 times for 
three hours each time, to the radiations of the 
oscillator. Sixteen days after the first expo- 
Sure the tumors, which were rather large as 
shown in one of the photographs, began to 
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shrink and dry up and were easily detached 
from the limb exactly as in the first case. 
Again in this case, the healthy parts of the 
plant were not affected in the least. A third 
plant exposed to the radiations forninehours, 
that is, three treatments of three hours each, 
was cured in the same manner as the two 
others. Sixteen plants also inoculated with 
cancer, were left without treatment. They 
have tumors in full activity, several of which 
are very large. These experiments show 
conclusively that plants inoculated with can- 
cer can be treated and cured by means of the 
ultra radio frequency vibrations, whereas 
surgical treatment fails. 

**Such are the results of my researches 
with plants, At the present time, sinvilar 
experiments are being carried out with ani- 
mais and it seems that the effect oncancerons 
animals is the same as on cancerous plants. 

“T am highly pleased to present my 
theory and the results of my work in a scien- 
tific review of the United States, this great 
country, which has always been inthe leadin 
the fight against this horrible sickness, can- 
cer, and whose sympathy and help I would 
greatly appreciate. 

“Ta conclusion I wish to call the atten- 
tion of the reader to the fact that I have 
obtained very conclusive results not only 
with a wave length of two meters, but with 
longer and shorter wave-lenpths. The main 
thing is to produce the greatest number of 
harmonics possible.’’ 


“ +*« 


This February 1925 article from Radio 
News magazine shows how long some of 
Lakhovsky’s theories have been known in 
America. This article was furnishedto BSRA, 
by an Associate who had met the Russian- 
French scientistin New York. He claimsalso 
to have visited several times the New York 
hospital which set up a research program on 
the Muiti-Wave Oscillator and saw the La- 
khovsky-type equipment, No information 
on the machine or its effects could be elicited 
from the hospital authorities and in the early 
1950s the shielded room was dismantled and 
equipment destroyed, 

We feel that Lakhovsky’s theories and 
early researches should be followed up. It 
should be publicly proven that high-frequency 
waves, in the proper concentrations, do af- 
fect living organisms in a beneficial way, or 
that Lakhovsky be declared an idle dreamer. 
Since research of this kind falls within the 
purposes of Borderland Sciences Research 
Foundation, Inc., members are encouraged 
to build their own equipment and, in a suit 
ably shielded or isolated environment, carry 
on their own research program. If you cannot 


obtain the necessary materials, BSRF may be 
abie to put you in touch with another border- 
lander who can be ofhelp. Untii the medical 
authorities come forth with official approval 
of this radical approach to the state of imbal- 
ance or un-health attributed to disease, n0 
one but a fool would go into commercial 
production of this kind of equipment in 
America today. it is now said to take a 
minimum of $300,000 in research money 
and three years of testing to develop medi- 
cally acceptable data. 


HOW DR. JAMISON WAS TRAPPED 

In a letter dated Aug. 29, 1967, Dr. 
Jamison enclosed this news clip from the 
Modesto Bee: ‘‘Turlock — Veterinarian 
Stanton L. Jamison yesterday was fined $249 
in Turlock Judicial District Court after being 
convicted of three charges stemming from 
his use of an electronic machine to treat 
human patients for cancer. A jury of nine 
women and three men returned a verdict of 
guilty on one count of practicing medicine 
without a license and two counts of advertis- 
ing 4 device represented to have effect on 
cancer, stomach ulcers or bone diseases. The 
decision followed a two day trial in which 
Jamison defended himself. . . 

“*They (Jamison and his assistant, Martha 
Ann Davis) were arrested last December 
following a lengthy investigation by Turlock 
police officers and agents of the State Bureau 
of Foodand Drug Inspection. The investiga- 
tion began when Police Chief John Viarengo 
Tequested assistance from the bureau after 
learning ‘the cancer-curing machine’ was 
being operated here. 

“During the investigation, Food and 
Drug agents Willis Worley and Harvey Lee 
aranged several meetings with Jamison on 
the pretense they were interested in purchas- 
ing machines similar to his. Jamison report~ 
edly organized a church as a front for his 
operation. The facility, located at 200 West 
Main St., was known as the Life Aquarium 
Center. Worley and Lee became bishops of 
the church as did deputy District Attorney 
Frank Damrell, Jr., who prosecuted the case, 
At the time ofthe investigation, Damrell was 
employed in the State Attorney General's 
office, 

“Worley said Jamison’s intention was 
to open other treatment centers throughout 
the state, using his bishops to set up facilities 
under protection ofthe church. ‘This was the 
most fantastic investigation I’ve ever been 
invoived in,’ said the agent this morning, 

(Yes, itis fantastic to think anyone would 
want to give or donate healing services free 
when there are billions to be made on the four 
kinds of cancer treatment authorized by the 
California Medical Association: Drugs, Sur- 


gery, Radiation and Death, RHC.) 

*“Worley points out the manufacturer of 
Jamison’s machine was convicted of grand 
theft two weeks ago in Los Angeles after 
selling a similar machine to a Food and Drug 
agent under false pretenses. (This was prob- 
ably Ralph Bergstresser, Burbank, Calif., 
who was manufacturing and selling the Bob 
Beck MWO for $256.) 

** After Jamison’s conviction yesterday, 
Darsell called for imposition of a prison 
term for the veterinarian. [fhe had received 
the maximum penalty, he could have been 
sentenced to 18 months in jaii and fined 
$1,500. 

“*We felt very strongly on this,”” said 
Worley, “because Jamison could easily be- 
come a menace to many innocent victims 
throughout the state.’” 


MW0O IN USE AT INDIAN CLINIC 

‘lam continuing my experiments with 
the MWO and my experience is that in prac- 
tically all cases there is an aggravation of the 
existing symptoms, and previous symptoms 
are brought to the surface. Hemorrhage was 
seen in another case and treatment was 
stopped forthwith. This is one problem which 
has to be tackled before MWO can be used 
with confidence. I think MWO treatment 
should not be given to tubercular cases, Also 
in cases where there is a hemorrhagic ten- 
dency this would do more harm than good. 

“*Neuritis seems to respond nicely to 
this treatment. Sciatica is definitely cured by 
this. Some cases of Rheumatism and Arthri- 
tis are benefited, responding at first but the 
improvement does not last much longer. I 
cannot understand the reason for this eccen- 
tric behavior. I think there must be some- 
thing with the frequencies.”’ 

Don’t blame it on the frequencies, Doc, 
biame it onthe patients who stubbornly clings 
to their fixed ideas end rigid unyielding 
mental patterns. We have no evidence that 
the radio frequencies of the MWO reach into 
the mental world. Hach person’s aura is 
loaded with ‘‘signatures’’, national, family 
and religious concepts hammered into him 
over the years. His creative energies, flow- 
ing freely down from the higher worlds, 
channel through these deeply cut “‘grooves’’ 
in mind and emotions. ‘The health or illth of 
the physical body indicate whether the 
person’s ideas are in tune or out of tine with 
Creation. As a man thinketh in his heart, so 
is he. 

**Can you please let me know what are 
the ranges of frequencies these machines 
have? Have they been measured and are they 
the same in ail instruments? Is there any 
difference in the models prepared in the USA 
and France? Which modei was tried by 
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Lakhovsky in the New York hospital? What 
are the actual frequencies used by him?’’ 

The only frequency readings we have on 
an MW0O were those submitted by Bob Beck 
originally, from the output of his own ma- 
chine. ‘“‘It radiates RF interference over a 
bandpass of 15 Kilocycles to well beyond 
250 Megacycies. This blocks AM, FM and 
Television reception for hundreds of yards’’ 
But so does my electric razor, and I’ve been 
using one for years. Iwas told by asailor that 
electric razors are very effective as “‘scram- 
blers’’ for knocking out the electronic brains 
of guided missiles, and have been so used as 
defensive equipment during missile exer- 
cises on aircraft carriers at sea. No one has 
farnished us with RF output figures from 
original Lakhovsky equipment, either at the 
New York hospitai or from Europe. if any- 
one has these figures [hope they will be kind 
enoughio forwardthem to you. Lakhovsky’s 
available technical record is very slim. 

**An Associate writes ‘A very good psy- 
chic in Florida gave the following, ina sitting 
devoted to the MWO. Itis not anywhere near 
developed to its potential. It has unlimited 
amplifications to be made. The use of the 
MWO can change the auric field, thus spiri- 
tually it can change the individual. This is 
done with the work of the seven rays of life. 
The MWO should be used in conjunction 
with the radionics instrument.’? What about 
this radionics instrument? I would appreci- 
ate it if you can throw some light on this.’’ 

Sorry Doc, the punitive hand of the 
American Medical Association has driven 
radionics builders and users underground 
here in the United States. No one but a fool 
like me would stand up on the firing line. 
England isn’t quite the police state America 
is and you can get information on radionics 
audradionics equipment from the Delawarre 
Laboratories, in England, and from Bruce 
Copen, in Sussex, Engiand. Radionics ex- 
perts have developed rates for every organ in 
the body. Equilibrating those rates with 
specific radio frequencies offers an interest- 
ing field for borderiand research. 

““T have tried both the Vitic and the 
Eeman Screens. I am stili continuing my 
experiments with the Eeman Screens. Only 
a couple of days back I gave a set of screens 
to apatieat who is having an encyclopedia of 
complaints. The MWO did not give her 
much improvement hence thechange, Ihave 
one set of Vitic with me and whenever I feel 
2 bit out of sorts I sit for ten minutes and get 
back my Vigor. Iam using a very strong pair 
of magnets and a carbon rod 1% inch in 
diameter. After I received the MWO my 
interest in the other two flagged. Ithink Iwill 
have te cultivate them again.” 

Dr. A.K. Bhattacharya 
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From the March 1964 Journal of Borderland Research 


STA | SPPENYERNNNAS fo erry 


That's our headline, and it's derived from news clips loaned to us by an 
Associate. One especially is from the New York "Times" for Friday, Aug. 19, 1960 by 
John Osmundsen. 


The heading says that Radio Microwaves Produce Molecular Changes in Human Beings. 
This is merely a repetition of what Georges Lakhovsky proved with his pioneering work 
in Paris hospitals in the 1920s! 


"New and possibly important biological effects of radio and radar waves were 
reported at a three-day scientific meeting that concluded here yesterday. One 
sclentist told of producing 'a profound molecular change’ in human gamma globulin with 
specific wave lengths of radio waves in the high frequency to very high frequency, or 
VHF range. 


“Alterations so created in the molecules that constitute an important part of the 
body's defense apparatus were accompanied by at least a fourfold increase in their 
biological activity, the scientist said. ‘The changes can be produced under widely 
varying conditions of voltage, power, pulse width, and pulse repetition rate, provided 
the frequency is suitable,’ according to Lieut. Col. Sven A. Bach of the Arny Medical 
Research Laboratory in Fort Knox, Ky.” 


If Col. Bach had been working from Lakhovsky's original theories and equipment, 
he wasn't saying. This is obvious in reporter Osmundsen's next paragraph. 


“This is believed to be the first report of a proven frequency-specific effect of 
radio waves on human chemistry. Dr. Bach's report appeared to cause more comment at 
the conference than almost any other, for the effect of radio frequencies on human 
gamma globulin in the test tube were clearly not a result of heating. 


It was suggested by Dr. Bach that the increased biological activity of the 
molecules as measured against a rabbit serum sensitized to them might have resulted 
from an unfolding of their structure, thus exposing more active spots.” 


YUP, THEY MIGHT EVEN CURE CANCER 
Later in 1960 an electronics magazine revealed even more about the proceedings of 
this Fourth Annual Tri-Service Microwave Conference held in New York. Our news clip 
is only half a page which reveals neither the magazine nor the writer, but about Dr. 
Bach's claim of a four-fold increase in the production of gamma globulin, he says: 


“What does this mean to you? Gamma globulin plays an important part in the 
body's defenses against disease. Speed up its activity fourfold and it may be four 
times as effective a disease fighter. Some day your doctor may give you ‘a shot of 
microwave' to keep you well. 


Dr. Joe Howland of the University of Rochester found that dogs which had been 
exposed to microwaves were able to withstand heavy doses of X-rays far better than 
dogs not so treated. No specific application for this technique is now known, but 
such discoveries frequently lead to undreamed-of advances. 
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“And finally, some evidence has been gathered to indicate that certain kinds of 
cells, under the right conditions, will simply disintegrate -- fly to pieces ~- in the 
presence of the right radiation. But surrounding cells are unaffected. Could such a 
selective beam ever be used te destroy cancer cells while leaving healthy tissue 
unaffected? Scientists don't yet know.” 


The writer didn't say which scientists he is speaking for, certainly not for 
Georges Lakhovsky, who died in that very same New York City 17 years before the 
Microwave Conference. Before-and-after photos of skin cancer cures effected by the 
Lakhovsky Multi-Wave Oscillator in Paris hospitals in the 1930s show that the Russian 
inventor did know just how selective radio microwaves can be. These pictures are 
reproduced in Lakhovsky's book, “The Secret of Life”. 


To continue with the magazine article: “said Col. George M. Knauf, one of the 
foremost experts on the biological effects of microwaves, speaking of these recent 
advances, ‘Our work has progressed sufficiently for us to be fairly certain that the 
beneficial uses to which this energy may be put will greatly outweigh any harmful 
results it may produce in men.' All this of course does not mean we should forget 
that uncontrolled microwave energy can be dangerous. But like fire or Werays, 
microwaves can, when used intelligently and with understanding and respect for the 
hazards involved, be among man's most valuable tools.” 


MULTI-WAVE OSCILLATOR USE IN A NEW YORK HOSPITAL 

Georges Lakhovsky crossed the Atlantic to New York City in 1941, there to observe 
the effects of his MWO under controlled, technical conditions in a New York Hospital. 
A brief report of the positive and beneficial results of MWO treatments is appended to 
the English translation of his book, “The Secret of Life", by Mark Clement, on page 
201. These treatments were given from July lst to Aug. 21st and the name of the 
hospital and of each patient are withheld for ethical reasons. 


Patient illness Treatments Results 

X. Arthritis, both knees , 14 Good improvement 

O.P. Endocervicitis. Abdominal pain 6 Condition good 

F.T. Perlarthritis of shoulder 12 Marked improvement after first 
treatment, condition good 

M.M. Osteoarthritis 7 Marked improvement after two 
treatments, stiffness diminished 

M.K. General Chronic Arthritis Li Slight improvement 

M.O. Arthritis of ankle 3 Results good 

AVE. Post-operative fracture 6 Results good 

C.¥. Arthritis, both knees 14 Marked improvement 

M.D. General arthritis 8 Marked improvement 

J.H. Epicondylitis of elbow 7 Resuits good 

D.G. Chronic arthritis 10 No cough, no soreness, marked 
improvement 

S.L. General arthritis 10 Marked improvement 

B.M. Arthritis and circulatory 

disturbances 6 Improving 

M.L. Arthritis of ankle and knee 7 Improvement, no recurrence 

MLB. Arthritis of shoulder 7 Marked improvement 

M.O. Tenosynovitis, hand 6 Improvement 

§.5 Arthritis, both knees 7 Improvement 
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S.C.N. Congenital hip dislocation 3 Marked improvement 
R.L. Fracture, both ulnae. 
Synovitis, both knees 5 No pain 


Additional Cases 


Case 1. G.D., female, aged 25: Patient complained of pain in the chest and muscles 
of the right arm and back, and constant cough. She did not respond to medical 
treatment and massage. Treatment with Lakhovsky Multiple Wave Oscillator was 
instituted. After the fourth treatment coughing stopped, pain in the chest became 
infrequent, and the tired feeling in the back disappeared. At the end of 12 
treatments the patient no longer complained of previous symptoms. 


Case 2. M.M., female, aged 51: Patient complained of pain and stiffness in the right 
hip. X-ray examination disclosed a marked harrowing of this articulation associated 
with large spurs at the margin of the acetablum which appeared to ankylose the joint. 
There were proliferative changes in the upper margin of the femoral head. Diathermy 
and massage failed to relieve the pain and stiffness. After 10 treatments with 
Lakhovsky's M.W.0. the stiffness markedly reduced. 


Case 3. £F.T., female, aged 38: For two months the patient complained of pain in both 
shoulders. Abduction of the right humerus was limited to 45 degrees. A diagnosis of 
periarthritis was made and treatment with Lakhovsky's M.W.0. was started. After three 
treatments the patient said she felt much better. The improvement continued. After a 
series of 11 treatments the patient did not return. Apparently permanent relief had 
been obtained. 


Case 4. A.B., male, aged 60: Patient gave history of pain in both knees beginning in 
1940. Diathermy and massage for one year gave only slight relief. Treatment with 
Lakhovsky's M.W.0. was instituted. After one treatment patient stated that he felt 
better. After four treatments patient felt so much better that he took only one 
treatment in two weeks. 


Case 5. M.M., female, aged 42: Patient complained of pain in lower left back and hip. 
X-ray examination of the lumbar spine and pelvis showed calcification at the anterior 
margins of the inter-vertebral discs between the ninth and tenth and the tenth and 
eleventh vertebrae. There was also a slight scoliosis of the lumbar spine. Treatment 
with Lakhovsky's M.W.0. was instituted. After the first treatment patient felt 
better. After the fifth treatment improvement was very marked. Patient did not 
return after nine treatments. 


Case 6. S.N., female, aged 59; Patient complained of pain in the right shoulder and 
inability to extend the arm more than 5-10 degrees, accompanied by severe pain. X-ray 
examination disclosed irregular calcification in the region of the greater tuberosity 
of the right humerus. Treatment with Lakhovsky's M.W.O. was instituted. After one 
treatment patient said she felt much better. The improvement continued steadily until 
10 treatments were completed. 


Case 7. C.P., female, aged 38: Gynecological examination showed uterus slightly 
enlarged and hard. Right para-metrium tender. Diagnosis ~-Parametritis. Treatment 
with Lakhovsky's M.W.0. was instituted on July 17, 1941. After four treatments 
patient felt better, and after 12 treatments patient was found to be much improved. 
Examination on Oct. 7th showed the adnexa and parametrium to be painless. Patient 
was considered cured. 
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REPORT OF CASES TREATED WITH LARXHOVSKY'S MULTIPLE WAVE OSCILLATOR BY A PROMINENT 


BROOKLYN UROLOGIST 


The following results were obtained by a prominent Brooklyn urologist whose name 
must be omitted for ethical reasons. He is a Fellow of the American College of 
Surgeons and enjoys a great reputation as a skilled specialist. He treated hundreds 
of patients with Lakhovsky's MWO but only a few typical cases can be given here. 


H.G. Acute urinary retention 
due to enlarged prostate 2 Retention ceased 
RB. Bleeding from uterine 
fibroids of two years standing 3 Bleeding ceased 
S.M. Mild multiple sclerosis with 
halting gate 6 Marked improvement, was able to 
run on several occasions 

R.R. Cellulitis of nose with pain 2 Cleared completely after two 
treatments of ten minutes each 
in one day. 

B.T. Acute urinary retention 

due to enlarged prostate 2 Retention ceased. 

§.B. Bleeding from cancer of the bladder 3 Bleeding checked. The tumor 
cleared up nicely and was 
reduced in size when geen again 
on cystoscopy three weeks later. 

J.G. Chronic aczema of Axilla 2 Cleared entirely. 

L.G. Severe pains form duodenal ulcer 2 Greatly improved. 


In addition to the above cases this Brooklyn specialist treated six cases of 
enlarged prostate with nocturnal frequency (three to five times per night). After two 
treatments with Lakhovsky's M.W.O. frequency was reduced "to only once a night or did 
not occur at all...” 


The above American reports were not included in the first edition of Georges 
Lakhovsky's "The Secret of Life", published in 1935, but were added by the English 
translator, Mark Clement, to later editions. We are quoting from the 1963 edition 
published by Health Science Press, Sussex, England. Health Research, (P.0.Box 70 
Mokelumne Hill, California 95245) offers this same book. 


This early (1941) research with the Lakhovsky equipment seems to nave been 
ignored by the American medical authorities, who are still concentrating on cure by 
surgery or medicine. If you want to discover the effects of weak radio waves on 
living organisms you'll have to dig for yourself. Our BSRA brochure, “The Lakhovsky 
Multi-Wave Oscillator", will give you some hints about setting up your own research 
program, and is available from headquarters. 


*DOCTORS SAY RADIO TREATMENT IS EFFECTIVE AGAINST ARTHRITIS’ 

Apparently some doctors didn't ignore the research work done by Georges 
Lakhovsky. Take this news item from the New York "Post" for Feb. 8, 1962, with an 
Associated Press dateline from Washington, D.C. “A device theoretically capable of 
bouncing radio signals off the moon has yielded highly effective results in the 
treatment of stubborn cases of arthritis and certain other ills, a group of doctors 
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reported today. The machine generates high-frequency, short~wave~length radio waves 
and emits them as pulses lasting only 1/17,000th of a second each. The pulsed 
currents are directed into a patient's body, with a maximum achievable penetration of 
eight inches. 


"Use of the technique in treating arthritis, bone infection after hip operations, 
inflammation of the female pelvis due to gonorrhea and other conditions, and in 
speeding the healing of surgical wounds was described in reports by Dr. Buclid M. 
Smith of Hot Springs, Ark.; Dr. Dana Street of the University of Arkansas; Dr. Bruce 
Camern of Bayler University; Dr. Marshall Lobell of Harlem Hospital, N.Y.3; and Dr, 
Solon N. Blackberg of Chicago. The reports were made last night at a private 
conference to which several Congressmen and Public Health Service doctors were 
invited. Blackberg later told reporters the researchers would like to enlist 
government support for expanded research by themselves and their investigators. 


“Smith, in his report on arthritis, said the technique had been employed with 
“highly “effective results in 99 out of a series of 100 cases treated by him. 
Declaring that some of the patients treated had arthritis for up to 25 years before 
receiving radioactive treatment. Smith told reporters that “marked improvement" was 
achieved in all cases in from three to six months. 
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This sensational advance in the treatment of human ailments should have been 
welcomed from coast to coast in every newspaper. Dr. Blackberg and his distinguished 
fellow scientists from Baylor, Arkansas and Harlem should have received public acclaim 
from President Kennedy's Dept. of Health and Welfare and from the American Medical 
Association. But only a thunderous silence followed that early 1962 news item ion the 
private meeting in Washington -~ until the Aug. 24, 1963 edition of the Saturday 
evening Post! In this national magazine, radiowave treatment of arthritis was branded 
medical quackery in the article "“Hucksters of Pain”. There Drs. Smith, Street, 
Camern, Lobell and Blackberg had their answer to “government support for expanded 
research". Fortunately, not every American is going to take this kind of libel 
without striking back at the mouthpieces of the vested interests who lend themselves 
so readily to control of the mass mind. Read this news clip from the Los Angeles 
"Times" for Nov. 1, 1963. 


“New York ~- The Saturday Evening Post, still smarting from one of the largest 
libel awards in history, was hit Thursday with another libel suit demanding $7.5 
million. 


"The suit was filed in Federal District Court here by the Diapulse Corp. of 
America, manufacturer of a machine that employs high~frequency waves in the treatment 
of infections and inflammations, including arthritis. The company said it was defamed 
in an article, “The Hucksters of Pain", which appeared in the Aug. 24 edition of the 
magazine. The article dealt with quack remedies for arthritis. The suit seeks $2.5 
million in compensatory damages and $5 million in exemplary damages." 
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From the June 1964 Journal of Borderland Research 
LAKHOVSKY OSCILLATING CIRCUITS 


“About eight years ago I sent to the Health Science Press, Sussex, England for 
a little book, “Quick and Free Healing", and also “The Waves That Heal" and found 
that there are healing waves in the air we breathe. I am a sensitive with the 
pendulum. The book told to take an insulated copper wire and find the positive and 
negative ends with the pendulum, so I would know which end to put to the left side 
of my body --positive to the right and the ends overlapping. If you can't keep them 
in place, wrap an elastic band around them. For me, the pendulum swings clockwise 
for negative and back and forth for positive. First use of the wire came when I 
skinned my shin with a five-inch gash. The bleeding made me sick and I had to lie 
down. I thought of my wire circuit, got up and put it on just above the knee. It 
always had taken a long time for sores to heal on my body but this healed in three 
days time and showed only a narrow line about the width of small yarn. Thie 
convinced me that the oscillating circuit wasn't foolish. 

"I loaned my little books to a high school student that was taking science. I 
thought they would interest him but he made all manner of fun of me, for believing 
such a thing. None of my family are interested in the good things that [I have 
learned. I have been a member of BSRA since 1951 and think your journal is the best 
magazine I have ever read. Anyone wanting to learn more about the Lakhovsky 
circuits can write to Col. A.E. Powell. (Now deceased) 

"Forty years ago I was taking treatments from an osteopathic doctor who 
sometimes diagnosed with the pendulum. When I became pregnant he told me he was 
going to discover the sex of my unborn child. He took his gold band ring off, tied 
a string to it and held it over me. It didn't seem to have any definite swing, 
maybe around once and back and forth. 'That's strange,’ he said, ‘I've never missed 
yet!’ When the baby came there were two, a boy and a girl! I didn't ask him then 
where he learned about the pendulum or what it meant. Years afterward I sent to New 
York for one and found that I could ask questions and get yes or no anéwers that 
satisfied me. A medium told me that the pendulum is spirit controlled and mine was 
controlled by a young girl who was rather mischievous. If you want to put my 
experiences in the BSRF Journal it is all right with me. I got my education in the 
littie red schoolhouse. I am 73 years old and still learning. They say you never 
get too old to learn and I find it is very true.“ Mrs. Earl Holfinger, Piqua, Ohio 


A “HOPPED UP MWO" IS DANGEROUS! 

"It is far too early to draw final conclusions regarding my experiences with 
the higher powered Multi-Wave Oscillator, a word of warning is in order. I powered 
mine with a 250 VA, 10 KV oil burner transformer. This is DYNAMITE and could, in my 
opinion, be fatal if too much power is used and I didn't miss it by much. My 
equipment sparks the antenna down to the 4th ring and the resonator to the second, 
with occasionally a week spark to the third. 10 hours after the first high-power 
exposure I felt like running instead of walking (age 72} and waiked all around town 
and back, about six miles and no tiredness, whereas two miles would tire me before. 
That first exposure was about ten minutes for me and four for the wife {age 75). 
Immediate reaction for me was a moderately strong sensation of tingling from head to 
foot for about three hours before I could get back to sleep. None of this for the 
wife. Then, as aforementioned, I felt on top of the world. 24 hours after that, 
however, the wife and I developed the grandaddy of all colds and flu symptoms that 
we'd ever had. I hadn't had any real cold or flu in 15 years. This one dredged 
such an amount of mucus and toxic waste as I'd never seen before in my life. It was 
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Tough. It lasted two days before it wore of#. 

"This all had me guessing until your brochure arrived, with the experience of 
your Engineer-Physician Associate. He told that many of his patients developed flu 
symptoms after MWO exposure. His increasing conservatism was well founded. I 
decided to find out if the doctor's hypothesis of viral penetration would hold up. 
If so, a second high-powered treatment of equal strength and duration should produce 
much the same flu symptoms. But, having wound another coil, I used more power than 
the first time, sparking antenna and resonator down to the fourth and fifth rings. 
Results: no more flu, only a very slight tingling sensation, no feeling of 
exhilaration as before. Five days later I took another exposure, of seven minutes, 
with a little less power. This one did it. No tingle, no exhilaration, only a 
feeling of rapidly increasing depression, no sleep that night, a rather severe pain 
in the chest and heart region, extremely weak pulse, hardly pep enough to life an 
arm, and @ nervous shaking all over. For a while I thought, this is it. It took 
five days for this to wear off and it isn’t all gone yet. One night I lay awake 
until three a.m. figuring out how to pep up the MWO still more. Out of the blue, a 
voice clear and distinct and very emphatic: 'This is dangerous!' Again very 
emphatically, "Yes!" Normally I am not the least psychic, clairvoyant or 
clairaudient; so I choose to heed this as a warning from a discarnate guide or 
guardian." 


Let this Associate's experience be a warning to you, if you feel the urge to 
build a hopped-up Oscillator, to transform yourself overnight! Bob Beck's original 
article cautions against this and his original equipment falls well within the 
safety tolerances set by the Air Force and the telephone companies for personnel 
working around radar and micro-wave broadcasting and relay equipment. Most of you 
taking part in this research program have built your equipment only in the last two 
or three months. It would be wise to stick closely to the original design for a 
year before altering it for further research. 


LAKHOVSKY'S ORIGINAL THEORIES ARE SOUND! 


er eee 


With one or two exceptions all reports in to date show beyond question that 
Georges Lakhovsky's theories are sound: Radio waves do effect living organisms. In 
certain concentrations these waves appear to benefit cell growth, even to stimulate 
it. This BSR Associates have proven to their own satisfaction in only six months 
from the publication of our first article. Now it is up to others to exploit this 
knowledge while we turn our attention to other projects. 


REA KERR REE RHE 


From the July-August 1964 Journal of Borderland Research 


LAKHOVEKSY OSCILLATING CIRCUITS 


"The danger of strong reaction to a hopped up MWO, as told in the June Journal, 
reminds me of my experience with the single circuits. Months ago I wrote to Col. 
A.E. Powell and he sent me single circuits to wear around waist, neck ete. This I 
did for two months or so, daily. I'd been under the weather enough ta hope for 
benefit. Instead, I had three successive colds -- something I never, never had in 
my life before, even during the worst of my catarrh years. It never once dawned on 
me it could have been the Lakhovsky oscillating circuits; now I wonder?” 

A California Associate 
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Yes, it had been the experience of others that the apparently powerless 
Oscillating circuit, of only one wire looped around the body, can produce a strong 
reaction on living tissue. A San Fransisco Associate told us during our May trip 
north that she received a wire loop from Co. Powell and wore it to bed that night, 
and forgot about it. Early in the morning she awoke with such a violent pain 
through her middle she thought she'd die! She lay there and stuck it out until the 
pain left and went back to sleep. In the morning she awoke refreshed and ready to 
go, with the oscillating circuit still around her middie. It began to dawn on her 
that this was the cause of the pain, but it also had affected the healing of a long- 
suffered condition. At the time we were there, weeks later, the condition had not 
returned. Certainly no permanent cure of any condition can be expected unless the 
original cause in mind, emotions or spirit is changed, and if a person insists on 
indulging his vices, use of oscillating circuits may only cause needless pain! 


Keke RRR RAK RAK 


From the OCTOBER 1964 Journal of Borderland Research 


HE PREFERS VITIC TO MWO 
"Personally, while feeling the passage of the high tension flow from the 
antenna of the Multi-Wave Osciilator, I found no beneficial effect. On the other 
hand, the Associate with whom I obtained the MWO realized definite improvement. He 
has kept up the use and told me lately that he is feeling steadily better and lays 
the improvement to the use of the outfit. Some years ago I had frequent conferences 
(thru a medium) with one who was said to be Madame Blavatsky. During the course of 
these talks she dismissed the subject of electricity as of Jittle value in 
comparison with a study of magnetism. That in the study of magnetism lay the 
secrets of many valuable matters. I am ied to refer to this because I recently 
obtained relief, and apparent cure, from a troublesome irritability of the bladder 
by the use of a magnet. Other treatments had been of no value. I made no report of 
this until the fact was definite. The use of the magnet was experimental and came 
from the suggestions of a Chicago University specialist in the subject, relayed to 
me via various Blomagnetic reports and some correspondence.” 
Associate A.N. Onymous, Dixie, U.S.A. 


This letter from an elderly Associate was dated Sept. 3, 1964. It certainly 
provides an interesting and stimulating commentary on the material in the preceding 
pages of the Journal. Interestingly enough, we've had many reports of successful 
and continued relief of irritating bladder and prostate conditions from exposure to 
the MWO. In the Vitic device we now have a borderland gadget that is far less 
troublesome to build and to operate. How effective it is remains to be proven. 


THOSE LAKHOVSKY CIRCUITS AT WORK 
"About the lLakhovsky wire circuits, there is no other way to account for the 
consistently maintained energy I receive. I wear one all the time as do several 
others I know, all of whom report amazing results. One man past 80 finds it peps 
him up toc much, so he wears it intermittently.” 
Howard D. Clark, Yucca Valley, Calif. 


KAR RRA RRA KK 
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From Jan-Feb 1965 Journal of Borderland Research 
HE WORKED WITH GEORGES LAKHOVSKY 


"A friend of mine sent me your pamphlet describing the Lakhovsky Multiple Wave 
Oscillator. I was the first man that bought this instrument in New York in 1940, on 
the advice of a physician who saw it at a medical congress in Vienna. My young son 
had developed a face lesion. It was diagnosed as tubercular. I was having a joint 
office at that time with a progressive MD. TI was practicing dentistry. Her success 
with the MWO was phenomenal, but when she began to treat cancer cases the American 
Medical Association got after her and me and revoked our licenses. I had translated 
some of Lakhovsky's works into English from the French. Professor Lakhovsky came 
often to my New York office. He told me the Pope was using one of his instruments. 
The success obtained in the hospitals was excellent but the reports were suppressed. 
The good professor died of a broken heart. Our case Was a regular frameup by the 
AMA, the lawyers and the courts. I was foolish enough to fight the case and spend 
lots of money, not knowing that the AMA controls even the courts and judges. I 
still have some copies of the booklet and a photo of my Lakhovsky instrument. If I 
can locate them I'll send them to you. I sold my instrument to a doctor in Texas 
and left New York state in 1945. I am a _ licensed Naturopath in Florida and 
Chiropractor in California. Am enclosing $ for membership. I belonged to BSRA 
several years ago." Dr. N.S. Hanoka, Miami Beach, Florida 


RRR RAE KEE KEK 


From March 1965 Journal Borderland Research 
"THE SECRET OF LIFE" 


“I loaned my copy of Lakhovsky's 'The Secret of Life! to my chiropractor, also 
your Journal. He had one build and I've been taking treatments from him on the 
Multi-Wave Oscillator. After two treatments I got an awful cold and I have never 
blown so much bloody mucous out of my nose. Also, after each treatment, it would 
leave me weak. I would have to lie down several times a day. There always was a 
reaction but my bad sinus condition has cleared up considerable. I also had trouble 
with my liver and there were so many things that I hadn't been able to eat, for 15 
years or more. Now I can eat them and enjoy them. The MWO is certainly worth 
having and I am improving." Mrs. A.N. Onymous, Somewhere, Indiana. 


KRKA KE AEA ARK 


From the October 1966 Journal of Borderland Research 


HITTING THE HEALING TRAIL WITH THE MWO 


Sse dle cee ie ee Te eT nO 


“It would be appreciated if you would put an announcement in the Journal that 
Dr. S.L. Jamison, D.V.M., N.D. (Gr.Br.) announces the opening of a practice of 
naturopathy in Santa Cruz, California, 

“fhe climate has changed greatly from the old burning-of~books days by the FDA. 
We cannot all stand back and wait for “George” to do something. I have the 
advantage of a lot of training in a legitimate field of allopathic medicine. Only a 
veterinarian would be able to make such a move and escape retribution for it. A 
regular M.D. would be branded a traitor to his fellows. 

“I have moved to Santa Cruz to set up practice as a naturopath, using the 
M.W.0. unit, spiritual healing and diet ~- along with naturopathy measures for the 
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healing of old injuries and chronic degenerative diseases. There will be no charge 
if there are no results. Since my fees will have no legal status, this will be made 
clear to the people using the service so they will be under no compulsion to pay, 
even if results are satisfactory! 

“There are no incurable diseases but there are incurable patients! 

"With the M¥O we have not gotten uniform results classified by the disease the 
patient had. About two out of ten people do not respond to the MWO unit at all. 
You had just as well breathe on them. I strongly suspect that these people should 
consult an allopathic physician, M-D., as they would be helped better by 
conventional medicine. You might say our cases were selected, as people came to us 
in the last stages of sheer desperation -- conventional methods (including 
chiropractic) having failed. 

"Some of these (not many) also do not respond to the MWO. They usually respond 
to spiritual healing methods when this happens. This I have not figured out good as 
yet. Once in awhile an arthritic will claim to have been worsened by the unit. 
This occurs usually in an arthritic with arthritis in a number of joints. One 
treatment seems to break the poison loose in their body, and they fall like the 
wrath of hell about two days after. Get them in immediately and run them again, and 
everything is alright. 

“To sum it all up, I have got so I do not care what disease a person has got as 
long as it is not an acute infectious disease, or a recent stroke case. I have been 
afraid to try it on either of these as all we would need is for somebody to fall 
over dead while on the unit and we would be wearing striped suits or breathing HCN 
in a gasper chamber. . . The unit regenerates the whole body." 5.L. Jamison, D.V-M. 


RRA KK KKK KKK 


From the July~Aug 1967 Journal of Borderland Research 
A TRANSISTORIZED MWO 


“I would like to compare operational notes with some one who has built one of 
these MWOs because I question some of the statements made in the original article. 
I'll just give a brief description of mine and some of the things I ended up doing. 
I started with aluminum elements but had trouble with the gluing process so ended up 
with using printed circuit boards so my elements (antennas) are copper. I have good 
arcing between first four rings. Can make ‘em all arc if I bring point of wooden 
pencil near the smallest, but pencil must be held certain way or I'll get knocked on 
my haunches. 

"I ended up with a 9 in. Tesla coil. Tried 7, 6 and 5 but ended up with nine. 
The trouble here was with leakage between primary and secondary. Jt was terrific 
until I took means to reduce to a minimum. The transistorized drive I use is 
partially a hangover from the days of when I used transistorized ignition in my one 
vehicle. The ignition coil was modified to increase the step-up ratio and since the 
coil was mounted originally in oil, it was a ‘slippery as an eel' project. The 
dyiver uses 5 transistors plus diode and operates on a source power supply which can 
supply up to 20 volts d.c. The drive seems to function best at about 15 - 16 volts. 

"Now for a question. If Mr. Beck, as he indicated in his original article, 
reconstructed the circuits' of an original MWO in a certain man's house, why didn't 
you people publish a diagram and dimensional data on that original piece of 
equipment? That would be a project a man could sink his teeth in. Instead this 
pee-wee MWO which you now say is not much geod unless everything arcs. You mean 
arcing all the way down to the smallest ring?????7? When you get your up-dated MWO 
data published, let me know as I would like a copy. R.A. Rieck, Rechester, Minn, 
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Arcing between the first four rings, from the outside in on the MWO antenna, is 
about as good as any we saw when we were researching the instrument in 1964; so it 
sounds as though your transistorized MWO -~ the first we've heard of -~is doing very 
well and should be putting out enough energy to affect living cells. You any wish 
you had cut aluminum antenna rings after all. For some reason, the arcing between 
copper rings builds up deposits which must be cleaned off periodically. Bob Beck 
didn’t offer us a schematic of the original Lakhovsky equipment he saw. He said it 
was housed in a 300 1b. cabinet. The antennas were of circular-formed pipe rings. 
The outside ring was two feet in diameter. There was a large, separate Tesla Coil 
driving each antenna. This is a professional model designed to impress the patient. 
It also probably puts out enough static to antagonize the neighbors for blocks 
around. We believe Bob Beck deserves all credit for grasping the principle of 
multiple wave propagation developed by Lakhovsky during radio's infancy in the 1920s 
and redesigning it into a simpler, smaller device for present-day borderland 
research. 


LATER COMMENT ON THE MWO BY MR. BECK 

“The key factor is that the rings MUST are profusely all around the 
circumference of the outside and THIRD ring simultaneously. There is no effect, 
either ona calibrated Hewlett-Packard field strength meter, or physiologically, at 
the target frequencies if this arcing does not shock-excite the rings. And yet I 
have seen at least three machines that did not have sufficient voltage from the 
Tesla Coil to even drive the outside ring, let alone the third element! It would be 
a shame to invalidate the device because of this. Some of the machines I've seen 
drive the Model T Coil from an A.C. transformer! The obvious fallacy here is that 
the coil's vibrator is a resonant device supplying the make-and-break voltages (and 
magnetic field) to the T coil primary at the designed frequency. Since the 
transformer is on and off 120 times a second, the chances of the T coil points 
‘breaking’ at the precise instant that the 60-cycle house current is at a POSITIVE 
peak Ls about one in fifty. And even if it fires *sometimes', the T coil is 
modulated with the 120 cycle line (twice the 60 cycle frequency, since each cycle 
has two peaks, both a positive and a negative). 

"Try it at 300 mc. and 10 kmc. on a field-strength meter some time. You'll see 
what I mean. The Tesla Coil, incidentally, is just a convenient supply of free 
electrons. The cascade of electrons or ‘high voltage' breaks down the air's 
resistance (by arcing) and then drives the antenna rings. But if the drive is 
interrupted, the rings may not absorb and resonate properly. At any rate, it is 
difficult to kid the Hewlett-Packard meter, and I'd like to see the original design 
followed, at least for the first year.” 


AN IMPORTANT MODIFICATION 


“The greatest modification to date was the discovery of a box of war surplus 
very high voltage rectifiers in a bin at a Burbank electronics store. The 30,000 to 
60,000 voit selenium stack rectifiers.....eliminates the necessity for a tuneable 
gap, and roughly quadruples the output of the Tesla Coil, also lowers battery drain 
to half.” 
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Turlock, Calif. “Daily Journal”, Dec. 2, 1966: “Dr. Stanton L. Jamison, formerly 
in charge of the state Poultry Pathological Lab here, was arrested yesterday for 
practicing medicine without a license. The veterinarian is charged with using an 
electronic device -- with high voltage sparks crackling and jumping about on either 
side of a patient --with the claim it was beneficial in cancer and bone diseases. 

"After posting $1100 bail, Dr. Jamison defended his machine. He said parts for 
the machine cost less than $50. If someone followed up on the apparatus, he 
claimed, it would be a ‘blessing to humanity’. Police Chief John Viarengo, Lt. 
Bill Ladd and investigators for the California Bureau of Food and Drug Inspection 
took Dr. Jamison into custody in the offices of his Life Aquarian Center in the 
Mercantile Building. Lt. Ladd said a sign reading 'Universal Life Church, Inc.‘ was 
prominently displayed in the front office. He said four or five agents had been 
‘ordained' as ministers in the church by telling Dr. Jamison they wanted to become 
preachers. Soon their official ordination certificates arrived in the mail, said 
Lt. Ladd. 

“Police described the apparatus as similar to an electric chair, with four-inch 
metal rings looking like handcuffs hanging over doors to the room. The theory was 
to determine polarity of a patient with a penduium and then proceed to change 
negative polarity to positive with the 70,000 volt device. Chief Viarango said 
patients were being treated for a variety of diseases, including stomach ulcers and 
cancer. Investigation into Dr. Jamison's operations started in May, when police 
began receiving complaints from relatives of patients. No money was charged for 
treatment, according to Lt. Ladd, but patients were expected to make donations to 
the church. Dr. Jamison headed the state poultry lab here for a decade. He will be 
arraigned on the charges in Turlock Judicial Court next Friday morning. 

"In a statement released following his arrest, Dr. Jamison said the ‘muitiple 
wave oscillator’ picked up by police resembles many electronic gadgets used, usually 
ineffectively, in the past for treatment of many complaints. However, he insisted, 
his oscillator appears to be the exception that proves the rule. 

"'The unit suffers from a sort of ‘guilt by association’ with other electronic 
gadgets to the point where serious doubt would be the reaction of any trained 
scientist on first observing it,' he admitted. 'I know that this was my reaction.' 
However, he said he suffered continuous pain following a 1962 automobile accident 
and, willing to try anything, tried the unit. It helped him, he insisted, and has 
helped many others. He gaid the unit had been tested and checked by qualified 
medical men in Europe in the late 1930s. ‘Some progressive healer will follow up my 
lead in continuing to develop the electronic wit,’ he said.” 


RK KEK KR BKK 


From the November 1968 Journal of Borderland Research 
AN MWO PHENOMENON 


“Please find enclosed $ fer another year's subscription to your wonderful 
Journal. It has been very enlightening, and I always look forward to receiving it. 
T have taken treatments on the MWO for a long time and have been puzzled. Soon 
after I started to take treatments, the hair stopped growing under my arms. I have 
wondered about this and if anyone else has had the same reactions?” 


Mrs. E.H. Piqua, Ohio 


This is new to us! If any of you researchers have experienced or observed a 
similar phenomenon, we'd be glad to hear about it and share it with the rest through 
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the pages of the Journal. The Tesla Coil problem has been solved with the discovery 
of a good commercial coil made by Master Appliances, Marion Indiana. This coil will 
drive one antenna very well. 


REE KKK KEK KKK 


From the Jan-Feb 1971 Journal of Borderland Research 


THE PASSING OF CYRIL SCOTT 

“Cyril Scott, born Sept. 27. 1879 in England, died first week of 1971, 80 two 
friends here inform me. I'm always happy to see one who writes so intelligently 
regarding diet and health, vindicates his ideas by living that long. Not many do! 
BUT, I read in our local paper yesterday of the death of a former neighbor who died 
on lith January at 93, and she knew nothing regarding diet, positive thinking, etc. 
So, where are we? I can't ever make 2 & 2 come to four, woe is me. 

“Iwo small books come from Muriel Archdale, England, by Cyril Scott, 'Safe and 
Saner Remedies', and 'Health, Diet and Common Sense’. On page 162 of the latter he 
mentions the George Lakhovsky book, 'The Secret of Life', memory of which caused Mr. 
Scott to suggest using a copper wire around his middle to a man who was too 
breathless to walk far or uphill. The man wore the Lakhovsky loop for twelve hours, 
had a copious and offensive bowel movement, then on following day and another 
uphill walk, the man was able to keep up with Scott! I found my copper flex soon 
after but it is awkward to keep in place to make sure the negative end is to the 
left. Cyril Scott gives the homeopathic remedies needed, particularly emphasizes 
potassium for cancer.” A.F., Santa Cruz, California 


COPPER BRACELET CURES “TENNIS ELBOW" 

News Item from Crosby Golf Tournament at Pebble Beach, California a year ago. 
1/24/70: "Bert Yancey one had to give up golf because of a nervous breakdown. He 
also came close to quitting the professional tour last year because of a ‘tennis 
elbow'. But he didn't mainly because he found a remedy endorsed by Australian 
tennis pros John Newcombe and Tony Roche. The so-called remedy is a $7.50 copper 
bracelet, otherwise known as 'The Absorber' or a 'Voodoo Bracelet”. 

"Yancey wears’ one on his right wrist to correct an arthritic condition in his 
elbow and he has worn it for the past five tournaments, including the $150,000 Bing 
Crosby National Pro-Am, which he leads by two strokes at 137 going into today's 
third round. 

“'I don't know why it works, but it does,’ said Yancey, a 3l-year old former 
West Point cadet who finished third in the 1967 and 1968 Masters and won the Atlanta 
Classic last year. He said a tennis pro in Napa Valley suggested last summer that 
he wear the bracelet and got confirmation from Newcombe and Roche, who have suffered 
from similar ailments, that 1t would work. 

“Yancey strained his right elbow two summers ago lifting a concrete birdbath in 
the backyard of his home in Tallahassee, Fla. We took a pain-killing drug that 
enabled him to compete in the U.S. Open at Rochester (where he finished third), but 
he was warned that the drug w 'dangerous...that it gives you ulcers’. ‘'I never 
got ulcers, but I felt a pull in my stomach. That's when I quit using the drug.’ 

“He said he hasn’t needed the pills anyway, since wearing the bracelet. The 
therapeutic effect of the copper, he said, has to do with chemical displacement 
within the body. ‘I majored in chemistry while taking pre-med courses in college 
and I think I know enough about copper deficiency in the body to believe that, 
somehow, the bracelet can help me.' 
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“Somebody then pressed Yancey for an answer about what makes the bracelet such 
an effective remedy. 'I don't know for sure,' he drawled, ‘maybe it's all 
psychological.'" 


YANCEY WINS THE CROSBY OPEN 


Sports writers are always looking for a new angle for stories and Bert Yancey 
withstood a spectacular charge by Jack Nicklaus on the final round, with a 65, and 
came in with a hot round of his own a 69, to win the tournament and a cash prize of 
$25,000. Yancey and his Voodoo Bracelet were headlined all over the country. The 
LA "Times" called it a “Copper Caper” in its Jan. 26, 1970 story. 

AS was to be expected, the medical authorities in desperation had to prepare an 
immediate counter blast of propaganda to keep the public hypnotized. The sales of 
medical snakeoil went down as arthritis sufferers flocked to buy non-medical copper 
bracelets! The “Times” and other metropolitan newspapers willingly cooperated. 
After all, patent medicine advertising is a blg source of revenue, and who knows how 
much profitable pharmaceutical stock is owned by the publishers of the papers? 

The “Times medical writer, Harry Nelson, dutifully wrote: “The Arthritis 
Foundation, a legitimate group interested in getting better treatment for arthritis 
sufferers (There is a contradiction here, Harry, for medical authorities claim there 
is no cure for arthritis!) refers to copper bracelets as ‘an age-old fraud which has 
no scientific basis whatsoever’. Yancey is the latest sports figure to get taken by 
the ‘copper caper', which the attorney general of New York last summer called 'one 
of the oldest and most vicious swindles'.” 

These opinions by the Arthritic Foundation and the attorney general are of 
course; utterly worthless. They are not based on the resulta of intelligent 
scientific research, but are based on the profit motive of the medical trust. The 
electrical nature of living celis was established beyond any shadow oaf doubt two 
generations ago, by the sound theories and research of Dr. Abrams in San Fransisco 
and Georges Lakhovsky in Paris. Thousands of supporting tests since then have 
proven conclusivaly that body cells have polarity, and that in an unbalanced or 
unpolarized condition, disease or injury, the subtle oscillations of a wire coll or 
loop will restore polarity. Sad to say, there is nothing of this in the training of 
medical students today and it is left to Borderland science to carry the torch. The 
honest, straightforward testimony of public figures like Bert Yancey, Tony Roche and 
John Newcombe is ridiculed by the witch doctors of authority for medicine. 


— A RR I 


JUST KEEP TAKING YOUR EXPENSIVE PILLS! 


Under orders from above Harry Nelson interviewed Dr. John Calabro, the 
arthritis authority at University of California in Los Angeles, "He points out that 
the bracelets may seem to work because arthritis can improve spontaneously and it is 
easy for the person to associate his improvement with the bracelet. 

"'T tell patients it's OK to wear the bracelet providing they do all the other 
things I ask them to do,' said Dr. Calabro.” Including, of course, the purchase of 
poisonous pain killers at fancy prices. How much scientific integrity does Dr. 
Calabro have when he and his university accepts fat research contracts from the 
medical trust? Is it any wonder that today's Aquarian Age students are publicly 
questioning the morals and ethics of their professors? They are told that the goal 
of a university is the search for truth ~~ at least that is what the Chancellors say 
in their public speeches. But when the student pets to the laboratory he finds that 
the search is for profitable products for industry -- or help maintain a well- 
established profit pesition. 
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LAKHOVSKY BELTS, LOOPS or OPEN CIRCUITS 

"Thank you for the clarification of the Lakhovsky belts described by the late 
Col. Powell in his publication. I tried what you suggested and after some thought I 
finally understood what he meant and I believe the belts should look like this: 


You might want to try experimenting with flat ribbon cable for these belts or 
coils. It can be bought at most electronic stores and it comes in different widths 
or colors. I am wondering also, is it really necessary to separate the lamp cord 
and use only half of it? Could it not be used as it is, with two strands of copper 
wire, insulated, side by side?" G.B.F., San Fernando, California 


Yes, in our one-loop coils of white insulated lamp cord, we now use it just as 
it comes from the store, without separating the two strands. But you plastic 
"buckie' or "button' shown above may allow too much slippage; so the ones we make 
for ourselves and for research-minded Associates have Separate entrance and exit 
holes for each end of the insulated wire. The white insulated wire seems preferable 
from the hygiene angle, seeing that it is usually worn next to the skin. 


RAK RRK Ke KES 


From the March-April 1971 Journal of Borderland Research 
OUR LOOP-THE LOOP PROJECT 


"It looks to me like the Lakhovsky loops work homeopathically. It's not the 
copper element, per se, but the loop the loops it makes, throwing back into the body 
forces which the body 1s throwing off. It's an automatic homeopathic prescription, 


ce ene ee eee 


air. Urine therapy, drinking one's own urine, as described by Armstrong, is 
homeopathic. An ostrich putting his head in the sand breathes his ow air. 
Breathing into a paper bag and re~breathing the contents is a specific cure for old 
age pains and hiccoughs. Dianetics was mental homeopathy, i.e., the original book 
but not no more. Dianetics is re-thinking one's own thoughts. You imbibe your own 
aberrations, attaching like with like. Homeopathy is like a feedback system. Gods 
ate their own offspring. It's Isis picking up the pieces. The smaller the dose the 

more potent the cure. Etec. Etc. 
"Send me two kits of three experimental loops. Maybe I can fatten up on then." 
P.F., Florence, Arizona 
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HE FEELS LIKE A NEW PERSON 


"IT read that part in the Journal about the copper wire loop; so today I did 
loop one around me and sure enough the oscillating motion calmed me down. [t sure 
was a sensational feeling because lately at times it got so bad [I though I would 
spin off, even though 1 do the five Rites nightly. On occasion I also experience a 
terrific pain in my left side which forces me to sit down, just a great pressure 
especially after standing over the stove preparing meals for maybe three to four 
hours at a time. The customers just couldn't understand how I stood up under 
pressure of serving so many people. Seems like mass production. 

“So with this new item I feel like a new person! And I'm going to have you 
send me one of your experimental kits, to see how it compares to what I hooked up on 
myself. Of course I just taped the wire on and this is only about six hours since I 
put it on.” J.M.S., Charleston, South Carolina 


A DEDICATED BORDERLANDER 


"Enclosed is a check for membership renewal and for five sets of experimental 
loops. I want to compare the effects of the Lakhovsky coil with the Japanese-made 
magnetic health bands which I sell to my tennis customers. I am very active in 
tennis playing and teaching. The results with this band are very good.” 


A.M., Miami, Florida 
BEYOND THE PHYSICAL 


An Associate writes that she had success in “curing” and arthritic elbow by 
wearlng a copper bracelet on her wrist. Then the pesky condition showed up in her 
knee! From there is moved to another part of her body. Then it began to dawn on 
her that their Higher Self was trying to tell her something, that the swollen and 
painful joints were an outward manifestation of an inner mento-emotional condition 
of resentment and bitterness over an unhappy marriage. With the cooperation of an 
understanding doctor and more orthodox heat treatments, etc., and a wore positive 
and cheerful attitude on her part, the condition was finally eliminated. It took 


months to cleanse the system of the accumulated poisons, physical, emotional and 
mental. 


1920's era Violet Ray 
Massager. From the 
BSRF Collection. 
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Extraction of DMT from Mimosa hostilis 
crimes 


The DMT Workshop 


This 1280x720 MP4 video can be played with Windows Media Player J? (not available for Windows XP), QuickTime or with almost any Linux distro 
on a live CD or USB stick. Also available in various MP4 (Apple), WMV (Windows) and 3GP (mobile) resolutions. The video is free of charge 
although you are welcome to make a Bitcoin donation to 172GoBNE9LMkogRxmE2TKiéJwpFPFT Y 4et 


Introduction 


Mimosa hostilis root bark (MHRB) is widely available in powdered form and contains up to 1% DMT. The powdered root bark is usually boiled and 
taken after a harmine or harmaline containing plant such as Banisteriopsis caapi or Peganum harmala. Harmine and harmaline are monoamine oxidase 
inhibitors which make the DMT active orally and are quite nauseating. Boiled root bark is also very nauseating so these combinations don't usually 
make for an enjoyable evening. Another option is ggheapeamaste a more powerful pharmaceutical MAOT, which can be taken with extracted DMT 
(ideally as DMT fumarate) to avoid these problems. e C e 


Theory 


Traditionally an acid-base extraction is used. The root bark is powdered and acidified to around pH 3, usually with HCI. The liquid is filtered off or 
decanted and the process repeated three times. The collected liquid is then basified to around pH 10 with NaOH and extracted with a non-polar solvent, 
usually at least three times - shaken, not stirred! The DMT freebase is highly soluble in the non-polar but virtually insoluble in the aqueous phase, so the 
non-polar is separated off and evaporated to give a crude extract. This extract can be purified for smoking, although smoking or snorting DMT is not 
recommended as it is very irritating to the mucous membranes, due to its alkalinity. (Heptane can be used for crystallisation and is available in the US as 
Bestine, a rubber cement thinner). The crude extract is quite adequate for oral use however, or for the preparation of DMT fumarate. so the 
crystallisation stage is omitted here. (Heptane is less suitable for initial extraction from basified MHRB as it gives only two-thirds the yield of naphtha.) 
In practice the acidification stage can be omitted and it can be basified to far beyond pH 10, which helps to get a good partition without any emulsion, 
and saves using a pH meter. DMT is highly soluble in warm naphtha (up to 50 °C - DMT boils at 67-68 °C) but barely soluble below zero, so the 
naphtha can be recycled and the precipitate dried rapidly. (Recycling solvents is advisable as some DMT will remain in solution below zero.) The 
crystals below are produced by evaporation. Freezing naphtha yields a powder (in weighing boat below) which is less sticky and a paler yellow than the 
crystals, but probably of higher purity and considerably quicker and cheaper to produce. 


Chemicals and Equipment 


Deionised Water (from any car accessory shop) 
Sodium Hydroxide (Caustic Soda - for unblocking drains from DTY stores) 
Naphtha (petrol lighter fluid) 


Safety goggles and rubber gloves 
Glass bottle with plastic screw cap 
McCartney bottle or similar 
Funnel 

Pipette 

Three-valve pipette filler (optional) 
Poultry baster 

Rectangular Pyrex dish 

Single edge razor blade 

Scalpel 





MHRB powder Chemicals Equipment 
Method 


SAFETY GOGGLES AND RUBBER GLOVES MUST BE WORN AT ALL TIMES WHEN HANDLING CAUSTIC SODA 


1. Add_200 ml deionised water to the screw can bottle. Then add_5 2° of caustic soda while wearine_nrotective coeeles and cloves. Allow cnoush snace 
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From the Jan-Feb 1966 Journal of Borderland Research 


THE LAKHOVSKY MWO IN INDIA 

"The MWO is giving wonderful service and days are passing and I am gaining some 
hew experiences which have not been recorded in the book. I will appreciate if you 
kindly clear some of my doubts. In practically all the cases I am finding 
aggravation after three or four sittings. Do you think that it ig due to a sudden 
oscillatory shock that is given to the patient as it so happens when Homeopathic 
medicine is given? I feel that it should have at least been recorded by some one. 
One more question. What is the reason for metals being removed from the person of 
the patient? In case they are not removed will there be any adverse effect? This is 
very vital because here in Bengal there is a custom that the married ladies must wear 
one Iron bangle. They will not remove it under any circumstances. What is the 
remedy for this? 

"I find that the appetite improves in practically ali cases. Rheumatism and 
Arthritis cases are definitely benefitted. In one case a Tumour which is there since 
about 20 years has definitely gone down with only 4 sittings. I am watching the case 
carefully and if the Tumour disappears it will be a great achievement for the MWO. 
Debility is markedly reduced in nearly all cases. In a recent case of Spondylitis 
the MWO has done wonderful work. The flexibility was 8-1/2" from the floor which has 
come to 6" after 7 treatments and all the pains have practically disappeared. Due to 
the New Moon and Eclipse there is an aggravation but 1 hope it will gradually go. 
Asthma cases have not responded so well but I am not yet disappointed with the 
results. It is as yet too early for me to assess the capabilities of the MWO on 
various diseases. As you say I also believe that this instrument will work on all 
persons irrespective of their complaints but still there must be some specific organs 
on which there is more influence of this. 

"Something which I forgot to mention previously, can you tell me whether you 
have seen Hemorrhage as a result of MWO treatment? In at least 3 cases I have seen 
bleeding start where there was no previous history of bleeding. What is it due to? 
In one case there was profuse bleeding after 2 sittings and that has made me a bit 
nervous. Just now a patient reported that he was getting blood in the sputum even 
though there is nothing in the lungs. In the third case blood appeared in the urine. 
Please give a thought to this as this is a very serious complication if it is caused 
by the MWo.” Dr. A.K. Bhattacharya, West Bengal, India. 


The above is a portion of a letter to Associate Al Goeke, Redmond, Washington, 
which Al passed on to me for comment. I thought the rest of you would be pleased to 
know that this East Indian doctor has gotten very encouraging results from the very 
beginning in the use of the Muliti-Wave Oscillator. If by aggravation the doctor 
means a sudden release of mucous, heavy cold or flu, this is a sure indication that 
the MWO is working and affecting a release of accumulated poisons in the body. This 
{fs touched on in our brochure, in the comment from a midwestern doctor which built 
and used such equipment in the 1940's. When he began producing mild flue -- as he 
called it -- in his patients, he got scared off! The hemorrhaging by the doctor's 
East Indian patients is more serious but we believe it is still a result of the same 
thing, a sudden releasing of accumulated poisons through the shedding of bad biood. 
We know one oriental who had a heavy nose bleed after the first exposure to the MWO 
field. Apparently orientals, some of them at least, are more sensitive to the soft 
radio wavers than Caucasians living in America; so the doctor's prescribed treatments 
should probably he somewhat shorter in duration and spaced further apart. 

Yet I well remember the radio technicians in Honolulu, Hawaii. I was an 
announcer and producer there for several years. Some of them were of Chinese and 
Japanese ancestry. When repairs were needed on the radio towers, these men wouldn't 
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hesitate to jump on, climb up and work for hours while the station was putting out a 
steady five to ten thousand watts of power. I don't recail any of them suffering any 
ill effects such as internal bleeding. Yet their tools would get so hot because of 
the strong field that they would have to wear gloves in handling them! It was these 
eddy currents caused by an inert ptece of metal in the pulsing field that Bob Beck 
was concerned about. There isn't enough power in the MWO to cause heating in bits of 
metal about the body, if one can't strip down for an exposure. The piece of metal, 
say a zipper or a ring, might reduce the efficiency of the field in that area but we 
didn't worry about this when testing the equipment we had for a short while in 1964. 
I don't think Dr. Bhattacharya should either. The machine seems to produce results 
anyhow. 


ReK KKK RHE EAE 


Frow the March 1966 Journal of Borderland Research 


BASIC NEW AGE PHYSICS 
by Trevor Constable 


(Publication of Dr. Bhattacharya's letter in the Journal, page 20, Jan-Feb 1966 
issue, elicited the following significant comments by Mr. Constable.) 


Aword on Dr A.K. Bhattacharya’s reports concerning the Lakhovsky Multi-Wave 
Oscillator he is using successfully at his West Bengal, India clinic. The results 
are indistinguishable from those systematically recorded and published over a long 
period by the late Dr. Wilhelm Reich, M.D., concerning his "orgone therapy". Reich 
was the discoverer of Primary Energy -- pre-material and mass-free -- which he named 
Orgone. 

The improvement of the appetite, the reversal of rheumatism and arthritis even 
to structural changes, the rapid reduction of tumors and the hemorrhage effects are 
all to be found in Reich's massive clinical literature on orgone therapy. Dr 
Bhattacharya's reports, plus others any my own experiences with the MWO serve to 
confirm my previous evaluation of this unit as published in the Journal over two 
years ago. In essence, the MWO is a device for orgone therapy. It achieves its 


startling results because it is a generator of primary energy, or at least a focus 


for primary energy. 

Any person with a modest extension of physical vision who will observe an 
operating MWO under conditions of indirect, rather dim fluorescent lighting, will see 
for himself that primary energy from the earth's atmosphere (the Orgone of Reich) 
condenses prolifically between the coils of the unit. The concentration is many 
times that which normally surrounds a living organism. 

The basic New Age physics involved, for which we are indebted to Reich, are as 
follows: Wherever secondary energy, i.e. energy cbtained from matter in some way, is 
released, primary energy tends to concentrate to extinguish this energy. Secondary 
energy is life~negative, i.e. inimical to the living, a fact which is illustrated, 
in its ultimate extension, in the lethality of atomic energy. Where so-called "soft" 
radio waves are involved, the antagonism of primary energy to their emission is 
evidently considerably diminished over the violent effects that accompany radioactive 
substances in the presence of primary energy accumulators. 

In the case of the MWO, the tremendous band of frequencies covered results in an 
extreme concentration of primary energy, which also has its frequencies and 
correspondences (the Rates of radionics) with the secondary, electromagnetic 
spectrum. That this effect is achieved with minimal secondary emission is the beauty 
of the Lakhovsky unit. 
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TWO-FOLD FUNCTION OF THE MWO 

In my view, the dramatic results obtained are due to a two~fold function of the 
unit. First, there is the undeniable concentration of primary energy around the body 
of the patient, particularly potent where a limb or other readily accessible member 
may be exposed. Secondly, there is the reaction of the specific biological energy of 
the individual organism, from within, to the stimulus of the secondary waves, which 
it rushes to combat. 

Under the laws of primary energy first discovered by Reich, the patient, as a 
living organism, is a stronger vital system than the MUO. Accordingly the patient 
attracts and withdraws the charge of primary energy produced by the device. This is 
in direct contradiction to formal electrical laws, and as such is typical of the 
criteria that rule primary energy. The continued emissions of the Lakhovsky unit 
provide a continuous concentration of primary energy on which the patient draws. 
Just how long this process should be allowed to continue, per treatment, is where we 
run afoul of allopathic (MD) thinking. 

The acquisition of a strong primary energy charge by the ailing organism results 
in a reversal, or at least in the reduction of Jlife~negative, i.e. diseased, 
processes. Reich found with his orgone accumulators that the reduction of tumors was 
not as great a problem as the auto-infection resulting from the overloading of the 
excretory apparatus. The debris and bacilli from the diminishing tumors must be 
eliminated, and unfortunately, because the excretory apparatus is frequently involved 
in the general putrefaction of which the tumor is the end result, this was the major 
problem in managing such cases, in Reich's experience. 

The medical lectures of Rudolf Steiner, Ph.D., contain one of the master keys to 
successful therapy, particularly appropriate to the use of the MWO. Steiner points 
out that what the ailing organism needs is the significant, vital impulse in the 
right direction, then careful nursing and management as it recovers out of its own 
forces. This was also the view of another genius, the late Dr Ruth Drown, who knew 
from experience how important the first impulse back to health is for the sick 
individual. 

Hence, it seems that the old allopathic urge to convulse the patient with 
therapy, to repeat the massive dose again and again, is something that should be 
resisted in using the MWO, at least where tumors are being dealt with. The idea of 
applying the MWO in daily doses may stand in need of modification. We are all to 
some degree creatures of gross, non-vital thinking that stands behind our allopathic 
medical civilization, and we will need to carefully train and think ourselves out of 
the absurdity that the massive dose is the sine qua non of therapeutic success. 


THE TRUE“BLUE ROOT CAUSE OF DIS-EASE 

As far as unexpected hemorrhaging from the lungs and similar manifestations are 
concerned, I think the problem is essentially that diagnosis is se inept and 
inaccurate that the physician does not have a true blueprint of his patient. After 
my years of association with Dr Drown I am sharply aware of the fact that nobody just 
has one ailment or problem, but that we are all bearers of a veritable plexus of 
malfunctions which usually proceed from one primary and obscure root cause. What 
happens with the MWO is that the injection of primary energy into an atling organism 
results in multiple manifestations of the healing impulse, and not just a direct 
effect upon the object of our attention --which may be a tumor, ulcer or cther 
extreme symptom. 

All the effects produced by exposure to MWO units are identical to those 
experienced in orgone accumulator. The healing agency in both cases is primary 
energy, and IT hold that this is so no matter what plausible arguments might be 
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advanced to reconcile the MWO with formal theories and thus win the neurotically- 
desired approval of physicists and doctors. It perhaps seems incredible that one can 
obtain the same effects produced by the MWO by sitting in an orgone accumulator, with 
absolutely no electronic apparatus connected to is, but it happens to be so. Try it 
and see! 

MWO experimenters owe it to themselves to study Reich's work in full. As long 
as they wander in these fields, they may as weil build into themselves the 
realization that electromagnetic energy has an inevitable and unavoidable and 
inescapable concomitant -~ primary energy, life-positive, mass-free energy whose 
eriterla and laws are the exact opposite of the energy accepted by formal physics. 
The best testimony to Reich's tremendous contribution to human advancement is that he 
died in a J.S. Federal Prison. As all Borderlanders know, innocent bumblers die in 
bed in their own homes, untroubled by the status quo. 


Re REE KR KKE 


From the April 1966 Journal of Borderland Research 


MWO SURGERY AT SHASTRI VILLAGE 


AND RELATED MATTERS 
by Al Goeke 


I believe you and the Associates would like to hear the latest comments from Dr. 
A.K. Bhattacharya, Naithati, West Bengal, India on the Beck adaptation of the 
Lakhovsky Multi~Wave Oscillator he is using in his clinic there. 


“The other day I had an unique experience with the MWO. 1 think this should be 
published. I was treating a lady for rheumatism. After four sittings, once a week, 
she had a pain under the tongue and there was some inflammation with pus coming out. 
I asked her to take a further sitting. After about five minutes all of a sudden the 
thing burst inside the mouth and five pieces of stone came out. When I took her 
medical history I found that she had an operation two years before and a bit of 
Salivary Calculi was extracted, but the surgeon had told her that some still remained 
behind. The MWO treatment eliminated the foreign matter which would not have come 
out without an operation. This then paves the way for research with Gall Stones and 
Kidney Stones. I would like to know if anyone else had an experience like mine. 

"This time I can give you some reports about the special attachment you sent. A 
patient was having much pain in the knee and there was swelling. I held the Bulb 
against the knee for five minutes, and after that it was found that the swelling had 
reduced and the pain also was much less. In an asthma case I applied the Bulb on the 
chest for ten minutes. The report is the patient had no recurring attack for two 
days. Yesterday I was having pain in my thigh so I applied the Bulb. In five 
minutes I got wonderful relief. Gradually i am getting the hang of it and I think I 
will be using it more and more." 


I, too, am using the Argon more and more, and the more I experiment with it, the 
greater I think it is, also the MWO. I have had two test cases of young men who, 
after five minutes in the MWO, said they could feel something happening inside their 
heads. Both cases had a history of head injuries. I take it that the Myo 
reactivates a dormant, abnormal condition that perhaps one day would cause trouble. 
Another test case was a mental patient in Texas. The use of the MWO was part of the 
test program which brought about a marked improvement in only nine days. 

Some time ago a BSRA associate spent an evening with me and told of an 
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interesting borderland gadget. People came from miles around to sit in its healing 
radiations. I built one for experimentation and found the results good. A Texas 
Associate says that it works! The original was set in the ground, but I wanted it in 
the house where it would be more convenient, and figured on running a ground wire 
outsides but this is not necessary. I have found that it corrects polarity of anyone 
sitting in the same room. The one I built radiates out 25 ft. One length of 6" 
stovepipe is used, filled with alternate 2" layers of crushed granite, and of 
charcoal. For a quick charge of energy, touch your foot on wire at lower end and 
hand on wire or rod sticking out of the upper end. [ have checked the walls and 
ceilings or rooms (with pendulum) and found them negative. After a few minutes with 
this borderland gadget ina room, the walls and ceilings check positive! Here is 
something that should be shared with Associates. 


Copper Wire 
or Tube 









7X [Rk w-Grani te 
ihifste-Cha rcoal 
TA y="S ranite 
2 fer Charcoal 
Standar Sta: 
Length 
of 
6 in, 
Stove 
Pipe 
Wire lead 
Wooden 
w__Base 


ETHERIC CONDENSER 


(Here is our drawing from the rough sketch in Goeke's letter, of the borderiand 
gadget explained above. This is just another oof many simple devices which 
concentrate or condense etheric energies of the higher physical sublevels into a 
field or vortex of force available or useful in beneficial amounts to a living 
organism within that field. The drawing is not to scale. The dimensions are not 
critical. It is the relation of the parts that is important. You can consider the 
upper end of the copper wire as positive and the lower end coming out of the base as 
negative, but with the alternating layers of crushed granite and charcoal there must 
be an alternating or pulsating effect. Remember, charcoal is carbon, so this Etheric 
Condenser is a Vitic device, but not nearly so concentrated as the field between the 
Alnico magnets of Vitic. Iron filings sifted in the crushed granite would probably 
increase the power of this thing. This gadget would augment the power of your Eeman 
Screens, if you are using then, by adding extra etheric vitality to the circuit. Add 
long wire leads to the upper and lower ends of the Condenser, so you can hold one in 
each hand while holding the handles of the Eeman Screen leads. Which Condenser lead 
should go to each hand? I dunno! This is borderland research and you'll have to 
experiment on yourself, and be you own authority! This is one of the first 
principles of the Aquarian Age into which we are moving at breakneck speed. Now to 
continue Al Goeke's article. RHC) 
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GERMICIDAL EFFECT OF ULTRA-VIOLET LIGHT 

The use of the Argon bulb (General Electric AR-1) as a pain-kiiler and 
infection reducer is not a new idea. Nikola Tesla used a gas~filled tube or bulb, 
excited by high-frequency current to rejuvenate himself every day in his laboratory. 
40 years ago the RenuLife Electric Co. of Detroit was making and selling such a 
treating device to doctors all over the country. The offered a choice selection of 
vacuum tubes for getting into the body to release rejuvenating, purifying ultra~ 
violet rays. I don't know that their tubes were filled with Argon gas, as is the 
current General Electric bulb. Maybe this is why the GE bulb is so effective. There 
is a greater concentration of ultra-violet light in the most beneficial wave-lengths, 
from pure, excited Argon gas. 

We visited one chiropractor on a trip last year who used an MWO machine on his 
patients, and also uses the Tesla Coil of the MWO to drive the Argon bulb. General 
Electric designed this little gas-filled bulb for use on the regular 115 volt house 
current. As a very dimly burning, ultra-violet night light it is a good spook-chaser 
and can be left on all the time because it uses only pennies worth of electricity in 
a mouth! The little bulb has a curved metal plate inside it, as shown here, on which 
you can see a faint, ultra-violet luminescence when it is turned on, in a standard 
light socket. 


\ 





BUT, when you put a hundred thousand volts through it from the MWO Tesla Coil, 
that Argon gas gets real excited and throws off powerful ultra-violet energy which 
can penetrate into the body and destroy infection and break up tension, inflammation. 
Showers of sparks jump from the surface of the clear glass to the skin wunless the 
bulb is held so it touches. Sparks will also jump into your hand unless the socket 
mounting is well insulated. The mounting or socket shown here is the standard rubber 
base with heavy, six-inch leads for outdoor lighting. Our lecal hardware store sells 
the socket for 39 cents. The Argon bulb needs only one connection —- to the antenna 
lead of your MWO. The black and white leads from the socket can be twisted together 
and soldered to a female Banana Plug. This will take the male connection from the 
Antenna lead. The twisted socket leads can be wrapped with heavy, insulating tape if 
any of the ultra-high voltage gets through to tickle your hand. 

The chiropractor who makes use of this in his work asks his patients if they 
have any infected teeth, or a toothache. One five-minute treatment over an aching 
tooth, rubbing the Argon buib on the cheek over the infected area, stopped a 
toothache for us. It also relieved a throat, sore from too much lecturing. 

General Electric also makes an identical Neon bulb. This gas throws off an 
orange tadiation, which would probably give off more of a surface, heating effect 
because of the longer wave-length. You won't find these special bulbs in your local 
stores, probably, but will have to order them through some wholesale dealer, say an 
electric contractor and builder who has the GE catalog of special bulbs. A compact, 
professionally built Tesla Coil can be bought from Edmond Scientific Co, Barrington, 
New Jersey. It doesn't put out as much energy as the MWO coil designed by Bob Beck, 


but it will cause the GE Argon bulb to emit considerably more ultra-violet radiation 
than the 115 volt house current. 
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From the MAY-JUNE 1971 Journal of Borderland Research 


A HIGH-POWERED MULTI-WAVE OSCILLATOR 


A HIGH-POWER MULTI-WAVE OSCILLATOR 
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“Your brochure article stating that Georges Lakhovsky's original MWO had a 
separate Tesla coil driving each antenna is most interesting. This is in line with 
my experience here in Manila. I find that when livening up both antennas to full 
voltage, to spark each antenna down to the 3rd ring with an occasional slop-over to 
the 4th ring, it is much more effective than when keeping one antenna (or resonator) 
down to near ground potential; and it is least effective when actually grounding this 
antenna ~~ as Mr. Beck does --through a 1/10 MF capacitor! 

"One five minute treatment a week is enough for me and the equivalent of two 15 
minute treatments with only one antenna up to full voltage. However, I drive both 
antennas up to full voltage with only one Tesla coil. it has rather tightly coupled 
primary and secondary windings, wound as an auto~transformer, on a 4-1/4 in. diameter 
glass jar, as per enclosed sketch. 

“The present spark gap is 1/8 inch, a fixed, constant gap, needs no turning with 
variable distances between antennas, subject or no subject. The sparking is much the 
same and the gep is not at ali critical, 1/32nd, plus or minus, works just as well. 
Gap electrodes are 1/4 inch tungsten. The present primary circuit capacitor is .0015 
Micro Farads, but this also is not at all critical, can be varied up to .0025 and 
still give much the same sparking and effect on subject. 

“I tried using #28 Formvar wire, heavy insulated, 70 turns each on the 
secondaries, to shorten coil and get tighter coupling, primary to secondary, but coil 
was too short and flashed over from end to end. 

"Just plug it in and use it, no tuning manipulation of any kind required. The 
input of 115 VAC to the 10,000 volt ofl burner ignition transformer is only 17 VA 
through the 75 watt lamp as a limiting resistor. Never use more than a 100 watt 
lamp. This is all I can take. More power becomes rapidly depressing. And the full 
250 VA out put of the transformer I once used, with a 5/8 inch spark gap, was nearly 
fatal. It took me four months to get over the effects of it. Pass this info on to 
your Associates.” J. Gilbert E. Wright 


Associates can benefit from this dedicated borderlander's experience, which 
confirms Lakhovsky's warning that healthy cells can be over-stimulated and killed by 
powerful high-frequency waves =~ as well by X-ray and radium waves. It may be easier 
to locate Neon Sign transformers of 5,000 to 7,500 volts output as power supplies for 
this MWO, at a cost of $15 to $20. In this case the wattage of the “limiting 
resistor" electric light conld be increased to 150 or 200 watts, or eliminated 
altogether, if it is necessary to get enough power to cause random arcing down to the 
third and fourth rings on both antennae. The good doctor says nothing about 
shielding but care should be taken to prevent radio interference from this powerful 
spark. 


“No data is given in the drawing (May~June 71 Journal) on the size of the 
antennas. I would suggest that the outer ring be about 18 inches in diameter with a 
3 inch gap. Alternate down through the rings separating them about 2 inches apart 
and held together with plastic electrical tape. Wire should be #10 bare. The 
secondary leads connects to the second ring from the largest diameter outside ring.” 

George Van Tassel, Giant Rock, California 


An even more spectacular possibility is the Time-Machine effect in connection 
with rejuvenation. If, as Bob Beck suggested in his article, the MWO tends to take 
the body cell back down the time-track to a more youthful, more vital period, what 
would happen to a person who stayed in the field of the machine for four hours? 
Would his vibratory rate be speeded up to where he would disappear completely? Like 
the hero of H.G. Wells’ ‘Time Machine’? Anybody want to try it? It seems, from 
hints George Van Tassel has been dropping over the years, that his Integratron at 
Giant Rock, California might do something like this -- if and when he gets it 
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working! As I recall, both George and the Canadian Saucerian, the late W.B. Smith, 
spoke of the four dimensions of electricity: 1. is the electricity moving in one 
direction along a copper wire, 2. is the magnetic field around the. wire, 3. 1s the 
static charge created by the first two effects, and 4. is Time -—- or the 'tempic 
field’ as Smith called it. The Time Field equates with Space, where consciousness is 
everywhere present. Seems to me Lakhovksy’s Multiple Wave Oscillator is a gadget 
which gives us the opportunity -- for the first time -- of approaching the Time Field 
with scientifically acceptable equipment, operating in known frequencies. 


BIOPHYSICIST CONFIRMS LAKHOVSKY'S THEORIES! 


LA "Times", March 28, 1971: “The ‘magnetic resonance' of the nuclei of atoms (in 
living celis) has been used to tell the difference between cancer and normal tissues. 
This resonance is the reaction of the nuclei to electromagnetic energy -~first its 
absorption and then its emission. The process can be timed. 

“Raymond Damadian, a biophysicist at the State University of New York's 
Manhattan Medical Center, said his achievement may open the way to major advances in 
the diagnosis of cancer in humans... Like other attempts to find a way of making 
early diagnosis of cancer, Deamadian's research began with a hunt for significant 
differences between cancer and normal cells. 

"He relied on a law of physics on which nuclear magnetic resonance is based -- 
that the atoms in each element in the periodic table absorb and then emit 
electromagnetic energy on an individual wavelength that is different from that 
absorbed and emitted by the atoms of any other element. In his system, radio waves 
are aimed at atoms in strong magnetic fields. If the wavelength is the right one for 
that atom, the atom will absorb the energy and then emit it, returning to a 'resting' 
state afterwards. 

“The reactions differ according to the kind of molecule the various atoms are 
incorporated in. They also differ when very subtle changes have taken place in the 
molecules. The measure Damadian uses is what is called the 'relaxation time' of 
hydrogen atoms in water molecules within the (body) cells... He found that it takes 
longer for protons (nuclei) in cancerous tissue to ‘relax’ than it does for protons 
in normal tissue... The relaxation time of protons in normal liver tissue, as one 
example, Was .25 of a second, compared with .86 of a second for cancerous tissue. 

“Damadian's findings confirm the theory proposed by several scientists that 
water molecules in a normal cell are held in a fairly weil organized structure by 
electromagnetic attraction exerted by the molecules in the cell. But, it was 
theorized, when a cell begins the uncontrolled growth of cancer, the structure begins 
to collapse because of the cell's increasing disorganization. 

“Damadian thinks the device for detecting cancer in humans (his experiments were 
conducted on mice and mouse tissue} that may come out of his work would be a radio 
frequency coil to emit the electromagnetic waves to be aimed at the atoms in the 
water molecules under study. The device also would include a magnet to create the 
field required for measurement. 

"The coil would be wrapped around the patient while the magnet wouid be moved 
back and forth over his body. The reading of how long it takes the atomic nuclei to 
relax would be made and then computers would do the matching up and make the 
diagnosis." 


Interesting, isn't it, how the 1970s researches of biophysicist Damadian 
parallel the pioneering work of electrical engineer Georges Lakhovsky in the 1920s? 
The goals are quite different, of course, in that Damadian only wants to prove the 
existence of cancer 60 the victim can go on to be drugged, operated or radiated with 
destructive X-rays or Gobalt rays, at fancy prices, a procedure inspired by the 
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soulless monsters who guide the American Medical Association from the Lower Astral 
plane. 

The irony of Damadian's proposed diagnostic technique is that it combines two 
electro-magnetic healing procedures. If it is used on sick people, sooner or later 
someone is going to be healed of cancer while being diagnosed! Can you imagine the 
disagreeable shock this would cause in orthodox medical circles? Extensive surgery 
would have to be cancelled. The sale of drugs would be lost. Under these 
circumstances it isn't likely that his diagnostic technique will ever recetve the 
approval of the AMA. 

So, borderland science will have to continue to carry the torch of research on 
electro-magnetics in this area, as George Van Tassel is doing with his Integratron up 
at Giant Rock, California. In his newsletter "Proceedings" he gives more details of 
his research program there. We learn that in addition to creating a field of soft, 
high frequency radio waves, and a magnetic field, the Integratron will also bathe the 
subject in an atmosphere charged with negative ions. 


HOPPING UP TRE RIGHER FREQUENCIES 

"There is one thing you may wish to try on the MWO. Close the center hole in 
the driven antenna with a washer and screw. Connect this to the driven ring (second 
ting from the outside) with a 500 mmf condenser, 10,000 volt rating. This increases 
the power of the higher frequencies. JI think you will be pleased with the results. 
Mount the condenser at the back of the antenna. Mankind has been saturated with the 
lower frequencies for years; 60 cycles and their first few harmonics are almost 
everywhere in more than adequate power. Radio, TV, radar, ete. also saturate our 
world but the amount of power available to the average person is very small. in 1942 
I used to cure my sinus trouble in minutes by getting close to the transmitter 
section of a radar transmitter. Few get that close, though, and it is a good thing as 
this power can kill. I have seen birds and larger animals killed instantly. It can 
happen to humans, too.” H.B., Melbourne, Florida 


SEND A FEW BUTTONS 


“Received the Lakhovsky loops and am pleased to feel the response to the body. 
I wear my belt only at night. I gave one to a friend who was having a problem with 
her leg and anticipating hospital treatment for same and the response was also to the 
good... So all JI want now is for you to send me a few buttons so I can make some 
more Loops myself and help to lessen some misery around here, for someone. I tried 
to have some buttons made here, but no success." J.M.S., Charleston, S.C. 


The non-slip loop buttons we make are of 1/16 inch thick, white fiber glass 
plastic. 
MORE POWER NEEDED 

"Enclosed is $. Please send me the magnet assembly with carbon rod (March~April 
71 Journal). Have not had the hoped for results with the loops. Possibly the 
assembly, which can be used more directly over the research area, will be wore 


effective.” M.S., Ellensburg, Washington 


If we've proven one thing in our borderland research, there is no single cure 
for any or all of mankind's ailments. Injury and disease are outward manifestations 
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1. Add 200 ml deionised water to the screw cap bottle. Then add 5 g of caustic soda while wearing protective goggles and gloves. Allow enough space 
for shaking - the bottle shown /|s # pint vinegar bottle (568 ml). The caustic sodz will need shaking to dissolve, or the boule base will become very how 
Once dissolved add 20 ¢ Mimosa hostilis root bark powder - a large bore funnel is useful. (Buy powdered root bark as the wooden stuff is likely to 
wake the bottle and leave the basified root bark 
ow an hour - plastic bottles are not recommended 





destroy your coffee grinder!) Wear a dust mask when handling the powder as it goes everywhere. Si 
overnight. To speed things up the sealed bottle can be placed in a saucepan of warm water up to 60 °C 
as they often develop cracks when heated. 






2. Add 30 mi saphita (35 g). recap the bottle and warm in a water bath to G0 “C. Loosen aud red 
weak a plastic wine cork should fit well, but ensure that it is held firmly during agitation, Remember that naphtha fumes are flammable. (If necessary 
wrap PTFE plumbing tape around the cork to get a dght fit.) The bole must now be shaken vigorously for at least a minute while wearing protective 

goggles and gloves - the DMT shuffle! Leave the bottle to rest in the water bath at 60 °C after shaking. After a few hours there should be a clear 
parlition between the caustic soda solution and the ngphthx floating on top. Allow the boule to cool. remove the cap or cork slowly and use & pipene to 

remove all the naphtha - you may need to tilt the bottle and use a long pipette - wear protective goggles and gloves in case of spillage and remember that 

naphtha is highly flammabie. The poultry baster and long pipette fit together with plastic tubing (shown on the baster) so it can be inserted into the 
screw cap bottle. (The 44" tubing fits over the end of the baster and inside the open end of the long pipette.) Alternatively a three-valve pipette filler can 
be fitted 10 a long pipette. These clever devices haye pinch valves for Air. Suction and Empty and can be purchased cheaply on eBay. A McCartney 
bottle is useful to help separate the phases as this is impossible in a wide vessel. Use a pipette to remove all the naphtha from the McCartney bottle and 
empty it into a rectangular Pyrex dish. Place the Pyrex dish in a freezer for a few hours 


heen the cup to release any pressure - if the thread is 











3. Remove the Pyrex dish from the freezer. Tilt it so that the naphtha can be removed from a comer with a pipette and place it in the screw cap bottle, 
making up the volume with fresh naphtha if necessary. (Pouring the naphtha from the Pyrex dish will remove crystals.) Invert the dish to keep dust out 
and leave at room temperature until all the remaining naphtha has evaporated. You should be left with deposits of tiny crystals which can be scraped up 
with a single edge razor blade. The crystals can be scraped off the razor with a scalpel into a Rizla paper - keep the scalpel blade in a wine cork when 
hot in use. Repeat the process until no more precipitate appears - remember to loosen and retighten the bottle cap to release any pressure before shaking. 
To save elbow grease a laboratory shaker can be used for the agitation - for best results it needs to be mun at full throttle and on thefloor for safety 
Vigorous agitation will create an emulsion which can take a few hours to resolve in 4 warm water bath, but gives a much greater yield than gentle 
agitation. {f emulsion remains in the naphtha. the phases should separate in a McCartney bottle. If smaller or larger quantities of caustic soda are used 
the emulsion will not clear as well - the ratio of 5 g caustic soda : 200 ml deionised water : 2) ¢ MHRB poweer gives optimum results. 











4. ‘to purify the extract, add to naphtha in a sealed jar or McCartney bottle. Place on a hotplate stirrer until warm and thoroughly stirred. Once dissolved, 
decant off the naphtha from any crud with a pipette and freeze precipitate as before. This will give a fine yellow powder shown in the weighing boat 
below. Freebase DMT should be stored in an airtight container in a freezer. 








Partition Crystals formed by evaporating naphtha 





Powder precipitated by freezing naphtha Freebase DMT 


Bulk Extraction Methods 





In the bulk extraction below. 12 g caustic soda is added to 360 mi deionised water in four ml olive oil bottles and shaken thoroughly. 62 g } 

then added to each bottle, shaken thoroughly and left overnight. 62 mi naphtha is then added and after warming on the hotplate, each bottle is secured to 
the shaker using stick-on Velcro (from haberdasheries) and bungee straps. Each bottle is agitated for one minute at full power and returned to the 
hotplate until the emulsion resolves. If emulsion remains in the naphtha, the phases should separate in a McCartney bottle. Three extractions are usually 


required. Both hotpkite and shaker are operated at ground level for safety. 














Olive Oil Bottles on Hotplate Olive Oil Bottle on Shaker 
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of an invisible cause, which may involve three or four levels of consciousness and 
extend back two or three lives. You Director has found in over thirty years of 
counselling people on their borderland problems, half of them don't really want to 
get well, they just want to be free of pain so they can go on indulging their vices. 
And by the time the hidden vice surfaces as a disease in some target organ of the 
body, ean unhealthy trend has been established in the cell life there. It usually 
requires a strong jolt or shock to reverse this trend, such as a powerful magnetic 
field, a drug, chiropractic, even surgery -~ anything to break the negative pattern 
which created the condition. One of the simplest and most effective methods, and 
cheapest, is fasting for a week or two. This gives the system a chance to purge 
itself of all filth. 


OPEN ENDED COPPER BRACELETS 


"Your article on copper bracelets sent me to the typewriter! It is quite well 
known in England and has figured on TV as anklets for racehorses! Open-ended copper 
bracelets sold freely in shops for some years here, but not recently. However, I 
have a copper bracelet from Rhodesia which I wear always, never take it off, and of 
course no arthritis or rheumatism. But I'd like your experimental loops for throat, 
waist and wrist. J.G., London, England 


THE PRO AND THE CON 
"Thanks for the wire rings. Sorry to report no favorable results. My husband 
refused to try. I wore them several nights but seemed to feel even worse afterward. 
It was a good experiment. I guess my trouble is psychosomatic.” 
Mrs. A.H., Enid, Oklahoma 


“I want to thank you for sending me the kit of Lakhovsky coils. 1 especially 
appreciate your taking the time to prepare a larger-than-usual coil for my chest. I 
guess I'm, too young to have any really serious physical ailments -- except for 
insomnia! And the coils eliminated that the first night I wore them to bed!” 

J.T.D, Venice, California 


REE RRE KKK KEK 


From the September-October 1971 Journal of Borderland Research 


UPGRADING CELLULAR ACTIVITY WITH ELECTRO-MAGNETISM 
By Aaron H. Steinberg, Ph.D. 

For too many years now the scientific knowledge of electro-magnetics and its 
positive effects on cell life has been collecting dust and cobwebs on the shelves of 
ignorance, brought on by those special interests who fear the Truth. We are now 
seeing a rebirth, if you will, with scientists both professional and amateur, who are 
reviewing the work of their predecessors and making improvements in the mechanical 
application of magnetic fields. 

In 1969 I visited the USSR to see for myself what and how they were utilizing 
Electro-magnetism. In several country homes for retirees I was most pleasantly 
surprised to see electro~magnetism used daily on most of the old folks. I should say 
young folks since may who claimed to be over 100 years young, looked and acted like 
most people at 50! The main object of the E-M was to reverse the ageing process by 
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altering the cellular structure. I was most anxious to purchase 4 plece of the 
equipment, ‘but alas no sale. 

Seek and you shall find has always been one of my dominant characteristics. So 
when I learned that Japan was truly advanced in this field, having been using such 
equipment since 1936, I decided to go there in 1970. I sought out the one conpany 
that had been most productive in this field. They were most kind and cooperative. 1 
was introduced to several scientists who had done much useful research. Their claims 
were backed up by scientific facts and I was convinced that they had a well 
constructed instrument, simple to use by anyone so desirous. They named their 
equipment The Magnetizer. 

I returned to the U.S. with a Magnetizer and immediately began a research 
program. I can report that the results obtained to date have been most favorable, 
after nine months of experimentation. The magnetic flux generated by the coils can 
be measured accurately over any part of the body, thus determining those areas where 
the flux is penetrating as well as those where it is weak. 

Chemicals and pollution are surely contributing to an unhealthy alteration in 
our cellular activity and human magnetic filed. It will be many years, if at all, 
before this mess can be rectified and controlled. But in the meantime, those who are 
aware and see the danger signals, will not sit by and wait for the clean up, which 
may never happen. Instead they will seek to upgrade their cellular activity so that 
the body's natural resistance may be at peak ohms. There is some indication that the 
aura force centers known as chakras or vortexes are stimulated by electro-magnetism. 

From the Japanese scientists I learned the following about the effects of 
magnetic flux. It is different from ordinary electric current, which only flows 
along the surface of matter. It is different from X-rays, which do not penetrate the 
bones. The magnetic flux of ultra-long wave generated by the Magnetizer penetrates 
deeply in muscles, fat and bones and has an intensive effect on the nerves. 

Magnetic flux never causes unpleasant sensations in the body, such as pain or 
shock, but instead produces comfortable, warm sensations. These sensations are also 
known as Joule's heat, which strengthens the function of the cell, corrects spasms 
and inflammations. When magnetic flux passes through tissues, a secondary electric 
current called the eddy current is created around the magnetic lines of force in the 
tissue cells, which ionized the protoplasm and rejuvenates the tissues as a result of 
activating metabolism. Furthermore, magnetic flux, in the process of penetrating the 
tissues, works to increase hormone secretions. These maintain youth by providing 
energy as a result of normalizing function of the internal organs. 

Flux strongly stimulates magnetic substances in the blood, like iron. 
Accordingly, the hemoglobin in the blood vessels moves actively, accompanying the 
lymph circulation, when the Magnetizer is turned on. The therapeutic effect is not 
singular but collective, thus eliminating constitutional weakness. 


RAK RRE KKA KKK 


From the May~June 1971 Journal of Borderland Research Clips, Quotes & Comments 


OSCILLATING LOOPS AND COILS 


“I have a necklace which is definitely an oscillating circuit. I'm sure you 
have seen them. They are a wire around the neck instead of a chain. The only thing 
is that they come with a hook arrangement to clasp them. IT cut the ends off, and 
rounded them to make a real oscillating circuit. Then, too, I got a pair of earrings 
which are simply coiled wires, like this: 
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One of these days maybe I'll have a headache (this is rare), and I will try either or 
both of these. Mrs. C.M., Watertown, Wisconsin 


REMEDIES, HOMEOPATHIC AND ELECTRO~MAGNETIC 


"You might spread the word around that the Copen Vibro-Potentizer actually can 
make any Homeopathic remedy in any potency from 1X to 10M. 

“Since the medical-industrial complex is trying to destroy Homeopathy and its 
pharmacists, those who know of it and are doing research on its remedies would do 
well to get such a machine. It can also make a remedy from a radionic rate. I made 
Skull~Staphyleococcus 10M and reduced an intractable sinus infection. The 
possibilities are fantastic and open up a new field in healing. One can make color 
remedies and aura remedies with greater power than radionic treatment of the same." 


From his own research this Associate is suggesting that homeopathic remedies, 
being closer to physical matter than radionic treatment rates, may bring physical 
body changes more effectively. A hundred years ago in Philadelphia, Dr. Pancoast was 
curing practically every known human disease with colored light, either blue or red. 
But he (she?) also prepared color-treated dosages of oil or water for internal use, 
to back up or augment the shining of colored light on the outside of the bedy. 


“May I remind you that the Multi-Wave Oscillator requires an antenna without any 
edges, to give efficient radiation. Lakhovsky's original had round bars or tubing 
with spherical ends. Edges lose most of the radiation. In addition the largest ring 
should be based on that fundamental resonance of the human organism, 3.66 meters as 
discovered by Bell Laboratories. This could be a quarter-wave antenna length of .91 
meters or a circle of pi diameter. 

"However, this should be doubled so that the human organism resonance is the 
first octave. Individual resonances vary slightly above and below 3.66 meters. By 
giving lower octave and with the variations supplied by the spark gap all wavelengths 
would be reached. Therefore, the outer ring should be 1.82/pi meters. 

“The relative size of the outer rings could be determined by examining one of 
Lakhovsky's original antennas. The outer ring should be fed current at both ends, 
quarter wave style, I believe (to a H.V. Coii)} not at the middie of the second ring 
as the Beck antenna does. The frequency of human resonance, 3.66 meters or 
approximately 84.6 megacycies is the key to radionics. {By my calculations, using 
the formula wavelength in meters (3.66 meters) equals (=) the speed of light in 
meters per second (300,000,000 m/s) divided by the frequency in cycles per second, I 
figure the frequency to be 81.97 megacycles. T.B.] The human sample or witness -—~ 
blood spot, etc. radiates around that frequency, varying according to the disease and 
the person, I believe. The homeopathic remedy also has a resonant frequency and 
alters the human frequency for better (or worse). In addition there are harmonics 
and possibly sub-harmonics. 

"The resistance rates discovered by Dr. Abrams, followed by Guyon Richards, are 
still valid even though this work was done 50 years ago. The rate for Aqua Marina 
(sea water) put on a Copen Y.P. produces a very effective remedy good for almost 
everyone. This rate comes from Richards' book 'Chain of Life', 1934." 

S.M.S., Chicago, Illinois 





We welcome this Associate's observations on the MWO antenna, radionics rates and 


homeopathic remedies. 
Riley Hansard Crabb, editor JBR 1959-1985 
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BSRF MWO Update - Issued May 31, 1988 


Compiled by Tom Brown from the BSRF Files 
In consultation with Eric Dollard & other BSRF Associates 
(Contains the complete 1986-87 MWO Update materials) 


Ags there has been a continuing strong interest in the Lakhovsky Multi-Wave 
Oscillator we felt the need to compile this information into the present book. This 
documentation is the result of a wide variety of analysis and experimentation with 
the MWO and covers many years of active research. 


There have been many comments made concerning the inherent healing effects of 
the MWO, but as it cannot be stated enough, the device is merely a tool of research, 
of which one may draw their own conclusions as to whether or not the device actually 
has any healing properties. It may be interesting to note that in a personal 
conversation with Dr. Ita Wegman, Rudolf Steiner stated that electricity, magnetism, 
and the force upon which nuclear phenomena is based, are all corrupted ethers. 


We have found through studying Goethe's indications on the phenomenon of Light 
and Color in conjunction with Eric Dollard's high frequency researches that 
electricity is a reflection of the Light Ether. This matter is being discussed 
further in The Journal of Borderland Research, so it is sufficient for present 
reference to say that Light has its two poles, red~yellow and blue-viclet. The red- 
yellow pole in nature is longitudinal (direct rays from sun) and the bive-violet pole 
is a progressive type of transverse wave (rounded sky, Reich's KRW wave/blue orgone). 
Electricity has its two poles, electro-magnetism: red-yellow-hot, (retarded 
transverse); and dielectricity: blue-violet-cold (longitudinal). Hence, there are 
experimental indications that electricity really is a reflection of the Light Ether. 


In light of this trail of thought we quote with permission from a 1986 private 
communication with Trevor James Constable: "The MWO I regard as a faise path. The 
cellular stimulation theories sound and seem good because they are mechanistic, and 
therefore sympathetic with the mechanistic weltanschaung. With the MWO you can avoid 
the etheric-~or so it seems-~and therefore those who feel adrift in the etheric ocean 
cling to things like this. Healing is one hundred percent an etheric problem. Any 
dysfunction or hyperfunction not caused by direct trauma has to be tackled via the 
ether body, and even the direct traumas respond best to etheric correction, such as 
getting the displaced double back into occlusion through the use of arnica 
compresses, etc., etc. In between the MWO antennas, there is a general marshaling or 
focus of light and chemical ethers. Its quite evident even with a minor extension of 
vision. This is the healing agency, not the sparks. The ether rushes to suppress 
the EM activity, and because it is low power, the ether accumulates around the 
spiralis and in between them. Any stricken area placed in such a high concentration 
of formative energy, is going to respond with a return towards normal. BUT, why go 
to all that trouble when a simple orgone blanket--a layered structure that can be 
directly applied to a traumatized or dysfunctional area--does a much more efficient, 
controllable job without that infernal juice. In my time with Ruth Drown, I heard it 
over and over again, and I pass it on to you: keep that 115V juice away from the 
organism. The post material EM energy is life negative, but no one seems to feel 
that they can get results unless they INJECT the alien EM activity into the stricken 
carcass. It's pure ignorance really. My own experience with orgone accumulators and 
blankets leaves me with no other choice but to regard the MWO as superfluous. A good 
rule for any experimenter; If it gets simpler, you are on the right track. Remember 
always Steiner's dictum: “the spirit of man is always healthy!.....it is the 
obstruction or dysfunction in the lower sheaths that distorts the manifestation of 
the spirit and personality via the body.” 


84 


ay 


pay 
4 


ey 






Photo 2 
Single antenna version 
from the BSRF collection 
(Resonator antenna can 
be attached at ground) 
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Photo 1 
"Beck" style MWO from 
the BSRF collection 
(note: foot plate at lower 
left goes to ground) 





Not much more need be said in that vein except that of a reinforcement of 
Trevor's comment. Our present seciety is not on the path of Nature so therefore some 
people feel the need for a device such as this. Wilhelm Reich discovered how to 
concentrate the living energy of the universe, which he termed the Orgone. The Yogic 
sciences teach us how to accumulate this energy without any outside apparatus, so 
therefore the simpler and more passive a device is, the closer it resembles Nature. 


In the following pages you will find some of the results of MWO experimentation 
and consideration by BSRF and Associates. We hope the information proves useful, but 
again it is for research purposes only. We do not recommend the MWO for medical use 
because we are not qualified to give medical advice, nor do we want to create any 
false hope where one may neglect professional health care. We do fully support a 
persons right to investigate and research with devices such as the MWO. No one has 
all the answers and the MWO is an interesting device which deserves true scientific 
verification or rejection. 


THE BASICS 


The general theory behind the MWO is to excite a concentric ring antenna which 
produces a wide spectrum of radio frequency waves. In this theory it is understood 
that the RNA-DNA coil in the nucleus of every cell has a resonant frequency within 
this range. Just as a tuning fork will ring when an identical fork is struck in 
close proximity, the cells will resonate to their individual frequency pulled from 
the frequency ocean of the MWO. Most people don't consider that there are different 
types of waves and two poles of electricity, and these distinction have not generally 
been noted. 


The antennas on the currently popular “Beck" MWO system, serve as simple 
capacitor plates which transmit dielectric waves out of the Tesla Coil (see figure 1 
and photos 1 and 2). The second MWO plate in such a system must be connected to a 
second Tesla coil or to a double pole (half wave) Tesla coil (May~June 1971 JBR), not 
a single pole (quarter wave) Tesla coil as per the Bob Beck/Klark Kent style MWO. 
Action in the MWO antenna is neutralized by the fact that capacitor currents flow 
radially inward and little electron current flows around the loops. Copper plates 
can be substituted for the ring antennas. This system operates 1000 times stronger 
if a spark gap exists across the double coil. A description of the action is in 


LS ———————— TT AR  errretrerert 


Lakhovsky's Multi-Wave Oscillator, as pictured in THE SECRET OF LIFE and 
reproduced here as photos 3 & 4, created a structured electro-magnetic field fed by 
two wires contacting the ends of the outside ring of his antennas. This is obviously 
an end-fire antenna so the component reaching the person is a novel energy needing 
clarification. Several researchers have expressed that Lakhovsky used a quenched 
spark gap which creates damped waves allowing free oscillation in the antenna. A 
Tesla coil is not required since the Multiple Wave Oscillator IS THE COIL. However a 
Tesla coil still can be used as the high voltege power supply. 





Lakhovsky’s patents will cover both types of units so it seems as though he 
experimented with both, but the pictures in THE SECRET OF LIFE are an indicator as to 
what he actually used. After having gone over the patents I'm beginning to think 
that Lakhovsky buried his secret to mislead copycats. That is the Purpose for a 
patent, to protect the inventor. The Tube MWO Patent 2,351,055 gives some 
interesting insights into the overall picture of Lakhovsky’s work and study of it 
will provide many research leads. 
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Lakhovsky’s Multiple Wave Oscillator 
~ Sse esngTeREEECAERTR Photo 4 


PSU ar os oR Lakhovsky’s MWO. Close-up of transmitter in action, showing 
sa ee oat ie effluve (electric brush). Note this is end-fire antenna. Regeneration 
i i may have come from novel component at 90° to antenna plane. 
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LOG PERIODIC ANTENNAS 


Our research indicates that Lakhovsky worked with log periodic antennas and may 
have been the first to use them. The antenna will create a harmonious structure in 
the ether. The Beck style MWO produces a dielectric field 90 degrees out of phase 
with this, and utilizes the dielectric breakdown (arcing) of the field. This is 
basically a radio frequency noise generator and the most popular derivation of 
Lakhovsky's first MWO patent. 


Scaling the rings non-uniformly using correction factors is not needed 
according to log periodic antenna theory (see figure 2 and photos 5 & 6). Lakhovsky 
states that any high frequency radiating circuit will drive the antennas. We are 
striving for waveforms mirroring the harmonic laws of nature. As an example the old 
Yagi antenna has non-uniform distribution of the elements. Log periodic design uses 
the uniform distribution of the elements such as is found everywhere in nature. This 
presents superior MWO performance. Lakhovsky's Speaker and Microphone Patent 
indicates that the log periodic design can be applied to sound as well as radio 
frequency energy. 


LAKHOVSKY'S MWO 


Figures 3 & 4 are a preliminary attempt by Eric Dollard to accurately reproduce 
the MWO system as pictured in SECRET OF LIFE. Figure 3 is a simplified version for a 
single antenna, figure 4 is a double antenna system. Photo 7 is an experimental 
setup utilizing this design. We feel that Lakhovsky was working with quenched spark 
gaps which produce damped waves in the form of the antenna. This type of circuit is 
needed to power log pertodic antennas to create their structure in the ether 
harmonious with the Golden Ratio structure of the human body and life in general. 


This information is not definitive, but is the result of experimental and 
theoretical considerations. We present this so that Borderland researchers can carry 
on with new input. We are not saying that the “Beck/Kent”" models do not work. There 
are many claims that they do, but based on Tesla's theories, rather than Lakhovsky's. 
Figure 1 unit works off of longitudinal dielectric waves (displacement current). 
Figs 3 & 4 work off of Transverse electromagnetic waves (Hertzian) and residual 
scalar waves. 


Figure 5 is a low power driver based on the Steinmetz lightning wave, a 
reproduction of the wave naturally occurring in the atmosphere. Values given need to 
be experimented on for optimum pulse formation. A mathematical analysis of this wave 
by Steinmetz is included as an addendum to this book. See DISTRIBUTED SERIES 
CAPACITY. 


GOLDEN RATIO ANTENNA 


Eric Dollard has designed a log periodic antenna based on the Golden 
Proportion, as found in living systems such as plants and animals. These antennas 
are two sided, the first side looking somewhat similar to currently used MWO 
antennas, the second side being capacitive loading (as Lakhovsky mentions, he used 
spheres on the ends of his antenna rings) based on the Golden Ratio. This design can 
be seen in photo 8. These antennas are gold plated to provide direct contact with 
the ether. Their actual size is 12” in diameter. 
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sae epi MWD Pove® May=June 1986 JBR, 
Fat At ~ aa SUPPLY Page 33 
~ SsformeR 
Action of Lakhovsky setup 
Electrical 
: connection 
i Outer antenna ring N 
. (crossed hatched lines p 
‘- indicate plane of antenna) 
; Novel component that kK 
os thay regenerate cell tissue. j % 
(at 90° to antenna plane) BLY 
. EM. radiation 
(end fire antenna, effluve not 
ct necessary during regular operation) 
Photo 7 
i Goldea Ratio antenna driven by 1919 era 
- double-phase marble-top medical Tesia Coil. 
7 Mid-frequency D’Arsonval cusrents are utilized 
in this arrangement. Setup is as per Figure 3 (above), 
and is our understanding of the arrangement as utilized 
ined in THE SECRET OF LIFE. Cail donated to BSRF by 


John Crane from laboratory of Royal R. Rife. 
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In the bulk extraction below, 67 g caustic soda is added to 2 litres deionised water in a 5 litre tin and shaken thoroughly. 333 ¢ MHRB is then added. 
shaken thoroughly and left overnight. 250 ml naphtha is then added and the tin heated to 50 °C in a water bath. The tin in then shaken by hand for one 
minute, stopping when necessary to release any pressure. (The plastic locking teeth on the pouring spout are cut off to prevent the cap seizing on!) The 
contents are then poured into a narrow neck 2 litre erlenmeyer flask and kept warm whilst being magnetically stirred with a large stir bar. (The stir bar is 
gently inserted and removed by using a magnet on the outside of the flask - shown on the hotplate stirrer below. It is also handy if the stir bar needs to 
be centred in the flask.) Gentle stirring should help resolve any emulsion and gives a much cleaner product. (The hotplate stirrer can be plugged into a 
power meter to adjust the heat accurately.) After several hours the phases can be separated using a three-valve pipette filler with a long pipette. A 
McCartney bottle is useful to help separate the phases at the bottom of the naphtha layer. 


The flask below is sealed using cling film with an elastic band, although polyethylene based DuraSeal would be more durable (paraffin based Parafilm 
M does not resist solvents). Film is more convenient than a rubber bung as the aperture can be almost covered when drawing off the naphtha, reducing 
evaporation. Three extractions are usually required. The final extraction may be waxy and can be improved by magnetically stirring on a hotplate in a 
small sealed jar with naphtha, then separating and freeze precipitating as before. Heptane is more selective and will leave any brown gum in the bottom 
of the jar, although more care is required as it attacks any rubber seals and pipette bulbs! 


High density polyethylene (HDPE) containers are not suitable for bulk extractions as the naphtha dissolves some of the material making the extract 

sticky, particularly when heated in a water bath (which is necessary to achieve a good yield), A demijohn could be used instead of the tin below, 
provided that the bung is removed regularly when heating and shaking, to release any pressure. An alternative extraction method is to use an Erlenmeyer 

flask on a hotplate stirrer alone, but this produces a far lower yield than is obtained by shaking beforehand. 





Waiter Bath Erlenmeyer Flask on Hotplate Stirrer Separation of Phases 


Preparation of DMT fumarate 


DMT fumarate is preferred for oral use after an MAOT as it is water soluble and causes less gastrointestinal disturbance, and can be stored indefinitely 
without refrigeration. 


Add 1 g freebase DMT from the above extraction to 50 ml anhydrous acetone in a jar and place on a hotplate stirrer until warm and thoroughly stirred - 

use cling film to seal as acetone removes enamel from lids! Keep the first jar warm on the hotplate and add 310 mgfumaric acid to 50 ml anhydrous 
acetone in a second jar and place on the hotplate stirrer until warm and thoroughly stirred. Once both have dissolved. mix together and place on a 
hotplate stirrer until warm and thoroughly stirred. Swirl the jar and pour quickly into a rectangular Pyrex dish, replace cover and place in a freezer. (If 
necessary add more acetone and repeat to remove any residue in the jar.) After a few hours, decant off the acetone with a poultry baster and dry 
thoroughly on a hotplate. This will give an off-white crystalline powder which can be scraped up with a single edge razor blade. (Mixing all the 
ingredients together at once is effective but gives the product a yellow lumpy appearance.) The yield should be around 1200 mg,suggesting that the 
freebase could be 90% pure (1200 x 76%). The beauty of this method is that any excess fumaric acid dissolved in the acetone does not precipitate out 
when frozen! 


Discard the used acetone by pouring onto concrete or tarmac, away from children or animals (it will evaporate very quickly). In this experiment the 
acetone was dried with anhydrous magnesium sulphate - produced by baking Epsom Salts in an oven above 200 °C. This produces a white cake which is 
powdered with a mortar and pestle. It is then magnetically stirred in a sealed bottle of acetone - a pint vinegar bottle is ideal. The acetone is then filtered 
off into a second pint vinegar bottle. Magnesium sulphate is a convenient drying agent to use as its appearance changes as it absorbs moisture. Dricrite 
desiccant (CaS0,) impregnated with cobalt chloride indicator is no longer recommended due to toxicity concerns with cobalt. 


DMT is C}5H)¢6N> = 188 g/mol, mp 40-59 °C 
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The term Golden Mean, Ratio or Section refers to the mathematics of life, which 
is a logarithmic function. This ratio can be found everywhere in nature. It is the 
Sacred Geometry used in the architecture of ancient Greek and Roman temples, the 
Great Pyramid, etc. It has also been concluded by certain Orgonomists that "the 
Golden Ratio is a basic mathematical property of the orgone energy” discovered by Dr. 
Wilheim Reich. (Journal of Orgonomy, V.8, N.2, Rosenblum, THE GOLDEN SECTION). It 
is evident from Lakhovsky's MWO Tube patent that he was aware of the Log Periodic 
design. 


The MWO has usually been understood as having to be driven by a high-frequency 
source such as Tesla Coils and neon transformers generate. However, those who have 
looked into Lakhovsky's work know that he used Simple wire circles to cure plants of 
cancers, and to make plants grow better in general. The Golden Ratio Antenna is a 
series of Lakhovsky rings because the rear conjugate strips on the antenna close the 
loops and in effect make Lakhovsky oscillating rings which are a complete circuit for 
focusing the ethers. The log periodic (following a logarithmic pattern) antenna 
design carries this effect further and preliminary indications are that the log 
periodic design creates a structure in the ether even without power, in may be an 
orgone accumulator of sorts. Further experimentation in this vein is being 
undertaken. 


Log periodic antennae have the interesting property of creating a virtual (non 
existent but functioning) antenna extending about 1-1/2 times beyond the actual. It 
is also frequency independent and is an excellent antenna for Amateur Radio 
communications. 


Photo 8 
Golden Ratio antennas 


spheres at ends of original 
Lakhovsky antennas. 
(see Photo 4} 





The ethers harmonize to Golden Section Mathematics, (as demonstrated by Trevor 
Constable in his PRIMARY ENERGY WEATHER ENGINEERING ON THE HIGH SEAS video), so it 
can be understood that a living organism is a discharge of energy into the Golden 
Section space. We have observed the discharge of sprout energy into living sprouts 
when one of these antennas is directed at them. We found that it makes the sprouts 
grow better. Then we found that simply the pattern makes the sprouts grow better. 
So here we present you with the Golden Ratio Pattern that you can photocopy and use 
for experiments. This pattern may be copied as many times as you like for 
experimentation. We have reports that this pattern keeps the scale out of water 
heaters and fish tanks. 








$1 


Log Periodic -- Golden Ratio 
© design for research into the 


subtle vibrations from patterns. 


© 146 BSRF 


In 1986 Borderland produced a limited amount of Golden Ratio Antennas in copper 
and gold. These were precision engineered Log Periodic antennas, and were quickly 
absorbed into the research network. They can be reproduced if sufficient interest is 
generated through this book. There is an appendix on log periodic antennas in this 
book for those who wish to pursue this interesting subject directly related to MWO 
research. 


BUT - DO THEY WORK? 


For all the material in this book we still haven't personally seen any solid 
documentation on the results of either type of MWO that could be re~verified as true 
to any investigator. I've seen listings and testimonials, but even the photos in THE 
SECRET OF LIFE Look doctored to enhance the cancers (tar can be seen on the wound and 
the hair!). What was Lakhovsky really up to and which type of device works better? 
If anyone reading this knows any more than we do then please drop a line. In 
Lakhovsky's Tube patent he states that his instruments are in use the world over. It 
is important to check out one of his originals first hand, if any readers have access 
to such please drop Borderland Sciences a line. We'll make the information available 
for research. Thanks. 


CONCLUSIONS 


There are no conclusions at this point in time. Borderland has been publishing 
MWO information for 25 years now. This book marks the beginning of a new phase of 
research and development. Perhaps in 1995 after people do some serious research into 
the subject of the Multi-Wave Oscillator can some conclusions be drawn. 


it is important to keep in mind during these researches that just because a frog 
leg will jump when electricity is applied it doesn't necessarily mean that 
electricity and life are the same thing. If we labor under this (quite common) 
delusion we may as well hope for our television sets to “heal” us of our ills. 
Rather, as astute phenomenological observers, we see that there is a relationship 
between electricity and life and in the understanding of that relationship we can 
come to a clearer comprehension of our place in this manifest universe. 
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Golden Ratio MWO Antenna 
Measurements for reconstruction of 
Golden Ratio MWO Antennas (in inches 
starting from the outside ring). Template 


artwork is shown actual size. 


Ring Outside 
diameter 

1) 12.00 

2) 9.43 

3) 7.42 

4) 5.83 

5) 4.58 

6) 3.60 

7) 2.83 

8) 2.23 

9) 1.75 

10) 1.38 

Il) 1.08 

12) 0.85 


Front & back strips are the same width, Gap 
on front isan 18° triangle, sections on back 
area 36°triangle. Back sections cover gap on 
rings with 9° overlap on each side of ring. 
This provides for capacitive loading of the 


antenna. 


Inside 
diameter 


10.76 
8.46 
6.66 
5.23 
4.10 
3.22 
2.54 
2.00 
1.57 
1.24 
0.97 
0.76 


Gap 













At left is a Golden Ratio pattern 
burned into particle board using 
Tesla Coil pictured below, seen 
here discharging into free space. 
Scientist Eric Dollard, builder of 
this coil, has deduced that the 
Golden Ratio is a property of space 
itself. The proportions are decided 
by the amount and type of discharge. 
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THE SPIRAL COE 


MULTI-WAVE OSCILL ATOR 
Louis A. Se had 


DISCLAIMER 

Let me make it perfectly clear, I 
present this information for information 
and research purposes only and I make 
no suggestions or recommendations as to 
its use for healing or medical purposes 
whatsoever. If you are sick see your 
doctor. I present to you only what Ihave 
learned in my research and observations. 
Lam not a medical doctor and the infor- 
mation I give should be used for educa- 
tion and research only. 


To preface this, I have been interested 
in and studied and collected articleson the 
unusual sciences for over 30 years and 
have built many unusual devices. My 
attention was directed to the Lakhovsky 
M.W.O. by an article given to me by a 
friend. I read it several times and studied 
it and then put it away, (punched holes in 
it and put it in a notebook). I don’t know 
why -- I can’t tell you — but I couldn’t get 
it out of my mind, sol got it out again and 
tead it some more -- this time going 
through it sentence by sentence digesting 
it~ now I was hooked! 

I tried to gather alf the information I 
could on the M.W.O., and as usual it 
wasn’t easy -- I had to dig. Bottom line, 
I started to build Bob Beck’s high power 
multi-wave oscillator -- I still haven’t 
finished it, but I will. The more I studied 
the M.W.O. (being an average person -- 
not an electrical engineer, but a mechani- 
cal engineer) it seemed to me, compli- 
cated, difficult, and had to be adjusted for 
each person and circumstance. Looking 
atitnow! see thatisn’tall true--itwas me. 
Back to square one -- I search for some 
way simpler, and out of it came the spiral 
coil M.W.0. 

Tam a recent member of Borderland 
Sciences and I have read many fine ar- 
ticles published in this Journal. Many of 
the articles are very high-tech and delve 





into the how, where, when and why, and 
that is how it should be if one is to 
research, Questions have to be asked and 
answers have to be found. I am not a 
professional writer and it isn’t one of my 
greatest talents, so I ask that you have 
patience with me and I will do my best to 
tell you about my spiral coil M.W.O. 

When I was trying to develop this 
spiral coil M.W.O. all I wanted was re- 
sults and I didn’t really care how or why 
it worked, my goal was results, and in 
doing so [tried many things that wouldn’t 
have normally tried had I planned each 
step and tried to fight my way through 
with pure brain power, Inretrospect, I can 
see that I approached this project with a 
more light hearted attitude and I have 
enjoyed developing and building this 
M.W.O. But at times I did have problems 
to work out. 

T experimented by winding coils, and 
coils, and coils. I got to be the electric 
supply house’sbest copperwire customer, 
orat least it seemed that way. After boxes 
and boxes of copper coils, I was ready to 
throw in the towel and give up — but 
having the handicap of being stubborn 
like Iam, J decided to wind one more coil, 
so I went out to the garage and wouldn’t 
you know it, no more wire. I looked 
around and all I could find was some old 
solid strand 16 gange house wire. It was 
too light and flimsy for what I wanted, so 
in desperation I decided to take 2 pieces 
and twist them together to make 1 heavy 
piece of wire. Well -- bingo -- I made a 
coil and got a tingle, that did it. After 
winding more coils and more coils and 
experimenting I got to where I am now, so 
I present to you the Spiral Coil Multi- 
Wave-Oscillator. 

Warning — this unit is deceiving {it 
just sits there and looks innocent like it 
couldn’t do much), in fact some of my 
friends upon first seeing ithave laughed at 


95 


it and commented youhave to be kidding, 
Another friend of mine asked me to help 
him build one -- which I did -- and he was 
lying on his bed in his shorts with a sheet 
over him and had the unit about 2 foot 
above the bed and he fell asteep for about 
3 hours (he had an infection from a wound 
in his leg). When he woke up he had a 
white blister on him about the size of a 
nickel -- he has done this twice. I wam 
you, uss it with care, it is more powerful 
than it seems. I think he percolated the 
infection up out of his leg, as he is fine 
now. 

Now, [know someone is going to say 
-- ] made mine from an old coat hanger 
and hung it off the coiling with a piece of 
string, and I’ll say -- gee that’s nice, do 
what you wish — but if you want it to work 
and work properly build it as it is, use it, 
experiment with it, and then change it as 
you wish, 

Warning -- persons who have or are 
diabetic should not use this unit, as itmay 
change the blood sugar Jevel in some 
people. Diabetes is one of the few things 
that a M.W.O. will not correct or help. 
Lakhoysky states this in his book THE 
SECRET OF LIFE. I think I know why 
but I won’t get into it now. 

NOTE -- The spiral coils of this unit 
work all the time -- that is — they never 
stop — they work with or without the 
vibrator. Who said there is no free en- 
ergy? If you put it over a bed with an 
electric blanket, it will charge the blanket 
and you wili probably have difficulty 
sleeping. If you donot swingit far enough 
away from the bed at night it will cause 
unusual dreaming. 

As near as I can tell this coil broad- 
casts at about 120° angle, although its 
peak energy is centered straight down 
from the small coil. 

Question: is it patented or am I going 
to patent it? Answer: NO -- as far as I’m 
concermedit’s free to everybody and that’s 
as it should be. 

The advantage of using a spiral is that 
one should get all the frequencies up to the 
maximum diameter of the outer diameter 
(O.D.) of the spiral. If you draw a spiral 
on 4 paper and place one point of a com- 
pass at the center, you can choose any 
diameter you wish up to the coil O.D. 
diameter and the scribing diameter will 


fall some place on the spiral. 
This unit can be operated in 6 modes: 

. The coil only. 

. Fhe coil plus the vibrator. 

. The coil plus the vibrator plus the coil 

shocker. 

4, The coil plusthe vibrator plus constant 
coil charge. 

5. The coil (no vibrator) 
plus the coil shocker. 

6. The coil (no vibrator) 
plus the constant coil 
charge. 

So as one can see there 
isplenty to experiment with 
here, 

NOTE -- I also tried 
connecting a ion generator 
to mine — that really blows 
me away -- try itifyouhave 
one. 
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if you are experiment- 
ing with magnets -- be care- 
fulif you use them with this 
unitas some people get bad 
reactions. Ipersonally have 
used magnetic water and 
this M.W.O. and have had 
no bad reactions. 

Warning -- although I 
have —I suggest you donot 
use this on the head or above 
the neck, 

Warning — ifyouhave 
aheart problem do not use 
this unit as in some people 
it tends to reduce blood 
pressure and lower the 
pulse or heart rate. 

Well -- now that I’ve 
scared the hell out of you, if you still want 
to build it I’ll tell you the good side. In 
most all people who have used it or tried 
it they get a tingle or a feeling of heat 
(light). Most people get a boost of energy 
when they use it and it seems to help 
circulation. I am not sure why. I don’t 
know if it tends to dilate the blood vessels 
of not. One man that used it can now 
wiggle his toes and he hadn’t been able to 
do that for about 3 to 4 years. 

Tknow someone will ask what type or 
kind and atnount of energy is amitted by 
these coils and the answer is I do not 
know, but I do know that it works. I will 
leave that to someone who has the proper 


instruments and the know how to checkit, 
so there isstill a lot of work to be done here 
if someone wishes to do it. Now, before 
someone starts climbing my ladder, let 
me say that I give the credit to Lakhovsky 
-- what I did was to modify, update and 
expand upon the base ofsome of his work. 
You do nothave to be gifted in the knowl- 
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edge of the sciences to build this M.W.O. 
and do not need special equipment or 
tools. However, there are little tricks that 
{have learned that make it easier to build 
that I will give in another article. The 
body or base of this unit is made of P.V.C. 
pipe, also the vertical and swing arm, the 
vibrator base and also the drop tube that 
hangs the coils. We want a unit thatis low 
in cost, tough and durable, light in weight, 
corrosion resistant, portable, easy to fab- 
ricate (and repair if necessary) and looks 
nice, so we will build ‘our unit out of 
P.V.C. pipe. 

ALL COILS ON THIS M.W.O. 
MUST BE RIGHT HAND COILS, IN 
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RELATION TO THE UNIT AND EACH 
OTHER. If they are not you will get 
negative energy. (I’m not speaking of 
polarity here.) 

I use a fish tank air pump (modified) 
— (Challenger 1) about $8.50. This pro- 
vides the oscillatory motion to the coils, 
I’m not in love with it and would like to 
find something better -- 
something of higher fre- 
quency, but it works. If 
anyone has any sugges- 
tions on this I would like 
to hear from them. 

I chose to design the 
unit so it can access any 
part of the body freely 
without a lot of excess 
adjustments, The body 
when lying down isin one 
plane or height (approxi- 
mately), so] built the unit 
so it would extend over 4. 
bed ortable, addedaswing 
arm, anda vertical adjust- 
ment (holes in the vertical 
tube arm and a wood 
dowel or pin stop) -- that 
seemed simple enough, re- 
member we're trying not 
to get complicated here. 

If you are going to 
build this M.W.O, I 
strongly suggest that you 
read Lakhovsky’s book, 
THE SECRET OF LIFE. 
When I finally decided to 
try to build an alternative 
type of M.W.O., F read 
everything I could get my 
hands on about the subject. I read care- 
fully and took notes of key points, func- 
tions etc., then I put my books away and 
studied my notes -- the basics. 

M.W.O. — MULTI-WAYVE OSCIL- 
LATOR 

MULTI -- meaning more than one or 
many, 

WAVE -- energy (given off} 

OSCILLATOR ~- I looked this up in 
Webster’s -- and simply stated it says — 
motion deflected from center to one side 
-- back to center -- deflected to the oppo- 
site side ~- back to center, OR— Vibration. 

Now, Lakhovsky in his book stated he 
made an oscillator of | loopor coil of wire 
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errata: This page was inadvertantly Left out of the book. 


electrical supply house. Ifyou cannot get 
bare wire, you will have to get plastic 
coated and strip the coating with a sharp 


_: jackknife, taking care notto nick the wire, 
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or yourself. 

2. Youneed apiece of aluminum bar 3/16 
x 1-1/2 inces, 20 to 24 inches long. 

3. You need a medium size pair of pliers. 
4. Soldenng iron and acid core solder. 
5. Small coil of 19 gauge coated (shel- 
tacked) copper wire, 

Now— we have 17-1/2 ft. of 10 gauge 
copper wire, lay it out on a flat clean 
surface and straighten it out taking the 
curve out of it and the kinks and bends. 
Next we need a secure and strong place to 
fasten the ends of the wire to — like a 
trailer hitch or bumper ofacar ortrucketc. 
After you have found a place to secure 
your wire, fasten both ends of the wire to 
it as shown in Fig. 1. 

Slowly puil the center of the wire so 
that you have 2 pieces of wire, put your 
aluminum bar in the loop and pull tight. 
With a pair of pliers close the wire down 
ou the bar tight so that it passes between 
the screws. Pull hard on the wire with the 
bar — it won't break. Start twisting as 
shown in Fig. 1 — always keep tension on 
the wire — do not let go of the bar. 
(COUNTER CLOCKWISE). Twist the 
wire, stopping at time, give the wire a 
couple of good yanks. NO, it won’tbreak. 
Twist the wire until you have a good tight 
twist on it, When you think yor have 


. twisted it enough — twist it a little more. 


When you get it where you like it — 
SLOWLY back the pressure offofthe bar. 

Remove | screw on the bar and slide 
the loop out or off ofthe bar. Unfasten the 
wire where you secured it and cut the 
spiral wire as close as possible at secured 
end. Lay the twisted wire down flat. 
Measure 3" down from the top ofthe loap 
as shown in Fig, 2 and markit witha pencil 
or pes. Hard or tight bend the wires as 
shown in Fig 2, 90 degrees. Grip the 
twisted wire at the bend point with a pair 
of pliers, and start forming the spiral. 
Continue forming 1 or 2 loops. Remove 
the pliers, grip the wire and hand form the 
spiral as shown in the drawing #2. When 
you haye formed about 4 loops of the 
spiral, stop and apply light heat to the coil 
with a hair dryer or similar device to 
relieve some of the stress in the wire, so 


that the loops that you have formed will 
stay where you have bent them. Repeat 
the operations and continue forming until 
you have your spiral. 

DO NOT BEND END OR TIP IN 
YET. 

Put your spiral in the freezer of your 
refrigerator for 30 to 45 minutes, and 
freeze it. This will tend to stabilize the 
copper some and relieve some more of the 
stress. 

In Fig. 4 we can see that if we bend a 
piece of metal the inside of the curve is 
compressed and the outside is stretched, 
this stress is what we are trying to pet rid 
of. About now some of you will be 
thinking —- GAD -- he even tells us howto 
hold the hammer. Iam sure that some of 
your who are pro’s at metal forming and 
fabricationcan build this thing — WHAM- 
BANG, but please have patience, not all 
are gifted in some of these skills. 

When you have formed your spiral 
and it is shaped as you want it, hold the 
loop of the spiral with your thumb and 
point fingers at eye level height and sight 
across the spiral, it should hang so that all 
coilsare Jevel and even with eachother, so 
that it is flat — if not form it so it is. Put 
the coil in the freezer again, repeat freez- 
ing operation several times, this tends to 
age harden the coil some. 

With a very hot soldering iron solder 
the end of the coil, wash it in warm water, 
dry it, and bend end in as on drawing #2. 
After you bend the tip in, bend it dowa a 
little bit so the bent in tip clears the 
crossed coil by about 1/4 inch. 

Drill 2 small holes in the spira? at 
points marked on Fig. 6, taking care not to 
break the drill, use light pressure. Cut 1 
piece of coated coil wire (19 ga.) about 4 
1/2 feetlong. Push one end of wire (about 
1-1/2 inches) up through bottom ofhole in 
spiral, and wrap wind (twisted) Icops of 
wire to second hole, Straight wrap 1 loop 
at hole area, this locks the standing wire. 
Pull standing wires tight with pliers and 
cut standing wires to about 1-1/4 inches. 

Refreeze spiral and warm to room 
temperature. Sand or remove shellac 
from standing wires down about 3/4 ofan 
inch, this makes electrical contact for the 
coil shocker. You have finished the main 
spiral coil. Youhave just done the hardest 
part, the rest of it is easy. Save your 
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aluminum bar; you may want to build 
other types and shapes of coils and spirals 
to experiment with. I have wound and 
tried 2 wire coils, 3 wire coils, cone 
shaped spirals, step spirals, spirals with 
wires attached and hanging down with 
soldered tips etc. There is no end — you 
can experiment to your heart’s delight, 
it’s only limited by your imagination. 

In closing, I would like to tell you a 
story — a tme story about 2 close relative 
who gave me penmission to tell of his 
experience with my M.W.O., but prefers 
to remain anonymous. I will not elabo- 
rate, but juststate the factsas toldtome by 
him and his nurse. 

This relative took a trip by car ta the 
southwest part of the U.S. with some 
friends, Before he left he called me and 
said that he would come to Cafifornia and 
would stop to visit with me. This was in 
the late summerof 1990, Afterarriving at 
his destination in the southwest, the 
weather turned very hot for the whole 
western U.S. Due to this extreme hot 
spell, he phoned me and said he was 
Tetuming home and would not come to 
California. 

When I talked to him on the phone 
before he left, Itoldhim I had built 2 Multi 
Wave Oscillator for him and I would give 
it to him when he came to see me, and he 
could take it back with him. He did not 
make it to Calif. but returned to his home 
in the midwest. After returning home he 
became if and went to see his doctor. 
After being checked by his doctor, he had 
tests, and the doctors discovered that he 
had cancer of the large intestine. When J 
phoned him and found that he had cancer, 
lasked him ifhe wanted to tymyM.W.O, 
1 toid him that I could not guarantee that 
it would help him -- but I said -- what do 
you have to lose. He said yes, he wanted 
to try it, so I sent it to bim. 

When he received the M.W.O., it was 
assembled from instructions I sent him. 
He used it twice a day for approximately 
6 weeks. He had additional medical prob- 
lems, he had diabetes and congestive heart 
failure plus the cancer plus a back prob- 
lem, I had made the M.W.O. for him in 
hopes that it might help his back. When 
he went back in 6 weeks to see a cancer 
specialist doctor they gave him extensive 
tests and could not find any traces of 
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ofagiven diameter that overlapped. Also, 
I have read that it isn’t the intensity or 
power of the unit that is desired, but the 
quality of the signal and also the number 
of frequencies, signals or waves, as the 
power can be offset by a longer exposure 
time, It seemed obvious that a spiral 
should produce all or most of the waves or 
signals desired and that it would be better 
than one loop with a limited signal effect. 
If Lakhovsky could cure cancer in plants 
and people with one loop it is logical that 
aspiral should be even better. OSCILLA- 
TION — how about inducing it artificially 
-- vibrate or agitate the coil or coils, 

This unit produces it’s peak energy at 
12 o’clock at night, but it can be used 
during the daylight hours too; it’s energy 
diminishes some toward mid-day. 
Lakhovsky stated this and he is right. I’ve 
fOtto give it to him, he did his homework. 
Exposure rates or time of treatment with 
an electronic double screen M.W.O. is 
said to be 10 to 15 minutes every 3 to 4 
days. Exposure time for a spiral coil 
M.W.O. (rule of thumb) is about 20 to 25 
minutes or 45 minutes maximum per day, 
or less, depending on what is treated. 

Lakhovsky also stated that he treated 
plants, animals and people with belts, 
collars, braceletsetc., consisting ofa single 
foop of copper wire. From what I can 
gather, if a subject was wearing a 
Lakhoysky coil they never took it off. 

My spiral coil M. W.O. ishalfand half 
-- part 1 loop + of wire, and part elec- 
tronic. If 2 subject got 1 exposure every 
3 to 4 days with a conventional M.W.O., 
it means that the subject’s system was hit 
hard or shocked, and it needs time to 
adjust. A spiral coil M.W.O. reqnires a 
longer ormore oftenexposure and this can 
be an advantage as it givesus more control 
of the research subject’s requirements. 
The negative side is that the subject has to 
spend more time more often. 

There is one unusual thing that I and 
others have experienced with this unit. 
When you first use it the sensation of heat 
or tingling is light and you require longer 
exposure time, like about 25 minutes be- 
fore you feel that you have had enough. 
After you use it for about 1 to2 weeks you 
will find that after 10 to 15 minutes you 
feel that you have had enough. Simply 
stated Lakhovsky said that a M,W.O. 


activates or excites the cells. It’s kind of 
like pushing a car, it takes a lot of energy 
to get it started, but once it’s rolling it’s 
easier to push. Maybe the body just 
becomes more sensitized to the energy 
after the M.W.O, is used for a while. In 
Lakhovsky’s THE SECRET OF LIFE on 
page 75, ‘The circuit is subjected to any 
kind of electric or magnetic shock it is 
then said that it vibrates according to its 
natural period.’’ So, now what do we 
have? 

i. A spiral coil (Providing Multiple 
Frequencies) 

2. Vibrator (artificial oscillation). 

3. Electric current (D.C.)} (shock to the 
coil) provided by a small transformer 
limited by bulbs turned on and off by a 
Christmas light blinker or winker, 

Now I said previously that most of the 
unit is made of P.V.C. schedule 40 pipe 
(white). P.V.C, pipe being what it is has 
the tendency to sag if placed in a horizon- 
tal position, fastened at one end with 
weight suspended at the other end. We 
can correct this by inserting a piece of 1 
inch diameter .050 aluminum tubing in- 
side the P.V.C. and gluing it with an 
adhesive or simply by drilling a 1/8 inch 
hole through both pieces and inserting a 
#8 sheet metal screw. Remember also I 
said there were little tricks you can use to 
build it as given above, so before you get 
too anxious to build, wait tili I can write 
the HOW TO BUILD article, itmay make 
your job easier and you will not have to 
change or rebuild the second time. I am 
trying to save some of youall the mistakes 
I made. 

The heart of this M.W.O. is the large 
main spiral coil. This coil is in simple 
terms an antenna, It isa dual antenna, that 
is, 2 in ! as it is a receiving antenna and 
also a broadcasting antenna. The antenna 
can be shaped in many forms and still 
retain the right hand spiral. Do we wind 
it tight toward the center and increase the 
spacing as we go out? This configuration 
I have found best, but other configura- 
tions can be formed to achieve different 
effects. Ihave experimented with differ- 
ent shapes and some have given unusual 
results. There is still a lot of work that 
could be done here also. I wound a3 wire 
coil that was very effective but I had 
problems twisting the copper wire and 
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lost several of them. I would suggest that 
the first coil you make be a 2 wire twist 
coil. If you want to build the M.W.O. 
complete you will have a total of 4 coils, 

1 large main spiral coil, 

1 smait spiral coil (that is mounted 

under the large coil). 

2 straight tube coils. 

We use these coils because they all 
have independent functions. We are go- 
ing to squeeze it and milk it for all we can, 
to get everything we can out of it. The 
main spiral coil produces most of the 
waves or energy, however, due to its 
design and nature the inside of the spiral 
cannot be wound tight to create smail 
loops in the coil, so we will add another 
smaller spiral coil under the large main- 
spiral, this will give usthe higher waves or 
frequencies we desire. We drill 2 small 
holes in the main spiral and tight wind a 
piece of 19 gauge coated coil wire around 
the twisted copper wire, and pull the wire 
up through the holes, leaving 2 standing 
19 gange wires. We sand the ends of these 
and fasten spring clips that hold the tube 
coils. The other end of the tube coil wire 
is connected to a banana plug ~- into a 
receptacle, we connect our coil shock to 
these. 

Iknow there are some of you out there 
who are like I am, (impatient) and are 
curious and would like to try this to see if 
this guy is telling the truth or ifhe is just 
full of it. I am aware that the Journal is 
published every 2 months and maybe 
some of you don’t want to wait 2 months, 
80 for those of you who are like Iam — let 
me tell you how to build the main spiral 
coil. This one coil in and of itself won't 
knock you over -- but you can get started, 
and you can play with it until I can write 
the HOW TO BUILD article. This coil 
will emit energy by itself if suspended 
horizontally. Fasten it to something, a 
piece of plastic tube or wood dowel etc. 
Try it on your feet as the feet seem to be 
sensitive to these energies. Well -- here 
Wwe go. 


HOW TO BUILD THE MAIN 
SPIRAL COIL 

You will need to purchase a few things, 
i. You need 17-1/2 feet of 10 gauge 
(solid) bare copper wire (cost about 14 
cents per foot). You can get this at any 
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DMT is C)5H),N> = 188 g/mol, mp 40-59 °C 

Fumaric acid is C4H4O, = 116 g/mol, mp 287 °C 

(H=1, C=12, N=14, O=16) 

DMT fumarate = 2 x 188 + 116 =492 e/mol, mp 152 °C (contains 76% DMT) 

Acetone Boiling Pt. 56 °C. Density 0.791, Flash Pt.-18°C, Drying agents K,CO 3: Molecular sieve 0.3 nm; CaCl, 





Dried DMT fumarate DMT fumarate 


Using DMT Orally 


The usual caveats apply with any psychedelic about being in a safe environment and having someone with you, particularlyif you areinexperienced. 
Particular caution is needed here with the use of MAOIs (such as Peganwmn harmala or Banisteriopsis caapi) which may be dangerous when combined 
with certain foods or medicines containing tyramine or other naturally occurring amines, which can cause a severe rise in blood pressure. Fasting is 
recommended but do avoid cheese, pickled herring, broad bean pods, yeast extract, chianti wine, and phenylalanine mrpphenenis, There have been 
fatalities resulting from combining MAOI antidepressants with serotonin reuptake inhibitors and with MDMA (Ecstasy) - see : 
Antidepressant MAOIs remain in the body for 2 weeks after use, except moclobemide which is eliminated within 2 days, while harmine and acatine: 
are eliminated within hours. SSRIs also remain in the body for some time, in particular fluoxetine (Prozac) which should be stopped at least 5 weeks 
before using any MAOI 


Dosing a half hour before with caapi is recommended. Simmer 20 g of shredded caapi in tap water for half an hour, strain off and repeat once. The 
cooled liquid is best drunk slowly. DMT fumarate can be taken dissolved in water, or in an enteric coated capsule to avoid the unpleasant taste and 
stomach irritation - taking with milk also reduces stomach irritation. Best to start with around 50 mg. Effects begin about twenty minutes later and last 4- 
5 hours. My personal preference is for moclobemide (150 mg) after a light meal, followed by an enteric coated capsule of DMT fumarate (150 mg) 50 
minutes later. This combination should only cause mild nausea. although Bhan tends to cause insomnia and i is considerably more powerful than 
harmine or harmaline. Lying down will help to reduce nausea. War 3 l 1 (There is also 
evidence that combining 5-MeO-DMT with MAOIs can be dangerous - eco 5-MeQ)-DMT Health Issacs) If used cuitrioaire it's useful to carry a plastic 
water bottle as thirst can be a problem. If sleep is difficult the sedating antihistamine cyproheptadine (Periactin), or diphenhydramine (Nytol. Paxidorm) 
can give a pleasant comedown, without the hangover of benzodiazepines. Zaleplon, Zolpidem and Zopiclone are more powerful sleeping tablets, but can 
be habit-forming if used regularly. (Diphenhydramine is available from pharmacies and z-drugs can be procured online, with the bonus of endless 
unsolicited email for potions to perk up your sex life!) 






If preferred, harmine, harmaline and tetrahyroharmine (THH) can be obtained in purified form from Elowine Visions. Harmine and harmaline are 
supplied as freebase and will dissolve in citric acid solution, while tetrahyroharmine is supplied as HC! salt which is soluble. 100mg of harmaline, 
150mg or harmine or 200mg of THH is sufficient to potentiate DMT (allow at least a half hour before dosing). All three cause mild sedation and some 
gastrointestinal disturbance, although they are certainly preferable to caapi or harmala. 


With regard to my experience of health effects. I would say without doubt that harmine, harmaline and tetrahyroharmine have some adverse effect on 
immunity, as do caapi and harmala. I find moclobemide taken alone to be neutral. while the combination of moclobemide and DMT fumarate most 
definitely has immune stimulating properties - it certainly assists in recovery from infections, although it can also be tiring (see www asthma 270m com), 


In case of adverse effects, have drinking water handy in a plastic cup or bottle. Absolutely no glass. Caffeinated drinks should be avoided as should 


alcohol, cannabis or any other drugs. Psychotic symptoms can be overwhelming but should improve over time if the person is kept calm. ideally with 
the minimum of illumination. In this event any future experimentation should be undertaken at a reduced dose. 
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cancer, After his tests he phoned me and 
said the doctors could find NQ traces of 
cancer whatsoever. Lasked him — did you 
take any medications whatsoever for your 
cancer? ~ he said NO. lasked him -- did 
you take any radiation treatments for you 
cancer? ~- he said NO. I asked him -- did 
you take gnvthine at all for your cancer? 
—he said NO. To this date he has not had 
any return of his cancer. 

Now, where does this leave us? He 
either had spontaneous remission or 
he was helped by the M.W.0. As 
I understand and have been 
told, some forms of cancer 
in the upper stomach are 


Several years back she was leaving a 
market and caught her foot in a disposed 
plastic bag on the sidewalk, fell and 
broke her hip and leg. The doctors 
repaired it by wrapping screen around 
the bone and added a fewscrews and pins 
here and there. She was OK for several 
years and then she got to the point where 
the pain was so bad she could walk only 
a short dis- tance. 


NN 





her leg -- (some choice). NOTE -- She 
does not have a coil shocker on her unit, 
In all honesty I have to say that my 
spiral coil M.W.O. does not affect all 
people the same. I have had no negative 
or bad reports to date from anyone using 
it with good common sense and discre- 
tion, There are a few people that it does 
not seem to help to any great degree, 
There are also some people that it seems 
to almost work miracles for them. I would 
say of these persons that maybe it was 
mental, except that I have been 

told that some have said -~- 

‘ ‘well, I don’t think the 
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who built my M.W.O. and loaned it to a 
lady who has LUPUS (a cutaneous dis- 
ease due to the tubercle bacillus}. He 
said she is feeling and doing much better 
now. I also built a M.W.O. for my 
mother who lives in So. Sioux City, 
Nebraska, across the river from Sioux 
City, lowa. I sentitto her-- she could not 
assemble it so I flew back to do it for her. 


used the M.W.O. for about 2 months. 
She called me the other day and said she 
took the bus all over town, did shopping, 
came back, took her pull cart and did her 
food shopping ~ 6 blocks up and 6 blocks 
back -- and then walked up to the restau- 
rant and got her dinner, all in 1 day and 
she said she feels fine. The doctors gave 
her the choice of pain shots or cutting off 
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getting it done, If enough will work at it 
and add a Jitile bit, it'll get done. 1 
sometimes wonder what the end-run po- 
tential ofmy M.W.O, is. Hovethe doctors 
(God Bless them!), we need them, but I 
wish they were more open minded and 
that they were not so profit orientated and 
stigmatized by their organizations. Ithink 
these ideas I present here will help. 





In Part One I explained how the spiral coil 
M.W.O. evolved and how I came to build it 
and notes on things [have learned about it and 
its use. T also explained with drawings how to 
build the main spiral coil. For those of you 
who wish to build this unit, I have added 
additional drawings and notes so you can 
build the rest of the coils, base, cic. 

Before I begin I would like to address an 
issue that has bothered me for some time, it 
pertains to my M.W.O. and maybe other 
M.W.O’s in general. It is a situation or 
finction that has been ignored by many or all 
but afew. Inmy article in PartI, I said ali coils 
on this unit‘must be right hand coils. What I 
am referring to is what I call RIGHT HAND 
SPIN. Inmy study of Lakhovsky’s and others 
work, [havenot been able to find any informa- 
tion pertaining to direction of spin, although 
he gave very precise directions — how collars, 
belts, bracelets etc. were to be made. Did he 
know and was it his secret? Was he not tell- 
ing? Lakhovsky stated that his M.W.O. 
stimulated the twisted filament or nucleus of 
the cell, and the ceil oscillated according to its 
natural frequency. A weak oscillating cell 
would increaseits oscillations back tonormal. 
The question is, do certain oscillations cause 
the cell to spin right hand or left hand, or 
clockwise or counter-clockwise, if the fre- 
quencies spin right hand or left hand? Some 
might say — what difference does it make. 
The people who use or practice the Five 
Tibetan Rites always spin right ~ never left. 
Sir Lawrence Bragg (Nobel Prize winner) 
discovered that healthy people have ‘‘RIGHT 
HAND?” spinning blood, And physicist Dr. E. 
Mersmann discovered that people exposed to 
electronic smog have **LEFT HAND”? spin- 
ning blood, the same as people who have 
cancer -- they also have ‘‘LEFT HAND”’ spin 
blood, Maybe if the earth spun in the opposite 
direction, left hand spin blood would be nor- 
mal. So, is left hand spin or right hand spin 
important? Yes, I think so. [have purposely 
made and nsed Jeft hand coils and they made 
me feel sick and ill. There is an instrument 
that has been built that emits weak pulsed 
electromagnetic waves that causes the blood 
to spinright hand in people who have left hand 
spin blood, however if the unit is removed the 
blood will go back to abnormal left hand spin, 

If you put your hand in a bucket of water 


youcan spin it to theright orto the left — is this 
polarity? Does magnetic polarity have an 
effect on matter causing right or left spin? 
Yes, it seems to. But how about induced spin 
direction on a non-magnetic or non-electrical 
energy or wave? If lholdamagnetic compass 
near the spiral coil of my M.W.O., I get 
nothing -- no needle movement. IfT hold a 
pocket radio under the coil with vibrator and 
tune it off station, I get static on A.M. from 
about 80 on down, none above 96 and up, but 
I don’t think that static is coming from the 
vibrator. Warning: I damaged my radio by 
using iffortesting. At first Ithought it was the 
battery, but a new battery did not correct it. 
Sometimes when I tum it on now it doesn’t 
Wwantto come on, by flipping the switch on and 
off several times it then works. I had no 
problem with this radio before I used it for 
testing. 

Whatever the answers are, I would sug- 
gest you use right hand coils. Look very 
carefully on pages 113 and 114, theseare right 
hand coils in relation ta the subject, (ref. The 
Secret of Life). If you build the spiral coil 
M.W.O. you will have the basic unit. You can 
experiment and try all types of coils and 
spirals, as I said in Part §, it is only limited by 
your imagination. I find it fun and interesting 
to try unusnal and weird coiis, it’s not expen- 
sive and you only have to remove a couple of 
screws, no big deal. 

T have been thinking of building a cheap 
copy of Lakhovsky’s coil of tube and wire, 
also a foil coil of equai size, to test if the coils 
when vibrated emit equal energies etc., and 
what the differences would be. It may answer 
the question why some of the foil coils don’t 
seem to produce the results as good as some 
would like. In Lakhovsky’s book there are 
pictures of, and he speaks of, the oscillator 
coils of Hertz. There isa striking resemblance 
of Lakhovsky’s coils on his oscillator antenna 
to Hertz’s coil. Could he have been infin~ 
enced by or borrowed the Hertz oscillator coil 
for bis unit ~ did he expand upon the base of 
Hertz’s work for his antenna coil? (interest- 
ing thought) 

Enough digression -- back to our spiral 
coil building project. If you look at drawing 
#3 you will see that it is self descriptive, 
giving diameters, lengths etc. We make most 
all of our unit out of schedule 40 PYC plastic 
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pipe. Take enough care to make your cuts 
square and clean, debur the ends of the tubes 
so they will slide into the glued slip fittings 
correctly. Now, here comes the stinky part. If 
you want your unit to look nice, you will have 
to clean the tube, (after cutting), taking offal 
the dirt, the ink lettering efc. I use a laundry 
tub, a small amount of water, laundry deter- 
gent, Comet, and some wet or dry #200 
sandpaper and a lot of elbow grease. 

Warning: PVC glue sets fast, in a matter 
of seconds. I put glue on the female fittings 
only -- none on the male side, slide it together 
firmly and whack it with a short piece of 2 x 
4, Glue part #7 to part #8 and drill a 5/16 hole 
through fitting — this is so you can tighten or 
remove the threaded fitting by inserting a 
phillips screw driver or rod in the hole. This 
wakes your unit portable. 

Glue pieces 1-1-5-4-4, also 3-3-5-4-4, 

Now glue part 2 to part 6, also part 3 ta 
part 6. 

Thread assembly 7-8 (large vertical tube} 
into assemble 2-6-3. 

Wewill slide assembly 11-5-44 onto tube 
#2, but we will not glucit. Place this ona flat 
table, and adjust tube 8 so it is vertical, 

When you get it where you like it, glue 
assembly 33-5-44 to loose tube 3, let this dry 
for 20 minutes. 

Now remove assembly 11-5-44, apply 
glue to fitting #5 and glue it to tube #2 on your 
flat table, You now have the base finished. 

Glue the rest of the tubes and fittings 
together on your table. NOTE: Do not glue 
parts #19 and #20, we leave these loose and 
just set them in place, as we may add some- 
thing additional here later. 

NOTE: Before you glue tubes #11 and 
#15, cut some one inch diameter .050 alumi- 
num tube full length of tubes and slide them 
inside of plastic tubes, this eliminates sag. 
Drill a 1/8 inch hole through plastic tube and 
aluminum tube, screw a #8 sheet metal screw 
through both tubes. Tube #11 has holes in it 
so we can adjust the height, drill these 2 inches 
apart, 5/16 inch holes. We insert a 1/4 inch 
wood dowel through fitting #10 and through 
tube #11. 

We drill 2 holes in tube #21 and thread 
them 10-24, we fasten our spiral coils and 
antenna to these, The first hole is drilled 5/16 
of an inch up from the bottom edge of the tube 
and the second hole is drilled 3/4 of an inch 
from the first hole. 

When you buy your 1-1/2 PVC tube, get 
a piece with a flared end, as we set a reducer 
fitting in it to make a sieeve for the #11 one 
inch tube. To keep tube #11 guided at the 
bottom of tube #8, drill 3 holes at the bottom 
of tubs #11 equally spaced around the diam- 
eter and insert 3 #8 sheet metal screws. 
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Parts #9 and #10 will have fo be filed out 
or machined ont go the one inch tube will stide 
through them. 

Part #16, the vibrator base, is made of flat 
stock PVC, Ifyou cannot buy it from a plastic 
supply house, cut a couple pieces of 1-1/2 
PVC tube about 3-1/2 inches long, cut them 
again length wise, so you have half tube 
pieces. Place the half tube pieces between two 
- 1/8 inch aluminum plates and heat in a stove 
oven with a brick or weight on top, Let them 
cool and the plastic will come out flat. Layout 
and mark parts on flat sheet and cut out, 

Glue all the pieces of vibrator base to- 
gether and fit to tube #15 and giue it tight. A 
wood match works wood to lay glue in joints. 

Make and fit your metal brace from alu- 
Ininum ornon-corrosive metal and fasted with 
two - #8 sheet metal screws. Cut out part #23, 
fit it to T - #22, drill two holes for banana 
receptacles and giue securely, alsocord holder 
#14, 

Make your small spiral coil from .0625 
low carbon staintess steel heli-arc welding rod 
-- 36 inches long, do not twist wire, use as is. 
You can get this from any welding supply; get 


LEGEND 
USE P.V.C, (WHITE) SCHEDULE 40 


KEY 
L=LENGTH D=DIAMETER C=CUT 
T=TUBE T.F.=THREADED FITTING 


PART # DESCRIPTION (in inches) 


I. T-D=1-1/2, CL=10 
2 T-D=t-1/2, CL=15-1/2 

3. T-DSI-12, CL=8-1/4 

4. CAP-DSI-I/2 (4) 

5. TEE-D=I-I/2 (2) 

6 TEE-D=I-1/2 THD’D 

7. NIPPLE-D=1-1/2 THD'D 

8 T-D=1-1/2, CL=28-1/2 

9. REDUCER - D=1-1/2 TO | 

10. REDUCER - D=1-1/2 TO 1 INV. 
IE T-D=f, CL=28-1/2 

12. ‘T.F-D=} NIPPLE 

13, ELBOW-D=! - TF. 

I4. CORD HOLDER (ELEC) 

IS. T-D=1, CL=20-172 

16. VIBRATOR BASE 

17. METAL BRACE 


18. FEE-D=] 

19, T-D=1, CL=3-1/4 
20. CAP-D=| 

21,0 T-D=l, CL=5-1/2 
22. ANTENNA 


23. -F.T.G. BANANA RECP. 


4 or 3 pieces. Aiso make antenna from same 
wire. To make smali spiral use the full length 
orrod. Start by forming an eye on one end for 
the 10-24 screw. Move down 3 1/4 inches and 
form spiral same as large spiral coil, also 
bending end tip in. Put an offset kink in the 
stem so it will pass through the main coil, 

The tube coils are made from #19 shellac 
insulated coil wire, 12 to 14 turns. [tightbend 
290 degree bend, so I havea i inch long tail. 
I place this parallel ona pencil or wood dowel 
and tight wind the coil. Grip the wire tail and 
dowel with a pair ofpliers. Remove the dowel 
and freeze for 30 minutes, warm to room 
temperature. Grip the ends of the coil with 
your thumb and middle finger nails and stretch 
the coil to the desired length, refreeze for 30 
minutes, Bend iong tail of coil 90 degrees and 
fit to banana plug. Trim short end to 3/4 inch, 
clean and solder pinch clip to coil. The pinch 
clip is made from light gauge hard stainless or 
brass, Blank size is 7/32 x 1-1/4. 

After you have everything glued and fin- 
ished put a coat of auto polish on PVC tubes, 
as this keeps them clean and they will not 
finger mark or get dirty. Also put a coat of 





vaseline on the threaded fittings so they can be 
removed easily as they tend to stick. 

Tf you are, or want to be, the serious 
experimenter type, buy a note book and keep 
records and notes. Keeping a log with dates, 
exposure times, etc. can be a very usefull tool 
to compare results of different coils etc. I 
would welcome hearing from yon on the use 
of the spiral coil M.W.O., ic. your success 
aud problems. NOTE: Don’t expectresults in 
2or3 exposures, as this unitis more genticand 
may require a longer time of weeks or several 
months to get permanent results. To this date 
Thave not had a single report from anyone for 
over-exposure if used with common discre- 
tion. [have used belts, collars, wire loops etc. 
with the M.W.0O., this seems to multiply the 
energy. I also have used a spin magnetic unit 
with a reticular energy filter before and after 
M.W.O. exposure. This seems to work well 
for joint problems 
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COIL SHOCKER FOR ‘ : - 
SCHAD SPIRAL COIL M.W.O. Ca Co EF POCR MANS = 
This unitprovidesa D.C. shockto the Ci BLINKER ~— Gtk SHOCKER 4 

spiral coll. ft should be built In. a wood box, WINK ER a 
or grounded metal box for safety sake as ee 
we use 115V A.C. power source. Alt the fed LS VAC 
parts can be purchased from an electrical LEVITON = 
supply, except auto bulb and socket. Get “~ IMMER ty WINKER oa 
these from an auto parts supply house. 40 W- EULE Ie 
The Leviton dimmer is not necessary, ; 
but it gives more control. | use a ceramic . BATTERY 9 
base for 40 wart bulb. A smaller trans- ELMMUNATO R om 
former can be used, but | find the 3A-12V a 8 A ISHORME R tnd 
best. itis nice to add a handle to the box. 
! dropped mine once. Put ventilation JAUTOMOTIVE ral 
iaponalle testy and rubber bumper feet en ie ead D.C. BULB | 
I. TOMATC te 
5 GANANA TACK: BE. OUTPUT ae 
To TUBE 
COILS ; 
DWV GS, aa 4 i 
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This is an update on the work I have 
done on the spiral coil MWO. Ihave built 
and tested several new coils and made 
changes in design of shapes and twist of 
the wire and different size of wires etc. I 
have experimented on plants and myself 
for the past several months. 

Inmy article in the Journal of Border- 
land Research of March-April 1991, page 
15, figure 1, I stated, to 
twist the wire counter 
clockwise, as Iwas told 
by someone of authority 
that this was best, Inow 
find after experimenting 
and testing that this is not 
so. [now twist the wire 
clockwise, causing a left 
hand spin of the wire 
when viewed -- or 
counter clockwise. Ifthe 
wire is twisted in this 
manner it more than 
doubles the energy and 
the plants and Iboth seem 
to like it better. If the 
wire is twisted as stated 
itwill produce energy not 
only in a spiral shape but 
also in singie loop rings 
(overlapped) and also in 
just a straight length of 
twisted wire. 

I made a coil like a 
target or a series of one 
loop rings oftwisted wire 
of different diameters 
and wire sizes, from 
about 1 inchto 8 inch and 
overlapped them about % inch and wired 
them toa X shaped piece of thin plywood, 
and it produces more energy than I need. 
T can stay under it only about 7 to 10 
minutes. IfI stay under it longer than this, 
I get over exposure or toomuch energy in 
my body, and it makes my feet and hands 
tingle. 

I made a spiral coil from 1/8 inch 
copper tubing, twisting itlike a solid wire, 
and it produces more energy than a like 


spiral made from solid wire. I donot now 
if the energy travels on the inside of the 
tube and the outside also, but the energy 
produced is much more than is required 
for normal use. 

T also have been experimenting with 
new and different ways to pump or project 
the energy. In my original design I used 
a vibrator to increase the output. I now 





Seirat Coir. Muttipce Wave Oscittator 


find that with the new coils (twisted as 
stated) that they develop asmuch or more 
energy without the vibrator as the old 
coils did with the vibrator. It seems that 
the field or energy pattern given off by a 
straight (twisted) wire is different than 
those ofa single loop (twisted wire) shape 
or spiral shape. 

1am building anew coil thatuses both 
and looks like a spider with 8 legs of 
different length. It has 2 single loops 
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(overlapped). One loop is 2-3/8 in diam- 
eter and the other is 4-1/8in diameter. The 
small loop is centered in the large loop and 
in the same plane. I made a wood jig with 
nails for pins to hold them in place and 
soldered twisted straight lengths of wire 
pointing from the center outward. I will 
bend the tips of the straight twisted wires 
down 90° producing a shape like a spider. 
Pll let you know if itis different from the 
spiral coil shape in energy output. 

It now becomes obvious that a spiral 
is not the only configuration that will 
generate or collect and broadcast energy 
of unknown origin. If other shapes or 
designs willaiso produce 
energy, is their output dif 
ferent? If so, what are 
the differences? Are the 
wave lengths different, 
are there different pat- 
terns to the waves or en- 
ergy? How does it affect 
the living organism? 

When a spiral or coil 
is placed in front of a 
reticular energy field it 
produces unusual results. 
Coils can be combined 
with many other forms 
of energy, magnetics, 
light, audio, vibration 
etc. 

In my article I said 
you can design and build 
coils of all shapes and 
types, as it is only lim- 
ited by your imagination. 
It is my personal belief 
that someday someone 
will design and develop 
acoilofanature that will 
be highly beneficial to 
humanity, we need your 
input, ideas and help. 

If a coil of twisted 
wire was built in a target configuration of 
a series of overlapping loops so as to be 
similar in design to 2 Lakhovsky coil, and 
was powered by a Beck MWO output, 
what would be the results? Ifa twisted 
wire coil will produce and project energy, 
connecting it to the field of a Beck type 
unit should be interesting. Are there any 
takers? 





Lakhovsky’smuultiple wave oscillator has 
always intrigued me. I tried to buiid my first 
one in 1976 based on Bob Beck’s schematics. 
These early experiments failed miserably, but 
J remained interested. In 1987, I had the 
opportunity to see one of Bob Beck’s MWOs 
at amecting ofthe Los Angeles Psychotronics 
Association. Iam a healer and a sensitive by 
nature, and I was looking forward to finally 
seeing the mythical machine in action. Bob 
had said that is was a very high power mode! 
and he was right about that. 

The unit was of the design that has been 
popular since the 60s; a high voltage spark- 
gap transmitter driving an antenna of concen- 
tricrings. Bob tumed it on and ran it for about 
three minutes. Itmadea loud zapping noise as 
hundred of sparks jumped from ring to ring on 
the antenna. 

i was standing in the back of the room, 
about 30 feet from Bob’s MWO. 
As soon as he tumed it on I felt a 
blast of irritation hit my aura. I 
could handle the etheric frying of 
my energy field for only about 
thirty seconds before I had to leave 
the room. When I came back in, 
everyone’s energy had been fried. 
Themeeting quickly digressed into 
a break, with everyone talking to their neigh- 
bor. It was quite a sensation! 

In thirty seconds [had become convinced 
of two things. First, this MWO was extremely 
damaging to the subtle energy field and there- 
fore must be incapable of promoting systemic 
healing. And second, this MWO must be 
unrelated to what Georges Lakhovsky was 
reporting in his book Secret of Life. 

Since I drew those conclusions back in 
1987, I have been confronted with numerous 
testimoniais of people gaining benefit from 
this style of MWO. While I do not doubt the 
accuracy of these stories, I must admit, I do 
not understand by what process the benefit is 
derived, 

Here is where the MWO languished in 
my mind until Lou Schad’s articles appeared 
in the March/April and May/June 1991 issues 
ofthis journal. Intuitively I felt Lou was on to 
something very important. On a visit to 
Borderland Headquarters, I had a chance to 
evaluate a unit Lou had given to Tom. The 
energy coming from the antenna was gentle 
but very penetrating. I was excited. I went 


SCORES BEFORE SESSION 
Ideal Score: 8 


Biological Score: 19-16-14-12-9 
5 scores with high numbers 


fs considered very toxic. 
Immune System Stress: 3 
Endocrine System Stress: 5 


home with the intention of building one of 
Lou’s units to experiment with. 

Afier considering Low’s design carefully, 
I decided to make a few changes and by late 
May 1991 Thad my first unit. As ittummed out, 
my unit did not took at ali like Lon’s, but it did 
embody the fundamental principles that he 
innovated. These included a spiral main an- 
tenns that was charged with static electricity 
and physically vibrated, Lou’s antenna was 
complicated to build, I decided te use an 
antenna design that I had been developing 
uses for for three years, a spiral based on the 
phi ratio that I could have printed right onto a 
circuit board. That solved the problem of 
antenna fabrication. Another thing I changed 
was the method to induce the physical vibra- 
tions. Lou had used an aquarium pump. It 
worked well but was limited to only one rate 
of vibration. I decided that the rate of vibra- 


Ideal Score: 6 





tion might be important to look at so nry unit 
was made with a variable rate of vibration 
from 2% vibrations per second up te about 14 
vibrations per second. The last change I made 
was the vertical antenna. Not knowing the 
height I needed for the optimum effect, I 
simply used a retractable replacement an- 
tenna from Radio Shack, the kind you usually 
see on portable radios. This gave mea way to 
vary the electrostatic charge on the spiral, by 
raising or lowering the antenna. 

By early June 1991 I had made an ar- 
rangement with a local acupuncturist in town 
to run some clinical trials with the unit. This 
medical professional has asked to remain 
anonymous and so for the purposes of this 
article, I will refer to this person a3 “‘John’’. 
John is a gifted sensitive and an advanced bio- 
energetic diagnostician using equipment from 
Germany called the VegaTest. John also has 
had assistance in this evaluation by another 
gifted sensitive who can see auras in vivid 
color and detail. I will refer to this second 
person as ‘‘Pam’’. As of this writing in early 
November, their evaluation has been on-go- 
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SCORES AFTER SESSION 


Biological Score: $2-!0-8 
Immune System Stress: | 
Endocrine Systern Stress: 0 


ing for 44% months or since mid-June. The 
Tesults are preliminary, No cures are claimed. 
However, all indications point to systemic 
detoxification, energizing and rejuvenation, 
just what you would expect to see from a 
broadly stimulated natural healing process. 

The VegaTest procedureis very sophisti- 
cated. It uses a bio-feedback mechanism to 
establish baselines for toxicity level, systemic 
stress and specific organ stress as well as the 
presence and location of specific pathogens 
and types of toxic substances. Toxicity level 
is measured on a scale of 0 to 21, where 21 is 
the most toxic. A ‘‘Biological Score”’ is 
developed from the toxicity valnes that come 
up and can have from 1 to 6 numbers ranging 
from 1 to 21, 6 numbers being the most toxic. 
An “Ideal Score’”’ is determined on a scale 
from 1 to 15 where normal for adults on first 
testing range from 7 to 11. Stress on the 
immune system and endocrine system is mea- 
sured on a scale from 6 to 5. 


CASE A is a 21-year old female who has 
never been treated with other remedies. The 
patient was VegaTested, then received one 20 
minute session with the MWO and then was 
retested. (See box insert} These scores sug- 
gest that even one session can tem~- 
porarily reduce stress levels sig- 
nificantly and promote detoxifica- 
tion. 


CASE B isa 72-year oldmale with 
extreme intraocular pressure. The 
patient received only three ses- 
sions with the MWO. The pres- 
sure within the eyes lessened with each ses- 
sion. Pam reported that before the MWO 
sessions, the region of the eyes and head was 
completely dark and devoid of life force. 
After the first session, the darkness cleared 
about 40%. With the second session, the 
darkness cleared about 80% and with the third 
session, the energy around the eyes was com- 
pletely vibrant. 


Without going into a lot of specific case 
histories, ornaming disease conditions treated, 
John and Pam are consistently seeing the 
following: 

1. TheMWO expands the energy fieldaronnd 
the body 3 to 6 feet. 

2. It functions to reduce accumulated stress 
on many levels. 

3. Itclears the energeticimprintsofillnesses. 

4. It fills in breaks and cracks in the aura. 

5. It builds vitality at a very deep level and 
combais fatigue, 

6. Itpromotes the drainage of stale and stag- 
nant life energy down the arms and legs 
and ont the hands and feet. Several times 
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Pam has seen dark yellow or dark green 
energy drain out of acupuncture points or 
organs, to be replaced by cleaner and 
clearer colors. 

7. Everyone experienced improvement, re- 
gardless of their condition. 


METHOD OF USE FOR THE MWO, (de- 
veloped by John and Pam during this testing 
peried) is as follows: 

1. A person using the MWO should sit in a 
comfortable chair with their feet flat on 
the floor and their hands apart, laying on 
their thighs, palms up is best. The chair 
should be about 6 feet from the MWO. 
During the session they should pericdi- 
cally rotate their wrists and ankles to help 
promote the draining. 

2. TheMWOshould be started at slow vibra- 
tion rates (2-3) and slowly moved to higher 
vibration rates (5-9) and then at the end, 
moved to slower ones again. Sessionscan 
be from 10 to 25 minutes. 

3. After the MWO is turned off, the person 
should remain seated for 10-15 minutes to 
continue to drain while the energy field 


MULTIPLE 


slowly shrinks back from its highly ex- 
panded state. 

4, Rooms where the MWO is used may need 
to be cleared after its use due to the stale 
energies that drain out. Sun light, fresh 
air, toning, sage or other means may need 
to be employed to keep the MWO session 
room clear, 


THE BSRF MWO PROJECT contin- 
ues to develop, as this and other articles in this 
issue clearly show. A special thanks to Lou 
Schad for his briiliant and original departure 
from the errors of the past and showing us the 
true Borderland spirit in action. 

One final note. We at Borderland are 
constantly railing against people who invoke 
the name of some famous researcher, like 
Rife, Tesla or Lakhovsky, and then sell the 
public a piece of equipment unrelated to the 
original work. This isno better than bait-and- 
switch hucksterism and we deplore it. There- 
fore, let us state for the record from the outset, 
that this new Electrostatic MWO is not what 
Georges Lakhovsky was doing. Neither isita 
direct attempt to duplicate his work. Lak. 





hovsky claimed to have had his units in use 
around the world, but after years of research 
we have found no physical evidence of this. 
He never published detailed schematics of 
any complete devices. This new MWO is a 
modern attempt to address the same problems 
that Lakhovsky was grappling with. We call 
it a multiple wave oscillator because it is, 
clearly, 2 device that produces a wide spec- 
trum of oscillatory emissions simultaneously. 
Lakhovsky pioneered this line of research, 
This unit is not a ““Lakhovsky MWO”? but, 
strictly speaking, no other unit sold in the last 
30 years has been either. 

As this MW0O is part of an ongoing re- 
search project, a limitednumber of these units 
will be produced and made available to the 
public, 

The new BSRF Electrostatic MW0 is for 
investigational purposes only. It is not a 
substitute for professional medical care and is 
not indicated as a specific cure for any disease 
condition. Any such use goes directly against 
the intent of the manufacturer, The perfor- 
mance characteristics of this device have not 
been established. 


[AVE OSCILLATOR 


Borderland Sciences Research Foundation is proud to announce that their new Electrostatic Multiple 


Wave Oscillator is now available for investigational purposes. 





TOTALLY NEW APPROACH 


This unique Multiple Wave Oscillator uses a specially designed spiral coil that 
is both physically vibrated and simultaneously charged with a safe quantity of 
static potential, unlike designs using high voitage discharges between concentric 
rings. The result is a wide-spectrum wavefront of electromagnetic and 
etheric vibrations. It also provides a means to introduce a wide variety of 
other subtle influences inte the broadcast much like a substance biocircuit. 
The Electrostatic MYO from Borderland Sciences isa versatile investigational 
tool. 


The MWO has a wide range of vibratory rates and charge intensities, It is 
aone square foot cube with a Golden Mean Spiral MWO antennaonthefront 
and a retractable antenna on the tap for tuning, Powered with standard AC. 
Constructed using no toxic materials. 


ELECTROSTATIC MWO 
The Electrostatic MW0O is a high quality device produced 


in limited quantity for our research network, Interested 
researchers may inquire with BSRF as to current availabil- 
ity of units. 
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SUN-ETHER DISC 
By Albert Zock 





The German inventor Oscar Korschelt based his cosmic ether accumulator, German 
Patent #69340, dated July 14, 1891, on the teaching of Wilhelm Weber not realizing 
that it incorporated the implosion principle as well. Weber professed that all 
particles of the ether, having an electrical charge, are circling around solid objects 
without touching them, the molecular particles being negative and the ether particles 
being positive, according to the law of attraction and repulsion. Since a solid body 
attracts ether particles, Korschelt searched for a way to collect, condense and to 
rectify them. 


On a wooden dise with a hole in its center, Korschelt fastened spirals of copper 
wire, on both sides, one wound clockwise and the other, as a mirror image, counter 
clockwise, and connected the ends together through the hole in the center. His 
assumption was that the collected energy would be condensed in the center and then be 
beamed off at a right angle to the disc. He termed the side facing the light positive 
and the other negative. To increase the condensation and lengthen the antenna, 
Korschelt wound small coils like key rings and assembled them like Jinks in a chain. 
He was convinced this device would give additional life energy if the beam was 
directed at the neck of a person in the height where the 18 cranial nerves are leaving 
the skull, (medulla oblongata). Such a spiral resembles a Nornen coil, which is 
stretched out and is used to eliminate undesirable emanations. 


An application of a Kerschelit coil seems to have its merits. In one case a 
relative of an elderly man suffering an acute pneumonia, being already unconscious and 
according to his physician, beyond hope, hung a Sun-Ether Disc over his bed. From 
this moment, his condition improved rapidly. Fourteen days later, he was almost 
normal again. in another case, a Sun-Ether Disc hangs over the door in the waiting 
room of a Naturopath. Every one walking in is amazed over its warmth, and the flowers 
are flourishing like in a green house, even though it is not heated and faces north. 
When asked for the reason, the owner points smilingly to the disc and gladly explains 
how it works and how to build one. 


On a plywood dise with a diameter of 50 em (20-3/4 in.) are two coils, one on 
each side, wound in a mirror image, the front one counter-clockwise and the other 
clockwise, almost on top of each other. Both are connected through the hole in the 
center which has a diameter of 10 mm (6/8 in.}. The space between each winding is 15 
mo (5/8 in.). Aluminum wire is best. To make the key rings, take a 4 mm (3/16 in.) 
thick wire, fasten it into an electric drill and wind the armature wire around it 
tightly, by allowing the rotating wire in the drill to do the spinning. Make sure to 
wind the links for the front counter-clockwise and for the back clockwise. Then 
separate every fourth winding and cut it to get the links shaped like key rings. Now 
attach the rings onto one another like a chain. Each link will lengthen the antenna 
and work like an oscillator. Fasten the chain onto the board, using nails or screws, 
but to be accurate, give the chain a light tension so it will not slip off. Twist the 
ends in the hole together, or better, solder them. The counter-clockwise winding for 
the front applies to people living in the northern hemisphere; in the southern 
hemisphere it might need to be reversed. 


In Korschelt's time, some made "beam-handbags" carried on a shoulder strap. The 
material had to be framed to it could not move, then the spiral was embroidered and 
fasted to the inside of the bag, the whole bag measuring about 20 x 20 cm (8 x 8 in.) 


and the windings being 1 cm (3/8 in.} apart. Such bags were more powerful than the 
disc. 
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ETHER RADIATING APPARATUS 
4n Apparatus For Therapeutic Use Without Direct Or Indirect Suggestion 
Oscar Korschelt of Leipzig. German Patent #69340, July 14, 1891 
Translated from the German by Bodo Capelier, 1986 


This apparatus utilizes the living forces of the ethers for healing purposes. 
The electro dynamic theory of Wilhelm Weber concerning the structure of smallest parts 
results in the insight that all ether is identical with Webers electric particles, 
that all solids rotate around it at a certain distance because of attraction of 
positive to negative ether particles in relation to solids. Through a corresponding 
arrangement of solids it ought to be possible to condense the diffuse ether and 
redirect it. A similar arrangement has been utilized in the following described 
apparatus which has been named by the inventor “Ether Radiating Apparatus”. 

This apparatus can be used for the purpose of increasing the intensity of the 
power of living ether. The difference between several versions of this apparatus is 
that of shape of materials used. In order to get increased power electric current may 
be used. Since the same appears to consist of positive and negative particles that 
try to find equilibrium, the amount of liberated ether particles within the wiring of 
the apparatus and the diameter of the wire formed ether vortex will increase with the 
spun off ether particles. 

In drawings 1 through 5 an ether radiating device is shown. Within the apparatus 
the arrangement of the metal wiring is formed in a spiral that wili cause ether 
particles to spin in a predetermined direction so that the living force can be 
utilized in many ways. 

The version in drawing #3 shows the wire is formed in spiral configuration on 
both sides of plate E and is connected in the center. Through this arrangement the 
ether particles will accumulate in the center of the disk and be thrown forward. In 
order to achieve a longer path for the ether vortex one may utilize a chain instead of 
a simple wire which consists of horizontal displaced links (drawing #5). The disk is 
intended to cause physiological changes in humans (see drawing #1). 

Patent request: An apparatus for therapeutic purposes with direct or indirect 
suggestion consisting of a non conductive disk (E), free standing or installed in a 
tube, where both sides of the disk contain spiral wound wire with the side toward the 
light exposed as the collector and the opposite the radiating portion. 


Fig. ¢ Fig. 2. 





Fig. 3. Fig. 4. 
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March-April 1988 JBR, 
VIEW FROM THE BORDERLANDS 
by Tom Brown 


NATURAL ELECTRICITY 

Erast Lehrs, writing in MAN OR MAT- 
TER about early views by Volta and Galvani 
on electric fish, provides insight into the 
nature of animal electricity. ‘“The electric 
organ of such a fish consists of many thou- 
sands of little piles, each made up of a very 
great number of plates of two different 
kinds, arranged in alternating layers. The 
twokinds differ in substance: in onecase the 
plate is made from a material similar to that 
present in the nervous system of animals: in 
the other the resemblance is to a substance 
present in the muscular system, though only 
when the muscles are in a state of decay. In 
this way the two opposing systems of the 
animal body seem to be brought here inta 
direct contact, repeated many thousands of 
times. 

“In the electric fishes, accordingly, 
sensation and will are brought into a pecu- 
liar interrelation. For as a result of the 
spatial fixation and the state of deterioration 
of its bodily foundation the animal’s will- 
pole is related to its bodily foundation in a 
manner which otherwise obtains only be- 
tween the nervous system and the psycho- 
logical processes co-ordinated withit. These 
fishes have the capacity to send out force- 
currents which producein other animals and 
in man ‘concussion of the limbs’, or in 
extreme cases paralysis and even death. 
When contemplated with pure observation 
this phenomenon tells us that in cases of 
mainor strength, this force causes processes 
of a volitional character in bodies affected 
by it. Through stronger effects the organic 
system which serves the will of the creature 
involved passes into disuse, either fora time 
or for good. By describing the process in 
this way we realize that electricity appears 
here as metamorphosed animal will, which 
takes this peculiar form because part of the 
animals’ volitional system is assimilated to 
its sensory system in an exceptional man- 
ner. 

“Tt is known today that what nature 
reveals so strikingly in the case of the elec- 
tric fish is nothing but the manifestation of 
aprinciple at workin the bodies of all beings 
endowed with sensation and volition — in 
corporeal terms, with the duality of a ner- 
vous and a muscular system — and therefore 
at work aiso in the human body. Observa- 
tion has showa that the activities of these 
two systems in man aud animal are accom- 
panied by the occurrence of different elec- 
tric potential in different parts of the body. 
Manifoid in detail though the relevant ob- 


servations are, they all confirm a definite 
correlation of negative electricity with the 
nerve-and-sense pole (sensation) and of 
positive electricity with the blood-and- 
muscle pole (volition).’” From MAN OR 
MATTER, © 1958 Ernst Lebrs, Rudolf 
Steiner Press, London. 

Thus we see that natural electricity is 
formed by processes which can be mirrored 
in non-living matter. But if we can have 
access to the primary form of the energy 
why pursue the secondary, aud seek ont that 
“‘mapic frequency”” that will cure AIDS, 
cancer, and assorted body clogs that go 
under fancy medical names? The answer is 
that everyone has their individual path to 
travel. Spiritual healing sometimes takes a 
long time, while an electronic device may 
get the person back on the track of their day- 
to-day life. The spiritual lesson of the 
sickness is buried forthe future. Biectricity 
is the subsensible force, but itis areal force 
with the ability to alter the functioning of 
the human body. 


November-December 1989 JBR, 
VIEW FROM THE BORDERLANDS 
by Tom Brown 


MW0O NOTES 

The work of Georges Lakhovsky continues 
to be of strong interest. I have been inves- 
tigating the Lakhovsky MW O for about four 
years now and my views have consistently 
changed with new information. BSRF’s 
MWO Handbook is getting quite popular! 
However, my views have changed some- 
what since doing that book, and eventually 
anew edition will have to be put out to keep 
up with the new data. 

What was Lakhovsky really up to? 
Well, his basic experiments were with cop- 
per wires which were circled around plants. 
Lakhovsky felt that these rings were acti- 
vated by cosmic radiation. Lakhovsky was 
extremely interested in subtle energies, such 
as those that guided birds on their migra- 
tions. The copperrings, when placed around 
plants, wouid heal cancers in the plants. 
THE SECRET OF LIFE, Lakhovsky’s best 
known book in English shows pictures of 
these experiments. Lakhovsky then moved 
to bring these healing energies to humans. 

Lakhovsky also intuited the DNA spi- 
ralcoilinihe center ofevery cell long before 
anyone ‘‘discovered’’ it. He felt that a 
properly generated multiple wave electrical 
field would make the coil in each cell reso- 
nate at its proper frequency, just as a tuning 
fork resonates when its frequency is struck 
on a nearby similar fork. 

Today’sconceptions ofa Multiple Wave 
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Oscillator (MW0O) are quite different from 
what Lakhovsky was really doing. Lak- 
hovsky tried to reproduce the healing ener- 
gies of the cosmos by electrically energiz- 
ing coils te produce energy fields which 
apparently regenerated aberrant cells along 
the lines ofhis theories. Lakhovsky first did 
this by producing an antenna, comprised of 
concentric copper tubes, the outer one being 
energized with two wires from his power 
source. Our impression of his antennas is 
that they were log periodic, that is logarith- 
mic in nature (Lakhovsky doesn’t come 
right out and say this, but his patents are 
definitely worded to cover such an arrange- 
ment). New data coming in (but not yet 
verified) tells us that these copper tubes 
were filled with one or more of the noble 
gasses (also called rare, or inert passes). 

As anyone could guess, these antennas 
would be somewhat hard to manufacture. 
Lakhovsky then miniaturized the antenna 
and inserted it in a gas bulb. His US patent 
#2,351,055 says vacuum bulb, but also cov- 
ers low pressure gasses. There are twomain 
keys here. One is the log periodic antenna. 
Ail higher forms of life are based on loga- 
rithmic patterns, from ferns to humans. 
Lakhovsky was creating a structure in the 
ether which would bring ceils into proper 
functioning. The other is the vacuum / low 
pressure gas effect. For those who wish to 
understand the potent effect of the vacuum 
on life then the reading of The Nature Of 
Substance by Rudolf Hauschka is required. 
According to Walter Russell the noble gas- 
ses are the octave markers in the harmonic 
spiral ofthe elements, which also exists in a 
logarithmic pattern. 

I recently visited with Dr. Norman 
McVea of Stinson Beach, California, 
Norman has several high frequency gas 
tubes built trying to understand what Lak- 
hovsky and Royal R. Rife were up to. 
Norman has a MWO built of 12 glass con- 
centric rings with various noble gasses in- 
serted in them. When we checked it out it 
was Tunning at 60 cycles, pulsed at 7.8 
cycles. My recommendation to Norman 
was to run the unit with a radio-frequency 
oscillator which can be tuned from 1 to 30 
mepacycles, and modulated with a variety 
of sources for research. Norman has pro- 
duced the most unique MWO I’ve seen in 
our modern times, and he is certainly on the 
rightirack. Heis also working to reproduce 
Rife’s high-frequency gas bulbs. 

The key to Royal R. Rife’s frequency 
instrumentis also the use ofthe noble gasses 
energized at high frequency (possibly 4.5 
megacycles), which were then modulated 
with specific musical tones. Lakhovsky’s 
units were energized similarly, but used the 














Organic synthesis practical techniques 


This clip is designed to cover all of the practical techniques used 
in Alevel chemistry to second-year level. 


It will not serve as a review of all the reagents and conditions, but 
hopefully it will help you understand how to plan what techniques to 
use in a synthesis once you have worked out a scheme of reactions 
to follow. 


When planning a synthesis, the main thing to ask is "is my 
product a liquid or a solid?" 


; Making it Separation Purification Checking purity 
Solid product? | Synthesis - filtration - recrystallisation - melting point 
Liquid product? | Synthesis - separate layers - dry the organic liquid - redistil 
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frequency-independent log periodic anten- 
nas, giving a broad band of treatment, rather 
than the specifics of Rife’s units. In many 
ways these two pioneers were working with 
the same keys, 


WHO DUNNIT? 

Rife and Lakhovsky have another similar- 
ity, that is, that people today are building 
equipment obliquely related to their work 
and offering them as original, or ‘‘improve- 
ments,’’ This needs serious examination. 
The last two years has brought on an under- 
ground cult of so called “Rife Frequency 
Generators.’’ There are hordes of these so- 
called ‘‘Rife’’ units being sold which are 
merely fancy variations of TENS (Transcu- 
taneous Electrical Nerve Stimulation) de- 
vices. The conception for these units, usu- 
ally producing square audio waves, comes 
from John Crane who knew and worked 
with Rife in his later years. John has affida- 
vits from people who swear that they were 
healed from cancers and such by his square 
wave units in the early 1960’s. It is ex- 
tremely important to note that Rife’s work 
in the 1930’s through the 1950's was with 
high frequency gas tubes and all his docu- 
mentation covers those units. History is 
tapidly becoming blurred in the race to cash 
in on people’s poor health. 

Modem purveyors of the so-called 
“*Rife’’ equipment are making several er- 
rors: The first is that they claim that Rife 
developed the use of the square wave gen- 
erators with electrodes. That is incorrect, it 
was John Crane (which makes Crane a pio- 
neer of TENS research!), The second is that 
they claim that Crane’s equipment was junk 
and would never work. Maybe the equip- 
ment wasn’t of the highest quality Gve have 
aa original unit in our collection!) but Crane 
does have a lot of signed affidavits, several 
of them in our files, claiming that the units 
worked on specific diseases. In general, 
people are being misled in order to sell them 
equipment they probably don’t need, That is 
a bad reflection on the field of electro- 
therapeutic research. 

Perhaps these modern *‘Rife’’ (TENS) 
units have some merit in killing certain 
types of pathogens. I’ve spoken with many 
people who were completely dissatisfied 
with their so-called ‘‘Rife’’ units, and I’ve 
spoken with two people who have claimed 
that they have killed infections such as foot 
rot and herpes. Maybe they do, but for all of 
the thousands ofdevices being putout where 
is the documentation? Where is the proof? 
T have seen Crane’s affidavits of the early 
1960's, but have seen no medical studies 
from anyone, not even basic notes!!! There 
is obviously a very important bit of work to 


do in researching the effects of puised DC 
on the human body. TENS units kill pain, 
that has been clinically documented. The 
claims of the so-called ‘‘Rife”’ units are just 
that -- claims, and unsubstantiated to boot. 
Until any substantial research work is done 
in this area I would recommend that people 
donot follow the mobhysteria which shrewd 
hucksters have instigated over Royal R. 
Rife’s work. 

Lakhovsky’s story is similar. All the 
units being built today are based on Bob 
Beck’s early 1960's interpretation of 
Lakhovsky’s first patent (#1,962,565). Af- 
ter four years of looking at these devices and 
reading Lakhovsky’s patents and books I’ve 
come to the conclusion that Bob was misled 
by the patent, From an electrical engineer’s 
viewpoint Bob’s units make sense. From 
the standpoint of understanding subtle ener- 
gies within and surrounding the body the 
units are merely RF noise generators which 
have questionable effects on the body, and 
most likely interfere with natural energetic 
processes (chi flow, etc,). The Beck MWO 
is a variation of one of Tesla’s electro- 
therapeutic devices, the variation being that 
Tesla went to great pains to make the anten- 
nas spark-proof, and Beck’s antennas spark 
away. Lakhovsky’s units didn’t spark ei- 
ther! 

What makes this more interesting is an 
article which appeared some months ago in 
the Health Freedom News, titled Who 
Dunnit? by Mike Brown. Mike gives a weak 
case for his view that Lakhovsky was inept, 
that his earlier units didn’t work, and who 
needed Tesla to fix them up and make them 
work. Perhaps Mike didn’t notice that 
Lakhovsky’s SECRET OF LIFE, which he 
selis to promote his units (in the ad follow- 
ing the article), is based on the units he 
claims in the article didn’t work! Mike 
refers readers to Tesla’s article High Fre- 
quency Oscillators For Electro-Therapeutic 


And Other Purposes (Lectures, Patents, 
Articles by Nikola Tesla, Beograd, 1956), 


but fails to notice that Tesla’s article contra- 
dicts what he is doing with his units. I 
wonder how that article got past the editors? 


CORRECT DIRECTIONS 

Lakhovsky was a brilliant scientist, highly 
regarded on the Huropean continent. His 
name comes up in many books, most re- 
cently I found him referenced in Lilly 
Kolisko’s AGRICULTURE OF TOMOR- 
ROW. ifhe and Tesia met, t’m sure it was 
formore than to fix poorly engineered units. 
There are three types of units that I feel 
should be built for research into this area: 
One is Tesla’s oscillator circuit, The higher 
quality Beck MWO units, such as those 
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built by Kiark Kent, can be converted fairly 
easily. Use the unit’s power supply asis, but 
for antennas use insulated copper plates (or 
spheres, as Tesla preferred for maximum 
effect) coated with heavy dielectric mate- 
rial such as beeswax. Eliminate the spark- 
ing! A necessary design change for future 
units will be to change the 4 wave coil to 4 
wave. 

The second is a reproduction of 
Lakhovsky’s Tube MWO. It will take min- 
iaturizing the Golden Ratio antennas that 
Bric Dollard designed for the MWO and 
inserting them into low-pressure rare gas 
bulbs, which will then be driven at high 
frequencies. It is my estimation that this is 
the best way to pursue Lakhovsky’s high 
frequency researches. The mathematics for 
the antenna, along with further reference 
materials on log periodic antennas, are in 
The Lakhovsky MWO Handbook. 

The third is a reproduction of Rife’s 
original type of equipment being a rare gas 
buib driven at high frequencies, modulated 
with musical tones. This will take RF 
broadcast equipment and arare gas tube, No 
electrodes! 

It is time that researchers in this area 
begin to go in the correct direction. Bob 
Beck madea noble effort in the early 1960's 
with his conception of the MWO, and gave 
people something to work with for 25 years. 
That phase is definitely over and a new one 
beginning. 

The ‘‘Rife generator’’ craze should be 
stopped now before it takes people another 
25 years to find they’ve been misled. Seri- 
ous research into the effects of pulsed DC 
should be undertaken by those with the 
wherewithal. 

And keep it uppermost in your mind 
that electricity isa sub-sensible force. Inthe 
borderland sciences one should fook to the 
supersensible, such as Dr. Wilhelm Reich’s 
orgone energy (which, by the way, reacts to 
electricity in such a way that makes it detri- 
mental to the human body}, and the human 
vital energy such as is utilized in Biocircuit 
research (as begun by L.E. Eeman). 


Af «Kebruary 1996 JB 
VIEW FROM THE BORDERLANDS 
by Tom Brown 


THE WONDROUS 

ELECTRICAL FORCES 

Electrical research is a primary area of 
borderland research. While the term ‘‘oc- 
cult”? puts many people off, it should be 
realized that electricity is an occult force 
whose effects we only see when equipment 
is properly engineered. Four to five bun- 


dred yearsago one would probably be burned 
atthestakeifit would have been possible for 
them to demonstrate electrical devices. 

Electricity is considered by some to be 

a degraded form of the Light Rther, that the 
etheric force gets bound up in matter in a 
way that itcan be used. But being bound up 
in matter it provides mankind with the op- 
tion of using it properly or improperly. 
Many articles on the detrimental effects of 
electric fields have been published, and 
tore studies are n0 doubt underway on this 
importanttopic. There arealso somerecords 
ofelectro-therapeutic devices that used this 
force for healing. Tesla envisioned a world- 
wide electrical power system and did the 
basic testing to show himselfthat it 
was viable, and needed but to be 
built. Tesla was a man of great 
intellect and was a reader of Goethe 
and other great minds. One would 
feel that he was in some way famil- 
iar with Goethe's Farbenlehre 
(color theory). The type of elec- 
tricity being sent around our globe 
on wires is of a different, lower 
form that that of Tesla’s transmis- 
sion of electricity without wires. It 
is quite possible that Tesla’s elec- 
tricity was of a beneficial nature. 
Tesla did research into electro- 
therapeutics and wasno doubtaware 
of both, beneficial and detrimental 
effects. With the power system he 
envisioned on line wemay nothave 
ended up with the electrical prob- 
lem we are just beginning to see the 
“tip of the iceberg” of. 

This point needs clarification 

and elaboration beyond what most 
people now imagine. We periodi- 
cally mention certain aspects of Dr. 
Lilly Kolisko’s experiments with 
the crystallization of metallic salts 
rising contra gravity. These ex- 
periments were done to establish 
whether or not the planets had any 
direct connection to the metals as 
alchemical lore supposed. 

The connections she investigated are 
Gold-Sun, Siiver-Moon, Mercury-Mercury, 
Copper-Venus, Iron-Mars, Tin-Jupiter, 
Lead-Saturn. For example Dr. Kolisko would 
take a gold chloride solution (1%) and allow 
a portion of it in a laboratory dish to climb 
a segment of blotter paper. As it dried the 
fine details of crystalline form could be 
seen. After many experiments the charac- 
teristic form of each metal’s salt could be 
comprehended. It was scientifically estab- 
lished that the actions of cosmic bodies 
would have direct effects upon the crystai- 
lizing actions in the lab. Gold chioride 


would not crystallize properly during sev- 
eral solar eclipses that Dr. Kolisko reported 
on (1927, 1947). A darkening effect was 
noticed on these slides, 

Just recently I came across this in the 
recollections of Dr. Rudolf Hauschka, 
founder of Wala Pharmaceuticals: ‘‘In the 
course of researches into the delicatechanges 
in matter which are revealed in the capil- 
lary-dynamic method, an alarming symp- 
tom came to the fore, At one of the Easter 
conferences of the Anthroposephical Dos- 
tors’ Working Group in Comburg in 1964, 
Frau Kolisko, the past-master of the capil- 
jary-dynamic method, spoke on ‘Gold and 
the Signs of the Times.’ In earlier years she 





PLANET EARTH—POST-RADAR 


Entire planetary environment permeated with poleed electro 
maguetic radiation—an unprecedented condition. 


had demonstrated by means of the Steigbild 
(iterallyrising pictures, also known as chro- 
matograms) the connections between the 
metals and the planets, and in particular the 
effect on gold of an eclipse of the sun. 
During aneclipse ofthe sun the gold Steigbild 
which normally glows with beautifid col- 
ors, shows a darkening and ihe emergence 
of grey formations. Fran Kolisko now 
showed a series of gold Steigbild produced 
in the last years almost hourly and at ail 
times of the day and of the year. Without 
exception all of them showed the same 
sinister dark formations which had appeared 
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earlier, in the first half of the century, only 
at the time of a sun eclipse. She closed her 
lecture with a question to the doctors, namely 
whether, considering the change now in 
gold, they could still be answerable for its 
useasa medicine. There was no doubt about 
it: since the middle of the century gold had 
become different ~ it was sick. Or, to 
express it differently, the connection be- 
tween the spheres of the sun which stream 
down and the metal which they permeate is 
disturbed,” 


ELECTRICITY: 

THE MAIN CULPRIT 

The main culprit in this sickness of earthly 
matter is none other than the elec- 
trical environment that has mani- 
fested on this planet. Certainly 
there were radio communications 
going during Dr. Kolisko’s early 
experiments, but as this chart from 
Trevor Coustable’s COSMIC 
PULSE OF LIFE shows, the post 
WwWilenvironment was heavy with 
these signais, culminating in 
today’s total saturation point. 
Imagine what the Steigbild would 
have shown in previous centuries 
before the electrical force began 
its manifestation. 

Nuclearproliferationmustalso 
be considered as adding to this 
phenomenon, but electricity is the 
degraded form of the light ether, 
whose source the sun is related to 
gold. Walter Russeli, in ATOMIC 
SUICIDE, indicates thatthespread 
of nuclear energy will destroy the 
atmosphere surrounding this planet 
and now scientists are scratching 
their heads as the hole in the plan- 
etary ozone layer gets larger, (Of 
course chiorofluorocarbons and 
New Zeatand sheep farts have alt 
been blamed for the ozone deple- 
tion, but nuclear energy is a pri- 
mary cause.) This atmospheric 
destruction could well aid in cut- 
ting off gold from its cosmic wellspring of 
life. 

Rudolf Steiner had many insighis into 
the true nature of electricity, its relationship 
to humanity and its role in our future. Per- 
tinent to the matter at hand jet us consider 
the following remarks, a portion of his an- 
swer to a question about electrical treatment 
of animal fodder: 

**You must consider the whole part 
played by electricity in Nature ... to the 
effect that human beings canuct go on de- 
veloping in the same way in an atmosphere 
permeated on all sides by electric currents 
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and radiations, It has an influence on the 
whole development of man. This is quite 
true; man’s inner life will become different 
if these things are carried as far as is now 
intended. Itmakes a difference whether you 
simply supply a certain district with steam- 
engines or electrify the railway lines. Steam 
works more consciously, whereas electric- 
ity has an appallingly unconscious influ- 
ence; people simply do not know where 
certain things are coming from. Without a 
doubt there is a trend of evolution in the 
following direction. Consider how electric- 
ity is now being used above the earth as 
radiant and as conducted electricity, to carry 
the news as quickly as possible from one 
place to another. This life of men in the 
midst of electricity, notably radiant elec- 
tricity, will presently affect them in such a 
way that they will no longer be able to 
understand the news which they receive so 
rapidly. The effect is to damp down their 
intelligence, Such effects are already to be 
seen today. Even today you can notice how 
people understand the things that come to 
them with far greater difficulty than they did 
a few decades ago. 

“‘Ttis aremarkable fact that whenever 
something new appears, as arulein theearly 
stages itis heraldedas aremedy--ameans of 
healing. Then the prophets get hold of it. It 
is strange, where a new thing appears, clair- 
voyant perception is often reduced to a very 
luman level! Here is aman who makes ail 
sorts of prophecies about the healing pow- 
ers ofelectricity, whereno such thing would 
previously have occurred to him. Things 
become fashionable! No one was able to 
imagine healing people by electricity so 
long as electricity was not there. Now—not 
because it is there, but because it has be- 
come the fashion—now it is suddenly pro- 
claimed as ameans ofhealing. Electricity— 
applied as radiant electricity~is often no 
more ameans of healing than it would be to 
take tiny little needles and prick the patient 
all over with them, It is not the electricity~ 
it is the shock that has the healing effect. 

“Now you must not forget that elec- 
tricity always works on the higher organiza- 
tion, the head-organization both of man and 
animal; and correspondingly, on the root- 
organization in the plant. it works very 
strongly there. If.. you pour electricity 
throngh the foodstuffs~you create food- 
stuffs which will gradually cause the animal 
that feeds on them to grow sclerotic. It is a 
slow process; it will not be observed at once. 
Electricity will not at first be recognized as 
the cause; it will be ascribed to all manner of 
other things. 

“Electricity, once and for ail, is not 
intended to work into the realm of the liv- 


ing—it is not meant to help living things 
especially; it cannot do s0. You must know 
that electricity is at a lower level than that of 
living things.’’ (from Agriculture by Ru- 
doif Steiner} 

How pertinent and timely these words 
are today on many fevels of borderland 
research. Electrical/electronic medicine has 
the glamorous position on stage at most of 
the conferences, andin many people’s minds, 
in today’s ‘borderland’ field. People are 
racing to buy instruments which are de- 
signed by electronic engineers with little or 
no training in the comprehensive constitu- 
tion of humans. It is the fashion! There is 
no consideration that true healing comes 
from the spiritual realms, that the spirit is 
always healthy, and that dis-ease comes 
from a condition where the various subtle 
levels of the body are not aligned properly 
with the physical. 

These electrical instruments have the 
potentialto produceapparent results in treat- 
ing disease symptoms. But what of the long 
term effects of the subsensible electric cur- 
rent? Considering the alarming state of 
affairs viewed through the information just 
presented I pose the question to the reader, 
“‘Do you prefer the natural or the unnatural 
forms of treatment?’* Many people flock to 
electronic medicine because they feel that 
the petro-chemical drugs that are prescribed 
by the medical establishment are detrimen- 
tal to their long term health. Very possibly 
86, but will electricity be any better? What 
about your own vital energy and its relation 
to cosmic life forces? 

Electrical stimulation of the body treats 
& symptom and fails to allow for the body’s 
natural healing process. As electricity is an 
externalized part of humanity’s inner voli- 
tional force we can see that there will be 
definite effects from the subsensible cur- 
rent. But the effects will be relative and the 
innerhealing process put on secondary mode. 
Blectro-therapy, while emerging as a viable 
medicine of the future, still ignores the 
natural healing process, 

This does not mean that we should not 
research electro-therapy. In whatmay seem 
a contradiction to many readers, lam 100% 
for farther research into this area. It wil! no 
doubt be of benefit to many. Our relation- 
ship with electricity is one of the greatest 
questions ofour time. Peopleunconsciously 
use this force, and the results are such as 
those noted by Lilly Kolisko. Electricity is 
intimately connected to the Life Force, but 
preat care must be taken not to confuse the 
two. Electro-therapeutic research helps 
define the boundaries, and thus is of interest 
to Borderland Researchers, but it certainly 
does not mean I recommend it! 
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MWO QUESTIONS 

Your comments re the MWO in the Nov- 
Dec 89 JER are of much interest and raise 
the following questions in my mind: 

1. Will you be publishing any information 
by Dr. Norman McVea? 

2. How can the Kent units now in circula- 
tion be converted to produce g 4/2 wave? 
Perhaps Klark would be willing to pub- 
lish an article on this or be willing to do 
the converting for a price, 

3. Has any member ever tried to obtain 
any information on the circumstances of 
Lakhovsky’s death? About three years 
ago a reference librarian made a serious 
effort for meto obtain any information re 
Lakhevsky, with absolutely no success. 
Perhaps there was an obit in the NY 
Times at the time he died, assuming that 
is where he was at the time, 

4. Where in the world would we obtain 
copper spheres like Tesla used? Perhaps 
a member can suggest a source. 

PVP. 

California 


in answer to your questions; 

1. Norman McVea has sent us in a bit of 
material on his latest oxygen researches, He 
has opted for the oxygenation approach 
instead of the electrical. 

2. I don’t know about conversion of Kent’s 
units to 1/2 wave, you should check with 
him on that, It will probably be easier to use 
it as itis they are good power supplies for 
experimentation -- and in the future engi- 
neer units with more refined outputs. After 
reading my column Kiark added a rare gas 
tube assembly to his “‘Rife”’ units. He has 
always listened to other people and has 
constantly worked to improve his units, 

3. If any readers have info on Lakhovsky’s 
death, or his life for that matter, these pages 
are open to pursue the matter. 

4, Anybody know where to get copper 
spheres? Tesla also used copper plates 
coated with a heavy dielectric, 
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MW0O EXPERIMENTS 
I have been very fascinated with your 
Journal. Thank you for the aew warld 
you have opened up to me. For thelast few 
months I have begun to work on anMWwo, 
I have completed the antennas but 
did not do as well with the Tesla-coil. I 
decided to buy the ready made coil from 


‘‘idmonds’’. I connected the secondary 
to the center of my antennas and did get 
some action in the form ef 2 purpie glow 
around the third and fourth smailer rings. 
Ican only assume that J need more power 
tothis unit although I was “Quite” pleased 
at the limited reaction on my first at- 
tempt. Twould like to reach out to a fellow 
member wha might be able to help me 
with some advice at this point. 

Any advice you would send my way 
would be greatly appreciated. 
P.D. 
New York 


Naturally, the quality of output of any elec- 
trical device is dependent on not only the 
quality of materials, but also the geometry 
ofstructure and arrangement, The better the 
coil, the better the antenna, the more refined 
the fields will be that are put ont around the 
device. As [have pointed out in the article 
inentioned above in my remarks about the 
*‘Rife’’ devices, the types of ““Lakhovsky’’ 
MW0O’s being built today vary quite a bit 
from what Lakhovsky was actually building 
and using himself, 

Lakhovsky used very refined electrical 
designs and probably log-periodic antennas 
with both poles of a Tesia coil feeding the 
outside ring in such a manner that there was 
a logarithmic, electro-magnetic structure 
oscillating in space which apparently had 
quite beneficial effects onliving organisms. 

The moder variations, based on Bob 
Beck’s schematic of 1963, feed one pole 
into an antenna (and the other into a second 
antenna}, creating a dielectric field, which 
when it collapses, due to the rings on the 
antennas, creates unecessary sparking and 
random radio-frequency noise with ques- 
tlonable effects. It is an orgatic system 
alterant, but is quite different electrically 
from Lakhovsksy’s original equipment. 
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THAT MWO AGAIN 

Trecently purchased your MWO HAND- 
BOOK. In the book are many references 
ta the “*Golden Ratio’’. I was unable to 
determine what the mathematical basis 
for the Golden Ratio is. I have other 
material which describe the Golden Sec- 
tion, and it is a ratio of .618 to 1. The 
closest { came to a value for the Golden 
Ratio is from the MWO antenna data on 
page 188 of your book the ratio appears 
tebe 1.27:1. Could you please clarify the 
mathematics ofthe Golden Ratio antenna? 
B.C.S., California 


* J recently purchased THE LAKHOV- 
SKY MWO HANDBOOK. I am in the 
process of building an oscillator. I have 
ali the parts except 6Kv .005mf capaci- 
tors. No electronic store in Alaska has 
them, or knows how to get them. I would 
appreciate it if you would send the ad- 
dress of eifher the manufacturer or an 
electronic store that carries 6Kv .005pf 
capacitors. I have one more question. De 
you know ofa meter or electronic appara- 
tus that measures the amount of energy 
level the human body produces? It seems 
that like fingerprints, all human bodies 
are different in the amount ofenergy they 
use or produce. If one can coordinate the 
energy level of the oscillator to that of the 
body far less damage would be done and 
far greater healing potential be made. 
S.N. 

Alaska 


For the first question, the Golden Ratio 
antenna uses the golden ratio as a base, but 
it was engineered to conform to other con- 
siderations of antenna propagation. It is 
what is called a log periodic antenna. These 
antennas are based on the square roct of phi, 
that is the imner ring is multiplied by the 
square reot of phi to get the next ring, or 
inversely the outer ring is multiplied by one 
over the square root of phi to get the next 
inner, etc. This provides the Golden Ratio 
mathematics (every other ring is phi re- 
fated). 


MWO NEWS FROM FRANCE 

I'd like to mention with regard to ‘‘Elec- 
tricity the Main Culprit’’ that just after 
the war, Gurdjieff wrote a chapter in his 
book ALL AND EVERYTHING entitled 
*“Beelzebub says that man’s capture and 
subsequent destruction ofelectricity from 
nature is one of the main causes of the 
reduction in the human lifespan.’’ And 
you are lucky in the US. In Europe we 
have a 230V system that is far more 
harmful than yours. 

A final comment on the MWO which 
seems as popular as ever. When I lived in 
Paris 1 made the acquaintance of 
Lakhovsky’s son and saw two of the 
MW0O's built by his father in operation. 
The demonstration was very impressive 
but it didn’t last too long because the old 
units interfered seriously with radio and 
television reception in the area. They 
were very big units, about as large as an 
early TY set. I don’t know where they are 
now since he later leaned them te friends 


living in the country. 
RC. 
France 
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Very curious quote from Gurdjieff as it 
concurs with what Steiner indicated, that 
electricity makes living things sclerotic. If 
perhaps you wouldn’t mind searching your 
memory a bit more [have a question about 
Lakhovsky’s device: You say it interfered 
with radio and television reception. Was 
this from internal spark gaps, or did any wait 
you see arc between antenna coils. The 
pictures in THE SECRET OF LIFE indicate 
that the then necessary spark gaps were 
interior to the unit, and the pictures of the 
effluvia coming off the antenna are cbyi- 
ously pictures of corona discharge and not 
arcing as in the units built in the US today. 
Bob Beck, in his 1963 article on MWO’s 
claims he built a unit from an original, but 
his antenna hook-up is quite different from 
Lakhovsky’s pictures. Many years ofsearch- 
ing have failed to produce an original unit. 
The moder units are derived from the most 
obvious derivation of Lakhovsky’s first 
MWO patent, which is written to both pro- 
tect his design and cover infinite variations 
thereof, A detailed account of an original 
MWO in action would be of great value in 
this research. 


SOUTH OF THE BORDERLAND 

ihaveread Mark Clemen?’?s TRE WAVES 
THAT HEAL and discovered alittle piece 
of information not included in the cur- 
rent edition to THE LAKHGVSKY 
MLW.O. HANDBOOK, In WAVES I 


noted a short sentence indicating that one 


set of rings transmits energy through 
space which falls upon the pattent’s body 
and (it must be ascertained througk ex- 
periment whether this is as I ¢ell here or 
otherwise} later absorbed by the receiv- 
ing resonator which resonates it for re- 
breadcastinginte the patient's body. Thus 
the true Lakhovsky MWO, and UNLIKE 
the Beck-reconstructed model, weuald be 
amore-complex device involving features 
so-far unthougnt of. It must be ascer- 
tained what KIND of “receiving resona- 
tor’? Lakhovsky employed, ifithad or not 
special constituents not described at any 
of his patents included in the MWO 
HANDBOOK and what other features 
could be complementary te both. 
Another feature to be considered, 
and which I discovered in the photo on 
page 30 of Clement’s book is that there 
are two pratruding spheres connected to 
the outermost ring of the Lakhovsky set- 
up. In the copy of the BSRF publication 
I have, these two photographs are re- 
duced and with not the same kind of 
resolution of the work by Clement. Each 
protruding sphere is connected to a cable 
and following the path of least resistance 
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the electrostatic current flows beth along 
the metallic path of the outermost ring 
and the excesses accumulated from at- 
tracting ether from the enviranment are 
projected towards the patient (in the case 
of the transmitter) and collected for reso- 
nating (in the instance of the receiving 
resonator). Also notice that there are two 
“bracing wires** to both keep the 
rings in place and at the same time 
to fulfill the 90° division determined 
for Earth by the metric theorems 
which are the feundation of the 
Energy Grid! This adds another 
feature of complexity to the dupli- 
cation of the MWO, which carries 
the Lakhovsky invention, again, far- 
ther from the Beck-built model. 
Please mention my paper 
SOME FREE-ENERGY DEVICES 
for the MWO analysis I made is at 
best very incomplete, not including 
the feature of non-uniformity the 
true MWO does possess. 
Jorge Resines 
Buenos Aires, Argentina 


Thanks for your further insights into 
the MWO. I feel that a continuing 
dialogue will eventually producemore 
evidence as to what type of equip- 
ment Lakhovsky used in his success- 
ful researches into cell regeneration 
and how to best reproduce it. The 
resonator antenna setup on 
Lakhovsky’s original is more com- 
plex than the Beck MW, as, like the 
primary antenna, it alsohastwo feeder 
wires. The two spheres you mention, 
ftom which brush discharges can be 
seen, have always struck me as the 
nuts that held the heavy antenna onto 
its stand. Some mechanical contriv- 
ance was necessary and the mini- 
spheres fit the bill with the possibility 
that they may have been further con- 
figured to produce a specific capaci- 
tance, as our evidence indicates that 
Lakhovsky’s antennas were very pre- 
cisely built, probably log periodic. 
We have heard that Lakhovsky was a 
radiethesiest and would dowse the 
sites where he sethis equipmentup. He was 
certainly into the subtle energies, and the 
French school was very precise inits radies- 
thetic work, being the source material for 
much of Christopher Hilis Supersensonics 
work, We have an unconfirmed report that 
the original tube antennas were filled witha 
tare gas such as argon. This would seem to 
be the caseas in Lakhovaky's second MWO 
patent he reduced the antennas and puts 
them into vacuum or low pressure gas bulbs 





(as the first, this patent is written to be very 
specifically vague). This was meantto bean 
improvement over the original units, and 
probably was. What it tells us is that the 
““Beck”’ units appear to be far from what 
Lakhovsky was doing and where he was 
going, though because of more than 25 years 
of people building and using Beck models it 
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is hard find information on the original. The 
“bracing wires’’ are supposedly silk. Their 
angle was probably determined solely by 
mechanical function. 

Wehave actually come under attack for 
our attempts to clarify the MWO story! In 
a brochure put out by MWO salesman Mike 
Brown, Box 25, Pleasant Hope, MO 65725, 
we come in for the following treatment: 
**Then there are the characters who, withno 
formal training whatsoever, denigrate tings 
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[sic} they know less than nothing about. 
One outfit calling itself Borderland Re- 
search sent out a bulletin claiming that no- 
one today is manufacturing a Lakhovsky 
Multiple Wave Oscillator. These charac- 
ters arrived at their conciusion by compar- 
ing photos ofa 1935 unit to ones being made 
today, The units don’t have the same exter- 
ual appearance. Quite often people 
with no formal training in electron- 
ics or electricity don’t understand 
that an electronic device and how it 
operates are determined by the cir- 
cuitry contained within the wnit, not 
by the box it comes in.’” My com- 
ments are that there are perhaps tings 
we don’t know but we do know that 
what is inside counts as much as the 
outside on the MWO, [have put five 
years of serious investigation into 
the MWOand would haveto say that 
what we published is the result of 
setious consideration by a number 
of intelligent people—some highly 
trained electrical and mechanical 
engineers--interacting andexchang- 
ing ideas. We have published the 
evidence to support our contention, 
and have in fact stated that if we can 
be shown to be wrong then we would 
like to know, that we have no final 
conclusions, just some of the facts. 
A crude attempt to belittle BSRF’s 
research by ignoring the main facts 
does not change the facts and the 
facts are that the units pictured in 
Lakhovsky’s book THE SECRET 
OF LIFE are quite a bit different 
than the units being built today, in- 
dicated specifically by the antenna 
hookups, from which basic logic 
would indicate the need for a differ- 
ent interior setup. A thorough analy- 
sis of the basic differences between 
the two types of units can be found in 
The Lakhovsky Multiple Wave Os- 
cillator Handbook, edited by my- 
self, Tom Brown (no relation to 
Mike). Mike’s brochure then goes 
on to claim that “the equipment 
necessary to regrow arms and legs 
can be purchased at Radio Shack for 
about $10’, that is a ‘‘metal plate, copper 
wire, battery, and 100K-chm to 1.5 Megobm 
resistor.’” Heck, if you can regenerate an 
amputated limb with a only battery and a 
resistor then why do we need all the elec- 
tronics in a MWO just to drive out mere 
cancerous tissue?! 

As a final note on this, I would like to 
point out that electricity is asystem alterant. 
Whether it alters the system for better or 
worse depends on many other factors, in- 


cluding mental status and diet, As Trevor 
Constable pointed out back in the 1960s in 
this Journal, the healing powers attributed 
to the MWO could be caused by the etheric 
force rushing to suppress the life-negative 
electro-magnetic activity. Itisaiso possibile 
that any benefits coming from modern day 
MW0Os are psycho-tronic in nature -- that is 
the mind is doing the cure and the instru- 
ment provides a physical anchor for the 
psychic energies. The achial operation of 
the equipment, the sparking and gross elec- 
tricai output, is superfluous to the matter, 
other than in convincing the mind that 
someting is happening. 
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LAKHOYVSKY’S ORIGINAL 

You ask whether the original Lakhoysky 
MW0O had any arc between antenna coils. 
¥ don’t remember any but to make sure I 
checked up with a friend who has worked 
on the MWO and knows it inside out. He 
was also present when I saw the device 
working. He telis me that there is defi- 
nitely no are between coils. The arc 
occurs inside the machine after the ‘*Ru- 
hmkorffcoil’’. He also says that there are 
éwo tungsten plates which are drawn apart 
and brought together manually. 

The other thing I remember is a sort 
of metal wand with a knob at one end 
which is used between the two units to 
treat people. At the time I saw it, one of 
the persons present had a bad back. The 
twe MWO antennas were turned on and 
were facing each other abeut 6 ft apart. 
The ‘wand’? was applied to the sore 
back. [seem to remember that it kind of 
gave off sparks, but I’m not sure of this. 
J touched the wand and I could clearly 
feel something coming through. My 
knowledge of electricity is nil, hawever, if 
you have further questions, I could al- 
ways try my friend who should be able to 
answer them for you. 

R.C., France 


Many thanks, as this confirms the evidence 
of Lakhovsky’s own, pictures used in his 
books. Would you beso kind as to ask your 
friend if it is possible to get a schematic 
(even arough drawing from memory) of the 
basic layout of the MWO, which we could 
reproduce on these pages, also any antenna 
construction details. Many questions re- 
main such as what components are in the 
metallic tubes holding the antennas up, and 
such (Eric Dollard finger-dowsed the pic- 
tures of the tubes and felt it was an arrange- 


ment of capacitors and spark gaps -- his 
basic MW diapram, an intelligent guess of 
what Lakhovsky was doing, is in this Hand- 
book). A basic schematic would probably 
be the most important piece of information 
todate, Pieaseread on, pothas beenstirred..... 


LAKHOVSKY ANTENNAS 

E got my Nov-Dec 89 Journal where it 
shows an update on Lakhovsky’s anten~ 
nas. On page 181 of SECRET OF LIFE it 
also shows the same thing. Take a magni- 
fying glass and you can see it. I disagree 
with ail the experts, it seems that they are 
chasing a phantom ghost. Lakhovsky 
gave us all his secrets in his book, all we 
have to do is read carefully. 

He could cure cancer and other ail- 
ments with a simple piece of copper wire. 
Lakhoysky wasn’t dumb, can you see him 
telling doctors to cure with a piece of wire 
they would tell him to get lost, so he built 
avery complex machine to impress them, 
also he would have something to sell. I 
think Beck’s machine is close except the 
antenna. Who came up with this alumi- 
num foi} glued to plastic? That’s where 
they fell on their face. Ifyouread page 75 
ofthe same book he repeats VIBRATES 3 
times. That’s why he hung his rings with 
silk thread, so it wouldn't damp the Vi- 
BRATIONS, 

Can you imagine a pipe organ with 
copper strips glued to a board? I have 
designed an antenna using copper tube of 
varying sizes heid by fish leader that I 
think would work fine. P'd bet a penny to 
16 bucks that George used thin wail bronze 
tube as it will resonate better -~ but it’s 
expensive tc fabricate. 

Louts A. Schad 
California 


Yup, I agree that Georges was no dummy. 
His book shows plant cancers that have been 
cured via use of a single copper wire single- 
coiled around the plant. He felt that the pre- 
matter cosmic rays (or what I would call the 
material pole of the etheric instreams) were 
*‘ringing’* the copper coil, in effect creating 
a tone that would heal the plant. I got the 
impression, from studying Lakhovsky’s 
progress towards the vacuum (or low pres- 
sure rare gas) patent, that in his equipment 
Georges tried to invert the process -- excit- 
ing the ring with a post-material high fre- 
quency current that would create a healing 
tone. By using log periodic antennas (as 
would be allowed under the MWO patents) 
a Vibrant chorus would ring in the ether, the 
tones, via the structure ofthe antenna, would 
be such that they could harmonize the func- 
tioning of the human body. 
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The aluminum foil antennas were de- 
veloped by Riley Crabb, as a low cost way 
for experimenters to make their own anten- 
nas without having to have printed circuit 
boards made, and many folks were quite 
happy with the results. The physical evi- 
dence now clearly indicates that the Beck 
unit is quite different from the original 
Lakhovsky unit for which the cell regenera- 
tion results were recorded. What I have 
termed the “*BECK MWO”’ must stand on 
its own merits and it can lay no claim to 
Lakhovsky’s recorded results. As stated 
several times in the past Beck’s device is 
more like one of Tesla’s electro-therapeutic 
oscillators, except Tesla used copper sphere 
antennas, coated with a heavy dielectric to 
suppress sparking. Beck’s unit would be 
covered under Lakhovsky’s original (and 
very generalized) patent, but research of 
Lakhovsky’s own material shows it is not 
what he used for electro-therapeutic re- 
searches. To excite the antennas in the Beck 
Inanner Will not create the same vibrating 
field that Lakhovsky’s antennas excitation 
circuit will, But it does create an electrical 
field that somes claim is beneficial to a live 
body placed in its proximity. 

It makes much sense that the antenna 
should also vibrate physically as well as 
electrically, Ab... if we simply had an 
original unit to weigh and measure... 

Lou has sent us in a MWO of his own 
desion with a single spiral antenna made of 
two twisted bare copper wires. We will be 
running a several part article on constriuc- 
tion and use starting next issne. This unit is 
teminiscent of the Sun-Ether disc of Oscar 
Korschelt, circa 1891. Having sat in front of 
a mumber of different operating MWO’s 
over the last six years I have to say that 
Lou’s unit is the most exciting thing I’ve 
ever seen like this. I could strongly feet the 
effect 10-12 inches away, and there was no 
electrical excitation of the antenna, rather it 
is physically vibrated. There is a low volt- 
age shocker that can drive the antenna 
through two smaller copper coils, It’s easy 
te build and use, simpler than the Beck 
units, andshouid provide borderlanders with 
years of workable ideas. Lou wili not be 
selling these devices but will provide com- 
plete building plans in the TBR. 

We received a call from Patrick 
Flanagan. He reports that he has a MWO 
unit built by Lakhovsky’s son in Paris, It is 
a little box with a one tube white noise 
generator and it has a multi-stranded cable 
which wraps around the body. It shows that 
the evolution of Lakhovsky’s device has 
taken a different tum among those who 
actually knew what he was doing. This unit 
is based on the Radio-Celiular Oscillator. 
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Also, Klark Kent (of Super Science, 
Box 392, Dayton OH 45409) just called to 
say that he has completed a run of Golden 
Ratio antennas from the original B.S.RF. 
artwork. These are double sided (with in- 
verse gap strips, to simulate the ball capaci- 
tance on the original tube antennas, on back) 
gold plated and are available from Klark for 
$100 cach. (These antennas have produced 
beneficial effects on plants without any 
electrical excitation. Many experiments 
can be done and the results quantified with 
various protocols such as those used by 
Rudolf Hauschka and Lilly Kolisko.) 

There is no doubt that there is a new 
phase of MWO research being undertaken. 
For 25 years people built Beck’s model, 
with many people claiming beneficial re- 
sults, and others experiencing nothing but 
Lo one keeping track of results for evalua- 
tion. Thanks to Bob Beck’s schematic (pub- 
lished by B.S.R_F, in 1963) the idea was 
kept alive and now people will have many 
ideas to choose from in their search for 
measurable effects from energies ranging 
from the gross electrical to the fine etheric. 
Thanks to everyone who has interacted on 
this ongoing aspect of our researches! 


EVEN MORE LAKHOYVSKY STUFF 
Some time ago I bought your excellent 
handbook of the Lakhovsky Multi Wave 
Oscillator and due to pressure of other 
things have only just found time to read 
it. Interesting because it parallels some 
research done by myself and friends, or 
should I say we duplicated some of the 
original. This was only to be expected as 
the entire principle is so outrageously 
simple, tao simple for establishment minds 
to comprehend, 

I should like te offer a few ideas 
which might be of interest and in return 
I would be grateful for some additional 
information. 

I helped develop the Betatron now 
sold by All-Source Systems, PO Box 596, 
Morton, WA 98356. The Betatron uses a 
TV Flyback transformer and is very simi- 
lar to the Master Violet Ray devices. The 
nicest feature is that the applicator is an 
ordinary clear light bulb. Even 2 burnt 
out one will do. There are differences; 
some niakes of bulb will not work at all, 
perhaps due to different gas fillings. The 
Betatron can also be used with the La- 
khovsky concentric antenna with spec- 
tacular results. This of course has been 
done in the book’s articles although as far 
as I know it was not actually copied, but 
was an obvious choice of experiment, 

I have tried out an improvement 
which I did not see in the Handbook or 


anywhere else, perhaps you will be inter- 
ested. The Standard circuit whilst appar- 
ently covering a very wide range of fre- 
quencies, must, because of its inherent 
fixed inductance and capacitance have its 
own natural fundamental frequency. Our 
Betatron is around 21 Kilocycles (I refuse 
to use the meaningless term Kilo Hertz), 
aud other units seem te be basically tuned 
to one fundamental even though they do 
stray and produce an almost infinite range 
ef harmonics, 

My first improvementis to substitute 
a ‘Jacob’s Ladder”’ for the spark gap. 
This consists of two 1/4"' copper tubes 
spaced 5/32" apart at the bottom and 
tapering outwards to 1" at the top then 
abruptly turning cut at 1" radius. The 
spark travels up the Iadder from bottom 
to top and is extinguished by the sudden 
increase of gap, then begins again at the 
hottom. This sequence takes place at 
about 2 second intervals. The whole paint 
of this is, as the spark progresses up the 
ladder, the length of the tuned circuit is 
progressively increased, then suddenly 
decreased again ditto repeato. As the 
ladder is about 9" long the length of the 
tuned primary of the Tesla coil is pro- 
gressively made 13" longer, then back to 
its original length. Thereby resonating at 
infinite numbers of frequencies within its 
range and delivering virtually the same 
power at all those frequencies. 

A further improvement on this fea- 
ture is to make the ladder a Spiral Stair- 
case by using a solid rigid central elec- 
trode, saya 7A" copper tube and the spiral 
be wound in an ever increasing diameter 
on the outside, the start being about5/32" 
gap and vertical te begin with. 

Alternatively the spiral can be the 
inside element wound on a porcelain 
former such as is used in radiant “bowl”? 
heaters with a plain copper tube sur- 
rounding it or perhaps a perforated tube 
as used in decorative lighting fixtures. 
Thespark windsits way around the spiral 
staircase and alters the frequency ac- 
cordingly. The Spiral Staircase provides 
amuch longer path and more variation in 
frequency range. I have not yet perfected 
this and ruined a few porcelain formers in 
the process. It requires some exact pra- 
gressive increases in the travelling spark 
gap but there are no serious obstacles. 

Both the Jacobs Ladder and the Spi- 
ral Staircase have the advantage of easily 
cooling the spark gap. We had experi- 
enced problems due te overheating of the 
electrodes in a fixed gap, even spark plugs 
transmitied the heat to other parts and 
carbonized insulation. The addition of a 
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cooling fan (the low power kind used in 
computers) providesa current of air which 
accelerated the progress of the spark up 
the Jacobs Ladder and more importantly 
up the Spiral Staircase. The spark is 
sometimes reluctant to leave its easy path 
at the base of the ladder and even more 
reluctant te wend its winding way up the 
coil, but the air flow does the trick and 
keeps everything cool. 

The fan also helps remeve Ozone 
from the enclosure. Ozone has the de- 
lightful habit of attacking insulation. I¢ 
has also been blamed for respiratory ill 
nesses. I am skeptical of the latter as } 
have breathed plenty of Ozone and found 
it exhilarating. 

Master Violet Ray even included an 
Ozone Inhaler with its de-luxe modelf!t, 
recommended for asthma, bronchitis etc. 
What’s more M.D.s used it on their pa- 
tients. Certainly Ozone is about the only 
thing which will quickly digest Carbon 
Monoxide in a hurry and it deedorizes a 
room when the cat has misbehaved. 

The Betatron and Lakhovsky ma- 
chine both can be used to destrey trouble- 
some warts and moles, by simply wrap- 
ping a wire around the electrode and 
applying the point ef the wire to the 
offending growth. I had some trouble- 
some warts removed in this way by a 
Dermatologist. It was not until ¥ got 
involved with this project that I realized 
the Dermatologist was using a Lekhovsky 
device. 

He anesthetized the area first but I 
have since got rid of warts and moles 
without this. It caused some “Discom- 
fort?* which as any mother knows is worse 
than mera pain, but it was tolerable. 

F hepe the foregoing will be useful 
and will not he in the least surprised ithas 
not already been done, but I would like to 
know what you think of it. 

Regarding Spark Coils. I recently 
found at the local Flea Market, 2 small 
spark coil about 3%" overall length 2" 
dia. with a sturdy vibrator assembly and 
a turret mounted sideways. It looked like 
a small steam boiler in fact. It is labelled 
“Coil, Booster, Battery Operated, Type 
C1, (24 Velts DC) Spec. #94-32182, Serial 
#96082, order #A,C 27073, Eclipse Avia- 
tion Bendix, N.J. Division cf Bendix 
Corp. I don’t know what it is far bat on 
12 voltsit delivers a lively 3/8" spark. Fhe 
absence of a Zip Code suggests it is fairly 
old, but this is the ideal driver for a 
compact tesla coil. I do not know if it 
contains condensers but I added some 
anyway. The adjusting screw has a click 
stop adjustment. Have you come across 


one of these? It works well on 6 volts 
which is just as well as it draws a lot of 
juice and 8 D cells won't fire it. 

Now a request for information about 
Lakhovsky Treatment and parts. Please 
Please. On my knees!! Where can I 
obtain High Voltage Capacitors as used 


tried all the surplus stores T know of in 
this area but the highest voltage they have 
is 450, Erecently paid over $50 for a 660 
volt one for a 12 v trailer power supply 
and that was ordered specially from New 
York. HELP ttt even tried making one 
from instructions in the Boy Electrician, 
a Sunday School prize from the 1930s. I 
used Acrylic 1/8" dtelectrics instead of 
glass. They werked well for a time but 
soon tracked and failed. I don’t fancy 
using glass plates any way but I desper- 
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ately need some HY Capacitors at less 
than Pentagon prices. 

Re Treatments. One of the contribu- 
tors to the Handbook reports that treat- 
ment with the Lakhovsky Machine re- 
sulted in the dis-appearance of underarm 
hair. (The report of decreasing under- 
arm hair is from the Nov. 1968 Journal of 
Borderland Research by Mrs. E.H., Piqua, 
Ohio.) This is very interesting as 1am a 
heavy construction worker, and after a 
hard day at the office I like to drop in for 
a cool beer and fraternize with nice hot 
ladies. However, underarm odor which 
results from my dally exertion and defies 
Right Guard AFTER for 2 hours, is a 
Repellant. I did find that shaving the 
offending fuzzhelpad a lot. Tearingit out 
by the roots was even better; it seemed to 
de-activate the sweat glands. 
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After I sprained my shoulder I used 
the Betatron all around the joint and have 
noticed that underarm hair now grows 
much more slowly, and I have much less 
trouble with B.O. I used the Betatron 
frequently and the Ozone removes any 
residual stink... 

NOW the Big question. Has anyone 
succeeded in using the Lakhovsky ma- 
chine to stimulate hair growth??? F have 
hair like Yul Brynner. Maybe some folks 
think its sexy but I find it repulsive and 
worst of all it makes me look and feel 26 
years older atleast without a hat. Itscems 
to me that the machine could well be used 
to rejuvenate hair celis since it can re~ 
verse most ather degenerative processes. 
its a strange thing that men who are short 
on fop have an overabundance of super- 
fluous body hair in ptaces where it is 
utterly wasted. 

Has anyone doneany research 
on this subject with the Lakhoy- 
sky Machine??? If so please let 
me know. I will be most grateful 
for any information and will of 
course inform you of theresults of 
my own experiments. 

It occurs to me that such a 
phenomensn could well dispense 
with the daily chore of shaving 
and make Gillette obsolete. J am 
forever disgusted that such a iot 
of life force is wasted growing 
hair on my face instead of where it 
belongs, On Top! Would be most 
grateful for your ideas. 

I remember the Master Vio- 
let ray being demonstrated in a 
department store in the 1930s, I 
must have been about 7 years old. 
My mother who was with me 
watched the demonstration and I, 
of course, was fascinated. I said, 
“Ob Mom do buy one, it’s just 
what you need for your rkeuma- 
tism’’. Mother replied, “Oh no, 
You just want it to play with’’. 
How right she was. Well, in spite 
of all the quack devices which 
come and go, Lakkovsky in ali his 
forms is still with us. That’s rec- 
ommendation enough. The AMA 
persecution of course confirms its 
effectiveness. 

A Naturopathic Doctor saw 
me wearing a copper bracelet. He 
was treating me for arthritis, ef- 
fectively with electro therapy ete. 
and asked if I really believed in 
the copper. I said ‘‘No”’, then he 
said ‘Why wear it?’* “Because it 
works.’? He laughed and said, 
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“Leok at that green stain on your wrist. 
That’s copper salts aud they are being 
ingested; maybe that’s how it works, you 
might have a copper deficiency, well it’s 
cheaper thai: pills.’ 

Very Sincerely, 

K.V.AR., Washington 


First off, without further ado, let me con- 
gratulate you on taking a stand on refusing 
to use the word Hertz to designate cycles per 
second, Why use mumbo-jumbo designa- 
tors when simple English will do. Teslasaid 
that the acceptance of the Hertzian theory 
wouldcome to beseen by future generations 
as the greatest aberration of the scientific 
mind. Ofcourse Tesia is probably rolling in 
his grave (at 3600 rpm?) at the modern 
etherless explanations of electricity. He, 
and others of his day, regarded the (trans- 
verse) Hertzian waves as the ‘‘waste’’ put 
off by coils. The Tesla (longitudinal) wire- 
less system. would have been worldwide 
Gnciuding radio and power), with the trans- 
verse waves engineered to a minimum, 
whereas the radio we have today, with the 
transverse waves engineered to apeak, fades 
out as one goes around a hill or a decent 
distance from the emitting source. This is 
dealt with much more specifically in THE 
THEORY OF WIRELESS POWER by Eric 
Dollard, Regarding use of the Jacobs Lad- 
der as a spark gap, that is an interesting idea 
and thanks for sending it in, As far as your 
hair growth problems go, perhaps our other 
readers have further comments. You have 
provided a lot of food for thought, thanks! 


HIGH VOLTAGE SOURCES: 

Re: Nov/Dec Journal and inquiry of S.N. 
Capacitor 6K-V (6000V) .0047 uF (which 
is the standard value, not .0051) ayailabia 
(34.90) from: Antique Electronic Supply, 
6221 S. Maple Ave., Tempe, Arizona 
85283. (602) 820-5411. 

AA, 

Massachusetts 


Source for high voltage equipment: Plas- 
tic Capacitors, Inc., 2623 N. Pulaski Rd., 
Chicage LL 60639-2190. Write for cata- 
log (Dealey for aboveis Newark Electron- 
jes). Aliso recommended is Homemade 
Lightning: Creative Experiments in Elec- 
tricity by B.A. Ford, ISBN 0-8306-3576- 
9, TAB Books, Blue Ridge Summit, PA 
17294-0850, Can be ordered threugh 
your bookstore. 

Simplified Tech Service 

PO Box 21404, Champaign UL. 61825 


In the Nov-Dec 90 issue S.N. of Alaska 
asks about a 6K.v.005 ufcapacitor. Radio 


Shack sells a 2K v.01 capacitor 4272-160. 
Three connected in series will bo 6Kv.003 
uf, another 3 connected in parallel across 
the first three will be 6Kv .006 uf. Six of 
these costs about $3. 

Regarding the MWO, when Hiero- 
nymus lived near me in Ft. Lauderdale I 
asked him about the MWO, He didn’t 
recommend it because the broad spec- 
trum of frequencies had both beneficial 
and harmful frequencies which could not 
be separated. 

RB. 
Florida 


Thanks for all the input on where to get HV 
capacitors, Also, thanks Ron, for Hierony- 
xnus’ viewpoint. With the Beck style MWOs 
I would agree. A mass of radio frequency 
noiseis generated. With Lakhovsky’s origi- 
nal units driving structured antennas one 
could produce muitiple wavelengths of a 
more refined nature, We don’t recommend 
the MWO to anyone, thatisnot our purpose. 
This Journal acts as a forum to ideas such as 
these to be explored, and the MW0O refuses 
to go away, rather interest is growing and it 
is time we closely examine the field. Read 
oll... 


TRE BECK MWO 

My MWO isa Beck model. It has success- 
fully killed a skin cancer on the back of 
my hand. Yet I am wondering about its 
resonator, There seems to be no action, 
it’s of ne use and is as if dead. I did not 
realize that we are having trouble estab- 
lishing a real Georges Lakhovsky MWO. 
This [enclosed] information from Europe 
may help clear up our need, 

DM. 


Bryte, 


A good puzzle truly has many pieces, 30 
thanks for your experiences. I never said 
that the Beck MWOs didn’t work, but that 
they sre not the same as Lakhovsky built. 
The enclosedad was forradionic and related 
equipment including MW Os from Radionic 
Instrumentation & Research, Dorset, En- 
giand. Itmay be that thisis theradionic type 
of MWO originally sold by Copen Labs. I 
honestly don’t know a thing about these 
MW6Os, so any info would be greatly appre- 
ciated especially a schematic. Years ago I 
had heard them spoken of disparagingly by 
people who claimed that they wouldn’t work 
because there wasn’t enough power, an ar- 
gumeat I never bought. It would seem that 
the more subtie and refined the energy the 
nore beneficial it is to the human organism. 
The fieldis stilf open fornew ideas and fresh 
impulses... 
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BSPF Bulletin Board 


KLARK KENT CHECKS IN! 

Sust a note to say thanks for the mention 
in the Journal about the availability of 
the Golden Ratio Antennas from Super 
Science. And alsa to say that the articles 
on the continuing developments of the 
MWO are most welcome. Especially in- 
teresting is the comparison of tha Beck 
MWO to the Lakhoysky original! 

J have never seen an original Lak- 
hovsky MWO. Only from the patent 
information can we really get schematic 
information, circuit diagrams, antenna 
structures, etc, As you know from all of 
the free energy patents circulating around, 
a patent wrapper and drawing is not 
really enough to produce the claimed 
device. If it were, then we should have 
many free energy devices in production 
todayl ; 
Several months ago a contact in New 
Yorkimade a generous offer te procure an 
original Lakhovsky MWO. I passed this 
information along te you and to others. 
So far no one has come forth to my knowl- 
edge with information leading to the 
whereabouts of an original Lakhovsky 
MW0O. What this means is that we must 
grope our own way in replicating the 
technelegy first developed by Lakhoy- 
sky. 

So I guess I owe Bob Beck a word of 
thanks because he was the one whe made 
it possible for researchers te actually build 
a MWO. The information left to the 
world by Lakhovsky is (in my opinion) 
wholly inadequate to build and construct 
the device. The patent information is, 
like most patents, just not adequate to 
enable someone to replicate the device. 
And this brings up the question: Just 
what constitutes the original Lakhovsky 
MW0O? We don’t have an original device 
(anda bounty of $160,000 has so far failed 
te produce one). The information given 
in the patents doesn’ treally tell us enough. 

Borderland Sciences can help out by 
continuing to publish articles about the 
MWO which emphasize cirenit diagrams 
and construction detaiis. In this way, 
Borderland researchers can redevelop 
this important technolegy. 

Lenclose a letter we received from a 
customer. Since the letter is of the testi- 
monial variety, if is best not to reference 
itin the Journal. But the paintis thatever 
a Beck adaptation MWO can seem to 
produce positive experimental results! 
Klark Kent, Super Science, 

P.Q. Box 392, Daytan, OH 45469 


Glad to hear you are open to new research, 
Lakhovsky left much information - it just 
never got translated into English BSRF 
will continually publish the results of ongo- 
ing MWO research, and will always be on 
the lookout for the best information avail- 
able. Here is the letter submitted to Kiark, 
from a person known to us here also: 


Dear Mr. Kent, 

Aciong last I get around writing to you 
and share some of my experiences 
with the MW6O I bought from you. 

The unitarrived on May 17, 1990 in 
excellent condition. Your packaging is 
superb. 1 inspected the unit superfi- 
cially but, because of some profes- 
sional problems, was not able to make 
use of it until October. 

Let me comment first on general 
appearance and workmanship. While 
obviously not industrially produced, 
thisis a well-built high quality machine, 
using fine components. Having been 
an electronics engineer part of my life 
(before | became a philosopher), I feel 
well qualified to make that judgement. 

The instructions are generally ad- 
equate but F was glad that I did order 
your audio cassette, done by you with 
a fine dramatic flair, worthy of Chris- 
topher Reeve, who doesresemble you, 
My suggestion: include the cassette 
with the MWO as a matter of course. 

f used the machine about thirty 
times, sometimes daily, sometimes 
skipping a day or two for 35 min. per 
session, mostly in the High Power 
Radiator mode. 

1 suffered over a period of about 
fifteen years froma mild chronic bron- 
chitis, same coughing in the morning 
with some phlegm, rest of the day just 
fine. The medicine men tald me that 
i “Just hava to live with it”. Though | 
am 78, i judge myself being in great 
health. 

Now, your machine has definitely 
improved my condition. [| know, of 
course, that my testimonial is worth- 
less to you, sinceyou cannotmake, and 
do not make, any health claims. But 
sditl thought you might want to know. 

I do have several radionics ma- 
chines (De la Warr and Copen) but we 
ailrealize that this issympatheticmagic; 
great stuff, though! 

With bast wishes, faithfully yours, 
NAME WITHHELD 


ELECTRONIC ENTITY REMOVAL 
Judging by the letters you receive and 
print in the BULLETIN BOARD people 


are still experimenting and building 
MWOs. It should be accepted thatno two 
MWOs will be identical due to different 
components, circuits, etc, Also, Lakhov- 
sky did not have some mystical secret that 
is exclusive to his particular instruments; 
he built one that generated his required 
muiti-frequencies and there are no doubt 
many ways to effect this. 

Thelarge MWO I builtin 1966 worked 
as well as I could expect and, although I 
never use it now, its circuit can be re- 
garded as a basic Tesla coil, starting out 
with a 12KV neon transformer, Other 
circuits I have experimented with unfor- 
tunately appeared not to give the same 
results. Your MWO Handbookshould be 
the starting point for would-be experi- 
menters keeping in mind that most of the 
‘transistorized’ models do net have 
enough energy to effect the desired re- 
sults. 

Amajor point that never seems to be 
mentioned is that the subject should be 
seated ON ANINSULATED PLATFORM 
with the antenna about six inches from 
the back. In this way all the cells of the 
body are raised to their full potential for, 
say, ten minutes during which each cell 
can absorb energy at its one resonant 
frequency. The subject should ground 
himself for an instant before stepping off 
the platform. Then switch off the instru- 
ment. I found this procedure mandatory 
to obtaining positive results and have 
found it odd that this point has never been 
mentioned in the literature. 

I might also bring up the very real 
possibility (discussed with Riley Crabb in 
the past) that at least part of the positive 
results obtained with the MWO could be 
attributed to the removal of spirit entities 
by the high voltage invelved. Regretta- 
bly, Borderland appears to skirt this is- 
sue. 

AsJ havestated before, the Journal is 
an important platform for the meeting of 
the minds and I wish you well in your 
efforts. 

RM. 
Nevada 


Appreciate your input and valuable ideas. 
I’m certainly open to the possibility that the 
results obtained from the MWO couid be 
attributed to the removal of spirit entities. 
This should also bring up the question of 
whether or not what is perceived as spirit 
entities (negative in this sense) could bealso 
related to their potential physical anchors, 
ic. virus and bacteria. Maybe we see the 
same thing but interpret differently. 

As far as using different configurations 


i18 


to achieve multiple wavelengths, different 
arrangements will produce qualitatively dif- 
ferent results, A French horn anda clarinet 
will show the same frequency for the same 
note played, but the difference in quality of 
sound should be obvious to all. The major 
difference between the hookup of 
Lakhovsky’s and Beck’s units makes them 
fail into quite separate categories. A silver 
bell rings finer than tin. 


MWO0 REPORT FROM FRANCE 

1 finally managed to get hold of my friend 
(see BSRF Bulletin Board, Jan-Feb 1991) 
butheis very, very busy and only gave me 
some of the information I wanted. 

Firstly, he declined te provide any 
basic layout of the MWO because he say 
no two units were the same. Apparently 
Lakhovsky experimented all the time and 
each machine was a “‘ene-off’* medel, 
different from the others. 

The origins of the MWO are in Tesla’s 
work, A French professor, Mr. 
D’Arsonyval took some of Tesla’s equip- 
ment and modified it. Lakhovsky used 
D’Arsonval’s work to build his machine. 
Tesla heard about D’Arsonval’s experi- 
ments and, convinced that D’Arsonval 
Was stealing his patents, came te France 
with the idea of starting legal proceedings 
against the professor. However, he found 
D’Arsonval so courteous and charming 
that he returned te America having 
dropped the idea of court action. 

My friend tells me that the whole 
secret ofthe MWO is in the “‘diffuseur’’. 
He further indicated two sources ofinfor- 
mation, both in French. A series of books 
have been written and published by the 
Study Group ‘‘Arkall’’ called 
“T’Emergence de PEnel’’ dealing with 
all aspects of the MWO. The second 
seurce is George Lakhovsky’s beok 
“L’oscillation cellulaire’’ which has been 
re-edited in Belgium. Unfortunately, my 
friend did not know the editor, so I sug- 
gest you will have to contact the Ameri- 
can Embassy in Belgium and they should 
beable te give you addresses of bookshops 
where it can be ebtained. Apparently, 
this book gives all thereferences concern- 
ing the people I have mentioned. 

Pm sorry I can’t be more helpful but 
the whole question seems to be much 
more complicated that I at first thought. 
In skort, I’m afraid you will have te wade 
through “‘L’oscillation cellulaire’? and 
the “‘L’Emergence de Enel]’’ to see how 
Lakhovsky himself worked out the ides of 
the first MWO's, 

RC. 
France 


eset 


nny 


4 


rey 


bam 


ry 








m@) = 2:38 / 23:42 





Feu 


ienst 


Lanes 


feat 


bona 


Reus 


Thank you, your input has been most valu- 


* able and stimulating. The ‘‘diffuseur’’ (lit- 


erally: loudspeaker or nozzle) would prob- 
ably be the antenna, so the ‘‘secret”’ could 
very weil be (a3 we have intimated over the 
years) in his mathematical arrangement — a 
much more important consideration under 
Lakhovsky’s antenna feed arrangement than 
with Beck’s, 
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MWO CORNER 

Received the Journal yesterday and was 
very excited about the Spiral Coif MWO, 
Icongratulate Mr. Schad on doing a very 
good job and would submit the following 
input for future models. 

1} No aluminium tubing should be 
used. Copper or steel tubing should be 
used instead. Aluminium is wholly nega- 
tive. It attracts negative radiation like 
honey attracts files. In this connection, I 
heard this morning on the British radio 
that a “‘mobile home”’ site had just been 
devastated in the USA, Ef I’m right, 
‘mobile home’’ site means trailer park, 
in which there is a huge quantity of Al. 
These are prime targets for tornadoes 
and ail kinds of negative influence. My 
chief reference for this is Dr. Starbard 
Webb, Box 206, Orangevale, CA 95662. 
She has been studying the subject since 
1956 and has accumulated a mass of data. 
Be patient for she travels a lot in the 
States doing seminars etc. 

2) The rest is from a Tibetan lama to 
whom I showed the drawing. If you’re 
wondering whata lama would know abort 
the MWO I would say that they seem to 
know about everything that matters. For 
instance, in my own field (medicinal 
plants), their knowledge is not great, it is 
simply colossal, far beyond anything 
known in the West. The Lama tells me 
that there should be 32 coils, ne more ne 
less (Fig. 6). The “up” wire (see illustra- 
tion) should be five times longer than the 
diameter of the coil. No doubt further 
information will be forthcoming when 
the whole of the MWO is described. 
Yours sincerely, 

RC, 
France. 


Glad to hear of your suggestions for further 
research on Lou’s spiral coil MWO.. His 
articles have simulated a lot of work that 
should provide a lot of new ideas over time. 
Peter Lindemann has taken Lou’s concept 
of physical vibration and is experimenting 


Spiral Coil Multi-Wave Oscillator 


with phiratioed antennas that are stimulated 
with sub-audible sound. Also, Lou called ta 
make sure that it was clear that the antenna 
side facing the subject is acounterclockwise 
spiral. It is clockwise from the top. 

Interesting thoughts on the mobile 
homes, which are reverse orgone accumula- 
tors. A few items congruent with your 
comments have showed up over the years 
and perhaps we can get more on that in an 
upcoming issue. 


LAKHOVSKY COIL INFORMATION 
The following was forwarded to us from 
Heatth Research, Box 70, Mokelumne Hili 
CA 95245; 

On Health Research’s flyer for THE 
HANDBOOK OF UNUSUAL ENER- 
GIES, the artist shows the copper wire 
positioned incorrectly through the weod 
support. 

[have made a number of discoveries 
which I even find hard to believe by using 
this COILED COPPER WIRE. I expect 
ta write a booklet on my findings and you 
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may want to represent it in your sales 
catalog. I have proven over and over 
again what I have done but, to date, have 
not shared anything with anyone else. I 
had te be ABSOLUTELY CERTAIN be- 
fore I *went public’. 

When I first received the books THE 
SECRET GF LIFE and THE WAVES 
THAT HEAL from you about 4 years ago, 
Inoted carefully just how the copper wire 
was COTLED around the plant, Please 
note that the copper wire STARTS from 
INSIDE THE EBONITE and MOVES 
COUNTER CLOCKWISE and then ends 
ABOVE the ebonite.., This is shown on 
page 14 of THE WAVES THAT HEAL 
and page 110 of THE SECRET OF LIFE, 

In the past four years I have made 
dozens of experiments and I’ve gone far 
beyond what even Lakhovsky did or 
thought of. NOW, to prove my point 
about the proper way the copper MUST 
be coiled, I deliberately experimented by 
coiling the wire the way you have shown 
i¢ and NOTHING HAPPENED in all my 
experiments, That’s why IKNOW THAT 


I AM RIGHT and it is imperative that 
you change your picture to show the cor- 
rect way. I am not a scientist of a profes- 
sional person, but I KNOW what i have 
done and you will have to take my word 
for it unless you want te YOURSELF, 
conduct the same experiments I have and 
PROVE it to yourself... I have not the 
slightestidea WHY the copper wire MUST 
be coiled this way but DO KNOW THAT 
IT MUST. 

You know as well as I that EVERY- 
THING in the COSMOS is perfect, exact, 
precise and absolute that the LAWS, 
FORCES, ENERGIES, POWERS, FRE- 
QUENCIES, RAYS... andall the rest func- 
tion flawlessly and cannot allow any varia- 
tions even for an instant. Life as we know 
it will cease forever ifeven an INSTANT 
change is made by whatever cause. 

I would dearly love to see one of 
Lakhovsky’s BELTS, COLLARS, 
BRACELETS hecalls them OSCELLAT- 
ING CIRCUITS, of course, and although 
the pichire oh page 63 of WAVES THAT 
HEAL is interesting, I am wondering if 
there is more to it that what this artist 
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concept shows. I have yet to experiment 
with a HUMAN BODY as I will need to be 
very careful to use the RIGHT PERSON 
who will not think that I have gone off the 
deep end and headed for the ‘funny farm’. 
But Lakhovsky certainly has plenty of 
evidence to show. If you know of anyone 
who has one of the ORIGINAL Lakhov- 
sky oscillating circuits, let ma know. Itis 
imperative that the ‘human’ circuits 
MUST he done, and applied, correctly. 
ALP, 

Nebraska 
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MWO RESEARCH 

Five years ago { duplicated the MWO as 
besti could with my limited knowledge. I 
scaled up the antennas from the book 
WAVES THAT HEAL using copper tub- 
ing of all different sizes and soldering 
brass hex caps of various sizes on the ends 
after I rounded them off with a grinder. 
The outside ring was about 2 ft. across. 

Iwas able to duplicate the exact brush 
discharge pattern in the picture with Tesla 
coil 4" diameter with about 1,000 turns of 
regular hook up wire. 560 turns gave a 
discharge of 2"-3" evenly all sround the 
outer ring, 1,000 turns gave a discharge 
of 5"-6" at the bottom with less and less 
tewards the top except for some offi the 
two balls at the top, like in the picture. 

I found it necessary to run two con- 
nections from the feed wire otherwise 
with oneconnection thespark would travel 
around the ring and out the other end 
burning anything used to suspend the 
ring. Two connections eliminated this 
problem forcing all energy towards the 
bottom of the ring like in the picture. 

Theresonater was grounded just like 
the Beck mode! to the ground end al- 
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though I used two wires one going to each 
end of the outer ring. Even sa, at this 
power you could draw a small spark off 
the outer ring and if you turned the unif 
off and on you could hear the resonator 
ring just like it was struck by a small 
hammer. 

Tused a 30mA 15,000 volt sign trans- 
former or stronger. These tend to burn 
cut unjess you put the primaries of two in 
series to share the load and restrict cur- 
rent. Actually, [started using halfburned 
out transformers using mid point ground 
and the good half for 7,500 volts which is 
much safer for the capacitors. I used two 
005 uf 20,080 volt capacitors in parallel 
for 610. Thestationary spark gap was air 
cooled with a small blower fan. 

There was no spark between rings. 
The side effects from this unit were too 
strong to continue treatments sol am now 
working on smaller units. After 15 min- 
utes your head would be full of mucus. 
The closer the antennas were to each 
other the stronger the effect to the point 
of making one very nauseous. 

Also, did anyone else purchase and 
test Dr. Charles T, Turley’s square wave 
sound MWO two printed antennas pow- 
ered by 2 sound generator? 

J.A. 
Ohie 


‘Thanks for your most helpful input. Would 
be most interested in Dr. Turley’s MWO as 
itmay very well relate to Lou Schad’s spiral 
coil MWO, presented several issues back, 
Which worked on physically vibrating the 
coil. Peter Lindemann has picked up on this 
and is experimenting with vibrating the 
antennas with sound waves and through 
other mechanicalmeans. A wholenew field 
of MWO research is opening up and it 
sounds like Dr. Turley is working in the 
same direction. Please send.us any informa- 
tion you may have on this. Thanks, 


piney 


Leis | 


remy 


nowy 


py 


ony 


Senet 


tent 


dene 


et 


from the March-April 1992 JBR 
RERF Bulletin Board 


MWoO CORNER! 

Here is 2 nice present for you and 
your readers, Some tidbits about George 
Lakhovsky. I phoned my knowledgeable 
friend on Sat, 14th Dec. To my surprise 
not only was he at heme but he invited me 
to spend the afternoon with him the fol- 
lowing day. 

Firstly, it is comforting to know that 
there arestill about four original MWO's 
within a radius of 200 miles from Paris, 
and the people who have them are likely 
to take geod care of them. 

Secondly, from what I can gather, L, 
took very great pains with each MWOQ. I 
understand now what my friend meant 
when he said that each one was different. 
L. would calculate all sorts of parameters 
relating te the place where the MWO was 
to be used. He would then de the ‘‘fine 
tuning’’ with the help, sometimes, of an 
unusual cleric Abbe Breuil. 

L. arrived in France around 1896. 
He was a friend of Tesla and when the 
latter came to France the first person he 
wanted to see was L. I don’t know any- 
thing about this early period but two 
episodes occurred later which gave L. 
quite a bit of money and enabled him to 
finance his future research himself. 1) 
During the 1914 war, there was a dearth 
of methylated spirits in France and L. 
negotiated supplies, on behalf of the 
French government, with the Russians, 
2} He invented a gadget which was used 
everywhere on the French railways and 
which brought in tidy sums in royalties. 
He was thus able to invite titled people to 
his table, the Count of this and the Duke 
of that and, of course, Abbe Breuil. This 
curious cleric was very well known in 
France, not for saintly endeavors on be- 
half ofthe Church but for his exploration 
of caves in search of traces of early man. 
He became the High Priest of Pre-history. 
However, what interests us here is that he 
was an extraordinary medium, For in- 
stance, L, at table, would say something 
like this: ‘*Abbe, I've just thought up 2 
new design for the MWO (passing him 
the drawings) what do you think of it?°’ 
And the Abbe might reply: ‘*The 
antenna’s too thick here, you should take 
1 millimetre off and here, you are using 
the wrong kind of metal.’ In this way, L. 
gradually refined each model, using the 
Abbe’s intuition to verify his own find- 
ings, until he gat it as near perfect as 
possible. 

What follows is a translation of the 


notes scribbled down by my friend yes- 
terday. I offer no comments because I 
wouldn’t know a Hertz dipole if1 fell over 
one in the dark. 

These are some of the parameters taken 
into consideration by L. 

1) Diameter: D, 

2) Thickness of the wire of the tube (not 
te be confused with the section). 

3) Distance ‘‘e** between the bwo ends, 
4) Orientation of the circuit with respect 
to the horizontal plane (29 70 N). 

5} Kind of circuit. Should it be made of 
metal or hollow glass containing chemi- 
¢al salts. 

6} Orientation of the distance “e?? with 
respect to the magnetic North, 

7) Study of the terrain: the mineralogi- 
cal, geological, 

geodesic and tec- ea 

tonic factors. 

%) Study of the 
nature of the sur- 
face of the cir- 
cuit and whether 
and howitshouid 
be covered, 

E see now that 
what I had taken Hertz dipole 
for solid rods 

making up the 


MYW°O antenna 
antenna were in 


reality hollow tubes. 

Thope that you and your readers will 
find this information interesting. Itsheds 
a new light on how L. operated. He used 
the pendulum 2 lot and, as we have seen, 
the mediumistic talents ofhis friend Abbe 
Breuil. My best wishes to yourself and ta 
BSRF in 1992. 

RC. 
France 





Your input on the MWO project has 
been most helpful to everyone trying to find 
the truth of the story, and I offer my thanks 
and I’m sure the thanks of BSRF members 
the world around. Georges Lakhoveky was 
a complex individual whose ideas on cell 
regeneration have ignited many a seeking 
mind. It seemsas though he had somerather 
interesting friends also, Nikola Tesla, Pro- 
fessor D’Arsonvai, and the curious Abbe 
Breuil! Your friend’s comments indicate 
some important factors in Lakhovsky’s con- 
siderations: He was very concerned about 
the orientation towards the natural energetic 
lines of the earth, even considering latitude 
(what you have termed the horizontal plane) 
as a determining factor in the energetic 
output of his devices, He must have been 
aware of the interaction of the electric out- 
put with the planetary magnetic, electro- 
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static and etheric fields. He was also con- 
cemed about the underlying earth itself. In 
his Secret of Life he proposes his theory 
that cancers are more predominant in areas 
where the soils (such as clays) reflect the 
cosmic radiation back to the surface, caus- 
ing interference patterns that disrupt the 
body’s energetic flows. It is interesting to 
note that his antennas were constructed with 
ail these factors involved. It is aiso very 
interesting that he relied on the pendulum. 
and the mediumship of Abbe Breuil for his 
refinements. Lakhovsky was a true border- 
land scientist! Also ofnote is your point #5 
mentioning the hollow glass circuit contain- 
ing chemical salts, Something new to figure 
in our researches. We also have the open 
question of whether or not some of his tube 
antennas contained rare gases, which his 
MWO Tube Patent implies by its refine- 
ments in miniaturization. This has been an 
exciting period of discovering what La- 
khovsky was really up to in his vast re- 
searches. Please read on.... 


A REAL LAKHOVSKY SCHEMATIC! 

This schematic is from a Lakhovsky 
Radio Cellular Oscillator manufactured by 
Lakhovsky’s son in Paris long after the 
untimely death his father in the early 1940s. 
It shows that the Lakhovsky’s own family 
followed the path of theradio-cellular oscil- 
lator and not that suggested by Lakhovsky’s 
turn to damped electrostatic power supplies 
inhisMWO. Ourmany thanks go to Patrick 
Fianagan for providing this information to 
BSRE. Patrick obtained the unit, removed 
the seal at risk of voiding the warranty, and 
provided us with the circuit description you 
see here. Also, a special thanks to Roper 
Modjeski of RAM Tube Works of Santa 
Barbara, California for providing the pinouts 
and tube conversion info. As far as our 
extensive research notes show, this is the 
firstreal, complete schematic ofan working 
Lakhoveky device that has been published 
in the US! 

This unit, which fits in a small box that 
can be held in the hand, is a very powerful 
white noise generator with a treatment coil 
comprising of coax cable which is looped 
around the subject when in use. The treat- 
ment coil loop is 1 meter in length, the 
center wire and shield are connected. This 
unit will interfere with electronic communi- 
cation devices up to the satellite TV range, 
and may be illegal to operate under FCC 
rules. The tube is an FL83, a French tube 
(Telefunken menuai gives the Germannum- 
ber as PL83) whose US equivalent is given 
as a 6CKG6 video output pentode, but GE 
never made them. It is very similar in 
function to a 6CL6 which has a different 


Lakhovsky MWO/Radio Cellular Oscillator submitted by Patrick Flanagan 
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pinout. We provide the pinouts for both. 

The 5 and 20 tum coils are % inch 
diameter tightly wound with #20 plastic 
coated wire. They are air core and all three 
are wound in the same right hand direction. 
They are spaced tightly and arranged ex- 
actly as shown. Varying the physical dis- 
tance between the primary and secondary 
coils would vary the output strength. The 
resistors are 4% watt. The .01 capacitor is 
ceranic at 306 volts. The choke is 33 pH. 
The power supply is not shown, but is im- 
plied by the circuit, 

Wehave no exact details of the interac- 
tion of this generation of Lakhovsky device 
with the human system, only that suggested 
by Lakhovsky’s original RCO research and 
its extension through time. This data is 
provided for research purposes andto record 
yet another development in radio-biologi- 
cal research. 

We would still be most interested in 
finding the schematic of one of the original 
MWOs pictured in Lakhovsky’s various 
publications such as that pictured below 
from his book La Terre Et Nous (The 
Earth and Ourselves}, Fasquelic Editeurs, 
Paris, 1933, as it would provide the exact 
antenna feed for the concentric ring anten- 
nasand other pertinent details. Note that the 
antennas on this unit stand above the arm, 
unlike the well publicized pictures ftom 
The Waves that Heal and Secret of Life. 
This indicates that the protruding spheres 
seen in the detail on those pictures have a 
mechanical function, perhaps more impor- 
tant than their electrical function, though 
with Lakhovsky’s methodology, he would 


EL83/6CKS PINOUT 
pin 4: grid 2 

pin 2: grid 1 

pin 3: cathode 

pin 4&5: filament 6.3V 


pin 6; grid 3 

pin 7: plate/anode 
pin 8: internal shield 
pin 9: not used 


6CL6 PINGUT 

1: cathode 

2&9; first grid 
126¥AC 3&8: second gud 

7; third grid 

4&5: filament 

6: plate/anode 





certainly incorporate the optimum charac- 
teristics for the main antenna feeds. 
Wehavediscovered the basic construc- 
tion of the Radio-Cellular Oscillator and 
know that Lakhovsky moved from them to 
the MW Os with damped electrostatic power 
supplies and concentric ring antennas be- 
cause of the potential for thermal shortwave 


damage from continuous-wave radio fre- 
quencies. But then we see that 
Lakhovsky’s son was still manufactur- 
ing RCOs after the death of his father! 
So we can see that the final conclusion 
has yet to be drawn as to exactly how the 
original MWOs were built, and ofcourse 
we would also like to see some actual 
MWO Tube units that Lakhovsky pat- 
ented. We also see the RCO asa poten- 
tial low-cost method of researching 
Lakhovsky’s basic theory of radio-fre- 
quency cell regeneration. This MWO 
Handbook contains the essential keys to 
ali our questions and more. Much re- 
search has to be done and Borderland 
Sciences is willing to help any serions 
researcher who wishes to pursue these 
streams of activity. 

The Journal of Borderland Re- 
search is the publication of record in the 
English fanguage for these and many 
other research subjects. Please join in 
andexchange information with us. With- 
out the help of the many borderiand 
researchers sending us their ideas for overa 
quarter of a century this book would not 
exist. Thanks to all and best wishes on your 
Tesearches ~~ may they be serious, straight- 
forward, and well documented for others to 
learn from. 

Tom Brown 





The complete Lakhovsky Multiple Wave Oscillator apparatus which creates 
an ambient electromagnetic field between its two resonateurs. 
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HIGH FREQUENCY OSCILLATORS FOR ELECTRO-THERAPEUTIC 
AND OTHER PURPOSES* 


by Nikola Tesla 


Some theoretical possibilities offered by currents of very high Frequency and 
observations which I casually made while pursuing experiments with alternating currents, 
as well as the stimulating influence of the work of Hertz and of views boldly put forth 
by Oliver Lodge, determined me some time during 1889 to enter a systematic investigation 
of high frequency phenornena, and the results soon reached were such as to justify further 
efforts towards providing the laboratory with efficient means for cacrying on the research 
in this particular field, which has proved itself so fruitful since. As a consequence 
alternators of special design were constructed and various arrangements for converting 
ordinary into high frequency currents perfected, both of which were duly described and 
are now — I assume — familiar. 

One of the early observed and remarkable features of the high frequency currents, 
and one which was chiefly of interest to the physician, was their apparent hacmlessness 
which made it possible to pass relatively great amounts of electrical energy through the 
body of a person without causing pain or serious discomfort. This peculiarity which, 
together with other mostly unlooked-for properties of these currents I had the honor 
to bring to the attention of scientific men first in an article in a technical journal in 
February, 1891, and in subsequent contributions to scientific societies, made it at once 
evident, that these currents would lend themselves particularly to electro-therapeutic uses. 

With regard to the electrical actions in general, and by analogy it was reasonable to 
infer that the physiological effects, however complex, might be resolved in three classes. 
First the statical, that is, such as are chiefly dependent on the magnitude of electrical 
potential; second, the dynamical, that is, those principally dependent on the quality of 
electrical movement or current’s strength through the body, and third, effects of a distinct 
nature due to electrical waves or oscillations, that is, impulses in which the electrical 
energy is alternately passing in more or less rapid succession through the static and 
dynamic forms. 

Most generally in practice these different actions are coexistent, but by a suitable 
selection of apparatus and cbservance of conditions the experimenter may make one or 
other of these effects predominate. Thus he may pass through the body, or any part 
of the same, currents of comparatively large volume under a small electrical pressure, or 
he may subject the body to a high electrical pressure while the current is negligibly small, 
or he may put the patient under the influence of electrical waves transmitted, if desired, 
at considerable distance through space. 

While it remained for the physician to investigate the specific actions on the 
organism and indicate proper methods of treatment, the various ways of applying these 
currents to the body of a patient suggested themselves readily to the electrician. 


* Read at the eighth annual meeting of The American Electro-Therapeutic Association, Buffalo, 
N. ¥., Sept. 13 to 15, 1898 
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As one cannot be too clear in describing a subject, a diagrammatic illustration of 
the several modes of connecting the circuits which I will enumerate, though obvious for 
the majority, is deemed of advantage. 

The first and simplest method of applying the currents was to connect the body of 
the patient to two points of the generator, be it a dynamo or induction coil. Fig. 1 is 
intended to illustcate this case. The alternator G may be one giving from five to ten 
thousand complete vibrations per second, this number being still within the limit of 
practicability. ‘Che electromotive force — as measured by a hot wire instrament — may be 
from fifty to one hundred volts. To enable strong currents to be passed through the tissues, 
the terminals T T, which serve to establish contact with the patient's body should, of 
course, be of large area, and covered with cloth saturated with a solution of electrolyte 
harmless to the skin, or else the contacts are made by immersion. The regulation of the 
currents is best effected by means of an insulating trough A provided with two metal 
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Figs. 1, 2, 3, 4. 


terminals T’ T’ of considerable surface, one of which, at least, should be movable. 
The trough is filled with water, and an electrolytic solution is added to the same, until 
a degree of conductivity is obtained suitable for the experiments. 


When it is desired to use small currents of high tension, a secondary coil is resorted 
to, as illustrated in Fig. 2. I haye found it from the outset convenient to make a departure 
from the ordinary ways of winding the coils with a considerable number of small turns. 
For many reasons the physician will find it better to provide a large hoop H of not less 
than, say, three feet in diameter and preferably more, and to wind upon it a few tums 
of stout cable P, The secondary coil § is easily prepared by taking two wooden hoops h h 
and joining them with stiff cardboard. One single layer of ordinary magnet wire, and not 
too thin at that, will be generally sufficient, the number of turns necessary for the 
particular use for which the coil is intended being easily ascertained by a few trials. 
Two plates of large surface, forming an adjustable condenser, may be used for the 
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purpose of synchronizing the secondary with the primary circuit, but this. is generally 
not necessary. In this manner a cheap coil is obtainéd, and one which cannot be easily 
injured. Additional advantages, however, will be found in the perfect regulation which 
is effected merely by altering the distance between the primary and secondary, for which 
adjustment provision should be made, and, furthermore, in the occurrence of harmonics 
which are more pronounced in such large coils of thick wire, situated at some distance 
from the primary. ; 

The preceding arrangements may also be used with alternating’ or interrupted 
currents of low frequency, but certain peculiar properties of high frequency currents make 
it possible to apply the latter in ways entirely impracticable with the former. 

One of the prominent characteristics of high frequency or, to be more general, of 
rapidly varying currents, is that they pass with difficulty theough stout conductors of high 
self-induction. So great is the obstruction which self-induction offers to their passage that 
it was found practicable, as shown in the early experiments to which reference has been 
made, to maintain differences of potential of many thousands of volts between two points 
—~ not more than a few inches apart — of a thick copper bar of inappreciable resistance. 
This observation naturally suggested the disposition illustrated in Fig. 3. The source of 
high frequency impulses is in this instance a familiar type of transformer which may 
be supplied from a generator G of ordinary direct or alternating currents. The transformer 
comprises 2 primary P, a secondary S, two condensers C C which are joined in series, a 
loop or coil of very thick wire L and a circuit interrupting device or break b. The currents 
are derived from the loop L by two conlacts cc’, one or both of which are capable of 
displacement along the wire L. By varying the distance between these contacts, any 
difference of potential, from a few volts to many thousands, is readily obtained on the 
terminals or handles T T, This mode of using the currents is entirely safe and particularly 
convenient, but it requires a very uniform working of the break b employed for charging 
and discharging the condenser. 

Another equally remarkable feature of high frequency impulses was found in the 
facility with which they are transmitted through condensers, moderate electromotive forces 
and very small capacities being required to enable currents of considerable volume to 
pass. This observation made it practicable to resort to a plan such as indicated in Fig. 4. 
Here the connections are similar to those shown in the preceding case, except that the 
condensers C C are joined in parallel. This lowers the frequency of the currents, but has 
the advantage of allowing the working with a much smaller difference of potential on the 
terminals of the secondary S, Since the latter is the chief item of expense of such 
apparatus and since its price rapidly increases with the number of turns required, the 
experimenter will find it generally cheaper to make a sacrifice in the frequency, which, 
however, will be high enough for most purposes. However, he only needs to reduce 
proportionately the number of turns or the length of primary p to obtain the same 
frequency as before, but the economy of transformation will be somewhat reduced in so 
doing and the break b will require more attention. The secondary S’ of the high frequency 
coil has two metal plates t t of considerable surface connected to its terminals, and the 
current for use is derived from two similar plates t’ t' in proximity to the former. Both 
the tension and volume of the currents taken from terminals T T may be easily regulated 
and in a continuous manner by simply varying the distance between the two pairs of 
plates t t and t' t’ respectively, 

A facility is also afforded in this disposition for raising or lowering the potential 
of one of the terminals T, irrespective of the changes produced on the other terminal, 
this making it possible to cause a stronger action on one or other part of the patient's 
body. 

The physician may find it for some or other reason convenient to modify the 
arrangements in Figs. 2, 3 and 4 by connecting one terminal of the high frequency source 
to the ground. The effects will be in most respects the same, but certain peculiarities 
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will be noted in cach case. When a ground connection is made it may be of some 
consequence which of the terminals of the secondary is connected to the ground, as in 
high frequency discharges the impulses of one direction are generally preponderating. 
Among the various noteworthy features of these currents there is one which lends 
itself especially to many valuable uses. It is the facility which they afford for conveying 
large amounts of electrical energy to 2 body entirely insulated in space. The practicability 
of this method od energy transmission, which is already receiving useful applications and 
promises to become of great importance in the near future, has helped to dispel the 
old notion assuming the necessity of a return circuit for the conveyance of electrical 
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energy in any considerable amount. With novel appliances we are enabled to pass through 
a wire, entirely insulated on one end, currents strong enough to fuse it, or to convey 
through the wire any amount of energy to an insulated body. This mode of applying high 
frequency currents in medical treatment appears to me to offer the greatest possibilities 
at the hands of the physician. The effects produced in this manner possess features 
entirely distinct from those observed when the currents are applied in any of the before 
mentioned or similar ways. 

The circuit connections as usually made are illustrated schematically in Fig. 5, which, 
with reference to the diagrams before shown, is self-explanatory. The condensers C C. 
connected in series, are preferably charged by a step-up transformer, but a high frequency 
alternator, static machine, or 2 direct current generator, if it be of sufficiently high 
tension to enable the use of smali condensers, may be used with more or less success. The 
primary p, through which the high frequency discharges of the condensers are passed, 
consists of very few turns of cable of as low resistance as possible, and the secondary 
s, preferably at some distance from the primary to facilitate free oscillation, has one of 
its ends —~ that is the one which is nearer to the primary — connected to the ground, while 
the other end leads to on insulated terminal T, with which the body of the patient is 


126 


~ 


ry 


aad 


connected. It is of importance in this case to establish synchronism between the 
oscillations in the primary and secondary circuits p and s respectively, This will be as 
a rule best effected by varying the self-induction of the circuit including the primary 
{oop or coil p, for which purpose an adjustable self-induction ¢ is provided; but in cases 
when the electromotive force of the generator is exceptionally high, as when a static 
machine is used and a condenser consisting of merely two plates offers sufficient capacity, 
it will be simpler to attain the same object by varying the distance of the plates. 

‘The primary and secondary oscillations being in close synchronism, the points of 
highest potential will be on a part of terminal T, and the consumption of energy will 
occur chiefly there. The attachment of the patient’s body to the terminal will in most 
cases very materially affect the period of oscillation in the secondary, making it longer, 
and a readjustment of the primary circuit will have to be made in each case to suit the 
capacity of the body connected with terminal T. Synchronism should always be preserved, 
and the intensity of the action varied by moving the secondary coil to or from the 
primary, as may be desired. { know of no method which would make it possible to subject 
the human body to such excessive electrical pressures as are practicable with this, or 
of one which would enable the conveying to and giving off from the body without 
serious injury amounts of electrical energy approximating even in a remote degree those 
which are entirely practicable when this manner of applying the energy is resorted to. 
This is evidently due to the fact that action is chiefly superficial, the largest possible 
section being offered to the transfer of the current, or, to say more correctly, of the 
energy. With a very capidly and smoothly working break I would not think it impossible 
to convey to the body of a person and to give off into the space enerpy at the rate of 
several horse power with impunity, while a small part of this amount applied in other 
ways could not fail to produce injury. 

When a person is subjected to the action of such a coil, the proper adjustments being 
carefully observed, luminous streams are seen in the dark issuing from all parts of the 
body. These streams are short and of delicate texture when the number of breaks is very 
great and the action of the device b (Fig, 5) free of any irregularities, but when the 
number of breaks is small or the action of the device imperfect, long and noisy streams 
appear which cause some discomfort. The physiological effects produced with apparatus 
of this kind may be graduated from a hardly perceptible action when the secondary is 
at a great distance from the primary, to a most violent one when both coils are placed 
at a small distance. In the latter case only. a few seconds are sufficient to cause a feeling 
of warmth all over the body, and soon after the person perspires freely. I have repeatedly, 
in demonstrations to friends, exposed myself longer to the action of the oscillations, 
and each time, after the Iapse of an hour or so, an immense fatigue, of which it is 
difficult to give an idea, would take hold of me. It was greater than I experienced on 
some occasions after the most straining and prolonged bodily exertion. I could scarcely 
make a step and could keep the eyes open only with the greatest difficulty, I slept 
soundly afterward, and the after-effect was certainly beneficial, but the medicine was 
manifestly too strong to be used frequently. 

One should be cautious in performing such experiments for more than one reason. 
At or neac the surface of the skin, where the most intense action takes place, various 
chemical products are formed, the chief being ozone and nitrogen compounds, The former 
is itself very destructive, this feature being illustrated by the fact that the rubber insulation 
of a wire is destroyed so quickly as to make the use of such insulation entirely 
impracticable. The compounds of nitrogen, when moisture is present, consist largely of 
nitric acid which might, by excessive application, prove hurtul to the skin. So far, I have 
not noted injuries which could be traced directly to this cause, though on several 
occasions burns were produced in all respects similar to those which were later observed 
and attributed to the Réntgen rays. This view is seemingly being abandoned, haying not 
been substantiated by experimental facts, and so also is the notion that these rays are 
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transverse vibrations. But while investigation is being turned in what appears to be the 
right direction, scientific men are still at sea, This state of things impedes the progress 
of the physicist in these new regions and makes the already hard task of the physician 
still more difficult and uncertain. 

One or two observations made while pursuing experiments with the apparatus 
described might be found as deserving mention here. As before stated, when the 
oscillations in the primary and secondary circuits are in synchronism, the points of highest 
potential are on some portion of the terminal T. The synchronism being perfect and the 
fength of the secondary coil just equal to one-quarter of the wave length, these points 
will be exactly on the free end of terminal T, that is, the one situated farthest from 
the end of the wire attached to the terminal. If this be so and if now the period of the 
oscillations in the primary be shortened, the points of highest potential will recede 
towards the secondary coil, since the wave-length is reduced and since the attachment 
of one end of the secondary coil to the ground determines the position of the nodal 
points, that is, the points of least potential. Thus, by varying the period of vibration 
of the primary circuit in any manner, the points of highest potential may be shifted 
accordingly along the terminal T, which has been shown, designedly, long to illustrate 
this feature, The same phenomenon is, of course, produced if the body of a patient 
constitutes the terminal, and an assistant may by the motion of a handle cause the points 
of highest potential to shift along the body with any speed he may desire. When the 
action of the coil is vigorous, the region of highest potential is easily and unpleasantly 
located by the discomfort or pain experienced, and it is most curious to feel how the pain 
wanders up and down, or eventually across the body, from hand to hand, if the connection 
to the coil is accordingly made — in obedience to the movement of the handle controlling 
the oscillations, Though I have not observed any specific action in experiments of this 
kind, F have always felt that this effect might be capable of valuable use in clectro- 
therapy. 

Another observation which promises to lead to much more useful results is the 
following: As before remarked, by adopting the method described, the body of a person 
may be subjected without danger to electrical pressures vastly in excess of any producible 
by ordinary apparatus, for they may amount to several million volts, as has been shown 
in actual practice. Now, when a conducting body is electrified to so high a degree, small 
particles, which may be adhering firmly to its surface, are torn off with violence and 
thrown to distances which can be only conjectured. I find that not only firmly adhering 
matter, as paint, for instance, is thrown off, but even the particles of the toughest metals 
are torn off. Such actions have been thought to be restricted to 2 vacuous inclosure, but 
with a powerful coil they occur also in the ordinary atmosphere, The facts mentioned 
would make it reasonable to expect that this extraordinary effect which, in other ways, 
T have already usefully applied, will likewise prove to be of value.in electco-therapy. The 
continuous improvement of the instruments and the study of the phenomenon may shortly 
lead to the establishment of 2 novel mode of hygienic treatment which would permit an 
instantaneous cleaning of the skin of a person, simply by connecting the same to, or 
possibly, by merely placing the person in the vicinity of a source of intense electrical 
oscillations, this having the effect of throwing off, in a twinkle of the eye, dust or 
particles of any extraneous matter adhering to the body. Such a result brought about in 
a practicable manner would, without doubt, be of incalculable value in hygiene and 
would be an efficient and time-saving substitute for a water bath, and particularly 
appreciated by those whose contentment consists in undertaking more than they can 
accomplish. 

High frequency impulses produce powerful inductive actions and in virtue of this 
feature they lend themselves in other ways to the uses of the electro-therapeutist. These 
inductive effects are either electrostatic or electrodynamic. The former diminish much 
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more rapidly with the distance — with the square of the same —— the latter are reduced 
simply in proportion to the distance. On the other hand, the former grow with the square 
of intensity of the source, while the latter increase in a simple proportion with the 
intensity. Both of these effects may be utilized for establishing a field of strong action 
extending through considerable space, as through 2 large hall, and such an arrangement 
might be suitable for use in hospitals or institutions of this kind, where it is desirable to 
treat a number of patients at the same time. 

Fig, 6 illustrates the manner, as I have shown it originally, in which such a field of 
electrostatic action is established. In this diagram G is a generator of currents of very 
high frequency, C a condenser for counteracting the self-induction of the circuit which 
includes the primary P of an induction coil, the secondary S of which has two plates t t of 
large surface connected to its terminals. Well known adjustments being observed, a very 
strong action occurs chiefly in the space between the plates, and the body of a person 





is subjected to rapid variations of potential and surgings of current, which produce, even 
at a great distance, marked physiological effects. In my first experiments I used two 
metal plates as shown, but later I found it preferable to replace them by two large 
hollow spheres of brass covered with wax of a thickness of about two inches. The 
cables leading to the terminals of the secondary coil were similarly covered, so that any 
of them could be approached without danger of the insulation breaking down. In this 
manner the unpleasant shocks, to which the experimenter was exposed when using the 
plates, were prevented. 

In Fig. 7 2 plan for similarly utilizing the dynamic inductive effects of high 
frequency currents is illustrated. As the frequencies obtainable from an alternator are 
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not as high as is desired, conversion by means of condensers is resorted to, The diagram 
will be understood at a glance from the foregoing description. It only need be stated 
that the primary p, through which the condensers are made to discharge, is formed by 
a thick stranded cable of low self-induction and resistance, and passes all around the 
hall. Any number of secondary coils sss, each consisting generally of a single 
layer of rather thick wire, may be provided, J have found it practicable to use 
as many as one hundred, each being adjusted for a definite period and responding 
to a particular vibration passed through the primary. Such a plant I have had in use in 
my laboratory since 1892, and many times it has contributed to the pleasure of my 
visitors and also proved itself of practical utility. On a latter occasion I had the pleasnre 
of entertaining some of the members with experiments of this kind, and this opportunity 
T cannot let pass without expressing my thanks for the interest which was awakened in 
me by their visit, as well as for the gencrous acknowledgment of the courtesy by the 
Association. Since that time my apparatus has been very materially improved, and now 
T am able to create a field of such intense induction in the laboratory that a coil three 
fect in diameter, by careful adjustment, will deliver energy at the rate of one-quarter 
of a horse power, no matter where it is placed within the area inclosed by the primary 
loops. Long sparks, streamers and all other phenomena obtainable with induction coils 
are easily producible anywhere within the space, and such coils, though not connected 
to anything, may be utilized exactly as ordinary coils. and what is still more remarkable, 
they are more effective. For the past few years I have often been urged to show 
experiments in public, but, though I was desirous to comply with such requests, pressing 
work has so far made it impossible. These advances have been the result of slow but 
steady improvement in the details of the apparatus which I hope to be able to describe 
connectedly in the near future, 

However remarkable the electrodynamic inductive effects, which I have mentioned, 
may appeat, they may be still considerably intensified by concentrating the action upon 
a very small space. It is evident that since, as before stated, electromotive forces of many 
thousand volts are maintained between two points of a conducting bar or loop only a few 
inches long, electromotive forces of approximately the same magnitude will be set up 
in conductors situated near by, Indeed, I found that it was practicable in this manner 
to pass a discharge through a highly exhausted bulb, although the electromotive force 
required amounted to as much as ten or twenty thousand volts, and for 2 long time 
I followed up experiments in this direction with the object of producing light in a novel 
and more economical way. But the tests left mo doubt that there was preat energy 
consumption attendant to this mode of illumination, at least with the apparatus I had 
then at command, and, finding another method which promised a higher economy of 
transformation, my efforts turned in this new direction. Shortly afterward (some time 
in June, 1891), Prof. J. J. Thomson described experiments which were evidently the 
outcome of long investigation, and in which he supplied much novel and interesting 
information, and this made me return with renewed zeal to my own experiments. Soon 
my efforts were centered upon producing in a small space the most intense inductive 
action, and by gradual improvement in the apparatus I obtained results of a surprising 
character. For instance, when the end of a heavy bar of iron was thrust within a loop 
powerfully energized, a few moments were sufficient to raise the bar to a hish 
temperature. Even heavy lumps of other metals were heated as rapidly as though they 
were placed in a furnace. When a continuous band formed of a sheet of tin was thrust 
into the loop, the metal was fused instantly, the action being comparable to an explosion, 
and no wonder, for the frictional losses accumulated in it at the rate of possibly ten 
horse powver, Masses of poorly conducting material behaved similarly, and when a highly 
exhausted bulb was pushed into the loop, the glass was heated in a few seconds nearly 
to the point of melting. 
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When I first observed these astonishing actions, I was interested to study their 
effects upon living tissues. As may be assumed, I proceeded with all the necessary caution, 
and well 1 might, for I had the evidence that in a turn of only a few inches in diameter 
an electromotive force of more than ten thousand volts was produced, and such high 
pressure would be more than sufficient to generate destructive currents in the tissue. 
This appeared all the more certain as bodies of comparatively poor conductivity were 
rapidly heated and even partially destroyed. One may imagine my astonishment when 
I found that I could thrust my hand or any other part of the body within the loop and 
hold it there with impunity. More than on one occasion, impelled by a desire to make 
same novel and useful observation, I have willingly or unconsciously pesformed an 
experiment connected with some tisk, this being scarcely avoidable in laboratory 
experience, but have always believed, and do so now, that I have never undertaken 
anything in which, according to my own estimation, the chances of being injured were 
so great as when I placed my head within the space in which such terribly destructive 
forces were at work. Yet I have done so, and repeatedly, and have felt nothing. But 
I am firmly convinced that there is great danger attending such experiment, and some 
one going just a step farther than I have gone may be instantly destroyed. For, conditions 
Miay exist similar to those observable with a vacuum bulb. It may be placed in the field 
of the loop, however intensely energized, and so long as no path for the current is 
formed, it will remain cool and consume practically no energy. But the moment the 
first feeble current passes, most of the energy of the oscillations rushes to the place of 
consumption. If by any action whatever, 2 conducting path were formed within the 
living tissue or bones of the head, it would result in the instant destruction of these and 
death of the foolhardy experimenter. Such a method of killing, if it were rendered 
practicable, would be absolutely painless. Now, why is it that in a space in which such 
violent turmoil is going on living tissue remains uninjured? One might say the currents 
cannot pass because of the great self-induction offered by the large conducting mass. 
But this it cannot be, because a mass of metal offers a still higher self-induction and 
is heated just the same. One might argue the tissues offer too great a resistance. But 
this again cannot be the reason, for all evidence shows that the tissues conduct well 
enough, and besides, bodies of approximately the same resistance are raised to a high 
temperature. One might attribute the apparent harmlessness of the oscillations to the 
high specific heat of the tissue, but even a rough quantitative estimate from experiments 
with other bodies shows that this view is untenable, The only plausible explanation 
Tt have so far found is that the tissues ere condensers. This only can account for the 
absence of injurious action, But it is remarkable that, as soon as a heterogeneous cireuit 
is constituted, as by taking in the hands a bar of metal and forming a closed loop in 
this manner, the passage of the currents through the arms is felt, and other physiological 
effects are distinctly noted. The strongest action is, of course, secured when the exciting 
loop makes only one turn, unless the connections take up a considerable portion of the 
total length of the circuit, in which case the experimenter should settle upon the least 
number of turns by carefully estimating what he loses by increasing the number of turns, 
and what he gains by utilizing thus a greater proportion of the total length of the 
circuit. It should be borne in mind that, when the exciting coil has a considerable number 
of turns and is of some length, the effects of electrostatic induction may preponderate, 
as there may exist a very great difference of potential —- a hundred thousand volts 
or more — between the first and last turn. However, these latter effects are always 
present even when 2 single turn is employed. 


When a person is placed within such 2 loop, any pieces of metal, though of small 
bulk, ase perceptibly warmed. Without doubt they would be also heated — particularly if 
they were of iron — when embedded in living tissue, and this suggests the possibility of 
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surgical treatment by this method. It might be possible to sterilize wounds, or to locate, 
or even to extract metallic objects, or to perform other operations of this kind within 
the sphere of the surgeon’s duties in this novel manner. 


Most of the results enumerated, and many others still more remarkable, are made 
possible only by utilizing the discharges of a condenser. It is probable that but a very 
few —~ even among those who are working in these identical fields — fully appreciate 
what a wonderful instrament such a condenser is in reality, Let me convey an idea to this 
effect. One may take a condenser, small enough to go in one’s vest pocket, and by 
skilfully using it he may create an electrical pressure vastly in excess — a hundred times 
greater if necessary — than any producible by the largest static machine ever constructed. 
Or, he may take the same condenser and, using it in a different way, he may obtain from 
it currents against which those of the most powerful welding machine are utterly 
insignificant, Those who are imbued with popular notions as to the pressure of static 
machines and currents obtainable with a commercial transformer, will be astonished at 
this statement — yet the truth of it is easy to see. Such results are obtainable, and 
easily, because the condenser can discharge the stored energy in an inconceivably short 
tume. Nothing like this property is known in physical science. A compressed spring, 
of a storage battery, or any other form of device capable of storing energy, cannot do 
this; if they could, things udreamt of at present might be accomplished by their means. 
‘The nearest approach to a charged condenser is a high explosive, as pelea But even 
the most violent explosion of such a compound bears no comparison with the discharge 
or explosion of a-condenser. For, while the pressures which are produced in the detonat- 
ion of a chemical compound are measured in tens of tons per square inch, those which 
may be caused by condenser discharges may amount to thousands of tons per square inch, 
and if a chemical could be made which would explode as quickly as a condenser can 
be discharged under conditions which are realizable — an ounce of it would quite 
certainly be sufficient to render useless the largest battleship. 

That important realizations would follow from the use of an instrument posses- 
sing such ideal properties I have been convinced since long ago, but I also recognized 
early that great difficulties would have to be overcome before it could replace less perfect 
implements now used in the arts for the manifold transformations of electrical enerpy. 
These difficulties were many. The condensers themselves, as usually manufactured, were 
inefficient, the conductors wasteful, the best insulation inadequate, and the conditions 
for the most efficient conversion were hard to adjust and to maintain. One difficulty, 
however, which was more serious than the others, and to which I called attention when 
I ficst described this systema of energy transformation, was found in the devices neces- 
sarily used for controlling the charges and discharges of the condenser. They were wanting 
in efficiency and reliability and threatened to prove a decided drawback, greatly restricting 
the use of the system and depriving it of many valuable features. For a number of yeats 
I have tried to master this difficulty. During this time a great number of such devices 
were experimented upon. Many of them promised well at first, only to prove inadequate 
in the end. Reluctantly, I came back upon an idea on which I had worked long before. 
It was to replace the ordinary brushes and commutator segments by fluid contacts. I had 
encountered difficulties then, but the intervening years in the laboratory were not spent 
in vain, and I made headway. First it was necessary to provide for a circulation of the 
Fluid, but forcing it through by a pump proved itself impractical. Then the happy idea 
presented itself to make the pumping device an integral part of the circuit interrupter, 
inclosing both in 2 receptacle to prevent oxydation. Next some simple ways of maintain- 
ing the circulation, as by rotating a body of mercury, presented themselves, Then i learned 
how to reduce the wear and losses which still existed. I fear that these statements, 
indicating how much effort was spent in these seemingly insignificant details will not 
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convey a high idea of my ability, but I confess that my patience was taxed to the utmost. 
Finally, though, I had the satisfaction of producing devices which are simple and 
reliable in their operation, which require practically no attention and which are capable 
nf effecting a transformation of considerable amounts of energy with fair economy. It 
is not the best that can be done, by any means, but it is satisfactory, and I feel that the 
hardest task is done. 


The physician will now be able to obtain an instrament suitable to fulfil many 
requirements. He will be able to use it in electro-thcrapeutic treatment in most of the 
ways enumerated. He will have the facility of providing himself with coils such as he 
may desire to have for any particular purpose. which will give him any current or any 
pressure he may wish to obtain. Such coils will consist of but a few turns of wire, and 
the expense of preparing them will be quite insignificant. The instrument will also 
enable him to generate Réntgen rays of much greater power than obtainable with ordinary 
apparatus. A tube must still be furnished by the manufacturers which will not deteriorate 
and which wili allow to concentrate larger amounts of energy upon the electrodes. When 
this is done, nothing will stand in the way of an extensive and efficient application of 
this beautiful discovery which must ultimately prove itself of the highest value, not only 
at the hands of the surgeon, but also of the electro-therapist and, what is most important, 
of the bacteriologist. 


To give a general idea of an instrument in which many of the latter improvements 
are embodied, [ would refer to Fig. 9, which iflusteates the chief parts of the same in 
side elevation’ and partially in vertical cross-section. The arrangement of the parts is 
the same as in the form of instrument exhibited on former occasions, only the exciting 
coil with the vibrating interrupter is replaced by one of the improved circuit breakers 
to which reference has been made. 

This device comprises a casting A with a protruding sleeve B, which in a bushing 
supports a freely rotatable shaft a. ‘The latter carries an armature within a stationary 
field magnet M and on the top, 2 hollow iron pulley D, which contains the break proper. 
Within the shaft a, and concentrically with the same, is placed a smaller shaft b, likewise 
freely movable on ball-bearings and supporting a weight E. This weight being on onc 
side and the shafts a and b inclined to the vertical, the weight remains stationary as the 
pulley is rotated. Fastened to the weight E is a device R in the form of a scoop with 
very thin walls, narrow on the end nearer to the pulley and wider on the other end. 
A sniall quantity of mercury being placed in the pulley and the latter rotated against 
the narrow end of the scoop, 2 portion of the fluid is taken up and thrown in a thin 
and wide stream towards the centre of the pulley. The top of the latter is hermetically 
closed by an iron washer, as shown, this washer supporting on a steel rod L a disk F of 
the same metal provided with a number of thin contact blades K. ‘The rod L is insulated 
by washers N from the pulley, and for the convenience of filling in the mercury a small 
screw © is provided. The bolt L forming one terminal of the circuit breaker is connected 
by a copper strip to the primary p. The other end of the primary coil leads to one of 
the terminals of the condenser C, contained in a compartment of a box A, another 
compartment of the same being reserved for switch 5 and terminals of the instrument. 
The other terminal of the condenser is connected to the casting A and through it to pulley 
D. When the pulley is rotated, the contact blades K are brought rapidly in and ont of 
contact with the stream of mercury, thus closing and opening the circuit in quick 
succession. With such a device it ig easy to obtain ten thousand makes and breaks per 
second and even more, The secondary a is made of two separate coils and so arranged 
that it can be slipped out, and a metal strip in its middle connects it to the primary coil. 
This is done to prevent the secondary from breaking down when one of the terminals 
is overloaded, as it often happens in working Réntgen bulbs. This form of coil will 
withstand a very much greater difference of potential than coils as ordinarily constructed. 


The motor has both field and armature built of plates, so that it can be used on 
alternating as well as direct current supply circuits, and the shafts are as nearly as possible 
vertical, so as to require the least care in oiling, Thus, the only thing which really 
requires some attention is the commutator of the motor, but where alternating currents 
are always available, this source of possible trouble is easily done away with. 

The circuit connections of the instrament have been already shown and the mode 
of operation explained in periodicals. The usual manner of connecting is illustrated in 
Big. 8, in which Ag Ag are the terminals of the supply circuit, L, a self-induction coil 
for raising the pressure, which is connected in series with condenser C and primary 
P P. The remaining letters designate the parts correspondingly marked in Fig. 9 and 
will be understood with reference to the latter. 
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THE MAGNETIC-ARC INSTRUMENT OF S.S. KNIGHT 


by Mark L. Gallert 
Reprinted from 
NEW LIGHT ON THERAPEUTIC ENERGIES, 1976 


Mr. Knight, a chemical and electrical engineer of 
Walnut Creek, California, was impressed with the severity 
and persistence of pain suffered in certain types of cancer. 
Realizing that pain is a sensation representative of an 
electrical phenomenon of excessive nerve-current flow, 
he decided to experiment to see if there was some way of 
interfering with that nerve flow through artificial im- 
pulses, in the effort to stop or alleviate the pain. 

Towards this end, he developed an instrument com- 
bining several features of electro-therapy: 

1. A wave pulsed at 90 times per minute, taking 
advantage of data obtained from experience with the older 
types Faradic machines. 

2. Avrest interval exceeding 75% of the duration of 
each pulsing cycle - enhances the beneficial effect. 

3. Breaking the treatment by mechanical opening of 
contacts in such a way as to create an arc at each of the 
pulsing intervals. An arc produces a very wide band of 
frequencies, from those of very low frequency, to the 
highest that can bemeasured. The multiplicity of frequen- 
cies seems to play a part in masking or interrupting the 
sensation of pain. 

4. Aunique feature of the Knight instrument is that 
the arc is broken in a strong magnetic field produced by a 
large, powerful, permanent magnet. This introduces what 
is called the ‘‘Zeeman effect’’, that is, a magnification of 
the arc impulses, and a spreading of frequencies. 

5. Use of very low power output - below 1/100 of a 
watt, so that there will be no perceptible heating of tissue 
when the complex ofimpulses from the instrument are fed 
to the patient through electrodes applied to the skin. 

Experiments on cases which had been declared termi- 
nal cancer by medical doctors, showed that this device not 
only brought outstanding relief of pain in the majority of 
instances, but also produced some surprising ‘‘remis- 
sions’’ characterized by shrinking of tumour masses, and 
restoration of general health to the patient. 

Dr. C.P. Bryant of Seattle, Washington, who used 
these instruments extensively in his practice over a period 
of years, declared that with their use he was able to restore 
to health 75% ofall cancer cases which had not undergone 
surgery, X-ray or radium, and 25% of those cancer cases 
which had been subjected to surgery, X-ray or radium. 

The Knight family has never represented these instru- 
ments as a “‘cancer cure’. The original aim was to find 
some way to relieve the pain of cancer. Reports from 
doctors of apparent cures through use of the instruments 
wete received with interest, as well as reports of benefits 


from the application of the instrument to conditions other 
than cancer. 

Mr.58.S. Knight, aman with pronounced humanitarian 
ideals, made the circuit of the instrument available to all 
inquirers and encouraged the building of instruments by 
anyone who wished to copy his circuit and specifications. 
He was keenly disappointed when reports reached him of 
failure, or lack of therapeutic effect from instruments 
constructed by others. It developed that adjustments were 
quite critical, particularly concerning the making and 
breaking ofthearc. Mr. Knight could tell by looking at the 
arcand listening to it, when it was “‘right’’. It was difficult 
to develop objective criteria for adjustment of the equip- 
ment, 

A puzzling circumstance, was that the maximum ef- 
fect from Mr. Knight’s instruments was obtained when 
they were new; after a few weeks of use the effect began 
to diminish; after some months it was perceptibly weaker, 
and after a year or more, of very little use. Several years 
ago, the reason for the lessening of effect was determined. 
The isolation transformer used to block the direct flow of 
the arc frequencies from the electric line supply (an 
isolation required to eliminate radio interference) was 
being saturated by the magnetism from the large magnet 
surrounding the arc. The more saturated the transformer 
became, the less electricity it passed. The equipment was 
re-designed to place the transformer out of range of the 
field of the magnet. 

The instrument can be classed with experimental 
devices, as there have not been sufficient tests made under 
controlled conditions to establish with certainty the per- 
centage of cases of various types of cancer that can be 
alleviated, arrested, and perhaps cured, but the tests to date 
indicate at least that this is a promising approach, which 
should be explored further. 

An imitation instrument has been marketed by others, 
using an electro-magnet instead of a permanent magnet. 
Mr. Knight was opposed to this substitution, having a 
number of reasons for believing that the permanent mag- 
net was preferable, Other changes have also been made in 
constructing these imitation instruments, including the 
type of electrodes. So far as your compiler has been able 
to determine, the instruments using electro-magnets have 
some value in relieving pain in a variety of conditions, but 
the effect on cancer seems to be slower and less pro- 
nounced than that obtained from the genuine Knight 
instruments when the latter are functioning properly and 
are in adjustment. 
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I Aspects 


By C. H. West 
U. S. Public Health Service 
Mr. West here describes some of the effects and also some of | 
the dangers of subjecting the human body to powerful ultra 
short wave fields 


ica 


Med 
Ultra Short Waves 





to dabbling in the mysteries that the 
ultra ahort waves have created. 


On the other hand, medical-getentifie 
personagea are making use of their 
medical knowledge, plus a large por- 
tion of electronics, in efforts to make 
the world a better place to live in with 
less aches and pains te bother us. 


Many engineers employed in large 
electrical laboratories have made val- 
uable use of their knowledge pertain- 
ing to the ultra short waves, and have 
constructed oscillators of high power 
for the purpose of producing fever in 
the human bedy at will, It is a known 
faet that fever is nature's doctor to a 
certain degree, If it can be produced 
in cases where there ia no cause for a 
high fever, the patient’s chance for 
recovery and «ure is far better than 
combatting disease by injection of ma- 
laria_ germs, ete., which may preduce 
reactions worse than the disease itself 


Unknown Qualittes 


However, the production of fever by 
an oscillator is a egy procedure, but 
the application of these high wave 
epoge to the human body is an en- 
tirely different matter. Secondly, the 
output or radiation of an ultra high 
frequency oscillator has never been 
completely identified, 

Ié seams that for every known ele- 
ment discovered there:are many others 
within—undiscovered. An illustration 
of this fact was brought to light very 
recently, in which the writer witnessed 
a demonstration of photo-electric cell 
work. 

A. double-cell apparatua manufac. 
tured by the Weston Electrical Instru- 
ment Corporation produced readings 
in foot-candles from the output of 4 
tO k, w. Meray tube in which the celle were com- 
pletely eavered by % inch lead sheet. 

The racntken reye do nok penetrate lead, 
end aa the tubs was qolte a distance from the 
cells, the reaction in the sensitive meter wea not 
due to heat waves, but alsnply a current output 
which registered through the jead upon the fuces 
of the cells. The Merny ja noted for producing 
very bad burns if not handled properly, and the 
deflectlan from the farost {s called and [dentlhed 
ne the reent(gen ray after the name of the dis- 
coverer, How does sclence know whether the 
burne are caused from this additional elament as 
reristered in foot caadtes, for want of a better 
name? 


U. S&S. W. “lever” Apparatus 


Recently, the writer constructed and put into 
practice an uétra short wave osettiater for the 
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The drawings shove provide detsils of ¢ 


tegether with details of the 


production of fever or temperature. This ap- 
paratua consisted of two UX-852 tubes arranged 
in push-pull, but with the “back-to-back” ore 
rangement of Afssny-Valuri, It in a peralatent 
caclilator and fs capable of running Jong houre 
on wavelengths from 2 to 10 meters, 

An auxlHary cabinet waa constructed with two 
leads to couple acrovs the plate inductance. This 
cabinet has ona adjustable side; the top and 
hottom being one jead, and the two aides the 
other and forming o Isrge condenser. 

Rabbits were uted in experiments and thelr 
temperature reached it degrees iCentigrade} 
from the usual 3B degrees (normal). However, 
after a few weeks ecvere burns wera noticed, 
Since thot time research hes been carried on 
hy other factions in an effort to ascertain the 
direct cause of the vurns, which do not seem 
ta be due to collections of mofsture, or from 
coming in contact with the condenser plutes. 

This beings to mind that experbments by the 
writer with the very short wavea dlacloce the 
fact that some sort of a photoelectric ray could 
be produced and would highly expose amail 
dental films. Jt is betieved this elementary ac- 
tion was first discovered by Mr. John Reinarts, 
the noted radio amateur, who percolved a bluish 
giow within an suxfliary indicator at a cox 
tain frequency. 

Bafore any actual application t¢ hymanea may 
be applied, it Js our duty to ageertain aecur- 
ately whether other clementa are prevailing. 
To all indjoations there are many, and one af 
them fa severe burns, which may be caused by 
an unidentified efement 


Constructional Bata and Summary 

Ag wil bo noted In the photographs, the ap- 
paratus f entirely enclosed and avurrounded by 
Sines aides to better view the ‘'works’’ in caso 
things tend to go the “hay-wire" route, The 
lower portion of the cablnct contains ihe neces- 
adry plate and filament transformers, which op- 
crate direet from the 110 volt, @0 eyele Hne, 
The plate power is raw A. 0. at a potential of 
2600 yoits, the Alament transformer being ths 
customary 16 volt affair. Inductances are re- 
mevable; the ones ahown sve at present used 
for 30,000 ke. work. ‘The clreuit is shown in 
Fig. 1, which fe the conventional push-pull 
methad, 

However, the auxitiary cabinet Ja for purposa 
af holding an anime) within the field and with- 
out atrappirg him and ecaualng discomfort, Tho 
condenser pintes are of sheet metal and insul- 
ated, the achematic diagram appraring in 
Fle. 2%. 

When a rabbit fs placed In this pen and the 
power appticd, he faila to react immediately; 
but as he “warms” up te the situation the veins 
in the ears show dilation, ond In 20 minutes his 
tamperatura atarta to rise and keeps aofng, It 
iz only at o much Jater date that hurns era 
hoticed. 

From the foregoing It would hardly seem ad. 
visable to aubfect o human to any Jengthy 
treatment, at laast, for the present; hut the 
value of bigh frequency Ip various forms hive 
proved ecasential in many enecs, Hecondiy, the 
natural heavy perapiration that la produced fa 
waential In one degree in opening the pores 





he clrewlt used by Mr, West 
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(rome of which have probably never been 
opened before) and allowing the natural pofsons 
of the bedy to escape more quickly then could 
have heen secomplished with potent medicines. 

The majovity of high frequency spperatue 
produces this reavit. In tha case of pulsating 
eurrenta, which produce 6 aerles of reactions or 
“jumps” wlihin the munrculer ayatem, this of 
ten {a very heneficiat In activating thoae muscles 
which sould not have been manipulated manu- 
sily without n great degiee of palin. 

Probably the first renction noticed with ref- 
erence ta the ultra bigh frequencies wert from 
early experimenters while conducting trans 
misufon teats with high power. It was noticed 
thet the body temperature tended to rive at 
various times, due entirely to thelr proximily 
to a powerful oaciltstor. Selenea hes been 
looking for » long time for some method to 
ralae the temperature In the human hedy 
quickly. Ultra high frequency oscillators have 
solved that problem but have brought .oany 
other mattere to ilght. Secondly, to produce 
the desired results the patlent must be oen- 
closet hetween two or more condenser plates 
of large proportions. The ovciilator must be of 
high power, capable of delivering 600 watta 
output and the patlent must ba wrepped in a 
suitable covering to prevent hia contact with 
any portion of the charged pilates. 

Various reaearch workera who have volun 
teered thelr aserviers an “‘irtal patlenta” have 
recelved ao goodly portion of burns as compen- 
antton, and are quite satisfied that ultra high 
frequency currents aco “het stuff1" Where 
heat is soncerned, one sould get equivalent re- 
sults by eetting on a hot wteam radiator, The 
writer knowa thia to be true, and haa experl- 
enced many oa painful burn which ha would 
have heen wliling to trade for a ahock fram 
@ quarter kw. closed-core transformer,* 

It could hardly seem probable that burns 
would prevall where the body is not in contact 
with any metallic object; but an examination 
under darkness of # jarge condenser tapped 
from the ofcillator, will disclose a bluish aurora 
between the two ¢lements, which ja almiter ta 
thet noted [n Tesla coll experiments. Within 
this bluluh discharae there can be many com- 
ponenta not yet Identified, which have a tend. 
ency to altack tender portions of the body and 
produce an Infernal burn, which dees not come 
te the surface for Identification untt! game daya 
haye peased, 


Ft Ia open to discussion whether one-half of 
the slectrical apparstus jn present use actually 
cures the patient of pains, or whether ft du 
the payehology of tho matter in which the pa- 
tient ts surrounded by, many cablnaty of mys- 
terles, of which ha knows absolutely nothing. 
What cures one man does not seem to cure 
another with the identical complaint. 


*Yeu—but it is generally understood we be- 
ileve, that the high freyuency currents or fleld 
causes heat to be developed inside the bedy; 
even in organs much as the Ilver, ete, without 
heating up the whole bedy, which is not the 
case with direct applleation af hent as when 
seated on @ hot radlater, etc,—Edltor. 






in bullding hia ultra short-wave physlological apparatos, 
apparataa itself, 
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Impurities and desired product will have different solubilities in the same solvent 
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Short Waves in Medicine 


ULTRA SHORT 
WAVES IN 
MEDICINE 





ROFESSOR ESAU, of the Uni- 

versity of Jena, the well-known 

pioneer in the field of ultra short 

waves, was the one who nearly 
two years ago pointed out that very 
evidently the ultra short wave exercised 
beneficial medicinal effects. 

For further investigation of this 
effect, small mice were put between the 
condenser plates of the sender; and Lo! 
after some time the mice fell victims to 
a sort of tetanus, which eventually led 
to death. The result of this fact was 
that Prof. Esau resolved to commission 
a physician to make a further study of 
the physiological effect of these ultra 
short waves. Naturally the serious in- 
vestigation of medicinal effects requires 
experience in physical measurements, 
likewise an apparatus operating in a 
constant and easily controlled manner, 


Siemens and Halske Interested 
It is gratifying that a manufacturer 
which already possesses very great ex- 
perience in constructing electro-medical 
apparatus and which also has the requi- 
site experience in physical measure- 
ments, the prominent firms of Siemens 
and Halske took up the matter, Now 
this company has manufactured a first 
ultra-short wave radiation apparatus 
and recently exhibited it to a picked 

group of scientists and to the press. 


The pictures show the new set which, 
of course, has to be considered as the 
first of an evolutionary series, There 
will still be necessary all sorts of ex- 
periments to produce the set in such 
form that it will correspond to all the 
needs of the medical profession. The 
present set will, for the time being, be 
used for the further study of the physio- 
logical effect of ultra short waves. It 
will be the problem of the doctors to 


One of the “fair 
sex” receiving a 
treatment through 
the knee by ultra- 
short waves. Sev- 
eral treatments are 
given for the aver- 
age ailment. 





The ultra-short wave medical appa- 

ratus with its electrode arm adjusted 

to permit the waves passing through 
a solution for experiment. 
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By Dr. FRITZ NOACK 


(Berlin) 





investigate the fields of use and the con- 
ditions under which the set may be used. 


Arrangement of U. 8S. W. Generator 

In the large shielded box are the real 
ultra short wave generator— (actually 
resembling a radio transmitter) and the 
parts needed for its operation. The gen- 
erator can work on two waves, four and 
eight meters. The wavelength is ad- 
justed by imserting the proper turing 
coils. The arm which projects out of 
the apparatus has inside it two lead 
wires which convey the oscillations out- 
ward; they are led to the two electrodes, 
which are placed at the ends of the two 
visible supports. 


In the cross-beam at the end of the 
arm is a “tuning” device, which tunes 
the electrode oscillatory circuit exactly 
to the wavelength of the generator. The 
exact tuning can be read on a meter, 
which is above the arm on the box; this 
shows the direct plate current of the 
transmitter, which, with correct tuning 
of the electrode circuit, adjusts to 2 
minimum; the value then indicated by 
the meter gives, after calibration of the 

a value for the electrode energy. 


To be able to adjust the electrodes, 
as is necessary from one case to an- 
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other, the electrode arms are set in ball- 
joints, To ascertain whether oscilla- 
tions sre actually present in the elec- 
trode oscillatory circuit, there is on one 
electrode arm a little glow lamp (Neon 
tube), which lights up in the presence 
ef oscillations, 


Electrodes Swing on Giant Arm 

The arm projecting out of the appa- 
ratus can be swung in all directions, for 
the better vse of the whole unit. To 
accomplish this, it is fixed to the box in 
a universal joint. The end cross-piece 
of the arm can furthermore be turned, 
so that the electrodes can assame any 
desired direction. The right side wall 
of the box contains the main eurrent 
switch, as well ag a resistor with which 
the filaments of the tubes are regulated. 
The apparatus is in fact constructed just 
like a vacuum tube radio transmitter. 
The electrodes may take various forms; 


in accordance with the most recent ax- 
periences, they are so shaped that they 
do not have to be put firmly against the 
body, but exercise their effect even in 
the presence of a layer of air between 
body and electrode. At the same time, 
the remarkable fact may be determined, 
that the thickness of the layer of air 
and the “depth effect’ are dependent on 
each other. 


Advantages of Ultra Short Waves 

According to all experiences thus far, 
the medicinal ultra-short wave radiator 
is a sort of dtathermeal apparatus; there- 
fore it serves to conduct to the part of 
the body, or the organ to be treated, 
electric wave energy, which is converted 
into heat and thereby exercises a heal- 
ing effect. As compared with the usual 
diathermal sets {which operate on a 
wavelength of about 600 meters, using 
leaden electrodes, which have to be put 
right on the body}, the ultra-short wave 


MANUAL 95 


set offers a considerably better control 
of the direction in which the heat is to 
be applied, so that one can better reach 
any desired organ than was possible 
before. Furthermore, by changing the 
wavelength, one can also adjust for a 
definite deep-lying stratum. Unpleasant 
accompanying phenomena, which result 
with the usual diathermal sets, where 
the electrodes do not rest firmly on the 
body, do not ocenr in the case of the 
ultra, short wave radiator. {t is espec- 
iglly important to note that one can now, 
for the first time, perform a “therapy” 
or treatment directly on the head. The 
operation of the set is very simple. 


Whether, besides the warming of the 
different strate in the body, still other 
biological effects occur or can be accom- 
plished, with the new ultra short wave 
radiator, is, at the present ‘time, still a 
matter of question, 


Human Berncs as 


By DR. ERWIN SCHLIEPHAKE, M.D. 
Gf the Jena University Medical Clinic 





Arrangement of the apparatus used by Dr. SchHephake in measur- 


ing and observing the effects of short waves on the human nony 
t 


absérption, et cetera. 


H, parabolic reflector formed of wires; 


antenna, charged inductively by the coil S; vacuum tube at R, and 
beside it wave changing condenser; subject at M. 
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ity of powerful radio transmitters, 

they are exposed to a very strong 

electromagnetic field. One must 
therefore ask what significance these 
radiations have for the internal organs, 
and how the body reacts to them. This 
question is justified by the fact that all 
other kinds of electromagnetic rays in 
fluence the human bedy more or less 
strongly. 

The character, however, of the reac- 
tion is diferent, according to the wave- 
lengths. Radium rays and X-rays, for 
example, because of the extraordinary 
shortness of the waves and the high 
effectiveness of energy under these con- 
ditions, exercise a very strong effect on 
the structure of atoms; so that serious 
injuries to the organism can arise (for 
instance, under certain conditions,« can- 
cer). Less serious are the effects of 
light rays which, however, in the ultra- 
violet part of the spectrum, can still 
occasion serious injuries; while the vis- 
ible light which we perceive is of toa 
low a frequency to injure healthy per- 
sons, There are, however, subjects, 
made sensitive by illness, who suffer 
serious affections of the skin from strong 
illumination. Above the optical spec- 
trum, there follow the infra-red and 
heat waves, whose effect on atoms is 
relatively slight; in the ease of still 
fonger waves only molecular effects are 
to be expected. Here we are entering 


[ human beings remain in the vicin- 
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the range of the Hertzian waves, elec- 
tric waves in the stricter sense. Of 
these, the shortest are about half a milli- 
meter (.0%-inch) tong, and therefore just 
above the heat radiations, 

From direct analogy, it is to be 
assumed that the shortest of these 
waves must be absorbed by human bod- 
ies, as in the case of heat rays, and 





DO YOU KNOW — 


Q What effect short waves have on 
the hair and acalp in general? 

@ Whether the current in the excit- 
ing antenna increases or decreases 
when 9 person stands in ite field? 
Why? 

Q If the person stoops will this affect 
the reading of the antenna current 
meter? 

@ Whether ‘cold” or “heat” is pro- 
duced inside the body by an over: 
dose of the high frequency waves? 

@ The effect of short waves on the 
nervous syatem? 





this absorption can be actually demon- 
atrated. 


Absorption of Radic by the Body 

With specially-built transmitters, es- 
pecially such as those which have been 
described by Kohl, electric waves only 
a few centimeters in length can be pro- 
duced; these wayes can be reflected by 
mirrora, exactiy like light rays. If one 
puts the antenna in the focus of a con- 
cave mirror, then there is formed a 
parallel beam of radiation which can be 
concentrated again in another concave 
mirror. By means of e lens placed in 
the course of the radiation, the ray is 
made very sharp, If a person steps into 
this path, reception ceases. Since no re- 
flection by the human body or only ¢ 
very slight one is demonstrable, absorp- 
tion of the radiation must have occurred; 
this effect is, moreover, demonstrable in 
the case of other organic substances or 
water, Unfortunately, not much can yet 
be said about the physiological effects of 
these radiations; the power of the trans- 
mitters of extremely short waves is still 
too low to produce perceptible changes, 

It is otherwise with the wavelengths 
from three meters up, to the production 
of which powers of several kilowatts 
can be applied. Here the above described 
optical phenomena cannot be so well 
demonstrated, because the diffraction is 
much greater; but absorption by the hu- 
man body can be very well shown. 

When an antenna is inductively coupled 
to a 3-meter transmitter, the oscillations 
can be indicated by a detector even at a 
considerable distance away. If however, 
a person puts himself in the place of the 
antenna, the detector responds much 
more weakly, although the power con- 
sumed by the transmitter remains the 


same. Accordingly, a part of the power 
must have been used up in the body. 
The same phenomenon can he demon- 
strated as follows: a closed or open gs- 
cillation cireuit is inductively coupled 
with the transmitter (see Fig, 1). The 
ammeter in the cireuit shows a definite 
current strength If a person places 
himself on an insulating stool beside it, 
the current in the oscillation circuit is 
reduced. This withdrawal of energy, 
however, depends on the length of the 
body; for if the subject stoops, or 
changes to a sitting position, the current 
in the other circuit increases (Fig. 2}. 
Therefore, it appears as though, by the 
tuning of the subject, to about half the 
wavelength, the power trausmitied to 
him becontes much greater. 


Concentrating Power by Means of a 
Reflector 


By means of a Jarge concave mirror 
one can also collect the transmitted 
power to a focus. Such a mirror need 
consist only of parallel wires stretched 
between two wooden frames. Its height 
must be equal to the wavelength, the 
opening one and one-half times the wave- 
length. It is best to use elliptical refiec. 
tors, with the transmitting antenna at 
one focus; then the reflected radiation is 
ut the other fecus of the ellipse. ‘With 
a “dipote’ (“Hertzian” antenna) con- 
taining sn ammeter, especially strong 
concentration of energy at this point can 
be demonstrated. Here a lessening of 
the current in the dipole ig instantly 
shown if a person steps into the vicinity. 
Since the human bady is to be regarded 
essentially as an electrolytic system, 
with regard to the electric wave, and I 
have tried to demonstrate the effect in 
the following manner in a model experi- 
ment. 

A glass tube, of half the wave’s length, 
was filled with an 0.59% sodium chloride 


Fig. 2, 
One of the 
most inter- 
esting effects 
of placing a 
human being 
in the field 
of a shart 
wave (high 
frequency ) 
oscillator is 
that of sb- 
sorption, The 
antenna “D’* 
is excited by 
the power 
tube and loop 
circuit at the 
left. Do you 
think the an- 
tenna current 
is increased 
or decreased 
by bending 

the body? 
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{salt} solution, to which gelatine was 
added to prevent convection. In this jelly 
the temperature was measured, at dif- 
ferent places, by thermo-elements. ft 
was shown that the heating was great- 
est in the middle and least at the ends; 
being half as strong at the quarter points 
of entire length as it was in the middle, 
Since the maximum strength of the cur- 
rent is at the middle, the greatest 
heating is therefore connected with this, 

Physiological Effect of Short Waves 

Especially noteworthy, also, was a 
feeling of vibration, which was particu- 
larly evident if the hand was raised in 
front. We could establish this sensation 
only at our transmitter, which is op- 
erated with 50-cycle alternating current. 
There must be, therefore, a direct influ- 
ence on the nervous system. Here too 
we have, therefore, another proof that 
the ultra-short radio waves exercised an 
effect on the nerves. 

These vibrations are also felt if the 
hand is placed in a condenser’s field. 
Many persons whe remain close to the 
transmitter also experience remarkable 
sensations on the head, near the roots of 
the hair; these are ke a peculiar 
prickling, the hair likewise standing up 
a little. In many subjects we could also 
observe slight increases in bodily tem- 
perature, which however did not exceed 
0.5 of a degree, Centigrade (0.9 degree 
Fahrenheit). Since the body contains 
extremely fine regulators, by which tha 
temperatare is always kept constant, and 
since also the amounts of energy which 
can be conveyed into the body, even by 
powerful radio transmitters, give (when 
transiated into heat units} only a rela- 
tively low number of calories, this in- 
crease in hest is probably not attribu- 
table to the received energy alone. As 
is to be shown later, nervous effects may 
play an important part in this. 

The effect on the nervous system is 
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plainly felt by all persons who work a 
fairly long time with short waves. The 
sensations are different with the indi- 
viduals; there are persons who are rela- 
tively Insensitive, and others who very 
geon complain about the disturbances of 
their health, Usually there is first an 
increasing sleepiness; they are very tired 
by day, but at night they sleep badly. 
Several times a night they start out of 
their sleep, and they are tired and sleepy 
in the morning. 

These phenomena increase more and 
more. Often there are also intensive 
headaches, particularly covering the 
back of the head. Many persons com- 
plain of digestive disturbances and pres- 
gure on the stomach. Most of them are 
furthermore easily excited and irritated, 
being inclined to complaining and to 
violence. This increased excitability of 
the nervous system can also be shown by 
electrical tests of the nerves, 


Effects of the Electrostatic Field 

It is much easier to study these 
changes by using the condenser field. 
Here it is not the electromagnetic wave 
which is used, but the electrostatic field, 
which always accompanies it. Here, how- 
ever, the effect may be much more 
strongly concentrated. I have generally 
used plates four inches in diameter, be- 
tween which the parts of the body in 
question were treated. The field be- 
tween these plates suffices to heat 100 


ec. of a 6.5% sodium chloride (salt) so- 
lution 5 degrees C. (99 F.) in one minute. 
Jf parts of the human body are intro- 
éuced inte this field, and the blood is then 
taken from some part of the body (for 
instance, from the earlobe) on investi- 
gation obvious changes are found. 

The number of red corpuscles per 
cubic millimeter is very greatly in- 
creased; i.e., if they formerly amounted 
to 5 million, the number has risen to 8 
million. The same is true of the haemo- 
globin (a constituent of the blood} and 
the white corpuscles, the number of 
which likewise increnses, But this is not 
always true to the same extent, depend- 


ing upon the strength of the radiation 
and the place treated. One frequently 
sees instead a lessening of these 
amounts, which would therefore corre- 
spond to a thinning of the blood. Like- 
wise, the albumens of the blood undergo 
certain changes which I cannot discuss 
here. 


In the case of these strong effects it 
ia to be assumed that the tissues of the 
body also undergo changes; which, how- 


@ IN a dispatch to the N. ¥. Times, a xe 

port from London states that cures for 
various ailments by the use of short radic 
waves were claimed by Dr. Erwin Schlie- 
Phake, a German | oe rare and scientist. 

Writing in the British Medical Journal 
he deseribed how he succeeded in treating 
deep-seated abscess in the human hody by 


Human Beings As 
Antennas 


By Dr. Erwin Schliephake, M.D. 


ever, cannot be directly proved in a sub- 
ject. 


Results of Experiments on Animals 

In experiments with animals, on the 
contrary, such changes are plainly recog- 
nizable, They occur particulerly strong 
in projecting parts of the animals, 
such as in the ears and tips of the tails; 
since there the electric field is distorted. 
Very often, one sees, some time after the 
treatment, that the parts in question are 
dying and failing off. In the case of 2 
rabbit whose leg had been too strongly 
exposed to the electrostatic field, I no- 
ticed a complete disintegration of the 
flesh in a ring-shaped region, so that only 
the bone remained; but then, after 2 
while, that also fell off. 


That the nervous sytem of the ani- 
mals is also influenced is shown by the 
fact that many of them shudder on the 
switching on or off of the field, at a 
time when there can be no question of a 
strong heating effect. 


Aliso very interesting are the disturb- 
ances of the internal’ heat regulation, 
which one can produce in animals. Ef 
the region of the neck and the back of 
the head of a rabbit are exposed to a 
limited capacitative field and the tem- 
perature is afterward measured, one can 
soon note & permanently increased tem- 
perature, which often lasts for some 
weeks. Ifa very powerful dose of “irra- 
diation” is administered the opposite can 
occur; the bodily heat falls more and 
more, often below 36 degrees C. (96° F.}, 
until these low temperatures are no 
longer compatible with life. At the same 
time, it is interesting to observe that 
almost all animals which have had such 
disturbances of their heat regulation 
after a few weeks developed inflamma- 
tion of the lungs and pleurisy, afterward 
dying. It seems as though, by the dis- 
turbance of the heat regulation, the re- 
sistance of the animals to disease had 
suffered greatly; so that in this path 
throughout the central nervous system 
there was created a spectal susceptibility 
to colds. On investigating the spinal 
marrow of such animals microscopically, 
serious injuries to the nerve cells have 
been observed, 


Ilis Treated by Short 
Waves 


pussing ultra-short wireleas waves through 
the patient, who was not in immediate 
contact with any instrument. He found, he 
said, that various tissues exhibit different 
Gegrees of conductivity fn the presence of 
these weves, 

Dr. Schliephake declared he has used 
waves to trest pulmonary abscogses after 
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Dangers and Beneficial Possibilities 

After these experiences, I have not 
dared to expose entire human beings to 
a condenser fiela and in tas way produce 
artificial rises in temperature. The re- 
sponsibility seemed too great. At the 
same time, effective heating of the body 
can be accomplished equally well in 
other ways; such as with the well-known 
Apostali “condenser bad,” which can be 
connected to any diathermal apparatus. 
With the method previously described, 
only serious dangers for the patients 
treated would have been conjured up, 
without the possibility of producing a 
fundamentally new effect. 


On the other hand, the-disturbances of 
the physica] health, which we conld ob» 
serve in the field of free radiation of 
powerful transmitters, have never been 
serious. After a period of recovery of 
a few weeks, with no irradiation, all ef- 
fects have been observed to vanish. For 
four years now, I have almost daily 
worked for several hours at a transmit- 
ter with 1% kw. plate dissipation; and 
the effects, often very unpleasant, have 
always gone back to normal on stopping 
the work. 


In these things the wavelength is also 
certainly of importance, and in fact we 
have the impression that the disturb- 
ances to heaith became stronger as the 
wave wags shortened. Anyway, the un- 
Pleasant sensations appear much 
quicker with a three-meter wave than 
with longer ones, 

From all these experiences, it is at 
any rate clear that treatment with elec. 
tric waves can in no way be regarded a3 
always harmless for the human body. It 
is plain that their incorrect use can 
cause serious injuries to health. Cer- 
tainly such injuries are to be expected 
only when the frequencies are very high; 
that is, with ultra-short waves; even then 
there is nothing to fear except with 
fairly high transmitter power. 

On the other hand, with proper use, 
the short electric waves seem to be a 
valuable means of treatment. According 
to aur experiments to date, with bacteria 
cultures and infected animals, the germs 
of disease can be killed. There is the 
added point that certain defensive proc- 
esses are stimulated in the body. I have 
also already repeatedly treated human 
beings; and, in about a hundred cases, I 
have been able to attain an extraordi- 
narily quick cure of suppuration {pus 
formation). 


pneumonia, in plonral empyema, pneamonic 
tuberculosis, in certain forms of peritonitis, 
in migraine and acute tonsilitis. 

Dr. Willis R. Whitney, research director 
of the General Electric Company, revealed 
in April, 1930, that he had developed a 
radio type of apparatus for killing bacteria 
in the body, 
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Prom THEORY AND CALCULATION OF TRANSIENT PEENOMENON & 
ELECTRIC OSCILLATIONS by Charles Proteus Steinuetz » 1920 


CHAPTER ¥. 
DISTRIBUTED SERIES CAPACITY. 


43. ‘The capacity of a transmission tine, cable, or high-poten- 
tink Gransformer oi) is shuntel capacity, that is, capacity from 
eontuctur to ground, or from contiuetor to return conductor, ar 
shunting across a seetion of the conducter, ag from 4urn to turn 
or ayer to layer of a transformer coil. 

In sonie circuits, in mldition to thig shunted crpocity, digs- 
tributed series capnetty also exiats, that is, the circuit is broken 
at frequent. and regninr intervals by gaps filled with e dielectric 
or insulstor, as air, and the two faces af the conductor ents thus 
conatitute a condenser in series with the circuit. Where de 
nlerments of the circuit are short enougts 20 ns to be represented, 
upproximately, a concuetor differentials, Ua circuit runstitates 
a circuit with divtributed scries eapacity. 

An ilhutration of seh a cireuit is afforded by the se-eallud 
“nakti-gap lightning arrester,” ax shown aliagransmatically in 
Fig. 90, which consists of a lirge noeher af nistad eylneens p, ¢ 
res, With sinall spark gaps between the cylinders, cannected 
between line J and ground @, ‘Chix arrangement, Ke. 90, cat 
bo represented slingrammatically by Fig. 91, Bach cylinder has 
neapneity C, against ground, a capuity C against the adja- 
cent cylinder, & resistance +,— usually very xminll— nnd on 
induetanee L. 

‘The sorier of insulator discs of a high voltage snapension —o¢ 
strain ~inaulator alun fons such a etreuit. 

JEsach 0 sccies af 7 expaal enpacities ur apark gaps id vonnected 


antosy A cane ral sopply voltage ¢9, euch gap lias a yoltugue = *e 
id 


If, however, the snpyiy voltnge i altering, Uke valtuge dex 
not divite uniformly betwoon the gape, but ihe pakentin) differ 
ener is the geeuter, that &, the potential gradinnt, steeper tha 
enter the yap ia te the tine 2, and dia distrituGes of pulentiol 
Decors the more son-peiferm tie higher the frequency; dhut is, 
the greater the clurglag enrrent of the cupneity of the eylindor 
aginst Lhe gromusl. ‘Phe charging currents aguinat ground, af nl 
and 
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the cytindos fran y La dhe geannl @, Fig OU und OL, 10ust pass 
the pup between Ue ardjaeent eytioters poet g¢ tnt is, iho 
changing current af Uhe coutenser represented by two adjucent 


OOOOOOGGO000 


Fig. 10, Mudtl-gap lightning atrosler. 


sylinclons p and ¢ is the sum of all tho charging currents from 
y ty G; susl us the potential difference belwcen the two cylinder 
p wml q iy proportional to tha charging ewrrent of the condenser 


et aunatnial 


Fig, 01, Bryulvalant olteuss of a mulil-gap ightalng arseaver. 





formed by these two cylinders, (, this potential difference 
increases towauls ZL, being, at each point proportional to the 
vector sum of alt the charging owrronts, ogainst ground, of all 
the cylinders between this poiut and ground, 

The higher the frequency, the more non-uniform is the poten- 
tial gradient along the circuit and the lower is the total supply 
voltage required to bring the maximum potential gradient, near 
the line L, above the disruptive voltage, that is, to initiate the 
discharge. Thus such a multigap structure is discriminating 
regarding lrequency; that is, the discharge voltage with increas- 
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356 TRANSIENT PHENOMENA 


ing Irequency, does nat rumain constant, but tleereasca with 
ingrease of frequency, when the frequency beconies sufleiently 
high to give appreciable charging currents, Hence high fre. 
quency oscillations discharge over auch a xtructure at Juwer 
valtago than usncbine frequencies. 

Vor a further tlisungsion of the feature whith mukes such a 
inulligaye stracbare ineful lor lightaing protection, seo A. 1, i. J. 
Fratanctions, 1906, pp. 431, 444, 1907, p, 425, ele, 

44. Such circuils with distcibaicl serics capacity are of great 
interest in that it iy probable that lighting flushes in the clouds 
are élischarges tn such cirevits. ro the distanee traversed hy 
Bghtning Aushes in the clouds, {heir character, and the disraptive 
strength of uit, ik appears certain Ubnt oo potential difference 
ent exist in the clouds of such mugaiticle ny (a cause a clisruptive 
disebarge across a oils or more ef spuee, Tt is probable tliat 
as the result of comlunsation of moisture, and the lack af uni- 
formity of sich condensation, clive bo the gusty nadure of air 
currents, no aorenolform <igtribution of potential is produced 
Lalveen the rain deaps in the clad; are wlan the potentinl 
gradienl smewhere in spice execetls te disriptive value, an 
oscillatory dixchnrge starts between the rain drops, aed prad- 
wally, in a maber of snecessive cischurges, Uraverses the cloul 
awl estualizes the pulentiol gretiont. A sludky of cireuits 
containing distibuted smies capacity Uru lexis to an urvter- 
shoiding of he pheusmena oeeurriyg iy the thunder clouct dur, 
the lightning diselsarge.* 

Only un general outline enn be piven in the fallawing. 

45. Ja acirenit containing distribute resistance, conductance, 
islustanes, slau, aul sevies capaesty, us tho nmtligap lightning 
arrester, Fig. 40, represealet eleetrivally aso cirenit in Tig. 1, 
lets = the eflevlive resislaice per ait lougth af civeuit, or per 
virenit, clenienb, that iy, per ngrester rytinder; g - Une styl 
conductanes per unit length, representing leakage, brash cis- 
tharge, clectieak varlintion, ete; f= Une janbiefases pear amt 
length of cirenib; & =: the sories rapacity per unit length of cir 
euib, or ciewuib element, hie is, cagaeity belwronuljacent arrester 
eylinelirs, newt (fy 4 Che stint eapanily per inti fength of efrenit, 
or circuit clement, that is, onpactly between arrester eyfiadus ql 


* Buo paper, “Ilelitaloge and CAehtilig Dretection,) NBTA.. bOr 
Tevstated ak cutorged fa **diaugret Lactuces on Hlectrici) Hugiueorlag,” by 
ular. 
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ground, IC ther f << Ue Preqaeiny af tapressal ein, the 
sities jnpedancs par anit latcyghh of circuit is 


Zor fur 4): th 
the shank almittanie pes anit length af cient. ix 
Yay jt, tu 
where 
& = 3aft, 
1 , 
5 Fa (3) 


ao 22/0); 

or the absolute valsies ave 
ga v7 |} (r— 7) 

and (4) 
ga vy 


Té the distanee along the vircuit From line £ towards ground 
G is tlenoted by f, Uke potential diTereice butween point f aut 
gemud by #, and the current ab poral i by ¢, Uhe differential 
caynations of the eirenit are * 


ae , 
vee i} 
iaul , 
ag or . 
a YR, i) 
Differentiating (6) ancl subatitueing (6) therein gives 
Pe el 
vag o YSIE. (H} 
Equation (7) ix integratet by 
Be Aen? + Apt, (8) 
where 
a= VVZ = a+ jp, (5 
a ~ Vie + ot — be — oF 
and (10) 


Bo Vite — o +b — x}. 


* Brotion III, Chanter IL, paragraph 7. 
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Substituting (10) in (8) and eliminating the imaginary expo- 
nents by the substitution of trigonometric functions, 


B= A,o* (cos fl — j sin Pl) + Azt* (cos fl 7 sin fl). (11) 


46. Iowever, if n = the total length of cireuit from line L to 
ground @, or total uumber of arrester cylinders between line and 
ground, for l= a, 

B =0, (12) 
and for d = 0, 
FB =e, = the impressed e.m_f. (13) 

Substituting (12) and (13) into (LL) gives 

0 = Ayeo™ (cos fn — jsin Bn) + At (cos fin + j sin Pn) 
anil 

eA, +A; 
hence, 
ee. a eee 
1 —« *** (cos 2 fin — jsin 2 An)’ (14) 
A, =— Aye?" (cos 2 fn — j sin 2 fn), 


A,= 


and the potential (lilference against ground is 


K=e 
¢-*feos fj sin Al) —e7*2"-9 [ena 2 (2n—1) —j sin P(2n—D) 
ee pa cox 2 fin — pene An) 
(14) 
Vrom equation (5), substituting (15) and (9), we hnve- 
/[¥ 
Seas -\ VA e 
"(eos fl—j sin fl)-+27* 8" ~" feos 6 (2 n—)) —j sin B (2n—2)] 
er Te cos Zhi —jsin2Bn) 
(16) 
Reduced to absolute teri this gives the potential difference 
augiinst ground is 


aE CRO VL, Mic IPMS) 


6=¢, Y ————“2 5S 17. 
ys Te et — 2677" cos 2 An . (17) 
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the current as 
aes vi e— fe WE Fe os 2A — 
=o, V=V-———_—=r Sy 
z 


1 pent — 22°89" vos 2 fn 





(18) 


and the potential gradiont, or potential difference between adja- 
cent cylinders, is 
= i Vij re “WT Te cas2 A (nl) 
= = = er WwW 
o=ab enV L+e*"—2 6-3" cos 2 Bn wh ) 
Por an infinite length of line, n = @, that is, for a very large 
nuniber of lightning arrester cylinders, where e~?* is negligible, 
us in the ease where the discharge passes from the line into the 
arrester without reaching the ground, equations (17), (18), (19) 
simplify to 






oer", (20) 

imal! ert (2) 
and 

d= en VE et (22) 


that is, are simple exponential curves. 
Substituting (4) and (3) in (21) anc (22) gives 


3 y 
> oo ae 
CYl — @afP CLP + (2 2fCr){ 
andl 
= 27fCd; (24) 


or, approximately, if r and g are negligible, we have 


= / C, 
¢ =e" Vana gy cn (25) 
bm aap (26) 


T- @xfpch 


47, Assume, ax exninple, a lightning arrester having the fol- 
lowing constants: L = 2x 107" henry; C, = 107" farads; 


and 


144 
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C =4 X10 farads;7 = 1 ohm;g = 4 X 10-* mho;f =.10° = 
100 million tycles per second; n ~ 300 cylinders, unl e, = 30,000 
volts; then from equation (3), 2 = 12.6 ohms, z,= 39.7 ohms, and 
b = 62.8 X 10°* mhos; 


from equation (1), 
4% = 1 — 27.1 j ohms; 
from equation (2), 
Y = (4 + 62.87) 10-* imho; 
froin equation (4), 
z = 27-1 olims and y = 62.9 % 10-* ho; 
from equation (10), 
w = 0.0021 and f = 0.0112; 


from equation (17), 





¢ = 35,500 Ve OF! + 0.08 FT — 0.508 cos (24.72 —0.0824 F); 
from equation (18), 
-F 0.08 6" 


aml from equation (19), 





t= ive” 





+ 0.508 cos (24.72 — 0.0824 1), 





f= 2 MD 008 FT 0.568 cos (24.72 — 0.0821 1), 


Tenre, ab D= 0, ¢ = 80,000 valls, f= O16 amperes, and 
¢ = 2500 volts; and at == 300, ¢ = 0, ¢ = 57.5 amperes, and 
¢ = 280 volts, 

With voltages per gap varying from 2280 to 2560, ‘300 paps 
would, by addition, give a total vollaye of about 730,000, while 
the actual voltage is only ubout one-Lwenty-fourth thereof; that 
is, the sum of the voltages of many spark-yups in series may be 
many times the resullant vellage, and a lightoing flash may pass 
possibly for wiles Girough clouds with a total potenti of only 
a few huwdrest anillion volts, Tn the above example the 300 
eylinders include 7.86 complete wavelengths of the discharge, 


flos Angeles Times 


Jan 3.1988 


Ham Radio Operators’ High 
Cancer Rate Poses a Puzzle 


TACOMA, Wash. (®—Amateur 
radio operators in Washington and 
California appear to clie at abnor- 
mally high rates from several 
forms of cancer, suggesting a possi- 
ble link between cuncer and elec- 
tromagnetic ficlds, according to 
data collected by a state epidemiol- 
ogist, 

Others cautioned that evidence 
of such a link has been inconsistent 
and that other factors may be 
involved. 


Dr. Samuel Milham Jr. of the 
Washington Department of Social 
and Health Services studied the 
deaths of 2,485 Washington and 
California ham operators between 
1979 and 1984. 


He reported in the American 
Journal of Epidemiology that 29 
leukemia deaths would be expected 
in a group of people that size, but he 
found 36 deaths. Statistically, he 
expected to find 72 lymphatic and 
blood-forming organ cancers, but 
found 89. And he expected to find 
67.6 deaths from prostate cancer, 
but found 78, 


‘Excess Mortallty’ 


‘The study “indicates that ama- 
teur radio operator licensees in 
Washington state and California 
have significant excess mortality 
due to acute myloid leukemia, 
multiple myeloma and perhaps 
certain types of malignant lympho- 
ma," Milham reported. 

Leonard Sagan, program manag- 
er for radiation studies at the 
Hlectric Power Research Institute 
in Palo Alto, Calif., warned that 
studies like Milham’s can be misin- 
terpreted, Milham'’s findings could 
be simple associations that have 
nothing to do with cancer causes 
among people who work with elec- 
tricity, he said, 

Sagan said his own ‘research 
hasn't shown whether electricity 
causes cancer, Bul he predicted 
that if it does, it’s rare. 

“| think it would be unfortunate 
for people with children to become 
overly concerned about this,” he 
said, “Evidence is weak and incon- 
sistent and in a few years we will 
have better evidence.” 


Here's something to consider while 
using a Multi Wave Oscillator. Just 
“any old" radio frequency broadcast 
energy may not be desireable. Use 
this handbook in your detective 
work to discover Lakhovsky's secret. 
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Machine Report 


A History of Rife’s Instruments and Frequencies 





The Rife Machine Report 


A History of Rife’s Instruments and Frequencies 
Updated 03/01/2013 Copyright www.rifevideos.com 2003-2013 


This report from its first writing back in 2003 has been an evolving document. The 
current report supersedes all previous reports that have been released. 


Whenever original Rife instruments, schematics or documents have been found 
this report has been updated according to the information that was obtained. 
This report was updated in 2010 because at that time an original 1938-1939 Rife 
Ray #5 or Beam Ray Clinical Instrument had been found and analyzed. That in- 
strument was built by the original 1938-1939 Beam Ray Corporation. At that time 
the analyzing of that instrument finally showed where the audio frequency instru- 
ments came from which Dr. Rife used in the 1950’s. It was updated in 2011 and 
2012 when some new information came to light about Dr. Gruner’s Rife machine 
and John Marsh’s documents. The last revision of this report was dated 
12/01/2012. 


This report is being updated now because more of John Marsh’s documented in- 
formation has come to light. Two of his ray tube instruments have been obtained 
that were built in the 1970’s and 1980’s. More extensive photos have been taken of 
those instruments and have been added to this report at this time. Also this report 
has had a great deal of updating and clarifying in almost all of its chapters. With 
these updates the report has increased from 153 pages to 224 pages. 


In this report we will examine the way Dr. Rife’s instruments were built. We will 
look at the evidence by quoting the sources such as Dr. Rife, John Crane, John 
Marsh, Dr. Couche, Dr. Lara, Dr. Stafford and Bertrand L. Comparet (Dr. Rife’s at- 
torney in the 1939 Beam Ray Corporation Trial, and later John Crane’s attorney for 
Life Labs’ trial in 1961). Hopefully anyone who reads this report will have a better 
understanding about Dr. Rife and the methods he used. Our goal is to try to give 
people information so that they will know how Dr. Rife’s equipment worked so that 
they will not be misguided by all the misinformation and disinformation that has 
been published on this subject. The writer of this report has tried to explain the 
information in layman’s terms. 


This report, called by the same name, is also online at www.rifevideos.com. All of 
the quoted documentation is linked in the online report for those who want to 
study the documents used to back up the quotes used in this report. Also online 
are more photos of the equipment shown in this report. 


We will continue to update this paper when new information is obtained. 
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Checking the purity of the solid: melting point 


Pure organic solids have a very sharply defined melting point range. The 
presence of impurities Jowers this because the London forces in the simple 
covalent lattice will be disrupted by the presence of molecules of another 
substance (the impurity). Therefore there will be less of them so less energy will 
be needed to overcome those that remain. 


By viewing the the rfnome laelite 
Wei teiallare the solid . refully, you 


(an measure wher ialsmce) emia! 





Asmall sample of solid will be placed in 
a Capillary tube section with one end 
previously sealed in the roaring flame of 
ORL 7- .ar. 


The eyepiece of the melting point apparatus contains 
a lens which magnifi es what the viewer sees. 


@) § 9:12/ 23:42 





Chapter #1 


What is a Rife ray tube and how does it work? 





Dr. Rife used a ray tube with his Rife Machines. The photo, shown above, is a picture of the 
style of double-bubble ray tube which Dr. Rife used for many years in his laboratory. A ray tube was 
made out of glass, quartz or Pyrex and was filled with a noble gas or a mixture of noble gases. 


The next photo, shown below, shows Dr. Rife's double-bubble ray tube in his laboratory right 
next to his microscope. 





Some people believe that there was something magical to the gas mixture that Dr. Rife used in 
his ray tube. There are also people who claim that they use some proprietary blend of gases that 
makes their ray tubes work exactly like Dr. Rife's. Others even claim that their gas formula works better 
than Dr. Rife's did. The truth is that none of this rings true because of what Dr. Rife has said on this 
subject. Dr. Rife knew more about these gases than most anyone else since he used different gas mix- 
tures over a thirty year time span. The fact is Dr. Rife used many different mixtures of gases but even- 
tually ended up using only helium. To verify this we will read his statement: 


RIFE: “We have experimented with various inert gases and we found that helium stood up by the bom- 
bardment better than any of the other gases. That’s why we use it. We don’t care about the color or 
anything of that sort. It stood up better over many more hours of bombardment than the argon and the 
crypton [krypton] and those different gases that we tried.” (John Marsh Collection, Gonin and Siner Pa- 
pers, Page 25) 


From what Dr. Rife said in the above quote it is apparent that he tested many different gases 
over the years in his laboratory and they all worked. But we find that he decided to use only helium be- 
cause it lasted longer in the ray tube. 


The ray tube was connected to Dr. Rife's Machine by two wires. These wires were connected to 
two round metal bars that went into the glass tube and they had round disks connected to their ends. 
One disk was straight and the other one was on a 45 degree angle. This gave it a directional effect to- 
wards the patient. 


Below is a photo showing the internal electrodes that were built into the ray tube. You can see 
that one is straight and the other is on a 45 degree angle. 





Dr. Rife stated that the ray tube was “a partial directional antenna". Because the scientific tech- 
nology behind ray tubes had already been perfected, Dr. Rife worked with that technology and only had 
to make some adjustments for it to work the way he wanted it to in his applications. Bertrand L. Com- 
paret, Dr. Rife’s attorney, stated in an interview: 


COMPARET: “Now, the original instrument had a tube, like an X-ray tube. That was the way in which 
Rife developed it. You see, all the X-ray work necessarily was done with a beam projected from a 
tube. So, Rife worked on the same basis.” (1970's Bertrand Comparet Interview #32) 


Although Dr. Rife used X-ray tubes in his work they did not put out any X-rays. Because the ray 
tubes used inert gases they did not produce X-rays. They work on the same principle as a neon sign. 
The gas that is used in a neon sign does not produce any harmful rays of any kind. Inert gases such as 
helium, argon, krypton, neon and others can safely be use in these ray tubes without producing X-rays. 
These gases are considered noble gases and there are 18 different types. The ray tube is just an an- 
tenna and the noble gas will emit the frequency when the plasma is lit. This makes a ray tube a safe 
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method of delivering the frequencies. If you use a metal antenna and someone just happened to touch 
it they could receive severe third degree RF (Radio Frequency) burns. 


Many people believe that ray tubes are just as efficient as metal antennas, and this may be true. 
They also believe that the energy emitted from a ray tube will actually travel farther with less loss than 
a metal antenna. Since there are no actual scientific tests comparing the output of ray tubes to metal 
antennas it is hard to know for sure if these assumptions are correct. For this report we will accept what 
is known, not what is un-known. Therefore we will compare ray tubes to metal antennas since they 
both are designed to emit frequencies. 


There are limitations to metal antennas that need to be understood and this has to do with the 
laws of physics. It is referred to as the "Inverse-Square Law". This law deals with power loss and dis- 
tance. We will give a simple explanation which should suffice since we are trying to stay in layman's 
terms and make it easy for the average person to understand this information. When a circuit is prop- 
erly tuned metal antennas are very efficient. About 100% of the energy that you put into a metal an- 
tenna comes out, but only if the impedance is matched correctly. 


Dr. Rife’s Rife Ray #3 instrument information which has been obtained from the Rife documents 
list that about 50 RF watts was input into the ray tube. If we compare this to a metal antenna this 
means about 50 watts would have passed through and come out of the ray tube. When it comes to 
metal antennas and the inverse-square law on signal loss this would mean that you would have to di- 
vide the 50 watts which come out of the metal antenna by four for every foot that you move away from 
the antenna. The exact power loss of a ray tube, as stated before, is not known but if a ray tube is 
equally as efficient as a metal antenna, and we believe it is, then the same laws of physics would also 


apply to it. 


Because no actual scientific tests have been done with ray tubes demonstrating that they are 
exempt from the inverse-square law then we are left with only one conclusion, this law does apply to 
ray tubes. Because of this we will use this inverse-square law of power loss for a ray tube. Therefore, 
with a 50 watt power output at one foot away from the ray tube you would only have 12.5 watts. At two 
feet you only have 3.125 watts and at 3 feet you only have about .78 of a watt. The laws of physics are 
important to understand because Dr. Rife and the doctors that used his equipment put the ray tube 
within a few inches to a few feet of the patient’s body. One of Dr. Rife's 1950's business partners, John 
Marsh, wrote a paper in which he stated that the Ray tube should be used from 12 to 24 inches from 
the body: 


MARSH: "A frequency instrument with therapeutic applications which has been developed and suc- 
cessfully tested over a period of year’s works on the principle of stimulating tissue with low energy, low 
frequency pulsating current. It applies electron transmission at variable frequencies from an applicator 
source, which consists of either (1) a bare anode and cathode (in direct contact with the body) and con- 
structed from metal for easy transmission flow of electrons, or (2) from an antenna broadcast source at 
a distance of 12 to 24 inches." (An Explanation of the JLMSQ-1A frequency instrument and its use. 
Page 1-2). 


Dr. Couche said that he would sometimes touch the body of the patient in the area that needed 
to be treated. When we discussed this with Dr. Robert P. Stafford M.D., he said that when he treated 
cancer patients he would put the ray tube within a few inches of the body and treat a 6 inch square 
area. He would move the ray tube up and down and back and forth so that the whole 6 inch area was 
treated. He said that he did this because of the way the phanotron (ray tube nickname) ray tube 
worked. The design of a phanotron ray tube makes it partially directional and concentrates its energy or 
power into a smaller area. Due to the "Inverse-square law" power loss it is easy to understand why Dr. 
Stafford, Dr. Couche, Dr. Rife and the other doctors used the ray tube right next to the body. Many 
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people have used these RF (Radio Frequency) ray tube instruments and have notice that within sev- 
eral feet they will get a strong reaction but beyond this it drops of very quickly. It is apparent that there 
was a good reason why the ray tube was used close to the patients body. 


We built both the Aubrey Scoon Beam Ray replica ray tube instrument and the 1953 AZ-58 
Beam Ray replica ray tube Rife Machine. The 1953 AZ-58 (Rife instrument made by Life Labs) was 
built from schematics that are on Stan Truman’s site, http:/Avww.rife.org, under AZ-58 research infor- 
mation. This AZ-58 instrument is nearly the same as the original Rife Ray #5 or Beam Ray Clinical in- 
strument and schematics can be found on this page. 


Both Aubrey Scoon’s instrument and the original Beam Ray instrument use sine wave audio fre- 
quencies and the 1953 AZ-58 uses square wave audio frequencies. We tested the AZ-58 and Aubrey 
Scoon’s replica for penetration and found that at about 32 inches from the body full penetration of the 
carrier frequency emitted from the ray tube was lost with our frequency detection device. This test was 
done in this manner. A B&K frequency counter was used and the antenna was put in a fold of body tis- 
sue on the front of the body. The ray tube was put behind the person and move backwards until the 
carrier frequency could no longer be read through the person’s body. John Crane listed the AZ-58 as 
outputting 14 watts out of the ray tube but we tested it and found it outputs at least 30 to 40 watts. The 
1950's Aubrey Scoon instrument puts out about 30 to 40 watts also. 


Another test was made using a crystal for testing resonance. The audio frequencies broadcast 
out of the ray tube from both of these machines could only resonate a crystal designed to test reso- 
nance through about two inches of tissue. From the tests made, it takes a carrier frequency of at 
least 0.125 watts to penetrate all the way through the body. It could take an output of 50 watts froma 
ray tube to resonate a crystal through 14 inches of tissue. These tests showed that it takes more power 
to penetrate all the way through the body when modulating an audio frequency on a carrier frequency 
than when a single un-modulated frequency is used. The tests were done using the AZ-58 replica and 
the Aubrey Scoon replica Rife machine using a phanotron ray tube outputting about 30 to 40 
watts. Another interesting thing worth noting is when we turned the ray tube more than 45 degrees ei- 
ther to the right or the left of center we could not resonate the crystal. Another test showed we could 
not resonate the crystal at all on the backside of the phanotron ray tube proving what Dr. Rife said: 


RIFE: “The ray tube Is a partially directional antenna.” 


One interesting fact worth noting is the ray tubes that do not use the internal electrodes, like the 
Phanotron ray tube, have a higher field strength reading which indicates a greater output. These ray 
tubes use copper collars or wire wrapping around the ray tube. These ray tubes also last longer be- 
cause the gas inside the ray tube does not get contaminated. The contamination comes from the inter- 
nal metal electrodes. Over time the metal from the internal electrodes comes off and slowly contami- 
nates the gas. It will also deposit on the inside of the glass making the ray tube go darker. In the photo 
below you can see how the ray tube has darkened. 





The next photo, show below, is a picture of Dr. James B. Couche's Rife Ray #5 or Beam Ray 
Clinical instrument which he purchase from the original 1938-1939 Beam Ray Corporation. The ray 
tube is Dr. Rife's original double-bubble ray tube which he used for over 30 years in his laboratory. You 
can see how the ray tube has darkened. This was a common problem which required the ray tubes to 
be cleaned and re-gassed on a regular basis. A better view of this double-bubble ray tube is shown in 
the two photos on page 4. 





Chapter Summary: A ray tube is a plasma antenna built for the purpose of outputting frequencies. Dr. 
Rife built many different styles of ray tubes. The gas used inside the ray tube does not really matter as 
long as it is a noble gas (Helium, Argon, Krypton, Neon, etc.). Dr. Rife settled on using helium because 
it lasted longer in a ray tube that uses internal electrodes. The ray tube made it possible for Dr. Rife to 
safely use a powerful RF (Radio Frequency) frequency instrument next to a person or microscope. Dr. 
Rife preferred using a ray tube over pad type instruments because a great deal more power meant a 
better outcome for the patient. 


Many people have wondered what power levels did Dr. Rife use in his instruments. In the next 
chapter of this report we will discuss the power levels of Dr. Rife’s instruments. 


Chapter #2 


What power levels did Dr. Rife use in his Rife Machines? 





Many people have wondered what power levels are safe to use when using an instrument like 
Dr. Rife's machine. According to the documents we have Dr. Rife’s ray tube instruments, such as the 
Rife Ray #4 Rife Machine, was listed to be able to output as much as 400 watts. When the test for B. 
Typhosis was made it was listed that they used 400 watts. The milliamp meter was listed at 450 milli- 
amps for those 400 watts. Since the equipment of that era would have only been about fifty percent ef- 
ficient then the true power output from the ray tube would not have been more that about 200 watts, 
not 400 watts. The Rife Ray #4 was the most powerful of the five machines that Dr. Rife built. Dr. Rife 
did not notice any problems using instruments with power levels between 40 to 250 watts of power out- 
put. Next are two statements made by Dr. Rife about the safety of his instruments: 


RIFE: “/ have operated the frequency instrument since 1921. | have watched it advance in style and 
performance with the advancement of electronics. In the many years | have used this equipment in my 
research, | have never suffered an injury or any ill effects whatsoever. | found it reliable in performance 
and efficient in results.” (Letter from Dr. Rife to Dr. Justin Stein, July 2, 1956) 


Also on the John Marsh, Rife audio CD’s Dr. Rife made this statement about his RF frequency 
instrument: 


RIFE: “/ stood in front of that thing for thirty years finding these different frequencies that devitalize 
these different bacteria. And that thing [RF ray tube] was shooting on me right here [his chest], but it is 
absolutely harmless to normal tissue and each individual bacteria requiring a different frequency to de- 
vitalize.” (John Marsh Rife CD’s) 


The Rife Ray #5 or Beam Ray Clinical instrument built by the Beam Ray Corporation in the 
1930’s output, at the most, about 40 watts out of the ray tube. The 1950's AZ-58 Life Labs instrument 
and the Aubrey Scoon 1950’s instrument also only output about 40 watts. Because some of Dr. Rife’s 
information about instrument power levels is confusing, most have believed Dr. Rife’s Machines put out 
400 to 600 watts to the ray tube: however, the new information from the building of some of these in- 
struments shows these assumptions are not correct. The problem has been that the people who wrote 
down this information were incorrectly giving the power usage of Dr. Rife’s Machines as the output 
power. Dr. Rife’s Machines used generally about 400 to 600 watts but they only output about 40 to 250 
watts out of the ray tube. The Rife Ray #4 did output more power but this was the exception not the 
rule. In the paper entitled “Development of the Rife Ray” it states: 


“The frequencies were generated by a tube oscillator with many stages [5 stages] of amplification, the 
final stage being a 50 watt output tube.” (Development of the Rife Ray and use in devitalizing of patho- 
genic micro-organisms) 


This part of the description is of his pre-1935 instrument. The output tube was not the ray tube. 
It appears from the documents that Dr. Rife’s pre-1935 instruments did not output any more power 
than about 50 watts out of the ray tube. He said he lit the ray tube from another power source then in- 
put the frequencies into the ray tube. When Dr. Rife, John Crane and John Marsh were working on sea 
water conversion - a process that used frequencies - they boosted the output power in the instrument. 
Concerning that instrument and some 1930’s Beam Ray instruments that Dr. Yale had increased the 
power level on, Dr. Rife said the following: 


RIFE: “Now this outfit here - the way we have it boosted up here now with an extreme lot of power be- 
hind the actual output that is coming out of the thing...! wouldn’t want to use this - or | wouldn’t want to 
use this instrument here the way it is souped up there for this salt water proposition to treat a patient 
with.” 


GONIN: “No.” 

RIFE: “You can get beyond the limit [power levels in excess of 250 watts]. ” 
GONIN: “Yes, quite.” 

CRANE: “That’s what Dr. Yale did. You see, he stepped it up and up and up...” 


RIFE: “When Verne Thompson used to go down there and take care of Yale’s machines - when he be- 
gan stepping them up and so...where you get up into that extreme power...oh yes, that is not good. 
With the power that is in these [50 to 100 watts of power coming out of the ray tube], there is absolutely 
no harm because | had my microscope here - | had my tube [ray tube] right here in front of it - oh, 
about 11 or 12 inches away from the slide in the microscope and here | was with this thing all around 
like that and that tube going here and my specimens and the microscope year after year tuning that 
thing and it never harmed me any.” (See the photo at the beginning of this chapter for a better under- 
standing of this statement about where the ray tube was located.) (1950’s Gonin, Rife, Crane and 


Marsh Paper #27-32) 
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Because Dr. Yale’s 1938-1939 Beam Ray Corporation Rife Machines were modified they were 
putting out a lot more power than Dr. Rife felt was safe. We do not know how Dr. Yale had his ma- 
chines modified so it is not possible to know the exact power output they had. But he must have been 
exceeding the power output of the Rife Ray #4 which could output about 250 watts (true power). It may 
be that Dr. Rife was just overly cautious but his statement should be considered when anyone starts 
using power levels in excess of 250 watts true power output. 


Chapter Summary: Dr. Rife's ray tube instruments output anywhere between 40 to 250 watts of RF 
(Radio Frequency) power levels. Dr. Rife found that his instruments were safe to use with power levels 
between 20 to 250 watts. Power levels in excess of about 250 watts (true power output) were not rec- 
ommended by Dr. Rife. 


In the next chapter we will discuss whether it is absolutely necessary that a ray tube should be 


used or if it is possible to use the contact method of delivering Dr. Rife’s frequencies which he used on 
microorganisms. 
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Chapter #3 


Is it necessary to use a Ray tube to output the frequencies? 








We really shouldn't care if an instrument uses a ray tube or hand cylinders and footplates 
(commonly called pad instruments) as long as it will devitalize the microorganism we desire. In the next 
photo, shown below, we see one of the first pad instruments built by John Crane and John Marsh back 
in the late 1950's early 1960's. You can see the aluminum disks which were used to come in contact 
with the body and deliver the frequencies. In the strictest sense of the word just because a ray tube is 
used doesn’t mean its “Rife.” By the time you read this whole report you will find out that very few are 
doing exactly what Dr. Rife did. But does this mean that these instruments don’t work? Most of those 
who are building pad instruments are not using ray tubes, and most are not using Dr. Rife’s original fre- 
quencies. Those who are building ray tube instruments are also not using Dr. Rife’s original frequen- 
cies or methods. So where does this really leave us since very few are really doing what Dr. Rife did? 





We have quite a paradox. This is the problem we face. If we were to build a ray tube Rife Ma- 
chine that worked exactly the way Dr. Rife’s did and use frequencies from 139,200 to 1,607,450 Hertz 
then we would have an instrument that could cause interference with AM radio stations if we were too 
close to them. These ray tube instruments may have to be used with a Faraday cage which is a con- 
ducting cage used to stop electromagnetic fields. We may be able to use them as long as we do not 
Operate them within one half of a mile of a radio station on that stations particular wavelength or call 
number. We can build a pad instrument that will use all of the frequencies Dr. Rife's Machines used but 
then we are not using a ray tube. When we consider the problems we face today with building instru- 
ments, the least expensive instrument we can build is a pad instrument. This type of instrument can 
produce all of Dr. Rife’s frequencies output by his Rife Machine. Therefore we should look at this 
method carefully and not reject it out of personal bias. 


As we already said, it really shouldn’t matter if an instrument uses pads or a ray tube as long as 
it works. With this in mind let’s look at the reasons why pad instruments were built in the first place. 
John Crane and John Marsh had really good reasons why they built pad instruments. After nearly 50 
years of research and use, there is enough evidence that a pad instrument may work just as well as a 
ray tube instrument, as long as there is sufficient power used. In some cases, because of the electrical 
stimulation like a T.E.N.S. instrument, they may work even better than a ray tube on some problems. 
We will now take a look at some of the reasons that prompted John Crane and John Marsh to use 
pads: 


RIFE: “But the principle of this thing is basically built on a coordinative vibration. Just like one tuning 
fork pitched to the C. Another one here—you Strike this one and this one vibrates.” 


DR. LARA: “What kind of vibration Is it? Electromagnetic vibration?” 


RIFE: “We won't say magnetic, we will say electronic frequency vibration. The same as put out on a 
broadcasting station for the radio. The same thing you know, only it’s transmitted into a tube. And the 
tube acts as a partial directional antenna you see.” (John Marsh Rife CDs - CD 6 track 2) 


In the John Marsh papers describing his trip to Ohio we read a statement made by Dr. Rife: 


RIFE: “You know we had an idea when we had our Clinic in La Jolla, of course that was battery and 
motor generator operated that set, you know, and boy it would sure raise the devil with all the radios so 
we had a couple of cars that was equipped with car radios and we sent them out and we would take 
the switch of that thing, and had a code you know like an S.O.S., and one of them went up north, and 
one of them went south from La Jolla. Before we started in we wanted to see how far we were going to 
disturb things with it you know, and incidentally we had it in a steel room, a steel lined vault about this 
size at the old Ellen Scripp’s home. It was the vault in the library of the Scripp’s home where they kept 
their valuable manuscripts and books in all steel lined and a door on it like a safe. We had the thing in- 
side of that too, but it didn’t make much difference, but we started in, and one car lost the pick up on 
top of Torry Pines, and the other one half ways through Mission Beach picked it up, and then they 
could go a hundred feet and lose and then they would have to pick it up again. Old Henry [Henry Siner] 
the boy that was with us out there, one of the lab boys, boy he went up in the air. He says, “By God” he 
says “look, we’re going to fix them up right. At two o’clock we'll hook this up to a big radio station, a big 
transmitting station, and at two o’clock next week we'll broadcast for tuberculosis, and at half past three 
the week after we will broadcast for cancer, and everybody at the radio will pick it up”. See, boy | said 
Henry that really is an idea.” (1957 John Marsh Trip to Ohio Paper #24) 
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In 1960 one of Dr. Rife's close friends, Ben Cullen, stated in a talk given at a Rife Virus Micro- 
scope Conference the following: 


CULLEN: “The fact is, had it not been for certain very, very unpleasant circumstances, Dr. Rife 
would've had an arrangement with KFI or KFSD [Radio stations] where he would have been broadcast- 
ing out over quite a large radius from each broadcasting station the rays which are responsible for 
eradicating these various viruses, which we now know as being "killing" viruses. Just imagine as you 
walked around shopping downtown, or out in the street, you would receive the rays of this wonderful 
current." (Ben Cullen's 1960 talk given at the First International Convention of the Rife Virus Micro- 
scope #G) 


These two statements made by Dr. Rife and Ben Cullen were made over 20 years after the 
1934 clinic. Dr. Rife knew that the frequencies would broadcast from a metal antenna just as well as 
from a ray tube. The fact that he felt that Henry Siner’s idea was a good idea and the fact that he 
wanted to use a radio station indicates that Dr. Rife knew a metal antenna would give the same results 
as a ray tube. It is apparent from what we have read that Dr. Rife believed it was the frequency that 
was devitalizing the organism and the method of application really didn’t matter. Clearly, Dr. Rife un- 
derstood that the frequencies could be broadcast by a radio station, using a metal antenna, if they had 
enough power. 


When John Crane and John Marsh, Dr. Rife’s two business partners in the 1950’s, came to un- 
derstand this, they eliminated the ray tube and used pads or hand cylinders to apply the frequencies. 
The pads and hand cylinders work just like an antenna except you do not want too much power so that 
they are safe to use. The body also becomes an antenna when you hold the hand cylinders or use the 
pads and this is why pad instruments work. Bertrand Comparet stated this in his interview: 


COMPARET: “Now, Crane said “Well now look, Rife himself admits that no matter how much tube and 
ray, and so on, you have, you can’t get any results unless you've got the right frequency. Therefore the 
real clue to the thing is the frequency and not the means by which you deliver it.” Comparet also said: 
“Well, Crane originally was, with more modern techniques, duplicating the Rife machine, tube and all 
for early experiments. And, as | say, he came to the conclusion that you just weren't getting anything 
additional by the use of the tube. If you didn’t get the frequency, you could run the rest of it indefinitely 
and nothing happened. So, what Crane did, he got an audio frequency generator. Now, you could 
make them up yourself by an awful lot of work, or you could buy a Heathkit audio frequency generator 
and get all the same results with a lot less time and effort. So he was using these Heathkit generators. 
Now, instead of a beam projected from a tube, a ray, he simply had two wires. | think they were alumin- 
jum knobs on the end of them, which would be used. They would be put on the body in such a position 
that the natural flow of the current from one to the other would go through the diseased area, and he 
got astonishing results.” (1970’s Bertrand Comparet Interview #33 & 47) 


These pads or hand cylinders act just like an antenna when in contact with the body, but only if 
you have an RF carrier frequency. This is where John Crane and John Marsh made a critical error, we 
believe, and the reason Dr. Rife probably did not like their pad instrument. Without an RF carrier fre- 
quency the audio frequencies will only go through the connective tissue and not the cell. There are ex- 
ceptions to this and they have to do with the wave form of the frequency. If a square wave audio fre- 
quency is used then the higher harmonics produced from this waveform may penetrate the cell to some 
degree. How much power from these harmonics penetrates the cell is not known. But this may explain 
why instruments that do not use an RF carrier frequency also seem to work well. Dr. Rife expressed his 
dislike for John Crane and John Marsh's instrument that did not use a carrier frequency when Bertrand 
Comparet asked him about it: 
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COMPARET: “And | asked Rife, because | thought Rife would certainly say that the way Crane was 
working on it then was still using the Rife principle, but he indignantly denied it.” (1970's Comparet in- 
terview papers #32) 


We know that Dr. Rife knew that a metal antenna would work and we also know that the pad in- 
strument worked on this principle. Logically it must have been the fact that it did not use an RF carrier 
frequency is what upset Dr. Rife. Pad instruments that do not use a carrier frequency are limited in 
power. The highest power output that can be safely used from a non RF carrier pad instrument is about 
1/5 of one watt (0.20 to 0.40). Any more power than this and the muscles of the body will begin to lock 
up. If you use an RF carrier frequency then you can output a hundred times more power safely. It is ap- 
parent that it was the lack of power that concerned Dr. Rife. All of Dr. Rife’s original frequencies were in 
the RF (Radio frequency) broadcast band of frequencies and used with at least 40 to 50 watts of 
power. We will cover these frequencies and the audio frequencies along with the importance of a car- 
rier frequency later in this article. 


In the next photo, shown below, we see another pad type instrument built by John Crane back in 
the 1960’s. You can see the same kind of disks that he used to come in contact with the body. 





Some people have thought that it was the color of the light from the ray tube that made the Rife 
Machine work. But the evidence doesn’t seem to support that concept either because in the Gonin Pa- 
pers of John Marsh, Dr. Rife said this with regard to the light that came from the ray tube: 


RIFE: “We don’t care about the color or anything of that sort.” (John Marsh Collection, Gonin Papers, 
Page 25) 


Dr. Couche, while visiting Dr. Rife’s lab with some other men, said: 


DR. COUCHE: “There was fifteen inches of concrete on the floor so as to stop any earthquake shocks 
from interfering with his work. And in his laboratory upon the ground floor he had a microscope with a 
slide on it that this group of people and myself looked at. And this was not stained, there was no killing 
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of the bacteria on it. It was just a fresh culture of the colon bacillus.....Well we all went down under the 
Stairs into the cellar right immediately under the microscope upon the floor above us and the Rife ma- 
chine was down in underneath there under the culture in the cellar probably | suppose about ten feet 
away, eight or ten feet away. And he turned the machine on and gave it less than a half minute’s fre- 
quency for the colon bacillus...Then he turned the machine off and we all came upstairs and waited for 
ten or fifteen minutes. And presently he came back to his microscope and he said, “Well gentlemen 
come and look at the slide now.” Well to my astonishment the bacilli all had been killed and they were 
all stacked up on the slide.” (John Marsh Rife CDs - CD 3 track 1) 


There is no possible way the light from the ray tube of the Rife Machine could have penetrated 
that fifteen inch concrete floor. It is obvious that the light didn’t make any difference but that it was the 
frequencies that were broadcast through the ray tube. It is easy to see that there is more than one way 
to deliver the frequencies. The ray tube could be easily replaced with metal hand cylinders and foot 
pads. It is interesting to note here that Dr. Rife said Abrams’ Oscilloclast would devitalize the BX can- 
cer virus and it was a contact type device. The waveform the Oscilloclast produced is shown in Dr. 
Rife’s 1936 film. John Crane and John Marsh probably used this contact method because of the suc- 
cess of Abrams’ instrument. The Abrams’ instrument proved that a contact type device would work and 
it was used before Dr. Rife even started using a ray tube. In fact Abrams’ contact instrument predates 
all of Dr. Rife’s work. Pad instruments like Abrams’ instrument come in contact with the body. Abrams 
instrument worked on the same RF principles as Dr. Rife’s instruments. Pad instruments with an RF 
carrier turn the body into an antenna and work on the same principle as a metal antenna or ray tube. 
People have been using pad instruments without an RF carrier for almost 50 years now and have had 
very good results. But, in order to work the way the ray tube instruments do, an RF carrier frequency is 
necessary. 


Chapter Summary: Dr. Rife knew that a metal antenna could be used in place of a ray tube. Fre- 
quency generators that use hand cylinders or footpads or footplates may work as well as a ray tube 
instrument as long as sufficient power is used. The only way to increase the power level in a pad in- 
strument is with the use of an RF (Radio Frequency) carrier. Dr. Rife did not approve of John Crane 
and John Marsh’s pad instrument due to its lack of power and its lack of an RF carrier frequency. 
Unless you can have a frequency generator with sufficient power you are better off using a ray tube 
instrument with 40 to 250 watts of power output. If a person is dealing with a very serious condition 
they may want to use a ray tube instrument instead of a pad type instrument if they have access to 
one. 


Many people have wondered if the frequencies that Dr. Rife used are safe. In the next chapter 
we will discuss the safety of these frequencies. 
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Chapter #4 


Are Dr. Rife’s RF frequencies safe to use? 
Rife Ray #3 And Rife Ray #4 High Sine Wave RF Frequencies 


Actinomycosis (Streptothrix) 192,000 Hz 
Anthrax 139,200 Hz 
B. Coli (Rod form) 417,000 Hz 
B. Coli (Filterable virus) 770,000 Hz 
Bacillus X or BX (Cancer Carcinoma) 1,604,000 Hz 
Bacillus Y or BY (Cancer Sarcoma) 1,530,000 Hz 
Gonorrhea 233,000 Hz 
Spinal Meningitis 427,000 Hz 





Staphylococcus Pyogenes Aureus 478,000 Hz 


Streptococcus Pyogenes 720,000 Hz 


Syphilis 789,000 Hz 
Tetanus 234,000 Hz 
Tuberculosis (Rod) 369,000 Hz 
Tuberculosis (Virus) 769,000 Hz 
Typhoid Fever (Rod) 760,000 Hz 
Typhoid Fever (Virus) 1,445,000 Hz 


Staphylococcus Pyogenes Albus 549,070 Hz 





Today there are many who profess to believe in Dr. Rife and his method of coordinative reso- 
nance using frequencies. But they also claim that RF or Radio frequencies are bad or harmful. Some of 
these people build and sell instruments that do not use any RF carrier frequency and put in their sales 
information that RF frequencies are harmful. This is a great disservice to Dr. Rife. The instruments they 
build use low audio frequencies like those used in the Rife Ray #5 or Beam Ray clinical Rife Machine 
and the 1953 AZ-58 instrument. But they ignoring the importance of the RF carrier frequency these ma- 
chines used. (These low audio frequencies will be discussed later). 


When it comes to Dr. Rife and the method he used in his Rife Machine you cannot “have your 
cake and eat it too.” Dr. Rife’s principles were all based on coordinative resonance from RF frequen- 
cies. Any method used that does not use RF frequencies cannot be called Dr. Rife’s method nor can it 
truly be called a "Rife Machine." Today, regardless of the method used, people call their instruments 
“Rife Machines” no matter how they are built. Dr. Rife specifically asked that his name not be put on 
any instrument, yet this is exactly what people do. There is nothing wrong with people building non RF 
instruments, but claiming that RF is bad or unsafe just to sell their instruments is where the problem 
lies. Dr. Rife’s Colin B. Kennedy equipment (which will be discussed later in detail) had a frequency 
range of about 12,000 Hertz to about 2,000,000 Hertz. With this equipment Dr. Rife found the many 
frequencies (Shown above in the chart) that would eliminate or devitalize the various organisms he 
tested. 
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Anyone who understands anything about frequencies knows that the frequencies in that chart 
are all RF or radio frequencies. It is impossible to build an instrument that could output these frequen- 
cies of Dr. Rife's without it using RF frequencies. Every one of Dr. Rife's instruments from the Rife Ray 
#1 to the Rife Ray #5 used RF frequencies. This is a fact of history and it cannot be changed. Yet there 
are some who are so foolish as to state that RF instruments such as Dr. Rife’s instruments are 
"Dangerous Rife Machines." It is hard to believe that this is being said by some who claim to be selling 
"Rife Machines.” It is obvious that they know very little about Dr. Rife and his methods. All of the fre- 
quencies that Dr. Rife used were in the AM radio band of frequencies. If they were dangerous then we 
would not have any AM radio stations on the air today. AM radio stations have been around for almost 
100 years. If these frequencies were dangerous then people would have been falling dead all over the 
place for the last 100 years. This is how foolish the idea is that Dr. Rife's RF frequencies and instru- 
ments were dangerous. 


Another foolish statement that some have made is that these instruments include frequencies in 
the "Microwave band." The AM radio band is not in the Microwave band. Dr. Rife's Rife Ray #4 hada 
frequency range that went as high as 22.5 Megahertz (22,500,000 Hertz or 22.5 million Hertz). The mi- 
crowave band begins at about 300 Megahertz (300,000,000 Hertz) and goes to about 3 Gigahertz. 
None of Dr. Rife's machines were ever in the microwave band of frequencies. It is clear that people 
who have written this false information clearly know nothing about Dr. Rife or his equipment. In this re- 
port we have no ax to grind other than to point out how foolish some of the false information that is be- 
ing written by those who claim to know a great deal about Dr. Rife. There is a lot of nonsense being 
written by some people in order to try and sell some kind of so called "Rife Machine”. 


In Dr. Rife’s tests he would have naturally started in the low frequency range and slowly worked 
his way higher until he found a frequency that would eliminate the organism. All of the frequencies that 
he found were in the RF range. They went from 139,200 Hertz for Anthrax to 1,604,000 Hertz for the 
BX cancer virus (Frequency range taken from the Rife Ray #4 documents). It was only these frequen- 
cies that Dr. Rife found that would resonate the organisms and devitalize them. Since Dr. Rife found 
that only these RF frequencies would resonate and kill the organism then it is impossible to separate 
RF from coordinative resonance. It would also be impossible to build an instrument that truly worked on 
Dr. Rife’s principles without the use of RF or radio frequencies. In order to prove the safety of Dr. Rife’s 
work we must quote him since he is the person who used these frequencies for over 30 years in his 
laboratory. Below are two of his quotes on the safety of using RF frequencies in the range and power 
level that he used in his Rife Machines. The first quote comes from a letter sent to Dr. Stein in 1956: 


RIFE: “I have operated the frequency instrument since 1921. | have watched it advance in style and 
performance with the advancement of electronics. In the many years | have used this equipment in my 
research, | have never suffered an injury or any ill effects whatsoever. | found it reliable in performance 
and efficient in results.” (Letter from Dr. Rife to Dr. Justin Stein, July 2, 1956) 


On the John Marsh, Rife audio CDs Dr. Rife also made this statement about his RF frequency 
instrument: 


RIFE: “/ stood in front of that thing for thirty years finding these different frequencies that devitalize 
these different bacteria. And that thing [RF ray tube] was shooting on me right here [his chest], but it is 
absolutely harmless to normal tissue and each individual bacteria requiring a different frequency to de- 
vitalize.” (John Marsh Rife CDs) 


Dr. Milbank Johnson, M.D. also used the RF Rife Machine for many years and conducted clinics 
and found the instrument safe to use. Dr. James B. Couche, M.D. used the instrument in his private 
practice for over 22 years and also said he found the instrument safe to use. Dr. Tully, D.D.S. pur- 
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chased one of Dr. Couche’s instruments and used it for several years and found it completely safe to 
use. Dr. Robert P. Stafford, M.D. used the frequency instrument for over 5 years and also expressed 
that he found the instrument completely safe to use. These statements along with Dr. Rife’s that we 
quoted above show that Dr. Rife found that his RF frequencies, in the ranges he used, were as safe to 
use as the frequencies output by any radio station. These frequencies are broadcast through the air 
day and night passing through our homes without any harm to the human body. There may be some 
people with RF sensitivity but this does not mean that RF is unsafe to use. This only means that these 
people are sensitive to RF and should avoid it if they find a problem using it. 


Chapter Summary: An instrument that does not output Dr. Rife's RF frequencies is not a "Rife Ma- 
chine" in the strictest sense of the word. Neither can they resonate the microorganisms that Dr. Rife 
proved could be devitalized with his RF frequencies. None of Dr. Rife's RF instruments ever put out fre- 
quencies in the "Microwave band" of frequencies. Dr. Rife found that his frequencies and the power 
levels he used in his instruments were safe to use. Non RF frequency generators appear to be very 
good instruments and help may people but they do not work on the same methods and principles that 
Dr. Rife used. 


Many people have wondered if Dr. Rife ever used audio frequencies. In the next chapter we will 
discuss whether Dr. Rife ever used audio frequencies with his equipment. 
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Chapter #5 


Did Dr. Rife use audio frequencies? 





In Dr. Rife’s 1961 deposition he revealed the fact that he was using some form of audio modula- 
tion from the beginning of his work with frequency instruments: 


RIFE: “Initially | worked with loose couplers to get an audio oscillation and then with the use of trans- 
mitters, | tried to balance the audio and modulate the audio on a carrier wave to transmit the audio en- 
ergy.” (Dr. Rife’s 1961 Deposition, answers page 5) 


Dr. Rife stated that at the beginning of his work, back in the 1920's when loose couplers were 
used in generating frequencies, he was using audio modulation with an RF or radio frequency carrier. 
Above is a photo of a loose coupler courtesy of "Henry Rogers, Western Historic Radio Museum" 
(www.radioblvd.com). These loose couplers worked by moving one coil inside the other in order to 
change the frequencies. 


In Dr. Rife’s Rife Ray #3 and Rife Ray #4 Rife Machines he used a specific audio circuit which 
gated or pulsed his frequencies. This circuit modulated a fixed audio frequency with all of his high fre- 
quencies which he used on the various organisms. This circuit will be discussed later when we discuss 
these Rife Machines. 


It is apparent that Dr. Rife first tested audio frequencies on organisms in his search for the fre- 
quency which would devitalize them. The audio range would be the logical place to start. If he couldn’t 
find a frequency in the audio range, he then moved up into higher frequency ranges until he found a 
frequency that would devitalize an organism. In Dr. Rife’s early lab notes, he listed only two organisms 
that had an audio frequency M.O.R. Later when Dr. Rife found out that he was reading his frequencies 
incorrectly, one of those audio frequencies was changed to a much higher RF frequency. There are 
other statements made by Dr. Rife which show that he tested the audio range. In fact Dr. Rife gave the 
full range of his frequencies: 
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RIFE: “Some of them are in the visible band, or | mean not only the visible band but, uh, band of fre- 
quencies audible to the human ear [audio frequencies are frequencies that you can hear as tones]. 
Some of them are way beyond either way. They run through a very, very large gamut. Some of them 
are very, very broad, long. Some of them are...not extremely short. There are none of them what we 
call our ultra short wave that | have found yet. Well there’s many of them...we would, uh, classify in the 
ultrasonic band because they’re not visible [sic] with the human ear. They're way beyond you know. 
And some of them are even in the broadcast band. Your cancer is very high [1,604,000 Hertz]. You 
can't hear it, the oscillation. But now you take your T.B. [Tuberculosis Rod 369,000 Hertz & Virus 
769,000 Hertz]. Now that’s down. A little more you see...if you don't have an absolute coordinative 
resonance, you have nothing. One tenth of one meter off and you have nothing. Its got to be absolutely 
correct for that individual organism. It’s got to be precise...the virus of cancer has a certain frequency. 
And it has to be there, otherwise if it’s a little one way or the other, no good, no good for nothing. Infra- 
red will penetrate, yes, but the heat is not the thing because the heat is not the frequency, it’s [Infrared] 
way down in the very low band of frequencies and the laboratory rate of the BX is up into the high 
band.” (John Marsh Rife CDs - CD 5 track 2, CD 6 track 2, CD 7 track 1 and CD 9 track 1) 


In these statements Dr. Rife clearly explains the broad range of his frequencies. Some were au- 
dio and could be heard by the human ear; others were in the ultrasonic range, and some were even in 
the broadcast band. Cancer he said was very high. He states the frequencies have to be very accurate 
to work. One tenth of one meter off and they would not work at all. We will talk about this later. Here 
are two additional statements that also verify that Dr. Rife’s Machine's could output a modulated audio 
frequency: 


RIFE: “You know we had an idea when we had our [1934] Clinic in La Jolla, of course that was battery 
and motor generator operated that set, you know, and boy it would sure raise the devil with all the ra- 
dios so we had a couple of cars that was equipped with car radios and we sent them out and we would 
take the switch of that thing, and had a code you know like an S.O.S., and one of them went up north, 
and one of them went south from La Jolla. Before we started in we wanted to see how far we were go- 
ing to disturb things” (John Marsh Collection, Trip to Ohio Papers, #24) 


In the next photo, shown below, is the Rife Ray #3 which was used at the 1934 Clinic in La Jolla. 





In order to be able to put out an S.O.S. type signal he would have had to modulate the audio fre- 
quency onto a carrier in order for the car radios to pick up the signal. On the John Marsh Collection of 
Dr. Rife’s audio CD’s, Dr. Couche makes an interesting comment about the Rife Ray #3 instrument. He 
was present at the 1934 clinic sponsored by Dr. Johnson and the University of Southern California. He 
stated: 


DR. COUCHE: “They gave him a treatment of the Rife frequencies which are in the auditory band.” 
(John Marsh Rife CD’s - CD 3 track 1) 


The cancer frequency (Rife Ray #4 1,604,000 Hertz and 1,607,450 for the Rife Ray #5) and tu- 
berculosis (Rife Ray #4 Rod form 369,000 Hertz and 369,433 for the Rife Ray #5)(Rife Ray #4 and 
Rife Ray #5 Virus form 769,000 Hertz) frequencies used in the 1934 clinic were not audio frequencies. 
Why would Dr. Couche make this statement? The evidence shows that Dr. Couche was getting the 
Rife Ray #4 and the Rife Ray #5 methods of generating the frequencies mixed up. The Rife Ray #5 or 
Beam Ray Clinical Rife Machine which Dr. Couche used for over 22 years used audio frequencies to 
create the proper sideband spacing to hit the high harmonic RF M.O.R. frequency (Mortal Oscillatory 
Rate or the frequency that will kill or devitalize an organism). Dr. Couche purchased two of these clini- 
cal Rife Machines and used them until 1952 when he retired. We will cover this instrument later in this 
paper. All the evidence that we have acquired from the quotes show that the Rife Machines from 1934 
and earlier could output audio frequencies above 12,000 Hertz and that Dr. Rife tested audio frequen- 
cies right from the beginning of his work in 1920. 


Although we have been able to prove that Dr. Rife tested the audio range of frequencies, as any 
good scientist would have done, it should be pointed out that by 1935 when the Rife Ray #4 Rife Ma- 
chine was built, he no longer felt that he needed to test audio frequencies any longer. This is indicated 
by the fact that no variable audio oscillator was included in this new Rife Ray #4 frequency instrument. 
The Rife Ray #4 Rife Machine will be discussed later in this article. 


In 1936 Dr. Rife's engineer, Philip Hoyland, developed a new machine which used audio fre- 
quencies to create Dr. Rife's high RF frequencies through harmonic sidebands. The audio frequencies 
were not the frequencies that would devitalize or kill the various microorganisms. These audio frequen- 
cies were used to produce the frequencies that would devitalize or eliminate the disease organisms. 
This method of using harmonic sidebands will be discussed later in this report when we examine the 
Rife Ray #5 or Beam Ray Clinical instrument. 


Chapter Summary: Dr. Rife tested and use audio frequencies in his instruments. Primarily the audio 
frequency was modulated onto the high RF frequency to create a pulse in the higher RF or radio fre- 
quencies he was using to devitalize the various microorganisms. When his engineer, Philip Hoyland, 
developed the new Rife Ray #5 or Beam Ray Clinical instrument the audio frequencies were used to 
produce Dr. Rife’s High RF frequencies through harmonic sidebands. 


In the next chapter we will look at Dr. Rife’s first frequency instrument called the Rife Ray #1 
and how he was able to devitalize his first microorganism using it. 
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Chapter #6 


Dr. Rife’s 1920 to 1922 Rife Ray #1 Rife Machine 





1. Used a Ray tube. 

2. Frequency range was probably about 1 MHz or less using loose couplers: Could 
modulate audio frequencies. 

3. Output to the Ray tube was 8 to 10 watts. 


From information taken from many different documented sources there is finally enough infor- 
mation to know what Dr. Rife did in the early years, from 1920 to about 1934. Dr. Rife designated his 
machines in numerical order beginning with the Rife Ray #1. Even though we do not have any photos 
of his Rife Ray #1, we know that Dr. Rife was using loose couplers (photo shown above is a loose cou- 
pler) because of this statement: 


RIFE: “Initially | worked with loose couplers to get an audio oscillation and then with the use of trans- 
mitters, | tried to balance the audio and modulate the audio on a carrier wave to transmit the audio en- 
ergy.” (Dr. Rife’s 1961 Deposition, question and answer #35) 


In a paper that was written in the 1930's, probably by Jack Free, one of Dr. Rife’s lab assistants, 
we get a history of Dr. Rife’s machines. This paper starts with the Rife Ray #1. 


“In January 1920 experiments were started at the Rife Research Laboratory by Commander Royal R. 
Rife U.S.N. Ret. to determine the effect of electrical influences upon pathogenic microorganisms. Tests 
were made for anode and cathode polarity influences and the effect of infrared, ultraviolet and X-ray. 
During these experiments the idea was conceived of the possibility of devitalizing the pathogenic mi- 
cro-organisms by electrical frequencies of varying wavelengths. The initial apparatus [Rife Ray #1] for 
the tests along this line of experiments was constructed and used in prolonged experiments during 
1921 and 1922, with results that warranted the belief that the principles involved contained possibili- 
ties.” (Development of The Rife Ray and use in devitalizing of pathogenic microorganisms). 
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Recrystallization in a nutshell: 


=. 


Another filtration technique is "hot 
filtration" where the hot solution is filtered 
ip remove any. unciseol ed impure solid. 








The tests that were done with the Rife Ray #1 which showed that it was possible to devitalize 
micro-organisms with frequencies was talked about in a 1938 Evening Tribune newspaper article. Also 
in this newspaper article we learn the power output of the Rife Ray #1 and the first organism that he 
was able to devitalize. 


“Rife built a simple frequency generating apparatus of about 8 or 10 watts output. He grew some 
cultures of bacteria. Then he began the studies whose reported results now promise to revolutionize 
the entire theory and the whole treatment of the human diseases, other than those of a functional or 
accidental nature. Machine and cultures ready, the San Diegan anxiously, feverishly began testing his 
idea. Would those minute killers of men die under the frequency bombardment? It would be a patience- 
wracking task, for there was no way to measure what wave length or frequencies the organism might 
have. In the quiet loneliness of the laboratory, Rife simply had to turn and turn and turn the tuning dials 
of his machine and check after each bombardment the conditions of the disease organisms in his cul- 
tures to see if anything had happened to them. He just had to hunt by trial and error a frequency, which 
might do something to a certain organism. Then, if he found one for that disease, he would have to 
Start all over again on the next kind. 


The scientist took first a culture of b. coli, the organisms, which always seem to accompany the 
agency of typhoid fever yet apparently, are harmless themselves. He prepared microscope slides from 
the culture and saw that his little subjects were alive. Then he turned the ray on them, tuned it to a cer- 
tain frequency, then took the slide back to the microscope to see if anything had happened. He did this 
time after time and the b. coli still remained discouragingly healthy. Then one day, Rife recounted, a 
culture of the organisms which had been bombarded with a certain frequency [417,000 Hertz] ap- 
peared different under the microscope. They seemed lifeless! He tried to get them to grow, to repro- 
duce in their laboratory media. He tried that same frequency on culture after culture of b. coli and al- 
ways the results were the same. The organisms were dead. "It did kill them!" Rife told himself. And 
probably, cool, conservative scientists though he is, he allowed himself to hope that he, Royal Ray- 
mond Rife, had found that ‘bullet" which scientist have sought for years, that "magic bullet' which would 
surely, certainly slay mankind's diseases.” (Dread Disease Germs Destroyed By Rays, Claim Of S.D. 
Scientist-Cancer Blow Seen After 18-year Toil by Rife, The Evening Tribune, May 6, 1938) 


These few statements that we have just read give us all that is really known about the Rife Ray 
#1. The most important development that was accomplished with the Rife Ray #1 was Dr. Rife was 
able to test and prove that microorganisms could be killed or devitalized using RF frequencies pulsed 
with an audio frequency. 


The photo, shown below, is a picture of a more complex loose coupler setup. 





By 1923 Dr. Rife assembled his next Rife Machine called the Rife Ray #2 using off-the-shelf fre- 
quency generators. The same equipment that was used with the Rife Ray #2 was also used with the 
Rife Ray #3. The changes made to the Rife Ray #2 to create the Rife Ray #3 appear to be mostly an 
increase in the power output of the instrument through the ray tube. Since the full details of the 
changes are not known and the same equipment that was used with the Rife Ray #2 was used with the 
Rife Ray #3 we will look at the Rife Ray #3 in the next chapter. 


Chapter Summary: The Rife Ray #1 was a simple frequency generating device built to determine if 
microorganisms could be devitalize by frequencies. The instrument was built using loose couplers 
which when moved in and out of the coil would produce different electrical RF frequencies. Dr. Rife 
modulated an audio frequency on the RF frequency he was using in order to produce a pulsed wave- 
form. With this simple frequency generator he was able to devitalize his first organism which was B. 
coli. Dr. Rife after proving his theory went on to build more powerful equipment which we will look at in 
succeeding chapters in this report. 


In the next chapter we will look discuss Dr. Rife’s Rife Ray #3 instrument which was used in the 
1934 cancer and tuberculosis clinic which Dr. Milbank Johnson conducted. 
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Chapter #7 
1934 Rife Ray #3 Rife Machine used in the 1934 clinic 





1. This was a regenerative instrument that used a ray tube. 

2. It consisted of two Kennedy Regenerative Receivers (the model numbers were the 110 and 
281). These two receivers made it possible to have a combination of one low frequency 
oscillator and one high frequency oscillator or two high frequency oscillators. 

3. The output was sine wave. 

4. Power usage was from batteries. Output to the ray tube was about 50 RF watts? 


This instrument was described in a document believed to have been written by Jack Free one of 
Dr. Rife's lab assistance. We will quote the portion of that document that pertains to this instrument: 


"IN 1923 more appropriate apparatus [Rife Ray #2 when improved became the Rife Ray #3] was as- 
sembled and used. The different frequencies were generated by a tube oscillator with many stages of 
amplification, the final stage being a 50 watt Telefunken tube. 


This amplified frequency was in turn fed into an output tube, and as the voltage at this point was quite 
small, it was found necessary to apply external voltage across the anode and the cathode of the output 
tube [ray tube] to act as a carrier wave for the frequencies that were generated in the apparatus. 


The output tube was constructed with a double expansion bulb, blown from quartz, using platinum an- 
ode and cathode it having a 45° target for directional effect. No heat is generated in output tube- 
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temperature constant. The frequency control of the instrument was exact to a fraction of a wavelength 
making it possible to coordinate the frequency in each pathogenic micro-organism with its own wave- 
length of frequency delivered from the instrument. The current supply for the whole apparatus was sup- 
plied by batteries and generators. 


During the next eight years these experiments continued and with the aid of the Rife super microscope 
and the frequency instruments the coordinating frequencies (termed mortal oscillatory rate MOR) of 
most of the pathogenic micro-organisms were found and recorded including the frequencies of many of 
the virus or filter passing forms of these organisms." (Development of the Rife Ray and use in devitaliz- 
ing of pathogenic micro-organisms). 


Dr. Rife was asked by Dr. Milbank Johnson M.D. to write a description of his Rife Ray #3 instru- 
ment in 1935. Dr. Rife had Jack Free, his lab assistant; include this description in a letter that Jack 
Free wrote to Dr. Milbank Johnson. Below is Dr. Rife's description. 


RIFE: "The basic principle of this devise is the control of a desired frequency. These frequencies vary- 
ing upon the organisms being treated. 


The frequency is set which controls the initial oscillator, which in turn is run thru six stages of amplifica- 
tion, the last stage driving a 50 watt output tube. 


The frequency with its carrier wave is transmitted into an output tube [double-bubble ray tube] similar to 
the standard X-ray tube, but filled with a different inert gas. This tube acts as a directional antenna. 


The importance in the variable control of these frequencies is that each pathogenic organism being 
treated is of a different chemical consistency, the consequence being they carry a different molecular 
vibratory rate. Each one in turn under these conditions requires a different frequency or vibratory rate 
to destroy." (Letter from Jack Free to Dr. Milbank Johnson M.D., December 17, 1935). 


This Rife Machine was used in the 1934 clinic by Dr. Milbank Johnson. See photo of Rife Ray 
#3 on page 26. If you look at the bottom of that photo of the Rife ray #3 you can see part of the bed 
railing and mattress where they treated the patients. If you look at the table you can see that the instru- 
ment was not a one piece instrument but had many components. This Rife Machine has always been 
considered the best instrument used by Dr. Rife because it produced the results of the 1934 cancer 
and tuberculosis clinic. Those interested in the work of Dr. Rife have always wanted to know how this 
instrument worked. They have also wondered what equipment he used. This has been one of the big- 
gest Rife mysteries. There have been all kinds of speculation on how his first instrument worked. What 
was its waveform? What was the frequency range? Could it generate audio frequencies? Was it super- 
regenerative (as he wrote on his lab notes), or was it just regenerative? All of these things have re- 
mained mysteries for over fifty years. It was generally believed that the 1934 instrument was custom 
made for Dr. Rife. However, if the equipment had not been custom made, the mystery could be solved. 
And today, thanks to some great detective work done by Mr. Peters, the mystery, in fact, is now solved. 
The instruments were not custom made. They were standard off-the-shelf frequency generating equip- 
ment that Dr. Rife purchased. The equipment and frequency ranges are now known. 


A better photo of the equipment Dr. Rife used is the first photo on the next page. It was when 
Mr. Peters was looking at this photo that he recognized the Kennedy frequency generating equipment. 
Dr. Rife most likely stacked it all up on a table and took a picture of it after he started to use the newer 
equipment built for him in 1935. This photo, amongst others, made it possible to figure out the equip- 
ment Dr. Rife used. This photo has been provided courtesy of Jason Ringas of Rife Research Group of 
Canada. Here in this paper you will be able to see the actual equipment along with the selling adver- 
tisements of the 1920's that give the specifications of the equipment. 
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We will now look at each piece of equipment and take an in-depth look at the specifications of 
each. All pieces of equipment except the ray tubes and possibly the five stage amplifier were consid- 
ered off-the-shelf equipment. This means that this was standard frequency generation equipment 
which could be purchased from companies in the 1920’s. Although they are regenerative receivers, 
they could output whatever frequency Dr. Rife wanted to use when the regenerative circuit was turned 
up. Dr. Rife used top-of-the-line Kennedy equipment from the Colin B. Kennedy Company, which built 
some of the most accurate, high quality equipment that could be purchased in 1923. It was also some 
of the most expensive equipment to purchase. 





We will now take a look at the next photo, shown below. This photo is one of several pictures of 
Dr. Rife’s laboratory instruments. The bottom two pieces of radio equipment were the Kennedy Re- 
ceiver Model 110 connected to the Kennedy Two-Stage Audio Amplifier Model 525. The other piece of 
equipment sitting on top of the Kennedy Receiver Model 110 we will look at later. On the next page are 
two more photos. The first photo is a better photo of this old antique equipment. The second photo is 
the 1923 advertisement from the Colin B. Kennedy Company which provides the frequency range and 
features of this regenerative receiver. It also gives the effective frequency range from 175 to 25,000 
meters or from 12,000 Hertz to 1,700,000 Hertz. 





ANNOUNCING 


THe New Kennepy UNiversAL REGENERATIVE 


RECEIVER 
TYPE 110 


Errective Rance: 175 TO 25,000 METERS 


DETECTS dui iy ei ; Licensed 
REGENERATES (Rea GE tae under 


OSCILLATES f& eee EE | Armstrong 
On all wave & ane 1. 0S: 
lengths {n fe eet bie te om Patent 


common use. ? t No. 1,113,149 


Surpassing even our highest hopes when we undertook its develop- 
ment, this latest addition to the Kennedy line is of interest to everyone 
who uses a radio receiving set. 2 : 

Our engineering staff spent many months in developing this unit 
and released it for production only when its performance surpassed 
every requirement we had set for it. By our long specialization in 
receiving equipment we have built up a reputation which is so precious 
that we can afford to put the Kennedy trade-mark on only the highest 
quality product. 

We have spared no effort to make this the best receiver on the 
market. We honestly believe that it is. 

These are some of its features: 

Variable inductive coupling between primary and secondary. 
Extremely sharp tuning because of very efficient inductance units. 
Special Kennedy bank-wound moisture-proof inductors. 
Generous overlap between inductance steps. 
Large balanced primary and secondary variable condensers. 
Micrometer adjustment of secondary condenser 
Variable grid condenser with air dielectric, permitting most effective use 
of all types of available receiving tubes. 
Adjustable feed-back circuit. 
Fine adjustment of plate voltage by meuns of potentiometer connected 
between terminals of filament battery. 
Weston ammeter for measuring filament current. 
Bus-bar type insulated wiring. 
Further detaiis in Bulletin 101, mailed on request. 
Ask your dealer for a demonstration. Compare the performance of this receiver 
with any other you have ever seen. The users of Kennedy Equipment are our best 
advertisers. 


THE COLIN B. KENNEDY COMPANY 


INCORPORATED 
RIALTO BUILDING SAN FRANCISCO 


ALWAYS MENTION QS T WHEN WRITING TO ADVERTISERS 





The Kennedy Model 110 could actually go from 12,000 Hertz to about 1,800,000 Hertz. The 
Kennedy Company was just being conservative in its advertisement. The next instrument that was on 
top of the Receiver Model 110 in Dr. Rife's laboratory photo is the Kennedy Short-Wave Regenerative 
Receiver Model 281. Below is a photo of the Kennedy Receiver Model 281. Below the 281 is a picture 
of the 1923 Kennedy 281 advertisement. 


EQUIPMENT 


Our new improved 
Type 281 


SHORT-WAVE 
REGENERATIVE 
REGEIVER 


is designed for high efficiency 

Licensed uniter Armstrong U.S Pat. No. 113,149 on wave lengths of 185 to 620 
meters. The ideal set for relay work. lt embodies all the features of correct design 
and superior workmanship that have established the reputation of Kennedy Equipment, 


You will be interested in the details of this new short wave set. Ask your dealer 
about it. If he cannot supply you we will send you Bulletin 201 on request. 


The high quality of Kennedy apparatus is being appreciated by those who want 
the best results. We again find it necessary to greatly increase our factory cépacity 
to nwet the demand. 


THE COLIN B. KENNEDY COMPANY 
RIALTO BUILDING eae SAN FRANCISCO 








This Kennedy 281 instrument had an effective range from 185 meters to 620 meters or from 
483,000 Hertz to 1,620,000 Hertz. This instrument could actually go to about 1,800,000 Hertz. The 
Kennedy Company again being conservative on its frequency range. 
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Above in the original lab photo which showed all of Dr. Rife's equipment stacked up on a table 
we see another Kennedy Regenerative Receiver, this being the Kennedy Model 220. The first photo, 
shown below, is a photo of this instrument. Its effective frequency range was from 175 meters to 3250 
meters or from 92,000 Hertz to 1,700,000 Hertz. It could also go to about 1,800,000 Hertz. All three 
models of this Kennedy equipment could go higher in frequency than the advertisements state. Below 
the Kennedy Model 220 photo we see the 1923 advertisement for the Kennedy 220 instrument. 


TYPE 229 
INTERMEDIATE wave 
AECEIVER 


SERIAL WESat4 


THE COUN 8. LEMREOT ¢0. 


COUPLING SAN FRANCISCO 


WCREASE 
— 


- 


pri. CON® 


ee 7 


Announcing 
the new 
KENNEDY 


Intermediate-Wave 


Regenerative Receiver 
Type 220 


Range 175 to 3250 Meters 
We believe there is no other receiver on 
the market which represents so much con- 
centrated quality value. 

See it at your dealer’s. Examine it chor- 
oughly, have a demonstration and form your 
own opinion. We don’t ask you to accept 

Licensed under Armatrong 
U.S. Patent No. 1,118,149 ours. 
Bulletin 201, yiving full details mailed on request 


Ask Your Dealer 
THE COLIN B, KENNEDY COMPANY 


INCORPORATED 


RIALTO BUILDING SAN FRANCISCO 





Now that we have all the frequency generating equipment identified we can now come to some 
conclusions. All of this Kennedy equipment was sine wave. Square wave was not used or even gener- 
ated in this old equipment. The Kennedy Receiver Model 110 had a frequency range from 12,000 to 
about 1,800,000 Hertz. This shows that Dr. Rife’s instruments had the ability to output audio frequen- 
cies, a fact that he mentioned in his 1961 deposition. The only audio frequencies he could have used 
would have been modulated from this equipment. Dr. Rife also mentioned in his 1961 deposition that 
he balanced the audio on a carrier which would have been a modulated waveform. 


What is really surprising is the fact that none of the Kennedy equipment that Dr. Rife used could 
output a frequency higher than about 2 Megahertz (MHz). This fact changes a lot of things with regard 
to his lab notes dated before 1934. It was impossible for him to produce 11,780,000 Hertz or 
17,033,000 Hertz using this equipment. These are the two frequencies that Dr. Rife listed on his lab 
notes for the BX cancer virus. The frequency range of the Kennedy equipment now explains why Dr. 
Rife’s Engineer, Philip Hoyland, told Mr. Edwards, a business partner in Beam Ray Corporation, that 
Dr. Rife and not taken some factors into consideration when he read his frequencies prior to 1935. 
What this implies is that Dr. Rife may have misread his frequencies prior to 1935. 


With Dr. Rife’s approval, Philip Hoyland was hired by Dr. Milbank Johnson, M.D. and the Univer- 
sity of Southern California Special Medical Research Committee in 1935 to build a more up-to-date 
portable frequency instrument to be used for their research. Dr. Rife’s 1934 instrument was cumber- 
some because it was not just one, but several, pieces of equipment which were difficult to move and 
use. In order to build the new instrument, Philip Hoyland needed to know what frequencies Dr. Rife 
was using. 


This is where the story gets interesting. Dr. Rife had many lab notes which had the frequencies 
written down on them for the various microorganisms. Dr. Rife could have just given Philip Hoyland a 
copy of the frequency ranges that the lab notes covered and he could have built the instrument from 
that information. But this is not what happened. Philip Hoyland brought his standard master oscillator 
into the laboratory and then Dr. Rife and Philip Hoyland went through the long process of putting many 
organisms under the microscope and checking to see what the frequency was when it was devitalized. 
If Dr. Rife had been confident that his original frequencies were correct on his lab notes this testing 
would not have been necessary. It is apparent that there were probably some questions in Dr. Rife's 
mind about the accuracy of his initial readings and frequencies which made this retesting of the organ- 
isms M.O.R. frequencies necessary. 


Keeping this in mind, it was difficult to read the correct frequencies prior to this time unless you 
were very proficient at doing it. Philip Hoyland apparently wanted to know exactly what frequencies Dr. 
Rife was using in order to build the new instrument. While testifying on the stand in the 1939 Beam Ray 
trial, Philip Hoyland stated this about how he obtained the frequencies: (1939 Beam Ray Trial Tran- 
script #778) 


HOYLAND: “They were taken off the last machine [the Kennedy equipment] that was built by Dr. Rife. 
! transferred them from one machine to another.” 


At another point during the trial the transcript reads as follows. (4905-916): 


COMPARET: “In June of 1935 was when you made an agreement with the [transcript missing words] 
medical research to build a Rife Ray machine, [the Rife Ray #4] you did build it soon after that?” 


HOYLAND: “Yes.” 
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COMPARET: “You had an agreement with them that all work was to be done under Dr. Rife’s direc- 
tion?” 


HOYLAND: “That’s what the contract called for.” 

COMPARET: “Did you do this work without getting the frequencies from Dr. Rife?” 

HOYLAND: “! recalibrated the machine according to the bacteria.” 

COMPARET: “What specifically did you do that constituted this recalibration?” 

HOYLAND: “/ used a standard oscillator against his machine to see what frequencies he was using.” 
COMPARET: “He set his machine and you measured his frequencies?” 

HOYLAND: “Yes.” 

COMPARET: “Did you make any memorandum of these particular frequencies?” 

HOYLAND: “Yes, | gave Dr. Johnson and Dr. Rife a list of them.” 

Later during the trial Dr. Rife was asked where the frequencies came from. (#1290-1293): 


JUDGE KELLY: “When you constructed this Beam Ray machine [from Kennedy equipment] you had a 
dial representing the frequencies or harmonics?” 


RIFE: “We had many dials on the original machine [Kennedy Model 110].” 


JUDGE KELLY: “/s that the machine Mr. Hoyland got the frequencies from?” 





RIFE: “Yes, he took them off that old machine [Kennedy Model 110].” 


From the court testimony given by Dr. Rife and Philip Hoyland we see the frequencies were read 
by Philip Hoyland off of the Rife Ray #3 or Kennedy Model 110 and 281 and used in the next instru- 
ment which was the Rife Ray #4 (We will be discussing this instrument next). Now let’s continue on 
reading the court testimony: (Beam Ray Trial Transcript #1553-1555) 


COMPARET: “Now going back to your assumption that Dr. Rife knew the frequencies, had Mr. Hoy- 
land ever told you that Dr. Rife knew them?” 


EDWARDS: “No, he told me that Dr. Rife only thought he had them.” 
COMPARET: “What did you think that meant?” 


EDWARDS: “Well, Mr. Hoyland told me about that time [1934 and before], that Dr. Rife measured the 
frequencies only by the length of the wire and that he did not take other factors into consideration.” 


Here in the court testimony we just read that Dr. Rife had not read his frequencies correctly 
when he measured them. This would have been a mistake easy to make in the 1920’s and 1930’s. The 
frequencies which Philip Hoyland read off of Dr. Rife’s #3 instrument, which consisted of the Kennedy 
equipment, were different from the earlier lab note frequencies recorded by Dr. Rife. This has caused a 
lot of confusion because the frequencies that Philip Hoyland read were all lower than 2,000,000 Hertz. 
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Separating your liquid mixture 


You've just synthesised an organic liquid. However it is also likely 
that at some stage in the synthetic route you've used aqueous 
reagents, so these need to be got rid of. 





We often wash the mixture to get rid of unused aqueous 
reagents or impurities from earlier in the synthetic process. 


Venting allows the mixture to release gases from the shaking 
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Dr. Rife had written down on his lab notes frequencies as high as 11,780,000 and 17,033,000 Hertz for 
the BX cancer virus. However, the Kennedy Models 110, 220 and 281 could not output these high fre- 
quencies. It is apparent that Philip Hoyland was absolutely correct when he told Mr. Edwards that Dr. 
Rife had misread his frequencies. Also, Philip Hoyland testified in court that he gave both Dr. Rife and 
Dr. Johnson a list of the correct frequencies he read off of the Kennedy Model 110. This verifies the 
truth of what Philip Hoyland said in court. 


There is another verification that Dr. Rife had misread his frequencies. On the Rife audio CD’s, 
Henry Siner, Dr. Rife’s lab assistant, read from a lab note of the BX cancer virus. All the information 
was the same as Dr. Rife’s earlier pre-1935 lab notes except the frequencies. On that corrected lab 
note Henry Siner read 187 meters for the wave length and 1,604,000 Hertz for the cycles per second 
frequency for the BX cancer virus. Both the meter frequency and the cycles per second measurement 
being the same frequency. However, on the pre-1935 lab note, both were different. One frequency was 
11,780,000 and the other was 17.6 meters or 17,033,000 Hertz. Henry Siners reading of this corrected 
lab note also verifies that Dr. Rife had not read his frequencies correctly. At the end of that discussion 
about the BX cancer virus and the Lab note Henry Siner made this statement, quote: 


SINER: “That was a long time ago, but, and remember, | was just copying what he [Dr. Rife] dictated.” 
(John Marsh Rife CD’s - MP3 track 11). 


This quote from Henry Siner shows that it was Dr. Rife who made the corrections to the lab 
note. The frequency of 1,604,000 Hertz was the frequency Philip Hoyland read and gave to Dr. Rife 
and Dr. Johnson and it was used in the new instrument built in 1935 called the Rife Ray #4. 


There is one thing we need to consider. Dr. Rife could have read a harmonic of the frequency 
instead of the correct frequency. It appears this is in fact what Dr. Rife did. Dr. Rife understood how 
easy it was to read a harmonic frequency instead of the correct frequency and recognized that he may 
not have had true fundamental frequencies. He stated: 


RIFE: “I’ve talked to you [John Crane] and Verne [Verne Thompson] and other people too that there 
may be some of the frequencies that we are using that may be harmonics, you know...It’s not an im- 
possibility that some of those frequencies may be a harmonic. We may not know the true frequencies 
of some of them. But it does the business. Maybe if we had the true frequency it would do it better be- 
cause it has more power than a harmonic.” (John Marsh Rife CD’s - CD 7 track 2). 


The frequency that Philip Hoyland read off of Dr. Rife’s 1934 Rife Ray #3 Machine was 
1,604,000 Hertz. Dr. Rife had written two frequencies down on his pre-1934 lab notes. One was 
11,780,000 Hertz and the other was 17,033,000 Hertz. The seventh harmonic of 1,604,000 is 
11,228,000 which is close to the 11,780,000 especially if you consider that Dr. Rife was not reading his 
frequencies correctly. We now know Dr. Rife was not even reading the harmonic correctly. Now the 
eleventh harmonic of 1,604,000 is 17,644,000 which is close also to 17,033,000 Hertz. Had Dr. Rife 
read the frequencies correctly then both the meter frequency and the cycles per second frequency 
should have been the same frequency. This was the case with the new lab note when it was corrected 
by Dr. Rife and read by Henry Siner in the 1950’s. The evidence is absolutely overwhelming that Dr. 
Rife was not reading his frequencies correctly because the frequencies Philip Hoyland read were used 
in the next Rife Machine which was called the Rife Ray #4. In the space of about 60 days all Dr. Rife’s 
frequencies changed from from the pre-1935 lab note frequencies to the new frequencies that were 
used with the Rife Ray #4. 


We wondered where these harmonics that Dr. Rife read might of come from. Did the Kennedy 
Model 110 have harmonics in its waveform? Did it output a sine wave waveform? Was the waveform 
distorted? The only way to answer these questions was to find a working Kennedy 110 and put itona 
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spectrum analyzer. Jason Ringas of the Rife Research Group of Canada and | contacted Henry 
Rogers the owner of the Western Historic Radio Museum (www.radioblvd.com) who owns two Ken- 
nedy 110s that are still operational. Henry Rogers knew nothing about Dr. Rife but agreed to let me 
come visit his location to check the readings of the Kennedy Model 110. He also owns a Kennedy 220 
and a Kennedy Model 281, both of which are also in working condition. The Kennedy Company built 
top-of-the-line equipment and we were surprised to find out even after over 80 years, they still worked 
as well as they did when they were new. Very little attention is ever needed to get these instruments 
back in working condition because of the quality of their construction. So with spectrum analyzer in 
hand, | went to see Henry Rogers and we put the Kennedy 110 on the spectrum analyzer to get the an- 
swers to our questions. Below is the reading of the waveform of the Kennedy Model 110 at 417,000 
Hertz using a PicoScope 3205 spectrum analyzer. On the left is the waveform which proves that Dr. 
Rife was using sine wave. 


AWW HATTER AN AAS NMA Wi 


WYVY 


ane 
“160 
-200 

fi) 


TVidun200? 12:06 


Kennedy Model 110 at 417,000 Hertz snc a ee 
1tJun2007 12:14 


That question was finally answered. The spectrum analyzing of the frequency revealed that 
there were no harmonics in the waveform. The noise which shows up as little spikes are from the 
power supply. These old receivers ran on batteries and when they are hooked up to batteries the noise 
in the circuit is greatly reduced. The amazing thing about the Kennedy Model 110 sine wave waveform 
was that it was picture perfect. This amazed us because everyone believed that the equipment that Dr. 
Rife used would have had a distorted waveform. No one that | have ever talked with believed that this 
old equipment was capable of producing a nearly-perfect waveform. It was as good as we can do today 
with our sophisticated modern frequency generating equipment. The fact that it produced no harmonics 
also amazed us. Below are the readings of the Kennedy Model 110 at 770,000 and 1,604,000 Hertz. At 
1,604,000 Hertz the sine wave was still nearly perfect and it did not produce any harmonics. We 
eneened all frequencies out to 50 Megahertz for harmonics and found none. 
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This testing showed that Dr. Rife’s equipment, call a Rife Machine, output a sine wave waveform 
with no harmonics. So where did the frequencies come from that Dr. Rife read and recorded on his old 
lab notes? Why did he record two frequencies in his lab notes? We now knew what equipment he 
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used. His pre-1935 lab notes just didn’t make any sense. We know from Henry Siner’s reading of the 
corrected BX lab note that the meter frequency and the cycles per second frequency should be the 
same. It is apparent that Dr. Rife used two different pieces of equipment to read his frequencies. One 
piece of equipment gave a reading in meters and the other piece of equipment gave a reading in cycles 
per second. However even knowing this did not explain where the harmonics came from. 


We knew that the noble gas he used in his ray tube could double the frequency that went 
through it. These types of tests have been done with plasma in laboratories in the past. So we decided 
to make some tests. We tested the Icom 718 which we hooked up to a phanotron ray tube. This is the 
type of ray tube Dr. Rife used and is the only one we tested. We first tested to see what the sine wave 
looked like coming out of the Icom 718. We wanted to make sure that it did not produce any harmonics, 
and in fact, our testing showed it did not produce any harmonics. Then we hooked it up to the antenna 
tuner to see if the tuner distorted the waveform and produced any harmonics. We found it did not dis- 
tort the waveform or produce harmonics through the antenna tuner except at 1,604,000 Hertz. This is 
only because the Icom is not supposed to output a frequency below 2,000,000 Hertz. Below this fre- 
quency it will produce two harmonics (see graph on page 37). The other two frequencies we tested 
were 11,780,000 and 17,033,000 Hertz. These were the frequencies Dr. Rife recorded on his pre-1935 
lab notes and neither of these produced harmonics through the antenna tuner. Then we put it through 
the ray tube. The ray tube didn’t just double the frequency - it also produced all the harmonics that Dr. 
Rife would have read. We now had the answers as to where the harmonics came from. The ray tube 
produces the harmonics. You can put a harmonic-free sine wave through a ray tube and get all the har- 
monics that Dr. Rife recorded on his lab notes. The photo below is the Icom 718 and on the next three 
pages are three graphs that show the readings taken in this testing. 
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Testing done with PicoScope 3205 spectrum 


analyzer at 1,604,000 Hertz using Icom 718 
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Sine wave out of Icom 718 at 1,604,000 Hertz 


Icom 718 at 1,604,000 Hertz measured with 
spectrum analyzer showing no harmonics 
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Sine wave out of Icom 718 at 1,604,000 Hertz using 
the antenna tuner 
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Icom 718 and antenna tuner at 1,604,000 Hertz measured 
with spectrum analyzer showing two harmonics. These two 
harmonics are only produced because the Icom is not de- 
signed to go below 2,000,000 Hertz. If you output 2,000,000 
j j a_ kHz Hertz it produces no harmonics. 
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Sine wave out of Icom 718 at 1,604,000 Hertz using an- 

tenna tuner and ray tube. Sine wave is distorted. In all 

tests done the sine wave was always distorted when put 
through a ray tube. 


Icom 718 at 1,604,000 Hertz using antenna tuner and ray 
tube. Measured with spectrum analyzer showing harmonics 
all the way up to 22,000,000 Hertz. This shows that Dr. 
Rife’s Kennedy Model 110 which only had a top range of 
2,000,000 Hertz did produce harmonic frequencies in the 
11,000,000 and 17,000,000 Hertz range. 
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Below are the measurements taken with the PicoScope 3205 spectrum analyzer from the Icom 
718 using the antenna tuner and ray tube at 11,780,000 Hertz. This was the first frequency Dr. Rife 
listed on his pre-1934 lab notes which was later changed to 1,604,000 Hertz. 


Testing done with PicoScope 3205 spectrum 
analyzer at 11,780,000 Hertz using Icom 718 
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Icom 718 at 11,780,000 Hertz using antenna tuner and ray 
tube. Measured with spectrum analyzer showing harmonics 
all the way up to 50 MHz. 
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Below are the measurements taken with the PicoScope 3205 spectrum analyzer from the Icom 
718 using the antenna tuner and ray tube at 17,033,000 Hertz. This was the second frequency on his 
pre-1934 lab notes which was recorded in meters. This was later changed to 187 meters which would 
give us a frequency of about 1,604,000 Hertz. This confirms that Dr. Rife was just reading a harmonic 
at 17,033,000. 


Testing done with PicoScope 3205 spectrum 
analyzer at 17,033,000 Hertz using lcom 718 
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that he used in his lab for 
doing M.O.R. work. 
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The three photos of Rife’s 

lab on this page are cour- 

tesy of the Rife Research 
Group of Canada. 


Kennedy Model 110, 281 and 525 Audio Amplifier Set Up In Rife’s Lab For Doing M.O.R Work 
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After having done all this spectrum analysis testing we now know how Dr. Rife misread his fre- 
quencies. The ray tube gave him the harmonics that he read. Also, he evidently did not read the har- 
monics correctly. Philip Hoyland read the frequencies correctly because he was an electronics engi- 
neer and had the ability to read the frequencies properly. We wish to mention that we do not feel this in 
any way diminishes or questions the brilliance of Dr. Rife. Even Dr. Rife himself said he was not an 
electronics man and never claimed to be one. He made a mistake that any untrained person could 
have easily made. 


Having said this, let's move on to the facts. Philip Hoyland read 1,604,000 Hertz for the fre- 
quency of the BX cancer virus. Dr. Rife corrected his lab notes to this frequency. This frequency was 
used in the later Rife Ray #4 instrument. With these documented facts, we now know what must have 
happened. Dr. Rife read the seventh harmonic of 1,604,000 Hertz and recorded it on his pre-1934 lab 
notes. The only problem was he was unable to read the seventh harmonic correctly and misread it as 
11,780,000 Hertz. It should have been 11,228,000 Hertz because this is the actual harmonic frequency 
that came out of the ray tube. Dr. Rife had two different pieces of equipment for reading frequencies - 
one which read in cycles per second and the other which read in meters. These types of meters used 
to measure wavelengths were common electronic test equipment, just as digital frequency counters are 
in common use today. Wavelength meters were much harder to use and measure frequencies with if 
you didn't really understand how to use them. We know that this was the case. Dr. Rife then misread 
the eleventh harmonic of 1,604,000 Hertz. This harmonic should have been 17,644,000 Hertz instead 
of the 17,033,000 Hertz. Again, we know from the corrected lab note read by Henry Siner that the cy- 
cles per second and meters frequencies should match or be the same. In these early pre-1934 lab 
notes none of the cycles per second and meter frequencies matched. This shows Dr. Rife used two dif- 
ferent pieces of equipment to read the frequencies. The final fact is the Kennedy Company equipment 
could only output frequencies up to about 1,800,000 Hertz (far below the 11 and 17 MHz range). 


When we read the Kennedy Model 110 the instrument was surprisingly accurate. Dr. Rife could 
have very easily hit the frequency he wanted within the tolerances he gave. He gave “one tenth of one 
meter” as a gage to show how close you had to be to an organism’s M.O.R. At 1,604,000 Hertz this 
would be 858 Hertz. He said if you were off by this amount the frequency wouldn’t work. With that in 
mind it would be necessary to be within a few hundred Hertz of the BX M.O.R. in order to make sure 
the frequency was effective. The Kennedy instrument could hit within 200 to 300 Hertz very easily at 
1,604,000 Hertz. After changing the dials and then coming back to the same dial settings you could get 
within 2000 to 6000 Hertz at 417,000 Hertz. This is less than 1% inaccuracy which is quite amazing. 
Even Philip Hoyland, when he measured the frequencies rounded off all but one frequency to the near- 
est thousandth. The testing of the Kennedy Model 110 shows that the frequency for the BX is most 
likely somewhere between 1,600,000 and 1,608,000 Hertz, however it could be as much as 10,000 
Hertz plus or minus of 1,604,000 Hertz. All of the frequencies are only close and this should be consid- 
ered when using them. One fact that helps to point this out is Philip Hoyland read 1,604,000 Hertz for 
the frequency of the BX. He also gave 187 meters as the frequency. One hundred and eighty seven 
meters is 1,603,168 Hertz. This is a difference of 832 Hertz and shows why the frequencies are only 
close. Today’s frequency generating equipment is very accurate at hitting a specific frequency but in 
Dr. Rife’s era this was not the case. Dr. Rife’s microscope gave him an advantage that we do not have. 
He could see the organism die. 


So now that we know that Dr. Rife’s Kennedy Model 110, 220 and 281 only went to 1,800,000 
Hertz with harmonics going to about 20,000,000 Hertz (see graph on the top of the next page). We 
have to ask this question: What frequency is really the true M.O.R? Is it the 1,604,000 Hertz or a har- 
monic of it? The actual M.O.R. frequency could have been very easily a harmonic, and Dr. Rife would 
have never known it. The spectrum analyzer graph, second down on the next page, of 1,604,000 Hertz 
shows it could be any one of these harmonics. Since the ray tube is what produces these harmonics it 
may be very important to have all these harmonics. Myth Busters, a cable television program did a test 
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to see if they could break a crystal glass with sound waves. They found when they used only the funda- 
mental frequency without the harmonics they could not break the glass. But when they used the har- 
monics along with the fundamental frequency then they were able to break the glass. This may or may 
not be pertinent but it is something that should be considered. 


With this in mind we decided to see if there was a way that we could duplicate the harmonics 
without having to use a ray tube. The below reading with the spectrum analyzer shows that if we dis- 
torted the sine wave no more than what the ray tube did we could produce the same harmonics as a 
ray tube. 


GB-4000 at 1,604,000 Hertz using PicoScope 3205 Spectrum Analyzer 
IANA Flash apiesos ose 8 
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The reading was done at 1,604,000 Hertz taken from an off-the-shelf GB-4000 Function Gen- 
erator. This test showed it was very easy to duplicate the harmonics produced by a ray tube. We de- 
cided to test a triangle wave since the distorted sine wave out of the ray tube resembled it. It also pro- 
duced the same harmonics as a ray tube. Then we gated an undistorted sine wave and it produced the 
harmonics. It is apparent that any sine wave frequency from any frequency generator, when gated will 
produce harmonics. 
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We will now discuss Dr. Rife’s tuning of the Kennedy Receiver Model 110 using headphones. In 
the photo above, on the left, you can see a set of headphones on the Model 525 audio amplifier. 
Headphones were used to tune the Kennedy Receiver Model 110 and Dr. Rife’s earlier instrument that 
he used before purchasing the Kennedy equipment. When Dr. Rife first tested the audio range of fre- 
quencies he would tune his instrument using headphones. Bertrand Comparet, Rife’s attorney for the 
Beam Ray trial of 1939 made this statement when he was interviewed by Dr. John Hubbard: 


COMPARET: “Way back in the old days, way, way back, Rife told me that the way he used to tune his 
instrument, which in those primitive days was, | guess, garbled. He would hook up headphones and 
turn the thing. He had a very keen musical sense of pitch and so on, and he would tune it in his head- 
phones until he got the right pitch, and that was the frequency.” (1970's Bertrand Comparet interview 
#89). 


The headphones were used for tuning the audio frequencies in Dr. Rife’s early tests when he 
used loose couplers. The headphones also played an important role in the tuning of the Kennedy Re- 
ceivers. In the second photo, above on the right, you can see the regeneration dial of the Kennedy Re- 
ceiver Model 110. When you turned up the regeneration you would listen for clicks or some static in the 
headphones, this would tell you that the instrument was oscillating. If you turned the regeneration up 
too high you would hear feedback in the headphones. This feedback meant you did not have a pure 
sine wave waveform. The photo below, on the left, is the waveform with the feedback from the Ken- 
nedy Receiver Model 110. It is a form of audio modulation. The other photo, below on the right, is what 
is produced when there is no feedback. Dr. Rife always wanted to use a pure waveform. The fact that 
we could actually listen to the original type of equipment that he used made it so we could understand 
what Dr. Rife was doing. 
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We will now discuss Dr. Rife’s multi-stage-amplifier that he used with the Kennedy equipment. 
This was most likely a class A RC coupling cascade style amplifier. Daven Company started building 
this type of amplifier back in about 1925. Dr. Rife may have had Daven custom build his multi-stage- 
amplifier but we cannot be sure. The two photos, at the bottom of this page, are Daven amplifiers. Both 
of them are three stage amplifiers. The Kennedy Receiver Model 110 only output about 1.5 to 3 volts. 
Dr. Rife needed to be able to amplify the signal to a high enough power level to make it effective. In the 
three old lab photos above we see Dr. Rife’s multi-stage-amplifier. In the above photo, bottom right, 
you can see the type of tubes he would have used in the early to mid 1920’s. These tubes would have 
made it so Dr. Rife could amplify the signal from the Kennedy Receiver Model 110 to about 50 watts in 
multi-stages. If you look at the above three photos of Dr. Rife’s multi-stage-amplifier you will see five 
switches. These five switches (representing five-stages) made it so he could choose different power 
levels determined by how many stages of amplification he wanted to use. 





With this five stage configuration he could have easily produced the 50 watts he said he used. 
This 50 watts, was the power level that was mentioned in the Rife CD’s for this instrument. 


Ben Cullen, a close friend of Dr. Rife’s, mentions on the Rife CD's that Dr. Rife would light the 
ray tube with a separate power source. His lab photos shows a spark gap transmitter which he proba- 
bly used, in the 1920’s, to light the ray tube. If you look at Dr. Rife’s lab photo, shown below, you can 
see the spark gaps. The spark gaps are right below the "Spark gap" writing. 





The next photo, shown below, is an up close photo of the spark gap transmitter diathermy from 
the 1920's. We purchased it so we could test the lighting of a ray tube with it. 
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The next photo, shown below, shows the lighting of the ray tube using this spark gap transmitter. 
It lit the ray tube with ease and could output more power than the ray tube could handle. 
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This spark gap transmitter would make it so Dr. Rife didn’t have any difficulties tuning the ray 
tube when he changed frequencies from a low frequency of 139,000 Hertz to a higher frequency of 
1,604,000 Hertz. The spark gap transmitter had a damped waveform and would have given him a 
damped wave carrier frequency (See the photo, below left) most likely somewhere around one Mega- 
hertz. This transmitter we purchased has a frequency of 920 KHz. Dr. Rife would not have modulated 
frequencies onto this carrier frequency but he would have just mixed the frequencies in the ray tube 
(see the photo, below right, is of sine & spark mix). 
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Mixing would have given him the combination of a damped wave and one or two sine wave fre- 
quencies, depending if he used two sine wave frequencies simultaneously. We do not believe that Dr. 
Rife continued to use a spark gap transmitter because it would have made it impossible for him to read 
the ray tube harmonic frequencies that his ray tube output. This is because a spark gap outputs broad- 
band noise that makes it impossible to read any harmonic frequencies. Dr. Rife must have only used 
the spark gap transmitter in his early 1920’s work. From the document "Development of the Rife Ray" 
we learn what he replaced the spark gap transmitter with. 


“And as the voltage at this point was quite small, it was found necessary to apply external voltage 
across the anode and the cathode of the output tube [ray tube] to act as a carrier wave for the frequen- 
cies that were generated in the apparatus.” (Development of the Rife Ray and use in devitalizing of 
pathogenic micro-organisms). 
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It appears that the spark gap transmitter accomplished to important things. One: It lit the ray tub 
with an external voltage. Two: It produced a high potential voltage spike in the frequencies. Later he 
used a DC voltage transformer much like a neon light transformer to light his ray tube. Then he added 
an audio pulsing circuit to create the high potential voltage spike. 


To better understand the reason why a high potential voltage spike is important we need to jump 
forward in the history of Dr. Rife's instruments to 1936-1937. The Beam Ray Laboratory instrument 
built by Philip Hoyland was built at this time and it had a fixed audio frequency pulsing circuit. The au- 
dio frequency that it produced was modulated with the RF frequencies it output. This audio pulsing cir- 
cuit would have given Dr. Rife’s frequencies a very high potential voltage spike almost identical to the 
damped wave of the spark gap. John Crane made this statement when he was narrating Dr. Rife’s lab 
film. 


CRANE: “Now the spikes that you see on the frequencies are the lethal part that kill and devitalize the 
virus. They are the resonant peaks of the frequencies which increase the voltage to a very high poten- 
tial which the cells of the virus wall can not tolerate and they break up into many pieces and are de- 
stroyed.” (Dr. Rife’s Lab Film Narrated by John Crane in the 1970's). 


The modulated audio frequency in the 1936-1937 Beam Ray Laboratory instrument was in the 
shape of a damped wave. With both the Rife Ray #4 and the Beam Ray Laboratory instruments having 
waveforms in the shape of a damped wave doesn't seem like a coincidence. When Dr. Rife discontin- 
ued using the spark gap and replaced it with an external high voltage current to act as a carrier fre- 
quency he would have had to develop a new method of creating this high potential voltage rise in his 
frequencies. It appears, with the help of Lee Deforest, that Dr. Rife must have developed this audio fre- 
quency pulsing circuit for his instruments. It is apparent that this pulsing of the M.O.R frequencies is the 
reason why Dr. Rife was able to devitalize the many microorganisms he tested. 


Dr. Rife described the method he used to find these frequencies on the Rife audio CD’s. 


RIFE: “Because when | check on that thing and look through that microscope hour after hour day after 
day, tuning that damn thing [Kennedy 110] to find something that will kill that bug. And every hour or 
half an hour, whatever is required, | put a new fresh culture under the microscope and keep that on and 
| find something that folds it up, alright!” (John Marsh Rife CD’s - CD 7 track 2). 


It was a very tedious task to find a frequency that would devitalize and organism. Dr. Rife re- 
corded all his frequencies on lab notes. Even though he misread his frequencies many people want to 
know those frequencies anyway. On the next page in a chart are the misread lab note frequencies 
which he recorded prior to 1935. Each lab note had two frequencies. One was listed in cycles per sec- 
ond and the second was listed in meters. For the purpose of making this report easier to understand 
the meter wave lengths on Dr. Rife’s lab notes have been converted to cycles per second or Hertz. You 
will notice that there are two audio frequencies listed for organisms that are above 12,000 Hertz. They 
are the only audio frequencies ever listed by Dr. Rife for any organisms. One of them was changed to a 
higher RF frequency when Philip Hoyland read the correct frequencies in 1935 when he built the Rife 
Ray #4. Most likely the other audio frequency was really a higher RF frequency. 


Chapter Summary: The Rife Ray #3 frequency generating equipment which Dr. Rife purchased back 
in 1923 was made by the Collin B. Kennedy Company. It mainly consisted of the Kennedy model 110 
and model 281 to produce its frequencies. This equipment was regenerative not super-regenerative. Its 
frequency range, when the model 110 and model 281 were connected together, was from about 
12,000 Hertz to about 2,000,000 Hertz (2 Million Hertz). Its power output through the ray tube was 
about 50 watts. The frequencies it output were mostly in the AM radio band of frequencies. This equip- 
ments frequency range now explains why all of Dr. Rife's frequencies were less than 2 million Hertz as 
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listed on the Rife Ray #4 documents. The Rife Ray #3 was the instrument that was used by Dr. Rife 
and Dr. Milbank Johnson M.D back in the 1934 clinic on cancer and tuberculosis patients. 


In the next chapter we will look at Dr. Rife's Rife Ray #4 Rife Machine and the correct frequen- 
cies which Philip Hoyland read with his master oscillator in order to build this instrument. 


Dr. Rife’s Misread Lab Note Frequencies From Before 1935 


Microorganism First Frequency Second Frequency 
In Hertz Meters To Hertz 


Actinomycosis (Streptothrix) 678,000 Hz 186,554 Hz 


Anthrax 272,539 Hz 
Anthrax Symptomatic 16,655 nz 
B. Coli (Rod form) 317, 914 Hz 
B. Coli (Filterable virus) 11,103,424 Hz 
Bacillus X Cancer 17,033,662 Hz 








Bubonic Plague 512,466 Hz 
Catarrh 1,713,100 Hz 
Cholera Spirillum 960,873 Hz 
Contagious Conjunctivitis 2,025,625 Hz 
Diphtheria 1,090,154 Hz 
Glanders 736,591 Hz 
Gonorrhea 150,649 Hz 
Influenza 1,946,704 Hz 
Leprosy 251,926 Hz 
Pneumonia 381,901 Hz 
Spinal Meningitis 1,795,164 Hz 
Staphylococcus Pyogenes Aureus 555,171 Hz 
Staphylococcus Pyogenes Albus 549,070 Hz 
Streptococcus Pyogenes 2,111,214 Hz 
Syphilis (Treponema Pallidum) 2,175,856 HZ 
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Chapter #8 
1935 Rife Ray #4 Rife Machine 








1. Used a ray tube. 

2. Had two separate oscillators so it could output two frequencies at a time. Frequency range 
was from 87,000 Hertz to 22.5 MHz. 

3. Power usage was about 450 to 600 watts. Output to the ray tube was variable 
(50 to about 250 RF watts). 


Some have asked how we can be sure these photos we have are of the Rife Ray #4 Rife Ma- 
chine. It is a simple process of deductive reasoning. John Crane, one of Dr. Rife’s 1950’s business 
partners, incorrectly dated the Rife Ray #4 as a 1942 Rife Machine. This misdating has led to some 
confusion which we will now attempt to clear up. In the photo, shown above, we see Dr. Rife using the 
instrument which John Crane dated as built in 1942. However, the lab film this picture was taken from 
was made in the summer of 1936 for use at a conference which Dr. Rife planned to attend in the au- 
tumn of that same year. He was presenting this film at this conference to demonstrate the isolation of 
the BX cancer virus. This properly dates the instrument as having been built before the summer of 
1936 and shows that John Crane was incorrect. In the background of this photo, behind the instrument 
Dr. Rife is using, we see his Kennedy Company equipment back against the wall. Therefore this instru- 
ment could have only been built in late 1935 or early 1936. The Rife Ray #4 documents show it was 
completed in the fall of 1935. This logically dates the Rife Machine Dr. Rife is using in the 1936 film as 
the Rife Ray #4. The next picture, shown on the next page, is a better photo of the Rife Ray #4 instru- 
ment. 
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Bertrand Comparet, Dr. Rife’s attorney, said three experimental machines were built. With the 
proper dating of this Rife Machine, which shows it is the Rife Ray #4, we will now discuss it in detail. 


Of the three experimental machines it appears that two were Rife Ray #4's and the third was the 
Rife Ray #5 or Beam Ray Clinical experimental instrument which was used in a clinic in 1937. We will 
cover the Beam Ray Clinical instrument later. 


Dr. Johnson's machine was the first Rife Ray #4 that was built in 1935. After Dr. Johnson's in- 
strument was built he states in a letter that the second #4 instrument was soon to be built for Dr. Rife: 


DR. JOHNSON: "While you have the machine [Dr. Johnson's Rife Ray #4] down there, | hope you and 
Jack are working on those bananas so we can get an M.O.R. for them, if possible. AS soon as you 
send Phil and the machine back, | am going to start Phil on making your Machine." (Letter from Dr. 
Johnson to Dr. Rife, November 15, 1936). 


Now that we have established the fact that both Dr. Milbank Johnson and Dr. Rife had their own 
Rife Ray #4 instrument we can continue with the history of this instrument. As pointed out earlier in this 
report Philip Hoyland eventually became Dr. Rife's engineer and business partner. Philip Hoyland was 
the one who measured Dr. Rife's frequencies when he came to Dr. Rife's lab in 1935. 
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We will also point out that the frequencies used in this instrument were transferred from the Rife 
Ray #3 to the Rife Ray #4 after Philip Hoyland read the correct frequencies. We have in the document 
"Development of the Rife Ray" a description of this instrument: 


“In 1935 in entirely new application of the old principle was incorporated in an instrument built under 
the direction of Commander Rife by Philip Hoyland of Pasadena California. The new instrument was 
light socket powered and had an output of 500 Watts. Designated #4 [Rife Ray #4] [Many of the power 
output measurements of Dr. Rife’s equipment were misread]. Furthermore it was equipped to deliver 
two distinct frequencies simultaneously and both variable. This apparatus proved to be more efficient 
with decidedly fewer factors of error in the laboratory tests using 75 pounds of horse 
meat.” (Development of the Rife Ray and use in devitalizing pathogenic micro-organisms). 


In the laboratory tests that were performed with the Rife Ray #4 they made many tests to deter- 
mine its capability. Dr. Johnson talked about the many different aspects of the machine they had to test 
in a letter: 


DR. JOHNSON: "Also, about this time, the new Rife Ray Machine [#4] had arrived at its point of con- 
struction when elaborate tests had to be made in order to synchronize the M.O.R. produced by it with 
the M.O.R. produced by the old machine [#3]. Now, we are in the throes of accurately charting the 
14,000 possible settings on the new machine. Our next process, beginning next week, Is to test its 
penetration, the time required in the different exposures, the different depths of lesions. So, take it alto- 
gether we are just about as busy as a bear in berrytime." (Letter from Dr. Johnson to Dr. Schram, dated 
September 25, 1935). 


Dr. Rife’s Single M.O.R. Frequency 


The Rife Ray #4 instrument documents show it could put out two RF or radio frequencies simul- 
taneously. Dr. Rife’s previous Kennedy Model 110 when connected to the Model 281 could output two 
frequencies simultaneously like the Rife Ray #4. It is apparent that Dr. Rife still wanted this capability in 
this new instrument. Dr. Rife from time to time would run two frequencies or M.O.R.s. simultaneously 
on two different organisms. This is pointed out by Dr. Rife on the John Marsh Rife audio CD’s: 


RIFE: "We found the frequency of the virus, we found the frequency of the rod, which we had for years 
of course. But if we use the two of them simultaneously over the same carrier wave, the patient gets 
well and the Guinea pig gets well, but if you use one or either individually you either kill the patient or 
you don't do nothing." 


This statement from Dr. Rife also shows that each organism only requires a single frequency to 
devitalize it. The rod form of tuberculosis requires a different frequency than the virus form. In the 
above quote from Dr. Rife he clearly states "frequency" for each organism, not frequencies. Since his 
instrument could only output two frequencies at the same time this clearly shows that each organism 
has a single frequency as its M.O.R. In another statement when Dr. Rife was talking to John Crane 
about tuberculosis he said: 


CRANE: "We have the frequency that will devitalize E. coli, don't we?" 


RIFE: "We have yes. And we have the frequency also that will devitalize the filterable form of B. coli 
which is not necessary. There is only one organism that we have to use two frequencies simultane- 
ously, and that as we've spoken of before John, and that is the Bacillus of tuberculosis, where it has 
that so-called poison molecule of Von that is released by any known methods of devitalizing the organ- 
ism and that's it." (Marsh collection, Rife audio CD’s). 
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Dr. Rife states in this quote that there is only one organism that needs two different frequencies 
to devitalize it. All the other organisms only need a single frequency to devitalize them. The reason that 
Tuberculosis needs two frequencies is due to the fact that Dr. Rife said both the rod form and the virus 
form must be devitalized at the same time or the virus form will feed on the dead body of the rod form 
causing the patient to die from toxemia. 


Even with what Dr. Rife has said many have still believed that it took two frequencies to devital- 
ize a single organism. This misunderstanding came about because Dr. Rife had two frequencies listed 
for each organism on his pre-1935 lab notes. From the reading of these documents we can see this is 
not the case. It was Dr. Rife's misreading of his frequencies, prior to 1935, which lead to this misunder- 
standing. To further make the point that it only takes a single frequency to devitalize an organism we 
will read more statements made by Dr. Rife on the Rife Audio CD's: 


RIFE: "The frequency of each bacteria is absolutely individual. They run through a very, very large 
gamut. Some of them are very, very broad, long. Some of them are not extremely short. There’s none 
of them what we call our ultra short wave that | have found yet." (Marsh collection, Rife audio CD’s). 


DR. DICKLAND: "Is there a different frequency between cancer and tuberculosis?" 


RIFE: "Oh much. Every organism requires a different frequency owing to its own chemical constituents 
or its premodel cell or predominate chemical factor. " (Marsh collection, Rife audio CD’s). 


RIFE: "We found the frequency of the virus, we found the frequency of the rod, which we had for years 
of course." (Marsh collection, Rife audio CDs). 


RIFE: "So we’re throwing an electronic frequency through the tissues of the body that simply devital- 
izes the bacteria with no harm to normal tissue." (Marsh collection, Rife audio CD’s). 


These statements clearly show again that each organism has its own frequency and that it only 
takes a single frequency to kill, devitalize or render it harmless. As we read other statements or docu- 
ments you will easily be able to see that this understanding was plainly understood by Dr. Rife and all 
the other doctors that used his equipment. 


Because this is a very important point that needs to be understood we will read a few more 
documents which contain added information on this subject. When the Rife Ray #4 was finally com- 
pleted Dr. Johnson wrote a letter to Dr. Rife in which he made this observation: 


DR. JOHNSON: "Maybe these Much glands are another form of the T.B. [tuberculosis] corresponding 
to our filter passing form and we will have to get an M.O.R. for them so as to destroy them at the same 
time that we do the rod form of tuberculosis....Now that we have a machine in which we can give two 
M.O.Rs at one time, it would be easy to treat all forms of tuberculosis, both for the tubercle bacilli and 
the Much granules." (Letter from Dr. Johnson to Dr. Rife dated, September, 12 1935. Page 3). 


Since the Rife Ray #4 only had two variable oscillators and each one was set on a different 
M.O.R. frequency then it would only take one frequency to devitalize each organism. In another letter 
this same understanding is given: 


DR. JOHNSON: "/ would suggest that you set up a slide with a hanging drop planted with the crypto- 
myces pleomorphia. Set your machine and the microscope together. After it gets growing, start out and 
set on of the groups to the MOR of BX. Then with the other group, start with a certain switch on Group 
2 beginning at zero. Give one minute exposure, wait about fifty minutes, and then see if there is any 
change. Then move the dial of Group 2 up to ten and give another exposure, waiting about fifty min- 
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utes and the examining it carefully. Go on that way throughout the dial and you will get through about 
one switch a day. Pretty soon you will find some setting that will kill the organism. Mind you, you are 
running at every exposure Group 1 on the BX MOR. If you got this setting started, Jack could do the 
microscope work and if he got any change, he could call your attention to it. That would save your eyes 
and your time. It is very important that we find the MOR of this fungus before | start in with the clinical 
work in the hospital with this new machine." (Letter from Dr. Johnson to Dr. Rife dated, October 10, 
1935). 


When this letter was written they already had the frequency for the BX cancer virus and they 
were trying to find the frequency for the cryptomyces pleomorphia fungi. It is clearly pointed out that 
one oscillator was set on the BX organism and the second oscillator was being used to try and find the 
frequency for the cryptomyces pleomorphia fungi. Dr. Rife when speaking about the BX virus clearly 
states that it had a certain frequency not frequencies: 


RIFE: "/f you don’t have an absolute coordinative resonance, you have nothing. One tenth of one meter 
off and you have nothing. It's got to be absolutely correct for that individual organism. It’s got to be pre- 
cise...the virus of cancer has a certain frequency. And it has to be there, otherwise if it’s a little one way 
or the other, no good, no good for nothing." (John Marsh Rife CD’s - CD 5 track 2, CD 6 track 2, CD 7 
track 1 and CD 9 track 1). 


There are even more documented examples which show that only one frequency is needed for 
each organism. From the horse meat tests done with the Rife Ray #4 we read: 


"The test being ready, the No. 4 Rife Ray Machine was set for the MOR of B. Typhosis (rod) and also 
for the filter-passing form. It was turned on for an exposure of three minutes at 400 watts..." (Test of the 
No. 4 Rife Ray Machine, Page 2). 


The frequency listed on the Rife Ray #4 documents for B. Typhosis rod form is 760,000 Hertz 
and the frequency for the B. Typhosis filter-passing virus form is 1,445,000 Hertz. This document also 
confirms that only one frequency is needed for each organism to devitalize it. 


There is one more document that we will look at. This document has the misread frequency of 
11,780,000 Hertz for the BX frequency. The correct frequency that was read by Philip Hoyland was 
1,604,000 Hertz. It is apparent that Dr. Rife was reading the 7th harmonic of 1,604,000 Hertz incor- 
rectly. The correct 7th harmonic frequency of 1,604,000 Hertz is 11,228,000 Hertz. Had Dr. Rife read 
the 7th harmonic correctly this frequency would have been on his lab note. Regardless of this mistake 
Dr. Rife listed only one frequency for devitalizing the BX virus. Below is his statement: 


RIFE: "Since experiments show that the Bacillus X [BX cancer virus] in form A exists in malignant tis- 
sue, it is theoretically possible to change the cycle to form B by application of the Argon Ray and vac- 
uum conditions. After the cycle change has been accomplished (in theory), the application of the oscil- 
lative ray at a cycles per second vibration of 11,780,000 [correct frequency measured in 1935 was 
1,604,000] should completely destroy the B.X. in the malignant tissue." (Rife Research Laboratory lab 
note on the BX). 


So that no one misunderstands this quote. It was the change of the Bacillus form from A to B 
using the Argon Ray and vacuum conditions that was the "theory" not the destroying of the B.X. using 
the 11,780,000 (corrected frequency of 1,604,000) Hertz. All these document show that Dr. Rife found 
that only one frequency is required for each organism. 


There is one other thing that apparently needs to be combined with the M.O.R. frequency and 
that is the pulsing of the waveform. When we discussed the Rife Ray #3 we talked about a fixed audio 


53 


Further purification of the liquid 
Now we're about 15 minutes into the clip, you may wish to pause and 
make some flashcards to use with the questions that follow. 
At this point we have dried the liquid chemically, and if acids were 


used in the synthetic process, we could add a solid carbonate to 
react with them prior to drying. 


This would produce fizzing as carbon dioxide gas is made, and when 


the fizzing dies down, the acid is reacted. Now the mixture can be 
filtered and re-distilled | 











Distillation will separate the 
desired product at its given 
boiling point, using a reflux 
condenser set horizontally at a 
slight angle. 


If distillation was part of the 
earlier synthesis process, then 
this second distillation would be 
called re distillation 
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frequency pulsing circuit. The Rife Ray #4 also had a fixed audio frequency pulse circuit. The waveform 
that it output was shown in Dr. Rife’s lab film and is the next photo, shown below. 
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The other photo shown above, top left, is a clearer photo of what a damped wave looks like. Be- 
low those two photos is drawing of what a damped waveform looks like. How Dr. Rife created this 
waveform was not known until a circuit from an original Beam Ray Laboratory Rife Machine was re- 
built. This circuit will be discussed in detail later in this paper when we cover that instrument. 


Dr. Rife’s Audio Pulsing Circuit 


Though we will discuss the building of this circuit later the importance of that fixed audio fre- 
quency pulsing circuit will be discussed now. The reason for this is without this pulsing circuit no organ- 
ism could have been devitalized. This pulsing circuit was the secret to making Dr. Rife’s high RF fre- 
quency instruments work. Bertrand Comparet, Dr. Rife’s attorney said this in his 1970's interview: 


COMPARET: “The whole secret of the Rife thing was the audio frequency because Rife, way back in 
the old days, way, way back, Rife told me that the way he used to tune his instrument...he would hook 


up headphones and turn the thing. He had a very keen musical sense of pitch and so on, and he would 
tune it in his headphones until he got the right pitch, and that was the frequency.” (1970's Bertrand 
Comparet interview paper #89). 


This audio frequency pulsing circuit was put into the Rife Ray #4 Rife Machine as a fixed audio 
frequency. It was not a variable audio frequency circuit. The Rife Ray #4 instrument documents show 
the #4 instrument had no variable audio oscillator which indicates that Dr. Rife believed that it was no 
longer necessary for M.O.R. work. But the fix audio pulsing circuit was absolutely necessary to be put 
into the instrument so that the high RF frequency M.O.R. frequencies were pulsed in order to devitalize 
the various organisms. All of the frequencies that Philip Hoyland read from the Kennedy Model 110 and 
transferred to the Rife Ray #4 were RF frequencies and needed to be pulsed. The lowest frequency 
was for Anthrax at 139,200 Hertz; the highest was 1,604,000 Hertz for the BX organism that caused 
cancer. 
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The Rife Ray #4 would have also been a sine wave instrument just as the Kennedy Company 
equipment was. Since the Rife Ray #4 had two high RF frequency oscillators it would allow for the os- 
cillators to be set at two different M.O.R.s. This instrument was probably built much like the Beam Ray 
Laboratory instrument which connected the ray tube between the two RF oscillator tank coils. The rea- 
son for this is the fact that the bandwidth of the RF tank coils could only pass a frequency of about 
250,000 Hertz and Dr. Rife was using frequencies much higher than this. 


Dr. Rife’s Carrier Wave 


We will now discuss Dr. Rife's use of a carrier wave in his instruments. This next statement by 
Dr. Rife’s verifies the fact that with the Kennedy equipment or Rife ray #3 he used a carrier wave: 


RIFE: "We found the frequency of the virus, we found the frequency of the rod, which we had for years 
of course. But if we use the two of them simultaneously over the same carrier wave, the patient gets 
well and the Guinea pig gets well, but if you use one or either individually you either kill the patient or 
you don't do nothing". (Marsh collection, Rife audio CD’s ). 


Dr. Rife's mention of a carrier wave has lead to some confusion in the past because when we 
think of a carrier wave we think of a higher RF frequency that the lower RF or audio frequencies would 
ride on. But the documents show this was not the case. The "Development of the Rife Ray" document 
tells us what that carrier wave was: 


"And as the voltage at this point was quite small, it was found necessary to apply external voltage 
across the annode and cathod of the output tube to act as a carrier wave for the frequencies that were 
generated in the apparatus." (Development of the Rife Ray and use in devitalizing of pathogenic micro- 
organisms). 


Dr. Rife's carrier wave was just an external high voltage current that was used as a means to 
light the ray tube. The use of this high voltage current as a carrier wave was also used with the Rife 
Ray #4 and was not remove from the instruments until the summer of 1936 when the new Beam Ray 
Clinical instrument was built. This will be covered later. 


Dr. Rife used the Rife Ray #4 Rife Machine in his laboratory until he closed it down in about 
1947. The Rife ray #5 or Beam Ray Clinical instrument was completed in the summer of 1936 and was 
the new design that was used by all the doctors. Dr. Johnson used his Rife Ray #4 instrument in at 
least two medical trials. Dr. Johnson always had his patients sign a release card, shown on the bottom 
of page 56, in order to be treated with the frequencies output by the Rife instrument. 


On page 57 is a chart showing the sine wave frequencies read off of the Kennedy Company 
equipment and used in the Rife Ray #4 instrument. We now know these frequencies were the frequen- 
cies used in the 1934 clinic since they were taken off of the Rife Ray #3 which was used in that clinic. 
The chart was made from The Rife Ray #4 document. This same document along with its additional 
page was mentioned in a letter written by Dr. Milbank Johnson to Dr. Rife dated Oct. 15, 1935: 


DR. JOHNSON: / am also inclosing a copy of a chart prepared for me by Phil [Philip Hoyland] which 
show the frequencies in kilocycles of the different M.O.R.’s we have worked with. Opposite these fre- 
quencies you will find the proper switch and settings on both groups. Now, in looking over the frequen- 
cies representing the M.O.R. of certain organisms, | find that the typhoid rod has 760 kc. And just 
above that you will find that the typhoid filter passing has 1445 kc. - that is almost an exact harmonic of 
the rod. Assuming that the banana might represent the rod form of the cryptomyces pleomorphia - on 
the same plan let us assume that the B.X. Is the filter passing form of this organism. If that is so, we 
should kill the rod, it being the harmonic of the rod form, at 800 kc. [this statement verifies that the BX 
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M.O.R. frequency was 1.604 kc. - or 1,604,000 Hertz]. This 800 kc. Will come in group No. 2 on switch 
6. A reference to the proper chart under Group No. 2 would give the exact setting to get 800 kc. This is 
just a chance and | have no assurance that it will work out, but | think it is worth trying so | think | would 
try on switch 6 in Group N. 2 for your first effort to kill the fungus, or rather to kill the bananas. (Letter 
from Dr. Milbank Johnson to Dr. Rife, October 15, 1935). 


This letter and the Rife Ray #4 document confirm that Dr. Rife had misread his frequencies prior 
to 1935 and that each organism only has a single frequency as its M.O.R. The letter also shows that 
they were using the corrected frequencies read by Philip Hoyland when he came to Dr. Rife's lab to 
read the Rife Ray #3 in 1935. The frequencies used in Rife Ray #4 were used to create the next ver- 
sion of Dr. Rife’s machine. 


Chapter Summary: The Rife Ray #4 was built in 1935 at the request of Dr. Milbank Johnson because 
he wanted an instrument that was in the comforts of a single cabinet. It had the highest frequency 
range and power output of any of Dr. Rife's machines. There were only two of these machines built. 
The first one was built for Dr. Milbank Johnson and the second one was built for Dr. Rife. The frequen- 
cies used in this machine were the same frequencies that were used with the Rife Ray #3. Each organ- 
ism only required one frequency to devitalize it. Like the Rife Ray #3 the Rife Ray #4 used a fixed au- 
dio frequency pulsing circuit to create a high potential voltage rise in the RF M.O.R frequency to devi- 
talize the organism treated with the instrument. The Rife Ray #4 was used by Dr. Milbank Johnson in 
two clinical trials. 


In the next chapter we will take an in-depth look the next instrument that was built by Dr. Rife’s 
engineer, Philip Hoyland. Philip Hoyland developed a new method of delivering Dr. Rife’s M.O.R. fre- 
quencies. 


me RELEASE 
It has been determined shat I, ' Y Ao SE Se * , am suffering from a malignant disease 
. . 


which I believe to be nd I am informed that Dr. Milbank Johnson and his associates have 
been experimenting with a new method of treatmerd? of said disease upon the lower animals with sufficient success to lead me to hope that it 
may be successful in my case. However, I wish it distinctly understood that neither Dr. Milbank Johnson nor his associates have made any 
promises, claims, representations or other assertions as to the outcome of their new method of treatment; Dr. Milbank Johnson and his , 
associates have agreed to subject me to their new method of treatment without charge to me and in consideration of their services in this 
connection, I hereby consent to allow Dr. Milbank Johnson and his associates to subject me to their new method of treatment of my disease 
and further do consent to allow said Dr. Milbank Johnson and his associates to subject me to any other type of treatment, whether operative 
or otherwise, that they may in their opinion deem necessary or advisable in connection therewith or as a result thereof; and further, I hereby 
release said Dr. Milbank Johnson, his associates, employees and attendants, from any and all liability for any untoward results that | may suffer 
in connection with or as a result of any such treatment or treatments, whether operative or otherwise, with the full realization on my part of 
the experimental character of said new method of treatment. I agree that this consent and release shall be binding upon my heirs and legal 
representatives and that the same shall extend to and release the heirs and legal representatives of said Dr. Milbank Johnson, his associates, 
employees, and attendants, Itis further understood that this release shall extend to and include any hospital or clinic that Dr. Milbank Johnson 
or his associates may be associated with, and also their respective staffs, employees, and attendants. 


I have asked certain of my relatives to agree to the terms of this instrument and they have signed below. 


Date 








—— 
Witness: = GL AAA AL) 
—— 


PATIENT 


I or we hereby agree to be bound by the above: 





RELATIONSHIP 








Rife Ray #4 Sine Wave High RF Frequencies 


B. Coli (Filterable virus) 770,000 Hz 


1,530,000 Hz 
Rife Ray #4 document because it was not found at that time. It was in 
1936 when this viruses frequency was obtained and it was used in the 
Beam Ray Clinical machine. We included it here with this explanation. 


| 427,000 Hz 
720,000 Hz 
234,000 Hz 


Tuberculosis (Virus) 2769,000 Hz 
Typhoid Fever (Virus) 1,445,000 Hz 
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Chapter #9 
1938 to 1939 Beam Ray Corporation Clinical Rife Machine 








1. The instrument used a ray tube. 
2. Had one variable Audio oscillator and one Fixed RF oscillator set at 3.30 or 3.80 MHz. 
3. Power usage was about 450 to 600 watts. Output to the ray tube about 40 to 50 RF watts. 


Just as with the Rife Ray #4 Rife Machine we must determine what the Rife Ray #5 or Beam 
Ray Corporation Rife Machine looked like. The reason we need to determine this is because unless we 
know what those instruments really looked like we may think we have a true Rife Ray #5 or Beam Ray 
Clinical instrument and find out later that it is not one. Beam Ray Corporation built two different instru- 
ments, one was called the Clinical instrument and the other was called the Laboratory instrument. The 
fact that Beam Ray built two different instruments was pointed out in the Trial: (Beam Ray Trial Tran- 
script #209-210) 


COMPARET: “The four machines bought by the British were two so called laboratory types and two so 
called clinical types, what was the difference between the two?” 





HOYLAND: “The clinical type was similar in all respects to the Rife machine except that it did not have 
[word missing] of the [word missing] used on Mrs. Henderson.” 


We now know that Beam Ray Corporation built two different Rife Machines of which one was 
built using the original Rife principles and it was considered the Laboratory instrument. The other was 
built using a different method of generating the frequencies and we will show that it was called the 
Clinical instrument. First we will prove that the photo, shown above, and the next photo, shown on the 
top of the next page, are photos of the Rife Ray #5 or Beam Ray Clinical instrument. 


58 


The instrument, shown below, is a photo of one of two Rife Machines owned by Dr. James B. 
Couche which he purchased from Beam Rays Corporation. Dr. Hamer also purchased one of these 
Clinical Rife Machines. This information was pointed out during the Trial and gives us the proof we are 
looking for: (Beam Ray Trial Transcript #98-99, 217-218, 1128-1131 and 2700) 





COMPARET: “Before this agreement was signed did the company manufacture any Rife ray ma- 
chines?” 


HOYLAND: “They started to about the first of May [May 1, 1938]. Dr. Hamer was sold one.” 
COMPARET: “How was the price of these machines fixed?” 


HOYLAND: “The price was decided from the costs of what it cost to manufacture the first machine that 
was sold to Dr. Hamer.” 


COMPARET: “Were the clinical machines the same as were made for Dr. Hamer?” 
HOYLAND: “Yes.” 

COMPARET: “Was that the same as the machine used on Mrs. Henderson?” 
HOYLAND: “No, but the same type.” 


SAPIRO: “These machines are perfectly good, they are just the same as the [Dr.] Couche machine and 
the one that gave Mrs. Henderson such relief.” 
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These quotes show that Beam Ray Corporation sold the Clinical style Rife Machines to Dr. 
Hamer and Dr. Couche. In 1951 Dr. Couche sold one of his Beam Ray Clinical instruments to Dr. Tully. 


The photo on the previous page of Dr. Couche's machine and the documents we have read 
show us that his machine is an original Rife Ray #5 or Beam Ray Rife Machine. With this machine we 
can make comparisons against it when looking at other instruments. 


The next photo, shown below, is a picture of Dr. Rife and Philip Hoyland. Philip Hoyland was Dr. 
Rife’s engineer and business partner in the Beam Ray Corporation. In this photo is an instrument. We 
will prove that this instrument is also a Beam Ray instrument by making some comparisons with other 
Beam Ray machines. 





This photo of Dr. Rife and Philip Hoyland was taken for a May 6, 1938 newspaper article pub- 
lished by the San Diego Tribune. In the newspaper the caption below the photo said: “Royal Raymond 
Rife, left and Philip Hoyland with Rife ray apparatus”. On May 1, 1938 the Beam Ray Corporation 
started selling its Rife Ray #5 or Beam Ray Clinical Machine to doctors. This front page newspaper ar- 
ticle had the capability of selling many instruments. It is only logical they would have photographed the 
instrument they were selling. 


The next two photos, shown at the top of the next page, are close-up photos of these instru- 
ments. You will notice the similarities of these two instruments. They are almost exactly alike except for 
the case. Beam Ray used both types of cases with the Rife Ray #5 or Beam Ray Clinical instruments 
they sold. 
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Dr. Couche’s Rife Machine, above on the right, was in a case that extended all the way down to 
the floor. It had handles on the side and wheels on the bottom which would make it very easy to move 
around. Both instruments have one oscillator dial which is located on the left side of the front panel. Be- 
low that dial on Dr. Couche’s instrument was a four position band switch and on the other instrument, 
above on the left, is a fine tuning dial. The fine tuning dial was replaced by a four position band switch 
in order to give the instrument better accuracy. The second dial, in the center of both instruments, goes 
to 100 and was the amplitude dial. Above that dial on both instruments is a tuning eye for calibrating 
the instrument’s RF carrier frequency. Below is a photo of one of these tuning eyes. 





Both instruments have a milliamp power meter located all the way over to the right next to where 
the ray tube is connected. Dr. Couche’s instrument had a timer below the power meter to help him 
make sure he treated the patient for the correct amount of time. Along the bottom are the filament, 
sweep and output switches which are not clearly marked on Couche’s instrument but we can see what 
appears to be three different switches, two below the center amplitude dial and one below the timer. 
The comparison we have just made with Dr. Couche’s Beam Rays instrument shows they are both 
Beam Ray instruments. Beam Ray Corporation just put this Clinical machine into two different cases. 


In the document "Development of the Rife Ray" we have a description of this Beam Ray Clinical 
instrument: 


"In the early part of 1936 Commander Rife and Mr. Hoyland spent much time collaborating on revising 
some of the applications of the fundamentals of the instruments due to the advancement that had 
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taken place in the application of electronics and it was found that the carrier wave used in the previous 
instruments could be eliminated. During the summer of 1936 further experiments were carried on, 
which resulted in an entirely new method of generating the desired frequencies and produced a con- 
stant input and output in the instruments. 


During this work several new test appliances were built for further studying the different frequencies 
and waveforms noteworthy among these was a 9 inch Cathode-Ray oscillograph of high sensitivity, 
built for the purpose of photographing the different frequencies on motion picture film and thereby al- 
lowing the numerous waves to be studied at will. During the fall of 1936 Dr. Couche of San Diego and 
Jack Free assistant to Commander Rife conducted a clinic with one of the frequency machines treating 
experimentally cases of carcinoma and senile cataract..." (Development of the Rife Ray and use in de- 
vitalizing pathogenic micro-organisms). 


The first thing that we learn from this document is the high voltage current carrier wave that was 
used to light the ray tube in the Rife Ray #3 and Rife Ray #4 was no longer used or needed with the 
new Rife Ray #5 or Beam Ray Clinical instrument. The document is correct because this style of instru- 
ment only uses an RF carrier frequency to light the ray tube. The second thing we learn is that this in- 
strument was working on an entirely new method of generating the M.O.R. frequencies. This method 
has been referred to over the years as harmonics. But it is more complex that what was originally be- 
lieved. 


This new method that was used to generate the frequencies has been a mystery for the past 75 
years. Finally with the location and purchase of an original Beam Ray Clinical instrument and the use 
of spectrum analysis the method that Philip Hoyland used has been discovered. 


In the first photo, below on the left, is the Rife Ray #5 or Beam Ray Clinical Machine that Dr. 
Rife and Philip Hoyland were photographed with for the may 1938 newspaper article. In the second 
photo, below on the right, is a picture of an original Beam Ray Rife Ray #5 instrument. This instrument 
was obtained from Dr. Larry Low. He has owned it for over 25 years. This is the only known original 
Beam Ray Corporation Clinical instrument to have survived. It was used by a Medical Doctor who died 
in the mid 1960's. 








We would like to thank Dr. Low for allowing us to get this instrument so we could analyze it. It is 
a low audio frequency instrument which uses an RF carrier frequency. This Rife Ray #5 or Beam Ray 
Clinical instrument is very important. The significance of this instrument is due to the fact that it is the 
only known original Rife Ray #5 or Beam Ray Clinical instrument to exist. There were about 14 instru- 
ments built by the original Beam Ray Company and until now no one has ever been able to find one. 
The fact that even one has survived is a miracle. This instrument proves beyond any doubt that Philip 
Hoyland was the one who first built the low audio frequency instruments such as the Rife Ray #5 Beam 
Ray Clinical instrument. 


The next photo, below on the left, is also a Beam Ray Clinical instrument. This photo, was found 
inside the case of the original Rife Ray #5 or Beam Ray Clinical instrument obtained from Dr. Larry 
Low. The second photo, below on the right, is Dr. Couche's Beam Ray machine. Both of these Rife Ma- 
chines are in the same case. If you look closely you will notice that both instruments have the same 
metal arm attached to the top of the instrument which holds the ray tube. This same arm is also on the 
top of the original machine obtained from Dr. Low. 





In every detail the cases are the same. The only difference between these two machines is the 
layout of the front panel. Though the panels are laid out differently both machines have the frequency 
dial, amplitude dial, band switch, milliamp meter, timer, power light and two switches. It appears when 
Beam Ray Corporation built their first instrument, which was shown in the May 1938 newspaper photo, 
they had no band switches dividing out the audio frequency range. The doctors that used these instru- 
ments complained about the accuracy problems. It is apparent from the Beam Ray Trial testimony that 
a four position band switch was added to help stabilize the audio oscillator and hopefully solve this 
problem. The original Beam Ray instrument that we obtained has a band switch with four settings. Au- 
brey Scoon’s Beam Ray Clinical replica instrument also has a four position band switch. We will fully 
evaluate the Aubrey Scoon instrument later in this report. But we will refer to it from time to time as 
needed as we look at this original Beam Ray Clinical instrument. The 1953 AZ-58 Beam Ray Clinical 
replica, which we will also evaluate later in this report, had a three position band switch. They only 
used a three position switch because they used audio frequencies which were ten times lower than the 
original Beam Ray Clinical instrument. Because of this they did not need or use a fourth band. 
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TOPIC 29 Questionsheet 13 
PREPARATIVE TECHNIQUES I (Preparation of 1-bromobutane) 


In an experiment to prepare 1-bromobutane, 10 g of sodium bromide, 10 cm’ of water and 6.0 g of butan-|-ol were 
placed in a round-bottomed flask fitted with a reflux condenser. 18 g of concentrated sulphuric acid were then 
slowly added over a period of 10 minutes, with the flask standing in a cold water bath, after which the mixture was 
gently boiled under the reflux condenser for 45 minutes. The apparatus was cooled and rearranged for distillation 
with the condenser in a sloping position. Distillation was carried out until no more oily droplets were collected. 


The distillate comprised two liquid layers which were separated in a separating funnel. The upper aqueous layer 
was discarded and the lower organic one was returned to the separating funnel, where it was shaken with 10 cm? 
of concentrated hydrochloric acid. After separation, the lower layer was again returned to the funnel, where it was 
shaken with aqueous sodium hydrogencarbonate. 


The organic layer was then run into a small conical flask and allowed to stand over anhydrous sodium sulphate 
until it became clear. Finally, the |-bromobutane was decanted from the sodium sulphate into a smal] distillation 
flask and purified by distillation. Liquid boiling between 101 and 103 °C was collected in a measuring cylinder. 


Canc..cucids... kend..be reat exobthermicalk [1] 


(ii) What was the point of boiling the mixture for 45 minutes? 


To..allow.the..ceaci.on.... 2.g0.bo. comelebion in 


(iii) What was the purpose of boiling under a reflux condenser? 
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To further analyze the two original Rife machines we will now do a comparison of the faceplates. 
We will look at the instrument obtained from Dr. Low and the instrument Dr. Rife and Philip Hoyland 
were standing next to in the 1938 news paper photo. 


The first close up photos are of the variable audio oscillator control. The photo, below on the left, 
is the May 1938 photo. The photo, below on the right, is the original instrument we obtained. Normally 
the dial should only go 180 degrees from 0 to 100 as shown on the May 1938 dial. Our instrument does 
not have the original dial because it goes from O to 100 in 270 degrees. 





Though the dial shows 270 degrees it will only go 180 degrees. You will also notice that our dial 
is bigger than the original dial and partially covers where the old fine adjustment dial was located. The 
fact that the hole is still there, but was covered, indicates that this instrument at one time worked the 
same as the instrument in the 1938 photo. When they added the four position band switch the fine ad- 
justment knob was no longer needed. 


Our Rife Ray #5 or Beam Ray Clinical Rife Machine, like Aubrey Scoon’s instrument, had four bands 
that cover these frequency ranges. 


Band 1: 160 Hertz to 820 Hertz. 
Band 2: 594 Hertz to 3,190 Hertz. 
Band 3: 2,440 Hertz to 12,930 Hertz. 


Band 4: 9,430 Hertz to 42,600 Hertz. 
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Aubrey Scoon’s Beam Ray Clinical Replica instrument band ranges, listed below, were different. 


Band 1: 20 Hertz to 200 Hertz. 
Band 2: 200 Hertz to 2,000 Hertz. 
Band 3: 2,000 Hertz to 20,000 Hertz. 


Band 4: 20,000 Hertz to 200,000 Hertz. 


These four bands were discussed by Philip Hoyland and Bertrand Comparet during the trial. (#257- 
260): 


COMPARET: “If you wanted to treat one with typhoid for instance wouldn't you have to set the machine 
so that it would be on a particular frequency.” 


HOYLAND: “No, the machines were made so that they varied over a band of frequencies.” 


COMPARET: “That band used for the treatment of each disease was different from other bands for 
other diseases, wasn't it?”. 


HOYLAND: “The whole list of bacteria that the machine was treating was divided into four bands.” 
The next two photos, shown below, are of the tuning eye and the amplitude control. The photo, 


on the left, is from the May 1938 instrument. The photo, on the right, is our original Beam Ray Clinical 
instrument. Above the amplitude dial on the photo of the May 1938 instrument is the tuning eye. 
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On our instrument you can see that the tuning eye was removed. Notice that you can still see 
the outline of the tuning eye mounting ring. On the May 1938 instrument the amplitude dial went from O 
to 100 and adjusted the audio frequency modulation. On our instrument the amplitude dial also goes 
from O to 100 and adjusts the modulation of all the audio frequencies. This modulation is not a true 
(AM) amplitude modulation. It is more of a pulse width modulation. 


The next two photos, shown below, are of the milliamp meter that goes to 300 and the ray tube 
hookup. The photo below, on the left, is the May 1938 instrument. The photo, on the right, is our instru- 
ment. 





Until the discovery of our Rife Ray #5 or Beam Ray Clinical instrument we did not know exactly 
where the fixed RF tank coil was located. We thought it was probably behind the milliamp meter but 
now we know this is exactly where it was located. 


The next two photos, shown below, are of the plaque. The first photo is of the May 1938 instru- 
ment. The second photo is our instrument. These photos show where the original plaque was on the 
instrument. 
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The plaque read; “Property of the Rife Research Laboratory, Designers and Builders.” On our 
instrument the plaque is missing but you can still see the four mounting screws that held the original 
plaque. Since this plaque had Dr. Rife's name on it this could have caused the doctor problems. So he 
may have removed it in order to avoid the machine being called a “Rife Machine.” 
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In the next two photos, shown below, you can see the “Filament”, “Sweep” and “Output” 
switches. The first photo is of the May 1938 instrument. The second photo is our instrument. On our 
instrument the sweep plaque was removed and the switch was replaced with a red light that indicated 
that the instrument had power. 


* FILAMENT °. Oyrer 


@ 





This is where the power indicator light was put on almost all of the instruments built during the 
1940's and 1950's. The filament switch turned on the power to the 866 rectifier vacuum tubes and the 
output switch turned on the power to the 809 main amplifier vacuum tube section. Turning on the 
power to the 809 tube would light the ray tube. Because of the accuracy problems (due to the old (RC) 
resistor capacitor audio oscillator) of the Beam Ray audio instruments the sweep switch was probably 
used to try and help solve this problem. The sweep switch appears to have been removed when the 
band switch was added. Above the output label on our instrument we see a 15 minute timer for setting 
the desired runtime for each frequency that was used. The Original 1938 Beam Ray Clinical instrument 
photo does not have a timer but Dr. Couche’s Beam Ray instrument shows his instrument had a timer 
on the front panel. Even the photo of the other Beam Ray Clinical instrument which was found inside 
our instrument has a timer built into it. These photos show that a timer was put in most all of the origi- 
nal Beam Ray instruments. The next photo, shown below, is a larger photo of the Rife Ray #5 or Beam 
Ray Clinical Rife Machine with the ray tube lit. 





The next photo, shown below, is of the inside of the Rife Ray #5 or Beam Ray Clinical instru- 
ment. The RF tank coil of our instrument was set at 3.80 MHz. The 809 was the main output power 
tube. There were two 866 rectifier tubes. 
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The audio section consists of 2 6F6G tubes and one 6SJ7 tube. All of the Philip Hoyland audio 
instrument designs built from 1936 through the 1953's AZ-58 resemble each other. Anyone looking at 
the different instruments can see that they are all built almost in the same way. Tubes may vary, such 
as the 812a eventually replaced the 809, but the workings of all the instruments are similar. Both this 
original Beam Ray Clinical instrument and Aubrey Scoon’s Beam Ray Replica instrument have Hewlett 
Packard sine wave audio oscillators. Mr. Peter’s and | was able to repair the audio oscillator and read 
the different frequency band settings. It was only a 25 watt 10,000 ohm resistor which had burned up 
that made it so this instrument would not work. 


The readings for this report was done with this original Rife Ray #5 or Beam Ray Clinical instru- 
ment . Also with Aubrey Scoon’s Rife Ray #5 instrument and the AZ-58 replica instrument that we built. 
They all work identically the same as the original instrument. This original Beam Ray Clinical instru- 
ment did not come with any paperwork which gave the dial settings for the various audio frequencies it 
used. This actually turned out to be for the best because we had no audio frequency data that could 
have stopped us from discovering how this instrument really worked on Dr. Rife's original high RF fre- 
quencies. 
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The Next photo, shown below, is the underside of our original Rife Ray #5 or Beam Ray Clinical 
instrument. The underside of the chassis shows both the audio section and part of the RF section. 





Now that we have an original Beam Ray Clinical instrument we know without any doubt that 
Philip Hoyland’s Clinical instrument design used audio frequencies and it modulated those audio fre- 
quencies onto a fixed RF carrier frequency. Dr. Rife and Philip Hoyland had an agreement that they 
would share evenly on the financial profits of the instruments. Philip Hoyland stated this when he was 
on the stand during the Beam Ray Trial: (Beam Ray Trial Transcript #505-507) 


HOYLAND: “Dr. Rife and | had always had the understanding that we shared evenly, as | had done all 
the development work.” 


COMPARET: “What do you mean by that.” 


HOYLAND: “/ had done all_of the building and designing of the machines other than the one original 
machine [Rife Ray #3 which consisted of the Kennedy equipment] that he had in his laboratory. | had 
brought that to a state where it could be carried around” [Rife Ray #4]. 


From these trial statements we know that all the designs were Philip Hoyland’s designs. When 
Hoyland built the audio instrument he built it on a completely different principle or method. Philip Hoy- 
land had changed the instrument to work on a different method which used harmonics. Dr. Rife be- 
lieved they were using the Rife Ray #4 RF frequencies along with harmonics. This was pointed out in 
the 1939 Beam Ray Trial (#1247-1250, 1278-1281): 


COMPARET: “Has the Plaintiff [Philip Hoyland] ever informed you that the machines that he designed 
and built for the Beam Ray were not operating on the same frequencies as your own?” 


RIFE: “They were supposed to be operating on the same with harmonics.” 
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COMPARET: “Did he ever tell you that there was a fundamental difference?” 
RIFE: “He said on one or two occasions that there was a difference in harmonics.” 


SAPIRO: “You say that the devices that were being built in the early part of 1938, the one that went to 
Dr. Couche and two that were in the lab were built on new harmonics?” 


RIFE: “They were built on a different principal, we have a given wave length and it can be produced in 
different ways, but it should be the same no matter how it is produced.” 


SAPIRO: “You knew that these machines were being built with that machine.” 
RIFE: “Yes” 
Philip Hoyland when he was on the stand was asked (#935-938, 953-958): 


COMPARET: “/ understand you say that the frequencies used in the machines put out by the corpora- 
tion were not set to the same frequencies as Dr. Rife’s machines [Rife Ray #4].” 


HOYLAND: “That is correct.” 


COMPARET: “Did you inform the board of directors of Beam Ray that the machine you built was not 
the same as Dr. Rife’s?” 


HOYLAND: “/ had spoken to them about it.” 

COMPARET: “Then it was during the period between September and November that you told Edwards 
at his home that the machines you were building were not putting out the same frequencies as Dr. 
Rife’s machines?” 

HOYLAND: “Yes.” 

COMPARET: “How did you explain that?” 


HOYLAND: “In the summer of 1936 | designed a new machine, or rather | checked it there at the lab 
[The Beam Ray Clinical instrument]. / had designed it in Pasadena, and we tested it out then and the 


frequencies were not the same as on Dr. Rife’s machine.” 
COMPARET: “Did you tell him how great the difference it was?” 
HOYLAND: “/ explained that there was quite a fundamental difference.” [Harmonic frequencies] 


Comparet when asked a question by Judge Kelly made this statement. (#2673 & 2685): 


COMPARET: “Hoyland has said that the design and the frequencies of the machine itself is not that of 
a Rife Ray m Ray machine, and that the machine Is in fact different. The company will have to have these ma- 


chines junked, must draw up new designs according to Dr. Rife’s ideas, must have Dr. Rife ok these 
designs, etc...Dr. Rife is not going to be a party to a fraud, and if the machines we sell are not the true 
Rife machines they are a fraud.” (Beam Ray Trial Papers). 


When Edwards was on the stand he stated. (41384-1385): 
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COMPARET: “Did Mr. Hoyland tell you at any time in the fall of last year that the machines he was 


manufacturing for Beam Ray corporation operated on a principle fundamentally different from Dr. Rife’s 
machine?” 


EDWARDS: “No, Mr. Hoyland told me at one time that Dr. Rife thought that he had the frequencies but 
he didn’t have them [Here Edwards is talking about the Beam Ray Corporation instruments not the Rife 
Ray #4 instrument because Philip Hoyland said, on the stand, that he gave the Rife Ray #4 frequen- 
cies to Dr. Johnson and Dr. Rife in 1935].” (Beam Ray Trial Papers). 


Philip Hoyland also stated this when he was on the stand. (#800): 


HOYLAND: “Regarding the frequencies of the machine [Beam Ray Corporation Clinical instrument], 
you will remember me telling you that the frequencies used are not the same ones on the Rife machine 
[The Rife Ray #4]. They [Meaning the Rife Ray #4 frequencies] were in the upper bands [139,000 to 
1,604,000 Hertz].” (Beam Ray Trial Papers) 


In a letter which he sent to Dr. Gonin in 1939, there are indications that Dr. Rife wanted the so- 
called harmonics removed: 


RIFE: “/ spoke only Friday evening to a Mr. John Chamblin, a radio man now connected with Beam 
Ray Inc., about the redesign and building of a device according to the old Rife Ray principles; as the 
present instrument has been so deviated away from that old principle that it is nowhere near the 
same...those devices which you have are merely working on a harmonic and not a true frequency; and 
in our research on electronics, we definitely know that there is no possible way of controlling electrical 
harmonics of a frequency.” (Letter from Dr. Rife to Dr. Gonin, May 14, 1939. Page 1 of 3). 


We have just read a lot of trial testimony about how this Rife Ray #5 or Beam Ray Rife Machine 
worked on harmonic frequencies. Also, in the trial testimony it is mentioned that these Beam Ray audio 
machines were tested in Dr. Rife’s lab to see if they would devitalize microorganisms. It was Philip 
Hoyland who made the tests using Dr. Rife’s organisms. These tests were also repeated again in Dr. 
Johnson's laboratory in the summer of 1936. From the documents we know that Philip Hoyland put a 
lot of work into this instrument and didn’t finish it until late 1936. Benjamin Cullen said Philip Hoyland 
spent a lot of time at the lab and stated the following in a taped interview in the 1950's: 


CULLEN: “Philip Hoyland was in there quite a lot...Hoyland developed some few items in the 
lab...Hoyland seemed to help quite a lot and he got into the bacteriology side with Rife a good deal be- 
cause Rife had so much to work out...he finally got to the point where he [Dr. Rife] had to delegate 
some of the work.” (John Marsh Rife CDs, CD 6 track 1). 


In the Beam Ray Trial manuscript we also read the following. (#91 & 93): 
COMPARET: “Were any experimental activities carried on in the lab?” 
HOYLAND: “Yes.” 

From the trial we learn that Philip Hoyland developed and tested his harmonic instrument in the 
lab. How could Philip Hoyland have tested it unless he put micro-organisms under the microscope? 
From the "Development of the Rife Ray" document we learned that: 

"During the fall of 1936 Dr. Couche of San Diego and Jack Free assistant to Commander Rife con- 


ducted a clinic with one of the frequency machines treating experimentally cases of carcinoma and se- 
nile cataract..." (Development of the Rife Ray and use in devitalizing pathogenic micro-organisms). 
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From the trial papers we learn that Philip Hoyland didn’t tell Dr. Rife what frequencies he was 
using in the instruments. Dr. Rife thought the instruments were using his frequencies (the upper band 
frequencies) but with harmonics because this is what Philip Hoyland told him. The information that we 
now have obtained from this original Rife Ray #5 or Beam Ray Clinical instrument shows that Philip 
Hoyland’s instrument was working on Dr. Rife’s principles and on his frequencies but in a different 
manner than Dr. Rife was lead to believe. This is the reason that the instrument worked so well. Philip 
Hoyland was still using Dr. Rife’s principle of coordinative resonance but hid the truth from Dr. Rife to 
protect his ownership interest. Philip Hoyland was a business man and Dr. Rife was not. 


The fact that these tests were done along with the fact that these instruments were used by 
many doctors with incredible results show that this instrument which used audio frequencies modulated 
onto an RF carrier frequency did devitalize microorganisms. Though Dr. Rife did not like the method of 
harmonic frequencies that Philip Hoyland used it was pointed out in the trial that Dr. Rife knew there 
were changes. Dr. Rife also didn’t think that these changes would make much of a difference as long 
as the instrument worked: (Beam Ray Trial Transcript #2700) 


SAPIRO: “Dr. Rife said that he knew there were changes made in his machine and that they were not 
changes that would make any difference. Dr. Rife is a genius but he didn’t know how to put the ma- 
chines in a form that could be used in offices of doctors. These machine are perfectly good, they are 
just the same as the [Dr.] Couche machine and the one that gave Mrs. Henderson such relief.” 


It was only with the release of the complete Beam Ray Trial manuscript and other Rife docu- 
ments; found in California a few years ago that we now know why Dr. Rife continued to have this style 
of instrument built even in the 1950's. Though Dr. Rife originally did not like Philip Hoyland’s Rife Ray 
#5 or Beam Ray Clinical design instrument, because of the use of harmonics, he later tested it in his 
laboratory and found it would work as well as his original instruments that did not use harmonics. We 
will quote the complete letter since all of this information is important: 


RIFE: “My first association with Dr. Yale came through an organization known as the Beam Ray Corpo- 
ration. In order to acquaint you with the details of the formation of this corporation | shall bring in a little 
background. My assistant at that time [1934] in the laboratory was Philip Hoyland whom | met through 
Dr, Milbank Johnson M.D., Medical Director for the Pacific Mutual Life Insurance Company. | consid- 
ered Hoyland as a capable electronic engineer and brought him to my laboratory in Point Loma on AI- 
cott Street, San Diego, Calif. Hoyland became associated with a promoter named Hutcheson and Dr. 
James B. Couche M.D. They came to me with the idea or forming the Beam Ray Corporation to manu- 
facture and distribute the Frequency Instrument to the medical profession. | gave this considerable 
thought and came to the conclusion that if these instruments were manufactured and placed into the 
hands of legitimate and bonafide medical practitioners, my efforts, over a period of years would derive 
exceedingly more benefits, so | gave this corporation permission to manufacture these devices on two 
stipulated conditions (1) that they would adhere decidedly to the original basic principles of the Fre- 
quency Instrument and (2) that each Frequency Instrument would be thoroughly tested before delivery 
to determine its true devitalizing power and effect on pathogenic bacteria. And so they went ahead. 
Three instruments were built. The first two were shipped to England (unwired as Hoyland wanted a trip 
to England) and the third went to Dr. Hamer M.D. at the Paradise Valley Sanitarium and Hospital. Dr. 
Hamer was the superintendent there | believe. Hoyland was like many men with whom I have associ- 
ated over a period of years. In a short time he began changing the basic principles of these instruments 
according to his own ideas. About this time he became associated with Dr. Yale and Yale ordered and 
received another or the Fourth Frequency Instrument. Since | was out of the city or San Diego at the 
time, all of these devices were delivered without being tested by myself. 


At a much later period, | called on Dr. Yale at 333 Plaza in San Diego which was the address of his 
clinic at that time and told him that | did not feel that the Frequency Instrument had been calibrated 
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properly so that it would not work. In the interim, | became associated with another electronist by the 
name of Verne Thompson, of San Diego. Under my supervision, Thompson rebuilt Dr Yale's Fre- 
quency Instrument which | tested in my research laboratory on pathogenic bacteria and the Frequency 
Instrument proved effective. Then later at different times | had this instrument checked and found it 
lacking in its ability to devitalize anything. | later learned that Dr. Yale had ideas of his own and would 
have somebody change the Frequency Instrument to suit his individual whims. | will state here defi- 
nitely that | have never been associated in any way with Dr. Yale outside of the interest that | have 
taken in some of the patients of Dr. Yale.” (Letter written by Dr. Rife, March 22, 1958). 


This document shows that Dr. Rife, after the shutdown of Beam Ray Corporation, eventually 
tested Philip Hoyland's Beam Ray Clinical design and found that it would devitalize all the microorgan- 
isms it was tested on. This also confirms that Philip Hoyland's statement that he tested it out in the 
laboratory was a truthful statement. 


With this information taken from the Rife documents we now know why Dr. Rife considered the 
Beam Ray Clinical machine his instrument and knew it worked. Add to this the fact that all of the doc- 
tors who used it had a great deal of success with this Rife Ray #5 or Beam Ray Clinical instrument de- 
sign. This is why Dr. Rife, John Crane and John Marsh built this Rife Machine in the 1950's and called 
it the AZ-58. The only difference in the 1953 AZ-58 design was it only had a three band switch which 
covered a lower audio frequency range. Other than this change the 1953 AZ-58 was a replica of Dr. 
Couche's and Dr. Tully's original Beam Ray machine. In a letter dated July 6, 1956 this fact was 
pointed out: 


“The Frequency Instruments used by Dr. Tully and Dr. Couche were built in 1938 and do not apply to 
this code. However the Frequency Instrument currently built are a copy of these earlier Frequency In- 
struments and are labeled "For Investigational Use Only" at the present time.” (Application letter for ap- 
proval of device in compliance with California Pure Drugs Act. Page 2). 


This information that we have just read which shows that the 1953 AZ-58 was a copy of Dr. 
Couche's machine has more importance than it appears. We will explain why. The 1953 AZ-58's audio 
frequencies, which it used, were 10 times lower than the audio frequencies used in Aubrey Scoon’s in- 
strument. This correlation is important because it shows a direct link to the original Beam Ray Clinical 
instrument built by Philip Hoyland. This correlation shows that Dr. Couche's instrument used audio fre- 
quencies 10 times higher than the 1953 AZ-58. It also shows that Aubrey Scoon's Beam Ray Clinical 
replica instrument is also a replica or copy of Dr. Couche's Machine. This information now ties all these 
instruments together and shows that the original audio frequencies which came from Philip Hoyland 
and used in the Beam Ray Clinical instrument were the same audio frequencies used in Dr. Couche's 
machine and Aubrey Scoon's machine. This information also shows that these original audio frequen- 
cies were later lowered and used in the 1953 AZ-58 built by Dr. Rife, John Crane and John Marsh. 
Now we can understand why this letter showing that the 1953 AZ-58 is a copy of Dr. Couche's machine 
is So important. It ties all these machines together. 


Since we now know the history of this instrument and that this instrument worked on Dr. Rife's 
frequencies we will go back to the harmonic method used by Philip Hoyland. From the documents that 
we have read we know that Hoyland's machine worked on harmonics. The problem with the Beam Ray 
instrument is it has to be built a certain way in order for it to work on the correct harmonics. It was from 
the analyzing of this original Beam Ray Clinical instrument that the mystery of how it worked was dis- 
covered. We will show how it worked after we read another important quote. Bertrand Comparet, Rife’s 
attorney who eventually defended Dr. Rife against Philip Hoyland in the 1939 Beam Ray trial said this 
about Philip Hoyland’s Beam Ray Clinical instrument: 
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COMPARET: “Well, none of us know enough about it. Now, | remember at that time Rife saying that 
Hoyland had not used a simple straight forward circuit, as Rife had used, but he thought he had a short 
cut, through use of harmonics and so on, and Rife had no faith in Hoyland’s circuit”. (1970’s Bertrand 
Comparet interview #28). 


This statement by Bertrand Comparet and all the quotes we have read sums up Dr. Rife and his 
Beam Ray business partners understanding of how this instrument worked on harmonic frequencies. 
Anyone can see that only Philip Hoyland knew how this machine really worked and he would not reveal 
the secret to anyone. 


This confusion of how the instrument worked still remained throughout the building of the 1940's 
and 1950's Beam Ray replica instruments and even up until the present day (2010). It appears from 
the Beam Ray Trial testimony that Dr. Rife and the other owners of Beam Ray Corporation really didn’t 
know how this instrument worked. The trial testimony shows that Philip Hoyland would not tell anyone 
in the Beam Ray Corporation the frequencies used with the Clinical instrument or explain how it worked 
on harmonics. John Crane and John Marsh who worked with Dr. Rife didn’t understand how it really 
worked either. If Dr. Rife had really known how it worked then he would not have allowed John Crane 
and John Marsh to have a variable RF carrier frequency in the instrument. Having a variable RF car- 
rier, in and of its self, is not the problem. Having a variable RF carrier frequency would be a good thing 
as long as you also understand that the audio frequencies have to be correctly matched to the RF car- 
rier frequency in order to produce Dr. Rife's higher harmonic M.O.R. frequencies. The problems came 
about because John Crane and John Marsh did not have this understanding. The reason why John 
Crane and John Marsh put a variable capacitor in the instrument was so that they could tune the RF 
carrier frequency in order to make the ray tube brighter. By doing this it also made it so they could 
change the RF carrier frequency from about 4.9 MHz to about 2.2 MHz. This change showed that they 
did not understand how the instrument worked. They mistakenly believed that the audio frequencies 
were the M.O.R.s. or the frequencies that would devitalize the microorganisms. They also mistakenly 
believed that the RF carrier frequency was not important. This belief shows without any doubt that they 
did not understand how the Beam Ray Clinical instrument worked. If they had really understood how it 
worked they would have never called any of the audio frequencies M.O.R.s. 


At this point we need to explain a few things. Philip Hoyland had very good reasons why he 
wanted to hide how this new Rife Ray #5 machine worked. He became Dr. Rife’s Engineer in 1935 
when he built the Rife Ray #4. In 1936 Philip Hoyland also began building the Beam Ray Clinical in- 
strument that would be sold in 1938 by Beam Ray Corporation. Philip Hoyland was worried about 
keeping the original frequencies a secret because he felt people would try to steal their technology. 
This concern of Philip Hoyland’s was not unfounded because Mr. Parsons of the British Group did try 
to steal their instrument. From the trial transcript we learn they had no way to patent the instrument be- 
cause everything they were doing was in public domain in regards to the frequency generating equip- 
ment. Even the frequencies themselves cannot be patented. Philip Hoyland felt that he had to come up 
with a way to keep anyone from finding out what the true frequencies were. So he built the instrument a 
different way using harmonics to hit the harmonic frequencies of the Rife Ray #4 and Rife Ray #3 Ken- 
nedy equipment. Until a genuine Beam Ray Clinical Rife Machine could be found and tested, we would 
never know for sure how Philip Hoyland generated and used the harmonics in his instrument. Even 
though we now know that Aubrey Scoon’s instrument is a Beam Ray Clinical replica no one knew for 
sure that it really was a genuine replica when he obtained it. This confusion and the lack of having the 
chronological history of when and what type of instrument was built made it very hard to find the truth. 


Not only would Philip Hoyland not tell anyone how his instrument worked he also would not let 
anyone know the new frequencies he was using. Everything he did hid the frequencies. In the Beam 
Ray Trial manuscript we read that he always used a code to give the frequencies. This code would 
work with the dials. No digital readout was available in those days like we have today. 
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Since no one was ever given the frequencies from Philip Hoyland this has led to many prob- 
lems. Some of the later Beam Ray Clinical instrument replicas have different audio frequencies and 
this also has led to a lot of confusion. Even John Crane was sending people different audio frequencies 
other than the standard set he used with the 1953 AZ-58. Because of the different audio frequencies 
used in these Beam Ray replicas we really didn't know which set of audio frequencies Philip Hoyland 
really used. So it was not possible to use any of these frequency sets and come to any reasonable 
conclusions. 


When we obtained this original Rife Ray #5 or Beam Ray Clinical Rife Machine, from Dr. Low, 
we had to put aside all the frequency lists and thinking of the past in order to figure out how the instru- 
ment worked. From everything we had read about Philip Hoyland’s instrument we had come to the con- 
clusion that the answer would be found in the math. However Hoyland came up with his idea it had to 
be a mathematical method. Like many others we tried to reconcile the audio frequencies as lower har- 
monics of Dr. Rife’s original high RF frequencies. But this proved not to be the case. We tested the fre- 
quencies that were used in Aubrey Scoon’s Beam Ray Clinical instrument and they didn’t match either 
as harmonics of Dr. Rife's original frequencies. We did the same with the AZ-58 audio frequencies and 
they didn’t match. We took the other audio frequencies that Crane had a list of and they also didn’t 
match. There is an instrument known as the 1947 instrument which we tried to reconcile with no suc- 
cess either. With all these audio frequencies only a few were close harmonic matches. If all these au- 
dio frequencies were true harmonics of Dr. Rife’s original high RF frequencies then they should have 
harmonically match up, but they did not. 


Once we put all this aside and began to analyze this instrument we found out how it worked. 
This Beam Ray Clinical instrument is truly a harmonic instrument and works on harmonic frequencies 
of Dr. Rife's original frequencies which he found. Philip Hoyland was telling the truth when he told Dr. 
Rife that the instrument was working on harmonics. The only thing was Philip Hoyland would not tell 
exactly how this was being done. The fact that both the audio frequency and the RF carrier frequency 
were sine wave did not make it easy to understand how it worked. How could it be a harmonic instru- 
ment when it used a sine wave waveform for both the audio and the RF frequencies? The 1953 AZ-58 
Beam Ray Clinical replica worked on square wave audio frequencies and the harmonics came from the 
square wave waveform. But this is not how the Beam Ray Clinical instrument was suppose to work. 


The 1950’s square wave method has been used ever since the 1950's. But how can an instru- 
ment that uses sine wave audio frequencies be a harmonic instrument? With this understanding we 
knew that the audio frequencies could never be the true M.O.R.s. But how did they work in the instru- 
ment to produce Dr. Rife's M.O.R.s? The harmonic square wave method has been an accepted 
method for many years. For many years almost everyone has understood and has generally accepted 
that you can take a square wave audio frequency and the harmonics it creates and hit a higher fre- 
quency M.O.R. through those harmonics. These audio frequencies are usually many hundreds of har- 
monic steps lower that the higher M.O.R. frequency. This harmonic method must be kept in mind as 
well as the fact that not once, but several times, in the Beam Ray Trial manuscript and other docu- 
ments everything said about this machine showed that it was using the harmonic method. We must re- 
member that Dr. Rife said that he believed that many of his frequencies were sub-harmonics of a 
higher frequency. He said if we knew the true higher frequency it may even work better. Because of 
how this instrument works it is logical to conclude that Philip Hoyland understood this concept and ap- 
parently found through testing that all of Dr. Rife’s frequencies were sub-harmonics of higher frequen- 
cies. With this understanding he built the Rife Ray #5 or Beam Ray Clinical instrument. Philip Hoyland 
was being truthful when he said that this machine was using harmonics. With all this knowledge from 
the Trial testimony and the Rife documents we how have a good understanding of the facts behind this 
new instrument design. Here is what we found when we analyzed the Beam Ray Clinical instrument. 
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The graph, below on the left, is of the harmonics from the 3.80 MHz RF carrier frequency com- 
ing out from the ray tube of our original Beam Ray Clinical instrument. It was taken using a PicoScope 
3205 spectrum analyzer. The first photo, below on the right, with the black waveform comes from Dr. 
Rife’s 1936 lab film. The photo to the right of that photo is an oscilloscope reading that we took of the 
waveform of the Beam Ray Clinical Rife Machine. You will notice the similarity of the waveforms. All 
the M.O.P.A. (Master Oscillator Power Amplifier designs used by Philip Hoyland) RF carrier waveforms 
we have tested look like this. When you put a non harmonic sine wave into a ray tube you will always 
see a distortion of the sine wave which will produce both odd and even harmonics through the ray tube. 
This is the reason the sine wave looks distorted. 
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The graph, below on the left, is of a pure 2000 Hertz sine wave frequency. The oscilloscope 
photo, below on the right, shows a 2377 Hertz sine wave waveform coming from the audio oscillator of 
the original Beam Ray Clinical Rife Machine. The small photo shows it after it goes through the ray 
tube. You will notice that it almost looks like a square wave, but it is not. The circuit creates this wave- 
form. 

Beam Ray sine wave audio Beam Ray modulated sine 
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The next two graphs we will look at are on the top of the next page. The graph, on the left, was 
before modulation. The graph, on the right, during modulation. When we modulated 40,000 Hertz ona 
harmonic sine wave 3.80 MHz RF carrier frequency this is what the PicoScope spectrum analysis 
showed coming out of the ray tube. This was interesting to see. Not only did it create sideband fre- 
quencies 40 thousand Hertz above and below the harmonic RF 3.80 MHz carrier frequency but it cre- 
ated many harmonic sidebands every 40,000 Hertz. These harmonic sidebands covered a large fre- 
quency range of hundreds of thousands of Hertz. 
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Below are two more graphs showing a closer view of these sidebands that were created from 
one audio frequency. The graph, below on the left, is with a 50,000 Hertz sine wave frequency. The 
graph, below on the right, is with a 100,000 Hertz sine wave frequency. This was done with a harmonic 
sine wave 2.4 MHz RF carrier frequency so you can see a closer view of these sidebands. When we 
saw this we knew there was only one way this Beam Ray Clinical Rife Machine could work on Dr. 
Rife’s frequencies and principles. We will now explain how Philip Hoyland’s Rife Ray #5 or Beam Ray 
Clinical instrument worked using a fixed RF carrier frequency of 3.80 MHz and a variable audio fre- 
quency. Philip Hoyland knew from working with Dr. Rife that his frequencies or M.O.R.s. were sub- 
harmonics of true higher frequencies. Understanding this must have given him the idea of how to build 
the new Rife Ray #5 or Beam Ray Clinical instrument. If we also understand this concept, that all fre- 
quencies have lower and higher harmonic frequencies, is half the key to understanding how Philip Hoy- 
land made this machine work. What Philip Hoyland did was multiply Dr. Rife's original M.O.R. frequen- 
cies up in harmonic steps until he had the highest harmonic frequencies closest to 3.80 MHz. From the 
Beam Ray Trial quotes we know that Dr. Rife was told by Philip Hoyland that this Beam Ray Clinical 
machine was working on his frequencies with harmonics. What Philip Hoyland would not do is clarify 
exactly how it was working on harmonics of Dr. Rife's frequencies. Philip Hoyland also stated that his 
frequencies were not the same frequencies as Dr. Rife's frequencies. He was being truthful when he 
said this but what he would not reveal is the fact that his frequencies were exact harmonics of Dr. Rife's 
frequencies. 
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To clearly explain how Philip Hoyland used Dr. Rife's frequencies to come up with his new fre- 
quencies which were to be used in the Rife Ray #5 or Beam Ray Clinical instrument we will use the 
Rife Ray #4 frequency for Streptothrix as an example. That frequency was 192,000 Hertz. Philip Hoy- 
land multiplied 192,000 Hertz by 20 times which will give you the 20th harmonic frequency at 3,840,000 
Hertz. Since the RF carrier frequency of the Beam Ray Clinical instrument was fixed at 3,800,000 Hertz 
the difference would only be 40,000 Hertz between the two frequencies. This method of multiplying Dr. 
Rife's frequencies up in harmonic steps and using those frequencies was an ingenious method used by 
Philip Hoyland. Even though this was an igneous method it is only half the mathematical equation. The 
second half of the mathematical equation is probably even more ingenious than the first part. 
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Philip Hoyland then put into this Beam Ray Clinical instrument an audio oscillator. We must 
keep in mind that none of Dr. Rife's frequencies that were transferred from the Rife Ray #3 to the Rife 
Ray #4 and then to the Rife Ray #5 or Beam Ray Clinical instrument were audio frequencies. The au- 
dio oscillator was put into this instrument to accomplish the second half the mathematical equation. Us- 
ing the audio oscillator all Philip Hoyland had to do was use an audio frequency of 40,000 Hertz. The 
40,000 Hertz frequency would then create what are called sideband frequencies. These sideband fre- 
quencies would be created by the 40,000 Hertz both above and below the RF carrier frequency being 
used. The first upper sideband frequency would then be 40,000 Hertz above the RF carrier frequency 
and hit the harmonic M.O.R. frequency of Streptothrix at 3,840,000 Hertz. This method of using side- 
bands was the second half of the mathematical method used by Philip Hoyland in this Beam Ray Clini- 
cal instrument. Now for further clarification of these sidebands, as shown in the photo on the previous 
page, which extend out many times above and below the RF carrier frequency depending on the audio 
frequency which is used. They are like pickets on a fence and every picket represents a harmonic side- 
band created from the audio frequency. These harmonic sidebands are part of the harmonics that the 
Rife Ray #5 or Beam Ray Clinical instrument used. So Philip Hoyland took Dr. Rife's frequencies and 
multiplied them up in harmonic steps as close as he could get them to the fix 3.80 Megahertz RF car- 
rier frequency. Then these new higher harmonic frequencies of Dr. Rife's original frequencies then be- 
came Philip Hoyland's new M.O.R. frequencies which he would not reveal to Dr. Rife or any of his 
Beam Ray Corporation partners. Next he then used harmonic sidebands to hit those new higher fre- 
quencies. 


Though Philip Hoyland's new frequencies were harmonic frequencies obtained from Dr. Rife's 
original frequencies they did not create harmonics in the Beam Ray Clinical instrument. The harmonics 
came from the RF carrier frequency and the harmonic sidebands created from the audio frequencies, 
which Philip Hoyland used. By using both of these methods combined into and instrument Philip Hoy- 
land could then say that the Rife Ray #5 or Beam Ray Clinical instrument was a harmonic instrument 
capable of outputting Dr. Rife's frequencies. His method was truly a harmonic method but he kept it as 
a secret form Dr. Rife and the other owners of the Beam Ray Corporation. The sideband method that 
Philip Hoyland used was the new cutting edge of electronic technology back in 1936. There would be 
very few people who could understand what Philip Hoyland was doing unless it was fully explain to 
them as we have explain here. 


We will now explain Philip Hoyland's method further so that there can be no misunderstanding. 
But first what needs to be pointed out here is this IMPORTANT fact which came from the analyzing of 
this Beam Ray instrument. Neither the harmonic 3.80 MHz RF carrier frequency nor the audio frequen- 
cies will do anything by themselves. But when the harmonic 3.80 MHz RF carrier frequency and the 
audio frequencies are combined together they will produce many sideband frequencies. And one of 
these sideband frequencies will line up with the true higher harmonic Rife M.O.R frequency and devital- 
ize or render harmless the harmful microorganism. To re-emphasize this so that no one misunder- 
stands. If you just use the audio frequencies by themselves you will get nothing. If you just use the 3.80 
MHz RF carrier frequency without the audio frequencies you will get nothing. The audio frequencies 
used in this instrument must have the RF carrier frequency of 3.80 MHz or they will not produce Dr. 
Rife's frequencies. This is the reason the 1953 Beam Ray Clinical instrument called the AZ-58 did not 
work properly. In that instrument they were only using the audio frequencies without correctly matching 
them to the RF carrier frequency. In other words they were not using the sideband method that Philip 
Hoyland originally developed to be used in this style of instrument. 


We know that Philip Hoyland was trying to hide the true M.O.R. frequencies of the organisms 
from anyone who used the equipment. Twice in the Beam Ray Trial it was mentioned that Dr. Rife had 
no ability to patent the Rife Ray tube instrument. The only secret was the frequencies and Philip Hoy- 
land was trying to protect his and Beam Rays interests. The third and final secret that Hoyland used to 
hide the M.O.R. frequencies will now be explained. Keeping the harmonic sideband method in mind 
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Philip Hoyland could have just divided the 40,000 Hertz by two and used a 20,000 Hertz audio fre- 
quency. Then you would have one upper sideband at 3,820,000 Hertz and the second upper harmonic 
sideband at 3,840,000 Hertz. The 3,840,000 Hertz sideband would hit the 20th harmonic of 192,000 
Hertz. Philip Hoyland could have divided it by three and used a 13,333 Hertz frequency. He also could 
have divided it by 4 and used a 10,000 Hertz frequency. If he would have divided it by five he could 
have used an 8,000 Hertz frequency. Divided by six he could have used a 6666 Hertz frequency. 


We could go on but anyone can see the many variable frequencies that could have been used 
to create the correct sideband frequency. Also, because of the “one tenth of one meter” factor that Dr. 
Rife mentioned you could add a few Hertz to each frequency without changing the frequency enough to 
make it so it would not work. This means you could change the 6,666 Hertz to 6,669 Hertz just to make 
things a little more confusing. By using this method Philip Hoyland could use many different audio fre- 
quencies to produce which ever number of sidebands he wanted to use. This would make it impossible 
to figure out which sideband was hitting the M.O.R. frequency that would devitalize the organism. By 
using this new method of using higher harmonic frequencies of Dr. Rife’s original frequencies and then 
using harmonic sideband frequencies Philip Hoyland was able to build a machine that would hide the 
frequencies from anyone. Philip Hoyland's method as anyone can see was ingenious. 


We know that Philip Hoyland's method worked very well except that the technology of the mid 
1930's did have a few drawbacks. Dr. Couche said that he had to sweep the frequency dial in order to 
get his instrument to work consistently. This is understandable since the 3.80 MHz RF carrier fre- 
quency will wander in a sweeping motion five hundred to one thousand Hertz up or down from the fixed 
RF carrier frequency. The audio frequency oscillator also varied. Bertrand Comparet in his 1970's inter- 
view Said this about the Beam Ray Clinical instruments inherent frequency drift: 


COMPARET: “Well, as they warmed up they'd shift frequency...Now, whether this was Hoyland’s in- 
ability to do better, or whether it was just inevitable in those days, | don’t know, but Hoyland’s devices 
did have that frequency shift as they warmed up. So, they had their problems. Now what Couche did, 
see, he would have cases where he would get an instantaneous cure, like that, and other times when 
the treatment just didn’t produce any results, because of the frequency shift. So, he would start in, he 
had from Rife (Hoyland dial settings) a set of the frequencies for several different diseases and he 
would tune it deliberately to one side of that frequency and then gradually tune it across to the other 
side making sure that somewhere in the process he crossed the correct frequency, even if the instru- 


ment wasn't exactly in tune anyway. Well, when they hit the exact frequency they got amazing re- 
sults.” (1970's Bertrand Comparet interview #10). 
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Again if you look at the first graph, above on the left, you will also notice that there are harmonic 
frequencies created from the 3.80 MHz RF carrier frequencies at 7.60 MHz and 11.40 Megahertz. 
These sideband frequencies as shown in the above graph, on the right, are created not only for the 
3.80 MHz RF carrier frequency but its entire harmonics. These harmonics continue all the way up to 
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about 12 MHz with reasonable power. This creates an interesting effect and shows that all the harmon- 
ics of 192,000 Hertz are being hit over the whole spectrum of about 12 Megahertz. This is probably 
why this Beam Ray harmonic instrument worked as well as it did, when they hit the correct frequency. 
This Rife Ray #5 or Beam Ray Clinical machine was definitely a harmonic instrument as Philip Hoyland 
had stated. It may have even exceeded Philip Hoyland's original concept. 


Now going back to the audio frequency method of creating the sidebands that Philip Hoyland 
used. No one could ever determine the 20th harmonic frequency of 3,840,000 Hertz or the original Rife 
Ray #4 frequency of 192,000 Hertz using this method. The secret of the Beam Ray Clinical instrument 
and the frequencies that would devitalize the microorganisms could never be figured out unless you 
had the original Rife Ray #4 frequency of 192,000 Hertz. Only a spectrum analysis of this instrument 
made it possible to figure out what Philip Hoyland was doing. Without this modern technology a person 
would have to be very knowledgeable about how frequencies and their harmonics worked. 


The fact that it has taken this long, almost 75 years, to figure out how this Rife Ray #5 or Beam 
Ray Clinical Rife Machine worked is proof enough that the secret was well hidden. As pointed out ear- 
lier, Philip Hoyland would never tell anyone how this instrument really worked. If anyone changed the 
3.80 MHz RF carrier frequency then the audio frequencies would not work. New audio frequencies 
would have to be calculated to match the new RF carrier frequency. Also, Philip Hoyland could have 
changed the audio frequencies any time he wanted for any machine in order to confuse anyone who 
had the equipment. Since the instrument that we obtained from Dr. Low is an original Beam Ray Clini- 
cal instrument then one would assume that its 3.80 MHz RF carrier frequency is the carrier frequency 
that was used with all the Beam Ray Clinical instruments. But we know that this is not the case be- 
cause they used a different carrier for other machines. None of the audio frequencies used in all the 
replica instruments from the 1940's to the 1953 AZ-58 match up to the 3.80 MHz RF carrier frequency. 
With this understanding we also have to assume that the audio frequencies used in this original Beam 
Ray Clinical instrument were different than the 1940's and 1950's instruments. Aubrey Scoon’s instru- 
ment had a 3.30 MHz carrier frequency so if his machine is a replica of one of the original machines, 
which it is, then the audio frequencies would logically have to be matched to its 3.30 MHz carrier fre- 
quency, which they are. 


The 1953 AZ-58 technical data shows that it used a 4.68 MHz RF carrier frequency. But when 
the variable capacitor was put into the AZ-58, in about 1956, the carrier frequency then became vari- 
able. This made is so Dr. Robert P. Stafford could change the RF carrier frequency to different carrier 
frequencies. In Dr. Robert P. Stafford’s “Electromagnetic Field Therapy” report he said the following 
about the carrier frequency they used on his patients with the 1953 AZ-58: 


DR. STAFFORD: “Radio Wave transmission is used as a carrier wave. We use between 3100 KC 
[3.10 MHz] and 3300 KC [3.30 MHz] (This does not appear to be a critical value). The carrier wave is 
modified with specific cycles per second modulations. We believe that the CPS [audio frequencies] is a 
critical value and it actually may prove to be the most important factor which this research may offer.” 


You will notice that Dr. Stafford did not think that the RF carrier frequency was critical. He clearly 
states that they believed it was the “CPS” or cycles per second of the audio frequencies which were the 
most important part of making the AZ-58 work. If the AZ-58 was going to work on the sideband method 
that Philip Hoyland developed then the RF carrier frequency and the audio frequencies had to be cor- 
rectly matched. John Crane and John Marsh at this time also did not think that the setting of the carrier 
frequency was important to make the instrument work properly. Dr. Stafford would have gotten his un- 
derstanding from them. We now know that the proper setting of the carrier frequency was important. 
The audio frequencies used with the AZ-58 should have been recalculated to match its 4.68 RF carrier 
frequency because its carrier frequency was different than Aubrey Scoon Beam Ray replica instrument 
carrier or our original Beam Ray Clinical instrument carrier frequency. When the math is done to check 
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the sidebands with the audio frequencies that were used with the AZ-58 it shows that those audio fre- 
quencies will not create the correct sideband spacing which will match up to the harmonic Rife Ray #4 
frequencies. This is probably why Dr. Robert P. Stafford could not get the AZ-58 to devitalize any of the 
microorganisms he was testing in the laboratory. Here are two of his statements: 


DR. STAFFORD: “Please excuse my format in the following letter for | intend to ramble a bit and forget 
strict grammatical dictum. | am writing you at this time partially because John Marsh informs me in a 
recent letter that you may be somewhat disheartened or at least worried about your role in the experi- 
mentations with the Rife Machine. Believe me, Dr. Edward | know how you feel for | too have been 
through this same feeling with this matter. | have observed clinical results after treatments with this 
gadget which | can scarcely believe myself. Yet, despite these good results, | have been confused by 
some rather simple failures such as a recent experiment which | conducted at Good Samaritan Hospi- 
tal where we used the machine to treat some cultures of Staph Aureus and Strept. Fecalis. In this work 
we failed to inhibit growth at all or influence the cultures with the Rife Rx. | sent the results to John 
Marsh and asked for clarification and to be very frank | am not satisfied with John’s excuse of the fail- 
ure as described by Dr. Rife. | am afraid I’m not a very good apostle for I’m getting some ideas myself 


on how this thing may work. | really wonder if this ultrasonic kills bacteria and virus at all or does it work 
like other forms of ultrasonic and merely stimulate the tissue in some unusual manner thereby improv- 


ing the circulation and secondarily enhancing the body’s defenses against infection...To summarize 
some of this rambling: | feel that the Rife Ultrasonic Therapy has a very definitely beneficial effect on 


the human (and canine) body...! furthermore feel that we, as doctors of medicine, using this machine 
must remain constantly alert to the condition of our patient and vary the Rx as indicated.” (Dr. Stafford 
letter to Dr. Jeppson April, 1 1958). 


DR. STAFFORD: “As yet, we have failed to “cure” any case of advanced, terminal malignancy. It ap- 
pears in several instances that we may have impressed the disease favorably, temporarily. It is difficult 


to rule out the psychological, morale booster effect to the terminal patient when some definitive effort is 
made again in his behalf. However, several improvements have appeared to be more physical than 
emotional...All the patients in the series were treated with the same frequencies (e.g., 728 - 784 - 880 - 


2008 - 2128). Perhaps these frequencies may be wrong, or only nearly correct.” (John Marsh Collec- 
tion, Dr. Stafford’s Report on using the AZ-58, page 4, www.rife.org) 


If the incorrect audio frequencies were used with the 3.10 MHz to 3.30 MHz RF carrier fre- 
quency what Dr. Stafford M.D. reported is exactly what would have happened. From Dr. Stafford’s 
statement we know that he did not think the RF carrier frequency was critical. If Dr. Rife had fully un- 
derstood how Philip Hoyland had designed the instrument he would have never allowed John Crane or 
John Marsh to put a variable capacitor in its circuit without recalculating the audio frequencies for the 
new RF carrier frequency they wanted to use. Also they would not have lowered the original audio fre- 
quencies by a factor of 10 times and used them. The AZ-58 would have had a new set of audio fre- 
quencies correctly match to the new 4.68 MHz RF carrier frequency it was originally given in 1953. The 
new set of audio frequencies would then have been the correct audio frequencies that would create the 
proper sideband spacing. Dr. Rife would have also made sure that Dr. Stafford knew that the carrier 
frequency was critical. If John Crane and John Marsh really understood how this instrument worked 
they never would have wanted to change the 4.68 MHz carrier frequency. The 4.68 MHz RF carrier 
would have been a good carrier frequency if they would have used the correctly matched audio fre- 
quencies. 


It is obvious they never really understood how the instrument worked or how the audio frequen- 
cies interacted with the carrier frequency to produce the M.O.R.s. which would devitalize the organ- 
isms. They, like us, were under the false belief that the audio frequencies they were using were the 
M.O.R.s. They unknowingly promoted this idea because Philip Hoyland would never tell anyone how 
the instrument worked. We know that Dr. Rife knew that this Beam Ray Clinical machine somehow 
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worked on his frequencies with harmonics but it is apparent that no one but Philip Hoyland really un- 
derstood how the instrument worked on the harmonic sideband method. 


With the new variable capacitor that John Crane and John Marsh put into the AZ-58 they could 
change the RF carrier frequency from about 2.40 MHz to about 4.90 MHz. Dr. Stafford told me person- 
ally, when | talked to him, that it did not make any difference which carrier frequency he used, they all 
worked the same. We will probably never know the full story of how these mistakes were made but it is 
obvious that no one but Philip Hoyland had the proper understanding of how the instrument worked. 
Since the AZ-58 used the square wave harmonics method rather than the harmonic sideband method 
it would have been better if Dr. Rife, John Crane and John Marsh had used a true lower harmonic fre- 
quency of the Rife Ray #4 frequencies, but they didn't. Using the correct sub-harmonic audio frequen- 
cies derived from the higher Rife Ray #4 RF frequencies would have been a better approach. Those 
Rife Ray #4 sub-harmonic audio frequencies used with the square wave harmonics method, probably 
would have worked better than the incorrectly match 1950's audio frequencies they were using in the 
AZ-58. We should do the same today with our frequencies. 


All that we have discovered with the analyzing of this original Rife Ray #5 or Beam Ray Clinical 
instrument reveals that the audio frequencies used with this equipment are not Dr. Rife’s true M.O.R.s. 
They are just the frequencies needed to produce the proper sideband spacing in order to hit the correct 
higher RF harmonics of Dr. Rife’s original M.O.R. frequencies. If the audio frequencies were the fre- 
quencies that would devitalize the microorganisms then logically all Dr. Rife’s frequencies would have 
been audio frequencies, but they are not. If these audio frequencies were Dr. Rife’s true M.O.R. fre- 
quencies then an RF carrier frequency would not have be needed and he would have never even 
needed to build a Ray Tube instrument. Dr. Rife would have been able to do all of his work with a sim- 
ple frequency generator that would have had a frequency range of only about 25,000 Hertz. But this is 
not the case. Dr. Rife always said that almost all his frequencies were in the upper bands which match 
the Rife Ray #4 frequencies which covered a frequency range from 139,200 Hertz to 1,604,000 Hertz. 
None of those Rife Ray #4 frequencies where audio frequencies. 


It is interesting to note that this Rife Ray #5 or Beam Ray Clinical instrument did not have a 
dedicated fixed audio pulsing circuit. This is also the case with the 1953 AZ-58. Aubrey Scoon men- 
tions a sixty Hertz feedback pulse into the circuit of his instrument but he could not determine if the in- 
strument was intended to work this way or if it was just a malfunction. When we built his instrument we 
could not get our instrument to work in the same manner as his did in producing this feedback, there- 
fore we believe that it most likely was malfunctioning and was not intended to work in that manner. 
Since this original Rife Ray #5 or Beam Ray Clinical Rife Machine that we obtained didn’t work in this 
manner either and none of the other replica instruments work this way we believe that our conclusion is 
correct. 


We know that Dr. Rife’s high RF frequency instruments such as the Rife Ray #3 and Rife Ray 
#4 used a fixed audio frequency pulsing circuit. This fixed audio frequency modulated the high RF fre- 
quency and was used to devitalize the organism. We have shown already in this report that this pulsed 
waveform was needed to devitalize the various microorganisms that Dr. Rife tested. The Beam Ray 
Clinical instrument did not use this circuit. The logical reason why it did not us this circuit is the modu- 
lated waveform created from the variable audio oscillator must have been sufficient to create the effect. 
The variable audio frequencies, which created the sidebands, would also pulse the waveform and this 
must have been sufficient to accomplish the same result. From this we can conclude that all that is 
needed is a modulated or pulsed waveform with the proper M.O.R. high RF frequency to devitalize mi- 
croorganisms. 
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In the photo, shown below, is the Rife Ray #5 or Beam Ray Clinical instrument waveform. It 
looks almost like a modulated square wave waveform but it is not produced with a square wave. This 
waveform is produced using a sine wave audio frequency. 
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The Beam Ray instrument uses sine wave audio frequencies modulated onto a sine wave RF 
carrier frequency. It is the unique design of the Beam Ray Clinical circuit that produces this waveform. 
The M.O.P.A (Master Oscillator Power Amplifier) circuit that Philip Hoyland used was built in a different 
manner than would normally be used. Instead of using one vacuum tube for the RF oscillator section 
and a second vacuum tube for the amplifier section he only used one vacuum tube for both sections. 


Because he used only one vacuum tube the circuit over oscillates and shuts off for half of the 
cycle. This shutting off for half of the cycle makes the waveform look almost like a square wave. This 
new waveform replaced the damped wave waveform that was used in the Rife Ray #4 instrument. In 
the 1953 AZ-58 Beam Ray Clinical instrument the variable sine wave audio oscillator was replaced 
with a variable square wave audio oscillator. Had they really understood how the AZ-58 instrument was 
really supposed to work on the harmonic sideband method they probably would not have made this 
change. Changing the waveform from sine wave to square wave did not change how the harmonic 
sidebands worked in the AZ-58. It only shaped the waveform in a true square wave waveform. The 
only real change that could affect the output of the instrument is not matching the audio frequencies 
with the new 4.68 MHz RF carrier frequency. It was this change that proved to be the biggest mistake 
they made. 


What must be kept in mind is the treatment frequencies were not the audio frequencies in the 
original Beam Ray Clinical instrument. It was the sideband frequencies created by the audio frequen- 
cies when match and combined with the 3.80 MHz RF carrier frequency that would create the M.O.R. 
treatment frequencies. We tested both sine wave and square wave with the spectrum analyzer and 
there was no change in the sidebands. But in the 1950's they were under the false assumption that the 
audio frequencies were the treatment frequencies. 


Variable Audio Frequencies 


Now we will discuss the variable audio frequencies used in the Rife Ray #5 or Beam Ray Clini- 
cal instrument. When we figured out how this instrument worked on harmonic sidebands we did not 
choose the optimum audio frequencies. We just used audio frequencies that would show how the in- 
strument worked. There are better audio frequencies that could be used for optimum performance to 
hit the Rife Ray #4 higher harmonic frequencies. In order to determine the audio frequencies that were 
used to create the sideband spacing frequencies we first had to determine the difference between the 
3.80 MHz RF carrier frequency and Hoyland's new higher harmonic M.O.R.s. which were derived from 
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Dr. Rife's original frequencies. In order to make it easier for the reader to understand the difference be- 
tween the RF carrier frequency and Dr. Rife’s higher harmonic frequency will be call that the 
“difference number” in this report. In most cases we divided, the difference number, by 5 but the BX 
was divided by 15. The BX M.O.R. higher harmonic frequency, based on the Rife Ray #4 frequency, is 
3,208,000 Hertz. This frequency is only the second higher harmonic of the Rife Ray #4 frequency of 
1,604,000 Hertz, so it will still work just as well as all the other frequencies. 


One must keep in mind that the modern square wave audio frequency harmonics are projected 
to hit frequencies hundreds of harmonics up. This Beam Ray instrument has far more power in its har- 
monic sidebands than any square wave harmonic has in it. And the Beam Ray instrument only has to 
go to the 15th lower sideband to hit the BX M.O.R. frequency, not hundreds of harmonics like a square 
wave harmonic would. This Philip Hoyland method would be far superior to using low square wave au- 
dio frequencies since the harmonics would all be 40 harmonic steps or less. 


So that you can better understand how this instrument worked we need to determine what RF 
carrier frequencies would be best to use with this Beam Ray Clinical instrument. Philip Hoyland would 
have also done these calculations back in the 1930's. The best RF carrier frequencies to use would 
always be calculated based on Dr. Rife highest original M.O.R. frequency. As an example the highest 
frequency that Dr. Rife used in the Rife Ray #4 was the BX cancer virus frequency of 1,604,000 Hertz. 
The best RF carrier frequency would be this 1,604,000 Hertz frequency multiplied by two which would 
be 3,208,000. So an RF carrier frequency in the 3.10 to 3.30 Megahertz range would be a good RF 
carrier frequency range. Dr. Couches’ Rife Ray #5 or Beam Ray Clinical instrument, built by Philip Hoy- 
land, used an RF carrier frequency of 3.30 MHz and Aubrey Scoon's instrument which is a copy of it 
also used a 3.30 MHz carrier frequency. The importance of this 3.30 MHz RF carrier frequency will be 
discussed later. The next best carrier frequency would then be three times this frequency which would 
be 4,812,000 Hertz. So a carrier frequency in the AZ-58 4.68 MHz range would also work very well. By 
using Dr. Rife’s highest M.O.R. frequency it is easy to see that the best RF carrier frequencies can be 
determined. We are sure that Philip Hoyland had this same understanding. 


Some of the following information was originally part of Chapter 8 but after restudying the Rife 
documents we found that this information, including the additional documents we found, actually be- 
longed in this chapter. This information confirms Philip Hoyland's use of higher harmonic frequencies 
obtained from Dr. Rife's original M.O.R. frequencies. 


When Dr. Johnson and Philip Hoyland were testing the first proto-type of the Rife Ray #5 or 
Beam Ray Clinical instrument in the summer of 1936 they had an interesting effect take place. At that 
time they were at Dr. Johnson’s laboratory testing different bands of frequencies on the various micro- 
organisms. Dr. Johnson wrote about what happened at his laboratory in a letter he sent to Dr. Gruner 
and Dr. Rife on November 4, 1936: 


DR. JOHNSON: “Last summer, in hunting for the M.O.R. for the other two reproductive forms of the 
cryptomyces pleomorphia, we ran into a new band of oscillations which introduced itself to us by killing 
all three forms - those that we called BX, our filter-passing form; then a transitional form such as you 
found in the monocytes in the blood; and then the third or highly developed form coming from the spo- 
rangius forming from the hyphas of the mycelium. At the same time that this new wave band arrived, 
we broke all the glass in the laboratory of a certain shape, not only in the room where we were working 
but in all the other rooms...we had been troubled a great deal with a mold because in the microscope 
room there were no windows, but this band not only destroyed that mold, which was growing on the 
leather objects in the room, but every bacteriological culture that we had in the laboratory! It cleaned us 
out completely so we had to start from scratch and replace our losses. In fact, we were all so surprised 


that we began to feel each other’s pulses to see if we were still alive. As no harm had been done to us, 
we proceeded to test the new band out on mice, rats, rabbits, guinea pigs and dogs. So far as we were 
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able to discover, it is not at all destructive or injurious to normal cell tissue. While we have been forced 
to modify our machine so as to produce this new band, still it is so much more effective clinically that 
we look upon it as a very advantageous discovery. However, our experience has forced us to do all of 
our experimenting with the new ray [Rife Ray #5 or Beam Ray Clinical instrument] completely outside 
of our laboratory building or abandon all form of bacteriological experiments, because it instantly kills 
them all.” (Letter from Dr. Johnson to Dr. Gruner (copy sent to Dr. Rife) dated, November 4, 1936). 


Dr. Johnson clearly points out in this letter that this was done with a new Rife Ray. Dr. Johnson 
had been using the Rife Ray #4 since the fall of 1935 on his patients but here he points out that they 
were using a new Rife Ray machine and that it was clinically more effective than the machine he had 
been using up until this time. In the Beam Ray Trial documents Philip Hoyland stated that he had built 
a new Rife Ray instrument in the summer of 1936: (Beam Ray Trial Transcript #956) 


HOYLAND: “In the summer of 1936 | designed a new machine, or rather | checked it there at the lab. | 
had designed it in Pasadena, and we tested it out then.” (Beam Ray Trial Papers #956). 


Also in another document called "Development of the Rife Ray" we have supporting evidence 
that a new Rife Ray was built in 1936: 


"In the early part of 1936 Commander Rife and Mr. Hoyland spent much time collaborating on revising 
some of the applications of the fundamentals of the instruments due to the advancement that had 
taken place in the application of electronics and it was found that the carrier wave used in the previous 
instruments could be eliminated. During the summer of 1936 further experiments were carried on, 
which resulted in an entirely new method of generating the desired frequencies and produced a con- 


stant input and output in the instruments.” 


With the Rife documents showing that Philip Hoyland built the new Rife Ray or Beam Ray Clini- 
cal instrument in the summer of 1936 we know that this was the machine that Dr. Johnson was refer- 
ring to in his letter. In that letter Dr. Johnson clearly states that during the summer of 1936 they had 
tested this new machine in his laboratory. Dr. Johnson’s statement also confirms Philip Hoyland’s 
statement given in the Beam Ray Trial documents that the machine was tested in the laboratory. The 
documents all support each other and show that it was the Rife Ray #5 or Beam Ray Clinical instru- 
ment that they were using which produced this amazing effect. In this same letter Dr. Johnson stated, 
not once, but twice that this work was done with the new Rife Ray machine. Here is his other state- 
ment: 


DR. JOHNSON: “/ can assure you that no one, not even myself, could help but be astounded at the 
results we are now obtaining with the assistance of our new machines and our new band of MOR’s.” 


This letter was written in November of 1936 a few months after the laboratory testing was com- 
pleted on this new Rife Ray machine. They now had built more than one of these new machines as 
pointed out by Dr. Johnson when he said “our new machines.” Again Dr. Johnson points out that this is 
a new style of machine and it has a “new band of MOR’s.” In the Beam Ray Trial documents Philip 
Hoyland’s complete statement reveals that he was using different frequencies than Dr. Rife: 


HOYLAND: “/n the summer of 1936 | designed a new machine, or rather | checked it there at the lab. | 
had designed it in Pasadena, and we tested it out then and the frequencies were not the same as on 
Dr. Rife’s machine.” (Beam Ray Trial Papers #956). 


This statement made by Philip Hoyland about the frequencies not being the same as Dr. Rife’s 
original frequencies is confirmed by Dr. Johnson. So Dr. Johnson's statement in his letter clearly shows 
that he understands that this new machine is using different M.O.R.s. than what Dr. Rife was originally 
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using in the Rife Ray #4. Dr. Johnson also points out that these new M.O.R.s are more effective than 
the original M.O.R.s found by Dr. Rife. Today we now know that these new M.O.R.s. that Philip Hoy- 
land was using were based on Dr. Rife’s original M.O.R.s. They were just higher, more powerful, har- 
monics of Dr. Rife’s original frequencies. From the Beam Ray Trial we know that Philip Hoyland stated 
that the frequencies he was using in this machine were not the same as the frequencies that Dr. Rife 
Originally found. This however does not change the fact that all Philip Hoyland did was multiply Dr. 
Rife’s original frequencies up in harmonic steps to use them with this new Rife Ray #5 or Beam Ray 
Clinical instrument. Without Dr. Rife’s original frequencies Philip Hoyland would have had nothing. 
Probably the most important fact is the higher harmonics seemed to work better at devitalizing the or- 
ganisms. As mentioned before, Dr. Johnson indicates in his letter that this new machine works better 
than any of the previous machines they had used up until that time (Rife Ray #3 and Rife Ray #4). His 
letter also shows that he is very impressed with the results they were obtaining with it. Another impor- 
tant fact we learn from this letter is Dr. Johnson now had the M.O.R. for the cryptomyces pleomorphia 
fungi. He had been trying to get Dr. Rife to find this M.O.R. for many months, without success, because 
Dr. Rife had developed eye problems and could not use his microscope. But now he had the ability to 
produce its frequency with the new machine. Another thing that Dr. Johnson pointed out was the fact 
that they had killed all the bacteriological specimens in his laboratory with the new Rife Ray machine 
and that they had to use it outside of the laboratory or it would kill all the new replacement specimens 
they had to obtain. 


Dr. Johnson in this same letter to Dr. Gruner said the following about this new Rife Ray machine 
which Philip Hoyland built: 


DR. JOHNSON: “We are having a great time out here. | have opened a clinic in the Pasadena Home 
for the Aged and am having excellent luck. Of course, what | am trying to do is to experiment with the 
effect of the Rife Ray on bacteria in vivo. Our laboratory work has demonstrated pretty conclusively 
what it will do in vitro. The clinic is held three mornings a week, Tuesday, Thursday and Saturday. Yes- 
terday | had eighteen patients. Among them were two cases of pulmonary tuberculosis, three cases of 
carcinoma, two cases of old chronic varicose ulcers of the leg, and sundry other cases of more or less 
definite infectious origins...1 certainly wish that you were here to work with me because | am afraid that 
even you, who know what we are trying to do, will not believe some of the yarns that | would have to 
tell you as to what Is occurring in the clinic without actually seeing them for yourself.” (Letter from Dr. 
Johnson to Dr. Gruner (copy sent to Dr. Rife) dated, November 4, 1936). 


Many people believe that Philip Hoyland’s Rife Ray #5 or Beam Ray Clinical machine was 
somehow inferior to Dr. Rife’s previous instruments in effectiveness in devitalizing microorganisms. But 
Dr. Johnson points out that this instrument was working better than any previous instrument they had 
used in the past. In another letter to Dr. Meyer, M.D. Dr. Johnson again talks about the effectiveness of 
this new Beam Ray Clinical machine: 


DR. JOHNSON: “/ am conducting a very interesting clinic three times a week with the Rife Ray, treat- 
ing about twenty two patients a session, and we are obtaining much valuable information from our 
work. We are encountering many physical problems in the production of the Ray, the greatest difficulty 
being to obtain uniform results from the apparatus which we have. At times the results of the Ray are 
absolutely astounding, causing an instantaneous sterilization of the wounds whether interior or exterior. 
But owing to the slight changes in the temperature of the room and apparatus, the same setting of the 
dials does not give us the same output, and hence our results are unsatisfactory. However, we believe 
now that we have developed it to a point where we can very greatly diminish the errors in output and 
substantially increase the beneficial results or the effect of the apparatus.” (Letter from Dr. Johnson to 
Dr. Karl F. Meyer dated, December 7, 1936). 
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Even with the calibration problems with the instrument Dr. Johnson was still impressed with how 
well the instrument was working. If Dr. Johnson only would have had the ability that we have today to 
measure the frequency correctly, rather that relying on dial settings, he would have always had consis- 
tent results. With modern technology we can accurately measure a frequency regardless of any 
changes that the climate may make. Dr. Johnson only had the dial settings to work with back in the 
1930’s. The limits of the 1930’s technology would have given him the problems he talked about in his 
letter. Even with the limits of the 1930’s technology Dr. Johnson stated they had solved many of their 
problems with the instrument and this helped them to obtain even better results. 


During this same clinic which Dr. Johnson was conducting he was also using this new Rife Ray 
on 30 cataract patients. In a letter that Dr. Johnson wrote to Dr. Joseph Heitger he stated the following: 


DR. JOHNSON: “/ closed my clinic on May 28, having been running it for eight months. Our special ef- 
fort this past winter has been working on cataracts, and while we have treated a number of other infec- 
tious conditions (if cataract is an infection), still our principal work has been on the eye. We have had 
about thirty cases of cataract...Every case that we have treated, with the exception of one which was a 
traumatic cataract where the lens was absolutely opaque and of recent origin, has been bene- 
fited...The application of the Rife Ray as we have used it , does, in the great majority of cases restore 
the full visual function of the eye; that is, that portion of the visual disturbance due to opacities in the 
lens. How it does it and why it does it, | do not know, but the above statement is an actual fact, sup- 
ported by many cases...Oh Lord; How | wish we could get together and go over this work! | believe it 
will result in epochal changes in the profession’s handling of cataract cases.” (Letter from Dr. Johnson 
to Dr. Joseph D. Heitger dated, June 1, 1937). 


In this letter to Dr. Heitger, Dr. Johnson again points out how well this instrument worked. In this 
letter he also talked about the calibration problems they were having with this new Rife Ray machine. 
The Beam Ray Clinical machine was known for its calibration problems. Even the Beam Ray Trial testi- 
mony and other documents show that this instrument had calibration problems. Eventually Philip Hoy- 
land divided the audio frequency range of the Beam Ray Clinical instrument into four bands. This 
helped but did not solve the problems completely. By the early 1940’s the audio oscillator was replaced 
by the new stable Hewlett Packard audio oscillator. This Hewlett Packard audio oscillator was far supe- 
rior to the original RC (Resistor Capacitor) style audio oscillator used by Philip Hoyland. Had they had 
a modern frequency counter they could have easily solved any of the calibration problems they had. 
Today if anyone builds this instrument they would want to have the ability to check the RF carrier fre- 
quency so that they will have consistent results. 


Next we will explain how this instrument had the ability to devitalize so many organisms as de- 
scribed by Dr. Johnson in his letter. He stated in his letter of November 4, 1936 that it was done using 
a “new band of oscillations.” This happened at the time they were testing this new Rife Ray #5 or Beam 
Ray Clinical instrument at Dr. Johnson’s laboratory. Since it was a proto-type machine we do not know 
what the original frequency range of the audio oscillator was when this happened. What we do know is 
the original Beam Ray Clinical instrument which we obtained from Dr. Low had four frequency bands 
which covered a frequency range from 160 Hertz to about 42,000 Hertz. Whether it was one of the 
lower bands or one of the higher bands we do not know. But this we do know, Dr. Johnson would have 
had this band put into the new instrument because he stated this: 


DR. JOHNSON: “While we have been forced to modify our machine so as to produce this new band, 


still it_is so much more effective clinically that we look upon it as a very advantageous discov- 
ery.” (Letter from Dr. Johnson to Dr. Gruner (copy sent to Dr. Rife) dated, November 4, 1936). 
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This statement from Dr. Johnson leaves no question that this band of oscillations was included 
in the new Rife Ray machine which eventually became the finished product that was sold by Beam Ray 
Corporation. Why this new machine was able to kill all the organisms that Dr. Johnson talked about is 
easy to explain since we now know how this instrument worked. If you look at the spectrum analysis 
graph, shown below, you can see the many sideband frequencies created by a single audio frequency. 





It has been said that a "picture is worth a thousand words." From this spectrum analysis graph 
of the Beam Ray Clinical machine we know it produced many sideband frequencies simultaneously, 
sometimes over 100. This explains how this effect happened. Dr. Johnson did not say that it was a sin- 
gle frequency that killed the organisms. He stated that it was a band of frequencies. By the word “band” 
we know that they must have been turning the frequency dial of the audio oscillator looking for a fre- 
quency that would kill the “two reproductive forms of the cryptomyces pleomorphia” organism. These 
two forms of this disease were found to be a factor in cancers and Dr. Johnson wanted the M.O.R. for 
these organisms. If the dial of this instrument was turned slowly, as they would have done, then they 
would have be sweeping the frequency. Even though you are only sweeping a single audio frequency 
you are also sweeping as many as 100 harmonic sideband frequencies simultaneously which were 
created by a single audio frequency. For an example we will explain how this works. It must be kept in 
mind that if you sweep an audio frequency in the Beam Ray Clinical instrument from 6000 Hertz down 
to 500 Hertz all of the RF sidebands produced from the RF carrier frequency will start with a distance 
of 6000 Hertz apart and as you sweep down to 500 Hertz these sidebands will slowly close until they 
are only 500 Hertz apart. During this sweep every frequency between these sidebands will be hit be- 
cause these sidebands are also all going in towards the RF carrier frequency. 


Not only are the sidebands closing and getting closer together but they are also moving in to- 
wards the RF carrier frequency completely overlapping each other. Both the upper sidebands and the 
lower sidebands produced by the audio frequency close in towards the RF carrier frequency. This pro- 
duces a large broadband sweep, with these many sideband frequencies, that can cover up to a one 
Megahertz or one million Hertz frequency range. This instrument would be very advantageous to use 
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on patients but in a laboratory setting it would be your worst nightmare because it could very easily kill 
all your specimens as described by Dr. Johnson: 


DR. JOHNSON: “experience has forced us to do all of our experimenting with the new ray completely 
outside of our laboratory building or abandon all form of bacteriological experiments, because it in- 


stantly kills them all.” 


We know that Philip Hoyland used at least two different RF carrier frequencies, 3.80 MHz and 
3.30 MHz, with his Beam Ray Clinical instruments. We also know from the Rife documents that Dr. 
Couche’s Beam Ray Clinical instrument RF carrier frequency was set to 3.30 MHz. The audio frequen- 
cies went from 1200 Hertz for Tetanus to 21,275 Hertz for the BX Cancer virus. These audio frequen- 
cies produced the correct sidebands which hit the correct frequency for each organism. It is easy to un- 
derstand that if all of Dr. Rife’s frequencies for the various organisms are covered over this range from 
1200 Hertz to 21,275 Hertz then a slow sweep over this range would cover all the organisms’ M.O.R.s. 
or frequencies. It is also logical to conclude that if any organism's frequency is located between about 
40,000 Hertz up to about 1.80 MHz it would also be hit at some point during this sweep. This is be- 
Cause any organism’s frequency could be multiplied up in harmonics so that it would be as close to 
3.30 MHz as you can get. With this understanding it would also be logical to assume that a sweep 
through that complete frequency range down to about 500 Hertz would cover all Dr. Rife’s M.O.R. fre- 
quencies both known and unknown. During the Beam Ray Trial it was pointed out that Dr. Rife had 
found the M.O.R.s. for about 40 more organisms that were not included in the Beam Ray Clinical Ma- 
chine. Here is that statement: 


HUTCHINSON: “There are about 40 frequencies discovered by Dr. Rife that have not yet been re- 
leased to the public, and have not been included in the machine.” (Beam Ray Trial Papers #1689) 


Those 40 frequencies could have been put into the Beam Ray Clinical machine had Dr. Rife un- 
derstood how Philip Hoyland built the machine using the sideband method. Though they were never 
put into the instrument using a dial setting this does not change the fact that the instrument could out- 
put those frequencies. Since they probably all would have been within this same sweep range then it is 
reasonable to assume that this same sweep range would also hit all of these organisms’ frequencies. 
This is why we said “All Rife’s M.O.R.s. both known and unknown.” 


If you wanted to cover an even larger frequency range you could sweep from 40,000 Hertz 
down to about 100 Hertz. The mathematical calculations show that to hit each organism’s M.O.R. with 
sufficient time a sweep should not cover more than 25,000 Hertz in 4 hours. One important fact that 
should be realized is when this sweep is done from 25,000 Hertz down to about 500 Hertz, or lower, 
each organism's frequency is hit more than 20 times. To understand how this is possible requires the 
understanding that when these sidebands close and move in toward the carrier frequency each organ- 
ism’s frequency is hit with multiple sidebands. To explain how this happens we will take the BX Cancer 
virus frequency of 21,275 Hertz as an example. It is the fourth lower sideband that first hits the BX 
Cancer virus frequency of 3,214,900 Hertz (1,607,450 X 2 = 3,214,900) when it hits 21,275 Hertz. The 
fifth lower sideband again hits 3,214,900 Hertz at 17,020 Hertz. The sixth hits it at 14,183 Hertz and 
the seventh at 12,157 Hertz. This continues on until each organism is hit by more than 20 sidebands. 


What has just been explained is why Dr. Johnson had the experience of this instrument killing all 
the organisms in his laboratory. Just a sweep through one of these four frequency bands with the 
Beam Ray Clinical instrument could wipe out a great many organisms because the sidebands would hit 
many organisms’ M.O.R.s one right after another. This is because there can be nearly 100 sidebands 
generated at the same time. 
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The reason we did not make a schematic for this original Beam Ray Clinical instrument is due to 
the fact that Aubrey Scoon's Rife Ray #5 or Beam Ray Clinical replica schematic is available and will 
build the same type of instrument. Aubrey Scoon’s instrument carrier frequency has been discovered 
even though his instrument was malfunctioning or had parasidic oscillations. He originally gave a 3.33 
MHz carrier frequency using an 812a tube. Then he made the wrong assumption and used an 809 
tube and replaced the 812a with the 809, but this did not eliminate the parasitic oscillations. The prob- 
lem with the instrument malfunctioning is what made it hard to determine the true carrier frequency. 
Without having the correct RF carrier frequency it makes it very hard to verify the audio frequencies it 
used. Having done a lot of work with this style of instrument and knowing how harmonics can shift the 
carrier frequency we decided to test a 3.30 MHz carrier to see if it was the correct frequency it used. 
This 3.30 MHz carrier frequency would have been a more logical choice to use especially when it 
comes to making the correct sideband frequencies. The results of that decision will be shown later 
when we take a look at Aubrey Scoon’s 1940's (actually 1950's) Beam Ray Clinical replica instrument 
built by Verne Thompson. 


On the next page is a chart showing the “Rife Ray #4 Frequencies” with their “Higher Harmonic 
Frequencies” along with the “Carrier Difference Frequencies” and the “1/10 tenth Of One Meter” men- 
tioned by Dr. Rife, converted to Hertz. Also included in this chart are “Beam Ray Clinical Frequencies” 
which are audio frequencies that would work with the Beam Ray Clinical instrument. It also includes 
“Aubrey Scoon’s Frequencies” for a comparison even though we have not yet examined Aubrey’s 
Beam Ray replica machine. After you have read about Aubrey Scoon’s instrument this information will 
be even more understandable. 


You will notice in the chart on the next page that many of the Beam Ray Clinical instrument au- 
dio frequencies, when divided with some numbers are very close to the audio frequencies used by Au- 
brey Scoon’s Beam Ray instrument. It is easy to see the correlation between these two machines and 
the sideband method used by Philip Hoyland to hit the proper high frequency M.O.R. harmonics of the 
Rife Ray #4 frequencies. There could be many more audio frequency sets depending how you divide 
the “*Carrier Difference Frequencies.” The best audio frequency set would be a list with the highest fre- 
quencies so that you have the lowest number of sideband harmonics. The reason for this is power 
loss: the more sidebands the less power in each sideband. The power loss after about 40 sidebands is 
so great, when looking on a spectrum analyzer, it is doubtful the sideband frequencies would work. 


As mentioned before the higher the audio frequency used the more power there is in the side- 
bands. For this reason we have put in the chart, shown below, a list of the optimum Beam Ray Clinical 
instrument audio frequencies to be used with a 3.80 MHz RF carrier frequency and a 40,000 Hertz au- 
dio oscillator. We did this since this original Beam Ray Clinical instruments oscillator went to just over 
40,000 Hertz. This would give the lowest number of sideband harmonics and the greatest power in 
each sideband. 


Beam Ray Clinical Instrument Sideband Sine Wave Audio Frequencies 





Anthrax 20, 800 Hz Streptococcus 33,303 hz 
B or E Coli Rod 23,500 Hz 40,000 Hz 


B or E Coli Virus 25,000 Hz Syphilis or Treponema 36,250 Hz 
BX Virus Carcinoma 39,467 Hz 28,000 Hz 
BY Sarcoma 237,000 Hz Tuberculosis Rod 36,667 Hz 


Spinal Meningitis 21,500 Hz Typhoid Rod 100 Hz 


Gonorrhea 36,000 Hz Tuberculosis Virus 222,500 Hz 
Staphylococcus 24,000 Hz Typhoid Virus 38,214 Hz 





The Beam Ray Clinical Instrument Sideband Sine 
Wave Audio Frequencies Based On A 3.80 MHz Carrier 
Microorganism Rife Higher *Carrier Number of Aubrey Beam Ray 


Ray #4 Harmonic Difference Sideband Scoon’s Clinical 
Frequencies Frequencies Frequencies Harmonics | Frequencies | Frequencies 








Actinomycosis or Strepto- 192,000 Hz 3,840,000 or 20th 40,000 Hz 7,870 Hz 10,000 Hz 
thrix 


faire «| vane [armaamooramm| aagoore [ome [= |__| aa 
orecarmad | azooone [aveaanowcan [ a7aoore [seve |e | amore | 7am 
ceorien | sone [aveammooraen | vemoore [aave [= [| saan 


Pneumonia or Spinal 427,000 Hz | 3,843,000 or 9th | 43,000 Hz 7,660 Hz 8,600 Hz 
Meningitis 


Staphylococcus Pyogenes 478,000 Hz 3,824,000 or 8th 24,000 Hz 76 Hz 3 7,270 Hz 8,000 Hz 
Aureus 
Streptococcus Pyogenes | 720,000Hz | 3,600,000 or5th | 200,000Hz | 173Hz 8,450 Hz 8,333 Hz 


6,600 Hz 6,591 Hz 


oe 


Typhoid Rod 760,000 Hz | 3,800,000 or 5th 192 Hz 6,900 Hz 100 Hz 


1,445,000 Hz | 4,335,000 or 3rd 535,000 Hz | 694 Hz 
wos woe ew re 


On page 93 you will find oscilloscope images of the original Beam Ray Clinical instrument. On 
pages 94 through 100 you will find the spectrum analyzer graphs showing the sideband frequencies for 
each organism using the Beam Ray Clinical instrument 3.80 MHz RF carrier frequency. These graphs 
show which sideband frequency is hitting the Harmonic Rife Ray #4 frequency that is closest to the 
3.80 MHz carrier frequency. These graphs show clearly how this instrument worked. 


18,620 Hz 38,214 Hz 


2,400 Hz 





On pages 101 and 102 are two charts that show the Rife Ray #4 frequencies and their M.O.R. 
harmonics so you can see the progression of harmonic frequencies as they go up in harmonics to the 
frequencies that were used by Philip Hoyland in this Beam Ray Clinical instrument. With these two 
charts you can do the same math that we did to determine the audio frequencies that will produce the 
proper sideband spacing. You will notice in the chart above called "The Beam Rays Clinical Instrument 
Sideband Sine Wave Audio Frequencies Based On A 3.80 MHz Carrier" that our list of audio frequen- 
cies for the Beam Ray Clinical instrument are in all four bands of frequencies. Philip Hoyland said: 


HOYLAND: “The whole list of bacteria that the machine was treating was divided into four bands.” 
(Beam Ray Trial Transcript #260) 


You will notice that Aubrey Scoon’s Beam Ray replica frequencies are only in three bands 
(bands 2, 3 and 4). This is because Dr. Rife's engineer, Verne Thompson, used a different audio oscil- 
lator with this instrument than the audio oscillator used in our original instrument. The first band which 
covered from 20 Hertz to 200 Hertz is not used since the lowest audio frequency was 1200 Hertz when 
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using a 3.30 Megahertz carrier frequency. In the original Beam Ray Clinical instrument we obtained the 
audio oscillator was also changed but the RF carrier frequency was 3.80 Megahertz. With this carrier 
frequency you will get one audio frequency that has to be in band one because it is so close to the car- 
rier frequency that only a frequency of less than two hundred Hertz will work. 


IMPORTANT INFORMATION: Many people have asked why the frequencies that were used to deter- 
mine how this Beam Ray Clinical instrument worked are different than those used with Aubrey Scoon’s 
Beam Ray replica instrument. The reason they are slightly different is this instrument was evaluated 
and analyzed first. It also used an RF carrier frequency which is different than Aubrey Scoon's instru- 
ment. It was the evaluating and analyzing of this instrument using the Rife Ray #4 frequencies that 
made it possible figure out Aubrey Scoon's Beam Ray Clinical replica instrument. It was the information 
that was obtained from this Original Beam Ray Clinical instrument that made it possible to obtain the 
most accurate frequencies from Aubrey Scoon's Beam Ray Clinical instrument. In the Beam Ray Clini- 
cal instrument the frequencies had to be calculated precisely or it would not work. The reason for this 
precision is, if you happen to be off 20 Hertz on the first sideband then the second sideband will be off 
AO Hertz. The error will continue to compounded with every sideband. It is easy to see that this simple 
small error would compound and make it so the instrument would not work. It is easy to see that 
though the instruments frequencies would wander a little the math to determine where the sidebands 
needed to be had to be exact. It was Philip Hoyland’s precise math that made it so we would have the 
most accurate frequencies for the various microorganisms. Philip Hoyland said, on the stand, in the 
1939 Beam Ray Trial that he tested the instrument in Rife's lab. His testimony revealed that he had 
tested the Beam Ray Clinical design using microorganisms to determine its effectiveness. Dr. Rife also 
tested this same instrument in his lab on micro-organisms in the early 1940's. So we know that this de- 
sign worked. 


Please read Chapter 11 of this report to understand how we obtained the most accurate fre- 
quencies from Aubrey Scoon's Beam Ray Clinical replica instrument. 


Chapter Summary: Dr. Rife's engineer, Philip Hoyland, not John Crane, was the first person to built 
the instruments that used audio frequencies and an RF carrier frequency. This instrument which was 
called the Rife Ray #5 or Beam Ray Clinical instrument was fundamentally different than the Rife Ray 
#3 and Rife Ray #4 instruments because it was built with a variable audio oscillator and a fixed RF 
Carrier frequency. It was the modulation of the audio frequency with the RF carrier frequency which 
produced Dr. Rife's higher harmonic M.O.R. frequencies which devitalized the microorganisms. This 
new method which Philip Hoyland developed used harmonic sideband frequencies produced by the 
audio frequencies to produce Dr. Rife's higher harmonic frequencies. Dr. Rife’s higher harmonic fre- 
quencies were the frequencies used in both the Rife Ray #3 and Rife Ray #4 instruments. 


Philip Hoyland built this Beam Ray Clinical instrument using this new method because Dr. Rife 
was not able to patent his equipment or his frequencies. The audio frequencies were not the frequen- 
cies that devitalized any microorganisms as many believe today. The audio frequencies had to be com- 
bined with the correct RF carrier frequency to produce the correct sideband frequencies or they would 
not produce Dr. Rife's frequencies which would devitalize the various microorganisms. Because Philip 
Hoyland hid how the Beam Ray Clinical instrument worked it resulted in John Crane and John Marsh 
believing that the audio frequencies were the treatment frequencies for the microorganisms. They in 
turn passed on this incorrect understanding of the audio frequencies which has lead to the current be- 
lief that the audio frequencies are the treatment frequencies. It was the analyzing of the original Beam 
Ray Clinical instrument obtained from Dr. Low which revealed how the audio frequencies produce Dr. 
Rife's original higher harmonic frequencies through harmonic sidebands. 


In Chapter 10 we will look at the next Rife Machine built by Philip Hoyland which was call the 
Beam Ray Laboratory instrument. 
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Oscilloscope Readings Of The Original Beam Ray Clinical Instrument 


3.80 MHz carrier frequency before ray tube. 3.80 MHz carrier frequency after ray tube. 


2,377 Hertz frequency from audio oscillator. 9,360 Hertz frequency from audio oscillator. 


18,630 Hertz frequency from audio oscillator. 40,980 Hertz frequency from audio oscillator. 


Original Beam Ray modulated waveform. Aubrey Scoon’s Beam Ray replica modulated waveform. 











Rife Ray #4 192,000 Hertz for Actinomy- 
cosis or Streptothrix. The 20th Higher 
harmonic frequency is 3,840,000 Hertz. 
The audio frequency used for the proper 
sideband spacing is 10,000 Hertz. The 
Ath upper sideband hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 139,200 Hertz for Anthrax. The 
27th Higher harmonic frequency is 3,758,400 
Hertz. The audio frequency used for the 
proper sideband spacing is 8,320 Hertz. The 
5th lower sideband hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 





94 


Rife Ray #4 417,000 Hertz for B or E 
Coli Rod. The 9th Higher harmonic fre- 
quency is 3,753,000 Hertz. The audio 
frequency used for the proper sideband 
spacing is 7,833 Hertz. The 6th lower 
sideband hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 770,000 for B or E Coli Vi- 
rus. The 5th Higher harmonic frequency 
is 3,850,000 Hertz. The audio frequency 
used for the proper sideband spacing is 
16,667 Hertz. The 3rd upper sideband 
hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 1,604,000 Hertz for the BX 
Cancer Virus. The 2nd Higher harmonic 
frequency is 3,208,000 Hertz. The audio 
frequency used for the proper sideband 
spacing is 39,467 Hertz. The 15th side- 
band hit the M.O.R. The greater the fre- 
quency difference from the carrier fre- 
quency to the M.O.R the weaker the 
sidebands become. The 15th lower side- 
band is about all you would want to have 
over a 592,000 Hertz spread. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 233,000 Hertz for Gonor- 
rhea. The 16th Higher harmonic fre- 
quency is 3,728,000 Hertz. The audio 
frequency used for the proper sideband 
spacing is 14,400 Hertz. The 5th lower 
sideband hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 427,000 Hertz for Spinal 
Meningitis. The 9th Higher harmonic fre- 
quency is 3,843,000 Hertz. The audio 
frequency used for the proper sideband 
spacing is 8,600 Hertz. The 5th upper 
sideband hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 478,000 Hertz for Staphylo- 
coccus Pyogenes Aureus. The 8th 
Higher harmonic frequency is 3,824,000 
Hertz. The audio frequency used for the 
proper sideband spacing is 8,000 Hertz. 
The 3rd upper sideband hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 720,000 Hertz for Streptococ- 
cus Pyogenes. The 5th Higher harmonic 
frequency is 3,600,000 Hertz. The audio 
frequency used for the proper sideband 
spacing is 8,333 Hertz. The 24th lower 
sideband hit the M.O.R. The smaller the 
difference between the M.O.R. frequency 
and the carrier frequency the greater the 
number of sideband frequencies that can 
be used with power. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 789,000 Hertz for Syphilis. 
The 5th Higher harmonic frequency is 
3,945,000 Hertz. The audio frequency 
used for the proper sideband spacing is 
6,591 Hertz. The 22nd upper sideband 
hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 234,000 Hertz for Tetanus. 
The 16th Higher harmonic frequency is 
3,744,000 Hertz. The audio frequency 
used for the proper sideband spacing is 
11,200 Hertz. The 5th lower sideband hit 
the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 369,000 Hertz for Tubercu- 
losis Rod. The 10th Higher harmonic fre- 
quency is 3,690,000 Hertz. The audio 
frequency used for the proper sideband 
spacing is 8,462 Hertz. The 13th lower 
sideband hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 760,000 Hertz for Typhoid 
Rod. The 5th Higher harmonic frequency 
is 3,800,000 Hertz. The audio frequency 
used for the proper sideband spacing is 
100 Hertz. The sidebands, when only 
200 Hertz apart, look like one frequency 
hit the M.O.R. 


Rife Ray #4 1,445,000 Hertz for Typhoid 
Virus. The 3rd Higher harmonic fre- 
quency is 4,335,000 Hertz. The audio 
frequency used for the proper sideband 
spacing is 38,214 Hertz. The 14th upper 
sideband hit the M.O.R. 


Philip Hoyland’s Beam Ray Clinical instrument 3.80 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Streptothrix Anthrax B or E Coli Rod B or E Coli Viurs BX Cancer Virus Gonorrhea Spinal Meningitis 
1 192000 1 139200 1 417000 1 770000 1 1604000 1 233000 1 427000 

2 384000 2 278400 2 834000 2 1540000 2 3208000 2 466000 2 854000 

3 576000 3 417600 3 1251000 3 2310000 3 4812000 2 699000 3 1281000 
4 768000 4 556800 4 1668000 4 3080000 4 6416000 4 932000 4 1708000 
5 960000 5 696000 5 2085000 5 3850000 5 8020000 5 1165000 5 2135000 
6 1152000 6 835200 6 2502000 6 4620000 6 9624000 6 1398000 6 2562000 
7 1344000 7 974400 7 2919000 7 5390000 7 11228000 | 7 1631000 7 2989000 
8 1536000 8 1113600 8 3336000 8 6160000 8 12832000 | 8 1864000 8 3416000 
9 1728000 9 1252800 9 3753000 9 6930000 9 14436000 | 9 2097000 9 3843000 
10 1920000 10 1392000 10 4170000 10 7700000 10 16040000 | /10 2330000 10 4270000 
11 2112000 11 1531200 11 4587000 11 8470000 11 17644000 | 11 2563000 11 4697000 
12 2304000 12 1670400 12 5004000 12 9240000 12 19248000 | 12 2796000 12 5124000 
13 2496000 13 1809600 13 5421000 13 10010000 13 20852000 13 3029000 13 5551000 
14 2688000 14 1948800 14 5838000 14 10780000 14 22456000 14 3262000 14 5978000 
15 2880000 | j15 2088000 | [15 6255000 | 415 11550000 | 15 24060000 | [15 3495000 | 15 6405000 
16 3072000 16 2227200 16 6672000 16 12320000 | 16 25664000 | |16 3728000 16 6832000 
17 3264000 17 2366400 17 7089000 17 13090000 | 417 27268000 | |17 3961000 17 7259000 
18 3456000 18 2505600 18 7506000 18 13860000 | 18 28872000 | 18 4194000 18 7686000 
19 3648000 19 2644800 19 7923000 19 14630000 | 19 30476000 | 19 4427000 19 8113000 
20 3840000 20 2784000 20 8340000 20 15400000 | 20 32080000 | 20 4660000 20 8540000 
21 4032000 21 2923200 21 8757000 21 16170000 | (21 33684000 | [21 4893000 21 8967000 
22 4224000 22 3062400 22 9174000 22 16940000 | 22 35288000 | |22 5126000 22 9394000 
23 4416000 23 3201600 23 9591000 23 17710000 | 23 36892000 | 23 5359000 23 9821000 
24 4608000 24 3340800 24 10008000 | |24 18480000 | [24 38496000 | |24 5592000 24 10248000 
25 4800000 25 3480000 25 10425000 | [25 19250000 | [25 40100000 | 25 5825000 25 10675000 
26 4992000 26 3619200 26 10842000 26 20020000 26 41704000 26 6058000 26 11102000 
27 5184000 27 3758400 27 11259000 27 20790000 27 43308000 27 6291000 27 11529000 
28 5376000 28 3897600 28 11676000 28 21560000 28 44912000 28 6524000 28 11956000 
29 5568000 29 4036800 29 12093000 29 22330000 29 46516000 29 6757000 29 12383000 
30 5760000 30 4176000 30 12510000 30 23100000 30 48120000 30 6990000 30 12810000 
31 5952000 31 4315200 31 12927000 31 23870000 31 49724000 31 7223000 31 13237000 
32 6144000 32 4454400 32 13344000 | (32 24640000 | 32 51328000 | [32 7456000 32 13664000 
33 6336000 33 4593600 33 13761000 33 25410000 33 52932000 33 7689000 33 14091000 
34 6528000 34 4732800 34 14178000 | 34 26180000 | 34 54536000 | [34 7922000 34 14518000 
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Staph Pyo Aureus Strept Pyogenes Syphilis Tetanus Tuberculosis Rod Typhoid Rod Typhoid Virus 

1 478000 1 720000 1 789000 1 234000 1 369000 1 760000 1 1445000 
2 956000 2 1440000 2 1578000 2 468000 2 738000 2 1520000 2 2890000 
3 1434000 3 2160000 3 2367000 3 702000 3 1107000 3 2280000 3 4335000 
4 1912000 4 2880000 4 3156000 4 936000 4 1476000 4 3040000 4 5780000 
5 2390000 5 3600000 5 3945000 5 1170000 5 1845000 5 3800000 5 7225000 
6 2868000 6 4320000 6 4734000 6 1404000 6 2214000 6 4560000 6 8670000 
7 3346000 7 5040000 7 5523000 7 1638000 7 2583000 7 5320000 7 10115000 
8 3824000 8 5760000 8 6312000 8 1872000 8 2952000 8 6080000 8 11560000 
9 4302000 9 6480000 9 7101000 9 2106000 9 3321000 9 6840000 9 13005000 
10 4780000 10 7200000 10 7890000 10 2340000 10 3690000 10 7600000 10 14450000 
11 5258000 11 7920000 11 8679000 11 2574000 11 4059000 11 8360000 11 15895000 
12 5736000 12 8640000 12 9468000 12 2808000 12 4428000 12 9120000 12 17340000 
13 6214000 13 9360000 13 10257000 13 3042000 13 4797000 13 9880000 13 18785000 
14 6692000 14 10080000 14 11046000 14 3276000 14 5166000 14 10640000 14 20230000 
15 7170000 15 10800000 15 11835000 15 3510000 15 5535000 15 11400000 15 21675000 
16 7648000 16 11520000 16 12624000 16 3744000 16 5904000 16 12160000 16 23120000 
17 8126000 17 12240000 17 13413000 17 3978000 17 6273000 17 12920000 17 24565000 
18 8604000 18 12960000 18 14202000 18 4212000 18 6642000 18 13680000 18 26010000 
19 9082000 19 13680000 19 14991000 19 4446000 19 7011000 19 14440000 19 27455000 
20 9560000 20 14400000 20 15780000 20 4680000 20 7380000 20 15200000 20 28900000 
21 10038000 21 15120000 21 16569000 21 4914000 21 7749000 21 15960000 21 30345000 
22 10516000 22 15840000 22 17358000 22 5148000 22 8118000 22 16720000 22 31790000 
23 10994000 23 16560000 23 18147000 23 5382000 23 8487000 23 17480000 23 33235000 
24 11472000 24 17280000 24 18936000 24 5616000 24 8856000 24 18240000 24 34680000 
25 11950000 25 18000000 25 19725000 25 5850000 25 9225000 25 19000000 25 36125000 
26 12428000 26 18720000 26 20514000 26 6084000 26 9594000 26 19760000 26 37570000 
27 12906000 27 19440000 27 21303000 27 6318000 27 9963000 27 20520000 27 39015000 
28 13384000 28 20160000 28 22092000 28 6552000 28 10332000 28 21280000 28 40460000 
29 13862000 29 20880000 29 22881000 29 6786000 29 10701000 29 22040000 29 41905000 
30 14340000 30 21600000 30 23670000 30 7020000 30 11070000 30 22800000 30 43350000 
31 14818000 31 22320000 31 24459000 31 7254000 31 11439000 31 23560000 31 44795000 
32 15296000 32 23040000 32 25248000 32 7488000 32 11808000 32 24320000 32 46240000 
33 15774000 33 23760000 33 26037000 33 7722000 33 12177000 33 25080000 33 47685000 
34 16252000 34 24480000 34 26826000 34 7956000 34 12546000 34 25840000 34 49130000 
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Photos of the original 1938-1939 Beam Ray Clinical instrument when it was found 
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Chapter #10 


The Gruner Schematic and Philip 
Hoyland’s Beam Ray Laboratory Rife Machine 
<a Oo: = 3 Ree 





Used a ray tube. 

Had one RF oscillators which was set on a fix frequency. 

Had a fix audio pulsing circuit. 

Power usage was about 450 to 600 watts. Output to the ray tube was probably 
about 40 watts. 
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In this chapter we will cover two instruments. First, Dr. Gruner’s Rife machine and second, the 
Beam Ray Laboratory Rife machine. The reason for this is the work done on the Gruner instrument 
lead too many discoveries of how Dr. Rife’s machines worked. The first instrument we will discuss is 
the Gruner Rife Machine. From some recent documents that were found by Mr. Ringas we have found 
it necessary to change some of the information in this chapter which deals with Dr. Gruner’s Rife instru- 
ment. 


The new documents that were found by Mr. Ringas reveal the fact that the Gruner Rife machine 
had one fixed RF oscillator. It was previously believed that this instrument was a Beam Ray laboratory 
instrument which had two high RF frequency oscillators. We now know from these documents that this 
was an incorrect assumption. The new information comes from two letters written to John Crane back 
in 1953 from Dr. O. C. Gruner. John Crane at that time was inquiring about the status of Dr. Gruner’s 
Rife machine that was sent to him in 1942 by Dr. Milbank Johnson M.D.: 
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DR. GRUNER: “You refer, | suppose, to the ray machine which Milbank Johnson sent “in bits” to me in 
Montreal [Canada]. Vergil Neher assembled it, but actually | had to purchase a large amount of the ra- 
dio material to be able to get it completed. | used this machine quite a bit, and it was very successful at 
first; but after about six months it “faded”, first the tubes seemed all right. The only reason would have 
been changes in the glass of the globe [ray tube] as a result of the discharges... | could send the plan 
[schematic] of the apparatus.” (Letter from Dr. Gruner to John Crane, March 31, 1953). 


DR. GRUNER: “/ enclosed the diagram [schematic] of the Ray Machine as made here in 1942. So | 
hope it will be of interest to you. It will not be necessary to return it. It is to be noted that it was made 
only for one frequency; obviously it would be necessary to alter the design to enable many frequencies 
to be used.” (Letter from Dr. Gruner to John Crane, April 29, 1953). 


These two letters changed all our understanding of this instrument. John Crane had altered the 
schematic and put a second Hartley oscillator on the schematic which confused us when we originally 
built the instrument. This second Hartley oscillator, added by John Crane, which will be shown in a 
photo below, made it so the instrument would have had one fixed RF oscillator and a second variable 
RF oscillator. This second variable RF oscillator, that John Crane added to the schematic, would make 
it so that instrument could output many different frequencies. Logically this is what Dr. Rife, John Crane 
and John Marsh wanted in an instrument. But this is not how Dr. Gruner’s original instrument worked. 


From the analyzing of the original Beam Ray Clinical instrument, which was built by Philip Hoy- 
land, we know that it had the capability of variable audio frequencies. We need to point out here that 
Dr. Gruner’s ray tube instrument did not work on the Beam Ray Clinical instrument harmonic sideband 
method. From these two letters we now know that Dr. Gruner’s instrument work on the same principles 
as the Rife Ray #4 instrument. That instrument output the specific frequencies directly from its two vari- 
able RF oscillators. Because the Rife Ray #4 put out specific frequencies it also used a modulated 
fixed audio pulsing circuit to pulse the high RF frequencies that were used to devitalize the various mi- 
croorganisms. This modulated fixed audio frequency pulsing method was used with all of Dr. Rife's in- 
struments. The Gruner schematic which has this modulated fixed audio frequency pulsing circuit re- 
veals how Dr. Rife used this pulsing method in his instruments. With this understanding we now have a 
clearer understanding of how these four instruments, Rife Ray #3, Rife Ray #4, Beam Ray Laboratory 
and Gruner Rife machine really worked. 


As we pointed out when we initially looked at Dr. Gruner’s schematic, several years ago, we 
were under the wrong assumption, because John Crane altered the schematic by adding the second 
Hartley oscillator to Dr. Gruner’s schematic. But that wrong assumption actually caused us to build an 
instrument that worked almost exactly as the Rife Ray #4 did. Except the instrument that we built from 
Dr. Gruner’s schematic did not have as high a frequency range as the Rife Ray #4. Because of what 
we have just explained we feel that the information that we obtained from the initial building of the 
Gruner schematic, several years ago, should be kept in this report. What was learned, even under the 
wrong assumption, revealed how the Rife Ray #4 was built and will still be of interest to those who may 
want to build this instrument. 


The Beam Ray Laboratory instrument would have worked like the Gruner instrument and the 
Rife Ray #4 instrument since both of these were to be used in laboratory work. An instrument that 
worked like the Beam Ray Clinical instrument, which worked on the harmonic sideband method, would 
have been useless in any laboratory work since you could never know the exact frequency that killed, 
devitalize or rendered harmless an organism. For this reason the Beam Ray Laboratory instrument is 
still included in this information about Dr. Gruner’s Rife instrument. 
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The initial Gruner schematic work done in 2007-2008 


In one of the previous version of this report we dealt with the concept that the Gruner instrument 
was a heterodyning instrument. We now know that this method was not used in the Gruner Rife Ma- 
chine therefore the heterodyning concept was removed from a previous rewriting of this document. 
Though the Rife Ray #4 Rife Machine could output two frequencies at the same time and those two fre- 
quencies did heterodyn in the ray tube, this was a byproduct of the instrument not the method used to 
produce the M.O.R. frequencies needed to devitalize or render harmless the microorganisms. The 
knowledge that we gained through our testing of this concept is the reason much of the history and 
work that we did at that time is still included in this report. It was that testing which gave us the under- 
standing of how the Rife Ray #4 worked and how the Beam Ray Laboratory Rife Machine would have 
worked. 


We do not have a picture of Dr. Gruner's Rife instrument so we have no idea what it looked like. 
This however did not affect building the instrument from the schematic. The Rife Machine in the photo 
shown at the beginning of this chapter is probably a photo of the Beam Ray Laboratory instrument built 
by Philip Hoyland. John Crane dated that instrument as being built in 1935 but we know that the Rife 
Ray #4 was built in 1935. The knowledge of the Laboratory instrument came from the Beam Ray Trial 
manuscript. A complete copy of this transcript was provided when Steven Ross allowed us to scan it. | 
would like to acknowledge his generous contribution of this information which has given us a great deal 
of understanding so that we could figure out the history of how and when the instruments were built. 


After reading for the first time the complete Beam Ray Trial manuscript | found there was men- 
tion of a Laboratory instrument. It appeared that this Laboratory instrument was probably to be used by 
those who would be working in laboratories with microorganisms for testing. Dr. O. C. Gruner worked in 
a laboratory with organisms and worked with Dr. Rife on the organism called Cryptomyces Pleomorpha 
fungi. The Laboratory instrument was mentioned two or three times but no real information was given 
about it. Below are statements made by Bertrand Comparet and Philip Hoyland in the Beam Ray Trial 
that gives us some important information about this instrument. (#209-210, 217-222): 


COMPARET: “The four machines bought by the British were two so-called laboratory types and two so- 
called clinical types, what was the difference between the two.” 


HOYLAND: “The clinical type was similar in all respects to the Rife machine except that it did not have 
[word missing] of the [word missing] used on Mrs. Henderson.” 


COMPARET: “How was the price of these machines fixed.” 


HOYLAND: “The price was decided from the costs of what it cost to manufacture the first machine that 
was sold to Dr. Hamer.” 


COMPARET: “How much was that?” 
HOYLAND: “I think it was four hundred dollars plus the royalty.” 


COMPARET: “Wasn't it five hundred dollars plus royalty on the clinical type and six plus royalty on the 
lab type.” 


HOYLAND: “/ don’t remember.” 


Since this Beam Ray Laboratory Rife Machine was for Laboratory work it would have worked 
like the Rife Ray #4 but because the case was smaller it probably had a smaller frequency range. The 
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Rife Ray #4 had nine frequency bands that covered from 87,000 Hertz to 22.5MHz (22,500,000 Hertz). 
The first four bands of the #4 covered from 87,000 Hertz to 2,140,000 Hertz. These four frequency 
bands would cover the whole list of Dr. Rife’s disease organisms listed on the Rife Ray #4 documents. 
With this understanding we know that the Laboratory instrument at least covered this frequency range. 
We will not speculate if it had a higher frequency range because we really do not know if it did. 


Deciphering Dr. Gruner’s Beam Ray instrument schematic 


Several years ago a group of us had been looking on the Gruner schematic in hopes of trying to 
figure out how it worked. | had built and tested both the 1953 AZ-58 Beam Ray Clinical instrument and 
1950's Aubrey Scoon, Beam Ray Clinical replica instruments. To our knowledge none of these instru- 
ments ever obtained the same results as the original Beam Ray Clinical Rife Machine built by the origi- 
nal 1938 Beam Ray Corporation. All the documentation we had showed that there were changes made 
to the original Beam Ray design which compromised the1953 AZ-58, and possibly 1950’s Aubrey 
Scoon, Verne Thompson instruments. John Crane, over the years told many people that the AZ-58 and 
the audio frequencies it used were Dr. Rife’s original frequencies. The Rife documents we have show 
that what John Crane claimed was not correct. Dr. Rife was not using audio frequencies in 1934 as 
John Crane and John Marsh claimed. Rebuild of the 1953 AZ-58 and Aubrey Scoon's instrument par- 
tially made the rediscovery of the Beam Ray Laboratory instrument possible. 


At the 2003 Rife Conference, a gentleman put up the Gruner schematic of an original Beam Ray 
instrument. From reading the Rife documents | knew that this schematic existed because John Crane 
had mentioned it in his papers. John Crane said that the AZ-58 was built from that schematic. When | 
saw it | Knew it was important, so | took still photos of it with my video camera. Because the video cam- 
era only had a one mega-pixel capability | took many up close photos knowing | could put it back to- 
gether at a later date. Back in 2004 | gave this schematic to Aubrey Scoon and his British Rife group in 
hopes that they could look it over and correct any mistakes that may have been made. They redrew the 
schematics, unfortunately without fully correcting them, and put them up on their web site. This infor- 
mation was released because we wanted everyone to have access to it. 


Back on July 27, 2007 a Mr. Andrews, who was one of the British Rife group and | got into an- 
other conversation about the Gruner schematic. He asked me to send him another copy of the original 
Gruner schematic so he could look it over again. An email conversation began at that time which in- 
cluded Mr. Peters, Mr. Ringas, Mr. Andrews, Mr. Berger and myself. Mr. Peters immediately noticed 
that the schematic that had been redrawn by the British group had some errors in it. Discussions con- 
tinued on and off for a few months until one day Mr. Peters noticed an over sight when looking over the 
schematic again. At the time we thought it had to do with the heterodyning method. But now we under- 
stand that this oversight was one of the keys to understanding how the Rife Ray #4 and Beam Ray 
Laboratory Rife Machines would have worked. 


Mr. Peters sent Mr. Ringas and | an email. He mentioned that a possible test could be made that 
would determine if this observation of his was the key to understanding how the Beam Ray Laboratory 
instrument really worked. | called Mr. Peters and had a discussion with him and he told me how we 
could make these tests. | told him that we did not need to do the test with solid state frequency genera- 
tors because | had conducted a similar test back when John Bedini and | were working on the AZ-58 
tests. John Bedini and | knew that the original Rife Ray #4 instrument was a lot more powerful than the 
AZ-58 because of the Rife documents. After more accurate testing we found the AZ-58 only output 
about 40 watts from the ray tube. | told him that | still had my 1950’s Aubrey Scoon replica and several 
AZ-58’s on the shelf. | told John Bedini that the original Beam Ray Clinical instrument, from the docu- 
mentation that we had, may have output about 50 to 60 watts from the ray tube. He told me how | could 
make a test, by putting two AZ-58s together, which would give me at least 60 watts out of the ray tube. 
| didn’t Know it at that time but that test was probably the way the Rife Ray #4 and Beam Ray Labora- 
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tory instrument worked. | told Mr. Peters | would connect the AZ-58 and Aubrey Scoon instruments to- 
gether again and make the tests that he suggested, but this time | would use my spectrum analyzer 
and we would fully make tests and find out if this was the method Philip Hoyland used. This test made 
the two instruments work exactly the same as the Gruner Beam Ray schematic would have worked 
with John Crane's addition of the second variable RF oscillator. This test was the key to understanding 
how Philip Hoyland’s Laboratory instrument and Rife Ray #4 instrument worked. | had always stated 
that Philip Hoyland had to have come up with his method using math because they didn’t have any 
spectrum analyzers back in 1936. In looking back that test showed that the Rife Ray #4 was heterodyn- 
ing in the ray tube. Though we now know the heterodyning method was not used by Dr. Rife the 
method of connecting the ray tube up to two RF oscillators showed that this was the method used with 
the Rife Ray #4 which had two RF oscillators. 


We will now show how Philip Hoyland’s Rife Ray #4 and Beam Ray Laboratory instrument 
worked. We can do this because we have been able to rebuild these instruments from the Gruner 
schematic. This information should be of great interest to all who have been interested in Dr. Rife’s 
work. 


Rebuilding the Philip Hoyland Beam Ray Laboratory instrument 





When this schematic was analyzed Mr. Peters noticed that the British group had overlooked a 
second Hartley RF oscillator that was in the lower left corner of the Gruner schematic. This was the 
variable oscillator that John Crane added to the schematic after he received it from Dr. Gruner. At this 
time we did not know that this second oscillator was not a part of the original schematic. The British 
group believed this oscillator was the same RF fixed Hartley Oscillator that used the 809 tube. Below is 
a photo of the complete Gruner Beam Ray schematic. 


First Hartley Oscillator for fixed RF 
carrier frequency. 


Second Hartley Oscillator for variable 
RF frequency. 


ee _ Two Hartley Oscillators. One fixed 


one variable. This was the key of 
how the two oscillators output 
there frequencies into the ray tube. 
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In next schematic photo, shown below, is the fixed RF carrier frequency section that used the 809 tube. 


Up close view of first Hartley Oscillator 
for fixed RF carrier frequency. 
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In the next schematic photo, shown below, is the second oscillator that was overlooked by the 
British group. This was the oscillator that John Crane added to the schematic which caused us to mis- 
interpret how the instrument worked. You will notice that the second oscillator that John Crane added 
says “Hartley Oscillator.” Because the first fixed oscillator that used the 809 tube is a Hartley Oscillator 
the British group assumed that both of these oscillators were the same. This overlooking of the second 
oscillator that John Crane added would have made the instrument work exactly as Dr. Gruner had 
stated his instrument worked. Dr. Gruner stated that the instrument was fixed on one frequency. It was 
the overlooking of this second Hartley oscillator, added by John Crane, that Mr. Peters noticed. If you 
look at the second Harley Oscillator, in the photo below, that does not use the 809 tube, you will notice 
that it has a variable capacitor. This variable capacitor shows that there were two Hartley Oscillators 
shown on the schematic. One fixed and one variable. 


Up close view of second Hartley 
Oscillator for variable RF fre- 
quency. 


Variable 
capacitor. 
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The next schematic photo, shown below, shows that the first fixed Hartley Oscillator was con- 
nected from the tank coil to the negative side of the ray tube. If you look closely at the photo you will 
notice that the positive side of the ray tube was also to be connected to a Hartley Oscillator. 
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If you hooked the positive side of the ray tube back up to the same fixed Hartley Oscillator it 
would have only output one frequency as described by Dr. Gruner. This adding of the second oscillator, 
by John Crane, is why there was confusion on how this instrument worked. The positive side of the ray 
tube was supposed to be hooked back up to the same fixed oscillator. But with the adding of the sec- 
ond variable Hartley Oscillator, by John Crane, would mean that the positive side of the ray tube would 
have been hooked up to the second Hartley oscillator. This would have made it so the ray tube would 
be connected between the two Hartley Oscillators. The negative side of the ray tube connected to one 
oscillator and the positive side of the ray tube connected to the other oscillator. 


The second Hartley Oscillator was also an RF Oscillator. It had a tank coil and a variable capaci- 
tor for changing the RF frequencies. Anyone looking at this schematic will notice that it does not have 
any variable audio oscillator. Philip Hoyland’s Beam Ray Gruner instrument was using an RF frequency 
not an audio frequency. This would logically mean that Dr. Gruner was using one of the Rife Ray #4 
frequencies. Because Dr. Gruner was working on the cancer organism of Cryptomyces Pleomorpha 
fungi his instrument was most likely set on that organisms frequency. 


Because we did not know that John Crane had added this second oscillator we came to the con- 
clusion that the logical way to build the instrument would have been to have had two Hartley Oscillators 
using the 809 tubes. So this is the way that we rebuilt the instrument. By using the method of connect- 
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ing the ray tube between the two Hartley Oscillators, both variable, the instrument could output two 
high RF frequencies at the same time without the bandwidth problems that would have come with try- 
ing to modulate frequencies through a tank coil. The tank coil in the Beam Ray Clinical instrument can 
only pass modulated frequencies up to about 250,000 Hertz. Because we put the ray tube between the 
two Hartley Oscillators and found that the instrument could work this way we determined that Philip 
Hoyland most likley built the Rife Ray #4 and Beam Ray Laboratory instrument in this same way. Our 
instrument could output two frequencies at the same time. 


The Beam Ray Laboratory instrument probably had some band switches like the Rife Ray #4. 
What the frequency range of this Beam Ray Laboratory instrument was is not known but it would have 
gone up to at least 1.80 MHz like the Rife Ray #3 Kennedy equipment did. Dr. Rife’s Rife Ray #3 and 
Rife Ray #4 machines put out specific frequencies and this instrument, it appears, was built to do the 
same thing. If Dr. Rife wanted 1,604,000 Hertz he would set the oscillator to 1,604,000 Hertz. This was 
the type of instrument Dr. Rife used. When you look at the case of the Laboratory instrument it is a 
large case that could have easily held the necessary components for this instrument. The instrument 
would have had two large dials on the front of it. In the photo, shown at the beginning of this chapter, 
the pole that holds the ray tube is blocking part of the panel where we would expect to see the second 
dial for the second oscillator. 


The modulated Audio Frequency pulsing circuit 


In this report, in the previous chapters, we have mentioned a fixed audio frequency pulsing cir- 
cuit. We will now cover it in more detail because the Beam Ray Gruner instrument had this circuit in its 
schematic. This circuit pulsed the high RF frequencies. We know it was important because it was con- 
sidered the secret that made the instrument work. If you look at the next schematic photo, shown be- 
low, you will see two audio transformers. This is the only indication of any audio frequency used in Dr. 
Gruner’s instrument. 


Two Audio Transformers 
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It was not a variable audio oscillator but it was for a single fixed audio frequency. The 76 and 45 
vacuum tubes along with the two audio transformers make up this circuit. Mr. Peters built this section 
and found that the frequency was at about 1330 Hertz and it pulses, through modulation, the fixed Hart- 
ley Oscillator RF carrier frequency that used the 809 tube. The next two photos, shown below, is this 
rebuilt circuit. 





This 1330 Hertz frequency could have been a little higher or a little lower frequency because he 
used modern transformers instead of the original 1940's transformers. This pulsing frequency is a lot 
faster than the eye can see so no one would know it was in the instrument. If you look at the next 
photo, shown below, you will see the waveform of the pulsing frequency. It resembles a damped wave 
minus the ring oscillations of a true damped wave. 





This waveform also looks like the waveform of the Rife Ray #4. This waveform would produce 
the effect that John Crane mentioned as he narrated Dr. Rife’s 1936 Lab video: 


CRANE: “Now the spikes that you see on the frequencies are the lethal part that kill and devitalize the 
virus. They are the resonant peaks of the frequencies which increase the voltage to a very high poten- 
tial which the cells of the virus wall can not tolerate and they break up into many pieces and are de- 
stroyed.” (Dr. Rife’s Lab Film Narrated by John Crane in the 1970's). 
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It's doubtful that this understanding of the spikes would have been something that Jonn Crane 
would have known anything about had Dr. Rife not told him about it. From the statements we have read 
the resonant frequency of an organism is not enough to devitalize it. It's apparent that an organism’s 
resonant frequency will not harm it unless the resonant frequency is pulsed through modulation with a 
waveform that produces a high potential voltage rise. It also appears that this modulated audio pulsing 
circuit would have been necessary for all of Dr. Rife’s high RF frequencies. Logically this same type of 
circuit would have been in Dr. Rife's Rife Ray #3 and Rife Ray #4 and this is why the Gruner instrument 
also had this kind of circuit built into it. Also, logically his Beam Ray Laboratory instrument had this cir- 
cuit. 


In the previous chapter of this report when we covered the original Beam Ray clinical instrument. 
We showed that a sine wave audio frequency modulated onto a carrier frequency, in this M.O.P.A. 
style instrument, was sufficient enough to create the necessary pulse to devitalize the various microor- 
ganisms. The analyzing of that Beam Ray Clinical circuit showed that it almost creates a square wave 
frequency. The Beam Ray Clinical instrument output variable audio frequencies well above 10,000 
Hertz. This indicates that the pulse rate of the modulated audio frequency is not important, only that the 
high RF frequency is pulsed. 


There is another important effect that happens to the plasma of a ray tube when you pulse it with 
a low audio frequency of a damped shaped waveform or square wave waveform. Because the duty cy- 
cle is very low it allows deionization of the plasma which makes it possible for the very high potential 
voltage rise to be emitted from the ray tube. A square wave audio frequency of a 50% duty cycle 
should be just as effective as a damped waveform. A square wave has the same high potential voltage 
rise on the leading edge as this damped wave. Philip Hoyland found that even a sine wave frequency 
was sufficient to achieve the same result when used in the M.O.P.A circuit. His Beam Ray Clinical in- 
strument circuit was modulated with a sine wave audio frequency that produced a waveform that al- 
most looks like a square wave waveform and that waveform would devitalize the organisms. The next 
photo, shown below, is that waveform. We are showing this waveform so that the reader will under- 
stand what we are talking about. 





This all indicates that an audio frequency modulation with a high RF frequency is what makes 
the frequencies work on microorganisms. The waveform of the audio frequency whether it is a damped 
wave or square wave makes no difference in its effectiveness because both of these waveforms have 
been used in Dr. Rife machines. 
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The next photo, shown below, is a picture of Dr. Rife’s waveform from his Rife Ray #4 Rife Ma- 
chine. We showed this waveform in a previous chapter but we need to show it again. This waveform 
came from Dr. Rife's 1936 lab film. The lab film shows that he put a metal plate about 3” X 8” under the 
ray tube and ran his oscilloscope lead to it so he could read the frequencies. This photo shows the type 
of waveform he was using to devitalize organisms. It also matches the waveform produced by the 76 
and 45 vacuum tubes in the Gruner instrument we are looking at in this chapter. We now know from 
the rebuilding of Dr. Gruners instrument and from the analyzing of the Beam Ray Clinical instrument, 
the two waveforms that were used, how they were created, and the method that should be used for do- 
ing M.O.R. research. 
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Both Mr. Peters and | rebuilt the Gruner instrument using two variable RF oscillators. We did not 
put the various bands in it like the Rife Ray #4 or the Beam Ray Laboratory instrument because we first 
believed it was a heterodyning instrument. Now that we know that Philip Hoyland’s Beam Ray Clinical 
instrument used upper harmonics of the Rife Ray #4 frequencies it doesn’t seem necessary that we put 
the different bands into the instrument. Our instruments will probably be adjusted so we can cover a 
range from about 1 MHz to about 4 or 5 MHz. Then we will multiply up the Rife Ray #4 frequencies into 
these ranges, like Philip Hoyland did with the Beam Ray Clinical instrument, and use them with this in- 
strument. Other than John Crane adding the second Hartley oscillator the Gruner schematic was a 
complete schematic. The pulsing circuit was drawn correctly and worked. It also showed how Dr. Rife 
produced the damped waveform which pulsed his high RF frequencies in his instruments. 


Mr. Peters built his instrument using 805 tubes and | built my instrument using 812A tubes. The 
AZ-58 Beam Ray Clinical replica RF section was almost exactly the same (809 vacuum tube replaced 
with the more powerful 812A tube) as the Gruner circuit. The reason | built the Gruner instrument using 
the 812A tubes is because the 809 is no longer being manufactured. We were also able to replace the 
modulated pulsing circuit consisting of the 45 & 76 tubes with a single high voltage switching transistor 
driven with a function generator which outputs the 1330 Hertz pulse frequency. With the use of this 
transistor we can use any audio frequency we want to use. Using this transistor we believe makes the 
design better because we can output all the lower audio frequencies including the original audio fre- 
quencies used in the AZ-58. My instrument has two Vernier dials which allows me to output two high 
RF frequencies at the same time like the Rife Ray #4 did. The ray tube is connected to both tank coils 
instead of having one side of the ray tube go to ground. It is the connecting of the ray tube between the 
two RF oscillators that makes this design work like the Rife Ray #4 would have done. 


Please note: There is a modern instrument built today that is called the "Beam Ray." It works nothing 
like this original 1930’s Beam Ray Laboratory instrument built by Philip Hoyland. We are not saying 
anything negative about the modern Beam Ray instrument but some people have asked us if these in- 
struments work on the same principles and frequencies and they do not. We have only given this infor- 
mation so people are not confused about these two instruments. 
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On page 118 are photos of Mr. Peters instrument which he built. On pages 119 through 121 are 
the photos of the Gruner instrument that we built. Because John Crane altered the schematic by add- 
ing the second oscillator we built this instrument with two oscillators. | built mine with two variable RF 
oscillators which made it work like the Rife Ray #4 and the Beam Ray Laboratory instrument. For this 
reason we refer to this instrument, in the photos below, as the Laboratory instrument. 


On page 122 is a redrawn schematic of this design. We replaced the smaller vacuum tube of the 
second Hartley Oscillator with the 809 tube. The layout of the electronic parts of this instrument is very 
important because of the inherent interference problems that come with RF oscillators. Anyone wanting 
to build this instrument should have a good understanding of old tube technology. Some parts of this 
circuit use up to 2000 volts DC with substantial current and can easily kill anyone not experienced in 
working with this kind of current or voltage. We take no responsibility for anyone who builds this instru- 
ment. We recommend that you have professional help. 


Chapter Summary: Dr. Gruner's machine was built to be set on one high RF frequency. It had no vari- 
able audio oscillator and did not work on the sideband method developed by Philip Hoyland. It had a 
fixed audio pulsing circuit that modulated the high RF frequency causing a high potential voltage rise in 
the waveform of the RF frequency being outputted to the ray tube. Because it used only one high RF 
oscillator it would have been set on Dr. Rife's high RF frequency for the organism Dr. Gruner was work- 
ing on. 


The Beam Ray Laboratory machine was built to work like the Rife Ray #4. It was built to be used 
in a laboratory for doing M.O.R. work on microorganisms. It would not have been built like the Rife Ray 
#5 or Beam Ray Clinical instrument which worked on harmonic sidebands. The Beam Ray Clincal in- 
strument would not have worked in a laboratory setting since it devitalized all of the organisms in Dr. 
Johnson's laboratory due to the many sideband frequencies it would output. 


In the next chapter we will now look at the next original Rife Machine replica that was purchased 
by Aubrey Scoon and his British Rife group. 
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Photos of the rebuilt Beam Ray Laboratory instrument 
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Chapter #11 


Aubrey Scoon’s Beam Ray replica Rife Machine Re-evaluation 








Used a ray tube. 

Used a fixed 3.30 MHz RF carrier frequency. 

Modulated sine wave audio frequencies onto a sine wave RF carrier frequency. 
Power usage was about 460 watts. Output to the ray tube about 40 watts. 


ee 


In 2009 Aubrey Scoon passed away. His web site remained up on the web until the domain 
name expired last year. Since his web site is no long available and is an important part of this chapter, 
including this report, we have included all of his information pertaining to his machine on the 
www.rifevideos.com web site. To fully understand this chapter we suggest that you read Aubrey's infor- 
mation about his Beam Ray replica instrument at this web address: 


http:/Awww.rifevideos.com/aubrey_scoons_1939 rife_beam_ray.html 


Aubrey Scoon’s 1950's Beam Ray Clinical replica Rife Machine was originally mistaken for an g 
original 1938-1939 Rife Ray #5 or Beam Ray Clinical instrument built by Philip Hoyland and the Beam 
Ray Corporation. We now know that it was not an original Beam Ray instrument built by Beam Ray 
Corporation but it is an exact replica of that instrument. It was originally for sale on www.rife.org. John 
Bedini and a group of men who had worked with John Crane for a year and a half considered purchas- 
ing it. After careful examination of the information available, at that time, they concluded that this instru- 
ment was not an original Beam Ray instrument built by the original 1938-1939 Beam Ray Corporation. 
They concluded that it was built later, perhaps, in the 1940’s by Dr. Rife’s engineer, Verne Thompson. 
Verne Thompson eventually replaced Philip Hoyland as Dr. Rife’s new engineer and he was building 
instruments during the 1940's and 1950’s for doctors that wanted Dr. Rife’s machines. 


The reason we are re-evaluating Aubrey Scoon's Rife Ray #5 or Beam Ray Clinical replica in- 
strument is this instrument is the second most important instrument that we have analyzed. When it 
was first analyzed by Aubrey Scoon's team they did not take their original evaluation of this instrument 
far enough. Had they used a spectrum analyzer there is a possibility that they may have figured out 
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how this instrument really worked, but they did not. Once we determined how the "Original Rife Ray #5 
or Beam Ray Clinical" instrument worked we were able to re-evaluate Aubrey Scoon's Beam Ray rep- 
lica and show that it worked on the same principles and frequencies as the original Beam Ray Rife Ma- 
chine obtained from Dr. Low. All of Dr. Rife's instruments, from the first to the last, worked on the same 
principles and the same high RF frequencies, or higher harmonics of Dr. Rife’s original frequencies. 
The method of generating the frequencies may have changed but all the frequencies used in Dr. Rife's 
machines were based on the original frequencies he found that would eliminate, deactivate or devital- 
ize those organisms he worked on in his laboratory. 


For a better understanding of Aubrey Scoon's Beam Ray Clinical Rife Machine we need to give 
the history of it. Aubrey Scoon and a group of men from England purchased the above instrument be- 
lieving it was an original Beam Ray Clinical instrument built by the 1938-1939 Beam Ray Corporation. 
The original Beam Ray Clinical instrument was known to be working on harmonics. Without really 
knowing it, they purchased a replica of the Beam Ray Clinical instrument. At that time no original instru- 
ment had been located. Because of this and the fact that we had no absolute concrete evidence that 
Dr. Rife's engineer, Philip Hoyland, built this style of audio frequency instrument it was not fully ac- 
cepted as a genuine Rife instrument. Not even the later 1953 AZ-58 Beam Ray Clinical replica was ac- 
cepted as a genuine instrument either. 


A few years ago, before Aubrey passed away, | was communicating with him about this instru- 
ment. In the course of our communications he told me that he believed he had used the wrong main 
output vacuum tube in the instrument when they worked on it. Because they believed they had used 
the wrong vacuum tube (812a vacuum tube) the carrier frequency had parasitic oscillations which cre- 
ated harmonics. He said that when they discovered this mistake they put what they believed was the 
proper tube (809 vacuum tube) in and most of harmonics from the parasitic oscillations were 
gone. Aubrey Scoon mentions the change of this tube (809) on his web site. But they did not change 
the photos of the waveforms so we do not know how much the waveform really changed. This much 
we do know all of the photos of the waveforms on his web site are of an instrument that has parasitic 
oscillations. Using the wrong tube was a simple mistake that anyone could make but it led to a great 
deal of confusion causing many to believe, including myself, that this instrument was, an original Beam 
Ray Clinical instrument because of those parasitic oscillations. We believed these parasitic oscillations 
created the harmonics which the original Beam Ray Clinical instrument was supposed to be working 
on. 


Both Jim Berger and | separately built Aubrey Scoon’s instrument with the correct vacuum tubes 
(812a) and found using an oscilloscope that the RF output was clean of any parasitic oscillations. In our 
tests the 812a vacuum tube produced no harmonics like those seen in Aubrey Scoon’s photos. At this 
time it confirmed to us that if the circuit was working correctly there would be no parasitic oscillations or 
harmonics from parasitic oscillations. The building of this instrument also showed that it didn't have the 
reported harmonics which the genuine Beam Ray Clinical instrument was supposed to have. Little did 
we know, at that time, that the harmonic concept we were looking for was there but we didn’t really un- 
derstand how the instrument was supposed to work. This wrongly convinced both Jim Berger and | that 
Aubrey Scoon's instrument was not a genuine Beam Ray instrument. Nevertheless, this mistake does 
not change the fact that we now know that this instrument is a genuine Beam Ray machine replica. 


At a later date when both the 809 and 812a vacuum tubes were tested in the circuit neither tube 
created the same kind of waveforms as Aubrey Scoon's machine was producing. This proved to us that 
the parasitic oscillations are due to some other problem in the RF circuit of his machine. It was also de- 
termined that the 812a vacuum tube was the correct tube that should be used, not the 809 vacuum 
tube. The 812a vacuum produces the correct carrier frequency which should be used with the audio 
frequencies Aubrey Scoon's instrument used. 
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The original Beam Ray Clinical instrument built by Beam Ray Corporation that we obtained from 
Dr. Low did not have any frequency list that came with it showing us what frequency band or dial set- 
tings should be used for the various microorganisms. However, Aubrey Scoon’s Beam Ray replica in- 
strument built by Verne Thompson came with a list of frequencies which the doctor used on the various 
organisms. It is this list of frequencies that makes this instrument so important. 


We know from the previous documents that we have read in this report that Dr. Rife had Verne 
Thompson rebuilding and repairing these instruments. We also read that Dr. Rife had Verne Thompson 
rebuilt Dr. Yale’s machine in 1940. Because Verne Thompson became Dr. Rife's engineer he would 
periodically repaired Dr. Couche's and Dr. Tulley’s machines. We also know that Verne Thompson was 
making copies of Dr. Couche's Beam Ray Clinical instrument for other doctors. With this understanding 
we know that Verne Thompson was the one who would have written down these audio frequencies that 
were used in Aubrey Scoon's Beam Ray Clinical instrument. Also with this understanding we know that 
the same audio frequencies used in Aubrey Scoon's Beam Ray Clinical instrument were used in Dr. 
Couche's Beam Ray Clinical instrument. This information is very important. The importance of this in- 
formation will become very clear as we continue to look at this instrument and the 1953 AZ-58 Beam 
Ray Clinical Replica instrument. 


Since this paper was updated on 9/20/2010 we decided to test a 3.30 MHz RF carrier frequency 
believing that it could have been the correct RF carrier frequency. When Aubrey Scoon first tested the 
instrument with the 812a vacuum tube (not the 809 vacuum tube) he listed 3.33 MHz as the RF carrier 
frequency on his website. Knowing how parasitic oscillations in an RF carrier frequency could easily 
have shifted the carrier frequency 30,000 Hertz, it was thought that a 3.30 MHz RF carrier frequency 
would have been a more logical frequency to use. This assumption proved to be correct. In the summer 
of 2011 we obtained more of John Marsh’s documents from his nurse. In one of these documents 
dated November 20, 1967 John Marsh stated the following: 


MARSH: John Crane’s, a simple oscillator, which can be obtained easily for about $33.00. It produces 
a fuzzy band. He experimented with hooking up wires with an ordinary radio speaker and produced a 
different musical note for each frequency. The large instrument [Beam Ray Clinical replica instrument] 
is a RF frequency generator which carriers wave oscillations at 3300 kilocycles (3.3 Megahertz) on the 
marine band. Pre-auditory sound waves. (John Marsh 1967 document about Dr. Robert P. Stafford). 


This letter of John Marsh’s confirms that the RF carrier frequency in the original Rife Ray #5 or 
Beam Ray Clinical instrument, which Dr. Rife, John Crane and John Marsh made a replica of in 1953, 
was set at 3.30 MHz. This also confirms that the 812a vacuum tube is the correct tube. It also confirms 
that that the original reading done by Aubrey Scoon of the RF carrier frequency being about 3.30 (3.33) 
was a correct reading. It was only slightly off due to the parasitic oscillations. 


As mentioned before, Aubrey Scoon's instrument had four bands. These four bands were men- 
tioned by Philip Hoyland in the Beam Ray Trial. He stated that they covered all the frequencies for the 
various organisms this instrument treated. The frequency range of each of the four bands is as follows: 


Band 1: 20 Hertz to 200 Hertz. 
Band 2: 200 Hertz to 2000 Hertz. 
Band 3: 2000 Hertz to 20,000 Hertz. 


Band 4: 20,000 Hertz to 200,000 Hertz. 
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Our original Beam Ray Clinical instrument, along with Aubrey Scoon’s Beam Ray replica instru- 
ment design, predates John Crane and John Marsh and this reveals that the audio frequencies came 
from Philip Hoyland not John Crane or John Marsh. This Aubrey Scoon Beam Ray replica instrument 
also shows a connection to the original 1938-1939 Beam Ray Clinical Rife Machine and the audio fre- 
quencies that were used in the 1953 AZ-58. This AZ-58 instrument will be discussed in greater detail 
later in this report. The 1953 AZ-58 Beam Ray replica instrument used almost the same frequencies as 
Aubrey Scoon’s instrument except Crane and Marsh divided them down by a factor of 10 times and 
used these lower audio frequencies in the AZ-58. 


Below is a chart that has the audio sideband frequencies that were used in Aubrey Scoon's 
Beam Ray Clinical replica instrument. It was these frequencies that John Crane and John Marsh low- 
ered to get the audio frequencies they used in the 1953 AZ-58. We will reconcile these frequencies in 
this chart to Dr. Rife's original high RF frequencies that were used in the Rife Ray #3 and Rife Ray #4 
Rife Machines in this section of this report. Before we do this we need to compare Aubrey Scoon's 
Beam Ray Clinical replica to the original Beam Ray Clinical Rife Machine which we obtained from Dr. 
Low. 


The list of audio frequencies, shown below, of Aubrey Scoon’s Beam Ray replica sine wave au- 
dio frequencies must be used with a 3.30 MHz RF carrier frequency. Testing of this 3.30 MHz RF car- 
rier frequency showed that this was the correct carrier frequency for this instrument. It was this testing 
with the 3.30 MHz RF carrier frequency in combination with the audio frequencies which produced the 
correct sideband frequencies that hit the Rife Ray #3 and Rife Ray #4 higher harmonic frequencies. 


What we need to point out here is this IMPORTANT fact which came from the analyzing of the 
original Beam Ray Clinical instrument. This fact also applies to Aubrey Scoon's Beam Ray replica in- 
strument. Neither the 3.30 MHz RF carrier frequency nor the audio frequencies will do anything by 
themselves. But when the 3.30 MHz RF harmonic carrier frequency and the audio frequencies are 
combined together they will produce many sideband frequencies. And one of these sideband frequen- 
cies will line up with the true Rife M.O.R. frequency and devitalize or render harmless the harmful mi- 
croorganism. To re-emphasize this so that no one misunderstands. If you just use the audio frequen- 
cies by themselves you will get nothing. If you use the 3.30 MHz RF carrier frequency without the audio 
frequencies you will get nothing. The audio frequencies used in Aubrey Scoon's instrument must have 
the RF carrier frequency of 3.30 MHz or they are useless. This is the reason the 1953 Beam Ray Clini- 
cal instrument called the AZ-58 did not work properly. In the chart, shown below, are the audio frequen- 
cies used in Aubrey Scoon's instrument. It is these audio frequencies when combined with the 3.30 
MHz RF carrier frequency that will produce Dr. Rife's higher harmonic M.O.R. frequencies. It must be 
understood that these audio frequencies were not meant to treat these organisms. 


Aubrey Scoon’s Beam Ray Clinical Replica Audio Sideband Frequencies 
B or E Coli Rod 8,020 Hz Syphilis or Treponema 6,600 Hz 


B or E Coli Virus 17,220 Hz 1,200 Hz 
BX Virus Carcinoma 21,275 HZ Tuberculosis Rod 8,300 Hz 


BY IBY Sarcoma | -20,080Hz 080 Hz ‘Tuberculosis Virus | Virus | 16,000Hz 000 Hz 





Pneumonia or a ene 660 Hz ee Rod ane 900 Hz 
c= 


[Staphylococcus | 7, | 7,270Hz Hz Typhoid Virus Virus 18, | 18,620Hz Hz 


Streptococcus 8,450 Hz 2,400 Hz 
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The two photos below show Aubrey Scoon's RF section. The electronic components are almost 
identical to our original Beam Ray Clinical instrument. It used the same 866 rectifier tubes (two used) 
along with the 812a vacuum tube (one used). 





Like the original Beam Ray Clinical instrument which used a Hewlett-Packard audio oscillator, 
Aubrey Scoon's Beam Ray replica instrument also used a Hewlett-Packard audio oscillator design. By 
design we mean that this oscillator used an incandescent light bulb in the circuit (patented by Hewlett- 
Packard) which stabilized the audio oscillator frequencies and waveform which it output. In the next two 
photos, shown below, is Aubrey Scoon's Beam Ray Rife Machine audio oscillator. In the photo, below 
on the right, you can see the small incandescent light bulb. 





In 1938 when Beam Ray Corporation built this style of instrument the Hewlett-Packard Wein 
Bridge audio oscillator was not invented yet. Since this newer Hewlett-Packard audio oscillator patent 
was not filed until July of 1939 and the Beam Ray Corporation was at this time in a court battle it is only 
logical that the original Beam Ray instrument did not use Hewlett-Packard's new design. It was in- 
vented in early 1939 and a patent was filed July 11, 1939. The patent was granted on Jan 6, 1942. 


In 1938 and 1939 the original Beam Ray Clinical instrument would have had an RC (resistor ca- 
pacitor) type of audio oscillator. These RC audio oscillators were known to be very unstable and it was 
replaced in the original Beam Ray instrument that we have with the newer Hewlett-Packard design. 
The audio oscillator section of the original Beam Ray Clinical instrument that we have has many extra 
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holes in the chassis and shows that modifications were made to update this instrument to the newer 
Hewlett-Packard design. 


Aubrey Scoon in his evaluation of his Beam Ray replica instrument believed that his instrument 
was an original machine built by the 1938-1939 Beam Ray Corporation. He was correct that it was an 
original design but he was wrong about the year it was built. John Bedini was correct in his belief that it 
was not an original machine built by the 1938-1939 Beam Ray Corporation. The fact that the Hewlett- 
Packard design patent was not issued until 1942 should have indicated to Aubrey Scoon that his instru- 
ment was built later than 1939. Rather than accept that the patent had not been filed until July of 1939 
and issue until 1942 he believe that Hewlett-Packard had somehow allowed Beam Ray Corporation the 
right to use their design before they even filed a patent on it. Of course this does not make any sense 
since they could have lost any patent rights if they did this. Just this information alone should have indi- 
cated that this machine was not an original machine built in 1938-1939. 


Aubrey Scoon’s audio oscillator update 


Roger Blain, who has had a great deal of interest in this technology, uncovered some very im- 
portant information about the manufacture date of the audio oscillator design that was used in Aubrey 
Scoon's instrument. If you look at the above two photos which show both the underside and top view of 
the audio section of Aubrey's instrument you will notice that there are no signs of any retro-fitting of the 
audio oscillator to a newer design. If it had been built in 1938 or 1939 then it would have had the origi- 
nal (RC) resistor capacitor design which would have been replace. It also would have showed obvious 
signs of the necessary changes needed to update the old style (RC) audio oscillator to the newer Hew- 
lett-Packard design which it now has. The next photo, shown below, shows the underside of the audio 
oscillator of the original 1938-1939 Beam Ray machine obtained from Dr. Low. 





You will notice many small holes including two larger old vacuum tube holes (empty and without 
any vacuum tube sockets) in its chassis. This is what we would expect to see if an instrument's audio 
section had been replaced with the newer more accurate Hewlett-Packard design. The lack of any 
modifications to the audio section of Aubrey Scoon's instrument indicates that the instrument still has 
the original audio oscillator it was built with. Just this fact alone puts the building of his instrument after 
the original Beam Ray Corporation shut down in 1939. 
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Roger Blain decided that if he could determine which design of audio oscillator was used in Au- 
brey Scoon's instrument then the correct dating of that instrument could be determined. In his discov- 
ery work he found that the audio oscillator that was used in the construction of this instrument was the 
EICO 377. Aubrey Scoon's instrument audio oscillator frequency range and the circuit design are iden- 
tical to the EICO 377 including the component values, wiring and layout. The only thing that was left out 
was the double pole double throw switch that allowed for switching between square and sine wave. 
This new information leaves no doubts as to the approximate date Aubrey Scoon's instrument was 
built. This information also firmly put its construction date at 1952 or later instead of the 1939 date Au- 
brey Scoon gives in his report. The next three photos are of the EICO 377. 
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Below are three more photos. The first photo, below on the left, again shows the top view of the 
EICO 377 component layout. The second photo, below on the right, shows the layout of Aubrey 
Scoon's audio oscillator. Looking at both of these two photos you can see that the layout is identical. 
The third photo is a slightly different view of the second photo. 
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B rifevideos.com 





Once we knew that the EICO 377 was the audio oscillator that was used by Verne Thompson in 
the building of Aubrey Scoon's instrument we went through John Marsh's papers to see if they hap- 
pened to mention the EICO 377 instrument. We found in his papers a document which shows that John 
Crane and John Marsh were using the EICO 377 as a pad instrument. This new style of pad instrument 
used aluminum discs to come in contact with the body of the user instead of using a plasma tube. Be- 
low is a quote found in that document: 


"The device consists of: 1. An audio oscillator. These are produced by various firms such as 
Heath Company of Benton Harbor, Mich.; Electronic Instrument Co. of Long Island City, New York; 
R.C.A. ; General Radio; Knight Co.; and others as well as our own which was a Hartley oscillator ini- 
tially. 
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The model submitted herein is Model 377 EICO which is manufactured and sold by them as a commer- 
cial item." (Rife Virus Microscope Institute - EICO 377 document). 


It really shouldn't be a surprise that Verne Thompson used the EICO 377 in his building of Au- 
brey Scoon's original Beam Ray Clinical replica design since he was using it for their pad instrument. 
Since the EICO 377 was first built in 1952 this dates the building of Aubrey Scoon's instrument to 1952 
or later. This is also when the 812a vacuum tube was used by Verne Thompson in the newer design 
called the AZ-58. The AZ-58, built in 1953, was also a Beam Ray Clinical replica design. This explains 
why the correct vacuum tube for Aubrey Scoon's machine was not the 1930's 809 vacuum tube but the 
1950's 812a tube. 


In the 1940's and 1950's Verne Thompson was still building Beam Ray replica designs for those 
doctors who wanted to own an instrument. It is apparent that he was building instruments for anyone 
that wanted one and was not exclusive to John Crane or John Marsh since Dr. Rife and Verne Thomp- 
son did not meet John Crane until 1950. The Rife documents show that Rife, Crane and Marsh had 
Verne Thompson build their new machine which they called the AZ-58 in 1953. It used lower audio fre- 
quencies (original 1930's audio frequencies divided by a factor of 10 times) than what the original 
Beam Ray Clinical design used. Even though Verne Thompson was building the AZ-58 he was still 
building the original 1930's design which used the higher audio frequencies. The fact that Aubrey 
Scoon's instrument was built in 1952, or later, proves that both designs were being built at the same 
time in the 1950’s. The 1953 AZ-58 was using the lower audio frequencies (from 120 Hertz to 2128 
Hertz) and Aubrey Scoon's original Beam Ray replica was using the higher audio frequencies (1200 
Hertz to 21275 Hertz). 


Another discovery made by Roger Blain is also important. It is in regards to the Logo emblem 
that was on the case of Aubrey Scoon's instrument. Aubrey believed that the "B" Logo found on his in- 
strument must have been the original 1939-1939 Beam Ray Corporation emblem. Below is a photo of 
this emblem. This was actually the Logo of the company that built the instrument case. The company 
was Bud Industries. This company is still in business today and are building encloses for electronic de- 
vices. Their web site is http://www.budind.com. This discovery, by Roger Blain, also indicates that Au- 
brey Scoon just didn't do enough investigative work or he would have also discovered that this logo 
was not Beam Ray Corporations logo. 





The information in the next two paragraphs should actually be in Chapter 12. But we are also 
including it here for those who already have a good understanding of the audio frequencies used in this 
type of instrument. The reason we are including this information here is some people have asked 
whether the low audio frequencies (120 Hertz to 2128 Hertz) used in the 1953 AZ-58 are actually the 
original audio frequencies used in the 1938-1939 Beam Ray machine rather than the high audio fre- 
quencies (1200 Hertz to 21275 Hertz) used in Aubrey Scoon's Beam Ray replica instrument. This is a 
good question and it can easily be answered with certainty. The answer is in the math which produces 
the correct sidebands for each organism. Only the high audio frequencies (1200, 2400, 6600, 6900, 
7660, 7270, 7870, 8300, 8450, 8020, 16000, 17220, 18620, 20080, 21275) will produce the correct 
sideband frequencies which will produce the higher harmonic frequencies from Dr. Rife's original fre- 
quencies. Only six of the low audio frequencies (120, 660, 727, 1862, 2008, 2127-2128 or 2127.5 Hertz 
as given by John Crane) used in the 1953 AZ-58 when multiplied by a factor 10 times give the exact 
same high frequency used in Aubrey Scoon's instrument. But the other seven (712, 784, 776, 800, 
803, 880 and 1552 Hertz) when multiplied by a factor of ten times will not give the correct high audio 
frequency. These facts reveal which frequency list came first. Since we know that Philip Hoyland de- 
signed this Beam Ray Clinical machine and hid the method of using sideband frequencies to produce 
higher harmonics of Dr. Rife’s M.O.R. frequencies then only the list (Aubrey Scoon’s list) that will pro- 
duce Dr. Rife’s higher harmonic frequencies could be the original list. 


We will point out a few more facts. From the Beam Ray Trial we learned that no one but Philip 
Hoyland understood how the instrument worked. Not even Dr. Rife, Verne Thompson, John Crane or 
John Marsh or anyone else understood that the RF carrier frequency had to be matched to the audio 
frequencies in order to produce the sideband frequencies that would hit the higher harmonic frequen- 
cies of Dr. Rife’s original frequencies. John Crane and John Marsh said many times the RF carrier fre- 
quency did not matter. In fact, they eventually quit using the RF carrier frequency when they built their 
1950's contact pad style instrument. This clearly shows that they did not understand that the original 
Rife Ray #5 or Beam Ray Clinical instrument worked on harmonic sidebands. Had they understood this 
simple fact they never would have changed the RF carrier frequency or built their contact pad style in- 
strument without using an RF carrier frequency. They also would not have lowered or changed any of 
the audio frequencies if they understood the sideband method used by Philip Hoyland. Both frequency 
lists would be identical except that one list would be 10 times higher than the other list. Only someone 
who did not understand how the audio frequencies really worked would have lowered them and then 
changed them. Only the list which came first would have all the correct frequencies. Again this informa- 
tion proves that the high audio frequency list came first. The low audio frequency list used in the 1953 
AZ-58 would have come later in the 1950's because it is the list, when multiplied by 10 times, will only 
produce some of the correct sideband frequencies. Only someone such as Philip Hoyland could have 
made the high audio frequency list since the high audio frequencies are the only frequencies that will 
produce Dr. Rife’s higher M.O.R. harmonic frequencies. As we said, the answer to this question is 
found in the math. 


Now we will go back to the EICO 377 and Aubrey Scoon's audio oscillator. Other than the audio 
oscillator going to 200,000 Hertz (original Beam Ray instrument going to about 42,000 Hertz) Aubrey 
Scoon's instrument is a replica of the original Beam Ray Clinical instrument. With this knowledge we 
know that Aubrey Scoon's instrument was a faithful reproduction of Philip Hoyland's Beam Ray Clinical 
instrument. Just like the original Beam Ray Clinical instrument Aubrey Scoon’s Beam Ray Clinical rep- 
lica instrument used the sine wave waveform for both the RF carrier frequency and the low audio fre- 
quencies. The original machines waveform is shown in the first photo, on the left, at the top of the next 
page. The second photo, on the right, at the top of the next page shows Aubrey Scoon's instrument's 
modulated waveform. These two waveforms are similar. The replica that we built of Aubrey Scoon’s 
instrument does not have any parasidic oscillations and its waveform looks like the original Beam Ray 
Clinical instrument waveform shown in the first photo, on the left, on the next page. 
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The most important information that came with Aubrey Scoon’s instrument was the higher audio 
frequency list which the doctor who owned it used on his patients. Dr. Low's original Beam Ray Clinical 
instrument frequency list was lost to time. However, Aubrey Scoon’s frequency list was not lost so we 
can use it and reconcile its audio frequencies to Dr. Rife's original high RF frequencies using the side- 
band method that was used in this style of instrument. 


Since we know that Philip Hoyland tested this Clinical instrument in the laboratory he would 
have calculated the exact audio frequencies to hit the M.O.R.s. The Rife ray #4 frequencies could be 
one quarter of one percent off, because of the limits of the 1930's technology, if Philip Hoyland only 
read the frequency one time. This appears to be what happened because the frequencies read in 1935 
are rounded to the nearest one thousandth. In 1935 Philip Hoyland needed the information about the 
range of Dr. Rife's frequencies to build the Rife Ray #4. But in 1936 when he was building the Rife Ray 
#5 or Beam Ray Clinical instrument he needed more accurate frequencies for this new instrument 
since it was using the new sideband method. When the math was done using the high audio frequen- 
cies it showed that the frequencies were not rounded to the nearest one thousandth, but they were 
more precise. It is apparent that the testing Philip Hoyland did in the laboratory in the summer of 1936 
on microorganisms allowed him to get the most accurate frequency for each organism. In 1935 the Rife 
Ray #4 frequency given for Streptothrix was 192,000 Hertz but the frequency for the 1936 Rife Ray #5 
or Beam Ray Clinical instrument was 191,803. Not only was this frequency just a little different, but all 
the frequencies were a little different. This indicates that Philip Hoyland took a more accurate reading 
of the frequencies of each organism in 1936 for use in his new instrument. 


When we did the mathematical equations in order to determine if the audio frequencies from Au- 
brey Scoon's instrument could produce the correct M.O.R. frequencies when used with the 3.30 MHz 
RF carrier frequency the math had to be done in reverse order. Using the audio frequencies to deter- 
mine the most accurate M.O.R.s through the sideband frequencies was the only way to figure out what 
the frequencies were for each organism listed. If these harmonic frequencies, when divided down, were 
within one quarter of one percent of the Rife Rays #4 original M.O.R.s. then we knew that the 3.30 
MHz RF carrier frequency was the correct carrier frequency. This would also prove that the sideband 
method was the method of producing the M.O.R.s. in the Beam Ray Clinical instrument. Doing this 
would also show that the two instruments worked identically the same way. Aubrey Scoon’s Beam Ray 
Clinical instrument with its audio frequencies would firmly prove the sideband method was the method 
that Philip Hoyland developed. Aubrey Scoon’s instrument would also prove that Philip Hoyland used 
at least two different fixed RF carrier frequencies in the instruments in order to help keep anyone from 
figuring out the secrets of the instruments. If the carrier frequency is different then the audio frequen- 
cies will also be different because they have to be properly matched in order to create the sidebands 
on the correct high RF harmonic M.O.R. frequencies. 
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MULTIMETER 


¢ DC VOLTS - up to 1000 volts may 
be measured 


¢ AC VOLTS —- up to 750 volts can 
be measured. 

¢ DC 200 and 2000 u is a very small 
value for amps. 

¢ DC 20 and 200 mA (miliamps) is a 
small value for amperes. 

¢ DC 10A (amperes) is the largest 
value for amps this meter can read. 

¢ The red test lead plugs into the 
V/mA jack for testing voltage and 
for small (milli-amp) currents 

¢ The red test lead also is moved to 
the 10A for larger (10 ampere) 
currents. 

¢ The black test lead always plugs 
into the black COM (common) jack. 





Below is a frequency comparison chart of Aubrey Scoon’s Beam Ray Clinical replica instrument. 
In the “Rife Ray #4 Frequencies In Hertz” column are Dr. Rife's M.O.R. frequencies read by Philp Hoy- 
land in 1935. In the “Aubrey Scoon’s Sideband Audio Frequencies In Hertz” column are the audio fre- 
quencies used to create the correct sideband frequencies to hit the harmonic Rife Ray #4 frequencies. 
In the “Rife Ray #4 Frequencies Based on Scoon’s Audio Frequencies” column we see the more accu- 
rate M.O.R. frequencies that these audio frequencies produce. You will notice in the “Rife Ray #4 Fre- 
quencies In Hertz” column that the frequency for Actinomycosis or Streptothrix is 192,000 Hertz and in 
the “Rife Ray #4 Frequencies Based on Scoon’s Audio Frequencies” column is the frequency of 
191,803 Hertz. There is only a 197 Hertz difference between these frequencies. If you compare both of 
these columns you will notice how closely these frequencies match up. All the frequencies which are in 
the column “Rife Ray #4 Frequencies Based On Scoon’s Audio Frequencies” are less than one quarter 
of one percent off of the “Rife Ray #4 Frequencies In Hertz.” Anyone looking at this chart can see that 
this could not be just a coincidence. 


Aubrey Scoon’s Sideband Audio Frequencies Reconciled To Rife’s Original High Frequency M.O.R.s. 





Microorganism Rife Higher Rife Aubrey Higher Rife *Carrier | Number of Rife 
*These frequencies Ray #4 Ray #4 Scoon’s’ | Ray #4Harmonic | Difference | Sideband Ray #4 
were not included in Frequencies Harmonic Sideband Frequencies in | Frequency | Harmonics | Frequencies 
Aubrey Scoon’s In Hertz Frequencies Audio Hertz Based On Based On 
instrument. In Hertz Frequencies | Scoon’s Audio Scoon’s 
In Hertz Frequency and Audio 
3.30 MHz Carrier Frequencies 





Actinomycosis or 192,000 Hz | 3,264,000 or 17th 7,870 Hz 3,260,650 or 17th | 39,350 Hz 191,803 Hz 
Streptothrix 


15 


Pneumonia or Spinal 427,000 Hz 3,416,000 or 8th 7,660 Hz 3,414,900 or 8th | 114,900 Hz 426,862 Hz 
Meningitis 

Staphylococcus 478,000 Hz 3,346,000 or 7th 7,270 Hz 3,343,620 or 7th | 43,620 Hz 477,660 Hz 
Pyogenes Aureus 

Streptococcus 720,000 Hz | 3,600,000 or5th | 8,450Hz | 3,595,750 or 5th | 295,750 Hz 719,150 Hz 
Pyogenes 


14th 
Tuberculosis Rod 
Tuberculosis Virus 
Typhoid Rod 3,040,000 or 4th 3,037,800 or 4th /262,200Hz| 38 759,450 Hz 


Typhoid Virus 1,445,000 Hz | 2,890,000 or 2nd | 18,620 Hz | 2,890,360 or 2nd | 409,640 Hz 1,445,180 Hz 
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We will now give a simple description of how we reconciled these audio frequencies to Dr. Rife’s 
original high RF frequencies which were used in the Rife Ray #3 and Rife Ray #4 Rife Machines. The 
Rife Ray #4 paperwork gives us the Streptothrix frequency of 192,000 Hertz. Since we know that Philip 
Hoyland used the higher harmonic frequency closest to the RF carrier frequency in these instruments 
what we have to do is multiply 192,000 Hertz by 17 to get the closest frequency to the 3,300,000 Hertz. 
The 192,000 Hertz multiplied by 17 give us a frequency of 3,264,000 Hertz. The difference between 
these two frequencies is only 36,000 Hertz. This math gives us the method that Philip Hoyland used. 


Now Hoyland used an audio frequency of 7,870 Hertz as the frequency to produce the proper 
sideband spacing in Aubrey Scoon’s instrument. If we multiply 7,870 Hertz times 5 we get the fre- 
quency of 39,350 Hertz which is the closest frequency to 36,000 Hertz. If we take 3,300,000 Hertz and 
minus 39,350 Hertz we get 3,260,650 Hertz which would be the higher harmonic frequency which was 
used by Philip Hoyland on Streptothrix. Now if we divide 3,360,650 Hertz by 17 we get the true fre- 
quency of 191,803 Hertz used by Dr. Rife on Streptothrix. Aubrey Scoon’s sideband audio frequencies 
now give us the most accurate frequencies for the organisms since they are not rounded to the nearest 
thousandth. Those frequencies are found in the chart, on the previous page, with the column labeled 
“Rife Ray #4 Frequencies Based on Scoon’s Audio Frequencies”. The math we did for this chart shows 
that Aubrey Scoon’s Beam Ray Clinical Replica instrument works on the harmonic sideband method to 
produce the M.O.R.s. 


It wasn't until we were able to get the original Beam Ray Clinical instrument and figure out how it 
worked did we have the ability to determine how Aubrey Scoon’s replica instrument really worked. 
Once we understood how these instruments really worked we could finally figure out the M.O.R. fre- 
quencies for Sarcoma, Pneumonia and Tuberculosis. This was made possible because some other 
documents that we have gave a second reference point to work with to help us determine the correct 
frequency. Worms (hookworms) however, did not have a second reference point so the only way to 
produce the M.O.R. frequency for worms is through the sideband method using the audio frequency of 
2,400 Hertz in combined with the 3.30 MHz RF carrier frequency. 


Also included on pages 137 through 144 are the spectrum analyzer graphs showing the side- 
band frequencies for each organism using Aubrey Scoon’s Beam Ray replica instrument audio fre- 
quencies with his 3.30 MHz RF carrier frequency. These spectrum analyzer graphs also include An- 
thrax and Gonorrhea which was not included with Aubrey Scoon's audio frequency list. 


On page 145 are photos of Aubrey Scoon’s instrument that we built. On page 146 is the sche- 
matic of this 1950’s instrument. The 866 vacuum tubes have been replaced with solid state rectifiers. 
Also the old vacuum tube audio oscillator was not included in the case of the instrument. It is easier 
and more accurate to use Aubrey Scoon’s booster amplifier and a modern function generator to pro- 
duce the audio frequencies that were used in this instrument. The layout of the electronic parts of this 
instrument is also very important because of the inherent interference problems that come with RF os- 
cillators. Again anyone who would like to build this instrument should have a good understanding of old 
tube technology. Some parts of this circuit use up to 2000 volts DC with substantial current and can 
easily kill anyone who is not familiar with this kind of current or voltage. We take no responsibility for 
anyone who builds this instrument. We recommend that you have professional help. 


On pages 147-159 we have included in this report Aubrey Scoon’s original report that was on 
his website. The reason we have included his report in this report is due to the fact that Aubrey Scoon 
passed away a few years ago and his website is no longer available on the internet. The information 
that his report gives is very important to those who are interested in how Dr. Rife’s machines worked. 
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Chapter Summary: We now know that Aubrey Scoon's instrument is a copy Dr. Couches’ original Rife 
Ray #5 or Beam Ray Clinical instrument which Dr. Couche purchased from the original 1938-1939 
Beam Ray Corporation. Aubrey Scoon's instrument was built by Dr. Rife’'s engineer, Verne Thompson, 
sometime in 1952 or later. Dr. Low's original Beam Ray Clinical instrument, which was built by the origi- 
nal Beam Ray Corporation, was the most important machine found because it made it so we now know 
that it was Philip Hoyland who built the audio frequency instrument that used a fixed RF carrier fre- 
quency. With this information we were able to prove that Aubrey Scoon's instrument was a faithful rep- 
lica of the original Beam Ray Clinical instrument. It came with a frequency list that the doctor who 
owned it used on his patients. 


When it comes to the audio frequency list Aubrey Scoon's instrument is the most important Rife 
machine found because it gives us the original audio frequencies used in the original Beam Ray Clini- 
cal instrument. With this frequency list we have been able to prove that Philip Hoyland used higher har- 
monic frequencies of Dr. Rife's original Rife Ray #3 and Rife Ray #4 frequencies in his Beam Ray Clini- 
cal instrument. This list also gives us some of Dr. Rife's frequencies which had been lost, such as the 
BY Cancer virus frequency. This same audio frequency list was lowered by a factor of 10 times and 
used in the 1953 AZ-58 which was built by Verne Thompson. With this information we have been able 
to prove that these audio frequencies are not Dr. Rife's original M.O.R. frequencies and that they do 
not devitalize any microorganisms. These audio frequencies, when used with a 3.30 Megahertz carrier 
frequency, will produce harmonic sideband frequencies which will hit the higher harmonic RF M.O.R. 
frequencies found by Dr. Rife. Though Aubrey Scoon did not live to realize how important his instru- 
ment was we now know how important this Rife instrument really is. Dr. Low's instrument and Aubrey 
Scoon's instrument have revealed how Philip Hoyland's Beam Ray Clinical instrument was a harmonic 
instrument. 


In the next chapter we will discuss the 1953 AZ-58 built by Verne Thompson and the history of 
that instrument in detail. 


136 


Rife Ray #4 192,000 Hertz for Actinomy- 
cosis or Streptothrix. The 17th Higher 
harmonic frequency is 3,264,000 Hertz. 
Scoon’s audio frequency used for the 
proper sideband spacing is 7,870 Hertz. 
The 5th lower sideband hit the M.O.R 
within 1/8 of 1%. 


Rife Ray #4 139,200 Hertz for Anthrax. 
The 24th Higher harmonic frequency is 
3,340,800 Hertz. The audio frequency 
which could be used for the proper side- 
band spacing is *10,200 Hertz. The 4th 
upper sideband would hit the M.O.R. 


3150 3200 3250 





Rod. The 8th Higher harmonic frequency 
is 3,336,000 Hertz. Scoon’s audio fre- 
quency used for the proper sideband 
spacing is 8,020 Hertz. The 4th upper 


Rife Ray #4 417,000 Hertz for B or E Coli 
sideband hit the M.O.R within 1/8 of 1%. 


\ 


3150 3200 3250 3300 3350 3400 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 770,000 Hertz for B or E Coli 
Virus. The 4th Higher harmonic frequency 
is 3,080,000 Hertz. Scoon’s audio fre- 
quency used for the proper sideband spac- 
ing is 17,220 Hertz. The 13rth lower side- 
band hit the M.O.R Within 1/8 of 1%. 





Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 1,604,000 for the BX Cancer 
Carcinoma Virus. The 2nd Higher har- 
monic frequency is 3,208,000 Hertz. 
Scoon’s audio frequency used for the 
proper sideband spacing is 21,275 Hertz. 
The 4th lower sideband hit the M.O.R 


4th | within 1/4 of 1%. 
(I kHz 


3150 3200 3250 3300 3350 3400 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 


? Rife Ray #4 1,530,000 Hertz for BY 
Cancer Sarcoma. The 2nd Higher har- 
monic frequency is 3,060,000 Hertz. 
Scoon’s audio frequency used for the 
proper sideband spacing is 20,080 Hertz. 
The 12th lower sideband hit the M.O.R 
within 1/30 of 1%. 





Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 233,000 Hertz for Gonorrhea. 
The 14th Higher harmonic frequency is 
3,262,000 Hertz. Audio frequency which 
could be used for the proper sideband 
spacing is *9,500 Hertz. The 4th lower 
sideband would hit the M.O.R. 


3150 3200 3250 


3300 3350 3400 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 427,000 Hertz for Spinal Men- 
ingitis. The 8th Higher harmonic frequency 
is 3,416,000 Hertz. Scoon’s audio fre- 
quency used for the proper sideband 
spacing is 7,660 Hertz. The 15th upper 
sideband hit the M.O.R within 1/30 of 1%. 


-70 
3150 3200 3250 
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3300 3350 3400 3450 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 478,000 Hertz for Staphylococ- 
cus Pyogenes Aureus. The 7th Higher har- 
monic frequency is 3,346,000 Hertz. Scoon’s 
audio frequency used for the proper side- 
band spacing is 7,270 Hertz. The 6th upper 
sideband hit the M.O.R within 1/14 of 1%. 


| 


ill ly 


3150 3200 3250 3300 3350 3400 3450 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 720,000 Hertz for Streptococ- 
cus Pyogenes. The 5th Higher harmonic 
frequency 3,600,000 Hertz. Scoon’s audio 
frequency used for the proper sideband 
spacing is 8,450 Hertz. The 35th upper 
sideband hit the M.O.R within 1/8 of 1%. 


| 
i | 
kHz 


3500 3550 3600 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 789,000 Hertz for Syphilis. 
The 4th Higher harmonic frequency is 
3,156,000 Hertz. Scoon’s audio frequency 
used for the proper sideband spacing is 
6,600 Hertz. The 22nd lower sideband hit 
the M.O.R within 1/26 of 1%. 


kHz 
3050 3100 3150 3200 3250 3300 3350 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 234,000 Hertz for Tetanus. 
The 14th Higher harmonic frequency Is 
3,276,000 Hertz. Scoon’s audio fre- 
quency used for the proper sideband 
spacing is 1,200 Hertz. The 20th lower 
sideband hit the M.O.R exactly. 


3250 3300 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 
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Rife Ray #4 369,000 Hertz for Tuberculo- 
sis Rod. The 9th Higher harmonic fre- 
quency is 3,321,000 Hertz. Scoon’s audio 
frequency used for the proper sideband 
spacing is 8,300 Hertz. The 3rd upper 
sideband hit the M.O.R within 1/8 of 1%. | 
| 3rd 


3150 3200 3250 3300 3350 3400 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 


? Rife Ray #4 769,000 Hertz for Tubercu- 
losis Virus. The 4th Higher harmonic fre- 
quency is 3,076,000 Hertz. Scoon’s audio 
frequency used for the proper sideband 
spacing is 16,000 Hertz. The 14th lower 
sideband hit the M.O.R exactly. 





Scoon’s Beam Ray Clinical instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 
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DIGITAL MULTIMETER FRONT PANEL SYMBOLS 


Symbol 


Hz 
RELA 
Range 


Hold [fl 


MIN MAX 


rN 


Meaning 


VDC 


V AC 

millivolts (.001V or 1/1,000V) 
Amps 

milliamps (.001A or 1/1000A) 


microA (.000001A or 1/1,000,000A) 


Resistance (Ohms) 
kilo-Ohms, Megohms 
Continuity beeper 
Capacitance (uF: Microfarads) 
(nF: Nanofarads) 
Diode test 
Hertz (cycles/sec) 
Relative or offset reading 
Manual override of autorange 
Touch Hold-last stable reading 
Highest, lowest recorded readings 
Dangerous voltage levels 
Caution: see manual 


Rife Ray #4 760,000 Hertz for Typhoid 
Rod. The 4th Higher harmonic frequency 
is 3,040,000 Hertz. Scoon’s audio fre- 
quency used for the proper sideband 
spacing is 6,900 Hertz. The 38th lower 
sideband hit the M.O.R within 1/11 of 1%. 


3050 3100 3150 3200 3250 3300 


Scoon’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic frequencies. 


Rife Ray #4 1,445,000 Hertz for Typhoid 
Virus. The 2nd Higher harmonic fre- 
quency is 2,890,000 Hertz. Scoon’s audio 
frequency used for the proper sideband 
spacing is 16,620 Hertz. The 22nd lower 
sideband hit the M.O.R within 1/80 of 1%. 


2.9 3.0 3.1 3.2 3.3 3.4 


Scoon’s Hoyland’s Beam Ray Clinical replica instrument 3.30 Megahertz spectrum analysis of sideband harmonic 
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Photos of the rebuilt Aubrey Scoon Beam Ray Clinical instrument 
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ceramic 


Aubrey Scoons 
Booster Amplifier 








Hammond 16656 


Re 
10K (2.2% eff to GND), 756 


Reference: Reverse engineered by Aubrey Scoon's British Rife Group 


Simplified and updated by Jeff Carff 4711788 


Tuning set to 4,68 MHz 
Bt #3038 cut in half 
ce 2.5" dia. x S* long 


5.6nf,2KY ceramic bed 


Choke, RF, 1-3.5mH, 3A 


QD 2) NOQOQQQQQ0Q0 


Ray Tube 
Helium Gas 12mm press 
Electrodes 2" apart &@ 1 174 " dia. 
7" dia. 3 Liter Pyrex Flask 
cé 
1S5OpF ,3KY ceramic 





Bill Chebs 
6" Phanotron Ray Tube 
with the 8" Ray Tube electrodes 
set 2" apart works best 


1942 Aubrey Scoon Instrument. Built 
for Dr. Rife by Verne Thompson from 
Philip Hoyland’s Beam Ray design 


|  Revae | 
Redraun by Jeff Garft =— oa Page 1 of 1 
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Aubrey Scoon's 1939 Rife Beam Ray Website Report 





1) Used a Ray Tube. 

2) Used a fixed 3.30 MHz carrier frequency. 

3) Modulated sine wave audio frequencies onto a sine wave carrier frequency. 
4) Power usage was about 460 watts. Output to the ray tube about 40 watts. 


The 1939 Beam Ray Machine? 


Aubrey Scoon’s instrument is an important part of this report. We felt that his information about 
this machine should be added and included in Chapter 11. All of this information was originally on Au- 
brey Scoon’s web site but since he has passed away his website is no longer available. This informa- 
tion is to important to be lost. Even though we now know that his machine was not built by the original 
Beam Ray Corporation it is still a copy of the original Rife Ray #5 or Beam Ray Clinical instrument. 
This machine was built by Verne Thompson in 1952 or later and used the original 3.30 MHz RF carrier 
frequency. It also used Philip Hoyland’s original audio frequencies that will produce the original side- 
band frequencies that will would hit the higher harmonic frequencies of Dr. Rife’s original M.O.R.s. 


Below is Aubrey Scoon's written Report: 

In 1938, a group of British researchers headed by Dr Bertram Winter Gonin, sought to buy some 
experimental machines from Rife to confirm his work. At that time, Rife had no commercial operation 
capable of handling the orders and at the instigation of his old friend Ben Cullen, Rife consented to the 
formation of a commercial company called Beam Rays Inc. At that time, the majority owner of the 
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rights to the machine was an electronics engineer called Philip Hoyland. Hoyland had designed and 
developed all of the original Rife machines since late 1934. Hoyland and Rife became partners in 
Beam Rays Inc. The company produced a small number of machines but suffered internal conflicts be- 
cause of the actions of some of the other partners and because of frictions between Hoyland and 
Gonin's group. Hoyland believed that Gonin and his partners were trying to steal the technology for 
themselves. Subsequently, the company was destroyed in 1939/1940 when Hoyland brought a lawsuit 
against Beam Rays in an attempt to stop one of the partners from illegal stock trading and also to dis- 
solve the contract with the British. Fuller details of this are being written up and will be posted here in 
the near future. 


The Beam Ray Corporation produced a number of machines. I'm not sure of the exact number 
as | have seen varying accounts, but | believe that about 17 machines were produced and shipped to 
MD's in California. Another four machines were shipped to England to Dr. B. Winter Gonin of the Lon- 
don School of Tropical Medicine. There was some argument between Rife and Hoyland over these 
machines and their operating principle, however various MD's including James Couche used one of 
these machines for many allegedly successful treatments of patients for many years. 


The U.K. Rife Research Group managed to get access to one of the machines believed to be 
one of the originals that were shipped to California in the late 1930's. | reverse engineered that ma- 
chine and present the results below. | have a lot of data on this machine of which this is only part, | will 
add things as | get time as much of the data needs to be organized properly. The exact date of the ma- 
chine is unknown - we know that it was built sometime between the autumn of 1938 and the early part 
of 1939 - so it may actually be a 1938 machine. 


| would like to express my thanks to Robert Harrison, an expert valve/tube engineer (I'm not a 
valve/tube expert) who gave me massive help and support during the reverse engineering process and 
who corrected numerous silly mistakes that | made! My thanks also to Stuart Andrews and Bob Hain- 
ing for their help and support in this effort. 


Machine Schematic 


Below are the machine schematics and links to some photographs. The schematics have been 
rendered into PDF format which allows them to be zoomed to resolve fine detail. 


These machine schematics are only included in the online report due to the fact that some of 
them would not be readable. Please go to the following web address to obtain these schematics: 


www.rifevideos.com/aubrey_scoons_1939_rife_beam_ray_.htm. 


WARNING: These schematics are presented for information only. Do not try to construct a copy of this 
machine unless you are knowledgeable and experienced in high voltage valve/tube work. The tube fila- 
ments need to be heated for a couple of minutes before switching on the HT - failure to do this will 
blow them. In addition, some parts of this circuit use up to 1750 volts DC at substantial current and can 
easily kill in inexperienced hands. 


Booster Amplifier Schematic 


At the same www.rifevideos.com link, given above, is the booster amplifier schematic. This is for 
a transistor booster amplifier | designed. It is possible to separate the Beam Ray machine output stage 
from the oscillator stage and to drive the output stage directly from a modern digital frequency genera- 
tor. This allows much more precise and accurate frequency control than the original. But the output 
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stage requires over 40 V p-p to drive it properly at 100% modulation and most modern generators are 
not capable of outputting this kind of voltage. So the booster stage allows a low level signal between 
20Hz and 200Khz (the original range of the machine) to drive the output at up to approx 66 V p-p with- 
out significant signal distortion (it can be driven at higher inputs of up to 2 V p-p with clipping). An input 
of 951 mV will cause 100% modulation of the Beam Rays machine and an input of 1.5 V p-p will result 
in significant over modulation without distortion of the modulating signal itself. The booster amplifier 
has a bandwidth of approximately 800 KHz and so can also be used as a general purpose wideband, 
high voltage buffer amplifier as well. 


Plasma Tube Photos 


The first two photographs below show the Nazarov phanotron running on the Beam Ray Ma- 
chine. And below in the third photo is a close-up of the electrodes of the original plasma tube. 
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Inside the Beam Rays Machine 


The picture below is of the output stage of the machine. The tank coil can be clearly seen on the 
right with the 812 (should be 809) output triode next to it. The output jacks are in the center top. The 
HT transformer is at the back left with the two 866 mercury vapour rectifiers in front of it. Picture cour- 
tesy of Stuart Andrews. 





The next photo below is the underside of the output stage (note that some components on both 
stages had to be replaced with modern ones to get the machine working because the originals had de- 
teriorated too much). 








Beam Ray Carrier Waveform Photographs 





Here are various photographs | took of the machine's waveforms on an oscilloscope. Note: 
these were taken with the 812A tube in place. The waveforms produced when an 809 is used are 
smoother and more sinusoidal. 


barieficurrert Waveform 





These photos on the previous page are the carrier waveforms for both voltage and current. The 
actual carrier frequency of the machine depends very much on the plasma tube and also on coupling 
effects between the tube and any person in the vicinity. 


This has made it very difficult to get accurate measurements of the machine because even be- 
ing in the same room as the machine causes the frequency to alter! 


However, after many experiments | am reasonably certain that the resting carrier wave fre- 
quency, undisturbed by any local effects is approximately 3.33 MHz. 


Because the wave is not a pure sine there are strong harmonics at many other frequencies as 


well. Some of the dominant harmonics have been observed at approximately 2.3 MHz, 4.6 MHz and 
9.09 MHz. 


Photo Comparison To Earlier Rife Machine 


Comparison of wave from original Rife machine (top) with the waveform from the Beam Rays 
machine (bottom). Note the similarities in the wave envelopes. 
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Effect of Modulation Depth 


Wave 1 - this is one burst of the tank waveform at 1430 Hz (scope settings on uncalibrated and ad- 
justed for better resolution) and in excess of 90% modulation depth (sine wave). 


Wave 2 through Wave 4, this is what happens as the modulation depth is successively increased - 
Wave 4 is pretty much 100%. The number of cycles per burst (a burst is approx 20ms apart and is set 
by the mains cycle) decreases with increasing modulation. 

Wave 5 - as you enter over modulation, the burst breaks up into smaller chunks. 


Wave 6 - at approx 50V p-p modulation the wave is over modulated and consists of single cycle pulses 
grouped into bursts. 





Wave 1 Wave 2 





Wave 3 Wave 4 





Wave 5 Wave 6 
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Analysis Of Beam Ray Machine Operation 
Below is a more detailed description and brief analysis of the operation of the Beam Ray machine. 
The machine has 3 external controls. The leftmost one is a 4 way rotary switch with positions 


labeled 1 through 4. These are the (modulation) frequency bands of the machine. The total range of 
the modulation settings is from approximately 20 Hz to 200 KHz in 4 decades as follows: 





Band Frequency Ranges 


Band 1: 20 Hertz to 200 Hertz. 
Band 2: 200 Hertz to 2000 Hertz. 
Band 3: 2000 Hertz to 20,000 Hertz. 


Band 4: 20,000 Hertz to 200,000 Hertz. 
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Main frequency Dial Adjustment 


The center control is the main modulation frequency dial. This is calibrated in one step units 
from 0-100. The dial superficially appears to be a vernier dial but isn't, although it is finely marked, of 
good quality and is geared down, so a single turn does not move it completely from end to end. A reso- 
lution of 1/2 a division is easily possible. 





Modulation Amplitude Control Dial 





The right hand control is the modulation depth control. It varies the modulation applied to the 
grid of the output triode from 0 to 50 V p-p. The highest setting of 50V p-p is not 100% modulation, but 
rather over modulation of about 115%. 
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Treatment Settings 


The machine came with some old diary pages with a series of treatment settings scribbled on 
them. The year of the diary was not shown, just the months but February was shown. It was not a leap 
year and by matching the days of the week to the dates it had to be 1939. There were the "usual" Rife 
pathogens plus a few more ailments that | had never seen quoted on any other early Rife machine list. 
Unfortunately they were not all complete so it wasn't possible to derive the true frequencies for all of 
them. The anomalies included: 


"V" with a setting of band 3, dial 39 - but | have no idea what this is. 
"Radiation" with a strange setting of "2-17-3" which could mean band 2 or 3 dial setting 17. 


Pain - "20", lodine Poisoning - "92", Mercury Poisoning - "55", Tissue repair - "58", Scar Tissue - "13", 
Mucous Colitis - "38", Hemorrhoid - "88", Catarrh - "17", Inflammation - "40" and Irritation - "30". 


The ones that could be clearly resolved are shown in the table Below. The treatment frequen- 
cies are all approximately 10 times the ones listed in the modern Crane derived frequency lists for the 
various conditions. 
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Audio Frequency Circuit Analysis 








The most striking thing about the Beam Rays audio frequency circuit at first glance is the oscilla- 
tor section. The machine oscillator is clearly a first generation Hewlett Wein Bridge circuit. What makes 
this particularly notable is that Hewlett (Hewlett-Packard) only invented the circuit around the time the 
Beam Rays machine was built. Because it was so new and had not found its way into commercial de- 
signs it tends to imply that there might have been some connection between Hewlett and Beam Rays. 


| have written a detailed account of the history entitled: "The Hewlett Connection." To read this 
report go online to: www.rifevideos.com/aubrey_scoons_1939_rife_beam_ray_.htm. 


The earlier Rife machines had used the Hartley oscillator circuit which was no where near as 
stable as the Hewlett Wein Bridge. So the use of this circuit was a big step forward for Beam Rays. 
The earlier machines had been plagued with apparent frequency instability which made consistent use 
very difficult. The Wein bridge circuit was an apparent solution, but in practice there was another factor 
that they apparently did not take into account. 


The Beam Rays oscillator is remarkably stable - it drifts by only a few Hertz during normal op- 
eration and is superior to many modern analog generators. But it has one major drawback. Tuning is 
achieved by way of a variable capacitor. This capacitor is connected directly to the tuning dial. The tun- 
ing dial is a geared down dial that allows very precise turning of the capacitor shaft. However in prac- 
tice it suffers from a slight degree of "backlash" - in other words, no matter how carefully you turn the 
dial, there is always some residual pressure on the rotary shaft - and left to itself for a while this resid- 
ual pressure or tension causes the capacitor shaft to turn back by a small amount. This is enough to 
throw the tuning out by a couple of Hertz in the lowest range - and the problem multiplies by a factor of 
10 for each higher range. So in the top range the backlash can throw the frequency setting off by ap- 
proximately 2 KHz. In addition, because the relationship between the dial setting and the actual fre- 
quency is non-linear, the problem is always worse toward the top of the scale (i.e. the dial is calibrated 
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from 0 to 100 - the problem is much more pronounced near 100 than it is near 0). One of the ways in 
which this manifests most noticeably is that turning the dial down from a higher number results in a 
lower overall frequency than turning the dial up from a lower number to the same final setting. 


The frequency setting is obviously critical and this may explain why some frequency stability re- 
lated problems were encountered even with this extremely good oscillator. 


The presence of the Hewlett oscillator explains also the general build of the machine. When | 
examined the machine there were various minor anomalies. One of which was the size of the two 
chassis. They are both much bigger than they need to be. Also there are two separate chassis and the 
earlier Beam Rays machines had only one. Another thing is that there is a circuit on the oscillator stage 
which is not connected and not used. This was probably meant to be able to create square waves by 
sine overdrive and clipping. Finally the mounting holes on the chassis do not correspond with the 
mounting holes on the case - someone has drilled new holes in both chassis to remount them in the 
case. This could mean that the case the machine is in is not the original case it was shipped in. Alter- 
natively it could mean that the chassis were previously mounted in a different way (maybe in a different 
case) prior to shipping. 


Taking all these things together leads me to the conclusion that the machine | examined is 
probably an original prototype. This makes sense considering that the Hewlett oscillator was so new. 
Obviously, Phillip Hoyland or whoever built the machine decided to try making the oscillator stage 
separately from the output stage. The output stage is presumably the same as in earlier Beam Rays 
machines (it looks the same as a 1937 Beam Rays machine), but clearly they decided to build the os- 
cillator on a separate chassis. The chassis were overlarge to allow for circuit expansion and modifica- 
tion. The unused circuit was probably tested at some point and found to be unnecessary. And it is likely 
that during development the different mountings were used on some sort of open frame to allow testing 
and measurement. 


But this prototype machine was shipped and sold as a finished unit, why? The answer is proba- 
bly quite obvious. The machine was produced during the great depression. Everything was expensive; 
Beam Rays was a small company and needed to keep down costs. The prototype was probably only 
needed during development. Once everything had been worked out satisfactorily, the prototype was no 
longer needed - and could be sold for a substantial profit, as it was effectively a working machine of a 
new design. 


The 6SJ7 and 6K6(B) tubes on the combined schematic are the basic Hewlett Wein Bridge os- 
cillator circuit. See "The Hewlett Connection" for a schematic of Hewlett's patented design. The third 
tube marked 6K6(A) is a simple cathode follower buffer stage, analogous to a modern transistor emitter 
follower circuit. This circuit has high input impedance, low output impedance and unity gain. It is de- 
signed to insulate the sensitive oscillator section from the following output stages. The 6SN7 tube is 
the unused circuit and as mentioned above was probably meant to be part of a fast clipper amplifier to 
produce square wave modulation. 


The oscillator stage creates a pure sine wave from approx 20 Hz to 200KHz depending on 
range and dial setting. It also produces a variable amplitude output which can be adjusted from Ov right 
up to approx 50V peak to peak. 


The output stage consists mainly of a single power triode. Although the machine had an 812A 
triode in it when | got it, | believe the correct original tube was an 809. The machine runs a lot more 
cleanly and stably with an 809 than an 812A. The stage is self-oscillating; it has a simple regenerative 
feedback arrangement from plate to grid via two capacitors and the tank coil. The degree of feedback 
can be adjusted by means of a large power resistor from the grid to ground. 
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Note: the machine was not actually grounded, the negative end of the supplies connected to the chas- 
sis and all "grounds" were actually referenced to the chassis. | found in practice that the chassis did 
tend to accumulate quite a nasty residual charge after the machine had been operating and so | 
grounded it which did not seem to affect the operation of the machine. The output stage is actually a 
Hartley oscillator, although not obviously so, because the output capacitor in series with the plasma 
tube capacitance represents the "tuning" capacitance of the circuit. The large power resistor in series 
with the tube affects the oscillator loading, the output field impedance and also the Q of the resonant 
circuit. Because the plasma tube is an active circuit element, capacitive coupling from anybody in the 
vicinity of the plasma tube actually causes changes in the oscillator frequency. The "resting" frequency 
of the output oscillator is around 3.30 MHz using the 812A and an Argon (Nazarov) phanotron tube. 
When the tube was was changed to an 809 and a 15mm Helium Cheb phanotron was used, the 
"resting" frequency changed to 4.68 Mhz and the wave became much more sinusoidal . 


The output from the modulation oscillator stage is capacitively coupled to the output triode grid 
via an inductor. The latter is designed to prevent the carrier oscillations from feeding back into the 
modulation oscillator stage. 


The DC HT power for the output triode is derived from a 1235 VAC plate transformer by two 866 
mercury vapour rectifiers. The DC output is smoothed via a large choke and a filter capacitor to 
ground. There is also an RFC choke in the line to the plate. The net voltage at the plate of the triode is 
only around 550V DC which is consistent with a choke smoothed circuit. However much more interest- 
ing is the other end of the tube - the filaments (which double as cathodes) are connected to a direct AC 
filament heater transformer which means that there is an additional modulation at the 60Hz mains fre- 
quency (cathode modulation). 


In practice during operation, the machine creates the carrier waveform (which is not very clean 
and contains a lot of harmonics - it has a superficial similarity to a sawtooth wave). 


UPDATE: the carrier waveform is smoother with the 809, but still contains some strong harmonics. The 
carrier is then amplitude modulated by the sine wave produced by the modulation oscillator. However, 
in addition, the AC cathode connection causes a further modulation at 60Hz. In effect the modulated 
wave is chopped into chunks or bursts that are one period of a 60 Hz cycle apart. And the envelope of 
the wave is effectively the first quarter cycle of a 6OHzZ cosine wave. In some respects this is like a very 
crude approximation to a damped wave. | believe that the latter is not a design flaw but rather a fea- 
ture. 


In the next chapter we will discuss the 1953 AZ-58 built by Verne Thompson and the history of 
that instrument in detail. 
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Chapter #12 


Dr. Rife and Verne Thompson’s 
1950’s AZ-58 Beam Ray Replica Rife Machine 


i: 





1. Used a ray tube. 

2. Variable RF carrier frequency between 2.20 and 5 MHz. (First used 4.68 carrier). 
3. Modulated square wave audio frequencies onto the sine wave carrier frequency. 
4. Power usage was about 460 watts. Output to the ray tube about 40 watts. 


With the knowledge gained from obtaining the original Rife Ray #5 or Beam Ray Clinical instru- 
ment we know that the 1953 AZ-58 design is an updated replica of Philip Hoyland's Beam Ray Clinical 
Rife Machine. The 1953 version was updated with newer component parts. Dr. Rife’s engineer, Verne 
Thompson had been building this type of Rife Machine during the 1940’s and 1950's. We will now 
cover this information in more depth. This style of instrument worked well as long as it was using the 
sideband method. From the stress of the Beam Ray Trial, Dr. Rife became an alcoholic and all that he 
had worked so hard to accomplish was almost destroyed. Many of the doctors had returned their instru- 
ments because of AMA threats. Some of these returned Beam Ray Clinical instruments Dr. Rife parted 
out and sold to anyone who wanted radio parts. Under these circumstances Beam Ray Corporation 
eventually closed its doors. Verne Thompson became Dr. Rife’s engineer around 1940 and built the 
Beam Ray style Rife Machines during the 1940’s and 1950’s for anyone who wanted an instrument. 
The documents show that back in 1939 Dr. Rife wanted to go back to the original principles of his in- 
strument rather than use Philip Hoyland’s harmonic Beam Ray Clinical design. This is what Dr. Rife 
said in a 1939 letter sent to Dr. Gonin: 


RIFE: “/ spoke only Friday evening to a Mr. John Chamblin, a radio man now connected with Beam 


Ray Inc., about the redesign and building of a device according to the old Rife Ray principles; as the 
present instrument has been so deviated away from that old principle that it is nowhere near the 
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same...those devices which you have are merely working on a harmonic and not a true frequency; and 
in our research on electronics, we definitely know that there is no possible way of controlling electrical 
harmonics of a frequency.” (Letter from Dr. Rife to Dr. Gonin, May 14, 1939. Page 1 of 3). 


Because Dr. Rife didn’t understand Philip Hoyland’s harmonic sideband method he believed that 
the harmonics could not be controlled. Sidebands can be controlled by the audio frequency which is 
used to create them. Had Dr. Rife been given the understanding of how the instrument worked he 
would have known that they were controllable. Because of this misunderstanding Dr. Rife wanted to go 
back to the original designs of his earlier Rife Machines. It is also a historical fact that he never did go 
back to using his original designs like the Rife Ray #4. There is a reasonable explanation for this. Back 
in the late 1930’s and early 1940’s the FCC began controlling the airwaves and hundreds of new radio 
stations were being granted licenses. The RF M.O.R. frequencies which were output by the Rife Ray 
#3 and Rife Ray #4 were almost all in the A.M. radio band of frequencies and would interfere with these 
new broadcasting stations. These events probably brought about the continued use of Philip Hoyland’s 
Beam Ray Clinical Rife Machine since it operates out of the A.M. band and in the low ham radio range. 
In Chapter 9 of this report we also read that Dr. Rife tested Philip Hoyland's instrument, in about 1940, 
when he had Verne Thompson rebuild Dr. Yale's Beam Ray Clinical instrument. In those tests Dr. Rife 
found that Philip Hoyland's design would devitalize all the microorganisms. The tests that were done by 
Dr. Rife showed that this style of instrument worked. This meant that he really didn't need to go back to 
his earlier designs even though he may have wanted too. 


There are a few important facts that should be pointed out. Dr. Rife at any time could have had 
an original Ray tube instrument built. He had a Rife Ray #4 in his lab that could have been copied. | am 
sure that he also had access to the Beam Ray Laboratory instrument. These facts, | believe show that 
it was probably because he knew that Philip Hoyland's design was a good design that he continued to 
use it. It could also be because of the FCC regulations Dr. Rife either had to use the Beam Ray Clinical 
instrument design or no longer build one. We know, from the documents, that Verne Thompson was 
copying Dr. Couches’ instrument with its fixed RF carrier frequency of 3.30 MHz. This carrier frequency 
was well above the A.M. band of radio stations. Since the Beam Ray Clinical instrument used the 
higher harmonics of the original Rife Ray #4 frequencies this would not cause any problems with the 
A.M. radio stations. The FCC was, at the least, a contributing factor in why Dr. Rife continued to use 
Rife Ray #5 or the Beam Ray Clinical design. 


With the understanding of this information let us continue on with the history of Dr. Rife’s instru- 
ments. John Crane met Dr. Rife in 1950 when he inquired about purchasing a drafting set that Dr. Rife 
was selling. John Marsh met John Crane in 1952 when they were both working at Convair. See photos 
below. John Crane is the photo on the left and John Marsh is the photo on the right. 
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They both went to talk to Dr. Rife in 1953 to see if he would be willing to help with John Marsh’s 
wife who had cancer. In Dr. Rife’s 1961 deposition #123-125 we have the verification that Dr. Rife gave 
John Crane his frequencies in 1950: 


COMPARET: “Did you ever explain to John F. Crane, one of the defendants in this case, the principles 
upon which your electronic frequency-generator is used in the treatment of diseases?” 


RIFE: “Yes in 1950.” 


COMPARET: “Did you also inform him of the particular frequencies which you had found to be effective 
in the treatment of various diseases?” 


RIFE: “Yes. Verne Thompson and | gave the frequencies to John Crane.” 


COMPARET: “When did you furnish him with this information?” 
RIFE: “/n 1950.” 


Dr. Rife always said that almost all his frequencies were in the upper bands (139,200 Hertz to 
1,607,450 Hertz) so we know that he gave these high RF frequencies to John Crane in 1950. These 
frequencies would have been the frequencies used in the Rife Ray #4. The audio frequencies that were 
used in Dr. Couche's Beam Ray Clinical instrument also may have been given to John Crane at this 
time. There is an interesting correlation of these audio frequencies that needs to again be mentioned at 
this time which ties these machines together. The higher audio frequencies, which produce the side- 
band spacing, used in the 1950’s Aubrey Scoon, Verne Thompson Beam Ray Clinical instrument were 
10 times higher than those used in the Verne Thompson 1953 AZ-58 Beam Ray Clinical replica. It is 
apparent that these higher audio frequencies were lowered in the 1950's by Dr. Rife, John Crane and 
John Marsh and were used in the AZ-58 replica instrument. This gives us the knowledge that these au- 
dio frequencies came from Verne Thompson’s reading of one of these Beam Ray Clinical instruments. 
The chart, shown below, is a list of the lowered audio frequencies which were used in the 1953 AZ-58. 


AZ-58 Lower Audio Frequencies Derived 
From Aubrey Scoon’s Beam Ray Replica Instrument. 





B or E Coli Rod Streptothrix 


B or E Coli Virus 1552 Hz Syphilis or Treponema 660 Hz 
BX Virus Carcinoma 2128 Hz 120 Hz 


BY Sarcoma 2008 Hz Tuberculosis Rod 803 Hz 
Gonorrhea 712 Hz Tuberculosis Virus 1552 Hz 


Pneumonia or Spinal 776 Hz Typhoid Rod 712 Hz 
Meningitis 
Staphylococcus f2t HZ Typhoid Virus 1862 Hz 


The original Beam Ray Clinical instrument we have has an RF carrier frequency of 3.80 MHz. 
Aubrey Scoon’s Beam Ray Clinical replica instrument’s RF carrier frequency is 3.30 MHz. The audio 
frequencies Aubrey Scoon’s instrument used, we showed earlier in this report, will not work with the 
original Beam Ray Clinical instrument that we have because the audio frequencies have to be matched 
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to the RF carrier frequency. The AZ-58's RF carrier frequency was set at 4.68 MHz as written down on 
the schematic and as per the FCC. Aubrey Scoon’s Beam Ray Clinical instrument audio frequencies 
would not produce the correct sideband spacing with the AZ-58 RF carrier frequency because the au- 
dio frequencies are calculate to work with a 3.30 MHz RF carrier frequency not a 4.68 MHz RF carrier 
frequency. This also verifies to us that Philip Hoyland was using different RF carrier frequencies in the 
Beam Ray Clinical instrument. It also indicates that both Rife and Verne Thompson did not understand 
the importance of using the correct RF carrier frequency with the correct audio frequencies. 


John Crane said this in his “Crane Report”: 


CRANE: “The instruments were completed by Crane and Thompson in 1953, but the test results were 
negative.” (The Crane Report” page 6). 


With the carrier frequency set at 4.68 MHz as per their FCC license, instead of 3.30 MHz, the 
audio frequencies they used would not make the correct sideband spacing and the instrument wouldn't 
have worked like they expected. Logically, if they understood the relationship of the RF carrier fre- 
quency and the audio frequencies they would have change the RF carrier frequency back it to 3.30 
MHz or recalculated new audio frequencies to work with the 4.86 MHz RF carrier frequency, but they 
didn’t do either. 


Even with the wrong RF carrier frequency Dr. Rife, John Crane and John Marsh would have first 
tried the higher audio frequencies in the sine wave waveform like the original Beam Ray Clinical instru- 
ment used. Apparently when this didn’t work, because the carrier frequency was wrong, they lowered 
the audio frequencies by a factor of 10 times and then changed the sine wave waveform to a square 
wave waveform. This appears to be the first time square wave was used. This change from sine wave 
to square wave wasn’t really necessary since the circuit design will create a square wave looking wave- 
form out of a sine wave anyway. The photo, shown below, is of AZ-58 waveform. 
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Using the square wave waveform would not have changed how the sidebands would have 
worked. But it would have created true square wave harmonics which the instrument did not have when 
it was using the sine wave waveform. John Crane mentions that this is when the instrument started to 
work better. So we are left to assume that he was referring to the use of the square wave waveform. It 
is ironic that they used a square wave waveform that produces harmonics in order to get the instrument 
to even begin to give them any results. Had they really understood how the audio frequencies inter- 
acted with the RF carrier frequency they would have recalculated the audio frequencies to work with 
the new 4.68 MHz carrier frequency instead of lowering the audio frequencies by a factor of 10 times. 
Then the square wave waveform change would not have been necessary. These important facts that 
have been pointed out again show they did not understand the relationship between the REF carrier fre- 
quency and the audio frequencies. All they managed to prove is neither the carrier frequency nor the 
audio frequencies will do anything by themselves. 
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This change from sine wave to square wave also created a whole new methodology of using fre- 
quencies. Instead of relying on the interaction of the sine wave audio frequency with the sine wave RF 
carrier frequency to produce the correct sideband harmonic M.O.R. to devitalize the organisms they 
were now depending only on the harmonics from the square wave waveform to hit the correct M.O.R. 
frequency. This change was also another indication that they didn’t understand how the Beam Ray 
Clinical instrument worked. 


Another thing that shows that they did not understand how the Beam Ray instrument worked is 
the fact that they didn’t recalculate the audio frequencies to properly use the square wave harmonics to 
hit the high frequency M.O.R.s. This shows that they believed that the lower audio frequencies, which 
they were using, were the M.O.R.s. of the organisms even though they had no harmonic relationship 
with the original M.O.R.s. used in the Rife Ray #4. We must point out that the square wave mathemati- 
cal method we are talking about here is completely different than the harmonic sideband method which 
Philip Hoyland used. 


In many of the documents we find that both John Crane and John Marsh firmly believed that 
these lowered audio frequencies were the M.O.R. frequencies that would devitalize the organisms. 
Even Dr. Rife appears to have believed that the audio frequencies were the M.O.R.s. as long as they 
were used with Philip Hoyland’s Beam Ray Clinical design. In Dr. Rife’s original equipment like the Rife 
Ray #3 and the Rife Ray #4 he knew that the M.O.R. frequencies were the high RF frequencies. But 
since Dr. Rife didn’t really understand exactly how Philip Hoyland’s instrument worked it appears that 
he accepted the concept that the audio frequencies were the M.O.R.s, or created the M.O.R.s, as long 
as they were used with that style of instrument. Without understanding these facts it is hard to under- 
stand the rest of the history of Dr. Rife’s instruments. The fact that they believed that the audio frequen- 
cies were the M.O.R.s. compromised the effectiveness of the 1953 AZ-58 Beam Ray Clinical replica. 


Below and on the next page are four photos of ray tube instruments which Verne Thompson 
built. The first instrument was Aubrey Scoon’s 1950’s Beam Ray replica. The second instrument is be- 
lieved to have been built in 1947 but some of the transformers are 1960’s vintage which indicate it was 
built in the 1950’s or 1960’s. The audio frequencies used in it were even lower than the 1953 AZ-58. 
Since all the evidence we have shows that the lower audio frequencies began with the 1953 AZ-58 this 
indicates that the instrument was not built in 1947 but was built sometime after 1953. The third and 
fourth photos, on the next page, are of two of the AZ-58 instruments built by Verne Thompson in 1953 
for Dr. Rife, John Crane and John Marsh of Life Labs Co. 
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All four of these instruments, like the Beam Ray Clinical instrument, had the fixed Hartley Oscil- 
lator section which created the RF carrier frequency. Verne Thompson changed the 809 tube to the 
812 tube as he updated the instruments from the 1940’s to the 1950’s. All three instruments also had 
one main frequency dial for adjusting the audio frequencies. The other two smaller dials were for ad- 
justing the modulation amplitude of the audio frequencies and changing the audio frequency bands. 
These bands would take you through the various audio frequency ranges. The AZ-58 was limited to 
about 6000 Hertz, using 3 bands, because they lowered the audio frequencies. The original Beam Ray 
Clinical instrument we have went to just over 40,000 Hertz using 4 bands. The 1950’s Aubrey Scoon 
Beam Ray Clinical replica instrument could go to about 200,000 Hertz using 4 bands. Other than the 
bands there is very little difference in the way these instruments worked. We built two of the three, 
tested them, and found no significant difference other than the use of sine or Square wave audio fre- 
quencies. At any time the AZ-58 could have been changed to work on the original Beam Ray Clinical 
sideband method just by adding a fourth band and then recalculating the audio frequencies to work 
with the 4.68 MHz RF carrier frequency. As pointed out before we made some tests with the spectrum 
analyzer to see if square wave could be used instead of sine wave in creating the proper sideband 
spacing and found that the square wave waveform produces the same sidebands as the sine wave 
waveform. 


The basic design of Philip Hoyland’s Beam Ray Clinical instrument is very apparent when you 
compare the schematics. Six of the 1953 AZ-58’s were originally built by Dr. Rife, John Crane and John 
Marsh. We decided to test the AZ-58 with the spectrum analyzer. Below in the graph you can see the 
results of these tests. 


Testing done with PicoScope 3205 spectrum 





analyzer at 2,400,000 Hertz using AZ-58 


Sine wave out of AZ-58 at 2,400,000 Heriz. 





AZ-58 without ray tube at 2,400,000 Hertz meas- 
ured with spectrum analyzer showing no real 
harmonics. 


Sine wave carrier out of AZ-58 at 2,400,000 Hertz 
using ray tube. Sine wave carrier was always dis- 
torted when put through a ray tube. 


AZ-58 at 2,400,000 Hertz using ray tube. Meas- 
ured with spectrum analyzer showing harmonics 
all the way up to 20,000,000 Hertz. 


O58 


n3 AZ-58 at 2,400,000 Hertz using ray tube. Show- 
CH ing 50% square wave audio frequency modula- 


tion. The square wave shows some distortion. 
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The instrument called the AZ-58 is significant because we have more information about what 
took place in the 1950's than any period before this. At this time in the 1950's John Crane and John 
Marsh recorded interviews with Dr. Rife, Dr. Couche, Ben Cullen, Henry Siner and many other individu- 
als who were key players in the early years of Dr. Rife's work. 


We will now cover in more detail the history of the 1953 AZ-58 instrument so we have more in- 
formation about this instrument. Some of the information comes from the John Marsh Collection of Rife 
audio CD's. As we said, in 1950 John Crane met Dr. Rife and in 1952-53 he met John Marsh. John 
Marsh became John Crane’s supervisor at Convair Aeronautics when John Marsh moved from Tucson, 
Arizona to California. John Marsh’s wife had cancer and they were not able to help her in Tucson. The 
doctors recommended that he take her to San Diego for specialized care. John Marsh and John Crane 
became friends. John Crane told John Marsh about Dr. Rife and they went to see him. Dr. Rife gave 
them an old Beam Ray Clinical instrument which they had Verne Thompson repair. John Crane and 
John Marsh then used this instrument on John Marsh’s wife and after several treatments John Marsh 
said she fully recovered. Here are John Marsh's statements which he made in 1976 and 1986: 


MARSH: (1976) “/ met this Rife. | said Dr. Rife, | said, my name is John Marsh, I’ve got a wife that’s dy- 
ing. She’s got cancer of the uterus.” Dr. Rife said: “I won't touch that thing with a 20 yard pole.” 


After some discussion Dr. Rife said: 
RIFE: “! have an old instrument down here in the basement.” 


MARSH: “/ dug up that old instrument and of course it had tubes in it, antique stuff, and so | rebuilt the 
darn thing.” (John Marsh Rife CDs, CD 10 track 1) 


MARSH: (1986) “/ went to see him [Dr. Rife], and | talked with him and he said he didn’t want to have 
any part of it...1 said look, | got a wife that’s dying and | need your help! And so | got him out of his co- 
coon, so to speak, and we took an old instrument and rebuilt it. And | treated my wife and by darn all 
the pain left her and she got well.” In another part of the tape he said: “I discovered that this Dr. Rife 
was a very great individual...! told John [Crane], | said look if we have any of those old instruments lay- 
ing around loose, let’s rejuvenate one of them and see if we can get my wife well. Well Verne Thomp- 
son who was with the San Diego police department radios, uh, radio expert, uh, had built some instru- 
ments and they were antiques when | saw them.” (John Marsh Rife CDs, CD 2 track 3). 


John Marsh and John Crane then decided they would like to work with Dr. Rife and try to get the 
frequency instruments rebuilt and back into doctor’s hands. They wanted to help people who were suf- 
fering from many incurable diseases. From earlier quotes we learned that Verne Thompson had 
worked on Dr. Yale’s Beam Ray Clinical machine. He knew how to build these instruments and this is 
why John Marsh and John Crane had him repair the instrument that Dr. Rife gave them. It is apparent 
that Verne Thompson knew this instrument's circuit designs very well but he didn’t understand how the 
Beam Ray Clinical instrument was using harmonic sidebands to hit Dr. Rife's higher harmonic M.O.R.s. 
From a patent application that Dr. Rife and Verne Thompson filed we know that Verne Thompson also 
believed the audio frequencies were the M.O.R.s. This document leads us to only one conclusion; no 
one in the 1950’s understood how Philip Hoyland’s sideband spacing method worked. 


John Crane in his later years (1970's & 1980's) was not being very truthful in some of his state- 
ments. He said this in his paper titled "The Crane Report": 


CRANE: "Unfortunately, Rife had enlisted the help of electronic experts in the '30's who never wrote 
down the details of the instruments. Rife was unable to duplicate the marvels of his earlier Frequency 
instruments." (The Crane Report, page 6). 
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The documents we have read in this report show that Dr. Rife was having Verne Thompson 
build and repair the Beam Ray instruments originally built in the 1930’s. For this reason we know that 
John Crane’s statement, in his report, was not truthful. The facts have shown that this instrument de- 
sign came from Philip Hoyland. It was Verne Thompson who updated the Beam Ray Clinical instrument 
for Dr. Rife, John Crane and John Marsh in 1953. If Verne Thompson was building these Beam Ray 
Clinical instrument then he surely would have had a schematic for them. 


Others have felt that John Crane took advantage of Dr. Rife. This may be true in some things 
that took place later on in the late 1960’s, 1970’s and 1980’s but the evidence does not support this in 
the 1950’s and early 1960’s. Here is a quote from the John Marsh Collection "Trip to Dayton Ohio Pa- 
pers" and Gonin Papers. Dr. Rife, John Marsh and John Crane were talking at great length about John 
Marsh’s trip to Ohio to see Dr. Robert P. Stafford M.D. In the Gonin papers they talked about the fre- 
quencies. | would recommend that everyone read these papers because they show that Dr. Rife, John 
Crane and John Marsh worked as a team. They also show that John Marsh and John Crane consid- 
ered the frequencies to be Dr. Rife’s and the AZ-58 Beam Ray replica instrument to be Dr. Rife’s instru- 
ment. The following statements confirm this: 


RIFE: “Well | have lived my life for the benefit of humanity, and it is the end result of the accomplish- 
ment.” 


MARSH: “Yes, now here is what | did tell them. They wondered where | fit into the picture. | told them | 
had lay outs at the base, | designed part of it. You would say that | was possibly not an exactly an in- 
ventor, but | think we are all co-inventors of a sort by adding what we think would make the instrument 
better and if they try to validified [verify] any of the statements that | have said to them please don't let 
me down, and say no this isn’t so, which might upset what might be the truth to them. | mean just by 
accident. Now what | mean by that is this. | don’t think that | have in my own right lied to them. | did 
[didn’t] try to impress them with the idea that | was the one that did it. | did impress that you [Dr. Rife], 
John Crane and myself had worked together on this thing, but that you [Dr. Rife] were inventor and 
John [John Crane] was the designer and inventor, co-inventor and myself for putting this thing together 
and making it. They asked if | helped putting this thing together and making it from time to time. | could- 
n't tell them that | didn’t, because if | had built up a feeling in them that | knew nothing about what I was 
doing; psychologically that could have torn down, or have caused delay the foundation that now Is laid. 
Now | think we have a solid footing there. | under no circumstances would want that torn down, and | 
will not under any circumstances accept the credit for this instrument as being invented, because it is 
Rife’s instrument as printed on the plate in front and that is one of the reasons in building you up to 
them, which | don’t think is unwarranted; not by a darn sight, and that is why they want you there. They 
want to hear you talk, and they also want to know your past experiences with the people of La Jolla and 
also | was very happy to have received the paper concerning the Dr. etc., because I’m sure Stafford will 
contact every blooming Dr. that you had given him to me and | turned over all the letters to him, be- 
cause | didn’t want anything to stand in the way if he could contact him, now whether he would do that, 
before he would talk to the group, and | do not know. | suppose he will, but he wants the truth as badly 
as you do. Now | don't know an easier way it can be done. | don't think there is going to be an easy 
way to get it on, but | think I’ve outlined this thing. | studied the moves | was going to make before | 
ever went there. | studied what | was going to do if | had the opportunity to do so, which | did.” 


RIFE: “Well | think that you did a very excellent job.” (1957 John Marsh trip to Dayton, Ohio #8, 9 and 
16) 


And in the John Marsh Collection, Gonin Papers we read: 


CRANE: “So the frequencies [audio] we have written down. | will give you those or Rife will give them 
to you. | think you ought to have them. Each one [organism] has a different frequency, you see. | don’t 
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remember any of them off-hand. | should memorize them all, but | haven't yet. I’ve just written them 
down and they are in the lab.” 


GONIN: “Those frequencies that you have written down, would only apply to your own machine [AZ- 
58], wouldn't it?” 


CRANE: “That is because they have been calibrated for each machine. Each machine has its own cali- 
bration.” 


GONIN: “And that’s constant?” 
CRANE: “Yes.” (John Marsh Collection, Gonin and Siner Papers, Page 15) 


After reading these documents the facts stand out that all three of these men knew the audio fre- 
quencies and they were not John Crane’s invention. Both John Marsh and John Crane considered the 
instrument to be Dr. Rife’s. Dr. Rife also had a plaque on the front of the instrument with his name on it. 
It is also clear from John Marsh’s papers that Dr. Rife was not on the sidelines but he a working partner 
in Life Labs. Dr. Rife by this time had become what some people call a "working alcoholic." This type of 
drinker would have a little to drink during the day to take the edge off but would not be a total drunk. 
The documents show that Dr. Rife knew the audio frequencies that were used in the AZ-58. But it is 
clear that he didn’t understand how those audio frequencies worked with the RF carrier frequency with 
Philip Hoyland’s design. On the Rife CD's all of Dr. Rife’s recorded conversations were very positive 
about the 1953 AZ-58 instrument. This does not sound like a man who was ignorant of what was going 
on, as some have claimed. 


Anyone who reads the documents from this period of time can tell that there were a lot of high 
hopes for this instrument and the lower square wave audio frequencies it was using. Now the real 
question is how well did this instrument work when it was only working on square wave harmonics? 
There were a lot of good reports on how well the instrument worked but what really counts is how well it 
worked in the hands of the doctors who used it on their patients. Dr. Robert P. Stafford M.D., used the 
AZ-58 for 5 years on his patients and wrote a report and sent it to Dr. Rife, John Crane and John 
Marsh. The photo below is a picture of Dr. Robert P. Stafford M.D. 
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Dr. Stafford's report is very favorable on many conditions that he used the AZ-58 on but when it 
came to cancer this instrument did not work as well as the Beam Ray high frequency harmonic side- 
band method. Dr. Stafford’s report showed he treated 16 cancer patients and had a varied response 
rate using the AZ-58 on cancer. We must point out that the instrument did temporarily help some of his 
cancer patients while others did not see any benefits. Two of the women that he treated received a 
great deal of benefit but died from other complications. This made it so that he could not say they were 
cured by the instrument. When the first woman was autopsied she only had a small amount of cancer 
left in her breast. When Dr. Stafford started treating her she had cancer in several other places includ- 
ing her neck. Had she not died from a fall she probably would have fully recovered. 


The second woman had cervical cancer for which other doctors used a great deal of radiation 
therapy. Dr. Stafford treated her at the hospital and after about four weeks she went home. She died of 
radiation damage that was done to the tubes that go from the kidneys to the bladder. When she was 
autopsied they found no cancer cells in her abdomen. In this case the cancer was completely gone. 
Since neither of these women lived for at least five years they could not be considered cured. So Dr. 
Stafford could never say that he had cured anyone of a terminal malignancy. He said this about the AZ- 
58 square wave audio frequency instrument: 


DR. STAFFORD: “As yet, we have failed to “cure” any case of advanced, terminal malignancy. It ap- 
pears in several instances that we may have impressed the disease favorably, temporarily. It is difficult 
to rule out the psychological, morale booster effect to the terminal patient when some definitive effort is 
made again in his behalf. However, several improvements have appeared to be more physical than 
emotional...All the patients in the series were treated with the same frequencies (e.g., 728 - 784 - 880 - 
2008 - 2128). Perhaps these frequencies may be wrong, or only nearly correct.” (John Marsh Collec- 
tion, Dr. Stafford’s Report on using the AZ-58, page 4). 


It is clear that Dr. Stafford was questioning the accuracy of the square wave audio frequencies 
and felt that something was wrong. Everyone who has been around Rife technology for a long time has 
seen the very same results as Dr. Stafford. From time to time we see that someone has an amazing 
experience of recovery from cancer but for the majority this does not happen. Today these frequencies 
728, 784, 880, 2008 and 2128 Hertz which Dr. Stafford used are the same frequencies used by just 
about everyone for cancer. 


Many have wondered why the AZ-58 worked well for a few patients and not for others. We be- 
lieve we know the reason why. The RF carrier frequency is the reason it worked. The AZ-58 RF carrier 
frequency was set at the new 4.68 MHz to comply with the new 1950's FCC license. Dr. Stafford 
changed the RF carrier frequency using the variable capacitor to operate between 3.10 MHz to 3.30 
MHz with the two women who were treated for cancer. He also used this same RF carrier frequency 
with some of his other patients. If per chance the RF carrier frequency was set at about 3.20 MHz it 
would have been only about 15,000 Hertz off of the second higher harmonic of Dr. Rife's original BX 
cancer virus frequency, which was 3,214,900 Hertz. This second harmonic of the BX (1,607,450 X 2 = 
3,214,900 Hertz) was the primary frequency used by Philip Hoyland in the Beam Ray Clinical instru- 
ment for the BX cancer virus. If an audio frequency of 2128 Hertz (AZ-58 BX audio frequency) was 
used, and it was, it would have created many harmonic sideband frequencies and the 7th harmonic 
sideband frequency would have hit Dr. Rife's higher harmonic BX frequency of 3,214,900 Hertz. We 
need to keep in mind that Dr. Stafford also used 728, 784, 880 and 2008 Hertz. It would have been al- 
most impossible for him not to hit the BX frequency of 3,214,900 Hertz with one of the sidebands from 
all these frequencies. If we also take into account the “one tenth of one meter” tolerance frequency of 
858 Hertz it gives room for the frequency to be off a few hundred Hertz and still work. What we have 
just explained is the reason why we think the AZ-58 worked so well on these two women. 
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It is also known that Dr. Stafford tried other RF carrier frequencies. Once he changed the RF 
carrier frequency the instrument would have been relying completely on the harmonics from the square 
wave waveform of the audio frequency. This would have greatly affected the outcome of his testing. 
The fact is the square wave harmonics method did not work as well as the Beam Ray Clinical sideband 
spacing method. The real problem is almost everyone believes the square wave audio frequen- 
cies are Dr. Rife’s true M.O.R. frequencies. The evidence shows that John Crane and John Marsh 
believed the audio frequencies were the true M.O.R. frequencies and they had given this understand- 
ing to Dr. Stafford. Without the correct understanding of how the instrument worked Dr. Stafford would 
not have understood how important the fixed RF carrier frequency was. If he changed it off of the 3.20 
MHz RF carrier frequency many of the 16 cancer patients could have been affected negatively. Dr. 
Stafford followed these 16 people over many years and in some cases things looked good at first, but 
the people eventually died from their cancer anyway. One thing that needs to be pointed out is we do 
not know if Dr. Stafford treated many of his patients over a long enough time period as Dr. Couche and 
the other doctors did their patients. 


In the 1934 clinic 16 patients who had cancer and tuberculosis were treated and considered 
clinically cured. This is quite a contrast; 100% success in 1934 using Dr. Rife’s high RF frequency 
method. And a very limited success rate on cancer for the low square wave audio frequency harmonics 
method. Only when Dr. Stafford accidently used an RF carrier frequency close to the BX cancer virus 
frequency did the AZ-58 seem to get good results. Dr. Stafford used the AZ-58 instrument for a little 
over five years and sent his report to John Marsh. | am sure John Crane received it also. The big ques- 
tion that needs to be asked is why did John Crane and John Marsh continue to tell people these low 
audio frequencies were the frequencies which Dr. Rife used in the 1934 clinic when the medical proof 
showed they didn’t work as well as the high RF frequencies? This again clearly shows they did not un- 
derstand the sideband method. We have to ask the question, why do people today continue to say 
these frequencies cure cancer even after they have seen the same results? Could it be because having 
had a few good results they ignored the evidence and fool themselves? By the time all the evidence 
was available, John Marsh and John Crane were in jail on three or four different legal counts, one of 
which was for treating a woman without a medical license. 


Dr. Rife did not want to have anything to do with all the legal trouble they were in. He was able 
to avoid it because he never made any claims and he would never treat anyone. The legal problems 
shut down Life Labs. Had this not happened | wonder if Dr. Rife would have ignored this evidence? | do 
not believe he would have. He would have realized that the changes they made to the instrument which 
depended solely on square wave audio frequency harmonics compromised its effectiveness. | think Dr. 
Rife would have eventually realized that they didn’t fully understand how the Beam Ray Rife Machine 
worked and he would have gone back to the higher audio frequencies and put the RF carrier frequency 
back on 3.30 MHz. We will never know what he would have done because | do not think Dr. Rife ever 
read Dr. Stafford’s report. This is because John Marsh received the report after he and John Crane 
were released from jail. 


The troubling thing is this, because so few really understand Dr. Rife’s early instruments and 
how Philip Hoyland’s Beam Ray Clinical Rife Machine worked almost all frequency generators have 
been built using this limited square wave audio frequency harmonic method. The people who purchase 
these low square wave audio frequency instruments have been led to believe it is the same type of in- 
strument used in the 1934 clinic. All because we didn’t know the truth. Are people today just fooling 
themselves also? Are we trying to get these same square wave audio frequency harmonic type instru- 
ments and the frequencies they use to do what Dr. Stafford could not get them to do? Cure cancer? 
We know there have been incredibly good results on many other conditions using audio frequencies 
which show this type of instrument and method is of great worth but the truth is sometimes hard to ac- 
cept. 
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As we have already read, Dr. Stafford came to suspect that the audio frequencies were not true 
M.O.R.s. Another letter written by Dr. Stafford to Dr. Edward Jeppson in Salt Lake City also confirms 
his concerns. He wrote this letter to Dr. Jeppson because he was having the same type of results that 
he was having. Here is his statement from his letter: 


DR. STAFFORD: “Please excuse my format in the following letter for | intend to ramble a bit and forget 
strict grammatical dictum. | am writing you at this time partially because John Marsh informs me in a 
recent letter that you may be somewhat disheartened or at least worried about your role in the experi- 
mentations with the Rife Machine. Believe me, Dr. Edward | know how you feel for | too have been 
through this same feeling with this matter. | have observed Clinical results after treatments with this 
gadget which | can scarcely believe myself. Yet, despite these good results, | have been confused by 
some rather simple failures such as a recent experiment which | conducted at Good Samaritan Hospital 
where we used the machine to treat some cultures of Staph Aureus and Strept. Fecalis. In this work we 
failed to inhibit growth at all or influence the cultures with the Rife Rx. | sent the results to John Marsh 
and asked for clarification and to be very frank | am not satisfied with John’s excuse of the failure as 
described by Dr. Rife. | am afraid I’m not a very good apostle for I’m getting some ideas myself on how 
this thing may work. | really wonder if this ultrasonic kills bacteria and virus at all or does it work like 
other forms of ultrasonic and merely stimulate the tissue in some unusual manner thereby improving 
the circulation and secondarily enhancing the body’s defenses against infection...To summarize some 
of this rambling: | feel that the Rife Ultrasonic Therapy has a very definitely beneficial effect on the hu- 
man (and canine) body...! furthermore feel that we, as doctors of medicine, using this machine must 
remain constantly alert to the condition of our patient and vary the Rx as indicated.” (Letter from Dr. 
Stafford to Dr. Edward Jeppson dated, April 1, 1958). 


Clearly Dr. Stafford was questioning whether the audio frequencies were correct. Little did he 
know they were not the same frequencies used with the Rife Ray #3 or the Ray #4 instrument? The AZ 
-58 could have output the higher harmonic sideband frequencies that Philip Hoyland used in his Beam 
Ray Clinical instrument if they had only understood how it really worked. Whatever was told to Dr. Staf- 
ford by Dr. Rife through John Marsh it did not satisfy Dr. Stafford's concerns. Dr. Rife, John Crane and 
John Marsh probably felt that Dr. Stafford had just made some errors in his work. The one thing that Dr. 
Stafford did inadvertently find out was the AZ-58 using the square wave audio frequency harmonic 
method did not kill organisms in the laboratory at the hospital. In the 1950’s Dr. Rife no longer had a 
laboratory for testing any microorganisms. There is no evidence they ever tested just the square wave 
audio frequencies with Dr. Rife's microscopes. So they did the only thing they could. They let the doc- 
tors use the AZ-58 and tell them how well it worked. We must keep in mind that the instrument Dr. Rife 
gave to John Marsh and John Crane was an original Beam Ray Clinical instrument which used the har- 
monic sideband method developed by Philip Hoyland. It used the correct higher audio frequencies and 
the correct 3.30 MHz RF carrier frequency. This instrument apparently worked because John Marsh 
said it cured his wife of cancer. Again the fact is the AZ-58 Beam Ray Clinical instrument using square 
wave audio frequency harmonics never worked as well as Philip Hoyland’s sideband method. It also 
didn’t work as well as the Rife Ray #3 or Rife Ray #4. 


The square wave harmonic method used in the AZ-58 produced very good results on many con- 
ditions but not the results hoped for on cancer. But still even with the changes the AZ-58 worked very 
well on many different conditions. These square wave audio frequencies are what people have been 
using for the past 50 years believing they were Dr. Rife’s true M.O.R.s. All this time not knowing they 
were not Dr. Rife’s original frequencies which he used in his earlier instruments built in the 1920’s and 
1930’s. It wasn't until the papers from the 1939 Beam Rays Trial, John Marsh Papers, Kennedy Com- 
pany equipment spectrum analysis and Philip Hoyland Beam Ray Clinical Rife Machine spectrum 
analysis came to light did we have the ability to finally figure out where all these frequencies came 
from. This information finally reveals which frequencies were the correct M.O.R.s. Notwithstanding the 
various setbacks Dr. Stafford was still amazed at the results he achieved with the AZ-58. 
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Since we were able to obtain access to John Marsh’s papers we were also able to discover that 
in 1976 John Marsh had some of these low square wave audio frequencies tested on microorganisms 
by a laboratory using his 1970’s model of the AZ-58 Beam Ray Clinical ray tube instrument. Keep in 
mind that this instrument was miscalibrated like all the 1950’ AZ-58 Beam Ray Clinical instruments. It 
was also only working on square wave harmonics. He paid for these tests and they were carried out 
between May 1976 and March 1977. The University that did the tests specifically stated that, whatever 
the outcome of the tests, John Marsh could not use their name in any way to endorse his equipment. 
These tests were similar to the tests Dr. Stafford conducted at Good Samaritan Hospital. Dr. Stafford’s 
tests showed that these low square wave audio frequencies, which did not produce the correct side- 
band M.O.R. frequencies, would not devitalize any organisms. John Marsh’s tests which he had done 
at this laboratory also showed that the low audio frequencies working on square wave harmonics will 
not devitalize any organisms. Both Dr. Stafford’s and John Marsh’s tests convincingly show the low 
square wave audio frequencies are not true M.O.R.s. Unless these instruments use the higher audio 
frequencies with a 3.30 MHz RF carrier frequency they will not devitalize anything. 


No one that reads this information should in any way believe that this means that Dr. Rife's 
method of coordinative resonance is without merit. What these laboratory tests showed is that it is ab- 
solutely necessary that the instrument work on the same principles and frequencies as the original in- 
struments that produce the true M.O.R. frequencies use in the Rife Ray #3, Rife Ray #4 and the Beam 
Ray Clinical instrument. These 1950's AZ-58 Beam Ray Clinical instruments were not calibrated cor- 
rectly and they used the wrong audio frequencies. This miscalibration made it so the instruments did 
not work on the original sideband principles which produced Dr. Rife’s frequencies. Because they were 
not calibrated correctly it rendered the instruments incapable of devitalizing any microorganism using 
just low square wave harmonics audio frequencies. 


Even after these tests proved that the low square wave audio frequencies would not devitalize 
any microorganisms John Marsh continued to hold on to the false notion that these low square wave 
audio frequencies would devitalize microorganisms. He never would consider that something was 
wrong with the instruments. Today we understand that a simple correction would have solved all the 
problems. To read the document about this laboratory test that conclusively proves that the audio fre- 
quencies are not M.O.R.s. go to www.rifevideos.com and read this chapter and you will find the follow- 
ing link. (John Marsh’s tests performed by: Brigham Young University Microbiology Department) 


We covered this information in a previous chapter but it should be reviewed again here. Some 
people have wondered if the low audio frequencies (120 Hertz to 2128 Hertz) used in the 1953 AZ-58 
are actually the original audio frequencies used in the 1938-1939 Beam Ray machine rather than the 
high audio frequencies (1200 Hertz to 21275 Hertz) used in Aubrey Scoon's Beam Ray replica instru- 
ment. This is a good question and it can easily be answered with certainty. The answer is in the math 
which produces the correct sidebands for each organism. Only the high audio frequencies (1200, 2400, 
6600, 6900, 7660, 7270, 7870, 8300, 8450, 8020, 16000, 17220, 18620, 20080, 21275) will produce 
the correct sideband frequencies that will produce the higher harmonic frequencies from Dr. Rife's origi- 
nal frequencies. Only six of the low audio frequencies (120, 660, 727, 1862, 2008, 2127-2128 or 
2127.5 Hertz as given by John Crane) used in the 1953 AZ-58 when multiplied by a factor of 10 times 
give the exact same high frequency used in Aubrey Scoon's instrument. But the other seven (712, 784, 
776, 800, 803, 880 and 1552 Hertz) when multiplied by a factor of 10 times will not give the correct high 
audio frequency. These facts reveal which frequency list came first. Since we know that Philip Hoyland 
designed this Beam Ray Clinical machine and hid the method of using sideband frequencies to pro- 
duce higher harmonics of Dr. Rife’s M.O.R. frequencies then only the list (Aubrey Scoon’s higher audio 
frequency list) that will produce Dr. Rife’s higher harmonic frequencies could be the original list. 
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From the Beam Ray Trial we learned that no one but Philip Hoyland understood how the instru- 
ment worked. Not even Dr. Rife, Verne Thompson, John Crane or John Marsh understood that the RF 
carrier frequency had to be matched to the audio frequencies in order to produce the sideband frequen- 
cies that would hit the higher harmonic frequencies of Dr. Rife’s original M.O.R. frequencies. John 
Crane and John Marsh said many times the RF carrier frequency did not matter. In fact, they eventually 
quit using the RF carrier frequency when they built their 1950's contact pad style instrument. This 
clearly proves that they did not understand that the original Rife Ray #5 or Beam Ray Clinical instru- 
ment worked on harmonic sidebands. Had they understood this simple fact they never would have 
changed the RF carrier frequency or built their contact pad style instrument without using an RF carrier 
frequency. They also would not have lowered or changed any of the audio frequencies if they under- 
stood the sideband method used by Philip Hoyland. Both audio frequency lists would be identical ex- 
cept that one list would be 10 times higher than the other list. Only someone who did not understand 
how the audio frequencies really worked would have lowered them and then changed them. Only the 
list which came first would have all the correct frequencies. This information proves that the high audio 
frequency list came first. The low audio frequency list used in the 1953 AZ-58 would have come later in 
the 1950's because it is the list, when multiplied by 10 times, will only produce some of the correct side- 
band frequencies. Only someone such as Philip Hoyland could have made the high audio frequency list 
since the high audio frequencies are the only frequencies that will produce Dr. Rife’s higher harmonic 
M.O.R. frequencies. As we said, the answer to this question is in the math. 
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Below in the chart is a list of the “Original 1950s AZ-58 Frequencies” used by Dr. Stafford. The 
column to the right of the "Original 1950's AZ-58 Frequencies" is based on a 4.68 MHz RF carrier and 
is labeled “4.68 Correct Sideband Frequencies”. They would be the correct sideband frequencies to 
make the AZ-58 instrument work like the original Beam Ray Clinical instrument, but, the problem is the 
large “Number of Sideband Harmonics”. You will notice that almost all of the low audio frequencies ex- 
ceed more than 40 sideband spacing steps to hit the high frequency M.O.R. 


Original 1950’s AZ-58 Frequencies Used By Dr. Robert P. Stafford M.D. 


Microorganism Rife Higher *Carrier 1/10 Of | Number of Original 4.68 
Ray #4 Harmonic Difference | AMeter | Sideband | 1950s AZ-58 Correct 
Frequencies Frequencies Frequency Freq. Harmonics | Frequencies | Sideband 
Frequencies 


Actinomycosis or Strepto- 192,000 Hz 4,608,000 or 24th 72,000 Hz 12 Hz 92 784 Hz 782 Hz 
thrix 








6 


B or E Coli Rod 417,000 Hz | 4,587,000 or 11th | 93,000 Hz 
B or E Coli Virus 770,000Hz | 4,620,000 o0ré6th | 60,000Hz | 198 Hz 


800 Hz 802 Hz 
1552 Hz 1538 Hz 
BX Virus Carcinoma 1,604,000 Hz | 4,812,000 or 3rd | 132,000 Hz | 858 Hz 2128 Hz 2129 Hz 
17 


233,000 Hz | 4,660,000 or 20th | 20,000 Hz 
GK 
Meningitis 
Aureus 
Fane] aieonve [seemed 20m] one [aan | [tao [are 


Typhoid Rod 760,000Hz | 4,560,000 or 6th | 120,000 Hz | 192 Hz 712 Hz 714 Hz 
Typhoid Virus 1,445,000 Hz | 4,335,000 or 3rd | 345,000 Hz | 694 Hz 1862 Hz 1865 Hz 


The large “Number of Sideband Harmonics” means that the power level of the correct sideband 
that hit the higher harmonic M.O.R. would be so weak that it would never work. If the “Number of Side- 
band Harmonics” go over about 40 sideband steps the power level on a spectrum analyzer shows that 
they become too weak to work. 





You will notice how closely these two sets of low audio frequencies correspond to each other. 
The problem is when Dr. Rife, John Crane and John Marsh lowered the audio frequencies they com- 
promised the AZ-58. The BX audio frequency that Dr. Stafford used was 2128 Hertz and the RF carrier 
frequency was about 3.20 MHz. The sideband spacing to the “Higher Harmonic Frequency” M.O.R. 
took only a few sidebands which had enough power to work. This appears to be the reason why the 
two women and a few others that he treated had such amazing results. The problem is most of the or- 
ganisms far exceed the 40 sideband harmonics when using these low audio frequencies. This will hap- 
pen even if you use a 3.20 MHz or 4.68 RF carrier frequency. As mentioned before the higher the audio 
frequency used the more power there is in the sidebands. For this reason in the next chart, at the top of 
the next page, we have put a list of the optimum AZ-58 audio frequencies to be used with a 4.68 MHz 
RF carrier frequency and a 40,000 Hertz audio frequency oscillator. This would make the instrument 
work like the original Beam Ray Clinical instrument. 
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1950’s Beam Ray Clinical Instrument Optimum Sideband 
Square Wave Audio Frequencies Based On A 4.68 MHz Carrier 


26,400 Hz Streptococcus $2,727 Zz 


31,000 Hz Streptothrix 36,000 Hz 
30,000 Hz Syphilis or Treponema 18,000 Hz 





30,000 Hz Tuberculosis Rod 39,000 Hz 
20,000 Hz Tuberculosis Virus 33,000 Hz 


17,000 Hz Typhoid Rod 40,000 Hz 
Staphylococcus 25,000 Hz Typhoid Virus 38,333 Hz 


Below and on the next page are three photos of the original AZ-58. The first photo is of the in- 
side of the case showing the variable capacitor (bottom left corner with the black knob and the black 
wire leading to it) which could change the RF carrier frequency. The second photo is a view of the un- 
derside of the chassis. From the 1930's to the 1950's the instrument had only a few changes made in 
the electronic parts. The third photo is a side view of the first AZ-58 built in 1953. If you take a close 
look at this photo you will see that it did not have the variable capacitor when it was first built. The vari- 
able capacitor was added in 1956 and was used for tuning the brightness or resonance of the ray tube. 
This was done because they didn't believe the carrier frequency made any difference. It was not added 
for the purpose of changing the RF carrier frequency, this was just a side benefit. Doctor Stafford used 
this variable capacitor to set the carrier frequency to about 3,200,000 Hertz for some of his tests. This 
is the reason we believe he had such good success with the two women patients who had cancer. The 
BX cancer frequency was 3,214,900 Hertz (1,607,450 X 2 = 3,214,900 Hertz) and even using the low 
audio frequencies this would have worked very well because he would have been hitting the BX fre- 
quency with powerful harmonic sideband frequencies. 











The photos, shown on page 179, are of the AZ-58 we built back in 2000. It used to have the vac- 
uum tube audio oscillator built into it but it never worked properly. So it was removed and replaced with 
Aubrey Scoon’s audio amplifier. 


On page 180 is a schematic of the 1950's AZ-58 instrument. The 866 vacuum tubes have been 
replaced with solid state rectifiers. Also the old vacuum tube audio oscillator has been removed. It is 
easier and more accurate to use Aubrey Scoon’s booster amplifier and a modern function generator to 
produce the audio frequencies that were used in this instrument. The layout of the electronic parts of 
this instrument is very important because of the inherent interference problems that come with RF oscil- 
lators. Again anyone who would like to build this instrument should have a good understanding of old 
tube technology. Some parts of this circuit use up to 2000 volts DC with substantial current and can 
easily kill anyone who is not familiar with this kind of current or voltage. We take no responsibility for 
anyone who builds this instrument. We recommend that you have professional help. 


Chapter Summary: To sum things up only a few changes were made to the original Beam Ray Clinical 
instrument design which produced the 1953 AZ-58 Beam Ray Clinical replica. Dr. Rife and Verne 
Thompson kept the original Hartley oscillator but changed the fixed RF carrier frequency from 3.80 
MHz to 4.68 MHz as per the new FCC license. The RF carrier frequency section did not significantly 
changed with the use of the 812a vacuum tube instead of the 809 vacuum tube. They kept the variable 
audio oscillator which produced the low audio frequencies but lowered its range of frequencies using 
only three bands with a top audio frequency range of about 6000 Hertz. They then lowered Philip Hoy- 
land's original sideband audio frequencies by a factor of about 10 times and used these lower audio 
frequencies in the AZ-58. Then they changed the audio frequency waveform from sine wave to square 
wave and depended on the harmonics produced by the square wave waveform instead of the side- 
bands. It is interesting that Philip Hoyland found that a modulated sine wave waveform when put 
thought his M.O.P.A. circuit was sufficient to devitalize organisms because it creates a wave form that 
looks almost like a square wave waveform. It appears that a damped wave is not really necessary. 
When you compare the original Beam Rays Clinical instrument and Aubrey Scoon’s 1950’s Beam Ray 
Clinical instrument to the 1950’s AZ-58 Beam Ray Clinical replica they are almost identical except for 
the audio frequency bands. When we built both of these instruments, Aubrey Scoon’s and the AZ-58, 
and compared them we found the AZ-58 replica appears to be the better design and easier to build. 


Even with the changes Dr. Stafford had very good results which greatly impressed him. Today 
because of the changes that were made during the 1950's most people believe that the lowered audio 
frequencies that were used in the AZ-58 are Dr. Rife's original M.O.R. frequencies, but they not. Dr. 
Rife's original M.O.R. frequencies were the frequencies used in the Rife Ray #3 and Rife Ray #4. The 
Rife Ray #5 or Beam Ray Clinical instrument also worked on higher harmonics of Dr. Rife's frequen- 
cies. An instrument that could output both square wave harmonics and Philip Hoyland’s harmonic side- 
bands would take advantage of both of these methods. 


In the next chapter we will discuss the difference between using square wave harmonics and 
sideband harmonics. 
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Photos of the rebuilt AZ-58 Beam Ray Clinical instrument 
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Chapter #13 
Rife Machine Harmonic Audio Frequency Misunderstanding 





There is a belief that the audio frequencies that were used in the original Rife Ray #5 or Beam 
Ray Clinical Rife Machine and its 1940’s and 1953 AZ-58 replica Rife Machines are harmonic M.O.R. 
frequencies derived by dividing Dr. Rife’s original high RF frequencies down in octave steps until you 
reach the audio range of frequencies. For this to be true then all of the audio frequencies would have to 
be true harmonics of the higher RF frequencies. But this is not the case. 


All the documents we have quoted and the understanding we now have, prove as a myth, the 
long believed concept that the low audio frequencies used in the 1950’s were created by John Crane 
and John Marsh by dividing Dr. Rife’s high frequency M.O.R.s down by harmonic steps until they 
reached the audio range of frequencies. If we take the correct frequency for the BX of 1,607,450 Hertz 
read by Philip Hoyland and divide it down by harmonics we do not get 2008 Hertz or 2128 Hertz. In 
fact, we do not get Philip Hoyland's higher audio frequencies of 20080 Hertz or 21275 Hertz either. 
This clearly proves John Crane and John Marsh did not create the audio frequencies by just dividing 
down Dr. Rife’s higher RF M.O.R. frequencies. The fact is we know that the origin of these audio fre- 
quencies came from the sideband harmonic method used by Philip Hoyland in the original Beam Ray 
Clinical instrument. 


The documented information we have shows that Dr. Rife’s true M.O.R.s that would resonate 
organisms were the higher RF frequencies (139,200 Hertz to 1,607,450 Hertz) used in the Rife Ray #3 
which consisted of the Kennedy Models 110, 281. These same frequencies were used in the Rife Ray 
#4 Rife Machine and the higher harmonic frequencies of these frequencies were used in the Rife Ray 
#5 or Beam Ray Clinical Rife Machine. All of Dr. Rife’s Machines worked on RF frequencies not audio 
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frequencies. From the spectrum analysis of Philip Hoyland’s Beam Ray Rife Machine we know that it 
used audio frequencies for one purpose only, to create the method of sideband harmonic spacing to hit 
the higher harmonic frequencies which were harmonics Dr. Rife's true RF M.O.R.s. Henry Siner re- 
ported Philip Hoyland’s design killed the organisms under microscope observation. This same instru- 
ment was tested by Dr. Rife in 1940 when Verne Thompson repaired it. Add to this the list of doctors 
who used the instruments and said they had many diseases cured. This shows that Philip Hoyland’s 
harmonic method works beyond question. 


Dr. Robert P. Stafford was not able to kill any organisms in laboratory tests using just the square 
wave audio frequency harmonics. He did his tests under microscope observation. Today, like Dr. Staf- 
ford many have tried to kill the organisms which these audio frequencies correspond to, with no suc- 
cess. John Marsh had laboratory tests done in 1976-1977 which also confirmed Dr. Stafford's tests. 


If these audio frequencies, as some have claimed, were really harmonic frequencies derived 
from the higher RF M.O.R. frequencies then one would think that they should be able to kill the micro- 
organism they correspond to. If a true audio frequency harmonic of Dr. Rife’s RF M.O.R. will not devi- 
talize an organism under microscope observation, can the harmonic association be valid? No rational 
person would believe this. Yet today this is exactly what most people believe because they do not have 
all of the facts. 


When Dr. Rife started looking for frequencies to devitalize microorganisms he worked his way 
up from the lower frequency ranges to the higher frequency ranges until he found a frequency which 
would devitalize an organism he was working on. His Rife Ray #3 had the ability to start at about 
12,000 Hertz which is in the upper audio frequency range. So Dr. Rife would have naturally started at 
12,000 Hertz and moved up in the frequency range in his testing until he found the frequency that 
would devitalize the organism. Since the Rife Ray #4 documents show that the lowest frequency for 
any of the organisms was 139,200 Hertz we can conclude that he did not find any frequencies in the 
audio range or less than 139,000 Hertz that would devitalize any of these organisms listed on the Rife 
Ray #4 documents. Now this method of starting at the lowest frequency and moving up into the higher 
frequency ranges would be a logical method of finding the M.O.R. of an organism. What this also logi- 
Cally tells us is that no frequency lower than 139,000 Hertz could ever be a frequency that would devi- 
talize any of these organisms. What this also reveals to us is that Dr. Rife had to get to a high enough 
frequency range before a resonant effect would devitalize an organism. What is the point that we are 
trying to make with this simple logic. Philip Hoyland found that higher harmonics of Dr. Rife's original 
M.O.R. frequencies would devitalize those organisms. But what Dr. Rife found was that there were no 
frequencies lower than the frequencies he found that would devitalize the organisms found in the Rife 
Ray #4 documents. We must keep in mind that the Rife Ray #4 did not have any variable audio oscilla- 
tor. Its frequency range started at 87,000 Hertz. From this we can conclude that Dr. Rife found that the 
audio range up to about 87,000 Hertz was not needed because you cannot truly resonate any organ- 
ism with frequencies below 87,000 Hertz using his method. 


With this logical understanding you would not divided down in octave or harmonic steps any of 
the Rife Ray #4 resonant frequencies and expect these lower frequencies to devitalize those organisms 
using the same method Dr. Rife used. But this is what people claim can be done. If Dr. Rife could not 
find any frequency lower than 139,000 Hertz to devitalize the Rife Ray #4 organisms then this concept 
that people are claiming is a questionable concept depending on the number of harmonic or octave 
steps used. It is a known fact that square waves will create higher harmonic frequencies. Some claim 
infinite harmonics but this could only be true if there was infinite power behind those harmonics. So 
power determines the number of harmonics. In most situations the harmonics from a square wave are 
only readable, with sufficient power, to about 9 harmonics up from the original frequency used. Under- 
standing this you would not take any of Dr. Rife's frequencies and divide them down in either harmonic 
steps or octave steps more than about 9 times and expect an audio frequency with a square wave 
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waveform to resonate those organisms. Yet this is what people are claiming can be done using audio 
frequencies and square wave harmonics. They actually promote the idea that you can go down hun- 
dreds of harmonic steps with Dr. Rife’s frequencies and get them to resonate organisms with low audio 
frequencies. It is this false concept that John Crane and John Marsh promoted. This false concept has 
caused all of the confusion we have today. This is why so many people claim that Dr. Rife's original 
M.O.R. frequencies where the low audio frequencies that were used in the AZ-58. 


We are not saying that low audio frequencies do not have positive effects, because they do. But 
they are working on a different concept than coordinative resonance. No one knows exactly how these 
low audio frequencies work, they just know they are beneficial. Dr. Stafford believed that they somehow 
stimulated the adrenals which in turn stimulated the immune system. He also believed when the im- 
mune system is stimulated the body will be able to overcome many ailments that it otherwise could not 
overcome. Again we will point out that it is not known how these low square wave audio frequencies 
work. But what is known is that they do not create a true resonate frequency effect like Dr. Rife's high 
RF frequencies or the higher harmonic RF frequencies Philip Hoyland used. 


The evidence we have given in this report shows that if the RF M.O.R. frequency is lowered by 
too much it will lose its ability to devitalize an organism even though it is a lower harmonic frequency. 
Dr. Stafford's and John Marsh's laboratory tests showed this when they treated the organism with the 
low audio frequency that was supposed to devitalize it. The tests showed that the organism continued 
to grow even when they transferred it from one culture to another. Can there be any greater scientific 
proof than this? Even Dr. Rife would not have argued with this method of determining true M.O.R.s, be- 
cause this is the method he used. This is the greatest proof, along with the fact that almost all the audio 
frequencies are not true harmonics of the original high RF frequencies. We know many other people 
who have made the same tests on microorganisms as Dr. Stafford and John Marsh and they told us 
they obtained the same results he did. John Marsh said on the Rife CD's that they came up with the 
frequencies using math. The documented information we now have show that the math they used was 
to lower Philip Hoyland's original audio frequencies by a factor of 10 times. If every audio frequency 
was a perfect harmonic match to its higher RF M.O.R. then we could say they were all derived from Dr. 
Rife's original M.O.R.s, but they are not. So this leaves us with only one conclusion. They lowered 
Philip Hoyland's higher audio frequencies and wrongly considered those lowered frequencies to be the 
true M.O.R. frequencies. Another thing we must understand is that even if the audio frequencies were 
derived from Dr. Rife's original RF M.O.R.s in lower harmonic steps or octave steps and they do not 
devitalize the organism they are not real M.O.R.s. either. 


What the evidence in this report certainly proves is, without really knowing it, Dr. Rife, John 
Crane and John Marsh discovered that these lower square wave audio frequencies are beneficial. 
Even though they will not devitalize the organism they correspond to under microscope observation 
they still seem to help people? The fact is we really don’t know why the audio frequencies are benefi- 
cial, but for some unknown reason they are. Though the method of modulating a square wave audio 
frequency onto a fixed RF carrier did not work as well as Philip Hoyland's sideband method, neverthe- 
less it works very well on many conditions. Even though the audio frequencies are beneficial in many 
ways, this still does not prove the claim that the 1950’s audio frequencies are harmonic M.O.R.s. 


What needs to be kept in mind is how the original Beam Ray Clinical instruments worked. We 
will again point out here that neither the 3.30 or the 3.80 MHz RF carrier frequency nor the audio fre- 
quencies will do anything by themselves. But when the 3.30 or the 3.80 MHz RF carrier frequency and 
the audio frequencies are combined together they will produce many sideband frequencies. And one of 
these sideband frequencies will line up with the true Rife M.O.R. frequency and devitalize or render 
harmless the harmful microorganism. If you just use the audio frequencies by themselves you will get 
nothing. If you use the 3.30 or the 3.80 MHz RF carrier without the audio frequencies you will get noth- 
ing. The audio frequencies used in this style of instrument must be match to the RF carrier frequency of 
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3.30 or 3.80 MHz or they are useless. This is the reason the 1953 AZ-58 Beam Ray Clinical instrument 
did not work properly. 


Below is a chart showing the “High Frequency M.O.R.s” which were taken from the Rife Ray #3 
and used with the Rife Ray #4. These frequencies were recorded in 1935 when Philip Hoyland went to 
Dr. Rife's laboratory to read them with his master oscillator. They were fine tuned with more precision 
in 1936 when Philip Hoyland built the Beam Ray Clinical instrument. This is the reason for the slight 
discrepancy in Dr. Rife's high frequencies. In 1935 the frequencies were rounded off to the nearest 
thousandth. In 1936 a more accurate reading was done of these frequencies so that the higher har- 
monics could be used in the Beam Ray Clinical instrument. These frequencies are the true M.O.R.s. 
The “Harmonic Higher Audio Frequency” column is the true harmonic of the “High Frequency M.O.R.s” 
column. How well these higher frequencies under 60,000 Hertz would work is anyone's guess using the 
square wave harmonic waveform that was used in the AZ-58 replica instrument. The “Harmonic Higher 
Audio Steps” column shows how many harmonic steps it takes to hit the fundamental “High Frequency 
M.O.R.s” using the “Harmonic Higher Audio Frequency” using a square wave waveform. As can be 
seen the higher the frequency the less harmonic steps it takes to hit the fundamental M.O.R. fre- 
quency. We did this chart just to show how the concept of square wave harmonics would work. Just 
keep in mind that any square wave audio frequency only goes up for about 9 harmonics with sufficient 
power. Many of the “Harmonic Higher Audio Steps” exceed 9 harmonics. With this understanding a 
higher frequency should be chosen that would be within 9 harmonics of Dr. Rife’s original high RF 
M.O.R. frequency. 


AZ-58 M.O.R. Audio Frequencies Square Wave Harmonics 


Microorganisms 1950’s Low True Harmonic | Harmonic Low Harmonic Harmonic High 
Audio Low Audio Audio Higher Audio Higher Audio Frequency 
Frequency Frequency Steps for Frequency Steps M.O.R.s 
For AZ-58 For AZ-58 AZ-58 


Actinomycosis (Streptothrix) 784 Hz 750 Hz 


Anthrax 1087.5 Hz 


B. Coli (Rod form) 800 Hz 814.4531 Hz 
B. Coli (Filterable virus) 1552 Hz 1503.9063 Hz 
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Now if we take a look at the "1950's Low Audio Frequency For AZ-58” column we see the fre- 
quencies that were used by the AZ-58 back in the 1950's. These frequencies are still used today. In the 
“True Harmonic Low Audio Frequency For AZ-58” column we find the true low audio frequency har- 
monics of the “High Frequency M.O.R.s.” As you compare these columns you can see that the 1950's 
frequency for Actinomycosis or Streptothrix was 784 Hertz but the true harmonic frequency is 750 
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Syphilis 660 Hz 770.5078 Hz 1024 49,312.5 Hz 
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Hertz. It is easy to see that the AZ-58 was not working on square wave harmonics of the true M.O.R.s. 
If you look at the “Harmonic Low Audio Steps For AZ-58” column you can see how many harmonic 
steps it takes to reach the true “High Frequency M.O.R.” These range from 128 harmonic steps to 1024 
harmonic steps. Anyone looking at these numbers would wonder if these frequencies could ever work. 
Logically the higher the frequency the better the chance they will work. Also logically the less you go up 
in square wave harmonics the greater the chance they will work. When using the square wave method 
the highest frequency possible should be used. 


Chapter Summary: None of the low audio frequencies used in the AZ-58 were Dr. Rife's original 
M.O.R. frequencies. Not even the higher audio frequencies used in the Beam Ray Clinical instrument 
were his original M.O.R. frequencies either. Both the lower and the higher audio frequencies are not 
true harmonics of Dr. Rife's original M.O.R. frequencies, as some have thought. The frequencies that 
Dr. Rife discovered were the lowest frequencies which he found that would resonate an organism and 
devitalize it. Dr. Rife knew that his frequencies were lower harmonics of a true higher frequency. Philip 
Hoyland used this understanding in the Rife Ray #5 or Beam Ray Clinical instrument. One thing we do 
know is dividing Dr. Rife's original frequencies down in octave or harmonic steps until you get into the 
low audio frequency range has not been proven through laboratory testing to resonate those organisms 
or any other organisms. Dr. Stafford and John Marsh had laboratory tests done and found that the 
1950's AZ-58 square wave low audio frequencies would not devitalize any organisms they were tested 
on. The audio frequency range does have many beneficial frequencies but it is not understood how 
they really work. Dr. Stafford believed they stimulate the adrenal glands thus stimulating the immune 
system. 


The real problem with not understanding which frequencies are Dr. Rife's original M.O.R. fre- 
quencies means that people will purchase frequency generating equipment that does not output Dr. 
Rife's original frequencies. It really is "buyer bewares". If a frequency generating piece of equipment 
cannot output both the low audio frequency range and the high RF range then you may want to recon- 
sider purchasing it. Look for a frequency generator that can output all of Dr. Rife's frequencies. If a 
company will not tell you what the frequency range of their so called "Rife Machine" is then keep look- 
ing until you find a good frequency generator with the correct frequency range. Any frequency genera- 
tor worth purchasing should have a range from at least 1 Hertz to 5,000,000 Hertz so you can use the 
full frequency range that Philip Hoyland used with the higher harmonics of Dr. Rife's original M.O.R. 
frequencies. If a frequency generator can go to 20,000,000 million Hertz, even better, because you can 
also work with many of the higher harmonics of Dr. Rife’s frequencies. 


In the next chapter we will look at the pad type instrument developed by John Crane and John 
Marsh in the late 1950's. 
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Chapter #14 
Life Labs 1950’s Pad Instrument without Ray Tube 








1. Used round disks that came in contact with the body. Later changed in the 1960’s to hand 
cylinders or foot pads. 

2. Had no RF carrier frequency. 

3. Used the square wave audio frequencies used in the AZ-58. 


It was about 1957 when John Crane and John Marsh began building instruments without a ray 
tube. Earlier in this article Bertrand Comparet was quoted as saying: 


COMPARET: “Now, Crane said “Well now look, Rife himself admits that no matter how much tube and 
ray, and so on, you have, you can’t get any results unless you’ve got the right frequency. Therefore the 


real clue to the thing is the frequency and not the means by which you deliver it.” (1970's Bertrand 
Comparet Interview #33). 


John Crane and John Marsh replaced the ray tube with two aluminum disks (Shown in the above 
photo) which they developed that came in contact with the body. As we pointed out earlier in this report 
it is interesting to note that Dr. Rife said Abrams’ Oscilloclast would devitalize the BX cancer virus and 
it was a contact type device. John Crane and John Marsh probably used this contact method because 
of the success of Abrams’ instrument. From the documented information we have it was also the high 
cost of building ray tube instruments that caused them to look at doing things in a different way. In addi- 
tion to being expensive to build, the ray tube could break very easily. They had many problems with 
them. It does not appear that Dr. Rife, at least in his early years, ever had a reason to look at doing 
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things differently. John Crane and John Marsh did. They didn’t have the kind of money to spend that 
Dr. Rife did. They say that "Necessity is the mother of invention!" 


In the photo, shown below, we see that they eventually added handles onto the disks so that 
they were easier to use. 





John Crane and John Marsh used a Heathkit function generator to produce the frequencies. 
These Heathkit function generators had no built-in carrier frequency on which to modulate the audio 
frequencies. Therefore, the RF carrier frequency was no longer used. The fact that they didn’t feel the 
RF carrier frequency was necessary shows that they totally believed that the audio frequencies were 
the M.O.R. frequencies. This also shows beyond doubt that they never knew the importance of the RF 
carrier frequency or had any understanding of the harmonic sideband method used in the original Rife 
Ray #5 or Beam Ray Clinical Rife Machine. They could have made a pad instrument work like the 
Beam Ray Clinical Rife Machine if they would have used a harmonic sine wave RF carrier frequency at 
3,300,000 Hertz. After the many years that these pad instrument have been used it appears that the 
removal of the ray tube was not as important as the removal of the RF carrier frequency. 


Dr. Rife would have never approved of using an instrument without an RF carrier frequency. He 
knew that Philip Hoyland’s Beam Ray Clinical instrument which used the sideband method somehow 
needed an RF carrier frequency to make it work properly. Though Dr. Rife didn’t fully understand Philip 
Hoyland’s instrument he clearly understood the importance of the RF carrier frequency. The positive 
thing about using a Heathkit function generator in this way is they were inexpensive (about $200) anda 
lot more people could afford one. Many people can thank John Crane and John Marsh for this innova- 
tive method. John Crane and John Marsh proved that the square wave audio frequencies worked the 
same whether applied through a ray tube or pads if sufficient power is used. Many people think that 
John Crane and John Marsh built the pad instrument without Dr. Rife being fully informed about it. But 
this was not the case. John Crane and John Marsh had talked for some time about building a smaller 
ray tube instrument but instead of building it they built the pad instrument. In John Marsh’s Trip to Ohio 
Papers we read this: 


RIFE: “That is the only way that it can be handled properly.” 
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MARSH: “Maybe we can sell small instruments for the purpose of small diseases like colds, flu and 
stuff like that, which are minor, which the Dr.s prefer not treating those kind anyway, because they are 
chronic, and there isn’t anything they can do with them. People keep coming in and coming in and they 
take up his time where he could spend it taking care of a bad case, or something or other. Dr. Stafford 
said that he would prefer that a small instrument would be made...What do you think John? I've been 
doing a lot of talking not even giving you a chance to get a word in edgewise.” 


CRANE: “There is no doubt there is going to be an awful lot of development on this design...” (1957 
John Marsh trip to Dayton, Ohio #36-38). 


From these statements we learn that Dr. Rife knew that they wanted to build small instruments. 
Also we learn that it was John Marsh and John Crane’s idea to build the pad instruments, not Dr. 
Rife’s. We know that Dr. Rife was upset with John Crane and John Marsh over the building of these 
pad instruments because he expressed it to Bertrand Comparet during his 1961 deposition. Comparet 
said: 


COMPARET: “And | asked Rife, because | thought Rife would certainly say that the way Crane was 
working on it then was still using the Rife principle, but he indignantly denied it.” 


HUBBARD: "All right, | see. But, getting back, you say that Rife was very indignant, that the machine 
that Crane was building was really his [Cranes] idea. | suppose he did not compromise on that, did he? 


COMPARET: "Oh no, he just blew up." (1970's Bertrand Comparet interview #32 & 40). 


At this time John Crane and John Marsh were working on both the ray tube instrument and the 
pad instrument. We know that Dr. Rife considered the ray tube instrument to be his instrument. The ray 
tube instrument used an RF carrier frequency on which the square wave audio frequencies were modu- 
lated. So it is clear that the pad instrument without an RF carrier frequency is what Dr. Rife was upset 
about. It is also clear that Dr. Rife fully knew what they were doing but he did not approve of what they 
were doing. Because they didn’t use an RF carrier frequency the pad instrument would not be working 
on Dr. Rife's principle of coordinative resonance through high RF sideband frequencies. We know that 
this was the method Philip Hoyland used in his design. If there is no RF carrier then there would be no 
sideband frequencies and this would mean that none of Dr. Rife's higher harmonic RF frequencies 
would have been produced. This also means the pad instrument only worked on low square wave au- 
dio frequency harmonics not high RF frequencies. However, John Marsh and John Crane’s innovation 
with a pad instrument proved that the ray tube could be removed and frequencies could be applied 
electrically through the contact method which they used. 


This new method made it possible for more people to have access to a less effective form of Dr. 
Rife’s technology. Though it was a less effective method many people over the years have been 
helped by this method of only using low square wave audio frequencies. Back when John Crane and 
John Marsh were building these pad instruments they could have built a pad instrument capable of pro- 
ducing all of Dr. Rife's frequencies. The reason they did not do this is due to the fact that they believed 
that the low square wave audio frequencies would work as well as Dr. Rife's original high RF frequen- 
cies. Time has proven that they were not correct in this belief. Today all of Dr. Rife’s original high RF 
frequencies and the higher harmonics of those frequencies which Philip Hoyland used can be produced 
by any function generator with the proper frequency range of at least 1 Hertz to about 4,000,000 Hertz. 


It appears that one of the reasons why John Crane and John Marsh didn’t use an RF carrier fre- 
quency is the Heathkit function generator that they used didn’t have the capability of using an RF car- 
rier frequency. Audio frequencies will not broadcast; therefore, they are modulated upon the RF carrier 
frequency so that they will penetrate the body. In laymen’s terms, modulation is piggy-backing one or 
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more low frequencies onto another higher frequency. The frequencies travel together but still keep the 
components of both waveforms. Almost all of the so called "Rife Machines" built today do not use an 
RF carrier frequency even though Dr. Rife’s Beam Ray Clinical instrument and the 1953 AZ-58 Ma- 
chine did. If Dr. Rife could have removed the RF carrier frequency from his instrument and gotten the 
same results, | believe he would have removed it because it would have made building an instrument a 
lot easier. He became upset with John Crane and John Marsh for doing this. As it is, Dr. Rife never re- 
moved the RF carrier frequency from any of his instruments. It was John Crane and John Marsh who 
remove it. If a person wants to try and obtain the same type of results which Dr. Rife did, then an RF 
carrier frequency should be considered and used with any audio frequency instrument. 


We realize that there are ray tube instruments today that do not use an RF carrier frequency. 
These use a high electromagnetic field (EM) which will transfer the energy into the body. We do not 
doubt that these instruments work very well with low square wave audio frequencies. We have talked 
with people that are using these instruments and they say that they are getting very good results. But 
these instruments are still using just the low square wave audio frequencies without an RF carrier fre- 
quency. What we are talking about in this report is the way that Dr. Rife used RF frequencies and an 
RF carrier frequency modulated with an audio frequency to produce the proper sideband method. 
Some of these EM ray tube instrument builders like to compare EM devices to RF devices. This is like 
comparing apples and oranges. There is no comparison because if you do not have an RF carrier fre- 
quency then you cannot create any sideband frequencies. The EM devices work on a high electromag- 
netic field, the stronger the better. RF devices work on radio frequencies and the power output is meas- 
ured in watts. Dr. Rife’s instruments were all RF instruments and could resonate an organism when the 
proper RF frequency was used. EM devices use low audio frequencies because they cannot output RF 
frequencies. RF versus EM or apples and oranges cannot be compared because they are two totally 
different principles. EM devices are also limited in their frequency range. Usually they can only output 
frequencies to about 20,000 Hertz where Dr. Rife's RF devices were putting out frequencies in the mil- 
lions of Hertz or cycles per second. 


There is some misinformation being put out about pad instruments. Mostly it is done by people 
who believe that only a ray tube will work in delivering frequencies to the body, whether it is through the 
RF or the EM method of delivering frequencies. These people promote the false belief that audio fre- 
quencies when used in a pad instrument without an RF carrier or without an EM field will only travel 
along the surface of the skin of the body. They say that the frequencies cannot penetrate the body be- 
cause of the "Skin Effect." We need to point out that the "Skin Effect" has nothing to do with human tis- 
sue or human skin. The "Skin Effect" has to do with the skin or surface of a metal conductor such as a 
copper wire. If the human body was made of metal then the "Skin Effect" would apply. These people 
are either totally ignorant or willfully trying to mislead people so that they will only purchase an instru- 
ment that uses a ray tube. What we should really believe is what the scientific tests have proven in re- 
gards to the "Skin Effect" as it pertains to human or animal tissue. 


In scientific studies called "Bioelectric Impedance Analysis" it has been shown that sine wave 
audio frequencies, without an RF carrier frequency, will enter the body but will only travel in the con- 
nective tissues around the cells. These tests have prove beyond doubt that the frequency does go right 
through the skin contrary to what people have claimed. Also in these scientific studies it has been 
shown that the closer you get to 1 Megahertz the greater the penetration of the current through the cell. 
At 1 Megahertz or one million Hertz the current of the frequency will go through the cell and fully pene- 
trate the body. These type of tests show why it is very important that an RF carrier frequency be used. 
A virus can enter a cell and live there. An RF frequency can enter the cell where it can do the most 
good. These kinds of scientific studies and their importance were not understood by John Crane and 
John Marsh in the 1950’s and 1960’s. These "Bioelectric Impedance scientific tests also prove that 
what many people have been saying about the "Skin Effect" is absolutely false. In this Rife machine 
report we do not ask people to believe what has been said without proof. For this reason we have in- 
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cluded one of these scientific reports for you to read. There are other reports on the web that you can 
read but we found that this one is the easiest to understand. But even with that said, unless you have 
some understand of how electricity works then it may be difficult for some to understand. Because of 
this we added, in blue print, a layman’s understanding at the end of each section. To read this file go to 
the following website address. 


www.rifevideos.com/pdf/skin_effect_and_bio_electrical_impedance_analysis.pdf 


Below is a schematic of John Crane & John Marsh’s pad instrument. It was nothing more than 
an off-the-shelf audio frequency generator with the faceplate changed. There was nothing special 
about this frequency generator because any common function generator can do the same thing that 
this one could do. There have been people who have copied this instrument and who charge enormous 
sums of money for a replica. AS much as four or five thousand dollars. They claim that this is a real 
genuine Rife Machine. Do not be fooled. The same audio frequencies that were used in the 1953 AZ- 
58 were also used with this instrument. Those frequencies were 120, 660, 712, 727, 776, 784, 800, 
803, 880, 1552, 1862, 2008, 2128. 
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Below are several photographs of the many pad type frequency generators that John Cane and 
John Marsh built. The first one was built by John Crane. 





This next three photos, shown below and on the next page, are of another one of John Crane's 
pad instruments built in the 1960’s. 
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The next two photos, shown below, are of the pad instrument built back in 1961 by John Crane 
and John Marsh. They at that time were calling their organization the "Rife Virus Microscope Institute”. 
This name is on the front of their instrument. The first photo is from back in 1961 and the second photo 
is a new photo of one of these instruments which has survived. 
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The next two photos, shown below, are pictures of one of John Marsh's pad instruments which 
he built in the 1980's. The first photo is from the 1980's and shows the aluminum disks which he was 
using at that time. The second photo shows this same instrument with another pad instrument which he 
built. 





The next photo, shown below, is a new photo take of an instrument which John Marsh owned 
and gave to his nurse. It is similar to the instrument show in the first photo above. 
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The next two photos, shown below, are of a pad machine that John Marsh made out of a 1950's 
Heathkit frequency generator. Almost all of the pad type machines that both John Crane and John 
Marsh built were really made from off-the-shelf frequency generators without any changes being made 
to them. Many times they would either replace the faceplate with their own or they would cover it so 
that no one would know that they were just using an off-the-shelf frequency generator. Above in one of 
the photos of John Crane's machine you can see that he covered the original faceplate so no one 
would know what he was doing. In the next two photos you can see that John Marsh did the same 
thing with this one. The first photo was taken by John in the 1980's and the second photo is a new 
photo of this instrument. 
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Chapter Summary: Pad type audio frequency instruments have done a lot of good over the years. But 
without an RF carrier frequency properly match with the correct audio frequencies Philip Hoyland's 
sideband method cannot be used with them. These instruments need to have an RF carrier frequency 
or the ability to output the exact frequency that Dr. Rife used. We know from the documents that Dr. 
Rife preferred using the exact frequency rather than Philip Hoyland’s sideband method, but either 
method will work and Dr. Rife used both. Dr. Rife’s frequency range included both the audio range and 
the RF range of frequencies from 1 Hertz to about 1,800,000 Hertz. Philip Hoyland's design produced 
higher harmonic frequencies of Dr. Rife's original frequencies in the 2,000,000 and 3,000,000 Hertz 
range. 


The so called pad "Rife Machines” that are sold today which cannot produce these frequency 
ranges cannot produce Dr. Rife's results. Make sure that the frequency generator you purchase can 
produce both the audio and RF frequencies that Dr. Rife used. Also it should be understood that the 
pad type instruments are not able to output the power that the ray tube instruments can. Pad style in- 
struments that do not use an RF carrier frequency or the higher RF frequency range generally do not 
exceed one half of one watt of power. This is because the body cannot take more that about one fifth of 
one watt before the electrical current begins to lock up the muscles of the user. When an RF carrier fre- 
quency is used then the body does not react to the electricity and this makes it so that higher power 
levels can be used up to the 10 to 12 watt range. Dr. Rife's ray tube instruments had power ranges 
from 50 to 200 watts output. The Rife Ray #5 or Beam Ray Clinical instrument power output was be- 
tween 40 to 50 watts. 


In the next chapter we will look at an AZ-58 type of ray tube instrument built by John Marsh in 
the 1970's. 
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Chapter #15 


John Marsh’s 1970’s Beam Ray replica Rife Machine 








Used a ray tube. 

Carrier frequency was 4.150 MHz. 

Modulated sine and square wave audio frequencies onto the sine wave carrier frequency. 
Power usage was about 460 watts. Output to the ray tube about 40 watts. 


a oP 


John Marsh had this replica of the Beam Ray Clinical Rife Machine Model #JLMSQ-1A built 
back in November 1971 for $3,800. It was completed by January 1, 1972. He and John Crane were un- 
der court order not to associate with each other. Because of this court order they went their separate 
ways but communicated often through phone calls and letters. John Crane stayed in California and 
John Marsh went to Colorado but eventually settled back in SLC, Utah until his death in 1987. All of his 
Rife Machines and Rife information were given to his nurse before his death. His equipment and docu- 
ments were obtained from her in 2012. Since we were able to obtain this instrument we have been able 
to properly date it and take better photos of the complete instrument. Some of this information and new 
photos are shown below and are now apart of this report. 


The photo at the top of the next page shows the two chassis that were connected by wires with 


their covers taken off. This instrument was a mix of both tube technology and modern solid state com- 
ponents. 
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In the next photo, shown below, you can see that the instrument could output both sine and 
square wave audio frequencies. The frequency range of the audio oscillator went from 20 Hertz to 
20,000 Hertz over three bands. John Marsh initially want it to have a frequency range from O to 
100,000 Hertz. It had coarse and fine adjustments for the audio frequencies. Above those knobs we 
see the digital readout window of the frequencies. John Marsh put in a modern solid state audio oscilla- 
tor with a digital readout. To the right of the digital readout we see a timer with a range of up to 5 min- 
utes. 
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To the right of that timer, shown below, in the first photo on the left, we see the power meter 
which is written on it “Standing wave ratio” and “Percent reflected power”. The knob below the meter 
was for adjusting the standing wave ratio. Below the knob is where the ray tube was connected. John 
Marsh used the CB antenna style connection instead of the banana jack method use in the original 
1953 AZ-58. In the second photo, shown below on the right, you can still see an up close view of the 
John Marsh's masking tape with the 1950’s frequencies written on it. 


FREQUENCY ADJUST 





The next photo, shown below, is a top view of the chassis with the case removed. You can 
clearly see that John Marsh used a mix of old tube technology and solid state electronics. 





The next four photos, shown below and on the next page, are close up photos of the top of the 
chassis. The first photo is the built in timer. The second photo is the solid state audio oscillator. 





The third photo shows the 811a main power output vacuum tube. The fourth shows the trans- 
former that powers the audio oscillator board. 





The next photo, shown below, is a back view of the instrument. The meter is a D.C. milliamp me- 
ter. The socket to the right of the meter is for connecting the smaller box that has the power transform- 
ers. 





In the next four photos, shown below, give you an understand of the various components. The 
first photo labeled #1 is looking at the inside front of the instrument and shows the audio oscillator. To 
the left of the audio oscillator is the five minute timer. Photo #2, is looking at the back of the instrument 
and shows the three vacuum tubes. The three photos of vacuum tubes labeled #4, #5 and #6 showa 
clear view of the 811a, 6L6GC and 6GK6 vacuum tubes and their placement into the chassis. Photo #3 
is one of John Marsh's original 1970 photo which shows the underside of the chassis where you can 
see the RF tank coil that was fixed at 4.150 MHz (4,150,000 Hertz). 
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The next photo, show below, is a side view of the 811a tube. You can also see the RF choke 
right in front of the 811a tube with a small coil on top of it. This coil helped eliminate any parasitic oscil- 
lations. 





The first of the next two photos, shown below and on the next page, is a photo which was taken 
of the underside of the chassis. The first photo, was one of the three pictures we have of the underside 
of the chassis. This photo was not very detailed and was taken back in 1971 when the instrument was 
built. 
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Perfectly transparent solar concentrator turns every window into a solar panel 


In the second photo, shown below, (new clearer photo) the larger coil is the RF tank coil which 
was set to 4.150 MHz. The variable capacitor which has the black knob was used to tune the carrier 
frequency to 4.150 MHz. 





The next four photos, shown below and on the next page, are up close photos of the underside 
of the chassis showing the various components used to build this instrument. 
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The next two photos, shown below are of the inside of the small case. It contained almost all the 
transformers. The standard Beam Ray Rife Machine had two shelves in one case for components. The 
AZ-58 combined everything into one case but for some reason John Marsh used two cases to hold the 
components. 
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The next two photos, shown below, are of this instrument being used in a doctors office back in 
1972 when John Marsh live in Colorado. 





The photo below is the ray tube which was used with this instrument. The ray tube still worked 
when we tested it. 





Beam Ray Clinical Rife Machine. The carrier frequency that John Marsh chose to use with this instru- 
ment again clearly shows he did not understand the importance of the RF carrier frequency. He 
changed it from the 1953 AZ-58’s 4.68 MHz to 4.150 MHz. The 4.150 MHz RF carrier frequency is 
probably one of the worst carrier frequencies he could have chosen using the AZ-58 low audio frequen- 
cies for the sideband method. In fact it would not be a good carrier for the higher audio frequencies ei- 
ther. We will explain again how to determine the best RF carrier frequencies to use in an instrument. 


The method Philip Hoyland used to determine the best RF carrier frequency to use was by doing 
multiples of the BY (Sarcoma 1,529,520 Hertz) and the BX (Carcinoma 1,607,450 Hertz) frequencies. 
Logically, multiples of these frequencies are the best RF carrier frequencies to use because they were 
Dr. Rife's highest M.O.R. frequencies that he found. If you multiply the BY frequency by two you get 
3,059,040 Hertz and if you multiply the BX frequency by two you get 3,214,900. So an RF carrier fre- 
quency in the 3,100,000 to 3,300,000 Hertz range would work well. Philip Hoyland used 3,300,000 
Hertz. The next best range would be to multiply these two frequencies by a factor of three. The BY mul- 
tiplied by three gives you 4,588,560 Hertz and the BX multiplied by three gives you 4,822,350 Hertz. 
So a carrier frequency in the 4,600,000 to 4,700,000 Hertz range would be the next best RF carrier fre- 
quency to use in an instrument. So you can see by the math that 4,150,000 Hertz would not be a good 
carrier frequency to use if you were going to used the sideband method that Philip Hoyland used when 
building the Rife Ray #5 or Beam Ray Clinical instrument. The RF carrier frequency should always be 
determined by multiples of the highest frequencies that Dr. Rife found for the various organisms. The 
1953 AZ-58 had an RF carrier frequency of 4,680,000 Hertz. This carrier frequency would have worked 
very well had they understood the sideband method Philip Hoyland used. Since they lowered the audio 
frequencies instead of recalculating them to work on the sideband method then this also again reveals 
that they did not understand how Philip Hoyland’s instrument really worked. 


With the above understanding it is easy to see that the only reason you would use a 4.150 MHz 
RF carrier frequency is if you did not care what RF carrier frequency you used. The fact that they didn't 
really care what RF carrier frequency they used is without question since both John Marsh and John 
Crane have said in several documents and on audio tapes that the audio frequencies were the M.O.R. 
frequencies. The whole concept of using the sideband spacing method is to choose a carrier frequency 
that would work the best with all of the Rife Ray #4 higher frequency harmonics. Had John Marsh really 
understood the significance of the RF carrier frequency he would have chosen a different one. But just 
like the 1953 AZ-58 they changed it and relied on the square wave audio frequency harmonics rather 
than the sideband spacing method used in the original Beam Ray Clinical instrument. The Aubrey 
Scoon Beam Ray Clinical instrument replica was working on the sideband spacing method because 
the audio frequencies used with it were high enough to make the number of sideband harmonics rea- 
sonably low. So far Aubrey Scoon’s instrument is the only instrument that we have seen, except for the 
original Beam Ray Clinical Rife Machine, which worked properly on the sideband spacing method. 
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It is clear that the 1953 AZ-58 was not working fully on the sideband principle even though it 
could have. It appears that just by chance or accident some of the frequencies, like the BX frequency, 
worked because the RF carrier frequency was set at about 3.2 MHz by Dr. Stafford. Just the fact that 
they lowered the audio frequencies by a factor of 10 and then depended solely on square wave audio 
frequencies showed they didn’t understand Philip Hoyland’s sideband method. Had Philip Hoyland re- 
vealed how his Beam Ray Clinical Rife Machine worked a lot of confusion could have been avoided. 
This machine of John Marsh's could have easily been changed to work properly on the sideband 
method. The audio frequency range was designed to go to 20,000 Hertz. If the RF carrier frequency 
was changed to 3,300,000 Hertz, which would have been easy to do, then most of the original audio 
frequencies could have been used. The only two that would need to have been re-calculated would 
have been the BX and the BY frequencies. This also would have been easy to do. 


In the chart, shown below, the frequencies have been calculated for John Marsh’s instrument. 
You will notice that the “Original 1950's AZ-58 Frequencies” (low audio frequencies) are almost a per- 
fect match to the “Correct Sideband Frequencies.” But before we place too much significance in this 
coincidence we need to keep in mind the “Number of Sideband Harmonics.” These numbers are so 
high that almost any low frequency can be divided into the “Carrier Difference Frequency” and come 
out within a few Hertz of the “Correct Sideband Frequency.” The audio frequency needs to be a great 
deal higher in order to make it so the sideband frequencies will work. This is due to the fact that power 
is lost in sidebands. We must keep in mind that the higher the audio frequency is, the lower the number 
of sidebands that will be created and the better they will work. So these low audio frequencies in the 
chart below are two low to work with an RF carrier frequency of 4.150 MHz. In fact they would be too 
low to work even if they were used with a 3.30 MHz RF carrier frequency as was used in the original 
Beam Ray Clinical instrument. Using the higher audio frequencies like Philip Hoyland used is the 
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BY Sarcoma 21,530,000 Hz | 4,590,000 or 3rd | 440,000 Hz | 780 Hz 2008 Hz 2009 Hz 


Gonorrhea 233,000 Hz 4,194,000 or 18th | 44,000 Hz 18 Hz 712 Hz 710 Hz 


Meningitis 
Aureus 


Typhoid Rod 760,000 Hz | 3,800,000 or Sth | 350,000 Hz | 192 Hz 712 Hz 711 Hz 
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method that worked in the original equipment. If the frequency you want to hit is close to the RF carrier 
frequency then the lower the audio frequency you can use. But if the frequency is farther away from the 
carrier frequency then the higher the audio frequency you will need to use in order to make it work 
properly. Philip Hoyland could have used even higher audio frequencies since his audio oscillator in the 
original Rife Ray #5 or Beam Ray Clinical instrument would go to a little over 40,000 Hertz. He could 
have used frequencies up in the 30,000 to 40,000 Hertz range which would have worked with even 
less sidebands. But Philip Hoyland was also trying to hide the method he was using. So Philip Hoyland 
balanced his frequencies in order to make sure they would work and also not reveal the method he 
was using. He did accomplish his goal. 


If you look at the “Number of Sideband Harmonics” it takes to hit the correct Rife Ray #4 “Higher 
Harmonic Frequencies” you will understand that this instrument could never work on the sideband 
spacing method using these low audio frequencies. None of the “Number of Sideband Harmonics” are 
less than 59 sideband steps and the highest is 750. The chance of this working would be almost zero. 
The best method to use with John Marsh’s instrument is the audio frequency square wave harmonic 
method. This is the method he used with his instrument. 


Below in the chart is a list of the higher audio frequencies, 20,000 Hertz or lower, that could be 
used with John Marsh’s instrument and make it work using the harmonic sideband method. Many dif- 
ferent audio frequencies could be calculated to work. We did the highest audio frequency for each or- 
ganism. The BX and the BY frequencies probably would not work since the sidebands would have to 
go nearly 600,000 Hertz to hit the correct frequency. For this reason the RF carrier frequency should 
be changed. The best frequencies would always be the highest audio frequency you could use within in 
the 20,000 Hertz frequency range of the instrument. 


John Marsh’s Beam Ray Clinical Instrument Higher Sideband 
Square Wave Audio Frequencies Based On A 4.150 MHz Carrier 


13,000 Hz Streptococcus 18,889 Hz 


B or E Coli Rod 10,000 Hz 19,667 Hz 
B or E Coli Virus 20,000 Hz Syphilis or Treponema 18,636 Hz 
BX Virus Carcinoma 19,471 Hz 15,500 Hz 





BY Sarcoma 19,130 Hz Tuberculosis Rod 18,200 Hz 
Gonorrhea 14,667 Hz Tuberculosis Virus 19,062 Hz 


Pneumonia or Spinal 17,143 Hz Typhoid Rod 19,444 Hz 
Meningitis 
Staphylococcus 19,000 Hz Typhoid Virus 18,500 Hz 


Chapter Summary: The fact that John Marsh built these Beam Ray replica Rife Machines and used 
different RF carrier frequencies with the same audio frequencies conclusively proves that he never un- 
derstood how the instrument was really intended to work. This also shows that John Crane didn't really 
know how the instrument was intended to work either. John Crane was doing the same thing that John 
Marsh was doing. The fact that Philip Hoyland did not reveal how the Beam Ray Clinical instrument 
really worked has affected Rife's work in a negative way to this very day. 





In the next chapter we will look at the ray tube instrument that John Marsh built back in the 
1980's when he lived in Salt Lake City, Utah. 
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Chapter #16 
John Marsh’s 1980’s Ray Tube Rife Machine 








. Used a ray tube. 

. Carrier frequency was ? 

. Square wave audio frequencies modulated onto a sine wave carrier frequency. 
. Power usage was about 125 watts. Output to the ray tube about 25 to 30 watts. 


RWNEF 


This style of ray tube instrument Model JLMSQ-101, which was built in the 1980's, was the last 
design that John Marsh built before his death. All of his Rife Machines and Rife information were given 
to his nurse before his death. His equipment and documents were obtained from her in 2012. Since we 
were able to obtain this instrument we have been able date it and take better photos of the complete 
instrument. Some of this information and new photos are shown below and are now included in this re- 
port. 
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John Marsh built two different models of this style of Rife Machine. In the next two photos, 
shown below, we see the first model of this style of instrument. The instrument was a mix of both old 
vacuum tube technology and modern solid state technology. The audio oscillator was a solid state vari- 
able audio oscillator with a digital readout for displaying the frequencies. The frequency range went 
from about 20 Hertz to 20,000 Hertz. The instrument used the same low square wave audio frequen- 
cies that were used in the 1950’s AZ-58 Rife Machine built in 1953. Those thirteen frequencies were 
120, 660, 712, 727, 776, 784, 800, 803, 880, 1552, 1862, 2008, 2128. The RF carrier frequency section 
was built using old vacuum tube technology. The RF carrier frequency was set at 2,200,000 Hertz. This 
RF carrier frequency again shows that John Marsh did not understand the harmonic sideband method 
that Philip Hoyland used in the original Rife Ray #5 or Beam Ray Clinical Rife Machine sold by the 
1938-1939 Beam Ray Corporation. His earlier 1971 instrument which was discussed in Chapter 15 of 
this report used a 4.150 MHz (4,150,000 Hertz) RF carrier frequency. Both of these RF carrier frequen- 
cies (2.2 MHz and 4.150 MHz) clearly show that Philip Hoyland's sideband method was not used. What 
became of this instrument is not known. John Marsh most likely sold it to someone because he was 
building these for a few people who wanted them. 
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In the first photo, shown below, we see John Marsh's second style of Rife Machine. This is the 
same machine shown in the first photo of this chapter. This machine John Marsh used until his death in 
1987. This machine was given to his nurse. We now have this machine and know how it worked. The 
instrument uses the same low square wave audio frequencies that were used in the 1953 AZ-58 Rife 
Machine. This instrument was unique because he did not have it built with a variable audio oscillator. 
Instead it had a dial which had 13 different positions for the 13 different audio frequencies which he 
used. John also had this instruments RF section built using old vacuum tube technology. The RF car- 
rier frequency was also set to 2,200,000 Hertz (2.20 MHz). The fact that this instrument is still being 
used even after about thirty years speaks of its quality of construction. In the second photo, shown be- 
low, we see John Marsh with this instrument in the 1980's shortly before his death. 
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The ray tube used with this instrument has an interesting design because it was designed to 
stand up. In the new photo, show below, you can see an up close view of this ray tube. 





Below is a photo of the inside of the case that held the ray tube. You will notice that the ray tube 
is darkened. This happens to this type of ray tube because the metal electrodes are on the inside of the 
ray tube. When the ray tube is lit the metal comes of the electrodes and over time slowly contaminates 
the gas and the interior of the tube. The metal deposits or coats the inside of the ray tube and then the 
ray tube becomes less effective. In many cases the ray tube begins to sputter requiring it to be re- 
placed or cleaned out and re-gassed. The photo of the new ray tube, shown above, is one of the extra 
ray tubes that John had built for this instrument. Many people no longer use ray tubes with internal 
electrodes because of this problem. The tubes without internal electrodes last for many years without 
any need of replacement. Some people have used them for more than 15 years and the ray tubes are 
still working without any problems. 
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The photo, shown below, is the underside of the instrument with the bottom removed. 





The next photo, shown below, is a close up of the RF carrier frequency section showing the RF 
tank coil and the two variable tuning capacitors for tuning the RF carrier frequency to 2.20 MHz and for 
tuning the ray tube resonance. 





In the next photo, shown below, you can see the two brass colored nuts with regular screw 
driver slots. The one on the left labeled “Load” was for tuning the ray tube and the other on the right 
which is labeled “Tune” was for tuning the carrier frequency. 
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The next photo, shown below, is a side view of the instrument showing the electronics for the 
thirteen square wave audio frequencies. 


In the next photo, show below you can see the tuning dial for each of the thirteen square wave 
audio frequencies. The dial started with the lowest audio frequency and went to the highest. The audio 
frequencies went in clockwise order from the first setting to the last setting 120, 660, 712, 727, 776, 
784, 800, 803, 880, 1552, 1862, 2008, 2128. 





The final photo, shown below, is of the machine with the ray tube lit. The ray tube would be a lot 
brighter if the tube was in new condition. 
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Chapter Summary: This instrument built by Jonn Marsh used the same frequencies as the 1953 AZ- 
58. It also worked on the same low audio frequency square wave harmonics method as the AZ-58. The 
power level was lower than the AZ-58 and his 1970's AZ 58 replica discussed in chapter 15 of this re- 
port. This instrument was the last ray tube instrument John Marsh built before his death in 1987. 


The next chapter will be a summary of the complete "Rife Machine Report." 
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Chapter #17 
Summery of the Rife Machine Report 





In summary, with all the historical information that has come to light in the past few years we fi- 
nally know the truth about which frequencies were Dr. Rife’s M.O.R.s. We also understand the audio 
frequency sideband spacing method used in the Rife Ray #5 or Beam Ray Clinical instrument which hit 
the high harmonics of Dr. Rife original RF M.O.R. frequencies. Because Philip Hoyland hid how his in- 
strument worked these audio frequencies, due to lack of knowledge, were lowered and used with a 
square wave waveform in the 1953 AZ-58. These lower square wave audio frequencies may not work 
as well as Dr. Rife's original frequencies but they have accomplished a lot of good helping many peo- 
ple. With the use of even more square wave audio frequencies a whole new field of frequencies are 
now available for our use. Having said this, we still need to remember Dr. Rife still maintained his true 
M.O.R. frequencies were in the RF band of frequencies. Even though Dr. Rife, John Crane and John 
Marsh tested these square wave audio instruments in the 1950’s and early 1960’s to see how well they 
would work. It wasn’t until after John Crane and John Marsh were released from prison that they re- 
ceived Dr. Stafford’s report showing the limited capability of the low square wave audio frequencies on 
cancer. 


From about 1964 on, John Crane and John Marsh continued to build the audio frequency instru- 
ments even though they had the evidence from Dr. Stafford which showed the audio frequencies alone 
didn’t work on cancer like the original high RF frequencies. Even though John Crane and John Marsh 
said the square wave audio frequencies were Dr. Rife’s true M.O.R.s this does not change the fact that 
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we now know the true purpose of the audio frequencies. The evidence in this report proves that Dr. 
Rife, John Crane and John Marsh really didn’t understand how Philip Hoyland’s Beam Ray Clinical in- 
strument worked. This lack of understanding caused them to miss the truth when it was right before 
their eyes. We would still be in the dark had it not been for the original instruments found and the writ- 
ten documents that revealed Dr. Rife’s high frequencies. Add to this the audio tapes which have Dr. 
Rife’s own voice on them telling us his frequencies ranged from the audio to the broadcast bands. Dr. 
Rife was a pure scientist and only believed what he could prove. Had he seen Dr. Stafford’s final report 
we feel certain he would have considered the cancer tests a failure. Dr. Rife said “he never fooled him- 
self”. It is entirely possible that Dr. Rife would have insisted they go back to his original high frequency 
design used in the Rife Ray #4 or put the 1953 AZ-58 RF carrier frequency back on 3.30 MHz and use 
Philip Hoyland’s audio frequencies. 


The most important information that has been obtained from the original Rife Ray #5 or Beam 
Ray Clinical instrument and Aubrey Scoon’s Beam Ray replica instrument is the fact that the audio fre- 
quencies used in these instruments had nothing to do with the treatment of disease. To put it bluntly, all 
of us have been led down the primrose path because we did not understand how the Beam Rays Clini- 
cal instrument really worked. The mistakes made have major implications since the audio frequencies 
used with the AZ-58 (120, 660, 712, 727, 776, 784, 800, 803, 880, 1552, 1862, 2008 and 2128 Hertz) 
have no ability to eliminate the diseases we thought they would eliminate. In all reality these audio fre- 
quencies should be replaced with higher frequencies that are true harmonics of Dr. Rife’s original high 
frequency M.O.R.s instead of clinging to the old dogma. Those who are really trying to do what Dr. Rife 
did should no longer promote the concept that these AZ-58 audio frequencies are M.O.R.s and by so 
doing put many people at risk. The best frequencies to use would always be the original high frequency 
M.O.R.s followed by lower audio frequencies that are exact lower harmonics of the high RF M.O.R. fre- 
quencies. For the most accurate list of Dr. Rife’s original high RF frequencies go to the first chart on 
page 223. These frequencies were set by Philip Hoyland in Dr. Rife’s laboratory using his microscope. 


Hopefully this information will help make a change and in the future we will begin to see what Dr. 
Rife’s original high frequency M.O.R.s will do. Many helpful people have provided the records and re- 
sources so this new information could be brought to light: the release of the John Marsh information 
from John Marsh’s nurse; the Beam Ray Trial Papers from Steven Ross; the many photos from Jason 
Ringas of the Rife Research Group of Canada; the great benefit from Dr. Larry Low who allowed us to 
purchase the original Beam Ray Clinical instrument; the British Rife group and their work on the Aubrey 
Scoon replica instrument; the help of James Cunningham along with the great detective work done by 
James Peters in figuring out that Dr. Rife was using the Kennedy company Model 110, 220 and 281 
receivers. We also want to recognize the great work Jim Peters did on the schematic of Dr. Gruners 
original Beam Rays Laboratory instrument. His recognition of the second variable Hartley Oscillator 
made it possible to rebuild an instrument that works like the original Beam Ray Laboratory instrument. 


The spectrum analyzing of these machines has finally given us the answers to how all these dif- 
ferent instruments really worked. | believe the recognition of the Kennedy equipment and the locating of 
the original 1938-1939 Beam Ray Clinical instrument along with the Beam Ray Laboratory instrument 
schematic correction and rebuilding are three of the greatest pieces of information we have yet discov- 
ered about Dr. Rife. No longer are we guessing in the dark. We have purchased the Kennedy Com- 
pany equipment Models 110, 220 and 281 along with the original Beam Ray Clinical instrument for all 
of this testing. We plan on doing more extensive spectrum analysis work on this equipment. We have 
built, into one case, the Beam Ray Clinical and Laboratory instrument designs. We wish also to give 
special thanks to Henry Rogers the owner of the Western Historic Radio Museum 
(www.radioblvd.com). He allowed us the opportunity to come and test the Kennedy receivers that he 
owns. As more information comes out we will update this article as necessary. 
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For those who would like a complete list of Dr. Rife’s frequencies output by the Rife Ray #3, Rife 
Ray #4, Philip Hoyland's Rife Ray #5 or Beam Ray Clinical instrument, Aubrey Scoon’s 1950's Rife 
Ray #5 and the AZ-58 Beam Ray replica instrument we have listed them in a chart on page 222. Other 
charts that may be of interest are included on pages 223 and 224. 


None of the sets of the low audio frequencies are true M.O.R.s and were originally used to cre- 
ate the proper sideband spacing frequencies. The square wave audio frequencies used by the AZ-58 
were used in a different manner or method relying only upon the harmonics from the square wave 
waveform. This method has been used with very good results over the past 50 years by many people, 
but, these audio frequencies have never produced the true M.O.R. effect of devitalizing organisms. The 
correct high RF M.O.R.s are the frequencies that should be used since we know what these frequen- 
cies are. If people are determined to use the lower audio and ultrasonic range of frequencies below 
50,000 Hertz then they should at least use the highest harmonic frequency of the true M.O.R.s. At the 
very least we should make sure that all frequencies used are true harmonics of the fundamental 
M.O.R.s that Dr. Rife found. 


www.rifevideos.com 
Copyright © 2003 & 2013 
All rights reserved. 
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Rife’s M.O.R Frequencies And Audio Sideband Frequencies 


Microorganisms From Square Wave Sideband Frequencies | Sideband Frequencies High RF Frequencies 1/10th Of | Rife’s Misread | Rife’s Misread | Rife’s Misread 
Rife’s Lab Notes Frequencies for For Aubrey Scoon’s For Original Beam Ray For Dr. Rife’s One Meter Lab Note Lab Note Lab Note 
And Other Documents. Rife, Crane, Marsh 1940s Beam Ray Clinical Instrument. Rife Ray #3 and #4 Frequency | Frequencies Meter Meters 
1950s AZ-58 Beam Replica. Built By Philip Hoyland Instruments. Tolerance. | Before 1935. Frequencies | Converted To 
Ray Replica. Built by Verne 1938-1939. Correctly read in 1935 Before 1935. Hertz. 
Built by Verne Thompson. Recovered in 2008. By Philip Hoyland*. 
Thompson. Used with 3.30 MHz Used with 3.80 MHz Rife Ray # 4 built by*. Frequency #1 Meters Frequency #2 








Dr. Rife’s Original High RF Frequencies Fine 
Tuned To The Precise Frequencies By Philip Hoyland. 
Actinomycosis (Streptothrix) 191,803 Hz 
hr 





Typhoid Fever (Virus) 


Philip Hoyland’s Audio Frequencies Used With 3.30 MHz 
To Produce Through Sidebands Dr. Rife’s Frequencies 
B or E Coli Rod 8,020 Hz Syphilis or Treponema 6,600 Hz 


B or E Coli Virus 17,220 Hz 1,200 Hz 
21,275 Hz Tuberculosis Rod 8,300 Hz 





20,080 Hz Tuberculosis Virus 16,000 Hz 


Pneumonia or Spinal 7,660 Hz Typhoid Rod 6,900 Hz 
Meningitis 
7,270 Hz Typhoid Virus 18,620 Hz 
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Fig. 2.6 Solar tower (Roldan et al. 2015) 


The use of high-temperature gas is also being considered (e.g. atmospheric air in 
volumetric receivers). 

In a direct steam ST, water is pumped up the tower to the receiver, where 
concentrated thermal energy heats it to around 550 °C. The hot steam then powers a 
conventional steam turbine. When DSG is used as heat transfer fluid, it is not 
required a heat exchanger between the primary transfer fluid and the steam cycle, 
but the thermal storage is more difficult. 


Witisee cece afters axe ck = 4 Tete Gee Wee we wee ee Se ee ates = Sips aes 


Philip Hoyland’s New M.O.R.s. 
eee In The Beam may Clinical Instrument. 


B BorE Coli Virus _ E Coli Virus 3,076,140 Hz Syphilis or Treponema _ 3,154,800 HZ 154,800 Hz 


___3,059,04 059,040 HZ uproot Rod 3,324,897 HZ 324,897 Hz 


Sorte or Spinal -3,414,900Hz 414,900 Hz ster TyphoidRod 3,037,800 Hz 037,800 Hz 
— 
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NEW RESEARCH FINDINGS show that all diseases 
have simple explanations and cures once their true 
cause is known. This book describes the causes of 
both common and extraordinary diseases and gives 
specific instructions for their cure. 


The Cure for all Diseases 


With Many Case Histories 


of diabetes, high blood pressure, seizures, chronic fatigue 
syndrome, migraines, Alzheimer's, Parkinson's, multiple 
sclerosis, and others showing that all of these can be simply 
investigated and cured. 


Hulda Regehr Clark, Ph.D.,N.D. 


Electricity can now be used to kill bacteria, viruses and 
parasites in minutes, not days or weeks as antibiotics require. 


If you have been suffering from a chronic infection or have 
cancer, or AIDS, learn to build the electronic device that will 
stop it immediately. It is safe and without side effects and does 
not interfere with any treatment you are now on. 
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Notice to the Reader: 


The opinions and conclusions expressed in this book are 
mine, and unless expressed otherwise, mine alone. The opinions 
expressed herein are based on my scientific research and on 
specific case studies involving my patients. Be advised that 
every person is unique and may respond differently to the 
treatments described in this book. On occasion we have provided 
dosage recommendations where appropriate. Again, remember 
that we are all different and any new treatment should be applied 
in a cautious, common sense fashion. 

The treatments outlined herein are not intended to be a re- 
placement or substitute for other forms of conventional medical 
treatment. Please feel free to consult with your physician or other 
health care provider. 

I have indicated throughout this book the existence of pol- 
lutants in food and other products. These pollutants were identi- 
fied using a testing device of my invention known as _ the 
Syncrometer.'™ Complete instructions for building and using this 
device are contained in this book. Therefore anyone can repeat 
the tests described and verify the data. 

The Syncrometer is more accurate and versatile than the best 
existing testing methods. A method for determining the degree of 
precision is also presented. However at this point it only yields 
positive or negative results, it does not quantify. The chance of a 
false positive or a false negative is about 5%, which can be 
lessened by test repetition. 

It is in the public interest to know when a single bottle of a 
single product tests positive to a serious pollutant. If one does, 
the safest course is to avoid all bottles of that product entirely, 
which is what I repeatedly advise. These recommendations 
should be interpreted as an intent to warn and protect the public, 
not to provide a statistically significant analysis. It is my fervent 


hope that manufacturers use the new electronic techniques in this 
book to make purer products than they ever have before. 
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Parabolic dish (PD) systems (Fig. 2.7) consist of a concave dish shaped concen- 
trator that reflects sunlight into a receiver placed at the focal point of the dish. The 
receiver may be a Stirling engine or a micro-turbine. PD requires two-axis sun 
tracking system to follow the sun from east to west during the day, and from north 
to south throughout the year. This technology offers very high concentration factors 
and operating temperatures (Fig. 2.3). 

To date, there are no large utilities using PD technology, due to several diffi- 
culties. The design of reliable engines for large plants is still under development. In 
addition, the initial cost of such systems is high in comparison with the CST 





Fig. 2.7 Parabolic dish (Roldan et al. 2015) 
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Preface 


The sick have been held hostage for their money or intangible 
assets since time immemorial. Doctors, even primitive and 
natural healers, surround themselves with mystery as they use 
herbs or chemicals and incantations or “prognoses” to help the 
sick recover. Today, the medical industry (doctors and their 
suppliers and insurers) take a significant amount of the worker's 
earings. Wouldn't it be nice if they could all go back to gar- 
dening or some other primitive and useful endeavor? Wouldn't it 
be wonderful if the sick could join them? 

The most promising discovery in this book is the effective- 
ness of electricity to kill viruses, bacteria and parasites. Does 
this mean you can cancel your appointment with your clinical 
doctor? No it does not. Killing your invaders does not make you 
well instantly. But happily, at your next doctor visits she or he 
will be removing drugs, not adding them. 

You might think that such an invention should be quickly 
patented. That was my universal advice. But I chose not to. It 
helps me, my children, and my grandchildren, if you are well. 
The whole world needs to come out of the dark ages of medicine 
and illness. And to learn the true causes of infection and disease. 
We must and can usher in the new age of disease-free living. 

No diabetes, no high blood pressure, no cancer, no 
HIV/AIDS, no migraines, no lupus and so on! 

Not a single disease is left unconquerable with this new un- 
derstanding! 
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The Promise 


Step into a new world. 


A world without chronic diseases. 


Step out of your old world. 


It has kept you a prisoner. 


Try something new. 


The prison has no walls. It has only lines. Lines that mark the 
ground around you. Inside the lines are your old ideas. Outside 
are new ideas that invite you to step over and escape your 
prison. Dare to try these new ideas and your illness promises to 
recede. In a few weeks it can be gone. 





If you are very ill or chronically ill you must have asked 
yourself many times: why have these problems chosen me? Will 
there never be a way to conquer them? 

You may be quite familiar with your doctor's explanation of 
your illness or your child's illness. A Coxsackie virus has en- 
tered your child's brain causing inflammation (encephalitis) 
there. You pray that your child's immunity will overcome it. You 
may be familiar, but so very helpless against this microscopic 
invader. 

If you had the proverbial 3 wishes they would be: 1) please 
spare my child's life; 2) please make it so my child doesn't have 
permanent damage; 3) please bless and guide the wonderful 
doctors and nurses who are keeping the oxygen tent going, and 
are watching my child's temperature and vital signs. 
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What if you could turn a dial and in 3 minutes kill every 
Coxsackie virus in your child's body? 

What if this had no side effects? 

What if the virus never came back? 

In this book you will learn how to do that. You will also 
learn why your child got encephalitis or other disease and how to 
prevent it forever. 

If this is too mind boggling, just take it a step at a time: First, 
learn about the radio-type broadcasting that all living animals do. 
Second, find the “station frequencies” that your particular 
invader(s) broadcast at. Third, learn how to “jam” their 
frequency until they expire: it takes only minutes! 

Finally, learn how to make your own diagnostic and treat- 
ment devices. The instructions are simple enough for anyone. 
Only by putting this power in your hands will it be safe from 
government regulation, however well intended. 


Only Two Health Problems 


No matter how long and confusing is the list of symptoms a 
person has, from chronic fatigue to infertility to mental problems, 
I am sure to find only two things wrong: they have in them 
pollutants and/or parasites. I never find lack of exercise, 
vitamin deficiencies, hormone levels or anything else to be a 
primary causative factor. So the solution to good health is obvi- 
ous: 


Problem Simplest Cure 
Parasites Electronic and herbal treatment 
Pollution Avoidance 


It's a valiant quest: The quest for health. With optimism in 
one hand and determination in the other, you too can work the 


THE PROMISE 


miracles for yourself that my clients accomplished in the case 
histories. 

More good news is that it is not expensive. The cost will 
range from a few hundred dollars to only a few thousand in order 
to eliminate both problems and cure your chronic diseases. 


Be A Health Detective 


After curing your own diseases, teach your friends and family 
how it's done. Families are related and their problems are 
related. This should make the task easier. Keep a small notebook 
to become part of the treasured family legacy as much as 
photographs do. If your aunt, father and brother had diabetes as 
well as yourself and all were cured after introducing them to this 
concept and technology, isn't this worthy of notes in your family's 
history? 

Notice what a strong line of inheritance there can be, not due 
to sharing genes but due to sharing a roof, a table, a su- 
permarket, and a dentist! 

Many problems can be disinherited. Cure yourself of retinitis 
pigmentosa, Muscular dystrophy (the “inherited” kind), and 
break down your family's faith in the gene-concept for these 
diseases. Bring hope to your family by proving diseases' true 
etiology. Bring respect back for your loyal genes that bring you 
hair color, and texture, not hair loss. That bring you eye color, 
not eye disease. Your genes brought you the good things about 
your ancestors, not the bad things. Parasites and pollution 
brought you the bad things. 

Killing all your invaders is just the first step, though. It is 
indeed the life-saving step. But getting well is more than saving 
your life. Next comes the more tedious task of finding their 
sources. Where did they come from? Why did they invade you so 
massively. Why you? 
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The story of your personal pollution unfolds as in a book. 
Look closely and you see the whole panorama of your numerous 
tiny invaders being held at bay by your valiant immune system, 
your white blood cells. You can see what they are fighting 
besides the invaders. Your ill-chosen diet and lifestyle products! 

Your heart may go out to those tiny white blood cells. Never 
again, you may say, will you give them arsenic and mercury and 
lead. Never again, cobalt and asbestos and freon. 

That great body of wisdom, your body, the same as listened 
to your three wishes, will reward you over and over as you co- 
operate with it, until you have had not 3 but 30 wishes granted, 
each one seemingly as impossible as climbing Mt. Everest. 


¢ Your chronic yeast infection can go away. 

¢ Your hair can stop falling out-might even grow back. 

¢ Your body can become pregnant-when you had already 
given up. 

¢ Your fatigue can vanish. 

e Your insomnia can be gone. 

¢ Your warts can fall off. 

¢ Your sight and hearing can sharpen. 

¢ Your constant hunger can disappear. 


Health isn't just being free of sickness. Health is feeling 
great, feeling like laughing at funny things. Health is feeling 
grateful to be alive. It is feeling happy to see the sky and to see 
growing things and to feel confident in human society's progress. 
Health is remembering the good parts of childhood and believing 
you still have a lot of them. 


The Discovery 


What makes me think I can find things in the human body that 
a blood test can not? What new technology makes this possible? 
Why is electronic testing superior in many ways to chemical 
methods? What are my claims of electrically killing parasites 
based on? 

In 1988 I discovered a new way to scan a body organ. It was 
electronic. We already can “see” an organ with a sonogram, X- 
rays, computerized tomography (CAT) scan, or with magnetic 
resonance imagery (MRI). These techniques can identify ab- 
normal shapes in an organ without having to explore or guess. 
But my new electronic technique can check for viruses, bacteria, 
fungi, parasites, solvents and toxins, and in addition is simple, 
cheap, fast and infallible. Electricity can do many magical things; 
now we can add detecting substances in our body to that list. 

The method rests on radio electronic principles. 

If you match, very precisely, the capacitance and inductance 
properties of an external circuit so that its resonant frequency is 
the same as the emitted frequency coming from somewhere else, 
the circuit will oscillate. This means there will be positive 
feedback in an amplifier circuit. You can hear it. Like when a 
public address system squeals. 

The external circuit I use is called an audio oscillator, quite 
easy to build or buy. Your body provides the emitted frequen- 
cies. When you combine the audio oscillator circuit with your 
body, and you hear resonance, then you have detected a match! 
Something in your body matches something in the circuit on the 
test plate. By putting a laboratory sample of, say, a virus on the 
test plate, you can determine if your body has that virus by lis- 
tening for resonance. Hearing resonance is easy if you're a radio 
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technician or musician. Others must patiently practice. The de- 
tails are given in the Bioelectronics chapter (page 457). 


You do not have to be an expert in anything to learn the 


electronic detection method. But a keen sense of hearing helps. 





In 1988 I learned a way to put anything on my skin, blind- 
folded, and identify it electronically in a few minutes. I could 
taste something without flavor and identify it electronically. The 
system worked fine for detecting things in the skin and tongue. 
Would it be reliable for internal organs, too? 

A whole world of discovery lay ahead of me. I wanted to 
know what was in my inner ear causing tinnitus, in my eyes 
causing pain, in my stomach causing indigestion and a thousand 
other things. 

But behind the daily excitement of new discoveries, a 
gnawing question lingered in my mind. How is this possible 
without some pretty high frequency energy source, radio fre- 
quency in fact, running through my circuit? My audio oscillator 
was only 1000 Hz (hertz, or cycles per second); radio frequency 
is hundreds of thousands of Hz. And the phenomenon could be 
produced with an old-fashioned dermatron', too, that only puts 
out DC (direct current)—no frequencies at all! 

A high frequency energy had to be coming from somewhere. 
Was it me? Ridiculous! 

But there was a way to test. If my own body was putting forth 
the high frequency energy, it could be bled off and diverted into 
the ground with a correct size capacitor. This should stop the 
feedback oscillations. This turned out to be true; it was stopped. 
But ridiculous kept ringing in my ears and I tried an- 


'The dermatron was invented decades ago and made famous by 
Dr. Voll. Establishment science disdained it! 
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other test. If there was indeed radio frequency (RF) running 
through my circuit I should be able to block it with the right snap- 
on choke. It did block. I thought of a third test. If this was truly a 
resonance phenomenon I should be able to add a capacitance to 
this circuit and see the resonance destroyed. Then add an 
inductance and see the resonance return. It did just that. I made 
graphs of the relationship between capacitance and inductance. 
They were entirely reproducible. 

Then why couldn't I see the RF on my RF oscilloscope? 
Probably because it was high frequency energy, not high energy 
frequency, and I didn't know how to amplify it above the back- 
ground noise level. It was nevertheless not convincing. Yet much 
too tantalizing to ignore. 

I thought of yet a fourth test. If I was really producing RF 
radiation that could be channeled through a circuit, I should be 
able to interfere with it by adding another RF radiation from an 
outside source. I added a frequency from my frequency generator, 
first at 1,000 Hz. Now there was no resonance. It interfered. Did 
this mean that my body was not producing radiation at 1,000 Hz? 
Or was my 1,000 Hz radiation being matched and canceled? I 
raised the frequency gradually, from 1,000 to 10,000 to 100,000 
to 1,000,000 Hz. There was no resonance anywhere, and I 
couldn't draw any conclusions. It was 5 o'clock on Sunday 
afternoon. Quitting time. But one last look at my generator 
reminded me that it could reach 2,000,000 Hz and I was just at 
1,000,000. One more quick experiment wouldn't take much time. 
I cranked it to 1,800,000 Hz. And now a resonance screamed out! 
Was I “hearing things?” No more interference. I did it over and 
over. Why was it resonating now and not before? Had I arrived 
at my body's own bandwidth (transmission range), and this was 
the reason it no longer interfered? 

I found the lowest frequency that resonated to be 1,562,000 
Hz. All frequencies that I checked (about 2,000) from there up 
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to 2,000,000 (my frequency generator would go no higher) also 
resonated. 

A year later I purchased a better frequency generator to 
search for the upper end of my bandwidth. Any frequency be- 
tween 1,562,000 and 9,457,000 Hz could be added to the circuit 
and produce resonance. 


It seemed obvious, then, that the human body broadcasts 
electrically, just like a radio station, but over a wide band of 


frequencies and very low voltages, which is why it has not been 
detected and measured until now. 





Everything Has A Unique Frequency 


It was a busy year, now 1989. I was determined to find a 
bandwidth for other living things: I found them for flies, beetles, 
spiders, fleas, ants. They were between 1,000,000 Hz and 
1,500,000 Hz; cockroaches were highest amongst insects I tested. 

Then came a dismaying finding. A dead insect had a band- 
width too! Much narrower, and near the top end of the same 
range it had when living, but distinctly present. So it wasn't al- 
together a living phenomenon. 

But if dead things had a resonant bandwidth, then maybe a 
prepared microscope slide of a dead creature could be used, and 
my trips to the garden and telephone calls to abattoirs (for meat 
parasites) could cease. That was a lucky thought. My first slide 
was of the human intestinal fluke, a huge parasite, scourge of 
humanity. I had just found it to be present in the liver (not in- 
testine) of every cancer sufferer I saw. The (dead) adult parasite 
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had a resonant frequency around 434,000 Hz. Slides of that 
parasite's redia resonated nearby (432,000 Hz), as did its other 
stages. 

Dead things still resonated! The entire catalog of biological 
supply companies, hundreds of specimens of viruses, bacteria, 
parasites, molds, and even toxins, were now available to re- 
search with this new technique! 

Suddenly an idea bolted out of the blue. If a person were to 
hold on to the frequency generator while it was generating 
434,000 Hz, what would happen to the adult fluke, if you were 
infected with it? 

I tested this plan that same week on myself, not with the fluke 
but with Salmonella bacteria and Giardia and Herpes that I 
carried chronically. After a 3 minute treatment, I retested myself. 
I could no longer find them in my organs! There were no 
emissions at their characteristic frequencies. I repeated and re- 
peated. Were they really dead? Maybe they were just numbed or 
were suddenly hiding. But symptoms were gone quickly too. My 
Herpes lesion stopped tingling. It was all too simple and 
unbelievable. 

But was it safe? Within three weeks I had reliable data re- 
garding the necessary level of electrical treatment. It only took 5 
volts for three minutes at the specific frequency. It is not as if you 
had to use house current which would kill you, along with the 
parasite. 


Selective Electrocution 


In twenty minutes (three minutes at six different frequencies) 
a whole family could get rid of this parasite. Cancer cases 
showed that in a few hours the universal cancer marker, ortho- 
phospho-tyrosine could be banished from their bodies by killing 
this same parasite. 
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“Incurable” HIV cases lost their virus in a few hours, too. 
Laboratory retesting for HIV came back negative! Most cases of 
pain got immediate relief if I could identify the correct “bug” and 
have its frequency found by the next office visit. This seemed to 
be absolute proof that living things had an essential high 
frequency output of some kind of energy. 

What was actually happening to the bacteria or parasites? If I 
could kill something as large as an Ascaris worm or intestinal 
fluke, then perhaps I could kill something even larger, like an 
earthworm or flea, something I could see with my own eyes in- 
stead of having to imagine its demise inside my body. 

Ten minutes at a frequency chosen near the top of their 
broadcast range seemed to anesthetize them. But they didn't die. 
Later I checked the body bandwidth (the range of frequencies 
they emit) of each. The earthworms had lost a lot of their band- 
width, both at the top and bottom. The fleas seemed hardier; they 
had only lost a little. However they did not recover, even weeks 
later, from this loss. 

Could it harm humans to douse them with RF frequencies in 
their own bandwidth? Quite probably, if the voltage were high 
enough. There was no need to experiment, though, because the 
parasites we want to kill have characteristic frequencies that do 
not overlap the characteristic frequencies of a human. In fact, 
they are far away (see the chart on page 17). 

So my electronic method attacking illness was born. Find the 
resonant frequency of a bacterium, virus or parasite using a slide 
or dead bit. Treat the living invaders inside the human body with 
this frequency and in a matter of minutes they are no longer 
transmitting their own bandwidths—they are dead or sick and 
will be removed by our white blood cells. 

It was a worrisome truth. Perhaps the department of defense 
would use this knowledge and develop super high voltage de- 
vices to kill people (“enemies”) somewhere in the world. But I 
couldn't let sick people suffer. Besides, it would probably re- 
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quire a voltage much like lightning to kill people from a distance. 
Possibly a way could be found to shield yourself from 
frequencies harmful to humans by wearing a choke (inductor) 
coil which suppresses these frequencies. Remember, there was 
no recovery, just a slow death for my experimental animals. It 
must not happen to humans! 

Meanwhile, people must be alerted that they can safely kill 
their invaders and heal their chronic illnesses. Invaders that have 
been increasing exponentially due to lowered immunity in recent 
decades. Possibly this is true for all species on our planet. The 
pollution of the entire biosphere has been increasing and with it 
the prospect of acquired immune deficiency syndrome (AIDS) 
for all of us. 


Remember, though, that the true challenge is not to kill our 


invaders but to regain our health and immunity. 





More than just parasites are making us sick! Pollution is too. 
Selective electrocution rarely makes people completely well. 
Sick people always have an environmental factor that must be 
corrected also. 

How do we do that? The ship of “progress”, of increasingly 
complex, processed foods and products, must be turned around 
and simplicity become our goal. Survival is in simplicity of food 
intake, simplicity of life habits. Did Ralph Waldo Emerson 
foresee this when he said “To be simple is to be great’? Or will 
daily parasite and pathogen electrocution become another crutch 
that makes us just enough better that we can continue a detri- 
mental lifestyle? Yet another “Band-Aid” treatment for our poi- 
soned planet? 
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Bioradiation 


Strange as it appears, it now seems obvious that every living 
creature broadcasts its presence like a radio station, the sun, or 
the stars. I have named it bioradiation. 

Perhaps it is the same energy as the Asian chi; perhaps it is 
merely related to it. Perhaps it is the energy that runs along the 
meridians discovered eons ago by Asian practitioners. 

Perhaps it is the energy that faith healers and religious 
teachers know how to harness, perhaps not. 

Perhaps it is the energy that psychics perceive and that drives 
occult phenomena, perhaps not. 

What is truly amazing is that ordinary persons have discov- 
ered such energy well ahead of scientists. Persons using the “art” 
of kinesiology, pendulums, radionics, dousing rods and many 
other forms of “strange energy” have no doubt harnessed a part of 
this bioradiation. It is a tribute to the generally high intelligence 
of common people and to their open-mindedness that they 
discovered this energy, in spite of opposition from scientists of 
today. 

Over a century ago the scientists of Europe proposed the 
existence of a “life force” called “élan vitale.’ They were 
scorned out of existence (and out of jobs). Young scientists, 
(including myself) were systematically taught to scorn this idea. 
Of course we were also taught that a good scientist was unemo- 
tional, does not scorn ideas, has a completely open mind, and 
does not rule something out until it is disproved to their satis- 
faction. The youthfulness of college years is so susceptible to 
prejudices of all kinds, and the desire for acceptance is so great, 
that special effort needs to be made to teach neutrality. Or at least 
to distinguish between emotion and fact. Where have these basic 
pedagogic principles gone? I was indeed inspired with the 
phrase “search for truth” but then promptly led down the path of 
“search for acceptance.” 
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I do not know what bioradiation, this electrical broadcast 
from our cells, is made of. Only its frequency was noticed and 
caught (modulated) in such a way as to be measurable. And this 
frequency, 1,520,000 to 9,460,000 Hz (for a human infant) is in 
the radio frequency (RF) range’. 

Anyone who is experienced with RF knows its strange be- 
havior. Not strange in the “unknown” sense but in the amazing 
sense. Circuits don't need to be complete or closed for it to 
travel. Bodies and objects can “pick it up” without being in the 
circuit. These amazing properties are due to the capacitive and 
inductive properties of objects all around us, including our- 
selves. 


Zapping Bugs 


By zapping I mean selectively electrocuting pathogens. For 
years I used a commercial frequency generator to “zap” one 
pathogen after another. 

First I made a chart of the frequencies for most of the bacteria 
and viruses in my collection (over 80, see page 561). Then I 
would test the sick client for each one of these, and hope they did 
not have one for which I didn't have a sample. Even persons with 
a simple cold typically had a dozen they tested positive to (not 
just Adenovirus). 

Next it was time to tune in the frequency generator to a dozen 
frequencies for three minutes each. The total process, testing and 
treatment, would take about two hours. They frequently got 
immediate relief. But often the relief would be temporary. What I 
didn't know at that time was that viruses could 


7AM radio broadcasts are from 540,000 Hz to 1,600,000 Hz (slight 
overlap with lower end of human band), FM is 88,000,000 to 
108,000,000 Hz (out of the human range). 
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infect a larger parasite such as a roundworm. Until you killed 
your roundworm and your virus, you would keep getting the virus 
back promptly. 

In 1993 my son, Geoffrey, joined me and we tried a new ap- 
proach. He programmed a computer controlled frequency gen- 
erator to automatically cover all the frequencies populated by all 
the parasites, viruses, and bacteria, from 290,000 Hz to 470,000 
Hz. It spent about three minutes for every 1000 Hz it covered. 
This was more efficient, but it meant spending ten hours being 
zapped. 

Again, the results were disappointing. Arthritis pain, eye 
pain, colds were improved, but not completely cured overnight. 
Months later I would find that organisms were transmitting as 
low as 170,000, and as high as 690,000 Hz. My specimen col- 
lection was obviously incomplete. To cover this larger range, 
spending three minutes for every 1000 Hz, would take 26 hours. 
Still worth doing if it would indeed help all our illnesses. But 
even this method of zapping was not 100% effective for reasons 
yet to become clear. 

In 1994 my son built a hand held, battery operated, accurate 
frequency generator. The purpose was to enable everyone to kill 
the intestinal fluke at 434,000 Hz with a low cost device. Enough 
benefit would be derived from zapping at various frequencies 
that I thought everyone should know how to make one. When I 
tested it on one of my own bacteria, however, three others at 
much different frequencies died also! This had never happened 
before. When I tested it on others, even though they had dozens of 
pathogens, all were killed! 

Subsequent testing showed it was not due to some unique 
design, or special wave form produced by the device. It was due 
to battery operation! 
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Any positively offset frequency kills all bacte- 
ria, viruses and parasites simultaneously 


given sufficient voltage (5 to 10 volts), duration (seven 
minutes), and frequency (anything from 10 Hz to 500,000 Hz). 





Before this I had always set my commercial frequency gen- 
erator to alternate between positive and negative voltage. Now I 
tried setting it to alternate between positive and zero voltage 
(positive offset). It was just as effective as the battery operated 
frequency generator my son designed. 


Generating positive offset frequencies is the 
best way to kill all pathogens quickly. 


But it takes more than one treatment. 





It takes three treatments to kill everything. Why? The first 
zapping kills viruses, bacteria and parasites. But a few minutes 
later, bacteria and viruses (different ones) often recur. I conclude 
they had been infecting the parasites, and killing the parasites 
released them. The second zapping kills the released viruses and 
bacteria, but soon a few viruses appear again. They must have 
been infecting some of the last bacteria. After a third zapping I 
never find any viruses, bacteria or parasites, even hours later. 

Why didn't the virus inside the parasite die with the first 
zapping? It may be because electricity travels on the exterior of 
things. The body of the parasite shielded the interior. This is why 
my earlier, promising work spending hours on a frequency 
generator gave only partial or temporary improvement—it was 
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only done once, not three times. And it explains why a single 
treatment with a frequency generator or zapper frequently gives 
you a cold! 


Zapping does not kill shielded organisms 


such as those that may be in the middle of your stomach or 
intestines. The electricity travels along the stomach or intestine 
wall, not through their contents. 





So zapping is still not perfect, but can bring such manifest 
relief that everyone should buy or make one. Parts cost less than 
$25.00; the plans are in the next chapter. 


The Bioradiation Spectrum 


Everything emits a characteristic range of frequencies 
(bandwidth). In general, the more primitive the organism, the 
lower its bandwidth. Advanced animals have higher frequencies 
and the range is wider. 
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BANDWIDTH OF BIORADIATION OF ANIMALS 
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Fig. 1 Selected animal bandwidths. 


The human range is from 1520 KHz to 9460 KHz. Pathogens 
(molds, viruses, bacteria, worms, mites) range from 77 KHz to 
900 KHz. Fortunately for us we can work on zapping pathogens 
in the lower ranges without affecting humans in the upper range. 
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BIORADIATION OF TYPICAL PATHOGENS 
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Fig. ' Selected pathogen bandwidths. 


Applying an alternating electrical voltage within an organ- 
ism's bandwidth injures it. Small organisms with narrow band- 
widths are extinguished quite readily (three minutes at five 
volts). 

Positively offset frequencies can kill the entire range of small 
organisms (viruses, bacteria, parasites) in just seven minutes. 
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Being able to kill your bacteria and other invaders with 
electricity becomes much more of a panacea when you can do it 
all in three 7 minute sessions. No need to single out specific 
frequencies or to sweep through a range of frequencies one KHz 
at a time. No matter what frequency it is set at (within reason), it 
kills large and small invaders: flukes, roundworms, mites, 
bacteria, viruses and fungi. It kills them all at once, in 7 minutes, 
even at 5 volts. 

How does it work? I suppose that a positive voltage applied 
anywhere on the body attracts negatively charged things such as 
bacteria. Perhaps the battery voltage tugs at them, pulling them 
out of their locations in the cell doorways (called conductance 
channels). But doorways can be negatively charged too. Does 
the voltage tug at them so they disgorge any bacteria stuck in 
them? How would the positive voltage act to kill a large parasite 
like a fluke? None of these questions can be answered yet. 

Other fascinating possibilities are that the intermittent posi- 
tive voltage interferes with electron flow in some key metabolic 
route, or straightens out the ATP molecule disallowing its 
breakdown. Such biological questions could be answered by 
studying the effects of positive frequencies on bacteria in a lab. 

The most important question, of course, is whether there is a 
harmful effect on you. I have seen no effects on blood pressure, 
mental alertness, or body temperatures. It has never produced 
pain, although it has often stopped pain instantly. This does not 
prove its safety. Even knowing that the voltage comes from a 
small 9 volt battery does not prove safety, although it is reas- 
suring. The clotting of red blood cells, platelet aggregation and 
functions that depend on surface charges on cells need to be in- 
vestigated. But not before you can use it. Your safety lies in the 
short period of exposure that is necessary. Viruses and bacteria 
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disappear in 3 minutes; tapeworm stages, flukes, roundworms in 
5; and mites in 7. One need not go beyond this time, although no 
bad effects have been seen at any length of treatment. 

The first seven minute zapping is followed by an intermis- 
sion, lasting 20 to 30 minutes. During this time, bacteria and 
viruses are released from the dying parasites and start to invade 
you instead. 

The second seven minute session is intended to kill these 
newly released viruses and bacteria. If you omit it, you could 
catch a cold, sore throat or something else immediately. Again, 
viruses are released from the dying bacteria. The third session 
kills the last viruses released. 


Do Not Zap If You Are Pregnant 
Or Wearing A Pacemaker. 


These situations have not been explored yet. Don't do these 
experiments yourself. Children as young as 8 months have been 
zapped with no noticeable ill effects. For them, you should weigh 
the possible benefits against the unknown risks. 





That is all there is to it. Almost all. The zapping current does 
not reach deep into the eyeball or testicle or bowel contents. It 
does not reach into your gallstones, or into your living cells 
where Herpes virus lies latent or Candida fungus extends its 
fingers. But by zapping 3 times a day for a week or more you can 
deplete these populations, too, often to zero. 


Killing The Surviving Pathogens 


The interior of gallstones may house parasites inaccessible to 
the zapping. Eliminate this source of reinfection by flushing them 
out with liver cleanses (page 552). 
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Although the center of the bowel contents is often unaffected 
by electric current, which lets bowel bacteria like Shigella, 
Escherichia coli (E. coli) and parasite stages survive, sometimes 
it is nearly all sterilized by zapping. This results in considerable 
shrinkage of the bowel movement. Eliminate remaining parasites 
and bacteria with a single dose (2 tsp.) of Black Walnut Hull 
Tincture, Extra Strength (see page 543). 

There is no way of distinguishing between “good” and “bad” 
bacteria with either of these methods. However even good 
bacteria are bad if they come through the intestinal wall, so 
zapping targets mostly “bad” bacteria. The good news is that 
perfect bowel habits often result in a few days. Evidently, the 
good bacteria are benefited by killing the invasive ones. Home- 
made yogurt and buttermilk (see Recipes) are especially good at 
recolonizing the bowel. But it does not seem wise to culture 
yourself with special commercial preparations and risk getting 
parasite stages again when you can become normal so soon 
anyway. If you do decide to take some acidophilus bacteria to 
replenish your intestinal flora make sure you test for parasites 
like Eurytrema first. 

When a large number of parasites, bacteria and viruses are 
killed, it can leave you fatigued. Try to give yourself a low-stress 
day after your initial zapping. But there are no significant side 
effects. I believe this is due to the second and third zapping 
which mops up bacteria and viruses that would otherwise be 
able to go on a feeding frenzy with so much dead prey available. 

To build your zapper you may take this list of components to 
any electronics store (Radio Shack part numbers are given for 
convenience). 





Zapper Parts List 
Item Radio Shack Catalog Number 
large shoe box 
9 volt battery 
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9 volt battery clips 
On-Off toggle switch 


270-325 (set of 5, you need 1) 


275-624A micro mini toggle switch 





1 KQ resistor 
3.9 KQ resistor 


271-1321 (set of 5, you need 2) 


271-1123 (set of 2, you need 2) 





low-current red LED 
.0047 uF capacitor 


276-044 or 276-041 or 276-045 


272-130 (set of 2, you need 1) 





.01 uF capacitor 
555 CMOS timer chip 


272-1065 (set of 2, you need 1) 


276-1723 (set of 2, you need 1) 





8 pin wire-wrapping socket for 
the chip 


276-1988 (set of 2, you need 1) Note: Radio 
Shack is discontinuing all wire wrap sockets. 
Find another parts store or use 276-1995 (but the 
legs are much shorter and harder to attach clips 
to). 


short (12”) alligator clip leads 


any electronics shop, get 6 





Microclip test jumpers 
2 bolts, about 1/8” diameter, 2” 
long, with 4 nuts and 4 washers 


278-017 (you need 2 packages of 2) 


hardware store 





2 copper pipes, %diameter, 4” 
long 








hardware store 


sharp knife, pin, long-nose pliers 





Hints for absolute novices: Don't let unusual vocabulary 
deter you. A “lead” is just a piece of wire used to make connec- 
tions. When you remove a component from its package, label it 
with a piece of tape. A serrated kitchen knife works best as does 
a large safety pin. Practice using the microclips. If the metal ends 
are L-shaped bend them into a U with the long-nose pliers so they 
grab better. Chips and chip holders are very fragile. It is wise to 


purchase an extra of each in case you break the connections. 


R1 1K 

R2 3.9K 

R3 1K 

R4 3.9K 

C1 tif 

C2 .0047i f 

U3 MC1455 

LED1 2maLED Red 
Pin 1 ground 

pin8 power 


si 





Give this to an electronics person or make it yourself in a shoebox by 
using the following instructions. 
Fig. 3 Zapper schematic. 
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Assembling The Zapper 

1. You will be using the lid of the shoe box to mount the 
components. Save the box to enclose the finished project. 

2. Pierce two holes near the ends of the lid. Enlarge the holes 
with a pen or pencil until the bolts would fit through. 
Mount the bolts on the outside about half way through the 
holes so there is a washer 
and nut holding it in place 
on both sides. Tighten. 

Label one hole “grounding Bol Grounding Bolt 
bolt” on the inside and bd e 
outside. 

3. Mount the 555 chip in the 
wire wrap socket. Find the 
“top end” of the chip by © 
searching the outside surface carefully for a cookie-shaped 
bite or hole taken out of it. Align the chip with the socket 
and very gently squeeze the pins of the chip into the socket 
until they click in place. 

4. Make 8 pinholes to fit the wire wrap socket. Enlarge them 
slightly with a sharp pencil. Mount it on the outside. Write 
in the numbers of the pins (connections) on both the outside 
and inside, starting with number one to the left of the 
“cookie bite” as seen 
from outside. After 
number 4, cross over 
to number 5 and Bot Rest Grounding Bot 
continue. Number 8 : ‘ ® 
will be across from | = 
number 1. 

5. Pierce two holes % | 





y 





inch apart very near 

to pins 5, 6, 7, and 8. They should be less than 1/8 inch 
away. (Or, one end of each component can share a hole 
with the 555 chip.) Mount the .01 uF ca- 
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pacitor near pin 5 
on the outside. On 
the inside connect — 
pin 5 to one end of Bolt a ettitve Grounding Bolt 
thi : % efits t 
is capacitor by 
simply twisting 








them together. 

Loop the capacitor J 
wire around the Z 
pin first; then twist with the long-nose pliers until you have 
made a tight connection. Bend the other wire from the 
capacitor flat against the inside of the shoe box lid. Label it 
.O1 on the outside and inside. Mount the .0047 uF capacitor 
near pin 6. On the inside twist the capacitor wire around 
the pin. Flatten the wire from the other end and label it 
0047. Mount the 3.9 K© resistor near pin 7, connecting it 
on the inside to the pin. Flatten the wire on the other end 
and label it 3.9. Mount the 1 KQ resistor and connect it 
similarly to pin 8 and label it 1K. 

6. Pierce two holes Yanch apart next to pin 3 (again, you can 
share the hole for pin 3 if you wish), in the direction of the 
bolt. Mount the other 1 KQ resistor and label inside and 
outside. Twist the connections together and flatten the re- 
maining wire. This resistor protects the circuit if you 
should accidentally short the terminals. Mount the 3.9KQ 
resistor downward. One end can go in the same hole as the 
1K resistor near pin 3. Twist that end around pin 3 which 
already has the 1K 
resistor attached to 


it. Flatten the far 


end. Label. Bolt ettite Grounding Bolt 
555 
7. Next to the 3.9KQ @ “| come © 
39 ecttte 








resistor pierce two 
holes % inch apart 
for the LED. No- 
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tice that the LED has a positive and negative connection. 
The longer wire is the anode (positive). Mount the LED on 
the outside and bend back the wires, labeling them + and - 
on the inside. 

8. Near the top Switch 
pierce a hole for 
the toggle 
switch. Enlarge = wii Bolt 
it until the shaft 
fits through from 
the inside. ai 
Remove nut and Q LED 
washer from 
switch before 
mounting. You may need to trim away some paper with a 
serrated knife before replacing washer and nut on the 
outside. Tighten. 

9. Next to the switch pierce two holes for the wires from the 
battery holder and poke them through. Attach the battery 
and tape it to the outside. 


NOW TO CONNECT EVERYTHING 


First, make holes at the corners of the lid with a pencil. Slit 
each corer to the hole. They will accommodate extra loops of 
wire that you get from using the clip leads to make connections. 
After each connection gently tuck away the excess wire. 

1. Twist the free ends of the two capacitors (.01 and .0047) 
together. Connect this to the grounding bolt using an alli- 
gator clip. 

2. Bend the top ends of pin 2 and pin 6 (which already has a 
connection) inward towards each other in an L shape. 
Catch them both with an alligator clip and attach the other 
end of the alligator clip to the free end of the 3.9KQ re- 
sistor by pin 7. 





25 


SPRING WIRE FROM A PEN WITH 1 TURN TO MAKE LOOP - DOES NOT 
TOUCH OTHER SIDE OF BATTERY -HOLD IN PLACE WITH STRONG TAPE 


> pl @  3:03/7:53 





THE CURE FoR ALL DISEASES 


10. 


. Connect pin 


. Using an alligator clip connect pin 7 to the free end of the 


1KQ. resistor attached to pin 8. 

Using two microclips connect pin 8 to one end of the 
switch, and pin 4 to the same end of the switch. (Put one 
hook inside the hole and the other hook around the whole 
connection. Check to make sure they are securely con- 
nected.) 


. Use an alligator clip to connect the free end of the other 


1KQ resistor (by pin 3) to the bolt. 

Twist the free end of the 3.9KQ resistor around the plus 
end of the 
LED. Connect 
the minus end 
of the LED to 
the grounding 
bolt using an 
alligator clip. 


number 1 on 
the chip to the 
grounding bolt 
with an 
alligator clip. 
Attach an alligator clip to the outside of one of the bolts. 
Attach the other end to a handhold (copper pipe). Do the 
same for the other bolt and handhold. 

Connect the minus end of the battery (black wire) to the 
grounding bolt with an alligator clip. 

Connect the plus end of the battery (red wire) to the free 
end of the switch using a microclip lead. If the LED lights 
up you know the switch is ON. If it does not, flip the 
switch and see if the LED lights. Label the switch clearly. 
If you cannot get the LED to light in either switch position, 
you must double-check all of your connections, and make 
sure you have a fresh battery. 
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11. Finally replace the lid on the box, loosely, and slip a cou- 
ple of rubber bands around the box to keep it securely 
shut. 





I~. 
Fig. 4 Finished zapper, outside and inside. 


¢ Optional: measure the frequency of your zapper by con- 
necting an oscilloscope or frequency counter to the hand- 
holds. Any electronics shop can do this. It should read 
between 20 and 40 kHz. 

¢ Optional: measure the voltage output by connecting it to an 
oscilloscope. It should be about 8 to 9 volts. Note: a 
voltage meter will only read 4 to 5 volts. 

¢ Optional: measure the current that flows through you when 
you are getting zapped. You will need a 1 KQ resistor and 
oscilloscope. Connect the grounding bolt on the zapper to 
one end of the resistor. Connect the other end of the resistor 
to a handhold. (Adding this resistor to the circuit decreases 
the current slightly, but not _ significantly.) 
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The other handhold is attached to the other bolt. Connect 
the scope ground wire to one end of the resistor. Connect 
the scope probe to the other end of the resistor. Turn the 
zapper ON and grasp the handholds. Read the voltage on 
the scope. It will read about 3.5 volts. Calculate current by 
dividing voltage by resistance. 3.5 volts divided by 1 KQ 
is 3.5 ma (milliamperes). 


Using The Zapper 


1. | Wrap handholds in one layer of wet paper towel before 
using. Grasp securely and turn the switch on to zap. 

2. Zap for 7 minutes, let go of the handholds, turn off the 
zapper, and rest for 20 minutes. Then 7 minutes on, 20 
minutes rest, and a final 7 minutes on. 

Trying the zapper on an illness to see “if it works” is not 
useful. Your symptoms may be due to a non-parasite. Or you may 
reinfect within hours of zapping. The best way to test your device 
is to find a few invaders that you currently have (see Lesson 
Twelve, page 492, or Lesson Twenty Seven, page 509). This 
gives you a starting point. Then zap yourself. After the triple 
zapping, none of these invaders should be present. 


Simple Pulser 


If you are ill or want a reliable zapping, make the first model. 
However, there is another way to make a zapper if you can not 


afford to build the first model. 

An ordinary battery is a source of positive voltage. It is the 
positive voltage that eliminates so many parasites at once, not a 
specific frequency. So although the zapper's frequency is about 
30 kHz (thirty thousand “zaps” per second), even 5 Hz (five 
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“zaps” per second), about as fast as you can tap the battery 
with your hand, is moderately effective! 

You must be connected to both terminals. One will be marked 
+ (positive) and the other — (negative). If you simply touch these 
terminals with your wet fingers, nothing much happens. That is 
because your resistance to the current starts going up right away, 
so less and less current passes through you. 


a 


- 


Fig. 5 Simple pulser. 


However if you tap the positive terminal with your wet hand, 
and tap it at a fairly high rate, your body's capacitors come into 
play. Capacitors only take part in the flow of electricity when 
they are charged and discharged. Tapping the terminal starts and 
stops the voltage so capacitors charge and discharge. This kind 
of resistance to current flow is much smaller. 

The faster you tap, the greater the frequency of current pulses 
and the lower this kind of resistance becomes. Now you can have 
a considerable sustained current flow through your body. 
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If you can tap even twice per second (2 Hz) for ten minutes 


without interruption you can give yourself a zapping that is 
moderately effective. Remember to take an intermission of 
twenty minutes and then repeat to avoid catching new viruses. 
After a second twenty minute intermission repeat zapping a third 


time. 


Using The Simple Pulser 


1 


OS 


Wrap each handhold with 

9 volt battery 
one layer of wet paper [2 short (12”) alligator clip leads (from 
towel. Place each on a_ {any electronics shop) : 
non-conductive — surface, a ea mre let Ah long 
like a plastic bag. 
Connect the positive battery terminal to one handhold and 
the negative terminal to the other handhold using alligator 
clip leads. 
Don't let the handholds touch. 
Place a clock in front of you to time yourself. 
Pick up the right handhold with your right hand. 
Leave the left handhold on the table. Tap it with your left 
hand, preferably the fleshy part of the palm. You may brace 
yourself with your fingers on the plastic. Keep up a steady 
pace as fast as you are able. 
When you get tired pick up the left handhold with your left 
hand and tap with your right hand. Keep changing off with 
the least interruption. 
Repeat a second time 20 minutes later, and a third time 20 
minutes after that. 











A single 9 volt battery will wear out rather quickly used this 


way. Put two together, in parallel, for longer lasting power. This 
requires two more short alligator clips. Connect positive termi- 
nals of the batteries to each other, and the negatives also. 
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The word “parasites” is used in two senses. Everything liv- 
ing on you or in you, not just to perch, but to take its food from 
you is a parasite. No matter what its size, it can be called a 
parasite. 

But in some way the big worms need to be distinguished from 
the medium-sized amoebae, the even smaller bacteria and the 
smallest of all—viruses. So often the term parasite is reserved 
for the bigger things, from amoebae on up. In this book, the word 
parasite will be used in both ways as usual. You can easily guess 
what is meant. 

Parasitic worms are divided into roundworms and _flat- 
worms. Roundworms are round like earthworms even though they 
may be as thin as hairs (threadworms, filaria) or micro- 
scopically small (like Trichinella). Flatworms are more like 
leeches. They have a way to attach themselves sometimes with 
the head (scolex) like tapeworms, sometimes with a special 
sucker like flukes. 


Worms 
Flatworms Roundworms 


Tapeworms Flukes Threadworms Pinworms Hookworms 


Worm parasites go through stages of development that can 
look very, very different from the adult. 
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Roundworms like Ascaris 


(common cat and dog round- 

worm), are simplest. The eggs laws 
are swallowed by licking or 

eating a bit of filth. They hatch 
into a tiny larva. The larva treks 
to the lungs. You cough it up and 
swallow it. Meanwhile it has 
molted a few times. It then 
crawls to the intestine where it 
becomes an adult, shedding eggs 
in your stool. 

Worms usually have preferred locations. The favorite organ 
for Dirofilaria (dog heartworm) is the heart (even human heart). 
Sometimes the rules can be broken. My tests show Dirofilaria 
can live in other organs, too, if they are sufficiently polluted with 
solvents, metals and other toxins. 

Flatworms like tapeworms are much more complicated in 
their life history. You could eat the eggs accidentally with dirt. 
After hatching, the tiny larva burrows into its favorite organ. 
Your body encases it with a cyst. The white blood cells have 
been taught never to attack your body...and the cyst case is your 
body! So the tapeworm stage has safe residence for some time. If 
you are a meat eater, you could eat such a cyst if it happens to be 
lodged in the meat you are eating! Your teeth break it apart as 
you crunch. The little larva is swallowed and tries to attach itself 
to your intestine with its head. Then it grows longer by making 
segment after segment. The segments with their eggs leave with 
the bowel contents. I often see dog tapeworm of the small variety 
in their human family. 

Flatworms like flukes are also very complicated. The eggs, 
passed out with bowel contents were not meant to be eaten as 
such. They were meant to hatch in a pond where snails and 
minnows eat them. The larva grows up in these new 


Fig. 6 Ascaris. 
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“secondary” hosts. Later, the snail sheds them and they attach 
themselves to foliage near the pond. They over-winter in a tough 
metacercarial cyst. An unsuspecting browsing animal now eats 
them. They come out of their metacercarial cyst as a small adult 
and quickly attach themselves to the intestine with a sucker. They 
now have “safe haven” and can go about maturing and laying 
eggs. 

Four common flukes are: human intestinal fluke, human 
liver fluke, sheep liver fluke, pancreatic fluke of cattle. Don't 
let the terms sheep and cattle mislead you. They are all found in 
humans. 





Fig. 7 (L to R) Human intestinal fluke, pancreatic fluke, sheep 
liver fluke, and human liver fluke. 


The Worst Parasite 


Fasciolopsis buskii is the fluke (flatworm) that I find in 
every case of cancer, HIV infection, Alzheimer's, Crohn's dis- 
ease, Kaposi's, endometriosis, and in many people without these 
diseases. Its life cycle involves six different stages: 
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Stage 


1 Egg 


Normal Life Cycle 


Expelled with bowel movement onto 
soil. Washed by rain into ponds. 





2 Miracidia 


3 Redia 


Hatches from egg in water. Has cilia, 
can swim vigorously and must find 
intermediate snail host in one to two 
hours or may be too exhausted to in- 
vade. 

Develop inside miracidia as little balls 
until expelled. Those are "mother" 
redia, and each one bears "daughter" 
redia for up to 8 months, all still inside 
the snail, and living on the fluids in the 
lymphatic spaces. Similarly, daughter 
redia are continually developing cer- 
Caria. 








4 Cercaria 


5 Metacercaria 





Have a tail, use it to exit from snail and 
swim to a plant. If the snail is feeding 
on a plant, cercaria can latch onto 
plant with sucker mouth and start to 
encyst (form a "cocoon") within 
minutes. Tail breaks off and swims 
away to dissolve. 

Two-walled cyst. The outer wall is very 
sticky. But as you eat the plant it is 
stuck to, the least pressure will break 
it, leaving the cyst in the mouth. The 
“almost unbreakable" inner cyst wall 
protects it from chewing, and the 
keratin-like coat prevents digestion by 
stomach juices. However when it 
reaches the duodenum, contact with 
intestinal juices dissolves away the 
cyst-wall and frees it. It then fastens 
itself to the intestinal lining and begins 
to develop into an adult. 
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6 Adult Lives in your intestine and can pro- 
duce 1000 eggs per bowel movement 
and live many years. 














Fig. 8 Fasciolopsis' normal life cycle. 


Note that the adult is the only stage that “normally” lives in 
the human (and then only in the intestine). Fasciolopsis depends 
on a snail, called a secondary host, for part of its life cycle. But 
when your body has solvents in it, the other five stages can 
develop in you! 

If propyl alcohol is the solvent, the intestinal fluke is invited 
to use another organ as a secondary host—this organ will 
become cancerous. If benzene is the solvent, the intestinal fluke 
uses the thymus for its secondary host, setting the stage for AIDS. 
Wood alcohol invites pancreatic flukes to use the pancreas as a 
secondary host. This leads to pancreatic dysfunction which we 
call diabetes. If xylene (or toluene) are the solvents, I typically 
see any of four flukes using the brain as a secondary host. If 
methyl ethyl ketone (MEK) or methyl butyl ketone (MBK) are 
the solvents, the uterus becomes a secondary host and 
endometriosis a likely result. 

This is a new kind of parasitism, based on pollution. I call 
the diseases caused by fluke stages in inappropriate locations 
Fluke Disease; it is discussed in more detail later (page 249). 

Are tapeworms and roundworms affected by solvents this 
way, too? This is a fascinating and very important question. 
Search for the answer and help others search for the answer. I do 
not know yet. 
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Pollution 


Pollutants are all the dead things around us that should not get 
into your body because they interfere with its work. As long as 
they don't penetrate your tissues, they won't interfere, like plastic 
eyeglasses and clothing. But if they are invasive, your body must 
fight to remove them. 

Pollutants can invade your body via the air you breath, the 
foods and beverages you eat, and the products you put on your 
skin. 


The biggest tragedy is not recognizing 


when a pollutant is harming you. 





Two people can use the same face cream. One develops a 
rash, the other does not. The one who did not assumes the cream 
is not harmful to them...that they are like a bank vault, impreg- 
nable to that product. A better assumption is that the face cream 
is somewhat toxic, as evidenced by the rash that can develop, 
and they escaped the rash only because they had a stronger im- 
mune system. The immune system is like money, paid out of the 
bank vault, for every toxic invasion. When the money is gone, the 
bank (your health) fails. 


Solvent Pollution 


Solvents are compounds that dissolve things. Water is a use- 
ful, life giving solvent. Most other solvents dissolve fats and are 
life threatening, because fats form the membrane wall around 
each of our cells, especially our nerve cells. 

The solvent that does the most harm is benzene. It goes to the 
thymus, ruins our immune system, and causes AIDS. The next 
worst solvent is propyl alcohol It goes to the liver and 
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causes cancer in some distant organ. Other major culprits of 
disease are xylene, toluene, wood alcohol, methylene chloride, 
and trichloroethane (TCE). I'll discuss each one later, with the 
ailment it's associated with. 


Metal Pollution 


Biochemists know that a mineral in raw element form always 
inhibits the enzyme using that mineral. Copper from the meat and 
vegetables you eat is essential. Inorganic copper, like you would 
get from a copper bottomed kettle or copper plumbing, is 
carcinogenic’. Unfortunately, the inorganic form of metals is what 
pervades our environment. We put metal jewelry on our skin, eat 
bread baked in metal pans, and drink water from metal plumbing. 

Another obvious metallic threat is tooth fillings. Mercury 
amalgam fillings, despite the assurances of the American Dental 
Association, are not safe. And sometimes the mercury is polluted 
with thallium, even more toxic than mercury! Gold and silver 
seem to have fewer harmful effects, but no one should have any 
pure metal in or on their body. 

Other prevalent toxic metals include lead and cadmium from 
soldered and galvanized plumbing, nickel and chromium from 
dentalware and cosmetics, and aluminum from food and drink 
cans, and cooking pots. 





SHaleem J. Issag, The Role of Metals in Tumor Development and 
inhibition. From Carcinogenicity and Metal Ions, volume 10, page 61, 
of a series called Metal lons in Biological Systems, edited by Helmut 
Sigel, 1980. 
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Mycotoxins 


Molds produce some of the most toxic substances known, 
called mycotoxins. One small moldy fruit or vegetable can pol- 
lute a huge batch of juice, jam or other product. Although molds 
are alive, and can be killed by zapping, mycotoxins are not, and 
must be detoxified by your liver. 

But because mycotoxins are so extremely poisonous, a tiny 
amount can incapacitate a part of the liver for days! 

Aflatoxin is the most common mycotoxin I detect. It is pro- 
duced by molds that grow on quite a variety of plants. For that 
reason I am always cautioning people to eat only perfect citrus 
fruit, and never drink commercial fruit juice. Of the thousands of 
oranges that go into the batch of orange juice you drink, one is 
sure to be moldy, and that is all it takes to give your liver a 
setback. 

A heavy dose of vitamin C helps the liver recover quickly. It 
also helps get rid of aflatoxin before it is consumed, right in the 
food container. So keep a plastic shaker of vitamin C powder 
handy and use it like salt on all your food. 

There are thirteen other mycotoxins I have searched for in our 
foods. They are described in the section on moldy food (page 
381). 





Physical Toxins 


Breathing in dust is quite bad for you so your body rejects it 
by sneezing, coughing, spitting up and out. Imagine breathing in 
broken glass particles. They cut into the lungs in a thousand 
places and couldn't be coughed up. They would travel. Imagine 
swallowing a needle or open pin. If the tip was blunt it could 
move through the intestine. But because it is sharp it gets caught 
in your tissue, then works its way deeper and deeper. 
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Would we ever knowingly breathe in broken glass? We are 
justifiably afraid of it in our food or under our bare feet. We are 
unaware that it fills our homes when fiberglass insulation is left 
imperfectly sealed off. Any hole made through the ceiling or 
wall, even if covered with cloth, lets swarms of broken glass bits 
into the house air. Air currents flow inward, into your living 
space. So all holes leading to the attic or insulated spaces must 
be sealed airtight. Of course, fiberglass should never be used in 
home construction, draperies, or around water heaters. The best 
advice is to have it all removed while you are away and then 
vacuum and dust. 

Occasional exposures by house builders working outdoors 
does much less harm. Chronic exposure from a single small hole 
in the ceiling does a lot of harm, leading to cyst formation. And 
that cyst is a perfect place for parasites and bacteria to settle and 
multiply. When the intestinal fluke settles there it becomes 
malignant! 


Cancer patients with solid tumors have either fiberglass or 


asbestos in them. 





Asbestos is another tiny bit, sharp as glass, that moves 
through your body like a swordfish, impaling your cells until it, 
too, gets routed into a cyst. 

We have been led to believe that we no longer have asbestos 
in our homes because we have outlawed the fireproofing mate- 
rials it was used in. While that may be true, the source I find most 
often is all too prevalent: the clothes dryer belt. As it gets hot the 
belt releases a blast of asbestos particles that are forced through 
the seams of your dryer, and also openings in your exhaust hose, 
by the high pressure formed inside. It is now in your air. 
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Chemical Toxins 


Chlorofluorocarbons (CFCs) or freon is the refrigerant in 
your air conditioner and refrigerator coils. CFCs are suspected 
of causing the ozone hole above the South Pole. All cancer suf- 
ferers test positive for CFCs in their cancerous organ! I have 
preliminary evidence that it is CFCs that attract other pollutants— 
fiberglass, metals, PCBs-to form a growing tumor instead of 
allowing their excretion. This would make it a “super car- 
cinogen.”. How could you detect CFCs leaking in your home? By 
the time your air conditioner or refrigerator needs recharging, 
you have been exposed for a long time. We desperately need an 
inexpensive, in-home test for this unsuspected killer. 

Arsenic is used in pesticide. Why would we poison our- 
selves along with the cockroaches? Is it because we can't see it 
happening? Just as we couldn't see the fiberglass floating in the 
air? Our diligent scientists have studied the mechanism of arsenic 
poisoning in great detail. Then why are we allowed to put it on 
our lawns to be carried into our carpets via shoes? 

Polychlorinated biphenyls (PCBs), oily compounds with 
wonderfully useful electrical properties, were originally used in 
transformers until their inability to break down into less toxic 
substances in our environment was spotlighted. Banned from use, 
I find them in most commercial soap and detergents! Is 
transformer oil being disposed of by selling it to soap makers? 

Formaldehyde is used to cure foam. As a result, foam fur- 
niture, pillows and mattresses give off formaldehyde for about 
two years after manufacturing. If you sleep with your nose buried 
in a new foam pillow all night, you are risking major lung 
problems. 

Every cleanser in your house probably has a toxic warning on 
its label. Every fluid your automobile uses is toxic. Every 
pesticide, herbicide and fertilizer you put on your lawn is 
probably toxic. Every paint, varnish, wax, lubricant, bleach and 
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detergent will send you to the hospital if even a small amount is 
ingested. Why do we keep them around? See Recipes (page 513) 
for safe, old-fashioned, alternatives. 

If you are ill even after zapping, it is toxins still at work. 
Getting rid of them is a major step toward being well. 
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| DONT THINK WE SHOULD 


LET HUMANS INTO THE HOUSE. 


WELL GET ALL THEIR PARASITES. YEAH, | JUST CAN'T 
GET RID OF THIS 
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What if you invented a device that could search people for 
the presence of mycotoxins (extremely toxic substances made by 
food molds)? And what if you found that although many people 
had them, those who were sick with a cold always had at least 
one of them. Would you ask whether a sudden buildup of 
mycotoxins is what really lets colds develop? Why do some 
people in the same family get the cold while others do not? 


¢ What if you found everyone with cancer had the human 
intestinal fluke in their liver, and no one else did? 

¢ What if you found everyone with diabetes had the pan- 
creatic fluke of cattle in their pancreas, and few others did? 

¢ What if you found everyone with environmental illness 
tested positive for Fasciola (sheep liver fluke) in their 
liver? 

¢ What if you found everyone with asthma tested positive 
for Ascaris in their lungs? 


What if you always found every mysteriously ill 


person had some unsuspected parasite or 
pollutant? 





The device is the Syncrometer™, and these “what ifs” are all 
true. They forced me to alter my entire outlook on what really 
causes some of our “incurable”, mysterious diseases. 

We used to believe that diabetes was caused by over con- 
sumption of sugars, a cold by a virus you caught from some- 
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body, cancer from carcinogen exposure, depression from poor 
parenting. This multicausal concept is what made the study of 
medicine so difficult that only a few could undertake it. And 
every year new syndromes are added to the list of human ill- 
nesses. 

But these diagnoses are based on a description of what is 
happening at a particular place in your body. This is like calling 
a mosquito bite behind the ears by one name and a mosquito bite 
behind the knee by another name. If you never see the true cause, 
a mosquito at work, this system could be excused as somewhat 
sensible. 

And, until now, the profession of medicine has made some 
sense. The new truths, however, make the old descriptive system 
obsolete. You can now find the true causes of all your illnesses. 
And you can find them yourself by building the electronic 
diagnostic circuit (page 457)! 

Once you have seen a mosquito at work on your body you no 
longer need to go to the doctor for a red, itchy bump. You don't 
need to search for the correct diagnosis and an appropriate drug. 
You put up screen doors and windows! 

Once you have seen how common house dust is implicated in 
the common cold you get rid of the house dust. Once you have 
seen the mold in your food facilitate the cold virus you throw out 
that moldy food. But only seeing is believing. Nothing is left to 
faith. The electronic resonance method described in this book 
will let you see all these things for yourself. 

You are not a hapless pawn attacked by bacteria and viruses 
that dart at you from nowhere to make you ill. You are not at the 
mercy of diseases all around you, hoping, by chance, to escape, 
like a soldier hoping to come home from the war. Nature and 
your body make good sense. 

There is no disease that can outwit you if you know enough 
about it. Not even Lou Gehrig's disease! Nor asthma or diabetes. 
Read how the people in the case histories made themselves 


44 


How WE REALLY GET SICK 


well. Read why some people failed. You have an advantage they 
did not have. Their instructions were hard to carry out because 
they had to have faith in them. You don't. You can replace faith 
with your own hard headed observations by building the 
diagnostic circuit (Syncrometer). The great convincer is seeing it 
yourself. When you personally find the mold in your peanut 
butter, or Shigella in your cheese, you have the knowledge, not 
faith, that convinces and guides you. 


All illness comes from two causes, 


PARASITES and POLLUTANTS. 





Only two causes! This is what simplifies the picture to make 
it possible for you to cure yourself. 

We have been taught that illness is largely our own fault. That 
it is due to “catching something”, not eating what we should, like 
roughage or vitamins, or not doing what we should, like dressing 
properly, exercising or going to bed on time. Somehow, it's our 
own fault. Either by doing something we shouldn't or not doing 
something we should. When absolutely no fault can be found we 
are told it's in our genes! True inherited diseases are extremely 
rare. Our genes have evolved over millions of years to produce 
healthy humans. Nor are genes that mutate during your lifetime at 
fault. Pollutants, which are known to be mutagens, are the real 
culprits. 

Neither the parasites nor the pollutants in you are “your 
fault’. Notice that other people all around us are doing the same 
things or not doing the same things, and even share our genes and 
don't have our illness. The current concepts on disease causation 
blaming our actions and our genes are simply not logical. 

But until now they appeared logical. Suppose 1000 people 
were bitten by a mosquito or flea, it would always be in a dif- 
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ferent place, and if you were using the location and effect system 
to diagnose the problem you could have a thousand diagnoses 
listed for them, including a defective gene. Could you be 
persuaded to accept a gene replacement for your red itchy 
bumps? The new gene might be for antihistamine production so 
the welts don't become large, red and hot, or lead to impetigo. If 
you were the research doctor, you might be tempted to alleviate a 
thousand persons' distress with a new gene. Fortunately, you are 
not and only need to solve your own problems. You can be more 
logical. 

After you have found the parasite interlopers hiding in your 
body you can kill them electronically. And after you have iden- 
tified the pollutants stuck in your organs you can stop eating them, 
breathing them or putting them on yourself. In response, your 
body will begin to heal, just as surely as a mosquito bite heals. 

Heal from multiple sclerosis, emphysema, myasthenia? Yes!! 
Some healing will be swift. Some healing will be slow. Healing 
is not understood. It is much faster in young persons. But fast or 
slow you know it has begun. It will be an exciting adventure to 
watch yourself lose your symptoms and get stronger. 





Self Health 


The entire purpose of this book is to enable you to diag- 
nose and treat yourself for any disease. You have three new 
approaches that make this wish a reality: the understanding that 
only pollution and parasites make you sick, the quick and inex- 
pensive diagnostic circuit that lets you find which pollutants and 
parasites they are, and the zapper or herbal recipe that kills the 
parasites. 
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Wouldn't it be nice not to have to go to the doctor for your 
aches and pains? And not to be dependent on the doctor to diag- 
nose and treat you? 


Self health means keeping yourself healthy. Doing it your- 


self. 





Suppose your doctor has already diagnosed you as having 
“Atypical Lateral Sclerosis” or “Shoulder-Hip Girdle Metas- 
table Aplasia.” Could you re-diagnose this for yourself so as to 
treat and cure it? And be successful? Why not? You have already 
succeeded in many enterprises. You learned to talk, walk, read, 
get along with people. These skills took a few years to master. 
Learning to keep well is a new skill. It may take a few years too. 
After you have learned these skills you may pass them on to your 
children. And so a new gift is given to humanity, like the gift of 
music or the art of cooking. 


How To Heal 


Your body has been trying to rid itself of its parasites and 
pollutants all your life! It had its own ways. It made stones, it 
made mucus secretions, it made itself toxic dumpsites. These 
were good tactics but now of course, they are no longer neces- 
sary. Can you help your body get rid of these accumulations and 
sweep itself clean again? 

Sweeping your liver clean is the most powerful way of 
helping your body to heal itself after the parasites are gone. 
There are thousands of bits of “trash” accumulated in the liver 
bile ducts. They will turn into stones (gallstones) if left in place. 

The kidney, too, has made numerous small stones in its effort 
to keep your body clear of lead, cadmium, mercury and 
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other impassable pollutants. You can assist the kidney to expel 
all these. 

In days, not weeks or months, you can feel the healing effects 
of clearing gallstones and kidney stones from your body. But 
there are miles of bile ducts (50,000 ducts) in the liver; the 
herbal recipes that do this are used over and over, patiently, until 
all, the “trash” is removed. This can take several years. 

So, although you can stop your disease very quickly from 
progressing, the healing process may not be complete for years. 

Nevertheless, you are healthy again. This means your pains 
are either gone or greatly reduced. Your organs are functioning 
better. You have a new sense of well being. Your energy is up. 
Your desire to live and accomplish something is back. 

Organs that have been damaged beyond the ability of our 
simple methods to reverse can be treated with the magic of 
modem surgery. Cataracts, bunions, old injuries are examples. 
Possibly, these too, are “stone” formations. But no recipe has 
been found to clear them up simply and in a useful time frame. 


Killing parasites, removing pollutants and clearing gallstones 
and kidney stones from your body is a powerful combination of 


treatments. It is so powerful you can change yourself into a new 
person in half a year. And then go on improving for years more. 





Should you stop taking your prescription medicine while you 
are treating yourself? NO. Wait until you have cured yourself of 
the condition that required the medicine. Reduce your medicine 
and eventually go off it. Will your doctor approve? Find one that 
will. Remember that the medicine is buying you the time to cure 
yourself, something to be grateful for. 
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The Road To Wellness 


To review our new understanding of health vs. disease: 

¢ We have only two problems: parasites and pollutants. 
Parasites are things that live on us, using up our food and 
giving us their wastes. Pollutants are toxic things in us 
making it difficult for our organs to do their work. These 
two things are responsible for all our other problems. 

¢ Our bodies have been trying to rid us of these by making 
stones, making secretions, giving us swellings, inflamma- 
tions and benign tumors. We develop deficiencies and dis- 
abilities. 

e Finally, some permanent damage is done. Our hair turns 
gray, we develop cataracts, the spine bends, nerves and 
muscles die. We weaken. 

Our strategy to undo all this will be a logical one. 

First, we will kill all parasites, bacteria, viruses and fungi. 

Second, we will remove the toxic molds, metals and chemi- 
cals in our foods and body products. 

Third, we will clear away and wash away the stones, secre- 
tions and debris already formed, that hinder healing. 

Fourth, we will use herbs and special food factors to hasten 
healing, being very careful to use pure products. (These act more 
quickly when given intravenously but the emphasis in this book 
will be on oral consumption. ) 

Finally, for repairs that are beyond our abilities, we will 
seek help from health and medical professionals. 

What could be more exciting than finding the tremor is out of 
your arm or the pain is out of your shoulder? Won't it be ad- 
mirable to correct your pulse and your high blood pressure, by 
yourself? What an adventure it could be to get rid of all your 
warts. 
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But getting rid of pain seems like a first priority to me, since 
pain often undermines our morale, our initiative to do things, 
even our interest in getting well! 








found pigeon tapeworm in humans, for instance. 
Fig. 9 Feed animals out of your yard and away from where 
children play. Their wastes contain pathogens. 
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I would rather die than endure excruciating, unrelievable 
pain. That puts pain at the very top of my priority list. 

Fortunately for us, pain killers are at hand to get us through it 
and buy us the time it takes to solve the real problem behind it. 

The pain killing industry also brought us the addiction in- 
dustry. As we turn to electrical pain killing the need for addicting 
drugs should decline. There are other very useful pain killers: 
acupuncture, massage, listening to music, feedback devices, 
contemplation, hypnotism, and prayer. 

But we will focus on getting rid of the cause of pain and 
healing the organs that are in pain so none of these methods are 
needed. 

I am not talking about the pain of a broken bone, twisted 
ankle, bee sting or sunburn. I am not talking about the pain of a 
misaligned vertebra or stretch trauma in your leg muscles or arm 
muscles. I am referring to pain that is in one of your organs and 
refuses to go away. For example, arthritis. Other pains are 
headache, foot pain, elbow pain, hip pain, chest pain. All of 
these may have special names like rheumatoid arthritis, cluster 
headache, fibromyalgia, bursitis, tennis elbow and so on, but they 
are all the same phenomenon. 

Knowing that parasites and pollutants are the real culprits, let 
us get right down to the job of finding out which they are, where 
they come from, and how to get rid of them. 

The parasites that cause pain are not the large ones, like 
worms or amoebas. Nor are they the very tiny viruses. They are 
bacteria. Bacteria are the right size to get into the doorways of 
our cells. Our cells try to keep their doorways tight-shut but, of 
course, they have to open to let food in, or hormones, or other 
life-signals. If bacteria are swarming around the outside of cells, 
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some will manage to slip into a doorway while it is open. A 
battle begins. The cells refuse to let the bacteria in. The bacteria 
refuse to let go of the door latch. There is probably a specific 
electrical attraction between them and an exact physical fit. The 
body's extra forces, the immune system, are called in to help 
quell the invasion. The bacteria multiply as fast as they can. 
There is swelling. There is heat produced. There is pressure 
against other organs. All together it is called inflammation and 
infection. 

The answer is not to deinflame with drugs (like the cortisone 
variety). The answer is not to reduce swelling or body tem- 
perature. The answer is certainly not pain killer. The answer is 
to kill the bacteria. (Even this is not the ultimate answer. We 
must stop the source of the bacteria and your body's invitation to 
be invaded. We will get to this later.) 

So Step One is to search for the bacteria nibbling at our 
painful regions and identify them. This gives us the clue to 
finding their source. Step Two is to exterminate them electri- 
cally. Within minutes they fall out of the doorways to our cells. 
Your white blood cells are waiting for them, and will gobble 
them up in a grand feast. 

But, remember, there is another cause of pain, pollutants. 
Step Three is to find the pollutants and identify them because 
this gives us a clue as to their source. Step Four is to eliminate 
our pollution sources. And the job is done. Pain is gone. 

An intriguing question will pop into your head as you search 
your organs for parasites and pollutants. Which came first? 
Pollutants can jam their way into your cell's doorways too. Does 
this allow the bacteria to swim in? Or do the bacteria come first, 
jamming open the doorways so the pollutants can enter? Both 
seem possible. Maybe both events go on simultaneously. Perhaps 
that is why bacteria and pollutants are always seen together. 
Viruses can land on your cell's doorways, too, and cause viral 
diseases, but they are not as often pain producing. 
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You will also notice something, as you keep testing and 
watching over your health. Your body is very good at killing 
bacteria and viruses. Your body kills them faster than a wave of 
a magic wand! The only ones that get away are those that are 
stuck in doorways and ‘channels with pollutants in them! This 
seems like evidence that pollutants do the gate-opening. But it 
isn't proof and we must keep all possibilities in mind. 


Fortunately we do not have to know exactly how parasites 


and pollution make us sick in order to get well. 





Searching For Bacteria 


In order to find which organs have the bacteria and which 
bacteria are present you will need to learn the new technology 
that makes all of this possible. This technology is a simple 
electronic circuit that is capable of trapping frequencies in such a 
way that you can hear them. Your body's frequencies, the fre- 
quencies of bacteria, viruses and parasites are all different and 
can be heard as distinctly as a mooo, baah, tweet, or oink 
coming from a farm yard. 

But do you have to do all that? 

No! You don't. You could simply electrocute all these tiny 
invaders. But how would you know what to avoid in the future? 
If your pain returned how would you know if it was the same old 
bacteria or a new one? 


Learning to test takes the guesswork out of 


diagnosis. 
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My hope is that you will find it all so intriguing, so abso- 
lutely fascinating, that in spite of some chronic pain, you will feel 
compelled to make the searches yourself. Find someone willing 
to help. Trade your information. It is less difficult than learning 
to use a computer. 


What You Will Find 


First we will study and cure pains of all kinds, starting with 
the toes and working our way up the body. We don't need to be 
very specific about the location of the pain since bacteria and 
toxins flow over to nearby locations anyway. 

For each kind of pain, we will look into the causes so you 
can eliminate them. Pain could come back in an hour if you didn't 
know the bacteria were coming from cheese and you had a 
cheese sandwich after zapping (killing parasites electrically). In 
fact, the pain may not have had time to go away before the next 
onslaught begins and you might conclude, wrongly, that this 
method doesn't work. 

Parasites might also come back to your specially painful 
place from a few far away places that are hard to reach by your 
zapper's electrical current. The inside of your eyeball, the testi- 
cle, the interior of gallstones, the middle of a tooth abscess or the 
bowel contents are such places. Your zapper current, because it 
is high frequency, prefers to “go around” these items, rather than 
through them. But with repeated zapping, and herbal parasite 
treatment, you can decimate them, too, and stop reinfecting the 
rest of your body. 


54 


PAIN FROM TOE TO HEAD 


In fact, it is such knowledge about reinfection and sources of 


our pollutants that is the most important contribution of the case 
histories. 





After dealing with pains we will turn our attention to the 
diseases that aren't pain producing, like diabetes, myasthenia 
gravis and so on. 


Toe Pain 


The ends of your feet get the poorest “service” from your 
blood supply. They are the furthest away. The blood here has the 
most accumulated acid and the least oxygen supply. The body 
produces quite a bit of uric acid and this should, of course, be 
excreted into the bladder by the kidneys. But if the kidneys are 
doing a poor job of this, levels in the body and blood stream rise. 
The blood can only hold so much. It holds even less in acid 
conditions such as the ends of your feet experience. Uric acid 
begins to settle out or precipitate at our feet. 

Hippuric acid, too, is found where pain is found. Hippuric 
acid is made in large amounts (about 1 gram/day) by the liver 
because it is a detoxification product. It makes no sense to con- 
sume benzoic acid, the common preservative, since this is what 
the body detoxifies into hippuric acid. Read all labels on food 
you buy. Don't buy any beverages or baked goods preserved with 
benzoic acid. Citric acid is fine. The joints of the big toes are 
favorite places for pain to develop. This is made even worse 
when circulation is poor. Take a cayenne capsule with each meal 
to improve circulation. If you cannot find your pulse just below 
your inner ankle your circulation is poor. 

The accumulation of uric and hippuric acid invites bacteria to 
feed on them. As bacteria multiply the tissue fights back with 
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inflammation. Now the stage has been set for pain. Some people 
do not have pain although these acids and other deposits are 
present making their joints knobby and unbending. Bacteria have 
not found them yet or haven't multiplied sufficiently in them to 
invade your tissues. Perhaps there are other reasons as well. 

If you have toe pain your course of action is this: 


1. Kill all bacteria possible with your zapper. Repeat daily 
until no further benefit is seen. 

2. Dissolve the deposits away. An herbal recipe, quite elabo- 
rate, is capable of doing this. It is called the Kidney 
Cleanse (page 549). Toe deposits are made of the same 
crystals as kidney stones, which is why the Kidney Cleanse 
works for toe pain. But because these deposits are far away 
from the kidney, it takes longer than merely cleaning up 
kidneys. It may take six months to make a significant dent 
on these deposits. This will at the same time remove kidney 
crystals so that these are no longer a source of bacteria. 

3. Get teeth cavitations cleaned (cavitations are bone infec- 
tions in the jaw where a tooth was pulled; it never healed; 
see Dental Cleanup page 409). This can “magically” stop 
the toe pain the same day as they are cleaned. The effect 
lasts for days afterward showing it is not the dental anes- 
thetic that is responsible. It also teaches you that the bacte- 
ria in the toes can come from the teeth. But pain may return 
as other bacteria find the deposits. 

4. Clean the liver of stones using the Liver Cleanse (page 
552). This, too, can give immediate pain relief in the toes 
showing you they are a source for bacteria. Liver cleaning 
may take you two years to complete! Meanwhile your toe 
pain is receding. And, of course, this pays extra dividends 
in health for your body. 


56 


PAIN FROM TOE TO HEAD 


5. Reduce the acidity in your toes. First, check your acidity 
with pH paper meant for testing urinary pH, called Ni- 
trazine™ paper. Ordinary pH paper, as for fish tanks, is 
almost as accurate and will serve as well. Tear a Yainch 
piece and hold it in the urine stream. Early morning is the 
time your urine is most acid. If this reads below 5.5 your 
feet must have been even lower in the night (lower is more 
acid). 


Once deposits start, it is hard to stop them. If they start 
forming at 2 a.m., they are likely to continue for several hours 
even if the pH goes back up to normal. Your tactic will be to go 
to bed with an alkalizing action. Taking a calcium and magne- 
sium supplement at bedtime, drinking milk at bedtime, using 
baking soda at bedtime are all remedies to be tried. They should 
raise your urinary pH to 6 in the morning. 





Balance Your pH 


Most persons with painful deposits anywhere in their feet 
have a morning urine pH of 4.5! At 4.5 it is safe to guess that a 
lot has precipitated again in the night. During the day, your body's 
pH swings back and forth. The urine gets quite alkaline right after 
a meal; this is called the alkaline tide. Three meals a day would 
bring you three alkaline tides. During these periods, lasting about 
an hour, you have an opportunity to dissolve some of your foot 
deposits. But if you allow your pH to drop too low in the night 
you put the deposits back again. The net effect decides whether 
your deposits grow or shrink. 

To alkalinize yourself at bedtime, choose one of these op- 
tions: 


1. Two oyster shell tablets, equaling 750 mg. of calcium plus 


a magnesium oxide tablet, 300 mg (see Sources). The 
magnesium helps the calcium dissolve and stay in solu- 
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tion. Taking more calcium at one time is not advised be- 
cause it cannot be dissolved and absorbed anyway and 
might constipate you. For the elderly only one calcium 
tablet is advised. Take calcium tablets with vitamin C or 
lemon water to help dissolve (4 tsp. vitamin C powder; 
adding honey is fine). 

2. One cup of sterilized milk or buttermilk, drunk hot or cold, 

plus 1 magnesium oxide tablet, 300 mg. (adding cinnamon 
is fine). 
If these two remedies work for you, your morning urinary 
pH will come up to 6.0 but if for some reason they don't, 
you need to take more drastic measures. Take the supple- 
ments and milk earlier in the day and reserve bedtime for: 

3. Yatsp. baking soda in water. This is sodium bicarbonate. 
But don't use baking soda from a store because most brands 
I have tested are polluted with benzene! (See Sources for 
safe baking soda.) Using a combination of sodium and 
potassium bicarbonate in a ratio of 2:1 is actually a much 
more healthful potion. You can make your own or ask a 
pharmacist to make it for you. Mix two parts baking soda 
and one part potassium bicarbonate (see Sources) in a jar. 
Keep tightly closed. Label it sodium potassium 
bicarbonate alkalizer (this potion is also very useful in 
allergic reactions of all kinds). Take 1 level tsp. in water 
at bedtime. If your pH reaches 6 in the morning continue 
each night at this dose. If it does not, take 1/%tsp. Keep 
watching your pH, since it will gradually normalize and 
you will require less and less. If you are using plain baking 
soda, instead of the mixture, watch your pH each morning, 
also, so you can cut back when the pH goes higher than 6. 


Persons with a limit on their daily sodium intake must care- 
fully count the grams of baking soda consumed in this way. 
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Each tsp. weighs about 2 grams, of which half (1 gram or 1000 
milligrams is sodium. The sodium/potassium mixture would only 
give you half as much sodium (/zgram per tsp.). By comparison, 
the usual daily intake of sodium is about 5 gm., although salt 
eaters consume twice that amount. 

You have done five things to pull the rug out from under the 
bacteria living in and around the deposits in your toes. Now 
when you kill bacteria with your zapper, you can expect the pain 
to go away and stay away. 

Locations at the base of toes may be painful due to a neu- 
roma. Deposits and bacteria here are even more painful because 
this is the location of nerve centers. If the build-up is large, you 
may prefer some surgical help or a cortisone shot rather than 
wait several years for solid relief. 


Foot Pain 


This kind of pain does not involve as much deposits as toe 
pain and is therefore easier to clear up. But trauma to the foot is 
more important. First, even though your shoes are comfortable, 
change them. Get wider shoes, longer shoes, lower heels. Alter- 
nate two pairs of shoes in a single day. In your home take shoes 
off. 

Keep feet very warm. Wear natural fiber socks, not synthet- 
ics. If your circulation is poor, take a cayenne capsule with each 
meal. When circulation is moderately poor, your feet get cold 
easily. When circulation is very poor, the heart pulse cannot be 
felt in your feet (take your pulse just below your inner ankle). 
Again: 


¢ Get teeth cavitations cleaned (Dental Cleanup, page 409). 


¢ Do the herbal Kidney Cleanse (page 549). 
e Kill parasites and bacteria with a zapper. 
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e Then clean the liver (page 552). 

¢ Check body pH in the moming upon rising using Ni- 
trazine™ or other pH paper. Correct it as discussed in Toe 
Pain. If the urinary pH is 7 or higher, it means you have a 
bladder infection. Treat it immediately (page 101). 


If there is any swelling around the foot or ankle, you are 
“holding water.” It may be called edema. This is due to poor 
adrenal and kidney function. The adrenals are located on top of 
the kidneys and together they regulate how much salt and water 
stays in your body. Because they are situated so close together, 
they share their parasites and pollution. When the kidneys form 
kidney crystals the flow 
through the kidney tubes is - 
hindered, and less water and 
salt can leave the body. It 
stays in your tissues as 
edema. 

The kidney herb recipe 
will dissolve the crystals. 

But you must remove toxins 

such as metal from tooth 

fillings and kill parasites. 

Continue doing the Kidney 

Cleanse after the original six _—- Fig. 10 Your kidneys with the 
weeks is up until all foot adrenal glands sitting like hats 
pain and edema are gone. on top. The ureters lead to the 
Continue killing your tiny bladder. 

invaders with a  zapper 

twice a week. You may need to cleanse the liver several times, 
too, before all the pain and edema are gone. 

The supplement, pantothenic acid (see Sources), is particu- 
larly good for feet. Take 500 mg three times a day for several 
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weeks to see if it helps. Massage and reflexology are also good 
for them. 


Heel Pain 


Sometimes heel pain is due to heel spurs, sometimes it is not. 
Heel spurs are due to deposits. The usual heel deposits are uric 
acid and various phosphates. Uric acid deposits become a 
breeding ground for bacteria. The phosphates give the deposits a 
rigid structure that is hard to dissolve. You may have to choose a 
pain killer, get specially built “orthopedic” shoes, or stop your 
daily walks to get relief from the piercing pains. These will not 
cure the problem but may “‘buy you some time” while you make 
basic changes in your lifestyle. 

Stop drinking tea and cocoa because they contain oxalic acid. 
Stop drinking coffee, decafs, fruit juice and soda pop because 
they are contaminated with solvents. All of these must be 
detoxified by your body and eliminated by your kidneys. We 
should spare the kidneys these extra tasks when we wish them to 
clean up heel spur deposits. You must first dissolve the deposits, 
then help the kidneys eliminate them. 

To dissolve them, you alkalinize your body's pH, watching 
over it carefully with pH paper or Nitrazine paper. To help kid- 
neys eliminate them, use the Kidney Cleanse and drink lots of 
water. Only water, not a beverage, helps the kidneys to eliminate. 


Drink a pint of water upon rising in the morning, and a pint of 


water between meals. 





Do not buy “special” water. Use your cold tap water only. If 
you don't like the taste of your own tap water, get it from some- 
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body else's tap. Use only glass or reused polyethylene jugs. 
Polyethylene is opaque, not clear. It has already lost its plasti- 
cizer into the water that stood in it earlier. (Somebody drank it!) 
Purchased water has traces of solvents from machinery and 
sterilizing equipment used in its bottling. Your own tap water is 
not pure (indeed it may have 500 toxic elements), but it never 
contains solvents in amounts I can detect. 


Traces of solvents are worse than traces of other toxins. 


Water filters are not the solution. They trap the pollutants 
and then allow a tiny amount to enter the water on a daily basis. 
Chronic toxin consumption is much worse for your health than 
periodic surges of toxins. You can use a small filter, that gets 
changed every month without much risk. This would dechlorinate 
the water, at least, and improve the flavor. The pitcher variety (it 
should be made of hard, inflexible plastic) and the faucet variety 
are listed in Sources. 


Bottled water is popular, 


and tasty, and has appealing advertising, but it is just not safe. 

Why is it easier for everyone to spend dollars per day, for the 
rest of their life, buying water instead of insisting that their water 
pipes are metal-free? 





Another reason not to drink water from bottles, however 
convenient, is that it is stagnant and is soon contaminated with 
our own bacteria from contact with mouth or hands. Staphylo- 
coccus (Staph) and E. coli are commonly seen. The solution is 
not to add still more chemical disinfectants, the solution is to 
drink from_a flowing source, such as our faucets. If you must 
carry water, use glass containers; plastic is porous and much 
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more difficult to wash clean (sterilizing in a dishwasher is ef- 
fective, though). 

By drinking a total of four pints of water in a day, the kidneys 
will notice the assistance. (Any single herb tea without added 
salt or sweetener counts as water.) The urine will stop having 
any odor and will become very light colored. This is especially 
important while you are dissolving the heel deposits since your 
body is now carrying these in the circulation. 

Killing bacteria with a zapper may give you instant pain re- 
lief and is, of course, beneficial to your body. But you can't ex- 
pect the pain to stay away until the deposits are gone and the 
source of bacteria is also removed. Go after the usual sources: 
teeth and stones. Another source is dairy food contaminated with 
Salmonella and Shigella bacteria. Sterilize all of it by boiling. 
Even the amount put on cereal in the morning or used in 
scrambled eggs is enough to reinfect you! Butter and heavy 
whipping cream also need boiling. Stop eating yogurt and cheese 
which can't be boiled. 

Phosphate deposits are a mixture of three phosphates: 
monocalcium phosphate (CaH, PO,), dicalcium phosphate 
(CasH PO,) and tricalcium phosphate (Ca3 POx,). They are 
formed by eating too much (way too much) phosphate relative to 
calcium. 

Our high phosphate foods are meats, carbonated beverages 
and grain products like rice, cereals, breads, pastas and nuts. 

The body's normal elimination tactic for phosphate is to 
combine it with calcium and magnesium in order to neutralize it 
first. Unneutralized phosphate is very acidic and would burn the 
delicate kidneys. But where shall the calcium and magnesium be 
taken from? Magnesium is often in very short supply since it 
comes from green vegetables in the diet and is not stored up in 
any special organ. So it falls on calcium to be used for this pur- 
pose since it is stored up (in your bones and teeth). 
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The acid condition created by phosphates dissolves your 
bones and allows large amounts of bone structure to be washed 
out with the urine: this can be directly seen with an analysis of 
urine (you can ask your doctor to order this at a lab). If you catch 
all the urine in a 24 hour period you can measure all the calctum 
you have wasted. You should not lose more than 150 mg calcium 
in a day because this is all you can absorb in a day!* If you do 
lose more than 150 mg in a day, you are dissolving your bones at 
a fast clip. This also means there is too much calcium in your 
blood and lymph, from dissolving so much bone so quickly. 

Once you have dissolved your bones it is not so easy to put 
the calcium back into them. Your body will try to put it back as 
soon as possible—as soon as your acid condition is gone. But 
your bones can't do this without vitamin D. Vitamin D may 
“come from” sunshine and from vitamin D in milk but it isn't that 
simple. Vitamin D must be activated by your kidneys before it 
can go to work! Remember, though, it was the kidneys that had a 
problem in the first place, allowing deposits to form! With old 
kidneys, clogged with crystals, hampered by heavy metal and 
mold toxins, and beleaguered by bacteria and parasites, is it any 
wonder that sunshine and vitamin D fortified milk don't supply 
large amounts of activated vitamin D? It takes_large amounts to 
put back into your bones the large amount of calcium that 
dissolved out during the acid state you put yourself in by over 
consuming phosphate food. 

If you can't put the calcium back into your bones promptly 
where is it to go? It may attach itself to tissues that were never 
meant to be used this way. Your arteries fill with “scale,” your 


“You absorb 5 to 10% of what you eat. If you eat 1 gram (1000 
mg) you absorb 50 to 100 mg. But you absorb 25-40% if it comes from 
milk! 
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kidneys form calcium phosphate crystals, heels form spurs, joints 
become knobby with deposits. 

Young persons and children, with healthy unclogged kidneys, 
make-—that is, activate-ample vitamin D, so even if they consume 
too much phosphate and develop an acid condition that dissolves 
their teeth and bones, they can put the dissolved calcium back 
in its proper place. They don't develop hardened arteries, heel 
spurs, and knobby joints, at least not at first. Their bodies can 
take a considerable amount of abuse without showing it. 

In general, people eat way too much phosphate. Meat eaters 
eat too much meat. Vegetarians eat too much grain. Most eve- 
ryone drinks phosphated beverages. In this way we set the stage 
for hardened arteries, joint disease, calcified tissues that no 
longer have flexibility. We all get kidney crystals that become 
stones. This is aging. All these deposits invite bacteria to live in 
them and on them, creating pain. 


Old age and pain go together as if they were true partners. 


Yet it is just the result of bad food choices. 





Try to undo as much of this false aging as possible. 


1. Reduce your meat consumption. Switch to fish which 
supplies calcium in the tiny bones. It is true, these bones 
are made of calcium phosphate and one might expect, 
logically, to be getting a less effective calcium source. 
Logic isn't necessarily biologically correct. The bones of 
fish work nicely as a calcium source and their phosphate 
content is not too great. Such a diet has worked for many 
primitive societies. Further, I have never seen a case of 
mercury toxicity from eating fish; amalgam tooth fillings are 
our truly significant source. 


65 


ROCK WITH DENT TO HOLD STICKIN PLACE 


Pl > § 3:03/ 6:56 





THE CURE FoR ALL DISEASES 


2. Reduce your grain consumption. Instead of cereal for 
breakfast, add fruit and reduce the cereal to half. Cut bread 
consumption in half. Cut pasta consumption in half. Cut rice 
and corn consumption in half. Eat more bananas and other 
fruits. Eat more vegetables; always choose potato (not 
potato chips) instead of rice or macaroni. Always choose a 
leafy salad instead of pasta salad. At any restaurant or 
salad bar ask yourself: is this wheat, rice or corn? If so, 
choose potatoes or other vegetables. Choose coleslaw. 
Choose mixed fruit. You don't need to go off the grains, 
only reduce them to improve your condition. 

3. Take vitamin D as a supplement. Nothing less than 40,000 
units has any real impact by the time there are problems. 
This strength is available by prescription only (usually 
50,000 units, which is close enough). To avoid getting a 
polluted product, ask your pharmacist to follow the recipe 
on page 560. (In the past some cases of poisoning by 
overdosing resulted in this regulation. If you overdose you 
will get joint and muscle pain and nausea but it is reversi- 
ble.) Take one a day (not more), for the first three weeks, 
then two a week forever after. 

4. Finally, toss the carbonated beverages right out of your diet 
or make your own (see Recipes). It is not the carbonation 
that is harmful, it is the added phosphate. Drink water, herb 
teas, homemade fruit and vegetable juices, milk or 
buttermilk. 





Milk, like fish, is full of calcium in the form of calcium 
phosphate. Again, logic might speak against the effectiveness of 
this form of calcium. Again, logic is wrong. Evidently, the cal- 
cium and phosphate story must be much more complex than I am 
depicting here. 

Milk works best as a calcium source, in spite of its phosphate 
content. Possibly the lactose and other complexities of its 
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composition contribute to this. My recommendation when de- 
posits have formed anywhere in the body, such as heel, toe, ar- 
teries, joints, is to switch to milk as a beverage. Compare the 
calcium level of your urine before and after the switch (allowing 
several weeks first). Also compare calcium levels in your blood 
serum. It should move towards normal. This means up if it is too 
low (below 9.2). It means down if it is too high (10). If you are 
monitoring the effectiveness of the kidney herb recipe in 
dissolving away your phosphate crystals, notice that drinking 
milk keeps them from reforming. Taking calcium tablets does not! 
Taking nothing lets them reform the quickest. 


The milk must be 2% or higher in butter fat to be effective. 


With your body fluids at their proper acid level, with your 
kidneys able to flush out acids, with heavy metal toxins no longer 
settling in, with your bone-dissolving stopped, your heel deposits 
can shrink. Bacteria have no place to feed and breed. You can 
kill them several times more with your zapper to catch stragglers. 
And your heel pain becomes history. Be careful not to bruise the 
sensitive tissue with too much walking or running immediately 
after the pain is gone. Wear cushioning socks and well cushioned 
shoes. 


Names in the case histories have been changed to ones of the 


same sex, picked at random from a telephone directory. Other 
facts may have been altered in non-essential ways. 





Walter Jones, a man of 67, was diabetic for 14 years. His feet and 
upper legs hurt so much for the past 13 years he could barely 
shuffle along now. They were also cold and clammy. The herb, 
juniper berry was added to the Kidney Cleanse recipe to make it 
even more effective for him and he was advised to stop smoking, 
using alcohol, and caffeine. He also started the parasite killing 
program (at that time an herbal parasite program was being used 
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instead of a zapper) and a liver cleanse that yielded several hun- 
dred small gallstones. Three months from his first visit his legs 
were better and feet OK, although he still had some trouble walking 
due to pain in upper thighs. 


Dinah Sagun, a minister's wife, had a lot of walking and standing to do 
besides traveling a lot. She had knee surgery 15 years ago to re- 
move deposits but now they were getting bad again. Also her heels 
were sore. My tests showed she had phosphate and oxalate 
deposits in her kidneys. She was started on the Kidney Cleanse 
followed by the parasite program. She stopped using benzene 
polluted items, especially her Chap Stick™. Her diet was changed 
to include milk and leave out store-bought beverages. In 41 
months her heel pain was gone along with the bad headaches we 
had not even started to work on. 


Julie Fernandez came with a list of 10 serious problems including foot 
pain and ankle swelling. Her urinalysis showed crystals. My test 
showed they were uric acid crystals. Her parasites included Tri- 
chinella. There was a house cat. Her toxic metal test showed tel- 
lurium and platinum accumulation from metal dentalware and 
arsenic from pesticide. She was to start on a Kidney Cleanse and 
add the parasite program two weeks later. She was to remove all 
roach hives and other pest killers from her house and arrange for 
dental metal replacement. At her third visit, four weeks later, she 
could walk without pain although she still had Trichinella and ar- 
senic problems. Two months later she was aching all over again 
and her kidneys hurt. She still had Trichinella and some dental 
work to do. She was to do a 5-day high dose parasite treatment 
and treat the cat also and repeat the kidney cleanse. This relieved 
her pain. 


Dorothy Shelley had numerous pains including foot pain in the arch, 
lower back pain and cramps with her period. She had oxalate and 
uric acid crystals in the kidneys so was started on kidney herbs. 
Three weeks later her foot pain and low back pain were gone. 


Paul Longtin had toe cramps, calf cramps, and heel pain. After cutting 
down on smoking, quitting caffeine and soda pop and taking niacin 
(250 mg time release; 1 capsule each meal and upon rising in 
morning) and doing a kidney cleanse, all in three weeks, he was 
much improved and didn't even need his arch supports. 
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Juan Onley, age 58, came for his gout in both feet and one hand. He 
could hardly walk, in spite of soft shoes and pain killer. It started 7 
years ago. He also had prostate pain and couldn't sit comfortably. 
My tests showed his kidneys were full of uric acid, oxalate and 
cystine stones. His prostate was full of Gardnerella and Campylo- 
bacter bacteria. His wisdom teeth were harboring plantar wart #4 
virus and Coxsackie B4 virus. Gardnerella often comes with fluke 
parasites and indeed he had intestinal flukes in his kidney! He be- 
gan with the kidney herb program, then the parasite killing pro- 
gram. It took five months to clear them all. Then he could walk and 


sit without pain. 


Leg Pain In Children 


It is commonly accepted 
as normal(!) in children to 
have pain in the shins or 
calves of the leg. They may 
even be called “growing 
pains.” Children may cry 
with the pain and never tell 
anyone the reason for 
crying. It happens mostly 
after napping. This may be 
caused by cramping of the 
leg or spasms of the blood 
vessels. Lead toxicity is a 
common cause of both. Test 
for the presence of both 
lead and cadmium in the tap 
water. Only your own 
electronic tests are helpful. 
Water department tests are 
much too crude. 


If either poison is 





oy 21> a | 7 elt 
am | { tl a 
hes pers t , 

—* = — ae pal . 


J 

— ; 

pA / 
As 





Fig. 11 All disposable diapers I 
tested had mercury and thallium! 
These toxins can be absorbed 
through babies’ skin. 
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found, test the water supply from each faucet in the house, in the 
morning, before it has been run. Find the offending sources, 
change the water pipes to polyvinyl chloride (PVC). 

Also search for thallium or mercury in the child’s saliva. If it 
is there, remove all dental metal. Stop using all commercial 
disposable diapers, dental floss, cotton swabs and bandages; 
they are polluted with mercury and thallium probably from 
manufacturing them in foreign countries where it is legal to 
sterilize with mercuric chloride. Test again, several times, after 
plumbing or dental work has been completed. To relieve pain: 

* immerse legs in warm water 

* massage legs gently 

¢ give 25-50 mg niacin, not time-release, to dilate blood 

vessels. 


Leg Pain In Adults 


Leg pain in adults is usually associated with cadmium or 
thallium. Cadmium is present in tap water that runs through cor- 
roded galvanized pipes. The cadmium is probably a contaminant 
of the zinc used for galvanizing. Test the water, electronically, 
for cadmium. If you have all copper pipes but there is cadmium 
in the water, there must be a short piece (a Y or a T joint) made 
of old galvanized pipe lurking somewhere. Track it down by 
testing water from all your faucets. 

Cadmium causes the blood vessels to spasm and it is made 
worse by smoking, that's why the condition is sometimes called 
Smoker's Leg. But extremely painful legs are due to chronic 
thallium poisoning more than any other cause! 

It is very important to know exactly how toxic thallium is. 
Read the clipping on page 417 right now! 
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Where would you ever get thallium? From your very own 
mouth! The mercury in fillings is often itself polluted with thal- 
lium! Replace your amalgam fillings with composite. 


Bandages Sanitary napkins and tampons 
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Fig. 12 Do not use any 
commercial personal products, the risk of pollution is too 
great. 
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Thallium has another source: it is riding along as a pollutant 
in cotton swabs, cotton balls, commercial bandages, toothpicks, 
floss, gauze, sanitary napkins, tampons, disposable diapers, and 
paper towels. Evidently these are being sterilized with mercuric 
chloride which, in turn, has thallium pollution. 


¢ Line disposable diapers with a tissue 

e Line sanitary napkins and pads with a tissue 

¢ Use the polyester puff in the top of vitamin bottles in place 
of cotton balls. Twirl some around a plastic stirrer for a 
swab. 

¢ Use pieces of tissue and masking tape for bandages. 





Use cheesecloth in place of gauze. Use monofilament fish line (2 or 4 Ib. test) 
for floss 


Fig. 13 Safe substitutes for personal products. 


If you do have thallium in your white blood cells and you 
haven't used toothpicks, etc. earlier in the day, then it is in your 
tooth fillings and you have no higher priority than getting the 
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amalgams out. Find a dentist immediately who will remove 
them, drilling deeply and widely not to miss a speck of it, thereby 
getting the thallium out, too. You cannot cure your leg pains 
without removing thallium. 


Leg Pain Protocol 

1. Stop smoking. 

2. Repair plumbing. 

3. Do dental cleanup and chelate out the mercury and thallium 
that has gotten into your tissues with EDTA (see Sources). 
You will need to find a chelating doctor; ask a friendly 
chiropractor to help you locate one. Or at least take thioctic 
acid 100 mg, (2 three times a day) and vitamin C (5 gm or 
one teaspoon) daily for a month. 

4. Take magnesium oxide 300 mg (take 1 twice a day). 

5. Take niacin, as much as you tolerate—time release varie- 
ties are less effective. Try 50 mg with each meal. 

6. Change your diet to reduce phosphate and include milk 
(sterilized). 

7. Do the herbal Kidney Cleanse (page 549) followed by a 
Liver Cleanse (page 552). 

8. Zap yourself on alternate days at bedtime. If this zapping 


makes no difference whatever, your problem is purely 
spasms. But if you get relief, even if it's very short lived, 
you must have killed something. Bacteria must come from 
somewhere. Concentrate your efforts on dental health and 
better diet. 


Jean Booth, age 30, had sore, tired legs and severe three-day head- 


aches. She would get stabbing pains in back of her thighs. After 
we found thallium and mercury in her kidneys she did a Kidney 

Cleanse and got all her metal tooth fillings replaced. She then felt 
fine for one year. Suddenly she got fatigue and heavy legs again 
with stabbing pain at the outer thigh. She had seen a neurologist. 
Her chiropractor suggested it was leftover mercury so she came 
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back to us. Indeed, she was toxic with lead, mercury, thallium, but 
her dentist could not find the leftover metal in her mouth. Three 
cavitations were cleaned; she was put on thioctic acid; eight va- 
rieties of bacteria and viruses were killed with a frequency gen- 
erator and her legs became well again. Our test showed thallium at 
4 teeth, but it was not a big enough deposit to show up on dental 
X-ray. She may eventually choose to have these redrilled. 


Charlie Snelling was a picture of pain: pain 
in arms, elbows, shoulders, wrist, 
hands, chest, low back, legs, knees, 
and feet. He was started on kidney 
herbs and a few pains were reduced. 
He was toxic with cadmium so he 
changed his plumbing to plastic. How- 
ever, he continued to be toxic with 
cadmium and thallium throwing suspi- 
cion on his numerous old tooth fillings. 
He got them all replaced and cavita- 
tions cleaned. He used our frequency 
generator to kill beta Streptococcus, 
Pseudomonas, Troglodytella and 
Staphylococcus aureus all of which 
were under one tooth (#15). A year 





Fig. 14 Tooth num- 


later he still had bouts of leg pain. He bering system. 

still had numerous bacteria under his teeth because the jaw bone 
was not healing. He had not been taking vitamin D, nor magnesium 
nor drinking milk for the necessary calcium. But he had improved 
enough to go back to work full time. 


Victor Abhay, age 16, could no longer play in high school sports be- 
cause of knee pain. It began “with a virus” and high temperature 
two years ago. His knee started to bother him after that. He had 
cysteine kidney crystals and four parasites: Cryptocoty/, human 
liver fluke, Echinococcus granulosus cyst and Echinostomum 
revolutum in his white blood cells. He was to start the kidney herb 
recipe and follow this with the parasite program. Five months later, 
when we next saw him, his knee was fine. 


Kim Murphy, 45, had painful legs, feet and knees. They also were 
swollen and itched. She was parasitized by Trichuris, (dog whip- 
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worm). She also had tapeworm stages (Taenia pisiformis) and 
intestinal fluke in the intestine. She started on the kidney herbs, 
followed by the parasite program. She stopped using zirconium- 
containing products (deodorant) and barium (lipstick). She stayed 
out of bus exhaust. (She knew she was allergic to diesel exhaust.) 
In one month her leg pain and itching were gone; slight swelling 
remained. 


Nancy Tong, 80's, had edematous legs. In fact she could get no 
stockings on. They appeared like pillars with no taper at all. She 
was on diuretic medicine from her doctor. It kept her blood pres- 
sure down but she was losing ground with water excretion. This 


raised her general toxicity (blood BUN?) which made her feel bad 
most of the time. Yet she drank enough water, curtailed her salt, 
used no caffeine and had no really bad habits. She had to wear 
several pads for incontinence. We found she was toxic with cad- 
mium and lead, which were probably responsible for her huge ac- 
cumulation of kidney stones. The metals were in her tap water and 
she was unable to resolve this problem since she lived in a senior 
citizen center. We advised her to move, or to have her tap water 
carried in, but she could do none of these. Although the situation 
was hopeless, she did the kidney cleanse, parasite killing program 
and changed her metal rimmed glasses and wrist watch to plastic. 
She gained enough ground from these improvements to be able to 
wear elastic hose and thereby give some physical assistance to 
her body. This encouraged her to do a liver cleanse. She had a 
headache with the cleanse but immediately afterwards she fit into a 
smaller size “Keds” (elasticized stockings). A half a year from the 
beginning, her legs had taper to them; she didn't even mind 
wearing a dress. 


Fibromyositis and Fibromyalgia 


When pain is widespread, not just in joints or legs but in 
many muscles and soft tissues of your body your doctor may call 
it fibromyositis or fibromyalgia. 


SBUN stands for blood urea nitrogen. It is a body waste and is 
normally kept low by the kidneys. 
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This was my best ever ice lens, and the smallest that 
I could make it and still get a good focus from. 


* Being this small it melts fast and fine tuning must be 
exact. But the photo shows that it is a fine collector 
of the suns rays! 
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For bacteria to get all over your body, they must be riding 
along with parasites that get all over your body. Microscopically 
tiny roundworms can do this. 

Trichinella is the most common 
cause of these diseases, but sometimes 
Ascaris larvae or hookworms or 
strongyle larvae are the main culprits. 
These wormlets bring hosts of bacteria 
with them, mainly “Streps” 
(Streptococcus varieties) and 
“Staphs” (Staphylococcus varieties), 
but also “Clostridiums” (Clostridium — Fig. 15 Trichinella 
varieties) and “Campyls” larvae settled in mus- 
(Campylobacter varieties). The cles. 
bacteria are probably the pain causers. By killing all bacterta— 
Staphs, Streps, Clostridiums and Campyls—using a zapper, you 
may get relief for one hour! 

By killing Trichinella and Ancylostomas (worms) first, fol- 
lowed by the bacteria, you may get relief for several hours. By 
killing the parasites and bacteria in every household member and 
the pets at the same time and by never putting your fingers to your 
mouth, you can expect permanent pain relief. It is interesting to 
speculate why the other family members, who are also infected 
with these tiny roundworms don't develop fibromyalgia. Perhaps 
the larvae stay in the intestine or go to the diaphragm (causing 
coughing) or the eyes (causing “lazy” eye muscles). Perhaps they 
merely cause anemia. Trichinella, hookworms and _ strongyles 
are extremely difficult to get rid of in a family. 

These roundworm larvae undoubtedly cross the placenta into 
the unborn child during pregnancy, too. So they can be 
“inherited.” Try to clear up the whole family before the next 
pregnancy. 
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Clearing up pets of these parasites is even harder. The best 
advice is to give your pets away. They will continue to harbor 
them even though they are on a pet parasite program. It is im- 
possible to stay free of the parasites your pets have: they will 
move to your soft tissues immediately, giving you the bacteria 
and inflammation again. 

The next most important advice is to keep fingers out of your 
mouth (read Hands, page 397). None of these parasites enter 
through your skin (this is in spite of teachings that hook-worms 
enter this way), you must put them into your mouth somehow! 
Consider your mouth off limits to anything but food and kissing. 

Finally, if there is a baby in diapers in the family, be patient. 
When diapering days are over you will have less bowel contact, 
giving you an opportunity to finish your own treatment. Mean- 
while, wash fingernails in Skin Sanitizer (see Recipes) after 
cleaning up children's bowel movements, diapers and yourself. 
Use borax liquid for soap to leave an antibacterial residue on the 
skin. 

Try to identify your parasites before killing them so you can 
be on the lookout for them in the future. Get slides or dead cul- 
tures of various pathogens and search in your white blood cells. 
If you can't do this, at least save a saliva sample of your own; 
keep it frozen or preserved. Also make a saliva sample for your 
pet. This gives you specimens to test yourself for later. You 
won't know which parasite is in this saliva specimen, but if you 
ever test positive for it again you will know you got it back. Then 
zap yourself. 





Brenda Byrd was diagnosed with myofibrositis two years earlier at the 
age of 36. Her blood test showed triglycerides slightly high (152 
mg./DL), indicating the beginnings of urinary tract problems. Her 
urinalysis stated “hazy” (hazy with bacteria or crystals) instead of 
clear urine. It also listed white blood cells, red blood cells, and a 
few bacteria present in her urine. Our tests revealed mercury and 
numerous other heavy metals distributed in her thyroid, stomach, 
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kidney, lungs, bones and bone marrow. She was also full of beryl- 
lium (usually from “coal oil”) contained in the hurricane lamps she 
kept in every room. She had numerous parasites, including 
Strongyloides and hookworms spread through her body tissues. 
She was thrilled to learn how to get her health back and started 
with the dental problem. 


Marcia Cochran, 36, had muscles twitching all over her body. It was 
diagnosed as fibromyalgia. Her joints were tender and her chest 
felt “tight.” She had bronchitis twice a year. She was on Amytryp- 
taline™ for muscle twitching and Benty!™ to calm the intestine 
(spastic colon). She had depression with it and was on medicine 
for that. It all started with fever and chills that she thought was the 
flu but after they went away, she was left with a tremor. Sometimes 
she felt that little electric shocks were going through her. She had 
Ascaris and hookworm larvae widespread in her body. She had 
sheep liver flukes in her liver. She was started on the parasite 
program. She was also toxic with PVC and tellurium (dental metal). 
The PVC was traced to plastic storm windows applied to the inside 
of the window and to new shower curtains. Two months passed 
and she had not solved any of her problems. Then she did her first 
liver cleanse and got over 100 stones out. This instantly reduced 
her fibromyalgia to occasional attacks. She was so encouraged 
she decided to go ahead with dental cleanup. 


Joint Pain or Arthritis 


Two main kinds of arthritis are recognized clinically, os- 
teoarthritis and rheumatoid arthritis. In osteoarthritis the joints 
have bacteria living on the deposits left there. In rheumatoid 
arthritis the bacteria come from larger parasites—wormlets ac- 
tually living in these joints. The worms are the common little 
roundworms whose eggs hatch into microscopic wormlets that 
travel. 
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Fig. 16 Hookworms, strongyles, and whipworms. 


We have four common roundworms: Ascaris, hookworm, 
Strongyloides, Trichinella. Their life cycle normally directs 
them to travel to the lungs but in some people they travel through 
the entire body, including brain, muscles and joints. More 
research is necessary to explain this. My suspicion is that there 
are toxins, like mercury, thallium, cadmium, lead, as well as 
solvents, distributed through the body, lowering immunity and 
allowing the tiny larvae to reside there. Once the pathway 
(routing) to these organs has been established, it continues to be 
used by other parasites as well. Soon a variety of parasites, their 
bacteria and viruses, and pollutants are all headed toward these 
organs. 


Osteo or Common Arthritis 


When joints are painful it is a simple matter to kill the bac- 
teria with an electronic zapper. Treat yourself with a zapper 
daily until the pain is gone. Maybe it will stay away, but chances 
are the bacteria have a steady source. 

The most common source for Staphs and Streps are small 
abscesses in the jaw bone, under and beside old extractions, root 
canals and mercury fillings. You may get immediate pain relief 
just from a dental cleanup, and again disappointment may follow. 
Staphs and Streps are such ubiquitous bacteria, they may come 
not only from jaw bone infections but from gallstones, kidney 
stones and other parasites. The correct treatment for ar- 
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thritis is a complete overhaul of body health: a diet cleanup, a 
body cleanup, and environmental cleanup. 

Start with the herbal parasite program and zapping. Follow 
this with a kidney cleanse, then liver cleanse. If any toxin is 
overlooked, especially asbestos and fiberglass, it is sure to find 
your joints and permit bacteria to return and cause pain. Make 
sure to correct your body acid levels after doing pH measure- 
ments of the urine (page 57). 

Arthritic deposits contain a large amount of phosphates 
combined with calcium. This calcium came from some other 
bone, such as the base of your spine or the wrist. Here the bones 
are getting weaker due to this calcium loss. Calcium was taken 
out of your bones for the simple purpose of neutralizing the ex- 
cess phosphate in your diet. Reduce phosphate consumption 
(meats, soda pop, grains) by half, eating fish, milk, vegetables 
and fruit instead. Drink three cups of milk a day. If you are al- 
lergic to milk, do several liver cleanses, switch brands of milk, 
use milk digestant, and use it in cooking and baking. Cheese and 
cottage cheese are not substitutes for milk (the calcium stayed in 
the whey). Dairy products must be boiled before consuming and 
should be no less than 2% butter fat. It takes bile to make calcium 
absorbable, yet milk with less than 2% butterfat does not trigger 
the gallbladder to empty it's bile at mealtime. 

If you are not used to dairy products, start slowly and work 
up gradually to the 3 cups a day needed. 


Carol Lachance was diagnosed with arthritis of her back and knees. 
(She had spurs in both places.) She was positive for Trichinella, 
Ascaris and Dirofilaria (she also had pain over the heart). They 
had an outdoor dog. Her blood test showed a high phosphate and 
alkaline phosphatase level showing she was dissolving her bones. 
After changing her diet to include milk, extra oyster shell calcium 
(one a day), magnesium oxide and vitamin Bg, and reducing her 
meat and grain consumption her phosphate level went down to 
normal (below 4). She did the kidney cleanse and liver cleanse as 
well as parasite program but still had pain. A toxic element test 
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revealed lead in her bones. It was traced to a drugstore variety 
multivitamin tablet she had taken daily for years. When she 
stopped these and added prescription vitamin D (50,000 units) for 
three weeks to help her bones heal she got relief. 


Gail Hildebrand, age 62, had painful arthritic hands and gum disease. 
She had 12 parasites free-loading on her and was toxic with as- 
bestos. This was traced to her clothes dryer. Four months later, 
after killing parasites, her hand pain and gums were much better. 
She had the dryer vent taped up tighter and this got rid of her as- 
bestos problem. She started on kidney herbs and in one month 
saw that her enlarged knuckles were beginning to go down. 


Norma Littrell, age 53, came in for her severe arthritis of six years. Her 
knees, shoulders and hands were painful. | explained to her that 
painful shoulders did not belong to the arthritis picture but had a 
gallstone etiology which she could easily fix in a single night at a 
later time (liver cleanse). She also had mid-back, upper back and 
lower back pain; again the upper back pain belonged to the liver 
problem. She had tricalcium phosphate kidney crystals as well as 
uric acid crystals. She was told to go off coffee (no decaf either), 
decrease her meat and grain consumption (phosphate) and in- 
crease milk and use 
stone ground cornmeal 
products (genuine stone 
ground tortillas as well as 
pickled pigs’ feet are high 
in utilizable calcium). She 
started on the kidney 
herbs. In 33 days her low 
back pain had improved a 
lot, she could wash her 
own hair again and she 
could sit down and get up 


from her living room floor : 
without pain. She was Fig. 17 Stone ground corn tor- 


elated but we tillas, high in calcium. 


recommended less stress 
than such exercises for her joints. 
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Patricia Robinson, age 76, had pain in her knees, feet, lower back, 
hands and wrists. Also in her shoulders and upper back which is 
not part of the arthritis 
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picture. She had swollen puffy eyelids which is a telltale sign of 
Ascaris. She had heartburn, cold feet and insomnia as well as high 
blood pressure. She was on several medicines. We started her on 
the kidney recipe and ornithine (four to eight as needed at 
bedtime) for sleep. We hoped she could stop her Ativan™ drug 
soon. She was to go off coffee, tea and decafs. Her hands were 
knotted and misshapen at the joints, also tender. Two months later 
there was little change; her doctor had put her on Prozac™ and 
she hoped that would do a lot for her (so she stopped the kidney 
herbs) but it didn't. The parasite test still showed Ascaris and she 
was started on the parasite program. We also found fluoride (from 
toothpaste), iridium, samarium and palladium, all from her tooth 
implants. She was to remove as much metal as the dentist could 
replace, clean cavitations, and take thioctic acid, 2 a day, to help 
clear metal from her body. In four weeks the sharp pain in her 
back was gone and in three more weeks the pain in her hands was 
gone. 


Lynne Snyder, 72, had pain in every joint and had to be on pain medi- 
cine to keep moving. Her potassium level was very low (3.6—an 
adrenal/kidney problem), and she was started on kidney herbs, 
carrot juice, vegetable juice and bananas. In ten days she could 
feel some new energy but her pains were terrible, especially her 
knees. She was taken off tomato juice, cranberry juice, citrus, 
pepper (she was using a lot), and given buttermilk as a beverage 
which she enjoyed. After three weeks of kidney herbs she was 
started on parasite killing herbs. In another month her arthritis was 
much better. She was not on any pain medicine and could get to 
sleep without it. She thought it was mostly going off pepper that 
helped. 


Rheumatoid Arthritis 


When inflammation and swelling affect your joints, besides 
pain, it is called rheumatoid arthritis. In addition, a blood test 
may reveal “rheumatoid factor” to be present. In this case, the 
common tiny round worms have invaded your joints. These are 
Ascaris, Ancylostomas, Strongyloides, and Trichinella. Their 
eggs are everywhere around us, in dust and dirt and the filth un- 
der fingernails and our own bowel movements. 
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Superior sanitation is your first defense. Rinse fingernails in 
alcohol after cleaning up bowel movements or changing diapers. 
Never, never, tolerate long fingernails in any family member. If 
this discipline can't be enforced, do not allow food preparation 
by “long nails” unless gloves are worn. He or she may not be 
getting ill (yet) from the family parasites, but you are. Of course, 
you can kill them with a zapper (internally, not the ones under the 
nails) but that is after you have been infected. They are easily 
picked up again. It would be wise to zap for roundworms every 
week, just in case. 

Make sure your pet is treated with parasite herbs or by zap- 
per as well. A pet that goes outdoors will quickly (the very next 
day) bring these roundworms into the house again. Give away 
your pets if possible. 

Check for dental problems. Do the Dental Clean-Up (page 
409). Then do a Kidney Cleanse and Liver Cleanse. 

You may relieve your pain and begin to heal immediately 
after zapping but it is wise to do all the health programs, anyway. 
Change your diet. Reduce phosphate, start using sterilized milk 
for calcitum. Switch to fish from meats. Drink much more water. 
Use only harmless beverages (see Recipes) and foods. Switch to 
toxin-free body products. Live in a non-toxic house. Stay on a 
maintenance parasite program of herbs, and zap regularly. Stay 
on the kidney cleanse for three to six weeks and repeat a one- 
week session every few months to keep removing deposits which 
may also choose these sick joints to settle in. Knees are a 
favorite location for rheumatoid arthritis. Knees are very 
dependent on kidneys. 

To summarize, do everything as for osteoarthritis, empha- 
sizing the roundworm parasites for elimination. 
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Allergic Arthritis 


A prominent food toxin that is said to affect knees is piper- 
ine, found in the pepper family which includes black and white 
pepper (not cayenne). The Solanaceae family of plants (potatoes, 
tomatoes, eggplant, tobacco!) also has a common “allergen” that 
produces joint pain. Try going off these for two weeks to see if it 
helps. Two more chemicals that can trigger arthritis-like pain are 
hippuric acid and phenylisothiocyanate (PIT). 

Your body makes large amounts of hippuric acid, up to a 
gram a day. It is the product of benzoic acid detoxification by the 
liver. Quite a few fruits contain natural benzoic acid. But we can 
easily triple and quadruple our benzoic acid intake by consuming 
commercial beverages and pastries where benzoic acid is used 
as a preservative. It is indeed a “natural” preservative. All of it 
must be detoxified, though, and this gives us way too much 
hippuric acid. The kidneys are unable to excrete such overloads 
of hippuric acid, so it distributes itself in our organs. I suspect a 
simple mechanism could explain its pain-triggering action: 
hippuric acid molecules could attach themselves to our cell's 
conductance channels keeping the gates jammed open. This might 
invite bacteria and viruses to enter there. But there are also 
hippuric acid-loving bacteria that feed on it. Perhaps hippuric 
acid can cause pain without the help of bacteria. This requires 
further study. It is only sensible for persons with chronic pain not 
to consume benzoic acid (or benzoate) preserved foods. 

PIT is a food chemical found especially in chicken, eggs, the 
cabbage family, peas. PIT is also part of the body's own chem- 
istry, taking place in the liver, and involving detoxification of 
cyanide-containing foods. Many vegetables, notably the cabbage 
family, contain such cyanides, giving them protection from 
insects, disease, and grazing animals. It can take the liver a 
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week to detoxify a meal full of these cyanides: in the meantime, 
PIT levels are higher in the body. PIT is very reactive. In fact, it 
is the chemical used as a general reactant with amino acids in the 
well known Edman degradation reaction. But now, your body is 
the reaction flask, supplying the amino acids. Since all organs 
supply amino acids, it is no wonder they can all react to PIT, 
giving you multiple allergic reactions and pains. 

If you have any kind of arthritis, stop eating the high-PIT 
foods and clean the liver until you are free of all allergies you 
are aware of. This suggests that the liver is capable, again, of 
detoxifying the cyanides for you in a reasonable time and you 
may eat them again. These foods do have many benefits, of 
course. 

Joint pain, or arthritis, was known in antiquity long before 
dogs and cats were household pets and giving us their parasites. 
Pigs and horses harbor these roundworms too and may have been 
the source at that time. 

Herbs and treatments that help arthritis are, therefore, plenti- 
ful. Maybe they act by killing roundworms, bacteria, and viruses, 
or help metabolize hippuric acid and PIT. Homeopathic 
treatments, as well as massage, heat and electronic devices also 
help. With this wide range of effective treatments dating to the 
distant past, why is none of them a permanent cure? The answer 
is simple. The common roundworms are everywhere about us, 
sanitation is poor, and our civilized lifestyle leads to deposit 
formation that invites bacteria. But knowing this, you can stop 
your pain and remove the causes to become one of the first hu- 
mans to achieve a permanent cure. 


Verna Plumb, age 46, was diagnosed with rheumatoid arthritis four 
years earlier. Since then she had been continuously on 
methotrexate™ and prednisone.™ This had caused her to gain a lot 
of weight from water retention. The drugs were no longer effective 
and she would need to do something else very soon. She had the 
typical causes: her body was toxic with mercury and nickel from 
tooth fillings. Her kidneys were full of five kinds of 
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stones. She had numerous roundworm parasites including two 
kinds of Ascaris, two kinds of hookworm, Strongyloides and Tri- 
chinella. She would have to clean everything up to get relief. She 
started on the kidney herbs, killed parasites with a frequency gen- 
erator and in two months noticed her swelling was receding. 


Camille Franklin had hands that were swollen and hot and painful. She 
also had “arthritis” in shoulders and knees. We explained that 
shoulders were not part of the arthritis picture. She could deal with 
that in a single evening, soon. She also had bone spurs at sinuses 
which needed surgical removal. Her kidneys revealed tricalcium 
phosphate crystals. She was given a diet change; onto milk, fruits 
and vegetables, off other beverages, less meat and grains. She 
was started on kidney herbs. In five weeks all the swelling and 
redness and heat was out of her finger joints. 


Thigh Pain 


Inner thigh pain often stems from the sciatic nerve which is 
suffering pressure at the lower back. If this is so, chiropractic 
adjustments should help. The correct treatment, after killing 
bacteria electronically, is to clean up the entire kidney area using 
the kidney herb recipe. 

If this is not the correct explanation, (and you're not getting 
pain relief) you may have a trauma—perhaps you overstretched 
your leg in some exercise. The minor trauma invited bacteria to 
settle there and give you pain. 

If the pain recurs after clearing it several times, there must be 
a chronic source of bacteria. Since the kidneys are already 
cleaned, consider the teeth, as well as recurring parasites, and 
the liver. Clean the liver every two weeks until 2000 or more 
stones have appeared and no more appear. This could take 1-2 
years. Be patient. Do a dental clean up. Keep killing the bacteria 
so they can't spread. And, of course, let the painful leg rest. 
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Hip Pain 

Hip pain is always due to bacteria. In fact, these bacteria 
regularly come from two sources: the kidneys and the teeth. This 
simplifies the treatment since neither of these places takes a long 
time to clear. 

Start yourself immediately on the kidney cleanse (page 549) 
to clean your kidneys. Continue on the recipe until the dental 
cleanup has been completed. Both must be clean together to stop 
exporting bacteria to the hip. 

The dental cleanup could take several weeks if extensive 
work is required. During this time, kill all parasites electroni- 
cally. Keep killing bacteria, especially Staphs, Streps, Clos- 
tridia, Campyls. 

The dental problem is not always on the same side as the hip 
pain. The jaw may be very fragile and porous, full of invading 
bacteria. Cleaning these cavitations may give immediate pain 
relief in the hip (proving the bacterial source). But getting the 
jaw bone to heal by taking up calcium again is not guaranteed by 
the cleaning process. 

Give your jaw bone every chance to heal: 

¢ Start taking vitamin D (40,000 to 50,000 u.), every day for 
three weeks from the day of the dental work or before. 
After this, take it twice a week forever. Do not take more. 

¢ Take vitamin C (1+ gm a day) and Bg (250-500 mg a day) 
for healthy gums. 

¢ Get one gram of usable calcium in your daily diet. 





Bone Strengthening 


Vegetable calcium can't be dissolved by our stomachs 
(ruminants, like cows, can dissolve it—they have an extra 
stomach loaded with special bacteria who do the actual retriev- 
ing of calcium). Tablet-form calcium can't be dissolved well 
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either, especially as we age. We need predissolved calcium if a 
little is to go a long way. 

Primitive people who lived on fish or stone-ground meal ate 
4-6 grams of calcium a day.° Even if only 20% of this got dis- 
solved, they would still have about 1 gram of utilizable calcium 
for themselves. Chances are good they dissolved even more, 
since they were young (life expectancy was less than 50 years). 
Their skull remains show beautiful, cavity-free teeth. They lived 
outdoors, mainly, so getting enough sunshine-derived vitamin D 
was not a problem. Their natural diet supplied enough vitamin B» 
to protect them from UV (ultraviolet) damage from sunshine 
exposure. 

But these are civilized times. Our lives are stretched into old 
age, when our stomachs no longer produce enough acid to kill 
bacteria, nor to dissolve the minerals in our food. So they need to 
be dissolved for us. Milk is a beverage where the calcium has 
already been dissolved by the other ingredients. The lactic acid 
in milk formed during digestion gives the calcium the correct 
chelated structure for absorption by the intestine. Even the bile 
participates in calcium absorption. Milk also contains phosphate, 
but not too much to be useful. I recommend milk as a calcium- 
source to heal the jaw bone after and before dental work. You 
need 1+ grams a day. One quart of milk has 1 gm (1000 mg) of 
utilizable calcium. You absorb only 250-400 mg. The rest is 
excreted and eliminated. Only the absorbed calcium can heal 
your jaw bone. Use milk in cooking as well as a beverage. The 
calcium in it is indestructible. 

Bones are not made of calcium alone. Magnesium is essen- 
tial. Since magnesium is more soluble and easy to assimilate than 
calcium, the tablet form (magnesium oxide, 300 mg, see 


®Read Nutrition and Physical Degeneration by Weston A. Price, 
DDS first published in 1939. At least, gaze at the pictures. Ask your 
library to buy a copy, available from Price-Pottenger Nutrition Founda- 
tion, (800) 366-3748. 
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Sources) will do. If you are not absorbing the magnesium it will 
stay in your intestine and act as a laxative. If this happens acidify 
your stomach during meals: always add fresh lemon, vinegar, or 
vitamin C to your food or drink to help digest milk and dissolve 
minerals for you. Boron (3 mg. once a day) and manganese (15 
mg. once a day) are additional bone hardeners. 

When your diet is improved, your dental problem is cleared, 
and your kidneys are clean, your hip pain will stay away and you 
can stop thinking about hip replacement surgery. 


Mary Hammond, 48, had two painful hips. She was diabetic and 
drinking five cups of coffee a day. She had Staphylococcus 
aureus infections under three teeth that she no longer had. After 
going off caffeine (caffeine may spread bacteria by making tissues 
more permeable) and getting some dental work done, her right hip 
stopped hurting. When cavitations were cleaned, her left hip 
stopped hurting too, but after a week the pain returned. She still 
had parasites and their bacteria to kill. She had solvents to elimi- 
nate and a kidney cleanse to do but she was quite enthusiastic and 
enjoyed showing off how well she walked. 


Groin Pain 


Lymph nodes are situated here, as well as in armpits and 
around the neck. Lymph nodes are your best friends. They are 
hives of activity. Your white blood cells “nest” here. Lymph 
nodes sample your body fluids (lymph) at these locations, much 
like the water department and health department sample our milk 
and water, making sure they are pure and sterile. Of course, they 
never really are. But your white blood cells keep working at it. 
They are busy removing impurities like zirconium and titanium 
and pathogens like bacteria and viruses. 
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When an especially challenging dose of 
parasite or pollution arrives at the node, it 
enlarges, in order to handle the bigger 
sized task. This enlargement can be felt. It 
may press against other organs and you feel 
the pain of pressure in the groin. This 
should alert you, of course, to the danger. 
Kill the parasites and pathogens immedi- 
ately with your zapper. Start the kidney 
cleanse. Stop using toxic products and 
eating toxic food. If you are being effec- 
tive, the lymph nodes will begin to shrink 
in a few days, relieving the groin pain. If it 
does not come back, you probably elimi- 
nated the main cause. But if it recurs, try to Fig, 18 Your lymph 
diagnose it accurately. Test yourself for nodes are your best 
HIV and AIDS and then to pet saliva, dairy friends. 
products and other disease specimens. Stop 
reinfecting from humans or pets or dairy food. Assist your body 
by cleaning up your dentalware, and environment. Check all 
supplements for toxins before using them on a daily basis. (If they 
show up in your white blood cells a few minutes after eating 
them, there is a toxin.) If your groin pain doesn't go away, you 
probably missed something! 

There are other causes of groin pain, though, such as hernia. 
A physician will help you identify it. Have it surgically repaired. 
The Shouldice Hospital’ has the best surgical record and will 
disclose their statistics! You won't even need full anesthesia 
there. 

Pain from the ovaries is often felt near the groin. Sometimes 
a large cyst in the ovary puts pressure on the sensitive nearby 





7Shouldice Hospital, 7750 Bayview Ave. Box 370, Thornhill, On- 
tario, Canada L3T-4A3, telephone (416) 889-1125. 
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organs. The formation of cysts, cystic ovaries, is a common 
condition of cats, too. Obviously, something is not right in the 
ovaries. 

Ovaries make hormones: progesterone and estrogen. If 
bacteria (like Gardnerella, syphilis, gonorrhea) are living there, 
the ovaries are handicapped and may under-produce or over- 
produce some hormone. The first treatment should be to kill 
parasites, especially the flukes. Then kill all other parasites and 
bacteria, especially Gardnerella and enteric bacteria which can 
migrate easily from intestine to ovary. In spite of all this, the cyst 
may not shrink. In order to shrink the cyst you must determine 
what is filling the cyst. Then stop filling it. The cyst will 
eliminate itself and shrink. 

Many kinds of pollution can fill an ovarian cyst. Test for 
CFCs and PCBs. Gold is another favorite. Particulate pollutants 
like asbestos and fiberglass are often put into cysts by your body. 
Your body is wise. If these can't be eliminated through the 
kidneys or bile, it will at least keep them all together (in the form 
of a cyst) the same way a toxic dump spares the rest of the 
landscape. As long as you are adding to it, it cannot get smaller. 
Fortunately, your loyal white blood cells are trucking toxins 
away from your cysts every minute of every day and night. All 
you need to do is stop adding. Remove dental mental, clean up 
your body, diet, and environment. 

You will notice shrinking of cysts in three weeks. What you 
actually notice is absence of pain, implying shrinkage. Mean- 
while pain relief by killing bacteria, herbal ovarian assistance 
(try wild yam), chiropractic, pain killers are all useful. De- 
congest the area by means of a kidney cleanse. If your cyst does 
not shrink you have missed the pollutants. After it does shrink, 
stay on a regular program of parasite killing, herbal or elec- 
tronic, and improved lifestyle. 
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Ovaries may be giving you pain even without a cyst present. 
By cleaning up parasites and pollutants you can eliminate it 
quickly; much more quickly than when a cyst has formed. 

Synthetic hormones (Provera, ™ Premarin, ™ Ogen," etc.) 
are often used to clear up ovary problems of various kinds. Don't 
continue to use them when the need no longer exists. Although 
they have low toxicity, there are disadvantages such as the need 
for liver detoxification, and risk of heavy metal pollutants. 
Cancer acceleration has been seen when taking estrogens. 


M 


Low Back Pain 


We have been told that lower back pain originates in an in- 
herited weakness of the spine at its base because we humans 
walk upright instead of on four legs. And we have been told that 
the bony hooks that keep the spine aligned are flatter in some 
families, making it harder for them to hold the spine together. We 
are also told that “proper exercises” could have kept this part of 
our bodies strong so lower back pain could be avoided. 


These theories become obsolete when, with- 
out surgery or exercise or change in posture, 


lower back pain can be made to disappear 
quickly and permanently. 





Acupressure massage and_ chiropractic can _ bring 
“miraculous” relief. The most severely crippled lower back pain 
sufferer can shuffle lamely into a chiropractor's office and walk 
out normally, without pain or painkiller after treatments. So al- 
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though there has been slippage of disc or spine, apparently it 
goes back into place rather easily. 

If muscle relaxation is the clue, we must ask why these 
muscles spasm so easily. Any muscle spasms if you irritate or 
injure it suddenly. In fact, your whole body spasms and flinches 
if a sliver or bit of broken glass is in your shoe. If you remove 
these objects, the leg can walk normally. 

Oxalic acid crystals are as sharp as broken glass. Use the 
kidney cleanse (page 549) to dissolve them and other stones. All 
lower back pain can be cured by removing the sharp crystals in 
the kidneys. It takes about three weeks to dissolve them. In some 
very severe cases, it may take six weeks. 





Whether you have suffered a year or 20 years, the permanent 


cure is only weeks away. 





Our bodies make eight or more different kinds of kidney 
“stones.” The oxalic acid variety is associated with sharp stab- 
bing pains. In its effort to eliminate this extremely vicious acid 
your body neutralizes it with calcium first to make calcium ox- 
alate. Your kidneys can keep a bit of calcium oxalate in solution 
but not a lot. The excess hardens into crystals. A glass of regular 
or iced tea (not herb tea or green tea) has about 20 mg’ of oxalic 
acid—way too much for kidneys to excrete. Tea is a toxic drink, 
not to be considered a beverage. Chocolate is very high in ox- 
alate, too, and should not be used as a beverage (as cocoa). 

Children should never drink tea or cocoa. Their delicate 
kidneys should not be faced with the daily burden of excreting 
large amounts of oxalic acid. And calcium used to neutralize 


STaken from Food Values 14th ed. by Pennington and Church, 
1985. 
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oxalic acid is wasted. Calcium is a precious nutrient. It should be 
conserved for children's bone development. 

It isn't necessary to find which variety of kidney crystals are 
causing your muscle spasms. Different herbs dissolve different 
kinds. And by combining them into a grand herbal mixture you 
can be dissolving all varieties at the same time. 

Wherever oxalate crystals have formed, a particular bacte- 
rium, Proteus vulgaris, can be found. Does that bacterium 
somehow thrive on oxalate crystals? Or even help them form? 
Does Proteus itself contribute to lower back pain? Is lower back 
pain in reality two pains in one—the sharp jabbing of glass-like 
particles plus the inflammatory effect of bacteria? Fortunately, 
you can kill Proteus vulgaris electronically. 

By using your new diagnostic skills, you can test your kid- 
neys for crystals. The kidney stone varieties I have tested for are: 
calcium oxalate, uric acid, cysteine, cystine, monocalcium 
phosphate, dicalcium phosphate, tricalcium phosphate. All 
these varieties can be dissolved by the herbal mixture. But all 
can be formed again in a week! 

To prevent oxalate formation stop drinking oxalic acid 
(eating oxalate rich vegetables is not significant—spinach, chard, 
rhubarb and sorrel all have their place in the diet). Also take 
magnesium and Bs supplements (as directed in the kidney 
cleanse). 

To prevent phosphate crystals from forming, reduce phos- 
phate consumption and drink milk as a calcium source. Keep 
your kidneys squeaky clean with herbs and copious water 
drinking. After drinking one quart of sterilized milk, two pints of 
water, one-half glass of homemade fruit juice and one-half glass 
of vegetable juice, there is little desire for additional beverages. 

I have no understanding of what may cause cysteine or cys- 
tine stones (the genetic theory does not explain them either, 
considering that people without cystinuria make these stones). 
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Since they are sulfur-containing, and I have seen them appear 
after taking sulfa-drugs, it may be wise to avoid use of sulfa- 
drugs if you have a choice, or go on the kidney cleanse after- 
ward. 

If you have severe lower back pain you probably have sev- 
eral kinds of stones. Some persons have all seven kinds! 


Rosie Zakar, age 30, came to see us because her mother was cured 
of lower back pain so severe she could do no housework for 30 
years. Rosie had the usual crystals in her kidneys: oxalate, urate 
and phosphates. She was started on the kidney herb recipe. In 
three weeks she was so much better she would have missed her 
appointment if she had not wanted to cure her digestive problem 
and fatigue too. 


Vera Vigneault, age 32, came mainly for help in getting pregnant but 
she already had lower back pain and mid-back pain. If she had 
gotten pregnant before clearing this up, she might have developed 
eclampsia and high blood pressure which are kidney-related 
disorders. She was started on kidney herbs for these. She chewed 
gum a lot and had bleeding gums. She stated her bad teeth were 
hereditary (meaning other family members had bad teeth also). 
For this she was instructed to stop chewing gum, start drinking 
three glasses of 2% milk a day and take a vitamin A&D perle. She 
was to floss her teeth once a day. (All floss varieties are polluted 
with mercury and thallium. Use monofilament fish line, 2 to 4 lb. 
weight.) Immediately after flossing she was to brush them with a 
new very soft toothbrush with five drops of 172% food grade 
hydrogen peroxide. She was to avoid brushing teeth with metal 
fillings to reduce erosion. She was to brush them a second time 
without flossing first, this time with five drops of white iodine 
(potassium iodide) made up by the pharmacist, again avoiding the 
metal. She had only oxalate kidney stones and was to stop drinking 
regular tea, replacing it with single-herb teas. In five weeks her 
gums were better although she was still chewing a little gum and 
the "peroxy" had been too painful for her to use. Her low back and 
mid-back pains were gone too. 


Gerhard Rogers, age 39, came for his lower back pain and leg 
cramps. He had mono, di and tricalcium phosphate crystals in his 
kidneys. His diet was changed to reduce phosphate (meat, cereal, 
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breads, pasta, carbonated beverage) and increase calcium and 
minerals. He was to drink three glasses of 2% milk a day and to 
start the kidney herb recipe. In 25 days he had only minor im- 
provement. He still had phosphate crystals. He was afraid to drink 
milk because he had heard so many bad things about it. He was 
told to boil it first to eliminate these “bad things”. A toxic element 
test showed a buildup of copper, arsenic, cobalt, cadmium, lead, 
thallium, vanadium and radon. This could easily explain his leg 
cramps, headaches and sleep problem, too. The arsenic came 
from pesticide, cobalt from detergent, thallium and copper from 
tooth fillings. The vanadium was fixed by having the gas pipes 
tightened, and radon could be reduced by improving ventilation 
under the house. He was thankful for the information and set about 
cleaning up his body and environment. 


Alberta Mellos age 52, came in for lower back pain and upper back 
pain. It was explained to her that lower back pain was simply due 
to tiny stones cutting into her tissues but upper back pain was due 
to gallstones. She could clear her low back pain first. The kidney 
test showed she had oxalate and cysteine crystals. She was 
started on the kidney herb recipe. Nineteen days later she arrived 
with a cold but stated that her low back pain was gone. 


Glenn Dirk, age 62, called on the telephone to say his urination had 
stopped, probably due to kidney stones. This had happened once 
before and now he was in a panic. He started our kidney herb 
recipe the same day and passed 117 stones the same night with- 
out bleeding or enough pain to need painkiller. After this, he could 
focus on his prostate enlargement and pain with sitting. He had 
intestinal flukes and other stages in his prostate gland as well as in 
his intestine. He also had Clonorchis (human liver flukes and their 
eggs) in his prostate. He had carbon tetrachloride methyl! butyl 
ketone and TC Ethylene from food pollution accumulated there too. 
After stopping grocery store beverages and killing parasites with a 
frequency generator, he could urinate normally, freely and without 
pain. 


96 


PAIN FROM TOE TO HEAD 


Lower Abdominal Pain 


The lower abdomen on the left side has the sigmoid colon as 
it comes down and bends. This is a favorite location for larger 
parasites to settle permanently. Flukes, roundworms, parasites of 
all kinds and their attendant bacteria and viruses can be felt if 
they produce gas and pain. Sometimes they live perfectly quietly, 
seemingly in harmony with us. 

Moving the bowel more frequently expels them repeatedly 
and prevents their numbers from getting very high. Nature may 
help you with this by setting up diarrhea. Diarrhea is your clue 
that intestinal freeloaders are present. 


The small intestine leads 
into the colon at your 
lower abdomen on the 
right side. At the junction 
is the ileocaecal valve that 
prevents backwash, and 
the appendix. The 
ascending colon goes up 
your right side then 
becomes the transverse 
colon that crosses your 
abdomen at the belly 
button level. The colon 
descends on your left 
side, leading into the 
sigmoid. Fig. 19 Colon. 





E. coli and Salmonella and Shigella are “enteric” (they live 
in your bowel) bacteria that can give you severe abdominal dis- 
tress and pain. In fact, you can become a chronic sufferer. They 
can live on hands and under your fingernails, so reinfection from 
yourself is the most important source. Never, never touch your 
fingers to your lips. Most importantly, don't try to stop 
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your frequent bowel movements. 
They will stop on a dime when your 
parasites and bacteria are dead and 
gone. 

Other sources of E. coli are 
personal water bottles, other peo- 
ple's hands, hands that have changed 
baby diapers or cleaned bathrooms. 

Hands do everything. To 
eliminate their threat of reinfection, 
cut out the section on hands (page 
397) and paste it on your refrig- t 
erator. “ 





Stomach Pain Fig. 20 Keep personal 


Our dairy foods are polluted Water bottles sterile. 
with Salmonella and Shigella bacteria. It is impossible to 
operate a dairy without getting some cow manure into the milk. 
Although udder wash contains antiseptic it does not kill all 
manure bacteria. Later, when milk is pasteurized, many heat 
sensitive bacteria are killed like the “friendly” streps and 
staphs, but not all the harmful Salmonellas and Shigellas. Some 
survive to colonize the milk, then later infect the consumer. Only 
milk that is sterilized is safe. A commercial source of sterilized 
(safe) milk can sometimes be found on the shelf (unrefrigerated). 
If it had any bacteria, it would not survive shelf life for more than 
one day! 

You may not notice any discomfort from drinking milk, 
buttermilk, or eating yogurt without sterilizing it. Your stomach 
acids may be strong enough to kill them, or your liver able to 
strain them out of your body fluids and dump them, dead, into 
your bile ducts. Or they may live quietly in some part of the 
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bowel where you feel no effects. Sterilize all your dairy foods by 
heating at the boiling point for 10 seconds, even if you have no 
symptoms. 

If you are intolerant of milk it doesn't mean that _you_are 
lactase deficient, but that you are unable to kill any Salmonellas 
and Shigellas. These, in turn, can make you lactase deficient via 
frequent diarrheas. You can correct this situation by not eating 
any more bacteria. Give your body clean food, as intended by 
nature. Don't eat any deli foods, don't eat salad bar food or res- 
taurant food unless it has been baked or cooked. Never eat 
chicken or red meat at restaurants. They are not thoroughly 
cooked. 

As soon as a new abdominal pain or discomfort, or a gassy 
condition appears, zap bacteria and try to eliminate your bowel 
contents. Use the herb, Cascara sagrada (follow directions on 
label) as a laxative, or Epsom salts if necessary. Also start the 
Bowel Program (page 546). 

If you have chronic abdominal problems, make sure you 
eliminate the bowel contents two or three times a day. There are 
herbs that can kill enteric bacteria, known to our ancestors of 
various cultures. Echinacea was a treasured herb of American 
Indians. Goldenseal is another favorite. Turmeric can kill E. 
coli and some Shigellas. Fennel can also kill some. But a single 
dose of Black Walnut Tincture Extra Strength seems to do the 
most. Make it yourself if possible (see Recipes, page 543). 

If your body has lost its ability to kill Salmonellas and Shi- 
gellas, all the antibiotics and herbs and good bowel habits can- 
not protect you from these ubiquitous bacteria. You could ask 
how you lost your natural protection from them. There is evi- 
dence that common antibiotics that kill Streptococcus and 
Staphylococcus varieties are responsible. 

A fraction of your bowel bacteria should be the friendly 
Strep. lactis and Staph. epidermidis. After repeated doses of 
penicillin-like antibiotics (that you may be taking for your strep 
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throat) they are eradicated along with the “bad” Strep. pneumo- 
niae bug. No amount of acidophilus culture (which contains ac- 
tive Lactobacillus) can replace these Streps or Staphs. 

In mice, it takes a million Salmonella bacteria to start an in- 
fection. After giving them streptomycin, it only took 10 bacteria 
to infect them! Your intestines are similarly handicapped after 
antibiotics, and allow even very small amounts of Salmonella 
and Shigella to escape and multiply! 

Try to get some natural killing power back. This means im- 
proving the stomach's ability to produce acid and the liver's 
ability to make bile. In turn, this means getting the toxins out of 
the stomach and cleaning the liver. Certain toxins accumulate in 
the stomach when the liver and kidneys can't keep up with 
elimination. Arsenic is a prominent stomach toxin. Get all 
sources of arsenic removed. Freon is another stomach toxin. 
Switch to a non-Freon containing refrigerator. 

The metals from dentalware: mercury, silver, copper, thal- 
lium, first are swallowed and then land in the stomach. Clean up 
your dentalware. Toxins you inhale such as asbestos, formalde- 
hyde, fiberglass, also are coughed up and swallowed to accu- 
mulate in the stomach. Test for them and clean up your 
environment. Any stomach can recover a significant part of its 
function by cleaning it up. Even though you regain your tolerance 
toward minute bits of filth in dairy products, do not go back to 
unsterilized milk products. 


Appendicitis 


The lower abdomen on the right side has the valve that sepa- 
rates the small intestine (ileum) from the large intestine 


°Sherwood L. Gorbach, M.D., Perturbation of Intestinal Microflora, 
Vet Human Toxicol 35 (Supplement 1) 1993. 
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(caecum) called the ileocaecal valve. It is a common trouble 
spot because large parasites can attach themselves behind it and 
keep themselves safe from elimination. (A parasite's biggest 
worry is your elimination.) It is a favorite location for pinworms 
in children. It is near this point where the appendix attaches and 
this, too, is a favorite location of pinworms. With an appendix 
full of pinworms and their bacteria, is it any wonder when it gets 
inflamed and causes pain? 

Appendicitis refers to inflammation of the appendix. Often, 
the pain isn't felt over the appendix but over the navel (this is an 
example of pain being caused at one location but felt at another; 
it is called referred pain). If there are any suspicions of appen- 
dicitis, zap pinworms and all enteric parasites and bacteria im- 
mediately. Because the current does not penetrate the bowel 
contents very well, zap every day for two weeks and take 2 tsp. 
(Yatsp. for children) Black Walnut Hull Tincture Extra Strength 
one time. Make sure bowel movements are regular after this (see 
the Bowel Program, page 546, for hints) and hands are washed 
after bathroom use and before eating. Keep fingernails short for 
the whole family. 

If appendicitis does not clear up it can lead to a burst appen- 
dix, spewing the dreadful contents into the abdomen. Kill pin- 
worms and roundworms and enteric parasites regularly (once a 
week) in children. Keep pets on a regular diet of parasite-killing 
herbs. 


Urinary Tract Pain 


Urinary tract infections, including bladder, kidney, and ure- 
thral infections, are easier to clear up than to test for. Start by 
drinking a half gallon of water a day. Put yourself on the kidney 
herb recipe (page 549). This will dissolve the tiny crystals 
where bacteria hide and multiply. 
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Common urinary tract pathogens are Gardnerella, Proteus, 
Trichomonas, Campylobacters, E. coli, and Salmonellas. Sex 
will give you an instant dose of your partner's urinary tract bac- 
teria. Make sure both of you clean up the urinary tract by zapping 
and doing the Kidney Cleanse. 


Irritable Bowel Syndrome(IBS), 
Colitis, and Spastic Colon 


are all conditions that combine parasite and bacterial prob- 
lems plus an allergic trigger. If dairy foods trigger yours, you can 
guess it is not allergic at all but simply Salmonella or Shigella 
infection. Boil all dairy foods, stop eating ice cream, cheese and 
yogurt which you cannot boil. If eating lettuce triggers your 
intestinal attack, but other roughage does not, it may be a true 
allergen and cleaning the liver will eventually cure it. Apples, 
cinnamon and other “allergic” foods can be salvaged the same 
way. Wheat “allergy” is due to the pancreas being full of 
pancreatic flukes, wood alcohol, Kojic acid (a mycotoxin), and 
gold. 

All these bowel diseases are quite easily cured by killing all 
parasites, bacteria, and viruses. Since reinfection is such a big 
problem, give your pet away until you are completely cured. 
Have your pet on the herbal parasite program before bringing it 
back. Clean up your diet, dentalware and environment. Your 
abdomen will be happy once more and grateful to you for your 
kind attention. Remember that zapping does not penetrate into the 
bowel contents. It kills only the outside layer of pathogens. For 
this reason you should zap daily for several weeks. For this 
reason, too, I recommend the Bowel Program (page 546) and 
Black Walnut Hull Tincture Extra Strength even though you may 
have gotten immediate relief from zapping alone. 
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Crohn's Disease 


is somewhat more serious because the sores are higher up in 
the digestive tract. This is because sheep liver fluke and pancre- 
atic fluke are commonly the main parasites and these live in the 
pancreas and liver. They often spill over into the upper intestine. 
Salmonella and Shigella are always part of the picture, too, as 
are various amoebae and fungi. The treatment is the same, kill all 
parasites and remove all pollutants, especially wood alcohol in 
commercial beverages. Healing of the digestive tract is very 
quick, often in a week. Reinfection is very quick too, if the rule 
about cooking dairy foods is not observed. Keep up meticulous 
hand sanitation. 


Michelle Whorton had stomach pain at the middle of her abdomen, not 
related to eating. She had occasional very bad diarrhea and also 
daily headaches. She was started on the kidney herbs for other 
reasons. Her diarrhea disappeared! We found she had Ascaris 
(probably in her stomach where they cause indigestion and in- 
flammation). She zapped them with a frequency generator set to 
408 KHz for three minutes at 10 volts. She was to be very careful 
with sanitation since they owned a number of farm dogs. Next seen 
after six weeks, she stated that all her previous problems were 
gone but she had a different pain in the mid-lower abdomen that 
got worse during her period and sent pain shooting down both 
legs. 


This turned out to be uterine in origin, but not endometriosis. Her 
uterus was full of asbestos, arsenic, gold, silver, titanium, propyl 
alcohol, benzene, styrene, toluene and carbon tetrachloride. This 
would invite any bacteria toward it! 


Mark Lippman, age 51, came in for his irritable bowel syndrome, hop- 
ing we would find Giardia and put an end to it quickly. Actually, he 
had intestinal flukes, beginning to invade the liver. He also had 
propyl alcohol built up in his body giving him a precancerous con- 
dition that needed immediate attention. The flukes were killed in 
twenty minutes, along with Ascaris (he had swollen eyelids). He 
was allergic to milk as could be expected with so much interfer- 
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ence with digestion. He was immediately better and did not need to 
come back. 


Billy Henry, a 9-year-old boy, had diarrhea daily and stomach aches. 
He also wet the bed. There was an indoor pet dog and a bird. 
Electronic testing showed he had two kinds of Ascaris and pin- 
worms. His young body also had a buildup of benzene, moth balls 
and carbon tetrachloride that he was eating, drinking, and 
breathing. His bed wetting stopped after killing parasites with the 
herbal program. His other problems recurred until he was older 
and could stop licking his fingers when eating. 


Tom Ochs, age 36, had chronic stomach problems, alternating consti- 
pation and diarrhea, was labeled “lactose intolerant’ after an 
elaborate test, and finally had been diagnosed with irritable bowel 
syndrome. Actually, he had Ascaris, besides other smaller para- 
sites. He was also toxic with cesium from drinking beverages out of 
clear plastic bottles. This frequently causes depression and he was 
happy to understand his mood changes. After changing to purer 
food and products and killing his parasites, he did not need to 
come back. Five months later he was able to drink all the milk he 
wanted, no longer had sinus problems and lost his IBS. 


Rex Callahan, age 5, had dark circles under his eyes, numerous ear 
infections until tonsils were removed and tubes put in, and many 
strep throat infections. Clinically, he was found allergic to dust 
mites, pollens, and animal dander. His skin got “rashy” if he drank 
too much fruit juice. He had frequent diarrhea. We found he had 
Ascaris parasites. They were not difficult to clear and he was soon 
a new person. 


David Falls, age 52, had stomach pain and numerous health problems 
stemming, no doubt, from his diagnosed Crohn's disease. He be- 
came allergic to the sulfa drugs commonly used in this disease. 
We found he had sheep liver flukes and all their developmental 
stages in his blood and intestine. He was put on the herbal parasite 
program which he found difficult to follow. Nevertheless, in three 
months his bowel was nearly normal and the pain in his intestine 
much less. 


Edward Marsili age 7, had bouts of stomach pain. He had intestinal 
flukes and a build-up of benzene in his body. This would seriously 
lower his immunity and ability to fight off tiny parasites. He was 
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using a product containing an herbal oil that was polluted with 
benzene. His parasites were quickly killed with a frequency gen- 
erator and he was put on the herbal parasite program. One month 
later his stomach felt much better, but he still had an occasional 
stomach ache. Testing showed hookworm and rabbit fluke. His 
benzene was now gone so the tendency to “pick up everything” 
was gone too. Staying on a child's maintenance parasite program 
would protect him. 


Kim Johnson, almost two years old, had lots of ear infections. It started 
at eight months so the mother took her off cow's milk and wheat. 
This stopped her ear infections until mid-winter. She had to be 
back on antibiotics and a few months ago the doctor began 
discussing tube implants with her since she was still on antibiotics 
(six months). Another ear, nose and throat doctor agreed with this 
opinion, but was willing to wait until Autumn. The baby had been 
passing a lot of undigested food and was unhappy. They were 
vegetarians. The baby nursed. Our test showed pancreatic fluke 
infestation; this would easily lead to bad digestion, especially of 
milk and gluten in wheat. Fortunately, she was nursed throughout, 
in spite of going to daycare. Simply killing the parasites (in both 
mother and baby) solved both problems and she did not need to 
come back. The ear infections were probably caused by bacteria 
and viruses brought in by the parasites. 


Cynthia Prout, age 36, brought her three children because of their 
poor health. They all, including herself, had stomach problems, a 
lot of allergies, asthma, ear infections, and milk intolerance. One 
boy, age 8, was intolerant of both milk and wheat and hadn't had 
them for years. He was infested with two kinds of Ascaris and 
pancreatic flukes. His sister, Nola, had itching legs and headaches 
besides; she was toxic with bismuth and antimony (from shampoo 
fragrance and laundry fragrance). She also showed a build up of 
vanadium, implying a gas leak in the home. The youngest, age 5, 
had frequent stomach aches and vomiting. It was a simple matter 
to kill Ascaris electronically at 408 KHz and the pancreatic fluke 
with all its stages (421 through 434) after which the children did 
fine. 


Sofia Sobel had extreme ulcerative colitis although she came for her 
headache. She had been on Prednisone for a month with no relief. 
We found she had the three large flukes plus Chilomastix, dog 
whip worm, and amoebas in her intestine (but not in body organs). 


105 


Survival Skills: How To Get Water And Syrup From 


BY TIM MACWELCH FEBRUARY 11, 2013 





Throughout much of North America, tree sugaring time is near or already underway. 
Depending on the weather and your Latitude, you will have trees with running sap 
between January and early March. Some of these trees can be sources of water if you get 
caught without anything to drink. Other trees can provide live-saving calories at one of 
the roughest times of the year for survival. 
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There were several house dogs. Her stomach and intestines were 
much too sensitive to accept parasite herbs, or in fact, anything— 


anything except slippery elm powder. This herb (1 tos. made into a 


paste first with water and then drunk as a beverage three times a 
day) paved the way for acceptance of two oyster shell calcium, 
one magnesium and one zinc tablet. Her blood test showed high 
phosphate levels since she was dissolving her bones to get cal- 
cium. She added sodium alginate (14 tsp. to a cup of vegetable 
broth soup) twice a day to help her tolerate the parasite killing 
herbs. Her children were given VMF (vermifuge or parasite killing) 
syrup. By the 12th day of the parasite program she no longer 


needed colitis medicine; her bowel movements were down to twice 


a day, soft and formed, but still with a little blood streaking. She 
loved the alginate mixed with slippery elm. She was able to eat 
fruits and vegetables but agreed to stay off wheat and corn until 
her liver was cleansed. In another week she was free from all 
abdominal complaints except a heaviness over the uterus, possibly 
due to two missed periods. The thought of pregnancy put her ina 
panic. She was instructed to induce her period (Emmenagogue, 
see Recipes). She was sure she wanted her period, not a 
pregnancy and this seemed to be her God-given right. Three 
weeks later she had a flare up of colitis due to Sa/monelia in food; 
it also gave her a urinary tract infection. This time she took 
Quassia herb to kill invaders in addition to the maintenance 
parasite program which she had begun to neglect. She had been 
very busy, had lots of energy and wasn't on medications. She 
treated her urinary tract infection with betaine-hydrochloride (to 
acidify the stomach), began using plastic utensils to reduce her 
nickel intake (see Prostate Pain, page 124)) and drank a lot of 
water. This experience taught her valuable lessons that she was 
eager to learn, benefiting her family and herself immensely. 


Rebecca Goetz, age 53, had ulcerative colitis and her husband had 
Crohn's disease. She had been on Azulfidine™ and Flagy|™ fre- 
quently. Her parasites were only intestinal flukes and their stages, 
and Endolimax, an amoeba. It was a simple task for her to clear 
her problems by killing them and by sterilizing her dairy foods. 
Wes, her husband, had three surgeries to remove sections of 


bowel due to Crohn's disease. He now had a colostomy but was on 


Advil™ for pain in the rectal area. He could hardly sit. He had been 
tried on anti parasitic medicine (Cypril™ and Flagy!™) but 
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they did no good. He had intestinal flukes and all their reproductive 
stages in his body, also pancreatic flukes, Capillaria roundworm, 
and Diphyllobothrium erinacea scolex. We interrupted his testing 
at that point. His kidneys were full of phosphate crystals— he ate 
no dairy products. He was started on half-doses of kidney herbs 
and only part of the parasite program in view of his colostomy and 
possible diarrhea. Two weeks later we continued testing, finding 
pinworms, Haemonchus, Leishmania tropica, Paragonimus, 
Sarcocystis, Steohanuris and Trichuris (whip worm.) Quassia 
was added and doses increased. His blood test showed a high 
thyroid hormone level (T4), contributory to over activity of his 
bowel He was started on goat milk, vitamin C (3 gm. daily) and By2 
shots. He was given magnets to sit on for pain. He was toxic with 
cadmium, from his old tooth fillings. But in five weeks he could sit 
comfortably without pain pills. There was less blood in the stool. 
Dental work would bring him his next big improvement. 


Benito Villamar, a middle age man, had severe side pain for several 
weeks. He was also gassy. He had sheep liver fluke and stages in 
his thymus and intestine. The thymus is under the top of the 
breastbone and is a very important organ of immune function. It is 
easily damaged by benzene. He did, indeed, have benzene ac- 
cumulated there. He was given a list of benzene-polluted products 
to avoid and was started on the parasite killing herbs after killing 
the flukes instantly with the frequency generator. Two weeks later 
his side was very much better, his benzene was gone and he was 
eager to rid himself of lower back pain, which he also had. 


Al Vickers, age 9, had stomach aches, headaches, a constantly runny 
nose and asthma. He was on Slo-Bid™ medicine and allergy 
treatment. He had a sleep problem. He also had two dogs, one rat 
and two hamsters. The dogs and he had high levels of Ascaris. He 
was zapped for Ascaris and the four common flukes (without 
testing). He was put on vermifuge syrup and Rascal capsules. This 
ended his problems and began a new chapter of better care for his 
health by his parents. 


Tim Melton, age 16, had several colitis attacks yearly, requiring hos- 
pitalization, from third grade to the present. He also drooled con- 
stantly, needing to spit a lot. (This is due to mercury toxicity from 
amalgam fillings. It is better to spit out the mercury than to swal- 
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low it.) He had intestinal flukes at a high level for which he was 
started on the parasite program. One month later he was very 
much better. He had only one diarrhea session since the last visit. 
But he still had sharp pains under both buttocks (probably due to 
kidney stones). He had been an iced tea drinker and had numer- 
ous oxalate and cysteine crystals deposited. He was appalled that 
a common beverage could be so harmful. 


Central Abdominal Pain 


can be coming from the uterus, bladder, or bowel. It is diffi- 
cult to tell which is the source. The first step is to simply kill 
enteric (bowel) free-loaders and get into good bowel habits. Gas 
and bloating should be gone. If this isn't the solution to the pain 
there may be special bladder parasites with their bacteria. 
Schistosomes prefer to invade the bladder wall. In fact, very 
many parasites temporarily invade the bladder because the body 
is trying to excrete many of them. The whole family should be 
cleared of these same parasites. Kill them by zapping. Pets 
should not be kept indoors since they have many of these para- 
sites, too, and they are easily transmitted to us. 


Interstitial Cystitis 


is one of the most painful conditions described by clients. 
Schistosomes are the real perpetrators but after the bladder wall 
is weakened, other parasites and their bacteria and viruses ac- 
cumulate here too. To regain your bladder's health all toxins must 
be cleared as well. Dental metal, environmental toxins, including 
radon, asbestos, formaldehyde, must be cleaned up. The diet, 
body products and home should be carefully searched for toxins. 
Schistosomes are easily zapped but easily picked up 
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off toilet seats and doorknobs. Always wash hands after toilet- 
ing: a single droplet reinfects you! 


Uterine Pain 


Endometriosis 


Many a woman's dreams have been shattered by her inability 
to have a child. Endometriosis is often the cause. It starts with 
painful cramps at period times. They get worse and worse until 
pain killers are necessary just to get out of bed and move about 
the house. There are flukes in the uterus! Large intestinal flukes in 
a rather small organ! Did they migrate to the uterus from the 
intestine or did they develop there from eggs? 

Sometimes sheep liver fluke is seen there. Once an avenue to 
the uterus is established, numerous other parasites move in the 
same direction: Clonorchis, the human liver fluke and even 
Eurytrema, the pancreatic fluke, can invade the uterus wall. Why 
have they taken up so abnormal a living place? Because the 
uterus has solvents in it! This is the green light for flukes. This 
disarms your organs so they are left helpless against fluke stages 
left there by the blood and lymph. Stop eating solvent-polluted 
foods. There are solvents in all cold cereals. Make cooked 
cereal. There are solvents in purchased drinking water. Drink 
from your cold kitchen faucet. There are solvents in grocery store 
bread, grocery baked goods and cholesterol-reduced foods. Eat 
none of these. Buy baked goods and bread at your local bakery. 
Stay away from “low cholesterol” foods. There are solvents in 
decaffeinated and other powdered mixes for beverages. Drink 
nothing except milk from the grocery store (sterilize it). Milk 
does not have solvent pollution. The hormones, antibiotics and 
udder wash can be tolerated—solvents cannot. 
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Beverages and powdered mixtures sold at health food stores 
are no exception. Use no powdered mixture intended for weight 
loss or weight gain, nor vitality supports, nor dietary supple- 
ments. They are all polluted. Some solvents (I often see methyl 
ethyl ketone and methyl butyl ketone) choose the uterus to ac- 
cumulate in. This sets the stage for endometriosis and fertility 
problems. Where there are large parasites, smaller ones soon 
crowd in. All bring their own bacteria and viruses. Gardnerella, 
especially, is found in cases of endometriosis, ovarian cysts and 
menstrual problems. The flukes evidently travel from the uterus 
to other parts of your body cavity, distributing bits of the uterine 
lining as they go. Once this distribution has occurred, can the 
bleeding (regular menstrual bleeding) at these extra sites ever be 
stopped? 


It stops immediately when the flukes are dead! 


Your body knows how to clean up after dead flukes and does 
the job perfectly. You can be free of pain in time for your next 
period. Zap to kill the four common flukes, Gardnerella, all 
other common parasites, and urinary tract bacteria (common ones 
include Proteus, Salmonella, Campylobacter, Chlamydia, 
Trichomonas). Avoid reinfection by avoiding solvents! It is im- 
possible not to pick up parasites. If your uterus has solvent in it, 
they will find their way to it in a day. Without solvent, they will 
not. 

The solvents will leave by themselves. Help your body get 
rid of them with vitamin C and B, (3 grams and 300 mg. re- 
spectively, daily, see Sources). 

To heal the uterus so it no longer attracts parasites, clear up 
its internal pollution besides solvents. This means mainly the 
dental metal that has piled up and environmental toxins such as 
asbestos, arsenic, fiberglass, and formaldehyde. Gold and silver 
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are especially attracted to the uterus. Don't wear gold rings or 
any metal jewelry touching your skin anymore, and, of course, get 
all metal out of your teeth. Never try to get pregnant before you 
have cleared up endometriosis. 

The advice given by obstetricians to get pregnant to solve 
your pain problem is most unwise. Indeed, pregnancy changes 
your body's metabolism and without periods you get pain relief. 
But it seems much too risky to grow a baby in an infested, pol- 
luted uterus. Fear of birth defects is an intelligent fear. Be careful 
not to get pregnant while you are killing parasites and getting 
mercury removed from your teeth. 


Healing starts as soon as all the parasites and pollutants are 


gone. 





Joanne Biro, age 22, had severe cramping pain with her periods, di- 
agnosed as endometriosis. She had adult intestinal flukes and the 
cercaria stage in her uterus. She had a xylene (solvent) buildup in 
both her brain (cerebrum and cerebellum) and uterus. She was 
started on the herbal parasite program following the kidney 
cleanse. Her next period was pain free. A check up showed she 
was free of flukes but had thallium in her immune system. Dental 
cleanup was next on her agenda. 


Denise Leyva, 22, was on birth control pills to control the growth of 
endometrial tissue. She had laser surgery previously. She had 
hexanedione and methyl butyl ketone buildup in her uterus sup- 
porting the intestinal fluke and its eggs in the uterus. There were 
also some sheep liver flukes and human liver fluke stages there! 
She was advised to stop eating cold cereals and commercial bev- 
erages and kill the parasites immediately. She had no recurrence. 


Anita Pierce, age 32, had numerous surgeries for her endometriosis. 
She also had chronic fatigue syndrome, and several allergies. She 
had two beautiful poodles in her home. She could not part with 
them so she gave them the pet parasite herbs faithfully. She had 
intestinal flukes, tapeworm stages, Ascaris and various other 
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flukes in the uterus. She had all her dental metal removed and 
home detoxified. Her body was teeming with Nocardia and Epstein 
Barre Virus (EBV). In spite of repeatedly killing the flukes and 
bacteria with a frequency generator and making herculean efforts 
she was no better off eight months later. She was unable to solve 
the problem of reinfection from her dogs. 


Christine Solton, age 27, had extremely heavy and painful periods and 
didn't stop bleeding between periods. A large cyst had been seen 
by X-ray in the uterine wall. She also had constant bladder pain. 
Both problems kept her in the bathroom most of the time (90 vis- 
its/day). She had the intestinal fluke in her uterus (probable cause 
of cyst) and Schistosoma haematobium (bladder parasite) 
throughout her body. She was started on the parasite program and 
in one week her bladder pain was under control but bleeding (from 
the cyst in uterine wall) continued. Schistosomes are very 
contagious, probably even from toilet seats and the house dust of 
an infected person. She had them again three weeks later. This 
time she zapped them and got instant relief. Her bladder and 
uterus were both full of propyl alcohol, tooth metal, fluoride, cobalt, 
zirconium, aluminum, antimony, cadmium, and formaldehyde. She 
was delighted, though, to understand her problem and made the 
dental appointment. 


Contraception 


There is an excellent pamphlet available at health food 
stores, called Wild Yam for Birth Control Without Fear!” that 
informs that 3 capsules taken two times a day provides reliable 
(perfect) contraception provided you give it a two month head 
start. Also, an emmenagogue recipe is on page 546. 


The Silent Cervix 


The cervix is a big “trouble spot” for women just as the 
prostate is for men. It seldom lets you know with pain, however, 


‘Willa Shaffer, published by Woodland Health Books, PO Box 
1422, Provo, Utah 84603. 
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that bacteria or parasites or toxins are present. Sometimes a brief 
needle-like pain does alert you to something going on there, but it 
is easy to miss. The cervix is constantly secreting a little bit of 
mucous and this helps it stay clean but why give it mercury and 
copper and gold to secrete? Many a fertility problem has been 
solved by stopping the toxic pollution of uterus, ovaries, and 
cervix. Clean up your dentalware and clean up your diet and 
environment. 

Kill parasites and bacteria regularly, every week, with the 
herbal recipe or by zapping. You should have no pain with men- 
struation, no bloating, fatigue or headaches. A PAP smear test 
should always be “good”’. If it isn't, hurry to the rescue of your 
cervix. 


Menopausal Symptoms, Hot Flushes, PMS 


Insomnia, irritability, PMS (pre-menstrual syndrome), de- 
pression, anxiety, nervousness, are all not to be expected at and 
after menopause. They may certainly be caused by hormone 
imbalances. It is these imbalances that are not normal. 


NO menopausal symptoms are normal 


After the ovaries are done with their cycles of estrogen and 
progesterone production, the adrenal glands' hormone produc- 
tion was meant to “kick in” and make up any deficit. 

During your fertile years, you were meant to have a peak of 
100 picograms/milliliter (pg./ml) of estrogen on day 9 and day 
22 of your cycle. Progesterone, on the other hand, only peaks 
once, on day 22, and it should reach a level 20 to 100 times as 
high as estrogen! After this ends, your adrenals can still keep 
your hormone levels regulated. Typical values are 20 pg./ml 
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estrogen and, again, 20 to 100 times as much progesterone. 
Keeping these two hormones in balance is just as important as 
the actual amounts. 20 pg./ml estrogen is enough to prevent 
menopausal symptoms including hot flushes, and to give you 
heart protection and bone density protection. Taking synthetic 
hormones usually gives you exactly such levels. But if your own 
adrenal glands can supply them, surely it is a better approach. (A 
blood test can tell you your levels; do it on day 21, 22 or 23 
before menopause, after menopause the day is not critical.) 
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daily progesteron levels 
daily estrogen levels eee 


Fig. 21 Estrogen and progesterone levels (pg./ml). 


Why aren't your adrenals producing them? Because they are 
hampered by parasites and pollutants! Kill all the parasites, 
bacteria and viruses, especially Gardnerella, Proteus, Chlamy- 
dia, Campylobacter, Neisseria, Treponema, Salmonella. Use 
the zapper. 

Notice that these are also the favorite urinary tract bacteria! 
This makes good sense, because the adrenal glands sit right on 
the kidneys and would be geographically close to the kidney 
bacteria. To avoid getting them back, do a kidney cleanse (page 
549) to remove all crystals where they might hide. 
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After this, hot flushes can be suddenly gone. If not, continue 
the cleanse. Meanwhile, do some permanent lifestyle improve- 
ment. Start drinking two pints of water between meals plus water 
and milk (sterilized) at mealtime. 

Don't drink cranberry juice with its copious hippuric acid 
and its solvent pollutants. You won't need such insufficient help 
after cleaning up your body, dentalware, and environment. Be- 
sides giving you a better hormone supply, your newly revitalized 
adrenals will get you through stress in better shape and keep your 
blood pressure normal. 

If bacteria are not kept down they will begin to invade other 
organs. Gardnerella goes to ovaries to feast on the corpus luteum 
after ovulation. This keeps the corpus luteum from making enough 
progesterone and PMS results. 

Menstrual problems and PMS, in general, although they may 
not be pain-causers, are a sign that all is not well with the uterus 
and ovaries. Go on a cleanup program. Kill your invaders with 
herbs or the zapper. Clear up your toxic accumulations from 
dental metal and environmental sources. 

Don't be surprised by a pregnancy! This is not the time to get 
pregnant, though. If you wish to get pregnant, clean up your body 
first, being very careful to prevent pregnancy during this time. If 
this is not under your control do your dental _work first. Since 
every cleanup job increases your fertility, it is best to get the 
mercury, thallium, copper and nickel out of your body before 
your risk of conception is raised further by making other 
improvements. Many an amalgam replacement job had to be 
halted in the middle due to pregnancy! Couples just couldn't 
believe they could have a child as a result of cleaning up their 
bodies so they were careless in spite of my warnings! A dentist 
will not take out mercury during pregnancy. 





Nicole Truett, 40ish, had PMS before her periods. She was a returning 
student and couldn't afford to feel emotionally upset. She also had 
recurrent yeast infections, Herpes and panic attacks. She com- 


115 





THE CURE FoR ALL DISEASES 


plained that her thinking was weird, although she was an excellent 
student (she got her birth date wrong on our office forms!) She 
had high levels of mercury and we suggested dental work imme- 
diately. Two months later she was feeling much better and had all 
metal removed but was experiencing a slight return of symptoms 
which panicked her. She still had E. coliand Bacillus anthracus at 
four tooth locations, giving her chronic sinus symptoms. She 
needed her cavitations cleaned. Four weeks later she described 
how she had gotten immediate emotional relief after two cavitations 
were done. Our solvent test showed methyl butyl ketone, benzene 
and carbon tetrachloride (which we found in her Mountain Valley 
Arkansas Spring Water). They were lowering her immunity giving 
recurrent Herpes and yeast problems. These disappeared in a 
week. She was so happy to find the cause of her problems and yet 
so angry at the nature of the cause that she planned to write to the 
water company. We need more such environmental activists. 


Monica Koziol was on Ibuprofen™ for menstrual cramps. She also got 
a severe sugar craving and minor depression and headache with 
her period. She was toxic with silver, copper, platinum, mercury 
and lead. She also had hookworms, pinworms, human liver fluke 
and cat liver flukes infesting her. A hormone test showed very low 
estrogen (57.6 pg/ml) probably due to all these interfering factors. 
She had all the metal from her fillings replaced and killed parasites 
with the herbal recipe. This gave her regular normal periods for 
several months. She decided to get pregnant but couldn't. A follow- 
up showed she was full of parasites again. She had stopped the 
maintenance parasite program. She resumed it and began kidney 
and liver cleanses to get longer lasting benefits. 


Barbara Ashby, age 43, had suffered for 1 years from menstrual 
pain. She had oxalate crystals in her kidneys and was started on 
the kidney cleanse. She followed this with the parasite program 
and dental metal replacement. Then she cleaned her liver and after 
three cleanses (she got over 1,000 stones the first time!) she said 
she felt great again. 


Terri Entzminger, age 16, had a long list of health problems including 
painful ovaries and painful periods for which she was put on birth 
control pills by her doctor. She had several bacteria in her genital 
tract: Neisseria gonorrhea, Plasmodium cyano, Staphylococcus 
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aureus (also at tooth #28 which had a plastic filling), Streptococ- 
cus pyogenes (also at tooth #28). A parasite test showed intestinal 
fluke adults in the uterus, not in the intestine or liver. There were 
also fluke cercaria here. She was started on the parasite herbs. 
Three weeks later there was no improvement. She had a rabbit, a 
dog and a hamster. She was to get them all onto the pet parasite 
program. Her diet was changed to exclude solvents. Six weeks 
later her periods were “great”, she did not need the pill and she 
was keeping the whole household on a maintenance program 
killing parasites. Three weeks later she had cramps again. This 
time it was sheep liver fluke in the uterus. She probably got them 
from the snails in her fish tanks. She was off the maintenance 
program and drinking caffeine free cola again. This would fill her 
with solvents that make fluke disease possible. She killed them all 
with a frequency generator and decided to be more vigilant over 
parasites as long as she was such an ardent animal lover. 


Azar Moya, 57, was on Premarin™ and Provera™ for hot flushes and 
emotional extremes, Synthroid™ for the thyroid, Xanax™ for 
nerves and sleep problems, something for diarrhea and something 
for depression. In five months she needed none of it. She had 
done a liver cleanse by then and got a commode-full of stones 
(about 1,000), she had changed her plumbing, got rid of the water 
softener, killed parasites and cleansed her kidneys. She still had 
sinus problems and some arthritis and was planning dental metal 
replacement and cavitation cleaning to clear them up too. 


Infertility 


An ominous sign in any species, infertility is not just an- 
other disease or “problem.” 

When birds' eggs don't hatch their species is doomed. So we 
learned from the DDT experiment humans did with birds in the 
1960's. The DDT changed the thickness of their egg shells so they 
cracked when the mother bird sat on them. All changes are 
experiments whether intentional or unintentional. Nature by itself 
produces sweeping changes, too, such as droughts, wind 
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storms, fires, ice ages, but usually living things had time or mo- 
bility to adapt to them. When there wasn't time, and they couldn't 
run away, the species went extinct. 

Are we humans an exception to this rule of adapt or perish? 
Nobody feels more helpless and hopeless than the infertile cou- 
ple. They can not run away, time is limited, and obviously ad- 
aptation is not occurring. More likely their lineage will perish. 
The couples' only wish is “Give us one child, now.” Surely, it is 
their birthright, as it is any living creatures’, to reproduce. 

Can we relax with the assurance that our intelligence, through 
the arm of science, will always rescue us? Are test tube 
fertilizations, fertility drugs, Cesarean sections, incubators for 
premature babies all triumphs for science? No, they are signs of 
reproductive failure for the human species. 

When the concern is overpopulation of this planet, repro- 
ductive failure might seem less ominous. Maybe it's no worse 
than the natural way any species curbs its growth rate. Maybe 
only those who can survive parasitism, pollution and immune 
deficiency should survive in order to strengthen the species. But 
when reproductive intervention becomes a necessity, not an op- 
tion, surely the danger signal is present as it was for the DDT'd 
birds who saw cracks develop in their eggs. The solution to our 
reproductive failure is not to find ever more artificial ways to 
conceive, to give birth, and to care for damaged babies. The 
solution is to fix the old fashioned way; to safeguard the natural 
way. 

If you are unable to conceive or to provide viable sperms use 
an intelligent approach. Remove the obstacles. The obstacles 
are parasites and pollutants, the same enemies of health we 
have seen before. 

Kill all large and small parasites with a zapper and the 
herbal parasite killing program. Don't try to keep a pet parasite 
free, give it away. Living close to another species is a luxury you 
can't afford at present. The pet can live with its parasites, 
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you can't. Remember to kill bacteria and viruses too, especially 
Gardnerella, Neisseria, Treponema, the ancient enemies of hu- 
man reproduction. 


Is it safe to kill parasites 


if you might be pregnant? 





The electronic way of killing parasites is safe if you _use_a 
frequency generator. The frequencies of parasites and bacteria 
are far away from human frequencies. The treatment with each 
frequency is short. There are no side effects. 

The zapper has not been tested and should not be used 
during pregnancy. 

The herbal way of killing parasites has been used by pregnant 
women without bad effects but this is not enough safeguard. I 
recommend waiting until the baby is born if at all possible. The 
treatment is long and intense. The growing baby is exposed 
continuously to herbs. Perhaps this is preferable to the toxins 
produced by parasites. You must use your own judgment. 
Obviously it is wiser to take a chance on herbs than to take a 
chance on inheriting AIDS or “genetic” diseases. 

Part two of regaining your reproductive freedom to have a 
child is removing pollutants. Gold, silver, copper and mercury 
can accumulate in the reproductive organs, wrecking the delicate 
hormone balance between estrogen and progesterone, or 
wrecking the motility of sperm Research has not been done to 
search for dental metal in the uterus, ovaries and testicle of in- 
fertile couples. You can do this research yourself. Slides of 
ovary tissue cost less than $10.00 as do other parts of the repro- 
ductive system. Search for dental metal yourself. Remove all 
dental metal from your mouth, and replace it with metal-free 
composite. Extract teeth with root canals. 
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A Word Of Warning! 


Be extra careful with contraception during the dental cleanup. 
You could get pregnant the very next day! This is no joke. It is a 
serious hazard to conceive a child while mercury is loose and 
rampant in your body from the removal process. It may be a 
higher risk than leaving it untouched. If you are pregnant no 
dentist will want to finish the job of mercury removal! Don't try 
to get pregnant yet. 





You may have tried fertility pills, in vitro fertilization, and 
other methods for getting pregnant over a ten year time period, all 
to no avail. Then you start cleaning up your body and taking your 
mercury out and suddenly you are pregnant before the job is 
complete! It may seem unreasonable and illogical to have to be 
careful after ten years of no worries, but play it safe. 

If you fail to observe this warning and do get pregnant too 
soon, you may pray for miscarriage. Otherwise, take vitamin C 
and thioctic acid and hope for the best. Men should add daily 
zinc and arginine (60 mg. and 450 mg, respectively) to their di- 
ets. Both men and women should add vitamin E (200 mg.), a 
prenatal multivitamin and multimineral tablet, eat freshly grown 
vegetables for folic acid, and add vitamin C (at least a gram 
daily, see Sources). No other supplements! Supplements pol- 
luted with heavy metals or solvents do more harm than good. If 
you are not sure of their purity, test one by eating it and searching 
for it in your immune system five minutes later. If it is there, it is 
harmful; eat no more. 
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Nausea 


of pregnancy is the scourge of expectant parents. After 
waiting hard and long for the desired pregnancy, the mother-to-be 
feels rotten, salivates and gags at the thought of food, and wants 
no more sex. Maybe sex is ill-advised during pregnancy, no 
matter how reassuring the male or male-oriented obstetrician is! 
Maybe salivation is actually mercury excretion being attempted 
by the body. Maybe nausea is all about keeping toxins out of the 
body and away from the developing child. These are intriguing 
possibilities, worthy of your research expertise. 

A few decades ago the treatment for nausea was a weekly Be 
and B,, shot. Ask your obstetrician for this to see if it helps. 

An older, herbal remedy was cinnamon tea: 2 tbs. cinnamon 
(bark or powder) in 2'2cups boiling water, steeped for 10 min- 
utes. Strain and add honey to taste. Dose: 4 cup three times a day 
before meals. 

Nausea invites starch eating—pasta, potatoes, rice and bread. 
Starches can absorb. Perhaps they absorb the noxious substances 
causing nausea. Make sure you add vitamin C to grains. In any 
case you must still eat additional nutritious food to grow your 
baby. In spite of craving a pickles/chocolate pudding/carbonated 
beverage lifestyle, you must eat mainly good food. Craving can 
take strange turns. Search for the taste you crave in good food 
and in long forgotten childhood foods. 


These are all the fertility cases I saw in a year's time. None 


were left out in order to hide failure. Assess the success rate 
yourself: 





Domilita Renshaw and her husband had been trying for six years to get 
pregnant. Both had been tested and treated in assorted ways. 
Domilita's period was irregular, a sure sign that all is not well in 
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the area of reproduction. | gave them the usual warning about not 
risking pregnancy during their deparasitizing and depolluting pro- 
cedures they both would be going through. Her hormone test 
showed slightly high (125 pg/ml) estrogen levels for day 22 (if it 
really was day 22!) and higher still if it was not yet day 22! Obvi- 
ously, something was irritating the ovaries into overproduction of 
estrogen. She had oxalate and urate crystals and was put on the 
kidney herb recipe. She was switched to milk (3 glasses 2% a 
day) as her primary beverage besides water. She was toxic with 
nickel (dental metal) which would invite hordes of urinary tract 
bacteria, dangerously close to the ovaries. She made her dental 
appointment. She had sheep liver flukes and was started on the 
parasite program. She broke out in hives from a new hair spray 
polluted with praseodymium which got into her ovaries. She pre- 
pared to clean her liver for her frequent hives. Then she called to 
cancel her next appointment because she was pregnant (four 
months from first visit). Fortunately she had one visit with dentist 
completed. Nine months later she had a beautiful perfect baby. 


Lindy Maloy and her husband had been trying for eight years to have 
their second child. They all had Ascaris, including, of course, their 
house dog. They wormed the dog monthly and did not want to part 
with it since they did not believe it mattered. They used the pet 
parasite program, but five months later she had higher Ascaris 
loads than ever. She also could not rid her uterus of intestinal fluke 
stages in spite of killing them with a frequency generator and using 
the parasite herbs. She remained full of solvents, bacteria and 
platinum from dentalware. Her endometriosis continued. They gave 
up. 

Rosemary Peterson, age 33, had been trying to get pregnant for 
fourteen years. She had seven laparoscopies for endometriosis 
and very hard cramps with her period. She had intestinal flukes 
and sheep liver flukes in her uterus. There were sheep liver flukes 
and human liver flukes in her liver. There were intestinal fluke redia 
and cercaria in her saliva. The solvents in her uterus were methyl 
butyl ketone, acetone, carbon tetrachloride (from drinking store 
bought water), styrene (from drinking out of styrofoam cups), 
xylene (from carbonated beverages) and decane (from 
cholesterol-reduced foods). She also had a chronic yeast infec- 
tion, treating it constantly with Nystatin™. She killed the flukes and 
yeast electronically before leaving the office and started her- 
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self on the parasite program and diet restriction. She got pregnant 
immediately, and did not return. 


Elisabeth Tran, age 37, had tried to get pregnant for five years. She 
did get pregnant recently, on a special “gift” surgery program, but 
lost it. Her ovaries and uterus were toxic with mercury and thallium 
from polluted dental alloy. She also had barium and titanium in 
them, probably from lipstick. We did not see her again, we hope 
she solved these problems. 


Christopher Gravely, a young man of 26 and Frederica, 22, promised 
faithfully not to get pregnant until their cleanup was complete. He 
was found by his doctor to have slow moving (low motility) sperm 
He was robust and healthy looking but suffered a lot from low back 
pain—a clue to swarms of bacteria in the lower abdomen. An 
electronic search of his testicles and prostate (which had been 
infected once) revealed iridium, platinum and yttrium. This impli- 
cated tooth metal. He was also started on kidney herbs. Eight 
months later he had completed all his tasks, his low back and pain 
with urination had stopped, and this encouraged him to continue 
with his fertility program. We started him on thioctic acid two a day 
and zinc (60 mg.) two a day, switched him to an electric razor so 
he wouldn't have to use any chemicals on his face, and recom- 
mended that he ventilate his garage which was attached to the 
house, to reduce fumes in his home. 


Meanwhile, Frederica, his wife, was also checked for toxic ele- 
ments. She had antimony (from mascara) in her ovaries and 
breasts. She had sensitive painful breasts during her periods 
which were quite irregular. She also had indium and gallium, dental 
alloys in the ovaries and breasts. She, too, was started on the 
kidney herbs and instructed to get metal tooth fillings replaced. 
After two months they canceled their appointment. Frederica was 
pregnant! Not for long, though, and a wiser couple returned a few 
months later. Frederica finished her dental work. Both started the 
parasite program. Frederica's periods became regular. She was 
started on thioctic acid (one a day) plus zinc, (one a day), until 
her first missed period. Twelve months later they sent me their 
baby's picture: he was two months old. 
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Ginger Hart had been trying for three years to get pregnant. After an 


endometrial biopsy, a Dac, "" and laparoscopy she was diagnosed 
with “inadequate corpus luteum.” We found her ovaries toxic with 
nickel and europium from tooth fillings and strontium from 
toothpaste. She was delighted to understand her problem and set 
about correcting it. 


Marjory Davis, age 28, had been on the “pill’ (synthetic hormones) a 
long time but was off now and couldn't get pregnant. She actually 
got pregnant about one year ago but lost it at one month. A toxic 
element test showed her ovaries and uterus were full of beryllium 
(gasoline and coal oil), gadolinium and gallium. The metals are 
alloys of gold used in dentistry. She wore a lot of jewelry, just loved 
her chains, necklaces, rings, etc. But she agreed to go off all 
except two rings which did not have these alloys. To reduce fossil 
fuel fumes in the house she removed all gas cans and the lawn 
mower from the attached garage. They parked the cars outside. 
She was started on kidney herbs and promised to use con- 
traception until she was done. She was to drink three glasses of 
2% milk a day and take a magnesium tablet and stop drinking 
other beverages. Three weeks later her husband canceled her 
appointment because she was too embarrassed and delighted to 
call herself. 


Prostate Problems 


If urination is not complete, so you must soon go again, es- 
pecially in the night, it is suggestive of pressure on the urethra 
from an enlarged prostate gland. Keeping a little urine from being 
voided is conducive to bladder and kidney infection, too, 
because bacteria soon find this “free food.” 

The prostate collects toxins as if it were a designated dump 
site, especially for nickel. Urinary tract bacteria quickly find 
“their” metal, nickel. Any supply of nickel will attract bacteria 





"A surgical procedure, called dilation and curettage, meaning di- 
late the bladder with air and scrape away the inner lining. 
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as quickly as crumbs and cheese attract mice. Urinary tract 
bacteria are making use of your urea as their food. To digest it, 
they first break the urea molecule apart into two ammonia 
molecules. It is the ammonia smell of the urine that gives away 
their presence. The urine should have no ammonia smell. Our 
bodies do not make ammonia. Only bacteria can do this! Their 
digestive enzyme is called urease. In order to do its job, this 
enzyme requires the element nickel. 

Nickel is plentiful in the soil which is undoubtedly where 
these bacteria belong, breaking up and utilizing the urine and 
droppings left there by animals. They perform an essential task in 
our environment, destroying animal excrement and _ thereby 
cleaning-up the soil around us. What folly it is to load ourselves 
up with nickel so that in one short hop from the earth they are 
residing in us! Bacteria are all around us doing their valuable 
jobs. We cannot stop associating with bacteria. We were not 
meant to feed them, however. If we did not supply them with 
nickel, as if we were just another patch of earth, they could not 
gain a foothold in our urinary tract and then to the prostate. 

How can we rid our bodies of nickel? This is the challenge. 
Are we eating dirt? A small amount of dirt can't be avoided on 
our food. But we can stop sucking on nickel as if it were a lolli- 
pop. Our spoons, forks and knives are made of nickel! Stainless 
steel is 8% nickel! Does it really come off as you eat? When you 
stick a knife into the mayonnaise jar, it is stained in a few 
minutes. Try it. The mayonnaise has reacted with the metal 
loosening the nickel. When you smear the knife over your bread, 
this film comes off and you eat it. If you were to put the knife in 
your mouth, now, you could taste the metal. You will later wash 
the knife but not before you have eaten enough nickel to supply 
all the bacteria in your body with the daily allowance of their 
essential element, nickel. Nickel is not our essential mineral. 
Even plants keep their nickel levels very low. But due to 
pollution of animal feed with it, even a hen's egg now has 3 
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mceg/100 gm of nickel in it.'” To produce a nickel-polluted egg, 
the chicken must be polluted. 

Especially infants and children should never be given metal 
cups or cutlery. They need all their immune power to combat the 
barrage of new bacteria and viruses that is emerging in this age 
of AIDS. Nickel is part of dirt and belongs there, not in our pots 
and cutlery. 

Another large source of nickel is metal dentalware. It is used 
to harden gold! If you suffer from prostate problems, remove 
metal from your dentalware. Nickel is used to make bridges, gold 
crowns, retainers, amalgams. Exchange it all for plastic ware and 
composite buildups (see Sources for more dental information). 
Stop eating and cooking with metal utensils; use old fashioned 
wooden or sturdy plastic cutlery instead. Always use a plastic 
knife for butter or mayonnaise. Never buy foil-wrapped butter. 

Nickel is fat soluble and is stored in your skin fat temporarily 
when a surge of it enters the body. Your skin oils may be loaded 
with nickel causing “allergies” in the skin. Male pattern baldness 
is such an allergy. The sweat tries to excrete it for you. Always 
wash off your scalp sweat to help with this excretion. The skin 
oils dissolve nickel from metal jewelry (sometimes leaving your 
skin with a greenish black color) and transport it into your body. 
Don't wear metal jewelry. Earring posts should be plastic. Metal 
watches and metal rimmed glasses should be replaced with all 
plastic types. Metal rings should be replaced. After lowering 
your total body nickel levels and your prostate disease is only a 
memory, you might notice scalp hair returning to sparse areas. 
Search around the edge of the hair line for the first returnees. 

Bacteria cannot live in the prostate without nickel being pre- 
sent. You can cure your prostate problems with the simple tactic 


Food Values by Pennington and Church, 1985 
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of stopping nickel pollution of your body. Notice that you get a 
fresh attack after accidentally using metal cutlery in a restaurant 
or eating mayonnaise-style salad with a metal spoon stuck in it. It 
might be wise to take a histidine capsule (about 500 mg., one a 
day for three weeks, see Sources) when this happens. Histidine 
is a nickel chelator. Taking zinc is helpful too (60 mg. two times 
a day for a month). Possibly, the nickel was poisoning zinc 
enzymes. Read about the benefits of flaxseed, too, but remember 
to test every product for pollutants before accepting it as a 
supplement. 

Prostate problems of all kinds clear up when bacteria are 
zapped, the Kidney Cleanse is done, dental cleanup is done, and 
the Bowel Program is followed. 


Richard Traylor, age 71, had suffered from prostate and urinary tract 
disease for three years. Scar tissue had to be removed occasion- 
ally from prior treatments of them. He was started on the kidney 
herbs and in two weeks (13 days) he had a considerable im- 
provement in urine flow. At his follow-up visit we searched for 
toxins. He had radon, chromate, yttrium and strontium in his genital 
and urinary tract. He got rid of his water softener (such salts are 
polluted with chromate), toothpaste (strontium source) and opened 
the crawl space vents (source of radon). This cured these 
problems in less than two months. It also cured his stomach ulcers 
for which he had to take medicine. He was so pleased he decided 
to install a crawl space fan and pursue a parasite program and 
dental health just to see what extra health improvements he might 
get. 


Omer Whitney, age 45, had always been a strong, healthy, hard 
worker. He could now barely walk, due to weakness and pains of 
several kinds; his prostate problems began several years ago. Our 
tests showed 4 kinds of kidney stones. He was started on only half 
a dose of the herbal recipe to give them a chance to dissolve more 
slowly. One month later he still had some stones although his leg 
cramps were already gone. At this time we found Ascaris (both 
kinds) which he killed with a frequency generator. We also found 
carbon tetrachloride and pentane (in decaf beverages) built up in 
him; also gasoline and TCE. He was considera- 
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bly improved five weeks later and was quite eager to improve 
further. A toxic element test showed he was full of copper, anti- 
mony (from mineral ice massages), cobalt (aftershave), zirconium 
(deodorant), thulium (vitamin C fortified orange drink) and mercury 
(very high, from tooth fillings). He planned on cleaning all of it out 
of his body and regaining his lost strength. 


Harvey Van Til, age 35, came in for his prostate and testicle swelling 
which began shortly after a vasectomy. He ached over the front 
right side of his abdomen. He was started on the kidney herbs and 
in four weeks he had eliminated his oxalate crystals and felt 
considerably better. We next found the adult intestinal flukes and 
human liver flukes in his prostate gland! After killing them immedi- 
ately with a frequency generator and getting instant relief of pain, 
he got his own device and did not need to return. 


Clayton Gamino, 26, had pain during urination which he interpreted as 
a left-over from a prostate infection he once had. He got all the 
metal out of his mouth, and did a kidney cleanse. A half year later 
he had no remaining pains and was able to father his first child. 


Side Pain 


Pain on the right side can 
come from problems at the 
ileocaecal valve or the appen- 
dix or the large intestine itself. 
It can also come from the liver 
which is higher up but is 
sending its pain message to 
your side. Pursue it as an in- 
testinal problem first, killing 
parasites and bacteria and 
normalizing bowel movements 
with the Bowel Program. If the 
pain persists, especially if it 
reaches up the side to the 





Fig. 22 The liver has a large 
lobe on your right side with the 
gallbladder tucked inside. The 

left lobe is smaller. 
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middle of the waist, it is probably due to the liver. 

The liver is a large organ, mostly on the right side of the 
body, but with a smaller lobe on the left side. It is the chemical 
manufacturing plant for the body. It pulls in the food from the 
intestine (that you ate hours ago) and makes your body's chemi- 
cals from them. Toxic items are changed chemically into non- 
toxic items that the kidney is able to excrete into the bladder. 
Fatty things must be made water soluble for them to leave with 
the urine. The liver also makes bile and sends toxic items along 
with it to the intestine through the bile ducts. The bile enables 
calcium and fat to be absorbed. If the liver isn't getting much bile 
to the intestine, fat is left in the bowel contents and the feces will 
float in the toilet bowl. That is your clue to bile duct blockage. 

Bile is bright green. Mixed with intestinal contents it turns the 
bowel movement dark brown. If the bile is not arriving in the 
intestine the bowel movement will stay light colored, even 
yellow or orange. This is another clue to bile duct blockage. 
Over a quart of bile should exit the body each day. Since bile is 
loaded with cholesterol this daily excretion of bile is a major 
method of keeping cholesterol levels low. If the bile ducts are 
choked with debris so only half as much (often only a cup instead 
of a quart!) bile is produced and excreted you can expect 
cholesterol levels to rise, and digestion to be bad. When food 
isn't promptly digested and absorbed the ever present, ever-ready 
bacteria will grab it for themselves. 


Taking cholesterol-lowering drugs should be reserved for 


cases where natural excretion cannot be regained. 





E. coli and other intestinal bacteria, which do no harm in 
moderate numbers, can overgrow in a few hours to give you 
bloating, gas and pain. Your body produces no gas. Only bacte- 
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ria can produce gas. If your side pain is accompanied by bloating 
and gas, you know you have a digestive problem. And that this 
digestive problem stems from a congested liver if the pain is 
directly under it or over it, or if the feces are light colored or 
your cholesterol levels are high. Not everybody has all the 
symptoms. 

To clear the clogged passages of the bile ducts, you simply 
do the liver cleanse (page 552) over and over until the problem 
is gone. There is one catch. If there are living parasites in the 
bile ducts, they will not let the bile ducts clear themselves. They 
are stuck fast to your ducts as a tick can be to your skin. They 
must be killed before they will let go. Zap them all, or you may 
use the herbal parasite program, staying on a twice a week 
maintenance program. Only after parasites are dead (after day 20 
if using the herbal program) will you get a lot of “green stuff” 
and be able to clear “stones” out of your bile ducts. Only one 
large duct at a time will clean itself. We have hundreds of larger 
ducts and thousands of tiny ducts feeding into the larger ones! 
Stay on a schedule of cleansing the liver every two weeks 
(unless you are ill) until your side pain is gone, your digestion is 
normal, and you are bouncing with energy. You may also lose 
some weight, but only if you are overweight. 

Remember that a clogged liver 
does not necessarily give you pain by 
itself. It is more likely the bacteria in 
the gall bladder and bile ducts, 
causing inflammation there and in 
your intestine, that cause pain. Don't ; 
wait till pain occurs over the liver. {2 ‘ a” 
Use whatever clues you can to diag- > 
nose your clogged condition. Or just 
assume it is clogged. Do the cleanse, 
and see if you get any stones out. It 


can never hurt and can help a lot. Fig. 23 Gallstones. 
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Bruce Hearn, 40ish, had severe side pain for several weeks and was 
rather gassy. He had seen a clinical doctor who found him in good 
health. But we found sheep liver flukes in the intestine and in the 
thymus! The thymus is an immunity-giving gland, so anything in 
the thymus is a very serious matter. He also had benzene in his 
thymus (inviting AIDS). He quickly switched from drinking soda to 
drinking milk. He went off everything in the benzene list. He killed 
the flukes electronically and started on the parasite program. Three 
weeks later the benzene was gone, his side was very much better 
and he could begin a kidney cleanse for his low back pain. He 
hadn't cleansed his liver yet! His improvement was probably due to 
improving his immunity which then controlled the bacteria. 


Midabdomen Pain, Stomach Pain 


The colon crosses over from your right side to the left side at 
the midabdomen. This is also the location for the bile duct to join 
your small intestine. Most midabdomen pain comes from either 
the colon or the bile duct connections. Kill parasites and bacteria 
by zapping or with the herbal recipe. Improve your digestion 
with diet clean up (off moldy food, boil dairy products). 
Sometimes the midabdomen pain stems from the stomach itself. 
The valves at the top and bottom of the stomach are meant to 
keep the food in. The valve at the top where the stomach joins the 
esophagus is a favorite location for bacteria. 

You seldom feel them here though. This is just under your 
breastbone. They do their work quietly. Eventually, the tissue 
there is so weakened, the valve can't shut tightly and food is al- 
lowed to go back up the esophagus. This is called reflux and you 
may be told to sleep with your head elevated and to eat small 
meals, especially at bedtime. You may be given Reglan,™ a 
drug to help empty the stomach faster. Digestive enzymes will 
help empty the stomach, too, but may harbor molds. The real 
solution is to kill the bacteria in this area and 
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keep them from reinvading it. Start by killing the Salmonellas 
and Campylobacters (zap them). 

Within a day or so, 
however, the area can 
be re-invaded. Some 
bacteria are coming 
from your teeth! Some 
come from the liver! 
Often both sources are 
supplying bacteria to 
the stomach. The 
stomach allows a little 


bile to enter at the end Fig. 24 Stomach, esophagus, 


of each meal, this is diaphragm, gallbladder. 
normal. But if the bile 


is full of live parasite stages and bacteria they may try to colo- 
nize the stomach, too. If there is insufficient stomach acid to kill 
them or if there is an accumulation of toxin in the stomach, they 
will get a foothold. Then they can burrow down deep to escape 
acid. Eventually, an ulcer can develop. 





Stomach Ulcer 


Often, such an ulcer is painless. 

You are, therefore, not alerted to the parasites' presence until 
they have established themselves in good hiding places. Taking 
antacids, of course, works in their favor. The solution for both 
stomach pain and stomach ulcers is to kill parasites and bacteria, 
followed by dental and liver clean ups. One very common toxin 
that accumulates in the stomach is the pesticide arsenic. You 
inhale it right along with the flies and roaches you may be trying 
to kill with arsenic-laced pesticides. 
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Other inhaled toxins are fiberglass, asbestos, formaldehyde 
and freon. Your nose and mouth mucous traps a lot of these 
whereupon you swallow them and they glide into the stomach. 
Tooth bacteria and tooth metal get into the stomach the same way. 
You simply swallow them. 

Clean up your air, don't use any pesticides (see other methods 
in Recipes). Your dentalware may be cleaned up in a few dental 
visits but the liver cleanses must go on for a year or two before it 
is reasonably clean. You may get pain relief in a few weeks but 
this should not derail your intention to revitalize yourself 
completely with a cleaned liver and stomach. 


Hiatal Hernia 


When bacteria have spread 
to the diaphragm and weak- 
ened it, along with the upper- 
stomach valve, food is al- 
lowed to get pushed up right 
through the diaphragm. Pres- 
sure in the abdomen from Fig. 25 Hiatal hernia. 
overeating or sitting in an easy 
chair pushes it up. Walk after eating. Empty the stomach before 
going to bed. Don't sit in recliners. Very many of us, about 25%, 
have a small hiatal hernia. It only hurts if it is inflamed. Work at 
clearing the inflammation first, to get pain relief. In time, the area 
will strengthen and the hernia itself may get smaller. 





Jeffy, 3% months, had been screaming a lot ever since birth. He was 
very gassy. He could not be put down without starting to cry. He 
was congested and had colds. He was on mother's milk exclusively 
so his chronic Salmonella infection must have come from 
someone who was a carrier, possibly his mother, although she 
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had no symptoms. The mother had platinum and tellurium in her 
milk (Salmonella can be transmitted in milk but this was not 
checked). The solution was to clean up the mother's milk by getting 
the dental metal out of her mouth, and washing hands before 
nursing. Jeffy's father had an Ascaris and intestinal fluke infesta- 
tion. It is quite possible the baby had these also, giving him a nasty 
tummy ache in addition to the gas pains. The baby's older sister 
had screamed and cried the first nine months, too, so the parents 
were told it was a “familial thing.” She also had ear infections, 
colds and a flaky patch of skin occasionally. She, too, had 
Ascaris. They were very pleased to be able to clear up the whole 
family's problems by killing parasites and removing toxins. 


Ruby Adair, age 14, filled a page with her symptoms. She was also 
chronically fatigued and had consumed enough antibiotic “to fill a 
room.” She had shooting pains from under her feet up her legs. A 
quick check revealed mercury and thallium in her immune system. 
Instead of being dismayed, this news filled her with hope for re- 
covery. She arranged for dental metal replacement. Then she re- 
lated her stomach “story”. While at a wedding, a year ago, she 
began vomiting with diarrhea. She thought it was the stomach “flu” 
but she didn't recover for six months and had to miss school. The 
psychologist thought it was emotional. She was still only attending 
school one hour a day. We found Fasciolopsis, the intestinal 
fluke, in her stomach wall as well as in her intestine. She started 
the parasite program and in three weeks her appetite was back, in- 
somnia was gone, fatigue was better and a significant improvement 
was evident. 


Respiratory Illness 


Asthma 


is a very old disease described in the ancient literature. The 
only progress we have made to date with this disease is to give 
drugs to soothe the symptoms. 

Asthma is associated in all (100%) cases with tiny Ascaris 
larvae. As soon as eggs hatch (in the stomach, immediately after 
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swallowing filth) the microscopic larvae travel to the lungs, not 
the intestines. Imagine the distress of lungs full of tiny worms! 
One tries to cough them up, of course, but in our misguided effort 
to be polite we teach children to swallow anything they cough 
up! Some swallowing is inevitable and the young worms are 
back in the stomach, this time to set up their housekeeping in the 
intestine. Some never leave the stomach, causing children 
stomach aches and, of course, a large entourage of bacteria 
which, in turn, have their viruses. 

Most cases of Ascaris infestation also show Bacteroides 
fragilis bacteria which, in turn, carry the Coxsackie viruses 
(brain viruses). Whether or not these bacteria or viruses will 
thrive in you depends on whether you make a good home for 
them, namely have low immunity in some organ. The preferred 
organs for Bacteroides are liver and brain (brain tumors always 
show Bacteroides). The preferred organs for Coxsackie viruses 
appear to be tooth abscesses and brain. 

Not everybody with Ascaris develops asthma, even though 
they always go through a lung stage. Does it depend on the age of 
the person when the infection develops? Or how many Ascaris 
are present? Or the time of year when lung infection is present? 

That innocent cough of early childhood should not be ne- 
glected, as simply “croup.” At the first sign of a cough, use a 
frequency generator set to 408 KHz, the frequency for Ascaris, or 
use a Zapper. Pay extra attention to washing hands before meals. 
Pay extra attention to the animals nearby. Kill their Ascaris with 
a zapper and keep it up daily or put parasite killing herbs in their 
food. 

Asthma sufferers become allergic to many air pollutants such 
as pollen, animal dander, smoke. The production of histamine in 
the lungs and the vast interconnectedness of histamine to allergies 
has been well studied scientifically. Although invasion by worms 
is known to- result in both histamine production 
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and high eosinophil counts (over 3), and asthma clients typi- 
cally have both, they are not routinely checked for worms 
clinically! They are simply given drugs to enable better breath- 
ing. More and better (though toxic) drugs have been developed. 

But you can put an end to your asthma by terminating your 
Ascaris infection. Then wash your hands and fingernails with 
grain alcohol, and let no more filth past your lips. Wear plastic 
gloves for a week to break a nail biting or finger sucking habit. 
For children wash hands before eating anything, even between 
meals; keep fingernails short. 

Dogs, cats, pigs and horses all get Ascaris. Never, never let a 
child clean up any vomit or mess left by an animal. This could 
lead to massive infection, the kind that could result not only in 
asthma but seizures. Kill the worms in animal messes before you 
clean them up too. Never use your dustpan or broom. Use 
cardboard, newspaper or anything that you can afford to throw 
away with the mess. Squirt povidone iodine (available at drug 
stores) on the mess—even if it's outside—and cover with salt be- 
fore cleaning up. Discard it in outside trash. Wash your hands 
with grain alcohol, paying special attention to fingernails. If you 
are a food preparer, you could infect the whole family if you 
don't wash carefully. 

If there is an asthmatic in your family, the whole family 
should be treated for Ascaris with a zapper or with the herbal 
parasiticides. Even after everybody including the pets have been 
treated, pets should not be allowed in the bedroom of the asth- 
matic person. Asthma is more than parasitism. It is also an al- 
lergic reaction, to the pet and to other inhaled bits of matter. 

Clean the air. Smoke of any kind, fragrance and chemicals of 
any kind, all household cleaners, polishes, and so forth should be 
removed. Store essentials in the garage, not the basement, since 
basement air rises. Clean up the whole house. Persons who must 
use hair spray or nail polish should do so outside in the summer 
and in their own rooms with the doors closed in 
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winter. Use a chlorine filter for the water, especially at the 
shower. Install central air conditioning if possible, with maxi- 
mum filtering (but never with chemicals added to the filter and 
never with a fiberglass filter) at the furnace. A room air filter 
(not fiberglass) is next best. Use it for an hour in the bedroom 
ahead of bedtime so the air currents can cease. Just moving dust 
around is worse than leaving it there. Never do dusting when an 
asthmatic is in the house. Lungs heal quickly when the air is clean 
and there is no reinfection. The best place to recover is outdoors 
away from trees and bushes or indoors with total pollution-free 
air conditioning (free of asbestos, formaldehyde, arsenic, 
fiberglass, pet dander). 

As your asthma lessens, reduce your inhalers, but always 
keep them on hand. When you suddenly need them, try to identify 
your source of reinfection or allergens. Use this experience 
wisely. Try to understand the recurrence of your asthma. Keep 
notes. It may take half a year with a dozen recurrences to finally 
learn and conquer! It will feel great to breathe without spraying 
yourself and taking medicine. If it comes back a year later, figure 
out what is happening that's seasonal. A pine tree near the house, 
a flowering bush, the first mown grass? Stay away from these 
until you are completely healed. 

There are traditional herbs for helping lungs. Grow your own 
comfrey and garlic. Make mullein tea from the dried herb (see 
Sources). Read herb books for more help. Dry some for winter 
use, being careful to do it right and not let it mold. 


Suzanne Carlyle, 45, had asthma from infancy. She was currently on 
Albutesol™ spray and tablets daily. Now she was beginning to have 
arthritis too. She was given arginine to replace caffeine. She had 
two species of Ascaris and was allergic to cats and other animals. 
She was started on the herbal parasite program after killing 
Ascaris, Bacteroides and Coxsackie viruses with a frequency 
generator. Her lungs showed kerosene, carbon tetrachloride, 
mineral oil, benzalkonium (from udder wash, she was also milk 
sensitive), aluminum from her cookware, and aluminum sili- 
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cate from her salt. She had two extra lung parasites: Paragonimus, 
a lung fluke, and Pneumocystis. She was immediately improved 
after cleaning up these sources and canceled her future 
appointment. 


Cay Wenkert, 63, had asthma for many years for which she took 
Proventil™, but this gave her such bad side effects she had to stay 
home now and not venture out. Her lungs were full of benzalkonium 
(toothpaste), arsenic (ant poison under kitchen sink), zirconium 
(deodorant), and nickel from tooth metal. She had dog heartworm 
in her lungs(!), in addition to her heart where she sometimes felt 
pain. She had Ascaris and Naegleria, mycoplasma, Endolimax 
and the intestinal fluke in her lungs! She coughed up blood, after 
her doctor had diagnosed bronchiestasis recently, meaning her 
lungs were not capable of sweeping out the daily refuse we all 
breathe in. In spite of killing these and cleaning up her 
environment she got no improvement. She repeatedly got 
parasitized. She had four or five root canal teeth which she was 
unwilling to have pulled. Hopefully, the tradeoff between teeth and 
health will soon begin to look poor. 


Amy Newberry, 41, had recently begun to have asthma attacks. She 
had been on cortisone but now was on inhalers through the day 
(two puffs Ventillin™ 3x/day, plus three puffs Intel™ 3x/day plus 
four puffs Asthmacort™ 3x/day). She was often hospitalized for 
attacks. She also had stomach trouble and sinus problems (had 
pneumonia recently). She had Ascaris larvae, Endolimax, Naegle- 
riaand Acanthocephala in her lungs! She also had arsenic and 
palladium (tooth metal). Going onto homeopathic medicine for 
stuffiness helped her avoid some hospital visits. It took several 
months (5 visits) to track her arsenic source to the bedroom car- 
pets (stain resistance!). After steam cleaning it herself and doing a 
liver cleanse (after first killing parasites) she was amazed at her 
improvement. She had not been to the hospital in a month and was 
only using inhalers preventively. She planned to get dental work 
done. She got all her former health back. 


Laura Brewster, 25, lived in a very old house. The slightest exertion 
would give her an asthma attack. She frequently got pneumonia, 
too. Her lungs had beryllium (coal oil) and asbestos, and two 
parasites, Paragonimus (lung fluke) and Ascaris. She got rid of all 
the old fashioned lamps and candles in the house, but could not 
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find the source of asbestos. She got rid of the attacks but her 
cough and pneumonia bouts will continue until she moves from that 
house. 


Brett Wilsey, 70, was congested most of the time, had chronic sinus 
problems, was getting allergy shots for dust and mold, and was on 
several inhalers for his asthma plus emphysema. He had asthma 
for eight years. He had oxalate, urate, and all three phosphate va- 
riety crystals in his kidneys. He was started on kidney herbs. His 
blood test showed high “total carbon dioxide” or “carbonate” 
showing that his air exchange was not good. His potassium was 
low, showing that his adrenals couldn't keep his electrolytes 
(sodium, potassium and chloride) regulated, in turn, giving him 
muscle weakness. His LDH was very high, showing that his heart 
muscle) was in distress, too. Fortunately, his RBC was slightly 
elevated, to help with oxygen delivery. (See Anemia page 285). His 
eosinophil count was high, as is the rule for asthmatics since they 
all have Ascaris worms. Besides Ascaris he had pancreatic and 
intestinal flukes in his lungs(!) plus Heterakis (a chicken 
roundworm), human hookworm, and Prosthogonimus, another 
fluke. He was started on the parasite herbs. Two weeks later he felt 
a lot better although he still had some Ascaris. He was toxic with 
barium and hafnium (which were traced to his dentures) nickel, tin, 
rhenium. He stopped using commercial “denture-soak.” His wife 
stopped using hair spray and they started leaving the car out of the 
garage and walked around to the front door, instead of using the 
attached garage. He also started drinking homemade comfrey tea. 
This made him feel still better. 


When he removed his watch he got rid of his nickel source. Nickel 
has an affinity for lungs (as well as prostate and skin). He was now 
down to one puff of inhaler instead of two, only four times a day 
instead of hourly. He could breathe deeper than before. Then the 
lead in his water was found and traced to a single “sweated” joint 
in the pipes. He was started on food grade hydrogen peroxide, 
working up a drop at a time; now his cough became “productive”, 
he was coughing up a lot. 


He got the plumbing fixed and did a liver cleanse after which his 
fatigue lifted. He couldn't stop laughing and joking about the 
“emphysema” he was so worried over earlier. 
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Bea Karnes, 49, had asthma from childhood when she also had ec- 
zema. She was presently on several medicines plus allergy shots 
and antibiotics for it. She was toxic with antimony although she 
used no eye makeup and europium, tantalum, and gadolinium from 
dental metal. She also had hand swelling in the morning and was 
started on kidney herbs. She killed her intestinal flukes (in the 
intestine) and Ascaris in her lungs and was not seen for half a 
year. When we eventually saw her, she said her asthma had been 
“wonderful.” She was faithfully controlling parasites with the 
maintenance program and occasionally drinking kidney herb tea. 


Cynthia Prout's whole family (mentioned previously) had asthma. She 
was told it was inherited. The three young children and herself 
were on inhalers, nose sprays, cough syrups and antibiotics. Nola, 
age 10, also had ear infections and numerous allergies. Lewis, 
age 8, was a slight, nervous boy; he had been off wheat and milk 
for many years due to intolerance. Irwin, age 5, seldom went with 
the family due to his frequent stomach aches and the fact he could 
vomit without notice. The mother and two children who were with 
her (Irwin stayed home) had Ascaris infection and Lewis also had 
pancreatic flukes. Their home was toxic with vanadium, namely, a 
gas leak. The parasites were quickly killed and gas leak repaired. 
The whole family got well and canceled their next appointment. 
Some inherited disease! 


Asthma is just one of our common respiratory problems. The 


causes are always a combination of Ascaris and other parasites 
with pollutants (allergies). 





Bronchitis, Croup, Chronic Cough 


¢ In bronchitis the bronchioles are the site of the problem. 

e In croup it's further down. 

¢ Incases of chronic little hacky coughs it may be heart- 
worm! 


Bud Portillo, 62, worked on earth moving machines. He frequently had 
a “bronchial virus” or “bronchial infection.” He was always cough- 
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ing. He had Ascaris infestation and arsenic pollution in his home. 
He also had palladium toxicity from tooth fillings. As soon as they 
removed the mouse bait from their home, tore down the hallway 
wallpaper (arsenic source) and changed wells (the well water had 
arsenic in it from seepage!) and killed parasites, his cough was 
gone. He also finished his dental work. All this took six months. 


Gene Mizell, age 4, was constantly clearing his throat. His parents 
wondered if it was a “nervous habit.” He had two species of As- 
caris living inside his small body. He was started on a small dose 
of parasite herbs immediately, stirred into a daily dose of VMF 
syrup (see Sources). He also had PCBs, aluminum silicate, lute- 
tium from recent painting in the house and xylene and toluene 
solvents. He was switched off soda pop and onto milk. We saw him 
five weeks later. He had gone through three treatments with 
vermifuge syrup. His throat clearing was gone, as well as his 
hacky cough and the blue circles around his eyes. He still had 
PCBs, which they later cleared by switching off detergent. 


Carmen Castro, 30ish, had a chronic cough without being ill. She also 
had some heart irregularity. She had Dirofilaria (dog heartworm) 
and Loa loa. There were no indoor pets. After killing the parasites 
with a frequency generator and starting on the parasite herbs she 
was still coughing a bit but her pulse was down to 80 (from 120). 
She still had toluene, TC Ethylene solvents and mercury, platinum 
and lead in her body. Then a gas leak developed in their home. 
She used moth balls and painted a room. After this she had to be 
on antibiotics for her extreme cough. This time she had myco- 
plasma, Haemophilus and influenza. She killed these electroni- 
cally and her coughing stopped. Until she gets the dental work 
done she will continue to pick up new infections. 


Hope Feldman, 57, had been coughing for half a year. She had seen 
many doctors including a reflexologist. She had mycoplasma and 
aloha strep at tooth #17 (lower left wisdom tooth). As soon as 
these were killed with a frequency generator her cough stopped. 
She was advised to wear turtleneck sweaters for extra warmth over 
her bronchii and get a cavitation cleaned at tooth #17. 


Teresa White, 37, had bronchitis several times each winter and was 
put on antibiotic for the whole season to keep it from breaking out. 
Her lungs were loaded with tantalum from dental metal, cobalt from 
detergent and thulium from her vitamin C. She had taken 
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herself off milk, thinking it might be a factor, and used an air 
cleaner but without results. As soon as she had the tooth metal 
replaced with plastic (in less than a month) she could go off anti- 
biotics and also was rid of a chronic sinus condition, but still had a 
bronchitis bout. She had Ascaris larvae in her lungs and phos- 
phate and oxalate crystals in her kidneys. Her diet was changed to 
include milk and fish, magnesium, lysine (500 mg one a day), 
vitamin Bg and a vitamin A+D capsule. She started on the kidney 
cleansing herbs and then the parasite program. In another month 
the whole problem was gone. Wisely, she got ready to cleanse her 
liver. 


Craig Stewart, 2, had a history of respiratory problems. He had been 
on Ceclor™ and Ventilin™ for a long time; he had pneumonia the 
previous year. He had whip worm ( Trichuris) infesting his intestine 
which was promptly killed with parasite herbs (as much as his 
parents could get down him was effective). He was toxic with as- 
bestos. When the clothes dryer belt was changed to a U.S. variety 
(imported belts contain asbestos which flies into the air when the 
dryer is used), Craig's health turned around. 


Doris Gumb, 26, was on Isoniazid™, Tussionex™ and Rifodin™ for 
tuberculosis. It started with coughing. She was down to 98 Ib. in 
weight. Her lungs were toxic with beryllium (coal oil fuel), mercury, 
uranium, and tellurium. She began by clearing all toxic items from 
her house and basement and then bringing an air sample for 
testing. She also had Ascaris larvae in her lungs and pancreatic 
fluke in her pancreas. In three weeks she was coughing less and 
producing less with each cough. The “clean” air sample still had 
uranium, tellurium, mercury and beryllium. She had no metal tooth 
fillings, though. In the next three weeks she found a hole in the 
floor to the crawl space. It was letting up uranium dust and radon. 
The mercury was traced to the carpet in a child's bedroom. After 
throwing it out, her soutum cleared up and she was on the way to 
recovery, although we never found the source of tellurium. 


Breast Pain 


Although lumps and cancer in the breast produce no pain, 
they sometimes do give you little warning twinges. These 
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twinges cross into the breast from the armpit or from any direc- 
tion. It is gone in a second, leading one to believe it couldn't be 
serious. If the breast has any unusual sensations, painful or not, 
investigate immediately. 

Test yourself for cancer. (You may use a specimen of 
mother's milk as a cancer test since this has mitotic stimulants in 
it—see Curing Cancer page 331). If you have purchased a slide 
of breast tissue (mammary gland) you can search your breast for 
cancer. If not, but you find “mother's milk” in your white blood 
cells, assume it is cancer and clear it up immediately. 

If you don't have cancer, search for the pollutants giving you 
these twinges of pain. Search for your deodorant, cosmetics, and 
soap in your white blood cells. Search for dental metal. The 
breasts are often full of nickel. Nickel is quite soluble in fat and 
the breast is mainly fat. Nickel is one of the top carcinogens 
listed by researchers. It could even explain the high incidence of 
breast cancer. But titantum and barium from cosmetics, as well 
as asbestos and fiberglass are also quickly accumulated in the 
breast. Clean up your dentalware and body products. Check for 
exposed fiberglass. Change your dryer belt. Buy a new non-CFC 
refrigerator. Never try to get rid of these pains with pain killers; 
let the pains show you whether the clean up has been complete. 


Breast Sensitivity 


Breast sensitivity can be quite uncomfortable to the point of 
not being able to wear a bra, especially near period time. It may 
be due to high estrogen levels; this is also conducive to breast 
lumps and breast cancer. Most of your estrogen is produced by 
the ovaries before menopause and later by the adrenal glands. 
Too high estrogen levels plague the modern woman. Certain 
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food molds, particularly zearalenone, causes _ over- 
estrogenization. It affects men too. I have found it in popcorn and 
corn chips! And brown rice. Stop eating these. Eat white rice. If 
you make cooked cereals be sure to add vitamin C to them before 
cooking (1/8 tsp. per cup), to detoxify food molds. I do not know 
whether taking vitamin C with your popcorn would detoxify 
zearalenone. Don't risk it. The excess estrogen compounds must 
be detoxified by the liver. Yet, the liver may be incapable of this 
because you ate yet another food mold! See the section on moldy 
food (page 381). 

Over-estrogenized women are over-emotional, seemingly on 
a roller coaster of enthusiasm and despondence. They can de- 
velop a high pitched voice, that almost sounds squeaky. High 
enough estrogen levels are important for fertility but too high 
levels can cause infertility. Your body is eager to set the level 
just right, if only you will clean up the ovaries of parasites and 
pollution. Don't stop your clean up until the breast feels normal 
again throughout your cycle and you don't feel over-emotional, 
even just before your period. 


Breast Lumps 


Breast lumps may or may not be painful. If you feel one, don't 
wait to be more certain, don't wait to analyze it with tests, don't 
wait for a doctor's diagnosis or a mammogram. Obtain a 
frequency generator or zapper and zap yourself immediately. 
Also do the herbal parasite program immediately (page 338). 

Your body often turns the breast into a collecting station for 
toxic wastes that have been drawn downward from the top of 
your body. From your head where shampoo and hair spray and 
cosmetics leave their daily deposits, from your dentalware with 
its constant supply of heavy metals, from neck and armpits where 
cologne, deodorant and soap leave their toxic residues. The 
lymph nodes under the armpit and the region above the 
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breast, collect it all and let it slip into the breast where it is bun- 
dled up in a cyst. Perhaps the kidneys are clogged so toxins are 
forced to go to a designated dump site instead of out through the 
bladder. Do a kidney cleanse. Don't rest until all your breast 
lumps are gone. They will begin to shrink in three weeks if you 
are removing the correct toxins. Even radon and asbestos go to 
the breast, so be meticulous with your cleanup. 

When the platelet count (in a blood test) is very high (over 
400) there is quite a tendency to form cysts or lumps since 
platelets make your blood clot. The platelet count goes up when 
parasites are present. Maybe your blood is attempting to clot 
them! These clots make “nests” for fluke stages which may be 
why breast lumps often become cancerous. If yours is over 300, 
(it should be 250,000/cu mm) start patrolling parasites regularly. 
Stopping the use of caffeine and taking vitamin E (400 u. a day) 
are helpful in recovery but don't rely on these minor measures. 
Breast lumps definitely invite breast cancer. 


Leslie Yeager, age 37, had breast soreness and "fibrocystic lumps”. 
She had cerium and nickel accumulated in her breasts. They 
cleared up in weeks after her dental metal was gone (she simply 
took out her retainer). Later she replaced it with a partial made of 
plastic. 


Kari Pfeifer, age 36, had numerous cysts in both breasts and uterus. 
Her estrogen level was too high (187 pg/ml on day 22 of her cycle; 
the day of testing is important since it varies through the cycle). 
Her breasts were full of beryllium (coal oil from hurricane lamps) 
and radon. After these toxins were removed, all her breast lumps 
got smaller. After she did the kidney and Liver Cleanse, the lumps 
got softer and breasts were no longer painful. She had several root 
canals which filled her breasts with numerous bacteria, mainly 
Histoplasma cap (root canals develop infection around 
themselves). After starting her dental cleanup and killing bacteria 
with a frequency generator, all her breast lumps disappeared. 


Claudia Davis, age 41, had breast soreness ever since a mammogram 
two years earlier. She had numerous other pains and indigestion. 
She had intestinal flukes in her intestine and fluke eggs in 
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her blood: a dangerous situation. They might land in the breasts 
and start developing there. This is how cancer begins. But she did 
not have cancer yet. She had a buildup of niobium from polluted 
pain killer drugs and thulium from her vitamin C. She had 
Salmonella and several other bacteria in her white blood cells, 
which accounted for digestive problems. In eight weeks she had 
cleaned kidneys, killed parasites and gotten rid of her heavy met- 
als. Her breast pain was better and a lump on her eyelid had also 
disappeared. 


Stephanie Nakamura, 68, had six surgeries to remove breast lumps, 
going back to youth. Her recent mammogram was O.K. Her 
breasts were toxic with cadmium, lead, gold, radon, uranium, gal- 
lium, silver. Our tests showed she had kidney crystals and she was 
started on the kidney cleanse. She was given vitamin E, (400 units 
daily), sodium selenite (150 mcg daily) and vitamin C (1 or more 
grams daily). Her triglycerides were also very high showing again 
that she had kidney problems. She was given magnesium (300 mg 
daily), vitamin Bg (250 mg daily) and lysine (500 mg daily). She 
killed parasites and cleaned up everything except gallium, silver, 
mercury, gold, cadmium. These must have come from her gold 
crowns. Her dentist advised against removing these and 
proclaimed they had nothing to do with her developing glaucoma, 
arthritis and stomach ulcers. It was a tough decision for her and 
she made the wrong choice. Perhaps if she had been up for the 
next breast surgery she would have gotten those “gold” crowns 
replaced with composite too. 


Heart Pain 


Pain over the heart region is usually quite real, even though 
an EKG does not find any abnormality. The most common cause 
is Dirofilaria, heartworm of dogs. It often begins as a pain just 
above the heart but spreads itself over the whole heart region. 
Kill it with your zapper. Parasite herbs can also be effective. If 
you did kill them, the pain often intensifies for a day before it 
leaves. Then the pain should be completely gone. 
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Heartworm is very easy to pick up again. If you have had 
heartworm, you should no longer keep a dog for a pet. Give it 
away. 

Another heart parasite, Loa loa, is also a filarial worm and 
may be the causative factor. Both Dirofilaria and Loa loa can be 
obtained as slide specimens to use for testing yourself. Heart 
muscle can also be obtained as a slide specimen, but a chicken 
heart from the grocery store or snippets of beef heart (make sure 
to sample all 4 chambers) will do. 

Follow up on your heart, even when no pain remains. These 
tiny heart parasites have stages that you may not be able to pur- 
chase in slide form and therefore can't test for. These stages, if 
not killed, will become adults so a maintenance parasite killing 
program, herbal or electronic, is essential. Virtually all dogs 
have Dirofilaria in spite of monthly medicine to kill it. They pick 
it up immediately after their last treatment for it and can give it to 
you again. The only way to live safely with pets is to give them 
parasite killing herbs daily in the feed. 

Other heart problems such as irregular beat and mitral valve 
prolapse can clear up along with the pain. Or they may be due to 
bacteria (see Heart Disease, page 318). 


Meredith Zackman, age 53, came for her diagnosed cardiomyopathy 
(heart disease). She owned a beautiful, old, very big dog, and of 
course she would never part from him. We knew she would lose 
her battle against heart disease. She had both Dirofilariaand Loa 
loa which we killed instantly with a frequency generator. She was 
on Lanoxin™, Furosemide™, Captopril™ and Metoprolol.™ We 
found she also had Cytomegalovirus, Staphylococcus aureus, 
Streptococcus pneumonia in her heart. The Staph bugs were also 
in tooth #17. She had copper in her heart (from tooth fillings) and 
cobalt and PCB from her detergent. There was zirconium from her 
deodorant and fiberglass from somewhere. Her pulse was typically 
in the 90's. Eight days later, after her dental work to replace metal 
was done her pulse was normal (low 70's), both worms were gone 
and she felt much better. But she still carried four bacteria, five 
viruses and two tapeworm stages: Taenia solium 
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scolex in the spleen (she had chronic pain there) and Taenia 
pisiformis in the liver. She was started on Rascal (an herbal com- 
bination) for these. Six days later she had all of her problems back 
including Loa loa. She repeated everything, then she had to go off 
her heart medications because they lowered her blood pressure 
and pulse too much. She started the dog on the parasite program 
but continued to be heavily laden with parasites and bacteria that 
always found their way to her heart. She purchased her own fre- 
quency generator and was quite faithful with dog treatments. She 
may outlive her dog and then regain her health, finally. 


Bruce Walby, age 42, had chest pain for three years. We found he 
had Dirofilariaand Loa loa in all four chambers of his heart. When 
he zapped them, the pain left a day or so later. 


D'Ann Fonties, age 22, had a lot of chest pain but was told by her 
doctor it was simply “gas bubbles”. She also had a serious diges- 
tion problem. She had Dirofilaria, high levels of styrene (from sty- 
rofoam drinking cups) and benzene. This information delighted her 
and she planned to change her habits. 


Sheila Osborn, age 27, had chest pain when she lifted objects. Her 
pulse was slightly elevated (81) and slightly irregular. She had Di- 
rofilaria. Five weeks after starting the parasite program she was 
feeling much better but still had the chest pain. This time she had 
Loa loa (but not Dirofilaria). 


Wendy Lewellen, age 28, had a chronic cough and chest pain at mid- 
sternum (the sternum is the bone attached to the ribs and runs up 
the middle of the chest). She had Dirofilaria in one chamber of her 
heart (right auricle). She had xylene and toluene solvents which 
came from her daily beverage, Mountain Dew. ™ She was also full 
of asbestos from her trips to do laundry nearby (this could not be 
proved, but when she switched laundromats, the asbestos went 
away). Two months later, after killing parasites, she was free of 
heartworm and her cough and chest pain were almost gone. She 
was probably healing very slowly due to the asbestos which was 
still present. 


Lupita Cline, a young mother, had a chronic hacky cough and 
irregular heart beat. She had Dirofilaria in all chambers of her 
heart and Loa /oa in her blood but not in her heart. She had 
carbon tetrachloride, propyl alcohol, hexanedione, toluene, and TC 
Ethylene 
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buildup from drinking Pepsi™ and Mountain Dew.™ Her pulse was 
slightly elevated at 80. There were no pets in the house. She was 
started on the parasite program and two months later was rid of 
her heartworm but now had Loa /oa in her heart and was still 
coughing a bit. She was full of platinum, mercury and palladium 
from tooth metal as well as vanadium from a gas leak in her home 
and paradichlorobenzene from using moth balls. She was on anti- 
biotics for a “bronchial infection” and was happy to learn about a 
better solution. 


Slow Pulse/Syncope (Passing Out) 


Mason Heckler, 30s, was a mechanic by trade and could not afford to 
pass out on the job. Yet, it had been happening off and on for 10 
years. He had acquired high blood pressure in his teens! This was 
soon followed by an extremely slow pulse (50 beats/mm). No 
medicine worked (he had been tried on many) so he was on none. 
Then he got high blood pressure, it was 160/80 currently. He also 
had constant chest pain around the left nipple. He had heartworm 
and was started on the herbal parasite program. He never had a 
dog. In five weeks his pulse was 72; the parasite was gone. | pre- 
sume his syncopes were due to sudden blood pressure changes 
or missing a few heart beats in a row. He began the kidney 
cleanse next to lower his blood pressure. 


Chest Pain 


When there is a tightness or just a little pain at the middle of 
the chest, especially under the breastbone, you may be merely 
having an allergic reaction. You might be feeling little spasms 
coming from the esophagus, and reaching up toward the throat 
from gallstones. You might also have HIV/AIDS disease which 
has a similar symptom over the sternum. So it is very important 
to pay attention to even a minor symptom in the chest. 

Ruling out HIV disease ranks first in importance. Search for 
its emission at 365 KHz, or purchase a microscope slide with 
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the dead virus on it as a test specimen (see Sources). Or pur- 
chase a set of slides representing all the stages of Fasciolopsis 
buskii. Without this parasite you can't get the HIV virus. Purchase 
a slide of the thymus gland or make your own specimen of throat 
sweetbreads. Check yourself for benzene buildup in the thymus. 
(See Using The Syncrometer page 462.) 

If you have neither the benzene nor the parasite stages, you 
have no risk. Your chest distress is due to something else. Im- 
prove your air quality so that your lungs are not in distress. This 
includes radon, chlorine (from the bleach bottle under the sink), 
colognes, room fresheners as well as the usual pollutants 
(asbestos, arsenic, formaldehyde, fiberglass, freon). 

If you feel waves of pain reaching up to your throat, you 
probably have a gallstone stuck in a bile duct. Epsom salts can 
relax that bile duct in 20 minutes. Take a tablespoon in %4cup 
water but only on an empty stomach or you may feel quite ill. 
Taking a large dose of valerian herb (6 to 8 capsules) may also 
buy you a little time by relaxing the duct. If you do get relief, you 
can be sure it was a spasm of some kind. The magnesium in 
Epsom salts relaxes spasms. I would recommend cleaning the 
liver (page 552) a number of times to try to dislodge the sticking 
gallstone. The instructions for liver cleansing advise you to kill 
parasites and cleanse the kidneys first. But if your throat pain is 
severe enough, you might just zap and go ahead with it at once. 


Upper Back Pain 


The main pain may be a dull ache over a shoulder blade, or 
between the shoulder blades or running right through you from the 
front to the back of the chest. These are all gallstone pains 
coming from the liver! Get yourself ready to clean them out. 
Clean the kidneys first, kill all the parasites that might be re- 
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siding in the bile ducts and blocking them (flukes, pinworms and 
roundworms) and get onto a maintenance parasite program. Then 
mark your calendar for your first liver cleanse. Even if your first 
cleanse gives you only a dozen bits of green “stuff”? you have 
done well; you have accessed the bile ducts. The pains will 
probably be “magically” gone the next day, but they might start to 
return in two days. The bile ducts are having spasms again due to 
the remaining stones. 

After you have cleaned out 1,000 or more, you will get per- 
manent relief. Repeat every two weeks, unless ill, until the upper 
back pains are gone, permanently. If chest pain or upper back 
pain is severe, try going off your favorite high fat food (ice 
cream, butter, cheese). Also try taking 6 valerian capsules, 4 
times a day including bedtime to relieve the spasms. 


Shoulder Pain 


Some shoulder pain is called bursitis and some is called ar- 
thritis. But it always derives from stuck gallstones in the bile 
ducts of the liver! You can prove this by taking a tablespoon of 
Epsom salts in 3%4cup water at 6 p.m. instead of supper and on an 
empty stomach (or you may feel quite ill). If some of the pain 
subsides then you have evidence as to its true cause, because 
Epsom salts relax the bile duct valves. 

Get started cleaning the liver (page 552). By the time you 
have chronic or acute shoulder pain you have about 3,000 
Stones! Count them roughly, as they float in the toilet after the 
liver cleanse so you know how much progress you have made 
toward the final goal. Don't start cleaning the liver until you have 
killed parasites and spent three weeks cleaning the kidneys 
though. This improves elimination of liquid toxins so a liver 
cleanse is promptly cleaned up for you. 
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What emerges from the liver is the most contaminated mess 
imaginable, full of bacteria and viruses and parasite eggs and 
stages (all dead we hope) of every kind. It needs prompt clearing 
from your body. The diarrhea sees to the bowel elimination. But 
some toxins can only pass through the kidneys. Kidneys should be 
clean and capable of doing the job. Remember it is unwise to 
clean the liver before all parasites are dead, especially flukes, 
because they produce a substance that inhibits any action of the 
bile ducts! 

You are only one day away from freedom of shoulder motion 
and sleeping on your side again. Permanent improvement, though, 
depends on progress with your total stone count. Your bursitis 
can return in a few days or a few weeks. Be patient. You may 
only cleanse once in two weeks, and not if you are ill. After six 
cleanses you can be quite sure of being relatively pain free. 

Between cleanses use valerian capsules to stop the spasms. It 
takes 6 capsules 4 times a day to be effective. 

Typically only some bile ducts are spasming, and typically 
those ducts have a single fatty food trigger. Stop eating the high 
fat food you consume the most (it's probably your favorite). If 
that hasn't helped in two days choose a different high fat food to 
omit. The most common culprits are ice cream, potato chips, 
salad dressings, cheese, butter, cream, and milk. 

Perhaps the pain is actually caused by bacteria living in the 
blocked bile ducts and invading the shoulder. This point has not 
been clarified. Using your zapper or frequency generator does no 
good for this pain. Only liver cleaning brings your shoulders 
back to their youthful mobility. 
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Upper Arm Pain 


Excruciating pain in the upper arm soft tissues can keep your 
arm hanging straight down for fear of worsening it with motion. 

Magnets of high strength (2x5000 gauss) taped to your arm, 
under your sleeve, can get you through the day. Also try valerian 
capsules (6 capsules four times a day). Go off all fat in the diet to 
let the spasm subside. Then start your liver cleanse at 6 p.m. If 
you used pain killer drugs during the day, the cleanse may not 
yield anything but it's worth a try anyway. You might be lucky 
and pop out the chief culprit stone. If not, you should wait several 
days before trying again; this time avoid pain killers the day of 
the cleanse. Be sure to zap parasites the day before or earlier. 


Peggy Patton, age 60, had shoulder pain and painful feet in addition to 
aching all over. The aching was due to Trichinella which both she 
and her husband had. It took six months on the parasite program 
before it stayed away. She had clay colored stools, evidence of 
bile duct blockage. Then two liver cleanses cured her shoulder 
pain, nausea and remaining pains. She started gardening again 
and immediately picked up hookworms and Trichinella again. But 
she learned to sanitize her hands with grain alcohol after washing 
away dirt and this kept her parasites in check. 


Jessica Atkinson, a middle age school teacher, developed a pain in the 
right cheek quite suddenly. She also had pain over the right mid 
abdomen and right side at the waist but X-rays and scans showed 
nothing (she had been X-rayed three times). She struggled for 
seven years to stay employed. She was having severe pain attacks 
over the liver and described her stool as almost white after these 
attacks. She cleaned her liver at least 30 times before she related, 
one day, that her joy in living had returned. Her gallstones were 
exceptionally large (2 x % inch). Eventually the abscesses in her 
upper teeth were found, clearing up her cheek pain and protecting 
the liver from recurrent infections from these bacteria. Only then 
did she get permanent and complete pain relief. 
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Lisa Mattie, 72, had her right arm hanging limply by her side. It was so 
painful she bent forward to let it hang straight down. But in seven 
months she had done 6 liver cleanses, getting over 3,000 stones 
out. All pain was gone although some numbness in that arm per- 
sisted. She could also stop using Tums™, stop coughing, and no 
longer was bothered by her hiatal hernia. 


Elbow Pain 


One variety of elbow pain is due to an inflamed tendon there; 
it is sometimes called “tennis elbow.” It is not due to playing 
tennis or any other arm use. The inflammation is caused by a 
liver full of stones and parasites, especially flukes which 
manufacture a chemical that affects tendons. Kill all flukes and 
cleanse the liver for quick relief. Using your elbows while they 
are inflamed is traumatic to them, like working with a sore 
thumb. Don't play tennis or do other arm exercises until they are 
pain free. 

Parasites consume large amounts of your vitamins and min- 
erals. Give yourself vitamin A (25,000 u daily), zinc (60 mg. 
daily), and Bg (250 mg twice a day) until the pain is gone. 


Wrist Pain 


Tendons passing through the wrist can become inflamed from 
the unnatural chemicals produced by fluke parasites in the liver. 
Using the wrists to work further traumatizes them (injures them) 
making it harder for them to heal. A small hole between the 
tendons lets the nerve and blood vessels through into the hand. 
Fluke parasites also make chemicals that thicken tendons. When 
tendons at the wrist thicken, they can squeeze down on the nerves 
and blood vessels until the hand or fingers feel numb. If you have 
pain at the wrist or numbness in your hands, killing 
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parasites and cleaning the liver may give you the permanent cure. 
Wearing a wrist bandage or support can help reduce trauma 
damage to the wrist while it is healing. 

Numbness of hands, without wrist pain, is more often due to a 
brain problem with parasites and pollutants. Lead, mercury, fluke 
parasites are the usual culprits. 


Thumb Pain and Hand Pain 


can be due to liver parasites. Get yourself ready for a liver 
cleanse. If the pain goes away beforehand, while you are on the 
kidney cleanse, it shows you had deposits in your joints. You 
were headed for arthritis in your hands. Read the information on 
arthritis (page 78) to protect yourself. 


Finger Pain 


This is pain in a joint, often accompanied by some enlarge- 
ment or knobbyness of the joint. It is not hard to recognize these 
as deposits of the same kind as we saw in the toes. You can test 
yourself to identify the variety. Uric acid and phosphates are the 
commonest types. Read the section on toe pain (page 55) for 
detailed instructions. You can greatly reduce your finger joint 
deposits and the size of the knobs. In six weeks after starting the 
kidney cleanse and changing your diet, the knobs may already be 
shrinking. A large magnet (5000 gauss—used only as directed) 
may bring pain relief but only dental cleanup and environmental 
cleanup will give you lasting improvement. 
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Back Of Neck Pain 


The back sides of the neck seem to be highways that run 
between the teeth and liver. Both contribute to pain at the back of 
the neck. Pulling an infected tooth or cleaning a cavitation can 
bring complete relief, only to return the next time a tooth is 
extracted. Extractions should be followed by cleaning out the 
cavity created so an infection can't start here. Cleaning the liver 
can also bring immediate relief, only to find pain and stiffness to 
return months later. You must cleanse many times for permanent 
relief. 

An allergic reaction to potatoes and tomatoes can express it- 
self in neck pain too. When the liver can no longer detoxify the 
chemicals (solanine, etc.) in this food family they are free to 
roam the body with the circulation. Perhaps they prefer to attach 
themselves at a particular neck site and cause inflammation here. 
Perhaps an injury was already there, beforehand. Whiplash is 
often blamed for back-neck pain and indeed chiropractic ad- 
justments can bring total relief. Perhaps the trauma of whiplash 
first invited all of these contributors. Merely killing bacteria with 
a zapper is not long lasting. But dental cleanup plus liver 
cleansing is. 


Front Neck Pain 


Lymph nodes under the jaw strain your body fluids of the 
head, removing bacteria and toxins. They are sometimes called 
“neck glands.” If the stream of bacteria is endless such as when 
they are coming from a hidden tooth infection, the lymph nodes 
will enlarge to do a better job. They will also try to remove toxic 
metals, mouthwash, and toothpaste for you. 
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To see what is affecting 
your lymph nodes, purchase a . 
slide of lymph nodes. Since ( 
we have lymph nodes in many a 
locations in the body, you 
can't single out the neck @ 
nodes for study. So you will %, 
get to see all the toxins af- an 
fecting lymph nodes every- 
where: PCBs in your 
underwear being removed by 
groin lymph nodes, lead in 
your intestinal lymph nodes 
from the water you are 
drinking, mercury in your neck lymph nodes from amalgam 
fillings. Eliminate all these. Don't rest as long as any of your 
glands are enlarged. 


L< 


Fig. 26 Lymph node neck glands 


Roland Sanford, 23, had minor pain and a lot of stiffness along the 
sides of his neck. His arms had some numbness. He only had one 
metal tooth filling but his whole body was toxic with samarium, be- 
ryllium, indium, copper, cesium, and mercury. When it was re- 
placed, his neck pain and numbness got better. 


Audrey Doyle had severe neck pains she attributed to sitting all day 
and sleeping in her wheelchair. She had to take pain killers to get 
to sleep at night because they were so bad. She knew eating 
cream and butter made it worse but she had no will power, she 
said. After a liver cleanse, getting “thousands” of tiny stones, she 
was free of it.. for one day! But it was enough to convince her and 
she was determined to be off pain killers. 


Temporal Mandibular Joint (TMJ) 
Problems 


Pain at the angle of your jaw is not due to a poorly fitting 
joint. It fits perfectly but the muscles nearby are pulling it out of 
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joint with their frequent spasms. There is always a hidden tooth 
infection present. Ask the dentist to search for hidden tooth in- 
fections and to clean your cavitations (you will need to find an 
alternative dentist, and read Dental Cleanup, page 409). Begin 
immediately to heal these bone lesions with vitamin D (40,000 to 
50,000 units once a day for 3 weeks, followed by 2 such doses 
per week forever), milk-consumption for calcium, and a 
magnesium oxide tablet. (See bone healing, page 87). 

Kill pinworms with a zapper or frequency generator in your- 
self and family members twice a week and keep everyone's fin- 
gernails short for extra hygiene in the family for a month to 
prevent reinfection. Pinworms can cause tooth grinding and 
contribute to TMJ dysfunction. For extra muscle relaxation, take 
two magnesium tablets at bedtime and valerian capsules. 


Tooth Ache 


Before the pain becomes acute and excruciating, kill bacteria 
of the mouth, including “tooth decay” and “tooth plaque” 
frequencies (see frequency list, page 561). Make your dental 
appointment immediately. If zapping bacteria several times in a 
few hours relieves pain enough to get you through the night or 
past the weekend, do not delay a single day. Zapping does not 
reach into the middle of an abscess—it circles around, so some 
bacteria are left to repopulate. 

Try to understand the problem. If there are teeth with root 
canals near the location of pain, extract them. The toxic materials 
of the root canal jeopardize your total body health. Removing 
them always helps and may let the jaw heal normally where they 
were extracted. Since the pain is caused by a bulging infection 
pressing on a jaw nerve, and because each tooth has a related 
organ(s) it is especially important to clear up all infections to 
protect these organs. 
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These relationships are not understood yet. Finding that teeth 
have the same tissue frequency as some distant organ sheds a 
little light on the situation. Until the meaning and function of these 
frequencies is understood we can only guess that they interact 
somehow. Bacteria have taken advantage of this common 
resonance and have invaded both organs. 

Heart infection by Staphylococcus aureus is an example. It is 
a common heart bacterium, causing much of our heart ailments, 
particularly mitral valve disease and irregularity problems. They 
always derive from teeth, whether present or missing! After 
wisdom teeth are extracted, the hole left in the jaw frequently 
does not heal, it picks up Staphylococcus aureus from the mouth 
and a chronic infection is started. For this reason it seems ill 
advised to pull wisdom teeth if it isn't necessary. 

Another heart bacterium, Nocardia, can originate in the teeth. 
Nocardia can also invade the brain and nerves. Persons with 
Parkinson's disease always harbor quite a population of 
Nocardia. Zap all these bacteria before and after your dental 
visits. Remember that killing bacteria in itself is not a panacea. 
Pain and body damage will return unless you do the proper re- 
pair and cleanup work. 


Throat Pain 


Recurring sore throats are always improved by removing 
dental metal and root canals, and by cleaning up hidden tooth 
infections. This is essential for a permanent solution. Bacteria 
and viruses that cause sore throats are thriving in hiding places 
under and around dental metal. It is quite difficult to reach the 
center of such places (abscesses) with electric currents. Even if 
you could, you would reinfect the very next time you ate non- 
sterile food! Zapping is not a substitute for cleaning up your 
dentalware. 
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Keep your neck warmer than would be perfectly comfortable, 
gargle with hot water to bring in extra circulation. Use zinc 
tablets (60 mg. see Sources) twice a day; suck on them before 
swallowing. After cleaning up dentalware you may never have 
another sore throat! 

Children with recurrent sore throats usually do not have a 
dental problem. They invariably have an air pollution problem. 
Asbestos, formaldehyde, fiberglass, Freon and arsenic are the 
chief culprits. Clean these out of the house. Eating moldy food is 
especially conducive to respiratory illness. The immunity drop 
can last for weeks! Go off the moldy suspects to raise your 
family's resistance. 


Eye Pain 


is caused by parasites. 
The eye is a favorite 
location for many para- 
sites, including Giardia, 
amoebas, hookworm, 
schistosomes, 
Toxoplasma, and innu- 
merable others. The eye 
has two large bodies of 
watery fluid: the aqueous 
humor and __ vitreous 
humor, where no blood | ight travels through the cornea, through 
traverses to bring in extra the aqueous liquid, the lens, and then the 
white blood cells when vast vitreous humor, finally striking the 
the need arises. It has its super sensitive spot on the retina, called 
own protective devices, the macula. 


like tears, but some Fig. 27 Eye. 
parasites, like 
Toxoplasma, have overcome all the body's 
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defenses and regularly invade the eye if they get into the body 
somewhere. 

We get Toxoplasma from cats; the infectious stage is in cat 
feces. 

Toxoplasma infection could be the beginning of a lifetime of 
eye disease due to weakening of the eyes at an early age. 
Toxoplasma also invades the brain, frequently causing a dull 
ache or pressure at the back of the head. Trichinella is another 
common eye parasite, invading the eye muscles, so that a muscle 
is weakened and doesn't allow perfect alignment of the two eyes. 
Dogs and cats are the source of these. 


There should never be a cat box in the house. 


Never let a child near a cat box. 





By killing all the large parasites plus a few bacteria 
(Staphylococci, Chlamydias, Neisserias) the eye can become 
pain free in a few days. If pain returns, you missed something or 
reinfected yourself. Everyone in the family including pets needs 
to be treated for all the parasites. No indoor pets should be kept 
by a person of low immunity, since infecting yourself daily and 
then killing parasites daily is not a solution. 

Herpes of the eye is not a single actor. The true host of this 
virus is a larger parasite, possibly a tapeworm stage. Tapeworm 
stages should be killed with an herbal preparation, Rascal, or 
with a zapper. (Not with a frequency generator. Only a zapper 
can kill all the segments and eggs at once, leaving nothing alive 
to wander about and find a new tissue to invade.) 

Mary Rauch, age 60, filled a page with different pains and problems. 

Even her eyes had a dull ache around and behind them, some- 


times reaching to the back of the head. Her teeth hurt when she 
ate and she had been getting B12 shots once a week for 36 years 
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for pernicious anemia. She was full of Ascaris, amoebas and pin- 
worms which kept her legs twitching and jerking in bed at night, 
even waking her up. She was so much better after the kidney 
cleanse and parasite program she was eager to cleanse her liver. 
Before two months had passed her eye pain was gone. 


Jessie Healy, middle aged and in good health otherwise, had carried 
the anxiety of having inherited retinitis pigmentosa for forty years. 
Now her drivers’ license was in jeopardy due to fast progression of 
her disease. Numerous heavy metals had accumulated in her 
retina, including cerium from dental floss, arsenic from pesticide, 
tin from health food brand deodorant, PCB from skin salve, cobalt 
from dish detergent and indium from tooth metal. She had eight 
parasites in the retina including Toxoplasma from association with 
cats years ago. Removal of dental metal alone arrested the disease 
process. Two years later she was slightly improved and still driving 
her car. 


Macular Degeneration 


Dolores Bollapragada, 50ish, had suffered from clinical ergot poison- 
ing in the past which put her in a coma for several weeks. Ergot is 
a grain (especially rye) fungus, very toxic to the liver. Its byprod- 
ucts are used in migraine medicine. She had overdosed, some- 
how. Perhaps her liver never recovered. It no longer detoxified 
solvents for her, allowing them to accumulate in her retina. There 
she had propyl alcohol, benzene, carbon tetrachloride acetone, 
butyl nitrite, styrene, gasoline, wood alcohol, paradichlorobenzene 
(moth balls), pentane, methylene chloride and decane. She 
stopped snacking on cold cereal through the day. She had many 
habits and products to change. But she was determined to salvage 
her sight. She did. 


Headache and Migraines 


Headaches can take the joy out of living. They can lower 
your motivation level so low that you don't even want to do 
anything about them! People with daily headache deserve our 
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deepest sympathy since they must carry on with life's daily duties 
in spite of it. Often, no medicine helps. Although there are 
common headaches, sinus headaches, migraines, and others, the 
causes of all overlap a great deal. 


Tooth infection, urinary tract infection, bowel problems, and 


a wormlet, Strongyloides are the common causes. 





There are also allergic connections which include milk, eggs, 
citrus and salty foods. But the allergy-approach is difficult to put 
into practice. It is almost impossible to stay off these foods for 
long time periods. Eliminating bacteria and Strongyloides leads 
to a permanent solution. 

Possibly the parasite wormlet comes first, since even young 
children can suffer with migraines. Strongyloides is a micro- 
scopically small threadworm that horses are plagued with, but 
humans and our pets pick it up easily. Every migraine sufferer 
(100%) has high levels of this tiny worm. Perhaps it is really the 
special bacteria it brings with it that cause the blood vessels to 
seep or to spasm in the brain, causing pain. Zap it immediately. 

Bacteria hidden under a tooth filling or root canal or in a 
space where once a tooth was pulled can be the cause. Staphylo- 
coccus aureus is a favorite, but various Clostridia, Streps and 
others are often seen, too. You don't feel pain from this small 
abscess because the pressure isn't building up inside it. It has 
found a way into your body—namely, your brain!—so no pressure 
builds up to alert you. Find an alternative dentist with experience 
cleaning cavitations and finding small hidden abscesses. If you 
get immediate relief from dental work, only to lose ground again 
later, the abscess may have formed again (they are notorious for 
forming again). Go back to the dentist. Irrigate the dental wound 
site with white iodine (potassium iodide, 12 drops) or Lugol’s (6 
drops) to 4 cup water using a curved-tip syringe. 
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Do not use iodine if you know you are allergic to it. 

The colon is always a thriving mass of bacteria. It should be 
emptied at least twice a day to keep their levels down. Use the 
simple herb, Cascara sagrada, senna tea, or magnesium oxide 
tablets (2 to 3 a day) to help you eliminate frequently if your own 
regularity is lacking. 

Gallstones in the liver and a congested liver are sources of 
bacteria, too. Do several liver cleanses and note the effect. 

Is it the toxins made by bacteria or the inflammation from the 
bacteria or wormlets themselves that produces the headache? 
Certainly, one can eat the toxins by themselves in foods like 
yogurt, cheese, wine, sour cream and develop “royal” headaches. 
Stay away from these tyramine containing foods. Boil all your 
dairy foods to prevent Salmonellas and Shigellas from 
swimming into your beleaguered brain. Don't eat dairy foods that 
can't be boiled for ten seconds. 

Begin by killing all Strongyloides and other parasites, bacte- 
ria and viruses with a zapper. Hopefully, this will only leave a 
few stragglers behind in abscesses, gallstones and the colon 
contents. If the colon bacterium, E. coli, is your headache cause, 
start the Bowel Program. Search for the source of your E. coli in 
food or polluted water. Stop reusing water bottles. Most people 
get their Strongyloides back in a few days from pets, other fam- 
ily members, and themselves! Zap every day for three weeks. Try 
to “clean up” family members and pets. Never let a horse or pet 
salivate on you. Never put your fingers in your mouth. Always 
sanitize your hands with grain alcohol after using the bathroom. 

To summarize the steps to cure migraine headaches: 


1. Kill Strongyloides and bacteria by zapping. 
2. Do the herbal kidney cleanse. 

3. Clean up dentalware. 

4. Do the Bowel Program. 
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5. Boil all dairy foods. 
6. Do liver cleanses. 


This has never failed to substantially reduce migraine inten- 
sity and frequency. 

Headaches are also caused by toxins in your environment; 
especially things you breathe in. Household gas is the most 
common offender. You don't smell it after you get used to it! Gas 
pipes are notoriously leaky. Conducting gases through pipes with 
joints in them, where gases could escape, must be the most 
ludicrous of all modern “conveniences”. Would you try to 
conduct water through pipes with holes in them? You would soon 
see the water on your kitchen or bathroom floor. But gas doesn't 
land on the floor, it doesn't make a puddle, so you, the consumer, 
are left helplessly believing you don't have leaks. Every gas pipe 
that has a seam should have a clear plastic boot around it 
containing indicator compound to let it be known when gas is 
escaping. Other methods could be invented to make the gas utility 
safe. As you will see from the case histories, very many persons 
are living in a cloud of poisonous gas. 

The telltale element is vanadium. When your vanadium test 
is positive, you have a gas leak that your body found, even though 
the gas company may not. Many gas companies use outmoded 
equipment to search for it. Four out of five gas companies miss 
the gas leak. Health Departments and building contractors use 
modern equipment that detects even the tiniest leak; call them. 

If you are a headache sufferer, fixing the pipes is not good 
enough. Switch from fossil fuels to electric. There will be many 
dividends. (Remember not to use candles as part of your life- 
style, nor to be a smoker.) Your air needs to be clean: clean of 
perfumes and colognes, clean of potpourri and air fresheners, 
clean of air sprays, pesticides, formaldehyde, freon, carpet and 
car odor, fireplace lighter, and of wood smoke. 
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THE CURE FoR ALL DISEASES 


Janette Donovan, age 52, had migraines every day but could not tol- 


erate any medication for it. She walked about “like a zombie” most 
of the time. She frequently had vomiting with them. She was gassy, 
had pain in her right groin for many years and chronic bladder 
leakage. Our kidney stone test showed urate crystals. Her 
urinalysis also showed urate crystals and a slight amount of blood, 
obviously chronic urinary tract infection. The parasite test showed 
Strongyloides, Trichuris and Fasciolopsis buskii in the intestines. 
Her heavy metal test showed beryllium. This was tracked down to 
hurricane lamps that once held coal-oil in the m— it filled her house 
air unbeknownst to her. Thirty five days later she had done an 
herbal parasite killing program, done the kidney cleanse, cleared 
out the hurricane lamps and all fuel containers. Her headaches 
were “more like pressure” now than pain. She still had 
Strongyloides. Four months later she had some headaches still but 
not migraines. They were down to once a week. Three months 
after that she had done a liver cleanse and gotten abut 3,000 
stones out! She was still getting some headaches. She tested 
positive to Histoplasma and Coxsackie virus #4 (a common brain 
virus) probably stemming from dentalware. She had many root 
canals and couldn't decide what to do. Keep her teeth and risk 
return of migraines; or get partial dentures. After eight months of 
indecisiveness she was back up to ten headaches per month, 
although not migraines. 


Patsy Olsen, age 30, had migraines daily, frequently with vomiting. 


She had Strongyloides as well as Ascaris, and other bowel para- 
sites as did her husband and two children. She couldn't tolerate 
any medication and had to give herself an enema daily for consti- 
pation. The whole family was put on parasite killing herbs. A gas 
leak was found and fixed and the baby's diapers were changed to 
non fragrant. Ten months later, the whole family still had Strongy- 
loides. By one year she was experiencing a couple of good days 
a month although she still had Ascaris, Coxsackie viruses, and 
various tooth-related bacteria. Her two and a half year old had 
swollen neck glands, was toxic with bismuth from disposable 
diapers but did not have Strongyloides. The eight year old was 
also toxic with the lotions and fragrance of baby-stuff in the home; 
she was constantly congested and coughing but became free of 
Strongyloides in six months. After another ten months (the baby 
had been 
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potty-trained meanwhile) the mother began to have headache-free 
days. 


Donald Schaible, age 14, had migraines, learning disabilities and se- 
vere acne. The parasite test showed Strongyloides, hookworm 
and Ascaris. In spite of being on the parasite program two weeks 
and zapping, he still had Strongyloides. 


Kenneth Jones had migraines for thirty five years and had tried all the 
new medications. They worked for a while, then stopped helping, 
but he continued taking them anyway. He usually went to the 
emergency room for the really bad ones, once a week but lived 
with the constant daily variety. There were two house dogs. They 
and the whole family had Strongyloides. After cleaning up an as- 
bestos problem, killing parasites for five months and clearing kid- 
neys of urate stones, he was down to two to three mere headaches 
a week. Two months later, he was getting migraines again; they all 
had Strongyloides again. With renewed efforts, one month later 
his bad headaches were down to one a month, although his low 
level chronic headache persisted: they had the dogs on a strict 
schedule of parasite killing herbs as well as themselves. He had not 
been to the emergency room for a month. 


Angelina Gander, age 46, had daily headaches, not migraines. She 
also had persistent urinary tract infection and sinus infection. She 
was put on the herbal parasite program and four weeks later was 
much better. She also lost her chest pain due to heartworm and 
regained her milk tolerance. 


Gracie Arlington had a boy age 6 who wet the bed, a girl age 8 witha 
behavior problem at school. She was stressed by an unfaithful 
spouse and thought she should go back to school for a Nursing 
degree so she could support the family. But she was getting two or 
three migraines a week in addition to colitis attacks which she 
feared would make her unable to study. The two cats, a dog, the 
children and herself all had Strongyloides, Ascaris, and a variety 
of other intestinal parasites. The humans were promptly zapped for 
parasites and the boy was dry that night for the first time in his life. 
A few nights later he was wet again. This time the animals were 
zapped and put on the pet parasite program and the children's 
toileting was carefully supervised. When she dropped her extreme 
vigilance over all, they all relapsed. After a year of trying, they 
gave away their beloved dog, put the cat box in the porch 
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and the mother did the cleaning herself but nothing prevented re- 
lapses. A half year later, her six year old son asked if he could 
launder his own sheets and blankets. This request broke her heart 
and she planned to give away one cat. Even with only one cat, the 
girl's behavior and grades fluctuated extremely, the mother had a 
migraine a week and the boy wet. During a vacation the mother 
loaned the last cat, (her cat) to which she was very endeared, to a 
friend, to see if it made a difference. The boy never wet again, the 
girl made straight A's, and the mother's headaches became sinus 
headaches. Some intensive dental work cleared these up. She 
brought her Nursing diploma to our office two years after begin- 
ning. She should have had another diploma for Intelligent Par- 
enting. 


Earache 


Earache is particularly common in children. Bacteria, mainly 
Streptococcus pneumoniae, have built up to a high level. Zap 
them. They were probably introduced by some larger parasite. 
But why did they multiply and thrive in your child's ear? There 
must have been food for them and protection from the immune 
system. Probably the Eustachian tubes are full of mucous, 
providing habitat. The mucous is present because some air toxin 
is irritating the sensitive linings. Clean up the air: not just 
asbestos, fiberglass, formaldehyde, freon, and arsenic, but per- 
fumes, fragrant school supplies, potpourri. 

Being housebound, as in winter, makes the air-toxin problem 
worse. Use summer time to strengthen your child for the winter— 
spend summer outdoors. Always wash hands a lot. Stay away 
from moldy food. Give small doses of niacin (25 mg., niacin 
thins mucous so it can run away) along with vitamin C (250 mg.) 
at bedtime. 

Putting in “tubes” is a short term solution that is better than 
perpetually staying on antibiotics, but neither should be neces- 


sary. 
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To hasten healing, as soon as earache is suspected put room 
temperature olive oil in both ears, tug the earlobe to let bubbles 
out, and stopper them with cotton wool salvaged from vitamin 
bottles (other types are polluted with mercury). Put on a light bat 
that covers the ears. 

When adults get earache, the Streps are hiding under tooth 
fillings and in gallstones. Clean up these two sources and zap. 

Drinking non sterile milk adds Salmonellas and Shigellas to 
the Strep ear infection! Small wonder milk is thought to make 
people mucousy. The ears must now battle them, too. Even a few 
bacteria consumed in milk can start a whole colony if bowel 
bacteria have been disturbed by antibiotics. If your child has 
become “allergic” to milk or gets mucousy, remove cheese and 
ice cream—not milk—from the diet. Even cheese can be eaten if 
baked as in pizza or casseroles. Milk must be boiled. Try to 
reduce the child's Salmonella sensitivity by avoiding unneces- 
sary antibiotics. Keep immunity high by avoiding moldy food! 


Ear Noises And Ringing 


This is also called tinnitus. A hissing or buzzing sound is 
heard in one or both ears. It can be continuous or pulsing off and 
on. It can be as loud as roaring. 

Tinnitus is caused by three things acting in partnership: toxic 
elements, an allergy to salicylates (the aspirin family) and a 
bacterium Streptococcus pneumoniae (the pneumonia bug). This 
“bug” can be carried in the chronic state after a bout of 
pneumonia or what seems to be a head-cold. It is always present 
in earache. It is easily activated by exposure to cold wind or 
drafts and certain toxic substances. For this reason I recommend 
keeping the ears warm in winter by keeping them covered or 
wearing a cotton plug or ear-muffs. The Strep bug can also cause 
Meniere's syndrome, congestion, loss of balance and 
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chronic sinus problems. Often an antibiotic of the penicillin 
family helps immediately, then loses its effectiveness. This 
shows you that bacteria are involved but cannot be truly van- 
quished with antibiotics. 

Streptococcus pneumoniae often hides in pockets under in- 
fected teeth and in holes left where teeth have been pulled— 
especially wisdom teeth. These can be found by alternative 
dentists who clean these cavitations. Strep also resides in the 
liver; clean them out with liver flushes. 

Certain foods and many medicines, especially cough medi- 
cine and lozenges contain salicylate. 

To cure the tinnitus we must stop using aspirin or any high 
level source of salicylates. We must also stop the exposure to 
certain toxic elements—lead, beryllium, zirconium, benzalk- 
onium. They are present in the air at gas stations and in many of 
our body lotions, soaps and salves. Switch to safe varieties. 
Niacin tablets, such as 100 mg, taken three times daily is another 
treatment, intended to increase the blood supply to the inner ear. 
Taking a thyroid tablet, by prescription, often helps too. 

These methods never fail to improve tinnitus but a complete 
cure is seldom possible. 


William Thall, 47, had a headache daily and was on pain medicine for 
it daily. He had tinnitus, a loud humming noise in the right ear. He 
had Shigella (producing nerve toxins) and Borellia (Lyme disease 
virus). He had Gaffkya, a respiratory bacterium under two wisdom 
teeth (right side). He also had Campylobacter and Anaplasma 
growing on him somewhere. He had Strongyloides too. He was 
toxic with vanadium (gas leak) and asbestos. After ten weeks he 
had two cavitations on the right side of his jaw cleaned, he had 
been on the parasite program and his tinnitus was gone, (he still 
had occasional headaches indicating he still had some Strongy- 
loides). 


Billie Scott, 26, had a history of ear problems, and lots of headaches. 
She was started on the kidney cleanse. Then she added the 
parasite program including their two dogs. She had a cyst in her 
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left buttock, due to PCBs traced to the well water. She stopped 
using this well and switched off detergents for laundry and dishes. 
She switched off soda pop, onto milk. In 3/2 months her tinnitus 
was gone and the cyst was shrinking. 


Larry Pelegrini, 59, had tinnitus in both ears but was otherwise a 
strong, tall, intelligent person, who cared for sick people, whether 
family or not. As soon as he saw how simple it was to kill invaders 
with a frequency generator, he bought one. Preventing their recur- 
rence was his big challenge since he had neither the means nor 
insurance to do dental work. He was toxic with aluminum, copper 
and PCBs. After switching to borax for all washing purposes, he 
got rid of aluminum and could feel his memory improve. The kid- 
ney herbs cleared him of uric acid and oxalate and he felt more 
supple. He had to go off his favorite beverage to get rid of pentane 
and methyl ethyl ketone. Twice a week he killed two dozen 
parasites and bacteria, that just seemed to pop up from nowhere, 
in order to feel better and reduce his tinnitus. But he lived alone, 
had to cook, garden, take care of animals and his sick friends 
which gave him a lot of parasite exposure. Sometimes he would be 
toxic with arsenic (a new pesticide he tried out) or vanadium (gas 
leak) but mainly it was tooth filling metal. If only this wonderful man 
could afford his dental work: what a blessing to society he could be 
for a long time to come. 





Scalp Pain 


Infection anywhere in the head can cause sensitive scalp and 
scalp pain. Even a common cold can cause bouts of scalp pain. 
Clean up your dentalware and environment. 

Lumps on the scalp are often called sebaceous cysts, actu- 
ally this is where your body has _ sequestered PCBs 
(polychlorinated biphenyls, extremely hazardous, now banned in 
the U.S., but often a pollutant in detergents.) Get rid of them by 
switching off detergents for all purposes. See Recipes for 
dishwasher liquid, dishwasher detergent, and laundry detergent 
replacements. 
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Explanations for many of these “mysterious” diseases be- 
come rather obvious when you see a common parasite, or 
pollutant, or both consistently show up in case after case. 


Diabetes 


All diabetics have a common fluke parasite, Eurytrema pan- 
creaticum, the pancreatic fluke of cattle, in their own pancreas. It 
seems likely that we get it from cattle, repeatedly, by eating their 
meat or dairy products in a raw state. It is not hard to kill with a 
zapper but because of its infective stages in our food supply we 
can immediately be reinfected. 

Eurytrema will not settle and multiply in our pancreas with- 
out the presence of wood alcohol (methanol). Methanol pollution 
pervades our food supply—it is found in processed food 
including bottled water, artificial sweetener, soda pop, baby 
formula and powdered drinks of all kinds including health food 
varieties. I presume wood alcohol is used to wash equipment 
used in manufacturing. If your child has diabetes, use nothing 
out of a can, package or bottle except regular milk, and no 
processed foods. 


By killing this parasite and removing wood alcohol from the 


diet, the need for insulin can be cut in half in three weeks (or 
sooner! ) 





Be vigilant with your blood sugar checks. The pancreas with 
its tiny islets that produce insulin recovers very quickly. Even if 
90% of them were destroyed, requiring daily insulin shots, half 
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of them can recover or regenerate so insulin is no longer neces- 
sary. The insulin shot itself may be polluted with wood alcohol 
(this is an especially cruel irony—the treatment itself is wors- 
ening the condition). Test it yourself, using the wood alcohol in 
automotive fluids (windshield washer) or from a paint store, as a 
test substance. Try different brands of insulin until you find one 
that is free of methanol. 

Artificial sweeteners are polluted with wood alcohol! In- 
stead of helping you cope with diabetes, they are actually pro- 
moting it! Do not use them. 

Drugs that stimulate your pancreas to make more insulin may 
also carry solvent pollution; test them for wood alcohol and 
switch brands and bottles until you find a pure one. You may not 
need them much longer, so the extra expense now may soon 
reward you. 

Many persons can detoxify the amount of wood alcohol that 
pollutes our foods. They do not have a food mold, Kojic acid, 
built up in their bodies as diabetics do. I have found Kojic acid 
in coffee, and potatoes with gray areas inside. Do not eat dis- 
colored potatoes or peels, even if cooked or baked. Being able to 
detoxify a poisonous substance like wood alcohol should not 
give us the justification for consuming it. All poisons are bad for 
us. Do not consume them 

All diabetic persons also carry a virus, HA virus in the pan- 
creas. This virus grows in the skin as a wart but is spread quite 
widely in the body such as in the spleen or liver besides pan- 
creas. It is not necessary to kill this virus since it disappears 
when the pancreatic fluke is gone. The HA virus undoubtedly 
belongs to the pancreatic fluke. The question can be asked: Does 
the fluke or its virus cause diabetes? There might even be a 
bacterium, so far missed in our observations, that is the real 
perpetrator. 
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While recovering from diabetes, it is very important to check 
your blood sugar every day. Improvement is so rapid, you may 


suddenly be over-insulinized by your next shot. Cut down your 
dose to suit your actual need. 





There are additional aspects to diabetes that have been 
studied by alternative physicians. For instance, allergy to wheat 
and other grains containing gluten is common. Perhaps the pan- 
creas and its islets would heal much faster if grains were out of 
the diet for a while. Perhaps the 50% improvement that is con- 
sistently possible just by killing parasites and stopping wood 
alcohol consumption could be improved further by a month of 
grain-free diet. Eating fenugreek seeds has been reported to 
greatly benefit (actually cure) diabetes cases. Are they a specific 
fluke killer, virus killer, or neither? It seems like a good idea to 
add this to your diet if you are a diabetic. Wood alcohol also 
accumulates in the eyes, and there is a connection between dia- 
betes and eye disease. Bilberry leaves are an herbal treatment 
for both diabetes and weak eyes. Do they help by counteracting 
wood alcohol or detoxifying Kojic acid? Make a tea for yourself, 
using 4 cup leaves to three cups water. Drink Yacup a day. 
Chromium is another must for diabetics (200 mcg three times a 
day). It helps insulin enter your cells. 

Gold is attracted to the pancreas. Heavy metals should be 
removed from dentalware including all gold crowns and no metal 
should be worn next to the skin as jewelry, including all gold 
items. 


Blythe Jenkins was on Micronase™ (5 mg) daily for her diabetes but 
she still had a morning blood sugar of 183. She had pancreatic 
flukes and sheep liver flukes in her pancreas, vanadium (a gas 
leak) in her home and cadmium in her water (old pipes). After kill- 
ing parasites and cleaning kidneys her morning blood sugar was 
down to 148. She also got rid of her hot flushes, groin and leg 
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pain. This encouraged her so much she did the rest of her body 
cleanup and could go off her medicine completely. 


Robert Greene, age 65, had been on insulin five years already, getting 
two shots a day (25 u each), and even this was not controlling his 
blood sugar which was 288 in the morning. He was raised to 30 
units without much improvement. His legs and feet were too painful 
to walk without a walker to lean on. He had Loa /oa in his 
pancreas. (This is another example of a parasite going to the 
“wrong” location, this time the pancreas instead of the heart. | be- 
lieve the solvent makes this possible.) Also mumps virus, HA wart 
virus, mycoplasma, flu virus, chicken pox virus, Adenovirus and 
Shigella, all making their home in his pancreas! This was possible 
because he had wood alcohol accumulated there, from drinking 
various beverages and using artificial sweetener. As soon as he 
stopped this practice and killed everything with a frequency gen- 
erator his blood sugar fell below 100 in the morning and he had to 
reduce his insulin to 20 units. He was also on chromium 200 mcg 
(2 three times a day). Meanwhile, he cleared 2,000 stones out of 
his liver. He could now walk well again and decided to take a part 
time job. The whole process took one year. 


Ralph Dixon, age 72, had been switched to 30 units of insulin, once a 
day, after six years on pills for his diabetes. He still had a fasting 
blood sugar of 242. He had the pancreatic fluke and a host of 
bacteria and viruses in his pancreas. He had a poodle. After killing 
the pathogens and cleaning his kidneys, his blood sugar dropped 
so he cut his insulin to 25 units (blood sugar was at 111) Soon he 
had to cut it to 20 units. He was also on chromium 200 mcg (2 
three times a day), manganese 50 mg. (one a day), fenugreek 
capsules (2 a day), and bilberry leaves, each supplement by itself. 
He also lost his angina and fatigue with all this body-cleaning. But 
if he went off the maintenance parasite program he would promptly 
get a spike in his blood sugar, showing how easy it was for him to 
reinfect and how new parasites would immediately find his 
pancreas. 


Melissa Bird, 54, had major illnesses including heart disease (2 an- 
gioplasties), numerous other surgeries and diabetes. She took 15- 
18 units of insulin once a day. Besides pancreatic flukes in her 
pancreas, she also had intestinal flukes there(!) plus widespread 
Ascaris. She also had warts and candidiasis. Fortunately there 
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were no pets. Her parasites were instantly eliminated with a fre- 
quency generator and she was started on kidney herbs for her 
other problems. Seven weeks later she stated she had to cut down 
her insulin because her morning blood sugar had dropped to 90. 
Then she eliminated the decafs and artificial sweetener that were 
giving her wood alcohol, started the parasite herbs and did a liver 
cleanse. The day after the liver cleanse her blood sugar went up to 
164 but was completely normal after that (under 100) and she did 
not dare take any more insulin or pills. We advised her to keep 
monitoring her blood sugar and be very, very vigilant and to please 
stop smoking. 


John Angert, 65, was not on any medicine in spite of his diabetes. He 
was too embarrassed to tell us his blood sugar. He had a long list 
of other health problems, too. He was toxic with thulium (vitamin C) 
and palladium (from tooth fillings). He had a variety of parasites. 
After doing some dental work and parasite killing his fasting blood 
sugar dropped to a normal 98. But his leg cramps kept returning in 
spite of doing a kidney cleanse. Only after changing his diet to 
include milk did the phosphate crystals stay away and eliminate his 
cramps. 


Cornelius Edens, age 33, came for his diabetes, although he also had 
fatigue, digestion problems, and headaches. He had numerous 
other minor symptoms like chest pain over the heart, soreness in 
testicles, etc. His diabetes was only diagnosed one year ago. he 
was on insulin (Humulin™ 20 long acting plus 6 regular units) in the 
morning. He often omitted the evening dose which should be 14 
long plus 6 regular. This brought his fasting blood sugar down to 
166 in the morning. 


He had pancreatic flukes in his testicles besides in his pancreas. 
His aflatoxin level was very high; he was told to stop eating grocery 
store bread, eat bakery bread only. He had silver, nickel and very 
high levels of gold-probably all three coming from his gold crowns-— 
he was to have them all replaced with composite. He had fiberglass 
in his pancreas. Wood alcohol was present in large amounts in his 
pancreas as expected. He was to stop drinking all store bought 
beverages, whether frozen, powdered, or ready to drink. He did 
not test positive to benzene, propyl alcohol, Sa/monelias, 
Shigellas, or E. coli. But he had Staph aureus growing at high 
levels in his pancreas. The usual source for this is in teeth, 
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so he was told to ask his dentist to search for cavitations and clean 
up hidden tooth infections while replacing the gold crowns. He was 
to find the exposed fiberglass and seal it off. He was to zap 
parasites every other day for 1 month. His supplements were 
vitamin C (1 tsp. with each meal for constipation; then 1 tsp. daily), 
vitamin B-50 complex (2 per day), thioctic acid (2 per day). He 
was to start the Kidney Cleanse recipe for his testicle problem, and 
after 6 weeks do a Liver Cleanse. He was to follow up with us in 3 
weeks, after dental work was completed. He never returned. Four 
months later we received a phone call he was too embarrassed to 
make himself. He needed no insulin and was doing fine. Another 3 
months later he was still doing well, and off insulin. 


Prediabetic 


Alyce Dold, 64, came because she was worried about her blood sugar 
and chest pain. Indeed, a blood test showed her fasting blood 
sugar to be 136, just beginning to show insufficient insulin produc- 
tion by her pancreas. She had pancreatic flukes and wood alcohol 
there. Also mumps virus and HA virus. She had six more solvents 
accumulated due to eating raisin bran and other cold cereals each 
day. She was glad to be forced off this routine: she switched to 2 
eggs every other day with biscuits or bread (not toast) and cooked 
cereal in between. Her chest pain was due to dog heartworm and 
Staphylococcus aureus bacteria that originated at teeth #16, 17, 
1, 32. The worms and Staph were killed with a frequency gen- 
erator. She was referred to a dentist for cavitations and started on 
kidney herbs. Two weeks later, there was still a little residual heart 
pain due to Staph; dental work was not yet done. She was given 
chromium (600 mcg per day) to help her insulin regulate sugar. 
Her LDH (See tests) was still high from the recent heart stress, no 
doubt. But she had accomplished a lot and planned to get it all 
done. 


Diabetes Of Childhood 


The problem is the same for diabetes of childhood as for 
diabetes of later onset, but much easier to clear up, provided the 
whole family cooperates. 
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Wesley Evanco, age 6, had his onset at age 11 months. Prior to that 
he had chicken pox and his baby shots. He had pancreatic flukes 
and their reproductive stages in his pancreas as well as wood al- 
cohol. He had no other solvents accumulated. The problem was 
clearly due to these two enemies of his small body. Wesley's fa- 
ther did not have pancreatic flukes but his mother had very high 
levels, along with wood alcohol. She had to clear hers up before 
Wesley could recover. She chose not to. She couldn't believe the 
connection. Our most persuasive efforts were not successful. We 
hope Wesley can forgive us all in due time. 


Herpes 


The Herpes family of viruses includes Herpes Simplex Virus 
(HSV) 1 and 2, Epstein Barre Virus (EBV), shingles or Chicken 
Pox (Varicella zoster), Cytomegalovirus (CMV) and some 
newly discovered ones. 

Herpes simplex virus I is the virus that breaks out around or 
inside the mouth. We call it a cold sore because it often follows 
a cold in childhood. As children, we may get HSV 1 once or 
twice each winter. When they come more often the child's im- 
munity is low. Adults who get repeated attacks also have low 
immunity (this is obvious from a blood test where the white 
blood cell count is less than 5,000 per cu mm). 

Herpes simplex virus 2 breaks out in the genital area. It is 
often blamed on promiscuous sex but I believe it has quite dif- 
ferent origins. 

I believe the virus is introduced to our bodies by another 
large parasite. Perhaps it is pinworms, or Ascaris. Perhaps it is a 
tapeworm stage, picked up from dust and dirt. 

I have some evidence that it is released from dog tapeworm 
stages when these are being killed by your immune system. It is 
probably the same tapeworm stage as releases the Adenovirus 
(cold virus) which would explain why children frequently get 
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“cold sores” during or after a cold. (See Curing The Common 
Cold, page 357.) 

Nevertheless, you would not get sick from these viral re- 
leases unless your immunity was lowered. 

Herpes lives in your nerve centers (ganglia) and it is from 
here that you can be attacked after the initial infection. Evidently 
your immune system can destroy them as quickly as they emerge. 
But a meal of aflatoxin or other moldy food suddenly “gags” 
your white blood cells and lets a viral attack happen. 

The viruses can also be “triggered” which lets them out of 
hibernation (latency) to multiply and travel along the nerve fiber 
to the skin. Triggers are things that put these nerve centers to 
work: sudden cold and heat, trauma from chafing and friction. 
Never drink water with ice cubes in it. Never eat hot soup with a 
metal spoon. Don't tweeze hairs. 

Begin your prevention program by raising the immunity of 
your skin; this means removing all toxins from the skin. Use only 
natural lotions, softeners, cleansers on your skin made from 
recipes in this book. Health food brands are not superior. This 
will get rid of nickel, chromate, titanium, zirconium, aluminum, 
and benzalkonium from your skin and probably your whole body! 
Do laundry with borax and washing soda, only, to eliminate 
commercial detergent as a source, too. 

As soon as you feel that warning tingle or sensation of Her- 
pes, Zap or use a frequency generator at 293 and 345 KHz (HSV 
1) or 360 and 355 KHz (for HSV 2). Immediately take a cayenne 
capsule and 8 lysine tablets (500 mg each). The cayenne slows 
down travel of the virus along the nerve. 

Attacks probably occur when the triggers act at the same time 
as an immune drop occurs. Immune drops happen frequently due 
to eating moldy food. Of course, mercury in amalgam tooth 
fillings keeps immunity chronically lowered. Many persons 
report they stopped breaking out with Herpes / after 
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replacing their amalgams. Stopping wearing tight synthetic un- 
derpants helps reduce Herpes 2 out breaks. 

When you get an outbreak, mop up a droplet of the blister 
fluid and prepare it as a specimen for yourself. If you search for 
it in your white blood cells when your attack is over, it will not 
be found because it is in hiding inside your nerve cells. Zapping 
does not reach them inside your own cells. Nevertheless, you can 
totally eliminate them by repeated zapping provided you kill 
them at their earliest warning. Evidently, they haven't multiplied 
yet, so gradually their numbers go down. 

Even after you have been Herpes free for a long time, stick to 
your preventive principles. Avoid the trigger foods, peanuts, and 
chocolate, or be ready to zap. Avoid cold wind or direct sunlight 
on your face. Don't eat abrasive or acid foods like popcorn, nuts, 
toast, crackers, candy, citrus. Although you may stop the virus in 
its tracks by zapping, healing the lesion takes time. Keep the skin 
softened with a cornstarch or sodium alginate recipe (see 
Recipes). 

A lysine mush helps too: crush a lysine table with a large 
wooden spoon, add a pinch of vitamin C powder and a pinch of 
zinc oxide. Save part of this mixture for later use. Wet a small bit 
of it with a few drops of water to make a paste. Apply to lesions. 


Bazezew Hailey, 38, started breaking out in the genital area after a 
period of antibiotic use. She was started on lysine (500 mg, 8a 
day), cayenne caps (one with each meal). She was to fill her pre- 
scription for Zovirax™ from her doctor, though. By the time she 
had it filled, the next day, her lesion had stopped enlarging, and 
she could reduce her supplements. Her skin was full of mercury, 
lead, strontium, aluminum. Her white blood cell count was low, 
showing low immunity. Her ratio of segmental to lymphocyte white 
blood cells was low, evidence for a chronic viral condition. Her 
bone marrow contained lead and radon. She stopped using tooth- 
paste (strontium), salt, deodorant, detergents (aluminum). She got 
the metal out of her mouth and eliminated her radon problem by 
opening crawl space vents. The lead source was never found, but 
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after she moved to a new house it went away. Herpes 2 stayed 
away. A year later she still hadn't opened the Zovirax™ bottle. 


Fatigue 


Fatigue, whether minor or extreme, is always associated with 
blood sugar disturbances. The more disturbance, the more 
fatigue. We have three organs that do most of the sugar regu- 
lating: our adrenals, the liver, and the islets in the pancreas. In 
severe fatigue, that keeps you partly bedridden, all three organs 
are heavily parasitized. Epstein Barre Virus (EBV) is running 
amok in your body, as a rule, even when clinical culture 
techniques cannot find it. With your frequency generator and 
Syncrometer you can find it emitting at 380 KHz. Killing the 
viruses is not as important as killing the larger parasites and 
getting your organs functioning for you again. The viruses will go 
away by themselves. 

The liver's role in blood sugar regulation is to get it out of 
storage when needed. When sheep liver flukes have taken up 
residence they're spewing their chemicals as well as their own 
bacteria and viruses into your circulation; it is surprising that the 
liver has any sugar in reserve and can function at all. Sheep liver 
flukes are commonly seen in fatigue syndrome cases. 

The adrenals (the outer layer called the cortex) help to 
regulate the blood sugar in a complex way. Some adrenal factors 
influence the thyroid which is another energy-related organ. Both 
adrenals and thyroid have toxic buildups in fatigue cases! Their 
work is hampered. 

The heart of sugar regulation is in your pancreas in the tiny 
islands of cells that secrete insulin, called the islets of Langer- 
hans. Here we always find the pancreatic fluke in residence. It 
actually breeds there when wood alcohol accumulates in it. 
Wood alcohol is a common pollutant of food, even in artificial 


182 


NON-PAINFUL DISEASES 


sugar which is often recommended to replace real sugar and 
spare the pancreas. There is wood alcohol in store-bought 
drinking water, fruit juice, powders meant to be stirred into bev- 
erages, even if they are health food varieties. It's probably being 
used to clean tubes and hoses in the manufacturing plant. The 
only beverage you can safely buy (not safe unless you sterilize it, 
though) at a grocery store is milk. Make your own beverages 
using recipes in this book. 


nay 


Fig. 28 Bottling equipment should be rinsed with ethyl (grain) 
alcohol, not propyl alcohol or wood alcohol. 





Your first step toward curing your fatigue syndrome is to kill 
the pancreatic fluke and all other living invaders of the pancreas, 
liver, adrenals and thyroid. Use a zapper. Drink milk or 
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buttermilk for several days afterward to provide lactic acid for 
the “good” bacteria to feed and recover on. 

Your second step is removing metal from your mouth, par- 
ticularly gold. Gold from teeth and jewelry readily goes to the 
pancreas! Do everything in the Easy Lifestyle Improvements 
chapter. 

Your energy can bounce back in a few weeks by attending 
your liver, adrenals and pancreas. Help these organs heal and 
grow strong again. Avoid food molds (read Moldy Food, page 
381). The most powerful assistance to the liver is a cleanse. This 
will eliminate liver viruses such as EBV and Cytomegalovirus 
(CMV). Be patient. Do it on a schedule until you have over 2,000 
stones out. Take vitamin C at least 3 gm/day, to help both liver 
and adrenals. Take B, and Bg to help adrenals and kidneys. Take 
glucose tolerance factor, chromium (two 200 mcg tablets 
3x/day). See Sources for all of these. Take these supplements for 
three weeks, then cut the dose in half, and take on alternate days 
only, as a hedge against possible pollution in these. 

Although your energy may be normal in three weeks, you are 
at higher risk for fatigue than the average person. Reinfection 
with anything will put the new parasites right back where the old 
ones were. Other bacteria, solvents and toxins will head for the 
pancreas, liver and adrenals again because these are weakened 
organs. It could take two years to build your health to its 
previous level, but is well worth it to have youth, initiative, and 
a beautiful appearance again. Going back to school is a good use 
of your time when your initiative has returned but your physical 
strength is still not up to housework or a job. When your energy 
comes back to you, it is tempting to overwork: to clean the whole 
house or to get into some gardening. 
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It is better to be moderate today 
than in bed tomorrow. 


Anyone who has suffered from Chronic Fatigue Syndrome 
(CES) or recurrent EBV has learned that lesson well. 





June Timony, age 38, was diagnosed with Chronic Fatigue Syn- 
drome), EBV and Candida around 11 years ago by her family 
doctor. She also had a thyroid problem and a high estrogen level 
(165 pg/ml). She had severe depression at times. Our test showed 
her body was full of bismuth (fragrance) and silver (tooth fillings) 
especially in the ovaries. She cleansed her kidneys and killed 
parasites but could not make up her mind to do the expensive 
dental work. 


Janice Brown, age 21, had EBV with chronic fatigue and depression 
along with a dozen more symptoms. Her skin, kidneys, breasts, 
brain, ovaries and pancreas were all loaded with mercury, platinum 
and other metals. She was full of radon and bus exhaust and the 
plumbing was shedding cadmium. Rather than do all this she and 
her husband decided to move. Before the moving date arrived she 
had cleansed kidneys, killed parasites and done dental work and 
was feeling noticeably better. Then they moved. She immediately 
was very fatigued again and worried that the move had been in 
vain. This time she had a liver full of Salmonella and a return of 
phosphate crystals in her kidneys. But it was easy to clear up and 
it was a very useful lesson to her to avoid unsterilized dairy 
products. She was much more careful after this. 


Dee Safian, age 36, came especially for her low energy. She had EBV 
once. It left her extremely nervous. We advised going off caffeine 
but not substituting for it by drinking decafs. Her tissues were full 
of arsenic from pesticide; her urinalysis showed kidney crystals 
and her eosinophil count was high 5.5% (parasites). She had 
sheep liver flukes and stages in her pancreas due to a buildup of 
wood alcohol there. In four months after killing parasites and doing 
a kidney cleanse she was much improved. 
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Josefina Linzer, age 32, came for her fatigue and depression. Her 
tissues were full of arsenic, PCBs, chromate (eye makeup), mer- 
cury, yttrium, radon and terbium. She needed tooth metal re- 
placement but could not schedule it immediately. She had Ascaris 
and pancreatic flukes in her pancreas and reacted to sugar in her 
diet quite strongly, so avoided it. She also had Strongyloides and 
Trichinella. She killed all these with a frequency generator and 
started on the kidney herbs. Her wood alcohol buildup was coming 
from carbonated beverages. She went off. In 6 weeks she had 
done everything except the mercury removal and was feeling much 
better. 


Brigette Dawn, age 21, had Chronic Fatigue Syndrome with EBV, 
along with other problems. She cleaned her home and cleansed 
kidneys, killed parasites, and did two liver cleanses. Still the fatigue 
would return two days later. Meanwhile, though, her infertility 
problem got solved (she got pregnant) and this encouraged her to 
continue the battle against fatigue after the baby was born. 


Hector Garcia, age 14, was getting gamma globulin injections every 
three weeks for his chronic fatigue syndrome. He had pancreatic 
flukes in his pancreas, sheep and human liver flukes in his liver 
and intestinal fluke in his intestine. He had a buildup of benzene, 
propanol, and carbon tetrachloride as well as aflatoxin from his 
granola breakfasts. He also had Candida and measles in his white 
blood cells. He killed parasites with a frequency generator and 
went off the solvent polluted items in the propyl alcohol and ben- 
zene lists. He immediately (in 20 days) felt much better. 


Dana Levi, age 16, had chronic fatigue syndrome and dizziness; he 
was not in school. He had pancreatic fluke in his pancreas, sheep, 
human and intestinal flukes in his liver! Both benzene and propyl 
alcohol were present in his immune system. As soon as the para- 
sites were killed (with a frequency generator) and he changed a lot 
of his products, he felt better but soon lost his improvement. At the 
next visit, our tests showed a buildup of vanadium (from burning 
candles in his bedroom). When he stopped this, he was better 
again for a while only to relapse again. His propyl alcohol level was 
up as was aflatoxin. But getting a taste of normal energy gave him 
the determination to get himself well! He embarked on a liver 
cleanse program and still more careful food selection. 
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Dennis Dillard, age 16, was beginning to do poorly at school due to 
fatigue. He had to stop athletics although his regular doctor pro- 
nounced him well. He was also getting chronic sinus infections. His 
lungs and trachea had accumulated seven heavy metals: va- 
nadium, palladium, cerium, barium, tin, europium, beryllium. His 
fasting blood sugar was low (73 mg/DL) and LDH very low (90 u/L; 
it should have been 160). The body makes LDH in response to 
lactic acid levels. When the muscles aren't making much lactic 
acid from their normal metabolism, LDH levels will fall too. Was he 
developing a muscle disease? The gas leak was fixed (vanadium), 
the garage was sealed off from the house to eliminate barium and 
beryllium but the other toxic elements came from his dental 
retainer. As soon as his retainer came out, and they stopped using 
flea powder on their dog, his energy became normal and sinuses 
cleared up. A year later he still had not been ill. 


Evelina Rojas, age 12, was having extreme fatigue with mood problems 
and sudden fevers. She killed Ascaris and sheep liver flukes with 
the parasite program but promptly got them back due to a benzene 
buildup | believe due to using products containing an herbal oil. 
Her high levels of Streptococcus pneumoniae (cause of fevers), 
Staphylococcus aureus and Nocardia could not be eliminated until 
her three baby teeth (with root canals) were pulled. After that, she 
was well. 


Elaine Perkins, 48, came specifically for her low energy and nervous- 
ness. She was toxic with arsenic, a substance that replaces en- 
ergy with nervous excitement and exhaustion. She also had a 
backlog of antimony (using baby oil), aluminum, rhenium (hair 
spray), benzalkonium (toothpaste) and radon. In four months, she 
had the arsenic and three other toxins eliminated and already had 
more energy. 


Neil Youngblood, 53, was so fatigued, he had to brace himself even 
while sitting. A blood thyroxin level (T4) of 1.0 instead of the normal 
7.5 mcg/DL explained his fatigue. He had a mouthful of assorted 
dental metals which were accumulating in the thyroid, inviting 
viruses, particularly CMV, into it. He had to be on four grains of 
thyroid to feel near normal. After he had all his tooth metal 
removed, he only needed one grain to feel O.K. This encouraged 
him to clean up more of his body. 
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Scott Pennington, 50ish, was on thyroid medicine for his hyperthy- 
roidism. He had been on iodine-radium earlier. He had the mirac- 
idia of the intestinal fluke, sheep liver fluke, and pancreatic fluke in 
his thyroid! Adult human liver flukes were also there! His thyroid 
was toxic with iridium, nickel, tellurium and mercury (metal tooth 
fillings) and decane, TC Ethylene and pentane solvents. He had 
been drinking a great deal of regular tea, which let oxalate crystals 
deposit in his kidney and slow down the excretion of toxins. The 
parasites were killed with a frequency generator, he changed his 
diet to get rid of solvents. In two weeks he was feeling better, had 
more energy and better sleep. This encouraged him to do the 
dental work. 


Skin Problems 


Sebaceous Cysts 


Your body, in its wisdom, keeps toxins together and out of 
harm's way by making a cyst out of it. All the sebaceous cysts I 
have seen are filled with polychlorinated biphenyls (PCBs). 

Get rid of PCB sources in order to clear PCBs from your 
body. This can take 6 to 12 months. Change all detergents (for 
dishes, laundry, and body use) to borax and/or washing soda. 


Commercial detergents are 
wonderful cleaners... 


but are unquestionably toxic. Whether you have cysts or not, 
it is always a good idea to use borax and washing soda instead. 








If you have a particularly visible cyst, try to poultice it to the 
surface. Washing away some of it would be a great help to your 
body. Read herb books on poultices or just take whatever wild 
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leaves you can gather; make a mush out of them with a blender, 
mix with honey or homemade skin softener to make it spread like 
peanut butter and cover the cyst with it night and day, covered 
with a piece of plastic. The wetness has drawing power. The 
plant juices have other benefits. If you can't poultice and must 
rely on kidney excretion, be sure to take kidney herbs at the same 
time. 


Skin Rash 


Rashes can be caused by many things. To find the cause, 
follow a logical pattern. It may be due to: 


e HIV 
e Yeast and Fungus 
e Allergy 


¢ Childhood Diseases (rubella, etc.) 


HIV is the most alarming possibility. Eliminate it first by 
testing for it. It's often too early for a clinical test to be positive 
for HIV, so use the Syncrometer (page 457). I often see the rash 
disappear within days of eliminating the virus. 

Probably the most common cause of rash is yeast. Candida 
has a resonant frequency of 384-388 KHz. If you test positive for 
it, stop all commercial soap and detergent for all possible uses. 
Zapping Candida may drive it away for a few days. The fungus 
is hosted by another parasite but finds your skin quite satisfactory 
for a home, at least while your skin immunity is low. It may be 
low from wearing metal jewelry, having metal tooth fillings, 
aluminum (from lotions and soaps), cobalt (from shaving 
supplies), and zirconium (from deodorant.). When all these are 
removed, the skin will dry up quickly in open air or under a heat 
lamp. 

In babies' skin, immunity is low from diaper chemicals 
(mercury and thallium), wipes, and soap and detergent chemi- 
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cals. Tight fitting, mercury treated diapers 
are a modern atrocity. Always line them 
with a tissue and keep them loose fitting. 

The skin that has rash or fungus should 
be dried with paper towels, unfragranced 
and uncolored, in order not to contaminate 
the cloth towels, and thereby transport the 
tiny infectious spores to other skin loca- 
tions. You may use skin healers. 

Only the skin healers given in Recipes 
are safe to use. Keep them refrigerated 
when not in daily use. Commercial lotions, 
including health varieties, all contain toxic 
ingredients. 

Many adult rashes are due to allergies. 
Allergy to nickel is common, the reaction is Fig, 29 Tight dia- 
easiest to see under rings or watches. The pers are a modern 
metal is pulled into the body for  gyrocity, forcing 
elimination. Since nickel is used by somany — mercury and thal- 
bacteria, especially urinary tract bacteria, it lium into the 
doesn't get eliminated, it gets taken up by —_ baby’s sponge- 
bacteria. It also piles up in kidneys, like skin. 
adrenals, bladder and prostate where 
bacteria thrive on it. Strangely, it also accumulates in the male 
scalp (and in women's scalps who have male pattern baldness). 

Allergy to strawberries, perfume, deodorant or chlorinated 
water, however different they are, can all be expressed the same 
way, in a rash. The liver has refused (been unable) to detoxify 
the chemicals in these items and allows them to circulate in the 
body. Not for long, though, since great damage could be done to 
brain and other tissues. Mercifully, the skin grabs these chemi- 
cals into itself. Ultimately, it must still be removed. The allergic 
reaction and your immune system come to your skin's rescue, 
although bringing you discomfort. 
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Why didn't the liver detoxify the chemicals given to it? The 
answer is based on a simple experiment. Try cleaning your liver 
(page 552) several times or until 1,000 bits of refuse have been 
washed out of the bile ducts. This relieves the back pressure on 
that part of the liver, and allows it to do its work again. The 
physiological details are not understood. Fortunately, the results 
are instantaneous. The day before the liver cleanse you would 
never eat a strawberry or peanut for fear of a reaction. A few 
days after the cleanse, your body “knows” which food it might 
tolerate and as you try a bit, you notice no reaction, no rash This 
simple experiment suggests that the liver couldn't detoxify these 
foods because of the refuse in its ducts. 

Each liver cleanse “cures” a different set of allergies sug- 
gesting that the liver is compartmentalized—different parts 
having different duties. It follows that by getting all the stones out 
all your allergies will disappear. Experience shows this to be 
true, although it can take two years to carry out such a program. 

Meanwhile, avoiding the offensive food or product is very 
important. It is quite destructive to bathe the brain in strawberry 
chemicals or your toes in maple syrup chemicals. Stay off al- 
lergy-producing foods and products even if you can tolerate a 
little or can be “desensitized” to them with shots or homeopathic 
methods. Use these methods for relief, not license to continue 
using items that tax your body. 

Certain childhood diseases produce a rash and this can be 
diagnosed by testing for the suspected disease with a slide or 
culture of it. Then use a zapper to kill both the bug and any larger 
parasites that may have brought it in. 





Hives 


Sometimes your body will break out in hives instead of a 
rash. Again, gallstones in the liver and gallbladder are responsi- 
ble. Do the Liver Cleanse. 
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Acne 


The more severe cases of acne cover parts of the body as 
well as face and can pit the face so badly there is hardly any 
clear skin left. 

In ten days you can reverse this, so most of the skin is beau- 
tifully clear. There are bacteria involved and skin oils of youth 
feed these bacteria. Acne has been extensively studied by scien- 
tists. Perhaps the true culprit was too big to be seen with a mi- 
croscope or too small (antigen) to be recognized or just too 
unimaginable. I inevitably find Trichinella, one of the four 
common roundworms that infect humans. 

Test yourself to Trichinella with the slide called “larvae in 
tissue.” Search for it in your skin. It is generally believed to re- 
side in muscles, especially the diaphragm, but in acne cases it is 
in the skin. 

If you only have a frequency generator, set it at 404.5 KHz 
and at neighboring numbers, extending 5 KHz on each side, to be 
sure to include all eggs and other molt stages. Or zap. 


Psoriasis, Eczema 


Psoriasis and eczema are both caused by Ascaris. Their 
molting chemicals are quite allergenic; perhaps it is these that are 
affecting the skin. Since pets pick these worms up daily, there is 
chronic reinfection in families with pets. Keep zapping. 


Bernadette McNutt, 34, had acne on her back, chest and face. She 
had been treated since teen age with ultraviolet light, Retin A, and 
antibiotics. She already had a history of shingles and fungus, two 
more skin conditions. Her skin was toxic with strontium and her 
kidneys had cadmium, silver and beryllium deposits inhibiting ex- 
cretion. She had only one parasite, extremely high levels of Tri- 
chinella. Her children were also infected as was the cat. In spite of 
using parasite herbs for months she got no improvement until the 
baby was out of diapers. Then she cleared up. 
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Royce Hamilton, 17, had acne so dense on his face there was no good 
spot the size of a dime anywhere. He had it about one year. His 
urinalysis showed “amorphous” crystals (stones of all kinds) and a 
trace of protein. He had Trichinella worms throughout his organs. 
He was very fatigued. He was started on kidney herbs so there 
would be good excretion after killing the Trichinella. His thyroid 
and kidneys were full of zirconium and titanium from all the lotions 
he used for his skin. He didn't need deodorant. Evidently even his 
armpit bacteria had been affected. It took four months to clear his 
Trichinella although there were no young children or pets in the 
house. His face was beginning to heal, but three months later he 
had a recurrence, although his parent was not a carrier. After this, 
he cleared it up again and his face looked as beautiful as a child's. 


Evan Knight, 36, had psoriasis at eloows and knees from age 9 but 
now it was spreading to his fingers and scalp. He occasionally had 
bronchitis and puffy eyelids, indicative of Ascaris but at the time of 
his visit he had Trichinella fluke stages and Echinostomum in his 
skin. He was started on the parasite program and in three weeks it 
was Clearing instead of advancing. He switched to milk for his 
beverage to raise his immunity and removed the arsenic, 
formaldehyde and thulium (from his vitamin C) by doing the 
necessary cleanups. 


Gerry Chastain, 41, had a red nose, erupted along the sides. He had 
been on sulfa drugs and Emycin.™ He had Leishmania tropica. 
He killed it in the office with a frequency generator and got imme- 
diate improvement but four weeks later it was back. He had four 
solvents built up in his body: benzene, TCE, TC Ethylene and 
hexanedione. This situation would make recovery impossible since 
he was no doubt reinfecting himself. He also had titanium, platinum 
and silver accumulated in his tissues and needed to replace his 
dentalware before expecting a permanent cure. 


Floyd Oldham, 50s, was getting pimples on his nose. His whole face 
was red and flushed looking. His bowels were loose and he had 
some urinary urgency. He harbored two kinds of Leishmania (bra- 
ziliensis and tropica). He killed the Leishmanias with a frequency 
generator and started himself on the kidney herb program. Five 
weeks later the pimples were gone but general redness had 
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reappeared. The Leishmanias were still gone but this time he was 
toxic with cobalt. 


Cobalt is known to promote skin cancers and also heart dis- 
ease. This was discovered decades ago when an outbreak of 
heart disease occurred in England. It was traced to a pub (where 
they all partook) where cobalt was added to the beer to make the 
foam rise higher! In fact, the foam will just stay in place like a 
hairdo, if you add cobalt. It was made an illegal additive. 
Gradually, it has crept back into consumer's products: first toilet 
cake (blue), then window washer (blue), then dishwasher deter- 
gent, and now even mouthwash. If you see a blue colored prod- 
uct, stay away from it. It accumulates in the heart and skin. 
People with skin cancers often have cobalt build up. 


Floyd stopped using all these products and cleared up again. 


Grethe Driscoll, middle aged, wore tons of make up, so skillfully applied 
that scars from a face lift could never be detected. When she had 
minor breakouts, which usually occurred while away on a trip, it 
seemed like a catastrophe. She tried everything available but could 
not get to her parasite herbs until she was back home several 
weeks later. After one week on them (5 day high dose plus 
maintenance) her complexion was perfect again. 


Crofton Thornton, 15, had an embarrassing case of acne. He had As- 
caris, hookwormand Strongyloides (he also had migraines) all re- 
acting in the skin. He stopped drinking commercial beverages that 
gave him solvents. He killed parasites electronically and with herbs 
and got a considerable improvement. But he still had Strongyloides 
one month later. Nevertheless, he had seen the connection and he 
knew it was just a matter of persistence to a clear complexion. 
Note, he should have had Trichinella—did | miss testing for it? 
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Warts 


Could we get warts from playing with toads in childhood? 
We don't play with toads anymore. Yet we get warts. We don't 
know how we get them. But after learning how to get rid of them, 
you will probably know how you got them. Not all warts are the 
same. In fact, they might all be different: each one is made up of 
5 or 6 different viruses, not just one as we had believed. 

Peel a tiny fragment off one of your warts. Prepare it for 
testing by placing it in a small bottle. Add a few tsp. filtered 
water and a % tsp. grain alcohol, Label it with the location you 
got it from: like “left middle finger knuckle. “First, search your 
body for other locations of this wart (organs that test positive to 
your sample). You can easily find them in your skin, of course. 
But also search electronically in your liver, spleen, muscles, 
stomach, heart, pancreas. Notice how often they are present in 
the pancreas. The pancreas seems to be a wart-virus heaven. 
Are they in the islets or the rest of the pancreas? 

Without a zapper, you will need to find the frequency of each 
virus to completely destroy it. Attach your frequency generator 
and search between 400 and 290 KHz. When you find its 
resonant frequency, kill it by treating yourself for three minutes at 
10 volts from a frequency generator. Will your warts fall off? 

In a few days one or two of your warts will begin to shred. 
After a week you may lose one or two completely, and find that 
several more have become smaller. The remainder are un- 
changed. Continue to identify and kill them. Notice that they are 
not necessarily gone from the pancreas or other organs at the 
same time as they are gone from the skin. Perhaps warts are not 
the benign entities we have believed them to be. They may, in 
fact, ride into the body on some common bacteria, like Salmo- 
nella, or common parasite like pinworms or tapeworm stages. 
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Zapping doesn't reach all the viruses in a wart either. It takes 
repeated zappings to start the shredding and gradual killing of 
warts. 


Guy Laird, age 11, had warts on his lips besides fingers. His job was 
feeding the three outdoor dogs. He was full of Ascaris. He had 
Taenia pisiformis and Taenia solium bladder cysts in his liver. 
These were shedding viruses into Guy. He was started on Rascal 
for six weeks (this was before the zapper was invented). Maybe his 
benzene buildup was responsible for letting so many parasites 
(and their viruses) survive and multiply in his body. He stopped 
using toothpaste, killed Ascaris (408 KHz) and some flukes (434 to 
421 KHz) and improved his diet. All except one wart came off 
(without bleeding). He was given different chores, too, to reduce 
his contact with animals and their parasites. 


Georgianna Mills, a middle age music teacher, broke out with warts all 
over her hands, at least 30 in total. A few months later she was 
diagnosed with bone cancer; she always wondered if there was a 
connection. She cleared up her cancer and killed her viruses and 
bacteria with a frequency generator. Nearly all her warts disap- 
peared. But her indoor pet brought new parasites daily, especially 
Moniezia tapeworm stages. With each Moniezia infection (about 
once a month) she got new warts. She was never able to clear 
them completely. 


I concluded that each wart is actually composed of 3 to 6 vi- 
ruses and these viruses are distributed throughout our bodies! 
How satisfying to be able to rid our bodies of them, once and for 
all even in internal organs. There is a catch. Small remnants of 
some warts do not disappear in spite of killing most of them. 
More accurately, they disappear and then reappear in our internal 
organs. Could this suggest to us their true origin? Could it be a 
tapeworm stage? 





196 


NON-PAINFUL DISEASES 


Tapeworm Stages 


Our bodies harbor numerous stages of tapeworms. But not the 
tapeworm itself, which may belong to a dog, cow, or pigeon. 
Tapeworms lead complicated lives, much like insects with their 
caterpillars, larvae, larval molts, pupae and eventual adults. 
Tapeworms shed eggs with the bowel movement of the animal 
host. The eggs blow in the dust and reside in the earth. A vege- 
tarian animal nibbling vegetation near this filth, or licking dirt 
and dust off its coat, swallows the eggs. Humans, too, eat plenty 
of filth by licking their fingers. As children we all eat dirt simply 
by eating with unwashed hands. 

The Jewish society discovered the great importance of 
washing hands before eating, thousands of years ago. But many of 
us choose to ignore truths that seem old fashioned. In our own 
relatively short life times we cannot see the whole picture as 
well as the prophets and seers of ancient 
cultures could. We eat plenty of dirt and 
along with it, the eggs of tape-worms. 
Dog and cat tapeworms are most 
prevalent, but sheep, cow, pig, and sea- 
gull tapeworms are also common. 

There is hardly a predator species in 
existence that doesn't have its own char- 
acteristic tapeworm. Whatever animal 
species you live near, or once lived near, 
you probably swallowed some of its filth 
and some tape eggs. The eggs hatch in 
your stomach and the tiny larvae burrow 
into a neighboring organ without any 
consideration that this is your stomach 
wall or spleen or muscle. Whe: Tava Ss. geen aed waprories 
plan is not to grow into a long WOrR— (types) have multiple 
that can wait. The larva must simply heads: 





Fig. 30 Some cys- 
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survive until you can be conveniently eaten! A wolf or a tiger 
will surely come along! In bygone days it did. 

The larva is about 4 inch long, surrounded by a “sac of wa- 
ters,” like a tiny water balloon. Looking very closely at this sac, 
called a cysticercus, we see a head (scolex), complete with 
hooks and suckers, turned inside out, inside a bladder. 

As the tiger's teeth bite down on the 
cysticercus, the pressure pops it out. The 
head is now right side out with hooks 
and suckers ready for action. Now it 
grows in the tiger! 

It quickly hooks into a loop of intes- 
tinal wall so it can't be swept away and 
begins its growth into a regular long 
adult tapeworm. The tiger is the true or 
primary host. We were merely the sec- 
ondary or intermediate host. Why does 
the adult tapeworm prefer the tiger instead of us? Only Mother 
Nature knows. But the best way to get to a carnivore is through 
its prey. 

You can find these larval cysts in your organs using slides of 
the cysticercus stage of various common tapeworms. Search in 
your muscles, liver, stomach, pancreas, spleen, intestine and 
even brain. You will not find even little bits of them in your 
white blood cells. My explanation for this curious finding is that 
the tapeworm leaves no debris to be cleaned up by your white 
blood cells. Evidently your body builds a cyst wall around the 
larva to tightly encase it and prevent toxins and debris from 
entering your body. Thus your white blood cells are not alerted 
in any way. Of course, the larva is much too big to be devoured 
by tiny white blood cells anyway. Yet, it seems that if a pack of 
white blood cells had attacked the larva just as soon as it hatched 
from the egg they would have been able to devour it. Perhaps it 
enlarges too rapidly. Perhaps our white blood cells are 
preoccupied. In any case, we begin to load up on tapeworm 





Fig. 31 Emerged 
cysticercus. 
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stages from infancy and by the time we are middle aged we have 
dozens tucked away in our organs. 

Some do die in the course of time. Perhaps their true secon- 
dary host is a rabbit or a mouse instead of a human. The short life 
span of these other hosts might mean that the life span of the 
cysticercus is also quite short, not 40 years! When they die, the 
white blood cells do clean them up and we can see them in our 
white blood cells at this time. It can take several weeks for the 
cysticercus to be completely gone by this natural method. During 
this time, we become ill! Numerous bacteria and viruses spring 
up, as if from nowhere, in our organs. 

Don't be surprised if you are testing yourself during illness to 
find a tapeworm or two in your white blood cells! It is well 
worth searching for at such a time. Help your body dispatch the 
tapeworm stages all together with your zapper. A frequency 
generator is bound to miss some. Some cysticercus varieties 
consist of many heads, and each head has even more heads inside 
it! These might have different resonant frequencies. Only killing 
them together has the desired effect. Remember bacteria and 
viruses are released by killing tapeworms, so always follow 
with a second zapping in 20 minutes, and a third zapping 20 
minutes after that. Only then can your tapeworm-related illness 
disappear. 

If you do nothing, your body will be kept busy killing bacte- 
ria and viruses as the tape cysticercus wears down and eventu- 
ally dies. You may not wish to identify all of them (but at least 
search for Adenovirus, the common cold) and just note where 
you are being attacked: your nose, throat, ears, lungs, bronchi. 
Internal organs are attacked too. It seldom takes more than three 
weeks, though, for your body to clean up a tape stage even 
without any help from a zapper. The attendant illness will be 
gone by then, too. 

Watching these events in your body gives you insight into the 
very powerful forces at work, called immunity or body de- 
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fense. The body “knows” a great deal more than we have sur- 
mised. There is yet so much to discover. 

What initiated the death or dying process of the tapeworm 
stage in the first place? Has your body been trying all along and 
finally succeeded? Has the cysticercus reached the end of its life 
span naturally? Have its (the tapeworm's) own viruses and bac- 
teria gotten the upper hand and killed it? Did it accidentally ab- 
sorb something that killed it? 

By taking a herbal combination, Rascal, you can soon find a 
tapeworm stage in your white blood cells where you could not 
find it earlier. It is now dead or dying. This proves the effec- 
tiveness of Rascal, even though it is slow. 

Since we all eat dirt and inhale dust that is laden with dog 
feces or other animal excrement, we all harbor tapeworm stages, 
although none may be present in our white blood cells. Are they 
harming us? Perhaps they are living out their lives as quietly as 
they can in our organs, the way mice or ants try to live in our 
dwellings. Yet, when tapeworm stages are being killed, either 
spontaneously by your body or with a zapping device, we see an 
assortment of bacteria and viruses spread through the body, 
including the common cold. 

Getting rid of the tapeworm stages in your organs seems a 
very worthwhile goal. Since each of us has been associated with 
dozens of animal species in our past, we probably have dozens 
of varieties of tapeworm stages in us. I cannot identify more than 
a handful due to lack of prepared slides. You can find them 
without identifying first, though, by listening to their emission 
frequencies. Their emissions are often extremely weak, possibly 
due to being encased in a cyst. Search between 510 KHz and 410 
KHz. You may wish to “track” them for a while before killing 
them. You may wish to search for identical frequencies in your 
pet's saliva. Or you may wish to dispatch them as rapidly as 
possible. Use the zapper, not_a frequency generator. Remember 
to “mop up” after your tapeworm killing by zapping 
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again to kill bacteria and viruses that have been released from 
the tapeworm. 

You may be disappointed not to feel any different after rid- 
ding yourself of numerous tapeworms and their pathogens. Evi- 
dently, the tapeworm stage itself doesn't make you sick; it is 
simply there like a wart is there, without making you sick. Its 
viruses can make you sick. Depending on which virus it is, it can 
make you very sick or not sick at all. Different viruses invade 
different organs. And some of these turn into warts! 


The Flu 


Influenza is a virus that can cause “the flu.” Does it belong to 
us as humans or to a larger parasite we are hosting? It is easily 
transmitted from person to person and in less than a year can 
spread across the planet. Some flu examples are Influenza A, B, 
C and Swine flu. 

However, much that is called “flu” is actually caused by a 
bacterium, either Salmonella or Shigella. If someone in your 
family is “catching” a flu, test their saliva for the presence of 
dairy products, implicating the Salmonellas and Shigellas. Also 
test for influenza A, B, and C. Children's “flus”, especially when 
there is a fever, are usually due to Salmonellas. Even after 
Zapping it can take an hour for the symptoms and fever to go 
away. 

Go straight to the refrigerator and throw away all dairy 
products. Throw away all milk, cheesecakes, buttermilk, cream, 
butter, yogurt and cottage cheese, deli food and leftovers. You 
may wish to identify the food source of your family's bacteria 
first, and save the uncontaminated food. Use the sick person as a 
subject, searching for foods that appear in her white blood cells 
(or search their saliva sample for the food offender). If the flu is 
“going around” your neighborhood, you might wish to tell 
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some of your neighbors which foods you found were contami- 
nated. They may have purchased the same food! Obviously, when 
a contaminated shipment of dairy products arrives in your 
grocery stores, quite a few people will be consuming it, setting 
the stage for a “bad flu” that “goes around”. 

Why can some people eat contaminated food without getting 
sick? Maybe their Salmonellas don't multiply rapidly. Maybe 
their stomach acid is strong enough to kill most of them. Maybe 
their bowel movements are frequent enough to expel them 
quickly. Maybe they haven't been on frequent treatments with 
anti-strep antibiotics. The answer is not known yet. After a seri- 
ous bout with Salmonellas or Shigellas the body does not com- 
pletely clear itself of them. They stay in hiding somewhere. When 
a new batch of bacteria arrives, even though very sparse, as in | 
tbs. of milk, the two subtypes can hybridize and produce a much 
more vigorous offspring. This is called virulence. You are made 
much sicker by more virulent subtypes of bacteria. You may have 
diarrhea, vomiting, illness. Especially if you believe you have 
“lactose intolerance,” pay attention to Salmonella and Shigella. 

If your flu is due to an influenza virus, kill it with your zap- 
per. Some family members may prefer to take a homeopathic flu 
“remedy” such as Oscillococcinum™ or Flusolution.'™ Others 
may take herbs. These probably act by prying the viruses out of 
your cells' gateways and channels so the white blood cells can 
easily devour them. 

But flu due to Salmonella is not easily zapped away. Re- 
member, the zapper current does not penetrate the bowel con- 
tents, which is exactly where Salmonella lives! Besides zapping 
to clear them from your tissues, you must eliminate them from the 
bowel by using the Bowel Program (page 546). 

Lugol’s iodine solution (see Recipes) can quite quickly get 
rid of Salmonella throughout the body. Use 6 drops (small drops 
from an eyedropper) in “glass of water four times a day. If no 
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more Salmonella is consumed, it will be vanquished in a day or 
two. 
If your flu brings you a fever, use Lugol’s. 


Fever 


Fevers are there to help your body fight the invaders...up to a 
point. Don't use a fever medication unless the body temperature 
goes over 102°F, and then only enough to bring the fever down a 
bit. 

Most fevers, especially “fevers of unknown origin” are due 
to Salmonellas and Shigellas. Your body may be young and 
strong enough to kill them but not strong enough to kill an ev- 
erlasting supply of them coming from dairy foods you eat on a 
daily basis. Stop eating salads at restaurants immediately. Stop 
eating food made by others' hands unless it is sterilized. Stop 
eating dairy foods until you have cooked them. Stop eating those 
that can't be cooked. 


Sam Ellis, age 7, had two episodes of severe abdominal pain with fever 
lasting two weeks. He got hyperactive with milk products, had a 
frequent cough and stuffy nose. (Here the picture is quite clear. 
The milk products were bringing him Sa/monellas, Shigellas and 
other bacteria which grew in his intestine to produce pain. But why 
only Sam and not his brothers?) Sam had a buildup of benzene 
from using bathroom soap containing a special herbal oil. Sam 
also had hookworms, intestinal fluke, and rabbit fluke, probably 
due to his lowered immunity from the benzene. Then his mother 
boiled Sam's milk, removed the polluted soap (she planned to use it 
herself!) and killed his parasites with the parasite herbs. His fever 
went away and stayed away. He said he enjoyed all this because 
now he “could play after school” without a stomach ache and he 
wasn't being sent to the nurse's office because of a fever. Notice 
the bacteria causing the temperature went away by themselves, 
probably due to the return of his normally strong immune system. 
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Jalene McCormick, 46, had been passing lots of kidney stones 
(hundreds) for years and had a temperature most of the time for 
which she was on antibiotics. It took her six months on our kidney 
herb recipe to dissolve and pass so many they no longer showed 
up on X-ray, and to stop making them. Then her fever left, not to 
return. 





Kristen Jane Johnson, a young mother, had recurrent fevers and fa- 
tigue but, besides EBV, her doctors found no cause. We found 
HIV virus and a lot of bacteria and parasites. The fever-causing 
bacterium was Salmonella. To stop her Salmonella attacks she 
had to raise her immunity besides boiling all dairy products. Moldy 
foods (pasta) and lunch meats (benzopyrenes) were the source of 
liver toxicity. Each new Salmonella attack immediately invaded the 
liver so a vicious cycle was set up. When she stayed meticulously 
on the parasite program, meticulously off unsterilized dairy prod- 
ucts, and meticulously off benzene-polluted items, she cured her- 
self of fevers and night sweats and the HIV infection. Perhaps in 
two years the liver will have recovered enough to kill Salmonella 
that enter it, but she is not taking any chances till then. 


Although Kristen was eating food polluted with both Sal- 
monellas and Shigellas she only “picked up” Salmonella, never 
Shigella! Why is that? In contrast, people with multiple sclerosis 
“pick up” Shigellas, not Salmonellas. 


Multiple Sclerosis & Amyotropic 
Lateral Sclerosis 


Multiple sclerosis (MS) is a disease of the brain and spinal 
cord. It is called lateral sclerosis if the disease is mainly in the 
spinal cord. 

It is caused by fluke parasites reaching the brain or spinal 
cord and attempting to multiply there. Any of the four common 
flukes may be responsible. Kill them immediately with your 
Zapper or a frequency generator (434 KHz to 421 KHz). They 
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cannot return unless you reinfect yourself. Stop eating meats, 
except fish and seafood. All meats are a source of fluke parasite 
stages unless canned or very well cooked. Pets and family 
members are undoubtedly carriers of the same flukes, although 
they do not show the same symptoms. Give away your house 
pets. Don't kiss your loved ones on the mouth. Make sure your 
sex partner has also been freed of fluke parasites. 

The most important question you must be able to answer is 
why did these parasites enter your brain and spinal cord? When 
the brain contains solvents, it allows flukes to multiply there. The 
solvents, xylene and toluene are common brain solvents always 
seen in MS cases. Evidently these solvents accumulate first in the 
motor and sensory regions of the brain, inviting the parasites to 
these locations. 

Xylene and toluene are industrial solvents used in paint and 
thinners. It is also a pollutant of certain carbonated beverages (I 
found it in 7-Up,™ ginger ale and others that I tested). Stop 
drinking them. 

All MS cases I have seen also harbor Shigella bacteria in the 
brain and spinal cord. These come from dairy products. They are 
manure bacteria. Be absolutely meticulous about sterilizing dairy 
products. Even one tsp. unsterilized milk added to scrambled 
eggs could reinfect you. Not even heavy whipping cream or 
butter is safe without boiling. Kill bacteria every day with a 
zapper. Shigellas produce chemicals that are toxic to the brain 
and spinal cord. Eliminating Shigellas brings immediate im- 
provement. 

All large parasites like flukes have their own entourage of 
bacteria and viruses. Perhaps it is these that initiate the brain's 
reaction, which is inflammation and scar tissue formation in the 
outer covering of brain cells and nerve fibers. Perhaps it is the 
fluke stages themselves. Your brain is trying desperately to heal 
these lesions, only to be assailed by a fresh batch of solvent and 
Shigellas and another generation of parasites and pathogens. 
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The other pollutant associated with MS is mercury from 
dental metal. The mercury that is constantly released in the mouth 
does not all get excreted by the kidneys or eliminated by the 
bowels. Some of it travels up to the brain and gets into the spinal 
cord as well. You will be able to eliminate and excrete more 
mercury by doing a kidney and liver cleanse. The mercury may 
itself be polluted with thallium which is even more toxic. For 
this reason mercury removal should be done extra thoroughly to 
be sure no thallium has been left behind. 

If you are concerned about MS-like symptoms, purchase 
slides of the brain regions, cerebrum, and cerebellum. Or pur- 
chase pork brains at the grocery store and snip out a portion of 
the sensory lobe and cerebellum. Prepare these as test substances 
(sterilize your hands afterward). Test your daily foods and body 
products for their presence in these brain areas. Also test for 
parasites, bacteria (especially Nocardia and Shigella) and other 
pollutants such as arsenic and pesticides. If the disease (tremor 
and lack of sensation) has not progressed too far, you can cure it. 
In all cases you can stop it from progressing further by cleaning 
up dentalware, the environment and diet. 


Brandi Rainey, age 34, of Amish religious culture, was diagnosed with 
MS four months earlier after an MRI confirmed it although she had 
symptoms for many years. She was told she had inherited a gene 
for it and that Amish folk are particularly susceptible to MS for 
reasons of inbreeding. She had a constant pain running down the 
side of her neck, and headache. Her legs were getting too heavy 
to get up stairs. Our tests showed her brain was full of scandium 
(tooth metal alloy) and fluoride (toothpaste). Her vision was getting 
worse; her eyes were full of wood alcohol. She lost no time in 
getting dentures: there were no teeth that could be saved. She had 
several bacteria growing in her jaw bone: Strep G (sore throat 
bacteria), Staphylococcus aureus (this was raising her pulse to 
over 100), Clostridium tetani (causes great stiffness), and Shigella 
(produces nerve toxins). She killed these with a frequency gen- 
erator. Five weeks later the pain and stiffness in her neck were 
gone, her pulse was down to 100, her periods were free of pain 
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and her hands seemed to shake less. She was put on the parasite 
program plus thioctic acid (2 a day) and histidine (500 mg, one a 
day to keep nickel levels down)and advised to cook and eat with 
non metal. Four weeks later her pulse was down to 80, her legs 
were much better. She zapped four remaining bacteria. Two 
months later the numbness and tremor had left; her legs still felt 
tired and her hands sometimes shook but she was quite reassured 
that MS would not claim her life. Nor had a gene betrayed her. A 
half year later she was walking and working normally, doing liver 
cleanses and keeping up her vigilance against parasites and 
pollutants. 


Kendra Welch, 56, was diagnosed with MS a year ago, by MRI. She 
went to a chelating doctor and this cleared up her temporary 
ischemic attacks (T.I.A's) which were occurring daily. But she had 
lost her balance, eyesight was getting worse, her feet and hands 
stung. Her sister also had MS but nobody else in the family did 
which baffled her doctor. Her brain tissue was full of barium, 
europium, gadolinium, and platinum. These are dental alloys, al- 
though barium could come from bus exhaust (she wore no lip- 
stick). She was advised to have all metal removed from her mouth 
immediately. Two days afterward she came into the office without 
any neurological symptoms. She stated she was afraid to stop her 
new health program, though, and this was good policy. 


Lynne Ceretto, age 15, was diagnosed with an “MS-like syndrome” by 
MRI. She had intestinal flukes and stages, human liver flukes and 
Trichinella in the brain. She had no tooth fillings. But there was 
benzene in her thymus keeping her immunity low. She also had 
propane and asbestos in her brain from leaky pipes and a worn 
washing machine belt. She, too, was told she had a “bad” gene. 
She was barely able to walk with help. It took several months to 
track down the source of benzene—the drinking water. Sometimes 
it was polluted; sometimes it was not! When the pump was oiled, 
some of it dripped onto the cement platform. Rain washed it to the 
center and down the pipe in the well. They eagerly removed the 
platform, found the oil on the water surface, cleaned everything up 
carefully, until no benzene could be found which put her on the 
road to recovery. A year later she had recovered further. 


Norma Luellen, a young mother, had tingling, numbness and weakness 
on the entire left side of her body. She was in process of 
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Clinical tests for MS. Her body was full of pentane, possibly from 
her workplace since 12 other persons working there also had MS 
(such a situation should make our government eager to jump at 
investigations)! She had intestinal flukes and their stages, not in 
the intestine or liver or thymus, but in her brain! We found her 
home air toxic with bismuth too, probably from cosmetics. In spite 
of staying on the parasite program she got reinfected with sheep 
liver fluke, probably from eating hamburgers. She was not able to 
stop her carbonated beverage habit and frequently showed xylene, 
acetone, methylene chloride in addition to pentane in her white 
blood cells. 


Shannon Synder, age 44, had been getting more numb over her whole 
body for several years and was presently considered by her 
doctor to have MS. Her muscles twitched all night, making sleep 
impossible, and her hands shook. She had intestinal flukes in the 
brain (cerebrum and cerebellum) but none in the intestine! The 
brain also had wood alcohol from drinking Diet Coke.™ She also 
had bismuth (cosmetics), palladium, copper, samarium, and 
tellurium (tooth alloys) in her brain. She began to improve enough 
to be off Prednisone by her 10th day of the parasite program. 


Erica Blake, age 41, was diagnosed with MS two years earlier although 
her symptoms went back 13 years. She was on Prednisone™ but 
her balance was getting so bad she had to be in a wheelchair. 
Chelation treatments kept her from deteriorating further. Her brain 
was full of gasoline; she used to work at a gas station and now was 
getting it from the attached garage. Her hands and feet were 
completely numb. She had 5 root canals extracted and a few days 
later was able to stand. She could now walk with a cane. She had 
human liver flukes, sheep liver fluke and Trichinellas and dog 
tapeworm stages in her cerebellum (motor control center). After 
killing parasites and starting to take thioctic acid (4 a day) and 
cleaning up her environment she improved enough to drive a car 
again, walk without a cane in her home. She regained enough 
feeling in her hands and legs to do her housework, too. 


Kurt Nielsen, age 43, was told he had peripheral neuropathy. His feet 
were so numb he had to look at the clutch to drive. Also both hands 
were numb. He was full of kerosene and benzene possibly from 
fuel oil that he pumped for a living. There were fluke stages 
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in his brain and a dozen bacteria and viruses. He also had mer- 
cury and thallium in his immune system which came from tooth 
fillings. However, he had all his metal fillings replaced two years 
earlier! He thought there was no mercury left in his mouth! Actu- 
ally, he had little bits (called tattoos) left somewhere. And they were 
giving him the classical symptoms: numbness of hands and feet 
and gradual destruction of his nervous system. His peripheral 
neuropathy was due to thallium poisoning. The dentist couldn't find 
tattoos, and he was left in his predicament. (This was before | 
found mercury and thallium sources in many personal products.) 


Duncan Wood, a middle age father of 5 young children, could still 
slowly shuffle along when he arrived. He could not raise his arms 
to eat. He had uncontrolled inappropriate laughter every minute. 
He was diagnosed with MS two years earlier and told he had a 
“pad” gene. The fact that one child was beginning to show similar 
symptoms strengthened their belief in the gene theory. Ten days 
later his inappropriate laughter stopped; he could get his right hand 
to his face, he walked twice as fast and had very little tremor 
remaining. Strong chelating treatments obtained at a Mexican 
clinic had drawn much of the mercury and thallium out of his brain. 
He killed the flukes and Shigella bacteria electronically and 
stopped consuming unboiled milk. The brain solvents, xylene and 
toluene were removed quickly, too, as well as asbestos. His fast 
improvement showed them how important it was to remove the 
source of these pollutants in his home. 


Two days later he regressed considerably which made him feel 
quite depressed, since his chelating treatments had not stopped. 
Was there still an unknown factor? It was a return of Shigella 
bacteria! He had inadvertently eaten a non-sterile dairy food: milk 
added to soup when it was already done cooking! This was a 
valuable lesson. Nothing else had returned. He was away from the 
asbestos and xylene from the workshop at home. He zapped the 
bacteria again and applied greater vigilance to eating only 
sterilized dairy foods. He recouped his losses in one day. 


Then they scheduled their dental work, which had already been 
done once two years ago! He had leftover mercury and thallium. 
Now, selecting a dentist with experience in finding tattoos and 
cleaning cavitations made much more sense to him than it had 
before. He also planned to do a kidney and liver cleanse after re- 
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turning home. And to stay out of the workshop until the asbestos- 
containing belt had been replaced and the furniture painting had 
been moved to a different building. 


Shigella also causes irritability and depression, a fre quent 
problem for MS cases. 


High Blood Pressure 


High blood pressure is one of the easiest problems to correct 
without resorting to drugs. 

The most important change to make is to stop using caffeine 
as in coffee, tea, or carbonated beverages. Don't use decaffein- 
ated coffee or tea either because of the solvent pollution in them. 
Switch to hot milk or hot water if a hot beverage is desired, or 
any of the beverages given in the recipe section. If being without 
caffeine leaves you fatigued, take an arginine tablet in the 
morning (500 mg). 

Blood pressure is mainly controlled by the adrenal glands 
which sit like little caps on top of the kidneys. Whatever is af- 
fecting the kidneys is probably affecting the adrenals, too, since 
they're so close to each other. You must find out what it is. 

You could do your search in the kidneys since kidney tissue 
is available in grocery stores. Adrenal tissue is available on mi- 
croscope slides. What will you find? Probably cadmium. 

Search for the cadmium source in your drinking water! 
Cadmium comes from the metal pipes. In fact, you could scrape a 
galvanized pipe to get a cadmium test substance. Conducting or 
storing drinking water in containers of metal is as foolish a 
practice as eating food off the floor. Water picks up everything it 
touches simply because it is wet! You may not see what it picked 
up any more than you can see if it has picked up sugar or salt. 
The cadmium and other metal is dissolved in the water. The 
older the pipes the softer, more corroded they are, and the 
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more metal is picked up as the water rushes by. If you find 
cadmium in your hot or cold water, you will never be able to 
filter it out. Nor should you switch to bottled water. The amount 
of cadmium in your clothing from doing laundry with this water 
is already too much for your adrenals and kidneys. 

Change your galvanized pipes to PVC plastic. If you believe 
you already have plastic pipes or all copper (which leads to leu- 
kemia, schizophrenia and fertility problems) you will need to 
search every inch of plumbing for a very short piece of galva- 
nized pipe left in the system! A piece as short as a 2 inch T or Y 
can be causing all the trouble. 

The toxicity of cadmium, in fact, the high blood pressure 
connection, has been known a long time. After finding the cad- 
mium start on the kidney cleanse. You might miss the cadmium 
problem if you don't attend to it first. Also remove all metal from 
your mouth. 

All (100%) cases of high blood pressure I have seen could 
be easily cured by eliminating cadmium and other pollutants, 
followed by cleansing the kidneys. 

To test whether you still need your blood pressure medicine, 
wait until your pressure is down to 140/90 or better. Then cut the 
dose in half. Check it again next day. If it has climbed back up 
you are not ready; go back to *%4or a full dose of medicine. Try 
again a few days later. If your blood pressure stays down, cut 
your medicine in half again (you are now down to % the regular 
dose) and see if your blood pressure stays improved. 

When you are down to 130/80 go off completely. But stay on 
the kidney herb recipe. At 120/80 try yourself on a few shakes of 
sea salt. The amount of salt eaten, once the pressure is down, has 
little influence. In fact increasing salt intake improves energy 
without raising blood pressure. Take no more than one teaspoon 
a day (2,000 mg sodium), total, including cooking. Better yet, 
make a salt that is a mixture of sodium and potassium chlorides 
(see Sources). Mix it for yourself in a 1 to 1 
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ratio or whatever your taste can accept. The sodium portion 
could be sterilized sea salt (test and make sure it has no alumi- 
num silicate in it first). 

Mold toxins have specific kidney effects! Especially T-2 
toxin, found mostly in dried peas, beans and lentils. Rinse these 
thoroughly first, throw away shriveled ones, and add vitamin C 
to the cooking water. All cases of serious kidney disease show a 
build up of T-2 toxin. Be extra careful to avoid moldy food (read 
Moldy Food, page 381). 


Bala Cuzmin, age 72, had high blood pressure for ten years but the 
upper (systolic) pressure remained high in spite of various medi- 
cines that were tried. She had three kinds of kidney stones and 
only one functional kidney. She stopped using caffeine, switching 
to arginine tablets to get over the let-down. Her diet was changed 
to reduce phosphate and add calcium, and she took magnesium 
and Vitamin Bg to assist the kidneys. She was very anemic and 
her mean cell volume (MCV) was high due to Ascaris infestation. 
She killed parasites, cleansed kidneys but saw no drop in blood 
pressure which stayed at 150 to 170 systolic. Her adrenal glands 
were choked with copper and platinum. She had all the metal in 
her mouth replaced and promptly saw a blood pressure drop to 
145-1 50. Three months later it was at 128 to 133 on half her 
medicine. She had not been tested for T-2 toxin yet, nor changed 
her copper water pipes. 


Sabrina Patton, 66, had a long list of health problems, including high 
blood pressure for six years. She was on Corgard™ and diazide 
drugs which kept it down to 140-160/74-80. She had phosphate 
crystals in her kidneys and was started on kidney herbs and a diet 
change to include milk and exclude soda pop. She had high levels 
of mercury and copper in her immune system. She was feeling so 
much better after the kidney cleanse that she decided to remove 
her last fillings and replace her bridge, too, since it was shedding 
ruthenium. On her way home from the dentist, her ears stopped 
ringing and soon her blood pressure was down to 126/68. She was 
still on half a dose of drugs because she was too afraid to go off 
entirely. But when her pressure stayed down she found the 
courage to go off completely. This gave her the energy she wanted 
to play basketball with the grandchildren again. 
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Rolf Ehrhart, 61, had 80% blockage of heart arteries and high blood 
pressure for which he was on a Hydropres™ patch, Tenormin™, 
and Logol™ (diuretic). He had phosphate and uric acid crystals in 
his kidneys. He was started on kidney herbs followed by the para- 
site herbs. His Ascaris and flukes were zapped. He stopped using 
store-bought beverages. Then he could cut back on his medicines, 
measuring his blood pressure daily to guide him. After seven 
weeks it was down to 140/85, so he decided to do without 
medicine, a bit early. He was also getting chelation therapy and 
was now able to walk 2-4 miles a day. His next chore, which he 
approached gladly, was removal of all metal from his mouth. 


Len Gerald, 45, was on Vasotec™ for high blood pressure. He was 
constantly sleepy; his blood test showed a low thyroid level in spite 
of being on Euthyroid. ™ He was started on kidney herbs followed 
by parasite herbs. In two weeks, barely into his program, his blood 
pressure dropped. He had to go off his blood pressure medicine. It 
stayed at 126/80. He still had some Ascaris and other health 
problems but was highly motivated to clean them up, too. 


Glaucoma 


In glaucoma the pressure in the eyeball gets too high, putting 
pressure on fragile retina cells that do your seeing. The first 
question to ask is: “Is my blood pressure too high?,” because 
there is a link between high blood pressure and elevated eyeball 
pressure. 

Your blood pressure should be 120/80. Your doctor may say 
140/85 is “not high.” He or she is kindly refraining from giving 
you drugs until this level of pressure is reached. It is your tip-off, 
though, that something is not right and you should correct it now, 
when it is easy, and before other damage is done. Read the 
section on high blood pressure (page 210) to learn how to reduce 
it by going off caffeine, checking for cadmium poisoning from 
your water pipes, and cleansing the kidneys (page 549). Even 
though your doctor has explained how the tiny tube draining your 
eyeball is too narrow, you should ask: was it not 
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too narrow before high blood pressure struck? Simply getting 
your blood pressure to normal is sufficient help for beginning 
glaucoma. 





Antonia Guerrero, age 51, had glaucoma for five years and was dete- 
riorating rapidly. She cleansed her kidneys, killed parasites and 
changed her diet to the anti-arthritic one since she also suffered 
from arthritis in her hands for ten years with painful enlarged 
knuckles. She didn't get relief from taking aspirin. She got rid of 
her asbestos toxins by bringing her own hair blower with her to the 
hairdresser. After seven months she had pain relief for her arthritis 
(without aspirin) and her glaucoma was pronounced stable by her 
ophthalmologist. 


Tooth Decay 


The strongest part of our body structure is our bones. The 
strongest bones are our teeth. How can they decay? We must look 
at the enamel, dentine and root of the tooth as well as the bone 
they rest in for some answers. 

Scientists have already searched very hard and long for an- 
swers. But their work is hampered by commercial interests that 
try to shape the results. Since commerce determines which re- 
search can be done (that is, paid for) sacred territory can be ig- 
nored. For example, the effects of sugar-eating, gum-chewing, 
tooth brushing, fluoridation, tooth filling materials and diet can 
be ignored if it interferes with product sales. Trivial studies such 
as comparing shapes of toothbrushes, studying the chemical 
composition of plaque, and studies of bacterial structure and 
genes are done instead. Studies “at the molecular level” do not 
threaten existing industries. 

Important research has lapsed since the 40's and 50's. Per- 
spective on tooth health was sound and clear in the mind of Dr. 
Weston Price in the 1930's. His scientific studies stand as a bea- 
con even today because truths, once found, do not change. He 
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traveled the world over in search of good teeth. Anywhere and 
anytime he found them, he described the people who had them. 
This is excellent science. It lets you draw the conclusions. He 
described what he saw in a book, titled Nutrition and Physical 
Degeneration.'> They came to these conclusions from the fol- 
lowing observable facts: 

1. Skulls of primitive peoples who lived along coastlines, 
such as Peruvians, Scandinavians and various islanders, 
and whose staple foods included fish daily, showed perfect 
teeth; not a single cavity in a lifetime. They had strong 
bones that didn't break even once in a lifetime of 45 years. 
Skeletal structure was fully developed, meaning the jaw 
bone was not undershot or cheek bones squeezed together, 
forcing the teeth to grow into a smaller than ideal space. 
Consequently, there was room for the wisdom teeth, and no 
need to crowd the remainder. They saw no crooked teeth or 
unerupted wisdom teeth. The authors estimated a daily 
consumption of 4 to 5 grams of calcium in their fish 
containing diet. 

Our daily consumption of less than | gram calcium daily is 
small by comparison. Our wisdom teeth erupt poorly, our other 
teeth are often crooked. But today bad teeth go shamefully un- 
heeded because we don't need to chew our food, we can lap it 
(ice cream) or suck it, or gum it (applesauce). 

2. These primitive peoples got all the calcium, magnesium, 
phosphate, boron and other bone builders they needed 
simply from eating (fish) bones. Mexican peoples got 4 to 
6 grams of calcium a day from stone-grinding of corn for 
their staple, tortillas, instead of from fish. 


'Stt is still available from the Price-Pottenger Nutrition Foundation, a 
non-profit organization that seeks to keep his observations alive. Their 
address is PO Box 2614, La Mesa, California 91943, (800) 366-3748. 
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Where do we get our calcium? Milk is our only supply. One 
quart supplies one gram. There is little excuse for a carnivorous 
society like ours to regularly throw away the bones of its food 
animals in view of our dire shortage. It leaves us dependent on 
milk alone. Milk has so many disadvantages. It is impossible to 
milk a cow by machine and not get a few manure bacteria, Sal- 
monellas and Shigellas, into the milk. These bacteria are not 
completely killed by pasteurization the way more susceptible 
bacteria are. It takes boiling temperature to kill all of them. Why 
isn't milk sterilized? Water was sterilized for human consump tion 
in distant decades. Chlorination of water is not ideal but it did 
sterilize the water. Milk could be sterilized by boiling or flash- 
heating. 

Milk has other disadvantages: dozens of antibiotics, both by 
feed and by shot, bovine growth hormone, chemicals added in 
milk processing, the bad effects of homogenization, and allergy to 
milk. Yet, in a choice between milk drinking and bone loss, one 
must choose the milk. This would not be necessary if bones were 
properly salvaged—ground to powder and added back to the meat 
where it belongs—to offset the acidifying effect of the phosphate 
in meat. One gram of calcium is not much bone (Yatsp.) but it 
requires a whole quart of milk. Bone powder added back to 
ground meat, soups, stews could greatly improve our tooth decay 
problem, bone density problem, and skeletal growth problems. 


Softened teeth set the stage for decay; 


bacteria do the dirty work. 





Zapping bacteria does not kill them all. The zapper current 
does not reach into abscesses under metal filled teeth or around 
root canals. Staphylococcus aureus, which we are constantly 
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stuffing in our mouths as we lick our fingers, finds an immediate 
hiding place in a crevice where it can't be zapped. Many other 
bacteria hide here, too: those that cause ear ache, sore throats, 
bronchitis, stiff knees, joint disease. You can try zapping all the 
Clostridia, Streps and tooth decay or plaque bacteria. But the 
only way to successfully eliminate them is to pry them out of 
hiding and wash them away. This is a job for the dentist (see 
Dental Cleanup page 409). 

Strep. mutans is considered to be the bacterium that causes 
tooth cavities. I have found it in milk, evidently another pas- 
teurization escapee. All the more reason to sterilize dairy prod- 
ucts. 


Frannie LaSalle, 52, was getting compression fractures in her spine, 
but the weak bone condition was evident in her mouth (many teeth 
were loose—they could be jiggled!). Her gums were red and 
inflamed. A low thyroid condition (she needed 2’ grains a day of 
thyroid—in one day the normal body goes through 5 grains of thy- 
roid products) contributed to this. Her blood phosphate level was 
high (4.7 mg/DL—should be below 4.0) and her alkaline phos- 
phatase was 205, also high, showing she was dissolving her bones 
(including tooth sockets) at a rapid pace. Her whole system was 
too acid, as could be seen in elevated COz levels (28, when 23-30 
is normal). 


Only the major minerals, sodium, potassium, calcium and magne- 
sium can have an impact on this major disturbance. The dentist 
said she had to have all her teeth pulled and replaced with den- 
tures. Her kidneys showed all three types of calcium phosphate 
crystals. She drank no milk. She had only three weeks before her 
oral surgery appointment. She was started on % cup 2% milk, 6 
times a day plus 50,000 units of vitamin D (a prescription dose) to 
make sure she absorbed all the calcium. She also took magnesium 
oxide (300 mg. once a day) and vitamin Bs 500 mg (one a day). 


She was started on the kidney cleanse to help activate the vitamin 
D and to help the adrenal glands make estrogen. Her estrogen 
level (5.2 pg/ml) was too low to get the calcium deposited back into 
her bones. She was also given licorice herb for their estro- 
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gen-like action to help with this and vitamin C, 1 gram (1,000 mg) 2 
to 3 a day. 


Her mouth care was to be as follows: potassium iodide (white io- 
dine, made up by dissolving 88 gm potassium iodide in one li- 
ter/quart water). Purchase a new very soft toothbrush. Use no 
toothpaste or store bought floss. Use 2 Ib. or 4 Ib. (the 4 lb. is 
coarser) fish line (rinse first). Brush twice a day; floss only once at 
bedtime before brushing. Use 6 drops of food grade hydrogen 
peroxide for daytime brushing. Use 6 drops of potassium iodide for 
nighttime brushing. Use no mouthwash, chewing gum, candy. In 
three weeks her teeth could not be jiggled. Her dentist was as- 
tonished (but was not interested in how she achieved this). In six 
weeks her mouth looked normal and she could chew some foods. 
Her vitamin D was tapered as follows: Take 6 a week for the first 
week (miss one day). Take 5 a week for the second week (miss 
two days). Take 4 a week for the third week. Then 2 a week in- 
definitely. She never lost a tooth. 


Muscle Diseases 


There are a variety of muscle wasting diseases, thought to be 
genetic in their cause. Yet, what could be more easily inherited 
than a parasite? Persons living together share food, living habits. 
refrigerators, and parasites. Their shared genes indeed give them 
similar susceptibilities but if we take muscle parasites away, 
muscle diseases “magically” disappear. 

Of course, there is no magic involved. It is actually hard 
work. Hard work to rid the whole family of parasites that are 
shared and possibly were present even at birth. Parasites that 
normally don't go to the muscles. For example liver flukes and 
intestinal flukes. They belong in the liver and intestine! Yet, in 
muscle disease they show up and reproduce themselves in the 
muscles. The reason for this becomes clearer when you see that 
certain solvents have accumulated there. Heavy metals, bacteria, 
and viruses have accumulated there, too. The host's muscles, 
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instead of kidney and bowel, have taken on the duties of toxic 
dumping grounds. Could it be that the regular routes of elimi- 
nation were overwhelmed? Or did the muscles, traumatized by 
these unusual parasites, invite the toxins? A tantalizing question. 

But in seven minutes you can methodically kill everything and 
anything that is alive in your muscles and shouldn't be there. Zap 
until you are free of all parasite invaders. Your muscles will feel 
lighter afterward. 


Muscular Dystrophy 


In muscular dystrophy the solvents, xylene and toluene are 
seen to accumulate in muscles. These also accumulate in brain 
and nervous tissue! (See Alzheimer's page 269 and multiple 
sclerosis, page 204). Could it be that these solvents are actually 
present in the nerves of the muscles? 

Fortunately these solvents will leave your body, by them- 
selves, in five days after you stop consuming them! Stop drinking 
all store bought beverages, including water and powders that you 
mix, and including health food varieties. Water claims and health 
food powder claims sound as convincing and strong as a twelve 
inch plank to walk on. But if the plank leads out over the side of 
a ship, would you walk it? 

Throw all your possible sources of solvents out. Flavored 
foods are the chief offenders (cold cereals, sweets and candy 
too). But of course, you should check in your basement or at- 
tached garage for cleaning solvents. Places where painting is 
done or automobiles are worked on should be off limits to you. 

If you've been wondering whether you have muscular dys- 
trophy, which I consider to be a fluke disease, search your mus- 
cles electronically. Use prepared slides of flukes along with a 
sample of hamburger meat to represent your muscles. If flukes 
have already taken up residence in them, you should diagnose 
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yourself as “Positive”. If not, but other parasites and toxins are 
present, you have pre-muscular dystrophy. 

Also, the likelihood of finding thallium is quite high, judging 
by the case histories. 


Mel Rickling, age 18, had been seeing a specialist for bouts of mus- 
cular weakness for several years, but no diagnosis was given. His 
condition was not yet severe enough although it was difficult for 
him to raise an empty glass or get upstairs. It began at puberty, 
not too long after his first mercury tooth filling. He had asthma in 
childhood. The flukes attacking his muscles were liver fluke, in- 
testinal fluke, and pancreatic fluke. Other parasites in his muscles 
were Leishmanias, several dog tapeworm cysts, and pinworm. 


He also had assorted bacteria in his muscles. The solvents propyl 
alcohol, benzene, toluene, and xylene were accumulated there too. 
Ortho-phospho-tyrosine (cancer test) was already positive. His 
doctors had not searched for cancer in their biopsies. His drinking 
water contained lead and since he had lived in one house since 
birth he was probably drinking lead every day of his life. He also 
had high levels of mercury and some thallium accumulated in his 
muscles; these came from the tooth fillings in his mouth and could 
explain why his problems began after his first filling was put in. 


His flukes and other large parasites were killed immediately with a 
frequency generator. He was started on the herbal parasite pro- 
gram to prevent reinfection. His diet and body products were 
changed to exclude solvent pollution. He could have no commer- 
cially prepared beverages except milk which needed to be boiled to 
kill bacteria. In twelve days his daily stomach pains were gone, so 
he was able to eat more and gain some much needed weight. The 
rash on his face was gone, the pain at his right side was gone, his 
muscle twitches were gone, his joints no longer ached and his 
mood was much better. The whole family was put on the parasite 
program and Mel was scheduled for dental cleanup. The plumbing 
repairs removed lead from the water and he was soon able to walk 
upstairs, in fact run upstairs. 


A young man, seeing himself regain normalcy, wants nothing more 
than to lead a normal life” which includes reckless behavior. But 
after several warnings from his muscles he stuck to his re- 
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strictions and gained the weight he wanted in order to participate 
in athletics. 


Myasthenia Gravis 


is probably a fluke disease. Some chemical, possibly coming 
from the fluke, may affect the acetylcholine receptors, thereby 
causing an allergic reaction so they become inefficient. This is 
most noticeable in the eyelids. They droop from lack of strength 
to lift them. 

The thymus is often involved, too. The thymus is extremely 
sensitive to benzene and with so much benzene pollution in our 
products and foods (pollution from gasoline is negligible by 
comparison), you will probably find benzene accumulated there. 
Search the thymus and the muscles for parasites, bacteria and 
tooth metal as well as toxins in the foods eaten daily. Kill in- 
vaders twice a week with a zapper or stay on an herbal parasite 
program until all danger of recurrence is past (one to two years). 

Clean up dentalware, diet and environment. Keep no indoor 
pets since any new parasite, however tiny, will surely find the 
niche left behind by the flukes and give you a new myasthenia 
gravis-like disease. The whole family must be parasite-free to 
protect the member with myasthenia gravis. But it is a task easily 
accomplished and desirable in its own right, so discuss your plan 
immediately with family members. Don't delay. The flukes don't 
waste a single minute. They go right on feeding and breeding. 


Carmen Opsal, age 37, was told by her specialist she had her myas- 
thenia from birth since she didn't have the strength to nurse. She 
had pancreatic fluke stages throughout her body. Her plan was to 
start on the parasite killing program, clean her kidneys, remove 
toxic elements, kill bacteria and clean her liver. Long before she 
accomplished this, in one month, she was feeling better and had 
return of her strength on some days. She still had the solvent, 
methylene chloride, from drinking “pure” orange juice and praseo- 
dymium from eating foil-packaged foods, also thulium from her 
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brand of vitamin C. She was full of auto exhaust and nickel from 
dental metal. There was hafnium from nail polish and hair spray 
and zirconium from deodorant. She planned to get rid of it all, and 
never need to return. 


Universal Allergies 


If minor allergies are due to a disabled liver, then extreme 
allergies must be due to an extremely disabled liver. This is the 
case for persons suffering from “universal” allergies, namely 
“everything”, like the lacquer on floors, plastic chairs, the 
neighbor's flowers, and the grocery store. 





Fig. 32 Sheep liver flukes. Black threads in toilet are indicative 
of fluke remains. 
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They have more than merely clogged bile ducts. They have 
the sheep liver fluke living in the bile ducts! A tip-off to this 
situation is allergy to wool and wool fat (lanolin). A few flukes 
might not be noticed but a liver full of flukes that spill over into 
the intestine can give the worst case of allergy imaginable. 

Sometimes the body manages to kill them with its own re- 
sources (maybe you ate something even too toxic for them!) They 
come through the bowel in a torrent. In the water of the toilet 
bowel they explode, spewing their infectious eggs all over in 
little black threads. Because these look like hairs, you may 
believe you passed “things with black hairy legs.” These are 
actually burst flukes with black strings of highly infectious eggs. 
Why some people are literally taken over by these flukes is 
unclear. Amongst sheep, only certain sheep will be severely 
affected, being called “liver-rot.” The disease in animals has 
been extensively studied. 

Kill flukes with a frequency generator (434-421 KHz) or 
zapper. Come to the aid of the liver by avoiding food molds, 
removing dental metals, stopping chronic Salmonella infection 
and finally cleaning the kidneys and liver. 


Environmental IlIness 


is another name for “universal” allergies. When more than a 
few flukes are present in the liver, they keep the liver from doing 
its major job: detoxifying all the food and chemicals that are 
taken into your body. 

Different parts of the liver have different detoxifying jobs. 
One part detoxifies plastics and solvents, another part detoxifies 
perfumes and another newsprint ink, and so on. Foods have 
natural chemicals that need detoxification. By changing our food 
constantly we avoid overburdening any one of our detoxifying 
mechanisms. This is probably the basis for wanting differ- 
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ent food at each meal and different meals each day. We somehow 
“know” when we're ready for the same food again. 

Less extreme forms of allergy can be due to other flukes in 
the liver, such as human liver fluke (Clonorchis), or just plain 
clogging with numerous cholesterol crystals. 

Anything that is lodged in the bile ducts obstructs the flow of 
bile. This causes back pressure in that part of the liver so it 
produces less bile. 

The bile duct system is a gigantic tree with lots of intercon- 
necting branches. Remember how “stringy” liver can be when 
you buy it in the grocery store. These strings are bile ducts. When 
one is obstructed, others take over its job. But when a whole 
section of the liver gets obstructed and it can't detoxify a whole 
set of chemicals you dare not get those chemicals into you again. 

What if you do? These chemicals go coursing all over your 
body! They are taken up by various organs. The brain has special 
protection, called the blood brain barrier. But this can get 
broken by parasites that burrow. Now chemicals can roam 
through the brain. Some attach themselves and cause an “allergic 
reaction”. Beryllium, from “coal oil,” kerosene and gasoline 
attaches itself to the brain easily. Then other things attach 
themselves to the beryllium! 

The extreme form of allergies simply requires killing the 
sheep liver fluke and other flukes inhabiting the liver. They tend 
to overflow the liver and inhabit the intestine, too. In this case, 
you might actually see some in the bowel movement after killing 
them. They won't let go of you as long as they are alive. 

They have two attachments to hold onto you, yet, they are not 
difficult to kill, even with herbs. Use the herbal parasite recipe 
(page 338), zapper, or a frequency generator. 

Sheep liver flukes might actually be breeding, that is, multi- 
plying in the liver of the hyperallergic person. This is not normal. 
Sheep liver flukes “should” only spend their adulthood in 
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our bodies. When the baby stages are also found in our bodies, 
(instead of in minnows or snails) there is undoubtedly a specific 
solvent involved. Environmentally ill persons have quite a few 
solvents accumulated in their organ tissues. Which one enables 
the sheep liver fluke to go through all of its development in the 
human is not known yet. 

Obviously, the extremely allergic person, should remove all 
solvents from their diet and environment. Begin with eliminating 
propyl alcohol and benzene. The same products have other 
solvents too. It is processing of foods that puts solvents into 
them. Go completely natural. Dairy products are free of solvents, 
except for some cheeses. Remember to boil them to get rid of 
bacteria. Salt, olive oil, butter, and honey are free of solvents. 
With electronic technology, you can find solvent free products. 
Otherwise, if it didn't grow or you didn't make it from scratch, 
you must assume it has solvents! Cook from scratch, make your 
own pasta, bread, fruit juices, beverages. 

Often, but not always, persons with sheep liver fluke, have a 
specific allergy to lanolin, a sheep product. Since lanolin is 
widely used in other products, this becomes a very broad range 
allergy. Such persons “‘can get no fat” at mealtimes or wear no 
wool without a considerable reaction. The allergy to lanolin 
does not disappear the day the flukes are all dead. But cleaning 
the liver with several liver cleanses (page 552) after killing 
parasites will start the recovery process. 

Which comes first, the flukes or the solvents? That can't be 
answered. But what happens next is easily seen. The more flukes, 
the less able the liver is to detoxify solvents. The more solvents 
the better able the fluke is to multiply. A vicious cycle is set up 
that accelerates the illness. 

Perhaps neither of these came first. Perhaps something else 
poisoned the liver so both solvents and flukes are given a home 
in your liver! Such a powerful liver poison would be a food 
mold: aflatoxin, cytochalasin B, sterigmatocystin, zearalenone, 
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ochratoxin, sorghum mold, griseofulvin, citrinin, T-2 toxin, Ko- 
jic acid, ergot and others. Avoid food molds—see Mold Free 
Diet, page 365. The diet must be quite limited at first, to allow 
the liver time to “regain” its detoxifying capability. 

Of course, it is assumed that environmentally ill persons have 
had their dental metal replaced by metal free composite. This 
includes gold. Gold accumulates in the pancreas, another organ 
of digestion. This may mean choosing partial dentures. Read the 
section on healing the jaw and Bone Strengthening (page 87) to 
ensure this move brings you success. 

The liver is a versatile organ. It can regenerate itself but it 
won't if food molds block regeneration. Given half a chance it 
will become like new. After killing parasites do the liver cleanse 
(page 552). If it has been a month or more since you killed para- 
sites, then go on a high dose parasite herb treatment the week 
before, or zap. Don't use the herbs the day of the cleanse. With 
one major allergy gone after each cleanse and by timing liver 
cleanses two weeks apart, it takes only six months to have a rea- 
sonably normal life again. You can endure indoor air again, sit 
on plastic chairs, read newspapers, wear cotton clothing and 
leather shoes without reacting. You must still be patient and 
careful as you take back the world for you to live in. 


Delores Flores, 53, was brought by her husband to the driveway in 
front of the office. There she put on her mask and advanced to the 
outdoor bench. She did not dare to come in. Without doing any 
testing her condition was obvious. She must start killing liver 
parasites. But it seemed too simple to be believable. And she knew 
she’d be allergic to the parasite killing herbs (this was before the 
zapper). She decided to do nothing. 


Patricia Humphry arrived wearing an industrial painters’ mask. It 
smelled rubbery. Her winter boots smelled moldy. And a faint scent 
of mothballs came from somewhere. Even her car had an engine 
problem, spewing exhaust fumes into the driveway. | suggested 
she begin with some basic reading material on allergies. She did 
not return either. 
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Arlene Kelly, 50ish, could eat no fat—not the tiniest snippet. But at 
Thanksgiving she allowed herself a little gravy. The consequences 
were swollen eyelids, swollen face, swollen throat: quite a 
dangerous situation. After killing Ascaris and the flukes, and 
cleansing the liver (all in time for Christmas) she dared a little pie— 
and got along quite well! 


Alcoholism 


When the portion of liver that detoxifies ethyl alcohol (the 
drinking kind) is hampered you are at risk for alcoholism. The 
other contributors to alcoholism are beryllium and ergot. Per- 
haps there are even more contributors. 

Beryllium is plentiful in coal products such as “‘coal oil”, and 
in gasoline to which kerosene or coal oil has been added. Fuel 
for “hurricane lamps” is a common offender, filling the air with 
beryllium. Liver blockage can force beryllium to circulate 
through the body; if it happens to attach itself to the addiction 
center of the brain, you're in a heap of trouble. Beryllium is very 
reactive. Any other allergen coursing by can react with it. If this 
happens to be alcohol-the drinking kind—you will be alcoholic 
unbeknownst to you. 

When the liver is quite disabled, there may still be alcohol 
coursing through your body the day after you drank even a little 
bit! It is bound to find the beryllium stuck to the addiction center. 
Together, they turn the brain into a uncontrolled machine. 
Neurotransmitters are released that shouldn't be; others not re- 
leased that should be. Mood is affected in a typically “alcoholic” 
way. Depression may be lifted—or caused! 

Alcoholic persons should remove all fossil fuels from their 
environment, and never choose a career that exposes them to 
paint, cleaners, or automotive products. They should do liver 
cleanses until 2,000 stones or more are out. 


224 


THE CURE FOR ALL DISEASES 


Of course, they should never touch a drop of alcohol: not 
even the Black Walnut Hull Tincture in the herbal parasite pro- 
gram. The aqueous recipe should be made for them. Since alco- 
hol is produced anyway, in the body, the liver should never be 
poisoned by molds, especially ergot: the very mold that is so 
abundant in alcoholic beverages! Alcohol and ergot interact to 
make each more toxic. 

To help the brain recover its neurotransmitter status, take 
glutamine (500 mg.), a B-50 complex, and niacinamide (500 
mg—to help detoxify ergot), with each meal. 

To prevent alcoholism, protect your liver from food molds, 
especially ergot. Add vitamin C to nuts, pasta cereals, grains and 
even alcoholic beverages! Avoid fossil fuel pollution of your 
home by switching to all electric utilities. 





Alcohol Addiction 


There are many definitions of addiction. My definition is 
based on the special brain toxins, beryllium and ergot. 

The brain has a region called the addiction center. If this 
center is stimulated it produces pleasure-chemicals. It is care- 
fully controlled so that not too much pleasure or happiness can be 
experienced. 

When a toxic substance, beryllium, is inhaled it circulates 
with the blood to the brain and may land at the addiction center. 
The more beryllium is inhaled the bigger the chance that it will 
occupy the addiction center. The brain cells in the addiction 
center have receptor sites for glutamate (the same glutamic acid 
that comes from the protein in our food). Normally, glutamate 
activates the addiction center. But when beryllium has “stolen” 
these seats, the glutamate is powerless to activate the joy and 
happiness center. The result is a low level chronic depression. 
The more beryllium there is to clog the receptors the worse the 
depression. Giving glutamic acid does not help but giving glu- 
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tamine does! Addicted or depressed persons should take glu- 
tamine, no less than 3 grams (3000 mg) a day. It comes in 500 
mg. tablets. It is completely harmless. 

When we drink alcohol or put it on the skin (as in mouth- 
wash, tinctures, medicine) or produce it by fermentation in the 
intestines (Candida produces alcohol) a substance, salsol, is 
formed. Salsol reacts with beryllium. If the beryllium is in the 
pleasure center it reacts with it there. This reaction has the effect 
of activating the cells! Now a large amount of pleasure-chemical 
can be released. The amount is larger than normal because so 
many clogged cells are activated together. This explains the 
alcohol “high”. In all the alcohol-addicted persons I studied, 
salsol was present, along with beryllium, on the receptor sites 
normally activated by glutamate (or NMDA or kainate). As we 
removed the beryllium we saw that the salsol also disappeared. 

The solution to alcoholism is to avoid ergot contaminated 
food and avoid beryllium inhalation. We also remove the brain 
beryllium using thioctic acid. Stopping the use of alcohol may 
save a life or career but does not correct the problem. Even after 
30 years of abstinence, I still see the beryllium present in the 
addiction center and the salsol, derived no doubt from endoge- 
nous sources, still attached to the beryllium. This is why the ad- 
diction is never gone even after years of abstinence. 

If any member of the family is, or was, addicted to alcohol 
the house should be searched for beryllium sources. Hurricane 
lamps or antique lamps are the most common sources. Remove 
them permanently. Washing does not clean them. Remove all 
solvents, cleaners, lighters. Switch to a butane lighter. The air 
should be tested for beryllium. The garage door to the house 
should be permanently closed, and the car and lawnmower kept 
out of it. Addicted persons should not be painters! Nor walk into 
a dry-cleaning business. Soon you will see a more cheerful 
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disposition in the addicted person and this will be rewarding for 
the whole family. 


Miguel Alcorn's wife cleaned up the environment for Miguel, whose 
alcoholism was 30 years long. Even lighter fluid was removed. The 
garage was sealed off from the house. She added vitamin C to his 
meals so he didn't have to “take anything”. She was very careful 
about moldy grains. He lost his preoccupation with drinking after 
killing parasites. She believes he is not sneaking any. Our hats are 
off to her. 


Seizures 


are always caused by tiny Ascaris larvae in the brain. 

I suppose they find their way to the seizure center by acci- 
dent. It is not normal for them to be in the brain, they typically 
travel between the stomach and lungs. Ascaris eggs are present 
everywhere in animal filth. Dogs, cats, horses and pigs all get 
Ascaris. Their excrement dries and flies about in the dust, but 
mostly it resides in the soil. Children playing in the dirt cannot 
help but pick up Ascaris eggs. The eggs hatch in the stomach and 
the tiny larvae, microscopic in size, travel first to the lungs. Here 
they go through a molt. This causes some coughing. 

Whenever a child coughs for part of the day do not assume it 
is harmless. Use a frequency generator set to 408 KHz, or use a 
zapper. Children should be treated for Ascaris anyway, whether 
coughing or not, once a week. The tiny larvae are in the cough up. 
Children should not be taught to politely swallow this. They 
could be swallowing their own future seizures, asthma, or 
eczema. Teach children to use tissues for all spit up. The lungs 
are doing what they can to rid the body of these invaders. Your 
intelligence must cooperate with your lungs. 

Ascaris do not come sweet and clean in themselves. They 
bring their own bacteria and viruses. One of these bacteria is 
Bacteroides fragilis. Bacteroides needs a host like Ascaris so it 
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can be oxygen-free. Such a requirement is termed obligatory 
anaerobic meaning “must have absence of air.” 

Being transported to the brain inside Ascaris larvae is 
probably the means by which Bacteroides gets into the brain. 
Brain abscesses and brain tumors usually have Bacteroides fra- 
gilis growing there. Brain tumors will not shrink unless all the 
parasites, bacteria and viruses are dead. Bacteroides, in turn, are 
big enough to house thousands of viruses. Two common viruses 
seen with Ascaris are Coxsackie B; and Coxsackie By. Perhaps it 
is the toxins of the Ascaris larvae or Bacteroides or Coxsackies 
that induces the seizures. Maybe it is something else about the 
infestation that induces them. But by killing Ascaris, Bacteroides 
and Coxsackies (zapper or frequency generator at 408, 325, 364, 
362.5 KHz) you have eliminated the first essential link in the 
chain of developments that causes seizures. 

The brain does not quietly tolerate these invaders. It fights 
back with its immune system. But the wormlets are already too 
big to be eaten by white blood cells. The brain fights back by 
producing inflammation. 

Inflammations are intended to attract calctum so a wall can 
be built around the intruders. Inflammations are negatively 
charged regions so the positively charged calcium can find its 
way to the inflamed site. But lead and mercury are also posi- 
tively charged! Perhaps this is how these toxic metals are at- 
tracted to the brain. All metals are positively charged. Perhaps 
this is their fateful poisonous attraction to living things. Perhaps 
they do not poison when no inflammations are present! In seizure 
cases we see many tooth metals in the brain. These must be 
removed so the inflamed site can heal. 

Other toxic substances have also found their way to the in- 
flammation at the seizure center: vanadium from leaking 
household gas; PVC from new carpets; titanium from face 
powder; zirconium from deodorant; asbestos from the clothes 
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dryer belt or hair blower; lead from tainted drinking water. Do a 
good clean up of your environment. 

Solvents accumulate here, too. Especially toluene and xy- 
lene. These are found in paint (persons with seizures should 
never be around fresh paint) but are also found in trace amounts 
in carbonated beverages. A person with seizures should drink no 
commercial beverages: see the Recipe section for homemade 
carbonated and other beverages. There are several other specific 
brain irritants that accumulate at the seizure center. 

The food fungus, ergot, is always seen in seizure cases. Per- 
haps it can act alone to produce seizures. After all, seizures are 
an ancient malady, existing long before chemicals and solvents 
were manufactured. 

MSG, which is monosodium glutamate should never be used 
in food. It was already banned in infant food in Europe a decade 
ago. Why are we still allowing it? Are our children not as 
precious? Healthy adults may tolerate it better than young 
children. But what about sick adults? Specifically, adults with a 
brain illness? Glutamic acid is a natural constituent of protein in 
our foods. And the sodium glutamate it must form in the body 
does no harm. But MSG is not biologically produced. It is lab- 
made. Lab-made amino acids are not the same as biologically 
made. Perhaps it is these “isomers”, perhaps it is the simple 
overdose of a natural thing that is brain-toxic. Whatever the 
mechanism, MSG should not be consumed by anyone, let alone a 
seizure sufferer. Fortunately, you can ask at restaurants, where 
(not whether) MSG is used so you can avoid these foods. 

BHT and BHA, standing for bishydroxytoluene and bishy- 
droxyanisole are food preservatives and also seizure triggers. 
They are often put on the boxes of cereals, rather than the cereals 
themselves, so the cereals can be pronounced preservative-free. 
Imagine how much the box must be drenched with to prevent 
oxygen leakage into the interior? 
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A more insidious seizure trigger is a perfectly natural sub- 
stance, malvin. Malvin is the natural dye found in grapes, 
strawberries, plums and blueberries. Stop eating strawberry and 
grape jam or juice. Chickens and the eggs they lay, have lots of 
malvin too, stop eating chicken and eggs. 

Here are foods relatively free of malvin: artichokes, aspara- 
gus, almonds, barley, beans of all kinds, green beans, broccoli, 
Brussels sprouts, cantaloupe, celery, nectarines, citrus, dates, 
mango, pears, kiwi, pineapple, Granny Smith apples. '* 


To Summarize 


To stop your seizures on a dime, and not have another one: 

1. Avoid malvin in food. Eat nothing colored red or blue, 
chicken, eggs, MSG, BHA & BHT. Boil all dairy products 
or don't eat them. 

2. Avoid ergot in food. Eat no whole grain products; take 
niacinamide 500 mg three times a day to help the liver 
detoxify tiny bits in other foods. 

3. Kill Ascaris, Bacteroides and Coxsackie virus and stay on 
a maintenance program of killing them. Avoid reinfection. 
It would be wise to have only outdoor pets. 

4. Replace dental metal with metal-free plastic (See Dental 
Clean-up). 

5. Clean up the home environment and body products of toxic 
substances. 

6. Keep your fingers sanitary: spray them with 10% grain al- 
cohol or vodka after bathroom use. 

You can often tell by how you feel whether you are near to 
having a seizure. But some people get no warning. Don't take 


“Taken from A Guide to the Identification and Treatment of Bio- 
catalyst and Biochemical Intolerances, 1988 by J. A. Krohn, Los Ala- 
mos Medical Center, 3917 West Road Suite 136, Los Alamos, NM 
87544. 
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chances. Keep your drugs with you, even though you no longer 
need to take them. Drugs like Tegretol™ and Phenobarbital™ 
are not harmless. Once you can tell that you're better, try reducing 
your drug dosage slightly. See how you manage. If you have a 
breakthrough seizure you could fall and break a bone. Don't take 
chances. Even a year after your last seizure you should carry your 
medicine with you and have some in your house. This is because 
it is so easy to pick up Ascaris again. The highway to the brain— 
its seizure center-is still open. They will travel it again. It might 
only take two days from the time of accidental swallowing of 
animal filth, to having little larvae in the brain. Use a frequency 
generator every day at first, or zap daily to guard against this. 
Notice that killing parasites the first time may actually start a 
seizure coming. Simply stop zapping if you feel one coming. Do 
shortened zapping until you can tolerate a regular treatment. Have 
someone with you while zapping. 

Say good-bye to seizures forever. But don't forget your sus- 
ceptibility. I believe you should be extra careful for two years. If 
you have a recurrence, repeat the whole procedure. This time it 
should be curable in a single day. 


Doug's mother was distraught when she brought him, age 8 months. 
Her doctor only seemed sympathetic with her purpose to keep the 
baby's temperature down the next time he catches a cold. But her 
doctor had referred her to the county social worker. She had been 
completely honest with her doctor, because she was that kind of 
trusting person. Since her baby had only experienced one seizure 
(which was during a fever), she didn't see why her beautiful first 
born child should be on medicine “the rest of his life”. She wanted 
her baby to be perfect. But the social worker had called her, talked 
about “the law’ and being an unfit mother. She was all apart. The 
baby was supposed to be on Phenobarbital™ twice a day. Our 
tests showed Doug had Ascaris plus lead toxicity. He was also 
getting home made strawberry and grape juice. She promised to 
put the three cats outdoors, keep the baby off the floor, keep 
Doug's fingernails short and always wash his hands before eating. 
The parasites were easily killed. The lead was spo- 
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radically present in the water. She planned to move, and until then 
would filter all the drinking water so her breast milk would be free 
of it too. His diet was changed to eliminate eggs, chicken and the 
red and blue fruits. We recommended leaving the state in order to 
be able to peacefully raise her child. We promised to treat her 
child free of charge if another seizure should occur. Two years 
passed and we heard she was doing fine with her child. 


Clara Scruggs, 50ish was losing control over her seizures and had to 
be hospitalized while a new medicine was tried. It changed her 
personality (again!) which upset her husband, too. She was started 
on the herbal parasite program but could only increase by one 
drop of Black Walnut Hull Tincture a week, instead of daily, since 
each new increase would give her a seizure. In half a year she 
was fairly free of seizures in spite of being off drugs. After each 
seizure, a checkup showed she had picked up Ascaris again 
sometimes with additional parasites. She could not bear to put her 
cat outside; Boots had been a friend in need many times. When 
she finally got Boots onto a regular parasite program she improved 
enough to go to church and church events again. When Boots 
finally “wanted out” she didn't mind. She decided to do a liver 
cleanse—this, too, gave her two seizures the next day but paid big 
dividends in other ways. She eventually improved to an incidence 
of one small seizure (“spacey” time or incoherent speech) in two 
weeks. 


Chun Yee, age 28, has been on Dilantin™ from age 15. Now he was 
up to five pills a day and it didn't control his seizures. Any activity 
would trigger it. He was put on a low malvin diet and started on the 
kidney cleanse. His blood test showed he was anemic with a high 
MCV (104 cu microns), suggesting the Ascaris worms were using 
up all his vitamin B;2 too. In six weeks he was down to one or two 
seizures per week, although he had not yet started the parasite 
program. He had beryllium built up in him, probably from a 
kerosene heater. When the pets and family were all treated for 
parasites he had no more breakthrough seizures and could cut his 
medicine in half which gave him much more energy. He was no 
longer in danger of losing his job. 


Shiresse Nobel, age 7, was having minimal seizures but the mother did 
not want to start her on medicine. Shiresse had high levels of 
mercury in her body, although she had no tooth fillings. The whole 
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family cleared their Ascaris infestation and in three weeks the sei- 
zures were gone but aggressive behavior remained. There was 
mercury in the air of some rooms but it was not in the paint. The 
bathroom was the worst. When everything in the bathroom was 
removed, the air cleared and so did Shiresse's behavior problem. 


Drew Seaton, age 8, had his first seizure lasting nearly a minute. The 
parents were very fastidious and extremely conscientious about 
diet and habits. They were distraught. They all had Ascaris. A 
baby was still being diapered. Drew had arsenic (pesticide under 
kitchen sink), formaldehyde (some remodeling) and PVC (a new 
carpet) accumulated in his body. The carpets had to be steam 
cleaned to get rid of the arsenic. He was started on parasite herbs 
at once, since he was on medication that would shield him from 
having another seizure while killing Ascaris. Two weeks later eve- 
rybody, except the mother, was free of Ascaris. In another two 
weeks they were all free and had cleaned up house toxins. They 
dared to stop his medicine. This let Drew's former happy person- 
ality come back to everyone's delight. Two years later there was 
still no recurrence. 


Cosmo Maser, 30ish, was in a hospital across the country. He was 
having continuous seizures, although he had been there a week. It 
seemed impossible to transport him but, against doctor's orders, 
they got him into a station wagon. He had nothing to eat or drink 
that had any malvin in it (he ate four very well done hamburgers, 
plain, with lettuce on his trip) and his seizures stopped immedi- 
ately. They felt a bit sheepish upon arrival 20 hours later since he 
could sit up, could tell his own story and no longer looked ill. He 
was without medication, too. They had left in a hurry. They imme- 
diately removed all the metal from his mouth; this cleared his 
mercury problem. He was started on parasite medicine and 
weathered the small seizures each increase gave him. He could 
return home in five days with his new diet and thioctic acid daily as 
a supplement. He occasionally had a seizure (2 a month) until they 
moved away from the busy street below their apartment. About a 
year later he could hold a job and go off Social Security support. 
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Weight Problems 


Overweight is not the same problem as obesity. In fact, I do 
not have the answer to either problem, only a part of the answer. 

In obese women, the ovaries, pancreas and thyroid are all 
involved. Perhaps the adrenals, the brain satiety center, and the 
liver are also involved. Maybe it's as simple as gold accumula- 
tion in all these places. Perhaps it is bacteria in all these places. 
When you weigh close to 300 pounds obviously some organ isn't 
working right. Try several things, but not a starvation diet. 

The cause is not eating too much. Try removing all gold: gold 
teeth, gold jewelry and gold rings. Replace them with non metal 
varieties. After removing the gold, pull the remaining gold out of 
your tissues with thioctic acid (2 or 3 a day for several months). 
Make sure kidneys are able to excrete the gold instead of making 
crystals by doing a kidney cleanse. Gold accumulates in the 
pancreas, the brain (possibly in a control center here) and the 
ovaries (causes some infertility here). Also try clearing the body 
of all bacteria and parasites by regularly using a zapper. Use the 
Bowel Program (page 546) to evict the last of the Shigellas. Be 
very careful to avoid nonsterile dairy products. Try cleansing 
your liver by doing liver cleanses. Get 3,000 stones out. 

Make sure you are getting enough nutritious food; make carrot 
and vegetable juice; use no commercial beverages. Avoid moldy 
food—don't take risks. If all these measures bring your weight 
down to the level of mere overweight give yourself good grades. 

Overweight is a low energy condition. Your food is being 
turned into fat instead of energy. The decision not to make energy 
is being made in the liver mainly, but perhaps other organs as 
well. 

Try cleaning the liver (page 552) until no more stones come 
out: get at least 2,000 stones. Notice that as the liver gets 
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cleaner you get more and more energy right after each cleanse. 
Some cleanses have a dramatic effect. Others do not. This sug- 
gests that a certain part of the liver is the responsible part. Soon 
after the cleanse—within a week-the same old lassitude sets in. 
But during these few days notice how your body feels. It feels 
light. Your abdomen feels tight, like it's a part of you again. 
You're mind isn't on food throughout the day. It's very easy to 
lose weight, in fact you may lose five pounds in these few days 
without dieting or exercising. Definitely, your long-lost weight 
regulation is back in force. But then it vanishes. Fortunately, a bit 
of the weight loss stays with you, and by repeating cleanses (only 
once in 2 weeks, though) you can shed the pounds you want and 
gain energy in a permanent way. It is probably the way nature 
intended. 

Try increasing your bowel movements. Notice how cats and 
dogs seem to derive energy from emptying their bowels. A cat 
walks to its litter box; after emptying its bowels and carefully 
covering it up, it jumps from the box and runs away. It now has 
its playful mood. A body chemical, acetylcholine, plays a role 
in emptying the bowels. Acetylcholine is a necessary operator 
for many of our muscles. Is there a disturbance in our acetyl- 
choline metabolism in overweight conditions? 

Coax your body to release more acetylcholine, at least in the 
intestines, by using a herbal laxative like Cascara sagrada. Other 
varieties are useful, too, but don't use a drug laxative: it burdens 
the liver more. Try to have three bowel movements a day. 

Shigella bacteria can cause dreadful constipation. Immedi- 
ately, the body feels sluggish, abdomen feels disconnected or 
hanging out. A nameless hunger sets in. Keep a close watch on 
dairy foods to make sure they are sterile. Zap when in doubt and 
do the Bowel Program. 

Exercise helps as long as you keep at it. Strict dieting works 
as long as you keep doing it. But there's the problem. When you 
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stop, you lose ground. It doesn't solve the problem of an ineffi- 
cient body metabolism. 

Raising thyroid levels helps but this can be dangerous. 
Raising thyroid levels naturally, by removing toxins is a very 
effective method—provided it was low to begin with. Over- 
weight people often have a low body temperature, showing that 
the thyroid is involved: it is under producing. But giving the 
body extra thyroid doesn't solve the thyroid's problem. It 
only temporarily solves the rest of the body's problem. The 
thyroid will have viruses and heavy metals in it. The metal in 
your mouth drains downward to the stomach passing very close 
to the thyroid. Perhaps its iodine uptake is inhibited. The chlorine 
in water and bromine in bread may inhibit iodine uptake by the 
thyroid, too. After all, they are all halogens. Stop eating bleached 
bread and filter out the chlorine in your water. If this raises your 
body temperature you could expect better weight control. 

The traditional herb, Fucus, was used to treat thyroid prob- 
lems (and overweight) in days when herbs ruled medicine. 
Herbalists made a point of discouraging use of plain iodine. Fu- 
cus, they said, was much more effective. See Recipes. 

If all these measures don't work for you, at least you have 
improved your health trying. 

There are some advantages of being overweight. Overweight 
people seem to weather illness better. They laugh more. But one 
look in the mirror or at the scales ruins it. Put away the long 
mirror and scales. Don't ruin your whole life over it. Make a 
reasonable effort and then let go. Enjoy your stay on this planet. 

Underweight can be just as difficult as overweight to cor- 
rect. Once the stomach has been trained to say “full” or “full 
enough,” even after a few mouthfuls, it is difficult to heal. Sal- 
monellas in the stomach wall are often seen. Giardia and other 
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common parasites, that don't belong in the stomach, are seen here 
in cases of underweight. 

The stomach is invaded by bacteria and parasites when its 
immunity is low. The common culprit is tooth metal draining 
down continuously into the stomach. Remove every bit of mouth 
metal. Don't cook or eat with metal. Stimulate your appetite with 
B-vitamins. And, again, the liver plays a role. If it is toxic with 
mold, it may say “eat no more” and the body obeys. 

A stage of cancer illness is weight loss. This is called 
cachexia. The victim believes he or she is eating enough. They 
may not even have a poor 
appetite. Yet weight F 
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sooner if high calorie supplements were not used. But don't use 
canned “calorie boosters”. They are polluted—often with the 
very solvent that makes the condition worse. Instead, make an 
eggnog: Yup boiled milk, 4 cup boiled whipping cream, a raw 
egg (exterior carefully washed), 1 tsp. olive oil, a banana, honey, 
cinnamon, cloves, nutmeg to taste. Mix all in a blender. Drink 1 
cup a day. Vary it daily to keep it interesting. 
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If all this fails, give yourself credit for achieving health im- 
provement and shift your focus to a different project. Under- 
weight is not all bad either. 


Sleep Problems 


All big animals sleep, but some sleep by day instead of night. 
When humans do this, that is, work the night shift, they don't feel 
as well. Humans need about seven hours of sleep out of the 
twenty-four. Younger ones sleep more; newborns sleep much 
more. When we are deprived of sleep we are grouchy, think less 
clearly next day and have less energy. In spite of lots of research 
at “sleep labs” sleep problems are not understood, except for 
sleep apnea. Breathing should be even. When breaths are missed 
it is called apnea. It is especially disturbing when a baby shows 
apnea. 


Sleep Apnea 


Since breathing is regulated by acid levels in the blood and 
this is influenced by air quality, air toxins should be searched for 
first. Cigarette smoke is an air toxin. Vanadium from a gas leak 
is a very serious air toxin and can go unnoticed. Do your own 
checking since gas companies give wrong answers four out of 
five times. Ask a home construction company to check for gas 
leaks or the Health Department. PVC from new carpeting may be 
polluting the air. Arsenic from “treated” carpets and drapes and 
furniture also pollutes. Asbestos from clothes and hair dryers 
may be the toxin responsible. Perhaps even fiberglass, 
formaldehyde, or freon. 

Adults with sleep apnea show swollen throat tissues: not 
necessarily pain. This makes the air passage smaller; long gasps 
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of air are taken to try to make up for the missed oxygen and the 
carbon dioxide build up. 

Swelling of the throat is a common allergic reaction. The 
possibility of allergy should get second consideration after air 
quality. Drug reactions, even in a nursing baby, where only the 
mother is using a medicine could be the problem. Allergy to 
food, chemicals has been suggested, as well as a simple lack of 
vitamin C (implicating mold and medicine which consume vi- 
tamin C in the detoxification process). 

A third possibility is infection. Many bacteria and viruses 
can cause throat swelling. Redness of the throat is a telltale sign. 
It doesn't necessarily hurt. Kill all invaders with a zapper and try 
to understand the basis of low immunity in the throat. 

Keeping metal in the mouth constantly, is a cause of low 
throat immunity since it must drain past the throat. 

If you snore, you can deduce that your throat is swollen, even 
if you don't have sleep apnea. Pursue all three possible causes 
(air toxin, allergy, infection). 

Overweight and obesity have been emphasized as causes. 
This may apply to some cases but certainly not to babies. 

Whatever you do, don't do nothing. Keep removing bad things 
until you find the cause of irregular breathing. 


Chester Fannon, 5Oish, was quite overweight and wore a mask at night 
with an air blower to assist his breathing. He had been referred to 
a sleep center for sleep apnea. He had extreme dryness of his 
throat at night and some hearing loss in one ear. He was toxic with 
arsenic (roach killer), bismuth (cologne), tin (toothpaste), and 
thallium (polluted dentalware). He was infested with both species of 
Ascaris and had a hacky cough. He had four solvents 
accumulated in his tissues. He was growing nine pathogens: 
Mycoplasma, Haemophilus inf., Streptococcus pneu, A-strep, 
Nocardia, Staphylococcus aureus, Bacillus cereus and Flu virus, 
over half of them in his throat. These were killed with a frequency 
generator and a general cleanup was done. After two teeth were 
pulled he no longer needed his mask, he no longer had apnea. 
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Peter Day, middle age, was set for throat surgery in a few days. He 
had a couple of scary nights when he thought he was dying and 
couldn't risk many more nights with his obstructed airways. He was 
overweight. His throat was red and swollen, although he felt 
nothing. He never even had colds. His diet was completely 
changed, to things he rarely ate (bananas, milk, soup, oatmeal) 
and off things he ate daily (hamburgers, fries, tea, pancakes with 
genuine maple syrup). In two days, his throat was quite clear, the 
tissues having become unswollen. Maybe it was the molds in the 
maple syrup, maybe it was the oxalic acid in the tea, or something 
else he could not detoxify in these foods. He was certainly happy 
not to live the rest of his life with an artificial voice box. 


Insomnia 


Another sleep disturbance is waking in the night and not 
being able to go back to sleep for hours. Or not being able to get 
to sleep. 

I believe these problems are caused by a high ammonia level 
in the brain. This belief is based on two observations. Ornithine, 
an ammonia reducer, induces a wonderful sleep in sleep- 
deprived persons. It is also observed that after killing parasites, 
which produce ammonia, sleep is much improved. Our metabo- 
lism does not produce ammonia. We produce urea which is ex- 
creted by the kidneys along with water and then called urine. 
When we are parasitized, our metabolism is burdened with am- 
monia, though, made by the parasites. We have to turn it into urea 
in the liver and kidneys so we can excrete for them. But this can't 
be done in the brain! The brain lacks an essential enzyme, 
ornithine carbamyl-transferase, for this bit of biochemistry. The 
brain was never meant to be parasitized or infected and has no 
defense. Most of our parasites come from animals we associate 
with. We weren't meant to live with horses, cows, sheep, pigs, 
monkeys, guinea pigs, cats, dogs and chickens nor to come in 
contact with dozens more at a zoo. We do so at our own peril. 
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It is known that ammonia is a strong brain irritant. In fact, a 
person can be awakened from a coma by being made to smell 
ammonia “smelling salts.” Ornithine reacts with ammonia, 
mopping it up like a sponge. Arginine, another amino acid, also 
reacts with ammonia, but does not put you to sleep. So there is 
more to insomnia than mere inability to reduce ammonia levels. 
Arginine results in alertness and therefore should be used in the 
morning, when needed. Ornithine, given at bedtime, may take 2 
hour to do its magic. Both are perfectly safe, since they are 
natural to your body, and a food constituent. 

Start by taking two ornithine capsules (each 500 mg.) on the 
first night. Take four the next night. Take six the night after and 
choose the dose you like best. Sometimes it takes five days to 
“catch up” on everything that needs to be done for the brain and 
get you sleeping. Meanwhile, of course, you are planning to kill 
your parasites and be done with insomnia in the most effective 
way of all. 

Another sleep aid is herbal. A couple of herbs, valerian and 
skullcap, are known for such action. The mechanisms are not 
understood and this makes for nonuniform action. Some persons 
sleep well with them, others do not. Simply try them to find out. 
We are all so different in our metabolism details, we respond 
differently to herbs. But it is a blessing that the mechanism is not 
understood. Herbs, a tradition that precedes civilization, need to 
be forever off limits for intervention by government agencies. 

Tryptophane, another amino acid, is about twice as power- 
ful as ornithine, but was taken off the market a few years ago. 
Some persons taking it daily were seen to become quite ill and 
some deaths ensued. Since tryptophane had been used in prior 
years without noticing toxicity, something unusual should have 
been suspected. My tests showed extreme pollution of trypto- 
phane capsules. They contained PCBs, mercury, ruthenium, 
strontium, praseodymium, aluminum, and benzalkonium. I can 
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only speculate that a mixing vat broke, dumping its precious load 
onto the floor—but it was salvaged. Or that the mixing vat wasn't 
cleaned thoroughly from it's last use. 

Persons with illness due to taking tryptophane developed an 
extremely high eosinophil count in their blood test—an index of 
parasitism, too. Parasitism, that would have led to insomnia in 
the first place! Were these unfortunate victims seeing the cause or 
the result of their tryptophane use? This tragic event should have 
led to a discovery of the heavy pollution, a revelation of the 
industrial manufacturing process, and a safeguarding against any 
repetition. It has not been done (certainly not publicly). 

Foreign countries' manufacturing processes do not come un- 
der U.S. scrutiny or jurisdiction, although some imported prod- 
ucts must pass tests. There are no safeguards against repetition of 
the tryptophane experience. It behooves us to demand safe 
supplements and medicines. It is not the list of ingredients that 
informs. Lot analysis, after bottling, would give us the necessary 
safeguard. The presence of filth contamination and toxins cannot 
be completely avoided but the consumer can make informed 
choices if he or she knows it is there. Disclosure, of course, is 
the bane of the manufacturing business. Interest rate disclosure 
was the bane of the money lending business. Such important 
matters can't be left to “self-regulation” policies. The consumers 
must simply demand to know what they are consuming. 


Ruby Adair, 14, ached all over, had ringing in her ears, sinus problems 
and chronic fatigue. She couldn't get to sleep, ever; and had been 
half a year out of school already. She had intestinal flukes in her 
stomach. In three weeks she had eliminated them with parasite 
herbs and she could go to sleep naturally. 
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Yeast Infections 


The most common yeast in humans is Candida albicans. 
Candida has always been around. It flies in the air, searching for 
a place to land and reproduce. It can invade a variety of human 
tissues like the mouth (called thrush), skin (including some kinds 
of diaper rash), vagina, and the digestive tract. We all have some 
yeast in our digestive tract, but when it gets out of hand, it's 
called candidiasis. 

Yeast is a fungus. It needs dampness to survive and sugar to 
grow. 

Our immune system, white blood cells, are capable of eradi- 
cating yeast provided it isn't growing too fast. And provided the 
white blood cells aren't immobilized or preoccupied with 
something else. 


Diaper Rash 


A baby's rash is an example of the white blood cells being 
preoccupied. When chemicals are used in the diaper, the white 
blood cells go after the chemicals and let the yeast grow. Drying 
the baby's skin helps since the yeast must have dampness. This 
should be done with air, sunlight and a heat lamp, not with more 
chemicals! Certainly not with cortisone containing salves that 
further reduce the immune competence of white blood cells. 

Use a heat lamp for five minutes at a time, several times a 
day. Switch to cloth diapers; do not bleach them with chlorine 
bleach, the residual chlorine trapped in the cloth is a chronic 
irritant, setting the stage for another rash and future chlorine- 
allergy. Cloth diapers should be sterilized, not bleached. Use the 
hottest water your laundry system is capable of producing. Add 2 
cup borax for the washing process. If you have homemade 
Lugol’s iodine (made by your pharmacist or by yourself, see 
Recipes), add a tsp. to the wash or rinse. Vinegar is a yeast in- 
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hibitor, add it to the rinse. Dry diapers at the hottest setting. Dry 
to kill. Kill all the yeast spores in the diapers. 

To strengthen the baby's skin against future infection, do not 
put chemicals on the skin. Do not use any soap, fragrance, bath 
oil, ointment or lotion. Do not use cotton balls or baby wipes. Do 
not give a daily bath. Wash bottoms gently, with borax followed 
by a vitamin C rinse. Vitamin C is acid and is our natural healing 
agent but it will sting on a broken skin surface. Use it as dilute as 
necessary to be tolerated. Zinc oxide is another natural healer 
because it competes away the iron that fungus and bacteria need 
for their reproduction. Never use commercially available zinc 
compounds though, simply purchase your own zinc oxide 
powder, mix it with cornstarch and keep in a large old salt 
shaker, dust it wherever there is moisture or fungus growth. 


Treat Yeast or Fungus the Same 


Other fungus growths, like Tinea (crotch itch), ringworm (not 

a worm at all), athlete's foot, along with Candida, can be 
similarly eradicated: 

1. Deprive the fungus of moisture. 

2. Deprive the invaders of iron. 

3. Deprive the fungus of sugar. 

4. Strengthen the skin's immune power. 

5. Strengthen the skin's healing ability. 


It may be impossible to deprive the fungus of moisture, for 
example if your feet sweat and you must wear socks. Take your 
socks off as soon as you are at home, treat your feet with a heat 
lamp. Use zinc oxide or cornstarch to powder and dry the skin. 
Boil your socks when laundering. Dry them to tinder-heat (too 
hot to touch). Launder with borax only (soaps and detergents 
contain aluminum which pollutes the skin). Rinse skin with vi- 
tamin C water. It takes all these measures used simultaneously 
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to clear up athlete's foot fungus. And great persistence. They may 
have developed a foothold underneath the toe nail where a steady 
supply of moisture, iron and sugar is available to them. 
Nevertheless, your white blood cells will eventually gobble them 
up if you let them. 

In thrush (yeast infection of the mouth) you must again outwit 
its growth by doing everything possible at one time. Eat no sugar, 
drink no fruit juice, stay off antibiotic. Avoid trauma like eating 
abrasive foods (crusts, popcorn, nuts, lozenges) or sucking on 
things. Floss teeth only once a day (using monofilament fish line), 
followed immediately by brushing with white iodine (or Lugol’s, 
but this may temporarily stain). Hydrogen peroxide is not strong 
enough. Remember to sterilize your toothbrush with grain alcohol 
or iodine. You may also rinse your mouth with Lugol’s (6 drops 
to % cup of water). Or apply 6 drops directly to the tongue and 
rub it in lightly with your lips. 


Do not use Lugol’s iodine if you have been told you are al- 


lergic to iodine. 





Kill Candida daily with a frequency generator or zapper. 
Since reinfection is constant, you must continue to do all the 
treatments given to permanently cure yourself of fungus disease. 

Since Candida grows right into your living cells (which you 
are not attacking!) you cannot kill it all at once. Only surface 
fungus can be accessed by either Lugol’s or electrical “zapping”. 
But as the top layer is killed, exposing the next layer, you will 
make progress. It will take a month of daily treatment to clear it. 

Clearing up fungus at one location but not another will not 
bring you a permanent cure, either. Damp locations like under the 
breasts, under the belly fold, groin and crotch need to be 
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kept dry with cornstarch daily. Keep it up long after it seems to 
be cured. 


Fluke Disease 


Flukes, or flatworms, have a complex life cycle with many 
stages. Although sheep, cattle, pigs and humans can be “natural” 
hosts to the adult stage, the other stages are meant to develop 
outdoors and in secondary hosts. When fluke stages other than the 
adult are able to develop in us, I call it fluke disease. 

Or, when an adult that “normally belongs” to another species 
is able to develop in us, I also call that fluke disease. Or even 
with adult flukes in their “normal” host, when they move from the 
organ that they “normally” colonize to other organs in the body I 
call this fluke disease, too. 

Four fluke varieties engaged in this extra territorial pursuit 
are the intestinal fluke, sheep liver fluke, pancreatic fluke, and 
human liver fluke. 

As you can see from their names, scientists have studied them 
well, and know exactly which animals are the “normal” hosts, 
and which organ in that animal is the adult fluke's “normal” 
home. Fluke disease is when any of these is “wrong.” 

Flukes don't have eyes to see with or legs to walk with, so 
how can they find and travel to the organ they want in the middle 
of your body? Scientists do not know for sure. However it's 
concluded from many scientific studies that the liver fluke, Fas- 
ciola, for example, has no trouble seeking out and colonizing the 
liver. 

Here are some examples of what can happen when flukes go 
“wrong:” 

e Adult flukes (any of the four mentioned) in the uterine wall 
causes cramping and bleeding when it is not men- 
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strual period time. If an adult crosses the wall to the inside 
and then manages to get out through the fallopian tubes to 
the abdominal cavity it takes some endometrium with it— 
causing endometriosis. 

¢ If adults develop in the kidneys, it can cause lupus or 
Hodgkin's disease. 

¢ If adults complete their cycle in the brain, Alzheimer's 
disease and multiple sclerosis result. 

e If the intestinal fluke (Fasciolopsis buskii) becomes adult 
in the liver it causes cancers of many (hundreds) kinds. 

¢ If the pancreatic fluke completes its cycle in the pancreas it 
leads to diabetes. This is not an example of flukes straying 
into the wrong organs, but of having its stages reproducing 
where they never could before. 

¢ If flukes develop in the thymus, immunity is lowered. If it 
happens to be the intestinal fluke, HIV (Human Immu- 
nodeficiency Virus) is released there. In turn, HIV invades 
other tissues, like penis and vagina. 

e These four flukes can also invade the muscles, causing 
dystrophies. 





As dissimilar as we always thought these diseases to be, it's 


obvious to me that they are but one disease—fluke disease 





Considering the size of these flukes (adults are easily visi- 
ble), it is not surprising that they can quickly lay waste a human's 
organs. Yet a human is big and makes a valiant effort to kill the 
stages, block access to tissues and otherwise battle them. 

But only the human's intelligence can be counted on to defeat 
them. The intelligent approach is to discover what enables these 
mighty monsters to do their reproducing in our bodies instead of 
the pond with its snail/minnow secondary hosts. 
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Flukes and Solvents 


The explanation I have found for two of these flukes is the 
presence of solvents in our bodies. The presence of isopropyl 
alcohol is associated in 100% of cancer cases (over 500 cases) 
with reproduction of the intestinal fluke stages in a variety of 
organs causing cancers in these organs. 

The presence of benzene is associated in 100% of HIV cases 
(over 100 cases) with reproduction of intestinal fluke stages in 
the thymus. 

The presence of wood alcohol is associated in 100% of dia- 
betes cases (over 50 cases) with reproduction of pancreatic fluke 
stages in the pancreas. 

The presence of xylene and toluene is associated in 100% of 
Alzheimer cases (over 10 cases) with the reproduction of intes- 
tinal fluke stages in the brain. 

Much more work needs to be done to examine the relation- 
ship between fluke reproduction, the solvent and the chosen or- 
gan. But it seems probable that the solvent allows it all to 
happen. And our intelligence, to save us, must find a solution. 

Stopping use of these solvents seems to me to be the most 
urgent advice. Finding which foods and products are polluted 
with them is the first step. It is imperative that you test everything 
you use or eat for solvent pollution. The Syncrometer makes that 
an easy task. Ideally, we should all pool our results, adding to the 
body of knowledge I have begun. 

In my observations, when the big sources of solvents are 
stopped, the body's levels go back to zero. In other words, the 
minute amounts that we inhale here and there do not accumulate 
to the point of serious damage. We have to eat, drink or absorb 
them on a daily basis to injure us! So where can they come from? 

The sources of benzene and propyl alcohol that I found are 
given in special lists (page 354 and 335). The sources of wood 


251 


THE CURE FoR ALL DISEASES 


alcohol are not as well known, but include commercial bever- 
ages, cold cereals, artificial sweetener, vitamins, and drugs. 
Other solvents are even less studied. But a pattern is emerging: 
foods and products that require sterilization of bottles and ma- 
chinery to fill these bottles are polluted with propyl alcohol or 
wood alcohol. Foods and products containing flavorings or oils 
are polluted with benzene. Let the buyer (you) be wary! Test your 
own products if possible. If not, do not purchase them. 

There are many other flukes and many other diseases. Are 
there other fluke/solvent/disease trios? Has fluke disease been 
going on for a long time or is it a recent phenomenon? Certainly 
cancer is 100 years old, so is the use of propyl alcohol. Diabetes 
is quite old as an illness, too, and so is its associated solvent, 
wood alcohol. But HIV, AIDS and Alzheimer's are recent dis- 
eases. Should we conclude that benzene, xylene and toluene were 
used much less in the past? 

Fluke diseases could be eradicated with some simple ac- 
tions: monitoring of solvents in foods, feeds and products. 
Hopefully, this will begin. It is in the interest of the consumer to 
have her or his own independent way of monitoring too. 
Chemical ways can be devised, besides the electronic way pre- 
sented in this book. Imagine a small test strip like a flat toothpick 
which turns color when in contact with propyl alcohol. Keep a 
pack in your pocket and never be unknowingly dosed again...all 
in tomorrow's world. 


Flukes Not Alone 


There are other families of parasites. The roundworms and 
tapeworms are gaining ground too. Are they associated with 
solvents? Or with yet undiscovered factors? Are they changing 
their life cycles to take advantage of our lowered immunity? 
These are important questions. But you are armed with excellent 
technology. The answers will be found. 
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And along with answers there will surely develop a new in- 
dustry. An industry that not only proclaims purity for its products 
but provides the proof to your satisfaction. 


Burning And Numbness 


Burning sensations in the skin let you know that nerves are 
involved. Mercury is the most common offender. Mercury may 
have started the trek of a host of other toxins as well into your 
nervous system: pesticide, automotive chemicals, household 
chemicals, fragrance and even food chemicals. Some people can 
get a burning sensation after a car trip, some when exposed to 
perfume, some when walking down the soap aisle in a grocery 
store. When the affected nerves don't go to skin but instead go to 
an organ like toes, you might feel a toe cramp or finger cramp 
instead. Remove your mercury sources. 

Burning skin is an ancient malady—maybe even the basis of 
concepts like “hell.” St. Anthony's fire was caused by ergot 
(food fungus) ingestion. Molds don't necessarily come singly. 
Maybe other mold toxins can go to your nerves, too (see Moldy 
Food, page 381). Maybe the mold toxins interfere with pan- 
tothenic acid used by your body, because giving pantothenate 
(500 mg three times a day) can sometimes relieve the condition 
and, of course, this is good for your body. 

Monosodium glutamate (MSG) can cause burning, espe- 
cially of the face and lips. Sometimes swelling occurs too. MSG 
is used as a flavor enhancer. It was found decades ago to be a 
brain toxin and was taken out of baby food. But what about 
adults? Especially those who already have a brain problem. 
Throw it all out of your kitchen. Ask at restaurants which foods 
have it. 
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Numbness has a similar cause. Numbness of fingers or feet 
has become quite common since thallium and mercury toxicity 
has spread so widely. 

If you have burning and numbness, can multiple sclerosis 
(MS) be far away? Remove all the metal in your dentalware 
immediately, replacing with composite (see Dental Cleanup, 
page 409). Hopefully, your immune system is still strong enough 
to clear the bacteria growing around the metal and in pockets in 
the jaw. Check and clean cavitations. Start your jaw healing with 
the milk, magnesium, vitamin D diet. Use thioctic acid to help 
clear your tissues of remaining metal (3 to 6 a day). 

The most common nervous system bacterium is Shigella. Its 
beginning can already be seen in cases of burning and numbness. 
It is deeply entrenched in cases of MS. Three kinds of Shigella 
are readily obtainable on slides: Shigella dysenteriae, Shigella 
flexneri, Shigella sonnei. Shigella flex causes depression and 
irritability. All can cause gas and bloating. Zapping doesn't kill 
all of them because they inhabit the bowel. You must empty your 
bowels frequently, two or three times a day. And do the Bowel 
Program until all symptoms are gone. Be very careful not to put 
contaminated dairy food in your mouth again. Boil all milk 
products. They must be at boiling point for 10 seconds. This 
includes cheese, cottage cheese, buttermilk and regular milk. Eat 
only home made yogurt or home made buttermilk. Butter and 
whipping cream need this treatment, too. Never use raw dairy 
products. 


Nana Hughes, 48, had numbness of the whole right arm, hand and 
right side of her head; it was particularly bad in the last four 
months. She was toxic with PCBs, titanium and dysprosium (paint). 
She was on thyroid, Xantac™ (for stomach) and chlorazipate 
medicines. We also found dog heartworm (she had chest pain 
over the heart). She started on the parasite program, stopped 
using nail polish, and stopped all detergents for dishes or laundry. 
In three weeks her numbness was greatly reduced. She still had 
titanium buildup from dental metal (a partial bridge). See- 
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ing she was on the right track, she stopped use of MSG in her 
food, switched from concocted beverages to milk and cut down on 
her smoking. She brought her arm pretty near to normal. 


Maria Santana, 45, had numbness in both arms; they would tingle and 
“go to sleep” a lot. It was spreading to one leg. Her muscles were 
toxic with thallium. It was in some very old pesticide, still effective 
and still in use in the house. It was also in the well water, probably, 
from pesticide seepage. She went off all commercial body 
products, did a kidney cleanse and killed parasites. She had diffi- 
culty getting rid of Prosthogonimus but in two months she had 
everything cleaned up. Her legs, arms, sleep problem, urinary tract 
problems were all gone and she could focus on her last problem, 
digestion. 


Candy Donaldson, 44, had numbness from her shoulder to the wrist of 
one arm, it started a year ago. She was toxic with iridium, lithium 
and vanadium from a gas leak. She was advised to stop caffeine 
use and switch to milk (her calcium level was low: 9.0 mg/DL) and 
a magnesium tablet (300 mg daily). Her triglycerides were high, 
implying a kidney problem. She had urate and phosphate crystals 
in her kidney. She decreased the phosphate in her diet (meat, 
nuts, grains, soda pop) and started the kidney cleanse. When the 
gas leak was fixed, both her lithium and vanadium toxicity disap- 
peared. In six weeks she had also killed parasites and her periods 
became regular for the first time. An ovarian cyst had disap- 
peared, too, as checked by ultrasound. Soon her PMS was gone, 
including hot flushes. After four months she had done three liver 
cleanses and suddenly her numbness improved. After a few more 
there was no numbness at all. 


If cleaning cavitations brings you immediate improvement 
you know that these bacteria were part of the problem. Have 
them checked again if problems return; dental bacteria are noto- 
rious for returning. If kidney cleansing makes it worse for a day 
and then better, you know kidney bacteria are partly responsible. 
If liver cleanses (page 552) make matters worse for a day and 
then better, you know bacteria are entrenched in the liver. 
Continue cleansing until none of these sources exist any longer. 
Kill all bacteria at least once a week electronically. Burning and 
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numbness can be cured, not just arrested. In other words, your 
nerves can be cleaned up and healed. 


Depression 


All persons I have seen with clinical depression had small 
roundworms in the brain. Is it any wonder the brain can't make 
enough neurotransmitters or gets them out of balance? The usual 
worms are hookworms (Ancylostoma), Ascaris of cats and dogs, 
Trichinellas and Strongyloides. 

Although it is commonly believed that hookworms penetrate 
the skin when walking barefoot on earth, this appears to be a 
negligible route. The important routes are eating animal filth and 
inhaling filthy dust. Our pets pick these worms up daily. We get 
them and give them in constant exchange with our pets and family 
members. Diapering babies is an especially hazardous, though 
necessary, business. Letting little children clean up after their 
own bowel movements is even more hazardous. Hands should be 
sanitized with grain alcohol after dealing with bowel contents, 
whether your own, your child's, or an animal's. If you clean up a 
messy diaper and then your hands well with soap, then go to 
make the chopped salad for dinner, you're sure to give each 
family member a dose of whatever the baby has. It was hiding 
under the fingernails. Animals clean up the easy way: they simply 
lick the youngster's bottom. But, we humans are not strong enough 
to take on a dose of bottom with each meal. We must sanitize 
our hands. 

Cleaning bathrooms is also dangerous. Wear gloves. If no- 
body suffers from depression, you can use bleach (stored in the 
garage) to disinfect the stool, otherwise use alcohol (50% grain 
alcohol). Keep doorknobs and faucet handles wiped with alco- 
hol, too. 
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If you suffer from depression use your zapper to immediately 
kill these four roundworm species: Ancylostoma, Ascaris, 
Trichinella and Strongyloides. 

Other family members should be cleared of these four worms 
on the same day or as close to it as possible. Reinfection always 
occurs. In the depressed person, the microscopic parasites travel 
immediately to the brain. In others, they may simply reside in the 
intestine or lungs or liver, or other organs. Pathways (routes) to 
the brain have become established for the depressed person. 
These must heal before there is any tolerance to reinfection. 

Solvents and other toxins, also in the brain, slow down or 
prevent healing. For this reason the depressed person should do 
the Four Clean-ups. 

The bacteria of the Shigella family are always seen in de- 
pression cases. Kill all Shigellas and avoid reinfection by boil- 
ing dairy products and not eating those that can't be boiled. Go on 
the Bowel Program (page 546). Do not eat deli food or hand 
prepared salads at salad bars. Finally, do the Liver Cleanse, re- 
peating every two weeks. Depression, even of long standing, can 
lift within days after the brain finally has its territory to itself. 
Look in the mirror and smile at yourself for your success in 
vanquishing your invaders. Never again, let these creepy crawl- 
ers into the happiness-center of your brain. 


Manic Depression 


This variety of depression is associated with Strongyloides, 
as the main parasite in the brain. Plus chlorine as an allergen! 
Strongyloides is the same worm that causes migraines and other 
severe types of recurrent headache. It probably depends on 
where these tiny worms have set up their “housekeeping” which 
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symptoms you get: manic depression or migraines. Maybe chlo- 
rine is the deciding factor. 

These tiny wormlets can pass the placenta into the unborn 
fetus. Is it any wonder that these brain disturbances seem to be 
inherited? Of course, there is ample opportunity to simply eat 
them off hands, other people's hands, and off floors during 
childhood. The amazing truth is that some family members do not 
get infected with it or at least do not get brain symptoms! It is 
very difficult to eradicate Strongyloides in a whole family and 
thereby let the depressed person get well. It is, in fact, impossi- 
ble if there is a pet or other animal connection. Getting rid of the 
chlorine allergy is also very challenging. Step one is to zap all 
parasites. 

I usually see an accumulation of bromine as well. Since 
bromine, fluorine and chlorine are all halogens, maybe getting 
too much of any one could saturate the liver's ability to detoxify 
chlorine. Stop eating brominated (bleached) bread. Stop taking 
drugs containing bromides. That is the easy part. You must also 
stop even washing your face in chlorinated water (use a pure 
carbon filter system). You inhale it as you wash. Never drink it 
or use it for any purpose. Of course, there should be no bleach 
container in the house, even when tightly closed; nor should 
bleached clothing be worn. 

Do the Four Clean-ups. Sometimes the cloud lifts and the 
mind clears on the way home from the dentist. Recovery can be 
very rapid—less than a week. And recurrence just as rapid when 
a tiny bit of chlorine is inhaled or drunk. But your careful vigi- 
lance pays off. In half a year you can expect no recurrence. 

Humans, it seems, must lick fingers with the same compulsion 
that cows lick their noses and cats lick their rears. The single, 
most significant advance in human hygiene would most assuredly 
be stopping the hand to mouth habit. We must always eat with 
utensils. And never leave a bathroom without washing. These are 
difficult changes but the new age of parasitism makes 
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it necessary. Together with the new pollutants, solvents, and 
heavy metals, parasites will overtake us unless we change. 

Don't go off lithium and other medicines until your doctor 
agrees you are ready, about a half year. After this, make sure you 
still keep it handy. Although you may be free of manic depression 
in a day, reinfecting yourself weeks later will attack your brain 
like a hurricane; it has not yet healed, the routes are open. Be 
patient; healing will happen as it did for these happy persons. 


Lena Constantine, age 39, had a history of migraine, TMJ, heavy clot- 
ting with periods and numerous pains but it shouldn't have made 
her try suicide 11/2 years ago. She was put on Prozac™ afterward. 
She was parasitized by intestinal flukes (in the intestine), dog 
whipworm, Strongyloides and human liver flukes. She was started 
on a parasite program and kidney cleanse. This made her feel so 
good she took herself off Prozac™ and landed in the hospital for 
reasons she couldn't remember. After 42 days spent there she got 
out, wiser than before. She set to work again, leaving no detail 
undone, because she could remember how good it felt to be free 
of depression (not drugged out of it). Three months later she still 
had Strongyloides (she had a cat) but she did her first liver 
cleanse anyway. She got over 500 stones out. Her depression was 
gone. She substituted 4 ornithine and 2 ginseng capsules daily 
(more if tension was not relieved) for Prozac and cured her 
problem. 


Mona Zabala, 33, was extremely depressed over her job. She was full 
of mercury, arsenic, PCBs, chromate from eye liner, wood alcohol 
from drinking colas and she had Ascaris, pancreatic flukes, Tri- 
chinellas and Strongyloides. She thought she was a hopeless 
case. But in less than three months, when only half her clean-up 
chores were done, she was already saying positive things about 
her job. 


Acey O'Hara, a young graduate student, was very careful to avoid junk 
food, caffeine, fragrance, and body products because he had 
learned the hard way that he didn't tolerate them. When “crying” 
depression hit him he was not only surprised but angry that his 
good health habits “hadn't paid off.” He was buying his drinking 
water; it came in clear plastic containers. He had cesium in his 
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tissues and brain. When he switched back to plain tap water 
(filtered in small quantities) the depression lifted in a week and he 
was no longer crying over anything. 


Leisa Underwood, 46, was clinically depressed and in therapy. She 
believed it was due to going through menopause. She had a heavy 
burden of Strongyloides but no other worms. Only one of her two 
dogs had Strongyloides (saliva test) and the cat was free of them 
also. She was full of cesium (from drinking refrigerator water) and 
vanadium (from a gas leak). In two months she had accomplished 
the impossible: all pets and herself were free of Strongyloides, 
they had repaired three gas leaks and her depression was just a 
memory. 


Roland Greeley was diagnosed as manic depressive a few years ago 
and was put on Ativan™ and Prozac.™ This controlled him but did 
not relieve depression. He had a prominent tremor. He had 
Ascaris and sheep liver fluke stages in the brain. Also Trichinella, 
Strongyloides and human liver fluke stages. Styrene (from styro- 
foam cups), methyl ethyl ketone (beverage) and carbon tetrachlo- 
ride were in his brain also, probably setting the stage for parasite 
reproduction. He had high levels of mercury and silver but highest 
of all-throughout his body—was chlorine (from bleach and tap 
water). In four weeks he had all the metal removed from his mouth. 
He stated that this “unchained” him. He could already tell on his 
way home from the dentist that something special had happened. 
His depression was simply gone “the way you lift a blanket off a 
bed”. He resolved to clean up his whole body and recover from his 
illness using logical methods, like ours. Staying away from regular 
chlorinated water was a fine challenge to his resolve but with whole 
house filtering now available he may have done it. 


Darren Knox, age 48, had been on Thorazine™ for 36 years but was 
recently changed to Desyral™ and Valium™ and lithium. He had 
Ascaris and hookworm and two dozen more assorted parasites 
including fluke stages. His brain was also hosting Bacteroides and 
Nocardia. All parasites were killed in half an hour by frequency 
generator at his first visit whereupon he immediately announced 
himself free of depression; better than the last eight years. He had 
many metals in his brain, also chlorine. In four weeks his tremor 
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was way down, after dechlorinating his tap water. His depression 
never came back after dental work was done. 


Schizophrenia 


Much more mold toxin was seen in schizophrenic families 
than in other kinds of illness. They usually had four or more kinds 
of mold toxins at the same time, meaning that one toxin was not 
detoxified before the next was already eaten. It may reflect on the 
liver as much as the food selected. The initial injury, though, to 
the liver may have occurred in early childhood. 

Schizophrenia does not require mercury or other dental metal 
pollution for its expression. This pattern is logical when it is 
seen that young children can have schizophrenia. Schizophrenia 
is an ancient illness, being described in some very old literature, 
before dentistry existed. But parasites existed. And moldy food 
existed. And copper existed! 

Ergot is always seen in sick persons. Other mycotoxins are 
also present, including sterigmatocystin, cytochalasin B, and 
aflatoxin. As the mycotoxin panorama changes, brain symptoms 
can change from compulsive hand washing to paranoia or from 
hearing voices to meanness in disposition. 


It is my belief that the current increase in violent crime in 
U.S. society can be attributed to the especially high levels of 
mold consumption in foods and beverages, with the resultant 


effect that behavior erupts into violence with almost no provo- 
cation, merely some frustration. It would not be difficult or ex- 
pensive to experiment with a mold-free diet in our prisons. 





A bacterium, Mycobacterium phlei, may also be a cause be- 
cause I have seen a high correlation between it and schizophre- 
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nia cases. What its specific effects are, I don't yet know. This 
bacterium may be hiding under teeth. It is also seen in dogs. 

Shigella bacteria from nonsterile dairy foods are part of the 
problem, too. They produce brain and nerve toxins resulting in 
irritability, depression, anger. In fact, anger can be so intense, it 
erupts in violence. 

Lead and copper are commonly seen in schizophrenia suf- 
ferers. The usual source for these is the household water 
(household plumbing may have lead solder joints). Change 
plumbing to PVC, then take thioctic acid (100 mg, twice a day). 

Parasites always found in schizophrenia are hookworms (4 
Ancylostoma varieties) in the brain. 

Instructions: 

1. Stop eating all grain products, nut products and syrups 
immediately. 

2. Sterilize all dairy products. 

3. Search for lead and copper in the water. 

4. Stop drinking commercial beverages, including bottled 
water. 

5. Zap the parasites in the whole family for three days, fol- 
lowed by repetitions twice a week. 

6. Eliminate Shigellas with the Bowel Program (page 546). 

7. Give away pets. Schizophrenia is too serious to risk rein- 
fection. 

8. Do the dental cleanup (page 409). 

The need to zap repeatedly arises from reinfection. Nothing 
needs to be killed twice. But reinfection from self, family mem- 
bers, pets and food happens every hour. One cannot rely on 
zapping to stay well. Do a thorough diagnostic search of all 
foods eaten at the last meal, the water drunk, the air breathed. 
Only when all these are clean, will the brain heal. 

When can you eat grains again? When you are well. Find a 
cereal or pasta that has no mold. Test it for the mold frequencies 
(77, 88, 100, 126, 131, 177, 188, 232, 242, 277, 281, 288, 295 
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KHz). Search especially for ergot (295). Remember, ergot makes 
lysergic acid diethylamide (LSD), not a good thing for a 
schizophrenic brain. Honeys, too, have ergot. Ergot takes longer 
(up to 20 minutes) to detoxify with added vitamin C. (Read the 
section on Moldy Food, page 381). If you become ill again after 
starting grains, go off again. Take 500 mg. niacinamide 3 times a 
day to speed up ergot detoxification by the liver. Avoidance is 
much easier. 

Healing of the brain is very rapid; in less than one week 
feelings and behavior are more normal. Perhaps there are herbs 
that hasten healing; considering how old the illness is, there must 
surely be several useful herbs. But considering that herbs, too, 
can be moldy, be very careful to search for molds electronically 
before using any herbs. Blue vervain, sage, and ginseng are herbs 
worth trying. 

A question may have popped into your mind as well as mine. 
If the whole family is eating moldy food, why aren't they all 
schizophrenic? In fact, family members usually do suffer from 
some symptoms that are similar to the victim. But every person's 
collection of parasites and pollutants is unique. Certainly, the 
whole family should obey the moldy food rules, in order to 
function better. 


Autism 


Childhood brain disorders suggest an inherited genetic de- 
fect. Yet numerous parasites and pollutants are able to pass into 
the unborn child through the placenta. Even some bacteria and 
viruses can. 

Lead accumulation is always seen in children with autism. 
Was it acquired before birth? 

Mercury can be transmitted from mother to child, too. If 
mercury fillings were not removed before pregnancy, have them 
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replaced as soon after delivery as possible (never during preg- 
nancy since the removal itself causes a surge of heavy metal to 
enter the body). 

The common tiny worms such as Ascaris, hookworm, 
Strongyloides and Trichinellas easily enter the brain. They are 
present in dirt. Dirt enters buildings via shoes. Shoes carry ani- 
mal filth. Don't let children put their own shoes on until they have 
learned to avoid touching the soles. Don't let your child crawl on 
the floor of a public building, even though it looks glossy. Don't 
set shoes on furniture or table! A preferred habit is to leave 
shoes at the door. 

Once wormlets have found a pathway to the child's brain it is 
difficult to reroute them. They must all be killed repeatedly since 
there is daily reinfection from putting hands in mouths. All family 
members should kill these parasites weekly to protect the child 
with autism. When lead and parasites are gone consistently for 
several weeks the pathway to the brain heals and reinfection no 
longer sends them to the brain and your child can resume a 
normal life. 

I have not treated enough cases to point to a particular para- 
site or pollutant. For this reason you must do a total cleanup: 
body, environment, dental, diet (especially solvents and molds). 


Leon Dickson, age 10, appeared normal at birth but he crawled and 
walked late. At age 32 he began having seizures and was also 
diagnosed with autism. (Seizures are caused by Ascaris larvae, 
they probably began the routing to the brain). He was started on 
Phenobarbital™ by his clinical doctor; switched to Dilantin™ then 
two other drugs were tried. Now he was on Tegretol™ plus Depa- 
cote."™ The mother used no anti nausea medicine during preg- 
nancy, no caffeine, no alcohol or nicotine, not even a single 
aspirin. In spite of his medicines he seemed to have headaches, 
continued to have seizures which disturbed his sleep and he wasn't 
trying to talk. He vomited a lot. He would take no pills or drops (no 
herbs even mixed with honey) and our frequency generator 
method was not discovered at that time. He couldn't kill his para- 
sites and Shigellas. His brain was full of thallium (not mercury!) 
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besides the roundworm larvae. He must have gotten this from Q- 
tios™ or cotton balls or some other mercury-sterilized product. 
Leon's favorite food was grilled chicken which he ate nearly every 
day, as well as two eggs a day. 


His diet was changed to exclude chicken, eggs, bacon, chips, 
preservatives and colors in foods, grape jelly and strawberry jam. 
One month later he had not improved, nor had they been able to 
kill his parasites with the herbal recipe. The diet change was ex- 
tremely difficult; he was screaming for his favorite junk food and 
the whole family was upset over his restrictions. But we encour- 
aged the mother to stick to her purpose, get a different baby-sitter 
who would obey her, and to try to get some parasite herbs and 
thioctic acid (100 mg. daily, stirred into honey, to take out lead) 
down him. The first week the new baby-sitter succeeded in getting 
him to take thioctic acid. He had only one seizure that week. This 
encouraged the mother to enforce the parasite program and the 
diet rules. He became attentive in one month and tried to voice 
sounds. 


The problem with eggs is that they are contaminated with 
Salmonellas. 1 find, however that it is the outside of the eggshell 
and the carton that is contaminated. The safe way to handle eggs 
is to remove them and return the carton to the refrigerator, then 
wash the eggs and your hands before cracking them. Eggs also 
contain malvin, a known seizure trigger. 





Kirk Peeples, age 5, did not have any words yet but he would point to 
something and voice M-M-M to mean he wanted it (usually food). 
He was in a special school and “doing well.” He had the brain toxin 
MSG, and antioxidants BHT and BHA accumulated in him. In other 
words, his liver was not able to detoxify these common food 
chemicals. At that time, | had not found the mold toxins yet; | would 
now surmise that they were responsible for the liver's disability. 
Besides going off these food additives he was “desensitized” to 
them with homeopathic drops by an alternative allergist. The result 
was immediate. In one week he tried several new sounds and 
managed his first word: “box.” After killing parasites with the herbal 
program over a four week time period he could speak 19 words. 
The parents were bewildered with joy. They cleaned the toxins out 
of their home so thoroughly, there 
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As it reaches sexual maturity, the 
T dohrnii jellyfish has the option 
of reverting to the polyp stage. 
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was no place to sit and nothing familiar to eat. But their son could 
say things and the parents loved each new sound as if it came 
from a newborn baby. In two months he was saying two-syllable 
words and putting phrases together. He needed us no more (he 
was on homeopathic thyroid drops, too). 


Geoff Berkely was diagnosed autistic. He went about his business of 
examining everything in the office without a word. He was infested 
with both species of Ascaris (there was a pet dog) and was started 
on the herbal parasite program: just a little less than the adult 
doses. (Children's' syrups are not as effective.) He was toxic with 
mercury, too. He had 2 or 3 “baby” root canals. These were to be 
pulled out. He was also taken off food color, MSG, chicken and 
eggs. The parents accomplished all this very quickly and called to 
say their child had become normal but they didn't want us to 
spread the good news to the “autism” club they attended for fear of 
criticism for doing unorthodox things. Only in the USA could such 
thinking occur! 


Digestion Problems 


Burping, bloating, and being gassy are signs that your di- 
gestion isn't perfect. What has gone wrong? Burps are gases es- 
caping upward. Bloating is due to bubbles of gas causing 
pressure. Your body does not make gas! Gas can only be made 
by bacteria. The immediate conclusion is that bacteria are 
growing in your digestive tract (stomach and intestines) that 
should not be allowed to do so. They are likely to be the common 
enteric (digestive tract) bacteria: Salmonellas, Shigellas, E. 
coli, Bacteroides fragilis. 

You may wish to identify them before killing them with the 
zapper. Or you can sweep through the whole bacterial and viral 
range killing all with a frequency generator. The good effects can 
be felt in an hour, although the last gases may take days to get rid 
of. Salmonella and Bacteroides fragilis are two bacteria that can 
eat bile, and can do without oxygen, so they are com- 
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monly seen in the liver. Bacteroides probably escaped from its 
roundworm host, Ascaris. Salmonella probably came with non- 
sterile dairy food. 

If you have an intestinal problem involving digestion or pain, 
start immediately to boil all dairy foods. Stop eating those that 
can't be boiled: cheese sandwiches, yogurt, ice cream. It must be 
boiled for 10 seconds. The bacteria are in the liver because your 
liver attempted to strain them out of your blood and lymph in 
order to kill them with bile. Instead, they turned around and “ate” 
the bile, turning it brown as evidence. Now, every time the liver 
lets down bile into the intestine (and stomach), a population of 
these bacteria goes with it. The intestine becomes a seething 
mass of bacteria, bubbling away as they produce CO;, SO>, H,S, 
CO (carbon dioxide, sulfur dioxide, hydrogen sulfide, carbon 
monoxide). Some of these gases are quite toxic. 

Help your liver expel its bacterial overload with liver 
cleanses (page 552) until all the bile is a beautiful bright green. 
This is evident as dark brown bowel movements. Without the 
green color of bile added to your intestine, the bowel movement 
remains light colored, such as tan, yellow or orange! By stopping 
eating polluted food, killing bacteria and cleansing the liver, 
digestion becomes normal again. 

Of course, there must be enough acid in the stomach and di- 
gestive enzymes produced to make good digestion possible. 
Otherwise, leftover food goes to feed the waiting bacteria. 

Persons with a chronic digestion problem may also find they 
harbor lead, cadmium, or mercury in the intestine! This is very 
good in a sense. Your body has kept these toxins in the intestine, 
preventing it from getting into your vital organs. The bad news is 
that their presence in the intestine could start an intestinal 
disease. Toxins in the intestine would inhibit your immune 
system (here the white blood cells are in clumps called Peyer's 
patches), from gobbling up the “bad” enteric bacteria. Maybe 
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the “good” bacteria found your intestine too toxic to live there. 
Clean up your dentalware. Search for lead and cadmium in your 
drinking water. After improving your lifestyle, continue to do 
liver cleanses. Keep your goals high: a flat tummy that feels en- 
ergetic, no burps or gas. 

Stomach ache (page 98) and hiatal hernia (page 133) are 
also digestive problems but are dealt with under pain. (See also 
lower abdominal pains, page 97, and appendicitis, page 100). 


Alan Barth had his two young sons with him. One of them had a very 
sensitive stomach, a poor appetite, wanting nothing but sweets or 
chips to eat. The 16 year old had aches and pains that were 
keeping him out of sports. The father had a tonsil problem; they 
swelled if he drank milk. One problem was obvious. Their milk was 
tainted with Salmonellas and Shigellas, setting up throat problems 
for the father, stomach problems for one child and a pain 
syndrome for the other child. Boiling all their milk, not bringing raw 
chicken into the house (Salmonella Source) and stopping eating 
yogurt and cheese was the solution. There were traces of lead in 
their tap water and the house air had vanadium in it, announcing a 
gas leak. They were all heavily parasitized. When these problems 
were cleaned up, the whole family's health improved. 


Kae Nakajima, middle age, had a history of ulcers and stomach prob- 
lems. She took a lot of Zantac™ and Tagamet™ over the years. 
She was drinking coffee, tea and colas. She had Ascaris and 
cadmium in her stomach. Five months later she had cleaned up 
everything except dentalware and was feeling very good. She 
didn't need any medicines. She still had arthritis and sinus prob- 
lems but felt so encouraged she had the dental work scheduled. 


Sven Lippencott, age 4, had been tube fed for several years due to 
weak stomach action. He was quite underweight for his age. He 
had a population of intestinal fluke in his stomach along with arse- 
nic (pesticide). The rest of the family also had intestinal flukes. 
After killing parasites and washing the upholstered furniture, Sven's 
appetite went up so he ate more by mouth and grew immediately. 
But he soon picked up Ascaris and cat liver fluke (there was an 
indoor cat). Then the whole family got intestinal flukes again. They 
all, including Sven, drank carbonated beverages ad 
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libitum (whenever they wished). With both parents working it would 
not be possible to discipline the habit. Sven had wood alcohol, 
methyl butyl ketone, hexanedione, methylene chloride and toluene 
buildup making his recovery hopeless. 


Alzheimer's 


What was once a rare disease has become a household word 
because it now affects so many. Two new pollutants of the brain, 
inviting an old parasite to a location it would not normally be, is 
the explanation. The new pollutants are solvents that seek the 
brain. 

Xylene and toluene are pollutants of popular beverages, de- 
caffeinated powders and carbonated drinks. At first, the body can 
detoxify these but with a steady stream of solvent arriving, 
detoxification slows down and parasites begin to build up in the 
brain. Common fluke parasites which we eat in undercooked 
meat and perhaps get from our pets, can now reach the brain and 
multiply there. 

Other toxins are also present, such as aluminum, mercury, 
freon, thallium, cadmium. Aluminum buildup is seen in all Alz- 
heimer's sufferers (100%). This is undoubtedly part of the true 
cause. Did it come before or after the parasites? 

Whatever the answer, your job is clear. Remove every bit of 
aluminum from the food and environment. Throw out the pots, the 
aluminum foil, the cookie sheets, the tea ball. Throw out the 
kitchen salt, the pickles, the baking powder. Buy things made 
with baking soda (not baking powder), use a plastic salt shaker, 
buy salt without added aluminum. Stop using commercial soaps 
and lotions. Make the soap recipes in this book. Finally, tape 
over all aluminum handles in the bathroom and elsewhere (e.g. 
the walker) with masking tape. Then find a chelating doctor to 
help remove aluminum from the brain. Also use thioctic acid 
(100 mg; take 2 three times a day). 
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Kill the four common flukes with the first frequency genrator 
or zapper you can get your hands on. Prevent reinfection from 
meats and pets. Stop all commercial beverages, including water. 
The processing has left xylene and toluene in them. They are not 
put in intentionally. For the same reason, health food beverages 
are similarly polluted. Only milk is safely bought from the store. 
You must still sterilize it, however. Make your own fruit juices. 
Select beverages from the list of recipes given. Drink water from 
your cold water tap, filtering it with a small pure carbon filter as 
in a filter pitcher (see Sources). 

As much as xylene and toluene are brain-seeking solvents, 
Shigella is a brain-seeking bacterium. The symptoms it causes 
are not always the same since they depend on the location of 
infection. Sometimes they cause tremor, sometimes loss of bal- 
ance, sometimes speech problems. But they are very serious 
problems. Kill Shigellas every day at bedtime with your zapper. 
Start the Bowel Program (page 546). When improvement is 
lasting you know you have stopped reinfecting from your own 
bowel or from polluted dairy products. 

Remove dental metal and use thioctic acid as a help to clear 
tissues of metal. Use vitamin C (3 grams) and B, (300 mg) to 
assist the liver with detoxification. Use B complex (2 a day) to 
assist the liver generally. Avoid food molds; ergot especially has 
strong mental effects (see Moldy Food, page 381). 

Start a kidney cleanse (page 549) as soon as you can. Follow 
this with a liver cleanse (page 552). Clean up environment and 
diet. Your beloved family member or friend with Alzheimer's 
can regain her or his mental function to a considerable degree. 
Most important is stopping the mental deterioration before it 
is not reversible. 

Lisa Anne Reed, 60ish, was tentatively diagnosed with Alzheimer's 10 
years ago. She needed complete care at present but was able to 


walk (could disappear quickly) and eat. She could occasionally 
say her name. Her brain had intestinal flukes and their eggs and 
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was toxic with aluminum (cooking pots) and aluminum silicate 
(salt). One week later she still had the parasites because nobody 
could skillfully give her the parasite program. She was also toxic 
with benzene so reinfection was occurring. In addition she was 
toxic with bromine (from brominated bread?), chlorine (chlorinated 
water?) lithium, bismuth, vanadium, and tungsten, all known to have 
strong brain effects. She was also toxic with moth balls and iridium. 
She harbored Naegleria, another brain parasite. In another week 
there still were no changes due to inability to administer the 
treatment. 


Isabelita Ufford, 77, was in a wheelchair, brought by her two daughters 
who took turns caring for her. She was on Clanopin™ medicine, 
did not try to speak and needed total care, including feeding. She 
had been ill about seven years. She had intestinal flukes and their 
stages in her brain (the cerebrum) as well as intestine. She also 
had isopropanol solvent, aluminum, chromate and high levels of 
arsenic in her body. She was given the parasite herbs plus in- 
struction to get rid of solvents and metals but the plans could not be 
carried out. The parasites could not be killed without considerably 
more help than was available. She was a dear, sweet person. The 
daughters were highly motivated but were overwhelmed with the 
size of the task. 


Beth Hamm, 60ish, arrived led by her ever-vigilant, ever-caring hus- 
band. She was started by medical doctors on EDTA chelation to 
remove aluminum from her brain. My tests showed aluminum, 
toluene, sheep liver flukes, asbestos and Shigella bacteria. The 
parasites and bacteria were zapped immediately and her husband 
began the difficult task of excluding non-sterile dairy products from 
the diet provided. In four days she was able to walk by herself, 
knowing where she was going. She could finish a short sentence 
and comply with directions to sit down and get up. Then she had a 
set back—she had acquired Sa/lmonellas in the brain from a bit of 
dairy food that had slipped by his attention. She was given Lugol’s 
and she improved further. In ten days she was a new person; an 
interview of twenty minutes length did not reveal Alzheimer 
symptoms. Will she be able to hold on to her gains? Only if the 
aluminum and asbestos are removed from her home environment, 
his vigilance with dairy food keeps up, and she stays on a 
maintenance parasite program. But her husband appeared intent 
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on her recovery. She is a person again. And there seems to be a 
delightful companionship. 


Ruben Camberos was brought by his wife and a friend for Alzheimer's. 
The first day he arrived, the intestinal flukes in his brain were 
found and killed. He was started on EDTA chelation. They were 
warned about non sterile dairy foods. His Shigella was zapped. 
Four days later he spoke his first meaningful sentence: it was 
three words long. He could pay attention to the appointment 
proceedings. Two days after that he was reading a newspaper. 
This was utterly shocking to his wife. In another three days, he 
could hold a conversation consisting of very short sentences. 
Larger ones became hopelessly garbled. He was started on orni- 
thine (4) and valerian capsules (6) at bedtime: this produced a 
beautiful nights sleep (especially for his caretakers!) and his days 
were less agitated. There were still setbacks later but his wife was 
determined to get him well. 


Dementias, Memory Loss 


Memory loss is progressive with age but not due to aging. 
There are plenty of nonagenarians and centenarians with clear 
minds and good memories to prove that age is not the deciding 
factor in the dementias. Why do some people deteriorate much 
sooner? Could you prevent personal deterioration of mental 
abilities? You probably can. You will know it by noticing 
memory improvement. Telephone numbers that left you with no 
recall, unless you wrote them down, number by number, now 
form groups as you hear them, and you can jot them down the 
way you always did! This is a good sign of memory improve- 
ment. Your writing can improve. The jagged, crooked, mis- 
aligned words can be smoothly written again! You can remember 
things that happened earlier in the day and talk about it later, at 
mealtime. You can finish your thoughts in conversation. 
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Mental deterioration of the elderly is not as complicated as is 
generally believed. Although circulation and blood pressure play 
a role, the effect of toxins is much greater. The action of toxins 
is greater in age than in youth. The same polluted water and food 
causes disorientation in the elderly when it only gives a young 
person a stomach ache. 


The liver's detoxification capability may be the real issue. 
Indeed, the liver may age, in accordance with the calendar date. 
Perhaps the liver is the only truly aging organ. It may even de- 


termine your life span. The answer, then, is to stop giving it toxic 
substances and shortening your life span. 





As the liver is less able to detoxify them, common toxins are 
allowed to roam the body with the circulation, doing harm to all 
the organs. The brain feels disoriented or dizzy; there is memory 
loss. At first, the liver can “catch up” its work and finally clear 
the toxin for excretion. But, eventually, it can't catch up or keep 
up. The body, notably the brain, is bathed in toxic chemicals that 
interfere with its functioning. Now, the elderly person must use a 
cane for stability, must walk very carefully not to fall, must write 
everything down to remember it, calls people by their wrong 
names, can't “find” the right words to speak with, can't finish 
sentences, must write on a calendar to keep the days straight, 
starts talking to themselves to help think of things, develops 
tremors and unsteady gait, acquires a passive personality, loses 
weight, gets stooped, stops reading the newspaper. 


All these signs of aging (dementias) can be reversed by sim- 


ply removing the common toxins with which we are already 
familiar. 
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Of primary significance are food molds. These cause brain 
hemorrhages. Clean up diet, mouth, body, environment, very 
meticulously. 

Of course, an elderly person cannot bring these changes to 
herself or himself. If you have a loved one with symptoms of 
aging, and this person is willing to cooperate with you, you can 
honestly promise them numerous improvements. Spend a good 
deal of your effort on persuasion since living longer or being 
healthier may not seem worth giving up a coffee and doughnut 
breakfast. On the other hand, they might respond to the goal of 
needing fewer pills, getting into their own apartment again or 
becoming freed from a walker. 


Walter Heffern, 64, had been to various neurologists but could not find 
any help. He appeared to have the same kind of mental deteriora- 
tion as his mother, but at a much earlier age. He couldn't under- 
stand an ordinary conversation; he constantly spoke about winning 
money, walked hesitantly and had to be left undisturbed to 
accomplish anything—even eating and dressing. He needed a lot 
of care. We found he had Ascaris larvae in the brain—in the 
cerebrum, where you think. He also had Acanthocephala, Dipe- 
talonema (a chicken roundworm), amoeba (Entamoeba histo- 
lytica) and Fischoedrius in the thinking part of his brain. He had 
been in the poultry business all his life: his mother probably shared 
this exposure, as well as other lifestyle habits that gave them 
solvents and pollutants besides parasites. He had constant ringing 
in his ears, this could affect hearing an ordinary conversation. He 
had a water softener that would have supplied a daily dose of 
aluminum to the brain, too. There always were dogs in the house. 
Perhaps the marvel is that he was no worse off, a tribute to human 
strength in general. 
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This chapter is a tribute to Jimmy, Nazy, Michele, Suzanne, 
Marlena and all the others who achieved excellence with daily 
care-taking of Mary Austin, deceased at 97. 

It's true that we have to die sometime. But why die before our 
life span is up? If many people can live to 100 years, then surely 
this is the human life span, not three score and ten. Some 
scientists think the true human life span is closer to 140 years! 
And that we all lead shortened lives. The shortening is due to 
failure of some organ in us. Other organs are dependent on the 
failing organ and begin to fail also. When the brain fails, death 
occurs, sometimes in five minutes. 

If we knew which organ is failing, we could come to its as- 
sistance and prevent the collapse of the whole body. Often it is 
easy to see which organ is failing. But whether this is the true 
beginning of the body's problems we cannot know. Before death 
there may have been appetite loss. Before the appetite loss there 
may have been a broken hip. Before the broken hip, dizziness. 
Before the dizziness a blood pressure or blood sugar problem. 
Before these, an episode of “flu” or a dental “repair.” Some times 
we know what started it all. But often we don't. Just make a guess 
and begin somewhere. 


Diet 

If your aging friend or relative is in a home for the elderly, 
you may be able to persuade him or her to choose a diet that is 
wiser than the average diet people eat there. This can help a lot. 
Just stopping drinking the coffee, decaf, iced tea and carbonated 
beverages that are served, and switching to the recipes in this 
book could get them off some of their medicines. 
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The beverages to encourage are sterilized milk and hot wa- 
ter—delicious with whipping cream, honey and cinnamon. This 
gets them away from solvents, oxalic acid and caffeine. 

Old age is not a time when you “no longer need milk.” Cal- 
cium losses increase in old age. Milk has the organic form of 
calcium, chelated with lactic acid, and it has the cream to pro- 
mote absorption. For this reason, milk should never be reduced 
in fat content (not less than 2%). The cream is necessary to im- 
prove calcium absorption. 

In old age it is downright dangerous to be taking many cal- 
cium tablets. The stomach does not have the acid necessary to 
dissolve them. They pass into the intestine, disturbing its function 
and acid levels. With tablets, too, one must be careful with 
dosages, while food is self limiting. No elderly person would be 
able to drink more than one cup of milk at a time. This contains 
250 mg. of calcium. 

Milk, however, requires stomach acid to curdle it as the first 
step in digestion. If there is not sufficient acid, it will pass undi- 
gested into the intestine, causing new problems. We must listen to 
the elderly when they say milk gives them gas or other troubles. 

Having the milk warm to hot helps in getting digestion started 
in the stomach. Milk served hot with cinnamon accomplishes two 
purposes: it will stimulate acid secretion and the cinnamon is an 
insulin aid. Milk served hot with honey adds the nutritive value 
of honey, displacing the need for other unnatural sweets. The 
meal should always include something sour to curdle the milk. It 
does not have to be added to the milk; it can simply be included 
with the meal somewhere. 

Lemon juice or vinegar can be put in certain foods but the 
most reliable way to get it into the diet is to put | tablespoon into 
the water glass along with a teaspoon of honey. This gives the 
water a “sweet and sour” flavor, enough to make it interesting 
throughout the meal. The fresh lemon juice or white dis- 
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tilled vinegar and a honey dispenser that is easy to use should 
always be on the table. Bring these two items to your loved one 
at the “home” if it cannot be provided regularly and reliably. Pop 
in at mealtime to check up on it. Powdered vitamin C (4 tsp.) is 
another useful acid if the first two are not effective enough. 

The lemon and honey habit, alone, can add years (healthier 
years) to an elderly person. The extra acid taken with lunch and 
supper (the stomach has its own best supply of acid in the 
morning, for breakfast) improves overall digestion and helps 
dissolve the calcium, magnesium, iron, zinc, manganese, and 
other minerals in the food so they can be absorbed. 

The habit of using vinegar and honey in water as a beverage 
was made famous by Dr. Jarvis in his book Folk Medicine, circa 
1960. He recommended apple cider vinegar for its extra potas- 
sium. In those days, vinegar was made of good apples. Now, all 
the regular vinegars have mold in them. The toxin, patulin, in 
moldy apples has been carefully studied by scientists. It taints the 
vinegar as well as apple juice and concentrate made from them. I 
have not tested patulin to see if it can be detoxified by vitamin C. 
We must use only white distilled vinegar, even though it lacks 
potassium, aroma and popularity. Using a variety of honeys can 
make up for the need to vary the flavor. Get orange blossom, 
linden blossom, buckwheat, wildflower, and sage honey, besides 
clover blossom. 

But honey is not perfect food. It usually has ergot mold, a 
very serious toxin. To detoxify the ergot, you simply add vitamin 
C to the honey as soon as it arrives from the supermarket. This 
gives it plenty of time to react with the ergot before you eat it. 
Bring your “fixed” honeys to the home. 

If your elderly loved one has not tolerated milk in years, start 
with the vinegar and honey beverage, or lemon and honey, and be 
patient until that is accepted. Then add only % cup milk to the 
day's diet, (in the morning, on homemade cereal). Go up 
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very gradually and only when digestion allows it. Of course, the 
milk must be sterile. 

If it is not sterile, the final warming will only increase the 
bacterial count. You must be sure of its sterility. Boil the milk 
yourself. Near-boiling is not hot enough. It must be heated until it 
bubbles up and almost goes over the container for ten seconds. 
Use a non-metal pot that holds one to two quarts. You may throw 
away the skin. Then cool and refrigerate. Supply it to the home, 
too. 

Milk that is marketed in paper containers that need no re- 
frigeration has been sterilized; it is safe. 

Once the body, even an aged body, finds a nutritious food that 
does not cause troubles of its own, it asks for more. Your loved 
one will accept it and drink it without forceful coaxing, if there is 
no problem with it. As long as your loved one tries to avoid 
drinking it, your challenge is to find the problem and solve it. It 
is not a matter of taste or habit. It is a matter of digestibility and 
lack of toxicity. When your loved one is drinking three cups of 
milk (or buttermilk or whey) a day and three cups of water, there 
will be no room (nor request) for the usual coffee and tea and 
other bad beverages. 

We all must die of something. But it needn't be a stroke, or 
heart failure, or cancer. Choose what seems to be the most 
pressing problem to work on. Common problems that plague the 
aged are brain problems, incontinence, bad digestion, diabetes, 
tremor, weakness, feeling cold, sensitivity to noise, losing the 
sense of taste and smell, hearing loss, insomnia, kidney and heart 
failure. 





Increase Oxygen 


Brain problems include memory loss, communication deficit, 
dementia (calling things by inappropriate names and saying 
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inappropriate things). The brain is simply not getting enough 
oxygen and food to work right. It is like having a pocket calcu- 
lator with rundown batteries: it will give you wrong answers 
(without telling you they are wrong). Not enough oxygen to the 
brain is the main cause of memory loss, inability to find the right 
words, getting words mixed up and not being able to speak in 
sentences. You can prove this by providing oxygen from a tank; 
modern equipment is very easy to use and inexpensive. If your 
loved one responds well to a few hours of oxygen, you have 
proof of the problem. 
How can you increase oxygen in the brain? 

1. Open the blood vessels wider. 

2. Increase pressure of blood running through the blood ves- 
sels. 

3. Raise the oxygen level in the air that is breathed. Less car- 
bon dioxide, tobacco smoke and auto exhaust. All these, 
including a gas leak from the pipes in the house, compete 
with oxygen. 

4. Increase the oxygen delivery system to the brain by raising 
hemoglobin levels. Cure anemia and low iron levels. 

5. Raise oxygen saturation of blood by keeping body acidity 
down. 

6. Correct a slow and irregular heart beat. 


Niacin 

Open blood vessels wider by giving niacin. Give it early in 
the morning, upon rising, as soon as the feet are set on the floor. 
Keep it at the bedside, use small capsules or tablets and combine 
this chore with water drinking. The water should not be cold and 
should have nothing added to make it a beverage. (Drinking 
water within minutes of sitting upright may also move the bowels 
soon.) A 250 mg. time-release niacin tablet (see Sources) is a 
good choice. The elderly have little side ef- 
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fects. Even the niacin-flush, which reddens the face and neck is 
welcomed since it gives a sensation of warmth. 

The flush is intensified by giving hot liquids or acids (even 
vitamin C) to drink. The flush is reduced by giving cold liquids. 
The opening of blood vessels by niacin only lasts a few hours. If 
you see it has a good effect on your loved one, give several a 
day. Do not use a prescription variety, since they are polluted 
with heavy metals; use only the brand in Sources, or a brand that 
you have tested pure. You can freely experiment with niacin to 
find the best dosage and variety; it is not toxic in this amount; but 
the size of the tablet should not turn it into an unpleasant chore. 
Reduce it if it seems too large to swallow. Don't cut tablets in 
half, the rough edges can scratch the throat. 

Hawthorn berry is an herb that opens blood vessels, par- 
ticularly to the heart. Carefully watch the effect on blood pres- 
sure when using it. 

Food mold, particularly er- 
got, has the opposite effect of 
niacin. Brain blood vessels are 
made narrower, cutting down 
the oxygen supply. Ergot is a 
common contaminant of grains: 
don't provide rye or 
pumpernickel breads or crack- 
ers. Don't provide wine or 
other alcoholic beverages; they 
are too contaminated with er- 
got and aflatoxin. Narrowing Fig. 34 Alcoholic beverages 
the blood vessels in the brain contain ergot and aflatoxin. 
can lead to stroke. If you notice | Add vitamin C (1/8 tsp.) upon 
an attack of dementia coming, opening and wait 10 minutes 
try a niacin tablet (100 mg, not for it to act. 
timed release) immediately. 
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TIA’s, Strokes and Purpura 


Sometimes, the elderly person is aware of the onset of a 
brain attack; they may see stars or peculiar shapes or lose vision 
temporarily. These are called temporary ischemic attacks 
(TIA's). Immediately give a 100 mg tablet of niacin, 1 gram vi- 
tamin C, and a B-complex in this order of importance. 

TIA’s are caused by spasming in the brain blood vessels. If 
this causes them to spring a tiny leak somewhere, a part of the 
brain will not get its usual oxygen and nourishment. A stroke 
results. 

The spasming was probably caused by sorghum molds. 
Cooking during the manufacturing of sorghum syrup kills the 
mold but its toxic byproducts (mycotoxins) are still present. 
Other syrups may have sorghum added, polluting them. Brown 
sugar is also polluted with sorghum molds, but fortunately you 
can detoxify this mold with vitamin C as usual. Mix well % tsp. 
powdered vitamin C with each new (1 lb.) box of brown sugar. 

Purple patches, like bruises, on the hands or arms of an eld- 
erly person are called purpura, and is also caused by sorghum 
molds. It weakens blood vessels so they break easily. 

When an elderly person has purpura or TIA’s and the mold 
source isn’t obvious, you must track it down. Test in a saliva 
sample for all the sweetenings used recently (at least an hour 
ago). At the very least, keep notes on all the sweeteners being 
used. Look for a common one at the next attack. Never let the 
trigger food be eaten again. 


Blood Pressure 


Increase blood pressure if it is habitually too low. Blood 
pressures below 110 may prevent strokes but ruin the quality of 
life. Low blood pressures are often due to toxins from foods. But 
severe salt deprivation in the diet can also cause this. If the 
adrenal glands are not conserving salt properly, too much so- 
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dium is allowed to leave the body with the urine, resulting in low 
sodium levels in the blood and a blood pressure drop. Adrenal 
performance is improved by taking the kidney herb recipe. 

The kidney herbs (page 549), at half dose level (/acup a day 
instead of a whole cup) can be given daily for three weeks and 
then on alternate days indefinitely. Be very careful to keep the 
herbal tea sterile by reheating. Elderly people seem to sense the 
improvement given by kidney herbs. Try other kidney herbs from 
time to time: shave grass, cedar berries, juniper berries, 
butcher’s broom, cornsilk. None interfere with drugs. Re- 
member, they also have a diuretic effect. Be prepared to use ex- 
tra paper padding in underwear to help catch the extra urine 
output. The first few nights may be disturbed by extra urination. 
Interpret this positively. 

After the blood pressure comes up to 115 (systolic) mental 
performance will be greatly improved. Don't try to bring it up to 
120 since this raises the stroke potential without giving you much 
improvement in performance. Use an electronic device to 
measure blood pressure, one with a finger cuff, not an arm cuff 
which can itself induce broken blood vessels. Purchase a device 
that needs no adjustments of any kind and has automatic cuff 
tension control (see mail order catalogs if your pharmacy does 
not have one). 


Air Pollution 


Improve the quality of the air by lowering the pollution level. 
Check into carbon dioxide, carbon monoxide, fumes from a gas 
stove pilot light, auto exhaust from an attached garage or nearby 
highway, arsenic from household pesticide, PVC from new 
plastic curtains or carpeting, formaldehyde from wearing new 
clothing before washing it, asbestos from hair dryers, freon from 
a refrigerator, fiberglass, and chlorine from running tap water. 
Some of these displace oxygen, some are simply toxic to 
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the body and lungs. Clean up the air according to the general 
principles of environmental cleanup (see Four Clean-ups, page 
409). 

For the elderly pay special attention to chlorine in the air. 
Shower water puts a lot of chlorine into the bathroom air which 
then distributes itself through the rest of the house. Notice 
whether your elderly person goes into the bathroom in fair shape 
mentally but comes out confused, unreasonable. Not every day's 
chlorine exposure will have the same effect. Trust your judgment. 
Attach a carbon filter to the shower head (see Sources). Purchase 
a variety that has very simple-to-replace cartridges. Figure out 
how long it should last and write the date for replacement on the 
outside of it for your own convenience. 


‘Fe 


INTO | OUT 
When into and out of the bathroom is a different performance 
suspect chlorine. Put a filter on your faucets. 
Fig. 35 Chlorinated water can cause mental problems. 





Washing hands and face in chlorinated water can give off 
enough chlorine to trigger a manic episode in a manic-depressive 
person. Certainly, it is enough to cause mental ef- 
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fects in an elderly person. Of course, the chlorine bleach bottle 
should not be kept under the sink. It should be kept in a closed 
plastic bag in the garage. It should not be used while the elderly 
person is in the house and never for his or her laundry. Use 
chlorine-free bleach. 

Don't pollute the air with fresh flowers, potpourris, or room 
fresheners. These can induce a dizzy spell. 

Room air conditioners may have a fiberglass filter! This fills 
the house with tiny particles of glass to be breathed by every- 
body. The body makes tumors out of them in order to stop them 
from cutting through your tissue. Replace the filter with a foam 
sheet. This sheet is 1/8 inch thick and washable. I have not found 
these types of foam filters to emit formaldehyde. 

Room air filters are not the answer to polluted air. Removing 
the pollution source is. Air filters may remove some of the toxic 
elements but by blowing the air (and dust) around vigorously the 
remaining toxins are made much more vicious in their effect. The 
noise of a filter motor and fumes it may put out itself adds misery 
to the simple job of breathing. Using a non-fiberglass filter at the 
furnace is a better idea. 

Make sure all fragrances are removed from the air, even 
though family members “like” them. They don't belong in air. The 
lungs treat them like toxins to be coughed up or removed by the 
kidneys and immune system. This includes colognes, scented 
tissues, soap and shampoo and shaving supplies. If you can walk 
into the bathroom blindfolded and know you're in the bathroom, 
it's not clean enough. Everything in the bathroom pollutes the air 
of the whole house. People who must use fragrance should apply 
it outdoors to keep the indoor air less polluted. 
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Anemia 


Oxygen gets to the brain on a carrier 
system of tiny rafts called red blood 
cells. They were meant to be an exact 
shape and size to fit the most oxygen 
molecules onto them. 

Each red blood cell is shaped like a Fig. 36 Red blood 
doughnut without the hole. This fits alot © ells, top and side 
more oxygen, O», than round balls view. 
would. Yet, if there isn't enough vitamin By», the dimple isn't put 
into them to make them doughnut shaped. This reduces the body's 
oxygen supply and the disorder is called “pernicious” anemia. 
The changed shape of the red blood cells is reflected in a bigger 
volume called mean cell volume (MCV). The correct volume for 
red blood cells is about 90 cubic microns. Many elderly persons 
have a MCV over 100! 

I have seen pernicious anemia to be associated with Ascaris 
infestation. Kill Ascaris on a frequency generator (408 KHz) or 
zap. The source of Ascaris is usually a pet, owned in the past. 
Once infected, the tiny worms do not leave your body on their 
own. The infestation may date back to childhood. What a relief 
for the bone marrow whose job it is to make red blood cells to 
have enough vitamin By again! What does Ascaris do with your 
By? By is a beautiful rose colored vitamin. Some worms are 
actually pink from absorbing your By! Giving By shots is the 
current clinical treatment for Bj. deficiency. Killing Ascaris 
twice a week by zapping and taking Bj lozenges (see Sources) is 
a better solution. (If your loved one is getting shots, make sure 
that no isopropyl alcohol is used on the skin beforehand. Provide 
vodka yourself in a small pocket flask or 70% grain alcohol for 
this purpose. Unfortunately, the shot itself may contain traces of 
this harmful solvent—take a sample home for testing.) 
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Other kinds of “anemia” can deprive your elderly person of 
oxygen. A low red blood cell count (under 4.4 million/mm?’) is 
the “garden” variety. Sometimes iron levels are low and can ex- 
plain the low red blood cell count. Sometimes they are not. 


Most regular anemias, including low iron levels, are associ- 


ated with hookworm infestations. 





Kill all Ancylostomas along with Ascaris twice a week. It is 
not wise to take iron pills, even if they do raise hemoglobin lev- 
els, except in life-threatening situations. Remove the tiny crea- 
tures that cause microscopic bleeding instead. Iron in the form of 
pills is too easily snatched up by bacteria who also need it, 
making them more virulent to the body. Use grain alcohol rinse in 
the bathroom to kill Ascaris and hookworm eggs under fin- 
gernails. Don't have pets in the house or keep them on daily 
parasite killing herbs. 

It takes nutritious food to build the blood back up to its 
normal hemoglobin level. Eggs and meats (all very well cooked) 
are the richest sources of iron and other minerals used in blood 
building. B; and other vitamins are also involved and can be 
given as a B-complex (see Sources). Do not use black strap 
molasses as an iron source, or any molasses, since it contains 
toxic molds. (The molds could be detoxified with vitamin C the 
same way as honey. However, I have not tested enough molasses 
for solvents and you cannot risk these.) In the past, when the 
nutrient properties of molasses were discovered, the molasses 
manufacturing was a small, carefully conducted business. Now it 
has molds which cause platelet destruction, (purpuric spots) 
internal bleeding, and immune failure. 
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Acid Levels 


Oxygen must first jump onto its raft, the hemoglobin, in the 
lungs. Later, in the brain, oxygen must jump off again to enter the 
brain cells. A difference in acid levels makes this possible. Acid 
levels operate the latching system that decides whether oxygen 
will be attached to hemoglobin or let go! Acidity unlatches 
oxygen. There should be no acidity in the lungs so oxygen can 
attach here. Sometimes, the entire body is too acid! Diabetics, 
asthmatics, arthritics, especially, suffer from total body acidity. 

Acid was meant to be removed from the blood and loaded 
into the stomach at mealtime for digestion. When this isn't hap- 
pening, it was meant to be shipped out of the body with the urine. 
But the kidneys may be doing a poor job because they are 
clogged with tiny crystals and because not enough water is drunk, 
so the body's acid levels rise. You can test total body acidity by 
measuring the pH of the morning urine. It should not be under 
(more acid than) 5.5. If the body acid level is too high, help the 
kidneys excrete it by adding more water to the diet and more 
minerals to neutralize the acid. The main minerals for this 
purpose are calcium and magnesium. 


Increase Minerals 


Adding water to the diet could be the most difficult of tasks if 
your elderly loved one “doesn't like it.”” Calcium should be in the 
form of milk, magnesium as a tablet. When tablets cannot be 
swallowed; use magnesium oxide powder (see Sources). Use 1/8 
tsp. added to cooked cereal, soup, stew, pudding. Magnesium, 
being a mineral, does not get destroyed as vitamins may. You can 
add it anywhere in the diet where it won't be tasted. Notice how 
calming it is to have extra magnesium in this gradual way. And 
how much better the sleep is at night. 
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When water “doesn't taste good,” there is probably a valid 
reason. The body may be trying to reject chlorine or other toxins 
in it. In this case, filter it with a small all-carbon unit that is 


changed right on sched- 
ule. A plastic pitcher 
(not clear plastic or 
flexible plastic) with a 
carbon pack fitted into 
the top is best. Sterilize 
it once a week by putting 
a cup of water and one 
tbs. of grain alcohol in it 
and turning it upside 
down so the filter can 
soak for 15 minutes. 
Flush out the alcohol 
with two pitchers of 
water. Make sure the 
temperature suits the 
person. Temperature can 
mean everything to the 
never-thirsty person. 
Don't allow ice cubes, 
however, nor beverage 
making, with the essen- 
tial water. Adding lemon 
or vinegar (white dis- 
tilled) and 1 tsp. honey is 
probably the best way to 
stimulate both thirst and 
appetite. 





Fig. 37 Water pitcher with filter. 


When blood is properly oxygenated it takes on a bright red 
color, unoxygenated blood is more purple. A chelation doctor 
can easily see the state of oxygenation. 
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Chelation 


Chelation is a powerful way to quickly improve oxygenation 
of blood. The most important rule to observe, though, is to take 
the treatment slowly. Especially if ethylene diamine tetra 
acetate (EDTA) is being used to remove heavy metals, it is im- 
portant to take the treatment over a two hour time period. Mini 
doses may be given in a shorter time. Generally, you are in 
charge of the flow rate. Discuss it with the nurse. Weekly 
chelations can correct many problems of the elderly that no other 
treatment could. 

Because of hostility from insurance companies who do not 
wish to add another cost to their ledger and doctors indoctrinated 
with misinformation, bad publicity is given to this wonderful, 
life-prolonging mode of treatment. Clinical doctors who have no 
time to really investigate the statistics of chelation treatments and 
for whom this is purely competition may feel antagonistic to 
these treatments. Your loved one should not be the one who must 
suffer from medical politics. Go to see for yourself what 
chelation is all about. The receptionist should be glad to show 
you around. The secret is to talk to the patients themselves. They 
are usually sitting around a room, eating their lunch and reading 
as their IV's drip. The pulse, blood pressure and blood chemistry 
is also carefully monitored. Sit down with them to find out their 
stories. Get a realistic picture of benefits and costs. 


Pulse 


The pulse reflects the heartbeat. A slow pulse can give weird 
brain symptoms besides great fatigue. The cause is usually a drug 
that is being taken to correct a fast pulse! Check with the nurse. 
Read the insert included with packaging for all drugs used. The 
drugs responsible are —_—cusually “beta _—_ blockers”, 
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used for the purpose of smoothing out the heart beat, that is, 
making it regular. Often the drug can be changed. 

Less than 60 beats per minute will lead to trouble. For a 
young person it is a good sign to be as low as 60, provided no 
drug is involved. But for the elderly it does not reflect a strong 
athletic heart beat. 

The heart is made of four separate “chambers” or compart- 
ments each pulsing in turn. They are like four horses pulling a 
wagon. Unless they pull evenly, the wagon feels jerky, and ir- 
regular. The wagon will wear out sooner with jerky pulling. To 
smooth them out you simply slow them down. Apparently they 
sense each other better and can pull evenly now. 

A heart that is beating 100 times per minute, not unusual for a 
weak old heart, can be so irregular that it misses every fourth 
beat. That creates a terrible deficiency of oxygen. Imagine your 
four cylinder car or lawnmower missing one out of four engine 
strokes! Beta-blockers have some quite undesirable side effects 
but heart regularity has a higher priority. So drugs are the im- 
mediate choice. Later, when heart health is improved, the heart 
will beat regularly without drug use. In the meantime, watch over 
the pulse. When the pulse drops below 60 the new danger is 
slowness. Take the pulse daily when a new drug has been added, 
or when you are working on heart health, without getting your 
loved one anxious about it. 


Heart Health 


To improve heart health, the first steps of course would be to 
go off caffeine and to kill parasites and bacteria. This alone 
could drop the pulse from 120 to 80 in a few days. Obviously, 
the need for a drug is gone. Cut the drug dosage in half immedi- 
ately. Don't wait for a doctor's appointment to O.K. it. If you 
waited another day the pulse could be below 60. 
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Many common bacteria, especially Staphylococcus aureus, 
choose the heart as their favorite location. Their nesting place, 
though, will be under a missing tooth in the jaw (cavitation). 
Heartworm and Loa loa are two very common heart parasites. 
You can have all these killed in a day, without side effects and 
your heart is once more free to beat regularly. Don't take a 
chance on over-medicating. As soon as the beat is regular and 
under 100 per minute, reduce your heart drugs. Stop them when 
you are regular and under 80. Fatigue will leave and the brain 
will work better. 

Raising potassium levels slows the pulse. Try to do this with 
diet by eating more potassium rich food and by conserving on 
potassium losses. The adrenals are in control of losses. Give 
them a thorough cleaning. The adrenals are situated right on top 
of the kidneys where all toxic things are being excreted. Being 
this near to the urinary tract will result in shared toxins. Urinary 
tract bacteria, small kidney stones, moldy foods and metal from 
dentalware are the chief offenders. Switch to composite tooth 
fillings. Use non-metal jewelry. Cook and eat with non-metal 
ware. Don't handle metal unconsciously throughout the day. 
Aluminum objects that must be touched should be wrapped in 
masking tape: this includes walker, shower door, bathroom sup- 
ports. 

Door knobs, taped walker handles, and cane handles should 
be wiped daily with a grain alcohol solution. 


Treat the adrenal glands to 5 supplements 


1. Vitamin C: shake some into all foods that can absorb a bit 
of the sour taste, even cooked cereal and vinegar water. 

2. Pantothenic acid: 500 mg., one daily. 

3. Bg: 250-500 mg. daily. 
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4. Folic acid: 800 mcg. daily. 
5. Bz: 150 mg. daily. These are minimum dosages. 


If no capsules or tablets can be swallowed put a three day 
supply in a heavy plastic bag. Pound with a hammer; then roll 
finer with a big glass jar. Use about 1/3 of the mix each day. If 
you are trying to do all this in a nursing home, feed it to your 
loved one while visiting. Put the powder mix in a plastic (not 
styrofoam) cup, add honey and stir until you get a paste. Feed the 
paste directly by spoon. Often the elderly prefer it this way in 
order not to bother with pill taking at meal time. Remind them it 
will turn the urine yellow. 

When the brain problems are corrected for an elderly person, 
be sure to relate the improvement to him or her. Improvements 
should not be dismissed lightly. Keep notes. This encourages the 
elderly, letting them know their existence and quality of life is 
important to you. Improvements are not merely steps to yet 
further improvements. Enjoy each bit of progress; it is often too 
subtle for your loved one to notice even when it is glaringly 
obvious to you. Before and after a chelation treatment can show a 
dramatic change in mood, energy, appetite and communication 
ability, yet get no comment from your loved one. Point it out 
explicitly so your loved one can look forward to it, too. 

Aging is no fun. The elderly long for a brisk gait, laughter, 
and a picnic at a park again. They dwell on dying, though, be- 
cause they know it isn't far away and wonder what to do about it. 
They dare not talk about it because it is too painful a subject for 
the loved ones. And the immediate problems are too pressing to 
allow much contemplation of future problems. Talk about aging 
in its positive aspects. Let your loved one express feelings about 
it. 


292 


PUSHING BACK AGE 


Incontinence 


plagues most elderly persons. It begins to plague women 
much earlier—after childbirth, for instance. Surgically shortening 
the bands that hold the bladder in position (called bladder 
“lifting’) can give temporary relief, but the surgeon may be the 
first to tell you that it is a temporary fix. Still, it is so shocking 
not to be able to run a few steps or sneeze or cough without 
wetting the underwear, that anything seems better than doing 
nothing. Surgeons will tell you that the bands have been 
“overstretched.” 

The real reason why nothing, not even surgery, is permanent 
is that the support bands are weak. Bacterial invasion causes 
most of this weakness. Low potassium levels (due to excess 
potassium losses by the adrenals) causes more weakness. When 
you kill bacteria (and Schistosomes and Ascaris and other para- 
sites that bring in bacteria) and blood potassium levels go up, the 
problem is solved. Overnight you may throw those pads away. 
Even though you needed three pads to be “safe” you will not 
need any. Whether you have killed bacteria permanently 
determines whether you have permanently cured the condition. 
Make sure all dairy foods are absolutely sterile. Ask that the milk 
be boiled for ten seconds and other foods that can't be sterilized 
are not on the menu, like sour cream. Sour cream has too much 
tyramine to be safe. Tyramine is a bacterial by product that is 
quite toxic; it is rather high in aged cheese, also. With the food 
bacteria, Salmonellas and Shigella, out of the way and parasites 
being killed regularly, you can focus attention on the adrenals 
which control potassium levels. 


Be careful not to rave about the foods that your loved one 


cannot eat. 
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Eating more potassium in food is a good nutrition project. 
Bananas are the top choice. Fresh fruit salad and baked potatoes 
and soup also provides a lot. Mixing potassium salt with regular 
salt, half and half, for the shaker is another easy trick, even if you 
only use it in cooking where the taste cannot be detected. 
Potassium by prescription is often used by clinicians to conserve 
body potassium during diuretic use. This need not be stopped (if 
the pills are not polluted) although taking potassium pills is less 
useful than salting it in because the adrenals will let any big dose 
escape anyway. A sign of too much potassium is a slow pulse. 

It may be necessary to wear some kind of incontinence un- 
derwear. Try to avoid them at night, though, so the skin can 
breathe freely. Bring a commode near the bed for the night, rather 
than diapering your loved one (but don't call them diapers; say 
“underwear”’). Absorbent pants of all kinds are heavily 
chemicalized. This is absorbed by the skin and adds to the toxin 
level. Less will be absorbed if you powder the skin with corn- 
starch first. Use them minimally and line them with tissue or 
paper towel. Chair and bed pads, too, are chemicalized. Don't sit 
on them with bare skin. To facilitate getting to the commode 
quickly in the night, dress the elderly in a short night shirt, no 
pajamas or long gown. Bed socks on the feet help with warmth. 

Wash the body parts daily, around the urinary and rectal 
outlet, using borax water. Follow with 5% grain alcohol. Put 
washcloth in laundry after a single use. Nothing, not even brain 
improvement, impresses and encourages an elderly person as 
much as seeing the incontinence lessen. This bit of progress will 
put him or her solidly on your side. When they believe in you, it 
makes your task more rewarding. Remember to enjoy and cele- 
brate your achievements together; don't make a grim business out 
of it. 
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Bad Digestion 


with its excessive gas and burping is another plague of the 
elderly. They would rather not go to church nor visit a friend than 
embarrass themselves in that way. 


Chewing 


It all begins with the stomach although chewing food well is 
essential for really good digestion. Dentures should fit perfectly 
so the mouth does not develop sores. Using denture cream is not 
a good substitute for correct fit and is toxic. Denture plastic is 
often toxic, even containing mercury in its composition! Toxins in 
plastic can seep! Such toxins lower the immunity of the mouth 
and throat and stomach since it all flows down into the stomach. 
Low immunity in the mouth permits throat infections to be 
chronic. If your elderly loved one has a red-looking mouth or 
throat, instead of pink, an infection is going on in spite of no 
coughs and no complaints. 

It will do no good to keep zapping bacteria when reinfection 
is so easy. First kill the bacteria in the dentures by soaking in 
70% grain alcohol. Then test the dentures for toxins. Soak the 
dentures in water for several hours. Rinse and soak again in fresh 
water. Repeat a third time to insure that any toxin found came 
from the dentures, not the saliva. Save this water for testing. 
Search for heavy metals in the denture water. If you find any, you 
know the dentures are toxic! Get new ones, made of uncolored 
methacrylate (see Dental Cleanup, page 409). 

The denture-soak should kill bacteria each night. Plastic has 
tiny pores where bacteria can hide. Use 70% grain alcohol which 
you make yourself or plain vodka which is about 50% alcohol. 
Since alcohol evaporates and is expensive, use a wide mouth jar 
with close fitting non-metal lid for all this. Fish them out with 
your toothbrush so it gets sterilized too. It only takes 
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minutes to kill everything. Commercial denture cleaners are much 
more toxic than grain alcohol; don't use them. 

Use food grade hydrogen peroxide or salt water to brush 
teeth in your mouth, never toothpaste. Toothpaste has toxic 
metals (tin, fluoride, strontium) besides benzene pollution. See 
the section on brushing teeth (page 532) for details and sources. 
If you are responsible for this daily chore, use homemade floss 
(2 pound to 4 pound nylon fish line) first; then brush. If your 
loved one is seated they may be able to handle the brush by 
themselves, giving them pride in the achievement. 

If an elderly person refuses or can't wear dentures, provide 
food that is soft and without chunks since this decides whether 
the stomach can digest it. The stomach is the weak point of the 
digestive process for the elderly because nearly all don't produce 
enough acid to get the job done. 


Stomach Acid 


The body produces hydrochloric acid (HCL) which gets 
pushed into the stomach from the blood! The enzyme, carbonic 
anhydrase, a zinc enzyme, is involved. Not many ways are 
known to stimulate this whole process. Drinking water before 
meals stimulates it in unknown ways but is hard to do for the 
elderly. Next best is to provide acid. 

Because strong HCL would dissolve teeth it is not available 
as a solution to aid digestion. Ask a pharmacist to make a 1% 
HCL solution and use 10 drops of it in a beverage at mealtime 
once a day. HCL as a tablet (“Betaine HCL’) is available but 
doesn't have enough HCL in it. 

Using a lemon or vinegar and honey beverage helps with di- 
gestion although this provides citric or acetic acid, not hydro- 
chloric. These acids are completely metabolized so they don't 
add to the body acid level. But the fact that it is not hydrochloric 
means that it can't kill bacteria and parasites in the stomach 
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like regular hydrochloric acid could. The stomach becomes a 
haven for Salmonellas and other bacteria and this is the biggest 
digestive plague of the elderly. Salmonellas dig deep into the 
stomach wall, safe from antibiotics and stomach acid and aren't 
washed away with the food. When they take over the region near 
the top of the stomach, it weakens the esophageal sphincter and 
food keeps coming back up a bit—a most uncomfortable 
development, especially after supper or when lying down. 

When the Salmonellas spread out further to invade the dia- 
phragm around the sphincter, the diaphragm weakens, and lets a 
bit of the stomach up through the hole. 

This causes hiatal hernia distress. Don't settle your loved 
one in an easy chair after supper. This presses the stomach up- 
ward and the food up, too. Leave them sitting at the table a while, 
then walk a bit, to get the food down lower. The food will sink 
lower if some of it can leave the stomach at the lower pyloric 
end. But if Salmonellas are entrenched here, too, the lower end 
does not have enough action to push the food through the valve. 
Drugs like Reglan™ are given to speed this up. 

What helps most is getting digestion completed. This sets up 
the natural cues for emptying. Digestive enzyme tablets have been 
in popular use to help digestion. But they may not be safe since 
they have not been sterilized. Always try the vinegar and honey 
method first. Coughing during eating is a sign that the diaphragm 
is irritated (by a hiatal hernia). If drinking water starts the 
coughing, omit it at the beginning of meals. Work in sips during 
the meal. 


Salmonella and Shigella 


Some Salmonella infections can bring dizziness to your eld- 
erly person. Dizziness is another plague of the elderly, keeping 
them from going shopping, getting to church and even from getting 
around their own homes. Drugs such as Antivert'™ are 
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given but only take the edge off the problem. Feeling dizzy can 
make your loved one home bound and stuck to a walker for every 
move. 

Salmonellas, along with Shigellas, produce very toxic sub- 
stances that cause dizziness. There are three common Salmonella 
varieties: Salmonella enteriditis, Salmonella paratyphi, and 
Salmonella typhimurium (386, 380, 354 KHz). Kill Salmonellas 
daily for a month by taking Lugol’s iodine (6 drops in a half cup 
water, after meals and bedtime, see Recipes). Unfortunately, this 
will not kill Shigellas; follow the Bowel Program (page 546) to 
get them. 

During this time set up a system of sterilizing all dairy 
products (see Milk, page 425) since this is the source of rein- 
fection. Set up a system of rinsing fingers (and fingernails) in 
10% grain alcohol in the bathroom. Deli food and restaurant 
salads carry Salmonellas and Shigellas, too. Kill them, rou- 
tinely, after eating such food due to necessity. A warm stomach 
full of food at a neutral pH is just the right culture condition for 
these bacteria. It's like putting yeast into a bowl of warm water, 
flour and sugar. In half an hour it is overflowing with growth. 

Once Salmonella is entrenched in an organ it is difficult to 
eliminate. Only an electric zapper can kill them all (in an organ, 
not the bowel). If your body has the right conditions (like a low 
acid stomach) to let them grow you dare not swallow another 
one! Shigellas arrive with dairy foods, too, but prefer the lower 
intestine as their headquarters. Indigestion that starts right after 
eating is probably due to Salmonellas. If your indigestion comes 
in the night, this suggests Shigellas, since they've had time to 
reach their favorite place further down. 

Campylobacter and E. coli, other digestive bacteria, are 
sometimes the culprits. The Bowel Program is effective against 
these also. Besides getting digestive improvement you get mental 
improvement, less depression, less dizziness, less irritability 
after clearing these up. Remember that eating bacteria and 
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killing them later will not solve the problem. Stopping eating 
them will. 


Other Clues 


Digestion problems that remain after eliminating bacteria can 
be diagnosed in a rational way. Ask these questions: 

e Is the stool orangish-yellow, or very pale, instead of 
greenish brown? If so, bile isn't getting delivered to the 
small intestine from the liver. 

e Is there abdominal pain? (More about this on page 97). It 
may be due to Ascaris, flukes, or other parasites. 

e Is there constipation? This will let wastes accumulate, all 
the longer for bacteria to thrive on them. 

¢ Is there bloating? This is due to gas made by bacteria. 

¢ Does the stool float? If so, it must be lighter than water and 
contain fat or a great deal of undigested material. 


Liver Bile 


Bile is necessary for digestion. Absorption of fat and calcium 
depends on bile mixing with the food. When fat isn't absorbed, it 
stays in the intestine. Fat is lighter than water; it makes the stool 
float. Feces should not float. When the stool floats you can 
assume that calcium isn't being absorbed either, leaving the 
blood in a deficit which will be taken from the bones. 

If the stool floats or is orangish in color prepare your elderly 
person for a liver cleanse (page 552) to clear a bile duct of ob- 
struction. They get quite fond of these cleanses and will ask to 
have one. Liver cleanses are completely safe, even for persons in 
their 80's. One of the stones pictured on page 554 came from a 
woman age 97. The general rules apply to the extremely elderly: 
kill all parasites first by zapper if possible, otherwise by 
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herbal parasite killing. Do a kidney cleanse (page 549) first, 
using half a dose instead of the regular dose, for three to six 
weeks. Attend your loved one in person for the liver cleanse, 
have a commode at bedside, protect bedding from accident: use 
paper underwear if necessary. Share the joy of getting gallstones 
out painlessly with your loved one; let them see and count them if 
they wish before you flush them (use a flashlight). 

Be extra careful with the skin cleansing. Hot water soothes 
and heals. Use starch skin soother to dispense onto the wet paper 
towel, besides borax solution and alcohol. Don't use ordinary 
soap. The starch skin softener gives the smoothness of soap, and 
prevents the pain of friction. An elderly person may have no 
diarrhea at all with the Epsom salts! Evidently the body absorbs 
all the magnesium so eagerly, none is left in the intestine to 
absorb water and create diarrhea. It is especially important 
though to rehydrate your elderly person after a diarrhea. This 
time they do not balk at water consumption. The liver cleanse, it 
seems, gives them new thirst as well as new appetite. But it 
doesn't last long. As the stones from the far corners of the liver 
move forward, they compact into larger stones and plug the ducts 
again. Their previous symptoms return. Try to give a cleanse 
once a month until the dark color of the stool returns and it no 
longer floats. 

The benefits of a liver cleanse will last longer if valerian 
herb is taken the day after the cleanse and from then forward. It 
may be preventing spasm of the bile ducts. Use 2 oz. of the herb 
(cut) in 3 cups water. Simmer for 5-10 minutes, let settle or 
strain. Add honey to sweeten. Give a few tbs. every 4 hours (or 6 
capsules) for several days followed by a daily dose at bedtime. 
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Constipation 


If constipation is a problem, use an herbal product rather than 
a drug until you have removed the cause. Cascara sagrada (half 
dosage) or prunes work for many people. Adding roughage to 
the diet is a good solution but often doesn't work. If you try bran, 
you should add vitamin C and boil it, first, because it is very 
moldy. But even eating tree branches for supper won't move a 
bowel that has the wrong bacteria in it. 

Bacteria are part of the cause; and part of the result! Consti- 
pation increases the bacteria level which causes further consti- 
pation! You may solve the constipation problem immediately by 
zapping. Even though this kills some “good” with some “bad” 
bacteria, no harm is done. The stool is recolonized in one to two 
days. 


Poop Your Troubles Away 


Two bowel movements a day are the minimum necessary for 
good health. The first one should be in the morning. The morning 
cup of water, drunk at the bedside has the magical ability to 
move the bowels. Cold water may fail. But the water effect only 
works in the early morning. Waiting until after breakfast may not 
work. Notice the energy lift your loved one gets from this most 
primitive body cleanse. Take advantage of this to exercise them. 
Go immediately for the morning walk. This might be the only 
time of day they can enjoy their walk. 


Walking and liver cleansing are the most health-promoting 


activities you can do for your loved one. 





Make walking as essential as eating. Walking is not merely 
walking about the house or shopping. Walking should be done 
outdoors. Walking is a brisk exercise, done as speedily as possi- 
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ble and lasting at least Yhour. Only if the weather doesn't allow 
outdoor walking can an indoor walk be substituted. Don't let your 
elderly person choose whether they will walk that day. To 
overcome resistance, find a cheerful neighborhood person will- 
ing to do this task for pay. The need to respond to a new stranger 
energizes the elderly more than your persuasion can. 


Sugar Regulation 


Diabetes is a common development in the elderly. If your 
loved one is already on a pill for beginning diabetes, take this as 
your challenge never to let it get worse. It is not a chronic meta- 
bolic deterioration. It is a destruction of the pancreas 
(specifically the islets) by the pancreatic fluke which is attracted 
to the pancreas by wood alcohol. Zap flukes and eliminate wood 
alcohol as described in the section on diabetes (page 173). 

Use no artificial sweetener and no beverages besides milk, 
water and the recipes given in this book. This is one regimen 
your loved one will not resent. They are well motivated to pre- 
vent the need for giving themselves daily shots of insulin. Use 
this motivation to acquire the taste for new foods and beverages. 


Elderly Person’s 7 Day Diabetic Diet 


Daily supplements: 4 chromium (200 mcg. each), | or 2 B- 
50 complex, vitamin C (1,000 mg. or % tsp.). Take with food. 


Breakfast 


Choose any one; they need not be in order. 

1. Two eggs, (replace carton and wash hands and eggs before 
cracking), wheat-free, corn-free bread, not toasted (special 
breads can be found in the freezer section of natural food 
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stores), with butter and 1 tbs. orange blossom honey. 1 
peeled pear, raw, with whipping cream. One cup hot milk 
with cinnamon. 

2. Old fashioned oats, with 1/4 tsp. cinnamon and 1/8 tsp. 
vitamin C stirred in just before serving. Mix whipping 
cream with sterilized milk to make a “half n half’ for the 
cereal. 1 tbs. honey. 1 banana. One half cup milk, one half 
glass water with honey and vinegar. 

3. Fried potatoes with 2 eggs (use only butter, olive oil or 
lard), 1 cup hot or cold milk. A quartered orange (wash the 
orange before quartering). 

4. Cream of rice, with homemade “half n half’ or whipping 
cream, cinnamon and vitamin C stirred in. 1 cup milk, 1 
banana. 

5. Cottage cheese, cooked in covered skillet to sterilize. Add 
chives or peeled fruit (not canned). Wheat-free, corn-free 
bread, or rice bread with | tbs. honey. 1 nectarine or piece 
of melon. 1 cup hot milk. Water with vinegar and honey. 

6. Pancakes or waffles with butter and eggs (no sweetening). 
Fruit (peeled), hot milk, water. 

7. Fruit cup, large bowl of peeled, chopped mixed fruit with 
whipping cream and | tbs. honey and rice bread or other 
wheat-free, corn-free bread with unsalted butter. 1 cup hot 
milk with cinnamon. 

Remember, all honey must be pretreated with vitamin C. All 
fruit is peeled and free of blemishes and soft spots. All milk, 
cream, butter must be sterilized for 10 seconds at full boiling 
point. Butter must not be “raw”. Get wheat-free, corn-free bread 
at a natural foods store. 


Lunch 


It is better to have most of the day's calories in the middle of 
the day than at the end. Arrange for dinner at noon if possible. 
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Dinner 


Choose any one. 
1. Green beans with potatoes, meat dish, cabbage apple salad, 
water with lemon juice and honey, | cup hot milk. Water. 

Fresh green beans, especially fava beans contain a sub- 
stance that is described in old herbal literature to be espe- 
cially beneficial to diabetics. Don't overcook them—it 
might harm this substance. 

For the same reason, don't use canned green beans. If 
“fresh” isn't possible, choose “frozen” but rinse the 
chemicals off before cooking. Potatoes (not overcooked), 
peeled to make sure there are no blemishes (contain mold 
and pesticide) can be cooked with the beans. Cook with 
onions and oregano for flavoring. Add fresh chopped 
parsley to the sauce or butter for both green beans and 
potatoes. Fresh parsley has special herbal goodness (high 
magnesium, high potassium, diuretic.) 

The meat dish should be overdone. “Fast food” is 
plopped from the freezer into the boiling grease which 
browns the outside nicely but can easily leave the inside 
undercooked. Meat must never be “rare.” There should be 
no redness near bones! Canned meat is safe from parasites 
but may have smoke flavoring added (contains benzopy- 
rene) or nitrates. Avoid these chemicals. Avoid MSG too. 
Whenever a meat dish is not accepted, substitute sardines. 
Let them choose from a display of six kinds. Purchase the 
flip-top cans to avoid eating metal grindings from the can 
opening process. 

Cabbage for salad should be chopped fine enough to be 
digestible. Add finely chopped apples (peeled) and a few 
apple seeds and whipping cream for the dressing. 
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Sweet things are reserved for dessert. Since a diabetic's 
tissues are not absorbing sugar, they crave it more and 
more. As the diabetes improves they crave it less. For des- 
sert, serve 1 tbs. of honey to satisfy this craving without 
endangering their blood sugar regulation. It can be used in 
the hot milk or in other ways. Undercooking the vegetables 
also helps slow down the sugar release. Never serve 
mashed potatoes for this reason. 

The drinking water should always have a little vitamin C, 
lemon juice or vinegar added, and | tsp. honey if desired. 

. Asparagus, potato, raw salad, fowl dish, fruit, water with 
vinegar and honey, | cup hot milk. 

The asparagus can be fresh or canned. Bake the potato: 
not in aluminum foil, not baked until fluffy. Don't let the 
skin be eaten. Use genuine butter, only, or a homemade sour 
cream dressing (see Recipes). Fresh chopped chives may 
be added but no regular sour cream since this is very high 
in tyramine, a brain toxin. 

The raw salad should be chopped small enough to be 
edible by dentures. Use homemade salad dressing with a 
preference for oil and vinegar styles. 

The fowl dish should be very well done, never “fast 
food”. 

For dessert, fresh fruit chunks dipped in a homemade 
honey sauce (honey, water and cinnamon). Less sweets are 
consumed if you dip the fruit rather than pour the sauce 
over. Limit the total to 1 tbs. honey. Don't serve grapes or 
strawberries due to the intense mold problem. 

. Soup, sandwich, fruit, hot milk, water. 

Soup should be homemade from scratch. Add bones and 1 
tbs. vinegar (white distilled) or a tomato to the kettle to 
ensure some calcium leaches out of the bones. A fish 
chowder serves this purpose very well, too. 
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The sandwich has lettuce, real butter, and whatever else 
tastes good (no cheese, bacon bits or condiments). The 
bread is wheat-free, corn-free, stored in freezer. Home- 
made salad dressing can be added. 

The fruit may be chopped with whipping cream, cinna- 
mon and honey sauce (not more than | tbs. honey). 

The water may be plain if there was vinegar in the soup. 

4. Fish, green beans, potatoes, other greens, fruit, hot milk, 
water. 

Fried or baked fish is served with lemon or lime. Green 
beans are served with a cheese sauce so a lot will be eaten. 
(Cheese sauce: add milk, olive oil to a block of cheese. 
Melt and cook at least 10 seconds.) Serve au gratin pota- 
toes or scalloped potatoes or any kind of potatoes that will 
be enjoyed. The extra greens can be beet greens, collards, 
mustard greens or spinach served with a favorite dressing 
to make sure it's eaten. (No croutons or bacon bits, though.) 

Never serve dessert if the plate has not been cleared. 
Your loved one isn't hungry enough. If appetite is very 
poor, sweets will only worsen the problem. Try to change 
the menu to stimulate the appetite. Acid foods stimulate; 
spices and B-vitamins (especially B,) stimulate; hot foods 
stimulate. Much appetite is controlled by the liver and 
brain. Toxins at either location (especially food-derived 
toxins) tell the body to stop eating. Suspect food molds 
first, bacteria and chemical additives next. 

5. Asparagus, meat dish, white rice (brown rice contains 
mold), coleslaw, milk, water, ice cream. 

A hot meat dish (no pasta, no wheat flour, no regular 
gravy) can be fried, cooked or baked, but not grilled. As- 
paragus is fresh, frozen or canned. Rinse if frozen. Fix it 
differently than last time. Season rice with parsley and 
minimal salt and pure herbs like thyme; no MSG or mixed 
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seasoning, make butter sauce. Dessert is homemade ice 
cream (see Recipes). 


. Fish or seafood hot dish. Green peas or peas and onions. 


Peeled sweet potato with butter (not canned). May switch 
sweet potato with rice on asparagus day. Sliced tomatoes 
or cucumber or other raw vegetables with or without 
dressing. Milk, 1 tbs. honey (can be used on sweet potato). 


. Chili or stew with unlimited rice-bread and butter. If chili 


produces gas, stay away from it. Serve no canned varieties. 
Grated carrot salad with stewed raisins added and heavy 
cream. Milk, water as usual. Blueberry pie, sweet potato 
pie, custard pie. 


If more bread is requested, provide a wheat-free, corn-free 
variety; but limit bread eating to “after main dish” eating. If not 
enough milk is drunk: make custard pudding or rice pudding so 
the daily amount (3 cups) is consumed. 


Supper 


Lis 


Tuna with salad dressing or tuna salad (no pasta). Non- 
wheat raisin bread (from natural foods store) and butter. 
Milk, water. 


. Custard, cooked greens, baked potato. Rice-bread and 


butter. Herb tea with milk added (single herb only, not 
mixed herbs). 


. Vegetable soup, homemade, from scratch. Leftover meat 


sandwich with rice-bread (no deli or cold cuts or luncheon 
meat). Milk, water. 


. Baked squash with butter, rice pudding with cinnamon, 


raisins, and honey. Canned salmon or sardines with wheat 
free, corn free bread. Milk, water. 


. Chili or stew leftovers with wheat free, corn free bread. 


Custard pudding sweetened with honey, and _ nut- 
meg/cinnamon mix. Milk, water. 
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6. Sardines and rice bread or other wheat free, corn free 
bread. Homemade tomato juice with celery, strained. Milk, 
plain water. Pie a la mode (homemade pumpkin or squash 
pie and homemade ice cream). 

7. Potato salad. Leftover meat dish and beans, stewed toma- 
toes, squash. Baked apple with cinnamon, cream and honey. 
Milk, water. 

Many diabetics lose 50 points (mg/DL) of blood sugar in a 
few days on this diet. This is why: there is less bread than a dia- 
betic would prefer. There is very little cheese (it must always be 
boiled in a sauce to sterilize). There is no fruit or vegetable juice 
except homemade, and not much of that because it crowds out 
milk and water. If your elderly loved one can't eat all this, make 
sure there are no snacks consumed between meals that are for- 
bidden. 

There is no pasta anywhere. Pasta is mold-ridden. Even after 
cooking, it may be toxic. There is no wheat or corn bread. The 
menu is heavy on green beans and asparagus and cinnamon. If by 
chance, your elderly person hates these and starves themselves to 
get your sympathy, add a lot more potatoes and rice (never 
brown) to raise calories. 

There is no sweetening other than honey (5 kinds). There are 
no syrups or sugars. Honey is self limiting—the taste for it is all 
gone after 1 tbs. Not so for other sugars. The heavy use of cream 
and butter is offset by no deep fat fried food and little cheese. 

Keep in mind that this diet may reduce the need for insulin 
almost immediately. You may have to cut it in half! But how 
would you know this? The morning blood sugar test is essential 
to keep track of changing circumstances. Don't neglect it. Be 
careful not to use rubbing alcohol when making the finger stick 
(use vodka or grain alcohol). Your elderly person will feel it is 
all worthwhile (doing without coffee or pie) if one less insulin 
shot is needed or if they can go back on tablets instead of insu- 
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lin. Or even just the knowledge they are staying well controlled 
and will never have to take insulin shots. Remember to give 
yourself the credit for a fine accomplishment when your loved 
one's diabetes improves. 


Diabetic Supplements 


Several supplements are especially good for diabetics: 
e Fenugreek seeds, 3 capsules with each meal. 
¢ Fresh vegetable juice made of raw green beans and carrots 
(Ycup total). 
¢ Bilberry leaves. Maybe they have something in them that 
helps detoxify wood alcohol, since bilberry leaves are 
good for eyes, too. Get in capsules or make a tea. 


Diabetic Eating Out 


Since the rules are always somewhat relaxed when “eating 
out” a diabetic loved one will badger you to go out with them. If 
rules are sure to be broken, calculate it into the rest of the day so 
you can compensate for it. 


Extra Diet Tips For The Elderly 


Food should taste good. 

Eating is a fundamental pleasure of living. In old age there is 
no other pleasure that can equal enjoyment of food. It is a time 
when we long for the foods of our own childhood, too. Ethnic 
foods often had to be given up when children were raised 
(switched to hot dogs and pizza) but with this diversion gone, a 
return to family food would be most welcome and most healthful. 
Ethnic foods were made from scratch. And they certainly were 
made at home where cleanliness and “persnickitiness” are at 
their finest! A speck in the batter gets noticed. Not so in a 
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commercial mixing vat. Pots and pans are sanitized with hot 
water, not chemicals. 

Good advice is to return to old fashioned home cooking: with 
its flour and butter, lard and cream, homemade pasta, olive oil 
and soup, coarse cereal grains and plain fruit. Gone are the fruit 
juices, flour mixes, crackers and sweets that fill grocery shelves. 
What about convenience? Old fashioned cooking took most of the 
day. It does take 3 or 4 hours to make a soup from scratch. But 
you then get 3 days off! Each day you reboil it, it is sterile again. 
Or freeze half of it (take the potatoes out first). It does take a 
whole morning to make pasta or some ethnic dish. Freeze it in 
plastic sealed containers so the delicate flavor isn't spoiled. 
Baking homemade bread is automated now. Do at least this much 
to get away from the mold-ridden grocery store loaves. Make 
your own ice cream and nut butters. They last many days and free 
your schedule. 

Time is the great inhibitor but if you have the means or the 
help, the best advice, nutritionally, is a return to old-fashioned 
cooking and recipes. Use your new insights to improve them 
where you can. Don't use your mother's aluminum ware; use her 
enamel ware or the new glass and ceramic ware. Don't use her 
copper-bottomed tea kettle or gold-rimmed cups or “silver”. Use 
her wooden spoons, glass glasses, and plain dishes, her wooden 
and straw bowls and enamel pots and pans. 


Salt 


Should you avoid salt? No. But a good salt rule is to either 
cook with it or have it on the table, but not both. Use aluminum- 
free sea salt, and make sure the salt is sterilized by heating five 
minutes at 400°F in a glass pie plate to kill mold. (Sea gulls fly 
over the salt flats where sea salt is gathered. Their droppings 
provide a medium for mold.) 
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Fig. 38 Sea salt flats are often roosting places for sea gulls. 


The best salt is a mixture of 1 part of your aluminum-free, 
sterilized sea salt and 1 part potassium chloride (another kind of 
salt, see Sources). Potassium ousts sodium (salt) from your body, 
so you can use twice as much of this kind of salt! Also, the extra 
potassium helps lift fatigue and has other benefits. 

Always use a non-metal salt shaker with a closable lid to 
keep out moisture. Don't put rice in your salt because it invites 
mold. 

Since you, the cook, know where the salt is, (mostly in soups 
and stews), don't serve as much of these when there is heart and 
kidney illness or high blood pressure. Don't put salt in cereal, 
cooking vegetables, or other dishes. Just leave it out! Use herbs 
instead. Tip: encapsulated herbs stay fresher and are more 
potent. Fenugreek and thyme are the most beneficial of the 
common cooking herbs. Just open a capsule and season. 
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Tremor 


Tremor is a symptom, not a natural part of aging. The nerves 
controlling the hands and arms are poisoned. The nerves 
originate in the brain where the poison has accumulated. What is 
the poison? Did it happen long ago? No! It could have happened 
as long as two weeks ago but not longer! 

Tremor is the result of ongoing poisoning! It is important to 
find the poison as soon as you can since the rest of the body will 
soon be affected, too. Search your memory for the new things that 
happened in the last two weeks. It is a herculean task but only 
gets harder each day, so keep notes as you ask: Is there new 
carpeting? Is there a new furnace? Is there a different water 
supply? Is there a new hair dresser? Did somebody bring a vase 
of fresh flowers? Is there a new laundry person? Was the place 
sprayed for insects? Is there a new medicine (drug) or supple- 
ment? Was remodeling done? Is there a new food? 

The list is endless and the situation looks hopeless because 
so many new things can happen in two weeks. 

Rather than asking individual questions like these, let's ask 
only five general questions and have the assurance that one of 
them will catch the culprit. 

1. Is it in the air? This will catch insecticide, flowers, carpets 
all together. 
. Is it in the water? 
. Is it in the medicines or supplements? 
. Is it in the clothing? 
. Is it in the food or on the dishes? 

To answer each question, test the item using your Syn- 
crometer searching technique. Make a test substance. Then search 
a saliva sample for it. 

To test the air, take a dust sample off the kitchen counter or 
table (this gives you fresh dust). Pick up the dust with a few 
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wipes by a small, two inch square of damp paper towel. Place in 
a resealable baggy. 

To test the water, make samples by putting about a tsp. of hot, 
cold, or filtered water into a resealable baggy with a bit of paper 
towel in it. Try to get the first morning water before it has run. 

To test the medicines and supplements put one of each in re- 
sealable baggies. 

To test clothing (laundry) use a bit of it, (such as a sock) 
rolled up tightly. 

Testing food is the biggest job. If there are leftovers in the 
refrigerator or freezer, this helps. You can combine all the lefto- 
vers in a single baggy. Frozen things don't need to be thawed for 
testing. Still, the chance of missing a food culprit is quite high. 
Be sure to test everything eaten in a two week time period: un- 
usual things like popcorn, candy, crackers, cookies, health foods 
and special powders. A consolation is that you will find a num- 
ber of bad foods that are not necessarily the tremor causes but 
which cause other health problems. 


Tremor Remedies 


1. Let us imagine that the air (dust) sample proves toxic 
(resonates with the saliva sample). What is it in the air that is 
toxic? These are the biggest suspects: 

¢ CFCs (from leaking refrigerant, check refrigerator and air 
conditioner by removing them from the house and retesting 
the dust after three days, or simply buy a non-CFC variety) 

¢ vanadium (from leaking house gas from a fuel line— 
repair) 

* arsenic from pesticide (switch to boric acid) 

¢ solvent from a lamp or can of lighter fuel (take them out of 
the house) 
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¢ chlorine from water (use carbon filters; remove bleach 
bottles) 

e asbestos (clothes dryer belt) 

¢ paint thinner, carpet cleaner (remove from house) 

¢ fiberglass from bare insulation somewhere (fix holes in 
ceiling or wall) 

¢ formaldehyde (new foam bedding, new fabric or clothing) 

2. Suppose the water proves toxic (appears in your white 
blood cells); search for lead, copper, and cadmium. Although 
municipal water tests occasionally detect small amounts of pro- 
pyl alcohol, benzene, or wood alcohol, I have never detected 
them—you need not search for them. 

3. If the medicines are toxic just change brands. Your 
pharmacist can help you find a replacement brand. Find which 
ones are toxic and stop using them. (Don't use_up any of the 
polluted pills or supplements.) They do more harm than good. 

4. If the clothing or dishes are toxic (appear in the saliva), 
suspect 

* cobalt ¢ PCB ¢ aluminum 

Stop all detergent use. Use borax, or washing soda, or use 
paper plates and plastic cups (not styrofoam). 

5. If the food is toxic, suspect 

¢ food molds ¢ aluminum * bacteria 

Don't eat that food any more. 

6. Any bacterium or toxin that invades certain brain centers 
can cause tremor. The most common culprits are Shigella, mer- 
cury, thallium and arsenic. Try to identify these for your sake as 
well as your loved one. 

The Salmonellas and Shigellas will have come from some 
food. Be sure all dairy foods, including butter and whipping 
cream, are sterilized. Parasites come from meats. Be sure no un- 
dercooked or fast food meats are eaten. Kill all bacteria, viruses 
and parasites with a zapper. Sterilize fingernails with grain al- 
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cohol to prevent reinfection. Use Lugol’s (see Recipes) and the 
Bowel Program (page 546) to clear them up. 

Bacteria, coming from teeth and jaw (bone infections, called 
cavitations) may not seem as recent as two weeks. Indeed, they 
may have been there for ten years. But something recent may have 
aggravated them, so they now can enter more easily into the 
blood and brain. You may never find out what caused this. It is 
wisest to check this possibility with a dentist before doing weeks 
of other testing. See a dentist who can find and clean cavitations. 
Do dental repair according to the principles described in the 
dental section. 


Going after a tremor problem in this logical 
way always finds the cause of tremor 


whether its a simple short attack or a situation of long 
standing tremor with head shaking and drooling. If your situation 


is extra difficult, you will at least improve it and stop its 
progression. This includes Parkinson's cases. 





In cases of Parkinson’s disease I often find the bacterium 
Clostridium tetani, well known for causing stiffness. It hides 
under tooth fillings, too. 

Remember, there is a consolation for doing all this work. 
When you find the culprit, you not only will be stopping the 
tremor, you will be improving a lot of other conditions along the 
way. Conditions like hesitant speech, shuffling walk, getting up 
stiffly and slowly from a chair. These are extra dividends for 
your loved one. And you have learned which things to avoid for 


yourself too. 
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One more thing, don't take no for an answer. 


If the problem is a drug, don't accept “No, it can't be 
changed.” Everything can be changed. Go to higher levels of 
authority. Doctors are very understanding and sympathetic with 
your intent. If the problem is leaking house gas, don't accept “We 
can't find a leak,” implying there is none. Go to a building 
contractor or the Health Department. Their equipment is better. If 
you get nowhere, change to electric utilities. If the problem is 
auto exhaust, don't accept “But we have to use the kitchen door to 
the garage, because it's cold outside.” Conveniences vs. tremor is 
no contest. Everyone benefits by excluding auto fumes from the 
house. Lock the door and cover it with plastic. By the time you 
have identified the culprits (probably 20 hours of work) surely 
you have won the right to make changes. 

Often others are not impressed. Even when the tremor lessens 
and the elderly person plainly states they feel better, family 
members may disregard your recommendations. Get tough! It's 
your loved one. You have something at stake too. Be sympathetic 
with negative responses. But very firm. Make their choices clear: 

e Either the inside door to the garage gets sealed off or the 
cars and lawn mower get parked outside and anything 
containing gasoline or solvents gets put in a detached shed. 

e Either the girls use their hair dryers in their bedrooms with 
the door closed or you'll get them all new ones that don't 
contain asbestos. 

e Either the clothes dryer gets a new belt or it is taped se- 
curely shut and the laundry is dried on the line or taken to a 
Laundromat. 

e Either the plumbing gets changed (to plastic) or each faucet 
in the house gets a filter. (If your plumbing is corrod- 
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ing, not even filters are a good idea—you would have to 
change them every week!) 


Weakness 


should not be taken for granted in the elderly. Especially if 
they themselves complain about it. It isn't normal for them. 
Sometimes they will describe “spells” of weakness. This is an 
important clue. Check the pulse immediately. Count for 30 beats 
at least. Are there missing beats? There should not be! Missing 
two beats in a row certainly can produce a weak or “sinking” 
spell. The brain and body need every pulse of blood sent out 
right on time. 

Check into caffeine use first. Take it all away. Caffeine 
speeds up the heart; then the overworked heart has to “take time 
out” for itself by missing a beat. Don't switch to decafs because 
this introduces solvents and new problems. If no other natural 
beverages appeal, serve hot water with cream and cinnamon. 
After stopping caffeine use ask: Is the pulse too slow or too fast? 
The pulse should be between 60 and 80 beats per minute. 

If it is lower than 60, a medicine may be at fault. Ask the 
clinical doctor about it immediately. A slow pulse could cer- 
tainly bring about weakness. A young athlete may have a slow 
pulse legitimately, due to having a very strong efficient heart, but 
your elderly person does not fit this category. The cause must be 
found. 

If the pulse is quite high, over 100 perhaps, this will wear the 
heart out much sooner than necessary. Ask why it is beating so 
fast? A probable answer is that it is so weak that it has to beat 
faster to keep up with its job of circulating the blood. What is 
making the heart so weak? 
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Heart Disease 


When the heart is enlarged, the valves don't quite close 
where they should, making the work harder for it and weakening 
it. It may be called “congestive heart failure.” Why is it en- 
larged? Possibly because it is so weak! Yes, it becomes a 
vicious cycle, getting worse and worse. But you can break into 
this cycle and get it all reversed again. The real culprit is para- 
site invaders and toxic pollutants. 

The most common parasite heart invaders are Dirofilaria, 
heartworm “of dogs” and Loa loa, another small filaria worm. At 
one stage these worms are so tiny that they can slide through the 
smallest blood vessels. They are very contagious. Even persons 
who don't live with a house dog can pick up heartworm. Loa loa 
is thought to be a tropical parasite but it is alive and thriving in 
the USA! The source of Loa loa seems to be tapeworm stages; 
this is not a certainty. 

Both heartworm and Loa loa are very easy to kill with a 
zapper and both are very easy to pick up again. Treat your eld- 
erly person twice a week if there is any heart problem. It makes 
no difference that the house dog is getting monthly preventive 
treatments for heartworm. They pick it up daily and have thirty 
days to develop it and give it to others between treatments. 
Killing the dog's parasites twice a week with a zapper would be 
very helpful to you. These heart parasites may not cause any 
pains, yet disturb the rhythm or the pulse of the heart and cause it 
to enlarge. 

Staphylococcus aureus is a bacterium hiding out in far away 
places like pockets left under teeth when they were extracted or 
along root canals. Make sure extractions heal and don't leave 
permanent cavitations where bacteria can live. Ask a dentist fa- 
miliar with cavitations to do a mouth search. Once the mouth 
source is cleaned up, the bacteria do not come back to the heart 
(after one last zapping). If they do, go back to the dentist! 
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Killing these three invaders (heartworm, Loa loa, Staphylo- 
coccus aureus) should cure an irregular heart beat immediately 
(within a day). 

If the elderly person is on a heart-slowing drug, check the 
pulse twice a day after zapping to make sure it doesn't drop too 
low. They may need to be off their heart medicine. Nobody will 
notice the relief of going off this medicine as much as you. The 
sunshine breaks out! Your loved one can smile again at little 
things! Even interest in sex returns so watch out! Life is nor- 
malized when drugs, especially beta blockers are gone. (Other 
heart medicines, such as Digitoxin,™ don't have this depressive 
effect. They are used to make the heart beat stronger, not to affect 
the rate of beating.) 


The pulse should be around 70 beats per minute and perfectly 


regular. 





If it isn't, there is still something wrong. Get rid of toxic body 
products and house pollutants. Test your air for gas leaks 
frequently. Gas heat, gas stoves and gas water heaters are noto- 
riously leaky. Weather changes, namely temperature changes 
make pipes expand or shrink—leaving cracks! The gas is toxic 
and a small amount can't be smelled. What a predicament! De- 
livering poisonous house gas to our homes in pipes that are not 
fail-safe is an archaic practice. Especially when the blood test 
shows a high “total CO»" level, near the upper limit, search for 
an air pollutant like house gas or auto fumes. And read the sec- 
tions in this book on pulse (page 289) and brain problems (page 
278) very closely for more things to check. 

With the heart regular again, it will be much stronger, too, 
since it doesn't have to work against itself. This strength is nec- 
essary to push the blood into the farthest “corners” of the body, 
especially the hands and feet, and warm them up! If your loved 
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one constantly has cold hands or feet, try to improve circulation. 
Dissolve phosphate crystals with the kidney herb recipe. Give 
niacin (page 279). Give cayenne capsules (one with each meal). 
Blood thinning drugs to improve circulation are dangerous—use 
only if the doctor insists. Monitor blood clotting time if your 
loved one is on a thinner. 


Heart/Kidney Relationship 


A strong heart is necessary, too, to push the blood through the 
kidneys. Often a kidney problem is linked to the heart disorder. 
Kidneys are made of tubes that get finer and finer. It takes 
pressure, namely strength, to push the blood through them so 
wastes and extra water can be let down the kidney tube. Think of 
the kidneys as a colander full of tiny holes of various sizes that 
let certain things through them but not bigger things. These holes 
are constantly being adjusted by the adrenals which sit right on 
top of the kidneys and “supervise”. 

If the elderly person is not producing four cups of urine in a 
day (24 hours), it is not enough. The body cannot get enough 
cleansing action from less than four cups. More liquid must be 
consumed. If most of the urine is passed in the night this reflects 
on unhealthy kidneys. Use the kidney herb recipe—but only half 
a dose (so it will take six weeks instead of three to see good 
effects). As the tiny “colander” holes open up there is freer flow 
and many more trips to the bathroom result. The urine loses its 
awful odor (no ammonia, acetone and bacteria!) and gets a clear 
look that shows no sediment. Now that water and wastes (urea 
and uric acid and other acids) can leave the body quickly through 
more holes, it takes less pressure from the heart to get blood 
pushed through the kidneys. This brings relief to the heart 
because its work is easier. The heart and kidneys work together. 
Like horse and wagon the heart provides the power and the kid- 
neys follow. 
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This is why heart medicine and diuretics are commonly given 
together. Diuresis (urine flow) helps the heart and a stronger 
heart helps the kidneys. Similarly, they fail together. In the old 
days this was called dropsy. Urine that should have left the body 
is backed up in the tissues. Sometimes it shows up in pockets that 
hang like giant oranges from the skin. 


Even (especially) when the strongest diuretics (Maxzide™, 
Lasix'™) fail to work, even when coupled with strong heart 


medicine (Digitoxin™), the kidney herb recipe can bail you out 
of the emergency. 





The secret is in the varied actions of different herbs. This 
makes them work together. Be very careful to keep the herb tea 
sterile by reheating every fourth day. Freeze unused larger 
amounts. If too much is drunk at once, especially on the first day, 
a stomach ache can develop and a pressure felt in the bladder 
that is most uncomfortable. Go extra slow on the first few days, 
even though you find it quite tasty, so there is no discomfort (only 
lots of bathroom visits). 








Diuretics 


As soon as urine is flowing better, blood pressure may drop. 
Keep track of this twice a day with a modern electronic finger 
device (not an arm cuff that itself can break blood vessels). Cut 
down on drug diuretics gradually, using only *4dose the first day, 
then dose, then %4 dose. The amount of urine produced or the 
weight of the person can be used to assess how effective your 
method is. Your goal is to not need any drug diuretics. Again, 
mood will improve dramatically when diuretic drugs are 
removed for your loved one. The sense of humor comes back: 
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be prepared for some new jokes and new laughter. Give yourself 
good grades for this accomplishment. 

Don't throw out the drug diuretics. After being off them for a 
while, they become more potent again. So if an emergency 
(sudden edema) should arise they could again be useful. 

With a parasite and pollution-free heart and a low-resistance, 
freely flowing kidney, some reserve strength will soon be built 
up. Weak spells are gone and forgotten. Your loved one is 
walking better, needing less sleep, and a “golden age” finally 
arrives. It is free of pain, free of medicine, free of shots and 
doctor visits, free of dementia, free of the dreadful weakness that 
demands so much help. They are free to enjoy family and friends 
again. Seeing themselves gain strength and be able to do more for 
themselves gives the elderly a sense of pride. 

Give them the credit for improving their health. When they 
balk at having to take herbs or vegetable juice, remind them of 
the days they were on a handful of pills and still had heart fail- 
ure, pain and kidney disease. 


Feeling Comfortable 


If all this improvement doesn't warm up their feet or hands 
(feel them yourself) put extra socks on. Warming up their feet 
might have the effect of warming up hands, too. But if it doesn't, 
raise the room temperature. 

Being forced to feel cold is an undeserved misery of the 
aged. 

Others must accommodate to the elderly's need for body 
warmth. The thermometer does not tell all. Comfort is paramount 
for each of us. Younger persons can undress for comfort. The 
elderly can't make changes for themselves. Usually, by the time 
they are complaining of cold, they have suffered a long 





522 


PUSHING BACK AGE 


time, feeling too guilty to request a temperature hike. Ask your 
loved one. They will appreciate it. A shawl, a lap-blanket, 
woolen sweater, long underwear and fleecy thermal outerwear 
help a lot. But if your hand still senses cold feet, the thermostat 
must still go higher. Cold body temperature is an invitation for 
fungus and viruses to multiply. Viruses escape into the body 
daily. Don't give them the advantage. 








Do you find rn in here? That’s OK, Mom, | don’t mind. 


\ 





Fig. 39 Too hot and too cold. 


But unless all these things are tried, don't raise the tempera- 
ture. It is much healthier to be warmly dressed and breathe cool 
air than to be lightly dressed in an 80°F room. The heart, espe- 
cially, benefits by the cooler air temperature. 

For this reason, it is important to have air conditioning during 
the hot season. Keep your elderly person warmly dressed, away 
from air conditioner or fan drafts, but keep it cool. As cool as 
their body temperature and comfort will allow. Don't seat an 
elderly person under a fan in restaurants. The blowing air not 
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only chills them, but brings filth in dust that blows in the air 
currents. Bacteria and viruses are soon to follow. 

Being comfortable, knowing you are there to care for them, 
brings out the best in your elderly person. They might get well 
enough to long for a genuine relationship again. And put you to 
the test. The test of listening. This can be very rewarding if they 
are still able to communicate and distill their life experience into 
wisdom for you. If you can listen and be interested in their dis- 
tillations or their ramblings their longing for relationship will be 
fulfilled. There's just one catch, if the new found interest in 
communication can't be expressed. If they haven't communicated 
much for a long time, it would be easy for you to miss a simple 


fact. They can't hear! 


Hearing Loss 


The hearing deficit in an elderly person is always much 
greater than they or you realize. Try to understand these com- 
munications: 











What you What the eld- What they think What they 
(caregiver) say erly person respond 
hears 
“Look at the sun- “Look at some- What a stupid sen- “MmmHmmm” 
shine, isn't it a thing, isn't it a tence. But she wants (Meaning, 
nice day?” nice bay?” an answer. So here “yes.”) 
goes, 
“We'll have sucha | “Have a...rock.” Rock what? I'm not in a 
nice walk.” rocking char. | better 
not say anything. 
“What kind of soup | “What kind of | haven't used a hoop for | “I don't know.” 
should | make?” hoop should | embroidery for a long 
make?” time. Why is she 
digging that up. | better 
say | don't know. 














Don't let this ruin your relationship. It takes the fun out of 
their life as much as yours. Get hearing aids. 
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Don't ask your loved one if they need a hearing aid. The an- 
swer may be “I'm not deaf.” You can go about it more persua- 
sively. Every time you talk, come quite near to the person's ear 
and speak loudly. They can see that you must come near. If they 
are fighting against the whole business, they will say things like, 
“You don't have to shout. I can hear you.” (It's what you're saying 
that's wrong!) 

Arrange for a hearing test. It is free. That will appeal. The 
results of a hearing test, as it is told by a salesperson, is much 
more persuasive than you can be. Let the salesperson use his or 
her special talents to sell your loved one on hearing aids. But you 
make the choice on quality. Both you and your elderly person 
deserve the best tone quality that is made. Plus a regular cleaning 
service. Most companies do offer this but don't tell the customer 
because of the dreadful amount of time it would take if 
everybody took advantage of it. You take advantage of it. 
Clogged hearing aids are the most troublesome feature of any of 
them—and never mentioned! Make it a rule to buy your batteries 
at the same hearing aid office where they are cleaned free of 
charge. This repays them and serves the elderly best. Hearing 
loss is too subtle to leave to chance; have the hearing aids 
cleaned each time you buy fresh batteries (about three months). 
Take your loved one to a nurse for ear cleaning every six months 
after hearing aids are begun. Wax and debris accumulate behind 
the aid because the channel is stopped up. 

With hearing aids that hear, and kidneys that flush and a heart 
that beats strongly, your elderly person may choose to attend 
concerts again, go to church or gatherings—and leave you out of 
the picture. Give yourself good grades for this achievement. Get 
them incontinence pants, get regular taxi service. Do whatever it 
takes to get your loved one out into the world again! 

If the excitement of a night out keeps him or her from sleeping 
use ornithine and valerian capsules. They are good 
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for the health anyway. Hot milk and a piece of cake (homemade, 
never chocolate) may do as much. 

But if insomnia is the rule, not the exception, you need to go 
after it as a special problem. 


Insomnia 


is always associated with high levels of parasites and bacte- 
ria. This leads me to believe it is their waste products, namely 
ammonia, that really causes insomnia. Read the section on In- 
somnia under Sleep Problems for more on this (page 243). 

A sound sleep refreshes as nothing else can. Your elderly 
person will have more energy throughout the day and a better 
mood if sleep was good. 

Of course you must guard against daytime napping if nights 
are sleepless. Sleep at night is more important than sleep by day. 
They are not equal. Try to turn your loved one's cycle back to 
night-time sleeping if it has become turned around by bad kidney 
function (frequent urination at night) or too much daytime 
napping. Sleep can be disturbed by taking vitamins at bedtime 
too. Sleep is enhanced by taking magnesium. Limit bedtime 
supplements to magnesium, ornithine, valerian (6 capsules) taken 
with hot milk. 


Healthful Habits 


If your loved one had his or her way, they would drive the 
car forever, wear the same cosmetics forever, smoke or chew 
tobacco forever and eat their favorite dessert forever. 

But if you are the caretaker, you know that some things must 
stop. You also know that gentle persuasion is useless; it merely 
erodes your relationship. Here are a few tips. 
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1. Ask your loved one to ask their doctor (clinical doctor or 
trusted medical advisor) the following question: “Would it 
be better for my lungs to stop smoking?” Be present so the 
question does not turn into “Will smoking a few cigarettes 
once in a while kill me?” Hearing it from the doctor is 
what's needed. 

2. Don't ever purchase something you believe is detrimental 
to your elderly person. Whether it's coffee, cigarettes, beer 
or lipstick, say “That is something I can't buy for you; it's 
against my principles.” Don't be surprised if you cave in a 
few times to some super ruse they use on you. But the next 
time, have your answer ready. 

3. Let your family and other caretakers know you are no 
longer supplying these items (the car keys, the wine bottle, 
the codeine-containing pain pills). Try to get cooperation. 
Discussing it with your loved one may do more harm than 
good. If they start the discussion, you end it. This is not a 
task for the timid! After it's done, you'll wonder what was 
so difficult. 

4. Don't buy a wheelchair if your loved one can still walk 
with your help. Stay with a cane as long as possible. Then 
the walker. Stay with a walker as long as possible. Then 
your personal help. Once a wheelchair has been accepted, 
the last bit of exercise, walking, is lost. Fight against it. 
Hide it in a far away closet. 


Aging is necessary but chronic illness and 


pain are not. 





If you have managed to free your loved one from having to 
take pills or from certain disabilities that would soon require 
pills, you can give yourself great credit. Perhaps you, too, will 
find the needed natural help when you are aged and have lost 
your authority and your way mentally. Our lives are all fore- 
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shortened, much like the life of a domestic steer's. Does a captive 
animal learn from seeing its companion disappear? It does 
nothing to escape its fate. Should we accept our fate with the 
same docility? None of us can remember how things were in 
precivilized times. We are eager to believe the present is the best 
time that has ever been. The steer, too, has its feed provided, its 
water provided, its shelter for the night provided, seemingly the 
best time it ever had. Perhaps the price we pay for civilization, 
like the steer's price, is simply too high. There must be other 
ways. As a society, we should search for our lost longevity. 


Not Old Yet 


For persons merely over 40 and not ill a most important rule 
is: don't overdo. 

It's easy to injure tendons and muscles by pulling or 
stretching them too far. Don't try, with almighty determination to 
open a jar. Leave it for stronger hands. Don't try to stretch a 
gigantic stretch to reach something on a high shelf. Wait for 
someone taller to come along and reach it down for you. Don't do 
exercises, that have left you with strains in the past. Do different 
exercises. Don't do new exercises, with a determined approach; 
start moderately; stay moderate. If you start a new job that uses a 
foot, leg, hand or wrist a lot, more than it was used before, even 
though it's in ordinary use, it can feel injured. These stresses and 
strains invite bacteria toward themselves. Bacteria from the liver 
or your own intestines find these strained tissues immediately 
and intensify the pain. Kill the bacteria with a zapper, cleanse the 
liver, and start the Bowel Program if this has already happened 
to you. 
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Don't kneel on the floor to do some cleaning job. Don't sit on 
the floor at a gathering. Don't let your grandchildren take “rides” 
on you. Don't bend over as far as you can to pick some thing up. 
Let your family know you are aiming to reach 100 years in 
healthy condition. 


Super Longevity 


We should be able to live to 140 years of age. Middle age 
might begin at 65, old age at 90. What is the clue to long life? 
Surely it is keeping all your cells healthy so they can coordinate 
the constant tasks of nourishing themselves, removing their 
wastes, plus whatever job that cell was meant to do. 

Since your cells divide and therefore start again at age zero, 
even though you are 90, why do you age at all? Only the nervous 
system does not divide. Is it the nerve that ages then, and decides 
death for each of us? 

It would never do to live forever. It would clutter the planet. 
Are evolutionary forces at work preventing this? But we have 
never cluttered the planet yet. So how could evolutionary forces 
have “learned” to establish death to prevent overpopulation? 
Living to age 140 is not living forever. Wisdom comes with age. 
Wisdom would serve our society well. Perhaps wisdom is 
needed more than ever for humans to survive. Part of the human 
tragedy is war. Wisdom gathered from a knowledge of history, 
might help end wars! But history can't be gathered and under- 
stood in less than 100 years. If centenarians can't think well or 
express themselves, their perspectives are lost. Longevity seems 
a very useful trait if only it were accompanied by health! 
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Dying 


Although it can't be avoided it can be helped. Dying alone is 
the most barbaric of all society's practices. 

It is still like death in the forest amongst chimpanzees. Unable 
to feed, to run, to call for help brings pain, fear, loneliness and 
finally, death. When your loved one is in the mood to talk about 
dying, listen. Especially if it is about their own imminent death. 
This doesn't obligate you to carry out any of their wishes. When 
death approaches the important thing is simply to be there. They 
may not have requested this, out of a sense of guilt or masochism, 
or plain dementia. But it is the most primitive of needs, the same 
as having a loved one nearby during childbirth. It is just a 
presence that counts. How can you be there if you have a job or 
are attending a family's needs? It is a time of great frustration for 
you. All your hard work and successes are culminating in one 
grand failure! 

The good news is that it need not be you who attends your 
loved one every minute of the last week. Pay for someone to 
sit—someone who is recognized. But arrange for immediate 
privacy when you return. No matter how much your loved one 
admonishes you to go about your business, you will know when 
you share the final minute that your presence helped. The lone- 
liness of the last coma, the last silence is unspeakable. Give 
yourself the reward of knowing you shared the pain, fear and 
silent cry for help. 
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Cancer is no longer the deadly disease it once was. In fact, 
you can clear it up in less time than it takes to get a doctor's ap- 
pointment for a check up. If you notice a lump or think you might 
have cancer, don't rush to see a doctor first. Rush to clear it up, 
yourself, first. By the time your doctor's appointment arrives, you 
can be sure of a negative test. 


Another Fluke Disease 


Cancer is so easily cured because it is a parasite-caused dis- 
ease. Kill the parasite and you have stopped the cancer. This 
does not mean you have also stopped being ill. If the cancer 
damaged your ovaries or prostate, you still must heal these or- 
gans. The Ca-125 or PSA test will not drop to normal unless you 
begin to heal them. These markers reflect the condition of the 
organ, not its malignant nature. Remember that killing a mosquito 
does not remove the lump it caused. That will take its course. It 
will heal beautifully if you let it. But if you scratch it mercilessly, 
it will take longer. Removing toxins from the affected organs lets 
them heal. 

Fortunately for us, cancer is not like a fire, unstoppable 
once it has started. It takes only 7 minutes to zap all the parasite 
adults and their stages which cause your cells to multiply. 

The responsible parasite is Fasciolopsis buskii, the human 
intestinal fluke, a flatworm. It is a human parasite although it 
can also parasitize other species. It normally lives quietly in the 
intestine. (The goal for all larger parasites is to live quietly. Af- 
ter all, your demise is their demise.) They were meant to pass 
their thousands of eggs with your bowel movement, outside, to 
some pond where snails live. But when the eggs hatch before 
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they leave your body and are allowed to continue their devel- 
opment inside you, the setting is right for cancer to develop. 

If the fluke eggs and other stages go through their develop- 
ment in your breast it can become breast cancer. If it is in the 
prostate it can become prostate cancer. And so on. Each different 
kind of cancer means the developmental stages of the intestinal 
fluke are present there. Only one more thing is needed to bring 
about an avalanche of reproduction, so that hundreds of little 
larvae turn into hundreds more in a short time: a growth factor. It 
makes them multiply and your cells are similarly affected. This 
growth factor, ortho-phospho-tyrosine (and possibly, also, 
epidermal growth factor and insulin-dependent growth factor) 
really begins your cancer. 


Teamed With A Solvent 


The good news is that this growth factor, which is essential 
for cancer to develop, cannot be made, without the presence of 
an abnormal solvent, propyl alcohol (or more exactly, isopropyl 
alcohol). 

Without taking in propyl alcohol you could never get cancer. 
It takes two things, together, to give you cancer: propyl alcohol 
and the human intestinal fluke parasite. 

Since it takes a frequency generator (3 minutes at each of 
434, 432, 427, 425, 423, 421 KHz) or zapper mere minutes to 
kill the fluke and its stages you will be stopping the production of 
growth factors immediately. 





Zap yourself every day for three seven minute 





periods, until after you are completely well. 
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After killing the flukes, those growth factors already formed 
will disappear in one hour. Your malignancy is stopped. It cannot 
return unless you infect yourself with the parasite again! 

Getting rid of propyl alcohol is also a simple task. Once you 
have stopped using it, the last remnants leave your body within 
three days. 

We must marvel at the body's wisdom and capabilities for 
restoring health. You are not permanently damaged by this large 
and hungry parasite. Given half a chance your body will throw 
the rascals out and restore order in your tissues. 

Read the list of foods and products that are polluted with 
propyl alcohol. It is not, of course, usually on the label. If it is 
used as an ingredient, it is on the label, easy for you to avoid. It 
is the pollutants not appearing on the label that pose sinister 
hazards. 





All the store 
bought shampoo | 
tested had propyl 
alcohol. Health 
brands were no 
exception 
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All bottled water 
is polluted with 
antiseptics from 
the bottling 
procedure. This 
is a main source 
of propyl alcohol. 






reer — a | 


Cosmetics are 


laced with propyl © 
alcohol. Use the " 
recipes in this Je 


book to make f 


our own. 
y 8 


Fig. 40 Products with propyl alcohol. 
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Propyl Alcohol Polluted Products 


THROW THESE OUT 


even if propyl alcohol is not listed on the label! 





e shampoo, even health ¢ bottled water, distilled 
brands water, or spring water 

e hair spray and mousse ¢ rubbing alcohol 

¢ cold cereals, even ¢ white sugar (brown is 
“natural” granolas OK if detoxified) 

* cosmetics (make your ¢ all shaving supplies in- 
own) cluding aftershave 

¢ mouthwash ¢ carbonated beverages 

¢ decaffeinated coffee, ¢ store-bought fruit juice, 
Postum™, herb tea including health food 
blends (single herb teas brands 
are OK) 


¢ vitamins, minerals and 
supplements (unless you 
test them) 


Tear out this page, put it on your refrigerator, and make a 
copy to stick on your medicine cabinet. Remember propyl] alco- 
hol is also called propanol, isopropanol, isopropyl alcohol and 
rubbing alcohol. You won't drop dead from getting propyl 
alcohol, but your cancer will flare up with each small addition. 
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Avoid the entire list, meticulously. Even using one of these, 
like your favorite shampoo or bottled water, will result in 
failure. Your body will continue to make human chorionic go- 
nadotropin (hCG) and the’ pathology will remain 
“ndeterminate”—not cancerous but not well, either. If you have 
learned the new bioelectronic technology described in this book, 
you can test all your foods and products for isopropyl alcohol. 

When you find a beverage that is free of propyl alcohol, it 
may have other pollutants. Xylene and toluene invite parasites to 
the brain. Wood alcohol invites them to eyes and pancreas. The 
diseases caused by these are not as frightening, perhaps, as 
cancer, but entirely avoidable. For this reason, I suggest in this 
book that you go back (actually “forward’) to self made prod- 
ucts, unprocessed food and a limited number of tested supple- 
ments. 


Getting Well After Cancer 


The ravages of cancer must be healed once the malignancy 
has been stopped. This is where carcinogens play a role. The 
lung lesions will not heal unless cigarette smoking, freon, as- 
bestos, and fiberglass exposure is stopped. Carcinogens were 
thought to be the cause of cancer. Actually, they drew the cancer 
to the organ. Nickel draws cancer to the prostate. Bartum found 
in lipstick draws cancer to the breast. And so on. 

The following toxins can be present in any organ! I consider 
these to be our most serious threat. Starting with the worst, they 
are: 

1. Freon (same as CFCs or refrigerant). I have not found a 
single person to be entirely free of it, including persons 
without cancer or disease. But in cancer sufferers it is al- 
ways concentrated in the cancerous organ, and facilitates 
the accumulation of other toxins. This makes your refrig- 
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erator, if it leaks even microscopically, the top cancer 
hazard in the country! 

2. Copper from water pipes. All cancer sufferers have an 
accumulation in the cancerous tissue. This makes plumbing 
the second greatest hazard. 

3. Fiberglass or asbestos is present in about 25% of the 
cancer victims I see. 

4. Mercury as in tooth fillings. 

5. Lead from solder joints in copper plumbing. All colon 
cancer sufferers test positive. 

6. Formaldehyde as in foam bedding and new clothing. 

7. Nickel usually from dental metal. Most prostate cancer 
sufferers test positive. 





At first, tumors are benign—what a relief to find your tumor 
was benign. Its true nature is still unknown, but it contains freon, 
other toxins, and later propyl alcohol! Since tumors are often 
large, many centimeters in diameter, and toxins do not occupy 
much space, there is much unidentified substance. These tumors 
can multiply and enlarge, as in fibrocystic breast disease, all 
without being malignant. But what a convenient place for baby 
stages of the fluke to hide out and multiply, safe from your 
immune system. After being colonized by fluke stages, the tumors 
become malignant. Eventually they also become infected when 
metastasis sets in. 


All malignancies have the same two fundamental causes: 
intestinal flukes and propyl alcohol. Whether you have a rhab- 


domyosarcoma or a mesothelioma or melanoma, you can cure it 
quickly, never to return. 
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Herbal Parasite Killing Program 


Flatworms, roundworms, protozoa, even bacteria and viruses 
are remarkably easy to kill using a combination of zapping and 
this herbal program. Thus it is not just for cancer, but a general 
treatment that can benefit almost every illness 


1. Black Walnut Hull Tincture Extra Strength (see Reci- 
pes, page 543): 
Day 1: (this is the day you begin; start the same day you 
receive it) 
Take one drop. Put it in Ycup of water. Sip it on an empty 
stomach such as before a meal. 


Day 2: Take 2 drops in Yeup water same as above. 

Day 3: Take 3 drops in Ycup water same as above. 

Day 4: Take 4 drops in Yeup water same as above. 

Day 5: Take 5 drops in Yeup water same as above. 

Day 6: Take 2 tsp., all together in 4 cup water. Sip it, don't 
gulp it. Get it down within 15 minutes. (If you are over 150 
pounds, take 2/4sp. Do not take more than 3 tsp. because no 
additional value has been observed.) 


This dose kills any remaining stages throughout the body, 
including the bowel contents, a location unreachable by 
electric current. The alcohol in the tincture can make you 
slightly woozy for several minutes. Simply stay seated un- 
til you are comfortable again. You may put the tincture in 
lukewarm water to help evaporate some of the alcohol, 
but do not use hot water because that may damage its 
parasiticide power. Then take niacinamide 500 mg_ to 
counteract the toxicity of the alcohol. You could also feel 
a slight nausea for a few minutes. Walk in the fresh air or 
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simply rest until it passes. You may add more water or 
honey or a spice to make it more palatable. 


For a year: take 2 tsp. Black Walnut Hull Tincture Extra 
Strength every week or until your illness is but a hazy 
memory. This is to kill any parasite stages you pick up from 
your family, friends, or pets. 


Family members and friends should take 2 tsp. every other 
week to avoid reinfecting you. They may be harboring a few 


parasite stages in their intestinal tract without having symptoms. 
But when these stages are transmitted to a cancer patient, they 
immediately seek out the cancerous organ again. 





You may be wondering why you should wait for five days 
before taking the 2 tsp. dose. It is for your convenience 
only. You may have a sensitive stomach or be worried 
about toxicity or side effects. By the sixth day you will 
have convinced yourself there is no toxicity or side 
effects. 

Going faster. In fact, if you are convinced after the first 
drop of the restorative powers of Black Walnut Hull 
Tincture Extra Strength, take the 2 tsp. dose on the very 
first day. 

Going slower. On the other hand, if you cringe at the 
thought of taking an herb or you are anxious about it’s 
safety, continue the drops, increasing at your own pace, 
until you are ready to brave the decisive 2 tsp. dose. 


2. Wormwood capsules (should contain 200-300 mg _ of 
wormwood, see Sources): 


Day 1: Take 1 capsule before supper (with water). 
Day 2: Take 1 capsule before supper. 
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Day 3: Take 2 capsules before supper. 
Day 4: Take 2 capsules before supper. 


Continue increasing in this way to day 14, whereupon you 
are up to seven capsules. You take the capsules all in a 
single dose (you may take a few at a time until they are 
all gone). Then you do 2 more days of 7 capsules each. 
After this, you take 7 capsules once a week forever, as it 
states in the Maintenance Parasite Program. Try not to 
get interrupted before the 6th day, so you know the adult 
intestinal flukes are dead. After this, you may proceed 
more slowly if you wish. Many persons with sensitive 
stomachs prefer to stay longer on each dose instead of 
increasing according to this schedule. You may choose 
the pace after the sixth day. 


3. Cloves: 

Fill size 00 capsules with fresh ground cloves; if this size 
is not available, use size 0 or 000. In a pinch, buy gelatin 
capsules and empty them or empty other vitamin 
capsules. You may be able to purchase fresh ground 
cloves that are already encapsulated; they should be 
about 500 mg. Grocery store ground cloves do not work! 
Either grind them yourself or see Sources. 


Day 1: Take one capsule 3 times a day before meals. 

Day 2: Take two capsules 3 times a day. 

Days 3, 4, 5, 6, 7, 8, 9, 10: Take three capsules 3 times a 
day. 

After day 10: Take 3 capsules all together once a week 
forever, as in the Maintenance Parasite Program. 


Take ornithine at bedtime for insomnia. Even if you do not 
suffer from insomnia now, you may when you kill parasites. 
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Parasite Program Handy Chart 
Strike out the doses as you take them. 






































Black Walnut Hull Wormwood Capsule | Clove Capsule Dose 
Tincture Extra Dose (200-300 mg) (Size 0 or 00) 
Strength Dose 
Day drops 1 time per day, capsules 1 time per capsules 3 times per 
like before a meal day, on empty stom- day, like at mealtime 
ach (before meal) 
2 2 1 2,2,2 
; 
4 4 2 3, 3,3 
? 
6 2 tsp. 3 3, 3,3 
. 
8 4 3, 3,3 
a 
10 5 3, 3, 3. 
12 Now once a week 
ee 
14 7 
SS 
16 7 
a 
18 3 


At this point you do not need to keep a strict schedule, but 
instead may choose any day of the week to take all the parasite 
program ingredients. 

Continue on the Maintenance Parasite Program, indefinitely, 
to prevent future reinfection. 


Maintenance Parasite Program 


YOU ARE ALWAYS PICKING UP PARASITES! 
PARASITES ARE EVERYWHERE AROUND YOU! YOU GET 
THEM FROM OTHER PEOPLE, YOUR FAMILY, 
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YOURSELF, YOUR HOME, YOUR PETS, UNDERCOOKED 
MEAT, AND UNDERCOOKED DAIRY PRODUCTS. 

I believe the main source of the intestinal fluke is under- 
cooked meat. After we are infected with it this way, we can give 
it to each other through blood, saliva, semen, and breast milk, 
which means kissing on the mouth, sex, nursing, and childbearing. 

Family members nearly always have the same parasites. If 
one person develops cancer or HIV, the others probably have the 
intestinal fluke also. These diseases are caused by the same 
parasite. They should give themselves the same de-parasitizing 
program. 

Do this once a week. You may take these at different times in 
the day or together: 


1. Black Walnut Hull Tincture Extra Strength: 2 tsp. on an 
empty stomach, like before a meal. 

2. Wormwood capsules: 7 capsules (with 200-300 mg 
wormwood each) at once on an empty stomach. 

3. Cloves: 3 capsules (about 500 mg. each, or fill size 00 
capsules yourself) at once on an empty stomach. 

4. Take ornithine as needed. 























Black Walnut Hull Wormwood Capsule | Clove Capsule Dose 

Tincture Extra Dose (200-300 mg) (Size 0 or 00) 
Strength Dose 

Day 1 time per day, on capsules 1 time per capsules 1 time per 
empty stomach day, on empty stom- day, on empty stom- 

ach ach 

1 2 tsp. 7 3 

2 

3 

4 

5 

6 

7 

8 2 tsp. 7 3 

9 

10 
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2 tsp. 7 3 

















The only after-effects you may feel are due to bacteria and 
viruses escaping from dead parasites! Be sure to zap after taking 
your maintenance parasite treatment. After-effects also let you 
know that you did indeed kill something. Try to discover how 
you might have picked up parasites and avoid them next time. 


Pet Parasite Program 


Pets have many of the same parasites that we get, including 
Ascaris (common roundworm), hookworm,  Trichinella, 
Strongyloides, heartworm and a variety of tapeworms. Every pet 
living in your home should be deparasitized (cleared of para- 
sites) and maintained on a parasite program. Monthly trips to 
your vet are not sufficient. 


You may not need to get rid of your pet to keep yourself free 


of parasites. But if you are quite ill it is best to board it with a 
friend until you are better. 





Your pet is part of your family and should be kept as sweet 
and clean and healthy as yourself. This is not difficult to achieve. 
Here is the recipe: 


1. Parsley water: cook a big bunch of fresh parsley in a quart 
of water for 3 minutes. Throw away the parsley. After 
cooling, you may freeze most of it in several 1 cup 
containers. This is a month's supply. Put 1 tsp. parsley 
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water on the pet's food. You don't have to watch it go 
down. Whatever amount is eaten is satisfactory. 


All dosages are based on a 10 pound (5 kilo) cat or dog. 


Double them for a 20 pound pet, and so forth. 





Pets are so full of parasites, you must be quite careful not to 
deparasitize too quickly. The purpose of the parsley water is to 
keep the kidneys flowing well so dead parasite refuse is elimi- 
nated promptly. They get quite fond of their parsley water. Per- 
haps they can sense the benefit it brings them. Do this for a week 
before starting the Black Walnut Hull Tincture. 


2. Black Walnut Hull Tincture (regular strength): 1 drop 
on the food. Don't force them to eat it. Count carefully. 
Treat cats only twice a week. Treat dogs daily, for in- 
stance a 30 pound dog would get 3 drops per day (but work 
up to it, increasing one drop per day). Do not use Extra 
Strength. 

If your pet vomits or has diarrhea, you may expect to see 
worms. This is extremely infectious and hazardous. Never let a 
child clean up a pet mess. Begin by pouring salt and iodine’” on 
the mess and letting it stand for 5 minutes before cleaning it up. 
Clean up outdoor messes the same way. Finally, clean your hands 
with diluted grain alcohol (dilute 1 part alcohol with 4 parts 
water) or vodka. Be careful to keep all alcohol out of sight of 
children; don't rely on discipline for this. Be careful not to buy 
isopropyl rubbing alcohol for this purpose. 

Start the wormwood a week later. 


'S “Bovidone” iodine. topical antiseptic, is available in most drug 
stores. 
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3. Wormwood capsules: (200-300 mg wormwood per cap- 
sule) open a capsule and put the smallest pinch possible on 
their dry food. Do this for a week before starting the 
cloves. 


4. Cloves: put the smallest pinch possible on their dry food. 

Keep all of this up as a routine so that you need not fear your 
pets. Also, notice how peppy and happy they become. 

Go slowly so the pet can learn to eat all of it. To repeat: 

¢ Week 1: parsley water. 

¢ Week 2: parsley water and black walnut. 

¢ Week 3: parsley water, black walnut, and wormwood. 

¢ Week 4: parsley water, black walnut, wormwood, and 

















cloves. 
Parsley Black Walnut Wormwood Clove Cap- 
Water Hull Tincture | Capsule Dose sule Dose 
Dose (Size 0 or 00) 
Week teaspoons on drops on food, open capsule, open capsule, 
food cats twice per put smallest put smallest 
week, dogs pinch on food pinch on food 
daily 
1 1 or more, 
based on size 
2 1 or more 1 
3 1 or more 1 or more, 1 
based on size 
4 1 or more 1 or more 1 1 
5 and 1 or more 1 or more 1 1 
onward 











Parasites Gone, Toxins Next 





Healing is automatic when you clean up your body tissues. 
Killing parasites and bacterial and viral invaders is fundamental. 
Removing toxins which invite them into your organs is even more 
fundamental. 
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Table 1: Dinshah’s Sound/ Color Equivalent Chart. 


Color 


Red 
Orange 
Yellow 
Lemon 
Green 
Turquoise 
Blue 
Indigo 
Violet 
Purple 
Magenta 
Scarlet 


* denotes reverse polarity. From: 


Frequency 


a7 so 
430.5 
464.5 
498 
S319 
565 
393.5 
632 
665.5 
365" 
Ne 
498" 


G 
A 
A# 
B 

C 
C# 
D 
D# 
= 


Musical Note Note Frequency 


378 (3 x 126 = 378) 
432 (3x 144 = 432) 
459 (3x 153 = 459) 
486 (3 x 162 = 486) 
513 (3x 171 = 513) 
540 (3 x 180 = 540) 
567 (3 x 189 = 567) 
594 (3x 198 = 594) 
648 (3 x 216 = 648) 


A# andE 562* 


G andE 


oY 


G# and D 501* 


Dinshah GP. Spectralchrometry Encyclopedia, 3rd Ed. 
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How do you know which toxins are responsible for your 
cancer? Unless you use a Syncrometer to test, you can not know. 
So learn to use a Syncrometer, it will save your life. 

The only other alternative is to move to a safer environment. 
Go on vacation. Stay in hotels less than ten years old (so the 
plumbing hasn't started to corrode) but not in new construction 
(give the carpets time to outgas). Do not have a freon containing 
refrigerator in your room. Do not use the hair drier they supply. 
Do not let them spray your room with anything. Launder the 
sheets and towels yourself at a Laundromat with borax and/or 
washing soda. Don't hesitate to drink the municipal water. Get 
busy with your dental cleanup. 

When you get better on vacation, let that be your inspiration 
to move from your home. All of the toxins come from a civilized 
lifestyle. Resolve to leave it behind. Select a warm climate 
where you can spend your time outdoors in the shade most of the 
day. Have no refrigerator, air conditioner, clothes dryer, hair 
dryer, new clothing, detergent. Check that the plumbing is rela- 
tively new and that no pesticide is being used. Make the Easy 
Lifestyle Improvements (page 397). Throw away non-essential 
health supplements (unless tested) and drugs. The risk is greater 
than the benefit. 


Watch For Bacteria 


In the later stages of cancer the tumors are more and more 
infected with the common bacteria Salmonella, Shigella, and 
Staphylococcus aureus. Killing parasites prepares a feast for 
these ubiquitous bacteria. Now, more than ever, must you stay off 
dairy products (except for boiled milk), do the Bowel Program, 
take Lugol’s. Remove Staphs by doing the dental cleanup (page 
409). Don't delay. 
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Help Your Family, Too 


If you had cancer, your whole family should be freed of in- 
testinal fluke parasites to_ protect you! They may not be getting 
cancer (yet!) but your closeness puts you at risk. Kissing on the 
mouth could reinfect you. Request that family members zap 
themselves and take at least one 2 tsp. dose of Black Walnut Hull 
Tincture Extra Strength while living with you. 

Pets, too, can be a source of cancer fluke stages (in their 
drool). They get propyl alcohol from their feed. Use unflavored, 
uncolored feed for them to minimize pollution from processing. 
Add 1 tbs. vitamin C powder to the top of a 5 |b. bag; it will 
stick to the pellets as they pour out. Zap your pet along with 
yourself by holding them and touching a bare spot such as nose or 
paw. 

Never eat rare meats or fast food chicken. Parasite stages 
survive heat up to the boiling point. If you have taken a risk, zap 
yourself as soon as you get home to minimize the damage. 

Cancer could be completely eliminated in the entire country 
if laws required testing for solvents in animal feeds and human 
food and products. Presently it is allowed in the United States 
Code of Federal Regulations (CFR) (see page 428)! 

Another reason for propyl alcohol pollution (and other pol- 
lutants) in our food are the chemicals used by manufacturers to 
sterilize their food handling equipment. 


21 CFR 178.1010 (4-1-94 Edition) Sanitizing solutions. 

Sanitizing solutions may be safely used on food-processing 
equipment and utensils, and on other food-contact articles as 
specified in this section, within the following prescribed condi- 
tions: 

(a) Such sanitizing solutions are used, followed by adequate 
draining, before contact with food. [Note rinsing or drying is 
not required!] 
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(b) The solutions consist of one of the following, to which 
may be added components general recognized as safe and com- 
ponents which are permitted by prior sanction or approval. 

[Now comes (1) through (43) permissible sterilizing solu- 
tions, including several with isopropyl alcohol, like:] 

(25) An aqueous solution containing elemental iodine (CAS 
Reg. No. 7553-56-2), potassium iodide (CAS Reg. No. 7681- 
11-0), and isopropanol (CAS Reg. No. 67-63-0). In addition to 
use on food processing equipment and utensils, this solution may 
be used on beverage containers, including milk containers and 
equipment and on food-contact surfaces in public eating places. 

[Then in paragraph (c)( 19) the exact concentration of the 
iodine is specified. Nowhere is the concentration of the 
isopropanol specified. It can be as strong as desired.] 

Fig. 41 U.S. regulations on sterilizing solutions. 


Even if there were regulations governing removal of sani- 
tizing solutions, the overwhelming truth is missed: that nothing 
can ever be completely removed after it has been added. Or 
perhaps the lawmakers didn't miss this fact. Perhaps they be- 
lieved that small amounts—too small to measure with an ultra- 
violet spectrophotometer—could surely do no harm. 

Meanwhile, protect yourself by avoiding propyl alcohol. And 
by observing 2 extra rules: 


1. Never eat moldy foods. 2. Always take vitamin C. 


Aflatoxin 


A common mold found on bread, nuts and fruit and in beer, 
apple cider vinegar and syrups, produces aflatoxin. This is what 
prevents you from detoxifying tiny bits of propyl alcohol that get 
into your body! 

Buy bakery bread or bake your own. Roast nuts after washing 
in vitamin C water to destroy aflatoxin and then store in re- 
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frigerator. Keep moldy fruit out of the refrigerator where the 
spores can spread. Use only white distilled vinegar. Use honeys 
instead of syrups and even add vitamin C to them. 


Vitamin C helps your body detoxify all the 


mold toxins | have tested, including aflatoxin. 





Keep powdered vitamin C in a salt shaker. It belongs on the 
table with salt and pepper, and at the stove. Put it in everything 
possible, from cereal to soup to rice (1/8 tsp. is enough). Besides 
this take 1/8 tsp. powdered 
vitamin C with each meal (500 
mg). 

Developing cancer is a 
chain of events. This explains 
why it is a disease of aging. 
For ten years or more you poi- 
soned your body with freon, 
fiberglass, asbestos, mercury, 
lead, copper, etc. You con- 
tinually ate moldy food (chips, 
nuts, etc.) which was toxic to 
the liver. But the liver regen- 
erated the pieces that died. 
Eventually a mold toxin pre- 
vents the liver from regenel- Fig 42 Ke 
ating. Your aflatoxin-ed liver 
then lets propyl alcohol build 
up after using it. You use more 
and more propyl alcohol. Somewhere, over the years, you pick 
up the intestinal fluke in a hamburger or from a pet or person. 
The stage is set and cancer is inevitable. 








ep both salt and vi- 
tamin C powders in closable 
plastic shakers. 
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But pull out any one of the links in this chain and cancer is 
impossible. Pull them all out for a return to good health. 

So cure yourself, prevent reinfection, heal the damage and go 
through life without this sword hanging over you. 

Over 100 consecutive case histories of cured cancer vic- 
tims are the subject of another book'® along with more detailed 
instructions and suggestions. 


'© The Cure For All Cancers, by the same author, New Century 
Press 1993. 
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HIV and AIDS disease are very similar to cancer. That is 
why cancer is so often seen with HIV/AIDS. It is caused by the 
same parasite but the solvent is benzene instead of propyl alco- 
hol. 


HIV stands for 
Human Immunodeficiency Virus 


AIDS stands for 


Acquired Immune Deficiency Syndrome 


Many researchers believe HIV causes AIDS. I observe them 
both caused by parasites and solvents! 





When the body can no longer detoxify benzene it soon may 
not be able to detoxify propyl alcohol. Food mold, at the base of 
the propyl alcohol problem, is also at the base of the benzene 
problem. Zearalenone, a mycotoxin I find in popcorn, corn chips, 
and brown rice specifically inhibits detoxification of benzene. 
None of us should be eating these foods untested. 

Several common mold toxins inhibit the immune system, too, 
specifically those white blood cells that are supposed to eat and 
destroy viruses. Consequently, the HIV virus cannot be checked 
once it is introduced in the body. 

Benzene goes to the bone marrow where T-cells are made, 
and to the thymus where T-cells are programmed, two big blows 
to the immune system. 

Benzene, a most unthinkable pollutant, is widespread in ex- 
tremely small amounts. But when benzopyrenes are added, the 
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total is entirely too much for the liver and it begins to accumulate 
in your thymus. 





Fig. 43 Grilled food has benzopyrenes as do hot dogs and 
“smoke flavored” foods. 


Benzopyrenes are made right in your food by direct flame- 
heat. Grilled food, smoked food, hot dogs and lunch meats with 
“smoke flavor” all have benzopyrenes—even toast has it. Food 
fried in a skillet does not (even if you burn it black!). As the 
thymus deteriorates from its benzene burden so does your im- 
munity. 





Without benzene in your body 
you can't get AIDS. 


Without the intestinal fluke in your body 
you can't get HIV. 





After killing the parasite and its stages the HIV virus will be 
gone in 2 hours, almost as quickly as the cancer marker, ortho- 
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phospho-tyrosine. It is not necessary to zap the virus itself at 
365 KHz. 

But the AIDS is not gone. This depends on removing benzene 
from your body and keeping it out of your body. Keeping it out 
on alternate days or 5 days of the week will not suffice. It must 
be out consistently. Only then can your thymus and bone marrow 
recover. 

As your thymus recovers your immunity returns. Immunity to 
all the diseases that lurk at very low level in our bodies. They 
are already in us. We have accumulated them in a lifetime. 
Mumps, measles, chicken pox, CMV, Staphylococcus aureus, E. 
coli, are all there. Until now they have been controlled—kept 
down-by an ever vigilant immune system. If this system fails you 
are an easy target for any and all of these invaders. 


Method Of Treatment 


As soon as you find you are HIV positive, don't panic. It was 
inevitable. It is also inevitable for many others with unex- 
plainable risk factors. If you have a source of infection with the 
intestinal fluke and at the same time a source of benzene, HIV and 
AIDS are a logical result. You must stop the source of both. 

Purchase or make a zapper or use somebody's frequency 
generator (434 KHz to 421 KHz giving 3 minutes to each KHz). 
Kill your flukes immediately. Take vitamin 2 immediately to 
help detoxify benzene (three 100 mg. tablets 3 times a day, 9 
altogether). Zap daily until you feel completely well: no night 
sweats, no coughing, no symptoms of any kind. 

Remember parasites are all around us. We pick them up 
daily. And your weakened immune system lets everything gain a 
foothold in your body. Avoiding benzene will restore your 
immunity. Use the benzene pollution list to guide you. 
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Benzene Polluted Products 


THROW THESE OUT 


Your health is worth more than the fortune you spent on them! 





Flavored food, yogurt, 
jello, candies, throat loz- 
enges, store-bought cook- 
ies, cakes 

Cooking oil and shortening 
(use only olive oil, butter 
and lard) 

Bottled water, whether 
distilled, spring, mineral, 
or name brand. Bottled 
fruit juice. 

Cold cereal, including 
granola and health brands 
Toothpaste, including 
health brands 

Chewing gum 

Ice cream and frozen yo- 
gurt 

Pills and capsules. At least 
a third of all I test are 
polluted. This includes 
herbal extracts and pre- 
scription drugs. Test yours 
and switch brands until you 
find a safe one. 





Vaseline products 
(Noxzema™, Vick's™, Lip 
Therapy ™), chap stick, 
hand cleaners 

Vitamins and other health 
supplements, unless tested. 


Rice cakes, even the plain 
ones 

Personal lubricant, in- 
cluding lubricated condoms 
Baking soda and corn- 
starch (see Sources) 
Soaps, hand creams, skin 
creams, moisturizers 
Flavored pet food, both for 
cats and dogs 


Bird food made into cakes 
7 fi 


Fig. 44 Mexican made candy 
with no benzene. 


It is impossible for me to have tested 
every batch of every food and product, 
but so many test positive you simply can 
not risk any of the foods and products on 
the list. 

Learn to use the Syncrometer to do 
your own testing. While you are learn- 
ing, observe the rules perfectly. There is 
no half way measure with benzene. Take 
an attitude of over-compliance, not 
“getting away” with as much as possible. 
Over-compliance can bring back radiant 
health, strength you never knew you had, 
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Fig. 45 Pollutants are 
in unlikely places 


a beautiful normal body again! You will be able to resume your 
plans for education, professional life, personal relationships, 
free of the sword hanging over you. You will not be infectious to 
anybody. Let over-compliance enthuse you. 


SRP FET 


uP 
* «ihe 





Fig. 46 Every brand of popcorn and corn chips I tested had 
zearalenone contamination. 


There are 2 extra rules that help eliminate benzene buildup: 
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1. Never eat moldy or grilled foods including popcorn, corn 
chips, grocery store breads, pasta, nuts, alcoholic bever- 
ages, toast, brown rice (white is OK). 

2. Always take Vitamin B> (three 100 mg tablets three times a 
day) and vitamin C (1/8 tsp. with each meal). 


Plan For The Future 


After you are well again, you may wish to indulge in some 
philosophy. How did an obscure virus—a snail virus!—become a 
human virus? This is not so bizarre. After all, rabies virus comes 
to us from animals, and many encephalitis viruses come from 
mosquitoes. How did HIV spread so rapidly? How did a 
pollutant as dangerous as benzene get to be in our very food? Are 
other parasites getting set to spring on us? What must be done to 
protect ourselves and loved ones from future disasters? Would 
getting away from fossil fuel be a big answer? Would getting 
away from preoccupation with chemistry be a big answer? 
Would more disclosure of industrial practices be an answer? 
Should the government agencies responsible for food and product 
safety be depoliticized? Should public inspection of food 
manufacturing be a right? Should disclosure of foreign origins of 
food ingredients be mandatory? Would communicating with other 
cancer and AIDS survivors be useful? The computer age would 
make communication possible. Communication leads to answers. 
Answers might lead to new policies. Policies supported at the 
grass roots level can bring about change. 

Over 50 case histories of cured HIV victims are the subject 
of another book’? along with more detailed instructions and 
suggestions. 


"The Cure for HIV and AIDS, by the same author, New Century 
Press, 1993. 
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Curing The Common 
Cold 


Sometimes you can zap Adenovirus, the common cold virus, 
at 393 KHz for three minutes with a frequency generator and be 
rid of your cold, magically, in five minutes. But magic and luck 
are not really responsible for this. And most of the time the cold 
will reappear a few hours later. 

Homeopathy, too, can immediately banish your cold symp- 
toms. The reason is not mysterious either. But, this time, the cold 
reappears later in a different location. Choose the right 
homeopathic remedy for that, and you can chase it away again. 


Tapeworm Stage or Mites 


The fascinating story of how we really “catch” a cold kept 
me spellbound for a year. I was hot on the heels of Adenovirus 
wherever it might be in my body. Sometimes I saw it; sometimes 
I didn't. Sometimes I had cold symptoms; sometimes I didn't. 
Sometimes I could zap it; sometimes it did no good. 

It is now apparent to me that Adenovirus isn't our (a human) 
virus at all! It belongs to other parasites. Parasites as varied as 
tapeworm stages and mites. Perhaps it belongs to many other 
parasites, as well. My evidence comes from a tapeworm stage, 
cysticercus of Diphyllobothrium erinacea, the mites Sarcoptes 
and Dermatophagoides, and our own colon bacteria, E. coli. 

The tapeworm stage flies in the dust as eggs, you can trap 
these by setting out a pint jar with a little water in it. In three 
days' time you are likely to find its frequency near 487 KHz in 
your jar. You are also likely to find it on your kitchen sponge, 
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since you wipe up dust each day. To test it, place it in a plastic 
bag, wet it thoroughly and search from 510 KHz downward, one 
KHz at a time. The various tapeworm stages emit between 510 
and 440 KHz. 

If you have a household pet, you will always be able to find a 
tapeworm stage in your sponge or in a dust sample you collect 
from the table or kitchen counter in the morning. Gather dust with 
a damp bit of paper towel, put it in a plastic bag. Then wash your 
hands or you may accidentally eat some. 

This, of course, happens to every household member. Eating 
the dust off the tables, inhaling the dust, and eating off surfaces 
wiped by the kitchen sponge happens to everyone. And everyone 
“catches” colds. If you search for Adenovirus, though, in your 
dust sample, it isn't there! 

Similarly, you can search for the mites in your house dust. 
Search near the frequencies given for them. There is a good 
chance you will have one that is not given, because the list is so 
incomplete. Name it after yourself. Compare notes with others; 
maybe it is common, maybe it's a rare one. Again, you will not 
find Adenovirus beeping its characteristic frequency out of your 
mite specimen. Why not? Possibly, it is too faint; it must multiply 
and create a loud chorus before you can hear it. But multiply it 
will, if given a chance, in you. You must, of course, first eat or 
inhale the dust. 

Then the tape eggs hatch into the cysticercus stage, which 
promptly gets to the liver. Sometimes it gets to other organs, like 
the muscles, the spleen, the pancreas. Presumably the liver 
screened it out of the blood originally. 

Soon you will zap them, wherever they are. If you are using a 
slide specimen of cysticercus you can locate it in your body. If 
you are only listening to its beeps, you can't. If you can do both, 
you may be able to see which organ allows the virus to replicate 
after it emerges. Maybe only the respiratory organs do; maybe 
they start to replicate in the organ where they emerge, such as 
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the liver and then get to the respiratory tract. This is a fascinating 
avenue I have not yet explored. 

Mites are inhaled or swallowed or both, just as tapeworm 
eggs are. They are on your kitchen sponge, and in any food or 
dishes that stand uncovered anywhere in the home. Never drink 
water from a glass that has “stood out” all day. After finding one, 
you will notice it beeping in you for several days. Then the beep 
disappears; presumably the mite is dead. 

The tapeworm stage beeps may disappear in a few days, too, 
presumably dead. Except in cases of disease. Muscles that are 
diseased will take in the newcomer and allow it to survive add- 
ing to the parasites and pollutants already there! Evidently the 
immune power of such diseased locations is way down. 


On the day that the mite stops beeping, 


the day it dies, Adenovirus appears! 





Not many Adenovirus at first. You will need to search sev- 
eral times during the day to find it in your white blood cells. 
(And you have no symptoms, yet, either!) Is it a coincidence that 
Adenovirus appeared directly after a tapeworm stage or mite 
died? 

You can find out by waiting until a time when you have a 
tapeworm stage or mite and no Adenovirus. Then kill your 
tapeworm stage or mite by zapping for seven minutes. Within 
minutes after that, the beeping of the tapeworm stage or mite is 
gone and Adenovirus can be heard, loud and clear at 393 KHz! 
And minutes later you may feel a stuffy nose, a slight congestion 
developing, a certain head feeling that is different. You are 
“catching” a cold! 

Will you really get this cold? Will it become a full blown 
cold of the usual kind? After seeing this happen dozens of times 
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after killing a mite or tapeworm stage I concluded that Adenovi- 
rus really belongs to them; the virus is scuttling its dying host 
like people jumping off a sinking ship into the ocean. Our bodies 
are the ocean for them. They too, immediately swim and search 
for a hospitable island. Our respiratory tract is such an island; 
perhaps other organs, too. 


Yes, this “baby cold” will develop into a full blown cold if, 


but only if, you have a mold in you! 





Molds and Colds 


This is part two of the cold story. You may have Adenovi- 
ruses quietly slipping into your blood stream and tissues from a 
tapeworm stage or mite you inhaled, or E. coli bacteria that 
strayed into your tissues, and which is being slowly killed by 
your immune system. Your immune system can keep up with them 
quite easily provided you don't have a mold in you at the same 
time. The significance of the mold is that it lowers your 
immunity, specifically and generally. 


Mold eluded, is health improved. 


This has already been studied extensively for a number of 
food molds. There are a variety of ways that mold toxins lower 
immunity. Some simply kill white blood cells. Others seem to 
“bind and gag” them so they just can't go about eating viruses. 

So with mold toxins present, Adenovirus, fleeing the dead 
tapeworm stage, mite, or E. coli is not gobbled up. It has time to 
get to its favorite organ and enter the cells there. It may get in 
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your lungs if they're full of arsenic or formaldehyde, in your 
throat if it's full of mercury from your fillings, in your spinal cord 
if it's full of thallium. Sometimes you feel the viral attack, 
sometimes you don't. 

When E. coli is the source of your Adenovirus, a question 
pops up. Why don't you have a perpetual cold, since these bac- 
teria are always in your colon...and should be! As long as E. coli 
stays dutifully in your colon, no Adenovirus is seen. But as soon 
as any cross the colon wall to invade your body, your white 
blood cells pounce on them. After this, Adenovirus appears and 
again you are catching a cold. They may go to your internal or- 
gans where you don't feel them. 

One place you do feel an attack is in your respiratory tract: 
lungs, bronchi, sinuses, nose, Eustachian tubes, inner ear, eyes or 
head. And the size of the attack depends on whether you recently 
ate moldy food. 

Human food (in general, in the U.S.) is very, very moldy. We 
do not taste it because manufacturers have been using more and 
more flavorings in food. This covers up small amounts of mold 
or “off’ flavor. Measures to reduce mold are not effective 
enough. 

Bread is a good example. Calcium propionate is added to 
bread-stuff to inhibit molding. That's fine. But then the bread is 
encased in plastic to hold in moisture and keep it “fresh”. The 
moisture acts to incubate mold spores and overwhelms the in- 
hibitor. Vinegar is used instead of calcium propionate in some 
breads but, again, the plastic ruins its effectiveness. 

Another good mold inhibitor is lime water. This is used in 
making tortillas. None of the old fashioned tortillas (made with 
just corn, water, lime) that I tested had any mold, even without 
propionate added! Other tortillas made of flour and calcium 
propionate frequently had molds. 
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Fig. 47 This Mexican bread has no molds. It is made from 
white, unbleached flour and is not wrapped in plastic. 


Bread is such a staple we must correct its mold problem 
immediately. The two likely sources for the mold spores are: in 
the flour to begin with, or just flying about the bakery and landing 
on the newly baked loaves. Bread flour in the grocery store is 
quite free of mold spores, so maybe it is the bakery that needs to 
change. Perhaps it is not possible to bake 24 hours a day in the 
same building, year after year, without bits of flour and moisture 
accumulating in the millions of tiny cracks and crevices that all 
buildings have and germinating mold. Yet bread from small 
neighborhood bakeries does not have mold! 
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Only buy fresh bread not wrapped in plastic. 


As soon as you feel a cold coming, ask yourself: what did 
you eat recently that might have been moldy? Cold cereal, hot 
cereal, bread, crackers, cookies, rice, other grains, fresh fruit, 
store bought fruit juice, nuts, syrups, pasta, honey? This takes up 
a large part of any person's diet, even in a single meal. The 
answer is yes, no doubt you ate moldy food recently. 

So you can't catch a cold directly from some sneezy com- 
panion, or E. coli, or tapeworm stages, or mites. You have to eat 
moldy food first. This lowers your immunity, allowing any 
Adenovirus to invade your weakest tissues. If that happens to be 
your respiratory system, you get classic symptoms. (Those same 
“cold” symptoms can be caused by bacteria, for which I have 
preliminary evidence of arriving in a similar fashion.) 

As fascinating as this whole story is, the bottom line is: how 
can you stop a cold, in record time? 


The Cure 


Remember, zapping does not kill your cells. So anything 
hiding in them will not be harmed by the electric current either. 
Viruses live inside your cells while they reproduce. You can 
only kill the outsiders: those stuck in your cell gateways. The rest 
will be killed by your own cells in time. Not much time. Five or 
six hours at most. Your cells do it with mucous secretion, 
inflammation and other unknown ways. So zapping is an 
imperfect solution. 

Using a frequency generator to electrocute Adenovirus (393 
KHz for three minutes) is not effective either because you are 
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not killing the mites and tapeworm stages at the same time, and 
the Adenoviruses are coming from them. 
The best advice to stop a cold is to: 

1. Eat sterile food for 24 hours. Follow the Mold Free Diet 
on page 365. Do not eat one questionable item. 

2. Take vitamin C (10 grams or 2 tsp.), a B50 complex (2 
tablets), and niacinamide (3 500 mg tablets) to help de- 
toxify the mycotoxins already in you. See Sources. It will 
still take five or six hours for your white blood cells to re- 
cover their ability to capture viruses, for the “gag” to wear 
off. 

3. Zap for seven minutes, killing all viruses, tapeworm stages 
and mites together. Wait twenty minutes to let viruses and 
bacteria in the dead larger parasites emerge. Zap a second 
time for seven minutes to kill those viruses and bacteria. 
Wait twenty minutes to let any viruses infecting the killed 
bacteria emerge. Zap a third time for seven minutes to kill 
the last viruses. 

4. Now you need only wait for your tissues to decongest and 
stop making mucous, etc. 

5. Immediately start the Bowel Program (page 546) in case 
yours is an E. coli cold. You can't, and wouldn't want to, 
kill all the bacteria in your bowel. Zapping kills the escap- 
ees, though, to give a bit of relief, and the Bowel Program 
stops the invasive E. coli. 

6. Do additional zapping as time permits until the Bowel 
Program has stemmed the invasion. 


In five or six hours your cold could be gone. 


Of all these measures, stopping mold consumption is the 
most important. If you eat peanut butter now, your cold will 


364 


CURING THE COMMON COLD 


return with a vengeance. If you eat cheese it will add Salmonella 
to your illness and you may develop a fever. Your own immune 
system is the most powerful cold killer, so stop handicapping it. 

Test yourself for the presence of molds to see if you are ac- 
complishing your goal. The various molds I have tested had these 
emitting frequencies: 77, 88, 100, 126, 133, 177, 181, 188, 232, 
242, 277, 288, 295 KHz. 

In about five hours, some relief will be felt. The time it takes 
depends on how much mold you ate. But if you stop immediately 
and eat only perfectly safe food, your illness will be over in the 
shortest time. Shorter than merely zapping. 


Mold Free Diet 


Stick to this for 24 hours, even if you feel better much sooner. 


Before starting to cook sterilize your kitchen sponge 





(microwave it for three minutes), and wash hands. 


Breakfast 


¢ 1 or 2 eggs any style. The egg carton and egg exterior have 
Salmonella on them, so remove the eggs, replace the 
carton, wash the exterior of the eggs and then your hands 
again before cracking them. You don't want a Salmonella 
infection added to your cold. 

¢ Hash brown potatoes 

¢ Pancakes or waffles with artificial maple syrup made with 
brown sugar and vitamin C. 

¢ 1 cup herb tea with vitamin C, cinnamon, or other spice. 
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The extreme alternative of ascention (transvibration) of some 1.2% of people of planet Earth is through evacuation by the Cosmic people - Heavenly Angels onto their space ships (see the pic.) 
Another alternative is the spontaneous transvibration together with planet Earth (3 - 5 days of darkness and without electricity, no need to stockpile - vital functions will be slowed down). 


People NEED NOT transvibrate (and thus leave this place) all AT THE SAME TIME; tens of thousands of people were already taken onto the space ships from DISTRESSED AREAS (earthquakes 
- 6.g. Turkey, war conflicts - e.g. the Middle East, etc.). Others may transvibrate e.g. in 2 EVACUATION WAVES (at night, mostly in sleep). Another ones may leave this space through DIMENSIONAL 
TUNNELS - GATES, either NATURAL (in Czech republic - e.g. Rip, Hostyn and many others) or ARTIFICIAL ones (created by the Cosmic people - near cities & towns, for example). 


The transvibration to higher dimension means continuation of human life in much higher quality, more spiritual conditions in a new society without money, wars, politics, manipulation and control, 
i.e. without slavery being so inherent and common here in the 3" dimension of planet Earth under the command of the negative state - the pseudo-creators, saurians and evil spirits. 


ONLY LOVING and BELIEVING people (who have their 4" - heart chakra opened) are able to transvibrate to higher dimension of planet Earth in the forthcoming years. These are the ones who will 
have fulfilled their POSITIVE MISSION chosen by them voluntarily prior to their birth — that is, THE POSITIVE LIFE and, in addition, some people have also chosen to be active in the fields of 
HEALING, MEDITATION or TELEINFORMATION. These are the CONDITIONS FOR TRANSVIBRATION. 


Remaining 98% of people will continue to build with great interest and engagement from their own free will the FULLNESS OF THE NEGATIVE STATE together with the saurians/reptilians, evil 
spirits and their bosses — the pseudo-creators, who will control these people at 99.9% (in contrast to today’s 90% control — year 2010) via microchips in people’s bodies. The purpose of this situation 
is an excellent SPIRITUAL LESSON AND LEARNING (on one’s own skin, so to speak) WHAT NOT TO CHOOSE - life WITHOUT LOVE, thus LIFE WITHOUT COOPERATION AND CO-CREATION 
WITH THE PRIME CREATOR OF ALL AND EVERYBODY, THE LORD JESUS CHRIST, who has permitted this situation to happen (see books of NEW REVELATION). Message 1570. 


Pic. 467 EN angels-light.org angels-heaven.org cosmic-people.com himmels-engel.de andele-nebe.cz —_- vesmirni-lide.cz angeles-luz.es angely-sveta.ru 





THE CURE FoR ALL DISEASES 


Water with a tsp. of vinegar and honey. 


Lunch 


Soup without noodles, without rice or any grain product. 
Homemade biscuits or bakery bread with butter. 
Homemade pudding or custard, all ingredients well 
cooked. 


Supper 


Well cooked fish or seafood (canned O.K., like sardines, 
salmon and tuna). 

Fresh green vegetables, in perfect condition. 

Cooked vegetables with olive oil and salt (pure, see 
Sources). 

Canned beans, any variety. 

Baked or boiled potato (don't eat skin) with olive oil and 
salt as described on page 310. 

Hot water with whipping cream and cinnamon. 

A perfectly unblemished banana. 

Water with lemon. 


You can “mix and match” these safe foods. If you get a hefty 


dose of mold at the outset of your cold, the toxicity lasts quite a 
long time. Repeat the diet the next day and the next until you are 
well. In animal experiments reported by scientists, toxicity from 
mold usually lasted three weeks. Sometimes the real damage was 
only seen after three weeks! Keep up your vigilance. When you 
decide to take some risks, make sure vitamin C has been added 
to the new food and mixed with it thoroughly. 
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Fig. 48 Goods baked in a panaderia (Mexican style bakery) 
never tested positive to molds. 
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Prevention 


What is the best way to prevent a cold? Stop eating moldy 
food. We were never meant to eat rotting, spoiling food. We 
were meant to be repelled by the bad odor, the bad appearance, 
the bad taste. Our parents were supposed to teach us in childhood 
to distinguish between good and bad food. This system no longer 
works. By mixing spoiled food with good food, by adding 
flavors and changing the food consistency, parents can't 
distinguish substandard foods, nor teach their children to. 

We rely on government agency assurances, like beef grades, 
expiration dates, approved food colors and additives. And when 
they fail? We land in a debacle such as the present one, where 
large segments of society are ill with uncontrollable behavior 
(called crime), suffer from hormone imbalances and sexual dis- 
turbances, are sidelined by chronic fatigue and new illness. But 
the greatest social disaster is lowered immunity—AIDS. 

We cannot individually control the destiny of our species. 
But we can get ourselves out of the path of the falling human tide. 
We can dissent. We can say NO to rotten moldy food. 

What about exposure to a cold? Won't you catch one if you're 
in a roomful of coughing, sneezing people? Or you shake hands 
with a coughing, sneezing person? Or you drink from the same 
glass as a person with a cold? Or your child plays with the same 
toys as sick children? 

Yes, you will catch the virus, but you won't get sick. If you 
are tracking Adenovirus using the electronic techniques in this 
book, you will see that it infects you immediately after eating 
coughed-on food. It stays in you about twenty minutes. Then it 
disappears, evidently eaten up by your white blood cells, pro- 
vided there is no mold toxin in you. But if you do have a mold 
toxin in you, the virus spreads, multiplies and gives you a cold! I 
have only followed Adenovirus behavior. There are numerous 


368 


CURING THE COMMON COLD 


other “cold bugs” left for you to track. Each illness in your family 
could provide you with a specimen to research. 

This throws light on self infection, too. When we cough into 
our hands and then eat with them, we self-infect. But it only 
makes us sicker if we harbor molds. 


Curing Symptoms 


Cold symptoms alone can be cured much faster than the cold. 
Taking drugs proves that. Most of the drugs on the market can 
cure some symptoms in less than one hour. But not without a 
price, such as a harmful side effect. 

Homeopathy can cure cold symptoms too, without side ef- 
fects. There are three or four favorite homeopathic remedies for 
colds and eight or nine less common ones. To use them you read 
the symptoms listed and take the remedy with the closest match. 





Homeopathic Remedy For These Symptoms 
Allium clear runny nose with burning of lips or eyes 
Belladonna high fever cold with flushed face, throbbing head 

















Kali bi thick post nasal drip, colored discharge, sinus 
headache 
Spongia croupy cough 


Fig. 49 Starter set of homeopathic remedies. 


There are lots more remedies with fascinating symptoms to 
try to match with your own. Books suggest that you start with a 
6X or a 12X remedy, but success is more certain with 30X. Use 
three remedies simultaneously. If you get total relief at some 
point, stop. If the cold has moved or won’t budge, try another set 
of three after an hour. Don’t take them within 15 minutes of 
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food or anything else. Homeopathy makes very interesting 
reading. 

Homeopaths say they stimulate the immune system specifi- 
cally. My results show they do much more. They go right to the 
gateways of your cells and evict the tiny parasite, bacteria or 
virus stuck to the latch and trying to get in. Your immune system 
would be able to gobble them all up if they weren't gagged by the 
food mold you ate. 

Different homeopathic remedies go to different tissues, so 
you can only clear one tissue at a time. If you plan on trying this 
for yourself, order the set of cold remedies listed above (see 
Sources). The homeopathic method would be a beautiful cold 
cure if it weren't for the mold intrusion. 

Herbs, too, can cure symptoms rather quickly. Elderberry 
tea mixed with peppermint is cited in herbal textbooks and it 
could probably do a lot if it weren't for the mold immuno- 
suppression. If you plan on trying these start with a set of thyme, 
fenugreek, sage (for throat). Since both herbs and homeopathic 
remedies work on the principle of ejection, they could eject each 
other. Maybe the last one to arrive takes over. This is an exciting 
field for you to explore. 

Ultimately, the length of time your own white blood cells are 
bound and gagged decides how soon you are really cured of your 
cold. Remember taking vitamin C (10 grams or more) helps 
detoxify the molds. If you find a recipe that works for everybody 
in less than five hours, be sure to let everybody know. 


True Origins Of Viruses 


Your body can eliminate any virus in a short time, such as 
hours or days. It can even keep up with a steady stream that is 
coming from tapeworm stages! 
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Let us apply these new insights to several diseases we are 
familiar with. Let us speculate what could really be happening. 

Epstein Barre Virus (EBV) is a mysterious disease because 
in spite of building up antibodies, it attacks repeatedly. I only see 
EBV if the person also has Eurytrema (pancreatic fluke) in the 
pancreas. When the fluke is gone, I no longer find EBV in the 
white blood cells. This suggests that the virus comes from the 
fluke. As each fluke dies and is finally removed, the body's white 
blood cells can catch up with the viruses and you begin to feel 
better again, which can be as quick as one day. But reinfection 
with an EBV-carrying Eurytrema (plus a wood alcohol 
containing beverage to allow the fluke to go to the pancreas) can 
spark the next recurrence. 

Shingles is a recurrence of chicken pox. I always find As- 
caris in persons with shingles! Unfortunately, killing the Ascaris 
does not cure shingles. Herpes Zoster (the shingles/chicken pox 
virus) is known to hide in nerve cells. Perhaps Ascaris facilitates 
it's release, or simply suppresses the immune system in a way 
that allows it to suddenly multiply. 

Polio was once a scourge. At that time, we can theorize that a 
new large parasite was making its appearance. Was a new 
animal association taking place in the early 1900's? Life was 
indeed becoming more urban with horse manure on all streets. 
Owning a dog for a house pet was becoming an acceptable life- 
style. Could the tapeworms of these animals give us a tapeworm 
stage that hosts polio virus? Many polio sufferers also had mi- 
graines. These are caused by Strongyloides, a horse threadworm. 
Does Strongyloides host polio virus? 

The HIV virus infects us during the time the intestinal fluke, 
Fasciolopsis buskii, is being hosted. Persons test negative to 
HIV shortly after the fluke and its stages are eliminated. 

Coxsackie viruses give us some of our encephalitises. I never 
see Coxsackie viruses without the bacteria, Bacteroides 
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fragilis, and I never see Bacteroides fragilis without Ascaris (a 
roundworm.) I conclude that one lives inside the other! 

We may be deriving viruses from all the roundworms, flukes, 
tapeworms and bacteria that infect us! It would be a fascinating 
study, simply to examine each of these parasites singly, searching 
for their viruses with an electron microscope. They could also be 
searched for using immunological methods. 

Fortunately, your health improvement does not need to wait 
on such studies. Your electronic technique can detect them in 
your body long before you are made ill by them. You don't need 
to know their hosts in order to stop hosting them yourself. 

It is a time of great change for this planet as pollution spreads 
from pole to pole. The growth of industrial activity, mining, 
chemical manufacturing, the food “industry”, and personal habits 
like smoking have spread new chemicals to every corner of the 
globe. The element polonium, which is radioactive and in 
tobacco smoke, is harmful to human lungs, but may not be harmful 
to a small lung parasite, like Pneumocystis carnii. 

Benzene, which is a solvent and extremely harmful to hu- 
mans, may not be harmful to fluke parasites living within us. 
Propyl alcohol facilitates the intestinal fluke but is toxic to us. 

Parasites are doing abnormal things. Is this because of 
pollution? 

The tables are gradually being turned against us in favor of 
our parasites and pathogens. Such large changes are called 
evolutionary. Is the human species doomed, or will some of us 
“adapt”. Will some of us survive to pass on our “better” genes to 
a new population of cancer-resistant, AIDS-resistant, Alz- 
heimer's-resistant, etc.-resistant humans? How many of us will 
die trying? 


The common cold should not be so common! 





ees 


Body Wisdom and Why 
Bad Food Tastes Good 


Don't let yourself eat junk food just because your body craves 
something in it. Try to figure out what it is your body craves. 
Could it be fat? Could it be salt? Could it be starch? 


Salt 


If it's salt, you might also love popcorn and other salty food. 
This implicates the adrenal glands. Maybe they're letting too 
much salt (sodium chloride) leave the body through the kidneys. 
Maybe they're letting too much potassium chloride through, too. 
A diuretic pill could certainly have a similar effect. 

Help the adrenal glands do their job of regulating sodium and 
potassium chloride by cleaning them up. Let salt-hunger be your 
signal to do a kidney cleanse (page 549). This will clean 
adrenals too. Even a slight drop in sodium and potassium chlo- 
ride in the blood (body fluids) can make you too fatigued to tie 
your own shoelaces. 

Remember, when your body craves potato chips, it craves 
something in the potato chips. If you let yourself eat highly salted 
food while you're giving the adrenals a clean up, at least add 
potassium chloride to your diet. Make yourself a mixture of equal 
parts of sodium chloride and potassium chloride. Part of salt 
hunger is actually potassium hunger. Let your body (your taste) 
decide on the amount of potassium chloride to add. Maybe one 
part potassium chloride to two or three parts sodium chloride is 
a better mixture for you. After mixing, store it in the original 
containers (re-label them) to prevent caking. If you put 
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it in an ordinary salt shaker, it will cake soon. Use a shaker with 
a lid that closes. 


Fats 


Maybe you like French fries because of the fat. If you deprive 
yourself of the “good” normal greases that come from plant or 
animal sources which would ordinarily make up 25% of your 
calories, of course you'll crave grease. But what a bad trade it is. 
Now you are getting lab-made (hydrogenated) grease with a non- 
biological structure, and loaded with the carcinogen nickel. 

So if you're body tells you that you need grease, go back to 
olive oil, butter, cheese (baked only), lard, avocados, nuts and 
nut butters (homemade only) and seeds. Humankind has been 
eating these natural fats long before cholesterol was vilified. The 
key to cholesterol control is not fat avoidance, but a liver 
cleanse! 


Starch 


If switching to natural greases doesn't satisfy your “‘fat-tooth’’, 
maybe its the potato in the French fries that your body craves. 
Plain, pure starch. Do you also love bread and pasta (more pure 
starch though very inferior to potatoes)? Pure starch is very easy 
to digest and has a large adsorptive capability for toxins. In fact, 
if any family member should accidentally eat something 
poisonous, drinking cornstarch will quickly mop it up and keep it 
stuck so it can't enter your tissues. (This doesn't work for all 
poisons.) By craving pure starches, your body could be telling 
you about a need to improve your digestion (liver disorders) or 
to eat and breathe less toxic things. 
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Maybe a stomach-full of baby Ascaris is telling you to eat 
only food that doesn't need a lot of acid: "just potatoes, bread and 
pasta, please, and skip the sauce.” Ascaris inhibits acid pro- 
duction by the stomach. This can result in an aversion to meat. 

It doesn't take much acid to digest pure starch and get it on its 
way out of the stomach. And out of the stomach means relief: 
relief of the pressure on the diaphragm and liver, heartburn, that 
too-full feeling, and other digestive disturbances. 


Sugar 


Your body runs on sugar. If you are short on sugar it will turn 
fat into sugar. If you are short on both, it will turn your muscles 
into sugar. However eating more sugar doesn't cure the craving. 
You have to find out why you are so short, in spite of eating it. 

The first thing to try is 1 mg chromium (five 200 mcg tablets, 
see Sources) per day. If you still crave sugar after a week the 
problem is something else. Perhaps you have pancreatic flukes 
upsetting your sugar regulation. Kill them and go off commercial 
beverages that may contain wood alcohol. Sugar regulation is 
very complex, but these two approaches help most of the time. 


Dislikes 


Respect your body's opinion when it says, “No, I don't want 
to eat that.” Our education about nutritive value of food may be 
sound but there are other facts to consider. We should take a 
lesson from nursing babies: when they refuse to nurse, there is 
something unpalatable in the mother's milk. Usually the mother 
has eaten onions or members of the cabbage family. The baby 
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tries it once, and learns to reject it immediately. The baby's liver, 
in its wisdom, does not want the baby to eat what it can't 
properly digest. The mother may feel: “Now, this breast milk is 
good for you and drink it you must, or you shall go hungry.” 
Unfortunately, this works for 2-year-olds and up. They are forced 
to eat carrots, peas, and other vegetables; vegetables that taste 
terrible, (modern agriculture has ruined the flavor). They alone 
taste the bitterness of PIT, a cyanide-related chemical, and very 
difficult for the liver to metabolize. Broccoli and onions may 
burn the tongue with its sulfur-containing acids. Green beans, 
onions, garlic, eggplant, all have unique chemicals in them. If you 
or your child are not ready to eat them, avoid them carefully, so 
you don't get a surprise dose of the toxic chemical. 

The more mold a child eats, inadvertently, in peanut butter, 
bread, potato chips, syrups, the less capable the liver is of de- 
toxifying foods. This will certainly increase the “pickiness” of a 
child's appetite. If your child has too many foods on her or his 
personal “off list’, let this signal you to improve liver function. 
Stop the barrage of chemicals that comes with cold cereals, 
canned soup, grocery bread, instant cheese dishes, artificially 
flavored gelatin, canned whipped cream, fancy yogurts and 
cookies or chips. Move to a simpler diet, cooked cereal with 
honey, cinnamon and whipping cream (only 4 ingredients), milk 
(boiled), bakery bread, canned tuna or salmon, plain cooked or 
fried potatoes with butter, and slices of raw vegetables and fruit 
without any sauces, except honey or homemade tomato sauce, to 
dip into. 

It is frustrating to cook “a fine meal” for the family and find 
everybody likes it except Ms. Picky. The good news is that she 
can usually think of something she would rather eat. If it's nu- 
tritious, be thankful. If it's not say No. 

Adults should hide their junk food, including everything off 
limits to children. Don't “hide” your junk food in the refrigerator 
and lower level cupboards! Treat yourself as well as your 
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child. If a food tastes bad, don't eat it. If you crave it, try to un- 
derstand the message. 


Outwit The Cravings 


Here are some examples. Suppose you crave these items: 


¢ Pickles. They supply vinegar and are often loved by per- 
sons with little acid in their stomachs or a lot of yeast 
(vinegar is a yeast inhibitor). Start drinking water with 
lemon juice or vinegar and honey. 

¢ Bacon. The fat soothes the stomach and slows down di- 
gestion. Switch to butter and cream, with meals. 

¢ Sugar coated cereals. Loved by persons with disturbed 
sugar regulation. Kill parasites, avoid wood alcohol, use 
chromium tablets and a lot of cinnamon. 

¢ Crunchy munchies. Your jaw and teeth want some work to 
do. Try salads, an apple, raw sunflower seeds (beware of 
moldy seeds, nuts and dried fruit). 

¢ Ice cream. Ice cold food stimulates the thyroid; loved by 
low thyroid persons. Clean up the thyroid by doing dental 
work and liver cleanses. 

¢ Caffeine-laced beverages. Stimulate many body tissues, 
raise blood pressure. Loved by low energy people. Do a 
general body and environment cleanup. (There are people 
who say coffee puts them to sleep. Insomnia has better 
solutions than caffeine, though.) 

¢ Candy. The more you eat the more you crave because 
chromium is being used up as you eat it and yet it is nec- 
essary to utilize more sugar. Give yourself chromium 
(GTF) tablets totaling 1 mg. (1,000 mcg.) a day and watch 
your sugar craving shrink. 

¢ Pretzels. You want salt plus crunch. 
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¢ Potato chips. You want salt, grease, starch and crunch. No 
wonder they are so popular! 


If your body still has its wisdom, or most of it, why can't it 
detect the mold in peanuts, crackers and bread for us? There is a 
very sound reason. Our food manufacturers have gone to great 
lengths to fool our native senses. Salt and sugar, roasting and 
flavoring, do most of it. 

Your body is accustomed, natively, to interpret sugar, salt, 
and flavors as “good, good, good.” Of course, the mold is “bad, 
bad, bad.” But when you mix them, what is your body to read? 
The “goods” always win; manufacturers don't stop until they do. 
More flavorings are added. The result is that you can be eating 
rotten moldy food without knowing it. 

Food that is predominantly concocted can't be interpreted by 
your body wisdom. You must use your second-best ally, your 
intelligence. 

How would you interpret these situations, taken from real 
life: 


e An elderly person can't stand butter, wants and enjoys 
margarine. 

¢ Achild prefers canned spaghetti for the real thing. 

e A child wants to eat only sweets, everything else must be 
coaxed down. 

e A young man needs “his” beer to enjoy a cook-out. 

e A young man with serious mental illness drinks half a 
gallon of Mellow Yellow™ a day. 

¢ Acchild wants ketchup on everything. 

e A pregnant woman puts herself on a pickled pigs feet and 
white bread diet. 
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Back To Normal 


Body wisdom was not meant to substitute for parental 
teaching. They must both be there. But when there is conflict, 
trust your wisdom. Will you ever get your primitive body wis- 
dom back and enjoy vegetables, fruit, simple styles of cooking 
and baking them? Yes, to a considerable extent. You'll hold your 
nose at all seeds and nuts and most flour (they smell so rancid). 
You'll back away from cookies and cakes, especially icing (they 
taste like you imagine shortening tastes). You'll retreat from deep 
fat fried foods: the dripping grease will just undo the appetite. 
You'll say “No thanks” to canned food and metal cutlery (you can 
taste the metal now). You'd have to force yourself to eat grocery 
bread (it's so doughy and sour smelling). Wheat germ smells 
terrible (rancidity). Even vitamin tablets may smell awful. 

Has life been ruined, now that plain potatoes and butter taste 
good? Your body wisdom has returned. You are the true gourmet. 
It is as different as corn on the cob is from the canned variety. 
Perhaps you are “spoiled” now by eating un-rotten food. Accept 
the charge with humor and dignity—as long as you're not 
expected to eat any more spoiled, moldy food. 


Toxic Food 


Grilled food develops benzopyrenes in it that are very toxic. 
In an age of lowered immunity, it makes little sense to de- 
liberately poison the food with benzopyrenes. Especially for 
children, who will be faced with new viruses and parasites in 
their lifetimes. Will they be able to overcome them or succumb at 
middle age? Only the strength of their immune system decides 
this. 
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Benzopyrenes must be detoxified using the liver's valuable 
benzene-detoxification system. With so many benzene-polluted 
items, there is hardly enough detoxification capability to get it all 
taken care of. NAD enzymes (the N stands for niacin) come into 
play too. These are essential for alcohol detoxification. If you 
have consumed alcohol, like a can of beer, NAD enzymes must 
be shared between the alcohol in the beer and the benzene in the 
beer. It takes longer to detoxify both the benzene and alcohol. 
The time delay is a time of lowered immunity and facilitates a 
growth spurt for parasites and pathogens. 

Foods that are raised to very high temperatures, made possi- 
ble with a microwave oven, produce benzopyrenes. Ordinary 
bread-toasters can do this too! Old fashioned toasters had a layer 
of metal separating the bread from the wires. Toasting bread in a 
frying pan or a stove top surface protects it too. But your stove 
grill, whether electric or flame, will produce benzopyrenes in 
your food unless there is a separating wall between them. 

It does not matter what kind of fuel is used, the benzopyrenes 
develop due to lack of shielding between the food and heat 
source. A metal wall between them absorbs some of the heat. 

Do not burn your food in a microwave oven. Since the tem- 
perature may go higher than your regular oven, you can produce 
benzopyrenes. Your regular oven is thermostated so that it cannot 
go higher than it states. Baking and browning is never done 
above 425°F. This is your safety feature. If anything in your 
microwave has turned dark brown or black or has melted plastic, 
throw it out! 

Supplements that help your body to detoxify the benzopyrenes 
are: 

1. Niacin or niacinamide. These are NAD-builders. Take 50 
mg with each meal. 
2. Vitamin By» (riboflavin). Take 50 mg with each meal. 
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For unpolluted vitamins see Sources. 

It would be wise to teach children the habits that maximize 
their immune strength. Avoiding food toxins that are specifically 
immune-lowering is most important. Besides the benzopyrenes, 
certain mold toxins and solvents do this and are found in foods. 


Moldy Food 


Everything that's animal or vegetable can get moldy. While 
living things are alive, the mold attackers can be held at bay. As 
soon as they are dead, molding begins. First it molds; then bac- 
terial action sets in. This is what makes things biodegradable. It 
is a precious phenomenon. It does away with filth—in an exqui- 
site manner. Without mold and decay the streets of New York 
would still be full of horse manure from the days of the horse and 
buggy and our lakes too full of dead fish to swim in. 

Every grain has its molds; every fruit has its molds; tea and 
coffee plants have their molds; as do all herbs, and vegetables. 
Nuts have their molds; nuts grown in the ground (peanuts) are 
especially moldy because the earth is so full of mold spores. But 
the wind carries these spores high up into trees, and even up to 
the stratosphere. Molds are not very choosy. They have their 
preference for certain plants and conditions. But the same molds 
can grow on many plants. This is why aflatoxin, for instance, is 
found not just in your cereal, bread and pasta but in nuts, maple 
syrup, orange juice, vinegar, wine, etc. Where is it not? It is not 
in dairy products or fresh fruit and vegetables, provided you 
wash the outside. It is not in meat, eggs, and fish. It is not in 
water. 

Although I find aflatoxin in commercial bread, I do not find it 
in carefully screened wheat that has had its discolored, shriveled 
seeds removed before using it for making bread, cereals 
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and noodles. It is not in baked goods bought at bakeries, left open 
to air. Evidently the system of wrapping baked goods in plastic 
keeps moisture trapped and starts the molding process. In spite of 
adding mold inhibitors, American bread-stuff is far inferior to 
Mexican baked goods in which I do not find aflatoxin! 

Here is some good news for cooks: if you bake it yourself, 
adding a bit of vitamin C to the dough, your breads will be mold 
free for an extended period (and rise higher). 


Aflatoxin 


What is so important about molds? Some of them produce 
very, very toxic chemicals wherever they grow. They produce 
some of the most toxic chemicals known to exist. Aflatoxin is one 
of these. My tests show it is always present in cancer patients; in 
other words it has built up due to the body's inability to detoxify 
it in a reasonable time. A great deal of research has been done on 
aflatoxin. Any library would have more information. 

Aflatoxin reaches the liver and simply kills portions of it. 
After a hefty dose the liver is weakened for a long time— 
possibly years. Hepatitis and cirrhosis cases always reveal afla- 
toxin. The liver fights hard to detoxify aflatoxin and manage its 
own survival. It manages for 2 to 3 weeks; then a portion of it 
succumbs. So the toxic effects of a dose of aflatoxin aren't even 
noticeable for several weeks! And without a taste or smell to 
guide you, how would you know to stop eating the moldy peanut 
butter or spaghetti? The answer is: 


. make and bake things for yourself 

. test the things you dearly love but can't make 
. treat things that are treatable for molds 

. throw the rest out of your diet 


BRWN Re 
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Treatments mentioned in the industrial research journals are 
hydrogen peroxide, strong alkali such as lime-water, metabisul- 
fite (a common reducing agent) and high heat. I have tried heat 
and vitamin C, which is also a reducing agent. 

Just heating a food to the boiling point does not kill the 
molds. Boiling for many minutes at a higher temperature or 
baking does kill them (but not ergot, another mold) and also de- 
stroys aflatoxin they produced and left in the food. For foods you 
can't heat that high, for example nuts that are already roasted, or 
vinegar, vitamin C comes to the rescue. I suppose it acts a lot 
like the bisulfite; chemically destroying the mold _ toxin 
molecules. 


Eradicating Aflatoxin 


Simply sprinkling vitamin C over roasted nuts is not effec- 
tive because the molds have penetrated the surface. Rinse the 
nuts in water first (a lot of mold is removed in this simple way). 
Cover the nuts with water, add about % tsp. vitamin C powder 
(for a pint of nuts) and mix. Let stand for 5 minutes. The water 
penetrates the nuts, taking the vitamin C with it and detoxifies 
them. Pour off the water and dry the nuts in the oven at low heat. 
(Don't burn them or you will make benzopyrenes.) 

Rice and pastas can be demolded partly by cooking and 
partly by adding vitamin C before or after cooking. There is no 
need to add so much it affects the flavor. Brown rice is espe- 
cially moldy. 

Vinegars can simply have vitamin C added and placed in the 
refrigerator. 

Honey can be warmed and treated the same way (14 tsp. per 
pint). 

Bread cannot be salvaged. Switch to bakery breads or 
homemade. Use it up in a few days, left in its paper bag. Or slice 
and place in a plastic bag in the freezer. 


383 


THE CURE FOR ALL DISEASES 


Since all foods have both their own and others' molds, there 
must be thousands of molds. Very many have been studied be- 
sides aflatoxin producers. 


Zearalenone 


Zearalenone, an anabolic and uterotrophic metabolite, is fre- 
quently found in commercial cereal grains and in processed 
foods and feeds, and is often reported as causative agent of 
naturally occurring hyperestrogenism and infertility in swine, 
poultry and cattle.'® 


What this means is, in animals, ‘“‘zear” looks likes extra es- 
trogen to the body. Does it affect humans the same way? Are high 
estrogen levels a problem for us? I find nearly every breast 
cancer case shows a too-high estrogen level for years before the 
cancer is found! It starts females maturing too early, too. It could 
cause PMS, ovarian cysts and infertility. Not everybody gets all 
of these effects. And what is the effect on men and boys of eating 
an estrogen-like mycotoxin in their daily diet? This female 
hormone could have a drastic effect on the maturing process even 
in small amounts. 

Zearalenone ("zear") and aflatoxin both have immune low- 
ering effects. Zearalenone can induce thymic atrophy and 
macrophage activation.'? If you have low immunity (low T- 





'8 Bottalico, A., Lerario, P., and Visconti, A., Production of 
Zearalenone, Trichothecenes and Moniliformin By Fusarium Species 
From Cereals, In Italy. From Toxigenic Fungi, Vol 7, edited by H. 
Kurata and Y. Ueno, copublished by Kodansha Ltd, Tokyo and El- 
sevier Science Publishers B.V., Amsterdam, 1984, page 199. 

'9 Luster, M.I., Boorman, GA., Korach, K.S., Dieter, M.P., and 
Hong, L. 1984. Myelotoxicity toxicity resulting from exogenous estro- 


gens evidence for bimodal mechanism of action. Int. J. Immunophar- 
macol. 6:287-297. 
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cells, low white blood cell count, and so forth), immediately go 
off moldy food suspects. 

“Zear’ is the mycotoxin that prevents you from detoxifying 
benzene. Every AIDS sufferer I see has a crippled ability to de- 
toxify benzene; they also have zear! 

The main zear sources I have found so far are popcorn, corn 
chips, and brown rice. But it was absent in fresh corn, canned 
corn, corn tortillas, and white rice, making me wonder how it 
gets in our processed corn products. 


Sterigmatocystin 


Sterigmatocystin 
(“sterig”) is plentiful in 
pasta. Emphasize baked 
pasta dishes, not boiled. 
This raises the temperature 
much higher than boiling. 
Better yet, make your own 
pasta with a pasta maker. 
U.S. bread flour is quite 
free of mold; the mold in 
our pastas must come from 
using inferior quality flour. 
Always add vitamin C to Fig. 50 All U.S. brands of pasta I 
pasta before or after cook- tested had mold, including health 
ing. food brands like the one shown 
here (left). No Mexican brands of 

pasta, like the one pictured 
(right), had any molds. 

A food mold that causes strange feelings and behavior is er- 

got. Although laws regulate the amount of ergot allowed in 
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rooms and big halls with tele-walls which may become transparent. Here convenes the High Council of Cosmic confederation of planets of this Galaxy 
(2 + 3 millions of civilizations of Forces of Light in our Galaxy) as well as governing and advisory bodies comprised of developed spiritual beings. The 
whole history of the planet Earth along with lives of all Earth men is saved here on the ship and available through crystal computers. For info on Ashtar's 
group and description of Ashtar's squadron, see messages 1369 - 1371; for more info on SHARE, see messages 1442, 1443, 1445 and pictures 429 - 
434. On 9th floor in the Preparation center, Heavenly Angels prepare in virtual reality for their missions prior to their birth in less-developed worlds incl. 
planet Earth. The preparation takes from several years to 400 years. (see The New Revelation, Bringers of the Dawn). April 2010 
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foods,” this is not enough protection. Ergotoxins, for example 
LSD, are active in extremely minute (less than a microgram, 
about one thousandth of a fly speck) quantities. They are not 
destroyed by heat and are especially toxic to children. I found 
traces in cereals, whole grain breads, wines, and honey. It can be 
detoxified by adding vitamin C but takes longer; about 10 
minutes. Detoxify all your honey as soon as it arrives in your 
house. Warm it slightly and add vitamin C (1/8 tsp. per cup). Stir 
with wood or plastic. 

Ergot toxicity could explain “Jekyll and Hyde” behavior in 
children, commonly attributed to “allergies”. In fact, the 
mechanism, inability by the liver to keep up with detoxification, 
fits well into the “allergic” concept. If your child has undesirable 
behavior, try going off the moldy food suspects for three weeks 
(cold cereals, nuts and nut butters, store bought breads and baked 
goods, syrups). Substitute cooked cereals, bakery breads, 
potatoes, and honeys. Add vitamin C to honey, pasta and cooked 
cereals. Pancakes and waffles made from scratch would be O.K. 

Combining alcohol with ergot is more toxic than either is 
alone. Alcohol seems to drive the toxin deeper into your tissues. 
I have found ergot and aflatoxin in beer and wine! Perhaps some 
of the bizarre behavior and speech of intoxication is really due to 
the mold-alcohol combination. By delaying alcohol detoxifi- 
cation, the mold could even be responsible for deaths “due to” 
alcoholism. It would be safer to brew your own alcoholic bever- 
ages. Start with pristine fruit. Or at least add vitamin C (1/8 tsp. 
per cup) to the store bought container you are consuming. 

Older children and adults are quite susceptible to ergot too. If 
bizarre behavior shows up, such as saying mean and cruel things, 
expressing unusual, irrational thoughts, feeling emo- 


°Canada allows one ergot grain per 300 grains of #3 or #4 wheat. 
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tionless or unreal, try the same diet changes, but put alcoholic 
beverages, soy sauces and other sauces, and other grain derived 
foods on the “off” list. Try this diet on yourself if you have a 
temper or crying spells or frequent colds! Ergot can make you 
super religious, hearing voices of command or threat. Ergot also 





Fig. 51 All cold cereals I tested were full of mold toxins 
(besides solvents), health food varieties were worst. 
causes seizures! 


Cytochalasin B 


Cytochalasin B (“cyto B”) is another immune lowering fun- 
gus. I find it mostly in pasta. It stops cells from dividing. Dead 
portions of the liver cannot regenerate as they otherwise would 
after a toxic encounter! 
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Kojic Acid 

Kojic acid is a mycotoxin that appears to be responsible for 
wood alcohol build up. In other words, the toxic effect prevents 
you from detoxifying wood alcohol. This leads to pancreas 
damage, invites pancreatic fluke infestation, and typically results 
in diabetes. I find it in potatoes; don't eat potato skins. If you are 
a potato lover fix your own so you can peel them and remove any 
gray parts. I have also found it in regular coffee. 


T-2 Toxin 


T-2 toxin is a mold I have found in all cases of high blood 
pressure and kidney disease. It is present on dried peas and 
beans but it can be detoxified in 5 minutes by adding vitamin C to 
the water they are soaked in. Remember to throw away imperfect 
ones, first. 


Sorghum Molds 


Sorghum and millet carry these. Don't buy sorghum syrup. 
Rinse millet in vitamin C water before cooking, or add vitamin C 
to the cooking water. 

These mold toxins cause hemorrhaging, appetite loss, and 
inability to swallow. Elderly people are more easily poisoned 
than others; their hemorrhages show up as strokes and purple 
blotches on the skin. 


Patulin 


is the major fruit mold toxin. It is present in most common 
fruits if they are bruised. It is particularly hazardous since the 
mold that produces it can actually grow in your intestine in 
patches. At these locations, bowel bacteria, E. coli and Shigella, 
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can climb through the colon wall to invade you. These bacteria 
are then free to spread to regions of injury and tumors. 

If you have cancer or bowel disease go off fresh fruit 
(bananas and lemons are OK) for a few weeks. Then choose your 
fruit meticulously. Peel everything so you can see and avoid 
every bruise. Also take a 2 tsp. dose of Black Walnut Hull 
Tincture Extra Strength. This kills these bowel fungi. But you can 
reinfect with a single soft grape. 


Mold Avoidance 


We should be much more critical of our food. 

Crackers are notoriously moldy. Never let your child eat 
crackers. Make crisp things in the oven from left over bakery 
goods. Just sprinkle with cinnamon. 

Dried fruits are very moldy. Soak them in vitamin C water. 
Rinse and bake to dry again. Then store in the refrigerator or 
freezer. When fresh fruit gets overripe, don't quickly bake it or 
preserve it. It's too late. 

Peanut butter (store bought) and other nut butters can't be 
detoxified by adding vitamin C due to the mixing problem, even 
if you stir it in thoroughly. Make your own. Making your own 
peanut butter is a great adventure (see Recipes). Mix it with 
home made preserves, honey, marmalade, not very homogene- 
ously so the bright colors and individual flavors stand out in 
contrast. Having three or four such spreads in the refrigerator 
will give your children the right perspective on food— 
homemade is better. Store bought jams are sweeter and brighter 
in color but strangely low in flavor and often indistinguishable 
from each other. Let your children eat the polluted foods that 
friends and restaurants serve (but not rare-cooked meats) so they 
can experience the difference. Their livers are strong enough to 
detoxify occasional small amounts. 
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Tea is quite moldy if purchased in bags. Although I used to 
recommend single herb teas (tea mixtures have solvents), I can 
now only recommend single herb teas from fresh sources in bulk 
(see Sources). This also gets you away from the benzalkonium 
chloride and possibly other antiseptics in the bag itself. When 
you get them, store them in their original double plastic bag. 
These herbs are so fresh, you'll only need half as much to make a 
cup of tea. Use a bamboo strainer (non metal). Bake the strainer 
occasionally or put through the dishwasher to keep it sterile. 





Fig. 52 Packaged herb tea is moldy and polluted with solvents. 
Get yours in bulk from an herb company. 


It comes as a surprise that pure, genuine maple syrup has the 
deadly aflatoxin and other molds. You can often see mold 
yourself, as a thin scum on the surface or an opaque spot on the 
inside of the glass after the syrup has stood some time, even in 
the refrigerator. Some mold spores were in it to begin with. 
Others flew in. After some time they grew enough to be visible. 
In my testing, aflatoxin can be cleared with vitamin C but sterig 
and others need to be treated with a high temperature as well. 
Fortunately, this is easy to do with a syrup. Heat to near boiling 
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while in the original jar with the lid removed. Keep refrigerated 
afterwards. 

Artificial maple flavor 
did not have benzene, propyl 
alcohol or wood alcohol, 
nor molds. Turbinado sugar 
had none of _ these 
contaminants either. Brown 
sugar had sorghum mold. 
White sugar had propyl 
alcohol pollution. You can 
make your own syrup, 
safely, with artificial flavor 
and turbinado sugar. Of Fig. 53 Three safe flavorings. 
course, you'll be missing the taste and nutritional minerals pro- 
vided by the natural maple product but in a contest between nu- 
tritional value and toxicity, always choose the safe product. 

The mold in our hot cereals can be spotted. Pick out all dark 
colored, shriveled bits. This represents most of it. Add honey, 
and salt while it's cooking—this raises the boiling temperature 
and detoxifies more. At the end, turn off heat and add a sprinkle 
of vitamin C powder. Rolled oats never showed molds in my 
testing, although they have their characteristic fungi, too. Don't let 
grains mold on your shelves simply from aging. Nothing should 
be more than six months old. Remember you can't see or smell 
molds when they begin. Molds must have a degree of moisture. 
As soon as you open a cereal grain, put the whole box in a 
plastic bag to keep moisture out. This keeps out Weevils too, so 
you won't have to put the box in the freezer later to kill them. 

Anything that is put in the refrigerator or freezer and then 
taken out develops moisture inside. Store cereals in kitchen 
cupboards or the freezer. 
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No government agency can test for all of these mycotoxins in 
all of our foods. Production and storage methods must be better 
regulated so as to be fail-safe. Simply sending inspectors out to 
look into the bins at grain elevators is not sufficient. Crusts of 
mold, sometimes several feet thick, that form on top of grain bins 
can be simply shoveled away before the inspector arrives. The 
humidity and temperature of stored grain should be regulated, 
requiring automated controls. This would soon be cost effective, 
too, in terms of reduced spoilage losses and higher quality prices 
earned. I believe that zear, aflatoxin and ergot require special 
regulations. Products that are imported should be subjected to the 
same tests as ours. Test results should be on the label. 


Getting Away From Grains 


In view of the many molds that are grain-related, and because 
these cannot be seen or smelled in pastas, breads, cold cereals, it 
would be wise to steer away from grain consumption. Always 
choose potatoes, because it is a vegetable instead of a grain, if 
you have a choice. The potato appears on your plate the way it 
was harvested. Whereas grain was hulled, stored for quite a long 
time, perhaps degerminated (the bran and germ picks up 





Fig. 54 Don’t eat the green on the potato. 
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mold the fastest). Then it was mixed with assorted chemicals 
(fumigation, anti oxidants), each polluted in its own way, pack- 
aged again and stored again. Grains have a more tortuous history 
than potatoes that simply get sprayed. 

The spray isn't simple, of course. Scrub it off under the tap. If 
potatoes weren't heavily sprayed they'd be sprouting in the 
stores. The spray accumulates in the eyes. Cut away all the eyes. 
By the time you have done this you may as well have peeled 
them. But no blemish, no cut, no dark spot inside may be left for 
you to eat. Don't buy potatoes that show a tint of green on them 
(the green color is due to scopolamine; it is toxic). Red potatoes 
have different chemistry that doesn't produce the green toxin, buy 
these often. Store potatoes out of the light, to slow down the 
greening process. They are still a nutritious, vitamin C-rich 
food—provided you don't fry them in_ benzene-polluted, 
hydrogenated grease! 

Potatoes have their 
molds but they are 
nicely visible. And 
washing and peeling 
does away with them. 
Old literature advises 
that potatoes should be 
harvested by 
moonlight so the green 
drug isn't produced in 
the white varieties. 

Fig. 55 Potato harvest of the future. | With modern 

mechanized harvesting 

this should pose no problem. But perhaps this must await the age 
of robots. 
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Pets Teach Health Lessons 


Dogs don't eat hay and cats don't eat fruit. This is not simply 
due to their inability to digest them. Nor to training. Their body 
wisdom guides them. But we can trick them into eating corn and 
soybeans by adding the flavors they like and thereby defeat their 
wisdom the same way we defeat ours. A concoction is made for 
them that is called “complete nutrition” and we feed this meal 
after meal, day after day, a most unnatural situation. The liver is 
deluged with the same set of pollutants time after time and never 
gets a rest. Humans still obey their body wisdom about varying 
their meals. This gives the liver a chance to catch up with 
detoxifying one pollutant while the new one builds up. If the liver 
is absolutely unable to handle something, you are informed quite 
quickly with an allergic reaction to the food. 

Cats and dogs with their monolithic diet get no opportunity to 
reject food (except by vomiting or starvation). It is not surprising 
they are getting cancer with increasing frequency, a situation 
where the liver can no longer detoxify isopropyl alcohol, a 
common pollutant in their food. 

Should we go back to the old days and make their food for 
them? Yes, they deserve pure food, they deserve variety. Table 
scraps would be much less toxic for them than their commercial 
feed. But what if they like and prefer their monolithic 
“scientific”, “complete”, polluted diet? If our food was doused 
with sugar for breakfast, lunch and supper, we wouldn't care 
much about what was under the sugar either. And we'd continue 
wanting sugar, sugar, sugar the way a pet might want its favorite 
food and nothing else. Such is the deception of flavorings. 

All change should be brought about slowly and with kindness 
for animals and humans alike. Learn what makes a good pet diet. 
Cats and dogs are both meat eaters. Cook chicken in a pressure 
cooker to kill all parasites. Put portions in the freezer. Add table 
scraps, dressed with a little butter, cheese or lard. 
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Don't wash the pet dishes with your own—dishwashers don't 
reach the boiling point. Serve fresh water daily. Standing water 
picks up bacteria. Don't let food get more than a day old in the 
dishes. It picks up molds. Don't feed pets at the table, keep them 
outdoors during mealtime. 

After your pets have stopped eating propyl alcohol polluted 
food and are not getting propyl alcohol in their shampoos, there 
is no way they can get cancer. Whatever cancer they have will 
clear up by this change in diet and by giving them the pet parasite 
program. 

Now they are back to a natural state and do not host human 
flukes. What a relief it is not to worry about reinfection from 
your pets. 


395 


SHARE - THE TRACK SYSTEM OF THE MOTHER SHIP OF ASHTAR SHERAN'S GRAND COSMIC SQUADRON (() 


STATION OF THE 2%° TRACK SYSTEM 





PROTECTIVE 
ee {FiLo) _- TRANSPORT PLATFORMS = 
me OF 2"° SIZE 
‘LIGHT TRANSPORT PLATFORMS 
ad ‘esa SLABS AND THEIR TARGET POSITIONS 
oj PARALLEL TRACKS 








SYMBOL OF SHARE SPACE STATION 
















1 SLAB, 4 POSSIBLE POSITIONS (STOPS), 


EVERY SLAB IS ASSIGNED A SPECIFIC 
PILLARS ENERGETIC <4}, aera FUNCTION OF TRANSPORT _EScAaTonS 
STATION PLATFORM LIGHT WALL (VERTICAL IN THIS CASE) 


THE 3°° TRACK 
SYSTEM OF THE SHIP 





BEINGS AND ANDROIDS ASSISTING 
IN TRANSPORTATION (ANDROID IS 
NOT. NECESSARY), THE SHIP ITSELF 
IS AN ANDROID WITH AN INF. SYSTEM 






EACH VESSEL UTILIZES ONE TRACK 
IN BOTH DIRECTIONS — SHUTTLE 
TRANSPORT; 15 VESSELS (15 TRACKS) 
IN TOTAL (3 STARTING DECKS 
— MEZZANINES x 5 STATION PLATFORMS) 


~— 


COLUMNS - PILLAR 






A 


STARTING DECKS; | 
3 LEVELS (1 LEVEL= 1 VESSEL) | 


STATION SPACING 
IS CIRCA 2 KM 






















TRACK TRANSPORT VESSEL, MAX. 3 PERSONS; 
HANDRAILS WITH HOLOGRAMS 

(SCREENS — INFORMATION SYSTEM), 
FREE ENERGY PROPULSION 


ELEVATORS — THE 1°" TRACK SYSTEM OF THE SHIP; 
3 ELEVATOR SYSTEMS — IN THE FRONT, MIDDLE 
AND REAR PART OF THE SPACE STATION 


SPACE STATION ELEVATOR CONTROL PANEL; 


—_ WALL. 
HOLOGRAPHIC 


THE 28° TRACK SYSTEM ‘INFORMATION 


FOR PUBLIC TRANSPORTATION SCREEN Xll FLOORS, 6 MEZZANINES PER FLOOR, 144 LEVELS 
STATION ; ; THE CHOICE IS MADE BY THOUGHT; 
FLOOR PLAN ee ee THE 187 MEZZANINE (+) OF EACH 





FLOOR (EXCEPT THE 1°! FLOOR) IS 
THE 28° TRACK. TRANSPORT SYSTEM. 


in 


TRANSPORT PLATFORM — SLAB (ESCALATOR) _ =e 
FORMED BY LIGHT; EACH ONE HAS ITS STARTING 


IDENTIFICATION OF FLOORS 








AND DESTINATION POSITION 
(ROMAN NUMERALS) AND MEZZA- 
— ; NINES (BULLETS) IN AN ELEVATOR, 
° THE TOPMOST MEZZANINE HAS 
el ELECTROMAGNETIC ELEVATORS SYMBOL aN _ THE BRIDGE OF 





— TRANSPORT BETWEEN FLOORS © 
AND MEZZANINES; FREE ENERGY 
PROPULSION (TRACT A) 


, PUBLIC TRANSPORT VESSEL ASHTAR SHERAN'S 


GRAND COSMIC SQUADRON. 


all-the-world-downloads. org 
stahuje-cely-svet.cz 
andjeli-neba.com.hr 


200-countries-download.org 
stahuje-200-zemi.cz 
feny-angyalai.hu 


we-arent-slaves.org 
anjeli-neba.sk 
anjos-ceu.eu 


himmels-engel.de 
anjeli-svetia.sk 
angeli-raja.eu 


een com 
nejsme-otroci.cz 
anioly-nieba.pl 
himmelens-anglar.se 


angels-light.org 
andele-nebe.cz 
angeles-luz.es 
Pic. 4509 EN 


angels-heaven.org 
vesmirni-lide.cz 
angely-sveta.ru 
engelen-hemel.nl 


universe-people.com 
andele-svetla.cz 
anges-lumiere.eu 
ingerii-cerului.ro 


ashtar-sheran.org 
universe-people.cz 
angelo-luce.it 
cennetin-melekleri.web.tr 


Easy Lifestyle 
Improvements 


None of us likes to change a habit. But once it is changed you 
are back to an automatic way of doing something. By selecting 
wise habits your improved lifestyle pays you back for the rest of 
your life. 


Living Hand To Mouth 


Hands do everything. They pick up things from the floor. 
They handle money. They touch other peoples' hands. They clean 
up bottoms. They touch all kinds of door knobs. And then they 
pick up food to eat. Some people even lick their fingers when 
they're sticky or just to turn a page! 

What is on the hands that you don't want to eat but can't see? 
Bacteria and viruses from coughing and sneezing into your 
hands! And cysts! Cysts are the “eggs” made by parasites. Cysts 
are so tough not even bleach kills them. They hide under our 
fingernails when we wash our hands. Then we eat them along 
with our food. This is called oral-fecal route. They hatch in the 
stomach and go to the intestine to live. 

To stop reinfecting yourself the little cysts under the nails 
need to be killed. Food grade alcohol solution kills them. Buy 
Everclear™ or Protec (potable) alcohol and make a 5% solution 
(add %4 cup of 95% alcohol to a quart of water). Keep it in a 
small pump bottle at the sink. After using the bathroom and 
washing your hands, treat your fingernails with alcohol. Pump 
alcohol into one palm. Put the fingernails of the other hand into 
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it. Scratch a bit. Pour it into the other palm and do the remaining 
fingernails. Rinse. 


¢ Don't eat with your hands! Use a fork. 

¢ Never eat food off the floor! 

e Always wash hands after petting an animal! 

¢ Never touch the bottoms of shoes! Keep shoes off couch or 
bed or chair. 

e Always cough or sneeze into your clothing or a tissue, not 
your hands. 

¢ Keep your fingers out of your mouth. Don't lick your fingers 
to turn pages or open plastic bags. 


Sick persons need a 50% alcohol solution. Add Yacup 95% 
alcohol to Yacup cold tap water or buy plain vodka, 80 to 100 
proof. Pour the vodka into the pump bottle. Be careful that no- 
body tries drinking it. If there are teenagers in the house, add a 
hefty dose of cayenne to it. 

Lugol’s iodine will also sterilize your hands. However most 
commercial Lugol’s is polluted with isopropyl alcohol. Ask your 
pharmacist to make it from scratch for you (there are only two 
ingredients and water, see Recipes). Then make a solution to 
wash in (1 tsp. to a quart of water). This can stain some things. 
Do not use “tincture of iodine.” 


Better Laundry Habits 


Boil your underwear. In long-ago days, all sheets, towels, 
table cloths, and underwear were separated and boiled. 

With the convenience of our electric washing machine, we 
tend to overlook the fact that underwear is always contaminated 
by fecal matter and urogenital secretions and excretions. Mixing 
these with socks and towels and dishcloths is all right if you are 
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going to kill everything anyway. But if you don't kill them, as in 
cold water washes, you are mixing the yeast, parasite eggs, 
bacterial spores, and fungus from underwear with all the other 
clothing you and your family wear. An enlightened system would 
be to add an antiseptic to the wash or rinse cycle. Lime water 
(calcium hydroxide) or iodine based antiseptics seem obviously 
simple methods to accomplish this. In the absence of this 
protection, use dryer heat to do your sterilizing. Underwear 
should be dried until too hot to handle. 

Bleach can kill a lot, but doesn't kill Giardia spores and a lot 
of types of fungus. Don't rely on bleaching. Besides, your skin 
absorbs it from clothing, it is quite toxic to you, and can cause 
mental effects. 

Commercial detergents are polluted with PCBs and have 
cobalt added. Both of these are easily picked up through your 
skin. Use washing soda and borax in the wash cycle. They do 
not clean quite as well as modern detergents, but there is less 
static cling, eliminating the need to put more chemicals in your 
dryer. For spot removal use homemade bar soap. 


Better Kitchen Habits 


Once a day, sterilize the sponge or cloth you use to wipe 
up the table, counter tops and sink. This little piece of contami- 
nated cloth is the most infectious thing in the house, besides the 
toilet. It's more dangerous than the toilet because you do not 
suspect it. Sometimes it has a slight odor at first, which may 
warn you, but most pathogens do not have an odor! As we wipe 
up droplets of milk, we give the milk bacteria, Salmonellas and 
Shigellas, anew home to multiply and thrive in. We add crumbs, 
picking up molds this way. We add dust, picking up parasite eggs 
and stages. They all feed on the milk and food residue. 
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As the counter and table and stove get wiped “clean” a film 
of contamination is left everywhere. A few varieties may die but 
most of them don't. The general moisture in the kitchen is enough 
for them to survive. The cloth or sponge recolonizes the kitchen 
and dining room table several times a day. 

No doubt, the last thing you do before leaving the kitchen is 
squeeze it dry with your hands. Now all the pathogens are on 
your hands! 

Where do your fingers go? To your mouth to remove a hull or 
bit of something from your teeth. Or to eat a last bite of 
something. Or to turn a page of the telephone directory. You have 
just eaten a culture sampling from your own kitchen sponge. In 
two hours they are already multiplying in the greatest culture 
system of all: your body! You have given yourself your next sore 
throat, or cold or headache. The worst possible habit is to wipe a 
child's face and hands with the kitchen cloth. Or to have a handy 
towel hanging from the refrigerator handle. 

To sterilize the sponge: drop it into a 50% solution of grain 
alcohol at the end of each day. Keep a wide mouth glass quart jar 
handy just for this. Keep the jar tightly closed and out of the 
reach of children. Dunk your sponge and plop it onto the sink. If 
you stand it on end in the sink it will partly dry overnight. 

Another way to sterilize the sponge or cloth is to microwave 
it, after wetting it, for 3 minutes. Any shorter time simply warms 
and cultures the pathogens and multiplies them. Or boil the cloth 
like our grandparents did. Drying out the dish cloth helps kill 
many—but not all—pathogens. It takes three days of drying to kill 
all! Another strategy is to use a fresh cloth or sponge each day, 
putting the used one to dry until laundry day. 





During the day, set the sponge on end to start drying and slow 





down culturing. 
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Don't eat food directly off the counter top or table top. 
You wouldn't slice a tomato or egg directly on the counter top. It 
would pick up something: some little particle of dust or dirt. 
Treat bread the same way. Always on a new clean surface, such 
as a plate. The counter and table top have on them whatever is in 
the kitchen dust and on the wipe cloth. Dust is always falling! 
And the sponge is always culturing. Don't eat the dust! 

Keep the cutting board sterile like dishes. Wash it the same 
way and keep it in the cupboard. 

Keep food containers closed. Milk or water glasses are 
picking up dust as soon as you set them out. Dust is everywhere. 
Every step on the carpet sends up a puff of dust. Vacuuming 
sends up a hurricane of dust and distributes bathroom dust to the 
kitchen and kitchen dust to the bedrooms. So if one person has 
brought in a new infection, the whole family is exposed to it in 
hours via the dust. 

It is very helpful not to eat the new infectious pathogen. 
Breathing it is not so damaging. Our noses collect such pathogens 
and we blow them out again. Touching the infected person is not 
very damaging either; the pathogens can't get through our skins 
and since we wash hands before eating we are not at great risk of 
infection this way. But eating the pathogen is 100% effective in 
infecting us. The new pathogen is in the dust. The newly 
contaminated dust drops into your ready and waiting glasses on 
the table and the open foods. Of course, there is no defense if 
somebody should cough or sneeze at the table. 

Teach children to cough and sneeze into a suitable col- 
lecting place like a tissue, not their hands. Pathogens live 
bountifully on hands. Hands not only provide moisture but often 
food from the last meal. Hands are second only to the dish cloth 
in contamination level. If you must cough or sneeze and a tissue 
is not within reach fast enough, use your clothing! That's what 
clothing is for—to protect you. Cough and sneeze into your own 
clothing; this protects the cougher and sneezer, as well as eve- 
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rybody else. A sleeve is handy for children. The inside of your 
T-shirt for T-shirt wearers. The inside of coat for suited persons. 
The inside of the neck line for dresses. Of course, paper is best, 
but in emergency use cloth. Never, never your hands unless you 
are free to immediately dash into the washroom and clean the 
contamination off your hands. 

Teach children this old rearranged verse: 


If you cough or sneeze or sniff 
Grab a tissue, quick-quick-quick! 
And if you're sitting at the table 
Do it in your sleeve if able. 


Better Housekeeping 


Throw out as much of the wall to wall carpeting as you can 
bear to part with. It is injurious to everyone's health, even though 
it's comforting to bare feet and looks pretty. 

Carpets clean our shoes. Modern shoes, with their deep 
treads, bring in huge amounts of outdoor filth which settles deep 
down into the carpets. In spite of vacuuming every week, the filth 
accumulates. 

Vacuum the carpets when the children, the sick and elderly 
are out of the house. The dust raised and distributed throughout 
the house isn't just dirt, it's infectious dirt. It lands on tables and 
counters. These get wiped with a cloth or sponge and then ap- 
plied to dishes. The dust in the kitchen falls on open food and 
into open containers. 

Clean carpets with a “steam cleaner’. When you see how 
much filth is in the water and realize how much dirt you were 
living with, you might be willing to trade in the “beauty” of 
carpets for the cleaner living of smooth floors. Don't add chemi- 
cals (commercial cleaning solutions) to the steam cleaning ma- 
chine; these chemicals leave a residue in the carpet which dries 
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and flies up into the air to add to the dust. Popular stain resis- 
tance treatments contain arsenic. Cobalt, which adds “lustre” to 
carpets, causes skin and heart disease after it has built up in your 
organs. Use borax instead of detergent. Use boric acid to leave a 
residue that kills roaches and fleas (but not ants). Add vinegar 
that leaves a residue to repel ants. Nothing controls fleas 
reliably, except getting rid of the carpets and cloth furniture 
(keep pets out of bedrooms). Removing all the borax is what 
brings luster to the carpet. Use citric acid in the rinse water for 
this purpose. Adding lemon peel to the rinse also adds luster and 
ant deterrence. Just drop the whole lemon in the tank so it can't 
block the hoses. 

Fleas and other vermin in the carpet simply crawl below the 
wetness level when you wash the carpet. Spraying a grain alco- 
hol solution with lemon peel in it (it needs to extract for a half 
hour) on the damp carpet will reach and kill a lot of these, to- 
gether with the residual bacteria. The damp carpet lets it spread 
evenly and reach all the crevices. 

We are trapped in our dwellings. Primitive peoples were 
mobile. This got them away from accumulations of filth and 
rubbish in their living space. Much living was done outdoors, the 
cleanest space of all. 

Now, air conditioning has made indoor living more com- 
fortable. But also has added new hazards. The strong currents of 
air blow the dust about continuously. Molds and bacteria that 
grow right on the air conditioning unit get blown about for all to 
inhale. Never, never use fiberglass as a filter or to insulate your 
air conditioner around the sides. It is a carcinogen. And the 
danger of freon escaping from a tiny leak is another major health 
hazard. 

Forced air heating systems are undesirable, too. All dirt 
brought into the house by shoes gets circulated throughout the 
house by forced air systems of heating or cooling. Old fashioned 
radiant heat from radiators or a stove did not distribute the 
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dust so effectively. A return to linoleum floor covering for 
kitchen and bathroom and hardwood for other rooms would be a 
good step of progress for a health conscious society. Mopping, 
instead of the vacuum cleaner, keeps dirt to a minimum. Throw 
rugs at doors and bedside, easy to clean, would “catch the dirt” 
as was the original intention. Carpets were intended to help keep 
filth out of the air. These smaller rugs should be laundered 
weekly. 

Furniture should be wood, cane, or plastic, with cushions to 
soften the impact. These can be washed weekly if the covers are 
removable. Modern cloth furniture with its foam interior is a 
repository of filth and fumes and a constant source of infectious 
dust. 





This old fashioned setting is more progressive than our carpeted, 
modern homes. 
Fig. 56 Smooth floors allow every bit of dust to be removed. 


Dust your furniture with a damp paper towel. You are picking 
up and removing highly infectious filth (Ascaris and pinworm 
eggs, pet parasites, “dander” and house mites). Instead of 
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distributing these from room to room, throw the paper towel 
away after each room is done. Use plain water or vinegar water 
(50%), not a chemical combination which further pollutes the air. 

Clean windows with vinegar water, too. Use a spray bottle. 

Keep your dishes in cupboards. This keeps them free of dust. 
This principle is ancient. It is tempting to leave some of them out. 
If you must keep the juicer or dishes outside of cupboards, keep 
them covered or placed upside down so they don't catch dust. 
Even inside cupboards, store them upside down. When using the 
“good” dishes or glasses, that haven't been used in a while, wash 
them first. 


Windows Open Or Closed? 


In places like Chicago where you can smell the air as you 
approach the city, it is wiser to keep your windows shut. You 
can't breath the industrial “soup” all day and night and expect to 
stay healthy. Of course, it all enters the houses anyway. Central 
air conditioning and a plain carbon filter at the furnace location 
(see Sources) may be the best solution in spite of blowing dust 
around the house. Keep the vents to the bedrooms closed to re- 
duce the air turbulence there but leave the cold air return open. 
Clean the vents in other rooms each week along with floors and 
carpets by pulling up the grating and reaching down the passage 
as far as possible. 

If you believe the air is free of highway exhaust and indus- 
trial smoke open the windows every day. This will let some of 
the indoor toxins blow away. Asbestos, fiberglass, freon, radon 
and plain dust can be reduced to a minimum by keeping windows 
open. If you are ill, sit outdoors (on the porch) as much as you 
can. Escape to a suitable climate that makes this possible. 
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Just a few decades ago, many people had summer living 
quarters that were different from winter living quarters. Gone 
was all the accumulated infectious dust of half a year of habita- 
tion. 





Fig. 57 Moving into the summer kitchen got you away from the 
accumulation of filth from winter! 


Don't have a basement where you stockpile toxic items. 
Basements invite mold, mice and radon besides toxic things. 
Fumes travel upward where you live! Keep your toxic things in 
the attic. If there is no attic, store them in the utility room. Close 
off the ventilation between utility room and the rest of your 
house. If you have none of these, perhaps because you live in a 
senior citizen community or condominium, don't keep any toxic 
things stored anywhere. Don't save any leftover paints, solvents 
or cleaners. Buy such small quantities that you can afford to 
throw it all away when you are done with them. 

Live on top of the earth as was intended by nature. 

Never have a basement room “finished” for actual living 
space. Don't buy a house that has a “lower level” built into the 


406 


EASY LIFESTYLE IMPROVEMENTS 


earth. This will be the most polluted and dangerous room in your 
house. If you are ill, move out of such a room. There is no way 
that it can be “cleaned up”. Move to the other end of the house 
and furthest away from an attached garage door. 


What Kind Of Heat 


The worst is coal. The best is none. Breathing coal fumes 
during the beginning of the industrial age may have brought the 
new lung diseases: tuberculosis (TB), and pneumonia. It may 
also have worsened alcohol addiction (beryllium toxicity). 
Choose electric heat if possible. Even though electricity is based 
on other fuel consumption, you don't have to breathe those fumes 
directly. 

Wood stoves can be made safe by making sure the chimney 
works properly. Never use a lighter fluid. Don't fill the house 
with smoke when stoking. 

Minimize your use of fossil fuels in every way you can. 


Getting Rid of Mites 


We do not tolerate external parasites like bedbugs, lice, 
ticks, leeches. Bedbugs were once a scourge amongst northern 
Europeans. I remember our parents spraying for them (kerosene) 
in the bedroom. This only “controlled” them. What eliminated 
them was a law against sale of used mattresses. Lice were 
originally “controlled” by frequent washing, louse combs, and 
ironing the seams of clothing. What eliminated them was the 
cutting of long hair as a societal practice. But what about mites? 
They live with us and other animals. 
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Mites are too tiny to see, 
tiny enough to ride on a dust 
particle as if it were a magic 
carpet. They resemble in- 
sects. Chiggers are really 
mites. Mange in animals is a 
mite infestation. Dust mites 
live on our dander (scales of 
dead skin). 

Get rid of their breeding 
places: beds, cloth covered 
chairs and soft sofas. Humans 
leave enough dander behind 
in these places to support 
these ultra small insects. Cover mattresses with plastic covers. 
Use throws on easy chairs and sofas and wash them often. Never 
allow a pet into the bedroom or the dust will have tapeworm 
eggs as well as mites. Throw out rugs that have been pet-beds. 
Spray the air with a mist of 50% grain alcohol before vacuuming. 
If you have an illness wear a mask to vacuum. Deep, soft, wall to 
wall carpets compromise an ancient concept: everything should 
be washable and cleanable, without throwing the dirt into the air 
for humans to inhale. Vacuuming a carpet blasts mites and tape 
eggs into the air. Never shake bedding or rugs where the dust 
will blow back into the house behind you. 

Mites don't bite us but we inhale them as they float in the ever 
present dust in our homes. The mucus in our lungs traps them and 
in a few days they die, only to release a drove of Adenoviruses 
(common cold virus) in us. 





Fig. 58 Mite. 
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Four Clean-ups 


Chronic health problems are not due to exposures of the past. 
They are ongoing. Your body is constantly fighting to remove 
pollutants. In order to stay sick, you must be constantly 
resupplied! These four clean-ups—dental, diet, body, home—are 
aimed at removing parasites and pollutants at their source. Only 
then can your body heal. 


Dental Clean-up 


(This section on dentistry was contributed by Frank Jerome, 
DDS) 

Dr. Jerome: The philosophy of dental treatment taught in 
America is that teeth are to be saved by whatever means avail- 
able, using the strongest, most long lasting materials. Long-term 
toxic effects are of little concern. The attitude of the majority of 
dentists is: whatever the American Dental Association (ADA) 
says is OK, they will do. 

A more reasonable philosophy is that there is no tooth worth 
saving if it damages your immune system. Use this as your 
guideline. 

The reason dentists do not see toxic results is that they do not 
look or ask. If a patient has three mercury amalgam fillings 
placed in the mouth and a week later has a kidney problem, will 
she call the dentist—or the doctor? Will they ever tell the dentist 
about the kidney problem or tell the doctor about the three 
fillings? A connection will never be made. 

It is common for patients who have had their metal fillings 
removed to have various symptoms go away but, again, they do 
not tell the dentist. The patient has to be asked! Once the patient 
begins to feel well they take it for granted, and don't make the 
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connection, either. If everybody's results were instantaneous, 
there would be no controversy. 

Find an alternative dentist. They have been leading the 
movement to ban mercury from dental supplies. Not only mer- 
cury, but all metal needs to be banned. If your dentist will not 
follow the necessary procedures, then you must find one that 
will. The questions to ask when you phone a new dental office 
are: 


1. Do you place mercury fillings? (The correct answer is NO. 
If they do, they probably don't have enough experience in 
the use of non-metal composites.) 

2. Do you do root canals? (The correct answer is NO. If they 
do, they do not understand good alternative dentistry.) 

3. Do you remove amalgam tattoos? (The correct answer is 
YES. Tattoos are pieces of mercury left in the gum tissue.) 

4. Do you treat cavitations? (The correct answer is YES. By 
cleaning them.) The complete name of cavitations is _al- 
veolar cavitational osteopathosis. They are holes 
(cavities) left in the jawbone by an incompletely extracted 
tooth. A properly cleaned socket which is left after an ex- 
traction will heal and fill with bone. Dentists routinely do 
NOT clean the socket of tissue remnants or infected bone. 
A dry socket (really an infected socket) is a common result. 
These sockets never fully heal. Thirty years after an 
extraction, a cavitation will still be there. It is a form of 
osteomyelitis, which means bone infection. 


Ninety percent or more of dental offices will not be able to 
answer ANY of the above questions correctly. If you allow the 
work to be done by a dentist who does not understand the im- 
portance of the above list, you could end up with new problems. 
Find the right dentist first even if you must travel hundreds of 
miles. There are 6,000 to 10,000 dentists who should be able to 
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help. Some can do part of the work and refer you to a specialist 
for the rest. Five hundred to one thousand of these dentists can do 
it all. 

Normal treatment cost is about $1,000 for replacement of 6 to 
8 metal fillings including the examination and X-rays. For people 
with a metal filling in every tooth, or for the extraction of all 
teeth (plus dentures), it may be up to $3,000 (or more in some 
places). 

Remember, the simpler the treatment, the better. If the 
dentist says that he or she can change your metal fillings to 
plastic but it would be better to crown them, say “NO!” 





Guidelines For A Healthy Mouth 





If you have What to do 

Inlays and onlays change to plastic fillings 

Bridges change to plastic crowns, partials 
change to plastic partials(Flexite ™) 

Pink dentures change to clear plastic 














Badly damaged teeth become extractions 
Braces and implants avoid 
Temporary crowns use plastic a 


Temporary fillings use Duralon 














Fig. 59 Dental replacements. 
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The guidelines can be summarized as: 


1. Remove all metal from the mouth. 
2. Remove all infected teeth and clean cavitations. 





Dr. Clark: Removing all metal means removing all root ca- 
nals, metal fillings and crowns. Take out all bridge work or 
partials made of metal and never put them back in. But you 
may feel quite attached to the gold, so ask the dentist to give 
you everything she or he removes. Look at the underside. You 
will be glad you switched. 





The top surfaces of tooth fillings are kept glossy by brushing (you 
swallow some of what is removed). Underneath is tarnish and foulness. 
Ask to see your crowns when they are removed. 

Fig. 60 Tops and bottoms of some metal crowns. 
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The stench of the infection under some teeth may be over- 
whelming as they are pulled. Bad breath in the morning is due 
to such hidden tooth infections, not a deficiency of mouthwash! 

All metal must come out, no matter how glossy it looks on 
the surface. Metal does not belong in your body. It is an un- 
natural chemical. Do this as soon as you have found a dentist 
able to do it. Find a dentist with experience and knowledge 
about this subject. It is more than replacing acknowledged cul- 
prits like mercury-amalgam fillings. This is metal-free 
dentistry. Only metal-free plastic _should_be put back in your 
mouth. 

Dr. Jerome: If your dentist tells you that mercury and other 
metals will not cause any problems, you will not be able to 
change his or her mind. Seek treatment elsewhere! 

Your dentist should do a complete X-ray examination of your 
mouth. Ask for the panoramic X-ray rather than the usual series 
of 14 to 16 small X-rays (called full mouth series). The 
panoramic X-ray shows the whole mouth including the jaws and 
the sinuses. This lets the dentist see impacted teeth, root frag- 
ments, bits of mercury buried in the bone and deep infections. 
Cavitations are visible in a panoramic X-ray that may not be seen 
in a full mouth series. 

The cost of removing metals should be viewed in the proper 
light. It took years or decades to get into your present condition. 
When you do a lot of dental repair in a short time, it can seem to 
be costly. Unfortunately, many people are in a tight financial 
position because of the cost_of years of ineffective treatment, 
trying to get well. 

Your dentist may recommend crowning teeth to “protect” or 
strengthen them. Unfortunately, the very concept of crowning 
teeth is flawed. First, the enamel is removed from a tooth to 
prepare for the crown. This is permanent and serious damage! 
Many teeth, up to 20%, may die after being crowned and will 
need to be extracted. For this reason, you should only get 
REPLACEMENT crowns and NO NEW crowns. Your metal 
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crowns can be changed to plastic. (Remember, no metal must be 
left under the crown.) 

If you have many crowns, you should have them all removed 
as quickly as possible. But you should not spend more than two 
hours in the dentist's chair at any one time. That is too much 
stress for your body. 

Dr. Clark: Don 't accept intravenous (IV) treatments 
during amalgam removal. Both IV bags and the supplements 
used in them are polluted with propyl alcohol, benzene, and 
wood alcohol. 

Dr. Jerome: It is quite all right to have temporary crowns 
placed on all teeth that need them in the first visit. You may then 
go back and complete treatment over the next 6 to 12 months. It is 
common to find a crowned tooth to be very weak and not worth 
replacing the crown, particularly if you are already having a 
partial made and could include this tooth in it. 

Dr. Clark: We are accustomed to thinking that plastic is 
metal-free. This is wrong. The original dental plastic, methyl 
methacrylate was metal-free. But modern plastic contains 
metal. The metal is ground up very finely and added to the 
plastic in order to make it harder, give it sheen, color, etc. 

Dr. Jerome: Dentists are not commonly given information on 
these metals used in plastics. The information that comes with 
dental supplies does not list them either. Most dentists never look 
at a dental materials book after they graduate. The ADA, 
however, has a library full of such information.”! 

Dr. Clark: There are many lanthanide (Rare Earth) metals 
used in dental plastic. Their effects on the body from 
dentalware 


2" Call the American Dental Association at (800) 621-8099 (Illinois 
(800) 572-8309, Alaska or Hawaii (800) 621-3291). Members can ask 
for the Bureau of Library Services, non-members ask for Public Infor- 
mation. 
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have NOT been studied. Yet their cancer-promoting ability is 
known in many cases.”” Only metal-free plastic is safe. 

Dr. Jerome: These are the acceptable plastics; they can be 
procured at any dental lab. 


¢ Plastic for dentures: Methyl Methacrylate. Available in 
clear and pink. Do not use pink.” 

* Plastic for partial dentures: Flexite™ Available in clear 
and pink. Do not use pink. 

¢ Plastic for fillings: Composite Materials. This is the mate- 
rial that has been used in front teeth for 30 years. It has 
been used in back teeth for 10 years. There are many 
brands and there are new ones being marketed constantly. 
The new ones are very much superior to those used 10 
years ago and they will continue to improve. They do, 
however, contain enough barium or zirconium to make them 
visible on X-rays. There are no alternatives available 
without these metals. 








Dr. Clark: Composites with barium are not good, but I 
haven't seen enough barium toxicity from fillings at this time to 
merit advising extraction instead. Hopefully, a barium-free va- 
riety will become available soon to remove this health risk. 

Dr. Jerome: Many people (and dentists too) believe that 
porcelain is a good substitute for plastic. Porcelain is aluminum 
oxide with other metals added to get different colors (shades). 
The metal DOES come out of the porcelain! It has many technical 
drawbacks as well. Porcelain is not recommended. Some- 


2 Thulium and ytterbium have been studied for their tumor-seeking 
ability. See page 321 in the book METAL IONS In BIOLOGICAL 
SYSTEMS, Vol. 10, Carcinogenicity and Metal lons. Editor Helmut 
Sigel 1980. 

*3 The pink color is from mercury or cadmium which is added to 
the plastic. 
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Three upper decks are used for working, the middie one contains green (height 30m) - trees, bushes, grass, fountains. 


Three bottom decks are used for living and spending spare time. More information can be found in the message 531. 
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times the white composite fillings are called porcelain fillings 
but they are not. They also require more tooth structure to be 
removed. 

If you have a large bridge, it cannot be replaced with a plas- 
tic bridge because it isn't strong enough. A large bridge must be 
replaced with a removable partial (Flexite™), 

The methods used to remove metals and infections are tech- 
nical and complicated. See dental information in Sources. 

Dr. Clark: I'd like to thank Dr. Jerome for his 
contributions to this section, and his pioneering work in metal- 
free dentistry. I hope more dentists acquire his techniques. 


Horrors Of Metal Dentistry 


Why are highly toxic metals put in materials for our mouths? 
Because not everyone agrees on what is toxic at what level. Just 
decades ago lead was commonly found in paint, and until 
recently in gasoline. Lead was not less toxic then, we were just 
less informed! The government sets standards of toxicity, but 
those “standards” change as more research is done (and more 
people speak out). You can do better than the government by 
dropping your standard for toxic metals to zero! Simply remove 
them. 

The debate still rages over mercury amalgam fillings. No one 
disputes the extreme toxicity of mercury compounds and mercury 
vapor. The ADA feels that mercury amalgam fillings are safe 
because they do not vaporize or form toxic compounds to a 
significant degree. Opponents cite scientific studies that 
implicate mercury amalgams as disease causing. Many dentists 
advocate mercury amalgam fillings simply because they are ac- 
cepted by the ADA, which they believe protects them from 
malpractice litigation. Why risk your health and life on their 
opinions? Remember everything corrodes and everything seeps, 
so amalgams must too. 
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Cadmium is used to make the pink color in dentures! Cad- 
mium is five times as toxic as lead, and is strongly linked to high 
blood pressure. 

Occasionally, thallium and germanium are found together in 
mercury amalgam tooth fillings. Thallium causes leg pain, leg 
weakness, and paraplegia. If you are in a wheelchair without a 
very reliable diagnosis, have all the metal removed from your 
mouth. Ask the dentist to give you the grindings. Try to have them 
analyzed for thallium using the most sensitive methods available, 
possibly at a research institute or university. 

I was astonished to find thallium in mercury amalgams! It 
couldn't be put there intentionally, look how toxic it is: 





TEJ500 AR: 3 

THALLIUM COMPOUNDS 

Thallium and its compounds are on the Community Right To 
Know List. 


THR: Extremely toxic. The lethal dose for a man by inges- 
tion is 0.5-1.0 gram. Effects are cumulative and with continuous 
exposure toxicity occurs at much lower levels. Major effects are 
on the nervous system, skin and cardiovascular tract. The periph- 
eral nervous system can be severely affected with dying-back of 
the longest sensory and motor fibers. Reproductive organs and 
the fetus are highly susceptible. Acute poisoning has followed 
the ingestion of toxic quantities of a thallium-bearing depilatory 
and accidental or suicidal ingestion of rat poison. Acute 
poisoning results in swelling of the feet and legs, arthralgia, 
vomiting, insomnia, hyperesthesia and paresthesia [numbness] of 
the hands and feet, mental confusion, polyneuritis with severe 
pains in the legs and loins, partial paralysis of the legs with 
reaction of degeneration, angina-like pains, nephritis, wasting 
and weakness, and lymphocytosis and eosinophilia. About the 
18th day, complete loss of the hair on the body and head may 
occur. Fatal poisoning has been known to occur. Recovery 
requires months and may be incomplete. Industrial poisoning is 
reported to have caused discoloration of the hair (which later 
falls out), joint pain, loss of appetite, fatigue, severe pain in the 
calves of the legs, albuminuria, eosinophilia, lymphocytosis and 
optic neuritis followed by 
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atrophy. Cases of industrial poisoning are rare, however. Thal- 
lium is an experimental teratogen [used to induce birth defects 
for study]. When heated to decomposition they [sic] emit highly 
toxic fumes of Tl [thallium]. See also THALLIUM and specific 
compounds." 


Fig. 61 Thallium excerpt. 


Thallium pollution frightens me more than lead, cadmium and 
mercury combined, because it is completely unsuspected. Its last 
major use, rat poison, was banned in the 1970s. Every 
wheelchair patient I tested was positive for thallium! One current 
use for thallium is in Arctic/Antarctic thermostats. When added 
to mercury the mercury will stay liquid at lower temperatures. 
Are mercury suppliers then providing the dental industry with 
tainted amalgam? 

The cancer causing or carcinogenic action of metals has been 
studied for a long time, although it doesn't get attention by our 
regulatory agencies. A scientific book on this subject was 
published in 1980.” One table from this book is shown on page 
431. We can see that chromium and nickel compounds are the 
most carcinogenic metals. Nickel is used in gold crowns, braces, 
and children's crowns! 

Note that the form of the metal is very important. For instance 
chromium is an essential element of glucose tolerance 





4 Dangerous Properties of Industrial Materials, 7th ed. by N. 
Irving Sax and Richard J. Lewis Sr., Van NOSTRAND, Reinhold N.Y. 
1989. 

5 The title is Carcinogenicity and Metal lons. It is volume 10 of a 
series called Metal lons in Biological Systems, edited by Helmut Sigel. 
A university chemistry library should have this book. It has a fascinat- 
ing chapter on the leukemias by two scientists from the Academy of 
Sciences of the USSR, E. L. Andronikashvili and L. Mosulishvili. Their 
brilliant work and discussion was largely responsible for my pursuit of 
the whole subject of cancer. 
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factor, but most of its other compounds are extremely toxic. In 
general, xenobiotic compounds (foreign) are 
to be avoided! Metal doesn't belong in our 
foods or in our bodies. 


tai 


Cah Dental Rewards 


\ 


After your mouth is metal and infection- 

Cc : on free, notice whether your sinus condition, 
©  ear-ringing, enlarged neck glands, headache, 
enlarged spleen, bloated condition, knee pain, 

Fig. 62 More foot pain, hip pain, dizziness, aching bones 


dental metal. 


and joints improve. 


Keep a small notebook to write down 
these improvements. It will show you which symptoms came 
originally from your teeth. Symptoms often come back! So go 
back to your dentist, to search for a hidden infection under one or 
more of your teeth, or where your teeth once were! That infection 





can be the cause of tinnitus, TMJ, arthritis, neck pain, loss of 


balance, and heart attacks! 


Dentures can be beautiful. Of course, plastic isn't natural, but 
it is the best compromise that can be made to restore your mouth. 
At least it isn't positively charged like metals; it can't set up an 
electric current nor a magnetic field in your mouth, all of which 


may be harmful. 

Do not be swayed 
by arguments that plastic 
is not as strong as metal. 
You see __ dentures 
everywhere and _ they 
seem strong enough to 
eat with. You will be 
told that “noble” metals 
like gold and platinum 





Fig. 63 Beautiful plastic mouth. 
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and silver are OK, that they are “inert” and do not corrode or 
seep. Nothing could be more untrue. You may be keeping them 
glossy by the constant polishing action of your toothpaste. But if 
you look at the underside, the view is frightful. Everything 
tarnishes and everything seeps. You wouldn't expect even a 
gold or silver coin that 
was dropped in a foun- 
tain 50 years ago to be 
intact. As metal corrodes 
your body absorbs it! 

In breast cancer, es- 
pecially, you find that 
metals from dentalware 


have dissolved and ac- .*? ———. 


cumulated in the breast. Fig. 64 Ugly metal in mouth. 
They will leave the 

breast if you clear them out of your mouth (and diet, body, home). 
The cysts shrink and are simply gone. No need to do surgery! 






Diet Clean-up 


Breakfast 


Cook your cereal from scratch. Don't eat cold cereal; it has 
numerous solvents and molds. Buy hot cereals that say “no salt 
added,” like cream of wheat, steel cut oats or old fashioned 
oats,”° millet, corn meal, cream of rice, or Wheatena. Cook it 





6 Rolled oats have 235 mcg nickel per serving of 4 ounces, picked 
up from the rollers, according to Food Values 14th ed. by Pennington 
and Church, 1985. | have only found nickel in the "one-minute" or 
"instant" variety of oats, however. 
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with milk to add nutritive value. Add your own (non-aluminum) 
salt and a pinch of vitamin C before cooking. Make granola from 
a recipe (see Recipes). Use honey, or brown sugar. Add raisins 
that were soaked for 5 minutes in vitamin C water. Use whipping 
cream or butter (both boiled) if you need to gain weight. Isn't this 
a delicious way to start your day! Add cinnamon to flavor, or 
frozen fruit and honey. 





Fig. 65 Unpolluted breakfast cereals. 


Or start your day with fried potatoes, an egg, and glass of 
milk. Don't worry about cholesterol since you will be doing liver 
cleanses anyway. (We have been told that eggs carry Salmonella 
bacteria. I found Salmonellas only on the outside shell and the 
egg carton—never inside! Could the researchers have 
accidentally transferred the bacteria from the shell to the inside 
while they were testing?) 

The milk should be 2% or more butterfat because the calcium 
in milk cannot be absorbed without at least this much fat. Eat 
homemade yogurt and add honey or homemade preserves 
yourself. You need 3 cups of a milk product each day. Home- 
made buttermilk is fine. If you don't tolerate milk, and get diar- 
rhea from it, try a milk digestant tablet to go with it. Start with 
only 4 cup at a time. Do not choose chocolate milk. There is no 
substitute for milk; calcium tablets are not satisfactory. Vegeta- 
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ble matter, although high in calcium, does not give you available 
calcium either, unless you buy a juicer and make vegetable juice 
out of it. Eating fish can give you a lot of calcium, but it is in the 
tiny bones hidden in the fish. Don't try to remove them. Canned 
salmon has a lot of calcitum; tuna does not. On a day that you eat 
fish, you would not need milk. Goat milk is probably better than 
cows' milk, but more difficult to get used to. 


Lunch 


Cook your food from scratch. Don't start with cans or pack- 
ages or frozen items to make some recipe. In fact, don't bother 
with any fancy recipes. Just cook two or three vegetables for 
lunch and eat them with butter and salt or homemade sauces. 
Bread and milk rounds it out, plus fruit (not canned or frozen). 
Soup is a nice change. Cook it with all the vegetables you can 
find. Don't start with a can or packet or cube. Use a bit of onion 
and genuine herbs to give it zest. Thyme and fenugreek, together, 
make a flavorful combination you can purchase in capsules. Just 
pull apart and season. 

If all this is too much work, make fresh vegetable juice once 
a week and freeze enough so that you can have a daily nutritious 
meal just by pouring a glass of it, together with bread and yogurt 
or milk. 


Never diet during illness 


This is a rule based on common sense. A weight-loss diet 
must wait at least two years. 





Bake your own bread! I found aflatoxin in commercial 
bread after just four days in my bread box, but none in homemade 
bread even after two weeks! Aflatoxin is a most potent 
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carcinogen and immunosuppressant. Aflatoxin is the toxin in your 
diet that keeps you from clearing propyl alcohol from your body 
(see 382)! Aflatoxin is a substance made by mold; bread starts to 
mold on the grocery store shelf. Don't buy plastic-wrapped 
bread. Don't ever salvage moldy food, whether it is fruit, breads 
or leftovers in the refrigerator. Throw them out. Buy a bread 
maker. It can do everything, including baking the bread. Use 
unbleached (unbrominated) flour and add Ytsp. vitamin C 
powder per loaf to help retard mold further (it also makes the 
bread rise higher). 


Supper 


Cook your supper from scratch. Emphasize fish for animal 
food, not beef, pork, turkey or chicken. Don't buy bread crumbs, 
use your own. Don't buy batter, make your own. Use genuine 
eggs, not substitutes. Wash your hands after handling raw meat or 
eggs. 

Make your own salad and salad dressing out of olive oil, 
fresh lemon juice or white distilled vinegar (apple cider vinegar 
has aflatoxins), honey, salt and herbs to flavor. If your digestion 
isn't strong enough for raw vegetables or fruit, make juice. Get a 
sturdy juicer and make your juice about half carrot juice and half 
from vegetables like celery, squash, lettuce, and broccoli. Make 
your own tomato sauce with pure herb seasoning, not from ajar 
or can (home canned foods are fine, of course, as long as they are 
not made in a big aluminum pot with aluminum-containing salt). 

Cook real potatoes, not instant varieties. Peel them to get rid 
of Kojic acid (mycotoxin) and scopolamine (the green part). 
Make mashed potatoes from scratch, with milk, not box potatoes, 
nor chips nor French fries. Chips and fries were made in 
chemical grease called “hydrogenated.” There is a large amount 
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of nickel in hydrogenated fats.”’ Fry your potatoes in butter, lard 
or olive oil. Find butter that is not wrapped in foil and is not 
salted. Salt your own butter, using aluminum-free salt.’ Don't 
wrap potatoes in foil to bake, coat with butter or olive oil. Don't 
eat the peels. 


Eat no meat that hasn't been cooked as 


thoroughly as if it were pork. 





Other animals are as parasitized as we, full of flukes and 
worms and Schistosomes in every imaginable stage, and if the 
blood carries these, would we not be eating live parasites if we 
eat animals in the raw state? We have been taught to cook thor- 
oughly any pork, fish or seafood. Now we must cook thoroughly 
any beef, chicken or turkey. It must be at cooking temperature 
(212°F or 100°C) for 20 minutes. Freezing is not adequate. 
Canned meats are safe from living parasites, but are not 
recommended due to added chemicals. 


Beverages 
Drink 6 kinds of beverages: 
e milk * vegetable juices 
° water ¢ herb teas 
° fruit juices ¢ homemade (see Recipes) 


7 414 mcg/100 g. Taken from Food Values 14th ed. by Penning- 
ton and Church, 1985. 

8 Salt has aluminum in it to keep it from caking. Buy salt that has 
magnesium carbonate as its anti-caking agent. Sea salt must be baked 
for 5 minutes at 400°F to destroy molds. Or buy chemically pure salt 
(see Sources). 
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This means getting off caffeine. And if you are already fa- 
tigued, this means you might be even more fatigued for a short 
time. You might have headaches from withdrawal, too. But they 
will only last 10 days. Mark your calendar and count off the 
days. Take headache medicine, if necessary, but make sure it 
does not contain caffeine. For energy, to replace caffeine, take 
one arginine (500 mg, see Sources) upon rising in the morning 
and before lunch. Soon you won't need it. 

Cutting down on coffee, decaf, soda pop and powdered 
drinks won't do. You must be completely off. They contain very 
toxic solvents due to careless, unregulated production methods. 
Much is imported and can't be sufficiently regulated. 

Even though grain (drinking) alcohol is the recommended 
substitute for propyl alcohol, that doesn't mean you may safely 
drink it. It is inadvisable to drink any form of alcohol at least 
until you are fully recovered. 

1. Milk: 2% or higher, drink three 8 oz. glasses a day. Al- 
ternate brands. Buttermilk will do. Homemade yogurt is fine. 
Goat milk is also fine. Start with 4 cup and increase gradually, if 
you are not used to it. If you do not drink milk because it gives 
you more mucous, try to drink milk anyway. If you have other 
reactions, like diarrhea, try milk digestant tablets (available at 
health food stores). Milk is too valuable to avoid: there are many 
unwanted chemicals in most brands of milk, but it is solvent-free, 
mold-free and very nutritious. The only exception should be for 
serious symptoms, like swelling, colitis, flu, or chronic diarrhea. 

But all milk, whether goat or cow, is contaminated with 
Salmonella and Shigella bacteria as well as fluke parasite 
stages. Cattle are immunized against Salmonella but it does not 
prevent its persistence in the bowel. All these are very harmful. 
Pasteurization does not kill all of them. Only heating to a rolling 
boil makes milk safe. To do this in the easiest way, pour | or 2 
quarts milk into an enamel double boiler or microwavable glass 
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jar. Stay in the kitchen while the heat is on. When the bubbles 
have risen to indicate boiling, turn off the heat. You may throw 
away the “skin”. Pour into glass jar and refrigerate. Another easy 
way is to use a pressure cooker that holds several pint jars of 
milk. All dairy products that have only been pasteurized are still 
contaminated. Ultrapasteurization does not improve matters. 
Dairy products that cannot be sterilized should not be consumed. 
It may be possible to find sterilized milk in paper containers on 
the store shelf—not in the refrigerator; if it wasn't sterile it 
would go foul in a day! Canned milk has solvent pollution. 
Powdered milk has both solvent and bacterial pollution. 

2. Water: 2 pints. Drink one pint upon rising in the morning, 
the other pint in the afternoon sometime. The cold water faucet 
may be bringing you cadmium, copper or lead, but it is safer than 
purchased water, which inevitably has solvents in it. Let it run 
before using it. Filters are rather useless because water pollution 
comes in surges. A single surge of PCB contaminates your filter. 
All the water you use after this surge is now polluted, so you will 
be getting it chronically, whereas the unfiltered water cleans up 
again after the surge passes. Until you can test your own water 
for solvents, PCBs and metals, no expensive filter is worth the 
investment. An inexpensive pure carbon filter that is replaced 
every month may improve your tap water. Inflexible plastic 
pitchers fitted with a carbon filter pack are available (see 
Sources). Never buy filters with silver or other chemicals, even 
if they are just added to the carbon. Keep the filter sterile by 
soaking in diluted grain alcohol weekly. 

3. Fruit juice: fresh squeezed only. Some stores make it 
while you wait. If they freeze some of it, you could purchase the 
frozen containers. Bottled fruit juices have traces of numerous 
solvents, as do the frozen concentrates, as do the refrigerated 
ones, don't buy them. You have to see it being made, but watch 
carefully: I recently went to a juice bar where they made every- 
thing fresh, before your very eyes. And I saw them take the fruit 
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right from the refrigerator and spray it with a special wash “to 
get rid of any pesticides,” then put a special detergent on it to 
clean off the wash! So instead of getting traces of pesticide, I got 
traces of propyl alcohol!” Another grocery store had a machine 
that squeezed the oranges while you watched. But if you did not 
watch them filling the jugs, you missed seeing them add a 
tablespoon of concentrate, from a bottle out of sight, to give it 
better flavor. It still qualifies as “Fresh squeezed 100% orange 
juice,” but thanks to that concentrate it now has toluene and 
xylene in it! Best of all, buy a juicer, select completely unbruised 
fruit, wash with plain water, and make your own juice (enough 
for a week—freeze it in half pint plastic bottles). For stronger 
flavor, leave some of the peel in the juice. 

4. Vegetable juice: fresh or frozen only. If you or a friend 
would be willing to make fresh juice, this would be much better 
than purchased juice. Start with carrot juice. Peel carrots (don't 
scrape them, it's too easy to miss small dirt spots) and remove all 
blemishes carefully, then rinse. Drink Yglass a day. After you are 
accustomed to this, add other vegetables and greens to the juice 
to make up half of it. Use celery, lettuce, cabbage, cucumber, 
beet, squash, tomato, everything raw that you normally have in 
your refrigerator. Then drink one glass a day. 

5. Herb tea: fresh or bulk packaged. Tea bag varieties are 
moldy. Buy a non-metal (bamboo is common) tea strainer. 
Sweeten with honey or brown sugar with vitamin C added. 

6. Homemade beverage. If you will miss your coffee or 
decaf, try just plain hot water with boiled whipping cream. 
Sweeten with honey. Please see Recipes for many more sugges- 
tions. 


®° Yes, | took a sample of the wash to test. 
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Horrors In Commercial Beverages 


Commercial beverages are especially toxic due to traces of 
solvents left over from the manufacturing process. There are 
solvents in decaffeinated beverages, herb tea blends (not single 
herb teas), carbonated drinks, beverages with Nutrasweet™, fla- 
vored coffee, diet and health mixes, and fruit juices, even when 
the label states “not from concentrate” or “fresh from the or- 
chard,” or “100% pure.” 

It is allowable to use solvents to clean machinery used in 
bottling (please look again at page 347)! It is also allowable to 
use solvents to make spice oleoresins, which are used as fla- 
voring. 





21 CFR 173.240 (4-1-94 Edition) Isopropyl Alcohol. 
Isopropyl alcohol may be present in the following foods un- 
der the conditions specified: 

(a) In spice oleoresins as a residue from the extraction of 
spice, at a level not to exceed 50 parts per million. 

(b) In lemon oil as a residue in production of the oil, at a 
level not to exceed 6 parts per million. 

(c) [Discusses its use in hops extract. ] 


Here is a summary of other solvents mentioned: 


Solvent Allowable residue Paragraph 
in spice oleoresins in 21CFR 
Acetone 30 PPM 173.210 
Ethylene dichloride 30 PPM 173.230 
Methyl! alcohol 50 PPM 173.250 
Methylene chloride 30 PPM 173.255 
Hexane 25 PPM 173.270 
Trichloroethylene 30 PPM 173.290 


Fig. 66 Lawful uses of solvents in food. 
I have found all these solvents and others in commercial 


beverages! Some of the solvents I have found are just too toxic to 
be believed! Yet you can build the test apparatus yourself 
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(page 457), buy foods at your grocery store, and tabulate your 
own results. I hope you do, and I hope you find that the food in 
your area is cleaner than mine! Remember that the Syncrometer 
can only determine the presence or absence of something, not the 
concentration. There may only be a few parts per billion, but a 
sick person trying to get well cannot afford any solvent intake. 
For that matter, none of us should tolerate any of these: 


¢ Acetone in carbonated drinks 

¢ Benzene in store-bought drinking water (including dis- 
tilled), store-bought fruit juice (including health varieties) 

¢ Carbon tetrachloride in store-bought drinking water 

¢ Decane in health foods and beverages 

¢ Hexanes in decafs 

¢ Hexanedione in flavored foods 

¢ Isophorone in flavored foods 

¢ Methyl butyl ketone and Methyl ethyl ketone in flavored 
foods 

¢ Methylene chloride in fruit juice 

¢ Pentane in decafs 

¢ Propyl alcohol in bottled water, commercial fruit juices, 
commercial beverages. 

¢ Toluene and xylene in carbonated drinks 

¢ Trichloroethane (TCE), TC Ethylene in flavored foods 

¢ Wood alcohol (methanol) in carbonated drinks, diet drinks, 
herb tea blends, store-bought water, infant formula 


If you allowed a tiny drop of kerosene or carpet cleaning 
fluid to get into your pet's food every day, wouldn't you expect 
your pet to get sick? Why would you not expect to be sick with 
these solvents in your daily food? I imagine these solvents are 
just tiny amounts, introduced by sterilizing equipment, the 
manufacturing process, and adding flavor or color. Flavors and 
colors for food must be extracted somehow from the leaves or 
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bark or beans from which they come. But until safe methods are 
invented, such food should be considered unsafe for human 
consumption (or pets or livestock!). 





Fig. 67 Some unsafe beverages. 


Food Preparation 


Cook your food in glass, enamel, ceramic or microwavable 
pots and pans. Throw away all metal ware, foil wrap, and metal- 
capped salt shakers since you will never use them again. If you 
don't plan to fry much (only once a week), you might keep the 
Teflon™ or Silverstone™ coated fry-pan, otherwise get an 
enamel coated metal pan. Stir and serve food with wood or 
plastic, not metal utensils. If you have recurring urinary tract 
infections, you should reduce your metal contact even further; eat 
with plastic cutlery. Sturdy decorative plastic ware can be found 
in hardware and camping stores. Don't drink out of styrofoam 
cups (styrene is toxic). Don't eat toast (many toasters spit 
tungsten all over your bread and make benzopyrenes besides). 
Don't buy things made with baking powder (it has aluminum) or 
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baked in aluminum pans. Choose goods made with baking soda 
and sold in paper or microwavable pans. Don't run your drinking 
water through the freezer or fountain or refrigerator. Don't heat 
your water in a coffee maker or tea kettle. Don't use a plastic 
thermos jug (the plastic liner has lanthanides) the inside must be 
glass. Don't drink from a personal water bottle (it begins to breed 
bacteria) unless you sterilize it daily. 

Why are we still using stainless steel cookware when it 
contains 18% chromium and 8% nickel? Because it is rustproof 
and shiny and we can't see any deterioration. But all metal 
seeps! Throw those metal pots away. Get your essential minerals 
from foods, not cookware. 

Never, never drink or cook with the water from your hot 
water faucet. If you have an electric hot water heater the heating 
element releases metal. Even if you have a gas hot water heater, 
the heated water leaches metals or glues from your pipes. If your 
kitchen tap is the single lever type, make sure it is fully on cold 
for cooking. Teach children this rule. 


Food Guidelines 


It is impossible to remember everything about every food, but 
in general do not buy foods that are highly processed. Here are a 
few foods; see if you can guess whether they should be in your 
diet or not. 


Yes, but only from a bakery, and never 
wrapped in plastic. 
toast No. It has benzopyrene and tungsten. Yes, 
if made on a cookie sheet or in a frying 
pan. 


chicken Only if cooked for 20 minutes at boiling 
point, as in soup, or canned (never pre- 
pare raw chicken yourself). 

wine with dinner | No. 
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peanut butter Yes if you grind it yourself and add 1% tsp. 
vitamin C powder as you grind. 
cottage cheese No, it can't be sterilized easily 


extracts 
Yes, if vitamin C is added before cooking. 
Use white only, brown is too moldy. 


egg dishes Yes, but not “imitation”, cholesterol-free or 
cholesterol-reduced varieties. 
fish, seafood 


soy foods (tofu) | No. It's the extensive processing that taints 
it. 

soup Yes, if seasoned only with herbs (no 
bouillon cube). 

sugar Yes, turbinado or brown if treated with 
vitamin C. 


herb tea Yes, if not in a bag and not in a mixture of 
herbs. 


cheesecake 


Fig. 68 Some good foods. 





Choose brands with the shortest list of ingredients. Alternate 
brands every time you shop. 
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Fig. 69 All breads I tested had mold if they were in plastic. 





Dining Out 


Restaurants (excluding fast food) are generally quite safe to 
eat at. Here are some do’s and don’ts; 

Do carry your own aluminum-free salt and vitamin C powder 
with you. 

Do ask for plastic cutlery. 

Do drink the water if from the tap. 

Do ask for boiled, not just steamed, milk. 

Don’t eat or drink from styrofoam. If getting food “to go,” get 
it in clear plastic containers, or ask them to line the styrofoam 
container with paper or plastic wrap, and line the styrofoam cup 
with a plastic baggy. 

Don’t use their ketchup and condiments (they have been 
standing out too long). 

Here is a list of things that are generally safe to order: 


433 


THE CURE FOR ALL DISEASES 





pancakes, French 
toast, waffles 


eggs 


Don't use their imitation syrup (has 
benzoate), use honey instead. 

Any style except soft boiled and 
scrambled. The white should be solid. 





hash browns 


If lightly fried, not deep fried. 

Only if nothing else is available. (It 
probably came in a can and was 
cooked in an aluminum pot and is full 
of aluminized salt.) 





vegetarian sand- 
wiches 

baked or boiled po- 
tatoes 


But no soy products (too processed). 


Use only cheese sauce, bring your 
own salt, don't eat the skin. 





cooked vegetables 


vegetable salads 


Broccoli, Brussels sprouts, beets, corn, 
squash, and so forth. 

Don't eat the croutons, bacon bits, and 
anything that doesn't look fresh. 





vegetarian dishes 


bread and biscuits 


But no soy ingredients and or sauces. 
Fresh ketchup OK. 

White only, not toasted, not 
“cholesterol-free” varieties. 





fish and seafood 


Mexican food 


Anything but deep fried (the oil may 
have benzene) is fine: baked, steamed, 
fish cakes, seafood cocktails, etc. 

Any of the numerous baked dishes. 





Chinese food 
fruit cup 


Except dishes with tofu or MSG. 
With honey and cinnamon. 





fruit pies, cobblers 


lemon or lime me- 
ringue pie 





But not with ice cream (every flavor 
has benzene). 
Indulge yourself. 








Fig. 70 Good restaurant foods. 


As you see your symptoms disappear, one after another, you 
will feel the magic of healing. Many sick persons have 50 or 
more symptoms to start out! They could fill two sheets of paper, 
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one symptom to each line. It can be quite shocking to see a list of 
all your symptoms. 

Sometimes a new symptom appears as fast as an old one 
disappears. The coincidence makes it tempting to believe that 
one symptom turns into a different one. But it is not so. If a new 
symptom appears, it is because another pathogen has become 
activated due to a new toxin. Try to identify the new item. Stop 
using any new food, supplement, or body product, even if it is a 
health variety, and see if it goes away. 


Body Clean-up 


We are living in a very fortunate time. We are not expected to 
all look alike! The 60's brought us this wonderful freedom. 
Freedom to dress in a variety of styles, use make-up or no make- 
up, jewelry or no jewelry, any kind of hair style, any kind of 
shoes. 

You will need to go off every cosmetic and body product that 
you are now using. Not a single one can be continued. They are 
full of titanium, zirconium, benzalkonium, bismuth, antimony”, 
barium”, strontium™, aluminum, tin, chromium, not to mention 
pollution solvents such as benzene and PCBs. 

Do not use any commercial salves, ointments, lotions, 
colognes, perfumes, massage oils, deodorant, mouthwash, 
toothpaste, even when touted as “herbal” and health-food- 
type. See Recipes for homemade substitutes. 





3° Breast cancer cases show titanium, zirconium, benzalkonium, 
bismuth and antimony accumulation in the breast. 

3’ Barium is described in the Merck Index as "Caution: All water or 
acid soluble barium compounds are POISONOUS.” 10th ed. p. 139 
1983. 

% This element goes to bones. 
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People are trying desperately to use less toxic products. They 
seek health for themselves. So they reach for products that just 
list herbs and other natural ingredients. Unfortunately, the buyers 
are being duped. The Food and Drug Administration (FDA) 
requires all body products to have sufficient antiseptic in them. 
Some of these antiseptics are substances you must avoid! But you 
won't see them on the label because manufacturers prefer to use 
quantities below the levels they must disclose. And by using a 
variety of antiseptics in these small amounts they can still meet 
sterility requirements. The only ingredient you might see is 
“grapefruit seed” or similar healthy-sounding natural antiseptic. 
This is sad for the consumer of health food varieties. 


e I have seen rocks sold as “Aluminum-Free Natural De- 
odorant”. You rub the rock under your arms. It works be- 
cause the rock is made of magnesium- aluminum-silicate. 

¢ Men's hair color has lead in it. 

e Lipstick has barium, aluminum, titanium. 

e Eye pencil and shadow have chromium. 

¢ Toothpaste has benzene, tin, and strontium. 

¢ Hair spray has propyl alcohol and PCBs. BEWARE! Stop 
using it today. 

e Shampoo, even health varieties, has propyl alcohol! 
BEWARE! Stop using it today. 

¢ Cigarettes have lead, mercury, nickel and Tobacco Mosaic 
virus. 

¢ Chewing tobacco has ytterbium 


Some of the unnatural chemicals listed are present because of 
residues in the manufacturing process, but others you will 
actually see listed on the label! 

Propyl alcohol and wood alcohol are present because the 
tubing used to fill the bottles is sterilized and cleaned with them. 
Ice cream machines are “oiled” with a gel containing pe- 
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troleum products. This could explain why I always find benzene 
in ice cream. 





Fig. 71 Examples of commercial “food lube.” 


How can propyl alcohol in shampoo get into your body in 
significant amounts? The skin is more absorbent than we realize, 
and time and time again I see cancer victims who have gone off 
every body product except their favorite shampoo. They harbor 
propyl alcohol until they make that final sacrifice. It is better to 
switch shampoos than to not need any due to radiation and 
chemotherapy! 

See Recipes for easy-to-make, natural cosmetics. But you 
might consider just stopping them all. Especially if you're going 
on vacation. 

Use nothing that you wouldn't use on a new-born baby. This 
is a permissive age. You will be the only one feeling “naked.” 
Others won't even notice. Don't forget advertising is aimed at 
you, even if other people's eyes are not! 

Don't even use soap unless it is homemade soap (see Reci- 
pes) or borax straight from the box. Borax was the traditional 
pioneer soap. It is antibacterial and can be made into a solution. 
It is also a water softener and is the main ingredient in non- 
chlorine bleach. Borax can remove grease, too, and some stains. 
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But even borax is 
not natural to 
your body and it 
is therefore wise 
to use as little as 
necessary. See 
Recipes for anti- 
bacterial borax 
soap. 





Dishes and clothing are primary source of 
PCBs. 
Fig. 72 Detergents with PCBs. 





homemade soap pure borax 
Fig. 73 Safe soaps. 


Don't use toothpaste, not even health-food varieties. To 
clean teeth, use plain water or chemically pure baking soda 
(see Sources)—but dissolve it in water first, otherwise it 
is too abrasive. Or brush with hydrogen peroxide food 
grade, not the regular variety (see Sources). Don't use 
floss; use 2 or 4-pound monofilament fish line. Floss has 
mercury antiseptics (with thallium pollution!). Throw away 
your old toothbrush—solvents don't wash away. 

Don't use mouthwash. Use saltwater (aluminum-free salt) or 
food grade hydrogen peroxide (a few drops in water). 
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Don't use hair spray. 

Don't use massage oils of any kind. Use olive oil. 

Don't use bath oil. Take showers, not baths, if you are strong 
enough to stand. Showers are cleaner. 

Don't use perfumes or colognes. 

Don't use commercial lotions or personal lubricants. 


Stop Using Supplements 


Stop using your vitamin supplements. They, too, are heavily 
polluted. This is the saddest, most tragic part of your instructions. 
I have found solvents, heavy metals and lanthanides in 90% or 
more of the popular vitamin and mineral capsules and tablets I 





Tegptophare 





The capsule in the foreground is a notorious tryptophane capsule. It 
had the following pollutants: PCBs, mercury, ruthenium, thulium, 
strontium, praseodymium, aluminum, benzalkonium. 

Fig. 74 Some polluted supplements. 
test. These substances will do more harm in the long run than the 

supplement can make up for in benefits. 
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Most of the varieties of vitamin C that I have tested are 
polluted with thulium! Until all vitamins and minerals and other 
food supplements have been analyzed for pollutants, after they 
are encapsulated or tableted, they are not safe. We need more 
disclosure on our products. No manufactured product is pure. We 
can't expect that. But at least we should be able to tell what 
impurities we are getting, and how much. 

It is possible to do detailed analy- 
sis of foods or products at a reason- 
able price. Look at the bottle of 
common table salt, sodium chloride, 
that is used by beginning chemistry 
students to do experiments. It must be 
thoroughly analyzed for them because 
minute impurities affect their results. 
(Those minute impurities, like lead, 
affect you, too.) Look at the label on 
the bottle in the picture. Even after all _* J 
these tests, the cost of laboratory salt EE” 
is only $2.80 per pound.” Fig. 75 Pure salt. 

It is most important not to be 
fooled by ingredient claims, like 
“made from organically grown vegetables”. Sure that's great, but 
the analysis J trust would be done on the final, cleaned, cooked 
and packaged product on the shelf. The package is a major 
unlisted ingredient. 

Toxic solvents like decane, hexane, carbon tetrachloride and 
benzene will get more flavor or fat or cholesterol out of things 
than metabolizable grain alcohol. Of course, the extraction 
process calls for washing out the solvent later. But it can't all be 
washed out, and a detailed analysis on the final product would 








Sodium 
Chioridé 





33 You will pay about $8.00 per pound (Spectrum Chemical Co.) 
for USP (United States Pharmaceutical) grade. But the same analysis 
is done on the cheaper grades, and my point is that the analysis is 
cost effective enough that it should be done on our daily foods. 
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give the public the information they need to make informed 
choices. 


All supplements must be tested for purity by 
yourself. If this cannot be done, 
don't take them. 


Polluted supplements do much more harm than good. Get 
your super-nutrition by juicing vegetables of all kinds and making 
herbal teas. 





Safe Supplements 






There are, no doubt, 
lots of safe supplements to 
be had. The problem is 
knowing which they are. 
The nature of pollution is 
such that one bottle might 


Wal! FW. S84 
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Cortifingte of Actawl Lat Analyste 


be safe, while another of Se and Nie i Hos) 08H rm 
the same brand is not. In Sar on 
view of this, as I found a cee ipeen ose’ 
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using any more of that SEI eo Eo 


brand. That is why I am Common salt for student use is thor- 


reduced to recommending oughly analyzed for pollution. The label 
only the ones in the gives you the final “Actual Lot Analysis” 
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Fig. 76 Laborat lt label. 
Vitamin C, in crystal e PED SS re 


form, is a must in your lifestyle. It helps the liver, and possibly 
other organs, detoxify things. It also helps retard mold, and 
perhaps even destroys aflatoxins! Keep some next to your 
refrigerator so it is handy when you put away groceries. Add 1/8 
tsp. to maple syrup, vinegar, cooked 
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cereal, fruit juice, leftovers. Have 4 tsp. (1 gram) with each 
meal. 

Vitamin B,, 100 mg. This is the vitamin that helps detoxify 
benzene! Take one to three a day. While recovering from AIDS 
you need 3 tablets three times a day. 

Vitamin B;, 250 mg, and B-complex, 50 mg. Undoubtedly 
these help the liver and kidneys in many ways. One a day. 

Magnesium oxide, 300 mg., is another must. Take one or two 
a day. It is a major mineral; all of our cells need lots of it. Only 
leafy vegetables provide it. 

Hydrogen peroxide, food grade. It is advantageous to kill 
bacteria and viruses to some extent every day. Hydrogen per- 
oxide lets you do this. It should never come in contact with metal, 
including its container or metal tooth fillings. If you get a few 
drops on your skin it may turn white and sting, but does no harm, 
so simply wash it off. Instructions for its use come with the 
product. 

Herbs. These are excellent supplements, both in bulk and 
capsules, but not extracts, concentrates, or concoctions. There 
are many books that describe their uses. 

Thioctic acid or lipoic acid. Presumably this chelates (traps 
and prepares for elimination) heavy metals, and helps the liver in 
detoxifying obscure and deadly poisons. Everyone would benefit 
from 100 mg. per day. I find it outstanding, and give it to many ill 
persons, even when not mentioned in the case histories. It comes 
as a 100 mg. capsule (see Sources). I use it at doses from one 
capsule, 3 times a day, to 2 capsules, 5 times a day. I have seen 
no side effects at these dosages, even in very sick persons. 

Lugol’s Iodine Solution (see Recipes) is old-fashioned 
“Yodine.” Iodine has a distinctive trait: it hangs up on anything 
and everything. In fact, it attaches itself so quickly we consider 
everything it touches as “stained.” This is just the property we 
want to make it safe for use. The amount you use is immedi- 
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ately hung up, or attached, to your mucous and can not be quickly 
absorbed into the blood or other organs. It stays in the stomach. 
And for this reason it is so useful for killing vicious bacteria like 
Salmonella. 


Do not take Lugol’s iodine if you know you are 





allergic to iodine. It could be fatal. 


Six drops of Lugol’s solution can end it all for Salmonella. If 
you have gas and bloating, pour yourself Yglass of water. Add 6 
drops of Lugol’s (not more, not less), stir with wood or plastic, 
and drink all at once. The action is noticeable in an hour. Take 
this dose 4 times a day, after meals and at bedtime, for 3 days in 
a row, then as needed. This eradicates even a stubborn case of 
Salmonella. 

Notice how calming 6 drops of Lugol’s can be, soothing a 
manic stage and bringing a peaceful state where anxiety ruled 
before. 

Lugol’s is perfectly safe (if not allergic) to take day after day, 
when needed, because of its peculiar attaching property. It 
arrives in the stomach, reattaches to everything in proximity. 
Doomed are all Salmonellas; doomed also are eggs of parasites 
that might be in the stomach (cysts). 

Naturally, one would not leave such medicine within the 
reach of children. Also, one would not use anything medicinal, 
including Lugol’s unless there were a need, like cancer, AIDS, or 
bowel disease. When the gas and bloating problem has stopped, 
stop using Lugol’s. If one or two doses of Lugol’s cures the 
problem, stop. Store it in a perfectly secure place. In the past, 2/3 
of a teaspoon (60 drops) of Lugol’s was the standard dose of 
iodine given to persons with thyroid disease. Six drops is small 
by comparison. 
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Turmeric and fennel are herbs also used as cooking spices. 
They can eradicate invasive E. coli and Shigella bacteria! They 
are completely harmless, and are part of the Bowel Program. 

Other supplements. The concept of supplementing the diet is 
excellent, but the pollution problem makes it prohibitive. Use 
only supplements and brands recommended in Sources, although 
the best approach is to test them yourself with your Syncrometer. 
I can't guarantee the brands in Sources will stay pure. If in doubt 
leave it out. 





Home Clean-up 


This is the easiest task because it mostly involves throwing 
things out. Hopefully your family and friends will jump to your 
assistance. 

¢ The basement gets cleaned. 
e The garage gets cleaned. 
¢ Every room in the house gets cleaned. 


Your Basement 


To clean your basement, remove all paint, varnish, thinners, 
brush cleaners, and related supplies. Remove all cleaners such 
as carpet cleaner, leather cleaner, rust remover. Remove all 
chemicals that are in cans, bottles or buckets. 

You may keep your laundry supplies: borax, washing soda, 
white distilled vinegar, bleach and homemade soap. You may 
keep canned goods, tools, items that are not chemicals. You may 
move your chemicals into your garage. Also move any car tires 
and automotive supplies like waxes, oil, transmission fluid, and 
the spare gas can (even if it is empty) into your garage or discard 
them. 
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Seal cracks in the basement and around pipes where they 
come through the wall with black plastic roofing cement. In a few 
days it will be hard enough to caulk with a prettier color. Spread 
a sheet of plastic over the sewer or sump pump. 


Your Garage 


Do you have a garage that is a separate building from your 
home? This is the best arrangement. You can move all the 
basement chemicals into this garage. Things that will freeze, such 
as latex paint, you may as well discard. But if your garage is 
attached, you have a problem. Never, never_use_your door 
between the garage and house. Walk around the outside. Don't 
allow this door to be used. Tack a sheet of plastic over it to slow 
down the rate of fume entrance into the house. Your house acts 
like a chimney for the garage. Your house is taller and warmer 
than the garage so garage-air is pulled in and up as the warm air 
in the house rises. See the drawing. 

In medieval days, the 
barn for the animals was 
attached to the house. We 
think such an arrangement 
with its penetrating odors is 
unsavory. But what of the 
gasoline and motor fumes we 
are getting now due to 
parked vehicles? These are 
toxic besides! This is even 
more medieval. 

If your garage is under your house, you cannot keep the 
pollution from entering your home. In this case, leave the cars 
and lawnmower outside. Remove cans of gasoline, solvents, etc. 
Put up a separate shed for these items. 











Fig. 77 Garage fumes. 
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Special Clean-up for Freon (CFCs) 


Because I consider Freon to be the top health hazard in our 
home, I recommend turning in your refrigerator for a non-CFC 
variety. Dispose of all spare units. Remove window air condi- 
tioners or test the dust in your home (page 485) for Freon. Have 
your car's air conditioning system checked. Dispose of old pres- 
surized cans. Even one whiff is too much. It never leaves the 
body because the body has no detoxification methods for it! 

Only one useful reaction with Freon comes to mind. Freon is 
thought to be responsible for the ozone “hole” at the South Pole. 
Would Freon react with ozone supplied to your body and thereby 
become biodegradable? Indeed, it does! But only if you drink it 
as ozonated water. Other ozone routes, as intravenous or rectal, 
have not been observed to be as effective. 

If you are following your progress with the Syncrometer, you 
will see that Freon now appears in the liver for the first time. 
(Before this, it was marooned in the parathyroids, thymus, and 
other organs.) You may also detect a feeling like indigestion. 
You must come to the assistance of your liver. Even ozonated 
Freon is extremely burdensome to the liver. 

A combination of herbs (Liver Herb Drink in Recipes, page 
552) rescues the liver from its plight, and prevents the indiges- 
tion. After drinking liver herbs you will see that the Freon now 
appears in the kidneys. Yet it is marooned there unless you assist 
them. Take the kidney cleanse to assist the kidneys so they can 
finally excrete the Freon into the urine. 

It's an elaborate detoxifying program and usually takes six to 
eight weeks to get most of the Freon out. Afterward, continue the 
programs at one fourth dosage for half a year. 

Forane is one of the new refrigerants. Although toxic, at least 
I observe it in the liver directly, suggesting that your body is 
capable of handling it. Remember your new refrigerator will 
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still be using a toxic coolant, and it would be best to keep it out- 
side or at least vented to the outside. 


Special Clean-up for Fiberglass 


Fiberglass insulation has microscopically small bits of glass 
that are free to blow into the air. When house drafts pull it into 
the air you will inhale them. They cut their way through your 
lungs and organs like millions of tiny knives, spreading through 
your body, since there is no way out for them. You smell nothing 
and feel nothing. This makes it a very sinister poison. Your body, 
though, recognizes these sharp, pointed bits and tries to stop their 
spread by sequestering them in cysts. 

Most solid malignant tumors contain fiberglass or asbestos, 
another glass-like particle. In nearly all cases a hole can be 
found in the ceiling or walls, leading to fiberglass insulated parts 
of the house. When these holes are sealed in an air-tight manner 
the house air no longer is positive for fiberglass. Covering with 
paneling is not sufficient. Check your dwelling for uncovered 
fiberglass. Repair immediately. Search for small screw holes 
intended for pictures, or electric outlet plates that are missing. 

Also remove fiberglass jackets from water heater and fiber- 
glass filter from furnace. Replace with foam or carbon. Best of 
all, hire a crew to remove it all from your home, and replace in- 
sulation with blown-in shredded paper or other innocuous sub- 
stance. 

Never build a new house using fiberglass for any purpose. 


Special Clean-up for Asbestos 


The biggest source of asbestos is not building materials! It is 
the clothes dryer belt and hair dryer! To be safe, remove the belt 
from your dryer and check to see if it says “Made in USA” on 
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the belt itself. If so, it is OK. If not, it is imported, and probably 
contains asbestos. Exchange it for a USA belt (see Sources). 

Hair dryers, too, may be imported and shed asbestos. It is 
especially hazardous to be aiming a stream of hot asbestos right 
at your face! If you can't find a safe model (see Sources), or are 
unsure, don't use any. If you have cancer or are ill, no one in the 
house should use an unsafe hair dryer. 

Turn off radiators and electric heaters and cover them with 
big plastic garbage bags, or paint them, or remove them. They 
give off asbestos if their paint is old. 


Your House 


To clean the house, start with the bedroom. Remove every- 
thing that has any smell to it whatever: candles, potpourri, soaps, 
mending glue, cleaners, repair chemicals, felt markers, colognes, 
perfumes, and especially plug-in air “fresheners”. Store them in 
the garage, not the basement. Since all vapor rises, they would 
come back up if you put them in a downstairs garage or 
basement. 

Do not sleep in a bedroom that is paneled or has wallpaper. 
They give off arsenic and formaldehyde. Either remove them or 
move your bed to a different room. Leave the house while this is 
being done. If other rooms have paneling or wallpaper, close 
their doors and spend no time in them. 

Next clean the kitchen. Take all cans and bottles of chemicals 
out from under the sink or in a closet. Remove them to the garage. 
Keep only the borax, washing soda, white distilled vinegar and 
homemade soap. Use these for all purposes. For exact amounts to 
use for dishwasher, dishes, windows, dusting, see Recipes. 
Remove all cans, bottles, roach and ant killer, moth balls, and 
chemicals that kill insects or mice. These should not be stored 
anywhere. They should be thrown out. Remember to check the 
crawl space, attic and closets for hidden poisons also. 
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To keep out mice, walk all around your house, stuffing holes and 
cracks with steel wool. Use old-fashioned mouse traps. For 
cockroaches and other insects (except ants) sprinkle handfuls of 
boric acid* (not borax) under your shelf paper, behind sink, 
stove, refrigerator, under carpets, etc. Use vinegar on your 
kitchen wipe-up cloth to leave a residue that keeps out ants. Do 
this regularly. To wax the floor, get the wax from the garage and 
put it back there. A sick person should not be in the house while 
house cleaning or floor waxing is being done. 

Remove all cans and bottles of “stuff” from the bathroom. 
The chlorine bleach is stored in the garage. Someone else can 
bring it in to clean the toilet (only). Leave only the borax soap, 
homemade soap, and grain alcohol antiseptic. Toilet paper and 
tissues should be unfragranced, uncolored. All colognes, after 
shave, anything you can smell must be removed. Family members 
should buy unfragranced products. They should smoke outdoors, 
blow-dry their hair outdoors or in the garage, use nail polish and 
polish remover outdoors or in the garage. 

Do not keep new foam furniture in the house. If it is less than 
one year old, move it into the garage until you are well. It gives 
off formaldehyde. So does new clothing; it is in the sizing. Wash 
all new clothes before wearing. If you have a respiratory illness, 
move all the clothes in the clothes closet out of your bedroom to 
a different closet. 

Do not use the hot water from an electric hot water heater for 
cooking or drinking. It has tungsten. Do not drink water that sits 
in glazed crock ware (the glaze seeps toxic elements like 
cadmium) like some water dispensers have. Do not buy water 
from your health food store that runs through a long plastic hose 
from their bulk tank (I always see cesium picked up from flexi- 


4 Boric acid is available by the pound from farm supply stores and 
from Now Foods. Because it looks like sugar keep it in the garage to 
prevent accidental poisoning. 


449 


THE CURE FOR ALL DISEASES 


ble clear plastic). Also ask them how and when they clean their 
tank. Best is to observe that it is done with non-toxic methods. 

If your house is more than 10 years old, change all the gal- 
vanized pipe to PVC plastic. Although PVC is a toxic substance, 
amazingly, the water is free of PVC in three weeks! If your house 
has copper pipes don't wait for cancer or schizophrenia to claim 
a family member. Change all the copper pipe to PVC plastic 
immediately. If the pipes are not accessible, ask a plumber to lay 
an extra line, outside the walls. This is less expensive, too. 

If you have a water softener, by-pass it immediately and re- 
place the metal pipe on the user side of the softener tank. Sof- 
tener salts are polluted with strontium and chromate; they are 
also full of aluminum. The salts corrode the pipes so the pipes 
begin to seep cadmium into the water. After changing your pipes 
to plastic, there will be so little iron and hardness left, you may 
not need a softener. If the water comes from a well, consider 
changing the well-pipe to PVC to get rid of iron. While the well 
is open, have the pump checked for PCBs. Call the Health 
Department to arrange the testing. If you must have softening after 
all this, check into the new magnetic varieties of water softener 
(although they only work well when used with plastic plumbing). 

The cleanest heat is electric. Go total electric if possible. If 
you must stay with gas, have a furnace repair person check your 
furnace and look for gas leaks before the heating season starts. 
Don't call the gas company even though it is free. The gas com- 
pany misses 4 out of 5 leaks! The Health Department does not 
miss any; call them! House builders and contractors are also re- 
liable in their gas leak detection. 
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Unnatural Chemicals 
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6 ramen pe Y3 x13 = 78; 70 + 1 (stfed) = 19 = 7 x7 = uCH 1) PLN |. Spirdla znazornuje ) CESTU POZEMSKEN 

v zaveru ROTACE a NENT ENERGIE ~ P 0 NI. Stfed = vyehozi bod -3. dimenze, ures = 5. dimenze, Hupsjent jabeky zpet znaciv 4. dimenzi 
schopnost maneastne vyuzit minulych prozitka “(wéetne z minulych zivota), kruhy = ETAPY SE ZIVOTY, boéni kroutky znaéi odhazovani negativnich energii 
z gent pi ziadnutych duchovnich 2 kach, ale také moznosti volby jit SLEPOU CESTOU nedspéchu a chyb (jakoby plytvani energie). Rozmeéry kruhé maji 


info o INTENZITE —- pracnosti — duchoval prace: 2. pilka spiral se jiz ZMENSUJ 
spiralou bilo téz schopnost VYUZIVAT INFO prozitky ych MDB gah ionalnich bytosti ~ ja), tim se SNIZUJE odpor 2. seinkalel f a tay. pracnost 
v pivodnim ch4ép4nf. Tehdy se stéle vice vyudivé dart f 6 spir4l znaci VZ uP C dy (A (= 6) a také VZESTUP 6 MDB s nskym - vin inn fin 
principem (laskaa dobro) a muzskym — maskulinnim princi | (pravda, moudrost), tj. celk 12 MDB ve12 dimenzich tohoto hmotného Vesarke. 


. nebot’ je vice vysvobozenaé z pasti negativniho stavu a spojeni s jinou 












L-pter | spiral znaci ETAPY V DU ‘ : Kruhy jsou RUZNE, ne stejné, zato stfed a 6 spiral a jejich propojeni je JEONOZNACNE. Tech, které se 
DOTYKAJ stiedu (Stvofitel 2 dalbi spirsly (Jednota), je 11! 141 je zvyraznéna2 — - PRI INIK pozitivaihe a negativniho stavu ! Wejvétsi kruh na spirale znaci 
B 1D ZVRATU —- OBRATU, tj. kdyz doch4zi k OBNOVEN! pevného spoj fo JEDNOTY. Zvetsovani kruhu = zvetsovani oddélenosti, a opakem je zmensovani 
oddélenosti a je zde § ETRIE. Vychozi dokonala troven je PRI EK NA vyssi dokonalou Grovni — VNEJSI KRUH, a stale do NEKO NE CNA - PRIt 


OST! TVORENI. Na konci etapy je POSLEDN!I SOUD - schaceed ~ POCHOPENI = zapojeni koncié spiral a znaéi to také, ze MDB jsou na sobe 











ZAVISLA. 


Dale piktogram znati popis Stvofeni: Ve stfedu TRN| MEBE emanujici pfes STREDNI NEBE (spiraly) do VNEJSIHO NEBE. Tam je nejzazsi iroven — 
ZOBRAZUJICI, proto to zylastnt — epe tnova at i zapojeni konci spiral do stredu nasledujici spiraly. To, ze je sestaven Je! ZKRUNU znaci, ze v kazdé Easti 
celého Stvofeni je | STVORITEL PRK TNE : A VSECH (kruh), kruhy se DOTYKAJI — vse je se vSim spojeno, tvafi CELEK - JEDNOTU we sttedy: je\6 
vrchola — zaéatky spiral - MERKAB cemen 409 kruhti: 4 + 9 = 13 = 14 +12 = Stvofitel Prvetni + 12 dimenzi tohote hmotného Vesmiru. 12 je zakladnim 
strukturnim Cislem Stvofeni, napt. 123 x 4 dimenzi ma celé Stvofeni (1? — vnitini, 24 stfedni, 12 vnejsi). 








Je tam ZAKLADN] PRVEK TVORENI: Nejprve ODDELENI od Stvofitele (najednou), CESTA ODDELENOSTI (véetné oddéleni energii po stranach), a pak 
Lh hah 


v nejzevnejsi Grovni SPOJENIDO JEONOTY (postupny proces). 





VA SAMA SEBE, tj. STVORITELE 
Pokud bereme téch 6 KROI cu, 
1A POLOZENE OTAZKY !* 





Ui vyjadruje ROTACK VSE JE V POHYBU, VE ZME NE. Znamena to také JEDINO 
PRVOTNIHO VSEHO A VSECH, a to skrze SVE PROZITKY a to poznani je NEKONE CNE 


saat fe se nejvice poznavaé pies CLOVEKA (6) | ZDE V NEJZAZSI ZEVNEJSNOSTI J EJZA 





» kdy kazdé stvofent *¢ 
SPI : 





RBA = 0 OKO 
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o umisteni na dboci kopce ve Wildshire v Anglii je ovidasici TU, kde byla polozena tate otazka bytosti civilizace Adam a Eva na Pravé planeté 


d i av Pravém . Ano, tente piktogram je SOU TI odpor adi ne oté ku: JAK by vypadal Zivot BEZ s ast thy r4ce se Stvofitelem Prvotnim véeho a 
vsech a BEZ dodrzeni jeho 3 nejdéilezitéjsich ZAKONU LASK) . Tato odpovéd je Sabmaul iv temto piktogramu, i kdyz pine bude zodpovezena v PLNOSTI 
NE GATIVNIHO STAVU. (Viz Nové zjeveni— porn. rpracovatele) 


Obr. 775 www.vesmirni-ide.cz 
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Bioelectronics 


The most important electronic device to make or buy is a 
zapper—a compact pulse generator operating from a common 9 
volt battery whose output is about 30 KHz. It kills all parasites, 
bacteria, viruses, molds, and fungi even though their individual 
resonant frequencies are either higher or lower (50 KHz to 900 
KHz). Building a zapper is described in an earlier chapter. 

The next most useful device to have is a Syncrometer. ™ It 
lets you diagnose yourself and monitor your progress until you 
are cured. It consists of an audio oscillator circuit with your 
body as part of the circuit. Utilizing samples of parasites or 
pollutants, it lets you test for them in any product or body tissue. 
I include a design that you can make yourself. 

A third very useful device is a frequency generator. You 
can use it to electrocute individual organisms, or together with 
the Syncrometer™ to find an organism's particular frequency. 
You need one that operates in the parasite, bacteria and virus 
ranges, from 50 KHz to 900 KHz. It must also be able to select a 
particular frequency, like 434 KHz, quickly and accurately. 
Frequency generators are available for as little as $300.00, but it 
is worth paying a little more to get a digital display of the fre- 
quency. 


Making A Syncrometer 


This is an audio oscillator circuit in which you include 
yourself by means of a handhold. You listen to the current in your 
circuit with a loudspeaker. Other oscillator circuits will work, 
too. A lot of fascinating opportunities present themselves with 
this concept. 
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I have previously published three ways to build the Syn- 
crometer circuit.” Here is the circuit diagram: 


amplifier/ s 
speaker 








PNP 






handhold 


test plates 
4700pf moly cap 
-1 mfd 16v cap 
2N2907 PNP 
min output transf 8-900U 
150 .25w res 
3 AA batteries 
speaker (like Radio 
Shack 277-1008C) 


Fig. 79 Syncrometer schematic. 


If you are not an electronics enthusiast, you can still assemble 
a Syncrometer using a hobby kit. No soldering is required. Here 
is what you need: 


Making a Hobby Kit Syncrometer 





Item Radio Shack Cat. No. 
200 in One Electronic Project Lab by | 28-262 
Science Fair 

3 AA 1% volt batteries 














In The Cure for all Cancers and The Cure for HIV/AIDS. 
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Alligator clip test jumpers You need 2. 

Handhold. A four inch length of %4 

inch copper pipe, like for plumbing. 

These dimensions are critical to 

assure maximum skin contact. 

Probe. A banana plug. Precision Mini-Hook 
Test Lead Set (contains 
two, you only need one) 
278-1160A 








Pencil, new. 








Fig. 80 Syncrometer parts list. 


Build The Electrosonic Human in the 200 in One Electronic 
Project Lab. It takes about 10 minutes. 





Later, when you use the probe to press against your knuckle 
you may find getting the right sound is painful. In this case try 


substituting the .005 microfarad capacitor for the .01 microfarad 
capacitor in the circuit. 





Attach the Probe. The Archer Precision Mini-Hook Test 
Lead Set has a banana plug for the probe on one end and a mini- 
hook on the other end for easy attachment to the circuit. Tape a 
long, new pencil to the probe to make it easier to hold. Connect 
the Probe to middle post of the primary side of the transformer (it 
also connects to the negative battery post). You will not be using 
the two connections the instructions tell you to hold. 

Attach the Handhold. Clip the Handhold to one end of an 
alligator clip test jumper, and clip the other end to the base (B) 
of the transistor used in the circuit. 

Attach an alligator clip to the post of the transformer that 
connects to the two capacitors. This will go to the test plates. 

Final test. Turn the control knob on and keep turning the 
potentiometer to nearly the maximum. (This reduces the resis- 





459 


THE CURE FoR ALL DISEASES 


tance. The schematic has a 150 ohm fixed resistor in place of the 
potentiometer.) Make sure you have good batteries installed. Test 
the circuit by briefly touching the Probe to the Handhold. The 
speaker should produce a sound like popping corn. If it does not, 
check that your alligator clips are not bending the spring 
terminals so much that other wires attached there are loose. 
Finally, turn switches OFF. 


Making Test Plates 


This is the box you attach to the basic Syncrometer circuit. It 
has test plates to put your test substances and tissue samples on. 
The wiring in it is arranged so that you can test for a toxin in a 
product, as well as search in yourself. This means you can search 
for Salmonella in the milk or cheese you just ate, not just for 
Salmonella in your stomach. 

Only if the resonant frequency of an item on one plate is 
equal to the resonant frequency of an item on the other plate will 
the entire circuit oscillate or resonate! This implies the two 
plates have something in common. By putting a known pure 
sample on one plate you can reliably conclude the other sample 
contains it if the circuit resonates. 

You may build a test plate box into a cardboard box (such as 
a facial tissue box) or a plastic box. Here are the instructions for 
the cardboard box model. 


Test Plates Parts List 


¢ Stiff paper. 

¢ Aluminum foil. 

e A facial tissue box is easiest. A plastic project box, about 
7°? x 4’ x 1% makes a more durable product, but requires a 
drill, and you should discard any metal lid it comes with. 
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¢ 3 bolts (tapered heads) about | inch long, 1/8 inch diameter 
and 6 washers and nuts to fit. 

* toggle switch with OFF-ON positions. 

e Alligator clip test leads. 


Test Plates Assembly 


Cut two 3-1/2 inch squares out of stiff paper such as a milk 
carton. Cover them with 4%2inch squares of aluminum foil, 
smoothed evenly and tucked snugly under the edges. You have 
just made yourself a set of open capacitors. Turn the box upside 
down and draw squares where you will mount them at the ends of 
the box. Don't actually mount them, to save wear and tear on 
them, until the rest of the box is complete. 

Mount the ON OFF switch on the front of the box, underneath 
the right hand plate. Line it up so ON is downward and OFF is 
up. (An electronics shop can determine this for you at the time of 
purchase.) Label the box with ON and OFF signs. 

Two bolts will be reserved for the plates. The third bolt is 
used as a terminal where the current from the oscillator circuit 
will arrive. Make a hole on the side of the box, near the left hand 
plate and mount the bolt so it sticks half way inside and halfway 
outside the box. It does not matter whether the head is inside or 
outside. Tighten it there with a nut on each side of the box. Label 
it TERMINAL. It merely means connecting place. 

Mark the center of each square that you drew and each ca- 
pacitor you built. Pierce first with a pin; follow with a pencil 
until a round hole is made at the center. Mount each plate with a 
bolt, fastening it below with a nut. Washers are optional. 

The left side connection (terminal) gets attached to the left 
plate (bolt) with an alligator clip. Use another clip to attach the 
same left plate (bolt) to the ON OFF switch (there are two con- 
nections, use either one). Finally attach the ON OFF switch 
connection you didn't use to the right plate (bolt). Make sure the 
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connections at the switch are not touching each other; you might 
tape them to guard against this. 

All these connections should be checked carefully to make 
sure they are not touching others accidentally. But if you leave 
the box open so you can see any problems and use clear tape 
around connections to prevent accidental touching to the wrong 
connection, it should work OK. 

Finally, trace your current. It comes in from the Syncrometer 
at the main terminal on the left. It is brought to the left plate. 
When the switch is ON it is simultaneously brought to the right 
plate. Notice that the plates are not connected to anything else. 
They are simply capacitors, letting current in and out momen- 
tarily and at a rate that is set by the frequency of the oscillator 
circuit, about 1,000 hertz. This frequency goes up as the resis- 
tance (of the circuit or your body) goes down. 

The probe and handhold allow you to include yourself in the 
Syncrometer circuit. You grasp these when testing. This makes 
you part of the circuit. 

The speaker lets you “listen” to the current. As resistance 
drops, current goes higher and frequency goes up. As frequencies 
go higher in the circuit, pitch goes higher. You will be comparing 
the sound of a standard “control” current with a test current. 


Using The Syncrometer 


Fill a saucer with cold filtered tap water. Fold a paper towel 
four times and place it in this dish. It should be entirely wet. 

Cut paper strips about 1 inch wide from a piece of white, 
unfragranced, paper towel. Dampen a paper strip on the towel 
and wind it around the copper pipe handhold to completely cover 
it. The wetness improves conductivity and the paper towel keeps 
the metal off your skin. 
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e Start with the test plate switch at OFF. 

e Turn the control knob (potentiometer) on, and to near 
maximum. 

¢ Touch each plate with the probe, while holding the copper 
pipe with one hand. Only the left plate should give you a 
sound from the speaker. Turn the test plate switch ON. 
Now both plates should give you a sound when the probe 
touches them. 

¢ Turn the test plate switch OFF again. 

e Pick up the handhold, squeeze it free of excess water. 

¢ Pick up the probe in the same hand, holding it like a pen, 
between thumb and forefinger. 


Dampen your other hand by making a fist and dunking your 
knuckles into the wet paper towel in the saucer. You will be 
using the area on top of the first knuckle of the middle finger or 
forefinger to learn the technique. Become proficient with both. 
Immediately after dunking your knuckles dry them on a paper 
towel folded in quarters and placed beside the saucer. The de- 
gree of dampness of your skin affects the resistance in the circuit 
and is a very important variable that you must learn to keep 
constant. Make your probe as soon as your knuckles have been 
dried (within two seconds) since they begin to air dry further 
immediately. 

With the handhold and probe both in one hand press the 
probe against the knuckle of the other hand, keeping the knuckles 
bent. Press lightly at first, then harder, taking one half second. 
Repeat a half second later, with the second half of the probe at 
the same location. There is an additive effect and you get two 
chances to listen to the current. All of this takes less than two 
seconds. Don't linger because your body will change and your 
next probe will be affected. 
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Subsequent probes are made in exactly the same way. As you 
develop skill, your probes will become identical. Plan to 
practice for one or two hours each day. It takes most people at 
least twelve hours of practice in order to be so consistent with 
their probes that they can hear the slight difference when the 
circuit is resonant. 

For reference you may wish to use a piano. The starting 
sound when you touch down on the skin should be F, an octave 
and a half above middle C. The sound rises to a C as you press to 
the knuckle bone, then slips back to B, then back up to C-sharp as 
you complete the second half of your first probe. If you have a 
multitester you can connect it in series with the handhold or 
probe: the current should rise to about 50 microamps. If you have 
a frequency counter the frequency should reach 1000 Hz. You 
should arrive at C-sharp just before the probe becomes painful. 

Two things change the sound of the probes even when your 
technique doesn't change. 

1. The patch of skin chosen for probing will change its prop- 
erties. The more it is used, the redder it gets and the higher 
the sound goes when you probe. Move to a nearby location, 
such as the edge of the patch, when the sound is too high to 
begin with, rather than adjusting the potentiometer. 

2. Your body has cycles which make the sound go noticeably 
higher and lower. If you are getting strangely higher sounds 
for identical probes, stop and only probe every five 
minutes until you think the sound has gone down to stan- 
dard. This could take five to twenty minutes. Learn_this 
higher sound so you can avoid testing during this period. 

You may also find times when it is impossible to reach the 
necessary sound without pressing so hard it causes pain. You 
may adjust the potentiometer if that helps. 
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All tests are momentary. 


This means less than one second. It is tempting to hold the 
probe to your skin and just listen to the sound go up and down, 
but if you prolong the test you must let your body rest ten minutes, 
each time, before resuming probe practice! 





For our purposes, it is not necessary to locate acupuncture 
points. 


Resonance 


The information you are seeking is whether or not there is 
resonance, or feedback oscillation, in the circuit. If there is the 
test is YES (positive). You hear resonance by comparing the 
second probe to the first. You can never hear resonance on the 
first probe, for reasons that are technical and beyond the scope of 
this book. You are not merely comparing pitch in the two probes. 
During resonance a higher pitch is reached faster; it seems to 
want to go infinitely high. 

Remember that more electricity flows, and the pitch gets 
higher, as your skin reddens or your body changes cycle. These 
effects are not resonance. 

Resonance is a small extra hum at the high end of the probe. 
As soon as you hear it, stop probing. Your body needs a short 
recovery time (10 to 20 seconds) after every resonant probe. The 
longer the resonant probe, the longer the recovery time to reach 
the standard level again. 

Using musical notes, here is a NO (negative result): F-C-B- 
C# (first probe) F-C-B-C# (compare, it is the same sound). Here 
is a YES (positive) result: F-C-B-C# (first probe) F-D (stop 
quickly because you heard resonance). In between the first and 
second probe a test substance will be switched in as described in 
lessons below. 
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It is not possible to produce a resonant sound by pressing 
harder on the skin, although you can make the pitch go higher. To 
avoid confusion it is important to practice making probes of the 
same pressure. (Practice getting the F-C-B-C# tune.) 


Making Pure Water for Testing Purposes 


Since the water you purchase is likely to have solvents in it 
and since your tap water may be polluted with heavy metals and 
since your (or a store's) filtration system may be clogged, it is 
important to make your own pure water. 

Purchase a “filter pitcher” made of hard, opaque plastic, not 
the clear or flexible variety (see Sources). Fill the pitcher with 
cold tap water, only, not reverse osmosis, distilled, or any other 
water, since solvents do not filter out as easily as heavy metals. 
The filter should be made of carbon only. To make test sub- 
stances, use fresh water in the pitcher and pour. 

If your water has lead, copper or cadmium from corroded 
plumbing, the filter will clog in five days of normal use. So use 
this pitcher sparingly, just for making test substances and for 
operating the Syncrometer. 





Lesson One 


Purpose: To identify the sound of resonance in the circuit. 

Materials: Potentized (homeopathic) solutions. Prepare 
these as follows: find three medium-sized vitamin bottles, glass 
or plastic, with non-metal lids. Remove any shreds of paper 
sticking to the rim. Rinse well with cold tap water. Then rinse 
again with filtered water. 

Pour filtered water into the first bottle to a depth of about 2 
inch. Add about 50 little grains of table salt using the tip of a 
plastic knife. This is a “pinch.” Replace the lid. Make sure the 
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outside is clean. If not, rinse and dry. Now shake hard, holding it 

snugly in your hand. Count your shakes; shake 120 to 150 times. 

Use elbow motion so each shake covers about an eight inch 

distance. Shaken samples are different from unshaken ones, that's 

why this is so important. When done label the bottle on its side 
and lid: SALT #1. Wash your hands (without soap). 

Next, pour about the same amount of filtered water into the 
second and third bottles. Open SALT #1 and pour a small 
amount, like 1/4 to 1/2 of a teaspoon (do not use a spoon) into the 
second and third bottles. Close all bottles. Now shake the second 
bottle the same as the first. Clean it and label it SALT #2. Do the 
same for the third bottle. Label it SALT #2 also and set aside for 
Lesson Four. 

These two solutions have unique properties. SALT #1 al- 
ways resonates. Use #1 to train your ear. SALT #2 shouldn't 
resonate. Use #2 to hear when you (your body's internal resis- 
tance) have returned to the standard level. 

. Turn the Syncrometer ON. 

. Place the SALT #2 bottle on the right test plate. 

. Start with the plate switch OFF. 

. Make your first probe (F-C-B-C#). 

. Flip the plate switch ON, taking only one half second. 
Brace your hand when switching so it is a fast, smooth, 
operation. 

6. Make the second probe (F-C-B-C#). Total probe time is 22 
seconds. Count it out, “a thousand and one (done with first 
probe) a thou. (done with switching) a thousand and one 
(done with second probe).” 

7. The result should be a NO (negative). If the second probe 
sounds even a little higher you are not at the standard level. 
Wait a few more seconds and go back to step 3. 

8. If the first result was NO, remove SALT #2 and put SALT 
#1 on. Put the test plate switch back to OFF and repeat the 
test. This time the circuit was resonating. Learn to hear the 
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difference between the last two probes so that a resonant 
probe can be terminated early (reducing rest time). 

9. The skin must now be rested. When SALT #1 is placed in 
the circuit there is always resonance whether you hear it or 
not. Therefore, always take the time to rest the skin. 

10. How can you be sure that the skin is rested enough? Any 
time you want to know whether you have returned to the 
standard level, you may simply test yourself to SALT #2 
(just do steps 3 through 6). While you are learning, let your 
piano also help you to learn the standard level (starts 
exactly at F). If you do not rest and you resonate the circuit 
before returning to the standard level, the results will 
become aberrant and useless. The briefer you keep the 
resonant probe, the faster you return to the standard level. 
Don't exceed one half second when probing SALT #1. 
Hopefully you will soon hear resonance within that time. 

This lesson teaches you to first listen to the empty plate, then 
to SALT #2, to check for standard state. Then to compare the 
empty plate to SALT #1 to check for resonance. In later lessons 
we assume you checked for your standard level or are quite sure 
of it. 


Practice hearing resonance in your circuit every day. 


White Blood Cells 


Checking for resonance between your white blood cells and a 
toxin is the single most important test you can make. 

Your white blood cells are your immune system's first line of 
defense. In addition to making antibodies, interferon, inter- 
leukins, and other attack chemicals, they also “eat” foreign sub- 
stances in your body and eliminate them. By simply checking 
your white blood cells for toxins or intruders you save having to 
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check every other tissue in your body. Because no matter where 
the foreign substance is, chances are some white blood cells are 
working to remove it. 

It took me two years to find this ideal indicator, but it is not 
perfect. Tapeworms are a notable exception. They can be en- 
cysted in a particular tissue which will test positive, while the 
white blood cells continue to test negative. Also, when bacteria 
and viruses are in their latent form, they do not show up in the 
white blood cells. Fortunately, in their active form they show up 
quite nicely. Freon is an example of a toxin that is seldom found 
in the white blood cells; but typically, the white blood cells are 
excellent indicators of toxins. 





Making a White Blood Cell Specimen 


Obtain an empty vitamin bottle with a flat plastic lid and a 
roll of clear tape. The white blood cells are not going into the 
bottle, they are going on the bottle. The bottle simply makes them 
easy to handle. Rinse and dry the bottle. Make a second specimen 
on a clean glass slide if available. Squeeze an oil gland on your 
face or body to obtain a ribbon of whitish matter (not mixed with 
blood). Pick this up with the back of your thumb nail. Spread it in 
a single, small streak across the lid of the bottle or the center of 
the glass slide. Stick a strip of clear tape over the streak on the 
bottle cap so that the ends hang over the edge and you can easily 
see where the specimen was put (see photo). Wipe the lid beside 
the tape to make sure all white blood cells are covered. For the 
slide, apply a drop of balsam and a cover slip (see Sources). 
Both types of preparation will give you identical results. The 
bottle type of white blood cell specimen is used by standing it on 
its lid (upside down) so that the specimen is next to the plate. 
The lid is used because it is flat, whereas the bottom of most 
bottles is not. 
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Lesson Two 


Purpose: To add a white blood cell specimen to the circuit 
and compare sound. 
Method: 


1. 


Turn the Syncrometer ON. 


2. Start with test plate switch OFF. 


3. 
4, 
5. After Yminute listen to the current. Flip the plate switch ON 


6. 


Take vitamin C and a B-50 
complex to clear it rapidly; it may 
have had propyl alcohol or ben- 
zene in it. Test every 5 minutes 
afterward to see how long it takes 
to clear out. 


Lesson Three 


Purpose: To determine the 
purity of the filtered water you are 
making. 


Place the white blood cell specimen on the left plate. Place 
some junk food in a plastic baggy on the right plate. 
Eat some of the junk food. 


and listen again. 
If the circuit is now resonating, the junk food is already in 
your white blood cells. It is toxic. 





Fig. 81 Bottle with white 
blood cells taped on top. 


Method: Pour a few tsp. of filtered water into a bottle or 
plastic bag. Place your white blood cell specimen on one plate 
and the water sample on the other. Listen to your circuit. Taste 
your filtered water. After Yzminute, listen to your circuit again, 
just as in Lesson Two. If it appears in your white blood cells at 
any time you can conclude the water is not pure. You must have 
pure water available to you before continuing. 
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Lesson Four 


Purpose: To determine your percent accuracy in listening for 
resonance. 
Materials: The SALT #1 and SALT #2 solutions you made 
for Lesson One. 
Method: Move the SALT #1 and SALT #2 labels to the 
bottom of the bottles so you can not tell which bottle is which. 
1. Turn the Syncrometer ON. 
2. Start with the test switch OFF. 
3. Mix the bottles up, select one at random, and place it on the 
right plate. 
4. Listen to the current. 

. Flip the plate switch ON and make your second probe. 

6. Resonance indicates a SALT #1, no resonance indicates 
SALT #2. Check the bottom. Remember to rest after the 
SALT #1, whether or not you heard resonance. 

7. Repeat steps 3 through 5 a number of times. Work toward 
getting three out of three correct. Practice every day. 


Nn 


Trouble shooting: 

a) If you repeat this experiment and you keep getting the 
same bottles “wrong”, start over. You may have accidentally 
contaminated or mislabeled the outside of the bottle, or switched 
bottle caps. 

b) If you get different bottles wrong each time, the plates 
may be contaminated. Wash the outside of the bottles and rinse 
with filtered water and dry. Wipe the plates very gently too, with 
filtered water and dry. Or replace the plates. 

c) If all the bottles read the same, your filtered water is 
polluted. Change the filter. 
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Preparing Test Substances 


It is possible to prepare dry substances for testing such as a 
piece of lead or grains of pesticide. They can simply be put in a 
plastic bag and placed on the test plate. However, I prefer to 
place a small amount (the size of a pea) of the substance into a 2 
ounce bottle of filtered water. There will be many chemical 
reactions between the substance and the water to produce a 
number of test substances all contained in one bottle. This 
simulates the situation in the body. 

Within the body, where salt and water are abundant, similar 
reactions may occur between elements and water. For example, a 
strip of pure (99.9% pure) copper placed in filtered water might 
yield copper hydroxide, cuprous oxide, cupric oxide, copper 
dioxide, and so forth. These may be similar to some of the 
reaction products one might expect in the body, coming from a 
copper IUD, copper bracelet or the copper from metal tooth 
fillings. Since the electronic properties of elemental copper are 
not the same as for copper compounds, we would miss many test 
results if we used only dry elemental copper as a test substance. 


Impure Test Substances 


It is not necessary to have pure test substances. For instance, 
a tire balancer made of lead can be easily obtained at an auto 
service station. Leaded gasoline and lead fishing weights also 
make good test substances for lead. There is a disadvantage, 
though, to using impure test substances. You are including the 
extra impurities in your test. If your lead object also has tin in it, 
you are also testing for tin. Usually, you can infer the truth by 
some careful maneuvering. If you have searched your kidneys for 
leaded gasoline, fishing weights and tire balancers and all 3 are 
resonant with your kidneys, you may infer that you have lead in 
your kidneys, since the common element in all 3 items is 
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lead. (You will learn how to specify a tissue, such as your kid- 
neys, later.) 

Using pure chemicals gives you certainty in your results. You 
can purchase pure chemicals from chemical supply companies 
(see Sources). Your pharmacy, a child's chemistry set, a paint 
store, or biological supply company can also supply some. 


The biggest repository of all toxic substances is the grocery 


store and your own home. 





You can make test substances out of your hand soap, water 
softener salt, and laundry detergent by putting a small amount 
(1/16 tsp.) in a Younce glass bottle and adding about 2 tsp. fil- 
tered water. (Or for quick testing just put them dry or wet in a 
sealed plastic baggy.) Always use a plastic spoon. 

Here are some suggestions for finding sources of toxic 
products to make your own toxic element test. If the product is a 
solid, place a small amount in a plastic bag and add a tablespoon 
of filtered water to get a temporary test product. For permanent 
use put it in a small amber glass bottle. If the product is a liquid, 
pour a few drops into a glass bottle and add about 2 tsp. filtered 
water. Keep all toxic substances in glass bottles for your own 
safety. Small amber glass dropper bottles can be purchased by 
the dozen at drug stores (also see Sources). Seal your test bottles 
with tape for safety and to prevent evaporation. 


Aflatoxin: scrape the mold off an orange or piece of bread; 
wash hands afterward. 

Acetone: paint supply store or pharmacy. 

Arsenic: 1/16 tsp. of arsenate pesticide from a garden shop. A 
snippet of flypaper. 

Aluminum: a piece of aluminum foil (not tin foil) or an 
aluminum measuring spoon. 
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Aluminum silicate: a bit of salt that has this free running agent 
in it. 

Asbestos: a small piece of asbestos sheeting, an old furnace 
gasket, 1/4 inch of a clothes dryer belt that does not say 
“Made in USA”, or a crumb of building material being 
removed due to its asbestos content (ask a contractor). 

Barium: save a few drops from the beverage given clients 
scheduled for an X-ray. Lipstick that has barium listed in 
the ingredients. 

Benzene: an old can of rubber cement (new supplies do not 
have it). A tsp. of asphalt crumbs from a driveway. 

Beryllium: a piece of coal; a few drops of “coal oil” or lamp 
oil. 

Bismuth: use a few drops of antacid with bismuth in it. 

Bromine: bleached “brominated” flour. 

Cadmium: scrape a bit off a galvanized nail, paint from a 
hobby store. 

Cesium: scrape the surface of a clear plastic beverage bottle. 

CFCs (freon): ask an electronics expert for a squirt from an 
old aerosol can that used freon as a cleaner. (Squirt into 
water, outdoors, put the water in a sample bottle.) 

Chromate: scrape an old car bumper. 

Cobalt: pick out the blue and green crumbs from detergent. A 
sample of cobalt containing paint should also suffice. 

Chlorine: a few drops of pure, old fashioned Clorox. ™ 

Copper: ask your hardware clerk to cut a small fragment off a 
copper pipe of the purest variety or a 4 inch of pure copper 
wire. 

Ergot: a teaspoon of rye grains, or rye bread. Add grain al- 
cohol to preserve. 

Ether: automotive supply store (engine starting fluid). 

Ethyl alcohol (grain alcohol): the purest “drinking” alcohol 
available. Everclear™ in the United States, Protec™ 
(potable) in Mexico. 
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Fiberglass: snip a fragment from insulation. 

Fluoride: ask a dentist for a small sample. 

Formaldehyde: purchase 37% at a pharmacy. Use a few 
drops only for your sample. 

Gasoline: gas station (leaded and unleaded). 

Gold: ask a jeweler for a crumb of the purest gold available 
or use a wedding ring. 

Kerosene: gas station. 

Lead: wheel balancers from a gas station, weights used on 
fishing lines, lead solder from electronics shop. 

Mercury: a mercury thermometer (there is no need to break 
it), piece of amalgam tooth filling. 

Methanol: paint supply store (wood alcohol). 

Nickel: a nickel plated paper clip, a washed coin. 

Patulin (apple mold): cut a sliver of washed, bruised apple. 

PCB: water from a quarry known to be polluted with it (a 
builder or electrical worker may know a source). 

Platinum: ask a jeweler for a small specimen. 

Propyl alcohol: rubbing alcohol from pharmacy (same as 
propanol or isopropanol). Use a few drops only, discard 
the rest. Do not save it. 

PVC: glue that lists it in the ingredients (polyviny1 chloride). 

Radon: leave a glass jar with an inch of filtered water in it 
standing open in a basement that tested positive to radon 
using a kit. After 3 days, close the jar. Pour about 2 tsp. of 
this water into your specimen bottle. 

Silicon: a dab of silicon caulk. 

Silver: ask a jeweler for a crumb of very pure silver. Silver 
solder can be found in electronics shops. Snip the edge of a 
very old silver coin. 

Sorghum mold: 1/8 tsp. sorghum syrup. 

Styrene: a chip of styrofoam. 

Tantalum: purchase a tantalum drill bit from hardware store. 
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SCHEME OF THE ENERGY-PROTO-PLASMATIC CAPSULE 


This part of message 1718 is a continuation of message THE SPIRITUAL PATH — messages 819 - 847 and 
of further messages 1564, 1578, 1579, 1684-1688, 1694-1699, 1702, 1709, 1710, 1713, 1714, 1717, 1718, 
as well as pictures 467, 539-548, 678-689, 767, 768, 776 und 781-791, 793. The most elaborate information 
can be found in books of THE NEW REVELATION. We recommend to study these sources in the first place. 


November 30, 2002 


SUPPLY OF TRUE INFORMATION 
AND ENERGIES OF LOVE 
FROM 


92 % of Earth men uses only ca. 5 % of true infor- 
mation, the remaining 95 % is pseudo-information 
from the negative state. Pseudo-creators had to 
retain a tiny OPENING through which flows a 
minimum inevitable amount of true energies — 
information — from The Prime Creator necessary 
for survival of Spirit/soul in the proto-capsule. 
































SHADOWS — GUARDS 


Their primary task is to systematically distort and 
pervert the true information and ideas of the positive 
state. They also fix crackings in the proto-capsule. 


THE INDIVIDUAL CONTROL CHANNEL 


This pseudo-information channel is part of external 
pseudo-information web of the negative state. 

Its purpose is to deliver individual pseudo-ideas 
into individual's information patterns. 


THE PSEUDO-INFORMATION 
CONTROL WEB 


It serves for transmission of general pseudo-ideas 
and information. All capsules are interconnected 
through it. The web transmits pseudo-programs and, 
at the same time, it carries energy sucked from 

the encapsulated being who adopts and works with these 
programs and ideas. The capsule also serves as 

a transducer and source of energy for the negative 

state. The individual provides that energy on the basis of his 
acceptance of pseudo-ideas and pseudo-truths from their 
pseudo-creators and their pseudo-hierarchy. 

He thus feeds and supports them. Therefore, when 
a being begins working on himself and refuses their pseudo- 
productions, he becomes a threat for them, since he ceases 
supplying them with his negative energy and spreads around 
him received true energy-information patterns from The 
True Creation. He thus disrupts the pseudo-energy-info- 
rmation system of Forces of Darkness. By his own free 
choice, this individual extricates himself, his capsule cracks 
and he emits to his surroundings the truth and light, until he 
eventually gets rid of the entire capsule and the degree 

of true information in him gets increased up to 80 - 90 % 

of truth and love. This way he progresses on his spiritual path 
up to the point of enlightenment — the transvibration, which signifies 
the LIBERATION FROM THE TRAP OF THE NEGATIVE STATE. 





THE TRUE INFORMATION 
It is already partly distorted and 

_ perverted by the shadows - 
guards from the negative state. 





EXCHANGE OF ENERGY- 
INFORMATION BLOCKS 


— PSEUDO-INFOR- 
MATION CHANNELS 


Internal information spider-web 
of the negative state supplies 
encapsulated individual with 
falsities and pseudo-ideas. This 
pseudo-information web is lo- 
cated inside the proto-capsule. 


THE SPIRIT OR THE SOUL 
\ The color scale indicates how much a 
being is burdened with pseudo-ideas. The 

‘ darker tone, the heavier burden. Siltation 

Cut through with pseudo-information begins from the 
7 bottom of being — the coarse vibrations are 

the proto capsule lower than fine vibrations of love and truth. 


THE ENERGY-PROTO-PLASMA 


Its structures is similar to a sticky slime. Also other internal and external 
pseudo-information webs of Forces of darkness have similar structure 
with varying density. The purpose of energy-proto-plasma, in either inter- 
mediate (the soul) or spiritual (the Spirit) sphere, is to LOCK an indi- 
vidual UP in the shell of the proto-capsule which has the opposite 
charge with regard to locked individual. It thickens from the inside out. 
The capsule has a solid static structure with a sharp porous surface. The 
most tenuous plasma is around the encapsulated individual — it wraps 
him closely, but doesn't touch him directly. Between energy-proto-plasma 
and the encapsulated individual occurs exchange of energy-information 
blocks. The tone of black color signifies the amount of density. 












The spatial scheme of the capsule 
identical with the above-stated information met \\\ 
/ \ ee 
Se / Array of encapsulated individuals 

~(a schematic illustration) 
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Tin: scrape a tin bucket at a farm supply. Tin solder. Ask a 
dentist for a piece of pure tin (used to make braces). 

Titanium: purchase a titanium drill bit from a hardware store. 

Toluene: a tube of glue that lists toluene as an ingredient. 

Tungsten: the filament in a burned out light bulb. 

Vanadium: hold a piece of dampened paper towel over a gas 
stove burner as it is turned on. Cut a bit of this paper into 
your specimen bottle and add 2 tsp. filtered water. 

Xylene: paint store or pharmacy. 

Zearalenone: combine leftover crumbs of three kinds of corn 
chips and three kinds of popcorn. 


This list gets you off to a good start. Since few of these 
specimens are pure, there is a degree of logic that you must apply 
in most cases. If you are testing for barium in your breast, a 
positive result would mean that a barium-containing lipstick tests 
positive and a barium-free lipstick is negative. 

A chemistry set for hobbyists is a wonderful addition to your 
collection of test specimens. Remember, however, the as- 
sumptions and errors in such a system. A test for silver using 
silver chloride might be negative. This does not mean there is no 
silver present in your body; it only means there is no silver 
chloride present in the tissue you tested. 

You are bound to miss some toxins; don't let this discourage 
you. There is more than enough that you can find. 

The most fruitful kind of testing is, probably, the use of 
household products themselves as test substances. The soaps, 
colognes, mouthwash, toothpaste, shampoo, cosmetics, breads, 
dairy products, juices and cereals can all be made into test 
specimens. Put about 1/8 tsp. of the product in a small glass 
bottle, add 2 tsp. filtered water and % tsp. grain alcohol to pre- 
serve it. For temporary purposes use a plastic baggy and water 
only. If you test positive to your household products in your 
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white blood cells you shouldn't use them, even if you can not 
identify the exact toxin. 

For a list of toxins and solvents I use, see page 571. To order 
pure substances see Sources for “chemicals for testing.” 


Making Organ Specimens 


To test for toxic elements or parasites in a particular organ 
such as the liver or skin, you will need either a fresh or frozen 
sample of the organ or a prepared microscope slide of this organ. 
Meat purchased from a grocery store, fresh or frozen, provides 
you with a variety of organ specimens. Chicken, turkey, beef or 
pork organs all give the same results. You may purchase chicken 
gizzards for a sample of stomach, beef liver for liver, pork brains 
for brain, beef steak for muscle, throat sweet breads for thymus, 
tripe for stomach lining. Other organs may be ordered from a 
meat packing plant. 

Trim the marrow out of a bone slice to get bone marrow. 
Scrub the bone slice with hot water to free it of marrow to get a 
bone specimen. Choose a single piece of meat sample, rinse it 
and place it in a plastic bag. You may freeze it. To make a dura- 
ble unfrozen sample, cut a small piece, the size of a pea, and 
place it in an amber glass bottle (/0z.). Cover with two tsp. 
filtered water and % tsp. of grain alcohol (pure vodka will do) to 
preserve it. These need not be refrigerated but if decay starts, 
make a fresh specimen. 

Pork brains from the grocery store may be dissected to give 
you the different parts of the brain. Chicken livers often have an 
attached gallbladder or piece of bile duct, giving you that extra 
organ. Grocery store “lites” provides you with lung tissue. For 
kidney, snip a piece off pork or beef kidney. Beef liver may 
supply you with a blood sample, too. Always wash hands and 
rinse with grain alcohol after handling raw meat. 
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I use %0z amber glass bottles with bakelite caps (see 
Sources) to hold specimens. However, plastic bags or other 
containers would suffice. After closing, each bottle is sealed 
with a Parafilm'™ strip to avoid accidental loosening of the cap. 
You may use masking tape. 

To make a specimen of skin, use hangnail bits and skin 
peeled from a callous, not_a wart. A few shreds will do. Re- 
member, they must be very close to the test plate when in use; 
add 2 tsp. filtered water and % tsp. grain alcohol. 


Making a Complete Set of Tissue Samples 


My original complete set was made from a frozen fish. As it 
thawed, different organs were cut away and small pieces placed 
in bottles for preserving in filtered water and grain alcohol. In 
this way, organs not available from the grocery store could be 
obtained. The piece of intestine closest to the anus corresponds 
to our colon, the part closest to the stomach corresponds to our 
duodenum. The 2 layers of the stomach and different layers of the 
eye, the optic nerve and spinal cord were obtained this way. 

Another complete set of tissue samples were obtained from a 
freshly killed steer at a slaughter house. In this way the 4 
chambers of the heart were obtained, the lung, trachea, aorta, 
vein, pancreas, and so forth. 


Purchasing a Complete Set of Tissue Samples 


Slides of tissues, unstained or stained in a variety of ways for 
microscope study give identical results to the preparations made 
by yourself in the ways already described. This fact opens the 
entire catalog of tissue types for your further study. See Sources 
for places that supply them. 
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Fig. 82 Some purchased parasite and tissue slides. 


You now have a set of organ samples, either fresh, frozen, 
preserved or on slides. You also have a set of test substances, 
whether chemical compounds, or elements, or products. Your 
goal is to search in your own organs and body tissues for the 
substances that may be robbing you of health. 


Keeping yourself healthy will soon be an easy, daily routine. 


Body Fluid Specimens 


Each of these fluids should be prepared by putting about 4 
tsp. in a Yoz amber glass bottle. Add about 2 tsp. filtered water 
and 4 tsp. grain alcohol for preservation. Undiluted specimens 
do not work for reasons that are technical and beyond the scope 
of this book. It is important not to shake the specimen, but to mix 
gently. 


Urine. It is desired to have a pure, uninfected urine sample as 


a tissue specimen. Since this cannot be proved with cer- 
tainty, obtain several urine samples from different persons 
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whom you believe to be healthy and make several test 
specimens in order to compare results. Label your speci- 
mens Urine A (child), Urine B (woman), Urine C (mine), 
and so forth. 

Semen. A sample from a condom is adequate. Aged speci- 
mens (sent by mail, unpreserved and unrefrigerated) work 
well also. Use one to ten drops or scrape a small amount 
with a plastic knife. 

Blood. One to ten drops of blood should be used. Clotted or 
chemically treated blood is satisfactory. A blood smear on 
a Slide is very convenient. 

Milk. Cow's milk is too polluted with parasites to be useful. 
Electronically, a dead specimen is equivalent to a live 
specimen, so that pasteurization of the milk does not help. 
A human milk specimen is preferred. 

Saliva. Use your own, if you have deparasitized yourself and 
test negative to various fluke stages. Otherwise find a well 
friend or child. 


Specifying a tissue is the most powerful investigative 


technique in your arsenal. Any of your tissue samples can be 
tested for any of your toxic substances. 
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You Can Now Test Three Different Ways! 


When you test with a substance on one plate and nothing on 
the other, you are searching your entire body for that substance. 
Such a test is not very sensitive. 

By putting a tissue sample on the other plate you are testing 
for the substance specifically in that tissue, and this is much more 
sensitive. The tissue need not be the white blood cells. To find 
mercury in your kidneys you would use a mercury sample on one 
plate, and a kidney sample on the other. The technique is the 
same as when you use white blood cells. 

If you put a substance on each plate, a resonating circuit 
means the two samples have something in common. For example, 
if you have mercury on one plate and some dental floss on the 
other, a positive result indicates mercury in the floss. 





Lesson Five 


Purpose: To watch substances travel through your body. 

Materials: Prepare a pint of brown sugar solution (white 
sugar has propyl alcohol pollution) using filtered water. Use 
about | tsp. brown sugar, 1/8 tsp. vitamin C (to detoxify sorghum 
mold), and a pint of filtered water. Do not shake it; gently mix. 
Make a sample bottle by pouring about inch into a clean used 
vitamin bottle. Rinse and dry the outside of the sample bottle. 
Finally wash your hands with plain water. 

Method: 

1. Test your skin for the presence of brown sugar, using the 
newly made sample bottle and your skin specimen. It 
should not be there (resonate) yet. 

2. Prepare a paper applicator by tearing the corner from a 
white unfragranced paper towel. Fold it to make a wick. 

3. Dip the paper wick in the pint of sugar water and apply it to 
the skin of your inner arm where you can rub freely. 
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Rub it in vigorously for about 10 seconds (otherwise it 
takes minutes to absorb). Leave the shredded wick on the 
skin and tape it down with a piece of clear tape about 4 
inches long (this increases the time you have to work). 
Quickly wash your fingers. 

4. Place your skin tissue specimen on one plate and the sugar 
specimen bottle on the other plate. 

5. Probe for resonance every 5 seconds. As soon as you hear 
resonance, implying that the skin has absorbed the sugar 
solution (which may take a full minute), replace the skin 
specimen with one of liver and listen for resonance again. 
There should be none, yet. 

6. Alternate between the skin and liver. Soon the skin will be 
clear and the liver will resonate. Also check the pancreas 
and muscles to see how quickly sugar arrives there. 

7. Check white blood cells and kidneys. It should not appear 
here (unless it is polluted with a toxin). 

8. After five to ten minutes the sugar will be gone from all of 
these tissues and your experiment is ended. Wash your arm 
with plain water. 


Notice that you have only a few minutes to get all your testing 


done after the skin has absorbed the test substances. 





Lesson Six 


Purpose: To verify the propyl alcohol and benzene lists. 
Method: We will use the Syncrometer to test for a toxin in a 
product. Assemble the products named in the propyl alcohol list 
(page 335) and benzene list (page 354)...as many as you can find. 
Also make sample bottles of benzene and propyl alcohol. 
1. Place the propyl alcohol test substance on one plate and 
your products, in turn, on the other. 
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2. Listen to the current with only one of the plates in the cir- 
cuit. Then listen with both plates in (the test plate switch 
ON). This method can detect one part per quadrillion in 
concentration. It is not as sensitive as the skin test (Lesson 
Five). 

3. Repeat, with the benzene test substance. 

Even tiny amounts of solvents are toxic! They must not be 
consumed or be left in our environment. 

I have found that too many unsuspected products test positive 
to benzene. This is such a global tragedy that people must protect 
themselves by using their own tests. Rather than assurances, 
regulatory agencies should provide the consumer with cheap and 
simple tests (dip sticks and papers so we need not lug our 
Syncrometers around). Even if some test should fail, not all tests 
would fail to find an important pollutant like benzene. It would 
come to public attention much faster than the present debacle has. 






! 


310 A 
test stk ks; 9) heavy metals and lanthanidé 


Fig. 83 Table of the future. 
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Lesson Seven 


and 


Purpose: To test for the presence of aluminum in your brain 
your foods. 
Materials: An aluminum measuring spoon, a tsp. of free 


flowing aluminized salt, a square inch of aluminum foil, a pack- 


age 


of pork brain from the grocery store, kept frozen. (Other 


animal sources will do). Or a stained slide of cerebrum, cere- 


bell 


1. 


um or other brain tissue. 

Method: 

Cut a piece of brain tissue (about 1 tsp.) and place in a 
plastic bag. 


2. Place the aluminum samples in separate plastic bags. Add 


filtered water to each, about 1 tbs. Keep all surfaces and 
your hands meticulously clean (do not use soap). 

. Place the aluminum sample on one plate and the brain 
sample on the other plate. 


4. Probe for resonance. If the circuit resonates you have alu- 


minum in your brain. 

. If your aluminum specimen actually has cadmium or copper 
in it, you are also testing for these in your brain. Repeat the 
aluminum test with other aluminum objects. If they all 
resonate, you very, very likely have aluminum in your 
brain. If you can, test yourself to cadmium and copper, 
separately. If you don't have these in your brain, the 
aluminum test result is even more likely to be correct. 

. Of course, it would be desirable to have absolute certainty 
about this. To achieve this, purchase pure aluminum or an 
Atomic Absorption Standard. These are available from 
chemical supply companies. 


If you do have aluminum in your brain, where is it coming 


from? 
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7. Leave your purest aluminum test substance on one plate, 
and replace the brain sample with these items, testing them 
one at a time. Remember to rest after each positive result. 

* a teaspoon of cottage cheese or yogurt taken from the top 
of a container of a foil-capped variety 

* a piece of cream cheese or butter that was wrapped in 
foil 

¢ achip of bar soap or a bit of hand lotion 

¢ apiece of cake or rolls baked in an aluminum pan 

* apiece of turkey skin or hot dish that was covered with 
aluminum foil 

¢ anything baked with baking powder 

¢ acarbonated beverage from an aluminum can 


Alternative Lesson: 

To test for dental metal in your tissues. Use a piece of amal- 
gam from an old tooth filling. This tests for the rest of the alloys 
in amalgam fillings as well as mercury. If you can't get a piece of 
mercury amalgam, use a mercury thermometer (don't break it, just 
put the bulb on the plate). Choose tissues like kidney, nerves, 
brain, liver, in addition to white blood cells. 


I have never dissected human tissues and subjected them to 
confirmatory laboratory tests. It seems reasonable that because 


skin and tongue are directly provable, that other tissues work 
similarly. 





Testing the Air 


Fine particles and gas molecules that are in the air stick to the 
dust and eventually fall down onto the table, kitchen counter, and 
other places. Every night a film of dust accumu- 


485 


A DECAPSULATED INDIVIDUAL (THE SPIRIT OR THE SOUL), PROCEEDING FURTHER ON THE SPIRITUAL PATH BY 
EMPLOYING HIS SPIRITUAL GIFTS, CONSCIOUSLY COVERS THE SPACE AROUND HIM WITH THE INFORMATION FIBRES 
OF LIGHT AND SO HE EFFECTIVELY DISSEMINATES THE TRUE LIGHT INFORMATION. BY GRADUAL RISING UP AND BY THE 
WORK OF LIGHT, HE PROGRESSES UP TO THE POINT OF TRANSVIBRATION. IN GRADUAL STEPS, HE REACHES THE 10% 
DEGREE OF THE CONTROL AND 90% DEGREE OF THE TRUE INFORMATION (THE OPPOSITE OF ENCAPSULATED MAN). 
HE PERFORMS HIS SPIRITUAL MISSION, FOR THE SAKE OF WHICH HE CAME — INCARNATED — ON THE PLANET EARTH. 


SEE MESSAGES 819 - 847 — THE SPIRITUAL PATH FROM BOOK III. TALKS WITH TEACHINGS FROM MY COSMIC FRIENDS, 
AND ALSO MESSAGES 1561, 1578, 1579, 1684 - 1688, 1694 - 1699, 1702, 1709 - 1710, 1713 - 1714, 1717. SEE ALSO BOOKS 
OF THE NEW REVELATION (THE KEY MATERIAL). THIS PICTURE IS ACONTINUATION OF PICTURES 782 - 792, 467, 678 - 693, 
765 - 772, 741, 539 - 548. IT IS STRONGLY RECOMMENDED TO STUDY THESE SOURCES FIRST. 


THE TRUE AND REAL STATE OF MANKIND IS ILLUSTRATED IN MANY MOVIES AND FAIRY TALES, E.G. THE MATRIX (SIMILAR 
CAPSULES, CONTROLLING), NESMRTELNA TETA (CZECH MOVIE — THE CONTROL AND A WAY OF LIBERATION FROM IT), 
ANDEL S DABLEM V TELE (CZECH MOVIE — CHOICES OF CONTROL BY THE FORCES OF DARKNESS IN VARIOUS LIVES), 
THE FAIRY TALE ABOUT THE WATER SPRITE (CZECH, THE WATER SPRITE — A PSEUDO-CREATOR — TRAPS PEOPLE IN 
CUPS), FAIRY TALE ABOUT THE SLEEPING BEAUTY (THE CUSSED KINGDOM — PEOPLE WITHOUT MOVE — WITHOUT LIFE.) 


Pic. 790 EN angels-heaven.org cosmic-people.com himmels-engel.de angeles-luz.es andele-nebe.cz 





THE CURE FOR ALL DISEASES 


lates, even though you can't see it. To test for air pollutants, 
gather some dust. Wipe the kitchen table and counter with a 
dampened piece of paper towel, two inches by two inches 
square. Place it in a resealable baggie. Do not get old dust, like 
from the top of the refrigerator or back shelves, because it does 
not represent the current air quality. 


Testing Someone Else 


Seat the person comfortably with their hand resting near you. 
Choose the first knuckle from the middle or first finger just like 
you do for yourself. Since you are touching this person, you are 
putting yourself in the circuit with the subject. 

To exclude yourself, you need to add inductance to yourself. 
A coil of about 10 microhenrys, worn next to the skin, works 
well and is easily made. Obtain insulated wire and wrap 24 turns 
around a ball point pen (or something about that size), closely 
spaced. Cut the ends and tape them down securely. Keep it in a 
plastic bag, even when in your pocket. A commercial inductance 
of 4.7 microhenrys, worn touching your skin also works well. It 
can be worn on a string necklace. (Remember to remove the 
necklace when testing yourself.) The inductance acts as an RF 
(radio frequency) choke, limiting the alternating current that can 
flow through you while testing another person. 

Test your inductor in this way. Repeat Lesson One with the 
coil next to your body. No resonance, even to SALT #1, should 
occur. If it does, make the coil bigger. Remove the inductor when 
you are not testing others. 





Lesson Eight 


Purpose: To detect aluminum in the brain of another person. 
Materials: same as previous lesson, you wear the inductor. 





486 


BIOELECTRONICS 


Method: 

1. Place the aluminum sample on one plate and the brain 
sample on the other plate. 

2. Give the other person the handhold. You use the probe. 
Hold their finger steady in yours. 

3. Probe the other person for resonance. The first probe is 
with only one plate in the circuit. The second is with both 
plates in the circuit. Resonance implies there is aluminum 
in the person's brain. 


Saliva Testing 


This may become your most useful test. The saliva has in it a 
bit of almost everything toxic that is in you. But it is not the first 
tissue to carry the HIV virus or a bit of a tapeworm stage. 
Nevertheless, Salmonella in your liver, mercury in your kidneys, 
aluminum in the brain all show up in the saliva, too. And saliva 
can be sent by mail or stored in the refrigerator. It should be 
frozen for long storage to prevent mold invasion. Or it may have 
grain alcohol added to preserve it. This test is not as sensitive as 
having the person present in the circuit, though. 

To make a saliva specimen, place a two inch square piece of 
white, unfragranced paper towel (tear, don't cut) in a lightweight 
resealable baggy. Hold the open baggy near your mouth. Don't 
touch the paper towel with your fingers. Drool or spit onto the 
paper towel until half of it is damp. Zip it shut. Before testing, 
add enough filtered water to dampen the whole piece of paper. 


Lesson Nine 


Purpose: To search for shingles or Herpes. 
Materials: A saliva specimen from the person being tested; 
they may be thousands of miles away. Also a specimen of the 
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virus. This can be obtained from someone else's lesions—one 
droplet is enough, picked up on a bit of paper towel. The whole 
thing, towel and all, can be pushed into a glass bottle for pre- 
serving. Water and alcohol should be added. It can also be put on 
a slide, Herpes, homemade. A homeopathic preparation of the 
virus does not give accurate results for this kind of testing, due to 
the additional frequency imposed on it by potentizing. (However, 
homeopathic preparations can be used if the potency matches the 
tissue frequency where it resides. Hopefully, some way of using 
homeopathic sources will soon be found.) 

Method: Place the saliva specimen in its unopened baggy on 
one plate. You may wish to open it briefly, though, to add enough 
filtered water to wet all the paper and add % tsp. grain alcohol to 
sterilize or preserve it. 

Place the virus specimen on the other plate and test as usual 
(like Lesson Six). A positive result means the person has active 
Herpes. 

The main disadvantage of saliva testing is that you do not 
know which tissue has the pathogen or the toxin. You can only 
conclude that it is present. Usually this is enough information to 
carry out a corrective program. 


Surrogate Testing 


Although saliva testing is so easy, it is also possible to use an 
adult as a surrogate when testing a baby or pet. The pet or baby 
is held on the lap of the surrogate. A large pet may sit in front of 
the person. The handhold is held by the surrogate and pressed 
firmly against the body of the baby or pet. It can be laid flat 
against the arm, body or leg of a baby and held in place firmly by 
the whole hand of the adult. The paper covering should be wet. 
For a pet, the end is held firmly pressed against the skin, such as 
between the front legs or on the belly. The other hand of the adult 
is used for testing in the usual way. The 
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adult must wear an inductor for surrogate testing as well as you, 
tester. 

An ill or bedridden person may be tested without inconven- 
ience or stress. He or she rests their whole hand on the skin of 
your leg, just above the knee. A wet piece of paper towel, about 
4 inches by 4 inches is placed on your leg, to make better contact. 
You must use an inductor for yourself with this method. You may 
now proceed to probe on your hand instead of the ill person's. 


Lesson Ten 


Purpose: To test for cancer. 
Materials: Ortho-phospho-tyrosine. Here are four ways to 
obtain some: 

1. Order a pure sample from a chemical company (see 
Sources). Place a few milligrams (it need not be weighed) 
in a small glass bottle, add 2 tsp. filtered water and 4 tsp. 
grain alcohol. 

2. All persons with cancer have ortho-phospho-tyrosine in 
their urine as well as in the cancerous tissue. It is seldom 
found in other body fluids. Obtain a urine specimen from a 
friend who has active cancer. Freeze it if you can't prepare 
it immediately. Keep such specimens well marked in an 
additional sealed plastic bag. Persons who have recently 
been treated clinically for cancer are much less likely to 
have ortho-phospho-tyrosine in the urine. 

Urine cannot be considered a chemical in the same way as 
a sugar or salt solution. Urine is a tissue and has its own 
resonant frequency as do our other tissues. If combined 
with another tissue on the test plates, it will not resonate as 
if a solution of pure ortho-phospho-tyrosine were used. To 
use urine as an ortho-phospho-tyrosine specimen, you must: 
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a) Pour a few drops of urine into your specimen bottle 

b) Add about 2 tsp. of filtered water 

c) Add a few drops of grain alcohol 

Gently mix, do not shake. Rinse and dry the outside of the 
bottle. Label it “urine/cancer’. 

3. Cancer victims also have other growth factors being pro- 
duced in their bodies. These are the same as can be found 
in mother's milk—for example, epidermal growth factor 
and insulin-like growth factor. Obtain a sample of mother's 
milk and use it to make another test substance for cancer. A 
few drops is enough. 

4. There is still another way to prepare an ortho-phospho- 
tyrosine test sample. Common snails from a fish tank or 
outdoor snails are the natural hosts for Fasciolopsis buskii 
(human intestinal fluke) stages. The stages will produce 
ortho-phospho-tyrosine when the snails are fed fish food 
polluted with propyl alcohol. Over half the fish food cans I 
purchased had propyl alcohol pollution. Buy several 
brands of fish food. Test them for propyl alcohol and ben- 
zene. Obtain some snails, put them in a tank, feed them 
propyl alcohol polluted fish food. (Feed a separate group 
of snails benzene polluted fish food to obtain samples of 
HIV.) After two days put each snail in a zipped plastic bag, 
and test them individually against someone diagnosed with 
cancer or their saliva. The snails that the person tests 
positive to have ortho-phospho-tyrosine. Put these snails in 
the freezer to kill them humanely, then crush them and place 
in a specimen bottle with 50% grain alcohol to preserve. 
The bottles can be kept sealed and at room temperature. 
Similarly, your benzene snails can be tested against some- 
one known to be HIV positive. Any snails that test positive 
can be used to prepare an HIV test specimen in the same 
way. The fish food must be tested for both benzene 
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and propyl alcohol pollution, and separated appropriately, 


or_you run the risk of making specimens that have both 
ortho-phospho-tyrosine and HIV. 








Method: 

1. Test for cancer by placing the test sample you just made 
(any of the four) on one plate and a white blood cell sample 
on the other plate. 

2. If you resonate with both samples in the circuit you have 
cancer. Immediately, search for your cancer in your breast, 
prostate, skin, lungs, colon, and so forth. 

3. To be more certain, test yourself to the other kinds of test 
samples. You should not resonate. 

As you know by now, you can confirm the cancer by testing 
yourself to propyl alcohol and the human intestinal fluke in the 
liver. You should eliminate propyl alcohol from use, and zap all 
parasites. Keep testing yourself for cancer until it is gone. It 
should take less than one hour. Also continue to test yourself for 
propyl alcohol and the intestinal fluke in the white blood cells; 
make sure they are gone. Also test yourself for aflatoxin and 
freon. 


Lesson Eleven 


Purpose: To test for HIV. 

Materials: Purchase a few milligrams of Protein 24 antigen 
(a piece of the HIV virus core) or the complete HIV virus on a 
slide (see Sources). You may use the vial unopened if only one 
test specimen is needed. To make more specimens, use about 1 
milligram per Younce bottle. Add 2 tsp. filtered water and % tsp. 
grain alcohol. Or prepare an HIV specimen from snails as 
described in the previous Lesson. 

Method: Search in the thymus (throat sweet breads), vagina 
and penis for the virus because that is where it will reside al- 
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most exclusively for the first year or two. If you don't have those 
tissue specimens, you could search in urine, blood, saliva, or 
white blood cells, but only a positive result can be trusted. Also 
search for the human intestinal fluke and benzene in the thymus. 
Of course, a positive test in these tissues is very significant. If 
you are positive, zap parasites immediately. You should test 
negative in less than an hour. Remove benzene polluted items 
from your lifestyle. Also test yourself to several varieties of 
popcorn, brown rice, and corn chips as an indication of 
zearalenone, which must be eliminated in order to get well. 
Follow up on yourself every few days to be sure your new found 
health is continuing. Test yourself for freon. 


Lesson Twelve 


Purpose: To test for diseases of all kinds. 

Materials: Use slides and cultures of disease organisms. 
Homemade preparations of strep throat, acute mononucleosis, 
thrush (Candida), chicken pox, Herpes 1 and 2, eczema, shin- 
gles, warts, measles, yeast, fungus, rashes, colds, sore throats, 
sinus problems, tobacco virus, and so forth can all be made by 
swabbing or scraping the affected part. A plastic spoon or bit of 
paper towel works well. Put a small bit on a slide. Add a drop of 
balsam and a cover slip. Or put the towel in a bottle, add water 
and alcohol as described previously. Microscope slides can 
greatly expand your test set (see Sources). 

Method: Test yourself for a variety of diseases, using your 
white blood cell specimen first. Then search in organs like the 
liver, pancreas, spleen. Notice how many of these common ill- 
nesses don't “go away” at all. They are alive and well in some 
organ. They are merely not making you sick! 
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Lesson Thirteen 


To test for AIDS. 

Materials: Benzene sample, slides of tissue samples like 
thymus, liver, pancreas, penis, and vagina. Also a collection of 
disease specimens such as the ones used in the previous lesson. 

Method: Search in the thymus for benzene. If it is positive 
throughout the day, you are at risk for developing AIDS, although 
you may not be ill. Search other tissues for benzene. The more 
tissues with benzene in them the more serious the situation. 
Immediately search all your body products and foods for 
benzene. 


Stay off benzene polluted items forever. 


Tally up the diseases you tested positive for in Lesson 
Twelve. Test at least ten. If you had more than half positive you 
already have AIDS. (50% is my standard, you may set your own; 
an ideal standard for defining a healthy person should be 0% 
positive.) 


Lesson Fourteen 


Purpose: To test for aflatoxin. 

Materials: Do not try to purchase a pure sample of aflatoxin; 
it is one of the most potent carcinogens known. Having it on hand 
would constitute unnecessary hazard, even though the bottle 
would never need to be opened. Simply make specimens of beer, 
moldy bread, apple cider vinegar, and any kind of peanuts using 
a very small amount and adding filtered water and grain alcohol 
as usual. 

Method: Test yourself for these. If you have all of them in 
your white blood cells and the liver then you very, very proba- 


493 


THE CURE FoR ALL DISEASES 


bly have aflatoxin built up. Next, test your daily foods for their 
presence in your white blood cells. Those that test positive must 
be further tested for aflatoxin. Notice the effect of vitamin C on 
aflatoxin in your liver. Find a time when your liver is positive to 
aflatoxin (eat a few roasted peanuts from a health food store and 
wait ten minutes). Take 1 gram vitamin C in a glass of water. 
Check yourself for aflatoxin every five minutes. Does it clear? If 
not, take 5 or 10 grams vitamin C. How long does it take? 


Lesson Fifteen 


Purpose: To test for parasites. 

Method: If you test positive to your pet's saliva, you have 
something in common-—a parasite, no doubt. You must search your 
muscles and liver for these, not saliva or white blood cells, 
because they are seldom seen in these. Zap yourself for parasites 
until you no longer test positive to your pets' saliva. 

Tapeworms and tapeworm stages can not (and should not) be 
killed with a regular frequency generator. Each segment, and 
probably each scolex in a cysticercus has its own frequency and 
might disperse if your generator misses it. Only zapping kills all 
and is safe for tapeworms. 

Be sure to treat your pet on a daily basis with the pet parasite 
program. 


Lesson Sixteen 


Purpose: To test for fluke disease. 

A small number of intestinal flukes resident in the intestine 
may not give you any noticeable symptoms. Similarly, sheep 
liver flukes resident in the liver and pancreatic flukes in the 
pancreas may not cause noticeable symptoms. Their eggs are 
shed through the organ ducts to the intestine and out with the 
bowel movement. They hatch and go through various stages of 
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development outdoors and in other animals. But if you become 
the total host so that various stages are developing in your or- 
gans, you have what I term fluke disease. I have found that can- 
cer, HIV, diabetes, endometriosis, Hodgkin's disease, 
Alzheimer's disease, lupus, MS and “universal allergy syn- 
drome” are examples of fluke disease. 





You can test for fluke disease in two ways: electronically 


and by microscope observation. 





Materials: Cultures or slides of flukes and fluke stages from 
a biological supply company (see Sources) including eggs, 
miracidia, redia, cercaria, metacercaria. Body fluid specimens to 
help you locate them for observation under a microscope. 

Method: Test for fluke stages in your white blood cells first. 
If you have any fluke stages in your white blood cells you may 
wish to see them with your own eyes. To do this, you must first 
locate them. Place your body fluid samples on one plate, your 
parasite stages on the other plate, and test for as many as you 
were able to procure, besides adults. After finding a stage 
electronically, you stand a better chance of finding it physically 
with a microscope. 


Lesson Seventeen 


Purpose: To see how sensitive your measurements can be. 
(How much of a substance must be present for you to get a 
positive result?) 

Materials: filtered water, salt, glass cup measure, 13 new 
glass bottles that hold at least 4 cup, 14 new plastic teaspoons, 
Your skin tissue sample, paper towel. 

Method: Some of the best measurement systems available 
today are immunological (such as an ELISA assay) and can de- 
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tect as little as 100 fg/ml (femtograms per milliliter). A milliliter 
is about as big as a_ pea, and a_ femtogram is 
1/1,000,000,000,000,000th (10"') of a gram! 

1. Rinse the glass cup measure with filtered water and put one 
half teaspoon of table salt in it. Fill to one cup, stirring with 
a plastic spoon. What concentration is this? A teaspoon is 
about 5 grams, a cup is about 230 ml (milliliters), therefore 
the starting concentration is about 2¥2(2.5) gm per 230 ml, 
or .01 gm/ml (we will discuss the amount of error later). 

2. Label one clean plastic spoon “water” and use it to put nine 
spoonfuls of filtered water in a clean glass bottle. Use 
another plastic spoon to transfer one spoonful of the .01 
gm/ml salt solution in the cup measure to the glass bottle, 
stir, then discard the spoon. The glass bottle now has a 1| in 
10 dilution, and its concentration is one tenth the original, 
or .001 gm/ml. 

3. Use the “water” spoon to put nine spoonfuls of filtered 
water in bottle #2. Use a new spoon to transfer a spoonful 
of salt solution from bottle #1 to bottle #2 and stir briefly 
(never shake). Label bottle #2 “.0001 gm/ml”. 

4. Repeat with remaining bottles. Bottle #13 would therefore 
be labeled “.000000000000001 gm/ml.” This is 107 
gm/ml, or 1 femtogram/ml. 

5. Do the skin test with water from bottle #13 as in Lesson 
Five. If you can detect this, you are one hundred times as 
sensitive as an ELISA assay (and you should make a bottle 
#14 and continue if you are curious how good your 
sensitivity can get). If you can not, try to detect water from 
bottle #12 (ten times as sensitive as ELISA). Continue until 
you reach a bottle you can detect. 


Calculate the error for your experiment by assuming you 
could be off by as much as 10% when measuring the salt and 
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water adding up to 20% error in each of the 13 dilutions. This is 
a total error in bottle #13 of 280%, or at most a factor of 3. So 
bottle #13 could be anywhere from 0.33 to 3 femtogram/ml. If 
you can detect water from bottle #13, you are definitely more 
sensitive then an ELISA, in spite of your crude utensils and in- 
expensive equipment! Note that the starting error of using 2.5 gm 
instead of 2.3 gm only adds another 10% error. 

If you want to calculate how many salt molecules you can 
detect, select the concentration at the limit of your detection, and 
put 2 drops on a square inch of paper towel and rub into your 
skin. Assume one drop can be absorbed. If you can detect water 
from bottle #13, you have detected 510,000 molecules (10° 
fg/ml divided by 58.5 gm/M multiplied by 6.02x10” 
molecules/M divided by 20 drops/ml). Water in bottle #12 
would therefore have 10 times as many molecules in one drop, 
and so forth. Even if your error is as much as a factor of 2 
(100%), you can still get a good idea of what you can measure. 

Atomic absorption standards start at exact concentrations; it 
is easy to make a more exact dilution series with them. When 
testing for iridium chloride by this skin test method, I was able to 
detect 3025 molecules! 

Troubleshooting: 

Always extend your set until you get a negative result (this 
should happen by at least bottle #18). If you always “detect” salt, 
then you shook the bottle! 

Never try to reuse a bottle if you spill when pouring into it. 
Get another new bottle. 


Sensitivity of Pollutant-In-Product Testing 


Get some slides of Salmonellas and Shigellas and find some 
milk that tests positive to at least one. Make a dilution series of 
the milk up to bottle #14, being careful not to shake the bottles. 
Start with 2 drops of milk in bottle #1. Use an eye dropper to 
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deliver 2 drops to subsequent bottles. Begin testing at bottle #14, 
using the slide that tested positive. You will learn to search by 
frequency later. My sensitivity was routinely around bottle #12, 
for a variety of pathogens. It was the same for toxic elements 
starting with standard solutions, about 1000 ug/ml, showing this 
method is less sensitive than skin testing. 


Microscopy Lesson 


Purpose: To observe fluke stages in saliva and urine with a 
microscope. 
Materials: 

a. A low power microscope. High power is not needed. A 
total of 100x magnification is satisfactory for the four 
common flukes, Fasciolopsis, sheep liver fluke, human 
liver fluke and pancreatic fluke. 

b. Glass slides and coverslips. 

c. A disposable eye dropper. 





Fig. 84 Microscope, slides and coverslips. 
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d. For sanitation purposes (wiping table tops, slides, micro- 
scope and your hands) a 50% to 70% alcohol solution (not 
rubbing alcohol!) is best. Dilute 95% grain alcohol 7 parts 
alcohol plus 3 parts water. Vodka or 76% grain alcohol 
can be used undiluted. 

e. Formaldehyde, 20%. Formaldehyde 37% is commonly 
available at pharmacies. Dilute this with equal parts of 
filtered water to get 18%, which is close enough to 20%, 
for the purpose of “fixing” (killing) the specimens. Store in 
a glass bottle in the garage, away from sunlight. Label. 
Specimens that are fixed properly do not lose their life-like 
appearance. 

f Iodine solution. This is only useful for the urine specimens. 
Lugol’s iodine and tincture of iodine are both useful. Ask a 
pharmacist to prepare Lugol’s Iodine Solution for you, as 
follows: 

¢ 44 grams (1%0z) iodine crystals 

¢ 88 grams (3 oz) potassium iodide crystals 
Dissolve both in 1 liter (quart) filtered water. This may 
take a day of frequent shaking. 


Method for saliva: 

1. Pour the 20% formaldehyde into a small amber bottle or 
other receptacle to a depth of about 1/8 inch. Keep tightly 
closed. 

2. The person to be tested is asked to salivate into the bottle 
so the organisms are immediately “fixed” without under- 
going cooling first. The total volume should be about 
double the original amount of formaldehyde used. Make a 
mark on the container so the subject knows how much to 
produce. The resultant concentration of formaldehyde will 
be about 10%. 

3. Shake the bottle a few times. Set it aside for 24 hours to 
settle (less if testing is urgent). 
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4. With a dropper, draw up some of the bottom settlings. Put 
one drop on a slide and apply a coverslip. 

5. View under low power of microscope. Compare objects 
you observe with specimens obtained on slides from bio- 
logical supply companies. 

Note: Persons with HIV and moderate AIDS will show about 
one to ten parasite stages per slide. It requires several hours of 
searching. Persons with HIV and severe AIDS show 10 or more 
fluke stages per slide; this makes the task of finding them much 
easier. Persons with terminal untreated cancer have many more 
fluke stages than relatively well persons. 


Method for urine: 

1. Prepare bottles of formaldehyde fixative ahead of time. Put 
about %4 to Yinch of 20% formaldehyde in each. Keep 
tightly closed. 

2. Add freshly voided” urine from cancer or HIV sufferers to 
the formaldehyde in approximately equal amounts, resulting 
in a 10% formaldehyde solution. Shake immediately. Let 
settle several hours. The sediment has a higher number of 
fluke stages. Cancer victims with cervical or prostate 
cancer will show higher numbers of stages in urine than 
other cancer types. 

3. Staining the slide is optional. It helps to outline fluke stages 
slightly. Prepare Lugol’s solution as described above. 

Slides may be stained in either of these two ways: 

¢ Put a drop of “fixed” urine on a slide. Add a drop of 
50% Lugol’s (dilute 1:1 with filtered water). Apply 
coverslip. 





36 Urine that has cooled even slightly below body temperature does 
not show miracidia and redia in their original shapes. 
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¢ Put a drop of “fixed” urine on a slide. Apply cov- 
erslip. Add 1 to 3 drops of 50% Lugol’s to edge of 
coverslip and allow it to seep in. 

Note: persons who have been treated for cancer or HIV using 
any of the known drugs may show only 1 to 2 fluke parasite 
stages per drop of saliva or urine. For this reason, you may need 
to search through 20 or more slides to find flukes. Very ill per- 
sons may show up to 10 parasites per drop (slide). 


Taking Pictures Of What You See 


You may be unsure of what you see even if you have the 
microscope slides of labeled flukes and their stages to study and 
compare. In real life, they vary so much in shape and size that 
absolute identification is difficult without experience. Unfortu- 
nately in a few hours, just as you are getting proficient, your 
magnificent specimens will be drying out and unfit for observa- 
tion. To preserve them longer you can seal the edges by painting 
around the coverslip with fingernail clear enamel. Or dribble hot 
sealing wax along the edges and then place them in sealed plastic 
bags (one per bag). Melt sealing wax in a metal jar lid. Make an 
applicator from a piece of coat hanger wire bent in the shape of a 
small square to fit around the coverslip and a handle. 

Or take photographs. To take pictures of what you see under 
the microscope you will need a photomicrographic camera, 
which costs $200.00 and up (see Sources). It is easy to use. Re- 
member to label your pictures so you know which slide they 
came from. 

Even photographs do not scientifically prove identity of 
parasite stages, but it is very good evidence. Proof would require 
that the saliva or urine sample could be cultured and seen to 
produce the known parasite stages. 
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Using A Frequency Generator 


Frequency generators come in all sizes and costs and capa- 
bilities. If you can purchase one that reads out the frequency for 
you in numbers (digital type) and lets you produce a fraction of a 
kilohertz by turning a dial, it meets your most elementary needs. 
It should also be possible to set it on positive offset (100% 
positive) and still give you 5 volts. Then it can be used as a 
zapper. You should also be able to select a sine wave or square 
wave. 

The advantages of having a frequency generator are that you 
can do your own diagnosing. You can find, in a few minutes: 


1. Which invaders you have by dialing in to their frequencies. 
2. At what frequencies you are broadcasting to the world. 
3. What frequencies are used by other living things. 


The Theory 


Every living animal and every cell type produces its own 
frequencies and responds to these frequencies as well. We may 
speak of frequencies but we really mean waves, waves of en- 
ergy. All waves have a frequency associated with them, so it's 
not really misleading to say frequencies when we really mean 
waves. 

When the animal is alive it produces them, when it is dead it 
still responds to some of them. It is like the opera singer and the 
glass goblet. The opera singer produces frequencies in the air. 
The goblet responds to them because of its structure, not because 
it's alive. The goblet “picks up” on that particular frequency of 
sound because its own “resonant” frequency is exactly the same. 
If the singer sings loud enough the _ goblet 
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shatters from the vibrations set up in it. An identical goblet, made 
of plastic, would not have the same resonant frequency. 

There is not merely a structural and chemical difference 
between the living and non living. Living things are transmitting 
energy of some unique kind. And with your simple device, you 
will be able to trap this energy. And measure its exact frequency. 
This is not the same as understanding its makeup and source. We 
must leave that to others. But we can observe and use our 
observations to track down bacteria and other parasites. We can 
track down pollutants. We can measure our health quantitatively 
and perhaps in the future predict life expectancy. 





The Syncrometer at left is attached to the handhold. The frequency 
generator at right is also clipped to the handhold. 
Fig. 85 Setup for finding resonant frequencies. 


The Syncrometer traps the frequencies that match the ones in 
the material on the test plates and delivers them to an audio 
speaker in a range that you are able to hear. Instead of test tis- 
sues or pathogens, we are now going to use pure test fre- 
quencies! Remarkably, few things have overlapping 
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frequencies, making this technique extremely useful for identi- 
fication, even without a specimen! 


Lesson Eighteen 


Purpose: To search for the intestinal fluke in your body by 
listening to its broadcast frequency at 434 KHz. 

Method: Turn on the frequency generator, select a frequency 
a short distance above the one you are interested in, like 438 
KHz, turn the voltage (amplitude) down to less than one volt. 
Select sine waves. The lead coming from the frequency generator 
will have two connections, usually red and black (ground). We 
will not use the black (ground), just tape it out of the way. Pick 
up the handhold and probe in the usual way. Attach the red lead 
coming from the generator to your handhold. This makes two 
wires attached to your handhold. Although there is nothing on the 
test plates, they must be connected as usual with the switch at 
OFF (one plate is still ON). 

Turn the Syncrometer ON. Probe yourself as usual. Your 
body's waves are being sent to the capacitor (plate) in the test 
plate box. The frequency from the Syncrometer is sent there, too. 
And now the 438 KHz waves from the generator are being sent 
there as well. Three different frequencies are mingling on the 
plate! If the two from your body and the generator are the same, 
the circuit will oscillate, and you will hear resonance. Turn the 
generator to 437 and probe again. Next, 436. 

Sometimes, you can hear the resonance start to build. Con- 
tinue on. 

Next try 435. Then 434. 

If your body is emitting a frequency of 434 KHz (coming 
from a live intestinal fluke inside you) it will be reinforced by 
the generator's 434 KHz. The reinforcement will put oscillations 
or resonance in the circuit, the same as you are accustomed to 
hearing with the Syncrometer. If there was none, you don't have 
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the intestinal fluke anywhere in your body. Confirm this by 
starting at 430 KHz and working your way up. 

If you hear resonance, you do have it. You may wish to verify 
this independently using a prepared slide of the fluke. Kill your 
flukes immediately as described in the next lesson. 


Lesson Nineteen 


Purpose: Killing the intestinal fluke with a frequency gen- 
erator. 

Materials: A frequency generator, two handholds with alli- 
gator clip leads for them. 

Method: Wrap a single layer of paper towel over each of the 
two handholds. Wet them under the tap; squeeze out excess 
water. Clip them to the red and black wires of the frequency 
generator. (We use both wires for this purpose.) Dial up 434 
KHz. Set the amplitude (voltage) at 10 volts. Grasp the hand- 
holds in each hand and hold on for three minutes. That is all. You 
have killed whatever tiny invader has a resonant frequency the 
same as the setting on the generator. Remember to zap all the 
stages, too; see Pathogen Frequencies. 

If your frequency generator has a positive offset capability, 
you can use it like a zapper, and a single session will kill all 
pathogens, provided it is 100% offset and can give at least 5 
volts at this setting. When using this technique, the generator can 
be set to any frequency from 2 KHz to 800 KHz, and you should 
go for 7 minutes. But even a small percentage of negative voltage 
will ruin this effect and do more harm than good! To be certain 
your generator is set correctly it would be best to observe the 
output on an oscilloscope. 

Experiment with other voltage settings. Notice that less than 
one volt is also effective. 
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Message 270. (Received by A.K., 22 years old) Place: Terchova, April 19, 1998. 


Written under Ashtar’s kind guidance. 


“Sit down in a pleasant, relaxing position. Don’t cross hands or legs. Close your eyes. Focus 
on your breath. It’s calm and regular. Now visualize the following: 


You are sitting at a sacred mountaintop. 

You are sitting and meditating. 

With every breath you take, a stream of glittering Light from the Universe 
flows into your body through the head. 

You feel the Light spreading inside you until it permeates all your being. 
Now you are beginning to gradually realize the three stages: 


1. | am in Light — all around me is just the bright Light. 
2. Light is in me — all my within is filled by the bright Light. 
3. | am the Light — | am blending with the Light. 


You are experiencing an absolute feeling of Oneness and Harmony. 
You are feeling you are Love. 

All around you is just Light and Love. 

You are at home here. 

You are part of all and all is part of you. 

Realize that you are a magnificent loving being full of Light. 

God is Love. 

You are Love. 

Feel and experience this state of absolute unity for a while. 


Then begin to slowly return to the room. 

Begin to realize the limits of your body. 

Inside every being is the Light of Love. 

Seek to see everybody and everything around you as a part of this unique essence. 
We all are part of one whole — the Selfless Love. 

You are Love, Harmony, Peace. 

AND IT IS SO! 


Now end your meditation and return slowly to awaked consciousness. 


Seek to see Love as a part of all always and everywhere in your life.” 


www.universe-people.com 
www.asNtar-sheran.org 
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Lesson Twenty 


Purpose: To find the bandwidth of a small living animal. 

Materials: A fly, beetle or other insect, Syncrometer, fre- 
quency generator. 

Discussion: Persons using a Syncrometer might have already 
tried putting a small insect on one of the plates. The circuit 
always resonates when you join the circuit at the handhold and 
probe. Even the tiniest ant placed in a glass bottle or plastic 
baggy will resonate the circuit. Unless it is too far away from the 
plate. If it has climbed up the side you will lose the resonance. 
At least one foot must be touching the bottom of the bottle. If the 
animal is dead this ceases. Obviously the living thing is affecting 
the circuit differently before and after death. Is it some kind of a 
wave form energy? To find its frequency you must add another 
frequency that will reinforce or interfere with the frequency 
already on the plate. Adding the generator frequency does just 
that. 

Method: Use the same method as described in the last Les- 
son; however for an ant or fly, start at 1,000 KHz and proceed 
upward in big steps like 10 KHz. Use the right test plate which is 
controlled by the ON-OFF switch. Always listen to the current 
with the switch OFF, first, then ON. Move the frequency up and 
repeat. Continue until you hear resonance. Stop immediately. 
Rest your skin and go back down to the nonresonant frequency 
region. Move up in smaller steps this time. Repeat and repeat 
until you feel sure you know just where the resonance begins. But 
where does it end? 

Start testing well above the suspected range taking big steps 
downward until you reach a resonant frequency. Rest and repeat 
until you find the upper limit of resonant frequencies. Record the 
bandwidth, for example, 1009-1112 KHz. 


506 


BIOELECTRONICS 


Lesson Twenty One 


Purpose: To see if similar living things interfere with each 
other when put on the plate together. 

Materials: Two identical living insects or very small living 
things. 

Method: Find the broadcast range of each one separately and 
then together on the plate. 

Note: Identical living things do not interfere with each oth- 
ers' frequencies. 


Lesson Twenty Two 


Purpose: To see if different living things interfere with each 
other when put on the plate together. 

Method: Find the lower and upper end of the broadcast 
range of two different living things, such as a fly and a beetle or 
2 kinds of flies or beetles. Then put them on the plate together. 
Notice there is no resonance in the accustomed range for either of 
them. They are interfering with each other on the plate. 

Now add the 2 lower ends, then the two upper ends. Also 
subtract the 2 lower ends, then the two upper ends. For example 
imagine two insects, one with a spectrum of 1000 to 1090 KHz, 
the other with a range of 1050 to 1190 KHz. Adding the lower 
ends gives us 2050 KHz. Subtracting the lower ends gives us 50 
KHz. Adding the upper ends gives 2280. Subtracting the upper 
ends gives 100. Now search for resonance at 50, 100, 2050, 
2280 KHz. (These last two may be outside the range of your 
frequency generator. Choose more primitive life forms which 
have lower frequency bandwidths to stay within your limit.) 

Notice that you hear resonance at exactly these frequencies 
and not above or below them. This is evidence for modulation of 
the frequencies: namely fusing them together. 
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Lesson Twenty Three 


Purpose: To find your own bandwidth of emitted frequen- 
cies. 

Materials: A frequency generator that goes up to 10 MHz. If 
yours only goes to 2 MHz you can still investigate the lower end 
of your band. 

Method: You do not need to put yourself on the plate, since 
you are already there by being in the circuit at the handhold. 
However, if you are measuring someone else, they can simply 
touch the plate with a finger. Attach the frequency generator to 
the circuit at the handhold. 

Since human adults begin to emit at about 1560 KHz, start 
searching at 1550, going upward in 1 KHz steps until you hear 
resonance. 

Younger or healthier humans start emitting at a lower fre- 
quency and sometimes end at a higher frequency. In other words, 
they broadcast on a wider band. 

Very young infants begin their band at about 1520 KHz. 
Could you ever regain this ability? 

Most adults terminate at 9375 KHz 

By eliminating molds from my diet, killing as many parasites 
and removing as many toxins as I became aware of, I have been 
able to expand my bandwidth from an initial 1562-9457 KHz in 
1990 to 1520-9580 KHz in 1994! I hope this challenges you to 
accomplish a health improvement reflected in an even broader 
bandwidth for yourself. 


Lesson Twenty Four 


Purpose: To find the effect of a variety of things on the lower 
end of your spectrum, such as body temperature, eating, time of 
day, rainy weather, feeling sick. Notice that you may not change 
for weeks at a time, then suddenly see a shrinking of your 
bandwidth. You may assume you have eaten a mold. 


508 


BIOELECTRONICS 


Search for mold frequencies from 75 KHz to 295 KHz. Or test in 
your liver with mold samples. If this is positive go on a mold 
free diet—watching carefully for mold in your white blood cells. 
Even after removing the mold from your diet, so that no molds 
appear in your white blood cells, notice that your bandwidth 
does not recover. It regularly takes 2-3 weeks for mine to 
recover. 

Surely, this sheds light on the poisonous effect of eating bad 
food. 


Lesson Twenty Five 


Purpose: To find an emission spectrum using a saliva sam- 
ple. 

Materials: A regular frequency generator. 

Method: Search for the bottom of the resonant frequency 
band as in the previous lesson. 

You may store it in the refrigerator for a few weeks without 
seeing a change. After that the band begins to shrink. 


Lesson Twenty Six 


Purpose: To observe the effect of dying on the bandwidth. 

Method: Freeze the insect you tested in Lesson Twenty to 
kill it humanely. Repeat the search for its bandwidth. Note the 
bandwidth has become very narrow. 

Note the bandwidth also depends on the accuracy of your 
particular frequency generator. 


Lesson Twenty Seven 


Purpose: To find unknown invaders of your body. 

Method: Start at 900 KHz and proceed down to 77 KHz in 1 
KHz steps, to search for all pathogens. If you find a resonating 
frequency, go to the Pathogen Frequency Chart (page 561) to 
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identify likely candidates for it. Verify the identity of the invader 
by using a slide or culture specimen. If your pathogen remains 
unidentified, add it to the chart. This lets you determine whether 
the next illness is new or a recurrence of this one. Or just kill it. 

Use the frequency generator at one pathogen's frequency. 
Wait ten minutes and retest all of the ones you found. Only that 
one will be gone. Now zap, wait ten minutes, and test again for 
all of the ones you found. Notice they are all gone. After one 
hour, search yet again for the pathogens you had. Any that are 
back must have come from an internal source not reached by the 
zapper current, like from the bowel or an abscess. 





Lesson Twenty Eight 


Purpose: To observe the action of a positive offset frequency 
on a very small animal. Does the animal die or is it just 
incapacitated? 

Materials: A slug or small earthworm. 

Method: Place the small animal in a plastic container like a 
cottage cheese carton. Add a few tsp. of water to wet the bottom. 
Attach a metal teaspoon to each of the generator clips. Place 
them on opposite sides in the carton and fasten with tape. Set the 
generator to positive offset at a frequency of about 30 KHz and 5 
to 10 volts. Experiment with different voltages and compare 
effectiveness. Measure the time it takes for the animal to seem 
lifeless. You may try to revive it by keeping it for some time in 
the presence of food. Retest its emission band. 


Lesson Twenty Nine 


Purpose: To kill the bacteria in dairy products. 
Materials: A glass of regular pasteurized milk, a carton of 
cottage cheese. A zapper. 
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Method: Search for Salmonellas and Shigellas first in the 
milk and cottage cheese. Search by frequency, using the chart, or 
with slides of these bacteria. If you don't find any, search dif- 
ferent dairy foods until you find some bacteria. Attach metal 
teaspoons to the red and black leads of the generator. Place them 
inside the milk glass or cottage cheese carton, across from each 
other. Secure with masking tape. Attach the zapper. Zap them for 
7 minutes. Remove the electrodes and wait 5 minutes. Test again 
for the same bacteria. They should be gone (but the food is not 
safe to eat due to the metal released from the teaspoons). 

These experiments point to some exciting possibilities. Per- 
haps water supplies as well as foods and medicines could be 
sterilized this way. Perhaps sewage could be treated more effi- 
ciently, electrically. Best of all, maybe you could protect your- 
self from unsanitary products. If you do decide to explore this 
possibility, remember not to put metals in your mouth or food. 
Nor to use currents greater than 10 milliamps, or for longer than 
10 minutes. 
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There are many commercially available function generators 
that can meet your needs. Two are shown here. 





— 


Fig. 86 Function generators. 
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Recipes 


Read old recipe books for the fun and savings of making your 
own nutritious food. Change the recipes to avoid processed 
ingredients. Here are some I found: 


Beverage Recipes 


Anything made in your own juicer is fine. Experiment with 
new combinations to create different flavorful fruit and vegetable 
juices. Consider the luxury of preparing gourmet juices which 
satisfy your own individual palate instead of the mass-produced, 
polluted varieties sold at grocery stores. Remember to wash all 
fruit, including citrus before juicing. This removes the ever- 
present pesticides and common fruit mold. 


Lemonade 


1 cup fresh lemon juice, 1 cup honey, 12quarts water. Bring 
honey and water to a boil if you plan to keep it several days. 
Then add lemon juice and store in the refrigerator. 


All honey and maple syrup should have vitamin C added to it 


as soon as it arrives from the supermarket. Warm it first; then stir 
in 4 tsp. per pint. 





Fresh Tomato Juice 


Simmer for “Yzhour: 12 medium-sized raw, ripe tomatoes, 2 
cup water, | slice onion, 2 ribs celery with leaves, Ybay leaf, 3 
sprigs parsley. Strain these ingredients. Season with: | tsp. salt 


513 


THE CURE FoR ALL DISEASES 


(aluminum-free), 4 tsp. paprika, Yatsp. honey. Serve thoroughly 
chilled. Makes about 4 servings. 


Fresh Pineapple Juice 


Peel a pineapple. Remove all soft spots. Cut it into cubes. 
Extract the juice by putting the pineapple through a food grinder 
or a blender. There will be very little pulp. Strain the juice and 
serve it on ice with sprigs of mint. Makes about 1/cups of juice. 
Mix the pulp with an equal amount of clover honey and use as 
topping (kept in freezer) for homemade ice cream (below), 
pancakes, or yogurt. 


Maple Milk Shake 


For each milk shake, blend or shake together: 1 glass of milk 
and 2 tablespoons maple syrup. 


Remember, all milk gets boiled. 


Yankee Drink 


Mix together 1 gal. water, 3 cups honey, Yzcup fresh lemon 
juice or distilled white vinegar, and | tsp. ginger. 


Hot Vanilla Milk 


Add one inch of vanilla bean and one tsp. honey to a glass of 
milk and bring to a near boil. You may add a pinch of cinnamon 
or other pure spice. You may even use vanilla extract (see 
Sources). 
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Red Milk 


Equal parts fresh carrot juice (use a juicer) and sterilized 
milk. Save the carrot pulp for salads and soups. 


C-Milk 


Milk can absorb a surprising amount of vitamin C powder 
without curdling or changing its flavor. Try Yatsp. in a glass of 
cold milk. 


My Own Soda Pop 


Excellent for stomach distress. Put 1 tsp. citric acid, 2 tbs. 
vegetable glycerin (see Sources), 2 tbs. honey, and 1 lemon, 
juiced by hand, into a quart jar and fill with cold water. Refrig- 
erate until ready to use. Then add | tsp. baking soda (chemically 
pure only, see Sources) and shake a few times, keeping the lid 
tight. Pour over a few ice cubes. Many variations are possible: 
other fruit concentrates, made in the blender, can be used along 
with some lemon juice; for example, 2 blended whole apples 
(peeled), blended pineapple, orange or grapefruit. Always add a 
bit of lemon to give it zip. You may add a pinch of ginger or 
other pure spice. 

Note: The amount of sodium in Yztsp. baking soda is .476 
grams. If you have heart disease, high blood pressure, or edema, 
use potassium bicarbonate instead. Ask your doctor what an ac- 
ceptable amount of sodium or potassium bicarbonate is. I would 
suggest limiting yourself to one glass of soda pop a day, even if 
you do not have heart disease. 

Another Note: the citric acid kills bacteria, while the car- 
bonation brings relief. 
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Message 749. POSITIVE THIN KING Read once a day. 


ACCEPTANCE 
“Deep inside myself | know that whatever | do is acceptable for me. | know | have a CHOICE to 
adapt whenever required. Discovering that others have their own way of thinking and acting 
induces optimism within me. This makes my life dynamic and diversified. It’s exciting to listen to 
so many opinions. This gives me a CHOICE to re-evaluate or change my view and to respect it. 

ENTHUSIASM 
| feel like a glass of champagne. My life bubbles and sparkles. | can sing and dance out of joy of 
living. Just imagine that | have decided to be a part of this magnificent creation. Isn't it marvelous 
to feel that | have a body, mind and soul? I’m in love with life; my heart palpitates in joy twice so 
fast. It rejoices in every single day that is given to me. 

ATTUNEMENT 
| swim with the tide of my roads of life. | create waves of myself in the river as well as in its 
source. My exterior knows of my interior. My pores open and close themselves in harmony with 
my emotions. My senses don’t fool me or keep me back from what happens outside. This way | 
can harmonize my life. My exterior doesn’t have to lie about my interior, for they are in harmony. 

UNITY 

| am the seed, plant, root and earth together. | am the soul, mind, body and heart together. | am 
my own breath. | am my own emotions and mind together. | am my own earth and heaven 
together. | am a complete, integral whole, worked up to the minutest details. | know how | do; | 
know there is only one like me — myself. 

WILLINGNESS 
| am willing to adapt. As a result, my body and mind are more adaptive and are able to better 
cope with unpredictable situations. | know | always have a free CHOICE to either adapt myself to 
a given situation or walk out of it. On the other hand, this allows me to learn something new and | 
become more aware of people’s differences. This gives me courage to be different and still 
belong to them. | am an indispensable part of the ever-changing model. 

SELF-CONFIDENCE 
| face the life proud and upright. | have my own thoughts, ideas. | know they are counting on me 
and so | fearlessly share with others what | have in my heart and soul. | have courage to risk; to 
bear responsibility for my being an independent human being. | have power to realize my ideas 
while not hurting anyone. Without scruples, | receive compliments that | deserve. With gratitude, | 
accept help that | need of others to realize myself. 
INTEREST 
| seem to come always in time to a place where something is happening. Therefore, | always 
have an opportunity to add something of value to it. And | know it will be appreciated. It is 
fascinating to know | belong somewhere. Even in the most complex situations | can see 
something that | can learn and use for my own development. | know when | am needed and 
when not. | am developing a fine sense for my own need and needs of others. And | am always 
more and more in connection with this sense. 
EQUALITY 
Life fits me like a glove. My body moves in harmony with my thoughts. The body and mind are 
equivalent. | can fully trust myself, for my feelings won’t deceive me. | needn’t hide or pretend 
anything. | am who | am — | am equal. 
CHOICE 

| have a choice. | can make a free choice in whatever life situation without anything controlling 
me. | am a free man and | feel it through everything that | have at my disposal and that is allowed 
to me thanks to the beloved Creator. | impose nothing on others; | respect their free choice, too.” 


oy, www.cosmic-people.com ov, 2/19/2004 
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My Own Super C-Pop 


An excellent way to get lots of vitamin C into a child and 
relieve stomach distress at the same time. Squeeze | slice of 
lemon and | whole orange into an 8 ounce bottle that has a tight 
lid. Add 1 tsp. vitamin C powder (ascorbic acid), 4 tsp. citric 
acid, and 2 tbs. vegetable glycerin (you may also experiment 
with honey for sweetness). Fill the bottle to the top with cold 
water. Then add Yatsp. chemically pure baking soda and close 
tightly. Shake briefly and serve immediately. 


Half And Half 


Mix equal parts whipping cream and milk or water. Boil and 
chill. 


Buttermilk-C 


Stir 1 tsp. vitamin C powder into a glass of milk. Add a pinch 
of potassium chloride. Additional seasoning may be pepper and 
herbs. Stir and enjoy. 


Food Recipes 


Despite the presence of aflatoxins, benzopyrenes, and sol- 
vents in many foods, it is possible to have a delicious and safe 
diet. Many persons need to gain weight, and with the emphasis in 
today's society on losing weight, consider yourself lucky in this 
respect. Help yourself to lots of butter, whipping cream, whole 
milk, avocados, and olive oil. Make your own preserves and 
baked goods, including breads. Remember, when you are 
recovering from a major illness it is essential not to diet to lose 
weight. You must wait two years after you are recovered to try to 
lose weight. 
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Daily Foods 


Dairy products should contain at least 2% fat to enable you 
to absorb the calcium in them. 


All milk should be sterilized 


by boiling it for 10 seconds. If it makes mucous, you already 
have a chronic respiratory infection. Try to clear this up. 





Change brands every time you shop to prevent the same 
pollutants from building up in your body. 

If frying or cooking with fat, use only olive oil, butter or 
lard (the BHT and BHA preservatives in lard are OK except for 
seizure sufferers). Mix them for added flavor in your dishes. 
Never use margarine, Crisco™ or other hydrogenated fats. Do 
not cook over flames or grill, even when electric. 

Eat lots of fresh fruits and vegetables. Wash them off only 
with cold tap water, not commercial food “wash”. Scrub hard 
with a stiff bristled brush. Then cut away blemishes. Always 
peel potatoes, apples, and carrots. Modern dirt is full of chemi- 
cals and is toxic to you. 

Be sure to drink plenty of plain water from your cold faucet 
throughout the day, especially if it is difficult for you to drink it 
with your meals. If you don't like the taste of your own tap water, 
try to get it from a friend with newer plumbing. Use a poly- 
ethylene (opaque) water jug from a grocery store to transport it. 
Never drink water that has been run through a water softener or 
copper plumbing or has traveled through a long plastic hose. 
Don't drink water that has stood in a container for a day. Dump it 
and sterilize the container. To further improve flavor and to 
dechlorinate attach a small faucet filter made of carbon only. Or 
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buy a filter pitcher (see Sources). Don't drink water that has 
stood in the filter pitcher very long, either. 

Because commercial cold cereals are very convenient, but 
have solvents, here are two replacements. 


Two Granolas 


7 cups rolled oats (old fashioned, not quick) 
1 tsp. salt 
1 cup wheat germ (fresh, not defatted) 
Ve cup honey 
V2 Cup sunflower seeds, immaculate quality 
Ye Cup milk (no need to sterilize, it is being baked) 
Ye Cup melted butter 
1 cup raisins, rinsed in vitamin C water 

Mix dry ingredients together. Mix liquid ingredients and add 
gradually, while tossing until thoroughly mixed. Place in large 
ungreased pans and bake in slow (250°) oven. Stir occasionally, 
baking until brown and dry, usually 1-2 hours. Store in airtight 
container in freezer. 


6 cups rolled oats 
Ye Cup raw wheat germ 
1 cup sesame seeds 
1 cup sunflower seeds (raw, unsalted) 
1 tsp. cinnamon 
Ye Cup melted butter 
Ye cup honey 

Preheat oven to 250°. Toss all ingredients in mixing bowl. 
Spread thinly on a baking sheet and bake 20-25 minutes. Stir 
often in order to brown evenly. When golden, remove and let 
cool. Makes 12 cups. 

If you would like to add nuts to your granola recipes, rinse 
them in cold tap water first, to which vitamin C powder has been 
added (4 tsp. per pint). This removes aflatoxins. 
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Peanut Butter 


Use fresh unsalted roasted peanuts—they will be white on the 
first day they arrive at the health food store from the distributor. 
(Ask when they will 
arrive.) Or shell fresh 
roasted peanuts 
yourself, throwing 
away all shriveled or 
darkened nuts. Grind, 
adding salt and vita- 
min C (% tsp. per 
pint) as you go. For 
spreadability, espe- 
cially for children, Fig. 87 Light colored, roasted peanuts 
grind = an equal in the shell had no aflatoxin. 
volume of cold butter along with the peanuts. This improves 
spreadability and digestibility of the hard nut particles. This will 
probably be the most heavenly peanut butter your mouth has ever 
experienced. 





Sweetening and Flavoring 


Brown Sugar. Although I am prejudiced against all sugar 
from a health standpoint, my testing revealed no benzene, propyl 
alcohol, wood alcohol. However it does contain sorghum mold 
and must be treated with vitamin C to detoxify it. Add % tsp. to a 
1 pound package; knead until well mixed. 

Maple syrup. Add vitamin C to newly opened bottle, % tsp. 
to retard mold. Keep refrigerated and use promptly. 

Flavoring. Use maple, vanilla (both natural and artificial), 
and any pure spice. They are free of molds and solvents. 

Honeys. Get at least 4 flavors for variety: linden blossom, 
orange blossom, plain clover and local or wild flower honey. 
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Add vitamin C to newly opened jar to detoxify ergot mold (% tsp. 
per pint). 

Jams and jellies. They are not safe unless homemade. 

Fruit syrup. Use one package frozen fruit, such as cherries, 
blueberries or raspberries. Let thaw and measure the amount in 
cups (it might say on the package). Add an equal amount of 
clover honey to the fruit. Also add % tsp. vitamin C powder. Mix 
it all in a quart canning jar and store in the refrigerator. Use this 
on pancakes, cereal, plain yogurt and homemade ice cream too. 
Use to make your own flavored beverages in a seltzer maker or 
to make soda pop. If you wish to use fresh fruit, bring it to a boil 
to sterilize. Use it up in a few days or boil to sterilize it again. 


Note for diabetics 


Diabetics must not use artificial sweeteners. Nor can they use 
all the sweeteners listed. Try stevia powder instead. 





Preserves 


Keep 3 or 4 kinds on hand, such as peach, pineapple, and 
pear. Peel and chop the fruit. It should not have any bruises. If 
you use a metal knife, rinse the fruit lightly afterwards. Add just 
enough water to keep the fruit from sticking as it is cooked 
(usually a few tablespoons). Then add an equal amount of honey, 
or to taste and heat again to boiling. Put in sterile jars in 
refrigerator. Make marmalade the same way, slicing the fruit and 
peel thinly. Always add vitamin C powder to a partly used jar to 
inhibit mold. Never use up partly molded fruit by making 
preserves out of it. Throw it out. 
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C Dressing 


Ye Cup Olive oil 
VY cup fresh lemon juice or white distilled vinegar 
1 tsp. thyme, fenugreek or both (capsules are freshest) 
1 tsp. vitamin C powder 
Ya tsp. brown sugar 

Combine the ingredients in a clean salad dressing bottle. 
Shake. Refrigerate. The basic recipe is the oil and vinegar in a 
2:1 ratio. After mixing these, add any pure spice desired. Or add 
fresh tomato chunks for creaminess. 


Cheese Sauce 


Add milk to cheese in equal amounts. Gradually heat to 
boiling while stirring. Add more of either to obtain the desired 
consistency. Boil 10 seconds. Use immediately. 


Sour Cream-C 


2 cups heavy whipping cream, previously boiled 

Y% tsp. citric acid 

Y tsp. vitamin C powder 

1 tsp. fresh onion juice or other seasoning (optional) 
Stir until smooth, refrigerate 2 hours. 


Yogurt 


Buy a yogurt maker. Be sure and use boiled milk. 


Soups 


All home made soups are nutritious and safe, provided you 
use no processed ingredients (like bouillon), or make them in 
metal pots. Use herbs and aluminum-free salt to season. Always 
add a dash of vitamin C or tomato juice or vinegar to draw out 
calcium from soup bones for you to absorb. 
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Fish and Seafood recipe 


Any kind of fish or seafood is acceptable, provided it is 
well-cooked. Don't buy food that is already in batter. The sim- 
plest way to cook fish is to poach it in milk. It can be taken 
straight from the freezer, rinsed, and placed in % inch of milk 
(unboiled is fine) in the frying pan. Heat until it is cooked. Turn 
over and repeat. Throw away the milk. Serve with fresh lemon 
and herbs. 


Baked Apples 


Peel and core carefully. Remove all bruises (this is where 
the patulin is). Cut in bite-sized pieces, add a minimum of water 
and cook or bake minimally. Add a squirt of lemon juice when 
done. Serve with cinnamon, whipping cream and honey. 


Ice creams 


from the grocery store are loaded with benzene and other 


solvents. Fortunately there are ice cream makers that do every- 
thing (no cranking)! Or try our recipe which uses a blender. Be 
sure not to add store bought flavors, except vanilla or maple. 





5 Minute Ice Cream 


(Strawberry) Use 2 half pints of whipping cream, previously 
boiled, 1 package of frozen strawberries (about 10 o0z.), and % 
cup clover honey. Pour frozen strawberries into blender. Pour 
whipping cream and honey over them. Blend briefly (about 10 
seconds), not long enough to make butter! Pour it all into a large 
plastic bowl. Cover with a close fitting plastic bag and place in 
freezer. Prepare it a day ahead. Try using other frozen fruits, such 
as blueberries and cherries. Keep a few berries out of the 
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blender and stir them in quickly with a non-metal spoon before 
setting the bowl in the freezer. There are many ice cream recipes 
to be found in old cook books. Avoid those with raw eggs or 
processed foods as ingredients. You may add nuts if you rinse 
them in vitamin C water. 


Cookies, cakes and pies 


Bake them from scratch, using unprocessed ingredients. Use 
simple recipes from old cook books. 





Seven Day Sample Menu 


Because processed foods have many toxins, you must cook as 
much from scratch as possible. So for convenience sake, keep 
your meals simple in preparation. You may want to prepare 
ahead and refrigerate your dressings and toppings. Or you could 
make a hot soup for dinner, refrigerate, and eat the leftovers for 
lunch. Don't save leftovers more than two days. Make sure they 
are covered. Try baking several potatoes at one time, refrigerate 
and put them in a salad the next night. Variety is the spice of life, 
so combine the allowed foods in the most creative ways you can 
imagine. And don't forget herbs and spices; learn to use them 
from old cook books. 





Breakfast Lunch Dinner 
Day 1 | Granola and honey Fresh ground peanut Orange roughy fish 
with milk, half n' half or | butter and preserve Fresh green beans with 
whipping cream sandwich butter 
1 cup fresh squeezed Soup Baked potato with Sour 
fruit juice Milk Cream-C topping or fresh 
Water Water chives 
Milk Pie (homemade) 
Milk 


1 cup fresh squeezed or 
frozen vegetable juice 
Water 
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Day 2 | Egg (limit is 2) Bagel (from bakery) Homemade bean or lentil 
Fried potatoes Sour Cream-C soup 
1 glass milk Tomato Sardines 
Peppermint herb tea 1 cup vegetable juice Dinner roll and butter 
Fresh orange juice Water Salad 
Milk Homemade dressing 
Ice cream (homemade) 
Water 
Day 3 | Cream of Wheat™ Tuna sandwich with Baked sweet potato with 
cooked with raisins olives and butter butter and sweetening. 
and milk Soup Fresh broccoli with 
Banana Milk cheese sauce 
Peppermint herb tea Water Bread and butter 
Ye cup milk Chopped, peeled pear 
Water and whipping cream 
1 cup vegetable juice 
Milk 
Water 
Day 4 | French toast with Avocado and sour Lobster or sautéed 
maple syrup cream sandwich shrimp 
Egg Ye cup vegetable juice Fresh asparagus 
Homemade grapefruit Bread and butter Potatoes, any style 
juice Water Ye cup vegetable juice 
Milk Water 
Water Milk 
Day 5 | Cooked cereal Cold potato salad with | 1 can sardines or salmon 
1 glass milk C Dressing in easy-open can (can 
Sliced banana with Soup openers shed metal) 
whipping cream and Ye cup vegetable juice Salad of lettuce, tomato, 
honey Custard olives, avocado with 
1 glass water Water homemade dressing 
Milk Bread with butter 
Ice-cream (optional) 
Ye cup vegetable juice 
Water 
Milk 
Day 6 | Egg and homemade Homemade peanut Gourmet pizza: home 
biscuit with honey and | butter sandwich baked bread topped with 
butter Ye cup vegetable juice | olive oil, sliced tomato or 
Milk Milk homemade sauce, grated 
Fruit juice Water cheese, sardines or 
(homemade) anchovies, chopped 
Water vegetables, garlic and 
onion 
Salad 
Milk 
Water 
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Day 7 | Pancakes Salmon sandwich Stir-fry vegetables: 
Banana or chopped (from flip top can) broccoli, carrots, cab- 
fruit with cream Ye cup vegetable juice bage, in olive oil and 
Milk Milk butter 
Water Water Bread and butter 

Pie (optional) 
Milk 
Water 














Remember, take vitamin C and B-complex with each meal. 


Too Sick To Cook, Too Tired To Eat 


Pick three meals from the sample menu that need no cooking 
and eat them every day. 





Recipes for Natural Body Products 


You can use just borax (like 20 Mule Team Borax™) and 
washing soda (like Arm & Hammer Super Washing Soda™) for 
all types of cleaning including your body, laundry, dishes and 
your house! You don't need all of those products you see in 
commercials for each special task! 

Even if you have dry skin, difficult hair or some other unique 
requirement, just pure borax will satisfy these needs. A part of 
every skin problem is due to the toxic elements found in the 
soaps themselves. For instance aluminum is commonly added as 
a “skin moisturizer’. It does this by impregnating the skin and 
attracting water, giving the illusion of moist skin. In fact you 
simply have moist aluminum stuck in your skin which your 
immune system must remove. While borax won't directly heal 
your skin or complexion, it does replace the agents that are 
causing damage, so that healing can occur. 
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Borax Liquid Soap 


Empty 1 gallon jug 
1/8 cup borax powder 
Plastic funnel 


Funnel the borax into the jug, fill with cold tap water. Shake 
a few times. Let settle. In a few minutes you can pour off the 
clear part into dispenser bottles. This is the soap! 

Easier way: use any bottle, pour borax powder to a depth of 
a Yanch or so. Add water. Shake. When you have used it down to 
the undissolved granules, add more water and shake again. Add 
more borax when the undissolved granules get low. 

Keep a dispenser by the kitchen sink, bathroom sink, and 
shower. It does not contain aluminum as regular detergents and 
soaps do, and which probably contribute to Alzheimer's disease. 
It does not contain PCBs as many commercial and health food 
varieties do. It does not contain cobalt (the blue or green gran- 
ules) which causes heart disease and draws cancer parasites to 
the skin. Commercial detergents and non-soaps are simply not 
safe. Switch to homemade bar soap and borax for all your tasks! 
Borax inhibits the bacterial enzyme urease and is therefore an- 
tibacterial. It may even clear your skin of blemishes and stop 
your scalp from itching. 


For Laundry 


Borax (Yacup per load). It is the main ingredient of non- 
chlorine bleach and has excellent cleaning power without fading 
colors. Your regular laundry soap may contain PCBs, aluminum, 
cobalt and other chemicals. These get rubbed into your skin 
constantly as you wear your clothing. For bleaching (only do this 
occasionally) use original chlorine bleach (not “new improved” 
or “with special brighteners”’, and so forth). Don't use chlorine if 
there is an ill person in the house. For getting out 
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stubborn dirt at collars, scrub with homemade bar soap first; for 
stains, try grain alcohol, vinegar, baking soda. 


For Dishes 


Don't believe your eyes when you see the commercials where 
the smiling person pulls a shining dish out of greasy suds. Any 
dish soap that you use should be safe enough to eat because 
nothing rinses off clean. Regular dish detergents, including health 
brands, are now polluted with PCBs. They also contain harmful 
chemicals. Use borax for your dishes. Or use paper plates and 
plastic (not styrofoam) cups. 


In The Dishwasher 


Use 2 tsp. borax powder pre-dissolved in water. If you use 
too much it will leave a film on your dishes. Use vinegar in the 
rinse cycle. 


In The Sink 


Use a dishpan in the sink. Use %4 cup borax and add a mini- 
mum of water. Also keep a bit of dry borax in a saucer by the 
sink for scouring. Don't use_any soap at all for dishes that aren't 
greasy _and_can be washed under the faucet with nothing but 
running water. Throw away your old sponge or brush or cloth 
because it may be PCB contaminated. Start each day by steril- 
izing your sponge (it harbors Salmonella) or with a new one 
while the used one dries for three full days. Clean greasy pots 
and pans with a paper towel first. Then use homemade bar soap. 
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Fig. 88 Make a bottle of borax liquid to fill your soap dispens- 
ers and shampoo bottle. Use citric acid to rinse and condition. 


Shampoo 


Borax liquid is ready to use as shampoo, too. It does not 
lather but goes right to work removing sweat and soil without 
stripping your color or natural oils. It inhibits scalp bacteria and 
stops flaking and itching. Hair gets squeaky clean so quickly (just 
a few squirts does it) that you might think nothing has happened! 
You will soon be accustomed to non-lathery soap. Rinse_very 
thoroughly because_you should leave your scalp slightly acidic. 
Take a pint container to the shower with you. Put % tsp. citric 
(not ascorbic) acid crystals (see Sources) in it. For long hair use 
a quart of rinse. Only citric acid is strong enough to get the borax 
out, lemon juice and vinegar are not. After shampooing, fill the 
container with water and rinse. Rinse your whole body, too, 
since citric acid is also anti-bacterial. All hair shampoo 
penetrates the eye lids and gets into the eyes although you do not 
feel it. It is important to use this natural rinse to neutralize the 
shampoo in your eyes. (Some people _sihave 
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stated that citric acid makes their hair curlier or reddens it. If this 
is undesirable, use only half as much citric acid.) Citric acid also 
conditions and gives body and sheen to hair. 


Hair Spray 


I don't have a recipe that holds your hair as well as the bottle 
of chemicals you can buy at the store. Remarkably a little lemon 
juice (not from a bottle) has some holding power and no odor! 
Buy a | cup spray bottle. Squeeze part of a lemon, letting only the 
clear juice run into the bottle. Fill with water. Keep it in the 
refrigerator. Make it fresh every week. Spraying with just plain 
water is nearly as good! For shinier hair, drop a bit of lemon 
peel into the bottle. 


Homemade Soap 


A small plastic dishpan, about 10” x 12” 

A glass or enamel 2-quart sauce pan 

1 can of lye (sodium hydroxide), 12 ounces 
3 pounds of lard (BHT and BHA are OK here) 
Plastic gloves 

Water 

1. Pour 3 cups of very cold water (refrigerate water overnight 
first) into the 2-quart saucepan. 

2. Slowly and carefully add the lye, a little bit at a time, stir- 
ring it with a wooden or plastic utensil. (Use plastic gloves 
for this; test them for holes first.) Do not breathe the vapor 
or lean over the container or have children nearby. Above 
all use_ no metal. The mixture will get very hot. In olden 
days, a sassafras branch was used to stir, imparting a fra- 
grance and insect deterrent for mosquitoes, lice, fleas, 
ticks. 
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3. Let cool at least one hour in a safe place. Meanwhile, the 
unwrapped lard should be warming up to room temperature 
in the plastic dishpan. 

4. Slowly and carefully, pour the lye solution into the dishpan 
with the lard. The lard will melt. Mix thoroughly, at least 
15 minutes, until it looks like thick pudding. 

5. Let it set until the next morning; then cut it into bars. It will 
get harder after a few days. Then package. 

If you wish to make soap based on olive oil, use about 48 
ounces. It may need to harden for a week. 


Liquid Soap 


Make chips from your homemade soap cake. Add enough hot 
water to dissolve. Add citric acid to balance the pH (7 to 8). If 
you do not, this soap may be too harsh for your skin. 


Skin Sanitizer 


Make up a 5 to 10% solution of food grade alcohol. Food 
grade alcohols are grain (ethyl) alcohol or vodka. Find a suit- 
able dispenser bottle. Mark it with a pen at about one tenth of the 
way up from the bottom. Pour 95% grain alcohol (190 proof) to 
this mark (for 50% grain alcohol or vodka make your mark one 
fifth of the way up). Add water to the top. Keep shut. You may 
add a chip of lemon peel for fragrance. 

Use this for general sanitizing purposes: bathroom fixtures, 
knobs, handles, canes, walkers, and for personal cleanliness (but 
use chlorine bleach for the toilet bowl once a week). Always 
clean up after a bowel movement with wet toilet paper. This is 
not clean enough, though. Follow with a stronger damp paper 
towel. This is still not clean enough; use a final damp paper 
towel with skin sanitizer added. After washing hands, sanitize 
them too, pouring a bit on one palm and put finger tips of the 
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other hand in it, scratch to get under nails, repeat on other hand. 
Rinse with water. 


Do not use this recipe, nor keep any bottles of alcohol in the 


house of a recovering alcoholic. 





Deodorant 


Your sweat is odorless. It is the entrenched bacteria feeding 
on it that make smells. You can never completely rid yourself of 
these bacteria, although they may temporarily be gone after 
zapping. The strategy is to control their numbers. Here are sev- 
eral deodorants to try. Find one that works best for you: 

Vitamin C water. Mix '4 tsp. to a pint of water and dab it on. 
Then dab on cornstarch. 

Citric Acid water. Mix % tsp. to a pint of water and dab it 
on. Then dab on cornstarch. 

Only a few drops of these acids under each armpit are nec- 
essary. If these acids burn the skin, dilute them more. Never ap- 
ply anything to skin that has just been shaved! 

Corn starch. Many people need only this. Dab it on. 


Use only unpolluted cornstarch (see Sources). 


Baking soda has been deleted as a deodorant because ben- 
zene was found in some boxes. 

Lemon juice. This acid is not as strong, use what you need. 

Pure alcohol (never rubbing alcohol). The food grade alco- 
hols are grain alcohol and vodka. Dab a bit under each arm 
and/or on your shirt or blouse, then dab on cornstarch. If the al- 
cohol burns, dilute it with water. Be very careful not to leave the 
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bottle where a child or alcoholic person could find it. Pour it into 
a different bottle! 

Pure zinc oxide. You may ask your pharmacist to order this 
for you. She or he may wish to make it up for you too, but do not 
let them add anything else to it. It should be about 1 part zinc 
oxide powder to 3 parts water. It does not dissolve. Just shake it 
up to use it. After you get it home, you can add cornstarch to it to 
give it a creamy texture. Heat 3 tsp. cornstarch in 1 cup of water, 
to boiling, until dissolved and clear. Cool and add some to the 
zinc oxide mixture (about equal parts). Store unused starch 
mixture in the refrigerator. Only make up enough for a month. 

Alcohol and zinc oxide. This is the most powerful deodor- 
ant. Apply alcohol first, then the zinc oxide, then dab on corn- 
starch. 

Remember that you need to sweat! Sweating excretes toxic 
substances, especially from the upper body. Don't use deodorant 
on weekends. Go to the sink and wipe clean the armpits like our 
grandparents did. Often, just plain cornstarch is enough! These 
homemade deodorants are not as powerful as the commercial 
varieties—this is to your advantage. 


Brushing Teeth 


Buy a new toothbrush. Your old one is soaked with toxins 
from your old toothpaste. Use only water or chemically pure 
baking soda if you have any metal fillings. Put a pinch in a glass, 
add water to dissolve it. Use food-grade hydrogen peroxide (see 
Sources) if you have only plastic fillings. Dilute it from 35% to 
17'% by adding water (equal parts). Store hydrogen peroxide 
only in polyethylene or the original plastic bottle. Use 4 or 5 
drops on your toothbrush. It should fizz nicely as oxygen is 
produced in your mouth. Your teeth will whiten noticeably in 6 
months. Before brushing teeth, floss with 4 or 2 pound mon- 
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ofilament fish line. Double it and twist for extra strength. Rinse 
before use. Floss and brush only once a day. If this leaves you 
uncomfortable, brush the extra times with plain water and a 
second “water-only” toothbrush. Make sure that nothing solid, 
like powder, is on your toothbrush; it will scour the enamel and 
give you sensitive teeth, especially as you get older and the 
enamel softens. Salt is corrosive—don't use it for brushing metal 
teeth. Plain water is just as good. 


For Dentures 


Use salt water. It kills all germs and is inexpensive. Salt 
water plus grain alcohol or food-grade hydrogen peroxide makes 
a good denture-soak. 


Mouthwash 


A few drops of food grade hydrogen peroxide added to a 
little water in a glass should be enough to make your mouth foam 
and cleanse. Don't use hydrogen peroxide, though, if you have 
metal fillings, because they react. Don't use regular drug store 
variety hydrogen peroxide because it contains toxic additives. 
Health food store varieties contain solvents from the bottling 
process. See Sources. Never purchase hydrogen peroxide in a 
bottle with a metal cap. 

For persons with metal tooth fillings, use chemically pure 
baking soda or just plain hot water. A healthy mouth has no odor! 
You shouldn't need a mouthwash! If you have breath odor, search 
for a hidden tooth infection or cavitation. 


Contact Lens Solution 


A scant cup of cold tap water brought to a boil in glass 
saucepan. After adding % tsp. aluminum free salt and boiling 
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again, pour into a sterile canning jar. Refrigerate. Freeze some of 
it. 


Lip Soother 


For dry, burning lips. Heat 1 level tsp. sodium alginate plus 1 
cup water until dissolved. After cooling, pour it into a small 
bottle to carry in your purse or pocket (refrigerate the remain- 
der). Dab it on whenever needed. If the consistency isn't right for 
you, add water or boil it down further. You can make a better lip 
soother by adding some lysine from a crushed tablet, vitamin C 
powder, and a vitamin E capsule to the alginate mix. If you have 
a persistent problem with chapped lips, try going off citrus juice. 


Foot Powder 


Use a mixture of cornstarch and zinc oxide poured into a salt 
shaker with a lid. Add long rice grains to fight humidity. You 
may also try arrow root or potato starch. If you don't have zinc 
oxide use plain cornstarch. 


Skin Healer Moisturizer Lotion 


1 tsp. sodium alginate 
1 cup water 

Make the base first by heating these together in a covered, 
non-metal pan until completely dissolved. Use low heat-it will 
take over an hour. Use a wooden spoon handle to stir. Set aside. 
Then make the following mixture: 


Y% tsp. Vitamin C (ascorbic acid) (You may crush tablets) 
Y% tsp. lysine (crush tablets) 

2 tbs. pure vegetable glycerin 

2 vitamin E capsules (400 units or more, each) 

1 tsp. apricot kernel oil (olive oil will do) 
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1 tbs. lemon juice from a lemon or 1% tsp. citric acid (this is optional) 
1 cup water 

Heat the water to steaming in a non-metal pan. Add vitamin C 
and lysine first and then everything else. Pour into a pint jar and 
shake to mix. Then add the sodium alginate base to the desired 
thickness (about equal amounts) and shake. Pour some into a 
small bottle to use as lip soother. Pour some into a larger bottle 
to dispense on skin. Store remainder in refrigerator. (See 
Sources for sodium alginate, vegetable glycerin and apricot ker- 
nel oil. Sodium alginate is also available in capsule form at some 
health food stores.) 


Other Skin Healers 


Vitamin C powder (ascorbic acid, not the same as citric 
acid). Put a large pinch into the palm of your hand. With your 
other hand pick up a few drops of water from the faucet. Rub 
hands together until all the powder is dissolved and dispensed. It 
may sting briefly. Do this at bedtime, especially for cracked, 
chapped hands. Include lips if they need it. 

Vitamin E oil. Vitamin E oil from Now Foods was not 
polluted at the time of this writing, but for the future it would be 
safer to rely on capsules. Snip open a capsule and rub into skin. 

50% Glycerin. Dilute 100% vegetable glycerin with an 
equal amount of water. This is useful as an after shave lotion. 

Vitamin C liquid. Mix 4 tsp. vitamin C powder in one pint 
water (crushed tablets will do). This is useful as an after shave 
lotion and general skin treatment. 

Apricot Kernel Oil. This is a very light oil, useful as an after 
shave lotion and general skin treatment. 

Cornstarch (see Sources). Use on rashes, fungus, moist or 
irritated areas and to prevent chafe. 

Combining several of these makes them more effective. 
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Dry skin has several causes: too much water contact, too 
much soap contact (switch to borax), low body temperature, not 
enough fat in the diet, or parasites. 


Massage Oil 


Use olive oil. It comes in very light to heavy textures. Pick 
the right one for your purpose. Alginate mixtures can be used 
instead of, or added to, oil. Starch solutions are good, too. 


Sunscreen Lotion 


Purchase PABA (see Sources) in 500 mg tablet form. Dis- 
solve | tablet in grain alcohol or vodka. Grind the tablet first by 
putting it in a plastic bag and rolling over it with a glass jar. It 
will not completely dissolve even if you use a tablespoon of the 
alcohol. Pour the whole mixture into a 4 ounce bottle of home- 
made skin softener. Be careful not to get the lotion into your eyes 
when applying it. A better solution is to wear a hat or stay out of 
the sun. Remember to take PABA as a supplement, too (500 mg, 
one a day). 


Nose Salve 


(When the inside of the nose is dry, cracked and bleeding.) 

Pour tsp. pure vegetable glycerin into a bottle cap. Add % 
tsp. of water. 

Applicator: use a plastic coffee stirrer or straw; cut a slit in 
the end to catch some cotton wool salvaged from a vitamin bottle 
and twist (cotton swabs, cotton balls and wooden toothpicks are 
sterilized with mercury which in turn is polluted with thallium). 
Dip it into the glycerin mixture and apply inside the nose with a 
rotating motion. Do each nostril with a new applicator. 
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Quick Corn Starch Skin Softener 


4 tsp. corn starch (see Sources) 
1 cup water 
Boil starch and water until clear, about one minute. 


Cornstarch Skin Softener 


1 tsp. lysine powder or 8 tablets, 500 mg each 
1 tsp. Vitamin C powder (ascorbic acid); or 8 tablets, 500 mg each 
3 tsp. cornstarch (see Sources) 
Vitamin E, 1 capsule 400 mg 
Y% tsp. apricot kernel oil (optional) 
1 cup water 

Boil starch and water until clear, about one minute. Add 
other ingredients and stir until dissolved. Cool. Pour into dis- 
penser bottle. Keep refrigerated when not in use. Apply after 
washing dishes and after showering. 


After Shaves 


Vitamin C. %4 tsp. vitamin C powder, dissolved in 1 pint 
water. 

Apricot kernel oil. 

Vegetable glycerin. Equal parts glycerin and water or to suit 
your need. 


Personal Lubricants 


Heat these together: 1 level tsp. sodium alginate and 1 cup 
water in a covered non-metal pan until completely dissolved. 
Use very low heat and stir with a wooden spoon handle. It takes 
a fairly long time to get it perfectly smooth. After cooling, pour 
into a small dispenser bottle. Keep the remainder refrigerated. 

Or, mix and heat 4 tsp. cornstarch and 1 cup water until 
completely dissolved in a covered saucepan. Use non-metal 
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dishes and a non-metal stirring spoon. Cool. Pour some into 
dispenser bottle. Refrigerate remainder. This is many person's 
favorite recipe. 


Baby Wipes 


Cut paper towels in quarters and stack in a closable plastic 
box. Run tap water over them, drain the excess. Add | tsp. grain 
alcohol and/or borax liquid on top. Close. Put a dab of the Quick 
Cornstarch Softener recipe on top of each wipe as you use it. 


People Wipes 


Y% tsp. powdered lysine (you may crush tablets) 
Y% tsp. Vitamin C powder (you may crush tablets) 
Ya cup vegetable glycerin 

1 cup water 

Prepare wipes by cutting paper towels in quarters. Use 
white, unfragranced towels that are strong enough to hold up for 
this use. Fold each piece in quarters again and stack in a plastic 
zippered baggy. Pour the fluid mixture over the stack and zip. 
Store a bag full in the freezer to take on car trips. If you want to 
keep them a month or more, add 1 tbs. grain alcohol or vodka to 
the recipe. 

For bathroom use, dampen a roll of paper towels under the 
cold tap first. Then pour about 4 cup of the mixture over the 
towel roll around the middle. Store in plastic shopping bag or 
stand in plastic waste basket. 
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Recipes For Natural Cosmetics 


Eye liner and Eyebrow Pencil 


Get a pure charcoal pencil (black only) at an art supply store. 
Try several on yourself (bring a small mirror) in the store to see 
what hardness suits you. You may need to wet it with water or a 
vitamin E perle first. Don't put any chemicals on your eyelids, 
since this penetrates into your eye. To check this out for yourself, 
close your eye tightly and then dab lemon juice on your eyelid. It 
will soon burn! Everything that is put on skin penetrates. 
Otherwise the nicotine patch and estrogen patch wouldn't work. 
Not even soap belongs on your eyelids! Charcoal pencils are 
cheap. Get yourself half a dozen different kinds so you can do 
different things. 

You could also use a capsule of activated charcoal. Empty it 
into a saucer. Mix glycerin and water, half and half, and add it to 
the charcoal powder until you get the consistency you like. Use a 
brush for eyelashes; use a finger for eyebrows. 


Lipstick 
Beet root powder (see Sources) 
100% vegetable glycerin 

Combine | tsp. vegetable glycerin and 1 tsp. beet root pow- 
der in a saucer. Stir until perfectly smooth. Then add Ytsp. of 
vitamin E oil. Snip open vitamin E capsules or buy vitamin E oil 
(see Sources). Very thick olive oil can be substituted. Apply 
liberally with your finger or a lipstick brush. Do not purse or rub 
your lips together after application. To make the lipstick stay on 
longer, apply 1 layer of lipstick, then dab some corn starch over 
the lips, then apply another layer of lipstick. Store in a small 
glass or plastic container in the refrigerator, tightly covered in a 
plastic bag. 
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Face Powder 


Use cornstarch from the original box. You may also try arrow 
root starch or potato starch. Use your fingers or a tissue to apply 
because applicators can carry bacteria. 


Blush (face powder in a cake form) 


Add 50% glycerin to cornstarch in a saucer to make a paste. 
Slowly add beet root powder to the desired color. Use part of a 
charcoal capsule to darken it, if desired. A drop of food grade 
alcohol will also darken it. To make 50% glycerin, add equal 
parts of glycerin and water. Try to make the consistency the same 
as your brand name product, and you can even put it back in your 
brand name container. 


Recipes For Household Products 


Floor Cleaner 


Use washing soda from the grocery store. You may add borax 
and boric acid (to deter insects except ants). Use white distilled 
vinegar in your rinse water for a natural shine and ant repellent. 
Do not add bleach to this. For the bathroom floor use plain 
bleach water—follow the label. Never use chlorine bleach if 
anybody in the home is ill or suffers from depression. Use grain 
alcohol (1 pint to 3 quarts water) for germ killing action instead 
of chlorine. 


Furniture Duster and Window Cleaner 


Mix equal parts white distilled vinegar and water. Put it in a 
spray bottle. 
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Furniture Polish 


A few drops of olive oil on a dampened cloth. Use filtered 
water to dampen. 


Insect Killer 


Boric acid powder (not borax). Throw liberal amounts be- 
hind stove, refrigerator, under carpets and in carpets. Since boric 
acid is white, you must be careful not to mistake it for sugar 
accidentally. Keep it far away from food and out of children's 
reach. Buy it at a farm supply or garden store (or see Sources). It 
will not kill ants. 


Ant Repellent 


Spray 50% white distilled vinegar on counter tops, window 
sills and shelves and wipe, leaving residue. Start early in spring 
before they arrive, because it takes a few weeks to rid yourself 
of them once they are established. If you want immediate action, 
get some lemons, cut the yellow outer peel off and cover with 
grain alcohol in a tightly closed jar. Let stand at least one hour. 
Use 1 part of this concentrate with 9 parts water in a spray bottle. 
Mix only as much as you will use because the diluted form loses 
potency. Spray walls, floors, carpets wherever you see them. The 
lemon solution even leaves a shine on your counters. Use both 
vinegar and lemon approaches to rid yourself of ants. 

To treat the whole house, pour vinegar all around your 
foundation, close to the wall, using one gallon for every five feet. 
Expect to damage any foliage it touches. Reapply every six 
months. 
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Flower and Foliage Spray 


Food-grade hydrogen peroxide. See instructions on bottle. 


Moth Balls 


I found this recipe in an old recipe book. Mix the following 
and scatter in trunks and bags containing furs and woolens: Yalb. 
each rosemary and mint, %4 Ib. each tansy and thyme, 2 tbs. 
powdered cloves. 


Carpet Cleaner 


Whether you rent a machine or have a cleaning service, don’t 
use the carpet shampoo they want to sell, even if they “guarantee” 
that it is all natural and safe. Instead add these to a bucket (about 
four gallons) of water and use it as the cleaning solution: 





Wash water Rinse water 

1/3 cup borax Y4 cup grain alcohol 
2 tsp. boric acid 
Ya cup white distilled vinegar or 
4 tsp. citric acid 


Borax does the cleaning; alcohol disinfects, boric acid leaves 
a pesticide residue, and the vinegar or citric acid give luster. If 
you are just making one pass on your carpet, use the borax, 
alcohol, and boric acid. Remember to test everything you use on 
an unnoticed piece of carpet first. 
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Health Improvement Recipes 


Black Walnut Hull Tincture 


This new recipe is four times as strong as the previous one, 
so it is called Black Walnut Hull Tincture Extra Strength. 


Your largest enamel or ceramic (not stainless steel, not aluminum) 
cooking pot, preferably at least 10 quarts 

Black walnuts, in the hull, each one still at least 50% green, enough to 
fill the pot to the top 

Grain alcohol, about 50% strength, enough to cover the walnuts 

Ya tsp. vitamin C 

Plastic wrap or cellophane 

Glass jars or bottles 


The black walnut tree produces large green balls in fall. The 
walnut is inside, but we will use the whole ball, uncracked, since 
the active ingredient is in the green outer hull. 

Rinse the walnuts carefully, put them in the pot, and cover 
with the alcohol. Sprinkle on half the vitamin C. Seal with plastic 
wrap and cover. Let sit for three days. Pour into glass jars or 
bottles, discarding walnuts, and divide the remaining vitamin C 
amongst the jars. If the glass jar has a metal lid, first put plastic 
wrap over the top before screwing on the lid. Potency is strong 
for several years if unopened, even if it darkens. 





You have just made Extra Strength Black Walnut Hull 
Tincture. It is stronger than the concentrate made with just a few 
black walnuts in a quart jar (my earlier recipe), because there 


are more walnuts per unit liquid. In addition, you will not dilute 
it before use (although when you take it, it will usually be in 
water). 
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When preparing the walnuts, rinse only with cold tap water. 
You may need to use a brush on areas with dirt. If you are not 
going to use all of them in this batch, you may freeze them in a 
resealable plastic bag. Simply refrigerating them does not keep 
them from turning black and useless. The pot of soaking walnuts 
should not be refrigerated. Nor does the final tincture need any 
refrigeration. 

Exposure to air does cause the tincture to darken and lose 
potency. To reduce air exposure, fill the pot as much as possible, 
without touching the plastic wrap, while still keeping a snug 
fitting lid. Even more importantly, the glass jars or bottles you 
use to store your tincture should have as little air space as 
possible, without touching the plastic wrap on top. A large jar 
should be divided into smaller ones when you are ready to use it. 
The idea is not to have partial jars, with a lot of air space, sitting 
for longer than a month or so. 

There are several ways to make a 50% grain alcohol solu- 
tion. Some states have Everclear,’ 95% alcohol. Mix this half 
and half with water. Other states have Everclear that is 76.5% 
alcohol. Mix this three parts Everclear to one part water. Yet 
another method is to buy vodka that is 100 proof. This is already 
50% alcohol. 

Remember, never use any kind of purchased water to make 
tincture. 


Black Walnut Hull Tincture (Regular Strength) 


This is the potency I used originally. It is included here in 
case you prefer it or wish to treat a pet. The Extra Strength recipe 
is four times as potent as the original recipe, so it must be diluted 
in quarters. (Similarly, if you have a lot of the Regular Strength 
left and want to use it in place of Extra Strength, simply take four 
times as much.) 
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Black Walnut Hull Tincture Extra Strength 
Grain Alcohol, about 10% 


Mix one part extra strength tincture with three parts of the 
10% alcohol. Store in glass containers same as described above. 

There are several ways to make a 10% grain alcohol solu- 
tion. Some states have Everclear,“ 95% alcohol. Mix this one 
part Everclear to nine parts water. Other states have Everclear 
that is 76.5% alcohol. Mix this one part Everclear to seven parts 
water. Yet another method is to buy vodka that is 100 proof 
(50% alcohol) and mix one part vodka with four parts water. 


Black Walnut Hull Extract (Water Based) 


Because you do not know how commercially available ex- 
tracts were made, and may not be able to test for solvent pollu- 
tion, it is wisest to make it yourself! 

This recipe is intended for alcoholic persons: cover the 
green balls in the 10 quart (non-metal) pot with cold tap water. 
Heat to boiling, covered. Turn off heat. When cool, add vitamin 
C, cover with plastic wrap, and the lid. Let stand for | day. It 
will be darker than the tincture. Do not dilute. Pour into freezable 
containers. Refrigerate what you will use in two days and freeze 
the rest. Add vitamin C after thawing or during refrigeration (4 
tsp. per quart). 

For use: in programs calling for Extra Strength Black Walnut 
Hull Tincture use four times as much of this water based recipe 
(8 tsp. instead of 2 tsp. Extra Strength). 


Important Note: do not use bottled or purchased water to 


make this tincture or you could pollute it with benzene! 
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Quassia recipe 


Add 1/8 cup quassia chips to 3 cups water. Simmer 20-30 
minutes. Pour off 1/8 cup now and drink it fresh. Refrigerate 
remainder. Drink 1/8 cup 4 times/day, until a total of Ycup of 
chips is consumed. Flavor with spices. 


Emmenagogue (Menstrual Period Inducer) 


Here are four herbs that can each bring on your period. They 
can be started anytime but the most-effective time is before your 
next calculated period time (count days as if you never missed a 
period). 


1 oz sassafras bark 
1 oz rue (cut) 
1 oz marjoram herb 
1 oz blue cohosh root 
4’ cups boiling water 

Add the herbs to the boiling water and turn down to simmer, 
covered, for 20 minutes. Do not boil. Strain and refrigerate in 
sterile glass jar. Pour one cup for yourself in the morning. Let 
warm to room temperature, and sip between meals, making it last 
until supper. 


Bowel Program 


Bacteria are always at the root of bowel problems, such as 
pain, bloating and gassiness. They can not be killed by zapping, 
because the high frequency current does not penetrate the bowel 
contents. 

Although most bowel bacteria are beneficial, the ones that 
are not, like Salmonellas and Shigellas, are extremely detri- 
mental because they have the ability to invade the rest of your 
body and colonize a trauma site or weakened organ. These same 
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bacteria colonize a cancer tumor and delay healing after the 
malignancy is stopped. 


Another reason bowel bacteria are so hard to eradicate is 


that we are constantly reinfecting ourselves by keeping a reser- 
voir on our hands and under our fingernails. 


So the first thing to do is improve sanitation. For a serious 
problem, use 50% grain alcohol (100 proof vodka) in a 
spray bottle at the bathroom sink. Sterilize your hands after 
bathroom use and before meals. 

Secondly use turmeric (2 capsules 3 times a day, this is the 
common spice) which I find helps against Shigella, as well 
as E. coli. Expect orange colored stool. 

Third use fennel (1 capsule 3 times a day). 

Fourth use digestive enzyme tablets with meals as di- 
rected on the bottle. (But only as long as necessary, be- 
cause these frequently harbor molds.) 

Fifth use a single 2 tsp. dose of Black Walnut Hull 
Tincture Extra Strength. Add it to a Yglass of water and 
sip over a 15 minute period. Stay seated until any side 
effect from the alcohol wears off. 

Sixth take Cascara sagrada capsules if constipated (start 
with one capsule a day, use up to maximum on label). 
Remember to drink a cup of hot water upon rising in the 
morning. This will begin to regulate your elimination. 


It can take all six to get rid of a bad Shigella problem in a 


week. Afterward, you must continue to eat only sterile dairy 
products. Note that the Kidney Cleanse is often effective with 
bowel problems. Try it also. 


You will know you succeeded when your tummy is flat, there 


is not a single gurgle, and your mood improves! 
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Constipation Tea 


Constipation is often caused by E. coli and Salmonella from 
dairy foods, or from killing “good” bowel bacteria with antibi- 
otics (killing a few by zapping actually restores good flora). Eat 
foods that restore the body's good bowel flora: vegetables, ster- 
ilized milk (the milk sugar is essential), lots of water. 

There are a lot of remedies for constipation, but many people 
enjoy this tea: 


1 tbs. senna tea leaves 
Ya tsp. mint leaves 


Boil for one minute in a quart of water, add a dash of vitamin 
C and brown sugar to taste. Sip through the day to avoid “belly- 
ache’. It can take years for the body's flora to “right themselves” 
after an antibiotic session, be patient. 


Weight Reduction 


Here are two ancient herbal recipes for obesity. I have not 
personally determined their effectiveness. 


Fucus 
2 oz Fucus vesiculosus, cut (see Sources) 

3 cups cold tap water 

Boil for 15 minutes, covered. Cool. Dose: % cup four times a 
day on an empty stomach. After one week increase dose to Yup. 
You may add any flavoring desired. 

Watch the pot carefully as it comes to a boil. If it boils over, 
you will have a month of stove-cleaning to do. The odor of Fu- 
cus boiling is wretched. So is the taste. Maybe garlic (fresh) 
would improve it. 


Fennel 
1 oz fennel seed (crushed or powdered is fine) 
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3 cups cold tap water 
Boil water, pour over herb. Steep 30 minutes. Strain. Add 4 
oz honey (optional). Drink one cup each day. 


You could take them both together, along with the Bowel 
Program, to be more successful, but the best single weight re- 
ducer is the Liver Cleanse. 


Kidney Cleanse 


Ye cup dried Hydrangea root 

Ye cup Gravel root 

Ye cup Marshmallow root 

4 bunches of fresh parsley 
Goldenrod tincture (leave this out of the recipe if you are allergic to it) 
Ginger capsules 

Uva Ursi capsules 

Vegetable glycerin 

Black Cherry Concentrate, 8 oz 
Vitamin B6, 250 mg 

Magnesium oxide tablets, 300 mg 


Measure % cup of each root and set them to soak, together in 
10 cups of cold tap water, using a non-metal container and a non- 
metal lid (a dinner plate will do). After four hours (or overnight) 
add 8 oz. black cherry concentrate, heat to boiling and simmer 
for 20 minutes. Drink % cup as soon as it is cool enough. Pour the 
rest through a bamboo strainer into a sterile pint jar (glass) and 
several freezable containers. Refrigerate the glass jar. 

Boil the fresh parsley, after rinsing, in 1 quart of water for 3 
minutes. Drink %4 cup when cool enough. Refrigerate a pint and 
freeze 1 pint. Throw away the parsley. 

Dose: each morning, pour together %4cup of the root mixture 
and Ycup parsley water, filling a large mug. Add 20 drops of 
goldenrod tincture and 1 tbs. of glycerin. Drink this mixture 
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in divided doses throughout the day. Keep cold. Do not drink it 
all at once or you will get a stomach ache and feel pressure in 
your bladder. If your stomach is very sensitive, start on half this 
dose. 

Save the roots after the first boiling, storing them in the 
freezer. After 13 days when your supply runs low, boil the same 
roots a second time, but add only 6 cups water and simmer only 
10 minutes. This will last another 8 days, for a total of three 
weeks. You may cook the roots a third time if you wish, but the 
recipe gets less potent. If your problem is severe, only cook them 
twice. 

After three weeks, repeat with fresh herbs. You need to do 
the Kidney Cleanse for six weeks to get good results, longer for 
severe problems. 

Also take: 





¢ Ginger capsules: one with each meal (3/day). 

¢ Uva Ursi capsules: one with breakfast and two with supper. 
e Vitamin B6 (250 mg): one a day. 

¢ Magnesium oxide (300 mg): one a day. 

Take these supplements just before your meal to avoid 
burping. 

Some notes on this recipe: this herbal tea, as well as the 
parsley, can easily spoil. Heat it to boiling every fourth day if it 
is being stored in the refrigerator; this resterilizes it. If you ster- 
ilize it in the morning you may take it to work without refriger- 
ating it (use a glass container). 

When you order your herbs, be careful! Herb companies are 
not the same! These roots should have a strong fragrance. If the 
ones you buy are barely fragrant, they have lost their active in- 
gredients; switch to a different supplier. Fresh roots can be used. 
Do not use powder. 
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¢ Hydrangea (Hydrangea arborescens) is a common flow- 
ering bush. 

¢ Gravel root (Eupatorium purpureum) is a wild flower. 

¢ Marshmallow root (Althea officinalis) is mucilaginous and 
kills pain. 

e Fresh parsley can be bought at a grocery store. Parsley 
flakes and dried parsley herb do not work. 

¢ Goldenrod herb works as well as the tincture but you may 
get an allergic reaction from smelling the herb. If you know 
you are allergic to this, leave this one out of your recipe. 

¢ Ginger from the grocery store works fine; you may put it 
into capsules for yourself (size 0, 1 or 00). 


There are probably dozens of herbs that can dissolve kidney 
crystals and stones. If you can only find several of those in the 
recipe, make the recipe anyway; it will just take longer to get 
results. Remember that vitamin B; and magnesium, taken daily, 
can prevent oxalate stones from forming. But only if you stop 
drinking tea. Tea has 15.6 mg oxalic acid per cup””. A tall glass 
of iced tea could give you over 20 mg oxalic acid. Switch to herb 
teas. Cocoa and chocolate, also, have too much oxalic acid to be 
used as beverages. 

Remember, too, that phosphate crystals are made when you 
eat too much phosphate. Phosphate levels are high in meats, 
breads, cereals, pastas, and carbonated drinks. Eat less of these, 
and increase your milk (2%), fruits and vegetables. Drink at least 
2 pints of water a day. 





37 Taken from Food Values 14ed by Pennington and Church 1985. 
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Cleanse your kidneys at least twice a year. 


You can dissolve all your kidney stones in 3 weeks, but make 
new ones in 3 days if you are drinking tea and cocoa and 
phosphated beverages. None of the beverage recipes in this 
chapter are conducive to stone formation. 


Liver Herbs 


Don't confuse these liver herbs with the next recipe for the 
Liver Cleanse. This recipe contains herbs traditionally used to 
help the liver function, while the Liver Cleanse gets gallstones 
out. 


6 parts comfrey root, Symphytum officinale (also called nipbone root) 
6 parts tanner’s oak bark, Quercus alba (white oak bark) 

3 parts gravel root, Eupatorium purpureum (queen of the meadow) 
3 parts Jacob’s staff, Verbascum thapsus (mullein herb) 

2 parts licorice root, Glycyrrhiza glabra 

2 parts wild yam root, Dioscorea villosa 

2 parts milk thistle herb, Silybum marianum 

3 parts walnut bark, Juglans nigra, (black walnut bark) 

3 parts marshmallow root, Althea officinalis (white mallow) 

1 part lobelia plant, Lobelia inflata (bladder pod) 

1 part skullcap, Scutellaria lateriflora (nelmet flower) 


Mix all the herbs. Add Yacup of the mixture to 2 quarts of 
water. Bring to a boil. Put lid on. Let sit for six hours. Strain and 
drink 1/2cups per day. Put the strained herbs in the freezer and 
use them one more time. 


Liver Cleanse 


Cleansing the liver of gallstones dramatically improves di- 
gestion, which is the basis of your whole health. You can expect 
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your allergies to disappear, too, more with each cleanse you do! 
Incredibly, it also eliminates shoulder, upper arm, and upper 
back pain. You have more energy and increased sense of well 
being. 


Cleaning the liver bile ducts is the most powerful procedure 
that you can do to improve your body's health. 


But it should not be done before the parasite program, and for 
best_results should follow the kidney cleanse and any dental 
work you need. 





It is the job of the liver to make bile, 1 to “quarts in a day! 
The liver is full of tubes (biliary tubing) that deliver the bile to 
one large tube (the common bile duct). The gallbladder is 
attached to the common bile duct and acts as a storage reservoir. 
Eating fat or protein triggers the gallbladder to squeeze itself 
empty after about twenty minutes, and the stored bile finishes its 
trip down the common bile duct to the intestine. 

For many persons, including children, the biliary tubing is 
choked with gallstones. Some develop allergies or hives but 
some have no symptoms. When the gallbladder is scanned or X- 
rayed nothing is seen. Typically, they are not in the gallbladder. 
Not only that, most are too small and not calcified, a prerequisite 
for visibility on X-ray. There are over half a dozen varieties of 
gallstones, most of which have cholesterol crystals in them. They 
can be black, red, white, green or tan colored. The green ones get 
their color from being coated with bile. Notice in the picture how 
many have imbedded unidentified objects. Are they fluke 
remains? Notice how many are shaped like corks with 
longitudinal grooves below the tops. We can visualize the 
blocked bile ducts from such shapes. Other stones are compos- 
ites—made of many smaller ones—showing that they regrouped in 
the bile ducts some time after the last cleanse. 
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At the very center of each stone is found a clump of bacteria, 
according to scientists, suggesting a dead bit of parasite might 
have started the stone forming. 

As the stones grow and become more numerous the back 
pressure on the liver causes it to make less bile. Imagine the 
situation if your garden hose had marbles in it. Much less water 
would flow, which in turn would decrease the ability of the hose 
to squirt out the marbles. With gallstones, much less cholesterol 
leaves the body, and cholesterol levels may rise. 
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Fig. 89 These are gallstones. 


Gallstones, being porous, can pick up all the bacteria, cysts, 
viruses and parasites that are passing through the liver. In this 
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way “nests” of infection are formed, forever supplying the body 
with fresh bacteria. No stomach infection such as ulcers or in- 
testinal bloating can be cured permanently without removing 
these gallstones from the liver. 


Cleanse your liver twice a year. 


Preparation. 

¢ You can't clean a liver with living parasites in it. You 
won't get many stones, and you will feel quite sick. Zap 
daily the week before, or get through the first three weeks 
of the parasite killing program before attempting a liver 
cleanse. If you are on the maintenance parasite program, 
you are always ready to do the cleanse. 

¢ Completing the kidney cleanse before cleansing the liver is 
also highly recommended. You want your kidneys, bladder 
and urinary tract in top working condition so they can 
efficiently remove any undesirable substances incidentally 
absorbed from the intestine as the bile is being excreted. 

¢ Do any dental work first, if possible. Your mouth should be 
metal free and bacteria free (cavitations are cleaned). A 
toxic mouth can put a heavy load on the liver, burdening it 
immediately after cleansing. Eliminate that problem first 











for best results. 
Ingredients 
Epsom salts 4 tablespoons 
Olive oil half cup (light olive oil is easier to get 
down) 
Fresh pink grapefruit 1 large or 2 small, enough to squeeze 








2/3 to 3/4 cup juice 


555 





The formation of "Divine Trinity" is recommended. 
It acts as an altar, help from all spirits, 
protection from negative energies. Suitable for meditations. 
Pic. 338 X EN www.angels-light.org www-.universe-people.com 
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Ornithine 4 to 8, to be sure you can sleep. 
Don't skip this or you may have the 
worst night of your life! 

Large plastic straw To help drink potion. 

Pint jar with lid 














Choose a day like Saturday for the cleanse, since you will be 
able to rest the next day. 

Take no medicines, vitamins or pills that you can do without; 
they could prevent success. Stop the parasite program and kidney 
herbs, too, the day before. 

Eat a no-fat breakfast and lunch such as cooked cereal with 
fruit, fruit juice, bread and preserves or honey (no butter or 
milk), baked potato or other vegetables with salt only. This al- 
lows the bile to build up and develop pressure in the liver. 
Higher pressure pushes out more stones. 

2:00 PM. Do not eat or drink after 2 o'clock. If you break this 
rule you could feel quite ill later. 

Get your Epsom salts ready. Mix 4 tbs. in 3 cups water and 
pour this into a jar. This makes four servings, %4cup each. Set the 
jar in the refrigerator to get ice cold (this is for convenience and 
taste only). 

6:00 PM. Drink one serving (4cup) of the ice cold Epsom 
salts. If you did not prepare this ahead of time, mix 1 tbs. in %4cup 
water now. You may add 1/8 tsp. vitamin C powder to improve 
the taste. You may also drink a few mouthfuls of water 
afterwards or rinse your mouth. 

Get the olive oil and grapefruit out to warm up. 

8:00 PM. Repeat by drinking another *4cup of Epsom salts. 

You haven't eaten since two o'clock, but you won't feel hun- 
gry. Get your bedtime chores done. The timing is critical for 
success; don't be more than 10 minutes early or late. 

9:45 PM. Pour Y2cup (measured) olive oil into the pint jar. 
Squeeze the grapefruit by hand into the measuring cup. Remove 
pulp with fork. You should have at least Yecup, more (up to %4 
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cup) is best. You may top it up with lemonade. Add this to the 
olive oil. Close the jar tightly with the lid and shake hard until 
watery (only fresh grapefruit juice does this). 

Now visit the bathroom one or more times, even if it makes 
you late for your ten o'clock drink. Don't be more than 15 minutes 
late. 

10:00 PM. Drink the potion you have mixed. Take 4 orni- 
thine capsules with the first sips to make sure you will sleep 
through the night. Take 8 if you already suffer from insomnia. 
Drinking through a large plastic straw helps it go down easier. 
You may use ketchup, cinnamon, or brown sugar to chase it down 
between sips. Take it to your bedside if you want, but drink it 
standing up. Get it down within 5 minutes (fifteen minutes for 
very elderly or weak persons). 

Lie down immediately. You might fail to get stones out if 
you don't. The sooner you lie down the mote stones you will get 
out. Be ready for bed ahead of time. Don't clean up the kitchen. 
As soon as the drink is down walk to your bed and lie down flat 
on your back with your head up high on the pillow. Try to think 
about what is happening in the liver. Try to keep perfectly still 
for at least 20 minutes. You may feel a train of stones traveling 
along the bile ducts like marbles. There is no pain because the 
bile duct valves are open (thank you Epsom salts!). Go to sleep, 
you may fail to get stones out if you don't. 

Next morning. Upon awakening take your third dose of Ep- 
som salts. If you have indigestion or nausea wait until it is gone 
before drinking the Epsom salts. You may go back to bed. Don't 
take this potion before 6:00 am. 

2 Hours Later. Take your fourth (the last) dose of Epsom 
salts. Drink %4cup of the mixture. You may go back to bed. 

After 2 More Hours you may eat. Start with fruit juice. Half 
an hour later eat fruit. One hour later you may eat regular food 
but keep it light. By supper you should feel recovered. 


557 


THE CURE FoR ALL DISEASES 


How well did you do? Expect diarrhea in the morning. Use a 
flashlight to look for gallstones in the toilet with the bowel 
movement. Look for the green kind since this is proof that they 
are genuine gallstones, not food residue. Only bile from the liver 
is pea green. The bowel movement sinks but gallstones float 
because of the cholesterol inside. Count them all roughly, 
whether tan or green. You will need to total 2000 stones before 
the liver is clean enough to rid you of allergies or bursitis or up- 
per back pains permanently. The first cleanse may rid you of 
them for a few days, but as the stones from the rear travel for- 
ward, they give you the same symptoms again. You may repeat 
cleanses at two week intervals. Never cleanse when you are ill. 

Sometimes the bile ducts are full of cholesterol crystals that 
did not form into round stones. They appear as a “chaff” floating 
on top of the toilet bowl water. It may be tan colored, harboring 
millions of tiny white crystals. Cleansing this chaff is just as 
important as purging stones. 

How safe is the liver cleanse? It is very safe. My opinion is 
based on over 500 cases, including many persons in their sev- 
enties and eighties. None went to the hospital; none even re- 
ported pain. However it can make you feel quite ill for one or 
two days afterwards, although in every one of these cases the 
maintenance parasite program had been neglected. This is why 
the instructions direct you to complete the parasite and kidney 
rinse programs first. 





CONGRATULATIONS 


You have taken out your gallstones without surgery! I like to 


think I have perfected this recipe, but I certainly can not take 
credit for its origin. It was invented hundreds, if not thousands, of 
years ago, THANK YOU, HERBALISTS! 
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This procedure contradicts many modern medical view- 
points. Gallstones are thought to be formed in the gallbladder, not 
the liver. They are thought to be few, not thousands. They are not 
linked to pains other than gallbladder attacks. It is easy to 
understand why this is thought: by the time you have acute pain 
attacks, some stones are in the gallbladder, are big enough and 
sufficiently calcified to see on X-ray, and have caused in- 
flammation there. When the gallbladder is removed the acute 
attacks are gone, but the bursitis and other pains and digestive 
problems remain. 

The truth is self-evident. People who have had their gall- 
bladder surgically removed still get plenty of green, bile-coated 
stones, and anyone who cares to dissect their stones can see that 
the concentric circles and crystals of cholesterol match textbook 
pictures of “gallstones” exactly. 


Lugol’s Iodine Solution 


It is too dangerous to buy a commercially prepared solution. 
It is certain to be polluted with propyl alcohol or wood alcohol. 
Make it yourself or ask your pharmacist to make it up for you. 
The recipe to make | liter (quart) 1s: 


44 gm (1% ounces) iodine, granular 
88 gm (3 ounces) potassium iodide, granular 


Dissolve the potassium iodide in about a pint of the water. 
Then add the iodine crystals and fill to the liter mark with water. 
It takes about | day to dissolve completely. Shake it from time to 
time. Keep out of sight and reach of children. Do not _use_if 
allergic to iodine. Be careful to avoid bottled water for prepara- 
tion. 
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Vitamin D Drops 
1 gram cholecalciferol (see Sources) 
10 cups olive oil 


Mix in a non-metal container. It may take a day of standing to 
dissolve fully. Refrigerate. Ten drops contain 40,000 iu. Use 
within a year. 
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Living creatures emit a range of frequencies, also called 
bandwidth. As they age, the bandwidth shrinks. When they die 
sometimes all that is left is a single frequency. 

Most of the organisms listed below are dead on commer- 
cially available and prepared slides (see Sources for biological 
supply companies). However they still exhibit a 5 KHz band- 
width, probably due to testing with a frequency generator that 
was only accurate to 100 Hz, and also due to using more voltage 
than necessary (like when a powerful radio station comes in at its 
own frequencies and ones nearby, too). Some testing was done 
with a more accurate frequency generator at a lower power level 
so some bandwidths are reported much more narrowly. 

If the same person retests the same specimens with the same 
equipment within a few days, the results will be absolutely 
identical (within 1 Hz) 90% of the time. Why a few of the results 
will not be identical is not known. However different people, 
and even the same person at different times of the year, can 
notice that the perceived frequencies shift by as much as 3 KHz 
(still less than 1% change). 

Some specimens have more than one range listed; this may be 
characteristic of the organism or may be due to having an 
undocumented organism on the same microscope slide. 

Blank locations represent organisms for whom there are 
prepared slides available, but whose bandwidth has not been 
determined. 
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Bandwidth Of Organism Families 


In general, the smaller the organism the lower the frequency 
and narrower the bandwidth. This chart shows the major families 
studied and where they fall in the spectrum. 


Slime Molds 


Molds, 
Mycotoxins 


Bacteria, Viruses 


Protozoa, Round 
worm, Flatwm 


Warts 


Tapeworms 


Mites 


Frequency (KHz) 
200 400 600 800 1000 





Fig. 90 Chart of bandwidths for organism families. 


Mold, Mold Toxin Frequencies 





























Other molds and mold | KHz Ren REET 
toxins : 
Arcyria 81 

Aflatoxin 177,188 Lycogala_ 126 
Cytochalasin B 77,91 Stemonitis | 211 
Ergot 295 

Griseofulvin 288 

Sorghum syrup 277 


Sterigmatocystin 


88,96,133,126 








Zearalenone 





100 
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Bacteria and Viruses 


Including locations where I commonly found them. 





Low Freq|High Freq | Use freq gen for 
(KHz) (KHz) 3 min @ 


————— 
Adenovirus 

TaRBAcer ineeciat 
————— 
Alpha streptococcus 369.75 385.4 380,375 
Azobacter chroococcum ote 
Bacillus anthracis 393.5 398.05 395,364,368 
causes anthrax in cattle (tooth) 

Bacillus anthracis (2nd range) 

Bacillus anthracis (3rd range) 359. 4 370. 5 

Bacillus cereus 373. 65 375. 85 374.5 
St} 
Bacillus sterothermophilus 
—— 
Bacillus subtilis var. niger 371.85 387.1 385,380,375 
Bacterial capsules 357. 6 362. 4 

Bacteroides fragilis found with common | 324.3 325.0 

Bacteroides fragilis (2nd range) 325.7 326.0 

Beta streptococcus (tooth) 
Blepharisma 405. 65 407. 45 406.5 

Bordetella pertussis 329.85 332.25 331 

Borellia burgdorferi Lyme disease 378.95 382.0 

Branhamella (Neisseria) catarrhalis 394.9 396.7 

Brucella abortus 
—————— 
Campylobacter fetus smear 365.3 370.6 















































Campylobacter pyloridis 
Candida albicans (pure powder) 384. 2 388. 4 

common yeast_ 
————————e 

Central spores (bacillus smear) 372.45 378.65 

Clostridium acetobutylicum 382. 8 391. 15 a 384 
Clostridium botulinum (tooth) 361.0 364.55 

causes food poisoning 
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a 
Clostridium perfringens spores 394.2 398.1 
Clostridium sporogenes 

Clostridium tetani (tooth) causes tetanus ea 
Corynebacterium diphtheriae (tooth) 340 344 

causes diphtheria 

Corynebacterium pseudodiphthericum see —lee——| 
Corynebacterium xerosis 315.65 316.8 316.0 
Coxsackie virus B-1 360.5 366.1 3 
found with Bacteroides fragilis — 

Coxsackie virus B-4 361.45 363.7 362.5 
found with Bacteroides fragilis 

Coxsackie virus B-4 (2nd range) 
Crithidia fasciculata 

Cytophaga rubra 428.1 432.2 430 
Diplococcus diphtheriae 357.95 361 
Diplococcus pneumoniae 351.65 368.45 365,360 


Eikanella corrodens 379.5 384.3 382 
Enterobacter aerogenes intestinal 374 374 4 
5 














396 
364 
342 

64 

















3 
bacterium 
Epstein Barre virus (EBV) 380,375 
Erwinia amylovora 347.2 352.1 3 
Erwinia carotovora 3 
Escherichia coli (E. coli) 356 356 356,393 
intestinal bacterium 
3 











Escherichia coli (E. coli) (2nd range) 
Gaffkya tetragena 344.85 352.5 
causes respiratory infections 

Gardnerella vaginalis 338.0 342.55 
ovarian and genital tract infection —— 
Haemophilus influenzae 336.41 336.41 
bacterial meningitis, infects joints 

Herpes simplex 1 291.25 293.05 292,345.5 
Herpes simplex 1 (2nd range) 

Herpes simplex 2 (fresh smear) 353.9 362.9 360,355 
Herpes Zoster “shingles” 418 
Histomonas meleagridis (liver) 376.55 378.7 3 
HIV 365 365 36: 
Influenza A and B (flu shot) 320,315 
lron Bacterium Sphaerotilus 

Klebsiella pneumoniae causes 398.45 404.65 401,419 
pneumonia eee 

Klebsiella pneumoniae (2nd range) 416.9 421.9 


Lactobacillus acidophilus (tooth) 346.05 351.65 349 





3 
3 
3 











7 
5 
7: 
5 
4. 
ye 





0 
3 
0 
0 
6 
7 
5 
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Lumpy Jaw 

Micrococcus luteus 
—— 
Mumps antigen 377.6 384.65 38 
a 
Mycobacterium phlei 409.65 410.65 410.0 
Mycobacterium smegmatis 


Mycobacterium tuberculosis (infec 430.55 434.2 432 
nodule) causes tuberculosis 


Mycoplasma (range 2) 342.75 349.3 

Neisseria gonorrhea causes gonorrhea 
Neisseria sicca 

Nocardia asteroides 354.95 355.35 355.1,368 

found in Parkinson's Disease fa ie 
Nocardia asteroides (2nd range) 363.7 370 



































Proteus mirabilis (2nd range) ee 
Proteus vulgaris urinary tract pathogen 408.75 416.45 413,336,328 
Proteus vulgaris (2nd range) ee 
Proteus vulgaris (8rd range) 327.2 329.5 








Respiratory syncytial virus 378.95 383.15 
Rhizobium leguminosarum 


A. 
3 
Pseudomonas aeruginosa 331.25 334.6 3 
found in open wounds 
Pseudomonas fluorescens 
i d 3 
Salmonella enteriditis intestinal infection | 329 329 329 
Salmonella paratyphi 365.05 370.1 368,385 
A 








Salmonella typhimurium 382.3 386.55 355,386,390 

food poisoning, nervousness, apathy ecco sell aa 
Serratia marcescens 349.45 352.1 351 

Shigella flexneri depression 394 394 3 

Shigella sonnei invades tumors 318 
Sphaerotilus natans 388.4 393.45 391 

Epil serpens_— 7835 [ang fess 
Spirillum serpens 378.35 382.8 38 

ptm selsang | |} > 
Spirillum volutans 

Spores in bacteria spore stain sses—lasege ———| 
Staphylococcus aureus (culture) 376.27 380.85 

Staphylococcus aureus (slide) source is | 381 381 378,381 


tooth infection, causes abscesses, heart 
disease, invades tumors 





8 
8 
2 
9: 








9 

1 

2 
Propionobacterium acnes 383.75 389.0 7 
Proteus mirabilis 320.55 326.0 324,349 

3 

0 

0 
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PREVIBROVANI FYZICKEHO TELA CLOVEKA ZE 3. DO 5. DIMENZE PO SPLNENi SVETELNEHO POSLANI 


Zivé lidské télo zvySuje frekvenci kmitani - vibraci atomu diky zvySovani 
3. DIMENZE PLANETY ZEME laskypinosti a tak se mize definitivné premistit do 5. dimenze planety Zemé. 


as 2 > 
ia ~~ a 


4 









5. DIMENZE PLANETY ZEME 


Prirozené previbrovani zivého fyzického téla ze 3. do 5. dimenze planety Zemé o¢ima transformujiciho se Clovéka 





www.vesmirni-lide.cz www.andele-svetla.cz 
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Staphylococcus epidermidis 
infects skin and mucous membranes 
Streptococcus lactis occurs in milk 382 387 385 


Streptococcus mitis 313.8 321.1 318 

lung infection, tooth infection, abscesses, 

Streptococcus pneumoniae causes 366.85 370.2 368 

pneumonia and inner ear disease 

Streptococcus pyogenes (tooth) 
Streptococcus sp. group G (tooth) 368.15 368.85 368 
a 
Terminal spores bacillus smear 

Tobacco mosaic virus (tobacco) 
Treponema pallidum causes syphilis 346.85 347.4 347 

Troglodytella abrassari 
Troglodytella abrassari (2nd range) 416.9 422.2 

Vibrio (photobacterium) fischeri 























Roundworms, Flatworms, One- 
celled Animals 





Low High Freq | To kill, use 
Freq (KHz) freq. gen for 3 
(KHz) min. at these 
frequencies 


—————$§$——|_—— | 
Acanthocephala 

Anaplasma marginale 388.0 387,422 
Anaplasma marginale (2nd range) 415.3 424 

Ancylostoma caninum 383.1 402.9 400,393,386 
=———=—|— 
Anguillula aceti 

















Ascaris larvae in lung 404.9 409.15 408 

common roundworm of cats and dogs ella 
Ascaris lumbricoides (m and f) same 

Babesia bigemina 

Balantidium coli cysts 458.8 462.9 460 
Balantidium sp. trophozoites (from 

guinea pig) parasitic ciliate oe ee 
Besnoitia (lung sect.) protozoan 352.8 361.4 358 
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428 





Capillaria hepatica (liver sect.) 424.25 | 430.65 
Chilomastix cysts (rat) 388.95 | 390.7 


Chilomastix cysts (rat) (2nd range) 425.2 


389,426 





Chilomastix mesnili (trophozoites) 


427.3 
same 





Chilomonas, whole mount 393 
Clinostomum metacercaria 





Clonorchis metacercariae 
Clonorchis sinensis 425.7 428.75 








Didinium 
Dientamoeba fragilis 401.35 | 406.05 


Dipetalonema perstans (microfilaria 
human blood) 





Dirofilaria immitis dog heartworm 


: 398 

; 427 

Cryptocotyle lingua (adult) 409.95 |416.0 414 
. f 404 

: 409 


408.15 {411.15 


421 





Echinoporyphium recurvatum 418.55 | 423.9 
Echinostoma revolutum 425.5 429.65 


4 





Eimeria stiedae 
Eimeria tenella 


28 
438 





Endamoeba gingivalis trophozoite 433.8 441.0 
Endolimax nana trophozoites and cysts |394.25 397.1 


396,432 





Endolimax nana trophozoites and cysts |430.5 433.35 
(2nd range) 
Entamoeba coli cysts 


398 





75 


Entamoeba coli trophozoites 397.0 400.35 
Entamoeba histolytica trophozoite 381.1 387.8 


385 
423 





Enterobius vermicularis 420.95 | 426.3 
Eurytrema pancreaticum 420.35 | 422.3 


421 





Eurytrema pancreaticum stages 
Fasciola hepatica 421.35 | 427.3 








; 425 

Fasciola hepatica cercariae 423.8 430.6 427 
Fasciola hepatica eggs 422.0 427.6 425 
423 


425 





Fasciola hepatica metacercariae 
Fasciola hepatica miracidia 421.75 | 424.7 


Fasciola hepatica rediae 420.6 427.5 
Fasciolopsis buskii adult 427.7 435.1 


434 





Fasciolopsis buskii eggs 427.35 | 435.45 4 
Fasciolopsis buskii eggs unincubated 





. 34 
Fasciolopsis cercariae 429.5 436.25 434 
Fasciolopsis miracidia 427.35 | 435.2 34 


432 





Fasciolopsis rediae 427.3 433.0 
Fischoedrius elongatus 441.75 | 443.2 


442 
455 





Gastrothylax elongatus 451.9 457.1 
Giardia lamblia (trophozoites) 421.4 426.3 


424 





Giardia lamblia cysts 
Gyrodactylus 378.75 | 381.8 380 
393 











Haemonchus contortus 386.8 395.5 
Haemoproteus 
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453 





Hasstile sig. tricolor (adult) 448.05 | 455.1 
Heterakis 


427 





Hypodereum conoideum 424.45 | 429.55 
lodamoeba butschlii trophozoites and 437.85 |448.5 


cysts 


445,402 





lodamoeba butschlii trophozoites and 398.15 | 404.75 
cysts (2nd range) 
Leishmania braziliensis 400.05 405.1 


402.65 





403.8 




















440 
452,447 





441,437 























412,407 
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Trypanosoma equiperdum 434.6 451.25 448,442,438 


Trypanosoma gambiense 393.75 | 398.7 
Trypanosoma lewisi (blood smear) 424.5 426.0 














Trypanosoma rhodesiense 423.5 428.55 
Urocleidus 442.35 | 450.0 


Wart Frequencies 


(Most of these are from homemade slides.) 





Low High Use freq gen 
Freq Freq for 3 min @ 
Wart BS 402 406 





404 
Wart CC 426 432.35 | 430 





Wart FR 459.3 464.75 462 
Wart HA 434.8 444.1 442,437 








Wart HRCm 438.9 448.55 446,441 

Wart human papilloma plantar 404.7 406.75 405 

Wart human papilloma virus 402.85 | 410.7 
Wart JB 418.75 422.4 420 


Wart L arm 343.65 345.95 344 

















Wart papilloma cervix smear 404.05 404.6 404.3 


Tapeworms 


Tapeworms are segmented. The first segment is the head, 
called the scolex. Tapeworms grow by adding a new segment to 
their body. 

Tapeworms can have very large bandwidths (range of fre- 
quencies), and it varies by the length of the specimen! It is as if 
each new segment has a unique, and slightly lower, frequency. 

Do not use a frequency generator to kill tapeworms. If you 
accidentally kill middle segments instead of working your way 
up from the bottom, you may conceivably promote dispersion! 
Use only a zapper. 
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Low Freq 


High Freq 
440.05 





Cysticercus fasciolaris 436.4 
Diphyllobothrium erinacei (Mansoni) (scolex) [467.25 


487.55 





Diphyllobothrium erinacei eggs fess —tss | 
Diphyllobothrium latum (scolex) 452.9 472.3 


444.3 





472.15 
461.5 





Echinococcus granulosus 
Echinococcus granulosus (cysts) 


446.5 





Echinococcus granulosus (eggs) 
Echinococcus multilocularis 





Heterophyes heterophyes 
Hymenolepis cysticercoides 





Hymenolepis diminuta 445 
Hymenolepis diminuta ova 





Hymenolepis nana eggs 
Moniezia (scolex) 





Moniezia expansa (composite) 
Moniezia expansa eggs 





Multiceps serialis 
Pigeon tapeworm 





Dipylidium caninum (proglottid composite) 
Dipylidium caninum (scolex) 


Taenia pisiformis (cysticercus) 
Taenia pisiformis eggs (ova) 





Taenia saginata (cysticercus) 
Taenia saginata eggs 








Taenia solium (cysticercus) 
Taenia solium (scolex) 


Taenia solium eggs 





448.9 





Mite Frequencies 


These are the organisms that cold viruses ride in with! 














Mite KHz 
Demodex folliculorum follicle mite 682 
Dermatophagoides dust mite 
Meal mite 718 
Ornithonyssus bird mite 877,878 
Sarcoptes scabei itch 735 
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Miscellaneous Frequencies 











KHz 
Blue-green Algae 256 
Bryozoa cristatalla 396 
Mucor mucedo 288 
Rhizobium meliloti 330 
Rotifer 1151 











It's easy to make homemade slides when you or a family 
member is ill. Finding out the frequencies of these illnesses helps 
you identify them (use the Pathogen Frequency Chart) and also 
lets you know if you are chronically getting them back. 


Unidentified pathogens Low High 
Freq Freq 
A cold virus HRC 395.8 395.8 


Fungus EW 362.0 
Fungus JWB 397.2 400.75 
Tooth decay 384.3 
Tooth decay (N) 367.9 375.05 


Tooth decay (N) (2nd range) 326.95 | 331.5 
Tooth decay (N) (3rd range) 293.2 297.4 




















Tooth plaque | 378.8 
Tooth plaque | (2nd range) 294.7 298.25 
Tooth plaque | (3rd range) 233.1 
Tooth plaque Il 384.95 | 387.05 
Tooth plaque II (2nd range) 278.75 
Tooth plaque Il (3rd range) 212.15 | 218 
Tooth plaque Il (4th range) 340.15 | 344.8 
Tooth plaque Il (5th range) 305.5 310.35 














Toxic Elements 


Although not living, solvents and toxins must exhibit char- 
acteristic frequencies, otherwise how could the Syncrometer 
detect specific ones? This needs further exploration. 

Most of the toxic elements I use are metals, heavy metals and 
lanthanides. But some are not; examples are PCBs and for- 
maldehyde. 
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Some important elements are missing, like iron, zinc and 
manganese. This is because I never could find them present in the 
white blood cells, and I finally gave up searching for them. 

Below is a list of the 70 or so toxic elements I use. Most of 
them were obtained as Atomic Absorption Standard Solutions 
and are, therefore, very pure. This prevents mistakes in identi- 
fying a toxin. They were stored in ounce amber glass bottles 
with bakelite caps and permanently sealed with plastic film since 
testing did not require them to be opened (they get close enough 
to the frequency field). The exact concentration and the solubility 
characteristics are not important in this qualitative test. The main 
sources of these substances in our environment are given beside 
each item. 





Toxic Substance Sources 





Aflatoxin B beer, bread, apple cider vinegar, moldy fruit, nuts 
Aluminum cookware, deodorant, lotions, soaps 





Aluminum silicate salt, water softener 
Antimony fragrance in lotions, colognes 


Arsenic pesticide, “treated” carpet, wallpaper 





Asbestos clothes dryer belt, hair blower, paint on radiators 
Barium 





lipstick, bus exhaust 
Benzalkonium toothpaste 
chloride 





3,4 Benzopyrene flame cooked foods, toast 
4,5 Benzopyrene flame cooked foods, toast 








Bismuth colognes, lotions, antacids 
Bromine bleached “brominated” flour 





Cadmium galvanized water pipes, old tooth fillings 
Cerium tooth fillings 


Cesium clear plastic bottles used for beverages 





Chlorine from Chlorox™ bleach 





Chromium cosmetics, water softener 
Cobalt detergent, blue and green body products 











Copper tooth fillings, water pipes 
Dysprosium paint and varnish 





Erbium packaging for food, pollutant in pills 
Europium tooth fillings 
Europium oxide tooth fillings, catalytic converter 
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Formaldehyde foam in mattresses and furniture, paneling 
Gadolinium tooth fillings 

Gallium tooth fillings 

Germanium with thallium in tooth fillings (pollutant) 
Gold tooth fillings 

Hafnium hair spray, nail polish, pollutant in pills 
Holmium usually found in presence of PCBs 
Indium tooth fillings 

lridium tooth fillings 

Lead solder joints in water pipes 

Lutetium paint and varnish 

Molybdenum auto supplies 

Nickel tooth fillings, metal glasses frames 
Palladium tooth fillings 

Platinum tooth fillings 

Polychlorinated detergent, hair spray, salves 
biphenyl PCB 


Polyvinyl chloride 
acetate (PVC) 


glues, building supplies, leaking cooling system 





Praseodymium 
Radon 





pollutant in pills 





cracks in basement cement, water pipes 
spray starch 
































Rhenium 

Rhodium tooth fillings 
Rubidium tooth fillings 
Ruthenium tooth fillings 
Samarium tooth fillings 
Selenium 

Silver tooth fillings 
Sodium fluoride toothpaste 
Strontium toothpaste, water softener 
Tantalum tooth fillings 
Tellurium tooth fillings 
Terbium pollutant in pills 


Thallium acetate 


pollutant in mercury tooth fillings 





Thorium nitrate 








earth (dust) 
Tin toothpaste 
Tungsten electric water heater, toaster, hair curler 


Uranium acetate 


earth (dust) 








Vanadium pentoxide 


gas leak in home, candles (not necessarily lit) 
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Ytterbium pollutant in pills 
Yttrium pollutant in pills 
Zirconium deodorant, toothpaste 


This is a list of all the solvents I use together with the main 
source of them in our environment. These are chemicals, very 
pure, obtained from chemical supply companies, unless other- 
wise stated. Those marked with an asterisk (*) were the subject 
of a recent book The Neurotoxicity of Solvents by Peter Arlien- 


Soburg, 1992, CRC Press. 


Solvent 


Source 





1,1,1, Trichloro ethane* 
(TCE) 
2,5-Hexane dione* 


flavored foods 


flavored foods 





2 Butanone* 
(methyl ethyl ketone) 
2 Hexanone* 
(methyl butyl ketone) 


flavored foods 


flavored foods 





2 Methyl propanol 
2 Propanol (propyl alcohol) 


see the propyl alcohol list 





Acetone 


Acetonylacetone 
(2,5 hexanedione) 


store-bought drinking water, cold cereals, pet 
food, animal feed 
flavored foods 





Benzene 
Butyl nitrite 


see the benzene list (page 354) 





Carbon tetrachloride 


Decane 


store-bought drinking water, cold cereals, pet 
food, animal feeds 
health food cookies and cereals 





Denatured alcohol 
Dichloromethane* 
(methylene chloride) 


obtained from pharmacy 
store-bought orange juice, herb tea blends 





Gasoline regular leaded 
Grain alcohol 


obtained at gasoline station 
95% ethyl alcohol obtained at liquor store 








Hexanes* decaffeinated beverages 
lsophorone flavored foods 
Kerosene obtained at gasoline station 


Methanol (wood alcohol) 


colas, artificial sweeteners, infant formula 








Mineral oil 





lotions 
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Mineral spirits 
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obtained from paint store 





Paradichlorobenzene 


mothballs 














Pentane decaffeinated beverages 

Petroleum ether in some gasolines 

Styrene* styrofoam dishes 

Toluene* store-bought drinking water, cold cereals 
Trichloroethylene* flavored foods 

(TCEthylene) 

Xylene* store-bought drinking water, cold cereals 
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NEUTRALIZACE ATOMOVE RAKETY - Vesmirni lidé 
Sil svétla majicely lidsky atomovy arzenal pod 
kontrolou od poéatku existence téchto atomovych 
raket - od 50. let 20. stoleti. Prvni 2 tragické vybuchy 
¥ Hirosimé a Nagasaki v Japonsku ze strany USA r. 
1945 byly ponechany lidstvu k VAROVANI, CO TYTO 
ZBRANE V RUKOU LIDI MOHOU ZPUSOBIT. Od té 
doby byly pri kazdém pokusu k 
pouziti NEUTRALIZOVANY - pfetislovany cile v 
hlavici pri nasazeni Ci nefuk¢nost pfi startu Ci letu. 
Kdyby tuto praci Vesmirni lidé nedélali, lidstvo by 


zde davno NEBYLO. Velitelem téchto operaci je 
SOLTEC. Na obr. fotomontaz udalosti ze srpna 


ND 


001na podzemni strategicke zakladné US. 
Obr.1048  www.vesmirni-lide.cz 
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Pathogen Frequency Chart 


Use this chart if you know the frequency and wonder what the 


pathogen might be. 


Pathogen 

Cytochalasin B 

Arcyria 
Sterigmatocystin 
Cytochalasin B (2nd) 
Sterigmatocystin (2nd) 
Zearalenone 

Lycogala 
Sterigmatocystin (4th) 
Sterigmatocystin (3rd) 
Aflatoxin 

Stemonitis 

Sorghum syrup 
Griseofulvin 

Herpes simplex 1 

Ergot 

Histoplasma capsulatum 
Corynebacterium xerosis 
Shigella sonnei 
Streptococcus mitis 
Influenza A and B (flusho 
Mycoplasma 
Bacteroides fragilis 
Proteus mirabilis 
Bacteroides fragilis (2nd) 
Salmonella enteriditis 
Proteus vulgaris (3rd) 
Bordetella pertussis 
Pseudomonas aeruginos 
Haemophilus influenzae 
Neisseria gonorrhea 
Proteus vulgaris (2nd) 
Gardnerella vaginalis 
Corynebacterium diphthe 
Herpes simplex 1 (2nd) 
Wart L arm 

Treponema pallidum 
Mycoplasma (2nd) 
Lactobacillus acidophilus 
Proteus mirabilis (2nd) 
Erwinia amylovora 
Serratia marcescens 
Gaffkya tetragena 
Schistosoma mansoni 
Nocardia asteroides 
Escherichia coli (E. coli) 
Campylobacter pyloridis 
Loa loa 

Besnoitia (lung sect.) prot 
Bacterial capsules 
Herpes simplex 2 (fresh s 
Coxsackie virus B-4 


High 
77.00 
81.00 
88.00 
91.00 
96.00 

100.00 

126,00 

126,00 

133,00 

177.19 

211.00 

277.00 

288.00 

293.05 

295.00 

304.85 

316.80 

318.00 

321.10 

323.90 

323.90 

325.00 

326.00 

326.00 

329.00 

329.50 

332.25 

334.60 

336.41 

336.50 

339.15 

342.55 

344.00 

345.75 

345.95 

347.40 

349.30 

351.65 

352.10 

352.10 

352.10 

352.50 

353.00 

355.35 

356.00 

357.20 

360.55 

361.40 

362.40 

362.90 

363.70 


o3< 


< ooo 
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s= slime mold, m = mold, b = bacteria, v = virus, y = yeast, p = parasite (one-celled animals), t = tapeworm, 
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Pathogen 

Diplococcus diphtheriae 
Naegleria fowleri 
Clostridium botulinum 
Coxsackie virus B-4 (2nd) 
Bacillus anthracis (2nd) 
Clostridium septicum 
Coxsackie virus B-1 
Diplococcus pneumoniae 
Streptococcus sp. group 
Nocardia asteroides (2nd 
Salmonella paratyphi 
Streptococcus pneumoni 
Bacillus anthracis (3rd) 
Campylobacter fetus sme 
Measles antigen 
Plasmodium falciparum s 
Enterobacter aerogenes 
Streptococcus pyogenes 
Bacillus cereus 

Erwinia carotovora 
Central spores (bacillus s 


Histomonas meleagridis (I 


Staphylococcus aureus (c 
Staphylococcus aureus (Ss 
Gyrodactylus 

Borellia burgdorferi 
Spirillum serpens 
Epstein Barre virus (EBV) 
Respiratory syncytial viru 
Trichomonas vaginalis 
Chlamydia trachomatis 
Eikanella corrodens 
Mumps antigen 
Troglodytella abrassari 
Alpha streptococcus 

Sub terminal spores bac. 
Salmonella typhimurium 
Adenovirus (2nd range) 
Streptococcus lactis 
Bacillus subtilis var. niger 
Beta streptococcus 
Entamoeba histolytica tro 
Anaplasma marginale 
Candida albicans 
Propionobacterium acnes 
Shigella dysenteriae 
Chilomastix cysts (rat) 
Clostridium acetobutylicu 
Bacillus anthracis spores 
Escherichia coli (E. coli) 
Adenovirus 

Sphaerotilus natans 
Shigella flexneri 
Toxoplasma (human strai 
Haemonchus contortus 
Branhamella (Neisseria) 
Endolimax nana trophozo 
Bacillus anthracis 
Clostridium perfringens s 


oy 


<veoooooo<oo< ooo 


coo eooooe Cc ooo oo 


co<cooU< <co< 8 
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b 
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p 
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s= slime mold, m = mold, b = bacteria, v = virus, y = yeast, p = parasite (one-celled animals), t = tapeworm, 


x = mite 
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Pathogen 

Trypanosoma gambiense 
Chilomonas, whole mount 
Entamoeba coli trophozoi 
Leptospira interrogans 
Strongyloides (filariform | 
Leucocytozoon 
Leishmania donovani 
Ancylostoma caninum 
Ancylostoma braziliense ( 
Leishmania mexicana 
Wart papilloma cervix sm 
Klebsiella pneumoniae 
Prosthogonimus macrorc 
lodamoeba butschlii (2nd) 
Leishmania braziliensis 
Veillonella dispar 
Trichinella spiralis (muscl 
Wart BS 

Dientamoeba fragilis 
Wart human papilloma pl 
Leishmaniatropica 
Blepharisma 

Trichuris sp. (male) 
Ascaris larvae in lung 
Pneumocystis carnii (lung 
Ascaris megalocephala ( 
Mycobacterium phlei 
Wart human papilloma vir 
Cytomegalovirus (CMV) a 
Dirofilariaimmitis 
Stigeoclonium 
Cryptocotyle lingua (adult 
Proteus vulgaris 
Myxosoma 

Bacteria capsules (capsul 
Herpes Zoster 

Hepatitis B antigen 
Klebsiella pneumoniae (2 
Troglodytella abrassari (2 
Eurytrema pancreaticum 
Wart JB 

Echinoporyphium recurva 
Anaplasma marginale (2n 
Plasmodium cynomolgi 
Fasciola hepatica miracidi 
Trypanosoma lewisi (bloo 
Enterobius vermicularis 
Giardia lamblia (trophozoi 
Fasciola hepatica 
Chilomastix cysts (rat) (2 
Fasciola hepatica rediae 
Fasciolahepatica eggs 
Trypanosoma rhodesiens 
Clonorchis sinensis 
Hypodereum conoideum 
Tobacco mosaic virus 
Echinostoma revolutum 
Fasciola hepatica cercari 
Capillaria hepatica (liver s 


eo 
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s= slime mold, m = mold, b = bacteria, v = virus, y = yeast, p = parasite (one-celled animals), t = tapeworm, 
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Pathogen 

Trypanosoma brucei 
Cytophaga rubra 

Wart CC 

Fasciolopsis rediae 
Endolimax nana (2nd) 
Mycobacterium tuberculo 
Fasciolopsis buskii 
Fasciolopsis miracidia 
Fasciolopsis buskii eggs 
Fasciolopsis cercariae 
Cysticercus fasciolaris 
Endamoeba gingivalis tro 
Onchocerca volvulus (tu 
Metagonimus Yokogawai 
Macracanthorhynchus 
Fischoedrius elongatus 
Wart HA 

Passalurus ambiguus 
Dipylidium caninum 
Plasmodium vivax smear 
Echinococcus granulosus 
lodamoeba butschlii troph 
Wart HRCm 

Taenia solium (scolex) 
Urocleidus 

Trypanosoma equiperdu 
Paragonimus Westermani 
Sarcocystis 

Hasstile sig. tricolor (adult 
Gastrothylax elongatus 
Multiceps serialis 
Echinococcus multilocula 
Echinococcus granulosus 
Balantidium coli cysts 
Stephanurus dentalus (ov 
Wart FR 

Moniezia (scolex) 
Moniezia expansa (comp 
Trypanosoma cruzi (brain 
Taenia pisiformis eggs (0 
Dipylidium caninum (scol 
Diphyllobothrium latum (s 
Schistosoma haematobiu 
Taenia solium (cysticercu 
Taenia saginata (cysticer 
Hymenolepis diminuta 
Hymenolepis cysticercoid 
Taenia pisiformis (cystice 
Diphyllobothrium erinacei 


eo 
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vuvuU TU DU DOU oO DC UO Ee 


ouctUs 


vcuutrsUtTU rT U eT DC OOO 


tthe ft Bet Ge) trades Teanga} eo} ce} Hoke elle} 


7~+0D toe UO 


ae ns 


s= slime mold, m = mold, b = bacteria, v = virus, y = yeast, p = parasite (one-celled animals), t = tapeworm, 
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KHz 
550 600 650 700 750 800 850 

Pathogen Low High 
Demodex folliculorum foll 682.00 682.00 x 
Dermatophagoides dust 707.00 707.00 x 
Meal mite 718.00 718.00 x 
Sarcoptes scabei itch 735.00 735.00 x 
Ornithonyssus bird mite 877.00 878.00 


s= slime mold, m = mold, b = bacteria, v = virus, y = yeast, p = parasite (one-celled animals), t = tapeworm, 
x = mite 
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Sources 


This list was accurate as this book went to press. Only the 
vitamin sources listed were found to be pollution-free, and only 
the herb sources listed were found to be potent, although there 
may be other good sources that have not been tested. The author 
has no financial interest in, influence on, or other connection with 
any company listed, except for having family members in the Self 
Health Resource Center. 





Note to readers outside the United States of 
America: 


Sources listed are typically companies within the United 
States because they are the ones I am most familiar with. You 
may be tempted to try a more convenient manufacturer in your 


own country and hope for the best. I must advise against this! In 
my experience, an uninformed manufacturer most likely has a 
polluted product! Your health is worth the extra effort to obtain 
the products that make you well. One bad product can keep you 
from reaching that goal. This chapter will be updated as I be- 
come aware of acceptable sources outside the United States. Best 
of all is to learn to test products yourself. 








Item Source 








Amber bottles, /2 ounce Drug store, Continental Glass & Plastic, 
Inc. (large quantities) 
Apricot Kernel Oil Now Foods 
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Arginine 


Now Foods, Jomar Labs 





Artemesia (wormwood) 
seed 

Baking soda (sodium 
bicarbonate) 


R. H. Shumway 


Spectrum Chemical Co. 





Beet root 
Belts for clothes dryer 


San Francisco Herb & Natural Food Co. 
Three that tested negative to asbestos 
are: Maytag™ 3-12959 Poly-V belt, 
Whirlpool™ FSP 341241 Belt-Drum Dr. 
(replaces 660996), and Bando™ V-Belt 
A-65. Bando American makes other belts, 
some of which might be the right size for 
your dryer. Call for a dealer near you, 
make sure it says "Made In America", 
right on the belt. 





Black cherry concentrate 
Black Walnut Hull Tincture 


Health food store 
Self Health Resource Center, New Action 
Products 





Borax, pure 
Boric acid, pure 


Grocery store 
Now Foods, health food store, pharmacy 





Cascara sagrada 
Chemicals for testing. 


Natures Way, health food store 
Aldrich Chemical Co., Spectrum 
Chemical Co., ICN Biomedicals, Inc. 
(research chemicals only, including 
genistein), Boehringer Mannheim 
Biochemicals (research only) 








Cholecalciferol Spectrum Chemical Co. 

Citric acid Now Foods or health food store 

Cloves San Francisco Herb & Natural Food Co. 
(ASK for fresh) 

Cornstarch Lady Lee is the only unpolluted brand 


found so far 





Dental information 


EDTA 


Tooth Truth, by Frank J. Jerome, 
available from New Century Press. 
Spectrum Chemical Co. 








Electronic parts 
Empty gelatin capsules 
size 00 





A Radio Shack near you. 
Now Foods, or your health food store 
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Filters, pure charcoal 


SOURCES 


Pure Water Products (pitchers), Seagull 
Distribution Co. (faucet, shower, whole 
house) 





Flaxseed oil 
Fucus 


Omega Nutrition USA, Inc. 
San Francisco Herb & Natural Food Co. 





Ginger capsules 
Goldenrod tincture 


Now Foods 
Dragon River Herbals, Blessed Herbs 








Grain alcohol Liquor store, as vodka, Everclear™ 
Gravel root (herb) San Francisco Herb & Natural Food Co. 
Histidine 500 mg from Jomar Labs 


Homeopathic remedies 


Dolisos America, Inc., and others 





Hydrangea (herb) 
Hydrogen peroxide 35% 


San Francisco Herb & Natural Food Co. 
New Horizons Trust 








(food grade) 

lodine, pure Spectrum Chemical Co. 

Lugol’s iodine For slide staining (not internal use) from 
Spectrum Chemical Co., and farm animal 
supply store. For internal use must be 
made from scratch. 

Lysine Bronson Pharmaceuticals 


Magnesium oxide 


Bronson Pharmaceuticals 





Marshmallow root (herb) 
Microscope slides and 
equipment 


San Francisco Herb & Natural Food Co. 
Carolina Biological Supply Company, 
Ward's Natural Science, Inc., Southern 
Biological Supply Company, Fisher-EMD 





Microscopes 


Carolina Biological Supply Company, 
Ward's Natural Science, Inc., Edmund 
Scientific Co. 








Milk Thistle Herb companies. 

Mullein tea San Francisco Herb & Natural Food Co. 

Niacin 100 mg or 250 mg time release, Bronson 
Pharmaceuticals 

Ornithine Now Foods, Jomar Labs 


Ortho-phospho-tyrosine 


Aldrich Chemical Co. 





Ozonator 
P24 antigen sample 


Superior Health Products, LLC 
Bachem Fine Chemicals Inc. 








PABA (para amino 
benzoic acid) 
Pantothenic acid 





Bronson Pharmaceuticals 


Bronson Pharmaceuticals 





583 





THE CURE FOR ALL DISEASES 


Peroxy 


See Hydrogen peroxide. 





Photo-micrographic 
camera and film 
Potassium bicarbonate 


Ward's Natural Science, Inc. 


Spectrum Chemical Co., or pharmacy 





Potassium chloride 
Potassium iodide, pure 


Now Foods, Spectrum Chemical Co. 
Spectrum Chemical Co. 





Rascal 


Salt (sodium chloride), 
pure 


Kroeger Herb Products, New Action 
Products (as Raz-Caps) 
Spectrum Chemical Co., get USP grade 





Sodium alginate 


Stevia powder 


Spectrum Chemical Co. or health food 
store 
Now Foods 





Tea 


Thallium, homeopathic 


San Francisco Herbs, buy in bulk, any 
single herb variety. 
Dolisos America, Inc. 





Thioctic acid (also called 
lipoic acid) 
Uva Ursi 


Maypro Industries 


Natures Way or health food store 





Vanilla extract 
Vegetable glycerin 


Durkee's™ or Mexican brands 
Now Foods or health food store 





Vitamin B Complex 
Vitamin Bz (riboflavin) 


Bronson Pharmaceuticals 
Nutrition Headquarters (250 mg), or 
Bronson Pharmaceuticals (100 mg) 





Vitamin Beg 
Vitamin B12 lozenges 


Bronson Pharmaceuticals, EDOM Labs 
Bronson Pharmaceuticals 





Vitamin C (ascorbic acid) 
Vitamin D 50,000iu 


Self Health Resource Center 
From dentist, by prescription, or see 





Recipes. 
Vitamin E capsules Bronson Pharmaceuticals 
Vitamin E Oil Now Foods 





Washing soda (sodium 
carbonate) 
Water filter pitchers 


Grocery store 


Pure Water Products 





Wormwood capsules 


Zinc 


Self Health Resource Center, Kroeger 
Herb Products, New Action Products 
Bronson Pharmaceuticals 








Zinc oxide 





Spectrum Chemical Co. 
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Aldrich Chemical Co. 
P.O. Box 355 
Milwaukee, WI 53201 
(414) 273-3850 


Bachem Fine Chemicals Inc. 
3132 Kashiwa St. 

Torrance, CA 90505 

(310) 539-4171 


Bando American Inc. 
1149 West Bryn Mawr 
Itasca, IL 60143 

(800) 829-6612 

(630) 773-6600 


Blessed Herbs 

109 Barre Plaines Rd. 
Oakham, MA 01068 
(508) 882-3839 


Boehringer Mannheim 
Biochemicals 

9115 Hague Rd. 

P.O. Box 50414 
Indianapolis, IN 46250 
(800) 262-1640 

(317) 849-9350 


Bronson Pharmaceuticals 

Div. of Jones Medical Industry 
1945 Craig Road 

P.O. Box 46903 

St. Louis, MO 63146-6903 
(800) 235-3200 retail 

(800) 525-8466 wholesale 





SOURCES 


Carolina Biological Supply Co. 
2700 York Rd. 

Burlington, NC 27215 

(800) 334-5551 

(919) 584-0381 


Continental Glass & Plastic, Inc. 
841 West Cermak Rd. 

Chicago, IL 60608-4582 

(312) 666-2050 


Dolisos America, Inc. 
3014 Rigel Ave 
Las Vegas, NV 89102 
(800) 365-4767 
(702) 871-7153 


Dragon River Herbals 
PO Box 74 

Ojo Caliente, NM 87549 
(800) 813-2118 

(505) 583-2118 


Edmund Scientific Co. 
101 E. Gloucester Pike 
Barrington, NJ 08007 
(856) 573-6250 


EDOM Labs, Inc. 
860 Grand Boulevard 
P.O. Box 780 

Deer Park, NY 11729 
(516) 586-2266 

(800) 723-3366 


Fisher Scientific EMD 
485 S. Frontage Rd. 
Burr Ridge, IL 60521 
(800) 955-1177 
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ICN Pharmaceuticals, Inc. 
Biomedical Division 

3300 Hyland Ave. 

Costa Mesa, CA 92626 
(714) 545-0113 

(800) 854-0530 


Jomar Labs 

251-B East Hacienda Avenue 
Campbell, CA 95008 

(800) 538-4545 

(409) 374-5920 


Kroeger Herb Products 
(wholesale:) 

805 Walnut St. 
Boulder, CO 80302 
(800) 225-8787 
(303) 443-0261 

(for retail call:) 
Hanna's Herb Shop 
5684 Valmont Rd. 
Boulder, CO 80301 
(800) 206-6722 


Maypro Industries 
2700 Westchester Ave. 
Purchase, NY 10577 
(914) 251-0701 


Nature’s Way 

10 Mountain Springs Pkwy 
Springville, UT 84663 
(800) 962-8873 

(801) 489-1500 


New Action Products (USA) 
P.O. Box 540 

Orchard Park, NY 14127 
(800) 455-6459 

(716) 662-8000 





New Action Products (CANADA) 
PO Box 141 

Grimsby, Ont. L3M4G5 Canada 
(800) 541-3799 

(716) 873-3738 


New Century Press 
1055 Bay Blvd., Suite C 
Chula Vista, CA 91911 
(800) 519-2465 

(619) 476-7400 


New Horizons Trust 
53166 St. Rt. 681 
Reedsville, OH 45772 
(800) 755-6360 
(614) 378-6366 


Now Foods 

395 Glen Ellen Road 
Glen Ellen, IL 60108 
(630) 545-9098 


Omega Nutrition USA, Inc. 
6515 Aldrich Rd. 
Bellingham, WA 98226 
(800) 661-3529 


Superior Health Products, LLC 
13549 Ventura Blvd. 

Sherman Oaks, CA 91423 
(800) 700-1543 

(818) 986-9456 


Pure Water Products 
10332 Parkview Ave. 
Westminster, CA 92683 
(800) 478-7987 
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R. H. Shumway 

P.O. Box 1 
Graniteville, SC 29829 
(803) 663-9771 


San Francisco Herb & Natural 
Food Co. 

1010 46th St. 

Emeryville, CA 94608 

(800) 227-2830 wholesale 
(510) 601-0700 retail 


Seagull Distribution Co. 
3372 Baltimore St. 

San Diego, CA 92117 
(858) 483-0264 


Self Health Resource Center 
1055 Bay Blvd., Suite A 
Chula Vista, CA 91911 

(800) 873-1663 

(619) 409-9500 (USA) 

(780) 475-2403 (Canada) 


Southern Biological Supply 
Company 

P.O. Box 368 

McKenzie, TN 38201 

(800) 748-8735 

(901) 352-3337 


Spectrum Chemical Co. 

14422 South San Pedro Street 
Gardena, CA 90248 

(800) 772-8786 

(310) 516-8000 


SOURCES 


Ward’s Natural Science, Inc. 
5100 West Henrietta Road 
Rochester, NY 14586 

(716) 359-2502 

(800) 962-2660 
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Finale 


I hope you have come to the same happy conclusion that I did 
a few years ago! That we humans don't have hundreds of different 
maladies and disturbances. We only have two! Things that 
crawl or climb into us. And toxins: unnatural chemicals that we 
unknowingly inhale or consume. 

The living things are both large and small: from worms we 
can see, to microscopic bacteria, viruses and fungi. The non 
living things are pollutants in our air, food, dental metal and body 
products. Taking in a lot of pollutants hampers the body's ability 
to kill and get rid of the invaders. And so, gradually, as we get 
older or sicker, the body's invaders get the upper hand and take 
over. Don't be discouraged if you have lupus, cerebral palsy, 
cirrhosis, or any complex-sounding disease. Every disease is an 
example of the same process. 

The good news is that our body can reclaim its sovereignty 
by throwing the rascals out. We must assist by throwing the 
pollutants out. Fortunately, we don't have to do the whole job 
ourselves, we only need to assist. Our body has miraculous 
powers to clean itself up. 

By reducing chronic disease to two problems, it becomes 
manageable. Ill health, even aging, can be reversed. Health 
comes back and rewards you. 

With the new electronic insights and technology, our parasitic 
invaders can be vanquished with the closing of a switch. 
Preventing reinfection is the bigger challenge. Similarly, pollut- 
ants can be uncovered in as short a time as days, short enough to 
turn any sick, even terminal, sufferer's verdict around before 
tragedy occurs. 

The tragedies of surgery, organ replacements, radiation, 
chemotherapies, doses of drugs, even death can be avoided. Re- 
versing illness and turning into a shining example of your for- 
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mer healthy self could be the most exciting adventure of your life. 

Killing your invaders is an easy matter: you simply purchase 
or build the device that can do that and take the proper herbs. 
Cleaning up dentalware is under your control, too—a financial 
expense not beyond your reach, hopefully. Trading your body 
products for unpolluted varieties is a job but not insurmountable. 
Cleaning your environment may be the stumbling block. If you 
can't unpollute your air, water, carpets, furniture, move. Move to 
a healthier dwelling! Get rid of it all. Like a cat that moves her 
kittens to a safer place, just move. 

The healthiest house is no house. If you have been quite ill, 
move far enough south to avoid heating and cooling. Sit outside 
in the shade all day. Use your new wisdom and sharp eye to 
choose a new dwelling as free of pollutants as you can. No re- 
frigerator indoors. No window air conditioner. No fiberglass 
insulation. No fossil fuels. No attached garage. No carpets or 
stuffed furniture, no foam bedding, no fresh paint, no pesticide. 
Go primitive. Health is primitive. You were born primitive— 
with health. Even if you weren't, you can undo much of the 
“inherited” damage. 

Don't listen to the new doomsayers, who persuade you 
nothing can be done unless a gene is replaced. Your genes have 
been reliable for millions of years. Genes are the most reliable 
of all biological chemicals in your body. They are not faulty. 
They are hampered in their tasks. They are commandeered by 
metals and other species’ genes. Those of parasites, bacteria, and 
viruses. They wouldn't be there if pollutants weren't there. They 
allow invaders into the most jealously guarded recess of your 
being: your genes. But now you can throw the rascals out and 
reclaim your territory. It is not new genes that you need. You 
simply need your own genes back on the job, directed by your 
own body, working for you. 
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gene, 3, 46, 206, 207, 209, 590 

genital tract, 116 

germanium, 417 

Giardia, 9, 103, 160, 239, 399, 567, 
578 

ginger, 205, 514, 515 

ginseng, 259, 263 

glaucoma, 146, 213, 214 

glucose tolerance factor, 184, 419 

glutamic acid, 228 

glutamine, 228, 229 

gluten, 105, 175 

glycerin, 515, 516, 534, 535, 536, 537, 
538, 539, 540, 549, 584 

goat milk, 107 

gold, 102, 103, 111, 113, 124, 126, 
146, 175, 177, 184, 226, 237, 310, 
412, 418, 419, 420, 475 

goldenrod, 549 

gonorrhea, 91, 116, 565, 576 

gout, 69 

granola, 186, 354, 421, 518 

gravel root, 552 

grilled food, 356 

groin, 90, 157, 166, 248 


growing pains, 69 
gum disease, 81 
gums, 81, 87, 95, 217 


H 


HA wart virus, 176 

Haemophilus, 141, 242, 564, 576 

hafnium, 139, 222, 573 

hair dryer, 241, 282, 316, 346, 447, 448 

hair spray, 122, 136, 139, 144, 187, 
222, 335, 439, 573 

hamburger, 219, 349 

hand cream, 354 

handhold, 26, 27, 30, 457, 462, 463, 
464, 487, 488, 503, 504, 506, 508 

hCG, 336 

head, 31, 32, 52, 112, 131, 144, 156, 
161, 169, 171, 184, 198, 199, 254, 
283, 315, 359, 361, 369, 417, 461, 
557, 569 

headache, 51, 75, 105, 116, 162, 164, 
165, 167, 170, 206, 257, 369, 400, 
419, 425 

hearing, 4, 6, 7, 242, 261, 274, 278, 
324, 325, 387, 468, 504 

heart, 4, 32, 59, 80, 114, 138, 139, 
141, 146, 147, 148, 149, 159, 168, 
176, 177, 178, 182, 194, 195, 213, 
254, 278, 279, 280, 290, 291, 311, 
317, 318, 319, 320, 321, 322, 323, 
325, 403, 419, 478, 515, 526 

heart disease, 147, 176, 194, 403, 515, 
526 

heart failure, 278, 318, 322 

heartburn, 82, 375 

heartworm (see also Dirofilaria), 32, 
138, 140, 141, 146, 147, 148, 149, 
167, 178, 254, 318, 319, 343, 567 

heel, 61, 63, 65, 67, 68 

hemoglobin, 279, 286, 287 

herb tea, 63, 66, 93, 95, 140, 321, 335, 
365, 390, 424, 428, 429, 432, 524, 
551, 574 

herbicide, 40 

hernia, 90, 133, 154, 268, 297 

Herpes, 9, 20, 115, 116, 161, 179, 180, 
181, 182, 371, 487, 488, 492, 564, 
576, 578 

hexane, 440 

hexanedione, 111, 148, 193, 269, 574 

hiatal hernia, 133, 154, 268, 297 


high blood pressure, 49, 82, 95, 149, 
211, 212, 213, 311, 388, 417, 515 

hip, 51, 87, 89, 275, 419 

hippuric acid, 55, 84, 85, 115 

histamine, 135 

histidine, 127, 207 

Histoplasma, 145, 166, 564, 576 

HIV, 10, 33, 90, 149, 150, 189, 204, 
250, 251, 252, 342, 351, 352, 353, 
356, 371, 458, 487, 490, 491, 495, 
500, 501, 564 

hives, 68, 89, 122, 191, 553 

hookworm, 78, 79, 86, 105, 139, 160, 
167, 194, 260, 264, 286, 343 

hormone, 2, 91, 107, 113, 115, 116, 
119, 122, 216, 368, 384 

hot flush, 114, 115, 117, 175, 255 

human liver fluke, 33, 74, 96, 109, 111, 
116, 122, 128, 186, 188, 207, 208, 
224, 249, 259, 260, 498 

hurricane lamp, 78, 145, 166, 227, 572 

hydrazine sulfate, 240 

hydrochloric acid, 296, 297 

hydrogen peroxide, 95, 139, 218, 296, 
383, 438, 532, 533, 542 

hydrogen sulfide, 267 

hyperactive, 203 

hyperesthesia, 417 

hyperthyroidism, 188 

hypnotism, 51 


I 


ice cream recipe, 522, 523 
ileocaecal valve, 97, 101, 128 
immune failure, 286 

impetigo, 46 

incontinence, 75, 278, 294, 325 
indigestion, 6, 103, 145, 298, 446, 557 
indium, 123, 157, 162 

inductance, 5, 7, 486 

inductor, 11, 486, 489 

infant formula, 429 

infertility, 2, 117, 144, 186, 237, 384 
inhaler, 139 

insect, 8, 506, 509, 529 

insecticide, 312 

insomnia, 4, 82, 134, 244, 245, 278, 
326, 340, 417, 557 

insulin, 173, 174, 175, 176, 177, 178, 
182, 276, 302, 308, 332, 490 
interferon, 468 





interleukins, 468 

intestinal problem, 128, 267 

iodine, 95, 136, 163, 164, 188, 202, 
218, 239, 246, 248, 298, 344, 348, 
398, 399, 442, 443, 499, 559, 583 
iridium, 82, 123, 188, 255, 271, 497 
iron, 247, 248, 277, 279, 286, 450, 572 
irritability, 113, 210, 254, 262, 298 
irritable bowel syndrome (IBS), 102, 
103, 104 

islets of Langerhans, 182 

isopropyl alcohol, 251, 285, 332, 335, 
336, 348, 394, 398 


J 


jam, 2, 38, 52, 233, 265 

jaw, 56, 74, 79, 87, 88, 156, 157, 158, 
159, 170, 206, 215, 226, 254, 291, 
315, 377 

jaw bone, 74, 79, 87, 88, 206, 215 

joint, 65, 66, 70, 82, 84, 139, 155, 157, 
217, 417 

joint pain, 84, 417 





K 


kerosene, 137, 208, 224, 227, 235, 
407, 429, 572 

kidney stone, 48, 56, 75, 79, 94, 95, 
96, 108, 127, 166, 204, 212, 291, 
552 

knee, 44, 68, 74, 419, 489 

knuckle, 195, 459, 463, 464, 486 

Kojic acid, 102, 174, 175, 226, 388, 
423 


L 


actic acid, 88, 184, 187, 276 

Lactobacillus, 100, 564, 576 

actose, 66, 104, 202 

amp oil, 474 

anolin, 223, 225 

anthanide, 414 

ard, 303, 310, 354, 374, 394, 424, 517, 
529, 530 

aser, 111 

ateral sclerosis, 204 

ead, 4, 22, 26, 37, 46, 47, 60, 69, 74, 
75, 79, 81, 96, 101, 105, 116, 136, 





139, 141, 146, 157, 170, 181, 197, 
220, 231, 232, 234, 262, 264, 265, 
267, 268, 275, 280, 290, 314, 349, 
356, 416, 417, 418, 426, 436, 440, 
466, 472, 475, 504 

Leishmania, 107, 193, 568, 578 

emonade, 557 

esion, 9, 181 

eukemia, 211 

ip, 534, 535 

ip soother, 534, 535 

ipoic acid, also see thioctic acid, 442, 
584 

ipstick, 75, 123, 207, 327, 336, 476, 
539, 572 

ithium, 255, 259, 260, 271 

iver disorder, 374 

iver fluke, 33, 43, 74, 78, 96, 103, 104, 
107, 109, 111, 116, 117, 122, 128, 
131, 175, 182, 185, 186, 187, 188, 
207, 208, 218, 220, 222, 223, 224, 
225, 249, 259, 260, 268, 271, 494, 
498 

Loa loa, 141, 147, 148, 149, 176, 291, 
318, 319, 568, 576 

loss of balance, 169, 270, 419 

lotion, 247, 485, 535, 536 

Lou Gehrig's disease, 44 

Lugol’s, 163, 202, 203, 246, 248, 271, 
298, 315, 346, 398, 442, 443, 499, 
500, 501, 559, 583 

ung, 40, 135, 138, 336, 372, 407, 477, 
478, 576, 578 

ung fluke, 138 

upus, 250, 495, 589 

utetium, 141 

ye, 529, 530 

Lyme disease, 170, 563 

lymph, 64, 89, 90, 109, 144, 156, 157, 
267 

ymphocytosis, 417 

lysergic acid, 263 

ysine, 142, 146, 180, 181, 534, 535, 
537, 538 








M 


magnet, 155 

magnetic resonance imagery (MRI), 5 

maintenance parasite program, 83, 
105, 106, 116, 151, 176, 271, 340, 
341, 555, 558 


malignant, 39, 331, 337, 447 

malvin, 233, 235, 236, 265 

mammary gland, 143 

mammogram, 144, 145, 146 

manganese, 89, 176, 277, 572 

Maple Milk Shake, 514 

maple syrup, 191, 243, 365, 381, 390, 
441, 513, 514, 524 

margarine, 378, 517 

marshmallow root, 549, 551, 552, 583 

massage, 51, 70, 85, 92, 435, 439 

massage oil, 435, 439 

mean cell volume (MCV), 212, 285 

measles, 186, 353, 492 

medication, 166, 203, 236 

melanoma, 337 

memory loss, 273, 278 

Meniere's syndrome, 169 

menopause, 113, 114, 143, 260 

menstruation, 113 

mental problem, 2, 283 

mercuric chloride, 70, 72 

mercury amalgam, 409, 416, 417, 485 

mesothelioma, 337 

metabolism, 111, 187, 238, 239, 240, 
243, 244 

metacercaria, 495 

metal tooth filling, 73, 123, 142, 157, 
188, 189, 442, 472, 533 

metastasis, 337 

methanol (wood alcohol), 173, 174, 429 

methyl butyl ketone, 35, 96, 110, 111, 
116, 122, 269, 574 

methyl ethyl ketone, 35, 110, 171, 260, 
574 

methyl methacrylate, 414 

methylene chloride, 37, 162, 208, 221, 
269, 574 

microscope slide, 8, 149, 210, 477, 
501, 561 

migraine, 162, 163, 164, 165, 168, 259 

milk digestant, 80, 421, 425 

millet, 388, 420 

miracidia, 34, 188, 495, 500 

mite, 358, 359, 360, 408, 570, 580 

mitral valve, 147, 159 

moisturizer, 525 

molasses, 286 

mononucleosis, 492 

monosodium glutamate (MSG), 232, 
233, 253, 255, 265, 266, 304, 434 

moth ball, 104, 141, 149, 162, 271, 448 

mother's milk, 133, 143, 375, 490 


mouthwash, 156, 194, 218, 229, 335, 
413, 435, 438, 476, 533 

multiple sclerosis, 46, 204, 219, 250, 
254 

mumps, 176, 178 

muscle, 66, 78, 93, 94, 139, 147, 158, 
161, 187, 197, 218, 220, 477 

muscle pain, 66 

muscular dystrophy, 219, 220 

myasthenia gravis, 55, 221 

mycoplasma, 138, 141, 176 

mycotoxin, 38, 102, 261, 351, 384, 
385, 388, 423 

myofibrositis, 77 


N 


Naegleria, 138, 271, 568, 577 

nail polish, 136, 222, 254, 449, 573 

nausea, 66, 121, 153, 264, 338, 557 

neck, 89, 144, 156, 157, 160, 166, 206, 
280, 402, 419 

Neisseria, 114, 116, 119, 563, 565, 
576, 577 

nephritis, 417 

nerve, 36, 59, 86, 154, 158, 170, 180, 
181, 205, 206, 262, 329, 371, 478 

nervousness, 113, 187 

neurologist, 73 

niacin, 68, 70, 73, 168, 279, 280, 281, 
320, 380 

niacinamide, 228, 233, 263, 338, 364, 
380 

nickel, 37, 85, 106, 115, 122, 124, 125, 
126, 138, 139, 143, 145, 177, 180, 
188, 190, 207, 222, 374, 418, 420, 
424, 431, 436, 475 

nicotine, 264, 539 

night sweats, 204, 353 

niobium, 146 

nitrate, 573 

Nocardia, 112, 159, 187, 206, 242, 
260, 565, 576, 577 

nose, 22, 24, 40, 105, 107, 133, 140, 
193, 199, 203, 347, 359, 361, 369, 
379, 536 

numbness, 154, 157, 207, 209, 254, 
255, 256, 417 

nursing, 134, 242, 292, 342, 375 

nut, 23, 25, 262, 310, 374, 386, 389, 
461, 519 

nut butter, 310, 374, 386, 389 


O 


obesity, 237, 240, 242, 548 

optic nerve, 478 

optic neuritis, 417 

ornithine, 82, 243, 244, 259, 272, 325, 
326, 340, 342, 557 

osteoarthritis, 78, 83 

osteomyelitis, 410 

ovarian cyst, 91, 110, 255, 384 

ovary, 90, 91, 92, 119 

overweight, 130, 237, 238, 239, 242, 
243 

oxalate, 68, 69, 93, 94, 95, 96, 108, 
116, 122, 128, 139, 142, 171, 188, 
551 

oxalic acid, 61, 93, 94, 243, 276, 551 


P 


P24 antigen, 583 

PABA, 536, 583 

palladium, 82, 138, 141, 149, 177, 187, 
208 

pancreatic fluke, 33, 35, 43, 102, 103, 
105, 107, 109, 140, 142, 173, 174, 
175, 176, 177, 178, 179, 182, 183, 
186, 188, 220, 221, 249, 250, 251, 
259, 302, 371, 375, 388, 494, 498 

pantothenic acid, 60, 253 

para amino benzoic acid (PABA), 536, 
583 

paradichlorobenzene, 149, 162 

Paragonimus, 107, 138, 568, 579 

paralysis, 417 

paraplegia, 417 

paresthesia, 417 

Parkinson's disease, 159, 315 

parsley, 304, 306, 343, 344, 345, 513, 
549, 550, 551 

pasta, 66, 96, 121, 204, 225, 228, 262, 
306, 307, 308, 310, 356, 363, 374, 
375, 381, 385, 386, 387, 432 

patulin, 277, 522 

PCB, 147, 162, 188, 314, 426, 475, 
527, 573 

peanut butter, 45, 189, 364, 376, 382, 
389, 432, 519, 523, 524 

penis, 250, 491, 493 

pentane, 127, 162, 171, 188, 208 

perfume, 190, 253 

peripheral neuropathy, 209 


personal lubricant, 439 

pesticide, 40, 68, 96, 132, 162, 171, 
185, 236, 253, 255, 268, 282, 304, 
313, 346, 427, 472, 473, 542, 572, 
590 

pet food, 354, 574 

pet parasite program, 77, 117, 122, 
167, 395, 494 

Peyer's patches, 267 

phenylisothiocyanate (PIT), 84 

phosphate, 63, 64, 65, 66, 67, 68, 73, 
80, 81, 83, 86, 88, 94, 95, 96, 106, 
107, 139, 142, 177, 185, 212, 213, 
215, 216, 217, 255, 320, 551 

phosphate crystal, 65, 67, 86, 94, 95, 
96, 107, 177, 185, 212, 217, 255, 
320, 551 

pinworm, 220, 404 

piperine, 84 

placenta, 76, 258, 263 

platelet, 19, 145, 286 

platinum, 68, 116, 122, 123, 134, 141, 
149, 185, 193, 207, 212, 419 

PMS, 113, 115, 255, 384 

Pneumocystis, 138, 372, 568, 578 

pneumonia, 138, 142, 147, 169, 407, 
564, 566 

polio, 371 

polonium, 372 

polyethylene, 62, 517, 532 

polyneuritis, 417 

popcorn, 144, 181, 248, 313, 351, 355, 
356, 373, 385, 476, 492 

porcelain, 415 

pork, 206, 423, 424, 477, 484 

potassium, 58, 59, 82, 95, 139, 163, 
211, 217, 218, 277, 291, 293, 294, 
304, 311, 348, 373, 499, 515, 516, 
559 

potassium bicarbonate, 58, 515 

potassium chloride, 211, 311, 373, 516 

potpourri, 165, 168, 448 

praseodymium, 122, 221, 244, 439 

pregnancy, 76, 106, 111, 115, 119, 
121, 122, 264 

probe, 28, 459, 462, 463, 464, 465, 
467, 468, 471, 487, 489, 504, 506 

progesterone, 91, 113, 114, 115, 119 

propane, 207 

prostate, 69, 96, 112, 123, 124, 125, 
126, 127, 128, 139, 190, 331, 332, 
336, 337, 491, 500 

prostate cancer, 332, 337, 500 


Prosthogonimus, 139, 255, 568, 578 

protein, 193, 228, 232, 553 

Proteus, 94, 102, 110, 114, 565, 576, 
578 

Pseudomonas, 74, 565, 576 

psoriasis, 193 

purpura, 281 

PVC, 70, 78, 211, 231, 236, 241, 262, 
282, 450, 475, 573 

pyloric, 297 


Q 


quassia, 546 


R 


rabbit fluke, 105, 203 

radiation, 7, 437, 589 

radio frequency, 6, 7, 13, 486 

radon, 96, 108, 127, 142, 145, 146, 
150, 181, 185, 186, 187, 405, 406, 
475 

rash, 36, 189, 190, 191, 220, 246 

rat poison, 417, 418 

red blood cell, 19, 77, 285, 286 

Red Milk, 515 

redia, 9, 34, 122, 495, 500 

reflexology, 61 

reproductive organs, 119 

respiratory, 140, 142, 160, 170, 358, 
360, 361, 363, 449, 517 

retina, 160, 162, 213 

retinitis pigmentosa, 3, 162 

rhabdomyosarcoma, 337 

rhenium, 139, 187 

riboflavin, 380, 584 

rice, 63, 66, 121, 144, 303, 306, 307, 
308, 311, 349, 351, 356, 363, 366, 
383, 385, 420, 432, 492, 534 

ringworm, 247 

room freshener, 150, 284 

root canal, 79, 119, 138, 145, 158, 159, 
163, 166, 187, 208, 216, 266, 318, 
410, 412 

roundworm, 14, 32, 76, 83, 86, 107, 
139, 257, 265, 267, 274, 343, 372, 
566 

rubella, 189 

ruthenium, 212, 244, 439 


S 


salicylate, 170 

salmon, 307, 366, 376, 422, 524 

salve, 162 

samarium, 82, 157, 208 

Sarcocystis, 107, 568, 579 

sassafras, 529, 546 

scalp, 126, 171, 190, 193, 526, 528 

scandium, 206 

schizophrenia, 211, 261, 262, 450 

sciatic nerve, 86 

scopolamine, 393, 423 

seafood, 205, 307, 366, 424, 432, 434, 
522 

sebaceous cyst, 171, 188 

seizure, 230, 231, 232, 233, 234, 235, 
236, 265, 517 

semen, 342 

sex, 67, 121, 179, 205, 319, 342 

shampoo, 105, 144, 284, 333, 335, 
336, 437, 476, 528, 542 

shaving supplies, 189, 284, 335 

sheep liver fluke, 33, 43, 78, 103, 104, 
107, 109, 111, 117, 122, 131, 175, 
182, 185, 187, 188, 208, 223, 224, 
225, 249, 260, 271, 494, 498 

shingles, 179, 192, 371, 487, 492, 564 

shoulder, 49, 150, 151, 152, 153, 255, 
553 

silicon, 475 

silver, 37, 100, 103, 110, 116, 119, 
146, 177, 185, 192, 193, 260, 310, 
420, 426, 475, 476 

sinus, 104, 116, 117, 138, 139, 142, 
163, 167, 168, 170, 187, 245, 268, 
369, 419, 492 

skin cancer, 194 

skullcap, 244, 552 

sleep problem, 96, 107, 117, 241, 255 

Smoker's Leg, 70 

smoking, 67, 68, 70, 73, 177, 255, 327, 
336, 372 

soap, homemade, 437, 438, 444, 448, 
449, 530 

soda pop, recipe, 515 

sodium, 58, 59, 106, 139, 146, 181, 
212, 217, 232, 282, 311, 373, 440, 
515, 529, 534, 535, 537, 582, 584 

sodium alginate, 106, 181, 534, 535, 
537 

sodium bicarbonate, 58, 582 

sodium carbonate, 584 


sodium chloride, 373, 440, 584 

sonogram, 5 

sore throat, 20, 159, 160, 206, 217, 
400, 492 

sorghum, 226, 281, 388, 391, 475, 481, 
519 

soup, 106, 180, 209, 243, 287, 294, 
306, 307, 310, 324, 349, 376, 405, 
431, 432, 434, 521, 523, 524 

sour cream, 164, 293, 305, 524 

soy, 387, 432, 434 

spasm, 70, 93, 150, 153, 163, 300 

spastic colon, 78 

speech problem, 270 

sperm, 119, 123 

spinal cord, 204, 205, 206, 361, 478 

spine, 49, 80, 92, 93, 217 

spleen, 148, 174, 195, 197, 198, 358, 
419, 492 

stainless steel, 431, 543 

Staphylococcus, 62, 74, 76, 89, 99, 
116, 147, 159, 163, 178, 187, 206, 
216, 242, 291, 318, 319, 346, 353, 
565, 566, 577 

starch, 121, 300, 373, 374, 375, 378, 
531, 532, 534, 537, 539, 540, 573 

Sterigmatocystin, 385, 562, 576 

sternum, 148, 149 

stomach problem, 104, 105, 268 

strep throat, 100, 104, 492 

Streptococcus, 74, 76, 99, 117, 147, 
168, 169, 170, 187, 242, 566, 576, 
577 

stroke, 278, 280, 281, 282 

Strongyloides, 78, 79, 82, 86, 163, 
164, 166, 167, 170, 186, 194, 256, 
257, 258, 259, 260, 264, 343, 371, 
568, 578 

strontium, 124, 127, 181, 192, 244, 
296, 435, 436, 439, 450 

styrene, 103, 122, 148, 162, 430 

styrofoam, 122, 148, 260, 292, 314, 
430, 433, 475, 527, 575 

sulfur, 95, 267, 376 

sweat, 126, 247, 528, 531, 532 

sweetening, 303, 308, 524 

Syncrometer, 43, 45, 150, 182, 189, 
251, 312, 346, 355, 429, 444, 446, 
457, 458, 459, 460, 462, 466, 467, 
470, 471, 482, 503, 504, 506, 571 

syphilis, 91, 566 


T 


Taenia pisiformis, 75, 148, 196, 570, 
579 

Taenia solium, 147, 196, 570, 579 

tantalum, 140, 141, 475 

tapeworm, 20, 32, 50, 75, 111, 147, 
161, 179, 195, 196, 197, 198, 199, 
200, 201, 208, 220, 318, 357, 358, 
359, 360, 363, 364, 370, 371, 408, 
487, 494, 570 

tapeworm stage, 20, 32, 75, 111, 147, 
161, 179, 195, 196, 199, 200, 201, 
208, 318, 357, 358, 359, 360, 363, 
364, 370, 371, 487, 494 

TC Ethylene, 96, 141, 148, 188, 193, 
429 

tea kettle, 310, 431 

tellurium, 68, 78, 134, 142, 188, 208 

temporary ischemic attacks (TIA), 207, 
281 

tendon, 154 

teratogen, 418 

terbium, 186 

testicle, 20, 54, 119, 128, 178 

thallium, 37, 69, 70, 71, 72, 73, 74, 79, 
95, 96, 100, 111, 115, 123, 134, 189, 
190, 206, 209, 220, 242, 254, 255, 
264, 269, 314, 361, 417, 418, 438, 
536, 573 

thioctic acid, 73, 74, 82, 120, 123, 178, 
207, 208, 229, 236, 237, 254, 262, 
265, 269, 270, 442, 584 

threadworm, 163, 371 

throat, 20, 100, 104, 105, 141, 149, 
150, 160, 199, 206, 227, 241, 242, 
243, 268, 280, 295, 354, 361, 370, 
400, 477, 491, 492 

thrush, 246, 248, 492 

thulium, 128, 141, 146, 177, 193, 221, 
439, 440 

thymus, 35, 36, 107, 131, 150, 207, 
208, 221, 250, 251, 351, 352, 353, 
446, 477, 491, 493 

thyroid, 77, 107, 117, 170, 182, 183, 
185, 187, 188, 193, 213, 217, 237, 
239, 254, 266, 377, 443 

thyroxin, 187 

tin, 9, 139, 162, 187, 242, 296, 435, 
436, 472, 473, 476 

Tinea, 247 

tinnitus, 6, 169, 170, 171, 419 


titanium, 89, 103, 123, 143, 180, 193, 
231, 254, 435, 436, 476 

TM, 157, 158, 259, 419 

toast, 178, 181, 352, 356, 430, 431, 
434, 524, 572 

toaster, 573 

tobacco, 84, 279, 326, 372, 436, 492, 
566 

Tobacco Mosaic virus, 436 

toe, 56, 59, 67, 68, 155, 248, 253 

tofu, 432, 434 

toluene, 35, 37, 103, 141, 148, 205, 
209, 219, 220, 232, 251, 252, 269, 
270, 271, 336, 427, 476 

tomato juice, 82, 308, 521 

tongue, 6, 248, 376, 485 

tonsil, 268 

tooth metal, 112, 123, 133, 138, 142, 
149, 162, 186, 187, 206, 221, 231, 
240 

toothbrush, 95, 218, 248, 295, 438, 532 

toothpaste, 82, 124, 127, 138, 156, 
181, 187, 196, 206, 218, 242, 296, 
420, 435, 438, 476, 532, 572, 573, 
574 

Toxoplasma, 160, 161, 162, 568, 577 

trachea, 187, 478 

tremor, 49, 78, 206, 207, 209, 260, 
270, 278, 313, 314, 315, 316 

Treponema, 114, 119, 566, 576 

Trichinella, 31, 68, 76, 79, 80, 82, 86, 
153, 161, 186, 192, 193, 194, 207, 
257, 260, 343, 568, 578 

trichloroethane, 37 

Trichomonas, 102, 110, 568, 577 

Trichuris, 74, 107, 142, 166, 568, 578 

tryptophane, 244, 245, 439 

tuberculosis, 142, 407, 565, 579 

tumor, 40, 337, 415, 547 

tungsten, 271, 430, 431, 449 

turkey, 423, 424, 477, 485 

turmeric, 547 

tyramine, 164, 293, 305 


U 


udder wash, 98, 109, 137 

ulcer, 132 

underweight, 240, 268 

universal allergy syndrome, 495 
uranium, 142, 146 

urate, 95, 122, 139, 166, 167, 255 


urea, 75, 125, 243, 320 

urethra, 124 

uric acid, 55, 61, 68, 69, 81, 94, 171, 
213, 320 

urinalysis, 68, 77, 166, 185, 193 

urinary tract, 77, 102, 106, 110, 114, 
122, 125, 127, 163, 166, 167, 190, 
255, 291, 430, 555 

uterine wall, 112, 249 

uterus, 35, 103, 106, 108, 109, 110, 
111, 112, 113, 115, 117, 119, 122, 
123, 124, 145 


Vv 


vagina, 246, 250, 491, 493 

valerian, 150, 151, 152, 153, 158, 244, 
272, 300, 325, 326 

vanadium, 96, 105, 140, 149, 165, 170, 
171, 175, 186, 187, 231, 255, 260, 
268, 271, 313 

vanilla, 514, 519, 522 

Vanilla Milk, 514 

vasectomy, 128 

vegetable juice, 66, 82, 94, 237, 308, 
309, 322, 422, 424, 513, 523, 524, 
525 

vegetarian, 197, 434 

vinegar, 89, 276, 277, 288, 291, 296, 
297, 303, 305, 306, 348, 349, 366, 
377, 381, 383, 403, 405, 423, 441, 
444, 448, 493, 514, 521, 527, 528, 
540, 541, 542, 572 

vitamin A, 95, 142, 154 

vitamin B, 80, 88, 142, 146, 178, 217, 
235, 285, 353, 551 

vitamin B1, 235, 285 

vitamin B12, 235, 285 

vitamin B2, 88, 353 

vitamin B6, 80, 142, 146, 217, 551 

vitamin C, 38, 58, 73, 87, 89, 107, 110, 
120, 121, 128, 141, 144, 146, 168, 
177, 178, 181, 184, 193, 212, 218, 
222, 228, 230, 242, 247, 263, 270, 
277, 280, 281, 286, 291, 301, 302, 
303, 305, 347, 348, 349, 356, 364, 
365, 366, 370, 382, 383, 385, 386, 
388, 389, 390, 391, 393, 421, 423, 
427, 432, 433, 440, 441, 470, 481, 
494, 513, 515, 516, 518, 519, 520, 
521, 523, 525, 531, 534, 535, 537, 
538, 543, 545, 548, 556, 573, 584 


vitamin D, 64, 65, 66, 74, 81, 87, 88, 
158, 217, 218, 254 

Vitamin D Drops, 560 

vitamin E, 120, 145, 146, 534, 539 

vomiting, 105, 134, 166, 202, 394, 417 


Ww 


wallpaper, 141, 448, 572 

wart, 69, 174, 176, 195, 196, 201, 478 

washing soda, 57, 58, 180, 188, 269, 
314, 346, 399, 431, 438, 444, 448, 
515, 516, 525, 527, 532, 533, 540 

water heater, 39, 319, 431, 447, 449, 
573 

water softener, 117, 127, 274, 437, 
450, 473, 517, 572, 573 

weakness, 92, 127, 139, 207, 220, 
278, 293, 317, 322, 417 

whip worm, 105, 107, 142 

white distilled vinegar, 277, 349, 423, 
444, 448, 521, 540, 541, 542 

white iodine, 95, 163, 218, 248 

wine, 164, 280, 327, 381, 386, 431 

wood alcohol (see also methanol), 37, 
102, 103, 162, 173, 174, 175, 176, 
177, 178, 179, 183, 185, 186, 206, 
208, 240, 251, 252, 259, 269, 302, 
309, 314, 371, 375, 377, 388, 391, 
414, 436, 475, 519, 559, 574 


worm, 10, 105, 107, 142, 147, 163, 
197, 247, 257, 318 

wormwood, 339, 342, 344, 345, 582 

wrist, 74, 75, 80, 154, 155, 255, 328 


xX 


xenobiotic, 419 

xylene, 35, 37, 111, 122, 141, 148, 
205, 208, 209, 219, 220, 232, 251, 
252, 270, 427, 429 


¥ 


Yankee Drink, 514 

yeast, 4, 115, 116, 122, 189, 246, 247, 
248, 298, 377, 399, 492, 563 

ytterbium, 415, 436 

yttrium, 123, 127, 186 


Z 


zearalenone, 144, 225, 355, 492 

zinc, 70, 106, 120, 123, 127, 154, 160, 
181, 247, 277, 296, 532, 534, 572 

zinc oxide, 181, 247, 532, 534 

zirconium, 75, 89, 112, 128, 138, 147, 
170, 180, 189, 193, 222, 231, 415, 
435 
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A New Diagnostic Device... 


With an audio oscillator circuit and a trained ear, you can detect parasites and pollutants in a 
way that no one has done before-electronically. 


Leads To New Discoveries... 


In every case of the “mysterious” disease diabetes, you find the not-so-mysterious parasite 
Eurytrema, and the fairly common pollutant wood alcohol. Every case! And never in healthy 
people! Similarly in cancer, HIV, Alzheimer’s, endometriosis, to name a few, you can find 
specific parasites and/or pollutants at work. 


And New Cures... 


You don’t need dangerous, expensive prescription drugs to get rid of the causes of your 
illness. Once you know what you are fighting you can pick herbal, electronic, or avoidance 
methods. Except for the cost of dental work, you can get well for under $100! 


And New Hope... 


Follow the advice in this book preventively, and never worry about your health again! Get 
your whole family well and keep them well. Start today! 


It Took An Independent Research Scientist 


to find the answers. Hulda Regehr Clark began her studies in 
biology at the University of Saskatchewan, Canada, where she 
was awarded the Bachelor of Arts, Magna Cum Laude, and 
the Master of Arts, with High Honors. After two years of 
study at McGill University, she attended the University of 
Minnesota, studying biophysics and cell physiology. She 
received her Doctorate degree in physiology in 1958. In 1979 
she left government funded research and began private 
consulting on a full time basis. Six years later she discovered 
an electronic technique for scanning the human body. Today 
she puts her methods, results and conclusions before you. 





Read and recover. 


New Century Press 
Chula Vista, CA 


1 (800) 51902465 
www.newcenturypress.com 


ISBN 1-890035-01-7 
521,95 


About this electronic book 


While creating this electronic version of The Cure for all 
Diseases, I encountered some inconsistencies and (small) errors 
in it. Below follows an overview. 
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Niels Willems, december 2002. 
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both with a alligator clip 

liver cleanses(page 549) make 
health improv-ed 
furniture"treated" 

refigerators 

SALT # 1 

honey 

Argyria 

Bac. antracis spores | 391.45 | 
386.95 

Corynebacterium diptheriae 
Norcardia asteroides (2nd range) 
folicle mite 

Paradiclorobenzene 

missing: Aflatoxin (2nd) 188 188 
Corynebacterium diptheri 
folliculorum foli 


niels.w @hccnet.nl 
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100k ohm 1/2 watt Linear taper pot STEREO PHONE JACK 
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COMPONENT DESCRIPTIONS, SOURCES, AND CURRENT PRICES 
Revision November 24, 1996. Copyright (c) 1991/1999 Robert C. Beck, D.Sc. 


Note: These data are for theoretical, informational and instructional purposes only and are not to be construed as 
medical advice. Consult with your licensed medical practitioner. Hundreds have been built successfully if duplicated 
exactly as shown. 


Ensure the IC chip U 1 
(LM358) is wired correctly. 
The location of Pin #1 is 
shown below: 






820 oben 1/4 watt 5% resistor 


a 2 a al 
pA cnet 
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an Ve | ae 
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the curve. and wrap the 
Lead wire with 3.5 mm plug, 6 ft, Mouser or Calrad Electronics ase headphone wires com- 


ming from the mono 
plug around the curve 


Electrodes, stretch elastic, Velcro, cotton flannel, alligator clips, etc. 


Total Cost for all components for improved do-it-yourself project -——T tet of each half of the pm 
then hou glue into 


All components listed above check your local electronics store. place. 
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Blood Electrification 
and 


lonic/Colloidal Silver 
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Science & Vie Magazine seprember 199s 


"White cells (leukocytes) kill bacteria and pathogenic 
fungi by electrocuting them. Discovered by Jacques 
Schrenzel and Karl Heinz Krause, Geneva University 
Hospital, Switzerland, this defense mechanism is 
triggered as soon as receptors of the white cell detect 
the microbe's presence. This signal activates an 
enzymatic system on the leukocyte's membrane, 
composed of a "sleeping" enzyme (NADP II oxidize) 


and co-enzyme (NADP ID), the reaction begins by the 
enzyme "waking up", receiving electrons from its co- 
enzyme, and transporting them through the membrane. 
Ejected out of the white cell, this electronic flux is 
focused toward the bacteria with oxygen molecules and 
the microbe dies. This discovery might open new lines 
of research on immunity deficiencies in patients who 
are deprived of this enzymatic system." 


Translated from Science & Vie, Issue #972, September, 1998 page 44. 
Telephone: 01-46-48-48-48 and Fax: 01-46-48-48-67 


Looking at this totally as a "physics" or "engineering" problem, a few structured electrons can act as 
the equivalent of trillions of white cells and restore function to one's immune system! 
The electrons cost pennies. 


US Patents 


Amazingly similar discoveries have been made by scientists and are a permanent record in the US Patent Office 
since the 1880's. Why don't we know of these? Many work far more effectively than expensive antibiotics and 
have no side effects and practically no costs. 

Since the Abraham Flexner propaganda funded by pharmaceutical company owner John D. Rockefeller in 1910 
eliminated electromedicine from accredited medical universities, researchers have not pursued breakthrough 
discoveries. They are usually discredited. Instead the public spends billions of dollars annually with "medicines" 
that may create more side-effects than the original symptoms. 

Here is a condensed reference list of US Patents which professional researchers may find interesting: 


1 Direct application of electricity to kill or attenuate microorganisms in liquid. 


1) Kaali 5,188,738 
2) Kaali 5,139,684 
3) Lathrop 5,133,352 
4) Ellis 4,019,510 
5) Myers 3,753,886 
6) Jones 592,735 (1897) 
7) Dawson 3,965,008 


8) La Comme 672,231 (1901) 
II Applications of Magnetic Fields to Kill or Attenuate Micro—Organisms. 


1) Hofmann 4,524,079 
2) Middleton 5,645 697 
3) Forrest 5,248,437 
III Application of Magnetic Fields in the Treatment of Cancer. 
1) Costa 4,665,898 
2) Liboff 5,437,600 
3) Gordon 4,106,488 
4) Gordon 4,303 ,636 
5) Gordon 4,622,952 


IV Application of Electricity and Magnetic Fields to produce other Biological Effects. 


1) Cadossi 4,683,873 (Fuse Bone) 

2) Ryaby 4,266,532 (Modify Cells) 

3) Findl 4,428 366 (Reduce Serum Glucose) 
4) Chang 4,822,470 (Cell Electroporation) 
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OUTER LIMITS 
ELECTROCUTING 

THE AIDS VIRUS 

A SAFER-YET BLOOD 
SUPPLY 


Despite official reassurances about the 
safety of the nation's blood supply, 
concern lingers that small amounts of 
HIV—infected blood may be sneaking 
through, especially since current 
screening detects only antibodies to the 
virus, which can take months to form. 
But now a new electrical process for 
cleaning blood of viruses may solve 
the problem. 

At the Albert Einstein College of 
Medicine in New York City, Steven Kaali, 
M.D., has found that most of the AIDS 
viruses in a blood sample will lose their 
infectious capability after being zapped 
by a very low—level current. Repeated 
exposure appears to leave blood 
virtually free of HIV, as well as 
hepatitis—without harming blood cells. 

Kaali cautions that it will take years 
of testing before a virus—electrocuting 
device is ready for use. But, ultimately, 
he predicts, it could be used not just to 
purify blood, but to treat people with 
AIDS, by channeling their blood out of 
the body, exposing it to virus—killing 
current and then returning it. "By 
lowering the viral count," he says, "we 
may be able to lengthen and improve 
the quality of AIDS patients’ lives." 

—Sharon McAuliffe 


SPECIAL SECTIONS 


LOMGEVITY 


DECEMBER 1992 
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MARCH 30, 1991 Page 207 


Biomedicine 


Shocking Treatment proposed for AIDS 


Zapping the AIDS virus with low-voltage electric 
current can nearly eliminate its ability to infect human 
white blood cells cultured in the laboratory, reports a 
research team at the Albert-Einstein College of Medicine 
in New York City. 


William D. Lyman and his colleagues found that 
exposure to 50 to 100 microamperes of electricity— 
comparable to that produced by a cardiac pacemaker— 
reduced the infectivity of the AIDS virus (HIV) by 50 to 
95 percent. Their experiments, described March 14 in 
Washington, D.C., at the First Inter—-national Symposium 
on Combination Therapies, showed that the shocked 
viruses lost the ability to make an enzyme crucial to 
their reproduction, and could no longer cause the white 
cells to clump together—two key signs of virus infection. 


The finding could lead to tests of implantable electrical 
devices or dialysis—like blood treatments in HIV-infected 
patients, Lyman says. In addition, he suggests that blood 
banks might use electricity to zap HIV, and vaccine 
developers might use electrically incapacitated viruses 
as the basis for an AIDS vaccine. For scientists working 
to create contraceptive devices that repel sperm with 
electricity, the new study also hints at a lifesaving side 
effect: protection against HIV. 


Reprinted with permission from SCIENCE NEWS, 
the weekly newsmagazine of science, 
copyright 1991 Science Service 
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Scientists say electric current may help fight AIDS 


REUTER NEWS SERVICE 


NEW YORK — Doctors at a 
prestigious New York medical 
center are testing a new way to 
fight AIDS — using electrical 
energy to weaken the killer 
virus — and say their first 
results are encouraging. 
Researchers William Lyman 
and Steven Kaali of the Albert 
Einstein School of Medicine 
said Tuesday that initial 
laboratory tests have shown 


Revised November 2002 


electrical current can weaken 
the virus believed to cause 
acquired immune deficiency 
syndrome. 

The two men said they plan 
to move to the next phase of the 
experiment in April using blood 
samples from people with 
AIDS. 

If their tests are successful, 
the researchers hope it could 
lead to a new way to treat AIDS 
patients, possibly involving a 
dialysis—type machine in which 


an AIDS patient's blood would 
be treated with electrical 
current outside the body. 
"What we have done is 
expose the AIDS virus in 
laboratory circumstances to 
electrical current and then 
incubated the virus with white 
blood cells susceptible to the 
virus. We found that the virus 
became much more 
ineffective," Kaali, a specialist 
in the medical use of electrical 
current, said Lyman, an AIDS 


researcher and associate 
professor of pathology at 
Einstein, likened the new 
technique to chemotherapy. 

"You are not going to get rid 
of the tumor, but you could get 
rid of enough of it to help the 
patient lead a normal life. This 
is not a cure but a new tool," 
Lyman said. 

He added that the use of 
electrical energy has no toxic 
side effect and that a similar 
technique has been used as a 
treatment for reducing herpes. 
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ALTERNATING CURRENT SUPPLIED 
ELECTRICALLY CONDUCTIVE METHOD 
AND SYSTEM FOR TREATMENT OF 
BLOOD AND/OR OTHER BODY FLUIDS 
AND/OR SYNTHETIC FLUIDS WITH 
ELECTRIC FORCES 
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[57] ABSTRACT 


A new alternating current process and system for treat- 
ment of blood and/or other body fluids and/or syn- 
thetic fluids from a donor to a recipient or storage re- 
ceptacle or in a recycling system using novel electri- 
cally conductive treatment vessels for treating blood 
and/or other body fluids and/or synthetic fluids with 
tlectric field forces of appropriate electric field strength 
to provide electric current flow through the blood or 
other body fluids at a magnitude that is biologically 
sienainingpeiriaiiey set on 


norm mae — . 
<nommaly hea als wile maining Roctis payee 


low voltage alternating current electric poteritials are 
applied to the treatment vessel which are of the order of 
from about 0.2 to 12 volts and produce current flow 
densities in the blood or other fluids of froth one micro- 
ampere per square millimeter of electrode area exposed 
to the fluid being treated to about two milliamperes per 
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ALTERNATING CURRENT SUPPLIED 
ELECTRICALLY CONDUCTIVE METHOD AND 
SYSTEM FOR TREATMENT OF BLOOD AND/OR 
OTHER BODY FLUIDS AND/OR SYNTHETIC 
FLUIDS WITH ELECTRIC FORCES 


FIELD OF INVENTION 

This is a continuation-in-part application of prior U.S. 
patent application Ser. No, 07/562,721 filed Aug. 6, 
1990, now abandoned 

This invention relates to novel electrically conduc- 
tive methods and systems employing electrically con- 
‘ductive vessels provided with electrically conductive 
surfaces for use in subjecting blood and/or other body 
fluids and/or synthetic fluids such as tissue culture me- 
dium to direct treatment by altemating current electric 
forces. 


BACKGROUND PROBLEM 


It is now well known in the medical profession and 
the general public that blood collected in a blood bank 
from a large number of donors may be contaminated by 
contaminants such as bacteria, virus, parasites and/or 
fungus obtained from even a single donor. While 
screening of donors has done much to alleviate this 
problem, the screening of donors can and does miss 
occasional donors whose blood is unfit for use. When 
this occurs and the unfit blood is mixed with otherwise 
usable blood, the entire batch must be discarded for 
transfusion purposes, Because of this problem, the pres- 


ent invention has been devised to attenuate any bacteri 
virus (including the AIDS HIV Virus) parasites and/or 
fungus contained in blood contributed by a donor to the 


point that any such contaminant is rendered ineffective 


for infecting a normally et human on but does 
not make the iOlogically unfit for use in humans. 
Similar problems exist with respect to treatment of 
other body fluids, such as amniotic fluids. The treat- 
ment method and system is also applicable to mammals 
other than humans. 
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A PROPOSED EXPERIMENTAL/THEORETICAL, NON-INVASIVE, NON- 
PHARMACEUTICAL, IN VIVO METHOD FOR POSSIBLE NEUTRALIZATION OF 


HIV VIRUS IN HUMAN SUBJECTS. 


Revision March 1999. Copyright 1991/98 by Robert C. Beck, D.Sc. 


In a remarkable and startling discovery at Albert 
Einstein College of Medicine, NYC in 1990, it was 
shown that a minute current (50-100 microamperes) 
can alter outer protein layers of HIV virus in a petri 
dish so as to prevent its later attachment to receptor 
sites. (Science News. March 30, 1991 pg. 207.) It 
may also reverse Epstein—Barr (chronic fatigue 
syndrome), hepatitis, Lupus, cancer and many 
others. HIV —positive users of this enclosed 
information may expect a dramatic reduction of 
symptoms after about 45 days. This is reminiscent 
of a well proven cure for snakebite by application 
of electric current that instantly neutralizes the 
venom's toxicity. (Lancet, July 26, 1986 pg. 229.) 
And there may be several other diseases as yet 
undiscovered or untested viruses neutralizable with 
this discovery; perhaps more surprisingly, even the 
common cold. 


This very simple and valid blood clearing treatment 
proved of great promise as a positive method for 
immobilizing known strains of HIV still present and 
contaminating some European and US blood bank 
reserve supplies. It was further suggested that 
infected human HIV carriers could recover by 
removing their blood, treating it electrically and 
returning it by methods similar to dialysis or by 
surgically implanting electrode arrays with miniature 
batteries sewn inside blood vessels as described in 
US patent #5,188,738. Dr. S. Kaali, MD, projected 
that "years of testing will be in order before such an 
in vitro (blood removed for treatment) device can be 
made ready for widespread use." (Longevity, Dec. 
1992, page 12.) This paper reveals an alternate do- 
it—yourself approach for electrifying/purifying blood 
with no dialysis, implants, or medical intervention. 
In the writer's opinion both blood and lymph can be 
cleared in vivo (which means blood isn't removed or 
skin ever penetrated) simply, rapidly and 
inexpensively with similar but non— invasive do— it- 
yourself techniques described herein. All are fully 


disclosed in this paper. Also included are proven 
schematics, parts lists, electrode construction and 
complete instructions. Electronic and controlled 
electroporation approaches may easily make 
vaccines, antibiotics and pharmaceuticals obsolete. 


In a public lecture (Oct. 19, 1991) the writer 
proposed this theoretical do—it— yourself method for 
eliminating HIV, parasites, fungi, viral and 
pathogens in vivo. Subsequently, his original 
modalities and protocols have been refined, 
simplified and made universally affordable. These 
three simple treatments used in tandem are offered 
for research purposes to determine the extent to 
which they nullify known electro-sensitive 
pathogens residing in blood, lymph, and other body 
tissue and fluids. Following is a summary of several 
years of testing with this non—iatrogenic, do—it- 
yourself, simple and inexpensive experimental 
solution to the ever—escalating "incurables" 
dilemma. There are no known side effects since 
milliampere currents applied to skin are much 
lower than those in FDA approved TENS, CES and 
muscle stimulators which have been in safe daily 
use for many years. Battery replacement costs are 
about $10.00 per month per user or about 330 per 
day for a typical 30 day "spontaneous remission." 
No pharmaceuticals, shots, or medications appear 
necessary. 

One compact battery —powered blood clearing 
instrument is basically a miniature relay driven by a 
timer chip set to —4 Hertz. Its 0 to 33V user 
adjustable biphasic output minimizes electrode site 
irritation. The described system delivers stimulation 
through normally circulating blood via electrodes 
placed at selected sites on wrist or arm. Optimum 
electrode positions are reliably located by feeling for 
strongest pulse (page 19.) Micro-current treatment is 
of such low amplitude that it creates no discomfort 
when used as directed and is demonstrated to have 
no harmful side effects on healthy blood cells or 
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tissue. 


A major obstacle to this simple, proven and obvious 
solution is disbelief. Treating approximately 120 
minutes per day for four to twelve weeks should in 
the writer's opinion effectively neutralize well over 
95% of HIV plus any other electro-sensitive viruses, 
parasites, bacteria, pathogens or fungi in blood. 
In heavy infections, shorter application times will 
prevent stressing patients with toxins. Simply treat 
for a greater number of days or also ingest ozonized 
water. In time, the restored immune system plus 
silver colloid may handle residual problems. In the 
special case of diabetically impaired circulation 
longer treatment times may be indicated. (See 
expanded instructions pages 22-23). Immobilized 
viruses may be expelled naturally through kidneys 
and liver. More rapid neutralization is possible but 
not recommended because of potential excessive 
toxin elimination (Herxheimer's syndrome.) T—cell 
counts usually drop initially because of lysing and 
scavenging by macrophages but should recover and 
increase after a few months. There is too much 
controversy around the PCR test and it has not been 
proven as a reliable measurement for HIV. 
Latent/germinating HIV reservoirs in body's lymph 
or other tissues and glands may theoretically be 
neutralized with a second and separate device by the 
strategy of generating a very high intensity (~20 
kilogauss) short duration (-10 uS) magnetic pulse of 
>~32 Joules by discharging a modified strobe light's 
capacitor through an applicator coil held against 
body locations over lymph nodes, thymus, kidneys, 
adenoids and other possible internal sites of latent 
infection (see page 43). By the physics of Eddy 
current/back e.m.f. "transformer action" (Lenz' law) 
the desired criteria of minimum current induced 
through infected tissue on the order of >100uA 
should be readily attained. Several pulses repeated at 
each site over several weeks may insure a reliable 
"overkill" for successful disease neutralization. A 
magnetic "pulser" is very simple to build. Full 
instructions are on page 41-42. 
Subjects must assume responsibility for their own 
health. In today's society, we are conditioned to look 
for answers only to a medical establishment. 
Unfortunately current medical practices have been 


unable to cure so many illnesses today. 

These "theoretical solutions" are being disclosed under 
constitutional freedom of speech guarantees. Data is 
offered only as theoretical and no medical claims 
are made or implied. "See your health professional!" 
Anyone at his discretion and assumed responsibility 
should be free to build, use (on himself) and network his 
"research" results. With this data, someone with a little 
knowledge of electronics should confidently be able to 
assemble both theoretical blood and tissue clearing 
modalities in about three hours. Components are widely 
available. After assembling, the only additional cost is for 
batteries. If electronically unskilled, "busy" or technically 
illiterate, call an "Amateur Radio Supply" store (yellow 
pages) or find a ham radio operator, hobbyist or TV 
repairman. After "spontaneous remissions" some users 
may wish to interest their doctors. But be advised that 
electronic cures may be vigorously suppressed or 
ignored because there is presently no credibility nor drug 
cartel profit in this inexpensive solution. Also the 1910 
Rockefeller—Flexner Report attempted to discredit 
electro—medicine with intent to give pharmaceuticals a 
monopoly. 

I'm definitely nor soliciting funds. This was 
independently developed by me, Bob Beck, at my 
private expense and offered freely for "theoretical, 
informational, and educational purposes only" and 
with absolutely no profit motive. 


Non-FDA approved devices are illegal to use within 

the USA except via little known FDA loopholes. 

Researchers are allowed to use anything on patients if 
safe, they build it themselves and don't sell them. (Code 

of Federal Regulations 21 § 807.65 subsections {d} & 

{f} . See actual text in footnote on page 21). Although 

we will offer technical updates and always welcome 

feedback from users, please respect the writer's privacy 

and never attempt to contact him for additional help, 

advice or information. Everything users need to know 
is included herein. 


Feedback: SOTA Instruments Inc. gathers feedback 
from individuals and health practitioners on the use 
of The Beck Protocol. 

1-800-224-0242 or 250-770-2023 

Fax: 250-770-1999, www.sotainstruments.com_ 
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IMPROVED SCHEMATIC 

This 11/24/1996 schematic describes a "Plant Growth Stimulator" improved since my 1991 design. User tested 
for over two years, it is solid state (no relays), uses three (not seven) batteries, makes colloids, is much smaller, 
lighter, silent, with battery saving features. 


BIOLOGICAL 
ELECTRIFICATION 
4 


COLLOWDS 
J2 
Z.5MM PHONE JACK 
or RCA Jock 


5 
100k Ohm Lineor 
with SPST Switch “Grom of Whect* 
incondescen’ Bulb 
> 6-129, 55mA 
ML-612 of equiv. 


“1 20uF, 35¥ 





AD resistors 1/4 Wait, 5% 
D2 CR! &8 copocilors 35 Voll coted 


—t—b}-—~=K 


1BV Zener I8V Zener Bi-Color LED 








OUTPUT: 4 Hz Square Wove, Bi—Phasic OUTPUT: Colloidal Silver 
(1/2 Earth's Frequency of 7.83 Hz) 





Copyright © 1996 Robert C Beck, DSc. 


The first section (U1B) of the LM358 dual op amp is a 50 volt peak to peak square wave oscillator. The second 
section (UIA) reverses polarity and provides +27 Volts DC output of low impedance. This delivers a Bi-Phasic, sharp 
rise time output of | Hz (not critical) for the biological cotton covered stainless steel electrodes saturated with salt 
water before applying. Sharp rise time is considered necessary to provide higher odd harmonics to the stimulus, 
although "rounded" waveforms will feel different. 

The third section is a current limited 27 Volts DC output from a separate RCA (or 2.5mm) jack for rapid generation of 
excellent colloidal silver in water. A three minute cycle in 8 Oz. of room temperature water makes a ppm 
concentration. 

Op amp section U1B's 4 Hz oscillator frequency is set by C1 (0.1 uF) and R1 (2.4 meg W). It is configured as a 
comparator with hysteresis determined by R2 (150 kW). Charging and discharging of C1 is done by the 180° out-of 
phase signal through RI. R3 and R4 provide a set point 1/2 the V+ to the comparator. This insures a 50% duty cycle 
square wave with an amplitude of slightly less than the —27 Volt supply. 

UIA, the second comparator, is used to invert the output of oscillator UIB. A —50 Volt peak to peak signal will be 
generated between the op amps due to their outputs being 180° out-of phase. U1A's current is limited by 
potentiometer RS (100 kW) and R7 (820 W) and is set to individual user's comfort. 

The power indicator circuit consists of a bicolor (red green) LED (CR1) and the series combination of two 18 Volt 
Zener diodes, D 1 & D2, with power limited by C2 (22 uF, 35 Volt). This section of the device is automatically 
disabled when the 3.5 mm plug is inserted into its jack. Therefore the LEDs flash only when batteries sum is over —21 
Volts. If LEDs are dim or extinguished, replace with three fresh 9 Volt Alkaline batteries. C2 used as a limiter allows 
the LED to flicker on at 1/8 second intervals only as the square wave output reverses polarity. 


Users find this newer design highly satisfactory, trouble free and most efficient. 
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IMPROVED SCHEMATIC - Parts List 
PROPOSED THEORETICAL IN-VIVO BLOOD, HIV, PATHOGEN, PARASITE AND 
FUNGI NEUTRALIZING DEVICE 
COMPONENT DESCRIPTIONS, SOURCES, AND CURRENT PRICES 
Revision November 24, 1996. Copyright (c) 1991/1999 Robert C. Beck, D.Sc. 


Note: These data are for theoretical, informational and instructional purposes only and are not to be construed as 
medical advice. Consult with your licensed medical practitioner. Hundreds have been built successfully if duplicated 
exactly as shown. 







































































$ 1.00 Ensure the IC chip U 1 
LM358 CMOS Operational Amplifier (OP-AMP) chip (generic) U1 (LM358) is wired correctly. 
0.07 The location of Pin #1 is 
2.4megohm 1/4 watt 5% resistor R1 showin below: 
: 0.07 
50 kohm 1/4 watt 5% resistor R2 U1- Op Amp 
oad Top View 
100 k ohm 1/4w 5% resistor 2 required @ 0.15 R3, R4 , 
: F 2.56 
00 kohm linear taper pot, 1/2 watt Cattronics P-68 R5 
0.07 
150 ohm 1/4 watt 5% resistor R6 
0.07 
820 ohm 1/4 watt 5% resistor R7 
0.45 
0.1 mF 50 V (or higher) ceramic capacitor C1 
F F F 0.25 
22 mF 35 V (or higher) electrolytic capacitor C2 
D1 & 1.58 
18 Volt Zener diodes + (NTE5027A) % Watt, 2 @ 0.79 D2 
1.34 
Bulb, 6.3V 0.075 A Type 7377 Bi 
‘ $ 1.19 
Bicolor LED Red/Green RS# 276-012 LED 1 
: 0.53 
Jack for electrode leads (3.5mm or 1/8" mono-phone jack) RS# 274-251 3/$1.59 | Jt 
; ; : 0.53 
Jack for silver wire leads (2.5mm or 3/32" mono-phone jack) RS# 274-292 3/$1.59 | J2 
F 3.75 
3 Alkaline 9 V batteries, type 1604 etc. 3 for 
; 1.29 
3 x 9 V battery snaps (clip-on connectors) RS# 270-325 pkg. 5/$1.29 
. : 0.50 
Misc. wire, solder, etc. 
; 2.29 
Box, if used 
Lead wire with 3.5 mm plug, 6 ft., Mouser or Calrad Electronics 0.35 
Electrodes, stretch elastic, Velcro, cotton flannel, alligator clips, etc. 5.00 
Total Cost for all components for improved do-it-yourself project $22.47 

















All components listed above check your local electronics store. 
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Map of Blood Vessels in Extremities for Optimum 


GraY's Anatomy pgs. 540, 541, 584, 591 





Inferior external 
articular. 


Electrode Access 









inferior internal 


articular. 
Sural arteries, 
Anterior tibial 
recurrent. 
Deep branch of uinar, 
Anterior peroneal, #— internal malleolar. 
i matleolar 
5 7 Communicating. 
& ( 
s 
tica magna. z >. 
= 
Fig, 320.—The popliteal, posterior tibial, Fig. 321.—Surgical anatomy of the anterior 
and peroneal arteries, tibial and dorsalis pedis arteries. 







Anterior vinar recurrent, 
F- Posterior ulnar recurrent. 
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5 (ELECTRODES): Over Arteries not blue veins. 


Align Electrodes Parallel to Pulse and 
Directly Over Pulse Paths 
The figure illustrates the hypothetical 
placement of the two electrodes on the same 
wrist. It s easier to place the electrodes 
first place the strap around the wrist and then 
insert the electrodes under the strap. 


This figure illustrates the hypothetical 
placement of the electrodes on the same 
forearm and wrist. Position probes about 6" 
apart on same Artery 


Choose from Two Wa’s to Align Probes Parallel to Pulse 


Fig, 305.—-Ulnar and radial arteries. Deep view. 
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EXPERIMENTAL IN VIVO BLOOD CLEARING DEVICE FOR ELIMINATING 
VIRUSES, PATHOGENS, MICROBES, BACTERIA, FUNGI, AND PARASITES. 


Revision March 16, 1996. Copyright a 1991/1999 Robert C. Beck 


Note: These data are intended for informational, instructional, and research purposes only and 
are not to be construed as medical advice. Consult your licensed medical practitioner. 


CHANGES since previous editions: Pulse Repetition Rate from 0.67 Hz to —4 Hz (Not critical). C2 from 1uf to 0.22uF. 
Voltage from 36 Volts to 27 Volts. Treatment time increased to 2 hours daily for at least 30 days. Improved electrode 
design and single wrist placement. SW2 added to extend battery life. There are NO "errors" in this schematic. 
Hundreds have been constructed successfully when duplicated exactly without user attempted "improvements". 
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> 
4001 


6 Volts 
4 X% 1.5 Volts 


* 
— 
— 
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¢2 
0.22uF, 20V BI 
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8 so 
Nig / 282222 
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27 volts — 
SX 9D Vos eee 


RS 
30k Pot 


a4 # 
DPOT Reloy (Electrodes) 
tk ra 


Sw2 
“Tast" Momentery On 


282222 
Bottom View 





SPECIAL PARTS 


B1: Filament type incandescent bulb; 6.3V 0.075A type 7377 (Ballast and current limiter). 
Relay: 5V 50 ohm coil, PCB mount DPDT; Selecta Switch SR15P207D1. 

D3 & D4: Zener Diodes, 18V % Watt; NTE 5027A. 

R5: 100 kohm '/> Watt linear potentiometer; Caltronics P-68 or equivalent. 

LED1 & 2: Combined as Bi-Color Red & Green in same housing; Radio Shack #276-012 
SW2: "Test" SPST Momentary ON subminiature Push-Button; Radio Shack #275-157 1 
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PROPOSED THEORETICAL IN-VIVO BLOOD, HIV, PATHOGEN, PARASITE AND 


FUNGI NEUTRALIZING DEVICE 


COMPONENT DESCRIPTIONS, SOURCES, AND CURRENT PRICES 
Revision March 13, 1996. Copyright © 1991/1999 Robert C. Beck, D.Sc. 


Note: These data are for theoretical, informational and instructional purposes only and are not to be construed as medical advice. 
Consult with your licensed medical practitioner. Hundreds have been built successfully if duplicated exactly as shown. 











7555 CMOS timer chip (generic) ICI $ 1.80 
This design is re 
basically a 7555 IC 100 k ohm 1/4 watt 5% resistor R1 0.07 
timer chip set for | meg ohm 1/4 watt 5% resistor R2 0.07 


50% duty cycle and 


-3.9 Hz. driving a | 22k ohm 1/4 watt 5% resistor R3 0.07 
sub-miniature relay. 







































































; 1 kohm 1/4 watt 5% resistor R4 0.07 

Electrode polarity 

continually reverses] 100 k W linear taper pot, 1/2 watt Caltronics P-68 R5 2.56 

-1/4 second positive 

/ 1/4 second 200 mF 20 V (or higher) electrolytic capacitor C1 0.45 

negative. ; 
0.22 mF 20 V (or higher) Tantalum capacitor C2 0.25 

Frequency is not 

Critical. 1N4001 diode 2 required ©0.15 |D1&D2 | 0.30 
18 Volt Zener diodes (NTE5027A) 1/2 Watt, 2@0.79 | D3&D4 | 1.58 
NPN Transistor Generic 2N2222 Qi 0.30 
Bulb, 6.3V 0.075 A Type 7377 Bt 1.34 
Relay, 5 V 50W coil PCB Mount DPDT Selecta Switch SR15P207D1 5.45 
Misc. wire, solder, etc. 0.50 
Bicolor LED Red/Green Radio Shack #276-012 LED 1 $1.19 
Jack for electrode leads 274-251 3/$1.59 Jt 0.53 
DPDT switch, 275-626 or equiv. (used as DPST) Swi 2.55 
SPST Subminiature momentary ON push button switch sw2 0.59 
ER-SW101 "Test" 
Battery holder, 4-AA cells, Radio Shack 270-383 1.29 
4 Alkaline M cell batteries, #23-552 4 for 2.89 
3 Alkaline 9 V batteries, type 1604 etc. 3 for 3.75 
3 x 9 V battery snaps (clip-on connectors) 270-325 pkg. 5/$1.29 1.29 
Box, if used 2.29 
Lead wire with 3.5 mm plug, 6 ft., Mouser or Calrad Electronics 0.35 
Electrodes, stretch elastic, Velcro, cotton flannel, alligator clips, etc. 5.00 
Custom printed circuit board #PS-PCB: 15.00 
Total Cost for all components for do-it-yourself project $49.24 




















Revised November 2004 age 1 of 86 


EXPANDED INSTRUCTIONS FOR EXPERIMENTAL/THEORETICAL BLOOD 
ELECTRIFICATION HY POTHETICAL PROTOCOLS FOR EXPERIMENTAL SESSIONS 
Revision January 15, 1997. Copyright © 1991/1998 Robert C. Beck, D.Sc. 


PRECAUTIONS: Do NOT use wrist-to—wrist with 
subjects using cardiac pacemakers. Any electrical signals 
may interfere with "demand" type heart pacers and cause 
malfunction. Single wrist/forearm locations should be 
acceptable. Do NOT use on pregnant women, while 
driving or using hazardous machinery. 


Users MUST avoid ingesting anything containing 
potentially toxic medications, nicotine, alcohol, 
recreational drugs, laxatives, for several days before 
starting because blood electrification can cause 
electroporation which makes cell membranes pervious to 
small quantities of normally harmless chemicals in 
plasma. The effect is the same as overdosing. See 
Electroporation: a General Phenomenon for Manipulating 
Cells and Tissues J.C. Weaver, Journal of Cellular 
Biochemistry 51: 426-435 (1993.) The blood purifier can 
cause electroporation. Avoid ingesting alcohol 24 hours 
before using and keep in mind that high potency, 
synthetic vitamins as well as junk foods can be a problem 
when magnified. 

Do NOT place electrodes over skin lesions, abrasions, 
new scars, cuts, eruptions, or sunburn. Do NOT advance 
output amplitude to uncomfortable levels. All subjects 
will vary. Never put bare metal on skin. The magnetic 
pulser should be safe to use anywhere on body or head. 


Drink an 8 oz. glass of filtered or preferably ozonated 
water 15 minutes before and immediately following each 
session and drink at least four additional glasses daily for 
flushing during "neutralization" and for one week 
thereafter. This is imperative. Ignoring this can cause 
systemic damage from unflushed toxic wastes. When 
absolutely essential drugs must be ingested, do so a few 
minutes after electrification then wait 24 hours before 
next session. 

If subject feels sluggish, faint, dizzy, itchy, headachy, 
light-headed or giddy, nauseous, bloated or has flu-like 
symptoms or rashes after exposures, reduce pulsing per 
session and/or shorten applications of electrification. 
Drink more water—preferably ozonized—to speed waste 
oxidation and disposal. Use extreme caution when 
treating patients with impaired kidney or liver function. 
Start slowly at first, about 20 minutes per day to reduce 
detoxification problems. 

To avoid shock liability, use only batteries with blood 
cleaner. Do NOT use any line—-connected power supply, 
etc. with blood electrification device. However a.c. 
supplies are OK with well—insulated magnetic pulse 
generators (strobe lights.) 
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Health professionals: Tobacco, the most damaging (41/2 
times more addictive than heroin) and deadly substance 
of abuse known, disrupts normal cardiovascular function. 
True vegetarian diets are missing several essential amino 
acids absolutely necessary for the successful rebuilding 
of AIDS-ravaged tissues. Secondary gains and hidden 
agendas (sympathy/martyrdom, work avoidance, free 
benefits, financial assistance, etc.) can play large roles 
with many seriously ill patients. 


SUPERIOR ELECTRODES: Excellent, convenient and 
vastly superior electrodes, reusable indefinitely, can be user- 
made by butt-soldering connecting wires to ends of 1-1/8" 
long by 3/32" dia. blanks cut from type 316 stainless steel 
rods available from welding supply stores (Cameron 
Welding Supply, 11061 Dale Ave., Stanton, CA 90680.) 
Use "Stay Clean" flux before soldering (zinc chloride/ 
hydrochloric acid.) Shrink—insulate TWO tight telescoping 
layers of 3/8" long shrink tubing over soldered joints to 
prevent flexing/breaking and lead/copper ions from 
migrating. 


PREPARATION FOR USE: Wrap three or four turns of 
100% cotton flannel around rods. Spiral—wrap with strong 
thread starting from wire side to end. Tightly pinch cloth 
over rod's end so as to leave no metal exposed by wrapping 
6 or 7 turns of thread TIGHTLY just off end of rod, then 
spiral wrap back to start and tie with four knots then cut 
off excess cloth at end close to pinch-wraps. Treat end and 
knots with Fray Check® (fabric & sewing supply stores) 
to prevent raveling. Saturate before each use in a solution 
of sea salt (not table salt). Add a few drops of Colloidal 
Silver for disinfectant. Store for reuse. Tape soaking wet 
electrodes tightly over arterial pulse sites with paper 
masking, Transpore ™ or Micropore® tape or make 1" wide 
stretch elastic bands with tabs of Velcro® at ends to fasten. 
Electrodes should closely conform precisely along blood 
vessels, not skewing ever so slightly over to adjacent flesh. 
This insures better electrical conductivity paths to 
circulating blood and insures very low skin impedance. 
(-2000Q) Rinse and blot-dry electrodes and skin after each 
use. NEVER allow bare metal to touch skin as this will 
cause burns manifested as small red craters that heal slowly. 
The objective is to get maximum current into blood vessels, 
not leak it over to adjacent tissue. Therefore never use any 
electrode with cotton cover wider than about 1/8 inch. 
ELECTRODE PLACEMENTS: Locate blood vessel 
paths (NOT to be confused with acupuncture, Chapman or 
pressure points) on either wrist (Ulnar to Radial) or else 
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Symbol of planet Erra of Pleiades 


Pic. 116 EN 





wrist to forearm by feeling for maximum pulses. Scrub 

skin over chosen sites with mild soap and water. Position 

each electrode lengthwise precisely along same branch of 
Radial artery. A 7" long, 1" wide elastic stretch—band with 

two 1-4" lengths of 74" wide Velcro® sewn to ends of 
opposite sides makes an excellent wrist band for holding 

electrode snugly in place. Place wet electrodes between 

ulnar and radial pulse points on opposite sides on inside of 
same wrist. Then with electrode cable unplugged, turn 

switch ON and advance amplitude control to maximum. 
On original blood electrifier design, push momentary SW 
2 "test" switch and see that the red and green light emitting 

diodes flash alternately. This verifies that polarity is 

reversing —4 times per second (frequency in NOT critical) 

and that batteries are still good. When LED's don't light, 
replace all three 9V alkaline batteries. When the white 

incandescent bulb dims or appears yellowish, or relay isn't 

clicking, replace all four AA cells. Zener diodes will 

extinguish LED's when the three 9V battery's initial 27V 

drops below —20V after extended use. Never use any 
electrode larger than 1-1/8" long by 1/8" wide to avoid 
dissipating current through surrounding tissue. Confine 
exactly over blood vessels. Apply drops of salt water to 

each electrode's cotton cover as needed to keep cotton 
covers damp and insure optimum current flow. Later 
devices are solid-state, use only one battery and no relays, 

and are much smaller. Electrify blood 2 hours daily for 4 
weeks or longer as indicated. (See diagram on page 19.) 


SETTING VOLTAGE: Now rotate amplitude control to 
minimum (counter-clockwise) and plug in electrode cable. 
Advance dial slowly until feeling a "thumping" and 
tingling. Turn as high as tolerable but don't advance 
amplitude to where it is uncomfortable. Adjust voltage 
periodically when acclimatizing to comfort level after 
several minutes. It is normal to feel different sensations 
with time. You may notice little or no sensation at full 
amplitude immediately, but feeling will begin building up 
to maximum after several minutes at which time amplitude 
can be decreased. Typical adapted electrode—to—electrode 
tissue impedance is on the order of 2000 Ohm. Typical 
comfortable input (to skin) is ~3mA, and maximum 
tolerable input (full amplitude) is ~7mA. However, this 
"reserve" margin although harmless is unnecessary and can 
be uncomfortable. Current flowing through blood is much 
lower than this external input because of series resistances 
through skin, tissue and blood vessel walls, but 50 to 100uA 
through blood is essential. 


FREQUENCY OF USE: Apply blood electrifier for about 
two hours daily for at least 1 to 3 months. Use judgment 
here. The limiting factor is detoxification. Carefully 
monitor subject's reactions (discomfort, catarrh, skin 
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eruptions, weeping exudites, rashes, boils, carbuncles, 

coated tongue, etc.) With very heavy infections, go slower 
so as not to overload body's toxic disposal capability. 

Drinking ozone—bubbled water oxidizes wastes and speeds 

detoxification. With circulation—impaired diabetics, etc., 
you may wish to extend session times. Again, have subjects 
drink lots of water. Recent changes in theoretical protocol 

being currently tested suggest continuing the protocol for 
several weeks. One health practitioner with extensive use 

of both the blood electrification and magnetic pulsing 

devices reported to Sharing Health From the Heart Inc. to 
suggest prolonged use to ensure the stronger pathogens have 

been neutralized. He points out the danger of stopping too 

soon if only the weaker pathogens have been dealt with. 

He has suggested building up to using the blood 
electrification device for 6 days continuously to neutralize 
the longest-lived pathogens. Remember to remoisten 

electrodes regularly. If you absolutely must ingest 
prescription drugs, do so immediately after turning off 
instrument and allow 24 hours before next treatment to let 

chemical concentrations in blood plasma decay to lower 
levels. 


Remember, if subjects ever feel sleepy, sluggish, listless, 
nauseous, faint, bloated or headachy, or have flu-like 
reactions, they may be neglecting sufficient water intake 
for adequately flushing toxins. We interpret this as 
detoxification plus endorphin release due to electrification. 
Let them rest and stabilize for -45 minutes before driving 
if indicated. If this detoxing becomes oppressive, treat every 
second day. Treatments are shown to safely neutralize 
viruses, fungi, bacteria, parasites and microbes in blood. 
See US patents #5,188,738, 5,091,152, 5,139,684, 
5,328,451, 3,753,886, 4,524,079, 4,665,898 and others as 
well as numerous valid medical studies which are presently 
little known or suppressed. 


SILVER COLLOID: Also, ingesting a few oz. of —5 parts 
per million silver colloid/silver ion solution daily can give 
subjects a "second intact immune system" and minimize 
or eliminate opportunistic infections during recovery phase. 
This miracle substance is pre-1938 technology, and unlike 
ozone is considered immune from FDA harassment. Silver 
colloid can easily be made at home electrolytically in 
minutes and in any desired quantities and parts per million 
strength for under 10 per gallon plus cost of water. It is 
ridiculous to purchase it for high prices. Unlike silver 
proteins, metallic colloid has no side effects. Silver colloids 
won't produce drug resistant strains as will all other known 
antibiotics. No reasonable amount can overdose or injure 
users either topically, by ingesting, or professional medical 
injection. Refer to page 31 for complete instructions on 
successfully making your own. 
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Preparation to Use the Electrodes for 
Blood Electrification 





Step 1: Prepare cotton sleeves or cotton Step 2: Place the cotton sleeves over the 
electrodes. A dropper bottle is a 


covers for the electrodes. 
handy way to wet the cotton and to 
keep the covers damp during use. 





Step 4: Hold the electrodes in place with a 


Step 3: Place the covered electrodes 
directly over the two arteries on wrist strap. This one is made of 
the wrist: the radial and ulner waterproof neoprene with velcro to 
arteries. hold it firm. 

Ensure the wrist strap does not get wet 


between the electrodes. If it does the current 
will travel between the two electrodes rather 
than through the skin to the arteries. 
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Total Cancer Remissions through Blood Electrification combined with Silver Colloid 
Theories Offered for Information and Educational Purposes Only and are the Author's Opinions 
Copyright © 1996 Robert C. Beck, D.Sc. re Re-issued May, 1998 
Opinions expressed in this article are based on the author's first hand experience and do not necessarily reflect 
those of this publication. [Also published in Explore! Magazine] 


My archives contain a tantalizing report from several 
decades ago describing an authenticated record of an older 
man who was struck by lightning, survived, and 
subsequently grew a third set of teeth and a bushy head of 
youthful new dark hair. His grossly metastasized, inoperable 
cancers vanished. He threw away his glasses and cane, and 
appeared much younger and was totally healthy for the first 
time ever. This fascinated scientists and years later almost 
encouraged some highly illegal and bizarre human 
experiments in an abandoned aircraft hangar in Wendover, 
Utah where Tesla coil research with ball lightning was 
underway. The incident generated wide speculation, but few 
insights at the time. This mystery remained sleeping until 
1990 when an astounding discovery was reported at Albert 
Einstein college of Medicine in NYC by Drs. Kaali and 
Lyman. Not surprisingly, the revolutionary data were 
apparently immediately suppressed (See Science News: Mar. 
30, 1991 pg. 207; and Longevity: Dec. 1992 pg. 12.) 


As a totally unexpected and unpredictable outcome of the 
writer's self-funded research into "blood electrification" 
with micro currents for AIDS (currently showing excellent 
results), a growing number of users previously unknown to 
me began independently reporting "spontaneous 
remissions" of numerous other diseases including cancer. 
Most involved no doctors, medication, or time off. 
Recoveries occurred after subjects had self-administered an 
altered do-it-yourself blood treatment process first described 
in US Patent #5,188,738 issued to Dr. Steven Kaali in '93. 
We were puzzled to find explanations as to why this 
worked. This preliminary report offers a possible theory. 
Magnetic pulsing success with cancer were independently 
proven again in 1984 and described in US Patent 
#4,665,898 plus many other patents dating back to 1890! 


The Einstein disclosure describes removing blood from one 
arm, electrifying it, and returning it to the other arm in a 
process similar to dialysis. It also describes surgically 
implanted active electrode chambers containing miniature 
batteries sewn inside blood vessels. This author's preferred 
approach leaves all blood in the body, is totally non- 
invasive, costs practically nothing and is safely 
accomplished in about a month with —-two hours per day 
exposures as one goes about his normal activities. It handles 
pathogens while blood flows normally through the —60cc 
volume of the electrified forearm's ulnar branch artery from 
wrist to elbow. Without medications, invasive techniques or 
doctors, most pathogens, viruses, microbes, parasites and 
fungi just tend to disappear. Progress can be readily 
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observed in blood with dark-field and phase-contrast 
microscopy. The entire process and simple apparatus with 
parts list is fully described in my '91 paper reprinted in 
recent issues of Explore! (Vol.7 #1) and in this paper. Also 
simple instructions for self-made silver colloids of far better 
quality than you can usually buy are given in Vol. 7, #2 of 
Explore! also Explore More, Issue #15. Back issues: 

Box 11510, Prescott, AZ, 86303, 928-541-1920. You can 
turn any glass of tap water into a 3 ppm ionic electrolytic 
silver colloid in about two minutes anywhere with a shirt 
pocket instrument by simply running 27V (three 9V 
transistor radio batteries) between two short lengths of pure 
silver (never "Sterling") wires submerged in water. To date 
many "spontaneous remissions" of dozens of "incurable" 
illnesses including HIV have been reported by users and 
researchers of this "blood purification" when combined 
with ingestion of pennies-per-gallon instantly self-made 
ionic silver colloid plus magnetic pulsation and ozonized 
drinking water. Since none of dozens of friends using these 
apparent miracles has experienced infections, colds, flu, 
pneumonia, or lost a single day's productivity in over three 
years, evidence strongly suggests restored immune systems 
or dramatically improved blood functioning. It is also 
fascinating to note that several pet owners report their cats 
now refuse to drink water if silver colloid is not added. 
Trips to veterinarians with previously recurring infections 
were cut dramatically. It is as though the Creator had left a 
secret "back door" method for mankind to finally conquer 
the adversary - incurable diseases plaguing us since the 
beginning of time. To avoid legalities, these data are being 
offered under first amendment freedom of speech rights and 
should not be construed as medical advice. 

It has long been known that dissections of cadavers dying of 
natural causes reveal many have had cancer several times 
during their lifetime resulting in "spontaneous remissions" 
generally without their knowledge and without ever visiting 
a doctor. An optimally functioning immune system 
somehow automatically "handles" diseases of which the 
subject seldom becomes aware. Several promising broad- 
spectrum natural immunological agents like interferon and 
interleukin are produced by healthy immune systems but 
would cost thousands for patients with already overloaded 
or "shut down" defenses although many such neuropeptides 
could speed cures. Other respected researchers describe 
"pleomorphic" forms of cancer pathogens which evolve 
through several stages—even mycotoxin involvement —all 
of which surrender to blood electrification. For persons 
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unable to self-assemble the simple electrifier (about two 
hours and —$50), dozens of people are currently custom 
building them and several companies are providing 
excellent and reliable combination blood electrification and 
colloid generators ready to use. Most retail ready-to-use 
from $135 to $200. But this health breakthrough is 
politically incorrect and may never be FDA approved 
because of the millions of dollars and years needed to sort 
through an approval process and the billions invested in 
treatment facilities, pharmaceuticals, and in clinical, 
diagnostic equipment This discovery gi es power over 
diseases back to the individual. The onl dangers lie in too 
rapid detoxification avoidable by increa ing ozonized water 
intake for flushing and oxidizing wastes erxheimer's 
syndrome), plus avoiding potentially tox c substances 
during blood electrification because of v stly enhanced cell 
absorption due to electroporation. (See J.C . Weaver: 
Harvard-MIT in Journal of Cellular Biochemistry, 51:426- 
435; 1993). 

All drugs, alcohol, tobacco, pharmaceuticals and coffee 
must therefore be discontinued for at least two days before 
starting and for the duration of blood electrification or 
magnetic pulsing. This minimizes substances in your blood 
plasma which may become toxic at —20X their normal 
levels. 


Electrification is now being successfully used underground 
around the world. One example —cervical cancer alone kills 
—1/3 of all victims in the third world, and has long been 
known to be caused by the papilloma virus. Electrification 
has the potential to eliminate these toxic "fellow travelers' 
coexisting in our blood and may handle 'innumerable other 
diseases previously considered "incurable." Ebola or other 
possibly genetically engineered biological warfare 
"designer" plagues may be unleashed someday per some 
theories of Gulf War Syndrome diseases which are currently 
immune to all other known countermeasures. Blood 
electrification, colloids and ozone may be effective against 
these viruses as well. Unfortunately in today's society, 
millions of dollars are needed to do the research for more 
people to be helped. 


The most reasonable theory of why electrification is so 
surprisingly effective for so many conditions lies in the now 
proven fact that when correctly applied directly into blood 
(not into other body tissue like palms of hands, soles of feet, 
or organs) the process neutralizes all microbes, pathogens, 
fungi, parasites, viruses, bacteria, mycotoxins and 
coexisting foreign life forms and alien invaders and their 
byproducts. In my opinion, this should never be confused 
with Royal Rife, Hulda Clark or others' modalities. 
Effective results are found to require a minimum of 27 Volts 
measurable under load with low impedance output which 
must deliver up to several milli-amperes measurable current 
into skin to produce the required 50 to 100 micro-amperes 
internally through blood after the inevitable series resistance 
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losses through vessel walls plus several layers of tissue. 
Electrical currents in blood can be measured with an AC 
microvolt meter by IR drop using partially insulated 
hypodermic needles inserted —6 inches apart into the same 
artery. Clark's "syncro-zap" running at her standard 30 kHz 
(considered many octaves too high to be effective) actually 
measures only —2.6V peak to peak under load (~2000 ohms) 
at palms. The syncro-zapper's current is unmeasurable 
directly in bloodstream and physically cannot produce the 
essential 50 to 100 uA required internally. Using the syncro- 
zapper may only mask readouts of parasite presence 
radionically. Unfortunately the live bugs remain undisturbed 
and are still there and will still be observed in stool and 
microscopic blood diagnosis. To function at all, 
electrification requires cotton-covered salt water saturated 
stainless steel electrodes never over 3/32" wide and 1" long. 
Electrodes must be carefully positioned directly over and 
precisely in line with specific arterial pulse points. This 
maximizes current into blood by not diffusing it into 
surrounding tissue. Square or round TENS, EKG, EEG, 
EMG; etc. electrodes work only marginally and should 
never be substituted. Preferred instrument pulse-repetition 
rate is —3.9 Hz biphasic with steep rise time and 50% duty 
cycle. Rate is not critical although much higher frequencies 
and certainly higher harmonics of the essential square wave 
output are degrades by "skin effect" where currents travel 
around the outside of body instead of internally. This is 
demonstrated by lighting a bulb in one hand while touching 
a Tesla coil with the other and not getting shocked. 

Careful electrification causes no known harmful side effects 
to healthy cells or tissue. Blood electrified for 18-24 hours a 
day for three months were observed to live for well over a 
month when sealed under cover slips on microscope slides 
while the average life of "normal" drawn blood is under 4 
days. This strongly suggests that even aging bodies may 
easily and rapidly be made impervious to many hostile, 
toxic, infectious, antibiotic-resistant and even yet 
undiscovered invaders. 

Like all revolutionary ideas, this incredible breakthrough 
barely survived initial ridicule and rejection because it is too 
startling, effective, inexpensive, simple and foolproof to be 
generally believable. Almost universally, people simply 
refuse to take responsibility for their own health. They think 
the "Doctor" should know what's "best" for them. So 
acceptance of blood electrification, through word of mouth, 
is just now emerging to enthusiastic acceptance from those 
who've actually experienced the results. Being profit- 
motivated, the establishment must resist anything like this. 
But we now have our "hundredth monkey." Skeptics have 
only to use this technology to directly enjoy immensely 
better health. Take back your power! This works! The 
writer is a researcher, not a practitioner. I have nothing to 
gain from this! 
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Blood Electrification The Easy In- Vivo Way 


Revision May 1998 Informational use only. Not intended as medical advice. Copyright © 1997/99 Robert C. Beck 


Several years of experimentation and many reports of successes have resulted in simple, fast, proven 
ways to implement this most important step in self-healing. 


Electrify two hours daily for a minimum of four weeks. 


. Build or purchase a ready-to-use device, or put finishing touches on a nearly—completed kit. 


. Prepare and label a sea—salt—in—water solution for electrode wetting. Use 1/8 teaspoon of sea salt in a 2 ounce 


dropper bottle. Greater salt concentration can cause osmotic skin burns, irritation and rash. Add water and few 
drops of colloidal silver. Let salt dissolve. Filter through paper towel to clarify this storable conductive interface 
between cotton covered electrodes and skin. NEVER let bare metal electrode or any small area of metal touch skin 
directly, or it will burn. Use natural salt only, not table salt containing iodine for goiter and aluminum and silicates 
to insure easy pouring. 


. For best electrical conductance scrub skin at electrode locations with soap and water to eliminate skin oils, grime, 


dead skin cells, etc. Rinse and dry. With fingertip rub a drop of salt water into skin at each electrode site. 


. Referring to illustrations on page 19, carefully feel for pulses and trace a line about | inch long at each wrist site 


precisely on top and in line (parallel) with located blood paths. Pulses on Ulnar location opposite thumb are harder 
to feel. Never place electrodes over new lesions, cuts, abrasions, or sunburn. Muscle twitching in palm and fingers 
is normal and experienced occasionally. 


. Dip into bottle to saturate initially. Position wet electrodes not over —3/32" wide 1-'/4" long to wrist precisely over 


traced pulse paths. Slide each from forearm side underneath a snug 1" wide stretch elastic band with Velcro® 
retaining overlapped ends. One electrode positions on radial (thumb) side, the second on other (ulnar) inside of 
same wrist. Current is confined to blood in lower forearm. Very little electrification is detectable elsewhere thus 
making it safer for heart-pacer users. The wrist electrode placements are more convenient and faster than any other 
positions. 


. Put larger units in pocket and run electrode cord down sleeve or strap the smaller electrifier—single battery units — 


with stretch—band to forearm. Plug in electrodes, turn on and advance slowly to comfortable level. I prefer the 
small, convenient, unobtrusive unit that uses one instead of the three 9V battery units. Neither interferes with 
normal activities. 


. Re-adjust power occasionally to maximum comfortable level. You can now even sleep with it on without fear. 


When the treatment (about two hours per session daily for a month or more but only after detoxifying) is done, turn 
it off and put it aside until tomorrow. When red and green LED's flash alternately with electrodes unplugged you 
know it's working properly. Blood cleansing can be speeded with heat. Example: wrapping forearm with electrodes 
in heating pad set to high. 


. Keep electrodes wet by re—moistening with drops of salt water occasionally using eye dropper. When finished, 


rinse wrists. Wash electrodes periodically with soap, water and soft toothbrush to eliminate skin oils and soil. 
Soaking overnight will dissolve caked salt. Discoloration at ends is normal. When frayed or worn, discard old 
covers and re-wrap stainless rods with 3 turns of 100% cotton flannel. Wrap tightly with a few turns of thread to 
end, spiral back to beginning and tie. Electrodes should last for months, but wire leads break and must be replaced 
eventually. 

[Editor's Note: If skin is particularly sensitive, try using conductive gel on the electrodes or reduce the amount of salt 
in the water to minimize skin irritation. Apply a healing salve after each session.] 
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What's inside the box? 


Preferred electrifiers must generate a 3.9 Hz (not critical) biphasic sharp-rise-time square wave, + 27V peak 
adjustable output, 50% duty cycle, capable of delivering several milliamperes into a low resistance load at skin 
surface (—S 2000W impedance) which after losses in tissue resistance delivers the necessary 50 to 100 microamperes 
through flowing blood. 


Precautions: 


Badly debilitated patients such as full—blown AIDS victims should begin at less than 20 minutes every second day and 
flush by drinking lots of pure water, preferably ozonized because their systems will go into rapid detoxification 
causing physical problems called Herxheimer's syndrome. 


Users taking ANY medications should minimize such presence in blood for at least two days before starting and avoid 
irritants including coffee, tea, alcohol, tobacco, recreational drugs, etc., during the several weeks of recovery. 
"Electroporation" is shown to increase dosage levels up to 20X of anything drunk, shot, or ingested thus causing 
problems. This documented by J.C. Weaver, Harvard-MIT Jr. Cellular Biochemistry, 51: 426-435; 1993. Patients 
needing essential medications should take them immediately after turning off electrification and wait 24 hours before 
next blood cleansing. This lets their residues decay to minimum levels in plasma before re—electrifying. 


If detoxing becomes disturbing, proceed even more slowly. Symptoms may include fever, giddiness, dizziness, 
headaches, light —headed, vagueness, nausea, skin rashes, eruptions, itching, boils, coughing, kidney and liver 
discomfort, aches, general malaise, inflammations, frequent urination, and sluggishness. Use caution when detoxing 
patients with impaired liver or kidney function. But remember it's far better to force wastes out of your system than 
leaving them stored where they may have been hiding for years. 


Treat slowly if initial discomfort occurs. Electrification will profoundly affect your health and provoke your deepest 
mind—sets such as everyone's unconscious conflicting death wishes. This generally causes noticeable anxiety and 
depression. 


RECOMMENDED SUPPLIER 
For Electronic Parts: Check your local electronics supply store. 


For Complete Units: 
Robert (Bob) C. Beck, D.Sc. worked closely with Russ Torlage of SOTA Instruments Inc. in 


the years preceding his passing. He recommended SOTA as a supplier for The Beck 
Protocol units. 


Contact SOTA at: 1-800-224-0242 250-770-2023 Fax: 250-770-1999 or 
Write: PO Box 20019, Penticton, BC V2A 8K3 
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6/3/13 Zapper Kit 


www.PositiveOffset.com 
www.PositiveOffset.com 

Electronic Kit & Parts for Educators, Researchers & Hobbyists 

30 kHz / 1 kHz Zapper Kit 

with Color Illustrated Instructions 

$50.00 Add to Cart 


Our Zapper Kit contains all the parts necessary to build either a 30,000 Hz 
ora 1,000 Hz Positive Offset Square Wave Frequency Generator Unit. This 
breadboard kit is based on Dr. Hulda Clark's zapper circuit design that was 
recently updated and published in 2003. Copper Pipes and 9 Volt Battery 
are not included in kit. For copper pipes and individual electronic parts, 
click the links in the right column. 





30 kHz/1 kHz Zapper Kit 


-0047 uF Capacitors 
1_uH Inductors 

1K Ohm Resistors 
2.2K Ohm Resistors 
3.9K Ohm Resistors 
4.7K Ohm Resistors 
39K Ohm Resistors 
270K Ohm Resistors 
355 CMOS Timer 

8 Pin Wire Wrap Socket 
9 Volt Battery Snap 
Alligator Clip Converter 
Alligator Leads 
Aluminum Square 
Banana to Alligator Leads 
Breadboard 

Color Coded Jump Wires 
Copper Pipes 

Nuts and Bolts 

On/Off Toggle Switch 
Red Mini LED 

Switching diode 1N914 
Video Instructions 


PositiveOffset.com 
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Hulda Clark Zapper Kit with Color Illustrated Instructions 
$50.00 Add to Cart 


Zapper Kit includes: Breadboard, 555 CMOS Timer, (2) 1K Ohm resistors, 
2.2K Ohm resistor, 4.7K Ohm resistor, 39K Ohm resistor, (2) 270K Ohm 
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resistors, (2) .004/ uF Capacitors, Mini Red LED, (9) Color Coded Jump 
Wires, 9-Volt Battery Snap, (2) Alligator leads, and an On/Off Switch. All 
this comes in a sturdy little cardboard box you can use to house your 
finished circuit. The full-color instructions will help you build either a 
30,000 Hz or 1,000 Hz circuit. 


It's so easy to build. No soldering required! Watch the video instructions 
right here (36 minutes). 
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e YouTube video instructions: 9 easy steps to build this circuit 
e Build a zapper Frequently Asked Questions and Answers 


e Already have electronic parts? Download PDF Instructions 


Remember the Hulda Clark Zapper has not been licensed as a medical 
device by the US FDA. Zapper Kit is sold as an educational tool only, no 
medical claims are intended by the sale of these electronic parts. Our 
Zapper Kit is a great project for a school science fair, or to learn the 
basics of building simple electronics. 


Please note that when ordering electronic parts and kits we can assume 
no liability on the customer's ability to use them. Safety, craftsmanship, 
experience, and ability are the user's responsibility. 


Electronic parts are small and fragile. We can not offer refunds or 
replacements on electronic parts. Buy electronic parts and kits only if you 
believe you can accomplish the work. If you experience difficulty with your 
build, or have little experience in electronics, please order replacement 
parts along with your kit. 


The 555 CMOS Timer is the most likely part to need replacement, so it may 
be smart to order extras when building a kit. 


The 555 CMOS Timer is vulnerable to static electricity. If you walk on a 
carpeted floor and the 555 receives a static shock it may burn out and 
need replacement. 


555 CMOS Timers are sold separately for those who want to have several 
at hand during a kit build, or to troubleshoot a circuit that is not working. 


If you are new to electronics, or just want to be cost effective, you may 
want to purchase extra 555 CMOS Timers when building your first kit. We 
can not offer refunds or replacements on electronic parts. 


View Shonnina Cart / Checkout 
www. positiveoffset.com 
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Customer Service Information 


We accept all major credit cards via our secure shopping cart. We also 
accept checks and money orders through the mail. All packages are 
shipped United States Postal Service Priority Mail with Delivery 
Confirmation. If you have an existing order and would like to track your 
package's Delivery Confirmation, click: USPS Delivery Confirmation. If 
you have any other question or concern about your order, please send an 
email to Customer Service. 


Ww.positiveoffset.com 
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www.PositiveOffset.com 
Electronic Kit & Parts for Educators, Researchers & Hobbyists 


Hulda Clark 30 kHz / 1 kHz Zapper Kit 
with Color Illustrated Instructions 
Order Zapper Kit Here 





Hulda Clark Zapper Kit includes: Breadboard, 555 CMOS Timer, 7 resistors: (2) 1K Ohm, 2.2K 
Ohm, 4.7K Ohm, 39K, (2) 270K Ohm, (2) .0047 uF Capacitors, Red LED, (8) Color Jump Wires, (2) 
Alligator Leads, and Soldered Battery Snap/On-Off Switch. All this comes in a sturdy little cardboard 
box you can use to house your finished circuit. The full-color instructions will help you build either a 
30,000 Hz or 1,000 Hz circuit. Kit does not include copper pipes. Click here to order copper pipes. 


e 30 kHz/1 kHz Zapper Kit 
« 555 CMOS Timer 

e Mini Alligator Leads 

+ Copper Pipes 

e Dial-A-Zap 

e Chair Zappicator 

+ Pet Zappicator 

e Video Instructions 





PositiveOffset.com 
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Hulda Clark Zapper Kit with Color Illustrated Instructions 
Order Zapper Kit Here 


If you are new to building electronics, you may also want to watch the instruction video. The ‘Build A 
Zapper Video' shows how to build this Clark Zapper breadboard kit. Watch the video below. (Note: 
There are minor updates to the "Build Your Own Zapper" Kit. We have adjusted the jump wires for a 
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better fit. We have also pre-soldered the 9-volt battery snap to the on/off switch. These updates are 
not shown in this video, but are clearly described in the kit instructions.) 


It's so easy to build. No soldering required! Watch the video instructions right here (36 minutes). 





More Video Instructions 


e Build a Zapper, Plate Zapper, Food Zappicator, and Toothbrush Zappicator 
e Zapper Kit Frequently Asked Questions and Answers 
e Already have electronic parts? Download PDF Instructions 








The Hulda Clark Zapper has not been licensed as a medical device by the US FDA. Zapper Kit is sold 
as an educational tool only, no medical claims are intended by the sale of these electronic parts. Our 
Zapper Kit is a great project for a school science fair, or to learn the basics of building simple 
electronics. 


Please note that when ordering electronic parts and kits we can assume no liability on the customer's 
ability to use them. Safety, craftsmanship, experience, and ability are the user's responsibility. 


Electronic parts are small and fragile. We can not offer refunds or replacements on electronic parts. 
Buy electronic parts and kits only if you believe you can accomplish the work. 


The 555 CMOS Timer is the most likely part to need replacement, so it may be smart to order extras 
when building a kit. 


The 555 CMOS Timer is vulnerable to static electricity. If you walk on a carpeted floor and the 555 
receives a static shock it may burn out and need replacement. If you ever touch the 9 volt battery 
backwards to the battery snap, it may burn out the 555. You may want to protect your 555 by adding 
a 1N914 Switching Diode to your kit (diode sold separately). 


555 CMOS Timers are sold separately for those who want to have several at hand during a kit build, 
or to troubleshoot a circuit that is not working. If you are new to electronics, or just want to be cost 
effective, you may want to purchase extra 555 CMOS Timers when building your first kit. We can not 
offer refunds or replacements on electronic parts. 





View Shopping Cart / Checkout 





Customer Service Information 


We accept all major credit cards via our secure shopping cart. We also accept checks and money 
orders through the mail. All packages are shipped United States Postal Service Priority Mail with 
Delivery Confirmation. If you have an existing order and would like to track your package's Delivery 
Confirmation, click: USPS Delivery Confirmation. If you have any other question or concern about 
your order, please send an email to Customer Service. 
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Order A Hulda Clark Zapper - Order Dr. Clark's Books - Order Electrical Supplies 





Welcome to the Zapper Lab. Here we have the step-by-step instructions for building your 
very own Hulda Clark Zapper, reprinted with permission from the books by Dr. Hulda Clark. 
Dr. Clark has improved her original zapper circuit and published this update in 2003. 
Knowing her readers have varying experience with building electronics, this recent update 
released several different sets of instructions on how to build a zapper, depending on 
one's electronic expertise. 


e The original published Zapper instructions require soldering or twisting the parts 
together. It is best when soldered, which does require some special tools and skill. 
These instructions are found reprinted below from Dr. Clark's 2003 update. 

e A newer, easier to build design employs the use of an electronic breadboard. A 
breadboard does not require soldering, as one can push the electronic components 
into place onto the breadboard to easily build a circuit. Dr. Clark published designs 
for the 30 kHz Zapper, and the 1000 Hz Zappicator to be built on a breadboard. 
The instructions for building both breadboard zapper circuits are at ClarkZapper.net 
along with a nifty on-line video to help guide you through the process. 

e And last, for advanced electricians, Dr. Hulda Clark published a schematic for 
building the updated Zapper (see photo below). 


If you do not know anyone who could put one together for you, you can order a pre-built 
Zapper at the web site, www.ClarkZapper.com. Remember, the Hulda Clark Zapper is not 
a licensed medical device. It has not been tested by the FDA or AMA for use on humans 
or animals. The Clark Zapper can be sold and used only as an experimental device, and no 
claim can be made as to a diagnosis, cure or treatment for any medical condition or 
disease. Dr. Clark's book states to not experiment with a zapper if you are either 
pregnant or wearing an electronic pacemaker. Please be sure to read one of Dr. Clark's 
books before using a Hulda Clark Zapper. 


Order A Hulda Clark Zapper - Order Dr. Clark's Books - Order Electrical Supplies 


How To Build A Hulda Clark Zapper 


click here to print the 2003 schematic for building a zapper 
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Order A Hulda Clark Zapper 


Instructions for building your very own zapper can be found reprinted 
below from the books by Dr. Hulda Clark. You can get all the parts you 
need at online electrical supply stores such as: PositiveOffset.com. If 
you would rather order a pre-built zapper, just click: Clark Zapper. 


Dr. Clark has released new devices called the Food Zappicator and the 
Toothbrush Zappicator. For the instructions on how to build this new 


type of zapper, visit: FoodZappicator.com and ToothZappicator.com 
NEW! Build A Hulda Clark Zapper Video Instructions 


Nine short videos that take you step-by-step through the process of building a Hulda Clark Zapper. 


How To Build A Hulda Clark Zapper 
The Cure For All Cancers © Copyright 1993 by Hulda Regehr Clark, Ph.D., N.D. 
Zapper instructions have been updated for 2003 by Dr. Hulda Clark 


Hints for absolute novices: Don't let unusual vocabulary deter you. A 
"lead" is just a piece of wire used to make connections. When you 
remove a component from its package, label it with a piece of tape. A 
serrated kitchen knife works best, as does a large safety pin. Practice 
using the micro clips. If the metal ends are L-shaped bend them into a 
U with the long-nose pliers so they grab better. Chips and chip holders 
(wire wrap sockets) are very fragile. It is wise to purchase an extra one 
of each in case you break the connections. The "555" timer is a widely 
used component; if you can't locate this one, try another electronics 
shop. 


The Shoebox Way 
This circuit has been improved since the one given in earlier books. A 


resistor has been added that gives every pulse an added Positive Offset 
of 1/4 volt. You no longer need to operate your zapper so daringly close 
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to a Negative voltage. 


Get from Radio Shack, (serial number included to make it easy). 
Order these parts from their web site at: www.RadioShack.com. If any electrical 
parts are unavailable at Radio Shack, visit another on-line electrical supplier of 
these items, such as: www.PositiveOffset.com to buy your electrical parts. 


Parts List for the 30,000 Hz Zapper Circuit 


Radio Shack Catalog Number 
270-1809 


9 volt battery snap connector 270-324 (set of 5 you need 1) 
on-off toggle switch 275-624A micro mini toggle switch 


If not available, choose any toggle switch with holes in the contact points or Radio 


low-current red LED 276-044 
.0047 uF capacitor 272-130 (set of 2, you need 1) 


.01 uF capacitor 272-131 (set of 2, you need 1) 


555 CMOS timer chip (TLC 555) a eu Ta a ee aE 


8 pin wire-wrapping socket for the chip 900-7242 


If only 16 pin sockets are available, cut one in half OR leave half empty. Editor's Note: 
These parts have been discontinued at most Radio Shacks. 8 pin wire wrap sockets are 
available at many other electrical supply stores such as: www.PositiveOffset.com 


short (12") alligator clip leads any electronics shop, get 10 
If not available, use 14" length from Radio Shack, 278-1156 


Micro-lie jumper wires a (you need 2 packages of 


If not available, use mini-clip jumper wires 278-016 


2 bolts, about 1/8" diameter, 2" long, with 4 nuts and 


hardware store 
4 washers 


2 copper pipes, 3/4" diameter, 4” long 
Sharp knife, pin, long-nose pliers, tape, 4 twist ties or rubber bands. 


Editor's Note: 


The 8 pin wire-wrapping socket has been discontinued at many Radio 
Shacks and readers have asked what to do. We know a great electrical 
supply store where 8 pin wire wrap sockets are available, as well as 
easy-to-build science kits for making a 30,000 Hz Frequency Generator 
with all the parts listed above in one simple package. 


A Hulda Clark zapper is basically just a common Frequency Generator 
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set at 30,000 Hz, with a 100% positive offset square wave. The cost for 
the electrical parts to build one is about $30-$40 for them all. Visit the 
electrical suppliers at PositiveOffset.com for all your electrical needs. 
They have everything you'd need to build a basic 30,000 Hz Positive 
Offset Square Wave Frequency Generator, and their kit is much easier 
to build than the instructions given below, because it uses a breadboard 
so there is no need to twist or solder wires, you simply push the 
electrical parts into place on the breadboard. -editor. 


Assembling The Zapper 


If you have tools such as a drill, needle nose pliers, and small drill bits, 
buy one of the plastic project boxes on the list, otherwise build your 
Zapper in a shoe box, or a box half the size of a shoe box. 


1. You will be using the lid of the shoe box or plastic lid of the project 
box to mount the components. Save the box to enclose the finished 
project. 


2. Pierce two holes near the ends of the lid. Enlarge the holes with a 
pen or pencil until the bolts would fit through. Mount the bolts on the 
outside about half way through the holes so there is a washer and nut 
holding it in place on both sides. Tighten. Label one hole "grounding 
bolt" on the inside and outside. 


3. Mount the 555 chip in the wire wrap socket. Find the "top end" of the 
chip by searching the outside surface carefully for a cookie-shaped bite 
or hole taken out of it. Align the chip with the socket and very gently 
Squeeze the pins of the chip into the socket until they click in place. 


4. Make 8 pinholes to fit the wire wrap socket. Enlarge them slightly 
with a sharp pencil. Mount it on the outside. Write in the numbers of 
the pins (connections) on both the outside and inside, starting with 
number one to the left of the "cookie bite" as seen from outside. After 
number 4, cross over to number 5 and continue. Number 8 will be across 
from number 1. The pins are numbered like this: 


uo N @ 


1 
2 
3 
4 


5. Pierce two holes % inch apart very near to pins 5,6,7, and 8. They 
should be less than 1/8 inch away. (Or, one end of each component can 
Share a hole with the 555 chip.) Mount the .01 uF capacitor near pin 5 
on the outside. On the inside connect pin 5 to one end of this capacitor 
by simply twisting them together. Loop the capacitor wire around the 
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pin first; then twist with the long-nose pliers until you have made a 
tight connection. Bend the other wire from the capacitor flat against the 
inside of the shoe box lid. Label it .01 on the outside and inside. Mount 
the .0047 uF capacitor near pin 6. On the inside twist the capacitor wire 
around the pin. Flatten the wire from the other end and label it .0047. 
Mount the 3.9 K Ohm resistor near pin 7, connecting it on the inside to 
the pin. Flatten the wire on the other end and label it 3.9. Mount the 1 
K Ohm resistor and connect it similarly to pin 8 and label it 1K. 


6. Pierce two holes % inch apart next to pin 3 (again, you can share the 
hole for pin 3 if you wish), in the direction of the bolt. Mount the other 
1 K Ohm resistor and label inside and outside. Twist the connections 
together and flatten the remaining wire. This resistor protects the 
circuit if you should accidentally short the terminals. Mount the 3.9 K 
Ohm resistor downward. One end can go in the same hole as the 1K 
resistor near pin 3. Twist that end around pin 3 which already has the 
1K resistor attached to it. Flatten the far end. Label. 


7. Next to the 3.9 K Ohm resistor pierce two holes % inch apart for the 
LED. Notice that the LED has a positive and a negative connection. The 
longer wire is the positive (anode). Mount the LED on the outside and 
bend back the wires, labeling them + and - on the inside. 


8. Near the top pierce a hole for the toggle switch. Enlarge it until the 
shaft fits through from the inside. Remove nut and washer from switch 
before mounting. You may need to trim away some paper with a 
serrated knife before replacing washer and nut on the outside. Tighten. 


9. Next to the switch pierce two holes for the wires from the battery 
holder and poke them through. Do not attach the battery yet. 


10. An inch away from the switch pierce two holes 1/4 inch apart. Mount 
the 39 K Ohm resistor on the outside and label it inside and outside as 
"39 K, Positive offset." Flatten the wires on the inside. 









39K @ . 
POS Switch Bat 
orr ®@ ® 







Bolt 






Grounding Bolt 
nT KEA ) rounding Bo 
160079 © 





3.9K 





@9LED 
+. 
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Now To Connect Everything 


1. Twist free ends of the two capacitors .01 and .0047 together. 
Connect this to the Grounding Bolt using an alligator clip. 


2. Bend the top ends of pin 2 and pin 6 (which already has a 
connection) inward towards each other in an L shape. Catch them both 
with an alligator clip and attach the other end of the alligator clip to the 
free end of the 3.9 K Ohm resistor by pin 7. 


3. Using an alligator clip connect pin 7 to the free end of the 1 K Ohm 
resistor attached to pin 8. 


4. Using three micro clips connect pin 8 to one end of the switch, pin 4 
to the same end of the switch, and one end of the offset resistor to the 
same end of the switch. (Put one hook inside the hole and the other 
hooks around the whole connection. Check to make sure they are 
securely connected.) Connect the free end of the offset resistor to the 
bolt using an alligator clip. 


5. Use an alligator clip to connect the free end of the 1 K Ohm resistor 
(by pin 3) to the bolt. It is the output resistor. 


6. Twist the free end of the 3.9 K Ohm resistor by pin 3 around the plus 
end of the LED. Connect the minus end of the LED to the grounding bolt 
using an alligator clip. 


7. Connect pin number 1 on the chip to the grounding bolt with an 
alligator clip. 


8. Attach an alligator clip to the outside of one of the bolts. Attach the 
other end to a handhold (copper pipe). Do the same for the other bolt 
and handhold. 


9. Connect the minus end of the battery snap connector (black wire) to 
the grounding bolt with an alligator clip. 


10. Connect the plus end of the battery snap connector (red wire) to the 
free end of the switch using a micro clip lead. Attach the battery very 
carefully. Before attaching the battery to its snap connector, cover one 
terminal with tape. After snapping in one terminal, remove the tape to 
attach the other terminal. This is to prevent accidental touching of 
terminals in a backwards direction. If the LED lights up you know the 
switch is ON. If it does not, flip the switch and see if the LED lights. 
Label the switch clearly. If you cannot get the LED to light in either 
switch position, double-check all of your connections, and make sure 
you have a fresh battery. Even if it does light up, check every 
connection again. 


11. Finally tie up the bunches of wire with twist-ties or rubber bands 
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and replace the lid on the box. Slip a couple of rubber bands around the 
box to keep it securely shut. For safer storage, place it inside a larger 
box. 


Note: Having gained this much experience, you may prefer to build your 
next Zapper on a piece of cardboard folded and able to fit inside a 
shoebox or plastic electronic project box for more protection. 





e Optional: measure the frequency of your zapper by connecting an 
oscilloscope or frequency counter to the handholds. Any electronics 
shop can do this. It should read between 20 and 40 kHz. The shop 
can also read the voltage (peak to peak) and the amount of 
Positive offset (on the .5 volt-per-division scale). The voltage 
output should be about 8 volts. 


e Note: a voltage meter will only read 4 to 5 volts because it 
displays an average voltage. 


Using The Zapper 


1. Wrap handholds in one layer of wet paper towel before using. More 
will reduce the current. Grasp securely and turn the switch on to zap. 
Keep a bottle of water handy to keep them wet. 

2. Zap for seven minutes, let go of the handholds, turn off the zapper, 


and rest for 20 minutes. Then seven minutes on, 20 minutes rest, anda 
final seven minutes on. This is the routine for regular zapping. 


Tell us about your zapper experience at the zapper message board. 
To Visit The Zapper Museum - Click Here! 


Order A Hulda Clark Zapper - Click Here! 
See The ‘Build A Zapper' Video - Click Here! 
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Learn about Dr Clark's latest zapping technique called: Plate Zapping 


Learn about Dr Clark's latest inventions: 
The Food Zappicator and The Toothbrush Zappicator 


Order Electronic Parts at RadioShack.com and Frequency Generator Kits at PositiveOffset.com 


All information is for educational purposes only. These statements have not been evaluated by the FDA. 


Not intended to diagnose, treat, prevent, mitigate or cure disease. Visit www.HuldaClark.com for more 
information on Dr. Clark's Syncrometer™ Science, and the Zapper. Legal Disclaimer Privacy Policy 


www.HuldaClark.com 
The Cure For All Cancers © Copyright 1993 by Hulda Regehr Clark, Ph.D., N.D. 
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KEELYNET 
a i ineEEEEEe 


Zapper Schematics 
No claims are made by KeelyNet for any of these plans 
They are provided for informational purposes only! 
KeelyNet 01/10/02 


mr ET 


Simple Zapper Schematic 


+9 





1N914 or equivalent 





Positive Probe 


Negative Probe 
T O1uF | 


The Research of Dr. Hulda Regehr Clark, Ph. D., N.D. 


I have recently (9/15/2000) come across the research of Dr. Hulda Regehr Clark, 
Ph. D., N.D. In her books, she states that many diseases, among which are cancer 
and HIV/AIDS, can be cured by the use of, among other things, certain herbs and a 
frequency generator called a "Zapper" that was invented by her and her son. 


Speaking of mothers :), my mother, 62, had fatigue and arthritic symptoms in her 
hands before I found out about and told her about Dr. Hulda Clark. She is a 
seamstress, so the arthritic symptoms hindered her work. After doing the Parasite 
Cleanses and using the Zapper, she doesn't have to take naps like before and her 
hands are flexible again. She has done the complete Parasite Cleanse only twice 
but she Zaps practically every day. 
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Simple Zapper Information 
Schematic updated on 12/21/2001 
Simple Zapper Information text updated on 12/21/2001. 


I forgot to mention that the Simple Zapper that I'm using has a 1 Megohm 
potentiometer instead of the 2.2k ohm resistor in order to vary the output 
frequency. If you use a potentiometer with the circuit put it in series with the 2.2k 
ohm resistor because the chip gets hot when there is too little resistance. 


The duty-cycle is pretty consistent with a range of 51% to 57%. With the 
oscilloscope's frequency analyzer in storage mode, I hold the Zapper probes and 
put the oscilloscope probes somewhere on my body and then I vary the frequency 
of the Zapper using the 1 Megohm potentiometer. 


When testing my body on a spectrum analyzer while using the Simple Zapper with 
an output of around 5 Volts (tested on a DC voltmeter), I noticed that the 
frequencies around 4,000 hz to around 18,000 hz had larger peaks telling me that 
my body at the time was more conductive (less reactive?) and/or less resistive to 
frequencies in this range at the given voltage. 


With my body being more conductive (less reactive?) at these frequencies, I 
believe that there is a better dispersal of the Simple Zapper's output within my 
body. I did this recent test with one Zapper probe in each hand (as opposed to both 
in one hand) and the oscilloscope probes (RCA to 1/4" phone plug adaptor) in my 
mouth near my wisdom teeth with my lips around the RCA ground (like a lollipop). 


The oscilloscope's frequency analyzer was in storage mode. With the Simple 
Zapper circuit on this page, change the 2.2k ohm resistor to 4.3k ohm if you want a 
~15,000 hz frequency. I have recently built a couple of Zappers with optimized 
output frequencies of around 11,000 hz. I haven't tested anyone using the Simple 
Zapper other than myself, so there is the possibility that your body's response may 
differ. 


For more information, check out my Simple Zapper webpage at: 

www.members.aol.com/mas 1911/index.html 

or for really interesting free circuit schematics: 

Www.me mbers.tripod.com/~mas 191 1/zappers20011221tripod.html 

You can write the Author of Simple Zapper if you have comments or questions. 
eee ee 


The following document, written by Luke Parrish, provides instructions on building 
an astable multivibrator in DC pulse mode, identical in output to the Zapper, 
described in The Cure For All Diseases by Dr. Hulda Clark. 
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Plans For Zapper 


This page tells how to make a Hulda Clark-style "Parasite Zapper". It's a simpler 
and more efficient version, but works just as well. We make no theraputic claims 
for this device. It is for experimental purposes only. We provide a ready made 
version for those who prefer not to spend so much time building it. 


Materials 


- A CD4069 hex inverter (Radio Shack link) 

- 11M resistor, 1 10k resistor, and 1 1k resistor (Radio Shack link) 
(Resistor color code) 

- 1 1000 pF capacitor (Radio Shack link) 


NOTE: The size of the resistors and capacitors can vary, because they 
determine the frequency of the zapper, which doesn't really matter 
much according to Hulda Clark. 


The following parts may be substituted according to preference, though 
something similar will be needed: 

- Solderless breadboard (Radio Shack link) 

- 9-volt battery 

- 4 alligator clip-leads sets Radio Shack link 

- 2 copper pipes (hand-holds) 


Instructions 


Plug the components into the solderless breadboard according to the 
following schematic. Make sure none of the wires touch each other. To 
hook up the power, attach an alligator clip-lead to each side of the 
capacitor that stretches from hot to ground. Clip the one that goes to 
hot to the positive terminal on the battery and the one that goes to 
ground to the negative terminal. The two hand-holds are attached with 
the other two clip-leads. (One goes to ground, the other to the end of a 
resistor that goes to pin 12.) 


Schematic 


[] = hand-hold b> = inverter (on chip) 


4h = capacitor 
“Arey = resistor 
@ = connection 





tp? 
Schematic most recently updated 5-17-2001 
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14 qf 12 | |11 | |10 i 4] 


4069 Hex Inverter 


+ 





Copper electrodes 


The above instructions are not the only way to do it. You can, for example, solder 
all the components directly to a 14-pin socket, like we do in our ready made 
version. This is a lot more trouble and more time-consuming for most people, which 
is why we recommend a breadboard. The resistors and capacitor don't all have to 
be the exact sizes mentioned here to make a working Zapper. However, any 
variation in capacitance or resistivity will change the frequency. (There are certain 
limits on how high of frequencies the chip can handle, so don't stray too far from 
the specified values.) If you have an oscilliscope, that's handy to check if it's 
working. 


Ready made Zappers 
| ll !i_"“*=E=E=Z —C ET 


Free plans from Zapperlab.com 
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Here we have the easy step-by-step instructions for building your very own Hulda 
Clark Zapper re printed with permission from her books (provided below). For 
advanced electricians there is a schematic for building a Hulda Clark Zapper as 
well. If you do not know anyone that could put one together for you, you can now 
order the zapper Hulda Clark uses as described in "The Cure For All Cancers" 
and "The Cure For All Diseases" at: www.SyncroZap.com. The Dr. Clark Zapper 
can be sold only as an experimental device, and no claim can be made by us legally 
as to a diagnosis, cure or treatment for any medical condition or disease. 


Build A Dr. Clark Zapper 


Wa 


Order A Dr. Clark Zapper 


Instructions for building your very own zapper can be found 
reprinted below from the books by Dr. Hulda Clark. If you would 
rather order a pre-built zapper, just click here. 
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How To Build A Zapper from The Cure For All Cancers: 
The Cure For All Cancers © Copyright 1993 by Hulda Regehr Clark, Ph.D., N.D. 


Get from Radio Shack, (serial number included to make it 
Order these sane on their web site at: 
www.RadioShack.com 

____ Black plastic Project Box Radio Shack # 270-1809 

___ 9 volt battery 

___ 9 volt battery clips: Radio Shack # 270-325 

____ On off switch: Radio Shack # 275-624A 

____ 1K Ohm resistor: RS# 271-1321 

____ 3.9K Ohm resistor: RS# 271-1123 

____ low current red LED: RS# 276-044 

____ .0047 uF capacitor: RS# 272-130 

____ .01 uF capacitor: RS# 272-1065 

____ 555 CMOS timer chip: RS# 276-1723 

____ 8 pin wire wrapping socket for CMOS chip: RS# 276-1988 

____ two packs of Microclip test jumpers: RS# 278-017 

____ one pack of 14" alligator clip leads RS# 278-1156C 


Get from any Hardware Store: 
2 Bolts 1/8" diameter, 2" long with 4 nuts and washers. 


2 pieces of 34" copper pipe, cut to 4 inches long each. 


Editor's Note: 


Remove 8 Pins’ 





The 8 pin wire-wrapping socket has been discontinued at many 
Radio Shacks and readers have asked what to do. Some say it is 
still available on their website at www.RadioShack.com, if not: 


There are a couple options. One can still get the 16 pin wire- 
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wrapping socket. Pull out the bottom grouping of 8 pins, and you 
now have an 8 pin socket. Just make sure when you plug the 555 
Timer into it, you line it up with the remaining 8 pins. Very 
simple. 


There is also a Low Profile 8 pin socket. The pins are so small 
one must solder to them. 


The wire-wrap socket has long pins for easy twisting onto other 
wires. The low profile is for those that solder electronics. 


If you are soldering your zapper together get the low profile 8 pin 
socket. Since the socket is just a saddle for the 555 Timer, it is 
not a vital part of the circuit. It's just a way to put long or short 
pins on the 555 Timer for easy twisting. If you cannot find one at 
your local Radio Shack, simply get the 16 pin wire-wrap socket, 
and pull out 8 pins. -editor. 


Assembling The Zapper 


If you have tools such as a drill, needle nose pliers, and small 
drill bits, buy one of the plastic project boxes on the list, 
otherwise build your zapper in a shoe box, or a box half the size 
of a shoe box. 


1. You will be using the lid of the shoe box or plastic lid of the 
project box to mount the components. Save the box to enclose 
the finished project. 


2. Pierce two holes near the ends of the lid. Enlarge the holes 
with a pen or pencil until the bolts would fit through. Mount the 
bolts on the outside about half way through the holes so there is 
a washer and nut holding it in place on both sides. Tighten. Label 
one hole "grounding bolt" on the inside and outside. 


3. Mount the 555 chip in the wire wrap socket. Find the "top 
end" of the chip by searching the outside surface carefully fora 
cookie-shaped bite or hole taken out of it. Align the chip with the 
socket and very gently squeeze the pins of the chip into the 
socket until they click in place. 


4. Make 8 pinholes to fit the wire wrap socket. Enlarge them 
Slightly with a sharp pencil. Mount it on the outside. Write in the 
numbers of the pins (connections) on both the outside and inside, 
starting with number one to the left of the "cookie bite" as seen 
from outside. After number 4, cross over to number 5 and 
continue. Number 8 will be across from number 1. The pins are 
numbered like this: 
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3 6 
4 5 


5. Pierce two holes 1% inch apart very near to pins 5,6,7, and 8. 
They should be less than 1/8 inch away. (Or, one end of each 
component can share a hole with the 555 chip.) Mount the .01 uF 
capacitor near pin 5 on the outside. On the inside connect pin 5 to 
one end of this capacitor by simply twisting them together. Loop 
the capacitor wire around the pin first; then twist with the long- 
nose pliers until you have made a tight connection. Bend the 
other wire from the capacitor flat against the inside of the shoe 
box lid. Label it .01 on the outside and inside. Mount the .0047 uF 
capacitor near pin 6. On the inside twist the capacitor wire around 
the pin. Flatten the wire from the other end and label it .0047. 
Mount the 3.9 K Ohm resistor near pin 7, connecting it on the 
inside to the pin. Flatten the wire on the other end and label it 
3.9. Mount the 1 K Ohm resistor and connect it similarly to pin 8 
and label it 1K. 


6. Pierce two holes ¥2 inch apart next to pin 3 (again, you can 
share the hole for pin 3 if you wish), in the direction of the bolt. 
Mount the other 1 K Ohm resistor and label inside and outside. 
Twist the connections together and flatten the remaining wire. 
This resistor protects the circuit if you should accidentally short 
the terminals. Mount the 3.9 K Ohm resistor downward. One end 
can go in the same hole as the 1K resistor near pin 3. Twist that 
end around pin 3 which already has the 1K resistor attached to it. 
Flatten the far end. Label. 


7. Next to the 3.9 K Ohm resistor pierce two holes % inch apart 
for the LED. Notice that the LED has a positive and a negative 
connection. The longer wire is the positive (anode). Mount the 
LED on the outside and bend back the wires, labeling them + and 
- on the inside. 


8. Near the top pierce a hole for the toggle switch. Enlarge it 
until the shaft fits through from the inside. Remove nut and 
washer from switch before mounting. You may need to trim away 
some paper with a serrated knife before replacing washer and nut 
on the outside. Tighten. 


9. Next to the switch pierce two holes for the wires from the 


battery holder and poke them through. Attach the battery and 
tape it to the outside. 


Now To Connect Everything 


Twist free ends of the two capacitors .01 and .0047 together. 
Connect to Grounding Bolt using an alligator clip. 


Bend pin 2 and pin 6 together inward, using an alligator clip, catch 
them and connect to free end of 3.9K Ohm (by pin 7). 
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Alligator clip Pin 7 to free end 1K Ohm (near pin 8) 


Using two microclips Pin 8 and pin 4 to one end of switch (use 
hole to attach both microclips). 


Free end of 1K Ohm (by pin 3) to the Bolt using an alligator clip. 


Alligator clip the free end of 3.9K Ohm (by pin 3) to plus end 
(long) of LED. 


Minus end (short) of LED to Grounding Bolt with an alligator clip. 
Alligator clip pin 1 to the Grounding Bolt. 

Alligator clip Black battery wire to Grounding Bolt. 

Micro clip the Red battery wire to free end of switch. 


Hook up the battery, and the light should turn on, click the switch 
if it does not, check connections if LED does not light up. 









Build A 
CLARK ZAPPER! 


Dr. Clark's NEW 
Breadboard Design 


. NO 
- SOLDERING! 


, Just Push 
into the Grid. 





Attach a long lead wire to the grounding bolt & bolt, and then to 
the copper handles. Wrap handles in paper towel, clip with lead 
wire, wet handle when you are ready to zap.) 


How To Zap 

Wrap handles in wet paper towel, or wet cotton sleeves, and hold 
in each hand. If you have wrist cuffs, run them under water to 
wet them, attach to each wrist. 

Attach handles or wrist cuffs to zapper. 

Turn zapper on, zapping for 7 minutes. 


At end of 7 minute zapping rest 20 minutes. 


Do this a minimum of three 7 minute zapping sessions, with a 20 


www. keelynet.convbiolog yzapper.htm 
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Zapper Schematics - KeelyNet 01/10/02 


minute break in between each session. Some people zap five 
times in extreme cases. 


Order A Dr. Hulda Clark Zapper - Click Here! 
Learn about Dr Clark's latest zapping technique at: www.PlateZapping.com 


All information is for educational purposes only. These statements have not been evaluated by 
the FDA. Not intended to diagnose, treat, prevent, mitigate or cure disease. 
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This Circuit designed by Geoff Clark and approved by Dr. Hulda 
Clark 


SOTA Instruments Inc. presents... 
"The Zapper” as per Dr. Hulda Clark, Ph.D., N.D. 
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TLCOS555 
or 
LMIC555 










“T2348 
6.2¥, Zener 












Copper Pipes 


CMOS Timer "Hand-Holds" 
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Transistors 












( 
1N4148> 
Diode 


Low Battery VVarning ~30kHZ Square-VWWave Output, Output LED 
<7.2 Volts DC 50% Duty Cycle, Positive Offset 


Certified and Approved by Dr. Clark's son Geoff Clark. 
Designed & Drawn by Russell J. Torlage, CTech, President, SOTA Instruments Inc. 
Model: ZHC3 Rev 4.0 


Revised: June 9g 1899 Al Resitors are 1/4, 5% Tol, 22, 1k resistor is 1% 








If you found this file useful or interesting, 

please consider a donation or a purchase to 
help keep KeelyNet online and providing | 
free information. Even a dollar will help. DONATE 
Others sell it, we prefer to share it, thanks! 
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100k ohm 1/2 watt Linear taper pot 
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STEREO PHONE JACK 






electrodes plug into jack 


you can buy this 
small bread board 
on ebay, or at 
radioshack. also 
buy a kit of wire 
spacers. Spacers 
are small colored 
length of pre cut 
pre stripped wire 
used for connect- 
ing componets on 
a bradboard. 
NOTE 
the colors of the 
resistors, and the 
look of other 
componets may 
vary with what is 
shown here. The 
values of the 
componets are 
imprtant. 


Our beloved Creator of our Universe 
Pic, 103 X EN ww.angels-light.c oe 





COMPONENT DESCRIPTIONS, SOURCES, AND CURRENT PRICES 
Revision November 24, 1996. Copyright (c) 1991/1999 Robert C. Beck, D.Sc. 


Note: These data are for theoretical, informational and instructional purposes only and are not to be construed as 
medical advice. Consult with your licensed medical practitioner. Hundreds have been built successfully if duplicated 
exactly as shown. 


Ensure the IC chip U 1! 
(LM358) is wired correctly. 
The location of Pin #1 is 
shown below: 






820 oben 1/4 watt 5% resistor 


Cer a Al 
Ay eens 
22 mF 35 V (or higher) electrolytic capacitor C2 | 
_ COLORS NOT 
7 = COLOR VALUES 
Jack for electrode leads (3.5mm or 1/8" mono-phone jack) nt jrsezrsasiasise | [O58 | 
Jack for sitver wire leads (2.5mm or 3/32" mono-phone jack) rssareascasise | || 
3 Alkaline 9 V batteries, 1604 etc. ouracene| ee ee ae 
= electrodes: 
3x 9V battery snaps (clip-on connectors} RS# 270-325 pkg. sista |'% 3/32 x 1 
stainless steel cotter 
a a ore eaesematee 
the curve. and wrap the 
Lead wire with 3.5 mm plug, 6 ft, Mouser or Calrad Electronics : headphone wires com- 


ming from the mono 
plug around the curve 


Electrodes. stretch elastic, Velcro, cotton flannel, alligator clips, etc. 


Total Cost for all components for improved do-it-yourself project ———— $22.47 of each half of the pin. 
then hou glue into 


All components listed above check your local electronics store. place. 
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Written by 
MARK HYMAN, MD 


Can Autism be Cured? 


TODAY MOST PEOPLE BELIEVE that Autism is a genetic brain disorder. I’m here to tell 
you that this isn’t true. The real reason we are seeing increasing rates of autism is simply 
this: Autism is a systemic body disorder that affects the brain. A toxic environment 
triggers certain genes in people susceptible to this condition. And research supports this 
position. 


Think about it. Rates of autism have skyrocketed over the years, from an estimated 1 
child in 3,000 to just 1 in 150 kids today. Sure, wider criteria for diagnosis and better 
detection might explain some of it but not an increase of this magnitude. 


Dramatic scientific discoveries have taken place during the last 10 to 20 years that reveal 
the true causes of autism, and turn conventional thinking on its head. For example, 
Martha Herbert, MD, a pediatric neurologist from Harvard Medical School has painted a 
picture of autism that shows how core abnormalities in body systems like immunity, gut 
function, and detoxification play a central role in causing the behavioral and mood 


symptoms of autism. 


Recently | treated a 2 /2 year old boy named Sam. He was born healthy but diagnosed 


with autism after his vaccination for measles, mumps and rubella at 22 months. 


We use cookies and similar technologies to run this website and help us 
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When | first saw him, this little boy was deep in the inner wordless world of autism. 
Watching him was like watching someone on a psychedelic drug trip. So we dug into his 
biochemistry and genetics and found many things to account for the problems he was 
having. 


He had very high level of antibodies to gluten. He was allergic not only to wheat, but to 
dairy, eggs, yeast, and soy — about 28 foods in total. He also had a leaky gut, and his 
gut was very inflamed. Sam was deficient in zinc, magnesium, and manganese, vitamins 
A, B12, and D, and omega-3 fats. Like many children with autism, he had trouble making 
energy in his cells, or mitochondria. 


His amino acids — necessary for normal brain function and detoxification — were 
depleted. And his blood showed high levels of aluminum and lead, while his hair showed 
very high levels of antimony and arsenic, signs of a very toxic little boy. His levels of 
sulfur and glutathione were low, indicating that he just couldn’t muster the power to 
detox all these metals. In fact, his genes showed a major weak spot in glutathione 
metabolism, which is the body’s main antioxidant and major detoxification highway for 
getting rid of metals and pesticides. 


Sam also had trouble with a key biochemical function called methylation that is required 
to make normal neurotransmitters and brain chemicals and is critical for helping the 
body get rid of toxins. This showed up as low levels of homocysteine (signs of problems 
with folate metabolism) and high methylmalonic acid (signs of problems with B12 
metabolism). He also had two genes that set him up for more problems with this system. 


Finally, he also had very high levels of oxidative stress or free radical activity, including 
markers that told me that his brain was inflamed and under free-radical fire. 


This may all seem complicated, but it really isn’t. When | see any patient, | simply work 
through the 7 Keys to UltraWellness (based on functional medicine) to see how 
everything is connected, create a plan to get to the causes of the problems, and then 
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To create a roadmap for recovery you just take away what’s bothering the patient and 
give his body what it is missing and needs to thrive (based on the individual’s 


biochemical uniqueness). Then the body does the rest. Here is the roadmap | used to 
help Sam recover. 


Step 1: Fix His Gut and Cool the Inflammation There 
This step included a number of different tactics including: 


e Taking away gluten and other food allergens 

e Getting rid of his yeast with anti-fungals 

e Killing off the toxic bacteria in his small intestine with special antibiotics 
e Replenishing healthy bacteria with probiotics 


e Helping him digest his food with enzymes 


Step 2: Replace the Missing Nutrients to Help His Genes Work Better 


In Sam’s case we: 


e Added back zinc, magnesium, folate, and vitamins A, B6, B12, and D 


e Supported his brain with omega-3 fats 


Step 3: Detoxify and Reduce Oxidative Stress 


e Once his biochemistry and nutrition was tuned up, we helped him detoxify and 
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As | said before, the keys of UltraWellness can help, no matter what the disease or 
condition. Biology has basic laws, which we have to follow and understand. All the 
details of Sam’s story fit into these laws. We just have to dig deep, peel back the layers, 
and understand what is going on. When we do this the results are nothing short of 


miraculous... 

After following a gluten-free diet and treating his gut for 3 weeks, Sam showed dramatic 
and remarkable improvement. He was getting back much of his language skills and 
showing much more connection and relatedness in his interactions. 


After 4 months, he was more focused, unstuck and verbal. 


After 10 months, his bowels were back to normal, he was verbally fluent, mainstreamed 
in school and he “lost” his diagnosis of autism. 


After 2 years all his abnormal tests were normal including the high metals, gut 
inflammation and damage to his mitochondria and free radicals. 


And more importantly, the child was totally normal. Not every child has such a dramatic 
recovery but many improve, and some improve dramatically using the approach of 


functional or systems medicine. 


This is just the beginning. Read the full article on Why Current Thinking About Autism Is 
Completely Wrong. 


To your good health, 


Mark Hyman, MD 
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~ 


Mark Hyman MD is the Director of Cleveland Clinic’s 
Center for Functional Medicine, the Founder of The 
UltraWellness Center, and a ten-time #1 New York Times 
Bestselling author. 


If you are looking for personalized medical support, we 
highly recommend contacting Dr. Hyman’s UltraWellness 
Center in Lenox, Massachusetts today. 
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Eat Fat, Get Thin 
10-Day Detox Diet 
Blood Sugar Solution 


Testimonials 
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Foreword 


AS not the one described by Kanner in 1943, but the one that we see 
today diagnosed in | of 50 kids is a combination of immune disorders 
that need to be treated biomedically. There is a lot that we still need to 
understand about why and how these immune dysfunctions affect our kids’ 
development, causing near complete impairment of their social interaction 
and communication. 


There is a long, hard road ahead to fully comprehend the integrated 
system that comprises “autism,” but our kids cannot wait. It takes more 
than just medical, professional, or even scientific interests working hard 
day and night to find a suitable and effective solution to help our kids. 
It takes drive, passion, and guts to do the right thing; to hear and read the 
overwhelming stories of parents from all over the world and not turn our 
backs, but help. It takes an eternal and extreme will to help, even when your 
own child is on the spectrum. 


Kerri’s protocols have been indispensible to the full recovery of many of 
the kids in our Curando el Autismo (CEA) Foundation. These protocols 
represent a readily available and effective solution to alleviate most of the 
pathogenic insults to the immune system. Years from now, when “autism” 
diagnoses do not exist, when we find ourselves fully knowledgeable about the 
now mysterious immune-brain-behavior connection, | will remember Kerri 
not only as a friend but as one of the first courageous leaders that dared to 
change the path for our ill kids. She goes against all odds, sharing knowledge, 
experience and simply making it happen. 


~ Lorna B. Ortiz, PhD. 
President of Curando el Autismo, CEA 


“Based on parent reports, the prevalence of 
diagnosed ASD in 2011-2012 was estimated to 
be 2.00% for children aged 6-17. This prevalence 
estimate (1 in 50) is significantly higher than the 
estimate (1.16%, or 1 in 86) for children in that age 
group in 2007.” 
Seay Hien nt a 


Number 65, Pg. 2 - March 20, 2013 
www.cdc.gov/nchs/data/nhsr/nhsr065.pdf 


Preface 
by Kimberly McDaniel 


Darkness cannot drive out darkness; only light can do that. 
Hate cannot drive out hate; only love can do that. 
~ Martin Luther King, Jr. 


Welcome to the Second Edition of Healing the Symptoms Known as Autism! 
We are absolutely thrilled to share with you the latest protocol updates and 


everything else that has happened since May, 2013. 


You may be thinking: Why a second edition so soon? Our first edition gave 
us the structure to explain the protocol, and a foundation to build on. This 
book has already helped many families around the world, and in fact some 
parents read it and recovered their children without even contacting us until 
afterwards! Keep in mind that when it was released in May, 2013 it was 
absolutely up to the minute, but as we mentioned, this protocol will continue 
to evolve until we have something that is consistently recovering people on 
the spectrum of all ages. As of January 2014, we again are sharing the latest 
updates, as well as a whole lot more information that we hope will be as 


interesting and beneficial to you as it was to us. 
Here are some of the exciting new additions: 


¢ Olive Kaiser of www.GlutenSyndrome.net has written a section on 
gluten and its role in molecular mimicry and autoimmunity. Since 
many of you are not new to the autism community, a gluten free diet 
for your children is nothing new. However, you may be interested 
to find out just how damaging gluten can be for folks who are off the 


spectrum as well. 


e Scott McRae has contributed a chapter on CDH (Chlorine Dioxide 
Holding [Solution]). A new method of preparing chlorine dioxide 
that many families are now using with success. This gives us an even 
wider variety of preparations available to accommodate the needs 


of our families. 


The Kalcker Parasite Protocol chapter now has some beautiful 
charts that spell out the timing of all the components for the 18 
days a month that a child will be on the parasite protocol. Thanks to 
Dan Bender, a lot of the confusion surrounding how to make it all fit 
will be cleared up. You will also find years of lunar calendars to make 
it easy to see when the protocol is active. You won't have to check 
Google again to see when the full or new moon is coming. 


The “Worm Whisperer” Robin Goffe shares with us part of her 
journey towards healing for her 19-year-old son. Her advice is for 
the Extreme Cases—Self Injurious behavior, aggression, violence, 
etc. If you are the parent of an older child on the spectrum, or a 
child who displays these behaviors, or you know someone who is 
living with a child like this, you owe it to yourself to read Robin’s 
suggestions. They are full of hope and wisdom. 


The one and only Marco Ruggiero, lead researcher on GcMAF, (Gc 
Macrophage Activating Factor—an immune system supplement) has 
written an entire chapter on GcMAF and its applications for autism. 
A must read. 


Last but not least, a whole new crop of testimonials that will make 
you cry. If after reading this book you still have doubts about 
giving this protocol a chance, | highly recommend you revisit these 
testimonials. If | had to pick one part of the book that was absolute 
favorite, this would be it. It may be because | collect a lot of them, 
and usually have a little correspondence with the families to get their 
permission, and genuinely get to feel their excitement, their sense 
of accomplishment when they see their child start to heal, and not 
to mention their endless gratitude for being able heal their own 
children. 


| pray that all of these testimonials find their way to the people 
who need them and as a result children stop suffering because their 
parents see them reflected in those words and understand that if 
other children can heal, their children can as well. 


To me, there is nothing more real than hearing from someone that 
has walked a mile in your shoes. There is nothing more inspiring that 
to hear someone say, “I know it’s possible, because | did it, | lived it, 
and | am here to tell you about it.” 
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The families that courageously walked this path and then took the 
time to share their stories are pioneers and heroes to their own 
families and to our entire community and beyond. They are blazing 
a trail for others to follow and countless lives will benefit from their 
diligence, fortitude and dedication. The stories of healing come from 
all over the world... from children and adults of all ages. We hope 
that they move you as much as they moved us. We are eternally 
grateful for the service these families have provided to humanity and 
thankful that they were generous enough to take the time out of 
their lives to pay it forward and share. 


* The book now as an extensive index making it much easier to use 
as a reference. 


As of this printing, families are healing their children with autism using this 
protocol in over 58 countries! Our Facebook groups have over 3,500 
members in many of these countries. CD officially knows no borders. It is 
absolutely thrilling to us that people are coming together with the common 
goal of healing their children themselves, and to help others do the same! It 
fills our hearts with joy to be a part of this and to be able to see and feel the 
love that is shared every single day. 


The development of this protocol has been a growing grass roots effort, in 
sharp contrast to how modern medicine usually works. The reason for this 
is clear: Modern medicine has not really helped to heal autism and may very 
well be part of its cause. While we don’t have any double blind studies to rest 
on, we do have a slew of anecdotal evidence, which may not mean much to 
those in the arena of modern medicine or modern science, that doesn’t make 
it any less real. Time and time again, our results—children dropping ATEC 
points—are being duplicated by families all over the world. For a family who 
is using this protocol, there is absolutely nothing more real than watching 
their child come back to them. Ask any autism parent what they would rather 
have... a long-term double-blind study published in a peer reviewed journal... 
or a healthy child. My money’s on the latter. 


As exciting as it is to be a part of this, and as wonderful as it is to hear about 
gains and read uplifting testimonials, we know there are still families working 
to heal children that are very sick, and our groups share the highs as well as 
the lows. Kerri will tell you that some months are better than others and the 
gains ebb and flow. | urge you to read and reread the testimonials. These are 
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real stories of real healing and if you haven’t already | invite you to believe that 
your child can be one of the success stories in those testimonial pages. 


All of our families are proving what many were told was impossible: Children 
with the symptoms known as autism can heal! This grass roots movement 
is creating a paradigm shift in the way the world views healing from autism. 
The second edition of this book will be translated into at least 13 languages 
including Spanish, Portuguese, French, Flemish, German, Czech, Norwegian, 
Arabic, Polish, Italian, Hungarian, Bulgarian and Serbian. This is exciting. This is 
real. And, this is a living protocol. Every family that uses it every single day is 
helping to shape the future and heal the children who are affected today, and 
quite possibly prevent children from becoming affected tomorrow. For this 
we are eternally grateful. 


Here’s to you and the continued healing of humanity, 


ew. 


Terminology & Units of Measure 


Throughout this book we talk about “CD,” which is an abbreviation for chlorine 
dioxide, a well-established oxidizer. Chlorine dioxide is also often referred to 
as MMS, which is the common name given to it by Jim Humble, the man who 
discovered various applications of chlorine dioxide. There are many books, 
videos, blogs and articles using the name,“MMS,” which is surrounded by a fair 
amount of controversy. We choose to not get tangled into that debate since 
our focus is on helping our children recover from autism. For us, our only 
concern is that (1) it is safe for our children, and (2) that it works. Based on 
extensive use of CD on thousands of children with autism, we can confidently 
say that both those statements are true. If this were not so, this book would 
not exist. 


Units of Measure 


Throughout this book we talk about various measured treatment components 
and containers using fluid volumes and weights. Since this book primarily 
addresses a US audience, we sometimes talk about measures in the US system 
of pounds and fluid ounces; while also using the internationally recognized 
metric system, which is frankly... easier to use. 


The common abbreviations of measure you will see throughout this book 
include: 


liter (volume) 

mg = _ milligram (weight) 
ml = milliliter (volume) 
Ib = pound (weight) 

Ibs = pounds (weight) 


ppm =_ parts per million (concentration) 
fl.oz. = fluid ounce (volume) 
net. wt.oz. = net weight ounce (weight) 


For easily measuring small amounts, syringes (without needles) are a great tool. 
Don’t bother going to a chain store pharmacy... they won’t sell them to you 
without a prescription. Instead, check your local medical supply store, animal 
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supply store, private pharmacy or protocolsupplies.com. Cost: Surprisingly 
dirt cheap. The complete set of five below cost about $1.00 in Mexico—less 
than most candy bars—and not much more in the US. Note: Some brands of 
syringes have printed on scales that easily rub off, especially if your hands are 
a little oily. To prevent from losing the markings, cover the scale with some 
clear tape or clear nail polish. 





When it comes to accurately measuring larger volumes, you can buy a set of 7 
Polypropylene Graduated Cylinders. Of course this is not a requirement. You 
can use common kitchen measuring utensils, but these are more accurate and 
easier to read. If you decide to get them, avoid those with printed on lettering 
(it rubs off). Raised lettering is best, although sometimes a bit difficult to read. 
Typical cost on ebay™ or Amazon® for a set is around $25USD. The sizes 
range from 10ml to 1000ml. You can also buy individual cylinder sizes made 
of plastic or glass. 
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Introduction 


Autism is Avoidable, 
Treatable and Curable 


Your body’s ability to heal is greater 
than anyone has permitted you to believe. 
~ Anonymous 


CC on finding this book, and welcome to the world of autism 
recovery. This book comes to life as more and more children with an 
autism diagnosis respond and recover in more than 58 countries around the 
globe. This book gives families a do-it-yourself guide to an Autism Spectrum 
Disorder (ASD) recovery program with answers all in one place. 


| have, on my ASD recovery journey with my son Patrick, personally been 
frustrated with the lack of information and answers leading to lost time and 
money. For example, when | first knew that Patrick was no longer developing 
“normally” (in 2003), | was unable to get a diagnosis. Seven years, dozens of 
interventions and hundreds of thousands of dollars later | was still searching 
for pieces to Patrick’s autism puzzle. 


| learned over the years of many people recovering their children using 
various protocols and interventions, and | looked into all of them. Some gave 
us improvements but not recovery (most specifically for Patrick, diet). Some 
gave us nothing. 


My goal with this book is to alleviate that frustration and loss of time and 
money for other parents. 


| became interested in chlorine dioxide (CD) in 2010 but | was unable to find 
any information about using it with autism on the Internet. Since | knew that 
almost every child with autism suffers from similar pathogens (viruses, bacteria, 
candida, and parasites), heavy metal toxicity, inflammation and allergies | 
researched those conditions in combination with chlorine dioxide—removing 
“autism” from my vocabulary. 


| realized with further research that CD would be excellent for curing the 
symptoms collectively known as autism. When Patrick was first diagnosed in 


2004, his Autism Treatment Evaluation Checklist (ATEC) score was 147 and after 
six years of biomed he was at a 63. (The diets made the biggest difference in 
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those initial dropped ATEC points). 2'2 years of CD later he is at a 21. CD 


has made all the difference in his life, in my life, and in so many lives around 
the world. 


| brought CD to my Defeat Autism Now! style Clinic in Puerto Vallarta in 2010. 
Today more than 115 children globally have lost their diagnosis of autism 
(meaning an ATEC score of under 10 points). Additionally, thousands of 
children around the globe have dropped points on their ATEC and are moving 
towards recovery. 27 children in less than 1 year in Venezuela alone lost their 
diagnosis of autism with a combination of diet, CD, and ocean water to the 
surprise of the doctors who diagnosed them in the first place. Many of those 
same doctors are now looking at CD for other patients. 


It is my dream that every family of a child with autism be given this information 
so that they can decide for themselves whether they want to give it a try. 


This book is a protocol for all of us. Some of you may be completely new 
to autism recovery; some of you may be a veteran like me and/or parents of 
older children and adults on the spectrum. This protocol works for even the 
classic “non-responders” and for those who are so close to recovery yet can’t 
seem to get through the door. This book is for you. CD helps the body heal 
the symptoms we call “autism” across the board—it is an equal opportunity 
healer. 


| know from experience that an autism diagnosis is devastating on many 
levels. The initial regression of a neurotypically developing baby takes away 
eye contact, speech, and the emotional connection between parent and 
child. Then, when strange new behaviors such as flapping, squealing, rocking, 
spinning or even self-injurious behaviors appear, you know in your deepest 
mommy (or daddy)-gut that your child was not born like this. It seems to take 
forever to get the truth about what happened to your happy, healthy baby. It 
takes even longer and is more confusing when you have to figure out how to 
heal that sick child. Far too many “health” providers in the autism field are 
focused on making money so we can’t blindly trust anyone. We must do our 
own homework. The journey itself is a lot of trial and error coupled with 
misinformation. 


Many supposed “autism experts” don’t know much about recovery, or the 
effective order of treatments and end up costing our children time and the 


parents money. The less time a child spends chronically ill, the easier and 
faster it is to recover them. Not to mention the child spends less of their 
lifetime suffering the physical, emotional and mental effects of autism. 


| feel that all parents who begin this protocol should expecta full recovery from 
autism because this protocol treats what causes this diagnosis. Our research 
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indicates that every person with a diagnosis of regressive autism has virus, 
bacteria, candida, parasites, heavy metals (biofilm), inflammation and allergies. 
This protocol handles every one of these issues, and that’s why it has been so 
successful. Some recover faster than others. But, every day we are one step 
closer to the end of autism. 


How do you know if the protocol is working and how long does it 
take to see results? 


The Autism Treatment Evaluation Checklist (ATEC) is our measure. The 
ATEC is an online survey that evaluates the severity of a child on the spectrum. 
For more information see Appendix 4, page 447. Many families notice changes 
from day one, while others take longer. You will get results when you correctly 
apply the interventions in this book in the proper order and without breaks. 


What are the results you can expect from the protocols in this book? 


| would love to say that everyone who follows the protocol will get their child 
down to an ATEC of 10 or less—what we call a recovery—and we have 115 
of those already. The majority of those I’m in contact with report substantially 
significant improvements, even if they have not reached recovery. In the case 
of my son Patrick, he started at 147 in 2004 and has come down to 26. I’m 
optimistic as | continue to search for further answers, and will continue to 
share what | find. 


If you are not getting results and have gone through this book including the 
Frequently Asked Questions (FAQs) and troubleshooting, please contact me 
through the forum at... 


www.cdautism.org 


...there are always tweaks we can make to keep moving towards recovery. 


| recommend you read this book straight through in the order that it is 
written as that is the order in which it is to be applied. Jumping around the 
interventions can lose time for your child and waste money for you. Doing 
interventions in the correct order, when your child is ready for them, is the 
best to way to achieve recovery. Diligence and perseverance win the race 
every time. 


My mission is to share with whoever is interested, the blessings that | have 
received. If the information presented here feels right and resonates with you, 
then please, give it a try. It might just be what your child needs. 
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This book in a nutshell: 


If you want the best chance at recovery, here’s the overview of how to do it: 


1. The Diet: Eliminating gluten, dairy, soy, sugar, and toxins, to stop 
inflammation and reduce the overall toxic burden. 


2. The CD Protocol to kill pathogens while using a multimineral like ocean 
water. 


3. The Kalcker Parasite Protocol. 


4. Explore and implement other potentially synergistic supplements to aid 
in speech facilitation, neurotypical behavior and/or seizure reduction. 


5. Consider gentle chelators. 


6. After 3 parasite protocols and consideration of all above steps, find a 
hyperbaric chamber (1.75ata). 


7. Consider adding in GcMAF. 


It is important to consider all of the pieces of information in Chapter 14, 
Miscellaneous Information You Should Know (page 323) and apply them from the 
beginning when they make sense for your child. You also may find the Summary 
of Protocols in Appendix 12 a good resource when you do not have time to 
reread a chapter to find something specific. 


On the right is what we call the Stairway to Recovery. Joy Whitcomb, one of 
our amazing moms, came up with this so you can see just how each step rests 
on the previous steps, and without them you would not reach the top step... 
RECOVERY! 


Author’s Note: It is never my intention to “change someone’s personality” 
or take away their character by healing autism. | see it quite the opposite. 
When children start to recover, their personality starts to shine through. The 
behaviors that we saw before (spinning, flapping, squealing, smearing feces, 
auto aggression, lining things up, tantrumming, etc.) are not personality traits 
but symptoms of a sick body. These symptoms start to disappear once the 
body begins to heal and our children can express who they really are through 
smiles, eye contact, words, gestures, etc. They can show us what they need 
and want and play an active role in their own lives. It is my dream that 
every child has the opportunity to mature and choose the life they want for 
themselves, and be responsible for making their own decisions. | truly believe 
this is possible for all of our children and adults on the spectrum, and | want 
families to have the opportunity to offer healing to their children. 
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Throughout this book we have used the pronoun “he” when referring 
in general to “a child on the spectrum.” This is not to alienate families 
with girls or women on the spectrum. It is simply a question of fluidity. 
To use he/she or his/hers every time we chose to use a pronoun seemed 
cumbersome, so therefore we are using “he” or “his” throughout the book. 
We chose “he” rather than “she” because autism is five times more common 
among boys than among girls. As of March 2013 the CDC revealed the results 
of a new study conducted during 2011 and 2012 which surveyed 95,000 
families and estimated the prevalence of autism at | in 50 children. 


The acronym DAN! is no longer applicable to Defeat Autism Now!, as it 
belongs to Divers Alert Network. The acronym has been used in several places 
in this book as several of the personal anecdotes are from a time when its 
use was still appropriate. Today, a “DAN! Doctor” could be defined as a 
practitioner who received training through the network formerly known as 
Defeat Autism Now!. 









Stairway to »—a_— > Recovery 


Step 7: GcMAF 


Step 6: HBOT (1.75ATA) 





Step 5: Gentle Chelators such as 
BioChelate and Bentonite clay. 


Step 4: Add possible supplements for 
speech, seizures, etc. 


Step 3: Kalcker Parasite Protocol (12-18 months) 


Step 2: Chlorine Dioxide (CD) Protocol. Implemented 
gradually until full dose is reached. Administered orally, 
through enemas and baths. 


Step 1: The Diet. GFCFSF+ Remove certain fruits; Evaluate & 
remove certain supplements, especially those that interfere with 
Chlorine Dioxide. 


Concept by Joy Whitcomb. 


Everything yields to diligence. 


~ Antiphanes 
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IMPORTANT NOTICE 


Please keep in mind that the protocols in this book are 
still evolving, and will continue to be improved as new 
discoveries are made. We will release new editions to 
incorporate those new discoveries. The topics of CDS 
& CDH are particularly new and rapidly evolving. This 
book is current as of January 2014. Please be sure to 
check this book’s website for important corrections 
and updated information beyond this and subsequent 
editions: 


Healing TheSymptomsKnownAsAutism.com 


Chapter 1 


Kerri’s Story 


“The impossible is now declared possible as soon as you agree to it. 
It’s just a flip of the mind, letting go really, nothing more.” 
~ Stuart Wilde 


¢¢ hat happened, what did you do to Patrick?” That was the first thing 

my husband asked me when he first saw our son, after returning 
from a weeklong trip. This was just five days after our youngest son Patrick 
received his last vaccine—the DPT (diphtheria-pertussis-tetanus) + Hepatitis 
B + Influenza B (what is known in Mexico as the Pentavalente) on the 13th of 
August 2002 at two years and one day old. 


That question was the first of many to propel us down our path paved with 
autism. | told Memo (my husband) that we shouldn’t worry. The nurse 
mentioned that we could expect a fever, or he could be listless. These were 
completely normal reactions. Contrary to what she said, what we observed 
during those first days and weeks were loss of eye contact, flapping, toe 
walking, high-pitched marine noises along with excessive drooling—drooling 
that would soak the front of his clothing. 


Patrick had also lost all of the speech he had acquired; Mama, Pa, agua (water in 
Spanish), letters of the alphabet, numbers... all of it. The only thing he wanted 
to do was watch videos while running back and forth in his bedroom squealing 
the “ambulance sound,” flapping and banging his gut, and drooling through all 
his clothes. 


Not being well versed at the time in these problematic symptoms, we chalked 
it up to a case of the terrible twos. But these particular terrible twos led 
to loss of sleep for Patrick as well as the rest of the family, antibiotic use for 
green nose and eye mucous, and raging diarrhea that was so acidic it would 
burn his skin upon contact. This would be the story for the rest of the third 
year of his life. 


The first of many to associate Patrick’s behavior with autism would be my 
great aunt. She mentioned to me that she believed Patrick had autism after 
observing him at a family get together in April of 2003 while we were visiting 
relatives in Chicago. It was the most ridiculous thing | had ever heard. 
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Nevertheless, | went home that evening and immediately Googled the 
symptoms of autism. Laid out on the website were symptoms like spinning 
objects, lining up objects, self-injurious behavior, lack of socialization, and 
several other factors that | felt in no way described my son. | dismissed the 
comment, and continued to watch my son display strange behaviors, without 
understanding why. 


| was back in Chicago a few months later in July. While going out for a run, | 
saw a girlfriend of mine who has a child the same age as Patrick. We stopped 
to chat and she asked me how he was doing. | said, “fine.” She asked me if he 
was talking yet. | told her he had developed language, but since March he had 
lost all the vocabulary that he had previously acquired. My girlfriend looked at 
me and said “Oh...” with a look of concern on her face. | asked her, “What’s 
wrong? What does that mean?” Now | was extremely nervous. “Well,” she 
said reluctantly, “loss of language is a red flag for autism.” There was that 
word again. | told her that we had already gone through all that, because by 
then | had taken Patrick to a neuro-pediatrician in Guadalajara, a psychologist 
with a huge center in Guadalajara, and a local psychologist in Puerto Vallarta. 
All three of these experts had told me that he was fine; they didn’t see any 
problems with his development. 


| started on my jog, and about halfway through, it hit me that Patrick did have 
autism, so | sprinted home, sat down at the computer and went to the Autism 
Society of America’s website and found a checklist of 16 symptoms of autism. 
The directions said if your child had 12 or more than most likely he has 
autism, Patrick had exactly 12. Looking back, he most likely had 14 or more, 
but | wasn’t ready to see those just yet. 


That same day | called his pediatrician in Puerto Vallarta and | told her | thought 
my son had autism, and she told me, “No, | have never seen anything like that 
in your son, but bring him and | will take another look.’ When we went in she 
observed him. She said that he didn’t line things up, he didn’t hit his head, he 
would still come to me, he was ‘playing’ with some toys in the waiting room, 
so therefore my son didn’t have autism. 


The pediatrician told me to go home that day to wait for him to straighten 
out. All the experts told me he was the way he was because he was the 
baby of a bilingual family that—according to them—traditionally produces 
late talkers; his parents and brother were all late talkers. He was spoiled. He 
had a nanny. And, he’s a boy—boys are late talkers, etc., etc. The pediatrician 
successfully talked me out of the diagnosis once again. 


Kerri’s Story 3 


As nothing was wrong, that fall we put Patrick into a kindergarten. His teacher 
would tell me Patrick isn’t doing this activity or that, and | replied that we had 
taken him to see all the specialists,and he was just a late talker. She was super 
sweet about it and every few months she would make a comment to me 
because she saw him drastically different from his classmates. 


Then one day it happened, | got a call from the director of the school saying 
that her friend, a neuropsychologist was in town from the United States, 
and she would like her to see my kids. At 6pm on March 12, 2004 | had 
an appointment with this neuropsychologist. | had already figured that this 
woman wanted to see Alex, my older son because he hadn’t been doing well at 
school. He hadn’t been sleeping well since Patrick hadn’t been sleeping, which 
led to some poor performance in school. | had already gotten the news that 
Patrick was fine, so when she started focusing on him and his behaviors | was 
slightly confused. We sat down in his classroom, and she started asking me if 
he always... runs in circles, flaps, drools excessively, squeals like a dolphin, etc., 
(we actually used to joke that his mother must have been a dolphin). After 
that, | told her how we had already gone to all of these specialists and they 
said he was fine. 


| was tired of getting the run around, and then everybody asking me what was 
wrong with my kid when he was just taking some extra time getting going. 
That’s when she said to me, “I can’t believe they didn’t tell you your son has 
autism.” 


These words changed my life forever. Of course | asked her if she could 
be wrong, and she said, sure there exists a possibility, but she had done her 
post grad in autism, had seen hundreds of cases and this diagnosis was her 
professional opinion. That opened the floodgates for a river of tears that 
didn’t end for years to come. 


Being a positive person, | asked her what | should do. She said, “I would like 
to introduce you to a group of psychologists that are in town.” The next day 
| went with her to a hopeless place, with hopeless people and | asked her if 
this is something that we can cure, and she said, ““No, you can do therapy with 
these psychologists, and that’s it.” Children are born with autism and they will 
die with it, was the basic sentiment. | knew for sure that my son was NOT 
born with autism. He was the smartest, bright-eyed baby ever, and we had the 
photos and the videos to prove it. He was not born the ghost of a child that 
we had now. | knew that | would keep searching until | found something else 
for Patrick. | became proactive and never returned to that place. 
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The very next day | saw another girlfriend and she mentioned that she had 
a book on ADD and autism, so | immediately picked up the book and it was 
all about diet. Gluten-free, casein-free to be specific, and | decided to start it 
right away. Truth be told, Patrick’s diet was horrible, he had self-restricted to 
only dairy and wheat. Bread products and cheese were his staple foods, but 
the good news was he still ate potatoes. Even as an autism novice, | knew 
| couldn’t take him to a fast food chain because those fries were coated in 
gluten. We started off with just homemade fries with sea salt, because that 
was the only thing left on his diet that he would eat. After three days of being 
on the diet he said three words, the first three words he had said in over a 
year. | knew we were onto something. 


The next week | ran into a friend from tennis, | really didn’t want to say hi, 
because | was really depressed, but | heard a voice saying to me “It’s not about 
the road but about smelling the flowers along the way.” So,| forced a smile on 
my face, and went to say hi to her in my great depression. Well, she started 
to complain about her week, so | listened patiently, and then | told her about 
my week; Thursday my identity was stolen on the Internet, Friday my son was 
diagnosed with autism, and Saturday my dog of 14 years had to be put to sleep. 


When she heard all this she turned off her car and told me how sorry she 
was. She said that she would put me in touch with her friend that had opened 
the Early Autism Center in Toronto, Canada. When | woke up the very next 
morning, | had a long email from Norah Whitney waiting in my inbox. She 
would turn out to be the first of many autism angels in my life. 


| received a lot of precious information from that email, but what was maybe 
the most important detail for me was that what had happened to my son 
was an effect of all the vaccines he had received, he wasn’t born with autism, 
as | knew. | also hadn’t caused this, and | needed to start letting go of some 
of my guilt. Norah also told me that we can treat autism and | needed to 
immediately contact a DAN! Doctor, and Dr. Bobby Newman, Board Certified 
Behavior Analyst and Licensed Psychologist. Norah said that they were the 
best, and that this group of DAN! Doctors were curing autism. 


| got in touch with everybody and that same month we started our own 
Applied Behavior Analysis (ABA) program. | also took Patrick to the States to 
see his first DAN! Doctor. When | got back home from that trip | had bought 
nearly $5,000 (US) of supplements and injectables. That didn’t mean | knew 
how to use them, and by no means was | watching my son improving before 
my eyes. This was June of 2004, and we went through the rest of that summer 
with some supplements, other biomedical interventions, and 40 hours a week 
of ABA therapy. 
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That fall, some friends mentioned to me that their father was receiving 
chelation in San Diego, and | had just heard someone else saying that chelation 
was working for kids with autism, due to their extreme metal toxicity. By the 
end of the evening | had the phone number for the clinic that was providing 
his chelation. When | called for information, they told me that they referred 
all of the children’s chelations to Dr. Woeller in Temecula California, so | 
made Patrick an appointment. In March of 2005, | took the whole family to 
Temecula to see Dr.Woeller, because basically nothing was happening with the 
supplements | had been giving to Patrick. | knew | needed to keep exploring 
other avenues. 


Several thousand miles and various tantrums later, we arrived at Dr.Woeller’s 
office. | told the receptionist that we had come to see Dr. Woeller. To my 
chagrin she said, “No, you have an appointment with some other doctor, Dr. 
Woeller isn’t even in town right now.” My husband was sure | had messed up 
the appointment and was extremely upset with me. Meanwhile, Patrick was 
screaming, crying and taking his clothes off in the waiting room. They finally let 
us through to speak with the other doctor and after going through Patrick’s 
autism we explained that we wanted to chelate. We had the understanding 
at that point that his autism was coming from the mercury in the vaccines. 
She told us point blank that we couldn’t do everything at once, and before we 
could chelate we would have to clean up his gut. | flew home with my family 
totally deflated. We started on the impossible journey of cleaning the gut. 


My first ever autism conference turned out to be AutismOne in late May of 
2005. | met a lady who was a rescue angel for Generation Rescue, and | told her 
| wanted to chelate my son with those DMPS drops, which were fashionable 
at the time. She told me that when it came to my son’s recovery | shouldn’t 
take no for an answer. | had to advocate for my son, and not let myself get 
pushed around. With that wisdom, | called Dr. Woeller’s office again and told 
them | wanted my appointment with Dr. Woeller himself, and | would not be 
given the run around. The manager listened to me and said that she would 
put me through to him. After a long c’onversation, Dr.Woeller agreed to take 
Patrick’s case and that he would help me chelate my son. He agreed with me 
that it was silly to think that we could have the gut completely under control 
before beginning chelation. Eventually | got the DMPS drops for Patrick that 
| had so coveted, and | felt we were back on track. However, after about six 
months of using the drops we still saw no change. 


Flashback to that same AutismOne conference, where | had attended a lecture 
about the Specific Carbohydrate Diet and the removal of all grains from the 
diet—a diet that helped Patrick inch forward minimal improvement by 
minimal improvement. 
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In November of 2005, | had a phone consult with Dr Woeller, and having 
been disappointed with the transdermal DMPS | decided to ask if there was 
anything new in the world of autism. The answer that would end up changing 
all of our lives was hyperbarics or HBOT (hyperbaric oxygen therapy). 


| learned that there was a really nice man by the name of Bob Sands in San 
Diego who owned a corporation that manufactured hospital grade hyperbaric 
chambers. | phoned Bob’s office because Patrick was going to need 40 sessions 
right away,and | wanted to check prices and see if there was a package discount 
for hyperbarics. The answer was yes, in fact there was a discount. | scheduled 
Patrick’s HBOT, and took both of my kids to San Diego, where we stayed for 
20 really long days to get Patrick his first 40 sessions of hyperbarics—two a 
day—everyday, morning and night. 


During that time, my husband and mom would call and ask me if Patrick 
was better, but he was still naked in front of the TV, jumping up and down, 
flapping and squealing. It wasn’t until we got back home that he began to 
pronounce the first syllables of all of the words for things he wanted, like 
“ap” for apple. We considered hyperbarics a great success, but like | said that 
wasn’t until a couple of weeks after we finished the 40 sessions. That’s when 
we really began to see the changes in Patrick. Bob always says that HBOT is 
the gift that keeps on giving; you can see benefits for up to two months after 
you finish your sessions. 


Meanwhile, Bob and | hit it off right away. He had a real jovial and family- 
oriented atmosphere in the clinic. | told him my story and how | wanted to 
help people know that autism is avoidable, treatable and curable. | shared with 
him that there was no information, much less Biomed or autism recovery in 
Mexico (and most of Latin America). | wanted to help people and to share 
with people that there is a lot we can do to help our children heal. 


The very next day he walked into the office and changed the course of my 
life forever. He told me that he was in fact friends with Dr. Bernard Rimland, 
“Bernie,” the Grand Godfather of Biomedical treatment for autism, and the 
author of Infantile Autism, Dislogic Syndrome, and the founder of the Autism 
Research Institute. | told Bob that meeting Bernie today, would be akin to 
having met Mick Jagger when I was 15. He then announced that we would be 
having lunch with none other than Bernie himself and Mrs. Rimland. For the 
first time in my life, | admitted to Bob that | was so excited that | didn’t know 
what to say. Bob told me that when it was my turn to say something that | 
should ask Bernie “What can | do for DAN!?” 
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In a tizzy | ran over to Marshall’s, the discount retailer; bought a new suit, 
hose, and even a pair of high heels. The next afternoon, | put on my new 
ridiculous clothes, ditched my kids with my friend’s maid, and hopped in Bob’s 
Jag to meet Bernie and Gloria (Dr. and Mrs. Rimland)—an absolute dream 
come true. When we arrived at their favorite restaurant, | was completely 
overdressed. Gloria ordered a salad, and the guys had tilapia because Bernie 
didn’t really like vegetables. The conversation ranged from Kinotakara 
patches, to the difference between soft-sided hyperbaric chambers and hard 
hyperbaric chambers. 


| waited until there was a lull in the conversation and | went for it, | asked him 
what could | do for DAN!, and he said | should translate the DAN! Protocol 
and take it to all of Latin America. His words left me totally dumbfounded. 
Had | heard right? Latin America? | was thinking my town of Puerto Vallarta, 
or maybe Jalisco, (the state we lived in) and maybe in my wildest dreams all of 
Mexico, but this was much bigger than | had imagined. At this point, though 
there was no stopping the momentum that we had started. Within months 
we translated the Protocol to Spanish, and donated it to the Autism Research 
Institute, for dissemination throughout Latin America. Much later | would 
find out that one of my dear friends, Yeroline, would heal her son from autism 
using the translation of the DAN! Protocol, as well as others. 


During that same trip my husband and | spoke to Bob about buying one of 
his chambers for the not-for-profit autism clinic we were planning on opening 
in Puerto Vallarta. The plan was to run the clinic on a non-profit basis, but 
anchor the clinic by charging the public for their sessions in the chamber, 
allowing all the profits to pay for children with autism to go for free in the 
chamber. 


It was a green light all the way. We deposited the money for the chamber in 
March of 2006, and it arrived on October 31,2006. AutismO2—Hyperbaric 
Clinic officially opened its doors on Dec 1, 2006. We threw a party for the 
inauguration, invited friends, family, Patrick’s therapists, and our local priest 
came to Bless This House. We all wore white, and in honor of Patrick, who 
was our motivation for opening the clinic, we all had on nametags that said 
Kerri—Patrick’s Mom, Memo—Patrick’s Dad, etc. It was a special evening for all 
of us, but me especially, as it solidified what would be the path that | would still 
be walking as | write this book seven years later. 


The clinic had a Sand’s Hyperbaric Chamber, an allopathic physician with a 
specialty in Hyperbarics, 2 psychologists, 2 hyperbaric technicians, and me, to 
initially meet with the parents. As for the chamber, we always knew that it was 
going to help a lot of kids with autism, but it has helped a lot of others as well. 
The chamber was what gave language back to Patrick in 2006. 
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Later that same year we sent our allopathic doctor with our naturopathic 
hippie doctor to Ixtapa, Mexico for a hyperbaric conference, where they 
serendipitously met Dr. Giuseppina Feingold, (Dr. Jo) a DAN! doctor using 
hyperbarics for children with autism. As soon as our guys got back to Puerto 
Vallarta they started insisting that | had to contact her because she is curing 
kids with a protocol that included hyperbarics. Never one to waste time, | 
emailed her immediately, but at the time | didn’t know she wasn’t an email 
person and, because | am just not a phone person, we didn’t connect. 


Fast forward to January 2007, my husband, Memo, was buying a 1951 Desoto 
on eBay. We had to pay for the Desoto with a check, and therefore started 
to talk to Bryan, the seller of the car. During their conversation, Memo, my 
husband, said to Bryan “If you don’t want to sell, because it’s worth more 
than your selling price | will understand.” Bryan had already decided to let it 
go, but at the same time he was interested in where the car was going, what 
Memo did for a living, etc. Memo told him about our life in Puerto Vallarta, and 
the classified ad magazine business that he owns. That’s when Bryan stopped 
him and said,‘‘I’ve heard of that magazine!” 


It turned out that this Bryan was a nurse who works with a doctor who does 
hyperbarics and heals kids with autism. Well, that piqued Memo’s interest, so 
he told Bryan about Patrick’s autism and then Bryan says you must call Dr. 
Jo, yes, the very same Dr. Jo that our clinic doctor had met months earlier at 
the Hyperbaric Conference in Ixtapa. So, | called her immediately and when 
she answered | said who | was, and | told her Bryan told me | had to call her. 
| asked her if she believed in God and she said yes. | went on to tell her that 
in September she had met with my clinic’s doctor and how | had emailed, but 
never heard back. At the time, Dr. Jo had been receiving so many emails that 
sometimes she couldn’t get to all of them. 


Finally we had connected, and we hit it off right away. | immediately told her 
all about the clinic and Patrick, hoping that she could come to Vallarta. She 
told me that | had to go see her in New York first, and we would get Patrick 
some treatment. So off we went to freezing cold New York in March of 2007. 


We immediately started treating Patrick with IV chelation. The theory at 
the time was the main factor causing autism were heavy metals coming from 
vaccines that were damaging the methylation pathways. During my daily treks 
to Dr. Jo’s office | finally met Bryan, the owner of the Desoto that my husband 
bought on eBay. We started talking about my clinic and what we could do 
collaboratively if Bryan were to move there. Bryan had already been in 
nursing for almost 30 years and was an expert in ozone and other alternative 
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therapies. He told me he was ready for some changes, and we were very 
interested to have someone of Bryan’s caliber and relaxed personality to join 
us at the clinic. 


Within a week of my return to Puerto Vallarta Bryan came for his first visit, 
to see if he could call Vallarta home. Two months later he came back with all 
of his equipment to set up his office. We were a great fit, and Dr. Jo would fly 
down from time to time to help out with patients. 


From 2007 to 2008 we were treating Patrick with IV chelation on top of 
his regular GF/CF/SF, diet, supplements, and hyperbarics. In May of 2008, | 
met a mom who had recovered her autism spectrum child with homeopathy. 
Almost immediately | started working with a world class homeopath from 
June 2008 to May 2009, but | didn’t see anything to make me feel that the cure 
to autism was down that path. That same year | met a doctor doing the Yasko 
protocol, and she had some ideas, so we gave it a try from August 2009 until 
the end of May 2010. At that point, Patrick honestly looked worse than before 
we had started giving him 80 supplements a day. 


By now | had become disenchanted with Defeat Autism Now! based megavitamin 
protocols. A precious few of the families that we helped recovered their 
children with diet, supplements, chelation and hyperbarics. However, the 
overwhelming majority still had an autism diagnosis after tons of work by 
their parents, and usually a lot of money spent on supplements and treatments. 
| started feeling like it was a fraud, telling people to follow this protocol, which 
| knew wasn’t going to be enough to recover most of the kids. That’s not to 
say that we weren’t seeing vast improvements, but counting all of the children 
that we worked with, only two children recovered. 


By July of 2010, | was totally disillusioned and befuddled and | didn’t want 
to continue doing what | was doing the way | was doing it. So, | asked the 
Universe/God/Angels—whoever was listening, for help. If my mission truly 
was to help families recover their children from autism then | was going to 
need a tool to work with. One that was available on every continent and that 
was affordable to everyone, because what we had just wasn’t doing the job. 


No magic voice came, thank God! Because that would have really freaked 
me out. However, | started to remember these colorful little bottles of 
chlorine dioxide that | never used. | decided to research their use on Google. 
Disappointingly, there was absolutely nothing on the Internet about autism 
and Miracle Mineral Solution (MMS) aka chlorine dioxide (CD). So | started 
thinking about what autism is made up of. So, | Googled chlorine dioxide 
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with virus, bacteria, candida, heavy metals, blood brain barrier, allergies, and 
inflammation. The evidence was overwhelmingly positive, which showed me 
that CD could treat all of the components that make up autism. | had hope 
once again. 


| was especially interested because at the clinic, we specialize in oxidative 
therapies such as hyperbarics and ozone. As chlorine dioxide is more benign 
than what we were already using, | decided to investigate further. 


No side effects except a possible Herxheimer reaction; which is not a side 
effect of chlorine dioxide itself, but can happen with any detoxification 
protocol. | decided to speak to my husband and son Alex, who were also 
excited. The next day at the clinic, my husband’s best friend’s cousin and his 
wife were getting out of the chamber. | said, “Hi!” and she immediately said 
to me, “I’m taking CD.’ She didn’t say “Hi!” or “Kerri!” just, “I’m taking CD.” 
That was the definitive moment for me—my Aha! moment. | told her | had 
been researching it for weeks, and | was extremely interested. She was having 
great results, so my husband said he would try it first. If after three days on 
the drops he was still alive then we would start Patrick on them. 


| contacted Jim Humble, discoverer of CD. | was hoping he would help me 
to better understand how to dose CD for children with autism. | explained 
to him that there was nothing on the Internet for kids. He helped me do just 
that. He gave the following recommendations: 1 drop 8x a day for children 
under 25lbs, 2 drops 8x a day for children under 50lbs, and 3 drops 8x a day 
for children under 100 Ibs. He told me that the more doses that we can get 
in one day the better, 8 doses are the minimum. 


That first week Patrick vomited (classic Herxheimer reaction), because | went 
too fast with the dosing. On the Internet, the only protocols | found gave high 
doses a few times a day, and as | found that week low and slow doses all day 
was the way to go. However, despite the Herxheimer reaction | caused Patrick 
(through lack of a low and slow dosing protocol) he was still noticeably better. 
Seven days later my son had improved eye contact and was asking for things 
that he had never requested in his life. At 9pm he looked me straight in the 
eye and said, “I want bed.” With my jaw hanging open in disbelief, | followed 
him upstairs to his room. When we got there he turned to me and looked 
me straight in the eye again and said, “I want take bath.” | knew | was not 
dreaming, and | had really just heard that. After his bath he looked me straight 
in the eye and said “I want brush teeth” and the whole time we brushed his 
teeth he was giggling... so | asked him what he wanted and he said, “I want 


‘kanket’” so | said, “blanket” and he repeated, “blanket, yes” and ran to the bed, 
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and jumped on it to enjoy the blanket. He had never jumped into the bed in 
his life before that. This was the first seven days on CD. | was blown away. 


By September of 2010, every person that was previously only using herbs or 
medications to kill viruses, bacteria, candida and other pathogens was about 
to hear about CD. That’s when things really started to happen. 


Back in 2007,1 learned how Dr.Anju Usman was having great success with her 
biofilm protocol. She concluded that virus, bacteria, candida, parasites, and 
heavy metals are all joined together in the biofilm (more on this in Chapter 5, 
starting on page 117). And when | saw that CD killed pathogens and neutralized 
heavy metals and so many other things that make up the core of autism, | 
knew we would kill a lot of birds with one stone. | was also hoping to sidestep 
a few pharmaceutical pieces of the biofilm protocol, i.e. antifungals, antibiotics, 
antivirals and be able to use something with no side effects (a Herxheimer 
reaction is different than a side effect). 


| was in the process of discovering how we could use this extremely 
inexpensive oxidizer that is available all over the world to help the body heal 
from autism. The other important part of CD is that you don’t need to take 
your child somewhere for treatment, as in the cases of hyperbarics, ozone 
or IV chelation... there is no doctor needed, or trips to visit doctors in other 
countries. It’s as simple as taking a supplement and you modify your dose 
depending on what you feel and see. Basically, any family with access to the 
internet, diet, CD and a few choice supplements can heal their child with 
autism. 


After having limited success with my son on different biomedical treatments, 
even with the best doctors in the world, it was time for a change. With CD 
we are attacking the biofilm all day as CD destroys the electron shells of the 
different molecules making up pathogens, therefore releasing toxins into the 
bloodstream. This release of toxins is the principal reason one must go slow 
and build up the dose, to avoid a Herxheimer reaction as so many of these 
children are very toxic. If we kill too many pathogens at once, too many 
toxins enter the bloodstream. The body will immediately look to eliminate 
them, most notably through diarrhea and vomiting. This is unpleasant and 
totally avoidable. 


CD is so benign you can use it on your skin, hair, ears, eyes, orally, rectally, 
vaginally, inhaled, etc. At the doses we use CD in aqueous solutions; it is not 
detrimental to healthy cells. It specifically targets pathogens due to their 
negative charges. Once | understood the basics, and Patrick was still improving, 
| started to share with others to understand how to use CD. Very quickly we 
were having success that many other clinicians weren’t having. Kids on the 
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spectrum were improving, some started recovering, and we had to sit up and 
take notice. | was blown away again. 


In November, a child recovered and then in December another child 
recovered. Their families took them to psychiatrists and their doctors to 
have their diagnosis removed. These were the very important first steps that 
convinced me that this is something that we must continue to do. We started 
to spread the word that this was an inexpensive treatment modality available 
in every continent of the world. 


With my background in biomed | learned that you watch for reactions while 
you load the dose. Low and slow is the rule. We arrived at the one-drop at 
a time dose and as kids recovered, parents shared their stories with other 
parents and more and more people started using it. It was very grass roots. 


This is when the explosion happened. | started to think that this might be the 
missing piece of the puzzle that we had been looking for. In all seriousness, 
there is no one cure for all kids with autism, which is why each child’s protocol 
and path to recovery is different. While we have seen great success with CD 
today | keep working to discover new modalities that help these children heal 
as non-invasively as possible. Now that we had had success in the Spanish- 
speaking world, | needed to share these treatments with families of children 
with autism all over the world. 


Around this time something very interesting started happening with the CD 
enemas... parasites; more specifically roundworms were coming out with the 
CD enemas of the parents and their children using the Protocol. Today | have 
hundreds of photos, which were sent to me from parents all over the world 
(first world and third world nations) who have seen worms passed in stools. 


At the moment laboratory testing is woefully inadequate, but a keen 
veterinarian can easily check for the presence of parasites in a stool sample 
using a high-powered microscope. The children who have had stool samples 
reviewed by microscopy have come back positive. Pinworms, roundworms, 
tapeworms and hookworms are the most common findings. Stool analysis 
done by laboratories have consistently come back negative even when worms 
have clearly been seen and photographed and seen under the microscope. In 
fact, one mother | know sent in a live, moving worm that her child had passed. 
The result? Negative for parasites! At this point it is simply not enough to 
trust a coprological analysis when looking for parasites. 
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Dr. Andreas Kalcker and Miriam Carrasco have been instrumental in this 
piece of the puzzle and have designed an amazing parasite protocol that has 
already helped many children including Patrick. In October of 2011, Andreas 
gave me the first parasite protocol and families in Spain, Mexico, Venezuela 
and others throughout Latin America began to use it. We'll talk about it in 
depth in Chapter 8, page 165 and how it has affected my life as well as the lives 
of so many other families with children on the spectrum. 


In January of 2012, 1 got in touch with Teri Arranga and | was invited to speak 
at AutismOne in May of 2012. This would be the first time | would present at 
AutismOne in English, and obviously the first ever presentation on CD. After 
eight years of biomed and six years of helping families in Latin America | would 
be flying above the radar, knowing full well there would be a tradeoff. While | 
would reach families all over the US, for the first time | would end up taking a 
lot of flak in the blogosphere. We survived! 


When | first came across CD in 2010 and began to watch it work it’s miracles 
with autism, | expected parents, doctors and professionals who dealt with 
autism to be excited. | assumed they would begin to do research as to how 
and why the chlorine dioxide molecule was healing/curing autism. Much to my 
chagrin, many people were disinterested. Some even went so far as to say that 
what | had seen was impossible or that CD was toxic. Well, to that | would 
say that healing/curing autism with a toxic substance is impossible. Since then 
a handful of some of the best doctors in the world have become interested 
(that number is growing) and quite a few parents are taking note. Hundreds 
in fact went to my presentation at AutismOne. Several told me in hindsight that 
they had thought about not attending because the title of the presentation 
sounded too good to be true... 40 Children Recovered in 21 Months. 


The people who did attend were pleased with the information and many began 
the Protocol. However, what was to happen the days and weeks after my 
presentation blew my mind and was absolutely beyond my wildest nightmares. 
Some parents attacked me in print and on the Internet. | received threatening 
and accusatory emails filled with hate speech and foul language. 


In most cases these emails and blogs were from anti-biomed parents. Others 
in the biomed movement told me not to worry, that these people were 
notorious for doing this sort of thing to others. They jump on the newest 
and brightest intervention in order to get their time in the limelight. Stealing 
attention away from the treatment, altering the truth, and in some cases lying 
to people about what is happening just to get other parents up in arms. Never 
could | have imagined anything like what transpired. However, as time passed, 
so did the threats, negative blog posts, etc. 
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One of my favorite quotes states: 


“All truth passes through three stages. First, it is ridiculed. Second, it is 
violently opposed. Third, it is accepted as being self-evident.” 


Fortunately, the 2013 AutismOne conference was a totally different 
experience—which may indicate we are slipping into that third stage. In May 
of 2013, we were at 93 recoveries, and during my presentation at AutismOne, 
some courageous parents took the stage with me to share their children’s 
stories of healing and recovery. There were no attacks. As the first edition 
of this book launched at the conference, many of our wonderful moderators 
were on hand to answer questions, and assist parents who were interested 
in getting started. | had a book signing along with the pleasure of meeting 
many parents | had up until then only known through email or Facebook. 
By January 2014, the first edition had already sold thousands of copies. If you 
searched for “autism” in the category of “books” on Amazon, it was showing 
up in various positions of the first two pages of over 10,000+ results, with 
the majority being five-star reviews. If you changed the order to “Average 
Customer Review,” it was in the top 10, sometimes in position #1. 


This has always been a grassroots parent driven movement, and today help is 
available in 7 languages online to answer questions and offer support. As with 
anything, if you attract enough attention, you will also attract some “haters,” 
however CD has already earned itself a place in the treatment modalities that 
are healing the symptoms known as autism. 


CDS (chlorine dioxide solution) was introduced in the first edition, as we 
were still hoping that it was something better than it turned out to be. It was 
a better tasting and more tolerated form of CD, and still remains an excellent 
preparation choice for those who are extremely sensitive, and have trouble 
tolerating even one drop of classic CD. However, we found that over the long 
haul, only one child so far has recovered with strict CDS use—the other 114 
were with classic CD. 


In this edition we are introducing Chlorine Dioxide Holding [Solution] (CDH). 
When this preparation technique was introduced it was touted as something 
similar to CDS... having a better taste, is better tolerated, along with less 
Herxheimer reactions. However, there is one big difference; CDH still 
contains a small amount of the raw materials required for the preparation 
of CD (sodium chlorite and citric/hydrochloric acid). On the other hand, 
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CDS was chlorine dioxide gas ONLY dissolved in water. That small amount 
of raw materials in the CDH preparation may be what makes the difference. 
After 90 days of CDH use with over 70 families, it has not failed. Gains have 
not plateaued, and parents seem to be having an easier time increasing their 
children’s dose, without any Herxheimer reactions. Another amazing thing 
about CDH is that the natural sweetener Stevia can be added to improve the 
flavor, while the potency of the dose does not change. This can be a game 
changer for kids that have taste aversion to classic CD. It should be noted that 
not all brands of Stevia are created equal and there may be some that can’t be 
used. We are still testing various brands. 


CDS and CDH have both earned their place in methods of chlorine dioxide 
preparation, thus allowing more people to benefit from the healing properties 
of CD who might not have otherwise been able to tolerate it. 


People are always interested to know how my son Patrick is doing, and | am 
happy to share a little bit about what has been going on in his life lately. This 
past August 2013, Patrick turned 13. | had expected him to be recovered by 
now; however, we are still working towards a full recovery. He is better every 
month and his current ATEC is somewhere between 22 and 24. Patrick is 
very social, he loves a party. This Halloween, my sister threw a party and it 
was 11:30pm before he was finally ready to go home. He also loves spending 
time with his family. Every night he tells me, “I love you Mommy, gimme kissy.” 
That is not only his way of telling me he wants a kiss, but that he wants me to 
come spend time with him before we go to sleep. 


He has been preparing his own food in the kitchen, and while he has always 
liked to help chop, his being able to place his selection in the toaster oven 
and heat it himself is new. We didn’t show him how to do this. He decided 
on his own that he would heat and serve himself his dinner one day. Another 
major advancement is that he is now able to clean himself after toileting, 
which is something he always asked for help with before. He will even wear 
headphones when listening to YouTube videos or watching DVDs if someone 
has to make a phone call. 


We don’t have any conduct issues, and if no one told you | had a son with 
autism, and you saw us out, you would never know. Apraxia remains the 
biggest factor delaying Patrick’s recovery. That said, Patrick does communicate 
more than ever, and attempts more language than ever before. 


As far as where | see this movement heading in the future, | believe that if 
truth does pass through 3 stages then we have finally entered the third stage 
of “self-evidence.’ The CD Protocol has now recovered 115 children (as of 
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December 2013); is used in 58 countries; and has already helped over 5,000 
people on the spectrum, with more and more being added every day. The 
power of social media allows for parents to share with other parents their 
successes with the protocol, thus forming a stronger bond. Parents in the 
autism community trust other parents above doctors, and rightfully so. 


At this point we are breaking many stereotypes associated with healing 
autism. For example, we now know that after the age of 9, recovery is still 
very possible (a 31 year old man is nearing recovery as | write these words). 
You do not have to be rich to recover your child from autism. You do not have 
to speak English—there are Facebook groups in 7 languages and this book will 
be translated into at least 13 languages. We now know that autism is not a 
psychological disorder. It is biomedical... viruses, bacteria, candida, parasites, 
and heavy metals cause the behaviors that lead to an autism diagnosis. Once 
you remove what is causing the symptoms, you can remove the diagnosis. 


| witness on a daily basis what was not supposed to be possible: the healing 
of autism. 


The future is bright, and it is up to us to share it! 


Best in health, 


Kerri’s Story 


Jim, Andreas and myself in Venezuela where 2 of the most 
amazing women in the world have a foundation to help Venezu- 
ela heal from the autism epidemic. | am so grateful to Yamileth 
Paduani and Carolina Moreno for their foundation and hard 
work. 28 recovered children from their foundation with this 
protocol in their first year of service. Thank you ladies. | am so 
proud to be your sister of the heart. 
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Yes We Can!!! 


Without faith, nothing is possible. With it, nothing is impossible. 
~ Mary McLeod Bethune 


Bo we embark on the path of healing autism, it may provide you some 


comfort and encouragement to hear from those who have gone before 
you. 


Some of the parents of the children who lost their diagnosis through this 
Protocol were generous enough to share a photo of their children along with 
a “thank you note.” You will see that a couple of the older children wanted to 
write their own notes and share their success with the world. 


a) My son gets to 
play little League! 
Thanks to ATEC of 4, 


autism IS treatable! 


THANK YOU 
KERRI! 

















OMG! I'm still rubbing my — 
eyes. Nathan just played 
cars appropriately! He pushe 
them along while say'ng. vroom 
vroom!” Until now, he would 
simply mouth, spin or tap Toys. 


-Week 5 of MMS 
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n's school they had 
Ith 





Today in my $0 
an “I Can Run" day for good hea 


and to collect food for families 

in our community: Last year he ; 
couldn't make it 1 mile - they run 
walk around a track. This year he 
ran 2 miles... Whhaattt? 7 months 
on mms and 6 months treating 


parasites. 


T love you Miss Kerri, 


Thank you for iVil 
Matthew ae 














Wow! Here is something to be grateful for! It was ti 

do my son's one year ATEC doing MMS (7 one ake 
parasites) and his score was...drum roll please...15! You ad 
it right, a 15! I am tearing up right now writing this. My son 
is 14 years, 4 months old. He was at a 27 when we ee 
then went up to a 34 when we started treating parasites , 
(behaviors worsened), then down to 21 three months ago 


and now a 15! Thank you so 1 Wi 
knows where he'd be. much Kerri! Without you, who 














Before MMS we were able to get my sons atec score 
down to a 24. Although he mainly functioned as a 
“neurotypical” child, he still would have behavioral problems. 
He was easily agitated and would struggle with some anxiety 
and OCD. We were constantly battling yeast, constipation, 
metals and come to find out, parasites! We began MMS 
very slowly. We noticed his moods were improving. He was 
smiling more and over all just really pleasant to be around. 
We decided to retake his atec after only 1 month. It 

was a shocking 4!!! It dropped 20 points in 1 monthl!! We 
have our boy back and will forever be grateful! We will 

be starting the parasite protocol this month and looking 
forward to an atec of Ol! 
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I just wanted to share that today my daughter said a full 


sentence! 


She normally only makes two word sentences and often 
stutters and stammers, with a lot of articulation problems. 


My husband came home after a week away for work and she 
walked up to him as he sat at the computer and she said: "I 
want... to sit with daddy.” 


And in the bathtub (I'm doing the MMS steambath as both my 
kids are coughing right now), she turned to her brother and 
said “Look brother, cup. “ and she held the plastic cup in front 
of him. She has never been this coordinated and ‘present’, nor 
articulate. I am so grateful. 

Even though we still have a long way to go, I feel like a huge 


weight has been lifted of f my shoulders. 
Thank you for your hard work. 
























Thank you for helping 
me to rescue my son. 
God bless you 

Kerri Rivera! 





My son is ata thr 
ee-day camp wi 
ha ; ; p with 100 NT 5th 
iis pe all his food, and go up to give Atala i 
See paar than that, he is on his own Cee 
ie ein ig a time in his lifel I have no hatha 
e Lord for bringi ees er 
for givi bringing me Kerri River 
Pip atti es and my family the strength to a. ae ais 
e bird had taken flight... thanks be to G a net 
‘Oa! 
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Thank you God 
for your fidelity, 
thank you my 
beautiful girl for 
giving me your 
gaze and your 
smile every day, 
thank you Kerri 
McDaniel de 
Rivera for 
walking with me. 











Hello, I'm Silvia, Ale jandro’s mom, we live in Spain. I was 
giving MMS to my son for 10 months without seeing any 
changes. Kerri told me that I wasn't doing something 
right... and that was correct. Being the warrior she is, 
ae made me tell her everything I was giving Ale janere 
and she got it, Alejandro drank pineapple Juice all day 
long, he would take more than a liter a day and that made 
the MMS not work, I stopped giving him pineapple juice 
2 months ago, and he is a new child.. He pays attention, 
his comprehension is almost 100% I must say my baby 
did not speak, but with this he started saying: "Come 
on, mom!” “My mommy” All this because I started giving 
him the MMS as I should. I want to say NO juice near 
MMS because it anulls its effectiveness. I thank God 
for putting Kerri in my path. M y son improves everyday, 
slowly but you can see that he is saying goodbye to his 
little world. Thank you Kerri for being in our lives and for 
making us see the light. Also thank you JIM HUMBLE for 
giving hope to our lives. 
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: AY | | Sf 


_ Thank God for putting Kerri Rivera in our path, 
"and giving us our prince back, totally recovered. 


J eZ 


My son turned 12 today - hooray!! This is truly the very first time 
since his 1st birthday that my heart didn't shatter into a million 
pieces because it's another year down the road, and still so far 
away from recovery!! He decided that he was staying at home 
today to play with his birthday toys, he told his teacher (several 
times over), and when she asked if she could take the day off 
too, he said “nooooo!!. When his grandpa called from Holland to 
sing Happy Birthday, he sat quietly listening with a smile on his 
face - the usual is "no singing!” Besides that - here’s my brag for 
the day - his teacher told me that she had to move him and his 
best class buddy away from each other because they were copying 
each other's work!!! YAHOO - we were SO excited - yes I know, 
we're crazy, but hey - if it's typical, I don't care what it looks like, 
I WILL TAKE IT!!! If you think this is weird, you should've seen 
me when he bit a child when he was 3!! I want to encourage you 
all today, look for the small things, check in with the people who 
are in contact with your kids and keep a journal of the changes. 
You will be amazed at how much we miss, because we spend every 
waking moment watching over them! I feel SO blessed!!! 
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Dear Kerri, 

Thank you so much for bringing our son’s smile 
to life. The happiness you see in these eyes 
comes from listening to you and your amazing 
protocol. 

We were stunned when his ATEC dropped 

18 points in 3 weeks, and has now reached a 
staggering 1 from the original 36 in less than 
one year. 

| thank God every day for having me in that 
AutismOne lecture in 2012 where you opened 
my eyes to what else we could do to help him. | want every parent out 
there to know this is a real Protocol with real results. 

Thank you again and God Bless everything you do for our Children. 


You Rock! Love Maryann 












Greetings from Monterrey. 






Just to let you know, we went to visit you in Puerto Vallarta on 
June 21st, and my child started treatment in J uly with MMS. 
As of today my son eats almost all on his own, and wipes his 
mouth whenever he needs to. For about a month now he has 
been doing funny things; like covering up his cards when we 
play as if to hide them, if he sees me squatting on the floor 

he runs over and jumps on me. He shows expectation on his 
face when he knows that I am coming to tickle him. He hides 
behind a wall when we play hide-and-seek. 













In both of the institutes where he goes they have told me 
he is able to pay attention for longer periods of time, his 
way of being has changed, and they have also said that his 
eye contact is much better. According to his therapist he is 
now a candidate for speech therapy because he is able to pay 
attention. 









For us, Kerri, this is a miracle come true, to see our son 
waking up little by little and to see him eat all on his own, 
Thank you so much for sharing all of this with us. 
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Since starting MMS my daughter's play skills improved, 
she actually looks into my eyes and gives me eye contact 
which means a lot. She started answering questions, more 


engaging and now I started to feel as if the end of the tunnel 
is not too far. Iam so grateful to Kerri for showing me a way 
to recover my child. GOD BLESS. 











You are the angel 
that God sent us. 


Autism is curable! 


Thank you ; 
Godmother Kerr! 
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Hi Kerri, 


I cannot believe it has been 5 weeks since we spoke on 
the phone. 


My son turned 22 yesterday. He actually opened each 
birthday card, and read the inside. We always knew he 
could read, but he Never showed an interest in opening 
cards or gifts. He had some interest in his gifts last 
night. He has been wearing only light grey shirts for 5 
years. This week he wore a blue one and a charcoal grey 
shirt. 


Looking straight at me, and asking for what he wants. 


No real bad effects yet. We are on 22 drops as of 
today. 2 enemas a day 300ml - 8 drops - ocean water in 
the morning. 


I have attached 2 pictures from this week, I think these 
are worms. 


Can I hope that he can get better?... After all the 
Treatments we have been through?... well Iam. I think, 
what will I do with my time when he is better (possibly 
recovered)?... I will yell from the roof tops and 
dedicate myself to helping other families. Is this what 
I was meant to do? My purpose? I would love it! 











-—ewve 
Thank you for this look. ma 
I share this look with _ 
NASB you, the same look iy - 
vot e5 that you have given ee 
~~ back to my Mom, this BS 
~ photo would not be, if 
» it hadn't been for you. 
I love you very much, 
“your Godson Gabriel 
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My family and I are 
very grateful to Kerri 
Rivera for making 
available the CD 
protocol to treat ASD 
which has recovered 
myself and made a 
huge difference to 
thousands of kids and 
families all over the 
world. 





CD can recover even a teenager like me whom 

others had given up on. Of all the bio-medical 
interventions, CD cost the least and made the 
biggest difference. 


Muchas Gracias por salvar mi vida Kerri. 
ee a 4 A a A a a a, 





This is Benjamin. 4 years 5 months old, 
current atec of 4 and dropping weekly :) 
Diagnosis atec at 3 years 2 months was 

134, Atec when starting CD protocol was 

18 and was stagnant after full on bio-med/ 
diet intervention. Dropped all supps except 
melatonin when starting protocol and 
obviously can't be happier with that decision, 
Thank you to Kerri Rivera of course for 
giving me a way to save my baby boy... We will 
continue with protocol until atec = O :) 
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Kerr,” 
yen oe | 












My sons started using MMS exactly 2 and a half months 
ago and we saw improvements almost immediately, my twins 
attention got better just days after we started the treatment 
and at 10 days after starting my son Juan Pablo started calling 
me mom! He has never done that before. (Neither of my twins 
were verbal, meaning they were not able to speak a single 
word.) A few days later Jesus Alejandro said "Mom, water” 
while pointing to the fridge, it was shocking for me. 


My two sons can now say 4 or 5 words and their communication 
skills have gotten a lot better, even if it’s not verbal they 

are very good at expressing what they want. There is a 

lot of improvement in comprehension, following orders and 
accomplishing small tasks, they react when you say their 
names, they are controlling their bowel movements, and in 
general their whole quality of life has gotten so much better 
since they started with MMS. 


I know we have a long road to go but we are on the right track 
and I trust that thanks to the science that discovered the 
great effects of this wonderful formula for our children with 
autism we will recover them, as it truly does detoxify! 


Ing. Artebys Cedefio 
Mother of Jesus Alejandro and Juan Pablo 









middie 


wwwangels-heaven.org www,cosmic-peaple.com 
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Dear Godmother Kerri, 


How can we ever thank 
you enough for crushing 
autism out of T's life? 
We now have a smart, 
happy, helathy boy that 
has great confidence in 
himself! 


We are forever grateful 
to you!!! 





We started using MMS a month ago. We are not even 
at the full dose yet but have been seeing some amazing 
gains. 


I took my son to the mall about a week ago because it is 
one of his favorite things to do. When we got home he 
did something he has NEVER done before. He came up 
to me, hugged me and said "Thanks". Wow. 


Two days ago my husband had to go to the local farm 
supply store because something broke in the barn. So 
we asked my son if he wanted to go and he literally 
jumped off the couch and excitedly came with us. While 
he was there he picked out a couple of books he was 
interested in and a couple of small vehicle toys. When 
we got home I was helping him with his coat and boots 
he said "you're great mom”. Never have I ever had 
spontaneous comments like this and the only thing I 

can attribute it to is the MMS because we stopped 
everything else. This gives me inspiration to continue 
the protocol and I look forward to what the future holds 
for my son and our family. 


Thank you Kerri! 
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If it were not for 
you Kerri, my mother 
would still be worried 
about my future. 


You are my Guardian 
Angell! 


Autism is curable! 


Thank you Kerri 
Gracias Kerri 













@ 


His speech therapist told me today that 
his sentences are so much better, more 
organized, also his ability to converse back 
and forth and also his concentration have 
improved!! 500000000..... Yay! 

Oh, before we went to see his speech . 
therapist he said: Mummy, my speech is 
getting so much better! 

Yup, he said that! He knows! 








ca il believe it! I just did my daughter's ATEC 
ana in one month it dropped from 72 to 4glll 
shocked! Is this a dre ee 


: am? We revised the scores 
over and over with my husband and accepting that 
some of our answers c 


: ould be just very positive 
feelings, still the improvement is huge!! I am so 


thankful Kerri Riveral T hav 


ank é@ no words!! I am prayi 
this ‘Ss nota dream!! THANK YOU so MUCHIN ro 
believe there is more to co r ¢ 


me but righ 
much in shock! eens 
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I have to post our Sunday gain, my daughter is and 
always has been on sensory overload, those of you who 
deal with this know that teeth brushing, hair combing 
and showers can be torturous for child AND parent. I 
literally dread washing her hair. She screams so loud 
she could break the windows. She smacks her wet 
thighs so hard that they've been bruised for years. 
This morning she gets in the tub, sits down and sees 
me roll my sleeves up ( which is usually the moment she 
loses her mind because she knows I'm about to grab the 
shower head), she stood up, looked me dead in the eye, 
smiled at me and said "R. shower”. I began to wet her 


hair down, still convinced that the screaming was about 
to begin any minute. I started shampooing and she said 
"well done”, I smiled and sai "VERY we'll done baby”. 
My husband peeked in to see why it was so quiet and she 
looked at him and said "Daddy shower", smiling from ear 


, 


to ear as to say ‘I'm taking a shower Daddy’..... what a 
great way to start our Sunday. HUGE, HUGE deal for 
her and for us. I feel like I finally exhaled today. MMS 
rocks and so do all of you!!! Happy Sunday ;-)))) 





Dear Kerri, 
Thank you SO MUCH for helping us with our daughter's 


complicated health issues. The CD/PP 

: protocol allowed m 
caugaa to sleep through the night, for the FIRST nen 7 
years! One month on the parasite meds, she began sleeping 
perfectly and has slept perfectly ever since! 


We are FOREVER grateful! Also, the \™ 
more her pathogen load decreased 
on the protocol, the more foods she 

would eat and LIKE! &@ 


My daughter eats SALAD now! AND 
will try any food I give her. I thank 
you from the bottom of my heart and 
will be forever grateful! ; 





With love, ae 
The WHOLE Clark Family! 
2 \ 


~~ 
> i - . 


~ 
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I was cured, 
Yes we can. 


I love you 
very much 
Godmother 
Kerri! 








My son had a great week - yesterday we went bowling as a 
family. It's difficult with him to notice gains sometimes because 
he is really close - his ATEC was a 7 last time I did it and the 
changes in him may be subtle and harder to notice. While we 
were bowling he was calm (despite the loud music, lights and 
commotion) he sat in between his turn watching everyone, (and 
the music videos playing) knew when it was his turn and cheered 
for me (I was beating my husband at the time - lol). He carried 
his ball down the lane and swung it with one arm - omg!! It was 
the most NT I have seem him! He now is a brown belt in Tae 
Kwon Do and this was the first time he was able to swing the ball 
- I used to have to carry the ball to the ramp, help him lift it 
and count to 3 for him to push the ball. He was diagnosed 
hypotonic at 3.5 years, MMS and PP are what helped him get 
some strength, energy and endurance. I increased his MMS by 
a drop about 2 weeks ago and we are also ramping up on GcMaf. 
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Great FUA moment today. My son took his first 
ever lesson... swim lessons. He did amazing!!! 
Followed all instructions, waited in line, smiled, 
talked, and let the instructors help him. 
Amazing... I cried almost the entire time. AT 
one point he smiled, waved, and said “hi mommy.” 


Thank you 
Kerril 

Because’ we 
followed the 
protocol with 
obviously great 
results. 
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My son has continued to improve on 
his handwriting and his anger has 
melted away. We had an IEP today 
and we lost 2.5 hours of services 
because he has done so well he does 
not need those services. They were 
surprised at how well he is doing. 
And he fed his little brother Soup 
Tonight to get him to eat his dinner. 












Thank you Kerri for 
helping us to recover our son! 
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I'm Number 102! 
Thank you for giving 
mea chance ata 
future 

Kerri Rivera! 

be orl 


me 
for giving ime a ehande at a flue 
Wersi Hiveral 








On any given day, | probably rattle out the words | LOVE YOU, 
directed at my boys at least a dozen times. My NT boy almost 
always will reply back. My ASD boy usually says, YES YOU DO as 
his answer. And | have completely accepted that that is his way 
of receiving my | love yous. 













On very rare occasion he will say | love you To me... 
Well, by now you know where this is going. 


This morning | was walking past him and he said to me... | LOVE 
YOU! 


| wasn’t at first sure what he said as he didn’t shout it, So | 
asked him, what was that? 


He repeated, | love you. 


| said thank you son, | love you tool! 


Wait for if. 
Bammity bam bam BAMII 
Celebrating every little big thing. Appreciating my 3 favorite 


words. Loving every minute of every day. Even loving those 


big red lips this morning knowing he is detoxing.. 
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Our son was quickly slipping 
away from us. We were lost. 
This protocol gave us direction 
and ultimately brought our son 
back to us. He looks at us with 
™Z smiling eyes and tells us he 
loves us. He has a full childhood 
now. Words could never convey 
the magnitude of our gratitude 
G for Kerri and all who support 
her efforts to make a future 
for our kids. See Gunnar's full 
testimonial on page 378. 









Gracias Madrina Kerril! | now have an ATEC of 10! 
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We started the DAN 
protocol when our 10 
year old daughter was 18 
months old and remained 
on it for 9 years. 
Before starting CD, 
our daughter appeared 
neurotypical, but she 
was heavily dependent 
on supplements and her 
progress had stagnated 
for a few years. She 
had a distended belly, 
poor growth, severe 
constipation, anxiety, 
a touch of OCD, and 
focus/concentration/ 
fogginess issues. 


Her ATEC before starting CD was 24. Just 26 days later, her 
ATEC is 7. A17 point drop in 26 days! We haven't even had time 
to do a parasite protocol or a 72/2 weekend yet! Her belly is 
much flatter and her anxiety, minor OCD, and focus issues are 
greatly improved! We're going to keep her on CD and I plan on 
starting the protocol myself this week. Asa friend said, “DAN 
got her to third base and CD brought her home!" 









My son just saw me reading 
this page, and asked what CD 
Autism was. | told him it was the medicine 







he’s taking. He said, “! think my autism is gone. 





How do you know someone has it still?” 






Soon, baby, soon! 
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Spiro and Peter (9 year old twins) 


After years of doing many interventions for our twin boys, and 
having moderate success at best, we learned about CD. It took about 
a year before we felt comfortable enough fo try it. | can honestly 
say that, it is the BEST intervention that we’ve used We started 
CDS in mid July 2013. In the 4 short months that we’ve been using 
CDS and now CD, we have had more gains in every area, than in 

the last 6 years of doing so many different treatments. What | love 
about this protocol, is the simplicity of it, less is more, and that was a 
huge change in thinking for me. 


dust to give you an idea on how well our boys are doing, here are 
their ATEC scores so far: 


Spiro: He was number 100 to recover on the “Healing Train” and the 
1st child to recover using CDS. 


ATEC prior to starting CDS - AA 

ATEC one month after starting CDS - 16. 

ATEC two months after starting CDS - 9 

Peter: He was pre verbal prior to CDS and now uses single words 
and the odd 2 word combination to communicate. Well on his way to 
healing. 

ATEC prior to starting CDS - 69 

ATEC one month after starting CDS - 55. 

ATEC two months after starting CDS - 46. 


We finally know, deep in our hearts, that our boys are well on 
their way towards “true healing”. We don’t have that stress and 
anxiety about what the future holds anymore. We finally feel like 

we can breathe easier, and that day by day, the gains keep coming 
consistently. The gains stay, and that feels better than anything. 


Thank you, to my FB friends who introduced me to MMS and to 
Kerri Rivera who we have such admiration and respect for. | 
thank GOD everyday that we were fortunate enough to find 

out about this treatment. Our boys are coming back to us and 
their beautiful personalities are emerging. We now look to the 
future with such HOPE. Kerri, we will forever be grateful to you. 
XOXOXOXOXOXOXOXOXOXO 





ae ee. 


vatch for 10 minutes 


ive energy - wa 





Charging up with pos 
Pic, 110 X EN www.angels-light.org www.cosmic-peaple.com 
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Whoa... My severe kid walked in the door 
and wrapped his arms around my neck 
and gave me a normal hug for the first 
time in his life (6.5 years). Umm... This 
is crazy. He wiped his butt for the first 
time EVER... no prompting, no asking! I 
wasn't even in the room with him! When ; 
I got excited and asked, “Did you wipe??? 
I swear to GOD... I heard "Yeah, Mom! 
Kid's never said a word ever. Could be 
dreaming, but WOW!!! What a day!!! 












Please share your experiences! 


Testimonials are one of the best ways to share your 
experiences with this protocol. Perhaps you learned 
about it by reading or watching a video testimonial? 


If you don’t tell us your experiences, we can’t share 


them or take action on issues that need improving or 
correcting... 


Send your testimonials to: 


testimonials@cdautism.org 


Also, let us know if we are free to publish your 
testimonial, with or without your name. 





More miracles & testimonials starting on page 358 
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Step 1 — The Diet 


“Let food be thy medicine and medicine be thy food.” 
~ Hippocrates 


f | could choose the one part of The Protocol that would be the single most 

important piece of the recovery puzzle it would be—The Diet. By The Diet, 
| mean the dietary plan that | recommend to all of the families that want to 
start The Protocol. It is a combination of the classic gluten-free, casein-free, 
and soy-free diet along with the elimination of sugar, corn syrup, coloring, 
preservatives, and other harmful foods. The Diet is the basis for the rest of 
The Protocol; similar to laying the foundation of a house that the rest of the 
structure will rest on. Adhering to The Diet is critical to the effectiveness of 
the rest of The Protocol. 


When a family of a child with autism comes to see me, the first thing they 
want to know is: 


What can | do to help my child? 


| always, always start with The Diet. In fact, | send them away after that first 
meeting with hope that they will be able to recover their child, but only if 
they commit to The Diet 100%. | explain to the families that they must think 
about food the same way their great grandparents thought about food. In 
generations past, food came directly from the Earth, with little processing. 
Fruits, vegetables, nuts, and meats were dietary staples for our great 
grandparents and they should be for our children as well. We must think 
whole foods and not precessed-foods. There is no point in going from regular 
junk food to gluten-free/casein-free junk food! 


After my first meeting with a family, they leave with the list of permitted 
foods and | have them email me when they have a week straight with zero 
exceptions or “errors” in The Diet. That is where the parents who are truly 
hungry for recovery are separated from those who are interested in having 
someone else “fix” their child for them. 
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One of two things generally happens during that first week. In the first 
scenario, | get an email from an ecstatic mother or father saying, “Il can barely 
believe it, Johnny slept through the night for the first time in years,” or “Johnny 
had a normal bowel movement,” or “Johnny said two new words yesterday!” 
That’s what | hope for. 


The second scenario is... | never hear from the family again. There may have 
been tantrums, or an adjustment period related to The Diet that proved too 
much for them, and they decided to pursue another avenue. That’s not to say 
that everyone sees a miracle, or that there’s no middle ground. Some of the 
results are less obvious, such as more eye contact or less redness in the face, 
but generally speaking, we see positive changes. Any change is a good sign. The 
Diet is only the first piece of the puzzle. We must continue from here, layering 
in interventions until we get the desired, end result. 


Id he was 
Kerri. Bless you! When my soh was 3 years oO 
prescribed Ritalin®, RisperdoP and Clonazepam... can you believe 
it? Obviously | never gave them to him, it hurt me To see 


my child “drugged” 2 days after starting the diet he slept 


through the night, the sparkle is back in his eyes.. | can’t wait 


to start with MMS, |am so happy! 





Throughout this book “miracles,” which are actual emails and forum posts from 
parents about their children’s improvements, have been set in text boxes (like the 
one above) and placed in the chapters that they accent. Please note that as many 
of these miracles were collected some time ago the contributors have used the term 
MMS instead of CD. Due to time constraints it was impossible to request permission 
from these contributors to change the acronym of MMS to CD in their testimonials. 
MMS and CD are the same substance. Where the acronym MMS is used please 
know that chlorine dioxide is the substance being discussed and is responsible for 
the healing. 


Author’s note: I’m not against all prescription drugs, especially those 
necessary to bring about healing. However, | don’t condone medicating a child 
with drugs, masking the symptoms known as autism. So, when | see an email 
like this, | know we've got a great chance to heal that child because we have a 
parent who has committed herself to healing her child, and who is excited to 
see what changes the next tool will bring. 


Your child’s doctor may not have heard of The Diet or may be misinformed of 
its benefits. The references section at the end of the book lists several studies 
and articles discussing dietary intervention for ASD’s. You can use them as a 
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jumping off point for your own study. If you are consulting with a doctor, it is 
important to choose someone who is familiar with autism and the recovery 
of autism. 


Many doctors do not have time to study up on what’s new in autism recovery 
and if they have zero recoveries then they are in dire need of overhauling their 
protocols. Another major problem in the mainstream medical community is 
gigantic egos. If what we are doing is not working to recover our children, then 
we need to look at what we are doing and why we are doing it. Let’s check 
our egos, update our protocols, and look at what has worked for families who 
have recovered their children. 


Researchers at the New Jersey Medical School’s Autism Center found that 
“children with autism were more likely to have abnormal immune responses 
to milk, soy, and wheat than typically developing children,” which is published 
in a chapter of Cutting-Edge Therapies for Autism 2011-2012, by Siri and 
Lyons.’ In addition, interest is growing in the study of the link between autism 
and gastrointestinal (Gl) ailments. Siri and Lyons also relate a study by the 
University of California, Davis Health System, where they found that children 
with autism born in the 1990s were more likely to have gastrointestinal 
problems, including constipation, diarrhea, and vomiting than children with 
autism who were born in the early 1980s. 


If your doctor is uninformed, or tells you there is no evidence to prove that 
The Diet will help your child, do the research for yourself since only you are in 
charge of your child’s diet. Heck, why not do The Diet? It doesn’t cost you any 
money and it just might help your child heal. Whether he eats cheesy puffs 
or fruits and vegetables will ultimately come down to you. You are the one 
with the money in your pocket. The only way to know for sure if your child is 
going to be one of the individuals who recovers with The Diet, is to try. It can 
take gluten six months or more to be removed from the microvilli or “shag 
carpeting” of the small intestine. As | mentioned previously, some children 
have obvious changes in two to three days, but even if your child’s evolution 
is taking a little longer than most, DO NOT GIVE UP! At the writing of this 
book, | have helped about 5,000 or more families of children with autism; all 
of the children who have lost their diagnosis, as well as those coming close to 
recovery, have used varied protocols depending on their symptoms. The one 
thing that they all—unequivocally—have in common is: The Diet! 


In my opinion, it makes little difference what other interventions you apply to 
your child if you can’t manage The Diet 24/7/365. Hyperbarics, chelation, ABA, 
etc., simply will not have the desired effects if you are still feeding “drugs” (aka 
garbage foods) to your child. 
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Why do | say drugs? Because that is what gluten and casein become in the 
bodies of our children on the spectrum; more specifically, gluteomorphin 
(also called gliadorphin) and casomorphin, which are similar to morphine. 
Gluteomorphin and casomorphin are produced in the gut due to improper 
digestion of peptides (as we will explain more in detail later). In a person with 
“leaky gut syndrome” (increased intestinal permeability), they are able to leave 
the intestine and cross the blood-brain barrier where they act exactly like 
morphine or heroin. Would you purposely give your child street drugs? NO! 


Once we have this information and understand the severity of this issue, we 
have a responsibility to our children to do better. We must take away the 
foods that are keeping them ill. Invite your family and your child’s school to 
help heal your child’s ailing body. Explain that they can no longer give your 
child these items, and that if they do, it’s like giving them a dose of morphine. 
If it sounds drastic... that’s because it is! 


Researchers have found an abnormal amount of these undigested peptides 
(gluteomorphin/casomorphin) in the urine of children with autism, proving 
their existence in the body. Among others, Dr. Knivsberg and colleagues in 
Norway have found that urine samples from people with autism, PDD, celiac 
disease, and schizophrenia contained high amounts of the casomorphin 
peptide.” Similarly, Gliadorphin (gluteomorphin) has been verified by mass 
spectrometry techniques to be present in unusual quantities in urine samples 
of children with autism.’ 


Do The Diet! 


There are still plenty of food options that are permitted. | promise you—your 
child won’t starve! We have included some recipes in Appendix 15 on page 
513 to get you started. The Diet is absolutely the most important piece of the 
puzzle. If we can’t remove what is directly linked to brain and gut inflammation, 
as well as immune-allergic reactions to offending foods, it is nearly impossible 
to heal a child on the spectrum. | have personally never seen a family recover 
a child without dietary intervention. That’s not to say it hasn’t happened, but 
| have never seen or heard of it. 


Like | said before, when we started with my son Patrick, his only legal food 
was homemade French fries. So that’s what he ate. Little by little he began to 
accept more foods. | assure you, the adjustment period will fade and they do 
eat. Stop the cycle of inflammation and addiction. Only then will your child 
begin to heal, and once your child starts to feel better he will accept more 
foods. 
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In the case of my own son, his acidic diarrhea and sleepless nights stopped the 
week we started The Diet. From that moment on | was hooked, not only on 
The Diet, but also on biomedical treatments for curing autism. | have never 
looked back. | strongly encourage you to experience The Diet for your child, 


or even as a family. It is an amazing thing. 















ie 
ht the following might encourage some of you w 
Nise Aine made big dietary changes for your kids and 
are struggling with all that involves. | put my son on be 
GE/CE/SE... well, basically, EVER YTHING-free ery a 
he was 11 months old, following a major vaccine-| ae 
crash. My choice to put him on a diet was criticize Ze yy 
nearly everyone in my life, beginning with his pediatrician 
who told me | was “just imagining that he'd ES A 
and that he “probably wasn't allergic to what | ha - 
taken out: she called a week later with the gis resu 
and an apology, and a long list of other things he was 
allergic to! He’s now just a little over seven and eile ’ 
GREAT. | just delivered a GF/CE muffin to him, ae 
said, “You know what | love best about you, Mommy? - 
love that you are so nice To us, and that you always Ven 
sure we have food that doesn t make us sick.” So, don 
feel bad about not giving your kid that ice cream oe 
when Mr. Softee comes by or not loading their Easter 
basket up with food dye this weekend It may lars L gales 
but they will see that you loved them enough to give 
them these things. 


















Some other tips include the following: 


Review Your Child’s Supplement List 


Is your child taking 30+ supplements 

a day? We will talk more about 

this throughout the book, but this .,. mi Soap 

protocol is geared towards eliminating ty . et Vitamit Vitamin 
excesses and not about supplementing Orr D 
deficiencies. It’s important to carefully Setar Varin Niners 
review your child’s supplements. In K et 

order to maximize the benefits from 


this protocol consider removing any antioxidants, (they kill CD—more on 
that in Chapter 5, page 88), calcium, magnesium (which feeds the biofilm), as 
well as iron and By, (which are favorite foods of parasites). Supplements for 
increasing speech, reducing seizures, enzymes, and probiotics obviously have 
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their place in individual protocols. By, while known to feed parasites, has 
also been known to greatly boost speech in some children. If your child saw 
benefits in speech from By, it may be worth keeping in. As always, these are 


decisions that each family has to make for their child on an individual basis. 


If a certain supplement proved beneficial to your child, then don’t remove it 
(the exception being antioxidants and the other aforementioned supplements). 
The goal of this step is to remove unnecessary supplements as they are most 
likely feeding parasites and creating “excess noise” in the body. Anything that 


is not serving a purpose needs to be eliminated. 


Keep a Journal 

Keep a record of the foods you have removed and those you have added 
in. Then, take note of the types of reactions you observe: rash, more or 
less hyper, more or less stimmy (self-stimulatory behavior), sleep patterns, 
frequency and consistency of bowel movements, tantrums, acceptance of 
new foods, eye contact, language, 
etc. Write everything down so that 
you can follow any relationships 
or patterns that will allow you to 
identify when something is working, 
or when it is not. Record these 
observations in a notebook because 
it helps guide us, especially those of 
us who are stressed, frazzled, and 


sleep deprived. 





Don’t Stress About Raw Foods 
or Perfectly Balanced Meals... Yet! 


When you are first transitioning, feed your child whatever legal foods he/she 
will eat. We are taking baby steps. Once your child is on The Diet 100%, you 
can start adding in new foods, bite by bite, if necessary. 


Do the ATEC 


Keep track of your progress with the ATEC checklist (see page 447), which 
you can find at... 


www.autism.com/index.php/ind_atec 
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This is an excellent way to see how you are doing. Every time that you begin 
a new intervention, it’s a good idea to do the ATEC, and then repeat it every 
three months or so to see how your child is evolving. Sometimes our children 
are recovering right before our very eyes and we don’t even know it. The 
ATEC can be used to measure the effects of all new interventions, not just 
The Diet. 


Using the ATEC is a great way to measure improvement. Many of us are tired, 
burned out, or don’t have the best memory. A formal questionnaire can help 
us to discern when an intervention is working or not, and it only takes about 
seven minutes to fill out. SeeAppendix 4, page 447 for a sample survey and more 
information about ATEC. 


Always Read Labels 


Read the label on the back of all packages—not 
just the one on the front that says “gluten-free.” 
Many times they have sugar, yeast, carrageenan, 
or other items that are not allowed. We must 
know what we are putting into our children’s 
bodies. If you can’t pronounce it... you don’t 
want to put it into your child. Be careful of 
hidden offenders like malt, natural flavors, 
artificial flavors, whey, and numbers (red 40, 
E-441), etc. 





Have a Support System 


It doesn’t matter whether it is a friend, family member, rescue angel, 
or neighbor. Have a shoulder to lean on. Autism recovery is a marathon not 
a sprint, and no one should have to go it alone. There are so many amazing 
parents out there who have walked this path and are willing to help newbies! 
As of this writing we have several public forums open, including... 


www.cdautism.org 
and 


www.facebook.com/groups/AutismCD 


This is an excellent resource for finding the latest info, protocol changes, and 
share hope and/or frustration with parents all over the world who are walking 
the same path. Don’t forget to sign up for our newsletter as well by visiting 
the home page at www.cdautism.org! 
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Take it One Day at a Time 


Defeatist thinking will only harm 
your resolve to help your child “I 
can’t do this for the rest of Johnny’s 
life!” or “How will | get through this 
year?” are defeatist thoughts. Go 
hour-by-hour or minute-by-minute, 
and know there are victories every 
day in the world of autism. We 





must draw strength from those 
victories, even when they aren’t our own. Both this book and my website have 
a section of miracles and testimonials (see Chapter 2, page 19 and Appendix 1, 
page 357),which are real correspondencelhave received from parents describing 
the advances their children have made as a result of doing The Protocol. We 
receive these miracle emails and forum posts every day, but we had to pick 
and choose which ones to share in the book. You will also see them sprinkled 
throughout the chapters of this book. Take some time to read them, know 
that children are recovering every day, and believe your child can be next. 
If something doesn’t go as planned, wake up the next day and know that, THIS 
IS the first day of autism recovery. 


Why Does My Child on the Spectrum Need to 
Go on a Gluten-Free/Casein-Free/Soy-Free Diet? 


As | said before | have never seen a child recover without The Diet. The 
following information comes from www.gfcfdiet.com and explains why The Diet 
is so important for people with autism. 


Scientific studies have shown the presence of high levels of peptides derived 
from casein and gluten proteins.*° The digestion process is considered 
“normal” in terms of protein digestion for most people, as they make smaller 
particles called peptides that are further broken down into amino acids. 
However, in people diagnosed with autism it is more difficult to properly 
digest some of these proteins, thus allowing them to enter the blood directly 
as peptides. This often happens due to a lack of enzymes that help with the 
optimal assimilation of food and can be a factor in causing exaggerated bowel 
permeability (aka, leaky gut syndrome). This results in poor digestion, which 
facilitates the entry of these harmful proteins directly into the bloodstream, 
where they can cross the blood-brain barrier. 





Pic. 111 XEN www.angels-heaven.org www,cosmic-people.com 
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Leaky gut syndrome has been attributed to many causes including viruses; 
Candida; gluten, which produces zonulin, a protein thought to cause leaky gut; 
amongst other things.® 


Gluten-containing foods may destroy the digestive system if they are consumed 
excessively or are introduced too early into a child’s diet. Wheat is hybridized 
through artificial processing, resulting in inadequately prepared grains. 
Casein-containing foods may also destroy the digestive system because they 
are pasteurized and/or homogenized. These processes may result in damage 
to the enzymes that break down gluten or casein, thus causing incomplete 
digestion of these proteins. 


Recently, Dr. Andreas Kalcker introduced us to the theory that the inability 
to properly digest these proteins may stem directly from parasites in the 
intestinal tract. These parasites may contribute to a leaky gut and thereby play 
a role in the development of allergies towards gluten, casein, soy, etc. 


Gluten is found primarily in wheat, rye, barley, oats, spelt, malt, most breads, 
cakes, muffins, cereals, flour tortillas, pizzas, pastries, and donuts, etc. Gluten 
is also found in food starches, semolina, couscous, malt, some vinegars, soy 
sauce, teriyaki sauce, flavorings, artificial colors, and hydrolyzed vegetable 
proteins. Casein is contained in milk from cows, sheep, goats and any or their 
derivatives such as yogurt, butter, ice cream, or cheese. No form of cow’s milk 
may be consumed as it causes inflammation and mucous. Even if the product 
claims to be lactose free, cream free, or casein free—it is not allowed. 


Improperly digested gluten and casein fragments can both enter the 
bloodstream and cross the blood-brain barrier. Because of their opioid 
properties, these peptides can react with opiate receptors in the brain to 
cause effects similar to those of an opiate drug such as heroin or morphine.” 
These opiates are called gluteomorphin (or gliadorphin) and casomorphin, 
and can react with some parts of the brain, for example, the temporal lobes, 
which are actively involved in the process of the integration of language and 
hearing. Interestingly, these are two of the areas most affected by autism. 


Besides their effects on the brain, opioid-forbidden foods cause inflammation 
in the gut and brain. When a child has an allergy to a food—in this case gluten, 
casein, and/or soy, etc.—as it enters the body the immune system sees it as an 
invader and reacts by trying to protect the body from the substance. 


The first time the body is exposed to a food allergen, the immune 
system makes antibody-specific immunoglobulin E (IgE) against the 
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allergen. IgE antibodies circulate in the blood and adhere to types of immune 
cells called mast cells and basophils. Mast cells are found in all body tissues, 
especially in the nose, throat, lungs, skin, and gastrointestinal tract (Gl). 
Basophils are found in the blood and in tissues that have been swollen due to 
an allergic reaction. 


The next time the body is exposed to the same food allergens, the allergen 
binds to IgE antibodies that bind to mast cells and basophils. These connections 
between allergens and antibodies direct the cells to release large amounts of 
chemicals, one of which are histamines. After the liberation of a histamine by 
an activated mast cell, the permeability of the vessels near the site increases. 
Therefore, the blood fluids (including leukocytes, which are also involved in 
immune response) enter the area causing inflammation. Histamine release also 
causes the release of cytokines and inflammatory mediators by leukocytes. 
These chemicals, in turn increase the inflammatory response. 


Welcome to The Diet! 

Now that we’ve covered the science behind The Diet, it’s time to get started. 
First, make sure you complete an ATEC and save the results so you have a 
baseline score. Next, prepare a shopping list based on the following allowed 
items. 


Author’s Note: Organic products are better but not required. 


Permitted Foods List 


Proteins: 
° Beef 
° Chicken 
* Eggs 
¢ Fish (small not large size) 
° Pork 
° Turkey 


* No processed meats or cold cuts (hot dogs, bologna, etc.) 


* No shellfish (preferably—full of toxins) 


* Most fresh fruits are permitted (except citrus, mango, pineapple, kiwi 
and limit berries). 


° Frozen fruit without added cream or sugar. 
* NO canned fruit (nothing canned ever). 


° Be careful of dried fruit as it may contain sugar. 
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Author’s Notes: 


Juice is not permitted on this protocol as it has proven time and time again 
to annul CD and cost families precious time and money. The amount of fruit 
necessary to make a glass of juice also causes it to be high in sugars, albeit 
natural, and they can still affect the immune system. Children on this protocol 
need to drink water and generally speaking most former juice drinkers 
transition from drinking flavored beverages to water without much issue. If 
your child must drink a flavored beverage it would be acceptable to blend and 
strain or juice one apple, for example, and add it to some water and if you 
choose you can sweeten it with stevia (SweetLeaf® or KAL® brands are ok). 


Fruit should not be consumed after a meal as a dessert due to its rapid 
digestion. If it is eaten after other more slowly digested foods (i.e. meat, 
grains, etc.), it can ferment in the stomach, causing bloating, gas, or discomfort. 
Fruit is best eaten before a meal or separate from meals. 


Vegetables: 
° All vegetables!!! 
¢ Including French fries, however, not frozen fries or fries from fast 
food chains; these are often coated in flour. 


Author’s Note: | don’t condone the prolonged use of potatoes, as they 
convert to sugar in the body. However, it was the only “legal” food my son 
would eat when we began the GF/CF/SF diet. 


Nuts: 

¢ Almonds ¢ Hazelnuts 

* Cashews ¢ Walnuts 

* Coconut * Plus, they all make great milks! 
Grains: 

¢ Amaranth ° Rice 

¢ Buckwheat ¢ Sorghum 

* Corn ° Tapioca 

° Millet * Xanthan gum 

* Quinoa 


Author’s Note: | prefer a grain free diet for autism recovery, especially if your 
child suffers from “grain brain” (addiction to grains, undesireable behaviors 
and/or inability to concentrate after eating grains). If your child seems to 
be addicted to carbs, i.e. fruits and starches, you may want to consider the 
Ketogenic diet or the Rosedale diet. 
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Even though these grains are allowed, they can be difficult to break down, and 
can easily ferment in the intestinal tract due to excessive Candida overgrowth, 
bacteria, and parasites. 


Beans: 
¢ All beans—EXCEPT soy ° Navy 
¢ Garbanzo e Peanuts 
¢ Lentils 

Sweeteners: 


* Stevia (This is the best of all the sweeteners, but make sure it does 
not contain erythritol—a sugar alcohol!) 
e Agave syrup 


* Honey 
e Maple syrup (natural/real—not made from corn syrup) 
° Xylitol 


¢ NO piloncillo (unrefined sugar) 
¢ NO sugar 


Author’s Note: Honey is allowed, however, it can create insulin spikes. 


Prohibited Foods List 


After working with thousands of families, and conducting independent 
research, it is my personal opinion that the products on the following list 
should be avoided if your intention is to heal autism: 





* Acetic acid (E260) 

¢ Artificial flavoring 

¢ Artificial sweeteners 
¢ Bouillon cubes 


¢ Bread 
¢ Cacao/Cocoa 
° Candy 


* Cane sugar 

° Carrageenan 

°  Catsup 

* Chocolate milk 
* Coloring 

* Corn flakes 

* Corn syrup 

* Cow's milk in any form (even lactose-free milk products) 
¢ Flour tortillas 

* Gelatin 

° Malt 

¢ Margarine 
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Mayonnaise 

Microwave popcorn 

MSG (Monosodium Glutamate) 
(MSG goes by many names—too numerous to mention here. A detailed 
list is available at www.truthinlabeling.org/hiddensources.html) 

Natural flavoring 

Noodle soup 

Oatmeal (except for Bob’s Red Mill GF oats) 

Pasta 

Children’s nutritional shakes 

Play-Doh™ 
(Contains gluten—Gluten-Free Dough is available at 
www.discountschoolsupply.com) 

Preservatives 

Processed meats (hotdogs, ham, sausage, cold cuts) 

Sodas 

Soy/fruit beverages 

Soy milk 

Soy sauce 

Sports drinks 

Sugar 

Yeast 


NO Cow’s Milk: 





Not casein free 

Not lactose free 

Not organic 

Not raw 

Not evaporated 

No No No cow’s milk! 

Sorry, no goat’s milk either! It too has casein. 
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All cow’s milk, regardless of what is removed from it, causes mucous 


production in the body. This, in turn, provides an ideal environment 


for pathogens. 


If you’re thinking that once you go GF/CF/SF + that your child will starve, trust 
me they won't! The list of foods they eat may get shorter, but they will keep 


eating. As | mentioned earlier, my son Patrick ate homemade French fries 


for the first three weeks of The Diet until he began accepting different fruits, 
nuts, and chicken again, but we did it... we transitioned. What | have seen in 


my own son, and in other children, is that when they begin to get healthier 


in the weeks and months after starting The Diet, they become more open to 


accepting new “legal” foods. 
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Wow.. quite amazing Kerri. 7 
j “ hat you eat” and have 

| have always believed that “you are W ad h 

been very careful with what | give to my Lids, so their diet 


te healthy, except for the occasional ice cream, 
ieelgone dies when someone offers him 


m He is not into sweets 


etc. My son even spits out can 
one because he really doesn’t like the 


at all, thank God 
But | must say this diet is just what he needed! Yay! 





There are a few loopholes to the above list. If you make your own catsup, 
mayonnaise, etc. with items from the permitted foods list, then your child can 
obviously eat those foods. The list refers to those items that come from the 
grocery store that contain white sugar, preservatives, and other problematic 
ingredients. 


There are many items on the forbidden foods list that don’t contain gluten, 
casein, or soy. Here is the explanation behind a few of those items: 


White refined sugar: Refined sugar has been found to reduce immune 
system function as well as contribute directly to obesity and Type II diabetes. 


The following list is excerpted from Suicide by Sugar.® 


* Sugar can suppress your immune system. 
e Sugar upsets the mineral relationships in the body. 
e Sugar can cause juvenile delinquency in children. 


e Sugar eaten during pregnancy and lactation can influence muscle 
force production in offspring, which can affect an individual's ability 
to exercise. 


e Sugar can cause hyperactivity, anxiety, inability to concentrate and 


crankiness in children. 


MSG: An excitotoxin that can literally “excite neurons to death.” We need 
all of our neurons! 


Yeast: Feeds Candida and other fungi. 


Carrageenan: Contributes to inflammation in the body and studies have 
linked it to colon cancer in rats.’ 
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Artificial sweeteners containing sucralose: In making sucralose, the 
chlorine in the sweetener bonds to carbon, producing a chemical known as 
a chlorocarbon. “According to physician and biochemist, Dr. James Bowen, 
chlorocarbons are never nutritionally compatible with our metabolic processes 
and are wholly incompatible with normal human metabolic functioning.”!® 


Processed Meats (hot dogs, ham, cold cuts, and sausages): The fats 
found in these meats may contain high amounts of toxins such as heavy metals, 
pesticides, and herbicides. In addition, processed meats contain sodium nitrite, 
which can harm the liver and pancreas. They may also contain corn syrup and 
flavoring. 


Natural Flavoring: The exact definition of natural flavorings & flavors from 
Title 21, Section 101, part 22 of the Code of Federal Regulations is as follows: 


The term natural flavor or natural flavoring means the essential oil, 
oleoresin, essence or extractive, protein hydrolysate, distillate, or any 
product of roasting, heating or enzymolysis, which contains the flavoring 
constituents derived from a spice, fruit or fruit juice, vegetable or vegetable 
juice, edible yeast, herb, bark, bud, root, leaf or similar plant material, meat, 
seafood, poultry, eggs, dairy products, or fermentation products thereof, 
whose significant function in food is flavoring rather than nutritional.'' 


Basically if you start with a natural ingredient, you can process or manipulate 
it any way you choose. No matter how many chemicals or solvents are added 
it will be labeled as a “natural flavor.” 


Notice they can come from meat, seafood, dairy, and wheat, etc., can also 
contain MSG. 


Coloring: Food dyes have been linked to allergic reactions, hyperactivity in 
children, and even cancer. Red No. 2, for example, was banned in 1976 after 
it was suspected to be carcinogenic. Red No. 40, in a number of tests, was 
shown to damage DNA in mice. 


When we are dealing with children on the spectrum, their immune systems are 
already compromised, and their detox pathways can be blocked or impaired. 
The idea is to decrease their burden with life-giving, nutritious foods, rather 
than add more stress to a body that is already maxed out. 


Corn Syrup/High Fructose Corn Syrup: Simply because corn is a 
permitted food does not mean corn syrup/HFCS are “legal.” Both of these 
shut down the immune system, as refined sugar does. They are chemically 
similar in composition. There is much controversy surrounding the use of 
mercury in the refining process, and how much if any, is in the final product.’ 
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| wanted to update you on everything with my daughter. 


we had a mishap 2 days ago. A substitute teacher 

gave my daughter a regular granola bar and a fla vored 
beverage containing sucralose. You know what Kerri, 
when she came home from school that day she was in 
her own world and was ignoring me. | knew right away 
she had something she shouldn't have had. | was angry 
and saddened by what | was witnessing. Is there anything 
we should do since she had those Q items that she’s a 
supposed to have. Or just continue to move forward?! 


After a while on the diet if becomes obvious when an 
infraction happens, if you are present when it happens 
you can give an enzyme to help break down the food, ne 
not, we move forward and learn how to prevent it from 
happening in the future. 







Common Errors: 


“It’s no big deal if we break the diet every once in a while.” 


Not True! Every time you break the diet, further inflammation is caused 


in the brain and gut. When gluten and casein proteins are not properly 
broken down, the resulting peptides reach the brain as gluteomorphin and 
casomorphin. It takes three days for casein to be eliminated by the body, 
but months for gluten to be eliminated by the body. 


“My child can drink milk as long as it doesn’t have casein.” 


Not True! As long as the milk comes from a cow, your child cannot drink 
it. It doesn’t matter how it’s labeled. If it comes from a cow it’s off limits. 
Cow’s milk can provoke the body to produce mucous, thus providing an 
ideal environment for pathogens which can cause chronic inflammation. 


“The allergy panel says my child isn’t allergic to gluten or casein, 
therefore he can eat them.” 


Not True! If your child has autism, or is on the spectrum, he must avoid 


gluten, casein, and soy. You should also observe your child carefully after 
adding a new food, or a food he hasn’t eaten in a while. In one particular 
case, even though the child didn’t test positive for an orange allergy he 
continued to produce symptoms of an allergic reaction whenever he ate 
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one. We must remember that the body is changing constantly and that 
any test is only good for a couple of months, if at all. 


| have seen the same story repeated over and over again with mangoes, 
oranges, bananas, apples, and corn, etc. Observing the conduct of your child 
after consuming a food you suspect he may have an allergy/intolerance to 
is the best way to measure whether the food is acceptable or not. As our 
children move towards healing, foods that at one point produced allergy- 
type symptoms can be tolerated without an immune system response. 


“My doctor says that autism has no cure, and that the diet doesn’t 
work.” 


Not True! Run from any doctor who says he will take your money even 
though he feels that autism is incurable. The first question you need to ask 
a doctor is: 


“How many children have your recovered from autism?” 
If the answer is zero, keep looking! 


The Diet is free—no one earns money if your child is on The Diet—so do it! 
You have nothing to lose, and everything to gain. However, if you choose 
not to do it, you may further lose the health or your child. Commit 100% 
to The Protocol, and your child may be one of the next recovery stories. 


1 iraculous 
My son had what can only be described as @ miracu 
seri to the GE/CF/SF diet. Since starting 2 weeks ago, 


js d, tantrums 
| the bumpy red areas on his face disappeare l 
eae eee a 10 toa & and diarrhea is all but gone. 





“We tried the diet, but Johnny didn’t get any better.” 


The Diet is only one piece of the puzzle. However, it is the foundation of 
everything we are going to do. Without maintaining The Diet, it is difficult 
to know which intervention is actually helping. 


Candida will be dying and a reaction to The Diet may be a Herxheimer. 
We must go beyond the diet to heal autism, but diet is the first piece of 
the recovery process. 


When | receive an email complaining that a child isn’t getting better | ask 
for a detailed list of exactly what the child is eating. | always find errors 
in parents’ application of the GF/CF/SF + diet. What | typically uncover is 
that The Diet did not fail but that the application was flawed. 
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“I should remove gluten and casein from my child’s diet gradually.” 


Not True!!! Remove them from the diet immediately and watch your child 
improve before your very eyes. Foods that cause IgG or IgE allergic 
reactions cause many other problems in the body including inflammation 
and psychotic behaviors, in response to gluteomorphin and casomorphin. 
The sooner you can remove these foods the faster your child will recover. 








oon as we started working on the diet, my son received 
pean evaluation, although he was 20 esl old, 
the results were that of a child of 15 months. 4 months 
after implementing the diet, the changes ha ve been ; 
dramatic. My boy smiles again, he speaks in his own way, he 
points, has eye contact, interacts with others, he is pi 
close to being recovered, although he is still missing a li he 
bit. He is occasionally nervous and sometimes distant, b - 
the most important thing is that the therapist Wehedey : 
developmental test and my son is now reacting like a chi 1 0 
24 months his current agel, even in some areas surpassing 
it! And this is only with the diet because he hasn t+ taken any 
supplements, just a probiotic that was ineffective. 














“A gluten-free/casein-freelsoy-free diet is good enough.” 


It’s Not! Like | said before, | always find errors when a parent goes 
step-by-step with me through their child’s diet. The list on page 52 is a 
detailed list of what our children should not eat under any circumstances. 
Many of these foods contain neurotoxins/excitotoxins. These foods can 


negatively affect developing and mature nerve tissue. Keep them out of 
your child’s diet. 


Beyond GF/CF/SF + 


Sometimes, The Diet as explained is not enough and we need to go beyond it. 
If your child suffers from constipation, diarrhea, or seizures it is recommended 


to do a period on the Specific Carbohydrate Diet™ (SCD™). The following 
text was sourced from the website... 


www.breakingtheviciouscycle.info 


...by Elaine Gottschall. A complete list of references is also available at that 
website. 
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The Specific Carbohydrate Diet™ has helped many thousands of people 
with various forms of bowel disease and other ailments vastly improve 
their quality of life. In many cases people consider themselves cured. It is 
a diet intended mainly for Crohn’s disease, ulcerative colitis, celiac disease, 
diverticulitis, cystic fibrosis and chronic diarrhea. However it is a very 
healthy, balanced and safe diet that has health benefits for everyone. The 
foods that are allowed on the Specific Carbohydrate Diet™ are based 

on the chemical structure of these foods. Carbohydrates are classified by 
their molecular structure. 


The allowed carbohydrates are monosaccharides and have a single 
molecule structure that allow them to be easily absorbed by the intestine 
wall. Complex carbohydrates which are disaccharides (double molecules) 
and polysaccharides (chain molecules) are not allowed. Complex 
carbohydrates that are not easily digested feed harmful bacteria in our 
intestines causing them to overgrow producing by products and inflaming 
the intestine wall. The diet works by starving out these bacteria and 
restoring the balance of bacteria in our gut. 


Autism & GI Problems 


Altered intestinal permeability was found in 43% of autistic patients, 

but not found in any of the controls (Harvard University). Intestinal 
permeability, commonly called “leaky gut”, means that there are larger 
than normal spaces present between the cells of the gut wall. When 
these large spaces exist in the small intestine, it allows undigested food 
and other toxins to enter the blood stream. When incompletely broken 
down foods enter the body, the immune system mounts an attack against 
the “foreigner” resulting in food allergies and sensitivities. The release 

of antibodies triggers inflammatory reactions when the foods are eaten 
again. The chronic inflammation lowers IgA levels. Sufficient levels of IgA 
are needed to protect the intestinal tract from clostridia and yeast. The 
decreasing IgA levels allow for even further microbe proliferation in the 
intestinal tract. Vitamin and mineral deficiencies are also found due to the 
leaky gut problem. 


In a healthy intestinal tract the small intestine and stomach are not 
inhabited by bacteria. When the flora balance in the colon is lost, the 
microbes can migrate into the small intestine and stomach, which 
hampers digestion. The microbes compete for nutrients and their waste 
products overrun the intestinal tract. One of the toxins produced by yeast 
is actually an enzyme that allows the yeast to bore into the intestinal wall. 
The yeast also produce other toxins such as organic acids, which can also 
damage the intestinal wall. 


Bacterial growth in the small intestine destroys enzymes on the intestinal 
cell surface, which prevents carbohydrate digestion and absorption. 
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The last stage of carbohydrate digestion takes place at the minute 
projections called microvilli, Complex carbohydrates that have been 
broken down by the enzymes embedded in the microvilli can be absorbed 
properly and enter the blood stream. But when the microvilli are 
damaged, the last stage of digestion cannot take place. At this point 

only monosaccharides can be absorbed because of their single molecule 
structure. 


In the small intestine, the body should absorb the nutrients needed 
from what is eaten. But in the case of malabsorption, the undigested 
carbohydrates left in the small intestine cause the body to draw water 
into the intestinal tract. This pushes the undigested carbohydrates 

into the colon where the microbes can feast on it. This allows for even 
more proliferation of the unwanted microbes and continued increase in 
malabsorption problems. 


Low intestinal carbohydrate digestive enzyme activity was found in 43% 
of patients with autism. (Horvath) Recent studies point out that ongoing 
carbohydrate malabsorption keeps the digestive system constantly 
weakened, leading to systemic disorders. Suspected carbohydrate 
malabsorption should be treated to ward off further damage to the body’s 
digestive system. (GSDL) 


Most intestinal microbes require carbohydrates for energy. The Specific 

Carbohydrate Diet™ limits the availability of carbohydrates. By depriving 
these microbes of their food source, they gradually decrease in number. As 
the number of microbes decreases so do the toxic by-products they create. 


The Specific Carbohydrate Diet™ (SCD™) is intended to stop the vicious 
cycle of malabsorption and microbe overgrowth by removing the source 
of energy from the microbes. The SCD™ allows simple monosaccharides 
that do not need to be broken down in order to be absorbed. 


By following the SCD™, malabsorption is replaced with proper absorption. 
Inflammation is decreased and the immune system can return to normal. 
Once the immune system is returned to adequate levels, it can begin to 
keep in the intestines microbes in proper balance. 


The SCD™ allows simple carbohydrates, but prohibits complex 
carbohydrates. The diet is started by following an introductory diet, which 
consists of a limited selection of foods. After the introductory diet, the next 
stage of the diet allows many more foods, but requires that all fruits and 
vegetables be peeled, seeded and cooked in order to make them more 
easily digested. Raw fruits, vegetables, nuts and seeds are added to the 
diet later. To properly follow this diet, it is imperative to read Breaking the 
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Vicious Cycle by Elaine Gottschall. The book details the progression of 
allowed foods as well as providing many delicious recipes. '* '* 


Salicylates/Phenols 


Phenol is a naturally occurring chemical found in many of the foods we eat, such 
as fruits and vegetables, nuts, and in bioflavonoids and cartenoids (carotene, 
lutein, lycopene, xanthophylls, and zeaxanthin), etc. Phenols can be found in 
toothpaste, hair dye, and disinfectants, etc. Many foods have phenols, and they 
are impossible to avoid completely. Salicylates are a subgroup of phenols, 
related to aspirin. There are several kinds of salicylate, which plants make as a 
natural pesticide to protect themselves from insects, fungi,and harmful bacteria. 
Foods high in natural salicylates are tomatoes, apples, peanuts, oranges, cocoa 
(chocolate), red grapes, coffee, all berries, and peppers, to name a few. 


You may also need to consider a low salicylate and/or phenol diet, as many 
children on the spectrum may have issues with these items. The following was 
sourced from www.scdlifestyle.com. 


Dr. Feingold is probably the most widely known individual to study this 
chemical, as he developed what is now referred to as the Feingold Diet. 
He started out in the 1960s as a pediatrician and allergist studying 
children’s negative reactions to aspirin. Through his work, he found that 
many other dietary chemicals were causing physical and even behavioral 
reactions in his patients. He developed the Feingold Diet to eliminate all 
food additives, colorings, and salicylates. 


Why Do People React to Them? 


In a normal body that has the correct levels of sulphates and liver 
enzymes, phenols and salicylates are easily metabolized. The body utilizes 
what it needs from the chemicals and properly disposes of the rest 
through the bowels. In those whose levels are not normal or in the case 
of “leaky gut syndrome”, intolerance to this chemical family can occur 
rather quickly. 


Many people with gut issues such as yeast/bacteria overgrowth or 
digestive diseases can develop salicylate intolerance as a result of “leaky 
gut” syndrome. Leaky gut is a result of various digestive problems and 
occurs when the small intestine becomes too damaged to properly 

filter the size and types of food particles or chemicals that enter the 
bloodstream. [For more on leaky gut syndrome see http://scdlifestyle. 
com/20 | 0/03/the-scd-diet-and-leaky-gut-syndrome/] When these 
improper particles are allowed to repeatedly enter the bloodstream the 


62 


Chapter 3 


body tries to get rid of them by triggering an immune system response. 
Because phenols/salicylates are so common in most foods, a person with 
a leaky gut will have much higher than normal levels of these chemicals 
in their blood and can very quickly develop intolerance ’s to these specific 
particles. 


Why Can Phenols Affect Children on the Autism Spectrum 
More Than Others? 


Research by Dr. Rosemary Waring at the University of Birmingham found 
that children on the autism Spectrum have low levels of the enzyme 
phenol-sulfotransferase-P (the enzyme that breaks down the phenol and 
amine families, also known as PST) and the substrate it uses: sulfates. 
Sulfates are a key tool that the body uses in the process of detoxification 
and break down phenols such as salicylates. Without normal levels of 
sulfates in the body, the sulfotransferase enzyme cannot do the task it 
was created to do: metabolize salicylates. So there are two problems with 
PST deficiency: low sulfate levels and low enzyme levels. PST deficiency 
alone can cause problems in children (remember phenols are normal) 
but factor in any intestinal damage resulting in leaky gut along with it and 
your child’s body can easily be overwhelmed. The end result is a salicylate 
intolerance and the subsequent physical and behavioral reactions that 
come with it. 


Reactions Caused by Phenols 


Salicylates stimulate the central nervous system in people that react to 
them. This can often bring with it an emotionally extreme high followed 
by a very low, low. Other reactions to the phenol family can occur 
anywhere from immediately after consumption up to 48 hours after 

the consumption of the chemical, depending on the immune response. 
Physical reactions can include: dark circles under the eyes, red face/ears, 
diarrhea, headache, difficulty falling asleep at night, night waking, and in 
some cases excessively tired and lethargic. Behavioral symptoms of a 
reaction can be: hyperactivity, aggression, head banging or other self- 
injury, and even inappropriate laughter. Hyperactivity is more common in 
children’s reactions, while adults generally experience symptoms similar to 
chronic fatigue. '° 


For additional information on leaky gut syndrome you may wish to look at 


(search for) Dr. Peter Osborne: 


www.glutenfreesociety.org 


If your child suffers from self-injurious behaviors limit these foods that are 


moderate to high in phenols: 
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Almonds Colored fruits * Pineapples 
Apples Dates ° Powdered chili 
Avocados Food coloring pepper 

Bananas Honey * Processed meats 
Cacao Mangos ° Raisins 
Cantaloupes Mint e Strawberries 
Cherries Oranges ° Tangerines 
Cider vinegar Oregano * Tomatoes 
Coconut oil Peanuts 


For more information on this you can visit: 


www.scdlifestyle.com 


and 


www. feingold.org 


RE 
ey 1 





She’s quite the book worm and has an impressive collection 
which includes classic favorites such as Brown Bear, Llama 
Llama Red Pajama, Barnyard Banter and Goodnight Moon... But 
lately, she has been drawn to her Mama’s new favorite read... 
Perhaps she is hoping that someday her story of recovery will 
be told too... 
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Gluten Syndrome 


For many parents of children on the spectrum, having their children on The 
Diet is something that is second nature to them. However, as more and 
more people are using the protocol in this book to heal their own health 
ailments we have decided to include the following section on how gluten 
can negatively affect many more than just the autism community. You will 
get a very interesting look into how the immune system works and why so 
many sufferers have misunderstood gluten syndrome. Thank you Olive for 
contributing to our understanding of the subject. 


Molecular Mimicry 
What It Is & How It Relates to the Gluten Syndrome 
by Mrs. Olive Kaiser 


Who am I? 


| am a married stay at home mom, blessed with a wonderful husband and 
seven fantastic kids. In 2003, after decades of searching, we learned about 
gluten reactivity through our daughter’s nursing school training and eventually 
confirmed that we are a gluten syndrome family. Our daughter and my 
husband had the most obvious symptoms, but we all had manifestations and 
antibodies. Additionally our oldest son reacted to his MMR vaccination and 
probably other shots, which added high functioning ASD/ADD to the mix, and 
he developed type | diabetes at age 19. Two other sons had various shades 
of ADD/ADHD. My own school age vaccinations in the 1950’s may have led 
to repeated bouts of strep throat until | reacted to a strep antibiotic injection 
about age 10. | developed PANDAS from that reaction (Pediatric Autoimmune 
Neuropsychiatric Disorder Associated with Streptococcus). What a struggle! 
Decades later it has responded somewhat to diet changes and now the CD/ 
parasite protocol. | give thanks to God for His guidance along the way. 


How did I get into this community and this health project? 


We tested for gluten syndrome (we called it celiac disease back then) using 
standard tests recommended by celiac experts and received confusing results. 
Then, our daughter had a troubling experience with a gluten challenge that did 
not match the celiac story we’d been taught. | delved into medical literature 
and networked extensively with the gluten syndrome community looking for 
help. In that desperate discovery and prayer process | found practitioners and 
researchers who stepped outside the “villi damaged celiac only” box. They 
were able to explain why we received, in the midst of obviously gluten-induced 
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incidents, false negative results from our celiac blood tests and villi biopsy. 
Those tests significantly led us astray and eventually | put up a website... 


www. TheGlutenSyndrome.net 


...to warn others of discrepancies we stumbled upon in the diagnostic process. 


What is Molecular Mimicry? 


Molecular mimicry is a recognized medical theory which explains very nicely 
why gluten reactions may potentially inflame and damage so many different 
parts of the body, leading to very different symptoms in different people. It 
also clarifies why gluten antibodies may cross react with other foods and 
infections, and why it only takes a small exposure to trigger them. 


When we understand molecular mimicry we are better equipped to deal with 
tempting social situations. Gluten syndrome has its own rules, which do NOT 
make sense unless this concept is understood. 


The following is a brief introduction to Appendix 5, page 449, which goes into 
much more detail, along with references, about the following questions: 


1. How does the gluten syndrome reaction actually damage our 
bodies? 


Molecular mimicry. The molecular structure of gluten resembles the 
molecular structure of many of our body tissues. When the immune 
system attacks gluten it may also attack body tissues that “look like” 
gluten. Even if you do not read the other detailed answers, learn the 
details for this question on page 450. 


2. Does gluten always damage the villi of the small intestine as the 
celiac story teaches? Many other tissues such as thyroid, pancreas, 
liver, joint, brain, nerves, heart, bone, blood vessel walls, etc., are 
involved in this disorder. Does all that other damage only arise 
from poor nutrient absorption from injured gut villi? 


No, according to published research, many researchers and practitioners 
believe the villi are not always damaged in an autoimmune gluten reaction. 
Where there is no villi damage, injury to other organs CANNOT be 
due to nutrient deficiencies caused by villi damage. Molecular mimicry 
provides a mechanism for direct autoimmune gluten damage to many 
other tissues and organs when the villi are fine, OR other tissues/organs, 
including villi, may be directly damaged through molecular mimicry. 
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Dr. Vojdani’s abstract in his editorial The Immunology of Gluten Sensitivity 
Beyond the Intestinal Tract, supports that the villi are not always injured. 
To quote his editorial abstract, “Evidence has been accumulated in 
literature demonstrating that gluten sensitivity or celiac disease can exist 
even in the absence of enteropathy [gut/villi damage], but affecting many 
organs.” 


| don’t have damaged villi, and my tTG/gliadin tests were 


negative, but I feel so much better gluten-free. Why? 


4. 


The tests were likely false negative. That is very common. As gluten 
digests, it breaks into more pieces than we have tests developed to check 
them, and the immune system makes a separate antibody for each piece. 
Standard tests only check 2-3 antibodies. You may have others (Cyrex 
Labs tests 28 antibodies). Your villi may be fine, but you may be injured 
somewhere else—for example: thyroid, nerves, heart, etc. 


Why do many gluten syndrome patients not only react to wheat, 


barley, and rye but also at times to other foods, particularly oats, 
milk, corn, soy, egg, yeast, coffee, sesame, rice, chocolate and others? 


5. 


These foods “look like” gluten closely enough in their structure that the 
immune system may mistake them for gluten. This situation may also 
cause your gluten antibodies to run high after you go gluten-free. The 
immune system may misrecognize other foods, such as yeast, corn or milk, 
and others for gluten because they resemble gluten molecularly. 


The diet seems excessively strict? Why does it take so little 


gluten to start a reaction? 


6. 


Our perspectives are skewed. We accept that miniscule amounts of venom 
injected by a bee sting, or a tiny exposure to peanuts in allergic individuals 
can set off immediate life threatening allergic reactions. Many medications 
are contained in very TINY pills, but they have powerful effects in our 
bodies. Immune gluten reactions are also that sensitive. “Crumbs matter.” 


Why do many people react to gluten, proven by antibody tests, 


but they have few or no warning symptoms for a long time and then 
they crash with something serious, usually autoimmune? 


7. 


Gluten is famous for slowly injuring nerves by molecular mimicry, and 
in many cases, the nerves are silenced by that injury. The patient does 
not realize there is a problem until the tissue or organ that those nerves 
supply begins to fail. 


Why do so many of us react to gluten today, when for centuries 


most people appeared to be fine with wheat, barley, rye and oats? 
After all, wheat and barley are mentioned positively in the Bible and 
other historical documents. 
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Today’s gluten is altered, violently, by nuclear radiation and chemical 
mutation within the past 60 years*, plus our toxic and poorly nourished 
bodies do not have optimal digestive capabilities to break it down. Weak, 
toxic, leaky body barriers/membranes, particularly leaky gut, set the stage 
for gluten induced molecular mimicry. 


*Nina Federoff, Mendel in the Kitchen 


Why do specialists and researchers insist that the gluten-free 


diet must be life long? Can’t we heal this problem and go back to 
our beloved wheat bagels, croissants, and brownies? 


9; 


Our scientists still insist that gluten-free is a strict lifelong commitment. 
| agree. For me it is not worth playing with today’s wheat. There is 
something strange and unpredictable about it. The memory B cells in 
the immune system never forget what the enemy “looks like”, and fresh 
exposure retriggers antibodies. 


Traditional peoples soaked and/or sprouted their wheat berries 


and then made sourdough bread with them. Does that process 
alter the gluten sufficiently for gluten syndrome patients to safely 
consume this bread, particularly spelt or einkorn? 


10. 


No. These processes and ancient wheat grains do make the bread more 
digestible, but not gluten-free and still unsafe. 


Should | substitute all the gluten foods | routinely eat with 


gluten-free substitutes? 


ll. 


12. 


No, not routinely. The gluten-free community finds that they are still 
mainly expensive high carb processed food (i.e., junk food). 


What are gluten withdrawals? 


Occasionally, gluten breaks into specific “pieces” in the gut that resemble 
opiate drugs. When a person goes gluten-free, they may experience 
temporary, but unpleasant, withdrawal symptoms for a few days as these 
pieces disappear from the blood stream. 


What are the risks of formal gluten challenges? 


Many patients avoid these challenges. Occasionally a patient tries the 
gluten-free diet for an extended period of time and then the patient or 
doctor decides to run tests to confirm gluten reactivity. The standard 
advice to restart the production of antibodies is to consume gluten 
products 4 x per day for 4-6 weeks, and then run the standard blood 
test, followed by a villi biopsy if the blood work is positive. This is called 
a gluten challenge and has created some very dramatically unhappy 
reactions, some of them neurological/psychological. 
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Please see Appendix 5 (page 449) and www.GlutenSyndrome.net for 
more info and references. When we understand molecular mimicry our 
understanding of the gluten syndrome comes into focus. It explains why 
gluten-free diets and beyond are important tools to reduce inflammation 
and promote healing. As time goes on, gluten-free diets are easier to 
manage in public, tests are better and social awareness has grown. The 
Just Eat Real Food movement and others play into healthy gluten-free 
dining with wonderful recipes that avoid processed foods and incorporate 
healthy fats and nutrient density. This is a happy, encouraging era as we 
watch our children heal and adults find better stability in the midst of a 
health crisis. Bon Appetit!!! 


We 
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The Diet - FAQs 


The following FAQ’s were printed with permission from gfcfdiet.com: 


Slight changes were made to match the formatting of this book; however, the 


content remains unaltered. Please visit gfcfdiet.com for complete list of the 


references contained within the following text. 


1. 


My doctor has never heard of any of this and she is extremely 


skeptical. I’m embarrassed to tell her I’m considering this approach. 
What do you think? 


Skepticism is a good thing in a medical doctor or scientist. However, 
since there is preliminary evidence to support this safe, non-invasive 
intervention, it is up to you to educate her, state your wishes, and 
ask for her support. For a doctor, it is better to wait until all of 
the data is published in peer-reviewed journals before advocating a 
treatment. However, for a parent, it is reasonable to want to help 
one’s child without waiting for all of the results of the “double-blind 
placebo” studies. Because this approach does not include any unusual 
supplements, invasive drugs, or expensive treatments, your pediatrician 
should be supportive. Explain that you would like to try this for a few 
weeks, and agree that you will be objective about recording your 
child’s progress while on the diet. 


If you feel that you need to support your case legally with 
the scientific and medical documentation that is currently 
available, please see the medical links at www.gfcfdiet.com or at 
www.autismndi.com. 


Protection from negative and coarse vibrations os dierlibe sonal cig 
Pic. 113 X EN ww.angels-heaven.org www.angels-light.org 





Step | - The Diet 69 
2. What is casomorphin? 


Casomorphin (or caseomorphin) is a peptide derived from casein, a 
milk protein. Casein is one of the major proteins in the milk of all 
mammals including cows, goats,and humans. When casein is digested 
properly, it breaks down into large peptides like casomorphin, and 
should then be broken down further into smaller amino acids. 


However, Dr. Reichelt in Norway, Dr. Cade at the University of 
Florida, and others found that urine samples from people with autism, 
PDD, celiac disease, and schizophrenia contained high amounts of the 
casomorphin peptide in the urine.* In its peptide form, casein has 
opiate properties similar to morphine, and may plug into the same 
opiate receptor sites in the brain. Researchers have found that these 
peptides may also be elevated in other disorders such as chronic 
fatigue, fibromyalgia, and depression based on anecdotal reports of 
symptom remission after exclusion of wheat and dairy. 


3. What is gliadorphin? 


Gliadorphin (also called alpha-gliadin or gluteomorphin) is a substance 
that resembles morphine. Ordinarily, this is a short-lived by-product 
from the digestion of gluten molecules (found in wheat, barley, rye, oats, 
and several other grains). Gliadorphin is very similar to casomorphin. 
Gliadorphin has been verified by mass spectrometry techniques to be 
present in unusual quantities in urine samples of children with autism, 
and are believed by many to be a central part of the system of causes 
and effects that cause autistic development. 


The most probable reasons for the presence of these molecules are: 


¢ One or more errors in the breakdown (digestion) process caused 
by enzyme deficiency and/or 


e Abnormal permeability of the gut wall (that would allow these 
relatively large molecules to enter the bloodstream from the 
intestine in abnormal quantities). 


4. lam confused about allergy vs. intolerance. | understand that 
our children may be sensitive to corn, soy, and other foods as well 
as gluten and casein. Does this mean that they will eventually start 
turning these foods into the morphine-like compounds too? If this 
were the case, would they show up as an allergy on a RAST test? Or 
were our children always allergic to these foods (a regular allergy 


70 Chapter 3 


that may cause behavioral changes in our children), and we just 
didn’t know because the gluten and casein were hiding the allergy? 


To a traditional physician or allergist, “allergy” is used to describe 
a reaction of the IgE part of the immune system, resulting in hives, 
swelling, or breathing problems. However, the words “allergy” and 
“intolerance” are often used to describe any inappropriate reaction 
to foods or substances that should normally be harmless to the body. 


There are at least three different ways that a child with autism may 
have a problem with foods that contain gluten or casein, and it’s 
important to understand the distinction: 


1. An IgE ALLERGY commonly results in skin problems, hives, 
swelling, and breathing problems, etc. This can be tested using a skin 
test or blood test. 


2. An INTOLERANCE (usually mediated by the IgG or IgA part of 
the immune system, or by an enzyme insufficiency such as lactose 
intolerance) has more varied or vague symptoms like discomfort, 
stomach problems, sleep problems, joint pain, ear infections, or 
hyperactivity and behavior problems. Sensitivity to these substances 
can be tested with an ELISA blood test. 


3. PEPTIDUREA (peptides in the urine) is caused by the inability of 
the body to properly break down certain proteins. It is hypothesized 
that certain peptides, notably from milk and wheat proteins, are 
plugging into the opiate receptor sites of the brain and disrupting 
brain and nervous system function. Urine testing for this is still 
experimental, and many parents believe that the best way to find out 
if this is what is causing a child’s autism is a strict trial period on the 
GF/CF diet. 


On the GF/CF diet, gluten and casein are avoided because they are 
strongly suspected of having a direct pharmacological effect. When 
these proteins are only partly broken down, some of the resulting 
fragments can be strikingly similar to morphine, and act in more or 
less the same manner. (This type of reaction can co-exist along with 
a classic type of allergy towards the same foods.) 


Recent research indicates that protein from both corn and soy may 
also contain some molecular sequences that could, if the patient 
has an enzyme deficiency, be broken down into something closely 
resembling opioid peptides. Even spinach protein has been found to 
have some opioid activity. 


Products made from soy or corn will also often contain metabolic 
end products made by microscopic organisms like bacteria, molds, 
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or other fungi. Some of these are suspected of being harmful to a 
small number of people who are genetically predisposed to autism. 
The amount of danger will depend on individual conditions AND on 
the quality of the corn or soybeans used in the production process. 
Soy OIL (lecithin) may be worse than most other soy products since 
this product will look and taste okay, even when made from moldy 
raw material, and since it is commonly made from the “bottom grade” 
of the harvest. 


Some people also think that one of the natural pigments in corn (lutein) 
may cause problems for reasons that are not properly understood 
(see: “Sara’s Diet”). This must be regarded as highly speculative. 


5. I don’t think my child has allergies, or that allergies could cause 
autism. Why should I try removing foods from his diet? 


Although parents have been reporting a connection between autism 
and diet for decades, there is now a growing body of research that 
shows that certain foods seem to be affecting the developing brains 
of some children and causing autistic behaviors. This is not because 
of allergies, but because many of these children are unable to properly 
break down certain proteins. 


6. Milk and wheat are the only two foods my child will eat. His diet 
is completely comprised of milk, cheese, cereal, pasta, and bread. If 
I take these away, I’m afraid he’ll starve. 


There may be a good reason your child “self-limits” to these foods. 
Opiates, like opium, are highly addictive. If this “opiate excess” 
explanation applies to your child, then he is actually addicted to those 
foods that contain the offending proteins. Although it seems as if your 
child will starve, if you take those foods away, many parents report that 
after an initial “withdrawal” reaction, their children become much 
more willing to eat other foods. After a few weeks, most children 
surprise their parents by further broadening their diets. 


7. Isn’t milk necessary for children’s health? 


Americans have been raised to believe that this is true, largely due 
to the efforts of the American Dairy Association, and many parents 
seem to believe that it is their duty to feed their children as much milk 
as possible. However, lots of perfectly healthy children do very well 
without it. It is calcium children need, not milk. Cow’s milk has been 
called “the world’s most overrated nutrient” and “fit only for baby 
cows.” There is even evidence that the cow hormone present in dairy 
actually blocks the absorption of calcium in humans. 
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Be careful. Removing dairy means all milk, butter, cheese, cream 
cheese, and sour cream, etc. It also includes product ingredients 
such as “casein” and “whey,” or even words containing the word 
“casein.” Read labels—items like bread and tuna fish often contain 


milk products. Even soy cheese usually contains caseinate. 


For more information on dairy-free living, there’s a very good book 
called Raising Your Child Without Milk by Jane Zukin. Another great 
book called Don’t Drink Your Milk by Frank Oski (the late head of 
pediatrics at Johns Hopkins and author of Essential Pediatrics). This 
book cites the results of several research studies that conclude that 
milk is an inappropriate food for human children. It is available for 
$4.95 from Park City Press, PO Box 25, Glenwood Landing, NY 11547, 
ISBN #0671228048. 


8. How do | know which foods he’s allergic to? 


Try an allergy elimination diet. For example, keep common allergens 
out of his diet for a few days and then re-introduce them, one-by-one. 
If you see symptoms, either physical or behavioral, try again in a few 
days. By being systematic you will be more certain of which foods 
are causing problems and correctly rule them out. Two excellent 
resources, probably available at your library, are Doris Rapp’s book, Is 
This Your Child, and William Crook’s, Solving the Puzzle of Your Hard to 
Raise Child. 


9. Aren’t eggs dairy? 


Many years ago, most of us were taught that eggs and dairy were part 
of the same section of the food pyramid under “dairy.” However, they 
are not. Eggs are free of any dairy. Dairy can be from cows, sheep, or 
goats. The eggs we eat are normally from chickens. Dairy and eggs 
happen to be side-by-side in the refrigerator section of the grocery 


store, which may add to the confusion. 


10. What do I do when we go to a party or out to another person’s 
house and are trying to maintain my child on a GF/CF diet? At times 
we find it impossible to catch him before he ingests something he 
shouldn’t. 
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It is a good idea to bring some favorite GF/CF goodies with you. Keep 
them hidden until that moment of “competition.” Show the surprise 
treat to your child before your child eats one of the gluten and/or 
casein laden foods. Bring more than one goodie to be on the safe 
side. Also, there are two small pamphlets that are great for handing 
out to friends and family members that give a simple explanation for 
your child’s special dietary requirements. These are: “Alternative 
Treatments for Children Within the Autistic Spectrum: Effective, 
natural solutions for learning disorders, attention deficits, and autistic 
behaviors,’ by Deborah Golden Alecson, and “Leaky Gut Syndrome: 
What to do about a health threat that can cause arthritis, allergies, 
and a host of other illnesses,” by Elizabeth Lipski, M.S.,C.C.N. Both of 
these books cost $3.95 each and can be found at health food stores. 


11. Do we need to worry about gluten-containing lotions, 
shampoos, and toothpaste being absorbed through the skin? 


Nicotine patches, birth-control patches, and other transdermal 
applications of medications are proof that the skin does absorb many 
things (and pass them to the bloodstream). However, the molecules 
in gluten are too large to pass through the skin, according to John 
Zone, MD (a dermatologist quoted in the Spring 2003 issue of Living 
Without magazine). 


Most often the problem occurs from hand to mouth (i.e. touching 
colored modeling dough and then touching one’s face), which is a good 
reason to avoid giving our kids much access to anything that poses 
a threat. If your child’s school has a sensory table, you can request 
that it be filled with rice or dried beans, instead of macaroni or gluten 
grains. Likewise, we suggest that you volunteer to be the “Play-Doh™ 
parent” and keep the classroom supplied with a safe version that you 
don’t have to worry about. 


We are not too concerned about shampoo, unless you have a child 
who is likely to try to drink the stuff. But toothpaste is an entirely 
different matter, since some of it is likely to be ingested, rather than 


spit out. 


12. I’m already worried about my child’s nutrition, and his 
“allergies” are causing me to further reduce his choices. If apple 
juice and bananas are the only fruits he will eat, and he’s reacting to 
them, how is he supposed to get by? 
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Fruit contains water, sugar, fiber, and vitamins. If he will not eat other 
fruits then he needs to get these things from other sources. 


13. | am wondering if anyone else is having problems with school 
and keeping them on the diet? I have sent a note saying: “Please 
don’t give my son dairy, wheat, corn, or soy.” Today | came in and 
they were giving him Popcorn! 

My kid doesn’t eat ANYTHING that isn’t sent from home. He’s almost 

ten now, and this policy has been good for him because succumbing 

to temptation outside of the house has simply never been an option. 

| don’t think it would occur to him to take food from anybody without 


our permission. 


We always made sure there are backup snacks and birthday party 
treats at school for emergencies. | think the school has always taken 


this seriously because they can see how seriously we take it. 


We once got a note from a mom who said that her son had been 
strictly GF/CF for months without an improvement. | asked what he 
was eating, and she gave me a long list including expensive GF pre- 
packaged products. Then she ended her letter by saying, “Of course, 
that’s just what he gets at home. | have no idea what he gets in his 
school lunch, or what they’re using for food reinforcers in his ABA 


program.” 
Definitely try this—you might see a real difference. 


14. What percentage of children will respond to dietary 
intervention? 


DAN! doctors used to try to be conservative about this, and say at 
least a third of children, and then, after seeing more patients, they 
said two thirds. Now that they have seen hundreds or thousands of 
patients, most tell us that they believe that almost every ASD child 
will benefit from this diet. Many will need further modifications (i.e. 


removing grains or sugar) before the full benefits are realized. 


However, age plays a big part in how quickly results will be seen. We 
can probably say that the response will be dramatic in more than two 
thirds of the children under three, and perhaps more subtle, but still 
helpful, in at least two thirds of older children. We think those are 
pretty good odds.? 
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Kerri, yesterday the therapist was playing with Play-Doh™ with my 
daughter. She could not resist eating it. We tried very hard to stop 
her with no luck. In the end we had to stop her from playing with 
it. People say this is due to a zinc deficiency. Do you know if this is 
correct? Will giving her Zinc stop her from wanting to eat Play- 
Doh™? If yes, how much should I give? 


She is not eating Play-Doh™ because of a zinc deficiency. Play-Doh™ 
contains wheat. She is addicted to gluteomorphin, a by-product of her 
eating gluten, which is contained in Play-Doh™. So, she broke her diet. She 
cannot touch nor eat Play-Doh™. 


What exactly is Candida? 


Candida albicans is an opportunistic fungus (or form of yeast) that is the 
cause of many undesirable symptoms ranging from fatigue and weight gain, 
to joint pain and gas. 


The Candida yeast is a part of the gut flora, a group of microorganisms 
that live in your mouth and intestine. When the Candida population starts 
getting out of control it weakens the intestinal wall, penetrating through 
into the bloodstream and releasing its toxic by-products throughout the 
body. 


What Causes Candida Overgrowth? 


Candida is an opportunistic pathogen that can rapidly take over when a 
person is under a course of antibiotics. Antibiotics destroy beneficial gut 
flora but have little effect on Candida, giving this normally harmless yeast 
the chance to take over dominance of the gut environment very quickly. 


Babies born via C-section, or to mothers who were treated with IV 
antibiotics during labor are especially vulnerable to the ravages of Candida 
overgrowth. This is because they are not exposed to a healthy balance of 
gut flora on the way through the birth canal prior to the moment of birth. 


...disaccharides, or double sugars, are present in many carbohydrates 
including ALL grains—not just gluten containing ones. An inflamed, 
imbalanced gut overridden with Candida is unable to digest double 
sugar molecules completely because the lack of beneficial gut flora has 
compromised the function of the enterocytes. 


According to Dr. Natasha Campbell-McBride MD, author of Gut and 
Psychology Syndrome, and one of the key scientists at the forefront of gut 
restoration research today, enterocytes are the cells that reside on the 
villi of the gut wall and produce the enzyme, disaccharidase, which breaks 
down the disaccharide molecule into easily absorbed monosaccharide 
molecules. When the enterocytes are not nourished and strengthened 
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properly by adequate beneficial flora, they become weak and diseased 
and may even turn cancerous. Unnourished, enterocytes cannot perform 
their duties of digesting and absorbing food properly.'® '” 


The critical importance of the enterocytes to health cannot be overstated! 


Weak and diseased enterocytes also have trouble digesting starch 
molecules, which are very large molecules that consist of hundreds of 
monosugars, connected in long branchlike strands. People with weak 
digestion due to Candida overgrowth and messed up enterocytes have 
a terrible time digesting these complex molecules leaving large amounts 
of it undigested—the perfect food for pathogenic yeasts, bacteria, and 
fungi like Candida to thrive upon. Even the starch that manages to get 
digested results in molecules of maltose, which is—you guessed it—a 
disaccharide! This maltose also goes undigested due to a lack of the 
enzyme disaccharidase and becomes additional food for Candida. 


We are a few days into the diet. Can someone comment on what 
they send to daycare with their kids for snacks? Our daycare is nut 
free as well. We are ok for lunches but what should we take for 
snacks. The gluten-free pretzels, etc. we were taking he can’t have 
now because of yeast and soy. 


Here a few suggestions: Hard boiled eggs, cut up raw veggies and fruit, 
air popped popcorn, apples, bananas, dried fruits (with no sugar added). 
Also you can join “CD/CDS MOMS WHAT IS MY KID EATING TODAY” 
Facebook group. You can find more ideas there. 
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An Introduction 


to Chlorine Dioxide 
by Jim Humble 


“Condemnation without investigation is the height of ignorance” 
-Albert Einstein 


Jim Humble, the man behind chlorine dioxide for healing, was kind enough to write 
the following introduction to our CD section... 


| just can’t tell you how pleased and proud 

| am that Kerri has developed protocols 
using chlorine dioxide as the main ingredient 
to bring health and normalcy to many children 
who had the symptoms called autism. Their 
resulting healing is one of the greatest stories 
of this and the last century. Kerri’s ability to 
look at something new and to evaluate the 
value of the new item without being totally 
affected by the dictates of present established 
medical science is truly rare. Kerri decided 





to do something since modern medicine has 
yet to come up with a reasonable priced globally available solution to the 
problem of autism that yielded good results. Medical science says that autism 
is incurable, that millions of children have to be left to suffer and live without 
reaching their potential. At this writing 115 children have recovered, hundreds 
more are near recovery and thousands have had documented improvements 
as a result of being treated with Kerri’s protocol. 


Here are some basic points: 
Chlorine dioxide (the molecule) was discovered in 1814, with many giving 


credit to Sir Humphrey Davy for its creation, and today several patents exist 
for healing various ills with it (see list on page 85). 


MMS (Master Mineral Supplement) — | rediscovered chlorine dioxide in 1996 
and since then more than 1,020 people have traveled from more than 95 
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countries to the Dominican Republic, Mexico, and other countries, to be 
trained in its use. By our estimation, more than 10 million people worldwide 
have used chlorine dioxide. 


The highest cost of a set of bottles of sodium chlorite + activator is less than 
$25 for 4 ounces of each. This means that almost any place in the world the 
average dose of chlorine dioxide is less than 4 cents, or less than $.40 a day or 
$25 for 2 months. In most places it is even less than that. So far there is no 
one in the world who can’t afford it or who wouldn’t be able to get it merely 
by asking if they can’t afford it. 


The chlorine dioxide molecule is the weakest of all oxidizers used in the 
human body and thus has very little effect on human cells. This molecule 
has the unique ability to recognize and oxidize (kill) harmful bacteria. Hans 
Christian Gram, a scientist of the 19th century, discovered that most harmful 
bacteria have a negative charge. He was able to dye positive and negative 
bacteria two different colors. His techniques are still used in laboratories and 
universities. All oxidizers, including chlorine dioxide, have a positive charge 
that will attract and kill negatively charged bacteria while repelling positively 
charged bacteria. Chlorine dioxide is thusly able to kill bad bacteria without 
destroying the good bacteria. This is simple high school science; like charges 
repel and unlike charges attract.! 


Most chemicals and many foods in this society are tested to determine their 
poison index, which is designated by giving them a toxicity number known as 
LDso. Sugar, table salt, butter, arsenic, cyanide, vinegar, wine, Clorox, window 
cleaner, and dozens of other household and industrial chemicals are rated as 
to their toxicity by force feeding 10 rats with the food or chemical in question 
until 2 of them die. The amount of chemical or food that it takes to kill 5 of 
the 10 rats determines the LDs) number. Every chemical has a toxic rating 
and is indicated as an LDs) number. All chemicals are toxic in large enough 
quantities and there are a lot of unlucky rats in our society. 


There has never been a recorded death caused by ingestion of chlorine 
dioxide or sodium chlorite in humans. In the case of chlorine dioxide, it would 
take 1000 times more chlorine dioxide than is used in a daily treatment dose 
to reach a toxic dose for a human being. The following information is from 
the Toxicological Profile for Chlorine Dioxide and Chlorite (published by the U.S. 
Dept., of Health & Human Services) which contains LDs9 toxic numbers for 
chlorine dioxide along with documentation that no deaths have been caused 
by chlorine dioxide (Emphasis in italics is the author’s): 
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No information was located regarding death in humans following oral 
exposure to chlorine dioxide or chlorite. Shi and Xie (1999) indicated that 
an acute oral LDso value (a dose expected to result in death of 50% of the 
dosed animals) for stable chlorine dioxide was > 10,000 mg/kg in mice.’ 


| should say something about bleach as a number of critics insist that MMS 
(chlorine dioxide) is a bleach and thus is a poison. Chlorine dioxide, the 
chemical that is MMS, has never been used domestically as a bleach for cleaning 
toilets. It is an industrial bleach when used 4000 times more concentrated 
than MMS. It is never used for bleaching purposes in the homes of people of 
this world. 


Legally, ethically, morally, and logically, if any item does not have the 
characteristics of a particular item, it cannot be said to be that kind of an 
item. This means that a chemical that does not have the characteristics of 
bleach cannot be called bleach. So a chlorine dioxide solution being 4000 times 
weaker than that of bleach cannot be called bleach. This is a fact accepted in 
courts of law of the world. 


| sincerely hope you will take the time to understand the basics of chlorine 
dioxide as explained here. Any time one has helped someone overcome the 
symptoms of autism he has helped save a life, as those suffering from the 
symptoms of regressive autism are not living their full lives. The end result 
of learning this data is that the time may come when you will need chlorine 
dioxide to save your own life or that of a loved one. 


| Byamble 
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A message from Kerri to Jim Humble 


“With all my love, respect and gratitude. You have swum 
against the current for so long, and | am so fortunate 
that you waited for me. | will continue to recover these 
generations of children that are the victims of a senseless 
epidemic. As you have done, | will do. We can’t change 
the past, but the future is ours. You have brought light to 
where there once was none.” 


Chapter 5 
Step 2 — Chlorine Dioxide (CD) 


“All truth passes through three stages. First, it is ridiculed. Second, it is 
violently opposed. Third, it is accepted as being self-evident.” 


~ Arthur Schopenhauer 
C (chlorine dioxide) is the most amazing intervention that | have 
ever tried with my son. It by far packed the biggest punch in the 


shortest amount of time—we saw the positives in under a week with no side 
effects! (A Herxheimer reaction is not a side effect.) After seven days on CD, 
my son was looking at me in the eyes and requesting non-preferred activities 
using four word sentences. | have never, with any other intervention, seen 
a change in my son come about so quickly, especially since Patrick was your 
typical non-responder before CD. 


The chlorine dioxide 
molecule (CD). 





Why CD for Autism? 


We know that the symptoms known as autism are caused by: 


¢ Viruses ° Heavy Metals 
° Bacteria ¢ Inflammation 

* Candida (yeast) * Food allergies 
° Parasites 


CD catapults children into recovery because it kills these exact things. As 
of this writing, over three years since we started using CD in our protocol 
to heal autism, 115 children have lost their diagnosis. Thousands of children 
around the world are healing, and that means their families are healing as well, 
and for this | am eternally grateful. 
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CD has confirmed my faith and has shown me time and time again that autism 
IS curable. My life has changed since the day my son was able to look me 
in the eyes, smile, and request things. | could not keep information of this 


magnitude a secret. | absolutely had to share it with anyone who would listen. 


CD is very affordable as you can purchase a two to three month supply from 
multiple worldwide suppliers on the Internet for around $25USD. The cost 
difference between the CD Autism Protocol and a megavitamin/supplement 
based biomedical protocol for a family living without insurance (or in a third 
world nation) could be the difference between recovering their child and not 


recovering their child. The results are also vastly different. 


You can think of CD as a shortcut to recovery because it kills all pathogens 
with one shot. Hypothetically, you could use antibiotics, antifungals, and 
antivirals to get the same results; however, you could also cause damage due 
to harmful side effects from these products (liver and kidney stress, etc.). Also, 
antibiotics, antifungals, and antivirals can only target certain bacteria, viruses, 
and fungi. CD targets all types of pathogens based on their electrical charge 


and pH. The particular strain is irrelevant. 


CD causes no side effects, leaves no toxic residues, and causes no liver damage. 
It causes no new stress to already stressed bodies. Everything else we use to 
kill pathogens leaves something behind. For example, antibiotics also kill your 
beneficial bacteria, and antiviral use comes with contraindications and side 
effects. CD is gone from the body one hour after your last dose, leaving no 
trace behind. We dose hourly throughout the day because CD is only active 
in the body for up to one hour. We must continue to dose if we want to stop 


the proliferation of pathogens and eliminate them from the body. 


A few children with autism in Venezuela recovered using only CD, The Diet, 


and a probiotic. That doesn’t happen every time, but it can. 


False Information and the Fear it Creates 


The most common reason that families have told me they are afraid of trying 
CD is because of false propaganda. The FDA, anti-biomed parents, and others 
have claimed that MMS (Jim Humbles term for a weak concentration of 
chlorine dioxide in aqueous solution) is a “poison,” comparing it to chlorine 


or chlorine bleach, which it is not. 
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If you are interested in a deep dive into the science behind chlorine dioxide 
therapy (also known as MMS), please spend some time on Dr. Andreas 
Kalcker’s websites... 


www.medicasalud.com 
..mostly in Spanish, though it has a few pertinent documents in English, and... 
www.andreaskalcker.com 
Also check Jim Humble’s website: 


www.jimhumble.org 


There, you can also find a forum (G2Cforum.org) of people discussing the use 
of CD (MMS) for the healing of a multitude of ailments. 


Ina nutshell, chlorine (Cl) and sodium hypochlorite (NaOCl, aka chlorine bleach) 
are as different from chlorine dioxide (CIO,) as “‘required-for-life’ oxygen 
(O,) and “will-damage-the-lungs” ozone (O3) are different from each other. 
Chlorine (Cl) and sodium hypochlorite (NaOCl) destroy pathogens through 
“chlorination,” while chlorine dioxide (CIO,) destroys pathogens by “oxidation.” 
The by-products of chlorination can bond with other molecules and form 
potentially carcinogenic trihalomethanes. The only byproducts of oxidation by 
chlorine dioxide are two neutral oxygen atoms and a chlorite ion, which can 
bond with sodium in the body to form table salt (NaCl). 





IS NOT 


Chlorine Dioxide 





Pool Chlorine 
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Your doctor is most likely not a chemist, and may or may not be fluent in the 
language of oxidizers. If you are working with a doctor, please take the science 
to them when you speak with them about adding CD to your child’s protocol. 
The best thing we can do for our sick children is to make informed decisions. 
Understanding the difference between chlorine and chlorine dioxide, or 
chlorine bleach and chlorine dioxide may mean the difference between your 
child recovering or not. 


| have shared this with thousands of families around the globe whose children 
have used chlorine dioxide in very dilute aqueous solutions, and NONE have 
had any injuries from CD. Sure, we have had discomfort in the form of a 
Herxheimer reaction. This is something we have learned to minimize, and 
can often be prevented by going low and slow. | have learned that what may 
appear negative at the outset, often turns out to be a healing crisis that leads 
to incredible gains in the long run. 


Many of the first world children who have done the CD protocol have done 
it in parallel with other autism protocols. They have had regular blood, urine, 
and stool tests and generally test healthier while using CD than before they 
started. CD is fortifying immune systems, improving liver function, reducing 
bacterial and viral loads, Candida markers, and inflammation. 


dust did round of blood tests on my son, 


Liver Function Test best ever after Z months of MMS. 





Critics also frequently cite the fact that sodium chlorite and chlorine dioxide 
can be used for industrial bleaching processes, as a way to frighten parents 
out of using it. Just because a substance has the power to remove color, 
or bleach something, doesn’t mean it’s “bleach? Lemon, sunlight, hydrogen 
peroxide, and toothpaste all remove color from textiles. We would never 
call toothpaste bleach, even though it’s capable of removing color, nor would 
we call sunlight bleach, even though that’s what it can do to your clothes if 
you leave them outside long enough. From here we can draw a very similar 
analogy to using chlorine dioxide for health. The dilutions we are using for 
internal consumption in aqueous solution (water) are very weak. Day one 
starts with just one drop in eight fluid ounces of water. 


The 1984 study, Controlled Clinical Evaluations of Chlorine Dioxide, Chlorite and 
Chlorate in Man, found no deleterious effects when taking a concentration 
of up to 50ppm over several hours a day for three weeks.’ As Jim Humble 
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mentioned (see page 79), the concentrations used for industrial purposes are 
are thousands of times more concentrated than what families have been 
using for their children on the spectrum. 


Any substance can become toxic if taken in too high a concentration—even 
water.*? Chlorine dioxide is no exception. We always increase CD dosages, 
low and slow, and have a respect for the power that chlorine dioxide can have 
over pathogens, always resisting the urge to ramp up our dosing too quickly. 


’s ATEC has 
we started MMS 68 Days ago and my sons , 
ee from 50-23.. Now that’s a MIRACLE! He is So 
much more “with us” and I'm seeing improvements daily. He 
is just so much more fun to be with now.) He did have a 


, ly done 4 enemas 
lateau, but is back on track. We have on 
fe ee but they made a big difference! Baths do as well:) 
| can’t wait to see what he is like on his 4th birthday ‘still 


39 days away) 





Chlorine Dioxide was discovered in 1814 by Sir Humphrey Davy as an effective 
disinfectant. Since then, numerous companies have patented its use for countless 
applications, including food and health. 


The following is an excerpt from Jim Humble’s Nov 21, 2012 newsletter: 


Dr. Andreas Kalcker spoke of patents obtained by different multinational 
pharmaceutical companies, to cash in on this product or to prevent it from 
being marketed. 


Some of those patents include: 


¢ Nontoxic Antiseptic (Pat 4035483/1977) 
¢ For combatting human amoebas (Pat.4296102/1981) 
e Against dementia caused by AIDS (Pat.5877222/1999) 
¢ For curing all types of illness of the skin (Pat 4737307/1988) 
¢ For disinfecting live blood (Pat. 5019402/1991) 
¢ — For curing injuries more rapidly (Pat. 5855922/1999) 
¢ For all types of oral care (Procter & Gamble) 
(Pat. 6251372B1/2001) 
¢ Against infections caused by bacteria (Pat. 5252343/1993) 
¢ For treatment of severe burns (Pat.4317814/1982) 
¢ For the regeneration of bone marrow (Pat. 4851222/1989) 
* Treatment of Alzheimers, dementia etc. (Pat. 8029826B2/201 1) 
¢ To stimulate the immune system in animals (Pat. 6099855/2000) 
¢ To stimulate the immunological system (Bioxy. Inc.) 
(Pat. 583051 1/1998) 


86 Chapter 5 


... The danger that may occur is if one mistakenly used a highly concentrated 
form. Highly concentrated forms of virtually every substance can cause 
death. In his conference, Dr. Andreas Kalcker points out that 70g of even 
plain table salt can cause death. 


There have been thousands of reports worldwide of excessive doses of MMS 
being ingested, however, with the hundreds of millions of tons of this substance 
used each year worldwide for water purification, preservation of vegetables, 
sterilization of slaughtered meat, and hundreds of other uses, there has never 
been a report of a death caused by ingestion of chlorine dioxide. 


This proves chlorine dioxide to be one of the safest products known. 


There are many products that contain chlorine dioxide (CIO,) that are 
currently approved by the Food and Drug Administration (FDA) in US. They 
are manufactured by Frontier Farmaceutical, Alcide, Bioxy,and others for skin and 
oral care. A number of these product names are listed below: 


*  DioxiRinse™ Mouthwash 

* DioxiBrite™ Toothpaste 

* — DioxiWhite™ Pro Teeth Whitener 

* WhiteLasting™ Maintenance Gel 

* BioClenz™ Dental Unit Waterline Cleaner 
*  Penetrator™ Periodontal Gel 

* Simply Clear™ Acne Treatment 

*  DioxiWhite ™ Home Teeth Whitener 

* Cankers Away™ Canker Sore Cure 

* DX7™ Skin Protectant Gel 

¢ Periodontitis Treatment 

* DioxiSmooth™ Facial Exfoliant 

* Gingivitis Treatment Surface Disinfection 
* Fire Fighter™ Burn Pain Reliever 

* DioxiGuard™ Spray Disinfectant 

*  Nail-It™ Nail Protector 


Chlorine Dioxide is an Oxidant... 
But aren’t Antioxidants Good for Us? 


In 1954, Denham Harman published an article called the “Free Radical 
Theory of Aging,’® claiming antioxidants would slow the aging process. 
However, he later found that mitochondria determined life span, and that 
antioxidants do not enter the mitochondria, and subsequently published the 
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“Mitochondrial Theory of Aging,”® in 1972. The “Free Radical Theory of 
Aging” is still responsible for billions of dollars in antioxidant supplement 
sales a year. While writing this book, a fascinating article was published in 
the journal Open Biology by Dr. James Watson (of Watson and Crick) called 
“Oxidants, antioxidants and the current incurability of metastatic cancers.” 


Watson sets forth a hypothesis that links the presence of antioxidants in the 
body with late-stage (metastatic) cancer. He points out that some successful 
cancer treatments use “free radical” molecules to treat cancer—the very 
same molecules that antioxidants attack and kill. Watson urges his readers 
of the new paper to consider the following: “Unless we can find ways of 
reducing antioxidant levels, late-stage cancer 10 years from now will be as 
incurable as it is today.”® 


The following was excerpted from the same article in Open Biology. Please 
see the original document for references contained within the text. 


Free-radical-destroying antioxidative nutritional supplements may have 
caused more cancers than they have prevented. 


For as long as | have been focused on the understanding and curing of 
cancer (I taught a course on Cancer at Harvard in the autumn of 1959), 
well-intentioned individuals have been consuming antioxidative nutritional 
supplements as cancer preventatives if not actual therapies. The past, most 
prominent scientific proponent of their value was the great Caltech chemist, 
Linus Pauling, who near the end of his illustrious career wrote a book with 
Ewan Cameron in 1979, Cancer and Vitamin C, about vitamin C’s great 
potential as an anti-cancer agent [52]. At the time of his death from prostate 
cancer in 1994, at the age of 93, Linus was taking 12 g of vitamin C every day. 
In light of the recent data strongly hinting that much of late-stage cancer’s 
untreatability may arise from its possession of too many antioxidants, the 
time has come to seriously ask whether antioxidant use much more likely 
causes than prevents cancer. 


All in all, the by now vast number of nutritional intervention trials using the 
antioxidants B-carotene, vitamin A, vitamin C, vitamin E and selenium have 
shown no obvious effectiveness in preventing gastrointestinal cancer nor in 
lengthening mortality [53]. In fact, they seem to slightly shorten the lives 
of those who take them. Future data may, in fact, show that antioxidant 
use, particularly that of vitamin E, leads to a small number of cancers that 
would not have come into existence but for antioxidant supplementation. 
Blueberries best be eaten because they taste good, not because their 
consumption will lead to less cancer. 
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Don’t Oxidants Cause Oxidative Stress? 


Not necessarily. Dr. Andreas Kalcker presented us with another theory 


explaining why oxidative stress is caused by pathogens and parasites rather 
than oxidants. If you take an oxidant such as CD, it is likely to upset the 
parasites living in the intestinal tract, causing them to defecate. Waste from 
worms can contain many toxic substances including MDA (malondialdehyde), 
formaldehyde, and ammonia. These toxins are known to cause oxidative 
stress.”!°!!!2 When parasites are present in the body they are releasing these 
toxins, even if we don’t kill them. Parasitic presence in the body is responsible 
for many of the symptoms known as autism. 


Oxidants themselves are not directly responsible for oxidative stress in the 
body. However, they can exacerbate oxidative stress, which can cause parasites 
in the body to release toxins. The solution is to get rid of the parasites. Please 
see Chapter 8 for an effective Parasite Protocol. 


Chlorine Dioxide & Antioxidants 


Although antioxidants have their place in personal health and are common 
in many foods and supplements, they cannot be taken at the same time with 
chlorine dioxide—they negate each other. This is why vitamin C, juices, and 
other antioxidant containing foods are prohibited in The Diet. 












dust a testimonial to MMS: For those of you new to the en 
and still unsure of the MMS protocol | wanted to tell you abou 
us. | was afraid at first, but we decided to try MMS. Within 
3 weeks my son went from an ATEC of 36 to 18! That ; 
was amazing. Then we were afraid of the enemas. We sai 

no way, we would just do oral MMS. Of course, after iil 
others progress here we decided to do them. He would calm 
down! Then for months we agonized over the PP. We eae 
afraid of it. We were scared of the meds, everything. Finally 
we decided to try it too. We are in the middle of our first 

PP and our son, who used to hit, Lick, bite and scream at oe. 
over the smallest things all the time, has now been a ais 
joy. When he gets mad it is over quickly and does not escalate 
into world war 3. Also these bumps he had on his face dy ve 
cleared up along with his attitude! So if you are unsure ty) ’ 
MMS like | was, here is one more testimonial of just how goo 
the protocol really is. Thanks Kerri, and all the other moms 
that came before me! 
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Herxheimer Reaction (Die-Off Reaction) 


There are many stories on the Internet about the “side effects” of CD. The 
definition of a side effect is: 


The unintended or secondary effects of a substance. 


When people describe what they believe to be side effects of CD, they are 
actually talking about a Herxheimer reaction. Jim Humble’s original chlorine 
dioxide (MMS) protocols called for higher doses per hour ramped up much 
faster than we titrate up for autism. In some cases that resulted in nausea, 
vomiting, and/or diarrhea. Critics of CD claim that a Herxheimer reaction, 
which is the result from ramping up too quickly, is the body’s reaction to being 
‘poisoned’ by chlorine dioxide. 


This is absolutely not the case, as the aforementioned study by Judith 
R. Lubbers and colleagues found that when healthy individuals were given 
minimal doses of chlorine dioxide in increasingly higher concentrations, no 
deleterious effects were noted.’ 


A Herxheimer reaction indicates that the patient is suffering from an overload 
of pathogens/toxins. If the person taking CD has a fair amount of pathogens, 
the rapid killing of these invaders produces excess toxins in the bloodstream. 
It is these substances that the body wants to rid itself of in short order. 
People with autism often have impaired methylation cycles that reduce their 
ability to eliminate toxins, making it even more difficult to handle an influx of 
toxins. So LOW AND SLOW is the way to go. 


Children with autism typically don’t (or can’t) tell you they have nausea. 
However, discomfort may be visible from seeing that they're eating less, their 
eating habits have changed, or they're more listless than usual. That’s usually 
a sign of detox, and in which case, we won’t give the child any more CD that 
day. Detox is great, it's what we want, but without stressing the body further. 
We need to stay just beneath a Herxheimer reaction. 


A Herxheimer reaction can present itself in many forms including: 


° Blisters ° Fatigue ¢ Hiccups 

° Bloating e Flatulence e Nausea 

¢ Burping e Flushing e Runny nose 

* Chills ° Headache e Sleep changes 


¢ Diarrhea ¢ Heart Burn * Vomiting 


90 Chapter 5 


If any of these symptoms appear, suspend the remaining doses of CD for the 
rest of the day. The following day, return to the number of doses given when 
the child was stable, which is usually the dose that was given the day prior to 
the Herxheimer reaction. 


To mitigate a Herxheimer reaction from chlorine dioxide, you can give 
vitamin C or orange juice, as either one of these will cut the effects of CD 
immediately. To help bind the excess toxins you may want to try activated 
charcoal, bentonite clay, (be aware that these both can cause constipation), or 
burbur (a liquid detox extract). 


Using Chlorine Dioxide for Autism 


As | developed this protocol, it became clear to me that we needed to focus 
on excesses causing the symptoms of autism, rather than deficiencies caused 
by them. In the autism biomed world, we are accustomed to supplementing 
deficiencies (low iron, low B,,, low calcium, etc.), without questioning why the 
deficiency exists in the first place (i.e., presence of pathogens/parasites). 


As soon as a family completes one week on The Diet, we get right into CD. 
Everyone starts with the “baby bottle” method, one drop of CD in eight fluid 
ounces of water, which makes the first day’s dose 1/8 of a drop at a time. We 
have greatly minimized Herxheimer reactions by using this method, but it 
remains very important to monitor your child while they are using chlorine 
dioxide. It’s very important to go low and slow. Every drop we give is helping 
to heal our children. 


What is Chlorine Dioxide (CD)? 
Refer to the diagram on the right for a visual overview. 


You can’t actually buy CD. You have to make it. Fortunately, it’s not a big deal. 
If you can make coffee... you can make CD, which stands for chlorine dioxide. 


Chlorine dioxide (CIO,), is a gas produced through a chemical reaction when 
two liquids, sodium chlorite (NaClO,) and an acid (such as hydrochloric acid 
(HCl) or citric acid (C,H,O;)), are mixed. The acid brings the combined pH 
level below five, causing the sodium chlorite to become unstable and release 
chlorine dioxide (CIO,). 


If any of this sounds complex, it isn’t. Go through the following explanation 
and don’t get bogged down by the chemical symbols. 
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Conceptual Overview of 
Chlorine Dioxide (CD) 


Advanced users 
can buy raw materials 
and save $. 




















Sodium Chlorite 
(White P owder or F lakes) 








Water 
(Distilled) 


Hydrochloric 
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Solution on 
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Citric Acid 
50% 
Clear 
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Reaction 
when mixed 





Often referred to 
as the Activator. 


CAUTION! 
Chlorine Dioxide 
gas easily escapes 


when these liquids 
are notin a sealed 
container. Avoid 
breathing excessive 
amounts of this gas. 





Yellow/Amber 
Colored Liquid 


Chlorine Dioxide 
in solution 


Measured in 
drops or milliliters. 


containing some amount 
of sodium chlorite, 
acid, water, etc. 
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Sodium Chlorite (NaCIO,) 


This is the first chemical you must have to make CD. 


You can get it in one of two forms: 


¢ Sodium chlorite liquid in water: 
° If you are beginning, get a starter kit of this. 


¢ Expect to pay about $20-$30 for a 4 fl. oz. bottle set (usually 
includes acid activator). 


° 22.4% sodium chlorite solution (from 28% technical grade 
sodium chlorite salts). 


* Recommended: Buy quart or liter sized quantities of liquid 
once you understand the principles. 


¢ Sodium chlorite powder or flakes: 
* FORADVANCED USERS ONLY! 
¢ Cheaper in the long run. 


* Recommend buying 5 lbs. of flakes/powder for a cost of about 
$100-$200. 


e Look online or check with your supplier for mixing 
instructions. 


e Avoid buying 90% sodium chlorite flakes. You want 80%. 
Most suppliers that sell liquid also sell flakes. 


e NEVER mix any acid directly with powder/flakes! 


What’s the 28%? 22.4%? 


This is not a critical thing for you to worry about unless you are mixing your 
own. But here is the jist: sodium chlorite powder is not 100% sodium chlorite. 
It’s usually 80% sodium chlorite and 20% salt and other inert ingredients. 
When diluted in water, you end up with 28% solution of powder, but only 
22.4% is sodium chlorite. Labels usually show one or both of these numbers. 


Sodium Chlorite Flakes vs. Powder 


Sodium chlorite flakes and sodium chlorite powder are the same thing. The 
resulting physical consistency may vary by different manufacturers. We've 
even seen clumps of powder. It’s still the same chemical. The important part 
is that it is technical grade, and 80% of the powder/flakes should be sodium 
chlorite (NaClO,). Mixing info is at: www.youtube.com/watch?v=t0C8XVm IQVE. 
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Acid - The Activator 


To produce CD, you must add the second chemical, which is a food acid, to 


the liquefied sodium chlorite (22.4% solution in water). Chlorine dioxide gas 


is produced when the pH of the sodium chlorite goes below five. We call 


the acid used to lower the pH of sodium chlorite an “activator” because it 


activates the sodium chlorite to produce the chlorine dioxide. 


There are several activators to choose from. These are food acids in that they 


are commonly found in food preparations, or are actually food: 


* Hydrochloric Acid (HCl) 


The same acid found in your stomach, and therefore, the 
most biocompatible option. 


Working concentration is between 4% and 10%. 


Available on the market in liquid concentrations of 4%, 5%, 
10%, 32%, 35%, and 37%. 


Any concentration over 10% must be reduced to a working 
concentration of between 4% and 10%. See Appendix 7, page 
471. (Note: We use 4% for CD and CDH; & 10% for CDS.) 


Only available in liquid form. 


¢ Citric Acid 


Commonly available around the world. 

Often found in soft drinks to give them a tangy flavor. 

Some people have problems tolerating this acid. 

Usually used in 50/50 concentration by weight mixed in water. 
Available in liquid and powder form. 


Inexpensive; can be purchased online. 


« Lemon or Lime Juice 


Consider this an emergency alternative to be used if the first 
two choices are not available. 


Can be found in most stores carrying produce. 


Should be from pure, organic and freshly squeezed lemons 
(or limes). 


Relatively weak acidity requiring five drops of lemon juice to 
every one drop of sodium chlorite solution. 


Substantially longer activation time. 


Lower ClO, output. 
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The amount of acid used, and the length of time you wait to dilute the mixture, 
will depend on the acid activator and its strength. The following chart gives 


you an idea. 


[Aetvator [Strength | Ratio [Time 


33% or 35% 


You are unlikely to be using lemon juice, but we've included it here for 
completeness. 


120+ secs 





Families should use whichever activator is available to them depending on 
where they live and what they have access to. All kids are different, so if 
yours doesn’t respond well to 4% HCI, by all means, try citric acid, or vice 
versa. 


If the HCl you purchased is anything other than 4% or 5%, then see Appendix 7 
for instructions on reducing concentration. 


If you are using one of the two most commonly available activators, then you 
are likely to be using a 1:1 mixing ratio (1 drop sodium chlorite + 1 drop 
activator). 


In the case of 10% citric acid or pure lemon juice, you would be using five drops 
of activator to one drop of sodium chlorite, and waiting about three times 
as long as if you were using one of the newer, more concentrated activators. 


Purchasing Product 


When you first start out, you should buy a starter kit and get familiar with 
the chemistry. A starter kit usually comes in two bottles of four fluid ounces 
each. 


1. Sodium chlorite, (4 fl. oz.) 
2. Activator (hydrochloric acid or citric acid), (4 fl. oz.) 
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The bottles look something like those shown in the diagram on page 91. Getting 
the hydrochloric acid activator is slightly preferable. 


You will also need an 8 fl. oz. baby bottle. This is a handy tool for storing a 
day’s worth of CD doses with the added benefit of having marks that show 
how much it contains. Glass bottles are much better than any kind of plastic 
bottle. Lifefactory.com (shown on the right) produces a bottle we especially 
like. It is made of silicon-covered glass and has a reliable top. This particular 
bottle is marked as having a capacity of nine fl. oz., but we use it up to only 
eight fl.oz. Plastic should only be used for lids; avoid bottles with metal tops. 
Over time, CD will oxidize metals so they can’t be used. 


Another item that most people have at home is a shot glass or wine glass 
that tapers down in the middle like a “U” shape. This will be used to mix the 
chemicals and the tapered shape insures that even as few as two drops will 
find each other. You can also use a cup with a flat bottom, but must tilt it so 
both solutions pool together. 





A standard shot glass with a “U” shaped bottom is the preferred 
mixing container for CD & activator. A glass baby bottle, such as 
the one made by Lifefactory® is the ideal dosing bottle. 


Terminology of Available Products 


There can be a bit of confusion for some as to what to look for and buy. The 
following chart shows the actual chemical, and some of the common names 
found on the label. There may be other names we are not aware of. In most 
cases, the chemical and its strength are identified on the bottles. 
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Common Activators & Their Various Names on the Market 


Sodium Chlorite Chlorine Dioxide — Part 1 (Purifier) 
Master Mineral Solution 
Miracle Mineral Solution 
Miracle Mineral Supplement 
MMS 
MMS Drops 
MMS Solution 
MMS Water Purification Drops 
MMS1 
NaCclo2 
Natriumchlorit (German) 
Pathogen Biocide 
Sodium Chlorite 28% 

Water Purification Drops 
Water Purificator 


Hydrochloric Acid Activator 
Chlorine Dioxide — Part 2 (Activator) 
MMS Activator 


Citric Acid Activator 
Citric Acid — 20% 
Citric Acid — 50% 
MMS Activator 





Checklist for Preparing a CD Dose 


Assuming you have received the starter kit, it’s time to make your first dose. 
Here’s the check list of what you now should have on hand before you begin: 


UL) Bottle of sodium chlorite solution (28% sodium chlorite salts / 22.4% 
sodium chlorite) 

Bottle of acidic activator (hydrochloric acid or citric acid) 

A clean and dry shot-glass with a “U” shaped bottom. 

8 fl. oz. glass baby bottle. 

Distilled or reverse osmosis water (filtered water will do, but no 





Oooo 


alkaline water!). 


A Few Points Worth Noting! 


Looking at the short checklist above, it should be apparent that this is not 
going to be rocket science. Nevertheless, a few pointers are in order: 


e In the past, people who used CD for various things would mix a fresh 
batch each time they took CD. This involved a lot of extra work that 
could be avoided by producing one batch big enough to last the entire day. 
For this exercise, we are assuming you are starting out and going to do 
things low and slow. We are going to produce 8 fl. oz. of water solution 
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containing one drop of CD, with the intention of your child consuming 
one fl. oz., of water (containing 1/8 drop of CD) eight times throughout 
the day. 


When you mix sodium chlorite solution and the acidic activator, you are 
mixing equal drops of each substance (unless you are using one of the less 
concentrated activators mentioned earlier). 


CD doses are measured in drops of sodium chlorite. So one drop of 
sodium chlorite + one drop of activator = one drop of CD. 


On your first day, start with one drop of sodium chlorite and one drop of 
activator (in other words—ONE drop of CD). 


If you put in too many drops of one solution or the other, start over with 
a clean and dry shot glass. 


A batch of CD is good for 24 hours. However, you must keep the cap on 
tight! 


Keep the bottle with the daily CD batch out of direct sunlight. A brief 
exposure won't ruin it, but it will become weaker. Why? The chlorine 
dioxide gas will come out of the water and sometimes form a cloud in 
the air pocket of the bottle. No need to worry if you see the cloud—it’s 


a common occurrence. 


Vincent taking his hourly dose. 
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Preparing Your First One drop CD Batch for the Day 


Start by filling the baby bottle with 8 fl. oz. (237ml) 
of water (distilled or reverse osmosis). 
NO alkaline water! 


Place 1 drop of sodium chlorite solution into 
the CLEAN and DRY shot glass. 


Add 1 drop of acidic activator (hydrochloric 
acid or citric acid) to the shot glass containing 
the drop of sodium chlorite. The number of 
drops may be higher if you are using a weaker 
activator. See chart on page 94. 


Now wait the appropriate time for the mixture 
to react (see chart on page 94). You should see 
the color change from clear to slightly yellow. 
If there were more drops in the shot glass, the 
color change is more noticeable. You are also 
likely to notice the chlorine-like smell coming 
from the shot glass. Remember, this is NOT 
chlorine, but rather chlorine dioxide. 


After the activation time has passed, pour a 


little water from the baby bottle into the shot 
glass and let it mix. This mostly stops the 
chemical reaction and insures you get most of 
the mixture out in the next step. 


Lastly, pour all of the watered down mixture 
in the shot glass back into the baby bottle, and 
seal it tightly with the cap—don't leave it sitting 
open for any length of time. Think partially used 
soda pop and how you would want to keep that 
closed. 
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Voila! You have just produced your first batch of CD! 


This is now a ONE drop batch, that makes EIGHT hourly doses—each 1/8 of 
a drop in strength. If your batch is larger; your hourly dose is stronger: 

* 2 drop batch = 8 hourly doses of 1/4 drop 

* 4 drop batch = 8 hourly doses of 1/2 drop 

* 8 drop batch = 8 hourly doses of 1 drop 







This bottle has 
some extra room. 
Labeled having 
9 fl oz capacity. 


9 floz 
8 floz 


Hfloz$ 
1g 29° 
6 floz 3070 
1 drop 5 f0z 1/8 Drop 
of CD 4floz= °° 
in 8fl oz 18 Drop 
am) 3 floz i" ; 
of water A Drop 
2 floz 30 
1 tl 02 1/8 Drop 
of CD 





Ofloz 
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Oral Protocol for CD in 
Autism Spectrum Disorders (ASDs) 


In the previous exercise, you learned how to prepare the dose for Day One. 
Children and adults all start by taking only one drop of CD divided into eight 
hourly doses. On Day Two, you make a batch of two drops sodium chlorite 
plus two drops activator and mix that into eight fluid ounces of water. Increase 
this dosage by one drop per day, unless you see a Herxheimer reaction (see 
page 89 for more information). 


The chart on the right allows you to determine the estimated full oral CD 
dose based on the weight of the individual. This gives you an idea of the 
maximum goal number of drops per day for your child. Once the child has 
been at the full suggested dose for several months, we may need to increase 
again, by a few drops, to prevent a plateau. 


Important Note: Some children can’t go up by one drop each day and 
need to go slower. A child may have a relatively higher toxic load, or he may 
be extremely sensitive. Whatever the case, resist the urge to try to get to 
full oral dose as quickly as possible. This is not a race! Some children need 
to spend a few extra days at the same dose to avoid a Herxheimer reaction. 
Even if you must remain at one level for a few days or more does not mean 
you are making no progress. Whatever the level of dosage, you are detoxing 
the body. 


When you get within two to three drops of your child’s maximum dose by 
weight, go ahead and spend three days at each dose, while carefully observing 
your child, moving up only when your child is stable. For example, if the full 
dose is 16 drops in the 8 fl. oz. (237ml) baby bottle, stay at 14 drops for a few 
days to see how that dose level is tolerated, and then increase every third day 
till reaching the full dose. If the person is better at a drop or two below the 
calculated full dose, go back to that lower dose that they tolerated best. 


inatii j ith my son’s functional 
dust had a fascinating appointment wifi 
neurologist. My son had this third Qeeg today, which clearly 
showed that previously under-stimulated parts of his brain are 


‘waking up’. | told our doctor about CD very early on and he 


believes that it is THIS that is having such G huge impact on his 
brain. He got quite emotional and said every time you get a 
worm, you are saving your son. Keep doing what you re hale 
cause he clearly isn’t autistic. He’s poisoned’. Goosebumps"! 
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Estimated Full Oral CD Doses by Weight 


Use these numbers as a guide only. You may need to go up by as much as 50% or more over the 
indicated drops. Read chart as: POUNDS / KILOGRAMS — DROPS OF CD (per 8 fl. oz. water) 


105/48-25 142/64—30 
143/65—30 180/8234 


25/118 62/2817 


26/128 63/2917 
27/129 64/2917 
28/139 65/2918 
29/139 66/3018 


30/149 67/3018 





31/1410 68/3118 


32/1510 69/3118 106/48—25 


33/1510 70/3219 107/49-25 144/65-30 181/8234 218/99-+38 


34/1510 71/3219 108/49-+25 145/66-30 182/83-+34 219/99-+38 


35/1611 72/3319 


109/49-25 | 146/66—30 
80/3621 154/70-31 | 19/8735 
81/3721 155/70->31 | 192/87-35 
89/4022 163/7432 | 200/91~36 
90/4122 164/74-32 | 201/91~36 
91/4123 165/75-33 | 202/9236 


36/1611 


37/1711 
38/1711 
39/1812 
40/1812 
41/1912 
42/1912 
43/2013 
44/2013 


45/2013 
46/2113 
47/2114 
48/2214 
49/2214 





50/2314 
51/2315 
52/2415 
53/2415 


54/2415 
55/2516 
56/2516 


57/2616 
58/2616 
59/2716 
60/2717 





61/2817 
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Serving Cup Dilution 


Don’t have your child drink out of the baby bottle. Pour the hourly dose into 
a separate cup and add extra water if needed. Make sure to add water to 
each dose to ensure that there is a minimum of one fluid ounce of water 
per activated drop of CD. However, there is no maximum amount of water 
for dilution. To be absolutely clear about this, note the following chart which 


assumes eight fl. oz., daily batches containing eight hourly doses. 


EE 
i 
a 
0 
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CD is active in the body for about one hour and, as result, hourly doses give 
us the best progress. This is difficult on school days, but we recommend that 
you dose two to three times before school and the rest after to distribute the 
pathogen-fighting more evenly. Eight doses a day is the minimum requirement, 
but the more you can fit in the better. Try to dose every hour as much as 


possible. 


Special Cases: ‘“The Double Dose” 


As a child goes through the detox process, they may exhibit conduct which 
can include hyperactivity, anxiety, OCD, aggressiveness, and night wakings. In 
these cases, a double dose is 2 fl.oz. (60ml) of the baby bottle given at once. 
For example, if your child receives one drop per fluid ounce of the baby bottle 
method, they will be receiving 2 drops. Let’s say for example your child wakes 
up at lam, give them a double dose. If your child is still awake at 2am, give 
another dose. The most common scenario is that after 1 or 2 double doses, 
the child will fall back asleep. This helps oxidize the toxins from the die-off. 
During the day if your child has a tantrum or other issues with conduct, we 


can double dose every hour as well. 


CD has two functions with pathogens; one is that is oxidizes the pathogen 
itself, and the second is that it oxidizes the toxins released by the pathogens 
while they are living, dead, or dying. 


Advanced Protocol —The Enema! 


In early 2011, we added enemas to the protocol to kill the pathogens causing 
dysbiosis in the large intestine (we didn’t know about parasites yet). We 
wanted to get the chlorine dioxide into the blood stream so it could kill the 
biofilm that exists in the blood. In this way, the blood can carry the CD past 


the blood-brain barrier to kill pathogens in the brain 


When we are detoxing, it is absolutely critical to keep the colon moving and 
avoid the reabsorption of toxins through the intestinal walls. Enemas allow us 
to do just this. Some toxins can exit the intestine through the intestinal wall 
(more so if leaky-gut syndrome is present), and cross the blood-brain barrier, 
therefore affecting cognition and behavior. When we cleanse the colon, we get 
those out before they can cross into the brain, and we detoxify the lymphatic 


system, liver, and gallbladder. 
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The Enema Stigma 


When | say the word enema to a family new to the protocol, | often hear 
things like “I could never do that!,” or “My son would never let me do an enema.” | 
assure you it’s not traumatic as it has been hyped up to be. Modern society has 
gotten away from it, but for millennia, cleansing the colon was considered part 
of daily hygiene. Enemas were mentioned in the Vedas, the Bible, and by the 
Mayans. The reason for doing CD enemas is NOT for relief of constipation. 
Of course, when constipation is present, CD enemas can relieve the cause of 


constipation. 











Great news! First enema today. 


My son was so happy that we did and the first thing he i while 
sitting on the toilet was: “Mommy! IT WORKEDI! hahaha is 
so used to sitting on the toilet and having such a hard time. Foor 
thing, he was so happy that IT WORKED! 


And he even said he wants to do it again tomorrow. He felt so 
much better and ate so much more for dinner with an eae 
stomach. | think he got rid of stuff that was there for ages! tis 
tummy is now soft and not hard as usual. Quite amazing and it 
didn’t bother him at all. 


Today his molar hasn‘t bothered him so a perfect day to ae 
the enemas! His appetite has gone up quite a bit. He has sé : m 
asked for food before and now he asks a few times G day or , 
something to eat. The diet is going wonder fully and he is ie ae 
to the change of foods. He asks about cheese and milk bu ; a 
to talk about something else To distract him so he eventually : a 
asking. hahaha He hasn't gotten upset about food he wants 

he can’t have) not even once. YA yl 

















| would like to clear up one thing here before we get in the mechanics of the 
enemas. More than one person has asked in the blogosphere, “If Kerri Rivera 
loves enemas so much, why doesn’t she do them on herself???” As a matter of fact 
| do! | have done my own enemas for years, so has my husband, my sister, and 
plenty of the parents using this protocol for their children. We understand 
the benefits of a fit colon, and have no problem applying our own enemas or 
going for a colonic from time to time. 


Actually, | would strongly advise you to practice on yourself. That way you 
know from first-hand experience that this is really no big deal. You will also 
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discover how much better you feel after cleaning out your colon, and you will 
understand when your child feels better as well. 


When to Start Giving Enemas 
Enemas should be started when the child reaches full oral dose. 


However, if your child suffers from constipation you can add enemas and 
baths on day one (see page 113), before you get to the full oral dose. However, 
alternate them on opposite days or opposite ends of the day. 


Frequency of Enemas 

| recommend enemas no less than once every other day. You may need to 
do them more often, particularly if you see parasites coming out. Doing as 
many as four in a day is not uncalled for if each one results in parasites being 
released. Some of the older children seem to pass a lot of parasites in one 
day, typically in or around a full or new moon. 


Timing of Enemas 

If your child is going to school, avoid giving an enema in the morning since they 
may need to visit the toilet a few times after. If the child is homeschooled or 
too young or sick to attend, the timing is up to you. Ideally, do the enema after 
the child has a bowel movement. 


Enemas — What You Need on 
The first thing you are going to need is some kind of a = 


yi 


large plastic, liquid measuring container. Glass is not = 
recommended since it can get knocked over and break in = 
the confines of a bathroom. = 


You will also need all the same things you used for making CD batches: 


e Water. Use reverse osmosis, filtered, or distilled. 
DO NOT use tap water or alkaline water! 


¢ Sodium chlorite solution 
¢ Acidic activator 
° Shot glass 


e Natural lubricant (coconut oil or any other simple food oil). NO 
perfumed baby oil or chemical lotions such as Petroleum Jelly or K-Y® 
Jelly. 

e Enema kit (see your options on the following page) 
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Enema Options (Most to Least Preferred) 


Gravity Bag or Bucket with hose 


KLISTEERSPUIT 
ENTEROCLISE C € KAIZIMA 


Holds plenty of liquid 

Can be refilled without taking it down 

Flow is easy to control 

Can be hung on a door 

Can be used for both enema and douching 
PIC Indolor: Folds for easy travel 

PIC Indolor: Has valve 

PIC Indolor: Two sizes of cathetors 


Bucket doesn’t fold for easy travel 


Holds plenty of liquid 

Flow is easy to control 

Can be hung on a door 

Can be used for both enema and douching 
Easy travel 

Has two sizes of cathetors 


Can't be refilled without taking down 
Usually made of rubber, which tends to dry out quickly, especially from CD. 
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Syringe & Catheter 


Flow is easy to control 

Can be used for both enema and 
douching 

Good for small children 


Holds only 60mI-140ml 

Need more than one. 

Have to swap them out to go be- 
yond the capacity of one syringe. 
The graduations rub off easily 
(suggest putting clear shipping 
tape over them to protect the 
markings if they are important to 


you). 


Enema Bulb 


Portable 

Can be used for both enema and 
douching 

Good for “implants” of mebendazole 


Volume too small for an effective treat- 
ment. 

Hard to clean inside 

Can't tell if dirt is on the inside. 

Holds only about 200ml. 


Fleet Enema (Last Resort) 


Cheap 

Can find it in most pharmacies 

Portable 

Can be used for both Enema and 
Enema Douching 


saline 


Volume too small for an effective 
treatment. 
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Enema Kits 


As shown in the previous two pages, here are your enema kit options listed 
from best to less than good. Prices are estimates in US Dollars and are likely 
to be higher outside the US: 


kkk IK PIC Indolor Gravity Bag (~$15-$30) 

kets Enema Bucket (~$5-$10) 

kkk I Multipurpose Enema/Douche Bag/Hot Water Bottle (~$15-$30) 
kkk 100mIl+ Syringes plus Catheter (~$5-$10) 

keke Enema Bulb (~$5-$15) 

kiriviny Fleet Enema (emptied out) (~$5-$15) 


You must have a separate enema kit for each person doing enemas. This 


insures that you are not cross-contaminating parasites. 


In my own home we have recently started using the PIC Indolor enema/ 
douche bag. This has made the process faster, and we can tolerate more 
water before feeling full and desiring to release the enema. This is probably 
the most practical kit, especially because of the built-in shut-off valve. The 
enema bucket is a close second, but the sliding clamp that comes with it 
doesn’t last long and breaks easily. You can always just kink the hose and 


control the flow that way. 


The multipurpose enema/douche/hot water bottle type is a good option, but 
it is usually made of rubber. This material often goes bad over time and CD 
just speeds up that process. Rinse it out several times before and after use to 
insure that no breakdown or CD residue is left. Don’t use if you notice the 


rubber becoming brittle. 


Even two-year-olds still use about 400 to 500ml in an enema. The intestine is 
long. Parents with small children sometimes like the 100ml syringe/catheter 
method. The enema bulb or fleet enema are not really practical for our 
purposes due to the small volumes they hold. However, if you want to get 


started right away, they are usually available in most major pharmacies. 


You can find syringes, catheters, gravity bags, multipurpose enema/douche 
bags on various online sites, pharmacies and medical supply stores around 


the world. 


= 
oii 


-angels-heaven.org www.cosmic-people.com 
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Preparing and Administering the Enema 


Make all your supplies easily accessible in your work area before bringing your 
child in the bathroom. If this is your first time and you are working out the 
process, you may wish to ask your spouse or someone else for assistance. 
It’s a good idea to do a dress rehearsal without the child, to insure that it 
goes smoothly when the child is present. Once you and your child have the 
process down, it will be easy. Being prepared is the key to success. 


Please note: The eight fluid ounce baby bottle is NOT involved in any way 
with enemas! 


1. Ideally, time the enema just after a bowel movement. 


2. Start by washing your hands to insure you are not introducing 
any new bacteria into the colon. Everything you are working with 
should be clean. Wearing gloves and a face/surgical mask is HIGHLY 
recommended. 


3. Assuming you are using one of the suggested gravity bags, find a good 
and stable location to hang it up. The best location really depends on 
your particular bathroom’s layout and where you are going to place 
the child during the procedure. | hang mine from a towel hook in the 
bathroom, or you can use the shower curtain rod. The idea is to have 
the bag/bucket about three feet (~one meter) over where the enema 
will be administered. Most parents put a towel on the floor of the 
bathroom and lay their child on the towel (smaller children can lay 
across your lap). 


4. Refer to the chart below and measure out the appropriate amount of 
water for the individual receiving the enema. The ratio is two drops 
of CD per 100ml of filtered warm water. 


Age/Size Water Volume Drops of CD 
Child 1/2 Liter (500ml) 


Adolescent 1 Liter (1000ml) 
Teen/Adult up to 2 Liters (2000ml) 


5. Don’t add any CD yet. The next step is to heat the water to body 








temperature (98°F / 37°C). The water should feel warm to the 
touch—NEVER hot! Similar to the temperature of milk in a baby 
bottle... test it on your wrist. If you are concerned about getting the 
temperature right use a quality thermometer. Be aware... many cheap 
thermometers are notoriously inaccurate! 
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After the heating step, pour the water back into the big measuring 
cup. 


Referring again to the chart on the previous page, prepare a CD 
mixture in the clean dry shot glass that’s appropriate for the volume 
of water needed. For example, if you have an adolescent and are 
preparing one liter, then you will need to mix 20 drops of sodium 
chlorite and 20 drops of acidic activator to end up with 20 drops 
of CD! Note: The most important part of the enema is the water. 
Resist the urge to add more than two drops per 100ml of water. 


After the appropriate activation time, pour the concentrated CD 
from your shot glass into the large measuring cup. You may want to 
rinse out the shot glass with some water from the large mixing cup 
so you get all the concentrated CD solution into the water. 


The bag/bucket should now be in its working location with the hose 
firmly attached, Place the end of the hose so it is over the top of the 
bag/bucket. A clothes pin can come in handy to hold it up over the 
bag/bucket. Now, fill the bag/bucket about 3/4 full with the CD water 
mixture you just prepared. 


. Make sure the hose is filled with water. You may want to let a bit run 


out into the sink or some other container and then clamp it. The 
bucket type enema has a plastic clamp for this purpose. The bag type 
has a valve where the catheter attaches. What you don’t want is for 
there to be a bunch of air in the hose that then is transferred into the 
colon. 


. If all of the above is ready, it is time to bring your child into the 


bathroom. 


. Explain what you are going to do. Some parents say that they are 


going to put the catheter in his bottom, and that it has “special water” 
in it to help him feel better. One little boy called it “butt medicine” 
while another called it “butt wash.’ We recommend you say that 
you are the only person who is allowed to give this to him. Just say 
whatever you need to say to explain what is happening. 


. If the child is on the floor (on a rug or towel), they should lie on their 


stomach. If the child is small then laying them on your lap is best. You 
can also have them in a doggy position on the floor. 


. Place one or two drops of coconut oil (or similar) on their anus so 


the area is well lubricated. 
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15. Now take the hose and gently insert the tip, (one to two inches is 
plenty—more is not necessary) as the sphincter muscle will hold the 
tip of the catheter in place. If you are having any problems getting the 
catheter in, then you may need to add a bit more oil and/or adjust the 
angle. 


16. Release the clamp or open the valve to allow the liquid to flow. 
The goal is fill & release—NOT fill & hold. We are imitating the 
colonic process that is made up of gallons of water, yet in the home 
environment. 


17. Your child will most likely hold the contents on their own—they will 
squeeze hard so as not to “go.” This kind of happens naturally. 


We do a fill and release method. The first part of the enema is usually stool. 
After that, we usually see parasites and or biofilm. 


It’s a learning experience and as time goes on, you will get the hang of it. 










j I: “I like the enemas. 
Quote from a teenager using the Protoco 
Before them 1am mad But then when | get one, | feel better. 


My mad leaves in my poop. 


Syringe/Catheter Method 


Before | started to use the gravity bag, the syringe/catheter method was my 
favorite. We have a YouTube video on our channel that shows how to fill 
the syringes and switch them out while using the catheter. If you don’t have 
access to that video here is an explanation on how to do it: 


1. Fill a bowl with body temperature filtered water and fill your 
syringes. If your child uses 500ml for an enema, fill all five syringes 
and dump out whatever water is still left in the bowl. 


2. Squirt all the water from the syringes back into the bowl. You now 
have exactly 500ml of purified water. 


3. Activate your drops of CD ina clean dry shot glass. If you are using 
ten drops, activate them and then use the water from your bowl to 
stop the activation process. 


4. Pour the contents of the shot glass back into the bowl. 
5. Refill your syringes with the activated CD solution. 


6. Lubricate the tip of your catheter with coconut oil, and attach the 
first syringe. 
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Note: If you wish to preserve the graduation marks on the syringes, cover 


them with some clear plastic shipping tape. The printed on marks are often 
easily rubbed off and the tape will prevent that. 


Fleet Enema Method 


The third option for enemas is to use a Fleet enema, which can be purchased 
at any drug store. This method is acceptable if you don’t have access to the 
other items but want to start immediately, as, generally speaking they are easy 
to find. An enema bulb is a fancy fleet enema without being prefilled with 
saline solution. Skip step one if that’s what you are using: 


l. 


Dump out the contents of the enema (basically saline water). Since 
a Fleet enema only holds 137ml, two drops of CD are the maximum 


number you can add. To use more water, empty additional Fleet 
enemas. 


2. Activate your two drops of CD and dilute them with filtered water 
(not tap water). 


3. Funnel the activated CD solution back into the Fleet bottle. Insert the 


applicator and squeeze the bottle until all or most all of the contents 
are empty. 


Comments & Suggestions from Parents 


Most people are surprised at how well this goes. Some parents have asked 
if they can do the Protocol without the enemas, and | say yes, but why? The 
results are just that much better with them. Enemas have, in fact, been around 


for thousands of years, and colon hydrotherapy is becoming a growing trend 
in autism recovery. 










| was really intimidated at first by the enemas. 
The syringe/catheter system, however, is briliant: | lube 
the tip up with coconut oil, attach a filled syringe, and ask : 
my son to put it in Hte’s Z and very low verbal He starte 
inserting the tip by himself maybe on our rd or 4th enema 
with this system and | would depress the syringe. A Ad . 
months later of every other day (sh) enemas, and he’s doing 
the syringe depressing part himself. All | do is Fill and ae 
syringes out. We are now to 11 100ml syringes, with ‘ 
releases per enema 4 months into enemas) He requests 
enemas frequently on days ! don’t plan to give him one by 
getting the box of supplies and handing it to me. 
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Here are one mom’s enema guidelines: 


Be low-key about it, your attitude sets the tone. Have all your enema 
gear ready to go and in the bathroom for when the moment strikes. 
Put a nice, fluffy, washable blanket on the floor; bring in iPad, iPhone, 
whatever occupies your child for a few minutes. I’ve been doing my 
son’s enemas after an afternoon poop if | get one because | figure it is 
easier as he is already in the bathroom, the bowel should be emptier, 
leaving more room for CD. Also the one time | did an enema close to 
bedtime, | swear he was up for an extra hour, however, another child 
might have the opposite reaction. | kneel on the floor, lay a beach towel 
over my lap, lay my son across me so he’s on the ipad, pull his knees 
up a bit and then in it goes. You can put coconut oil on the anus or on 
the tip of enema. | ask my son to count to try to hold it in. (On the 
4th enema, we only got to 40 seconds.) Then plop them on the toilet, 
and there you go. 


If possible, start the enema while lying on the left side, then rolling to 
the right. In this way, more water is able to reach the colon. (However, 
this may not be possible for all children.) 


CD Baths 


Taking a bath with CD is another good way of detoxing your child. The 
CD gets into the pores and helps with skin rashes common with autism 
detoxification. This additional process can be added when you start with the 
enemas after reaching full oral dose, but avoid giving the child a CD bath right 
after an enema. 


CD baths are done on non-enema days, unless you are doing daily enemas, in 
which case they are done on opposite ends of the day. 


Enemas Every Other Day 
| Sun | Mon | Tue | Wed | Thur | Fri | Sat_| 


Enemas Every Day 
(Enemas can also be in the morning and baths at night.) 


| Sun | Mon | Tue | Wed | Thur | Fri | Sat__ 
Morning | Morning | Morning | Morning | Morning | Morning | Morning 
Bath Bath Bath Bath Bath Bath Bath 
Evening | Evening | Evening | Evening | Evening | Evening | Evening 
Enema | Enema | Enema | Enema | Enema | Enema | Enema 
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The CD baths can go from as low as 10 drops to as high as 80 to 100 drops; 
it just depends on the person, and the size of your tub. With younger/smaller 
children we start with ten drops. Since we're doing baths every other day, 
start with ten drops on Monday, 11 drops on Wednesday, and 12 drops on 
Friday. Just keep going up until you get to 20 drops. The bigger and older the 
person is, the more drops they can tolerate. 


Fill the tub to a level that maximizes skin contact. 


If they start getting nauseous/listless or have loose stool, you should back 
down and find out what their signature dose is on the baths. Some people 
who have suffered from chronic constipation have done CD baths with up to 
100 drops and had a BM during the bath or immediately after, without the use 
of drugs, laxatives, or suppositories. 


CD Steam Bath 


Inhalation of CD for children is generally impossible, because you just can’t tell 
a child, especially a child with autism, “just inhale a little bit.’ That’s not going 
to work. So we do the following: 


In a bathtub, with the bathroom door and windows closed, plug the drain, put 
20 activated drops on the floor of the tub, and turn on a hot (to tolerance) 
shower water. The steam will bring the CD into the air, making a really nice 
steamy bathroom. 


When the tub is full, turn it off and place the child to soak in the water 
for 20 minutes. This way, the child is absorbing it through their skin as well 
as inhaling it through the air. This technique creates a very dispersed, low 
concentration dosage. I’ve seen a lot of children that were going back and 
forth to the hospital, getting steroid injections and lots of antibiotics due to 
bronchitis, coughs, asthma, etc., and it was rounds and rounds. This is how this 
particular method of steam baths came to be a very gentle way of inhaling 
the CD. It works beautifully; particularly if the child has a really bad cold and 
is congested, do the oral, enemas, and steam baths. Steam baths are great for 
asthma, flu, first signs of a cold, runny nose, coughing, etc., putting an end to 
running to the hospital or pharmacy. 


CD Foot Baths 


Sometimes it is impossible to give a CD bath, and in some places not all homes 
have bathtubs. To remedy this you can use a CD foot bath. Fill a small plastic 
container with hot (to tolerance) water and add your activated drops of CD. 
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If you have a smaller child, start with ten activated drops, and work up from 
there. If you have a larger child or an adult, start with 20 drops and go up. 
Soak feet for 20 minutes every other day, alternating with enemas, or opposite 
ends of the day if using daily enemas. 


72/2 Protocol (Weekend Protocol) 


When we give a child eight oral doses of CD throughout the day we are killing 
more and more pathogens. But at night when we sleep, the pathogens don’t. 
So in order to get ahead of them, we can dose throughout the night. Imagine 
the progress we can make if we don’t give them the chance to gain strength 
overnight! 


Hence, the 72/2 Protocol, which involves giving one dose of CD every two 
hours for 72 hours straight—including the middle of the night. Here are some 
additional thoughts and guidelines: 


e Start protocol when you pick up your child from school on Friday. 

e Give them the last 72/2 dose when you drop them off at school on 
Monday. 

e Avoid giving CD enemas or CD baths during this protocol, UNLESS 
they are dumping parasites, in which case you might need to reduce 
the amount of CD on both the oral and enema dose to insure the 
child doesn’t have a Herxheimer reaction. 

e Why not give hourly doses during the day at the usual dose? It’s 
simply too much if you are doing it all night as well. 

e Watch for improvements on Tuesday or Wednesday each week. 

¢ Ideally, get your spouse or significant other to help with every other 
nightly dose. 


The key is to observe your child and their reactions to the various treatments 
while keeping the pressure on eliminating the pathogens. You can do this 
every weekend or not at all. Some families are so happy with the results that 
they dose throughout the night for months on end. 


Ocean Water 


This protocol concentrates on excesses and not deficiencies. While we are 
using CD to reduce pathogen populations and heavy metal toxicity in the body, 
we need to remineralize the body. Remineralization is extremely important 
as vital nutrients may be lost along with toxins while detoxing. Children with 
autism are often mineral deficient to begin with due to these same pathogens 
and parasites, as well as gut dysbiosis which can prevent adequate nutrient 
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absorption. We need to fortify our cells and tissues so that they can overcome 
the deficiencies and eventually return to a state of vitality. 


Ocean water has helped us achieve mineralization and has led to increased 
brain connectivity; not to mention the parasites hate it. The importance 
of ocean water to this protocol cannot be understated. On page 388 of the 
Testimonials appendix you will see before and after lab tests proving that this 
protocol, when used correctly, can correct imbalances. More than one family 
has reported healthy nails, hair and skin as well as appropriate growth and 
weight gain. 

We've all been taught that drinking salt water from the ocean is dangerous. 
Let me make it clear: We are not advocating drinking glasses full of straight 
ocean water nor water mixed with table salt. That would most likely make 
anyone sick, since it would be too much salt for the body. Rather, we are 
talking about diluted ocean water. Also, there is no comparison between real 
ocean water and just taking plain salt and mixing it into a glass of water! 


The ocean is a complete source of minerals that are bioavailable to the human 
body. | prefer ocean water to any synthetic minerals, since the body easily 
recognizes and assimilates it. 


Ocean water contains trace amounts of over 74 bioavailable elements 


including: 
* sodium * fluorine * iodine 
* iron * potassium * magnesium 
* selenium * chromium * manganese 
* — sulfur * zinc * copper 
* calcium ° — silicon ¢ phosphorus 
* molybdenum ¢ chlorine * bromine 
* cobalt * vanadium ° gold 
* boron ° nickel ° ete. 
° — silver ° lithium 


We can use water directly from the ocean (diluted to 25%) and drink this 
to remineralize ourselves. However, the water must be from clean locations 
where schools of small fish swim and/or near ocean vortices. These locations 
provide safe and clean ocean water from which we can harvest. Most of us 
do not have access to oceans. Fortunately, clean ocean water is available 
commercially from multiple vendors online. 


For further information about how and why ocean water is specifically 
beneficial to all of us, please research Rene Quinton’s work on how he healed 
the sick using ocean water. 
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Using Ocean Water with CD 


You can add ocean water in before starting CD, or after reaching full CD 
dose. We use a one part ocean water plus three parts drinking water mixed 
together (1:3). If we take too much ocean water, we can get loose stool. Start 
low and slow, 5ml ocean water mixed with 15ml drinking water and go up to 
tolerance. 


Use the following chart as a rough guide: 


Ocean Water Dosing 


| When | Pure Purified Tofal Volume 

Ocean Water | Water 

ae 20m 
120ml 


Start at 10ml 30ml 40ml 


Adolescent 
200m! 250ml 
Teen aaut |_S#ta 
225ml 300m! 


Ocean water should be given three times a day, with the first dose being given 
in the morning, after the first dose of CD. You want to separate the dose of 
ocean water from doses of CD by at least five minutes. Larger children can 
take anywhere from between 70 and 120ml, depending on the child. Some 
adults take up to a cup (plus dilution water) per day. It is important to watch 
for loose stool/diarrhea when you are increasing the dose of ocean water, 
as that will be an indicator that the person is at their upper limit. The ratio 
of ocean water to drinking water is 1:3 (one part ocean water to three 
parts drinking water). It is important to stay under diarrhea. So we need 
to add slowly, and to tolerance. If someone suffers constipation, with the 
right amount of ocean water that will quickly change. So low and slow as we 
increase the ocean water. 





Some parents have reported that their children will not drink ocean water, 
even when diluted, due to its salty taste. You can try adding a little flavored 
SweetLeaf® Stevia, or if necessary adding it into a beverage or soup. As some 
ocean water purists say, heating it kills some qualities of the ocean water. 
Nevertheless, your child will still be receiving all of the minerals. 


Biofilm 
One of the pioneers in autism recovery, Dr. Anju Usman gave the autism 
community one of the critical pieces of the puzzle—biofilm. The following 
information is used with permission from her presentation, Gut Biology and 
Treatment. 
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What is Biofilm? 


A biofilm is a collection of microbial communities enclosed by a matrix 
of extracellular polymeric substance (EPS) and separated by a network 
of open-water channels. Their architecture is an optimal environment 
for cell-cell interactions, including the intercellular exchange of genetic 
material, communication signals, and metabolites, which enables diffusion 
of necessary nutrients to the biofilm community. 


The matrix is composed of a negatively charged polysaccharide substance, 
held together with positively charged metal ions (calcium, magnesium, and 
iron). The matrix, in which microbes in a biofilm are embedded, protects 
them from UV exposure, metal toxicity, acid exposure, dehydration, salinity, 
phagocytosis, antibiotics, antimicrobial agents, and the immune system. 


Ok, so in layman’s terms, these are microbial (bacteria, Candida, virus, etc.) 
communities that have a protective layer around them, which makes them 
100 to 1000x harder to kill than if they did not live in these protected 
communities.!? 


Why are they so hard to get rid of? 


¢ Microbes impart genetic material to one another to maintain 
resistance. 

* Colonies communicate with one another through the use of quorum 
sensing molecules. 

* Colonies fail to express OMP (outer membrane proteins).'* 


These colonies are fairly amazing in their development. They communicate 
with each other, share genetic material to prolong their own survival, and 
don’t express outer membrane protections. This last statement is very 
important to understand. This is the main reason that the immune system 
doesn’t attack these colonies, they don’t express themselves as a threat, 
and therefore the immune system, which in many children with autism is 
already compromised, is not able to detect or eliminate them. 


In addition to this we must be careful with what supplements we choose to 
give to our children. Some supplements and nutrients may inadvertently 
feed the biofilm. “When trying to kill bugs, if you take calcium, you may 
not be making headway,’ Usman said. “Calcium, iron, and magnesium 
block our efforts to dismantle the biofilm.” 


angels-heaven.org cosmic-people.com angeles-luz.es 
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Why CD Works on Biofilm 


The microorganism communities attach to surfaces (in many cases the gut), 
and are held together by polysaccharides (sugars/carbohydrates) and by 
iron, calcium, and magnesium. EDTA is a known chelator, and can therefore 
break the bonds (iron, calcium and magnesium) that hold the matrix together. 
Neither an antibiotic alone nor a chelator alone was effective against a staph 
(bacterial) biofilm. However, when combined, EDTA broke the bonds exposing 
the bacteria to the antibacterial agent, allowing the body to expel the biomass. 


Chlorine dioxide oxidizes inorganic compounds by effectively removing their 
charges. Here is how it works: Fe,+, Ca,+, and Mg,+ are positively charged 
ions that hold the negatively charged matrix together. When these substances 
are oxidized by CD, the bacteria are then exposed to the CD which can 
oxidize (kill) the bacteria, allowing the body to finally expel the biofilm mass. 


Many parents using chlorine dioxide orally, and with enemas, have found 
biofilms in their children’s stool. Biofilm can look thick, mucousy, cloudy, 
whitish, greyish, sometimes like pantyhose, etc. 


There is some more interesting information available through the AutismPedia 
about Dr. Usman’s work with biofilm.'* 


we had our appointment yesterday and to all our surprise when 


i st 3 months ago 
tested her for Lyme it was negative. du: nt 
Ae ora starting MMS she was testing very positive for 
it. He was pleased with the outcome. Thank you so much for 


j j iraclke of MMS and 
ur guidance and we owe this to the miracl 
ts aeaenien to helping me with my questions. | reailly, really 
appreciate your help in bringing us one step closer to the cure. 





Also, this article “Lyme-Induced Autism Conference Focuses on Biofilm and 
Toxicity”! by Mary Budinger discusses the effects of pathogens present in the 
biofilm for Lyme disease and autism. The following is a notable quote from 
the aforementioned article by Dr. Stephen Fry of Fry Labs, which explores the 
possible pathogenic causes of chronic disease. 


I could be barking up the wrong tree, but maybe not. Remember that we 
used to think stomach ulcers were caused by too much acid production. 
Then Barry Marshall and Dr. Robin Warren turned medical dogma on 

its head by proving that a bacterium was the cause. The pair identified 
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the bacterium H. pylori and proved how it causes inflammation, then 
ulcers. Maybe in |0 years we will be smart enough to know that the 
‘auto’ in ‘autoimmune’ actually means pathogen and the whole concept of 
autoimmunity will change. Chronic inflammation is chronic infection. In 
autoimmune disease, my model is that there is a chronic infection that 
cannot be eliminated, thus the immune system is always switched on. 

The self antibodies are due to apoptosis and death of host cells with host 
immune response. 


| couldn't agree more, and am so grateful that we have CD to combat 
pathogens, and restore the body to a state of health. 


Mitochondrial Dysfunction 


Children on the spectrum are also more likely to have mitochondrial 
dysfunction than neurotypical children of the same age group. The following 
is an excerpt from Science Daily.'* 


Children with autism are far more likely to have deficits in their ability to 
produce cellular energy than are typically developing children, a new study 
by researchers at UC Davis has found. The study, published in the Journal 
of the American Medical Association (JAMA), found that cumulative 
damage and oxidative stress in mitochondria, the cell’s energy producer, 
could influence both the onset and severity of autism, suggesting a strong 
link between autism and mitochondrial defects. 


“Children with mitochondrial diseases may present exercise intolerance, 
seizures and cognitive decline, among other conditions. Some will 
manifest disease symptoms and some will appear as sporadic cases,” said 
Cecilia Giulivi, the study’s lead author and professor in the Department of 
Molecular Biosciences in the School of Veterinary Medicine at UC Davis. 
“Many of these characteristics are shared by children with autism.” 


Dysfunction in mitochondria already is associated with a number of other 
neurological conditions, including Parkinson’s disease, Alzheimer’s disease, 
schizophrenia and bipolar disorder. 


Mitochondria often respond to oxidative stress by making extra copies 
of their own DNA. The strategy helps ensure that some normal 
genes are present even if others have been damaged by oxidation. The 
researchers found higher mtDNA copy numbers in the lymphocytes 
of half of the children with autism. These children carried equally high 
numbers of mtDNA sets in their granulocytes, another type of immune 


Step 2 - Chlorine Dioxide (CD) 121 


cell, demonstrating that these effects were not limited to a specific cell 
type. Two of the five children also had deletions in their mtDNA genes, 
whereas none of the control children showed deletions.'® 


In our MMSAutism webinar, Dr. Andreas Kalcker mentions that CD changes the 
mitochondrial membrane electrical potential.'? This leads to increased power 
in every cell in the body, including immune system cells. The mitochondria are 
the electric generator or “powerhouse” of each cell. When we turn off this 
electrical generator, cancer can develop. If the cell cannot produce electrical 
energy through oxidation it will use fermentation. 


In practice, what | have seen is that children who suffered from lack of 
energy, listlessness, and other symptoms that can be related to mitochondrial 
dysfunction have perked up with the use of CD. They are able to do exercise 
again, walk without having to be carried, and can cognitively sustain activities 
without tiring. You will see a few testimonials mentioning “mito issues” at the 
end of the book. It is wonderful to think that this is another means by which 
CD can help people on the spectrum heal. 


ATEC Statistics 


Through some of our Facebook groups we have been collecting ATEC data 
for the past year. Just to give you an idea of what others are experiencing in 
terms of test results, here are some statistics: 


e 246 parents have given us 2 ATEC scores. Of those, the average 
drop between ATEC] and ATEC2 is 15 points. We take ATEC data 
quarterly, so in general that drop is in three months or less. The 
more impacted a child is the bigger their initial drop — kids starting 
with an ATEC over 100 averaged a 26 point drop between ATEC] 
and ATEC2. 


e Of those 246 ATEC reports, we had 32 children (13%) gain in points 
in the first quarter. The average gain among those 32 was 7 points. 
All 32 reported ATEC scores three months later, and 29 of them 
dropped points between their ATEC2 and ATEC3 scores. Further, 
13 of those 29 dropped enough points to put them at or below their 
ATECI starting number. Which means at the 6 month mark, only 19 
out of 246 (or 7%) had gained points. 93% of children who do this 
protocol have improved their ATEC score at the six month mark. 


e We have now had 163 parents provide four consecutive ATEC scores 
(encompassing one year on the protocol). Of those 163, the average 
ATEC drop between ATECI and ATEC4 was 24 points. 
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Of those 163, a total of 9 or 6% reported an increase in ATEC score 
between ATECI and ATEC4. The average increases was 6 points. 
94% of children who do this protocol have improved their ATEC 
score at the one year mark. 


In a Facebook group collecting ATEC data, we have 25 recoveries as 
defined by the ATEC dropping to 10 or under in a year. So we have 
a rate of 15% recovery as defined as ATEC score under 10 in the 
parents who have taken this protocol through one year. 


Thus showing that the longer they are on the protocol the more points they 


lose. 


Although we all would like to see “high level” statistical research done, this 


is no doubt a major step in the right direction, and demonstrates that the 


protocol does work. But, research takes money. 


DOs & DON’Ts of CD for Autism Recovery 


DO review all current supplementation that your child is taking and 


remove all supplements which contain any antioxidants including 
vitamin C, vitamin E, vitamin A, vitamin K, ALA, Coenzyme Qo, and 
colloidal silver as these will neutralize the CD, rendering it ineffective. 


DO consider removing supplements that include iron and vitamin By 


These are principal foods for the parasites, which explains why many 
children are low in them. If you are seeing a chronic iron or vitamin B,, 
deficiency, revisit the parasite chapter. These levels should normalize 
when parasites are no longer consuming nutrients. 


DO use the Baby Bottle Method in an eight-ounce glass bottle with a 


completely sealing lid and start at one drop, regardless of weight. 
Increase by one drop/day, until you reach the optimal dosage. 


DO dose frequently throughout the day. The less time we leave the 


pathogens to proliferate the better. Do a minimum of eight doses 
a day, but try to get in more doses if possible. Go for 16 in cases of 
PANS/PANDAS and acute situations like colds and flu. 


DO activate CD for the proper amount of time for the acid you use. HCl 


and citric acid both activate sodium chlorite in 60 seconds. 


DO supplement minerals using ocean water. 
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DO completely avoid the following: citrus fruits, corn syrup, fruit juices, 
green tea, pineapple, vitamins C,E,A, and K. Only give coconut milk 
and coconut water a minimum of one hour after the last CD dose at 
night so they will have no chance of affecting the CD. Coconut milk 
and coconut water are very alkaline. 


DON’T give fruit juice of any form—not fresh, organic, homemade or 
store bought. 


DON’T give highly antioxidant foods including chocolate (cacao/cocoa), 
coffee, green tea, kombucha, citrus fruits, pineapple, mango, or 
kiwi. Berries (if you have to give them at all) can only be given 
at night, one hour after the last CD dose. 


DON’T mix anything but water with your CD drops. 


DON’T give CD with food. 


5 ‘ $ A - 
DON’T use a vitamin C shower water filter—yes, there is such a thing 
to neutralize chlorine in tap water. Unfortunately, it also 
neutralizes chlorine dioxide. 


CD Troubleshooting Checklist 


Before you decide that CD isn’t working for your child please take a look at 
following list of common errors. If it looks like you are doing everything right, 
but you aren’t seeing gains, please, before giving up, use one of the support 
options shown in Appendix 17, page 521. You are NOT alone! We have a 
network of parents who are ready and willing to help you. 


LJ Are you preparing your CD in a clean, dry shot glass, or other type glass 
container that insures both chemicals are mixing? 





U) Is the CD mixture turning yellowish brown? There should be a chlorine- 
like smell. If there isn’t, something is not right. Perhaps you have bad 
or incorrect chemistry? Maybe the supplier did something wrong in 
preparing the solutions. 


UL) Are you using the correct ratio of sodium chlorite to acidic activator 
drops? See chart on page 94 for the correct mixture ratio depending on 
the type and concentration you are using. 
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Are you allowing the correct activation time before dilution with water 
after mixing the sodium chlorite and acidic activator? See chart on 
page 94 for the minimum activation time you must wait for the chemical 
reaction to occur. 


If you question the potency of your CD, then you may wish to test its 
strength. See Appendix 6, page 467 for testing information. 


Is your CD or activator cloudy or not changing color after they are 
mixed? If so, there is something wrong with one or both chemicals. 
Check with your supplier. 


Did you leave your baby bottle solution in direct sunlight? A brief 
exposure to light is no big deal, but if you left it in a hot car for an hour, 
it may have lost potency. 


Are you keeping the same baby bottle solution for too many hours? It 
should be used on the day it was prepared. 


Are you giving antioxidant supplements or a multivitamin containing 
antioxidants? Vitamin C, vitamin E, etc., should not be given. Cod liver 
oil and fish oil supplements in general have lots of antioxidants to keep 
them from spoiling. Make sure those are out as well. Mixing any of 
these will cancel out the effect of the CD—and the vitamin. You CAN 
give them a few hours apart. 


Have you checked all your labels of supplements and foods to make 
sure they don’t contain antioxidants? 


Have you removed all juices and all citrus fruits from the diet (including 
oranges, pineapple, mango, kiwi)? Berries (if you have to give them at all) 
can only be given at night, no less than one hour after the last CD dose. 


Are you dosing CD 30 minutes apart from food, as a minimum (one 
hour is optimal, but not always possible)? Grazers do 15 minutes and 
we dose CD 16 times a day. 


Are you mixing anything with your CD, such as baking soda, juice, etc.? 
The only thing you can add into your dose of CD is more water! 


Are you using alkaline water to prepare your CD? Alkaline water kills 
CD. Some expensive water filtration systems are designed to produce 
alkaline water, which we must totally avoid! 
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UL) Are you breaking The Diet? Could there be dietary infractions at school 
or with relatives while you’re not there? 





UO) Are you dosing so high that you are detoxing your child too fast and 
getting a Herxheimer reaction? Some people need to increase every 
three days—NOT every day. 


L) Are your doses too low to accomplish anything? 


LI Are you giving too few doses of CD? We need a minimum of eight 
doses per day or more. 





UL) Have you started the Kalcker Parasite Protocol? If you have done three 
Parasite Protocols (PP) it is time to start looking into supplements, 
chelation, HBOT, GcMAEF etc. 


Frequently Asked Questions (FAQs) 


Can I use less than one ounce (30ml) of water to administer a dose 
of CD? 


One ounce of water, or more, is best. You can always add more water, but 
at least an ounce is the minimum per drop. 


We have been on the Protocol and are at five activated drops of 
CD in the baby bottle. My son’s “usual” autistic symptoms got 
exacerbated to the maximum. He has horrible constipation, 
stimming, scripting, and he seems to be in a bad shape. Our target 
dose is 15 drops. What should | do? 


The general protocol is to wait with CD enemas and CD baths until one 
is at their full target oral dose. His negative symptoms are probably from 
reabsorption of toxins from his unpassed stool. You need to resolve his 
constipation to stop this vicious cycle. You can administer CD enemas 
and CD baths on consecutive days. This should help the constipation, and 
flush the toxins out of his system. Then, once he is stable you can resume 
slowly titrating up to full dose. 


What should I do if my child can handle “double doses” (two ounces 
of the baby bottle) all day with no herxing? 


If your child is taking “double doses” all day, then it is NOT a double 
dose—it’s his actual dose! Depending on his gains and what else you are 
folding into your protocol you can consider going up from there. 


126 Chapter 5 


Is 72/2 only if you have done the parasite protocol? We are full oral 
dose but won’t do PP until next full moon. 


You can do 72/2 protocol before the Parasite Protocol, but you must have 
reached full dose of CD. 


We are really struggling to get in enough doses of CD with school. 
We do well to get in 8; we really need more (way, way more). Night 
dosing is not an option (he won’t go back to sleep; our mornings 
start early enough around here as it is), nor is coming to school 
during the day to dose him (we both work). Advice? 


Some parents are dosing every 45 minutes to get in their doses when they 
are with their children. However, we need to be killing pathogens around 
the clock. It is not possible to be effective at killing pathogens when we 
are giving them 16 hours without a dose of CD. You need to get | to 2 
doses in before school starts. Then get the other 6 (ideally more) in after 
school is over and in the evening. 


My child hates the flavor of CD. Can I give Stevia with CD to improve 
the taste? 


We recently discovered that some brands of Stevia are compatible with 
CD, CDS and CDH (i.e., SweetLeaf® & KAL® brand)—it doesn’t reduce 
the potency. However, past tests were not so positive. Some added 
ingredients may be why this was so in our initial tests. Try to use only 
pure Stevia or check with the Facebook groups on what others are using 


successfully. 





Preliminary tests show that some brands of Stevia can be 
used with CD to improve taste without losing potency. The 
two brands we have tested in-house are SweetLeaf® and KAL®. 
Some of our moms report having successfully used flavored 
versions of SweetLeaf®. 
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When you say do two back-to-back baby bottles of 11 drops... you 
mean do a total of 22 drops in 16 hours? Correct? I’m going slowly 
up on oral CD because of behaviors. If | go from 11 to 22 drops 
overnight, won’t he have strong detox and behaviors? 


This is spread out over 16 hours or more, such that every 60 minutes it is 
the same amount. It is different than putting 22 drops in 8 fl. oz. Behaviors 
associated with bacteria (PANDAS/PANS) are often reduced with the 
tolerated dose spread over longer periods of time. Remember that CD 
is only active in the body for about one hour. 


My child seems very uncomfortable. What should | do? 


If you see a detox like this, stop dosing for the day. The next day, return to 
the last dose when the child was stable. Pathogens are dying and toxins 
are being released into the bloodstream on their way out of the body. 
This causes discomfort in some people. 


How do you know if | should go past full oral dose of CD? 


A Herxheimer reaction will be your biggest indicator if you have gone 
too far. If you have reached full oral dose and it seems like your child has 
plateaued, please schedule a consult with Kerri to discuss your options. 
Note: The full oral dose chart (page 101) is only a general guide and nota 
one size fits all. 


Is an hour enough time to separate CD neutralizers from the CD 
dose? 


CD is only active in the body for about one hour, however, supplements 
like vitamins A, C, E, K and ALA, CoQ10, and GSH (glutathione) need to 
be avoided. Also, orange juice, pineapple juice, and other high antioxidant 
fruits are a problem even after one hour. So, the best thing to do is 
eliminate everything that kills the CD. If not, it is pretty much like not 
using CD. | have seen it too many times and it’s not worth it. Antioxidants 
destroy CD. There is no period of time that is safe to use antioxidants 
with CD. 


I know you have to start the parasite protocol on a certain day of 
the month, but how about the first dose of CD? 


You can start giving CD any day of the month. That said, it might be easier 
to start on a weekend, or a day when you will be with your child all day to 
make sure to get in all of their doses, and keep an eye on them to make 
sure they tolerate it well, i.e. no Herxheimer reaction. 
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What is 72/2? 


72/2 is when you give a dose every two hours around the clock for 72 
hours. We use a baby bottle and a half to get through the night hours. 
This can be added in once you are comfortable at your full oral dose and 
have added in enemas and baths. See page 115 for more information. 


Do you recommend 72/2 for everyone? 


Once a child is at 100% of their target oral CD, enema, and baths then 
they can do a 72/2 weekend. They are exhausting for the parents, but 
some kids do wonderfully. A lot of families get a nice boost. But, if you do 
a couple of weekends and you don’t see anything afterwards, then forget 
it. The benefits are usually seen two to three days after the 72/2 is over. 


My son suffers from constipation. Can | start the enemas before | 
get to his full oral dose? 


Anyone who suffers constipation needs enemas right away. These can be 
combined with oral doses. Still start low and slow, but it is important to 
get the bowels moving with any detox protocol. When constipation is 
present, we do not wait to start enemas. 


What is the maximum amount of water to use with enemas? How 
many times do you hold and release? 


First of all, we don’t encourage holding. Rather we do a fill and release, 
which is kind of a home colonic. If your child can hold for a few seconds 
without fuss, then great. The number of cycles depends on the results 
of each. If all you are getting out is water, you may be finished, unless 
the person is seriously constipated. The amount of water really depends 
on the individual’s size and the number of cycles administered. My basic 
philosophy is: Any enema is a good enema. So, even if not much comes out, 
you are still getting some water and CD in. 


Is it possible that my son has been getting rid of mucous after his 
CD enemas? What is up with the mucous? Why is it there in the 
first place? And, is it a good or a bad thing that it is coming out? 


Mucous is always a sign of inflammation and can contain pathogens and 
parasites. Mucous gives a home to pathogens. The inflammation and 
mucous can be caused from the allergies and pathogens. It is common to 
see mucous come out in the beginning of the enemas since our children 
have so much intestinal dysbiosis. 
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What is a good enema method for a 17 year old boy? | am having 
trouble understanding the enema part of the book. The video in 
the file really helps, but | am having a hard time imagining doing it 
on my son. How do other people with older children do it? Can it 
be self-administered eventually? Kerri mentioned a gravity bag, so 
you don’t have to keep changing syringes. Has anyone tried that? 
Where do you get the bag? 


Here is some advice one mom gave to another mom on one of our 
boards: 


My son is 14 and tends toward constipation. | had done suppositories in the 
past to help him have a bowel movement. So, | told him that the enema was 
“fanny medicine” to help him have a BM and make him better. | started with 
just showing it to him after a BM after | wiped him. Then, | just put it next to 
his anus the next day. Then closer every day. He was still constipated so just 
inserting the tip would help him poop and then later | was able to push the 
liquid with him standing next to the sink and it would run all down his leg. After 
several weeks of this, it was a full moon and he could not poop at all and was 
lying on his bed in pain. | said let’s try it here because it will really help you. | 
got out a hundred towels and did it right there and he pooped. It was a slow 
process over two months but now we do them AM and PM always right after 
the shower. | counted over 20 feet (of parasites) coming out this last PP. And 
that is just what | could see. | don’t dig, just pull out obvious ones that are a foot 
long. Main advice is keep calm with soothing voice and have tons of patience 
and keep telling your son how much you appreciate his patience too. | also tell 
him this will get rid of his autism. He is non-verbal but said with RPM that he is 
mad he has autism. Also, the soft tip is key. | use syringes because they go fast. 


My son is not having daily bowel movements. What should | do? 


Do CD enemas every day until the stools normalize to daily. If you 
absolutely cannot do enemas, use CD baths in high doses (50+ drops 
depending on the size of the tub). Ocean water in high doses will move 
the bowels as well. Castor oil also helps. 


| am scared of the CD enemas. Will CD harm the intestinal lining? 


CD stays active only for about one hour and can gently, but effectively 
remove biofilm and kill pathogens in the intestine. Our society has shied 
away from this healing method in the last few decades. However, CD 
enemas have been proven to be positive turning points in the treatment, 
time and time again. Lots of kids will actually ask for enemas, as they 
provide them relief and comfort. If you are nervous, apply an enema to 
yourself first. You will see it is no big deal, and feel more at ease applying 
one to your child. Some parents have shown their higher functioning 
children how to apply their own enemas, so no one has to be there, and 
to make them feel more comfortable. 


130 Chapter 5 
What is the difference between colonics and enemas? 


Colonics cleanse the entire length of the colon while enemas cleanse the 
lower part of the colon. Colonics involves multiple infusions of water into 
the colon, while enemas involve a single infusion of water into the colon 
(which can be repeated). With colonics, fecal material leaves the body 
via a tube. Colonics normally involves going to an office and receiving 
assistance by a trained colonics hydrotherapist, while enemas are free and 
done in the privacy of your own home. 


| have never done an enema before. How do you administer it? 


There are several positions that work well, but there will be one that 
works best for the individual. The enema instructions are on page 109. 
Some examples would be on all fours or lying on your left side on a towel, 


or a small child could lay across your lap. 


Enema clean up question: What are we boiling? What are we 
spraying with Everclear? What are we throwing away? 


After you are finished looking for worms you can throw away any plastic 
plates/forks you may have used. Pour boiling water on your specimen 
collector, enema nozzle and catheter. Then spray with Everclear grain 
alcohol. If you are using syringes, you may pour boiling water over them 
as well. 


How far do I need to insert the catheter for an enema? 


Not very far at all; one to two inches is plenty. The anal sphincter is about 
one inch past the anus. As soon as the catheter passes this muscle, it will 
hold it in place and there is no need to go further. 


What is intestinal biofilm supposed to look like? 
Biofilm is fluffy, cloudy, and mucousy in appearance. There are no rules 
on the color. It can look like pantyhose. But, it is usually mucousy and a 
cloudy whitish/grey color. 


How far away should we be doing enema from food? If we miss the 
morning enema, can I give it right after lunch? 


They can go together; there is no need to separate enemas from food. 
Any enema is a good enema. 


’'m having trouble with my syringes (for enemas). One plunges 
really smoothly, but the other two are almost impossible to move. 
Do I need to grease them up somehow before each use? How do 
you clean them? 
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| use Everclear grain alcohol to clean them, but note, it will dry out rubber 
parts. You can use coconut oil to lube the plunger gasket. 


Is it normal to see black specks coming out after using enemas? We 
saw white specks for a couple of days too. 


Black specks can be heavy metals. Oxalates are known to bond to metals 
and would come out with metals. White dots are generally parasite eggs. 


Does ocean water need to be refrigerated after opening? 


No it does not, it is fine at room temperature. 


If | harvest my own ocean water do | have to sterilize it? 


No. Sterilizing is not necessary or desirable in our experienc—we don’t 
want to denature it. Pouring it through a coffee filter to remove any 
potential particulate matter is fine. Do NOT use charcoal filters (such 
as a Brita® water filter), because they will alter the characteristics of the 
natural ocean water. Just make sure to collect the water far from any 


harbours or large river outlets. 


| bought pure sea water in Australia. It sounds like a great mineral 
drink. Would this be beneficial for killing parasites or just putting 


goodness back into the body? 


Actually, it does both. 


How do | avoid feeding the pathogens? 


CD kills pathogens. | would use CD to rid the body of pathogens rather 
than try not to feed them. 


Is it possible to use CD, CDS, or CDH during pregnancy? If it is ok, 
how much can be used? 


CD/CDS/CDH are not advisable during pregnancy or nursing. 


Can I add CD to breast milk to the bottle to help the baby detox? 


CD must be given in water. Mixing breast milk and CD will reduce or 
potentially cancel out the potency of the CD. 


How many drops go in a CD bath? 


It depends on the weight of the child (20-100 drops). If he is a little guy 
| might start at 10 or 15 activated drops and work up over the course of 
the following couple of weeks. The size of your tub also plays a part. The 
bigger the tub, the more CD you are going to need. See page 113 for more 
information. 
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’ve heard that some people mix CD directly in capsules and then 
swallow them. Can we use that on our children? 


NO! Nota good idea! Since many children with autism can’t speak, they 
won't be able to tell you when the capsule gets stuck. CD needs to be 
diluted in water before taking as instructed in this chapter. 


Can | use warm water instead of cold water to store CD and how 
long will it remain potent mixed in the baby bottle? 


CD is a gas dissolved in water and therefore has to be preserved in a 
sealed container. If not, it will lose its potency, similar to how soda goes 
flat if the cap to the bottle isn’t screwed on tight. Colder is better because 
the CD will gas out quicker at higher temperatures. If you have doubts 
about CD potency, get the Lamotte ClO, test strips to be sure. See 
Appendix 6, page 467 for more information. 


Are purified, distilled and filtered water all the same thing? 


They are different. However, we can use purified, distilled or filtered 
water. But, alkaline water should never be used! 


Must the activated CD water mix be stored in a glass bottle, or is a 
no-BPA plastic bottle with an airtight cap ok? 


| prefer glass to any plastic. Over time, chlorine dioxide can degrade 
plastic, and that means you or your child will be consuming it. Yes, the 
bottle needs to remain sealed. Plastic is acceptable for lids only! Metal 
lids should never be used because they quickly rust, even if covered with 
a plastic coating. 


Is it a problem to transfer one ounce of CD to a steel bottle briefly 
before drinking it? 


That is fine for a transfer, but | wouldn’t store CD in a steel bottle. 


Is the GF/CF/SF “clean” diet essential to the CD protocol? My 
son doesn’t have bad reactions and I just do not see how we could 


implement it. 


A healthy, clean diet is very important to the healing process. 
Unfortunately, our “standard diet” is filled with preservatives, colorings, 
and other potentially harmful chemicals. When the goal is to heal, the 
diet is necessary. Dairy especially can cause inflammation and mucous 
production. Mucous provides protection to parasites. 


What is a good CD-friendly multivitamin? 


All multivitamins have antioxidants. What we need to supplement during 
detoxification are the minerals. Ocean water has 90 bio-available minerals, 
and it is what | prefer for this protocol. 
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Are there other specific foods, veggies or fruits that need to be 
avoided in addition to juices? 


When you are following the CD Protocol, all antioxidants need to 
be avoided. Chocolate is a strong antioxidant. As far as vitamins are 
concerned; A, E, K, and ALA are off limits. High antioxidant supplements 
such as curcumin have also been a problem for many people. In the 
case of vitamin D, it is not an antioxidant, but it has caused aggression in 
previously calm children. Therefore, as a supplement, it must be used with 
care, if at all. 


Vegetables and legumes which are high in antioxidants have not shown to 
be very detrimental to the effects of CD. However, citrus fruits, pineapple, 
mangoes must be avoided. Berries are best given at night, one hour after 
the last dose of CD, if you must give berries. Juice, any sort of fruit juice, is 
completely prohibited. Not only can the antioxidants involved kill CD, but 
the high sugar content (albeit natural) shuts down the immune system, 
which is already impaired in children with autism. 


Can our kids drink anything other than water for the duration of 
the CD protocol or just not drink juices down with the CD? 


Some people are not used to drinking water and find it difficult. Some 
people drink nut milks or rice milk. On occasion, some folks put a piece 
of fruit in the blender with an apple and blend it, strain it, water it down 
and have that sometimes. Juicing is taking 5 apples to make a glass of juice 
and that is a lot of sugar (albeit natural) as well as a lot of antioxidants. 
Antioxidants kill CD and sugar slows the immune system. You want to 
totally avoid alkaline water. 


Can I use rice milk to give the CD instead of water? 


Water is what we need to use to give the CD. If you are giving CD mixed 
with another beverage you are reducing its potential. By combining CD 
with liquids other than water we will not get the desired results. Rice 
milk might be okay, but you would need to test how it affects the potency 
of the CD. You can get the LaMotte High Range Chlorine Dioxide Test Strips 
(#3002) at www.amazon.com. This way you can see for yourself how 
mixing CD with any beverage affects its potential. However, | do not 
recommend putting CD in anything but distilled/purified water. 


Can I give my child fresh pressed green juices (celery, kale, cucumber, 
apple)? 
Anything that is very nutritious to the human body is nutritious for the 
pathogens/parasites. So, a healthy green drink is very healthy for the 


pathogens. If you are giving “green” juices make sure they are not loaded 
with sugar from apples, carrots, etc. In my opinion, it is preferable to avoid 


these for the first few months of the Parasite Protocol (PP), at least. 
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Can I use coconut and almond milk with CD? 


You can drink coconut and almond milk 60 minutes after your last dose 
of CD, but | would not combine anything other than purified water with 
the dose of CD. 


Can my child drink coconut water if he is taking CD? 


If you want to give your child coconut water, give it one hour after your 
child’s last dose of CD, at night, before bed. 


Does lemon interfere with CD, even after it is cooked? 


Yes, in some cases. A family of a child who suffered from SIB noticed a 
direct correlation with lemon use in their meals with the return of his SIB. 
| would avoid it at all costs. 


My son barely drinks anything, especially all at once. This is why we 
have been unsuccessful with detox programs. Is CD different? 


You should make sure that your child is well hydrated, but for the CD 
alone one ounce (30ml) of water is sufficient. | find that it is easier to 
drink CD cold rather than at room temperature. Also, if the smell is a 
problem, put the dose in a plastic syringe and squirt it right into your 
child’s mouth. This prevents them from having to smell it before they 
swallow it. Enemas are a great tool for hydration. 


My child’s appetite has changed since starting CD. Is this normal? 


Yes. On average larger kids tend to slim down, while thinner kids tend to 
gain some weight. 


Can I give green tea or kombucha while taking CD? 


That is out of the question in my humble opinion. Green tea is high in 
antioxidants and caffeine. Kombucha is similar. | don’t know exactly how 
long the antioxidants in either one are active in the body, so with autism, 
if we are looking for healing, avoid them both. 


Can I use original Nutriiveda™ with CD? 


Nutriiveda™ is derived from whey, a dairy product. In humans, all dairy 
causes inflammation and mucous, which provides a protective refuge for 
pathogens. That makes this product contraindicated for this protocol, 
plus it contains antioxidants. 


Can I use Chia seeds with CD? 


Yes. But do not mix them directly into the CD. 
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How do | dose my child when he/she is at school from 8:30 am to 3 
pm? | work full time so “dropping in to dose” is not an option. 


Give a dose upon waking, one at the door of the school at 8:30 and the 
third dose of the day at 3pm at the door of the school. The last dose of 
the day is at bedtime, there should be at least four hours between school 
pickup and bedtime to get in the other four doses. Once you get the 
hang of it, it is not that hard, it just takes a little getting used to and some 
prior planning. 


What should | do if my son goes away for 5 days with school? Do 
you think it is possible to prepare a bottle of CDS for 5 days and he 
takes only one portion each evening? 


It’s not ideal, but better than nothing. 


My son is refusing the CD. What do | do? 


Have you tried adding more water with the dose, using cold water, using 
a syringe or a straw? Here is some advice from a Mom whose daughter 
refused oral CD: 


We just went through a REALLY rough patch with my daughter when she 
absolutely refused to take oral CD, and | know it gets super stressful for both 
you and your child if you try to force it... | had to respect her as clearly she 
was telling me in her own way, “Mom, this does not make me feel good!” for 
whatever reason and after maybe a week we were back on track. During that 
time | was able to give her a few doses (dropped from 14 drops of CD to 5) 
here and there, during really good moments. For example, in the bath or swing 
that she loves and | think that helped her associate CD with feeling better again. 


| am on 30 activated drops/day with my teenage boy. The taste is 
simply horrible. He refuses to drink his doses. What should | do? 


You can dilute your baby bottle as far as a liter bottle if necessary; it will 
not impact its effectiveness. Obviously, one dose will be more like a half 
a cup or a full cup in this case. However, be mindful of your conversion 
rate so that you get your dosage right. Cold water helps with the taste. 
You can add approved Stevia brands to cover the taste of CD. See page 126. 


If the country I live in doesn’t have glass baby bottles, can | use a 
plastic bottle? 


No, do not use plastic for storing CD. If the cap is plastic, we can live with 
that. In almost any country you can find a glass water bottle (with a plastic 
cap). You can use a shot glass to measure out eight ounces, and even 
mark them on the outside of the bottle with permanent marker. Many 
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parents in Venezuela do this, as neither glass baby bottles nor LifeFactory® 
bottles are available in their country. NEVER use a Stainless steel (or 
other metal) bottle or container! 


Do you think this Protocol could work for a child who already has a 
low ATEC score (18)? 


Yes. | started with a 12-year-old, who last February 2012 had an ATEC of 
18. He did not budge from there after years of biomedical interventions. 
He could not stop with fears, phobias, anxiety (all parasitic in nature) and 
we started him on CD in February 2012 and the Parasite Protocol in June 
2012. His ATEC is now a one! 


My son’s ATEC is not going down as | had hoped it would by now. It 
has hovered around 65 the past few ATEC’s. I think it is probably due 
to the fact that if | am not home my husband often forgets to give 
him his doses or his PP meds. Does anyone have any suggestions on 
how to stress the importance of this protocol to him? 


The following responses are from moms on our public Facebook group: 


You will never know what following the protocol will do for your son until you 
follow the protocol. When | first started the protocol a little over a year ago, | 
remember | had been using a special juice that so many people were raving 
about and | was paying $140 monthly for this miracle juice and | really wanted 
to keep in in my son’s protocol. | asked my husband to give it to my son at 4 
am when he got up, and that was 4 hours before he would get any CD doses... 
how could that effect our results? The juice was given 4 hours before starting 
CD for the day, we were following the protocol exactly otherwise, and even doing 
the enemas. Well, nothing happened, nothing, until about 3 weeks later when | 
said, well let’s stop the juice and see... BAM! Immediately my son’s ATEC results 
dropped and he blossomed. | mean not only did his constant pacing stop, but 
his eyes lit up, he not only started talking more, more, more but even his laugh 
changed to a typical sounding teenager’s laugh. It was incredible. His ATEC 
dropped instantly and kept dropping, 68, 25, 13, 7,5, 3. It’s a 6 today but this a 
super bad new moon for him. You will never know until you follow the protocol. 


We have also seen our son stop pacing, stop suffering minute to minute, in the 
beginning we made our mistakes, missed a dose, didn’t get this or that done, we 
now stick to it, the cumulative effect of staying on protocol means the difference 
in drops in ATEC scores and staying the same or going up, it did for us anyway. 
| could feel the slipping, we are still working on getting this right, it is an evolving 
protocol that requires the entire family’s buy in. | have kept my son home from 
school to make sure he is dosed properly but that’s just us. In November he 
is supposed to begin going to school full days, if they do not dose him correctly, 
! will hire a homeschool teacher, that’s how important this is. You will not get 
your child well, Kerri told us 16 doses a day, he got better, she told us to start 
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enema’s early, that made a big difference, we started our first PP before he was 
at full dose, it’s all made a huge difference, email her, keep watching your child 
to see what’s working, this protocol works, it may take time, but what is the 
alternative???? 


My husband is not good about giving meds either. When I’m gone my older girls 
give it. | text them reminders. Sometimes setting a timer can help. | also set all 
of the meds that go along in a morning and night dose daily case. Often when 
! organize it all for them it’s much easier for the meds to be given properly and 
in time. 


My child has horrible nasal congestion. Can CD help? 


Yes, you can use CD and make nose, eye, and eardrops. Put one activated 
drop of CD into one ounce of water. Use one drop of the mixture in the 
nose (eyes or ears) every 15 minutes till symptoms disappear. NOTE: DO 
NOT USE PURE ACTIVATED CD WITHOUT DILUTING IT! 


You can also do a steam bath, which is done by closing off the bathroom 
(windows and door shut), and putting 20 activated drops on the floor of 
the tub. Run hot shower water on top of the drops until the tub fills; the 
air will be full of CD smell. Now, turn off the shower, put the child in the 


water to soak for 20 minutes, where he will breathe the light CD air. 


Is there a seasonal-allergy protocol for using CD? | suffer from 
extreme itching in my eyes, redness, puffiness, sneezing, sinus 
congestion etc. Will CD provide relief quickly or does it need to be 
used over a long period of time? 


Being on full CD, ocean water and the parasite protocol the allergies 
should begin to fade away. 


Can I| try the CD ear protocol if my child has not started oral doses? 


Yes!! Please start the eardrops, if there is an infection, every hour until 
the symptoms disappear. If you catch an infection at the onset of its 
symptoms, give one drop of the mix every 15 minutes. We have seen 
earaches clear up in a couple hours. In any case, work towards a full oral 
dose, at least one drop eight times a day to combat the infection on all 
fronts. The eye, ear, and nose protocols are all the same: one activated 
drop of CD in one ounce of water in a sealed dropper bottle. Apply one 
drop of this mix every hour until symptoms diminish. 


Can CD help arthritis? 


Absolutely! CD is amazing for arthritis. Include CD baths in your routine. 
Use CD in conjunction with DMSO. 
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Our son has a runny nose and sneezes a lot, but has no fever. He 
hasn’t been sick in well over a year! I’m wondering if it is from doing 
CD. 


This sounds like a very typical die-off reaction. Monitor his progress, 
make sure he is hydrated, and continue with the Protocol. If his reactions 
remain manageable, you don’t need to back down or change much. This 
could also be parasites, depending on whether the symptoms are chronic, 
etc. 


Has anyone seen kids who had never been sick start getting sick as 
they heal? 


Yes, it means immune system is waking up and fighting back against the 
crud they've been carrying around for a long time. It’s called a healing 
crisis and is not uncommon and is actually a good thing. 


Does CD, CDS or CDH work on HIV? Also, are there any 
contraindications of CD and HIV drugs? 


We do not focus on HIV or its treatment and therefore we cannot give 
you a definitive answer. Anecdotally, there are many testimonials that 
indicate CD having a positive impact on the disease. In addition, we have 
spoken to doctors in various parts of the world who use CD to treat their 
HIV/AIDS patients and have positive results from what we understand. 


Can I use CD in a Netti pot when doing an ear, eye or nose wash? 


No. Do not use a Netti pot with CD. Instead, use the steam bath method. 
See page 114 for more information. 


I’m wondering if CD can be used in a nebulizer? With our daughter’s 
chronic mycobacterium issues, we can never get rid of the cough. | 
thought maybe it would be helpful to get it into her lungs or is this 
not safe? 


Try a steam bath. Inhaling CD directly has to be done very delicately. 
This is why the steam bath is recommended, as the particles have time to 
disperse into a very large area rather than being inhaled directly. Some 
people are using humidifiers with 35 drops of CD per gallon. See page 114 
for more information. 


What supplements do I need to avoid while using CD? 


Antioxidants (vitamins C, E,A, K, ALA, and CoQ10) need to be avoided 
because they kill CD. We avoid iron and vitamin B12 because parasites 
feed on these. So if you do not have something in place to kill pathogens/ 
parasites, like CD, then the majority of your supplementation goes to 
strengthening the parasites instead of your child. 


angels-heaven.org universe-people.com anc 
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I really don’t understand something basic... Vitamin C in food. | 
know not to give citrus or mangoes. Also, kiwis are rather high in 
vitamin C. If my child eats a kiwi or other high vitamin C containing 
food, how long does this impact CD? When will it wear off? 
Kiwis and other fruits high in vitamin C are a tough call. We do our best 
to avoid the biggest offenders. Unfortunately, | have seen families lose 
months because they continued to give fruit juice or supplements high 
in antioxidants. As soon as these were pulled, their children began to 
improve. A few years ago, a popular omega high in antioxidants became 
popular for autism. Families that | was helping all over the world noted 
regression in their children. As soon as we figured out what the common 
thread was, and pulled that supplement, the improvements began again, 
but it was a nightmare. To answer the second part of your question, | 
don’t know exactly how long vitamin C from a natural fruit source lasts in 
the body. A few different websites estimate up to 24 hours. 


We have been using gluthatione every day and modified citrus 
pectin as a binder. Are those compatible with CD? 


Gluthatione is a very powerful antioxidant and cannot be used as a 
supplement with CD. Modified citrus pectin is fine. 


| have heard that CD helps with oxalate problems. Is that true? 


Rompepiedras (RP) is very effective against oxalate-crystal formation. 
There are connections between parasites and oxalate problems, which 
this protocol seems to be helping. Ridding the body of parasites helps 


with high oxalates. 


I know that CD neutralizes heavy metals. What does that actually 

mean? What is the difference between chelating and neutralizing? 
The mechanism of how CD neutralizes and removes heavy metals such 
as mercury is not clearly known (or understood). However,a number of 
recovered children have had heavy metal burden tests performed before 
and after the use of CD, and their heavy metal burden dropped. We also 
know of an adult in our circles who was extremely toxic with mercury 
and was able to normalize his levels after all other medical interventions 


had failed him. 


So is CD enough and we don’t need to chelate? 


For many it is not necessary to chelate while on CD. There are some 
children though who do IV chelation and CD at the same time. This 
method seems to have good results; there are big metal dumps, when 
administering chelation challenge testing. As time goes by, we add 
interventions until we reach recovery. 
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Are all chelators compatible with CD? 


In many cases there is no need to do both. To answer your question, 
EDTA is fine as well as DMSA and DMPS with CD. 


You may want to consider Bio-Chelat™, bentonite clay or zeolite clay. 
These are great light chelators. 


We have tried every biomed option available, but nothing has 
helped. What makes CD different? 


Biomedical treatments in general provide large amounts of antioxidants. 
CD is an oxidizer and kills all pathogens in the body. The premise is that 
once your body does not have to feed and house pathogens, it will work 
much better and will heal. This protocol focuses on excesses and not 
deficiencies, which in itself makes it different from many other biomedical 
interventions. With CD and the Parasite Protocol we are eliminating the 
pathogens and parasites that cause the symptoms known as autism. 


Most biomedical interventions seem to be only applicable to small 
kids. Does CD work on “older” kids, teenagers or young adults? 


Of course! Families with older teens and adults have had success. The 
body wants to heal at any age be it 7 or 70! This year, two 17-year-olds 
lost their diagnosis through the use of CD as part of their biomedical 
protocols. A 32-year-old male is doing excellent on the Protocol as well. 
Time will tell, and parent/caregiver dedication is the key to success. 


How long should I do the protocol to see if it is working for us? 


Within 30 days you will know. If you do the Protocol 100%, and in the order 
laid out here you should see improvements. Some see improvements 
with their first dose! 


Has anyone had an increase in PANDAS/PANS stuff while on CD? 
Our ATEC didn’t budge this time around and it is mainly due to the 
OCD and other PANDAS stuff that has increased. | get in 16 doses 
on weekends, but not on weekdays—maybe I get in 12 on a good 
day during the school week. Has anyone done anything to treat this 
PANDAS stuff? 


Parasites typically coexist with bacteria, so it is very important to treat 
bacteria and parasites at the same time. It is extremely important to get 
in 16 doses a day, whether you get in doses earlier in the morning, or send 
doses to school. Also, many children with PANDAS/PANS need to be 
treated month long for parasites. If you are giving a probiotic, you can try 
doing a period without it and see if you child does not improve. We must 
keep in mind that if you are seeing parasites coming out with the enemas, 
we may not be seeing gains until we have eliminated a good number of 
the parasites living in the body. The toxins that they excrete—living and 
dead—can also cause some of the behaviors we relate with PANDAS/ 
PANS. 
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Has anyone seen elevated liver enzymes while on CD? 


Liver enzymes will not be high from CD. | have watched people do the 
liver enzyme tests for two years and the kids are in the normal range. 
However, when they are dumping worms or doing parasite meds is when 
we may see the enzyme levels go up. Within a couple of weeks they 
go back to normal, in the handful of times that | have seen them go up. 
Mebendazole and Combantrin® are non-systemic, and therefore are 
not absorbed; they basically travel through the intestinal system and are 
eliminated in the stool and urine. 


My son still has a lot of mercury (DMSA provocation). Is it possible 
that the level can go down from using this protocol? How long 
should I wait before testing him again? 


It is very common for the heavy metal load to go down. If you want to do 
labs, you can do them in three to four months. 


How young is too young for CD? 


There is no age that is too young. If a baby is showing signs of cold/flu, 
etc., you can start with the baby bottle method, one drop in 8 fl. oz. of 
water, so they are getting 1/8 of 1 drop per dose. The protocols are based 
on weight. 


Ok we have had my son on this protocol for 11 months now. We 
started at an ATEC of 82 and had a dramatic decrease right away. 
Our second score was 26! Now we have had 3 consecutive ATECs 
of 33, most points being in the speech category. Where should I go 
from here? More diet changes and or supplements? We have been 
GFCFSF for years, considering going grain free next. We already 
use omegas and ocean water, and have done nine parasite protocols. 


It may be time to look into hyperbarics or GcMAF, as you have The Diet, 
CD and parasite protocol firmly in place. If these 2 options are not 
financially possible, you need to look at the speech supplement list. Go in 
order, and see if your child doesn’t see gains from some of those. You can 
also look at chelators. Also, please check that your omega does not have 
any antioxidants in it, as that will be killing your CD. 


Is it normal to see diarrhea in the beginning of the CD protocol? 


| consider there to be two types of diarrhea. One is the water faucet, 
which we want to avoid. If you see water faucet diarrhea, stop for the day, 
and give a lower dose of CD the next day, when you start up again. The 
other type of diarrhea is loose, unformed stool, which is normal during 
detox. As the body is attempting to eliminate the excess toxins quickly, 
the digestive process will speed up, and not all of the excess water will 
have a chance to be absorbed through the intestinal tract, causing loose 
stool. 
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How do you move CD through inspections at the airport? 


Don’t carry concentrated sodium chlorite and activator bottles into the 
cabin. They must go into your checked luggage. Make sure each bottle is 
tightly sealed. Double bag each bottle SEPARATELY and place at opposite 
ends of your luggage but not right up against the sides. You may wish to 
stick each bottle into a pair of socks as extra protection. Surround each 
bottle with plenty of clothes to insure they will be protected if the bag is 
roughly handled. According to TSA regulations, you can bring aboard up 
to 3.4 fl..oz., (100ml) of a liquid in your carry-on luggage, which can hold 
3 doses from your baby bottle batch. 


Can I use CD as a toothpaste? Should | use regular toothpaste in 
addition? 


| use CD spray (ten drops of activated CD per ounce) on the toothbrush 
first. Then, brush the teeth, and follow with fluoride-free toothpaste. CD 
is great for healthy teeth, tongue, and gums. 


Is it okay to go swimming when on CD? I worry about the chlorine. 


They do have a molecule in common; however one has nothing to do with 
the other. Some doctors don’t let ASD kids swim in chlorinated pools. 
But, as far as taking CD goes, the chlorine in the pool will not deactivate 
the CD in your body, nor react with it. A child on CD can swim in a 
chlorinated pool, just as a child not on CD can swim in a chlorinated pool. 


Can I give colloidal silver with CD? 


No. Colloidal silver is active for up to 24 hours in the body, and will lower 
the potency of CD. Therefore the two are not compatible. 


Where is the autism clinic in Venezuela? 


Puerto Ordaz, Fundacion Venciendo el Autismo. Carolina Moreno is the 
president and one of my best friends. Her email is venciendoelautismo@ 
hotmail.com. We have over 36 recovered children there. It is wonderful. 


My son has been sick and has really bad diarrhea. Can we skip the 
enemas for a few days or still do them? 


We don’t use enemas just for constipation, but for overall colon irrigation and 
health. CD kills pathogens in the colon, and thereby helps heal autism. As 
the sickness causing the diarrhea is most likely pathogen induced, CD enemas 
will continue to kill these pathogens and help your son get over this acute 
situation faster. 
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My daughter just drank undiluted CDS. What do I| do? 


First, get her to drink plain water right away. Next, give orange juice or 
vitamin C to neutralize the CDS. Give burbur or activated charcoal to 
mop up the toxins that were released. Considering the strong taste, it is 
unlikely she would have consumed very much. 


Can CD be harmful? 


In the past 3 years that families have been using CD for autism, we have 
not seen any children or adults harmed by using this protocol correctly. 
Liver enzyme tests, nutritional tests, metal porphyrins tests, etc., have 
consistently shown improvement in the health of the children. Since Jim 
Humble started using chlorine dioxide for health, no one has died from 
ingesting CD (or MMS). The story that is often shared around the internet 
from Vanatu, concerning a woman who unfortunately passed away, was not 
attributed by the coroner to be the result of ingesting chlorine dioxide. 
There was another case of a 25-year-old male who attempted suicide 
with 10g (nearly the contents of a four ounce bottle of sodium chlorite 
at 22.4% solution) of sodium chlorite (inactivated CD). He developed 
methemoglobinemia, which he received treatment for, but survived his 
suicide attempt. That said, as we have mentioned before... anything used 
incorrectly or recklessly can harm you. Water, table salt, etc. The reason 
we outlined the protocol in such detail is to prevent mistakes and help 
families use it responsibly to recover their children with autism. 


Does clay or bentonite clay interfere with CD? How far apart should 
it be taken from CD? 


One hour apart from CD is fine. | use diatomaceous earth about ten 
minutes apart from a CD dose. 


Is ibuprofen ok to take while doing CD protocol? 


We have never seen a drug that was contraindicated with CD. Always 
consult your physician for prescription contraindications. 


Is it ok to add Epsom salts to a CD bath? 


We do not use epsom salts baths in this protocol. We use CD baths. See 
page 113. 


Is it ok to take SAMe (S-adenosylmethionine) with CD? | took out 
all antioxidants, but not sure about SAMe. 
No, it contains magnesium and vitamin C. For a mineral supplement, we 
take Ocean Water. Vitamin C kills the CD. Magnesium feeds biofilm, and 
therefore is counterproductive to our goals of healing. 
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Can I use DMSO in a CD enema to help drive the CD into the 
parasites? 
Warning: Never use DMSO in an enema! Never introduce it into the 
body rectally. If it is applied rectally, it will carry toxic fecal matter into the 
bloodstream through the intestinal wall. 


How do | use DMSO? 


Every chance you can, apply DMSO to a clean body for 20 to 25 minutes 
and let it soak in. Apply it to affected parts first then remove rings/jewelry 
to cover all parts of the hands. Allow it to dry while applying to another 
body area (i.e. right arm, left arm, right leg, left leg). Apply to clean skin 
with clean hands. Use natural fiber clothing if it is going to come in 
contact with the DMSO, which can dissolve synthetics. Dr. Stanley Jacob 
has proven that DMSO brings about healing of rheumatoid arthritis, and it 
is great for migraine headaches, etc. You can research his work at... 


www.dmso.org 


..or find a DMSO retailer at... 


www.protocolsuppliers.com 


The 99% pure stuff is best, but never use that strength on the skin directly. 
It must be diluted to 70% or less for topical use. 


Does DMSO neutralize CD? 


No, it does not. However, DMSO has not proven itself to be a tool for 
autism recovery. In general, we use it for self-injurious behavior (SIB). 
The “S” in DMSO (dimethyl sulfoxide) is “sulf” as in sulfur. Many children 
with autism have a spirochete (amongst other pathogens), which feeds on 
sulfur. We saw many setbacks when adding DMSO. It is used on a case- 
by-case basis. 


Chapter 6 


CDS 
Another Way of 


Delivering Chlorine Dioxide 


There is more than one way to skin a cat. 


~ Seba Smith 


n October 2011, 1 received an email from Jim Humble. After a visit with 

Dr. Andreas Kalcker, he had some fantastic new information for healing 
autism. Jim wanted me to fly to the Dominican Republic to see him yet again 
that year so he could share this new information. 


The big news surrounded the creation of Chlorine Dioxide Solution (CDS)—a 
new method of producing and using chlorine dioxide; substantially different 
from the CD mixing process we were using (described in Chapter 5). Jim was 
excited about all of the great things that Andreas was developing. 


Andreas was contacted by a cattle farmer who was frustrated by the health 
problems of newborn calves he was receiving. These calves were suffering 
from infections, diarrhea, ear problems, cysts, coccidiosis, bovine respiratory 
syndrome, etc. His yearly veterinary drug bill was around €28,000, not 
including the cost of feed. The farmer had heard about the wonders of MMS 
in humans and wondered if it might help his animals as well. 


Andreas thought, “Sure! Why not?” However, he quickly learned that cattle 
were very different from humans when it came to their digestive system. 
Cattle digest through fermentation, which CD disrupts, so he had to find a 
way to bypass their digestive system and go directly to their blood stream. 
But, that idea had another big problem. The pH of standard CD was too acidic 
and therefore not compatible with the calves’ blood stream. Injecting even 
dilute CD caused great pain and could result in damage to the veins. There 
had to be another way! 


After much thought and research,Andreas came up with a distillation process 
to extract the chlorine dioxide—the key ingredient—from the CD mixture 
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so it would not contain any sodium chlorite or acidic activator. He named 
the resulting liquid Chlorine Dioxide Solution (usually abbreviated CDS). Note: 
CDS can still contain trace amounts of sodium chlorite and whatever acidic 
activator used to produce it, but usually not enough to be an issue. 


This new CDS solution was injected into the 800 cattle with very positive 
results. The animals health improved and the vet bill dropped like a rock. 


In one case, the farmer called Andreas abouta particularly sick cow. He advised 
him on a dosage, but apparently the farmer misunderstood the instructions 
and gave the cow 10 times the recommended amount. The result? The 
cow was a bit “high” with ears and tail standing up, but subsequently became 
healthy with no ill effects from the accidental overdose. 


On the human side, CDS also solves the problem some people have with 
sensitivity to citric acid as well as the taste of CD. Not having the original 
chemicals (sodium chlorite/citric or hydrochloric acid) in CDS makes a big 
difference for some. Another advantage of CDS was a drastic reduction in 
Herxheimer reactions. 


After a long weekend in the Dominican Republic, we went home with new 
information to try out with Patrick. 


| began by swapping out drops of CD for milliliters of CDS. Initially, | didn’t 
notice improvements or regression, but | did notice that Patrick was waking 
earlier and having a less profound sleep. After about 30 days of trying the new 
miracle | began to think that, “If it ain’t broke, don’t fix it’? So we went back 
to the original CD that had given us all of the recoveries and improvements. 
Patrick went back to sleeping very well and | never looked back. | was a 
confirmed CD user and CDS, for me, had no obvious advantages. 


A little over a year later, Jim was at our home, and on December 26th, 2012, 
his new assistant showed up from the Middle East to help him. She could be 
called the “CDS poster child.” We differed on this topic right away. But, she 
was very insistent. She asked me why | didn’t like CDS and | told her. So, she 
told me that | had been using “unstabilized” CDS and now they “stabilize” the 
CDs. 


When the CDS is “stabilized” (with some sodium chlorite added back into 
the CDS liquid), it gives an extra kick, such that when the chlorine dioxide 
molecule oxidizes a pathogen, there is sodium chlorite on hand to react with 
the acid that is created by the death of the pathogen. The result is more 
chlorine dioxide released on the spot. 
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| decided to try stabilized CDS with Patrick. We arrived at his full dose based 
on tolerance. His sleep has been perfect. He sleeps as any pre-teen should— 
like a rock. And, he has great energy all day long. | can say that there was 
no noticeable difference over the four months that he was taking CDS, from 
the days when he took CD. However, he is a little bit “lighter,” as if he has 
no cares in the world. It seems as if something that might have made him 
uncomfortable no longer bothers him. Little by little, a few families switched 
to CDS to see if their children did better, worse, or as well as they did with 
Cp. 


After a couple of trial months with about 20 families, | think that it is safe 
to say that CDS has its place in the buffet of different methods of chlorine 
dioxide administration. We still have the original CD, made with citric acid 
or HCI. Now, we have CDS and CDH (Chapter 7). Today, we no longer use 
stabilized CDS, as | feel that CDS is only for hypersensitive individuals and to 
be used only until they can switch over to CD or CDH. Whatever formula 
we choose, it will help to heal the body of unwanted pathogens, and helps 
with parasites as well as heavy metals. Each person is different, and it is up 
to us as parents to observe and decide which method of chlorine dioxide 
administration is best. 


You are in no way encouraged to switch to CDS if what you’re doing with 
CD is working for you. For some people it may be better, but as of now, only 
one of our recoveries has come from CDS—all the rest are from CD. Some 
children may try CDS and come to realize that CD is still better for them. 


When to Use CDS 


CDS is used when someone just can’t get past | drop divided in 8 fl. oz., over 
a day without experiencing a Herxheimer reaction. This allows us to get past 
the road block and still detoxify the body. Eventually, we want to go back to 
the standard CD Protocol which | believe to be more effective. 


This is not a common situation, but it does occur. 


Making vs. Buying CDS 


Most people are a bit concerned about making CDS since it involves a 
distillation process where you produce chlorine dioxide gas and then cause it 
to go into water. When Andreas first came up with making CDS, it involved 
two containers, a hose, heat and lots of ventilation. There are still lots of 
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videos on YouTube explaining that original process. However, there is now a 
much better, easier and safer way to produce CDS at home. So, if you see a 
CDS making video or read instructions that talk about using a hose—forget 
it! The new process is much easier and safer and doesn’t involve any heat nor 
hoses. 


There are some online sellers of CDS, but the cost of it is high and making 
your own is simple. It just takes a little effort in learning the process and 
having the right equipment. In addition, by making your own, you will have a 
better understanding of the behavior of chlorine dioxide. 


Some Important CDS Points 


When it comes to CDS, it is all in the concentration of chlorine dioxide in 
water; measured in parts per million—abbreviated ppm. 


When buying or making your own, the goal is to end up with a bottle of CDS 
having a concentration strength of 3,000ppm. This bottle should ideally be 
made out of glass and kept in the refrigerator. You never use this concentrated 
solution directly. It must be diluted. 


When we say, for example, use 10ml of CDS, we mean mix 10ml of 3,000ppm 
CDS with whatever indicated amount of water, and use that diluted mixture 
for the indicated purpose. 


Make sure you read and understand Appendix 6, page 467 which explains 
more about concentration and measuring ppm. 


There are several names attributed to this new, better and simpler method of 
making CDS, such as: 

¢ The Shot Glass Method 

¢ The Overnight Method 

¢ The New Method 


There are some demonstrations on YouTube showing this new method along 
with write-ups on various forums. These methods use a plethora of different 
containers having different shapes and sizes. The specific tools used to produce 


CDS can have a significant impact on the concentration. 


It should also be noted that the concentration strength is reduced every time 


you open the CDS source bottle as chlorine dioxide gas escapes the liquid 
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and evaporates into the air space above the liquid. When you open the source 
container, some of the chlorine dioxide gas escapes. So, the strength of a half 
full CDS bottle can be substantially less than what you started off with when 
the bottle was full. This is similar in concept to a pop bottle that loses its fizz 


if not used up quickly. 


To substantially reduce the evaporation of the chlorine dioxide gas, the 
CDS source bottle should be stored in the refrigerator, which stabilizes and 
significantly reduces the amount of CD gas escaping the CDS solution. But, 
no matter what the temperature, some gas will always escape and reduce the 
concentration each time the bottle is opened. A narrow neck bottle helps 


maintain the integrity of the CDS for longer periods. 


It is better to store the concentrated source CDS in smaller 300ml bottles 
than keep it in a larger one liter bottle. That way you use up what is in one 
bottle faster with less concentration loss. A good storage bottle is shown and 


described on page 160. 


The New CDS Making Method —The Basic Concept 


First, let’s go over the basic principles of the CDS making process and then 


we will go into details. 


We start with two containers (both ideally made of glass). One container 
is larger and has some kind of a lid that can be tightly closed. The other is a 
smaller container having NO lid. The relative size of each container is such 
that the smaller container fits comfortably inside the larger container while 
allowing the lid to properly close on the larger container when the smaller 
one is inside. See page 151 for an example of a well-made glass kit distributed 


by wps4sale.com. 


The large container is then partially filled with filtered/distilled water. The 
level of water must be low enough so as to not overflow into the smaller 
container if it is placed into the partially filled larger container. The photos on 


page 151 show the concept of the two bottles visually. 


Now that you have the basic idea, let’s make some CDS... 
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Using the Overnight CDS Generating Kit 


The following directions assume you have the glass Overnight CDS Generating 
Kit (1000 ml) from wps4sale.com (as shown on page 151). You are of course not 
required to use their kit. However, based on our own experience of looking 
high and low for a good one, theirs has the key features: 


¢ Made of glass 

e Smaller glass fits inside of larger container AND 1000ml of water 
inside the big container will not flood into the smaller container 
once placed inside. 


° Lid fits tight and no gas escapes during the chemical reaction time. 
* Lid is plastic—NEVER USE METAL LIDS! 


Note: There are plastic CDS kits that work. You may be able to find a 
combination of containers made of plastic but not glass where you live. In 
fact, | made a YouTube video where | show how to make CDS using a plastic 
container. Just understand that chlorine dioxide will deteriorate plastic 
containers over time, so it should be avoided. Even if you have to use a plastic 
jar to make the CDS, store the final product in glass. The less time the CDS 
is in plastic, the better! As for lids, we have no choice. Only use plastic lids. 
Metal lids will oxidize VERY rapidly! Even metal lids with a plastic coating on 
the inside will deteriorate. 


Steps to Making CDS: 


1. Start by pouring one liter of distilled or reverse osmosis water into the 
large glass container. The water should be around room temperature. 


2. Place the empty dessert cup inside the large container making sure no 
water spills into the cup. 


3. Measure 75ml of sodium chlorite solution (22.4% NaClO, in water) and 
pour into the dessert cup, while being careful not to spill any sodium 
chlorite into the water surrounding the cup. 


4. Measure 75ml of 10% HCl or 50% citric acid solution and pour into 
dessert cup. 


5. IMMEDIATELY screw on the lid to the large container while being careful 
to not jiggle the container which could potentially cause the CD solution 
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wps4sale.com sells this Overnight CDS Generating Kit that 
produces 1 liter of CDS at 3,000ppm from 75ml of sodium 
chlorite plus 75ml of activator. The only part not made of glass 
is the plastic lid. The glass dessert cup is sized just right to fit 


inside the larger glass jar with enough room left over for 1 L of 
water that won’t overflow into the dessert cup. 


to mix with the surrounding water. Make sure the cover is tightly screwed 
down so as to not have any leaks. If you smell chlorine dioxide (beyond 
the little that escapes while you are putting on the lid) then something is 
wrong with the lid and/or container. 


6. If you did everything correctly you should see the CD solution turn a 
dark amber/brown within about a minute (see below) and notice that the 
water starts to turn a light yellow several minutes later. It is also normal 
to see bubbles form in the dessert cup. It is normal for the pressure to 
change during the chemical reaction. We find that citric acid produces a 
vacuum and HCI can produce a pressure at first and then a vacuum. 


7. Cover the kit with a towel to reduce its exposure to light. It doesn’t have 
to be in a pitch black location, but it definitely should not be in direct 
sun light. Feel free to check it from time to time and see how the colors 
change. Of course keep this kit out of the reach of children or anything 
that could disturb it. | keep mine in the cabinet overnight with a towel 
on it. 


8. When the color in the dessert glass matches that of the surrounding 
water, the chemical reaction is complete. There is no harm in waiting a bit 
longer—nothing more will happen. This usually takes from 12-24 hours 
depending on room temperature and the strength of the acid used. 
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After the sodium chlorite and activator mix, the color will 
quickly turn a dark amber, almost black color (left). After about 
12 hours, the color of the solution in the dessert cup and that 
of the water surrounding it should be identical (right), which 
indicates the chemical reaction has completed and the CDS is 
ready to be poured into a storage container. 


Have your glass storage bottle(s) clean and ready to receive the CDS 
solution. 
. Before opening the kit make sure your work area is well ventilated. 


Perform the steps that follow outside or have the door and/or window 
open nearby. Having a fan lightly blowing any gas that escapes away from 
you is a good idea. 


. Slowly open the container being careful to not jostle it which could cause 


the CD solution to mix with the freshly made CDS. If the chemicals mix, 
you will have to start over again, so be careful! You will most likely smell 
the chlorine dioxide gas that was sitting in the air space when you first 
open it. This is normal, hence the need for good ventilation. 


. Slowly remove the dessert cup while being careful to not spill its contents 


into the CDS. Immediately dispose of the contents in the toilet and rinse 
off the dessert cup. 


. Now pour the CDS into the storage bottles while being aware that some 


chlorine dioxide gas will come out of the water into your working area. 


. Tightly seal the storage bottle(s) and place in the refrigerator. 
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Note: 10% HCl is the recommended activator when making CDS. However, 
you can also use 4% of HCl, but the reaction time will be slowed down. It 
may take as much as a full day before the color of the CD solution and the 


water match. 


Dosing CDS 


As mentioned earlier, CDS is particularly well-suited for unusually sensitive 


individuals who cannot tolerate even low doses of CD. 


Start with a baby bottle filled with 8 fl. 0z., of water and add Iml of CDS. This 
will provide eight doses of 1/8ml. If all is well on the first day, increase to 
2ml on the second day. Each day you increase by one milliliter. Increase the 
amount based on tolerance. If the person is having a problem with a certain 
level of CDS, then go down to where they were fine and stay there a few days 


before increasing again. 


Tolerance is the key here. Once you can no longer increase you have reached 


that person’s full oral dose of CDS. 


Slowly Switching Back to CD 


Once you have found the full oral dose where they are stable and cannot go 
higher, it is time to fold CD back in. 


The goal of using CDS is not to replace CD, but rather do some fundamental 


detoxing so you can bring CD back and reach full oral dose of CD. 


This is accomplished by taking out one milliliter of CDS and replacing it with 
1 drop of CD. For example, if the individual can tolerate 20 milliliters of CDS, 


then an ideal transition would be represented in the chart on page 154. 


Of course this chart represents an unlikely scenario where everything goes 
exactly as desired. However, it does demonstrate what we are striving for— 
switching out CDS for CD and continuing to increase the dose of CD as 
described in Chapter 5 (page 81). 


To accomplish this process effectively requires careful observation of your 
child and making decisions as to when you can go up; when to hold; and when 


to back down. 
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Hypothetical CDS to CD Transition 


CD in drops 
Last CDS only day. 
Transition starts 


Transition Day CDS in milliliters 
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CDS Enemas 


CDS enemas can be useful for sensitive individuals when starting the protocol. 
Follow the same enema instructions in Chapter 5, page 103, keeping in mind that 
Iml of CDS has a relative strength of approximately 60% of | drop of CD. 
With that in mind you can work up to 40ml of CDS per liter of enema water. 


Chapter 7 


CDH - Going Beyond CD & CDS 


“The progressive development of man is vitally dependent on invention. It 
is the most important product of his creative brain.” 
~ Nikola Tesla 


his protocol is constantly evolving, and until every person with autism 

recovers, we will continue to search for things to add or tweak to the 
protocol so we reach that goal. A few months before the release of this 
second edition, | was made aware of a new method of CD preparation, known 
as Chlorine Dioxide Holding (solution) or simply CDH. 


CDH can almost be described as a hybrid between classic CD and CDS. 
Where CDS has no raw material left in the final product, but only chlorine 
dioxide gas dissolved in water, CDH contains some raw material (similar to 
classic CD) along with the chlorine dioxide in the final product. This new 
process allows the sodium chlorite to react with the acid for a significantly 
longer period of time, thereby reducing much of the remaining amount of 
unactivated sodium chlorite and activator. Some people cannot tolerate citric 
acid so CDH is usually made with 4% HCI. Initial reports indicate that CDH 
is better tolerated than CD. 


Another interesting benefit of CDH is that it appears to mix well with the 
permitted natural sweetener stevia (SweetLeaf® brand) without reducing the 
potency of CDH. This can help children who have an aversion to the taste of 
CD. Many families have also reported that they were able to increase their 
child’s dose without producing a Herxheimer reaction, in contrast to classic 
CD. Older children and severely affected children have benefitted as well 
from the CDH preparation; you can read more about that on page 221. 


Currently, this new method is being used by a relatively small group of families 
(around 70 as of November, 2013). Many of them are reporting that CDH 
continues to produce results for their children on the spectrum, and they are 
seeing even better things than before. 
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As with all new things, it is important to test with a diverse group of families 
over a long enough time period to make sure that gains are sustained. So we 
ask that you please keep in mind that CDH is literally the bleeding edge of this 
protocol. While we are excited to share a new option with you, the decision 
to use CDH must not be taken lightly. If you are doing well with classic CD 
you may never need to use CDH. Consider the old saying, “If it ain’t broke, 
don’t fix it’? Of the 115 children who have lost their autism diagnosis, 114 
have done so with CD and | with CDS. So far,0 with CDH (4 months in use 
for ASD). | expect this number to change soon as we are seeing good things 
from CDH. Time will tell. Stay tuned. 


Scott McRae, his wife Brenda, and Charlotte Lackney have been pioneers in 
developing the CDH method. The following section is written by Scott where 
he discusses how CDH evolved along with detailed instructions on how to 
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Mr Brenda, and | first learned about CD early in 2009, through Bhante 
Vimalaramsi, an American born Buddhist monk. He’s now a very close 


prepare and use it. 


friend of ours, and even as I’m writing this, I’m at a meditation retreat which 
is based upon his understanding of the open-minded, experiential teaching of 
the Buddha. 


After receiving our first set of CD bottles from an online seller, we started by 
trying to get to 15 drops of CD activated with lemon juice for 3 minutes, twice 
a day, which was the protocol at the time. Though we gave it a good effort, we 
couldn’t get past 6 drops before vomiting and having diarrhea, and this caused 
us to initially stop taking CD. Then, after moving to Jakarta, Indonesia (Brenda’s 
home town), | experienced almost monthly illnesses, which | believe was due 
to being in a new and tropical part of the world (I’m from San Diego, CA), 
riding in public transportation twice a day and teaching in a school of over 300 
students. After a year and a half of constantly being sick, | remembered our 
bottles of CD which we had fortunately brought with us from the US, and | 
started on Protocol 1000. By that time, Protocol 1000 had been developed to 
be what it is now—3 drops of CD (activated for 20 seconds with 50% citric 
acid) per hour, 8 times a day—and so | decided to do the 3 week cleanse. By 
doing the cleanse, | experienced a huge improvement in my health. Not only 
did | immediately stop getting sick, but | also felt that my energy level had 
increased by about 25%! Obviously, | was excited by these great results and 
so was my wife because she had started taking CD again as well. However, 
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Scott & Brenda McRae from Jakarta, Indonesia 


even though our results were great and our experience was far better than 
before with the old, “try to get to 15 drops twice a day protocol,” we still 
were having some nausea and bouts with diarrhea when we took CD. This 
was especially true at the times when we felt the symptoms of a cold or 
flu and tried to take more than the 3 drops doses in order to overcome 
it. Still the results we were getting with CD on Protocol 1000 outweighed 
the nausea and diarrhea that we experienced and so we continued using it, 
especially when we felt some sickness coming on. 


After taking CD for about a year in this way, CDS hit the CD world. Being the 
experimental type, | decided to give it a try. After searching all over Jakarta 
for the plastic tubing for a couple of days and finally finding it, | made our first 
batch of CDS. We both tried CDS for about six months but found it to be 
less effective than CD, so we stopped with CDS and went back to CD and 
Protocol 1000. 


Nevertheless, there were 2 things | really liked about CDS: (1) it NEVER 
caused us any nausea or diarrhea, and (2) it was so easy to use since it was 
pre-made (no mixing of chemicals before each use). The main thing for me 
was not having any more nausea because | really disliked feeling sick. So, | 
started thinking about CDS and my experience with making it and | came 
to the conclusion that possibly, the reason why CDS wasn’t nauseating was 
because there wasn’t any unactivated sodium chlorite in the solution—it was 
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just chlorine dioxide dissolved in water. | remembered that when | made CDS 
myself, even after the activation process had gone on for an hour in a heated 
condition, if | stirred or swirled the activation chamber bottle, more ClO, 
would still come out of it. This got me to thinking... if the chemical reaction 
between the sodium chlorite and the 50% citric acid solution used to make 
the CDS was still able to produce more chlorine dioxide after an hour in a 
heated condition, then surely the 24 drops that | was using to make my daily 
CD dosing bottle weren’t being fully activated after just 20 seconds. 


Therefore, | decided to increase the activation time and tried it out on myself 
first and then my wife (aren’t | considerate?). We both found there was no 
longer a nausea problem, even when taking more drops per hour than we had 
ever taken before. 


Since | was in an experimental mode, | decided to see if | could make larger 
quantities of concentrated CD all at once to make it more convenient. | 
mixed equal amounts of sodium chlorite and 50% citric acid in a bottle, let it 
activate for about a minute, and then added a specific amount of hot water to 
further encourage the activation process. In the end,| had a total of 140 ml of 
this concentrated CD solution. Later, | found that hot water wasn’t necessary 
and that room temperature water worked even better because there was less 
CLO, gas lost in the process. 


The finished chemistry was indeed very strong and still didn’t cause any nausea, 
so | was compelled to post my discovery on the Genesis II Forum. | named it 
7 Day Fridge MMS (CD) because it provided a 7 day supply of Protocol 1000. 
The ingredients added up to 140 ml, so each 20 ml was 1/7th of the total, or 
a one day supply of “pre-activated” CD similar to Protocol 1000. This made 
taking CD every day really easy. Just pour out 20ml of the new concentrated 
solution into a water dosing bottle, and then pour out 1/8th of the bottle 
every hour into some water in a glass, and drink it. 


The 7 Day Fridge MMS (CD) method worked great for my wife and me. Others 
on the Forum also tried it and liked it. In addition, | gave it to some people at 
the school where | work to overcome their colds (usually overnight) as well 
as other diseases within a short time. 


About 18 months later, Charlotte, my Forum friend, began testing the 7 Day 
Fridge MMS (CD) process to determine the actual ClO, content using her 
Sensafe™ Chlorine Dioxide Photometer. Over several months, we worked 
together to further refine the 7 Day Fridge method. The result of all of our 
testing and refinements is this new and exciting CDH product. 
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The final formula to produce CDH using the 1 Bottle Method came out to be: 


22 parts water 91.6% 
] part sodium chlorite 4.2% 
] part HCl (4%) or Citric Acid (35%) 4.2% 


Total Solution 100% 


| believe this new way of making CD will be of great benefit to humanity 
because it will allow people to gradually double or even triple the amount of 
CD they can take with little or no stomach upset. By increasing their doses 
to higher levels, people will be able to overcome CD treatable diseases more 


quickly than ever before. 


As with any new technology, more changes and developments are likely. 
For example, we now know that CDH tastes much better if activated with 


hydrochloric acid instead of citric acid. 


Producing CDH Using the One Bottle Method 


Making CDH is really quite simple. You can use any size of bottle, and produce 
any quantity you wish, as long as you follow the basic instructions and keep 
the proportions the same. However, before diverting into different quantities, 
it is recommended you follow these directions exactly to insure you have the 


process down correctly. 


Note the following volume equivalents: 


Fluid Ounce (U.S.) Approximate Equivalents 


30ml_ = 1 fl.oz. US (2 Tablespoons) 
660ml = 22 fl.oz.US 
720ml = 24 US fl.oz.US 


750ml = = 25 US fl.oz. US 
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Equipment Needed 


One 750ml (25 fl. oz. US) glass bottle with an airtight cap. DO 
NOT use a metal cap (even if it is lined with plastic). The best 
caps are plastic or even a synthetic cork in good condition. A 
common 750ml wine bottle is ideal for this as you can get them 
colored to reduce possible UV exposure (the darker the better). 
But, a colored bottle is not absolutely necessary and using a clear 
one will allow you to actually see the chemical reaction as it turns 
from clear to yellow. 


Three 240ml (8 fl. oz. US) bottles ideally made of 
colored glass to protect the CDH from UV light 
(the darker the better), but colored bottles are 
not absolutely necessary. You can also use smaller 
bottles if you like—these are just used to divide up 
the resulting 720ml of CDH into smaller bottles to 
help retain the ClO, concentration while opening and 
closing the bottles during dosing. Schweppes™ sells 
6-packs of Ginger Ale, Club Soda and Tonic Water in 
10 fl. oz. glass bottles with plastic lids that are great 
for this purpose, and hold 300ml easily. Only the Ginger Ale is in 
a colored bottle (green), the others are clear. 





One measuring cup or graduated cylinder to accurately measure 
liquid in either milliliters or fluid ounces. 


Ingredients Needed 


Ingredients should be at room temperature—not cold. If CD and/or activator 
are right out of the refrigerator make your water warmer to offset, or allow 


ingredients to warm up before using. 


Note: The amounts indicated above add up to 720ml, while the wine bottle 
easily has room for an additional 30ml and more. Refer to the chart on right 


660ml of distilled or purified water at about 70° - 90°F (21°- 32°C). 


30ml of sodium chlorite (22.4% solution) near room temperature 
or slightly above. 


30ml of 4% Hydrochloric Acid (HCI) or 35% Citric Acid (CsHgO7) 
near room temperature or slightly above. 


if you wish to produce a different batch amount. 
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The CDH Formulation Table 
and Different Acid Concentrations 


What if you have 10% Hydrochloric acid or 50% Citric Acid (very common)? 
Or, you wish to use a different size of bottle? Nota problem. These acids can 
still be used. However, the formula changes accordingly. 


The table below is a great tool for determining the formula for a given bottle 
size. To use the table, start by circling the size of the bottle you wish to 
fill in the left most column. Next look at the acid you have and its labeled 
concentration. Match that with one of the 4 options across the top. Below 
the matching acid/concentration you will find the 3 formulation numbers for 
water, sodium chlorite (labeled “SC”), and whatever acid you are using. Just 
go down the appropriate 3 columns to where the bottle size line intersects 
and you will have the numbers you need. Substitute these numbers in the 
following preparation instructions if your situation calls for it. 


CDH Formulation Table 


(Applies to the One Bottle Method of making CDH ONLY!) 
SC=Sodium Chlorite / HCl=Hydrochloric Acid / CA=Citric Acid 
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Preparation Instructions 


Follow the steps of mixing ingredients in this order (assuming you are using 
the 750ml glass bottle): 


1. Pour 660ml of purified water into the 750ml glass bottle. 
Add 30ml of sodium chlorite to the 750ml glass bottle. 


3. Add 30ml of 4% HCI or 30ml of 35% citric acid to the 750ml glass 
bottle. 


4. Immediately cap/cork the bottle tightly so that no ClO, gas can 
escape and give it a good shake to thoroughly mix the ingredients 
(and a few more times later on if possible). 


5. Store the bottle in a dark place with a temperature of 70°F to 
90°F (21°C to 32°C) for 12 to 24 hours or more (24 hours or 
longer if you’re in a cold environment—below 70°F (21°C)). 


6. After the storage time has passed, place the bottle of CDH into 
the refrigerator (not the freezer) and allow it to cool down for 
3+ hours before opening it for the first time. The temperature 
of the solution should be no more than 51°F (10.5° C). Note: If 
you are using a significantly smaller bottle, cool down time can be 
reduced because the smaller volume of solution will cool faster. 


7. Finally, pour the CDH from the 750ml bottle into the smaller 
bottles, cap tightly and keep refrigerated until ready to use. The 
smaller bottle are easier to dose from and they also help reduce 
the number of times gas can escape and reduce the potency of 
the solution. 


Using CDH 


The CDH is now ready for use. Each milliliter of CDH solution contains | 
pre-activated drop of CD. It can be used for ANYTHING that CD is used 
for; viruses, bacteria, yeast, parasites, heavy metals, enemas, tub baths, gums & 
teeth, skin care, infections, etc. 


When used orally, each Iml of CDH should be added to at least 30ml of water. 
You can add even more water if you notice slight throat irritation with higher 
doses. If taste is an issue, a little bit of stevia may be added to each dose to 
improve taste by sweetening it. Some of the moms are adding SweetLeaf® 
Natural Stevia Sweetener to their daily bottle and report no negative impact 
on ppm level. 


Although CDH is strong, it has shown to be gentler on folks who have issues 
with nausea when using traditional CD. You should be able to start at whatever 
drop dose you were on with CD and switch to an equivalent milliliter dose 
of CDH and gradually increase to tolerance. Typically, people are able to take 
2 to 3 times as much of CDH as traditional CD, without experiencing nausea. 
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The CDH bottle should be kept refrigerated and only taken 
out to extract doses. Since 720ml is a fairly large quantity 
that may take many days to finish, it’s a good idea to take the 
720 ml and divide it up into 3 smaller 240ml bottles (720ml 
+ 3 = 240ml) so you won't lose much of the ClO, each time 
you open the bottle. By doing this, you will conserve as much 
of the CIO, as possible. It’s also easier to extract doses from 
a smaller bottle using a syringe or pipette. 


Also, keep the CDH bottle out of direct or indirect sunlight 
to prevent loss of ClO. If you make a dosing bottle for the 





day, it’s best to keep it cold, but it is not absolutely necessary. 


A little note about taste: Most people who complain about 

the bad taste of CD, CDS or CDH (which does not have any taste at low doses) 
are actually reacting to the smell of the ClO, which can lead to developing a 
long-term aversion to any of the treatment solutions. So, if you can minimize 
the gas floating around your nose, you will have an easier time with drinking 
the CD, CDS or CDH dose. To accomplish this, Charlotte suggested avoiding 
the use of a cup or wide mouth drinking bottle. Instead, use a bottle with a 
small opening such as a common water bottle (preferably made of glass). Of 
course, if the smell doesn’t bother you, this is a moot point, but at least you 
have this little trick if it does. 


Well, that’s all you need to know to get started on this great new way to make 
and use CD. May this new CDH formulation bring you and your family much 
health and happiness. 


Scott McRae 
Jakarta, Indonesia 
November, 2013 
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We appreciate Scott, Brenda and Charlotte’s contribution to the variety of 
ways to produce and use chlorine dioxide. Be sure to check the Facebook 
groups and forums for the latest developments on CDH. 


Some of you may feel overwhelmed by what you just read. So, let me give 
you my “Easy-Peasy” single paragraph method of making CDH: | take a 600ml 
Lifefactory™ bottle, put in 550ml of water; add 25ml of sodium chlorite; 
followed by 25ml of 4% HCl (or 50% citric acid). Leave it 12 hours in a 
cabinet, after which it goes in the fridge for 2 or more hours. Done! © 


the symptoms known ag 
© 


3 
g 
g 
w® 
g 
a 
B 
5 
. 
E 
ae 
4 


Ta sy, 





Healing & beating autism. 


Chapter 8 


Step 3 
The Kalcker Parasite Protocol 


All of our fathers had a treatment for parasites as a part of their cultural 
practice. We have gotten away from this because of our reliance on modern 
practice. We would do quite well to relearn the ways of our ancestors in this 
area and keep ourselves in relatively good health always. 

~ Chief Two Trees 


he word “parasite” comes from the Greek word meaning, “one who eats 
off the table of another.’ Parasites, to Ancient Greeks, were those who 
sat at another’s table, and paid for their meal with flattery. 


As | mentioned earlier in the book, a very interesting thing started happening 
with the CD enemas. What we had previously believed to be mucous or 
biofilm coming out with the enemas, turned out in many cases to be worms 
(helminths) (aka parasites)—in rare cases they were still alive and wiggling 
in the toilet! We believed the most common were Ascaris lumbricoides 
(roundworm). However, what we are now seeing more and more appear to be 
rope parasites, a potential new species of helminth discovered by Dr. Gubarev, 
Dr. Alex Volinsky, and coworkers (submitted January 14, 2013). DNA testing 
is the only way to definitively say, but at $25,000 USD for each analysis, with a 
minimum of 100 test cases, it is rather cost prohibitive at the moment.' 


In addition to Ascaris and rope parasites, parents have also seen hookworms, 
pinworms, tapeworms, and flukes, among others. This is an extremely 
important piece of the puzzle for so many of our children. We have been 
led to believe that in first world nations, parasites are not a problem. This is 


absolutely not the case. 





A well washed parasite. You can almost feel the texture. 
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Andreas Kalcker, 
co-author of the 
Kalcker Parasite Protocol 





Miriam Carrasco Maceda, 
co—author of the 
Kalcker Parasite Protocol 





| was honored to have Dr. Andreas Kalcker and Miriam Carrasco Maceda 
share a chapter from their upcoming book, Parasites: The Silent Enemy.Andreas 
explains the importance of lifelong deworming, and shares with us a protocol 
that has helped many children and adults become healthier; and for some 
children on the spectrum was the last piece added that led them to recovery. 
The version included here has been tailored specifically for children and adults 
with ASDs. The original protocol can be found at: 


www.andreaskalcker.com/ 
index.php/en/health/parasite 


Very few details have been changed, but it is important to note that the 
Parasite Protocol here is what has been proven to help many of our children 
on the spectrum, including many of the recovered children. 


Thank you Andreas and Miriam for your valuable contributions to this 
movement, selflessly sharing your findings, and for always taking the time to help. 
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HOW TO DETECT AND 
TREAT A PARASITIC INFECTION 


Parasitic infections are more common than most people think, and may or 
may not result in serious health problems. We may be infected with multiple 
types of parasites, which vary in size and location, on or in the body. 


Parasites can be classified as either microparasites, such as malaria that are 
only visible under the microscope, or large macroparasites such as round or 
flat intestinal worms (roundworms, tapeworms, etc.). These can be seen by 
the naked eye, and can reach great sizes. Internal parasites are found, not only 
in the intestines, as is generally thought, but anywhere in the body, including 
the lung, liver, muscle, stomach, gallbladder, brain, blood, skin, joints, and even 
in the eyes. 


In recent history, the great migratory movements of the human population via 
rapid transportation and widespread trading have shortened the distances that 
previously had separated people and diseases. Formerly localized diseases have 
thus become universal ailments. Parasites previously confined to very specific 
geographical areas now appear in other locations, far away from their initial 
homelands. Unfortunately,conditions typical of the lower socioeconomic strata, 
(under which a large percentage of the global population lives) tend to favor 
the transmission of diseases and parasites. 


A high percentage of the world population suffers from infections by parasites, 
which the WHO (World Health Organization) estimates are responsible for 
15 million child deaths annually. In addition to the great cost represented 
by deaths, chronic and persistent infections have increased as parasites have 
developed multiple mechanisms of evasion and resistance to specific immunity. 
This allows them to circumvent and cancel the host immune response. 


Persistent parasitic infection in human hosts leads to chronic immune reactions, 
which can result in tissue damage and altered immune regulation. Ninety 
percent of the world population is infected with one or more parasites, and 
up to five different types may coexist in the same host. 


This situation becomes dangerous when the internal balance within the host 
is upset, the number of parasites skyrockets, and the host begins showing 
signs of serious illness that may even result in death. However, in some cases, 
parasitic worm infections do not result in disease, in fact,a number of carriers 
are found to be healthy. 
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A really good look into a parasite. You can see the actual 
intestines of the parasite. Also known as a helminth. 





The same parasite (as above) from a different angle. 


Pic. 225 5 EN Stimulation of opening the 3” eye (or the 6" chakra —localed between the eyebrows) 
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Considering that most people are not even aware of their infections, parasites 
have become silent killers, claiming the lives of many unsuspecting victims 
going about their lives oblivious to the danger. Some doctors in Western 
Europe and the U.S. seem unwilling to even contemplate that we may be 


infected. 


Taking into account the recent increase in travel, immigration, and trade across 
continents, it is not hard to see how the problem has now become magnified 
to an alarming level. Parasites, especially the modern “toxified” versions, may 
well be causing many of the rare diseases now becoming more prevalent, as 
well as other recently identified or growing problems such as chronic fatigue, 


fibromyalgia, and arthritis. 


The most common verminosis (infestation with or without obvious 
symptomatology of disease caused by parasitic worms) is intestinal. People 
who have them not only suffer from a large quantity of lost nutrients (absorbed 
by the parasites), but also from perforations made by worms in the digestive 
tract that can open the door to various infections and possible autoimmune 
deficiencies. Intestinal worm infections are very common and can affect 
everyone, not only people with poor hygiene habits. Helminths (worms) are 
transmitted by ingesting the eggs or larvae of parasites, which then hatch in 


the intestinal tract. 


A parasitic infection or reinfection can be acquired through one or more of 
the following avenues: 


> From more or less direct contact with an infected person (fecal or sexual). 


> From self-infection, for example, through anal-hand-mouth contact. By 
scratching the anal area, eggs can become lodged under the fingernails. 


From congenital transmission (mother to fetus). 
From commonly contaminated objects. 


From soil contaminated by human or animal excrement. 


vvvv 


From eating contaminated raw or undercooked meat. 


> From eating raw fish. 


In some countries, raw fish is included in traditional foods. We can avoid the 
consumption of the larvae or worms by freezing the meat or fish for at least 
twelve hours, depending on temperature. 





A great photo of a dead parasite, believed to be the Ascaris 
lumbricoides, or possibly a rope worm in the “seaweed” stage. 





A very good look at how long some helminths are. The 

more worms the people pass, the healthier they get, and the 
improvements come faster and faster. This child passed a lot 
of parasites in the beginning. Then after a few months was no 
longer passing them and now has an ATEC score of 5. Meaning, 
he no longer has the diagnosis of autism. 





This is the parasite that measured 32 inches. 
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Another long, well washed parasite for the collection. The road 
to recovery is paved with many dead parasites. Adios Autism... 





This is a 32-inch parasite that a young boy passed. He went on 
to have a great day after getting this out. 
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60cm long worm (Oct 1, 2013) from child; 6 months on CD; 2 
drops every 1-2hr; no parasite protocol; 1tbIlsp DE; 2-3 vials of 
Quinton. 
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. 





This 33 inch parasite (aka “Chester”) was discovered by a 
woman using the protocol on herself. 





The bubble visible in this photo leads us to believe this is a late 
stage rope worm. 
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After passing this 
parasite, the child 
went on to have 

a fabulous day at 
school. It is so great 
to feel good and 
healthy. 





The FDA recommends freezing and storing [fish] at -4°F (-20°C) or below 
for seven days (total time), or freezing at -31°F (-35°C) or below until solid 
and storing at -31°F (-35°C) or below for 15 hours, or freezing at -31°F 
(-35°C) or below until solid and storing at -4°F (-20°C) or below for 24 hours 
is sufficient to kill parasites. FDA’s Food Code recommends these freezing 
conditions to retailers who provide fish intended for raw consumption. 
Note: These conditions may not be suitable for freezing particularly large fish 
(e.g. thicker than six inches). 


> From drinking contaminated water. 


> From consuming contaminated vegetables or fruits. Often we eat 
poorly washed (parasite infested) vegetables or fruits. There is a common 
misconception that vegetables from organic farming are free from any 
problems, pesticides, or chemicals. The danger is that the eggs or larvae of the 
worms reach the farm soil through animal waste, decomposed forms of natural 
compost, and manure (fertilizer) added to the field. There are eggs, such as 
Ascaris lumbricoides, which can survive in soil under extreme temperatures 
for five years. It is very important to perform a thorough cleaning of fruits and 
vegetables, and never eat anything raw and straight from the ground, however 
healthy it may seem. 


> From parasite infested animals. Parasitic infections are very easy to spread 
by contact with pets. Veterinarians are quick to insist upon the quarterly 
deworming of our animals, but there are steps we must take on our own to 
avoid contamination. 
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Parasites come in all shapes and sizes. Of course, they can 
also come out in pieces. 


Suggested: Deworm your pet at least every three months for life, as directed 
by your veterinarian. During the first month, it should be done every week. 
Prevent pets from eating raw viscera. If animals eat raw meat or raw bones 
the best option is to freeze the food in advance for at least 12 hours (See 
citation above). If the deworming treatment is working, the animal will expel 
the worms in the feces or vomit, which must then be burned or buried, during 


the eight-day treatment. 


Avoid being licked in the mouth by animals as they are in direct contact with 
feces, soil, and their own anus. When petting an animal, wash your hands with 
soap and water before eating or handling food, as the eggs of the parasites 
remain in the animal’s hair. 


> Do not walk barefoot or with open toe shoes in soil or sand. 


> Avoid Hippotherapy (horseback riding) 


Symptoms of Parasitic Infections 


The different types of worms and toxic waste produced by parasites in our 
body may cause the following common problems: 


176 Chapter 8 


Parasites come in all 
sizes. Some are very long. 
These get washed with 
hot water for photos. This 
way we get the best look 
at them. 





Blood Disorders & Blood Parasite Diseases 


Parasites absorb essential nutrients from the body, such as iron, vitamin By, 
and sugars, which may result in certain blood disorders. In addition, some 
diseases are known to be caused by blood parasites: 


Blood disorders: 


¢ Anemia 

¢ Dizziness 

° Hypoglycemia 
e Weakness 


Blood parasite diseases: 


° African Sleeping Sickness 
* Babesiosis 

* Chagas Disease 

° Malaria 


Fatigue: 


The toxic waste produced by the parasites themselves (including ammonia 
and psychoactive substances), can stress the detox organs and cause disorders 
of the central nervous system such as: 
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Chronic fatigue syndrome (CFS) 
Cold in the extremities 
Dizziness 

Extreme weakness 

Internal cold 

Lethargy 

Low energy 

Night waking 

Restless sleep 


Gastrointestinal Symptoms 


Abdominal pain or tenderness 

Blood in stool 

Burning in the stomach 

Chronic constipation 

Chronic diarrhea or diarrhea caused by poor absorption of food 
Colitis 

Cramping 

Cravings for greasy foods and sugary foods, lots of carbs and bread, 
fruit, fruit juices, alcohol, or vinegar 

Digestive problems 

Distended belly 

Eating more than normal but still feeling hungry 
Excessive bowel movements 

Fever 

Frequent vomiting and nausea 

Gas and bloating (noted after eating) 
Hemorrhoids 

Irritable bowel syndrome (IBS) 

Intestinal irritation 

Intestinal obstruction 

Leaky gut 

Malabsorption syndrome 

Mucous in stool 

Pancreatitis 


Passing a worm in stool 
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Growth Problems, Weight, & Appetite 


Parasites usually live without being detected by the host. They rob the body 
of many of the essential nutrients in the food consumed. Many overweight 
people, who are infected with parasites, go hungry for lack of essential nutrients, 
causing them to eat in excess due to their parasitic infection. Furthermore, 
depending on the type of infestation, many people are malnourished and 
cannot gain weight. The following is a list of some possible symptoms: 


In children: 


* Poor growth 
¢ Poor physical and intellectual development consistent with their 
biological age 


In children and adults: 


* Chronic burping 

* Craving white flour products; cookies, cakes, pastries, etc. 

° Feeling hungry after a meal 

¢ Inability to gain or lose weight 

¢ Long-term obesity 

° Loss of appetite 

¢ Obsession and/or compulsion to eat sweets or very specific foods 
(wheat, sugar, dairy) 

* Ravenous appetite 

¢ Uncontrollable hunger to eat more than usual 

¢ Weight gain (specifically around the time of the full moon) 

° Weight loss 


Mood Problems & Anxiety 


Toxins that are released by parasites can irritate the central nervous system. 
Anxiety and nervousness are often caused by parasites that migrate throughout 
the body. Some of the problems caused are: 


¢ Anger and irritability 

° Anxiety 

¢ Confused thinking (brain fog) 
¢ Depression 

¢ Disorientation 

* Forgetfulness 

* Lack of coordination 

* Mood swings 


. = ‘ 


Healing bronchitis and bronchi — watch for 10 minutes 
Pic, 326 AEN angels-light.corg cosmic-people.com andele-svetla.cz 
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e Nervousness 
¢ Obsession 

e Restlessness 
e Slow reflexes 


Muscle & Joint Pain 


Parasites can travel almost anywhere in the body. When they migrate to the 
joints and the muscles they can cause cysts and inflammation. These can often 
be mistaken for arthritis and/or muscle pain. 


Toxins from parasites can also accumulate in the joints and muscle tissue 
causing: 


¢ Chest pains 

¢ Fibromyalgia 

¢ — Joint pain 

e Muscle cramps 

¢ Muscle spasms 

¢ Numbness of the hands or feet 
¢ Pain in the back, thighs, or shoulders 
¢ Pain in the navel 

¢ Rapid heartbeat 

¢ Restless leg syndrome 

° Seizures 


Parasites in Children 
(including children with ASDs) 


Parasites can be found in the body in asymptomatic and symptomatic stages. 
The former are usually found in adults. Symptomatic stages occur mainly in 
children, in whom we can often observe the following: 


¢ Anorexia 


° Anxiety 
° Bruxism (teeth grinding) 
* Cramping 


¢ Diarrhea that alternates with periods of constipation 
° Excessive Flapping 

* Growth retardation 

* Headaches 

¢ Inability to gain weight 

¢ — Itching/Burning/Picking of the anus 

¢ — Nasal itching and/or anal urticaria (hives/rash) 

¢ Nervousness and irritability 


180 Chapter 8 


¢ Nose Picking 

* OCD (Obsessive Compulsive Disorder) 
° Rage 

° Smearing feces 

e Unexplained laughter or weeping 

° Verbal stims 

° Weight loss 


Tapeworms, and some other parasites, have an affinity for By, and iron. 
Therefore, lab results that show deficiencies in B,. and/or iron can be 
indicators of parasitic infections.* Due to its size, the tapeworm consumes 
enormous amounts of food that it obtains by taking the child’s food. This can 
affect the child’s normal development. 


Treatment is simple, but it requires that the head of the tapeworm be removed, 
otherwise it will continue to grow. Tapeworm treatment is separate from this 
protocol and usually requires niclosamide. However, the only way to be sure 
the head has been removed is to identify it in the stool. 


Respiratory Disease 


The passage of larvae through the respiratory system or larval invasion in the 
lungs may cause symptoms such as: 


* Acute bronchitis 

° Asthma 

* Drowsiness 

e Dyspnea (shortness of breath; air hunger) 
*  Chronic/irritative cough 

* Pneumonia 

* Shortness of breath or respiratory failure 


Sexual & Reproductive Disorders 


Immune dysfunction as a result of a parasitic infection can lead to: 


* Candida - yeast infections 
* Cysts and fibroids 

° Erectile dysfunction 

° Fluid retention 

e Male impotence 

¢ Menstrual problems 

¢ Premenstrual syndrome 

* Prostate problems 

¢ Urinary Tract Infections 


Step 3 - The Kalcker Parasite Protocol 181 
Skin Disorders & Allergies 


External parasites (lice, bedbugs, scabies, etc.) that penetrate the skin can 
cause itching, redness, and/or rashes etc. However, internal parasites can be 
responsible for skin disorders as well. Parasites create toxic metabolic waste, 
and because the skin is the largest organ, the body tries to eliminate them 
through it, resulting in many skin problems. 


Some symptoms may include: 


e Allergies (to foods, dust, mold, etc.) 
¢ Anal itching 

e Brittle hair 

¢ Crawling sensation under the skin 
« Dermatitis 


¢ Dry hair 
¢ Dry skin 
* Eczema 


¢ Eruptions 

* Hair loss 

e Itchy nose 

¢ — Itchy skin 

° Jaundice 

¢ — Psoriasis 

e Skin ulcers 

° Sores 

° Swelling 

¢ Urticaria (hives; skin rash) 


Sleep Disorders 


The body reacts to parasites during rest periods because at night is when 
parasites are most active. Nocturnal awakenings are common, especially 
between 2 and 3am, when the liver tries to rid the body of toxins produced 
by parasites. This in turn may produce: 


¢ Insomnia 

¢ Teeth grinding 

¢ Bedwetting 

¢ Drooling while sleeping 

e Sleep disturbances - multiple awakenings during the night 
¢ Restless sleep 
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Other Problems Associated with Parasites 


Bad breath 

Blurred vision 

Body odor 

Breathing problems 

Chronic infections: viral or bacterial 


Circulatory problems, numbness in the extremities, difficulty in 
moving 


Cough or coughing up blood 

Difficulty swallowing 

Excessive salivation 

Fever 

Fluid build-up or retention during the time of the full moon. 
Low immune response 

Peritonitis 

Sensation of a foreign body or discomfort in the throat 
Swollen eyes 


Weight gain during the full moon. 


Blood Analysis 


The following markers may be present when a person is suffering from a 


parasitic infection or the resulting allergies: 


Anemia/low iron 
Elevated immunoglobulin (IgE) 


Elevated eosinophils (The eosinophil is a specialized cell of the 
immune system, more specifically it is a proinflammatory white blood 
cell. According to the Registry for Eosinophilic Gastrointestinal 
Disorders (REGID), their known functions include movement to 
inflamed areas, trapping substances, killing cells, antiparasitic, and 
bactericidal activity, participating in allergic reactions,and modulating 
inflammatory responses.) 


High ammonia 
High oxalates 


Low vitamin B,> 
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Measures in the Home Environment 
to Prevent Reinfection 


It is important to treat all people and pets that live in the same environment 
to prevent someone from infecting others. Reinfection occurs via underwear, 
bedding, towels and household items such as children’s toys or animals that 
have been in contact with eggs. It is important to wash all clothing that has 
contact with intimate body areas at a temperature not below 60°C (140°F). 


All bed linen and underwear must be washed daily (or to the extent possible) 
while performing anti-parasitic therapy. Affected individuals should not share 
their swimwear with other members of the family, and should use a separate 
cloth to wash his anal area. It is best to sleep wearing both underwear and 
pants to avoid involuntary scratching during the night. This will prevent 
infection through anal-hand-mouth contact because by scratching the anal 
area, eggs can become lodged under the fingernails. Keep pets away from the 
place of rest of their owners, such as beds, sofas, blankets, and cushions. 


Thoroughly wash fruits and vegetables in water and soak them in CD or 
CDS solution for a few minutes. Clean the sink with alcohol, as the eggs of 
many parasites are immune to the pH of normal cleaning products such as 
soap or bleach. It is important to note that parasites do not leave any kind 
of immunity behind in the host, therefore, once cured, the person who has 
suffered can suffer from them again. The only surefire method of killing the 
eggs of Ascaris lumbricoides is in water above 60°C (140°F) or with 96% grain 
alcohol (Everclear). 


Evolutionary Cycles 
of Intestinal Parasites 


Although there are many more, here is a description of the three most 
common types of intestinal parasites that can be found in developed countries: 


Ascaris Lumbricoides (Roundworm) 


Ascaris reproduce quickly, as a single female can lay up to 200,000 eggs each 
day. This parasite is very common, especially in damp conditions, and when 
hygiene measures are inadequate. It can affect the entire population, but 
mostly affects children, seriously disrupting their development and growth. 
It’s so infectious that the WHO estimates that there are about 700,000,000 
people infected worldwide, of which around 60,000 cases end in death per 
year, mainly children.* 
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Parasite eggs reach the duodenum through the mouth of the host. Gastric 
juices rid the eggs of their shells and release the larvae. These larvae, which 
are highly mobile, penetrate the duodenal mucosa and migrate to the liver. 
From there, they continue their migration to the heart, reaching the lungs 
through pulmonary circulation, and finally become trapped in the pulmonary 
capillaries. Here, the larvae break the thin walls of the capillaries and penetrate 
the alveoli, bronchioles, and bronchi at which point they are able to travel up 
through the pharynx. Once the eggs pass the epiglottis (see diagram above), 
the larvae are swallowed such that they return to the duodenum, where they 
complete their maturation process. This process takes approximately two 
to three months to complete; therefore we calculate that to find ourselves 
completely parasite free, the initial treatment should be done for at least 12- 
18 months, possibly longer. From there on out, you may only need to follow 


a routine deworming two to four times a year. 
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Keep in mind that eggs are expelled through the feces (human or animal) into 
the environment where they can survive even in harsh conditions, favoring the 
persistence of the parasite. They are resistant to low temperatures, desiccation, 
strong acids, soaps, chlorine, formaldehyde (pH between 2 and 11.5), and can 
live in planted soils for five or more years, creating a “parasite hotbed” that 
makes them almost indestructible. Once dry, they are transported through 
the air, fly in air currents like dust that can be inhaled and/or swallowed. 
We have recovered eggs from nasal mucus, paper currency, potting soil, dust, 
and in indoor airborne particles, etc. 


Taenia Saginata and Taenia Solium (Tapeworm) 


Taenias reach humans when humans eat their eggs, by the consumption of 
tissue from infected cattle or pigs. In infected animals, the larvae are encysted 
in the muscle tissue. If the infected animal is consumed, development may 
proceed in the human digestive system. Humans are hosts for T. saginata 
(beef tapeworm) and T. solium (pork tapeworm). The tapeworm is considered 
to be solitary, because usually no more than four species are found in 
any one individual host. The danger of this parasite is that the larvae can 
migrate to the brain, or other vital organs (cysticercosis). Tapeworms may be 
detected by identifying segments in the host’s stool that the worms discard 
as they grow. However, tapeworms may go undetected for many years, living 
asymptomatically within their host. 


According to classification, they can vary in size ranging from 2 to 12 meters 
in length. They consist of a head called the scolex, which attaches to the 
intestine by means of suction cups, and a body consisting of repeating units 
called proglottids. A single Taenia can grow from 1,000 to 2,000 proglottids, 
depending on the type. A tapeworm produces an average of 720,000 eggs per 
day. 


Pinworms (Enterobius Vermicularis) 


Humans are considered the only host of what are commonly called pinworms 
(Enterobius vermicularis). This type of worm is the most typical in the family 
because it propagates easily. It is common for children to become reinfected 
in schools, through contact with others, or through anal-hand-mouth contact. 
Pinworms have an elongated shape, are whitish in color, and are about lcm 
long. They inhabit the large intestine of humans. Female pinworms leave eggs 
around the anus. Once deposited, the eggs are infectious for a period of up 
to 20 days. Once in the intestine, it takes between five and eight weeks to 


186 Chapter 8 


develop into adult worms. The most important symptom is intense itching 
that occurs in the anal area, especially at night. In women, inflammation of the 
vulvar area is very common. 


A pinworm infection is, generally speaking, not very serious. Unlike other 
parasites, they infect only humans. Transmission from person-to-person 
happens by handling clothing, bed sheets, towels, and environmental surfaces 
(such as curtains, carpeting) contaminated with pinworm eggs, which are so 
light that they are able to become airborne. A small number of eggs can be 
integrated into air particles that when inhaled follow the same developmental 
process as ingested eggs. Enemas are extremely useful in removing this 
parasite from the large intestine. 


Graham’s method is a simple method of detection. Just after waking and 
before a bowel movement, press a piece of tape against the anal folds. The 
tape will catch the remains of eggs and/or parasites that are situated there. 
With the naked eye we can see small worms no more than an inch long, 
but with a microscope, many transparent eggs from females and even other 
species may be seen. 


The Importance of Lifelong Deworming 


Once we begin the process of deworming, we should recognize that we must 
maintain this habit of cleaning for the rest of our lives to enjoy good health. 
It is common among people who have pets, to follow the recommendations 
of their veterinarians, and deworm their pets every three months. It is 
interesting to ask why family physicians do not give the same advice to humans. 
Perhaps some physicians ignore this information, or simply do not consider 
it important to eliminate these pests, which are just as harmful to people as 
they are for animals. 


It is true that many parasites are not endemic or common outside certain 
climates, but human migration and global marketing of food products have 
facilitated the spread of many parasitic pests silently. It is important that 
we understand the lifecycle of each parasite, from birth to death including 
reproductive and death stages. This information is crucial for the complete 
elimination of the parasite. For example, in the case of intestinal parasites 
treated here with this protocol, some can live in the host for up to ten years, 
as in the case of a single Taenia, while others may remain in the host for a 
lifetime, reproducing again and again, as in the case of the pinworms or the 
well-known Ascaris. 
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The Kalcker Parasite Protocol & Lunar Cycle Timing 


In the modern civilization in which we live, we have lost touch with much of 
the ancient wisdom of the past. One of the things we have forgotten is how 
the natural cycle of the moon influences many of nature’s routines. This is 
especially true for the behavior of parasites. They are known to sync their 
life-cycle with that of the lunar cycle. Your child may demonstrate extreme 
behaviors on certain lunar cycle days... especially on the full moon and 
sometimes even the new moon. 


Therefore, to maximize effectiveness, this Parasite Protocol is specifically 
timed to the lunar cycle. Appendix 10, page 477 provides an easy reference 
for you to look up the days to perform the Parasite Protocol, which is 
administered over 19 days—numbered 0 to 18—each month; starting three 
days prior to the full moon and continue during the waning moon. This period 
of the moon’s cycle is very effective for deworming because many nematodes 
(parasitic worms) travel back into the intestine to mate at this time. 


Length of Treatment 


This protocol is not a one-time treatment. You should plan for at least 12 to 
18 months to insure you have purged multiple parasite life-cycles and continue 
beyond 12 months if your child is still expelling parasites. 


Building on CD 


This protocol builds on what you have already learned using CD. During 
treatment, it is absolutely necessary to continue CD dosing, CD baths and 
CD enemas. 


Tape Worms 


This protocol is specifically designed for the deworming of large intestinal 
parasites, especially round nematodes such as Ascaris. It is effective for 
most nematodes, but may not be effective against tapeworms. In the case 
of infestation by Taenias, the recommended treatment is Niclosamide, the 
preferred medication due to its low toxicity. 


Components of the Kalcker Parasite Protocol 


This protocol uses some of what you have already learned and should already 
be doing, along with a set of ingredients you will need to have on hand before 
you start (shown in bold below). Here is an overview list of the items you 
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will need to have on hand, and the items are described in detail on the pages 
that follow: 


° Meal time (1, 2, 3) 

« CD/CDS (4-19) 

¢ CD Baths (20) 

¢ CD Enemas (21, 22) 

* Ocean Water (23, 24, 25) (see page 115) 

¢ Diatomaceous Earth (26, 27) 

¢ Lepidium Latifolium Extract (Rompepiedras) or 
Chanca Piedra (Stone Breaker) (28, 29) 

¢ Pyrantel Pamoate (Combantrin®) (30, 31) 

* Mebendazole (32-36) 

* Castor Oil (37) 

° Neem (39, 40) 

¢ Probiotic (usually THERALAC®) (41) 


Check the following website for the latest information on where to find these 
products: 


www.ProtocolSuppliers.com 


You may have noticed one or more numbers in parenthesis following each of 
the previous items, such as “(40)” for the probiotic. The timing of what to give 
when, is covered in great detail in the daily charts starting on page 198. These 
numbers match those found on the daily sample charts to make it easier for 
you to connect the dots and also be able to identify related notes under each 
chart. They have nothing to do with the quantity/dosing of any substance. The 
use of these numbers allows us to comment on specific items and when and 
where they come into play as shown on the daily sample charts. 


We now detail each one of the items on the list above and discuss what 
you need to know about them and how to acquire them (including their 
associated numbers on the charts). 


Meals (1, 2, 3) 


Obviously meals are part of everyone’s day. The purpose in mentioning them 
here is that many of the following steps are related to meal timing. Some 
actions or ingredients are taken before breakfast, others during or after. 
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In our example charts, we make some assumptions which include: 


¢ Breakfast (1) is at 7:30am 
e Lunch (2) is at 12 noon 
¢ Dinner (3) is at 5pm 


CD, CDS or CDH (4-19) 


As you learned in Chapter 5, you continue to dose CD (or CDS/CDH) as 
before during the Parasite Protocol. Nothing changes in that regard with the 
Parasite Protocol building on top of those steps already in place. 


The sample charts assume your child is going to school, and so you may not 
be able to administer doses of CD during his school day (7-12) unless you are 
home-schooling, in which case you are encouraged to give hourly CD doses, 
even if the total exceeds 8 for the day. 


CD Baths (Optional) (20) 


Our sample charts assume you administer a CD bath just before bedtime. 
See pages 113 for more information about CD baths. 


CD Enemas (21, 22) 


Ideally, give your child a CD enema in the morning (21) and another one in the 
evening (22). However, if your child is going to school, a morning (21) enema 
may not be a good idea due to the possibility of an “accident.” Therefore, 
consider the morning enema optional, but the night time enema a must do! 
See page 103 for more information. 


Ocean Water (23, 24, 25) 


Supplementing ocean water minerals is important to support the body through 
the detoxification process. See page 115 for more information on ocean water. 


Dosing: 


(23) A dose of ocean water should be administered upon waking, but five 
minutes apart from CD dosing. 


(24) One dose of ocean water immediately after school (or at lunch time if 
at home). 


(25) One dose of ocean water, 15 minutes before or after dinner. 
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Diatomaceous Earth (DE) - Food Grade (26, 27) 


Diatoms are unicellular plants 
that existed by the trillions in 
our oceans over 300 million 
years ago. They are encased 
by a cell wall that is made of 
silica. When diatoms die, this 
microscopic coating deposits 
at the bottom of oceans. Over 
time, they pile up in banks 
forming deposits thousands 
of meters in size. With the 





receding of the oceans, these deposits have been uncovered. Through 
compression, and ultimately fossilization, these silica deposits have given rise 
to a chalk rock called diatomaceous earth. 


DE is an inert, nontoxic compound, which contains a number of minerals 
such as manganese, magnesium, iron, titanium, calcium silicates, and others. 
Properly ground, the skeletons of microscopic diatoms become sharp silica 
needles, harmful to parasites, fungi, yeast, worms, and amoebas. However, 
these needles are harmless to humans and other warm-blooded animals. 
Although it is safe to consume diatomaceous earth continuously, the best 
method (as with everything else) is to allow for periods of rest. During the 
18-day treatment, take two teaspoons (5ml) twice a day. 


Dosing: '/ to | teaspoon twice a day for smaller kids, 1 teaspoon three 
times a day for adults and bigger kids. Mix with a little water and drink. Given 
on days | through 18. DE mixes well with water but never dissolves. Stir 
the DE/water slurry vigorously and drink immediately before the DE settles 
to the bottom. Some people take heaping tablespoons in water, but larger 
amounts are not necessary. DO NOT take dry! 


Note: In rare cases, DE can cause constipation, which can usually be managed 
by reducing the dosages to 1/2, 1/4 or even 1/8th of a teaspoon. If that 
doesn’t resolve the issue, remove DE from the protocol and continue with all 
other directions. 


Source & Cost: Search online for “Food Grade Diatomaceous Earth.” Buy 
at least 1 pound and expect to pay about $20 more or less. Better yet, buy a 
five pound bag, which will reduce your cost per pound. DE does not expire 
or degrade, but should be kept in a dry container. Note: Diatomaceous Earth 
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is often used as non-toxic element in pool filtration systems. You DO NOT 
want to use this kind of DE since it has been processed. Only get “Food 


Grade” Diatomaceous Earth! 


Lepidium Latifolium Extract 
(aka Rompepiedras or Pepperwort) or 
Chanca Piedra (aka Stone Breaker) (28, 29) 
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Lepidium Latifolium (Rompepiedras) and Chanca Piedra (Stone Breaker) both 
break up hard substances in the body. The reason we use it in this protocol is 
two-fold: It breaks up the protective outer coating of parasites, and annihilates 
oxalates, which many of our kids have an abundance of because oxalates are 
produced by parasites. 


Note #1: It is often simply referred to as “RP” in our discussion forums. 


Note #2: If you are having trouble finding this particular ingredient, don’t let 
its absence stop you from starting the protocol with all other ingredients. 


Dosing: 15 drops for a 100 pound child mixed in with the diatomaceous 
earth/water. Use seven drops for smaller children. 


Source & Cost: You have a choice of two herb extracts; Lepidium Latifolium 
Extract (aka Rompepiedras or Pepperwort) and Chanca Piedra (aka Stone 
Breaker). One US source is www.mightyguts.com, which sells a 50ml dropper 
bottle of Pepperwort for about $30. A primary manufacturer in Europe 
is Soria Natural from Spain that labels their product Rompepiedras, while 
they also have an English labeled box that says Pepperwort. They both show 
Lepidium Latifolium on the box. 
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Pyrantel Pamoate (30, 31) 
(Trilombrin/Combantrin®) 


Pyrantel pamoate is a broad spectrum anthelmintic, which works by causing 
a neuromuscular block that produces spastic paralysis of the parasite, and 
its subsequent expulsion by intestinal peristaltic action, without excitation of 
the parasites or encouragement of their migration. Pyrantel pamoate acts 
over a short duration, and tends to be completely eliminated from the body 
in the feces and urine within three to four days. Pyrantel pamoate is poorly 
absorbed from the gastrointestinal tract, and approximately 6 to 8% total is 
found in the urine, with the remainder in the feces. The recommended dose 
is one daily dose of 10 mg per kilo. 


Pyrantel pamoate is incompatible with the use of piperazine, because the 
two substances neutralize each other. Thus Pyrantel pamoate should not be 
combined with pumpkin seeds, which contain piperazine, or with antiparasitic 
drugs that contain piperazine in their formulation. 


Dosing: Pyrantel pamoate is given only twice during one cycle of the parasite 
protocol; once during breakfast on day one (30), and again during breakfast 
on day five (31). Dose is based on weight and calculated by multiplying your 
child’s weight in kilograms times 10mg of pyrantel pamoate. To make it easy, 
refer to the following chart: 


Pyrantel Pamoate (Trilobrin/Combantrin®) Dosing by Weight 





Pyrantel pamoate (often just referred to as Combantrin®) is available in three 
forms: 
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¢ Liquid: where each milliliter contains a certain number 
of milligrams. For example, one available formulation 
contains 144mg/ml. So a 100Ib child would take 3ml. 

¢ Tablets: where each usually contains 250mg. 

¢ Capsules: where each usually contains 250mg. 


You will have to read the label or the particular product you acquire and 
determine the milligrams to use. 


Source: Combantrin® is available by prescription in the US. Most other 
countries have it available over the counter. 


The preferred source of pyrantel pamoate is a compounding pharmacy, as 
to avoid coloring and flavoring. If you are unable to find it without coloring/ 
flavoring then | would personally use mebendazole for the entire 18 days 
rather than risk giving your child an ingredient which may cause regression. 


Note #1: Some brands of Combantrin® include mebendazole. You want the 
stand-alone Combantrin®! 


Note: #2 Pumpkin seeds should not be consumed with pyrantel pamoate 
because they neutralize its effects. 


Mebendazole (Vermox®/Lomper®) (32-36) 


Mebendazole is a drug used in treating diseases caused by helminths (parasites 
of the gastrointestinal tract). This drug prevents the parasite from using 
glucose, which results in a decrease in energy and therefore death of the 
parasite. 


Mebendazole is a non-systemic drug which means it is only absorbed, to a 
limited extent, in the gastrointestinal tract (approximately 5 to 10%). However, 
if it is consumed with fatty foods then more absorption occurs. 


Approximately 2% of the administered mebendazole is excreted in the 
urine, while the remainder is excreted in the feces. The appropriate dose of 
mebendazole may be different for each patient as it depends on the type of 
parasite causing the infection.6 The most frequently recommended dose is 
100mg for children, 200 mg for adults, two times a day for seven of the first 
nine days of the Protocol. 


Adverse effects from mebendazole are generally rare due to its poor absorption. 


However, it may cause nausea, vomiting, abdominal pain, and diarrhea. Normally 
these effects are in fact a result of the release of toxins from the very death of 
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the parasite itself. Anti-parasitic drugs can be administered very effectively by 
diluting them in water, putting the mixture in a small bulb enema, and inserting 
the anally. This is especially suitable in the case of oxyuriasis (pinworms). 
Read more about this “implant method” on page 220. 


Dosing: 


Note: Indicated weights should only be considered a rough guide. 


Small Children (20-40lbs.): Days 2, 3, 4, 6, 7,8 & 9 — Take as little as 25mg 
of mebendazole with breakfast and dinner, and do NOT do a blitz on Day 9. 


Children (41-7Olbs.): Days 2, 3, 4, 6, 7, & 8 — 50mg with breakfast and dinner. 
On Day 9 they can take 50mg, 50mg and 25mg. 


Adolescents (71-100lbs.):; Days 2, 3, 4, 6, 7, & 8 — 100mg during breakfast 
and 100mg during dinner. Day 9 is “Mebendazole Blitz Day” where you 
administer ONE 200mg dose during breakfast; ONE 200mg dose at lunch; 
and a final 100mg dose at dinner. 


Teens & Adults (101 Ibs. and up): Days 2, 3, 4, 6, 7, & 8 — 200mg during 
breakfast and 200mg during dinner. Day 9 is “Mebendazole Blitz Day” where 


you administer ONE 500mg dose during breakfast and no dose at lunch or 
dinner for the remainder of the current cycle. 








Source: Mebendazole is available by prescription in the US and over the 
counter in other countries. 


Note #1: Some brands combine mebendazole with Combantrin®. You want 
the stand-alone mebendazole! 


Note #2: Mebendazole is mostly sold in tablet form, but it is also available 
in liquid. DO NOT buy the liquid form—stick with the tablets! | have seen 
horrible reactions from the “inert” vehicles used in the liquid products. 


Castor Oil (37) 


Castor oil is extracted from the seed of a plant called Ricinus communis 
(“Higuera del diablo”). Its seeds 
contain between 50-80% _ oil, 
which has a high content of 
ricinoleic acid, which has excellent 
laxative and purgative properties. 
Once you begin anti-parasitic 
treatments, spastic paralysis may 
occur in some parasites and many 





together may form a “knot” of 
worms that can cause intestinal obstruction. It is important to help your body 
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purge them by using castor oil. Castor oil should be taken in the morning, 
two hours after breakfast and other medications. If your child goes to school 
they take it as soon as they walk in the door from school. A typical dose for 
a child is 1/2 tsp to | tsp, or up to tolerance. The adult dosage is 15 to 30ml 
(two tablespoons), two hours after breakfast and other medications. If you 
experience any intestinal distress, mineral purgatives such as Epsom salts, or 


vegetable purgatives such as senna leaves, can be used. 
Castor oil is also available in gelcaps for those who dislike the taste. 


Dosing: The amount to administer varies and really depends on the individual’s 
tolerance. A good starting point is '2 teaspoon for smaller children and up 
to two tablespoons for larger children and adults. Only experimentation will 


determine the right amount, if castor oil causes diarrhea. 


Source & Cost: Readily available in liquid form at most pharmacies in the 


laxative section. Usually under $10 for 160z. Also available online. 


Neem (Azadirachta indica), Caps or Tea (38, 39) 


= > 





The neem tree is a great natural inheritance of mankind. References in 
Sanskrit scriptures and ayurvic medicine practices indicate the use of neem 
since ancient times in Hindu medicine. Even today, Hindus living in rural 
areas call the neem tree the “village pharmacy” for its ability to alleviate 
many diseases and is currently endorsed by authorities in India for its use in 


medicinal preparations. Neem is one of the purifying and detoxifying plants 
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with the greatest potential. Neem has been used to combat all forms of body 
parasites, external and internal parasites alike. To prepare neem, boil four 
leaves (normally the contents of an envelope) in one liter of water for five 
minutes. Drink the tea throughout the day over the course of each parasite 


protocol. 


Dosing: Neem is given each parasite protocol from day 10 through Day 18. 


You have a choice of caps or tea. | prefer caps over tea because the taste is 


strong and unpleasant, so some kids will buck drinking tea. 


Caps (assuming 475mg each): An adult takes six in a day, three times two caps 


at meal times. 


Follow the directions on the bottle. Give a full dose for teens and adults 


100 Ibs. and over. Small children receive '/4 to '/2 dose. 
If using caps, give one dose during breakfast and one dose at dinner. 


Tea: Give four doses throughout the day. Prepare a tea from the leaves, one 
tea bag in one liter of water (add stevia if needed to cover some of the bitter 
taste). One tea bag usually contains approximately four leaves. If using loose 
leaves, then make one liter of tea with four neem leaves. If using crushed 


leaves, then use approximately one slightly heaping teaspoon. 


Neem Tea Dosing 
j Total Daily Amount 
Weight of Person (To be split into 4 doses) 
20-34 Ibs 100 ml 
35-49 Ibs 200 ml 
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Source & Cost: Neem capsules cost about $8 for 100x 475mg caps. Look 
in your local health food store. One popular brand in the US is Nature’s Way®. 
BioPure™ sells a product called Neem Synergy which contains a few additional 
herbs that do not affect the neem. 


Neem tea can be purchased in bags or as dried leaves. 


THERALAC® (Probiotic) (40) 


THERALAC? is a probiotic that should be given 
during the parasite protocol to help reestablish 


good gut flora. Ideally, it is rotated every other 
month with THERALAC® TruFlora®. 
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The key reason for recommending THERALAC® 
over other probiotics is explained in this 





paragraph excerpted from their website: 


THERALAC® probiotics survive transit through the harsh acidity of the 
stomach and arrive alive in the intestinal tract. THERALAC’s ACID PROOF™ 
technology utilizes sodium alginate from seaweed in a unique formulation 
that assures survival at pH 1.6 for 90 minutes, the most severe stomach 
acid conditions normally experienced. Other probiotics that claim acid 
resistance are tested at pH 2.5 — 3.0, or >10 times less acidic than pH 
1.6 — not a fair test. THERALAC’s ACID PROOF® technology is protected 
by US Patents 7,122,370 and 7,229,818. This technology goes beyond 
resisting stomach acid and involves keeping the probiotic cells together 
in a viscous alginate-gel moving in group-force, not as separate individual 
cells like other probiotics, deep into the intestinal tract while retaining key 
formula ingredients, LactoStim® and Sodium Alginate in close proximity. 


Dosing: One capsule of THERALAC® is given each and every night at 
bedtime, irrelevent of age/weight. This probiotic is also to be given outside of 
the 19 Parasite Protocol days. 


THERALAC® can be given at the same time as CD if your child swallows 
capsules. However, if you are using the THERALAC® powder form then give 
it at least five to ten minutes after the last CD dose of the night. See their 
website for more information about the powder form. 


Special exception: Some people do not tolerate probiotics, in which case we 
have no choice but to leave them out. In some of these cases, sauerkraut and 
fermented veggies may help to cultivate beneficial bacteria. 


Source & Cost: Amazon carries “THERALAC® 30 caps by Master 
Supplements Inc.” for $37. 
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Sample Parasite Protocol Daily Calendar 


a assist you in understanding the Parasite Protocol and how it changes from 
ay to day, we have prepared the following visual set of daily charts showing 


how a me pieces fit together. To prepare this set of charts, we made up the 
following times for example purposes only: 


Your child’s awake time is between 6am and 10pm. 
* Breakfast is at 7:30am 


Your child goes to school, which starts at about 9am 
* School is out at about 2:30pm 
¢ Dinner is at 5pm 


As stated earlier, each dose or activity is labeled with a unique number. Those 


nu 
mers relate to notes below each chart AND they match longer descriptive 
notes in the previous pages. 


You are encouraged to copy/enlarge the blank chart in Appendix 9 (page 475) 
and workout your real-life schedule based on these example charts 


Refer to the lunar calendar (Appendix 10, page 477) for the exact days the 
Promeco) should be followed, as well as to get an idea of behaviors related to 
parasites around the full and new moon. 









After four years of biomed and no major gains, we decided to try 
mms/cd protocol We started in April and are currently on our second 
parasite protocol. Initially, we were really intimidated by the enema 
part but realized if we were apprehensive our 7 yr old daughter would 
pick up on that. We told her that what we were about to do would help 
her feel better we gave her the iPad right before the procedure and 
a new fav toy beanie boos) and she was game. After it was over she 
said “no more booboo in my tummy”. We all cried To make a three- 
month adventure short and sweet, her team at school cannot figure 
out how her fragmented speech has gone from &-3 word utterances 
to long, drawn out sentences. Her expressive language and receptive 
have increased Her auditory processing speed has quadrupled. The most 
amazing part thus far has been the increase in social skills. Or just the 
fact that she is interested in engaging. Socially she was nonexistent 
and is now at a four year old level We just spent a week with family 
and she was saying hi and engaging without being prompted!!! She now 
has a million questions, wants to know when and where we are going 
and the sequence in which events will take place. All this from a girl 
who never asked questions before mms! STOP thinking about trying! 
dust Do tl! For the first time in seven years, I can hear the bells of 
freedom ringingll!! Thank you Kerri Rivera Il! 






















Healing stomach — watch for 15 minutes 
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Day 0 - Notes: 


Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food 
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Day 1 (2 days before Full-Moon) 
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Day 1 - Notes: 
Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 

Enema in the morning (optional) and in the evening (mandatory). 

3 doses of ocean water at least 5 minutes away from CD. 
Diatomaceous Earth and Lepidium Latifolium with breakfast and dinner. 


Dose of Combantrin with breakfast 


NI 


Castor oil 1 hour after breakfast or immediately upon return from school. 


Probiotic at the end of the day 
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Day 2 (1 day before Full-Moon) 
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Day 2 - Notes: 
1,23 | Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


120 —_—‘| CD Bath at the end of the day. 


[21,22 | Enema in the morning (optional) andin the evening (mandatoy). 

[23-25 | 3 doses ofoccan water atleast Sminutes away fom@D. i 

[25-29 _| Diatomaceous Earth and Lepidium Latfolum wih breakfast and dinner | 

a ee 
Teen/Adult Dose: 200mg Mebendazole with breakfast and dinner. 


140 Probiotic at the end of the day 
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Day 3 (Full-Moon) 
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Day 3 - Notes: 
Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 

Enema in the morning (optional) and in the evening (mandatory). 

3 doses of ocean water at least 5 minutes away from CD. 
Diatomaceous Earth and Lepidium Latifolium with breakfast and dinner. 


Small Child Dose: 100mg Mebendazole with breakfast and dinner. 
Teen/Adult Dose: 200mg Mebendazole with breakfast and dinner. 


* 
(s) 
NI 


Castor oil 1 hour after breakfast or immediately upon return from school. 


Probiotic at the end of the day 
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Day 4 - Notes: 
Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 

Enema in the morning (optional) and in the evening (mandatory). 

3 doses of ocean water at least 5 minutes away from CD. 
Diatomaceous Earth and Lepidium Latifolium with breakfast and dinner. 


Small Child Dose: 100mg Mebendazole with breakfast and dinner. 
Teen/Adult Dose: 200mg Mebendazole with breakfast and dinner. 


Probiotic at the end of the day 
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Day 5 - Notes: 
4,2,3 | Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


120 —_—‘| CD Bath at the end of the day. 
/21,22 | Enema in the morning (optional) and in the evening (mandatory). 
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[23-25 [3 doses of ocean water atleast Smintes away rom CD. 
[26-29 [Diatomaceous Earth and Lepisium Lato wit breakfast and dane 
[a1 [Dose of Combantin wih breafast(NO Mebendszoie today) 
[40 [Probiotic atthe end ofthe day 
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Day 6 - Notes: 
4,2;3 | Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


120 ——‘| CD Bath at the end of the day. 
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/21,22 | Enema in the morning (optional) and in the evening (mandatory). 


}23-25 | 3 doses of ocean water at least 5 minutes away from CD. 
|26-29 | Diatomaceous Earth and Lepidium Latifolium with breakfast and dinner. 


Small Child Dose: 100mg Mebendazole with breakfast and dinner. 
Teen/Adult Dose: 200mg Mebendazole with breakfast and dinner. 


140 Probiotic at the end of the day 
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Day 7 - Notes: 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 


Enema in the morning (optional) and in the evening (mandatory). 


3 doses of ocean water at least 5 minutes away from CD. 


Diatomaceous Earth and Lepidium Latifolium with breakfast and dinner. 


Small Child Dose: 100mg Mebendazole with breakfast and dinner. 
Teen/Adult Dose: 200mg Mebendazole with breakfast and dinner. 
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Day 8 - Notes: 
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Day 9 (Mebendazole Blitz Day) 
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Day 9 - Notes: 


Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 minutes away from 
food. 


Blitz Day - Dose 2: 200mg Mebendazole with lunch (or right after school) 
Teen/Adult Dose: N/A 
Blitz Day - Dose 3: 100mg Mebendazole with dinner. 
Teen/Adult Dose: N/A 
Castor oil 1 hour after breakfast or immediately upon return from school. 
Probiotic at the end of the day 


Blitz Day - Small Child Dose 1: 200mg Mebendazole with breakfast. 
Teen/Adult Dose: 500mg Mebendazole with breakfast ONLY! 
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Day 10 - Notes: 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 


Enema in the morning (optional) and in the evening (mandatory). 


Start dosing Neem Caps with breakfast and dinner. If using tea, 4 doses through- 
out the day. 


Probiotic at the end of the day 
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Day 11 - Notes: 
4,23. | Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


120 —_—‘| CD Bath at the end of the day. 


[21,22 [Enema in he moring optional andin the evening andatowy——_———_—*t 
[23-25 [3 doses of ocean water atleast S minutes vay romCD.———————d 
[26-29 [Dieiomaceous Earth and Lepidim Latfoliom with breekastand daner | 
[28,30 [Neem Caps wih breakfast and dinner. using tes, 4 doses throughout he day_| 
[40 [Probiotic attheendofthedey 
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Day 12 - Notes: 
423 = | Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


120 —_—‘| CD Bath at the end of the day. 


/21,22 | Enema in the morning (optional) and in the evening (mandatory). 


[23-25 [3 doses of ocean water atleast S minutes vay romCD. = 
[26-29 [Dieomaceous Earth and Lepidim Laon with breekastand daner | 
fe, 39 [Neem Gaps wih breakfast and dinner. using ea, 4 doses throughout the day | 
[40 __[Proticicattheendoftheday 
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At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 


Enema in the morning (optional) and in the evening (mandatory). 
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At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 


Enema in the morning (optional) and in the evening (mandatory). 
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Day 15 - Notes: 
Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 
Enema in the morning (optional) and in the evening (mandatory). 
3 doses of ocean water at least 5 minutes away from CD. 


Diatomaceous Earth and Lepidium Latifolium with breakfast and dinner. 


* 
oo 
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Castor oil 1 hour after breakfast or immediately upon return from school. 
Neem Caps with breakfast and dinner. If using tea, 4 doses throughout the day. 


Probiotic at the end of the day 
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Day 16 - Notes: 


Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 

Enema in the morning (optional) and in the evening (mandatory). 

3 doses of ocean water at least 5 minutes away from CD. 
Diatomaceous Earth and Lepidium Latifolium with breakfast and dinner. 


Neem Caps with breakfast and dinner. If using tea, 4 doses throughout the day. 





Probiotic at the end of the day 
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Day 17 
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Day 17 - Notes: 
Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 

Enema in the morning (optional) and in the evening (mandatory). 

3 doses of ocean water at least 5 minutes away from CD. 
Diatomaceous Earth and Lepidium Latifolium with breakfast and dinner. 


Neem Caps with breakfast and dinner. If using tea, 4 doses throughout the day. 





Probiotic at the end of the day 
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Day 18 (Last Day!) - Notes: 
Breakfast, Lunch & Dinner 


At least 8 CD doses throughout the day, preferably more, at least 30 to 60 min- 
utes away from food. 


CD Bath at the end of the day. 


Enema in the morning (optional) and in the evening (mandatory). 


3 doses of ocean water at least 5 minutes away from CD. 


Diatomaceous Earth and Lepidium Latifolium with breakfast and dinner. 


Castor oil 1 hour after breakfast or immediately upon return from school. 


Neem Caps with breakfast and dinner. If using tea, 4 doses throughout the day. 
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Probiotic at the end of the day 
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Parasite Protocol Off Days 


Days “19” through to the next “Day 0” are “Off Days” where you 
discontinue parasite meds and herbs. Here’s a simple chart showing 
what to continue doing and what to stop during this off time: 


Continue with these: Stop these: 
CD / CDS / CDH Dosing Diatomaceous Earth 
CD / CDS / CDH Baths Lepidium Latifolium 


CD / CDS / CDH Enemas Pyrantel Pamoate (Combantrin®) 
Mebendazol 


Probiotic Neem 
Castor Oil 





Of course this represents a hypothetical case and your situation may 
call for taking other meds or supplements. 


Detection of Parasites in Stool 


It is necessary to detect the parasites by observing the stool carefully. For 


that we use a small plastic basin, and a plastic stick or fork for examination. 


Author’s Note: One of the moms who is a part of our forum came up with 
some guidelines for processing your child’s stool for parasite identification. 
She calls it, “Everything You Wanted to Know About Sorting Through Poop.” 


Here are her suggestions: 


Supplies: 
e rubber gloves 
* paper plates 
° plastic forks (plastic sticks, chop sticks, or plastic back 


scratcher) 
* apen 
* acoin 


* toilet hat 


| like to use a plastic “toilet hat” also known as a specimen collector 
or a specimen collection unit, which goes under the toilet seat and 
collects the stool before it sinks into the bottom of the toilet (available 


on Amazon.com). 














(watch for 10 min. } angels-heaven.org 
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The Collection: 


When your child poops, it is collected in the toilet hat (specimen 
collector). After | get my child cleaned up and taken care of, | remove 
the toilet hat from the toilet and put the specimen on a paper plate 
with my plastic fork. | have a look for anything interesting and then 
transfer that part to a clean plate using my trusty plastic fork. | 
discard the remainder of the specimen into the toilet, flush and put 
that dirty paper plate in the bathroom garbage. (We now line with 
kitchen garbage bags, and | change it after each of these poops.) On 
the clean plate with the suspected worm, | may add a bit of water 
and swish it around to get the worm cleaner. | then may transfer 
the worm to a third plastic plate to get a clear picture. On the clean 
plate with the washed worm, | write the date, and the initials of the 
person the worm came from. If you need help identifying the worm, 
place a penny next to the worm (for size context), snap a picture, and 
mail the image to kerri@cdautism.org, (Kerri collects the photos for 
documentation purposes, so send those worm pictures). Then flush 
the worm and put all paper plates, gloves, and fork in garbage and take 
it outside. Now, you can go find out what your child has gotten into 


while you were doing all this. 


Clean Up: 


Use HOT water (60°C/140°F), and sterilize with 96% (180 proof) grain alcohol 
(Everclear). 
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Microscope 


It is very useful to have a microscope for diagnosis because it enables you to 
see both the small parasites that may appear in the blood, as well as eggs or 
larvae in the feces. This way we are more accurately able to determine if the 
number of parasites decreases. A simple microscope that costs about $100 is 
suitable for this kind of identification. The easiest method to determine what 
you see is to compare your sample to images you find on Google. This way 
you can enlarge the images, see various samples from different angles, and get 
a much wider variety of samples than if you were comparing a sample with 
many textbooks. 


Bulb Enemas (aka “Implant’’) 


To prevent anal itching from pinworms, night wakings, etc., you can use a bulb 
enema or small catheter/syringe with a dilution of 50mg of mebendazole in 
10 to 15ml of water for small children, or 100mg of mebendazole in 15 to 
20mlI of water for larger children/teens/adults. The best way to do this is to 
introduce the medication together with the water in the rectum immediately 
before bedtime and hold overnight. If you are using the “implant,” a morning 
enema is mandatory. 








we did the 100mg of Mebendazole with QOml of water. He 
ee it in and we did it right before bed... Next day a ton ef 
worms came out!!! Better yet he started singing songs we 
a tune - 3 different songs over the last a days and in ” 
on his fingers very purposefully! His aide at school said e i _ 
amazing today - no behaviors, very focused, better articu 


and better social interest. 
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The Worm Whisperer 


The following words of wisdom are from a mom who has earned the nickname 
The Worm Whisperer (although her ability to destroy parasites may make the 
Worm Ninja more apropos). Her dedication and diligence have not only made 
the difference in the life of her son, but countless other children who are 
what she calls “extreme cases.” The information presented here may be the 
difference between an older/aggressive child living with their family or going 
to a group home for the care that their family is no longer able to provide 
them. Thank you Robin, for being a pioneer and for never giving up. Thank 
you for having the guts, the know-how, and the generosity to share what you 
have learned with those who need it most. 


Extreme Cases by Robin Goffe 


This section is for older children who may be violent, self-injurious, destructive, 
physically aggressive, high risk and/or bedridden. 


Some families have children who are older when they first start treatment. 
My son was 18 years old. We call ourselves the “last chance” group. We say 
this because our children have lived their whole lives infested, unbeknownst to 
us. Our children lived as happy, relatively easily manageable, learning-disabled 
children: perhaps slightly annoying with their routines of movie dialogue 
scripting or attachment to Disney movies, maps, or little known facts. They 
were mostly friendless but pretty easy to take care of. However, during the 
hormonal teen years, things took a grave turn. We may have chalked up their 
newfound solitude to just giving up socially for lack of friends. They did not 
fit in. We had no idea that something else was brewing. The hormones within 
them began to have a bitter war with the parasites living inside them, and a 
war would soon break out. Their mental state would diminish considerably. 
What we are faced with are grown, strong children who are mentally ill and 
violent, self-injurious, and destructive. Some have even become so ill that they 
had to stay in bed. 


This “last chance” is an opportunity to try ONE MORE THING before putting 
them in a group home; to give them away—for their own safety and the safety 
of their families. 


These things that | am going to share with you are unique to the standard 
treatment outlined in the book. It is a more aggressive treatment because it 
is needed. Our children are so highly infested that it is shocking to tell you 
what we have found. There is a lot to do, but there is a method. It is time 
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The Goffe family. 


consuming and it is a lot of work. But here | will outline what we did to get 
our son from an aggressive, self-injurious, destructive young man to one who 
has regained patience, language, understanding, and reasoning; but best of all, 
the opportunity to remain in our home. With continued treatments, he has 
the hope for a future: a job perhaps, and maybe even a family of his own. 


Beginning treatment for the older child and especially one who is aggressive, 
self-injurious, violent, and destructive is one done starting low and slow. 


Day one = one drop. 


| kept a very detailed journal, and | will simply tell you what we did. | will tell 
you what worked for us and what did not. | will also tell you what | shared 
with others that worked for them as well. | am not a physician. | am not a 
chemist. | am a mother in love with my son and his utmost comfort was my 
main concern. My only goal was to clear his parasites. | had no idea that the 
things | learned by digging through his stool for 9 months would eventually 
give me the nickname, “The Worm Whisperer.’ Although intestinal parasites 
have been around longer than man, and they are smart enough to live within a 
human being lifelong, they can go completely undetected. | was ready to plot 
out a war against them. By the beginning of our 9th month of treatment, | 
estimate that | had cleaned and examined 35 pounds (16 KG) of solid parasites. 
Hard to believe? | have 80% of them photographed. The last two months in 
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jars total seven pounds and a running total of the combined length will be 
at over 200 feet (61 meters), at the publishing of this book. There is not a 
classroom in the world that can teach what | learned in my bathroom day 
after day in latex gloves and a hospital mask. There was a fan blowing on me 
to manage the stench and by the third week my gag reflex was under control. 


| examined the parasites, the pieces, how did it die? What was my son feeling 
at the time? Was he violent? Sweating? Slapping his legs from the pain of 
the parasites moving around and torturing him from the inside? | needed to 
eliminate these worms without allowing them to cause my son pain as they 
were killed. | had no idea the monsters | was to face. 


In March of 2013, we started our son on one drop of chlorine dioxide. One 
of the most feared things that the parents of adult sized children face is the 
dreaded enema. It is just not something that most of us grew up with as 
standard care. But even so, my husband and | knew it was something that 
made sense. There are toxins inside these kids. They must be flushed out. 
The bowel is the way out. So on the very first day and the very first drop, we 
also explained to our severely autistic child that we were going to help his 
belly feel better. Our son, by this time, was so severe in regression that | can 
only best explain him as non-human. He was no longer speaking, unable to 
react to us, had stopped answering to his name, and could no longer contain 
the saliva in his mouth. He walked with a 12-inch drool hanging from his 
mouth. He ate like an animal, glaring at us. He was frequently violent: jumping 
on cars and denting them in, kicking down fences and destroying property. 


This was the child that we were going to start giving enemas to. If we could 
do it, anyone can. 


Each day we went up a drop; two drops on day two, three drops on day three, 
and so on. He was edgy and tired. We went for walks, as per usual, to deal 
with his aggression, but by day seven he began to have a runny nose and had 
a great deal of fatigue. We were so happy since we knew this was a sign to 
look for; that the immune system was kicking in. He slept for about 15 hours 
as we woke him and dosed him every hour and by the next morning there 
were about 25 white, hairy, thin looking objects in his stool. We knew these 
were worms and that we had our answer. After three weeks we began to 
see 4-6 inch parasites in all shapes and sizes, yet the aggression continued. It 
was here that | learned that what we were experiencing was POWS (Pissed 
Off Worm Syndrome). By this point we were at 13 drops, and while we 
were killing the smaller parasites, we were only pissing off the larger ones. 
The parasites do not like their environment disturbed, and subsequently they 
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cause distress to the host. Parasites excrete ammonia, (possibly, leading to 
hyperammonemia and possibly seizures), morphine, and a meth-like substance. 
As these toxins enter the body, they can also cause aggression and anger. We 
had many possessions broken during these tantrums. We stopped valuing 
material objects. 


It was here that we were told about—double dosing. So even though our son 
was getting about the equivalent of two drops an hour, if we saw increased 
aggression, OCD or self-injurious behavior we would give him four (see page 
103 for an explanation of double dosing). If he did not calm down, we gave him 
another four drop dose. This was the perfect return attack for the parasites. 
Within a few moments the aggression settled. His red face and wild eyes 
diminished, and we had made it past another hurdle. 


We used the double dose method dozens and dozens of times over the 
following months, and this helped tremendously to curtail the aggression 
caused by the parasites. 


By the third week of treatment, we were concerned about the time during 
the night that our son would not be getting doses. So for the next six months 
our family had a dosing schedule, dosing additionally at midnight, 2am, 4am and 
picking back up to hourly doses from 6am to 10pm. This schedule was shared 
by not only my husband and I, but also our son’s siblings,who would also set 
their alarms and take their turns, while we all rotated lack of sleep. 


By the second month we found that our son’s behavior not only changed 
around the full moon but the new moon as well. The standard protocol uses 
mebendazole over the full moon. However, with the older, more aggressive 
children we have had success with including mebendazole over the new moon 
cycle as well. These mini mebendazole courses feature shorter bursts of 5-6 
days each, over the new and full moons beginning four days before each. We 
also deemed it necessary to start earlier in the moon phase than with the 
younger kids, since the infestation was greater, and the parasite movement 
occurred earlier, causing behaviors sooner. 


For the child that has aggression, every parent must remember that the 
behavior is parasite related. During treatment you will see a variety of behaviors 
stemming from the parasites attempting to control their environment aka— 
the host. We found that increasing the frequency of the dose dampened the 
violence and aggression. It can be difficult to trust your child who is lost in a 
rage. You feel deceived and hurt. Those were our frequent emotions as well. 
It does pass. It took about 4-5 months for the rages to stop. They happened 
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everywhere and were happening even on the toilet while trying to expel the 
parasites. Have a plan. Music worked very well for us. So did reading books. 
Find something to distract, and always give soothing, comforting tones. We 
frequently told our son how much we loved him and we rubbed his head and 
back. These herxing behaviors may be avoided through the use of a new 
method of preparing CD called CDH (see Chapter 7, page 155 for more info 
on CDH). 


CDH: This new preparation method has really been a huge asset for the 
older kids that need to go higher in drops. At around 20 drops, the volume of 
the regular CD became unpleasant, making some children nauseous. My son 
was one of them. With the CDH preparation, | firmly believe that the older, 
tough-nut children will have more success with getting to the appropriate 
levels needed to start expelling the larger parasites. It is my personal belief 
that the amount needed in many of the non-seizure older kids with aggression, 
violence, self-injury, and destruction to be between 75-100ml of CDH daily. 
This amount may have a connection to the voltage needed in order for the 
mitochondria in the white blood cells to be given the power to not only kill 
the parasites, but to also destroy the bacteria. The job is two-fold, and must 
be done quickly as once the parasite is dead, the bacteria want to devour 
them immediately. | say these things because | have seen the condition of the 
parasites every day. | found that if | can kill the parasite with the least amount 
of disturbance or preparedness by the parasite, then there is no time for them 
to fight back and cause herxing. The bacteria also come into play and must be 
dealt with. Higher amounts of CDH kill both, without so much as a frown or 
a concern on the face of my son. 


Stevia: | found that by adding the sweetener stevia to the CDH, the process 
can be more pleasant and does not affect the properties or effectiveness of 
the dose. As proven by Lamotte ClO, test strips (see page 467 for information 
on using the test strips). 


Humidifier: In the beginning months, the infestation level is so high that 
nightly doses may have to be sacrificed in order to start breaking down the 
will of the parasites. It is not about seeing them every day, but slowly and 
consistently breaking their will. The constant aggressive irritation of the CDH 
will kill parasites, stopping them from making gains. There is another layer of 
nighttime treatments, and that is the humidifier. We fill a cool air humidifier 
that holds one gallon of water, and put 35 drops of activated CD (NOT CDH) 
and let it run all night near our son’s head. This too was a method we used 
for maximum parasite elimination. 
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Spices and Herbs: It is urgent that we work constantly with our older 
kids to rid the body of parasites and pathogens. We have found that for kids 
that can easily swallow pills, filling empty gel capsules with the recommended 
herbs and spices in this chapter under Other Medicinal Plants (page 231) 
helpful. We have found great results by filling the gelcaps with the variety 
mentioned there: black walnut, ginger, rue, wormwood, and yarrow and giving 
two to four different ones with each meal as a toxic feast to the parasites. 
Don’t narrow your selection to those mentioned here—get them all. There 
is no plan or pattern. Use any combination. 


Colonics: Professional colonics have been an important addition to healing 
and cleansing parasites in our older kids. We started these a few months after 
our son was accustomed to the routine enemas. This has been a wonderful 
addition, and we try to do at least one weekly. Some places will allow you to 
do inserts, and we have taken our CDH there working up to 50-100ml CDH 
with great success. 


Limiting Undesirable Behaviors 


Probiotics: If you are using probiotics and your child is aggressive or 
becomes aggressive after restarting the probiotics, consider removing them as 
a first step. There could be such a high infestation rate that the child’s system 
does not distinguish between good bacteria and bad bacteria. 


Enemas: CD enemas should start on day one of treatment for the aggressive/ 
older child. Since they have such a high rate of infestation, it is necessary to 
clear the pathogens on a continuing cycle from the very beginning. Please 
follow instructions for enemas starting on page 103. 


Diatomaceous Earth (DE): In some children, the DE may shred the larger 
parasites to death, causing them to spew additional toxins into the child’s 
body, which results in herx symptoms. Discontinuing DE for a few months 
may help to ease the distress, and give a cleaner kill. 


Salt Baths: There are times that the body is unable to pull out the toxins 
fast enough. Be careful about killing too fast (dosing without or not enough 
enemas). If you have done enemas, and there still seems to be distress, you 
can buy a 40-pound bag of plain pool salt, take 9 pounds of salt and put it 
into a hot bath. Allow the salt to dissolve and have the child soak for one 
hour. If the child sweats during the bath, this is a good sign, as it shows toxins 
are being pulled out. Do not use Epsom salts. They contain magnesium. 
Magnesium feeds parasites as well as biofilm. Plain pool salt is cheap, and helps 
to remove toxins. 
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Dandelion Tea: This is an incredible detoxing source as well. There have 
been times that our son was in and out of a salt bath all day drinking dandelion 
tea to get the built-up toxins out. This is a tea ready made by Traditional 
Medicinals® (traditionalmedicinals.com). 


Tips on What to Expect During the Parasite Elimination 


Intestinal parasites have been on Earth longer than humans. Their plan is to 
find a host, and to continue to create life. They have the home advantage by 
living inside of your child. There are many things that | have learned while at 
war with them. They have a plan and so should you. 


Situations We Have Come Across 


Peetox: As you kill the parasites, they are alerted that you have taken away 
their joyful life. As a result, they do things to the host to show their displeasure. 
One of the things the parasites do is to spew toxins, including a morphine-like 
substance that can cause your child to not feel that he needs to urinate or that 
he is urinating. Naturally, this can lead to accidents. This is not the child’s fault, 
but only a part of the parasite elimination process. One of the most difficult 
things we did was to put our 18-year-old son in adult diapers. It was heart 
breaking because it felt that we were moving backwards instead for forwards. 
However, this was only temporary, and for his own dignity. Especially if they 
go to school; perhaps being in diapers for a while is the answer. Our son was 
in and out of them for about two months. This does end. 


Sleepytox: As you are going higher in drops, the CD is assisting the immune 
system to get the parasites out. It will take a lot of energy to do this. 
Remember, your child is the host and there is a war going on! Sometimes, 
your child may be tired for days. Our son slept for nearly the entire summer 
at the beginning of his treatment. Allow the rest they seek. Now our son gets 
higher doses of CD on the weekends, and he is very tired and sleeps then, too. 
By Monday morning, we can usually get a big fat rope worm after our efforts. 
Sleepytox is great because you can get a lot done on your home “to do” list. 


Behaviors/OCD/Tics: Some may become alarmed because their child 
starts having behaviors that they did not have before treatments, or they feel 
that the behaviors have gotten worse. Parasites have a plan. It is to stay 
alive and to procreate. They want their eggs to return back into a host to 
repeat the cycle. So, you may see behaviors of playing with feces, touching 
their anus to their mouth, trying to put their fingers into your mouth or 
another person. There are finger and nail chewing, and spitting. These are all 
parasite controlled behaviors. We have found that eliminating parasites helps 
to minimize this behavior and it will eventually subside. There may also be 
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a mineral deficiency attached as well. We have found that giving PLENTY of 
ocean water can help to tame these behaviors. Our 19-year-old son gets over 
200ml OW mixed with 400ml spring water per day. 


POWS (Pissed-Off Worm Syndrome): POWS presents itself when 
you have been dosing, and your child seems weepy, is pacing, and/or unhappy. 
Sometimes it is really that you have pissed off the worms, but are not killing 
them. Always check with Kerri regarding your concerns. But many times the 
answer is to go up in drops not down. You need to kill them—not piss them 
off, or they will fight back. 


Clear Zone: This time period can be about five to seven days before the 
full moon; once infestation is brought down after six months or more of 
treatment. You may be able to start seeing glimpses of your child being lucid. 
This is a good time for an ATEC test. 


HighVolume Eating: Often times, the kids reach a point where they realize 
that they have been starving. The parasites have been taking a bulk of their 
nutrients, causing their mental deficiencies. They may even be eating non-stop 
all day. It is tough to juggle the timing and effectiveness of the CD with the 
continued eating. Allowing the child to eat high volumes of food while dosing 
with CD will still kill the parasites, but the CD levels may not be high enough 
to avoid a herx. Though the parasites may be killed the CD level may not be 
high enough to also kill off the bacteria eating the dead parasite. One solution 
we found was to give our son homemade bone broth with ocean water many 
times a day. This will help to replace the lack of nutrients, meanwhile reducing 
the overeating enough to continue the CD without risking a herx reaction. 


Weight Loss: Our son lost 50 pounds during the first seven months of 
treatment. He was very over weight at 5’9” and 200 pounds. The weight loss 
brought concern to people who had not seen him for long periods. During 
this time | estimate that 35 pounds was solid parasites. His stomach was very 
bloated, as was his face. Our children are full of parasites and pathogens (i-e., 
yeast, bacteria, etc.), and all of these things can make them gain weight or be 
bloated. Our son is now in the normal weight range for his height, and has a 
flat stomach. 


Night Terrors: During the night you may see that your child has trouble 
settling down, or they may wake in the night screaming your name. They 
may even do night walking, possibly leaving out the front door in a sleepwalk 
state. We saw these behaviors years ago, as our son was heading into a higher 
infestation level. Now that we are on the healing end, many of the behaviors 
return as sort of a rewind. The behaviors that came into play going down the 
ladder are sometimes repeated heading back up the ladder to wellness. We 
feel that our son was experiencing separation anxiety, and the recognition that 
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he had total control again. This new gained independence may be frightening. 
At a point, our son entered the peetox stage (see above). He had no feeling or 
sensation to urinate, so he was put into adult diapers. As our son’s infestation 
rate decreased, the normal behaviors like waking in the night and feeling the 
urge to urinate returned. Then, as he would get up to go to the bathroom, 
he would suddenly stop, and feel perhaps lost and afraid to continue this 
task alone. He would scream out or wander around whimpering. Although 
night wakings were disturbing, we found them to be a necessary passage for 
bringing our son to reality. In order to give comfort, at night we continued 
the CD humidifier, as well as CD ear and nose drops. Many times a CD bath 
before bed was calming as well. 


Emotional Blindness: Because the toxins that the parasites excrete are 
substances that have the effects of morphine, ammonia, and histamine, these 
toxins can cause emotional confusion in your child. They may be confused 
by your laughter, smiles, and affection. Your positive and loving encounter 
may be perceived as threatening or challenging. Your smile may bring a rage. 
Any spoken words by you no matter how soothing they may be, could be 
perceived as a confrontation. This is difficult on both parent and child, as the 
child may see you as a threat and perhaps even as mocking them; while you as 
the parent feel rejected in your affections. Many times the child’s behaviors 
evolve into a stoned-out loss of reality and presence. These are all related to 
the toxic build up and defense of the parasites. Their motivation is to remain 
in the host; they show their displeasure to the discomforts we have given 
them in our elimination attempts. Many times during these episodes, we have 
found it best to avoid words or eye contact, but rather to offer double doses 
as outlined by Kerri,and keep a calm environment. We have found that these 
toxic levels can be lowered through salt baths and dandelion tea. 


Despite the behaviors that may be brought on by a parasite protocol, the 
results are amazing. In our family we are finally getting our son back. | 
would recommend staying the course. As we know, these kinds of parasitic 
infestations in immune-comprised children will not go away on their own. 
Children do not “grow out of” worms. In fact, the worms will continue to 
grow inside of them. The following parasites were expelled by my older son, 
by making the aggressive modifications aimed at older children. By removing 
these parasites we are seeing the first stages of recovery. The jars on the 
following page represent seven pounds of worms in less than two months. 


Yours in healing, 
Robin 
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7 Ibs. of 35 Ibs. (total) of the parasites extracted in 9 months 
(160 feet in total above). 





39+ inch long worm. 
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Other Medicinal Plants 


Author’s Note: The following information is extremely powerful for our 
continued health and well-being. However, these plants and foods ALONE 
have NOT been proven to heal autism. Rather, follow the 18-day deworming 
protocol presented starting on page 187. When this is done for 12-18 months 
it has proven to be an important part of the protocols that have led to the 
recovery of many children. With that in mind, some parents of older children, 
and aggressive/self-injurious children have started to implement a few of 
the plants and foods listed below, in addition to the aforementioned 18-day 
protocol. In many cases, these additions have led their children to increased 
gains through increased parasite elimination. 


A number of other plants are also effective for deworming. If, after three 
months of treatment, the problem persists we can change the type of plant, 
or repeat any plant that was effective in previous months. We can use them 
in combinations, mixing several plants at once, or take them individually. Plant 
formulations that should be considered are alcoholic extracts, in oil or by 
infusion, and include the following plants: 


* Clove (Syzygium aromaticum) 

* Common Rue (Ruta graveolens) 

* Dandelion (Taraxacum officinale) 

* Gentian Root (Gentiana lutea) 

¢ Mint (Mentha sativa) 

¢ Mugwart/Common Wormwood (Artemisia vulgaris) 
* Pomegranate Root Bark (Punica granatum L.) 
* Southernwood (Artemisia abrotanum) 

* Sweet Wormwood (Artemisia annua) 

*  Sweetflag/Calamus Root (Acorus calamus) 

* Tansy (Tanacetum vulgare) 

¢ Walnut shell (Juglans) 

¢ White Fraxinella (Dictamnus albus) 


* Yarrow (Achillea millefolium) 


Preventative Food & Diet 


There are groups of foods that should be avoided if you have a parasitic 
infection. For example, dairy products in general, refined sugars (sucrose, 
fructose, corn syrup), flour (especially refined), and overly sweet foods in 
general. The list of foods and plants below promote good internal balance of 
the body, hence becoming our allies. With good production of stomach acid, 
a normal level of healthy bacteria, and proper bile production, it is impossible 
for parasites to survive for long. Worms need an acidic environment that 
comes from the breakdown of sugars and putrefaction from the ingestion of 
unhealthy or processed foods. It is very important to eat raw vegetables and 
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fruit juices, which provide us with enzymes and other elements necessary to 
protect us. 


Choucroute/sauerkraut (fermented cabbage in salt). 


Many people have low levels of stomach acid, which is the cause of many 
intestinal problems, because the body is unable to defend itself against 
intruders. Sauerkraut juice or cabbage/sauerkraut is one of the most powerful 
stimulants for your body to produce stomach acid. The use of unpasteurized 
fermented foods (water kefir, soy sauce, miso, etc.) is highly recommended for 
its stimulation of the beneficial bacterial flora that is responsible for generating 
control over parasites. Take a few spoonfuls of cabbage juice before meals, 
or better yet sauerkraut juice, because it will do wonders to improve your 
digestion. 


Author’s note: | do not recommend soy, in any form, for anyone with an 
ASD. 


Garlic 


Garlic, eaten regularly, turns the stomach and intestine into alethal environment 
for parasites, providing constant protection. Garlic is the quintessential home 
remedy to eliminate intestinal parasites naturally. It has been used by many 
different cultures such as Chinese, Greek, Roman, Indian, and Babylonian. 


Garlic is still in use today by practitioners of modern medicine. It is used 
both fresh and as an oil. The simplest treatment is to eat three cloves of garlic 
every morning, or take a teaspoon of garlic oil. Alternatively, mix crushed 
garlic in a little cold water and drink the mixture immediately. Another recipe 
is to cut and crush four cloves of garlic, place them in milk, and allow the 
mixture to sit overnight. Take the liquid while fasting the next day. 


Pumpkin Seed 


Pumpkin seeds contain a substance called piperazine. It acts by paralyzing the 
parasites, which allows them to be removed easily. 


We can find piperazine commercially in pharmacy drug formulations or 
naturally, as we said, in the seeds of the pumpkin. This traditional method of 
deworming has been used around the world since man can remember. There 
are several effective traditional formulas, below we describe one of them: 


Use one cup of peeled and mashed pumpkin seeds (about 80 seeds). Mix 
them with coconut water and two tablespoons of honey. Take the mixture 
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over three hours on an empty stomach. Do not eat during this three-hour 
period. At the end of the three hours, take castor oil in order to quickly 
eliminate the parasites. 


Papaya and Papaya Seeds 


Papain is a digestive enzyme contained in papaya that is capable of breaking 
down the outer layer of adult parasites. The milky juice of unripe papaya is a 
powerful agent for destroying roundworms. The adult dose is one tablespoon 
of fresh green papaya juice, an equal amount of honey, and three or four 
tablespoons of hot water. Two hours later, administer a dose of castor oil 
mixed with warm milk. This treatment should be repeated for two days if 
necessary. For children seven to ten years of age, half of this dose should be 
administered. For children under three years of age, one teaspoon (5ml) of 
the mixture is sufficient. 


Papaya seeds are also useful for this purpose as they are rich in papain and 
caricin. For every tablespoon of crushed, fresh seeds, add an equal amount of 
honey. Take the dose of one teaspoon (5ml) daily in the morning or at night 
on an empty stomach for ten days, rest five days and repeat the cycle three 
times. We recommend the use of a purgative. 


Ginger 


Ginger not only helps to combat intestinal parasites but also reduces nausea 
and can help calm nerves. For hundreds of years, fresh ginger has proven to 
be highly successful in destroying intestinal worms. The most common way to 
consume ginger is raw or by infusion. Ginger extract may also be sprinkled 
on a variety of foods. 


Propolis 


Propolis is a resin like substance gathered by bees from the bark and leaf 
buds of trees, to help disinfect, build and maintain their hives. Propolis has 
been used for at least 3,000 years. Its use dates back to the Egyptians and 
the Romans, and remains in use today. To the Greeks we owe the name pro, 
meaning “before” and polis, meaning “city.” This translates as “defenses before 
the city,” or “defender of the city.’ Thanks to the antibiotic action of propolis, 
which protects against the activity of viruses and bacteria, the hive is one of 
the most sterile places known to nature. 


Many scientific studies have proven the antiparasitic activity of propolis, 
therefore it is recommended for treatment of: Giardia, amoebas and 
roundworms, and also for intestinal infections caused by gram-positive bacteria. 
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Take propolis, diluted in water or fruit juice, for treatment of parasites, for 
seven days, on an empty stomach. Use Propolis standardized at 30% in either 
propolis tincture or capsules. Take three drops per kilo of weight, or three 
capsules one half-hour before each meal. A seven-day treatment cycle should 
include seven days on, followed by seven days off; repeat three to five times 
to ensure complete elimination of parasites or bacteria. Repetition of the 
treatment is essential to halt bacterial reproductive cycles. By repeating the 
treatment at least three times, the effective elimination of parasites is ensured. 
The benefits of propolis are that it has no side effects, is well tolerated, and is 


highly effective. 


Pomegranate Bark 


Pomegranate bark contains an alkaloid known as punicine, which is highly 
toxic to earthworms. It is used by decoction of the root bark, stem, or 
fruit. The root bark is preferable because it contains a greater quantity of 
the alkaloid than the bark of the trunk. This alkaloid is also highly toxic to 
tapeworms. A cold decoction of root bark, preferably fresh, should be given 
in quantities of 9Oml to 180ml three times per day (for adults), with one-hour 
intervals between cups. A purgative should be taken after the last glass. For 
children, a dose of 20ml to 60ml is appropriate. A decoction is preferably used 
to eliminate solitaires (tapeworm, Taenia Solium). 


Carrots 


Carrots are another effective home remedy for eliminating intestinal parasites 
in children. The chemical constituents of carrots attack pests by preventing 
their development. It is one of the most effective natural treatments for 
children, when given a small cup of grated carrots each morning until the 
problem desists. 


Condiments 


Seasoning plants are also powerful weapons to keep in mind in our everyday 
cooking. Since time immemorial, mankind has used them to control parasitic 
diseases. The following are most interesting because of their effects: 


* Cayenne 
¢ Cinnamon 


* Cloves 
¢ Paprika 
¢ Pepper 
° Tarragon 
° Thyme 


¢ Turmeric 
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Thank you Andreas and Miriam for sharing what | know will be very 
enlightening, not only to the families of children with autism, but to people all 
over the world suffering from mysterious symptoms consistent with parasitic 
infections. | want to share one interesting tidbit about parasite infections 
before we get into the FAQs on parasites and the parasite protocol. 


“We have a tremendous parasite problem right here in the US. It is just not 
being addressed.”* - Dr. Peter Wina, Chief of Patho-Biology in the Walter Reed 
Army Institute of Research in 1991. (The problem existed in 1991, and with 
modern globalization parasites are more prevalent than ever, yet they still not 
being addressed. 


Parasite Protocol FAQs 


| showed my family practitioner pictures of the worms we have 
found. He thinks they are not a parasite, but just mucous. How can 
I be certain? 


It can be difficult to identify parasites, and most general practitioners are 
not trained to do so. Some parents have success with a local vet, who 
analyzes samples in their office. As a crude test, you can pour boiling 
hot water onto your specimen. If it falls apart, it is probably biofilm or 
mucous. If it withstands the wash, it is probably a parasite. Unfortunately, 
most stool analyses are notorious for false negatives. If you put hot water 
on parasites, they do not dissolve. Mucous dissolves in any water—hot 
or cold. 


Is it ok to do the Kalcker Parasite Protocol during pregnancy? 


No. Don’t do any kind of detox or parasite protocol while you are 
pregnant or nursing. Any detox will release toxins into the blood stream 
that could potentially negatively impact the developing fetus or nursing 
baby. If you are planning on getting pregnant, it would be advisable to do 
whatever detox or deworming procedure before pregnancy. 


When is it appropriate to stop the parasite protocol? In other words, 
does every child on this protocol need both the CD and the other 
parts of the Parasite Protocol or are there some that only need 
CD? This is a critical question since these are two protocols joined 
together and not every child may need both. We have done the 
Parasite Protocol and have never passed parasites so | am uncertain 
about my child. 


Usually the Parasite Protocol is repeated for 12-18 months, sometimes 
less. The most important thing is to make sure that there are no fertilized 
eggs left that could hatch at a later date. As it is very difficult to know 
if there are remaining eggs, it is important to complete the 12-18 month 
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treatment. The Parasite Protocol isa complete protocol heavily researched 
to achieve the best results. The Parasite Protocol in conjunction with CD 
has been shown to be one of the most effective methods to heal regressive 
autism. Parasites are cyclical and need to be treated as such. You continue 
with the parasite protocol until no more parasites are seen—be that in 
behavior or actually in the stool. 


What does the process of worms toxifying the brain look like? 


Ascaris lumbricoides (roundworm), for example, produces at least five 
different toxins: Malondialdehyde, ammonia, histamine, formaldehyde, 
and morphine. Malondialdehyde is responsible for oxidative stress, and 
is mutagenic.’ Ammonia, which can lead to hyperammonemia, can be 
responsible for seizures, tremors, flapping, poor coordination, growth 
retardation, combativeness, lethargy, and other symptoms. Comparing 
hyperammonemia with the symptoms known as regressive autism 
yields overwhelming similarities. Formaldehyde has been shown in some 
laboratory studies to affect the lymphatic and hematopoietic systems. 
Morphine inhibits nerve reactions and slows intestinal peristalsis. It also 
keeps the immune system from finding parasites, and from doing anything 
about them. This is a reason we often can’t identify parasites. We only 
find parasites when the infection is acute, not chronic. This is because IgE 
or IgM reactions are altered by morphine. Histamine can lead to chronic 
inflammation in the body. 


As a family, we expect to be doing the CD and parasite protocols for 
some time. How do we know when to stop? Should we wait until 
we have a few months of no symptoms? 


We do it until full recovery is reached. 


We have been doing full oral dose CD and the Parasite Protocol. 
We are seeing some amazing changes, but we don’t see worms. Are 
we doing something wrong? 


CD affects parasites of different sizes. You may be clearing parasites that 
would be undetectable to the naked eye, or nematodes that are very small 
and therefore hard to detect in the stool. 


Why is my child so deficient in vitamins? 


As a general rule, most children with autism are deficient in vitamins. In 
the first place many pathogens feed off of vitamins intended for the host, 
and helminthes especially love B12 and iron. Since many of us, especially 
those of us living in cold climates, do not receive enough sun, we are 
deficient in vitamin D. Calcium is used by the body as an antagonist for 
acid inflammation; all acidity in the body is compensated by calcium, and 
therefore it is usually low with the kids on the spectrum. As our children 
heal, these deficiencies fade and homeostasis returns. 
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| just gave mebendazole, Not pyrantel this AM. What should I do? 


Don’t stress. Tomorrow is a new day, and you can begin again. Give 
mebendazole tomorrow as that is tomorrow’s scheduled dose. 


Aren’t there some parasites that are good for us and help our 
immunity and gut healing? 


A parasite is defined as a living being that is dependent on a host for 
survival, to the detriment of that host. 


For those of you that continue the parasite protocol thru the new 
moon, how many days do you stay on it? We are now 3 days past 
the new moon. 


Some people treat month long. The Kalcker protocol itself is 18 days 
long. Each family has to find a protocol that suits them. Some folks use 
mebendazole 3 days before the new moon, the day of, and three days after. 
Other families use herbal remedies on the off days. If you consult with a 
healthcare provider, this would be a question to ask them. Each child is 
unique and has different needs when it comes to treating parasites. 


Why are live worms not digested? Poisons? 


Live helminths are protected by a glucosoid mucous with positively 
charged ions, making them resistant to stomach acid, or digestive fluids. 
When they die, the mucous separates from the helminth, leaving them 
open to digestive enzymes. We often see the mucous, as well as semi- 
digested helminths, in the stool of people using the protocol. 


Does everyone in the family need to do the parasite protocol at 
the same time? With or without CD, enemas, diatomaceous earth, 
Rompepiedras/stone breakers, and castor oil? My (neurotypical) 
daughter will take the anti-parasitic drugs, mebendazole, and 
pyrantel pamoate, but not these other parasite protocol ingredients, 
which is why I ask. 


Your entire family needs to do the protocol at the same time, or you 
risk reinfection. Neurotypical family members should do as much of 
the protocol as possible. If someone will only take the meds, so be it. 
However, | feel the more the better. 


Do I need to separate the neem from CD? 


Yes, | give neem with food, and would separate from CD by at least an 
hour. 


If | don’t see any worms, does that mean my child doesn’t have 
parasites, or are we just missing the eggs? 


Just because you don’t see parasites doesn’t necessarily mean you don’t 
have any. For example, Toxocara canis or Toxocara cati, which are very 
common in our pets (and can infect humans as Toxocariasis), are not 
expelled in fecal matter. Some families on the protocol did not see actual 
worms until month seven. 
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To what extent do the rest of us need to do the CD protocol? Is it 
the same as our ASD children? And, is it necessary to do the whole 
nine yards with the full Parasite Protocol for the whole 12 months? 
Are there any shortcuts for healthier individuals? 


All of the family members, including pets, need to be on anti-parasite 
treatment for a year and thereafter lifetime maintenance is best. As 
mentioned before, with neurotypical family members, you do as much 
as you can, but the anti-parasitic medications are crucial to preventing 
reinfection. 


Is diatomaceous earth a binder and therefore must it be given apart 
from food, medication, and supplements? 


No. It is not a binder. It is fine to give with or without food, and does not 
affect medication or supplements. 


Do you have to do the Protocol forever if you are fully recovered or 
is there a maintenance plan? 


When the child gets to where you want him, you can start to pull things. 
Then, we do maintenance dosing of CD; one dose on Monday and one on 
Thursday. We do the Parasite Protocol for a week every three months 
since we live in a world of parasites. It is good preventative medicine for 
all. Ocean water is also good for all of us. See Chapter 13 (page 319) for the 
complete maintenance plan. 


Does CD kill parasites? 


Yes. CD kills amoebas, Giardia lamblia, and other smaller parasites. CD 
does not kill the larger macroparasites due to their higher oxidative 
stress resistance. 


When is it ok to start the parasite protocol prior to reaching full 
dose of CD? 


Healing autism is a marathon not a sprint. The point is to heal with the 
least amount of aggravation. Therefore, you should be at a full dose of 
CD before starting, and have added in enemas and baths. If you are seeing 
Herxheimer reactions then don’t start yet. Obviously, everyone must 
make his or her own decisions. 


Where in the gut do helminths live? Do CD enemas (300 ml) reach 
them? 


It depends on the type of helminth. There are more than 300 different 
helminths so they could be in many different places. However, most live 
in the small intestine. Some lay their eggs in the rectum. The size of the 
person will dictate how high an enema will reach. 
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Do you tell your kids that they have worms? Do you show them? 
Are they scared? My son is very interested about everything in the 
world and asks 4,000 questions a day. What do | tell him? 


How to handle this situation is unique to each and every family. There is 
no right or wrong answer here. The following are some suggestions we 
have received from families on the protocol: 


Nope. My husband was just telling me a story from when he was a kid about 
another kid who got teased all the time about having worms. He still remembers 
it. So, no | will not tell my kids. 


My kids (ages 10 & 7) know about worms because we have talked about 
their Lyme disease and other symptoms for a long time. | think it helps them 
understand why they feel grumpy or sick and why the enemas help. But, | think 
every child is different. The risk is that they might tell their friends. | tell them 
that it is private information and that pretty much everyone has worms but 
some people have more and get sick from them. And, | told them that even 
most doctors don’t know this but slowly people are learning and getting smarter 
about this and a good diet, etc... My boys like to see the big ones, and try for 
new records. They like to show their brother the records. | think that’s a boy 
thing. 


I have a 10 year-old, and | tell him that we have parasites. | have not showed 
him anything, | ask him to leave the room before | start to sort the poo. ;) 


My son had another bowel movement FULL of worms, pinworms— 
and I mean hundreds. This is only our second day on CD (1/2 drop 
in 8 fl. oz.) so a bit thrown to the deep end. Has anyone else had a 
start like this? How did everything go from there on? 


| have seen it a handful of times. | get VERY excited about this. Everyone 
has autism a bit differently. But, if we see worms early, in many cases the 
recovery begins early too. That may be the case for your child. 


| understand that even organic produce needs to be washed properly. 
What is the best way to wash my fruits and vegetables? 


The Ascaris eggs are resistant to UV, and can withstand a pH from 2 to 
11.5. Eggs are killed by heating to approximately 60°C (140°F). Spray 
your fruits and veggies with CD spray. 10 drops per | fl. oz., of water, no 
need to rinse off. 


Anyone notice a huge growth spurt after starting the parasite 
protocol? 


Many parents have reported their children resumed growth as well as 
weight gain. No real surprise considering they are getting back what the 
parasites were taking from them. 
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Do we need to treat our pets if they are taking heartworm 
medication? 


Yes, heartworm medication does not address intestinal parasites, which 
can infect us and our children. We need to deparasitize our pets, as well 
as ourselves. 


We put “‘cascara sagrada” in place of castor oil because for my son 
and me, it is difficult to take the oil. Is it ok? 


Cascara sagrada is not the same thing as castor oil and is not part of the 
protocol. An alternative solution to liquid castor oil is to buy castor oil in 
softgels. You will need many but it does solve the taste problem. 


My son is very high in Trichinella spiralis, which is a roundworm from 
undercooked meat or pork. It’s supposed to be rare in the US, so 
I’m wondering how my child would have picked this up. Any ideas? 
No undercooked meat here for the kids, and we don’t eat pork. 


At this moment we have not seen a relationship between Trichinella spiralis 
and autism. It may be a multi-parasitic infection, or a misdiagnosis. Apart 
from the standard protocol, your child might need something else. | would 
consult the practitioner for the appropriate dosage, and only if your child 
has a definite Trichinella spiralis diagnosis. 


How do we know if there are parasites in the brain, and what can 
we do about it? 


Parasites in the brain are very rare. (According to the CDC, Cysticercosis 
is a parasitic tissue infection caused by larval cysts of the pork tapeworm. 
These larval cysts infect brain, muscle, or other tissue, and are a major 
cause of adult onset seizures in most low-income countries. An individual 
acquires cysticercosis from ingesting eggs excreted by a person who has 
an intestinal tapeworm.)® Larvae can be seen on a scan. Many people 
assume that the problem causing behavioral issues, or mental issues, must 
be located in the brain. However, the problem likely exists elsewhere. If 
the blood contains toxins, this will affect the brain. For example, if you 
ingest too much alcohol, your brain, nervous system, etc. will be affected, 
but the problem is not in the brain itself. We can think the same way 
about parasites. The chemicals that they produce will have effects on the 
brain, however, rarely will the parasites be located there. 


Do parasites cause autism? If so, why doesn’t every child with 
parasites have autism? 


Regressive autism has been called parasitological vaccinosis by Dr. 
Andreas Kalcker. This is a cross reaction between a child with parasites 
that receives certain vaccines. Further research is needed for a definitive 
answer. 
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Why don’t normal lab tests find parasites? 


Generally speaking, lab tests need to find living creatures or eggs. The 
eggs are only present certain days of the month, and even on those days 
they won’t necessarily be present in a particular stool sample. Living 
worms are extremely rare in stool because they are generally passed only 
once they die. They are very good at avoiding being excreted in stool. 
Furthermore, if they die internally, they can be partially or fully digested 
within our bodies before being expelled. 


Are some labs better than others? Is it worth taking a stool sample 
to a vet if they send it out, or only if they look under a microscope? 


We haven’t found a lab that consistently finds parasites. Metametrix™ 
has identified parasites, but in our experience and the experience of the 
families | have helped, we have not found a lab that is consistent. It is only 
worth sending a sample to a vet if they are identifying parasites with a 
microscope. 


Combantrin® is available in tablet and liquid form. Which is better? 


| hate the liquid and never use it. It may have added colors and flavors. If 
you absolutely can’t find it without additives, | would use only mebendazole 
instead of using pyrantel with additives. 


Why are there no systemic drugs in the protocol? 


They are not needed with this Protocol.Treating parasites without systemic 
drugs is much safer and easier on the body. The suggested treatments 
using mebendazole and pyrantel pamoato are nearly unabsorbed by the 
body, meaning that we do not add more toxins to an already overloaded 
body. 


When does a child need systemic drugs? 


This is necessary only for certain parasites like cysticercosis, which is 
caused by tapeworms, hookworms, Trichinella spiralis (from pork), or 
other hard to kill helminths. These may be identified by a blood test. The 
practitioner may prescribe systemics depending on the situation. 


Should I start on the new moon if my child’s behavior declines then? 


The full 18-day Kalcker Parasite Protocol always starts before the full 
moon. However, some parents have found that by treating parasites for 3 
days over new moon that they are able to get through the new moon as 
well as the full moon with limited issues if any. 


Is there a time in the moon calendar, where it is normal that there 
are no worms in the stool? (We don’t have any at new moon.) 


Further research is necessary to determine this definitively. 
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Step 4 - Other Supplements 


“One of the first duties of the physician is to educate 
the masses not to take medicine.” 


~ William Osler 


Mo of the families that followed this Protocol, and recovered their 
children, used a combination of these additional supplements along with 
CD. Each supplement combination is completely unique, depending on the 
symptoms of the child, and how the child reacts to each intervention. If 
after The Diet, full CD Protocol, and three Kalcker Parasite Protocols we are still 
dealing with an autism diagnosis, then families start adding in supplements. 
This section is about “unfinished business.” | like to do three Kalcker 
Parasite Protocols before adding back in supplements because parasites love 


supplements, especially vitamin B,2 and iron. 


| feel when we supplement deficiencies in children with underlying parasitic 
infections, it can result in resistant parasites. We aren’t making the child 
healthier; we’re making the parasites healthier and stronger. If significant 
supplementation does little or nothing to change lab values in subsequent 
blood, urine, and stool tests, then it’s fair to say that we have a flaw in our 
approach. Pathogens and parasites can cause vitamin/mineral deficiencies. By 
killing them, instead of feeding them with additional supplementation, we are 


focusing on the root cause of the symptoms that we call autism. 


When | came back from our first Defeat Autism Now! doctor visit, | had 
thousands of dollars in supplements that | did not know how to use. We kept 
going to different doctors hoping to find the one that had the answer. At one 
point, Patrick was on a protocol, given to me and supervised by a doctor, which 
called for 70+ different supplements a day. He looked worse during the entire 
nine-month period that we followed that protocol. In hindsight, all those 


years of supplementation made it harder to eliminate Patrick’s pathogens. 
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That is why this protocol focuses on the excesses instead of the deficiencies 
for children with an autism diagnosis. If by eliminating the excesses of viruses, 
bacteria, candida, parasites and heavy metals, we can see a reduction in the 
symptoms known as autism, then eventually we can reach full healing. 


Commonly, when a new family contacts me, they send me a list of all the 
supplements their child is taking. | frequently see lists of 30+ supplements that 
may be combined in ways that negate their effects. For example, probiotics 
are given in the morning with breakfast, or GABA with food. Both are 
incorrect, probiotics go alone at night right before bed, and GABA is always 
taken without food. If there is a legitimate reason for a certain supplement, 
then it absolutely must be given correctly or it’s just excess noise in the body, 
and more stress on the detox organs. 


The following list of supplements can be considered after The Diet, ocean 
water, CD, and three months of the Kalcker Parasite Protocol (except probiotics 
and enzymes which may start day one). This chapter is to be used as a 
starting point for your own research on these supplements. This list contains 
references and the websites used in this research with some of the more 
pertinent information about products. 


Probiotics 


The vast majority of the families who have recovered their children with 
this Protocol have used THERALAC® brand probiotic. It is a prebiotic plus 
probiotic in a capsule that can withstand stomach acid, which allows it to pass 
to the small intestine, where the beneficial bacteria are needed. THERALAC® 
contains three lactobacillus and two bifidobacterium strains. 


The paragraph below was slightly modified from www.theralac.com where 
you can find more information. Please visit their site for details on references 
contained within the text.'! The following two paragraphs were taken from 
different sources, and help explain benefits of THERALAC®, specifically for 
children on the spectrum. 


Probiotics are defined as: “Live microorganisms that when 
administered in adequate amounts confer a health benefit to the host” 
(World Health Organization 2001). According to the International 
Probiotics Association (IPA), the benefits of probiotics can include 
reduction in diarrhea caused by antibiotics and rotavirus, alleviation 
of symptoms of lactose intolerance, alleviation of symptoms of food 
and skin allergies in children, reduction of recurrent ear and bladder 
infections, and other positive indications. 
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How Does THERALAC® Benefit My Immune System? 


THERALAC®’s five probiotic strains work in unison to support the 
mucosal immune system on the intestinal surface; activation signals 
are then sent to the body’s systemic immune system. This is a gentle 
and controlled process because THERALAC®s strains are beneficial. 
Essentially, the immune system is put on alert so that it is ready to 
act quickly if there is an appearance of pathogenic microorganisms.” 


Many children with autism have chronic digestive problems. In fact, 
gastrointestinal symptoms in autistic children often first appear in 
conjunction with initial changes in emotion and behavior during the 
onset of autism, leading researchers to suspect a gut-brain connection.’ 


Normally, proteins are digested in stages by enzymes; first to peptides, 
and then to smaller amino acid components, which are absorbed into blood 
capillaries in the gut mucosa. The larger peptides are generally unable to 
cross this mucous membrane barrier, if they do, however, they can act as 
opioids affecting neurotransmitters in the brain causing abnormal behaviors 
and/or activity. These incompletely digested peptides—known as exorphins, 
casomorphins, and gluteomorphins usually come from milk proteins such as 
casein, or from wheat (gluten), and are structurally similar to morphine. The 
formation of excess peptides in the gut is possibly associated with sub-optimal 
enzyme activity, or an insufficient supply of enzymes required to breakdown 
these peptides. So if we repair the imbalance of beneficial bacterial organisms 
in the gut and the gut lining, while killing the pathogens causing the dysbiosis, 
we have the opportunity to heal children with autism. Probiotics can be used 
to improve the quality of the gut mucosa.” 


In addition to aiding in the repair of the gut lining and improving digestion, 
there is also evidence that probiotics can help with detoxification of heavy 
metals such as toxic mercury. 


The paragraph below was taken from the presentation “Gut biology and 
Treatment” by Dr.Anju Usman: 


Emerging literature is showing the beneficial effect of oral probiotics 
on mood and anxiety symptoms. In a double-blind, placebo controlled 
randomized parallel group study, daily use of probiotics reduced 
psychological distress.» A number of studies have shown the anti- 
anxiety effects of probiotic use in patients with medical conditions.® 
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Dr.Vincent Young, University of Michigan (2009): “the gut ecosystem 
needs to be preserved and that changing the ecosystem through 
stresses such as antibiotics could irreversibly change the ecosystem, 
with deleterious effects.’ Dr. Young has studied the effects of 
antibiotics on the microbes in our gut. He found that mice when 
given particularly strong antibiotics completely wiped out all their 
normal gut microbes. Even more striking, clostridium species and 
fungal species are then able to overgrow without the bacteria there 
to fend them off. 


There is no doubt in my mind that probiotics helped get my son’s gut back 
in order, helped improve my own health, and that of thousands of families of 
children on the spectrum. Probiotics should be given without food, directly 
before bedtime. This way, they have the entire night to proliferate in the small 
intestine where they are needed. 


Special note for those with PANDAS/PANS: We have received some 
reports where some PANDAS/PANS and/or older children were becoming 
violent and having more SIBs while on probiotics. Be observant and watch for 
behavior changes when adding probiotics. In addition, know that we may need 
to remove them for a period of time! 


Omega-3 & Omega-6 Fatty Acids 


Omega-3 and omega-6 fatty acids are polyunsaturated fatty acids and are 
considered essential fatty acids. Essential fatty acids must be consumed 
because your body cannot produce them. They are important for brain 
development, immune system and cardiovascular function, and normal 
metabolism. Omega-3 and omega-6 fatty acids are commonly found in marine 
and plant oils. While a healthy diet often provides adequate supplies of both, 


supplementation is sometimes necessary. 


Omega-3 fatty acids also help to regulate energy levels, as well as normalizes 
blood sugar levels. They help improve concentration as well as mental 
vividness. Using omega-3 fatty acid supplements helps with anxiety, mood 
swings, and depression. They are especially significant in the treatment of 
autism. The entire body benefits from ingesting omega-3 fatty acids; from 
physical development, to relaxation from anxiety and jitteriness, to developing 


brain cells; all of these aspects can aide in the treatment of autism.® 
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Omega-6 fatty acids promote healthy brain function and assists with skin and 
hair growth, bone development, and metabolism. A healthy balance of omega-3 
and omega-6 fatty acids promotes heart health and minimizes inflammation. 
Omega-6 may also be used to treat allergies, eczema, osteoporosis and 
premenstrual syndrome.’ 


Unlike omega-3 fatty acids, excessive consumption of omega-6 fatty acids 
can have negative effects. Therefore, their consumption must be monitored. 
Omega-6 fatty acids, in large quantities, can promote inflammation in the body 
that may lead to flare-ups of eczema, acne, and the aches and pains associated 
with arthritis. It is recommended that you maintain about a 4:1 ratio of 
omega-6 to omega-3 fatty acids. 


Some research has been done that suggests improvements in overall health, 
cognition, sleep patterns, social interactions, and eye contact when children on 
the spectrum were given an EFA (Essential Fatty Acid) supplement.® 


Furthermore, another study showed the positive effects of EFA’s on dyspraxia 
(a motor disorder frequently associated with cognitive, behavioral, and social 
challenges). The participants showed improvements in reading, spelling and 
behavior during the treatment period.’ 


| have personally found that | really like omegas from YES™ Supplements. 
Dr. Brian Peskin has some very informative videos on YouTube discussing the 
merits of vegan versus animal based omega sources. | highly recommend you 
have a look for yourself. My own son, and many other children have built up 
to taking one tablespoon, two times a day. 


L-carnitine 


L-carnitine is a vital amino acid that promotes healthy neural levels of 
acetylcholine, an important neurotransmitter that aids memory and proper 
brain function. Research suggests that an L-carnitine deficiency may be 
implicated in a number of conditions, including ME/CFS (chronic fatigue 
syndrome), diabetes, Alzheimer’s, dementia, and autism. 


L-carnitine is composed of two essential amino acids, lysine and methionine. 
It is produced in the liver and kidneys and is contained in most cells of the 
body. It is required for the proper metabolism of fat and helps with mental 
concentration, and energy production. It transports long-chain fatty acids 
across the mitochondrial membrane so that they can be burned to produce 


energy. 
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A clinical trial studying the use of L-carnitine as a potential therapy for autism 
demonstrated the children taking L-carnitine showed improvements in their 
ability to relate to people, body use, adaptation to change, listening response, 
verbal communication, sociability, sensory/cognitive awareness, and health/ 
physical behavior. There are a few articles that may be helpful for a better 
understanding of the importance of this amino acid. Check out an article by 
Henke Schultz, “L-carnitine helps kids with autism, study finds” and another by 
Emily Singer, “Defects in carnitine metabolism may underlie autism.” 


The average dose for L-carnitine is anywhere from 250-1000 mg per day with 
food, depending on weight and reactions. 


GABA 


GABA (gamma-aminobutyric acid) is an amino acid and a neurotransmitter 
(a type of chemical responsible for carrying information from one cell to 
another). It is produced naturally in the body, but is also widely available 
in supplement form. Manufacturers claim that GABA supplements can help 
boost the brain’s GABA levels and, in turn, treat anxiety, stress, depression, 
and sleep problems. 


The GABA system acts as something of an information filter to prevent the 
nerves from becoming over stimulated. It has long been suspected that this 
filtering process is compromised in many autistic children. Impairment of the 
GABA system could overwhelm the brain with sensory information, leading 
to many of the behavior traits associated with autism. GABA is also believed 
to play a key role in the early development of the brain.!° 


GABA is also involved with the production of endorphins in our brain, which 
make us feel positive and upbeat. GABA can reduce stress, relieve anxiety, and 
increase alertness. GABA can be helpful for behavior, language, and possibly 
even seizures. 


GABA is used for control of seizure activity and works on the same receptors 
as the drug Keppra®. GABA is also useful for speech, helps facilitate language 
in nonverbal children, and improves language in children that are beginning to 
speak. 


If you are going to give GABA to your child, the max is 5,000 mg per day, 
divided into two doses, one in morning and one at night, always on an empty 
stomach. In the evening, GABA can be given 15 minutes after your last dose 
of Chlorine Dioxide, with your probiotic. | start at 250 mg two times a day, 
one in the morning and one at night. | then titrate up the dose daily or every 
other day if everything looks good. If you observe sleepiness or irritability it 
is a good idea to back down. 


= 1 


Pulling illness out of body — apply for 15 minutes 
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5-HTP (5-Hydroxytryptophan) 


5-HTP, also known as oxitriptan, is a naturally occurring amino acid. It is 
a chemical precursor to the neurotransmitters, serotonin and melatonin 
from tryptophan. 5-HTP works in the brain and central nervous system by 
increasing the production of the chemical serotonin. Serotonin can affect 
sleep, appetite, temperature, sexual behavior, and pain sensation. 


From Saving Eli: One Family’s Struggle - Vitamin Research Products website: 


While not clearly understood, researchers know that serotonin 
pathways are disturbed in autism, contributing to sleep disorders and 
mood. Tryptophan has been shown to help but has been banned by 
the FDA since 1989. We found that 5-HTP helped immensely, calming 
tantrums and increasing communication with our son."! 


5-HTP is used between 50 mg and 200 mg, divided into two doses, morning 
and evening with food. | have seen it help children with autism for attention, 
focus, sleep, and cravings. 


L-theanine 


L-theanine or gamma-glutamylethylamide or 5-N-ethyl-glutamine, is an amino 
acid commonly found in tea. Theanine is able to cross the blood-brain barrier, 
and is reported to have positive effects on mood, stress, and cognition. 


The following is excerpted from the L-Theanine website:'” 


Many people experience stress on a daily basis and are looking for 
natural and safe ways to manage it. For thousands of years, it has been 
suggested that drinking green tea will make one relaxed. Recently this 
relaxation effect was found to be true and works because of an amino 
acid called L-Theanine which is found in the tea. Clinical research 
will show that ingesting up to 200mg of L-Theanine will promote the 
creation of the very important “anti-stress” neurotransmitter in the 
brain called GABA or gamma-aminobutyric acid. This results in a 
relaxed, clear and alert mental state. 


When used in the correct amounts in supplemental form, L-Theanine 
may: 
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e Reduce Stress 

* Reduce Occasional, Simple Nervous Tension 
e« Promote Relaxation without Drowsiness 

¢ Promote Mental Clarity and Focus 

« Promote Positive Mood 

¢ Promote Alertness 

* Promote Learning and Memory 

* Help Prevent Jitters Caused By Caffeine 


| have found that when we can reduce these symptoms in individuals with 
ASDs we can get an increase in speech, learning, focus, concentration, and 
attention. L-Theanine is given with GABA upon waking, and can also be given 
at bedtime if needed, always without food. You can work up to 200 or 250mg/ 
day. 


Pycnogenol® 


Pycnogenol® (pic-noj-en-all) French maritime pine bark extract acts as a potent 
blend of antioxidants, it is a natural anti-inflammatory, stimulates generation of 
collagen and hyaluronic acid and help with natural dilation of blood vessels by 
supporting production of nitric oxide.'? 


Pycnogenol® is not a supplement | tend to use very often, because it is an 
antioxidant, and therefore cannot be combined with chlorine dioxide. 
However, in some people it has proved necessary and helpful for speech and 
reduction of seizures. It should be given in the morning with food at a dose 
between 25 and 400 mg/day depending on need. Pycnogenol® may not be 
suitable for children who are sensitive to phenols. 


L-Carnosine 


L-Carnosine is a dipeptide of the amino acids beta-alanine and histidine. It is 


highly concentrated in muscle and brain tissues. 


L-Carnosine is believed to stimulate the frontal areas of the brain, resulting in 
overall improved levels of functioning. More and more research shows that 
the frontal lobes and temporal lobes in the brain control emotion, epileptic 
activity, cognitive, expressive speech, and abstract thinking. Studies have shown 
Carnosine to improve language, socialization, and overall level of functioning 


in individuals within the autism spectrum. It has also been shown in studies 
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to have anti-seizure properties without the side-effects of prescription anti- 


seizure medications. 


Research indicates it prevents the formation of the beta amyloid plaque that is 
found not only in neurological conditions such as Alzheimer’s, Parkinson’s and 
autism, but also in the eyes in degenerative eye conditions and in the pancreas 
in diabetes. It is a neuroprotectant, with a study indicating it reduced severity 


of damage in stroke patients.’ 


Chez and coworkers found that after eight weeks on L-carnosine, children 
showed statistically significant improvements on the Gilliam Autism Rating 
Scale (GARS). They relate this to the likely ability of L-Carnosine to enhance 
neurological function, perhaps, in the enterorhinal or temporal cortex.!> This 
enhancement in neurological function has led to speech in many of the families 


that | have worked with. 


| have also seen L-Carnosine help reduce seizures in some children and 
increase language in others. It is given twice a day with breakfast and dinner 


at a dose of 200 to 400mg, 2 times a day. If you note hyperactivity, remove it. 


Taurine 


Taurine is an amino acid, a chemical that is a required building block of proteins. 
Taurine is found in large amounts in the brain, retina, heart, and in blood cells 
called platelets. It can be consumed through eating meat and fish. 


Autism and Low Taurine 


“Are You Dangerously Deficient in Taurine’”’!® 


explores possible problems 
associated with a taurine deficiency. Among the problems noted in the article 
is autism and low taurine levels. In the article, Leonard Smith MD writes 
about the benefits of taurine, some of which can be of interest to people 


dealing with autism spectrum disorders: 


¢ Brain and nervous system function 
¢ Helps eliminate toxins 


¢ — Stabilizing the brain (can be effective in treating seizure disorders) 


Taurine, like all amino acids, must be given without food. The maximum dose 
is between 500 and 1,500 mg. 
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DMG 


DMG, or dimethylglycine, is an amino acid that can be found in many common 
food items like meats (especially liver), various grains, and beans. It has been 
classified as a type of amino acid that is closely linked to vitamin B. 


There have also been interesting developments in the use of a DMG 
supplement for children with autism. Because many children who have autism 
are unable to tolerate eye contact,and some have problems forming complete 
sentences and thoughts studies investigated whether an increase in DMG 
consumption could help to alleviate many of these problems. In fact, the 
study found that when children with autism were given supplemental DMG 
they appeared less frustrated and showed a marked increase in their speaking 
and cognitive abilities.'’ At present, this research remains novel and therefore 
further investigation is necessary to determine what the long-term effects of 
DMG supplementation might have on children on the spectrum. 


The following paragraphs were excerpted from Defeat Autism Now!'® 


Dimethylglycine (DMG) for Autism 


For over 20 years ARI has been hearing from parents who have tried 
DMG on their autistic children. In many cases remarkably good 
results have been seen, especially in enhancing speech. In some cases, 
drug-resistant seizures have been stopped by DMG. (See New England 
Journal of Medicine, 10-21-82, pgs 1081-82). 


There is an extensive research literature on the safety and health 
benefits of DMG. Many studies have shown that DMG enhances the 
effectiveness of the immune system, improves the physical and athletic 
performance of humans and other animals (e.g. race horses) and has, 
all in all,a very wide range of beneficial effects. It is very safe. | have 
seen no evidence of any toxic or significant adverse effects. 


Many parents have reported that, within a few days of starting DMG, 
the child’s behavior improved noticeably, better eye contact was seen, 
frustration tolerance increased, the child’s speech improved, or more 
interest and ability in speaking was observed. 


A full dose of DMG is 900 mg per day, taken without food upon waking. 
However, it is best to start at a lower dose and slowly work up to 900 mg 
over a week or so. If you see an increase of hyperactivity (which is rare), 
reduce the dose. If no improvement is seen within a month | would switch 
to TMG. 


Step 4 - Other Supplements 253 
TMG - Trimethylglycine (Betaine Anhydrous) 


TMG (Betaine anhydrous} is a chemical that occurs naturally in the body, and 
can also be found in foods such as beets, spinach, cereals, seafood, and wine. 


How does it work? 


A form of betaine called betaine anhydrous helps in the metabolism of 
homocysteine, a chemical involved in the normal function of many different 
parts of the body, including blood, bones, eyes, heart, nerves, and the brain. 
Betaine anhydrous prevents the buildup of homocysteine seen in people who 
have problems with its metabolism from birth.!? 


20 Please visit 


The following is excerpted from the Autism Canada Foundation. 
their site... 


www.autism.org 
..for full references contained within the text. 


The benefits of taking DMG or TMG range from behavioral changes, reduction 
of seizures, and decreased obsessive-compulsive behaviours to improved 
language. DMG and TMG have been reported from thousands of families to 
be quite beneficial to many individuals with autism. 


Research on humans and laboratory animals has shown that DMG and TMG 
enhance the effectiveness of the immune system. Some children and adults 
with autism have seizures, and there are published reports of decreases in 
seizure activity as a result of DMG. A double-blind placebo-controlled study 
by Drs. Shin-siung Jung, Bernard Rimland, and Stephen M. Edelson involving 84 
participants documented a significant decrease in behavioral problems. 


It should be noted that some kids tolerate DMG but not TMG. TMG is 
given upon waking without food, in a dose of 500mg. If DMG didn’t yield 
improvements in language, then we switch to TMG. 


FAQ’s 
There are times when I do see undigested food in my son’s stools. | 
am particularly concerned. He never complains of stomach pains. 


But I do see some at times, especially cashews. Should I bother with 
an enzyme? Or is it better without one. If so, which brand? 


| love enzymes. Kirkman has one with Isogest®, 851/180 is the number, 
and it’s broad spectrum. Also, Biofilm Defense® is great for dissolving the 
biofilm. A number of the parents online have used Ness® enzymes Gastric 
comfort formula #601 very successfully. 
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How should I administer THERALAC®? 


The best time to administer probiotics is at bedtime. Children’s 
THERALAC® is a granular formula so you can sprinkle it on yogurt or 
mix it into a smoothie and still obtain the same benefits! So how do you 
take it? We recommend that you take a level 1/4 teaspoon and fold it 
into yogurt, applesauce, or food of a similar consistency and let it sit for 
a minute. This is to keep the granules as close together as possible, thus 
allowing our acid proof gel matrix to form around the product. Visit the 
THERALAC® website for more info: 


www.theralac.com/childrens-theralac.aspx 


Supplement Dosing Overview 
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Step 5 - Chelation 


Ss” let’s say we're clipping along; full Diet, CD, Kalcker Parasite Protocol, 
and we’ve added in whatever supplements the child specifically needs and 
the child still has autism. Recovery is still not a reality... yet! At this point, it’s 
time to look at chelation. 


Why use Chelation for Autism? 


Chelation became very popular in the world of autism about a decade ago, 
when things were heating up around the Thimerosal/Autism connection. 
Today, many of our children are still metal toxic. Metal challenges (testing that 
shows metals in urine) from any of the thousands of children whose families 
| have helped show the same thing—extremely high levels of mercury, lead, 
aluminum, as well as sometimes tin, cadmium, and other metals. 


These heavy metals can come from various sources such as: 


* Coal burning power plants. According to the EPA, coal-fired 
power plants in the United States emit about 48 tons of 
mercury into the air every year, where more than half of this 
mercury falls within five miles of the plant itself. When it 
reaches the water, microorganisms consume it and convert it 
into a substance called methyl mercury. 


¢ Drinking water 

* Our food supply 
* Cookware 

¢ Deodorant 

¢ Beauty products 
¢ Dental amalgams 
e Vaccines, etc. 


Heavy metals are known to accumulate in different parts of the body 
including organs, bones, joints, and the brain, etc. Metal toxicity can provoke 
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inflammation, kill neurons, cause behavioral changes, affect the thyroid 
and other master glands, lower T-cell counts, and cause a myriad of other 
symptoms. Furthermore, new research shows that fluoride in drinking water 
makes the aluminum that we ingest more bio-available. As was reported in 
the journal Brain Research, the combination of aluminum and fluoride causes 
the same pathological changes in brain tissue found in Alzheimer’s patients.’ 


Many children with autism also have impaired methylation cycles. The result 
of this impairment is an inability of the body to rid itself of excess metals, 
thereby prolonging chronic illness. 


What exactly is methylation? 


Methylation reactions are those that involve the transfer of a methyl group 
from one compound to another. The methylation cycle is the name given to 
a biochemical pathway that contributes to a range of crucial bodily functions, 
including: 


* Detoxification 

¢ Immune function 

¢ Maintaining DNA 
e Energy production 
* Mood balancing 


¢ Controlling inflammation 


Impairments or mutations on the methylation cycle can lead to problems with: 


e« ASD’s 

e Alzheimer’s 

e Diabetes 

* Allergies and Asthma 


An overload of toxins (including heavy metals), can contribute to the 
impairment of the methylation cycle, and if the methylation cycle is impaired 
the body is unable to detoxify as needed, therefore creating a vicious catch 22. 


We need to help our children’s bodies rid themselves of their excess metals 
as part of the healing process. Dr. Usman has shown us that heavy metals are 
present in the biofilm, and Dr. Klinghardt has shown that removing mercury 
can be directly related to a reduction in chronic infections.” 


Let’s get those metals out! 
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What exactly is Chelation? 


Chelation is a process used to rid the body of heavy metals. It is described as 
a chemical process in which a substance (chelator) is used to bind molecules, 
such as metals or minerals, and hold them so that they can be removed from 
the body. 


Some of the most common chelators used in the world of autism are: 


EDTA 


This is an amino acid that attracts lead, other heavy metals, and some minerals 
from the bloodstream and expels these toxic elements in the urine. EDTA 
works to remove excess lead from the body, but it is not specific to mercury 
or methyl mercury as are DMSA or DMPS. It can be taken orally, by rectal 
suppository, or IV. 


DMSA 


This is an FDA approved drug that can be used in children when lead toxicity 
is suspected, however it can also be effective at removing other heavy metals 
including mercury and arsenic. It can be taken orally, transdermally, or given 
as a suppository. 


DMPS 


DMPS is given to remove mercury from the body. It can be given IV, 
intramuscularly, subcutaneously, transdermally, or by suppository. 


Patrick has been prescribed all of these at different points of his life, and | can’t 
say that | saw miraculous results during the time that | used them. However, 
some families have seen results, and this is something you may want to discuss 
with your doctor. After years of using chelators, and seeing other families 
use chelators, | have opted for a gentle approach. | like to use two products: 
bentonite clay baths and Bio-Chelat™. These products are strong enough to 
help the body rid itself of heavy metals, but have not been shown to stress the 
liver or provoke undesirable detox symptoms. 


Knowing now that metals are in the biofilm, | feel it is short sighted to focus 
solely on metals or heavy metals rather than all the pathogens in the biofilm. 


Bentonite Clay Baths 


Bentonite clay is sedimentary clay composed of weathered and aged volcanic 
ash. Bentonites are more widely known as healing clays used for detoxing, 
cleansing, and drawing out impurities. They are used in many everyday 
products such as toothpaste, antacids, and cosmetics. 
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Indigenous people have used bentonite clay for centuries; Dr. Weston A. Price 
in his book,‘““Nutrition and Physical Degeneration,”? stated that when studying 
the diets of native tribes he examined their knapsacks. Among the tribes 
examined in the High Andes, in Central Africa and the Aborigines of Australia, 
Dr. Price reported that some knapsacks contained balls of volcanic ash clay, a 
little of which was dissolved in water. 


Bentonite is known as “swelling clay.’ When bentonite clay absorbs water 
and swells up, it is stretched like a sponge. Toxins are drawn into these spaces 
through electrical attraction and bound. In fact, according to the Canadian 
Journal of Microbiology, bentonite clay can reportedly absorb pathogenic 
viruses, as well as herbicides and pesticides.° 


One of my personal favorites has been Even Better Now®”s product available at: 


www.evenbetternow.com 


“EBN® Cleansing Clay is 100% pure sodium bentonite clay which 
has the highest cation exchange capacity (CEC of 98-107 meq/100g) 
of any bathing clay that we tested on the market. This clay is high 
purity air-classified sodium bentonite, selectively mined, consisting of 
micronized particles, which is a free-flowing powder. EBN® Cleansing 
Clay is 100% pure, hypoallergenic, and free of viruses, bacteria, yeast, 
and mold, as well as having a high cation exchange capacity.” 


There are other quality clays on the market, but EBN® tests every batch for 
heavy metals when it comes in. No, |! do not receive financial gain from the 
company. 


Bio-Chelat™ 


Another product | really like for gentle (low and slow) chelation is Bio- 
Chelat™. This is a German product containing a minimal amount of EDTA, 
which is FDA approved as a food substance. According to a clinical trial 
carried out in Germany: 


The therapeutic value of the Bio-Chelat™ in the context of other 
chelators that are currently on the market is seen as follows: Chelators 
work relatively fast, but they are also very strong with a relative high 
washout of important trace elements and a high degree of specific 
side effects. Bio-Chelat™ works much gentler than most common 
chelators. 
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Although during the treatment a significant decrease of the body’s 
heavy metal ion load was seen, this is accomplished without greatly 
disturbing the mineral and trace element relationships. The reduction 
of zinc should be looked at with caution and may easily be corrected 
throughout the treatment.° 


| have seen very positive changes in many of the children who added in either 
bentonite clay baths, Bio-Chelate™, or both. As with any other intervention, 
add them separately while closely observing your child. Keep a log to record 
any changes, progress, or reactions you observe. Even if you don’t see anything 
right away, | would keep using the products for a minimum of three months. 
Again, since they work LOW and SLOW changes may not be apparent at the 
outset, but that doesn’t mean they are not helping to heal your child’s body. 


| use the CD baths every other day and then two times a week | do bentonite 
clay baths. | don’t do the CD bath and the bentonite clay bath on the same 
day. | do them at opposite ends of the week. 


Three days or so later, we'll add in the Bio-Chelat™. Again, follow the 
instructions on the package, and you can always start low and work your way 
up. Since Bio-Chelat™ doesn’t alter the CD, the drops can be added to a 
single dose of CD. In addition, since the drops have no flavor, it is suitable to 
add them to water or any other drink your child might consume throughout 


the day. 
Common Errors in Chelation: 


Urine analysis without provocation: 


Many families will do urine analysis to see if there are heavy metals present. If 
you have not done any chelation (oral or intravenous) you really don’t get a 
good picture of what kinds of metals are actually in the body. Simply because 
the metals don’t show up in urine, doesn’t mean they are not present in the 
bones, the intestinal tract, the brain, and organs, etc. If we don’t do any sort 
of provocation, we may end up with a false negative, leading a family to believe 
that their child is not metal toxic, when in fact they are. Bentonite clay baths 
and Bio-Chelat™ are gentle enough that they will not cause any harm to a 
child (metal toxic or no) but can greatly help reduce the heavy metal load, as 


well as other toxins in the body. 
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Healing the gut before starting chelation: 


A doctor once told me that we had to heal the gut before we could start the 
chelation process. However, in the children that | have seen recover, probably 
up to the last month before they recover, their gut might still not yet be 
perfect. For example, one of the little girls that recovered continued to suffer 
from constipation at 30 days before she lost her autism diagnosis. However, 
at this stage something seemed to switch, she started having regular bowel 


movements and within 30 days she lost her diagnosis. 


Basically we’re healing the intestines as we're chelating, as we’re healing 
everything else. They are all parts of the puzzle. | would never put chelation 
before the CD or parasite protocols. However, it’s definitely something 
that’s part of our road when, after these other approaches, children have not 
yet recovered. At some point after we have the CD, ocean water, parasite 
protocol and some supplements is when we can add in chelators. It’s not 
like I’m saying, “Oh we'll talk about that in a couple of years.” We want our 
children recovered in less time. It’s like a marathon, we keep the pace, never 


lose our heads, or break into a sprint. 


Do not chelate with constipation: 


If the child suffers from constipation, it’s really important that we start moving 
the intestines when we're using chelators. There are a few options open to us 
for moving the intestines. | have found that the most effective is through the 
use of CD enemas. If your child isn’t having a daily bowel movement, | would 
do an enema once a day. If you absolutely can’t do enemas, get that child in a 
CD bath. We're finding that 50 to 100 drops in a bathtub is allowing children 


who previously had constipation to have bowel movements. 


There are a few children/adults on the protocol that will not do enemas, or the 
parent will not. Whatever their situation may be, we have to get the bowels 
moving again. In this case, we do 50 to 100 drops in their bath water along 
with their max oral dose every day. The result has been that they’re having 
regular bowel movements. That’s one way we can move it along and then you 
can keep chelating. It’s really important to have a daily bowel movement with 
any kind of chelation because otherwise the toxins are simply reabsorbed 


through the intestinal wall, whether they’re heavy metals or other pathogens. 
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IV chelation is not the only means by which to cure autism: 


| think at one point between 2006-2008, we were all focused on the 
problem in the world of autism being the heavy metals, because there was 
mercury/Thimerosal in the vaccines. We had to get the mercury out of our 
children. Well, part of the problem is they’re not detoxing. As mentioned 
before, methylation cycles are impaired in children on the spectrum. | met a 
young girl whose parents were both allopathic doctors and they really believed 
at that point, as most of us did, that heavy metals were the problem with 
autism. If we could get the heavy metals out then they would recover. The 
parents did 122 IV chelations and their child never improved. At this point | 
have lost touch with them, but these are things that we have to learn along 
the way. | know now that it is NOT just about chelation, and why metals are 
NOT the only important piece. All of the pieces play a role and likely interact 
to cause autism in our children. There is a symbiotic relationship between 
the viruses, bacteria, candida, and parasites that exist in the biofilm. Since CD 
can break down biofilm and kill the pathogens living in it, as well as neutralize 


heavy metals, it has been a very powerful tool for us. 


Doing a blood test to look for heavy metals: 


Generally speaking, within three days of heavy metals entering the bloodstream, 
the body will deposit the heavy metals into tissues, organs, and eventually 
bones. For this reason, a blood test is not the best place to look for heavy 
metals in children with autism. Unless the child has very recently been 
exposed to heavy metals, we are unlikely to see elevated levels of heavy metals 


through a blood analysis. 


The articles at the end of this book (Appendices 13 & 14) will provide further 
insight as to why chelation can be so important for our children on the 
spectrum. 
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Step 6 - Hyperbarics 


by Bob Sands (Introduction by Dr. Beatrice Golomb) 


“What Oxygen is to the lungs, such is hope to the meaning of life.” 
~ Emil Brunner 


We were fortunate enough to have the amazing Bob Sands write this chapter 
on hyperbarics explaining its importance in healing ASD’s. 


Note: Throughout this section of the book, the author, Robert Lyne-Sands 
uses the actual names of the people with whom he came in contact with. In 
some instances it is with their permission, in others it is not. The accuracy of 
quotations, opinions expressed within this chapter, and the names used are 
solely the responsibility of Robert Lyne-Sands. Great care has been taken to 
remain within the bounds of current journalistic integrity and practice. 


Robert Lyne-Sands new book, OXYGEN: The First Medicine, Volume | CANCER, 
is expected to be released January 2014. 





Robert Lyne-Sands author of the Hyperbaric section of the book, 
with one of his young patients, getting ready for a session. 
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Robert Sands is one of only about five licensed manufacturers of hyperbaric oxygen 
therapy (HBOT) machines in the US, with extensive experience in clinical hyperbaric 
treatment, whose expertise will be an exceptional asset to this project. He has designed 
and manufactured HBOT machines for the US, Australia, Britain, Thailand, and many 
other nations, for naval/military use, civilian diving use, and medical use. He has the 
theoretical understanding of HBOT therapy that derives from intimate involvement in the 
process of designing and manufacturing these machines. He has the practical experience 
that derives from running a set of HBOT centers, and personally overseeing greater than 
20,000 hours of HBOT sessions over 35 years. 
~ Dr. Beatrice Golomb, MD, PhD. 
Professor of Medicine. UCSD 2011. 


Beatrice Alexandra Golomb, MD, PhD (PI) is singularly qualified to lead this study. She has 
expertise in GWI including authorship of four RAND reports related to GWI29-31, and work 
in the scientific literature. She has been a member, since its inception, of the Department of 
Veterans Affairs Research Advisory Committee on Gulf War Veterans’ Illnesses, and served as 
Scientific Director of this Committee. As a licensed internist, she is a primary care physician for a 
panel of ~280 veterans, including GWYV, at the VA San Diego Healthcare Center. 





ecently, | sought the answer to something that was puzzling me. My friend, 
Dr. Bernard Gunter, is a revered and renowned psychologist in his eighties 
and, if anyone would know the answer, Bernard would. 


“Does God, Great Spirit in the Sky, The Universe or whatever unseen deity you 
worship give you freedom for personal choices or is everything predestined?” 


Bernard’s eyes twinkled. He was never in a hurry to answer a question. In my 
mind, Dr. Bernard Gunter is sort of the American version of the Dali Lama. 


He thought for a moment, selecting his words carefully, and then replied, 
“Funny you should ask that—just the other day | was talking with Eckhart 
Tolle and asked him that very same question. Tolle replied, ‘God allows you 
to think that you have free will and free choice—and you do, by and large. 


However the roadmap is laid out for you beforehand.” 


Just as | suspected. 


Dr. Bernard Rimland, Kerri Rivera, and the Hand of God. 


On January 20th, 2006, a tall, glamorous woman walked into my San Diego 
clinic; her name was Kerri Rivera. She had brought her small five-and-a-half- 
year-old son, Patrick all the way from Mexico for hyperbaric oxygen therapy. 
The little fellow was absolutely gorgeous, but had a vacant stare and made no 
eye contact with any adult, rarely even with his mother. Day after day Patrick 


spent time in the chamber. 
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Kerri explained to me that Patrick developed normally for almost the first two 
years of his life. Then, to comply with vaccine regulations, Patrick received the 
DPT, HepB, and Influenza B (Pentavalente) vaccines in one day. Patrick fell into 
a complete zombie-like state after the injections. By the time Kerri arrived in 
San Diego, she had already done her homework. She blamed the vaccinations 
and had already undertaken the task of healing her son. 


After her own experience with autism, Kerri wanted to help people and she 
was already doing the DAN! Protocol, etc.,as Dr. Rimland has done so much 
for the children and she had a lot of respect and admiration for him and his 
work. 


One day, | walked into the clinic and told her, “We're having lunch with Bernie 
tomorrow. Get a babysitter.’ At that point, totally shocked, she said, “Oh my 
God, yes, but | don’t have anything to wear!” 


“Trust me, what you have on would be just fine’ A flustered Kerri rushed 
off to purchase some dressy clothes—she was, after all, a woman originally 
from Chicago. The very next day, we were sitting with Bernie and his wife 
Gloria in a quaint little restaurant, The Green Tomato. If the reader wishes to 
see that day, just go to your computer and look up Bernie on Wikipedia and 
there you will see Kerri in her black business suit (http://en.wikipedia.org/ 
wiki/Bernard_Rimland). 


Over lunch, Bernie and Kerri bonded immediately. None of us at the table 
realized that Bernie was suffering from cancer and had less than a year to live. 
Driving the short distance back to my clinic | made the observation to Kerri 
that | suspected she was about to become a scientist, and no longer just a 
trophy wife. “Be careful,” | warned her,“Bernie Rimland’s mantle will be heavy 
on your shoulders.” 


Kerri turned her face toward me and said, “I will carry that mantle willingly 
and with honor.” 


After a few days, Bernie told me that he thought Kerri had what it takes 
to carry the torch and help families heal their children with autism. 
| saw a lot of Bernie in the next nine months. He would come down to the 
clinic for regular hyperbaric treatments because it eased the pain of his cancer. 
Just before his death, he told me, “I will not die before | have found the reason 
for and defeated autism.” But die he did on November 21, 2006, at the age 
of 78. 
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As | drove to Bernie’s grave, | anticipated many, many people lining the way 
with some hundreds even thousands thronging the memorial park, similar 
to Giuseppe Verdi’s funeral, in 1901, where 200,000 people gathered. At his 
graveside, the thousands of mourners spontaneously burst into the “Slaves 
Chorus” from his Opera, Nabucco. 


| was stunned upon arriving. Probably less than thirty or so weeping caregivers 
of children with autism were present at the burial, along with Gloria and 
Bernie’s three children. WWHERE WERE ALL THE PEOPLE, THE MOTHERS 
AND FATHERS, THE RESEARCHERS AND SCIENTISTS? | asked myself. It 
was my first Jewish funeral and | think that the booming sound of the shovel 
full of earth that | threw down onto his plain casket made me look heavenward 
and ask, “God, where are you now?” 


| drove home, eyes unfocused with tears, and stone eggs of the birds of 
unhappiness in my heart, stopping only to purchase two fine bottles of wine 
to toast Bernie. | knew one would not be enough. Arriving at my house, | 
found the fine crystal goblet my Mom had left me, filled it, and played Neil 
Diamond’s, Morningside over and over, with each playing, another glass, held 
high to Bernie... 


Morningside 
The old man died 
And no one cried 
They simply turned away 


And when he died 
He left a table made of nails and pride 
And with his hands, 
He carved these words inside 
‘For my children’ 


Morning light 
Morning bright 
| spent the night 
With dreams that make you weep 
Morning time 
Wash away the sadness 
From these eyes of mine 
For | recall the words an old man signed 
‘For my children’ 


And the legs were shaped with his hands 
And the top made of oaken wood 
And the children 
That sat around this great table 
Touched it with their laughter 
Ah, and that was good 
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Morningside 
An old man died 
And no one cried 
He surely died alone 

And truth is sad 
For not a child would claim the gift he had 
The words he carved became his epitaph 

‘For my children’ 


In fact, as | sit here writing this, | play Diamond’s melody and listening to the 
words makes my heart swell and my eyes become damp. 


The morning after Bernie’s funeral, hung-over and miserable, | pondered: Did 
my beloved friend Bernie die feeling that he failed? | now doubt it for he had 
passed his mantle to carry on his search for the cure without fear, without the 
need for accolades and rewards and to do so with integrity. | did not know it, 
but before his passing, Bernie and Kerri had been in communication. Bernie 
had given her permission to translate his Defeat Autism Now! Protocol into 
Spanish, Kerri’s other language, as well as other tasks. 


In review, | now see God’s Hand at work—and it started one afternoon 
at the Green Tomato. Thus, my question to my friend on free will versus 
predestination right at the start of my notes on this section. 


Brain overload and frozen fingers. 


At the time, when Kerri asked me to write this section of her book about 
hyperbaric oxygen therapy and the treatment of challenged children, my mind 
went into overload. Why? Kerri was (in my view and that of others) the 
most efficient and effective health scientist with a high normalization rate of 
challenged children (autism, etc.). With her own hospital-quality hyperbaric 
oxygen center, Kerri had first-hand knowledge that to normalize such an 
afflicted person required a lot more than some trips in a oxygen chamber or 


some Silver Bullet response from a pharmaceutical company. 


My brain whistled like an express train rushing through a_ tunnel. 
| thought of the dozens of children that hyperbaric oxygen therapy has helped 
at my different centers. Some of the little guys were so badly damaged they 
would repeatedly punch at their own head, or chewed on their own wrists. 
I’m thinking of Marco as | write this. Ten years later, he still punches. A clearly 
defined casualty of a hotshot thimerosal vaccination, normal until three, his 


parents won a multimillion-dollar lawsuit against Big PHARMA. There has 
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been some progress over the years; but it will be a matter of unrelenting 


attention to Marco. 


| remember another little guy; a handsome, articulate smiling boy of about 
12 years of age named Chase. Meeting him and his parents, you would never 
know he had autism or ADHD. Chase was a “runner.” When his treatment in 
the chamber was over, he would promptly disappear out of the clinic doors. 
Eventually, Chase would be carted back down by one of the upstairs nurses. 
“Chase” by name and chased by nature. 


After one such session in the chamber, he rocketed out and into the restroom 
of the clinic. | was sitting at the controls when he came back. Chase climbed 
up onto my knee and said, “I love you Bob,” and he rubbed his hands across 
my face. From the terrible odor | knew in an instant what was all over my face 
and my lips. Chase had used his hands instead of toilet paper and bypassed 
the washbasin on the way out. 


“Oh goodness,” came from his horrified mother. “He got you. | am so sorry. 
It is one of his favorite jokes.” 


“Not to worry,” | said, “I have eaten and tasted this in a variety of forms most 
my life.’ So, whenever | hear somebody say, “Sands is not a Doctor so he 
doesn’t know s—t from Shinola,” | think of Chase. 


Normalizing kids is so rewarding, 
but you have to take a chance on s**t. 


My fingers were not ready for the keyboard as | tried to wade through dozens 
of experiences with these children, my own personal experiences, and finally 
adding input from experts in the field of pediatric abnormalities. (Many of 
these experts became my close, personal friends as the years went by.) 


For any parent or caregiver to delve into all of the opinions and conclusions of 
the so-called experts, it is a bewildering journey through a lot of contradictory 
and self-serving educated guesses and erroneous assumptions. To arrive 
at something that the reader will identify with, and believe in, | have to go 
way back. After 70 years on the face of this planet, | have reached certain 
conclusions about the treatment of children that enables me to write this 
section. Mind you, I’m not stuck in my ways and | am open to change my 
thoughts and conclusions as the science improves on treating children with 
autism. 


Compensation for “Reiki® - apply for 15 minutes 
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Little Patrick Rivera, Little Bobby Sands 
Something in Common? 


Here is something that | doubt my adult children even know about. In 1947, 
polio was raging throughout Australia. | was seven years of age and had 
developed a sore throat and fever. My father, a wealthy man, called the very 
best doctor to my bedside—yes physicians did make house calls in those 
days. | can even remember the doctor’s name, Dr. Bradfield. His father had 
been the engineer that designed the Sydney Harbor Bridge. My dad, with all 
of his money drew a lot of water in those days and could get almost anything 
he wanted. Bradfield came in and examined me briefly; after all he had other 
house calls that night. 


Bradfield told my Mom and Dad that he did not think | had polio, but 
perhaps diphtheria and that | should spend time in isolation in the infectious 
disease hospital overlooking Botany Bay, “just in case.’ The next morning 
an ambulance came and, in spite of my fear, pleading, misery, and tears they 
carted me away. The three-hour journey became a six-hour journey. The 
ambulance broke down outside the Sydney airport. | remember looking 
out of the rain spattered window and seeing the aircraft clearly visible over 
the fence. We sat on the side of the road for almost two hours before the 
replacement ambulance came to transport me, and my journey continued to a 
huge colonial building complex, built by convicts and perched on rolling, green 
lawns that looked down onto the Pacific. The complex was known as, The 
Coast Infectious Disease Hospital, which later became Prince Henry Hospital. 
| was terrified and clutched my teddy bear, Threadbare, under the blankets. 
Threadbare became my only friend for the next four months, and a glimpse of 
airplanes over the fence became an enduring memory of the trip. 


My parents were already there and had obviously filled out all of paperwork. 
I never got to say goodbye to them since it was an infectious disease hospital. 
As they walked past a big hopper window, they paused momentarily and Mum 
waved through the window. | saw them maybe three times in the next four 
months when the nurses wheeled my bed up against the window that looked 
out into the hall. They would tap on the glass and smile at me but because 
my father was quickly bored, after about five minutes they would wave and be 
gone for another couple of weeks. It was a long way for them to travel. 


The night of my arrival, a team of doctors and nurses arrived and they rolled 
me onto my side. Full syringes lay on a tray; in those days they were glass with 
little thumb and finger holes on each side and each needle was reused and 
supposedly resharpened before their next use. This meant that the needles 
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were thick and long. One-by-one these needles were inserted into my upper 
thigh on the left-hand side. The pain was agonizing and I’m sure | screamed 
and screamed. | remember at least three nurses holding me down. At seven, | 
was just a little fellow. There had to be at least 20 of these very large syringes. 
Checking the history books, | believe that they were mostly penicillin and sulfa 
drugs. | might add, it was already known to Doctor Bradfield that | was highly 
allergic to sulfa and remained so for my entire life. 


The next morning, when | awoke, | found that | was paralyzed from the feet 
up to just under my arms. Threadbare was my only friend for the next four 
months. The days all blurred together. One thing | do remember vividly is 
that | used to deliberately wet the bed. | did so only when a lovely red-haired 
nurse with a band of freckles across her nose was on duty. This nurse was 
kind and gentle, probably in her twenties. After she had changed the sheets, 
she would stroke my cheek and tell me that everything was going to be okay 
and not to worry about wetting the bed. The other older nurses scolded any 
of the other pediatric patients if they had an accident. At some point later, 
my gentle nurse told me that | really did not need to wet the bed to get her 
attention. | soon stopped and | still got a cuddle from her. Such a display of 
care and affection was unknown to me from my parents back at home. 


After that stay in the hospital, | was never the same. | know that there was 
constant discussion amongst my family members that | should be placed in 
some sort of an institution because my behavior was “‘contrary and stubborn.” 
| was either talking my head off, trying to make my family love me, or distant, 
and as such, | was said to be “uncooperative.” Soon after, | was placed in a 
Hogwarts-style boarding school. 


Could that childhood experience have made me what | am today, forever alone, 
but rarely lonely? As the years ticked by, to my surprise (and | think everybody 
else’s), the school counselors found that | had a genius IQ. Amongst the 1,200 
boys, | was second from the top. 


After seventeen years of treating so-called challenged children, | have yet to 
find one that was not as smart as a whip in something. 


| managed to burn every social bridge at the boarding school, thrown out 
of every special social club at Newington. On Saturday afternoon, after 
mandatory sports such as Cricket or Rugby, the other boarders would get 
to do things they wanted like billiards, photography, or gardening (these were 
clubs that you had to apply for and join). However, | had been expelled from 
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each of them so | wandered alone each Saturday afternoon and finally picked 
the lock on a large room-sized cage full of Sulfur-Crested Cockatoos and 
other Australian parrots. | would sit alone with them and be jeered at by the 
boys in the garden club that were planting and weeding. Within weeks, these 
birds would happily climb all over me, enjoying my company. The birds loved 
me, but the boys and masters did not. To me, it was a two-way street. Animals 
made better friends than people. Eventually some of the other boys would 
come and beg to be allowed to accompany me into the cage so they too could 


have that same privilege. 


Do not get the wrong impression of my beloved Newington College 
in Sydney Australia; even today | dream of the sanctuary of that place. 
It was better than what | had with my family back home. 


The really curious thing is that my mind had blotted my hospital stay out, or 
had hidden it in some black cabinet in my brain where the really bad things 
are kept to allow me to get on with the reality of NOW. | remembered the 
illness and isolation only when Kerri asked me to write this. The details have 
returned with clarity: the old iron beds, the smiling face and freckles of my 
favorite nurse, being cold at night, the colors on the wall, the distant sight of 
the ocean through a window on the other side of the big ward, the frame of 
the window so far away that it looked like a painting hanging there. If | close 


my eyes as | write | can see it now. 
| now ask myself, “Is this the way children with autism feel?” 


| don’t know. What | do know is that my old friend and confidant, teddy bear, 
is sitting on the desk as | write this. | reach out to rub Threadbare’s head and 
a great calmness washes over me. The little fellow is 64-years-old now and 
there is a great competition amongst my adult children to see who gets him 
after | die. 


Botched diagnosis 
The incorrect pharmaceutical response. 


With almost 40 years of working in medicine behind me, and now in my 
retirement, | do know that neither diphtheria nor polio were the problem. 
The suffocating “Bull Neck” or the “Strangling Angel of Children,’ diphtheria, 
had not happened to me, nor did the withered limbs of poliomyelitis set in 


after paralysis. 
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Simply put, Dr. Bradfield cocked it all up in a big way by guessing, not taking 
enough time and arriving at the wrong medical response on his visit. The 
relentless attack on me with sulfa drugs caused paralysis, which was probably 
what is commonly known today as Guillain-Barré Syndrome, a disorder 
affecting the peripheral nervous system. Ascending paralysis, weakness 
beginning in the feet and hands and migrating towards the trunk, is the most 
typical symptom; the disease is usually triggered by an infection. 


It sure sounds similar to what happened to little Patrick, and probably to the 
reader’s challenged child as well. 


Migrating to America in 1990 with my tribe of offspring. 


| arrived in the United States over twenty years ago. If the reader is interested 
enough, a quick look at a funny but classy “roast” presentation is on YouTube. 
You can find it by searching “Robert Lyne-Sands” on YouTube. 


After completing the United States Navy transportable chamber development 
project, | arrived in swank, Pacific Palisades, on the outskirts of Los Angeles; 
living amongst all of the Hollywood greats. | was going nuts with boredom 
and became the “Bob Clampett” of the area; jogging down the leafy streets 
| always said Gudday to any celebrity. | rarely remembered their names but 
knew their faces. They never replied on the first go past, but then | would jog 
backwards, keeping pace with them (big stars like Madonna always ran with 
a group of minders) and | would yell out “I said Gudday. My goodness, your 
manners are appalling.” | might add, it was not just me; they never ever nodded 
to each other when their paths crossed either. 


Around this time, | opened the very first freestanding hyperbaric oxygen 
therapy center. It was more or less hidden away in Santa Monica on 6th 
Street. Tucked away in what used to be an old motel, you could almost refer 
to it as a “speakeasy” center, akin to something from the days of prohibition, 
where you had to knock on the door three times before being let in. | would 
only treat people who had been referred by another patient. Most of these 
people were from the entertainment industry in Hollywood, many with the 
HIV virus, and lots of folks with chronic fatigue syndrome. 


The kiss of death in Hollywood is to be known to be ill. Hyperbaric oxygen 
therapy works so well that the word soon got around, and | was inundated 
with patients, some famous and well-known, and others just hardworking folk 
in the movie industry. Thus, | ended up being known for some years as “Mr. 
Oxygen,” and because of the remarkable effects of HBOT, | befriended many 
of these celebrities, who subsequently invited me as their guest to many of 
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the big Hollywood functions (the only one that | missed was the Academy 
Awards). 


One of the first of these talented people that became my close friend was 
Harold Michelson. Harold was an award-winning art director working out 
of DreamWorks. He was suffering the aftermath of a mild stroke. His wife 
Lillian had told me that her Harold loved crossword puzzles, but since his 
stroke he would put the across answer in the down column. This caused him 
immense frustration since his answer was usually correct, just in the wrong 
place. Five treatments in the little chamber were all it took for Harold to get 
his verticals and horizontals in the right place. The big thing that he noticed 
was that his blood pressure stabilized, his lung problems normalized, and he 
needed less medication for his diabetes. 


Harold still stood well over 6-feet—tall, though stooped with old age. We hit 
it off immediately because Harold had a quick wit and loved a good laugh. 
The stories and banter between us were constant. Harold was extremely 
talented yet self-effacing. He really was a hero in the truest sense of the word. 
As young man, he made over 40 flights across the English Channel to bomb 
Germany. As navigator, Harold sat in the nosecone of the B-17 and either 
froze with the cold on the trip or froze with fear when making the lower-level 
bombing run. “Bob, | was so frightened of the flak from the antiaircraft fire 
from the Germans on the ground. As the puffs of smoke would erupt around 
the front of the aircraft, shrapnel would pierce plexi-glass windows in front of 
me. |! would hold the navigational map in front of me and try to believe that 
the thin paper would stop the lethal fragments.” 


The first challenged child to be 
treated in a hyperbaric chamber—Emily. 


| need to jump forward in time for a moment before getting back to Harold 
Michelson and his wife, Lillian. | went back into production of hyperbaric 
chambers after | realized the great need for hospital-grade dispensing of 
oxygen to the public. There were no rules preventing me from doing this even 
though I’m not a physician. All my patients needed was a prescription from a 
registered physician; that was the easy part. My first center was in San Diego. 


In the first few months of patient treatments we received a call from a father 
in Canada. His daughter, Emily, had cerebral palsy. The father had read that 
hyperbaric oxygen therapy would perhaps help his little girl normalize, and so 
when he asked me what | thought I gave him my usual answer, “I do not know, 
lam nota physician.” And then | added, “I would hate for you to waste your 
money on a trip from Canada to San Diego if it doesn’t work.” 
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The father replied, “I have two choices. | can go to England where there is 
snow on the ground or | can come to San Diego. It is an easy choice to make.” 


So father and daughter duly arrived. Emily was the most delightful child. 
When she walked through the door she had a crash helmet on, knee guards, 
and wrist-guards to prevent serious injury when she would crash, face first, 
into the floor. We learned a lot in the first ten days of treating Emily. One of 
the first things was the fact that fathers can never properly do a good job on 
their daughter’s hair. | felt for the father since Emily had lots and lots of hair 
and was never still fora moment (I have a few daughters myself). Emily would 
arrive looking like a rag doll; her little blonde head would have pins, bits of 
string and ribbon through it. So the very first task of our nurses would be to 
grab Emily (usually tearing around the clinic), and comb her hair out to make 
her more presentable. 


Now, the really big thing that we noticed was that on day ten she arrived at 
the clinic without any of her body armor. Yes, she still “toe-walked” because 
her heels did not touch the floor. To compensate, she would park her little 
fists against her chest, push her elbows out to keep a center of gravity, and 
rush around the clinic. On day 11, father and daughter spent five hours at the 
San Diego Zoo without the usual body protection. Emily never lost balance 
or tumbled even once. Follow-up visits over the last 17 years find that Emily 
is living a normal life. Yes, she still has some walking problems, but never 
needed to undergo the mutilating surgery that was recommended to her by 
her Canadian doctors. During 20 days of hyperbaric oxygen treatments in San 
Diego, something had changed in Emily’s brain. 


Likely the most important introduction in my life... 
The Great-Spirit-in-the Sky’s (God’s) hand at work. 


Listening to the improvements that little Emily had made, Harold Michelson 
was both enchanted and excited. 


“Did you know that Lillian and | have an autistic son? We need to introduce 
you to a couple of people in San Diego. Dr. Eric Courchesne, who runs the 
autism research center for the University of San Diego, known as the Autism 
Center of Excellence or ACE.” 


Lillian chimed in and said,“ really must call them about you. Eric is a gem and 
his wife Rachel is also a research doctor. They work side-by-side and will be 
so helpful.” 
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With Emily's positive results, and more children making gains at the center, | 
called the Courchesne couple at the ACE and offered to provide them with 
the use of a $150,000 hospital-grade hyperbaric chamber for one full year. 
There was no response to my offer. 


While you may imagine that the UCSD-ACE Research Center is located in 
some lofty center of learning, it is in fact to be found in a delightful millionaire’s 
village known as La Jolla in Southern California, a block or so from the Pacific 
Ocean. On the top floor of a three-story building, an elegant balcony ran 
across the front of the building, while red and white umbrellas and tables make 
it look more like a posh restaurant than a research center. 


| waited about a month and called again and repeated my offer of a hyperbaric 
chamber, operated by trained technicians for a year, or whatever time it took 
to make a decision on efficacy, at zero cost to the ACE. About an hour after 
making the second call, my secretary told me that a Dr. Rachel Courchesne 
was on the line and needed to speak to me on an urgent matter. | picked up 
the telephone, anticipating a good conversation but this is the way that it went, 
all one-way at me. Dr. Rachel was in fine fury and, looking back, the only way 
| could have put a word into that conversation would have been to fold the 
word flat and slip it into the tirade, sideways. She told me that it was amateurs 
such as myself that muddied the scientific waters of autism research and that, 
essentially, | should crawl back into whatever hole | came out of. 


She made it clear to me that the mission of the ACE was to perform research 
to find a cure with pharmaceuticals. In fact, the ACE receives funding from 
drug companies, and that | should not bother them again. | was taken aback, 
to say the least. 


A decade later, Dr. Eric is apparently doing fine work. For example, in his 
recent research, quoted widely in the media, he has found that the frontal 
lobes of an autistic child’s brain is abnormally large. This is an observation, 
perhaps useful in the future, but only time will tell. But does it matter to you 
the reader whether this is so? Maybe yes, maybe no, so let’s hold off on that 
sort of thing until we get into the scientific part of the book. 


Let’s get back to Dr. Rachel’s harangue of me. In my mind, there is no doubt 
about the fact that for her, at least, it was all about the money and the potential 
for a patented silver bullet for Big PHARMA. If successful, a drug company 
could charge you a huge amount of money to heal your child with autism. At 
worst, there would be the ability to raise more money for research despite 
scant evidence of clinical results on children. 
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An example of this ability to raise money ona potential medical marketplace is 
the fact that in the year 2012, the National Institute of Health (NIH) allocated 
$100 million over a five-year period to a bunch of ACE research across the 
United States. So much for Lillian’s glowing endorsement of Dr. Rachel. 


However, the Michelson’s other introduction proved to be a link in the chain. 


Autism research with integrity—Dr. Bernie Rimland. 


“A dear friend of ours, Dr. Bernard Rimland, also has a research center in 
San Diego which he calls Defeat Autism Now!, or DAN! for short. Bernie’s 
son, Marc, is a true autistic savant. The movie with Dustin Hoffman and Tom 
Cruise, Rain Man, was modeled around Bernie and Gloria’s son. Bernie was 
the technical advisor for the film. You must meet Bernie.” 


Lillian was especially grateful and fond of Bernie and his wife, Gloria. Back 
in the early 1950s, autistic children were attributed to cold, hard, heartless 
mothers. Many psychologists and psychiatrists agreed with the “Emotional 
frigidity” hypothesis, which suggested that the mothers were the cause of what 
we now know as autism. A lot of children in the United States were taken by 
force from their parents, and placed in isolated institutions to “protect” them 
from their parents. Bernie Rimland alone stood against this hypothesis; after 
all Bernie did have degrees in psychology, including a PhD. In fact, it was Bernie 
that took away the shame, the blame, and the guilt of many loving parents who 
were bullied into believing labels put upon them by the so-called “learned.” 


Driving forces behind autism research centers. 


Unlike the La Jolla location for the ACE, Bernie’s Autism Research Institute 
(ARI) was about five minutes drive from my San Diego hyperbaric oxygen 
dispensary; two minutes of freeway, a quick turn into Adams Avenue, and | had 
arrived. Again with an erroneous assumption, | had thought that Bernie’s ARI 
would be similar to the ACE La Jolla location. In fact, | drove past Bernie’s 
place three times before | found it. An unassuming, clay-colored, converted 
storefront, with a little sign on the front door that said, “Autism Research 
Institute.” | knocked on the door and walked in. Instantly, the smell of 
antiquity and old books overwhelmed me and beguiled me, like something out 
of a Harry Potter movie. Stacks of papers were high on the floor almost in 
a willy-nilly fashion. A gentleman dressed in a checkered shirt came towards 
me. “Bob Sands? The Michelson’s said to expect you.” He peered over his 
glasses and gray whiskers at me. In that one glance, we created a bond of 
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friendship that lasted for more than a decade. At least once or twice a month 
we would lunch together along with his wife, Gloria; always two blocks from 
his Center, at the Bleu Boheme. Bernie and Gloria would carefully examine the 
menu and then they would both look out and recommend, “Let’s all order the 
fried green tomatoes.” 


Bernie was interested in clinical results. He would turn over any stone that 
would perhaps unlock the mystery of autism. When | first met Bernie, | in 
850 children born in the United States was afflicted with this mysterious 
and terrifying disorder. As | write, autism spectrum disorders have spiked 
to | child in every 88. So when the phone rang at the ARI, Bernie would 
often answer it and ask many questions, if the person believed that they had 
found a cure or a clue. He never discarded anything, in stark contrast to my 
encounter with Dr. Rachel at the ACE in La Jolla. | once listened in when he 
spoke with a lady who believed that you could cure autism by filling crystal 
glasses to different levels and rubbing your fingers around the edges to create 
pure tones. 


Bernie put the telephone down and said to me, “It could be worth looking 
into. Music does create new neuronal wiring in small children, for example, 
or a mother singing to a child.” | had already mentioned to him that when a 
child with autism was in the chamber, if you played unfamiliar sounds such as 
whale songs, or bagpipes, the unresponsive child would often brighten up and 
look around. 


“Maybe new neuronal connections are being established,” Bernie pondered as 
he rubbed his whiskers. 


In those days, | worked on weekends. If | wanted to chat with Bernie, Sunday 
was the best day. No staff to answer the telephone, so he always did. | once 
asked him whether he took a day off and his response was succinct: 


“When autism takes a day off so will |.” 


Bernie, a $2.6 million donation and his ARI. 


Now, here is the most interesting of Bernie Rimland’s driving forces—to me 
at least. It was not about dollars or ego, not in the slightest. 


At that time, | was also friends with another Bernie, the renowned 
anthropologist, Dr. Bernard Aginsky. To avoid confusion between the two 
Bernie’s | will refer to him as Dr.Aginsky. He was in his late 90s at the time, as 


278 Chapter 11 


rich as Croesus. For many years, he had leased the penthouse of the La Jolla 
Shores Hotel, right on the beach of one of the most desired parts of Southern 
California. Again, like most of my friends, Dr. Aginsky was a humble man and 
thought nothing of his wealth other than as a means of accomplishment. Out 
of the blue, one day in my office, Dr. Aginsky looked at me thoughtfully and 
then asked, “I have $2.6 million and | want to give it to somebody that would 
make a difference. Can | give it to you?” 


| immediately thought of Bernie and the children with autism and the nonprofit 
status of the Autistic Research Institute. “Hold that thought Dr.Aginsky. | will 
give you an answer in a couple of days.” 


A couple of days later, Bernie and | were traveling to take part in a medical 
internal review board. | was wearing a shirt with French cuffs and a silk tie. 
Bernie had on his usual checkered shirt. He confided in me once that he had 
to make a choice between wearing a tie or trimming his Santa Claus-gray 
beard. The beard always won. Wondering about his shirts, | respectfully asked 
him whether he ever received a salary from his ARI. 


“Good gracious. | could never pay myself a salary from ARI funds and 
donations. You must remember that | am on a full Navy pension so it would 
be wrong to double dip.” 


After the meeting, as we traveled back along the I-405 to San Diego, | broached 
the subject of Dr. Aginski’s offer of a $2.6 million donation for the Autism 
Research Institute. Bernie looked out the window for a few moments and 
fiddled with his beard. | could see he was calculating in his head. He turned 
to me and said, “We have so much money in the ARI at this time, donations 
and such, that | think that amount of money could be used elsewhere. Find 
another recipient.” 


Dr. Bernard Aginsky, a widower, passed away in January 2000. | have no idea 
where his donation ended up. | do know whether Bernie Rimland ever had 
a second thought about not taking that money. He never mentioned our 
conversation again. 


DAN! changing to parallel other autism research. 


Research costs money. Bernie used his resources wisely and was not interested 
in empire-building. He just wanted to find the cause and the answers. Bernie 
cured kids. 


On the anniversary of his death, | went to his Kensington ARI center. | had two 
bottles of good wine, a bunch of wine glasses, and a whole lot of chocolates. 
| walked in and was astonished. The whole tenor and tone of the place had 
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changed. The clutter was gone. Bookshelves were neat and organized. The 
smell of scholarly interest in documents and old books had evaporated. It 
was as if the ghost of Dr. Bernard Rimland seemed to have moved to another 
place completely. The staff were delighted to see me, and happily munched 
on the yummy chocolates that | had brought for them. | commented on the 
neatness and the vast changes that | observed. One of the staff shrugged her 
shoulders, grimaced, and said, 


“You have no idea just what changes have taken place, and what is about to 
happen.” 


An example of the transformation in attitude is exemplified by an offer for 
inflatable, aka soft-sided, chambers for DAN! while Bernie was still alive. One 
day, he called me up and explained to me that a group was coming to do a 
presentation on these soft chambers, and suggested that | plant one of my 
staff at the ARI to listen to the blurb from the manufacturer, Oxyheal. My 
secretary, Crystal was waiting amongst Bernie’s staff to greet the technicians, 
doctors, and such that accompanied the owner of the company. They arrived 
at the ARI, set up the inflatable chamber, and gave their sales pitch, extolling 
the virtues of hyperbarics at low pressure and at a low cost. 


Crystal reported back to me that Bernie looked dour during the presentation 
and asked, “What would happen to this with a razor blade?” Bernie and | 
discussed the concept of inflatable chambers the next time he was at my 
center, after he had finished his treatment in a chamber. He was not convinced 
about the soft-sided chambers. 


“| worried that the scientific data that they quoted was all from hospital quality 
chambers. | think you are correct Bob, the physics do not hold up. | could not 
recommend this device to parents for their children.” 


The “discovery” (observation) of God’s gunpowder + Bernie 
Rimland and Kerri Rivera. 


Throughout history, air was taken for granted. You just breathed in and out 
and there it was; bugs and birds flew in it, mostly useful to keep your floors 
and ceilings apart. Even in this day and age, many folks think of it in the same 
way. 

Let’s revisit what is now called the Age of Enlightenment, the 17th and 18th 
Centuries. About 1774, the kindly and soft spoken clergyman/scientist Joseph 
Priestly and his close friend Benjamin Franklin. They spent time drinking coffee 
together once a week in a London coffee house along with other scientists. 
Together they realized that air was actually a mixture of gases, but mostly 
nitrogen and oxygen. Priestly and Franklin could kill a mouse in a glass jar 
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in less than five minutes by depriving it of one of those gasses. Put the poor 
little mouse in a glass jar with a lit candle (which consumed the oxygen) and 
the flame of life in the mouse departed by about the time the candle went out. 


Using precise scales, Joseph Priestly and the French chemist Antoine Lavoisier, 
gave oxygen its name. It could be weighed on a scale just like you would 
weigh out a cup of rice. Each unseen gas has a weight. Baros is the Greek 
word for weight. Words that we are familiar with come from this: barometer, 
barometric pressure, and hyperbaric (as in hyperbaric oxygen therapy, hyper 
meaning more than and baric meaning weight of the gas). 


Weigh oxygen? 


The weight of air (mixed oxygen and nitrogen) is 14.7 pounds per square 
inch at sea level. Most folks like me would prefer to use the word pressure, 
however, the math is easier if we use the doctors measure (the same as that 
used in measuring blood pressure — millimeters of mercury or mmHg). An 
average blood pressure measure is typically 120/80 mmHg. Let’s look at it this 
way; if air at sea level is 760 mmHg, then 20% of that air (oxygen) is 20% of 
that amount. So multiply 760 by 0.20 and you will realize that vital, life-giving 
oxygen going into your lungs is about 150 mmHg. 


Oxygen - You cannot see it, or smell it but you have to “eat” 
a kilogram of it each day to stay alive. 


Make no mistake. If you take a substance into your body, ALL of your 60 to 
90 trillion cells will be affected. Snort it, chew it and swallow it, breathe it, 
or inject that substance and it will have a positive or negative effect on your 
whole body. Cells “consume” the substance. Another word for consume is 


eat.” We will discuss this process, known as oxidative metabolism shortly 
and, especially how to produce stem-progenitor cells. 


Eat oxygen? 


Oxygen is a cellular food. The adult human consumes approximately 0.6 kg of 
oxygen each day (about 1.2 pounds). We can live about three weeks without 
the food that we chew and swallow, survive three days without water, but we 
can only live approximately three minutes without oxygen. Body cells start to 
die—the brain is the most vulnerable. Even a minute or so without oxygen 
can cause permanent damage. 


Don’t worry about the earth running out of oxygen. Back in the 1700s 
Ben Franklin and Joe Priestly also discovered the fact that sunlight on green 
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vegetation produces oxygen—a process called photosynthesis. They showed 
this with the mouse and candle in the glass jar. As the candle flame seemed 
to flicker, about to go out and the mouse lay, apparently dead, if there was a 
sprig of a green plant, both the candle and mouse came back to life. All of the 
oxygen that you are going to eat in the next 24-hours is replaced by just one 
square meter of grass producing oxygen through photosynthesis during that 
same length of time. In populated areas, where there is not much greenery, 
life-sustaining winds carry oxygen over the oceans and hills to all humans and 
animals. 


Captain Cook, Joseph Priestly, Bernie Rimland, and Kerri 
Rivera—Explorers 


Before we stop talking about Joseph Priestly, he made another observation 
about gas and this applies to our subject of autism, Bernie, and Kerri. 


Living next door to a brewery, Priestly was intrigued about the gas given off 
by the fermentation of beer in the barrels. He put a dish of water under the 
vent-pipe coming out of the barrel. When he tasted the water it was full 
of refreshing bubbles we now call fizz. In 1767, Priestly discovered how to 
carbonate a liquid. He taught the Navigator, Captain Cook, how to carbonate 
water and, thinking that drinking that bubbly water would prevent scurvy, 
Cook set sail with it in 1772. It did not prevent scurvy, but, just like Bernie 


and Kerri, everything is worth investigating. 


We now know that any gas becomes soluble if it is concentrated or made 
thick. In this instance, the gas was an extremely light gas known as carbon 
dioxide (yes, the stuff we breath out and, unlike the 21% oxygen, there is 
only about .033% of carbon dioxide in the air we breathe). However, if you 
concentrate it to 100% some of it melts into the water and becomes carbonic 
acid, as is the case with soft drinks. Pop the lid and the acid turns back 
into carbon dioxides gas, forming little bubbles in the liquid. Joseph Priestly 
should have patented his observation. Ten years or so later, Joseph Schweppes 
patented the process in Germany and most folks think of him, not Priestly, 


when they have a gin and tonic. 


Thereby hangs another Newtonian rule about gas that cannot be changed. 
“Gas under pressure becomes soluble in a liquid according to its density (or 
thickness).” — Henry’s Law. 


282 Chapter 11 


And this is how oxygen works in a hyperbaric chamber —- 
Newtonian Gas Laws 


Stay with the soda can thought and the thicker gas melting into the sugary 
drink. When a human climbs into a hyperbaric oxygen chamber, we substitute 
oxygen for carbon dioxide. Believe it or not, you do not feel squashed by the 
pressure other than you have to “pop” or equalize your ears. Humans are 
mostly water and other fluids that cannot be compressed like a gas. What 
is happening in the chamber is that the oxygen (it should be 100% oxygen) 
is being made thicker or concentrated. And, just like the soda, Henry’s Law 


kicks in. The oxygen melts and the body supersaturates with oxygen. 


Another curious thing about a well-oxygenated body is that it becomes slightly 
alkaline. Your powers of hydrogen (pH) read about the same as seawater, 
which is alkaline because of the dissolved oxygen in it. Yes, even fish need their 


daily meal of oxygen! 


The word “saturate” comes from the Latin word meaning “‘to completely fill.” 
Since only our red blood cells (RBC) carry oxygen, they are almost always 
full of oxygen in a healthy human. The little pulse-ox device that clips on 
your finger when you are in hospital almost always reads 99% unless you are 


anemic. 


It takes between one and three minutes for each RBC to leave your heart, 
make its complete circuit, and be back in your lungs for its next load of oxygen. 
Remember that Henry’s Law also applies here, therefore, oxygen is a gas in 
your lungs but turns into molecular oxygen when it enters your body’s fluids. 
This is so complex that there is no chemical symbol for it, but rest assured, 
your body’s cells feed on it with a great appetite. (More on oxidative cellular 


metabolism shortly.) 


Supersaturate? 


When you fill a glass of water to the brim, it is full or saturated. Right? Yes. 
Holding it under the faucet and running more water into the glass will only 
mean that the water slops over the edges. The glass is still full. However, 
this is not the case with any gas, particularly oxygen breathed in by a human. 
Sure, just like a glass of water, oxygen can be measured by volume, but there is 
plenty of room to over-fill our bodies with oxygen—supersaturated. 
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To illustrate a complex process, let’s paint a simple picture—An underground 
subway system. 


Think of your lungs as a subway station. Passengers get off the carriages and 
others get on. In this instance, remember that air is made up of (for easy 
math calculations) 80% nitrogen and 20% oxygen. Visualize each gas molecule 
of either type as a gas-person. The body is already full of nitrogen at sea level 
and since it does nothing at all (it is inert), the nitrogen-people just come in 
and out your lungs. However the oxygen-people are dynamic and bustle to 
climb on board the little red-blood-cell carriage (which has a special oxygen- 
people magnet—an iron molecule), and away the red blood cell rushes with 
the oxygen-people ready to jump off to the hungriest of the body’s cells. 


Since Henry’s Law allows a gas to melt into clear fluids (and our body has 
lots of clear fluids), there is a whole lot of room to add more oxygen-people. 
For example, if we barred entry to our lungs of the nitrogen-people (simple 
to do—just put on a mask and breath oxygen out of a 100% oxygen tank), 
then our lung-subway station would have five times more oxygen-people and 
that would mean that we increased the oxygen-people with each breath from 
160 mmHg to 760 mmHg. Remember that they are dynamic, and that each 
red-blood-cell carriage has an oxygen magnet in it. The thick crowd oxygen- 
people all bustle to get onto that carriage, through the wet soapy surfactant in 
the wall of your lungs, even though it was already full. 


Essentially, the oxygen-people fill the red-blood-cell carriage, and into the 
plasma where they are quickly swept along in that clear plasma fluid. Then, 
when even more oxygen-people continue to crowd on back at the subway 
station (i.e. the lungs), the plasma, which normally does not carry oxygen- 
people (molecular oxygen), then needs to put the overload of oxygen 
somewhere. From here the oxygen-people go out through the rail tunnels 
(i.e. the circulatory system) and into the clear fluid (i.e. interstitial fluid) that 
bathes our body cells. As this fluid fills with oxygen, it dumps it off into 
the body’s largest water compartment—the body’s cells (the intra-cellular 
compartment). These cells now have a veritable feast of oxygen available. 


About 90 minutes after you start breathing 100% oxygen, you are supersaturated 
with five times the normal amount of molecular oxygen. No, you do not swell 
up since we are talking about molecules in existing body fluid, not added 
fluid. Curiously, if you put the little pulse-ox back on your finger, it would 
still only read 99% since it is just measuring the oxygen in your red blood 
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cells. However, using high-tech oxygen measuring equipment (transcutaneous 
oxiometry), you can even measure molecular oxygen in your urine, saliva, and 
tears—something once thought impossible. 


Now comes the hyperbaric chamber part. You climb in, the door is shut, and 
100% oxygen floods in. The technician can look at the physician’s prescription 
and increase the thickness of the gas in that chamber. Double the thickness 
(i.e. weight or pressure) to 1520 mmHg; ninety minutes later you will climb 
out of that chamber with ten times the number of oxygen-people (molecular 
oxygen) in your body. Or, put another way, since your body’s cells are going to 
consume (eat) that additional oxygen, this is the only way you can increase the 
weight of oxygen-food available in a 24-hour period. One hundred percent 
pure oxygen at sea level and you will “eat” between just under half a kilogram 
to just over one kilogram of oxygen. 


The deeper/thicker the oxygen is in the chamber the more you get. In fact, 
following Dalton’s Universal Gas Laws, by doubling the pressure, you can 
actually get your daily oxygen meal at almost two kilograms. 


Now the nifty thing about oxygen supersaturation. 


Unlike many pharmaceuticals that are weight dependent, (too much of a 
certain drug will sicken or kill a smaller patient, not enough of the same 
drug and there will be no therapeutic benefit to the patient) with hyperbaric 
oxygen no individual can suffer from an “overdose” of oxygen, regardless of 
whether the patient is a mouse, rabbit, horse, or human. All climb out of the 
chamber, (depending on the pressure/thickness of oxygen they were treated 
at) with the same amount of molecular oxygen in their body. Not one person 
has suffered from an “overdose” of oxygen. 


Our oxygen dispensary centers have treated, according to their physician’s 
prescription, tiny babies, the elderly, and everyone in between; we have never 
seen a negative side effect. Instead, we have observed clinical positive effects 
for all. 


What happens when we actually give people an extra “oxygen feast” by putting 
them in the chamber? Again, an extremely complicated process has to be 
simplified for understanding. However, before making things simpler we must 
first look at the science. Chatelier’s principle predicts the effect of a change 
in conditions on a chemical equilibrium. The principle is named after Henry 
Louis Le Chatelier, who observed that if a chemical system at equilibrium has 
a change in concentration, temperature, volume, or partial pressure then the 
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equilibrium shifts to counteract the imposed change and a new equilibrium 
is established. Any change in the status quo prompts an opposing reaction in 
the responding system. 


Time to change just a couple of words for better understanding. Let us start 
with the word equilibrium and now call it “the way it was.” We can also use 
that term for status quo and counteract can be changed to “pushing back.” 
So what is really being said here is, if we change something in any chemical 
environment it will push back hard to be the way it was. Now it is time to 
make things even easier. 


We are all chemical systems. 


We have already mentioned cola in a can and advised against giving it to 
anybody, your child or yourself, because of the acidity of the liquid in the soda. 
But there is an even more compelling reason—the sugar. There are 39 grams 
of sugar, about ten teaspoons of sugar, in one can of soda. Would you feed 
your child that much dry sugar? 


“Come on,” you might think to yourself, “No way. It does not taste that 
sweet.” It is true. The manufacturers of sodas use a lot of phosphoric acid 
to disguise the sickly sweetness of the drink. If you still doubt this, take an 
ordinary penny, or an egg and put it in a glass full of cola overnight. Within a 
few days, you will find all tarnish removed and instead a bright, shiny penny; the 
eggshell will be soft and pliable, all its protein dissolved. 


Visualize what happens when you allow your small child a glass of cola (or 
any soda drink). Your little kid becomes supercharged, bouncing off the wall, 
and for some time you cannot get the child to sit still. In other words, your 
child has become hyperglycemic. Too much sugar, of any sort, whether it 
be corn fructose, beet or cane sugar, the results are the same according to 
Chatelier’s principle. Remember, we are all chemical systems and by adding 
all of the sugar to a small child’s body, all of the cells in that body will push 
back to return to the way they were before the additional sugar. The most 
efficient way to return to this state is to increase physical activity, causing cells 
to consume all of the additional added sugar. 


Run, baby, run! 


Another way, of course, is to rely on the body to use its own chemicals to 
burn off the sugar. This is predominantly the job of the hormone insulin. If 
an adult drinks a lot of soda each day (or even has one gin and tonic, which 
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has about half as much sugar as a soda) and does not increase physical activity, 
diabetes eventually sets in as the body become insulin exhausted, unable to 
produce more. Then the risk of blindness in old age, amputations, and other 
terrible consequences may become a reality. 


The process of cells using the nutrients we consume is called cellular 
metabolism. Overloading cells with nutrients that we do not need such as 
excessive raw sugars (or even food that is easily converted by the body into 
glucose) and fats, results in obesity; your brain will become sluggish. Now, add 
extra oxygen and your body will certainly consume it. This is called oxidative 
metabolism. The added oxygen will push all cells into overdrive; repair cells 
use the added oxygen to work harder in an effort to restore their state prior 
to entering the hyperbaric chamber. Repair cells help get rid of the toxins, 
acids and, excess/unneeded sugars. 


After people have been in a hyperbaric chamber, healthy adults comment 
on the fact that their brain is working more efficiently. Memory becomes 
vivid and problems are easier to solve. This state is commonly known as the 
“cappuccino” effect or “brain brightening.” 


As for small children with autism, almost all of them have a neuronal oxygen 
transport problem. So the additional feast of oxygen actually makes the good 
cells, the repair cells, work harder for just a little while after the treatment. 
This increase in oxidative metabolism dissipates after a couple of hours, but 
that little bit of improvement lasts: brain cells wire up into complex circuits, 
blood vessels within the brain become robust, and stem cells are produced. 
(More on that shortly.) 


This is why all oxygen treatments need to take place over consecutive days. 
There is no point in attending one hyperbaric treatment and then not following 
it up for another week. Sort of like a seed sprouting from the earth. With 
each treatment, the positive changes begin to accumulate, and positive results 
are visible with the passing days. 


Can oxygen therapy alone cure autism? 


The short answer is no; it cannot. | make this statement based on the 
treatment of scores of challenged children that have come to my centers 
across America, and in other parts of the world. Something more is needed— 


an interdisciplinary approach. 
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How many treatments in the chamber does a challenged 
child need to be part of that recovery program? 


As noted earlier, we treated our first challenged child, Emily, in one of my 
centers in the United States. Just one treatment per day at 2 ATA, the 
pediatrician’s decision, made a vast difference to little Emily. Then along came 
a physician, Dr. Paul Harch, a very bright health scientist. He came to the 
conclusion 15 years ago that two 60-minute treatments each day at 1.75 ATA 
for 20 days could cure children with autism. He was so sure of himself that 
he even took out a patent on that protocol. 


| was nonplussed and puzzled. | did not think that you could patent a natural 
phenomenon such as the effects of hyperbaric oxygen therapy or gravity. Of 
interest is the fact that the Supreme Court came to the same conclusion in 
2012 with what is now known as the “Prometheus” ruling. In essence, the 
courts had taken all of the enforceable teeth out of Dr. Harch’s protocol. This 
is not to say that there isn’t some merit in the treatment pressure, nor is it 
to imply that Dr. Harch was ignorant of the science of hyperbaric rights in the 
therapy. So my centers took notice of the fact that he is a physician, and for a 
little while at least, we did use the Harch protocol on children. 


While our little patients saw useful and positive results, there was never a 
normal recovery by any of the children in that 20-day double ride. This left a 
lot of the parents disappointed, some angry at what they felt were false claims 
about hyperbaric oxygen therapy, and rightfully so. 


It is significant to note that Dr. Harch, and other clinicians, no longer use 
the two treatments a day protocol for challenged children, and he no longer 
claims that recovery is possible in just 20 days. 


Now, onto our wonderful Jennifer; the ballet dancer and champion ice-skater. 
Her mom, Vickie, a bright spirit and highly intelligent woman (actually that 
describes the whole family), independently arrived at the conclusion that diet 
was a most important part of the normalization program. All together, over 
a 12-year period, Jennifer had 135 rides in the hyperbaric chamber. She ice 
skated at 2am (when the rink was clear), and focused on diet. In a nutshell, 
while the extra oxygen was feeding one side of cellular metabolism in spurts 
of 20 treatments at a time, Jennifer’s cells were getting the correct diet of 
nutrients on the other. All of Jen’s cells were giving off the right amount of 


heat and energy, particularly her repair cells. 
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Bernie and Kerri proved scientifically that the addition of proper nutrients, 
combined with the removal of deleterious/toxic foods is probably more 
important than hyperbaric oxygen therapy for children and young adults on 
the spectrum. Yes, the oxygen boost helps propel the patient to “normal,” but 
the other nutritional changes are really the rocket fuel. It is a long journey, not 
all that expensive, and certainly worthwhile. 


When a hyperbaric chamber 
is not a hyperbaric chamber. 


One final comment about treating neuronal disorders at 1.75 ATA pressure 
is of utmost importance; this is that 100% oxygen is essential to the protocol. 
Since Dr. Harch arrived at this treatment depth, there have been thousands 
of inflatable chambers, so-called mild hyperbaric chambers, sold in the United 
States and around the world. These are not the same as hospital grade, hard- 
sided chambers. These bag-chambers do not deliver the needed 100% oxygen. 
In my opinion, at the very best, if you modify them (against FDA rules) you will 
only get 34% oxygen. 


What have we learned thus far? Time for a review and then THE BIG SECRET 
REVEALED! 


* Oxygen cannot be seen, but we can weigh it. 
* Our bodies “eat” oxygen every day because it is a food for our cells. 
° The only way we can get additional oxygen is in a hyperbaric chamber. 


* This is because any gas becomes soluble and melts into a fluid (i.e. 
Henry’s law); the same reason we can carbonate soda drinks. 


¢ Ina single treatment in a hyperbaric-oxygen-therapy chamber, we 
cannot overdose (and | have never witnessed any negative side 
effects). 


e With the extra oxygen feeding the cells, our bodies get a boost of 
energy, particularly the repair cells. 


* For oxygen in the chamber to be effective, it must be 100% oxygen. 
Inflatable chambers do not deliver 100% oxygen. 


¢ Hyperbaric oxygen therapy alone will not cure autism, but it does 
make a big difference. 


[? 


¢ There is no such thing as a “one-size fits all” treatment protocol in 
a hyperbaric chamber that works for all patients. For example, twice 
a day in the chamber for 20 days will make some difference but not 
necessarily “normalize” a challenged child. 





Healing gall- -bladder and gall-duct. - apply for 5 minutes 
Pic. 337 XEN angels-heaven.org cosmic-people.com himmels-engel.de 


Step 6 - Hyperbarics 289 


Did you miss the big secret? 

It was already mentioned about one page back—the discoveries of Bernie and 
Kerri. Let us repeat the secret for you and then push the edges of their really 
stunning discovery that is backed up by the latest science. 


Bernie and Kerri proved scientifically that the addition of the proper nutrients, 
in the absence of offending foods, in addition to eliminating pathogens and 
parasites, are most likely more important than hyperbaric oxygen therapy for 
children and young adults. Yes, the oxygen boost helps propel the patient to 
“normal” but the other dietary interventions are really the rocket fuel. Not 
to mention freeing the body of offending pathogens/parasites which wreak 
havoc on the body. It is a long journey, not all that expensive and, certainly 
worthwhile. 


Nutritional “padding.” Hyperbaric oxygen therapy and the 
production of progenitor and stem cells. 


When a baby is growing inside its mother, it has progenitor cells and stem 
cells. The function of these cells is considered to be, as yet, undecided. 
Although studies continue to elucidate exactly which mechanisms are 
involved in determining the fate of these cells, it is generally accepted that 
their surrounding cells will dictate their development. For example, the big 
arteries that crisscross the chest area make a decision sooner or later to turn 
into a heart with all of its compartments. Then, as development moves on 
different parts of the baby appear. These are called progenitor or stem cells. 


There are various estimates on how many different types of cells the developed 
human has in total; however, it is predicted there are somewhere between 210 
and 300. Mind you, when the baby takes its first breath of air, all but about 
four of these different cell groups stop reproducing. For example, the brain, 
with all of its neuronal pruning and circuitry needs about 20 year’s worth of 
stimulation to properly wire all of the connections. Surprisingly, a lot of the 
neurons will be shed or “pruned” since they will not be put to use in the adult. 
However, neuroplasticity allows new skills to be added or repairs to be made 
to and by the brain in a lifetime. 


However, medical scientists have now realized the great need for progenitor 
or stem cells (cells that can make decisions to replace worn or damaged cells 
within the body), and the search is on for these decision-making cells. Many 
scientists are looking for something they can patent and as a result are missing 
the point that it is already here. Or they are ignoring it, because but they 
cannot patent it. 
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It is called hyperbaric oxygen therapy. 


Penn Study Finds Hyperbaric Oxygen Treatments Mobilize Stem Cells 


Science Daily — According to a study to be published in the 
American Journal of Physiology-Heart and Circulation Physiology, a 
typical course of hyperbaric oxygen treatments increases by eight- 
fold the number of stem cells circulating in a patient’s body. Stem 
cells, also called progenitor cells are crucial to injury repair. The study 
currently appears online and is scheduled for publication in the April 
2006, edition of the American Journal. 


Stem cells exist in the bone marrow of human beings and animals and 
are capable of changing their nature to become part of many different 
organs and tissues. In response to injury, these cells move from the 
bone marrow to the injured sites, where they differentiate into cells 
that assist in the healing process. The movement, or mobilization, 
of stem cells can be triggered by a variety of stimuli including 
pharmaceutical agents and hyperbaric oxygen treatments. Where as 
drugs are associated with a host of side effects, hyperbaric oxygen 
treatments carry a significantly lower risk of such effects. 


“This is the safest way clinically to increase stem cell circulation, far 
safer than any of the pharmaceutical options,’ said Stephen Thom, 
MD, PhD, professor of emergency medicine at the University of 
Pennsylvania School of Medicine and lead author of the study.“ This 
study provides information on the fundamental mechanisms for 
hyperbaric oxygen and offers a new theoretical therapeutic option 
for mobilizing stem cells.” 


“We reproduced the observations from humans in animals in order 
to identify the mechanism for the hyperbaric oxygen effect,’ added 
Thom. “We found that hyperbaric oxygen mobilizes stem/progenitor 
cells because it increases synthesis of a molecule called nitric oxide in 
the bone marrow. This synthesis is thought to trigger enzymes that 


99] 


mediate stem/progenitor cell release. 


Nutritional padding: It has long been known that when hyperbaric oxygen 
therapy is applied, existing cells, the good ones, the repair cells, turn the body 
into its own pharmaceutical company, providing the right sort of chemicals 
at the right time. Above all, there is a dramatic increase in the production of 
the molecule called nitric oxide from the bone marrow. Probably the best 
way of describing the addition of hyperbaric oxygen therapy, as an adjunct 
to the correct nutritionals, is simply by putting fuel onto an already existing 
smoldering fire. Out of the glow of embers and smoke you will see a vigorous 
combustion as your fireplace heats up and the flames appear. 
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Now imagine other ingredients that have yet to be discovered as beneficial. 
For example, stem cells that repair the damaged brain of a person with autism. 
It could be that adding external stem cells to the recipe of recovery and 
normalization, with simple nutritional low-cost padding, and putting the little 
patient in the chamber would be a faster way of achieving what all parents 
want for their children—to eventually become fully functional and independent 
adults. 


All of this by just a little bit of nutritional padding and helping the body to rid 
itself of pathogens/parasites. 


Now, it is time to turn back to Kerri so she can tell you what she has seen 
when hyperbaric oxygen therapy is added to the correct nutritional padding, 
along with chlorine dioxide to keep pathogens under control. That is the big 
secret to helping your child through the challenges that living in this century 
have visited upon you. 


We 
ey 7 y 


As Bob mentioned, | have seen miracles happen when hyperbaric oxygen 
therapy was applied to a child who is ready. Two girls, in particular, lost their 
diagnosis completely within weeks of completing treatment in the chamber. 
As | mentioned before, hyperbaric oxygen therapy gave my own son his speech 
back. Before his first 40 dives he had several single-syllable sounds, but after, 
he began stringing words together to request his favorite foods. 


Today we are seeing that one dive a day at 1.75 ATA (atmospheres absolute) 
for 90 minutes at depth is better than two 60-minute sessions were first 
prescribed for Patrick seven years ago. Every three months after the first 
treatment of 20 sessions, apply ten sessions of 90 minutes, each at 1.75 ATA, 
until your child is recovered. 


A lot of parents ask when is a good time to do hyperbarics. To this | reply that 
we must first have diet and chlorine dioxide totally under control, and be at 
least three months into the Parasite Protocol. At that point it’s time to start 
looking for a chamber. 


Make sure to do an ATEC before your child’s hyperbaric oxygen therapy 
sessions, and repeat two months after the sessions are over; the results will 
be obvious. 


Healing 


symptoms known as 


Autism 





This is my Asperger son Tobias, 10 years old, and 
me... when we received the book this summer. 
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Step 7 - GcMAF & Autism: 


State of the Art & Future 
Perspectives for a Natural Cure 


by Marco Ruggiero, MD, PhD. 
Specialist in Diagnostic Radiology 
Full professor of Molecular Biology 
Dept. of Experimental & Clinical Biomedical Sciences 
University of Firenze, Italy 


“The voyage of discovery is not in seeking 
new landscapes but in having new eyes.” 
~ Marcel Proust 


y family and | have been in biomed for so long, that there aren’t too many 

interventions we haven’t already tried. A few years back, Dr. Usman 
mentioned to me that GcMAF might be something good for Patrick. She 
explained that GcMAF is a human protein that occurs naturally in a healthy 
body. It is a special supplement that replaces the missing part of the immune 
system, and also acts as the body’s 
own internal medicine. 


Based on her recommendation, we 
ordered a vial, and applied it for 
about two and a half months. | saw 
less obsessive compulsive eating, but 
when the vial ended and | hadn’t seen 
amazing results, | wasn’t extremely 
motivated to continue. Not only 
that, funds were scarce, so continuing 
really wasn’t an option. 





Two years went by and | spoke to Dr. Usman again. She said we really should 
give it four to five months before making a final decision. So, we scraped 
together the money for a second order. We started again in November of 
2012, and reached full dose by December, 26th 2012. Seemingly, as time went 
on, Patrick started to do new things. 
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By springtime of 2013, Patrick’s BFF’s mom was saying how well he was doing, 
and reminded me that during the prior month Patrick had not been doing the 
things that he was now doing. As | write this in October of 2013, all of my 
money now goes to GcMAF. © 


One of the things that | feel makes GcMAF so exciting is the fact that it helps 
regrow dendrites in a matter of hours after it is injected. The dendrites are 
the very things that got fried when mercury entered our children’s bodies. 
With the help of GCMAF, we are now able to restore what was lost. Not to 
mention, GCMAF boosts the immune system, which we have come to find is 
often sorely lacking in people with ASD’s. 


Many people have asked me if GcMAF is now an official part of the protocol. 
When working towards recovery, | feel that we need to try everything at our 
disposal that has been proven to heal autism—in the correct order, or course. 
GcMAF fits that description. According to www.gcmaf.eu, “As of February 
2013, on the American National Library of Medicine alone, 142 eminent 
scientists from 8 nations have published 59 major GcMAF research papers, 
which can be viewed on the US Government’s Pubmed system.” There is now 
enough research to prove that GcMAF has secured its place as a powerful 
biomedical intervention for healing autism. Therefore, after three months 
on the Kalcker Parasite Protocol, it is time to start thinking about adding in 
supplements, HBOT and GcMAF. 


We are blessed to have the one and only Dr. Marco Ruggiero, the lead GCMAF 
researcher, write the remainder of this chapter about this substance, it’s 
benefits and applications in autism and beyond. 


The information he presents is extremely important because | feel that GCMAF 
is the future of medicine—today. What other intervention boasts a cancer 
recovery rate of 80%? None! Dr. Bradstreet is reporting 85% responders and 
15% recovery rate from autism with GcMAF! 


Imagine adding GcMAF to the protocol already outlined in this book at the 
right moment (after working down some of the pathogen load), we should 
start seeing even higher rates of recovery than 15%. | look forward to seeing 
what transpires during the upcoming year as more families add GcMAF to 
their children’s protocols. | am excited for more and more people to lose 
their autism diagnoses. 
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For the past 20 years, Dr. Marco 
Ruggiero has worked on the vitamin D 
axis, a metabolic pathway that includes 
the vitamin D binding protein-derived 
macrophage activating factor or GCMAF. 
the past 3 years he has published studies 
on the immunotherapeutic effects of 
GcMAF in cancer, HIV/AIDS, chronic 
fatigue syndrome and _ neurological 
conditions. 


Marco Ruggiero holds a PhD in Molecular 
Biology, is a certified Medical Doctor specializing in Clinical Radiology and 
is a professor of Molecular Biology at the Department of Experimental and 
Clinical Biomedical Sciences of the University of Firenze, Italy. 















He served in the Army as Medical Lieutenant with specific training in 
chemical, biological and nuclear warfare. He worked at Burroughs Welcome 
Co. North Carolina, USA publishing a seminal paper with Nobel Laureate 
Sir John Vane and, subsequently, at the National Cancer Institute of the NIH 
in Bethesda, working with Dr. Stuart A. Aaronson and Dr. Peter Duesberg. 


Since 1992, he holds the chair of Molecular Biology at the University of 
Firenze where he leads a research group of about 10 researchers. He 
has published more than 150 peer-reviewed scientific papers on signal 
transduction in a variety of experimental and spontaneous pathologic system 
related with cancer, chronic kidney disease, chronic fatigue syndrome and 
neurological conditions. 


he role of nutrition in the treatment and eradication of the symptoms of 

autism is well established and other chapters of this book treat this topic 
in detail. What is far less known is the fact that certain natural components 
of the diet, certain nutrients, have profound effects on all the systems that are 
affected in autism and in particular on the brain and the immune system. Their 
effects are so dramatic that for about 20 years, these natural components have 
been labelled as “drugs” even though they are essential parts of our bodies, 
just like hormones or neurotransmitters. | am referring here to the family of 
molecules that is known as GcMAF, an acronym that stands for Gc-protein- 
derived Macrophage Activating Factor. 


GcMAF has been the object of intense research in the past 20 years for 
its therapeutic role in cancer, autoimmune diseases, and HIV infection (for 
review, see: Anticancer Res. 2012 Jan;32(1):45-52). But, only one year ago, in 
2012, its dramatic effects on the eradication of the symptoms of autism were 
published in a prestigious peer-reviewed scientific journal (Autism Insights 
2012:4 31-38). 


In this chapter | shall provide an overview on GcMAF with particular reference 
to its therapeutic role in autism and to the future perspectives deriving from 
the basic and applied research that is revolving around this fascinating molecule. 
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The first publication on GcMAF in a peer-reviewed journal indexed in 
the US National Library of Medicine is dated 1994 (J Immunol. 1994 May 
15;152(10):5100-7). In this article,a group of researchers from the Department 
of Biochemistry at the Temple University School of Medicine in Philadelphia, 
USA, described the effects of a protein, defined as GCMAE on rat macrophages. 
Macrophages are key elements of the immune response and the research 
group led by Dr. Nobuto Yamamoto, the first author of this paper, showed that 
GcMAF activated these cells. Given the central role of macrophages in the 
control of all immune responses, GCMAF was considered a powerful regulator 
of the immune system and the research on GcMAF initially was focused on 
its immune-stimulant properties. In fact, one year after the initial observation 
on rats, Dr. Yamamoto, who in the meantime had moved to the Laboratory 
of Cancer Immunology and Molecular Biology of the Albert Einstein Cancer 
Center in Philadelphia, authored a paper suggesting that a defect in endogenous 
GcMAF production contributed to immunodeficiency in AIDS patients (AIDS 
Res Hum Retroviruses. 1995 Nov;11(11):1373-8.). Consequently, he provided 
GcMAF to Medical Doctors treating HIV patients and, 14 years later, after 7 
years of follow-up, he published a seminal paper describing eradication of HIV 
infection through GcMAF administration (J Med Virol. 2009 Jan;81 (1):16-26). 


Immunodeficiency, however, is not unique to HIV/AIDS and, back in 1996, 
Yamamoto and colleagues, hypothesized that deficient endogenous GcMAF 
production was responsible for the relative immunodeficiency that is typically 
observed in cancer patients (Cancer Res. 1996 Jun 15;56(12):2827-31). Quite 
logically, this observation of 18 years ago, led to the proposal of administering 
GcMAF to cancer patients with the goal of empowering the immune system 
that in turn would fight the cancer growth. This approach is known as 
“immunotherapy” and it is much older than GcMAF since, in modern times, it 
stems from the observation of Dr. William Coley in 1891. However, it could 
be argued that the idea of stimulating the immune system to fight diseases 
is even older since, as it is stated in this recent article, “...cancer regresses 
when associated with acute infections such as bacterial, viral, fungal, protozoal, 
etc. Acute infections are known to cure chronic diseases since the time of 
Hippocrates...” (Indian J Cancer. 2011 Apr-Jun;48(2):246-5 1). 


Whatever the case, administration of GcMAF to patients with metastatic 
advanced cancer proved efficacious and there are now scores of papers 
published in the peer-reviewed literature describing the dramatic therapeutic 
effects of GcMAF in all types of experimental or spontaneous tumors. 
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Nowadays, the interest for GcMAF in the immunotherapy of cancer is so 
high that the prestigious scientific journal “Oncolmmunology” dedicated the 
cover of its August 2013 issue to GCMAF. The molecular rendering of GCMAF 
is on the left of the cover with a caption linking it to an article by Thyer and 
colleagues published in the same issue and describing successful treatment of 
advanced cancer patients (Figure 1). 
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Source: https://www.landesbioscience.com/journals/oncoimmunology/oncoimmunology_2-8.pdf 


Consecration of GcMAF in the Olympus of science, however, occurred a 
few days later, on September 14, 2013, when another article by Thyer and 
colleagues was published in “Nutrients”, an international, peer-reviewed open 
access advanced forum for studies related to human nutrition (Nutrients. 
2013 Jul 8;5(7):2577-89). In fact, this article describing the effects of GCMAF 
on human breast cancer cells, was ranked in the top 5% of all articles ever 
tracked by Altmetric. The Altmetric score is a general measure of the 
attention that an article, book or dataset has received online and reflects 
the quantity of attention received as well as the quality of that attention. By 
the time that the GcMAF was ranked in the top 5% of all scientific articles 
ever tracked, Altmetric had analyzed 1,510,524 articles across all scientific 
journals. Therefore, we may safely state that in this chapter we are describing 
one of the hottest topics in today’s world science (Figure 2). 
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Figure 2 


The interest for the therapeutic effects of GcMAF in a variety of conditions 
derives from the early observation by Yamamoto and colleagues in 1995, who 
showed elevated level of serum alpha-N-acetylgalactosaminidase (Nagalase) 
in the serum of AIDS patients. Nagalase is an enzyme that deglycosylates 
(degrades) the precursor of GcMAF that is the circulating Gc-protein, also 
known as vitamin D-binding protein (AIDS Res Hum Retroviruses. 1995 
Nov;11(11):1373-8). This results in the loss of GCMAF precursor activity and 
consequent dysfunction of the immune system. Increased Nagalase activity, 
however, is not observed uniquely in AIDS patients. For example it was 
demonstrated that the increase of Nagalase activity in the serum of cancer 
patients is due to the fact that cancer cells release Nagalase and, therefore, 
Nagalase activity reflects tumor burden, aggressiveness and progression of 
the disease. Consequently, determination of Nagalase activity is currently 
proposed as a reliable way of evaluation of cancer severity (Cancer Lett. 2009 
Oct 8;283(2):222-9). 


In short, in cancer, HIV/AIDS, and in many other chronic conditions, elevated 
serum Nagalase, degrades Gc-protein that is the precursor of GcMAF. 
Therefore, GcMAF is not produced inside the body to a sufficient extent and 
this leads to immunodeficiency. Serum Nagalase, however, does not degrade 
GcMAE and this justifies the administration of exogenous GcMAF in all those 
conditions where its endogenous production is insufficient due to elevated 


Nagalase activity. 
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Universe no one communicates like this because itis a very primitive way, 
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afew bodies of every being, for communication as a basic way, If you are just 
Informed about this fact, you can easily get nd of this controlling programme of Dark 
powers, just as if you plugged off an electnc device (you simply disconnect its wire). 
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Until 2002, it was thought that GcMAF exerted its effects only on macrophages 
and that its therapeutic efficacy was due to stimulation of macrophages that 
in turn would attack and destroy cancer cells as well as virus-infected cells. In 
2002, however, a novel effect of GCMAF was described. Kanda and colleagues, 
working at the Department of Molecular Microbiology and Immunology, 
Division of Endothelial Cell Biology, Nagasaki University Graduate School 
of Medicine, Nagasaki, Japan, published a paper, co-authored by Yamamoto, 
describing the inhibitory effects of GCMAF on angiogenesis (J Natl Cancer 
Inst. 2002 Sep 4;94(17):1311-9.). Angiogenesis is the process of building new 
blood vessels that provide the tumor mass with the required supply of blood 
and nutrients that it needs to grow and metastatize. Therefore, since 1971 it 
was postulated that inhibition of angiogenesis could be a successful strategy 
to deprive the growing tumor mass of its supply of blood and nutrients (N 
Engl J Med. 1971 Nov 18;285(21):1182-6). While there are scores of inhibitors 
of angiogenesis, some of which in use in the therapy of cancer, GCMAF offers 
the advantage of performing more than one anticancer effects; in fact, not only 
it inhibits tumor-induced angiogenesis (Cancer Immunol Immunother. 2011 
Apr;60(4):479-85), but it also stimulates macrophages that attack and destroy 
the cancer cells (Nutrients. 2013 Jul 8;5(7):2577-89). 


If these combined anticancer effects were not enough, in 2010 Gregory and 
colleagues, working at the Department of Ophthalmology and Visual Sciences 
of University of Kentucky in Lexington, Kentucky, USA, demonstrated that 
GcMAF directly inhibited proliferation and metastatic potential of human 
prostate cancer cells (PLoS One. 2010 Oct 18;5(10):e13428). Slightly more 
than one year later, we were able to demonstrate that GcMAF not only 
inhibited proliferation and metastatic potential of human breast cancer cells, 
but it also reverted their neoplastic phenotype; in other words, cancer cells 
treated with GcMAF became normal (Anticancer Res. 2012 Jan;32(1):45-52). 


On the basis of the peer-reviewed scientific literature quoted above, we can 
now state that GcMAF exerts multiple effects that are responsible for its 
efficacy in anticancer therapy: 


1. It stimulates macrophages that attack and destroy cancer cells, as 
originally postulated by Yamamoto and colleagues. 


2. It inhibits tumor-induced angiogenesis thus depriving the growing 
tumor mass of blood and nutrients. 
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3. It directly inhibits cancer cell proliferation and metastatic potential 
and it retro-transforms cancer cells into normal healthy cells. 


Given this plethora of effects on cancer, it is no wonder that the majority of 
GcMAF research has been focused on its anticancer properties. There are, 
however, a few research articles suggesting that GCMAF might exert also other 
biological actions with therapeutic implications. In addition to the studies on 
HIV and AIDS quoted above, GcMAF has received attention for its potential 
role in the therapy of bone disorders (Blood. 1996 Oct 15;88(8):2898-905), 
and autoimmune diseases such as Lupus Erythematosus (Clin Immunol 
Immunopathol. 1997 Mar;82(3):290-8). 


Despite these scanty evidences on the possible role of GcCMAF in conditions 
other than cancer and AIDS, it was not until 2012, however, that GCMAF 
proved dramatically effective in the therapy of autism. 


GcMAF & Autism 


GcMAF, being derived from Gc-protein, also known as vitamin D binding 
protein, belongs to the so called “vitamin D axis”, a nutritional metabolic 
pathway described in detail in a recent review (European Nephrology, 
2011;5(1):15-9). My research group had been working on the vitamin D 
axis since 1996 (Epidemiol Prev. 1996 Apr-Sep;20(2-3):140-1), that is since the 
beginning of GcCMAF research. Just like our colleagues in the USA and Japan, 
we were mainly interested in the role of the vitamin D axis in bone metabolism 
and cancer (Radiol Med. 1996 Nov;92(5):520-4. Oncol Res. 1998;10(1):43-6). 
Therefore, it came as a surprise when Dr. Nobuto Yamamoto first mentioned 
to me the effects of GCMAF on neurodegenerative diseases such as Parkinson’s 
and Alzheimer’s diseases. 


In the hot summer of 2010 we visited Dr. Yamamoto in his hometown of 
Philadelphia, and we had the honor and the pleasure to spend two very intense 
days with this old-style exquisite gentleman. Dr.Yamamoto gave us a detailed 
history not only of his decade-long research activity, but also of the entire 
field of immunotherapy, starting with the pioneering work of Dr. William 
Coley at the end of the nineteen century. During these intense and fruitful 
talks, Dr. Yamamoto mentioned the dramatic effects that he had personally 
observed by administering GcMAF to a patient suffering from Parkinson’s 
disease. According to Dr. Yamamoto, the effects had been almost immediate 
and dramatic up to the point that he himself was amazed. Regrettably, he 
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had been unable to clinically document the case and, therefore, this remained 
an anecdote. From this anecdote, however, an entire new field of GCMAF 
research was about to rise; that is the study on the role and implications of 
GcMAF in treating neurologic and neurodegenerative disorders. 


The first solid evidences for a role of GcMAF in treating a neurodegenerative 
disorder were simultaneously presented by Dr. Paul Cheney and Prof. Kenny 
de Meirleir at the meeting of the International Association for Chronic 
Fatigue Syndrome and Myalgic Encephalomyelitis (CFS/ME) held in Ottawa 
in September 2011. A few days later, in collaboration with Dr. Paul Cheney, 
we presented in Padova, Italy, a study demonstrating that food-based GcMAF 
dramatically improved the symptoms of CFS/ME, and this work was published 
in the official journal of the Italian Society of Anatomy and Histology, one of 
the oldest and most respected European scientific societies, founded at the 
beginning of the twentieth century (It. J.Anat. Embryol.Vol. 116, No 1, 2011). 


CFS/ME is a complex disorder that shares many features of autism. In fact, it 
is characterized by immune system dysfunction, widespread inflammation, and 
multi-systemic neuropathology (J Intern Med. 2011 Oct;270(4):327-38. In Vivo. 
2013 Mar-Apr;27(2):177-87). Dysfunction of the immune system involves 
abnormal functions and distributions of T lymphocytes, B lymphocytes, natural 
killer cells,and monocyte/macrophages (Nihon Rinsho. 1992 Nov;50(11):2625- 
9. Brain Behav Immun. 2012 Jan;26(1):24-31). The etiology of CFS/ME, just 
like the etiology of autism, is still unknown and multiple factors are thought 
to be responsible for its onset and progression, thus lending credit to the 
hypothesis that both etiology and pathogenesis are multifactorial (J Intern 
Med. 2011 Oct;270(4):327-38). Heavy metal exposure and viral infections are 
among the factors that contribute to CFS/ME etiology and pathogenesis, and 
a role for human endogenous retroviruses has been recently hypothesized (In 
Vivo. 2013 Mar-Apr;27(2):177-87). Both chronic heavy metal exposure and 
viral infections are considered responsible for the immune system dysfunction 
and neuropathology that are typical of CFS/ME (Med Hypotheses. 2012 
Sep;79(3):403-7. In Vivo. 2013 Mar-Apr;27(2):177-87). 


In addition to these areas of overlapping, it had been noticed by Doctors 
treating autism and/or CFS/ME, that in several families the two conditions 
are often associated with parents of autistic children suffering from CFS/ME. 
Interestingly, this happens also in families with adopted children with autism, 
thus lending credit to the hypothesis that environmental or infectious factors 
may contribute to both conditions. 
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Whatever the case, it had been observed that CFS/ME patients had elevated 
levels of serum Nagalase together with a number of immunological alterations, 
and it was hypothesized that they could benefit from GcMAF treatment. The 
results presented in Ottawa and in Padova confirmed this assumption and 


ever since immunotherapy with GcMAF is a stronghold of CFS/ME treatment. 


At about the same time, Dr. Bradstreet, a leading authority in the field of 
autism, began to study the levels of Nagalase in autistic children and their 
responses to GcMAF treatment. The results obtained in a first cohort of 40 
subjects were reported in a seminal paper published in 2012 (Autism Insights 
2012:4 31-38). This paper represents a turning point in the understanding of 


autism pathogenesis and treatment. 


The first significant finding is the observation that the average level of 
Nagalase in autistic subjects was more than two folds higher than the normal 
level, thus lending credit to the hypothesis that immunodeficiency or immune 
system dysfunction is a hallmark of autism. The second finding, probably the 
most important in recent years, is the observation that GcMAF treatment 
significantly improved the symptoms of autism and this improvement was 


associated with a decrease of Nagalase levels. 


The therapeutic response to GcMAF was statistically significant and showed 
the typical bell-shaped curve that is expected when a biologically effective 
treatment is at work. About 15% of subject did not respond; this means that 
their symptoms were not ameliorated by GcMAF treatment. However, more 
than 15% of children responded so dramatically that all the symptoms of autism 
were eradicated in a matter of weeks up to the point that the children could 
no longer be defined as “autistic.” According to the very word of the authors, 
in the children in this group, “This response was demonstrated at school, 
during therapies, home and outside the home as substantial improvement to 


the point that many or most of the criteria of autism were no longer present.” 


The remaining 70% of children were distributed according to the so- 


called Gaussian distribution in the groups showing “slight,” “moderate,” or 


“considerable” improvement. 


This paper demonstrated for the first time that GCMAF treatment was able to 


eradicate the symptoms of autism in a matter of weeks, thus reinforcing the 
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idea brought forward in many chapters of this book that autism is a curable 


condition indeed. 


Quite obviously, the dramatic results obtained by Dr. Bradstreet did not go 
unnoticed and, in April 2013, he presented further results at the First GCMAF 
Immunology Conference held in Frankfurt, Germany. According to Dr. 
Bradstreet, as the time of follow-up and the number of subjects increased, a 
shift toward the right (that is the “best”) part of the curve could be observed. 
This means that the percentage of those showing “considerable” to “very 
considerable” improvement increased. 


From the point of view of the general practitioner, the issue could be 
considered closed: GcMAF cures a significant percentage of autistic children 
now and that figure is rising. 


However, since | am a researcher in addition of being a Medical Doctor, 
the successes of Dr. Bradstreet in treating autism and the research papers 
published by Immuno Biotech laboratories are in the middle of an exciting 
series of observations that are leading to a completely new understanding of 
how GcMAF works and what autism truly is. 


In fact, the undisputable efficacy of GcMAF in treating autism raises a number 
of questions on the mechanisms involved at the cellular and molecular levels. 
The most important questions are: 


1. The efficacy of GcMAF in curing autism is due only to its immune- 
stimulating effect? 


2. Or,is GcMAF acting directly also on neurons as it does on cancer 
cells? 


3. Does GcMAF revert the neuro-anatomical alterations that are 
typical of the autistic brain? 


4. Why a certain number of autistic subjects do not respond to 
GcMAF? 


5. Can we devise strategies to have these non-responders respond? 


6. Can we devise strategies to further improve this already dramatic 
therapeutic effect? 
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The Effects of GCMAF on Human Neurons 


GcMAF is a protein and, as such, it was thought that it would stimulate cells 
from the outside. In other words, until 2013, it was conjectured that, on their 
external surface, cells had a receptor that bound GcMAF and conveyed the 
signal to the inside of the cell and, ultimately, to the nucleus and the DNA, 
thereby modifying the cell behavior. However, despite 20 years of research, 
such a receptor for GcMAF had not been identified. And this might appear 
truly odd considering that the entire human genome had been sequenced, that 
is studied in every single detail, more than 10 years ago. 


In our first publication with Dr.Yamamoto, presented at the XVIII International 
AIDS Conference in Vienna in 2010, we had demonstrated that the response 
to GcMAF in human mononuclear cells (that is macrophages) was dependent 
on polymorphisms (that are the individual variations among humans) of 
the vitamin D receptor (VDR) gene. This observation was not surprising 
considering that vitamin D, its receptor, and GcMAF all belong to the vitamin 
D axis. 


In order to further investigate this relationship between GcMAF and the VDR 
we began studying the molecular assembly of GcMAF that is the “shape” that 
the molecule assumes in its physiological conformation. Having done this, we 
looked for complementary areas in the GcMAF and VDR molecules and... 
voila! The two molecules complemented each other as two elements of a 
puzzle. 


We published this observation in the “Nutrients” paper that is now in the top 
5% of all articles ever tracked, and the picture of the two molecules interacting 
with each other is in the front cover of the Oncolmmunology August 2013 
issue. The molecular mechanisms through which GcMAF and VDR interact 
and the consequent complex web of intracellular signaling are topics for 
specialists and rather difficult to divulge; the basic point, however, is that we 
had demonstrated how is it possible that GCMAF exerted so many different 
effects that can be exploited to treat a number of diseases so different from 
each other. 


From this observation we deducted that all cells having the VDR would have 
responded to GcMAF and, given our interest for the effects of GcMAF in 
neurological conditions such as autism and CFS/ME, we began our study on 
human neurons. In fact, human neurons express (i.e. “have”) the VDR and 
therefore, they are candidate to be stimulated by GCMAF. 
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We cultured human neurons in Petri dishes and we challenged them with 
ultra-pure GcMAF; in this type of experiments there were no other variables. 
That is, there were only neurons and GcMAF; the cells of the immune system 
or other molecules were not involved. By doing so, we would have been 
certain that whatever effect we observed, this was due uniquely to GcMAF. 


As | have shown at the congress “Curando el Autismo” in San Juan de Puerto 
Rico in August 2013, GcMAF at extremely low concentration significantly 
increased neuronal cell viability and metabolic activity. These effects on cell 
viability were associated with dose-dependent intracellular cAMP production 
(cAMP is an intracellular second messenger). This means that GCMAF increased 
the production of energy inside human neurons and made them more active, 
more viable. Increased viability and metabolic activity following GcMAF 
stimulation as well as cAMP formation were accompanied by morphological 
changes, meaning that stimulated neurons changed their shape. 


In the absence of GcMAF human neuronal cells under the microscope 
appeared as small, relatively undifferentiated cells with large nuclei. After 24h 
stimulation with GcMAF, neurons showed a significant change in morphology 
that was consistent with the induction of neuronal differentiation and increased 
connectivity. The cytoplasm was enlarged and cytoplasmic elongations could 
be observed. After 72h incubation with GcMAF, these morphological changes 
were more evident and well differentiated cells could be observed. 


After incubation with GcMAE the cells appeared to establish contacts with each 
other. Taken together these results indicated that GcMAF increased neuronal 
cell viability, metabolic activity and differentiation, with the first effects being 
observed at 24h. It is worth noticing that the assay that we used to determine 
cell viability, measured mitochondrial activity, and mitochondrial dysfunction 
is known to be hallmark of ME/CFS (Int J Clin Exp Med. 2012;5(3):208-20), 
and possibly of autism as well. Therefore, the effects of GcMAF that we 
observed explain the reason why GcMAF is so effective in CFS/ME and autism; 
it counteracts the molecular alterations that are the pathogenetic basis of 
both conditions. 


| wish to spend a few words here on the effects of GcMAF on neuronal 
connectivity. It is well assessed that this is one of the basic alterations in the 
brain of autistic subjects; neurons do not establish contacts with each other 
and therefore the neurological signal cannot be transmitted from one area 
of the brain to another thus causing a “disconnection” (Rev Neurol. 2012 
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Feb 29;54 Suppl 1:S31-9). GcMAF re-establishes neuronal connectivity by 
stimulating the formation of what are called “cytoplasmic elongations” that 


are like small “arms” that protrude from the neurons and establish contact 
with each other as if neurons were tending arms to “touch” each other and 


exchange information. 


In Figure 3A, human un-stimulated human neurons in culture can be observed; 
they are small and roundish. After stimulation with GcMAF (Figure 3B), they 
are much larger because increased energy production leads to increased 
protein synthesis in their cytoplasm. But, perhaps more important, they have 
a highly irregular, elongated, triangular, shape with spikes that touch each other. 
The areas of contact between the two neurons can be clearly observed in the 
central part where they establish connecting bridges. Please notice that both 
pictures were taken with the same magnification. 


Figure 3 





These observations provide an answer to the first two questions raised by 
the article published by Dr. Bradstreet: the therapeutic effects of GcMAF in 
autism can be ascribed to at least two different actions of GGMAF On one 
side, it rebalances the immune system that is typically dysfunctional in autistic 
subjects; on the other side, it directly stimulates human neurons increasing 
their metabolic activity and their connectivity. But, as it always happens in 
research, these “answers” led to other “questions”: does GcMAF cross the 
blood brain barrier? That is, does it arrive to the neurons of the central 
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nervous system? Before challenging this question further, however, let’s 
proceed with order and let’s try to provide an answer to the other questions 
that were raised by the Bradstreet’s paper. 


GcMAF and the Neuro-Anatomical 
Alterations of the Autistic Brain 


If the etiology of autism is still undefined, the pathogenesis and the brain 
alterations associated with autism are better understood. Several studies 
using sophisticated imaging techniques demonstrated that there is atypical 
structural brain connectivity within cortical white and grey matter and it is 
postulated that such an alteration of brain connectivity may represent one of 
the principal neural substrates underlying autistic symptoms (PLoS One. 2013 
Jun 18;8(6):e67329. Proc Natl Acad Sci U SA. 2013 Jul 22.). 


The observed atypical brain connectivity is localized to particular areas of the 
brain and the alterations in the fronto-temporal regions are associated with 
the severity of social and repetitive symptoms of autism (Proc Natl Acad Sci U 
SA. 2013 Jul 22.). Atypical brain connectivity in autism is also associated with 
reduction of grey matter volume in different areas of the brain (Cerebellum. 
2013 Apr 10.). In the bilateral superior temporal gyrus significantly decreased 
functional connectivity was accompanied by the strongest trend of grey matter 
volume decrease (PLoS One. 2013 Jun 18;8(6):e67329), thus reinforcing 
the hypothesis that study of grey matter volume may provide indication of 
functional connectivity. 


However, the studies on brain connectivity and grey matter reduction quoted 
above were conducted with sophisticated Magnetic Resonance Imaging (MRI) 
equipments using complex softwares. Because of their cost and complexity, 
these techniques are not suitable for routine examination and this appears 
to be in contrast with the need to provide the general practitioners with the 
instruments to study autism. In fact, given the current epidemiological trend, 
it is highly probable that even primary care providers will see with increased 
frequency a patient with autism spectrum disorder in their clinic (Curr 
Probl Pediatr Adolesc Health Care. 2013 Jan;43(1):2-11). This consideration 
prompted us for the search of accessible methods to study brain alterations 
in autism and to study the response to different treatment including GCMAF. 


To this end, we developed an easily accessible method to study the brain 
cortex using transcranial ultrasonography. This technique was first applied 
to the diagnosis and treatment CFS/ME a syndrome that, as we know, share 
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neuropathological similarities with autism (Toxicology. 2008 May 2;247(1):61- 
72). In particular, we proposed to use ultrasounds to study the grey matter 
in the temporal lobe, and to evaluate signs of neuronal layer disorganization 
and brain inflammation (Med Hypotheses. 2012 Sep;79(3):403-7). It is worth 
noticing that these same neurological alterations, i.e. minicolumn structural 
changes and inflammation are frequently observed in autism (Front Immunol. 
2013 Jun 10;4:140. doi: 10.3389/fimmu.201 3.00140. Print 2013). Therefore, we 
hypothesize that ultrasounds could be used in autism in order to study the 
brain alterations that have been described using more sophisticated and less 
accessible techniques. 


First of all, we assessed the safety of the technique; to this end we used sub- 
thermal ultrasounds. These are considered inherently safe and have been 
used for fetal imaging in utero, and virtually every part of the body, including 
brains of newborn babies through fontanelles. Their inherent safety and any 
lack of correlation with the onset of autism have been confirmed by meta- 
analysis of thousands of cases. A recent randomized controlled trial on over 
1.400 cases demonstrated beyond any reasonable doubt that there is no link 
between the prenatal ultrasound scans and the autism phenotype (J Autism 
Dev Disord. 2012 Dec;42(12):2693-701). 


Then, in a collaborative work with Dr. Bradstreet, we decided to focus our 
attention on the temporal cortex in order to compare our results with 
those already published by Hameroff and colleagues and by ourselves using 
this technique (Med Hypotheses. 2012 Sep;79(3):403-7. Brain Stimul. 2013 
May;6(3):409-15). In addition, having to choose a particular area of the brain 
for this initial study, the temporal lobe was particularly interesting because 
of its accessibility to ultrasounds and its involvement in the pathogenesis of 
autism (PLoS One. 2013 Jun 18;8(6):e67329. Print 2013). 


In the typical adults subject, meninges appeared as a well-organized array 
of layers of about 2.6 mm thickness. The meninges were separated from 
the cortex by a structure that shows echogenic and morphological feature 
consistent with the sub-arachnoid space. The cortex of the temporal lobe 
appeared as a well-organized array of alternate, hyper-echogenic/hypo- 
echogenic, layers. The thickness of the cortex was 5.0 mm. This value of 
thickness and the anatomical positioning of the probe led us to hypothesize 
that we were observing the temporal areas designated by von Economo as TG 
and TE, i.e. those areas involved in the control of eye movements and balance 
in standing position (area TE), social behavior, mood and decision making 
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(area TG) (von Economo C. Temporal lobe. In: Triarhou LC, editor. Cellular 
structure of the human cerebral cortex. Basel; 2009. p. 114-132). It is worth 
noticing that the layers within the column-like structure of the healthy subject 
appeared well-organized and parallel to each other. 


However, the images obtained in a representative autistic subject showed that 
the thickness of the cortex of the temporal lobe was significantly reduced, 
as it had been observed with MRI (PLoS One. 2013 Jun 18;8(6):e67329. Print 
2013). Other images showed a concomitant increase in the spinal fluid in 
the sub-arachnoid space that was twice as much as in the healthy subject. 
These findings are consistent with the very recent observation that infants 
who developed autism spectrum disorder had significantly greater extra-axial 
fluid characterized by excessive cerebrospinal fluid in the sub-arachnoid space 
(Brain. 2013 Jul 9.). 


Taken together, the results obtained in autistic subjects demonstrate that 
our technique was able to visualize the excess extra-axial fluid in a manner 
comparable to MRI; however, at variance with MRI, the observation with 
ultrasounds was immediate and intuitive and could be easily performed with 
no discomfort during a routine examination. 


Another finding that we observed was a relative disorganization of the 
neuronal layer arrangement in the temporal cortex of autistic subjects. It was 
possible to observe that the neuronal layers had a different orientation and 
that there were black areas of about 0.4 mm that could represent areas of 
poor connectivity. 


Since this technique has been applied only recently to the study of autism, 
there is no statistical analysis indicating whether GcMAF or any other effective 
treatment can reverse the anatomical alterations that we have observed in the 
brain of autistic subjects. Therefore, there is no sound scientific answer to 
this question; there are only some anecdotic evidences suggesting that this 
might indeed be the case. Autistic subjects treated with GcMAF and showing 
considerable clinical improvement showed a normal brain anatomy. Future 
observation will tell whether these anecdotic evidences have a statistical 
meaning. 


Ultrasounds, however, in addition to their role in early diagnosis and follow-up, 
might also have a role in the therapy of autism and in particular in improving 
the response of those subjects who do not appear to benefit from GcMAF 
treatment. 
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GcMAF Non-Responders 


As odd as it may appear to non-researchers, the presence of non-responders is 
often the best assurance that we are dealing with a real biological phenomenon 
and not with placebo effects or worse. In fact the bell-shaped curve presented 
in the article by Bradstreet and colleagues it typical of any effective treatment 
and it confirms the validity of the results. This having said, however, there is 
the need to provide an answer to those who do not respond. And, in the 
effort of providing an answer to non-responders, improvements in the overall 
efficacy of the treatment for everyone will eventually follow. 


At the moment, there are two hypotheses that could help explaining why 
certain subjects do not respond to GcMAF in terms of improvement of 
symptoms of autism. 


The first hypothesis is related with the VDR gene polymorphisms. As we 
proposed at the AIDS conference in Vienna in 2010, and later published in 
2012 (J Nephrol. 2012 Jul-Aug;25(4):577-81), the individual responsiveness to 
GcMAF depends on the individual variations (polymorphisms) in theVDR gene. 
In other words, there are subjects harbouring variants that are associated 
with little or no response. However, this lack of response is relative and not 
absolute. In fact, it has been observed with vitamin D that these individuals 
respond to higher doses of the vitamin, thus indicating that the VDR is “less” 
responsive, but still functioning. This would mean that the so-called non- 
responders might need a higher dose or a longer time of GcMAF treatment 
to obtain the desired therapeutic effects. Prolonged observation of a higher 
number of cases will tell whether this hypothesis is correct. 


The second hypothesis is closely associated with the first one as well as with 
the question briefly outlined in a preceding section: “does GcMAF cross the 
blood brain barrier?” In a recently submitted paper, we proposed that the 
interconnection between GcMAF and VDR signaling is responsible for the 
transport of GcMAF through the blood brain barrier. In fact, transport of 
macromolecules across the blood brain barrier requires both specific and 
nonspecific interactions between macromolecules and proteins/receptors 
expressed on the luminal and/or the abluminal surfaces of the brain capillary 
endothelial cells (Int J Cell Biol.2013;2013:703545. doi: 10.1155/2013/703545). 
Since VDR signaling appears to enhance brain to blood transport at the 
blood brain barrier through both genomic and non-genomic actions, it can 
be hypothesized that the interaction between GcMAF and VDR (Nutrients. 
2013 Jul 8;5(7):2577-89. doi: 10.3390/nu5072577) may favor GcMAF transport 
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into the brain. This means that subjects with a less responsive VDR because 
of unfavorable genetic variants, would also have a less efficient transport of 
GcMAF to the brain. 


This latter consideration, however, opens the way to a possible solution that 
might also help increasing the effectiveness of GcMAF in those who already 
respond to it. 


In fact, now that we know the physiological molecular assembly of GCMAF, we 
can design specific GCMAF molecules that are more efficient in crossing the 
blood brain barrier and, therefore, are more effective in treating neurological 
conditions such as CFS/ME and autism. These molecules exploit the fatty acid 
binding site in the GcMAF molecule, and use one of the most beneficial fatty 
acids, oleic acid, the basic component of olive oil, to target brain cells. 


Most interestingly, GCMAF/oleic acid molecules do not only stimulate human 
neurons with a much higher efficiency than GcMAF, but they also regulate 
glial cell metabolism. Glial cells are the connective tissue of the brain and glial 
cell dysfunction is involved in the pathogenesis of autism. In particular, glial 
cell dysfunction seems to be responsible for the neuronal underconnectivity 
typical of the autistic brain (Neuron Glia Biol. 2011 May;7(2-4):205-13). In 
short, we can postulate that the development of these novel GcMAF/oleic 
acid molecules will prove beneficial not only for the GcCMAF non-responders, 
but also for improving the therapeutic efficacy of GcMAF in all neurological 
conditions where GcMAF treatment is indicated. 


In addition to these novel, more physiological, brain-targeted, molecules, there 
are other strategies that can improve GcMAF transport into the brain with 
consequent increased therapeutic efficacy. Just a few days ago, in a journal 
dedicated to advanced radiological research, it was published a report 
demonstrating that ultrasounds, just like those described in the preceding 
section, transiently open the blood brain barrier. This phenomenon is exploited 
to favor transport of chemotherapeutic drugs into the brain of individual with 
brain tumors and it proved safe and efficacious after extensive testing. 


On the basis of this observation, one could devise a simple treatment protocol 
using the same ultrasound system that is currently used for transcranial 
ultrasonography. In analogy with what is performed to deliver chemotherapeutic 
drugs to brain tumors, ultrasounds could be used to facilitate the transport of 
GcMAF through the blood brain barrier and to focus its delivery into those 
areas of the brain that are known to be altered in autism. 
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In this manner, during a regular examination, the health professional could 
exploit our technique to assess the neuro-anatomical alterations in the autistic 
brain and to deliver GcMAF to those areas. The use of more physiological, 
brain-targeted GCMAF molecules that can be administered sublingually, would 
greatly improve the efficacy of the treatment and it will most likely reduce the 
percentage of the so called non-responders to GcMAF. 


As noted above, however, the use of ultrasounds to treat neurological conditions 
is not completely new. In fact, we and others have demonstrated that non- 
thermal ultrasounds have significant effects on mental states (Brain Stimul. 
2013 May;6(3):409-15), modulate neurotransmission (Neuropsychobiology. 
2012;65(3):153-60), cardiac frequency and blood pressure and improve 
skeletal muscle strength (The Journal of liME, vol. 6 (1), p 23-28, 2012). These 
effects can be observed with ultrasounds alone, that is in the absence of other 
treatments. 


In a protocol for the treatment of autism and CFS/ME, we propose to use 
our ultrasonographic technique together with timely administration of 
sublingual GCMAF/oleic acid molecules. In this manner, we are able to exploit 
the direct effects of ultrasounds on the neuronal microtubules (Brain Stimul. 
2013 May;6(3):409-15), together with the ability of ultrasounds to favor the 
transport of GcMAF/oleic acid into the brain and, more precisely into those 
areas where the neuroanatomical alterations are observed. 


What is GcCMAF? 
A drug, a hormone, a natural component, a nutrient? 


How to define a molecule that is formed every time a wound is licked? This 
is the most evolutionary conserved protective behavior in animals, humans 
included. The enzymes in the saliva convert the Gc-protein in the blood that 
is on the wound into active GcMAF that prevents infection of the wound and 
promotes repair (PLoS One. 2013 Jul 18;8(7):e69059). 


For many years researchers considered GcMAF only a key regulator of the 
immune system because of its activity on macrophages and its denomination 
reflects this early conjecture. However, as it often happens in science, the 
original denomination of a molecule proves incorrect with the passing of 
time and the accumulation of scientific evidences. Vitamin D is a notable 
example; it is not an vitamin and it does not contain any amine group (even 
though the suffix “vita” applies, in that it is indispensable for life). Now it is 
rightly considered a hormone produced by the body and, to be more precise, 
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a secosteroid hormone that has a mechanism of action similar to that of 
classical steroidal hormones. GcMAF, being a part of the vitamin D axis might 
soon become another example of scientific mislabeling. In fact, we now know 
that it exerts its actions in many other cell types in addition to macrophages 
and that its role go well beyond activation of macrophages. 


And even though there are no doubts that it is a powerful stimulant of the 
immune system, it would not be surprising to realize that this might not be its 
most relevant physiological role. In this respect, GCMAF shares the destiny 
of its precursor, the Gc-protein. Gc-protein is a serum alpha 2 glycoprotein 
composed of a single polypeptide chain, structurally related to serum albumin, 
that performs a variety of actions in several cell types. It is synthesized in 
the liver and has been detected on the surface of several cell types, yolk sac 
endodermal cells, and some T lymphocytes. In B cells, it participates in the 
linkage of surface immunoglobulins. In addition to vitamin D, it binds actin and 
acts as an actin scavenger. These characteristics are of paramount importance 
in human pathology since actin is the most abundant protein in eukaryotic 
cells and it is a major cellular protein released during cell necrosis that may 
cause fatal formation of actin-containing thrombi in the circulation if the actin 
scavenging capacity of Gc-protein is exceeded. Not surprisingly, therefore, 
several studies suggest an association between Gc-protein and resistance 
or susceptibility to chronic obstructive pulmonary disease, thyroid diseases, 
diabetes, multiple sclerosis, and sarcoidosis (for a review on Gc-protein and 
the vitamin D axis, see: European Nephrology, 201 1;5(1):15—9). 


From these considerations it derives that the potential indications for GCMAF 
treatment might be far too numerous than those currently envisaged. And also 
this parallels the fate of vitamin D, once thought only to prevent rickets and 
now involved in almost all aspects of human physiology and pathology up to 
the point that a (serious) scientific article on this subject was entitled: “Does 
vitamin D make the world go ‘round’?” (Breastfeed Med 2008; 3: 2392-50.). 


Apart from issues of biomedical terminology, it is now emerging the concept 
that GcMAF is an essential component of that nutritional pathway that is the 
vitamin D axis. It is not a case or a coincidence that the article on GcCMAF 
that has received the greatest attention was published in a scientific journal 
named “Nutrients”. With the proceeding of research it is becoming apparent 
that GcMAF participates in such a variety of physiological events that each 
proposed definition is limited. 


But, if we accept the concept that GcMAF is a natural nutrient, indispensable 
for brain and immune system development and function (and possibly for 
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many more essential physiological events), two questions spontaneously 
arise: “Where do | find it in nature?” and “How can | consume it?” 


The second question already has an answer: now that the physiological 
molecular assembly of GcMAF is known, there are on the market several 
GcMAF products that can be used sublingually or simply eaten. Modern 
biotechnology has reproduced the physiological conformation of GCMAF so 
that it can be absorbed in a natural way without recurring to intravenous 
or intramuscular injections. GcMAF injections are reserved for those cases 
where a strong and rapid stimulation is required. 


The other question is more intriguing and leads to the final section of this 
chapter. 


My Own Personal Experience with GCMAF 


As it happens in many people of my age exposed to the radiations from the 
Chernobyl incident, | have several thyroid nodules. Being a radiologist, it was 
easy for me to perform ultrasonography on my thyroid and what | saw on 
the screen was not nice. In addition to small lesions in my right lobe, in my 
left lobe | observed a massive mixed (solid and cystic) protruding nodule 
substituting for most of the lobe. The anterior-posterior diameter was about 
3 cm, whereas the longitudinal diameter was greater than the length of the 
probe (4 cm). The structure was grossly inhomogeneous with cystic areas 
and hypo-reflecting areas alternated with iso- or hyper-reflecting areas. The 
margins bordering the residual normal thyroid tissue appeared well defined 
with an area of edema (inflammation) surrounding the nodule. The blood 
vessels were located around and inside the nodule and few or no blood 
vessels could be observed in the large hypo-reflecting areas suggesting the 
presence of metabolically inactive tumor tissue. Consistent with these findings, 
laboratory tests showed signs of immunodeficiency and anemia. And, it has 
been reported that anemia is among the predictive elements of malignancy in 
thyroid nodules (Tunis Med. 2002 Sep;80(9):536-41). 


It was immediately clear to me that | needed a powerful stimulant of the 
immune system as wells as an anticancer agent, and GcMAF was my first 
thought. However, at that time, GCMAF was synthesized only in academic 
research laboratories and it was not available on the market as the pure, highly 
active, quality controlled product that we know today. Therefore, we decided 
to look for natural sources of GcMAF. 
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We already knew that GcMAF is naturally formed when a wound is licked 
because saliva contains the enzymes that convert blood Gc-protein into 
active GcMAF. Licking my thyroid, however, quite obviously, was not an option. 


Because of these hindrances, we hypothesized that GcMAF could be obtained 
through a natural food fermentation process that exploits the characteristic 
of certain microbial strains to produce the enzymes that convert food Gc- 
protein into GcMAF (Hollis and Draper, 1979). According to our hypothesis, 
fermented food-derived GcMAF would activate the macrophages widely 
diffused in the walls of the entire gastrointestinal tract and, in particular, in the 
Waldeyer’s-Pirogov tonsillar ring (or pharyngeal lymphoid ring). Our first goal 
was to assess the feasibility of obtaining natural GCMAF through home-made 
food processing procedures. To this end, we devised a strategy to prepare a 
fermented food product using those microbes, known to mankind for their 
healthy properties for millennia, that express the enzymes involved in GCMAF 
synthesis (Hollis and Draper, 1979). 


After having prepared this fermented food at home, | began consuming it on 
a daily basis. 


Since at that time we too considered GcMAF mainly for its immune-stimulating 
properties, the first objective was to assess the efficacy of this procedure 
on certain markers of immunodeficiency, the so called CD4 lymphocytes. 
The general public became familiar with CD4 lymphocytes because of their 
involvement in HIV infection and AIDS, and CD4 cell number is considered 
a reliable marker of immune system function. The role of CD4 cells in 
the immune system has been widely popularized up to the point that the 
webpage of the AIDS Authority of the Government of the United States of 
America states;“CD4 cells or T-cells are the “generals” of the human immune 
system. These are the cells that send signals to activate your body’s immune 
response when they detect “intruders,” like viruses or bacteria. Because of 
the important role these cells play in how your body fights off infections, it’s 
important to keep their numbers up in the normal ranges...” 


In our observation, the reference laboratory considered normal value for 
CD4 cell count 500 - 1500 cells/uL. Before consumption, my CD4 count was 
low, close to the threshold of AIDS definition (372 cells/uL). CD4 count rose 
from the abnormal value of 372 to the normal value of 609 cells/uL after three 
weeks of consumption of the fermented food that | had prepared. Such an 
increase continued up to eight weeks with CD4 cell count reaching 853 cells/ 
yL. After many years, they are still in the normal range. 


The trend toward normalization of blood parameters was observed also in 
other abnormal haematological values. My values (low or abnormal) changed 
as follows: 


4.85 


Haematocrit, % 
Haemoglobin, g/dL 
Platelets/uL 


The neutrophil cell count decreased from 77% to 55% in about 12 weeks, 





indicating a normalization of parameters suggestive of a pro-inflammatory 
state. Overall, the observed changes in haematological parameters were 
consistent with those positive modification of immune responses in humans 
that might represent the potential mechanism by which food fermented by 
probiotic bacteria confer health benefits. 


Being a researcher, | am very well aware that this report is a mere anecdote 
that, in the era of evidence-based medicine, has low value or is not even 
considered to be medical evidence. However, a very recent study on the 
evaluation of clinical practice challenges the deprecation of stories like that 
reported above. Thus, it is well known that some studies present large and 
impressive statistics obtained from many observations while others report a 
small number of noteworthy events, as we did in this study. However, according 
to this authoritative epistemological approach, “all of these stories become 
evidence of what works in medicine” (J Eval Clin Pract. 2011 Oct;17(5):920-6). 


Conclusions 


In August 2013, a paper published in the very prestigious American Journal 
of Immunology reported a series of clinical cases successfully treated with 
GcMAF (Am.].|mmunol., 9: 78-84. 2013). Among these, there were pathologies 
already known to be responsive to GcMAF treatment, such as cancer, autism, 
and CFS/ME. Other neurodegenerative diseases such as multiple sclerosis 
and amyotrophic lateral sclerosis, however, had not been treated with GcCMAF 
before, and this is the first report on such a successful treatment. This paper, 
together with all the other recognitions reported above, places GcMAF as 
one of the most effective tool to fight diseases that were considered incurable 
until very recently. 
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In other chapters of this book it is clearly stated that autism IS curable, and 
the successes of GcMAF in curing autism further strengthen this concept. 
What is emerging and what | hope to have been able to convey, is that GCMAF 
is not an exogenous drug that “fixes” some problem, but rather a very natural 
component of our body that is essential for, at least, brain and immune system 
development and function. In many conditions, including autism, GCMAF is not 
produced to a sufficient extent and therefore it has to be administered from 
the outside. With the advent of a courageous little biotech company that has 
perfected the synthesis of natural, fully physiological, GCMAF molecules that 
can be eaten, GCMAF treatment will become all the more and flexible to fit 
the individual needs. Eventually, GCMAF will become part of an integrated 
nutritional plan as it was intended by nature during evolution. 


Consistent with this concept, | wish to conclude with an example from the 
realm of nature. 


According to the Genetic Science Learning Center of the University of Utah, 
“Some mother rats spend a lot of time licking, grooming and nursing their 
pups. Others seem to ignore their pups. Highly nurtured rat pups tend to 
grow up to be calm adults, while rat pups who receive little nurturing tend 
to grow up to be anxious. It turns out that the difference between a calm 
and an anxious rat is not genetic—it’s epigenetic. The nurturing behavior of 
a mother rat during the first week of life shapes her pups’ epigenomes. And, 
the epigenetic pattern that mom establishes tends to stay put, even after the 
pups become adults.” 


It seems that licking their pups while breastfeeding in the first week of life 
is the decisive factor; in the saliva there are the enzymes that convert milk 
Gc-protein into GCMAF. What is more natural than this? 


Subcutaneous GcMAF has been available through FIRSTIMMUNE for several years. 
Their website is: 


www.gcmaf.eu 


They now also produce a sublingual version of GcMAF called GOleic. They also have 
Bravo probiotics, and more. Please visit their website for more information. 


“If you're not stubborn, you'll give up on experiments 
too soon. And if you're not flexible, you'll pound your 
head against the wall and you won’t see a different 


solution to a problem youte trying to solve.” 


~ Jeff Bezos 


Founder of Amazon 
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Beyond Recovery: 
The Maintenance Plan 


“Success is not final, failure is not fatal: 
it is the courage to continue that counts.” 
~ Winston Churchill 


We see these questions on our boards from time to time: 


Will my son have to take CD for the rest of his life? 
or 


Will we be sorting through poop forever? 
The answer is No! 


Once your child has recovered, you can move to the maintenance phase. 
Since we live in a toxic world, it is important to continually detox the system, 
and keep the body free of parasites. While this can look different for every 
child and every family, the following are some general guidelines designed to 
keep our kids healthy once they are recovered. 


Diet 


While some families go back to giving their children foods that aren’t permitted 
here, many do not. Wheat, dairy, and soy aren’t “healthy” foods for any of us 
to be consuming. After reading Olive Kaiser’s section on gluten, you may have 
a tough time giving your child any bread products ever again. That said, once 
the gut is healed, it should be able to tolerate many of these foods again, to 
the extent that a “healthy” person would. 


CD 


Even into the recovered stage of autism, many of the families keep using 
CD (oral, baths, enemas) to reach an ATEC of zero... or until there are no 
behaviors left from the autism. Once that is accomplished, then a maintenance 
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plan of one oral dose on Monday and one oral dose on Thursday is enough. 
Typically, such a dose is 3 drops for children and 6 drops for adults—all in 
one dose on each of those 2 days. However, each family does this a little 
differently depending on weight and what the optimum dose was while on the 
full protocol. 


The more | learn about how toxic our planet is (i.e. GMOs, toxins in the air, 
drinking water, parasites in the environment, etc.), the more | realize how 
critical it is to be on a at least a limited long-term detoxing program. This is 
especially true for someone who was, or may still be immunocompromised. | 
do believe that once a child recovers from autism, their immune system can 
do the job that it was designed to do. However, healing takes time, and every 
case is different. Some people ask me if recovered children still take CD once 
recovered—and to be honest—many do not. 


Parasite Protocol 


It is impossible to avoid parasites in our world. As Andreas and Miriam 
explained to us, their larvae are nearly indestructible in nature and can live for 
years. A strong immune system, as well as sufficient stomach acid, may prevent 
a parasitic infection from taking hold in the body. To make sure, it is best to 
do a“mini protocol” every 3 months. You can do the full 18 days every 3rd 
month or a l-week mini version—whichever you prefer. 


Other Supplements 


While ocean water is necessary when detoxing with CD, it is extremely 
beneficial to all of us as our soils are almost completely devoid of nutrients 
and are contaminated with heavy metals and toxins. Also, it has been theorized 
that many GMO crops are lacking in nutrition as well. The 90 bioavailable 
nutrients in OW can certainly go a long way in keeping our bodies healthy. | 
especially love that it helps with conductivity in the brain. And, it is conducive 
to speech and cognitive function as well. 


Depending on each individual’s needs it may behoove a family to keep giving 
MCT oil or Vegan 3,6,9 omegas. Certain supplements may still be required if 
there is a history of seizures. 


Chelation 


Gentle chelators like Bio-Chelate™ can continue to be used into the recovery 
phase as heavy metals are present in our air and water. 
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Nothing brings down inflammation quite like a hard hyperbaric chamber. 
However, 10 to 20 sessions can be very cost prohibitive for some families, 


making it a very personal decision as to whether or not to continue with 
HBOT after recovery. 


GcMAF 


| never felt better than when | did a course of GcMAF injections on myself. 
Energy went up and so did my ability to concentrate. Again, GcMAF is a fairly 


expensive intervention and that will factor into each family’s decision as to 
whether to keep using it. or not 


In a nutshell, | would at least continue with CD two times a week, and a mini 


parasite protocol every 3 months, just as a preventative. Staying healthy is as 
important as getting healthy. 


















Um, YEAH so just took an ATEC. We have officially 
been on the protocol for 12 months now and finishing 
up our 11th PP. ATEC of THREE!!! oie fore 

12 months. Henry’s speech is what is keeping us from 
0. He has great conversation with people that are 
patient and don't interrupt him so we are so close 

to a BIG ZERO! 57% to Zin1a monthsllll Far cry 
from the severe autism diagnosis he got at 25 years 
old Here is to the doctor that told me my son should 
be medicated, would never speak, and will probably 
need to be institutionalized | hope YOU never say 
those things to another person! All you need is hope, 
determination, and LOVE. 
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Miscellaneous Information 
You Should Know 


“Always bear in mind that your own resolution to succeed 
is more important than any one thing.” 
~ Abraham Lincoln 


Seizures 


AM estimated 40% of children with autism suffer from some form of 
seizures. Seizures can be absolutely terrifying for both child and family 
and deleterious to the health of a child who is already suffering from various 
issues. | have talked to many different professionals about seizures and in turn 
have heard just as many different opinions on why this happens. Many doctors 
are unsure, while some simply don’t express their opinions. Some say it is a 
virus in the brain or heavy metals, inflammation, or pathogens/parasites. In a 
presentation by Dr.Andreas Kalcker, he stated that high levels of ammonia in 
the body can cause seizures and the high levels of ammonia in the body come 
from parasites. Since we know that CD kills pathogens/parasites, neutralizes 
heavy metals, and helps to reduce inflammation, it is not surprising that we 
have noticed reduced, or even eliminated seizure activity in children with 
seizure disorders that use CD in combination with the Parasite Protocol. 


MCT (medium chain triglyceride) oils, which come from the Ketogenic 
Diet out of UCLA, are also a very important piece to healing the body and 
eliminating seizure disorders. There is plenty of information on the Internet 
that discusses the results of people (on the spectrum and otherwise) using 
MCT oils for seizure disorders. 


The following is a list of things that parents on The Protocol have used 
successfully to reduce/eliminate seizures in their children. 


« CD 
e¢ Parasite Protocol 
¢ MCT oil 
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* GABA 

¢ Hyperbarics at 1.75 ATA 
°  Ketogenic diet 

¢ SCD diet (grain free) 

* L-Carnitine 

¢ P5P with magnesium 

* L-Carnosine 

* Taurine 

* DMG 

* Pycnogenol® 


The first four in this list have proven to be the most important and have 
shown consistent results. If you have a child suffering from seizures, you 
would be wise to review and consider these interventions immediately. The 
others have also proven very helpful and can be added in one-by-one, (always 
leaving three days between each new supplement) while you watch for a 
decrease in seizures. 


When we introduce GABA, we increase the dose daily in search of the 
appropriate dose for the individual. While establishing the correct dose for 
one intervention it is not appropriate to add in other supplements. Watch 
out for sleepiness or undesired behavior with GABA. In these cases, | would 
personally discontinue its use, as with everything there is not one formula that 
is right for every child. Similarly, if you see hyperactivity or undesired behavior 
with DMG discontinue its use. 


All of the above supplements/interventions have proven very important for 
eliminating seizures, in different combinations, for different families. Whether 
the seizures are grand mal (tonic clonic) or petit mal (absence), they start to 
fade away as a result of the Protocol. 


Sometimes, when a family starts corresponding with me, their child may already 
be taking some of these supplements, and they continue to do that. They may 
have already taken some of these and seen no improvement. Some other 
families live in parts of the world where these supplements are unavailable, 
and in that case we focus on CD and killing parasites. 


As | mentioned, a critical piece for some of the children with seizures has 
been the implementation of the Parasite Protocol. This has also led to a 
reduction or cessation of seizure activity in many children with seizures. 


Interestingly, once some moms were made aware of the parasite/seizure 
connection it was easy to time seizure activity/anxiety/aggression to full and/ 
or new moons. As Dr.Andreas Kalcker talked about in the parasite section, 
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the full moon period is when parasites are mating, many in the gastrointestinal 
tract, and therefore “wormy behaviors” (anxiety, SIBs, depression, tantrums, 
aggression, and teeth grinding to name a few) will generally be higher around 
that period. New moons can also cause an increase in these behaviors. 


Children who have a seizure disorder or are self-injurious need to avoid 
food coloring, eggs, tomatoes, pork, and chocolate. When adding in the 
supplements for the seizures that we listed above, follow the same rules as 
before, never adding more than one supplement every three days, and always 
carefully observing and keeping track of any and all changes in your notebook 
so we know what causes what. 


After starting anti-parasitics with the help of her daughter’s doctor, one 
veteran mom introduced the CD protocol; a combination that has been 
extremely beneficial for her daughter, who suffered from frequent grand mal 
(tonic clonic) seizures. 


Her Advice: 


Most of my understanding of how parasitic infections can lead to seizures involves 
my own tracking of seizure activity patterns in my daughter, which coincided with 
new moon and full moon periods. Then, since MOST doctors want references to 
what they feel are ‘reliable sources,’ | started by Googling “NIH parasites seizures,” 
which brought me to: 


ncbi.nlm.nih.gov/pubmed/18754958 
Helminthic parasites and seizures. [Epilepsy. 2008]! - PubMed - NCBI 


| would strongly suggest that you document patterns of seizure activity against 

the Farmer’s Almanac of Full Moons (you can even look up past Full Moons) and 
marry that information with info from sites like the one above. Also, | would highly 
recommend you hunt down a pediatric infectious disease specialist in your local 
area (start by researching pediatric staff at local hospitals) and bring with you all 
information/insight to your first appointment. 


Her Testimonial: 


From her very first drop of activated CD in early July 2012 (actually her very first 
one-eighth drop to be exact), | witnessed an improvement in my daughter. Within 
about two hours of drinking her first ounce of the activated CD water solution 
(one activated drop of CD mixed into eight ounces of water), | witnessed her sitting 
still in our kitchen and observing me in such a way unlike she had ever done before. 
She was calmly observing me instead of running around the kitchen. She was taking 
my actions in. She was studying me. Her eyes were focused on me, rather than 
constantly scanning everything else in the room. Both her facial expression and 

her body language were calmer than | had ever witnessed before. She was more 
focused, more centered. She appeared content. 


This change that | witnessed in her was so noticeable and so sudden, that | couldn’t 
help but think to myself, “So this must be why the first word in MMS is Miracle.” It 
was that amazing of a change in those moments. 
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Shortly after those incredible moments, my daughter went on to eating contently 
and then jumping on the neighbor’s netted trampoline. She has enjoyed the 
neighbor's trampoline for years; yet on that particular day, only a few hours after 
her first drink of a tiny amount of CD,! noticed something quite different in her 
behavior. As | observed her from the windows of our house, | could see that she 
was jumping less than usual and instead looking around a lot more. She was calmly 
looking around at the neighbors’ houses, down at some birds in the grass, up at the 
trees, the clouds, etc. It was all as though she was perhaps truly noticing them for 
the first time. She had glanced at these things before that day, sure, but she never 
before appeared to be studying them in the manner she was in those moments 

on the trampoline that July afternoon. She did engage a bit in some of her tic-like 
spitting movements with her mouth while on the trampoline, but to nowhere near 
the intensity, nor duration that would more typically have consumed her prior to 
that day. 


When she came back into the house after using the trampoline and observing her 
world, | asked her, “why were you spitting out there?” To my surprise, she then 

very calmly replied, “because it’s sensory.” Wow! She truly was more connected 
somehow to her world than ever before. Something good was happening to my 
girl—only hours after drinking one-eighth of a drop of activated CD with one ounce 
of water. From those moments on | felt encouraged in my heart and soul that CD 
could possibly be a very important catalyst toward improving my daughter’s health 
and well-being. 


With the help of a caring local doctor, we had already begun some trials of anti- 
parasitic medications on our daughter in early May 2012, prior to starting CD, in 
response to behavioral struggles that had been consistently intensifying around full 
moons every month. (Later, we noticed new moon behavioral intensities as well). 
We had seen some improvement with anti-parasitic medication, yet CD seemed to 
somehow boost our daughter toward further improvements that much quicker. In 
fact, our daughter’s ATEC score before starting CD measured 79 on July 8th, 2012 
(the day before starting CD), but as of September 30th had dropped down to 55 
(only two and a half months later). 


Now, in early December 2012, our daughter still appears to be on an overall upward 
trend of improving health and stability, attributable to the synergy of CD and anti- 
parasitic medications. Natalie’s interpersonal skills have improved, her growth rate 
has improved, her focus has improved, and her frequency of seizures has lessened. 


In fact, at this writing she is 53 days seizure free, which is quite an improvement 
considering before she was on a terrifying pace of grand mal (tonic clonic) seizures 
occurring every 2-3 weeks. These are very dangerous, life-threatening events. 

Her seizures were rapid onset, heading toward grand mal within seconds. They 
could happen anywhere, i.e. while in her car seat coming back home from a Dr’s 
appointment, while driving away from Costco, while running in the backyard playing 
with the dog, or swinging high on the swing set in the backyard with a neighbor 
girl. Yet another occurred while wading in the lake (with life vest on), another hit 
while in our neighbor’s four-foot swimming pool with me and her brother. She 
was right next to me, walking around and then suddenly, she was in the throes of a 
rapid-onset grand mal seizure that required me to lift her out of pool into her NT 
(neurotypical) brother’s arms. May these be the last my daughter ever knows of 
seizures. 
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It is our hope that, in time, CD will be able to take on the lead role as the primary 
health-support for our daughter, if not, perhaps even someday the sole healthcare 
support to her. We're looking forward to the days when we may be able to remove 
or reduce many, or perhaps even almost all, of her current supportive medications 
(i.e. antibiotic, antiviral, anti-seizure, etc.). With the caring support of parents of The 
Thinking Moms’ Revolution, as well as some excellent local doctors, we suspect that 
our daughter’s life will continue to improve. In the almost 14 years of caring for our 
daughter in her various states of medical fragility, we have never ever had this much 
Hope. We feel fortunate to have been swept up into this Revolution and embraced 
warmly by so many Thinking Moms who are also in the process of working toward 
more healing for their children. Working to heal illness is so much nobler than 
working to mask illness, wouldn't you agree? God Bless Jim Humble, Andreas 
Kalcker, Kerri McDaniel de Rivera and all the TMR families! 


UPDATE: January 30th, 2013 


I too am so thankful for Kerri and her whole ‘crew’. Thanks to Kerri for bringing 
CD to all of our kids on the spectrum worldwide. My Natalie is now OFF of 

her former roller-coaster ride of prescription anti-fungals, OFF of her former 
roller-coaster ride of prescription antibiotics, OFF of prescription antiviral, OFF 

of prescription low-dose naltrexone, etc. Her belly distention has disappeared, 
she’s gained weight, she’s gained height and she’s now almost 103 days seizure free 
(as of 6:16pm tonight). She still has a ways to go toward more improvements, but 
she’s happily climbing up from bottom of the trenches; she’s climbing up from what 
seemed like the very bottom of the abyss that vaccine injury/injuries had placed her 
in. Thank you Kerri,Andreas Kalcker, Jim Humble and all of the moderators on the 
supportive websites!!! 


UPDATE: February Ist, 2013 


My Natalie’s long run of 105 seizure-free days has ended. After being off of Albenza 
less than 24 hours, BOOM! a grand mal (tonic clonic) seizure occurred yesterday 
evening. This same thing happened the last time we stopped Albenza®, sooooo 
were not sure if it’s withdrawal related or parasitic activity related. We're going to 
closely watch her behaviors this week for signs of parasitic burden. We put her on 
Alinia® now, just to give her some sort of parasitic coverage while we wait to likely 
restart Albenza®, soon. She did fine on Alinia® 200mg BID in the past. I'll keep you 
all posted, but for now we unfortunately need to restart the clock on my Natalie’s 
‘seizure-free days’ tracking. I’m bummed, but thought | should keep you in the 
loop on this; as I’ve been soooooo excited over the past three months about her 
freedom from seizures, which | believe was due to the synergy of CD and Albenza®. 
I'll touch back if/when we learn more. 


UPDATE February 2nd, 2013 


O.K. so, | just wanted to kind of round out this long thread a bit with my thoughts, 
for whatever they're worth: | really truly suspect that perhaps too sharp of a drop 
off (lack of weaning) from the systemic med, Albenza® lead to the seizure. Natalie 
is stable right now on a low-dose interim of Alinia® 200mg BID for now until all 
insurance approvals are in for the delivery of more Albenza®. This leads me to 
believe that the several courses of Albenza® over the past months likely HAS 
lowered her overall parasitic load/burden fairly well thus far (it’s a pretty broad- 
spectrum anti-parasitic, from what | understand). However, ! don’t think for a 


® 


328 Chapter 14 


minute that Natalie’s broad spectrum anti-parasitic medicine needs are finished. For 
this reason, we'll resume Albenza® as soon as we're able. 


Although further discussion/negotiation between myself and Natalie’s pediatric 
infectious disease doctor is required, my thought is that she may need an entire 
year on Albenza. However, certainly in the future, whenever we stop Albenza®, 
I’m going to plan for a slow weaning off period so as not to disrupt Nat’s delicate 
nervous system. Also, I’m kind of thinking that perhaps if our kids ‘wig out’ when 
CD is eventually dropped that maybe we’ve not lowered the overall parasitic 
burden enough, as yet to allow their immune system to ‘kick in gear’ and properly 
function??? | don’t know, obviously, just theorizing with the brain matter God has 
given me. 


SUMMARY & UPDATE FOR SECOND EDITION: December Ist, 2013 


From birth to age 7 years, my daughter Natalie unfortunately had her share of health 
and developmental struggles. Her diagnoses began with ‘Failure to Thrive’ shortly 
after birth, followed thereafter by a Mitochondrial Encephalopathy Partial Complex 
III Deficiency diagnosis by age 7 months, then Hypothyroidism as well as global 
developmental and cognitive delays obvious from there. Despite significant medical 
and developmental challenges, Natalie entered a Kindergarten designed for the ‘mild 
cognitively impaired’ (formerly referred to as educatably mentally impaired ‘EMI’) 
with daily opportunities for mainstreaming with the typical Kindergarten classroom 
next door. After a fall 2005 Flu shot early in that same Kindergarten year, however, 
all bets were off. She regressed very rapidly in every way: medically, developmentally, 
and behaviorally. Within months of that shot, a laundry list of additional diagnoses 
began to form: Sensory Integration Disorder, Autism, Epilepsy, PA.N.D.A.S., PA.N.S., 
and Combined Immune Deficiency, to name a few. After much study by a large 
team of educational specialists, Natalie was reclassified by school professionals by 
the following April of 2006 to the ‘SXI” category of disabilities (Severely Multiply 
Impaired), having deteriorated terribly from her former classifications of POHI 
(Physically or Otherwise Health Impaired) and ‘Cl’ (Cognitively Impaired) within 
only months of that Flu shot. Her significant healthcare needs and behavioral 
challenges since have necessitated assignment of a one-on-one Para-educator to 
her case, even while she’s been schooled within high adult-to-student ratio basic 
education special- needs classrooms over the past several years. 


In 2011, between the ages of 12 and 13,1 began to notice patterns of apparent 
PA.N.S. flares in Natalie, which seemed to coincide with the New Moon and Full 
Moon weeks. When | began to study this phenomenon a bit more closely, | also 
recognized a pattern of seizure activity that tracked these timeframes as well. In 
reading about potential parasite activity that is thought to link to the New Moon 
and Full Moon timeframes, | requested anti-parasitic medications for Natalie. 
Thankfully, a local Pediatric Infectious Disease doctor kindly accommodated my 
request. Each time that the doctor prescribed various anti-parasitic medications 
for Natalie, she would improve. The improvements were noticeable both at school 
and at home. It was incredible to witness. However, each and every time that she 
was off of such medications, she would regress back to her former state of illness 
(displayed primarily by significant behavioral regressions). So, we found that we 
needed to try to keep her on various anti-parasitic medications more often than 
off of them, in order for her to enjoy overall improved health and neuropsychiatric 
stability. Even so, there was still some sort of physiological strain that she was very 





WASHINGTON — After it was discovered that hundreds of thousands of the 


state-sanctioned radar systems had short circuited, the Centers for 


Disease Control and Prevention issued a recall of the flu vaccine Friday 
due to defective government tracking microchips. “In response to reports 
that devices planted in the serum were not properly monitoring 
Americans movements at all times, we have decided to pull all flu vaccines 
from pharmacies and clinics,” said CDC director Robert R. Redfield, 
explaining that anyone who received a vaccine within the last 5 years had 
likely been given a malfunctioning location-detecting chip and would be 
offered a replacement free of charge. “We apologize for the mistake and 
are doing everything within our power to make sure that Americans are 
safe, healthy, and meticulously followed and observed as they go about 
their daily lives.” Redfield added that Americans could rest assured that 
the autism microchip was still working perfectly. 
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definitely experiencing, but we were unable to decipher what it could be. This was 
frustrating, of course; to witness her continued rollercoaster of ups and downs in 
health and her various psychiatric disturbances each month. 


It wasn’t until a friend suggested we get Natalie started on CD, that the health and 
behavioral ‘rollercoaster ride’ began to show signs of smoothing out. In July 2012, 





Natalie in 2006 (left) and in 2013 (right) 


after her first drink of CD (only one-eighth of a drop), Natalie began to show initial 
signs of relief from whatever it was that was still ailing her. Her connectedness and 
overall psychological state of being changed within hours of that first one-eighth 
drop of CD. After that first day, we of course then continued with a very slow and 
conservative ramp-up of CD (orally, then baths, then enemas) alongside various anti- 
parasitic medications and all of the components of the Kalcker PP (with frequent 
swap out of Mebendazole with Albendazole, predominantly). With each passing 
month over the past sixteen months, we’ve been able to witness improvements 

in Natalie; perhaps a bit more slowly than some of the younger and/or potentially 
less health-compromised kids that Kerri’s protocol has healed, but improvements 
nonetheless. Before CD, Natalie’s ATEC score was a 79. As of this writing, her 
ATEC score is a 39. Even more astounding to us than that improved ATEC score 
have been the changes witnessed thus far in her overall health status and health 
regimen. Here is a list of some of the improvements that | can very easily recall as 

I write this (there are likely many more that | could comment upon, if | had more 
time): 

1. Daily prescription anti-fungal medications no longer needed. 

2. Daily prescription antibiotic medications no longer needed. 

3. Daily prescription antiviral medication no longer needed. 
4 


Daily prescription LDN (low dose naltrexone) immune modulator removed. 
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5. Daily prescription Leucovorin removed without ill effects noticed, as well as 
several other daily supplements that might have been ultimately not helpful. 


6. Prescribed Immune Globulin (weekly subcutaneous, formerly monthly 
intravenous for years) removed. 


7. Distended belly gone & improved posture (no longer hunched over). 
Formerly very frequent tongue sores/lesions lessening more & more. 


Seizures formerly as high as every 17-21 days in her worst times; now she’s 
enjoyed seizure-free stretches as high as 105 days (3.5 months) followed shortly 
thereafter by a seizure-free stretch of 168 days (5.5 months). Prescription 
anti-seizure medication reductions have also been enjoyed as well as fewer 
headaches resultant of those reductions. 


10. PA.N.S. flares controlled with the combination of CD and anti-parasitic meds. 
Neuropsychiatric symptoms of flares very dramatically declined. 


11. Overall appearance of improved health, improved language and interpersonal 
skills, improved attentiveness (per Neurology’s opinion at recent appointment). 


12. Improved stamina and strength (core, legs, etc.) noticed at Special Needs 
Performance Cheerleading practices, physical therapies, etc. Her ability to 
peddle adaptive bike has also improved. 


13. No more nose bleeds, no more ear infections, no more apparent seasonal 
allergies, fewer headaches (as noted above). 


14. Incredibly improved sleep and need for naps only once in a while now (as 
opposed to formerly daily). 


15. Improved growth rate and normalized appetite. 

16. Improved language (more descriptive words, more sentences). 

17. Healthier-looking skin overall; softer, less dry, improved color & ability to tan. 
18. Improving oral muscular abilities, able to swallow pills/capsules. 


19. Capable of successful dentist appointments and now even Orthodontist 
appointments, with calm and ease. 


20. Increased success rate during therapies (Speech Therapy, Occupational Therapy, 
Physical Therapy, etc.). 


21. Less rigidity overall, fewer transition issues, cooperates more often than she 
ever used to. 


With all of the well-documented improvements noticed in Natalie at home, at 
school and in doctors’ offices, | don’t have the same level of fear as other parents 
might surrounding our open use of CD, as Natalie’s doctors are all well informed 
and quite supportive. We've also formally notified her social worker (both verbally 
at a home meeting and in writing) of our use of Kerri’s CD Protocol (including 
Kalcker’s Parasite Protocol and of course a GFCFSF/low sugar diet) while under 
Natalie’s local medical team’s support and medical monitor. We're ‘out of the closet’, 
so to speak, when it comes to our use of CD for improving Natalie’s health. It’s 
been quite obvious to Natalie’s doctors; actually, that Kerri’s protocol has been 
extremely complementary to their medical efforts for improving Natalie’s health and 
overall quality of life. 
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There’s of course no way to predict with certainty how far my sweet Natalie will be 
able to ultimately improve via this protocol, but based upon what we’ve witnessed 
thus far, | do feel that her current best hope for continued improvement lies within 
the pages of this book; as these healing strategies of Kerri Rivera’s have brought 
Natalie toward more health (physical, neuropsychiatric, emotional and even some 
initial cognitive improvements) than any other medical effort attempted since her 
2005 Flu shot injury. All other medical efforts for Natalie over the years, | feel, 
perhaps only temporarily patched her severe illness. Kerri’s methods actually work 
to attack disease, kill it and remove it. Yes, that’s right. Eight years after Natalie’s 
tragic rapid spiral downward, it’s now finally a time of healing for Natalie. Thank you, 
Kerri Rivera, for all of your help given to our girl and to so many children around 
the world. 


Self-Injurious Behaviors (SIBs) 


Self-injurious behaviors (SIBs) can be absolutely devastating for families 
with children on the autism spectrum. Common self-injurious behavior 
includes: headbanging, hand biting, pinching, slapping head/ears, eye poking, 
hair pulling, scratching/rubbing, throwing one’s body on the floor, etc. The 
horror of watching your own sick child further inflict pain onto himself, and 
the helplessness of not knowing what to do to help him is heartbreaking. | 
have met with families through the clinic who have had terrifying episodes 
of SIBs in front of me as well as at home, and many of these families as well 
as others are now using the Protocol to help their children with very good 
results. 


There are many theories as to why some children have SIBs. The article 
“Self-Injurious Behavior” by Stephen Edelson on ARI’s website discusses 
several different theories and supporting research.? The theory that most 
fits what | see on the ground is that of pain alleviation. Many of our kids 
are in chronic pain and cannot tell us. Sadly, we haven’t always had answers 
to help them. 


If we follow this thinking, and assume that many of these children suffer 
from severe gastrointestinal pain, or headaches (supported by head banging, 
gut clutching, etc.) we can hypothesize that much of this pain can come 
from pathogenic overload, parasites wreaking havoc on the body and the 
resulting inflammation. 


Families applying CD in combination with the Kalcker Parasite Protocol are 
reporting a dramatic reduction in SIBs in their children. | believe there is 
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an important connection to be made here, as we eliminate pathogens and 
parasites SIBs decreases. More research is needed, but for families facing 
the horrors of self-injurious behavior, this combination could be of great 
value. (More testimonies on decreased SIB’s can be found in Chapter 2, 


and the Miracles and Testimonials section at the end of the book starting 
on page 357.) 







































Prior to starting CD, we had tried almost every autism 
biomedical protocol We saw several DAN and Gl specialists 
and numerous other practitioners. We spent tens of 
thousands of dollars on consults, supplements, diets, medicine 
and medical procedures not covered by insurance. My 
daughter either had no response or negative ones and she 
continued to get worse. She developed extreme self-injurious 
behaviors that progressed to the point of her needing to 

be restrained several times a day in an attempt to prevent 
her from pinching or biting herself until she drew blood 

Her body was covered with bruises and cuts. She would also 
pull out big clumps of her hair. She would be up for hours 
screaming in the night with these behaviors. She was 
severely malnourished despite the fact that two registered 
dieticians had deemed her daily caloric intake adequate. She 
was 14 years old and weighed a little over 70 pounds. | 
honestly did not think that CD would be any different than 
anything else we had ever tried but figured things could not 
get much worse. 


Since starting CD her self-injurious behaviors are almost 
entirely gone. She went from having to be restrained 
almost daily to once in the last 5 months. Her former 
multiple daily 45 minute self-injurious tantrums are now a 
few minutes of crying or protest and happen once a week 
if at all. We have noticed gains in language and cognition (0 
point drop in her ATEC score) After years of fluctuating 
between loose stools and constipation, she is now regular and 
has gained almost 10 pounds. She sleeps through the night 
and we are able to take her places that we would have 
never dared to before. If my daughter can make gains this 
drastic in 5 months at age 14, | can’t wait to see what the 
future holds. 


dulie, Colorado, USA 
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PANS, PANDAS and PITAND 


PANS stands for Pediatric Acute-onset Neuropsychiatric Syndrome. It 
encompasses PANDAS (Pediatric Autoimmune Neuropsychiatric Disorder 
Associated with Streptococcal Infections) and PITAND (Pediatric Infection 
Triggered Autoimmune Neuropsychiatric Disorders), where PANDAS is a 
subset of PITAND. Dr. Susan Swedo, Chief of Pediatrics & Developmental 
Neuroscience Branch at the National Institute of Mental Health (NIMH), and 
her research team identified a subtype of OCD in children during the 1990s 
that is triggered by infection. Streptococcal infection has been most studied; 
however, any infection can trigger this condition.’ 


| have run across these diagnoses a lot since | have started helping families in 
first world nations. There seems to be an overlap in some autism and PANS/ 
PANDAS/PITAND cases. | have heard that around 25% of children with ASD’s 
also suffer from PANS/PANDAS, and/or PITAND. Some practitioners would 
put that figure even higher. However, since further research is needed, and 
this field is still developing it is impossible to say for certain at the moment. 


According to the International OCD (Obsessive Compulsive Disorder) 
Foundation some of the symptoms of PANDAS/PANS may include: 


* Acute sudden onset of OCD. 

* Challenges with eating, and at the extreme end, anorexia. 

e Sensory issues such as sensitivity to clothes, sound, and light. 

¢ Handwriting noticeably deteriorates. 

e Urinary frequency or bedwetting. 

¢ Small motor skills deteriorate - a craft project from yesterday is now 
impossible to complete. 


¢ Tics 
e Inattentive, distractible, unable to focus and has difficulties with 
memory. 


¢ Overnight onset of anxiety or panic attacks over things that were no 
big deal a few days ago, such as thunderstorms or bugs. 

e Suddenly unable to separate from their caregiver or to sleep alone. 

e Screaming for hours on end. 

¢ Fear of germs and other more traditional-looking OCD symptoms. 


| know several moms who have been able to reduce/control/eliminate their 
children’s symptoms with CD. In fact, families began to eliminate the antibiotics 
that they were using as they reached full dose of CD. | am by no means 
suggesting anyone reduce or remove a prescription medication without a 
doctor’s supervision. | am simply reporting on what | have witnessed. 
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We know that CD kills bacteria, so we could hypothesize that CD could have 
a similar effect on the PANS/PANDAS/PITAND symptoms that an antibiotic 
would. What has worked in these cases is upping the number of doses of CD 
given a day so as to kill pathogens around the clock. For PANDAS/PANS/ 
PITAND use two baby bottles a day. If your max dose is eight drops in an 
eight ounce bottle, and a PANDAS flare presents, prepare two baby bottles 
with eight drops in each and give one dose every hour over the course of 16 
hours. Some families are doing 16 doses a day even if there is no flair and the 


child is doing excellent. 


As noted previously, in the absence of research, we cannot recommend doing 
nothing for these children. Their suffering is intense and the risk of long-term 
damage cannot be ignored. We also do not know if some of these children 
remit spontaneously later in adolescence. We do not know if some of them 
grow into adults with the most treatment resistant OCD due to permanent 
basal ganglia damage. While we research those questions, offering treatment 
options at the local level, especially in the first few months after onset, could 


be critical to the long term success for these kids.* 


We parents are pioneers in the research surrounding PANS/PANDAS/ 
PITAND, so it is critically important that we document what we are doing 
with our children and what is working for them. In fact,A MOM was the first 
to discover the connection between strep and OCD/tics. Her child was the 
first documented PANDAS child. Dr. Susan Swedo reinforces that physicians 
should listen to what the mothers have to say!®> Speak up to your doctor, 
share your findings, join our forum to learn, and share what is working for you. 
Parents are driving the biomed movement (and always have) for ASDs as well 
as PANS/PANDAS/PITAND. In fact Dr. Bernard Rimland was a parent and the 
first to suggest biomedical interventions for people on the spectrum. We as 


parents can help countless other families by sharing our experiences. 
You will find more info on PANS/PANDAS/PITAND at: 


www. pandasnetwork.org 


and 


ocfoundation.org/PANDAS 
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Fever Therapy 


Dr. Kenneth Bock and Nellie Sabin, in their groundbreaking book The Road to 
Immunity: How to Survive and Thrive in a Toxic World, explain how to use fever 
therapy and how it is an incredible tool for healing. When a mom emails me 
to tell me her child has a fever, it tells me that the immune system is reacting 
to an invader, and we have an excellent opportunity to kill pathogens in the 
body. Having a fever is part of an effective immune response. This is also 
true in infants as well as small children. Using over-the-counter (OTC) fever 


reducers interferes with the body’s own ability to fight infection. 
This section was excerpted from the aforementioned book. 


Fever has long been recognized as an important tool in the process 
of healing. The process of heating the body is called “hyperthermia.” 
Hyperthermia, or ordinary fever, can be very effective against cancer 
cells, various pathogens, or invading organisms that cannot “tolerate 
the heat.” Hyperthermia may not kill all pathogens in the body, but 
may reduce the number of invaders in the body to a manageable 
level for the immune system. Hyperthermia may also be responsible 
for stimulating the immune system to produce cytokines i.e. antibody 


production, and release of toxins from fat cells. 
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What Temperature Constitutes a Fever? 


According to Dr. Robert Sears, the following are normal temperatures in 
children over 3 months:’ 


Normal temperature: 97° to 99° F (36° to 37.2° C) 
Low-grade fever: 99° to 100.9° F (37.3° to 38.3° C) 
Common fever: 101° to 103.5° F (38.4° to 39.7° C) 
High fever: 103.6° F (39.8° C) 


Fever Therapy in Practice 


If your child develops a fever, it is not a failure of the body that needs to be 
corrected, but a mechanism that brings the body closer to healing. Rather 
than administer an OTC remedy to reduce fever, apply a cool, damp washcloth 
to the forehead and neck, replace them as they warm, and let the body do its 
job. Some parents put damp socks on their child’s feet. 


During a fever you can dose orally, as well as do one CD bath and one CD 
enema in one day. Keep dosing CD every hour (16 to 24 doses a day), unless 
the person stops eating. Even if you must reduce the number of drops, even 
if you are only giving one drop, keep dosing every hour. CD baths, as well as 
baths in general, are also your friend if your child has a fever. Some parents 
have given several baths throughout the day while a fever is present with 
great results. Bath the child if the fever spikes. Always be vigilant that the 
temperature does not rise too high or too fast so as to cause febrile seizures, 
we have to use common sense and trust our instincts. Bath and keep a cool 
damp wash cloth going 24/7 until the fever pases. 


According to the National Institute of Neurological Disorders and Stroke 
febrile seizures are convulsions brought on by a fever in infants and small 
children. The majority of children with febrile seizures have rectal temperatures 
greater than 102° F Approximately 1 in 25 children (4%) will have one 
febrile seizure. Although febrile seizures can be frightening to parents, the 
vast majority of febrile seizures are fast and harmless. There is no evidence 
that short febrile seizures cause brain damage. Large studies have found that 
children with febrile seizures have normal school achievement and perform as 
well on intellectual tests as their siblings who don’t have seizures.® 


If your child has a febrile seizure, experts recommend that you try to stay 
calm, keep the environment around your child safe (place them on the floor 
if they are not, and clear objects out of the way), and allow the seizure to 
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resolve spontaneously without restraint. Try to look at your watch so you will 
know how long the seizure lasted. Do not put anything in your child’s mouth 


as it may break, obstructing their airway. 


Skin Issues 


| have been hearing about skin issues right and left: rashes, hives, redness, acne, 
eczema, psoriasis, pustules, etc. It is very easy to assume that since skin is on 
the outside of our bodies that these reactions are caused by exterior factors 
(i.e. irritation from a detergent, mold, etc.). However, the skin is our largest 
detox organ, and many pathogens seek exit through the skin causing many of 
the above conditions. 


The scenario that | keep hearing is the following: We just started the Kalcker 
Parasite Protocol. Little Johnny has a rash with white heads on his legs. 
What do | do? When the families keep up with the parasite protocol, and 
continue dosing daily with CD these eruptions disappear, and this is generally 
accompanied by improvements in behavior, or hyperactivity/anxiety. 


We need to think about skin issues as outward manifestations of inner toxicity, 
and use our protocols accordingly. Skin issues can be a good indicator that 
something is being flushed from the system, or something needs to be flushed 
from the system. The Kalcker Parasite Protocol combined with CD tends to 
eliminate skin issues at the root. 


The following paragraphs were excerpted from leakygut.co.uk, written by Dr. 
Gloria Gilbere ND DA hom PhD’: 


Experts agree that most chronic skin disorders, specifically psoriasis, is 
the external manifestation of the body’s attempt to eliminate internal 
toxins that have accumulated within the lymphatics and blood stream 
by “seeping” through intestinal walls in a condition known as leaky 
gut syndrome. 


In working with clients around the world, the protocols that have been 
most effective are those that include repairing the intestinal walls by 
first beginning a protocol to eliminate candida yeast and parasites. 


The most effective cleansing protocol is obtained by clearing out 
these “uninvited” health-depleting microorganisms in order to release 
the accumulated pressure on the liver and the intestines—allowing 
free passage and thus reduction of overall toxic load. 
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The following paragraphs, authored by Dr. Edward F. Group Ill, DC, ND, 
DACBN, DABFM, were excerpted from parasite-cleanse.com/intestinal- 
parasite-symptoms.html’®: 


Symptoms of Intestinal Parasites Related to Skin 


The presence of intestinal parasites, at times, manifest as allergies, 
tumors, and various other skin conditions. 


Intestinal parasites cause the human body to release hormones and 
immune system defenders, which in turn irritate the skin and cause 
various skin conditions such as acne, hives, rashes, itching, weeping 
eczema, ulcers, swelling, sores, lesions, blisters on lips, and dermatitis. 
It also deprives the skin of its usual glow. 


Intestinal parasites cause irritation and inflammation in the stomach 
making it difficult to digest certain types of foods. The presence of 
undigested food particles in the stomach causes the body to produce 
increased levels of eosinophil, an immune system defender. These 
eosinophils inflame the body’s tissue and cause skin rashes. 


Intestinal parasites trigger the body’s immune system to develop a 
tumor-like mass known as granuloma to encase parasitic larvae or 
eggs. Granulomas usually develop in the colon, rectal wall, lungs, liver, 
peritoneum, and the uterus. 













Btw, you were bang on re his allergies and PP parasite 
protocol) He had this horrible red lip thing PAE of food 
allergies. He would make it worse by rubbing it. It would get . 
really bad. After first PP Parasite Protocol) - NO MORE RE 


LIP ISSUES! 






Families often tend to panic when dealing with sudden “unexplained” skin 
issues. If you are seeing chronic or acute skin issues | think there is enough 
evidence to look towards parasites as the main or at least a contributing 
culprit. Therefore, if we work towards removing the parasites causing the 
symptoms, rather than treating the symptoms topically we can expect an 
alleviation of the symptoms. 


If you are seeing acute or chronic skin issues and you have not started a 
Parasite Protocol, | would suggest you revisit the parasite chapter and go over 
the recommendations with your healthcare provider. Keep dosing CD, in 


Study Finds 1 in 3 Americans Have 
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some cases upping the dose has helped resolve the issue faster, and in the case 
of severe irritation using a CD spray topically can provide relief (10 activated 
drops per ounce of water in a spray bottle) and a CD bath can also help. | 
have seen most, if not all skin issues resolved with CD and/or the Kalcker 
Parasite Protocol. 


Healing Adults with Autism 


Common thinking in the biomed community and the autism community at 
large is that autism is only “curable” or “recoverable” up to a certain age. | 
have heard that two to nine years old is the “golden window” for autism, and 
that after nine years of age improvement would be possible, but not recovery. 
The neural pathways would be set, the damage done, and the child would 
retain the autism diagnosis for life. 


Not anymore. This year a 15-year-old recovered from autism, as well as two 
17-year-olds. In addition, | am helping an amazing mother of a 31-year-old with 
autism that began the Protocol and for the first time in 28 years was seeing 
real progress with her son. In fact that young man’s ATEC score dropped 
from a 65 to somewhere in the 20s in his first three months on The Protocol. 
| want to prove that autism recovery is possible at any age. It may take longer, 
and the road may prove more challenging, but it’s already happening. Families 
that have been using biomedical interventions for more than ten years are 
finding the Protocol and sharing their gains. 


Older children and adults on the spectrum start the same way as the little 
kids—clean up the diet first,and then on Day one of CD, give one drop in eight 
ounces of water over eight doses throughout the day. It is so important to 
start low and slow even with adults because they have often been chronically 
ill much longer than young children and have deep rooted pathogenic and 
parasitic infections. This means that when we start giving CD they might 
experience a detox reaction considering the amount of pathogens that will 
be dying. 


Working with Neurotypical Adults 


Can CD benefit parents and other adults not on the spectrum? Absolutely. 
You can literally find thousands of testimonials on the Internet (Jim Humble’s 
website, www.jimhumble.org or www.curezone.com, etc.) on people who 
successfully detoxed, or healed a myriad of illnesses using CD. 
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Many parents who have seen improvements in their children have decided to 
use CD, or the Kalcker Parasite Protocol for themselves. | have done CD oral, 
baths,and enemas on myself, especially when I feel “something coming on” and 
with great results. 


It’s important to keep in mind that just because we weigh more than our 
children doesn’t necessarily mean we should jump in and go to full dose from 
one day to the next. The best way to start an adult who may have 40 or 50+ 
years of accumulated toxins/pathogens/parasites is low and slow. Use the 
baby bottle method and start day one with one drop spread out over eight 
doses and go up from there. Chart your progress, see how you feel, go low 
and slow. When we as adults use the protocol it can be great for us, but also 
a window into how our children are feeling. 


| love to see a mom or dad begin CD with their child. Both begin at one 
drop on day one in eight ounces of water, 1/8 or a drop per dose, for eight 
doses throughout the day. Starting with our children gives us a much better 
understanding as to how our child is feeling, and when we up the dose how 
that feels as well. This includes enemas. Once parents see how good they can 
feel after an enema, it helps garner confidence, if we had doubts about using 
them for our children. Applying our own enemas can help to remind us just 
what a powerful tool they are for healing. 


Many of the parents doing the protocol for themselves write me to tell me 
about their remission from fibromyalgia, chronic fatigue syndrome, Lyme 
disease, life-long constipation, etc. 


We all do the parasite protocol in my house so as not to re-infect my son, 
as parasites can be highly contagious. Last year | did a round of parasite 
medications prescribed to me by a doctor. During the course of treatment 
| felt a tremendous amount of anxiety and some depression (feelings | had 
never felt before) right before | passed worms, | can assure you it felt awful. 
That experience motivated me to encourage parents to get these invaders 
out of their children’s bodies. 


As soon as | started passing worms and detoxing more with CD, | started to 
feel good again. The cough that | had had on-and-off for years miraculously 
disappeared. Seriously, go low and slow, a toxic body can only process so 
much at a time. Too much too fast can cause headaches and diarrhea. The 
way | see it, there is no need for that, listen to your body and go at whatever 
pace you need. Don’t just “push through,” low and slow wins the race. Always 
remember to drink water when doing any sort of detox! 
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Tax on a Marriage 


During the first five years after an autism diagnosis married couples face an 
estimated 80% divorce rate, and a 90% chance of divorce beyond the tenth 
year of marriage. My family was almost a statistic. Even before we had a 
diagnosis, our family was suffering. Due to Patrick’s constant screaming and 
tantrums, he wasn’t sleeping at night, and that meant that no one else was 
sleeping either. He had also stopped being the affectionate baby that he was 
for the first two years of his life, which was emotionally challenging for all 
of us. We were all over stressed and sleep deprived, not to mention having 
symptoms of post traumatic stress disorder (PTSD). 


If | could give any advice to families dealing with a new diagnosis it would be 
to start The Protocol and CD immediately. The sooner the affected family 
member starts to heal, so will the rest of the family, similar to the sun coming 
out after a storm—this too shall pass. 


Financial Stress 


Not only is an autism diagnosis emotionally stressful on a marriage, but it can 
be extremely financially stressful as well. The Protocols outlined here can be 
extremely cost effective, even if including ocean water. Recently, one of the 
moms using The Protocol did some calculations comparing what she spent 
previously (see table on page 342) using another biomedical intervention with 
many supplements, etc., to what she spends now (see table below). 


eae [see [ oe | Se [SS 
Schedule per Month 
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Defeat Autism Now! based Protocol - Estimated Cost 


Reorder | Current Cost 
Schedule per Month 
$7.00 


120 $89.00 1/Sweeks $78.00 
$16.00 1/6weeks $10.60 


Actifolate 

Calm PRT 
Caprilex™ 
Cytoflora™ 
Designs for Health 
Lithium Synergy 
DMG 


4 oz $79.00 $79.00 


120 caps $22.00 $6.00 


$10.60 
Douglas B-Complex $21.00 
Douglas CoQ10 $12.50 

FMetagerios Aresa®™ [60 | $33.00 [ tamonths [$8.00 | 

| NeuroScience Avipaxin_|_60_|_$58.00_|_1/2months | ___$28.00__| 


Oxycell Glutathione Cream $33.00 | 1/2months $16.50 
Pharmax Cod Liver Oil $13.33 $13.33 
Source Naturals B6 (p5p) $15.00 | 1/6months $2.60 


PamossOr [90 | $745 | tvewecks | sar 
54.50 
$10.00 
Speak EFA | 60 | 42.00_| 1.51month | $63.00 | 
[TheaNAQ—CidEC C8 $54.00 | 1/month | $54.00 


TOTAL | $894.91 
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Tips for a Non-Toxic Home 


Many of our children on the spectrum have chemical sensitivities, and even if 
they don't, it’s wise to limit their exposure to toxins during the healing process 
as much as possible. Toxins are not good for anyone at any point in their life. 
The benchmark investigation “Bodyburden: The Pollution in Newborns” by 
the Environmental Working Group'’ (see Appendix 13, page 499) explains why 
this is so important for children with developing brains and immune systems. 
The following is a list of products to use instead of toxin filled, name brand 
cleaning products. 


Floor cleaner: Add one cup of white vinegar and baking soda to a bucket 
of water (add a squirt of liquid soap if you like). 


Air Freshener: To remove odors from carpets spread on baking soda and 
then vacuum the carpet. Simmer cloves and cinnamon as air freshener. 


Removing Toilet odors: Borax 


Trashcans: Spread baking soda in the bottom, then spray to disinfect with 
a solution of borax and water. 


Dish soap: | use liquid dishwashing soap and white vinegar to cut grease. If 
you buy dish soap make sure it’s biodegradable. 


Disinfectants: Borax with water is an excellent disinfectant, or spray CD. 


Laundry detergent: Soak the clothes for an hour in borax soap before 
putting into the washer. 


Oven Cleaner: Dissolve two teaspoons of liquid soap (not detergent) and 
two teaspoons of borax with enough warm water to fill a spray bottle. 


Windows and Mirrors: Club soda in a spray bottle 

Toilets and Tubs: Baking soda with apple cider vinegar 

96% Alcohol: Kills parasites on enema catheters, etc., and is great for 
cleaning bathrooms. 


Videos 


| have had many parents ask me if | think it is a good idea that their child 
watch “Genius Baby” or other videos that are supposed to help with their 
development. | do not believe these videos to be appropriate for a developing 
brain. Studies were done in Cuba that found that excessive TV watching 
before three years of age can cause the symptoms of autism. When the TV 
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was removed from the children that presented symptoms of autism, the 
symptoms disappeared. They also reported that TV watching could cause 
neurological discharges in the brain. 


| can also tell you that the only time my son stims or flaps is when he is 
allowed to watch TV. When he was younger, and deep in the throes of autism, 
the only thing he wanted to do was watch TV, while running back and forth 
and squealing. Any other activity was met with screaming and tantrums. He is 
much more interested in other activities now, and easily transitions from one 
to the next, including school. However, he still requests to watch YouTube in 
the evenings when all of his activities are complete, and that is truly the only 
time he flaps his hands anymore. To me it is very obvious that TV is a source 
of over stimulation for him. However, it is hard to deny him a truly preferred 
activity, especially when he enjoys videos on cooking and foreign language! 
The least amount of screen time (TV, computer, iPad, etc.) the better, however, 
we do what we can. 


Therapy Options: 
ABA is not the only therapy for children with autism. 


Many parents worry because ABA/IBI is either not available, or not affordable 
to them. | firmly believe that something is better than nothing. At the same 
time, | have seen many children recover without any ABA or IBI. Here are 
some of the options that have worked for families in conjunction with the 
protocol: 


¢ ABA - Applied Behavior Analysis 

* Occupational Therapy 

* DIR® Developmental - Individual Difference, Relationship-based 
Model 

* Floortime Therapy 

* TEACCH - Treatment and Education of Autistic and Related 
Communication Handicapped Children 

* Son-Rise® 

e PROMPT - Prompts for Restructuring Oral Muscular Phonetic 
Targets 

* Sensory Integration Therapy 

¢ RPM - Rapid Prompting Method 

¢ Supportive Typing 
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There are many other options not mentioned here. Human interaction is key 
for our children on the spectrum to find joy with us in our world. 


| have known many families to have varying degrees of success with all of 
the above therapies. Some are better for younger children and some 
for older children. Depending on the areas most lacking in your child’s 
development, you can investigate any one of these types of therapies. 
Families in many countries where insurance doesn’t cover any type 
of therapy have had to be trained themselves in how to apply therapy. 
Sometimes an aunt, sister, cousin, or neighbor steps up to help out. 
No ONE therapy has been fundamental to all of the recovered children and for 
that reason | say something is better than nothing when it comes to therapy. 


Even household chores can be therapeutic and task oriented. Simply because 
a person has autism doesn’t mean they can’t have responsibilities and learn 
new skills while helping out in the home. 


A word on laboratory testing 


| can’t stand to watch people waste money that they could be using for healing 
their children through various interventions on laboratory testing. If you have 
all the money in the world, and want to chart your child’s progress through 
laboratory testing, so be it. However, the rest of us sometimes have to choose 
between expensive testing and treatment. So many families have come to me 
after spending thousands of dollars they didn’t have on testing to tell me their 
child has viruses, bacteria, and candida. Am | surprised? Never. | have yet to 
see a child with regressive autism that does not have pathogens/parasites. No 
matter which pathogens are present, we use CD. 


Testing for parasites is woefully lacking at this time, and in fact, the only 
practitioners who have consistently diagnosed parasites have been veterinarians 
and practitioners of alternative medicine (also Metametrix labs have identified 
parasites in some cases). 


Generally speaking, if a child doesn’t have viruses, bacteria, yeast, parasites, 
heavy metals and allergies they don’t have autism. 


Stay Up-To-Date 


Subscribe to our Newsletter! 


Just go to www.cdautism.org and enter your name 
and email address... 


CD 
uN SM 


Autism: Avoidable. Treatable. Curable. 


' : . © 
Atoewi oe 100 Childrenya.- far been recovered 


Our latent free webinars on Ustream 


(02.02.2013) 
Help Andreas Kalcker (11.23. 2012) 
VEWSLETTER fe r I 


Thenk you for visiting! 





Chapter 15 


Final Thoughts 


If you knew how powerful your thoughts were 
you would never think a negative thought again. 
~ Peace Pilgrim 


hat would be your message to families of children with autism who 
have just read the book, but not started the protocol? 


Do not wait! Get started now! Autism is Avoidable, Treatable and Curable! 





You don’t have to spend fortunes on lab testing, imported foods nor 
supplements. Even if the medical community can’t decide if your child has 
autism, PDD-NOS, ADHD, Asperger’s, PANDAS, etc.... don’t wait! Start the 
diet. Even if you cannot do more than that, it will help. Some children have 
lost their diagnosis with just diet. There are parents all over the world doing 
biomedical protocols for autism, get together with them, join the forum at... 


www.cdautism.org 


..or the CDAutism Facebook group. The Internet helps us all to be close and 
share information. Don’t let anyone tell you the diet doesn’t work, just keep 
going and don’t stop. There is never an excuse to not do what is right for your 
child. “Their future depends on our courage.” 


The final chapter of this book is yet to be written. Until the day we have 
recovered every victim of regressive autism, there is no success. Just progress. 
Here | have expressed what | have seen and what the road of autism recovery 
has brought to me. | have learned a lot and continue to learn. Our children 
need us to keep learning and searching until we find what unlocks them from 
their autism. Not everything works for everyone. However, | have seen that 
this protocol works for most. Especially when it is done exactly as it should 
be. If you have found this book you have an advantage that | did not have with 
my son. When | first learned of Patrick’s diagnosis | lost precious time and 
money that | didn’t have to lose, trying interventions that didn’t yield results. 
In the nine years that my son has been in recovery | have yet to come across 
another protocol that has helped as many children to recover from autism 
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in such a short amount of time—less than three years, to be exact! As of 
the date of this writing in May of 2013, 93 children have lost the diagnosis of 
autism and every month more and more are recovering. 


Please remember that if your journey is autism you will never walk alone. | 
am here too. Just one click away... 


www.cdautism.org 


| wish everyone who is ill to have the fastest recovery possible from whatever 
it is that ails them. 


To be continued... 





Dr. Andreas Kalcker, Kerri Rivera, Jim Humble, 
in Puerto Vallarta, Mexico 2012. 


| HOW THE IMPLANT WORKS 
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‘1,500 light 
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back of eye 
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_ operation 
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| into the eye 
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stimulate cells in the 
retina before being 
passed down the optic 
nerve to the brain for 
processing into an image 


2 Ultra fine cable 
runs from the eye to 
a magnetic coil 
under the skin 
behind the ear. The 
battery pack is then 
connected 
magnetically on the 
outside of the head 
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from 20ft 

away, read 
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Healing Beyond Autism... 


When TRUTH is found, understood and accepted is when we realize it 
was not even close to what we thought it would be... 
~ Miriam Delicado 


A Jim Humble has been proving for many years, chlorine dioxide is a 
molecule capable of healing many common ailments. When combined 
with the other elements of this protocol, in the correct order, it has shown 
to be even more effective. We have decided to include this bonus chapter 
because it is time to start sharing this information with everyone, as pathogens 
and parasites are the root cause of many of the diseases that are causing 
suffering in our world today. 


As parents saw improvements in their children’s health from the protocol, 
some of them decided to use it on themselves as well. Similarly to when the 
flight attendant tells you to put on your own oxygen mask first before helping 
others, it is important to take care of yourself if you want to be able to help 
your children heal, grow, learn and mature. 


Over time, parents who followed in their children’s footsteps started to have 
some undeniable gains in their own health. This was an added bonus many 
didn’t expect, and we couldn’t resist sharing their stories with you. 


After reading the parasite chapter, you may have been surprised to see how 
many common symptoms can be caused by parasitic infections. Imagine what 
would happen if we could get this information into the hands of people who 
have seen many doctors, used various drugs, and applied countless protocols 
for years while only masking the symptoms of the underlying cause. So, there 
should be no surprise if going after the real cause was life changing in real 
ways. 


The following testimonials are a small sample of how some of these people’s 
lives have been changed. Serious afflictions such as Lyme disease, fibromyalgia, 
chronic fatigue syndrome (CFS), depression, cancer, and chronic infections, 
are just some of the conditions that improved or completely cleared 
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up. By cleaning up toxic pathogens and parasites, as well as removing foods 
that feed these invaders, it should be no surprise that disease triggering 
inflammation is reduced so true healing can take place. 


| am so excited for you to read these, and | know that some of you will 
recognize yourselves here. Please know that healing is possible! We have 
a public Facebook group called CD Health where adults using the protocol 
for themselves can share questions, doubts and success stories. | highly 
recommend that you check it out if you are looking for support or some 
guidance getting started. 


Testimonials Beyond Autism 





‘ bi After we saw our son recover from ASD using CD,! 
_)) tried CD myself and it helped me recover from Lyme 

sma, and its co-infections. Some of our extended family heard 
about our success and they have had very good results 
using CD for treating Hypertension, Diabetes and Liver 
problems. My younger NT son used to bang his head 

in sleep since he was born, CD has now resolved the 
problem. | think anyone who tries CD sincerely, can only 
benefit in treating so many hard problems. One very 
beneficial side effect | have seen with CD is the resolution to seasonal allergies and 
improvement in the immune system to the point where kids do not fall sick or catch 
colds. In this regard CD is much better than yearly flu shots which have so many 
toxic elements in them and still do not protect adequately. 


—Nilesh 





To say | was anxious about the impending birth of Baby #2 is an understatement. | 
felt like | had failed our first born on so many levels and was a mess believing that I’d 
do the same for our new daughter. 


But alas, she was born a perfect and healthy baby girl. So was Callum, our son, but 
unlike Lila who had zero interventions, Callum had antibiotics from my labor, the 
Vitamin K shot, HiB, and DTaP. And it was the DTaP vaccine at 15 months that took 
the shine from our sweet boy’s eyes. 


We discovered Kerri’s protocol when Lila was 3 months old and more worries 
cropped up about how to best protect her from the die off that was going on in our 
house. 


At 5-months, she developed an eczema patch underneath her chin, became 
chronically constipated, and her normally cheerful disposition became irritable. 


As soon as she hit the 20-Ib mark, | started giving her 20 drop CD baths, low dose 
oral CD, and 3 drop CD/150 mL water enemas. To my horror and surprise, Lila 
started passing 1” baby roundworms almost daily. 


In a family with both NT and ASD children, the NT child always has some type 
of quirky behavior. Now we know why! Parasites do not only affect the ASD 
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population, they affect everyone. Having CD in my tool chest gives me the power to 
prevent so many things that may have been in my daughter’s future. 

Don’t be afraid to treat your babies! Her eczema is gone and she’s pooping 
regularly once more. 





I write and share my story in that it might help or save someone else's life. That it 
may just be the key to help someone see what may be what is happening for them 
as it was and is happening to me. If it helps just one person onto their path to 
recovery and health then it will have been worth sitting down at this computer and 
sharing it. 


For the past 10 years or so my world has been collapsing in on me, and getting 
smaller and smaller, and accelerating the past 5 years. | have felt as if | were under 

a thick coffee mug on the edge of a table about to fall off. Ona scale of 0 to 20 
with 0 being death and 20 being fully alive and cognizant, | felt as thought | was at 

3 staring at 0. For the past 5 years at least | have done so much research, listened 
to so many radio interviews, done so many different modalities, bought so many 
products, paid a lot of money to different therapists, ate weeds, made my own 
concoctions, etc. My mother would always say to me wow you should be so healthy 
to which | would reply no mum, actually | am not. | began feeling like a phony. | ate 
real good took all the right stuff, got plenty of rest foraged for my own food and 
spring water, got exercise, walked barefoot, etc, but always felt exhausted and looked 
worse and worse. | was fighting with everyone it seemed and chasing people away 
including family. 


Four months ago my wife decided we should go away on a weekend getaway and 
relax. We fought the whole drive up there and when we got there she threw me my 
room key and said you’re on your own. | spent the whole weekend in bed and on 
the trip home we both decided to end our 20 year relationship and marriage. | was 
good with that and looking forward to being on my own. | was finally chasing the 
last person who mattered to me away. 


A week later an angel came into my life. | have been listening to oneradionetwork. 
com for the last 5 years and on this day Patrick Timpone had a lady by the name 
of Kerri Rivera on and she spoke about how she was curing kids with autism and 
that the kids had parasites. | looked up the symptoms of autism and realized | 

had quite a few of them. | immediately began the mms enema protocol which she 
recommends. | could not believe what then came out of me. | kept this up for a 
week and still there was no let up with the amount of parasites, biofilm, and who 
knows what coming out of me. After a week of this and seeing no let up on what 
was coming out of me, and having just done an mms enema | laid on my bedroom 
floor and the grief just poured out of me. My wife came in and lay down next to 
me and just held me. | knew then that something had changed, that my life and my 
marriage were now on a healing path. That the pain, the toxins and parasites were 
now leaving my body. 


It has now been just over 3 months and there has been no let up on what has been 
coming out of me. If | were to have scooped it all up and put it ina jar | am sure 
it would fill a one gallon jar with hardly any water in it. | now feel | am at about a 9 
with 20 in my sights. | thank God that this info came into my life and | took action 
on it. It has saved my life and my marriage. | love my wife, and cannot imagine not 
having her with me. And | love my life and am looking forward to not only getting 
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to the 20 mark but what is beyond the 20. What is possible when one’s brain is at 
full capacity and not being inaundadated with toxins? Much love and appreciation 
goes out to Patrick Timpone at oneradionetwork.com, Kerri Rivera and her work 
with autistic kids (adults too Kerri), and to Andreas Kalcker. Thank you all for 
showing me and pointing to the keys | needed to free myself from what has been a 
nightmare. 


A big part of my healing has been reviewing my life and realizing that this has been 
going on for most of it and answers so many questions | have had. As a child 
growing up | had pain in my stomach and what the doctors eventually did was take 
out my appendix, which most of us know now is needed to keep the healthy flora 
in our intestines. And they told my parents that it was all in my head. So whenever 
| complained about stomach aches and pains was told that it was all in my head. 
School was a nightmare for me, as socially | felt | didn’t fit in or belong, and a lot of 
easy concepts that most others got, | just couldn’t get. | always had the feeling like 

I was missing something. | felt as though | was stupid or something just wasn’t right 
with me. | now know there are many just like me. The words Autism, add, adhd, 
ocd, etc were not a reality back then. And | know those are just words or diagnosis 
of toxins and parasites. Get rid of the toxins and parasites and the diagnosis goes 
away. Easy peasy. Thank you all for listening to this chapter of my story. | look 
forward to many more chapters in my life story. Please feel free to pass this along 
to anyone who it may help. Much love. 


—Bruce 





When starting the protocol for my son’s Autism, | 
decided to do it along with him. 
I was suffering from Hypothyroidism, Adrenal 
Fatigue, a Hormonal Imbalance, and Severe Anemia. 
My cortisol was at a 3. One week into the protocol, 
my cortisol was at a 14, and my iron levels were 
normal without supplements. My thyroid medication 
dosage was decreased twice. My vitamin levels were 
yall normal. My uterine fibroid cysts were completely 
"gone after a few months on the protocol. | continue 
\ to see improvement in my health. This protocol has 
been a Godsend for my family. 





—Maggie Kaye 





CD has been life changing for my 18 year old son who has autism and Lyme, 
although his ATEC today is only a 3, down from a 68 at the start of cd, but | never 
thought it would be so instrumental in my dad's life also. 


My dad, William, has a malignant melanoma in his eye and has received radiation for 
treatment for the last few years. | talk about cd all the time but they never took 
this treatment seriously, at least for anything besides autism until now. My dad gets 
terrible ear infections that he sometimes has to go to the hospital for. They tell him 
each time that he has “swimmers ear” and they give him abx, sometimes it seems to 
work, sometimes not, and he goes back to the drs or hospital for more abx....over 
and over. Recently he was leaving here for his 7-hour trip home, and he was very 
worried that he would not make it home with the painful infection that had begun, 
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and he would have to stop on the way and visit a strange hospital. So | mixed up 
some cd, and told him to drop a few drops of the cd mixture in his ear periodically 
on his way home. To his surprise, the infection cleared up by the time he got home 
and there was no need to even call a doctor. 


Of course, my secret plan is to get him on the cd protocol to finally deal with the 
tumor in his eye and that’s the plan we have started. Whether he uses it and shrinks 
the tumor and saves his life with cd or not, he’s a true believer now that cd cures 
infection. 





I have been taking CD and the parasite protocol for 5 mo., and here are my 
observations. | have had long-term chronic sinus issues which has caused sever 
sleep problems. Also, a few months ago, | had a severe toothache in the upper 

left area. The dentist examined and found no fault with the tooth, even though 
there was severe swelling in the area. The infection originated from my sinus, and 
by taking my CD regularly hourly, was quickly solved. (My hourly CD doses were 
compromised by travel) | have also noticed improvement in my sinus condition, 
resulting in better sleep, although | have not fully recovered yet. Right now my 
sleep is somewhat interrupted by peetox. | will continue CD and PP for the 18 mo. 
Previously; | had used several naturopaths, with either negative results or limited 
results that disappeared when the medications were discontinued. So far | am happy 
with CD and would recommend it to people to try. 


—Ed Canada. 





A friend started eardrops with her 13-year- 
old pug 3 weeks ago. The pug Lucy was 
almost deaf from ear infection after ear 
infection, on constant drops, had seizures. 
After 3 weeks on CD eardrops, went to the 
vet, no ear infection, hearing is improving!! 


Winning!! 





Since | was a child, | had been anemic and reading the book “Healing the symptoms 
known as autism” on the Parasite chapter, | saw that anemia is a sign of parasite 
infection. Since my son is taking CD | also took CD to know how my son feels and 
maybe cure my anemia. | had no problem going up to 24 drops in less than 2 weeks. 
| stopped taking my iron pill after 1 month of taking CD. | also did parasite protocol 
as | do not want to reinfection my son. Since, | stopped taking my iron pill | never 
had any dizzy spells and | feel great. 


I used to wake up at night too to use the bathroom, now with CD no more 
night waking. In 2009, 1 was informed by my Doctor that | need to go and see a 
specialist as there was some suspicious stuff in my Pap Test and if not removed it 
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can lead to cervical cancer. | was booked in the hospital for the procedure. After 
taking CD reaching full dose, | had been discharging this horrible smell, like rotten 
egg, whenever | urinate. It took about a month before it stopped. Whatever that 
was, CD cleansed me and | think that discharge is related to my diagnosis on the 
pap test result. | am very grateful for CD for giving me my health back. | am still 
continuing taking CD as | want to be healthy and | will also try to complete the 
Parasite protocol for 12 months, | just finished my 5th PP and have been seeing lots 
of parasites mainly pinworm and ascaris. Now, | know the root cause of my anemia 
especially. | would encourage people to try the Protocol and see where the healing 
leads you. Thanks to Kerri Rivera, Jim Humble, Andreas Kalcker and people who 
used the CD before me as you gave me courage to use the CD. 


—G.M, Canada. 





Two days before our first set of cd bottles arrived (we bought it to start Kerri’s 
protocol with our autistic daughter), our son (6) got sick with scarlet fever. We 
didn’t give him antibiotics because we just finished our research on cd and were 
excited to use it instead. My sons face was swollen and red, he had a moderate 
fever and rash all over his body. After the first dose of | activated drop of cd within 
one hour his swollen red face subsided completely and in the evening the fever was 
gone. His rash got dry and after 3-4 days it was not visible anymore. Our physician 
told us that scarlet fever without antibiotics lasts up to three weeks. We were 
done within 4 days, without damaging his gut flora, as it would have using antibiotics. 
CD has taken care of many infections in our family since then and most important 

- brought our daughters ATEC down from 100 to 46 in nine months. I’m beyond 
grateful for its discovery. 





For the past six years, my life has been plagued with anxiety/fear, depression, 
pressure in my chest, making it difficult to lay flat and sleep, bloating which caused 
me to look 7 months pregnant and which made my abdomen very tight and 
uncomfortable. Headaches, weight gain, sore joints, no energy, fibromyalgia pain, and 
dizziness causing me to feel drugged and off balance. 


The anxiety and fear were debilitating literally making it impossible for me to sleep. | 
would go night after night not sleeping, just dead on my feet suffering with so much 
anxiety and very frightened wondering what in the world was wrong with me. 


When Kerri’s book, Healing The Symptoms Known As Autism came into our lives, 
I read it wanting to help or autistic son. | soon realized | had so many of the 
symptoms that | needed to do the protocol. 


I started on the cd taking a very small amount, 2 drops every hour, about 12 doses 
per day, and worked up to between 60 and 90 drops a day, | also took cd baths and 
did enemas. | increased the cd every day by just a drop or two. Very soon | started 
to calm down significantly. | started sleeping! | started losing weight! For about 5 
weeks | thought | had died and gone to heaven. In two months | lost 20 Ibs. 


But when my anxiety started coming back | set up a consultation with Kerri. | 
learned | needed to begin the parasite protocol to kill the parasites. The cd just 
killed the little ones. 


With Kerri’s help in several consultations | was able to tweak the protocol in 
her book and apply it to me for my personal needs. | started on low doses and 
increased it for what | needed to sleep. 


Healing Beyond Autism 355 


As of today | have only been taking Mebendazole, the medication that kills parasites, 
for 3 and a half weeks. | sleep at night. Some nights are a little choppy but | get 4-5 
hours of sleep. | am not depressed. My emotions are not all over the place. | am 
coping. I’m functioning without sever headaches, only mild ones. | still have bloating 
but not as severe. | feel like | will live and that | am not dying anymore. | hardly ever 
feel depressed. 


To date | take 200mg Mebendazole at breakfast, lunch, dinner and bedtime, plus a 
200mg implant right before | get into bed. The implant has been the turning point in 
my healing. (Consult with Kerri for directions regarding the implant.) | also take 2 
neem tea capsules with each meal. Also, one dose of Combantrin everyday at lunch. 
| take castor oil as needed each day 1-2 Tablespoons to keep things moving, plus a 
cd bath at bedtime, 150 drops soaking for 20 minutes. 


Trying to differentiate what is die-off and what are actual symptoms from the 
parasites is challenging. Pay close attention to how you feel after you do or take 
something. After an hour note how you feel. Worse, better? You have to listen 

to your body. Consult with Kerri often and keep her informed by email. You may 
have to tweak the protocol every few days so write everything down, day, time, how 
much, how you feel etc. 


All of my symptoms are not gone 100% but they have greatly improved. The anxiety, 
which was the worst and most debilitating symptom, is the greatest improvement | 
have had. | know | will be able to heal completely and get my life back. | have just 
begun!! | have had so much progress in just a few short weeks that | still cannot 
believe it!! And...| have lost 2 more pounds!! 


Thank you Kerri for all of your love, support and guidance!! | could not have 
attempted this without your knowledge and help!! You are an angel!!! 1AM 


Your devoted friend, Marcie 


My mother 84 yrs of age- who has dementia was very, very serious last week. Her 
lungs were filled with mucous and she could not spit it out. We thought this was the 
end and my sister invited the priest to bless her. The doctors suggested that | place 
her in a hospice, but | refused! They also offered antibiotics, but | bought some CDS 
and gave it to her every hour.! placed a humidifier with 40 drops of activated CD 
by her bedside day and night.And massaged different parts of her body with CD 
and DMSO. soaked her feet just once in CD as it is difficult. She cant sit straight. To 
everyone’s surprise she made it through. Just a little bit more to clear up! Thank you 
everyone for sharing wonderful tips on loving and caring for our loved ones! This is 
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| want to thank all of those who were kind enough to share their personal 
stories with us. There are many more, but you get the idea. | am so excited 
for you to read them, and | know that some of you will recognize yourselves 
here. It just goes to show that healing challenging illnesses is possible. We 
have a public Facebook group called CD Health where adults using the 
protocol for themselves can share questions, doubts and success stories. | 
highly recommend that you check it out if you are looking for support or 
some guidance getting started. 


Appendix 1 


More Miracles & Testimonials... 


The only limits you have are the limits you believe. 
~ Wayne Dyer 


T° date, 115 children have lost their diagnosis of autism by using CD and 
some or all of this Protocol. Autism IS curable! 


This section is comprised of testimonials, miracles, and short blurbs on gains 
made by children using The Protocol. In many cases, these are candid emails 
from parents to Kerri sharing their joy at their child healing. These were 
gathered over the past 3 years, and have come from families all over the world. 
Some were translated by the parents of the child to English, and some were 
translated by my sister or |. We have done our best to honor these exactly 
how they came to us, unless a correction was needed for clarification, these 
were not edited. Many are anonymous for the protection of the families and 
their children. Names were used when permission was given. These families 
were generous enough to share their experiences with all of us to spread 
hope and joy, as well as to prove that children all over the world of all ages are 


healing from the symptoms know as autism. Please enjoy and share. 


Please note that many of these testimonials were collected some time ago and 
therefore some contributors use the term MMS instead of CD. Due to time 
constraints it was impossible to request permission to change the acronym of 
MMS to CD in their testimonials. As we mentioned previously, MMS and CD 
are the same substance. Where the acronym MMS is used in the following 
testimonials please know that chlorine dioxide is the substance responsible 


for the healing. 


We have added many new testimonials since the first edition came out. Those 
new testimonials are located at the end of chapter 2 and continue on the next 


page, followed by those appearing in the first edition. 
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(continued from Chapter 2, page 40) 


45. 


46. 


47. 


Things | wish I’d known before starting this protocol: 


* My son would drop juice and pick up a water regimen immediately. 


* My son would sleep through the night every night. 


* My son would not be constipated again. 


* 


My sons ATEC score would be halved in 7 weeks. 


* My son’s speech would be at age level. 


My son wouldn’t need his daily rx med again. 


My son would be excited about and participate in his birthday 
celebration. 


My son would come into the bathroom and say, “I’m ready to wash my 
butt” unprompted. 


My son would drink ocean water. 


My son would get acclimated to school and would initiate conversation 
with his peers. 


My son’s dark circles under his eyes would disappear. He would start to 
look and act like a healthy boy, and others would take notice. 


My son would be affectionate, tell me he loves me, crack jokes, and be 
connected to me like never before. 


The people who opposed our diet and protocol choices would be 
unable to deny that this works and we’re on the right track. 


My marriage would be saved by rolling our sleeves up and tackling this 
together. 


* | would find a way to heal my own ailments. 


The future is bright 


My son with autism is 31 years old. Although he is fully verbal, he had a lot of 
issues: SIB, Aggression, he was not able to sleep.We have been trying different 
kinds of protocols since he was 3 years old. Unsuccessfully. | heard about Kerri 
Rivera and the CD Protocol last September. We started right away. We were 
continuously in touch with Kerri who kept giving us the faith, that even at that 
old age it is possible to heal and even recover. In September, when we stared CD 
he had an ATEC of 87, 4 months later we measured 63, and now, after 8 mounts, 
he has an ATEC of 28. There are some SIB’s and aggression left, but it happens 
only rarely. If we could get rid of it, my son would be recovered. He became an 
interested young man, his memory improved. He keeps giving proper answers 
to my questions, something he never did before. | can see his real personality 
now: he became a nice, lovable, open-minded young man from a very sick raging, 
roaring, screaming, suffering boy. There are no words to say thank you to Kerri 
to show us the end of the tunnel. | think I’m on the best way to recover my 
31-year-old son! 


Mark, 31, Hungary 
Dear Kerri, | am very grateful to you for your benevolent service of helping to 


recover kids with Autism like myself. You have really improved the quality of lives 
of many hopeless kids. | really feel the difference now that my ATEC score is a 


allows mind-controlled gene expression. 


The experiments by Folcher et al. are done with optogenetic implants 
in mouse brains that are wirelessly controlled by human brain waves. 
This is the proof of concept step, preliminary to trying the implants in 
humans to control the expression of engineered light sensitive 
regulators of genes for therapeutic proteins. Here is their cartoon 
summary of the procedure: 
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The mind-controlled transgene expression device consisted of 
(a) an EEG headset that captured brain-wave activities (the 
encephalogram), identified mental state-specific electrical 
patterns (biofeedback, concentration, meditation) and 
processed discrete meditation-meter values (0-100; 
meditation-meter value plot), which were transmitted via 
Bluetooth to (b) the Arduino single-board microcontroller 
with a time-relay device and switching the (c) field generator 
ON and OFF. This BCI (a—c) controlled (d) the TC (c,d) of the 
field generator, which inductively coupled with the (d,e) 
receiver coil (RC) of the (e) wireless-powered optogenetic 
implant. (e) The NIR light LED illuminated the culture 
chamber of the wireless-powered optogenetic implant and 
programmed the designer cells to produce SEAP, which 
diffused through the semi-permeable membrane. The blood 
SEAP (human secreted alkaline phosphatase) levels of mice 
with subcutaneous wireless-powered optogenetic implants 
containing designer cells that were freely moving on the field 
generator could be modulated by the human subject’s mindset 
in a wireless, remote-controlled manner. 
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I and! am still making inroads in executive functioning and social skills. Without 
someone like you, we would have not known about CD and it would have taken 
several years to cure me solely with chelation. By that time, | would have been 
out of high school and probably in a community college taking rudimentary 
general education courses and would have had a bleak future ahead of me. But 
now, | am doing well in school and am taking college level courses.And | am not 
the only one in my family that has had benefitted from using CD. My brother 
used to have mild seizures in the form of head banging and most of that has now 
stopped. My father has used it because he contracted Lyme’s disease twice.And 
my grandparents have used it to treat Alzheimer’s, Diabetes, Blood pressure and 
Hepatitis C. So again, | cannot thank you enough for everything you have done 
that has not only changed my life forever but has made a profound difference in 
the lives of others afflicted with Autism. 


My seventeen-year-old son was a healthy happy baby until he received 
vaccinations at age three. The day after the vaccinations he began having horrible 
anxiety problems. Day by day he lost skills and regressed. He developed 
problems with fine and gross motor skills, and social skills, memory and sensory 
integration. He also had multiple learning disorders and struggled in school. He 
spent all of his time in his room by himself and he did not make eye contact. 


We tried many interventions to try and help him. Biomedical interventions, 
antibiotics, therapies homeopathy and Biofeedback all had limited benefits for my 
son. The only thing that helped him some was a gluten free, casein free, sugar 
free diet. While reading Healing the Symptoms Known as Autism we learned 
that most of the interventions we tried did not work because we were feeding 
the parasites that were causing my son’s autism with vitamins and supplements. 


While | was watching videos about Chlorine Dioxide | came across a video 
of Kerri Rivera talking about the protocol she uses with autistic children. As 
| watched the video everything began to make sense and | knew the protocol 
would help my son. 


We bought Kerri’s book Healing the Symptoms Known as Autism, gathered 

the supplies and my whole family started the protocol. To our amazement we 
saw improvements in my son overnight. We had taken the ATEC test for my 
son right before we started the protocol and it was a 43. In just one month 

of Kerri’s protocol my son’s ATEC dropped to a 5! We will continue with the 
protocol for the recommended time and we expect to see my son’s ATEC drop 
to zero before we finish. 


His social skills, motor skills, thinking, behavior, attention span and stimming have 
all improved immensely. His sleep patterns, digestion, physical appearance and 
weight have also improved tremendously. 


Kerri Rivera’s book gave us the tools we needed to reach in and pull my son 
away from the grip that autism had on him. We will forever be grateful to Kerri. 
She devotes her life to helping children with autism and always has an open 

line of communication for anyone who needs help. She is the voice for so many 
children that don’t have a voice. Thank you from the bottom of my heart! 


FUA!!!! BIG moment... crazy morning, ughhh we miss the Bus | was so mad 
because my other daughter had preschool at 9:30 so my morning was a mess, | 
had to leave in Pj’s and make them eat breakfast in the car....but then in our way 
to school my son saw a School Bus passing by our side and said “school Bus is 
gone, L is sad” OMG OMG OM6G.......did he just said this 30 words sentence????? 
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(actually 7 words but seems like 30 to me!!!) Ok...WAIT then | get to school 
not mad anymore, | walked with him still in shock, | couldn’t believe what | just 
heard....and when he saw the line of kids by the wall he point at them and said 
“my friends” OMG OMG OMG....0k WAIT....then we get there and he takes 
the teacher hands, gives me a kiss and said “bye mommy” OMG OMG OMG... 
WAIT then the teacher ask him L, remember back pack by the wall, so he goes 
to the wall with his back pack in his back and does exactly what he was ask to 
do!!!OMG 

FUA...THAT’S RIGHT.... 223 days in this Protocol, searching poop, dosing, 
enemas, writing in his food diary every little thing he eats, therapies ABA, speech, 
occupational, hours hours of work, hard work...all just to witness this miracle 
of healing...to see him think, react, analyze a situation, be happy, spontaneous 
and smart by himself (no prompt or reinforcer necessary)... THANK YOU 
Kerri Rivera since the first day | found you in YouTube | have never stopped 


HOPE FOR ALL!!!! 


My son is 23 and we have tried many, many approaches to heal him over the 
years. Typically we would see some initial progress, but then the rate would 
slow down and he would plateau again, slipping further and further behind. 
Lyme disease and co-infections, as well as various viral, fungal and metabolic 
issues complicated everything. We had to resort to psych meds, even, for his 
depression, anxiety and mood disregulation. 


We started Kerri’s protocol in the summer of 2012, and had to cut the number 
of drops again and again to something he could tolerate, since he has MTHFR 
genetic issues with detoxing, until he was at 1/64th of a drop per dose. By 
October 2012, he was at full dose and after two weeks, began to talk about 
learning to drive, to offer to do a chore at home, to draw again. So it has been 
about a year for us, and the improvements are continuing, his ATEC score went 
from 77 pre-meds to 11 now, and our lives are all much better thanks to this 
book and Kerri’s dedication to the cause of healing the children. Please, if you are 
reading this, don’t be afraid to try one more thing! 


My son started Kerri’s protocol 10 months ago.At the time we started the 
protocol he was doing a home based therapy program for 60 hours a week. We 
did not send him to school because he was not able to handle all of the outside 
stimulus, unable to follow directions, and unable to communicate effectively. He 
stimmed most of his day and only spoke in 2-3 word sentences to get needs met 
only.When he started the protocol his ATEC was 57. It quickly dropped and the 
improvements were mind blowing. In 5 months time his ATEC was a 9. Today 

at 10 months after starting the protocol his ATEC is a FIVE!!!! He now attends 
school with out any kind of extra support and exceptions made for him. He is 
truly just one of the other children. | have been volunteering in his school and | 
have had 5 different office people tell me that he stops and greets them on his 
way to different specials (p.e, library, art, gardening). They told me he initiates the 
greetings and says: hello, good morning, buenas noches, and all with a big smile on 
his face. | have even been told by 2 of them that he greets them by name. Did | 
mention that he leaves the classroom on his own to go to specials??? Yep, my one 
time *severely autistic* child finds his name and places it in that specials category 


More Miracles & Testimonials... 361 


52, 
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54. My 16-year-old son is doing great on your CD protocol.ATEC down from 89 to 


55. 


basket, leaves the classroom and goes to specials on his own???? When he is done 
with specials he goes back to his classroom and does his work. Holy CRaPI!!!!A 
dream come true. 


Thank You Kerri!! 


My 6 year old son’s ATEC went from 45 to 22!!! Wow I| knew he was doing 
better but more then half! 


Thanks Kerri Rivera!! 


I don’t know what to chalk it up to--we just finished our 3rd PP and did our 2nd 
shot of GCMAF on Saturday--but my 9 y/o son has started taking pictures with 
my iPhone. They are not just random shots; he is finding objects or angles and 
taking pictures. They are FASCINATING! He has also figured out how to use the 
reverse feature, and has taken a series of self-portraits, which he flips through 
and says to himself “Who’s that?” 


37. Best thing that ever happened after doing 8 years biomed with him. 


We started CD with my precious 5 year old ‘O-ster’ in June 2013. Some of the 
completely new developments we have seen since we started....... He is aware 
of how to burp and toot, and thinks it is funny. He is apologizing for things he 
does wrong. Even a day later, he will remember and apologize. He goes to the 
bathroom on his own. He is completely pottytrained, even at night. He does 
household chores happily. He sent people on my contact list emails that said 

‘| love my mommy. He has better problem-solving, more motivation to draw 
pictures. If he gets messy, he just goes to the bathroom and washes his hands and 
wipes off his shirt by himself without saying anything. He dresses himself. He 
does somersaults (just a few months ago, it was impossible for him to even get in 
somersault position), can open baby gates, can get in crab walk position, can jump 
off of furniture with both feet. He greets us when we come home and is excited 
to see us. He MISSES us when we are gone and talks about it during the day. 
He’s making up 4 line rhymes. He cares what he wears and picks out his clothes! 
He is not running back and forth as much. We have normal trips to restaurants. 
I can leave our front door open now, and not worry that he will run away. He 
tries to help put our dog in his crate and fetches with him. He wants to come 
with me if | leave the house to go somewhere. He will now eat almost anything 
| put on his plate. He used to vomit at the mere thought of things like GF pasta 
or rice,and he wouldn’t allow any food on his plate to touch another type of 
food on his plate. He will now eat bowls full of tomato sauce, onions, burger, 
rice, garlic and peppers all mixed together. Our family can eat dinner together 
now. | no longer have to make separate meals. He even eats raw peppers! 

He yells ‘watch me!’ and does things like diving onto the bed or jumping off of 
something. He looks at cloud formations to see what pictures he sees in them. 
Last week he heard a toddler crying in Target. He wondered why the child was 
crying and wanted to go find her. He misses his little sister when she is not at 
home. He wants her to play with us when we are playing. He is completely 
aware of what is going on now. He is much more aware of danger. He notices 
the weather. There is a sense of calmness about him that he did not have before. 
His tantrums are much less severe and much less frequent. | was supposed to be 
his aide this year in preschool, but | have been able to just drop him off at school. 
There are many more new things that he is saying and thinking and doing. 
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Our quick biomed history- He regressed after vaccines at 12 months. Starting 
at 18 months of age, he was gfcfsf for 1 year, then scd for almost 3 years. It feels 
like we have tried everything with supplements over the last 4 years. Some 
things helped a little, but nothing really tackled his pathogen load, even though 

he was on an awesome diet. His ATEC was 66 in Dec 2010. Low dose chelation 
brought it down to 33 in 3 months. The ATEC stayed at 33 for 2.5 years. We did 
112 rounds/weekends of low dose chelation during that time. ATEC June 2013 
was 34 (before starting CD), July 2013 was 30, October 2013 was 20! We are on 
our way down. This is the first time that | have physical proof that we are getting 
rid of the pathogens that have controlled and poisoned his body and brain for 
most of his life. It feels so good to finally help him. | am hoping to write our 
complete recovery story in Kerri’s next book. | thank God that we saw Kerri at 
AutismOne. 


56. Nick texted me yesterday for the first time, on his own. “Hi from Nick” - that’s a 
2013 FUA fo sho.— Alison 


(this text was accompanied by an ATEC drop from 69 at 6 years old to 14 at 8.5 
years) 


57. Yesterday my son told me | worried too much, | said you worry too much Too 
Noah! He responded, my hair is red, yours is gray, so who is the worrier, hahaaa! 
The windshield wipers keep wiping away the autism, what’s staying around it 
seems, is completely lucid speech and unbelievable comebacks! He never could 
say things like that before, not at all, he really was in there somewhere. 


58. Something really beautiful is going on in our household right now...Caleb is 
totally blossoming socially on every level. There is a calmness in his body. He is 
alert, responding to his name, sharing his toys with other kids, wanting to give 
affection without prompting, soothing Lilia when she is crying rather than batting 
at her.We even have gotten a few spontaneous silly phrases!!!! Oh baby, oh baby, 


59. We started the diet on the Ith of March, CD on the following week.Adam 
started to ask questions in April. Since then he keeps asking continuously...His 
ATEC dropped down from 49 to 38. 


Tunde, Hungary 


60. OMG OMG OMG!!!!! My son is singing!!! He was ZERO verbal... | mean 
ZERO!! His shadow teacher told me a week ago that he started to mimic, | said 
to myself “yeah he was babbling and she thought he is mimicking!...” Yesterday 
she told me he started to sing and | said to myself, “Yeah right, she is absolutely 
illusionist or exaggerating!!!” She knew | will not believe her because he is just 
humming at home! So she sent me a video which was a shock for us. He is 
singing the song “A is for apple, a a apple... B is for ball, b b ball... C is for cat, cc 
cat...D is for dog, d d dog...” | don’t have enough words to thank you and thank 
Kerri Rivera and this incredible protocol!!! Thank you for saving my child. xoxo 


61. ...My son is doing his first CD PP. We picked him up from preschool he was 
extremely happy. Hugs & kisses. Then...runs up to a classmate and touches his 
shoulder and says, “bye Johnny”, runs to another classmate and says, “bye Kevin.” 
Then he skips to the car. These improvements in his socialization is new. We are 
so pleased and | wanted to pass along these social gains with you all. His atec at 
start is 58. 
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My little sweetpea is almost 4...and completely NON VERBAL...upon picking her 
up from therapy today, her teacher said she was having a great last few days... 
and both therapists said her eye-contact has been different...like in a really good 
way!!! I’ve also noticed her looking at me...straight into my eyes for what seems 
like forever...almost as if she has never seen me before?! They also said that 

she has been looking at them and has been opening her mouth trying to make 
sounds...as if she wants to say something very badly...but can’t...but with a lot 

of prompting...she did say “Hi!”...all | know is that somewhere in there is this 
amazing person waiting to be let out! | often worry if we are ever gonna make 
it...finances and healing your family can be very overwhelming...especially on one 
income. But for the love of my daughter we just cannot give up...feeling very 
hopeful and blessed today...and very grateful that something is finally working. 


Hi Kerri, 


| wanted to write and thank you for discovering and sharing your protocol. This 
protocol has saved my almost 5-year-old son. 


My son suddenly started having absence seizures that would freeze his breath. 
From the day he had his first noticeable seizure, he was hospitalized every seven 
weeks for uncontrollable status epilepticas, a life threatening condition. They 
would pump him with seizure meds, Ativan, and Valium for hours before the 
seizures would finally stop. 


Since starting CD five months ago my son has not been hospitalized once. He 
went ten weeks seizure free. He had a few mild seizures that he brought himself 
out of without any extra medications. He currently broke this record and has 
made it another thirteen and a half weeks seizure free. | true miracle. 


Everything we searched for to treat his Lyme disease in the past would either 
cause seizures or not help to prevent them and | now know why.As you 
predicted after starting your protocols we discovered that he not only has Lyme, 
he is also incredibly loaded with parasites. So much so, that it scares me to think 
of what may have happened to him if we didn’t find you. 


I’m so amazed to watch him subtly emerge. Since we started, he went from 
saying about 20 words to saying 69 words, along with two and three word 
combinations, and over the past month he has begun to answer simple questions. 
His vestibular system has gotten much better; he’ll actually swing. He just started 
jumping off curbs. His eye contact is perfect. He’s gained two pounds in the past 
three months, something he hasn't’ done since being diagnosed with failure to 
thrive at a year old. He is playing with his three year old sister; it’s so adorable to 
watch them chase each other around the house, hug, chase each other, hug, get 
in the dog crate together, hug, take turns pushing each other in their wagon, and 
kick the ball back and forth. Last night the three of us played catch together for 
over 10 minutes. I’m so happy for her to have her brother to play with. 


This protocol changed his life, my life, and our family’s life. 


There are no words to thank you enough for all your help along the way — he’s 
on his way... 


Love, Love, Love 


Update: as of December 3rd, 2013 this little guy is 18 weeks seizure free! 
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64. My name is Dawn. Below is a shortened version of what we’ve been through 
prior to and since Kerri Rivera coming into our lives and changing our family 
forever. 


| am Noah and Eli’s mom, caregiver, advocate etc., that’s been my job for 17 
years. Prior to having children with special needs | had a career that | loved and 
my plan was to continue my career, how deluded | was, my life has been forever 
changed by my children and their symptoms as my entire existence over these 
years has been to save my son. 


My son Noah born August 19, 1996 has struggled and suffered with what is now 
known as the symptoms of autism. His symptoms began at 8 months of age with 
a rare blood disorder known as neutropenia, he had a low white blood count. As 
he continues to improve, | too, along with our entire family seem to be healing 
as we bore witness to his daily struggles of self injurious behaviors, aggressions 
and rages, learning disabilities, speech and auditory delays, 2 steps forward and 4 
steps back. 


Healing the symptoms know as autism with the Chlorine Dioxide and Kalcker 
Protocol have been a cathartic exercise for me as well, no amount of therapy 
would have soothed my soul like witnessing my son’s return from the daily brink 
of death. 


My hopes and dreams for my son dashed with vaccines before he was old 
enough to speak. I’m 50 this year, however I’m older then those years, and my 
views and outlook on life have changed forever. Imagine fighting for my son’s life 
against those trusted factions of our society supposedly put in place to protect 
us, i.e., government agencies, churches, schools, teachers, principles, school 
boards, doctors, hospitals. I’m changed forever by the daily battles, but somehow 
they are small now in comparison to the beast of the symptoms that ravaged 
my boy with red hair, often referred to by me as my favorite Martian. As he 
continues on his healing path, so do those of us who have loved him so dearly, 
despite his outwardly awkwardness, he is the innocent victim left to suffer for 
what is often referred to as the “greater good”, he’s responsible for so much 
more in my life then just the symptoms known as autism. 


It was a Saturday morning in May of 2003. Noah, at the time 6 yrs. old, had slept 
with us because of seizures on and off through the night. Like so many times 
before, | was very concerned he would go ‘status epileptus’, a state of continuous 
seizures. He ate cantaloupe for breakfast that day. | remember it vividly even 

11 years later. His seizures would come about every 20-25 days. First he would 
complain of a stomach ache, and I could hear the gurgle of his stomach. They 
usually lasted a few minutes and then went away. This day, the Saturday before 
Mother’s Day, he didn’t come out of the seizure. We administered his anti- 
seizure medication but it didn’t work. We called 911, the fourth such call in 
Noab’s brief life. When EMS arrived, Eli, then 3 years old, ran to his bedroom 
upstairs. | remember the technicians working on stabilizing Noah. They ripped 
the shirt from his body as they worked on him and carried him out to the 
ambulance. As | followed them to the ambulance | happened to look back to 

see Eli watching from his upstairs window as they placed his brother in the 
ambulance. He stood motionless. Darryn scooped him up and followed us as we 
drove swiftly through traffic to Texas Children’s emergency room, about 25 miles 
away. | remembered thinking, why don’t people heed the right of way? | looked 
back as they worked on Noah. His seizures continued until we arrived at the 
hospital. Once we arrived he was taken straight to the ER, |CU room, where 
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four doctors began to work on him. Darryn and Eli arrived as | stood next to 
the bed while the doctors worked to save his life. | took Eli out of the room and 
we sat in a chair looking in at what was happening. His eyes were as big as | have 
ever seen them and he sat perfectly silent in my lap, we colored. | overheard 

the doctors explain to my husband that they were having problems stopping the 
seizure. They wanted permission to use a drug that could stop his heart. Darryn 
asked if there were any other options. The doctor shook his head. He asked 
what they would do if the heart stopped. The paddles. So he was given the 
drug. No heart stoppage. His breathing became shallow and the seizures finally 
stopped after 6-7 straight hours. A couple of hours later Noah woke up in his 
hospital bed, connected to monitors and the like, in a drugged stupor. By this 
time my parents had arrived (like so many times before) and had taken Eli home. 
Darryn stood next to Noah’s bed rubbing his chin nervously. Noah asked if he 
could use the restroom. Darryn said yes, and in the next second Noah leapt 
from the bed, almost a perfect swan dive, toward the floor. Luckily, Darryn was 
there to catch him. Noah’s life was saved twice in the same day. After the drugs 
wore off, he was released from the hospital. Noah missed a week of school 
while he learned to walk again. 


| never knew the impact this had on Eli until Father’s Day that same year. About 
a month after the seizure we planned to attend with some friends one of those 
workshops at Home Depot where the kids make a gift for Dad. He was excited 
to do the workshop. As we approached the store we noticed the local fire 
station had an area of the parking lot roped off for tours of ambulances and fire 
trucks. Eli became frightened and started crying, and began backing up, finally 
screaming and contorting. This from a child that hadn’t given us a peep of trouble 
before. | had to leave our friends standing in the parking lot as my second son 
became inconsolable. At the time it hadn’t occurred to me that he remembered 
the incident with his brother just a month prior. He too suffered, and sadly he 
was 3 years old at the time, unbeknownst to me, Eli has probably remembered 
more then | realize even today. 


Noah had his first seizure in March 1998 at 18 months of age, shortly after 

a round of vaccines. (His doctors continually assured us that vaccines had 
nothing to do with Noah’s problems, but | know otherwise.) Seizures were not 
Noah's only problem, however. He was diagnosed with neutropenia (the lack 

of neutrophils or a type of white blood cells) in 1997. He has suffered from 
acid reflux for as long as we can remember. He was hospitalized for 4 days at 

4 years old for a roto-virus infection, something most children get through at 
home ina couple days. He had a cyst removed from his thyroid. His tonsils 
were removed due to frequent infections. In 2005, he was diagnosed with Lyme 
disease. In 2008 his pediatrician discovered his blood was missing carnitine, a 
key component for the body’s metabolism. We took him to a specialist who 
diagnosed him with mitochondrial disease. His seizures stopped after we started 
giving him medication for the carnitine deficiency. But his behavioral symptoms 
continued and even worsened which always indicated a deeper underlying illness 
plaguing Noah. But what? 


Early in 2013 Noah began to show some psychiatric symptoms that frightened 
us to the point we had to consider putting him in a home. He had frequent 
panic attacks (all day, minute to minute), tics, and sudden bursts of outrage over 
insignificant things. He often didn’t make sense while speaking, and secluded 
himself in his bedroom. He fantasized uncontrollably about his videos, and spoke 
over and over about what we were going to do about the characters (not what 
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we would do if we were in the stories). He had repeated events of unrealistic 
fears. We took him to see an energy medicine specialist. The energy medicine 
protocol involved various supplements and dietary changes, as well as electrical 
pulses to adjust his body voltage (an approach similar to acupuncture). During 
one of our visits we learned of MMS, which this doctor indicated could be used 
in small doses to treat colds. Symptoms improved, but very little. But then they 
worsened again dramatically. We took him to his pediatrician who diagnosed 
PANDAS, and prescribed antibiotics. This helped but only temporarily. His 
psychiatrist prescribed anti-anxiety medications, with only marginal results. He 
was unable to attend school through all of this, and needed someone by his 
side constantly. His pediatrician prescribed Albenza thinking parasites may be 
involved (despite a negative stool test). This improved his behaviors some 

but only marginally. There was also the side effect of hair loss. Noah became 
completely bald, like a cancer patient. 


To see your son regress into psychotic behavior is something no human can ever 
imagine. Facing people everyday as they watched Noah regress and comment, it 
was a slow slip and then suddenly he was in a dive toward insanity. | felt he was 
slipping away. | scoured the Internet for answers. | had heard of Kerri Rivera 
but thought antibiotics were the only treatment for my son, like the vaccines, 

| had been told by doctors that the only treatment for Lyme was antibiotics. | 
emailed her and she answered immediately to “start the protocol.” We began 
the CD protocol in June 2013. The protocol takes complete dedication, it 
requires steadfast commitment, and it’s the best gift | have ever given Noah. | 
have learned so much about illness and it’s roots through treating my son with 
the protocol. 


Noah’s behavioral symptoms started to improve immediately. He had fewer 

and fewer tics and outbursts. He was noticeably calmer. He now answers the 
phone, takes messages, and helps me scan food items at the grocery store. He 
even got behind the wheel of our car for a practice drive in the school parking 
lot. He asks a lot of questions. So much has improved in such a brief time. Prior 
to the CD protocol | scored Noah as a 38 on the ATEC test. Since then, he has 
improved to an 8. Darryn (Noah’s Dad) scored Noah a 55 before we started, 
and two months after beginning it was a 22. It’s amazing that a few brief months 
ago we were considering having him put him into an institution. Although we try 
not to think too far in advance, now we can hope our son can someday lead the 
normal life he was meant to. 


I can’t help one final story about Noah. Yesterday he asked me what autism 
was. We’ve never explained to him that he has it, because he would not have 
been able to understand it even if we tried. While | searched for an answer, he 
said “you know, Mom, Sponge Bob couldn’t get his boating license because of 
his autism.” | belted out a loud laugh and said “Ok. Noah, you know you have a 
little bit of autism too.” And he said “Yes Mom, | know that,” and smiled. 


While he still has much to make up, years of life to regain, experiences to live, 
were so pleased and grateful to Kerri and the others responsible for these 
protocols for these improvements, his life is being restored. | would encourage 
anyone to follow the protocols as closely as possible and do not delay. It is 

so fitting that the only opportunity I’ve ever been given to tell a little of what 
my family has been through would be afforded to me by the very person that 
actually saved my son...she gains nothing from what she has done for us, except 
the knowledge that she saved a boy’s life that she has yet to meet, by saving my 
son, she has saved my family. 
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65. 


66. 


67. 


Shay is doing so well it’s surreal. In the past week the balance has shifted so that 
he is now recovered more of the time than not. He is having a 2-4 hour block 
every day or two where he is back in his old state (weeping, raging, zero-to- 
flipout, shrieking, obstinate, defiant, OCD, mean, potty-mouthed, etc.). The rest of 
the time he is lucid, has perfect mental clarity, is as funny as can be, does his math 
quickly, has perfect handwriting, gets along with his sister, is generous, expresses 
himself clearly, plays well, understands how others feel, etc. It is a mind blower 
Kerri. 


Although Shay doesn’t have the awareness to know when he is in the autistic 
state, he is now clearly aware when he is in the recovered state. He comes up to 
me and says quietly, “Mom, it’s gone again. Do you think it will come back?” | tell 
him yes, that it will be like this for a while, coming and going, until one day it will 
be gone and it won’t come back. Shay and | have been discussing which “number” 
he is going to be in the line of children that recover. :) He is also planning a big 
“Goodbye Autism” party for himself. 


Bella is getting over her meltdowns much more quickly. Sometimes | say “no” to 
something and then flinch, waiting for the screaming, but it’s small, or sometimes 
she cries and gets over it within minutes. This is a big improvement for her. In 
her own words, she has noticed that she feels less anxious. 


We started the protocol 9 months ago. My son had 2, 3 horrible days every 
month. He wouldn’t stop crying all day long, and he could not get any sleep at 
night. After talking to Kerri, we realized that these terrible days were always the 
days of the full moon.We saw improvement straight after the first PP After 6 
months, all of the bad behaviors were gone. | realized that the PP helped my child 
to improve month by month. 


And to prove that it is not only me who can see the changes, my son's therapist 
from school told me the other day: “Well, when is full moon again? So that you 
would start the Mebendazol? | love when he gets it, he is doing so well with it”. 


Staring atec in February was 50, now his atec is 34. Thank you so much, Kerri! 


Betti, Hungary 


We are celebrating 3 months on CD and 2 PP’s done! Our little angel has (or 

I should say had) extreme ADHD...we are not seeing much of that anymore. 
Our life altering issue is her lungs. This child has undergone over 35 surgeries 

in 8 years. 17 of those to surgically remove mucous from her lungs. She is 
hospitalized every 6 weeks with pneumonia.We have O2 in our home. She even 
had a port placed for IV meds at home. Our life has revolved around illness. In 8 
years the docs have done every test in the book to figure out the cause. We've 
turned up nothing. In July, we flew to NYC to see a medical mystery doctor. He 
told us it’s all nutritional and had us do some parasite testing. The testing turned 
up zilch, but thanks to Jean Marie, we ended up here. Long story short, we are 
making huge strides.We are not there yet, but to give you an idea, normally her 
Pneumonias take 4 months to clear, this time it was only one month! She’s only 
needed one antibiotic in 3 months, normally it’s 8 antibiotics in 3 months. She’s 
doing better in school too, which is just a bonus. Today she came home and told 
me she was able to run in gym, something she hasn’t done for years! Thank you 
Kerri Rivera and Jean Marie and all the mods for welcoming us to this group and 
for helping us to take back this child’s life. Bless it! Bless all of you! 
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68. 30 days of gratitude, Day 4...| am thankful for an evening alone with my son. 
It’s rare that we have time together alone. He jumped on the bed and danced 
around while | packed for my trip in the morning, talking and singing the whole 
time. The dinner table was lonely by ourselves so we decided to eat in front of 
the fire. | said, “This is fun, isn’t it?” and he said, “I love this and | love you, Mom” 
Moments like this were non-existent before our journey brought us to Kerri 
Rivera who is an angel on earth. She gave us the direction we needed to heal our 
son. 


69. | observed my kiddos at school today. Get this........my once severely autistic 6 
year old choose and received a Spanish lesson that lasted 27.5 minutes (| timed 
it). The whole lesson he was sitting on his bottom, following instructions, answer 
questions correctly (in Spanish), smiling, great eye contact, and really enjoying his 
time with the Spanish teacher. FUA to the max! This time last year Henry was 
speaking in 1-2 word sentences to get needs met. Now he is talking in complete 


70. In the past, if | gave Nate a hug and told him | loved him, he would sort of hug 
me back, awkwardly jutting his backside out (to reduce physical contact) and 
patting me on the back and saying, “I love you, too.” He would then escape as 
soon as possible. 


After a few days of being on 7 drops (last week) Nate approached me with 
full eye contact, threw his arms around me, gave me a prolonged bear hug and 
spontaneously said, “I love you, Mom”. | hugged him back and we stood there, 
just enjoying the moment, while | quietly balled my eyes out. 


Thirteen years. | had waited 13 years for that moment. 
And now he has been doing it almost every day since that first hug. 


This alone is the world. 


71. There’s a lot of people jumping on the “Thankfulness Train” this time of year. 
Here’s my contribution. There’s only one major thing | can think of this year that 
| am thankful for. Of course, there’s so much to be thankful for, but one thing that 
really stands out. That would be this protocol. God led us to see Kerri Rivera 
at Autism One this year. | only went because it was basically the one thing | 
didn’t know much about. The day before Kerri presented, | saw my friend Laura 
at Karaoke Night (so fun by the way!). She told me she was doing CD and I’m 
pretty sure | looked at her like she was crazy! Saw Kerri the next day and | was 
hooked. We started the protocol June 3rd. Laura got me in this group. Thank 
you Laura, for your patience with me and for letting me know about this group! 
Thank you, Debbie who has talked to me many times about the protocol, about 
my son’s aggression, reassuring me that things will get better and they have! 
Much, much better. We still have further to go, but there is light at the end of the 
tunnel. My four kids and myself are doing the protocol. We all have Lyme. We 
are all feeling so much better. We are no longer spending thousands of dollars a 
month on empty treatments. We are getting our lives back; our finances under 
control, and my son with autism went from an ATEC of 47 to 20 in four months. 
Thank you and love you all.And to Kerri Rivera, there are no words. Thanks and 
love isn’t enough. You can be assured of my prayers for you, Patrick and your 
family for life. That’s the least | can do for all you have done for all of us. 





aw” 


- - ~ ” 
. 7 Besar st ae 
= se 









Complete Neurophotonic Interface 
Stimulation Fiber Bundle 


Peripheral Nerve 


. 


, 










Neurophotonic Interface Cuff —— 
4 


Sensing Fiber Network 


Selective Infrared 


WGM Sensors : * 
Neural Stimulation 









Whispering Gallery 
Mode sensor 
embeddedin 
engineered fiber 


Inter-Fascular 
Fiber Probe 





Reflector Perineurium 





>.com/url?sa=i&source=images&cd=&ved=2ZahUKEwil fOG-LHaAhVQRaw... | 


More Miracles & Testimonials... 369 


72. 


73; 


74. 


Small progress this week! My son had his ABA therapy yesterday and at the end 
the therapist gives him a “high five” before he leaves. The therapist asked my 
3-year-old normally non-verbal son for a “high five”. My son looked at him, gave 
him a high five and said “HIGH FIVE!” plain as day. My husband almost fell over 
sideways in shock! He also put his toys away without being asked to, and that too 
is a big change. CD is the best!” 


We have been on the protocol since Aug 30th of this year. We’ve done one PP. 
My DS is 8 with severe apraxia and autistic. 


ATEC: 4/2013: 62 starting some biomed 
ATEC: 8/15/2013:51 before CD 

ATEC: 10/6/13: 24 

Some WOW moments for us so far: 


* Playing soccer with other kids at school three weeks after the start of 
the protocol. *Really “on” in conversations...adding information when we 
didn’t think he was listening because he was playing on his iPad. 


Talking about other things in his day besides Minecraft or Plants Vs 
Zombies. 


Going from a battle with homework that would last over three hours 
to picking him up at daycare with his homework already finished. And 
correct. That he did on his own. 


His ST saying he is able to follow three step directions better and was 
able to talk/ask Who and What questions for nearly the entire hour... 
actually had to tell the ST what we are doing because it was obvious to 
her it was more than just diet. 


He’s just happier. We're all just happier. 


We came back from our Intensive in December of last year on a high. After 

a week with the Son-Rise® team, Jordan was saying 20 different words; he was 
more confident, and more mature. He had such an amazing time learning and 
growing. Every morning he would take his facilitator by the hand and walk him/ 
her into the playroom. He really grew up that week. | loved watching him grow 
through love and laughter. What an amazing, wonderful thing to witness. 


We, also, learned at our IAHP appointment that Jordan was reading at about 

a third grade level. What a trip! The evaluator held up a paragraph for Jordan 
to read. It was so fast | didn’t even have time to read it. Then, she held up a 
question for him to read, then, a sheet with the answers. She, then, asked him to 
point to the answer and he did. He was three for three. My son taught himself 
to read. What?! We were, also, very surprised to find out that between running 
our Son-Rise® program and incorporating exercises from [AHP Jordan improved 
433% from September to December. WOW! 

Between the two experiences on the east coast, | felt like | didn’t know my own 
son. | always believed he can accomplish anything and yet | had tremendously 
underestimated his ability. | was so excited to get home and start his program. 

| knew that if we focused and put everything into his therapy for two years, he 
would be ready to go to mainstream kindergarten. 

I was so excited; ! was beyond hopeful; | believed he was on his road to healing. 


On Christmas Eve, Jordan was crouching down and just froze there. | called his 
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name, no response. | ran over to him and noticed his lips were turning blue. 
Immediately, | tipped him over, hit him on the back and did a swipe in his mouth 
to get out what he was choking on. There was nothing there, but he gasped for 
air and began breathing again. Did he just have a seizure? 


January 15 has become a day | will never forget. We woke up to Jordan throwing 
up and he didn’t want to get out of bed. He just wanted to sleep; he must have 
caught the flu and needed to sleep it off? Finally, around 10am he got up and 

ran around the house like nothing was wrong so we began therapy. While | was 
in the playroom with him we were jumping on the trampoline and he suddenly 
stopped and looked at me with a panicked look on his face and reached out for 
me. Clearly, jumping was too active for his upset stomach so | brought him to 
the family room with Kaiyan and my helper. 


Suddenly, he looked off and froze again. He then threw up again and passed out. 
Oh shit, he just had a seizure, and another one, and another one, and another 
one. All the while staying unconscious. | brought him to the ER where he slept 
and had another mild seizure. While he was passed out they gave him a CT head 
scan to make sure there wasn’t a bleed or something in his brain. Everything 
was fine. 


Shortly after, he woke up. He was playing, running around the ER as if nothing 
had happened. He went through what little water | had brought and was asking 
for food and water. A good sign, | thought. The ER wouldn’t allow him to eat or 
drink anything “just in case”. Anyone who knows anything about seizures knows 
that no food and drink could very well cause a seizure...and it did. 


This time the ER Doctor went into full-blown panic mode, probably because she 
saw what happened. They began trying to get blood out of him. Ona good day 
this is almost impossible. Now, they are trying on a kid that didn’t have any fluids 
in his system to help expand the veins. 


And so it went, needle poke, dig around in the arm searching for a vein, Jordan 
would hold his breath from the pain and have a seizure. Seizures are typically 
the brains way of trying to get oxygen; the pinpricking was inadvertently inducing 
seizures because of the breath holding. This went on for two hours: needle poke, 
dig, hold his breath, seizure. They poked him 27 times: in his neck, head, ankles, 
thigh, anywhere they could think of. 


This of course wasn’t enough. They insisted on doing a spinal tap to check for 
meningitis, which we had been declining all day. Now they are telling us that the 
way he had been seizing for the past two hours is classic for meningitis and not 
doing it could be fatal. They crunched him in the tightest ball they possibly could 
and held him so tight he couldn’t move...or breath. After the fifth poke, | began 
to get faint and had to sit down. They didn’t know what they were doing. When 
I sat down | could really see how they were holding him and asked if he was 
breathing. The nurse looked down and said, “he’s blue, get the oxygen” and they 
Put oxygen near his face. 


| immediately thought, “they're killing him. They don’t know what they're doing.” 
That’s when | reached out to every FB group I’m on and asked for prayers. That 
was the only thing that was going to save him. 


When they, finally, let him go he had the worst seizure he’s had to date. He was 
actually convulsing. As they went for blood the 28th time, | told the nurse that’s 
enough. This has gone on far too long. She agreed, ran and got the Dr. they 
wheeled him into to the CPR room, and called for a crash cart. | think | said, 
“what the fuck?” She said it’s “just in case”. 
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They proceeded to get a drill and drill a hole through his shin and into his 
shinbone so they could put in an IO (IV into the bone). They pumped him full of 
all kinds of drugs and, at long last, drew blood. 


He looked up at me with a longing in his eyes and reached out for me. | went 
over and put my hand on his chest and he passed out. He was transferred 

by ambulance to our local children’s hospital; we were allowed to follow the 
ambulance, but couldn’t ride with him. He remained unconscious until he arrived 
into his private room at the hospital. 


The first thing he did when he woke up was reach out for my hand and give me a 
kiss. My little boy! 


The blood they had finally taken revealed low electrolytes and bicarbonate at a 
life-threatening low level. Screaming and crying can drop bicarbonate, which he 
did for two hours in the ER; lack of food and drink can drop bicarbonate levels, 
which he wasn’t allowed to have in the ER. Low bicarbonate levels can cause 
seizures. What a recipe for disaster! 


The hospital ran every test they could think of and no reason was found for the 
low bicarbonate or the seizures. We came home after five days, followed by 
several follow up appointments over the next two weeks. Everything seemed to 
check out fine until | brought his labs to his DAN (Defeat Autism Now) Dr, she 
looked at the blood test, pointed to something and said, “Lyme, every time | see 
this in one of my kids, it’s Lyme.” 

We had the (one of many) $800 test at the best lab in hopes we wouldn’t get 

a false negative, which is very common with Lyme. Jordan came back positive! 
Now we had something to go on. | was excited to finally have an answer to 
what was going on with my little boy. Lyme is known for seizures and abnormal 
electrolyte levels. 


We scheduled an appointment with a Lyme Literate Medical Doctor (LLMD) 
and were ready to start healing our guy. Two days before the appointment, we 
woke up to Jordan vomiting. He didn’t want to get out of bed. He finally did and 
ran around like nothing was wrong and then he had another seizure. We were 
told to take him for blood tests immediately the next time he had a seizure. We 
took him to his DAN Dr.an hour away, but knew they would be able to get his 
blood without difficulty. We went to lunch, came home, he had a seizure, turned 
blue, threw up, passed out, had a seizure, turned blue, threw up, passed out, had a 
seizure, turned blue, threw up, passed out. His DAN Dr. just happened to call to 
check on him in the middle of this and told us to get him to the hospital before 
he had a heart attack. We went to the ER... 


And so the story goes every seven weeks TO THE DAY, seizure, turn blue, vomit, 
pass out, seizure, turn blue, vomit, pass out, admitted to the hospital where he 
was pumped full of drugs for hours to try and stop the seizures, and they ran 
the same tests over and over again. The hospital didn’t think he had Lyme even 
with a positive test and thought that seizures every seven weeks to the day was 
a coincidence, although, they could still not offer any explanation. 


We tried treating him with ABX that the LLMD prescribed. One teaspoon 

and he had a seizure, turned blue, threw up, passed out, had a seizure, turned 
blue, threw up, and passed out. This time the Valium | administered did stop the 
seizure cycle, most likely because it was induced from the ABX and not part of 
his regular seven week seizure cycle. He had multiple mild seizures every day for 
two weeks from that one-teaspoon. 
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Clearly, ABX were not going to work. | emailed with a woman who coauthored 
the book, “The Lyme Autism Connection” and tried the homeopath that she 
used down in San Diego. This was definitely working with detoxing, but it wasn’t 
helping with the seizures. He went from seven weeks to the day to three weeks 
to the day. This treatment was working on opening Jordan’s detox pathways so 
his body could rid itself of the Lyme. | liked the idea of treating this way, but the 
process could take four years. | didn’t want Jordan having what the neurologist 
told us were life-threatening seizures for four years. | was desperate to find 
something to help him. 


We knew what was wrong, but needed something safe to treat him. Nothing 
was covered by insurance and we were running out of money. | had lost hope. 
Every treatment seemed to make him worse and | couldn’t bear to see my boy 
suffer the way he had been for the past six months. | didn’t know what to do. 


I, literally, got on my knees and prayed for help every night. In the same week, 

a woman who attended the same Son-Rise® start-up emailed me about a newly 
discovered treatment she was doing. | had signed up for a Lyme conference that 
mentioned the same treatment, and | had signed up for an autism telesummit 
that unbeknownst to me had Kerri Rivera as one of the speakers. (Kerri is 

the woman who discovered this treatment for autistic kids.) | emailed back 

and forth with Kerri, | posted on the FB group, trying to get all my questions 
answered. | was terrified to treat Jordan with anything given his seizure history. 


Then, he was hospitalized again for uncontrollable seizures and | realized | 
couldn’t let fear get in the way of helping him. | started the day we were home 
from the hospital at a really low dose that Kerri recommended. She has held my 
hand through this process to help prevent him from having any seizures. 


Since we started in May, he went 10 weeks seizure free and had several mild 
seizures that he brought himself out of without any extra medication and NO 
hospital. He is currently at a record-breaking 15 weeks seizure free. 


Through this treatment we have learned that in addition to Lyme he has three 
different visible parasites. He is loaded—he passes more parasites than most of 
the teenagers in the FB group. It scares me to think what would have happened 
to him if we weren’t led to this treatment. Thank God for Kerri Rivera sharing 
what she has learned and being so gracious and generous with her time. 


I’m incredibly grateful we attended the Son-Rise® Intensive before all of this 
began. His team of facilitators created a base for him that continued to blossom 
even through this tumultuous year. Coupled with the parasite treatment, 

Jordan has gone from 20 to 90 words—he’s picking up new words almost daily. 
His balance is amazing, his muscle tone is getting better, and he understands 
everything. Even more exciting, he’s playing interactively with his sister. He is on 
the road to recovery. 


We are finally able to start picking up the pieces of where we left off back in 
December. | felt stuck; | had PTSD; | needed help believing we can move past 
(what I had deemed) the horror of this year. The first thing | did was turn to 
Son-Rise®; | started having monthly dialogue sessions with Bears (Barry Neil 
Kaufman)—the co-founder of Son-Rise®, which has been incredible. This is one 
of those times that happen in life that can make you a better person or break 
you. Bears is guiding me to be better. | just arrived back from another Son-Rise® 
training where | realized that staying in fear and being nervous about getting 
excited or anxious about feeling hopeful again will prevent me from being the 
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bridge to healing that | want to be for Jordan. | felt a relaxation that | haven’t felt 
all year. I’ve been wound real tight, waiting, being on the look out for that next 
seizure. 


This year has had a huge impact on Kaiyan as well. She'd see her brother sick 
and then her mommies would disappear. I’m noticing she’s wound pretty tight as 
well. Her favorite moments are when the entire family is together. I’m hoping 
talking with her about what happened and spending more one on one time 

with her will help. She asks daily is Jordan throwing up, is he having a seizure? 
She doesn’t really know what it all means, but is really aware it’s not good. She, 
recently, said she wanted to have autism. After | explained to her that autism is 
why Jordan isn’t talking or riding a bike, she decided she didn’t want autism. She 
wants to be a boy and insists on wearing Jordan’s clothes almost daily. | think it’s 
her way of healing and feeling included in the process. 


We’ve been doing Son-Rise® again and it feels great. | do feel like we have some 
time to make up for since this year has been spent dealing with health issues 
rather than cognitive issues so we are working up to having a full time program, 
having quarterly consultations, and doing another Intensive. 


Son-Rise® and Kerri’s protocol’s are not only bringing our son back, they're 
bringing me back. 


Healing From Autism 


Hospital birth, bottle fed, fully vax until age 4. Digestive disorders beginning at 
age 1. Low tone, speech and language delay. Mild early education interventions. 
GF since age 2, GF Soy free, sugar free since age 4. Majority of autism symptoms 
presented in 2013; in the fall of 2012, our son did not qualify as being in need of 
special education, and thus, could not attend school in our district at all. 


Long winter days in a tiny home had me sending him out to play, in our tiny 
backyard, which had a patch of grass and a bush, under which small animals and 
birds lived. In his boredom, he sprinkled the dirt all over himself; his head, face, 
clothes, shoes, on several different days. 


Later in the early spring, the symptoms of autism appeared more and more 
obvious: disobedience, disinterest in sitting for a story or coloring, lost interest 
in puzzles of more than 24 pcs, jumping on and off furniture for hours, despite 
scoldings and time-outs. Sudden relapse in bedwetting. Then by summer, the 
symptoms were very obvious: longer tantrums, rages, anger issues, hitting, 
fighting, a mean spirit; running out of the house without permission, with no 
respect for danger or regard for safety. Weepiness, hypersensitivity to touch, 
suddenly repeating the same phrase, over and over all day. Lost balance and 
coordination, bumping into walls and furniture, stubbing toes. Shoulder shrugging, 
all day, but not able to stop or say why he was doing it. Lost dexterity—could 
not put cards in a box. Lost organizational skills—could no longer put toys or 
clothes away. Extreme nighttime drooling and bedwetting. The need for sameness, 
and to have all food served cold. He frequently did not seem to be in his right 
mind. 


In desperation, | asked a group of special needs moms for advice, and ordered a 
handful of books on Autism, including Healing the Symptoms of Autism by Kerri 
Rivera. 


It was the best money | ever spent. 
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I read the book thoroughly, ordered the supplies and began the CD Protocol 
on July 8, 2013. Starting ATEC: 46. We ramped up slowly on drops, serving 
doses 8 times per day. My son has had two low dose/partial PP’s, to minimize 
the emotional meltdowns, the gas and discomfort. | did not realize how very 
deficient in minerals he was, and did not give him enough ocean water. Now 

| order the big 10-liter jug of ocean water, so | am not tempted to be stingy. 
He needs more than 100 ml ocean water per day for his digestive system to 
handle the parasite dumping during the PP His previous digestive trouble was 
unexplained chronic constipation, since age one, and that is really linked to 

his high need for the OW. Interestingly, his doctors had all said to keep giving 
Miralax, and that he might possibly need that laxative every day for the rest of 
his life. We stopped the laxative when we started the CD program, and began 
the enemas right away.When | sifted the stool and saw the number of parasites, 
| understood finally why he couldn’t poop well on his own for the last 4 years, 
despite diet interventions. We are looking forward 


to PP #3, in which I hope to ramp up to full dose on all components. 


Poop sifting revealed what 6 pediatricians and 2 Gl specialists could not tell us. 
Our son is infected with at least 6 different kinds of parasitic flukes and 3 kinds 
of parasitic worms. His stool has had a very large amount of sediment, with odd, 
tiny, but defined shapes.A search for “rodent and avian parasites” reveals photos 
of very tiny creatures. 


| just completed his ATEC at Kerri’s request: November | 2, 2013: he now scores 
a 10, with a I in language, 2 in social, and 7 in health. 


What does his recovery look like? We enrolled our son in a small private school 
this fall, with one teacher for 6 students, no aide. He now memorizes poems, 
Bible verses, and songs. He sings, knows his alphabet and all the sounds of the 
letters, and can count to 47 with precision. He shows kindness to others, is 
mindful of safety, and has glowing reports from his NT school. He sits with me 
for stories, and brings books to ‘read’ to his baby sister. He is not literate quite 
yet, but enjoys word search games, where he can complete levels and advance 
to more challenging puzzles. Twice now he has played the word search game 

on Leap Frog for 45 minutes. He has regained his balance and coordination. 
The rages, anger, and shoulder shrugging disappeared within the first 10 days on 
CD. He identifies printed numbers and letters, and does well in math, phonics, 
penmanship and reading class. He is learning to write numbers and letters in 
cursive, and follow directions on drawing worksheets. He operates the TV and 
DVR unaided, recording and watching programs he chooses. 


He is happy; he has a patience and joyfulness about life that was previously 
lacking. He tells me jokes, and now has the coordination to operate a hand 
puppet while speaking for the puppet!! He is thoughtful and obedient. He has 
regained fine and gross motor skills, and motor planning skills. 


There are still improvements we hope for: further speech, language, and 
vocabulary improvements. Social graces. More improved digestive health; ] can 
see that he still has parasites in his stool. We will continue the CD Protocol, 
and we look forward to further healing. Thank you all for your support and 
encouragement. 


The CD Autism Program has done more than cure our son of his brief affliction 
with Autism; it addresses the pervasive, underlying gut disorder and parasite 
issues that have plagued him all his life. Where complex testing in expensive 
medical centers has failed, a simple home health program succeeds. Thank you 
Kerri Rivera!! 
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Well...we too did an ATEC! Our son was 11.5 when we started the CD Protocol 
July 2012 First fully loaded (All PP meds on board) was November 2012 

VERY First ATEC: Jan. 2006= 124 

ATEC in July 2012: 64 

ATEC August 2012: 52 

ATEC Oct. 2012: 48 

ATEC Dec. 2012: 45 

ATEC May 2013: 40 

ATEC August 2013: 39 

ATEC NOV. 2013: 33 

I actually did one myself as | have done throughout all the previous, but | had 
hubby do one and combined and divided by the 2! Resulting in the 33! Oddly, 
it’s the “SPEECH” that remains consistently around 14 & 15 throughout ALL of 
these! All the others continue to go down! We’ve had some ups and downs, but 
with continued evacuation of some MIGHTY big worms...we continue to see 
major gains! 

This is the ONLY Protocol that has EVER given us the progress we’ve seen in 
one year’s time let alone in 6 months! Thank you Kerri Rivera and especially 
Patrick Rivera for being such pioneers in this journey to recovery! You are 
SOOO loved and appreciated beyond words! Thank you for never giving up! 
Thank you for giving so much, and bringing healing to our son! He’s come a long 
way, but we have a ways to go! But with the progress he’s making...! honestly feel 
it will seem like nothing from where we’ve come! 

Again THANK YOU! XOXOXO! 


We had a great day today. For the first time, he joined me in throwing something 
at a target (blocks at carpet circles). He laughed and smiled and pulled me 

to play with him better than he has in weeks. | heard a lot more sounds and 
approximations today. When | couldn’t figure out what he was saying, he kept 
trying until | did. 

My favorite part of the day, and | know this is odd, was when his head collided 
with my mouth. | exclaimed in pain and he was clearly worried/empathetic. 

He kept trying to get close to see my lip and giving me kisses. I’ve seen him 
concerned before but never that clearly empathetic. 


Just wanted to share that on 21/8/13 my sons ATEC was 46, just redid because 
were at the start of our first pp & his score has come down to 31! The big 
improvement came after introducing CD enemas 3 weeks ago. Although he’s 
been on oral CD for about 2 months, it was always the case that if | missed 

a dose within 1/2 hour he’d be sensory, inflexible, super-anxious, shouting, 
aggressive etc & I'd have to syringe it down him but within 1Omins of dosing the 
lightswitch would flick on & he’d be in control & a calm, loving boy again. Since 
the 3 enemas | gave him 3 weeks ago (only 3 because then his brother had one, 
panicked, screamed & totally freaked out my 4yr old who up til then had said 
he liked them bc they made him feel good afterwards) his personality has been 
shining through again, there’s less panick/anxiety, less sensory issues & there's 
no ‘reaction’ if | miss a dose or more of CD. I’ve seen more improvements this 
week, on Monday he decided to sit down & colour & proceeded to colour neatly, 
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inside the lines - he was so pleased with himself! (He used to colour so neatly 
but about 6 months ago his colouring became scribbly & he frustrated that he 
couldn’t do it neat anymore). Then tonight, when I asked him to hop out of the 
bath, HE DID! He stood up, stepped out & as | handed him a towel he took it & 
said ‘thank you mummy’ and wrapped himself in it & walked out - all completely 
relaxed - like it was usual!!! WWWOOAHAHH! Yes! He has never done this, 
it’s always tantrums, always arguing, needs to bathe longer, has to be made to get 
out, refuses to step out, has to be lifted, needs me or hubby to wrap & dress him, 
& usually all while panicking, crying, demanding, arguing or screaming because 

it’s cold, different, he doesn’t want to, it’s not right etc. | just can’t believe what 
happened tonight! I’m still astounded. It’s like the Finlay we ‘know’ isn’t Finlay & 
now were beginning to see who he really is! 


So I’m REALLY excited about our Ist pp.We’re already seeing full moon 
behaviours & although tough it’s been great to see them because it’s a reminder 
of what Finlay was like every day until 3 weeks ago! 


He’s already healing. It’s soooo exciting! Thank you Kerri - may God bless you & 
all the children on this protocol. Healing, here we come! 


79. True Hope by Maggie Kaye 


Most people don’t know that babies are born with about 100 million brain cells. 
That is more cells with more connections than there are stars in the galaxy! 
This is difficult to picture when you consider an infant’s brain only weighs about 
12 ounces at birth, about 25% of it’s full size. But, there is a logical explanation 
for this: Brain cells; like the brain itself, have yet to grow.As neurons (brain cells) 
mature, they become larger, stronger, and form tentacle-like branches that form 
synapsis (connection and communication) with other brain cells. Brain growth is 
directed by neural activity. The neural activity of the cerebral cortex (the largest, 
most complex part of the brain) molds the way a child will think, behave, and 
acheive. 


Conventional wisdom long held the belief that the human brain cannot change... 
that it is hard-wired at birth. Scientists today have proven that this is not the 
case. They have found that the brain is malleable. It has the ability to change 
shape, size, number of branches, number of connections, and even the strength 
of it’s connections over time. The potential growth, or neuroplastisity (neuro 
means neurons or brain cells, plastic meaning changable) is far-reaching. At birth, 
the brain is simply a blueprint of what it will become. No one can predict the 
amount of growth that a brain has yet to acheive. 


For the parents of a child with Autism, the diagnosis can be devastating. But, the 
biggest and most harmful blow can come from the prognosis: There is no cure. 
Kenn and | were given a diagnosis of an Autism Spectrum Disorder for our son, 
but we were not given this prognosis. In fact, the word “Autism” was avoided 
at our son’s diagnostic evaluation until the therapists heard us say it first, and 
realized we were comfortable with the word. For many parents, a diagnosis 

is the end all, be all. For far too many parents, the words “No cure” are scary 
and harmful. We did not hear these words nor would we have accepted them 
as truth if we had.We do not want to change our son. We want him to be his 
best self. We are not looking for a cure.We are in search of treatment and 
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healing for his symptoms. We know and understand that a Therapist is not God. 
A Therapist cannot predict the future for our son. He or she can simply assess 
where Gunnar is developmentally and give us options for a treatment plan for 
a healthy, successful future. Our son’s diagnosis was not an ending. It was simply 
the begininning of a journey through a world of strength, challenges, support, 
opposition, and the love of a parent that cannot ever be fully defined. 


Our son, Gunnar was born with an Autoimmune disorder, Hypothyroidism. He 
was tested at birth, was diagnosed, and has been treated by an Endocrinologist 
since he was three days old. We were not upset by the Hypo diagnosis, but 
rather ready for the course of action to regulate all of Gunnar’s bodily systems. 
What did surprise us was the constant shrugging off of our concerns over our 
son’s developmental delays and gastrointestinal symptoms over the last few 
years. We were continually disappointed by the compartmentalization of our 
son’s physical and mental challenges by every Pediatrician and Specialist we saw. 
To us, Gunnar’s symptoms all had to be as connected as are all of his body parts. 
But, we were treated as if our concerns were dumbfounded. ..as if digestive, 
behavioral, and physical challenges were not intertwined. 


Let’s be clear...The brain does not function in isolation. It is a team player. It 
needs vital nutrients and informational input to perform at optimum levels. To 
fill these needs, the brain relies heavily on complex interactions between the 
immune, endocrine, and gastrointestinal systems. Gunnar, like so many other 
children on the Autism spectrum, suffers from gastrointestinal issues uncluding 
chronic constipation, diarrhea, and abdominal discomfort. Scientific studies and 
countless parent reports are pointing to gut inflammation caused by casein, 
gluten, and soy in our foods. Gunnar has shown clear physical and behavioral 
reactions to these foods, and improvement in these areas with the removal of 
Gluten, casein, and soy from his diet. This is not an allergy from the perspective 
of a traditional allergist. This is what is called a T Cell Inflammatory response. 


The use of a gluten, casein, and soy free diet as a means of treatment for Autism 
symptoms has gotten mixed responses. Many parents and doctors who deal with 
Autism, Immune, and Endocrine disorders rave about it’s benefits, including me 
and my husband. Still, others call it “junk science”. Clearly, if someone is looking 
purely at one body part at a time, they will not be open to the truth that the 
body and brain are codependent. I, personally, have been challenged by the choice 
to follow this diet for my own thyroid disease and for my son’s Autism. | was 
even told on an online support forum that the GFCFSF diet is “fake science” and 
is causing “false hope” for parents of children on the Autism Spectrum. 


False Hope? 


This may be one of the biggest oxymorons I’ve ever heard. This ranks right up 
there with “God Hates”. | cannot say what causes people to be so oppositional 
to our choice to follow this eating plan. Perhaps the resistance to this way 

of eating is due to a simple misunderstanding of the leaky gut syndrome that 
plagues so many children on the Autism Spectrum. This leaky gut syndrome does 
not cause food allergies. It causes food sensitivities. 


In food allergies that many parents are famililar with, the symptoms arise 
immediately in the form of hives, watery eyes, sneezing, or difficulty breathing. 
They can even produce life-threatening anaphylactic shock. Only about 10% of 
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autistic kids have this type of allergy. Some 85% of children with Autism have 
food sensitivities. Rather than immediate physical symptoms, these sensitivities 
produce and inflammatory response that results in more subtle mental and 
behavioral symptoms that can take anywhere from 6-72 hours to appear. The 
brain’s primary fuels are oxygen and glucose which are manufactured from 
nutrients in our food supply. It only makes sense that we get out of our brains 
what we put into our bodies. 


When it comes to the treatment of any neurological disorder, many parents and 
doctors focus solely on the obvious cognitive impairments and fail to realize 
that correcting their child or patient’s underlying intestinal imbalances can; and 
often does, lead to significant overall improvement. Leaky gut syndrome which 

is so prevalant in children with Autism Spectrum Disorders causes a long list of 
vitamin and mineral deficiencies because the inflammation process damages the 
various carrier proteins normally present in healthy GI systems. Our plan is to 
treat our son from the inside out; Reduce the inflammation, test for vitamin and 
mineral deficiencies, provide necessary supplements, test for toxin poisoning and 
remove if necessary, provide therapy as needed, and set Gunnar up for the best 
possible outcome.When you feel better, you perform better. Who can argue with 
this rationale? 


Many people have differing opinions on what does and doesn’t work for families 
facing Autism. There is a saying in the Autism community, “If you have met 

one child with Autism, you have met one child with Autism” There is a broad 
spectrum with severe to mild physical and behavioral symptoms. One person’s 
treatment protocol might not work for another person. | am not judging what 
others choose to do to treat their child, | am simply sharing what has worked for 
us thus far.! am not searching for or promising a cure, | am finding a treatment 
for and healing the symptoms that affect our son.Whether or not you agree 
with how my family and | choose to approach this journey does not change the 
outcome. If we have helped one person understand this complex neurological 
disorder, we have helped spread understanding, and that makes us happy.And, 

if you are a family facing Autism and don’t know which avenue of treatment to 
pursue first, our advice is: Go with your gut. 


Recovery #107 


Having a sick child is a full time job. Even when they are well, your mind is filled 
with ways to keep them from getting sick again, ways to improve their current 
state, ways to help others who were where you were just a short time ago. It is 
my hope to do all three. 


Autism entered my life a few years ago, but | didn’t recognize it. My son, Gunnar 
was three when my husband and | realized he wasn’t progressing as he should. 
He wasn’t asking why, what, where, or when questions. He wasn’t growing. He 
was lining up his trains and cars, screaming if we touched one of them. Gunnar 
was oppositional and refused to go into a crowded place. He didn’t look anyone 
in the eye, and it seemed to make him uncomfortable to try. He had several 
sensory issues such as covering his ears when music played, even when the 
volume was low. He had an aversion to touch and would often yell, “ouch!” when 
someone touched his arm softly. He was constipated. He smeared his feces on 
the wall. He often woke in the middle of the night screaming. My husband or | 
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would find him in the fetal position and he couldn’t or didn’t respond when we 
asked what hurt. Gunnar went ballistic when we tried to wash or cut his hair or 
brush his teeth. He was indifferent to me leaving for work, and what was most 
painful for me, he ran and hid when I returned. He didn’t much care for his own 
mom and that was heart breaking for me. 


We also noticed some regression. Gunnar stopped showing interest in potty 
training. He went from saying, “Gotta go pee pee!” to not even recognizing he’d 
soiled his pants. He started refusing foods he previously enjoyed. He went from 
using several words in succession to not speaking more than two words strung 
together. He started to be extremely picky when it came to the foods he would 
eat and spent most of his time at the dinner table staring out of the window. We 
were losing our son. 


Our son was born with an autoimmune condition, Hypothyroidism. He started 
taking medication just three days after he was born. Initially my husband and 

| interpreted some of our son’s Autism symptoms as side effects from his 
medication dosage fluctuations. After all, we voiced our concerns to his Pediatric 
Endocrinologist, and she assured us he was fine. She said the medication was 
likely making him lethargic. She said boys took longer to potty train.As time 
went on, Gunnar’s symptoms multiplied and worsened, and other caregivers took 
notice and shared their concerns.At our son’s next Endocrinologist appointment, 
| insisted on a referral for a developmental evaluation. 


Our son was diagnosed with an Autism Spectrum Disorder in January of 2013. 
He was 4 years old.! immediately went into research mode reading everything 

I could get my hands on that was related to healing Autism. Two weeks after 

his diagnosis, we started a gluten, dairy, soy free diet and saw digestive issues 
disappearing. The night-waking was going away. He turned toward us when we 
called his name. He spoke in short sentences, requesting to watch a movie or eat 
a snack. 


A month after Gunnar’s diagnosis we had further testing done to see where he 
was on the spectrum. When we showed up for the appointment, the diagnostic 
team was impressed with our son’s progress. He responded when they asked 
him to point to specific items, and he had no trouble matching items together. | 
remember thinking he was much smarter than I'd realized. Clearly the problem 
with our son was physical. 


The test results showed Gunnar’s speech and language to be at a 23 month 

old’s level with his gross and fine motor skills not much further along. We were 
determined to heal our son and scheduled an appointment to have all kinds of 
testing done including food allergies, comprehensive stool analysis, and genetic 
mutation tests. These results showed that our son was sick with food allergies, 
leaky gut caused by an overgrowth of bacteria, and pathogens. We knew what we 
were up against. We were on the right track with diet, but had to find out how 
to get rid of the bacteria and pathogens. In my research, | stumbled upon the CD 
forum. It was the first treatment program that made complete sense to me. 


We received the book in June. It was the first book our son ever showed 
interest in. He kept saying, “This is it!” and, “This book is the best!” He didn’t 
want to put the book down. My husband and | looked at each other with tear- 
filled eyes. We knew Gunnar was right; this was it. 


380 


Appendix 1 


We started the CD Protocol immediately...just five months after our son’s 
diagnosis. His starting ATEC was an 80. Immediately we saw regular bowel 
movements, diminished dark circles under his eyes, and healthy skin coloring. 
Gunnar began to sleep through the night. Four days into the protocol, our son 
started taking turns and sharing with other kids. That night, he danced at a 
graduation party. Every day, his vocabulary improved. 


Four weeks into the protocol, our son no longer needed his thyroid medication 
he’d been on his entire life. He started using the bathroom unprompted. He 
dressed himself unprompted. He brushed his teeth on his own. Gunnar didn’t 
mind getting his hair cut. He began to engage in reciprocal conversation. 


Seven weeks into the protocol, we saw so many behavioral improvements; we 
decided to take the ATEC test again. Gunnar’s score was a 40. It was cut in half 
in seven weeks!!! Eight weeks into the protocol our son celebrated his 5th 
birthday. It was the first time he showed anticipation for a party. He was excited 
to open his gifts and thanked everyone individually. Normally, Gunnar would run 
and play by himself when guests came over. He had always covered his ears and 
yelled, “Stop singing!” at previous parties. Gunnar was happy when everyone sang 
Happy Birthday to him. He was healthy and present. It was one of the happiest 
days of our lives. 


Twelve weeks into the protocol, our son started mainstream preschool.All 
previous attempts to take him to school resulted in anxiety and complete 
meltdowns. He started speaking in complete sentences and his speech was 
relevant to the situation. He started showing interest in books. Fifteen weeks 
in, our son read his own bedtime story with no help. He picked out his own 
Halloween costume. He brought home his artwork and proudly showed it to 
us. His teachers continually voiced their pleasure at his progress. His speech 
therapist said he was at age level for speech and language. (that’s 3 years worth 
of progress!) 


Twenty-four weeks into the protocol, our son’s ATEC score is a 10. He continues 
to go to mainstream preschool and is interested in learning. He is reading 

a variety of books. He is counting in English and Spanish. He knows his US 
geography, and does puzzles that are advanced for his age. He asks questions. His 
speech is appropriate and relevant with continued improvement in vocabulary 
and articulation. He loves to sing, dance, and paint. Our son is smart, funny, and 
very affectionate. He spontaneously hugs and kisses me and tells me he loves 
me.And the best part of all? When | come home from work, Gunnar yells, 
“Moooommmmyyyy!”, runs up to me, jumps into my arms, and wraps his little 
arms around my neck.! have my son back. 


I could never sufficiently thank Kerri Rivera for all of her selfless help. She and 
her team of parents give freely of their time and energy to bring kids and their 
families out of the depths of Autism. It is my hope to pay it forward.All children 
deserve a healthy childhood. If you are holding this book, you are likely in the 
position my family was in just 10 months ago. This is the way to turn your 
feelings of desperation into determination. This is the way to change the future 
for your family. This is the way out of Autism. 


—Maggie Kaye 
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Ok, my brother is 17 and started CD at the end of october. We are on 9 drops 
as of today. Non verbal. My mom called me crying and my brother said “I want 
snack please.” My mom asked if he wanted something and he “no, no, no.” He 
got his yogurt (df) out and said “thank you.” This is just so amazing. Thank you 
God for putting us on this path and around so many amazing warrior parents to 
help us with our journey. Happy healing to all!!! 


At the age of 3 our son was absent. He talked a lot... to himself. Scripting. It 
was almost impossible to get him to look into our eyes when we spoke to him. 
He almost never answered back, and when he did, it was scripting again (from 

a show on TV or a movie he was into.) He played by himself. He refused to 
potty train. He would wake up in the middle of the night crying and holding his 
stomach but was unable to tell us what was wrong. He stopped eating whatever 
we put in front of him and seemed to only want fruit snacks, American cheese, 
hot dogs, chicken nuggets and fries. And thats it. He didn’t seem to be growing 
anymore, both physically and mentally. He seemed to be slipping away from 

us. You could see it in his eyes. Those eyes that were pointed off in a different 
direction. It was gradual...hard to notice right away. But definitely a change, and 
not one we were happy with. 


Up until this time he was progressing like any other child. He ate well. He slept 
well. He played well. Was even starting to potty train. A typical child. But not 
anymore. Then there was the diagnosis. Autism. No parent wants to hear that, 
but we knew. Every parent knows what | mean. You just know. And at this point 
we (as parents) have to make a choice. 


We can choose to do nothing. Just live with it. We can listen to our doctor, or a 
specialist in the field. You know, someone who claims to know everything about 
you and your child in the 5 minutes they spend with you. Or you can talk to 
other parents. Parents that spend every moment with their children. Not just 

a few minutes every six months. You can network. You can research. Ask whats 
working for them, or more importantly what’s not. 


We chose the latter, and because of this our son is recovering. He looks into 
our eyes. He asks questions. He sleeps at night. He’s potty trained. He sets the 
dinner table with his older sister and asks to be excused when he’s done eating. 
He’s in pre-school now and plays with all of the other kids. He calls them by 
name. He draws. He paints. He reads books. He does all of the things a typical 
five year old does. 


Our son is recovering, and I need to give two heartfelt thanks for this. The first 
to my wife for the countless hours of reading and research she did immediately 
following our sons Autism diagnosis. She is an incredible woman who refuses 

to give up on anything. Ever. She refused to believe that we had to accept 

what was handed to us. She knew in her heart and mind that we could make a 
difference. We just had to do it. Because of this determination, she found Kerri 
Rivera, whom is the next person | want to thank. She is a true pioneer, someone 
who refused to keep thinking inside the box, someone who is helping families 
like ours all over the world. 


“We have the world at our fingertips. Every book, every encyclopedia for us 
to read at our local library, in our own homes, and now on (most) of our cell 
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phones. It’s a beautiful tool for us to use. Use it. Do your own research. Talk 
with parents. Find out what works and do it. 


The only thing | really have to say about Kerri’s book and the protocol it explains 
is that it works. We have our son back. 


—Kenn Kaye, Father of Gunnar Kaye 


Last night, my 19 year old son came out into the kitchen, picked up a purple 
straw from the dish drainer, and pretended to play it like a clarinet with great 
enthusiasm. Pretend play. For the first time in 19 years. 


We’ve been playing the “healing game” with my son for some time, (7 years 

11 months old) but we’ve never really healed anything. To be honest we’ve 
never known what we were up against...until now. Like everyone here, my 

child is very sick. He doesn’t grow, he has maldigestion and malabsorption 

issues and he’s chronically constipated. His history of constipation is long and 
extensive. ANYTHING that disrupted his gut flora would result in this extreme 
constipation; whether it was a cold, a new food, treating the GI. To say he has 
leaky gut is a tremendous understatement. So, when we started Kerri’s protocol 
6/15 my biggest health markers for initial healing were growth and for him to 
poop daily on his own. With his history being what it is | wasn’t surprised to see 
he was instantly constipated. How could he not be? We are killing pathogens and 
parasites like gang busters. We started enemas on day two and have done them 
daily. But, an amazing thing is happening! He is healing. He has grown two inches 
in these last three months and he starting to poop on his own. BTW, these aren’t 
just lame little poops they are total TROPHY poops. They are soft, formed, have 
no undigested food and there is lots (I'd show you a picture but we barely know 
each other) 


Yep... It’s taken 3.5 months to get here, but his little; fragile and damaged body is 
doing what it is supposed to do. 


Trust the process... It’s not easy; it’s not always fast. There will be ups and downs. 
But, my gosh, watching the body heal is an extraordinary thing. It’s nothing short 
of a miracle. 


Hi Kerri, 


| started my son on the CD last night. I’m taking it with him. 


Well, | for one, feel fabulous. My lungs are clearing up, the low-level depression | 
felt is evaporating. Wow!!! 


I’ve noticed some subtle changes in my son. He is more “with us” in the world 
and not looking out the window at cars quite as much. Also, a little less flapping 
his hands. 

He and I| have been doing a ketogenic version of the GAPS diet (no sweet 
vegetables, no dairy, no sweeteners) since January of 2013, and | think that’s why 
we've been so successful with the CD! :) 

I was thinking of upping it to two drops per 8 oz bottle--one for him, one 8 oz 
bottle for me. 

| am hoping that Sulfur is Ok to still give him. We used to cut it with Kombucha, 
but that is now a no-no. 


Thanks and Huzzah! 
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86. Ryan is the first of our 3 children to recover. Ryan was not considered autistic 
by most standards but did score a 19 on the ATEC test prior to starting the 
CD protocol. He is 9 years old and has been in mainstream classes without 
an IEP. We did hold him and his twin brother back one year prior to starting 
kindergarten so they could have more time to heal from Lyme Disease which we 
had been treating since they were 4. 


Ryan was a healthy baby but | did notice after saying his first words at the 
appropriate age, he stopped talking a few months later. (1 now know that is a 
symptom of autism!) And both he and his brother were very late with language 
despite knowing their alphabet at a very young age. Ryan did eventually talk but 
was often hyperactive and had a hard time sitting still in class or at the dinner 
table. It was often hard to get his attention and to get him to listen to requests. 
He was constipated since he was a baby and was a very picky eater. | dreaded 
mealtimes because it was so hard to get him to eat. We often had to spoon-feed 
food into his mouth even when he was 7 years old. Treatment for Lyme Disease 
helped many of his symptoms but he still had some remaining symptoms such as 
weakness, stomachaches, seeing orange and blue spots at night (more noticeable 
in the dark), nightmares, bedwetting, difficulty falling asleep and early awakening, 
and overly emotional and irrational behavior. These symptoms worsened 
dramatically when our house well water became contaminated with parasites 
and bacteria. It took us two years to figure out that the water was the cause of 
our deteriorating health. During this time, Ryan became unable to play sports or 
have play dates without melting into irrational tantrums when things didn’t go his 
way. When playing mini golf, he refused to finish the round after getting a score 
of “10” on one hole and had a crying tantrum. In tennis class, he would sit down 
on the court and start crying if he didn’t get to hit as many balls as the other 
children on the court with him. We didn’t even attempt to put him in team 
sports for fear that he would melt down and storm off, refusing to play the rest 
of the game. 


Then we discovered CD and Kerri’s protocol, and his and our lives changed 
forever. Within three weeks of taking CD, Ryan’s ATEC dropped to an 8. This 
improvement was the difference in Ryan being able to play sports. He was able 
to play on a baseball team and while he did get angry if he struck out or made an 
error, | was there with a dose of CD and that would keep him from a complete 
meltdown. As the season continued, Ryan’s emotions became more and more 
stable and normal. His energy increased greatly and now after 6 months on the 
protocol, Ryan is playing three different sports, taking piano lessons and excelling 
in above grade level reading and math. His ATEC is a 3 but we will continue until 
it is 0. His first report card since starting the protocol was the best of his life. 
We were most excited to see that his scores for behavior and attention were 
above expectations. Last year, these same scores were all below expectations 
because Ryan was so hyperactive and unable to focus due to the parasites. Ryan 
still sees a few orange spots at night but they are diminishing and we know 

they will be gone so long as we stick with this protocol until he is completely 
healed. We are so grateful that Kerri blazed the way for us all by developing this 
protocol. | have been searching for the past 7 years for a way to fully heal my 
children and the CD was the last but most significant piece of the puzzle for us. 
We will be forever thankful to you Kerri! 
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87. | first heard about CD, then called MMS, to treat autism in May 2012 and wanted 
to try it out with my then 10-year-old son. | bought supplies, and did the then- 
current protocol for a few months, but then school ended and summer vacations 
started and | put CD on the back burner or did it very sporadically. My son 
was verbal and high functioning, but still had lots of autistic behaviors. His ATEC 
score in 2012 was 27. 


I started reading about CD again in the summer of 2013. This time there was 
more information out there. Kerri had written her breakthrough book and lots 
of facebook friends in the autism community were mentioning it. | bought the 
book and dove in, first using my old supplies (CD with citric acid) then buying 
HCl and trying that. My son did very well with the new protocol, starting low 
and getting to full dose around the time of his 12th birthday at the end of August. 
| started seeing worms before we even started our first Parasite Protocol! 
When | started the Parasite Protocol and added in ocean water, things kept 
getting better! No set-backs or regressions. School was seemingly much easier 
for my son. He was in a mainstream class with resource room help for reading 
and writing for the second year, but this year, math homework was no longer 
taking several hours, but 20 minutes! His reading comprehension was improving 
as well, and more importantly, | didn’t worry about hearing about behavioral 
issues anymore! 


| wanted to complete three months of CD before | took another ATEC. When 

! filled in out in November, at the start of our third Parasite Protocol, | was 
shocked to see a score of 7! My son had dropped 20 points from his 2012 
score! Seeing the single digit score was so amazing! My son had been diagnosed 
with autism at age 2 /2 and there were no options given to me at the time. An 
early IQ test given by a speech therapist had shown he was mentally retarded 
and that was that. However, | looked into everything | could, and was not going 
to give up on my son. So glad | didn’t! Nine years of autism, but the beginning of 
his 12th year marks the end of it! | know his ATEC score will be 0 soon! 


88. “thank you for your help in recovering me” 


This is what my son just typed to me this morning on his iPad with the app we 
use for supportive typing! 


Thank you Kerri & Patrick for all you have done and continue to do! 


Without you BOTH, we would NEVER be in the place we are right now... 
HEALING & RECOVERY! 


Just know you are LOVED! 


—Melissa in Indiana 


89. Sophia was born on March 9, 2006. She was a typical happy baby who slept well 
and seldom got sick. She met all of her developmental milestones and laughed 
and made great eye contact.When she turned one just after her vaccines she 
became violently ill and vomited with fever for 2 days straight.After that she 
was never the same, her smile was rare and words were gone. When she was 
nineteen months after more shots, we took her to an ear doctor out of concern 
that she was not responding to her name or speaking clear words. Her hearing 
was tested and we were told she was fine and to give her time.After a few 
months of no change her pediatrician determined that she was developmentally- 
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delayed and _ had all the symptoms of Autism. We were stunned and unprepared 
for this news. | went into warrior mode and ended up with a DAN dr, who 
started her on lots of supplements after initial lab results showed heavy metal 
toxicity and high amounts of intestinal yeast. We followed the program and 
advice of this doctor for the last 4 years with the only change being dietary 
fluctuations. Sophia did improve but hit a plateau where no new gains were 
made in the last year or so, so in May 2013 her DAN doctor suggested that we 
do another round of stool testing after a urine acid test showed bad bacteria 
overgrowth and terrible mito issues. Her comment to me was “this kid’s DNA 

is so messed up, ! haven't seen a test this bad since the 1990's.” This was after 
thousands of dollars and too many supplements to count.! was done at that 
point. There were no answers there obviously. | came across this protocol on 

a Facebook page for autism parents and purchased Kerri’s book in September 
2013.1 immediately knew that this was the answer for my daughter. | had a gut 
instinct that she would be healed .We started the diet immediately and CD just 
after. My daughter had been a juice addict before this and | was worried about 
her taking the CD and being able to drink the water. This was only an issue for a 
day or so. | have not missed a day of giving her 8 or more doses. We get up very 
early and dose her ocean water and 2 CD doses before school. On weekends we 
are doing 16 doses/day. In the second week we started seeing some herxheimer/ 
die off, very sleepy followed by fevers. This is when the transformation started! | 
followed the fever protocol and did enemas and she got better. She also had an 
episode around week 7 of very red throat and fever which we double dosed for 
and resolved. We have seen a withdrawn, self -focused child with little interest 

in the world outside of herself disappear and turn into a child interested in 
friendship with peers, reading books and understanding the story (huge!), and 
having relevant conversation with great eye contact. She gets all A’s at school and 
has made a complete turnaround with behavior. We have so much hope for her 
future and she is blossoming into a beautiful, happy girl! 


Here are a few of the emails | mentioned from my son’s therapist in regard to 
what's happening at therapy! :) 


This is an email from the exact day | restarted the CD, which was August 21 of 
2013. 


We discovered a new game today. He was being a turkey and running up the hall 
to try to get around me to get places he wasn’t supposed to go. | started singing 
(to the tune of rolling down the river) about whatever he was doing “walking, 
walking, walking down the hallway” “jumping, jumping jumping down the hallway” 
climbing, climbing, climbing up the ladder. He thought it was hilarious, especially 
when I'd change in the middle of a verse “running running, jumping down the 


hallway. 
—Your son’s therapist 


Great day today! Vail seems to be understanding first, then sequencing and | 
think | finally have a bribe for him--he loves our fish. 


Also, he made a friend today. One of our other pt’s was playing in the gym and 
he was watching him, imitating him a little and said his name 2x! 


—yYour son’s therapist 


We tried to play the game and he wasn’t interested. Instead we ended up 
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pushing the fisher price horse, sheep, goat, and cow off the treehouse. He 

would “randomly” produce sounds which we took for requests for the animal 
associated. Then we would give him the animal “requested.” Reviewed his sound 
cards and he produced the /n/ and /h/. Coulda sworn he said go a couple of 
times, and mom said she heard a whispered “home.” Listen and be watchful for 
whispers! Oftentimes children with apraxia can get one system working but 

not the other, ie. articulate with no sound, or vocalize with intonation and no 
articulation, like when he says “ah uh 00” for “I love you.” Yep, he does that! 


Cheers! 


91. Hi had to share this moment today, just wish daddy wouldn't have missed it! 


Well, we were seeing daddy off for work this evening, when Vail decided that he 
wanted to go run around in the grass. | told him we needed to put on socks and 
shoes and then we could play outside. He walked straight to the door, we walked 
in, | pointed at his socks and shoes, and FOR THE FIRST TIME EVER (always 
knew he could, just to stubborn to do it unless he really wants too!) he promptly 
walked over, picked up his socks and shoes and turned and handed them to me!!! 
(all the while doing it with an attitude!!!”lol) 


This is Just from MOM to therapists. :) 


CD and Kerri have been life changing for our entire family. We now can give 

Vail choices, usually of two items. For example | showed him two pairs of pants 
and asked which he wanted to wear, and he grabbed one pair and started to 

put them on even though he was still in his pj’s. | showed him two shirts, and 

he picked a shirt. Same thing with his shoes and socks, he is able to choose 

now on his own. | look forward everyday to him doing something differently 

or completely new, and he almost always does now!!! This was not possible for 
CD!!! THANK YOU KERRI !!! WE LOVE YOU FOR SHARING AND FIGHTING 
THE FIGHT!!! 


LOVE, 
—tThe parents of Vail 


92. Best day of the entire school year! My son initiated verbal interactions 5 times 
today and responded to his teacher in a group over 5 times, WITHOUT A 
SINGLE PROMPT! Most days his TA is poking him to pay attention and ask 
other kids for directions, rather than an adult, all day long! She is tracking these 
interactions as they are his IEP goals. 


93. Casey is a young man who is I7 years old today, and the estimated ATEC score 
from 2006 is from when he was 10 years old. Proving once again that recovery is 
possible at any age. 


ATEC 
Casey H. ATEC History Estimated | StartCD 3months 6months 
10/12/2006} 5/6/2013] 8/6/2013] 11/6/2013 





|, Speech/Language/Communication 6 1 1 
ll. Sociability 14 3 
Ill, Sensory/Cognitive/Awareness 6 
\V, Health/Physical/Behavior 39 28 8 
TOTAL ATEC SCORE: 18 1 
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94. Daniel - beginning ATEC June 2013 - 101. Today ATEC Nov 12, 2013 - 44! We 
are thru our 3rd PP and starting speech supplements. Speech, by far, has been 
the hardest thing. In all other areas he is under “10” on the ATEC! Kerri Rivera 
words are coming. This week alone he is saying “Hi” and “Bye” and trying to say 
others. | can’t wait to hear “I love you Mom”! You are the Bomb Diggitty Kerri. 
We all love you! 


UPDATE: December 3rd, 2013 


! officially want to tell the world that my son, Daniel, who has autism is nonverbal 
no more! He is starting to talk. Praise God! This battle has been the struggle of 
my life, but i have learned to trust God, be patient, and enjoy the journey! Where 
some take a lot for granted regarding their children, | have been waiting almost 

7 yrs to hear his beautiful voice! And thank God he has one! Autism is treatable 
and there is hope! 


95. We had a super exciting trip, we went to a therapist on the 28th who teaches 
Rapid Prompting Method. We have tried since by daughter was diagnosed to get 
her to speak, but haven’t had any luck yet, she is now 11. We thought we would 
give RPM a try to see if the therapist could get her to communicate. 


We not only found out that she is able to make correct choices, but can actually 
SPELL! Her very first word that she spelled was CLOUD! 


Later on in the session the therapist asked her what her favorite color was... she 
spelled out PINK! 


| was sitting on the floor in awe... For the first time in 11 years, | finally know 
what my girl’s favorite color is... it was surreal... it was amazing... she is so smart, 
but had no way of letting us know... am soooooooo proud of her! 
96. Diagnosed at 20 months old in August 2011 
Started supplements under Dan in September 2011 
Started CD / PP on July 1, 2013, after seeing rope in stool 
Starting ATEC on July 1, 2013, was 46 
Present ATEC 22 


Gained 5 pounds from July Ist to present! 


Also doing GcMAF which has also helped...... but, | believe GcCMAF may have 
helped more with the viral load. | suspect this because we actually started IV 
GcMAF in January 2013, before CD . Huge gains with GcMAF but after 35 shots, 
her gut was still a mess and GcMAF definitely didn’t help with the gut. Found 
Kerri in July 2013, and began our healing journey. 


The following lab results are proof of just how well the child described above 
is doing since starting the protocol. Here is what her mom had to say: 
“The original test was taken last August of 2012, which showed a deficiency in 
almost everything despite the fact that my daughter had been on supplements 


for over a year at that point. The re-test was just taken October 2013, only 4 
months after CD / PP and removal of ALL supplements. Wow!” 


You can see in the second test that her high viral titers were reduced as well. 
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63 Zillicos Street 
Asheville, NC 25801 
© Genova Diagnostics 


OPTIMAL NUTRITION EVALUATION 


DOB: November 18, 2009 Complated: October 28, 2013 
Sex: F Received: October 18, 2013 
Collected: October 17, 2013 


ONE Res Ov 


_ _,Normal Borderline High Need Supplementation 
Antioxidants for High Need 


Vitamin A / Carotenoids Vitamin A / CarotenoldDose = 3.000 IU 


Viternin E / Tocopherols Vitamin E / TocopherolDose = 100 IU 


Minerals —— 


Magnesium Dose =200 mg 
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Ae AD) Tained Bie 
1710/09 
z RENCE INTERVAL LAD 
478 440 — 860 
Anti~—DHase B Strep Antibodies 
<71 o-77 


**Results verified by repeat testing** 
Limit of assay detection is <71 


BRubeola antibodies, IgG 

Rubeolm Ab, IgG, EIA 4.33 Sigh index 0.00 = 0.90 
Negative <0.91 
Equivocal 0.91 — 1.09 
Positive >1.09 


Presence of antibodies to Rubeola is presumptive evidence 
of immunity except when active infection is suspected. 


Human Herpes Virus Type 6 Igh 
<1:10 Neg:<1:10 
Resulte for this test are for research purposes only by the assay's 
manufacturer. The performance characteristics of this product have 
not been established. Results should not be used ae a diagnostic 
procedure without confirmation of the diagnosis by another medically 
established diagnostic product or procedure. 


HEV 6 IgG Antibodies Gee) High 


Negative <0.76 
Equivocal 0.76 — 0,99 
Positive >0.99 
Results for this test are for research purposes 

only by the assay*s manufacturer. The performance 
characteristics of this product have not been 
established. kesults should not be used ag a 
diagnostic procedure without confirmation of the 
diagnosis by another medically established diagnostic 
product or procedure. 


Antigliadin Abs, IgG 
Deamidated Gliadin Abs, IgG 15 units 0-19 
Negative o- 19 
Weak Positive 20 — 30 
Moderate to Strong Positive >30 


HSV Type 2-Specific Ab, IgG 
BSV 2 IgG, Type Spec 


Rubella Antibodies, IgG CG) 
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. _ Page 2 of 4 10/17/2013 04:07:42 PM Report Status: Final 
Quest Diagnostics 


[Patient Information Sp 


BC. Collected: 10/07/2013 

DOB: 11/18/2009 AGE:3 Received: 10/07/2015 /21:37 EDT 
Gender F Fasting: U Reported: = 10/17/2013 / 14442 EDT 
Patient 1D: NG 


Test Name In Range Out Of Range Reference Range 


A positive result indicates that the patient hae 
antibedy toe CMV. It does not differentiate between 
an active or past infection- 


RUBELLA IMMUNE STATUS 
RUBELLA ANTIBODY (IGG) 
Valu Interpretation 


<or + 0,90 
0.91-1.09 Equivocal 
> or = 1.10 Positive 


The presence cf rubella IgG antibody suggests 

immunization or past or current infection with 

rubella virus. 

BPSTEIN BARR VIRUS VCA 
AS (IGG) «= OR = 0.90 index 

Index Interpretation 
< or = 0.50 Negative 
9,91 - 1.09 Bquivocal 
> or ~ 1.10 Positive 


DNASE B ANTIBODY «95 
MBASLES ANTIBODY (TGG) 4.09 
Explanation of Test Results 


Negative - No Rubeola (Measles) IqG 
Antibody detected 
Equivocal 


Positive - Rubeola (Measles) IgG 
Antibody detected 


foai tye results suggest recent or previous infection 

rs . les (Rubeola) virus and imply immunity. 
eherit exhibiting cquivecal results should be 

pkpeeed/in one month, if clinically indicated. 


a: 
x 


INTERPRETATION 


REFERENCE RANGE: IgG <1:10 
Tam <1;20 


Human Herpesvirus 6 (HHV-6) infects T-lymphocytes, 
and has been identified as an eticlogic agent of 
éxanthema subitum. Rises in antibody titers to 
HHV-6 have been detected during infection with 
other viruses. In seroepidemiology studies of the 
prevalence of exposure using serum screcning 
dilutiona of 1:10, the detection of IgG antibody 
in a mid-life population approaches 100%. Due to 
this high prevalence of HHV-6 antibody, 


PAGE 2OF 4 
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Testimonials from the First Edition Continue Here... 


97. Meeting a Rescue Angel 
The way OUT of AUTISM 


My 5 year old little daughter, Anna’s story has been long and paved with lots of 
suffering and doubt, compared to her age, but prayers have always helped us in 
our journey. We are aware that it may take years to get out of the dark depths 
of Autism but now we know we are going in the right direction. Finally! Thanks 
to Kerri Rivera, the Rescue Angel of so many suffering children. She showed us 
the way out! 


We have wasted so much time by trying to face the fact, that unfortunately there 
is a problem with our perfectly healthy-born daughter. After the consultation 
with many doctors, they first suspected a hearing problem. As the result of this, 
she went under many surgeries and antibiotic-treatments, which made her state 
worse mentally and physically as well. The medical professionals could not find 
any evidence of physical abnormalities, so they choose the easy way out, the one 
word diagnosis of Autism! Dear Mom, please accept it, you cannot do anything 
about it. Try some developmental therapies, but do not put your hopes high! 


It is very hard to accept the unexplainable. What does autism mean? If 

you google it, you will find the verdict immediately: “Autism is a lifelong 
developmental disability characterized by impaired social interaction and 
communication, and by restricted and repetitive behavior” How is it possible 
that a perfectly developing child changes overnight? She stops saying the words 
she said before; she stops paying attention when called by her name and simply 
forgets some of her skills she knew so well before. How can one accept that? 
For us, it was impossible. We took up the gauntlet! 

We spent so many sleepless nights on the Internet searching for solutions, to be 
shortly shocked to learn that in the US, there is a totally different concept and 
approach to autism. A group of medical professionals and scientists are proving 
the crucial role of environment and vaccines in the rapid rise of autism, accepting 
genetics as not the single cause but a factor of susceptibility to the disease. 
More and more so called DAN (Defeat Autism Now) clinics and practitioners 
are treating children on the spectrum all over the world with different 
biomedical interventions with various success rates. Whichever method one 
chooses in their realm, the base line to all is a strict diet, especially free from 
gluten, casein and sugar. There is no way out without eliminating these from the 
diet of an autistic child. 


We immediately changed her diet from a bread and butter with chocolate milk 
style to a much stricter one. The first items to remove were sugar, gluten and 
casein, but these were shortly followed by potato, rice, corn and all artificial 
additives. We slowly changed to SCD (Specific Carbohydrate Diet). A few days 
into the diet and Anna slept through the night, and what’s more, the painful 
eczema spots that had been on her face since she was a baby have shortly 
disappeared. Parallel with the diet modifications we also started the DAN 
interventions. We spent a fortune on lab testing, supplements and to see a DAN 
practitioner in Germany. Unfortunately none of these brought us significant 
improvements. 


But | knew and believed that there has to be a solution. 
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98. 


And yes! | cannot keep it to myself and | would like to spread the word 
happily, powerfully and self-confidently, that there is a solution! This year in 
August, | have found the presentation of Kerri Rivera on the internet. Autism is 
preventable, avoidable, treatable and curable.” 


At the beginning “Kerri Rivera rose against the wind rather than with it when, 
after a frustrating slew of hits and misses, her youngest son, Patrick, was 
diagnosed with autism nine years ago. He was two at the time. Surrounded 
by literally no local expertise or any type of peer support circle, she did what 
most mothers would do: She became informed and involved in the biomedical 
community. It was through the Autism Research Institute (www.autism.com), a 
non-profit organization dedicated to autism research, diagnosis and treatment 
for the past 40 years, that she learned about a specialized biomedical protocol 
involving a special diet and supplements, physical therapy, applied behavioral 
analysis, chelation and hyperbaric treatment. There was light for Patrick, Kerri’s 
son at the end of the tunnel.” 


But Kerri did not stop here! As she told me, she felt that there was a missing 
piece to the autism puzzle. A huge piece! It shortly turned out to be the MMS 
piece. She developed MMS protocol which can be done at home. Following 
Kerri’s protocol, 68 children lost their autism diagnosis in the past two years! 
This result is outstanding, considering the fact that this is said to be an incurable 
disease. 


The day | saw her presentation | e-mailed her and | got an answer within a half 
an hour. Kerri Rivera’s MMS protocol is the missing piece of the puzzle to cure 
autism, ADHD, asthma, allergies, seizure disorders. Even mothers of children 
with Down Syndrome have reported improvements with this protocol. 


My whole family was in Mexico in August. We spent two months with the 
person, who is also a mother of a child with autism, who sacrificed part of her 
life to help others. For free, out of faith, humanity and love. Approximately 8-900 
children are following Kerri’s protocol currently all over the world. The protocol 
is available for everybody and can be done at home (www.mmsautism.com). 


Anna is getting better every day. Although we have heard very promising sounds 
from her, speech is not developed yet. However she has improved a lot in the 
last 3 months in many other areas like mood, communication, learning ability, 
focus and attention span are all better and she started pointing. There were no 
signs of these at the beginning of the summer. 


We are fully aware that there is still a long journey ahead of us, but now we 
know we are on the right track. Thanks to God and Kerri Rivera to guide us to 
recovery! 


Hi Kerri, 


PLEASE use our testimony. MMS kept my daughter’s PANDAS under control 
after switching from Silver Hydrosol BUT the biggest is the PP’s (parasite 
protocols) in combo with MMS. She began sleeping through the night, THEN, 
sleeping in her own room after sleeping in our room for 9 months. THEN she 
began putting herself to sleep for the first time in 7 years. We always laid with 
her--her WHOLE life--] KNEW it was NOT “behavorial”, knew it was due to 
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something going on interally, AND NOW, we read, kiss, and WALK OUT of her 
room! It’s SURREAL really. Seriously SURREAL! 


Also, she was a chronic chewer, nose picker.Almost GONE! Peaks at new and 
full moon, BUT goes away. She was chewing about 20 straws a day before PP! 
Mangling them! UNREAL! I have pics of the straws... cant even recognize them 
as a “straw” once she was done with them. CLEARLY parasites. CLEARLY on 
the right track. NO other interventions. Except for how the MMS PP protocol 
is outlined MINUS Rhompe etc..and Neem. NO sleep intervention supps etc.. 
None. 


99. Favy is my God sent angel. He is 4 years old and since he was born he came 
to change lives, to make families stronger and to help others forgive.As many 
of your stories, everything was “perfect” (besides of milk intoleration, delay 
speech and sleeping problems) the rest was great, milestones on time.. Then 
gradually after 13to 18 month something was clearly wrong, we loose him and 
then the bomb!: diagnosed in Puerto Rico by a developmental pediatrician and a 
neurologist as PDD-NOS on December 6, 2010. 


We moved fast and start the diet GFCFSFYF no sugars.. Etc Thanks to CEA 
non- profit organization who help parents with kids with autism. Soon we saw 
positive changes, then probiotics and a natural anti fungal. Difficult days... But 
always seeing little good things. On march 2011 | met an angel: Kerri Rivera and 
we start MMS protocol!!! Then we start to see the light! We moved to FL and 
they diagnosed him (now | know he was having a die off when reevaluate ) he 
was diagnosed as Autism. For me , not a big differences, still in the spectrum and 
he still sick!!! We need to cure him!!! 


After MMS the big changes came ,and still coming!! 
first from 2 to 4 hours straight per night to 6to 9 straight during night plus a nap 


fast 3 signs to communicate. He was more happy. |! didn’t see more great results 
because | was using Mms incorrectly for almost a year (with juice, antioxidants 
and vit c) When a couple of months ago | started doing it right (just water and 
no vit c nor antioxidants etc) he started to improve again and better..After a lot 
of efforts, dedication, patience and hours of hard work, with Kerri Rivera MMS 
protocol Favy to improved in many areas. 


This is all he have improved: 


Educational: 


* Respond to his name when called and say his name when ask. 


* Recognize people: Mommy, Daddy, Sister, Teachers, Therapists, friends 


* Name and identify some body parts: eyes, nose, mouth, ears, belly, feet 


* Recognize some animals (Ipad application or tv) : cow, horse, duck, 
chicken, zebra turtle. 

Recognize some colors: blue, yellow, purple, red. 

Recognize and count I-10 (can repeat ! 1, 13) 

Recognize and/ or use some common objects: plate, spoon, fork, bottle, 
chair, pants, shirt, shoes, backpack, lunch box, blanket, pillow, tv, books, 
some toys, ball, cars. 


Stack objects like blocks, books 
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* 


* 


Match pictures, objects or things. 


Color independently but refuses, he can trace but hand over hand. 


Social / Emotional: 


* He enjoyed for the first time his birthday Party, he was happy! He 
opened his presents and show emotions!!! 

* He is beginning to interact more with others. 

* He can follow direction of 1 step and some cases of 2. (clean up your 
plate to the sink and push your chair.) 

* He is affectionate : kisses, hugs, eye contact is better. 

* Wave and say bye. 

* Greet with a good morning or good night. 

* Play around and with others: chase, tickles, peek-a-boo, 

* Dancing and imitating some song rituals like: The wheels on the bus, If 
you are happy, head shoulders knees and toes, and some in Spanish too. 

* Throw, push, blow, pull, jump, run, walk, go up and down stairs, climb, 
open, close, zip, unzip, 

* He can watch anABC DVD seated or lay down , dancing or repeating. 

* He can be seated for almost 5 to 8 minutes with his favorite books. 

* He enjoys to go to playgrounds, go up and down slide or swing. 

* He enjoyed the trick or treating this year, going house to house picking 
candy and wore all night his costume. 

Comunication: 

* [think this is the area of more improvement. From 0 to almost 35 
words and different ways to label, request, interact and communicate! 

* He can answer questions with yes or no (yeah- nah) 

* He signs (modified) more, all done, juice 

* He can use 3 words at a time (mommy water please, mommy come 
here, | love you, mommy ipad please, mommy hungry, eat) 

* Say independently—not all of the sound clear but very similar sounds. 

* Mommy 

* Dadda 

* On 

*  Yes(yeah) 

* No (nah) 

* Please (peas) 

* All done (ah dah) 

* More (mor) 

* Water (at-ter) 

* go 

* Four 

* Three 

* 


Tickles 
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* Zebra (eebah) 
* ‘Turtle (totlo) 


* Uh oh! 

* Oh No! 

* | Love You! 
* Under 


When Prompting or Repeat: 
* Tv (tetete) 
* Dvd (dededah) 
* Off 
* Come (she) 
* Itch (each) 
* Scratch (ach) 
* Bubbles (babah) 


* Bye (bah) 

* Swing (win) 
* Push (pah-sh) 
* Five (hi) 

* Nine (nun) 

* Ten (ttn) 

* Baby 

* Ble (buh) 

* 


Purple (por-po) 
Yellow (ye-yo) 
* Chase (ch sound) 


* Play (ay or pah) 

* He can imitate some animal sounds like tiger, horse and wolf. 

* He make choices between to objects . (playing, dressing, eating) 

* Independent Functioning (he needs some prompting) 

* He eats independently with spoon and clean up after finished. 

* He can drink of a regular cup. 

* With pictures or social stories he can transition to different activities. 

* He is showing understanding of routines and rules. (dvd or toy stay 
home, 2 minutes and we are all-done) 

* He can pull up and down his pants (multiple prompt) 

* He can put his shirt on but need assistance to take it off. 

* He can pick up and put on hamper his clothes. 

* He can put his shoes (crocs ) independently and cooperates with other 
type. 

* 


He move furniture to reach what he wants. 
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102. 


103. 


104. 


Health: 


Favy still in the Gluten, Casein, Soy, Yeast, Antibiotics and Hormones free diet. He 
is trying new textures, flavors and consistency in a variety of food allowed. 

He is drinking more water. MMS help us every time he have a cold, a mosquito 
bite aor nasal allergies. Is the best product we can ever find! 


We are excited about all he learned, do and know during this last year because 
of the use of the protocol of MMS.We are proud of his efforts, but we still have 
areas to improve. We will continue with MMS, diet and wil start the parasite 
protocol with faith because MMS Rocks!!! 


We love you Godmother Kerri! God Bless you and your Family. 


Conversation at pick up: 


Aide: “What did you spike his breakfast with this morning? I’ve never seen him 
like this!” 


Me: *smile* “Oh glad he had a good day”...in my head..’three doses of MMS 
before drop off’... 


This child is going to figure out he has wings and start to 
SSSSOOOOAAAARRR!!!! 


. | have a 4-year-old son on the autism spectrum and MMS has been the most 


effective treatment we have tried for him. He had bad eczema on his legs 

for over a year that | was never able to get rid of. We tried diet, medication, 
cream and nothing seemed to clear it up. Within 2 weeks of starting MMS it 
was completely gone and has not returned. My son has made great strides 

in the past 5 months of being on MMS and the parasite protocol. He is more 
interactive with all the members of the family, talking more, and becoming more 
successful with his OT goals. 


Kerri; Thank you all for your great job. Because through the Webinar—Autism 
and MMS—the information has come to me and gave me the strength to start a 
treatment. 


Hi Kerri, 
My wife and I did anATEC on 8 year old son and it came in at 7. Wow. 


We're learning so much from you about how this whole recovery thing works. 
The child’s health takes three steps forward then two steps back then three 
steps forward then two steps back...but over time that one extra step forward 
seems to slowly add up. His pee is smelly again but, as you taught us, it’s pee-tox 
and this is a good thing. His focus is still a bit of a challenge at school and he still 
won’t shut up :-) but we are feeling that he truly is slowing getting better. 


We’ve got a ways to go yet but we feel that we are truly moving forward. Thanks 
so much for all of the help you’ve given us and any help you might be able to give 
in the future. 


My son is 19 years old. We started MMS in July. For 2 months my son did not 
sleep. The end of August at full oral dose we started the baths.At night you 
could see he was uncomfortable. | don’t know how we did it but we talked 
him into doing enemas. My husband does it. They induce him to have a bowel 
movement. 


Before enemas my son would have nights where you heard him walking back and 
forth from his bed to the toilet. In the morning | would say you had a bad night 
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last night, what was your problem? He would spell constipation. He doesn’t 
seem to be doing this since the enemas. 

On Saturday 11-10 our son went to the first day of the season Special needs Ice 
Hockey. He is just learning. There were no problems with him about anything. In 
fact for the first time he put on his hockey gloves without objecting, which we 
have been trying to do the last 2 years. He followed directions from a volunteer 
on the ice, using his hockey stick to hit the puck back and forth to him and 
towards the goal. When hockey was over we went outside and hung out at 

the car and did nothing for about 20 minutes and had a dose of MMS. He did 
not care one bit. He entertained himself by watching the sea gulls. He was not 
impatient. 

Next we walked over to the bowling alley, which is next door to the ice rink. 
He participated in special needs bowling. They have the bumpers up so the 

kids don’t get gutter balls. My son actually threw some balls that didn’t hit 

the bumpers. There were times in the past where every ball he threw hit the 
bumpers. Again there was not a single problem, incident, or signs of agitation 
from him while we were there. This is the first time in his life where we were 
able to go from one activity to another and not have an upset. He enjoyed 
himself. 


What was really interesting was that he usually stims with a container of 
pumpkin seeds when he is in the car or at the bowling alley. This Saturday he left 
the container of seeds at home and not once did he even ask for them while we 
were out. 


My son asks for a heating pad, which he has been doing for years. We wonder 
is it worms that have been causing all this pain for him? We would love to 
eliminate the pain, the repetitive behaviors, and the prompting through self-help 
and activities. He does lay around a lot. Everything he does is at a slow pace. 
He lacks stamina and speed for appropriate activities. 


105. Hi Kerri, my daughter’s first atec was 85.We just did it again and it is now 55! :) 
:) (approximately 2 months on MMS) 


106. Hi Kerri, 


| just wanted to let you know that we are up to 30 drops per 8 oz bottle 

and now I’m seeing some new things. He used future tense this morning (he 
sticks larry boys super suction ear to his window and waits for him to fall) This 
morning he said “Larry boy will fall.” Usually when he falls he says in his high 
pitched voice “are you ok”. Today when Larry Boy fell he said ina deep I year 
old voice “ouch”. | just burst out laughing. 


107. Dear Kerri, 


In the spirit of giving thanks, | wanted to say how deeply grateful | am to you 
and your amazing work with mms and recovering children. | have never felt such 
hope for my son and such joy sifting through poop!!! 

What a truly tremendous gift you have given us all... 


Sending love and Thanks 


108. My son is getting tiny bit more normal every day!!! | could kiss you!!! 


STIMULATING VISION 
Prostheses can be placed anywhere along the visual pathway, from just behind the photoreceptor cells—the rods and cones—to the brain 
itself. Subretinal devices stimulate the bipolar cells and other neurons downstream of the eye’s rods and cones from between the retina and 
the pigment epithelium Oo. while suprachoroidal prostheses stimulate these same cells from between the choroid, the vascular layer that 
supports the retina, and the sclera, the protective outer layer of the eye e. Both types of devices take advantage of the remaining intact 
retinal neural network that leads to the ganglion cells, whose axons form the optic nerve that 
transmits visual information to the brain. Epiretinal prostheses, on the other hand, 
directly stimulate the ganglion cells 8. which can also be activated via the 
electrodes placed near the optic nerve oO. And when the optic nerve itself is 
damaged, devices can be implanted in the brain, either in the 
Epiretinal lateral geniculate nucleus (LGN) @, or the visual cortex @. 
Subretinal Prostheses targeting each these areas has shown varying 
Suprachoroidal success in restoring sight to the blind. 
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114. 


There was once a day not too long ago when all my son would do is scream and 
cry. No words at all. No communication. Today he asked me “mommy who holds 
up the clouds so they don’t fall?” :) xoxo love that question! It means so much!! 
Autism is big. But God is bigger!! Don’t give up ladies!! God led us to mms & to 
Kerri for a reason!! 


Kerri is fabulous. She is very loving and supportive and will do anything to help 
our daughter recover. Using her MMS and parasite protocols have resulted in 
our eleven year old girl’s ATEC scores dropping by half in less than sixth months. 
She is fully connected and much more responsive and affectionate. She herself 

is now motivated to succeed! We look forward to full recovery through Kerri’s 
guidance. 


. | think we are over the initial die off hump!!! We are getting good reports from 


school about better focus and independence.Also, my son shampooed and 
combed his hair independently this morning. He even used a Q tip in his ears! 
I only asked him to try and shampoo by himself. He rewarded me with the 
combing and Q tip! Awesome mms! 


Thank you again! 


| am so grateful to have found you!! MMS here in our house is a MUST and my 
boy gets better by the day because of it. 


6 months ago, my son was on antibiotics for PANDAS, he was suffering with 
OCD and anxiety, as well as completely distracted - like a zombie.....his teachers 
came out one day with tears in their eyes because my son said he feels like 
monsters are inside his head and they are scaring him! They were so worried 
about him, as we all were! 


We started MMS in April. My son got up to full dose relatively quickly and we 
added in MMS baths and MMS enemas and then | pulled the antibiotics—cold 
turkey! I was emailing Kerri at the time and was afraid to stop the antibiotics. 
She guided me and gave me the confidence that was needed! As suggested by 
Kerri, we also did night dosing of MMS. This really helped my son. Keeping a 
constant flow of MMS was the key. 


My son is flourishing!! He is HAPPY and confident. His focus has increased 
greatly! Since the start of the new year, he has had great day reports everyday 
in school! SO many gains in all areas! His coordination and strength have 
improved - he can do I] sit ups (In June he couldn’t do 1) He was chosen as 
Student of the Month in his Tae Kwon Do school (he is now a purple belt). The 
best news to report is his ATEC is now a 10!!!! 


Our family is so grateful to Kerri!!! This protocol has made the BIGGEST impact 
on my son’s recovery! 
Thank you so much Kerri - My son’s Fairy Godmother!!! 


Xoxoxo 


| was praying for a new direction to go in to heal my boy. | literally woke up the 
next morning with a link to Kerri’s presentation in my inbox from a friend whose 
daughter is making beautiful gains with mms.We are on day 3 here and things are 
going great, | am so excited! Thank you!! 
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115. Yes, my son is making real progress - slow and steady but real progress. The 
MMS & Parasite Protocol has been very beneficial for him...that’s why | am trying 
to stick to it very closely. Also, | have wanted to tell you that one of the best 
things that we have ever done for my son is the enemas!!! He is a gut kid with 
chronic constipation and your enema program has really improved his daily life. 


Thanks again for all of your help and guidance—always truly appreciated! 


116. Hi, I’m the mother of Lizbeth Hernandez Saray Miramontes and | want to share 
my testimony in case it is useful to you. 


My 13-year-old daughter started The Diet in January 2012, in June the full 
moon protocol to deparasite and withinin two months, she expelled a worm. 
This helped her regain 8 kilos of weight. (She was 10 kilos underweight when 
beginning the protocol) Her attitude has changed completely, from being very 
passive and low energy, she began to smile and be more active. 


Thank you and God bless! 


117. From the ATEC at www.autism.com 
Total Score: 5 
|. Speech/Language/Communication: 1 
Il. Sociability: 1 
Ill. Sensory/Cognitive Awareness: 2 
IV. Health/Physical/Behavior: 1 
Started at 56 score in March. 


I’m still having problems in environmental awareness, because in his mind 
sometimes he is Super-Hero (he wants to help to all the people in disasters, his 
own words). Sometimes he is eating portions like me, not such big portions but 
he is burning calories in the swimming classes. His meals are so healthy. 

So, my homeopathic doctor told me (and recommends me) to wait until January 
next year to start the PP. He wants to see the effects of MMS, Probiotics and 
some homeopathy that he will provide at the end of this month. 

We continue using as | said MMS, Theralac, GFCFSF diet, NAET andA.B.A 
therapy. | am so happy to share it with you. 


Hugs my dear God Mother 
118. My daughter is doing well on the MMS. Her ATEC went from 53 to 26 


in three months. The special education teacher at her school was very 
impressed with how well she is doing. She told me to keep doing whatever it 
was that | was doing, because it is working! 


Thank you for your help. 


119. Kerri, good day 
I want to tell you about the progress of my child, the treatment began in July and 
the progress that we have seen is: 
-He has gone from not wanting to eat ANYTHING, TO EATING BY HIMSELF 
SITTING DOWN he grabs his spoon and he cleans his mouth every time he 
gets dirty 
* He has stopped wearing a diaper, and goes to the bathroom by himself, 
almost like any other typical child. 
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* He lets people other than my wife and | hug him. 

* He now gives hugs and has started imitating a few other things. 

* He can now obey simple instructions that he couldn’t before.....no, pick 
it up, get down, get up, give me your hand, etc. 

* At the institute where he receives therapy they have told us that they 
are seeing great improvement in his eye contact, as he now focuses his 
vision more clearly on an object. 

* 


He still will not play with other children, but at least he is where they 
are. 


Thank you for everything and we are together in this fight day after day, winning 
small battles everyday to win the war. 


God bless 


My son was a non responder. We worked with a DAN! Dr. for 14 years. We did 
the DAN! protocol tirelessly with very, very little gains. Did 3 years of ABA and 
2 of SonRise. Did the diet. Still do the diet. We started the MMS protocol in 
April of this year. My son has had more gains since April of this year than with 14 
years of DAN protocol combined. My local children’s hospital specialist told me 
to put my son ina home and forget | ever had him. What a jerk. We pressed on 
and | could write a book about the gains since April. My son’s Dr said he had two 
near impossible “tough nut kiddos to crack open...one being my son.” Well, MMS 
works. If my son can improve | know yours can too. Whatever you have to do to 
do enemas, and get him to drink it...do it. My son is drinking 35 drops a day. Trust 
me, it is yuck. But he understands that if he drinks it, it makes the autism go away 
and he slams it down and says, “yuck.” He totally knows | am helping him and 
cooperates. Be encouraged. 


. Hi Kerri, 


We're now at 1/4th of a drop per oz and today my daughter for the first time 
EVER answered a ‘Where is...” question. | was putting out the garbage and when | 
came back in | remembered | had forgotten to put away a black marker 


and when | found it was missing, | could only hope the property damage would 
not be too bad this time. | checked the living room and the kitchen but could not 
find any traces and meanwhile my daughter had taken the photo camera 


and was taking pictures of herself in the mirror.Amazingly she seemed to have 

a way better understanding of the thing. | asked her twice where the black 
marker was, and after the second time she pointed towards the kitchen and said 
“There.” 


SHE HAS NEVER DONE THIS BEFORE! | checked the kitchen and found the 
black market next to the fruit. The pears, melon and mango all had black circles 
and stripes. | was a bit overwhelmed | should say. 


Thank you, thank you, thank you for never having given up your search! 


My son Fernando Latin is 8 years old and was diagnosed at age 3 and half. When 
I started this struggle with autism all the relevant studies were performed. We 
visited a neurologist, psychologist and a gastroenterologist, he began taking 

the supplements according to DAN! protocol, but the list of pills he was 

taking was increasing and my boy was restless. Then | went to a homeopath, 
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the treatment worked a little but it was so expensive | couldn’t continue, it is 
needless to say how much money and time | spent on appointments and tests, 
plus the hyperactivity problem was growing each day. Until God put in my 

path an extraordinary friend MARIA CAMPERO and she talked to me about 

a foundation in Port Ordaz “VENCIENDO EL AUTISMO” FOUNDATION 
(Carolina, Yamileth and all that beautiful team) they brought Kerri Rivera to 
lecture here in Venezuela, on 04/02/201 1.1 will never forget these words AUTISM 
IS PREVENTABLE, TREATABLE, AND CURABLE.A new hope that a mother’s 
heart never looses... In that conference she also talked about MMS and its 
benefits | was lucky Kerri evaluated my child, | started giving him MMS plus some 
supplements and have won this since: 


* Better pronunciation, for example he used to say Dowg and now he says 
Dog. 

* He obeys orders. 

* Spends more time sitting. 

* Evacuates normally with no bad smell. 

* He stopped biting his clothes. 

* He stopped making noises like: wiiiii yiiiii. 

* He stopped playing with his hands. 

* We go somewhere and he is relaxed. 

* If we take a picture, he looks at the camera. 

* He is more aware of his environment. 

* 


He is improving a lot and really fast with his ABA therapy 


These are all the benefits I’ve seen with my son after starting with the MMS, | 
know there is a lot to do but know a have real hope. Some advice for parents 
that are starting this road: please accept what is happening, inform yourselves. 
| always think that to get your children through this you need the four-legged 
table: 


* Diet 

* MMS, Supplement treatment 
* Therapy 

* 


Help at home 


I’ve always asked God to give me enough wisdom to help my child and to put 
me ina direction were | could find people that can help me, and believe me he 
has listened:Venciendo al Autismo Foundation, Kerri Rivera, my sons therapist 
Milagros Alcanta, Danny her teacher-shadow, Maria Campo, a woman not only 
committed to her son but to all of those who she can help and guide me, 
including Marilyn Aparcedo and her team.All of them are my bases to keep going 
and as Kerri and Carolina say:This is an endurance test and there is no giving up! 


I have nothing but thanks these wonderful and professional people, Thank you! 
Norkis Pinto, El Tigre—Venezuela. 

Alexander was a normal baby until he was 6 months old, after that he suffered 
a change that, when we got home from work it was like no one came in, he was 


very uneasy, we talked to him but he didn’t seem to care, first we thought that 
he didn’t listen, the pediatrician and neurologist recommended hearing tests, 
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we did them and his results were normal. The pediatrician also recommended 
a psychiatrist but | thought it was very early for that so | took him to a 


psychologist, but he didn’t diagnosed him, instead he referred me to a psychiatrist 


specialized in autism, and with a simple test he confirmed the suspicions: your 
child has autism and this has no cure, take him to special classes and therapy. 

I quickly signed him to a special camp and school, but they they just took my 
money and my sacrifice to travel 60 kilometers daily, they didn’t do what they 
promised, they charged me triple just to give me a diagnosis and | believe he 
didn’t even receive therapy. In my despair | went to the internet, | made an 
email account, a facebook page and started to look for parents that were going 
through the same things | was, then | contacted a Dominican mom living in 
Puerto Rico and she told me about Kerri Rivera and the diet. She told me that 
Kerri was the person to go to about this and Kerri answered immediately and 
asked me if my boy was on the diet and | said he was only 50% and she told me 
that if | wanted my boy to get better | had to do 100% so | wrote her back when 
I was doing the diet entirely. She gave me the first three supplements MMS1, 
THERALAC AND QUINTON WATER. Everything has been so difficult to get 
but if you persevere you get want youre looking for. | got the MMS1 but | was 
scared because of the strong smell of chlorine but | gave it to him with faith, | 
took it and my youngest baby girl started taking it. She had had a cold for about 
a month and it disappeared, Alex started to get better in every aspect but the 
biggest changes began 15 days ago, since | give him his MMS1 treatment. | start 
at 3 o’clock and finish at 12 at night. On weekends | start at 1 and | complete 
12 doses of one drop mixed with citric acid and give him that daily. My 3 year 
and 4 month old baby boy is saying his first words. He is more connected, pays 
attention, he is aware of what happens to him and he is more loving than ever. 

| am so happy; | thank God, Kerri Rivera, Zeneida, Cynthia. But | mainly thank 
MMS1, because with a supplement so cheap, I’m getting my son back, the one 
that Autism wanted to steal from me. 


124. Juan Eduardo is 9 years old and he was diagnosed with Autism at age 2. It has 
been a long road in which we have tried everything. 7 years after trying and 
failing, in April of this wonderful 2011 we started in the right way. MMS came 
to our lives. Juan Eduardo was a self-centered boy and with a lot of fixations 
to objects. His improvement in school has been slow, but in 5 months he has 
improved what he improved in 5 years. MMS in our lives has been wonderful, 
despite the hyperactivity and lack of sleep at the beginning of the protocol, the 
life of Juan Eduardo and our lives have changed drastically in a very positive way. 
He will start regular school at the beginning of next year. He is a happy boy, he 
sleeps all night, he talks a lot more even if there is a long way to go, his quality 
of life is so much better. He shares with whoever is around him, a lot of times 
he surprises us with his qualities. He has adapted to the MMS in a great way. We 
took the panel viral test and the results were amazing, there was no virus. When 
| saw the great positive effects the MMS has made, | started to do protocol 1000 
for maintenance with 100% success. Last year | suffered from several episodes of 
flu in which | had to take antibiotics, but this year | feel excellent, Thank God and 
Kerri and MMS | haven't been ill. | thank God, Kerri for putting you in our lives; 
I’m sure he has given back everything you selflessly have done for everybody. 
The smiles and looks in our children’s eyes are priceless. Thank you Kerri and Jim 
Humble.A big hug. 


125 Yes, | have increased the drops. Honestly, since we last spoke, he has had some 
of his best days...super happy. He actually read a book on his own on the way to 
school this morning. Seems very calm. Thank you. 
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Hello Kerri! | have not written you in some time. | must tell you | have already 
been using MMS for two months. We have seen a lot of improvement. He 
suddenly speaks, says single words. If | sing a song or the vowels, he tries to 
imitate me, although it is still not very clear. But he tries to imitate. He smiled 
back at me when | smiled at him.And so those are several things. Tantrums are 
also less. 


She is doing excellent! Every day we see small but important progress. | am not 
sure if she has noticed the changes in herself, the best will be when she starts 
school and classmates and teachers can give me their opinions. Family members 
have also commented on the changes we have seen in her. 


She is also answering questions about what she wants... With yeah, nah or the 
sign for all done with and then says dddon! 


Now she wanted to see Mickey and told me tttttiii and | showed her the movies 
and she said “ickey!” ;) We are communicating!! 


We are a family that lives in a country where living is not easy at all. The maternal 
death rates and child deaths are very high, and there is hardly any chance of 
getting access to special medical treatments and therapies. Our son started to 
show signs of autism since he was 2 years 8 months old. He had begun speaking 
but at that moment he stopped talking, he started to show no expression with 
his eyes, to roll around trees, to scream and to tantrum, and to not allow contact 
with anyone. Little by little he started to be very hyperactive and to have serious 
sleeping problems (he didn’t want to wake up and he could not go to sleep at 
night). 

The start of my son’s autism went along with colds, severe coughing and 
infectious diarrhea. Our son’s teacher had always had excellent reports 

about our son’s behavior, but since this severe cold with synovitis in his hip, 

the transformation begun. Since then, the awful diagnosis and the absence of 
guidance led us to an abyss. Our son presented total absence of self, almost 

no language, hyperactivity and many sicknesses. 6 months went by in which he 
met with a real parade of doctors and therapists that gave us bad treatments, 
bad diagnoses and almost no information, our life became a living hell. We went 
into a state of denial in which we didn’t want to see anything on the Internet 
regarding Autism. In that time our son had been diagnosed with severe sinusitis, 
complications with his adenoids, and limitations that he developed because of his 
hearing capacity. 

By the end of the year 2007, | alone broke the pact | had made with my husband, 
and started to search the Internet and found Yeroline Ruiz’s page where she 
commented about the biomedical protocol through which she had gained her 
son back in months. Little by little | tried to convince my husband, who at the 
beginning was completely reluctant to the possibility, but by December 2007 

we made our first order of supplements and quelators (magnetic clay from the 
United States). The supplements took forever to get to us and when they arrived 
we gave them to our son without any clue or guidance and hardly any diet. The 
results were horrible, he got worse and worse, and this lasted about 8 months. 
During this time the therapists gave us a terrible prediction about our son’s 
future. Our family problems were also getting worse and the only guide we had 
was Yeroline and the Curando el Autismo foundation. Thank God we didn’t give 
up and we passed the hard times. 


More Miracles & Testimonials... 405 


We eliminated some of the food that is forbidden in the protocol and we started 
to use Enzymes. Our son started to improve, his health got a lot better and we 
stopped visiting traditional doctors and | decided to take care of his treatment, 
the process was not easy because there aren’t even the basics for the protocol 
in my country, from the flour to the milk, everything is really hard to get. 
Obviously a DAN! doctor or supplements are unthinkable. However even if his 
health had improved, the Autism symptoms were still present, the speech therapy 
did not help and sometimes even made it worse.With a lot of effort we brought 
Rosa Dominguez (Tomatis Therapist) and we begun applying this technique to 
our son. The economic effort was very big but the results were worth it, he 

was more in control of his body, the clearest sign of this was the control of his 
sphincter that happened almost magically. His language also improved even if he 
still didn’t use it socially, but little by little we verified that our son had no sign 

of retardation compared to other kids his age. Even with the improvement, the 
tantrums, frustration and limitations of his language remained, we decided then 
to make a new effort and traveled to Panama to the Stem Cells Institute to make 
a stem cell transplant. 


Our debt was huge, and despite the effort our baby showed two contrary 
signs: a positive one that was that our boy was completely connected to his 
environment (he is never outside of the world anymore) and a negative one: he 
became aggressive. He had never shown aggression, auto-aggression or violent 
behavior, but from the moment the anesthesia was applied these began. 


Our child started hitting himself when things didn’t go his way and he bit other 
people out of frustration. We remained on our path with despair because we 
could not see the light. We tried hyperbarics for 70 days in a row, eginotherapy, 
and others. In 2011 we came across Puerto Rico’s CEA conference and we found 
Kerri’s topic and the SCIA topics very interesting. We decided to do the SCIA 
tests and we confirmed that our boy also had virus and an inflammation even 
though his immune system didn’t seem very affected. Because of our country’s 
limitations we couldn't complete the SCIA tests but then we had a lead on how 
to start a new journey.All we needed was a doctor that could apply the SCIA 
protocol. 


But then there was a miraculous day in which we saw Kerri’s talk and hope grew 
inside us, we contacted her immediately and she answered immediately too, with 
good will and all the indications as to how give him MMS and how to apply the 
protocol.After two weeks we started seeing a change in our son. Eye contact 
was way better; he speaks fluid sentences and gives structure to his words. 


We are now three weeks into the protocol, we can see almost no aggressions 
and tantrums, we teach him letters and he recognizes them, reads and writes his 
name (he does it with some difficulty) his receptive language is %100 active, he 
is very loving, specially with me. (His mom), he hugs me and kisses me and tells 
me he loves me. We know we still have a lot to go but I’m certain that we will 
make it. My son has now Borderline Autism; his connection with the world is 
total.We are still thinking about doing all the SCIA tests but just to find out our 
child is cured. The light and hope that Kerri and the MMS have given us does not 
compare to anything. Thank God! Kerri is a blessing in our lives! 
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129. This email was after an ATEC drop of 64 to 44: 


This is truly AWESOME!!! He lacks in the “Speech/Language/Communication” 
area the most!! 


I honestly thought when I was filling this ATEC out that he would have regressed 
because | just thought he might have...it seems everything else we have EVER 
done it is always too good to be true! It actually is not this time!! Praise the 
Lord Jesus Christ! \o/ | even had my oldest daughter give her thoughts on the 
questions too so that | doubled checked myself regarding his behavior etc...you 
know to make sure | was not out of touch! :) 


We definitely have a ways to go, but | have never had my son at this level of 
‘awareness’ before! We are doing RDI (Relationship Development Intervention) 
and have been since Feb. 201 1...he’s made great gains with it, but he is FLYING 
now only because of the MMS!! 


~Melissa, IN, USA 


130. Hello, my name is Silvia and | have a 5-year-old son named Ricardo who was 
diagnosed with Autism 2 2 years ago. From that moment he has been on a 
gluten and casein free diet and a therapy routine that help him day by day. Three 
months ago | met Kerri Rivera and the Venciendo el Autismo Foundation, and 
started giving Ricardo MMS. From that moment on he has improved significantly, 
his language is better and his behavior is a lot more controlled, plus with the 
biomedical treatment he goes to the bathroom regularly, this makes me very 
happy because he was always constipated. 


Silvia Morales — Caracas. 


131. Since | was a baby | was a very sick child ... | remember | had many 
gastrointestinal problems, | made my mom's life miserable with all the diarrhea 
and vomiting ... | couldn’t gain weight and | had no appetite. All this accompanied 
me for many years; the diarrhea became chronic constipation, fluid retention and 
dry skin. 


All of this without knowing | had a serious problem, until | gave birth to my first 
child. The constipation was a nightmare, my baby got ill, when | fed him breast 
milk he would get a rash, and then he had convulsions for about 20 seconds, 
when | fed him again the same would happen but now the convulsions lasted for 
nearly a day. The doctors didn’t know what was going on either. In one of my 
researches | ran into a page that talked about Autism and Candida being one of 
the main causes, this is when | find out that my son had chronic candidiasis and 
that he got it from me when | breast fed him. | tested my child and myself and we 
both had Candida, and | have had it since | was a baby. 


One day | heard about the existence of a woman named Kerri Rivera who is 
devoted to helping children with Autism and | contacted her and she gave me all 
the help to treat my child. | will be forever grateful. She talked to me about the 
MMS and how to give it to my son. | also started taking it and in a matter of days 
| had a white layer in my tongue, it was the Candida getting out. | have gained my 
energy back, the headache | had in the mornings is gone, | feel vivid and almost 
all the Candida is gone. I’ve been with MMS for a month and I’ve never felt so 
satisfied with a treatment. This simple and yet powerful remedy has given my 
health and family back and with this | can assure, by my own experience that 
MMS works. 
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Hi Kerri, | want to tell you that Erik has started with the speech therapist, and 
psychologist, when she finished the session with Erik, | asked if she thought that 
Erik could still be diagnosed with autism. She looked me in the eye and said, 
autism? Are you sure that he was correctly diagnosed? | found her the forms and 
she told me today Erik has eye contact, he socializes, and is cooperative. She 
said he does seem small for his age, and that we were going to have to work 

on strengthening the muscles of his mouth and the tongue as well because they 
are very week. She said that not chewing would affct the development of one’s 
language, and Erik has only been chewing for 8 months, which started after we 
did the chamber with you in Mexico. That was the answer she gave me, and that’s 
something, the fact that she told me that this is not autism is really something, 
even though she doesn’t want to contradict the diagnosis they gave two years 
ago. The truth is, | am so glad he has come to improve, and that is since you 
KERRI have started to help my child. It’s been a year since we started with the 
MMS protocol and the improvements have been incredible, he still lacks language 
as he mispronounces many words, but the worst is over. You can publish this if 
you want, thank you very much for all your help. 


Kisses 


We had first formed stool at 4 drops. It was so inspiring. Since then somedays 
we have formed stool, some days we have loose stool but | relate this to detox 
- | can clearly see his gut healing. His expressive speech hasn’t changed yet but 
he obviously understands much, much better and is able to follow complex 
comands like “come and give me one teaspoon from the drawer” or “go and put 
this in the dishwasher” or “wait for daddy to get out the baby from the car and 
then you can lock the door and put on the alarm”. Things like that, that were 
unthinkable before. | hope he will go beyond his few words soon and will begin 
to talk. 


Although speech is the thing that interests me most of all, perhaps the most 
impressive thing that MMS brought to us all of a sudden is the sense of smell - 
our boy never seemed to feel any smell, good or bad, in his entire life. He got this 
sense a week ago. We are thrilled - something is waking up in his brain, perhaps 
some pathogens in some part of his brain or in his nose or whatever died and 
now he is able to sense a smell. Things are getting moved. 


Thank you Kerri. 


My son is 8 1/2 years old. | have spent six years and well into six figures to 

help my son. While | would see gains, nothing was really moving him forward. 
Three months with MMS, DE and ocean water; the junk that is coming out of 
him is both horrifying and thrilling. | think he is finally starting to feel better, and 
because he feels better he is more with us. He is trying so hard to speak and 
everyday he is saying at least four new words. He also watched a movie and 
laughed at a funny part! 


We started MMS 68 Days ago and my son’s ATEC has dropped from 50- 

23... Now that’s a MIRACLE!!! He is So much more “with us” and I’m seeing 
improvements daily. He is just so much more fun to be with now:) He did have 
a plateau, but is back on track. We have only done 4 enemas to date, but they 
made a big difference! Baths do as well:) | can’t wait to see what he is like on his 
4th birthday (still 39 days away). 


Kelly, CA, USA 
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Is it just an amazing day or is the MMS already working? Its just day 1! | know 
people say that once your child starts talking, they never stop, but holy cow... 
Today in the grocery store, it took me 3x’s longer to shop because he was 
talking about everything he saw around him and needed a response on all of it 
from me! So unlike anything we have ever experienced with him before. Could it 
really be the MMS already? Also, potty training has been going well (slow & and 
steady), but today, he didn’t need much prompting! Many times, he just stopped 
what he was doing and ran to the bathroom to go all by himself! This is amazing, 
because he never stops a preferred activity to go potty! When i thought it had 
been too long since he went last and said “its time to go potty.” he just ran in 
there and peed, washed hands etc. No tantrums or weight dropping, he just 

ran in and went! God is answering my prayers! :) I’ll keep you posted on what 
happens tomorrow! 


You know Kerri, | had to email you directly | waited until today to retake my 
son’s atec...just did his first Parasite Protocol and did the 72/2 hr this weekend, 
So waited a few days to pass by before we did...so this atec was based SOLELY 
on this past monday, tuesday & today.| got an 11, hubby got a 13. so average: 12. 
(he was 32 before MMS, then 27 after 3 weeks of MMS...now 12) | had to email 
you to thank you b/c well...because. What is there really to say :) cant think of 
the right words really :) thank you?? not really enough if u know what i mean :) 
...But to think i was going to skip your presentation at Al b/c | thought it’s too 
good to be true. But you caught my attention when you started tearing up as you 
got up on stage :) you were the only person/speaker to show emotion like that. 
AND have NOTHING TO SELL ON YOUR TABLE :) You were there only for our 
children...getting nothing back in return! :) | know I’ve been emotional, but I’m 
prego and my sons getting better so cut me some slack :) 


I’m SO grateful for all you do Kerri. If there is something | can do in return, 
Please let me know. ! know you have a lot on your plate. You have a heart of gold; 
such a giving, compassionate person. a “rare-ity” (this word is in my dictionary!!) 
You & Patrick are always in our prayers. | seriously want to go visit you in 

Mexico w/my family so my son can meet you when he’s recovered. | told my 
hubby & he’s up for it hehe :) 


Anyways, long email but really just wanted to let you know how well he’s doing 
and to ‘thank you’. It blew my mind after | got the results. He still has issues in 
socialization and getting his vocab/speech up to his 4 year old level. | think much 
of that will change as he learns English better: he’ll interact better with his peers. 


Thank you Kerri from the bottom of me & husbands heart :) You are loved & 
covered in prayer. :) 


We started to see a setback in January with our | year 8 month old girl. Until 
this date she had had a normal development, like her sisters (she is our third 
child) but then, she stopped talking, she just screamed and twirled. She would 
twirl like 20 times a day for no reason until she got dizzy and she fell to the 
ground. She didn’t look at anybody in the eyes and could be behind a curtain 
hours comparing her toothbrushes; she wasn’t hungry nor asked for her milk, we 
had to push the food into her mouth so she would eat it. | was desperate so | 
went in to a forum and a friend from Venezuela told me to look for Kerri Rivera 
in my country so | did. She immediately answered and gave me hope, since the 
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three doctors | had seen before told me that Autism had no cure, that all we 
could do is to teach her how to survive and be a little bit more independent. 


I found my hope in Kerri, | read the testimonies on her page and sent her a 
message that she answered right away. She told me to do the diet, remove 

milk and everything else, | went to her clinic and within a week of the diet 
Abby could look at me and smile (she had stopped doing that long ago) When 

I went to her clinic Autismo2 in Puerto Vallarta she looked at Abby with all the 
patience in the world, she gave me MMS, the supplements and all the hope in 
the world. Everything was new to me but | had faith that | was in the right place 
and from that moment on, while always counting on Kerri’s advice, my baby girl 
started to get much better. Her first ATEC was 95 and a year and a half after 
it’s a 15. My girl now smiles, talks, dances, she obeys and stopped screaming, her 
only tantrums are of a normal girl her age. | did hyperbarics and am still doing 
MMS, supplements and deworming her. She is now diagnosed with Pervasive 
Developmental because the Autism symptoms are gone. She doesn’t run from 
one place to another, she plays, looks for other kids to play with and has friends. 
The only thing left is for her to establish a conversation, and to put together the 
words to make sentences, but | know she is going to make it. 

Once she sat down on ant hill and a bunch of ants bit her, we had to go to the 
hospital and the doctors gave her cortisone and she was seriously ill, now when 
a bug stings or a mosquito bites she tells me where it bit her, and she asks me to 
apply a calendula ointment that | use for the mosquito bites. She sets the table 
and can eat by herself, she doesn’t use a diaper anymore, we can go shopping or 
to parties and she is well behaved, there is no more tantrums or fixations, this 
is wonderful! | know there is a long way to go, I’ve been in this fight for a year 
and a half, but with KERRI RIVERA’S HELP | will rescue my baby from autism, 
even though some say that Autism has no cure | know it does. Kerri has been a 
blessing for our lives and | thank God for putting her in my path. 


Thank you Kerri, | have no way to repay what you have done for Abby. 


Our 10 year old son, Ben, showed symptoms of autism since he was an infant. 
Until he was 6, he never connected normally with family or peers.As his mother, 
| ached for a hug, to be called “Mommy,” or for a lingering look of love. | never 
got them. 


Until he was diagnosed with autism at age five, | was utterly befuddled. What 

had | done? What was wrong with Ben? Why didn’t he want to play with other 
children? Why did he drool endlessly, laugh constantly for no reason, and bolt 
from play dates and parties with no warning? Why was he constantly lethargic, to 
the point where we called him “the playdough boy?” 


Ben was always happy, dwelling far from us, in his own perfect little heaven. My 
husband and I| were depressed, even despondent, despite attempts at gluten- 
free, casein-free diets, ABA therapy, and many supplements, because we saw no 
substantive and lasting changes in our child. 


Finally we found the Son-Rise Program®, which brought Ben back to us. After 
three-plus years of a mostly full-time Son-Rise Program®, Ben became highly 
interactive, engaged, and interested in his peers. That alone was a palpable 
miracle.As we say in Hebrew, Dayeinu! That would have been sufficient. But we 
constantly experienced regressions back into autistic symptoms. For no apparent 
reason, and despite endless biomedical interventions, including the DAN! 
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protocol—to the tune, | might add, of tens of thousands of dollars, multiplied 
over four to five years—Ben would suddenly revert to autistic behaviors, and we 
would lose contact. He became once again non-responsive, uninterested in family 
or peers, and seemingly unable to connect. Only the day before, he had been 
totally connected. 


After being on the SCD and GAPS diets, and finding even them ineffective to 
alleviate these regular and devastating returns to autism, we were advised by 

Dr. Campbell-McBride that it sounded to her as if Ben had parasites.A friend of 
mine who was also a Son-Rise mom had mentioned to me that she and another 
Son-Rise mom friend of ours were trying something called “MMS.” When | heard 
the words for which the acronym stood, | gave an internal scoff. ‘Master Mineral 
Solution? Is this a joke?” 


I can tell you, in all seriousness, that now, five and a half months into our MMS 
autism protocol, MMS is definitely no joke. Since starting MMS, we have seen 
nothing but progress in Ben. We are still doing GAPS, but avoiding foods we 
know Ben cannot yet digest. Ben’s ATEC score has dropped from 43 when we 
started MMS to a startling 20.We are seeing sustained, natural, unsolicited and 
consistent eye contact, like never before. Ben is consistently responsive, certainly 
on par with most 10 year old boys. He is playing hockey in our driveway with 
friends. He is solicitous of others, and compassionate when others are hurt in 
any way. He is funny, expressively loving, and eager to please and be loved. It 
makes me cry to write this. ! wanted this so badly, and now, with MMS leading 
the other interventions, | have what | prayed for. 


We are not perfect on the MMS. Ben is in his first year of school post-Son-Rise, 
and dosing during the school day is not easy. But we are tremendously hopeful 
and excited. 


| truly believe, as Kerri Rivera has often said, that parasites are the missing 
piece of the autism puzzle. Like so many other warrior parents, we have done 
everything. But everything minus one was not enough for Ben. Now, | think we 
truly have the tools, and it is only a matter of time, faith, and love, to fully and 
permanently recover our beloved Ben. 


140. Caitlin has been on the MMS protocol for 3 months now. Caitlin is now off her 
100 plus supplements a day that were the glue holding her together so to speak, 
with no regression. She is happier, more affectionate and focused. She no longer 
has a distended belly. She used to have terrible smelling gas on a daily basis and 
very foul smelling bowel movements. This is gone! She has increased muscle 
tone (has a diagnosis of low muscle tone and bilateral hip anteversion). She has 
been seizure free as well! She continues to make slow but steady gains in her 
reading and math skills at school. She isn’t conversational in her speech yet but 
can comment on things and express her wants in longer and more elaborate 
sentences. She is falling asleep faster and sleeping longer. 


14 


— 


. Eczema!! 


At last my son (4 yrs) is living now without eczema, he was born with severe 
eczema all over his body, we used every allergic cream and med and even the 
magical Dead Sea Clay but it didn’t work, but now after using mms and pp 
(parasite protocol) for 2 months... ITS GONE!! Thank you MMS!!” 


Thank you! 
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142. This is the story of our son who is 4 years and 9 months old today. Our story 
is a desperate struggle to defeat Autism, the same struggle that a lot of families 
are going through to free their sons and daughters. Guillem started to have ear 
inflammation and laryngitis when he was a few months old and we medicated 
him with antibiotics, he had his vaccines according the vaccine calendar, and by 
the time he was 9 months old he was showing signs of Autism. He would put his 
fingers in his throat until he choked, he would hit his head on the wall and he 
was always mad, his tantrums were frequent, longer and more intense, he started 
to look at the lights and to twirl with no sense, he showed less interest in people 
day by day and he would get really mad if someone said anything to him. He was 
hyperactive, couldn’t stop running and going up and down the stairs. The nights 
were terrible too, he didn’t sleep well and woke up screaming as loud as he 
could plus he could not say a word. 


My father and my brothers blamed me for this; they said that my boy wanted 

to dominate me and to get my attention. | had a hard time recognizing that it 
wasn’t this, that my boy had something else. Once | accepted it | spent hours 
and hours reading on the Internet, and | read about the gluten-free diet and that 
was our first step. When Guillem was 2 and half years old we changed the diet 
and it worked. Guillem started to respond to orders, there was less screaming 
and his first words appeared. Three months into the diet we contacted Kerri, 
this has been a key moment in our history, because she has been our guide to 
get our son out of this long tunnel. The first thing she did was to check what 
our son was eating, | thought that | was doing a perfect diet but | wasn’t, there 
were some foods with sugar, soy and additives, the next thing we did was to talk 
about the supplements and MMS, but | was very scared to use it and it wasn’t 
until three months later, the day Guillem turned 3 that | started giving it to him. 
Now we have been using MMS for a year and 9 months. We give him MMS daily 
and every weekend we can but minimum one weekend a month we do the 

72/2. His improvement was amazing, his language got better, his dressing skills, 
he learned how to use the bathroom, his sleep was normal, and the screaming 
was almost gone. The next step was to start with the MMS enemas, every enema 
made Guillem more alert, more present, we started with the enemas 4 months 
after starting with the MMS.We saw that the enemas expelled a great amount of 
biofilm and the more he expelled it, the more abilities Guillem gained back, | saw 
the importance of healing the intestine and that has been my obsession since. 


The next important step was the sessions in the hyperbaric chamber, his first 
sessions were at age 3 and 9 months, and the changes we saw were mainly in 
the obsessions he had, he paid much more attention to everything, his social 
skills were very affected but after this he made his first friend. Now we do 
hyperbarics with seawater every three months. Another piece in the puzzle were 
the parasites but with Kerri’s help we’ve been on the protocol against parasites 
for 7 months and every deworming cycle our son improves. | know that we have 
to keep fighting but | also know that we are closer to the exit. Now Guillem 
sings, he plays with his brothers, we go to the movies, we do puzzles, we paint, 
and he is very happy, he has learned to spell his name and he walks joyfully down 
the street telling you about his day. He goes to school, plays football and more 
importantly, we are a family again. 


For all of this we are deeply thankful to Kerri, because she has always been there 
for us, without Kerri and MMS our story would be completely different, so we 
owe them EVERYTHING. | know that we will someday say Guillem is cured, and 
all the other children with Autism can say that too. 
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UPDATE: As of December, 2012 Guillem no longer has a diagnosis of autism, 
here is an email his Mother sent to Kerri when she knew he had recovered: 


KERRI!!! 

My son has anATEC of 10!!!! 

| have it repeated several times because | did not believe it... 
| have copied it below...I’m going to have it framed! 


The truth is that this Christmas we have enjoyed our whole family, we’ve been 
to the Zoo, to the fair, and during family meals he was very well behaved and 
enjoyed the Magi and the magic of Christmas. Christmas last year was totally 
different. For all this we give infinite thanks! There are not enough words to tell 
you how we feel! Without you our story would be different. We will continue 
working to get to zero! 


A big hug! 


143. | started with MMS on April 2012, |! was afraid but had a lot of faith. | did the 
ATEC for my son and it was 92. He could not use the bathroom alone nor say 
a single word. The day | started | thought there was nothing different, but when 
we were at the beach on vacation | noticed that when | called his name he would 
turn, and come to where | was.All this with one drop! Before that day | always 
had to stand up and find him so he would pay attention to me. He wouldn’t look 
at me but he would listen to instruction. Days went by and when we came back 
from the beach he went straight to the bathroom... | couldn’t believe it; | sat 
down and asked my self WHAT IS THIS? What happened? And | silently thanked 
God and Kerri. This was decisive for me to continue.After this he improved day 
by day, after 5 weeks his ATEC had gone down to 76 points. 


| made a few mistakes at the beginning because | didn’t know the protocol very 
well, and wanted to rush things.Again, Kerri with her infinite patience and love 
for others led me to the right path, and | started to see more, way more. 


My son started writing, he knows his letters, he reads some words (he has 
memorized them) he is great in the bathroom, he listens, his eye contact has 
improved significantly, his last ATEC was last month and it was 60 points. | know 
we have a long way to go, but | every month there is improvement and even 
though there are some bumps and setbacks the good things overcome the bad. 
My son has also started saying words, names of movies, he can say over 100 
words (names of movies or things he likes). Some will think it doesn’t mean 
anything to know the name of a movie but for me, it is to know how my son’s 
voice sounds and that, is priceless. Now my next goal is to hear him say “MOM” 
~Myrna Sterling, Mother of Gianmarco, age 5. 


Myrna is the president of the GM foundation for Autism 


144. My wife and | have always been fond of traveling, getting to know different 
cultures and people, this is why we had our little one we decided t o keep 
traveling but to adapt to his rhythm. 


When he was 9 months old he went on his first international journey. Everything 
was perfect, he was the happiest baby on the plane, he played with the people in 

the seats behind us, the stewardess wanted to stay with him to play, all the plane 

ride went along perfectly. 


More Miracles & Testimonials... 413 


Something happened between his 15th and 18th month, his smile was gone, we 
no longer had happiness in our home, only nerves and less language. Maybe the 
excessive vaccines were destroying his immune system and leaving the door 
open for parasites to take hold. 


When he was 18 months we went on a second trip and it was an absolute 
nightmare. He wouldn’t stop crying and screaming on the plane, he didn’t want 
to play with anybody.We spent a few days getting to know this new place while 
our baby fell further into this abyss in front of our astonished eyes. 


Something was wrong, and after an episode of auto aggression we knew that this 
was not normal.After watching a couple of videos on the Internet we started to 

understand, and we went to a psychologist who didn’t give us a diagnosis because 
our son was so young. 


Later on we went to a neuro-pediatrician who also used the excuse of our son’s 
young age to dismiss us, and finally a last doctor who didn’t explain anything 
either. 


Not even our family listened because they thought we were exaggerating. We 
were left alone and our biggest ally was and still is the Internet. 


After the medical failure and their “anti-diagnosis” we took the best and most 
important decision of our lives, that was not to listen to any of the diagnoses, 
or to wait another 6 months to be called by the neuro-pediatrician again. We 

started down this road without an official diagnosis but with all the symptoms 
and behaviors that define autism. 


We started with the casein, gluten and soy free diet with no experience on how 
to do it and our baby suffered awful withdrawal symptoms. We couldn’t believe 
what we were seeing, his nervousness and aggression took us to our limits. After 
a few days on the diet his tantrums went down little by little until he was stable. 
But we needed something else because everything was out of control; this is 
when we went back to the Internet. 


After three months of false doctors and pseudo medical experts we found Kerri 
Rivera. 


She gave us hope, and filled us with confidence, but most importantly she 
was clear with us from the beginning. Everything she told us was logical and 
everything made sense as to why it was done so we trusted her without a 
moment's doubt. 


He got better and better everyday. Kerri told us how to do the ATEC and what 
it meant. Our first result was 57 points when he was 2 years old, which was 

very high for us because of his young age. We have been doing everything Kerri 
suggests, improving the diet, and using everything she recommends, and the 
results have been spectacular, right now he is 2 years and 10 months old, his 
ATEC is 8 and he is doing great. Our goal is to have him at 0, and I’m certain that 
once we free his intestines of all the parasites, he will be a strong, healthy and 


happy boy. 
He doesn’t have any behaviors like the ones he had one year ago, now he smiles 
again, he talks and asks for things, he plays a lot and he is happy. 


This was possible thanks to his Godmother Kerri. 
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Kerri, you have done and given us everything in exchange for nothing, and that is 
your defining quality as a human being and as a person. 


Every day you give hope to all that YES WE CAN defeat Autism and now we 
have a lot of puzzle pieces to complete our puzzle. We may find a new one soon 
because there are a lot of people investigating and that makes us feel alive, to 
fight against the entire circus that has sprung up around this problem. 


| would recommend that if anyone is not seeing progress in their children, to 
come to Kerri, and try everything she says word for word. She has done it all 
and has the best investigators and doctor on her side. The ones that aren’t 
intimidated by the absurd laws of the upper echelon, those who only want our 
children to be sick all their lives so they can sell medicine to us. 


We will keep up the fight. 


145. Hi Kerri, | just got the third MMS Autism newsletter, and | tell you it couldn’t 
have arrived at a better moment. For the last few days my nephew has had a 
strange infection, he was hospitalized and the doctors couldn’t figure how to 
fight it because it was resistant to many antibiotics. | told my brother-in-law 
about MMS and he started using it.After two days my nephew was healed, the 
doctor asked me for a little so he could examine it, and his answer was that 
the way MMS functions is amazing, he couldn’t believe that such a simple and 
powerful product hasn’t come out to the public eye. 


146. My husband and I| were on the couch having our morning coffee and my son 
came bolting out of the room and ran up to my husband's face and said...”Oh 
Hi Daddy, I’m back!’ And then ran back to his room...this is our once in a while 
“word” little man.After 3 non-progressive PPs (parasite protocols) the 4th one 
was a charm.A nightmare, but quite an eliminator... Lots of Worms Gone! And he 
is slowly coming back...we are seeing it in fact he is even reassuring us that he “is 
back”. 


~The previous email was accompanied by an ATEC drop from 95 to 35 in 6 
months. 


147. Dear Kerri, 


It’s a pity | don’t speak English and that’s why | can’t write you on my own. 
Currently, a lot of good things are happening to my son (31 years old). | have 
followed all your advice and as a result he has completely calmed down. | have 
learned to prepare CDS at home with the help of Jim Humble’s video. The CDS 
is a 600 ppm solution; my son drinks 30 ml per day with the feeding bottle 
method. | suppose this is the daily dose for a person of his weight. We are past 
the third PP and preparing for the fourth one. 


Unfortunately | won’t be able to attend the congress in Prague, since | can’t find 
anyone to look after my son. If it were in the summer | would risk going by car 
and taking him with me. 


| am very grateful for your attention to our life and progress and for your help 
in curing my son. God bless you for helping children with autism by sharing your 
knowledge and experience with the world. | will try to give a regular account on 
the progress of my son. have no doubt he will be cured, too. 
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149. 


150. 


Three more tiny little gains on our step by step path to recovery....yesterday 
Nick got a haircut and did not cry at all AND was relaxed enough that it was the 
first time it wasn’t like a sheep shearing, he actually got to get a little style (so 
cute!).Also, he was doing some pretty terrible screaming in the car in the parking 
lot at Whole Foods while | tried to find a parking space (| wanted to scream too) 
and | let him know he scared me. When we got into the store he spontaneously 
said “I’m sorry” -total first! Lastly, He has requested a hug from me three times 
recently - HUGE new thing and | love it. Thank you MMS and Kerri. 


Thank you Kerri. For all of your help, answering my emails, and for all that 
youre doing to help all of us, help our kids!!! | was at a breaking point. Nothing 
was helping her anymore, her organs continuing to get worse, hadn’t grown 

in 4 years, and had become Jeckyll/Hyde this past 4 years...A violent, raging 
Hyde being increasingly present more and more each year, each month. | 

knew something had a hold of her all these years. And it amazes me how 2 
endocrinologists, 3 pediatric GI specialists, and many other doctors had no clue. 


Thank you for ALL you are doing to get the truth out there. You are an angel!!! 


Merry Christmas - xoxo 


Puerto Ordaz, November 4th, 2011 


My name is Carolina Moreno and my husband is Rafael Colmenares, we are the 
lucky parents of a little 6 year-old whose name is Ana Victoria, she came to this 
world to give us the world’s greatest lesson, through her we have learned the 
real value of life, to be steadfast, and brave. We learned that it’s our job to fight 
for our dreams if we want to accomplish them, and over all we’ve learned that 
God is who holds us up and gives us the strength and tools to move forward. 


My journey with Autism began the 27th of march of 2007, my daughter Ana 
Victoria was 23 moths old, her initial development was normal, but little by little 
she stopped talking, she didn’t understand anything, she didn’t miss her parents, 
she didn’t play with other children or even her toys, she didn’t like to be kissed 
or hugged, she acted as she was deaf but we didn’t know that all this were 
symptoms of autism. It wasn’t until the day that we went to a neurologist in our 
area, that someone told us that this was Autism, an incurable condition, and that 
our daughter would have it all her life. It was a very hard moment for us; all of 
our plans to be a happy and healthy family went down in a matter of hours. 


As parents we didn’t want to give up, after recovering from the horrible news, 
we began looking for information on how to help Ana Victoria. In our country of 
Venezuela there were 4 specialists in Autism and they were all using the gluten 
and casein free diet, vitamin therapy, as well as expensive tests performed in 

the United States to check candida and bacteria. Thanks to them | learned how 
important the diet was to get Ana back from Autism, without it, recovery would 
be impossible. 


We did some testing through Great Plains labs, and the results indicated candida, 
bacteria, inflammation and much more .We started with Ketazol and Flegyl. My 
daughter was taking up to 400 mg of Ketazol even though she was barely three 
years old. Now with everything I’ve learned | can not believe that a physician 
could prescribe such a high dose to a child who is only 3 years old and weighs 
only 16 kg. That alone should be punished and criticized 
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However, | felt that | wasn’t doing the right thing, years passed, Ana Victoria was 
5 and her comprehension and attention levels were very low, my husband always 
thought there had to be something else we could do! 


One day my dear friend Carolina Garcia talked to me about Kerri Rivera’s blog, 
she told me that it explained the reason for the supplements and the hours they 
had to be taken, for example that the antifungals had to be given away from food 
and the pro-biotics worked better if they are given at night.After | read her blog 
and visited her website in July 2010 I called the Clinic Autism02 and Kerri Rivera 
herself answered me. |! explained my daughter’s case, and she asked me to give 
her an opportunity to help, and if in 2 months we didn’t see anything different 
with our daughter we could continue doing what we always did. | told my 
husband and we agreed to try. felt a great sense of peace when when Kerri told 
me, “I’m here, and | promise | will walk with you until we recover your daughter” 


In August Ana Victoria was on Kerri’s full protocol and in November God gave 
me the opportunity to go to Puerto Vallarta, México.An entire month in this city 
were my daughter received the hyperbaric chamber treatments, we started with 
MMS, plus we got together with Kerri at her home every night with pen and 
paper, she explained to us step by step how we could heal our children. From 
that moment a beautiful friendship was born between Kerri and I. 


This is when I understood that Autism is caused by a weakness of the immune 
system and this brings as consequences; viruses, bacteria, candida, intestinal and 
brain inflammation, food allergies and contamination with heavy metals, and that 
it is necessary to attack every aspect to be able to heal autism. 


The 23rd of November Ana Victoria Started to take MMS and in 30 days of 
treatment we noticed the firsts changes. My daughter’s stools were consistent; 
there were no food residues or foul smells. When | came back from Vallarta | 
was full of new knowledge and a lot of MMS bottles, Ana Victoria had already 

a very well defined protocol and the best thing was that it wasn’t a long list of 
supplements, only 7, MMS and Theralac. Everyone in my family noticed a great 
change in our daughter, better eye contact, controlled hyperactivity, she started 
saying her first words with sense and purpose; |! want park please, | want food 
please, | want to sleep. She was doing much better in therapy and at school.Anita 
had begun her way back to the world she left when she was | and half years old. 


When | saw this improvement in my daughter | decided to share my experience 
with other members of my community and it was there with my dear friend 
Yamileth Paduani and her husband Alejandro Teran that Fundacion Venciendo el 
Autismo was born. Mr.Alejandro asked if Kerri could come to Venezuela and talk 
to parents in a simple way so everyone could understand that Autism is curable. 
Kerri was delighted to accept the invitation and in only 7 moths of work we 

had 2 conferences and many evaluations and nowadays there are 700 kids on 
Kerri’s protocol that is: casein, soy, gluten and sugar free diet, some supplements 
depending on every child, MMS and Theralac. The results are very positive and 
there hundreds of families that have started with their children’s recovery. 


Then came the great discovery of the parasite protocol, for me, it was the 
missing piece in my daughter's puzzle. The first few months of the PP were severe 
(fever, laughter, hyperactivity) and many worms in her stool. However, after all 
these worms came out out | saw how her mind cleared, and month by month we 
waited for the full moon to deworm ... 
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Ana Victoria is now improving very quickly, she is a girl that enjoys being with her 
family, the park, a day out, she goes to school and she says to me that at school 
she now does her work in silence without crying, when | arrive home she greets 
me with a smile, she runs to me and calls me Mom, she tells me what she wants 
and what she doesn’t, she can use the computer like an expert, she takes her 
own shower and dresses herself, she even picks out her clothes, she knows when 
Christmas is coming and that there will be gifts. Her therapists and her shadow 
teacher are really happy to see how Anita is progressing day by day. 


Yesterday we were all at the table eating lunch ...and she points with her finger 
...”’Papa’s food, Mama’s food and Ana Kikota’s (Victoria’s) food...yummy... 
heeheehee. My husband and | were laughing with excitement and happiness. 
Some time ago we felt that speech would be nearly impossible for Ana Victoria. 


My advice: do not be afraid of MMS ... be afraid of autism; that which is 
unforgiving and has the power to destroy lives and families if we don’t attack it 
on time. 


We are grateful to God because He has never abandoned us and has always 
given us the strength and tools to fight and to believe that it is possible to 
recover our children. We thank God for putting Kerri in our path and we ask 
God to bless her everyday for having such a big and noble heart, she who is 
always helping others in a selfless way. We also thank Jim Humble and Andres 
Kalcker for helping us find the missing piece in this great puzzle that is Autism. 
We can do it!!! 


To all of you, many sincere thanks for helping the children in my country. 
Blessings, 


Carolina Moreno, President of Fundacion Venciendo el Autismo. (The Defeat 
Autism Foundation) 


Venezuela. 


. Good Day, first of all | want to thank God for giving me all the necessary tools 


to be able to help my son, Jesus Soto who is 8 years old today. Jesus was born 
normally with no complications, loved by his parents and family, everything was 
going fine, but when he turned 18 months old he became ill; laryngitis, and fever, 
amongst other things. 


He was diagnosed with Autism at age 3.As a worried mother, | took him to 

the psychologist because | observed several behaviors that were not normal. 
After the terrible diagnosis we started to take him to a specialist after specialist, 
they were all very good doctors, his DAN! doctor in Venezuela, and my sons 
gastroenterologist were very helpful. | met a very special friend Mayerling 
Aparcedo who brought the ABA method to Venezuela. My son had many 
improvements but we still felt that we needed something else. | spent my time 
on the internet finding out as much as | could until | found Kerri Rivera that 
without even knowing me helped me via Internet, talked to me about MMS and 
about the supplements and how to take them. My friend Carolina Moreno had 
the joy to travel to Puerto Vallarta and wrote to me from there, telling me that 
MMS was helping a lot of children. The 14th of December | ordered my first 
MMS and the 27th of January it arrived to my country, from that date on my son 
is taking MMS. 


The 2nd of April Kerri arrived to Venezuela and | went to see her, | took all the 
tests | had and she checked them, after only two months of taking MMS his viral 
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load went down to near normal levels, and his liver profile showed no problems. 
| made some adjustments that day and | continued with the treatment seeing 

a lot of improvement in his language, socialization, understanding of things, his 
hyperactivity has gone down and the laughter for no reason stopped. I’m very 
happy with the results and now all the family is taking MMS. 


I’m very grateful to God for putting my husband in my life, as he has been a 
very special part of this battle that we are winning, | also want to thank our 
family, Kerri, Carolina, Yamileth, Mr. Alejandro and everyone from the Fundacion 
Venciendo al Autismo. 


Yours truly, 


Maria Campero 


152. My baby girl Yuliangel Nazareth Quijada Montero was diagnosed with autism 
when she was one and a-half years old. From that moment she was given a 
treatment to allow her to sleep and to control her tantrums: “Risperdal” which 
had absolutely no effect, | gave her up to three pills before bed and even them 
nothing happened, | was just damaging her brain. She didn’t sleep night or day, | 
was worried because she screamed all the time and she hit herself. 


The 2nd of April 2011 | attended the conference of Fundacion Venciendo el 
Autismo, where | heard for the first time that Autism had a cure. Kerri explained 
in a very simple way how | could cure my girl, even though | didn’t have all 

the economic resources necessary for her treatment, the Foundation helped 
me with a part of the treatment, MMS and multivitamins. From there | started 
noticing changes, with a lot of sacrifice and effort my girl was on a strict casein, 
soy and gluten free diet. When | started giving her the MMS | would give her 
72/2 on weekends and then | noticed that there was a lot of mucus in her stool, 
from there she started talking, she slept the entire night, and took naps in the 
afternoon, she pays attention, she knows how to count and all the colors with 
only three years of age. For me MMS is a miracle, since | started giving it to her 
she is a very healthy little girl, with no colds or any of the diseases she used to 
have, she is now considered to be very high functioning (14 pts. on the ATEC 
scale) with MMS, Vitamins, and the diet my child is getting out of the Autism 
spectrum. She does not go to therapy because of my finances but my sister 
Yenitze Montero interacts a lot with my girl, and her grandparents Raiza and 
Julian help me a lot with the diet, my nephews Jesus and Luis are also helping me 
with the home therapy and of course her dad and me fill her with love and care. 
My daughter is healthy, she has meaningful speech, she recognizes herself, she 
sleeps well with no pills and we are all very happy with the results. God Bless 
the entire team at Fundacion Venciendo el Autismo, especially Kerri Rivera for 
bringing MMS to my country, it is absolutely miraculous. Blessings. 


Yurliana Montero and Jonatha Quijada 


153. Martin is 6 years old, weighs 19 kilograms and is diagnosed with severe non- 
verbal Autism. He was diagnosed when he was 2. 


He almost made no progress with therapy, when he turned 4 everything seemed 
to be lost, but when he was 5 we tried a new therapy and he started to say a 
few words. He also got very sick almost everyday, he coughed a lot, had an ear 
inflammation and fever, he couldn’t go to school. 
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155. 


He started taking MMS the 29th of June 2011, when he was only taking two 
doses of one drop and two drops every third day has intestines were not moving 
and he had a psychotic attack (something that I’ve never seen before) and this 
lasted 2 hours. 


Children with Autism are severely intoxicated so his reaction to the MMS 
was very clear.After 15 days of taking 8 takes of a drop a day Martin stopped 
coughing, he is more alert, connects all the time, his expression changes, he 
started to make friends, he starts to play with the computer, | hear from 
school that he’ll be a preschooler because all the improvement he has had 
and that he didn’t have all year. (I was almost going to get him out of school) 
he was attending school with a shadow teacher but had no apparent social 
communication or increase in cognitive capabilities. 


This past October, in a meeting with his team of therapists, | asked them all what 
they thought about Martin’s improvements and they were very happy, | asked 2 
of his speech therapists who have worked with him for more than three years, 
“Did Martin have severe autism?” “Yes.” They both responded. “And now?” | 
asked them. “‘Noooo” they both agreed. The rest of the team, who have only 
known Martin for a few months looked at each other, and said that they could 
not imagine Martin like that. 


The path out of autism is scary, but MMS is giving us great joy and hope. 


Martin has not been sick anymore, the last time he was sick, before MMS, we had 
to admit him to the hospital, his cough was so bad that he was vomiting non- 
stop. 

First off we give thanks to God, we thank Jim, Andreas, my dear Kerri who guides 
me with all her love, and to every single mother that is in this struggle. | also 
thank Mr. Luis from Buenos Aires, Argentina who has made it easy for me to get 
MMS; he is a wonderful human being who helps those in need. 


We are on the way to full recovery for Martin, I’m sure of that. 


So | just redid my daughter’s ATEC. She was a 71 a month and a half ago and is 
now a 60!!! | thought she was making nice improvements but it really set in when 
I saw her score. Some things that have changed for her are now she is pooping 
on the toilet every day and telling me. She used to just go every few nights in her 
diaper. There’s no more diarrhea, she’s not constipated, she’s sleeping great. She is 
just starting to show signs of imaginative play and a big one for us is that she just 
learned to blow. She couldn’t blow no matter what we did to try to teach her. 
Now she’s got it. Hopefully more good things to come. 


My now 8-year-old daughter was dx with autism at 18 months old. Started GF/ 
CF diet and started with a DAN! She slowly made progress with speech, had 

a few words, a few 2 and 3 word sentences, and despite having autism, she was 
always a happy, calm, sweet little girl. Shortly after her 3rd birthday, she “changed. 
She became more of a Jekyll / Hyde personality, and all progress in speech 

and improvements in eye contact and sociability started to fade. Seemed like 
everything we did was just like yo-yoing back and forth between improving, and 
then crashing yet once again. 


Last year at this time, we had just left the doctor we had been taking her to. For 
years she was on antivirals, antifungals, antibiotics on and off, SSRI’s, Tenex, and 
when her violent SIB had become so bad the second year into treatment with 
him, he put her on Abilify. SSRI’s and the Abilify did nothing for her except make 
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her behave worse. Neither did any of the other things he had her on. The first 
year she was doing pretty good, but possibly because the antivirals were acting 
as an anti-inflammatory. She always had chronic constipation with loose stools/ 
diarrhea. Nothing helped that either. We finally left that doctor who yelled at 

us in his office for 20 min straight, in front of my daughter, because he did not 
like that | had been challenging him on all of this for the past 6 months. | was 

no longer going to let him put the blame on us and everyone else... that her 
ABA and speech therapists didn’t know what they were doing, and telling us 

she acted out this way because we didn’t know how to give proper time outs 
or how to correctly give “pep talks” at bedtime. ! was convinced that she had 
PANDAS/PANS and/or parasites that were causing her ever increasing SIB, loss 
of all progress she had made in speech over the past 4 years, and the fact that 
she had not grown in 4 years...did not gain | pound, feet did not grow at all, and 
she only grew 1/2 inch in height in that 4 year span. We had taken her to a very 
well respected endocrinologist the previous summer who ran all the tests. Could 
find nothing wrong as to why she wasn’t growing. But he decided to put her on 
HGH anyway. Thankfully, we left and decided not to give her the HGH. We also 
took her to one of the best Ped Psychiatric doctors at UCLA who specialized 

in autism that summer. He observed her, her SIB happened right there in his 
office for him to see. He said her SIB is coming from pain, discomfort, something 
medical going on inside, most likely stemming from her gut. He suggested we get 
her scoped upper and lower. So we did. The only thing that came up was on the 
upper endoscopy, and that was that she had esophageal gastritis. So the GI dr 
gave her Nexium. 


All the parasite stool tests we had done over the years had always come back 
neg except for one at age 3 came back with Giardia. But that was it. So last 
January, when we had finally left that her doctor of 3 years, her liver AST and 
ALT were at 130 and 135, her Creatinine (kidneys) were severely elevated at 

a dangerous level, she now had hypothyroidism, and after testing her cortisol 
thru blood and saliva we discovered she was barely making any at all. She had 
dark circles under her eyes, grinding her teeth for 3 years now, and agitated 
beyond belief ALL the time. Mind you when we started with him 3 years prior, 
her thyroid, liver, and kidneys were all in normal range. She did have dark circles, 
many many food allergies, some SIB, but nothing compared what we were dealing 
with now, or what was to come. 


So now, what to do.We took her to a very highly recommended Pediatric Gl 

in Los Angeles who was very nice. Listened to what we had to say. Ran the 
most sensitive and comprehensive stool analysis. Came back with nothing at all. 
Then took her to the head of pediatric Infectious Disease at Cedars Sinai. She 
obviously had her mind made up before she even walked in the door. She saw 
the word AUTISM on my daughter’s chart, and that was it. | showed her every 
blood and stool test, explained the not growing at all for 4 years despite all the 
endocrinology labs said everything related to growth was in normal range, her 
severe SIB. She said to us...”] know you want to help your child. You want to find 
something “medical” that has caused her autism so you can fix it. But the truth 
is, your daughter has autism. You need to accept that, and take her to a pediatric 
psych dr who can help her with these SIB’s. There are lots of meds that can 
help her be calmer.” Had she not listened to one damn word | told her!!! All the 
meds we had tried in the past did nothing, already took her to a psych dr who 
specialized in autism telling us something internal was wrong. She would not 
run any blood tests, or any other kind of Infec Disease tests. So with that, my 
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husband, my sister, and | completely dumbfounded started to walk out. The dr 
then had the nerve to say...’”She hasn’t been vaccinated since 18 months (she was 
7 here) Let’s get her caught up right now before you go.! can give her 6 vaccines 
today.” | looked at her and said you have got to be crazy! | am not giving my very 
sick child vaccines full of the poisons that did this to her.” 


So a month later we started with doctor who “gets it.” Who listens, and treats 
parents with respect. Values their opinions.And the networking | had been 
doing for the past 6 months on a few different bio-med autism groups with 
other moms was paying off. The moms are the ones who KNOW!!! That’s how 
I found my daughter's current doctor and how | found Dr Maile Pouls last June 
to help her with nutritional and metabolic healing. Dr Pouls ran a $100, 24 hour 
collection urine analysis, and we found out she had severe malabsorption, Ph 
was too Alkaline, she was catabolic, extremely electrolyte and mineral deficient, 
severely Vit C and D deficient, and had severe bowel toxicity. Working with 

Dr Pouls and her new doctor lead them to suspect parasites/worms. | was 
encouraged to look into mms, but of course | had heard nothing but bad things 
like it’s bleach. | was very hesitant to try it, but | researched it, and sought out 
other moms on Facebook who were doing it. The toxins from the parasites had 
completely taken over her body and brain. She was SIB almost all day, every day 
by now. It was pure hell. We thought we were going to lose our minds it was 
so bad. We had stopped taking her anywhere but school and dr’s appointments 
for the past 2 years because she would just suddenly out of nowhere, for no 
reason, violently freak out and there was no way to help her calm down. Her 
doctor said she’s so toxic, and her body is so sick that she can’t detox. That 

the mms will not only help kill, but will neutralize the toxins and help her calm 
down. So we started mms, and | could not believe how much calmer, happier, 
and more present she was in just a week. MMS is literally saving her life, and 
bringing her back to us. Before starting mms, we did just parasite meds like Alinia 
and Mebendazole. The parasite meds alone did not help her, even though she 
was dumping worms, but she was still completely psychotic, and getting more 
crazy and manic every day. Since starting mms she has dumped hundreds of 
worms, some 10-12” long, ascaris eggs, TONS and TONS of the shedded skins 
of the worms, tons of liver flukes, and hundreds of tapeworm segments. We 
had not done any PP yet. This had all been with MMS only! We actually started 
Albendazole for treating tapeworm about a month ago and saw immediate 
improvements with it. It really seems like this is her biggest beast right now to 
deal with. 


These are her labs from before MMS, and after starting MMS: 
2/7/2012 - one month after leaving scumbag dr of 3 years 

AST = 79ALT = 108 Creatinine = 1.24 EOS = 11.2 Sed Rate = 9 
~ Started MMS 11/23/2012 ~ 


12/4/2012 
AST = 73 ALT = 64 Creatinine = 1.32 
1/15/2013 
AST = 61 ALT = 60 Creatinine = 1.30 
2/27/2012 


AST = 51 ALT = 42 Creatinine = 0.92 EOS = 5.1 Sed rate = 12 
Ref Range for AST is [15 - 46] ALT is [3 - 35] 
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Ref Range for Creatinine (kidney) is [0.60 - 1.20] Shows how well kidneys are 
working. Anything close to or over the 1.20 is considered to be of serious 
concern 


Ref Range for EOS (eosinophils) is [0.00 - 3.0] * High EOS are always seen with 
parasites 


Ref Range for Sed Rate (marker for inflammation) is [0 - 10] 


Her doctor said her Sed Rate is likely high because when killing off pathogens 
and detoxing, inflammation will go up temporarily. 


So | say never give up. Don’t listen to doctors who don’t listen to you. Kerri, 
thank God you saw those bottles of MMS at the clinic that day and asked what 
they were.And that you bought some out of curiosity and tried it.And that you 
selflessly have taken what you’ve learned and experienced, and shared it. Given 
so much of your time to help others, to help heal and recover their kids. You are 
truly an amazing person. We finally have the answers to our daughters autism 
after almost 7 years of numerous doctors and specialists, so many tests, so 
much money and valuable time wasted...and now we finally have real hope...real 
results. We know without a doubt she is going to get healthy, which will in turn 
give her the happy joyful life back that she once had before she got “autism.” ~ 
xOxo 


Today was just wonderful! We have been on MMS since 12/11 and this is our 
second round of Ivermectin from our Dr, just started today. My son has been 
very rigid lately, but not today. For the first time in over 6 months we went to 
the park and had a great time (no stimming), then we were able to run an errand 
and pick up books from the library. (he usually gets upset unless we do one 
specific route in the car). Felt like a regular mom running kids to the park and 
one errand. So lovely!!! 


157. Just a testimonial to MMS. For those of you new to the group and still unsure of 


158. 


MMS protocol | wanted to tell you about us. | was afraid at first, but we decided 
to try MMS.Within 3 weeks my son went from an ATEC of 36 to 18! That was 
amazing. Then we were afraid of the enemas. We said no way, we would just do 
oral MMS. of course after seeing others progress here we decided to do them. 
He would calm down! Then for months we agonized over the PR We were afraid 
of it. We were scared of the meds, everything. Finally we decided to try it too. 
We are in the middle of our first PP and our son, who used to hit, kick, bite and 
scream at me over the smallest things all the time, has now been a perfect joy. 
When he gets mad it is over quickly and does not escalate into world war 3.Also 
these bumps he had on his face have cleared up along with his attitude! So if you 
are unsure of MMS like | was, here is one more testimonial of just how good the 
protocol really is. 


Thanks Kerri, all the other moms that came before me! 


Dear Kerri and the readers, 


| would like to say that we started giving MMS to my son Filip, autistic/PDD NOS, 
when he turned 5 years old, after having tried lots of things (diet, many different 
supplements, HBOT, some sort of behavioral therapy Teach and ABA), we have 
seen enormous changes already in the first month. 


| had heard about MMS from a mom of an autistic child. | started reading about 
it, but was not impressed by the comments | read on the internet. | contacted 
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a few mums that | knew from the Son-Rise programme in the US and they have 
reassured me that it works miracles. 


| was however very sceptical of MMS, as | have read so many “negative” 
comments on the internet. This is why | decided to start it myself for a few 
months to see what would happen to me. Also, | had to figure out how | was 
gonna dose MMS 8 - times a day, when | am working 10 hours a day and Filip is 
going to the kindergarden. 


In fact, | was just feeling great when | started using MMS. 


I wanted to start with my son when on holiday, but my husband displaced MMS 
bottles by mistake. | was so mad.! have only found them the last day when we 
were returning home. | have immediately decided to give one drop to Filip before 
we started to drive. | need to underline that my husband was very sceptic. Filip 
would at that time speak, but it would mostly be scripting and rarely would he 
say things in context. Otherwise he also had other autism symptoms- tantrums, 
no friends, low muscular tone, no drawing, obsessive occupations ( in Filip’s case 
watching cartoons and reading books), no sense of danger, wandering out, nose 
picking, scratching but, toe walk etc. But suddenly Filip started commenting 
everything in the car, asking questions, observing the things he would see 

from the car etc. Me and my husband looked at each other and my husband 
commented “ Maybe it is working after all”. 


Filip’s ATEC was 48 at the time we started.At start, my mother-in-law helped 
out in dosing and we were able to dose 8 times a day. Filip’s ATEC fell to 32 the 
first month. Unfortunately, my mother-in-law read some horrible stories on the 
internet and the FDA’s advice was detrimental for her decision to stop dosing 
Filip, even though she was seeing wonderful results, she was scared and said that 
she is only believing the official medicine, admitting that the official medicine has 
nothing to offer our son. 


I was very disappointed, but continued to dose as much as | could, however not 
reaching the recommended 8 times a day. | was therefore only able to dose 4-5 
times a day.| started telework on Friday’s in order to at least get 8-10 doses in 
on Fridays, Saturdays and Sundays and 4-5 doses the rest of the week. My son 
was great in November (the volunteers working on Son-Rise with Filip were 
commenting on unprecedented success), but his ATEC only fell to 28, | would say 
due to low dosing the progress was slower. Filip was having some hard times in 
January, when he was more hyperactive.At that time we have also introduced the 
GcMaf injections, which could have added to Filip’s hyperactiveness. 


But since two weeks now Filip is back to his shape. He is so communicative, 
uses unseen vocabulary, amazes us every day, he started drawing without being 
prompted, communicates with everyone, was invited to a birthday from a girl 

at the kindergarden, started to dress without prompting, started to tell me:“ 
Common mummy, hurry up, let’s go.” or “Where are you mummy? What are you 
doing?” or when he occasionally wakes up during the night “ Is it day already? 
or “| should not go on the street, because a car can hit me” or “ Daddy, you 
are not sad, you look angry” or just yesterday when he draw a picture in the 
kindergarden he said to his teacher “ | want to show it to my mum”. The list 
goes on and on and every day | have to thank the all mighty for having led me to 
Kerri and to the MMS protocols. | know we are on the right path to recovery 
and | am not scared of the future any more.And, finally, i just did his ATEC to 
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159. My daughter has had really bad SIB for over 4 years. We've been in the ER for 
massive goose-egg bumps on head, and she always had severe bruising on her 
tailbone and spine from dropping herself down, butt first and legs in a “W” 
Position, onto the floor, and then would fling and flail herself into walls, tables, 
furniture, bang her head on all of the above and the floor, a rage like she was the 
girl from the Exorcist. Nothing could stop it. It just had to run its course...like a 
tornado. Comes out of nowhere, and it will disappear when it’s ready to. Nothing 
can stop it. 


But after starting MMS, it was 80% better right away. Then after 3 weeks it 
started coming back. For a month it was really bad again, and we could not move 
up past 2 drops without her going crazy. Then after you had us switch to the 
HCI, she was remarkably better in about 5-6 days. She has had a few “episodes” 
in the past 2 weeks, but now they can last 30 min max, where before mms they 
would last anywhere from 15 min - 2 hours literally non-stop. The year before 
starting mms, there were times | had to lay her on the bed or couch and just 

sit on top of her, like on her butt so she couldn’t hurt herself. | would just lose 
strength after about 30-45 min of trying to hold her. 


160. Hey everyone! Just wanted to give a positive report about the HCI activator. My 
son is 12, non-verbal, very hyper and lots of food intolerances. | got mine in the 
mail today, gave a quick 3 drop dose to my son before he went out the door to 
school, noticed he was a bit more compliant and calm than usual after school. 
have given 2 more doses since coming home and he has been doing his usual, but 
he is much more calm today than he has been in months!!! | gave him a snack 
and he took it and started to eat and I told him: can you say thank you mom? and 
he actually responded with a sorta grumbled “graaaa mooooom” which was to 
me “thanks mom.” 


161. 


— 


Thanking God for Kerri Rivera and happy here too. My 15 y/o is in the chorus 
of his HS play. He has to do 5 costume changes, his own hair and makeup and 
several song/dance numbers, which he did perfectly on opening night! He is 
not your typical MMS/autism kid. He was pretty much recovered, starting with 
biomed at age 2.5, until age 11 when he hit puberty and he started getting rigid 
and anxious. We had some supplements going and were starting to look at stem 
cells when we found Kerri. He is not on the strict MMS protocol but takes it 
when he can and does PP and enemas each month. He is so much better since 
starting this last August! So thankful for all the info and support from this group. 


162. Hi Kerri, 


Last week | contacted you regarding our 8 year old son and his focus issues and 
the disappearing act his mathematical skills have taken, and we’ve done our best 
follow through on your advice to up the number of doses to 16 per day. | visited 
my son’s Integrative Medicine doctor this morning, who has been his biomed 
doctor for the last 3 or so years to do a live cell microscopy, and to see if he had 
any ideas about the focus issues our son has been having. | told my son’s doctor 
in detail what we’ve been up to over the last 10 months (MMS Protocol, Parasite 
Protocol) and he took it all in. 


When he looked under the microscope he was shocked to see that our son’s 
nasty dysbiosis issues were gone! He told me that he’s had almost no luck 
completely getting rid of dysbiosis in a case like my son’s. The yeast beast is 
gone! He still has evidence of leaky gut but the drainage looks great. He was 
so excited, our 20 minute scheduled visit turned into 40 minutes as he wanted 
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to know all about what we did so he can find a way to use it in his practice. He 
also remarked that you must be one bright lady to come up with the protocol, 
but we already knew that. :-) He had us fill out an ATEC when we first visited 
him back in 2010 and our son was at 55. He dropped into the 30’s when we 
started him on Carnitine but the MMS protocol has brought him down to the 

6. The doctor also noticed the distinct lack of autistic behaviours, so it’s nice to 
get some outside feedback to help confirm what we are showing on the ATEC. | 
asked him directly if he thought we should change anything at this point and was 
direct...don’t change anything keep going. And so we continue on our quest for 
the zero ATEC. :-) About two years ago we did a chelation challenge test (DDI) 
and found our son extremely high in lead and so we proceeded with IV chelation 
at that time. He ants us to do a chelation challenge test to check the metals 
status just to rule out lead and the possibility that metals might be still at the 
heart of our son’s lack of focus and more ADHD like symptoms. 


He wants me to send him some information on your MMS protocol. He 
attempted to use chlorine dioxide about 10 years ago and found that he couldn't 
get the results that you are getting. I’ll send him to MMS Autism website but can 
| include your contact info (email)? 


Thank you for being so patient with us and everyone. As you know full well 
when it involves your own kid the emotions come out and it’s hard to remain 
logical. 

Drum roll... 

I have been dying to share... 

Been off MMS for a few weeks...AND HOLY SMOKES we are ALLLLL 


Summary... 

My daughter—PANDAS—MAJOR sleep issues—fluctuate between diarrhea and 
constipation 

Me—Acne—horrible—and nail fungus 

ALL GONE.ALL. 

NOBODY could EVER, ever, ever tell me why | broke out so much esp. with our 
squeaky clean diet. 


First PR OMG it was REALLY bad—worst ever—and became cystic—painful— 
so for SURE worse before better in my case BUT believed in protocol and KEPT 
GOING. 


By month 4, GONE and yet to return 
Fungus—gone in month I, never to return 


My daughter: 


YOU, Kerri, YOU helped me figure out FINALLLLLY after a zillion docs, WHY 
MY KID could NOT SLEEP! EVER! 7 LONG years... long long—exhasuting 
years—and it was PARASITES NO DOUBT in my mind! Month | of PP literally 
like a light switch, SLEEPING —falling asleep ON HER OWN—(not with a circus 
routine to “get her to sleep”) AND staying asleep ALL NIGHT LONG! UNREAL! 
This is HUGE! 


AND bye bye PANDAS (Siver/Aloe nipped it, MMS maintained her gains, 
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Appendix 1 
BEAUTIFULLY!) SO | do believe in our Silver Aloe protocol for PANDAS, 100% 
worked for us! AND MMS. Both. 
AND since OFF MMS, my daughter is 100% pooping NORMAL—OMG first time 


AND she is eating things she would have NEVER ever touched! EVER! Raw 
veggies, nuts, trying EVERYTHING | make... unreal... this is HUGE too... the 
“healthier” you get, your tastes DO change...and one becomes less “picky” 


| have learned that SOME probiotics can literally throw a child into a PANDAS 
rage--and also brought back MY symptoms—literally within 12 hours of 
consuming. (Like “Regarding Caroline” posted) This clearly happened to 

us. Mental note: NOT all prob’s are appropriate for everyone. We react to 
fermented food—so | am going to experiment with no prob’s and with THeralac 
__ ONLY THeralac BTW 

Now, 

We are back to silver/aloe, daily, as prevention 

We will still take DE (prevention) 

Vit D3 

Trace Mineral Drops 

Enemas as needed 

AND | am going to go BACK to the herbs for 3 months around full moon “just 
in case” — 

| CANNOT WAIT to meet you in person, THANK YOU, and share our story 
with EVERYONE that will “hear me”. 


Again, my daughter did not have ‘autism’ per se, but autoimmune issues, meaning 
that, perhaps, her treatment protocol is ‘shorter’ then someone who is “more 
sick’ etc. if that makes sense. 


We also did a boat load of work prior to this. Meaning diet in place, for instance, 
for 4 years already—so healing began. This was the final layer for us. The frosting 


| have 2 brand new bottles of MMS in my cabinet :) AND will ALWAYS have it on 
stock! 


With MUCH LOVE and respect to you Kerri. 
-Jeni, IL, USA 


My daughter was born Sept 9 2010 and she had pretty good health until she had 


15 months, she was able to say five to ten words by then, she had all her vaccines 
on time as recommended by our pediatrician, and she was really lovely and happy 
but suddenly every start to change slowly, we noticed she start losing the words 
she had learned, she use to wave people saying hi, and suddenly she was not 
interested on waving anymore and she start to isolate herself little by little to 
the point she stop being a happy girl, she barely looked at us and we started to 
worry about it, anyway, | believe the first thought every parent may have think in 
this very same situation is that her personality is different than other kids and is 
something temporal. 


When she had 18 months we went to the regular doctor check and they asked 
us to get the opinion of a development pediatrician since her social and language 
skills were behind the expected, and this started the worst nightmare ever. 
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It seems like every single development pediatrician has a waiting list huge enough 
to have more than a couple months totally scheduled, we called on May and 

the first available appointment was 4 months later, we called like 4 or 5 of the 
recommended pediatricians and institutions but it was all the same thing, but we 
finally got a pediatrician, not form the recommended list, but he made room for 
us in a couple of weeks and we were able to see him in a couple of weeks. 


The diagnostic was mild autism, the recommended treatment was ABA therapy 
and the follow up was going to be | year later since he did not have may 
expectations of positive changes in the next 6 months, we were devastated by 
this, my wife was in denial, and | started our journey to recovery the very same 
day, | started researching and suddenly | found tons of information about autism 
and people who claimed to have recovered their children from autism. 


I sent emails everywhere and | never imagined | would have such a great 
response from every person | wrote extending me a helping hand on all my 
doubts with the most sincere and honest recommendations, 2 or 3 days later | 
found Autismo2.com website and | saw all the videos available. 


| bought 3 or 4 books on amazon, | saw many hours of recordings and seminars 
in Spanish and English, and | was amazed about some kids losing their diagnostic, 
but also about how they were affected by heavy metals, bacteria, viruses and all 
sort of things. 


At the beginning | thought my daughter could not be sick, she has never had 

a single cold, how come? but a home heavy metal screen test gave us the first 
clue, and some lab tests confirmed the very same problems all our kiddos share, 
mercury levels on the roof, candida, yeast, you name it. 


I started the GFCFSF diet the first weekend after her confirmed diagnosis and 
just one week later we started noticing changes, then | started with baths with 
bentonite clay, and noticed more improvements, we also started ABA on July, 
and little by little our daughter started to improve, later on we introduced MMS 
baths, Quinton water, DE, probiotics, and she improved every day. 


I honestly believe that the early diagnosis and prompt reaction from our side 
played a big role on her fast recovery, It happened that we never canceled the 
first appointment that was made with the most recommended development 
pediatrician, by then we were looking for a second opinion and a new evaluation 
due to her huge improvements, we never imagined this pediatrician will say what. 


Although my history with this disease or condition has been very short nobody 
knows how much pain, stress and suffering had caused to our family, we now 
enjoy our daughter more than ever when we see her playing with her old sister 
and taking away every single concern we had, we continue keeping an eye on her 
development but she is doing really well, | wish nothing more than every single 
mother | have hear on the discussion groups | follow have the very same results 
we have had with all the guidance from such smart and courageous parents like 
Kerri Rivera and many others that shed us the light on our darkest night. 


| am more than grateful with all of those parents, | would do anything on my 
reach to help them, we need to help every single kid and family that goes 
through this disease to recover our kids. 


UPDATE: 
I’m very happy to forward the last ATEC from my daughter, today we came from 


her 2 year check up with the new pediatrician and she found her pretty well, she 
just told us” It’s pretty hard to believe she was diagnosed with mild autism keep 
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doing whatever you are doing, since | would say she is acting like a regular kid for 
her age.” 


| would say that keeping in mind that most of her ATEC score is on the Language 
section, for a 2 year old and from what we came from she is on her way to full 
recovery (Previous ATEC was 55, at this writing was a 23) 


165. | found Jim on the Internet 2 years ago, and | immediately started Jim’s protocol 
for MMS. Unfortunately we were so loaded with mercury, so when | reaches 
8 drops of mms, and my son 2 drops (after more than 2 months on slow 
upgrading) we were really sick, again.All the heavy metals that where released 
with mms could not get out of us. That’s when | found zeolites, and that was our 
way back. 


Now, two years later, my arthritis is gone, and now | know it was mms that killed 
the clostridium bacteria that | had been carrying since | was 13 (1 am 52 now). 

6 months ago my son fell off his bike and got an open wound. It was infected 

and some hours later the blood was black in his hand. Now | had a choice, to go 
to the doctor and give him antibiotics, which | knew would kill the bacteria but 
make him worse, or do it my own way. | gave him 2 x 3 drops of mms, and the 
blood was ok in some hours, | thought. Some days later he started to wave his 
hand. | thought he had eaten something else that he could not digest, but it got 
worse.After 4 weeks he was not only waving/flapping both his hands, but also his 
head. Then | started get suspicious. | tested him for bacteria (I use a Rayonex PS 
10 for testing, bioresonance) and | found Clostridium botulism. 


Now I had a choice again. | had a fully booked week, but his father came and 
took him home to his island, where they could use MMS every day and be in a 
calm environment. He got 2 x 3 drops of mms, for 6 days. After 3 days his father 
called and said “Eva this is scary, the flapping is getting worse”.And | smiled and 
calmed him down, the bacteria are dying and the toxins are being released, | said. 
The zeolites took care of the toxins, and after 4 week he was ok again. 


My lesson in this was, apart from the clostridium toxins, that | also found an 
imbalance in my son on Condrogenesis with the Rayonex.When | was 13 

| stepped on a rusty nail. The blood was poisoned in the foot, but | did not 
dare tell my parents.After 3 days the whole leg up to my knee was black. | got 
antibiotics, of course.At 18 | was diagnosed arthritis in my knee. | think | had 
small amounts of bacteria left, as my son had, and the toxins from clostridium 
bacteria degenerates the cartilage near the infection.After some years one 
develop arthritis. | did, but it’s gone now! 


Eva, Sweden 


166. Drum roll please.......my son is 17 years old. He’s been on mms for 5 months 
now, I’m so excited | don’t even know, could it be 6? | think we started late July. 
He started with a 63.......he is now a 7. He went from 63 to 25 in just a few 
weeks, then a 13 a couple months later, now a 7.1 feel like I’m cheating every 
time. | go back and look, argue with myself, nitpick....but whether he’s a 5, 7 or 9, 
it’s nothing short of a miracle because just one year ago, he was WAY over 100. 


The ATEC is not perfect, not even close. There are things that the ATEC does 
not show.All that is true, but this is incredible improvement that no doctor | 
know would have ever been able to accomplish. Been there, did that, spent the 
425K+. 


And no, it’s not just MMS, but that has been the main treatment and everything 
else we do supports MMS and general health because | believe that in the end, 
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it’s a battle between your immune system...and all that’s attacking it. We are 
winning and | sure do wish they would STOP CALLING IT AUTISM. That alone 
hurts so many. 


Here’s a little background on my son: Matthew was very high functioning from 
age 6-12. That was after diet since 3, floortime play therapy, some aba, AIT, IVIG, 
chelation for a year, OIG, years of infusions of glutathione, vitamin C, B-com, 
etc...immune stuff. Then he did very well GFCF ages 6-12, ran track (very well), 
2nd degree black belt, boxing lessons, etc.... Then puberty hit, and what | did 
not know about, Lyme and co-infections RAGED, and for around 3 years, | lost 
him cognitively, worse, worse, worse.At 15, he was like an advanced Alzheimer’s 
patient, ADVANCED, he had lost ALL short-term memory, it was horrible, he 
struggled to think and could not. 


He became more and more violent; choking me, kicking me, did | say he was a 
blackbelt? Even though he lost everything cognitively, like the ability to answer a 
question, those karate skills popped back into his head and he nearly killed me.... 
really close a couple times. 


That was a year ago when his ATEC was over 100. So, here’s what worked: 1. 
Low amylose diet helped with the constant urinating. (he acted like a diabetic 
and had 14 of 16 PANDAS symptoms so auto-immune) 2. Biofeedback helped 
calm him some. 3. Cholestyramine helped him psychologically - | could see him 
clear up mentally in minutes. (chemical/mold/dust sensitivities big time) By this 
time, his doc had him on Ketamine for pain. 4. PEMF (pulsed electromagnetic 
field device) stopped the pain in 6 weeks, got him off of Vicodin, which was not 
working anyway at double doses, and all the Ketamine. | hated drugging him. 
Got him off the psych drugs over 6 months time. Then he got a lot better but 
communication did not really come around until 5. MMS. BAM. Big improvements 
in communication and PERSONALITY. With MMS, even his laugh changed to a 
typical sounding teenager's laugh, and for the first time in years, he can sit still 
and stop pacing, pacing pacing....the parasites were eating him alive....and now 
more recently, | know 6. Hydro-colonics is taking us to another level of clear 
communication. Now there’s lots of spontaneous language. 


I write things on Facebook so that | can remember and maybe write a book one 
day. | don’t care how bad things get, believe me, your kids can get better and it’s 
amazing, they really do store up all this info that you didn’t think was there. It is 
there, and they will share it with you one day. 


| hope one day Matthew can share his perspective with others. It’s just that it 
has taken a very long time for us to help him understand that the things he did 
back then were not in his control so I’m careful not to talk about it. For months 
he would out of the blue apologize and feel terrible, over and over. Then there’s 
memories of his dad losing it also....protecting me. 

Thankfully, Matthew has blacked out or forgotten a lot of it. He did say he 
remembers being locked in his room.We had to turn the lock around and 
sometimes lock him in there. Bad memories. We were all traumatized. But not 
anymore. He is a different person today but he’s always been the sweetest boy | 
know. | knew that, even back then. One day, he’ll probably talk more about it. 


Hi Kerri, 
First of all a HUGE big thank you for what you are doing with our children! My 


Every day she gets better...By leaps and bounds. She WILL be one of your 
recovered ones ;) 


430 Appendix 1 
UPDATE: 


My daughter has now been on MMS for three weeks. ATEC down from 78 to 44. 
This IS a miracle. We have been in absolute desperation for almost three years 
trying to figure out what in the world is going on with our child. After hundreds 
of thousands of dollars, experts all over the world, LA, New York, San Fransisco... 
and nothing would work. Minor improvements but nothing that | could say 

really worked. Everyone always agreed that she probably does not have “autism” 


would wrap my arms around all of you helping my daughter and so many others 
through MMS until | was sure you truly understand what your dedication means 
and that you are saving lives...literally <3 This is by far the biggest thing that has 
ever happened to my family. We are forever thankful. 


UPDATE #2 


I sent you my daughter’s ATEC a week ago but redid it today. We started MMS in 
December and | decided | will do the test every month. Here are the results, 4 


blown away ;) all we need now is that language score to come down... Kerri my 
goal is to have her recovered by Al!!! 


Update #3 


We are seeing such amazing improvements every single day. | think the true 
testament is the daily feedback from people working with her who do not know 
we are doing MMS. Here is part of a note from her SLP “ her communication 

on the whole is truly remarkable- words, iPad, eye contact...everything is 


superstar? You should be so proud. :)” And | am... 


Our main challenge has always been anxiety and today we had a breakthrough on 
that front. Instead of clinging to me for her dear life when | separate from her at 
school she took her friends hand, waived AND said goodbye and walked away... 
Here is the best part, she then turned her head, waived and gave me the biggest 
smile .Her face at that moment is forever engraved to my heart. 


Also for the first time EVER my son was able to have a friend come over from 
school in our car without her having a major meltdown. Instead she shared her 
iPad with the friend to show him her program and use it TOGETHER! 


Honestly | think our major challenge at the moment is for the rest of the family 
to heal with her... We had lost all hope and settled for life with Autism. We can 
now look at the future very differently and actually look forward to it! Love our 
new life 


UPDATE #4 


| have never really posted gains but this is too huge not to share. We started 
MMS 3,5 months ago and at that point | could hardly take my daughter to 

the grocery store.And even if | did it was a guaranteed meltdown. Well we 

just got home from a two week long vacation that included travel by air, time 
difference, different language, going from hot weather to freezing temps and piles 
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of snow, totally different foods, nothing but strangers to her, visit after visit to 
new places... The list goes on and on. The BEST part - the vacation was full of 
excitement, fun, laughter and happiness every single day | have to pinch myself 
to believe this is my life after such a short time on MMS.Thank you all for your 
support and guidance | have my life back and can’t wait for the future now! We 
still have a looooong way to go but we'll get there. 


Today is a wonderful day already 
MMS Works! 


It’s my number one pathogen fighter. Our family continually suffers from Strep, 
my son specifically from Pandas. MMS remains and continues to keep our strep 
symptoms at bay. | have used everything for our bacterial flares (Abx, herbals, 
supplements even homeopathics) and nothing has worked so effectively like MMS 
does for us. 


Recently | changed over to the HCL activator and within in a few days we heard 
my severely apraxic son’s first WORD “Mama” Its been just over a month on 

the HCL activator and he is now stringing two words together!! MMS is a huge 
part of our recovery protocol. | feel relief beyond measure that | found a post on 
MMS and decided to try it, and mostly I’m immensely grateful to Kerri for putting 
the MMS protocol together and for her love for our kids. 


We just had a good meeting with all of Amor’s teachers and therapists. In the last 
few months there has been big jumps in Amor’s cognitive skills. 


| used to worry that Amor might have dyslexia. | never pushed her to read even 
if was behind her peers. | know frustration will only make things worse. Her ‘x’ 
and ‘k’, ‘b’ and ‘d’ were always mixed up.! have been observing this mix up for the 
past 2 years. Early this year, her speech therapist agreed that dyslexia might be an 
issue and we were ready to start studying dyslexia management. 


However, Amor now shows interest in reading both phonics and sight words. She 
can answer letter names and sounds precisely. The same speech therapist now 
says that we shouldn’t look at dyslexia anymore. It might have simply been a mix- 
up as part of early learning. Amor’s dyslexia issues in 2 years all of a sudden went 
away in 2 months?? 


Amor is also doing well with number recognition and improving in one-to-one 
correspondence. This is something her former speech therapist (back in Japan) 
was working on for a year...with little progress. 

All these seem so simple but these are great strides from someone who has 
vision issues. Amor also wears glasses. 

If | were to plot Amor’s improvements with time, the biggest jumped occurred in 
the past few months, which of course can easily be explained by MMS. 

MMS clears the gut of bad bacteria, yeast and parasites.All these affect sensory 
processing thus inhibiting the child’s ability to understand her environment and 
people around her. Clean the gut, remove autism...in Amor’s case, remove GDD. 


We are also running a son-rise lifestyle program. I.e. we don’t put fixed hours 
into her program but use the son-rise attitude and son-rise her in the weekends. 
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Luca came into our lives July 26, 2010, he was premature, but all my kids were 
born in week 35, so | was not surprised. He was perfect, | have thousands of 
videos of him looking into my eyes, smiling, playing with his sisters, following 
daddy to the door when he was ready to leave to work and saying bye bye. He 
walked at one, and was a perfect little baby. It is hard to know exactly when he 
changed but | can tell you when | started to get worried, and saw him behaving 
differently. | had a neighbor the same age as my son, and when they got together 
to play I was surprised at how my neighbors son followed simple directions and 
looked into my eyes every time | called his name.When | had play dates with my 
friends all the moms were so relaxed, and while they were talking and kids were 
playing with toys, | was always chasing Luca and trying to keep him in the same 
room because he was not interested in toys or playing with other kids. 


My first trip to the Zoo with my three kids was a disaster, Luca didn’t want to 
move from the Monkey’s area and had his first melt down, all over the floor 
screaming and crying. | remember seeing all the families with kids the same age 
as my son, and seeing how they understood, and paid attention to what their 
mothers or fathers were saying. For me that was enough to feel for the first time 
something was not right, and it was not that | was a bad mother, ! knew deep in 
my heart it had nothing to do with discipline. 


I enrolled him in a school thinking that would help. The first day when | picked 
him up the teacher said they needed to move him with the babies because he 
was not ready for the 2-year-old class. That day | came home just knowing - and 
despite all my family, friends, husband and Pediatrician thinking | was crazy, we got 
him evaluated and the rest is history. On November | 5th, 2012 it was official and 
we got the papers. Classic Autism, by that time we had read so much, watched 
hundreds of videos and searched every day on the Internet for interventions, 
schools, therapy etc. 


| remember | wanted to start ABA the same day that | got the diagnosis, but the 
waiting list was really long and we would have to wait. So we waited and started 
an early intervention program in the Kent District. Surprisingly, | think we took 
the diagnosis really well; we just wanted to help him as soon as possible. 

After the first month | stopped asking for a miracle or cure. | even asked all 
family and friends to do the same.! needed to accept it!!! My miracle was already 
here. My husband wanted to do the Gluten free diet and | was not even 100% 

in agreement...why??? He is such a blessing; let our miracle eat whatever he 
wants!!! | agreed to do the diet anyway, but wasn’t really interested. | just had the 
feeling my husband was not “getting IT” or accepting autism = our new precious 
miracle. Now | can recognize and see clearly | was in total denial too. | was so 
afraid to let anybody know, even myself, that | didn’t want this for Luca. | tried 
and tried and tried, but a voice inside of me was not in peace. ! spent a lot of 
time crying and looking for recovery videos on YouTube, imagining Luca being 
one of them, and was fascinated with those stories. 


Then one day | found Kerri Rivera’s conference in Bulgaria, it was a 
“Godcidence,” (like my father always says) | wasn’t looking for MMS, | didn’t 
know anything about that. | remember | watched the conference 3 times, and | 
felt butterflies for the first time since | got the diagnosis. It was like that voice 
was finally quiet and listening to every single word! “I want this.” 


I did my homework and found a lot of negative information about MMS but | 
did not care...that voice was so strong that | knew, the same way | knew about 
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Luca being autistic, that this was something | needed to explore. | looked for her 
in FB and to my surprise she answered me in minutes, when | asked her about 
the testimonies she connected me with some moms with recovered kids, REAL 
moms that decided to believe too.After | saw pictures from before and after 
and reading about their journeys | felt Hope!!! | knew deep in my heart this was 
the way and the path we should take. So | got my case together and when | was 
ready | talked to my husband about it. 


It was easier than | expected, we wanted so badly to recover our son!!! It was 
not an easy process but finally after almost 3 months | GOT IT...WE GOT 

IT... THERE IS NOTHING WRONG TO WANT THIS, that is ALL we want for 
Luca!!!! For the first time | recognized my kid’s autism was not a blessing, he was 
sick; GI problems, extreme constipation, food issues, sensory problems... and that 
voice (God voice) sounds really clear and loud; | NEED TO HELP MY KID TO 


On February 18th we started a Dietary Intervention with all Kerri’s 
recommendations, the one diet that we were doing was full of sugar and 
carbohydrates, so we started to be really serious about all the food choices. 
We kept a very detailed food diary and ordered the MMS. By March 12th when 
our bottles arrived at our doorstep we were ready to start Kerri Rivera’s Baby 
Bottle Protocol. March 13th we did our first bottle and that same day | asked 
Luca to look for a ball in the other room, and give it to me, and he did. 

It was like he was sleeping soundly, and then he woke up. He was extremely alert 
and he was looking in a different way.At first | thought | was crazy, but then my 
husband noticed it too and the changes keep coming. He improved dramatically 
in all his therapy sessions, his waiting time, sitting at the table, responding to 
commands, pointing, eye contact, everything improved! 

Kerri recommended doing an ATEC when we started back on February 18th, 
so | did, his score was 64 points. By April Ist he dropped 20 points! He now 
follows simple directions, plays with his sisters, recognizes them by name, hugs 
me and says mommy and daddy, has close to 200 words, and every day is a 
surprise for us. 


I’m proud to say my son is on his way to RECOVERY AND HE WILL RECOVER, 


kid dropPing 20 points in his ATEC in a month, I’m loving searching his diaper, 
and inspecting his poop finding parasites, | know it seems impossible but | truly 
get excited! (Probably some mothers would understand) I’m loving this side of 
the picture FULL of hope. HOPE. ! don’t think | can leave this road now, | don’t 
think | want my son to live in his “perfect” world and not in mine... I’m a fighter 
and thanks to Kerri I’m a believer ... THAT... is the blessing right there HOPE 
AND FAITH IN GOD IS ALL | HAVE AT THE MOMENT... Luca is really special, 
but it’s not the autism that makeS him special, autism sucks!!! Overcoming it 

and all the obstacles he encounters every day, and doing what he is doing now is 
what makes him THE MOST SPECIAL KID ON THE PLANET, HE ALWAYS WILL 
BE SPECIAL TO ME NO MATTER WHAT, AUTISM OR NOT....1 see it in his 
eyes now, he is a fighter like me, he is telling me what to do, recovery is sooo00o 


-Alma 
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Today is a wonderful day already. My daughter got up to her alarm, took a 
shower without help, got dressed, packed her lunch, woke up her sisters, and is 
now getting breakfast for everyone ready. It amazes me how independent she is 
becoming, and how much our life is changing because of her new independence. 


She is 10 and we started MMS in Sept. She had done 5 PP and following the 
PANDAS protocol the last week after emailing Kerri Rivera last weekend with 
concerns about eye fluttering. She is also on Fish oil, garlic, Magnesium, and 
GABA. Before she was very hyper, spacey, a lot of language, but not using it 
correctly. She was extremely impulsive, and would fixate on object to play with 
and ignore others. Now she does reciprocal play, she talks back and forth with 
her friends, she cracks jokes that are now actually funny. She is focused with her 
school work and not hyper - except in typical situations. 


This week my husband forgot to pick her up to take her to therapy and she 
came to my classroom to tell me how irresponsible he was, and that she was 
disappointed in his inconsistent behaviors. | had to laugh, but at the same time | 
was so proud as | explained to her the whole situation because we where having 
a fabulous discussion about life. She is doing so well. Thank you to all of you who 
have restored some of my hope that there is a cure. 


We are now in our 7th month of using MMS (CD) and in our 4th year of treating 
B.D., our son, who was diagnosed Autism. Our first week of MMS (CD) brought 
ona skill that we had spent years trying to accomplish, over night potty training. 
Week I of MMS (CD) and B.D. was out of pull-ups and in underwear. We weren’t 
even close to full dose and already seeing positives. We knew we were on to 
something big at this point. One month later, we all witnessed my son blow out 
his birthday candles and open birthday gifts. Probably the first time he knew this 
event was a birthday and it was meant for him.As a gift to him, we took a trip to 
Disneyland. Not only did B.D. walk the entire park at our side, but he never once 
cried, whined, or objected to anything on the trip. Prior to this, he had to be ina 
stroller or wagon at all times. 


B.D.’s skills continued to flourish over the next few months. We enrolled B.D. 

in swimming lessons hoping he would feel comfortable without a life jacket on 
and clinging to an adult. This hope turned into a major accomplishment. B.D. 

has passed all Beginner levels in swimming and is now on to Intermediate. He 

is now swimming unassisted in the deep end of the pool! | used to hold my 
breath during his sessions hoping he wouldn’t do anything that would scare the 
other kids in the pool. | still hold my breath, but now I’m at the end of my seat 
recording him as he’s giving every single bit of effort to learn from his instructor 
and pass another level! 


Just the other day, we went to a birthday party that was held in a warehouse 
full of screaming kids, loud music, inflatable jumpy houses and slides. This place 
can over stimulate just about anyone! In the past, my son would vocally stim, 
cover his ears, run behind the jumpers where the generators are (trying to turn 
them off) and require me, or his Dad to keep him engaged with the rest of the 
kids. Well, not anymore! He blended right in with the rest of the kids! Not a 
single stim, didn’t cover his ears, stood in lines, listened and followed the rules 
and instructions, stood in lines and PLAYED with the other kids. His Dad and | 
were able to hang out with all the other parents, watching him run and whiz by 
with all the other kids as if that is how it has always been. Only it hasn’t. He has 
come so very far in the past 7 months. We have a 6 year old son who no longer 
has sound sensitivity, loves to eat whatever is placed in front of him, DRINKS 
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tons of WATER, has manners, shows empathy, is careful and aware of other 
kids (especially babies and toddlers), making progress academically, and so very 
affectionate. B.D. isn’t recovered... YET, but we expect it to happen now more 
than ever. We have to put our shades on because the end of the tunnel just got 
closer and brighter! 


My husband and | were told to come to the 2nd grade assembly this morning. 
They gave awards to 2 kids in each of the 4 second grade classes. One was for 
outstanding in academics, and the other was for most improved in Self Control, 
which is the “character trait of the month” for the whole school. Kayla was given 
the award for most improved in Self Control in her class! She walked up and 
got her award and stood up there with the other kids holding theirs. Up until 

a few months ago, she would have violent, self-injury tantrums at school every 
day... throughout the day, lasting anywhere from 10 - 90 min. She could never get 
through a class singing performance without losing it and tantruming, screaming 
through the whole thing. Her teacher came up to me on Wed. and said she just 
can’t get over how happy my daughter is lately, and that all the teachers and staff 
in the school have really noticed too. FUA!!!! I’m so proud of my girl! 


Our third child (K) was diagnosed with moderate autism at 21 months of 

age. K was very ill. He suffered from vomiting and diarrhea mixed with severe 
constipation for years.At first, we began every intervention we could afford. The 
first step was removing all gluten, caseine and soy. We saw a decrease in stimming 
behaviour and an increased ability to learn. We implemented many vitamins and 
B12 injections, cranio sacral therapy, anti-fungals, HBOT and an even stricter diet 
removing all artificial colours, flavours, preservatives and most sugar. Our son 
was making slow but steady gains. ABA therapy continued from when he was 
two until just this past March (4.5 years). K was seeming much better but despite 
these gains, was never close to “normal”. 


In July of 2012 a friend suggested MMS. | did my research and so it began. In 
three days K started to sleep through the night.After less than one week at a 
very low dose, K stopped the constant verbal scripting and obsessive speech- 
his most evident sign of autism. In that same week he began dressing himself 
independently. In the coming months, K’s ATEC began dropping steadily. He 
began to make jokes, initiate social interactions, show empathy, cope with noise 
and busy places and best of all- understood safety. The risk of him running away 
was a memory. We could go places and he would stay near us. Teachers and 
Educational assistants were raving about his progress, unaware of the protocol 
we had begun. His most significant changes happened after a three months of the 
Parasite Protocol, using mms, Vermox, rompepiedras, neem and diatomaceous 
earth. Through enemas, he expelled worms as long as 24 inches to my husband 
and family doctor’s disbelief. What K expels in his stool now looks normal and 
ordinary. 


His ATEC in July 2012 was 46. Ten months later he has a score of 6. 
He is undecipherable within his classroom and amongst his peers. He laughs, 
plays and acts like any other child his age. His academics are at par with his peers. 


Our son does not appear to have autism anymore and only a trained eye would 
suspect that he ever had it to begin with. We thank Kerri Rivera, her Facebook 
group for all their support and MMS for being the final, and most significant leg in 
our sons’ journey to recovery. 


Maria A., Ontario Canada 
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My severe autistic boy has been now doing wonderful!!! This protocol has 
completely changed my life!! He’s been dumping tons of parasites since we 
started MMS about three months ago we’re now in the second pp...he’s now 
much calmer more happier!! His ATEC dropped down from 80 to 48 in three 
months only...that was truly amazing he is now gaining weight, | feel like I’m 
getting my child back to normal again!! | wish | could tell the whole world how 
Kerri Rivera has changed thousands of people’s lives!!! God bless u Kerri for all 
your hard work to help others!!! 


My son Nick started MMS just after his 7th birthday. Within 6 months he had 
cut his ATEC score in half from 66 to 37. Nick showed speech gains from the 
very first drop of MMS after having made no changes in speech for two years. 
Really, Nick hadn’t made any improvements at all for two years. He was in a total 
stall until we began MMS. We raised Nick’s oral dose of MMS very slowly taking 
two months to get to his target dose and never experienced die off that was 
unreasonable. Three significant changes are obvious in Nick’s health at this point; 
he has been off of his Mitochondrial cocktail (for several years he has had blood 
labs pointing towards Mito dysfunction) for over 8 months and we haven’t seen 
any of the lethargy that used to concern us so much, he was able to wean off of 
his seizure medication for his absence seizures and we haven’t seen any return 
of seizure activity, and his thyroid appears to be beginning to shift from his long 
standing diagnosis of hypothyroid. The nicest changes we see are in the vibrancy 
of his health and how happy he is! His eyes sparkle and he has lots of energy for 
the day. He is no longer sitting on the couch staring out the window waiting for 
someone to figure out how to help him feel better. Since beginning MMS, every 
day Nick shows us just a little bit more of the boy that he is underneath the veil 
of autism and sickness. He tells us what his favorite things are, what he wants to 
do, and his sense of humor is coming shining through. MMS has given me a ton of 
hope that we just might get our boy back!” 


After 7 years of biomedical treatments, numerous therapies, and more doctors 
than | care to think about, our son, who was diagnosed with autism, could speak 
a full sentence, was potty trained, and could finally go to the mall and movie 
theater without screaming and putting his hands over his ears. 


Victory??...yes...however, we knew we had so much farther to go. You see, as your 
child gets older, you realize that he is missing the key things in life that are crucial 
for independence. Our son had become “stuck” if you will, he was not socially 
maturing, and still lacked empathy, mature connections with peers, and proper 
communication with teachers and the other adults in his life. He would still yell 
when he didn’t win a game, and he did not always react in an age appropriate 
manner, if something did not go his way. 


My research went on as always...searching, searching, searching...we were not 
getting anywhere with his current doctor, and | knew that we had to change our 
current plan for treatment. 


A good friend of mine called me to tell me about a new product that some of 
our warrior mom friends were trying. The letters MMS were spoken to me for 
the first time in March of 2012. My son was 11 years old and | was desperate 
for help. The first thing | asked was, “How much does it cost?” $25.00...what?? It 
can’t be! We have spent our life savings, and now | am looking at something that 
cost less than a night out for dinner?? | decided to check it out! 
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| emailed Kerri Rivera and told her that | wanted to start the MMS autism 
protocol, and I'll never forget her quick response...” YIPEE”, she said, let me know 
if you have any questions, | am here for you. 


I read, studied, and called my friend about twenty times over the next couple of 
days, and then we began the next chapter in our journey. 


About three weeks into the protocol, our son seemed calmer, as well as aware 
of others on a more mature level...we were excited! Once he was at full dose, 
we began, baths and enemas, and he continued to improve. Our next move was 
to try the 72/2 protocol, which is giving MMS every two hours around the clock 
for 72 hours. 

Well, it was as if someone had kicked our sons maturity clock into high gear. We 
saw HUGE gains! 

“Hey mom, | like your dress...you look really nice today”... WHAT?? 

“Ill try that new kind of chicken for lunch”... WHAT?? 

“1 feel like I’m beginning a new life”... WHAT?? 

“It’s OK that | didn’t win the race, | had fun”... WHAT?? 

| wanted to call the Good Morning America Show and say, LOOK AT WHAT MY 
SON IS DOING! 

He also began to grow and put on weight for the first time in three years! He 
put on 10 pounds and 2 shoe sizes in about 2 months! 

The gains continue to come, and our boy is coming alive...recovering...finally 

it’s here! My eyes well up with tears as | write these words...the words | have 
dreamt about for eight long years. 

He celebrated his 12th birthday on January 3rd, and has told us that 2013 is 
going to be the best year of his life... YES...it is! 

He is our angel, our fighter, our miracle. Thanks be to God for MMS! 


We are blessed and forever grateful~ 


Once upon a time there was a little boy who had a strange mind, he hooted and 
he danced and he did not learn like the other children around him. So, he was 
sent to a special school. For his whole educational life he was separated, because 
he could not express correctly the answers put before him. 

As he grew older he seemed sad and very much in pain. He appeared to try to 
stop the pain by clawing at his face and arms. He also stopped talking. We, his 
mom and dad, were very sad. 


Then an angel came into our lives and told us of a magic potion. 


“But” said the angel.“You must give him the potion every hour of the day and 
night for him to be better.” 


So the little boys’ mom and dad have been doing that now for 9 weeks and 4 
days. Every hour. 


Now in those hours the mom and dad still cry. Some, because the little boy has 
been hurting for so long, and..... now they know why. But they also cry because 
they see that their little boy is not hurting like before. They are happy for his 
healing, and that he does not claw at his body any more. 

And they are also happy because their little boy is talking again.And he is 
laughing.And the things that he knows surprise them. We thought he was not 
learning...turns out he was. 
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Feeling really good still about my Natalie’s progress from the combination of 
anti-parasitic medication, the supportive components of the PP and CD (HCL 
version). Natalie is about 63-64 Ibs and she takes 2 drops of CD an hour both 
at home and at school. We don’t wake her for CD in the middle of the night; but 
if she wakes for the restroom or something, then we give her another 2 drops 
(we just keep it pre-mixed in the bathroom near her bedroom). CD has been the 
single most important catalyst to Natalie’s improvements/healing over the past 
10.5 months; utilizing all three modes of delivery (oral, baths and enemas). Kerri 
having escorted CD into the ASD community is like a Miracle, in my opinion. 
Sorry... | don’t mean to be corny nor impose my Beliefs on anybody else; but | 
sometimes find it hard to contain my Joy now and | get chills just thinking about 
all of the children now feeling better and/or beginning to feel better and better 
with CD. Before CD, it was hard to feel Hope for my special little Natalie; who 
was formerly suffering very extreme PANS flares and re-flares monthly as well 
as rapid-onset grand mal (tonic clonic) seizures every 2.5-3 weeks on top of her 
ASD and global developmental disabilities. Now Natalie’s PANS ‘flares’ if/when 
they occur are waaaayyy less intense and better-controlled/’snufffed out’ with 
CD than the former roller-coaster of oral antibiotics that her Drs had tried for 
years, her seizure activity is decreasing significantly and we’ve even begun a slow 
reduction in her anti-seizure med Lamictal ODT.Wer're optimistic that Natalie 
will be able to remain stable on less and less of that med, as we feel it might be 
causing her some nasty side effects. Our Hope for her is that she might even 

be able to come fully off of Lamictal ODT, as we continue CD and PP for her. 
Time will tell. While she’s still a ‘work in progress’ [Note: She’s 14 years old 

and been ill since infancy and it’s a bit harder to heal longterm infection(s) and/ 
or infestation(s)], we do see lowering ATECS in Natalie’s future and brighter 
and brighter days. Patience is a virtue. So Grateful. Thank you Kerri and all 

you supportive Moms & Dads. More and more healing to come to ALL of our 
children! 


Hi Kerri, 


Thank you for helping my daughter, age 15, recover from Autism. Thank you for 
the MMS/CD program and the support to carry it out. Here is a summary of 
her recovery: 


June 19, 2012 Atec=52 

Started with MMS slowly, adding one drop a day 

GF/CF/SF diet 

It took her 1 1/2 months to get to full dose. 

Noticed improvement in physical health & behavior 

Began parasite program 

Sept. 18, 2012 Atec=24 

Continued with 6-8 doses/day & baths 

More improvements 

School discontinued IEP because she was doing so well academically and socially 
January 15, 2013 Atec=19 

My daughter, who is not vaccinated, comes down with Chicken Pox 


No one at school or in community had it before her. It appears to be an isolated 
case. 
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It may have been in her system and released as parasites died? 


Fever of 102 degrees for two weeks was the lead up to the Chicken Pox. 


Seemed like her immune system woke up! After chicken pox, huge gains! That is 
when we noticed she was recovered! 


April 25, 2013 Atec=6 
Yeah! 


We 
ex © 











Please share your experiences! 





Testimonials are one of the best ways to share 
your experiences with this protocol. Perhaps 
you learned about it by reading or watching a 
video testimonial? 


If you don't tell us your experiences, we can't 
share them or take action on issues that need 
improving or correcting... 


Send your testimonials to: 
testimonials@cdautism.org 


Also, let us know if we are free to publish your 
testimonial, with or without your name. 


It’s in our interest to take care of others. Self-centredness is 
opposed to basic human nature. In our own interest as human 
beings we need to pay attention to our inner values. Sometimes 
people think compassion is only of help to others, while we get 
no benefit. This is a mistake. When you concern yourself with 
others, you naturally develop a sense of self-confidence. To help 
others takes courage and inner strength. 


~ Dalai Lama 
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CD Autism Worldwide 


Since September of 2011 over 5,000 families in 58 countries have 
used CD to help with an autism spectrum disorder. Here is a list of 
all the countries who have at least one family using CD to help heal 


the symptoms known as _ autism. 


www. CDAutism.org. 


* Argentina 


¢ Australia 
¢ Austria 

« Belgium 
¢« Bolivia 

¢ Brazil 

¢ Bulgaria 
* Canada 
* Chile 

* China 


* Colombia 

* Costa Rica 

* Cuba 

* Czech Republic 

¢ Dominican Republic 


¢ Ecuador 
* Egypt 

* England 
e« France 

* Germany 
« Ghana 

* Greece 

* Hungary 
« India 
«Iraq 

¢ Ireland 

* — Italy 

e« Japan 

e Jordan 

* Kenya 


This list is constantly updated at 


Kuwait 
Malaysia 
Mexico 
Montenegro 
Morocco 
New Zealand 
Norway 
Panama 
Peru 
Philippines 
Poland 
Portugal 
Puerto Rico 
Qatar 

Russia 
Scotland 
Singapore 
Slovakia 
Slovenia 
Somalia 
South Africa 
Spain 
Swaziland 
Sweden 
Tanzania 
Turkey 
United Arab Emirates 
United States 
Venezuela 


If you are using CD for autism in a country not listed above please email us so 
we can add you to the list... kKim@cdautism.org. 


Conformity is the jailer of freedom and the enemy of growth. 
~ Robert F- Kennedy 
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AutismOne on Healing Autism: 
Accidental Cure by Optimists 


by Simon Yu, MD 


Accidents happen. We accept the reality of them as is and we 
usually move on. On the other hand, accidental discovery is 
another story. For some people, they ask questions like, “why 
me?” Or keep asking for a deeper meaning: Is this really an 
accident or a message to understand? An accident is a fertile 
ground to find out if you are a pessimist or optimist. 


Tom Jacobs, story teller from Kansas City, recently told a story 
about a pessimist and optimist: Two sales men were assigned 
to Africa in the early years of the shoe industry to sell their 
shoes. One week later, one salesman telegrammed to his boss, 
“Business situation in Africa is hopeless. Nobody wears shoes’. 
On the other side of the continent, the other salesman excitedly 
telegrammed to his boss, “Unlimited potential in Africa. Nobody 
wears shoes!” 


| don’t Know about you but | would rather be an optimist. | always 
encourage my patients to look at the bright side and be cautiously 
optimistic no matter how grim their conditions might be. Hope is 
a powerful driving force to promote healing. Pessimists do not 
call themselves pessimists. Just realists. 


Today, | saw a 77 year old patient with a history of chronic 
pulmonary fibrosis, bronchiectasis and rheumatoid arthritis with 
a recent diagnosis of stage one bladder cancer. She has been 
depressed and joined a cancer support group because of feeling 
a sense of hopelessness. 


After a long discussion, | told her how lucky she is that her lung 
and rheumatoid conditions have been stable and she has only a 
relatively benign early stage of bladder cancer. | told her if you 
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are going to have cancer, this is the kind of cancer to have and 
she should be thankful. All of a sudden, her doom and gloom 
mood was lifted with a broad smile. The rest of our session was 
uplifting. 


The AutismOne 2013 conference was held in Chicago during 
Memorial Day weekend. | was invited to give a talk on parasites, 
allergies, and autism. Autism is not my field. | usually see adults 
as an Internist. However, beginning in 2012, | have been seeing 
autistic children with rather interesting responses. In May 2013, 
| wrote an article about a medical hypothesis of a relationship 
between parasite infection and autism in preparation for my 
lecture for the AutismOne conference. 


| attended a full day of lectures and was awestruck by the 
thousands of autism parents from all over the country attending 
the lectures. Multiple lectures were conducted by many autism 
specialists at the same time covering a large variety of topics. 
This conference was driven by a grass roots movement of parents 
with a hope to help their children. Here is a short synopsis of the 
lectures. 


Dr. Anju Usman, MD from the Chicago area covered gut-brain 
connection and biofilms by pathogens in the gut. Symptoms such 
as depression, anxiety, poor attention and focus, and obsessive 
compulsive behaviors may be related to the delicate balance of 
bugs which produce a mucous slime known as biofilm. 


Andreas Ludwig Kalcker, Ph.D. Bio-Physicist from Spain, who 
studied under German bio-physicist Fritz Albert Popp, Ph.D., 
discussed parasites in depth. He demonstrated a successful 
treatment for more than 65 children around the world with his 
parasite protocol over a one year period. 


Kerri Rivera, from Mexico, one of the main leaders of the group 
running the AutismOne conference, showed many cases of 
successfully treated autistic children including her child. She has 
been using chlorine dioxide in conjunction with diet, nutritional 
supplements, detox, and hyperbaric oxygen. 


By the time | presented my medical hypothesis on parasite infection 
and autism, they had already had numerous discussions about 
parasites and had been saying all along how parasite infection 
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might be one of the major underlying problems for autism that 
has been overlooked. | felt like | was repeating what had already 
been presented. 


Dr. Andreas Kalcker and Kerri Rivera collaborated using chlorine 
dioxide for two years with prescribed parasite medications, 
albendazole and pyrantel pamoate, to turn around autistic 
children. Professionally, | have no experience using chlorine 
dioxide on my patients. The difference with my therapy was that | 
was using acupuncture meridian assessment as a guide to detect 
and treat parasites. 


If what they are reporting is even partially true for these autistic 
children, itwould be amajor breakthrough in the autism community. 
Some of the audience was crying in excitement but some were 
skeptical and saying it sounded too good to be true. | could feel 
the excitement of the audience but also a sense of fear that Kerri 
Rivera and Andreas Ludwig Kalcker will be attacked by special 
interest groups. Chlorine dioxide is too inexpensive to a fault. 


Is this an accidental finding leading into an accidental cure for 
autism? It is too early to tell but any chronic medical conditions 
like cancer, heart disease, diabetes, arthritis, Alzheimer’s 
dementia, or autism seems driven by epigenetic influences from 
environmental toxins, parasites, hidden dental problems, and 
faulty diet and nutrition. 


| spent several hours with Andreas Kalcker after our lectures 
were over. We found a common ground for treating parasites: 
his experience as a bio-physicist and my experience as a military 
medical officer. Few people truly understand and are aware of the 
magnitude of parasite problems. This man was very passionate 
to rescue these children from the scourge of autism. 


Kerri Rivera just published a book called [Healing the Symptoms 
Known as Autism]. | just finished the book. This book is for 
everyone but especially for both autism parents and all medical 
professionals involved in the care of autistic children. The book 
contains much important information that is not available in the 
main stream autism community. 


Most pediatricians might be sympathetic but they are rather 
pessimistic regarding the care of autistic children. Andreas Kalcker 
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and Kerri Rivera are true optimists in the midst of skeptics and 
pessimists. They see unlimited potential for the cure for autism 
based on diet, nutrition, and parasite eradications using chlorine 
dioxide and parasite medications. If you want to know more 
about autism and what is possible, | highly recommend reading 
[Healing the Symptoms Known as Autism] by Kerri Rivera. The 
book explains in detail the Kalcker parasite protocol. 


Dr. Simon Yu, M.D. is a Board Certified Internist. He practices 
Internal Medicine with an emphasis on Alternative Medicine to 
use the best each has to offer. For more articles and information 
about alternative medicine as well as patient success stories, and 
Dr. Yu’s revolutionary health book Accidental Cure: Extraordinary 
Medicine for Extraordinary Patients, visit his web site at... 


www.PreventionAndHealing.com 


...or Call Prevention and Healing, Inc., 314-432-7802. You can 
also attend a free monthly presentation and discussion by Dr. 
Yu on Alternative Medicine at his office on the second Tuesday 
each month at 6:30 pm. Call to verify the date. Seating is limited, 
arrive early. 
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Autism Evaluation 


Treatment Checklist (ATEC) 


The next page contains a copy of the original Autism Evaluation Treatment 
Checklist (ATEC) developed by the late Dr. Bernard Rimland, the founder of 
the Autism Research Institute. We are not suggesting you use this particular 
copy. It is only included here for those not familiar with the evaluation so 
you have an idea what the ATEC involves since we mention it throughout this 
book. 


The survey consists of a series of questions to be answered by a parent 
about what they are observing in their child’s CURRENT behavior. It is not 
uncommon for both parents to take the survey separately and compare/ 
average the scores. 


The best way to take the survey is online at the Autism Research Institute’s 
website. Here is the direct link to the current survey: 


www.autism.com/index.php/ind_atec_survey 


After completing the questions, a score is generated that can range from 0 
to 180. 0 means no autism while 180 would mean that the answer to every 
question was in the most negative extreme. 


We consider a child recovered from autism if their score is between 0 and 10. 


You are encouraged to complete an ATEC before starting the Protocol, and 
every 3 months thereafter so you can clearly see the progress you are making. 


Also, please share your results with us; we collect data on the children whose 
parents follow the Protocol as explained in this book. Send your name, date of 
the survey, general location (city, state, country) and score to: 


atec@cdautism.org 
If you have a history of ATEC results while on the protocol, please include 
them all. 


NOTE: Do not send questions to this email address! You are unlikely to get 
any response from this address! It is just a collection point. 


448 Appendix 4 


ele Autism Treatment Evaluation Checklist (ATEC) | 
Bernard Rimland, Ph.D. and StephenM. Edelson, PhD. [| 
Autism Research Institute [ ———__—_—-—— } 


4182 Adams Avenue, San Diego, CA 92116 


eee 
fax: (619) 563-6840; www.autism.com/ari fans (ED ED a al 


This form is intended to measure the effects of treatment. Free scoring of this 
form is available on the Internet at; www.autism. comvVatec 


Name of Child O Male Age 
Last First 0 Female Date of Birth 
Form completed by: Relationship: Today's Date 


Please circle the letters to indicate how true each phrase is: 
I. Speech/Language/Communication: IN] Not true {S] Somewhat true [V] Very true 











NS V 1. Knows own name N S V_ 6. Can use 3 words at a time NS V 11. Speech tends to be meaningful/ 
N S V 2. Responds to “No’ or ‘Stop’ (Want more mili) relevant 
N S V 3. Can follow some commands NS V_ 7. Knows 10 or more words N S V 12. Often uses several successive 
: sentences 
NS V4. Canuse one word atatime - ‘N'$ V8 Canusesseniences with ¥or ys y 15, Carries on fairly good 
(Nol, Eat, Water, 1c) 4) «yg guotaine what hehe conversation 
NS V 5. Can use 2 words al a time . plains wars N S V 14. Has normal ability to com- 
{Don't want, Go home) N S V 10. Asks meaningful questions municate for his/her age 
II. Sociability: [N] Not descriptive [S] Somewhat descriptive [V] Very descriptive 
NS V 1, Seems to be in a shell - you NS V 7. Shows no affection NS V 14. Disagreeable/aot compliant 
cannot reach him/ber ‘ 
NS V 2. Ignores other people ao 5 ga Sas he pee arenrie t 
N S V 3. Pays little or no attention when h ARE ROSES RR IES hokage erga ai 
addressed N S$ V 10. Does not imitate NS V 17. Rarely smiles 
NS V 4. Uncooperative and resistant NS V IL. Dislikes being hekV/cuddied NS V 18. Insensitive to other's feelings 
NS V 5. Nocye contact N S V 12. Does not share or show NS V 19. Indifferent to being liked 
N § V 6, Prefers to be lefi alone N S V 13. Does not wave ‘bye bye’ N S V 20. Indifferent if parent(s) leave 
Ill. Sensory/Cognitive Awareness: [Nj Not descriptive [S] Somewhat descriptive [V] Very descriptive 
NS V, 1. Responds to own name N S V 7. Appropriate facial expression N S V 13, Initiates activities 
NS V 2. Responds to praise NS V 8. Understands stones on T.V, NS V 14. Dresses self 
N S V 3. Looks at people and animals NS V 9. Understands explanations NS V 15. Curious, interested 
N S V 4. Looks at pictures (and T_V.) N SV 10. Aware of environment NS V 16, Venturesome - explores 
NS V 5. Does drawing, coloring, art N S V 11. Aware of danger NS V 17. “Tuned in" — Not spacey 
NS V 6. Plays with toys appropriately N S V 12, Shows imagination N § V 18. Looks where others are looking 
Use this code: [N] Not a Problem [MO] Moderate Problem 
IV. Health/Physical/Behavior; [MI] Minor Problem [S} Serious Problem 
N MI MO § 1. Bed-wetting N MI MO § 9. Hyperactive N MI MO S§; I8. Obsessive speech 
N MI MO § 2. Wets pants/diapers N MI MO § 10, Lethargic N MI MO § 19. Rigid routines 
N MI MO § 3. Soils pants/diapers N MI MO § 11. Hits or injures self N MI MO § 20, Shouts or screams 
N MI MO S 4. Diarrhea N MI MO § 12. Hits or injures others N MI MO § 21. Demands sameness 
N MI MO S 5, Constipation N MI MO § 13. Destructive N MI MO S 22. Often agitated 
N MI MO § 6 Sleep problems N MI MO § 14. Sound-sensitive ML MO 8:23. Not seumitive in pein 
N Ml MO § 7. Eats too m little N MI MO § 15. Anxious/fearful N MI MO S 24. “Hooked” or fixated on 
. ch/too . certain 
N MI MO S 8. Extremely limited diet N MI MO S 16. Unhappy/crying N MI MO S§ 25. Repetitive movements 


N MI MO § 17. Seizures (stimming, rocking, etc.) 


. SURFACE MATERIAL : Silicon Urethane with Cotton 
First waterproof layer 
AMETHYST (with Tourmaline) : Transfer to natural Far infrared Ray 
. Hyron Cotton layer for thermal insulation 
Second waterproof layer 
. TOCA LAYER : Strong Negative lons and an Magnetic Reaction 
. Electric Discharger layer for generating Negative lons 
. Copper fabric layer for Electromagnetic interception 
. Carbon Fiber layer for Electromagnetic Interception 
. Polyester fiber glass layer 
Tepron Reverse currency heating layer with EMF Interception 
Nonwoven fabric layer for electric blocking 
Aluminium layer for reflecting Infrared Ray 
Nonwoven fabric layer for heat blocking 
Second Hyron cotton layer for thermal insulation 
Polyester sponge layer for thermal protection 
BOTTOM LAYER : High quality cotton with brass pattern 


Naoatsida)'esias)(e)aar- om 


© Visit [] Add to Collectic 


Related images: 


ARED RAY EANTIING MEDICAL OCV 


HWAY BIOMAT 7000). 


RICHWAY BROMAT 


wee [ieee na Nee we 


BIOMATS.COM 





Appendix 5 


MOLECULAR MIMICRY 
What It Is 
& 
How it Relates to 


The Gluten Syndrome 


by Mrs. Olive Kaiser 


fter readingtheshortanswers in The Diet Chapter (page 64), we understand 

(simply) the basics of how some of these departments of the immune 
system function. It is easier to grasp how, through molecular mimicry, gluten 
can damage so many different tissues in different people, and sometimes cause 
other foods that look like gluten to also be reactive. Before we go any further, 
| would like to thank the following professionals for their contributions to 
our family’s well-being and a wider understanding of the gluten syndrome 
and other related topics. If you would like to conduct further research into 
this topic, the body of work that the following professionals have contributed 
would be a great place to start. There is so much more to learn. 


Dr. Alessio Fasano, MD, shook America awake on gluten awareness in 
the 1990’s and in 2003 published a landmark paper’ on one small subset of 
the gluten syndrome, villi damaged celiac disease. That study provided the 
impetus that brought gluten awareness to the table (or sadly, OFF many 


tables) across our nation. 


Dr. Thomas O’Bryan, DC, Functional Medicine, and international gluten 
syndrome educator - www.thedr.com. Dr. O’Bryan is my functional medicine 
doctor. He taught me much of what | learned about gluten and other topics 
and led me to his mentor, Dr. Aristo Vojdani. Later Dr. O’Bryan’s amazing 
research review seminars on gluten contributed hugely to my knowledge base 
and bolstered my confidence to manage our new lifestyle in a then difficult 


social era. 
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Dr. Aristo Vojdani, PhD., MsC, Immunologist, CEO owner of 
Immunosciences Lab, Los Angeles, CA. Dr. Vojdani is also chief scientific 
advisor of Cyrex Laboratories, Phoenix, AZ. Dr. Vojdani has published nearly 
150 excellent research papers.”?* They fit the community like a glove. 


Dr. Rodney Ford, MD, pediatric gastroenterologist, NZ, grasped the extent 
of neurological injury,° and “silenced nerves phenomenon.”¢ This compellingly 
suggests why many of us do not recognize symptoms of gluten damage until 
we are in deep trouble. This builds on the previous work of Dr. Marios 
Hadjivassiliou, Professor of Neurology, Sheffield, UK.’ 


Dr. Kenneth Fine, MD, gastroenterologist, Dallas, Texas, owner of an 
investigative research lab, Enterolab (www.Enterolab.com). His lab ran the 
only accurate gluten antibody tests our family received back in 2004. 


Without the courage of these astute researchers, we would still be wandering 
in the dark. Thank you all, and other individuals who thought outside the box. 
Kerri you are one of those thinkers. Thank you! 


Lastly, special thanks to LuEllen Giera, my support group leader, for leading 
me to Dr. O’Bryan and Dr.Vojdani. 


1. What is Molecular Mimicry? How does gluten damage us? 


The structure of gluten resembles the structure of many of our body 
tissues. When the immune system attacks gluten or partly digested 
“pieces” of gluten it may also attack body tissues that “look like” those 
pieces of gluten. There may also be other processes that we do not yet 
understand. 


What is gluten? - Gluten is a stretchy protein found in some bread 
grains. The problematic types are found in wheat, barley, and rye,and now 
early research suspects possibly rice, corn and oats (Dr. Peter Osborne, 
DC, CCN, www.glutenfreesociety.org). 


What are proteins? - Proteins are a class of materials found in living 
tissues, such as hair, nerves, enzymes, etc. Molecularly, all proteins 
look like necklaces of beads strung into various color sequences. The 
different sequences make the proteins different, and the “colored beads” 
represent 22 separate amino acids. Our digestive system uses enzymes 
to cut up these necklaces into single beads so they are small enough to 
cross the gut wall properly and be restrung into new proteins. See image 
on page 452. 
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Unfortunately, many folks today are toxic and poorly nourished and do 
not have strong digestion, so the gluten “necklaces” may never completely 
break down. As weaker bonds between the beads break, “pieces”, called 
“peptides,” of gluten are formed. Gliadin is a well known gluten piece and 
there are many others. 


Our immune system - has “departments” to protect us in various 
ways, including IgA, IgG, IgE, |gM, |gD and others. IgE can cause immediate 
allergic reactions to bee stings or peanuts, etc. IgA, IgG and IgM may 
react more slowly with less drama. They all manufacture “workers” or 
“soldiers”, called antibodies, each custom designed to patrol our bodies, 
looking for the bead sequence of one particular enemy. When they find 
that bead sequence, they “tag or stick onto” it. Our killer white blood cells 
interpret the antibody tag as a condemned sign and know to surround 
and destroy that protein. 


If an antibody test lists “Gliadin — IgA’, ““Gliadin — IgG”, and“Gliadin — lgM” 
it means the test checked for gliadin antibodies in the IgA, IgG and IgM 
departments. If the antibodies are high it means the immune system is 
does not like gliadin and is working to destroy it. 


Weak, leaky barriers - Our gut wall and other barrier membranes 
such as the skin, lung, placental, and blood brain barriers are held together 
with “tight junction proteins” that act like velcro. Inflammation, parasites, 
gluten, medications, infections, electrosmog, etc, may damage the “velcro” 
or open them up too much. Substances may slip through them into places 
they should not be and cause trouble. 


Unfortunately if the gut wall does not hold together well, i.e., is “leaky”, 
pieces of incompletely digested gluten strings (and others) may slip 
through and run into the immune system—our dutiful “guard dog” on 
the other side. Due to their too-large size “he” may raise the alarm. The 
invader strings are “frisked out” i.e., examined. If they are rejected, one 
or more of the immune departments make matching antibodies to “tag” 
them so the killer cells know to go after them. 


It is at this point more problems may arise. A gluten antibody may “run 
by” a natural body tissue, for example a nerve in the heart. It may see in 
that innocent nerve tissue a sequence of “beads” that matches or partly 
matches the gluten sequence it was designed to “tag” and stick to that 
section of the nerve protein instead. This, unhappily, attracts killer cells to 
the misidentified nerve, resulting in autoimmune injury to the nerve. This 
is molecular mimicry. 
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Other foods and proteins beside gluten may also initiate molecular mimicry 
when they prematurely cross a leaky gut, and may prompt allergies (IgE) 
or intolerances (IgA, lgM, or IgG). However specialists agree that gluten’s 
particular “bead” (amino acid) sequences are uniquely guilty in their ability 
to upset the immune system and instigate molecular mimicry between 
“their” antibodies and our tissues. 


Molecular mimicry can take place between non-food proteins and body 
tissues also. Infectious microbe sequences such as strep, for example, are 
believed to partially match, (in the case of strep), heart and joint proteins 
and so injure the heart muscle or valves, and (rheumatic) joints. Ditto is 
suspected for root canal and cavitation infections that may circulate and 
injure specific tissues, including the heart. Flu microbe sequences can 
resemble gluten and may trigger or surface gluten syndrome. There are 
numerous other examples of mimicry between infections, foods and body 
tissues. 


Consider the image below. An antibody may be made to seek the shorter 
“bead” sequence of a gluten piece that crossed the gut wall, but it might 
also recognize a similar sequence, a partial match, in the longer nerve 
protein sequence. The antibody “tags” or “sticks to”, the part of the nerve 
tissue that matches the gluten piece that it seeks. 


Gluten Peptide (and antibody) Sequence 
Note: the different colors represent different amino acids. 


Pt pink [ttt | white [brown [orown| brown] red | red [areen] |__| 
Nerve Sequence 





erange]orange] vetow]oreen | rea ] rea [ be [whe [brown [brown [bromn] rea Joranoe] areen | tue [yetow| 





It gets more complicated, but eventually the victim tissue is attacked by 
killer cells on an ongoing basis. This process may be slow but stealthy. In 
time, the nerve may malfunction and the organ it serves may also begin 
to fail; for example, heart failure. This is termed autoimmunity. The body 
attacks its own tissue. 


Molecular mimicry can occur in hundreds of places in the body since 
gluten can break up into numerous pieces having amino acid sequences 
that partly match many of our natural tissues. This may explain why gluten 
syndrome presents so differently in different people.” 


Once this process starts, like elephants who never forget, the memory 
B cells that manufacture the antibodies never forget the sequence of 
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the “invader” gluten pieces. If gluten is removed, antibody manufacture 
eventually stops, but any time the immune system sees even a tiny amount 
of that protein sequence, antibody production is retriggered. This is why 
specialists insist the gluten-free diet is strict and lifelong. 


Gluten removal stops production of the initial antibody, which decreases 
the inflammatory process significantly. Literature shows the gluten-free 
diet may reverse or improve many serious conditions, but it may not 
always arrest an advanced autoimmune disease. Prevention is key. 


Example: Once a ball is pushed down a hill, further pushing will only 
send it downhill faster, but it will roll on its own. To correlate, molecular 
mimicry between the gluten antibody and victim tissue starts the ball 
rolling. Removal of gluten stops pushing the process, and the sooner the 
better. The longer the exposure’, and to other factors as well in a triad 
of autoimmunity (a. environmental stress, toxins, infections, etc.; b.a faulty 
blood brain barrier; and c. susceptible genetics), the higher the chance of 
autoimmune disease. 


Dr.Vojdani comments, “If it is detected early enough and steps are taken 
early enough the condition may be reversed. If any condition is advanced 
enough you can reach a point when simple removal may not be enough. 
Autistic children generally have autoimmune reactivity rather than full- 
blown autoimmune disease, which is why they show great improvement 
upon the removal of gluten.” 


2. Does gluten always damage the villi of the small intestine as the 
celiac story teaches? Many other tissues such as thyroid, pancreas, 
blood vessels, joints, brain, nerves, liver, bone, etc. may be involved in 
this disorder. Does all that other damage arise due to poor nutrient 
absorption from injured gut villi? 


No, according to published research many researchers and practitioners 
now believe the villi are not always damaged in an autoimmune gluten 
reaction.?, Where there is no villi damage, injury to other organs cannot 
be due to nutrient deficiencies caused by villi damage. Molecular mimicry 
provides a mechanism for direct autoimmune gluten injury to many 
other tissues and organs when the villi are fine. It is also possible that 
several tissues and organs, including villi, may be injured and then nutrient 
deficiencies from poor villi absorption may affect other areas. 


Dr. Vojdani’s abstract in his editorial, The Immunology of Gluten Sensitivity 
Beyond the Intestinal Tract,” supports that the villi are not always injured. To 
quote his editorial abstract, “Evidence has been accumulated in literature 
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demonstrating that gluten sensitivity or celiac disease can exist even in the 
absence of enteropathy” [gut/villi damage], “but affecting many organs.” 


3. | do not have damaged villi, and my tTG/gliadin blood tests were 
negative, but | feel so much better gluten-free. Why? 


The tests were likely false negative. That is very, very common. As gluten 
is processed in the digestive system, it can break into more pieces than 
we have tests developed to check them, and the immune system makes 
an antibody for each separate piece. The test probably missed your 
antibodies because they were different from the one or two the test 
checked. Many patients have proven this because they received negative 
results to the standard test, and then found a number of positive gluten 
related antibodies when they ran a more comprehensive panel. Cyrex 
Laboratories (www.cyrexlabs.com), runs 28 gluten related antibodies in 3 
areas of the immune system. 


Your properly performed* biopsy was probably negative because likely 
your gut villi are fine.** Your gluten injury may have targeted other organs 
or tissues, not the villi.*** For instance, if gluten has damaged the heart, 
snipping intestinal villi will not help find the heart injury. Damage in either 
place is not ok. 


More detail on False Negative Tests 


The blood and saliva tests - Standard celiac blood and saliva tests only 
check tissue transglutaminase IgA, (tT G — IgA) as an initial screener. Most 
doctors give up if that test is negative. However, the literature shows that 
standard tTG-IgA tests are only elevated when the villi are completely 
destroyed. Dr.Vojdani finds that form of tTG is often not found in other 
gluten injured tissues. Therefore the standard tTG-lgA test is a poor 
screener for most patients, and returns many false negatives. More forms 
of tTG have now been discovered. 


Doctors might also order a standard test for deamidated gliadin IgA 
and possibly IgG. Unfortunately these tests also have a miserable failure 
rate for picking up gluten syndrome because many patients have other 


If there IS villi damage it is possible for the biopsy to miss it if the damage is patchy or further down 
the duodenum than the villi samples are taken. Most good “gluten aware” gastroenterologists 
take a number of samples to try to avoid this possibility. 


** It is possible that very early villi damage may slowly accumulate long before it shows up 
on a pathology report. An elevated IEL count, (intraepithelial lymphocyte, an early sign of 
inflammation) of the villi tissue indicates this process is underway. Ask the gastroenterologist to 
specify that the pathologist do an IEL count. 


*“* | am careful to specify the “villi of the gut”. There may actually be gut damage, but not to the 
villi. There are many types of tissue in the gut, such as nerves, for instance. The villi may be fine, 
but it is still possible that some other gut tissue may be damaged by molecular mimicry or other 
processes we do not yet understand. For instance, if the nerves that control peristalsis (wave 
like gut motion) are injured, it could result in chronic constipation. 
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antibodies beside those two. The gluten “string” can break up into many 
other pieces, plus other “departments” of the immune system may react. 


Villi biopsy vs. positive antibodies for diagnosis? - To add insult to 
injury, even if antibodies are discovered, many celiac, villi focused specialists 
may still insist that the villi biopsy is the final word for “celiac” diagnosis 
and they trust a negative villi biopsy over positive antibodies. Many folks 
have positive antibodies and suspicious symptoms, including improvement 
upon gluten removal, but no apparent villi damage. Their doctors assure 
them they can eat gluten! This is a serious mistake for many patients. 


More on the villi biopsy — By now it is easy to understand why even 
properly performed* villi biopsies are only useful for the relatively small 
subset of patients in which the villi of the duodenum are injured. Most 
patients do not happen to have damaged villi. Their damage is somewhere 
else in their body, other organs, nerves, etc., or some enzyme or functional 
item has been damaged by gluten antibodies. Scientists such as Dr. Aristo 
Vojdani*?* do NOT recommend villi biopsies for gluten syndrome 
diagnosis (there may be other reasons to scope the gut, such as tumors, 
etc). Dr.Vojdani explains that if there are elevated antibodies to gluten, 
the immune system is screaming “I do NOT want this substance! | am 
manufacturing antibodies to tag and destroy it.’ That is sufficient reason 
to remove gluten from the diet. It is less expensive to check an extensive 
array of gluten antibodies than undergo an endoscopy anyway, and is much 
less invasive. 


4. Why do many gluten syndrome patients not only react to wheat, 
barley, and rye but also sometimes to other foods, particularly oats, 
milk, corn, soy, egg, coffee, sesame, yeast, chocolate and others. 


These foods have similar amino acid sequences to gluten. Now that 
we grasp molecular mimicry, this is logical. The immune system may 
misrecognize them for gluten, causing cross reactions which may keep 
the gluten antibodies running high even on a gluten-free diet. Happily, 
this does not always occur. Cyrex labs, Array # 4, checks a list of cross 
reactive and gluten substitute foods, IgA and IgG. 


5. The diet seems excessively strict? Why does it take so little 
gluten to start a reaction? 


We understand that miniscule amounts of bee venom, or peanut, can 
trigger emergency allergic reactions, and very tiny medication pills can 
cause major effects on our bodies. This is also true of gluten reactions, 
both immediate allergic IgE, and delayed IgA, IgG, and IgM.3_ “Crumbs 
matter.” The difference is that delayed reactions are not as obvious as the 
allergic reaction. They may go unnoticed for hours to decades, but may 
be a long, slow, serious process. Their lack of drama robs these reactions 
of the compliance respect they deserve. 
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6. The silent syndrome - Why do many people react to gluten, 
proven by antibody tests, but they have few or no warning signs, or 
seemingly unrelated symptoms they do not recognize or connect 
with their diet for a long time. Then they crash with something 
serious, often or usually autoimmune? 


Gluten is famous for slowly injuring nerves° by molecular mimicry, and 
in many cases the nerves are silenced by that injury.° The patient does 
not realize there is a problem until the tissue or organ that those nerves 
supply begins to fail. Furthermore some areas of the body do not contain 
many pain nerves, so we may not feel the damage. Slow silent damage is 
understood in other diseases. Heart damage, cancer,and aortal aneurysms 
are examples of conditions that develop silently and then suddenly flare. 
Prevention is best. 


For years, celiac literature recognized 2 neurological conditions, peripheral 
neuropathy and gluten ataxia. In the wider perspective of gluten syndrome, 
nerve damage may be one of the most important areas of injury.° 


Dr. Rodney Ford, MD, suggests in his book, The Gluten Syndrome: ls Wheat 
Causing You Harm,° that this is primarily a neurological disease’, injuring and 
in some cases silencing nerves, compromising the health and function of 
the tissues they serve. This idea was reinforced by an astute observation 
made by Dr. Ford of one of his patients, an elementary school child who 
had not achieved bowel control. After she went gluten-free, the problem 
resolved. Dr. Ford realized the child now recognized the signal to visit 
the toilet, and accidents were avoided. The nerves in the lower bowel 
apparently “woke up” once the antibodies that injured them disappeared. 
This is an interesting and logical theory to explain “silent gluten injury”, 
and it fits the community. Here is an abstract of Dr. Ford’s published 
paper which discusses a possible widespread neurological focus: 


The Gluten Syndrome: A Neurological Disease, by R.P. Ford 
Hypothesis: gluten causes symptoms, in both celiac disease and non-celiac gluten- 
sensitivity, by its adverse actions on the nervous system. Many celiac patients 
experience neurological symptoms, frequently associated with malfunction 
of the autonomic nervous system. These neurological symptoms can present 
in celiac patients who are well nourished. The crucial point, however, is that 
gluten-sensitivity can also be associated with neurological symptoms in patients 
who do not have any mucosal gut damage (that is, without celiac disease). 
Gluten can cause neurological harm through a combination of cross reacting 
antibodies, immune complex disease and direct toxicity. These nervous system 
affects include: dysregulation of the autonomic nervous system, cerebella ataxia, 
hypotonia, developmental delay, learning disorders, depression, migraine, and 
headache. If gluten is the putative harmful agent, then there is no requirement 
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to invoke gut damage and nutritional deficiency to explain the myriad of the 
symptoms experienced by sufferers of celiac disease and gluten-sensitivity. This 
is called “The Gluten Syndrome.” 


7. Why do so many of us react now, when for centuries most people 
appeared to be fine with wheat? After all, wheat is spoken of 
positively in the Bible and many other historical documents. 


There may or may not be a conclusive answer to this question, but a few 
factors may play a role. 


a. Many folks have higher toxin levels now, their nutritional status is 
worse, and digestive strength is weaker. 


b. Today’s wheat is different. Gluten grains have been subjected to a 
lot of changes, some genetically violent, according to Nina Federoff, 
a pro GMO scientist. She asserts in her book, Mendel in the Kitchen, 
that gluten grains were altered with nuclear radiation and chemical 
mutation by the 1950's — 1960's.’ Recently a stash of old blood samples 
from that era, stored in a freezer by the military, were checked with 
standard celiac antibody tests. The incidence of positive antibodies 
was much less in those samples than is typically found in the general 
public today. 


c. Wheat seed is sometimes treated with mercury. Might this play into 
unintended results? 


8. Why do specialists and researchers insist that the gluten-free diet 
must be life long? Can’t we heal the gut and go back to our beloved 
wheat bagels, croissants, and brownies? 


Our scientists insist that gluten-free is a strict lifelong commitment. 
The memory B cells in the immune system never forget what the enemy 
“looks like.” Today’s gluten is a violently altered substance according to 
the very scientists who defend genetic alterations.’ It is not worth playing 
with today’s wheat. There is something strange and unpredictable about 
it. Even if a leaky gut has healed, future circumstances, toxins and stress 
might injure it and retrigger the syndrome, perhaps silently. Researchers 
say gluten creates leaky gut for a few hours in everyone. 


Particularly since gluten appears to be the “bad boy” that predisposes 
to other intolerances, | prefer to walk away for life and concentrate on 
other nutrient dense foods. However, it is wise to consume whole foods 
rich in B vitamins, (ex., liver or bee pollen), and silica (the herb horsetail, 
“equisetum hymale” species, is a source,) as gluten grains contain those 
nutrients. 
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9. Traditional peoples soaked and/or sprouted their wheat berries 
and then made sourdough bread with it. Does that process alter the 
gluten sufficiently for gluten syndrome patients to safely consume it 
today, particularly organic spelt and einkorn? 


No. These methods make bread more digestible, but the fermented 
products and ancient gluten grains still contain gluten and can trigger 
reactions in research trials. Even if there are no visible reactions, silent 
injury cannot be ruled out without long term research. Additionally, the 
preparation process before fermentation is completed is definitely gluten 
based, so significant cross contamination issues come into play in the 
kitchen. Healing the gut is a challenge. Other areas crop up that need 
cleanup too, such as the parasite issues. Gluten specialists advise us to go 
gluten-free, stay that way, and move on. 


10 


What are gluten withdrawals? 


Rarely, a few days to a few weeks after going gluten-free, or after being 
glutened, a patient may experience a few hours to a couple of weeks of 
a parade of varied and unusual symptoms including dizziness, black pit 
depression, crying, physical or emotional exhaustion, even as in difficulty 
getting up to use the rest room, and other odd symptoms. In severe 
cases they may experience an inability to socialize, make eye contact, 
make decisions or hold a normal conversation. Children or teens may 
act out in extreme ways during this situation. Often patients cannot bring 
themselves to discuss this experience afterward. However, a patient 
reluctantly described her experience 2 years later as “encountering 
an empty white board with nothing on it.’ The rest of life around her 
seemed to be “across the Grand Canyon.” This appears to be a temporary 
crisis that resolves anywhere from a few hours to a couple of weeks 
or so according to folks who contact me about them. It is assumed 
that this phenomenon is due to particular pieces of gluten strings called 
gluteomorphins with amino acid sequences which resemble opiate drugs. 
When these gluten pieces disappear from the blood stream the patient 
may experience “withdrawal,” very much like a drug withdrawal. Another 
theory for why this may happen involves changes in blood flow to the 
brain that may create a temporary neurological crisis. Autistic children 
may suffer these withdrawals and may take longer to stabilize, but they 
usually make nice gains after the crisis passes. Happily, once withdrawal is 
over the patients are usually much better, and they are VERY vigilant with 
their diet. 


In the rare event that this type of reaction might occur, family and friends 
of the person do well to understand that the person may (or may not) be 
able to prepare their own food, for instance, but not be able to verbally 
communicate much, make eye contact, hold a conversation, answer 
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questions, and may be uncharacteristically snappy particularly if others 
attempt to communicate with them. Family members may wish to be 
quietly and unobtrusively nearby until the person passes through this 
stage. If the patient has children to care for, help may be needed, and also 
solitude, rest, and simply prepared “real” nourishing food that is gluten- 
free and easy to digest such as bone broth. Probiotics or old fashioned 
fermented raw veggies or sauerkraut from the refrigerated section of the 
health food store may be helpful. Family and friends should not take the 
person’s temporarily withdrawn personality personally. 


For details on these unstudied rare reactions, or if you need support 
during a crisis, see... 


www.theglutensyndrome.net 
/Adverse_reactions.htm 


..or contact me at jka8168@sbcglobal.net. | collect testimonials, so feel 
free to contribute if you have experienced this type of reaction. We hope 
these reactions will eventually be studied. 


11. Should I replace all the gluten foods | routinely eat with gluten- 
free substitutes? 


No, most gluten-free substitutes are still mainly expensive processed 
food (aka junk food). For the first few weeks it is normal for newbies 
to look for substitutes to replace their “old gluten friends” and it helps 
them make the very real emotional transition, but there are better, more 
nutrient dense food choices. The substitutes are still high carb, (potato, 
corn, tapioca, rice), and most contain sugar, processed gums, GMOs and 
ingredients that do not help us get well. We may actually eat more of 
them BECAUSE they are gluten-free. Additionally they are expensive and 
not always easy to prepare at home. 


Many experienced gluten-free folks gradually wean themselves off a 
constant diet of the rather junky substitutes in favor of other real 
unprocessed foods, such as meat, eggs, veggies, fruits, nuts, fermented 
vegetables, bone broths, and so on according to their digestive abilities. 
The gluten-free substitutes become the occasional treat, such as pizza 
crust. Gluten free families are wise to find the healthiest GF versions of 
just the items they miss the most, and skip the rest. For example, at our 
house, | had served gluten spaghetti for years, but when | dropped that 
habit, no one noticed. However, my husband wanted his breakfast toast, 
so we found a gluten free brand he liked and continued that tradition. 
Each family works out these adjustments for themselves. 
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Lettuce wraps are crunchy and yummy instead of sandwiches. Hamburger 
patties without the bun but with onion for the onion lovers, are still tasty 
and they feel better afterward. In our family we now use watermelon or a 
watermelon basket for birthday “cake”, complete with candles and a bow 
in the summer. Fruit pizza with a nut flour or nut/date crust, avocado 
chocolate or other dairy-free or fruit based pudding for the sauce, and an 
artistic fruit/coconut topping works for parties. There are lots of ways to 
celebrate happy healthy gluten-free, junk free birthdays. 


12. Warning! Formal gluten challenges for testing purposes — risky! 


A word of caution. Antibody tests must be performed while the patient 
is still consuming gluten or shortly after going gluten-free. Sometimes 
doctors advise patients who are already gluten-free to go back on gluten, 
4 slices a day for 4-6 weeks to restart the antibodies for testing purposes. 
Patient experience has shown that once the system is fairly clean of gluten, 
going back to perform a formal gluten challenge for testing purposes may 
be risky. The secondary reactions for some individuals can be significant, 
particularly neurologically. Challenges have been known anecdotally to 
trigger psychological black pit crashes, fibromyalgia, and other organ 
injury. Autistic children may have a hard time when they just go gluten- 
free initially or consume gluten accidentally. A planned challenge for them 
may be very unwise. 


13. Intermittent infractions (aka cheats) are seriously unwise and 
may increase injury.'° 


This is not a fad, or cheater’s diet. The gluten-free diet is a medical diet to 
treat or control serious autoimmune, inflammatory, and often neurological 
diseases. There is no room for casual infractions. Research suggests 
that repeated, intermittent cheats, even every few weeks, over time may 
actually influence mortality rates.'? This is not a reason to avoid the diet, 
but to take it seriously. Once the strictness of the diet is embraced the 
patient or family adjusts and discovers that it is doable. Gluten-free food 
bars, nuts, a packet of gluten-free soy sauce, and GlutenEase™ or other 
brands of DPP IV enzymes are good to keep in the glove compartment 
or backpack to handle emergencies. NOTE: DPP IV (pronounced DPP 
4) digestive enzymes help break down gluten but they do not stop a 
reaction and are NOT a reason to cheat. However if there is a possibility 
of exposure it makes sense to take them for whatever help they might 
afford. In the case of a confirmed gluten exposure, take the enzymes, keep 
the bowels moving, stay calm and deal with it. Worry and drama makes 
everything worse. 


14. Discrepancy -The celiac focus uses villi biopsy for diagnosis. The 
wider perspective relies on positive antibodies or improvement on 
the diet. Question? How did villi damage become the gold standard? 


Molecular Mimicry 461 


The first place the medical profession found conclusive damage by gluten 
in the 1950’s — 60’s was to the villi of the gut. After the endoscopy tool 
was developed, villi damage and subsequent healing upon gluten removal 
could be observed. They concluded that gluten damaged the villi. This 
was true. The particular subset of cases they scoped had villi damage, but 
their conclusion that the villi were the only target of damage for everyone 
with gluten syndrome was too narrow according to research today.’ In 
most patients the target damage was NOT the villi, but the bones, joint 
lining, heart, thyroid, pancreas, liver, brain, almost any organ, blood vessel 
walls, nerves almost anywhere in the body, and so on. The patients might 
even have injury to multiple tissues, BUT NOT NECESSARILY ALWAYS 
TO THE VILLI. When the villi biopsy was declared the gold standard for 
gluten syndrome diagnosis, it cut out most of the patients who were 
reacting to gluten. Snipping villi does no good if the damage is in the 
thyroid or brain. For the next 60 years very few patients were prescribed 
a gluten-free diet because most of them did not have damaged villi, (or 
the doctor never thought to look at all). Their gluten-induced injury was 
somewhere else in their body, so they were never diagnosed. 


15. Discrepancy - The villi damaged celiac disease story teaches 
that celiac disease is autoimmune and much worse than “non 
autoimmune” non-celiac gluten syndrome (NCGS). The wider 
gluten syndrome perspective teaches that both are autoimmune 
and serious.” 


A significant disagreement exists over the autoimmunity of non-celiac 
gluten syndrome (NCGS). In the beginning, antibodies to gluten could 
not be found in NCGS patients, therefore it was assumed that NCGS 
was not autoimmune. However, Dr.Vojdani insists NCGS IS autoimmune. 
The NCGS patients have plenty of antibodies, just different ones than the 
standard tests check. His tests, which check and find more antibodies,**** 
the illnesses these patients develop, and recoveries or improvements on 
the diet all prove his point. He also asserts that NCGS can indicate a gut 
wall in worse shape than the celiac villi damaged subset.”** The damage 
is simply somewhere else, not to the villi. See the link below for diagrams 
of these reactions, and compare the condition of the gut wall in the celiac 
diagram with the gut wall in the gluten intolerance diagram. 


www. rheGlutenSyndrome.net/ 
VojdaniDiagrams.htm 


“Dr, Vojdani’s research found several more forms of both tTG, and gliadin antibodies, (alpha, 
gamma, omega), gluteomorphins, glutinins, and others. His saliva and blood panels check 12 
separate antibodies in 3 different immune departments and 2 mediums, totaling 28 gluten 
related antibodies. The two panels, run together, nearly always find antibodies if they are present 
in the patient, translating to far fewer false negatives. 
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This disagreement fosters confusion among NCGS patients that villi 
damaged celiac disease is the “big bad boy” to avoid (true, it is bad), but 
that NCGS is less severe, not autoimmune. This translates in real life 
to gluten birthday cake for the Friday night party and then back on the 
gluten-free bandwagon Saturday morning, “so | won’t eventually develop 
villi damaged celiac disease.” Yes, that could happen also, particularly if 
the person seesaws on the diet, but the notion that NCGS is not as 
bad as villi damaged celiac disease is a misunderstanding according to 
Dr. Vojdani.23* To repeatedly seesaw off and on gluten indiscriminately 
is unwise according to medical literature,'® and community experience. 
Gluten exposure needs to be an accident, which happens occasionally 
even to the most vigilant. Casual cheats are a more risky mindset, usually 
meaning “more frequent.”'® Take it seriously, nerves, blood vessels, and 
organs are precious. 


Gluten Tests with a Good Track Record 


Some families cannot afford to test or good tests are not available. In the 
case of autism this protocol and most others require gluten-free and that is 
the end of the matter. Kerri takes this position partly due to cost and the 
miserable record of false negatives that standard tests return. The protocol 
does not work without the diet. Period. 


Some adults are also willing to go gluten-free without a test. Their bodies 
tell them what they need, they listen, and are happy to find answers. Social 
pressure does not sway their decision or ability to comply. 


In many other situations, a positive test is very meaningful. It gives patients 
confirmation that gluten-free is right for them, silences critics, and helps them 
comply with the diet. In the case of children it provides proof to the other 
parent, grandparents, therapists, doctor, etc. It may also come in handy if the 
child turns into an invincible teen who doubts he ever needed the diet in 
the face of pizza and beer, ditto for his future spouse and in-laws. The catch 
is that the test must be adequate. A false negative misvalidates the skeptics. 
These are decisions every individual or family must evaluate for themselves. 
Thankfully there are test panels with good track records now. 


Absolutely, regardless of any test result, if the body is able to communicate a 
reaction to gluten or its removal, then that is the final answer. Be grateful and 
go gluten-free. 


This testing section is for those who wish to test for their own confirmation 
or social support. 
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NOTE: If a patient has been ill for a very long time it is possible for the 
immune system to be so worn out that few antibodies are manufactured. 
Lower antibody counts might show a false negative but not prevent injury 
to innocent tissues. Also, due to the wide variety of antibodies a patient 
may happen to make, it is possible to run any antibody panel and miss those 
particular antibodies. The more antibodies that are checked the less likely 
this may occur, but should be considered in the event of a negative test that 
the patient or practitioner questions. In this case a gene test may be helpful. 


Enterolab - Stool and 1 part gene tests 


For 10 years Enterolab’s mail in home collection research stool test stood in 
the gap for thousands of patients who received false negative standard tTG 
and gliadin blood tests. It has saved many lives, and gave our family the social 
confirmation we needed. This unpublished research test checks stool for 
tTG-lgA and gliadin-lgA only. The use of stool as the testing medium appears 
to pick up those antibodies most of the time, much much more often than 
standard tTG or gliadin IgA blood tests. However, since only two antibodies 
are checked, it may miss in some cases. 


Dr. Fine’s lab also offers a one part gene test which he believes is adequate for 
a reasonable price. Dr. Fine finds if a gene is present, nearly always so are the 
antibodies, and two genes are worse. Villi damaged celiac specialists recognize 
only HLA DQ 2 and 8 as gluten related, but Dr. Fine includes 1 and 3 and their 
subsets 5, 6, 7 and 9. In fact according to Enterolab, HLA DQ 4 is the only 
DQ gene that does NOT correlate with gluten syndrome. According to him, 
a patient needs 2 copies of the HLA DQ 4 gene to miss the predisposition. 
This translates to 81% of the Caucasian population with a predisposition to 
trigger gluten syndrome at some point in their lifetime, including before they 
are born. 


Cyrex Labs - Better blood and saliva tests 


Cyrex Labs (www.CyrexLabs.com) opened their doors in 2010 in Phoenix, 
Arizona. They run much more complete antibody panels designed by Dr. 
Aristo Vojdani, PhD., their scientific advisor, an immunologist, and researcher. 
Dr.Vojdani found a wider variety of gliadin antibodies, (alpha, gamma, omega) 
and variations of tTG in other tissues, plus gluteomorphins, and several 
others. He also checks an IgM antibody due to possible malfunctions in that 
system. Cyrex blood and saliva panels, Array #1 and #3, combined, test for 
28 gluten related antibodies between 3 immune departments, 2 mediums, 
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plus IgA insufficiency. They rarely miss a diagnosis because they look for 
so many antibodies. (Note: Vojdani believes stress, toxins and infections, i.e. 
environment, can trigger a gluten reaction without the genes.) 


Gluten Free Society - Two Part Gene Test 


A third approach espoused by Dr. Peter Osborne, The Gluten Free Society, 
Sugarland, Texas, (www.glutenfreesociety.org), is to run only the gene test, 
since any antibody panel may theoretically miss the particular ones the patient 
may have. He uses a 2 part test, the most complete method, and looks for 
both celiac and gluten sensitivity genes. A positive gene test does not prove a 
current immune response as do antibodies, but predisposition to it. Presence 
of 2 genes indicates a more severe case. Gene tests have an advantage in that 
they can be run anytime, gluten consumption is unnecessary, and depending 
on the results, useful information can be gleaned for immediate and extended 
family members. 


Elimination Diet 


The elimination diet is inexpensive. Often/usually it demonstrates improvement 
upon removal of gluten, or worsening upon reintroduction. Many “heads up” 
practitioners accept this as reason enough to go gluten-free. 


There are occasional complications or interpretation issues for the elimination 
diet as follows: 


a. Reintroduction of gluten (gluten challenge) can trigger stronger, 
sometimes risky reactions.'° Stop a challenge upon negative symptoms, 
including depression and emotional instability, or best, don’t challenge. 
An accidental infraction may come up that provides insight. 


b. Occasionally it takes several months to see the difference, or a silent 
reaction may mask symptoms.° 


c. If the patient later decides to test and is already “clean” on the gluten- 
free diet, blood tests will not work unless gluten is reintroduced for 
many weeks.'°? No! Stool/gene tests are safer. 


d. There is no lab confirmation to silence naysayers. 


Other Related Tests 


Cyrex Labs Array # 2 - Intestinal Permeability Panel focuses on specific 
causes of leaky gut. This helps strategize treatment, and is an improvement 
over the old lactulose/mannitol test. 
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Cyrex Labs Cross Reactive Foods and Gluten Substitutes, Array # 
4. - This specific list checks foods that commonly cross react with gluten 
and also foods commonly used to replace gluten. It helps customize an anti- 
inflammatory diet. 


Cyrex Labs Predictive Antibody panels determine if or which tissues are 
currently under antibody attack. This predicts autoimmunity years ahead of 
time and gives the patient advance notice in order to address trouble spots. 


Enterolab (www.Enterolab.com) offers several stool based food antibody 
panels and gut related stool tests. 


What are the lab instructions? 

Do I need to consume gluten for testing? 

Antibody tests, (blood, saliva, stool), prove a reaction and require recent 
gluten consumption. Ideally, test first, then go gluten-free. If the patient is 
off gluten, call the lab for advice on the time window before the test will not 


work. 


Cyrex Labs (www.CyrexLabs.com) tests require prescriptions and a saliva 
specimen and/or blood draw. If a doctor is needed to write the script, check 
www.thedr.com for a partial list of practitioners who are familiar with Cyrex 


Labs. Results are sent to the prescribing doctor. 


Enterolab stool specimens are ordered online, kits are sent, home collected 
and mailed. No prescription is required. Results arrive on email. Enterolab’s 


test works for several months after going gluten-free. 


Gene tests do not require gluten consumption or a script and can be run at 


any time. Genes prove a predisposition to gluten reaction. 


Enterolab’s gene test is a relatively inexpensive “one part” test. It is a mail in 


cheek swab and reports the patient’s actual genes. 


Gluten Free Society (www.Glutenfreesociety.org) gene test is a “two part” 
(more complete) mail in cheek swab and reports yes or no for both celiac and 


gluten sensitivity genes. 


For information on testing (I have no financial interests) see: 


www. rheGlutenSyndrome.net 
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The latest version of this article and a complete list of references is available 
at: 


www. TheGlutenSyndrome.net 
/Molecular_Mimicry.pdf 


Author’s note: While the information Olive has provided can be extremely 
helpful for adults or children who are not on the spectrum or who are 
suffering from other ailments, a gluten-free diet is non-negotiable for healing 
autism. We need to remove foods that cause inflammation and mucous, and 
which can produce gluteomorphin in the body. | have seen many families 
waste time and money doing testing only to get confused by false negatives— 
time and money they could have spent on recovering their child. 


Online Gluten Summit —A Chance to Support CDAutism 


Recently, in November 2013, Dr. Thomas O'Bryan, an_ internationally 
recognized gluten educator, put together an amazing online Gluten Summit. 
Twenty nine iconic experts on Celiac Disease and its wider perspective, 
Gluten Sensitivity, also called Gluten Syndrome, covered every possible 
aspect before 115,000 appreciative viewers. This set of interviews plus extra 
materials is available for purchase at only $3.30 per speaker and is a priceless 
addition to all our libraries. It also is a great gift and a good way to inform 
friends and family. Often our closest loved ones accept new information 
better from a respected professional rather than from us. 


Arrangements are in place to contribute half of your purchase price of The 
Gluten Summit interviews to the CDAutism project. Go to the link below to 
order and also credit CDAutism with your contribution. 


gg110.infusionsoft.com/go/tgso/Kerri 


Appendix 6 


Measuring the Strength 
of Your CD, CDS & CDH 


by Charlotte Lackney 





CD, CDS, and CDH work because all of them contain chlorine dioxide (CIO,). 
ClO, is made when a 22.4% solution of sodium chlorite (NaClO,) is activated 
with an acid, usually 4% hydrochloric acid (HCI) for CD and CDH; and 10% 
HCl for CDS. 


Sometimes it might be useful to measure the amount of ClO, in those 
solutions, although that has not been done in the past when using CD. And, it 
may only be necessary to know the amount of chlorine dioxide if you are not 
getting the expected results. There could be a problem with the ingredients 
or process and knowing the amount of ClO, in the solution could be helpful 
in determining what might be wrong. 


The amount of ClO, in a solution is measured in parts per million (ppm). It is 
always necessary to specify the volume of solution when talking about CIO, 
ppm because the ppm will vary depending on the dilution of the solution. 


If using CDH or CDS with the protocol in this book, it is assumed that you 
are preparing them at 3000ppm. If using CDS, please keep in mind that the 
relative strength of one milliliter of CDS is approximately 60% of one drop 
of CD. 


However, if the ingredients are of good quality and the CD or CDH protocol 
is closely followed, there is usually no need to know or measure the ClO, 
concentration. 


Both CD and CDH may continue to activate inside the body from whatever 
sodium chlorite has not been activated outside the body. That is not the case 
with CDS, as it has no sodium chlorite to continue activating inside the body. 
Some believe that this is why many people can tolerate a higher dose of CDS 
than an equivalent dose of CD. 
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Measuring the concentration of ClO, can easily be done at home. You will 
need to purchase ClO2 test strips made by LaMotte or others. | have only 
used LaMotte Insta-Test® High-Range Test Strips, 0 to 500ppm (code #3002). 
The container’s label has a chart showing seven colors on it wih each color 
indicating a ClO, concentration in ppm. Note: LaMotte recently changed the 
appearance of their labels, as shown on the right. Both are the same product. 
For more information, see their website: 


www.lamotte.com/ 
en/water-wastewater/test-strips/3002.html 


Directions for how to use the LaMotte test strips are printed on the side 
of the container and need to be followed in order to get an accurate ClO, 
concentration reading. 


The numbers below each of the seven colors represent 0, 10, 25,50, 100, 250 
and 500ppm. Many people who use the test strips think the 50ppm color is 
the best one to use for color matching, because they can see the difference in 
color below and above that color more easily than the others. 


If the ClO, solution you want to measure is suspected to be 3000ppm, how 
do you measure that if the test strips highest ClO, concentration color is 
500ppm? Recall that | had said that it is always necessary to specify the volume 
of solution when talking about ClO, ppm, because the ppm will vary depending 
on the dilution of the solution. 


So if we dilute the suspected 3000ppm CIO, stock solution with more water, 
the same amount of ClO, will now be evenly spread out in the larger amount 
of solution if stirred. There will be less ClO, in any one spot than before 
dilution, because the ClO, is now dispersed into a larger volume of water. 
Visualize what happens when a drop of red food coloring falls into a glass of 
water. It disperses throughout the water if stirred, and that dark red color is 
now much lighter because it is diluted in the water. 


In order to read 3000ppm with a test strip, and have it match the 50ppm color 
on the container, we will need to dilute a small sample of the stock solution. 


Stock Desired Volume of 
solution dilution in water for 


(1ml) dilution. 





The Gettysburg Address 


Delivered at the dedication of the Soldiers’ National Cemetery in 
Gettysburg, Pennsylvania, November 19, 1863 
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The chlorine dioxide test strips (code 
#3002) made by LaMotte are available 
on the market with two different labels, 
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So, if we take a Iml sample of the stock solution and add it to 60ml of water, 
then the stock solution is diluted 60 times its original volume. Technically, one 
should add the Iml of stock solution to 59ml of water, for a total of 60ml, but 
using 60ml is easier to measure and you would not see the difference in ClO, 
readings if 59ml of water was used. 


To measure, pour 60ml of distilled water into a small glass and then add 
Iml of stock solution. Stir well to evenly distribute the ClO, sample in the 
water. Then take one of the test strips—taking care not to touch the pad of 
chemicals on the end of the strip—and dip it in the solution for two seconds. 
Keep the strip in one place in the solution and do not move it around during 
the two-second period. 


Without flicking any of the solution off the strip, remove the strip from the 
test solution with the pad facing up and wait ten seconds. Now compare the 
color of the test strip pad to the color chart on the side of the test strips 
container (as shown above). 


If the stock solution is 3000ppm, then the color on the test strip will match 
the 50ppm color on the container. Multiply 50 times 60 (the amount of 
dilution) and you get 3000ppm. 


If the color on the test strip does not match the 50ppm color on the container, 
try to estimate the ppm number between container colors and multiply that 
number by 60 to get the ClO, concentration. 


Tip: You can cut the strips lengthwise to get 100 strips instead of 50; just be 
sure not to touch the strip’s pad with your fingers or your readings may not 
be accurate. Also it is important to keep the container tightly capped to keep 
moisture out which can affect the readings. 


Dana\ one year atter 
starting Kerris protocol 
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Diluting HCI Concentration 


The protocols in this book use two different concentrations of hydrochloric 
acid (HCI): 10% & 4%. Some suppliers sell both concentrations, while others 
only one. You may also find a source with a different concentration and wish 
to dilute it to 4 or 10%. The math to determine how much to dilute your 
stock solution is rather simple. You should have no problem if you know how 
to multiply, divide, add and subtract. Note: The same calculation works for 
citric acid if you have 50% and need to go down to 35%. 


What you will need is: 


* Bottle of concentrated HCI (10% or higher) 

* Receiving bottle to store the resulting diluted HCl 

* Graduated cylinder or other measuring cup 
On the next page is a graphical representation of the dilution equation. It may 
look intimidating at first glance, but it is actually quite simple and is made up of 
three simple mini-calculations. Each box is labeled with a letter which refers 
to the graphic. Just fill in the numbers with a pencil and follow the directions. 
We'll go over one example here: Let’s say you have 10% HCl and want to 
make | liter of 4% HCI. Here’s what you would have to calculate: 


Desired Desired Temporary 
Volume x HCl % = Number 


1000ml 4% 4000 


Temporary Amount of 
Number : = 10% HCl 


4000 400ml 


Desired Amount of Amount of 
Volume — 10%HCl = water 


1000ml 400ml 600ml 





So, in this example, you would need 400ml of 10% HCI and 600ml of water. 
to make | liter of 4% HCI. If you add them together, you should have 
1000ml (1 liter). 
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1st Calculation 


Desired Desired Temp. Stock Stock 
Volume Concent. % Value Concent. % Amount 


2nd Calculation 
ay 
Desired Stock Water 
Volume Amount To Add 
F G : H : 


Determine the volume of the receiving bottle in milliliters. For exam- 
ple, if you have a 1 liter bottle, you would enter the number “1,000” for 






This is where you enter the % of the final solution. If you are making 
4%, then enter “4” in this box. 


This is where you enter the percentage of your concentrated stock 
solution—the HCl you want to dilute. If you have 10%, then enter a “10” 
in this box. 

Now divide the temporary value in C by D and enter the result in E. 
This is the amount of concentrated stock HCl (in milliliters) you will 


Copy what you entered in A to F for the next calculation. 


Copy the result from E to G 


Do the subtraction of F - G and enter he value in H. This is the num- 
ber of milliliters of distilled or filtered water you will need. 

Measure the resulting volume of water calculated in H and pour it into 
the receiving bottle I. Finally, measure out the value in G and pour it 
into the receiving bottle I. 
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Other Uses of Chlorine Dioxide 


Bladder Infection Protocol (for Adults) 

The protocol for bladder infection is three oral drops of CD eight times a day 
with a douche of 10 drops CD three times the first day, and then once every 
day thereafter, for 30 days (for females). 


Ear, Eye, Nose Protocol 

Make a mixture that contains one ounce of water for every one drop of 
CD. Use one drop of that mixture in the affected orifice every hour until 
symptoms disappear. If the issue is acute you can use one drop every 15 
minutes. This method can be used in the ears for infections, in the nose for 
congestion/infection, and the eye for infection or conjunctivitis. 


General Fever Protocol 
If the person has a fever, or if you want clarification of any kind, email Kerri, 
but in the meantime, this will hopefully get you started: 


1. Give baths interspersed with enemas, approximately eight hours apart 
(e.g. bath in the evening and enema in the morning or vice versa). 


2. Give oral CD doses (using the person’s usual number of drops) 12 to 16 
times or more a day (essentially every hour); unless they stop eating, in 
which case, stop oral dosing. Enemas and baths can continue. 


3. Have them drink lots of water. 
4. Cool clothes on forehead and neck. 


Please see Chapter 14, page 335 for more information on fever therapy. 


Teeth 


Ten activated drops of CD per one ounce of water. Put this in a spray bottle 
and spray on the toothbrush. 


Throat Spray 


Ten activated drops of CD (chlorine dioxide) in one ounce of water. Spray on 
throat once/hour. Recommended in the case of a sore throat. 
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Vaginal Douching for Yeast Infections: 
Put six activated drops of CD in 60 ml of water. Hold this in for two minutes 
every day for a few weeks or between periods. Six drops MAX in the vagina. 


CD Skin Spray 


Use ten drops of activated CD per one ounce of water in a spray bottle. 


CD spray is great for a variety of ailments. 


° Skin * Cuts 
¢ Dandruff e Rashes 
° Scrapes ° Toe Fungus 


Burns 


Any burn should be sprayed with full strength sodium chlorite solution (no 
acid added) directly from a small spray bottle. Do not add citric acid or HCl 
at all! If you don’t have a spray bottle available drip sodium chlorite solution 
directly onto the burn, making sure the area is soaked with it. 


Wait up to five minutes, but no longer before rinsing off with room 
temperature water. If you fail to rinse off the sodium chlorite solution, the 
burn will continue to hurt and get worse. 


This technique will cause the burn to heal in 1/4 the time normally required. 
The pain should stop almost immediately or reduce to almost zero within 
several minutes. 


Sunburns should be treated the same way. Spray the red area, wait | to 5 
minutes, and rinse off. If the area is still sore, in about an hour spray the area 
again and wait 5 minutes before rinsing off. Remember, DO NOT allow the 
sodium chlorite to remain in place. It must be rinsed off! The pain should 
be gone in a couple of minutes. Generally two doses will overcome most 
sunburns, but on rare occasions if the discomfort is not all gone you can use 
a third dose. Be sure to rinse it off. 


Note that sodium chlorite is alkaline and burns are acidic. Therefore the 
sodium chlorite neutralizes the acidity that resides in the burned areas. This 
is part of the reason why burns heal rapidly after sodium chlorite applications. 
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Blank Kalcker Parasite Protocol Chart 


The next page contains a blank Kalcker Parasite Protocol Daily Chart 
identical to those found on pages 199 through 217. You are encouraged to 
copy this chart for use in your parasite protocol planning. Setting the copy 
machine to enlarge at 125% should fill a standard letter-sized page. 
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Appendix 10 


Lunar Phase Calendar 
for Kalcker Parasite Protocol 


As covered in Chapter 8, the Kalcker Parasite Protocol is administered over 
a period of 19 days and scheduled according to the lunar cycle. We have 
included an easy to follow calendar starting on the next page for the years 
2014 through 2016. 


Each chart page shows 6 months with each month broken up into 3 columns: 
Column | is the day of the month; column 2 indicates the lunar phase; and 
column 3 shows the corresponding Parasite Protocol day. 


The full moon is identified with an “F” in the second column and the new 
moon is identified by an “N” in each month section, which usually occurs 
towards the end of each protocol cycle. 


We have used New York as our center point since it is roughly the center of 
the majority of those using this book in the US and Europe. The moon phase 
may occur | day before or after the dates shown if you are in another part of 
the world, but the difference is not great, so feel free to use the dates shown. 
However, you are welcome to be precise for your particular location. The 
Farmer’s Almanac is a great source and provides an online calendar that can 
be adjusted to your location: 


www.almanac.com/moon 


You may also wish to install a moon phase app into your smart phone. Many 
free options exist. 
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2014 - Lunar Phases for New York, NY 
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2015 - Lunar Phases for New York, NY 
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2016 - Lunar Phases for New York, NY 
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2016 - Lunar Phases for New York, NY 
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Three things cannot be long hidden: 
the sun, the moon, and the truth. 


~ Buddha 
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Health Benefits of 


Diatomaceous Earth 
by Dee McCaffrey, CDC 


You’ve probably never heard of one of the best 
and most economical supplements to improve 
your health and cleanse your body. In fact, this 
supplement is perhaps one of the best kept secrets 
ever. This relatively unknown “food” supplement 
is called Diatomaceous Earth, also known as DE. 
It is a completely natural substance that is rich in 
naturally occurring silica, a mineral whose list of 
documented health benefits continues to grow 
BEA as more research is being conducted. 





Some of the most recent studies show that it can strengthen bones and joints, 
prevent osteoporosis and restore bone health if you already have osteoporosis, 
boost the immune system, ward off Alzheimer’s, prevent premature aging and 
wrinkling of the skin, and strengthens the arterial walls to maintain good heart 
health. Another of the benefits of silica is that it helps to destroy bad fats in 
the body. Used as a daily treatment, diatomaceous earth can alleviate the 
potentially deadly risks of high cholesterol, high blood pressure, and obesity. 


Additionally, because of its physical structure, diatomaceous earth is a highly 
effective anti-inflammatory and internal cleansing agent for the body. It can 
remove intestinal bacteria, parasites, e-coli, viruses, pesticides, heavy metals, 
and other toxins. It has also been known to assist with vertigo, headaches, 
tinnitus, and insomnia. 


Sound too good to be true? Read on to learn more about this overlooked 
multi-purpose supplement and how it can improve many aspects of your 
health at a fraction of the cost of other supplements. 


What is Diatomaceous Earth? 


Diatomaceous earth is the fossilized shells of microscopic water-dwelling 
organisms known as diatoms. Diatoms are one-celled plants (algae or 
phytoplankton) that are the primary food source for marine life. These plants 
have been part of the earth’s ecology since prehistoric times, yet their species 
still exists today in both salty and fresh waters all over the world. 
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Diatoms use soluble silica (sand) from their environment to make their shells, 
or exoskeletons. As diatoms die, their shells fall to the bottom of the bodies 
of water in which they live. It is believed that 30 million years ago the diatoms 
piled up to form thick beds of chalky fossilized sediment. These beds, known as 
diatomite or diatomaceous earth, were discovered after the waters receded. 


Today, hundreds of large deposits of 
diatomaceous earth occur all over the 
world. Some are still underwater and some 
are found in ancient dried lake bottoms. It 
has been estimated that one cubic inch of 
diatomaceous earth may contain as many 
as 400 million shells, that’s how small 
diatoms are! 


Diatomite is mined and ground into a 
powder that looks and feels like talcum 
powder. This all natural powder is called 
Diatomaceous Earth (DE) or fossil shell 
flour. It is made up of approximately 
33% silicon, 19% calcium, 5% sodium, 
3% magnesium 2% iron and many other 
trace minerals such as titanium, boron, 
manganese, copper and zirconium. 





What Do Fossilized Shells 
Have to Do With Improving Your Health? 


It’s all about the silica. 


As | mentioned earlier, the shells of diatoms are made up mostly of silica 
(known by chemists as silicon dioxide). Silica is one of the most abundant 
minerals on the planet, but most of it is in a form that is unabsorbable by 
humans, and there are limited numbers of foods that contain an adequate 
amount of the absorbable form to supply the quantity our body needs. Silica is 
the most important trace mineral for human health. It plays an important role 
in many body functions and has a direct relationship to mineral absorption. 
For optimal health, the average human body needs to hold approximately 
seven grams of silica, a quantity far exceeding the figures for other important 
minerals such as iron and calcium. 


Silica can be found in such foods as alfalfa, beets, brown rice and oats. Bell 
peppers and leafy green vegetables also provide silica, while asparagus, 
Jerusalem artichokes, parsley, sunflower seeds and grain husks, such as barley, 
millet and wheat contain smaller amounts. 


Years ago, the silica found in our foods was adequate, but with today’s depleted 
soils, only about one-third of the silica needed by our body is supplied in our 
food. 


In our youth, our tissues absorb and maintain high levels of silica— enabling 
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our bodies to remain flexible, resilient, and energetic—but as we age, and 
as our dietary sources of silica are not meeting our needs, our silica levels 
steadily decline until they become almost non-existent. In fact, 80% of all of 
our body’s silica is used up by the time we become adults. 


Our bodies need silica regardless of our age and even when diet is not the 
primary factor in cases of deficiencies, we often become deficient in this 
essential trace element simply thorough the aging process. The effect of this 
steady decrease in silica levels is a progressive decline in health, increasing 
fatigue and acceleration of the aging process. 


Diatomaceous earth, which is very high in the absorbable form of silica, can 
replenish silica levels in the body, which can vastly improve your health and 
reverse many chronic problems. Studies show that high levels of silica can: 


Improve Bone Health and Stop Osteoporosis: Calcium and vitamin D 
alone are not sufficient for bone growth, density, strength, and flexibility. In 
fact, the body cannot absorb and use calcium without the presence of silica. 
Recent data suggests that instead of promoting healing, calcium supplements 
actually speed up the leeching away of bone calcium and accelerate the 
degenerative process of osteoporosis and similar diseases that affect the 
connective tissues in the human body! 


To re-mineralize and repair damaged bones, it is now advised that a sufficient 
silica supplement be taken daily because bones are composed of mainly of the 
minerals phosphorus, magnesium and calcium; however, these minerals need 
the presence of silica to be deposited into the bones, especially calcium. Silica 
hastens the healing of fractures and also diminishes scarring at the location 
of a fracture. A great deal of research evidence indicates that silica has the 
ability to “morph” itself into calcium through a transmutation process. Yes, 
silica actually has the ability to be turned into calcium when there is a calcium 
deficiency and the body needs it! 


That fact alone should be reason enough to supplement with DE!! 


Ward Off Alzheimer’s: Scientists and researchers have long hypothesized 
that Alzheimer’s disease is linked to a build up of aluminum in the brain, and 
links between aluminum in drinking water supplies and Alzheimer’s have now 
been ascertained. A factor that had been overlooked is that silica reduces the 
accumulation of aluminum. When researchers added silica to aluminum-laced 
water supplies, it inhibited the aluminum from being absorbed. It also caused 
a proliferation in the excretion of aluminum in urine and lowered aluminum 
concentrations in the brain, liver, bone, spleen and kidneys. Silica, therefore, 
may be important in supporting neurological health. 


Improve Heart and Lung Health: Silica can hinder the effects of coronary 
disease by fortifying blood vessels. Studies confirm that with age, silica 
disappears from the aorta, the heart’s key blood vessel—thus weakening its 
critical connective tissue, and resulting in a greater cardiac risk. Studies have 
shown diatomaceous earth to significantly lower cholesterol by removing 
plaque and keeping arteries and veins supple. It also helps to regulate blood 
pressure. Silica also aids in the repair and maintenance of vital lung tissues and 
defending them from pollution. 
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Stop Premature Wrinkling and Sagging Skin: Silica is excellent for 
supporting bones and connective tissue. Your body needs healthy connective 
tissue for internal organs and the largest organ which is your skin. And you 
probably know that degrading connective tissue, with age is why wrinkles 
appear and skin begins to sag. Perhaps it is not age, but rather not enough 
silica that makes this happen. 


Collagen, which is mostly made up of silica, is the glue that holds us together. 
Collagen accounts for up to 75% of the weight of the dermis and is responsible 
for the resilience and elasticity of the skin. Our connective tissues consist 
of collagen, elastin, mucopolysaccharides and mucous carbohydrates which 
aid in moisture retention. Their capacity to hold on to moisture keeps the 
connective tissue resilient and has apparent importance in the prevention 
of premature aging. All these valuable molecules house large quantities of 
silica. Also, many people with advanced arthritis suffer from bone deformation 
when tendons and ligaments in the joints lose flexibility due to loss of collagen. 
Tendons and ligaments need silica for health and flexibility. 


Boost the Immune System: Silica may play an important role in the 
immune system and its biological response to harmful stimuli. Silica is 
necessary for the body to produce antibodies that fight off viruses, bacteria, 
allergens and other invaders that the body views as foreign. 


Other Ways Diatomaceous Earth 
Can Improve Your Health 


One of the most sought after benefits of diatomaceous earth is to cleanse 
the digestive tract. Many people consume a variety of processed foods, which 
contain various harmful chemicals and toxins. Plus, as air quality has decreased, 
we are constantly putting more toxins in our body that need to be removed. 


Diatomaceous earth can purge any parasite, virus, bacteria, or toxin that is 
clinging to our digestive tract. While diatomaceous earth feels like a soft 
powder, the truth is that diatomaceous earth is actually a small cylinder with 
extremely sharp edges. As we consume diatomaceous earth, these sharp 
edges scrape away parasites, toxins, and viruses clinging to the lining of our 
digestive tract. Plus, any toxins or bacteria floating in our digestive tract are 
absorbed and trapped by diatomaceous earth. It has also been shown to cling 
to bad fats in the body, effectively reducing bad cholesterol. Diatomaceous 
earth is then expelled through our bowel movements and these harmful 
materials are removed. 


Our skin and organs are strong and thick enough not to be affected by these 
sharp edges, which is why we feel no pain taking diatomaceous earth. After 
a few days, the body’s digestive system can be thoroughly cleansed and can 
operate much more efficiently. 


_ 
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Are All Forms of Diatomaceous Earth the Same? 


No! There are two types of DE—Food Grade and Pool Grade. 


Most deposits of diatomaceous earth are from salt water sources, while only 
a few are from fresh water sources. Of the hundreds of DE deposits that 
exist worldwide, only 4 of them can be called food grade. The DE sourced 
from fresh water beds are of extremely high purity—so pure that it is called 
Food Grade Diatomaceous Earth, or also known as fossil shell flour. Food 
grade diatomaceous earth, the only form safe for human consumption, is a 
white powder, while other forms of diatomaceous earth may have a brown/ 
reddish tint. 


Also, there are two types of naturally occurring silica—crystalline silica and 
non-crystalline (amorphous) silica. Crystalline silica can be very dangerous, 
especially to our lungs if inhaled, while non-crystalline silica is completely safe, 
even for human and animal consumption. The fresh water diatoms contain 
mainly non-crystalline silica, while salt water diatoms can contain both types, 
with higher amounts of the crystalline form. 


PERMA-GUARD™ is the trade name known worldwide for using a grade 
and quality of Diatomaceous Earth (DE) that is extremely pure. Brands that 
use Perma-Guard™ food grade Diatomaceous Earth contains less than 0 .5% 
crystalline silica. It is important to have a consistent shape diatom and no 
unwanted sediment. The shape of the diatom must be tubular with holes on 
the walls. It must be from fresh water because the fresh water diatoms form a 
harder shell and are less fragile that those from salt water. Salt water deposits 
contain a mix of diatom species. These deposits shapes and sediments are 
inconsistent making them unusable for safe human consumption. 


Other types of diatomaceous earth have other industrial uses. It is heated to 
a very high temperature (about 1000°C or 1800°F). This type of DE is called 
“calcined.” It is used for pool filters and other types of filtering but it is also 
used as a filler and can end up in paints, cosmetics, drugs, chemical insecticides, 
and other things. Food grade DE is never heated. 


Bottom Line: ONLY use Food Grade Diatomaceous Earth for 
health purposes!!! Food grade diatomaceous earth is the purest form of 
diatomaceous earth and can be consumed and used by humans. Food grade 
diatomaceous earth is heavily regulated and must contain less than a certain 
amount of specific minerals. 


Pool grade DE is calcinated and is a stronger, more potent form of DE. It is 
not to be used by humans and pool grade DE must be handled with gloves and 
a mask to ensure no throat irritations occur. 


All DE should have a label that tells you if it has been calcined and how much 
crystalline silica it contains. 


490 Appendix 11 
How Much to Take—How Safe Is It? 


Food grade diatomaceous earth is a very fine powder and is very light due 
to its high porosity. It mixes easily into liquids and foods. Most people take 
a teaspoon or a tablespoon two or three times a day (up to a total of one 
quarter cup per day) for best results. Mix it into water, juice, smoothies or 
other foods. 


It sort of resembles putting a spoonful of baking soda in water and drinking it! 


Silica is water soluble; hence, once you get it into your body it easily absorbed 
via the intestinal wall and is also rapidly excreted. It does not accumulate in 
the body, so consistent daily supplementation is important. Studies have not 
found any negative side effects from too much silica. Its safety and extensive 
range of uses makes silica one of the most important minerals used in 
complementary therapy and alternative medicine. Regular supplementation 
could make a significant difference in your health. 


Being approved by the FDA, Diatomaceous Earth has absolutely no dangerous 
side effects. It can be used by anyone, as long as the person doesn’t suffer 
from a serious illness. As with any other health supplement, talk to a doctor 
before using DE. You might have some intolerance to it, so it’s advisable to 
not risk your health. Pregnant and breastfeeding mothers can use it as long 
as their doctor has agreed. 


What Other Uses Does DE Have? 


One of the most commonly known uses for diatomaceous earth is as a non- 
toxic bug killer. DE is almost pure silica (with some beneficial trace minerals); 
under a microscope, it looks like shards of glass (glass is made from silica). 
On any beetle-type insect that has a carapace, like ants, fleas and cockroaches, 
the DE works under the shell and punctures the body, which then dehydrates 
their innards and the insect dies. DE is totally nontoxic. There is no buildup of 
tolerance like there is to poisons because the method of killing is PHYSICAL, 
not chemical. But rest assured, food grade DE doesn’t hurt people or animals. 
In fact, it makes a great flea killer for your pets, and can also be added to their 
food as de-wormer. Many farmers use it to keep farm animals healthy, both 
inside and out. Food grade DE is also added to grains in storage because it 
keeps bugs from eating the grain. So if you eat any grains, you’re probably 
already eating a little bit of DE! 


Where to Get It! 


You can buy food grade diatomaceous earth online. Processed-Free America 
sells it through its online store. 


Written by Dee McCaffrey, CDC, who lost 100 pounds and has kept it off for over 
20 years. For more info, go to: www.processedfreeamerica.org 
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Summary of Protocols 


The purpose of this list is to have all the protocols in one place, so you don’t have to 
be hunting and flipping pages to find something. This information is also available on 
our website www.cdautism.org if you would like to print anything full size. 


Diet 
Permitted Foods List: 
Note: Organic products are better but not required. 

Proteins 

O Beef O Fish (small not large size) 

O Chicken O Pork 

O Eggs O Turkey 
Fruit 


O Most fresh fruits are permitted (except citrus, mango, pineapple, kiwi, 
and limit berries). 

O Frozen fruit without added cream or sugar. 

! = =NO canned fruit (nothing canned ever). 


! Be careful of dried fruit as it may contain sugar. 


Vegetables 

O All vegetables are fine!!! 

O1 Including French fries, however, not frozen fries or fries from fast food 
chains; these are often coated in flour. 


Nuts 
O Almonds O Hazelnuts 
O Cashews O Walnuts 


O Coconut 
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Grains 


Amaranth 
Buckwheat 
Corn 
Millet 
Quinoa 


All beans—EXCEPT soy 
Split Pea 
Garbanzo 


Sweeteners 


O Stevia (Best choice of all 
sweeteners) 

O Agave syrup 

O Honey 


oood 


ood 
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Rice 
Sorghum 
Tapioca 
Xanthan gum 


Lentils 
Navy 
Peanuts 


O Maple syrup (without added 


sugar) 
O Xylitol 


Prohibited Foods List 


Acetic acid (E260) 
Artificial flavoring 
Artificial sweeteners 
Bouillon cubes 
Bread 

Candy 

Cane sugar 
Carrageenan 

Catsup 

Chocolate milk 
Coloring 

Corn flakes 

Corn syrup 

Cow’s milk in any form 
(even lactose-free milk 
products) 

Flour tortillas 
Gelatin 

Malt 

Margarine 
Mayonnaise 
Microwave popcorn 


MSG 
Natural flavoring 
Noodle soup 


Oatmeal (except for Bob’s 


Red Mill GF oats) 
Pasta 


Piloncillo (unrefined sugar) 


Children’s nutritional 
shakes 

Play-Doh™ 
Preservatives 


Processed meats (hotdogs, 
ham, sausage, bologna, cold 


cuts) 

Shellfish (full of toxins) 
Sodas 

Soy/fruit beverages 
Soy milk 

Soy sauce 

Sports drinks 

Sugar 

Yeast 
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Preparing Your First One drop CD Batch for the Day 


Start by filling the baby bottle with 8 fl. oz. (237ml) 
of water (distilled or reverse osmosis). 
NO alkaline water! 


Place 1 drop of sodium chlorite solution into 
the CLEAN and DRY shot glass. 


Add 1 drop of acidic activator (hydrochloric 
acid or citric acid) to the shot glass containing 
the drop of sodium chlorite. The number of 
drops may be higher if you are using a weaker 
activator. See chart on page 94. 


Now wait the appropriate time for the mixture 
to react (see chart on page 94). You should see 
the color change from clear to slightly yellow. 
If there were more drops in the shot glass, the 
color change is more noticeable. You are also 
likely to notice the chlorine-like smell coming 
from the shot glass. Remember, this is NOT 
chlorine, but rather chlorine dioxide. 


After the activation time has passed, pour a 


little water from the baby bottle into the shot 
glass and let it mix. This mostly stops the 
chemical reaction and insures you get most of 
the mixture out in the next step. 


Lastly, pour all of the watered down mixture 
in the shot glass back into the baby bottle, and 
seal it tightly with the cap—don't leave it sitting 
open for any length of time. Think partially used 
soda pop and how you would want to keep that 
closed. 
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Estimated Full Oral CD Doses by Weight 


Use these numbers as a guide only. You may need to go up by as much as 50% or more over the 
indicated drops. Read chart as: POUNDS / KILOGRAMS — DROPS OF CD (per 8 fl. oz. water) 


1005/4825 142/64—30 
143/65—30 180/8234 


181/82-34 218/99-+38 


25/118 62/2817 


26/128 63/2917 
27/129 64/2917 
28/139 65/2918 
29/139 66/3018 


30/149 67/3018 





31/1410 68/3118 


32/1510 69/3118 106/48—25 


33/1510 70/3219 107/49-+25 144/65-30 


34/1510 71/3219 108/49-+25 145/66-30 182/83-+34 219/99-+38 


35/1611 72/3319 


109/49-25 | 146/66—30 
80/3621 154/70->31 | 1941/8735 
81/3721 155/70-31 | 192/87-35 
89/4022 163/74-32 | 200/9136 
90/4122 164/74-32 | 201/91~36 
91/4123 165/7533 | 202/9236 


36/1611 


37/1711 
38/1711 
39/1812 
40/1812 
41/1912 
42/1912 
43/2013 
44/2013 


45/2013 
46/2113 
47/2114 
48/2214 
49/2214 





50/2314 
51/2315 
52/2415 
53/2415 


54/2415 
55/2516 
56/2516 


57/2616 
58/2616 
59/2716 
60/2717 





61/2817 
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Advanced Protocols (After Full Oral Dose is Reached) 


CD Enemas: 


| recommend enemas no less frequently than every other day. You can do 
them more often particularly if you see parasites coming out. The ratio is 1-2 
drops chlorine dioxide per 100 ml of filtered warm water.Work your way up 
to 500 mL — 1.5 L of water per enema, depending on the size of your child. 
You have the following options for methods of administering the enemas: a 
catheter and syringes, a multipurpose enema/douche bag, empty out a fleet 
enema, or a gravity bag. (note, if your child suffers from constipation you 
can add enemas and baths in before you get to full dose, alternating them on 
opposite days or opposite ends of the day). 


Enemas should be started when the child reaches full oral dose. However, 
if your child suffers from constipation you can add enemas and baths on day 
one (see page 113), before you get to the full oral dose. However, alternate 
them on opposite days or opposite ends of the day. The following chart is an 
approximate amount of water based on the size of the person, and calculated 
the maximum of 2 drops of CD per 100mL of water. 


Age/Size Water Volume Drops of CD 
Child 1/2 Liter (500ml) 


Adolescent 1 Liter (1,000ml) 
Teen/Adult up to 2 Liters (2,000ml) 


CD Baths: 





10-100 Activated drops of CD ina hot (to tolerance) bath with enough water 
to cover the child’s body. Soak for 20 minutes. Apply on alternate enema 
days, unless you are doing daily enemas, in which case apply on opposite ends 
of the day. 


The CD baths can go from as low as 10 drops to as high as 80 to 100 drops; 
it just depends on the person, and the size of your tub. With younger/smaller 
children we start with ten drops. Since we're doing baths every other day, 
start with ten drops on Monday, 11 drops on Wednesday, and 12 drops on 
Friday. Just keep going up until you get to 20 drops. The bigger and older 
the person is, the more drops they can tolerate. Fill the tub to a level that 
maximizes skin contact. 
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72/2 Protocol 
Give one dose of CD every 2 hours for 72 hours straight, including the middle 
of the night.Apply every possible weekend. 


This involves giving one dose of CD every two hours for 72 hours 
straight—including the middle of the night. Here are some additional 
thoughts and guidelines: 


* Start protocol when you pick up your child from school on 
Friday. 

* Give them the last 72/2 dose when you drop them off at school 
on Monday. 

* Avoid giving CD enemas or CD baths during this protocol, 
UNLESS they are dumping parasites, in which case you might 
need to reduce the amount of CD on both the oral and enema 
dose to insure the child doesn’t have a Herxheimer reaction. 

¢ Why not give hourly doses during the day at the usual dose? It’s 
simply too much if you are doing it all night as well. 

¢ Watch for improvements on Tuesday or Wednesday each week. 

¢ Ideally, get your spouse or significant other to help with every 
other nightly dose. 


Supplement Dosing Overview 


. Empty Stomach (ES 
Supplement | Dose | Time of Day cai Food fay, 


Before Bed 
Omega-3/ With any meal 
— 1-3x / day 
a With any meal 
ees 1-3x / day 
Up to 2,500mg Upon waking 
2x/day & at bedtime 


50-200mg Morning & Evening 


Work up to 200- Mornings or 
250mg/day Mornings & Nights 
25-40mg a day/as F 
200-400mg : . 
2x | day Morning & Evening 


500-1500mg/day ae 


1 cap w/meals Morning, Noon 
i & Night 
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Parasite Protocol 


Please see the complete explanation of the parasite protocol starting on page 
187. Day-to-day protocol charts can be found on page 198. 


Chelation: 


| suggest that when you decide to add clay baths into your child’s protocol 
that you do so on the off days of the CD baths. 


Follow the instructions on the package, and follow septic tank precautions if 
you have one. 


Three days or so later, you can add in the Bio-Chelat. Again, follow the 
instructions on the package, and you can always start slowly and work your 
way up. Since Bio-Chelat™ doesn’t alter the CD, the drops can be added to a 
single dose of CD. In addition, since the drops have no flavor, it is suitable to 
add them to water or any other drink your child might consume throughout 
the day. 


Hyperbarics: 
Option #1: 


Two sessions of 60 minutes each for 20 days for a total of 40 sessions 
at 1.75 ATA. 


Option #2: 


One 90-minute session a day for twenty days at 1.75 ATA. 


Instead of thinking outside of the box, get rid of the box. 


~ Deepak Chopra 
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Body Burden 
The Pollution in Newborns 


We | came across the following investigation | knew it was the perfect 
precursor to the incredible “Avoiding Autism” by Dr. Anju Usman and Beth 
Hynes. Babies are exposed to toxins in the womb and this study by the Environmental 
Working Group demonstrates so perfectly why the advice in the “Avoiding Autism” 
article is so very crucial to health of our children and for our species as a whole. 


Body Burden — The Pollution in Newborns 


A benchmark investigation of industrial chemicals, pollutants and pesti- 
cides in umbilical cord blood. 


Environmental Working Group, July 14, 2005 


Summary. In the month leading up to a baby’s birth, the umbilical cord 
pulses with the equivalent of at least 300 quarts of blood each day, 
pumped back and forth from the nutrient- and oxygen-rich placenta to 
the rapidly growing child cradled in a sac of amniotic fluid. This cord is 
a lifeline between mother and baby, bearing nutrients that sustain life 
and propel growth. 


Not long ago scientists thought that the placenta shielded cord blood — 
and the developing baby — from most chemicals and pollutants in the 
environment. But now we know that at this critical time when organs, 
vessels, membranes and systems are knit together from single cells to 
finished form in a span of weeks, the umbilical cord carries not only the 
building blocks of life, but also a steady stream of industrial chemicals, 
pollutants and pesticides that cross the placenta as readily as residues 
from cigarettes and alcohol. This is the human “body burden” — the 
pollution in people that permeates everyone in the world, including 
babies in the womb. 


In a study spearheaded by the Environmental Working Group (EWG) in 
collaboration with Commonweal, researchers at two major laboratories 
found an average of 200 industrial chemicals and pollutants in umbilical 
cord blood from 10 babies born in August and September of 2004 in 
U.S. hospitals. Tests revealed a total of 287 chemicals in the group. The 
umbilical cord blood of these 10 children, collected by Red Cross after 
the cord was cut, harbored pesticides, consumer product ingredients, 
and wastes from burning coal, gasoline, and garbage. 
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This study represents the first reported cord blood tests for 261 of the 
targeted chemicals and the first reported detections in cord blood for 
209 compounds. Among them are eight perfluorochemicals used as 
stain and oil repellants in fast food packaging, clothes and textiles — 
including the Teflon chemical PFOA, recently characterized as a likely 
human carcinogen by the EPA's Science Advisory Board — dozens of 


Chemicals and pollutants detected in human umbilical cord blood 


Mercury (Hg) - tested for 1, found 1 


Ng Pollutant from coal-fired power plants, mercury-containing products, and certain 
industrial processes, Accumulates in seafood, Harms brain development and 
function, 

= Polyaromatic hydrocarbons (PAHs) - tested for 18, found 9 


Pollutants from burning gasoline and garbage. Linked to cancer. Accumulates (0 
food chain. 


Es Polybrominated dibenzodioxins and furans (PBDD/F) - tested for 12, found 7 
Contaminants in brominated flame retardants, Pollutants and byproducts from plastic 
production and incineration. Accumulate in food chain. Toxic to developing 
endocrine (hormone) system 


Ml Perfluorinated chemicals (PFCs) - tested for 12, found 9 

Active ingredients or breakdown products of Teflon, Scotchgard. fabric and carpet 
protectors, food wrap coatings. Global contaminants. Accumulate in the environment 
and the food chain. Linked to cancer, birth defects, and more, 


a Polychlorinated dibenzodioxins and furans (PCDD/F) - tested for 17, found 11 
Pollutants, by-products of PVC production, industrial bleaching, and incineration. 
Cause cancer in humans. Persist for decades in the environment, Very toxic to 
developing endocrine (hormone) system. 


Organochlorine pesticides (OCs) - tested for 28, found 21 

DDT, chlordane and other pesticides. Largely banned in the U.S. Persist for decades 
in the environment. Accumulate up the food chain, to man, Cause cancer and 
numerous reproductive effects. 


Polybrominated dipheny! ethers (PBDEs) - tested for 46, found 32 
Flame retardant in furniture foam, computers, and televisions, Accumulates in the 
food chain and human tissues. Adversely affects brain development and the thyroid. 


ed | 


™= Polychlorinated Naphthalenes (PCNs) - tested for 70, found 50 

Wood preservatives, varnishes, machine lubricating oils, waste incineration. 
Common PCB contaminant. Contaminate the food chain. Cause liver and kidney 
damage. 


= Polychlorinated biphenyls (PCBs) - tested for 209, found 147 

Industrial insulators and lubricants. Banned in the U.S. in 1976. Persist for decades 
in the environment, Accumulate up the tood chain, to man. Cause cancer and 
nervous system problems. 


Source: Chemical analyses of 10 umbilical cord blood samples were conducted by AX YS Analytical Services (Sydney, AC) and Flett Research 
Lad. (Winnipeg, MB), 
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widely used brominated flame retardants and their toxic by-products; 
and numerous pesticides. 


Of the 287 chemicals we detected in umbilical cord blood, we know that 
180 cause cancer in humans or animals, 217 are toxic to the brain and 
nervous system, and 208 cause birth defects or abnormal development 
in animal tests. The dangers of pre- or post-natal exposure to this 
complex mixture of carcinogens, developmental toxins and neurotoxins 
have never been studied. 


Chemical exposures in the womb or during infancy can be dramatically 
more harmful than exposures later in life. Substantial scientific evidence 
demonstrates that children face amplified risks from their body burden 
of pollution; the findings are particularly strong for many of the chemicals 
found in this study, including mercury, PCBs and dioxins. Children’s 
vulnerability derives from both rapid development and incomplete 
defense systems: 


e« A developing child’s chemical exposures are greater pound-for- 
pound than those of adults. 


e An immature, porous blood-brain barrier allows greater chemical 
exposures to the developing brain. 


¢« Children have lower levels of some chemical-binding proteins, 
allowing more of a chemical to reach “target organs.” 


e Ababy’s organs and systems are rapidly developing, and thus are 
often more vulnerable to damage from chemical exposure. 


* Systems that detoxify and excrete industrial chemicals are not fully 
developed. 


* The longer future life span of a child compared to an adult allows 
more time for adverse effects to arise. 


The 10 children in this study were chosen randomly, from among 2004’s 
summer season of live births from mothers in Red Cross’ volunteer, 
national cord blood collection program. They were not chosen because 
their parents work in the chemical industry or because they were known 
to bear problems from chemical exposures in the womb. Nevertheless, 
each baby was born polluted with a broad array of contaminants. 


U.S. industries manufacture and import approximately 75,000 
chemicals, 3,000 of them at over a million pounds per year. Health 
officials do not know how many of these chemicals pollute fetal blood 
and what the health consequences of in utero exposures may be. 


Had we tested for a broader array of chemicals, we would almost 
certainly have detected far more than 287. But testing umbilical cord 


502 Appendix 13 


blood for industrial chemicals is technically challenging. Chemical 
manufacturers are not required to divulge to the public or government 
health officials methods to detect their chemicals in humans. Few labs 
are equipped with the machines and expertise to run the tests or the 
funding to develop the methods. Laboratories have yet to develop 
methods to test human tissues for the vast majority of chemicals on the 
market, and the few tests that labs are able to conduct are expensive. 
Laboratory costs for the cord blood analyses reported here were 
$10,000 per sample. 


A developing baby depends on adults for protection, nutrition, and, 
ultimately, survival. As a society we have a responsibility to ensure that 
babies do not enter this world pre-polluted, with 200 industrial chemicals 
in their blood. Decades-old bans on a handful of chemicals like PCBs, 
lead gas additives, DDT and other pesticides have led to significant 
declines in people’s blood levels of these pollutants. But good news like 
this is hard to find for other chemicals. 


The Toxic Substances Control Act, the 1976 federal law meant to 
ensure the safety of commercial chemicals, essentially deemed 
63,000 existing chemicals “safe as used” the day the law was passed, 
through mandated, en masse approval for use with no safety scrutiny. 
It forces the government to approve new chemicals within 90 days of 
a company’s application at an average pace of seven per day. It has 
not been improved for nearly 30 years—longer than any other major 
environmental or public health statute—and does nothing to reduce or 
ensure the safety of exposure to pollution in the womb. 


Because the Toxic Substances Control Act fails to mandate safety 
studies, the government has initiated a number of voluntary programs 
to gather more information about chemicals, most notably the high 
production volume (HPV) chemical screening program. But these 
efforts have been largely ineffective at reducing human exposures to 
chemicals. They are no substitute for a clear statutory requirement to 
protect children from the toxic effects of chemical exposure. 


In light of the findings in this study and a substantial body of supporting 
science on the toxicity of early life exposures to industrial chemicals, 
we strongly urge that federal laws and policies be reformed to ensure 
that children are protected from chemicals, and that to the maximum 
extent possible, exposures to industrial chemicals before birth be 
eliminated. The sooner society takes action, the sooner we can reduce 
or end pollution in the womb. 


Copyright © Environmental Working Group, www.ewg.org. Reprinted with permission. 
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Tests show 287 industrial chemicals in 10 newborn babies 


Pollutants include consumer product ingredients, banned industrial chemicals and pesticides, 
and waste byproducts 


Total number of 
Sources and uses of chemicals | ‘ a chemicals found in 10 
3 Chemical family name = 
in newborn blood newborns (range in 
individual babies) 


‘Common consumer product chemicals 47 chemicals 
(and their breakdown products) (23 - 38) 








7 chemicals 


Pesticides, actively used in U.S. | Organochlorine pesticides (OCs) (2-6) 





Stain and grease resistant 
coatings for food wrap, carpet, 


Perfluorochemicals (PFCs) 8 chemicals 








furniture (Teflon, Scotchgard, (4-8) 
Stainmaster...) 
“Fire retardants in TVs, Polybrominated diphenyl! ethers 32 chemicals 
computers, furniture (PBDEs) (13 - 29) 
‘Chemicals banned or severely restricted in the U.S, 212 chemicals 
(and their breakdown products) (111 - 185) 
ae phased out of use in Organochilorine pesticides (OCs) 14 Sp tg 
ride | * 


Stain and grease resistant 


coatings for food wrap, carpet, | Perfluorochemicals (PFCs) bchemmicals 

















furniture (pre-2000 Scotchgard) | = 
‘Electrical insulators | Polychlorinated biphenyls 147 chemicals 
(PCBs) (65 - 134) 
Bron $6 industrial chemicals ~ Polychlorinated naphthalenes 50 chemicals 
flame retardants, pesticides, } 
Ngee z (PCNs) (22 - 40) 
electrical insultators 
- 28 chemicals 
Waste byproducts (6-21) 
Polychlorinated and 
Garbage incineration and plastic Polybrominated dibenzo dioxins 18 chemicals 
production wastes and furans (PCDD/F and (5 - 13) 
PBDD/F) 
Car emissions and other fossil | Polynuclear aromatic 10 chemicals 
fuel combustion hydrocarbons (PAHs) (1- 10) 
Power plants (coal burning) Methylmercury . i x 
2 287 chemicals 
All chemicals found (154 - 231) 


Source: Environmental Working Group analysis of tests of 10 umbilical cord blood samples 
conducted by AXYS Analytical Services (Sydney, BC) and Flett Research Ltd. (Winnipeg, MB), 


The ultimate ignorance is the rejection of something you 
know nothing about and refuse to investigate. 


~ Dr.Wayne Dyer 
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Avoiding Autism 


By Anju Usman, MD and Beth C. Hynes JD, MBA 


Whether or not you are the parent of a special needs child, please pay special 
attention to this article, we do believe autism is totally preventable and that 
starts with pregnancy. Here’s to your health! 


Every parent’s dream is to have a healthy baby. Over the past ten 
years of working with families devastated by the diagnosis of autism, 
we, along with our patients’ parents, have realized one key fact: if 
we knew then what we know now, the diagnosis of the disease called 
autism could very well have been prevented. Considering that the 
cause(s) of the current epidemic of autism spectrum disorders (ASD) 
are unknown (and scant research dollars are being dedicated to finding 
the most likely culprits), there is no surefire method to avoid having 
your infant regress into this devastating state. That sad fact, however, 
does not mean that there are no proactive steps parents can take to 
try to mitigate the chances of this disease overtaking their baby and 
stealing their hopes and dreams for that child’s life. 


Having reviewed the medical and laboratory test results of thousands 
of children afflicted with ASD, clinicians using a biomedical approach 
to treating autism see repeating patterns in these children— 
impaired methylation and detoxification, mitochondrial dysfunction, 
gastrointestinal distress, and immune dysregulation compounded by 
chronic viral, fungal and bacterial infections and a burden of heavy 
metals and other toxins. From this perspective, we have come to view 
autism as a multifactorial medical disease that can be treated and 
overcome and, therefore, possibly avoided. Coming straight from the 
heart, this advice is for thinking, active parents and prospective parents 
who want to know what they can do to reduce the risk that their infant will 
regress into autism. In our practice, we have helped many parents go 
on to have healthy children even though they already have a child with 
autism. Considering that the information provided here is not harmful 
but, to the contrary, is helpful in promoting improved maternal and 
fetal health, there is little downside to pursuing these strategies while 
simultaneously minimizing the risk of having your child slip away into 


506 Appendix 14 


the autism epidemic. According to the latest statistics out of California, 
that epidemic continues to grow from the already shocking 1 out of 150 
children. The aim here is to provide an analytical construct that will 
guide parents in making choices for both their own health and that of 
their baby before, during, and after pregnancy. 


Think of the analogy of the straw that broke the camel’s back. Human 
beings start life as infants with some “straws” in their saddle — these are 
predispositions to be harmed by certain chemicals, to be susceptible 
to certain diseases, or to have a less robust detoxification capacity. 
The goal of gestating and parenting an infant in today’s toxic world is 
to not accumulate additional straws during your baby’s gestation and 
infancy, thereby avoiding adding the straw that breaks the camel’s back. 
Autism seems to occur when the infant’s body is so overwhelmed by 
toxins, viruses and/or pathogenic elements that typical development is 
arrested and/or derailed. 


Children diagnosed with autism have a variety of medical problems, 
the underpinnings of which can be ameliorated and/or healed. The 
symptoms associated with autism occur through malfunctioning of the 
infant immune, gastrointestinal, and central nervous systems (“Infant 
Body Systems”) — all of which, when functioning properly, contribute 
to the healthy development of the brain. Viruses, heavy metals, 
toxins, fungi, and bacteria together form a weapon that disrupts the 
development of, and harms the functioning of, these critical Infant Body 
Systems. As researchers have recently found, “a single toxicant may 
promote different immune-associated diseases that are dependent 
upon the specific window of early life exposure, the gender of the 
exposed offspring, and the genetic background of the offspring.” Our 
construct will consist of actions you can take to promote the healthy 
development of these Infant Body Systems as well as steps you can 
take to avoid upsetting the healthy development of those systems. 


Due to the symbiotic relationship between a mother and her developing 
fetus, care must be taken by the mom before, during, and after 
pregnancy (if nursing) to both avoid exposure to harmful elements 
and to promote optimal maternal detoxification processes so that the 
host body remains as clean an environment as possible within which 
vigorous infant development can unfold. 


Only recently have researchers begun closely linking environmental 
factors with developmental delays in our children. A host of studies 
show how environmental factors including diet, nutrition, air quality, 
clean water, heavy metals (e.g., mercury, lead, arsenic, and aluminum), 
xenobiotics (e.g., chemicals, pesticides, plasticizers, and perchlorates), 
pharmaceuticals, and vaccinations can change your child’s inborn risk. 
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This area of study is called epigenetics — the molecular changes in 
our DNA caused by environmental factors. In 2003, researchers at 
Duke University found that rats carrying a gene for obesity, cancer, and 
diabetes, when fed a diet high in B-12, folic acid, choline, and methyl- 
rich foods, had babies that were born healthy and with a reduced risk of 
developing disease; this research revealed that these genetic changes 
persisted across four generations. Thus, when you eat a healthy diet, 
you are affecting not only the health of your own kids but also your 
grandchildren, great-grandchildren, and great-great-grandchildren. 
Researchers are finding hundreds of unwanted and potentially toxic 
chemicals in the placenta and cord blood of newborns as well as in 
mothers’ breast milk. That means that today’s children are born with 
a toxic burden their infant bodies must contend with from day one. 
Studies out of China, Texas, and San Francisco show that if pregnant 
mothers can decrease their exposure to pollutants during gestation, 
they can improve health outcomes for their children — especially 
brain development. Compounds such as mercury, cadmium, nickel, 
trichloroethylene, and vinyl chloride in the air around the birth residence 
caused a 50% increase in the risk of autism. 


Numerous studies document the neurotoxic effects of heavy metals — 
especially dangerous to the developing brain is mercury. Yet, many 
of our children are actually injected with the mercury-containing 
preservative thimerosal in their infant vaccines. Although thimerosal 
has been removed from, or perhaps phased out of, many childhood 
vaccines, it still remains in the flu vaccine, which is recommended 
by health authorities to pregnant woman as well as to children under 
age 2. Mercury exposure is such a concern that pregnant women are 
advised by health authorities not to eat fish because of potential mercury 
contamination — yet injecting thimerosal is much more damaging than 
the exposure suffered through eating it in food such as fish. Vaccines 
also contain aluminum, formaldehyde, and other toxic elements as well 
as live viruses that, in a subset of infant bodies, can trigger harmful 
impacts. Heavy metals have also been identified as factors affecting 
human fertility. Diagnosing and reducing the heavy metal burden of 
women improved the spontaneous conception chances of infertile 
women. Women with many dental amalgams had a higher incidence 
of miscarriages and a higher excretion of mercury when given the 
chelating agent DMPS (2,3-Dimercapto-1-propanesulfonic acid). It has 
been found that DMPS was a useful and complementary method to 
increase fertility compared to hormone therapy in infertile women. 


With all this evidence mounting against various environmental 
toxins affecting human development, an international assembly of 
scientists, doctors, toxicologists, and researchers sponsored by the 
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World Health Organization (WHO), the European Environmental 
Agency, the Centers for Disease Control (CDC), and the National 
Institutes of Health (NIH) gathered in the Faroe Islands in May 2006. 
Their consensus statement was clear: “it is time to take action, now.” 
As expected, the declaration highlighted the results of hundreds of 
studies that showed early fetal exposures to toxic substances, even at 
low concentrations, can cause health problems later in life. There are a 
growing number of chemicals that affect the developing embryo, fetus, 
and infant, including the pesticides DDT, atrazine, methoxychlor, and 
vinclozolin. Also suspect are plastics and the epoxy resin bisphenol 
A, plasticizing agents called phthalates, mercury, lead, arsenic, 
organotoxins, polychlorinated biphenols (PCBs), carbon monoxide, 
smog, tobacco smoke, and alcohol. The health problems caused by 
exposure to these substances comprise a dizzying array of maladies 
including cancer, diabetes, obesity, asthma, and allergies as well 
as reproductive, cardiovascular, neurological, cognitive, endocrine, 
psychological, immune, and respiratory troubles. 


Other troubling chemicals include parabens (found in various creams 
and lotions) and triclosan, an antibacterial agent (found in toothpaste, 
soaps, and cleaning products). Although parabens and triclosan are 
not ingested, absorbing chemicals through the skin can be far more 
dangerous than swallowing because transdermal applications are 
transported directly to the bloodstream. Most women absorb 51 
pounds of chemicals every year from their cosmetics alone! Additional 
exposures emanate from daily lifestyle, profession, and locale. For 
those elements for which we have the flexibility to make choices, we 
must choose wisely. After all, it is not just our health that is being affected 
by our choices but the health of our children and progeny as well. 


Basic principles to guide you in decision making surrounding pregnancy 
are as follows: 


1. You are what you eat (and drink); therefore, make healthy choices 
in what you consume. 


2. Skin is the largest organ in the body, so be very careful of what you 
rub into yours and your baby’s. 


3. Think beyond “green”: What is “green” for the environment is not 
always what is healthiest for the body, but what is healthiest for the 
body is always “green.” 


Suggestions to promote these principles are below and are cumulative, 
so keep following each set of suggestions as this journey into and 
through parenthood progresses. 


TRE FERROGELL 
MAGNETISM & LIGHT SEEN LIKE NEVER BEFORE ‘' 


ae 


Invisible to the naked eye — «dark», unless illuminated. #ferrocell 
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Pre-Pregnancy 


While planning a pregnancy, we recommend that you clean up any 
toxicity in your body and begin to follow a more organic, healthy 
lifestyle. Remember, the less toxic you are, the better for you and your 
future baby. Undertake a sequential detoxification program that targets 
the liver and colon; this type of program can take six months or more 
and should not be done while pregnant. In a careful manner, with an 
experienced dentist, remove amalgams from your teeth, which also can 
take six months or more. Take the time now to find organic, nontoxic 
makeup, hair, and body products that you like and start integrating them 
into your daily life. Ask your doctor to run some tests to determine any 
additional specific supplementation you may need to optimize levels 
within your body; a good place to start is your copper-zinc ratio (1:1 is 
the ideal ratio), thyroid function (TSH, free t3, free t4), Vitamin D 25 OH, 
vitamin A levels, and total cholesterol (low cholesterol is associated 
with preterm births). 


Next, clean up your living and working environment. Remove all harmful 
chemical cleaning agents from your cleaning routine at home and at the 
office, and instead use cleaning products labeled level 1 by the EPA. 
Do not forget to include products for dishwashing and clothing detergent 
in your cleanup, and avoid toxic dry cleaning as much as possible. 
Finally, improve your nutrition with a targeted vitamin supplementation 
program to include omega-3 essential fatty acids, sublingual methy| 
B-12, folinic acid, vitamin D3, zinc, and antioxidants. 


Eat organic, hormone-free food 


Drink organic green tea, filtered 
water, and antioxidant rich 
organic juices 


Use stevia, raw organic honey, 
and xylitol as sweeteners 


Go for walks and get some 


sunshine daily 


Use aluminum-free natural 
deodorant in them 


Use natural hennas to color your 
hair 

Use cast iron, glass, or stainless 
steel cookware 


Use chemical-free cleaning 
products in your home 


Consume fish or foods w/MSG 
or food dyes 


Drink soda, carbonated 
beverages, or alcohol 


Consume artificial sweeteners 


Be exposed to lawn chemicals 
or second-hand smoke 


Use moisturizers or makeup 
with chemicals or parabens 


Use chemical dyes, perms, or 
other such hair treatments 


Cook with pans that are non- 
stick, Teflon coated, or made 
from aluminum 
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During Pregnancy 


We would suggest that you find a holistic health practice to guide you 
during pregnancy and delivery as there are many decisions to make 
during this time. In general, we suggest avoiding medications to the 
extent possible as well as acetaminophen because it hinders normal 
detoxification. Add zinc, calcium, essential fatty acids, and prenatal 
vitamins to your daily supplement intake. Discontinue use of nail polish 
and any makeup (including lipstick) products that contain parabens and 
other toxins. Use fluoride-free toothpaste as fluoride interferes with 
iodine metabolism, which is an issue implicated in mental retardation 
worldwide. 


Yoga and engage in stress 
management techniques, such 
as massages and listening to 
soothing music 


Eat fermented foods, cook 
with organic coconut oil, use 


Start a rigorous exercise 
program, sit in a sauna, or get 
dental work (not even cleanings) 


Wait until labor arrives to 
discuss NOT subjecting your 


organic raw apple cider as salad baby to vaccines 


dressing, and consume healthy 
fats, and cold pressed oil 


Talk on a cell phone without a 
headset or work with a laptop 


Use natural remedies for pain, 
computer on your lap 


like homeopathic arnica 


Drink kombucha and take 


probiotics Undertake a major home 


renovation (concern is for lead 
Run an air filter in your bedroom and other toxins in the process) 


while you sleep 





Infancy 


Healthy babies grow and develop perfectly when nature’s biochemical 
processes are allowed to unfold uninterrupted. The sequence of events 
that leads an infant to begin to focus, develop gross and fine motor 
skills, begin to speak and to walk is based on a delicate but deliberate 
series of biochemical processes and chemical interactions. A primary 
goal of raising a healthy infant is to avoid disruption or interference 
with this sequence. Babies look fragile and, indeed, they are. An 
infant’s immune system, which guards the rest of the body from harm, 
is immature and requires time and peace to mature maximally. Thus, 
help your infant progress uninterrupted by avoiding the introduction of 
toxins, viruses, allergens, and heavy metals into their bodies. In light 
of this, parents should consider an alternate, gradual vaccine schedule 
of carefully thought through vaccines for infants being raised in the 
domestic United States. 
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If you have amalgams and plan to nurse, you should send a sample 
of your breast milk to a specialty lab for heavy metal testing. If you 
plan to use formula, use those containing DHA (docosahexanenoic 
acid), an essential fatty acid critical to the healthy development of the 
central nervous system. In terms of food introduction, organic baby 
food is recommended. Start feeding with organic rice cereal. Avoid the 
introduction of soy, gluten, or dairy until after the baby turns two years 
of age. After one year, supplement your baby with a quarter teaspoon 
of mercury-free cod liver oil — again this is to increase the supply of 
omega-3 essential fatty acids. 


In terms of coping with baby colds and other minor illnesses, unless 
symptoms are severe, less is more when it comes to treatment. For 
fevers over 101’F, treat with a tepid bath or dye-free ibuprofen. Fevers, 
while nerve-wracking for new parents, are the response of a healthy 
immune system reacting to kill off an invading virus through heat. 
Antibiotics should be used sparingly and only for confirmed bacterial 
infections (they do not alleviate viral infections). Remember, antibiotic 
use disrupts the normal gut flora and promotes the overgrowth of yeast 
and resistant organisms that, in turn, harms the optimal functioning of 
the immune system. Bear in mind that most ear infections are viral and 
are thus not treatable with antibiotics. Use homeopathic ear drops to 
help ease the symptoms associated with ear infections and colds. 


Invest in an organic baby Clothe the baby in pajamas 
matress, bedding and soaked in flame retardant 
pillows and hypo allergenic chemicals 

encasements 


Use soaps, moisturizers, 
Bathe your baby daily in warm or other “baby products” on 
filtered water — enjoy the the skin as such items are 
experience with your baby! unnecessary and contain 


Feed with all organic and harmful chemicals 


hormone-free products Introduce dairy, gluten, or soy 


Feed baby using glass bottles until after age two 


Feed baby from plastic bottles 
or cups or microwave formula or 
breast milk 


Wearing a hat, walk outside with 
baby to get 10 to 15 minutes of 
sunshine daily 

Take your infant into polluted 


puna alr et iy baby = and heavily populated locations 


bedroom 





Source: http://www.autismfile.com/what-is-autism-facts/autism-symptoms/avoiding-autism 


Reprinted with permission. 


When a truth is not given complete freedom, 
freedom is not complete. 


~ Vaclav Havel 
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RECIPES 
Cooking with Ana 


Since 2001 Ana Bobadilla has been a chef to Kerri Rivera and family, including 
her son Patrick, who has a diagnosis of regressive autism. Over the years she 
has mastered gluten-free/casein-free to vegan to Atkins and back again. Her 
dishes always impress and nourish guests and family members alike. 


One of the most important pieces to the autism recovery puzzle is diet. As 
Kerri always says, if your goal is to heal autism, you must do The Diet. However, 
that is easier said than done for many families whose children have self-limited 
to grilled cheese sandwiches and pizza. 


A book is in the works containing dozens of delicious recipes using natural 
ingredients that can be found in almost any country. Ana has found unique 
ways to make foods that children on the spectrum can enjoy, without breaking 
the bank. The ingredients that she uses can be found all over the world, not 
just the US. They are presented here in a very approachable way so even if 
you are not a whiz in the kitchen your child will be able to enjoy what you 
serve. 


The following is a sneak peek from Cooking with Ana: 


Almond Milk 
Amount: | L of milk 


° 1 cup of peeled almonds 
¢ | Lof filtered water 
¢ Stevia and vanilla to taste 


Preparation: 


To a saucepot of boiling water, add the almonds. Remove immediately from 
the fire. Allow almonds to soak for 20 minutes, remove them from water, 
rinse, dry and blend in a liter of filtered water. Strain the liquid through a 
piece of cheesecloth until all the water is drained. Add agave syrup and vanilla 
to taste. 
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Vegetable Fries 


3 Servings 


Ingredients: 


¢ 3 Carrots 
* 1 cup oil 
e Salt to taste 


Preparation: 


Peel the carrots and then form very thin slices using the same peeler. Pat dry 
with a piece of cloth to remove any excess water. Heat oil in a frying pan and 
fry carrots. When frying be very careful because they can quickly burn, be 
sure to have a slotted spoon ready to remove from the oil as soon as they are 
crisp. After frying carrots remove excess oil with a paper towel and sprinkle 


some salt on top of them. 


You can also do this recipe with banana, potato, sweet potato or jackfruit. This 


is a great alternative to French fries or if you want to eat something crunchy. 


Beef or Chicken Tostadas 


4 Servings 


Ingredients: 


¢ 5 ground chicken breasts or beef filets 
¢ 1 cup of rice or coconut flour 

¢ 1 cup of oil 

e Salt and pepper to taste 


Preparation: 


In a mixing bowl, combine the ground chicken, flour, salt, pepper and a '2 cup 
of oil. Mix thoroughly until a uniform dough results. Take approximately 2 
tablespoons of the dough and form small tortillas/flat circles with it. They 
should be approximately '/4 inch think and 4 inches wide. Fry in a layer of oil 
until cooked through, and a thin outer crust forms, or bake in a 350 degree 
oven, after pouring a dollop of oil on top of each tostada. 


Recipes - Cooking with Ana Bobadilla 


Coconut Bars 


15-18 bars 


Ingredients: 


3 cups of vegan butter (or coconut oil) 
1 cup of honey 

1 cup of raisins 

1 cup of grated of coconut 

1 cup of walnuts 

] tablespoon of salt 


Preparation: 
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In a saucepan over medium heat combine honey and butter, stirring constantly 


for a few minutes until thoroughly combined. Remove from heat and mix with 


all other ingredients. Spread in a 9x13 casserole pan without oil, and bake in 
an 350°F (180°C) over for 25 minutes until it sets. Allow to cool, and cut into 
small rectangles. 


Get people back into the kitchen 
and combat the trend toward 
processed food and fast food. 


~ Andrew Weil 
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Websites We Like 


General: 


& Our website containing the latest information about our 
research, videos, forums, etc. 
www.cdautism.org 


® The Spanish version of our website. 
www.autismo2.com 


& Curando el Autismo is a Puerto Rican organization created 
by three mothers of children recovered from autism who 
have an interest in helping the community learn about 
their options. 
www.curandoelautismo.com 


&Y Defeating Autism - Non-Profit Organization in Venezuela 
that utilizes Kerri’s Protocols. 
www.fundacionvenciendoelautismo.blogspot.mx 


&Y Autism Research Institute originally founded by Dr. 
Bernard Rimland. Home of the ATEC survey. 
www.autism.com 


& Our public Facebook page. 
www.facebook.com/groups/AutismCD 


& CD Health: Facebook group dedicated to using the 
protocol for non-autism related issues. 
www.facebook.com/groups/mojoother 
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Diet: 


&Y Website forcused on the Specific Carbohydrate Diet™ 
(SCD) in English. 
www.pecanbread.com 


& Top 10 FAQs about the Specific Carbohydrate Diet (SCD) in 
Spanish. 
www.pecanbread.com/pandenuez/10preguntas.html 


&Y Autism Network for Dietary Intervention 
www.autismndi.com 


& Gluten Free/Casein Free Diet Intervention website. 
www.gtcfdiet.com 


® Intestinal health through diet with the Specific 
Carbohydrate Diet™ 
www.breakingtheviciouscycle.info 


& Resource for naturally healing digestive disease, reducing 
stress and living a long, healthy life. 
www.scdlifestyle.com 


® The Feingold® Association is a non-profit organization 
helping provide dietary management and generate public 
awareness of the role food and synthetic additives play in 
behavior, learning and health problems. 
www.feingold.org 


Chlorine Dioxide (CD): 
& Jim Humble’s MMS (CD) website. 


www.jimhumble.org 


& Another popular site about MMS (CD). 
www.mmswiki.org 


& Spanish site selling various books about MMS (CD) 
www.voedia.com 


DELTA T GENERATOR 
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&Y Andreas Kalcker’s website (in English) 
www.andreaskalcker.com 


& CD research site by Andreas Kalcker (in Spanish) 
www.medicasalud.com 


® A huge public health forum with thousands of discussions 
about every imaginable health topic. Also includes surveys 
about various topics. 
www.curezone.com 


& Good sources of CD and other related supplies. 
www.wps4sale.com 
www.mightyguts.com 


® The latest information on CDH. 
http://www.mmsinfo.org/infosheets/infosheet_cdh.pdf 


Hyperbarics: 


&Y Good source of information about Hyperbaric Oxygen 
Therapy. 
www.hyperbaric-oxygen-info.com 


Other Valuable Source of Information: 


& PubMed comprises of more than 23 million citations for 
biomedical literature from MEDLINE, life science journals, 
and online books. 
www.ncbi.nlm.nih.gov/pubmed 


& Parents Helping Parents - PA.N.D.A.S. Network:A 
Resource Library of Medical Studies and Case Histories 
www.pandasnetwork.org 


& International OCD Foundation 
www.ocfoundation.org/PANDAS/ 
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Videos / Audio of Interest: 


& Video Testimonials. This link contains various health 
testimonials related to MMS, many are about autism. 
www.youtube.com/mmstestimonials 


&Y AutismOne 2012: 38 Children Recovered in 20 months 
with MMS by Kerri Rivera 
www.autismone.org/content/38-children-recovered-20-months- 
mms-0 


& Video about Kerri, produced by Daniel Bender in 2012. 
www.youtube.com/watch?v=HnCix5bll-Y 


& Kerri speaks in Bulgaria, 2013 (Voice in English, slides in 
Bulgarian) 
www.youtube.com/watch?v=4OxNGIEWzds 


& Kerri on the Robert Scott Bell Show 
http://www.youtube.com/watch?v=-1zJhr5VhxE 


& MMS Autism Webinars 
http://www.ustream.tv/channel/mms-autism-webinar%20 


& Patrick Timpone interviews Kerri Rivera (8/15/2013) 
http://oneradionetwork.com/health/kerri-rivera-healing-the- 
symptoms-known-as-autism-children-are-not-born-with-autism-so- 
they-should-not-die-with-it-august-15-2013/ 


& Patrick Timpone interviews Kerri Rivera (11/18/2013) 
http://oneradionetwork.com/health/kerri-rivera-encore-interview- 
healing-the-symptoms-known-as-autism-using-parasite-protocols- 
and-chlorine-dioxide-november- 18-201 3/ 


& Bulletproof Executive Radio with Dave Asprey (11/27/2013) 
http://www.youtube.com/watch?v=R7s71IYj2SCs 
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Direct Help from Kerri Rivera 


Consults 


Since the release of the first edition of the book, we have found that when 
families decide to implement The Protocol some do not need further 
assistance beyond reading the information in this book, using our online 
support groups, YouTube videos, and attending conferences. However, there 
are some of us who need a more personalized approach and support to 
navigate the information, or would like ideas on dosing or timing. 


For those of us who need or want that additional support, consults are 
perfect. We can work together to map out a plan for the parent/family and 
child, brainstorm through challenges, or just know that you will never walk 
alone. Whatever the case may be | am available if you need me. | am fluent in 


English and Spanish, and we can use a translator for other languages. We can 
speak over the phone or on Skype. 


As time goes on, more and more practitioners will be able to support families 


while using this protocol. In the meantime, If you would like to set up a 
consult with me, please click on the “Consult Kerri” button on... 


www.CDAutism.org 


..and follow the instructions there. 


















Kerri Rivera’s undivided attention * discussing your child “7 
$100 = priceless. Tonight, instead of living it up in Mexico, 


] her Friday evening on the phone doing a consult 
ie Ae only he the consult informative but also highly 
enjoyable. Kerri’s energy is contagious, her vision boundless 
and her sense of humor edgy just the way | like ith, Kerri , 
thank you for rocking our world! You are an amazing lady an 
my family is eternally grateful for your love of our ee 
Peeps, if you are new, stuck, confused or you want a a d ig 
understanding of the protocol PLEASE, PLEASE, PLE 
take advantage of this opportunity. I've done a milion consults 


over the years but this was by far my favorite. 


About the Author 


Kerri Rivera is a native of Chicago, 
but has lived the last 19 years of her 
life in Puerto Vallarta, Mexico with her 
husband. Both of her sons were born 
there, and 13-year-old Patrick is currently 
in autism recovery. Kerri is the founder of 
AutismO2, a non-profit autism clinic based 
on what is formerly known as the Defeat 
Autism Now! approach. Located in Puerto 
Vallarta, the clinic opened in 2006. Kerri 
is the clinic’s biomedical consultant as well 
as a consultant for Curando El Autismo 
(Latin America), and Venciendo el Autismo 
(Venezuela). 





At the request of Dr. Bernard Rimland, she was responsible for translating 
the Defeat Autism Now! protocol to Spanish and donating it to the Autism 
Research Institute, so it could be applied throughout Latin America. Since 
then she has helped over 3,500 families in over 58 countries to improve the 
lives of their children on the autism spectrum. She has become the foremost 
expert on the use of CD (chlorine dioxide) for spectrum disorders. Since the 
addition of CD to the biomedical protocol she has seen 115 children recover 
from autism in the past 2.5 years. 


Since 2007 Kerri has lectured internationally on the Biomedical Protocol 
for autism and CD for autism. She has been featured on One Radio Network 
with Patrick Timpone, The Bulletproof Executive with Dave Asprey, The Mother 
Cub Show, Thought for Food, Enlightened Health Radio with Justin Elledge, 
Voice America, and The Robert Scott Bell Show. She is the Mexican Liaison for 
AutismOne. Kerri graduated as a Certified Homeopath in June of 2013. 


Our greatest weakness lies in giving up. 


The most certain way to succeed is always to try 
Just one more time. 


~ Thomas Edison 


The world of autism is rocking again. Kerri Rivera has done it. In this comprehensive book 
she has condensed and simplified the core elements of the biomedical approach, 
those that work 90% of the time on 90% of the children. Her focus on using a unified and 
affordable approach to reduce the body burden of chronic infections and 
infestations is addressing the very core issue of most autistic children and adults. 

It has made her method the most powerful tool to this day to help many children 
recover safely, inexpensively and solidly. Her research is validated by the enormously 
positive response from parents from all over the world. 


—Dietrich Klinghardt MD, Ph.D. 


EXCITING UPDATES TO THIS EDITION INCLUDE: 

A new method of CD preparation » New parasite protocol charts 
Lunar calendar * Many new testimonials 
aw-1~1e1((e]ame}ame)iel(—iak-Mce)(-Miamanle)(—cee|-lmanlienleimvar-larem-lelCo)iaalaalel alin 
Talco)aant=\ce]ameyamal=1/e)| ace Me) (e{—1mre)mz(e)(-18) @ar-le(e|e—-t-1\V Meal] (el t—1a) 


In the seven months since the release of the first edition of 
Healing the Symptoms Known as Autism, 22 more children 
have lost their autism diagnosis and returned to a state of 
health, for a total of 115 recovered children and counting. 
Hundreds more have lost ATEC points, as well as shown 
many cognitive, behavioral, emotional and physical gains 
thanks to the protocol outlined in these pages. This edition 
includes all protocol updates and a whole lot more 
information that can benefit families of children and adults 
on the spectrum. 





In 3 years, 115 children previously diagnosed with regressive autism were 
able to shed their diagnosis, their symptoms and return to an overall state of 
health and vitality. If you have any interest in finding out how they were able 
to heal you need to read this book. Kerri has a heart for children with autism, 
and she cares greatly about recommending safe, economical interventions 
that are helping to confront an epidemic. 


With over 180 


{ll ll (I 
from around the world! ALAA | | : 


—Teri Arranga 
Executive Director of AutismOne (www.autismone.org) 
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How to Detect & Treat a Parasitic Infection 


"Ninety percent (90%) of the world population is infected with one or more parasites in their body, being able to coexist in the same 
host with up to five different types. The danger comes when the balance is upset, within the host, skyrocketing the number of 
parasites and the host starting to show signs of serious illness and even death in some cases. Parasitic infections caused by parasitic 
worms do not always cause disease in man, a number of carriers have been found who are fully healthy. Parasites are silent 
murderers claiming unsuspecting victims living in a people world that does not even imagine they exist." 


By Dr. Andreas L. Kalcker, Ph.D & Miriam C. Maceda 

English Translation: Mercy Acevedo, Proof Reading: Karl Wagner 
http://educate-yourself.org/cn/detectandtreatparasites | 2aug12.shtml#top 
August 12, 2012, E-Y posted Feb. 14, 2015 


How to Detect & Treat a Parasitic Infection (Feb. 14, 2015) 


Facebook Censorship 
To post this article on Facebook, link to the TinyUrl seen below. Facebook will remove any article identified as coming from educate-yourself.org 
http://tinyurl.com/hi54enf 





[Ken Adachi Note: Dr. Hulda Clark will eventually be acknowledged by history as one of the greatest medical sleuths of the modern era for her recognition of the pivot 
role which parasites play in all disease conditions. Her Cure for All Diseases book goes into many details about eliminating parasites, but she her 18 page published 
synopsis called "New Concepts" explained her latest stretegies for detecting and eliminating parasite infestation that you will find very informative and useful. 





I did not realize that Andreas Kalcker had a web site until I recently watched a few videos that he and Kerri Rivera had made in 2014 at an autism conference where he 
made reference to his web site. Once I found it, I was delighted to find this gem on getting rid of parasites with simple home remedies. Andreas made an important 
speculation in one of his videos that the reason that some vaccinated children get autism and others don't, may be the degree and extent of the vaccine's complex inter- 
reaction with parasites in the child's body (as all kids with autism are loaded with parasites, that once removed, results in a kid without the symptoms of autism). 90‘ 
of the world's population has parasites (including you) and most of us don't know it because we don't see any outward signs of the parasite's presence - except the 
asthma, or fatigue, or bloating, or diabetes, (or the mysterious anal itch that occurs periodically about every two weeks at full moon or new moon) etc. As you will lean 
below, it's not difficult to remove parasites using the inexpensive, natural remedies recommended here, although you may have to keep at it for 6 months to a yea 
until all of your parasites (and their eggs) are completely removed. Re-infection can happen easily, so we have to keep up a maintenance schedule for the rest of our liv 
if we want to enjoy a parasite-free (and healthier) existence. You won't discover how many parasites are in your body until you make the effort to take the herbal remec 
described and see the evidence yourself in the toilet bowl. Once that happens, you'll be on your way towards a healthier and happier you because you now know what 
have to do. I took the liberty to slightly tweak the English and added some links to make it easier to find the parasite remedies online. I hope that those of you who mak 
the effort and see the results will send me an email to report on your discoveries. See the Dr. Hulda Clark parasite examination videos embedded at the bottom of this 
article. ] 





http://andreaskalcker.com/en/health/parasite/116-parasite.html 
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Parasitic infections are very 
common, more than you thir 
and they may or may not cai 
us serious health 
complications. We could suf 
from various types, dependi 
on the size of the parasite or 
whether they are inside or 
outside the body. There are 
microparasites such as malai 
that are only visible under tk 
2 microscope or large 
macroparasites, such as roundworms or flat intestinal worms (tapeworms) that can reach great sizes. Parasites are not only found in the intestine, as is generally thougt 
but anywhere in the body: the lungs, liver, muscle, stomach, brain, blood, skin and even in the eyes. 





The great migratory movements of population, rapid transportation, and trading, have shortened the distances and diseases that used to be common localized diseases, t 
now turned into universal common ailments and vice versa. Parasites previously confined to very specific areas, now appear in other locations far away from their initi: 
focus. This situation is favored by the socioeconomic conditions of the masses of people on the planet. A high percentage of the world's population suffers from 
infections by parasites, which are responsible for the death of 15 million children annually. 


To this situation we can add the fact that the parasites have developed multiple mechanisms of evasion and resistance to specific immunity, which allows them to 
circumvent and cancel the host immune response, resulting in chronic and persitent infections. The persistence of parasites in human hosts leads to chronic immune 
reactions that can damage tissue and cause alterations in immune regulation. 


Ninety percent (90%) of the world population is infected with one or more parasites in their body, being able to coexist in the same host with up to five different typ: 
The danger comes when the balance is upset, within the host, skyrocketing the number of parasites and the host starting to show signs of serious illness and even death 
some cases. Parasitic infections caused by parasitic worms do not always cause disease in man, a number of carriers have been found who are fully healthy. Parasites a1 
silent murderers claiming unsuspecting victims living in a people world that does not even imagine they exist. 


Doctors in Western Europe and the U.S. do not contemplate the possibility that we may be infected with parasites, but with modern circumstances like the 
immigration of people across continents, the problem has become much more common than anyone can imagine and often parasites are causing many of the rare diseas 
or other conditions such as chronic fatigue, fibromyalgia or arthritis that are causing so much damage lately in our communities. 


The most common Vermiosis are intestinal. People who have them lose large quantity of nutrients, which are absorbed by the parasite, while erosions that originate in 
digestive tract can be the gateway to various infections. Intestinal worm infections are very common and affect many, not only people with dirty and poor hygiene habi 
Worms are parasites that are transmitted by ingesting eggs produced by the parasites themselves. These eggs hatch in the intestinal tract. 


A parasitic infection can be acquired through one or more of these scenarios: 


- From someone else, more or less direct contact (by faeces or sexual). 

- From self-infection, for example, in the anal-hand-mouth way because the scratching of the anal area can drag the eggs. 
- From congenital transmission (mother to fetus). 

- From common contaminated objects . 

- From from soil contaminated by human or animal excrement [E.g. cat litter box]. 

- From eating contaminated raw or undercooked meat. 

- From eating raw fish. 

- The traditional foods of some countries include it in their recipes. We can avoid consumption of the larvae of worms by freezing the meat or the fish for 
twelve hours. [Seen note | at end of document]. 

- From drinking contaminated water 

- From contaminated vegetables or fruits: 


Many times we eat poorly washed vegetables or fruits. There is a misconception when we think that vegetables from organic farming are free 
from any problems, pesticides or chemicals. The danger is that the eggs or larvae of the worms reach the ground through animal waste and 
decomposed forms of natural compost and manure in the field. There are eggs, such as Ascaris, which can survive in soil under extreme 
temperatures for as long as five years. It is very important to perform a thorough cleaning of fruits and vegetables; and never eat anything raw, 
straight from the ground, however healthy it may seem. 


- From parasitized animals: 


Infections are very easy to spread by contact with pets. Veterinarians can't insist enough about the quarterly worming of our animals, but there 
are steps we must take on our own to avoid contamination. 


De-worming your pet at least every three months for life, as directed by your veterinarian during the first month, should be done every week. 
Prevent pets from eating raw viscera. If animals eat raw meat or raw bones the best option is to freeze the food in advance for twelve hours. 
After deworming the animal, their feces must be destroyed during the 8 days of treatment. It can be burned and buried. If the treatment is 
working, the animal would be, expelling the worms throughout the faeces or vomit. Avoid being licked in the mouth by the animal as these are 
in direct contact with feces, soil and its own anus. When petting an animal, wash your hands with soap and water before eating or handling food, 
as the eggs of the parasites remain in the animal's hair. 


- Do not walk barefoot or with open toe shoes in soil, wet soil or sand. 


Symptoms of parasitic infections 
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The different types of worms and toxic waste produced by parasites in our organism may cause the following widespread problems: 


Chronic diarrhea or diarrhea caused by poor absorption of food 
Chronic Constipation 
Gas and bloating (Important after meals) 
Digestive problems 
Excessive bowel movements (Intestinal movement after eating) 
Abdominal pain. 
Mucus in stool 
Leaky gut 
Frequent vomiting and nausea 
Hemorrhoids 
Burning in the stomach 
Blood in stool 
Intestinal irritation 
Intestinal obstruction 
Swollen eyes 
Fever 
Pancreatitis 
Malabsorption syndrome 
FATIGUE - The toxic waste metabolic overload overworks the organs of elimination and causes central nervous system disorders like: 
1. Chronic Fatigue Syndrome 
2. Low energy 
3. Lethargy 
4. Extreme weakness 
5. Internal cold 
6. Cold in the extremities 
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SKIN DISORDERS & ALLERGIES: 


Parasites that penetrate the skin cause itching. When the tissue is inflammed by these parasites, white blood cells increase the body's defense. This reaction causes skin 
rashes and food allergies are not far away. Parasites also create toxins and the skin, being the largest organ, tries to eliminate them therefore many skin problems are fel 
Symptoms include: 


Dry Skin 

Dry Hair 

Brittle hair 

Hair loss 

Allergies 

Itchy nose 

Anal itching 

Itchy skin 

Urticaria 

Jaundice 

Allergic reactions to foods 
Crawling sensation under the skin 
Eruptions 

Eczema 

Skin ulcers 

Swelling 

Sores 


MOOD PROBLEMS AND ANXIETY: 


Toxins that are released by the parasites can irritate the central nervous system. Anxiety and nervousness often are caused by parasites that run throughout the body. So 
of the problems caused are: 


Mood swings 

Anger and irritability 
Nervousness 
Depression 
Forgetfulness 
Confused thinking 
Restlessness 
Anxiety 

Slow reflexes 
Obsession 

Lack of coordination 
Disorientation 


SLEEP DISORDERS: 


The physical presence of the parasites are a nuisance to the body. The body reacts to them during rest periods, since during the night is when the parasites are most acti 
Nocturnal awakenings are common, especially between 2 and 3 am, when the liver tries to rid the body from toxins produced by parasites. This in turn produces: 


~ Insomnia 

~ Grinding of teeth during sleep 

~ Bedwetting 

~ Drooling while sleeping 

~ Sleep disorders - multiple awakenings during the night 
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GROWTH PROBLEMS, WEIGHT AND APPETITE: 


The parasites usually live without being detected by the hosts, rob the body of all essential nutrients of the food eaten. Many overweight people who are infected with 
parasites, go hungry for lack of essential nutrients and this forces them to eat in excess due to parasites. Furthermore, depending on the type of infestation, many people 


are malnourished and can not gain weight. 


Some symptoms are: 


Weight gain 

Weight loss 

Long-term obesity 

Loss of appetite or uncontrollable hunger to eat more than usual 
Inability to gain or lose weight 

Muscle and joint pain 


In children, poor growth, physical, age and intelectual development Obsession and compulsion to eat sweets or very specific foods 


Parasites can travel to almost all soft tissues, particularly at the joints and the muscles that cause cysts and inflammation and often get mistaken for arthritis and muscle 


pain. Toxins from parasites can also accumulate in the joints and muscle tissue causing: 


Muscle spasms 

Muscle pain 

Joint pain 

Muscle cramps 

Numbness of the hands or feet 
Chest Pains 

Pain in the navel 

Pain in the back, thighs or shoulders 
Arthritic pains 

Rapid heartbeat 

Fibromyalgia 

Seizures 


BLOOD DISORDERS: 


The parasites absorb the good vitamins from the body like iron and sugars, resulting in: 


e Hypoglycemia 
e Anemia 


SEXUAL AND REPRODUCTIVE PROBLEMS: 
A weakened immune system because of parasites and their waste can also experience: 


e Male impotence 

e Erectile dysfunction 

e Premenstrual syndrome 

e Candida - Yeast Infections 
e Urinary Tract Infections 

e Cysts and fibroid 

e Menstrual problems 

e Prostate problems 

e Fluid retention 


RESPIRATORY DISEASE: 


The passage of larvae through the respiratory system or larval invasion on the lungs may cause symptoms such as: 


Drowsiness [sleep apnea] 

Shortness of breath or respiratory failure 
Dyspnea [shortness of breath with slight exertion] 
Acute bronchitis 

Asthma 

Pneumonia 

Irritative cough 


OTHER PROBLEMS: 


Foreign body sensation in the throat or discomfort 
Difficulty swallowing 

Cough or coughing up blood 

Circulatory problems. numbness in the extremities, difficulty in moving. 
Excess of saliva 

Blurred vision 

Bad breath 

Low immune response 

Fever 

Breathing problems 

Peritonitis 

Chronic symptoms viral or bacterial 

Body odor 


PARASITES IN CHILDREN: 
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We can speak of asymptomatic and symptomatic stages. The former are usually found in adults. Symptomatic stages occur mainly in children, in which we can usually 
observe: Weight loss, anorexia, growth retardation, headaches, cramping, diarrhea that alternates with periods of constipation, nervousness and irritability, nasal itching 
and / or anal urticaria. The Tapeworm, because of its size, consumes enormous amounts of food that it obtains from the child's consumed nutrients. This can affect thei 
normal development. Treatment is simple, but it requires that the head of the tapeworm is removed, otherwise it will continue its growth. 


MEASURES IN THE HOME ENVIRONMENT TO PREVENT REINFECTION: 


It is important to treat all people and pets who live in the same environment to prevent that person from infecting others. Reinfection occurs through underwear, beddin 
towels and household items such as children's toys or animals that have been in contact with eggs. It is important to wash parts at a temperature not below 60 ° C [140 ‘ 
F], including all clothing that has maintained contact with intimate body areas. You have to wash all bed linen and underwear daily (or to the extent possible) while 
performing antiparasitic therapy. Affected individuals should not share their swimwear with other members of the family and would have to use one cloth to wash his 
anal area and another one for the rest of the body. 


e It is necessary to sleep with underwear and pants if possible to avoid involuntary scratching of the anal area at night, so the eggs will not get under the fingernails 
Keep pets away from the place of rest of their owners, such as beds, sofas, blankets and cushions. 

e Thoroughly wash fruits and vegetables in water and soaking them in MMS or CDS solution for a few minutes. 

¢ Clean the sink with alcohol as the eggs of many parasites are immune to the pH of the cleaning products such as soap or bleach. 

e Itis important to note that the parasites do not leave any kind of immunity behind, therefore, once rid of them, the person who has suffered can become reinfecte: 
again by exposure to the eggs. 





EVOLUTIONARY CICLES OF INTESTINAL PARASITES: 
There are many more, but these are the three most common types of intestinal parasites that can be found in developed countries. 
ASCARIS LUMBRICOIDES: 


In the case of the Ascaris, these worms reproduce easily, and a single female can produce up to 200,000 eggs each day. This parasite is very common, especially in dar 
conditions and when hygiene measures are not adequate. It can affect the entire opulation, but mostly children, seriously disrupting their development and growth. 


[Note: Dr Hulda Clark says on page 43 of her book, The Cure for All Diseases (on page 67 of pdf), that "...everyone with asthma tested positive for Ascaris in their 
lungs" Another Hulda Clark quote from page 43: "What if you always found _every mysteriously ill person had some unsuspected parasite or pollutant?"| 





Ascaris life cycle 


Ad = infective Stage 
A: Diagnostic Stage 









2) Fertilized egg i 2] Unfertilized egg A 
will not undergo 


biological development 
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Ascaris is so infectious, the World Health Organization estimates there are about 2,000 million [two Billion] people infected worldwide, of which about 20% of ascaari 
cases end in death. The eggs of the parasites reach the duodenum through the mouth of the host. Gastric juices digest the egg envelope releasing the larvae. These larva 
(which have high mobility) penetrate the duodenal mucosa, going for the liver. They then continue their migration to the heart, reaching the lungs through the pulmona 
circulation, reaching the pulmonary capillaries, where they are trapped. There, the larvae break the capillary endothelium penetrating the alveoli, bronchioles and 
bronchi up through the pharynx. Once the epiglottis is flanked [See note 2], larvae are swallowed, returning again to the duodenum, where they complete their 
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maturation process. This process takes approximately two to three months to complete, therefore we should calculate that to find ourselves completely parasite free tl 
initial treatment should be done for one year. Then you only need to follow a routine de-worming of two to four times a year. 


Ascaris intestines 





Keep in mind that eggs are expelled with the feces (human or animal) to the environment where they can survive even in harsh conditions, favoring the persistence of t 
parasite. They are resistant to low and high temperatures, desiccation, strong acids, soaps, chlorine and formaldehyde (pH between 2 and 11) can live in planted soils 
between 7 and 12 years, creating a "hotbed" and making them almost indestructible. They get transported through dust flying within the air currents and are inhaled 
and / or swallowed. From these environments we have recovered eggs from nasal mucus, paper money, potting soil, dust in rooms, etc. 


Taenia Saginata and Taenia Solium [tapeworms]: 


The taenias reach humans when humans eat their eggs through the tissue of cattle infected and pigs. The larvae encysted in the muscle tissue of the animal is swallowec 
and their development takes place in the human digestive system. Humans are hosts for T. saginata and T. Solium. The tapeworm is also known as Solitary usually no 
more than four specimen are found in each individual. The danger of this parasite is that the larvae can migrate to the brain or other vital organs (cysticercosis). It can t 
detected because as the parasite grows it is discarding segments that can be seen in the stool. They can usually live in their host for many years in a totally 
asymptomatic way detected only by the white flat strips in the stool. According to the classification they have a variable size between 2 and 12 meters in length. It 
consists of a head called scolex, which attaches to the intestine by means of suction cups, and a body consisting of repeating units called proglottids it can reach up to 
1,000 or 2,000 proglotids, depending on type. A tapeworm can produce an average of 720,000 eggs per day. 


Pinworms (Enterobius vermicularis): 


Humans are considered the only host of what are commonly called Pinworms (Enterobius vermicularis). This type of worm is the most typical in the family because 
its easy propagation. It is common for children to re-infect over and over in schools or in their games by scratching the anus and introducing the dirty hands in their 
mouths. Pinworms have an elongated shape, are whitish and about | cm long. They inhabit the large intestine of humans. Females place eggs on the outside, around the 
anal opening. Once deposited, the eggs are infective for a period of up to 20 days. Once in the intestine, it takes between 5 and 8 weeks to develop into adult worms. 
The most important symptom is intense itching that occurs in the anal area, especially at night. In women inflammation of the vulvar area is very common . Unlike oth 
parasites, they infect only humans. Eggs are laid between the folds of the anus. Reinfection occurs when infected eggs reach the mouth via our own hands that have 
scratched the anus. Transmission from person-to-person happens when handling contaminated clothing, bed sheets, towels and environmental surfaces contaminated w 
pinworm eggs (such as curtains, carpeting) as they are extremely volatile. A small number of eggs can be integrated into the air and then inhaled and follow the same 
developing ingested eggs. Enemas are extremely useful in removing this parasite of the large intestine. 


Graham's method is a simple method of detection. Just after waking and before stool, using tape to hold the remains of eggs or parasites which are situated between t 
anal folds. At first glance we can see small worms no more than an inch, but if we have a microscope, we can see the many transparent eggs from females and even oth 
species. 


The importance of lifelong deworming: 


Once we begin the process of deworming we should be aware that we must maintain this habit of cleaning for the rest of our lives to enjoy a good and balanced health. 
is common among people who have pets, to keep the processes recommended by veterinarians, deworming their pets every three months. It is interesting to ask why 
family physicians do not advise or alert individuals about the existence of this problem among humans. Maybe we have to consider the possibility that they ignore it or 
are unaware of the importance to eliminate these harmful pests, as harmful for animals as for people. It is true that many parasites are not endemic or common outside 
certain climates, but human migration and marketing of food products traveling around the world have propagated the spread of many parasitic pests silently. Each 
parasite has its own life cycle and involves the development of a parasite during different stages of their life since the beginning of his life until he reaches maturity, 
reproduces and dies. 


In the case of intestinal parasites, which are treated here, they can live in the host for up to ten years, as in the case of a single Taenia, or the entire lifetime of the host 
reproducing again and again, as in the case of the Pinworms or the well known Ascaris. 


THREE MONTHS DEWORMING PROTOCOL: 
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In the kind of fast society we live today, we have lost touch with the ancient wisdoms. One of the things we have forgotten is to follow the natural cycle of the moon fo 
many of our routines, so it is important to begin treatment within three days of the full moon day and continue until the waning moon. The effectiveness of this time 
period is greater in this cycle because much of the nematodes travel back into the intestine to mate during the full moon period. During treatment, especially at first, it i 
completely necessary to use MMS enemas daily or fairly continuous; also purging with castor oil, a mineral purgative such as Epson salts or a preparation of the plar 
and the leaves of Senna available online [also called Senn]. This treatment is specially designed for the deworming of large parasites, especially round nematodes such 
Ascaris. It is effective for most nematodes but may not be effective against tapeworms. In the case of infestation by Tenias the treatment recommended is Niclosamide 
[available online] , being the medication preferred for its low toxicity. 


Day 1: 


Pyrantel-Pamoate (single dose in the morning) 10 mg / kg, administered as a single dose together with any liquid. 





¢ If purchased in liquid form, a Sml teaspoon contains 250 mg (for 60 kg three 5ml teaspoons). In tablets take 3 pills for 60 Kg 
e Diatomaceous earth [available online 10 lbs food grade Best Buy, 2 lbs food grade, | lb. food grade] (two doses) A dessert teaspoon (Sml) twice daily with mea 
preferably with liquid. Morning and afternoon. 


Day 2: 


¢ Mebendazole [sold online as Vermox] (two doses) 100 mg every twelve hours. A pill in the morning and one at night. [ See Note 3 ] 
e Diatomaceous earth (two doses) A dessert teaspoon twice daily with meals, preferably with liquid. Morning and afternoon. 
e Enema. 


Day 3: 


Castor oil [cold pressed organic castor oil is sold online], two tablespoons (unflavored from the store) while fasting (See note 4). 
Mebendazole (two doses) 100 mg every twelve hours. A pill in the morning and one at night. 

Diatomaceous earth (two doses) A dessert teaspoon twice daily with meals, preferably with liquid. Morning and afternoon. 
Enema. 


Day 4: 


e Mebendazole (two doses) 100 mg every twelve hours. A pill in the morning and one at night. 
e Diatomaceous earth (two doses) A dessert teaspoon twice daily with meals, preferably with liquid. Morning and afternoon. 
e Enema. 


Day 35: 


e Pyrantel pamoate (single dose) 10 mg / kg, administered as a single dose together with any liquid. In theevent that is purchased in liquid form, a 5ml teaspoon 
contains 250 mg (for 60 kg three 5ml teaspoons). 

e In tablets take 3 pills for 60 Kg 

e Diatomaceous earth (two doses) A dessert teaspoon twice daily with meals, preferably with liquid. Morning and afternoon. 

e Enema. 


Day 6: 


Castor oil, two tablespoons (unflavored from the store) on an empty stomach. 

Mebendazole 100 mg every twelve hours. If in tablet, one in the morning and one at night. 

Diatomaceous earth (two doses) A dessert teaspoon twice daily with meals, preferably with liquid. Morning and afternoon. 
Castor oil, two tablespoons (unflavored from the store) on an empty stomach. 

Enema. 


Day 7: 


© Mebendazole 100 mg every twelve hours. A pill in the morning and one at night. 
e Diatomaceous earth (two doses) A dessert teaspoon twice daily with meals, preferably with liquid. Morning and afternoon and evening. 
e Enema. 


Day 8: 


e Mebendazole 100 mg every twelve hours. A pill in the morning and one at night. 
e Diatomaceous earth (two doses) A dessert teaspoon twice daily with meals, preferably with liquid. Morning and afternoon. 
e Enema. 


Day 9 to 18 (first month): 





e Castor oil, two tablespoons (unflavored pharmacy) while fasting. Should be repeated depending on the needs of each person. 
e Diatomaceous earth (two doses) A dessert teaspoon twice daily with meals, preferably with liquid. Morning and afternoon. 
e Neem Infusion (Azadirachta Indica) [available online as organic bulk leaves and as organic neem leaf powder] (9 days). 
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e Three teaspoons of Neem tea in one liter of water. Boil for 5 minutes and taken throughout the day. 
e Enemas as often as possible. 


Day 9 to 18 (second month): 


e Castor oil, two tablespoons (unflavored pharmacy) fasting. Must be repeated again depending on the needs of each person. 

e Diatomaceous earth- A dessert teaspoon twice daily with meals, preferably with liquid. morning and evening. 

e Infusion of Epazote (Chenopodium ambrosioides) (3 days) [available online as | lb. bulk, 0.1 oz package, three 0.5 oz packages, 1.0 oz bottle, 1.4 oz jar, 5 lb. 
bulk. and seeds] 

e Boil | or 2 tablespoons Epazote leaves per | liter of water for 10 minutes, let stand and strain. 

e Drink 1 cup fasting for 3 days straight 

e The remaining days take the Aloe Vera gel with juice or water while fasting 

e Enemas as continuously as possible. 


Day 9 to 18 (third month): 


Castor oil, two tablespoons (unflavored pharmacy) fasting. Should be repeated depending on the needs of each person. 
Diatomaceous earth- 

A dessert teaspoon twice daily with meals, preferably with liquid. Morning and afternoon. 

Infusion of Neem. for 9 days or take alternative antiparasitic infusion. 

Enemas as often as practical. 





Materials required 


Enema of 2 liters: 


According to the British Royal Academy of Medicine, 90% of disease and discomfort is directly or indirectly related with the dirty colon. We consider the colon as the 
sewer of the body and toxins found there infiltrate the blood and seriously impair health. Usually in the colon of adults over 40 years old between 2 and 12 kilos of 
sediment can be found . In this thick unpurged garbage, large parasites move, poisoning the body of its host slowly but surely. Of the food that reaches the digestive tra 
parasites consume most of its good nutrients, often leaving only "bites" to the host. So while we try to eat healthy by taking vitamins, supplements and other products, 
do not get any better. Indeed, sometimes quite the opposite: we feed the parasites. 


One of the best methods for elimination of this bulk is called "colon hydrotherapy," usually performed by a technician. Even with just using water, a 2-liter enema 
treatment can help cure many diseases. Used by many cultures since ancient times, it's an easy and natural way of cleaning the colon gradually. The introduced liquid 
helps eliminate toxins accumulated in the intestine by the death of the parasites. In the case of a mass death of worms, fever and fatigue may increase, and one may fee! 
quite ill. To prevent toxins from reaching the blood stream, we must empty the lower digestive tract as soon as possible. 


The enema is one of the essential parts of this treatment. The parasites produce a biofilm or mucus in the human intestine where they can hide to avoid being attacked 
any medicine, hence the importance of enemas with MMS. MMS is able to undo this layer, also destroying the eggs and larvae they host. It should be performed daily 
from the second day and can be spaced every 3 or 4 days progressively. The most important thing is to listen to your body and it will set the guidelines for your need 


The proper amount to use is between 12 and 20 drops of activated MMS or its corresponding 10-15ml of CDS water added to 2 liters of water. You can gradually 
increase the dose according to body's acceptance. The most important thing is to retain the liquid in as long as possible (10-12 minutes if possible). 


Detection of parasites in stool: 


It is necessary to detect the worms by observing directly the stool. For that we have a plastic basin not very large in diameter and a stick for examination whenever we 
defecate. 


Microscope: 


A microscope can be very useful for diagnosis because it can see both the small parasites that may appear in the blood, as well as eggs or larvae in the feces. This way ° 
know if the number of parasites decreases. 


Bulb - enema 


You can use a bulb - enema with a dilution of 15 ml of mebendazole or pyrantel pamoate if you have anal itching. The best way is to introduce the medication together 
with about 30 ml of water and hold overnight. So the itching caused by pinworms goes away. 


Medications for Deworming: 


Mebendazole (sold online as Vermox source 1, Vermox source 2 ) is a drug used in treating diseases caused by helminths (parasites of the gastrointestinal tract). This 
drug prevents the parasite from using the glucose, causing a decrease in energy and the death of the parasite. 





http://webstore.blue/buy-vermox-usa. htm] 
http://allofantibiotics.org/mebendazole/ 


Mebendazole is absorbed to a limited extent in the gastrointestinal tract (approximately 5 to 10%). Absorption is enhanced when administered in conjunction with fatt: 
foods [milk, cheese, butter, fats]. It is metabolized in the liver. Approximately 2% of the administered mebendazole is excreted in urine. The remainder is excreted in 
feces. The appropriate dose of mebendazole may be different for each patient. It depends on the type of parasite that causes the infection. The most frequently 
recommended dose is 100mg, 2 times a day for 3 days. 


The adverse effects of mebendazole are generally rare due to its poor absorption. May cause nausea, vomiting, abdominal pain and diarrhea. Normally these effects are 


generated by the release of toxins from the very death of the parasite itself. The drugs can be administered very effectively diluted with water in a small bulb-enema 
anally. 10 ml in warm water is introduced into the intestine and is allowed to act overnight. It is especially suitable in the case of oxiurasis. 
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Pyrantel pamoate (Trilombrin): 


Pyrantel pamoate can be purchased online. It is a broad spectrum anthelmintic which works by causing a neuromuscular block producing spastic paralysis of the paras 
and its subsequent expulsion by intestinal peristalsis action without producing excitation of the parasites, or encourage their migration. 





Pyrantel pamoate has a short duration of action and tends to a complete elimination from the body in the feces and urine within 3 to 4 days. Pyrantel pamoate is poorly 
absorbed from the gastrointestinal tract, and approximately 6 to 8% total is found in the urine and the remainder in the feces. 


The recommended adult dose is one daily dose. Children of 12 years and older, 40 to 75 kg: 3 tablets. Adults over 75 kg: 4 tablets. Its incompatible with the use of 
piperazine, a substance naturally found in pumpkin seeds or the antiparasitic containing this substance in their formulation since they cancel or neutralize each other . 


Plants and minerals for deworming: 


The parasite problem has been and still remains a major concern in many cultures around the world. From immemorial time there have been native plants with which 
people that have done this type of cleaning treatments. In the West and other developed countries parasites are not being treated, making us more vulnerable. There are 
minerals and substances very useful in combating parasitic infections and we can make various treatments. The bentonite, vegetable charcoal, common clay or 
diatomaceous earth are the most important examples. In this case we will use Diatomaceous earth as an important intestinal parasitic destructive agent. 


Diatomaceous Earth: 


The treatment with Diatomaceous Earth [available online 10 lbs food grade Best Buy, 2 lbs food grade, | lb. food grade] should be continued for 18 days. Diatoms a 
one-celled plants living in the oceans for about 300 million trillion years. They formed a little shell composed of the same water extracted silicates. When diatoms die, 
this microscopic coating was deposited at the bottom of the oceans. Through the ages, they piled up in banks forming deposits of thousands of meters. Over time the 
ocean receded and these deposits were eventually uncovered. Compressed and fossilized, the shells give rise to a chalky rock called diatomaceous earth. 





Diatomaceous earth is an inert, nontoxic compound, which contains a number of minerals such as manganese, magnesium, iron, titanium, and calcium silicates among 
others. Properly ground, the skeletons of microscopic diatoms become sharp silica needles, harmful to parasites, fungi, yeast, worms, and amoebas. These needles are 

harmless to humans and other warm-blooded animals. Although it's safe to take it continuously, it's best (as with everything else ) to also rest for periods of time. Take 
one teaspoon twice a day during the 18 days of treatment. 


Castor Oil: 


Castor oil [cold pressed organic castor oil is sold online] extracted from the seed of a plant like the fig tree, called Ricinus communis ("Higuera del diablo"). Its seeds 
contain between 50-80% oil, which itself has a high content of ricinoleic acid, which has excellent laxative and purgative properties. Once treatment begins with plan 
and medicines, spastic paralysis may occur in some parasites and if there are many together, they can form a "knot" of worms and cause intestinal obstruction. Thus the 
importance of using castor oil. You need to take it on a empty stomach in the morning with juice, tea or milk. The adult dosage is 15 to 30 ml (two tablespoons) fasti1 
one hour after breakfast and medication. In the event of not having good tolerance, mineral purgatives such as Epson salts or Senna leaves available online [also calle 
Senn] can also be used. 





Neem (Azadirachta indica): 


The Neem tree [Neem available online as organic bulk leaves and as organic neem leaf powder] is one of the great natural patrymony of mankind and has been used as 
medicinal remedy for healing since ancient times. There are references in Sanskrit scriptures and Ayurveda has used it since antiquity. The healing and medicinal 
properties of Neem have been exploited since ancient times in Hindu medicine. Even today Hindus living in rural areas call the Neem tree "The People's Pharmacy" fo1 
its ability to alleviate many diseases and is currently endorsed by the authorities in India for its use in medicinal preparations. 

Neem is one of the purifying and detoxifying plants with the most potential. Neem has been used to combat all forms of body parasites, external parasites and internal 
parasites alike. Boil four neem leaves in one liter of water for 5 minutes. Take an infusion throughout the day. We will use it for 9 or 10 days during the first month. 








Epazote (Chenopoidum ambrosioides): 


Epazote (Chenopodiun ambrosioides) is a plant that grows wild in South American countries [available online as | lb. bulk, 0.1 0z package, three 0.5 oz packages, 1.0 
bottle, 1.4 oz jar, 5 lb. bulk. and seeds]. This plant has healing properties used to relieve upset stomach, gas colic, and for the expulsion of parasites and intestinal worr 
Ascaridol is the substance in epazote acting and producing a paralyzing, narcotic effect on intestinal parasites, causing it to detach from the intestine to which they wer 
strongly attached. Do not exceed the dosage because it may cause toxicity. Make a decoction drink by boiling | or 2 tablespoons of leaves [available online in bulk, in 
one liter of water for 10 minutes. Let it stand and drink | cup while fasting for 3 days. 








OTHER MEDICINAL PLANTS: 


There are other plants that we can use effective for deworming. If after three months of treatment the problem persists, we can change the type of plant or repeat any pl 
that was effective in previous months. We can use them in preparations, mixing several plants at once or individually. Plants are considered as alcoholic extract, in oil 0 
infusion, including the following plants: 


Artemisia annua, 

Walnut shell, 

Calamus Root Rue, 

Artemisa Absinthium (Ajenjo), 
Southernwood Gentian (Gentiana lutea), 
Mint (Mentha sativa), 

White Fraxinela (Dictamnus albus), 
Tansy (Tanacetum vulgaris), 

Yarrow (Achilea millefolium L.), 
Dandelion Clove (Syzygium aromaticum), 
Pomegranate root bark. 


PREVENTIVE FOOD AND DIET: 


There are groups of foods we should avoid eating if we have a parasite problem such as dairy products in general, refined sugars (sucrose, fructose corn syrup), flou 
(especially refined) and overly sweet foods in general. On the other hand we also have a good list of foods and plants that promote good internal balance of the body 
hence becoming our allies. With a good production of stomach acid, a good level of healthy bacteria and proper bile production, it is impossible for parasites to survive 
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for long. Worms need an acidic environment by the breakdown of sugars and putrefaction caused by the ingestion of unhealthy or processed foods. It is very importa 
to eat raw vegetables and fruit juices that provide us with enzymes and other elements necessary to protect us. 


The choucroute / sauerkraut (fermented cabbage in salt): 


Many people have low levels of stomach acid [Type A blood especially], which is the cause of many intestinal problems, because the body is unable to defend itself 
against intruders. Sauerkraut juice or cabbage / sauerkraut is one of the most powerful stimulants for your body to produce acid. The use of unpasteurized fermente 
water kefir, soy sauce, or miso is highly recommended for its stimulation of beneficial bacterial flora responsible for generating the control over parasites. Take a few 
spoonfuls of cabbage juice before meals, or better yet, sauerkraut juice of fermented sauerkraut will do wonders to improve digestion. 


Garlic: 


Garlic eaten regularly turns the stomach and intestine into a lethal environment for parasites, providing constant protection. Garlic is the quintessential home remedy to 
eliminate intestinal parasites naturally. It has been used by different cultures such as Chinese, Greek, Roman, Indian and Babylonian. It has not become obsolete as it is 
still used by practitioners of modern medicine. It is used both fresh and its oil, the simplest treatment is to eat three cloves of garlic every morning or take a teaspoon of 
garlic oil. Can also be used by mixing crushed garlic in a little cold water and drink the mixture immediately. Another recipe is to cut in pieces and crush four cloves of 
garlic in milk overnight and take the liquid fasting the next day. 


Pumpkin seed: 


Pumpkin seeds contain a substance called piperazine. It acts by paralyzing the parasites, which allows you to remove the parasite easily . We can find piperazine 
commercially in pharmacy drug formulations or naturally, as we said, in the seeds of the pumpkin. This traditional method of deworming has been used around the wor 
since man can remember. There are several effective traditional formulas and this is one of them: 


Use one cup of pumpkin seeds (about 80 seeds), peeled and mashed. Mixed with water from a coconut and two tablespoons of honey. Take within a period of 
three hours on an empty stomach. Don't eat during this three hour period. At the end, take castor oil in order to quickly eliminate the parasites. 


Papaya and papaya seeds: 


Papain is a digestive enzyme contained in papaya and is capable of breaking the outer layer of an adult parasites. The milky juice of unripe green papaya is a powerfi 
agent for destroying roundworms. 


A) The adult dose is one tablespoon of fresh juice of green papaya, the same amount of honey and three or four tablespoons of hot water. 


B) Two hours later, administer a dose of castor oil mixed with warm milk. This treatment should be repeated for two days if necessary. For children aged seven to ter 
years of age should be administered half the dose. For children under three years, a spoonful of the mixture is sufficient. 


Papaya seeds are also useful for this purpose. They are rich in papain and caricin. Use a mixture of crushed fresh seeds. For every tablespoon of seeds, one tablespoc 
of honey is added. The dose of a dessert spoonful daily in the morning on an empty stomach or before bed for ten days, then rest five days, and repeat the cycle three 
times [10 days on, 5 days off - repeated three times]. We recommend the use of a purgative. 


[Additional notes on eating Papaya seeds from Ken Adachi: I've looked at a number of Youtubes videos on using Papaya seeds and they seem to be very effective, 
easy to obtain and relatively inexpensive. Many talk about taking 1 tablespoon of dried crushed seeds (use coffee grinder or blender) with | tablespoon of honey added 
warm water and drink, which seems to work OK. Other say to eat the seeds fresh, blended with the fruit pulp to make a pudding and eat. Blending the seeds with the pi 
will both crush the fresh seeds and make it easy to consume the seeds, which do not have a pleasant taste (pepper-like and pungent) when eaten alone. An inspiring and 
likable Florida woman named Tasha Lee (great videos and blogs!) with major parasite problems has a video showing her eating all the seeds of a large papaya straight, 
without adding honey or mixing with the pulp, but it is hot and not easy to do unless you get used to it. You will obviously kill more parasites by eating all the seeds 
(about 1/4 -1/3 cup worth) of a large papaya at one time, but I think it's wiser to start off with one tablespoon and work your way up to a larger amount of seeds over 
time.] 











Ginger: 


Ginger not only helps to combat intestinal parasites but also reduces nausea and can help calm nerves. Fresh ginger has shown great success in destroying intestinal 
worms for hundreds of years. The most common way to consume is raw ginger or by infusion [brewed with hot water, drunk as a tea]. Ginger extract may also be 
sprinkled on a variety of foods. 


Propolis: 


Bee Propolis has been used, for at least 3,000 years. Already known to the Egyptians and the Romans, its use continues into modern times. To the Greeks we owe the 
name: pro, meaning "before" and polis, meaning "city". This translates as "defenses before the city" or "defender of the city." Thanks to the antibiotic action of propolis 
which protects against the activity of viruses and bacteria, the bee hive is one of the most sterile places known in nature. Many scientific studies have proven the 
antiparasitic activity of propolis, so it is recommended for treatment of: Giardia, amoebas and roundworms. It's also used for intestinal infections caused by gram- 
positive bacteria. 


Take propolis for the treatment of parasites for 7 days, fasting, diluted in water or fruit juice. Propolis at 30% in Propolis tincture or capsules. Take 3 drops per kilo of 
weight, or 3 capsules half an hour before each meal. Follow 7-day tratment cycle with 7 days off, then repeat 3 to 5 times to ensure complete elimination of parasites o 


bacteria. It is very important to repeat the treatment to cut the reproductive cycles. 


By repeating the treatment at least 3 times, the effective elimination of parasites is ensured. The benefits of propolis are, that it has no side effects, is well tolerated, and 
highly effective. 


Pomegranate Fruit: 

Pomegranate bark contains an alkaloid known as punicine, which is highly toxic to earthworms. Used by decoction [extract with boiled water] of the bark of the root, 
stem or fruit. The root bark is preferable, because it contains a greater quantity of the alkaloid than the bark of the trunk. This alkaloid is highly toxic to tapeworms. A 
cold decoction of bark, preferably fresh, should be given in quantities of 90 to 180 ml three times (for adults), with intervals of one hour between cups. A purgative 


should be taken after the last glass. The dose for children is 20 to 60 ml. The decoction is preferably used to get rid of Solitaires [another name for tapeworms]. 


Carrots: 


http://educate-yourself.org/cn/detectandtreatparasites12aug12.shtml#top 10/13 


4/3/2018 How to Detect & Treat a Parasitic Infection (Feb. 14, 2015) 


Home treatment with raw carrots to eliminate intestinal parasites in children is another effective home remedy. The chemical constituents of carrot attacks pests by 
preventing their development. Carrots are one of the most effective natural treatments for children. The child should be provided with a small cup of grated carrots in tl 
morning until the problem is fixed. 


Condiments: 


Seasoning plants are also a powerful weapon to keep in mind in our everyday cooking. Since time immemorial mankind has used them to control parasitic diseases. Mc 
interesting because of their effects are: 


- turmeric, 

~ pepper, 

- tarragon, 

- thyme, 

- cinnamon, 

- paprika, 

- cayenne and 
- cloves. 


Annex to the Protocol: 


It's difficult to detect a parasite or worm in the toilet bowl because once they are dead, they look like intestinal mucus because they are half digested by our body. But tl 
differ from intestinal mucus which dissolves in water. Try with a stick and bowl, and if it doesn't dissolve (See photos), it's a parasite (Ascaris). 


Version and Revisions: 

First release — Version 1.0, Revision 1.0 - August 2, 2012. 

Mike corrections — Version 1.0, Revision 1.01 — August 2, 2012. 
on Annex to the protocol — Version 1.1, Revision 1.0 — August 3, 2012. 
Mi text/notes corrections sent in by Michael Harrah - Version 1.1, Revision 1.01 — August 12, 2012. 
jor note 4 - Version 1.1, Revision 1.02 — August 12, 2012. 


Notes: 





1] From FDA site: Freezing and storing at -4°F (-20°C) or below for 7 days (total time), or freezing at -31°F (-35°C) or below until solid and storing at -31°F (-35°C) : 
below for 15 hours, or freezing at -31°F (-35°C) or below until solid and storing at -4°F (-20°C) or below for 24 hours is sufficient to kill parasites. FDA's Food Code 
recommends these freezing conditions to retailers who provide fish intended for raw consumption. 


Note: these conditions may not be suitable for freezing particularly large fish (e.g. thicker than six inches) 


http://www.fda.gov/Food/GuidanceComplianceRegulatoryInformation/GuidanceDocuments/Seafood/FishandFisheriesProductsHazardsandControlsGuide/ucm09 1704. 





2] http://www.embryo.chronolab.com/tongue.htm 





3] Mebendazole dosage varies from 100 mg 2x/day to 500 mg 3x/day depending on which parasite(s) are being targeted. 


See: http://allofantibiotics.org/mebendazole/ 





4] Definition of Fasting 
Fasting: : going without food or drink. Patients may be advised to fast for a certain period of time prior to surgery, medical procedures, or certain blood tests. 
http://www.medterms.com/script/main/art.asp?articlekey=97585 








If you want you can make a translation of this article into another language. 


Dr. Andreas Kalcker at AutismOne 2014 - Successful Treatment of Autism 
https://www.youtube.com/watch?v=1jSXjATNHuw#t=1281 





Published on Jun 11, 2014 

Successful Treatment of Autism 

Presentation by Dr. Andreas Kalcker at AutismOne Conference on May 24, 2014. Dr. Kalcker speaks about how the combination of parasites and vaccines is contributi 
to the autism epidemic of today. Kalcker explains how he discovered this link and the positive results of treating parasites in autistic children around the world. 
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Disclaimer 


The aim of this book is to provide information on using natural healing methods to improve health 
and overcome illness. The author or publisher cannot accept any legal responsibility for any 
problem arising from experimenting with these methods. For any serious disease, or if you are 
unsure about a particular course of action, seek the help of a competent health professional. 
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Balance the flow of energies along your acupuncture meridians by tracing their circuits.... 


Step 56: Healthy Sexuality 
Channel your sexual energies into pleasure rather than frustration...............::cccscceeee ee 


Part 6: Healing: Your EmOuon sii sicas ie iveccanitca sicccntdderes cata aw anes ad encaeiteawendane 
Step 57: Understanding Emotions and Disease 

Learn how you came to be so out of touch with your feelings, what 

emotional problems and diseases this causes, and how this is expressed in your body.... 
Step 58: Healing Relationships 

Try out these tools to heal your personal, family, and social relationshipS.................+0+ 
Step 59: Heal in Groups 

Join a group of like-minded individuals with the goal of healing your 
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Step 60: Learning to Feel 

Feel what your body and your soul tell you, and use your feelings to 
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Step 61: Take the Love Cure 
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Step 65: Life on the Path 
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INTRODUCTION 


This book is for those who are searching for a way to live a healthy and fulfilled 
life. | have no doubt that we can do this, live a healthy and fulfilled life, regardless of 
age, and that this is actually our natural birthright. We just need to avoid or remove 
the artificial living conditions that prevent us from being as we really are. A modern 
problem for genuine health and spiritual seekers is the great flood of advice available 
in these areas. Much of it is contradictory or, alternatively, there are so many different 
methods to choose from that it seems almost hopeless to find the right one. 


| have sifted through much of this information and experimented with many 
different healing methods in my 30 years as a natural therapist, with the aim of 
finding out what works for whom and in which conditions. Even more important for 
me was my spiritual quest. Here | share the fruits of my experience as a lifelong 
health and spiritual seeker. 


While this book does not go into great detail about the treatment of specific 
diseases, by using the outlined methods and following the provided guidelines to 
rebuild your health, you are likely to improve anyway, whatever the name of the 
disease. Rather than fighting your disease, | recommend you focus all your 
resources on improving your health. Your disease may then disappear on its own. 


To show how simple, natural methods can be very effective in overcoming 
medically incurable diseases, | mention an example from The Food and Health of 
Western Man, by Dr. J. L. Mount. In five cases of bowel cancer, surgery revealed that 
the cancer had already metastasized all over the body. Therefore, these patients 
were just closed up again and sent home to die. But instead of doing that, these five 
people, independently of each other, became keen gardeners and from then on ate 
only home grown, organically raised food. When they finally did die, 21 to 30 years 
later, no traces of cancer could be found in post mortem examinations. 


Such cures without medical intervention are regarded as “spontaneous 
remissions.” It should be comforting for those with advanced cancer and other 
“incurable” diseases to know that spontaneous remissions can be induced with such 
simple natural methods. However, while not mentioned in Dr. Mount’s book, | suspect 
that there was another important factor at work: These five had made peace with 
themselves and the world. 


Similarly, you may use this book to improve your health or to lead a more 
happy and fulfilled life, more at peace with yourself and the world. Ideally, it is meant 
to provide guidance to heal not only your body, but also your emotions and mind as 
part of your spiritual growth. By following this path and the 65 steps | present, you will 
need less and less to rely on this book or any other “expert” advice. Instead you will 
realize that all the answers for your healing and spiritual growth are within you. You 
just need to ask and learn to listen. In order for you, the reader, to gain a better 
understanding of the purpose of this book and the principles on which it is based, | 
will share with you my basic philosophy on health and spirituality. 


My most basic assumption of existence is that it has purpose. | came to this 
conclusion gradually through observing, experiencing, and thinking. Countless 
people share this view, but for most it is just a belief, commonly adopted from parents 


and society. In order to make it a knowing, our beliefs have to be consciously 
evaluated and tested. 


On the other side of the fence is the orthodoxy of the scientific community and 
its followers who assume that existence evolved according to inherent physical laws 
and does not have a purpose. This, too, is just an untested belief. In line with this 
belief about the nature of our existence, we regard our health problems and other 
problems in our life as accidental, coincidental, or just due to biological 
considerations and without a deeper meaning or purpose in our life. 


| believe that our health and social problems are part of the purpose of our 
existence. Therefore, in order to overcome any health problems and be able to lead a 
healthy, happy, and fulfilled life, we need to have a basic understanding of the 
purpose of our life. 


It has been my healing experience, especially in serious conditions such as 
cancer, that with apparently the same amount of effort and dedication some people 
get well while others do not. | believe that success or failure in healing depends only 
partly on doing the right thing on the biological level and to a larger degree on our 
emotional, mental, and spiritual constitution. This applies even more to the degree of 
happiness, fulfilment, and joy we have in our lives. 


Therefore, after starting out as a biochemist and nutritionist, | gradually moved 
towards a holistic perspective, which increasingly included the spiritual dimension. | 
came to the conclusion that important events in our lives, and especially life or death 
decisions, are never “accidental.” Not only do they follow the laws of cause and 
effect, but also the dictates of our higher guidance as to whether this body is still 
useful for the purpose for which it was created and inhabited. 


Here are two examples to illustrate this point. One of my early lung cancer 
patients recovered well with only biological therapies. Soon afterwards he had 
surgery for an unrelated problem. The tumour had disappeared but he died from the 
surgery. Another patient was in a wheelchair with permanent unbearable pain after a 
spinal accident. We found a way to stop the pain. So he went out drinking with a 
mate to celebrate and smashed his chin in a fall. This landed him back in the hospital 
with constant pain. 


These and similar cases are not scientific proof of anything, but for someone 
looking for an answer they are signposts to show the way. Also consider an 
experience related by the American psychic Edgar Cayce. He routinely saw auras 
around people. Once he entered a department store elevator but immediately backed 
out again because he sensed that something was very wrong. Soon after, the 
elevator crashed and all in it were killed. 


Cayce realized what was wrong. None of the occupants had an aura. (An aura 
is an energy field around a living body that can be seen by some individuals as a 
nebulous outline.) For those who know that auras exist, this can mean only one thing: 
It was no accident that these people died together. The guiding consciousness of 
every single occupant had decided beforehand to dispose of the body in this 
seemingly accidental way. In an odd sense, they were already dead. | am convinced 
that if Edgar Cayce had remained in the lift, he would have been the only miraculous 
survivor and without any serious injury. 


If you can follow me to this conclusion, you may ask: How can we find the 
purpose of our lives and live accordingly? That is what spirituality is all about. We 
need spirituality, not only to overcome serious diseases, but also to lead a healthy 
and genuinely happy and fulfilled life. But what is spirituality? Different people have 
different ideas about it. | can only tell you my version. This may change somewhat 
over time, as my understanding is still growing. 


In addition to an individual, more narrowly defined purpose, we all have the 
same general and overall purpose to become more complete or perfect as human 
beings. Normally, this is a very slow evolution for the whole human race. However, if 
we do this consciously, then our snail-pace evolution becomes a personal revolution 
and we Call it “the spiritual path.” 


As | see it, our higher guidance tries to lead us towards or along this spiritual 
path. There are two possibilities. We may be led gently if we ask and listen for this 
guidance as with prayer and meditation or just with our general attitude and conduct. 
The alternative is more common and painful. If we stray too far from the desired 
direction, we may run into a brick wall that forces us to change course. We may 
encounter a disease or calamity in our social or professional life that causes us to re- 
evaluate our life. Many former cancer sufferers have said that cancer was the best 
thing that ever happened to them because it helped them to end a spiritually 
meaningless life and start a new, meaningful, and more fulfilling spiritual life. 


There are different levels of our existence, as for instance the biological, 
emotional, and mental levels. Following the spiritual path means that we consciously 
work on improving ourselves on all of these levels. This is the focus of the 65 steps in 
this book. On the biological level, this means that we cleanse the body of lifelong 
deposits of metabolic wastes and -toxins. We also improve our living conditions by 
minimizing harmful factors and maximizing beneficial factors. On the emotional level 
we do the same: We cleanse our emotional body of blocked and negative emotions 
and cultivate uplifting feelings and emotions. It is similar on the mental level: We 
cleanse ourselves of negative thoughts and belief systems and learn to generate 
positive and beneficial thoughts and beliefs. 


After achieving a certain level of control over our body, emotions, and mind, we 
are able to move along on the spiritual path. As a reward, our body will most likely be 
much healthier; we will generally be content, happy, and increasingly joyful; and we 
may even achieve a state of mental illumination with a flood of intuitive insights. By 
this time also our individual purpose for being in this body will have become clearer 
and we may act accordingly. 


The overall theme of this book is health and harmony - learning to live in 
harmony with our biological, social, and spiritual nature. This book will give you the 
tools to achieve this worthwhile goal. Do not be concerned that it seems far away. 
The most interesting part of life is the journey, so enjoy it, make it fulfilling and 
meaningful. It does not matter how fast you master the steps; it is more important 
that you enjoy doing them and in the process get to know your body and your mind 
and become friends with both. Learn to love yourself, and you will find it easier to 
love everyone else as well. If in doubt about any particular course of action, choose 
what on reflection appears to be more natural or will lead to greater harmony or 
balance. 





In this book you will find a wide range of natural health improvement and 
healing methods with easy-to-follow, do-it-yourself instructions. | suggest that you 
experiment with as many of these as you can in this venture. On the biological level, 
these are intestinal sanitation, allergy testing, and cleansing. Some _ idealistic 
individuals may embrace these measures enthusiastically, while others will try a little 
here and there but generally wait until poor health launches them more determinedly 
into a program of health improvement. That is quite all right. Just keep this book 
handy until you are ready. For those who want to start right now, however, here is the 
“prescription.” 


The main purpose of this book is to serve as a practical instruction manual for 
creating and maintaining good health. To get a basic overview and understanding of 
the underlying principles of natural living and holistic healing, | recommend that you 
start by reading the book in a selective way. Read more carefully those steps that 
provide a basic understanding of healthy living, nutrition, emotions, and beliefs, but 
skim over the details of specific exercises and procedures, or diseases in which you 
are not currently interested. 


Then start working through the steps in a practical way. | regard all of the 
practical steps in Part 1 as essential for establishing a solid base for improving and 
maintaining health. Try to do them as thoroughly as possible. The steps in Part 2 are 
designed to help you identify and overcome specific health problems. Therefore, you 
may use these steps in a selective way; concentrate on those that you expect to be 
most suitable with your current problems. It is similar with Part 3. Use this information 
to select suitable supplements and remedies. 


Part 4 is another fundamental chapter. Adopting a natural diet - fresh, raw, and 
organic - may be the most difficult, but also the most rewarding part of the whole 
program. Do it gradually. Part 5 provides a deeper understanding of nutrition and 
helps you to fine-tune your diet for your individual requirements. In Part 6 you need 
only study the information that is relevant to a current health problem. 


The practical steps in Part 7 help you feel and direct your inner or life-force 
energies. This is a key requirement for improving health beyond what is possible with 
a healthy lifestyle. Continue practicing in this area for the rest of your life. In Parts 8 
and 9, select and experiment with the methods that most appeal to you for healing 
your emotions and adopting an appropriate belief system. Part 10 helps you 
understand and reapply your health improvement efforts as part of your spiritual path. 
Do this review when you feel ready for it. 


Finally, use this book as a reference manual whenever you encounter a 
specific health problem. In Part 6, look for specific diets, remedies, and treatment 
modalities, and in addition use suitable therapies described in Part 2 and other parts. 


Here is a vision | have of our near future. | see health clubs and healing groups 
springing up all over the world, like mushrooms after a warm rain. Many people come 
forward, willing to accept self-responsibility for their health and eager to learn. 
Friends meet regularly, testing each other, experimenting with new healing methods, 
discussing results, exchanging recipes, sharing books, exercising and meditating 
together, and studying spiritual philosophy for healing. 


Many become healers in their community, guided initially in workshops by 
experienced healers. City groups rent suitable buildings to establish healing and 
meditation centres. Communal farms produce organic food and are used as healing 
and spiritual retreat centres, where visitors can share the healthy life, learn to heal 
themselves, and find guidance on the spiritual path. 


| see the physical and spiritual rejuvenation of nations starting at the grassroots 
level in a worldwide movement for social and environmental responsibility. All you 
rejected and disillusioned individuals unite, to make the world a better place for 
everyone! 
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Part 1 
HEALING THE BODY 


Initially, most health seekers are mainly concerned with overcoming a specific 
health problem, using the specific method or remedy promising the quickest result. 
However, in the long run and as we get older, more health problems or diseases pop 
up and become increasingly difficult or impossible to overcome just by using a “magic 
bullet.” This then makes the idea of serious lifestyle changes towards natural living 
and holistic healing more attractive, giving us a much better chance to become and 
remain healthy and fit into old age. 


| have no doubt that it is our natural birthright to be healthy and that it is 
unnatural to have a disease. A disease means that we (or possibly our parents) did 
not live according to our biological, social, or spiritual nature. At present most of 
humanity lives in unnatural conditions surrounded by a minefield of technological and 
chemical health hazards. Even worse is our ignorance about the nature of these 
hazards that are mainly hidden from our awareness. 


Therefore, in order to live more naturally we need to become aware of the main 
health hazards in our environment and learn to avoid them or minimize their effect on 
us. We can learn from our own experiences and from those of others and we can 
also develop our intuition or ask for guidance through prayer and meditation. If in 
doubt about a choice, try to imagine which course of action is more natural or more in 
harmony with your biological, social, and spiritual nature. 


The main biological influences on our health are nutrition, exercise or how we 
use our body, and environmental factors. In addition to improving these conditions, 
there are numerous natural healing methods to help us in our quest for good health. 
These include herbs and other natural remedies, working on muscle and bone 
structure, and using electrical, magnetic, and vibrational medicines and approaches. 
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Step 1 
THE ROAD TOWARDS DISEASE 


Become aware of the factors causing your illnesses. 


People in Western society are rarely healthy. Real health - the perfect 
functioning of all parts of body and mind - is so rare that people mistake the 
temporary absence of disease symptoms for health. Formerly, people suffered 
mainly from violent but short-lived infectious diseases; now many are afflicted with 
chronic degenerative diseases for a lifetime. 


The main factors causing widespread health degeneration are as follows: 


1. Unnatural nutrition: food refining; lack of “living food” and of vitamins, minerals, 
and enzymes; GM food, junk food, incorrect food combining, unsuitable diet for 
metabolic type. 


2. Chemicalisation: pesticides, herbicides, fertilizers, medical drugs, food additives, 
water and air pollution, plastics, and even contact with synthetic garments. 


3. No exercise: lack of sufficient physical activity or exercise in natural, unpolluted 
surroundings. 


4. Harmful negative feelings and emotions: resentment, fear, discontent, greed, 
envy, and lack of positive feelings and emotions, such as gratitude, devotion, 
contentment, joy, unselfish love. 


5. Harmful mental attitudes: lack of spiritual or humanistic goals, lack of faith. 


Emotional damage: sustained during birth, childhood, or adolescence; lack of 
positive role models. 


7. Inherited genetic problems: genetic makeup of poor and deteriorating quality. 


The general sequence leading to the development of poor health and chronic 
diseases commonly is as follows: Emotional injuries received during birth and 
childhood, as well as negative attitudes and emotions experienced during later life, 
cause muscle tension which block the free flow of bioenergy within the body and 
especially within the acupuncture meridians. This weakens the blood circulation and 
the glandular system, as well as the functions of affected organs. Inherited metabolic 
weakness and poor nutrition as well as chemical pollution combine to cause an 
inefficient use of biochemical building blocks and poor cellular energy production. 
Disease is the result. 


Metabolic Residues: As a result of this metabolic weakness and the overuse 
of unsuitable food, toxics and metabolic residues accumulate in the body. Toxics 
(toxic waste products from our chemicalised food) accumulate mainly in the fat 
tissue. Metabolic residues consist of protein debris, mucus, fatty sludge, and organic 
acids. Here are some further complications: 


e Protein Debris: This accumulates when we eat more protein than we 
metabolize. Small protein fragments clog up capillaries and lymph channels 
through which nutrients move into cells and waste is removed. Current research 
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shows that virtually all chronic diseases are strongly associated with protein debris 
accumulating within cells. 


e Mucus: This originates from lactose (milk sugar) in dairy products, gluten (in 

wheat products), refined carbohydrates, fat, moulds, and food allergens. Mucus 
has a special affinity to mucous membranes, causing catarrh, ear and sinus 
problems, respiratory diseases, and malabsorption of food. 


e Fatty Sludge: Mainly formed from oxidized (rancid) fats and oils, fatty sludge 
leads to poor circulation and heart problems by clogging the blood vessels and 
congesting the lymph system. 


e Organic Acids: General overacidity contributes to the accumulation of organic 
acids in the tissues and induces inflammations and mineral deficiencies. 
Overacidity results from insufficient cellular oxidation and from the formation of 
lactic acid after eating sweet foods or foods to which we are sensitive or allergic. 


Infections: Wastes accumulate wherever the blood circulation slows down, 
whether because of emotional blocks leading to permanently contracted muscles 
(called muscle armouring), injuries, or insufficient use of muscles. Up to 30 percent of 
the volume of cells in elderly people may be filled with waste material, usually in the 
form of old-age pigments (oxidized fats and proteins). This is comparable to 30 
percent of a city or a household being filled with refuse dumps. Just as dumps 
become infested with rodents and insects, the waste accumulations in the body 
provide favourable breeding grounds for microbes and parasites. 


Infections are healing efforts of the body designed to destroy any foreign 
invaders and reduce the heavy load of toxic and obstructive residues (mucus) 
accumulated in the body. The use of prescription or over-the-counter drugs in fighting 
these infections prevents this cleansing action and reduces our vitality still further; the 
body’s immune system - its ability to defend itself against foreign invaders - is also 
damaged. 


If the body is still reasonably strong, it fights these invaders and simultaneously 
reduces the load of stored wastes. This is experienced as an acute (sudden and 
severe) infection, often in the form of a cold or fever. However, as the body becomes 
weaker and the amount of stored wastes increases, the body does not fight back 
anymore. It can then only limit the invasion to a certain part of the body, and chronic 
(low-key but long-lasting) infection results. 


Finally, the immune system becomes too weak to limit the chronic infiltration of 
toxic substances and its distress becomes more generalized as autoimmune 
diseases, cancer, and leukaemia. However, it should be understood that this invasion 
or infiltration does not necessarily occur from the outside. Especially in the case of 
cancer, it is more an “uprising of germs from within” created by the disintegration of 
diseased body cells. It is similar to a revolution spreading through a country with 
dissatisfied inhabitants. 


The German cancer researcher P. G. Seeger, M.D., D.S.c., demonstrated in 
thousands of experiments that the virulence of cancer cells depends on the 
nutritional status of the host. Another interesting study found that viruses breeding in 
hosts that are deficient in protective nutrients, such as selenium or vitamin E, tend to 
mutate and change from benign into very virulent and lethal forms. With sufficient 
levels of these nutrients, someone may be immune to the benign form of the virus but 
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not to the mutated form that is produced within a deficient host. For example, most of 
the influenza epidemics with new virulent strains that periodically sweep the world 
originate in selenium-deficient parts of China’. Furthermore; the African HIV epidemic 
appears to have emerged in northern Zaire where many people are selenium 
deficient. The lesson from this is that poor nutrition breeds deadly viruses. 


Food Addictions and Allergies: Health deterioration, closely linked to the 
weakening of the immune system, also takes place with the development of 
addictions and allergies. These are extremely widespread in our society. 
Conventionally, an allergy is seen as an immunological reaction against a foreign 
protein. However, in most instances, and especially in the early stages, food allergies 
may be better described as food sensitivities. This means that the body is sensitive to 
a particular food and when confronted with it, enters a state of stress. The glandular 
system is induced to pour adrenal hormones into the bloodstream and dopamine into 
the brain, and this may be felt as an uplifting stimulation. Eventually, the body begins 
to crave this stimulation and this leads to an addiction to that particular food. In our 
society, these food cravings develop mainly for sweet and fried foods, bread, dairy 
products, and red meats, but also for other foods that we frequently eat. 


After many years of exposure to an addictive food, the glandular system is 
markedly weakened and stronger stimulants are required. You then become addicted 
and sensitive or allergic to alcohol, coffee, tea, tobacco, or various drugs. Eventually, 
even these will not achieve the desired effect or only for ever-shorter periods. 


The body then becomes chronically fatigued and disease symptoms begin to 
surface more forcefully. Some symptoms can be linked directly to incompletely 
digested foods that are absorbed through a weak intestinal wall and now cause 
strong immunological reactions; these symptoms are the result of a food allergy. 
Disease symptoms develop selectively in parts of the body with hereditary defects or 
in those weakened by misuse or injured by accidents. 


Problem Foods: Almost any food, if used to excess by susceptible people, can 
cause allergies. However, certain foods, such as rice and vegetables, rarely cause 
allergies, while others carry a high risk of causing them. These high-risk items are 
called “problem foods” because, in addition to allergies, they frequently cause health 
problems in people who are not susceptible to allergies. 


People who are prone to food allergies generally have hypoglycaemia (low 
blood sugar) or diabetes, low blood pressure, a weak immune system, or a lack of 
digestive enzymes. People who have alkaline blood chemistry, as opposed to acidic, 
rarely have allergies. (For an explanation of the acid-alkaline balance, see Step 6.) 
Instead, they are insensitive to pain and skin irritants and may suffer from chronic 
degenerative diseases or become victims of an unexpected heart attack or stroke. 
However, the same problem foods are major contributing factors in the development 
of disease of both groups. 


The main problem foods are as follows: 


1. Cow’s milk and its products; also lactose or milk sugar added to processed 
foods. 


2. Wheat and to a lesser extent the other gluten grains oats, rye and barley (e.g.in 
beer). 
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3. Sweet foods, especially sugar, fructose used as sweetener, and synthetic 
sweeteners. 


4. Hydrogenated fats (for example, margarine) or heated oils and fats. 
5. Overuse of alcohol, coffee, tea, tobacco, drugs, and other stimulants. 


These five groups should generally be used sparingly. Foods that are 
incompatible with our blood-type group often cause problems. In addition, any food 
that contains pesticide residues or added synthetic food chemicals is a potential 
health hazard. | do not believe in a “safe” limit for these chemicals, especially as 
limits are set for each item individually while ignoring the cumulative effect of multiple 
chemical residues and additions. 


Social and Economic Factors: With the present poor eating habits deeply 
ingrained in our society and the all-out chemicalisation of our lives, it is almost 
impossible to remain reasonably healthy - and very few people do. Almost everyone 
has obvious or hidden health problems. From attending to children, parents, and 
grandparents of the same family, | have seen how the level of health deteriorates in 
successive generations. 


This trend is also clear from statistics and general observations for anyone who 
wants to see it. Statistics showing increased life expectancy due to greatly reduced 
infant mortality are irrelevant for judging the health of a population. These figures 
simply mean that more babies survive the early childhood infections, that we have 
better plumbing, and that more elderly people are kept artificially alive by organ 
transplants or life-support machines. 


But this is not health. More relevant statistics show that most people in Western 
countries suffer from chronic diseases and that the percentage of chronically 
disabled people is increasing rapidly. Arthritis, cancer, and Parkinson’s disease used 
to be diseases of old people. Now they are affecting children and juveniles. Health 
authorities so far have ignored the claims of natural medicine that it is the superior 
form of treatment for chronic and medically incurable diseases. The very fact of a 
high rate of chronic disease in our society attests to the inability of the conventional 
medical profession to successfully treat these diseases. 


This is highlighted by the embarrassing phenomenon of the falling death rate 
during doctors’ strikes. Statistics show that with a strike by doctors, the death rate in 
the affected population fell dramatically. In 1976 during a doctors’ strike in Bogota, 
Colombia, the death rate fell by 35 percent. In Los Angeles County, California, it fell 
by 18 percent during a strike in the same year, while in Israel it fell by 50 percent 
during a strike in 1973. Only once before had there been a similar drop in the death 
rate in Israel and that was during another doctors’ strike 20 years earlier. After each 
strike, the death rate jumped again to its normal level. 


During these strikes, emergency care was provided. This means the patients 
who lived longer during the strikes were those with chronic diseases. They obviously 
benefited from a reduced exposure to medical drugs, operations, and other 
technological interventions. There is an abundance of statistics, estimates, and case 
reports of the great number of patients who are in the hospital or worse because of 
disease caused by medical drugs and medical technology. 
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Selfish Motivation: Our medical and economic leaders do not want to face 
reality. They brainwash the public into believing that the present health situation is 
completely normal. Most importantly, the economic structure of Western civilization is 
largely based on the production and distribution of goods and services that are 
contributing to poor health. These include chemicalised agriculture and food 
processing, the pharmaceutical industry, technological medicine, and _ the 
petrochemical and plastics industries. 


The guiding motto for industry is profit, while for the consumer it is 
convenience. The price we all pay is the loss of our health. This situation is the 
natural outcome of a society based on selfish motivation. A change for the better can 
come only when more and more people realize that ultimately they harm themselves 
with selfish attitudes. Recognizing this is a first step towards improving your health. 
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Step 2 


THE ROAD TOWARDS HEALTH 


Learn the principles of natural living to restore your health. 


The first and most important step in reversing the deterioration of your health is 
to realize that you may have caused it yourself. Due to ignorance and habit, we 
select the wrong foods; out of laziness, we do not exercise; from lack of self-control, 
we create destructive emotions. Therefore, only the realization that poor health is the 
result of a lifetime of wrong living, which includes the living habits of our parents, can 
initiate a real change in us for the better. 


This understood, the next step is to find guidance on your road towards health. 
There is so much contradictory advice available today that it is confusing for the 
aspiring health seeker. Worldwide, medicine is in a state of chaos. The sterile 
monopoly of the conventional medical establishment is beginning to break down and 
multitudes of different healers are rapidly filling the gap. Find out by reading, 
listening, meditating, and experimenting which healing system is most appropriate for 
your needs. Then start a determined healing program using careful self-observation 
to monitor your progress. 


Measuring Health: It can be seen from the above discussion that disease is 
not something that happens suddenly, that one day you are healthy and the next day 
you are sick because cancer has been detected. Instead, your state of health has 
greatly deteriorated over many decades to only a fraction of what it might be in true 
health. Even suddenly appearing infections are possible only because of a gradual 
deterioration of your immune system. 


Health should be measured as vitality, as the body's ability to regenerate itself. 
An indication of the inherent vitality of the body is given by the speed of wound 
healing or bone mending and possibly hair and nail growth; in a more scientific way, 
we could measure it by the electric potential of body cells. 


According to this yardstick, hardly anyone alive today is likely to be more than 
90 percent healthy, while most people of “normal” health live at below 50 percent of 
their personally attainable health potential. When a chronic degenerative disease 
becomes manifest, the health potential drops to below 10 percent of optimal, and at 
death, of course, it is zero. 


It is meaningless to be elated about the success of conventional medicine in 
greatly reducing the number of people contracting certain infectious diseases. It is 
the overall number of unhealthy people that counts. If one disease is eliminated, 
unhealthy people will contract a different one. What is needed is a general health 
improvement that will effectively reduce the total number of people becoming sick 
and ultimately hinder the development of any disease. 


Eventually, with better genetic stock and improved living conditions, we should 
be able to live an active and enjoyable life until the age of about 120 years and then 
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quietly withdraw from the body. This is the presently unknown “natural death.” My 
reason for taking this position is the fact that some individuals have managed to 
reach an age of between 110 and 120 years without even trying, just due to their 
genetics. | interpret this as meaning that we all can reach this age if our gene pool is 
sufficiently improved. | believe that we will be able to surpass this limit if, in addition, 
we also consciously adopt a healthy lifestyle. However, for me it is irrelevant how 
long | “live,” because | know that | live equally well without a biological body. The 
important part for me is how well | live and not how long. 


In regard to the postulated natural death, | know personally of some individuals 
who were active until a ripe old age and then just died in their sleep, sometimes even 
saying goodbye to their relatives beforehand. For most of us who have serious 
inherited weaknesses and have misused our body for many decades, this may not be 
possible to achieve. Nevertheless, better health and an enjoyable life are possible for 
almost everyone. The key to success is in your mind! 


Table 1-1: Opposite Body Forces 


If the body is out of balance, then a condition may be improved by using a remedy from 


the same column. 
Condition 


sympathetic nervous system 
tension, contraction 
aggression, extroversion 
anger, fear, activity 

rapid pulse and breathing 
pupil dilated, mouth dry 
good muscle tone, body rigid 
poor digestion 

overexcited, hyperactive 
high blood pressure 
farsighted 

overactive thyroid/adrenals 
inflammation, pain 

diabetes, schizophrenia 


Remedy 


blue, indigo, purple 
vegetarian diet 

more potassium, magnesium 
lecithin, choline, insulin 
sedation, releasing energy 
magnetic south-pointing pole 
deep, slow acupressure 
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Condition 


parasympathetic nervous system 
relaxation, expansion 

placidity, introversion 
resentment, rest 

slow pulse and breathing 

pupils narrow, mouth waters 
poor muscle tone, body soft 
good digestion 

low energy, depression 

low blood pressure 

nearsighted 

under active thyroid/adrenals 
debility, weakness 
hypoglycaemia, allergies, arthritis 


Remedy 


red, orange, yellow 

animal protein 

calcium (sodium), iodine 
adrenaline, cholesterol 
stimulation, giving energy 
magnetic north-pointing pole 
rapid, light acupressure 





Basic Rules for Healthy Living 


Avoid or minimize your contact with: 


* Microwave cooking, frying; use of aluminium, non-stick and stainless steel cookware 
¢ Wheat, gluten, cow’s milk, sweetened foods 

¢ Meat from feedlots, or processed and seasoned meats such as sausages 

¢ Acid foods in contact with metal 

¢ Soy protein except if sprouted or traditionally fermented such as miso 

* Genetically modified foods 

¢ Margarine, cooking oils, trans-fatty acids 

¢ Chemical additives; artificial sweeteners such as aspartame (Nutra-sweet) 

¢ Soft drinks and processed fruit juices 

¢ Foods listed as inappropriate for your metabolic type or blood type (see part 5) 

¢ Starches mixed with food high in protein or acids 

¢ Smoking; overuse of coffee, tea, alcohol, drugs 

¢ Precooked or reheated meals 

¢ Chlorinated and fluoridated water 

¢ Metal beds; innerspring mattresses; sleeping near live electric wiring or appliances 
¢ Fluorescent lighting 

¢ Synthetic clothing, especially worn close to the skin (such as underwear) 

¢ Mercury amalgam tooth fillings; root-canalled or otherwise dead teeth; dental metals inside 
the mouth 

* Mobile/ cell phones, microwave stations for telephone and computers. 

¢ Vaccinations 


Maximize your contact with: 


¢ Fresh, raw, and organic food; purple foods (e.g., black grapes or red beets) 

¢ Sprouted seeds; fermented foods with acidophilus and bifidobacteria; sourdough baked goods 
* Seeds and nuts sprouted or soaked before eating or cooking 

* Cooking in glass or enamel utensils; eating food soon after it is cooked 

¢ Freshly ground linseed (flaxseed); extra virgin olive oil; coconut oil 

¢ Fresh vegetable and grass juice and blended green leaves. 

¢ Barley or wheat grass juice powder, spirulina, chlorella, pollen, lecithin, kelp 

¢ Neutralize fruit acids or vinegar with dolomite; have a high intake of magnesium and trace 
minerals 

Bitter herb teas to improve digestion; hydrochloric acid as supplement if fingernails are soft 
¢ Energy devices: crystals, magnets, pyramids 

¢ Energized food and water 

¢ Sleep with the head towards north, northeast, or east; pull out electric plugs close to bed 
before sleeping 

¢ Sleep on latex, natural fibre, or air mattress; energize water in water beds 

¢ Increase outdoor activity and exposure to mild sunlight without sunglasses or sunscreen 

¢ Press tender points on feet and body; squat for bowel movements; exercise; meditate 
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The Health Improvement Program: The basic requirements for real healing 
involve the reversal of the factors previously listed (Step 1) as the cause of health 
degeneration. Then add natural living, good nutrition, proper breathing, sufficient 
physical activity, improved emotional and mental attitudes, as well as specific 
procedures, uppermost of which is cleansing - the purification of body and mind. 


A fundamental aim of all healing is to provide the body with more vitality or a 
higher charge of freely circulating bioenergy. True healing is always a_ holistic 
process, involving all levels of the personality - physical, bio-energetic, emotional, 
mental, and spiritual. 


Using the types of self-testing described in this book and possibly with the help 
of a suitable health professional, you can work out an individualized health 
improvement program for yourself as well as for interested members of your family. 
This program may have to be changed and modified as you progress and gain 
experience. Preferably, it should include the following steps: 


1. Improve your nutrition: discover and break addictions and allergies; avoid 
problem foods, chemicalised, and refined food; pay attention to food 
combinations; select foods suitable for your body type and condition; use suitable 
supplements. 


2. Remove metabolic wastes and toxins: drink plenty of unpolluted water and use 
colonics and laxative foods; stimulate the skin; have repeated cleansing periods. 


3. Eliminate harmful microbes and parasites from your body and repopulate your 
intestines with healthy lactobacteria. 


4. Strengthen the body: use regular exercises such as yoga, tensing and stretching, 
or suitable outdoor activity. 


5. Improve energy flows: work out specific problems with reflexology, acupressure, 
ear acupuncture, magnet and meridian therapy, massage, and homeopathy. 


6. Create natural living conditions: minimize the use of synthetics and plastics; 
reduce your exposure to pollution and harmful radiation in your home; frequently 
be in fresh air with mild sun exposure; bathe in the sea or unpolluted streams; 
walk barefoot on the grass. 


7. Learn meditation and mind control: learn to express your negative emotions 
appropriately; practice generating positive feelings and emotions; love yourself as 
well as your neighbour; adopt a positive or spiritual philosophy of life; find a 
worthy goal or ideal and strive to manifest it. 


8. Form or join a health or healing group: support yourself, heal yourself, and 
support others in their healing. 


In addition to these self-help measures, it is advisable to seek expert 
professional help for specific problems. It is self-defeating, however, to view your 
health improvement efforts as a deadly serious matter, a “life-or-death” struggle. Like 
everything else in life, they are best conducted in a light and playful way, by exploring 
and enjoying yourself, even if it sometimes hurts. Remember: True healing means 
growing - learning and applying the laws of nature. 
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Balancing: An important general principle in healing is to aim for an overall 
balanced condition. Generally, every condition in our body is the result of the 
interaction of two opposing forces; in Chinese medical philosophy these are called 
yin and yang. Yin is cool and receptive; yang is hot and active. In our Western 
thinking, we see body processes as an interplay between overactive (yang) and 
underactive (yin) conditions, between tension and relaxation, and the sympathetic 
and parasympathetic nervous systems. However, yin can be overactive and yang 
underactive, depending on the individual. 


As part of our healing, we aim for balance not only on the biochemical level, but 
also in our emotions and thinking. If you are an extrovert, for instance, aim to go into 
yourself by meditating, learning to listen, feel, and understand. If you are an introvert, 
then try to become more outgoing and open in your relationships and social 
interactions. Table 1-1 shows some of the opposing forces that rule our body. 


Many natural therapists believe that most disease starts in the bowels or, more 
generally, in the gastrointestinal tract. This certainly is a common factor in many 
diseases and requires our initial attention. Allergy (food and substances) testing is 
most important for sensitive individuals and children with health problems. Fasting 
and cleansing are required to remove the heavy load of metabolic wastes and toxins 
that most of us have stored in the body. This cleansing process often leads to 
unpleasant symptoms - healing reactions, also called the healing crisis - which we 
frequently must endure before we can advance to a higher level of health. This is 
especially the case for those with a chronic degenerative disease. 
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Step 3 
INTESTINAL SANITATION AND ANTIMICROBIAL THERAPY 


Sanitize your intestines and rid your body of harmful microbes. 


Most diseases are caused or aided by microbes and parasites. Due to 
antibiotics, steroidal drugs and chemotherapy our natural intestinal bacteria 
commonly have been replaced with pathogenic microbes. Also microbes from 
childhood vaccinations may still be present, and there tend to be infection foci in root- 
canal treated teeth and possibly in scars due to surgery. All of these greatly weaken 
our immune system and allow fungi, viruses, bacteria and parasites to invade the 
blood and internal organs. Now we become susceptible to frequent acute infections, 
or to chronic infections and immune disturbances such as autoimmune diseases, 
allergies, diabetes, heart disease and cancer. 


This antimicrobial therapy is designed to rid our body of pathogenic microbes 
and parasites, and at the same time regenerate our immune system. The necessary 
steps are intestinal sanitation or re-establishing a healthy intestinal flora, followed by 
a longer period of systemic antimicrobial therapy. For long-term healing also root- 
canal filled teeth may need to be removed. 


INTESTINAL SANITATION 


One of the first and most important causes of our health deterioration at the 
biological level is an inability to digest all the food we eat. This may be because of 
habitual overeating; insufficient chewing; consumption of too much milk, bread, meat, 
and other problem foods; wrong food combinations; emotional problems; vitamin and 
mineral deficiencies; or inherited weakness of our digestive organs. However, 
presently the main cause of intestinal distress is the use of antibiotics and other 
drugs that damage our protective intestinal flora. 


This has two immediate effects: a proliferation of undesirable bacteria, fungi 
and other parasites as well as putrefaction in the large intestine. A major part of our 
immune system is located in the small intestine with an important centre in the 
appendix. For years before the onset of illness, there will be fierce fighting between 
our lymphatic cells and the proliferating intestinal microbes, resulting in chronic 
inflammation of parts of the intestinal wall. 


This may cause intestinal discomfort and various digestive disorders, and in 
children it can often result in appendicitis. This chronic inflammation weakens the 
intestinal wall and allows proteins that are only partly broken down, as well as 
bacterial toxins, to be absorbed and cause allergies. Apart from many unpleasant 
symptoms, this will greatly weaken the immune system and predispose us to 
rheumatoid arthritis and other autoimmune diseases, and it makes us susceptible to 
infections and cancer. 


While the intestines are often overactive during childhood due to high bacterial 
activity, with increasing age we tend to become more and more constipated. This is 
largely due to a lack of dietary fibre and a decrease in the bile flow, indicating a 
deficiency of lecithin and choline. The walls of the intestines become weak and 
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deformed as with diverticulitis; hard crusts begin to cover the intestinal walls and 
restrict their flexibility. 


Eventually, putrefaction products may cross the weakened walls of the large 
intestine and enter the bloodstream. This can poison the whole body, though the 
liver, heart, and brain usually bear the brunt of the attack. Irregular heartbeat, 
headaches, and fuzzy thinking are frequent initial symptoms. Every part of the 
nervous system may be affected. In addition, the valve between the large and small 
intestines (called the ileocaecal valve) may become inefficient and allow bacteria 
from the large intestine to invade the small intestines and the bloodstream. 


When the sewerage in a city breaks down or is not working efficiently, refuse 
accumulates in streets and on properties and greatly contributes to the spread of 
diseases. It is similar in a body with inefficient intestinal elimination. Waste products 
accumulate in the bloodstream and tissues and cause or contribute to the 
development of most diseases as well as to the general deterioration of health. Colon 
cancer is the most obvious and direct result. 


A diet of predominantly raw foods will, in time, correct these intestinal problems 
by supplying plenty of high-quality fibre and strengthening the intestinal walls. | do 
not recommend the habitual addition of bran to meals, as this makes minerals 
unavailable; instead, | recommend freshly ground raw linseed (flaxseed). Add one 
tablespoon or more to meals to ensure at least one and preferably two or three bowel 
movements daily. 


Another consequence of microbial overgrowth, often in combination with food 
allergies, is inflammation of the pancreas. This leads not only to a deficiency of 
digestive enzymes and problems of malabsorption, but it is also a main cause of 
insulin-dependent diabetes. A first step in this process is the bottle-feeding of infants 
from birth. This deprives them of important protective factors that are normally 
transmitted in breast milk. 


To overcome these problems we must improve our eating habits, learn to chew 
well, eat less, combine foods correctly, eat more raw foods, especially vegetables, 
eliminate harmful microbes, and reintroduce beneficial bacteria. 


Garlic Flush: A key step in improving digestive function, the immune system, 
and overall health is the restoration of healthy intestinal flora. This is important for all 
health improvement but especially if chronic diseases are present, and in particular 
AIDS, cancer, and autoimmune diseases. 


For this we reduce the pathogenic microbes in the intestines with a suitable 
microbicide followed by probiotics or healthy lactobacteria. | prefer fresh, raw garlic 
which has powerful antimicrobial and especially fungicidal properties. To carry the 
garlic through the length of the intestinal tract and also to minimize unpleasant 
reactions, such as headaches, nausea and other discomfort due to microbial die-off, 
it is preferable (but not essential) initially to take the garlic together with a strong 
laxative. This is called a flush. An effective flush is with a tablespoon of Epsom salts 
(magnesium sulphate) in a large glass of water. Drink some more water afterwards. 


If you are constipated or overweight you may take 2 tablespoons when using it 
for the first time to make sure that it quickly comes out at the other end. It tastes less 
bitter if you refrigerate the dissolved Epsom salts overnight. In the morning you crush 
a large clove of garlic, mix and drink it with a small amount of water, and follow this 
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with the refrigerated drink and some more water. You may minimize the garlic odour 
by crushing cloves while they are submerged in lemon juice. 


During the following mornings you may use less Epsom salts or take a milder 
laxative instead, such as psyllium. If you dislike garlic you may put the crushed or 
chopped garlic into gelatine capsules. If you seem to be allergic to garlic, then use 
another antimicrobial, such as Lugol’s iodine solution, a teaspoon of sodium 
bicarbonate, 1 or 2 teaspoons of 3% hydrogen peroxide, olive leaf extract, pau d’arco 
extract, or wormwood. Similar if you cannot use garlic because of social restraints. 
Nevertheless, | believe that initially garlic is best suited to disinfect the 
gastrointestinal tract. 


Other laxatives that may be used for a flush are Glauber Salz or sodium 
sulphate, castor oil, aloe vera, senna, or an isotonic flush: within about 5 minutes 
drink a litre of water in which is dissolved a heaped teaspoon of salt. You may need 
to experiment with your chosen laxative to find the right amount to take with the garlic 
so that it is effective within a few hours. 


Psyllium is excellent and strongly recommended for long-term use. It is 
especially effective for removing endotoxins from the intestines and reducing allergic 
and autoimmune reactions. It also helps to carry any added microbicide through the 
whole intestinal tract. To a large glass of water add a teaspoon of sodium 
bicarbonate and a heaped teaspoon of psyllium hulls, stir and drink immediately 
followed by another glass of water. Until you start with the systemic antimicrobial 
therapy in the next step add chopped garlic or another antimicrobial to the psyllium 
drink but continue adding a teaspoon of sodium bicarbonate as long as there are 
signs of pain, inflammation, Candida or overacidity. 


Probiotics and Ferments: This leads us to the next step: replacing the 
decimated pathogenic microbes with desirable or "friendly" lactobacilli. This must be 
done in a massive dose 30-60 minutes after each flush; otherwise the unwanted 
microbes may grow back to full strength after the next meal. Commonly probiotics 
contain acidophilus and bifido bacteria in addition to other lactobacteria. 


These bacterial cultures are available from health food shops as powders or 
capsules that should be refrigerated. Preferably buy milk-free cultures, especially 
with Type 1 diabetes and allergies. High-potency cultures should contain 10 Billion or 
preferably 25 Billion live bacteria per gram or per capsule (keep refrigerated). 


However, these dried cultures are dormant and relatively inactive as compared 
to bacteria in fresh or live ferments, and often have only a limited number of strains. 
Therefore experiment with making your own ferment as explained in Part 4. 
Alternatively obtain genuinely fermented sauerkraut or lactic acid fermented foods 
from health shops or the Internet. If you do not regularly use lactose-containing 
products then it is better to repopulate your intestines with bacteria grown on grains 
or vegetables. 


Kefir grains can be used to ferment not only milk but also vegetables. For an 
excellent information site see users.chariot.net.au/~dna/kefirpage.html. It has the 
advantage of containing a wide range of protective microbes and also to work at 
room temperature. | do not recommend using commercial yogurt to sanitise the 
intestinal tract because of the high content of mucus-forming lactose and limited 
strains of lactobacteria. 
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Commonly these ferments are rather acidic and may cause digestive problems 
in sensitive individuals. Therefore it is preferable for sensitive individuals to partly 
neutralise this acidity by adding some alkalizer before ingestion, such as_ bicarbonate 
until it is only slightly sour, or you may let the ferment stand for a few hours with the 
addition of some dolomite powder and decant it shortly before use. 


Take a cupful of ferment about 30 to 60 minutes after each flush, and possibly 
use more before other meals. Continue taking either probiotic cultures or ferment 
several times daily during the intestinal cleanse and the following systemic 
antimicrobial therapy. Continue this Intestinal Sanitation for a minimum of two weeks 
but preferably use ferments on and off for the rest of your life. 


Raw Food; The type of microbes that will readily grow and possibly dominate 
in our intestines depends very much on the nutrients that they get, meaning it 
depends on the food that we eat. A negative example is the strong influence that 
sugar and grain products have on the growth of yeasts, and especially Candida 
albicans. 


The opposite effect can be found in fresh raw foods, they tend to suppress 
harmful microbes and encourage beneficial ones. Besides raw lactic acid fermented 
foods, the strongest beneficial effect have green leaves and sprouted seeds. In 
addition to their own range of good bacteria they also provide the fiber and other 
nutrients for them to thrive in our intestines. 


As an added bonus fresh raw foods and in particular green leaves are strongly 
anti-inflammatory. Therefore they are the best healing agent for inflammatory 
intestinal conditions and (| believe) in sufficient amounts will prevent and probably 
cure bowel cancer. 


In addition to raw vegetable salads, a relatively easy way to ingest more fresh 
green leaves is as a blended pulp: blend a handful of leaves at high speed with 
sufficient water or juice and drink without straining. For best results the leaves should 
be organically grown and used as fresh as possible. Even a handful of fresh grass 
(cut in short length) or garden weeds may be used. 


You may also add sprouted seeds to the blend but not much fruit or other 
sweet foods as the combination of raw vegetable fibre and sugar can produce strong 
bowel fermentation. To a degree that can be good for those who have problems with 
constipation but it needs to be properly regulated. Also fibrous fresh fruits on their 
own tend to stimulate bowel activity by providing food for bowel bacteria. 


Hydrochloric Acid: In the elderly and especially those with chronic 
degenerative diseases, or often even young asthmatics, the body frequently loses its 
ability to produce an adequate amount of hydrochloric acid in the stomach. This 
leads to incomplete digestion of proteins and poor absorption of vitamins B1 and B12 
as well as minerals. The resulting mineral deficiency usually causes fingernails to be 
soft; also the hair may be unhealthy. 


Hydrochloric acid is also needed to activate pepsin (a protein-digesting enzyme 
in the stomach) and kill microbes in food. An inadequate amount of hydrochloric acid 
(HCI) in the stomach often results in overgrowth of the digestive tract with 
undesirable and pathogenic bacteria and fungi. This can cause or contribute to 
malabsorption, intestinal distress, and allergies to products resulting from bacterial 
and fungal breakdown, and in turn it will weaken the immune system. 
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Symptoms associated with insufficient gastric acid are belching, discomfort 
after eating or food lying heavily in the stomach, and anaemia. Often the lymphatic 
fluid is either over-alkaline or overacid (too far above or below neutral) and the 
energy level is low. In mild cases it may be helpful to add some lemon juice or cider 
vinegar as well as a small amount of magnesium chloride to a protein meal or drink 
half a cup of a bitter herb tea before meals. However, with obvious mineral 
deficiencies and lack of hydrochloric acid, typical of most cases of chronic 
degenerative disease, it is beneficial to use hydrochloric acid supplements with 
cooked meals that include meat, fish, eggs, cheese, legumes, or nuts. 


You can easily buy hydrochloric acid tablets, commonly with added pepsin. Use 
one or two tablets depending on the amount of cooked protein. Alternatively you may 
also buy and dilute hydrochloric acid yourself. Commercial diluted hydrochloric acid 
is usually 20 percent HCI, while the concentrated acid (from a hardware store) is 35 
percent. To make a two percent solution that is safe to use, mix one part of the 20 
percent acid with nine parts of water, or one part of the 35 percent acid with 16 parts 
of water. You may then mix one to two teaspoons (use plastic) of two percent HCl 
with your meal. It may be mixed with the protein portion or used as part of the salad 
dressing. Alternatively, you may dilute the acid with half a cup of water or herb tea 
and drink it after the meal. You may protect your teeth by drinking this through a 
straw. 


However, habitually taking acids will soon make the body overacid. Further, 
those who do not produce enough stomach acid also do not make enough sodium 
bicarbonate to neutralize an increased amount of acid in the duodenum. While the 
stomach content needs to be acidic, the contents of the small intestines need to be 
alkaline, otherwise nutrients are not properly absorbed. Therefore, it is advisable to 
take half a teaspoon of sodium bicarbonate in some water about two hours after a 
small meal and three to four hours after a large meal (with flesh food or other 
proteins). 


SYSTEMIC ANTIMICROBIAL THERAPY 


Systemic antimicrobial therapy involves cleaning the bloodstream, lymph fluid, 
and internal organs of pathogenic microbes. | believe the best and most powerful 
combination is a 3-week course of Lugol’s iodine solution followed by a gradually 
increasing dose of MMS. This may be followed by a longer period on 


Frequently, especially with Candidiasis, there is a die-off or Herxheimer 
reaction during intestinal sanitation or systemic therapy. You may feel weak and 
nauseous. In this case temporarily interrupt or reduce the intake of antimicrobials, but 
make special efforts to clean out your bowels. There is some anecdotal evidence that 
sipping a litre of water with the addition of half a teaspoon of salt may help 
eliminating headaches associated with a reaction. 


Lugol's Solution 


Compared to MMS, iodine is much better tolerated. Therefore you can use 
iodine to remove much of your microbial load in a relatively easy way, and with fewer 
side effects than with MMS. Furthermore, iodine has a special affinity for mucous 
membranes which are also an attractive hiding place for fungi. lodine is an all-round 
antimicrobial and an excellent fungicide. 
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It is commonly used as Lugol's solution with 10% of potassium iodide and 5% 
iodine, and may be called 5% iodine solution. Each drop contains about 6.5 mg of 
iodine/iodide. Other names for Lugol’s solution are Aqueous lodine Oral Solution BP 
or Strong lodine Solution USP (both of which contain 130 mg iodine/iodide per ml). 
lodine. Topical Solution (USP) contains 2% iodine and 2.4% potassium iodide. 
Therefore if you use this 2% iodine solution take 2.5 times more than the amount 
recommended for Lugol’s solution. In the US you may also buy lodoral tablets, each 
with the equivalent of 2 drops of Lugo’s solution. | do not recommend pharmaceutical 
types of iodine dissolved in alcohol or other solvents as they often cause side-effects. 


To test for allergy (which is very rare) take a drop of iodine in liquid other than 
just water. If there is no reaction, gradually increase to 6 to 8 drops 4 times daily or 
10 drops 3 times daily in liquid or mixed with food. Do not take the iodine directly with 
antioxidants but it is fine to have antioxidants five or more minutes later during a 
meal. You may use more or less iodine according to body weight. | believe that a 3- 
week course adjusted for body weight is generally safe for children. However, it may 
not be suitable if the thyroid is overactive or with goitre; with these conditions the 
amount of iodine may need to be increased much more gradually and adjusted 
according to symptoms. 


Continue for 3 weeks with the full dose, but interrupt or temporarily reduce the 
dose if you develop a serious reaction; if necessary repeat the course after several 
months. In the meantime continue with several drops daily for a much longer time. 
For more information on iodine see www.health-science-spirit.com/iodine.html. 


MMS — Sodium Chlorite 


Sodium chlorite is being used in many countries as an antimicrobial treatment 
in the food industry, as disinfectant, mouthwash, in toothpastes, and for water 
purification. As a 3.5% solution it was called ‘Stabilized Electrolytes of Oxygen’, and 
as a nominally 28% solution it is known as Miracle Mineral Supplement or MMS, or 
as water purification drops. 


In solution sodium chlorite (NaClO2) is very alkaline and stable but when 
acidified it forms the gas chlorine dioxide (ClO2) which is one of the strongest all- 
round antimicrobial and parasite remedies. The only residue left in the body after 
treatment with MMS is a small amount of table salt or sodium chloride. 


After intestinal sanitation and a course of iodine you may start with MMS 
therapy. The original procedure involves starting with 1 or 2 drops of MMS and 
gradually increasing this up to 15 drops once or twice daily. However, this often 
causes nausea to develop at higher doses. In this case you may absorb the gas from 
the mouth or the rectum as this usually does not cause nausea. 


An alternative method for intensifying the antimicrobial program or for 
overcoming an acute or persistent infection is by taking 3 to 4 drops of acidified and 
diluted MMS every two waking hour for several days. Temporarily reduce the dose if 
any nausea should occur. 


In all cases mix the MMS with five times the number of drops of lemon or lime 
juice but preferably with a more effective 10% solution of citric acid in water. You can 
make this yourself by dissolving 1 part of citric acid crystals in 9 parts of water. Less 
recommended is white vinegar (but not cider vinegar which can sometimes 
aggravate fungal problems). 
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Three to four minutes after adding the acids add half a glass of water or herb 
tea, or juice without added vitamin C, e.g. apple or grape juice but not orange juice. 
Do not take any antioxidant supplements close to MMS; generally keep them 3 or 
more hours apart. If it tastes too acid then you may wait 5 minutes longer and add 
some sodium bicarbonate shortly before drinking. Watch that it remains slightly acid 
because when the solution becomes alkaline chlorine dioxide converts back into 
sodium chlorite. 


Acidified MMS acts strongest on an empty stomach but that also easily causes 
nausea. Generally it is better to have some food in the stomach and be able to take a 
higher dose. If nausea occurs temporarily reduce the dose. Commonly nausea, 
vomiting and diarrhea may occur sooner or later and are beneficial for cleaning out 
but may be avoided or minimized with the preceding intestinal sanitation and iodine 
therapy. 


With an acute and serious infection, including malaria, influenza and urinary 
tract infection, you may immediately use a high dose, such as 10 or 15 drops, 
possibly followed an hour later by the same amount. You will vomit and be very 
uncomfortable for about a day but it may immediately overcome the infection. 
However, for chronic conditions and general health improvement it is best to increase 
by 1 drop each day until you feel some nausea. 


Then cut back by 2 drops and stay at this level for several days until increasing 
again by 1 drop a day. In this way you gradually work your way higher, reducing and 
then increasing again to keep nausea under control. You may reduce problems by 
dividing the daily dose into a morning and a bedtime portion, but after some time 
always try to edge higher until you start feeling the nausea. 


To quickly stop nausea you may take 1000 mg or more of vitamin C, but this 
also stops the antimicrobial activity. To avoid or minimize oxidative damage | 
recommend taking MMS only in the morning and evening or only once a day and use 
a combination of antioxidants, including vitamin C, at lunchtime or several hours 
away from the MMS. 


The oral absorption method is designed to avoid nausea and seems also 
effective with smaller doses then swallowing it. To 1 part of MMS add 5 parts of 10% 
citric acid and after 3 or 4 minutes dilute with about 30 ml or a big mouthful of water. 
Wait another 5 minutes and then add up to 8 parts of a 10% sodium bicarbonate 
solution to protect the teeth from acid attack. This will give a pH of about 5 to 6, and 
one can keep it in the mouth for 5 to 20 minutes before swallowing or spitting it out. It 
should not become neutral or alkaline or it will become much less effective. You 
make the 10% bicarb solution by dissolving one level spoonful of bicarb in 9 
spoonfuls of water. Instead of water you may also use fruit juice as mentioned 
before, or herb tea, or sweeten with Xylitol or Stevia. 


| regard 6 drops of MMS as a good strong dose for oral absorption. For an 
acute infection you may follow up with a second dose As a general cleanse you may 
use this or a lower or higher dose for 2 to 3 weeks, best at bedtime. With a persistent 
infection continue on and off for a longer time, you may experiment with one week on 
a high dose of MMS alternated with several weeks on a high antioxidant intake. 
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The rectal absorption method is good with problems in this area, such as 
rectal or prostate cancer, irritable bowel, and infections, cysts and cancers of the 
female organs. This is similar to using coffee enemas for cancer patients. 


Preferably have a bowel movement and a cleansing enema, and then try 2 
acidified drops in 250 ml of water. Hold for several minutes, then expel, clean again 
with an enema and finally insert a larger number of drops, perhaps 4 to 8 activated 
drops in 250 ml water and hold for a longer time, up to 30 minutes. As with oral 
absorption you may also add some bicarbonate to make it less acid. Protect the anus 
with some fat or Vaseline. There tends to be no direct discomfort, but for several 
hours afterwards energy may be low, and several cleanout bowel movements may 
follow. You may try this once a week with gradually increasing doses. 


In case of vaginal thrush you may also try one activated drop suitably diluted 
and later followed by some probiotics. Also try the mouthwash solution. 


Mouthwash: You may make a mouthwash by diluting a teaspoon of MMS in 
500 ml of water. This is only slightly alkaline and tends to release small amounts of 
chlorine dioxide in contact with acid-forming bacteria. It is also commercially 
promoted as the most effective method for removing bad breath or halitosis. It does 
this by oxidising smelly sulphur compounds in the mouth to non-odorous sulphates. 
Swish a mouthful around for a short time, gargle, and spit it out. You may also flavour 
the solution or make it weaker. Some people claim that regular use has protected 
them from ‘catching’ infections. 


Furthermore, occasional oral absorption of chlorine dioxide and regular use of 
MMS mouthwash tend to eliminate pathogenic microbes and inflammation in the 
mouth. These may originate from root canals, deep tooth pockets or gum 
inflammations and are strongly implicated in the causation of arteriosclerosis, heart 
attacks and other heart diseases, rheumatoid arthritis, diabetes, prostate cancer and 
other cancers. 


To combine the stronger antimicrobial effect of oral absorption with the 
convenience of a mouthwash add a drop or two of lemon juice or citric acid to a 
teaspoonful of mouthwash solution and immediately start swishing this in the mouth 
for a minute or two before spitting it out. This has a relatively mild effect on the taste 
buds. One teaspoonful of mouthwash contains about one drop of MMS. 


A recent addition to the MMS arsenal is MMS2 or calcium hypochlorite. It is 
especially good for killing microbes and parasites in the intestinal tract. This is 
beneficial with Crohn’s disease and other inflammatory bowel conditions as well as 
cancer of the colon and prostate, and possibly of the pancreas and liver. For details 
see http://www.health-science-spirit.com/MMS2.htm. 


Preferably inform yourself further by reading my MMS Internet articles at 
www.health-science-spirit.com, and visit http://www.jimhumble.com and 
http://jimhumble.biz/; Jim Humble discovered and developed the MMS treatment. 


Other Antimicrobials 


Fungi can be controlled with alkalizers. Due to its alkalinity sodium bicarbonate 
is a strong fungicide, and potassium bicarbonate is even stronger. Half to one 
teaspoon of bicarbonate in a glass of water taken on an empty stomach or 2-3 hours 
after meals can be used several times daily to sanitize the intestinal tract and alkalize 
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the lymphatic system. Bicarbonate solution is very effective in direct contact such as 
for rinsing out the mouth, sinuses or vagina or as packs over sites of fungal infection 
and tumours. 


Some _ additional remedies for systemic antimicrobial treatment are 
concentrated olive leaf extract, concentrated Pau d’arco extract, and wormwood. 
These may not be as strong as the combination of Lugo’s solution and MMS but are 
milder acting and easier to use for a longer period. 


The following herbal dosages are for average body weight, overweight 
individuals may take more and underweight individuals or children less. These 
remedies may not be suitable in high doses during pregnancy, in this case consult a 
health professional. 


Further supportive methods are oxygen therapy, coconut oil or caprylic acid 
(Capricin), an electronic blood purifier and magnetic pulser. Some other good anti- 
microbial remedies are propolis, extract of Neem leaves, and the oils of tea tree, 
Neem tree, cinnamon, eucalyptus, mustard, oregano, shark liver, and thyme. You 
may try using 1 to 2 drops of essential oil four times daily diluted and ingested or 
kept in the mouth. 


Colloidal silver is best for direct treatment of affected areas, such as douching 
or gargling, as after ingestion it may not be effective past the stomach. For asthma, 
lung infections and lung cancer | would also consider spraying colloidal silver into the 
mouth during deep inhalations. 


Even if systemic infestations with Candida and other microbes are successfully 
eliminated there may still remain problems in isolated areas, such as fungi or 
parasites in skin patches, vagina or under toenails. These should be intensively 
treated with local application using a wide range of the mentioned remedies. 


If you continue to have persistent long-term microbial or parasite problems use 
a combination of different antimicrobials and frequently vary the composition of the 
treatment as well as the dosage, also add alkalizing and possibly electronic zapper 
and pulser. Also read about the importance of the Basic Cleanse in Step 4. 


Olive leaf: Olive leaf is an effective anti-microbial. It can be used as tea or 
powder but commonly it is now used as an extract. The active ingredient is 
oleuropein. Preferably use up to 1000 mg of oleuropein daily as part of the anti- 
microbial rotation program. Dried olive leaf has about 30 mg of oleuropein/gram. 


As the tea is rather bitter it is now rarely used: simmer 30g of dried leaves in 1 
litre of water for 1-2 hours, top up, strain and refrigerate, and drink 3-5 cups daily. 


In powder form olive leaf extract has 200mg to 220mg/g. Use up to 5 g of 
powdered extract daily. You may stir half a teaspoon in water or other non-protein 
liquid two or three times daily and take before meals (oleuropein may be inactivated 
by high amino acid levels). The normal retail form is as 500mg capsules of extract, 
and you may use up to 10 capsules daily. Commercial liquids commonly contain only 
4 mg of oleuropein per ml. 


Pau d’arco; Pau d’arco (also called taheebo or lapacho) is a strong fungicide 
from the inner bark of a South American tree. It has the advantage of tasting 
reasonably pleasant. Either use extract or make tea: one tablespoon of bark or a 
heaped teaspoon of powder in a large cup of water. Bring to boil and let simmer or 
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steep for 5 to 15 minutes; drink 3 cups a day. Powdered pau d’arco in capsules or 
cold water does not work but you may use the extract in capsules. Use 3 capsules of 
extract 3 times daily. For severe Candidiasis or other systemic fungus problems try to 
obtain 1 kg of extract powder and take several teaspoons daily. 


Wormwood: Wormwood is effective against most microbes and parasites. 
Commonly used for Candida is Artemisia absinthium, but also Artemisia annua or 
Sweet Annie can be used. Both herbs have different active ingredients, and it may 
even be good to use a mixture of both. They should not be used during pregnancy. 


To avoid the bitter taste of A. absinthium stir a rounded teaspoon of powder in 
some cold water or juice and drink immediately. Use a teaspoonful three times daily. 
However, the bitter qualities of wormwood tea stimulate the digestive system - 
stomach, pancreas, liver and gall bladder. It has been used as a folk remedy to cure 
jaundice. 


Therefore, you may sometimes drink it as tea during or after a meal. Make the 
tea by adding a teaspoon of wormwood to a cup of boiling water and steep for ten to 
fifteen minutes. It is easiest to take by swallowing it quickly and, before breathing 
again, drinking something pleasant afterwards. For children you may also use 
wormwood powder in capsules (3 to 5 capsules 3 times daily), or use only Sweet 
Annie. 


Conclusion 


While orthodox medicine uses specific drugs for specific microbes, in natural 
medicine we use broad-based remedies that commonly cover viruses, bacteria, fungi 
and parasites at the same time. Medical antibiotics tend to kill our friendly gut 
bacteria, which then allow Candida and other fungi to invade the body and cause 
numerous health problems. This can be easily prevented by also taking fungicides in 
the form of natural remedies while using antibiotics, and adding probiotics soon 
afterwards. 


Broad-based remedies are cheap and effective and ideally suited for self- 
healing. But this does not mean that they are harmless. While damaging side-effects 
are much less common than with drug medicine, problems can occur, especially with 
high doses of MMS, and for those with overactive thyroids also when using Lugol’s 
solution. This means, you need to use common sense, observe how your body 
reacts, and cut back or use another remedy if indicated. This is an experimental 
approach in which you need to be flexible and take responsibility for your health and 
your actions instead of just following the orders of a doctor. 
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Step 4 
FASTING & CLEANSING 


Become clean on the inside by removing accumulated wastes and toxins. 


Fasting is a period of restricted food intake and cleansing is the removal of 
waste products from the body as a result of fasting. This combination of fasting and 
cleansing is the most effective general healing method. It is essential for overcoming 
chronic diseases and for rejuvenating an aging body. It is also excellent for ensuring 
continued health and minimizes the risk of a disabling disease later in life. 


In recent years a steady stream of research articles has pointed to the 
accumulation of metabolic waste products inside of cells as a main factor in the 
causation of practically all chronic diseases. In addition to weakening the cell and its 
energy metabolism, these waste products are also the breeding ground for internally 
evolving or endogenous microbes that are a basic cause of cancer and autoimmune 
diseases. 


Cellular Waste Products 


The body recycles millions of cells and their components every second, usually 
without a problem. However, if cells are unhealthy, then some of their proteins, 
especially nucleic acids from DNA and RNA, are abnormal and cannot be properly 
broken down and recycled. Instead they accumulate as cellular sludge. Various 
researchers have shown that out of this sludge can now arise primitive microbes. 


It appears that new viruses arise from RNA fragments surrounded by a cell- 
wall, while mycoplasma are from DNA fragments without a proper cell-wall, and 
nanobacteria develop from damaged mitochondria, the cellular energy factories. 
These primitive life forms are pleomorphic which means that they can change into 
higher forms of bacteria and fungi which then are at the basis of cancer and 
autoimmune diseases. 


A large part of these cellular waste products are composed of oxidized and 
peroxidized or polymerized polyunsaturated fatty acids, especially trans-fatty acids, 
and combinations with degraded or wrongly folded proteins. Included are also 
metals, such as mercury, aluminium and iron. Residues with oxidized fats are 
commonly called age pigments, and more scientifically ‘lipofuscin’. In the aging skin it 
can be seen as yellow-brown or brown ‘age spots’ or ‘liver spots’. 


Another waste product associated with vitamin E deficiency is called ‘ceroid’, 
while ‘amyloids’ are protein residues that accumulate mainly in the brain and in nerve 
cells, causing. Alzheimer’s disease, Parkinson’s disease and amyotrophic lateral 
sclerosis (ALS). Up to 70% of the volume of nerve cells may consist of such waste 
until cells are finally killed, although they would have lost most of their normal 
functions much sooner. 


These waste products impair cellular functions and our overall health in many 
ways: they interfere with the movement of nutrients into the cell and metabolic 
wastes out of the cell, they poison the oxidative energy production or respiratory 
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chain of the mitochondria and cause us to be low in energy, they interfere with the 
signalling capacity of nerve cells and the normal function of muscle cells, and they 
provide the raw material out of which the pleomorphic microbes arise that weaken 
our immune system and cause autoimmune attacks and cancer. 


If you now understand the devastating impact of cellular wastes on your long- 
term health you will also realize the importance of repeated fasting and cleansing 
periods in your health program. Even medical research can now show that removing 
protein debris from cells keeps aging organs young and healthy. 


The main causes leading to the accumulation of these wastes are: 


devitalized food due to processing, cooking, and long-term storage 
lack of enzymes due to cooking. processing and overeating 

eating highly heated proteins and oils 

antioxidant deficiencies 

exposure to unbiological chemicals in food, water, air and drugs. 


What to do 


SIONS 


Just by fasting alone many chronic diseases can be healed. The only 
disadvantage is that it can be unpleasant, especially for beginners. Fasting is not 
indicated for anyone who is weak, fatigued, or underweight with difficulty gaining 
weight. We need a reasonably good energy level to fast and cleanse successfully. 


When we stop having normal meals our digestive enzymes become available 
to digest and remove the sludge in our cells. While it is essential to minimize the 
intake of food, it should be as high as possible in vitality and enzymes, meaning that 
it should be fresh and raw. Ideal would be freshly cut wheat or barley grass, or leaves 
freshly picked in a garden. Eat any food in small amounts or drink any juices in small 
sips spaced out over a longer period. This is especially important for fruits or any 
sweet juices as from carrots etc. Keep each bite or sip in the mouth for several 
minutes. 


Start with several one-day fasts, possibly once a week, before trying a three- 
day fast. Then have a three-day fast once a month; if you live according to normal 
working hours, have your first fast day on a Friday, as the second day often feels the 
worst, and this way you'll be at home. 


Once or twice a year you may fast for seven days or longer. Instead of a series 
of strict fasts you may have longer periods on a raw food diet and use a strict fast 
only occasionally. With chronic diseases the need for cleansing is much greater than 
for general health improvement. After a year or two of good health, the number of 
cleansing periods may safely be reduced to twice a year, unless you use much 
processed food. With the onset of a cold, flu, or other infectious disease, start a fast 
immediately. 


The more often you have a fast, the less you normally are affected by it in a 
negative way; a sense of peace and well-being may develop instead. As long as you 
are still congested during a fast, your tongue will be strongly coated and your breath 
may have a strong odour when you get up in the morning. Conversely, if your breath 
and tongue are clear in the morning, your body is reasonably clean and no more 
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fasting is needed. To freshen your breath, you can scrape or brush your tongue clean 
whenever it is heavily coated; use a sharp-edged spoon for scraping. 


For several days before a longer fast, start reducing your amount of food and 
preferably do not eat flesh or processed foods on the last day before a fast. Best 
have only raw fruit and vegetables on that last day. In the same way, increase the 
amount of food only gradually after a fast and have only raw food on the first day 
after a fast. The longer the fast, the less you should eat at the first meal and the 
longer it should take to return to the usual diet; an apple is a good food for breaking a 
juice or water fast. Drink plenty of fluids during the fast. 


It is important to keep the bowels moving during a fast, and you may use 
laxatives, enemas or colonics as required. With a juice fast it is advisable to use 
several glasses of psyllium in water. Keeping the bowels clean is not a problem if 
fasting on fresh raw salads, fruits, and blended green leaves. 


The effectiveness of the fast can be further increased by using a hot castor-oil 
pack for 3 or more days during the fast. Coat the liver area (the bottom of your right 
rib cage) and upper abdomen with castor oil, cover with a woollen cloth folded in four 
layers, and keep the area warm for an hour or two with a hot-water bottle. At bedtime 
drink two tablespoons of olive oil, possibly shaken in a jar with lecithin and fresh 
orange or lemon juice. The next morning take sufficient laxative to produce a good 
clean-out within a few hours. 


The topical castor oil stimulates the liver’s capacity to detoxify, while the olive 
oil induces the gallbladder to empty and expel fat-soluble toxins from the liver, and 
the laxative removes the poisons quickly from the bowels. This method of cleansing 
causes a minimum of discomfort as the fast might otherwise result in headaches, 
nausea, and weakness. 


Take it easy during fasts; rest whenever you feel weak, or just stay in bed if 
necessary. Skin brushing, deep-breathing exercises, mild sun exposure, and 
frequent showers are helpful. 


Learn to listen to your intuition and the language of your body, rather than just 
following expert advice or sticking to a pre-determined program. Sometimes it may 
be better to ease the program and have some cooked food, You also need to keep 
your ‘inner child' reasonably happy. Ask it for cooperation, and in return promise and 
deliver some treats for any hardships that have to be endured. 


With chronic diseases cleansing may trigger healing reactions, lasting for days 
and sometimes weeks. During a reaction, pain or areas of discomfort may shift 
around to different body locations. During this time you may ease any strict program 
and do whatever is necessary to make yourself more comfortable. For a better 
understanding of this important subject see Step 10. 


The Basic Cleanse 


| recommend that you use this most effective cleanse from time to time, 
perhaps once or twice a year. It is designed to clean out and sanitize your 
gastrointestinal tract, liver, and gallbladder. Eat organic apples only for the first three 
days, aS many as you like. Granny Smith or other tart apples are preferable, but if 
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you feel that they are too acidic for you, then use a sweeter variety. If organic apples 
are not available, then remove the skin and core of conventionally grown apples. 


In the evening place a hot castor-oil pack on your liver and upper abdomen and 
take a tablespoon of olive oil orally at bedtime. However, on the evening of the third 
day, drink half a cup of olive oil in this way. Then lie down immediately on your back 
or right side. After the first bowel movement the next morning, look in the toilet bowl 
for gallstones. There may be hundreds of little greenish wax balls of different sizes 
floating on top of the water. 


First thing in the morning on the second to fourth day, drink a glass of water 
mixed with a crushed clove of garlic and one tablespoon of Epsom salt (to cause a 
good bowel clean-out within a few hours). If you cannot take Epsom salt, then try 
another strong herbal laxative (e.g., senna) or use the isotonic flush. If you have 
trouble taking raw garlic, put it into empty gelatine capsules, or use hydrogen 
peroxide instead. About one hour after consuming the Epsom salt and garlic, take a 
large dose of acidophilus-bifido culture in the form of high-potency capsules, powder, 
or homemade yogurt, or some self-made ferment. 


If you do not have the time or energy for the full cleanse, then you can at this 
point return to your normal diet and do the rest at another time. Otherwise, from the 
fourth morning on stop using the apples, Epsom salt, and garlic, and for the next five 
days drink only freshly pressed vegetable juices, although these may be flavoured 
with apple or some other fruit. Every three hours (5 times daily) take a heaped 
teaspoon of psyllium hulls together with two to three teaspoons of ground linseed 
(flaxseed). Mix this in a glass of water and drink immediately, followed by more 
water. The linseed should be freshly ground in a blender or coffee grinder and stored 
frozen or refrigerated. The purpose is to fill the bowels, with a moist mass that will 
soften and dislodge any hard crusts and putrefying matter. This is essential and very 
effective with all inflammatory bowel conditions, diverticulitis, intestinal parasites, and 
cancer. 


Take a spoonful of lecithin granules and plenty of protein-digesting enzymes 
together with the juices. With every glassful of juice, you can take two or three tablets 
such as pancreatin, bromelain, or papain. Alternatively and even better, if available, 
use mature green papaya, when it turns yellow inside and the seeds are already 
black. You can make a Smoothie by blending it with some vegetable juice or yogurt; 
use up to half a medium-size papaya a day. You could also use the juice of papaya 
leaves or immature fruit, but this may need to be flavoured and well diluted, as it is 
bitter. 


On the morning after the last juice day (or possibly at bedtime the night before) 
take a tablespoon of Epsom salt in water or generally enough laxative to produce a 
strong bowel clean-out during the morning. Often long strings and parts of 
compacted faecal matter, which look like sections of bowel, are eliminated. It is 
advisable to increase the variety of food very gradually while doing allergy testing at 
the same time (see Step 5). 


There are many possible variations of this Basic Cleanse. For instance, if you 
do not have a juice extractor, you can either continue longer with apples or have a 
few small raw salads instead. If you cannot get organic apples but have plenty of 
wheat or barley grass and vegetables for juicing, then you can extend the juice 
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schedule from five to eight days; have the castor-oil packs, olive oil, garlic, Epsom 
salt, and acidophilus during the first three or four days. Also highly recommended are 
fresh green leaves blended in water for part or all of the cleanse. 


Another possibility, especially good for those with high blood pressure, is to use 
freshly pressed lemon juice instead of the vegetable juice and possibly instead of the 
apples as well. Use psyllium hulls and ground linseed as for the last five days of the 
Basic Cleanse, but instead of vegetable juices drink the juice of five to eight lemons 
diluted in three or four quarts of pure water. You may do this for the full eight days or 
instead of the vegetable juice for the last five days. If doing this for the full eight days, 
then use castor-oil packs, olive oil, Epsom salt, garlic, and acidophilus (as described 
for the apple days). 


Another often recommended additive is Bentonite, a form of powdered or liquid 
absorbent clay. This helps to remove plaque or old coating from colon walls and also 
absorbs toxins. Each time you use the ground linseed and psyllium, add either one 
teaspoon of powdered or one tablespoon of liquid Bentonite, which you can consume 
orally. 


Lymphacising 


A good way to greatly increase the cleansing action during a fast is 
lymphacising - gently bouncing on a rebounder or mini-trampoline. This speeds up 
the lymph flow to many times its normal rate. Lymph is the blood fluid that filters 
through the walls of arteries and capillaries into the tissue, delivering oxygen and 
nutrients to individual cells and carrying away carbon dioxide and other waste 
products. However, if the cellular waste production is high and lymph flow is slow, 
cells begin to clog up and become inefficient, preparing the ground for the 
development of a disease. Increasing the lymph flow greatly helps to reduce this 
danger; bouncing on a rebounder can do this. 


Cleansing the body involves dislodging wastes and toxins from within and 
between cells and transporting them with the lymph fluid to the large veins near the 
neck; there they enter the bloodstream to be discharged through the liver and 
kidneys. 


A greatly reduced food intake is the main way to dislodge stored wastes and 
toxins. Muscle activity propels the lymph flow; castor-oil packs, fruit acids, olive oil, 
bitter herbs, and sulphur compounds stimulate liver detoxification of fat-soluble waste 
while a high fluid intake and herbs for the kidneys, such as dandelion, help remove 
water-soluble wastes. 


During fasting we usually do not have much energy for muscle activity, but 
lymphacising can come to the rescue as it does not consume much energy and one 
feels energized afterwards. With each bounce on the mini-trampoline the lymph is 
pushed towards the neck and prevented from falling back again because the valves 
through which it pushes are one-way (also see Step 9). 


Another way of speeding up your lymph circulation is by inverting your body. 
Special inversion equipment, on which you can hang upside down, is available, or 
you can use an inclined board, simply put your legs up against a wall while lying on 
the floor, do the leg motions of bicycling while in the inverted position, or do a 
shoulder stand or headstand as described in hatha yoga. 
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THE LONG CLEANSE 


A Long Cleanse of about 6 weeks duration on either a small amount of 
vegetable juice or grapes has been used to shrink or dissolve tumours and normalize 
lymph and blood cancers in thousands of cancer victims. If the body is starving it 
digests its own non-essential tissues, and it starts with diseased parts and tumours. 
Famous examples of this kind of cleanse are the Breuss Cure on half a litre of fresh 
vegetable juice; the grape cure of Johanna Brandt; the wheat grass cure of Ann 
Wigmore; and even the urine fast of John Armstrong. 


It works even better with large than with small tumours as these are a source of 
protein, but it also eliminates the large amount of protein debris that is a main cause 
of cancer. This long cleanse is usually the best way to eliminate or greatly reduce 
tumours without strong and unpleasant side effects. It is especially suited for 
overweight individuals. 


On the Breuss Cure you drink half a litre of fresh organic juices daily, extracted 
in a non-centrifugal way. The usual composition is 3 parts of beetroot, 1 of carrot and 
1 of grass juice or celery, and preferably a small amount of horseradish, radish or 
turnip or their leaves. 


As an alternative you may use 1-2 litres of juice consisting mainly of about 
equal parts of green juice as from grass and leaves, and beetroot-carrot juice 
flavoured with ginger and pollen, in addition to unstrained blended green leaves. Hot 
onion broth may be used in the evening, purple onions are best; cook the skins as 
well. This larger amount of juice is more suitable for maintaining energy without 
compromising the cleansing effect. The weight loss during a 6-week fast is usually 
between 5 and 15 kg, mainly due to losing water and from half to one kilogram of fat 
per week. 


With the grape cure eat black or purple grapes. Eat them with skins and pips. 
Preferably chew the pips to release their antioxidants. Soak the grapes best with the 
addition of some hydrogen peroxide to kill and remove any fungi. Eat about 1kg daily 
according to appetite. If a temporary aversion to grapes develops, have a few days of 
juices in between. Eat only a few grapes at a time to avoid a strong rise in the blood 
sugar level. Store grapes cool and dry, you may hang them over a washing line in a 
garage. 


If you feel that you definitely need something savoury to keep going, prepare 
and drink a warm strained vegetable broth in the evening, including plenty of purple 
onions. Also simmer the outer purple onion skins. Furthermore, you may make a tea 
from savoury herbs and spices or turmeric and ginger. 


Different Cleansing Methods 


Apples are good for the first three-day fast. Preferably obtain unsprayed 
apples, otherwise either peel or scrub them in warm soapy water and rinse well. Do 
not ingest waxed skins. Eat as many apples as you like, generally the more the better 
to keep the bowels moving. Apple fasts are usually well tolerated, and they are also 
good for children. 


Fasting on freshly pressed vegetable juices is somewhat more severe but 
generally well tolerated. Preferably use plenty of green juice made from wheat or 
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barley grass, vegetable leaves, and celery, flavoured with sweet vegetables such as 
carrot, beet root, or pumpkin, and possibly an apple. This juice may be diluted with 
water for a total fluid intake of two to three litres daily. If you are sensitive to pain, 
cold, or skin irritants, minimize the amount of sweet juices you consume and possibly 
add some alkalizers. 


For sensitive, weak, or underweight individuals, a rice diet lasting ten or more 
days may initially be better. Eat only cooked brown rice, lightly flavoured with salt and 
olive oil and supplemented with preferably one to three tablespoons per meal of 
unheated ground linseed (flaxseed). Use sufficient linseed to have three easy, bulky 
bowel movements daily. You do not need to eat “proper” meals; just have a few 
spoonfuls whenever you feel hungry, and chew it very slowly. Preferably follow up 
the rice diet with a period of eating raw food only; or alternate periods on cooked rice 
and raw foods several times. However, if brown rice is not tolerated, try white rice. A 
rice diet helps to overcome allergy problems. 


For non-sensitive individuals, a three-day lemon-juice fast is excellent and 
especially good for improving liver functions; it is also recommended for those with 
high blood pressure and who are overweight. About ten times during the day drink a 
large glass of water to which is added the fresh juice of half a lemon. You may 
flavour this with a small amount of fresh grapefruit or orange juice. Later you can 
extend this fast to seven days or longer. This is especially helpful with diabetes. 


The “grape cure” is not only known as a cancer cure, but is also good for 
coronary artery disease and other chronic diseases. You eat about one kilogram of 
grapes spaced out in intervals during the day to avoid any strong rise in the blood 
sugar level. Continue for several weeks. Black grapes are best, otherwise use purple 
or red. 


Unfortunately, it is difficult to obtain unsprayed, organic grapes. If you have to 
use sprayed grapes, wash them thoroughly in warm soapy water and rinse well. If 
you are sensitive to moulds, soak the grapes in diluted hydrogen peroxide or expose 
them to sunlight before a last rinse and eating. 


For a longer cleansing period, use a mixed fast. You may, for instance, start 
with several days on a rice diet and follow this with a period of raw food only, with a 
time on apples or grapes and a further period on juices. Then repeat this sequence in 
reverse order with days of eating only fruit, raw food, and finally rice before returning 
to your normal diet. The cleansing period may last for several weeks, or even 
months, with repeated sequences. 


Unless you have an acute infectious disease, do not start a strict fast when you 
feel weak. In this case, you can alternate between a rice/vegetable diet and a raw 
food diet. Those with acute infections should have only fresh fruit, fresh salads or 
vegetable juice until health improves and good appetite returns. 


A urine fast has the advantage of providing vital nutrients and activating the 
immune system while ingesting a fluid that is already charged with your own life 
force, It is not as difficulty to do as it may sound because after a few days it is so 
diluted that it just tastes like water. For details see Step 22. 


If you suspect your body is overloaded with chemicals or that your liver’s ability 
to detoxify is reduced, do only mild fasts initially, such as the rice diet and raw food 
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diet. Also supply yourself with plenty of sulphur in the form of MSM (see Part 3) or, 
alternatively, use onions, raw egg yolk, and possibly the amino acids cysteine and 
methionine, or even powdered sulphur. Regular cleansing is the more important the 
older and physically less active you are. 


Mucus problems are very common. This is obvious when we have a cold with 
a congested or runny nose, but at other times it may be noticed as congested or 
inflamed sinuses, ear or hearing problems, including tinnitus and “glue ear” in 
children, glaucoma, and throat and lung problems, especially asthma. To overcome 
these conditions, see Steps 38 and 44. 


An oil rinse can be helpful. Fat-soluble toxins can be removed from the system 
before they reach the liver. First thing in the morning take a large sip of a light oil, 
such as sunflower or grape seed (stored in glass bottles), and vigorously swish it 
around the mouth for 10 to 20 minutes; do not swallow it; spit it out (be careful: it may 
clog the sink). Rinse your mouth several times with warm water. Continue this daily 
for several months. This rinse is especially important if the lymph system is 
congested, as it commonly is with cancer and other chronic diseases, and it is very 
effective with health problems in the head and neck area, including dental problems. 


At other times, you can use distilled water to filter out water-soluble toxins. After 
rising in the morning and again at bedtime, use a cup of distilled water. Take a 
mouthful and hold it under the tongue for about two minutes. Then spit it out and 
repeat the process until the cup is empty. 
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Step 5 
ALLERGY TESTING 


Discover and overcome your food allergies and chemical sensitivities. 


Usually we are addicted to any daily-used food or substance to which we are 
also allergic. The reverse is also true, that we have allergies to addictive foods. 
Initially when we eat a sensitizing food (one that may produce an allergic reaction), 
we experience stimulation due to the release of adrenal stress hormones. However, 
eventually the adrenal glands become exhausted, and we develop a chronic 
degenerative disease and lack energy. In this book, | use the term “food allergy” in a 
general way to include not only genuine immunological reactions, but also food 
intolerances and chemical sensitivities. 


In 1936, Hans Selye, a Canadian professor of experimental medicine and 
surgery, discovered the allergy-stress mechanism. He was the first to describe this 
mechanism, which he did in his pioneering book The Stress of Life. So far the 
medical profession has not yet grasped the importance of his fundamental discovery 
for understanding the diseases of our society, | assume because it is not profitable to 
do so. However, in light of this stress model, we now know what we need to do to 
heal ourselves. 


Initially an environmental challenge such as an incompatible food or emotional 
stress causes an alarm reaction. The adrenal glands release inflammatory 
hormones, and the sympathetic nervous system is overstimulated. This may result in 
an acute allergic reaction or a general inflammatory condition, hyper-excitability, 
increased blood pressure, palpitation, aggressiveness, anxiety or anger, and poor 
digestion. This incidentally, is the basis for the connection between junk food 
consumption and criminality.” 


If we continue eating the same problem food nearly every day or continue to be 
plagued by stressful memories or conditions, then the stress becomes permanent 
and the body adapts by releasing anti-inflammatory hormones. The symptoms of the 
alarm reaction with its inflammatory tendency subside. This is the resistance phase, 
a state of adaptation for a hidden or masked allergy. Commonly, the alarm reaction 
occurs in early childhood when we are first introduced to wheat, cow’s milk, maize, or 
soy milk and then settles down to several decades of hidden allergies with minimal 
outward symptoms. 


However, eventually the capacity of the adrenal glands to produce sufficient 
anti-inflammatory hormones becomes exhausted and we enter the exhaustion phase 
of the allergy. Now we have a maladaptation to allergens and other stressful 
conditions with chronic and generalized inflammations. These can manifest as 
arthritis, cancer, heart disease, and any of the other diseases typical in our society. 
Finally, even this chronic inflammatory condition subsides and we have the stage of 
advanced old age with senility, debility, and the final non-sensitive stages of 
degenerative diseases. 
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This sequence of ill health shows us the requirements for genuine health 
improvement. By permanently removing the offending problem food or other chronic 
stressor and at the same time supporting the body with high-quality nutrition we 
slowly begin climbing back to health. We leave the exhaustion phase and re-enter 
the resistance phase with a period of quiet recovery, and finally we move back into 
the alarm phase with a series of acute but beneficial healing crises. At the end of this 
long healing process, we may have reacquired the adrenal function and disease 
resistance that we had as a small child before we started getting colds, allergic 
reactions, and digestive upsets due to consuming problem foods. 


Sometimes energetic individuals, often males with blue-white irises who cannot 
relax, experience a prolonged period of lethargy when avoiding wheat or gluten 
products. During this time, the adrenal glands have time to recover. Others who are 
already closer to adrenal exhaustion feel much stronger as soon as they avoid 
allergenic foods. The main allergenic foods tend to be the same as the most 
commonly eaten foods and include wheat, cow’s milk, eggs, soy, corn, peanuts, and 
synthetic food additives (for a compilation of possible food allergy symptoms, see 
Table 5-2). 


Addictions and allergies are part of the stress syndrome. Prolonged severe 
stress of any kind leads to adrenal exhaustion in the same way that an addictive 
allergy does. The only real solution lies in avoiding excessive stress factors such as 
allergenic foods, work pressures, and so forth. 


Discovering your allergies and addictions is an essential step in your healing 
process. You may do this by adopting a five-day water fast or rice diet as described 
in the following pages. 


After complete avoidance of an allergenic food (one you suspect or know 
produces allergy symptoms) and while reducing the overall allergenic load from other 
influences at the same time, one usually becomes hypersensitive to that food for a 
period lasting from a few weeks to several months. After this, the sensitivity to the 
offending food gradually declines. If during the hypersensitive period you are 
occasionally exposed to the allergenic food, then an immediate strong reaction can 
be triggered, resulting in pain, weakness, a rash, or whatever its characteristic effect 
is on your body. 


If this is done repeatedly but separated by at least four days between 
exposures, this may delay the complete recovery, but is not likely to result in serious 
internal damage. However, permanent damage will result if you use this food so 
frequently that you do not get an immediate reaction any more or only a much 
weaker reaction than initially. 


Generally, however, it is essential to avoid the offending food as much as 
possible for an extended period in order to heal yourself completely. Depending on 
the severity of your initial symptoms or degenerative disease this may be from a few 
months up to several years. How soon you can overcome your allergic tendencies 
depends mainly on the effort you put into adopting a comprehensive health 
improvement program. 


Types of Allergies: Depending on its severity and mode of manifestation, we 
may distinguish five types of allergy: addictive, cyclic, fixed, multiple, and trigger. 
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An addictive allergy induces us to eat our favourite food every day or we are 
threatened with withdrawal symptoms. Therefore, we have a craving for a certain 
food and eating or drinking it makes us feel better. The person usually is not aware of 
the addiction and for this reason this type of allergy is also called a hidden or masked 
allergy, corresponding to the period of adaptation. 


In a cyclic allergy, we have a reaction to a specific food only if it is eaten in 
excess, either by eating large quantities of it at any one time or by eating it on several 
successive days. In addition, a reaction to a cyclic allergen can be triggered by other 
adverse factors, especially by stress as from emotional and mental problems or from 
environmental agents such as chemical fumes, tobacco smoke, and so on. 
Combining two different cyclic allergens in the same meal can also cause a reaction 
due to the effects of both. Poor food combining or a generally acidic body condition 
may be further contributing factors. 


If you realize that you have a cyclic allergy - the food agrees with you 
sometimes but not always - then eat it only on a rotation basis, not more often than 
once every four or five days. Fruits and the lactose content of dairy products often 
belong in this category. They may not cause immediate reactions, but eating fruits on 
successive days can cause an increasing degree of overacidity and skin problems in 
sensitive individuals, while an oversupply of lactose can lead to a build-up of mucus. 
Both, in turn, can trigger secondary symptoms such as arthritic pains. 


With a fixed allergy, one reacts every time the offending food is eaten, no 
matter how small the quantity. Fixed allergies, therefore, are non-adapted allergies 
and thus easy to recognize. One soon becomes efficient in avoiding offending items. 
Fortunately, only a small percentage of all allergies are of the fixed variety; most are 
addictive or cyclic in nature. 


With multiple allergies, we react to a wide range of foods and chemicals and 
quickly become allergic to any replacement foods. This has sometimes been called 
being allergic to the twentieth century. The main causes are deficiencies of zinc, 
digestive enzymes, and gastric acid, weak liver function, and bacterial overgrowth of 
the digestive tract, often with systemic Candida infestation. The solution is intestinal 
sanitation, a raw food diet, and a high intake of zinc and sulphur compounds. Before 
testing for allergies by elimination, sanitize the intestines and minimize any 
deficiencies by using vitamin and mineral supplements. 


We can also speak of a fifth type, trigger allergy. Attacks of asthma or hay fever 
are often triggered by inhaled substances such as pollen or house dust with residues 
from house mites. However, such reactions would not occur if one’s mucous 
membranes were not already hypersensitive because of underlying food allergies, 
mucus congestion, and various deficiencies. (A deficiency is a state of higher nutrient 
requirement than is available.) In a similar way, food chemicals can act as triggers for 
hyperactivity. A hypersensitive skin reacts very strongly to insect bites because of its 
high histamine levels due to underlying food allergy and overacidity. Removing the 
triggers will help to some degree, but the underlying health deterioration continues 
and a new trigger can readily be adopted. 


Elimination Testing: There are various forms of allergy testing, some 
technical, others a simple skin scratch method, and there is also muscle testing or 
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pulse testing. None of these, however, is as reliable as proper elimination testing, 
called the elimination diet. Here’s how to do it: 


For five days or longer, abstain from all your commonly eaten foods, as well as 
alcohol, nicotine, or other drugs. During this time, try to minimize any other possible 
allergenic influences such as exposure to solvent or car exhaust fumes, house dust, 
moulds, gas, or cigarette smoke - basically anything with a strong or unusual smell. 


Starting on the second day, there may be more or less troublesome withdrawal 
symptoms, with cravings for the food or stimulant to which you are addicted. You 
may have headaches, dizziness, weakness, and other problems. On the fourth day, 
these symptoms usually subside and you begin to feel much better. Often symptoms 
of long-standing diseases such as arthritis, heart pain, or schizophrenia disappear as 
well. 


If you still do not feel right on the fifth day, it may be better to extend the 
program until you do feel well. Chemicals and drugs, be they medical or recreational, 
take much longer to clear from the body. It will greatly speed up the elimination and 
lessen your discomfort during the fast if you take a strong laxative on the first 
morning of the fast, using an isotonic flush, herbal laxative, or a tablespoon of Epsom 
salts in water; in addition, drink a lot of pure water. 


The most reliable fast is on pure water only, which means unchlorinated and 
unfluoridated, and not stored in plastic containers. In a less strict form, it should be all 
right to use a weak, unsweetened herb tea of a variety you do not habitually use. 
Non-sensitive (non-reactive) individuals can become more balanced by having a fast 
on diluted lemon juice, while sensitive individuals can use cooked white or brown rice 
only, preferably unflavoured; otherwise use a small amount of olive oil, herbs, and 
possibly salt with the rice. If rice has been habitually eaten before, then use cooked 
millet, sago, or arrow root instead. Eat as much as you like and drink about two litres 
of fluid daily. If you use a cleansing period as recommended in Step 4 then you may 
do elimination testing when gradually re-introducing different foods. 


If you fast on fluids, use another laxative on the last day of the fast, normally 
the fifth day. On the morning of the sixth day, eat cooked rice as the first test meal, 
possibly lightly salted but with no other additions. As explained in Part 2, check your 
pulse rate for a full minute before a meal, and 30 and 60 minutes after the meal. 
Always test sitting in the same position and when the pulse rate is not increased from 
previous physical activity. 


Before and after each test meal, make the pulse tests and any other relevant 
tests. If there is a reaction involving a combination of newly tested foods, repeat 
testing with the individual food components at a later date. If the pulse after a test 
meal is significantly higher than after the first test meal of rice, say more than 10 
percent, then this indicates a possible allergy or incompatibility; the higher the pulse 
rises after the meal the more likely is it that a food is allergenic. 


Make other tests relevant for your condition. If you have weak eyesight, you 
can check your reading ability with a wall chart; schoolchildren can be tested for 
clarity of writing and speech. Check the range and pain level of impaired joints or 
muscles, and watch for any sign of bodily or emotional discomfort. Keep a detailed 
diary of the pulse rates, measurements, and any unusual happenings, feelings, 
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discomforts, and so on. Those with diabetes should also test their blood sugar level, 
and those with hypertension preferably should check their blood pressure (you can 
easily buy a sohygmomanometer to do this). 


With each subsequent meal, expand the basic rice meal with one or more 
additions, such as oil and various vegetables. Test a sprout salad and then other 
basic foods. You can have four or five small meals a day. In the beginning, test 
mainly foods that you expect to be safe. Test suspected allergenic foods at the last 
meal of the day, so you can sleep off any prolonged reactions. Use suspect foods 
only individually or with previously tested foods. 


You can stop a strong food allergy reaction by taking one level teaspoon of 
sodium bicarbonate (baking soda) or, better, two parts baking soda with one part 
potassium bicarbonate. Also take one tablespoon of Epsom salt or milk of magnesia 
as a laxative if the reaction occurs soon after the meal. On a normal diet, however, 
reactions can be delayed and manifest up to two days later. 


Reactions can also be stopped using homeopathy. Liquefy a sample of the 
allergenic food, dilute one part of it with nine parts water, and shake in a bottle or jar 
about 40 times with a strong downward movement. Dilute one part of this with nine 
parts water and so forth until the dilution process has been done four times in all. 
Then place one teaspoon of the fourth dilution in your mouth and hold it there for a 
few minutes before swallowing. Then make two more dilutions and keep a teaspoon 
of each of these in your mouth in the same way. Take additional teaspoons of all or 
just the last dilution some time later if still required. 


Test offending foods again three to six months later. Commonly, small, 
infrequently consumed amounts can then be tolerated. Eat suspect or problem foods 
no more than once a week. If conditions deteriorate again after some time, return to 
testing or adopt a safe, low-allergen diet. The body can be made less sensitive to 
allergic reactions by making the body more alkaline, as in Step 6. 
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Step 6 
THE ACID-ALKALINE BALANCE 


Bring your body back into balance by testing for and correcting any 
over-acid or over-alkaline condition. 


Our blood is slightly alkaline, and the body makes every effort to maintain this 
alkalinity at a constant level. For this purpose, we normally have an ample reserve of 
alkalizing minerals. Most of our foods supply minerals. The total balance of minerals 
in a particular food can be either acid or alkaline. Mineral salts are composed of an 
acid group (anion), such as chloride, citrate, or phosphate, and of an alkaline group 
(cation), mainly metal ions such as sodium, calcium, or potassium. If one of these 
groups is stronger, then the salt is either acid or alkaline. 


In plants, metal ions such as potassium are combined with organic acids such 
as citric acid. In the body, the organic acids are converted to energy, while the metal 
ions remain to produce an alkaline reaction. Therefore, we say vegetables and fruits 
are alkalizing. Animal tissue, on the other hand, contains a high percentage of 
phosphoric acid bound to proteins. Some of the proteins are converted to energy and 
an acid remains. Accordingly, we can classify our food as either alkalizing or 
acid-forming. Here’s a rule of thumb: 


Alkalizing foods: vegetables, fruits, sorouted seeds, almonds, most legumes 
Acid-forming foods: meat, fish, eggs, cheese, most grains and nuts 
Neutral foods: refined starches and sugar, fats, oils 


In order to maintain an amply alkaline body reserve, eat approximately four 
times the weight of alkalizing food compared to acid-forming food, or 80 percent 
alkalizing to 20 acidifying food. There are food tables available to show the amount of 
acid or alkaline equivalents in different foods. However, | regard these as useless 
because some of the listed foods may change their values in the body due to 
specific, individual metabolic problems. 


Sugar and chemically neutral and normally alkalizing fruits become acid- 
forming in sensitive individuals, while a high intake of meat and fat can lead to a lack 
of acids required for energy production. No matter how alkalizing a food is supposed 
to be, if you are sensitive or allergic to it, then it is acid-forming for you. Even the 
same food may change from alkalizing to acid-forming if it is incorrectly combined 
with other foods or if consumed when you are emotionally upset. 


All of this is contrary to what you would expect by using acid-alkaline food 
tables. The values in these tables reflect the typical mineral content of the food, but 
this varies greatly depending on soil and storage conditions, production methods, 
and cooking. Therefore, the only reliable and meaningful method is to observe your 
body: skin sensitivity, tendency towards inflammation, allergic reactions, and possibly 
to test your urine and saliva for acidity. 


The Regulation of Body Acidity: The body tries to keep the blood acidity 
constant within a very narrow band, between pH 7.35 and 7.45. This is actually a 
slightly alkaline condition. The pH is a measure of acidity or alkalinity and indicates 
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the hydrogen ion concentration in a fluid. These hydrogen ions are the originators of 
acidity. A pH of 1 indicates the highest hydrogen ion concentration and with this the 
highest acidity. At the other end of the scale is a pH of 14, with the lowest hydrogen 
ion concentration and the highest alkalinity. A pH of 7 is neutral. 


In our younger years, our metabolism often is too fast; too many acids are 
produced and the body becomes chronically overacid. Later in life, however, with 
decreasing muscle activity and vitality, not enough metabolic acids are produced, 
potassium is lost from the cells, and the metabolism becomes sluggish. With this, the 
body often becomes chronically over-alkaline and loses its ability to regenerate and 
heal infections or wounds. 


By excreting more acids or more alkalis through the urine, the body tries to 
maintain a normal pH level. The body also does so by changing the breathing rate: 
An increased volume of breathing makes the blood more alkaline by releasing 
additional carbon dioxide into the air; decreased breathing, on the other hand, 
increases the carbon dioxide level in the blood and makes it more acid. The balance 
in the blood between carbon dioxide and sodium bicarbonate (baking soda) is the 
main buffer system to keep the blood pH constant. 


With an efficient metabolism, the pH of the urine depends mainly on the acid- 
alkaline balance of the diet. A diet high in acid-forming foods will naturally produce 
acid urine. This is not dangerous as such but it is an indicator that the diet is 
unbalanced and may in time lead to exhaustion of the body’s alkaline reserve. 


Similarly, on a diet high in alkalizing foods, the urine is always alkaline. This 
can lead to stone formation in the urinary tract, and it may show that the cells don’t 
have enough metabolic acids for efficient energy production. A normal mixed diet 
containing about 80 percent alkalizing foods and 20 percent acidifying foods should 
give a slightly acid morning urine, while urine formed after meals is naturally slightly 
alkaline as a result of the production of gastric acid. 


Test Your Body Acidity: To obtain an indication of the acid-alkaline balance of 
your body, test your first morning urine from time to time. In evaluating the results, 
take into account whether your present diet in general and the last meal in particular 
were balanced or acid or alkaline forming. If you test the urine during the day, the 
result may be much more variable because of the temporary alkaline tide after 
eating. Urine paper should have a range from pH 5.5 to 7.5. You can obtain it over 
the internet. For an approximate test, you can use litmus paper which turns red with 
an acid reaction and blue when it is alkaline. 


Instead of using pH strips you may use the yellow powder turmeric or possibly 
curry powder. Dissolve a teaspoon of powder in half a litre of methylated spirits, 
shake and let settle to produce a clear yellow solution. To make a test pour a 
teaspoon of the yellow solution into a small drinking glass. Add a teaspoon of urine or 
saliva, if it turns ruby red then what was added was alkaline with a pH greater than 
6.8, if it stays yellow then it is still acid and less than pH 6.8. 


Also red cabbage juice can be used as pH indicator. The colour at pH 2 is red, 
at pH 4 purple, pH 6 violet, pH 8 blue, pH 10 blue-green, and pH 12 green-yellow. 
Finely chop some red cabbage, pour hot water over it and soak for 10 to 20 minutes, 
then filter through some gauze or tissue. In a small clear glass add a spoonful of 
filtered juice to a similar amount of a test liquid, stir gently and compare with the 
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colour chart. Refrigerated the rest of the juice, use within a week or two, or keep 
frozen. Also other purple juices work in a similar way, just experiment. 


It is also valuable to check saliva acidity, especially if there are any digestive 
difficulties and if you do not seem to get sufficient value from your food. An allergic 
reaction makes the saliva too acid, so you can use this test as part of your allergy 
testing program. 


Before a meal, the normal acidity of the saliva is 6.4 to 6.7, while 30 to 60 
minutes after the meal, it should be above 6.8. If test results remain too low you may 
be to acid or produce not enough stomach acid. For testing first clean your mouth 
with plain water, fill it with saliva, swallow, and then test the second lot of 
accumulating saliva. 


Acidity Problems: The main reasons people become overacid are: 
Inefficient metabolism 
Stress reactions due to food allergy, chemical sensitivity, emotional upset 
Eating sweet foods when the blood sugar regulation is poor 
Acids accumulating after eating fruit 
Strenuous muscle activity 
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Candida albicans infestation 


Chronic overacidity has a serious effect on the body. It causes a continual loss 
of minerals needed to neutralize excess acid and the body becomes hypersensitive. 
The more acidic the body becomes, the more histamine (the allergy chemical) is 
released. This means acidity causes and greatly increases inflammations and 
allergies, and it makes the skin very sensitive to insect bites and other irritants. 
Remember that degenerative diseases are associated with chronic inflammation. 


Overacidity of the body is often felt as pain; it is most prominent in arthritis and 
rheumatism. If the alkaline reserve is insufficient to neutralize these acids, more 
calcium will be mobilized from the bones for this purpose, thereby causing the bones 
to become brittle and the tissues and joints to calcify. Further, tumours grow only if 
the surrounding tissue is too acid. Acidity around a tumour may be due to the lactic 
acid production of the tumour itself; however, sensitive individuals are generally too 
acid and this promotes rapid tumour growth and pain. 


Table 1-2: Symptoms of Calcium—Phosphorus Imbalance 


Calcium level too high Phosphorus level too high 


Colds and flu are rare Frequent colds and flu 

Insensitive to pain and noise Sensitive to pain and noise 
Insensitive skin Sensitive skin 

Signs of magnesium deficiency Signs of calcium deficiency 

Blood pressure raised Tendency to low blood pressure 
Blood is too alkaline Blood is too acid 

Caries of the crowns Caries near the gum 

Tartar on teeth Gums very red and tender: pyorrhoea, 
gingivitis 

Calcium kidney stones Tendency to inflammations & swellings 
Stiffness, rigidity Red-rimmed eyes 

Fusion of vertebrae Headaches, nausea 

Arthritic deposits causing bone deformations Acute arthritic attacks 

Arteriosclerosis Allergies, palpitations 
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WHAT DOES THE FERROCELL REVEAL? 


Electromagnetic field symmetry: Electric & Magnetic Fields finally unifi ed 
~ Equal field/symmetry 
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Similar but not equal field symmetry if i Similar but not equal field symmetry if 
opposite polarity to electric fields Opposite polarity to magnetic fields 
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Ferrocell — Revelation of the complete understanding of electromagnetic field symmetry hidden in tron filings. 








Alkalizing the Body: Fresh green vegetable juices and vegetable broth are 
strongly alkalizing foods, especially the broth of boiled potato peelings. While fresh 
fruits increase the acidity of sensitive individuals, they are usually beneficial for those 
with a normal carbohydrate metabolism, raised blood pressure, and insensitive skin. 


Habitually taking several grams of vitamin C in the form of ascorbic acid can 
deplete mineral reserves or increase body acidity. This may lead to inflammation, 
increased pain, and other problems in sensitive people. Therefore, for such people it 
is advisable to use the neutral sodium or calcium ascorbate. 


The best alkalizing food cannot bring lasting improvement if you continue to eat 
food to which you are allergic or if you eat sweet foods and fruits when you are overly 
sensitive. 


Alkalizing with Sodium and Potassium: Sodium is the highest mineral in the 
blood, and sodium bicarbonate is well tolerated but should not be taken with meals 
as it then reduces our stomach acid. Potassium citrate can be mixed with meals and 
it as well as potassium carbonate and bicarbonate have the strongest alkalizing 
effect of any mineral supplements. 


Whether sodium or potassium is preferable for alkalizing depends on some 
additional factors. The following conditions favour the use of potassium: 


1. A high sodium and low potassium intake as in a conventional Western diet 
2. Raised and especially high blood pressure 
3. Kidney problems or water retention/edema. 
Sodium bicarbonate, on the other hand, is called for: 
1. With low blood pressure 
2. With a diet high in fruits and vegetables and low in salted foods. 


Those who do not fit into one of these categories may take both alkalizers. 
Commonly a ratio of 2 parts of sodium bicarbonate to 1 part of potassium citrate or 
bicarbonate is being used, but also 1 : 1 or an excess of potassium is alright. These 
may be mixed and taken together in the same drink, or they may be taken separately 
during the day. If you use more than 1 teaspoonful then space the intake out during 
the day. Do not take more than 3 level teaspoons of potassium salts in a day mixed 
with meals as this may cause irregular heart beat. 


Alkalizing with Calcium and Magnesium: A recommended way of obtaining 
more calcium and magnesium and at the same time alkalizing the body is to dissolve 
dolomite powder in vinegar or lemon juice. In the body, the organic acid tends to be 
broken down and converted to energy while the mineral remains to alkalize the body. 


Keep in a jar several tablespoons of finely powdered dolomite mixed in a 
glassful of vinegar. You can stir or shake the mixture occasionally to speed up the 
reaction. Drink about 50 ml of the decanted liquid daily, either before one meal or 
divided before two meals, best diluted with water or other liquid. This supplies 
approximately 500 mg of calcium and 300 mg of magnesium. 


The day before all the liquid is used up, start a fresh mixture of dolomite with 
vinegar. You can use apple cider vinegar, preferably organic, but white vinegar is 
adequate for this purpose as well. It is also possible to use lemon juice instead of 
vinegar. 
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Table 1-3: Calcium/Phosphorus Ratio of Foods 
You can minimize inflammations by selecting foods with a high ratio of calcium to 


phosphorus 


Bone 

Kelp, dry 
Molasses, blackstrap 
Sesame seeds 
Carob flour 
Turnip greens 
Kale 

Parsley 

Mustard greens 
Dandelion greens 
Endive 
Watercress 

Beet greens 
Leaf lettuce 
Green barley powder 
Grass juice 
Spinach 

Broccoli 

Cheese 

Goat’s milk 
Cow’s milk 
Cabbage 

Celery 
Pineapple, raw 
Turnips 

Grapes 

Butter 

Carrots 

Tofu 

Grapefruit, whole 
Cucumber 

Dates 

Lemon juice, apples 
Watermelon 
Pears 

Apricots, fresh 
Plums 

Orange juice 
Onions 

Peaches 
Sardines 
Eggplant 

Peas, fresh 
Parsnip 
Tomatoes 


Ca/P ratio mg/100 g 


36, 700/16 ,400 
1200/300 
684/84 
1160/616 
352/81 
246/58 
249/93 
203/63 
183/50 
187/66 
181/54 
151/54 
119/40 
68/25 
1100/590 
150/75 
93/51 
103/78 
750/480 
129/106 
118/93 
67/54 
39/28 
17/8 
39/30 
16/12 
20/16 
37/36 
128/126 
16/16 
25/27 
59/63 
7/10 
7/10 
8/11 
17/23 
12/18 
11/17 
27/36 
9/19 
430/575 
11/21 
62/90 
50/77 
13/27 


Ca/P ratio mg/100 g 


Dried apricots 
Raisins 

Sweet potatoes 
Filberts 

Cottage cheese 
Salmon 

Beet root 
Cauliflower 
Almonds 
Soybeans, dry 
Pumpkin 
Capsicum 
Spirulina 
Buckwheat 
Bananas 
Beans, dry 
Jerusalem artichokes 
Potatoes 
Herring 

Eggs, whole 
Egg yolk 

Lentils, cooked 
Pecans 
Walnuts, English 
Coconut, dried 
Peas, dried, cooked 
Peanuts 

Brazil nuts 
Barley 
Mushrooms 
Sweet corn 
Corn, dried 
Rice, brown 
Cashew nuts 
Millet 

Sunflower seeds 
Rye, wheat 
Oats 

Torula yeast 
Brewer’s yeast 
Bran, rice/wheat 
Wheat germ 
Pumpkin seeds 
Meat average 
Liver average 


67/108 
62/101 
31/52 
209/337 
90/165 
188/328 
16/33 
25/56 
234/504 
226/554 
21/44 
12/28 
396/1023 


424/1713 
210/1753 
100/1300 
72/1118 
51/1144 
10/200 
15/540 





Dolomite supplies calcium and magnesium in the generally desirable ratio of 
2:1. However, if you are already routinely using magnesium chloride or only 
additional calcium is required, then you can use powdered eggshell, powdered shell 
grit, or commercial calcium carbonate for neutralizing. A 50 ml amount of neutralized 
vinegar carries about 800 mg of calcium into the body. 
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If we took calcium carbonate or dolomite powder instead of dissolving it, we 
would use up our precious supply of gastric acid to neutralize and dissolve these 
carbonates. Many individuals have mineral deficiencies precisely because of a lack 
of gastric acid. If, on the other hand, we use an inorganic mineral supplement, such 
as calcium or magnesium chloride, then we can absorb the calcium or magnesium, 
but it will not reduce any overacid condition of the body. 


The Calcium-Phosphorus Ratio: In a person of good health, the ratio of 
calcium to phosphorus in the blood is 10:4. If there is a glandular imbalance, 
especially in regard to the parathyroid glands (in the neck), then this ratio will be 
maintained at a different level, causing long-term health deterioration. In particular, a 
high ratio of phosphorus to calcium sensitizes the body and increases acidity and 
inflammatory tendencies. 


In addition to this regulation by the parathyroid glands, the calcium-phosphorus 
ratio is affected by our food choices. If we consistently eat foods high in phosphorus 
and low in calcium, such as meat, oats, wheat, and corn, then this tends to make the 
body overacid, depletes it of calcium and other minerals, and increases the tendency 
towards inflammation. By selecting suitable foods, these effects can be minimized. 
You can judge from Table 1-2 whether you might have an imbalanced -calcium- 
phosphorus ratio in your blood or your food selections. A low phosphorus intake is 
especially helpful with cancer and leukaemia. 


As you can see from the foods listed in Table 1-3, it is easy to obtain sufficient 
phosphorus. In fact, if the blood calcium level is high, more magnesium rather than 
phosphorus is generally required. 


You may wonder how the body can maintain the blood ratio in favour of calcium 
despite its relative scarcity in our foods. The reason is that normally about 1 g of 
phosphorus but only 150 mg of calcium are expelled daily with the urine. In metabolic 
imbalance, this excretion ratio is changed. In addition, using more phosphorus leads 
to the excretion of more calcium together with the excess phosphorus. 


An excess of up to three to one in favour of phosphorus might still be regarded 
as metabolically neutral. In addition to the ratio, the actual amount of the excessive 
mineral is important. Therefore, to an extent the generally recommended daily 
calcium allowance is meaningless if it is not geared to the levels of phosphorus and 
magnesium. With low blood pressure, your calcium intake should be about double 
the intake of magnesium. However, with high blood pressure it is better to have equal 
amounts of magnesium and calcium or sometimes even to have more magnesium. 
The higher the phosphorus intake, the higher your combined calcium and 
magnesium intake should be. 
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Step 7 
LIVING WATER 


Living water has a great healing potential - learn how to use it. 


Water, air, and food are the three main essentials to sustain life. For remaining 
healthy, these should be as clean and life-enhancing as possible. All three are highly 
polluted in our present environment, and we need to make an extra effort to improve 
them. Food is the most difficult aspect and is explained in later chapters. Individually, 
we cannot do much to improve our air, besides living in the countryside or buying an 
air purifier and ionizer. This leaves water in need of our attention. 


Water has the ability to attract and accumulate bioenergy. Bioenergy or life-force 
energy is known in all traditional cultures under many different names, such as chi, 
ki, od, orgone, or prana. It can be seen or felt by many psychic or sensitive 
individuals. Water also stores an energy memory of harmful or helpful vibrations to 
which it was exposed in the past. This is the basis of homeopathy. Our chlorinated 
tap water is polluted with non-biological chemicals and negative energy imprints. It is 
also devoid of bioenergy and so may be regarded as being badly polluted as well as 
“dead.” 


Contaminated water can be filtered, distilled, or treated with reverse osmosis, 
but it remains dead unless it is energized to make it a “living” water again, one that 
can improve our health. While polluted and dead tap water can contribute to the 
deterioration of our health, living water is one of the greatest healers. 


Ideally, healthy, living water should have the following properties: 


e Purity: free of unhealthy chemical and biological contamination as well as 
negative vibrations or frequencies 


e Minerals: well mineralized with calcium, magnesium, and trace minerals 


e Low surface tension: due to the small cluster size of water molecules, making it a 
microwater 


e Antioxidant activity: an abundance of negative hydrogen measurable as a 
negative oxidation-reduction potential (ORP) 


e Vibrations: carrying positive, health-promoting vibrations 


e Bioenergy: strongly charged with life force 


All of these health-giving properties are naturally present in cascading, sunlit 
mountain streams. While it is easy to produce water meeting several of these 
requirements, there are some problems getting all of them in the same water. A main 
problem is the present lack of reliable measuring devices for bioenergy and the 
quality and strength of health-promoting vibrations. 
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Purity: This is easiest to achieve with readily available filters, distillers, and 
reverse osmosis. | have no strong preference for any particular method as long as 
you feel assured that your purified water is free of chlorine, fluoride, heavy metals, 
pesticides, microbes, as well as agricultural, industrial and pharmaceutical chemicals. 
However, most of these methods take out, in addition to the nasties, the beneficial 
minerals, which | recommend to put back into the water afterwards. However, there 
are also filters available that remove only pollutants and leave beneficial minerals in 
the water. 


Normal water filters do not remove added fluoride but water ionizers, especially 
on high settings, channel fluoride into the acid water fraction so that the alkaline 
water becomes safe to drink. Also water high in calcium lowers the fluoride level by 
forming insoluble calcium fluoride. 


Minerals: The minerals in our drinking and cooking water should supply a 
sizable part of our overall mineral intake. In living water, minerals are largely present 
in an energized form such as colloids and stabilized within small clusters of water 
molecules. | know of individuals who became badly demineralised from drinking 
distilled water over a long period; reverse osmosis water and rainwater (except if 
stored in concrete tanks) are commonly very low in minerals. 


Using water low in minerals can be beneficial as a temporary measure for 
“calcified” individuals with high blood pressure, those who might otherwise use 
chelation therapy, but it is detrimental for anyone with low blood pressure. Overall, 
the most important bulk mineral commonly supplied with our drinking water is 
magnesium. Various studies show the beneficial effect of high magnesium levels on 
the rate of common diseases such as cancer, diabetes, and heart disease as well as 
bone and dental disorders. 


Therefore, remineralise your purified water and add a teaspoon of hydrated or 
half a teaspoon of desiccated magnesium chloride to about ten litres of water. 
Alternatively, you can add a spoonful of sea-mineral liquid or bitterns, which is the 
brine left over after salt has crystallized out of seawater. In addition to being very high 
in magnesium, it contains all trace minerals. Instead of or in addition to magnesium, 
you can add an appropriate amount of commercially available colloidal minerals. 


Low Surface Tension: This is a common by-product of energizing water. 
Water contains organized clusters of water molecules, also called liquid crystals, 
surrounded by large numbers of randomly moving single water molecules. In normal 
water, these clusters are larger and there are fewer of them. Energized or living 
water contains many more liquid crystals and of a smaller average size, forming 
cage-like structures of about six molecules. Due to this effect, energized water is also 
called “microwater.” 


The smaller clustering causes a lowering of the surface tension of the water. It 
makes the water “wetter” and more easily absorbed. It also becomes more like the 
water in fresh fruit and vegetables and within our cells. Colloidal minerals and fat- 
soluble nutrients can become suspended within the water cages and more easily 
absorbed during digestion. Also, various biochemicals, such as lecithin, detergents, 
soaps, and saponins, reduce surface tension, but this is not due to the formation of 
microwater. 
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Antioxidant Activity: The principle of antioxidant activity is the availability of 
electrons to neutralize any so-called free radicals, which have oxidizing qualities that 
can damage biological systems. Living water tends to contain highly reactive loosely 
bound electrons that react much faster than organic antioxidants to neutralize free 
radicals. Most of this antioxidant activity is assumed to come from an abundance of 
negative hydrogen, which is also present in fresh fruits and vegetables. 


Such antioxidant-rich water is now commonly produced with water ionizers as 
electrolytic reduced water (ERW). Alternatively, you can buy capsules of Microhydrin. 
This is a commercial powder containing an abundance of negative hydrogen 
stabilized with colloidal silica; by dissolving a capsule in water, the water acquires a 
high antioxidant or reducing quality. 


As we age, our body structures lose elasticity; everything becomes more rigid. 
On a biochemical level, this increasing rigidity is due to cross-linking of structural 
biochemicals, which in turn is due to a loss of electrons. Providing the body with an 
abundance of highly reactive electrons can be expected to slow cross-linking 
reactions and, with this, the aging process. 


All biochemical energy in our body is produced by transferring electrons from 
food molecules onto inhaled oxygen. Thus, having more available electrons can help 
us to produce more energy. This may be the reason why some individuals feel more 
energetic on alkaline ionized or reduced water. 


A water ionizer basically consists of a cell or container with two electrodes, 
which are separated by a membrane to minimize mixing of the water. The electrodes 
commonly consist of titanium, usually plated with platinum for better resistance to 
corrosion. When a current is applied, one electrode becomes positive, the anode, 
while the cathode becomes negative and releases electrons. 


Positively charged ions, such as calcium and magnesium, accumulate on the 
side of the cathode. They form hydroxides and make this fraction of the water 
alkaline. Negative ions, such as chloride and fluoride, move to the anode and, in 
combination with positive hydrogen ions, make this part of the water more acid. At 
the same time, an abundance of electrons in the alkaline water leads to the formation 
of hydrogen gas and negative hydrogen ions, while oxygen and active oxidizing 
species are formed in the acid water. 


In through-flow ionizers, the amount of reducing activity in the alkaline water 
depends mainly on the mineral content of the water, the flow rate, and the current 
flow or ionizer setting. With batch ionizers, it depends on the voltage of the power 
source, the size of the electrodes and distance from each other, the mineral content 
of the water, and the duration of ionizing. 


Higher mineral concentrations are desirable as they require shorter ionizing 
times and produce greater pH and lower oxidation-reduction potential (ORP) 
changes. It is advisable to use water low in calcium, otherwise the cathode soon 
becomes coated with calcium deposits during long ionizing periods and loses its 
effectiveness or frequently needs to be cleaned. While the pH can be very high in 
alkalinity, it is in fact very weak, because the mineral density of ionized water is 
rather low and easily neutralized. 
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The negative charge of the alkaline water declines quickly with exposure to 
light and air and in contact with blank metal and soft plastics. However, in closed 
brown glass bottles filled to the top or in a cupboard, the water can keep for days and 
sometimes weeks. 


Aim for a high ORP of between 500 and 800 mV, which can be measured with 
a commercially available ORP-meter. You can ask a distributor of water ionizers or a 
local water treatment or testing company to check the mineral level of your water and 
possibly the ORP of your alkaline water. Batch ionizers are more robust and easier to 
repair, but they are also more labour intensive; through-flow ionizers are more 
convenient. 


Vibrations: This is an informal term based on the observation that water 
seems to retain a memory of various influences to which it has been exposed. There 
is a close connection between vibrations and energy: we may regard vibrations as an 
energy imprint on the water. Retained vibrations may be due to chemical, 
mechanical, electrical, or magnetic influences or even to feelings, emotions, and 
possibly thoughts. These retained memories in turn may influence the user of the 
water. This is the basis of homeopathy, which double-blind studies have shown to be 
therapeutically valid. However, it seems that only natural ingredients can be used to 
make homeopathic remedies, and some scientific tests for the memory of water and 
the effectiveness of homeopathy failed because synthetic chemicals that cannot be 
energized were used. 


A method to assess the vibrational purity or degree of contamination of water 
was developed by researchers in biodynamics. If a drop of water is added to a 
concentrated mineral solution such as copper sulphate, it changes its crystallization 
pattern. The purer or more beneficial the water, the more harmonious is the 
crystallization pattern and vice versa. Polluted water causes a _ confused 
crystallization pattern. 


Consider the work of Masaru Emoto. In his The Message from Water and on 
his website (www.adhikara.com/water.html), he shows in countless pictures how the 
crystallization pattern of freezing water changes when exposed to human thoughts 
and feelings. Some of these he did by typing a positive word such as “love” or a 
negative one on a piece of paper and sticking it on a glass of water. The positive 
word induced a beautiful and symmetrical crystallization pattern, while the negative 
word resulted in a chaotic or confused crystallization. 


As our biological body contains large amounts of water (e.g., blood, lymph 
fluid, cells), you may now appreciate what negative thoughts and feelings are doing 
to your health. In a similar way, we can improve water before ingestion by blessing it 
with thoughts and feelings of love, joy, and peace. We may also hold it for a moment 
in front of the heart while doing this. For special healing effects, you can expose 
water to light in coloured glass containers or cover the container with coloured 
cellophane. For cancer therapy, green-treated water has an overall healing and 
balancing effect. Yellow and orange are energizing; blue is sedating and anti- 
inflammatory. 


Another possibility is to expose water overnight to a strong magnet. Water 
exposed to the south-pointing pole is most suitable for pain, cancer, and infectious or 
inflammatory conditions. The north-pointing pole can be used to energize weak 
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muscles and the digestive system, provided there is no inflammation or infection. You 
can also combine suitable magnet and color treatments. 


Various energized waters are commercially available. While | expect these to 
be a great improvement on dead tap water, the energies and vibrations of 
uncontaminated natural ground, bore, or spring water are no doubt even more 
beneficial for us. 


You can also keep water in a pyramid or immerse a suitable crystal or precious 
stone or pure gold or silver in it, possibly while the water is exposed to sunlight 
and/or moonlight. You can attach a magnet, crystal, or other energizing device to the 
water pipe to improve your shower or bath water or when filling a water bed. 


Some good water filtering and energizing systems impart natural rock 
vibrations in combination with a vortex formation. A device can be fitted to a tap, 
which then produces running energized water, although the water may need to be 
chemically decontaminated beforehand. Another energizing system is a spiralling 
copper device through which the water flows. 


A good way of energizing water is as follows: attach two magnets on opposite 
sides at the bottom of a funnel so that they face each other with unlike poles. Then 
pour water tangentially into the funnel so that it forms a vortex before running out into 
a collecting bottle. 


Finally, you can use homeopathic potentising. Water and any active substance 
dissolved in it becomes energized by shaking it with a strong downward thrust. Use 
any uncontaminated water and shake it in a half-filled bottle or jar about 40 times. If 
possible, do the shaking outdoors, preferably on a dry, sunny day. Instead of 
potentising only water with its naturally dissolved ingredients, you can add a small 
amount of a live (unheated) substance that you believe may be good for you. 
Commonly used are herbal remedies, colloidal minerals, natural vitamins, or fresh 
vegetable juice. 


Bioenergy: If we eat fresh raw food, we gain additional bioenergy. If we eat 
precooked or processed food and drink dead water, then our body loses bioenergy 
by charging the ingested food or drink from its own energy store. Rainwater is 
energized, especially during thunderstorms and if it comes as showers on sunny 
days. However, the maximum benefit is gained if the rainwater is collected and used 
without it touching metal. It appears that good quality rainwater has a beneficial 
negative electric charge (negative hydrogen ions), which is instantly neutralized by 
contact with metals. | recommend keeping energized water away from contact with 
blank metals, and | recommend the same for fresh raw food and especially fresh 
juices. 

The simplest method for energizing water is to expose uncontaminated water 
to sunshine for several hours. However, a stronger charge can be achieved more 
quickly if the water is exposed to a source of bioenergy, such as sunshine, while it is 
in turbulent motion leading to vortex formations. High mineral content, especially 
colloidal silica, helps in retaining a high charge. Another recommended way is to 
leave drinking water for a while in contact with some freshly cut grass or leaves 
before using it. 
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The vortex principle is used in biodynamic agriculture for energizing liquid 
preparations. Use a large glass or ceramic container or a plastic bucket half-filled 
with uncontaminated water. Vortex energies can be absorbed into the water by first 
creating a deep vortex in one direction and then immediately reversing its direction 
until another deep vortex has formed. Stir for several minutes with a wooden handle 
or any suitable flat piece of wood or possibly plastic to create alternating vortexes. 
Electrical vortex machines are available from biodynamic sources for longer charging 
times. 


Charging the water with vortex energy will be more successful when the air is 
high in bioenergy or orgone energy, such as outside on a sunny afternoon in natural 
surroundings. The energy is low during the night, on rainy days, in wet surroundings, 
and inside modern, tightly-sealed buildings. 


You can also extract energy from volcanic rock dust or silica beach sand. Add 
a spoonful of rock dust to uncontaminated water and use the biodynamic vortex 
method before letting it settle overnight. Use the water while it is still milky from the 
suspended colloidal minerals. Most of the residue settles at the bottom and can 
eventually be used to fertilize plants. A stronger effect can be achieved by highly 
heating the rock dust or beach sand, preferably until it glows red, and then plunging it 
into water (in an enamel pot). Alternating several times of boiling the sand for 15 
minutes (no microwave) and then freezing it is another method of liberating trapped 
orgone energy to energize water. 


Another possibility is the use of flow forms, manufactured rock, or cement 
shapes in a series that simulate the action of mountain streams. From a reservoir, 
the water cascades through several levels of spiral formations, preferably while 
exposed to the sun. A recently developed energizing device is “orgonite,” a mixture of 
about equal parts of metal particles and resin; for more information on orgonite and 
bioenergy see Part 7. 


Preferably do not store energized water near strong electric appliances. It also 
loses its beneficial energy if highly heated as in cooking. It is best to use energized 
water for drinking, to dilute juices, for enemas, or rubbing into the skin. Preferably 
avoid contact between energized water and metal. However, if you store drinking 
water for a longer time, you can add some colloidal silver or hydrogen peroxide to 
keep it free of moulds and other microbes or possibly put a piece of clean copper or a 
silver coin at the bottom of the container. 


Our most common source of energized water is the water content of fresh raw 
fruit and vegetables. | expect the bioenergy of organic produce to be much higher 
than that of commercial produce. This is one more reason to eat your fruit and 
vegetables fresh, raw, and organic as often as conveniently possible. 
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Step 8 
THE PRACTICE OF HEALTHY LIVING 


Improve your environment—your house, clothes, even your teeth. 


Healthy living is the solid base for any health improvement. It includes all the 
habits that should become part of our daily lives. Our future well-being or diseases 
will arise from how we think, feel, and live habitually, not from any occasional 
transgressions of the rules of healthy living. The most important general principle of 
healthy living is to live in harmony - with ourselves, our social interactions, and with 
the forces of nature. In regard to health and natural living, this concept encompasses 
our environment, housing, clothing, workplace, exercise and nutrition, the water we 
drink, and the air we breathe. 


In the following section, we will investigate various aspects of healthy living. It 
is important to realize that the concepts of healthy living often overlap with specific 
healing methods; for example, positive thinking, nutrition, reflexology, and physical 
exercises may all be used for normal healthy living as well as for healing yourself. 
Therefore, when reading this book, keep in mind that the separation between healthy 
living and healing methods is fluid, even somewhat artificial. 


At present, most of us live in such an artificial and unnatural environment that it 
is not possible to remain healthy by living in the -commonly accepted way. Instead, 
we must become aware of the multitude of negative influences in our environment 
created by modern technology and try to minimize their harmful effects on us. 


Improve the Physical Aspects of Your House: When building a new home, 
preferentially select building materials that do not shut out or distort the natural 
electric, magnetic, and life-force fields of the Earth. Therefore, minimize sheet metals 
and any steel or wire-mesh concrete reinforcements that form a cage-like structure 
(called a Faraday cage). Stone, brick, tiles, shingles, wood, plywood, and 
combinations of fibre and cement are acceptable for building. If you live permanently 
in a metal-clad dwelling, such as an aluminium caravan or mobile home, it is better to 
sleep in a non-metal annex. 


Here are some practical tips: 


e New copper or plastic water pipes may leach undesirable concentrations of heavy 
metals into the water. This is another reason, in addition to avoiding chlorine and 
fluoride, to use a good filter for your drinking and cooking water. 


e Make your home a low-pollution sanctuary. Use natural materials for interior use 
whenever feasible, especially in the bedroom or wherever you spend most of 
your time. By far the best mattresses are those made of latex. 


e Avoid cooking and heating inside with gas or kerosene except if the combustion 
gases are being efficiently vented. Many people are allergic to these. Wood 
stoves or solar heating are preferable wherever feasible. 
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e If you live in a modern house, try to sanitize it by minimizing the use of synthetic 
items that release or outgas chemicals, such as formaldehyde from glued 
material (many carpets, chipboard, and plywood). 


e Avoid solvents and odorous household cleaners and disinfectants, tobacco 
smoke, mothballs, and insect sprays. If the outside air is reasonably clean, good 
ventilation helps to minimize the problem of indoor air pollution. 


e New synthetic materials have a tendency to accumulate static electricity that can 
reduce our well-being in addition to releasing toxic chemicals. Synthetic materials 
(as well as television sets) also lower the amount of beneficial negative ions in 
the indoor air. Negative ions are energetic molecules with additional electrons in 
the air. Generally, the more negative ions there are in the air, the better we feel. 
Commercial air ionizers are available to improve room air. 


Consider the Health Aspects of Your Clothes: Clothes are our “second 
skin,” and their material and color have a direct influence on our emotions and well- 
being. This applies especially to garments worn directly on the skin. Except for 
occasional short-term use, avoid underwear, including pantyhose and stockings, 
made of nylon or other synthetic material. They do not absorb moisture or “breathe” 
as well as natural fibres and appear to encourage fungal growth; sensitive individuals 
may experience skin irritations. Nylon seems to be worse in this regard than 
polyester. Synthetic clothing can also cause discomfort by accumulating static 
electricity. A more acceptable human-made fibre is rayon, as it is based on cellulose. 
The best material for underwear and stockings is silk; otherwise, use cotton. 


Generally, select colours that balance your emotional state: wear bright colours 
when you are low in energy and blue when you are nervous and irritable. Avoid 
murky and dull gray colours and be extra careful with black; these can increase 
depressive tendencies in susceptible individuals. Commonly, the negative effect of 
black is balanced by combining it with red. You can use muscle testing as described 
in Part 2 to discover whether a certain material or color is suitable for you. 


Shoes ideally should be made of natural materials with a leather sole to allow 
static electricity to flow off the body and into the ground. This is prevented by rubber 
and synthetic soles and by nylon socks and stockings. Walking barefoot for at least 
several minutes each day on moist grass or wet sand will discharge static electricity 
into the ground and improve well-being. 


For women, it is advisable to reduce the time you wear a bra. A study reported 
by Singer and Grismaijer in Dressed to Kill found that women who wear a tight bra all 
the time had a 125 times higher rate of breast cancer than women not wearing a bra. 
Women who wore their bras 24 hours a day had a 75 percent chance of developing 
breast cancer. If they wore bras more than 12 hours daily but not to bed, the risk was 
one out of seven. Wearing a bra less than 12 hours per day improved the risk to one 
out of 152, a rate reasonably close to women who wear bras rarely or never; they 
have a one out of 168 chance of breast cancer. Women who never wear a bra have 
the same low breast cancer risk as men. 


While this study was not adjusted for other factors, the difference in cancer rate 
is certainly large enough to be significant. A tight bra blocks the lymph circulation in 
the breasts and is much worse than a loose-fitting bra. If you need to wear a bra in 
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public, use a loose-fitting one without underwires and minimise using it at home. Also 
do some exercises to stimulate the lymph flow in the breasts, such as circling your 
arms or massaging the area around the breast while doing inversion exercises. 


Sanitize your Bedroom: Preferably use mattresses (futons) filled with natural 
fibres such as kapok, wool, horsehair or cotton; latex or natural rubber may be the 
best material. A cheap alternative is straw or hay from a pesticide-free source. 
Innerspring mattress may direct confused magnetic fields into the body, depending 
on how the spirals have been tempered. When moving a compass across the surface 
of the mattress the needle should not be deflected from its north-pointing position. 


Synthetic foam rubber mattresses are not good either. They emit toxic gases 
that may be a major factor in cot death. Wrap them in clear polythene with only a 
small opening at the bottom. Use natural blankets and sheets on top of the mattress. 
Even sheepskin is chemically treated and can cause problems. Frequently expose 
pillows and featherbeds to the sun to kill moulds and dust-mites. This can greatly 
reduce asthma problems. Alternatively, use an airtight pillowcase. 


Try not to use steel-framed beds or steel-spring frames that deflect the 
compass needle, move the bed if there are metal beams or live wires in the wall 
behind the bed. Featherbeds may contribute to arthritic problems due to static 
electricity between the feathers. Try to sleep with the head in a northerly direction or 
otherwise between north and east. Our brain waves are slowest when the head 
points towards magnetic north. Cover your head during cold nights to minimize heat 
loss. 


Sleep in total darkness or cover your eyes during sleep, as production of 
beneficial melatonin is interrupted by exposure to electric light, including street lights, 
although moonlight and red light are harmless. Avoid even short exposure to electric 
light in the first part of the night. 


Minimize Electromagnetic Pollution: Strong electromagnetic fields (EMF’s) 
of about 50 to 60 cycles per second (hertz, or Hz) and the related electromagnetic 
radiation (EMR) may be harmful to us. Long-term exposure can aggravate any 
existing health problems or diseases and may cause or intensify them; this is 
especially true of lack of energy or fatigue, irritability, aggression, hyperactivity, sleep 
disorders, and emotional instability. Increasing numbers of individuals are becoming 
hypersensitive to EMR; many can feel the electricity going through their body and 
may experience disabling symptoms such as convulsions, memory problems, and 
depression. | have encountered many of these problems with patients. 


Chronic exposure to high levels of EMR, especially while asleep, is a constant 
drain on our vitality. It creates chronic stress, which interferes with the regeneration 
and healing that normally take place during a good night’s sleep. You may compare it 
to always swimming against a strong current, and this may well make the difference 
between recovering from a serious disease and succumbing to it. For more 
information on health problems due to electricity and many case reports, see: 
www.emrsafety.8m.net. 


EMR exists around power lines, power tools, electric stoves, heaters, boilers, 
freezers, and television sets when in use, extending several feet or yards around the 
appliance. Stay away from them, if possible. Using an electric iron or an electric 
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keyboard or working with handheld power tools can quickly drain our energies. When 
working with electrical equipment, we can reduce harmful effects by holding our 
hands under running water from time to time, in addition to having a shower in the 
evening or walking barefoot on grass. 


Try to minimize electromagnetic pollution, especially while sleeping, when the 
pineal gland is most susceptible. Also sleep in the dark or at least cover your eyes to 
produce the immune-stimulating hormone melatonin. Before going to sleep, 
preferably switch off all power points in the bedroom and unplug all electric leads with 
two-prong plugs, especially any power points or leads close to the bed. This applies 
also to water beds, which need to be switched off or unplugged overnight. Three- 
prong plugs may remain connected to power points because this allows stray 
electricity to flow off through the grounding connection. 


Increasingly governments insist that we get maximum exposure to harmful 
fluorescent lighting in the form of compact fluorescent light or CFL. The flickering, 
even if not perceptible, electromagnetic "noise", and the unnatural frequency 
distribution of CFL's frequently cause health problems for sensitive individuals. Most 
affected are those with vision problems, autism, migraines, traumatic brain injury, 
vestibular problems, multiple sclerosis, muscle spasms, epilepsy, tremors, cardiac 
arrhythmias, memory loss, diabetes, difficulty concentrating, and lupus. For details 
see www.cflimpact.com. 


Here are some more tips: 


e If your head faces a wall with power points or other electric wiring inside the wall 
close to the bed, then move the bed towards the middle of the room so that you 
can walk around the bed. The best sleeping position is with the head towards 
north or otherwise somewhere between north and east. 


e When using an electric blanket, warm the bed beforehand and disconnect the 
power before you go to bed or better still, connect the blanket to a good earth. Do 
not habitually remain within a few meters of a working electric appliance, and 
minimize fluorescent lighting, watching television, using video games, computers, 
and even electric typewriters and handheld electric tools. 


e Stray currents and radiating fields can still be emitted from electric wires even if 
appliances are switched off. AC electric fields do not disappear when an 
appliance is switched off, only AC magnetic fields disappear. Keep live wires 
away from your body. Preferably do not live near high-voltage lines, microwave 
towers, or electric-train tracks. Alternatively, you may take extra precautions to 
shield your house from the effects of their energies. 


e Old fashioned TV sets and computer monitors emit harmful X-rays. Preferably sit 
as far away as conveniently possible. Flat or liquid crystal screens are much 
safer. An increasing hazard is microwave radiation from ovens, mobile phones, 
cordless phones and keyboards and other equipment. Most dangerous are long- 
reaching microwave stations inside the house for phones and computers, or 
equipment such as a mouse or keyboard that are not connected by wires, but 
USB modems for wireless broadband are harmless. 


Electro-Proofing Your House: The measures outlined so far will go some way 
towards reducing the harmful effects of EMR on your health. However, often they are 
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not enough. There is a simple way to check whether your home and workplace are 
sufficiently safe. You can do this by measuring the electricity that is absorbed by your 
body. For this you need a digital voltmeter that can measure millivolts. 


Get some insulated electric wire that is long enough to reach from most rooms 
to the ground outside and attach an alligator clip to each end. Then get a ground 
stake or earth spike (a copper pipe is good for this) and drive it into moist soil. One 
end of the wire is clipped to a clamp at the top of the ground stake and the other to 
the black probe of the voltmeter. It will not work to attach the earth wire to a water 
pipe or to the main electricity ground stake of the house as they may carry high 
voltages. 


To close the circuit, hold the metal end of the red probe firmly in one hand. 
However, it is more convenient to hold a piece of copper pipe, which is connected 
through a clipped or soldered insulated wire to the red probe. Set the dial to 2 AC 
volt; if it shows less than 200 mV, that is good and you can switch the meter to the 
200 mV setting. Preferably the reading should be below 100 mV in commonly used 
rooms, and on your bed, below 10 mV. 


In reality the readings will be much higher and you may get a reading between 
2 and 80 V while lying on your bed. This is a constant drain on your vitality. By 
moving the bed away from any electrical wiring, you can perhaps get it to read 
between 500 mV and 2 V. A relatively easy way of reducing the voltage a lot further 
is by using a grounded electric blanket. 


The easiest way is to cut off the plug. Then you can easily solder or clip a 
ground wire onto all three wire strands. If you want to keep using the electric blanket 
for heating as well, then you can attach a plug to the ground wire. Lying on a well- 
earthed electric blanket can bring the body voltage down to between one-quarter and 
one-tenth of the previous measurement. 


If the bed has a steel frame or innerspring mattress, then these may also need 
to be grounded. Commonly all springs are internally connected and need to be 
grounded only at one point, but some mattresses have individual springs, which 
would need to be grounded individually. However, steel frames and inner-spring 
mattresses can still deflect the compass needle when it is moved across the bed and 
that is not good either. It is healthier if the earth’s magnetic field is not distorted 
where we sleep. The needle should continue pointing north everywhere over the bed. 
Metal beams in the wall or ceiling can cause the same problem, and the bed should 
be moved far enough away from magnetic field disturbances. 


Ground any metal parts, such as window frames, metal wall claddings, or 
roofing iron, that show an unacceptably high reading when touched with one hand 
while holding the grounded probe in the other. This is especially the case if there are 
high-voltage power lines, microwave towers, or transformers nearby or power lines 
that form a right angle at street corners. 


Occasionally, there may be so much ground electricity that it shows a higher 
reading when you’re lying on a grounded electric blanket than on one without a 
ground connection. In this case, move the ground stake as far away as possible from 
any power sources that can cause this problem and find or create a good grounding 
behind the house where you can reach moist soil with a long ground stake. With a 
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short ground stake, try to keep the soil around it moist at all times. It is also possible 
to get a good ground by connecting the wire to a moist part of a tree or large outside 
plant. 


To get a true reading on a concrete floor or when outside the house, you should 
be insulated by wearing shoes; otherwise, the reading will be much too low. 


For sanitizing an apartment or office in a large building where you cannot get a 
good ground, a ground connection to the water pipe may be sufficient, or you could 
get expert help. An upper floor of a building commonly has much higher voltages 
than the ground floor, as there is wiring in the floor as well as in the ceiling. In this 
case, you may be able to reduce the EMR considerably by placing grounded wire 
netting under the carpet. If this is not possible with the entire floor, then ground a 
smaller area where you usually sit. 


In other cases, it may be advisable to shield and ground the wiring inside a wall. 
This is much more difficult, as wall panels need to be removed, but it may be 
relatively easy under the roof or if the wiring is under the house. You can simply wrap 
electric cables with grounded wire netting or aluminium foil or nail grounded metal 
strips over them. 


You can also disconnect the fuse or switch in the meter box for the bedroom 
(which commonly includes all power points in the house) overnight. Alternatively, 
have a separate fuse switch installed for the bedroom only or a demand switch that 
supplies power to the circuit only when needed. In addition, strategically placed 
copper coils can deflect radiation and may be used to de-stress the whole house. 
Such coils are offered on the Internet. 


To improve your well-being while driving, and avoid road-rage or fatigue earth 
the inside of your car by leading the electricity from metal frames of seats and large 
metal areas back to the negative pole of the battery. 


Beware of Earth Rays: Some dowsers claim to have discovered harmful earth 
rays from fault lines and underground streams under the beds of most cancer 
victims. Earth rays may also aggravate many other diseases. Find someone who is 
able to check the location of your bed for harmful underground radiation. This can be 
a problem even if you sleep on an upper floor. Commonly, dowsing or muscle testing 
(kinesiology) are used. Geopathic disturbances (another term for harmful earth rays) 
can also be detected with a scientific instrument that indicates the degree of 
distortion of the local geomagnetic field. 


If you cannot have your bed checked, then move it to a different location if you 
were sleeping there before a serious health problem developed. In addition, use a 
shielding device under the bed: place wire netting under the whole area of the bed 
and connect this to an electric ground. To protect against fault lines or ley lines, you 
can also cover the area under the bed with several centimetres of quartz sand and 
use additional copper coils; moving the bed is the safest option. You may be able to 
check the bed yourself with a shortwave radio, because over a fault line the reception 
deteriorates; especially dangerous are crossings of fault lines. 
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Table 1-4: Teeth-Organ Connections 
Teeth are numbered from 1 to 8 starting at the midline of the upper and lower jaw. 


1 and 2 upper and lower jaw __ kidney, bladder, pineal gland (upper), adrenals (lower), 
frontal sinus, sacrum, coccyx, foot 


3 upper and lower jaw liver, gallbladder, hip, eye, pituitary (upper), gonads 
(lower) 


4, 5 upper and 6, 7 lower jaw _lung, large intestine, shoulder, elbow, thymus (upper), 
arteries, veins (lower) 


4, 5 lower and 6, 7 upperjaw _— pancreas, spleen, stomach, breast, thyroid (upper), lymph 
system (lower), jaws, front of knee 


8 upper and lower heart, small intestines, shoulder, elbow, ear, nervous 
system, pituitary (upper) 





Dental Problems: Another aspect of our environment is our mouths - our 
teeth, specifically. A major factor causing or contributing to poor health and many 
diseases is our teeth. Frequently, there are mercury amalgam fillings or different 
types of metal in the mouth that act like an electric battery, and dead teeth with filled 
root canals or inflammation inside the jawbone (cavitations) even after removal of 
teeth are also a serious health problem. These problems may not cause any local 
pain and so are difficult to detect, but they can cause health problems in other parts 
of the body. Through acupuncture meridians as well as other mechanisms, each 
tooth is connected with a specific organ or other part of the body as shown in Table 
1-4, so health consequences of problem teeth can occur throughout the body. 


Heart disease, for instance, is commonly connected with inflammations or 
infections in the wisdom tooth positions, while kidney problems are related to the 
front teeth. This has been known for a long time. A 4,000-year-old papyrus describes 
the dialog between the pharaoh and his physician. The pharaoh complains of severe 
arthritis, and his doctor replies that this is due to the bad condition of some teeth that 
need to be removed. Even orthodox medicine is now slowly catching up and realizing 
that heart disease is frequently associated with microbes originating from infected 
teeth, gums, or jaw bones. 


Root-canalled teeth appear to be a major contributing factor in many health 
problems, not only cancer but also heart disease, kidney disease, and autoimmune 
diseases. This is due to microbes that multiply in the multitude of tiny canals or tubuli 
in the dentine and gradually leach out into the lymph system. Even normally 
harmless microbes become very dangerous under the anaerobic conditions in dead 
teeth. 


Weston Price, a dentist and former director of research for the American Dental 
Association some years ago, observed that the removal of root-canalled teeth from 
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patients with kidney or heart disease would in most cases lead to an improvement in 
those conditions. When he inserted a removed root-canalled tooth (human) under the 
skin of a rabbit, the animal would die within two days; when he implanted normal 
teeth, there was no adverse health effect. In some experiments, he implanted the 
same fragments of root-canalled teeth in succession under the skins of up to 100 
rabbits and they all died within two weeks of the same disease that the human donor 
had! 


The safest solution with dead (root-canalled) teeth is immediate removal, but 
problems might still persist if an infection has spread to the jawbone. The microbes in 
dead teeth and infected jawbones apparently cannot be eliminated with 
pharmaceutical or natural antibiotics. Removal of dead teeth is especially urgent if 
they are already dead for several years and show signs of deterioration, and also in 
the case of cancer, autoimmune diseases, and other serious diseases. If you cannot 
immediately have all your dead teeth removed, have some, and for several weeks 
after their removal, use natural antimicrobial therapy. You do not need to fill single 
tooth gaps where they cannot be seen. To fill the gap of a missing front tooth, find a 
dentist who can cement an artificial tooth in this place without resorting to crowns or 
other metal support. 


A possibly safe way of keeping root-canalled teeth is to fill them with Calcium 
Hydroxide or lodine instead of the commonly used Gutta Percha, but no long-term 
studies on health outcomes are yet available. For tooth implants Titanium is 
commonly used but this is a metal and can still sometimes cause problems. A safer 
alternative with good durability is Zirconia, the dioxide of zirconium. 


Try to have amalgam fillings replaced with plastic composite, preferably by a 
holistic dentist. A rubber dam and suction should be used when removing old fillings. 
If you cannot pay for proper replacements, just have them sealed with temporary filler 
and do not chew any hard items. However, with serious conditions and large fillings, 
extraction of amalgam-filled teeth can bring much better results than simple 
replacement. 


In a German study of multiple sclerosis patients, extraction of compromised 
teeth resulted in an 85 percent recovery rate versus only 16 percent for filling 
replacement alone. Other studies have found that recovery from serious autoimmune 
diseases, dementia, or cancer may require more aggressive mercury removal 
techniques than simple filling replacement, due to the body burden of mercury. This 
appears to be due to the migration of mercury not eliminated by simple filling 
replacement into the roots and gums. Mercury in the teeth and gums has direct 
routes to the brain and central nervous system.° 


Try to find a dentist who is familiar with safe amalgam removal procedures as 
recommended by holistic dentistry associations. Remove mercury by using high 
doses of vitamin C, Alpha Lipoic Acid, L-cysteine, MSM and chlorella before and 
after amalgam removal. Preferably, also use homeopathic mercury 1M and higher 
potencies. 


Injections of the mercury chelator DMPS can be administered by qualified health 
professionals. However, this procedure has occasionally lead to complications and 
the oral DMSA is less expensive and apparently safer. Nevertheless, both of these 
chelators can activate very high mercury levels from the bones and cause serious 
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problems, especially in sensitive individuals and neurological diseases. Therefore, | 
generally prefer the slower but safer method of using careful cleansing diets together 
with detoxifying natural supplements. 


The pink color of dentures may be due to heavy metals, possibly mercury or 
cadmium. If you cannot get a guarantee that the colouring is free of heavy metals, it 
is safer to ask for clear plastic dentures made of methyl methacrylate or flexite for 
partial dentures. Use plastic denture teeth rather than porcelain teeth that have a 
metal base. Bridges and metal partials should be changed to clear plastic partial 
dentures. Nickel, as in stainless steel, can suppress the immune system and is 
generally classified as carcinogenic. 


Even dental gold can be a problem because it is commonly blended with 20 
percent of the more harmful palladium. A small amount of gold as for one crown may 
be acceptable, but as a general rule keep your mouth free of all metals and make 
sure only metal-free plastics are used as replacements. Nevertheless, any metal in 
the mouth can lead to allergies, and on average about 30 percent of individuals are 
allergic to the dental metal in their mouth. 


After removal of bad or dead teeth, health problems can still arise or continue 
from root or metal fragments or due to chronic infection and inflammation in the 
jawbone. An experienced dentist can discover this with panoramic X-rays. If you 
cannot do all of this to sanitize the inside of your mouth, just do the best you can and 
do not worry. Compensate for any shortcomings here with a better diet and positive 
thinking. 
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Step 9 
EXERCISE 


Get into the habit of exercising regularly. 


Adequate physical activity is one of the main requirements for achieving and 
maintaining good health. Deep breathing while exercising is essential: Lack of 
oxygen - becoming breathless - is harmful. You have probably heard of aerobics. 
Aerobic exercises are those that can be maintained for long periods because the 
heart and lungs can supply enough oxygen to the muscles. If insufficient oxygen 
reaches the muscles, the exercise becomes anaerobic and causes a harmful buildup 
of lactic acid in the tissues; this is commonly noticeable as sore muscles. Therefore, 
when exercising, breathe more vigorously than required for the activity at hand; 
increase the intensity of your exercises only gradually. 


Arm and leg muscles should be regularly exercised. Supplement cycling, 
walking, and jogging with push-ups; swimming in unchlorinated water is also good for 
this. When jogging without running shoes, touch down with the ball of the foot and 
use your ankle joints as cushions. By using these springs freely provided by nature 
you cause less damage to your joints. 


Everyday Physical Exercises: Depending on your body needs and 
inclinations, you can perform many different exercises. The more important ones are 
stretching, hanging from the hands or feet, using a rebounder, circling the pelvis, 
head-and--shoulder stand, isometric exercises, scalp and face exercises (pulling 
faces, tensing and relaxing scalp muscles), shaking to loosen the body, and slow 
graceful and rhythmic movements with (or without) music. Hatha yoga exercises are 
excellent for stretching and massaging the internal organs. 


During the day, frequently stretch, tense, circle, or shake your muscles. Select a 
time of the day or week for a more thorough workout. With advancing age, stretching 
your muscles becomes increasingly more important. Lie on a large bed or carpeted 
floor and move your limbs and spine in various positions to the limits of their range, 
and then stretch them a bit farther. Try to let your body move on its own without 
much mental direction. Do what feels good. 


Rejuvenation Exercises: The following five exercises were first presented in 
Ancient Secret of the Fountain of Youth by Peter Kelder. They are effective for 
strengthening glandular activities and may help to rejuvenate the body if practiced 
faithfully every day. Deep breathing during and between exercises is important. 
Inhale and exhale during the slow movements between the two end-positions as 
shown in Figure1-1. 


Hold your breath in each end-position and tense all your muscles with maximum 
effort. In one position, press the chin to the chest and pull the abdomen inwards and 
up; in the other position, drop the head back as far as possible. 


Pull your stomach in with your exhale in the lying position (Fig. 1a); in the 
forward bending position (Fig. 1b); while sitting (Fig. 1c); and with the pelvis raised 
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(Fig. 1d). Start with a few exercises daily and gradually increase to 20 of each, but do 


not strain yourself. 
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Figure 1-1: Rejuvenation Exercises 
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For a fifth rejuvenation exercise, spin or whirl 20 times with horizontally 
outstretched arms. In the Northern Hemisphere, the instructions are to spin 
clockwise; | have the impression that in the Southern Hemisphere anticlockwise 
spinning is preferable. However, you may choose to spin in whichever direction 
makes you feel better; use muscle testing to see what is best for you. 


Inversion Exercises: Hanging upside down by your feet strengthens the 
internal organs, drains lymph fluid from the lower part of the body, and flushes the 
brain and face with blood. This exercise is especially good to delay or reverse 
symptoms of aging. While in the inverted position, rhythmically tense and relax the 
muscles of the face and neck and then the whole body. You can use inversion 
equipment that lets you hang straight upside down, or a slant board that puts you at a 
30 to 45 degree angle. If you are sufficiently athletic, you can also do a shoulder 
stand, headstand, or handstand against a wall. You can do bicycling movements 
while in the inverted position. 


Caution: Do not invert yourself if | Muscle Tensing: Tense and release one 
your blood pressure is high and | muscle after another, starting with one foot, 
requires medical attention. then the other, working up towards the top of 
the head. Inhale deeply, each time gradually 
increasing the tension; hold for a few seconds, then slowly release the tension while 
exhaling. Finally, tense all your muscles, starting with the feet and moving up to your 
neck; simultaneously inhale deeply. Hold the whole body tightly tensed for several 
seconds; then gradually release the muscles, starting with the neck, and moving 
down to the feet, exhaling simultaneously. 





If a particular organ or limb is weak, focus on it with repeated cycles of tension 
and relaxation. Frequent tensing is especially important if you have to stay in bed for 
a prolonged period. Do this exercise repeatedly during the day, whenever you 
remember it. Tensing may be done in any position such as sitting, standing, or lying 
down. It is easy to do while sitting at a desk all day: just take a deep breath, hold it for 
a few seconds while tensing the whole body simultaneously, then relax during 
exhalation. 


Head and Neck Exercise: Slowly, but firmly, bend your head three times in 
each direction, forward, backward, and sideways; try to let the head drop to each 
side. Then move the head in circles, again slowly and firmly, three times in each 
direction. This is excellent for strengthening the neck and is helpful in cases of head 
congestion, eye and ear problems, and recurring headaches. In addition, you can 
circle the head up to 100 times in each direction. 


Body-Mind Exercise: Slowly move a stiff joint several times to the limit of its 
range. Then imagine the same movement but with an extended range; repeat this 
several times. Then move the actual limb again and see whether its range has 
improved. The actual movements are easier if performed during slow exhalation. 


Rebounding and Lymphacising: Rebounding may be better than jogging, 
especially for those low in energy. You could even bounce on top of one or two 
innerspring mattresses. 


While you may develop a routine with various bounces, you can also use a 
lymphacising program instead of this or in addition to it. This is designed to greatly 
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speed up the lymph circulation while energizing your body at the same time. While 
lymphacising, remain with both feet firmly on the rebounder mat. Bounce gently up 
and down, starting with just a few minutes and gradually increasing up to 10 or 15 
minutes, three or four times daily; it is best done before meals and bedtime, and the 
more often the better. 


Keep your hands touching body areas in need of healing, such as a tumour 
area, liver, kidneys, or wherever you feel discomfort. With each upward bounce, take 
a sniff until your lungs are filled after ten to 20 sniffs, and then exhale again in sniffs. 
Always try to fill and empty your lungs as completely as possible. If you do it right, 
you should feel energized after the exercise. 


Practicing “Good Use”: F. M. Alexander, the Australian formulator of the 
Alexander Technique, developed the principle of “good use.” It means using your 
body efficiently and with ease, maintaining maximum balance and coordination 
between all of its parts. Most of us use our body poorly most of the time. By learning 
good use, we can harmonize our posture and movements, and with this improve our 
spine, muscular structure, even the functioning of our internal organs and glands. To 
learn good use, we concentrate mainly on the way we sit, stand up, sit down, walk, 
and breathe. 


Start by exploring your present use in front of a mirror: Observe how you move 
your head from side to side, up and down, how the shoulders move, how you talk 
and breathe. Then try to practice the basic movements of good use: Move your head 
up and away from the torso, but at the same time let the whole body ease upwards in 
a movement that flattens and lengthens the spine. 


When turning the head, moving it up or down, standing, sitting, walking, or lying 
down, always let the head “float up,” which means away from the body and in line 
with the spine. This is not just a position to be maintained but part of a continuous 
process of easing the head up to lengthen the spine. 


When you look at yourself at eye level, the neck should be straight and the chin 
down. Watch that the back of your head is not dropped backward where it will 
produce a hollow where the head joins the neck. Except when intentionally tilting the 
head, there should be no hollow at this point. Watch that your head remain up and 
your neck straight while you talk, sit down, stand up, or move in any other way. 
Instead of directly moving your head upwards, think and feel it floating up. Let the 
move be manifested through this thought and feeling. 


Standing and Sitting: Another important aspect to watch is that your muscles 
be relaxed when at rest. When standing, feel that your eyes, jaw, shoulders, and 
abdomen are relaxed; when sitting, do the same for the thigh and calf muscles. 
Check repeatedly because these muscles have a tendency to tense when we do not 
watch them. Do the same when lying down: Check that all your muscles are relaxed. 


When sitting down or standing up, your back and neck should remain in a 
straight line. Only the joints at the ankles, knees, and hips should bend. When 
standing up, lean forward by having your body follow your head. In this way, bend at 
the hips, which creates a momentum that lifts you off the seat and brings you onto 
your feet without any effort. Now you only need to straighten the three lower joints 
and you can stand in front of the chair. 
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Exactly the reverse procedure takes place when sitting down. The arms are not 
used in any way to push or swing when you're standing up or sitting down. When 
sitting, keep your head moving upwards in order to counteract the tendency to slump. 
Check yourself frequently to be sure you sit straight but relaxed. When lifting 
something from the floor, keep your back and neck straight and bend only at the 
ankle, knee, and hip joints. 


Walking: When walking, touch down lightly with the full foot, not just with the 
heel. While the other foot is brought forward, the whole body weight now rests on the 
foot on the ground. Start rolling your weight off this foot by lifting your heel. In this 
way rise onto the ball of the foot and even onto the toes. This creates a strong 
momentum that propels you forward without any effort. Repeat the same process 
with the other foot. 


The important part of walking is rising onto the toes, which gives you a light, 
bouncing step, as if you’re walking on air. Your spine and neck remain in a straight 
line, your shoulders relaxed. The arms swing gently, as opposite arm and leg move 
at the same time. When climbing steps, rise onto your toes in the same way as for 
walking. (For more information, see “The Complete Guide to the Alexander 
Technique” and other information at www.alexandertechnique.com.) 


Correct Breathing: Generally, we breathe just enough for the activity at hand. 
However, to prepare for action it is beneficial to supercharge your body with oxygen 
by breathing more deeply than you need. This makes you more energetic, helps to 
cleanse the body, and neutralizes overacid conditions. Practice deep breathing in 
fresh air. Watch that during normal breathing your lower rib cage is moving. 
However, during sedentary activities it is preferable to breathe as slowly and deeply 
as possible. This helps to relax both body and mind. Therefore, by deliberately over- 
breathing we create useful tension, and by under-breathing we practice relaxation. 
Here are some tips on breathing exercises: 


Watching the Breath: This is a relaxing exercise to still the mind. Mentally follow 
the breath flowing in and out but without any attempt to control it. 


Full Breath: Inhale for several seconds, consciously filling first the lowest part of 
the lungs, causing the abdomen to lift. Then expand the middle part and finally the 
upper part of the chest. Hold the breath for several seconds then slowly release it, 
starting with the upper chest; end by contracting the abdomen. After about four 
seconds, start a new cycle. 


Abdominal Breathing: This is important for people with breathing problems. 
Place a hand on the abdomen and feel it rise and fall without your chest moving. 
Adopt abdominal breathing whenever an acute breathing problem develops. 


Long Exhaling: This is good for people with obvious or hidden anxieties and for 
those who need to establish a proper orgasm reflex. While standing, exhale for about 
ten seconds in one continuous sweep. Near the end, the shoulders move forward, 
the buttocks press together, and the pelvis moves forward and upward in an 
involuntary movement. A long, gentle exhalation also helps to relax body and mind 
and may be used to direct energies and relax specific muscles. Inhale quickly in 
about one or two seconds and then exhale slowly for about ten seconds. During 
exhalation, focus your attention on a specific part of the body and imagine the breath 
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energy flowing into it, making it feel warm and expansive. Use this to reduce muscle 
tension and pain or to relax the whole body, starting with the feet and gradually 
working your way upwards to the head. 


Super-breathing (Hyperventilation): This is to quickly saturate the body with 
oxygen. Quickly and deeply—at the rate of about one or two cycles per second— 
inhale through the nose and exhale through the mouth. Stop when you begin to feel 
dizzy. A slower, but more sustained form of super-breathing, done through the nose 
only, can be adopted during energy healing, or before and during heavy physical 
work or exercises. 


Hara Breathing: Sit or lie, relaxed, with the hands folded as in prayer or over the 
abdomen, left palm on the navel, right hand on top. Inhale gently through the nose, 
hold the breath, and exhale through the mouth; each period lasts five seconds. While 
inhaling, touch the roof of your mouth with your tongue. Accompany this with 
abdominal breathing. Envisage with each breath that life energy fills the abdomen; 
feel it as warm and tingling. Hara is a Japanese word for the centre and storehouse 
of vital energy located just below the navel. 


Alternate Nostril Breathing: This is helpful for balancing body polarities. Close 
the right nostril with a finger and inhale through the left nostril, then close the left 
nostril and exhale through the right nostril. Inhale through the right nostril, and exhale 
through the left one, and so on. Several rounds of this are good at the start of 
meditation. 


Eight-Two Breathing: This may be used for stilling the mind and emotions 
during meditation or spiritual healing. Inhale for a count of eight, hold for two, exhale 
for eight, hold for two, and so on. The flow of the breath should be smooth and 
harmonious. 


Skin and Organ Breathing: For improving a particular part of your body, imagine 
and feel your breath moving through this part during inhalation and exhalation. As an 
example, for improving the liver, feel the breath as a cool stream penetrating your 
liver. When holding the breath, feel a slight pressure in the liver area and an 
increasing warmth. 


Vocal Exercises: Sounds have a strong influence on us, and music particularly 
can have a profound effect on our emotions. Mantras (special words or sounds) are 
used in certain techniques of meditation to achieve particular effects. Much stronger 
is the impact of our own voice on our body. If properly pronounced, each vowel 
produces a vibration in a specific body part, mainly the large cavities. If you cannot 
feel a resonance vibration, just imagine it. 


Produce the sounds as clearly as possible. Take a full breath and sing each 
vowel forcefully in different intonations. If your voice is low and deep, try to produce 
the sounds in the front of the mouth; if you have a high-pitched voice, make the 
vowels vibrate deeper down the throat. 


Feel the resonance of each vowel in the indicated body cavity. The lower the 
body cavity in which you want to experience the sound, the deeper or lower you 
should try to make the sound. Initially, use each vowel in turn, then concentrate on 
the ones most appropriate to your condition. Select and use vowels according to 
resonance areas. A high-pitched “I” sound may be used to stimulate the brain as well 
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as the pineal and pituitary glands. Imagine the sound vibrating from the centre of 
your brain. 


Vowel Resonance Areas 


This table shows the correct intonation of vowels and the body cavities, which 
they stimulate if properly performed. Try to grade the vowels with the highest note for 
“l’ and the lowest for “U” 


| Bee Head 
E Fairy Throat 
A Father Upper Chest 
O Coma Lower Chest, Upper Abdomen 
U Zulu Lower Abdomen 


If you make the sounds properly, you will feel the vibrations in your throat and 
mouth and possibly in your lips and cheeks as well. When you leave a tiny gap 
between your teeth, you should be able to feel them vibrating strongly. This effect is 
usually strongest with the “m” or “om” sound. Also try to vibrate your tongue with a 


rolling “r’ sound. If correctly done, you can feel these vibrations energizing the whole 
structure of the head, bones as well as tissue. 


Instead of sounding “om,” you can intonate “a-u-m” or “a-o-u-m” in sequence 
with the same breath. Gradually lower the sound, and try to feel the vowels vibrating 
in the appropriate resonance areas. Feel the “m’” sound moving up the spine with the 
pitch gradually rising higher, ending at the centre of the brain. 


Singing is an excellent vocal therapy, so try it often. Listen to stimulating, 
sedating, or uplifting music according to your needs. Lie down in a relaxed position 
and become fully immersed in the sounds. Feel something inside you moving, 
expanding, rising in resonance with the music. Try singing along. 
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Step10 
THE HEALING CRISIS 


Sooner or later you are bound to have a healing crisis, 
so use it to your advantage. 


Even on their first clinical visit, | routinely recommended that my patients adopt 
a high-quality, low-allergen diet. When they came back two or three weeks later, they 
often said they felt much better but that a week earlier they had had a cold. When 
asked about the symptoms, these turned out to be mainly a profuse mucus discharge 
or sometimes diarrhoea, but rarely were there signs of infection. These patients had 
experienced their first healing crisis on their path to better health. 


This shows us the general principles of a healing crisis. With each crisis or 
reaction, there is a temporary worsening of the condition, with either new symptoms 
appearing or existing ones getting worse. This is the result of toxins being mobilized 
for elimination by the body in what is clinically known as the Herxheimer effect. 
However, after the healing reaction, we reach a higher level of health than before. 


This concept of a healing crisis clearly shows the opposite perceptions in drug- 
based medicine and holistic medicine regarding health and the healing process. In 
drug medicine, it is assumed that a patient who is free of disease symptoms is more 
or less healthy, and the aim of drugs is to achieve this condition by removing 
disagreeable symptoms. Frequently, alternative medicine is used in the same way; 
instead of toxic drugs, benign natural remedies are used. This is what most patients 
want, and according to their beliefs, they use either drugs or natural remedies to 
eliminate symptoms. 


However, holistic medicine, following in the footsteps of the nineteenth-century 
Nature Cure movement, aims higher. Here, health is regarded not just as a 
temporary absence of disease symptoms, but as a state of profound physical, 
emotional, and mental well-being so that we cannot develop a disease. 


Animals living in an unspoiled natural habitat commonly display this kind of 
health. If we want to come close to such outstanding health, we have to work for it by 
consciously minimizing the multitude of negative influences on our health and by 
maximizing the positive factors instead. 


Experience shows we do not follow a straight line of health improvement or 
deterioration. Similar to the way periods of illness are interspersed amidst relative 
well-being on the long road to chronic degenerative diseases and death, we have 
ups and downs on the road to superior health. The main difference is that the road to 
deteriorating health slopes downhill while the road to superior health goes up. 


Travelling downhill is easy; we do not need to do anything about it, but 
improving our health requires consistent effort, and it can seem like an uphill climb. 
Contrary to the lengthy periods of ill health on the downhill road, the dips on the uphill 
road are usually short and sharp. Such a dip is called a “healing crisis,” although | 
prefer the less dramatic names “healing reaction,” “cleansing reaction,” or simply 
“reaction.” 
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After each reaction, we advance to a higher level of health than we had before 
the reaction. Holistic therapists realize that the road to better health follows a definite 
pattern, once known as Hering’s Law of Cure (from homeopathy), which says: “All 
cure starts from within out, from the head down, and in reverse order as the 
symptoms have appeared.” 


The emotional side of our health problems is important as well. Each disease, 
accident, or surgical intervention contains a strong emotional component that needs 
to be re-experienced during a reaction. Otherwise, the healing will remain incomplete 
and the problem will present itself again at a later time for healing at a deeper level. 


This also means that the body selects the kind of healing crisis that is most 
appropriate at the time, taking into consideration its needs and abilities to have a 
certain area healed or improved. We can consciously influence this choice by 
working on a particular problem. I’ve noticed that the “body self’ tries to select a 
timing that does not disable us during important upcoming events. No doubt we are 
guided on our healing path by our inner intelligence that has our best interests at 
heart. 


In the beginning, our healing reactions will be mainly on the physical or 
biological level, but increasingly we will experience the release of emotional blocks 
and changes in consciousness, preparing us for greater activity on the spiritual level. 


Patterns of Healing: In every healing, the sequence of our health deterioration 
will automatically be retraced. This means that old, long-forgotten disease symptoms 
may suddenly flare up again in the form of a healing crisis. The reason for this is 
based on the nature of disease. 


At first, when the body is still vital, it reacts forcefully against pathogenic 
invaders; the resulting battle causes fever and inflammation. If the body is not strong 
enough to win completely, the acute battle symptoms will eventually subside, with the 
remaining invaders leading a somewhat subdued existence in a weakened gland or 
organ. Repeated attacks will result in the degeneration of this body part, causing 
chronic disease. 


At some stage on the road towards health, the body will feel strong enough to 
start the fight again to heal the diseased organ; when it does, inflammation will result. 
Such healing reactions are usually short-lived but can be intense. If one supports the 
body during this period with rest and cleansing diets, then the organ will eventually 
acquire a much better level of health than before the flare-up. If, however, drugs are 
used to suppress the healing symptoms, then the inflamed organ will return to its 
subacute, chronic condition and wait for another opportunity to heal itself. 


The healing pattern of other health problems that are not related to 
immunological processes and infections follows a similar line to this. Healing takes 
place on many different levels: at the biochemical within cells; in the blood circulation; 
in the nervous system; and especially in the flow of bioenergies (such as chi, as 
described by acupuncture). Healing activity will be increased on all of these levels. 


At the bioenergetic level, the increased energy flow may cause congestion at 
various places, in the weak body part itself as well as in related acupuncture points 
and zone reflex areas. Excess energy in such places may be noticed as pain, heat, 
or tension - the common symptoms of inflammation. Eventually the body will clear the 
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obstruction in the energy flow. We can support this process with specific healing 
methods or by healthy living practices in general. However, trying to suppress any 
acute inflammation may leave the body part permanently weak. Inflammation in itself 
is a healing energy release, and it is best overcome by removing the blockages in the 
energy flow. 


Frequently there will be periods of greatly increased bowel activity or diarrhea. 
This is due to the detoxifying action of the liver. These toxic waste products are very 
irritating to the intestinal wall and the body tries to flush them out as quickly as 
possible to avoid intestinal discomfort and headaches. Do not try to suppress this 
process but you may try to ease it with frequent drinks of psyllium which help to bind 
the toxins and solidify the bowel content. 


Skin Reactions: Another common form of healing reaction is the development 
of a rash or other skin problem, especially over a weak body part, such as, for 
instance, at a hip or shoulder. This skin reaction signifies that the energy that has 
been bound internally in this area in the form of muscle armouring, stiffness, and 
accumulated metabolic wastes is now surfacing and dissipating. Thus the affected 
joint or limb will become much freer and stronger. However, if the skin reaction is 
interfered with and made to go away prematurely, then the suppressed energy and 
metabolic wastes will remain in that body part, keeping it in a state of pain or 
weakness. 


Thus there usually is no need to interfere directly with skin reactions or other 
healing symptoms. On the contrary, that may only drive the problem “underground” to 
affect internal organs and body structures. Natural healers have noticed that by 
artificially producing a rash over an arthritic joint, the joint greatly improves, but when 
a rash over a joint is artificially suppressed, then arthritic symptoms may appear in 
that joint. 


This observation applies only to healing reactions, not to possibly infected or 
chronically inflamed skin areas which may be treated with antimicrobials and 
alkalizers in addition to nutritional therapy. 


You may learn much about yourself, your body, health problems, and emotional 
reactions by patiently observing the healing process instead of rushing to do 
something about it. What you should do, however, is live healthily, cleanse the body, 
helping the suppressed energy to come out and dissipate, and be optimistic about it 
all. 


Frequently, boils and increased mucus discharge, as in colds, arise during the 
initial stages of the healing process. Sometimes they start one or two weeks after you 
improve your diet and begin to take supplements. This indicates that your organs of 
elimination are congested. During such times, take little food, but instead consume 
generous amounts of herb teas, fresh vegetable juices, and pure water, and ideally 
go on a cleansing diet. Such healing crises may appear from time to time, separated 
by weeks, months, or even years, bringing you ever closer to your goal of superior 
health. 


Listen to Your Body: Some further problems may develop during your 
program of health improvement. Formerly, the body response may have been dulled 
- it did not even react to harmful foods or drugs - but now the reaction is often 
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immediate and forceful. Foods that you may have eaten habitually before going on a 
cleansing diet can now suddenly cause a gastrointestinal upset, making you feel sick 
and miserable for days. However, such reactions do not need to happen if you take 
proper precautions: Find out to which foods you are allergic and try to avoid these. If 
you eat in restaurants and do not know what to expect, take plenty of digestive 
enzymes and lecithin during the meal, and try to eat foods in correct combination; if 
allergy symptoms appear, use alkalizers together with sodium ascorbate to mitigate 
their effects. 


Your body now trusts that you will not hurt it anymore in the old ways. But if you 
do, your body is very “offended” and lets you (your mind) know about it in no 
uncertain terms. This is the most effective language the body has. However, if you 
learn to listen, your body will first try to tell you about its requirements in a more 
subtle way such as in intestinal rumbling, an itch, a slight muscle weakness, a 
passing pain. There are numerous ways a body expresses its needs, and each body 
has its own language of symptoms. 


If you are honest and persistent in your desire to become a “friend” to your 
body, it will eventually let you know its needs, its likes, and dislikes; you will 
rediscover your lost body instincts. This is what we should aim for: to become 
independent of outside expert advice and do what our body tells us is right to do, not 
only in nutrition, but in everyday living. 


While one can usually gain relatively quick relief from distressing symptoms, 
rebuilding a strong and healthy body is a slow process. It requires a great deal of 
experimenting to find your optimal individual conditions for healing and it needs your 
solid determination to carry through with a program over the years. 


The Progress of Healing: Generally, recently acquired chronic weaknesses 
are the first to flare up and become healed, while our oldest and most persistent 
health problems are the last to yield. Thus there appears to be an orderly sequence 
to our health improvement. Healing proceeds in a wave pattern on an upward slope. 
On the peak of a wave we feel much improved, while in a trough we experience 
cleansing activity or a healing reaction and feel sick. The overall movement, 
however, is towards greater well-being. 


The body always tries to heal itself and an acute inflammation is an important 
tool for this purpose. An inflammation makes the walls of the blood vessels porous to 
allow an increased flow of lymph fluid to move immune cells in and move 
accumulated toxins out. At this stage it is just an acute inflammation and we can 
choose to turn it into a healing crisis by supporting the body mentally and 
nutritionally, or we can choose to suppress the acute condition and return ourselves 
to a chronic degenerative condition. 


Therefore, anything that suppresses an acute inflammation prevents healing of 
the affected area. This includes not only anti-inflammatory drugs and remedies, but 
also strong alkalizers that reduce the release of histamine. The pain and heat in the 
inflamed area are the price we have to pay for healing. 


However, anti-inflammatory agents and alkalizers have their role in easing the 
discomfort of a chronic inflammation until the body has been nutritionally and 
mentally prepared for a healing reaction. Further, the symptoms during a reaction 
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may either be too severe or come at an inopportune time. You can lessen or 
temporarily stop them by adding cooked food to a raw food cleansing diet, by 
alkalizing the body, or by using anti-inflammatory remedies. 


Usually, we can select a suitable time for a healing crisis by starting a strict 
cleanse on raw food only, especially fresh vegetable juices, or fruit or vegetable 
salads. A fruit cleanse is more suitable for insensitive individuals (less allergy-prone), 
while vegetables are much better for an overacid and sensitive body. 


One of the main factors reducing the severity of any symptoms is a clean 
bowel, regardless of whether the reaction was triggered deliberately or involuntarily. 
The easiest way to achieve this is by taking a tablespoon of Epsom salt in water at 
bedtime or upon rising in the morning. If no solid food is used, then take a teaspoon 
of psyllium hulls several times daily in a glass of unchlorinated water; too little water 
can cause constipation (refer to Step 3 for more information). 


You can further support your body with light, enjoyable outdoors activity. Prayer 
and meditation or guided imagery are also recommended. 
As you can see, there is no simple path to completely avoiding health-related 
discomfort. We can only choose in which way we want to “suffer.” We can either 
deliberately and cheerfully endure unpleasant healing crises with the promise of 
better health to follow; or we can expect to suffer involuntarily and in an uncontrolled 
way from chronic degenerative diseases as we get older. The choice is yours. 
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Part 2 
NATURAL HEALING METHODS 


This chapter contains a selection of natural healing methods, presented in a 
concise form suitable for do-it-yourself healing and experimentation. It is especially 
useful in the context of healing groups. You will find diagnostic methods followed by 
selected therapeutic methods. However, several of these overlap and can be used 
for both diagnosis and treatment. Experiment with those methods that appeal to you 
while disregarding others. 


In conventional medicine, diagnosis is extremely important because the 
predominant use of surgery and toxic drugs directed against specific disease 
symptoms leaves little room for error. Holistic healing, on the other hand, aims to 
improve the overall health of the patient, so diagnosis is less important. Healthy 
living, which includes correct nutrition and mind control, in combination with various 
nonspecific healing methods, will be enough in many cases to lift one’s health to 
such an extent that, even without diagnosis, diseases and their symptoms gradually 
disappear. 


However, improvement may be faster and easier, especially in serious 
conditions, if you concentrate additional healing efforts on specific glands or organs. 
Here, diagnosis is -useful in pinpointing the areas most in need. Generally, the aim of 
diagnosis in holistic healing is to assess whether an organ, gland, or other part is 
overactive or underactive; whether energy flows are too strong or too weak; or 
whether there are deficiencies or harmful outside influences, attitudes, or emotions. 


Worldwide, an emerging and especially active area of the healing arts is 
electro-medicine. This includes a multitude of diagnostic and therapeutic instruments 
from simple to very elaborate and computer-programmed. While some of these have 
a long track record, including mainstream medical use in Germany, the U.S. Food 
and Drug Administration (FDA) has either outlawed many of these products or 
actively discourages their use. In view of this, and also because of the evolving and 
constantly changing nature of this whole area, | recommend getting the newest 
information from the Internet. Look for key words such as Rife technology, BEFE 
(bio-electric field enhancer), electro-acupuncture, electrodermal screening, electronic 
blood purifier, zapper, and magnetic pulser. For the definitive publication in this area, 
see Bio-electromagnetic Medicine, with contributions by a wide range of scientists 
and medical researchers, and edited by Paul J. Rosch, clinical professor of Medicine 
and Psychiatry, New York Medical College, with Marko Markov of the Mount Sinai 
Medical School. 


Here then is a selection of practical methods you can use to improve your 
health and that of your family and friends. 
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Step 11 
GENERAL EXAMINATION 


Examine yourself to assess your state of health. 


Testing Body Fluids: Tests in this step are recommended as a way to get to 
know and monitor your body rather than to replace medical diagnosis. Urine dipstick 
tests, available at most pharmacies, give indications of pH (acid-alkaline balance), 
kidney function (protein status), diabetes (glucose), fat metabolism (ketones), urinary 
tract infections (blood, nitrites), liver and gallbladder function, and blood stability 
(bilirubin, urobilinogen). Cloudiness in a fresh urine sample, for example, may be due 
to urates, phosphates, pus, dead bacteria, or inadequate liquid intake. 


A dipstick test for vitamin C is available in some countries; otherwise you can 
test by adding ten drops of a five-percent silver-nitrate solution to ten drops of your 
urine in a test tube. Read it after two minutes. A white precipitate shows vitamin C 
deficiency; if beige, a small amount of vitamin C is present; if gray, your vitamin C 
status is good. During severe infections, sufficient vitamin C should be given to cause 
a charcoal-like appearance in the test fluid. From the colours of these dipsticks, you 
can clearly see whether the result is normal or whether there is a problem, in which 
case you can repeat the test from time to time or seek professional advice. (Caution: 
Silver nitrate badly stains skin and garments.) 


Low-cost instruments are now available for measuring the level of glucose in 
the blood. In a standard glucose-tolerance test, 100 g of glucose, or 2 g per kg body 
weight, are given in water to the fasting patient. Blood and urine samples are tested 
every 30 minutes. A test for diabetes can be terminated after two or three hours, 
while for hypoglycaemia, test for five hours. Diabetes is suspected when the glucose 
level peaks and remains higher than normal. 


Hypoglycaemia (low blood sugar) is more difficult to evaluate and may be 
suspected if the blood sugar curve shows a high plateau or remains flat, if it shows a 
steep drop, or if it falls below the fasting level. In addition, test the soft-palate pH (in 
the mouth) before and after the test. Greatly increased acidity shows inefficient use 
of glucose. Frequently, the blood sugar reaction depends on the source of the 
glucose or carbohydrate; that is, an abnormal blood glucose level may be caused by 
an allergy response to a particular carbohydrate. 


Pulse and Blood Pressure: Take the pulse while sitting and standing. To find 
the pulse, lightly press with the pads of three fingers on the inside of the wrist of the 
other hand just below the pad of the thumb. Adrenal stress (predisposition to 
allergies) may be indicated if the rate is higher when standing than sitting. 
Statistically, the average pulse rate for men is 72 per minute and 80 for women. 
Physical activity, raised temperature, infections, an overactive thyroid gland, strong 
emotions, and allergies increase the pulse rate. An irregular pulse may indicate heart 
disease, potassium or magnesium deficiency in the heart muscle, or an allergy. 
Sometimes the pulse is irregular only under stress, for example, when standing or 
running. If there appears to be a problem, check again on subsequent days under 
different conditions. 
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Blood pressure is measured with a sohygmomanometer and is important for 
body balancing and assessing nutritional requirements. The normal readings are 
120/80 mm Hg (millimetres of mercury). The upper value is produced when the heart 
contracts (systolic pressure) and mainly indicates the rigidity or elasticity of the main 
arteries. The lower reading (diastolic pressure) occurs when the heart dilates and 
indicates the amount of tension or relaxation in the small peripheral blood vessels. 
The difference between both readings is the pulse pressure. The normal pulse 
pressure is about 40. To obtain an indication of the metabolic rate (how fast or how 
slow the body produces energy from food) multiply the pulse pressure by the resting 
pulse rate. The 
average value is 
2800 plus or minus 
500. A value higher 
than 3300 indicates 
an overactive 
thyroid, while a 
result lower than 


FINGER 2300 indicates an 
POSITIONS underactive thyroid. 
A fall in blood 

pressure when 


standing compared 
with sitting indicates 

Fig. 2-1. Taking the pulse. adrenal stress. 
Sometimes a low blood pressure when sitting will rise when standing because of 
increased tension. The blood pressure of healthy adults does not rise with increasing 
age. The most common causes for high blood pressure are arterial hardening and 
congestion, kidney problems, and allergies. 





Examination of Organs: While the person to be examined lies relaxed on the 
back, exert direct pressure on the organs to be tested. Inflamed or infected 
conditions will usually be indicated by tenderness. Of special importance is the liver; 
to gauge liver health, press gently under the front of the right rib cage. Press into the 
stomach, at the lower end of the sternum, and all around the abdomen, to check the 
small and large intestines. If most of these intestinal areas are tender, you can 
suspect an overgrowth of Candida albicans in the gastrointestinal tract. 


Reflexes can be tested by striking with the edge of the hand just underneath 
the kneecap. Normally the leg will give a slight jerk. Absent or very strong jerks may 
indicate nervous system diseases and a need to seek professional help. Another test 
involves stroking the inside of the sole of the foot (called Babinski’s reflex). In a 
normal condition, the toes will contract and draw together. In cases of central 
nervous system disease (and in newborn infants), the toes will fan out and be drawn 
back. 


The thyroid gland is situated on both sides of the lower neck; if it is underactive, 
you may feel sluggish and have difficulty losing weight. To see whether your thyroid 
is underactive, measure the temperature under your tongue for ten minutes on three 
consecutive mornings before getting out of bed. Premenopausal women should do 
this on the second, third, and fourth day of the menses. The temperature should be 


Heal Yourself - The Natural Way 70 


97.8°F (36.5°C) or higher. If it is consistently below this, your thyroid is likely 
underactive. You should then consume foods high in iodine, such as seafood and 
kelp, and also take selenium to stimulate your thyroid functions. Dental problems, 
such as dead teeth and mercury amalgam fillings, are important causative factors of 
thyroid problems, so use metal-free dentistry (see Step 8). 


Other tests can be performed according to the skill and specialization of the 
examiner. The tongue, skin, hair, eyes, and nails can give valuable health 
information. Energy patterns can be assessed from Kirlian photography; measuring 
devices for acupuncture energies can reveal the meridian flows as well as the vitality 
of specific organs before and after treatment and at consecutive visits. 


Self-examination of organs can be difficult. If you are in doubt about what you 
have found, consult a professional. Low-cost diagnostic instruments such as a 
sphygmomanometer, stethoscope, and eye, ear, nose and throat instruments can 
often be obtained from Chinese importers of acupuncture equipment. 


Hair Analysis: For an assessment of your long-term mineral status, you can 
send a sample of your head hair to a specialized laboratory for analysis. (You can 
find an address for a laboratory on the Internet or in the advertisements of health 
magazines, or ask a naturo-path.) However, interpretation of the results is difficult, 
because mineral levels in hair are not directly related to the mineral levels in blood or 
cells. As the mineral content of the hair reflects the long-term mineral distribution 
inside the cells, it is often more useful than a serum mineral analysis. 


Generally, the ratio between key elements is more important than certain high 
or low values taken in isolation. An abnormal ratio indicates problems with the 
various systems or organs. Important ideal ratios (and the body systems affected) 
are as follows: 


e Zinc:copper = 8:1. Needed for the cardiovascular system, female reproductive 
system, liver functions. 


e Zinc:manganese = 150:1. Muscles and skeletal system, collagen, cholesterol. 
e Calcium:zinc = 3:1. Cardiovascular and kidney functions, bones and joints. 
e Sodium:potassium = 2:1. Adrenal glands and glandular system. 


e Calcium:magnesium = 8:1. Cardiovascular system, bones and joints, dietary 
imbalance. 


e lron:copper = 2.5:1. Indicates condition of blood and energy production through 
respiration. 


e Here are some clinically significant patterns: 


e Elevated levels of toxic minerals such as mercury, lead, or cadmium indicate you 
need to detoxify. 


e Low sodium, potassium, chromium, and manganese _ indicate glucose 
intolerance. 
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e Elevated calcium and magnesium in the correct ratio indicate nutritionally 
induced hyperparathyroidism (overactive parathyroid glands) due to excess 
dietary phosphorus (for example, from meat and soft drinks). 


e Low levels of most polyvalent elements; including copper, iron, manganese, 
chromium, and selenium, indicate malabsorption, with possible lack of gastric 
acid. 


There is an interesting nutritional pattern connected with criminal behaviour. 
Violent, imprisoned criminals generally have one of two mineral-correlated behaviour 
patterns. With a high copper-to-zinc ratio, low sodium, potassium, and manganese 
but high lead and cadmium levels, they have extreme mood swings, poor ability to 
handle stress, and occasional violent behaviour. They tend to feel remorse for their 
actions. With the other pattern of iron, calcium, potassium, and sodium high in 
addition to high cadmium and lead, with low copper and zinc, such people are often 
violent and cruel, fascinated by fire, and exhibit no conscience or remorse. (For 
further information, see Diagnostic Usefulness of Trace Elements in Human Hair, by 
Jeffrey Bland, Ph.D.) 


Face and Tongue: Face diagnosis is widely practiced in Chinese and 
Japanese medical traditions. Generally, the forehead corresponds to the nervous 
system, the middle part of the face to the circulation, and below the nose to the 
digestion. More specifically, the eyes are related to the liver and partly to the spleen; 
the nose to the lungs and heart; and the mouth and lips to the digestive functions. 


To give a few examples, fluid sacs under the eyes are generally attributed to 
poor kidney function, especially if they are dark purple or bluish in colour, while with a 
puffy brown appearance they implicate the liver. Heart and lung problems may be 
indicated by a red or purple, swollen or bulbous nose. Soft, hanging lower lips show a 
weak muscle tone of the intestines. If the mouth is kept open most of the time, this 
shows severe metabolic imbalances and weakness. 


The tongue is also a diagnostic tool. The tip of the tongue corresponds to the 
heart, the edges to the liver and gallbladder, the centre to the stomach and spleen; 
between the tip and the centre are the lungs; and at the root or back of the tongue 
are the kidneys, intestines, uterus, and bladder. The underside reflects the circulation 
in the corresponding areas. A white coating is related to congestion of the intestines; 
a red tongue may indicate B-vitamin deficiencies or inflammation; a bluish colour 
indicates coldness, underactivity, and poor circulation in the indicated areas. A yellow 
or brownish coating may indicate liver problems and cracks may be due to 
overacidity, allergies, and deficiencies. 
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Step 12 
IRIS DIAGNOSIS 


Study your eyes to find out more about internal conditions of your body. 


The iris is like a map of the body - changes in certain organs are reflected in 
specific parts of the iris. The right iris shows the condition of the right side of the 
body, while the left iris reflects the left side. The exact relationship between iris and 
body parts can be seen from the iris chart below. Iris diagnosis is also Known as 
iridology. 


In health, the iris is composed of densely structured fine, straight lines, 
radiating from the pupil to the outer rim. A close grain, similar to that of hardwood, 
indicates a strong inherited vitality and good recuperative powers in the case of 
temporary illness. If the fibres are loosely spread, as in softwood, the basic health is 
weak. 


In poor health these lines become separated and distorted, forming various 
patterns, called markings. Very weak organs often show elliptically formed grey 
markings - so-called closed lesions resembling knots in wood. In poor health many of 
these closed lesions may be found in the iris, indicating areas in which the circulation 
is stagnating. If these lesions are not 'walled in', but open at one end or both, this 
indicates that despite a weakness the circulation in this area is good. 


Colour Changes: Start by studying your own eyes in a mirror. Then look at the 
eyes of friends and relatives. Use a magnifying glass and a torch held at the side of 
the eye. Make a coloured copy of your own eyes or those of a friend, and compare it 
with the iris chart. Study the general colour pattern. Markings are much easier to 
detect in blue than in brown eyes. Often there will be brownish discolourations in blue 
or green eyes extending outward from the pupil. This area belongs to the intestines. 
The brown colour change indicates that there is a deterioration of the digestive 
system, usually associated with inherited liver and gall bladder weakness. 


Frequently, the eyes of babies change from blue to brownish within days or 
weeks of the baby's introduction to cows' milk. Often allergy symptoms are present 
simultaneously, for example, eczema, respiratory and digestive difficulties. These 
colour changes may also occur in breastfed babies if the mother uses cows' milk or 
its products. Presumably this change may already occur in the foetus. 


The brown colour of genuinely brown eyes comes from melanin pigments, 
while pathological brown colour changes originate from oxidised lipoproteins (for 
example, lipofuscin) and possibly from the breakdown products of blood colouring 
agents (for example, bilirubin). Additional discolouration may result from drug 
deposits. 


Sometimes there is so much brown it is difficult to detect the original colour. 
Organ areas that border the intestinal ring where it shows strong markings are likely 
to suffer from reflected weaknesses. White in the iris indicates overactivity, irritation, 
acidity, infection, inflammation or catarrh of the corresponding body part. In some 
eyes the whole iris shows much white; in others it is concentrated in certain areas 
only. 
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Generally, a brown discolouration means that cows' milk products, saturated 
fats (all fats that are solid at room temperature), chemicals and stimulants should be 
avoided as much as possible. A very white discolouration indicates mucus 
congestion. Therefore, mucus-forming foods should be avoided - gluten, refined 
carbohydrates, wheat, lactose, oranges and anything mouldy. 


Gradually, an organ may change from an inflamed to a chronically weak 
condition. The white in the iris will simultaneously change to grey; the darker the 
grey, the weaker the organ. During health improvement you may watch the reverse 
process: the grey areas becoming lighter in colour, then white and finally restored to 
the original colour - a process that takes many years. 


Generally, white markings indicate a need for sedating, anti-inflammatory 
treatment of the associated organ, while grey or brown areas show a need for 
strengthening and stimulation. 


LEFT IRIS RIGHT IRIS 





IRIS CHARTS 


Abbreviations: ADREN = Adrenal Gland, AP. = Appendix, G.B. = Gall-bladder, 
P. = Pineal Gland, PA. =Pancreas, PIT. = Pituitary Gland, S.P. = Solar Plexus. 


Common Conditions: 


PUPIL REFLEX: If a pupil does not contract when a bright light shines on to it, 
this indicates dulled nerve reflexes, weak adrenal glands or an overstimulated 
sympathetic nervous system, often from fear as a hidden, chronic condition. Adrenal 
stress is indicated if the pupils begin to expand and contract repeatedly when 
exposed to bright light for 30 seconds. 


NERVE WREATH: A strong, white and almost circular outline of the intestinal 
area - the nerve wreath - indicates a good Condition of the autonomic nervous 
system. If this outline is weak, jagged, discoloured, or extends far towards the 
periphery or the pupil, we may assume the autonomic nervous system is in a poor 
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condition. The normal position of the nerve wreath is one-third the distance between 
the pupil and the periphery; if the nervous system is tense and overactive, the wreath 
is closer to the pupil, and if the nervous system is relaxed and under-active it is 
closer to the periphery. 


NERVE RINGS: White circles or arcs of circles in the outer part of the iris. They 
indicate a tense, over-reactive, irritated nervous system. The outermost iris Zones 
represent the lymphatic and circulation system and, bordering the sclera, the skin. 


DISCOLOURED STOMACH AREA: In a normal condition the stomach area is 
not visible, but if the stomach is irritated the area bordering the pupil will be whitish 
and distinct from the intestinal area. A brownish discolouration of the stomach area 
indicates a chronic weakness. 


DISCOLOURED INTESTINAL AREA: A whitish intestinal area indicates 
inflammation, irritation or ulcers; avoid gluten products, lactose, spices and acid 
foods; use mucilaginous supplements (fenugreek, slippery elm, comfrey, linseed), 
brown rice, and the outer parts of potatoes. If there is a mucous congestion in the 
head, there is a whitish or brownish discolouration in the transverse colon area, 
radiating towards ear and brain. If chronically weak, this area will be dark. 


RADIAL BLACK LINES: When there is a serious deterioration of the 
intestines, strong black lines (radii solaris) will develop, starting from the pupil and 
radiating towards the periphery. Organs through which these radii pass will be very 
weak as well. 


UNUSUAL MARKINGS: Distinct markings may be coloured brown, red or 
yellow. Unusual colours indicate deposits of drugs or other chemicals that settle in 
weak organs. 


WHITE OUTER RING: A heavy white ring near the outer edge of the iris points 
to salt (sodium) and calcium deposits. Avoid salt, drink plenty of water, possibly use 
potassium and magnesium supplements, and natural vitamin D; improve kidney 
activities. 


BLUISH-WHITE FILM: A bluish-white film beginning to cover the iris from the 
outer rim indicates poor circulation to this area and an anaemic condition. Often this 
film appears in the brain area, indicating approaching senility (arcus senilis). 


DARK OUTER RING: A dark ring at the outer rim (scurf rim) shows the skin is 
inactive with accumulated wastes, and needs frequent stimulation, better circulation 
and improved kidney and lung activities. 


LYMPHATIC ROSARY: A series of white spots near the outer rim, the 
‘lymphatic rosary’, indicates chronic infection and congestion of the lymphatic system. 
Avoid especially lactose and cows' milk products (except butter). 


It may require years to become an expert in iridology, but the basic rules given 
here will already enable you to form a well-founded judgement about the condition of 
your body. You may also be able to help other people if you have this knowledge. 
Experiment and you will soon find iridology a valuable and fascinating tool. The most 
extensive information in book form on iridology is available from Bernhard Jensen, 
mainly his book Iridology Volume 2. 
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Sclerology: In sclera diagnosis or sclerology, the location and shape of the 
blood vessels visible in the sclera, the white of the eye, are interpreted. Generally 
only the problem areas are indicated, not the nature of the complaint. Sclerology may 
show that the function of an organ is disturbed, but not whether it is overactive or 
under-active. It helps if you have good light and a magnifying glass for examination. 


To inspect the lower part of the sclera, let the examinee look up while you pull 
down the lower eyelid; to look at the upper part, the examinee should look down 
while you gently roll up the upper lid; examine the outside while the examinee looks 
toward the other eye and the inner part of the sclera while looking away from the 
other eye. 


Generally a blood vessel pointing towards a certain organ reflex in the iris 
indicates that there is something wrong with that organ or part of the body. The 
stronger the blood vessel is visible and also the more of them are bunching together, 
the worse is the problem. A bluish colour of the sclera indicates under-activity. 
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Step 13 
MUSCLE TESTING 


Test your muscle strength to see whether a food 
or remedy is good or bad for you. 


Our muscles respond to many external as well as internal influences by 
becoming stronger or weaker. In muscle testing, the change in muscle strength is 
assessed before and during contact with a test item. This may be, for example, a 
food sample, a colour or a piece of material. Internal influences are our thoughts and 
feelings, which may either strengthen or weaken us. 


The reason for the muscle changes can be explained by the influence the 
radiation of a tested sample has on the flow of bio-energies along the acupuncture- 
meridians. In the same way, our thoughts and emotions can change the flow of bio- 
energy. | have measured differences in muscle strength of up to 50 percent during 
testing. 


Most suitable methods for food testing are to place a sample in the mouth - 
chewing it for about 10 seconds - and also to hold a sample in one hand near the 
navel. Most non-food items can be tested near the navel or simply by touching with a 
hand. 


How to Test: The simplest form of muscle testing requires a tester as well as 
the tested person. Almost any muscle can be used for testing, but | use the following 
method as the most convenient. The tested person sits with uncrossed legs, one arm 
held out to the side, elbow level with shoulder and bent at a right angle, place the 
free hand over the navel. 


The tester presses just above the elbow to push it down. Press the arm lightly 
into the shoulder as well as toward the hip. If the tested person is very strong, the 
pressure may be straight down, or the arm may be fully extended and the pressure 
applied at the wrist. Increase the pressure gradually and with measured strength; feel 
and remember exactly the amount 'of pressure required to force the arm down. If 
both arms are too weak, you may test the legs. 


During testing, the tester should keep the question in his or her mind 'Is the 
tested sample good or bad for the patient?’ but should not expect a certain result. 
The preferences of the tested person seem to have little influence on the result. 


Now the tested person takes a sample and holds it with the free hand just 
above the navel. After about 10 seconds, the tester presses the arm down and 
carefully notes any difference in resistance. If the result is doubtful, repeat the test 
with and without holding the sample. Often a difference is easier to detect if the arm 
is pressed down three times in succession. 


Sometimes the tested person feels a pain or strain in the shoulder during a 
weakening test, even if the tester cannot notice a difference. This should be reported. 
Generally the quantity of food held is not critical; it may even remain in a container or 
plastic bag; however, avoid a coloured container or one of semi-rigid plastic. 
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If the patient is difficult to test, you may strengthen the arm immediately before 
each test by tracing the acupuncture meridian of the lung or of the glands (triple 
warmer); alternatively, test a leg. Another strengthening method is to tap the thymus 
gland (underneath the upper end of the breastbone) several times lightly with your 
fingers. This strengthens the immune system and in doing so reduces allergic 
reactions. 


What to Test: In addition to foods, testing can be done on vitamins, herbs, 
drugs and even garments. You will find that synthetic fibres (especially nylon), many 
drugs, refined foods, chemical additives and incompatible colours are frequently 
weakening. 


Food combinations may be assessed by holding them jointly during a test. 
Individual items may even remain in their separate containers. Samples that are 
strengthening individually may test weakening if held together, and vice versa. The 
test results may be influenced by what you have eaten beforehand. Also, when you 
are tired, fatigued or sick, many foods are weakening that at other times may be 
strengthening. Therefore, important items should be retested from time to time under 
varying conditions. 


Use muscle testing frequently for all your food and supplement requirements. 
Supplements will test strengthening as long as they are required. Sometimes, muscle 
testing will indicate that an item should be omitted temporarily before it is used again, 
or that it should be taken in a lower dosage (for example, vitamin A). For assessing 
the amount to be taken per day, gradually increase the number of tablets or capsules 
held in the hand until the arm weakens. Take about 10-20 per cent less than this 
amount. 


You may also try to find out whether your usual sleeping location is safe. 
Perform a muscle test while lying in the usual sleeping position on the bed. If the arm 
is weaker than with a test in another part of the bed or the room then you may have 
to change your sleeping location. 


Even thoughts and feelings may be tested. A positive thought and a good 
feeling may be strengthening quite generally to all muscles, although the main 
strengthening effect may be on one particular muscle. Negative thoughts or 
unpleasant feelings, on the other hand, may produce a general weakening and also a 
particular muscle to become very weak when tested. Mental testing may be used to 
explore your subconscious beliefs, feelings and body reactions. 


Instead of testing the safety of your bed while actually lying on it, you may use 
mental testing to find out whether your bed is situated over underground radiation 
that is detrimental to your health. While your partner tests your muscle strength, 
imagine lying or sleeping in the bed. Then imagine an underground stream and 
harmful radiation underneath the bed. If the arm is stronger when imagining the usual 
sleeping arrangement but weaker with the imagined stream, then your bed is likely to 
be in a good spot, otherwise continue the test by imagining sleeping in a different 
location until the test becomes strong. 


Another possibility is surrogate testing. You may use this for a small child or 
anyone who cannot be tested directly. If you want to know whether a certain food is 
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good for the child, place the food on the child’s abdomen; at the same time touch the 
child with one hand and extend the other arm for your partner to test. 


Finally, you may develop a method of self-testing. One possibility is as follows: 
press the tips of the thumb and one finger of the left or right hand together to form a 
loop. With the index finger of the other hand hook behind the joined fingertips, and 
with a quick move try to pull it through. Adjust the pressure of the joined fingers and 
the force of the pulling index finger so that you cannot pull it through when the 
answer is ‘yes’ or ‘good’; but when the answer is ‘no’ or ‘bad’ the joined fingers 
become weaker and can more easily be opened. When you can do this successfully 
with known answers, you can test food samples in your mouth or on your abdomen, 
and also try mental testing. 


Vitamin and Mineral Testing: M, Grimm and W. Fishman developed the 
following method to assess vitamin or mineral deficiencies by holding certain contact 
points on the body. The tested person applies a light pressure on the contact point 
with a pad formed by the first three fingers of the free hand, while the other arm is 
tested for muscle strength. Start by testing the muscle strength without touching the 
body with the free hand, and then repeat the test while touching the specified contact 
point. 


The contact points for the main vitamins and minerals are as follows. 
e Vitamin A: right eyelid 
e B vitamins: tip of tongue 
e Vitamin C: just below left collarbone, 5 cm from mid-chest 
e Vitamin D: midway point of left groin 
e Vitamin F: just below right collarbone, 5 cm from mid-chest 
e Calcium: just above left collarbone, 5 cm from mid-chest 
e lodine: just below Adam's apple 
e = lron: midway point of the right groin 
e Magnesium: middle of the navel 
e Phosphorus: midway between pubic bone and left hipbone 
e Potassium: hollow of right cheek 
e Zinc: midway between pubic bone and right hipbone 


For more information see Muscle Response Test by M. Grimm and W. 
Fishman. 


Touch for Health: Some influences - nutrients, colours, thoughts and emotions 
- affect certain muscles more than others. In addition, organ functions can be tested 
with specific muscles. If the muscle is weak, it indicates a weak organ function. 
Meridian tracement may be used to strengthen a weak muscle or organ. Some useful 
organ and muscle tests, as used in Touch for Health by J. F. Thie and M. Marks, are 
given below. 
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Adrenals: Lie face up, with one leg up and bent so that the foot is over the 
other leg just below the knee; the tester presses against the heel and the top of the 
knee to straighten the leg. 


Brain, Mental Stress: Hold an arm straight, about 15 degrees away from the 
body, slightly sideways; the tester presses the forearm towards the groin. 


Circulation/Sex: Lie on one side, with the upper leg straight, raised as high as 
possible; the tester presses the ankle down. 


Gall bladder: Lie face up, holding the arm straight 45 degrees above the leg, 
palm downward; the tester presses the forearm down. 


Heart: Hold the upper arm to the side, level with the shoulder, with the elbow 
bent at 90 degrees and the forearm down; the tester steadies the elbow and pulls 
against the wrist to pull the hand forward and upward. 


Kidneys: Lie face up, with one leg raised at 45 degrees, slightly towards the 
side, with the foot turned out; the tester presses the inside of the ankle down and 
inward. 


Large Intestine: As for the kidneys, but with the foot turned in; the tester 
presses the ankle down and inward. 


Liver: Hold the arm straight forward, level with the shoulder, slightly sideways, 
with the palm outward (thumb towards feet); the tester presses the forearm upward 
and outward. 


Lungs: Hold the arm to the side, elbow level with the shoulder and bent at 90 
degrees, forearm horizontal; the tester presses the elbow down. 


Neck and Sinuses: Lie with the arms above the shoulders, head up, chin 
down; the tester presses against the forehead.’ 


Pancreas: Hold the arm straight down touching the side, with the thumb 
towards the body, the tester pulls the forearm away from the side. This is a good test 
to perform while shopping, the tested person touching a questionable food item. 


Small Intestine: Sit on the floor with closed straight legs, hands on opposite 
shoulders, lean back slightly; pressure is against the crossed arms. 


Spleen: Lie face up, with the arm straight to the side, palm upward; the tester 
pushes the back of the wrist off the ground. 


Stomach: Hold the arm as for the liver; the tester presses downward and 
outward. 


Generally, the tester's free hand is used to stabilise the tested person's body so 
that only the tested limb moves, not the whole body. Both arms and legs may be 
tested. 
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Step 14 
THE ENDOCRINE PATTERN 


Simple arm and leg measurements can show the conditions. 


The body has developed under the guidance of the endocrine glands. 
Therefore, glandular disturbances are reflected in abnormal proportions of various 
parts of the body. Certain measurements enable us to recognize our glandular 
pattern as a basis for corrective treatment. 


Our endocrine system is composed of two antagonistic groups of glands. The 
anabolic (build-up) glands are the adrenal cortex, the posterior pituitary (in the brain), 
the parathyroid, and the pancreas (Islets of Langerhans). The catabolic (breakdown) 
glands are the adrenal medulla, the anterior pituitary, and the thyroid gland. The 
anabolic glands control the calcium level of the blood, while the catabolic glands 
control the phosphorus level. 


Ingestion of sugar or sweet foods stimulates the anabolic glands, disturbs the 
calcium-phosphorus ratio, and leads to an excess of calcium in the blood and, 
consequently, to stone formation. Later, however, it leads to exhaustion of the 
anabolic glands. 


Table 2-1: Normal Body Measurements 


Ratios leg:arm ankle:wrist one-fourth one-half three-fourths knee : elbow 


Female 1.770 1.550 1.295 1.425 1.340 1.530 


Male 1.740 1.475 1.220 1.350 1.265 1.455 


Interpretation: 


One-fourth ratio higher than normal: underactive thyroid 
One-fourth ratio lower than normal: overactive thyroid 

One-half ratio higher than normal: posterior pituitary underactive 
One-half ratio lower than normal: posterior pituitary overactive 
Three-fourths ratio higher: anterior pituitary underactive 
Three-fourths ratio lower: anterior pituitary overactive 





Measurements: The following measurements can reveal the basic functional 
pattern of the thyroid, pituitary, and sex glands. The results for the thyroid and 
pituitary glands are accurate to more than 95 percent; for the sex pattern, to about 80 
percent. 
¢ Measure the length of the lower leg from the middle of the kneecap to the 

middle of the ankle, and the lower arm from the point of the elbow to the middle 
of the wrist bone. 
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« Divide each measurement by four and mark the quarter-points between knee and 
ankle, and between elbow and wrist. (This means one quarter of the distance 
from knee to ankle is the one-fourth point, half the distance between knee and 
ankle is the one-half point, and three quarters of the distance is the three- 
fourths point. In the same way divide the distance from the elbow to the 
wrist.) 


¢ Measure the distance between the endpoints (knee to ankle, elbow to wrist) as 
well as between the three quarter-points in between. 


¢ Divide all leg measurements by the corresponding arm measurements. 


The measuring tape should not be tight for the circumferential measurements; 
contact measurement only is wanted. The foot should be at right angles to the leg 
during measurement. All measurements are taken for both sides of the body. 
Compare your measurements with the normal values shown in Table 2-1. 


Table 2-2: Further Signs of Andricity or Gynicity 
Signs of Andricity Signs of Gynicity 


The back of the hands point forward More of the palms show when 
when the arms hang loosely at the sides arms hang loosely at the sides 
(person must be unaware of the test) 

A low voice if female A high voice if male 

Pubic-hair line is triangular with Pubic-hair line is flat on top 
apex upward 


Aggressiveness, independence, Intuitive instead of critical thinking 


critical thinking 

Body in general is hairy The other signs are opposite to those listed for 
Tendency to become bald andricity 

Space between thighs 

Tends to have too much gastric acid (ulcers) 


“Andric” means more male hormones are produced than is normal for the average male or female. 
“Gynic” means more female hormones are produced than is normal for the average male or female. 





The anterior pituitary gland mainly produces growth and sex hormones, and it 
stimulates the thyroid and adrenal glands. The posterior pituitary regulates the 
amount of water lost in the urine; it can raise the blood pressure and stimulates 
labour contractions. 


Assessing Male-Female Balance: Both sexes produce male as well as 
female hormones in a gender-specific ratio. If there are more male hormones 
produced than normal, the condition is called “andric”; if more female hormones are 
produced, it is “gynic.” To give an example, a woman with a constitutionally high 
oestrogen-testosterone ratio is gynic, while with a low ratio she is andric. 
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If the leg-arm ratio is higher than normal, add the difference between actual 
and normal measurement to the normal 


ie. S y) ankle-wrist ratio; if the leg-arm ratio is lower 
Piuitay—=— ie —~ Pineat than normal, subtract the difference. If the 
. ty actually measured ankle-wrist ratio is higher 
a than the adjusted normal ratio, the person is 
ror gynic; if the actual ratio is lower, the person 
<The is andric. Gynic females may be more 


harmed by oestrogen birth control pills than 
Adrenal andric females. Generally, andrics need 

more magnesium and gynics more calcium. 
Kidneys For further signs of andricity or gynicity, see 
Table 2-2. 
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Testes corresponding glands with diet, ear 
1 acupuncture, acupressure, reflexology, and 
os guided imagery. Minute amounts of gland 


| extracts can be prescribed. (For further 
information, see Body Chemistry in Health 
and Disease, by M. E. Page.) 


If one or more of the gland 
measurements show abnormal functions 
(as they usually’ will), treat the 


(Ovaries) 
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Step 15 
REFLEXOLOGY 


Press reflex points on your hands and feet to diagnose 
and treat conditions within your body. 


Reflexology is excellent for self-treatment and even for diagnosis. Envisage the 
body divided into 10 vertical segments or zones, five on each side. Each finger and 
toe belongs to one of these zones. A diseased body part will show up as a sore spot 
in the same segment of the foot or hand. From this the alternative name ‘zone 
therapy' is derived. Usually the feet are more sensitive and, therefore, more suitable 
for reflex diagnosis and treatment than the hands. In addition the ears, like the irises, 
contain a reflex map of the body. (We may even assume that every organ and every 
single cell contains a holistic reflex map of the whole organism.) 


In addition, there is a reflex connection between related parts of the legs and 
arms. A sore knee, for example, may be relieved by pressure on the corresponding 
location on the elbow on the same side of the body. In a similar way, corresponding 
locations on the wrist and ankle, and on the hip and shoulder, influence each other. 
This is especially useful to know when dealing with broken or otherwise injured limbs 
that do not permit direct treatment. 


Diagnosis: Press the soles, the toes and the sides of the feet with a knuckle, a 
thumb or - if the feet are not very sensitive - with a blunt probe. Overweight people 
and those with poor circulation usually need quite strong pressure, which must be 
exactly on the correct spot. However, if the lack of sensitivity is due to nerve damage, 
then it would be better to try and improve this condition first, as with strong sustained 
pressure under the back of the skull on both sides of the spine and providing any 
missing nerve vitamins (e.g. B1, B6, B12, folic acid). 


Press the selected area in a slow circular motion until you find the exact 
location. Generally, the pressure should be straight down, but for the thyroid area it 
should be applied from the side, trying to press underneath the ball of the big toe. 


Adjust the pressure to the general sensitivity of the foot. If the body is very 
sensitive, all foot reflexes will be extremely tender; therefore try with light pressure to 
locate only the most painful areas. You may mark the encountered tender spots on 
an examination chart, using different markings according to the extent of tenderness 
encountered. Concentrate later treatment on the most painful areas. The results will 
be better if you have someone other than yourself check your feet. 


Methods of Treatment: The easiest and most common form of treatment is to 
apply pressure on sore points with the pad of a finger, the thumb, with a knuckle or 
with a blunt instrument (for example, the blunt end of a pencil or a pen). If it is quite 
sore, press straight down, with only light pressure at first. Gradually increase the 
pressure as the pain lessens. Finally, when even strong pressure can be tolerated, 
you may apply the pressure in a slow circular motion in order to relax the deeper 
muscles and ligaments. 
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Fig. 2-4. Foot Reflexology Chart 
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For self-treatment underneath the feet, it will usually be more convenient to 
press or roll the sore points on a golf ball, a stone or another suitable object. To 
press reflex areas in the palms of the hands, it is usually more convenient to use a 
knuckle or a suitable blunt instrument than the pad of the thumb. 


Usually, the pain begins to subside after a few minutes of pressing. If this 
happens, increase the pressure for a while, but if the pain instead increases, stop the 
treatment. The effect on related body parts can be surprisingly quick: pain in the 
ears, shoulders or back often disappears within minutes. 


If there is a serious or acute problem, use reflexology several times a day. 
However, this treatment may stimulate a chronically weak organ to increased activity 
and it may become tender for a while together with its reflex areas. Generally, deep, 
strong and slow pressure is sedating and pain relieving, while light, quick tapping or 
circling is stimulating. Select whichever is appropriate. For some points a so-called 
C-clamp is effective: press with the thumb from underneath the foot and with the 
index finger from the top. This may be used for the liver, spleen and thymus. 
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Figure 2-5: Hand Reflexology Chart 


Another method of applying pressure to fingers and toes is to put tight rubber 
bands around them or to use clothes pegs to clamp the digits. Rubber bands should 
never be left on for more than a few minutes at a time. In addition, you may firmly 
grasp a metal comb, pressing its teeth into the palm or the fingers. A metal comb or a 
brush may also be used to sweep the backs of the hands and lower arms up to the 
elbows in quick upward strokes. Five minutes of this will stimulate the circulation and 
invigorate the body. 


Further effective areas for treatment are the tongue, the inside wall of the 
mouth, especially the palate (top), under the tongue and the back of the mouth 
(pharynx). You may press with the pad of a finger or thumb or use a suitable 
instrument. Pressure on the tongue may be applied by biting or pressing with the 


Heal Yourself - The Natural Way 86 


handle of a spoon. This is effective for treating problems in other areas of the body 
belonging to the same zone. 


In addition, the tongue may be pulled out for several minutes by grasping it with 
a cloth and moving it around. Alternatively, you may poke it out as far as possible 
and hold it in place with 


H - Hypothalamus your teeth. You may also 
M - Medulla work around the angles of 
P - Pineal the jaw and chin. Because 
Py - Pituitary ay ail of the sensitivity of the 
mouth, this treatment is 

M } often more effective than 

hand and foot reflexology, 


S especially for all problems 


related to the head and 
throat. 


Important Areas to 


Treat: The foot and hand 
charts will give you a good 
indication of where to find 
suitable points for treating specific complaints. For best results work on all the major 
reflex areas: hands, feet, ears and mouth. Always treat in the same zone in which the 
problem arises. Your left inner ear, for example is in zone 4. Therefore, to treat it you 
will manipulate the left ring finger the third toe including its root on the left side, the 
ear points of the left ear and the outer left side of the tongue and palate. 


Figure 2-6: Toe Reflexology Chart 


Work frequently around the joints of fingers and toes, especially digging 
underneath the lowest joints of the thumbs and big toes. Rubber bands or clothes 
pegs may be placed for five to 10 minutes on the tips of the digits, or on or between 
the joints, depending on where there is more sensitivity. Lymph drainage can be 
improved by press-massaging the area of the upper chest on top of the feet just 
below the toes. 


Generally, treat a sensitive area for five to 10 minutes at a time. For an acute 
problem, you may treat it several times daily, while chronic problems may be treated 
once a day. For general health improvement you may select a different area each 
day until you return to the same area after one or two weeks. This process may 
continue for years, as formerly weak areas become activated and cause increased 
sensitivity in their corresponding reflex areas. Walking barefoot on rough ground 
provides a natural foot massage - make good use of it. 


The Brain: For general health improvement and regeneration work frequently 
on the brain, especially the pituitary gland, the pineal gland, the hypothalamus and 
the medulla (oblongata). The pituitary reflex often feels like a sharp bone protrusion; 
press it in the direction of the tip of the toe. The hypothalamus and medulla are 
pressed from the insides of the big toes. For general health improvement it is best to 
start with activating these parts of the brain and then continue with the other glands 
and organs. 


In the system of Body Electronics as developed by Dr John Whitman Ray it is 
recommended to work in a certain sequence for regenerating the body. Start with the 
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so-called STO-point: press into the valley between the muscles from both sides of 
the spine and then up under the skull (occiput). This is to improve the nerve 


transmission to all parts of the body. 


Then start working on points in the following order: pineal gland, hypothalamus, 
pituitary, medulla, thyroid, thymus, heart, solar plexus, pancreas, adrenals, spleen, 
gonads (uterus, ovaries, prostate, and testicles), liver, kidneys, gall bladder, bladder, 


small intestine, large intestine. 
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Step 16 
EAR ACUPUNCTURE 


Try this easy method to improve the function 
of any diseased or unbalanced organ. 


Ear acupuncture can be a very effective method for relieving acute pains and 
chronically stiff joints, sometimes these have been cured within minutes. For some 
problems it can be more effective than body acupuncture. Ear acupuncture is easy 
and safe for self-treatment and in healing groups. Organ diseases and glandular 
disturbances may respond less dramatically, but ear needling will always be very 
helpful as a supportive method with other forms of treatment. 


The main disadvantage of ear acupuncture is the requirement to find the most 
painful spot for it to be fully effective, and this is not pleasant for people who are very 
sensitive to pain. The best points are those that feel like an electric shock or like 
hitting a raw nerve! However, often the pain will be felt as being beneficial, especially 
because it usually decreases with continued needling. This pain may be considered 
as ‘letting off steam' or congestive energy from a target organ through the ‘safety 
valve' of an ear point. However, chronically weak organs may also benefit from ear 
needling if no pain is felt in the corresponding ear point. Generally, however, you may 
follow the rule 'the more sore the point, the more effective the treatment’. 


Acupuncture needles are available from some medical-equipment shops, 
acupuncturists or from acupuncture supply companies, see the Yellow Pages of 
major cities for addresses. For ear acupuncture use short and medium fine needles 
(e.g. 25 mm No. 30 gauge or the finer 12mm long 32 gauge. Usually you buy them in 
packs of 10. In addition press-needles are very effective and may also be ordered in 
packets of 10. Press-needles are like tiny drawing pins with a 2 mm long needle. 
They are retained in the ear for one to two weeks, covered with adhesive tape, and 
stimulated from time to time by pressing between thumb and a finger pad. If an 
acupuncture needle is not available, you may use a bead needle or even a fine 
sewing needle. 


The Needle Method: Some authorities suggest ear acupuncture does not work 
through the acupuncture meridians, but instead, like reflexology, through the press- 
point therapy of hands and feet. In any event, Chinese medicine says the ear is the 
place where all the channels meet. The ear is relatively safe and easy to use for self- 
treatment. The following description of using needles for ear treatment is provided 
only to show how it is done in some other countries or by acupuncturists. For legal 
reasons, | do not formally recommend using needles on the ear. Instead, you can 
use commercially available electro-acupuncture instruments or laser lights to treat 
points, or you can use press-point therapy as described below. Exercise care and 
caution. 


For ear acupuncture, short and medium fine needles are being used in addition 
to press-needles. Press-needles are like tiny drawing pins. They are retained in the 
ear for one to two weeks, covered with adhesive tape, and stimulated from time to 
time by pressing between thumb and a finger pad. If an acupuncture needle is not 
available, a bead needle or even a fine sewing needle is sometimes used. 
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Figure 2-7: Ear Acupuncture Chart. 


Helix points may be used to reduce inflammation, fever, and oedema. Sanjiao is used for 
circulatory, glandular, chest and abdominal problems. Shenmen is used for sedating, as with 
nervous problems, insomnia, mental disorders; it is the main point for pain relief, as in arthritis 
or inflammations; also for dry cough, bronchial asthma, epilepsy and hypertension. 
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Sterilise a suitable needle in methylated spirits and rub the ear with a cotton 
bud soaked in methylated spirits (optional). Find the most tender spot in the 
appropriate reflex area of the ear by pressing with a toothpick or a similar probe. 
Insert the needle to about 2 mm deep. It must not pass through the ear. Gently move 
it around to find the correct depth and direction of the sorest spot. 


If it is very sore, do not move the needle. When the pain subsides, start to twirl 
it gently between thumb and forefinger. The less pain there is, the faster you may 
twirl the needle. If it is not sore any more, move the needle to a different angle and 
twirl, and in this way gradually work around in a circle. If all or most of the pain is 
worked out, withdraw the needle and select another point. If it was sorer in a 
particular direction, insert the needle at a point 1-2 mm away from the first point in 
that direction and repeat the twirling and probing in different directions. 


Often the pain shifts around over a reflex area and you must insert the needle 
and work out the pain in several points lying close together. When the ear point is 
sore and still in need of treatment, the needle will feel like 'sticking’ when it is twirled, 
while it will move freely when the tension is worked out. For treating chronically weak 
body parts that do not have sore ear points, select the appropriate point or area from 
the ear chart and -twirl the needle rapidly. 


Press-point Therapy: Each ear contains a complete reflex map of the body, 
as shown in figure 2-7. Instead of using needles, you can more safely press the ear 
with the head of a dull pin, toothpick, matchstick, or fingernail. Be careful not to 
penetrate the inner ear. Treat the indicated organ points or wherever there is a 
tender spot; press for a minute or more each day or whenever convenient. In 
addition, it will be stimulating to the whole body to massage both ears thoroughly by 
rubbing them between thumb and index finger simultaneously. Massage daily. Pulling 
the ears at different angles is beneficial as well. You can also buy an electro- 
acupuncture appliance, now available (and not too expensive) at many health food 
stores. 


Each ear contains a complete reflex map of the body as shown in the chart. 
Instead of using needles, you may press the ear with the head of a pin, a toothpick, a 
matchstick or a fingernail. Treat the indicated organ points or wherever there is a 
tender spot; press for a minute or more each day or whenever convenient. In 
addition, it will be very stimulating to the whole body to massage both ears 
thoroughly by rubbing them between thumb and index finger simultaneously. 
Massage daily. Pulling the ears at different angles is also beneficial. You may also 
buy an electro-acupuncture appliance. These are now available from many health 
food shops and not very expensive. 
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Step 17 
COLOUR THERAPY 


Use colours to balance body conditions and your emotions. 


Colour has a powerful influence on our body chemistry. The strongest effect is 
through the eyes, but good results are also achieved by treating the skin areas over 
certain organs or the spine. 


Colour can be used in various ways: as direct coloured light, or indirect light 
from the colours of walls, curtains and clothes; in foods, and by treating drinking 
water with coloured lights; by visualising colours with closed eyes; or by visualising 
that the inhaled breath or directed energy is coloured. For treatment you should be 
careful to select bright, clear colours; murky colours usually have unpleasant effects. 


Coloured Lights: Light may be coloured by using coloured light bulbs, by 
filtering sunlight through coloured glass or cellophane, even by wrapping coloured 
cloth around a lamp. Drinking water may be treated by exposing it to sunlight in 
coloured-glass containers or in containers covered with coloured cellophane, or 
coloured light bulbs may be used. This water is beneficial for drinking, gargling in the 
case of throat infections, washing wounds or bathing the eyes. 


Preferably, stimulating colours should be used in the morning and sedating 
colours in the evening. If a sequence of coloured lights is used, start with stimulating 
colours, proceed to blue and finish with green. When treating internal organs, shine 
the light at close range on to the skin area covering the organ, possibly also on to the 
spinal reflex area. For general treatment and especially to improve eye conditions, 
you may look at a brilliant, reflecting surface of the desired colour, exposed to 
sunlight or a strong electric light. 


To treat specific parts of the body, you may cover them with a single or double 
layer of cellophane of the desired colour and expose them to mild sunlight or strong 
electric light. If using sunlight you should be careful not to over-expose as cellophane 
does not absorb the UV radiation. As a general tonic, you may cover the back with 
cellophane in the colours of the rainbow: red at the base, orange over the lower back, 
yellow in the middle, green at the shoulder blades, blue at the neck and violet over 
the head. These are also the regional chakra energy colours 


Green is the general healing colour, representing harmony and balanced body 
polarities. In disease, there may be over-stimulation, with too much red in the system 
- fever, inflammation, irritability, skin rash, red eyeballs, pink fingernails; or there may 
be under-stimulation with too much blue - pale skin, sluggishness, bluish eyeballs, 
bluish nails. The over-stimulated condition needs blue colour treatment, while the 
under-stimulated condition requires red or orange. 


The following list shows the conditions for which the different colours may be 
used. You may also use muscle testing or a pendulum for individual colour selection. 
Different parts of the body may need different colours. If you are in doubt about which 
area to treat, irradiate 'systemically' - over the whole body. When irradiating the back, 
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lie on one side, not on the stomach. For best effects or professional treatments, use 
colour slides with a strong projector in a dark room, and irradiate for one hour or 
longer at a time. 


The Curative Properties of Colours: 


RED (BRIGHT RED): Warm and stimulating. Use in anaemia, or whenever you 
are feeling cold and pale, with chilled extremities; also useful for ultraviolet and X-ray 
burns and frostbite; red is a liver stimulant and counter-irritant (to bring internal 
inflammations to the surface). Nutrients: vitamin B12, acidity. 


ORANGE: A respiratory stimulant; useful for weak lungs, asthma, consumption, 
emphysema; also for overweight and under-active people with an under-active 
thyroid (energises thyroid, sedates parathyroids). Orange relieves spasms and 
cramps; increases milk secretion; corrects rickets and soft bones, osteoporosis; 
stimulates stomach and digestion, and relieves flatulence and distension; also 
stimulates the bladder, kidneys, liver and pancreas, try with epilepsy. It is valuable for 
chronic kidney disease and gallstones; arthritis, gout and rheumatism during non- 
painful periods. Minerals: boron, calcium, copper, selenium, silicon. 


YELLOW: The most luminous colour. A strong stimulant and energiser for 
muscles and nerves: use in all cases of paralysis and muscle disorders, for nerve 
building, and in nervous exhaustion. Yellow energises the alimentary tract and 
stimulates digestion, flow of bile, gastric juices, pancreas activity, lymphatic system, 
heart, eyes and ears. It generally activates all bodily functions except those of the 
spleen, which is sedated; use for indigestion, constipation, diabetes, depression, for 
skin cleansing and to destroy intestinal worms. Minerals: magnesium, molybdenum, 
sodium. 


LEMON (YELLOW-GREEN): Stimulates brain activity and activates the thymus. 
It is a mild laxative and expectorant (expels mucus): use in respiratory problems 
involving phlegm, asthma, coughs. Lemon is useful for dry, scaly skin disorders and 
bone building. It neutralises overacidity, and is indicated for chronic disorders in 
general, including cancer (systemic), diabetes and dwarfism. Minerals: gold, iodine, 
iron, phosphorus, silver, sulphur. 


GREEN: Stimulates pituitary gland, encourages muscle and tissue building, 
and breaks up hardened cell masses and clots. It is anti-congestive, germicidal, 
disinfectant, purifying: use for heart problems, ulcers, cancer, wound healing, skin 
improvement, burn pains, glaucoma, headaches, neuralgia. Elements: chlorine, 
nitrogen. 


TURQUOISE (BLUE-GREEN): Normalising for acute disorders. It is calming, 
and therefore useful for headaches, for soothing inflammations, sunburn and itching. 
It improves, rebuilds and tones the skin: use for moist- or weeping-skin disorders. It is 
also valuable for acute childhood diseases and infections, acute venereal diseases, 
and hyperactivity. Minerals: chromium, zinc. 


BLUE: Cooling, strongly anti-inflammatory, antiseptic, stops bleeding; reduces 
fever, pain. Use to treat all conditions marked by redness, swelling and heat, and 
acute phases of arthritis, gout and rheumatism. Blue is relaxing and calming, slows 
the pulse, can reduce high blood pressure, and is valuable for underweight and 
overactive people. Use to treat itching, irritation, irritability, insomnia, throbbing 
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headaches, speedy brain; sore throat, loss of voice, burns, bruises; diarrhoea, 
dysentery, colitis, neuralgia, sciatica, earache, biliousness and jaundice. Also good 
for treating tumour areas and red or infected skin disorders. Element: oxygen. 


INDIGO (BLUE-VIOLET): Sedative, pain relieving, arrests discharges and 
bleeding, astringent. Use for piles and varicose veins. Indigo improves the immune 
system during infections: use to irradiate swollen lymph glands; in whooping cough 
with fever and other acute lung disorders; for convulsions and nervous irritation. It 
stimulates the parathyroids and sedates the thyroid; use locally for goitre. 


VIOLET: Relaxing and soothing. It also stimulates the spleen and builds white 
blood cells. Violet sedates heart and muscle activity, and calms hyperactive people. It 
is useful for overactive kidneys and bladder; bed-wetting; nerve disorders and 
overactive mental disorders; epilepsy; insomnia. It also suppresses appetite. 


PURPLE (BLUE AND RED): Dilates blood vessels and reduces blood pressure: 
slows the pulse as with palpitations (irradiate heart area). Purple lowers body 
temperature, and is excellent for high fevers; it stimulates the activity of veins; is a 
good sleep inducer for insomnia; decreases sexual desire and pain; is anti-malarial:; 
sedates the kidneys. 


MAGENTA (RED AND VIOLET): Energising; improves and normalises the 
emotions, the aura and the sexual system. Magenta energises the adrenal glands 
and the heart muscle, normalises the heart and blood pressure, and improves the 
circulation. It is diuretic; useful for kidney stones; complementary to green. Mineral: 
potassium. 


SCARLET (2 PARTS RED AND | PART VIOLET): Narrows the arteries and 
raises the blood pressure; energises kidneys (diuretic); use as a sexual stimulant or 
for frigidity, and for suppressed menstruation. Scarlet accelerates the birth process 
and expels the placenta. 


Photochromotherapy: Absent individuals may be treated (with their consent) 
by exposing their photographs or even a sample of hair or hand-writing to suitably 
coloured lights. Following is an arrangement that reportedly gave especially good 
results: line a box with crumpled and partly restraightened aluminium foil. Place the 
photo on the bottom, covered with a glass plate to prevent heat damage. Suspend 
from the top a small coloured light bulb, as used in Christmas decorations or similar 
ways. Cover the top with more aluminium foil treated in the same way. 


Another possibility is to cover the aluminium-foil-lined box with cellophane of 
the desired colour and expose the box to moderate sunlight. Exposure time may 
range from one hour to several hours, depending on the severity of the condition and 
the reaction of the patient. A pendulum may possibly be used for assessing colours 
and exposure times. 
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Step 18 
MAGNET THERAPY 


Take advantage of the fact that both poles of a magnet 
have useful biological effects. 


Magnets are effective healing tools. The opposite poles of a magnet have 
different effects on the body, so it is essential to identify the poles correctly. 
According to physics, if a magnet is suspended on a thread, the pole pointing 
towards the north is called the north pole; the other pole is the south pole. So here, 
north pole means north-pointing pole. Another way of finding the polarity of a magnet 
is to move it slowly towards the north-pointing end of a compass needle. If the needle 
turns away, the north pole of the magnet has been used, and vice versa. Test the 
polarities of any acquired magnets, as you cannot rely on the pole designations of 
the manufacturer. 


How to Use Magnets: U-shaped magnets are not suitable for magnet therapy. 
Instead, flat ceramic or neodymium magnets are best; otherwise short, cylindrical, or 
bar magnets can be used. The north pole generally has strengthening, stimulating 
qualities; it gives energy. It can be used to improve weak organs (indicated by dark 
markings in the iris). The south pole withdraws energy; it is sedating and relaxing. It 
can be used for pain relief, to reduce unwanted growths (tumours) and swellings, 
soothe inflammation, and arrest infections (indicated by white iris markings). The 
magnet does not have to touch the skin to work but can be kept in a cotton bag 
pinned to the clothing, the specified pole facing the body. 


Most therapeutic magnets are composed of ferro-ceramic material (usually 
called ceramic magnets) and break easily when dropped. The therapeutic strength of 
a magnet is a product of its gauss rating and its size. In physics, gauss is the unit of 
magnetic strength. The magnetic field of the earth is about 0.5 gauss; a magnet with 
a weak rating has several hundred gauss and a strong magnet several thousand 
gauss. However, even a magnet with several thousand gauss can have a weak 
therapeutic effect if it is small. To give an example of commonly used magnets: A 
strong ceramic magnet can measure three by two by one inches, and a weak magnet 
two by one by one-half inches, both with 4,000 gauss at the surface. 


Very strong magnets are made with neodymium, a rare-earth element, and 
have 9,000 gauss or more. Neodymium magnets are relatively small, and their fields 
do not reach far into the body. Therefore, neodymium magnets are commonly used 
to treat areas near the surface, as in small disk or button magnets for acupuncture 
points. Ceramic magnets, on the other hand, can be large and heavy, their effects 
reaching far into the body. Therefore, with pain or a tumor deep inside, apply a strong 
ceramic magnet, three by two by one inches or bigger, while for near the skin use a 
neodymium block magnet of one by one by one-half inch. 


As a general rule, apply strong magnetic fields for acute problems and weak 
fields for chronic problems. In both cases, you can apply a magnet either 
continuously or intermittently during the day until the problem is resolved. For acute 
problems, this can be for days and with chronic problems for weeks or months. While 
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it is more convenient just to leave the magnet in place all day long, the effect seems 
to be stronger if you frequently alternate applying and removing the magnet. 


If a magnet is used for too long or in the wrong place, you may feel 
uncomfortable or drained of energy. If this happens, remove the magnet immediately 
and apply the opposite pole for a while. Alternatively, place your hands on a large 
zinc plate or take homeopathic zinc 6X as an antidote to magnetic overexposure. 


Do not use strong magnets directly on the eyes or heart, or on the abdomen 
during pregnancy. Preferably attach or remove strong magnets slowly. Strong 
magnetic fields suppress nerve signals and, therefore, either pole of a powerful 
magnet can eliminate pain. However, farther away from the magnet, the field 
weakens, and then the effects of the opposite biological pole become noticeable. 
Therefore, | recommend always using the correct pole. 


If there is no contraindication due to pain, inflammation, or congested energies, 
then the preferred magnet placement for all individuals, male and female, appears to 
be the south pole towards the right front of the body and the north pole towards the 
left front. To a lesser degree, the back of the body has the opposite polarity to its 
front. This means that the energy of the left back is similar to that of the right front but 
not quite so strong. Therefore, if a north magnet is required on the right side of the 
body or a south magnet on the left, then it is best placed on the back. 


If there is pain or any sign of inflammation in an organ, apply the south pole; if 
there is an obvious weakness, use the north pole. In most other cases, experiment 
with muscle testing to find the beneficial pole for the condition at hand. If you are in 
doubt about which pole to use, try one pole for some time and later the other pole, 
then compare results. The length of a testing period, before reversing poles, can be 
only a few minutes for acute cases or several days for chronic conditions. 


While some people do not feel the magnet’s energy and show little response, 
others are hypersensitive to it. In the latter case, use only a weak magnet for a short 
exposure or try magnetized water instead. Do not use a magnet in a bed with an 
innerspring mattress, steel frame, or steel base. In this case, the steel parts can 
become strongly magnetized with the wrong polarity and cause deterioration of the 
disease condition when the treated person lies on the bed. 


Magnetized water is also beneficial for general use. Place one bottle on a 
strong south pole and another on a strong north pole for 24 hours, then drink the 
contents of each bottle separately. Alternatively, place a north pole and a south pole 
at both sides or at the top and bottom of a non-metallic container filled with water. For 
specific conditions, use either north-pole or south-pole treated water on its own, for 
drinking or external application (for example, as an eyewash). A strong balancing 
effect can also be achieved by drinking north-pole treated water and south-pole 
treated water on alternating days. Use muscle testing or a pendulum to decide, or 
experiment and observe the results. 


For general improvement of your well-being, place strong magnets at the hands 
and/or feet; select poles according to the general rules. For problems in the upper 
part of the body, place the right palm on one pole and the left palm on the other. For 
problems in the lower part of the body, place one pole under the right foot and the 
other under the left foot. If mainly one side is affected, the palm can rest on a south 
pole and the foot of the same side on a north pole. Finally, a good general placement 
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is to have the right palm on one pole and the left foot on the other pole, or vice versa. 
Start using strong magnets in this way for five minutes and gradually increase to 30 
minutes, or for as long as it feels beneficial. 


A strong magnetic flow is sometimes beneficial for conditions of mild pain 
associated with weakness, such as weak shoulders that are sore when moved. 
Magnetic energy is often strengthening to the sex organs and lower pelvis; apply a 
north pole slightly to the right on the lower abdomen and a south pole slightly to the 
left on the lower back. For these flows, strong magnets can be kept in place for up to 
an hour, or for as long as it feels beneficial. 


Using the Correct Pole: As pointed out, the south pole is placed towards a 
painful, inflamed, or infected part of the body, while the north pole is used if the body 
area is weak or underactive. However, there is a possibility that the weakness or 
underactivity is caused by a low-grade chronic infection or inflammation, which 
means it may still improve with the south pole and deteriorate with the north pole. 
Therefore, the south pole is generally safer to use. 


Commonly, one side of the body has more pain, inflammation, sensitivity, or 
contracted, tight, or tense muscles than the other. When placing magnets under the 
palms or feet, place the south pole here and the north pole on the other side. Another 
good possibility is to lie down with a strong north pole towards the soles of the feet 
and a strong south pole towards the top of the head; put both magnets about four to 
12 inches away from the body. You can also experiment with sleeping this way. 


With caution, you can also sleep with a magnet placed directly at the crown of 
your head. You can move a strong magnet (e.g., 4,000 gauss, three by two by one 
inches) progressively closer during successive nights or sleep at first with a weak 
magnet (e.g., 4,000 gauss, two by one by one-half inches) and gradually increase its 
strength. This may be most beneficial for the elderly or those with neurological 
diseases. For this application, the body should lie in a north-south direction with the 
head pointing north. When using strong magnets on yourself while in your bed, make 
sure that your bed and mattress cannot be magnetized. 


William Philpott, M.D., a magnetic re-searcher in Oklahoma, has described 
cases of increased beneficial melatonin and growth hormone production in elderly 
individuals sleeping with a strong south pole directly at the crown of the head. Also, 
symptoms of confusion, psychosis, schizophrenia, and _ epileptic seizures 
disappeared with south poles placed at the temples, Dr. Philpott has reported. 


To find which pole to use, use muscle testing (see step 13). Sit down with one 
or both magnets placed in the questioned position. Raise a free arm and stretch it out 
horizontally in front of you with the palm down. Have a tester or helper gradually 
exert increasing pressure on the wrist of the outstretched arm to see whether it locks 
in position or gives way. Then reverse the poles of the magnets and test again. Either 
the tester or the tested person (or both) may notice that the arm is stronger with a 
particular placement of the magnets. This is the correct placement. The same test 
can be made while holding a jug with either north-pole or south-pole treated water 
pressed lightly against the abdomen. 


Removing Congested Energy: When the south pole of a magnet, especially a 
strong one, has been applied to a painful or congested area (including one with 
unwanted growths), an effective way to remove it is to place your left hand between 
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the magnet and the body while slowly removing the magnet. Keep the hand close to 
the magnet. Then hold the south pole close to a water surface or near running water 
for about ten seconds; rinse your hands under running water. 


This process of energy removal from a painful area can be repeated several 
times. The south pole can be circled over the congested area, starting with a large 
circle close to the skin and gradually moving higher in spirals above the body. When 
the magnet is four to eight inches away from the skin, place your hand under it and 
withdraw the magnet from the body. 


Examples of Correct Use of Magnets: Remember the simple rule that the 
north pole gives energy while the south pole withdraws it. An inflammation, a tight 
muscle, or a swelling are energy congestions and need the south pole; an overly 
relaxed muscle needs more energy and consequently requires the north pole. Here 
are some practical tips: 


Shoulder: Frequently, one shoulder is dropped while the other shoulder is 
raised. The lower shoulder needs the strengthening north pole and the higher 
shoulder needs the relaxing south pole to balance the forces. The same rule applies 
to the middle part of the spine if there is any sideways distortion (as in scoliosis). 


Gallbladder: In the case of a gallbladder problem, the left leg is often 
shortened, pulled into the hip socket by tight muscles. The south pole applied to the 
hip can help correct this condition. After the magnet has been in place for some time, 
gently pull the leg at the ankle until both ankles are exactly side by side. The right leg 
can be stretched in the same way, if necessary. 


Tumor: Use a strong south pole over a tumor; apply for two hours twice daily or 
for one hour three times daily. Hold the south pole close to running water after 
removal. However, with pain from a tumor or cancer, you may keep the magnet in 
place as long as required, even for days on end. 

Wounds: Fresh wounds heal better with the south pole applied initially; later, use 
both poles in alternation; and in the final stages of healing, use the north pole for 
strengthening. 


Broken bones: For broken bones, the north pole should be applied above the 
fracture (towards the torso), while a south pole should be applied opposite the north 
pole and below the fracture. Alternatively, treat the same way as for wounds. 
Headaches: For headaches, use the south pole wherever the centre of the pain 
appears to be; but for general mental refreshment, attach the south pole to the 
forehead and the north pole to the base of the skull. This may also improve your 
psychic awareness. 


Stomach and duodenal pain: For stomach and duodenal pain, place the south 
pole over the pit of the stomach, but to strengthen the digestion after a meal, apply 
the north pole. 


Weak heart: To strengthen a weak heart, a small magnet may be carried in the 
left shirt pocket with the north pole near the breastbone. If there is pain, use the 
south pole instead. Check your pulse before and afterwards to see whether it 
becomes stronger and more regular. Even if the pulse does not improve, try using it 
the magnet for several days (during the daytime only) to see if you feel better. 
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Sexual energy: To increase sexual energy, sit on the north pole of a strong 
magnet. This improves the energy centre at the base of the spine as well as the sex 
glands. However, with vaginal candidiasis, sit on a strong south pole. 


Lowering blood pressure: To lower the blood pressure, apply the south pole to 
the right side of the neck, over the carotid sinus. This gland is located above and to 
the side of the Adam’s apple and just below the jawbone where you feel the main 
artery into the head. To raise low blood pressure, apply the north pole to this spot. 


Overweight: If you are overweight and underactive, apply the north pole to the 
thyroid gland for stimulation; if overactive, use the south pole to slow the metabolism. 
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Step 19 
THE ELECTRONIC ZAPPER & MAGNETIC PULSER 


Use electrotherapy to keep your body free of undesirable 
microbes and parasites. 


Electrotherapies utilize low-voltage electricity to disable a wide range of 
microbes, including viruses, fungi, bacteria, and parasites, and have been shown to 
be helpful against a wide range of infections. Various patents have been issued for 
such devices and scientific papers published with the results. Tests conducted with 
the AIDS virus in the laboratory show that the ability of the virus to infect human T 
cells is reduced in direct proportion to the product of the magnitude of the current and 
the time that the virus is exposed. 


An oscillating magnetic field has been used with similar good results to kill 
microbes in food samples or living tissue. Numerous papers in the International 
Journal of Neuro-science show the positive effects of very weak pulsating magnetic 
fields applied directly to the top of the head on neurological diseases, such as 
multiple sclerosis and Parkinson’s disease.4 Other researchers have used magnetic 
pulses on the brain to successfully treat depression.5 Even bites from poisonous 
snakes have been neutralized with electrotherapies without any negative after- 
effects. 


Electronic Zapper and Blood Purifier: There are now many types of electronic 
antimicrobial devices available. These originated in the 1990s from the Hulda Clark 
“Zapper” and the Robert Beck “blood purifier.” Hulda R. Clark, N.D., is a Canadian 
microbiologist, and the late Dr. Robert C. Beck (D.Sc.) was an American electro- 
engineer. Both devices appear to eliminate parasites, bacteria, fungi, and viruses 
from the body with low-voltage, pulsed electric currents. The Clark zapper operates 
with 9 V at a very high pulse frequency of 30,000 Hz (Hz is the unit of 
electromagnetic wave frequency, equal to one cycle per second). The Beck blood 
purifier uses 27 to 36 V and a low frequency of 4 Hz. It appears that microbes are not 
killed outright by the mild electric current but are changed in such a way that they are 
prevented from replicating. 


Evidence suggests that most of us harbor hidden microbes, and electrotherapy 
is an easy way to reduce or eliminate these. Therefore, | recommend electrotherapy 
as a basic component of a health improvement program, in the same way as | 
recommend intestinal sanitation and allergy testing, regardless whether there is an 
obvious problem or not. In addition to other measures, | regard electrotherapy as 
valuable in treating infections and infectious diseases. 


With the Clark zapper, you hold an electrode in each hand through which a 
weak current flows. To establish firm contact, rub your palms with saltwater and hold 
the electrodes firmly. Alternatively, wrap the electrodes in absorbent paper or cloth 
moistened with saltwater. With weak hands, the best contact results from dipping 
each hand or foot in a bowl of saltwater along with a partly immersed electrode, but 
only if no electronics are in the handle. After the last treatment of the day, rinse your 
hands and/or feet under running water to remove static electricity. 
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If you are treating a local infection or tumor, press one or both electrodes close 
to the problem area; for instance, for a sore throat, press an electrode against each 
side of the neck. The negative electrode, commonly attached to a black wire, tends to 
sting sensitive skin. As with magnets, it is important in which hand you hold a 
particular electrode; otherwise you may feel weaker after zapping. Hold the negative 
electrode on the side of the body where the tumor, pain, infection, or inflammation is 
located, and hold the positive electrode with the red wire in your other hand. Try 
muscle testing to find the best electrode placement. Have someone gently press 
down your raised, outstretched arm while holding the electrodes one way and then 
the other. Use the electrodes indicated by the stronger test. 


The normal treatment schedule is seven minutes, three times daily. The second 
zapping should follow 20 to 30 minutes after the first one, and the third one after a 
similar interval. (For more information, see Hulda Clark’s The Cure for All Diseases; 
www.drhuldaclark.org.) 


| have found the Clark zapper useful, but the Beck zapper works better in 
conditions where the blood is infested with microbes or parasites. It appears that with 
the Clark zapper the current travels mostly over the skin due to its high frequency, 
while the Beck zapper is specifically designed to electrify and purify the blood; 
therefore, it is sometimes called a blood purifier. 


With the Beck zapper, the small electrodes are fastened directly over the 
arteries, so you feel a pulse on one forearm or near the ankle on each foot. My 
recommendation is to use the blood purifier initially for two hours daily for about two 
months, and then for one month once a year. | am not aware of any dangers or 
contraindications, but if you are unusually electro-sensitive or a problem arises, then 
stop treatment. As with all natural therapies, electrotherapy may start a healing crisis; 
in that case, interrupt treatment until you feel normal again. 


Dr. Beck warned that cells may take up medical drugs and herbal medicines at 
a much higher rate during the zapping, due to a process called electroporation; this 
may cause drug overdosing. Originally, he recommended not using drugs and other 
potentially dangerous remedies, including raw garlic, during the weeks and months of 
treatment. However, in later interviews, he softened his stand and advised cautiously 
taking needed drugs or potentially dangerous remedies after the daily zapping rather 
than beforehand. There is no firm evidence that electroporation occurs with the 
electronic zapper, so | believe Dr. Beck may be exercising caution. 


Application of the Magnetic Pulser: Dr. Beck also designed a magnetic pulser 
to treat swollen lymph glands and other sites of infection and tumours and other parts 
of the body with poor blood supply. A strong but very brief magnetic pulse induces a 
tiny current in the cells and body fluids. In addition to helping eliminate microbes, 
parasites, and cancer cells, it also appears to recharge and rejuvenate weak body 
cells. This technology is based on U.S. patents in which laboratory test results were 
submitted showing inactivation of HIV and destruction of cancer cells. 


The most notable effect that | have observed in using the magnetic pulser is 
pain relief, be it from back or hip pain, toothache, or cancer, but it was less effective 
with headaches. Often the pain did not come back. Also, weak eyes and weak 
muscles often improved. Whether you have a disease or want to improve your 
health, | recommend you use the pulser frequently on any body area where you 
suspect an inflammation or infection. Use it on swollen lymph glands (tonsils) and 
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any tooth or jawbone positions that are not completely healthy, e.g., where a tooth 
has been extracted or where there is a filling, a root pocket, or receding gums. Pulse 
all the lymph glands in the neck, armpits, and groin. Hold the pulser as close as 
possible to the treated problem area. 


Commonly, a pulse occurs every two to five seconds and treatment time 
ranges from ten to 30 minutes. After ten to 20 pulses, you can move to the next area, 
treating in turn lymph glands, tumours, tender joints, teeth, organs, or any area with 
an infection. However, remain much longer at major problem areas, up to 30 minutes 
if required, as for pain relief. A recent development is a magnetic pulser with up to 
ten or more pulses per second. It appears to work by creating a pulsing magnetic 
field rather than just single short pulses. | found this more effective than the slower 
pulsers. 


There are other types of weak magnetic pulsers available that may be helpful in 
stimulating cellular rejuvenation. For example, fields of 2 to 7 Hz are suitable to treat 
neurological disorders, but because of their much lower magnetic pulse intensity, 
they do not appear to inhibit microbes or parasites and may stimulate their growth. 
To avoid any damage to normal body cells, the Beck pulser is set at the lower end of 
magnetic strength to disable microbes and parasites. For this reason pulsing may 
have to be continued daily for weeks or months to overcome serious and long- 
standing health problems. 


Another important aspect is to be aware of the polarity of the coil. One side acts 
as a magnetic north pole and the other side as a south pole. It is important to use the 
correct pole as explained previously in Magnet Therapy. This may not be noticeable 
with strong magnetic pulses, as both sides can suppress nerve signals of pain and 
improve general health by recharging damaged electric cell potentials. However, 
there are other conditions that can get worse from using the wrong pole, while using 
the biologically correct pole can also give better results with pain, microbes, and 
general health improvement, especially farther inside the body where the pulse 
strength rapidly declines. When holding the back of the magnetic pulse unit, called 
the paddle, hold it with the hand that benefits from that particular polarity. 


To find out which side of the paddle is north and south, place a small flat 
magnet with known polarity on top of one side and watch what happens with the next 
pulse. Like poles repulse each other. Therefore, if the magnet jumps off, that side of 
the paddle has the same polarity as the side of the magnet placed on it face down. If 
you then turn the small magnet around, it should not jump off. Mark the polarities on 
the paddle. If you do not have a specific reason to use the other side, then use the 
south-pointing side of the paddle facing the body. However, if you do not get results 
within an appropriate period, then try the north-pointing pole instead. 


For further information on electro and magnetic medicine, including articles by 
Dr. Beck and plans to build the zapper and pulser, see www.quantumbalancing.com ; 
www.keelynet.com/biology.htm; and www.sotainstruments.com. 
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Step 20 
SPINAL THERAPY & MASSAGE 


Improve the activity of all your organs and glands 
by massaging your spine and body. 


Massage is an effective and usually enjoyable healing tool. It helps one to 
relax, loosens up tight muscles, and removes fluid accumulations and congestions. 
Massaging close to the spine is especially effective to stimulate the activity of internal 
organs and glands. This is due to the network of nerve connections emanating from 
the spine and the multitude of important acupuncture treatment points along the 
spine. 


There is a reflex connection between every organ system and the spine. The 
malfunction of an organ will produce tension in a specific part of the spine, while a 
misalignment of the spine will cause tension in a specific organ. Additionally, various 
acupuncture points along the inner branch of the Bladder meridian, close to the 
spine, are linked to specific organs, and on both sides of each vertebra (less than 
one inch from the midline) there are points not usually included in the standard 
meridian system diagrams but related to certain regions of the body. 


The Benefits of Massage: A spinal massage is best given as part of an overall 
body or back massage. For an initial general massage, you may (or may not) use 
massage oil. It is helpful to know special massage techniques, but not essential. Rub, 
stroke, and knead as it comes naturally. A caring attitude during massage is more 
important than technique. 


Glide slowly downward with your thumbs on each side of the spine (fingers or 
knuckles may be used as well). Press firmly for a moment into the muscle, then glide 
to the next vertebra. When you find a sore spot, ease up on the pressure, and press 
for several minutes with a slightly circular motion. Increase the pressure when the 
pain subsides. Repeat this several times, gliding down the spine, pausing at tender 
areas. Do not rub directly on the vertebrae. 


Other body points typically in need of special attention are the base of the skull, 
the neck and shoulders, the tops and centres of the shoulder blades, the buttocks, 
the hips and the sides, and the back of each knee. 


Another technique to treat tender muscle points along the spine is to apply 
constant but moderate finger pressure on each tender spot for about 90 seconds. 
Direct the pressure sideways against the spine, and try to relax the treated muscle to 
ease any pain caused by a strong pressure. When treating the upper part of the 
spine, lift the shoulder; when treating the lower part, raise the hip. For the neck, 
gently move the head against the finger pressure. Experiment to find the position in 
which the treated muscle is most relaxed. The patient should remain passive during 
the treatment and should not try to help move any body part. 


Give your partner a massage and pressure massage once a week; this is best 
after a bath or shower. This is an excellent exercise for developing a harmonious 
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relationship with a friend or partner. When using long strokes during massaging, 
follow the flow directions of the acupuncture meridians (see Part 7). 


Massage Oils: Topical massage oils are commonly used to let the hands glide 
over the skin in long strokes. However, for pressure therapy, deep muscle work, and 
for sensing the energies, it is often better not to oil the skin. Massage oils can also be 
selected according to the specific needs of the massaged person. The American 
psychic Edgar Cayce offered the following recommendations: 


General Tonic Massage: Peanut oil, 6 parts; olive oil, 2 parts; dissolved lanolin, 
1 part; rosewater, 2 parts; shake well before use. 


Peanut Oil and Olive Oil Mixture: 2 parts of each and 1 part dissolved lanolin; this 
is good for arthritis and rheumatism, the after-effects of anaesthesia, injuries 
from accidents, kidney disorders, menopausal complaints, multiple sclerosis, 
prostatitis, and toxaemia. 


e Peanut Oil Alone: Good for apoplexy, arthritis, gallbladder inflammation, 
coronary occlusion, fatigue, glandular disturbances, low vitality, menopause, 
multiple sclerosis, palsy, paralysis, Parkinson’s disease, polio, poor circulation, 
and ulcerated stomach. Preferably, first heat the body with an infrared lamp or 
by exposing it to sunshine during and after the oil rub. 


e Castor Oil Alone: Good for arthritis, back pain, contractions and spasms, 
rheumatism, and all muscular and joint pains. Rub very warm castor oil into the 
affected parts, preferably using an infrared lamp or sunshine to heat the skin so 
as to help work it into the skin. 


e Removal of Scar Tissue: Combine 1 to 2 parts camphorated oil with 1 part 
peanut oil; massage into the scar tissue once daily for several months. 
Alternatively (or in addition), use vitamin E oil. 


e Cocoa Butter: This stimulates the circulation in massaged areas and 
strengthens the nervous system and eliminating functions. It is especially useful 
for massaging babies and young children gently along the spine. It helps body 
development and guards against head congestion. For increasing the size of 
underdeveloped breasts, massage around the glands under the arms and below 
the breasts. Direct massage of breasts with cocoa butter combined with alum 
water has been recommended by Edgar Cayce to decrease their size. You may 
use melted cocoa butter on its own or as part of a massage-oil mixture. 


Add various aromatic oils for their fragrance or for any additional healing effect 
they offer. The olive oil should be extra-virgin, and the peanut oil cold-pressed; store 
both in a cool, dark place. Squeeze some vitamin E oil capsules into the massage oil. 
A small amount of massage oil can be lightly warmed before applying it to the body. | 
am not in favour of using polyunsaturated oils as massage oils as these easily 
become rancid. 


Treating Muscle Pain: Muscle pain is commonly due to a contracted or spastic 
muscle. This can generate pain from pressure on a nerve or from an inflammatory 
condition resulting from overacidity in the tissues. The original cause may be an 
injury or overuse of the muscle, but this causes lactic acid accumulation in the 
muscle, which prevents calcium from moving out of the muscle fibres to allow them to 
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relax. The blood and lymph circulation through the contracted muscle is greatly 
diminished. Therefore, lactic acid is removed very slowly by the body and oxygen 
supply to the muscle is low. Hence the pain. 


In this condition, further use of this muscle generates more lactic acid and 
keeps it contracted and weak or painful. If this condition becomes permanent, the 
area tends gradually to calcify, such that two vertebrae may fuse or a joint may 
become immobile. The solution is to use suitable therapies to relax this muscle and 
increase the blood and lymph flow through the area, as with the following: Have a 
period of rest to allow the lactic acid to disperse. Heat, such as a hot pack, hot bath, 
or rubbing, greatly speeds up this process. Adding Epsom salt or magnesium 
chloride to the bath aids muscle relaxation by displacing some of the calcium in the 
muscle with magnesium. Adding baking soda to a bath or pack helps reduce the 
overacidity of the muscle. Magnesium and/or an alkalizer may be used internally; 
MSM, for example, taken internally as well as applied externally, generally speeds up 
these processes. 


A quick but painful way to relax a tense muscle is to press into it for several 
minutes. In addition to or instead of this, a deep muscle massage greatly speeds up 
lymph and blood flow through the muscle; press, knead, and rub the problem area. 
Other supportive measures include color therapy with blue light, the south pole of a 
magnet, a pulsed magnetic field, reflexology, and acupuncture and meridian therapy 
(see appropriate steps elsewhere in this book). 


Aiding Spinal Correction: Frequently, health problems are intensified by a 
misalignment of the spine. Hereditary factors, ingesting incompatible food, and 
negative or suppressed feelings can cause organ and gland functions to become 
overactive or underactive. This in turn weakens or tenses muscles in associated 
reflex areas of the back. The same may happen because of one-sided strenuous 
muscle activity. This causes an uneven pull of muscles on the spine, and an 
individual vertebra can easily become misaligned, causing pressure on nerves 
emerging from the spine and consequent pain or malfunction. 


Therefore, most people with health problems will benefit from an_ initial 
professional adjustment of the spine. However, if the muscles are not balanced 
simultaneously, the correction will not last and you may become a regular visitor to a 
chiropractor. This is not necessary. Try to see an osteopath or chiropractor who does 
muscle balancing as well as adjustments. Working with a friend, you can easily 
balance each other. Here are some tips: 


e For backache, first find out, by pressing, which side of the back has more 
tenderness. 


e Trace the Bladder meridian of the tender side with a south-pole magnet (or the 
energized fingers) from toe to head several times. Trace the Bladder meridian 
on the other side from head to toe with a north-pole magnet. For neck, shoulder, 
and hip problems, trace the Gallbladder meridian in the same way (for charts of 
the meridians, see Part 7). 


e Apply ear acupuncture, reflexology, or a strong south-pole magnet to the painful 
area. 
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e Press into the tender muscle until the pain eases, then press harder and circle 
the thumb, knuckle, or elbow that is applying the pressure. 


e Check for other tender points in the same area and work these out in the same 
way. Often misaligned vertebrae will then realign themselves during subsequent 
back-stretching exercises or with head-and-neck exercises. 


As a general rule, neck and shoulders are affected by the organs and 
meridians of the gallbladder, upper back by the lungs and heart, the middle by the 
stomach and pancreas, the lower end of the rib cage by the kidneys, and the lower 
back by the intestines and sexual organs. Liver problems often manifest as a pain 
near the lower right shoulder blade. 


One of the best methods for back improvement is regularly hanging upside 
down, from special inversion equipment or a ladder. Traction on the neck improves 
the upper spine. 


How to Apply a Spinal Concussion: This is an effective method for 
stimulating and strengthening weak organs and body parts. The general principle is 
to stimulate the nerves emerging from the spine with rapid soft taps to certain 
vertebrae. Use the edge of your hand or the knuckles to tap the selected vertebra 
rapidly (but not very hard) for about 30 seconds. Then rest or treat another vertebra 
for 30 seconds and return to the first one. Repeat this process for five to eight 
minutes. 


For general health improvement, go the length of the spine and stimulate each 
vertebra in turn with this method. Tap firmly at the lower spine but only lightly at the 
neck. Let your patient or partner tell you how hard to tap so that it still feels 
invigorating and pleasant. This treatment can be repeated daily, weekly, or when 
feasible. If tapping produces pain, seek professional advice. If sedation rather than 
stimulation is required, try prolonged gentle pressure, gradually varying in intensity, 
on the appropriate vertebrae. Select suitable vertebrae from the following 
compilation. 


Selecting the Vertebra Based on Its Associated Health Condition: Here are 
some general guidelines for this. There are seven cervical vertebrae, 12 dorsal or 
thoracic vertebrae, and five lumbar, plus the sacrum and coccyx. 


Cervical vertebrae: 
1: head, brain, pituitary, sympathetic nervous system 
eyes, tongue; hearing problems, sinuses, allergies, fainting 
3: for headaches, prolonged pressure between C2 and C3 


cheeks, teeth, outer ear; acne, eczema, neuralgia, neuritis 


2: 

92 

3 

4: nose, lips, mouth, Eustachian tube; catarrh, hayfever 
5: vocal cords, neck glands; throat problems, pharynx 

6: neck muscles, shoulders; tonsils, upper arm problems 
7 


thyroid, goitre, shoulders, elbows, contracts inner organs, contracts dilated 
heart, normalizes blood pressure; bursitis, nose bleeding, fainting, angina, 
palpitation, tachycardia (fast pulse), lung and kidney diseases, diabetes. (C7 is 
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the most prominent vertebra at the base of the neck. Use it as a landmark for 
counting the other vertebrae along the spine.) 


Dorsal or thoracic vertebrae: 


1: lower arms, hands, oesophagus, trachea; asthma, cough, breathing problems, 
thymus 


2: heart, coronary arteries, lungs; chest pain 
2-3: for hiccough, press between D2 and D3 


3: lungs, breasts; increases milk flow, contracts gallbladder, oesophagus, and 
pylorus; dilates heart and peripheral vessels, reduces blood pressure 


3-4: tap both for developing breasts 


4: contracts and empties gallbladder, increases secretions of pancreas; jaundice, 
hepatitis, shingles 


5: liver, solar plexus, opens pylorus and empties stomach; low blood pressure, 
poor circulation, anemia 


stomach; indigestion, heartburn, dyspepsia 
6-7: tapping both dilates the kidneys; nephritis 
7: pancreas, duodenum; diabetes, ulcers, gastritis 
8: spleen, diaphragm; hiccoughs 
adrenal glands, dilates gallbladder; allergies, biliary colic 


10: kidneys; dilates pancreas and blood vessels, reduces blood pressure; 
nephritis, ataxia, anemia 


11: kidneys, urethra; dilates heart, stomach, liver, spleen, abdominal arteries, 
intestines, in-creases blood supply to lungs; spasms, nervous diarrhea, angina, 
skin problems 


12: small intestines, Fallopian tubes; contracts kidneys; affects lymph circulation; 
associated with enlarged prostate 


Lumbar vertebrae: 
1: large intestines; constipation, diarrhea, colitis, hernia 
2: appendix, abdomen, upper leg; cramps, varicose veins 


3: sex organs, ovaries, testicles; bladder, knee, menstrual problems, impotence, 
bed wetting/ incontinence 


4: prostate, lower back muscles; sciatic nerve, lumbago, and backache; difficult, 
painful, or too frequent urination 


5: lower legs, feet; contracts bladder; leg cramps, cold feet 
Sacrum: hipbones, buttocks; sacroiliac conditions 
Coccyx: rectum, anus; haemorrhoids, pruritus 


Lymph-Drainage Massage: Danish medical doctor E. Vodder developed a 
method of manual lymph-drainage massage in the early 1900’s. It is designed to 
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improve lymph flow and accelerate the transport of waste products from the tissues 
into the bloodstream from which it can be eliminated through the kidneys. A 
congested and stagnating lymphatic system is a main cause of infections, 
inflammations, and degenerative diseases. 


The lymph flows upwards through the legs to the large lymph nodes at the 
groin and up the arms to the main lymph nodes at the armpits. From the groin and 
abdomen, the lymph collects in the thoracic duct, which flows along the midline of the 
body and, together with the lymph from the upper left side of the body, empties into a 
large vein under the left collarbone. The lymph from the upper right side of the body 
joins a vein under the right collarbone. 


Lymph massage should start and end with the chain of glands at the sides of 
the neck, running from below the ears to the hollows of the collarbones. For 
massaging the limbs, Vodder taught light, slow, circular movements with the four 
fingers of the hand, not the thumb. Movement can be clockwise or counter-clockwise 
(whichever feels better), but do not change direction during the massage. The skin 
should be moved lightly over the underlying tissue. Generally, five circles are made 
at any one place, one circle per second. Vary the finger pressure during the circling 
to achieve a pumping effect. Then move about two inches along the limb and repeat 
the circling. During massage, a limb should be raised, while well supported and 
relaxed, to help the backward flow of the lymph. 


When massaging an arm, start at the upper arm, near the armpit, and press- 
circle ten times. Then do the same at the insides of the elbow, and finally squeeze 
each section five times from the palm upward to the armpit. Do the same with each 
leg. Squeeze ten times near the groin, then the back of the knee, and finally from the 
foot upwards to the groin. 


Along the trunk, from the groin upwards, use long, firm upward strokes towards 
the left collarbone; do this also along the spine and the sides of the back. However, 
the main benefit for the trunk lymph drainage will be derived if the patient lies on his 
back and makes bicycling movements in the air. The movements must be either 
parallel to the floor or, better still, vertical while in the shoulder-stand position. Do this 
exercise for one minute before and after leg-drainage massage to make room in the 
trunk for lymph from the legs. Varicose veins, wounds, and tumours should not be 
massaged. Individuals with advanced diseases should activate the organs of 
elimination before using this method. If in doubt, consult your health professional. 
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Step 21 
HYDROTHERAPY, PACKS & COLONICS 


Use water to relax or alleviate painful conditions. 


Hydrotherapy, the use of water to treat disease, involves practices such as 
drinking large quantities of water to flush out toxins, taking hot and cold baths, 
saunas, packs, and colonics (enemas). Preferably, use non-chlorinated water if 
available, as it is less irritating to the skin. 


Hot Baths: Hot baths are useful for relieving aches, pains, and stiffness, for 
releasing toxins stored under the skin, and for cleansing the skin of fungal infections. 
Gradually increase the temperature of the bath water, as far as you can reasonably 
endure. Remain submerged, except for the face, for ten to 20 minutes. For conditions 
associated with magnesium deficiency, add from one to ten pounds of Epsom salt to 
the water; the greater the pain, nervous tension, or stiffness, the larger the amount 
you should use. 


Become accustomed to hot baths gradually by increasing the duration and 
maximum temperature of the bath on successive occasions. Have someone on call, 
especially if you have a heart problem. Do not use a hot bath or Epsom salt in the 
case of low blood pressure, fatigue, distended veins, or a weak heart, and be 
cautious if your blood pressure is high. The body should be completely immersed, 
but you can cool the forehead with a cold cloth. 


To improve dermatitis, place a sealed muslin bag filled with up to two pounds of 
bran in a hot bath; immerse yourself, as above. To relieve itching skin, add a 
spoonful of baking soda to the water. For arthritis, if a full hot bath is too severe for 
you, have a hot foot or hand bath with Epsom salt to get relief. 
After your bath, cover your body with a large towel and, without drying, cover yourself 
up in bed to induce sweating; rest for 30 minutes, or overnight. Afterwards, a 
massage or a quick rub with olive or peanut oil is recommended. 


Overheating Baths: The following method can be used for your general health 
improvement and to overcome chronic infections. However, | do not recommend it as 
a specific cancer treatment. It appears to work only when the blood sugar level 
during the overheating is low (i.e., you haven't eaten for a while) and the water 
temperature is high; otherwise tumor growth can be stimulated. For those without 
cancer, it is good occasionally to have an overheating bath followed by sweating - in 
other words, a bath that will overheat you. Cancer cells and viruses are weakened 
and start dying in environments over 105° F (40-41° C), while normal cells can 
withstand higher temperatures. This explains the curative effect of high fever on 
cancer and infectious diseases. For home treatment, a therapeutic fever can be 
simulated with overheating baths. 


Start with a very warm bath and slowly add more hot water until the bath 
temperature reaches 108° F (42° C). Initially remain in the tub only up to ten minutes 
at the maximum temperature, but gradually extend this to 20 to 30 minutes. If you 
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want to continue with a regular overheating treatment, then increase the temperature 
by 2° F (1° C) each week up to a maximum of 116° F (47° C). 


If the weekly temperature increase is too severe, increase it more gradually. If 
you cannot reach the maximum temperature, extend the bath duration at your 
highest possible temperature to one hour. During and after the bath, drink several 
glasses of pure water to make up for fluid losses. 


As a safety precaution, keep the bathroom door open and have a helper close 
by. You are safe while lying in the water; the danger arises when leaving the bath. 


Therefore, strictly observe the following rules: 

° If you must leave the bath suddenly, immediately lie down again. 

° Remain in the bathtub until all the water has drained. Alternatively, add cold 
water until the bathwater feels only warm; stay in the cooler water for 10 to 15 
minutes. 

° Dry yourself only while sitting, never standing; afterwards, cover with sheets and 
blankets and sweat for up to one hour. 

° Do not use overheating baths when you do not feel well. 


Warm Baths: These are excellent for relaxation; stay in a warm bath for ten to 
20 minutes; fragrant oils can be added. Staying in a hot or warm bath for longer than 
30 minutes can be exhausting. If stimulation is desired, a warm or hot bath should be 
followed by a cold bath, a cold sitz bath, or a cold shower. You can also use hot and 
cold alternating showers or cold-water sponge rubs. Cold-water stimulation is 
especially important for low blood pressure and distended veins. 


Sitz Bath: To improve intestinal elimination and the condition of the sexual 
glands and organs, a cold sitz bath is excellent. After warming the body by exercise 
or a hot bath or shower, sit for one minute in about eight inches of cold water. 
Gradually, the sitting time can be increased to three minutes. Keep your feet out of 
the water. 


Showers: For general stimulation and improving the circulation, use hot and 
cold showers, alternating three times between hot and cold, starting with hot and 
ending with cold. 


Foot Baths: To increase the circulation in burning or aching feet, mix some 
tannic acid or mustard powder into a hot foot bath. To keep your feet warm, some 
cayenne pepper can be added instead. Use alternating hot and cold foot baths for leg 
problems. 


Water Packs: To make a pack, fold a cotton or woollen cloth into several 
layers, dip it into hot or cold water, gently press to remove excess water, and place 
over the selected area. Hot packs (fomentations) can be used for the relief of muscle 
pains but are better in combination with Epsom salt. Cold packs are effective for 
insomnia, high temperature, nervous indigestion and wind, headaches, sore throat, 
edema, and sprains. For fever, the pack can be changed every five to ten minutes, 
while for relaxation, it can be left in place for a long time. For insomnia and nervous 
indigestion, place the cold pack on the abdomen. 


Castor-Oil Pack: This is excellent for improving intestinal functions and for 
stimulating the immune system, as well as in problems with the sexual glands and 
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the bladder. Castor-oil packs on the abdomen should be used at the beginning of all 
serious attempts at health improvement, especially if there are any problems with the 
digestion, liver, gallbladder, or pancreas, or if you have arthritis, cancer, or any other 
degenerative disease. Hot castor-oil packs can be applied directly to weak, painful, or 
swollen parts of the body, for example, on weak eyes or eyes with cataracts or 
glaucoma, stiff neck, painful back, swollen knee, and on cysts and tumours. 
Persistent use of castor-oil packs frequently gives excellent results when other 
methods fail. 


To make the pack, carefully warm castor oil (it burns easily); soak a woollen 
cloth in the oil and fold it into three or four layers. Cover the abdomen from the pit of 
the stomach, and including the lower rib cage, down to the pubic bone. If the cloth is 
not big enough, shift it on successive days of treatment so all areas get covered; 
favour especially the liver area under the right lower rib cage and any part of the 
body that causes pain or problems. 


Place a plastic covering over the cloth with a hot-water bottle on top of that; 
finally, wrap a long towel around the torso and fasten it securely. If used in bed, place 
additional plastic underneath you or use old linen, as the pack might leak. Leave the 
pack in place for one to two hours, or overnight. Afterwards, sensitive skin can be 
wiped with warm water containing baking soda. Store the pack in a pot or tin for 
repeated use, adding more oil as required with each usage. 


Use the pack for three to five days, interrupt the cycle for several days, and 
repeat the series as often as necessary. During or after a period of applying a pack 
on the liver and abdomen, take several tablespoons of olive oil at bedtime to induce 
emptying of the gallbladder. 


Epsom Salt Pack: This is recommended for arthritis, neuritis, paralysis, back 
pain, muscle tension, gastritis, colitis, infections, and kidney problems. Dissolve 
Epsom salt in hot water to make a saturated solution; soak a cloth in it and apply it 
hot to the skin. Keep the pack warm with a hot-water bottle. Alternatively, Epsom salt 
can be spread liberally on a hot wet cloth and applied. Leave the pack on for one or 
two hours; repeat as required. 


Rock Salt Pack: A pack of hot, coarse rock salt is effective for the relief of 
muscle pains, especially backaches. Cover a hot-water bottle with a moist cloth, 
sprinkle on a thick layer of coarse rock salt and lie with the painful area on top of this; 
or place this (salt-side down) on the painful area if more appropriate. Keep it as hot 
as you can stand it for an hour or two. Renew the salt if it is necessary to repeat the 
pack. 


Honey Pack: The honey pack has an excellent reputation for healing infected 
wounds and ulcers, and it is used in alternative cancer therapy to destroy tumours 
and relieve pain. It is not only effective for problems close to the skin but can help 
problems such as pain as well. The honey must be raw and not previously heated. 
Smear a thick layer of honey over the affected area and cover it with linen. With long- 
standing problems, continue renewing the honey daily and keep the area covered all 
or most of the time for several weeks. It is even more effective if you mix a few drops 
of 35 percent hydrogen peroxide with the honey. Try to obtain honey that is not 
runny, as adding hydrogen peroxide makes it more liquid; crystallized honey works 
well. 
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Onion Pack: Onion packs are good for asthma, bronchitis, colds, pneumonia, 
and for loosening phlegm in the airways. Wrap a large onion in aluminium foil and 
bake it until soft. Pulp the onion in its juice and spread it over the upper chest and 
throat area. Cover this with a plastic sheet or cloth and keep warm for an hour or two 
with a hot-water bottle. Repeat as required. Do not eat the onion, as aluminium 
should be avoided in cooking foods to eat. 


Potato Pack: Raw potato packs are excellent for irritated and weak eyes, as 
well as for blindness and cataracts. Grate a refrigerated potato; preferably, use the 
outer parts of old, organically grown potatoes. Cover the eyes for 30 to 60 minutes; 
you can put the potato pulp in some gauze if you like. 


Cabbage Leaf Pack: The fresh outer leaves of green cabbages have healing 
potential when applied over weak or inflamed parts of the body. Hold one or two 
leaves in place over your abdomen and liver with a towel wrapped around your waist. 
Do this frequently. You can cut out part of the stem and roll the leaf with a bottle to 
flatten the ribs, especially if it is to be applied over sensitive skin areas. If no more 
outer leaves are available, you can also use the paler green inner leaves; wilted 
leaves are useless for this pack. Cabbage leaves are especially good for mastitis. 
For serious conditions, apply cabbage leaves 24 hours a day, renewing every four to 
six hours. For cancer, apply a leaf over the tumor site as well as over the abdomen 
and liver. 


Green Leaf Pack: Other edible fresh green leaves can be applied over 
problem areas, either whole or as a pulp. To cover a fresh wound, for example, 
masticate some fresh wheat or barley grass and apply the juicy pulp. 


Blistering Agents: The application of blistering agents and skin irritants 
produces the quickest relief for arthritis and related inflammatory conditions. The 
principle is to draw out through the skin the toxins and congesting energies from 
inside the body. Liniments, compresses, and plasters can be used. Suitable agents 
for this are a paste of mustard or cayenne, garlic, oil of wintergreen, or the white sap 
of a papaya or fig. Initially, they may cause skin reddening, which can give some 
relief, but if applied for a long enough time in a concentrated form, they will produce 
blistering, which is a much more effective healing response. 


If the skin is non-sensitive, it is more effective to prick it in many places or to 
mechanically irritate it before applying the irritant. Cover the area with a cloth or 
plastic sheet until blistering has taken place. Large blisters can be drained first. 
Cover the blistered area with fresh cabbage leaves. For long-standing conditions, the 
blistering pack may have to be repeated several times. 


Escharotics: The most effective way to remove skin cancer, melanoma, and 
tumours close to the skin, possibly including breast tumours, is to apply an 
escharotic. These are caustic remedies, commonly with zinc chloride and the herb 
bloodroot as main ingredients. These are available from some health stores and 
naturopaths. Skin cancers can become inflamed for a few days, then form dry pus 
(an eschar), and then fall out after about ten days. 


To reach a tumor under the skin, such as a breast tumor, it may be necessary 
to leave the paste in place for two or three days and reapply fresh paste several 
times as soon as any developing pus has cleared. Keep covered with a Vaseline- 
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coated pad that may require frequent changing. Commonly, this procedure causes a 
strong local inflammation with swelling of the breast, redness, and pain for several 
days. The bigger the breast and the deeper the tumor, the more difficult is it to create 
a “hole” deep enough for the escharotic to reach the tumor, so more applications are 
required. 


While this can be more uncomfortable and drawn-out than surgery, one 
advantage is that escharotics have a reputation of not creating secondary tumours in 
other organs. You can ease your discomfort during this time with painkillers and anti- 
inflammatory measures. For more detailed information on escharotic cancer salves, 
see www.altcancer.com and www.cancersalves.com. 


Meat Pack: A folk remedy for drawing poisons from the body is to place fresh, 
raw, minced meat under the soles of the feet for several hours or overnight. Replace 
the meat several times if required. The meat is then poisonous, so do not touch it; 
best bury it. You can also try this (in addition to other measures) in the case of 
accidental poisoning or bites of poisonous snakes or insects. Raw meat can also be 
placed over malignant tumours for drawing; again, do not touch it when removing it 
from the skin. 


Infrared Heat Lamp: Instead of a hot pack, you can rub a remedy into the skin 
and expose the affected area to infrared heat. For arthritic pain in the knee or hip or 
for back pain, use peanut oil, castor oil, or a solution of Epsom salt or magnesium 
chloride; you can also add other helpful ingredients to the magnesium solution, such 
as glucosamine and MSM. Continue with the heat for 15 to 60 minutes, and rub more 
of the remedy into the skin whenever it becomes dry. 


Bowel Cleansing: Most failures in healing programs occur because bowel 
cleansing is neglected. Toxins are reabsorbed from the bowels and accumulate in 
the blood, causing or contributing to allergies, boils, cancer, colds, eczema, fatigue, 
inflammations, irritability, lack of concentration, menstrual problems, mental 
diseases, migraine, swellings, and general toxaemia. Furthermore, constipation is a 
main factor in gallstones, liver problems, and probably bowel cancer. 


Increasing bowel movements to two or three a day is only a first step. Even 
more important than the frequency of bowel movements is the speed (called transit 
time) with which food residues move through the intestines. To check this, eat a 
highly coloured food (for example, red beets or a cob of sweet corn) with an evening 
meal. A healthy intestine should eliminate all colouring matter before lunch the 
following day or at least before the next evening. If it takes longer, you are 
constipated. Use appropriate mineral and vitamin supplements, laxative foods, 
colonics, acupressure, and exercise to improve bowel conditions (see Steps 3 & 4). 


Ordinary toilets encourage a sitting rather than a squatting position. However, 
this posture is not conducive to the complete emptying of the large intestines. A 
squatting position is preferable. If you cannot squat on top of the toilet, support your 
feet with a footstool; additionally, bend forward to exert more pressure on the bowels 
(for further information, see www.naturesplatform. com). An alternative way of 
keeping the bowels empty is by taking laxative foods, such as ground linseed 
(flaxseed), and periodically having an isotonic flush (a teaspoon of salt in a quart of 
water) or Epsom salt flush (a teaspoon of Epsom salt in a glass of water), preferably 
with some crushed garlic added. 
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Early in the twentieth century, a British surgeon became famous for “curing” all 
kinds of incurable diseases by surgically removing the lower part of the large 
intestines of his patients. We certainly can do better than that and cure or prevent 
many diseases simply by keeping our intestines clean and avoiding surgery. Most 
individuals are very particular in keeping clean on the outside, using much soap and 
having frequent showers, but they do not seem to mind being stuffed with stinking 
waste matter. While this does not apply to everyone, it is a problem for anyone with 
constipation and especially for meat eaters and those with fat malabsorption. 
Overweight individuals can easily carry more than 20 pounds of putrefying bowel 
content as part of their body mass. 


If you prefer to be clean on the inside as well as on the outside, develop the 
habit of “rinsing” your lower bowel once or twice after each bowel movement and 
possibly again before going to bed. You can do this by sitting on the toilet, with 
enema bucket or bag hanging from the wall near the toilet. After a bowel movement, 
insert a pint of lukewarm water and expel it immediately. To let the water penetrate 
more deeply you may for a short time bend forward with your bottom raised, but this 
is not essential. Finally, rinse the outside. Preferably use some gel or oil before 
inserting the tube or end-piece douche, and use a plastic glove. 


Habitual bowel cleansing like this not only prevents the accumulation of 
putrefying matter in the lower bowel, it also greatly speeds up the transit time of the 
bowel content. Among other benefits, this tends to increase the release of bile and 
toxins from the liver and gallbladder and prevents the formation and accumulation of 
gallstones. However, if you try it several times and find that the enema water comes 
out clean after bowel movements, then you do not need to do it. 


Colonics: Colonics - the name is short for colonic irrigation - is an effective 
therapy, bringing immediate relief for many health problems. The more serious the 
condition, the more often colonics should be used: once a week at first, but daily use 
may be required for a while. After several treatments, have a colonic once a month, 
and later, once or twice a year. Iris diagnosis (see step 12) can guide you as to the 
frequency necessary for your condition. If the intestinal area in your iris shows dark 
or brown discoloration, or if it is extended, colonics should be used more often; this is 
also true if foul-smelling wind is present, as this indicates putrefactive processes 
under way in the bowel pockets. 


The aim of colonics is to remove all putrefying matter from the bowels, clean 
out the bowel pockets, and remove the hard crust that often coats the walls. To 
achieve this, the bowels should be filled repeatedly with as much water as possible. It 
is best to have a thorough bowel movement before starting the colonic. 


To administer a colonic, add one heaping teaspoon of salt and one level 
teaspoon of baking soda to two to three quarts of moderately warm water. Use a 
bucket enema or enema bag; place it about two to three feet above the body on a 
table, chair, or the rim of the bath, or hang it from the wall. A good position is to kneel 
on the floor with your head down. More comfortably, you can lie in a warm bath with 
the rectum elevated, or you can lie in bed in a similar position, or on the right side; 
have a plastic sheet underneath you. 


Lubricate the rectal tube and insert it slowly to a depth of about eight or 12 
inches. If there is any pain or discomfort, do not insert it any farther. Expel the first lot 
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of water from your intestines when increasing pressure is felt. After that, you should 
be able to hold much more water. When renewed pressure is felt, stop the inflow of 
water and assume different positions, such as lying on your right side for a while so 
as to fill the ascending colon. Repeat the expulsion and intake of water until all of it 
has been used. 


You can introduce a pint of diluted fresh juice of wheat or barley grass if 
available or of edible green leaves, and retain that in the intestines for up to 30 
minutes. This is the standard procedure for home colonics for people with normal or 
acid body conditions. The addition of baking soda neutralizes the often overacid 
bowel condition, while salt acts partly as a drawing agent and partly prevents 
demineralization of the blood plasma by osmosis, which could cause shock. This is 
important for people with low blood pressure and poor blood circulation. Those with 
high blood pressure or very weak kidneys should not add salt and baking soda to the 
colonic water, but use highly diluted lemon juice instead. If this causes soreness, or if 
the body is not too alkaline, use diluted fresh juice of green-vegetable leaves. 


If you cannot do a colonic at home, receive a series of professional colonics at 
a hydrotherapy centre. Everyone can benefit from some form of bowel cleansing from 
time to time. (Instead of a series of colonics, you can use the Basic Cleanse 
described in Step 3.) 


Coffee Enema: For stimulating and detoxifying the liver in the case of serious 
conditions, such as cancer, a series of coffee (preferably organic) enemas can be 
helpful, especially if there is pain and discomfort. Boil two tablespoons of ground 
coffee (not instant coffee) for three minutes in one quart of water; simmer for 15 
minutes and strain; rinse the coffee grounds with more water. Use this as a retention 
enema after cleaning the bowels with a normal enema or colonic. If you can hold in 
only part of the coffee, use the rest with a second enema. Retention means to hold it 
inside for ten to 20 minutes. Do not use this if you are allergic or sensitive to coffee. 


Oxygenating Colonic: This can often improve the well-being of patients with 
ad-vanced diseases, such as cancer. Oxygenating colonics are available at some 
hydrotherapy centres. 


As an alternative for home treatment, add food-grade hydrogen peroxide to a 
retention enema after the colon has been cleaned with an ordinary colonic. Use one 
to two pints of lukewarm liquid in which one teaspoon of salt has been dissolved. 
Initially, include one tablespoon of six-percent or two tablespoons of three-percent 
hydrogen peroxide. Retain this mixture inside your intestines for about ten minutes. If 
this is well tolerated, double the amount of hydrogen peroxide with each successive 
treatment until it becomes too uncomfortable and you cannot hold it any more. Then 
cut back to the preceding level and continue at that rate. 


For cancer patients with a serious condition, under professional supervision 
you can start at higher dosage levels and include up to half a pint of three-percent 
hydrogen peroxide. This may induce the evacuation of much waste during the 
following days, and the patient may temporarily look and feel worse. After this, 
however, there should be considerable improvement. If available, lead ozone through 
a long tube into the rectum with an additional shorter tube as outlet and safety valve. 
For further information on this, see Step 31. 
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Vomiting Therapy: Induced vomiting, often called an “upward purge,” can be 
helpful for a wide range of acute and chronic conditions, such as asthma, bronchial 
problems, catarrh, digestive disorders and indigestion, gastritis, hysteria, infections, 
liver and gallbladder problems, lumbago, migraine, poisoning including snakebites, 
and skin diseases including eczema, gangrene, and psoriasis. 


While vomiting clears out mucus and decomposing matter from the stomach, 
the main benefit is derived from relaxing the digestive organs and the diaphragm 
while stimulating the solar plexus. A need for this therapy is indicated especially by 
contracted intestinal reflex areas in the iris, by way of iris diagnosis (see Step 12), but 
also if these are whitish or brownish and especially if they have black lines. 


To induce vomiting, drink five or six cups of lukewarm water and touch or tickle 
the throat far down. Repeat until the water comes back clear. Instead of water, an 
emetic herb tea can be used: adder’s tongue, bayberry bark, black root, boneset, 
horehound, lobelia (large doses), mustard, ragwort, or vervain. After-wards, drink 
peppermint or mint tea to settle the stomach. 
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Step 22 
URINE & UREA THERAPY 


It may not be your "cup of tea", but many swear by this ancient therapy. 


The use of urine in the treatment of diseases has a long history. Many cultures 
have used urine for medicinal purposes: It was praised in ancient Egyptian papyri 
and used in ancient Rome, China, India, America, and European countries. An article 
in the Journal of the American Medical Association stated that in “primitive medicine” 
there is scarcely a disease that has not been treated with the external or internal use 
of urine.6. Presently it is most widely used in India and Taiwan where the youthful 
appearance of many Buddhist monks is ascribed to their routine urine ingestion. 


Thousands of scientific articles have been written about the health benefits of 
urine and its ingredients. A good book to get acquainted with some of this research 
activity is Your Own Perfect Medicine, by Martha Christy; one of many websites on 
urine therapy is: www.uropathy.com. 


At the very least, all this past and present interest in the healing benefits of 
urine indicates that here is something worthwhile for the adventurous health seeker 
to explore. To start urine therapy the main problem we need to overcome is our 
social conditioning. You may also want to know how a substance expelled by the 
body as waste can possibly be beneficial. 


Beneficial Ingredients: Urine is not a waste product full of harmful substances 
as is commonly believed, but instead a treasure-trove of the right nutrients that we 
need for our health. It is full of hormones, enzymes, vitamins, trace minerals, and 
other valuable biochemicals. Basically, urine is just filtered blood, and in its 
composition close to blood serum. The main function of the kidneys is to regulate the 
concentration of all these biochemicals in our blood. Surplus can be as harmful as 
deficiency; however, any hormone or enzyme removed as surplus may be in short 
supply a few hours later. 


With advancing age, our hormone and enzyme production declines to 
suboptimal levels, while the kidneys become less and less efficient in retaining 
needed ingredients. Therefore, it greatly helps, especially with chronic degenerative 
diseases and advancing age, to recycle these valuable hormones and enzymes. This 
is what urine therapy does. 


Another important aspect is the presence in urine of antibodies and immune- 
stimulating factors against viruses, harmful bacteria, or fungi we may harbour in our 
body. Even minute amounts of antibodies, sometimes at levels so low they cannot be 
detected with conventional methods, are effective in preventing and _ treating 
diseases. Curative effects of urine therapy have been shown on fungal and viral 
infections, such as hepatitis, poliomyelitis, and AIDS, and urine is especially effective 
against allergies, autoimmune diseases, and other disorders of the immune system. 


When drinking urine routinely, say a cupful every morning, allergic reactions 
may not occur at all, thus doing away with the need to identify to which substance 
one has been reacting. 
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Benefits of Urea: Urea is an end product of protein metabolism and the main 
ingredient of urine. Only recently has it been discovered that the concentration of 
urea in the blood has a key role in regulating at least seven major pathways. Urea 
levels are low with cancer and many other diseases; in fact the frequency of cancer 
and especially of multiple tumours and metastases increases greatly if urea levels 
are low. 


The Greek physician Evangelos Danopoulos, M.D., pioneered the use of urea 
in cancer treatment. Urea was notably effective in regressing liver tumours, greatly 
increasing survival times, and preventing metastases or secondary tumours. Dr. 
Danopoulos used 45 g of urea daily in six divided doses for 40 days and then 20 g in 
three doses for two years (45 g correspond to six rounded teaspoons, and 20 g is 
about three teaspoons). He also experimented with injecting urea close to tumors.’ 


Urea may not just be a waste product or the final state of protein metabolism as 
commonly assumed. Apparently, it can also be used as raw material to synthesize 
amino acids and proteins, as has been shown in patients with kidney failure. These 
patients deteriorate quickly on a diet containing normal amounts of protein but do 
much better if the diet is extremely low in protein. They show progressive clinical 
improvement when receiving added urea, which then becomes an important source 
of nitrogen for protein synthesis.® 


Urea is the best natural diuretic and is far better than synthetic diuretics. This is 
important for those with oedema or fluid retention (due to kidney or heart weakness) 
and especially for those with fluid pressure on the brain or spinal cord or in the eye, 
as with glaucoma. Additional urea is important with brain tumours, stroke, meningitis, 
and other inflammations of the brain and spinal cord. In one case of a massive brain 
oedema connected with a suspected brain tumour, the patient received 256 ml of 
30% urea; after two hours, the oedema and suspected tumour had completely 
disappeared.9 


When applied externally, urea has a beneficial effect on the healing of wounds, 
such as infected wounds, burns, and ulcerating tumours. Urea can be directly packed 
into the wound or a strong or saturated solution can be applied. In this way, urea 
removes the foul odour often associated with an ulcerating tumour or other dead or 
putrefying tissue. You can obtain urea from a pharmacy. Unfortunately, most of the 
research into the medical use of whole 
urine and urea took place in the first part 
of the last century, while in recent years 
the emphasis has been on researching 
individual components. 


CAUTION: Do not _ ingest large 
amounts of urine if you take medicinal 
drugs or other toxic substances, as 
these an be re-cycled and cause an 
overdose. While harmful substances 
are not necessarily re-absorbed and How to Use Urine: There are various 
may just cause diarrhea instead, you | Ways to use urine, but generally it is 
do not know how much is safe. | advisable to start with small amounts. 
Therefore, either ask your health This is not only to get accustomed to the 
professional for advice, or use urine | taste of it, but also to slow down any 


homeopathically, or in small amounts | healing reactions. These occur 
up to several spoonfuls daily. commonly with methods that genuinely 
improve our health (see Step 10). 
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Reactions may manifest as diarrhoea, vomiting, nausea, or a temporary flare-up of 
old health problems. 


Start with a few drops or a spoonful. Swallow immediately; you can wash it 
down with some water or juice, or eat a piece of fruit. 


With allergies and immune disorders, it is more effective to leave diluted urine 
under the tongue for a few minutes. An allergic reaction can best be stopped or 
neutralized by collecting the urine when the symptoms are worst; however, in 
practice, try to use it as soon as you notice the first symptoms. Some researchers 
suggest that the proper dose can be found by slowly putting single drops under the 
tongue until the taste and temperature of a drop can no longer be distinguished. This 
is then the neutralizing dose for an allergy. Each subsequent day you can double the 
previous dose or the number of times you take them per day until you reach your 
target amount or the dose with which you are comfortable. 


A suggested amount for general health improvement and rejuvenation is two or 
three cups daily. More is advisable temporarily to overcome serious diseases, 
especially AIDS and other viral, bacterial, or fungal infections, as well as cancer and 
kidney diseases. In these cases, ingest about one quart daily, but the more the 
better, while for a limited period of several weeks try to drink all or most of your urine, 
except in the evening, so that you do not have to get up at night. However, this may 
only be suitable during a cleansing period, as drinking urine after a meal may cause 
digestive upset. 


A good way to flush the kidneys is to drink one to two quarts (litres) of diluted 
urine before breakfast; use one or two cups of urine per quart of water. Start drinking 
all the urine when you first wake up, ideally at 5 a.m. Then urinate again and drink 
another dose 90 minutes later, then 90 minutes later again. Either drink sufficient 
liquids in the evening so that the first morning urine is not too concentrated, or dilute 
strong urine with sufficient water; about one cup to a quart of urine. 


Do not use urine that is cloudy, as it often is during a healing reaction. If the 
body is reasonably clean, then the urine will not taste offensive or reflect the aromas 
of the last meal. The second morning urine, especially when drinking a fair amount of 
liquids after rising, is usually very mild; it is better for getting accustomed to than the 
first morning urine. To catch a cleaner sample, collect urine midstream. 


The Urine Fast: The most powerful form of urine therapy is urine fasting, a 
method routinely used by John Armstrong and described in The Water of Life. 
Armstrong had good results with this, and | also have found it very effective, 
especially in cases of kidney failure. While it sounds contradictory to drink urine when 
one has kidney failure, the idea is to flush the kidneys with a large volume of 
stimulating fluid. | see this as the only logical way to rehabilitate failing kidneys; 
reducing the flow of fluid through will only make it worse. Diluted or weak urine 
appears to be most suitable, at a rate of one gallon or more daily. However, adjust 
intake to output; whenever there is increasing fluid retention, reduce the intake. This 
intake also helps to increase lymph flow as explained under lymph-drainage 
massage in Step 20. A main advantage of urine fasting over water fasting is the 
greatly increased amount of energy produced, so that the urine fast can be continued 
for a much longer period than a fast consisting only of water. 
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During the urine fast, drink all of your freshly voided urine (and initially some 
added water) to bring the daily intake volume to about five quarts. Gradually increase 
the ingested amount to this full intake before starting the fast while gradually reducing 
your food intake to just a few pieces of fruit or salad and fresh vegetable juices. End 
the fast by taking only a small amount of fresh raw fruit or vegetables for another 
week or two, gradually increasing the amount and variety of fresh 


As with other fasts or cleanses, it is important to keep your bowels moving 
daily. | suggest initially taking a tablespoon of Epsom salt with a crushed clove of 
garlic for several mornings or evenings when starting with a greatly restricted food 
intake. This will help to avoid or minimize unpleasant cleansing symptoms, such as 
weakness, pain, or nausea. However, in many cases the ingested urine will already 
be overstimulating the bowels, with liquid discharges, in which case no further action 
is needed. 


Ingest only your own freshly voided urine. Normally, urine is light yellow, clear, 
and sterile, especially if collected midstream, but during healing reactions it may 
become offensive and cloudy. In this case, use it only strongly diluted, if at all. When 
ingesting a large volume of your urine, check that it is not too acid. The morning urine 
normally is slightly acid, but during the day it should be slightly alkaline. 


To check your urine, use litmus or pH paper from a drugstore. Litmus paper is 
red when dipped into an acidic solution and blue when alkaline; neutral or pH 7 is in 
between both colours. With pH paper, you get a colour chart to compare. If the urine 
is mostly acid, take a half-teaspoon of sodium bicarbonate in water once or several 
times daily, but not within three hours after meals; do this until the urine remains 
alkaline during the day. 


Those with cancer, high blood pressure, or fluid retention should use potassium 
bicarbonate (from a pharmacist) instead of sodium bicarbonate. If your body is too 
acidic, sometimes the emotions become overly sensitive, along with a physical 
tendency to inflammations, mouth ulcers, and strong skin reactions. 


The effectiveness of urine therapy with cancer, oedema, and _ infectious 
diseases can be increased by taking daily one to six teaspoons of urea (e.g., mixed 
in water or juices) in divided doses. Take three to six teaspoons when only a small 
amount of urine is ingested, then progressively less with larger urine intake; stop 
completely when nearly half or more of your daily urine is ingested. 


Homeopathic Urine: It is possible to use urine ultra-diluted in homeopathic 
form. The simplest way to prepare it is as follows: To one teaspoon of unchlorinated 
water add one drop of your own fresh urine. Shake it vigorously in a small bottle 
about 50 times with a sharp downward stroke. Add one drop of this mixture to 
another teaspoon of water, shake again; and then repeat the whole procedure a third 
time. Place three drops of the resulting fluid under your tongue several times daily. 
When it is used up, wait a few days, then prepare a new homeopathic remedy. 


An alternative method is even simpler and recommended as an introduction to 
urine therapy or for times when cupfuls of urine are not tolerated or not wanted. 
Dilute one or two spoonfuls of morning urine with five to ten times the same amount 
of unchlorinated water. Shake 50 times with a sharp downward stroke, and drink 
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immediately or take a spoonful several times during the day. Keep it in the mouth for 
a minute before swallowing. 


Homoeopathically energized remedies should not be exposed to strong 
magnetic or electromagnetic fields and should be taken with a non-metal spoon. 
Keep any homeopathic urine remedy only lightly covered in a cool place but not in an 
electric refrigerator; make it up fresh daily. 


External Applications: A urine pack, with the addition of some urea, is often 
effective with skin problems, such as burns, wounds, gangrene, psoriasis, eczema, 
dermatitis, fungal problems, and aging skin. It can also be helpful for internal 
tumours, inflammations, and diseased organs. Keep the affected area covered with a 
folded cloth that is well moistened with urine or concentrated urea solution. Put 
another cloth or plastic sheet on top and renew several times daily. 


Urine becomes more alkaline when it stands for a few hours. Armstrong 
regarded it as more effective than fresh urine for external applications. However, it 
also smells more, and anyway, fresh urine seems to be adequate in my experience. 
With gangrene, dead flesh, skin infections, and open cancer and ulcer sores, it is 
more effective to saturate the applied urine with urea; this approach also removes 
offensive odours. With weeping or suppurating wounds, especially if associated with 
foul odour, it is beneficial to cover the area with dry urea. 


Urine can be concentrated by leaving it for several hours in a flat dish in the 
sun or in a warm place. This has been recommended by Armstrong for application in 
friction rubs to rejuvenate aging skin. Armstrong also recommended urine packs 
placed over tumour sites or diseased organs in addition to rubbing the body daily for 
two hours with small amounts of urine. As you might guess, the primary problem with 
urine packs is the offensive odour. You could try to prevent this by sealing the pack 
with duct tape; completely seal it and keep the pack moist by injecting fresh urine into 
it several times a day with a syringe. 


Social Considerations: As noted, the main problem when starting urine 
therapy is social conditioning. You can overcome that by reading about and 
contemplating the expected health benefits. The taste of fresh urine is not normally 
offensive, except if the body is polluted or when fasting or if the urine is strongly 
concentrated. Therefore, dilute strong urine, start with a small amount, and gradually 
increase it or have a day on fruit before starting to ingest urine. Minimize salt and 
strong spices in your diet when on urine therapy. An easy way to drink urine or any 
other unpleasant fluid is by breathing only through the mouth; you can pinch the nose 
until your mouth has been rinsed with water or juice, or you can eat a piece of fruit. 
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Part 3 
NUTRIENT & REMEDIES 


This chapter provides information about vital nutrients, such as vitamins, 
minerals, amino acids, and enzymes, as well as basic remedies including herbs and 
homeopathic remedies. 


The more we adopt a high-quality diet, the less we need to know about 
individual nutrients, and vice versa. Unfortunately, most individuals presently have a 
less than ideal diet, and some knowledge about nutrients can help to avoid or correct 
imbalances and deficiencies. Furthermore, many nutrients are now used in very high 
doses, essentially as remedies, to treat various diseases. When used in this way, 
detailed knowledge is important to achieve the desired effect without exposing 
yourself to unnecessary danger. 


While there are dangers with what | call “self-healing” and health authorities call 
“self-medication,” these are infinitely smaller than those posed by prescription drugs. 
| believe there is less long-term harm in using a nutrient incorrectly than a 
prescription drug correctly. It is rare to encounter serious health damage from using 
nutrients, even in very high doses, while medical drugs are stated to be the third 
leading cause of death in the United States. 


Nevertheless, | do not endorse the use of high-potency nutrients without a 
proper understanding of any benefits and dangers, and | do not endorse high- 
potency supplements as a substitute for a healthy lifestyle, which is the way that they 
are commonly used. The main emphasis of this book is on a healthy lifestyle, which 
in most cases will remove the need for high-potency supplements, but if you feel that 
you do need some, then you will find suitable information in this part. 


Generally, it is best to obtain all your necessary vitamins from natural foods and 
the activities of intestinal bacteria. Under present conditions, however, it is rarely 
possible to achieve and maintain good health without resorting to special vitamin-rich 
foods and nutritional supplements. 


In the case of poor health, absorption of vitamins and minerals is impaired, 
while your requirements for them are simultaneously raised. This phenomenon 
underlies the widespread vitamin and mineral deficiencies in our society, which result 
in a multitude of diseases. Well-chosen supplements can correct deficiencies, but in 
a good maintenance diet, the daily vitamin intake proposed by government agencies 
should be at least doubled. 
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Step 23 
VITAMINS 


Find out what these essential nutrients do and if you have 
special requirements for any of them. 


Vitamins are water soluble or fat soluble. Water-soluble vitamins are vitamin C 
and the B-group vitamins. Except for vitamin B12, they are easily absorbed, and 
deficiency is due to a deficient diet or to increased requirements. Due to genetic 
factors or diseases, some individuals may require up to a hundred times the usual 
amounts to function normally. One common problem is a thickened or hardened cell 
membrane, preventing nutrients from entering some organs, especially the eyes. 
Being water soluble, a surplus of these vitamins is easily expelled through the 
kidneys, and any problem from overdosing is rare. 


The fat-soluble vitamins, A, D, E, and K, are more difficult to absorb. 
Deficiencies can easily arise even with an adequate diet, although most “balanced” 
diets are deficient due to the cooking methods and use of refined foods. The most 
difficult problem is fat malabsorption, which is relatively common and mainly due to a 
reaction of the intestinal wall to gluten. In this case, even a diet plentiful in fat-soluble 
vitamins can still lead to deficiency symptoms and may not be corrected by high- 
potency supplements. While symptoms can mirror individual deficiencies, a common 
feature of fat malabsorption is dry skin and difficulty gaining weight. 


This absorption difficulty can be overcome by using water-soluble vitamin E 
tablets, emulsions for vitamin A, and sunshine for vitamin D. In addition, rub vitamin 
A and E oil (from opened capsules) into your skin and squeeze the contents of a 
halibut oil capsule under the tongue for slow absorption overnight. Do not use 
synthetic versions of oil-soluble vitamins. While these are easily absorbed, they are 
known to cause side effects, such as liver toxicity or interference with pregnancy. 


The bacteria among our intestinal flora supply a considerable part of our B 
vitamins. Unfortunately, antibiotics destroy these essential bacteria and can cause 
vitamin deficiencies. For this reason, use fermented foods or cultures containing 
acidophilus and bifidobacteria and take B-vitamin supplements whenever you take 
antibiotics. Other widespread conditions -causing persistent vitamin deficiencies and 
dependencies are deprivations during foetal develop-ment and, in later life, acute and 
chronic infections, parasites, and inefficient metabolism. 


In general, vitamin and mineral supplements may not be required for the 
maintenance of health or even the cure of most degenerative diseases provided the 
diet consists predominantly of fresh and raw foods, featuring sprouted seeds, grass 
and vegetable juices, as well as high-quality nutrients such as bee pollen, spirulina, 
and kelp. 


Bowel-Tolerance Vitamin C: This means taking enough of the vitamin to 
produce a bout of diarrhoea to identify your specific bowel tolerance for vitamin C. 
This can be a successful treatment for infectious diseases, including viral infections, 
which do not respond to antibiotics. The dose of vitamin C is increased until the 
patient develops transient diarrhoea, usually one episode. Then the rate is cut back 
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slightly until the bowel tolerates the high vitamin C intake. During serious infections, 
the bowel tolerance is much greater than it is in a healthy state. In normal health, for 
example, the bowel tolerance is about 4-15g per day; with a light cold, it might be 20- 
30g; with a serious cold, 60-100g. Typically, mononucleosis or viral hepatitis requires 
40-60 g; gastroenteritis 60-150g; and viral pneumonia more than 150g. Other 
infections, including herpes simplex and herpes zoster, respond favourably to this 
treatment, but fungal infections do not. 


When you are taking these massive amounts, it is important to select the 
correct form of vitamin C. If mainly unneutralized ascorbic acid is used, the body 
becomes too acid, while sodium ascorbate introduces too much sodium, and calcium 
ascorbate too much calcium. If your blood pressure is approximately normal, take a 
mixture of ascorbic acid, sodium ascorbate, and calcium ascorbate. With low blood 
pressure, use mainly sodium ascorbate with some calcium ascorbate. With high 
blood pressure, potassium and magnesium ascorbate combined with ascorbic acid is 
best. You can neutralize some of the ascorbic acid with potassium bicarbonate or 
magnesium carbonate at the ratio of three to one, or two parts ascorbic acid to two 
parts magnesium oxide. The solution should taste slightly acidic. You can dissolve 
the vitamin C in water, herb tea, or juices, if you like. 


Depending on the severity of your condition, take vitamin C at one- or two-hour 
intervals. Do not continue self-treatment at bowel-tolerance level for more than a few 
weeks, and in serious cases you should be under professional medical supervision. 
The high vitamin-C intake should be reduced gradually to a daily maintenance dose 
of 3-10g. A sudden withdrawal of all vitamin C can cause the return of colds, 
allergies, or fatigue, so try to avoid this. 


Bowel tolerance as a treatment is not suitable with kidney disease. Initially, 
treatment of life-threatening diseases or emergencies can be supported with daily or 
weekly injections of sodium ascorbate given intravenously in a three-percent solution. 
Many degenerative diseases associated with a weak immune system, for example, 
autoimmune diseases, cancer, and multiple sclerosis, can benefit from intermittent 
periods of bowel-tolerance vitamin-C treatment. This method should also be used for 
accidental poisoning and bites of poisonous snakes and insects. 


Now let’s review all the vitamins. In the following compilation, RDA means 
recommended daily allowance for males as determined by the Food and Nutrition 
Board of the U.S. National Research Council. A second RDA value is for females. 
“IU” means international units. Not all of the listed deficiency symptoms are always 
manifested. Symptoms appear first in the weakest organs. As for measurements, 
1 g = 1000 mg; 1 mg = 1000 mcg. 


Fat-Soluble Vitamins: The oil-soluble vitamins are A, D, E, and K. They are 
soluble in oils and fats, which is where we get them in our diet. 


Vitamin A: The chemical name is retinol; two molecules of retinol can be 
formed from one molecule of beta-carotene. The RDA is 5000/4000 IU; 
therapeutically 25,000 to 100,000 IU are commonly used, and sometimes up to 
1,000,000 IU, especially in cancer treatment and for eye diseases. Long-term 
oversupply can lead to bone erosion due to a relative deficiency of vitamin D. 
Therefore, supply vitamins A and D together, preferably as cod liver oil, otherwise 
halibut liver oil. One halibut-oil capsule provides 4000 to 5000 IU. Vitamin A is toxic in 
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very high doses over long periods and is destroyed by light and oxygen. Symptoms 
of vitamin A toxicity are similar to those of vitamin A deficiency. Do not take very high 
doses without professional supervision. 


Deficiency Symptoms: Eyes are dry, infected, and sensitive to bright light; night 
blindness, poor dark adjustment, colour blindness, and glaucoma are other 
symptoms. Skin is dry, rough, horny, and scaly; there are pimples, acne, and 
psoriasis. Hair is dry, falling out, or dull. Nails have longitudinal ridges and are 
peeling and brittle. Sense of smell and taste are poor or distorted. Respiratory 
infections and other lung problems, ear problems, deafness, hearing noises, and 
cancer; thyroid is overactive and the person is underweight. 


Best Sources: Fish-liver oils, liver, butter, and egg yolk. Yellow-orange 
vegetables and green juice are high in beta-carotene, which some individuals can 
efficiently convert into vitamin A. 


Vitamin D: The common natural form is vitamin D3 or cholecalciferol. Vitamin 
D2 or ergocalciferol is synthetic and can be toxic in high doses over long periods; | 
do not recommend it. The RDA is 200 IU; therapeutically up to 4000 IU are used. 


Deficiency Symptoms: Rickets, teeth and gum problems, muscular weakness, 
convulsions, cramps, tetany, nervous instability, underactive thyroid, depression, 
multiple sclerosis, overweight, eye problems, and weak, deformed, and porous bones 
and other symptoms of calcium deficiency. 


Best Sources: Sun exposure, fish-liver oils, and egg yolk. 


Vitamin E: The chemical name of this group is tocopherols; mainly d-alpha 
tocopherol is used, preferably in addition to mixed tocopherols. The RDA is 15/12 IU 
or mg; therapeutically, up to 3000 IU or mg can be used. Patients with heart 
problems or high blood pressure should increase the dose slowly. This vitamin is 
destroyed by oxygen, chlorinated water, inorganic iron supplements, and estrogen 
drugs. 


Deficiency Symptoms: These can include disorders of the reproductive and 
circulatory systems, stroke, heart disease, leg pains, cramps, poor wound healing, 
pronounced scar tissue, muscle weakness, chronic fatigue, tender breasts, arthritis, 
cancer, eye and ear problems, gangrene, infections, hot flushes, malabsorption, 
multiple sclerosis, myasthenia gravis, phlebitis, skin problems, and varicose veins. 


Best Sources: Cold-pressed oils (wheat germ oil), rice polishings, sprouted 
seeds, nuts, egg yolk, green leaves, and grass juice. 


Vitamin K: The RDA is 80/60 mcg; therapeutically, 5-15 mg are used. It is 
destroyed by light, alkaline conditions, and strong acids. This vitamin is essential for 
normal blood clotting to prevent haemorrhaging. A deficiency causes frequent, 
prolonged, or severe bleeding, easy bruising, and menstrual clots, as well as nausea 
and vomiting during pregnancy. It is also needed for bone formation, or to prevent 
osteoporosis, tooth decay, calcium deposits, and hardening of tissues and arteries. 


Injections of vitamin K derived from plant sources have been effective in the 
control of strong pain. This vitamin can be obtained from intestinal bacteria (in other 
words, made in the gut), green and especially dark-green vegetables, liver, and egg 
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yolk. Vitamin K1 from plants is more effective than K2 from intestinal bacteria; the 
synthetic form (K3) can have toxic effects. 


Water-Soluble Vitamins: These vitamins easily dissolve in water; with this 
they are easily absorbed, but also easily lost in cooking and, except vitamin B12, not 
stored in the body. Most of the B-group vitamins are essential components of 
enzyme systems. 


Vitamin B1: The chemical name is thiamine. The RDA is 1.5/1.1 mg; the 
therapeutic dose is 50-3000 mg. It is destroyed or used up by heat, sugar, alcohol, 
and smoking. Despite vitamin B1 supplements, deficiency can arise from a lack of 
gastric acid. 


Deficiency Symptoms: These include poor circulation with cold hands and feet, 
oedema (fluid retention), furrowed tongue, underactive thyroid, fatigue, depression, 
insomnia, anxiety, oversensitivity to pain and noise, nausea, poor memory, apathy, 
debility, weight loss, and weak and painful muscles, especially in the legs, starting 
with numb, burning feet, later affecting calves and thighs, and sometimes resulting in 
paralysis. Other conditions include severe gastrointestinal disturbances, tachycardia 
(fast pulse) and dyspnoea (breathlessness) on exertion, brachycardia (slow pulse) at 
rest, enlarged and weak heart, mental illness, multiple sclerosis, diabetes, 
hypoglycaemia, allergies, and addictions (to drugs, alcohol). A severe deficiency is 
known as beriberi. 


Best Sources: Food yeast, rice bran, sunflower and sesame seeds, peanuts, 
millet, and grains. 


Vitamin B2: Vitamin B2 is chemically known as riboflavin. The RDA is 1.7/1.3 
mg, the therapeutic dose 50—1500 mg. It is destroyed by light and makes urine bright 
yellow. 


Deficiency Symptoms: Eyes are sensitive, burning, and bloodshot (blood 
vessels become visible in the white of the eye) and there is blurred vision or 
cataracts. Skin is oily and itching; there can be eczema (especially around the nose, 
forehead, ears, scrotum, and vagina), redness of part of the face (rosacea), acne, 
bedsores, and purplish skin parts. Hair is dull and oily, with dandruff. Nails are split 
and the tongue is sore, burning, and purplish magenta in color. There are cracks on 
the lips and corners of the mouth (cheilosis), as well as allergies, anaemia, arthritis, 
cancer, or diabetes. 


Best Sources: Food yeast, liver, kidney, almonds, sprouted seeds, and grass 
juice. 

Niacin and Nicotinamide: Niacin is also called nicotinic acid, and niacinamide 
is the same as nicotinamide. As the name suggests, these are closely related to 
nicotine and, therefore, useful when trying to give up smoking. The name vitamin B3 
is also used. The RDA is 19/15 mg; therapeutically, up to 30 g have been used in 
schizophrenia. 


The acid form (niacin or nicotinic acid) causes flushing of the face and it is 
prescribed to dilate blood vessels, decrease blood pressure, reduce cholesterol, or 
increase circulation to the head in cases of acne or migraine. The non-acid 
nicotinamide or niacinamide does not have these effects. In contrast to niacin, high 


Heal Yourself - The Natural Way 126 


amounts of this vitamin can cause depression. Niacin or nicotinamide improves the 
oxidative energy metabolism and can be used to treat many symptoms. 


Deficiency Symptoms: Schizophrenia, hyperthyroidism, protruding eyes, 
depression, irritability, overactivity, crying spells, suspicion, loss of humour, 
delusions, anxiety, insomnia, confusion, and changed sense perceptions. Tongue is 
strawberry-tipped or bright red and shiny, with a “raw beef” appearance; the mouth 
displays sores, cankers, and ulcerated corners. The skin is rough and red, with 
brown, often symmetrical discoloration on the cheeks, neck, and back of hands. 
There is dermatitis with ulcerations and pellagra (cracking of skin), which is 
aggravated by exposure to sun. Other symptoms and conditions include headache, 
backache, fatigue, anaemia, lack of gastric acid, loss of weight and appetite, nausea, 
vomiting, diarrhoea, painful and stiff joints, arthritis, and cancer. 


Best Sources: Food yeast, peanuts, rice bran, liver. 


Pantothenic Acid: This is commonly used as calcium pantothenate, also 
called vitamin B5. The RDA is 7/4 mg; the therapeutic amount 50-1500 mg. 


Deficiency Symptoms: Tongue is beefy, enlarged, and furrowed; there is 
fatigue, depression, insomnia, greying hair, burning feet, arthritis, alcoholism, 
asthma, cancer, cataracts, epilepsy, psoriasis, stress, diseases of the digestive and 
nervous systems, and adrenal weakness. 


Best Sources: Food yeast, rice bran and polishings, liver. 


Vitamin B6: The chemical name is pyridoxine. The RDA is 2.0/1.6 mg; 
therapeutically, it is used from 50 to 3,000 mg. It works closely with zinc and is easily 
oxidized. 


Deficiency Symptoms: These include an inability to recall dreams, insomnia, 
depression, irritability, tremors, convulsions (epilepsy), migraine, or schizophrenia. 
The skin is oily, with eczema and urticaria (nettle rash or hives); there is oedema 
(fluid retention), vomiting, halitosis, lack of gastric acid, muscle weakness, anaemia, 
and kidney stones. Also possible are pain, stiffness, and swellings of fingers and 
joints; fingers and toes become white (Raynaud’s disease); autism; caries (tooth or 
bone decay); diabetes; Parkinsonism; and diseases of the digestive and nervous 
systems. 


Best Sources: Food yeast, molasses, bran, sunflower seeds, rice, liver, egg 
yolk, nuts, beans, and bananas. 


Biotin: The RDA is 0.3 mg or 300 mcg. Biotin is necessary for protein and fat 
metabolism as well as for healthy hair. 


Deficiency Symptoms: Digestive, nervous, and skin and hair problems; 
anaemia, fatigue, depression, and hallucinations. 


Best Sources: Food yeast, rice bran. Usually from intestinal bacteria, except 
after antibiotics. 


Folic Acid: The RDA is 200/180 mcg, but it is recommended to ingest at least 
400 mcg, and 800 mcg when pregnant. The therapeutic dose is 5-20 mg. Folic acid 
is easily destroyed by light, heat, storage, oxygen, and the contraceptive pill. 
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Deficiency Symptoms: These are widespread; most pregnant women are 
deficient. Symptoms include anaemia, corners of mouth cracked, red tongue, greying 
hair, greyish-brown skin pigmentation, irritability, depression, fatigue, forgetfulness, 
lack of con-centration, insomnia, dizziness, depressed reflexes, and headaches. Also 
present are muscle weakness, pain, numbness in legs, difficulty in walking, cramps, 
digestive problems such as constipation and diarrhea, sexual and circulation 
problems, cervical cancer, hypoglycaemia, birth defects, gout, diabetes, and 
cardiovascular disease. 


Best Sources: Grass juice, yeast, sprouts, dark-green leaves, and liver. 


Vitamin B12: The chemical name is cobalamin, the RDA is 2 mcg, and the 

therapeutic dose 1000 mcg. It is essential after part of the stomach has been 
removed. Most patients with a lack of energy respond extremely well to vitamin B12 
injections, even if laboratory tests show a normal vitamin-B12 blood level. 
In poor health, vitamin B12 is not well absorbed; calcium and hydrochloric acid 
improve absorption. Commonly, B12 tablets are absorbed under the tongue. 
However, recent studies show that the best absorption takes place by putting vitamin 
B12 into the nostrils as drops, cream, or a crushed tablet combined with a little water 
to make a paste. 


Deficiency Symptoms: Pernicious anaemia, chronic fatigue, debility, poor 
circulation, numbness and _ stiffness, a very red and sore tongue, emotional 
disturbances, mental illness, cancer, liver and nervous system diseases, nerve 
inflammations, and paralysis. 


Best Sources: Liver, kidney, fish, egg yolk, and spirulina. 


Vitamin C: The chemical name is ascorbic acid; it is commonly used as 
sodium or calcium ascorbate. The RDA is 60 mg; 500 to 3000 mg are recommended 
for good health (and may be supplied by a good diet); the therapeutic daily amount is 
up to 100 g (in neutralized form). This vitamin is easily destroyed by air, storage, 
smoking, cooking, or stress. It is useful to counteract the bites or stings of poisonous 
snakes, insects, spiders, and others. 


Deficiency Symptoms: First signs include lassitude, weakness, irritability, and 
vague muscle and joint pains. Later symptoms and conditions include scurvy, starting 
in the limbs most used, muscle pain (especially during infections), bleeding of gums 
and skin, capillary weakness, fatigue, poor wound healing, and acute and chronic 
infections. Also possible are liver and kidney problems, senility, aging skin, 
thrombosis (strokes, heart infarctions), crib death, eye problems, arthritis, multiple 
sclerosis, diabetes, schizophrenia, anaemia, bedsores, stone formation, cancer, 
backache, anxiety, and allergies (manifested in reaction to bee stings, headaches, 
rashes, asthma, hay fever, and epilepsy). 


Best Sources: Fresh fruits and vegetables, sprouted seeds, rosehips, and 
grass juice. 


Vitamin-like Substances: These are necessary biochemical substances that 
have not yet been awarded full vitamin status, partly because some can be 
synthesized within the body, and partly because their usefulness is still disputed. 
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Bioflavonoids: Bioflavonoids are part of the naturally occurring vitamin-C 
complex. A deficiency causes capillary fragility with purplish or blue skin marks, 
inflammation, gum bleeding, and inner ear pain. Bioflavonoids are necessary for the 
proper functioning of vitamin C. 


Best sources: Sprouted seeds, fresh (especially colourful) vegetables and 
fruits, and the residue of juiced citrus fruits; bioflavonoids are also found in flower 
petals. The best known members of this group are quercetin and rutin; rutin is found 
in concentrated form in dried buckwheat leaves and flowers. 


Choline and Inositol: These two are important for the absorption and 
metabolism of fats and cholesterol, for the synthesis of lecithin, for proper liver and 
gallbladder function, and for the formation and function of the brain and nerves 
(transmission of nerve impulses). They are helpful in the treatment of arteriosclerosis 
and atherosclerosis, asthma, diabetes (inositol), glaucoma, hair problems and 
baldness, high blood pressure, insomnia (inositol), liver diseases, multiple sclerosis, 
muscular dystrophy, neuritis, and tardive dyskinesia (choline especially). 


Best sources: Choline is best supplied by lecithin, while other good sources are 
egg yolk, liver, brain, and food yeast. Inositol is best supplied by sprouted seeds (in 
unsprouted seeds it remains unavailable in the form of phytic acid). Other good 
sources are heart, brain, liver, food yeast, cabbage, and citrus fruits. 


PABA (para-aminobenzoic acid): It is a growth-promoting factor, and a 
deficiency contributes to white skin patches, eczema, greying hair, and fatigue. In 
lotion, it is excellent for protecting the skin against ultraviolet radiation. It is obtained 
from food yeast, liver, egg yolk, and is also synthesized by intestinal bacteria. As a 
supplement, the soluble potassium salt of PABA is preferable to the almost insoluble 
acid itself. 


Vitamin B15 (Pangamic Acid): This bioflavonoid occurs in seeds, grains, and 
nuts, and it protects against oxygen deficiencies in a way similar to vitamin E. It has 
been successfully used in the treatment of alcoholism, allergies, arthritis, autism, 
breathing problems (asthma and emphysema), diabetes, hypoglycaemia, heart 
problems (cardiovascular diseases), and premature aging. 


Vitamin B17 (Amygdalin or Nitrilosides): This nutrient contains a cyanide 
ingredient that is harmful to cancer cells. It is most effective for preventing cancer if 
taken regularly by eating a few bitter seeds of stone fruits (for example, apricot, bitter 
almond, apple). Other good sources are sprouted seeds, alfalfa, mung beans, millet, 
and lentils. Professionally, a purified product known as laetrile (now illegal in the 
U.S.) is used orally or as injections for cancer treatment. To be effective, laetrile must 
be used in conjunction with cleansing, supplements, and correct diet. 
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Step 24 
MINERALS 


Find out what minerals do and if you have increased requirements for them. 


Minerals are inorganic substances composed of a metal and a non-metal, both 
in ionic form. Metals most important for our health are calcium, magnesium, 
potassium, and sodium as bulk elements, and boron, chromium, cobalt, copper, 
iodine, iron, manganese, molybdenum, selenium, and zinc as trace elements. 
Essential non-metals are chloride, phosphorus, and sulphur. Harmful are aluminium 
and the heavy metals cadmium, lead, and mercury. While imbalanced intakes of bulk 
metals can cause health problems, trace elements easily become toxic in excessive 
doses. 


Minerals are not well absorbed from grains, seeds, and nuts,10 unless these 
are sprouted or fermented. This fact is especially important for vegetarians who may 
rely on these foods. The addition of gelatine or chicken or fish broth to cooked grains 
improves the absorption of minerals, while cereal fibre (bran) decreases their 
availability. When grains and seeds are indicated as good sources of specific 
minerals in the following compilation, this applies only to their sprouted form or as 
fermented products. 


In case of mineral deficiencies, take mineral supplements with meals containing 
gelatine (for example, fish or poultry) or, alternatively, with fresh vegetable juice or 
vegetables salads. Also make sure that you have sufficient gastric acid. Minerals are 
more easily absorbed as chelates or orotates; orotates deliver minerals directly into 
the cells. 


Calcium (Ca): The RDA is 800 mg, but the recommended intake is 0.6 - 1.2 g 
daily. A deficiency is frequently due to overacidity, lack of vitamin D, magnesium, or 
boron, underactive thyroid and parathyroids, or an oversupply of phosphorus. The 
normal calcium-phosphorus ratio in blood is 10:4; if the calcium level is too high, 
calcifications result, such as stone formation, tartar, arthritic deposits, cataracts, and 
muscle tension. 


Deficiency Symptoms: These include fragile and deformed bones; muscle 
cramps, twitching, and weakness; irritability; headaches; depression; menstrual 
problems such as excessive and painful menstruation; poor circulation; and tender 
breasts. Also likely are undue sensitivity to pain, insomnia, allergies, inflammations, 
low blood pressure, varicose veins, piles, distended veins and abdomen, swellings, 
slow wound healing, pyorrhoea, gingivitis, and eye problems (nearsightedness). 


Best Sources: Bone broth, eggshells, dolomite, sardines, leaf vegetables, 
goat’s-milk products, sesame seeds, and kelp. 


Chromium (Cr): This mineral is active as trivalent chromium, and its biological 
value differs greatly in various foods. Aim for an RDA of 100 mcg of high bio-value 
supplements, such as glucose-tolerance factor or chelated chromium. 


Deficiency Symptoms: Poor blood sugar regulation (diabetes, hypoglycaemia), 
disturbed fat/protein meta-b-olism, alcohol intolerance, impaired growth, high blood 
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pressure, arteriosclerosis, weight loss, fatigue, and eye problems (opaque cornea, 
nearsightedness, glaucoma). 


Best Sources: Brewer’s yeast, molasses, mushrooms, seafood, and grains. 


Calcium EAP for Healthy Cells 


The health of our cells depends to a large degree on their ability to keep toxic materials out. 
This includes toxic chemicals, such as endotoxins produced by microbes inside the body, 
and also harmful concentrations of otherwise useful biological chemicals. Such toxic matter 
tends to weaken and disrupt the energy production within cells and is a major factor in 
disease processes such as cancer and chronic degenerative diseases. 


Toxic chemicals, together with useful ones, can enter the cells only through special pores in 
the cell wall. In healthy cells, these entrance points are protected by special gatekeeper 
chemicals, mainly the calcium salt of 2-aminoethanol phosphate, also called colamine 
phosphate, or EAP. EAP is heavily concentrated at these entrance points and is attached 
to the cell wall where it keeps the calcium in a fixed position. 


In addition to keeping unwanted chemicals from entering, EAP is also effective in 
transporting essential minerals through the cell wall and into the cell. In addition, it helps to 
maintain and restore a normal electric potential between both sides of the membrane. 
Because of its vital functions in maintaining the health of cell membranes, EAP has been 
called the “membrane integrity factor.” With increasing age and disease-related health 
deterioration, we do not produce enough EAP to protect our cells. This leaves them open to 
attack by undesirable chemicals and toxins, an event that can cause or contribute to a wide 
range of diseases. 


EAP salts were developed in the 1960s in Germany by Hans Nieper, M.D. Initially, calcium 
EAP was used in the successful treatment of multiple sclerosis, but the damaging after- 
effects of viral infections (e.g., chronic fatigue) could also be greatly reduced with EAP. 
Other diseases that responded well were ALS, allergies, asthma, blood pressure and 
circulation problems, capillary bleeding, cancer, chronic kidney disease, diabetes, and 
osteoporosis. 


Varicose veins stopped deteriorating and aging skin was improved with EAP treatment. Dr. 
Nieper mentioned that his patients on long-term EAP therapy hardly aged. He found that a 
mixed formulation of calcium, magnesium, and potassium EAP was calming and 
harmonizing for the nerves and, with this, suitable for neurological conditions, including 
hyperactivity and anxiety disorders. 


After evaluating the treatment of several thousand patients with multiple sclerosis over 
many years, Dr. Nieper found that hardly any of these patients had developed cancer. Also, 
in a six-year study of eight patients with repeated surgery for colon cancer, there were no 
further recurrences of cancer after calcium EAP therapy. The usual dose is one to three 
tablets three times daily, before meals. For information and orders, contact: Koehler 
Company, P.O. Box 11510, Prescott, AZ 86304. 





Copper (Cu): The RDA is 1.5 to 3 mg, but the recommended intake is 3 to 5 
mg daily. A dietary deficiency of copper is rare; inorganic copper, for example, may 
be oversupplied from copper water pipes. Internal copper deficiency can result from 
insufficient binding capacity within cells. 
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Deficiency Symptoms: These include anaemia, especially in infants; bone 
disorders; defective spinal cord, multiple sclerosis; hair greying, hair becoming fine 
and straight, and losing its curl; infertility; weak connective tissue, as evidenced by 
heart problems such as enlarged heart, weak aorta (holes, ruptures), aneurism, and 
varicose veins; hernias; cancer; leukaemia; arthritis; inflammations; parasites; and 
underactive thyroid. 


Signs of Toxicity: Liver cirrhosis, jaundice, and symptoms of zinc deficiency. 


Best Sources: Liver, food yeast, nuts, and oily seeds. Use supplements only in 
organic form, such as chelated or salicylate complexes. However, colloids and 
copper armbands are acceptable. 


lodine (I): The RDA and recommended intake for iodine is 150 mcg daily. 
lodine is needed for the production of thyroid hormones, which regulate metabolism. 


Deficiency Symptoms: These include goitre, cretinism, fatigue, overweight, 
mental retardation, debility, and cancer. 


Best Sources: Kelp, seafood, and iodized salt. 


Iron (Fe): The RDA is 10/15 mg, so the recommended intake is the RDA, but it 
should be less for the elderly. An iron deficiency causes anaemia and fatigue, while 
an oversupply in the inorganic form (tablets, bread additives) is a contributing factor 
in degenerative diseases, especially arthritis. 


Best Sources: Kelp, liver, yeast, molasses, sesame seeds, and eggs. 


Magnesium (Mg): The RDA is 350/280 mg; the recommended intake 500 - 
1000 mg daily. This mineral activates many enzymes (see the section on magnesium 
chloride to follow). 


Deficiency Symptoms: Here you find apathy, confusion, depression, 
disorientation, hallucinations, irritability, paranoia, and poor memory. Also typical are 
angina, arteriosclerosis, high blood pressure, sweating, tachycardia (fast pulse), 
strokes, thrombosis, or infarctions. You can also encounter convulsions, cramps, 
eclampsia, epilepsy, muscle twitching, numbness, nystagmus (rapid eye 
movements), tingling, and tremors. Further deficiency symptoms are physical and 
mental rigidity, stiffness, stone formation in kidney and gallbladder (but not renal 
failure), tartar, alcoholism, cancer, arthritis, diabetes, acute infections, intestinal 
malabsorption, liver cirrhosis, pancreatitis (inflammation of the pancreas), prostate 
problems, strong body odour, overactive thyroid, colic, and premenstrual tension. 


Best Sources: Kelp, dolomite, seafood, sea minerals, grass juice, green leaves, 
nuts, oily seeds, molasses, and sprouted grains. 


Manganese (Mn): The recommended intake is 5 to 10 mg daily; the 
therapeutic dose is 20 - 100 mg. 


Deficiency Symptoms: These typically are muscle weakness, myasthenia 
gravis, drooping eyelids, poor memory, dark-red_ skin spots, -diabetes, 
hypoglycaemia, atherosclerosis, schizophrenia, epileptic convulsions, bone 
deformities, mucus problems, impotence and/or sterility, ataxia (muscle 
incoordination), poor equilibrium, abnormal inner ear, and retraction of head. 
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Best Sources: Grass juice, spinach, parsley, spices (cloves, cardamom, 
ginger), nuts, pea-nuts, and sprouted and fermented seeds. 


Molybdenum (Mo): Molybdenum is an integral part of several enzymes 
involved in cell oxidation and carbohydrate metabolism. Daily requirements are not 
known, though we do know it is an antagonist to copper. 


Deficiency Symptoms: These can be cancer of the oesophagus, dental decay, 
impotence in elderly males, asthma, and sensitivity to sulphites, MSM (see the 
section on MSM to follow), and other sulphur-rich foods. 


Best Sources: Buckwheat, beans, fermented soy products, liver, and barley. 


Potassium (K): The RDA is 2000 mg, but the recommended intake is 3 g daily. 
A deficiency may originate from an oversupply of sodium (salt), the use of diuretics, 
or adrenal weakness. 


Deficiency Symptoms: Typical here are anxiety, nervousness, fatigue, diabetes, 
hypoglycaemia, heart strain, high blood pressure, liver problems, lower back pain, 
muscle weakness, multiple sclerosis, and overweight. 


Best Sources: Kelp, fruits, and vegetables. 


Selenium (Se): The RDA is 70/55 mg, while the recommended intake is 100 - 
200 mcg daily; the therapeutic dose is up to 500 mcg taken in organic form. Selenium 
acts as an antioxidant together with vitamin E. It is lost in cooking and very toxic 
when taken at 2000 mcg or more. A deficiency causes viruses to become very 
virulent. 


Deficiency Symptoms: These include fatigue, cancer, liver damage, pancreatic 
fibrosis, muscular dystrophy, weak immune system, reproductive disorders, 
cataracts, haemorrhaging, haemolytic anaemia, and underactive thyroid. 


Best Sources: Kidney, liver, seafood, brewer's yeast, and kelp. 


Zinc (Zn): The RDA is 15 mg; the recommended intake is 20 to 30 mg daily; 
and the therapeutic dose is up to 300 mg. This mineral is best taken together with 
vitamin B6. Diets low in protein and high in fibre, phytates, calcium, fat, and copper 
can decease the absorption of zinc. Increased zinc is needed with calcium or 
magnesium supplements, and during chronic infections, convalescence, and stress. 


Deficiency Symptoms: These affect skin (acne, boils, burns, leg ulcers, 
parakeratosis [horny red skin], poor wound healing, psoriasis, stretch marks); hair 
(brittle, coarse, dandruff, falling out, lacking pigment); nails (white spots and bands); 
eyes (keratitis [inflammations or lesions of the cornea], night blindness, retinal 
detachment); taste and smell (lost or distorted); sexual function (male sex organs 
underdeveloped, prostate enlarged, delayed sexual maturity, sterility, menstruation 
retarded or irregular); and maturation (poor growth, dwarfism). Other symptoms and 
conditions include body and breath odour, mouth cankers, nausea (pregnancy), poor 
circulation, cold extremities, fainting, heart infarction, sickle-cell anaemia, cancer, 
diabetes, epilepsy, gastric and duodenal ulcers, inflammation of the intestines 
(Crohn’s disease), joint pains (especially knee and hip), liver cirrhosis/alcoholism, 
toxaemia, mental problems, increased emotionalism, hyperactivity, learning 
disorders, autism, schizo-phrenia, loss of appetite, anorexia nervosa, and multiple 
allergies. 


133 Heal Yourself - The Natural Way 


Best Sources: Oysters, herrings, sardines, kelp, seafood, oatmeal, liver, 
pumpkin seeds, and sprouted seeds. 
Now let’s look in depth at two minerals - magnesium chloride and MSM, a form of 
organic sulphur. 


Magnesium Chloride for Health and Rejuvenation: Magnesium is nothing 
short of a miracle mineral in its healing effect on a wide range of diseases as well as 
its ability to rejuvenate the aging body. It is essential for many enzyme reactions, 
especially in regard to cellular energy production; it is essential too for the health of 
the brain and nervous system and for healthy teeth and bones. It may come as a 
surprise that in the form of magnesium chloride it is also an effective infection fighter. 
On the basis of its numerous beneficial effects, | recommend magnesium chloride as 
part of a healthy living program. 


The first prominent researcher to investigate and promote the antibiotic effects 
of magnesium chloride was French surgeon and professor Pierre Delbet, M.D. In 
1915, he was looking for a solution to cleanse the wounds of soldiers; traditionally 
used antiseptics actually damaged tissues and encouraged infections instead of 
preventing them. In all his tests, magnesium chloride solution was by far the best; not 
only was it harmless for tissues, but it also greatly increased white blood cell activity 
and phagocytosis (the destruction of harmful microbes). 


Dr. Delbet performed experiments on the internal applications of magnesium 
chloride and found it to be a powerful immune stimulant. In his experiments, 
phagocytosis increased by up to 333 percent. This means that after magnesium 
chloride intake the same number of white blood cells destroyed up to three times 
more microbes than beforehand. Gradually, Dr. Delbet found magnesium chloride to 
be beneficial in a wide range of diseases. These included diseases of the digestive 
tract such as colitis and gallbladder problems, Parkinson’s disease, tremors and 
muscle cramps, acne, eczema, psoriasis, warts and itching skin, impotence, prostatic 
hypertrophy, cerebral and circulatory problems, asthma, hay fever, urticaria, and 
anaphylactic reactions. 


Hair and nails became stronger and healthier and patients had more energy. 
He also found a preventative effect on cancer and used magnesium chloride to 
reverse precancerous conditions such as leukoplasia, as well as hyperkeratosis and 
chronic mastitis. Epidemio-logical studies confirmed that topographical regions with 
magnesium-rich soil had a lower incidence of cancer in their population than regions 
with low magnesium levels. 


Here is a review of other benefits of magnesium: 


Magnesium for Nerves: Magnesium has a calming effect on the nervous 
system and is frequently used to promote good sleep. But more importantly, it can be 
used to calm irritated and overexcited nerves. This is especially useful with epileptic 
seizures, convulsions in pregnant women, and the “shakes” in alcoholism. 
Magnesium levels are generally low in alcoholics, contributing to or causing many of 
their health problems. If magnesium levels are low, the nerves lose control over 
muscle activity, respiration, and mental processes. 


Due to its strong relaxing effect, magnesium helps not only with better sleep but 
is also useful in overcoming headaches and migraines. Nervous fatigue, tics and 
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twitches, tremors, irritability, hypersensitivity, muscle spasms, restlessness, anxiety, 
confusion, disorientation, and irregular heartbeat - all these conditions respond to 
increased magnesium levels. A common phenomenon of magnesium deficiency is a 
sharp muscle reaction to an unexpected loud noise. 


Many of the symptoms of Parkinson’s disease can be overcome with high 
magnesium supplementation; shaking, for example, can be prevented, and rigidity 
can be eased. With pre-eclampsia, pregnant women can develop convulsions, 
nausea, dizziness, and headaches; in hospitals, this is treated with magnesium 
infusions. 


Magnesium for the Heart: Adequate levels of magnesium are essential for the 
heart muscle. Those who die from heart attacks usually have very low magnesium 
but high calcium levels in their heart muscles. Patients with coronary heart disease 
who had been treated with large amounts of magnesium had a better survival rate 
than patients who had received drugs. This might be due to the fact that magnesium 
dilates the arteries of the heart and lowers cholesterol and fat levels. 


Diabetics who are prone to atherosclerosis, fatty degeneration of the liver, and 
heart disease often have low magnesium tissue levels. They often develop eye 
problems, such as retinopathy; diabetics with the lowest magnesium levels have the 
most severe retinopathy. The lower the magnesium content of their drinking water, 
the higher is the death rate of diabetics from cardiovascular disease. In an American 
study, the death rate due to coronary heart disease was double and diabetes was 
four times higher in areas with low magnesium water levels as compared to areas 
with high magnesium levels. 11 


Magnesium for Healthy Bones and Teeth: Medical authorities claim that the 
widespread incidence of osteoporosis and tooth decay in Western countries can be 
prevented with a high calcium intake. However, published evidence reveals that the 
opposite is true. Asian and African populations with a very low intake (about 300 mg 
of calcium daily) have very little osteoporosis; Bantu women with an intake of 200 to 
300 mg of calcium daily have the lowest incidence of osteoporosis in the world. In 
Western countries with a high intake of dairy products, the average calcium intake is 
about 1000 mg. Strangely, the higher the calcium intake, especially in the form of 
cow’s milk products (except butter), the higher the incidence of osteoporosis.12 


The average concentration of magnesium phosphate in bones is about one 
percent; in teeth about 1.5 percent; in elephant tusks two percent; and in the teeth of 
carnivorous animals made to crush bones, it is five percent. In regard to the strength 
of bones and teeth, think of calcium as chalk and of magnesium as superglue; the 
magnesium superglue binds and transforms the chalk into superior bones and teeth. 


Magnesium, Cancer, and Aging: Many studies have shown an increased 
cancer rate in regions with low magnesium levels in soil and drinking water. In Egypt, 
the cancer rate was only about ten percent of that in Europe and America, and in the 
rural areas it was practically nonexistent. The main factor at play was an extremely 
high magnesium intake of 2.5 to 3 g in these cancer-free populations - ten times 
more than in most Western countries. 


Let’s see how calcium and magnesium are further linked to aging. We use our 
muscles by selectively contracting them; on the biochemical level, muscle contraction 
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is triggered by calcium ions flowing into muscle cells. To relax the muscle, calcium is 
pumped out again. However, aS we age, more calcium remains trapped in the 
muscles, and these muscles become more or less permanently contracted, leading 
to increasing muscle tension and spasms. Together with calcification of the joints, 
this is the typical rigidity and inflexibility we see in old age. 


The higher our intake of calcium relative to magnesium, the faster we calcify 
and age. Further, most of the excess calcium in our diet ends up in our soft tissues 
and around joints, leading to calcification and potentially arthritic deformations, 
arteriosclerosis, cataracts, kidney stones, and senility. Biochemical stress can lead to 
the pathological calcification of almost any organ, which means the more stress, the 
more calcification, and the more rapid the aging. 


The Rejuvenation Mineral: Magnesium and chloride have other important 
functions in keeping us young and healthy. Chloride is required to produce a large 
quantity of gastric acid each day, and it is also needed to stimulate starch-digesting 
enzymes. Magnesium is the mineral of rejuvenation and prevents the calcification of 
our organs and tissues that is characteristic of the aging-related degeneration of the 
body. 


Using other magnesium salts (other than the chloride one) is less 
advantageous because these have to be converted into chlorides in the body 
anyway. We can use magnesium as oxide or carbonate, but then we need to 
produce additional hydrochloric acid to form chlorides so it can be absorbed. Many 
aging individuals, especially those with chronic diseases, who desperately need more 
magnesium cannot produce sufficient hydrochloric acid and thus cannot absorb the 
oxide or carbonate. 


Among the other salts, Epsom salt is magnesium sulphate; it is soluble but not 
well absorbed and acts mainly as a laxative. Chelated magnesium is well absorbed 
but expensive and lacks the beneficial contribution of the chloride ions. Orotates are 
good but expensive for their content of magnesium; and both orotates and chelates 
lack the infection-fighting potential of magnesium chloride. 


As suggested above, calcium and magnesium are opposites in their effects on 
our body structure. As a general rule, young women and children with a soft body 
structure need more calcium, while the more rigid and inflexible we become, the less 
calcium and the more magnesium we need. Magnesium can reverse the age-related 
degenerative calcification of our body structure and rejuvenate us. 


How Much Magnesium to Take: Hydrated magnesium chloride contains about 
120 mg of magnesium per gram or 600 mg per rounded teaspoon. It has a mild 
laxative effect. As a good maintenance intake to remain healthy, you can take up to 
one teaspoon daily in divided doses mixed with meals; it is best to use it instead of 
table salt as it has a somewhat salty taste. Individuals with very sensitive taste buds 
can start using magnesium in tiny amounts mixed with strongly flavoured food, then 
gradually increase the doses. 


With acute infections, dissolve eight slightly rounded teaspoons in one quart of 
water. With children, a small glassful or four ounces can be used effectively every six 
hours. Adults can double this dose by drinking this amount every three hours, or 
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even more frequently until diarrhea develops; then cut back to a maintenance intake 
just below the level of diarrhea, until the infection has cleared. 


For daily use, it is more convenient to dissolve the magnesium chloride in 
water. Fill a bottle or jar halfway with the crystals and then to the top with water. Mix 
one teaspoon of this solution with food or drink three times daily for a daily intake of 
about 600 mg of magnesium. This or a more concentrated solution can also be used 
as a pack over tumours and infected, inflamed, painful, stiff, or calcified joints, 
muscles, adhesions, or scar tissue. It is also excellent as a back rub, to relax tense 
muscles anywhere on the body, and to rejuvenate aging skin. For sensitive skin, use 
it in a very diluted form. On wounds it can be used topically in a four-percent solution, 
that is, a level teaspoon in a small glass of water. 


Non-hydrated or desiccated magnesium chloride contains twice as much 
magnesium as the hydrated product. If using this, use half the amounts indicated 
above. Magnesium chloride is produced from seawater. Instead of magnesium 
chloride, you can use the brine from the production of sea salt. It has the advantage 
of having more trace minerals than the technical magnesium chloride, but due to its 
high content of magnesium sulphate it is rather bitter. 


MSM - Organic Sulphur As a Versatile 
Healer: MSM (methyl-sulfonylmethane) 
occurs naturally in many fresh foods but 
is lost during processing. Its main use in 
the body is for collagen synthesis and 


CAUTION: While a higher magnesium 
intake is beneficial for most individuals, 
those with low blood pressure usually 
re-quire more calcium. Normal blood 
pressure is about 120/80, so the lower 


yours is the higher your daily intake of 
calcium should be. While those with high 
blood pressure benefit from ingesting 
twice aS much magnesium as calcium, 
those with low blood pressure can take 
twice as much calcium as magnesium; 
both minerals are taken in relatively high 
amounts. Those with low blood pressure 
and a tendency towards inflammations 


should also greatly reduce their intake of 
phosphorus. A high level of phosphorus in 
the blood tends to cause magnesium as 
well as calcium levels to be low. 


Magnesium and calcium supplementation 
should be avoided by people with severe 
kidney problems (severe renal 
insufficiency); extra magnesium may be 
weakening to those with myasthenia 
gravis. Too much magnesium can cause 
muscle weakness or cramps; if this 
happens stop using magnesium and use 
more calcium. 





forming skin, blood vessels, hair, and 
nails; it keeps cells, skin, and blood 
vessels elastic, which is the attribute of 
youth. That is why organic sulphur is 
often regarded as the “beauty mineral.” 
Cell walls remain permeable so _ that 
nutrients can freely flow into the cells and 
wastes and toxins can easily be 
removed. 


Amino acid chains are usually 
linked with each other through flexible 


sulphur bridges. Also the oxidative 
energy production of cells requires 
reactive sulphur compounds. Thus, 


without sufficient organic sulphur as in 
the form of MSM, cells and body 
structures lose their elasticity and 
flexibility. What results are the well- 
known signs of aging: inelastic skin with 
increasing wrinkles, scar _ tissue, 
hardening arteries, varicose veins, and 
“hardened” lungs, causing emphysema. 


Sufficient intake of MSM is able to reverse these conditions to a significant degree, 
including emphysema. It is believed that the MSM in aloe vera is the active ingredient 
responsible for repairing damaged skin, a quality attributed to this plant. 
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Athletes use MSM to increase stamina and minimize sore muscles. Its use for 
this purpose is even more widespread with racehorses and greyhounds. This effect 
may be mainly due to the ability of MSM to increase greatly the body’s ability to 
eliminate metabolic residues, wastes, and toxins from the cells. In a similar way, 
MSM appears to help those with chronic fatigue. And it helps us recuperate from 
severe physical and mental exhaustion; further, MSM reduces the effects of stress 
and the incidence of stress-related deaths in animals. 


MSM tends to reduce or eliminate allergic reactions to foods, chemicals, and 
inhaled allergens. It also reduces reactions to the bites of mosquitoes, bees, and 
poisonous spiders and snakes. It lessens inflammation, pain, stiffness, and swellings 
due to arthritis or from other musculoskeletal system disorders, and it helps to 
normalize the blood chemistry in these conditions; it also reduces inflammations of 
the skin and mucous membranes. MSM relieves leg and back cramps and muscle 
spasms, be it after periods of inactivity (night cramps) or during athletic activities. 


Other conditions that often benefit from MSM supplementation are hot flashes 
as well as discomfort due to the monthly cycle, acne, asthma, back pain, candidiasis, 
constipation, diabetes, diarrhea, diverticulitis, gastrointestinal ulcers, hypertension, 
inflammations of all kinds, itching skin, migraines, nausea, pain, stress, sunburn, and 
wound healing. It is believed to be helpful with other chronic degenerative or 
inflammatory conditions, especially Alzheimer’s, cancer, Crohn’s_ disease, 
myasthenia gravis, and Parkinson’s. 


Fingernails and hair have a high sulphur content and their condition generally 
improves with MSM supplementation. It also reduces parasite infections in the 
intestinal and urogenital tracts. MSM also appears to normalize our mental state. 
Individuals on MSM tend to report increased alertness, reduced mood swings, and 
less depression. It seems to improve the immune system and the senses of taste and 
smell. In addition, it neutralizes the toxicity of anticholinesterase, thereby providing 
protection against insecticide exposure or ingestion; it also aids the liver in the 
detoxification of chemicals and, because of this, it is useful in easing drug withdrawal 
symptoms. 


In summary, MSM: 
e inhibits pain impulses along nerve fibres (analgesia) 
¢ lessens inflammation 
¢ increases blood supply 
* reduces muscle spasm 
¢ softens scar tissue. 


How to Use MSM: Unlike the related DMSO, MSM is a natural food ingredient 
and is free of unpleasant taste and odour. It is reported to be completely safe even in 
very high amounts. Because of its inert composition, it does not cause allergies or 
undesirable pharmacological effects; it can even be safely used to dilute blood. The 
body will use what it needs and remove any excess through the kidneys. The water- 
soluble MSM is easily absorbed and provides a therapeutically important source of 
organically bound sulphur. 
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The daily maintenance intake commonly ranges from 1 to 10 g taken in two or 
more divided doses. Adjust the dose according to your well-being or observed 
effects; initially | suggest you start with about 1 g and increase the dosage gradually. 


You can also use MSM externally to carry 
other nutrients or remedies into the skin. With 
arthritis or connective tissue problems, for 
instance, you can dissolve glucosamine, copper 
salicylate, and MSM in a small amount of warm 
water and rub it into the affected area. 


For bulk lots of MSM in the United States, 
see www.bulkmsm.com where you can also find 
more information on MSM. If your diet is already 
high in sulphur, as from plenty of onions and 
eggs, then you might not notice any benefit from 
taking MSM. 


CAUTION: Individuals who are 
sensitive to sulphites, often used 
as preservatives, tend also to be 
sensitive to MSM due to a 


deficiency of molybdenum, which 
is required for liver enzymes to 


convert sulphur compounds into 
sulphates. 


In this case, supplement with 200 
to 1000 mcg of molybdenum and 
avoid a high copper intake. 
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Step 25 
AMINO ACIDS 


They’re the building blocks of all body proteins. 
Adequate levels are essential for good health. 


There are eight essential amino acids for adults that must be supplied with the 
diet: isoleucine, leucine, lysine, methionine, phenyl-alanine, threonine, tryptophan, 
and valine. Two others, arginine and histidine, are essential in the first year of life. 
Some may be useful as supplements to enhance the functions described below, but 
commonly this is necessary only in cases of malabsorption of nutrients, with specific 
diseases, or with bodybuilding and sports nutrition. The specific amounts to use are 
usually not critical and may vary widely with practitioners. If not otherwise 
recommended by your health professional, you can use the amounts indicated on the 
product container. However, in most instances, instead of taking single amino acids, | 
recommend taking spirulina or chlorella instead; these are high in protein (up to 70 
percent) and easily digestible. 


Amino acids, like many vitamins, exist in two forms that are chemically identical 
but differently folded. These are named either D-amino acid or L-amino acid. Amino 
acids in our body have the L-form. Therefore, it is not advisable to use the synthetic 
D,L-amino acids, but rather the more expensive L-amino acids produced with 
enzymes. One exception to this is D,L-phenylalanine if used for pain relief. If the label 
of a supplement does not specify that it is the L-form, you can assume that it is the 
cheaper D,L-form, and | would not use it. Furthermore, two simple amino acids, 
glycine and taurine, exist only in one form and are not marked D or L. 


Arginine: Arginine is the precursor of the neurotransmitter nitric oxide, which 
helps to relax and dilate blood vessels. It is in an antago-nistic balance with lysine. 
Arginine helps to channel nutrients into tissues and promotes regeneration. 


e Aids in liver detoxification 

e May retard growth of tumours and cancer cells 

e — Assists in the release of growth hormones 

e —_ Helps maintain a healthy immune system 

e Important for scar tissue formation and collagen production 
e Promotes muscle growth and fat utilization 

e Helpful with malaria 

e May help with male impotence 


Note: avoid supplementation during pregnancy and lactation, and with herpes 
infections. 


Carnitine: Carnitine is produced in a healthy liver from lysine, vitamins B1 and 
B6, and iron. Vegetarian diets can be deficient in carnitine, as it is found mainly in 
meat. D--carnitine is harmful. Acetyl-L-carnitine is the form best suited to treat 
neurological conditions. 
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e _ Aids transport of long-chain fatty acids to mitochondria for energy production 
e —_ Helps in weight loss 

e Improves athletic ability through increased energy production 

e — Enhances effectiveness of the antioxidant vitamins E and C 


Creatine: It is formed in the liver from the amino acids arginine, glycine, and 
methionine, or available from meat. Commonly 5 g are supplemented daily as 
creatine-monohydrate, mainly used by athletes and bodybuilders. 


e Improves energy production in muscles and heart 
e Helpful with muscle diseases, such as motor neurone disease 
e __ Protects against brain injuries, and can improve memory 


Cysteine: This is a high sulphur-content amino acid formed in the liver from 
methionine; it needs vitamin B6 to work well. It acts as a brain neurotransmitter; high- 
dose supplements of cysteine can interfere with brain functions in susceptible 
individuals. 


e _ Aids in detoxifying the body 

e Precursor to glutathione, a strong antioxidant 

e Removes excess heavy metals, helps to burn fat 
e Increases muscle growth 

e Breaks down mucus in the respiratory tract 

e __ Useful for burn and wound healing 

e __ Assists in the supply of insulin 


Glutamic Acid: Glutamic acid is a major neurotransmitter in the brain, so it 
must be avoided as a supplement as it can cause imbalances in susceptible people. 
Monosodium glutamate or MSG (the sodium salt of glutamic acid) is a main 
ingredient of food flavouring added to processed food and is variously labelled as 
hydrolyzed vegetable protein, soy protein extract, yeast extract, beef stock, 
caseinate, or natural flavouring. Evidence shows that it can kill brain cells in 
susceptible individuals. 


e Important for neurotransmission 

e Metabolism of sugars and fats 

e Detoxifies ammonia (when used with glutamine) 
e —_ Together with glucose, is the brain’s principal fuel 


Glutamine: As mentioned, glutamine is a principle source of energy, especially 
for the brain, and helps to regenerate the intestinal wall. With lack of energy and 
difficulty gaining weight (as in advanced cancer), 10 g or more can be used daily in 
divided doses. 


e Provides about 80 percent of the body’s pool of free nitrogen 


e Reduces cravings for sugar, alcohol, and other drugs 
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e Improves absorption of other nutrients, important with inability to gain weight 
(cachexia) 


e Useful with impotence, allergies, senility, fatigue, and peptic ulcers 


e Converted in the brain to glutamic acid and to GABA, both of which act as 
neurotransmitters 


Glycine: This is the simplest amino acid. It has a sweet taste and acts as a 
nitrogen pool for the synthesis of other amino compounds. 


e Prevents or slows muscle degeneration 

e Needed for a healthy prostate 

e __ Aids central nervous system functions 

e Useful in epilepsy and depression 

e Important for immune system, building block for nonessential amino acids 


Histidine: Histidine dilates blood vessels, lowers blood pressure, and chelates 
minerals. It is an amino acid of special importance to the developing infant. 


e —_ Helpful for tissue growth and repair 

e — Important for digestion and ulcer healing 

e Controls gastric acidity 

e Important for production of red and white blood cells 
e __ Possible benefits in rheumatoid arthritis 


Isoleucine: An essential amino acid and one of three branch-chain amino 
acids (BCAAs), which form an essential part of muscle tissue protein. 


e Needed for haemoglobin production 
e — Stabilizes blood sugar and energy levels 


Note: Use in combination with leucine and valine; deficiency of isoleucine can 
produce hypoglycaemia-like symptoms. 


Leucine: An essential branch-chain amino acid (BCAA) important in muscle 
protein. 


e Lowers elevated blood sugar levels 
e — Promotes healing of bone, skin, and muscle tissue 


Note: Use with correct balance of isoleucine and valine; excessive amounts 
can produce hypoglycaemia. 


Lysine: An essential amino acid that must be derived from the diet. 
e Essential building block for all protein 
e Needed for proper growth and bone development in children 
e __ Helps calcium absorption 


e Maintains nitrogen balance 
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e Effective against cold sores and herpes viruses, possibly also beneficial with 
other viruses 


e Increases antibody production 
e Needed for collagen production 
e Helps to build muscle 

e Lowers serum triglycerides 


e __ Deficiency results in loss of energy, inability to concentrate, irritability, retarded 
growth, and hair los 


Methionine: This is an essential sulphur amino acid that must be obtained 
from the diet. Supplementation can be harmful with an existing vitamin B6 deficiency, 
so therefore use both at the same time. 


e Needed for the metabolism of fat 

e —_ Aids in liver detoxification 

e __ Involved in the synthesis of the amino acids cysteine and taurine 
e __ Helps to reduce effects of chemical sensitivities 

e _ Aids digestive processes 

e —_ Involved in production of choline 


Ornithine: Ornithine is helpful with insomnia, possibly by removing ammonia 
from the brain. 


e Helps release growth hormone 

e Needed for immune system function 
e Promotes healing 

e Detoxifies ammonia 


Phenylalanine: An essential amino acid, D- or D,L-phenylalanine can be used 
for long-acting pain relief. Do not use during pregnancy or with anxiety attacks, high 
blood pressure, or phenylketonuria (PKU). 


e __ Used in treatment of depression 
e Essential for the production of neurotransmitters 
e Involved in the formation of the skin pigment melanin 


Taurine: Taurine is a sulphur amino acid and a main component of bile salts, 
essential for fat absorption. 


e Promotes emulsifying and absorbing fats 

e Helps regulate rhythm and mineral concentrations in the heart 

e An inhibitory (sedating) neurotransmitter, helps with epilepsy 
Threonine: This is one of the essential amino acids. 


e Maintains protein balance 
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e Needed for the formation of collagen and elastine 
e _ Aids the liver and fat metabolism 
e Helps control epilepsy 
Tryptophan: This is another essential amino acid. 
e Important for the production of the vitamin niacin or niacinamide 
e Helps prevent insomnia and elevates mood 
e Controls hyperactivity in children 
e Needed for production of serotonin and melatonin 


Tyrosine: Tyrosine is the precursor of stimulating neurotransmitters and 
hormones, in particular adrenaline, dopamine, and thyroxin. 


e Involved in the production of melanin pigment of skin and hair 
e Important for adrenal, thyroid, and pituitary gland function 

e Helps control appetite and body fat levels; is an antidepressant 
e May assist during withdrawal from addictive drugs 


e Provides raw material for the synthesis of epinephrine (adrenaline) and 
dopamine 


Valine: This is an essential amino acid in muscle protein. 
e Important for muscle tissue maintenance and muscle coordination 


e Stimulates and promotes mental vigor 
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Step 26 
DIGESTIVE ENZYMES 


These vital substances are needed for digestion, 
but poor diet and cooking practices can deplete your supply. 


Digestive enzymes are released from our digestive organs in order to break 
down food into molecules small enough for it to be absorbed. Deficiencies of 
digestive enzymes are widespread and are caused mainly by overeating, eating too 
much cooked food, food allergies, and incorrect food combining. Virtually all elderly 
people and those with chronic degenerative diseases and allergies have digestive 
enzyme deficiencies. 


The enzymes in raw and fermented foods help in the digestive process but are 
destroyed by temperatures over 120° F. Further, many heated proteins become 
difficult to digest and you may need more digestive enzymes to handle them. Some 
raw seeds, soybeans, broad beans, wheatgerm, and nuts contain enzyme inhibitors, 
but sprouting and cooking inactivates these. 


In light of this, make a deliberate effort to improve the enzyme content and 
digestibility of your food. If you are in a state of chronically lowered health, it will be 
very helpful to use enzyme supplements. This is essential in the case of cancer and 
other advanced degenerative diseases and also if you have allergies, unless you are 
already on a predominantly raw food diet. 


Most important are the pancreatic enzymes, known collectively as pancreatin 
and available as a supplement under various brand names. For serious diseases, 
take 4000 to 5000 mg of pancreatin in divided doses in the course of each meal. One 
tablet may contain 1200 or 1600 mg of pancreatin; this is sometimes also described 
as pancreatin 4NF and if so take 300 or 400 mg of it. In addition, you can take one or 
two tablets of an enzyme combination containing papain, bromelain, pepsin, or bile. 
Pepsin is indicated for protein foods if the stomach is weak, while bile is helpful if 
there is a problem with fat absorption. Papain and bromelain help protein digestion. 


In the case of degenerative diseases and advancing age, gastric acid is often 
deficient. If so, you can take hydrochloric acid—pepsin tablets, especially when eating 
cooked protein meals. Alternatively, dilute one part commercial diluted hydrochloric 
acid (usually 20 percent) with nine parts water. Mix one teaspoon (use plastic) of this 
with meals or drink with fluids after a meal. As a rule, additional enzymes are not 
needed with uncooked meals. 


However, digestive enzyme supplements are not required if protein-digesting 
enzymes can be obtained from food, such as bromelain from pineapples or papain 
from unheated leaves or flowers or unripe fruit of papaya. Ripe kiwi fruit is a good 
source of enzymes. Use any of these with protein meals. You can also predigest 
meat, fish, or other protein food by refrigerating it overnight wrapped or mixed with 
papaya leaf. 
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Step 27 
NUTRITIONAL SUPPLEMENTS 


Concentrated nutrients in pill form can shore up nutritional 
deficiencies and build optimal health. 


Most individuals on conventional diets with much refined and processed foods 
have either outright nutrient deficiencies or shortages of various vitamins, minerals, 
enzymes, and hormones. Generally, our intake of essential nutrients is less than 
optimal, making us susceptible to disease. Deficiencies are even more widespread in 
those who already suffer an acute or chronic disease. Sometimes individuals have 
had to suffer for years and have had high medical expenses for conventional 
treatments when a few nutritional supplements could likely have corrected the 
problems. 


Supplements are most important for individuals with nutrient malabsorption and 
for those who still use processed and refined foods as part of their diet or who cannot 
regularly obtain vegetables and fruit grown organically in good soil. The more serious 
the disease or health deterioration, the more supplements are likely to be beneficial 
and the greater should be the dosages and range of supplements taken. 


Calcium supplements are commonly used with conventional diets and yet many 
people are apprehensive of obtaining sufficient calcium when abstaining from milk 
products. This concern is unfounded. Calcium is not well absorbed from cow’s milk, 
as can be seen in the high incidence of osteoporosis developing in people on 
conventional Western diets and the fact this is not a problem in milk-free Asian 
countries. Vegetables and sprouted and fermented seeds are high in usable calcium; 
the calcium content in juice from cereal grasses is higher than in milk as, after all, 
cows obtain their calcium from grasses in the first place. 


Similar considerations apply to iron, which can easily become harmful as an 
inorganic supplement. Much more widespread and detrimental than calcium and iron 
deficiencies are deficiencies in chromium, magnesium, manganese, selenium, and 
zinc. 


Many supplements are actually concentrated health foods, but taking these is 
not the same as the “pill-popping” of medical drugs. While | believe that supplements 
are unnecessary if one is healthy and lives on a high quality diet in an unpolluted 
environment, | know that it is difficult to remain healthy in present times and even 
more difficult to heal an “incurable” disease. Carefully selected supplements can 
make a great difference in these endeavours, especially for those who are just 
starting to improve their diet. 


| am not in favour of using multivitamin tablets as they often contain synthetic 
forms of vitamins A, D, and E and beta-carotene. Instead, if required, it is better to 
use a low-potency B-complex in addition to vitamin C and cod-liver oil or halibut-liver 
oil capsules. Mineral supplements are often more important than vitamins and can 
contain approximately 15 mg zinc, 5 mg manganese, 100 to 200 mcg selenium, 200 
mcg chromium, 500 mg magnesium, and up to twice this amount of calcium if one’s 
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blood pressure is low. Much higher doses, especially of selected vitamins, can be 
used where indicated for therapeutic effects. 


In addition, you can use general supplements to increase your overall well- 
being and vitality. Of special benefit for those lacking energy are ginseng, coenzyme 
Q10, royal jelly, and freeze-dried liver. Bee pollen and spirulina or chlorella are my 
favourites. 


As mentioned earlier, digestive enzymes and hydrochloric acid supplements 
can help those with weak digestion. For those in conditions of debility, amino acid 
and nucleic acid supplements can help, the most helpful amino acids being lysine, 
tyrosine, methionine, and glutamine. 


Many supplements such as royal jelly, vitamin B12, and the freeze-dried animal 
glands are much more effective if partly absorbed under the tongue, chewed lightly, 
and kept in the mouth for as long as possible. 


Lecithin is beneficial for most individuals, and you can mix a teaspoonful with 
meals or with ground linseed (flaxseed). Omega-3 essential fatty acids are 
universally indicated for which linseed oil or cod-liver oil and other fish oils can be 
taken; if malabsorption is a problem, the oil can be rubbed into the skin. These oils 
help to reduce inflammation, pain, and allergic swellings. On a diet low in iodized salt 
and seafood, we can become iodine deficient; kelp tablets or granules are excellent 
for supplying iodine as well as many other minerals. With infections, use high levels 
of vitamins C, A, and E, zinc, bee propolis, and echinacea. 


Sulphur compounds, as mentioned earlier, detoxify and remove from the body 
heavy metals, harmful chemicals, and drugs; MSM is especially good for this. 
Sulphur is also a main component of connective tissue, so supplementation is 
beneficial with all connective tissue diseases (for example, arthritis). Even simply 
taking powdered sulphur has been shown to increase the formation of useful sulphur 
compounds. You can take a gelatine capsule filled with sulphur once a day or mix a 
pinch of it into each meal. The main sulphur amino acids are taurine, L-cysteine, and 
L-methionine; the main sulphur foods are egg and onion. 


Generally, gradually increase and decrease high levels of supplements, 
especially vitamins, and interrupt or greatly reduce supplement intake during fasting 
or cleansing periods. Most vitamin-mineral supplements are best absorbed and 
cause less gastrointestinal irritation if mixed with the meal as powders, crushed 
tablets, or opened capsules. The next best way is to take tablets near the middle of 
the meal and avoid slow-release tablets. However, take amino acids before the meal: 
this applies also to calcium as it is not well absorbed and tends to form insoluble 
combinations (soaps) with fatty acids during digestion. 


Organic or Natural Versus Inorganic or Synthetic: There is some confusion 
about the importance and meaning of natural or organic versus synthetic or inorganic 
minerals. In food production, “organic” means that food has been grown, produced, 
stored, and processed without the use of synthetic chemicals. However, in chemistry 
“organic” means that a chemical is based on carbon and has covalent bonds; 
“inorganic” means that a chemical is not based on carbon and has ionic bonds. 


Some inorganic chemicals, such as sodium chloride, magnesium chloride, and 
calcium chloride, are ingredients of natural and organic foods and are also essential 
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components of our body. Calcium in our blood plasma, for instance, is about half in 
ionized form while the other half is bound to proteins. In this way, taking some 
minerals in inorganic form can rectify ionic deficiencies of these minerals. 


Further, a healthy intestinal flora can transform inorganic into organic minerals, 
while inorganic minerals taken with gelatine or fresh green vegetable juice can easily 
be incorporated into organic structures. This is of special importance with some of 
the trace minerals. Even so, it is safer to use these directly in organic form, best 
obtained from fresh, organic vegetable and grass juice, mineral-rich food or plant 
concentrates, or, alternatively, safely bound to amino acids or as stable complexes 
such as copper and zinc salicylate. 


However, there is a downside to routinely adding inorganic minerals, such as 
table salt, to our food. We may use concentrations that are too high and irritate the 
intestinal wall, and we may also cause mineral imbalances. Therefore, use not only 
the right concentrations but the right combinations of ingredients in your 
supplements. It is much easier to get this right by using natural foods. Of course, the 
main reason we use supplements is because commercial food has inadequate 
mineral content; even in much of organically raised food, the mineral content is not 
as high as it might be. 


Another way of making minerals safer and more effective is by using them in 
colloidal form. In this way, even tiny clusters of metal atoms can be safely and 
beneficially ingested. Colloidal mineral products are commercially available, made 
from ancient decomposed plant material. Also beneficial is the intake of minerals 
present in energized water. 


After sufficient health improvement, you may feel that you no longer need most 
nutritional supplements. With a good maintenance diet, | recommend continuing 
indefinitely to use the following health foods, or equivalent ones: several teaspoons 
each of bee pollen, ground linseed, and spirulina or chlorella; half a teaspoon of kelp; 
and one tablespoon of cod-liver oil (emulsified with lecithin and fresh juice); also 
some lecithin and magnesium chloride with meals will be helpful. 


Selection of Vitamin Supplements: Commercial growing and processing and 
traditional Western cooking methods usually reduce the vitamin and mineral content 
of foods to only a fraction of that found in fresh, raw, organically grown foods. As an 
example, methyl bromide, a widely used fumigant for grains, destroys all the 
pantothenic acid (a B vitamin) in cereal grains. 


Unfortunately, these days many vitamins (especially vitamin C and the B 
vitamins) are not available in sufficient amounts in foods or natural supplements, and 
synthetic supplements are often necessary in order to improve or maintain our 
health. Vitamins available as natural concentrates (A, D, and E) should be avoided in 
synthetic form. Natural vitamin E is d-alpha tocopherol; the synthetic form is dl-alpha 
tocopherol. Highly recommended is vitamin E complex as mixed tocopherols. 


Store vitamin supplements in a dry, cool, and dark place. Oil-filled capsules 
should be taken during a meal containing oily or fatty foods and lecithin. However, 
many individuals most in need of these vitamins have absorption problems and for 
them oil-filled capsules are not suitable. Therefore, | generally recommend using 
tablets of natural vitamin E rather than oil-filled capsules. If in doubt about your 
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digestive abilities, take a halibut oil or other fish oil as a capsule at bedtime and keep 
it in the mouth to be slowly absorbed overnight. Other-wise, take all supplements 
during meals or mixed with food. Small amounts with several meals are better 
absorbed than a large amount in a single dose. 


Some tablets have beta-carotene substituted for vitamin A. However, many 
individuals have difficulty in absorbing beta-carotene and converting it into vitamin A. 
Therefore, use tablets that contain real vitamin A and not -vitamin-A equivalents of 
beta-carotene. 


Chewing vitamin and mineral supplements together with food produces much 

better results than just swallowing them. Appreciable amounts of vitamin B12 can be 
absorbed by keeping a tablet under the tongue, even if it cannot be absorbed in the 
stomach because of a lack of “intrinsic factor’ (a substance usually present in the 
stomach that is involved in the absorption of vitamin B12). 
If there are signs of increased requirements for individual nutrients, use these 
together with a B-complex supplement. In most conditions involving lack of energy, 
debility, anemia, low blood pressure, and chronic degenerative diseases, initial 
injections and later mouth-absorbed tablets of vitamin B12 (1000 mcg daily) are very 
helpful. 


The acid form of vitamin C (ascorbic acid) can be taken with protein meals, 
especially if your system is too alkaline or lacking in gastric acid. If regularly taking 
more than 3 to 5 g per day of vitamin C, those with high blood pressure can partly 
neutralize the ascorbic acid with an equal amount of milk of magnesia, or with one- 
third the amount of potassium bicarbonate or magnesium carbonate. With low blood 
pressure and possible overacidity, take calcium ascorbate instead. 


Antioxidants are of greatest importance for minimizing oxidative tissue damage 
and, with this, for avoiding diseases and delaying aging. In a more recent 
development, a high intake of antioxidants has also been found to be crucial in 
preventing and overcoming viral infections. The major antioxidants include the 
vitamins A, C, and E, the minerals selenium and zinc as components of antioxidant 
enzyme systems, the plant pigments beta-carotene, bioflavo-noids, and 
anthocyanins, as well as phenols and catechols in grape seed extract, green tea, and 
generally in coloured fruit and vegetables. Other powerful antioxidants are alpha- 
lipoic acid and negative hydrogen as in Microhydrin or electrolytic reduced water 
(ERW) produced with water ionizers. Whether you take antioxidants as supplements 
or as part of a high-quality diet, make sure you get plenty. 


Are Nutritional Supplements Dangerous?: Generally, health authorities 
promote pharmaceutical drugs as beneficial and natural remedies as harmful. They 
tend to call natural remedies “drugs,” and the view has been put forward that 
synthetic nutrients are the same as natural ones. Research results using synthetic 
products, such as vitamins A, D, E, or beta-carotene, with negative or harmful 
outcomes are then used as “scientific proof’ that natural remedies are either useless 
or dangerous. 


While numerous trials have shown significant health benefits for individuals with 
higher levels of beta-carotene in their blood, clinical trials with synthetic beta- 
carotene and synthetic vitamin E have shown increased rates of death due to cancer. 
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Vitamin A has been portrayed as the most “dangerous” supplement, largely 
based on studies with synthetic vitamin A. There are dire warnings that it can cause 
death in amounts higher than the RDA (5000 IU). However, many people take 25,000 
IU or more daily without problems, and as far as | can ascertain, there has never 
been a death recorded due to vitamin A supplements in the U.S. in the 60 years that 
these have been in use. There appears to be only one recorded death in all the 
scientific literature, that of a chemist in England in the 1950s who ingested two million 
IU daily of retinyl acetate for three months and died of liver cirrhosis.13 


| am not aware of any pharmaceutical drug having such a good safety record 
as that. Even one of the safest drugs, aspirin, has been stated to cause about 100 
deaths a year, and many more cases than that of toxicity.14 In comparison the 
reported cases of (usually easily reversible) vitamin A toxicity in the U.S. are typically 
five per year.15 


Similar unfounded attacks have been made against vitamins C and E. For more 
detailed information on this subject, see the website of the Life Extension Foundation 
(www.lef.org); for articles on megavitamin therapy; also see www.doctoryourself.com. 


Imagine the mass media frenzy if there were actually some fatalities due to 
vitamin A. Yet there is no concern at all about thousands of patients dying, in my 
view unnecessarily, due to prescription drugs. In the public, the perception has been 
generated that fatalities due to prescription drugs are a small price to pay for their 
overall benefit. This benefit has never been shown in the long term. Drug approval is 
based on short-term trials, and only by accident does the truth of long-term harm 
occasionally emerge, as in the case of hormone-replacement therapy. | believe that 
in the long term all drugs become a burden on the liver or kidneys by increasing our 
load of toxic chemicals and may accelerate our health deterioration. Therefore, with 
any health problem, inform yourself about all available options. 
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Step 28 
HERBS 


You may benefit from using herbal remedies instead of pharmaceutical drugs. 


Herbs are not completely harmless, but damage due to commonly used herbs 
is extremely rare, while the benefits are usually genuine and lasting. In contrast to 
culinary herbs, medicinal herbs should be used on a long-term basis only if there is a 
clinical reason and not just in case they might do some good. (Herbs for a wide range 
of health problems are discussed in part 6.) Here | will discuss a few herbs for some 
common conditions and show how the application can be particularly important on 
your road to better health. 


General Herbal Remedies: A good combination to cleanse the gastrointestinal 
tract is a mixture of chillies and ginger root. Blend or crush both in lemon juice and 
olive oil and refrigerate, then use this as a salad dressing or for flavouring meals. Use 
an amount that is hot but not uncomfortable. Gradually increase your intake to just 
below your tolerance level for several weeks; then you can continue to use it in 
normal amounts for flavouring your food. With serious infections, inflammations, or 
cancer of the gastrointestinal tract, you can also add fresh garlic to this until the 
problem is overcome. 


Peppermint tea is especially good to stimulate the digestion and uplift the spirit, 
while slippery elm powder soothes the digestive tract. Sage is highly esteemed. 
An ancient saying goes: “Why die [of a disease] when sage grows in your garden?” 
It can be prepared by adding two teaspoons of dried sage to one pint of boiling water; 
after three minutes, remove it from the heat and let it draw for another ten minutes. 
Sage can be combined with other herbs. Fragrant or leaf herbs such as peppermint 
or St. John’s Wort can be added while the herbs steep. St. John’s Wort is effective 
against depression. 


The immune system can be strengthened with echinacea, propolis, European 
mistletoe (Viscum album), Easter lily, and reishi and other Asian mushrooms. 
Echinacea can be added to all other herb combinations. However, there are some 
research findings that echinacea can cause problems if taken uninterruptedly for 
several months, so it may be advisable to interrupt its use after a month and then to 
take it again a few weeks later. 


Wormwood and garlic are excellent against all kinds of parasites as well as the 
yeast Candida albicans. A combination of goldenseal, ginger, and slippery elm 
powder is good for gastrointestinal inflammations and multiple sclerosis. Ginger is 
also good against motion sickness. In addition to being an excellent wound healer, 
comfrey is a good detoxifier; you can drink a cupful of comfrey tea two or three times 
a week. 


To aid digestion, it is generally beneficial to drink half a cup of bitter herb tea 
after a large or cooked meal. Suitable herbs here are centaury, dandelion (not 
roasted), devil's claw, and gentian; these also help to restore liver function. With any 
lung conditions, including lung cancer, have a daily steam inhalation (with a towel 
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over the head) of hot chamomile tea, possibly with the addition of eucalyptus or tea 
tree oil or crushed onion. 


Maca is a root vegetable from the Peruvian Andes, and | regard it as the best 
remedy for balancing the endocrine glands and hormone system. It appears to act 
directly on the hypothalamus and pituitary systems to regulate the thyroid, adrenals, 
and sex glands. It is often effective with underactive thyroid, as an alternative to 
hormone replacement therapy and hysterectomy, for age-related decline in the 
production of sex hormones, and with general lack of energy. An average daily intake 
is about 10 g, but start with less. 


Licorice, too, has some effect on sex hormones but is most useful as a 
stimulant of adrenal function. With this, it can raise low blood pressure and energy 
levels and is useful for chronic fatigue syndrome, peptic ulcers, skin inflammations, 
and HIV/AIDS; it also increases pancreatic secretions. However, it causes retention 
of sodium and low potassium levels and should not be used with high blood pressure 
or kidney disease, or during pregnancy. The normal therapeutic range is from 2 - 6g 
daily. 


Anticancer Herbs: Many herbs are useful in cancer treatment, mostly in a 
supportive role but sometimes as a main therapy. Frequently used are aloe vera (as 
juice or gel), chaparral, pau d’arco, red clover, and violet leaves. Wormwood and pau 
d’arco in sufficiently large amounts are especially beneficial by eliminating the fungal 
forms of the cancer microbe. Vinca rosea, a periwinkle, has an active ingredient that 
has been used in chemotherapy against leukaemia. 


Milk thistle and bitter herbs, such as burdock, greater celandine, centaury, 
dandelion leaves and root, devil’s claw, and gentian, help stimulate the liver and 
release bile. Celandine or greater celandine inhibits division of cancer cells and 
stimulates the immune system; an extract for injection is available as Ukrain. Also 
useful are leaves of the tropical grariola tree, commonly known as soursop. 


Root herbs, such as the bitter liver herbs, need to be simmered for about half 
an hour, while leaves or flowers need to simmer or steep for only five minutes. 
For the after-effects of radiation, wild crane’s bill (Geranium robertianum) is helpful. 
With lung cancer use also horehound, lobelia, mullein, and St. John’s Wort. 
Pimpernel is used partly to gargle and partly to drink in spoonful amounts for cancer 
of the mouth, throat, and neck glands. 


Mistletoe is especially good for leukaemia and is often used as the 
Anthroposophic medicine Iscador or Plenosol for injection near tumours and swollen 
lymph glands. With prostate cancer, use also saw palmetto and/or willow herb 
(Epilobium, mainly parviflorum). With leukaemia, especially use herbs to strengthen 
the immune system. 


Licorice root, taken in typical doses of 500 to 1000 mg, is _ strongly 
recommended instead of Tamoxifen with all estrogen-related cancers, as it blocks 
the growth-stimulating properties of estrogen. It also promotes anti-inflammatory 
adrenal hormones. However, it tends to keep sodium in the body while potassium is 
expelled. Therefore, minimize sodium and maximize potassium intake by consuming 
plenty of vegetable juices; do not use licorice root if your blood pressure is 
dangerously high or with obvious water retention. 
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You can select a range of these herbs that are suitable for your condition or 
that are locally available and use them as your special herb mixture. Alternatively or 
in addition, you can use a commercially available anticancer herb mixture. Best 
known are the Jason Winter’s mixture, Hoxsey herbs, and Ojibway Indian Tea or 
Essiac (sheep sorrel, burdock root, slippery elm, and rhubarb root). 


The Hoxsey mixture must generally be made up individually, but a local 
herbalist should be able to do it. The exact quantities are kept secret and may vary, 
but an independent analysis revealed the following quantities in 5 ml of the Hoxsey 
tonic: potassium iodide (150 mg), Stillingia root (10 mg), burdock root (10 mg), red 
clover (20 mg), buckthorn bark (20 mg), berberis root (10 mg), pokeroot (10 mg), 
prickly ash bark (5 mg), liquorice (20 mg), and Cascara amarga (5 mg). Cascara 
amarga is difficult to obtain, and the mixture can be made without it. It belongs to the 
buckthorn family and is also Known as Honduras bark or Picramnia antidesma. This 
tonic is sold by the Hoxsey Clinic,16 while individual preparations commonly consist 
of a dried herb mixture, which is used as a tea. 


CAUTION: Aloe Vera: Aloe vera is excellent for all skin conditions and 
Use herbs for cancer | beneficial in the treatment of cancer, AIDS, and other 
treatment only in | infectious diseases. It is also good for gastrointestinal 
consultation with a | irritation, inflammation, and ulcers. However, not all 
credentialed health | commercial brands of aloe on the market are effective. If 
practitioner. : : f ; : 
nothing seems to be happening with the aloe you're using, 





try another brand. 


Preferably use fresh aloe vera gel straight from the plant, as much as you can 
take without getting diarrhea. Slice off the green skin and ingest just the gel, but you 
can also blend a small whole leaf with fruit juice or other flavouring. For wounds, it is 
usually better to slice part of a leaf in half and leave the skin on top. Normally avoid 
the base of the leaf with its yellow sap, as this is a strong irritant and laxative. Aloe 
vera is most beneficial for those with blood group A; for those with other blood 
groups, check for compatibility or observe effects. 
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Step 29 
HOMEOPATHY 


Homeopathic remedies are effective, and you can even make them yourself. 


Homeopathy is a system of medicine based on the principle that “like cures 
like.” A substance that produces disease-like symptoms in healthy people will in 
properly diluted and potentized form cure a sick person with similar symptoms. For 
example, straight onion juice will cause watering, irritated eyes and sneezing, but in 
the highly diluted and potentized homeopathic form of onion (Allium cepa), it is useful 
in relieving symptoms of eye and nose irritation, as in hay fever. Clinical trials and the 
empirical evidence of two centuries of daily use show that homeopathy is effective, 
even though conventional scientists are at a loss to understand how this is possible. 


This is because homeopathy cannot be understood as a substance-based 
method, such as pharmaceutical medicine or herbalism, in which healing effects 
appear to be due to chemical actions and reactions. A simple calculation shows that 
in the higher potencies not a single molecule of the original substance is present. But 
these high potencies are often more effective than low potencies. Therefore, 
homeopathy can only be understood as a system that works with energy remedies. 


The explanation is that every natural substance has an etheric or subtle energy 
field around its molecular structure. The special shaking action or potentising used in 
homeopathy separates the etheric fields from their material substance. The latter is 
then discarded and the former concentrated. These concentrated etheric fields are 
much more potent in this way than when they were combined with matter. Similar 
etheric concentrates can be produced with radionics instruments. The healing effect 
of such concentrates depends on their vibrational frequency; due to this the term 
“vibrational medicine” has been coined for these methods. 


A homeopathic medicine’s sphere of curative action is originally found by 
administering it in high doses to healthy human volunteers and recording their 
emotional, pathological, and physiological reactions to the medicine. This test is 
called a proving, and hundreds of substances have been proved or tested in this 
way. 


Consequently, homeopathic remedies are effective over the whole range of 
mental and physical disorders. Most homeopathic medicines are made from plants, 
minerals, animals, or chemicals; remedies from human disease microbes are called 
nosodes. Sometimes a product of a disease is used in potentized form for treating 
the same disease; this method is called isopathy. 


Homeopaths may use the classical approach or practice clinical homeopathy. 
The classical approach is to use only one dose of one remedy at a time and another 
dose or remedy later only if effects of the previous remedy have worn off. More 
commonly used, clinical homeopathy prescribes several remedies in combination to 
be taken several times daily. 


Use Your Own Body Fluids: While for general treatment of common 
symptoms it is more convenient to use established homeopathic remedies, to 
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overcome obstinate individual problems it is frequently more effective to prepare 
remedies from your own body fluids. This a form of isopathy known as auto-therapy. 


Urine, for example, contains traces of almost all body chemicals, such as 
enzymes and hormones, as well as foreign and toxic substances and viruses. A 
properly diluted sample of your urine can initiate the correction of all unbalanced, 
unnatural body chemistry. This, then, is an excellent way to improve the balance of 
your glandular system, which is difficult to influence directly by any other method. 


Other body fluids that can be used are a drop of diluted blood to treat blood 
disorders; diluted pus if there is an infected wound or a boil; sputum for mouth and 
throat disorders; tears for eye problems; faeces for intestinal diseases; ear discharge 
for ear diseases; and so on. Apart from balancing gland activities and general body 
chemistry, this method is known to be very effective in stimulating the body’s immune 
system, which is essential in combating cancer and other degenerative diseases. 


How to Prepare Your Own Remedies: To prepare remedies from your own 
body fluids, dilute a small sample of the selected fluid 1:100 with pure water. This 
means one part sample and 99 parts water, for instance, one teaspoon of sample 
and 99 teaspoons of water. The water should be purified, that is, distilled or filtered. 


Shake the mixture vigorously 40 or 50 times in a sealed bottle or jar, 
accentuating the downward stroke. Alternatively, strike the mixing bottle (not glass) 
40 to 50 times on a resilient surface. This sample is now in the first potency, 
described as 1C. Take one part of this, dilute it again with 99 parts water, shake as 
previously, and you have a potency of 2C. This process is repeated until the desired 
potency is reached. 


If dilution proceeds in steps of 1:10 instead of 1:100, the first potency is 1X, the 
second 2X, and so on. A potency of 12X corresponds in dilution strength to 6C. 
However, the number of potencies as well as the overall dilution are important for the 
quality of a remedy. Start using your own diseased body fluids at a potency of 12C. If 
this does not bring an improvement after some time, experiment with higher and 
lower potencies. However, use urine in 6X potency and start foods to which you may 
be allergic at 4X before increasing in steps to 5X and 6X. Important: Use remedies 
made of your own body products only for yourself, not for anyone else. 


To produce your own remedies from herbs, make a “mother tincture” by 
soaking a fresh or dried sample in high-grade alcohol, vodka, or brandy. After a week 
or two, dilute part of the mother tincture as previously described, but for the first 1:10 
dilution use half alcohol and half water. With this technique, you need to buy a 
specific commercial tincture only once. If the bottle is almost empty, dilute its 
contents with either 9 parts or 99 parts water-alcohol mixture and shake for some 
time. 


You might also try a combination of homeopathy and herbalism. Herbs often 
seem to be more effective when used as low-potency homeo-pathic remedies. In this 
way any undesirable side effects of concentrated herbs are lessened, while specific 
healing effects, especially cleansing actions, are greatly strengthened. You can 
experiment by potentising one part of an unheated herbal extract or tincture with four 
or nine parts water. 
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If you use a strong mother tincture of a potent herb, start by taking only one or 
two drops several times daily; keep them in the mouth for a while, and increase the 
dose gradually over time. If the extract is weak or of a harmless herb, then take 
spoonfuls or even a cupful at a time. You can make a watery extract of fresh or dried 
herbs in a blender, or better, by shaking the powdered or pureed herb in water. 
Alternatively, you can make a tincture by keeping the herbs covered with alcohol or 
glycerine in a jar for several days. 


If the remedy is to be stored for more than a few days, use a mixture of half 
vodka or brandy and half water for the last step. This gives the solution an alcohol 
content of about 30 percent and will prevent the growth of bacteria and fungi. 
Alternatively, keep the remedy cold, but not in an electric refrigerator as the remedy 
can lose its effectiveness due to exposure to the strong electromagnetic field of the 
refrigerator. 


How to Take Your Remedies: Take homeopathic remedies with a clean 
mouth, meaning free of food; the best times are before meals (about 30 minutes) and 
at bedtime. The usual dose is three to five drops in a little water (about two ounces) 
sipped slowly over five minutes. Alternatively, you can place three drops in a little 
water under the tongue. Generally, take one dose four times daily; for chronic 
conditions, twice daily; for severe or acute conditions, every ten minutes until some 
improvement is noted, then reduce the frequency. If the patient cannot swallow, 
moisten the inside of the lips and the tongue with the remedy. Try not to have the 
remedy come in contact with metal, use a plastic rather than metal spoon, and avoid 
strongly scented or aromatic drinks and toothpastes, as these may cancel out the 
remedy. 


If a reaction to the remedy is noted (sometimes as a temporary aggravation of 
symptoms), this is a sign that the correct remedy was selected, but wait until the 
reaction has subsided before giving the next dose. Any overdose of homeopathic 
remedies is usually harmless, although in sensitive individuals, there is the risk of 
proving the remedy—getting the symptoms it is supposed to relieve. Store 
homeopathic remedies protected from heat and light, as well as away from magnets 
and strong electromagnetic fields. For best results, you should not change remedies 
too frequently. 


If pellets are used, do not touch them, but shake a tablet into the bottle cap and 
from there directly into the mouth; keep it under the tongue until it dissolves. 
Generally, however, it is not recommended to use homeopathic remedies in tablet 
form (usually as sugar pills) because of the possibility of intolerance to lactose or 
sucrose. This is accentuated by keeping the tablets in the mouth, which provokes 
stronger allergic reactions than swallowing them does; however, swallowing is not 
desirable for homeopathic remedies as they are primarily absorbed in the mouth. 


For detailed descriptions of homeopathic remedies and their range of action, 
see the Pocket Manual of Homeopathic Materia Medica with Repertory by William 
Boericke. 


Which Potency to Use: The most commonly used potencies are 6X, 12X, 
12C, 30C, 200C, I000C (M), |0OOM (CM), 500M (DM), and 1000M (MM). Sometimes 
the letter C is omitted, and 30 and 200 are used instead of 30C and 200C. In Europe, 
D is used instead of X. After selecting the correct remedy according to your 
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symptoms, it is important to choose the correct potency as well. A general rule is that 
the lower potencies affect mainly physical symptoms while the high potencies work at 
the mental and emotional energy levels. The high-potency remedies can be used 
only once a day or once a week or after any reaction has subsided. 


For a long-standing problem, you can start using a low-potency remedy, say 
12X; after a week or two, use 30C, then 200C, and afterwards M at intervals. If you 
wish to use potencies closer in strength, try 12X and 30C. You may also be able to 
find the correct potency by using muscle testing or a pendulum. Draw a half-circle on 
which the various potencies are marked and see to which one the pendulum points. 
The M to MM potencies have been used to remove heavy metals from the body 
either after an acute poisoning or from chronic exposure, as in the case of chronic 
mercury poisoning from teeth filled with mercury amalgam. 


In addition to producing low-potency remedies from allergenic foods, you can 
also buy M to MM remedies of foods to which you are allergic. If you have had much 
X-ray treatment, buy and use an X-ray remedy (See www.gdr.org/drrita.html); if you 
are sensitive to electricity, fluorescent lighting, or house dust, use the corresponding 
commercial remedy. However, you can also make these remedies yourself: Expose 
pure water to strong electromagnetic fields or prolonged fluorescent lighting and then 
potentize it, or potentize the contents of the vacuum cleaner. 


Meanwhile, there are commercial remedies for various cancers (for example, 
bowel, lung, stomach) and for bacilli and other infectious agents; there are also 
extracts of glands, such as adrenals and thymus, which can be used to normalize 
glandular functions. 


Combinations of remedies are available for the treatment of a wide range of 
diseases and common complaints. If someone has been bitten by a poisonous 
snake, spider, or other creature, try to obtain some of the poison by crushing the 
head of the insect in water or by sucking some of the poison out of the wound; or use 
some blood from the wound. Make and use a 30C potency. A healing centre might 
establish a collection of potentized remedies of the common poisonous creatures of 
the area. 


Homeopathic Cell Salts: In the late nineteenth century, the German physician 
W. H. Schuessler originated a therapeutic system he called biochemic medicine, 
based on 12 essential cell salts or tissue salts. These are homeopathic preparations 
of mineral salts usually present in the body and commonly used as 6X tablets. The 
main drawback of the tablets is that they are based on lactose, to which many 
individuals are allergic or react to weakly in muscle testing. This weakening factor is 
accentuated by the common practice of keeping the tablets in the mouth until 
dissolved. 


However, for those who should best avoid lactose, the benefits of cell salts can 
be obtained by using cell salts as normal homeopathic tinctures. 


The 12 Schuessler cell salts and their main indications are: 
e Calc. flour: over-relaxed abdominal wall, piles, varicose veins 
e Calc. phos.: anemia, poor circulation, cramps, rheumatism 


e = Calc. sulf.: boils, catarrh, yellow pus, and scabs 
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Your Own Home-Remedies Kit 

The following is a list of 15 basic remedies for home use and as a travel kit. 

ACONITE 30C: Controls feverish symptoms that come on suddenly. Any acute condition in the early stages. 
Aconite is indicated when the patient is frightened and/or worse after dark. 

A.G.E. 30C (ARS. |OD., GELSEMIUM, EUPATOR): A combination remedy for colds and influenza. Contains a 
mineral remedy and two herbal preparations to cover all stages of a cold from early onset to fully developed 
influenza and lingering final stages that will not clear away. One dose fortnightly will reduce the incidence of 
simple colds and influenza. This combination remedy is also useful for apprehensive or fearful states. Use also 
for stomach and bowel upset as well as aching in the bones and headaches that are better after sweating. 
ARNICA 30C: This is the remedy for accidents and shock. It reduces the effects of injury, fatigue, and shock, 
both mental and physical. It is indicated for bruising, broken bones, and blood blisters, also for stroke and heart 
attack, and in cases where the patient fears being approached or touched. 

BELLADONNA 30C: Covers feverish conditions that are more violent than those treated by aconite: red, dry, hot 
painful head and throat symptoms; also indicated for angry outbursts, and for patients whose condition is 
aggravated by light, noise, or jarring. 

CHAMOMILLA 30C: For children during teething or in cases when the patient is irritable. Suitable for stomach 
upsets; indicated for children who improve on being carried. 

COCCULUS 30C: Useful for nausea, vomiting, travel sickness, morning sickness, stomach upsets, and 
exhaustion. 

HYPERICUM 30C: For injuries to nerves and any injury that is more painful than would be expected. Good for 
blows to the head and coccyx, crushed fingers and toes, injuries to lips, ears, or genitals; intolerable violent 
shooting pains along nerves; or lingering pains after injury or surgery. 

HYPERICUM/CALENDULA MOTHER TINCTURE (HYPER-CAL): An antiseptic, use topically (five drops in a 
cup of tepid water) for all external wounds, cuts, and eruptions. This mixture can be used to rinse out the mouth 
after extraction of teeth. Apply to burns and press a pad soaked in this mixture to injuries requiring bandaging; 
use one drop in an eyebath of water for eye irritation. 

IGNATIA 30C: An herbal stress reliever for the effects of bereavement, grief, tension, worry, and fright. It is 
suitable for hypochondria and for real illness when the patient is excessively worried about the condition; it 
promotes sleep when the patient is suffering from sadness or worry. 

LEDUM 30C: Used for puncture wounds, cuts, and stings of insects. Follows arnica for bad bruising, especially 
around the eye; anti-tetanus. Think of ledum for pain of fractures and joints. 

NUX VOMICA 30C: For stomach upsets caused by overeating or indulgence in rich foods, and for the effects of 
too much alcoholic drink, tobacco, or drugs. Indicated for irritability and bad temper and for sleeplessness when 
the mind is crowded with thoughts. Useful in cases when the patient is easily chilled and cannot be uncovered. 


Also for stuffy head colds extending to throat or chest; and sour eructation, sweat, vomit, and bowel movements. 


PULSATILLA 30C: For the effects of rich foods, earache from water in the ear, and measles. Useful for the 
patient who is changeable and weepy, whose pains shift, or who needs open air when the heat of the room or a 
car is unbearable. Indicated for many children’s illnesses when aconite has given limited relief; also for 
menstrual problems. 

RHUS TOX 30C: For simple rheumatism and for strains, sprains, and the effects of overexertion. Useful when 
the patient has been exposed to cold, wet conditions; also when restless and pains are better if the affected part 
is kept in motion. Suitable for influenza not covered by A.G.E. 

RUTA GRAV 30C: Ruta is the best remedy for twisted ankles and sprained wrists. It is excellent for blows to the 
muscles and for injuries to the bones and accidents in which the bone sheath is damaged; it brings relief from 
eyestrain, neuralgia, burning eyes, dim vision, and runny eyes. 

URTICA URENS 30C: For burns, rashes, stings, allergies, and any condition in which burning, stinging pains 
persist. Use for scalds and burns internally when using Hypercal externally. Use urtica for bladder complaints, 
bedwetting, hives, and swollen, painful breasts and genitals. 
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e ~—- Ferr. phos.: inflammations, low fever, anemia, circulation, wounds 
e —_- Kali. mur.: croup, catarrh, and skin diseases with white discharge 
e _ Kali. phos: high fever, paralysis, sepsis, neuralgia, debility 
e _—_ Kali. sulf.: catarrh, skin diseases with watery discharge 
e Mag. phos.: shooting pains, neuralgia, spasms, itching 
e Nat. mur.: constipation or diarrhea, cold hands or feet, drowsiness 
e Nat. phos.: gout and rheumatism, overacidity, blackheads 
e Nat. sulf.: liver and gallbladder diseases, dropsy, migraine 
e —_ Silicea: boils, skin ulcers, nasal catarrh, night sweats, gout 

They may be used individually or in combination. 


Flower Remedies: Flower remedies represent a combination of herbalism and 
homeo-pathy. Their main therapeutic effects are on the emotional level. Best known 
are the Bach flower remedies originated in the 1930s by Dr. Edward Bach, an 
English physician. In recent times, Australian wildflower remedies and Californian 
flower essences have also become available; these are sold mainly in health food 
stores and by various practitioners. 


Flower remedies are best used together with appropriate affirmations. In clinical 
situations, it is recommended to use a standard questionnaire to assess a client’s 
emotional problems to allow a more speedy and accurate selection of the appropriate 
remedies. This information can then be used for other -emotion-directed therapies. 
Of special significance is the Bach Rescue Remedy, which should be part of every 
first-aid kit. Individual flower remedies can be combined for treatment according to 
symptoms. In selecting Bach flower remedies, it is recommended to combine no 
more than six different remedies at one time; however, the composite Rescue 
Remedy can be counted as a single remedy. 


The usual dosage is two to four drops of the composite preparation in a 
teaspoonful (plastic) of water at least four times daily, taken before meals and 
especially as the first and last thing daily. Hold this solution in your mouth and under 
the tongue for some time; store remedies in a cool place. In some cases, flower 
remedies can be taken for long periods for the treatment of chronic illnesses, while 
those for acute (short-term) problems are used only when the problem is noticed. 
These short-term remedies can be changed frequently, according to changing 
moods. 


While the flower remedies are usually selected according to the problems you 
wish to overcome, you can also look at what you wish to achieve, how you wish to 
become. 


For this, you can use the opposite to the descriptions given for the various 
remedies. The keywords for the positive attributes we wish to acquire (the negative 
aspects we wish to overcome are in parentheses) and some of the flower remedies 
indicated are as follows: 


e _Attentiveness (being dreamy): Clematis 
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Reference Guide for the Selection of Bach Flower Remedies 


Agrimony: suffering or worry hidden by smiling face 

Aspen: apprehension, vague fears of unknown origin 

Beech: intolerance, arrogance, tendency to be overcritical 
Centaury: susceptibility to influence and exploitation, weak will, timidity 
Cerato: lack of confidence, doubt, constant requests for advice 
Cherry Plum: uncontrolled temper, desperation, fear of loss of mind 
Chestnut Bud: slowness to learn, lack of observation, repetition of mistakes 
Chicory: possessiveness, self-love, self-pity, attention seeking 
Clematis: indifference, dreaminess, lack of interest 

Crab Apple: feeling of being unclean, shame, self-dislike; the cleanser 
Elm: occasional feelings of inadequacy, too much responsibility 
Gentian: discouragement, self-doubt, negative attitudes, depression 
Gorse: hopelessness, despair, despondency 

Heather: self-centeredness, love of talking, inability to listen 

Holly: envy, suspicion, revenge, hatred, jealousy 

Honeysuckle: living too much in the past, homesickness 
Hornbeam: mental and physical weariness 

Impatiens: impatience, irritability, mental tension 

Larch: lack of confidence, expectation of failure, feeling of inferiority 
Mimulus: fear of Known things, shyness, timidity 

Mustard: deep gloom or depression of unknown cause 

Oak: onward struggle despite despondency/ despair 

Olive: mental and physical exhaustion or weariness 

Pine: self-blame, self-reproach, guilt, false humility 

Red Chestnut: fear and anxiety for others 

Rock Rose: terror, panic, extreme fear 

Rock Water: self-criticism, rigidity, self-denial 

Scleranthus: uncertainty, indecision, hesitation, lack of balance 
Star of Bethlehem: after-effects of shock and trauma 

Sweet Chestnut: extreme anguish, hopeless despair, loss of faith 
Vervain: over-enthusiasm, fanaticism, nervous tension, strain 


Vine: dominance, leadership, craving for power, ambition, inflexibility 


Walnut: helps in changes, link breaking, protects 

Water Violet: aloofness, reserve, pride 

White Chestnut: unwanted persistent thoughts, worry, inner mental arguments 
Wild Oat: dissatisfaction at not having found goal, uncertainty 

Wild Rose: resignation, lack of interest, apathy 

Willow: resentment, bitterness, “not-fair” attitude 


Rescue Remedy (a composite of Cherry Plum, Clematis, Impatiens, Rock Rose, 
and Star of Bethlehem): use for shock, terror, upsets, fright, accidents; give 
frequently in all emergencies; apply externally on wounds. 
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Certainty (indecision): Scleranthus 
Courage (terror): Rock Rose 

Faith (doubt): Gentian 

Humility (pride): Water Violet 
Patience (impatience): Impatiens 
Peace (torment): Agrimony 

Service (self-love): Chicory 
Strength (weakness): Centaury 
Sympathy (fear): Mimulus 
Understanding (fanaticism): Vervain 


Wisdom (foolishness): Cerato 
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Step 30 
COLLOIDAL SILVER, COPPER, ZINC & GOLD 


Use these powerful remedies whenever you have an infection 
or inflammation. 


In contrast to medical antibiotics that can be used only against specific 
microbes, colloidal silver has a wide range of effectiveness, eliminating bacteria as 
well as viruses and fungi. Unlike medical antibiotics, colloidal silver is not known to 
cause undesirable side effects. Colloidal zinc can be especially effective against 
viruses. The colloids of copper and gold, on the other hand, are strong anti- 
inflammatory agents; in addition, copper and zinc can be used chelated (bound) with 
salicylic acid for similar benefits. 


At the start of your health improvement program, you can use colloidal silver to 
cleanse your body of undesirable microbes. With chronic or acute inflammatory 
conditions, experiment with copper and gold. Most diseases and painful conditions 
are associated with inflammations and benefit from anti-inflammatory remedies. A 
zinc-boron-salicylate complex is known as the Schweitzer Formula (see page 165) 
and is not only an anti-inflammatory, but it also generally supports and speeds up 
healing processes. 


Colloidal Silver: Colloidal silver has a long history in medicine as a natural 
antibiotic. It is very effective in killing bacteria, viruses, fungi, parasites, and the 
cancer microbe, and no serious side effects from overdosing have been reported. 


Colloidal silver is commercially available with a common solution strength of 
five silver atoms per million molecules of water, or 5 ppm, but it may be up to 50 ppm 
in very concentrated remedies. However, the size of the colloids may be more 
important than the strength in parts per million. 


Colloid particles can have from ten to 5,000 atoms, and each particle is a 
fighting unit. Therefore, a colloid with the smallest size of particles is 500 times more 
effective than one with the largest size. Further, large colloids are not stable and 
easily fall out and settle at the bottom of the container; they are also not well 
absorbed by the body and not effective against viruses. Therefore, when choosing a 
commercial product or making your own, always aim for 


the smallest particle size. CAUTION: 


Do not use colloidal gold, 

There is no research yet on proper dosage, but it | Silver, copper or zinc if 

will vary according to concentration and particle size. | YOU Suspect that you are 

: : sensitive to them or if 

You can use about one teaspoon three to five times | any unfamiliar symptoms 

daily; try this with any infectious disease or local | arise. If in doubt, seek 
infections; continue until symptoms of the infection | professional advice. 

subside and then continue for a few weeks longer with | | recommend using these 

one teaspoon a day. It is best to keep it in the mouth | remedies only for a 

before swallowing. During the height of the infection, epeclie Migs 2M & 

. limited period, generally 

you can double or triple the above amounts for a few [Ries 

days. At the beginning of your health improvement | months ata time. 
efforts and several times each year, you can take a 
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remedial course of colloidal silver for several weeks to keep down any undesirable 
microbes that have arisen in your body. Have a sip or tablespoonful three times daily. 
Preferably, store colloidal silver in a dark glass bottle in a dark and cool place. 


It is difficult to assess which of the many commercial remedies available work 
best or even which ones work and which do not. Therefore | recommend building 
your own colloidal silver generator (see sidebar). 


Colloids of gold, copper, and zinc are being used experimentally with 
apparently good health results. They all have strong anti-inflammatory properties in 
addition to varying degrees of antimicrobial effects. Furthermore, zinc and copper 
colloids can be expected to help overcome any deficiency symptoms or conditions 
with increased nutrient requirements. Gold, on the other hand, has supposedly 
beneficial effects on the blood circulation and the glandular system. The medical 
psychic Edgar Cayce said that gold and silver, properly used, could almost double 
our present life span. It is not clear what he meant by properly used, but | assume it 
may involve the safe use of either colloids or vibrational medicines. 


If you want to experiment, then you can produce these other colloids in the 
same way as described for silver colloids; use electrodes of copper, zinc, or gold 
instead of silver. The easiest way will be to use some gold coins or strips of copper or 
zinc. No recommendations are available for effective dosages and you will have to 
experiment, starting with small amounts and going long intervals without any colloids. 
Use careful self-observation and preferably muscle testing to assess your body 
reactions; remember you have to take responsibility for these experiments yourself. 


How to Make Your Own Colloidal Silver Generator: 


Commonly three 9-volt batteries are connected in series (positive to negative pole) and an 
insulated wire soldered to each end terminal. To each of the other ends of the wires, 
solder an alligator clip. Use ten inches of pure silver wire, preferably .999 fine, about 14 
gauge or 1.64 mm; sterling silver is only .9275 fine. Cut the silver wire in half and attach to 
the alligator clips. 


Immerse the electrodes about four inches deep in a glass of water. Commonly, colloidal 
silver is made from normal drinking water, often with the addition of a drop of saline 
solution. A white mist can be seen to develop almost immediately. This is mainly 
ineffective silver chloride. In this approach, the individual colloidal particles are quite large 
and not very effective. 


A better way is to use distilled water without the addition of any saline drops, as this 
produces a very fine and much more effective colloid, though it takes a long time to start. 
A white mist may become visible after about 20 minutes. If you do see this fine mist near 
one of the electrodes, continue for five minutes longer. If you cannot see a slight mist after 
20 minutes, then next time add a small amount of impure water (such as tap water) to 
speed up the colloid formation. The concentration will be about 5 ppm. 


After each use, scrub the oxidized positive electrode until it is shiny. When making or 
storing the silver water, keep it protected from light, which will otherwise precipitate the 
silver and make it ineffective. Make your colloidal silver fresh each day or at least once a 
week. 

For more information on making and using colloidal silver, see the website: 
www.quantumbalancing.com. 
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Copper - The Inflammation Fighter: Copper is somewhat of a problem 
mineral. Sometimes there is too much of the inorganic form of copper in drinking 
water, as is produced by acid water flowing through copper pipes. It can then 
gradually accumulate in the body and lead to toxicity symptoms with signs of 
overstimulation, psychosis, and liver damage. However, copper is excellent for 
reducing inflammations, strengthening connective tissue, restoring hair color, fighting 
parasites, and preventing cancer. Copper should not be used with existing cancers 
(except topically for skin cancers), as it promotes the formation of new blood vessels 
in tumours (angiogenesis). 


Copper serum levels are elevated with inflammations and many diseases, 
apparently because the body mobilizes all tissue stores of copper to fight the 
condition. If you give animals a choice between drinking normal water and water in 
which a copper pipe has been immersed, reportedly they will prefer the copper water 
as this helps keep them free of -parasites. 


The most effective anti-inflammatory agents are copper complexes, and 
commonly these are relatives of salicylic acid which is present in many fruits and 
vegetables. In addition, copper ascorbate has strong antiviral properties while copper 
salicylate has a better anti--inflammatory effect than cortisone and without the side 
effects. It also has good anticancer, anti-tremor, and anticonvulsive properties, 
suitable for treatment in epilepsy and possibly Parkinson’s disease; even certain 
brain and liver functions can improve with copper salicylate. It has inhibited tumour 
promotion and malignancy with animal tumors,'’ and with skin tumours a single 
application resulted in a 55-percent tumour reduction in 20 weeks.'® Even short-term 
treatment of rheumatoid arthritis resulted in long-term remissions or improvements. '? 


The therapeutic potency and safety of the copper complexes of aspirin (acetyl- 
salicylic acid) and salicylic acid are much better than for aspirin itself or for inorganic 
copper. This means that these copper complexes are safer and more effective than 
either aspirin or inorganic copper. These complexes are five to eight times more 
effective than aspirin but less toxic, and their therapeutic index (the margin between 
effectiveness and toxic effects) has been stated to be significantly greater than for 
other anti-inflammatory drugs. 


While aspirin causes or aggravates peptic ulcers and bleeding, the copper 
complexes have a better ulcer-healing effect than commonly used anti-inflammatory 
ulcer drugs. Harmful effects of aspirin and similar drugs apparently arise because 
they bind copper in the body and cause a localized copper deficiency in the tissues. 


Unfortunately, copper salicylate or other effective copper complexes are not 
normally available or can be had only in very low doses, presumably because they 
cannot be patented. However, they are relatively easy to make for someone who 
wants to experiment. Buy salicylic acid at a drug store and dissolve 2 g or about half 
a teaspoon in a pint of hot water. Use covered glassware and distilled or deionised 
water with several pieces of copper with a large surface area immersed in it. Keep it 
warm, between 140° F and 180° F, for about ten hours or sometimes longer. Add 
more water as required and adjust the final volume to be one pint. When ready, it 
develops a green color; store the solution in a brown bottle in a cool, dark place. 


During storage and sometimes near the end of the heating process, a black 
copper oxide starts forming and accumulates at the bottom. This is due to copper 
being converted from the original one-valence copper (I) salicylate to two-valence 
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copper (Il) salicylate; here the salicylic acid binds only half of the dissolved copper 
and the rest becomes copper oxide. The effectiveness of the solution does not seem 
to be affected by this and the amount of copper in the complex is not related to its 
potency. Either decant the solution from any settled copper oxide or filter it through 
tissue paper. 


Copper (I) salicylate is a strong antioxidant excellent for external use in packs 
or rubs on sites of inflammation, or as rubbed on skin prone to skin cancer. For 
internal use with generalized inflammations or other indications, 60 mg of copper 
salicylate has been used in clinical trials, taken once or twice a day and up to four 
times daily. Try a teaspoonful (approximately 25 mg of copper salicylate) three times 
daily in liquids with meals, but preferably under professional medical supervision. 


For short-term use, you can also double this amount. When it produces the 
desired effect, cut back to a maintenance dose of one teaspoon a day or interrupt the 
intake after two weeks to see what happens. 


There is a possibility that you may be able to obtain copper (Il) salicylate from a 
supplier of laboratory or fine chemicals. In this case, divide a rounded teaspoonful 
into 100 equal parts; each part will be approximately 50 mg. However, | want to 
stress that all this is only experimental and no one but yourself can take any 
responsibility for what you are doing, so proceed carefully. 


For a potent antiviral remedy, you can produce copper ascorbate. The only 
problem is that ascorbic acid may become oxidized in contact with metal. Therefore, 
all air must be excluded. Bring some distilled or deionised water to a boil and fill a 
small glass or hard plastic container (holding about 4 ounces) to the top with this. 
Immerse a piece of copper in it and add about 2 g or half a teaspoon of ascorbic acid 
powder. Keep the container tightly closed and immersed in warm water for a day 
before you start taking a teaspoonful several times a day; keep refrigerated when not 
in use. 


Zinc and the Schweitzer Formula: Zinc has strong anti-inflammatory and 
antibiotic properties but can become deficient with a high copper intake. Therefore, it 
is usually best to increase the intake of both minerals together. With a high copper 
intake, use a high zinc supplementation. This can be in the form of the Schweitzer 
Formula, a complex formed by zinc (oxide or carbonate), boron (boric acid), and 
salicylic acid. This is an excellent antibiotic, disinfectant, fungicide, anti-inflammatory, 
and healing remedy. 


The Schweitzer Formula20 was developed in 1915 in Germany and has been 
sold worldwide since 1920. In addition to treating any kind of infection or 
inflammation, it has been used in cancer treatment to improve the immune response 
and blood oxygenation. Applied externally, it helps to heal injuries and skin diseases, 
including acne, scarring, varicose veins, and varicose ulcers. 


You can easily make the Schweitzer Formula yourself. Dissolve 9.2 g of 
salicylic acid, 2.1 g of boric acid, and 2.7 g of zinc oxide (or 4 g of zinc carbonate) in 
two quarts of hot water. You can get these ingredients from a pharmacist and have 
the exact quantities weighed out. However, it is sufficient to use approximate 
amounts. Use two level teaspoons of salicylic acid and half a teaspoon each of boric 
acid and zinc oxide or one level teaspoon of zinc carbonate. 
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Use distilled or deionised water and a non-metallic container. Heat the mixture 
for about an hour and stir occasionally with a non-metal spoon until no more of the 
zinc oxide or zinc carbonate at the bottom of the container seems to dissolve. Then 
decant or filter into a glass container and store in a cool, dark place. 


Any surplus of zinc oxide or carbonate that remains undissolved shows that all 
the boric acid and salicylic acid have been used up. However, any surplus of boric 
acid would be beneficial and supply you with additional boron. In commercial 
preparations, the resulting solution is very slowly evaporated to let the active 
ingredients form crystals; these are then dissolved before use in the appropriate 
amount of water. 


As with copper salicylate, there are no exact guidelines on how much to take. 
In studies, a tablespoonful has been taken three times daily with liquid or meals for 
extended periods; for shorter periods, this dose has been doubled. It is also good to 
rub onto the skin, especially where there are any problems. 


You can take a ratio of one tablespoon of Schweitzer Formula to one teaspoon 
of copper salicylate. For long-term use, | suggest one tablespoon of each daily. | 
believe that long-term use of copper or zinc should be balanced by taking the other 
mineral as well, be it as salicylate complex, colloid, or conventional remedy. My 
experience suggests that copper and zinc as complexes or colloids are safer and 
more effective than the long-term use of aspirin or other anti-inflammatory drugs. 


After a period of use, it is advisable to interrupt using these remedies for a 
while and observe any effects. Remember, the use of these remedies over long 
periods is experimental and you must be prepared to take responsibility for any 
unexpected side effects. 
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Step 31 
OXYGEN THERAPY 


Oxygen, therapeutically applied, helps you quickly overcome any infection. 


As an infection fighter, oxygen therapy is mainly used as ozone or hydrogen 
peroxide. It is beneficial for general health improvement and also for a wide range of 
diseases, mainly involving infectious agents. Ozone infusions are widely used in 
German and Mexican cancer clinics but are illegal in the United States, and hydrogen 
peroxide infusions have been used instead. 


Therefore, most cancer victims try to help themselves with hydrogen peroxide 
or so-called stabilized oxygen. The latter is an unstable oxygenated chlorine 
compound that easily gives off oxygen. The typical amount used is ten drops in juice 
several times daily, but start with much less and increase gradually. You can 
combine taking hydrogen peroxide on rising and at bedtime with taking stabilized 
oxygen before meals. This is suitable for those who have difficulty digesting much 
hydrogen peroxide; otherwise, | regard hydrogen peroxide not only as the least 
expensive, but also the most suitable product for home oxygen therapy. 


Another possibility is to use an ozone generator. Generators for medical or 
internal quality ozone can be expensive. Note that common ozone generators 
ozonate room air and produce potentially toxic nitrogen oxides; a suitable water 
ozonator (Beck type) is available for internal use. If ozone comes into contact with 
water, then it forms hydrogen peroxide. As this formation takes some time (about 20 
minutes for all the ozone dissolved in water to be converted to hydrogen peroxide), 
you get a mixture of both if you drink it immediately after finishing the process. 


Ozone reportedly has the advantage of releasing active oxygen without 
requiring enzymes in biological systems, as is required for hydrogen peroxide. Both 
ozone and hydrogen peroxide have an unstable single oxygen molecule that tends to 
attach to and oxidize or peroxidise any suitable molecule. The beneficial effect 
appears to be mainly the peroxidation of unsaturated fatty acids, which can then 
destroy microbes and malignant cells, provided these are not protected by 
accumulated vitamin E. A healthy immune system routinely produces hydrogen 
peroxide to kill microbes. Therefore, | see no advantage in using ozone at home and 
would rather use the simpler hydrogen peroxide. 


Unheated honey has traditionally been used to treat infected wounds and 
chronic skin or leg ulcers. Recent research showed that the most effective honey for 
medicinal purposes is honey that is very high in hydrogen peroxide. Therefore, you 
can mix a few drops of 35-percent hydrogen peroxide with honey to improve its 
healing qualities. For topical packs, it is more convenient to use crystallized honey 
rather than honey that is runny. 


Preferably, use 35-percent food-grade hydrogen peroxide, available from some 
natural therapists and health stores. Otherwise, use any other 35-percent product or 
the three-percent (ten volume) or six-percent (20 volume) peroxide from a 
supermarket or pharmacy. It is best to dilute the peroxide for daily use to about three 
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percent; add one part of the 35-percent peroxide to ten parts of water. Start taking a 
few drops in a glass of water, then gradually increase to one teaspoon or more four 
times daily, before meals and at bedtime. If you develop an aversion to it, decrease 
the dose again to a more comfortable level. Swallow quickly instead of sipping 
slowly. To disguise the strong aftertaste, add to the mixture aloe vera gel, fruit 
flavours, herb tea, or water flavoured with cinnamon. 


You can continue this program for many months, and when the specific health 
problem is under control, gradually reduce the intake to only once daily before 
breakfast. In addition, you can use hydrogen peroxide to rinse your mouth and gargle 
morning and evening. It helps to prevent colds, infections, and tooth decay, and it is 
arguably better than toothpaste. You can also use 35-percent hydrogen peroxide with 
a dropper; a teaspoon of three-percent peroxide is equivalent to about 12 drops of 
35-percent peroxide. Be careful handling 35-percent hydrogen peroxide; in the event 
of accidental spills on clothes or skin, flush immediately with water or immerse in 
water. 


It is helpful to bathe the site of an infection or external tumour daily in three- 
percent hydrogen peroxide or, better, cover it with a cloth soaked in it. This is 
especially good for problems close to the skin, and the hydrogen peroxide is 
preferably combined with a honey pack. Renew the pack several times daily. A pack 
can remain on the skin for most of the time or until the skin becomes red or sore and 
blisters. This will be good, as it draws out toxins. When this happens, cover the skin 
with a cabbage leaf instead and wash only with peroxide. You can also have a daily 
body rub with three-percent hydrogen peroxide, which is best done after a bath or 
shower. With cervical cancer or bowel cancer, douche the cervix or the bowel twice 
daily with suitably diluted hydrogen peroxide, retaining it inside for some time. 


In the case of cancer it is advisable to use the practice of oxidative tumour 
destruction only initially and with a minimum of antioxidants. Activated oxygen 
oxidizes and peroxidizes reactive biomolecules, especially alpha- and gammaz- 
linolenic acids in linseed (flaxseed), evening primrose, and borage oils; these in turn 
oxidize and destroy cancer cells. However, as mentioned, this killing effect may be 
inhibited by high levels of antioxidants, especially vitamins E and A, which, 
paradoxically, accumulate in tumours and protect them. Therefore, avoid vitamin E 
and high doses of vitamin A for one or two weeks before your oxygen therapy and 
minimize your intake of all antioxidants during the several weeks of intensive oxygen 
therapy. Afterwards, return to a long-term intake of high amounts of antioxidants and 
anti-inflammatory remedies (see step 46). 


Magnesium peroxide has become available as a powder, in capsules, or as a 
branded product called Oxy-Mag, a powdered magnesium ozonite. The peroxide 
produces highly reactive oxygen radicals that are more aggressive than the oxygen 
molecules released by the ozonite, but | cannot say at present if either one of these 
is more effective. Use according to instructions on the container or enclosed 
literature. Sometimes simple magnesium oxide is recommended to oxidize the colon; 
while it may be good as a mild laxative, it does not liberate oxygen for oxygen 
therapy. 


Of great benefit are peroxide retention enemas. After a normal enema to clean 
the bowels, insert into the colon a pint of water containing a teaspoon of salt and one 
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tablespoon of three-percent hydrogen peroxide; try to hold it inside the large intestine 
for ten minutes or longer. The next day add two tablespoons to this mixture; continue 
increasing the amount of peroxide on subsequent days until you find the highest 
concentration that you can hold for about ten minutes. You can also try to increase 
the volume of water that you can retain. 


If you have an ozone maker, you can use ozone in a similar way as hydrogen 
peroxide. You can lead it with a tube into water to produce hydrogen peroxide; insert 
the tube into the rectum (with another shorter tube as outlet); irradiate the skin over 
the diseased areas with a funnel; or put the body (but not the head) into a bag into 
which you introduce ozone. For information on how to obtain, construct and use a 
medical-grade ozone generator that does not oxidize nitrogen, see: 
www.quantumbalancing.com. For more information on oxygen therapies, see: 
www.oxytherapy.com or the books Oxygen Therapies and Flood Your Body with 
Oxygen, by Ed McCabe. 


New Ways of Using Hydrogen Peroxide: In 1928, Dr. Richard Simmons 
believed to have discovered that colds and flu enter through the ear canal and start 
the infection process in the middle ear. More recently, it has been claimed that colds 
and flu can be cured within hours by putting hydrogen peroxide into the ears at the 
first indication of any infection. You first put a few drops of three-percent hydrogen 
peroxide in one ear, and when the bubbling stops, do the same in the other ear. 
Repeat this a few times at about two-hour intervals. In addition, gargle frequently with 
hydrogen peroxide for infections in the head and chest area. 


My understanding is that the cold virus enters through the nose but then 
multiplies in mucus accumulated in the head spaces before the outbreak of 
symptoms. For this reason, colds can be stopped by introducing hydrogen peroxide 
into head spaces, but also simply by removing the mucus congestions. 


A three-percent hydrogen peroxide solution can be sprayed directly into the 
throat several times a day and inhaled deeply into the lungs with good results. 
Besides breathing problems and aching muscles, this has also reportedly relieved 
other old-age symptoms. | assume that beneficial results with this method are largely 
due to the elimination of fungi and other microbes in the breathing passages. 
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Part 4 
HEALING FOODS 


Nutrition is the main tool | have used to help patients overcome a wide range of 
diseases claimed to be medically incurable. Unnatural nutrition is one of the major 
causes of most of our diseases, while natural nutrition is an equally powerful agent in 
helping to undo these diseases and rejuvenate the body. My training and work 
experience as research chemist, biochemist, toxicologist, practicing nutritionist, and 
natural therapist have given me insight that would not have been possible if | had 
worked only as a conventional scientist or natural therapist. One of these insights is 
the importance of nutrition. 


There is presently a trend in conventional medicine to acknowledge the 
importance of nutrition in causing and treating diseases. Health authorities conduct 
public awareness campaigns about nutrition through the mass media. While this 
newly found official interest is itself a positive development, the information conveyed 
is not likely to reduce the overall rate of chronic diseases.21 The information | 
present has grown out of practical experience in the prevention and reversal of most 
of our chronic and medically incurable diseases, and it is likely to be more useful. 


Most of our commonly eaten foods contribute to our gradual health 
deterioration and the development of many chronic diseases. This is a main reason 
why there is such a high incidence of chronic degenerative disease in our society. | 
will explain in detail why and how our everyday problem foods help cause our 
diseases and how potent healthy foods can be used to undo these diseases and 
rejuvenate our body. 


Depending on your health goals and present health problems, you can either 
make some gradual adjustment to your present diet or go all the way and experiment 
with powerful health diets designed to reverse incurable diseases and rejuvenate 
body and mind. The reward in terms of improved health is generally proportional to 
your effort. 


Diet rules are designed to guide us towards healthier eating habits. There are 
different schools of nutrition, which do not always agree on the same principles and 
sometimes even contradict each other. The diet “rules” | present are based on the 
principles of the nineteenth-century Nature Cure movement, but modified according 
to the findings of modern nutrition research and my clinical experiences in 
overcoming diseases. 


For the successful elimination of diseases, | have found that the less ideal the 
patient’s overall diet is, the more specific the remedies, supplements, or other 
therapies need to be. Conversely, on an ideal diet, specific interventions can be kept 
to a minimum. | have also observed that the differences in nutritional requirements 
between individuals begin to disappear when an ideal natural diet is adopted. 


Changing our diet to an ideal natural one requires a considerable shift in eating 
habits and a re-education of our taste buds. It often also requires more time for food 
preparation. For most of us this is not easy. While some take to it enthusiastically, 
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others need to be driven by the hope of overcoming a debilitating disease; most 
people are content to make minor dietary adjustments or gradual improvements as a 
preventive measure or to overcome an existing health problem. Therefore, | use a 
graded approach, with a high-quality diet for gradual health improvement and 
maintenance of good health and a raw food diet for maximum healing, rejuvenation, 
and maintenance of optimal health into old age. 


| present each diet in its pure form. Most individuals probably will not be able to 
adopt fully one or another diet, but will move gradually towards their dietary goal in 
months or even years. You can modify the diet according to your special 
requirements, and for this, see the section on Metabolic Types and Blood Groups 
(Step 43) in Part 5. Ultimately, it is best to learn to trust your body to tell you what it 
needs. 


If you are not addicted to a certain food but crave it, then it is probably good for 
you. The natural function of our taste buds is to guide us in the choice and quantity of 
our food intake. As a general rule, food that is good for us tastes good, but if we have 
enough of it, then it does not taste as good toward the end of the meal. If we overeat, 
then it may not taste good for several days or weeks. If we had too much heavy or 
spicy food, then fruits will taste attractive, but if we had too much fruit, then a spicy 
protein-fat meal suddenly tastes good. 


If we eat food that the body has difficulty in handling, then it causes a stress 
reaction with the release of adrenal-stimulating hormones. For individuals with weak 
adrenal glands, this acts as a stimulation of their body functions, and they become 
addicted to this food as well as other stimulants. Now the taste buds are no longer a 
reliable guide, as other body needs are sacrificed to satisfy this need for adrenal 
stimulation. 


As some foods frequently cause health problems - “problem” foods - so other 
foods generally improve our health - “health” foods. The foods with the greatest 
potential for healing and rejuvenation, according to my experience, are bee pollen, 
sprouted seeds, purple foods, freshly pressed juices of vegetables (especially of 
young grasses), and lactic-acid fermented foods. These form the base of my 
recommended diets and will be explained in this chapter. 


We need to realize that we can choose to a considerable degree how healthy 
we will be and how long we want to live in good health or, alternatively, which 
diseases we are willing to accept for the comfort of satisfying our present taste 
preferences and maintaining potentially harmful living habits. Of course, other factors 
have a strong influence as well, such as our mental and emotional condition, the 
environment, and how we use our body (these are covered in later parts). 
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Step 32 
GENERAL DIETARY RULES 


Understand the principles of healthy food selection, 
preparation, and combination. 


In a nutshell, the most important dietary rule is, as much as possible, to eat 
your food when it’s whole, alive, organic, and free of added chemicals. Other 
important rules are to chew it well, enjoy what you eat, combine the foods correctly, 
and deliberately under-eat rather than overeat. 


Whole food means that there has been as little refining of it as possible. To give 
an example, natural whole grain brown rice is the preferred whole food. White rice 
has the bran and germ removed, together with most of its vitamins and minerals. The 
level of vitamin B1, for instance, is about 450 percent higher in brown rice than in 
white rice. This means that the body may not use the deficient food efficiently, and 
this can lead to overweight or underweight conditions and to poor blood sugar 
regulation; the lack of fibre in refined rice also contributes to constipation. In varying 
degrees, the effect of refining also applies to other commonly eaten foods. 


Over thousands of years, our metabolic and enzyme structures have evolved 
based on whole foods and have relied on certain combinations of ingredients being 
supplied together. Protective or synergistic (cooperative) factors are present in whole 
foods. For example, vitamin C is much better absorbed and retained if taken together 
with bioflavonoids. Both nutrients naturally occur in the same foods. The sensitive 
polyunsaturated oils are protected from oxidation and structural damage as long as 
they remain in the whole seed. They also occur naturally with protective vitamin E. 
When extracted and refined, these oils are partly oxidized and harmful trans-fatty 
acids are formed. 


Carnivorous animals do not eat just the meat but also the bones. They would 
quickly become mineral deficient and diseased if they did not eat the bones. The 
same applies to us if we eat only flesh high in phosphorus or low-mineral-content 
food. We then need to use mineral supplements or become deficient and prone to 
diseases. As relates to root vegetables, whole means using the vitamin- and mineral- 
rich outer parts, usually discarded as peel, as well as the inner parts, and even the 
cooking water. Pouring out the cooking water pours vitamins and minerals down the 
drain. 


A story, presumably true, has been published about the crew of one of the early 
submarines. After a long crossing, they were fatigued and disease-prone; they had 
lived on tinned and dried foods. The health authorities were at a loss about the cause 
as there had been sufficient amounts of the known vitamins in the foods. A Nature 
Cure practitioner offered his advice, which, when taken, quickly corrected the 
problem. He told them to peel a lot of potatoes, discard the potatoes, and cook the 
peels; strain, discard the peels, and drink the broth. How many of us do it the other 
way around? 


There is a downside to this with some whole foods and seeds. Seeds contain 
reactive proteins, called lectins, which are mainly in the outer hull or bran; individuals 
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with certain blood types tend to react to specific lectins. Other food allergies develop 
mainly to the outer parts of seeds removed in refining. If seeds are not sprouted or 
fermented, then minerals tend to remain bound by chemicals in these outer parts and 
cannot be absorbed. Therefore, if you have a sensitive digestion and eat food that is 
not suited for you, then, ironically, refined foods will tend to cause you less immediate 
problems than whole foods. 


Live and Organic Foods: Live food is basically the same as raw or uncooked 
food. Live means that the food is still high in vitality and naturally occurring enzymes. 
These are damaged when food is heated above 104° F and destroyed above 120° F. 
While milk can be heated initially in making yogurt, adding lactic-acid bacteria to it 
provides a new complement of enzymes to revive the food, although | prefer to make 
yogurt from unheated milk. 


Food has different stages of “aliveness’” or vitality. A dry viable seed is alive but 
dormant, the enzymes inactivated by inhibitors. During soaking and sprouting, the 
seed awakens to full life with an abundance of enzyme activity. Like an embryo, it is 
at the height of its vital and restorative functions. 


A young, growing leaf or plant still has a high level of growth hormones and 
enzyme activity, but in a mature plant or fully grown leaf there is little growth hormone 
and reduced enzyme activity. Whole grain flour that has not been unduly heated 
during milling has some residual life, but inhibitors block the enzymes; enzyme 
activity will be enhanced and starch pre-digested when the wheat is made into 
sourdough. There is a saying in naturopathy: “Eat food that easily spoils, but eat it 
before it spoils.” 


The term organic is generally understood to mean that such food also has not 
been irradiated and is free of genetically engineered components and any added 
chemicals that are normally used during growing, storing, or processing. Organically 
grown food means that it is certifiably free of toxic agricultural chemicals and has 
been grown in healthy soil without the use of water-soluble fertilizers. Very harmful 
are nitrogen fertilizers, especially nitrates. In one scientific experiment, hens were fed 
blueberries that were either unfertilized or fertilized with nitrate. Hens fed large 
amounts of nitrate-fertilized berries died within three days; those that received only 
small amounts of fertilized berries laid eggs with defective missing shells. Hens fed 
unfertilized berries in any quantity maintained normal health and eggs. What will a 
low-dose long-term intake of such fertilized foods do to us? 


It is well Known to organic growers that their plants and the animals fed these 
plants are much more resistant to pests and diseases than chemically fertilized 
plants and the animals fed them. It has been shown that cattle on an organic farm 
remained disease-free while cattle on surrounding properties were badly affected 
with foot-and-mouth disease. Most damaging are pesticide residues on foods or the 
interaction between different chemicals. Many natural therapists contend that 
organically grown food is an important part in the successful treatment of 
degenerative diseases. 


Cooking Foods: Food ideally suited for human nutrition does not require 
cooking, such as sprouted seeds and fresh shoots, ripening seeds (sweet corn, 
green peas), oily seeds and nuts, sweet root vegetables, and fruits. Cooking 
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damages many proteins; they coagulate and harden and their complement of 
digestive enzymes is destroyed, and this makes them more difficult to digest. 


However, cooking also makes some foods more easily digestible by breaking 
down the cellulose in plant food and connective tissue in meat. This enables our 
digestive juices to get more easily to the nutrients and is especially important for 
people with weak digestive organs. Further advantages of cooking are the 
preservation of food, easier chewing, and enhanced flavours. All this means that 
cooked food generally is more convenient and tastes better, and for most of us that is 
more important than any long-term health concerns. 


In this chapter | show how harmful effects of cooking can be minimized by 
combining the least damaging use of cooking with the more acceptable forms of raw 
foods consumption. 


Steaming is the recommended method of cooking. Add sufficient water to cover 
the bottom of the pot, even without special steaming equipment. This way most of the 
vegetables will be steamed, and if you use the remaining water, nothing will be lost. 
By adding vegetables after the water has started to boil fewer vitamins are destroyed. 
However, | do not see a problem with simmering vegetables submersed in water as 
long as you also ingest this water, preferably soon after cooking. 


Pressure cookers are acceptable, their main disadvantage being that they are 
usually made of aluminium. Microwave ovens are suspected of emitting harmful 
radiation while in use. In addition, they may contribute to health deterioration by 
scrambling the delicate structures of sensitive food molecules in unnatural ways. 
Therefore, avoid or minimize microwaved food. It is also safer to discard any outer 
part of meat or fish after grilling or broiling. 


When cooking grains or legumes, always soak the seeds overnight beforehand 
and discard the soaking water. In this way, you will likely ingest fewer potentially 
harmful anti-nutrients, such as phytates which make minerals unavailable, protease 
inhibitors that interfere with the digestion of proteins, or lectins that cause unpleasant 
symptoms with some blood types. If beans cause wind, change the water once or 
twice during cooking. 


As mentioned, the main disadvantage of all cooking is that it destroys food 
enzymes and some vitamins. This significantly contributes to more rapid aging and 
the development of degenerative diseases if the diet consists predominantly of 
cooked food. Therefore, try to eat only a minimum of cooked food. Most harmed by 
cooking are animal products and polyunsaturated oils; least harmed are starches. 
Eat your food, especially vegetables, as soon as possible after a short cooking time; 
try to minimize steam or fumes escaping from cooking food. Except for baked grains, 
avoid food leftover from a previous meal. 


A large amount of aluminium dissolves in the water during cooking in 
aluminium cookware; the more acid the cooking water, the more this happens. This is 
also a problem with stainless steel pots. While steel is more resistant to acids, it can 
still release harmful amounts of nickel, and nickel is implicated in weakening the 
immune system and promoting cancer. Enamel cookware is generally safe, except 
that low-cost Asian imports reportedly may contain high levels of lead; this is also a 
problem with ceramic pots. Glass cookware is the safest. 
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Here are some important cooking rules: 
e Avoid baking soda in cooking or baking as it destroys B-vitamins 
e Add salt or minerals after cooking to preserve vitamins. 
e Save and use the cooking water; it is rich in minerals. 
e Cook for the shortest time possible. 
e Donot keep food warm for extended periods; cool quickly for storage. 


e Avoid aluminium and stainless steel cooking utensils; use enamel or glassware 
instead. 


e Do not leave acid food in contact with metal surfaces. 
e Do not cook what can conveniently be eaten raw. 

e Do not fry or heat oils or fats. 

e Do not cook with a microwave. 


Chewing and Enjoying the Meal: Good chewing is of vital importance. It is 
necessary to break down food particles to a fine pulp and at the same time to 
insalivate them sufficiently for proper enzyme activity. Trace elements and vitamins 
are already partly absorbed through the mouth tissue, while the stomach needs 
adequate advance warning of the expected composition and quantity of the food. So, 
even if the food is already a liquid (Soups, broth), chewing is important. Keep and 
move around such liquid food in the mouth for several seconds. Solid food needs 
chewing until it is thoroughly liquefied. Teach your children early in their life to chew 
thoroughly; possibly check their stools to see if they contain large pieces and whole 
seeds, a sign of inadequate chewing. 


You should not only chew thoroughly, but also eat slowly and in a leisurely 
fashion. This improves digestion and helps prevent overeating. A certain amount of 
time is needed for the body to form the message that it has had enough. Therefore, if 
you stuff yourself within a short period, your body has no time to prevent you from 
overeating. Overeating can also occur if you do not pay attention to the eating itself 
but to a conversation, to a book, or the television. Then you cannot “hear” when your 
body says “enough.” 


It is also important to have a peaceful mind at mealtime. Before the meal, 
completely relax for a minute or more with eyes closed; if able to meditate, raise your 
awareness to a joyful meditative state. During the meal, pay attention to the process 
of chewing and enjoy the various flavours as they develop. 


It is beneficial to enjoy what you eat. Unpalatable food is not well digested. 
Neither is it good to continue eating poor food just because one has acquired a 
preference for it. For many, this is the most difficult problem to overcome during 
health improvement. The goal is to acquire a liking for what is nutritionally good. 


There is no doubt that taste buds are adaptable and can be re-educated, but 
this comes gradually, so introduce unfamiliar foods and supplements to your diet in 
very small amounts only, interspersed with familiar foods. Be imaginative and 
experiment with new ways to prepare food. Do not eat if you are not hungry, if you 
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are agitated or emotionally upset, if you are unwell with a fever or comparable 
condition, or if you are still full from the previous meal. Always prepare food lovingly. 


Food Combining: Many years of experience with patients have shown me the 
importance of correct food combining. The fundamental biochemical considerations 
with regard to food combining are as follows: 


e Typical protein foods (usually containing oil or fat) require strongly acidic 
gastric juices. 


e Different types of protein foods may need differently composed gastric juices for 
digestion. 


e Starches need B vitamins, chlorides, calcium, and magnesium for enzyme 
activation. 


e Sweeteners or sugars as well as acids inhibit the digestion of starches. 


Disregarding these facts by mixing foods indiscriminately may contribute to 
infections and degenerative diseases, especially allergies, arthritis, cancer, and 
autoimmune diseases. 


Initially, most people have a reasonably strong digestive system and do not feel 
any ill effects, no matter what they eat or combine. This is also true if bodily 
responses have become dulled by being ignored for many years. However, sooner or 
later, the unpleasant effects and degenerative symptoms will appear. 


There are three main groups of food to consider when working out correct food 
combinations: 


1. Proteins, sweet and acid foods, sweet vegetables, fruits 


2. Neutral foods such as fats and oils, non-sweet vegetables, avocados, olives, and 
cream cheese 


3. Starches such as cereals, potatoes, and dry legumes 


The neutral foods can be combined with either one of the other groups while 
the two extreme groups (numbers 1 and 3) should be kept apart. Observing this 
simple rule may prevent the more serious consequences of incorrect food combining. 


In poor health and during a health improvement program, however, it is 
advisable to be even more careful. With few exceptions, most foods are best 
digested as a moderated mono-diet, which means only closely related foods are 
eaten together, for example, different kinds of grains. With severe digestive 
problems, one can temporarily adopt a strict mono-diet, eating one kind of food only 
at a meal, and observe its effects. 


The next best possibility is to eat foods correctly combined, but still separated 
during the meal. This is most important with meat, fish, or nuts. These are best eaten 
at the beginning of the meal for proteins to receive the strong gastric juices in the pit 
of the stomach. The rest of the meal, if not too liquid, will remain in distinct layers on 
top of this. Remember this if you have proteins and starches in the same meal. 


You can mix a small amount of flavouring vegetables with meat or fish, or eat a 
fruit together with some nuts. Generally it is preferable to have either some fresh 
vegetable juice or a small amount of raw vegetables before a cooked meal. 
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For those with a sluggish metabolism, a small amount of sweet food or fruits as 
dessert after a protein meal will provide energy for the digestion of slow-burning, 
protein-fat combinations. This is not advisable after a starch meal or for those with 
blood sugar problems. Glucose and maltose (as in barley sugar) do not contain 
fructose and therefore cause less of a problem if combined with starches. If your 
digestion is sluggish, a small amount of fruit acids, such as lemon juice sprinkled 
over meat or fish, or ascorbic acid with or after protein meals can be beneficial, as 
can half a cup of a bitter herb tea afterwards. Cooked subacid fruit that is low in 
fructose, such as apples, does not react in the same way as sweet fruit that is high in 
fructose. Therefore, most individuals will be fine using this as a flavouring with 
cereals or starches, for example, apple puree with rice. 


Some factors that make precision food combining less necessary are: a strong 
digestive system; being physically active; chewing extremely well; and only eating 
small meals. The opposite factors will, of course, increase the need for correct food 
combining. Being able to eat just about anything, however, is not a guarantee of 
strong digestive powers; your system may be too weak to react to the foods. If you 
are in good health, you can forget about food combining and omit just one group of 
foods from a mixed meal - the cooked starches; most others combine reasonably 
well with each other. However, it is generally acceptable to eat starches at the end of 
a meal, separated from the protein part by a vegetable or sprout salad or by some 
cooked vegetables. If you are sensitive, then this middle part of the meal can consist 
of neutral vegetables rather than sweet ones. 


Food yeast with a 50 percent protein content and also the non-oily legumes are 
grouped with the starches because their fat-free proteins are relatively easy to digest 
and require only slight acidity. For a graphic illustration of the basic food-combining 
rules, see Figure 4-1. Foods are classified as hard proteins, soft proteins, or starches 
according to the amount of gastric acid and pepsin that is needed for their digestion. 
The actual percentage of protein in a food is less important in this respect than the 
amount of fat, oil, and fibre surrounding the protein. 


Meat, nuts, and cooked soybeans, for instance, are difficult to break down. 
They need the full strength of gastric acid and pepsin and, therefore, are called “hard 
proteins.” Eggs, uncooked dairy proteins, broth of meat and fish, fermented soy 
products, soy milk, and fine nut butters, on the other hand, need less acidity and can 
be called “soft proteins.” Proteins in processed cheese, in cow’s milk used as a drink, 
but especially in milk added to coffee or tea, are very difficult to digest and thus 
become hard proteins. Non-fatty fish, especially if marinated, is easy to digest and is 
almost a soft protein, while fatty fish is closer to meat in its gastric requirements. 


Intestinal Fermentation: Combining food high in fibre with sweet food is likely 
to cause intestinal gas. This perception gave rise to the frequently quoted rule not to 
combine vegetables with fruit. In this case some of the sugar from the fruit may not 
be absorbed and then may overstimulate bacterial activity in the large intestine, 
causing excessive wind, flatulence, or bloating. Some intestinal fermentation is 
desirable in order to keep our beneficial bacteria happy, and this is best produced 
with a moderate amount of fibre in the diet. It breaks down at a slow rate and greatly 
helps to maintain regular soft bowel motion. 
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Notice how the pattern of the hydrogen atom’s 


electron shell looks exactely like a magnet seen 
through ferrocell (right vs mid image), while the sundog 
(left image, atmosphere, non-magnetized “normal” 


matter) does show an additional 90°-phase shift! 


A permanent magnet and the electron shell look exactely alike, 
just on different scales. Is the electron a tiny permanent 
magnet? How are permanent magnetic fields and 
electrons related? Electrons are permanent moving 


charge, creating permanent magnetic fields. 


How is light related to permanent magnetic fields? Virtual 
photons? 


Why does non-magnetized (non-coherent) matter of sundog 
show an additional 90° phase shift compared to ferrocell 


(permanent magnet, coherent matter)? 


Could the electron shells be fractal, toroidal, 


dielectro/electrostatic-magnetic? 













ACID FRUITS “HARD” PROTEINS SWEET FOODS 
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NEUTRAL FOODS 
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Fig. 4-1: Food Combining Chart. 


Direct connections between groups indicate good combinations (e.g. starches & neutral 
foods). Connections between groups with one interception are fair (e.g. starches & sub- 
acid fruits). Connections groups with two interceptions are poor (e.g. starches & sweet 
foods). 


FOOD GROUPS 
“Hard” proteins: meat, fish, nuts, oily seeds, soybeans. 


“Soft” proteins: eggs, milk proteins, meat/fish broth, tofu, soy milk, nut butters, fermented 
soy or nuts. 


Acid fruit: lemon, grapefruit, pineapple, acid berries. 
Sub-acid fruits: apricots, peaches, pears, bananas, cooked apples. 


Sweet food: sweeteners, foods with added sugar, molasses, honey, dried fruits, oranges, 
figs and other sweet fruits and berries, juices of sweet vegetables. 


Sweet vegetables: sweet potatoes, pumpkin, onion, carrot, turnip, beetroot, tomatoes, 
green peas. 


Neutral foods: fats and oils, non-sweet vegetables (mainly greens), sprouted seeds, 
avocados, olives. 


Starches: grain products, potatoes, dry legumes, food yeast, sago and taro. 








Trouble brews if we ingest a large amount of sugar in any form. This is like 
adding gasoline to a slow, controlled burn-off of bush land that then gets out of 
control and becomes a raging wildfire. It is very similar in our intestines. Fibre 
remains in the large intestine for a long time, so excessive fermentation can happen 
if we have sweet food several hours after a raw salad. How much sweetness we can 
tolerate with fibre is individualized. The more efficiently we absorb our food, the 
larger the amount of sweetness we can handle without getting into digestive trouble. 


For individuals with a weak sugar metabolism, it is not good to have much 
sweetness on an empty stomach, as that drives the blood sugar level too high, 
followed by symptoms of hypoglycaemia. In this case it is best to completely 
separate food high in fibre from sweet food and have the fibre meal after the sweet 
meal. 


Therefore, breakfast is safest as a moderately sweet meal, for instance, by 
flavouring cooked rice or sago with banana or apple puree. The evening meal is then 
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safe as a fibre meal, such as combining potatoes and other cooked non-sweet 
vegetables with a vegetable salad. Lunch can be a protein food with sweet 
vegetables such as pumpkin. 


It may also be acceptable to have a piece of fruit or a fresh juice of sweet 
vegetables (e.g., carrots) some time before a meal that also has a vegetable salad or 
other high-fibre food at the end. Fresh juice does not have much indigestible fibre, so 
there should be no fermentation problem in combining vegetable and fruit in the 
same juice. However, if fruit high in fructose is combined with vegetables, then the 
juice is high in glucose as well as fructose and can cause a strong insulin response 
and hypoglycaemia in susceptible individuals. 


The main rule in all this is to have the fast-digesting food first and the slow- 
digesting fibre afterwards. Experiment to see how strictly you have to apply this rule 
to avoid intestinal distress. 


When eating cooked beans, you may encounter a similar fermentation problem. 
Beans do not need any added sugar to start a strong fermentation. They are high in 
long chains of carbohydrates (oligosaccharides) that are not absorbed in the small 
intestine, but are easily broken down by the bacteria in the large intestine. To avoid 
problems with beans, these can be sprouted or fermented before eating or the water 
in which they have been cooked can be renewed and discarded several times. 


Planning Meals: Our digestive powers are strongest in the morning and 
weakest in the evening. Therefore, it is advisable to eat difficult foods such as meat, 
nuts, sweet food, and large vegetable salads during the daytime and have a light, 
early evening meal. This will also improve your sleep, while a heavy, late dinner often 
results in a restless or “drugged” sleep, with a feeling of tiredness in the morning. 


If you are not normally hungry in the morning, just omit the evening meal for 
several nights and have 30 minutes of vigorous physical activity before breakfast. If 
you do not need to leave home for work, you can also spend an hour in the garden or 
engage in other outdoor activity before breakfast. Together with the time required to 
drink your juice, herb tea, or water, it will be one to two hours before you finally sit 
down for breakfast. It is definitely not advisable, especially with a sluggish digestion, 
to eat a heavy breakfast without sufficient stimulation to your circulation beforehand. 


With a sluggish thyroid and weak adrenal glands, of course, it is more difficult 
to get going in the morning, but it is not too hard if you are determined to make the 
effort. Immediately after awakening, start with some positive autosuggestion. Then 
mentally look forward to something that you would like to do during the day. If 
necessary, promise yourself a treat. Lack of enthusiasm can be a main factor in 
suppressing your metabolic rate. Therefore, try to become enthusiastic about 
something - anything! 


Do some deep breathing, stretching, and muscle-tensing while still in bed. Then 
jump out and immediately start some lively activity such as circling the arms or gently 
pummelling the body all over. Also stimulating are arousing music, skin brushing with 
rapid strokes, and cold-water applications. 


Do not rush your breakfast. For many people, it is the most important meal of 
the day. Make it a habit to rise sufficiently early so that you have at least two hours 


179 Heal Yourself - The Natural Way 


before needing to leave the house. You can also divide the food and use a portion of 
your breakfast as a mid-morning snack. 


A certain amount of food eaten in the morning can produce weight loss, while 
the same food in the evening is more likely to convert to body fat and cause weight 
gain. Therefore, if you want to keep your weight down, eat all your high-calorie food 
during the day and have only some non-starchy vegetables or a few apples in the 
evening. If you want to gain weight, on the other hand, then have a starch meal in the 
evening. There will be some, however, for whom these recommendations are not 
suited; you must find out under which conditions you feel best and can cope most 
efficiently with your daily activities. 


Carbohydrates cause a greater weight gain than a protein-fat diet of equal 
calories. Also, the higher the amount of roughage (for example, rice bran, linseed 
meal, raw vegetables), the greater is the weight loss on any slimming diet. These 
factors should be taken into account in your meal planning. 


It is desirable to have about 30 minutes of rest or light, relaxing activity after a 
meal before starting more heavy manual work or a more stressful activity. | agree 
with the advice of Edgar Cayce: “After breakfast work a while, after lunch rest some 
time, and after dinner walk a mile.” Try to fit in at least 15 minutes of rest in the 
horizontal position after lunch; relax, or try to meditate or contemplate. If you are in 
poor health, a sleep after lunch is highly desirable. If you wake up tired from this, next 
time give yourself positive autosuggestions before falling asleep. Even after 
breakfast, you should not immediately start rushing around. Some kind of steady 
physical activity, such as walking or gardening, is advisable after the meal. But what 
is harmful is stress - the feeling of being late for school or at the office - so avoid that. 


Food Balancing: The concept of food balancing 


arises from the fact that the various food groups have | Between meat on one end of 


different effects on our metabolism and hormonal and 
nervous systems, as well as on our emotions. Food 
balancing is different from what is described as eating 
balanced meals - proteins, carbohydrates, and fats - 
as recommended by conventional dieticians. To give 
some examples: Meat stimulates the adrenal glands 
and the sympathetic nervous system, thus increasing 
tension and readiness for action. Fruits have the 
opposite effect. They stimulate the release of insulin, 
which counteracts the effect of adrenal hormones. 
While vegetables, especially those high in chlorophyll, 
make us more relaxed, fruits make us physically, 
emotionally, and psychically more sensitive. 


Both fruits and vegetables increase our intuition. 
Meat, on the other hand, makes us more insensitive 
and possibly materialistic, and less emotional and 
intuitive. Red meat especially has a strong “grounding” 
effect and is therefore balancing for those who are 
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the scale and fruits on the 
other, we can arrange our 
basic foods in the following 
order according to their 
sensitizing effect on body 
and emotions: 

red meat 

fowl and fish 


eggs & dairy products 
oily seeds 
legumes 


grains 

green vegetables 

sweet vegetables 
sub-acid fruit 

berries, sweet & acid fruit 





oversensitive, overemotional, and open to negative psychic or occult influences. It is, 
however, unsuitable for those who are already too tense or insensitive either 
physically or emotionally or who are aggressive or overly materialistic. 


Acid and acid-sweet fruits have the strongest sensitizing effect, while subacid 
fruits are less sensitizing and avocados are neutral. In this way, lemons and 
grapefruit are more sensitizing than oranges, while oranges sensitize more strongly 
than do mandarins. 


Flesh foods are more suitable for those who cannot efficiently use glucose, 
such as fast oxidizers or hypoglycemics, while fruit and sweet vegetables are best for 
those with a slow metabolism. This means that those with an unbalanced metabolism 
generally should not eat a conventionally balanced diet; they become balanced by 
selecting foods that are either more slowly or more rapidly digested. However, it is 
not necessary for sensitive individuals to eat flesh foods to be in balance. They can 
do very well on oily seeds, legumes, grains, green vegetables, and raw sweet 
vegetables, but less well on cooked sweet vegetables. 


Grains and legumes are neutral in their effects on our metabolism and the 
glandular and nervous systems. In this respect, they may be grouped in the middle 
between meat and fruits. They are balanced in themselves, and this shows why one 
can be balanced on a macrobiotic rice diet with few additions of other foods. 


Someone with a normal metabolism can eat in a balanced way by having 
mainly the neutral grains and legumes, and balancing eggs and dairy products with 
vegetables. However, it is also possible to balance meat, fowl, and fish with sweet 
vegetables and fruits, eating very little of the in-between foods. Another possibility is 
to eat a greater quantity of a food group that is closer to the neutral position and 
replace a smaller amount of a more unbalanced food. For instance, instead of 
balancing meat with fruits, you can use an increased amount of sweet vegetables. 


However, you do not need to worry about accurately balancing and measuring 
quantities. This is not an exact science but more a rule of thumb. Its main importance 
is to show you in which direction to move in your food selection if you feel that your 
health or emotions are out of balance. 
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Step 33 
FOOD GROUPS 


Learn the health characteristics of the various food groups 
and apply them for healing. 


Let’s start with carbohydrates. There are three groups of carbohydrates: 
starches, dextrines, and sugars. Sugars consist either of simple sugar molecules, the 
monosaccharides, or two of these linked together as disaccharides. Household sugar 
(sucrose) consists of one molecule each of glucose and fructose, while milk sugar or 
lactose contains glucose and galactose. In dextrines, up to 50 glucose molecules are 
linked, and in starches, several thousand are. 


Starches: Starches are broken down into water-soluble dextrines by cooking, 
sprouting, or fermenting. Dextrines occur naturally in sweet vegetables, and in seeds 
during germination and ripening; examples are green peas and sweet corn. The 
basic starch foods are cereal grains, potatoes, sago, taro, tapioca, and to some 
degree the non-oily legumes. On the one hand, starches are excellent slow-digesting 
food, but on the other hand, our digestive systems have not yet well adapted to a diet 
high in grains, especially in those people with blood group O. 


In our society, wheat is predominantly used. However, gluten, the protein in 
wheat, often acts like sandpaper on the absorption villi in the small intestine, and this 
is a main cause of malabsorption, intestinal inflammation, and allergies. All of us are 
to some extent affected by gluten and in this context wholemeal products are no 
better and usually worse than refined flour. Therefore, it is generally recommended 
that you use only a minimum of wheat products and that you also be careful with the 
other gluten grains, mainly rye, oats, and barley. Oats are very high in gluten and in 
this way not much better than wheat. Rye crispbread and rye sourdough bread are 
usually better tolerated than wheat products. 


Rice and millet can be used as staple grains. Maize and potatoes are valuable 
additions, especially for those allergic to wheat. Buckwheat is generally good but 
causes problems in some gluten-allergic people. Potatoes should not be peeled, or 
the skin should be removed only after cooking. Small potatoes and the mineral-rich 
outer parts of potatoes are preferable to the acid-forming inner parts. 


Legumes are best sprouted, as cooked dried beans often cause wind. This can 
be reduced if you discard the soaking water and possibly replace the cooking water 
after 20 to 30 minutes of cooking. Sago and tapioca are especially suited for 
individuals who are not doing well on grains. They are commonly available as white 
starch granules, in some specialty food sections of supermarkets. 


Sweet Food: The term “sweet food,” as used in this book, includes sugars, 
sweetened food, dried fruit, sweet fresh fruit, and the juices of sweet vegetables. It 
does not include the sweet vegetables themselves such as carrot, onion, sweet 
pepper, turnip, or red beet, as their sweetness comes mainly from dextrines and they 
release sugars slowly. Most commonly used sugars quickly enter the bloodstream 
and cause a serious strain on blood sugar regulation. It is important for our well-being 
to keep the daily fluctuations in our blood sugar level as small as possible. For 
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people with a poor sugar metabolism, this means restricting the intake of sweet foods 
to the barest minimum. 


A poor blood sugar metabolism is not restricted to an inappropriate rise in the 
blood sugar level. An equally dangerous component is a high insulin level, especially 
after ingesting sucrose and, to a somewhat lesser extent, when combining glucose 
with fructose. A high insulin level either leads to a strong fall in the blood sugar level 
sometime later (hypoglycaemia) or to conversion of sugar into fat, which leads to 
overacidity or overweight. 


A third outcome is increasing insensitivity to insulin and the development of 
Type Il diabetes. However, maltose or barley sugar, made from sprouted barley, 
should have a less harmful effect if used to sweeten starches. It consists of two 
joined glucose molecules and does not induce a strong insulin response, but it could 
still cause a stronger rise in the blood sugar level than unsweetened starches. Some 
of the symptoms associated with a poor sugar metabolism are overweight and 
underweight, high or low blood pressure, heart disease, arthritis, diabetes and 
hypoglycaemia, dental caries, colds, allergies, weak eyes, cold hands and feet, lack 
of energy, oversensitivity, and overacidity. 


For most individuals, sweet food is harmful because sugar is released into the 
system too quickly. Therefore, a sweet dessert or sweetener eaten with protein or 
fatty food is less harmful than sweet food such as fruit juice taken on an empty 
stomach or as sweetened starches (for example: sweet porridge, bread with honey, 
cake). Most affected are individuals with low blood pressure, sensitivity to cold and 
skin irritants, or those who are emotionally unstable; sugar-insensitive individuals 
usually benefit from naturally sweet foods. | regard artificial sweeteners such as 
aspartame as much worse than any natural sweeteners and suggest you avoid them 
completely. 


One natural sugar that appears to be relatively harmless and possibly even 
beneficial if used in small amounts is xylitol. It occurs naturally in fruits such as plums 
and strawberries and tastes like normal sugar; it also helps to prevent tooth decay 
and possibly ear infections and is acceptable for diabetics. However, it may cause 
diarrhea in larger quantities, so you need to experiment to see how much is 
acceptable for you. 


The Glycemic Index (G.I.): The G.I. lists foods according to the increase in 
blood glucose levels caused by their carbohydrate content two to three hours after 
eating. A high G.I]. means a rapid increase in blood glucose levels and vice versa. It 
is preferable to eat mainly low G.I. foods that produce a small or slow rise in blood 
sugar. Here are a few key examples, with white bread as the standard with a G.I. of 
100: glucose and maltodextrin, 137; sucrose (common or household sugar) and rye 
bread, 92; honey, 83; and fructose, 32. Legumes and nuts generally have a low G.I. 
From this short list, you can easily see why | have no faith in the G.I.: rye bread and 
sugar have the same G.I.! The reason for this is the low G.I. of fructose. 


Sucrose consists of one molecule of glucose and one of fructose. Fructose 
produces a strong insulin response that keeps the blood sugar level low partly by 
converting sugar into fat and partly by channelling glucose rapidly into muscle cells. 
Depending on the individual metabolism, the combination of fructose and glucose in 
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large amounts either produces overweight or overacidity. In addition, it increasingly 
leads to insulin resistance and Type II diabetes. 


Nevertheless, conventional nutritionists argue that sugar is not harmful 
because its G.I. is as low as or even lower than bread. | would not be surprised if it 
eventually turned out that the G.l. was developed on the instigation of the sugar 
industry. Most foods listed in the G.I. are processed carbohydrates that | do not 
advise you to eat anyway. If you select your carbohydrates according to the following 
rules, then you do not need to be concerned with the G.L.: 


e Eat mainly legumes and vegetables 
e Eat (fresh) fruits on their own and not with or after meals 
e Minimize sweetened food, grains, and cereals 


Proteins: Proteins from animal sources are oversupplied in traditional Western 
diets. Initially, this causes stimulation—you feel energetic and even aggressive—but 
later in life it leads to enzyme exhaustion, putrefaction of bowel contents, toxaemia, 
breakdown of the immune system, gout, and cancer. These problems are not due to 
proteins per se, but rather to the cooking of proteins, which destroys their enzymes 
and denatures their structure. Protein deficiency, on the other hand, causes slow 
growth, fatigue, and debility. 


Good sources of protein are grass juice (fresh or dried), pollen, spirulina, 
chlorella, almonds, lentils and other legumes, traditionally fermented soy products, 
sunflower and sesame seeds (tahini), raw egg yolk, naturally fermented and 
unpasteurized goat cheese and yogurt, fish, and (organic) liver and other organ 
meats. The less these are heated, the less digestive problems they will cause. 


Use red meat from organic or grass-fed sources and avoid predatory species of 
fish. Nuts are generally difficult to digest, except if soaked or sprouted. Soybeans and 
broad beans should not be eaten raw except if sprouted or fermented. Cooked 
soybeans can cause indigestion, except if you discard the soaking and cooking 
water; processed soy foods are not recommended because of their high content of 
anti-nutrients and the likelihood of genetic engineering in the beans themselves, 
although traditionally fermented soy foods are fine. 


Individual protein requirements differ, and more is needed during pregnancy, in 
childhood, and during convalescence. With advancing age and with degenerative 
diseases, use any flesh food in an easily digestible form, such as broth of fish, liver, 
or meat. It is good to combine legumes with starches, as, for example, lentils with 
brown rice. However, mixing different proteins to obtain improved amino acid 
composition is generally not required. Preferably, have your flesh foods no more than 
once a day and avoid products from feedlots or that contain growth promoters. 


Vegetarianism: Most individuals can remain healthy on a diet with moderate 
amounts of flesh food or as vegetarians without eating any flesh food. However, a 
strict vegan diet without any animal products is advisable only if there are no obscure 
health problems, because some people require certain nutrients to be supplied from 
animal sources (such as taurine, carnitine, or vitamin B12). 


Generally, sensitive people have weak adrenal glands and feel more energetic 
and emotionally balanced by using flesh foods. If these foods are excluded, such 
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people should have a high intake of legumes and complex carbohydrates (slow- 
digesting food) in their diet. People with alkaline and insensitive conditions, on the 
other hand, benefit from a partially vegetarian diet, possibly with some seafood and 
poultry. A fruitarian diet, based on tree fruits, nuts, and berries, is suitable as a 
temporary or extended cleansing diet for alkaline, insensitive individuals. 


Many vegetarian diets are not conducive to good health because of their high 
intake of sweet foods, milk products, wheat, oats, and inhibitors of protein-digesting 
enzymes in a soy-based diet. Further, minerals are better absorbed if the meal 
includes flesh food or gelatine. A diet high in nuts, oily seeds, and cereals can cause 
a deficiency in lysine (an essential amino acid) and predispose you to herpes and 
other viral infections; this usually can be rectified by using more legumes. Individuals 
with blood group O are basically meat-eater types and have great difficulty with a 
grain-based diet. However, on balance, vegetarians tend to be somewhat healthier 
than meat eaters. 


Fats and Oils: | recommend using foods with a wide range of fats and oils, 
provided that most of them are unheated. Oils are best supplied by eating products in 
which they naturally occur. Most recommended is extra-virgin olive oil; otherwise use 
cold-pressed oil stored in brown glass bottles. Avoid “lite” oils because they are more 
highly refined and also oils sold in plastic bottles, as oils can leach chemicals out of 
plastic. Store oils in a cool, dark place and in full containers; refrigerate oil in daily 
use, except varieties that easily solidify. 


Preferably, use only small amounts of heated saturated fats that are hard at 
room temperature, such as fat in hard cheese, beef, and mutton. Unpasteurized 
butter, like other unheated fats, is a healthy food. Avoid all chemically hardened 
(hydrogenated) fats, including margarine. Use mainly oils high in oleic acid, such as 
olive oil, almond oil, and, to a lesser extent, peanut oil. Peanut oil helps against 
arthritis but is not suitable for non-sensitive, alkaline people in whom it can contribute 
to the formation of fatty deposits in the arteries. Unheated coconut oil is beneficial for 
most individuals, despite being saturated and hard at room temperature. Its high 
content of short-chain fatty acids enables it to be easily metabolized to energy 
without causing undue weight gain. 


Use bottled polyunsaturated oils (high in linoleic acid) sparingly; it is preferable 
to obtain these oils directly from ingesting oily seeds. Such oils easily oxidize if the 
vitamin E intake is low and can contribute to the development of cancer. However, it 
is recommended to use more fish oils or linolenic acid, as in linseed (flaxseed), 
together with adequate vitamin E. 


People who are insensitive and alkaline, with cardiovascular disease, obesity, 
or skin and liver diseases, should be especially careful and avoid saturated and 
hydrogenated fats. Lecithin and vitamin A and E supplements will be especially good 
for them and cod-liver oil rubs are beneficial if you suspect fat malabsorption. 


Fruits and Vegetables: While vegetables are good for everyone and the more 
the better (except if sprayed with pesticides), fruits must be treated with caution by 
those with overacidity and poor blood sugar regulation. Use mainly fruits and 
vegetables in season that are grown in your region. Include plenty of green leafy 
vegetables and gradually increase your intake of fresh raw vegetables as in salads. 
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Cook or grate root vegetables with their skins left on and use the cooking 
water. Among the root vegetables, red beets are highly recommended for their 
positive effect on cell respiration and energy production. Fruits, especially acid fruits 
and berries, are excellent for those with alkaline and insensitive body conditions, 
including cardiovascular diseases, cancer, and diabetes. 


On the other hand, those who are overacid (usually with low blood pressure, 
allergy problems, lack of energy, and tendency to colds) easily become even more 
acidic on fruit. They should minimize their fruit intake and mainly use subacid 
varieties or, better still, neutralize acid fruit (as explained in Step 6 under “Alkalizing 
with Calcium and Magnesium”). Also they may better tolerate fruits that are not fully 
ripe; oily fruit such as avocados are usually well tolerated. 
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Step 34 
HEALTH DIETS 


Adopt a health diet suited to the specific requirements of your body. 


Diets for health improvement are different from slimming diets that do not 
always improve the health of the dieter. However, on a health diet, weight loss can 
be expected if you are overweight, in addition to an improvement in health. As a 
general rule, the more you follow a diet that is ideally suited for you, the better will be 
your health. The diets recommended in this chapter have been shown to be effective, 
but you may need to experiment to find individual variations that best suit your 
constitution and health problems. Your long-term diet together with your mental 
attitude and lifestyle will decide your health in future years; therefore, choose wisely. 


If you are on a conventional diet at present, you can change gradually to the 
high-quality diet (see below), a process that could take years, especially if you have 
to take along a reluctant family. Others can rapidly adopt a raw food diet, especially if 
confronted with an advanced degenerative disease. Nearly anyone can live 
temporarily on raw food as a cleansing measure. 


If you are unusually sensitive to raw food diets and develop digestive problems, 
you can eat cooked brown rice exclusively for several days or weeks as a mild 
cleansing diet. If even brown rice causes problems, try basmati or white rice. Use 
only olive oil and possibly a small amount of salt, herbs, spices, or vegetables for 
flavouring. Strictly observe how you feel as you reintroduce other foods. 


You need not be afraid that you can never eat your favourite foods again. The 
long-term impact on our health comes from what we eat daily, not from occasional 
transgressions. When you eat out, you can eat what is available; if it does not agree 
with you, you will know better the next time. Often our body becomes temporarily 
hypersensitive to foods that we have habitually eaten before. Then our reflexes were 
dulled, but now the body lets us know what is good or bad for us. Try to listen to it 
and become friends with your body. 


The High-Quality Diet: This is a low-allergy, semi-vegetarian diet based on 
freshly pressed vegetable juices, sprouted seeds, fermented and purple food, 
legumes, non-gluten grains, and a high intake of raw food. In this diet, cooked food is 
used more as a flavouring or to put on weight; the main part of a typical meal is a 
vegetable salad mixed with sprouted seeds. Use mainly grated, coloured root 
vegetables. If you cannot chew well, grate them finely or puree them. Examples of 
suitable roots are red beet, carrot, turnip, sweet potato, and pumpkin; tomato, 
cucumber, and celery can be added as flavouring. 


As a salad dressing, you can use olive oil, lemon juice, herbs, and spices. For 
example, shake equal parts of olive oil and lemon juice in a jar; then add one 
teaspoon of lecithin, a pinch of cayenne, and some marjoram or mixed herbs. You 
can also blend in some unsprayed lemon or orange skin or a whole lemon. Keep 
refrigerated and shake before using. A small amount of cider vinegar can be used if 
lemon juice is not available. 
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opposed spin equilibrium. 


Use only a minimum of commercially grown leafy vegetables and cabbage as 
they may have a high exposure to toxic sprays. Instead of greens, you can use 
sunflower and buckwheat lettuce grown in seed boxes; you might also try a small 
amount of very young wheat grass cut finely into a salad. If you have chewing 
difficulties or vegetable salads do not agree with you, have plenty of fresh vegetable 
juices produced with a non-centrifugal juicer. 


Before cooking legumes or whole grains, soak them overnight or even longer to 
start the germination process. Then the enzyme phytase can start converting 
phytates into inositol and liberate minerals that are otherwise not available when you 
cook these without prior soaking. Soaking and vigorously rinsing the seeds before 
cooking also reduce levels of any pesticide residues and mycotoxins from fungal 
contamination. Use mainly non-gluten grains, such as rice, millet, and buckwheat, 
also sago and tapioca. Corn is fine if you’ve passed allergy testing for it. For 
individuals with blood group O, | recommend that you use mainly vegetables rather 
than grains as the cooked part of the diet. 


Presoaked legumes need cooking only for a few minutes as they are already 
soft; the exception is soybeans, which are better if cooked for two hours. If cooked 
legumes cause wind, next time replace the water used for soaking as well as the 
cooking water. The cooking water for soybeans can be changed several times during 
cooking to avoid or reduce wind. 


Lentils are recommended as a cooked addition to a meal and can be combined 
with rice. For sugar-sensitive individuals, it is good to have legumes with breakfast to 
slow the absorption of glucose from the same and even from the following meal. 
Fenugreek is even more effective in this regard; preferably, also use the water in 
which it has been soaked. It is not necessary to cook legumes in order to slow the 
absorption of glucose, and even more effective are partly sprouted legumes. 


A breakfast based on ground linseed, yogurt, and bananas is suitable for most 
individuals; for details, see “Linseed Yogurt” under the recipes in step 37. For 
individuals with blood sugar problems it is preferable to eat sweet vegetables (e.g., 
carrot, pumpkin, turnip, and sweet potato) raw instead of cooked. If you cook them, 
do so cautiously, together with legumes or flesh food. 


Flesh foods should be eaten with restriction. The best flesh foods are (organic) 
liver and deep-sea fish of non-predatory species or seafood from uncontaminated 
coastal regions. Farmed fish commonly have high levels of pollution and low levels of 
beneficial omega-3 fatty acids, so are not generally recommended. (For fish species 
with acceptable mercury levels, check: www.ewg.org). Chicken or other fowl should 
preferably be organically raised or otherwise free of chemicals. 


Eggs in your diet should be genuinely free-range or organic and not from 
chickens fed any commercial pellets. Fresh, raw egg yolk is a health food that 
improves vitality and immune function; it can be used as part of a salad dressing. It 
does not increase but helps prevent the risk of heart disease. Alternatively, eat eggs 
soft-boiled or coddled. In view of the high incidence of egg allergy, if you are a 
regular egg eater, | recommend that you test yourself for egg allergy once a year 
after a period of one or more weeks of abstention from eggs. 
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The best milk products are yogurt, cottage cheese, and cheese made from 
goat’s milk. Raw goat’s milk can also be used as sour milk or clabber milk. If you are 
not sensitive to cow’s milk, these products can be acceptable if made from fresh, 
raw, organic cow’s milk. However, avoid milk products if you have catarrh or other 
mucus problems. 


Almonds are excellent, but nuts in general are more difficult to digest than other 
foods and should be used with caution. All oily seeds are easier to digest if soaked 
overnight; peanuts should be vigorously washed and rinsed to reduce any fungal 
contamination. Nuts and other oily seeds can be used as pastes or nut butters; tahini 
or sesame seed paste is good, and tahini can be diluted with olive oil for food 
flavouring. Unfortunately, the seeds are commonly roasted before grinding, and this 
also applies to commercial peanut butter. Highly heating fats or oils, as is done in 
frying or roasting, tends to oxidize oils, making them rancid, and this contributes to 
clogging of arteries and so-called free radical damage. However, sesame oil is more 
resistant to oxidation damage than other oils. 


| regard extra virgin olive oil as the best oil or fat for everyday use. Sesame and 
almond oils are also good, but generally expensive. Select oils with a dark color and 
strong flavour. “Fine, lite” oil has usually been heated during refining and lacks 
valuable cofactors; even cold-pressed oils may have been heated during refining, the 
more so the lighter they are. High-quality linseed oil is beneficial for many conditions, 
but as it needs extra care to keep it from getting rancid, you can store it in the 
freezer. 


Coconut oil, on the other hand, is least prone to rancidity and appears to 
provide good energy and body heat without causing undue weight gain. If you have 
access to fresh coconuts, you may find that ingesting the flesh often causes stinking 
wind, with or without additional indigestion. Pieces of coconut flesh are difficult to 
digest and are then fermented in the large intestines; this releases smelly short-chain 
fatty acids. You can avoid this by blending the coconut flesh for a minute or two with 
a cupful of hot water and then pressing it through a strainer. Refrigerate the liquid 
and residue and add them in small to moderate amounts to meals, use with other 
foods, or use on their own. 


Fruits need to be used with care. Conventionally grown fruits and tomatoes are 
exposed to more toxic sprays than most other foods, and their high sugar and acid 
contents often cause digestive problems for sensitive individuals. Minimize the use of 
sprayed fruit that is eaten with its skin, such as berries. You can reduce spray 
residues somewhat by soaking fruit in warm soapy water and by scrubbing hard- 
skinned fruit such as apples; afterwards, rinse well. Fruit such as apples or pears can 
also be peeled. Note that the core of sprayed apples and pears tends to have a 
higher pesticide content than the flesh. 


Individuals with sensitive skin or low blood pressure are better off using only a 
minimum of fruit or, alternatively, neutralizing any fruit acids ingested. Some types of 
fruit, such as bananas, papayas, or pears, are best eaten when they just start to 
ripen and are less sweet. Overripe fruit is usually not well tolerated, though apples 
generally cause less problems and avocados are usually fine. 


Individuals with insensitive skin and raised blood pressure, on the other hand, 
do well with fruit and may often have fruit alone instead of a regular meal, especially 
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for breakfast. Most beneficial for them are acid fruits, such as acid berries, grapefruit, 
acidic oranges, and pineapples. 


Individuals in a very weak or debilitated condition may not be able to eat raw 
vegetables. In such instances, use mainly cooked rice or other non-gluten grains with 
steamed vegetables and as much freshly pressed vegetable juice as can comfortably 
be consumed. This diet can also be used for those who temporarily become 
oversensitive to a wide range of food items or who want to maintain a stable basic 
diet while testing for food allergies or other negative reactions. If brown rice causes 
reactions, then try white rice or sago. 


Restricted Foods: Restrict foods that have a negative influence on your health 
and especially if you are already in poor health. You must decide for yourself how 
strict you want to be and how much willpower you can muster to remain on the high- 
quality diet. 


If you have cravings for a restricted food, it is better to give yourself a reward 
from time to time and eat some of it at set and well-spaced occasions rather than to 
snack on it daily or give up the whole diet because it is too difficult. Generally, the 
more severe your condition, the more strict you should try to be. Some restricted food 
may be harmless or even beneficial after you have sufficiently recovered. 


Intake of the following foods should be initially avoided and later minimized: 
e Wheat products and gluten-enriched items, commercial breakfast cereals 


e Cow’s milk products (except butter and non-pasteurized cheese) and foods with 
added lactose 


e Margarine, shortenings, and polyunsaturated oils, especially canola oil 
e Sugar and other sweeteners; all artificial sweeteners, as in “diet foods” 


e Pickled and smoked food and generally highly processed food with added ‘ 
chemicals 


e Food that has been irradiated or genetically engineered 


e Food cooked in a microwave oven or otherwise heated to higher than boiling 
temperature 


However, even in this strongly restricted group, items can vary greatly in their 
effect on your health. Wheat grass does not in this sense count as a wheat product, 
and wheat-germ oil is generally beneficial except to those who are allergic to wheat. 
Wheat germ itself has some positive aspects, but its disadvantages are its high 
gluten content, strong enzyme inhibition, and the frequent rancidity of commercial 
products stored without refrigeration. 


Sprouted wheat is a more beneficial product than cooked whole wheat, and 
flour products are less beneficial than whole wheat. Whole-meal sourdough bread 
can be beneficial for those not allergic to wheat, while white bread and cakes are 
devoid of vitamins and minerals and commonly contain added chemicals. However, 
whole grain products sometimes can cause sensitivity reactions, while the 
corresponding refined foods may be tolerated. 
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The least harmful cow’s milk products are sour cream, cottage cheese, and 
cheese made by natural fermentation; clabber milk or sour milk made from fresh raw 
milk; acidophilus milk and unflavoured yogurt made from whole milk only; and butter, 
especially if made from sour cream. These should all remain unheated after 
production and before ingestion and be made from organic or otherwise 
unchemicalised milk. 


Some of these products have various beneficial aspects while their negative 
aspects include the tendency to create cow’s milk allergy; their contents of lactose, 
casein, and saturated fat are also problematic. However, even butter is better than 
processed cheese, pasteurized milk, and the many low-fat products with their high 
content of mucus-forming lactose. The most harmful milk products are generally 
skim-milk powder and long-life milk. Another potentially harmful aspect of fatty milk 
products is their high estrogen content, which can act as a growth promoter for some 
female cancers. 


Cautionary Foods 


In regard to fat, butter is preferable to 
hydrogenated and chemicalised margarine and 
vegetable shortening. Avoid canola oil as it may 
have potentially harmful ingredients. Cold-pressed 
oils are preferable to conventional polyunsaturated 
oils, and those in plastic bottles should be avoided. 


In general the following foods 
should be used with caution: 


non-wheat gluten grains 
(barley, oats & rye) 


Sensitive oils such as food-grade linseed oil should 
be extracted under nitrogen and kept in cold 
storage without exposure to light, for otherwise they 
are likely to be harmful. The only healthy way of 
obtaining polyunsaturated oils is by eating oil- 
containing seeds. 


The least harmful sweeteners are barley 
sugar or maltose, raw honey, and soaked and 
ground dates. In terms of health there is not much 


peanut products 
yeast products 

flesh foods 

salted food 

frozen vegetables 
dried fruit & fruit juices 


soy products, except if they 
have been traditionally 


fermented. 





difference between white, brown, or raw sugar, and 
even honey can cause health problems. Therefore, 
use sweeteners only on rare, special occasions and in small amounts. Avoid artificial 
sweeteners, especially aspartame (Nutrasweet). 


With children or adults with cravings for sweets, a compromise agreement can 
be reached to abstain from sweets on all but one day of the week, when they can eat 
as many sweets as they like. Then they can gradually be steered away from 
commercial sweets to eat unsulfured dried fruit, and later fresh fruit. 


The only acceptable breakfast cereals, from a health viewpoint, are those 
without added sugar and preferably low in gluten. Bran can have some benefit as a 
laxative but it reduces the absorption of minerals and | do not recommend it. Ground 
linseed (flaxseed) is preferable. 


Pickled and smoked foods contain protein breakdown products that can trigger 
migraines, allergies, and neurological problems. Smoked food also contains 
carcinogens. Read the labels and avoid food with added chemicals unless these are 
vitamins, minerals, or carotenes. Beware, for some products, such as bread, are not 
required to have all chemical ingredients listed. Canned food is unhealthy because it 
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is precooked and may also contain lead from the soldering and other metals from the 
container, especially if the contents are slightly acidic. 


Excitotoxins are taste or flavour enhancers that release glutamate and other 
brain-active amino acids such as aspartate and cysteine. The best known example is 
MSG (monosodium glutamate). High blood levels can cross the normally protective 
blood-brain barrier and can cause brain cells to die. Excitatory amino acids cause 
problems, mainly when they are used either in high concentrations or in free form. In 
most natural foods, they are slowly released and therefore harmless. Most processed 
foods contain excitotoxins, notably any kind of commercial taste or flavour 
enhancers, such as caseinate, hydrolyzed vegetable protein, soy protein extract, 
yeast extract, or beef stock. These may be labelled as natural flavouring and are 
especially prevalent in soups, sauces, and gravies. 


There are many anti-nutrients in soy products, especially inhibitors of protein- 
digesting enzymes, phytates, and substances that agglutinate or clump the blood. 
Commercial soy milk either has been highly heated to produce soy-protein extract 
with denatured proteins or it is made of whole soybeans and then is full of these anti- 
nutrients. Increasingly, the soybeans may also have been genetically modified, with 
unknown consequences. 


The non-wheat gluten grains (especially oats with a high gluten content) can 
cause problems to those allergic to wheat or gluten. Rye sourdough bread is 
generally good, however, but many varieties of rye bread have added wheat 
disguised as bread-making flour. Yeasted products, such as bread, wine, and beer, 
can aggravate fungal problems, such as Candida infestations, which are frequently 
chronic with degenerative diseases. Yeast-baked bread has a lower availability of 
minerals than sourdough bread, while modern fast-baking processes are even worse 
and keep the minerals tightly bound to phytic acid and unavailable for absorption. 


Peanuts contain a long-chain fatty acid that is beneficial for arthritis but can 
contribute to the development of atherosclerosis. Poorly stored peanuts can develop 
a toxic mould that may also infest peanut butter. Any such mould is generally 
eliminated by removing the skin and thoroughly washing or soaking the peanuts 
before eating. Roasted peanuts contain harmful oxidized oil, which is also present in 
peanut butter; therefore minimize your use. Peanut butter without oil on top is worse 
and usually hydrogenated - avoid it. Some health stores can make a healthy peanut 
butter from raw peanuts. 


Flesh foods should be used sparingly. Eating meat requires that an individual 
have strong digestive powers, good muscle activity to properly metabolize it, healthy 
kidneys to discharge the high level of residues, and good bowel activity to avoid 
harmful putrefaction. It is often difficult to obtain chemical-free meat, depending on 
where you live, and it is not good to eat meat from unhealthy animals. Animals raised 
in feedlots and battery hens are in this category. 


Processed meat is even more chemically contaminated and best avoided as is 
meat with a deep red color due to added nitrates and nitrites. However, you may be 
able to remove most of the nitrates and nitrites by soaking the meat, including diced 
or minced meat, in warm water for a short time and then discarding the water. 
Individuals with blood group O are best suited to include some meat in their diet; 
those with blood group A are often better on a vegetarian diet. 
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Predatory fish such as tuna and shellfish are often high in accumulated 
pesticides and mercury and are not recommended for habitual eating. While sardines 
are safer, they have the disadvantage of being tinned. The best choice is fresh or 
frozen non-predatory deep-sea fish or other seafood from unpolluted coastal areas. 
For more advice on pollutants in fish of different species and from various locations, 
see the website of the Environmental Working Group: www.ewg.org. 


For most degenerative diseases and especially cancer and raised blood 
pressure, a high-potassium and low-sodium diet is required; therefore, food should 
not be salted. The absence of iodized salt in the diet may cause thyroid problems, 
which can be avoided by using additional kelp. However, in some conditions, when 
the adrenal glands are near exhaustion, such as with cystic fibrosis, glaucoma, and 
low blood pressure, additional salt is advisable; this is also true for individuals with 
dehydration, diarrhea, or excessive sweating. 


By far the best source of salt is seawater. You can evaporate seawater in flat 
trays exposed to sunlight to make sea salt. This typically has about ten times more 
magnesium and trace minerals than commercial sea salt. Commercial unrefined sea 
salt is salt that has been crystallized in fractions, and it contains very little of the trace 
minerals originally in seawater. Highest in magnesium and trace minerals is the brine 
out of which the sea salt has been crystallized. It is sometimes available in liquid form 
as “sea-minerals” and is highly recommended as a mineral supplement. However, 
magnesium chloride, commonly derived from seawater, can be used instead. 


Commercially frozen vegetables are precooked and contain sulphites or other 
preservatives, as do most fruit juices and dried fruit, which also tend to upset the 
blood sugar regulation. Dried fruit without added preservatives tends to have moulds. 
Preferably soak dried fruit or frozen vegetables and discard the water to minimize 
preservatives or moulds. Potatoes contain the toxic alkaloid solanine in any green 
parts, and arthritis often improves when avoiding nightshade vegetables including 
potatoes. Healthiest are non-greened potato peels and fresh, raw potato juice. Also 
avoid any green tomato pulp or skin, and preferably use red instead of green 
capsicum (although the latter is not as harmful as green potatoes or tomatoes). 


Tea and coffee have some benefits but become a problem if used in an 
addictive way. The same applies to alcohol. It can be beneficial as red wine, except 
for wines that contain the commonly added sulphur preservatives, which can trigger 
breathing problems in susceptible individuals. In this case, try to obtain wine without 
preservatives. Some traditionally brewed beers as well as some herbal liquors can be 
beneficial to stimulate the digestion. However, in general it is better to minimize 
alcohol intake and to test yourself against any preferred brands for food sensitivity. 
An allergy is commonly to a raw material or additive rather than to the alcohol itself. 


Raw Food Diet: From my experiences of healing as well as from reading many 
published reports, it is clear that a raw food diet is not only the most natural but also 
the most effective nutritional measure for healing and rejuvenation. While only few 
will be strong enough to adopt a complete raw food diet for life, it will be good for 
everyone to have occasional periods on raw foods only. 


Here are the main biochemical and nutritional advantages of raw food as 
compared to cooked food: 
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e higher vitamin and mineral content 

e minerals are largely present as biologically active colloids 

e anabundance of helpful enzymes and bioenergy or life force 

e proteins remain in their natural condition instead of being denatured 


e there is no increase in white blood cells in the digestive tract (digestive 
leukocytosis) as after eating cooked foods; leukocytosis is an immune response 
against toxic or microbial invaders 


e their polyunsaturated fatty acids and cholesterol do not become oxidized and 
carcinogenic nor contribute to heart disease, unlike cooked food 


e glucose is absorbed slowly, protecting the blood sugar regulation 
e no overweight or obesity produced 

e much less food is required as counted in calories 

e cleansing, rejuvenating, and anticancer properties 


However, there are some risks to a raw food diet. Some raw food contains 
enzyme inhibitors, goitrogens (causing goitre), vitamin inhibitors, toxic substances (in 
some exotic plants), parasites, and bacteria (in raw meat). In addition, some people 
starting on a raw food diet will have strong initial reactions due to the cleansing 
process the foods stimulate. 


There have been cases reported of severe digestive disturbances from eating 
large quantities of raw soybeans, broad beans, nuts, and wheat germ over long 
periods. This problem is due to the high content of inhibitors of protein-digesting 
enzymes that protect these seeds from self-destruction. Basically, all seeds have 
inhibitors of enzymes for the ingredients of which they are composed, but most do 
not have such a surplus of inhibitors as to cause digestive problems. Potatoes, sweet 
potatoes, and egg white also contain enzyme inhibitors. 


To obtain the maximum benefit from a raw food diet, it is necessary to free 
most of the enzymes from their inhibitors. Cooking destroys the inhibitors, but also 
the enzymes. The better solution is to sprout the seeds or at least soak them to 
initiate the germination process; discard the water used for soaking. 


Trypsin, the main protein-digesting enzyme of the pancreas, occurs in seeds. In 
one reported scientific experiment, the trypsin activity during germination of seeds 
increased from 7.5 units to 60 units after 24 hours, to 257 units after two days, and to 
333 units after three days. The inhibitor activity decreased from 100 percent in dry 
seeds to zero percent after 24 hours of germination. 


Fermentation with lactic acid bacteria also enhances the enzyme activity in 
seeds. This process is similar to making yogurt or sourdough. Even soaking nuts for 
a day before eating will greatly help. Their digestive enzymes are freed from their 
inhibitors to a certain degree when their tissue is damaged, and we see this when 
grated potatoes turn brown or mashed raw plants or fruit deteriorate within hours 
unless refrigerated. Similarly, raw egg white is easier to digest when it is well beaten. 


Goitrogens, which are in some raw foods, interfere with the body’s use of iodine 
and therefore may contribute to the formation of goitre or to an underactive thyroid. 
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Goitro-gens are mainly found in the cabbage family, also in soybeans and the skins 
of red-skinned peanuts. Cooking these or adding kelp to the diet can overcome this 
problem. Nevertheless, with an underactive thyroid, it is better not to eat much 
goitrogenic food in its raw state. 


Thiaminase is an enzyme in raw fish that destroys vitamin B1, but that is not a 
problem if food is correctly combined. Avidin in raw egg white makes biotin 
unavailable; this leads to a deficiency only if a large percentage of the daily diet 
consists of raw egg white. Furthermore, egg yolk is very high in biotin, so using whole 
eggs may not diminish your biotin intake. 


Those who have lived all their lives on conventional food are likely to have a 
fair amount of metabolic wastes and toxins stored in the body. These will be released 
by a raw food diet and can temporarily overload the organs of elimination and cause 
skin problems, headaches, weakness, and other discomfort. Therefore, it is advisable 
to move only very gradually towards a raw food diet or to have short cleansing 
periods on raw foods while also stimulating the organs of elimination. 


The basis of the recommended raw food diet is fresh vegetable juice as well as 
sprouted and fermented foods. Sprouted seeds can serve as the main part of a 
vegetable salad. Red beet is excellent and can be finely grated into the salad 
together with carrot, turnip, sweet potato, or pumpkin. Tomato and grated cucumber 
can be used for flavouring, with a salad dressing of extra-virgin olive oil, lemon juice, 
herbs, and spices. Instead of lemon juice, you can use cider vinegar, ascorbic acid, 
or rose-hip powder. Add lecithin as an emulsifier; shake well in a jar and keep 
refrigerated. 


Almonds, nuts, and sunflower seeds improve through starting the sprouting 
process; otherwise, eat them soaked and possibly blended or, better still, fermented 
as nut and seed cheese (see Step 37). 


While | do not recommend eating commercial eggs from hens in battery cages, 
even if well cooked (to kill salmonella, which is common in factory farming), eggs 
should only be ingested raw if they are free-range or organic. Swallowing an egg with 
yolk and white intact can cause indigestion in individuals with a weak digestive 
system. A raw egg is much easier to digest if it is well mixed with other food or drink. 


Alternatively, you can beat the white and then mix the yolk back into it. You can 
easily detect how fresh an egg is by immersing it in water. If it lies flat on the bottom, 
it is fresh. The older it is, the more the blunt end will rise. If it stands on its tip, it is 
rather old and may be better cooked; if it floats up, then it is rotten. 


If you eat flesh food, you can marinate fish or other seafood and even liver and 
other meat, which are best minced (see the recipes). This destroys parasites and 
makes raw flesh food safe to eat. You can also use raw minced meat, suitably 
flavoured with grated or chopped onion, tomato, or radish, and with lime or lemon 
juice. 

Use only organic or otherwise safe meat from a reliable source. Never use 
meat from a feedlot; also, pork is generally not safe. The safest conventional red 
meat appears to be lamb. (For genuinely free-range, grass-fed beef, bison, and 
ostrich, see: www.mercola.com). As a further precaution, periodically use an herbal 
anti-parasite program (see Step 44) and possibly an electronic blood purifier (Step 
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19). With these precautions, raw meat should be safe and healthy, while | regard all 
cooked meat as more or less unhealthy, partly because of its lack of enzymes, and 
also because of the formation of carcinogenic chemicals when heated above the 
boiling point. 


(For further ideas on eating meat raw and links to related sites, see: 
www.rawpaleodiet.org ) You can also mix a free-range egg yolk with the salad; if you 
eat the egg white raw, it is best beaten or blended. 


If you have no problems with mucus, such as occasional colds, a blocked or 
running nose, or respiratory problems, you can use fermented goat’s milk or raw 
cow’s milk as yogurt, sour milk, cheese, or cottage cheese. However, be careful with 
commercial fermented foods, such as yogurt, sauerkraut, or marinated fish. Rice 
bread or flat bread, preferably made from sprouted rice or otherwise made by 
soaking and blending the grains and possibly adding a sourdough starter, is suitable 
as a Staple food. It solidifies to crunchy flat bread at low oven temperatures or by 
exposure to the sun. Sprouted rice can be blended with water, fermented milk, and 
possibly banana as the basis of a meal. 


The most problematic food group is fruit, as I’ve suggested throughout this 
section. While meat is grounding, fruit is sensitizing. For insensitive individuals, 
especially with raised blood pressure, it is beneficial to have plenty of fruit, often as a 
meal. Especially good are acidic fruits, such as oranges or pineapple. Sensitive 
individuals, however, feel best with either neutralized fruit or only a small amount of 
subacid fruit between meals. Insensitive individuals can use fruit as their main source 
of energy, while those more sensitive can use rice baked at a low temperature and 
sprouted seeds. 


Bananas are a good bulk food for most individuals on a raw food diet. Sensitive 
individuals can eat them in the early stages of ripening or use mainly small or non- 
sweet varieties. They do well in breakfast as part of the Linseed Yogurt recipe (see 
Step 37). 


On this raw food diet there is no need to be concerned with variety or trying to 
have different foods for successive meals. A sprout salad contains all the required 
nutrients for health and healing; most individuals are happy to have the same basic 
salad for all meals with only minor variations depending on what is available. The 
only precondition seems to be that you overcome the addiction to cooked food by 
learning to make tasty raw salads. In cold weather, you can flavour a fresh vegetable 
juice with spices; carefully heat it to just below 120° F and drink as a broth. 


Most raw foodists will be content to have about 90 percent of their food raw and 
be free to have some cooked food when eating out and at parties. Even tahini 
(ground, roasted sesame seed paste) and kelp powder (commonly used with raw 
food diets) are in fact cooked or heated. Except for food to which you may have been 
addicted, try to let your body or intuition decide your food selection and meal 
composition. 


Slimming: The high-quality diet and even more so the raw food diet will 
normally ensure gradual weight loss for overweight individuals, while at the same 
time maximizing health improvement. | always put the main emphasis on the health 
aspects of the diet rather than its slimming potential. As we become healthier, we 
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automatically find the right weight for our constitution. However, no diet will help if 
your eating problems are emotionally based, so you have to heal your emotions first. 


Generally, the most important dietary aspect of slimming is to avoid all cereal or 
grain products, as well as sweetened food. Try experimenting with these possibilities: 


e Have an appetite-reducing protein drink 30 minutes before meals with any 
combination of the following ingredients and in any amount that suits you: 
green barley juice powder, spirulina powder, food yeast, ground linseed, linseed 
(flaxseed) oil, or olive oil. Use this as a warm or cold drink to keep hunger away 
for hours. 


e About 30 minutes before meals, stir one teaspoon of psyllium hulls in a glass of 
water and drink immediately. If necessary double the amount to two teaspoons 
in a large glass of water. Psyllium swells up 40-fold to fill the stomach with a soft 
gel, so don’t overuse. 


e Eat only lentils or other legumes, green vegetables, and sprouted seeds in 
addition to the above. 


e For cooking, use mainly legumes, non-sweet, non-starchy vegetables and flesh 
foods; for starches choose high-fibre varieties (e.g., brown rice, rolled oats) and 
add ground linseed. 


e Adopt a mono-diet: one day eat protein foods only, the next day fruits, and the 
third day sprouted seeds, vegetable salads, and vegetable juices. Repeat as 
often as required. 


e Adopt a cleansing raw food diet with mainly vegetables and green juice, sprouts 
and fruits, nuts and oily seeds, possibly raw beaten egg, and marinated fish. 
Sensitive individuals should neutralize fruit acids (see Step 6). 


e For two weeks, eat only protein and fat foods and green vegetables with less 
than 40 g of carbohydrates per day; ground linseed is the best protein/fat food. 


e Repeat times when you rely on vegetable and grass juices in addition to 
vegetable salads. 


e Avoid all sweet food, as it stimulates the appetite and the synthesis of fat. In 
particular, do not eat fructose-containing foods with starches and eat fresh fruit 
on its own. 


e Avoid all grain products; especially helpful for people with blood group O. 


e Avoid all fats and oils except fresh, unheated linseed oil, which will not put 
weight on you; experiment with coconut oil in your diet. 


e Preferably skip the evening meal or have only a small salad or apple. 


e Get some light daily exercise, such as a brisk 15-minute walk or jogging; use a 
rebounder or do some other aerobic exercise. The metabolic rate is speeded up 
for a long time after exercise. Take 1 or 2 g of carnitine before exercising to 
burn up more fat. 


e Use a low-allergy diet combined with the correct foods for your blood group 
(see Step 43). 
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e Use mind therapy, such as guided imagery and affirmations; look at your belief 
systems; release negative emotions; and express your emotional needs. 


e Eat very slowly; peacefully chew every mouthful until it is liquefied; savour the 
flavours as they develop during chewing; make every mouthful last about two 
minutes. 


Hypoglycaemia Diet: Most people who are sensitive, are overacid, have 
allergies, or have a low energy level are usually hypoglycaemic to some extent and 
will benefit from this diet. Hypoglycaemia means low blood sugar: when a 
hypoglycaemic person eats sweet foods, the blood sugar level often soars too high at 
first, but later falls to below normal. During this fall and while the level is below 
normal, a variety of distressing symptoms can affect the breathing, circulation, 
digestion, or the emotional and mental condition. 


When the blood sugar level rises after sweet food intake, the pancreas reacts 
by releasing insulin, a hormone that regulates the blood sugar level. In a 
hypoglycaemic person, the pancreas releases too much insulin, especially in 
response to ingesting sucrose or a combination of glucose and fructose. The excess 
of insulin causes glucose to enter the cells too quickly. This then creates oxygen 
deficiency within the cells and instead of energy, lactic acid is produced in an 
anaerobic process. All this makes the body tissues overly acidic and deprives them 
of minerals and energy. 


The mainstays of the hypoglycaemia diet are: 
e Gluten-free grains: rice, millet, maize, buckwheat, sago, tapioca 


e High-protein seeds: chickpeas, lentils, fenugreek, peas, beans, almonds, 
sunflower seeds 


e Animal protein: white, red, and organ meat, fish (especially sardines and 
salmon), eggs, goat cheese 


e Sprouted seeds and vegetables: cooked, raw, and juiced; avocados, coconut oil, 
and extra virgin olive oil 


Eat grains whole in preference to flour or meal products. However, coarsely 
ground grains can be beneficial if eaten raw: Immerse them in water or seed milk and 
let soak overnight. Rye sourdough bread and rye crispbread can be eaten after 
allergy testing (see Step 5). Raw egg yolk from eggs from free-range chickens can 
be used as a salad dressing. Other important additions are spirulina, bee pollen, 
ground linseed, kelp, lecithin, gelatine with vegetables, and fresh green-vegetable 
juices, especially grass juice or dried grass juice powder and possibly food yeast. Try 
coconut oil and freeze-dried liver to increase your energy level. 


Most of the vitamins and minerals are just under the skin of the produce, so do 
not discard the peel of suitable fruits and root vegetables. Nuts should be used 
sparingly, except if sprouted or made into seed cheese (see Step 37). Eat cooked 
sweet vegetables only with a protein meal; raw carrots, on the other hand, are good 
any time. 


Reintroduce fruits to your diet cautiously and with self-observation. Use sweet 
fruits only in the early stages of ripening, before they become too sweet. This applies, 
for example, to bananas and papaya, but do not use fruits that are sour before 
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ripening. Subacid fruits, such as apples, cause less problems than sweet-acid fruits, 
such as oranges. Preferably eat fruits only sparingly and as a snack between meals, 
and neutralize any fruit acids (see Step 6). However, under-ripe or non-sweet 
varieties of bananas may also be suitable. 


As a general rule, try to avoid: 
e Sweet food, initially including all sweet and acid fruits and sweet vegetable 
juices 
e Food containing lactose, especially milk products, though butter can be used 
e Vinegar or other fruit acids, unless they are neutralized 
e Initially no wheat, later only sparingly after allergy testing 


e Tobacco, alcohol, drugs, artificial sweeteners, highly processed foods or those 
with added chemicals 


Coffee and tea can be used in moderation, but only if you are not allergic or 
addicted to them. Lightly salted food may be beneficial. If possible, eat a protein 
breakfast and a light evening meal, and take a rest after lunch. The best protein is 
sprouted legumes as the main part of a salad. According to the severity of the 
symptoms, this diet may be followed strictly or in a more relaxed form and generally 
as part of the high quality diet. 
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Step 35 
SPECIAL FOODS 


Take advantage of the health-giving properties of bee pollen, 
sprouted seeds, fermented foods, and purple foods. 


Bee Pollen and Special Foods: Various foods have general healing qualities 
or help to overcome specific health problems. For example, foods high in enzymes 
and growth hormones improve our overall health. Sprouted seeds, bee pollen, 
spirulina, grass juice, and unheated lactic-acid fermented foods are in this category, 
as are fresh edible flowers such as nasturtium, impatiens, and pumpkin. While the 
stamen of pumpkin flowers that bears the pollen is somewhat bitter, flower petals 
from the male plants are especially high in bioflavonoids, which help fight against and 
prevent allergies and inflammations. 


Bee pollen is one of the best foods or supplements available. It is a raw food 
rich in enzymes, hormones, vitamins, and minerals. You can take one to three 
teaspoons of bee pollen several times daily or use it to flavour your freshly pressed 
vegetable or grass juice. To make it easier to digest, soak the pollen in liquid for 
some time before ingestion. It is also a good addition to yogurt or other food to be 
fermented. 


A highly recommended protein combination is bee pollen with spirulina and 
ground linseed. Taking one or more teaspoons of each three times daily mixed in a 
juice or other suitable liquid before meals can provide up to half of your daily protein 
needs. The average protein content of spirulina is 65 percent; pollen has 25 percent, 
and linseed (flaxseed) 22 percent. Spirulina provides a link between animal and 
vegetable protein, and it is high enough in vitamin B12 that vegans (vegetarians who 
do not ingest any animal products) can live on it. 


The protein in this combination (bee pollen, spirulina, and linseed) is uncooked, 
so it is easily digested and good as replacement for a part of the usually eaten animal 
protein. Another advantage is a favourable calcium-to-phosphorus ratio and a high 
mineral content, making it alkalizing rather than acid-forming in the body. Add to this 
a handful of sprouted seeds once or twice a day, and you have the basis of a healthy 
diet, which you can supplement with meat rather than using meat as a staple. 


Foods high in sulphur can be increased to improve detoxification. Such foods 
include raw egg yolk, onion, horseradish, watercress, turnip, and other raw foods of 
the cabbage family. Most of these are also helpful in treating digestive ulcers; 
horseradish can be used to help treat mucous complaints. A supplement high in 
organic sulphur is called MSM, available in many health food stores. 


Bananas are good energy providers for those with a weak digestion. However, 
overripe Cavendish bananas (this is the most common variety) often cause digestive 
discomfort or allergies in sensitive individuals. This problem is commonly caused by 
over gassing the green bananas with ethylene gas shortly before sale to make them 
ripen quickly. Ladyfinger bananas or other small varieties do not normally cause 
digestive problems. Sensitive individuals generally should avoid overripe fruit. Acid 
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citrus fruits are excellent for improving liver functions and lowering high blood 
pressure, blood sugar, cholesterol, and fat levels in insensitive individuals. 

Jerusalem artichokes consumed in frequent small quantities are beneficial for kidney 
function and for diabetes. Eat one the size of an egg every other day, and store 
Jerusalem artichokes in soil, not in the refrigerator. Also eating (organic) liver often 
helps those with diabetes, as does eating avocados and green beans. 


Sprouted Seeds: Sprouted seeds and young shoots such as wheat grass 
provide a higher degree of vitality and rejuvenation than other foods. | recommend 
sprouted seeds as a mainstay of a good diet. Most commonly used for sprouting are 
legumes such as lentils, peas, mung beans, fenugreek, and chickpeas, but almonds, 
peanuts, and sunflower kernels can also be sprouted. Sunflower and buckwheat 
seeds make a tasty salad when grown in seed boxes and cut close to the soil when 
the sprouts are two to four inches high. 


Alfalfa sprouts are high in a detergent-like saponin that can damage the 
intestinal wall in sensitive individuals. They have been shown to aggravate 
autoimmune diseases and possibly cancer. For others, they may be a good food to 
eat after allergy testing has confirmed you do not have allergies to them. Alfalfa 
sprouts should be exposed to light after the leaves emerge, while other sprouts 
usually taste better before their leaves develop. Alfalfa seeds easily rot in wet 
conditions and are best sprouted in an upturned jar covered with muslin held in place 
with a rubber band. 


It is important to use seeds with a high germination rate. Buy a small quantity 
for testing, and if they sprout well, buy a larger quantity from the same source and 
keep them in an airtight container. Lentils and mung beans are easy to sprout. Soak 
the seeds overnight and then rinse several times a day, drain well, spread out lightly, 
and keep covered. Wash well again just before eating to remove any bacteria and 
fungi. If seeds are of poor quality and start rotting easily, use them when the sprouts 
just start to appear, otherwise wait until they are up to one inch long, which is usually 
within three days. 


Mung beans may retain hard shell pieces after soaking that can damage your 
teeth. This can be avoided by pouring some boiling water over the seeds initially and 
letting them soak in the cooling water. Peas and lentils, on the other hand, like it cool 
and sprouts easily deteriorate in hot conditions. Sprouted seeds can be refrigerated 
in a closed container after they have reached the desired length. Individuals sensitive 
to fungi and microbes can wash sprouted seeds in diluted hydrogen peroxide shortly 
before use. If you have difficulty chewing or if sprouted seeds cause much wind, try 
using them as part of your fresh juice. 


If seeds do not sprout well, the cause may be as follows: 
e Seeds may not be viable, may be too old, or have been stored incorrectly. 
e Temperature during sprouting is too high or too low. 


e Seeds were kept too dry or too wet during sprouting; experiment and adjust 
conditions. 
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Fermented Foods: The use of fermented foods was widespread in former 
centuries. Well-known examples are yogurt, cheese, cottage cheese, beer, cider and 
cider vinegar, pickles, miso, sauerkraut, and sourdough bread. 


The advantages of fermenting foods are several: 
e Makes minerals more easily available for the body to absorb 
e Eliminates enzyme inhibitors and other anti-nutrients 


e Increases the amount of vitamins in the food and creates an abundance of 
enzymes 


e Preserves the food and introduces delicious flavours 


e Makes food much more easily digestible, making it essentially predigested and 
suitable for those with a debilitating condition and weak digestive system 


Today most of these traditional fermented foods such as vinegar, pickles, 
cheese, cottage cheese, and baking products are commercially made by chemical 
means. This disuse of the fermentation process in preparing our staple foods may 
well be a major contributing factor in chronic diseases. 


It is most important in the fermentation process that a desirable strain of 
bacteria develop. This depends on the bacteria already present or introduced, as well 
as on the temperature during fermentation. Basically, we want lactic acid bacteria 
that convert glucose into lactic acid. In order to ensure the development of pure 
bacterial cultures, the food is often heat-treated and then inoculated with the desired 
strain. However, | contend the product is nutritionally superior if it has not been heat- 
treated. Grains such as rye, oats, millet, wheat, and brown rice and vegetables such 
as cabbage are best fermented at a warm room temperature, while cultures 
containing yogurt or acidophilus bacteria do better between 85° and 105° F. 


There is a distinction between the fermentation of yeast and that of lactic acid 
bacteria. Yeast fermentation is used in traditionally made beer, wine, and bread. Due 
to the overuse of antibiotics in recent decades, many individuals are now allergic or 
sensitive to yeast. Therefore it is advisable for sensitive individuals to restrict intake 
of yeast products and for others to abstain periodically or after antibiotic treatment 
and to test for incompatibility. 


When fermentation is uncontrolled, as it is when making sauerkraut or with 
water in which grains have been soaked for several days, a mixture of lactic-acid 
bacteria and yeast usually develops. This mixture is not a problem for many, but 
sensitive individuals need to watch out and may have to avoid this. 


In making yogurt, sour milk, sour cream, and cheeses, lactic-acid fermentation 
is the preferred natural method and still widely used in cottage industries. However, 
due to the mucus-forming potential of lactose, these products should be used with 
caution, especially if made from cow’s milk. The curd causes less of a problem than 
the whey (the whey contains most of the lactose), and goat’s milk less than cow’s 
milk. Most commercial fermented milk products are heat-treated and often very high 
in lactose, and it is best to avoid them. 


A health food seed cheese or seed yogurt can be used. This is commonly 
made from oily seeds such as nuts, almonds, or sunflower kernels by adding 
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acidophilus culture to the soaked and blended seeds. Contamination of the seed 
cheese with yeast can be minimized by washing the seeds in diluted hydrogen 
peroxide before blending, adding a large amount of starter, and letting it ferment for 
only a short period. The same applies to sourdough bread, which is also 
recommended. 


Do not use strongly fermenting products that have become very sour. You can 
discard the whey and wash the curd to make it acceptable. Nevertheless, do not use 
any fermented food that has a foul smell or taste. The water used for fermentation 
should be free of chlorine and fluoride, as these will poison the enzymes released in 
the fermenting process. 


Fermenting or fermented products should not be kept in metal containers nor 
should a metal spoon be left immersed in the food as this increases your exposure to 
toxic metals. Plastic containers are not so good either; use ceramic or glass 
containers instead. Fermented foods can be refrigerated for a week or two; part of 
the former batch can be used as a starter for a new lot, but beware of contamination 
with yeast. It is especially important to eat fermented foods during and after a course 
of antibiotics and if you have cancer or another degenerative disease. 


Purple Foods: The term purple foods as used here includes all foods that yield 
purple juice when cooked or pressed with their skin. The color pigment in purple 
foods belongs to the large group of bioactive natural chemicals called bioflavo-noids. 
We find them as red, blue, and purple pigments in a wide range of flowers, fruits, and 
vegetables, but also in the pulp of citrus fruit. Two well-known bioflavonoids are rutin 
and quercetin. 


Another important nutrient group is the carotenoids that form the yellow, 
orange, and red colours in flowers and fruits. Best known among these is beta- 
carotene. Even more important for healthy eyes and especially to protect the retina to 
prevent blindness from macular degeneration are lutein and zeaxanthin. These two 
are found in spinach, lettuce, broccoli, peas, and corn. Lycopene appears to protect 
the health of the prostate gland; studies have found it protective against exercise- 
induced asthma. You can find it in red-hued fruits and vegetables, such as tomatoes, 
pink grapefruit, guavas, papaya, and watermelon. 


If you have the opportunity, frequently snack on flower petals or put them 
through the juicer. Suitable are the big petals of male pumpkin flowers or the whole 
flowers of impatiens or nasturtium; nearly all flowers of edible vegetables can be 
used. However, if you do not know whether a flower is edible, avoid using it in this 
way. 


The pigments of purple foods are highly unsaturated and therefore are strong 
antioxidants. One important group of purple pigments is the proanthocyanidins 
(PAC’s); when many individual anthocyanin molecules are linked together they are 
also called oligo-proanthocyanins (OPC’s). One such compound that is commercially 
extracted from pine bark is sold as pycnogenol; a variant with similar qualities is sold 
as grape seed extract. The OPC’s have lost their purple color, but this may be 
restored when they are broken down in the body into their individual components. In 
nature, anthocyanidins are bound to different sugars, and during digestion, the 
sugars are split off to release them for absorption. 
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The color of black, purple, or red grapes, blackberries, blueberries, red wine, 
and red cabbage consists of anthocyanins, the individual molecules and active form 
of PAC’s. The pigment of red beet belongs to a subgroup of anthocyanins, the 
betacyanins. Both groups have strong antioxidant and anti-inflammatory properties 
and improve the elasticity of blood vessels and skin. PAC’s, anthocyanins, and 
betacyanins also help to restore normal oxidative metabolism or cell respiration. 


They are important not only for normalizing cancer cells, but also for conditions 
of chronic fatigue and general lack of energy, as they assume the role of oxygen as 
electron acceptors. Purple foods ingested in sufficient amounts can improve the 
elasticity of skin and blood vessels. In combination with other bioflavonoids, they are 
beneficial with various diseases such as allergies, inflammation, infections, parasites, 
cancer, liver disease, vascular diseases, thrombosis (blood clotting), chemical 
toxicity, and coronary artery disease. 


Purple foods should generally be eaten with the skin on as this is usually the 
most strongly coloured part of the plant. However, with purple onions the outer skins 
are not edible, but you can utilize them as a tea. Grapes should be well rinsed before 
eating to remove fungi or moulds. Sensitive individuals and especially those with 
Candida may find it preferable to soak the grapes for a while in hydrogen peroxide. 
When fresh grapes are not in season, the juice of black grapes has reportedly been 
used with good success in the treatment of cancer. For this, a 24-ounce bottle of dark 
grape juice can be sipped at intervals during the morning, taking no other food before 
lunch. See “The Grape Cancer Cure” on website: www.quantumbalancing/grape.htm. 


Red beet is the best purple vegetable. The purple pigment in beets has been 
shown to increase and normalize cell respiration, the oxygen-based energy 
production within cells. Red beet is one of the key foods in preventing as well as 
curing cancer; it is equally important in the treatment of other degenerative diseases, 
such as chronic fatigue syndrome, characterized by reduced cell respiration. 


When cellular energy is produced through the oxidation of nutrients, electrons 
and hydrogen ions are transferred onto the inhaled oxygen to produce water and 
energy. In cancer cells and in conditions of chronic fatigue, the respiratory enzymes 
that accomplish this transfer have been diminished or destroyed. The color pigment 
in beet root (and other purple food) strongly binds electrons and hydrogen and can 
reactivate the production of cellular oxidative energy. Researchers have shown that 
the energy production of cancer cells can be normalized by a combination of red 
beet, raw fermented food, and vitamin C.22 The multiplication of cancer cells will thus 
stop, and tumours become non-virulent. Clinical tests using red beet with cancer 
patients revealed that often tumours regressed and disappeared. In the cancer 
therapy with red beet, two pounds were used daily. However, if used together with 
other purple foods, much less beet may be needed. For instance, combine one 
pound of red beet with one pound of dark grapes or one pint of dark grape juice. 


Use plenty of red beets grated in salads, juiced, and cooked, and remember, 
the residue from the juicing can be cooked. Occasionally, a small beet may leave an 
acrid aftertaste. Taste suspect beets before making salads or juice; cooking them is 
fine, and beet tops can also be cooked. Tinned beet has lost most of its pigment and 
is of little nutritional value. 
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A Checklist of Laxative Foods 


For the improvement or maintenance of good health, it is desirable to have two or three 
bowel movements daily. A general lifestyle improvement will do much to achieve this 
goal, but initially it may be necessary to include some laxative foods as well. Here are 
some practical suggestions: 


Bran: A mild laxative, however, it accentuates mineral deficiencies and weight loss. 
Wheat bran is not suitable for anyone who is sensitive to wheat. | do not recommend 
wheat bran, but you can experiment with rice bran, provided you take trace mineral 
supplements with bran-free meals. 


Freshly fermented foods: These often have a strong laxative action. 


Isotonic flush: Add 9g of salt (approx. one heaped teaspoon) to one litre of water, or 
use one cup of seawater diluted with 3 cups of fresh water. Drink this within a few 
minutes on an empty stomach and take no other food or drink for the following 30 
minutes. This is excellent for cleaning the whole of the gastro-intestinal tract, but it 
should not be used if a severely restricted intake of sodium is indicated for other 
conditions. 


Linseed (flaxseed): Mildly laxative and soothing for irritated bowels. Preferably use 
ground linseed, otherwise one tablespoon of dry seeds with water some time before 
meals and at bedtime; swallow whole. If the intestines are irritated, use fenugreek or 
slippery elm powder with the linseed. 


Magnesium salts: Take one tablespoon of Epsom Salts with water; milk of magnesia is 
excellent if neutralised with ascorbic acid; alternatively, try increasing amounts of 
magnesium chloride. 


Molasses: Use on its own or with yeast in warm water. 


Mustard seeds: Take half a teaspoon of whole dry seeds with water twice daily, some 
time before a meal; do not chew. This helps to strengthen bowel function and overcome 
gas formation. Continue for two months or as required. Do not use mustard seeds if the 
intestines are irritated. 


Prunes: May be eaten raw, soaked or cooked. 


Psyllium hulls: These are preferable to bran. Stir a teaspoonful in a large glass of water 
and drink immediately about 30 minutes before meals as often as required for either 
laxative action or weight reduction. 


Senna: Pods, powder, or leaves can be added to herb teas. 


Urine: drinking a cupful of your diluted morning urine has a good laxative effect. 


Water: Drinking a large quantity of pure water within a short period will cause part of it to 
rinse the bowels. Take two pints or more of warm water before breakfast (see Step 36). 





Red beet may be available only seasonally, but you can store a large quantity 
in moist sand. Keep the tops exposed in a cool, shaded place with just enough 
moisture to prevent drying out. After a good root system has developed, you can also 
let them continue to grow in a sandy and well-drained soil, neither too wet nor too dry 
to avoid rotting or mould development, but check them frequently. 
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Raw Egg: Fresh raw eggs, genuinely free-range from hens fed on greens and 
grains, have health-giving and healing properties. However, egg allergy is 
widespread so if you habitually consume them, test yourself for egg allergies. Raw 
egg yolk does not raise the cholesterol level, and it is high in sulphur compounds that 
strengthen connective tissue and detoxify the liver. Fresh raw egg yolk has long been 
known to enhance or rejuvenate sexual energies required for having sex, but more 
importantly for creative activity in general and for physical fitness. Very fresh raw, 
beaten egg white has germicidal properties. 


The cell walls of lymphocytes (white blood cells) become more rigid with aging, 
AIDS, and viral infections, mainly due to increased cholesterol levels in cell walls. 
Lipids extracted from raw egg yolk have been reported to normalize rigid cell walls 
and fully restore immune functions. This has led to great improvements in AIDS 
patients treated with egg-yolk lipids. 


Linseed and Sulphur-Rich Foods: Together with fish oils, linseed or flaxseed 
oil is our best source of the omega-3 essential fatty acids. These polyunsaturated 
fatty acids are important for brain and nerve functions, for the fluidity of cell 
membranes, and for oxidative cellular energy production. Of great importance for this 
energy production are lipoproteins formed from essential fatty acids and sulphur- 
proteins (cysteine, methionine). These are concentrated in active tissue such as 
glands, liver, brain, muscles, and skin and are needed for oxidative energy 
production or cellular respiration. 


Key enzymes formed from cysteine and essential fatty acids are typically 
deficient in individuals with degenerative diseases such as cancer, chronic fatigue 
syndrome, diabetes, and many skin diseases as well as heart, liver, and kidney 
degeneration. These and other diseases have reportedly been reversed with high 
intakes of high-quality linseed oil and sulphur-rich foods. 


Linseed oil is very sensitive to oxidation (spoilage) and special precautions are 
needed to obtain and retain a non-rancid product. The linseed or flaxseed oil must be 
fresh when purchased, not more than a few months old and produced below 120° F 
without light and oxygen; store it in a cool, dark place and refrigerate before and after 
opening. It should never be heated. 


As high-quality linseed oil is expensive, usually it will be sufficient to use freshly 
ground whole linseed instead of or in addition to the oil. Linseed contains 35 percent 
linseed oil and you can use several tablespoonfuls of ground linseed a day. This also 
has a mildly laxative effect. Grind it fresh in a coffee grinder or, alternatively, use a 
blender, screen it through a strainer, and add the coarse residue to the blender again 
with the next lot. 


Ground linseed can be refrigerated for a few days but is better stored in the 
freezer. For individuals with malabsorption problems and for those wanting to 
improve their skin, linseed oil can also be rubbed on skin normally protected from the 
sun. In addition, | recommend unheated extra-virgin olive oil internally as well as on 
the skin. This is a good source of squalene, a strong antioxidant that is also important 
for energy production; it is also a key ingredient in the healing properties of shark 
liver oil. 
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Regarding the sulphur foods, the main sulphur amino acids are L-cysteine and 
L-methionine. Eggs are a good source of these, but they can easily be produced from 
other sulphur-rich foods such as onions. As mentioned, the best supplement form of 
organic sulphur is MSM. In her cancer therapy, Dr. Johanna Budwig, a fats 
researcher, recommends cottage cheese (“quark” in German) made from raw 
fermented skim milk as the main source of sulphur amino acids. However, according 
to the blood group diet theory (explained later in the book), this may only be suitable 
for individuals in blood groups B or AB, and not with hormone-related cancer. 


Do not use D,L-cysteine or methionine, but use only the natural L-forms. While 
cysteine is very important for detoxification and energy production, new research 
shows that it may also act as a neurotransmitter in the brain and that high doses can 
create an imbalance in the brain of susceptible individuals. Therefore, it is generally 
best to obtain it or synthesize it from sulphur-rich foods. High doses of methionine, on 
the other hand, can cause a problem in individuals who are deficient in vitamin B6; 
problems can be avoided by supplementing it together with vitamin B6. 
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Step 36 
WATER AND JUICES 


Heal yourself with fresh vegetable and grass juices. 


Let’s start by the discussing water in your diet. It is important that we take in 
sufficient water for the smooth functioning of our metabolic processes, and especially 
to flush away their end products. In normal health and on a diet that includes fresh 
fruits and vegetables, an additional fluid intake of about a quart daily is usually 
adequate. However, in the following conditions, drinking close to two quarts of fluids 
daily is desirable, and more than that if you are overweight: 


e If mainly concentrated foods are used in the diet 

e If you’re on a diet high in protein 

e If the urine is cloudy, has a strong smell, or is dark in color 

e In hot conditions 

e While breast-feeding 

e During the initial stages of health improvement and in cleansing periods 


The Benefits of Water: Your fluid intake can consist of water, diluted juices, 
and herb teas. Concentrated drinks such as coffee, milk, and strong tea do not count, 
as their water content is needed to wash out their own residues. Occasionally check 
that you produce about three quarts of inoffensive (in terms of odour) urine per day. 
In hot climates, there is a high incidence of kidney disease because many people do 
not drink enough water. For instance, a high incidence of oxalate kidney stones 
among British troops in India during World War II has been blamed on excessive tea 
drinking 


If using large amounts of fluids, you must ingest adequate amounts of water- 
soluble vitamins and minerals; otherwise deficiency symptoms can develop as you’re 
likely to flush these nutrients out of your system. The time of drinking, too, is very 
important. One should be careful not to dilute the digestive juices during and after 
meals, although some liquid, such as in the form of herb teas, can be used after dry 
meals. Generally, however, it is better to drink before meals and to have the bulk of 
the fluid intake before breakfast. This is especially important if the digestive system is 
weak. | regard it as highly beneficial for the kidneys to flush them regularly with a 
high-volume fluid intake, such as a quart of water or diluted juice before breakfast. 


After drinking water, wait for about 20 minutes before starting a meal, and after 
drinking juices, wait for 30 to 60 minutes, depending on the quantity. It is good to 
drink a glass of warm water or herb tea first thing in the morning to wash down 
mucus and debris. 


Chlorine and added fluoride in drinking water are always harmful. However, if 
the water is high in calcium, then fluoride is less harmful, because calcium fluoride is 
nearly insoluble and not well absorbed. On the other hand, if the water is soft or rich 
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in magnesium, iron, or sulphur, then fluoride can be harmful. Avoid chlorinated or 
fluoridated water for drinking or cooking; however, most of the chlorine can be 
removed by bringing the water to a boil and letting it cool before drinking. 


As a strong enzyme poison, fluoride is especially harmful for individuals with 
chronic degenerative diseases. In countries where water fluoridation is common, we 
can suspect that all commercial liquids with added water contain fluorides. 
Commonly, these include all soft drinks, soy milk, and even 100 percent fruit juice, 
which is usually reconstituted by adding water to concentrates. However, municipal 
tap water also contains other added chemicals and a good water filter is 
recommended. 


Our magnesium intake has greatly declined since the 1940s because calcium 
fertilizers have been overused. The death rate from arteriosclerotic and degenerative 
heart disease is highest in countries with the lowest levels of magnesium in the 
drinking water; this is notably the case in Australia. Within Australia, the death rate is 
lowest in Perth, which has the highest magnesium-to-calcium ratio in drinking water, 
while the death rate is highest in Sydney, which has the lowest magnesium-to- 
calcium water ratio of Australian capital cities.?° In the U.S., in six Missouri counties 
with low magnesium levels in the water, the death rate from diabetes was more than 
four times higher than in six other counties with high magnesium levels in the water. 
Water high in calcium is acceptable if it is also high in magnesium; otherwise, you 
can use magnesium supplements. 


Rainwater can be used in unpolluted rural areas. Unfortunately, galvanized iron 
now commonly has added aluminium with its zinc coating, and this may increase the 
aluminium level of water collected from modern galvanized roofs and water stored in 
galvanized tanks. | do not know whether the amounts of aluminium that might be 
dissolved are significant, but it's best to be prudent. Public water supplies are 
routinely purified with aluminium compounds; a study in England found that when 
aluminium levels in public drinking water were high, there was a correspondingly high 
incidence of Alzheimer’s disease. 


Water rich in inorganic iron, which leaves brownish residues, is harmful if used 
over long periods. Lead and sometimes copper accumulating in the body contributes 
to chronic diseases. Therefore, if you are in poor health, avoid drinking the water 
from lead plumbing systems and be careful with new copper pipes. Older copper 
pipes are coated with more resistant copper oxide. Plastic pipes can give off toxic 
substances as well. The best metal for drinking water systems is zinc, as in 
galvanized iron pipes; otherwise, ceramic can be used. 


Public water supplies are usually heavily contaminated with chemicals, and | do 
not recommend them as a direct source for drinking or cooking. Tap water is 
commonly low in energy or life force. Instead use one of the great variety of filters 
and distillation units on the market. 


Bore or spring water in densely populated or farming areas can be used safely 
only if a chemical analysis shows it to be uncontaminated. It should not have high 
amounts of calcium, copper, or iron; otherwise, a filter may have to be used or the 
water boiled to remove excess calcium. The very best water is fresh from a clear, 
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uncontaminated, sunlit, shallow, and cascading stream. Preferably try to energize your 
drinking water by exposing it to sunlight or other sources of bioenergy (see Step 7). 


| do not recommend drinking much fruit juice, except dark grape juice (as 
explained earlier) or neutralized acidic juices. The basic disadvantage of drinking fruit 
juices is the rapid assimilation of sugars, which stresses the blood sugar regulation. 
However, some fruit juice can be used to flavour drinking water, if so desired. 


| do not recommend drinking milk, except possibly fresh raw goat’s milk or 
cow’s milk when it is still warm after milking. Use coffee and tea in moderation. While 
they have some benefits, they can cause problems if one becomes addicted to them. 
Alcohol too is best used only occasionally in small amounts. Beer drinking 
encourages the formation of mucus. Dry red wine is generally the least harmful and 
most beneficial alcoholic beverage. It can assist in the digestive process and give 
some protection against heart disease; grape juice offers similar protection, but has a 
lower concentration of protective antioxidants; the deeper the color, the better the 
protection. Avoid any kind of soft drinks. 


Vegetable and Grass Juices: Fresh, raw vegetables are high in life force, 
enzymes, and other ingredients that keep us healthy. Therefore, use plenty—two 
pounds or more a day if possible. For many, especially the elderly, it will be difficult 
eating raw vegetables in -sufficient quantities or chewing well enough to extract all 
the nutrient goodness. That is where juicing comes to the rescue. In this way, 
everyone, including children and those with dentures, can have a high intake of raw 
vegetables. 


If possible, include some fresh young grasses, leaves, and shoots grown 
organically in mineral-rich soil, as they are especially high in life force and enzymes. | 
highly recommend drinking a glass of freshly pressed vegetable juice before most 
meals or whenever conveniently possible. 


Try using a mixed juice including grasses or leaves as well as root vegetables, 
such as carrot and red beet, and possibly an apple for flavouring. The chlorophyll and 
proteins of the leaves, while beneficial in their own right, slow down the absorption of 
sugars from the sweet vegetables and help to stabilize the blood sugar level. You 
can also include sprouted seeds, edible (vegetable) flowers, the rind of watermelons, 
the tops of beet root, and other unusual items in your mixed juice. Be imaginative and 
experiment to find out what is acceptable to your taste buds. 


If unsprayed vegetables are not available, avoid sprayed green-leaf vegetables 
and use the less contaminated sweet vegetables. Squashes and watermelons are 
not normally sprayed. For individuals with a weak sugar metabolism (diabetes, 
hypoglycaemia, or a tendency to these conditions), it is preferable to use mainly 
green juice of leaves and grasses and only a smaller amount of sweet juice for 
flavouring. Alterna-tively, slow down the absorption of sugars from the juice of sweet 
vegetables by adding some olive oil and lecithin or ground linseed; then drink slowly 
and at intervals. 


Often children and some adults can be persuaded to drink the juice only if it is 
flavoured with apple or pineapple. | recommend adding ginger to the juice: either use 
fresh ginger or ginger juice already frozen in ice cube trays. For flavouring, it is 
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excellent to stir a few spoonfuls of bee pollen into the juice. 

Start drinking the juice immediately after you have made it, but slowly, and in sips. If 
your stomach is sensitive to juice, drink it with some food. If you make several juices 
during the day, you may need to thoroughly clean the juicer only after the last juicing, 
but keep the extraction unit detached and cool in the refrigerator between juicing. 
Alternatively, you can freeze surplus juice for later use. 


If you are unhealthy when beginning such a regimen, nausea or skin reactions 
may temporarily occur from the release of stored toxins. In such cases, reduce the 
amount of juice for a while and drink lots of water and take laxative foods. Start with 
small amounts of grass and weed juice, possibly diluted and blended with other 
juices. When you get used to it, the green juice may taste fine on its own, but avoid 
or minimize strongly flavoured leaves such as from radish. Gradually increase to a 
glassful one to three times daily before meals - the more the better. While fresh juice 
is best, if you do not have the time to make several juices daily, you can refrigerate or 
freeze some of the juice for later drinking; also cool it and take it to work in a 
thermos. 


If you have a problem absorbing fats, add some lecithin to the juice to improve 
absorption of beta-carotene. Sometimes, when juicing sprouted seeds, the centre of 
a squash, or some mucilaginous leaves, the residue seems to retain much of the 
goodness even after putting it repeatedly through the juicer. In this case, just add 
water to the residue to make it sloppy before pressing it through again. As an 
alternative, you can get more nutrients out of the residue by making a hot broth: 
Cover the residue with water, simmer for ten minutes, strain, and add some herbs 
and spices or other flavouring. 


What Types of Juicers Are Most Suitable?: Centrifugal juicers, which are 
commonly available, are not suitable for grass or leaves, and even for other 
vegetables they are inferior. Static electricity builds up on the outside wall and 
discharges or inactivates enzymes and colloidal suspensions of proteins and 
minerals. Non-centrifugal juicers reportedly give much better healing results. 


A blender can be used, and grass and other leaf vegetables liquefied with 
water and then pressed by hand through a strainer. Unfortunately, air beaten into the 
liquid leads to oxidation. You can minimize this by adding some ascorbic acid. Blend 
handfuls of grass repeatedly in the same water to concentrate the juice; alternatively, 
run the grass once or twice through a mincer or a grain mill and then press the pulp 
by hand through a strainer or cheesecloth. 


Grass juicers, either manual or electric, are commercially available and may be 
sold as fruit and vegetable presses. (You can easily find information and retailers on 
the Internet.) This type of unit commonly has a slow-turning spiral press. Manual 
wheat-grass juicers are efficient and good for training the biceps, but not so good for 
people who do not have the energy to use them daily. Also, | do not like the juice to 
be in contact with so much metal; cast-iron juicers are much cheaper than the 
stainless-steel types. 


As a general rule, the slower the speed, expressed as revolutions per minute 
(rpm), the better the quality of the juice. Slow-turning juicers are available as single 
auger or twin-gear machines. Both handle grasses and leaves very well with an rom 
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commonly between 70 and 120 ppm. In comparison, a medium-fast juicer has about 
2,000 rpm and the common centrifugal juicers 8,000 rpm. While low-rpm juicers 
produce the highest quality of juice, they are also slowest in pressing a given 
quantity; bigger twin-gear juicers may be twice as fast as smaller single-auger 
juicers. (For a comparison of different brands, see www.buyjuicers.com.) 


When using a juicer that easily processes grasses and leaves, there are 
considerable savings in having to buy fewer vegetables. You can use lots of grasses, 
green weeds, parsley, tops of carrots, and other leaves that cannot be easily used 
with other juicers. This can not only bring considerable savings, but it also provides 
juice of much higher quality than can be obtained from commercial vegetables. 
However, there is also a drawback with low-rpm juicers and growing your own wheat 
or barley grass: It is very time-consuming. 


Juice from Grasses and Weeds: While not so pleasant to the taste buds, 
fresh young grasses and green edible weeds have a much greater healing potential 
than the vegetables commonly used for juicing. In particular, they are very much 
higher in their content of life force and enzymes. Instead of working hard to maintain 
a big vegetable garden, | believe it to be easier and healthier to let a large part of the 
garden overgrow with suitable grasses and edible weeds. An additional advantage of 
young grasses is the short time and minimal care required to grow them as 
compared to growing vegetables. You can harvest grasses in two to three weeks 
compared to several months for vegetables. 


To find out which weeds are edible, ask a knowledgeable friend or neighbour, 
or observe what goats or poultry are eating, or chew a bit of a leaf yourself. If it is not 
bitter, it is not likely to be poisonous, and anyway, there are no poisonous grasses. 
For a very healthy juice, use grasses, green weeds, and the petals of squash flowers; 
flavour it with an apple, beet root, and carrot. 


Juice made from young and fresh blades of cereal grass is most beneficial. 
These young blades have the highest vitality and are rich in enzymes and growth 
hormones that are missing or at low levels in mature leaves or plants, as well as in 
elderly humans. Kirlian photography reveals that the vitality of leaves starts to 
diminish soon after cutting and that most of it is lost within hours, though if 
refrigerated in a closed plastic bag it may keep for a day. Most nutrients will still be 
available from commercially dried and powdered grass, such as green barley grass 
(commercially available), but young fresh grass juice has a much higher vitality. 


Best known is wheat grass, but | contend that all fresh, young grass grown in 
good soil has similar healing and rejuvenating qualities, though the flavour and 
toughness may differ greatly. Barley grass grows more vigorously than wheat grass 
and tastes good. Young ryegrass (not the cereal rye grain), grown by farmers as 
pasture, has a pleasant flavour and can give you several months of repeated cutting 
from one planting. 


Experiment with different varieties of grasses to see which grow best in your 
climate and soil conditions, and find one you like. When using lawn grass, the main 
requirement is that it be grown in good soil without the use of pesticides or chemical 
fertilizers; preferably fence off part of the lawn for this purpose. Often there is some 
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foam on top of the juice, especially with grass juice. This foam is high in chlorophyll 
and beneficial, so ingest it or rub it into your skin. 


| find wheat grass juice somewhat too sweet on its own and prefer it blended 
with other grass. As barley grass does not taste sweet, it may be better than wheat 
grass for individuals with blood sugar problems. Normally, however, it is good to mix 
the seeds of wheat and barley and grow them together in the same garden bed or 
tray. 


How to Grow Grasses Indoors 


1. Soak the wheat or barley for planting overnight 
and sow very densely. 


2. Cover lightly with a sandy soil or just with wet 
newspaper. 


3. Keep moist and expose to light after leaves 
emerge. 


4. When the grass is about two inches high, you 
can start using it for cutting into a salad or you can 
chew the grass and spit out the pulp. You can begin 
to juice the grass when it is about four inches high. 
Sometimes you can get a good regrowth after the 
first cutting. 


5. The maximum yield of juice is available when the 
grass is between six and eight inches tall. 


6. The higher you intend to let it grow, the less 
dense you should sow the seeds. 


7. Compost the stubble and other organic matter for 
reuse in seed boxes or outside planting. 


8. Add rock dust, kelp, or seaweed to mineralize the 
soil. 


Exposure of the trays to moderate sunshine is 
preferable but not essential. Protect the trays from 
prolonged strong sun exposure and from 
overheating behind a window. If the trays are ona 
balcony, you can move them inside during cold 
nights or cover them with newspaper. The best 
growing condition is at room temperature. 


When the shoots are about an inch high, it is 
preferable to stop watering, or water along the sides 
but keep the centre dry to minimize problems with 
moulds and rotting. 





In cool climates, it may be 
difficult growing grass outside in 
winter, while in the tropics it is 
sometimes difficult in summer 
because it is either too hot or 
too wet and cereal grasses 
easily start rotting at the stem. In 
the city, it may not be possible 
anyway. In these circumstances, 
wheat grass or barley grass can 
be grown indoors behind a 
window or on a balcony or 
veranda in seed boxes (see 
sidebar) 


Wheat produces about 
four times its weight as wheat 
grass and this in turn yields up 
to 80 percent juice. Tougher 
perennial grasses yield about 60 
percent juice. The vitamin and 
mineral content of grasses and 
their juices differs greatly 
between different varieties, but 
especially with diverse soil 
conditions. Table 4-1, compiled 
from various publications, gives 
an estimate of the average 
nutrient content of the juice from 
grass grown in good, mineral- 
rich soil. 


The protein content of 
young annual grasses is usually 
around four percent and of 


established perennial grasses about two percent. Vitamin and mineral concentrations 
can vary greatly and are highest in young grasses grown in soils rich in minerals and 
organic matter. 


While grass juice provides a high amount of easily digestible protein, as well as 
vitamins and minerals of superior quality, even more important are the enzymes, 
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growth hormones, and 


other vital = factors, | Table 4-1: Nutrients in Grass Juice 

including coenzyme Q10 [ieiiiaim 2-5% Fibre 3-6% 
ane sole Lipid 0.5-1% Kilojoul 250/100 ml 
dismutase (SOD). In Pee acne eee A 
animal experiments, old | Carbohydrates 6—-11% 

rats were rejuvenated Vitamins/100 ml Minerals/100 ml 

and chickens grew 15 | carotene 10,000 IU calcium 70-200 mg 
peicelt aster win Hee! vitamin C 60 mg magnesium 50mg 
grass, but not with other ee: 

supplements. Many vitamin E 6 mg phosphorous 50-100 mg 
patients attribute their vitamin B1 0.2 mg potassium 400-1,600 mg 
cure from “incurable” | vitamin B2 0.4 mg sodium 40-150 mg 


diseases to the generous 
intake of grass _ juice. 


Grass juice has_ also 
been successfully used pantothenic acid 0.4 mg manganese 1-10 mg 


vitamin B6 0.2 mg iron 3 mg 


vitamin B12 1 mcg zinc 0.5-2.5 mg 


as a retention enema with nicotinamide 1.5 mg copper 0.3-1 mg 
cancer and other | folic acid 150mcg molybdenum 0.03 mg 
debilitating conditions, as 
a vaginal douche, or 
topical rub for the skin. 
Juicy grass pulp is excellent on wounds and speeds up healing. 


biotin 15 mcg sulphur 100 mg 





Grass juice has been shown to inhibit mutagenic and carcinogenic activity. This 
inhibition was stronger with wheat grass juice than with carrot or parsley juice; it has 
also been reported with barley grass juice. We need growth hormones not only for 
growing taller, but also for cell division, skin and tissue replacement, and wound 
healing. In growing older, we become deficient in growth hormones, and those found 
in grass juice can help us rejuvenate. 


Most animals live on grass either directly or indirectly. It is the perfect food, not 
only for grazing animals, but also for humans. The juicer replaces the complicated 
cellulose digestion of grass-eating animals. | regard grass juice as the food with the 
greatest healing and rejuvenating potential; it could even sustain us during a famine. 
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Step 37 
HEALING RECIPES 


Transform healthy foods into enjoyable meals. 


| am not fond of using recipes. Most recipes seem to be designed to tickle our 
palate by harming the nutrients in the food. The healthiest recipe for carrots, for 
instance, is to pull one out of the ground, clean it, and chew it well. Any additional 
processing renders it less nutritious. Also, | favour experimenting, mixing this and 
that within the framework of the food-combining rules, and seeing how it turns out. In 
this spirit | offer the following recipes and cooking tips as starting points for finding 
ways to make healthy food tasty. 


If you are willing, you can gradually change your taste preferences and come to 
like this new diet of healthier meals. If your life is in no immediate danger from an 
advanced disease, change slowly, making a gradual transition over a period of years 
from your present diet to the high-quality diet, and possibly to the raw food diet after 
that. 


Baking Breads: The best method for baking is one in which enzymes in the 
food remain alive. This means heating bread dough to less than 120° F. It is 
preferable to start with whole, soaked, or sprouted seeds that are rich in enzymes 
rather than with commercial flours that may have had their enzymes destroyed during 
the milling process and may be contaminated with mycotoxins. The only practical 
solution | have found so far is baking with rice. After blending soaked or sprouted 
rice, the dough continues to absorb water and so becomes firm almost without any 
heat. | have not found this property in any other grain. You may have to experiment 
with different varieties of rice to find a good sprouting one. 


Soak brown rice overnight, then rinse for two or three days until sprouts 
appear; otherwise use after soaking. If you are sensitive to fungi, keep for several 
minutes in water with added hydrogen peroxide, then wash well and blend with a 
minimum of water. If the blended rice does not have the consistency of a paste, add 
rice flour or strain off excess water. Lightly cover a tray with some rice flour or baking 
paper and spread the paste out flat. Preferably leave in the sun or a warm place, 
such as a warm oven with the heat turned off, until the dough has solidified, usually 
after a few hours. 


You can experiment with additions, such as kelp powder, occasionally carob 
powder and dried fruit for children, and acidophilus culture or a sourdough starter if 
you want to try baking a more conventionally shaped loaf. The addition of any other 
kind of soaked or sprouted seed will make it more difficult for the dough to harden. 
You can bake flat bread in an oven at low temperatures from a mixture of various 
flours or meals, such as from peas, lentils, chickpeas, rice, and rye. You may add 
buckwheat flour to any baking mix to improve its binding qualities. 


If you use sprouted seeds, it is not necessary to add acidophilus or sourdough 
starter to improve the nutritional quality, but only to lighten the bake. However, if you 
only soak the seeds and, more important still, if your main ingredient is flour, then 
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lactic-acid fermentation will greatly improve the nutritional value as well as lighten the 
texture. 


Any other soaked, sprouted, and blended seeds can be used for making flat 
bread by baking at 160° to 180° F with or without a starter. Again, it is advisable to 
spread the dough over a layer of flour to absorb excess moisture. You can also add 
other flavouring ingredients, such as banana or carrot pulp. It may take five hours or 
more of baking for the bread to solidify. At this temperature, the enzymes are 
destroyed and, unlike sun-baked rice, it is not a raw food any more. However, the 
protein structures generally are not damaged and there is no digestive leukocytosis 
(increased white blood cells in the intestinal wall) when eating this bread. You can 
refrigerate part of the sourdough as starter for the next bake, but if you are yeast- 
sensitive, it is preferable to use fresh acidophilus culture each time. 


For more conventional bread, | recommend rye sourdough; the more 
acidophilus you add and the slower the dough solidifies, the more acid it becomes, 
and vice versa. Mix 1 cup of acidophilus starter with rye flour, water, flavourings (for 
example, caraway seeds), and 1 tablespoon of honey or molasses as food for the 
bacteria. Leave covered overnight in a warm place. Before adding salt, reserve and 
refrigerate 1 cup of this as a starter for the next baking. Add more flour, knead, 
shape, and cover the loaves and let them rise in a lightly warmed oven for several 
more hours. Then bake at a moderate heat for 90 minutes; place a pan with hot 
water on the bottom rack to develop steam. 


Bone Broth: Use the soft bones of fowl or the bones and heads of fish. Add 1 
or several tablespoons of vinegar, depending on the amount of bones you have. 
Simmer with sufficient water in a covered, non-metal container for at least 3 hours, or 
until the bones become brittle and the liquid is nearly neutral. With larger quantities 
and longer cooking time, you can repeatedly add more water and vinegar. 


Alternatively, use a pressure cooker for 30 minutes, but without adding vinegar. 
When the bones have become soft, blend it all, strain (optional), and freeze in ice 
cube trays. Use some of the broth frequently with meals; add it to vegetable salads, 
as it is an excellent source of gelatine, calcium, and other minerals. 


Beef Juice, Liver Broth, Liver Juice: To make liver broth, simmer pieces of 
(organic) liver for 2 hours; strain and mix with sweet vegetables, cooked or raw. To 
make beef juice, dice a pound of lean beef. Put in a jar without water, cover well, and 
set the jar on a piece of cloth in a pot filled with water. Boil for 3 hours. Press juice 
accumulated in the jar through a strainer and refrigerate or freeze it. Sip a 
teaspoonful 5 to 10 times daily and keep it in the mouth for some time. Make this 
juice fresh weekly. Occasionally, the juice can be made of liver instead of beef. Beef 
juice is indicated in cases of serious muscle weakness. 


Butter Spread: In order to cut down on your butter consumption, lightly warm 
some butter and mix it with an equal amount of extra-virgin olive oil. Add lecithin, 
chopped onion, kelp, herbs, and spices to taste. Alternatively, or in addition to using 
oil, butter can be mixed with an equal amount of hot gelatine; flavour to taste and 
keep the butter spread refrigerated. 


Marinated Fish: Dice the fish and cover with lemon juice or diluted cider 
vinegar or a mixture of both. Refrigerate overnight; add cooked or raw onion or herbs 
and spices, and possibly some juice, leaf, or green skin of papaya. Eat with 
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vegetables or sprout salad. You can also marinate liver, minced meat, or soft cuts of 
meat. 


Fruit Balls: These are for festive occasions. Mince any of the following: nuts, 
sesame, sunflower, or pumpkin seeds, fresh coconut, dried fruits such as apricots, 
dates, mixed peel, papaya, and pineapple. Mix well, add lemon juice to taste and 
also lecithin; bind with oil. Make into small balls and roll in desiccated coconut. For 
different flavours, add carob powder or spices to the mixture. 


Hommus: This can be used as bread spread or as an addition to meals. Soak 
chickpeas (garbanzo beans) overnight. If seeds are viable, sprout them; otherwise, 
use them soaked raw or soaked and cooked for a few minutes only. Discard the 
soaking water to reduce intestinal gas. Puree the prepared chickpeas in a blender 
and mix with any combination of the following: olive oil, tahini, lecithin, cayenne, kelp, 
herbs, and spices. Keep refrigerated. 


Hot Vegetable Juice: Normally, you drink fresh vegetable juice cold. However, 
in cold weather you may enjoy drinking it hot, flavoured like a broth. Use a handful of 
fresh green leaves, add cabbage, celery, tomato, cucumber, whatever is available, 
and some sliced carrot, pumpkin, or beet root. Mix this in an electric blender, together 
with a suitable hot liquid, for instance, herb tea, bone broth, or water. Strain and 
press the residue. Try to keep the temperature of the broth below 120° F. 


A juice extractor can be used instead of the blender or you can mix the hot 
liquid with some freshly pressed juice. Flavour the drink to taste; you can use herbs, 
spices, miso, kelp, oil, lecithin, egg yolk, food yeast, or molasses in any combination 
you like. Drink the juice immediately, taking sips. Another possibility is to simmer the 
residue left over from juicing in water for ten minutes, strain, add some flavouring, 
and drink hot. 


Jellies: Dissolve 4 teaspoons of white, unflavoured gelatine in 1 pint of hot 
water. Pour it over diced fruits or over sprouted seeds and diced or grated vegetables 
(for example, cucumber, tomato, carrot, or chopped onion). You can add herbs, 
spices, kelp, and salt. Alternatively, the gelatine can be dissolved in a smaller amount 
of hot water and mixed with an appropriate amount of fruit juice or fresh vegetable 
juice. Refrigerate for setting. Instead of commercial gelatine, a gelatinous bone or 
fish broth is preferable. Gelatine aids in the absorption of vitamins and minerals. 


Linseed Yogurt: The following combination can be used as a snack before or 
between meals or instead of any meal. It is especially good as a breakfast. Mix half a 
cup of ground linseed with 1 or 2 tablespoons of linseed oil or olive oil or melted 
coconut oil, 1 tablespoon of bee pollen, 1 teaspoon of spirulina, sliced or blended 
bananas, lecithin granules, and enough yogurt, seed cheese, or seed milk for a 
smooth consistency. You can also add some chopped fruit or berries. As a liquid 
component, try fresh vegetable juice, grape juice, apple juice, or any other liquid. 


Papaya (Pawpaw) Smoothie: This can be used as a special health food to aid 
the digestion, as well as in dissolving tumours or other unwanted growths. In a 
blender, mix mature green papaya (when it just starts turning yellow and the seeds 
are already black) with skin, seeds, and flesh, banana and any other fruit in season, 
and a sufficient amount of a suitable liquid such as a juice or yogurt. Eat on its own or 
as part of a meal. 


217 Heal Yourself - The Natural Way 


Magnet 
N 


small lamp 
below cell 





s iL. : . ~~ G “ts is ya ; 
MS DNC colsis-js "sno Ss tr torr [ micelemelgelie- i Ww Tirst tir 
yy ' - wy Fs . 4 as . me ee 4s . ’ 

/ way yy J i. 2 tell feele.” Vi rye ." av’ Setisiandia : o} 4 ep ee@ias 
lena }e)aria rhe Naqge sci Must: us id a *ler-islatias THCTOSCOD! 

7 “Vo . yi ,* 5 
devi ranahie af eacin, ' nrurn tr 
Vice i> ei . = ei siter ‘s) meet TUM fen 


Grated Potatoes: Bring 1 cup of water to a boil, keep the heat on high, add 
coarsely grated potato, and stir for 2 to 3 minutes. This leaves the potato semi-raw 
with a quite distinct flavour; add kelp, oil, and so on, and eat with vegetables or 
sprouts. 


Protein Drink: This is good as a general energy booster, especially if you have 
blood sugar problems or lack of energy, and it is also excellent when consumed 30 
minutes before a meal to reduce appetite if you want to lose weight. Mix in a blender 
1 or more spoonfuls each of bee pollen, green barley powder, ground linseed, 
spirulina, and chlorella, or any combination of these in a suitable liquid. This can be 
seed milk or any other kind of milk or juice such as grape or apple juice. 


Rejuvelac (fermented seed drink): Wash 1 cup of whole grain (preferably 
organically grown) and cover with 2 cups of warm water. Suitable are rice, millet, rye, 
and other grains. Keep in a glass or porcelain container in a warm place. Pour off the 
liquid the next day or when it tastes slightly sour. Use as a refreshing drink on its 
own, but not with or after meals. The grains can then be cooked or sprouted. Use the 
grain ferment only if it has a pleasant taste and smell, otherwise discard it. Rejuvelac 
may not be suitable for sensitive and yeast-allergic individuals. 


Rice Dishes: Cook the rice until almost soft and most of the water has 
evaporated. Add a small quantity of apples, cover, cook until the apples are soft, and 
then mash them. Add cinnamon, oil, lecithin, and kelp. Eat cold as a dessert. As an 
alternative, add apple puree to the cooked rice. You can also try rice with a sauce 
based on blended raw carrots and other sweet vegetables or bananas. 


Healthier than cooked rice is sprouted and blended rice. Wash and soak 
overnight a sprouting variety of brown rice. After sprouting, blend the rice and add 
other flavouring ingredients, such as banana, olive oil, kelp, carob, lecithin, or pitted 
dates, for a sweet meal. Blend again and eat this instead of a breakfast cereal. If too 
gritty, strain the rice puree after the first blending or cook it. 


Sauerkraut: Use a wooden barrel or earthenware pot of any size. Place a layer 
of shredded cabbage 4 to 6 inches deep in the container. Sprinkle over it a small 
amount of salt and some herb seeds, such as caraway, fennel, or cumin; other 
shredded vegetables can be added for flavouring. Press the first layer down, then 
add another layer of cabbage and herbs, and so on. The cabbage must be 
completely saturated with its juice and no air pockets left. Cover the contents with 
cheesecloth, place a wooden cover over it, and weight it down with a heavy stone. 
Leave at room temperature. 


From time to time, after several days, lift the cover and remove foam and 
mildew from the top of the mash; wash the cheesecloth, board, and stone with warm 
water and then put them back in place. After about 2 weeks the sauerkraut should be 
ready for eating. Store the container in a cool place, or put the sauerkraut in jars and 
refrigerate. Eat it raw and drink the juice. Raw sauerkraut may not be suitable for 
sensitive individuals, but it should be fine if cooked. 


This recipe may occasionally fail if the barrel is contaminated. To avoid this, 
thoroughly clean the barrel with steam or boiling water before use. To make it easier 
for beneficial bacteria to develop, sprinkle organic cider vinegar into the different 
layers or add acidophilus culture. 


Heal Yourself - The Natural Way 218 


Seed Cheese/Seed Yogurt: Soak oily seeds (almonds, nuts, sesame, 
pumpkin, or sunflower) for 8 to 12 hours. Puree in an electric blender and add 
acidophilus culture. If you are not yeast sensitive, experiment with adding Rejuvelac 
instead. Keep in a warm place for several hours until the desired degree of sourness 
develops. Refrigerate and use within 3 days. If it is too sour or if curd and whey have 
separated, strain and discard the whey; rinse the curd if necessary. Use seed yogurt 
as part of a salad dressing, for flavouring meals, or as a bread spread. The more 
sensitive you are, the less sour it should be when you use it. If it smells or tastes bad, 
discard it. 


Seed Milk: Soak almonds, rice, or sunflower kernels overnight or for about 12 
hours. The simplest way to make this milk is to change the water, blend the soaked 
seeds in an electric blender, and press them through a strainer. You can either drink 
the liquid immediately or refrigerate. You can cook the residue of the rice and add the 
residue of the oily seeds to any breakfast mix (possibly remove almond skins before 
blending). However, a much better way is to wait until the seeds start sprouting. This 
removes any enzyme inhibitors and provides natural sweetness and enzymes to the 
milk. Alternatively, use unhulled sunflower or pumpkin seeds for making milk. 


Sprout Salad: Mix a variety of freshly rinsed sprouted seeds with a 
combination of fresh, raw vegetables, basically using whatever is available. Most 
suitable are sprouts of mung beans, lentils, sunflower seeds, and fenugreek, together 
with finely grated beet root, carrot, and turnip or radish. Tomato and cucumber (try it 
grated) are good for flavouring. If you have difficulty chewing, you can put all of it 
through a mincer, or if very weak and debilitated, you could liquefy and drink it. 


The key to enjoying a sprout salad is to find a delicious dressing. Experiment. | 
recommend extra-virgin olive oil, lemon juice, whole blended lemon, cider vinegar, or 
rose-hip powder, any fresh or dried herbs or spices, and a dash of cayenne. These 
may be added individually or mixed beforehand and refrigerated in a jar. Flavour 
olive oil by mixing in a jar 1 part tahini with 3 to 10 parts oil, lemon juice, and lecithin. 


For a health enhancer, add ground linseed and kelp to the salad. Start by 
adding very small amounts of kelp until you come to like it. Raw egg yolk is a good 
addition to the dressing, as is seed cheese or sour milk; you can also flavour this 
salad with tofu or yogurt. 


Sweet Vegetables: Use any combination of the following: sliced pumpkin or 
squash, sweet potato, onion, turnip, beet, carrot, and tomato. Add only a minimum of 
water so that finally most of it has evaporated. Vegetables with short cooking times 
(tomato, pumpkin) can be added later to preserve their flavour. Salt, kelp, oil, curry, 
cayenne, herbs, and spices are best stirred in at the end of cooking. 


Yogurt, Clabber Milk, Cottage Cheese: It is essential to repopulate your 
intestines with beneficial lactobacilli, especially L. acidophilus in the small intestines 
and bifidobacteria in the large intestines. Instead of or in addition to using high- 
potency acidophilus/bifido capsules or powders, you can use a self-made fermented 
product or yogurt. This can be made from fresh unpasteurized cow’s milk, goat’s 
milk, rice milk, homemade soy milk, or a mixture of ingredients based on bee pollen 
and honey. Commercial cow’s milk acidophilus/ bifido yogurt (preferably organic or 
biodynamic) can be used as a starter. 
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The commonly used yogurt based on cow’s milk has some problems in that 
many individuals are allergic or sensitive to some ingredients of cow’s milk. It often is 
mucus-forming and is also high in estrogen, which is not good for various female 
cancers. According to the blood group diet, cow’s milk is acceptable only for those 
with blood group B and possibly AB. However, if you are not sensitive to it, then 
yogurt made from fresh raw cow’s milk can be beneficial, used in moderation. 


You can use rice as a base for making yogurt. Cook soaked (organic) brown 
rice in plenty of water. After cooling, blend and strain; add starter culture and 2 
teaspoons of raw honey to the strained rice water. Rice yogurt does not set, so drink 
it when it turns slightly sour or smells slightly fermented. You can make rice milk by 
blending and straining sprouted brown rice. This is sweet enough by itself, so that no 
added sweetener is required. 


A fermented drink can be made based on bee pollen and honey. Add to 1 quart 
of water and starter 5 to 10 teaspoons of pollen, 2 or 3 teaspoons of raw honey, 1 or 
2 teaspoons of kelp powder, and, if you like, several teaspoons of spirulina, chlorella, 
or cereal grass powder. Experiment and use more or less of the indicated amounts 
and also different ingredients. As with rice milk, this does not set and is best used 
when it starts frothing and tastes somewhat acid. 


As an initial starter, use 1 teaspoon each of powdered acidophilus and bifido 
cultures, a mixed culture of these, high-potency capsules, or a commercial yogurt 
containing these. Do not use commercial yogurt or starter with only bulgaricus and 
thermophilus bacteria. Subsequently, use up to 1 cup of the previous batch as 
starter. Preferably, use the liquid or whey as the starter because it contains the most 
bacteria. The more of the starter you use and the warmer it is, the sooner the yogurt 
will be ready. 


If you do not have a yogurt maker, mix 2 to 3 cups of any type of milk or pollen- 
honey liquid with 1 cup of starter and keep it in a jar standing in a container with hot 
tap water. It usually takes only a few hours to set, though with powdered cultures it 
may take 6 to 10 hours. In cold weather, renew the hot water every hour or keep the 
jar in a warm place. Alternatively, the milk can be kept warm by putting it in a box or 
some other small, enclosed space, together with an electric bulb or other source of 
heat. Refrigerate the yogurt when it just starts setting, as it continues to become 
firmer and more acid during storage. If it becomes too sour, use less of the whey as 
starter and eat only the strained curd or neutralize the acid. 


To make sour milk (clabber milk), leave raw, unheated milk in a flat bowl in a 
warm place for 1 to 2 days until the milk sours and coagulates, then add a yogurt or 
acidophilus starter. For making cottage cheese or quark, wait until curd and whey 
have separated and strain or press the curdled milk through cheesecloth. 


Veggie Burgers: Soak overnight 1 cup of chickpeas or lentils; next morning 
replace the water and put them in a blender. Soak 2 cups of rice overnight and cook. 
Combine the blended legumes with the cooked rice and add some buckwheat flour or 
an egg to bind the mixture. Flavour with any combination of the following: miso, soy 
sauce, fresh parsley, coriander, cumin, fresh ginger, onion, and any other herbs or 
spices. Form flat burgers and bake crisp in a grill or a non-stick pan. 
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Part 5 
PROBLEM FOODS & FOOD PROBLEMS 


This part explains in more detail the reasons for the dietary recommendations 
in Part 4. Most problem foods are widely used basic foods that lead to health 
problems in many people. So-called junk foods and heavily processed and 
chemicalised foods belong in this category; many foods treasured by natural health 
enthusiasts, such as honey, dried fruits, yogurt, and whole-meal bread, also belong 
to this list of problem foods. 


What chiefly makes a particular food a problem is the presence of one or 
several components that can cause metabolic or digestive problems if used 
indiscriminately. We use and have used problem foods in excess, so our metabolism 
has been weakened to such an extent that it cannot safely process even small 
amounts of certain foods without becoming distressed. This can be demonstrated 
with food muscle-testing. 


However, for individuals with a suitable metabolism, most problem foods can 
be acceptable and sometimes even beneficial in moderation; this does not apply to 
heavily chemicalised food. It is advisable for nearly everyone to minimize their intake 
of problem foods. It is also best to more strictly avoid the problem foods described in 
this chapter and that you know from personal experience are a cause of your health 
problems. 


Some problem foods frequently cause food 
allergies and can be the primary allergens or 
causative agents that sensitize us to a range 
Gluten and wheat products of other allergens. This applies especially to 
Sugar and sweet foods the gluten in wheat and to proteins in cow’s 
Red meat and fats milk. When the body is still young or overacid 
and sensitive, it tends to respond strongly to 
these foods. However, problem foods cause 
even more serious problems when the body is 
older, alkaline, and insensitive, but then there are no alarm reactions such as food 
allergies to warn us. This leads to the development of chronic degenerative diseases 
such as autoimmune diseases, cardiovascular diseases, and cancer. 


The main problem foods are: 


Lactose and cow’s milk products 


Chemicalised food, stimulants, and 
yeast or moulds 





In addition to specific health problems being caused by specific foods, the 
overall impact on the adrenal glands of habitually consuming problem foods can raise 
our basic stress level to such a high degree that a relatively small additional stress 
from emotional or social problems can trigger severe reactions. These can include 
asthma, epilepsy, migraine, depression, irritability, hyperactivity, phobias, nervous 
breakdown, and mental disease. In addition, the fact that we cook too many of our 
foods and hence have insufficient enzymes in our diet greatly contributes to the 
development of chronic degenerative diseases and premature aging. 
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Step 38 
COW’S MILK PRODUCTS & LACTOSE 


Have a closer look at cow’s milk products and lactose. 
In some forms they can be beneficial, but as commonly 
used they tend to create a lot of health problems. 


The three problematic ingredients in dairy products are lactose (milk sugar), 
butterfat, and casein (and other proteins). While lactose can be a problem in all 
animal milk, including goat’s milk, difficulties with protein and butterfat are specific to 
cow’s milk. 


Bottle-feeding infants with cow’s milk has far-reaching effects. The earlier it is 
substituted for human breast milk, the more damage is usually caused. The baby’s 
digestive system is still immature and relies on enzymes provided in mother’s milk. It 
cannot properly digest cow’s milk, especially if the milk has been pasteurized and is 
without enzymes. In addition, in the first few weeks or months of life, the wall of the 
infant’s small intestine is not yet fully developed and allows only partly digested 
proteins to pass through; this causes allergies. 


In a clinical study, all infants and most older children evaluated had antibodies 
against cow’s milk in their blood.24 This means they were allergic to it, even in the 
absence of obvious symptoms. However, usually “unspecific” symptoms were 
present, such as restlessness and crying at night, dermatitis, tender abdomen, 
tantrums, weak eyes, low energy, hyperactivity, indigestion, and a high incidence of 
colds and ear and respiratory infections. A contributing factor that makes many 
babies prone to infections is the absence of immuno-protective agents in bottled milk 
that are present in human breast milk, especially in the colostrum. 


Formula-fed babies usually suffer from zinc deficiency. Zinc is essential for 
activating the immune system. The zinc content in cow’s milk is actually higher than 
that in mother’s milk, but in cow’s milk zinc is bound to a protein from which the 
baby’s immature digestive system cannot release it. Other trace minerals are also 
difficult for the baby to absorb from cow’s milk; iron is especially problematic. 
A resulting iron deficiency in babies contributes to the development of anemia, a 
weakening of the immune system, and retarded mental and cognitive development. 


An allergy to cow’s milk and subsequent mucus congestion of the lungs, 
combined with zinc and iron deficiencies of the immune system, cause frequent colds 
and respiratory infections in babies. This, in turn, depletes babies of vitamin C. 
The effect of all this is a high incidence of crib deaths in bottle-fed babies, which 
sometimes occur shortly after immunizations. Vaccinations can further drain the 
already dangerously low levels of vitamin C. Archie Kalokerinos, M.D., in Every 
Second Child, relates that in some Aboriginal communities of Australia every second 
child given a vaccination died of crib death, but when fed high doses of vitamin C 
before and after vaccinations, not a single child died. Is it a coincidence that New 
Zealand has the highest rates of asthma and crib deaths in the world, but also the 
highest consumption of cow’s milk? 
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Crib deaths are uncommon in breast-fed babies. However, even breast-fed 
babies can develop allergies if the mother has a high intake of cow’s milk products or 
is allergic to it herself. Full-term babies in the first two weeks and premature babies in 
the first one or two months can become allergic to almost any substitute for mother’s 
milk. If breast-feeding by the mother is not possible during this time and a wet nurse 
is not available, then fresh raw goat’s or sheep’s milk is the least harmful alternative. 


Problems Associated with Lactose: Most adults, except for Caucasians, 
cannot split lactose into its two components, glucose and galactose. After the age of 
three, a deficiency in the lactose-splitting enzyme lactase develops, and this can 
cause severe indigestion and diarrhea if the diet contains appreciable amounts of 
lactose. This condition is known as lactose intolerance. 


Lactose-intolerant people can tolerate lactose better if fermented milk is used, 
as in the form of yogurt or kefir, where the lactose is partially pre-split by lactic-acid 
bacteria. Alterna-tively, lactose-splitting enzymes are now commercially available and 
can be added to milk. However, lactose intolerance is only a minor problem 
compared to the much more serious health problems caused by galactose. Lactose 
intolerance appears to be a wise precaution of nature rather than a regrettable 
accident because it protects us from the great danger of galactose overload. 


We both need and don’t need galactose. Most European adults and older 
children who can digest lactose are unable to use galactose efficiently. Babies need 
galactose as an important building component of the brain, the central nervous 
system, and of many proteins. Thus, mother’s milk is even higher in galactose than 
animal milk to ensure that the baby obtains sufficient galactose. In later life, very little 
galactose is needed and this can easily be synthesized from other sugars. Therefore, 
most of the ingested galactose is converted in the liver to glucose and used as body 
fuel, but the amount that can be converted is rather limited, even with a healthy liver. 


This conversion is a slow and complex process requiring four different 
enzymes. One of these is sometimes missing from birth, giving rise to a condition 
Known as galactosaemia. Continued milk-feeding leads to a buildup of galactose in 
the baby and can cause cataracts, cirrhosis of the liver and spleen, and mental 
retardation. If the liver is not healthy, it becomes less able to convert galactose. This 
fact is sometimes used as a criterion for a clinical liver-function test. If galactose is 
injected into someone with a defective liver, most of the galactose will later appear in 
the urine, confirming the diagnosis of liver dysfunction. 


Mucic Acid and Mucus: Under normal conditions, only part of the galactose is 
expelled with the urine. If there is a deficiency of protective antioxidants, then the rest 
is mainly oxidized to galactaric acid, commonly known as mucic acid. The great 
health danger of mucic acid is that it is insoluble. The body cannot let it pile up in vital 
areas and block organ functions or blood circulation. Therefore, it forms the mucic 
acid into a sticky suspension in water called mucus. Thus, mucic acid is a main 
component of pathogenic -(disease-producing) mucus. 


It is the function of the lymphatic system to remove dangerous substances, 
such as mucus, from areas of vital importance and transport them to the organs of 
elimination. Mucus is too dangerous to dispose of through the kidneys or (with bile) 
through the liver, but it has a special affinity to the mucous membranes that line the 
insides of our body openings. Of prime importance here are the lungs, the respiratory 
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tract, the hollow head spaces, the sinuses, and the Eustachian tube (a passage 
between the mouth and the inner ear). 


The mucus accumulates in these hollow spaces until external factors help to 
sensitize the mucous membranes sufficiently to allow the mucus to pass through. 
This is relatively easy in young individuals and those with a poor sugar metabolism, 
as they have high levels of histamine and inflammatory adrenal hormones. Even 
minor irritations of the mucous membranes, be they from cold air, dust, air pollution, 
pollen, or germs, will sensitize these to let some of the mucus flow out, such as 
through sneezing. 


Such mucus cleansing may be experienced periodically as a cold, hay fever, 
wet cough, or running nose. In others, the accumulation of mucus, which provides a 
favourable breeding ground for germs, causes chronic infections in specific areas 
such as the sinuses, the middle ear, the respiratory tract, and the lungs. This may 
allow a permanent trickle of mucus through the affected mucous membrane. In 
addition, a dead (commonly root-canalled) front tooth may be responsible for chronic 
sinus problems. 


With a high lactose intake, the lymph channels and lymph glands are usually 
congested with mucus as well. This allows influenza and other infections to spread 
from the sensitized mucous membranes through the mucus-filled hollow spaces into 
the lymphatic system, causing lymph gland swellings and inflammations. | have 
found that in many people the number of influenza bouts, colds, and other respiratory 
infections can be varied at will from none to several per year just by varying the 
lactose intake. Mucus congestion is also the main cause of ear infections and 
hearing problems, especially in children. 


In most cases it is not a lactose allergy, but a galactose overload that is 
responsible for this excessive mucus. While in the case of those suffering from cow’s 
milk allergy, somewhat more lactose may be tolerated when it comes from goat's 
milk, in most individuals the lactose in goat’s milk or in tablets will be as mucus- 
forming as that from cow’s milk. 


Milk Products and Asthma: When more mucus accumulates in the lungs than 
can be expelled, asthma is likely to develop. Often lung congestion is combined with 
a strong subconscious fear element that can, for instance, result from insecurity or 
lack of love in early childhood. Another contributing factor is hypoglycaemia coupled 
with weak adrenal glands. 


Many cases seem to be predominantly mucus-induced. | treated a patient who 
was fond of yogurt and, for health reasons, prepared it from skim-milk powder. This 
produces yogurt with a much higher lactose content than yogurt from full-fat milk (see 
table 5-1). When | persuaded her to use somewhat less yogurt and prepare it only 
from whole milk without additional skim-milk powder, her asthma disappeared for 
good. The asthma-causing skim-milk yogurt provided approximately 50 g of lactose 
per day, while she was asthma-free on whole-milk yogurt with about 5 g of lactose 
daily. 


The lung irritation caused by accumulated mucus also means that the lungs are 
more prone to be affected by food allergies and chemicals. This could result in 
inflammatory swellings of the bronchial tubes. Mucus accumulating in the lungs 
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allows bacteria to infiltrate. Some strains of these bacteria convert sugars into alginic 
acid, another sticky mucus. Often there is Candida albicans or fungal infestation as 
well, which sensitizes the mucous membranes to airborne moulds. Mucus--releasing 
colds in this setting can be a blessing in disguise, provided they are not treated with 
antibiotics. Also dead teeth can induce copious mucus due to chronic root and 
jawbone infections, as explained in step 8. 


The mucous membranes of asthmatics, which are highly sensitized by mucic 
acid, react strongly to air pollutants such as smoke, pollen, and sulphur dioxide. The 
adrenal glands are typically weak and histamine levels are high because of a sweet 
diet and allergies. To overcome asthma, we need to reverse these negative 
conditions by using a low-allergy diet with a minimum of sweet or mucus-forming 
food, while the respiratory tract should periodically be cleared of mucus. Breathing 
exercises also help this condition. 


Milk Products and Chronic Degenera-tive Diseases: A serious consequence 
of a congested lymphatic system full of mucus is the development of leukaemia. This 
happens when the immune system has been sufficiently damaged by frequent 
mucus-related infections combined with other factors such as toxic chemicals, a 
sweet diet, allergies, and -vitamin--mineral deficiencies. 


It may not be a coincidence that Nathan 

Pritikin, famous for his much-publicized diet to : 
; of Dairy Products 

cure cardiovascular diseases, developed 
leukaemia. The original Pritikin diet is high in | Putter 0.5% 
skim-milk products and, therefore, imposes a | cheese, cottagecheese 2-4% 
severe galactose overload on the body. | goat's milk 4.3% 
Leukaemia or another  galactose-related 
degenerative disease is more likely to develop 
as a long-term effect of a high intake of skim- 
milk products. It is important to note that 
cardiovascular diseases can be prevented or 
cured nutritionally without causing other health | whey powder 70% 
problems such as leukaemia. 


Table 5-1: Lactose Content 


cow’s milk 4.9% 


yogurt and ice cream 
(with skim milk powder) 5-25% 


skim-milk powder 52% 





Leukaemia stands in between the acute mucus-related infections of childhood 
and the usual chronic degenerative diseases that develop with advancing age. When 
our metabolism slows down as we become older or if we are on an unsuitably heavy 
meat diet, the body gradually becomes too alkaline and the mucous membranes 
become more insensitive. In this condition, the release of mucus through colds and 
other respiratory infections becomes rare and most of the mucic acid is stored in the 
body. 


A lactose intolerance, and thus an enforced avoidance of foods containing 
lactose, can also protect us from another disease: cataracts of the eyes. Even infants 
can develop cataracts when they cannot convert galactose to glucose, and galactose 
overload is an important cause of cataracts in adults. In addition, high blood glucose 
and fructose levels may contribute. These simple sugars are reduced to sugar 
alcohols that cause cloudiness in the lens. Another form of cataract is mainly caused 
by a chronic deficiency of vitamins A, B2, C, D, and E, and the minerals chromium 
and selenium. Radiation exposure or drugs can also cause cataracts. 
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Besides cataracts, there are other diseases that are usually considered to be 
typical for the aging body, but that occur in infants with galactosaemia. These include 
liver degeneration, oedema, and reduced memory or senility (the latter being 
equivalent to mental retardation in infants with galactosaemia). 


Cancer (carcinoma) reportedly can result from galactosaemia. A clinical study 
shows that women who consumed yogurt had a higher rate of ovarian cancer than 
controls who consumed the same amount of lactose from other milk products.25 
Because of the activity of the lactic-acid bacteria, yogurt contains more readily 
available galactose than other milk products. 


A frequent complaint is increasing deafness with subsequent infection and 
inflammation because of mucus congestion of the Eustachian tube and the middle 
ear. In children, this condition is sometimes called “glue ear.” This is especially a 
problem with children of non-European background because they can still absorb 
lactose, but cannot easily convert galactose, especially from cow’s milk, into energy. 


One Scandinavian study showed that no purely breast-fed baby developed 
early middle ear infection and that such babies were protected against it in later life. 
In contrast, early introduction of cow’s milk predisposed children to this and it was 
exclusively found in children who received cow’s milk before the age of six months.”° 


With lactose-induced mucus congestion, degenerative lung diseases such as 
emphysema can also develop. While smoking is generally considered to be the 
greatest hazard for lung cancer, it may actually rank equal with galactose overload; 
most at risk are heavy smokers with mucus-congested lungs. Sometimes the lungs 
fill up with mucus. A patient | know died because his lungs and breathing passage 
were filled with sticky mucus. He literally drowned in it. With each of his breaths, | 
could hear the air bubbling up through the mucus. 


A combination of mucus accumulation in the lungs and the digestive system is 
seen in cystic fibrosis. This disease is mainly due to an overproduction of an 
abnormal mucopolysaccharide, a long-chain carbohydrate that normally supplies the 
mucus physiologically required by the body. Cystic fibrosis sufferers also may be 
unable to convert galactose and, as they are usually deficient in protective 
antioxidants, they may also produce large amounts of mucic acid. Like galactose 
overload, cystic fibrosis is typically a disease of Caucasians. 


In part, excessive mucus formation stems from an infestation of the lungs with 
bacteria, which produces an abnormal amount of sticky alginic acid. The important 
point here is that alginic acid is synthesized from a simple sugar (mannose) that 
these bacteria can convert from an excess of any other sugar, such as galactose, 
fructose, or glucose. Therefore, mucus-forming as well as sweet foods must be 
avoided. 


Lactose in Food: Preventing excessive mucus accumulation in the body is 
much easier than trying to remove it afterwards. If you are concerned about your 
future well-being, it is a wise precaution to reduce your intake of lactose to a 
minimum, starting today. Review table 5-1 for the lactose content of some common 
dairy products, and see which ones you can avoid. 


With skim-milk powder having a lactose content of 52 percent, you may now 
realize how dangerous is the current fad for using low-fat ice cream, yogurt, cottage 


Heal Yourself - The Natural Way 226 


cheese, and so forth, instead of full-fat products. Such low-fat foods are made from 
skim-milk powder and contain three to five times as much lactose as the equivalent 
full-fat foods. Sometimes skim-milk powder is even added to butter. Therefore, read 
the product labels and avoid butter that lists “non-fat milk solids” as one of the 
ingredients. 


Skim-milk powder is also a favourite additive to many other commercial foods, 
such as bread and other baked products, sausages, and margarine. The health-food 
industry is fond of adding lactose to many products such as soy milk and dandelion 
coffee. Lactose is often used as filler in white tablets; cell salts are almost pure 
lactose. Try to avoid white tablets if the label does not state that they are free of 
lactose or are low-allergy tablets. 


| suspect that the average daily amount of lactose that healthy adults can 
handle without the danger of long-term galactose overload is less than 10 g, the 
equivalent of one glass of milk. However, those who have occasional mucus 
problems or are afflicted with a -galactose-related disease do well to have a much 
lower lactose intake than 10 g per day. With a lactose allergy, it is often necessary to 
avoid lactose completely for several months or years. 


Casein, Milk Protein, and Fat: Casein is the main protein in cow’s milk and 
constitutes about three percent of it. Mother's milk, on the other hand, has only 0.5 
percent casein content. The high casein content of cow’s milk causes it to form a 
very tough, rubbery curd in the stomach; the casein then binds the calcium in milk as 
an insoluble salt. Thus it is extremely difficult to digest and is a frequent source of 
indigestion. Mother's milk and goat’s milk, on the other hand, form finely dispersed 
soft curds that infants can easily digest. 


Thus the protein in cow’s milk frequently is only partly digested and becomes a 
major source of intestinal putrefaction and toxaemia. Incompletely digested protein 
can pass through the wall of the small intestine and cause allergies. Symptoms of 
worms in children are often due to intestinal putrefaction from undigested cow’s milk. 
Breast milk, which contains high levels of fat-digesting lipase and other enzymes, is 
nearly self-digesting in the baby’s gut in contrast with pasteurized cow’s milk, which 
is very difficult to digest. 


In a double-blind study, 24 out of 27 babies with colic became free of 
symptoms when put on a diet free of cow’s milk protein. The babies, when given 
cow’s milk protein, cried on average 3.2 hours daily and when taken off cow’s milk, 
cried for only one hour.’ However, | believe that breast-fed babies who have all their 
needs met hardly cry at all. Allergy-prone mothers pass allergens to their babies with 
their breast milk. This allergenicity is often caused by beta-lactoglobulin, which is in 
the cow’s milk. When such mothers avoided cow’s milk (and thus its proteins), the 
babies’ colic disappeared. 


Colic is due to an inflammation of the intestinal wall, which in turn is triggered 
by an allergic reaction against the protein in cow’s milk. This chronic inflammation 
erodes the intestines’ microvilli through which the food is absorbed, thus resulting in 
malabsorption. Incompletely digested proteins can also pass through the damaged 
intestinal wall into the bloodstream and produce various allergic reactions, such as 
dermatitis or brain irritation. 
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OVERALL SCALES. IN EVERYTHING 





A general consequence of such cow’s milk allergy is a weakening of the 
immune system, which in babies is further aggravated by a lack of protective immune 
factors that are normally transmitted through breast milk. This is why infants on cow’s 
milk have frequent colds and respiratory infections; this immune weakening can also 
lead to sudden infant death or immune deficiency diseases in later life. 


Cow’s milk appears to disturb calcium metabolism. Calcium becomes trapped 
in undigested casein, while the long-chain saturated fatty acids form insoluble soaps 
with calcium. In addition, cow’s milk has an unfavourable ratio of phosphorus to 
calcium as compared to breast milk. 


Several studies show that cancer patients tend to consume more cow’s milk 
than do matched controls. Professor Jane Plant, author of Your Life in Your Hands, 
may have discovered the connection between cow’s milk and cancer. Her breast 
cancer had spread throughout her body and she had been given up to die. At that 
stage, she found out that the rate of death from breast cancer in China is one in 
10,000 compared to about one in ten in most Western countries, and also that 
Chinese do not use animal milk or related products. Putting the two together, she 
avoided all milk products; her tumours eventually disappeared, and for 13 years now 
she has been free of cancer. 


As Chinese have “normal” rates of other cancers, there must be a special factor 
that causes their low breast cancer rates. Also the largely milk-free Japanese have 
low breast cancer rates, but when Chinese or Japanese women adopt a Western 
lifestyle, their breast cancer rates start to climb, approaching the level in Western 
countries. Studies now link milk consumption to breast and prostate cancer. 


The problem appears to be a special protein called insulin-like growth factor, 
IGF-1. This stimulates hormone-related division of cells and especially stimulates 
breast tissue to grow during puberty and pregnancy; it also affects the prostate gland. 
Clinical studies showed that higher levels of circulating IGF-1 in the blood were not 
only a strong risk factor for women to develop breast cancer, but also for men to 
develop prostate cancer. However, IGF-1 levels were not elevated with benign 
conditions.28 The crucial factor is that cow’s milk is very high in IGF-1, and it is also 
present in the meat of dairy cows. High-yield milk production, as commonly induced 
with synthetic hormones, increases the IGF-1 levels in the milk. 


Another protein or protein fragment is connected with juvenile diabetes (Type 
1). It appears that this is only a problem with milk from Frisian cows (called A1 milk), 
but not with milk from other, lower-yielding breeds that produce A2 milk. Most of 
presently consumed milk is A1 milk. 


Juvenile diabetes is much higher in those who have been bottle-fed rather than 
breast-fed and it is lower in communities that consume less cow’s milk products. 
Studies of newly diagnosed diabetic children revealed an immune response to this 
protein fragment of cow’s milk protein in all of them, and found that it has the same 
composition as one called P69 on the beta cells. P69 is usually protected inside the 
pancreatic beta cells and comes to the surface only during microbial and viral 
infections. At those times, the immune system can mistake it for cow’s milk protein 
and attack it and destroy the beta cells in the process. Bottle-fed infants are very 
susceptible to colds and respiratory and gastrointestinal infections; it is regarded as 
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“normal” for them to have six and more infections a year, even though these are rare 
with breast-fed infants. 


Therefore, bottle-fed infants frequently receive antibiotics that then encourage 
overgrowth of the intestines with undesirable microbes and a tendency towards 
chronic pancreatitis. One type of E. coli bacteria, though harmless in the large 
intestine, has the potential for causing great damage in the small intestine. That is 
because it produces a molecule very similar to insulin. When the immune system 
becomes activated against this molecule, it can then also direct its attack against 
related features at the beta cells. 


This shows that a combination of two factors can trigger an attack on the insulin 
producing beta cells: one factor that brings P69 to the surface of the beta cells, and 
another that activates the immune system to attack them. From the first factor we 
have the frequent colds of bottle-fed babies, and if antibiotics are used, then this also 
promotes overgrowth of the small intestines with pathogenic microbes, including E. 
coli, as the second factor. This is reinforced with feeding cow’s milk, which intensifies 
the attack on the beta cells and eventually leads to juvenile diabetes. 


Fermented cow’s milk products in the form of natural yogurt, kefir, and natural 
cheeses produce a fine curd and cause fewer health problems than unfermented 
milk. However, even these should be used with care and only if they do not cause 
allergies or mucus problems. Generally, the corresponding goat’s or sheep’s milk 
products are far more preferable. The least harmful milk product is cottage cheese 
made from fermented goat's or sheep’s milk. 


The most damaging aspect of commercial milk products, apart from 
oversupplying the body with growth promoters, lactose, and casein, is the destruction 
of natural enzymes by pasteurizing the milk. Raw butter, for instance, was formerly 
used to cure psoriasis, but pasteurized butter causes or aggravates it. The healing 
effect of raw butter is due to its high content of the fat-digesting enzyme lipase. The 
same is true for heart and liver problems, which are caused in part or aggravated by 
processed cheese and butter fat. 


Such health problems did not occur to the inhabitants of the Caucasus and 
Bulgaria with their high intake of raw milk products. Cholesterol did not harm anyone 
in former times when mainly unheated milk products were used; cardiovascular 
diseases were almost unknown. Raw milk was formerly used to cure tuberculosis, 
but pasteurized milk is more likely to cause it. In general, raw butter and cream are 
far healthier foods than refined polyunsaturated oils or margarine. 
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Step 39 
WHEAT & GLUTEN 


Wheat may be the staff of life, but in many people 
it is actually unfavourable to health. 


Gluten is a mixture of two groups of proteins, gliadins and glutelins. Wheat has 
the highest content of gluten, especially hard wheat, which makes it possible to bake 
leavened bread and cakes. Under the conditions of baking, gluten forms a network of 
molecules, similar to a wire mesh. This molecule mesh traps small bubbles of carbon 
dioxide gas and prevents them from escaping. This makes the baked product light 
and easy to chew. However, in this way we create a problem for our digestion 
because the gluten network is more difficult to break down. The gluten network is 
only partly digested, especially if the food is not very well chewed; this is a main 
cause of intestinal inflammation and wheat allergy. 


Malabsorption Problems with Wheat: Gluten seriously weakens the intestinal 
wall. Its effect on the tiny absorption villi in the small intestine can be compared to the 
action of sandpaper on wood. Animal experiments have shown that the intestinal 
absorption villi are long and slender before they come into repeated contact with 
wheat protein. Afterwards, they become blunt and broad, with a much-reduced ability 
to absorb nutrients. 


Therefore, people on wheat diets absorb nutrients less well than those reared 
on wheat-free diets. The former greatly contributes to the widespread incidence of 
malabsorption and nutrient deficiencies. In such people, not only are the absorption 
villi blunted, but the irritation caused by the sandpaper effect of gluten produces a 
protective mucous coating over the intestinal wall. This makes it still more difficult for 
nutrients to pass through the intestinal wall to be absorbed. 


Thus we find gluten, and especially wheat gluten, implicated as a cause of 
typical malabsorption diseases, such as cystic fibrosis, celiac disease, and sprue, but 
frequently also associated with autoimmune diseases, diabetes, arthritis, multiple 
sclerosis, and schizophrenia. The irritation caused by gluten is a main factor in 
causing appendicitis, colitis, and inflammation of the small intestines (e.g., Crohn’s 
disease) as well as gastric and duodenal ulcers. 


It has been estimated that about 90 million Americans suffer from gluten 
sensitivity, while celiac disease, a severe form of malabsorption caused by gluten, 
has been found to be 50 times more prevalent than previously suspected and about 
1.5 million Americans are thought to suffer from it. Celiac disease occurs frequently 
not only in patients with gastrointestinal symptoms, but also in relatives and others 
with numerous common disorders even in the absence of gastrointestinal 
symptoms.” For further information, contact University of Maryland Centre for Celiac 
Research: see websites: www.celiaccenter.org and www.celiac.com. 


The degree of damage to the intestinal wall is proportional to the amount of 
gluten consumed. But even so-called normal and healthy volunteers on high-gluten 
test diets showed a deterioration of their intestinal walls and that their ability to 
absorb nutrients had been reduced. 
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Nutrient malabsorption is even more of a problem if white bread is used 
because it has lost about 80 percent of its vitamin and mineral content compared to 
that of whole-meal bread. What makes it even worse is the modern fast-baking 
method; instead of fermenting the bread for four to seven hours, it is now whipped 
with chemicals for two minutes. Thus the few remaining minerals stay tightly bound to 
phytic acid and cannot be absorbed by the body. 


Gluten Allergy: When the intestinal wall deteriorates, it becomes permeable 
and molecules larger than normal can pass through. This allows partly digested 
proteins and bacterial toxins to enter the bloodstream, causing allergies and a 
deterioration of the immune system. Thus, gluten is actually the main agent causing 
allergies. Without a weakening of the intestinal wall, other potential food allergens 
would be prevented from reaching the bloodstream, except in the case of babies with 
intestinal walls that are still immature. 


Young babies are also unable to digest starches. Feeding them wheat 
products, which is very common, almost automatically leads to the development of a 
wheat allergy. Therefore, cow’s milk and wheat are two of the primary food allergies 
in our society. Not only do they precede the development of other allergies, but their 
initial appearance makes it much easier for secondary allergies to develop. 


All these problems caused by gluten are greatly intensified by the tough 
network of gluten molecules formed in baking with gluten-rich flour. In former 
centuries only low-gluten wheat was available; high-gluten wheat is a modern 
innovation. In addition, the amount of wheat-baking, especially with high-gluten 
wheat, has greatly increased in our society compared to former centuries, while at 
the same time our digestive powers have declined. 


As this trend has existed already for several generations, most of us are by 
now sensitized to some degree against wheat gluten, and baked wheat products 
have become problem foods for most individuals. This includes whole-meal wheat 
bread and not just the white variety. Our ancestors used mainly millet, rye, and oats 
as staple grains in addition to low-gluten wheat and spelt; they also used grains more 
in the form of porridge or wafers than as leavened bread. However, when leavened 
bread was used, it was mainly as sourdough bread, except in the cities where yeast- 
baking gradually dominated. 


Rye and barley contain less gluten than wheat, and the protein composition is 
slightly different in these grains; thus, even if you have a wheat allergy, you may still 
be able to eat these grains. However, this is often not the case, and it is preferable 
that you avoid these for an extended period if you have a wheat allergy, and instead 
use gluten-free grains such as rice, millet, and maize. Buckwheat is not a cereal 
grain - it belongs to the rhubarb family - but it contains a gluten-like protein that 
requires allergy testing before being used by individuals allergic to gluten. 


Processed food, including tablets and soy sauce, often contain added wheat 
starch or gluten. If you have a wheat allergy and use processed food, then read the 
labels carefully. Wheat grass, however, is safe to use, but wheat-germ oil needs to 
be tested for possible allergic reactions. 


Iris Diagnosis to Detect Wheat Susceptibility: Blue-eyed individuals with 
wheat or gluten intolerance usually have a whitish color in the area of the iris 
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denoting the intestines (refer to Step 12). This reflex zone that surrounds the pupil 
indicates the irritation and mucus covering of the intestinal wall. Frequently, the white 
fans out to other parts of the iris, but especially to the head and brain reflex areas 
that are in the upper part of the iris (between the ten and two o'clock positions). This 
indicates gluten-induced mucus congestion of the head and irritation of the brain 
tissues. 


Such people are vulnerable to emotional irritability, bursts of temper, and, in the 
case of brain allergy, to epilepsy and mental disease. They cannot relax easily, and 
attending emotional workshops or seeking psychiatric help will do little permanent 
good if the nutritional cause of the problem is not corrected. These individuals often 
have oversensitive sense organs and tend towards farsightedness. As long as there 
is no serious mucus congestion in the head, the sharpened senses provide good 
eyesight and excellent hearing. The disadvantages are oversensitive taste buds, an 
oversensitive sense of smell, and distress caused by loud noise. 


Magnesium supplements will help but will not remove the basic cause. In later 
life, mucus congestion may lead to deafness and eye diseases. If, in addition to 
wheat or gluten intolerance, there is difficulty in digesting fats, the white iris areas will 
become increasingly yellow. 


Baked wheat products, especially in combination with sugars, are the most 
fattening foods for susceptible individuals. The metabolism of such individuals 
becomes inefficient and the wheat starch is mainly converted into body fat instead of 
energy. Frequently, individuals allergic to wheat, gluten, and beer have a distended 
abdomen (potbelly). 


For many individuals, gluten products, especially wheat and beer, are strongly 
mucus forming. Generally, the whiter the iris, the more mucus-forming is the gluten 
consumed. Wheat and gluten are often a problem for those with asthma and hay 
fever. If you have a problem with mucus, avoid all gluten products and all foods 
containing lactose. After sufficient improvement, you can reintroduce small amounts 
of rye and oats into your diet and explore how much of these your body tolerates. 


Most commercial health breads contain added gluten, skim-milk powder, or 
dried whole grain and are worse than plain whole-meal bread. | recommend rye 
sourdough bread and rye crispbread; however, rye sourdough bread often contains 
added wheat described as whole-meal or bread-making flour, so be careful. 


Oats are high in proteins and nucleic acids, while the fibre (oat bran) is useful 
for binding and expelling surplus cholesterol from the intestines. Barley has an even 
higher cholesterol-reducing effect, and both oats and barley are superior to wheat. 
However, oats are also high in gluten and easily cause the same problems as wheat 
in gluten-sensitive individuals. It may be no coincidence that Scotland has the highest 
rate of multiple sclerosis, with a diet traditionally high in oats and low in vitamin D due 
to a lack of sunshine. 
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Step 40 
SWEET FOODS 


Your sweet tooth may be your undoing, so consider 
reducing your intake of sugars. 


The main problem with sweet foods is that sugars are absorbed too quickly. 
The body tries to maintain a fairly constant blood sugar level close to 100 mg of 
glucose per 100 ml of blood, but this becomes difficult with the habitual consumption 
of sweet foods. 


When we have a starch meal, it takes several hours until all the starch is 
converted into glucose. The absorption through the intestinal wall is gradual and the 
liver can easily regulate the blood glucose level by forming glycogen or fat from 
surplus glucose. It is equally safe to eat raw cabbage or raw carrots, which can 
naturally contain amounts of sugar equal to a spoonful of honey. Again, it takes hours 
for the glucose from raw vegetables to enter the bloodstream, while with that from 
honey or fruit juices, it can take less than 30 minutes. 


However, when sweet food is eaten during or after a protein meal, the sugar is 
absorbed considerably more slowly. The same applies when sweet food is combined 
with fat. On the other hand, sweetened starches, such as sweet porridge, cookies, or 
cakes, cause digestive and metabolic problems and are not recommended for 
habitual use. This means, in effect, that chocolate may be safer to eat occasionally 
than chocolate cake. 


In former centuries, only limited amounts of sweet foods were commonly 
available in middle and northern Europe. More sweet food was used in 
Mediterranean countries, and descendents from these populations generally have a 
stronger sugar metabolism. In addition, formerly it was much more common to work 
hard physically and in this way burn up the glucose as quickly as it entered the 
bloodstream after a sweet snack. Food was largely unprocessed and rich in those 
vitamins and minerals that are needed to maintain the blood sugar regulation and 
sugar metabolism. 


Three minerals required for metabolizing sugars are zinc (a component of 
insulin and of several enzymes), chromium (part of the glucose tolerance factor that 
allows glucose to enter the cells), and manganese (an important enzyme factor). In 
addition to these trace minerals, we need sufficient potassium and magnesium to 
produce energy from sugar. The vitamins most important for producing this energy 
from glucose are B1 and B2. 


In contrast to former centuries, many people now suffer from vitamin and 
mineral deficiencies that make good blood sugar regulation nearly impossible and 
severely weaken the energy metabolism. On top of this, large amounts of sweet food 
are consumed almost daily, and the only “work” that many modern people do after a 
sweet snack is to raise a cup or stare at the television. The combined effect of all 
these negative factors is an erratic blood sugar level. It rises higher and higher after 
the ingestion of sweet food and falls more steeply and lower shortly afterwards. 
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Depending on one’s metabolic constitution, this has different effects on different 
people. 


Table 5-2: Symptoms of Allergy and Blood Sugar Problems 


Allergies and blood sugar problems reinforce each other and can cause the same 


symptoms or contribute to the same chronic diseases. 


abdominal pains 
addictions 

adrenal exhaustion 
aggressiveness 
alcoholism 

anemia 

angina 

anxiety 

arthritis 

asthma 
autoimmune disease 
backache 

bloating 

blurred vision 
burning eyes 
cancer 

caries 

chest pain 

chronic coughs 
chronic indigestion 
cold hands and feet 
colds 

colitis 

confusion 
conjunctivitis 
constipation 
convulsions 

crying spells 
depression 


diabetes 

diarrhea 

digestive problems 
distended veins 
dizziness 

eczema 

edema 

emotional instability 
epilepsy 
exhaustion 

eye weakness 
fainting 

fatigue 
forgetfulness 
gallbladder pain 
gastric pain/ulcer 
glaucoma 

hay fever 
headache 

heart attacks 
heartburn 
haemorrhoids 
hyperactivity 
hypertension 
immune deficiency 
indigestion 
infections 
inflammations 
insomnia 


irritability 

joint pains 

low blood pressure 
migraine 

mouth ulcers 
mucus congestion 
muscle cramps 
muscle pains 
myopia 
nervousness 
neuralgia 
neuroses 

nose bleeding 
numbness 
obesity 
palpitations 
phobia 

poor circulation 
rashes 

respiratory problems 
schizophrenia 
sinusitis 

skin problems 
sweating 
tachycardia 
underweight 
varicose veins 
vomiting 
weakness 





If you look at Table 5-2, you may be surprised at the variety of symptoms that 
can occur and the number of chronic diseases to which a weak sugar metabolism 
contributes. The reason that sugar can cause such a range of problems is that 
glucose has a central position in producing our daily energy requirement. If our cells 
cannot efficiently produce energy, all our organs and body functions are affected. 


How Diabetes Comes into the Picture: The disease most widely associated 
with a breakdown of blood sugar regulation is diabetes. When diabetes develops 
during childhood or in young adults (Type 1), the main problem is usually a deficiency 
of the hormone insulin. Produced in the pancreas, insulin is required to channel the 
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blood glucose into the cells. Therefore, a deficiency of insulin leads to a rise in the 
blood glucose level. 


Currently, accepted medical opinion does not see a connection between the 
overconsumption of sweet food and the development of diabetes. However, 
experiments have shown that the insulin sensitivity decreases with frequent use of 
sweet food. Starting with a raw food diet that excluded all sweet food as well as other 
problem foods, | have been able to help diabetics of both types to improve their blood 
sugar regulation so that insulin injections or drugs were no longer needed. 


In adult-onset diabetes (Type II), there is usually sufficient insulin available, but 
its effectiveness is greatly reduced. The main reason for this is the “disaccharide 
effect” as well as a deficiency in chromium, which is part of the glucose tolerance 
factor. Insulin and the glucose tolerance factor work together like key and keyhole to 
let glucose into the cells, but a deficiency of chromium prevents glucose from 
entering the cells. 


The reason for a chromium deficiency is the habitual consumption of refined 
and sweet foods. Refined food is deficient in chromium, while eating sweet food 
raises not only the blood sugar level, but also the blood chromium level; this causes 
more chromium to be excreted with the urine. Another effect of chromium deficiency 
in diabetics and others is the excessive formation of cholesterol after eating sweet 
food and the subsequent development of arteriosclerosis. 


These same factors also lead to the formation of cataracts. A diet high in 
fructose is especially implicated in causing eye diseases in diabetics. Fructose and 
glucose are the two components of sucrose - the normal household sugar - and also 
of honey. Fructose (best if obtained from fruits only) can enter the cells without 
requiring insulin and thereby can help to normalize the diabetic metabolism, but this 
is risky if mineral deficiencies are not corrected at the same time, especially 
deficiencies in magnesium, zinc, and chromium. 


In animal experiments, an excessive intake of sugar resulted in a greatly 
enlarged pancreas and pituitary glands, both of which are involved in blood sugar 
regulation. A group of Aboriginal diabetics in Australia who lived for several weeks on 
“push food” all quickly returned to a normal blood sugar regulation. Similarly, Indians 
living in Natal (South Africa) have a high sugar consumption and high levels of 
diabetes and heart disease compared to Indians living in India who use very little 
sugar and have very low rates of these diseases. 


Type Il diabetics are generally treated with tablets to lower blood glucose 
levels. As with insulin, these hypoglycaemic drugs do not protect the patients against 
the various harmful complications of long-term diabetes, such as degenerative eye 
changes, especially involving the retina, degeneration of the peripheral nervous 
system, and atherosclerosis, especially affecting the legs and heart. On the contrary, 
studies seem to indicate that these drugs accelerate such degenerative changes. 


Doctors W. H. Philpott and D. K. Kalita point out in Victory over Diabetes that 
the overwhelming evidence of recent studies shows a shortened life expectancy and 
more serious complications from using diabetic drugs. In fact, the death rate actually 
doubled in those taking oral diabetic drugs. Most of these same drugs are still in use 
today. From a biochemical point of view, this is only logical and to be expected 
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because if sugar levels are lowered without converting them into energy, then they 
have to be converted into fat and cholesterol (collectively called lipids) that then 
cause many of these problems. 


When the liver and bloodstream are already loaded with lipids, it is difficult to 
convert excess glucose into more lipids. Therefore, obese or overweight individuals 
have greatly decreased insulin sensitivity, but insulin becomes much more effective if 
they lose weight. Other studies show that blood sugar regulation is best maintained 
with a diet high in vegetable fibre, especially from legumes, and that a high intake of 
simple carbohydrates or sugars tends to make insulin less sensitive (active). 


Sugar added to the diet of research animals or increased in the diet of healthy 
volunteers has been reported to disturb the glucose metabolism and cause diseases 
of the eyes, kidneys, and blood vessels. Even if combined with a high-fibre, low-fat 
diet, added sugar still adversely affects the glucose tolerance. However, short-term 
studies may not show the harmful long-term effects of sugar in the development of 
Type Il diabetes. This is because household sugar or sucrose consists of one 
molecule of glucose and fructose. Only glucose elevates the sugar level in the 
normal way, while fructose affects it only slightly. Therefore, in the glycaemic index, 
discussed earlier, which measures the immediate effect of different foods on the 
blood glucose level, sucrose is listed as a good food. 


Instead, the danger of fructose is in causing an exaggerated insulin response, 
mainly when it is together with glucose in the same meal, be it from sucrose, honey, 
or even starches; to some degree, this happens even when ingested on its own as a 
sweetener. However, fructose in whole fruits is generally fine, provided it is not 
ingested close to a meal containing starches. 


Let’s look now at the common habit of eating sweetened starches, as in bread 
with jam, marmalade, or honey, cakes, cookies, muesli, or breakfast cereals. The 
fructose contained in the meal causes a strong rise in the blood insulin level. At the 
same time, a large amount of glucose from the breakdown of starches enters the 
bloodstream. The excess of insulin quickly channels the glucose inside muscle cells, 
which are now overloaded with glucose. Only a small amount is needed for energy 
production; the rest can be converted to lactic acid, causing overacidity, or to body 
fat. Gradually, cells learn to protect themselves by becoming less responsive to 
insulin and making it harder for glucose to enter. 


Until 1980, the rate of obesity and Type II diabetes was fairly stable. However, 
when the health authorities in the U.S. started vilifying foods containing fats and 
cholesterol and recommended eating carbohydrates instead, obesity increased from 
13 to 14 percent of the adult U.S. population to 25 percent within one decade and 
continues to rise. Type II diabetes became an epidemic as well. In addition, for the 
first time in history, a large number of obese children developed Type II diabetes. As 
a result, it is now not usually called adult-onset diabetes.°° 


While exaggerated insulin response and resulting loss of insulin sensitivity are 
most pronounced in obese individuals, they gradually develop also in others after 
prolonged use of sucrose. The damage is greater the more sucrose is eaten in a 
gorging pattern instead of in small meals at intervals. 
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Surprisingly, sucrose has a worse effect than eating its two components, 
glucose and fructose, at the same meal. This is called the disaccharide effect and 
applies also to other sugars with two components, such as maltose with two glucose 
molecules. A hormone in the duodenum releases more insulin after ingestion of 
disaccharides than after monosaccharides such as glucose or fructose. 


While increased insulin levels are desirable for Type | diabetics, with Type II 
diabetes it just means that more glucose is being converted into fat and cholesterol. 
However, there is a way to increase the insulin sensitivity of muscle cells naturally, 
such as with regular aerobic exercise. This allows glucose to enter muscle cells 
without the aid of insulin. In addition, the five-carbon sugar alcohol xylitol can be used 
by both types of diabetics without increasing blood glucose levels, although large 
amounts may cause diarrhea. 


Hyperactivity and ADD: Much more widespread than diabetes or 
hyperglycaemia is the opposite condition of low blood sugar or hypoglycaemia. The 
most common milder form is reactive hypoglycaemia, in which the blood sugar 
response after eating non-sweet foods is normal. However, when sweet food is 
eaten, including sweet fruits, too much insulin is released and glucose floods the 
cells. 


Glucose cannot be stored in cells and has to be metabolized. How this 
happens depends on the condition of your metabolism. The first stages are easy and 
result in the glucose molecule being split in half; this process is anaerobic and does 
not require oxygen. However, oxidizing enzymes are necessary for the next stage 
and these are usually deficient in adults with this condition. Children, on the other 
hand, often still have a reasonable supply of enzymes and are able to convert most 
of the glucose to energy. 


This creates an energy burst, whether it is needed or not, that has to be used. 
The result is extreme restlessness: The muscles must move to use the surplus 
energy, and the brain races as well. When the “straw fire” of excess energy is used 
up, insufficient glucose remains to sustain normal activity and attention. Mental and 
physical exhaustion follows, until a sweet snack lights another straw fire of 
hyperactivity. 


This temporary speeding up of the energy cycle is exaggerated, and in other 
cases triggered, by various factors that cause stress on the nervous and hormonal 
systems. The most frequent cause of such stress is a hidden allergy to food additives 
and to common foods such as wheat and cow’s milk products. Usually a child’s 
favourite foods are also to blame. Additional triggers can be fluorescent lighting, 
television viewing, strong electromagnetic radiation, petrochemical fumes, tobacco 
smoke, Candida albicans, and emotional stress. 


In adolescents and adults such energy bursts, especially when combined with 
exposure to dietary allergens or stimulants, can lead to periods of uncontrolled 
violence. Many studies, involving thousands of institutionalized male juvenile 
delinquents, have shown a large drop in the incidence of antisocial behaviour in 
those on diets low in sugar and allergens. While the average improvement rate was 
almost 50 percent, repeat offenders improved by more than 80 percent, and their 
suicide rate fell 100 percent. 
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CLOUDS - TOROIDAL VIBRATION INTERFERRENCE 





Females, because of their lower adrenaline levels, tend less towards violent 
behaviour. Instead, the effects of the strong blood sugar fluctuations after ingesting 
sweet food are more internalized. In sensitive individuals, emotions closely follow the 
blood sugar levels, often going up and down in quick succession, alternating between 
elation and depression. 


Problems of Hypoglycaemia: The speedy metabolism that results in 
hyperactivity and violent behaviour explains why the term “fast oxidizer” has been 
coined for those who burn sugar too quickly. “Fast oxidizer’ and “hypoglycaemic” 
mean basically the same thing: someone who has a speeded-up glycolysis (the 
breakdown of glucose inside the cells), which results in a lower than normal blood 
sugar level. 


As opposed to hyperactive children, most adult hypoglycemics have a shortage 
of oxidizing enzymes, and this interrupts the energy produced at the end of 
glycolysis. Instead of energy, lactic acid is produced in a final anaerobic stage. Thus, 
only 20 percent of the total energy that would be available if glucose were completely 
oxidized to carbon dioxide and water is produced. 


This results in overacidity and a chronic lack of energy, which is typical of 
hypoglycemics who are on sweet diets. Additional energy is required to remove the 
lactic acid via the kidneys. Lactic acid must be partly neutralized and this depletes 
the body of positive ions, especially calcium. A further result of overacidity is a high 
histamine level, which makes us susceptible to strong allergic reactions and frequent 
inflammations, while the skin becomes oversensitive to stings and all forms of 
irritation. 


High histamine levels together with a calcium deficiency cause low blood 
pressure, which contributes further to a lack of energy and poor circulation, typified 
by cold hands and feet. Calcium is withdrawn from the blood vessels, resulting in 
varicose veins. Calcium deficiency also creates menstrual problems and weakens 
the eyes, making us nearsighted. 


Nearsightedness or myopia actually results from a deficiency of two minerals, 
calcium and chromium, and both are induced mainly by a high consumption of sugar. 
Chromium deficiency arises from eating too much refined food that lacks this mineral 
(which means we never get to absorb it) and also from increased excretion of 
chromium in the urine, which occurs after eating sweet food when the blood levels 
are raised in response to high levels of insulin. 


The ciliary muscles in the eyes need chromium to focus the lens for near vision. 
If the ciliary muscles become fatigued from a combination of chromium deficiency 
and prolonged close-focus activity, then the eye relieves this muscle strain by 
increasing the intraocular pressure; this pressure in turn leads to an elongation of the 
eyeball and thus to myopia. 


Increased intraocular pressure, however, leads to an elongation of the eyeball 
only in those of younger years, when the body has a high requirement for calcium. 
With increasing age, the tissues become more calcified and rigid. In this situation, the 
eyeball cannot expand with increased intraocular pressure and glaucoma may result. 


Scientific studies have shown that the excretion of calcium in urine increases 
up to fourfold in those with a strong insulin response when given large amounts of 
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sugar; this is because plasma calcium levels are increased after eating sugar. The 
most common sources of the calcium excreted are the bones and teeth; this 
contributes to osteoporosis and dental caries. In elderly individuals, high plasma 
calcium levels also accelerate irreversible bonding with collagen and elastic protein 
structures, leading to increased rigidity and bone deformations, as evidenced in 
arteriosclerosis and arthritis. A high calcium concentration in the urine leads to an 
increased risk of kidney stones as well as kidney damage from the calcification of the 
filtration mechanism. 


Lactic-acid formation that occurs after eating sugar contributes to strong 
inflammations such as in rheumatoid arthritis and gingivitis (inflammation of the 
gums). Normally, the saliva is nearly neutral in pH, which is less favourable for the 
growth of plaque bacteria than the acidic saliva of hypoglycemics. Sugars are the 
only energy source for these bacteria. When we are strictly on non-sweet diets, 
plaque bacteria are denied energy and they cannot multiply, and this effectively 
prevents caries. 


Giving up sweet food, however, is extremely difficult for children and many 
adults because they are addicted to it. This addiction is in principle the same as later 
addictions to stimulants and drugs. Another effect of general overacidity is an inability 
to alkalize the gastric content when it enters the duodenum. This makes the 
pancreatic enzymes, which require an alkaline medium, inefficient and in time can lead 
to deficiencies and digestive problems (refer to acid-alkaline problems in Step 6). 


Fructose and the Disaccharide Effect: It has been estimated that about half 
of all carbohydrates ingested in the U.S. are in the form of sucrose, common 
household sugar, which typically supplies about 15 to 20 percent of the total calories 
of the diet. One half of the sucrose molecule consists of fructose and the other half of 
glucose. Fructose is metabolized more slowly than glucose and also induces a much 
stronger insulin response in susceptible people, especially in the presence of 
glucose. This means that reactive hypoglycaemia occurs mainly when fructose is part 
of a meal. 


Another effect of habitually high insulin levels is a gradual decrease in the 
sensitivity of blood glucose levels to insulin. Higher insulin levels also cause an 
increased loss of chromium in the urine. The result is the gradual onset of Type Il 
diabetes. The higher the insulin levels, the more are sugars converted into fat and 
cholesterol. Biopsy samples of the human liver showed that fructose was converted 
into fatty acids at rates three to 24 times faster than glucose. Fat levels after fructose 
consumption rise especially high in those who have a tendency towards 
atherosclerosis; this can lead to diabetic complications and cardiovascular diseases. 
These negative effects of a high fructose intake also occur after eating sucrose. 
Other health problems arising from the fructose component in sucrose are raised 
blood pressure, caries, elevated uric-acid levels, and obesity. 


Regarding sugar in general, controlled experiments with various species of 
animals as well as with human volunteers revealed significant rises in blood pressure 
not only after long-term ingestion of sugar, but even after a single dose. If taken on 
an empty stomach, the blood pressure rose 9 to 10 mm Hg for one to two hours. 
After sucrose ingestion, there is also an increase in uric acid levels. Uric acid is 
produced in the liver from breakdown products of fructose. A raised uric acid level in 
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the blood is a feature of gout, some forms of arthritis, and heart disease. Men 
generally produce more uric acid after eating than women do. 


Experimental studies on animals and humans have shown that sucrose is 
possibly the most caries-producing substance in our diet. Plaque bacteria convert 
sucrose to polymers that stick to the teeth. Some individuals have inherited fructose 
intolerance and must avoid all fructose and sucrose; it’s interesting that they have 
been found to have substantially less tooth decay than the general population does. 


Various animal and human studies have also shown that a diet high in sucrose 
can lead to a greater accumulation of fat deposits in susceptible individuals, generally 
those with a strong insulin response. Monkeys fed a diet high in sucrose produced 
three times as much deposited fat than those fed an equal amount of glucose. 


Surprisingly, eating a certain amount of sucrose produces a stronger insulin 
response than eating the same amount of mixed fructose and glucose. The same is 
true for maltose, which consists of two molecules of glucose and other disaccharides 
(disaccharides are composed of two simple sugars). The increased insulin effect of 
disaccharides compared to that of their component simple sugars is called the 
disaccharide effect, as noted previously. The reason for this effect seems to be that 
disaccharides liberate about twice the amount of a gastric hormone called GIP 
(gastric inhibitory polypeptide) that simple sugars do. 


In practical terms, this means that it is harmful for most of us to have fructose 
and glucose at the same meal. Examples of this combination are: muesli or honey, 
dried fruit, or fresh fruit to sweeten cereals or starches; dessert or sweetened coffee 
or tea after meals. Most harmful are the sweetened starches, such as cakes, sweet 
cookies, or crackers, and sweetened breakfast cereals. Beware especially of mixing 
fructose with starches if you want to lose weight. 


Problems with Natural Sweet Foods: Unfortunately, natural sweet foods such 
as honey, dried fruits, or fruit juices are no better for diabetics or hypoglycemics than 
food sweetened with white sugar. What seems to matter is how much sweet food is 
used and how quickly it enters the bloodstream. Fruits that are acidic as well as 
sweet may be even worse, especially for hypoglycemics, than plain sugar because 
the fruit acids reinforce the existing overacidity. However, by neutralizing fruit acids 
they can become beneficial, and eating the whole fruit is better than drinking the fruit 
juice only. Raw honey has a high concentration of the beneficial starch-digesting 
enzyme amylase, which is lacking in heated commercial honey; sun-dried fruit is 
healthier than commercial heat-dried fruit. 


While fructose from fruits can be helpful for Type | diabetics, with 
hypoglycemics it only increases the lactic acid overload. Lactic acid overproduction 
from the combined effect of strong muscle activity and sweet food ingestion is also 
responsible for reported cases of allergic reactions after jogging. The resulting 
overacidity simply brings already existing hidden allergies into the open. Apart from 
the loss of calcium, another side effect of lactic-acid buildup is a tendency to anxiety 
neuroses, phobias, and panic attacks. 


From a health viewpoint, it is preferable to have sweet food only occasionally 
and with a protein snack or meal. Removing the sweet taste from the tongue as 
quickly as possible helps minimize the insulin overreaction. Alternative sweeteners 
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such as the sugar alcohols manitol, sorbitol, and xylitol should only be used in small 
amounts. In larger amounts, they can cause diarrhea or keep the craving for 
sweetness alive, which in time leads to another binge on sweet food. 


The leaves of the herb stevia have long been used in traditional cultures as a 
sweetener. They are 15 to 30 times as sweet as sugar and an extract can be 300 
times as sweet. It is not known if large amounts of stevia ingested over long periods 
of time cause unacceptable side effects, but | regard it as safer than aspartame or 
other artificial sweeteners. It is acceptable to use in small amounts but do not use it 
instead of sugar in an addictive way. Other sweeteners, such as saccharine and 
aspartame (Nutrasweet), may cause allergies or worse. Fructose is the sweetest 
sugar, followed by sucrose. Glucose and maltose are less sweet but somewhat safer 
for most people, especially combined with starches. Maltose is available as barley 
sugar. Preferably, use maltose instead of sucrose for sweetening starches. 


As a general rule, for most individuals it is best to reserve sweet food as a rare 
treat for special occasions rather than to use it as an everyday food. However, if you 
do not have a craving for sweet food, then it is not likely to be a problem for you. 
Those who have a low fasting blood sugar level (feeling weak or dizzy on an empty 
stomach) must be more strict than reactive hypoglycemics and are advised to avoid 
all sweet food for several years so that the sugar metabolism has time to recover. 
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Step 41 
MEAT & FAT 


Overconsumption of meat and fats can create serious health problems. 
Try cutting back on your intake. 


Those who eat a lot of red meat tend to develop the opposite characteristics 
and health problems to those on a sweet diet. Red meat has a stimulating effect on 
the sympathetic nervous system and adrenal hormones. This improves the ability to 
“push through” and provides “drive” such that heavy meat eaters may become 
powerfully assertive and even aggressive. Another important effect of eating red 
meat is a tendency for the blood pressure to rise because of meat’s effects on the 
adrenal hormones and the nervous system. Among the meats, beef has the 
strongest influence on blood pressure. 


All this can be beneficial for hypoglycemics with low blood pressure, lack of 
drive, and weak adrenaline glands, but for others, especially stressed males, it may 
mean hypertension and kidney problems. Health problems associated with eating 
meat fall into three categories: those common to all meat, those associated with 
cooked meat, and those with meat produced by factory farming. 


Common to all meat is a high phosphorus content with an unfavourable 
phosphorus-to-calcium ratio. The high phosphorus content of meat stimulates the 
parathyroid glands (associated with the thyroid in the neck) and raises the calcium 
blood level, in some cases by activating and freeing calcium from the bones. In 
combination with a prevailing over-alkalinity, this leads to stone formation (such as 
kidney stones), kidney damage, arteriosclerosis, stiff joints, ankylosis, and arthritic 
bone deformations. 


Heavy meat eaters have been found to excrete in the urine up to four times 
more calcium than normal; this is a cause of kidney stones and other kidney damage. 
It is even worse when high meat consumption is combined with a high sugar intake. 
This can increase the loss of calcium and corresponding kidney damage up to tenfold 
above normal, while at the same time greatly accelerating osteoporosis and tissue 
calcifications, such as arteriosclerosis.*’ Carnivorous animals in the wild do not have 
this problem caused by an excessive intake of phosphorus because they also eat the 
calcium-rich bones. We, too, can avoid this problem by using bone broth or other 
foods and supplements high in calcium. 


Meat, because of its high phosphoric acid content, is regarded as an acid- 
forming food. However, in habitual heavy meat eaters or in those with a weak 
digestive system, the metabolic and hormonal stimulation resulting from red meat 
consumption gradually declines and eventually leads to a sluggish metabolism. 
These individuals are called “slow oxidizers.” With a slow metabolism, a deficiency in 
metabolic acids develops and this makes the whole body too alkaline. With over- 
alkalinity, histamine remains tightly bound to tissue proteins and the skin. In such 
people, even the emotions are sluggish and they often appear unresponsive, with 
little outward expression. 


Heal Yourself - The Natural Way 242 


With low histamine levels, inflammatory responses, which are required for 
many self-healing actions of the body, are suppressed. Allergens entering the 
bloodstream will not cause a warning allergic reaction; instead, autoimmune diseases 
may develop from a continued invasion of allergens. Histamine dilates the blood 
vessels, causing the blood pressure to drop, a problem of hypoglycemics. However, 
lack of histamine in slow oxidizers greatly contributes to the development of high 
blood pressure. 


A diet high in meat, together with weak kidneys, often leads to the 
accumulation of uric acid in the muscles, causing gout and rheumatism. General 
over-alkalinity leads to a lack of gastric acid in later life, resulting in poor absorption 
of minerals and an incomplete digestion of proteins. Intestinal putrefaction and 
eventually cancer may follow, aided by chronic constipation and a depletion of 
pancreatic enzymes. 


One problem of a diet high in meat and actually of all high-protein diets is the 
accumulation of protein fragments in the spaces between tissue cells. This causes or 
contributes to water retention or oedema. In addition, capillaries become clogged, 
preventing efficient nutrient supply to the tissues; lymph glands congested with 
protein fragments are breeding grounds for bacteria and weaken the immune system. 
All these complications aid the development of degenerative diseases and cancer. 


The indicated problems, metabolic sluggishness resulting in over-alkalinity, and 
accumulation of uric acid and protein fragments can happen with any diet that is too 
high in protein and are more prevalent with a sedentary rather than an active lifestyle. 
They can be eased or prevented with an increased intake of fruit acids and digestive 
enzyme supplements, in addition to fasting or cleansing periods with a high intake of 
fluids. 


However, in large measure these problems are not due to eating meat, but to 
eating cooked meat. Raw meat contains a high level of protein-digesting enzymes 
(cathepsin). Left to its own devices, meat tends to digest itself. Eskimos and other 
traditional cultures remained healthy on a diet high in flesh foods as long as they ate 
it mainly uncooked. 


On a diet of cooked food generally, and especially with meat eating, the weight 
of the pancreas has been shown to increase. The pancreas of animals on cooked 
diets is about 300 percent heavier than it is for those on a raw-meat diet. | take this to 
mean that the pancreas becomes enlarged because on a cooked diet it needs to 
produce 300 percent more digestive enzymes than on a raw diet. Cooked meat is 
difficult to digest and needs particularly strong digestive juices. An aging body or one 
in poor health will not be able to keep up with this excessive enzyme production and 
enzyme depletion and deteriorating health will be the expected consequences. 


While animals on raw meat remain healthy, those on cooked diets tend to 
develop a variety of degenerative diseases typical of human conditions. To remain 
healthy, dogs and cats need a raw-meat diet that includes offal and bones. Free- 
living carnivores not only eat their meat raw, they also eat bones and offal, have a 
very active lifestyle, and efficiently eliminate metabolic residues. If we want to remain 
healthy on a diet high in meat, then we have to adopt similar practices. 
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Health problems caused by cooking and enzyme depletion are aggravated by 
an accumulation of toxic chemicals and hormones. This is due to the common 
practice of factory farming. Chemical contamination is much worse in grain-fed beef 
from feedlots than in grazing animals. There are numerous studies showing the 
harmful effects of residues from pesticides, antibiotics, and growth promoters. 


If we cannot obtain the meat of healthy, chemical-free animals and eat it 
predominantly raw (for instance minced or marinated), or use digestive enzymes and 
appropriate cleansing periods, then it is better for our health to eat meat only 
sparingly. 

Fats and Oils: Fat is an important source of energy and some of its 
components, the polyunsaturated fatty acids and lipotrophic factors, are essential for 
our health. Fats and oils are composed of fatty acids, chemically linked with glycerol 
(a three-carbon sugar alcohol). While in a sense all fats and oils are often grouped 
together as fats or lipids, commonly we speak of fats when they are solid at room 
temperature and of oils when they are liquid at room temperature. 


Fatty acids are long carbon chains (containing from four to 26 carbon atoms) 
with hydrogen attached to each carbon and an organic acid group at the end. In 
saturated fatty acids, every carbon position is filled with hydrogen, while unsaturated 
fatty acids have a reactive double bond between two carbon atoms. If there are two 
or three such double bonds, then we call it polyunsaturated. 


Naturally occurring polyunsaturated fatty acids are folded in a specific way and 
called cis-fatty acids; during heating their structure changes to the more stable trans- 
fatty acids. Cis-fatty acids are important as structural ingredients of cell membrane 
and to facilitate oxidative energy production, but trans-fatty acids can interfere with 
these functions. 


Animal fats consist mainly of long-chain saturated fatty acids with a high 
melting point. Beef and mutton have the hardest animal fats with the highest melting 
points; butter is marginally softer, due to its lower melting point. 


A high consumption of these hard fats poses two problems. If no attempt is 
made to use sufficient polyunsaturated oils that provide the necessary essential fatty 
acids (EFA) and lipotrophic factors (e.g., lecithin and vitamin E), then a deficiency of 
these is likely to develop. The other problem is that the liver may not be able to 
metabolize an excess of long-chain saturated fatty acids. 


The EFA’s and lipotrophic factors are important in forming cell walls, for the 
immune system, and for platelet aggregation in blood clotting to prevent bleeding and 
unnecessary clotting. They also form tissue hormones called prostaglandins and 
other important biochemicals. Deficiencies in these nutrients can cause the following: 
a weak immune system; blood vessel and cardiovascular diseases; blood clots 
causing heart infarctions, paralysis, and strokes; skin problems, often starting with 
scaliness and including eczema, acne, and psoriasis; poor growth; impaired 
reproduction; and bronchial diseases. 


Many degenerative diseases have been linked to an excess of saturated fats 
and a subsequent deficiency in EFA’s; these include atherosclerosis, nerve and brain 
disorders, schizophrenia, psychoses and neuroses, rheumatoid arthritis, and multiple 
sclerosis. However, an oversupply of polyunsaturated oils can have its dangers as 
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well, especially if you are deficient in vitamin E. Polyunsaturated oils easily oxidize in 
contact with air to form oxides and peroxides that have a high potential for causing 
cancer and liver damage. This danger is greatest when these oils are refined and 
heated, as in frying. 


The Problems with Saturated Fats: The liver has only a limited potential for 
handling fats. When the liver is flooded with a consistently high supply of saturated 
fats, it cannot metabolize them. Fats, by the way, do not come only from fatty foods; 
a surplus of carbohydrates can be converted into saturated fat. Only a small amount 
of carbohydrate can be stored as glycogen, so all the surplus energy from a 
carbohydrate meal is stored as fat. 


Normally, fats are broken down into keto acids in the liver and transported by 
the bloodstream to other cells where they combine with products from sugar 
metabolism to create energy. When fats are oversupplied, there may not be enough 
glucose to produce energy efficiently, either because the carbohydrate intake is 
insufficient or because the effectiveness of insulin is reduced. A surplus of keto acids 
can then be resynthesised to saturated fatty acids and cholesterol (see Figure 5-2 in 
Step 43). 


Another difficulty is that not all the fat is convertible into keto acids, and a high 
percentage of fatty acids and fat molecules are thus released directly into the 
bloodstream. The body may reduce these surplus fats by storing them in adipose 
tissue, forming fat deposits; this happens especially with heavy meat eaters who 
have become slow oxidizers, as explained earlier. Some portion of the fatty acids and 
cholesterol may then react with the usually elevated calcium levels of slow oxidizers 
to form fatty plaques, also called sludge, in the blood vessels. 


Fatty deposits are called atheromas and consist mainly of smooth muscle cells 
filled with sludge, similar to fatty tumours. Such deposits can help cause 
arteriosclerosis and cardiovascular diseases. Not only animal fats, but also peanuts 
and peanut oil have properties that cause atherosclerosis: peanut oil contains some 
saturated fatty acids with unusually long chains, namely arachidic and behemic acid. 
However, these fatty acids seem to be beneficial for arthritic joints. 


In those with sensitive skin, or especially during adolescence, the body tries to 
cleanse itself by removing fatty sludge through the sebaceous glands, causing acne 
and an unclean skin. Eating sweet food is as much to blame for this as is fat intake. 
Fats in the feet, for instance, have a melting point of 33° F, while fats of the inner 
organs melt at 114° F. If the diet contains too much saturated fat and sweet food, 
then the melting point of the outer fats will be raised. In cold parts of the skin, those 
that are exposed or with poor blood circulation, the fats will harden within the 
sebaceous glands and block the outflow of sludge or normal skin oils. This causes 
inflammation of these glands, as in acne and other skin problems. 


Even worse than natural hard fats are those that are chemically hardened, such 
as margarine. During the hydrogenation process, non-biological fatty acids are 
formed called trans-fatty acids, which the body cannot properly metabolize and which 
interfere with the utilization of essential fatty acids. 


Cardiovascular diseases and an increased incidence of cancer can be a 
frequent outcome of a diet habitually high in red meat and saturated fats, but so is 
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fatty degeneration of the liver. The blood becomes more viscous or sluggish after a 
fatty meal. This causes a reduction in tissue oxygenation and an increased 
susceptibility to arthritic pain, heart pain, or shortness of breath; blood flow to the 
brain is reduced, producing tiredness and decreased mental alertness. 


Some of the adverse effects of fatty foods result from a deficiency of lecithin in 
the diet. Lecithin is a natural emulsifier of fats; it can be synthesized in the liver but 
often a deficiency develops because naturally occurring lecithin or choline is lacking 
in refined food. This is a main cause of fatty degeneration of the liver, which can be 
reversed, however, with organ cleansing practices, lemon juice, and _ lecithin 
supplements. 


Another problem with a high-fat diet is the destruction of naturally occurring 
lipase in cooked food. Lipase is important as our main fat-digesting enzyme, and we 
rely to a significant degree on lipase in natural foods to supplement our pancreatic 
lipase. With the destruction of food lipase by heating, on a high-fat diet we gradually 
develop a lipase deficiency, and this leads to the development of fat-related 
diseases. Formerly, inhabitants of Bulgaria and the Caucasus lived on high-fat diets 
without developing fat-related diseases. They even consumed an abundance of full- 
fat milk products, yet were famous for their health and longevity. They generally used 
unheated fats, which seems to make the difference. 


Here is another example of the significance of natural lipase in our diet. The 
skin disease psoriasis is generally aggravated by fatty foods, and fats must be 
avoided to cure it. However, in the early twentieth century, an American doctor 
reportedly cured psoriasis routinely with an intake of two pounds of raw butter per 
week for six weeks and with reduced amounts afterwards. Modern pasteurized butter 
definitely aggravates psoriasis but raw butter cures it - what is the difference? Raw 
butter from free-ranging cows is very high in lipase and pasteurized butter is devoid 
of it, so the difference may be lipase. 


The healthiest saturated fat may actually be unheated coconut oil. This is due 
to its high content of short-chain fatty acids that can easily move into cells to be 
converted to energy. The long fatty acids of other fats, in contrast, require L-carnitine 
for this process. Individuals who have added coconut oil to their diet generally seem 
to have more energy without putting on extra weight. 


Cholesterol: Cholesterol is now portrayed as the great medical villain causing 
cardiovascular disease and heart attacks by clogging the arteries, especially the 
coronary arteries of the heart muscle, with fatty sludge. However, cholesterol is an 
extremely valuable biochemical. It forms the base of steroid hormones and vitamin D 
and it is highly concentrated in the brain, liver, adrenal glands, and nerves. 
Hypo-glycemics or fast oxidizers usually have low levels of this important nutrient, 
and recent studies link low cholesterol levels with an increased risk of cancer. 


Excess cholesterol is normally excreted with the bile but may form gallstones if 
there is a lack of lecithin and the amino acid taurine needed to form bile salts. The 
cholesterol content of food is not normally a problem in itself. Most cholesterol in the 
body is formed in the liver from breakdown products of saturated fats, and the more 
cholesterol that is ingested with food, the less is synthesized. Thus the body’s overall 
cholesterol level normally remains stable. 
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You may read about HDL and LDL in connection with cholesterol and heart 
disease. HDL is short for high-density lipoproteins and LDL for low-density 
lipoproteins. Lipoproteins are biomolecules composed of proteins and lipids; they can 
be used to transport cholesterol between the liver and tissue cells. Those that carry 
cholesterol from the cells to the liver are the high-density lipoproteins, regarded as 
beneficial. Their cholesterol is called HDL cholesterol. Low-density lipoproteins carry 
LDL cholesterol from the liver to tissue cells; a low level of these is preferable. 


The aim of medical intervention is to increase the level of HDL cholesterol and 
lower the level of LDL cholesterol in the blood. However, | am not convinced of the 
value of the medical strategies being used in reducing or curing cardiovascular 
disease. Therefore, | tend to disregard measurements of HDL, LDL, and cholesterol 
and specific interventions to normalize levels; instead, | focus on a natural lifestyle to 
improve health. 


Cholesterol overproduction arises mainly from an excess of saturated fats and 
a deficiency of chromium. The body tries desperately to lower the keto acid and fatty 
levels in blood and liver, and cholesterol overproduction provides a temporary 
solution. Even elevated glucose and fructose levels can be reduced by their 
conversion into cholesterol. In this way, sweet foods contribute to the development of 
cardiovascular diseases. Sugar ingestion raises the insulin level, and a key enzyme 
that synthesizes cholesterol is actually regulated by insulin. The higher the sugar 
intake, the higher the insulin level, and thus the more cholesterol synthesized in the 
liver. 


A higher intake of polyunsaturated oils in males can lead to some decrease in 
cholesterol levels. However, in women it has led to an increased risk of 
cardiovascular disease. In animal experiments, it was found that high-sugar diets 
were less damaging in the presence of saturated fats such as beef tallow or coconut 
oil. Despite huge efforts, medical research so far has not conclusively shown that a 
high cholesterol diet or high cholesterol blood levels cause heart disease. As we can 
see from the published scientific facts, it is often the contrary: 


e Medically supervised trials with low-cholesterol diets were unsuccessful in 
significantly lowering blood cholesterol levels or reducing the risk of heart 
disease. 


e Low blood cholesterol does not mean freedom from heart disease. Some drug 
treatments to lower cholesterol have resulted in increased rates of heart disease. 


e About 50 percent of men under the age of 55 who die of heart attack do not 
have elevated cholesterol levels or any of the other risk factors such as 
hypertension, smoking, obesity, or diabetes. 


e Some cultural groups have a low risk of heart disease despite a high intake of 
cholesterol; Western populations also had this before the compulsory 
pasteurization of milk products and the chlorination of water supplies. 


Recently an evaluation was published of six major trials that lowered 
cholesterol in the blood in tens of thousands of individuals over many years. There 
was on average a cholesterol reduction of about ten percent and only a small 
reduction of 14 percent from death of coronary heart disease. However, the total 
number of deaths was significantly higher among those patients who had their 
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cholesterol lowered compared to the control group. This included not only higher 
mortality from cancer but on average a 67 percent higher mortality rate from violent 
death, such as accidents, homicides, and suicides. This high rate of death from 
violent causes was found in every one of these trials. 


In looking for an explanation for this increased violence, in another study 
researchers found that monkeys on a diet low in cholesterol and saturated fat 
became more aggressive. Studies on humans found lower cholesterol levels among 
criminals and individuals with aggressive or violent behaviour or limited self-control. 
This is probably due to a more erratic sugar metabolism that results if cholesterol and 
fats are curtailed in an inappropriate way. Erratic blood sugar fluctuations tend to 
induce uncontrollable mood swings, including aggressive behaviour. Criminal and 
aggressive individuals have been frequently shown to have an erratic or 
hypoglycaemic-type sugar metabolism. 


After decades of habitual sugar and meat consumption, the insulin level rises 
permanently because of a reduced efficiency in controlling glucose levels. Then 
cholesterol levels also remain chronically high. Reducing cholesterol in this situation 
with drugs means that less sugar is converted into cholesterol. Therefore, blood 
sugar levels become more erratic and behaviour is more aggressive. Thus, low 
cholesterol diets are appropriate only if the diet is also low in sweet food. 


There is a connection between cholesterol intake and atherosclerosis and heart 
disease. If cholesterol in food is heated in the presence of oxygen, then cholesterol is 
oxidized to oxy-cholesterol and this damages the blood vessels and causes 
atherosclerotic lesions. Once such lesions exist, normal cholesterol in combination 
with high calcium levels can also contribute to a further buildup of plaque. In 
experiments using animals, it was found that with high intakes of either cholesterol or 
oxy-cholesterol, atherosclerotic degeneration occurred only with oxy-cholesterol, not 
with cholesterol. 


Oxy-cholesterol is carcinogenic. The high incidence of cardiovascular disease 
and atherosclerotic aging processes may be traced in part to the heating (especially 
frying) of meat, eggs, and milk products, which liberates oxy-cholesterol. Avoiding 
this and chlorinated water and using high levels of antioxidants could also ensure 
that cholesterol does not become oxidized inside the body. 


In conclusion, to avoid cholesterol-related health problems: 


e Minimize the use of sweetened food, heated fats and oils, and chlorinated 
water. 


e Maximize the intake of unheated fats and oils, antioxidants, and fresh raw 
foods. 


e Lower your high cholesterol levels with cleansing periods and plenty of lemon 
juice. 

Omega-3 Fatty Acids: There are two groups of essential fatty acids, or EFA’s. 

The common oils from warm climate seeds (sunflower, safflower) contain mainly the 

omega-6 series of EFA’s, based on linoleic acid with two unsaturated or double 

bonds. Cold climate plants and fish oils, on the other hand, contain mainly omega-3 

fatty acids. Linolenic acid in linseed (flaxseed) with three double bonds has the 
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shortest carbon chain in this group. In fish oils, DHA (docosahexaenoic acid) and 
EPA (eicosapentaenoic acid) predominate. 


The omega-3 fatty acids have generally been neglected in modern nutrition. 
This has led to widespread deficiency symptoms and chronic disease. Their 
fundamental importance can be seen in the fact that DHA is the main unsaturated 
fatty acid in the retina and the brain and is exceptionally high in the thymus and 
reproductive glands, especially the testes. DHA is obviously most needed during 
pregnancy and early infancy for brain and gland development. It is up to 30 times 
higher in breast milk than in cow’s milk or formula. This may bear some relation to 
epilepsy and eye weakness in infants, and its deficiency has also been linked to 
colic; inflammation of the lungs, digestive tract, joints, and kidneys; crib death (SIDS); 
skin diseases; and a predisposition to frequent infections. A recent scientific study 
reported an eight-point higher intelligence quotient in preterm babies fed breast milk 
as compared to those on cow’s milk formula. As explanation, the deficiency of DHA 
in cow’s milk was cited. 


Fish oils are now commonly used to prevent heart disease, while linseed oil 
with its 45 percent alpha-linolenic acid has been successfully used to help treat 
various mental diseases. Even severe cases of schizophrenia and manic-depressive 
illness have reportedly been overcome or even controlled with ingestion of linseed 
oil. One or two tablespoons of linseed oil daily can help overcome depression, but 
twice that amount can cause a manic episode with racing thoughts, so too much has 
its downside. 


Generally, however, this dosage can be increased about tenfold before 
negative symptoms develop. Mood swings, irritability, and anxiety can be relieved, 
and premenstrual tension and other menstrual problems and vaginal dryness after 
menopause are improved; prostate enlargement, arthritis, eye problems, immune 
deficiency, hair loss (alopecia areata), obesity, and skin problems are also often 
relieved. 


EFA’s and especially the omega-3 fatty acids (Such as DHA and EPA) regulate 
the fluidity or softness of the cell membranes. A deficiency is noticeable as a 
hardening of the skin, as with dry, scaling, and flaking skin, patchy eczema, acne, 
and skin sensitive to the sun. Most common is phrynoderma, with rough, hard skin on 
the buttocks, thighs, and arms. The colder the climate, the more omega-3 fatty acids 
are needed for membrane fluidity. 


The omega-6 series predominantly form prostaglandins that increase 
inflammation and with this the pain experienced in many diseases. The omega-3 
series form anti--inflammatory prostaglandins. Thus, omega-6 fatty acids aggravate 
allergic reactions, including asthma and rheumatoid arthritis, while omega-3 fatty 
acids reduce these. Another important function of both groups of EFA’s is in the 
production of oxidative energy. Also, the “brown fat” that produces and regulates our 
body heat is mainly stimulated by omega-3 fatty acids. This is especially important for 
overweight individuals who want to convert body fat into body heat and for those who 
habitually have cold hands and feet. 


While individuals with deficiency symptoms related to omega-3 EFA's require a 
higher intake for some time, it is generally estimated that a normal diet should 
provide two to three percent of calories from omega-3 and five to ten percent from 
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omega-6 fatty acids. In contrast, the average modern diet provides about 0.4 percent 
of calories from omega-3 and ten percent from omega-6 fatty acids. You can clearly 
see the imbalance. 


While using polyunsaturated oils instead of saturated fats has been found to 
reduce the cholesterol level and incidence of cardiovascular diseases, the rate of 
cancer has risen, presumably due to the combination of an inflammatory effect, 
antioxidant deficiency, and rancidity of refined oils. Biological damage can result from 
the peroxides and free radicals (highly reactive molecule fragments) formed from 
polyunsaturated fatty acids, and the common seed oils also have a _ strong 
inflammatory influence as they tend to form pro-inflammatory tissue hormones. This 
not only increases allergic reactions and arthritic inflammations, but also supports the 
growth of tumors.” In addition, it has been reported that melanoma sufferers had a 
higher rate of polyunsaturated fatty acids in their skin than non-affected individuals. 


A high intake of polyunsaturated oils also requires a greatly increased intake of 
antioxidants, especially of vitamin E. However, refined oils as well as our normal diet 
are usually very low in vitamin E. This, in addition to a low intake of bioflavonoids and 
carotenoids, is probably a main factor in the present high incidence of skin cancer. 


Health problems are further caused by the improper production of 
polyunsaturated oils. These oils are very delicate substances that should be 
produced and stored at cool temperatures and in conditions that exclude oxygen and 
strong light. Instead, they are typically extracted with chemical solvents or cooked 
and pressed hot and then refined with bleaching and deodorizing at very high 
temperatures. Even many cold-pressed oils are refined in this way. This causes 
oxidative damage to the oils and a structural change by which a high percentage of 
the natural cis-fatty acids form unnatural trans-fatty acids. Packaging oils in clear 
plastic bottles instead of brown glass bottles means they are exposed to light and 
can dissolve chemicals from out of the plastic, thereby contaminating the oil. 


One oil, though reasonably high in omega-3 fatty acids, should be avoided. 
This is canola or rapeseed oil. There are medical warnings that an ingredient called 
erucic acid apparently can agglutinate (clump together) red blood cells and reportedly 
contribute to loss of vision or blindness, emphysema and other respiratory problems, 
anemia, and problems with the central and peripheral nervous system. 
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Step 42 
CHEMICALS IN YOUR FOOS 


Minimize your exposure to toxic chemicals, water additives, and 
yeasts and moulds - your body will thank you for it. 


Almost all our foods contain non-biological chemicals to some degree. It starts 
with water-soluble fertilizers that are overused in agriculture and cause mineral 
imbalances and trace mineral deficiencies in our crop plants; it continues with the 
liberal use of herbicides, pesticides, and fumigants. Many of these leave residues on 
foods we ingest. Growing our food crops using common water-soluble fertilizers 
causes a similar disturbance to the plant metabolism as a high-sugar diet does to a 
human hypoglycaemic metabolism. The cells are flooded with some nutrients, while 
others go lacking. 


While there are now high amounts of non-biological chemicals in our food, 
essential nutrients in these foods are becoming rare. John D. Hamaker in The 
Survival of Civilization gives the following example of trace mineral deficiency 
induced by using fertilizers. In 1948, the highest iron concentration in cabbage was 
found to be 94 ppm (parts per million) and the lowest was 20 ppm. By 1963, the 
average value had dropped to four ppm. The story was similar for other vegetables. 
The general conclusion is that the average trace mineral content of vegetables in 
1963 was close to or even lower than the lowest concentrations in 1948. 


The latest results show that vitamin and mineral concentrations are much lower 
now. The food tables of the U.S. Department of Agriculture for the year 2000 show 
that the typical vitamin C content of broccoli, cauliflower, and spinach is only about 
half of what it was in 1963. Also vitamins A, B1, and B2 have declined sharply since 
then, and the calcium in corn has decreased by 78 percent. 


The content of trace minerals can vary in the same type of vegetable by more 
than 100 times, depending on the quality of the soil in which it is grown. The 
selenium content in wheat was found to vary from 0.6 mcg/100 g in parts of New 
Zealand to 130 mcg/100 g in parts of Canada. The vitamin content can fluctuate to a 
similar degree. The vitamin and trace mineral values listed in food tables are 
therefore often completely meaningless, especially when the original values are 
decades old. The trace mineral content of our arable land is now extremely low and 
rapidly declining even further because of heavy cropping without replacing what has 
been taken out. 


Trace minerals in the soil originate from disintegrating rocks. In order to 
remineralise the soil, crushed rock would need to be distributed over our cropland. 
Improved agricultural conditions must be maintained by returning to the soil whatever 
has been taken out, using composting and organic farming methods. 


Heavy use of water-soluble fertilizers allows cropping in poor soils, but plants 
become deficient and offer little resistance to disease and insect attacks. This then 
justifies the liberal use of highly toxic agricultural chemicals, part of which remain in 
the plants and fruits and are eventually ingested by us. The most commonly affected 
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are commercially produced fruits. Agricultural chemicals can then accumulate in the 
body, especially in fat tissue, and they can also damage the liver. Organo-phosphate 
insecticides, for instance, can cause weakness, muscular trembling, cold sweats (an 
early sign of liver damage), irritability, tightness of the chest (asthma), nausea, and 
abdominal pain. Organo-chlorine insecticides, which include DDT, lindane, 2.4-D and 
2.4.5-T, are even more toxic to humans. They affect mainly the nervous system and 
can cause a wide variety of symptoms including convulsions, numbness of 
extremities, uncontrollable excitement, apprehensions, allergies, and birth defects. 


More recently, pesticides and herbicides used on farms and in households 
have been increasingly linked to neurological diseases, such as Alzheimer’s and 
Parkinson’s. Develop-ment of symptoms due to low-level chronic exposure is 
gradual, but it has been suggested by researchers that long-term exposure to sub 
toxic levels of chemicals is much more likely to lead to neurological disorders than to 
physically based diseases. In animal experiments, chronic systemic pesticide 
exposure reproduced the features of Parkinson’s disease. 


People who use pesticides in their homes are twice as likely to develop 
Parkinson’s disease as people not exposed to domestic pesticides. Also, a 
combination of different pesticides is more likely to cause greater toxicity problems 
than exposure to individual chemicals. 


Paraquat, a common herbicide, and maneb, a common fungicide, did not affect 
mice that were exposed to either one of them. However, when the chemicals were 
used together, dopamine neurons (brain cells needed to regulate voluntary muscle 
movements) began to die at low exposure levels or at only a fraction of what is 
normally regarded as toxic. Ongoing exposure leads to progressive neurotoxicity. 


There are many combinations of low-level toxic residues in our food and water, 
and no one knows what health effects they can produce. However, one can 
speculate. Only 100 years ago, cancer and Parkinson’s disease were relatively rare 
and affected only old people. Now they are epidemic and even children and juveniles 
develop these degenerative diseases. Cancer and especially breast cancer have 
been strongly linked to pesticide accumulations in the body. 


Some widely used fumigants can pose an additional hazard to our health. 
Organic bromides, especially methyl-bromide, destroy the pantothenic acid (an 
important B-vitamin) in fumigated grain and can cause serious deficiency disorders. 
Later on, the fumigant may not be detectable in the grain, which is then regarded as 
completely “safe.” However, the germination power of such grains can be very poor, 
which shows they have been damaged. 


Our unsound farming, refining, processing, and cooking methods ensure that 
we receive only a fraction of the vitamins and trace minerals that we would get from 
unprocessed raw food grown in good soil. However, these extremely low values are 
now regarded as “normal” by health authorities because the classical acute 
symptoms of serious deficiencies are still absent in most people. Apparently, no 
thought is given to the long-term effects of multiple subclinical deficiencies. 


Meat, poultry, and eggs can contain residues of antibiotics, pesticides, and 
synthetic hormones acting as growth promoters. Hormones are supposed to be 
destroyed during digestion and therefore are regarded as harmless. However, this 
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may not be so with synthetic hormones or when the digestive system is weak. In 
addition, a surprising number of nutrients can be absorbed through the mouth tissue, 
including giant molecules such as vitamin B12; this type of absorption may also 
include hormones otherwise not absorbed. For example, secondary sex changes 
have been reported due to the habitual consumption of hormone-treated chicken. 


Besides liver degeneration, various forms of allergies, and leukaemia, chemical 
overload has been linked to chronic fatigue syndrome, ME _ (myalgic 
encephalomyelitis), and motor-neuron disease. Individuals with these diseases seem 
to have a liver that is less able to detoxify non-biological chemicals. 


Chemicals Added to Foods: An even greater health hazard is the multitude of 
chemicals directly added to food products. These include preservatives, colours, 
flavours, emulsifiers, stabilizers, and so forth. Such chemicals need to be detoxified 
in the liver, but the volume typically ingested can contribute to liver damage. Many of 
these chemicals are fat-soluble and get stored in our fatty tissues. During prolonged 
fasting or disease resulting in weight loss, these chemicals may be released into the 
bloodstream in excessive amounts and cause distressing symptoms. 


Nitrates and nitrites are added to most processed meat products. They can 
damage the blood and the thyroid gland, and in pregnant women, the foetus; they 
can also cause severe vitamin-mineral deficiencies and may be transformed into 
cancer-causing nitrosamines in the intestines. Sulphites (e.g., sulphur dioxide and 
metabisulphite) are widely used in processed foods, such as frozen foods, dried 
fruits, fruit juices, wine, beer, and prepared restaurant foods. In susceptible 
individuals, they can cause a swelling of hands, feet, and larynx, dermatitis, 
abdominal distress, and respiratory problems that especially affect asthmatics. 


Food chemicals frequently cause allergies and trigger hyperactivity. This 
applies especially to synthetic colours. Artificial sweeteners, and especially 
aspartame, have been linked to a high rate of brain tumours, serious metabolic and 
neurological complication in diabetics, epilepsy, toxicity in the thyroid, and emotional 
disorders. While most of these chemicals are added only for the manufacturer’s 
convenience, the food industry could easily use vitamins C and E as well as lecithin 
and other biological chemicals as antioxidants, preservatives, and emulsifiers. 


Another group of food additives called excitotoxins act like neurotransmitters 
(brain chemicals that transmit nerve signals) and overstimulate the brain in 
susceptible people. Excitotoxins are taste or flavour enhancers that release glutamic 
acid or glutamate. Aspartic acid and cysteine are also brain-active amino acids or 
excitotoxins. The best known example of an excitotoxins is MSG or monosodium 
glutamate, a salt of glutamic acid. High blood levels of this can cross the normally 
protective blood-brain barrier. 


Glutamate is a neurotransmitter that is present in the extracellular fluid only in 
very low concentration. If levels are inappropriately raised through food ingestion 
then neurons fire abnormally, and at higher levels of contamination brain cells begin 
to die. Oxygen deficiency and lack of fuel (hypoglycaemia) interfere with the energy 
production of brain cells and make them susceptible to damage by excitotoxins. This 
may be an important factor in the development of neurological diseases. 
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Excitatory amino acids cause problems mainly when they are used either in 
high concentrations or in free form; while bound, as they are in most natural foods, 
they are only slowly released and therefore harmless. Most processed foods, 
however, contain excitotoxins, especially if any kind of commercial taste or flavour 
enhancer has been added, such as hydrolyzed vegetable protein, soy protein extract, 
yeast extract, beef stock, or caseinate; commercial soups, sauces, and gravies are 
usually most implicated. Beware, because on the label any of these products may be 
called “natural flavouring.” Aged proteins, processed meat, cheeses, and tomato 
purees have higher levels of free glutamate as well, but fresh tomatoes are fine. All of 
these products containing excitotoxins should be avoided by sensitive individuals and 
their use minimized by others. 


Water Chlorination: Chlorination of our drinking water is yet another instance 
of an added substance (chlorine) that is detrimental to our health. Besides 
microorganisms in the water, all other organic matter present will be chlorinated. This 
produces a wide range of chlorinated chemicals with carcinogenic and other disease- 
causing properties. 


Reluctantly, even health authorities now admit that there is a health problem, 
but they play it down by focusing only on trinalomethanes (THM’s). These are very 
small compounds, consisting of one carbon atom with several attached chlorine or 
bromine atoms. The most prevalent of these is chloroform (trichloromethane), a THM 
that is carcinogenic to rats and mice. You cannot protect yourself against THM’s, as 
they are absorbed through the skin if you swim in a chlorinated swimming pool or 
have a hot bath or shower with chlorinated water. A hot shower can raise the level of 
THM's in the blood ten times higher than drinking a quart of chlorinated water. 


While a large number of studies found an association between chlorinated 
water and secondary chlorination products with an increased risk of cancer, 
especially cancer of the bladder, | regard this only as the tip of the iceberg. The 
association of THM’s with bladder cancer shows that they are relatively harmless, 
because they are being excreted. | contend that the main health damage is caused 
by long-chain chlorination products that remain in the body. 


The level of chlorine in treated water is about 100 times higher than the level of 
THM’s. There is no doubt that chlorine reacts with all organic matter, but especially 
with sensitive biochemicals, such as unsaturated oils, cholesterol, and vitamins. This 
reaction occurs when food is washed or cooked, when bread is baked, and when 
commercial fruit juices or soy milk are made, and it occurs within your body if you 
drink chlorinated water. These chlorination products have long carbon chains and 
remain stored in the body, just like chlorinated insecticides (e.g., DDT), to which they 
are closely related. In the same way that health authorities did not believe that 
ingesting pesticides would cause health problems, so they now believe that these 
long-chain chlorination products do not cause health problems. | regard this as being 
complacent and incompetent in protecting public health. 


All or most chlorinated organic compounds that have been tested have been 
found to damage our health. It is also a fact that our liver is not equipped to detoxify 
chlorinated chemicals. Putting all of these facts together leads to the inescapable 
conclusion that chlorinated water damages our health to a considerable, although 
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unknown, degree. In the next chapter, | provide more information on the connection 
between chlorinated water and cardiovascular disease. 


Focusing only on THM’s, health authorities maintain that the antimicrobial 
benefits of water chlorination outweigh its health dangers, and that there is no 
reasonable alternative to keep water supplies safe. | strongly disagree. | do not 
regard as “safe” water that causes cancer and very likely contributes to most other 
chronic and age-related diseases. There are thousands of water treatment plants in 
Europe that provide safe water without chlorine, using ozone, ultraviolet light, 
membrane filters, and slow sand filters instead. While this may be initially somewhat 
more expensive than using chlorine, in terms of preventing chronic diseases it will be 
immeasurably cheaper for individuals as well as the public purse. 


In the meantime, you need to protect yourself from the dangers of chlorinated 
water. If you live in the country, you may have access to rainwater or bore water; 
otherwise use filters or reverse osmosis to purify water used for drinking and cooking, 
and install a shower filter. Distilled water needs an additional carbon filter to remove 
chlorine and THM’s. For temporary use, when these are not available, you can 
remove most of the chlorine and THM’s by briefly boiling the water and using it after it 
has cooled. Also, a bath can be filled with hot water and the room ventilated before 
getting into the bath. Skin contact with chlorinated water not only allows the 
absorption of THM’s, it also ages the skin. You can counteract this by rubbing the 
skin afterwards with reduced ionized water or with a diluted vitamin C solution. 


Water Fluoridation: Equally short-sighted is the official campaign to fluoridate 
our water supply. Modern dentistry tries to retard the growth of plaque bacteria that 
causes cavities by mechanical means and by poisoning the bacteria with fluoride. 
Fluoride is a strong enzyme poison. When present in sufficient concentration during 
development of the teeth, it is incorporated mainly as insoluble calcium fluoride. The 
lactic acid produced by plaque bacteria after the ingestion of sweet food dissolves 
traces of calcium fluoride from the teeth and this poisons their enzyme systems, 
retarding the development of caries. 


However, the fluoridation of our water supply and the liberal use of fluoride 
toothpaste introduce dangerously high concentrations of fluoride in a very active and 
toxic form. This endangers our enzyme systems and greatly -contributes to a 
weakened metabolism in many people, and thus to the development of allergies, 
arthritis, cancer, and hypoglycaemia. Excessive fluoride exposure has also been 
linked to hip fractures, hypothyroidism, Alzheimer’s disease, and reduced IQ. The 
bulk of scientific research shows that added fluoride does not protect the teeth of 
adults or children. 


In natural groundwater, such as bore or spring water, fluoride sufficient for tooth 
protection (up to one ppm) occurs mainly in the form of calcium fluoride. While this is 
insoluble in high concentrations, it is sufficiently soluble in the minute amounts 
required for tooth protection. In this form, and also when the blood level of calcium is 
high, fluoride is less toxic. Fluoride causes the most damage in calcium-deficient 
bodies, usually children and hypoglycemics or fast oxidizers. 


Seafood and especially kelp are high in a safe form of fluoride. However, using 
these in addition to fluoridated water and toothpaste might exceed safe fluoride 
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intake levels. Caries, and the health problems due to artificial fluoridation, can be 
avoided by using kelp and restricting the use of sweet foods. 


The United States is one of a very few countries that still promote water 
fluoridation. Most of Western Europe has outlawed it; even most of U.S. 
communities, when allowed to vote, have rejected fluoridation; this has happened in 
more than 50 communities since 1999. (For further information on the health dangers 
of fluoride and a good bibliography of the scientific literature on fluoride, see: 
www. fluoridealert.org.) 


Aluminium: Another mineral harmful to our health that is added to our drinking 
water to precipitate impurities is aluminium. This is not a so-called heavy metal, but it 
causes health problems nevertheless. We can also ingest it with some brands of 
baking powder, free-flowing salt, or aluminium hydroxide antacids, but most 
commonly we absorb it through using aluminium cookware and utensils. Most 
dangerous to our health are acidic foods that are left in contact with aluminium 
surfaces. Aluminium easily dissolves in weak acids, which are present in fruits, 
tomatoes, cucumber, rhubarb, and beets. Even heating tap water in an aluminium pot 
was shown to add 1600 mcg of aluminium per litre of water, which is 3200 percent 
over the recommendation of the World Health Organization, which sets a limit of 50 
mcg per liter.*° 


In the body, aluminium acts as a neurotoxin, causing brain disorders, though 
symptoms develop slowly. They may include senile dementia (Alzheimer’s disease), 
Parkinson’s disease, reduced memory, slow learning, motor neuron disease, 
overactive parathyroid glands, and fatigue. Aluminium lowers the permeability of the 
blood-brain barrier to other harmful chemicals and increases the incidence of 
epileptic seizures. You can protect yourself from aluminium ingestion by using filtered 
water and glass, ceramic, or enamelled cookware. | do not recommend stainless 
steel, as nickel can leach out during cooking, especially with acidic water or food, and 
nickel is known to be carcinogenic. 


Mercury: Chronic mercury poisoning can originate from certain pesticides and 
fungicides, calomel laxatives, predatory fish, and especially amalgam tooth fillings. 
Such fillings release mercury from broken-off pieces that dissolve in the stomach and 
also from evaporation in the mouth that is caused by pressure on the fillings during 
chewing. Old fillings are thus much lighter than new fillings because they have lost 
most of their mercury. Acidic foods increase the rate at which mercury fillings 
disintegrate. The mercury loss from several amalgam fillings over ten years has been 
calculated at about 560 mg, or 150 mcg per day, and almost all of this is absorbed 
and stored in body fat, especially in the brain. 


Symptoms of mercury poisoning include: fatigue, lethargy, depression, 
irritability, shyness, loss of short-term memory, allergies, respiratory infections, 
decreased immune response, increased salivation, gingivitis, loose teeth, mouth 
ulcers, nervous heart problems, digestive problems, and dermatitis, as well as 
changes in hearing, vision, speech, and writing. Most prominent are nervous system 
disorders with serious mental disturbances. Many symptoms are actually the same 
as in multiple sclerosis. The present epidemic of autism has been linked by some 
researchers to a high level of organic mercury compounds used as preservatives in 
some childhood vaccines. 
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Case reports for patients after removal of all their amalgam fillings include cure 
of leukaemia and Hodgkin’s disease, regaining vision after 23 years of blindness, 
cure of moderate to severe headaches that had persisted for 50 years, cure of 
arthritis, and a reversal of general malaise with fatigue and depression. Minimize 
amalgam-related health problems by refusing any new fillings containing mercury, 
and contemplate replacing any old amalgam fillings; for this, see a holistic dentist. 
For more details on dental health, review Step 8. For practical advice and support, 
contact: www.amalgam.org; for wide-ranging scientific information on the negative 
health effects of amalgam fillings and heavy metals: www.melisa.org. An 
independent researcher, Bernie Windham, has assembled hundreds of clinical 
studies on the problems caused by amalgam fillings and harmful metals at: 
www.home.earthlink.net/~berniew1/. 


Mercury exposure from eating fish has greatly increased in recent decades. 
Even health authorities acknowledge that there is now a problem and advise avoiding 
large predatory fish, especially for pregnant women. Some studies show that on 
average more mercury is accumulated from fish than from amalgam fillings. The 
same health problems caused by dental mercury are caused by mercury from fish. 
Only non-predatory fish or small predatory fish are reasonably safe to eat on a 
regular basis. You can check the safety of commonly used fish species at: 
www.ewg.org. 


The Pros and Cons of Cooking: Cooked food has been a hallmark of 
civilization. Cooking breaks down cellulose in vegetables and connective tissue in 
meat and thus makes these foods easier to chew and more palatable. Bacteria are 
destroyed at the same time, making these foods safer to eat, but only if eaten 
immediately after cooking. During storage, raw food remains much more resistant to 
microbial contamination than cooked food. 


The price we pay for this convenience is a loss of vitamins and minerals, the 
destruction of enzymes and plant hormones, denaturing of proteins, oxidation of 
lipids, loss of vitality or life force, and formation of harmful chemicals at temperatures 
above the boiling point. Vitamins are destroyed by the combined action of oxygen 
and heat; minerals react to heat in ways that make them less easily absorbed; and 
both vitamins and minerals are lost if cooking water is discarded. 


When food is heated above 180° F, protein becomes denatured or unbiological; 
it changes its internal structure (the way it is folded), and the immune system reacts 
as if it were attacked by foreign invaders. The digestive system is flooded with white 
blood cells after eating this food. This is called digestive leukocytosis: The white 
blood cells or leukocytes try to prevent food toxins from reaching the bloodstream. 
The higher the food is heated or the more refined it is, the stronger is the resulting 
leukocytosis. This defence reaction against toxic food does not take place after 
eating raw food. Leukocytosis is a continued strain on our immune system and is an 
aggravating factor in leukaemia and immune deficiency. Animals and humans 
evolved on raw food only; cooked food is a recent invention in evolutionary terms. 


When food is heated above the boiling point, chemical reactions take place that 
create toxic chemicals in the food. For a long time it has been known that 
carcinogenic substances are produced in highly heated meat, but the more recent 
discovery of similar chemicals in heated cereal or grain products has come as a 
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shock to the food industry. When foods are heated to above the boiling point, 
advanced glycation end products (AGE’s) are formed, some known as acrylamides. 
These toxic products result from a reaction of carbohydrates with proteins. They are 
produced at a slow rate at low temperatures, but in high amounts when food is highly 
heated, as in frying and baking. Acrylamides are known to be cancer-causing in 
animals and to cause DNA damage with gene mutations. 


Another scientific finding is that acrylamides are pro-inflammatory and the more 
these chemicals are in the diet, the more inflammation they cause. Almost all 
diseases are associated with inflammation, including arthritis, cancer, diabetes, and 
heart disease. The more inflammation, the worse are the disease and associated 
pain. This may be a main reason why most diseases greatly improve and chronic 
pain tends to disappear on raw food diets. 


AGE’s are yellow-brown, like another group of chemicals related to heat and 
oxidation, the lipofuscins, which are composed of oxidized fats and proteins. 
Together, these chemicals accumulate as waste material in nerve and skin cells and 
impede their functions. Sometimes they can be seen as age spots or liver spots. 


Equally damaging is the total destruction of all the enzymes in cooked food. 
Raw food contains a complement of enzymes specifically designed to digest it. 
Starchy foods contain large amounts of the starch-digesting enzyme amylase; fatty 
and oily foods are provided with the fat-digesting enzyme lipase, while protein foods 
contain the protein-digesting enzyme cathepsin. According to the food composition, 
there may be mixtures of these and other enzymes. 


If food enzymes are destroyed, we must produce considerably more digestive 
enzymes, and our overall enzyme capacity declines much more rapidly with 
advancing years than it would on raw food. Thus we age much sooner and develop 
degenerative diseases that can otherwise be avoided. Food enzymes and digestive 
enzymes not only break down and absorb food, but also keep the body free of 
inappropriate accumulations of fats and proteins and help us avoid or reverse 
atherosclerosis and cancer. High-dose supplements of protein-digesting enzymes 
are frequently used in natural cancer therapy to break down tumours. 


Animal experiments show the profuse development of degenerative diseases 
from a diet of cooked foods and that good health and longer life result with a raw diet. 
There are also numerous reports of human cures from all kinds of degenerative 
diseases - including advanced cancer - on a raw diet of organically grown food. My 
own successes in healing patients in advanced and difficult conditions have often 
been due to raw food diets. 


Modern processed foods generally combine the negative health effects of 
cooked, refined, and chemicalised food. Tinned food, for instance, causes even more 
leukocytosis than normal cooked food, indicating that it is more toxic. Equally harmful 
is microwaved food, as this process violently shakes and twists the delicate 
molecular structures. In studies, abnormal changes in the blood and immune system 
were noticed after ingesting microwaved food. 


Fortunately, it is easy to protect yourself from the dangers associated with 
cooking: avoid or minimize the use of processed food; heat food only to the boiling 
point; and maximize your intake of raw, fresh, and organic food. Shortly before eating 
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heated food, have some fresh, raw food, and more with the cooked meal. In this way, 
digestive leukocytosis can be reduced or even eliminated. 


| have noticed that for many people cereals are especially difficult to give up. 
These cause problems for many individuals, contributing to overweight, diabetes, and 
hypoglycaemia. How-ever, some individuals and therapists report that raw grains do 
not seem to cause these problems. Therefore, if you are so inclined, you can 
experiment with soaked non-gluten grains as an addition to breakfast or a salad. 


Harmful Eating Habits: The way we eat our food can also negatively affect 
our health. Commonly, food is not sufficiently chewed as our mind is busy with other 
matters. Thus, the food is not properly broken down and mixed with the starch- 
digesting amylase in the saliva. This adds to the burden of an already overworked 
pancreas. The composition of the required digestive juices is already signalled to the 
pancreas from the mouth, but if food is eaten too fast, especially cooked food, the 
signals are inaccurate, and we also do not receive the signal when we have had 
enough, so we tend to overeat. 


Overeating is unhealthy because we become overweight, but also excessive 
amounts of metabolic waste products are formed that stress the enzyme systems 
and the organs of elimination. In addition, food remains partly undigested in the 
intestines, which encourages putrefaction and an overgrowth of harmful microbes. 
The overall effect can be not only a shortened life span but also early onset of 
degenerative disease. Many animal experiments have confirmed that life span as 
well as health can be greatly enhanced if the quantity of food consumed is restricted. 
Rats, for instance, doubled their life span on half their normal diet and earthworms 
lived 16 times longer on a starvation diet, according to studies. 


A famous example of a long and healthy life through restricted eating is the 
Italian nobleman Luigi Cornaro, who lived about 400 years ago. He was born with 
fragile health and by the time he was 40, he had severe arthritis and many other 
afflictions and was close to dying. He cured himself within one year by restricting his 
food intake to about 12 ounces daily, consisting of bread, meat, egg yolk, and soup. 
He continued with this in good health until his 78th year when he gave in to the 
persuasions of his family and increased his food intake by two ounces. Within days, 
he became very sick. Again he escaped death by returning to his frugal eating habits. 
From then on he lived in good health, with excellent mental faculties and without 
fatigue until his 99th year. In his last years, he wrote a comedy and treatises on 
longevity and health. 


Eating meat or a large meal in the evening is especially unhealthy because 
then our digestive powers are much weaker than in the morning. What we eat during 
the daytime is usually converted into energy for the activities at hand, but the evening 
meal is mainly converted into fat deposits and an increase in the accumulation of 
wastes. 


Equally harmful is indiscriminate food combining. High-protein foods such as 
meat require different digestive juices from those needed to process a starch meal. 
The digestion of starch initiated by the salivary amylase is prematurely stopped if the 
starch is mixed with meat in a meal. Amylase is also inhibited when starches are 
mixed with acids and the release of salivary amylase is suppressed when eating 
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sweetened starches. Mixing incompatible foods overloads the pancreas and our 
health suffers. 


The Mixed Benefits and Deficits of Stimulants: Stimulants such as coffee, 
tea, cocoa, tobacco, alcohol, and various recreational drugs are widely used and 
often overused. | do not suggest that stimulants should be completely avoided but, 
similar to sweet foods, | contend it is much better for our health if we restrict their 
use. 


Whether stimulants are harmful to you and to what extent depends greatly on 
your state of health and how frequently you use them. Someone who habitually takes 
a specific stimulant several times daily will be most affected by it and is likely even to 
be allergic and addicted to it. This applies to coffee and tea as much as to alcohol, 
tobacco, and other stimulating drugs. While the health dangers of alcohol and 
tobacco are well publicized and generally appreciated, the prevalence of allergies to 
coffee and tea is often underestimated. The most common symptoms are 
headaches, migraines, irritability, and menstrual problems. 


However, coffee and tea can also make positive contributions to our health, 
provided that we are not addicted and/or allergic to them. Tea, especially green tea, 
is high in antioxidants and useful in the prevention of cancer. Black and green teas 
stimulate the respiratory system and are helpful with breathing problems, such as 
asthma. Coffee, on the other hand, acts mainly on the brain, not only to keep us 
awake, but it can also prevent a threatening migraine attack. Coffee drinkers appear 
to have a lower incidence of Parkinson’s disease. A dry red wine taken with a meal 
can be beneficial, and beer in moderation is fine (provided you have no gluten or 
yeast sensitivity). Unfortunately, modern beer and many wines are chemicalised and 
not beneficial. 


Marijuana is probably no worse than other recreational drugs and has some 
useful medicinal properties along with its strongly relaxing and pain-relieving effect 
on the body and its stimulation of specific parts of the brain. Habitual use is most 
harmful for those who are already too relaxed and without much drive or enthusiasm. 
Generally such people have weak blood sugar regulation, lack of energy, and low 
blood pressure. Prolonged use of marijuana can cause genetic changes and infertility 
in offspring. 


Signs of addiction to stimulants are a craving during periods of abstention or 
bingeing when a tempting opportunity arises. In order to improve your health, avoid 
the addictive stimulant for a very long time, preferably for several years. People in 
poor health, especially if their system is acid and they have a disturbed sugar 
metabolism, easily become addicted and allergic to any stimulant that is used for a 
prolonged period. 


If your health is reasonably good, it will not be too damaging to use stimulants 
in moderation. Someone in good health rarely becomes addicted. The main thing to 
watch out for is that it not become a habit or a craving, and also that alcohol not be 
used to excess. However, smoking is almost always an addiction and has no 
redeeming health features at all. 


If you use a stimulant regularly, more than once or twice a week, | recommend 
that you stop using it for one week every few months and carefully observe yourself 


Heal Yourself - The Natural Way 260 


during abstention and when it is reintroduced for signs of craving, discomfort, or 
allergy. This advice to interrupt stimulant use occasionally does not apply, however, 
to regular smoking, hard drugs, or binge drinking. For these, permanent abstention is 
the only solution. Pregnant and nursing women are best advised to abstain 
completely from alcohol, tobacco, and drugs. 


Yeasts and Moulds: Yeasts, moulds, and mushrooms are all fungi. Yeasts are 
widely used in baking and brewing and also as concentrated yeast extracts and food 
yeasts. Moulds are used in some cheeses and to produce antibiotics. We all have 
some yeast cells resident in our intestines. Normally, these are harmless, as the 
intestinal bacteria keep them subdued. However, in many people the fungi have 
taken over, and the overuse of prescription drugs and improper dietary changes have 
contributed to this condition. 


Yeast proliferation is stimulated by birth-control pills and consumption of sweet 
food, as sugars are the only energy source for yeasts, but the main reason that it has 
become a widespread health problem at present is the general use of antibiotics and 
prescription drugs that suppress the immune system. Antibiotics decimate the normal 
intestinal bacteria but leave the yeast cells unaffected, allowing them to proliferate 
and take over the space normally occupied by intestinal bacteria. From the intestinal 
tract, the yeast cells can invade other mucous membranes, especially those of the 
vagina, mouth, and lungs; they can also penetrate the intestinal wall and enter the 
bloodstream. 


The most common form of intestinal yeast is Candida albicans, an overgrowth 
of which can cause gastritis, colitis, cystitis, bloating, oral (thrush) or vaginal 
infestation, menstrual problems, and asthma. Allergies with a wide variety of 
symptoms result when this yeast penetrates the intestinal wall. In addition to skin and 
breathing problems, severe mental and emotional reactions, especially depression, 
are common. Autism, neuroses, and mental diseases, including schizophrenia, have 
reportedly been cured with antifungal therapy. Usually in such cases, the patient has 
a history of Candida problems and antibiotic use. The toxicity of Candida to the 
nervous system is largely due to an excessive production of acetaldehyde. This 
substance is formed when yeast cells metabolize sugars and there is a deficiency of 
oxygen. 


Another important aspect of systemic fungal infestation is severe damage to 
the immune system, leading to autoimmune diseases and immune deficiency states, 
including lupus erythematosus, rheumatoid arthritis and, most likely, AIDS. After the 
immune system has been severely damaged by this fungus, it is easy for bacteria 
and viruses to invade the body and cause serious and even lethal diseases. 


Dietary yeasts and moulds greatly increase the difficulties of susceptible 
individuals, frequently causing allergic reactions and flare-ups of Candida infections. 
Some moulds can damage the liver, such as aflatoxins, from a mould that frequently 
grows on peanuts and is present in peanut butter. Moulds commonly grow on dried 
fruits, on poorly stored grains and nuts, on the outer leaves of cabbage, and on the 
skins of various fresh fruits. 


A study in the U.K. in 1977 found that moulds and their poisonous mycotoxins 
(fungal toxins) were present in all 318 samples of flour tested. This mould 
contamination was believed due to insufficient drying in the process of combine- 
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harvesting of grain. Whole-meal flour, bran, and wheat germ are even more affected 
by mould than is white flour; rice is also frequently contaminated. 


Even if the fungi are killed during cooking, the products of their decomposition 
can still cause allergies. Washing whole grains, nuts, and susceptible fruits and 
vegetables before cooking or eating helps to remove moulds; drying them in the sun 
destroys fungi and prevents their development. Preferably also remove 
environmental moulds, such as those on walls and bathroom tiles, because they can 
be inhaled and cause lung and breathing problems in susceptible individuals 
(asthmatics). 


Frequently, antibiotics are routinely added to animal feed for meat production; 
this applies especially to poultry and pigs. Antibiotic residues can impair the intestinal 
flora of the consumer of such products and thereby encourage the spread of 
Candida. In addition, the meat itself can be infested with Candida or other fungi 
because of the prolonged use of antibiotics in the animals; resistant strains of harmful 
bacteria may also be present. | do not recommend habitually eating such meat. As a 
general rule, | recommend you avoid meat from commercial animal feedlots. 
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Step 43 
METABOLIC TYPES, PATHWAYS, & DIETS 


Know your individual metabolic type and 
your specific dietary requirements. 


Some foods, such as meat or sweet and acidic foods, are good for certain 
people, and for these people they are not problem foods, while with other people 
their effects are adverse. To gain a better understanding of this phenomenon and 
insight into the food-related causes of diseases, let’s look at metabolism. 


Our metabolism is the total of all the millions of biochemical and enzymatic 
reactions that take place in our body at any given time. Some reactions use energy to 
build (anabolism) more complex structures from assimilated nutrients, while others 
release energy by breaking down (catabolism) more complex molecules. 


While there are additional factors and overlapping influences, we can say 
generally that our metabolic pathways are most strongly influenced by our nutrition, 
that our glandular system is mainly affected by our emotions, and that our nervous 
system responds primarily to brain and mental activity. All three factors together - 
nutrition, glandular system, and nervous system - regulate our metabolism. 


Inherited or acquired variations of these regulating factors produce a unique 
blend for each individual and call for different specific requirements for optimal 
health. However, there are some common key factors and we can distinguish several 
groups with similar characteristics: Each group represents a metabolic type, which | 
explain below. But first, two concepts must be explained: the autonomic nervous 
system and the tension-relaxation cycle. 


The Autonomic Nervous System: The autonomic nervous system (ANS) has 
a great influence on our metabolism. It regulates those body processes that usually 
function automatically without our conscious control, such as heartbeat, digestive 
processes, nerve reflexes, and so forth. It has two branches with opposite 
characteristics: the sympathetic nervous system (SNS) and the parasympathetic 
nervous system (PNS). 


The main function of the SNS is to prepare the body for action: epinephrine 
pours into the bloodstream; the muscles tense; blood pressure, pulse, and breathing 
rate increase as well as the rate of catabolic processes in general. The digestion, 
however, is slowed or interrupted. The SNS is activated by emotions such as anger 
and fear, by the intention to take some action, but also by certain foods, and most 
strongly by red meat. 


The PNS relaxes the muscles, improves the digestion, and lowers blood 
pressure, pulse, and breathing. The PNS is dominant during sleep and with relaxed 
body and mind conditions. The endings of the PNS nerves release acetylcholine 
when stimulated, while SNS nerves release norepinephrine, an epinephrine-like 
hormone with opposite effects to those of acetylcholine. SNS dominance leads to 
elevated blood levels of glucose and fatty acids (diabetes, coronary heart disease), 
while with PNS dominance these levels are lowered (hypoglycaemia). 


263 Heal Yourself - The Natural Way 


The Tension-Relaxation Cycle: Overall, each body function should be in 
balance between the opposite forces of the SNS and PNS. However, at any given 
moment, one force will usually prevail; during action the SNS dominates and during 
rest the PNS. A healthy body is not static but in a dynamic balance, like a swinging 
pendulum. 


Problems arise when the tension-relaxation cycle is not balanced but is one- 
sided. During work there may be too much tension, while the following rest period 
does not result in complete relaxation. If this condition becomes chronic, other 
tension-related symptoms can develop, such as high blood pressure or restlessness. 
To bring the body back into balance, remedies with a PNS influence can be applied, 
such as relaxation exercises, a vegetarian diet, or magnesium supplements. On the 
other hand, if the body generally is too relaxed, too weak, and too soft for the daily 
tasks, and mind and emotions cannot be aroused, then tension-producing SNS 
influences can be applied, such as consuming flesh foods or calcium supplements. 


Basic Metabolic Types: From these considerations about our ANS, we can 
describe three metabolic types: the P-type in which the PNS dominates; the S-type 
with a dominating SNS; and a balanced type. Population groups over thousands of 
years developed predominantly into one of these types, depending on climate and 
available food. These inherited ancestral metabolic characteristics remain fairly 
stable during our lifetime and form our basic metabolic blueprint on which acquired 
metabolic traits are superimposed. 


The fundamental difference between the P-type and the S-type can be 
illustrated if we compare the mental picture or stereotype we have of the Native 
American with that of a desert Arab. 


The Native American is deliberate and measured in movement and speech, 
stoic, and rarely displays emotions. He or she has a powerful body and a broad face, 
is a hunter, and eats relatively few carbohydrates. This is a typical representation of 
the positive aspects of the P-type. We find the same characterization, only adjusted 
to a colder climate, in the Eskimo. The typical desert Arab, on the other hand, is 
agile, lively, energetic, and quick to act on feelings and emotions. He or she is lean, 
with a narrow face, and can (or reportedly could in former times) exist for long 
periods on nothing but dates and still maintain remarkable endurance. This portrait 
shows the positive aspects of the metabolic S-type. 


The apparently unbalanced ANS of each type is actually balanced through the 
opposite influence of the traditional diet. Thus, the high-meat diet of the Native 
American stimulates the SNS and epinephrine production, while the predominantly 
vegetarian diet of the Arab sedates the SNS and epinephrine response. If the Native 
American and the desert Arab were to interchange their diets, they would become 
unbalanced, their energy metabolism would eventually become inefficient, and their 
health would decline. They would then display the negative characteristics of their 
metabolic types. 


Other races and nations that are predominantly of the P-type are the North 
Europeans, Dutch, Russians, Polynesians, and New Zealand Maoris, the latter being 
a traditional hunter society in a warm climate. The S-type, on the other hand, is 
mainly grouped around the Mediterranean and the tropical and subtropical regions of 
Asia. Generally, the P-type originated in cold climates that offered a continuous 
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supply of animal products but a lack of plant food in winter, while the S-type evolved 
with a continuous, plentiful supply of plant food. There are, however, no original 
populations that live entirely on animal or plant food. 


Most of those with middle-European ancestors are of the balanced metabolic 
type, readily utilizing all three metabolic pathways: carbohydrates, fats, and proteins. 
However, sweet foods were relatively rare and reserved for special occasions in 


those metabolically formative societies. 


Table 5-3: Characteristics of Metabolic Types 


S-Type 


tendency to raised blood pressure, fast 
pulse and breathing 


slender, slight body frame, narrow face, 
flat chest 


dry mouth; ears and gums pale; skin dry, 
yellowish 


weak dreaming activity 


sprinter type, not much endurance, fitness 
fanatic 


appetite diminished, digestion slow and 
weak 


enjoys fruits and vegetables, dislikes fatty 
food 


emotionally unstable, freely shows 
emotions 


quick to make decisions 


seldom sad, depressed, melancholic, or 
withdrawn 


extroverted, easily angered or irritated 
tense, lively, overactive, jumpy 
strongly assertive, aggressive 

hate, envy, verbal abuse 


Slow Oxidizers 


blood pressure raised or high 
often heavy body and hard manual worker 


often too alkaline, insensitive to cold and 
skin irritants 


enjoys meat and heavy food but also fruit 
and sour food 


emotionally unresponsive, 
undemonstrative 


rarely has colds, infections, allergies, or 
inflammations, susceptible to chronic 
infections, liver and kidney problems, 
cancer, cardiovascular disease, stroke 
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P-Type 


tendency to low blood pressure, slow 
pulse and breathing 


strong bone structure, broad face, rounded 
chest 


much saliva, ears and gums pink, ruddy 
complexion, flushes 


much dreaming activity 


long-distance runner, steady worker, good 
endurance 


appetite above normal, digestion fast and 
strong 


likes meat, starches, and fatty food 


emotionally stable, 


slow to make decisions, cautious 
tendency to being sad, depressed, 
withdrawn, melancholic 

introverted, rarely angered or irritated 
relaxed, quiet, slow or sluggish 
non-assertive, nonaggressive 
resentment, guilt, worry, doubt 

Fast Oxidizers 

blood pressure low 

often overweight or underweight and low 
in energy 

overacid, cold hands and feet, skin very 
sensitive 


craves sweet food but feels better craves 
sweet food but feels better after protein 
and salty food 


emotionally unstable, irritable, outbursts, 
shy, resentful 


susceptible to colds, allergies, 
inflammations, acute infections, 
rheumatoid arthritis, anemia, lymph gland 
diseases, mucus problems, leukaemia 
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Table 5-3 lists the characteristics of the P-type and S-type. Those of balanced type 
are generally between these opposites. The positive characteristics of the P-type are 
described as being relaxed, dependable, quiet, cautious, and emotionally stable, with 
good skin circulation, a ruddy complexion, and good endurance. Pulse, breathing rate, 
and blood pressure tend towards the low side. The basic traits of the S-type are that 
individuals have plenty of drive, freely show their emotions, and are lively, assertive, and 
quick to make decisions. The body tends to be lean; pulse, breathing rate, and blood 
pressure may be elevated. 


Converted Metabolic Types: Inherited weaknesses and deteriorating health can 
cause far-reaching changes in our metabolic characteristics, sometimes requiring a diet 
that is similar to that of our opposite basic type. The actual cause of such changes can 
be an overstimulation or weakening of the SNS or the endocrine glands; it can also be a 
partial blockage of a metabolic pathway because of vitamin and mineral deficiencies. 
Most frequently, however, our metabolism has deteriorated because we overuse 
problem foods. 


Slow Oxidizers: Few individuals in our society still display all the positive 
characteristics of their basic metabolic type. Many of us live in a stimulating social 
environment and use stimulating foods at the same time, such as red meat, spices, 
alcohol, coffee, tea, tobacco, or drugs. All these factors stimulate the SNS and our 
endocrine glands. We become nervous, restless, sleepless, quick-tempered, and 
overaggressive, with raised blood pressure and permanent muscle tension. Such 
individuals are now negatively SNS-dominant and can be classified as negative S-types, 
even if they originally had a balanced or even PNS-dominated metabolism. 


Other negative characteristics can develop, such as being underweight, having a 
dry mouth or yellowish skin, poor appetite with a weak, slow digestion, emotional 
instability, or an uncontrolled temper. Deteriorating liver and kidney function in 
combination with a high-meat diet can lead to a buildup of uric acid and cause gout and 
rheumatism. Irritation or ulcers of the digestive tract may be present, and sometimes 
migraines can develop as well. If such overstimulation persists for a long time, especially 
in combination with a diet high in red meat and fat, then the liver and glandular system 
gradually become weak and the metabolism slows down. This is the condition of a slow 
oxidizer. 


The main characteristics of slow oxidizers are raised blood pressure and alkaline 
body fluids. Together with a raised calcium blood level, this frequently leads to kidney 
stone formations. Often, slow oxidizers originate from the P-type and are manual 
workers, such as farmers and builders, people with a heavy body and bone structure 
and who usually eat large amounts of meat. 


The skin of slow oxidizers is usually insensitive to cold and irritants. Emotionally 
they are stable and even unresponsive and undemonstrative; they do not show or 
experience much in the way of strong feelings and emotions. They are slow, 
dependable, and reliable. If they originate from the basic S-type, they are lean and show 
more emotional response. Common health problems are hypertension and 
cardiovascular diseases, chronic infections, degenerative liver and kidney diseases, 
stroke, and cancer. 
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Figure 5-1: Relationships between Metabolic Types 


Fast Oxidizers: The opposite metabolic path is exhibited by those of the balanced 
type and the P-type who live on a low-protein vegetarian diet or who are protein deficient 
because of malabsorption or liver problems. They become negative P-types, displaying 
the traits of negative PNS dominance. They lose their normal aggressiveness, 
enthusiasm, and_ self-assertiveness, and they become sluggish, listless, and 
underpowered. They may become unemotional and lose interest in the happenings 
around them; marijuana use makes this condition worse. 


This metabolic type is widespread in many underdeveloped countries, but also in 
alternative lifestyle groups in Western society. Women are more prone to this condition 
than men as they naturally have lower epinephrine levels. Other negative features that 
can develop are low blood pressure with a lack of energy; the weight becomes too low or 
too high; the individual easily becomes sad, melancholic, or depressed and has 
difficulties making decisions. Anemia may be present. 


While S-type individuals can become diabetic on a diet high in sweet foods, 
P-type individuals tend to become hypoglycaemic. Glycolysis (the breakdown of glucose 
inside the cells) is sped up and this is why an individual is called a fast oxidizer. 
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Fast oxidizers usually have low blood pressure with low energy levels, especially 
after eating sweet foods and fruits. Often there is a craving for sweet food though they 
feel much better after eating proteins. Allergies, addictions, and overacidity are common, 
as well as susceptibility to acute infections and inflammations. The circulation tends to 
be poor with cold hands and feet. Respiratory tract infections and other mucous 
diseases are common, as are rheumatoid arthritis and a tendency to leukaemia. The 
fluctuating blood sugar level in combination with allergies causes emotional instability. 
Individuals may be irritable with occasional bouts of temper and even violence, but more 
often they are resentful and shy, and frequently worry or feel guilty. 


Sub-Oxidizers: With advancing age or deteriorating health, both branches of the 
ANS tend to become weak and all aspects of the metabolism become inefficient. This is 
the condition of a sub-oxidizer, and is common to all metabolic types whose health has 
degenerated. 


It appears to be rare for our health to degenerate in a straight line from a positive 
balanced type to the negative balance of the sub-oxidizer. It usually includes the 
condition of the fast or slow oxidizer and sometimes conditions of both, first as fast 
oxidizer and then as slow oxidizer. 


Sub-oxidizers represent the typical condition of old age in our society. The 
endocrine system is nearly exhausted, the immune system is weak, and digestion is 
inefficient, with malabsorption and lack of gastric acid and digestive enzymes. The 
metabolism is inefficient, so the body usually is too alkaline. The blood pressure may be 
too high or too low. The circulation is extremely poor and there is a pronounced lack of 
energy and even debility. There are many chronic health problems and frequently a 
serious degenerative disease, such as the deformative stage of arthritis, senility, or 
cancer. 


See figure 5-1 for a diagram of the relationship between the various metabolic 
types. The opposite directions to those indicated in the diagram are typically travelled 
during a program of health improvement. For the purpose of selecting your metabolic 
type, you can regard a blood pressure of 120/80 and a pulse of about 70 per minute 
while sitting as normal for an adult; children usually have a lower blood pressure and a 
higher pulse rate. 


Biochemistry and nutrition are commonly taught as if the basic metabolic pathways 
for energy production are used in the same way by all people, except perhaps for some 
uncommon hormone and enzyme deficiencies. This, however, is an oversimplification 
that leaves the health practitioner as well as the patient without clear guidance as to how 
to use nutrition to overcome disease and maintain health. 


A more relevant study of our energy metabolism (the way in which our cells 
produce energy from food) provides some fascinating insights into the reasons why 
certain diets and nutrients are beneficial or harmful for various diseases and for different 
metabolic types. While part of this study may seem technical and difficult to understand, 
it is worth the effort because here we have the basis of all the disease-producing and 
healing effects of nutrition. 


Glycolysis and Citric Acid Cycle: The main energy-generating mechanism in our 
cells is the Krebs cycle or citric acid cycle. This is a series of enzymatic steps through 
which a two-carbon molecule (acetyl or acetate) is oxidized to yield carbon 
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dioxide and water. All three main food components - glucose, amino acids, and fatty 
acids - can be utilized in this way. 


Glucose is normally the most important fuel molecule. Through several reactions 
along the glycolytic pathway, it is split in half to form pyruvic acid. Niacinamide and 
vitamin B1, aS coenzymes, are the necessary vitamins at this stage; magnesium is also 
required. Glycolysis proceeds anaerobically, that is, without oxygen. See figure 5-2 for a 
diagram of cellular energy metabolism. The next step may be in one of two directions, 
and it is here that most intracellular energy problems develop. Pyruvic acid can combine 
with carbon dioxide and become oxaloacetic acid, or it can lose carbon dioxide and form 
acetyl coenzyme A. Combining with carbon dioxide requires a high amount of energy as 
well as biotin, nicotinamide, and manganese. The step in the other direction needs 
oxygen and magnesium, as well as the vitamins B1, niacinamide, and pantothenic acid. 


If the metabolism is in good condition, then both reactions take place in such 
proportions that there are always equal amounts of oxaloacetic acid and acetyl 
coenzyme A available. Both molecules will then combine to form citric acid as the first 
step in the citric acid cycle. During several more steps in this cycle, together with 
reactions that follow up the cycle, the acetyl component is completely oxidized into two 
molecules of carbon dioxide and water, while the oxaloacetate is reformed, ready for a 
fresh turn of the cycle. 


However, in practice, usually a deficit of oxaloacetic acid will develop, because this 
is a very useful molecule that is required for many other reactions, such as to form 
amino acids or nucleic acids. The body covers this deficit by converting an appropriate 
amount of pyruvic acid into oxaloacetic acid. Important for the operation of this cycle are 
the vitamins B1, B2, and niacinamide, in addition to magnesium and oxygen. 


In this way, someone of the S-type (“desert Arab”) can obtain all his energy by 
burning carbohydrates. The P-type (“Native American”), on the other hand, will create 
very little of her energy in this way. She produces energy mainly by forming acetyl 
coenzyme A directly from fats (requiring vitamin B2, niacinamide, and biotin) and from 
amino acids (requiring vitamin B6). Most of the small intake of carbohydrates will be 
converted to oxaloacetate. 


The balanced type is able to use both main pathways efficiently and best gains 
energy from a mixture of carbohydrates, proteins, and fats. The third path, the 
conversion of pyruvic acid into lactic acid, is an emergency measure that can be used by 
all metabolic types. This is an anaerobic step, which in most instances is triggered by a 
shortfall of oxygenating enzymes, either because of strenuous muscle activity or 
resulting from an allergic reaction. In fast oxidizers, the buildup of lactic acid can also be 
caused by an accumulation of metabolic acids (e.g., citric acid or malic acid) in the cells. 
Lactic acid is partly neutralized and expelled with the urine and partly reconverted in the 
liver to pyruvic acid in the presence of sufficient nicotinamide. 


Abnormal Glucose Metabolism: The P-type and the balanced type tend to become 
fast oxidizers and hypoglycemics on a diet high in sugars and low in proteins and fat. 
Most of the dietary protein is used as building blocks and little is available for energy 
production. The ability to convert pyruvic acid into acetyl coenzyme A is poorly developed 
in P-type individuals. Therefore, oxaloacetic acid is produced in excess, while lack of 
acetyl coenzyme A prevents the citric acid cycle from fully operating. The blockage of 
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the citric acid cycle leads to a lack of energy and overacidity from accumulating 
metabolic acids and lactic acid. 
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Figure 5-2: Cellular Energy Metabolism 


Consuming more proteins and fats (best here is olive oil) is the solution, as fats are 
the most efficient source of acetyl coenzyme A. However, this will be problematic if there 
is malabsorption of fat. Polyunsaturated oils, on the other hand, require additional 
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metabolic steps and are not well suited for energy production. In addition, linoleic acid 
may contribute to the frequent oversensitivity of fast oxidizers by forming certain 
prostaglandins that increase inflammatory activity. 


In the negative S-type where the diet is high in meat and fat, we have the opposite 
problem. Initially, this provides useful additional fuel, and in combination with a raised 
epinephrine level makes the personality energetic. However, there is an inverse 
relationship between the epinephrine level and the effectiveness of insulin such that 
when the epinephrine level is high in response to this diet, the effectiveness of insulin is 
reduced. 


Diabetes: Insulin regulates the speed with which glucose enters the cells. With a 
low insulin level, cells can be starved of glucose. The insufficient oxaloacetic acid is 
formed to combine with an abundance of acetyl coenzyme A, which is produced 
internally or by a high-fat diet. In those who are strongly SNS-dominant, this can lead to 
the development of diabetes. Glucose builds up in the bloodstream, raising the blood 
sugar level, and is spilled into the urine. 


Figure 5-2 shows the nutritional solution to this problem. We must provide more 
oxaloacetic acid to the citric acid cycle. As a first step, we reduce all stimulating 
influences from the environment or from red meat, alcohol, coffee, tea, tobacco, or 
drugs. This will help reduce the epinephrine level and increase the effectiveness of 
insulin. Then we supply an abundance of zinc, which is needed to manufacture insulin, 
and chromium, which is part of the glucose tolerance factor that helps insulin to channel 
glucose through the cell wall. 


Oxaloacetic acid is an unstable compound that cannot be ingested as such, but we 
can supply malic acid (the acid present in tart apples), which is easily converted into 
oxaloacetic acid. We can also supply citric acid from acid citrus fruits. This, too, can be 
converted into oxaloacetic acid through the citric acid cycle and it provides valuable 
energy. 


Another food group that readily converts into oxaloacetic acid is the proteins. Most 
amino acids can either be transformed via pyruvic acid or directly enter the citric acid 
cycle. Most easily converted is aspartic acid. Only few amino acids are ketogenic 
(related to the fat metabolism) and yield acetyl coenzyme A: leucine, isoleucine, lysine, 
phenylalanine, tryptophan, and tyrosine. Incidentally, an excellent energy protein for 
diabetics, with almost 90 percent useful amino acids, is gelatine. 


Fructose from fruits can enter muscle cells without insulin to form pyruvic acid. 
However, it must enter the bloodstream slowly (such as from raw food and small meals); 
otherwise fatty acids, cholesterol, and cataract-forming sugar alcohols may be produced. 
However, Type Il diabetics have to be careful not to mix fructose with glucose, as 
pointed out in step 40 in regard to the disaccharide effect. 


Sometimes glucose cannot be used and builds up in the bloodstream because the 
conversion of pyruvic acid into oxaloacetic acid is blocked or too slow. This conversion 
requires manganese, biotin, and nicotinamide. These and other vitamins and minerals 
required for the energy metabolism should be supplied in generous amounts as 
supplements. 


The large buildup of acetyl coenzyme A is reduced in the liver by conversion into 
saturated fatty acids and cholesterol, both of which contribute to the development of 
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atherosclerosis. In uncontrolled diabetes, a surplus of fat leads to the production of 
ketones and keto acids from acetyl coenzyme A (ketones are organic chemicals with an 
oxygen atom attached with two bonds to a carbon atom; keto acids have, in addition, an 
organic acid group). Ketones, such as acetone, can to some degree be used by the 
muscles to form oxaloacetic acid via pyruvic acid and thus keep the citric acid cycle 
going. However, this conversion is slow and a large amount of the acetoacetic acid 
accumulates and makes uncontrolled diabetics extremely acidic. The liver can 
metabolize glucose without the help of insulin, and high levels of glucose flooding the 
liver can cause a large buildup of lactic acid. Thus, an intake of sweet food contributes to 
general overacidity. 


Intestinal sanitation, avoidance of sucrose, allergy testing, and/or a low-allergy diet 
are the main features in normalizing insulin production in insulin-dependent diabetes. A 
proper nutritional program is a second line of defence and can give good results even in 
resistant cases such as tumour of the pancreas. 


Abnormal Fat Metabolism: The metabolic problems of slow oxidizers are similar 
to those described for diabetics. However, the glucose deficiency inside the cells is far 
less severe and, therefore, we do not have the overacidity resulting from an 
overproduction of keto acids. Instead, the surplus of acetyl coenzyme A is mainly 
converted into saturated fatty acids and cholesterol, causing atherosclerosis, 
cardiovascular disease, fatty degeneration of the liver, and overweight. In the slow 
oxidizers, overweight is mainly a result of eating too much fat, while in the fast oxidizer, 
overweight results mainly from eating sweet food and wheat. In both cases, the thyroid 
gland tends to be underactive. 


The answer to these problems is to speed up glycolysis and produce more 
oxaloacetic acid. This can be done by supplying plenty of fruit acids as well as all the 
vitamins and minerals required for their sugar metabolism. Minimizing intake of fats and 
sugars will stop the oversupply of acetyl coenzyme A, while epinephrine levels will fall 
and insulin activity will rise in the absence of meat consumption and stress. This is also 
the key to cleaning out atherosclerotic arteries. 


Sub-Oxidizers and Cancer: The sub--oxidizer has an inefficient metabolism and, 
in a way, combines the problems of the fast and the slow oxidizer. Many sub-oxidizers 
have cancer or precancerous conditions. In cancer the metabolism of all nutrients is 
greatly impaired. The main energy production of cancer cells is similar to that present in 
uncontrolled hypoglycemics: Both produce mainly lactic acid instead of energy. While 
this makes the tumour itself overacid, the rest of the body may be too alkaline due to a 
very sluggish metabolism. 


Figure 5-2 on the citric acid cycle also reveals how we can starve a tumour: We 
must reduce all nutrients except fruit acids to the bare minimum. In this way the tumor is 
completely deprived of energy, while normal body cells can still derive energy from 
metabolizing acids together with fatty acids from the fat deposits of the body. 


The time-tested method used in natural medicine for those with sufficient fat 
reserves is a fast, lasting several weeks, on fruits only, mainly tart varieties. The “grape 
cure” has become famous in this regard; tart apples and acid citrus fruits can also be 
used. During this time it is essential to flush the intestines daily (using Epsom salt and 
colonics, for example); otherwise the poisons generated by a large, disintegrating tumor 
can cause great distress and even death. At other times, use plenty of red beets, raw, 
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juiced, or cooked. The red beet pigments greatly increase the oxygenating ability of the 
cells and normalize metabolism. 


Diet Types: Understanding how your body produces energy, and how to 
overcome some common nutritional problems, can guide you in selecting an appropriate 
diet for your individual requirements. Slow oxidizers have similar dietary requirements to 
those of the metabolic S-type, that is, a vegetarian or semi-vegetarian diet. Fast 
oxidizers and P-type individuals, on the other hand, do best on a non-vegetarian diet or 
a high legume vegetarian diet, which at the same time should be low in sugars. The 
balanced type can use a mixed diet that is neither high in protein and fat nor in sweet 
food. Here are some dietary guidelines: 


Diet for S-Type and Slow Oxidizers: Proteins should be supplied mainly from 
legumes, spirulina, almonds, and other oily seeds, ideally as seed cheese (as explained 
earlier), but the consumption of peanuts should be restricted. Fish and other seafood, 
eggs (not hard-boiled or fried), and some poultry and raw milk products are usually 
acceptable. Have plenty of fruits, especially tart varieties, frequent fruit meals, and all- 
fruit days. Sweet varieties of vegetables are beneficial, particularly red beets, as are 
sprouted seeds. 


Polyunsaturated oils are mainly supplied from seafood, fermented soybeans, 
sunflower kernels, and freshly ground linseed. Meats, fats, and processed oils should be 
eaten sparingly. The evening meal should be light. Helpful supplements are lecithin, 
digestive enzymes, cod-liver oil or other fish oils, kelp, B vitamins, vitamin E, ascorbic 
acid, magnesium, potassium, chromium, copper, selenium, and zinc. The idea is to eat 
fast-digesting food. 


Diet for P-Type and Fast Oxidizers: This diet, high in legumes, is often combined 
with brown rice and other grains such as millet and buckwheat (also sago, taro, 
arrowroot, and tapioca if available from a health food store). Have a hearty breakfast. 
Flesh foods are generally well tolerated. This metabolic type should use whole grains - 
sprouted, cooked, or baked, in preference to flour products; also use plenty of sprouted 
seeds. Starchy and green vegetables are best for cooking; use sweet varieties, mainly 
raw, with plenty of red beets, raw, cooked, or juiced. Use salted food if your blood 
pressure is low. 


Oils low in linoleic acid should be used. Best here are olive and almond oils, but 
also try coconut oil. The intake of sweet food, sweet and acid fruits, and lactose products 
should be minimized. Neutralize fruit acids with dolomite. Useful supplements are 
spirulina, halibut-liver oil capsules, calcium ascorbate, low-level B vitamins, MSM, 
chromium, copper, selenium, and zinc. The idea is to eat slow-digesting food. 


Diet for Sub-Oxidizers: People of this metabolic type may use a mixed diet of 
easily digestible food. Thus meat may be used as broth or stew, not fried or roasted. 
Nuts and oily seeds should be soaked, sprouted, or used as seed cheese. Sub-oxidizers 
can consume sprouted seeds and plenty of grass juice; they can also eat beef juice, 
freeze-dried liver, and plenty of spirulina and bee pollen. Use digestive enzymes, a 
hydrochloric acid supplement, or ascorbic acid with protein meals. All vitamins and 
minerals, especially trace minerals, should be supplemented; mix lecithin with all meals; 
rubbing the skin with cod-liver oil may be helpful. The idea is to eat easily digested food. 


Diet for Sensitivity Regulation: Certain nutrients make the skin and sometimes 
the brain more sensitive and should be minimized if the skin easily reacts to irritants and 
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Table 5-4: Food List for Blood Type Groups 


Type Type Type Type 
A AB B fo) 


Almond OK OK OK OK 
Apple OK OK OK OK 
Avocado OK Avoid 
Bacon/ham/pork Avoid Avoid 
Banana Avoid OK 
Barley OK OK 
Beef Avoid OK 
Beer Avoid OK 
Beet root/ 

red beet OK 
Brazil nut 

Broccoli OK 
Brussels sprouts 

Buckwheat OK 
Cabbage 

Carrot OK 
Cashew 

Cauliflower 

Celery 

Cheese (most 

types) Avoid 

Corn/maize OK 

Cottage cheese Avoid 

Cucumber OK 

Duck Avoid 

Egg Avoid 

Flaxseed OK 

Garbanzo beans 

or chickpeas Avoid 

Grapes OK 

Herring (fresh) Avoid 

Kidney beans Avoid 

Lamb/mutton Avoid 

Lemon OK 

Lentils OK 

Lima beans Avoid 

Liver (calf) Avoid 

Lobster Avoid 

Mackerel OK 

Milk, cow Avoid 

Milk, goat OK 
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Millet 

Mung beans 
Mussels 
Navy beans 
Oats 
Octopus 
Olive oil 
Onion 
Orange 
Oyster 
Papaw 

Pea 
Peach/pear 
Peanut 
Pineapple 
Plum 
Potato, sweet 
Potato, white, red 
Pumpkin 
Rabbit 

Rice 

Rye 

Salmon 


Sardine 


OK 
OK 
OK 
OK 
OK 
Avoid 
Avoid 
OK 
Avoid 
OK 
OK 
OK 
OK 


Sesame seed/tahini OK 


Soybean 

Spelt 

Spinach 
Strawberry 
String bean 
Sunflower seed 
Tapioca 
Tofu/tempeh 
Tuna 

Turkey 

Turnip 

Walnut, English 
Wheat 

Yam 

Yogurt 


Zucchini 


OK 
OK 
OK. 
OK 
OK 
OK 
OK 
OK 
OK 
OK 
OK 
OK 





if there is emotional and mental instability. Sensitizing nutrients and factors 
include: acidic and sweet foods and fruits, allergens, and a diet high in phosphorus 
and low in calcium and magnesium. Proteins, fats, and oils, complex carbohydrates, 
calcium, and magnesium help to protect susceptible individuals from undue 
sensitivity. Insensitive individuals, on the other hand, benefit from a high intake of 
acidic foods and fruits, lecithin, folic acid, and a diet low in -calcium but high in 
magnesium. Common polyunsaturated oils and lecithin (high in phosphorus) increase 
sensitivity; linolenic acid (linseed), and fish oils normalize it. 


Metabolic Types and Blood Groups: The naturopathic physician Peter 
D’Adamo, N.D., has written a series of popular books about the relationship between 
diet, health, and blood type, notably Eat Right for Your Type, Live Right 4 Your Type, 
and “The Eat Right for Your Type Complete Blood Type Encyclopaedia”. He shows 
that individuals of different blood groups have different optimal food requirements. 
Special proteins called lectins found in foods not traditionally eaten frequently cause 
immune reactions in the intestinal wall and may eventually lead to a wide variety of 
diseases, he says. 


The relationship between the three basic metabolic types and blood groups is 
straightforward. Blood group O is the oldest blood group. It originated in the hunter- 
gatherer area and corresponds to the P-type or non-vegetarian type. Group A 
resembles most closely the S-type or grain-eating vegetarian type, while B is the 
lacto-vegetarian type and closest to the balanced metabolic type. Blood group AB 
has the characteristics of A as well as B. 


It is my clinical opinion that it is beneficial to know which foods are supposedly 
good or bad for your blood type, but it is not necessary to stick strictly to the 
corresponding rules. Some of the foods listed to be avoided do not actually damage 
our blood and have been selected for other reasons that may not apply to everyone. 
On the other hand, anyone not in good health should take food allergy tests and then 
combine the recommendations of the blood type diet with the results of the allergy 
testing. 


If symptoms of food sensitivity show up, then | would not use a food that is 
supposed to be beneficial for your blood group. However, if you are in reasonably 
good health, allergy tests show no negative effect, and muscle testing gives a strong 
reaction, then you can cautiously use an “avoid” food, especially if there are other 
good reasons for using it. An example of this is coconut and its products, which Dr. 
D’Adamo advises all blood groups to avoid. However, | find coconut milk and oil 
beneficial for myself, and many others find it beneficial as well. 


While we can expect most allergies to occur with food that is wrong for our 
blood type, this is not always so. What happens in our body depends mainly on the 
quality of our digestive system and on the quantity and digestibility of the 
questionable food and its interaction with other food ingredients. 


It may be that we react differently to cooked foods and raw foods. Sprouted 
seeds appear to be more acceptable and possibly beneficial even if the same seeds 
should be avoided in cooked form. If all is well, then the potentially harmful lectins are 
broken down to amino acids and are harmless; if not, then we must improve 
conditions or avoid these foods. Try to develop your inner food sense and learn to 
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listen to your body. It will then let you know by your inner urgings and taste 
preferences which foods to eat. 


Table 5-4 is a list of some common foods in relationships to the blood groups. 
Basically, there are only two food classifications: foods that give a reaction and 
should be avoided and those that do not and may be eaten. Dr. D’Adamo also 
classified the “allowed” foods as either neutral/avoid, neutral, neutral/beneficial, or 
beneficial. Neutral means that the food does not cause any blood group related 
problems, but it has no other specific advantages to recommend it. 
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Part 6 
SPECIFIC HEALTH PROBLEMS 


This chapter offers guidelines for overcoming some specific health problems. 
However, it is essential to incorporate these specific recommendations into a holistic 
program for improving your overall well-being. Start with the basics: Do the earlier 
steps in chapter 1 as thoroughly as possible. Your disease or health problem may 
disappear without any further therapies being required. In some cases, where one of 
these basic steps is especially important, it may be mentioned for a specific disease, 
but all other steps need to be done as well. 


In addition to any supplements specifically mentioned for your problem in this 
chapter, take antioxidants, spirulina, bee pollen, cod-liver oil, lecithin, kelp, or 
colloidal minerals, and other helpful nutrients. Also use other methods described 
throughout this book, even if not specifically mentioned, such as _ reflexology, 
meridian therapy, magnet therapy, color therapy, and guided imagery. The more 
effort you make to apply as many supportive methods as possible, the better will be 
the health result. 


An important concept, especially with inflammatory conditions (which are 
present in most diseases), is chronic stress. This may be due to several individual 
factors, such as food allergies and chemical sensitivities, chronic infection from a 
dead tooth, electro-pollution, and emotional stress. Each of these factors stimulates 
the adrenal glands to release inflammatory hormones. Removing one or several of 
these inflammation promoters sometimes does not help much; when all of them are 
removed, you may suddenly see great improvement. If your condition is not 
specifically mentioned, or is rather severe, in addition to any of the recommended 
measures, adopt a temporary raw food diet, combined with suitable mind therapy. 
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Step 44 
SELF-CARE HELP FOR HEALTH PROBLEMS 
Practical Tips for Relief 


If you have a specific disease, this summary of typical treatment 
protocols can show you what to do. 


| am not a doctor licensed to prescribe medications or ensure cures, but a 
nutritionist and natural therapist well versed in natural healing methods. This 
information is derived from sound nutritional and clinical research. Readers should 
always consult a qualified health practitioner when dealing with serious illness. | do 
not promise or guarantee any cures, and the reader should regard the following as 
general guidelines that have been shown to help improve some people with these 
conditions. For updates and further information, see my websites: www.health- 
science-spirit.com, www.healing-yourself.com and www.heal-yourself.com.au. For 
disease treatment protocols using nutritional therapies, see: www.lef.org and 
www.doctoryourself.com. 


Addictions: Use Basic Cleanse (Step 4) followed by food allergy testing, and 
practice a diet based on grass and vegetable juice with added water for a total fluid 
intake of about a gallon daily. Prepare a homeopathic remedy made of the addictive 
substance. Use intestinal sanitation; alkalize the body; take high-potency vitamin B 
complex and glutamine; practice guided imagery and affirmations; have outdoor 
activity and group support. Do detoxification using frequent saunas or hot baths. 


AIDS: Helpful is a predominantly raw food diet with plenty of sprouted seeds 
and fresh vegetable juices, mainly from cereal grasses and purple foods. Also try 
oxygen therapies alternating with high antioxidant intake, intestinal sanitation, and 
herbal parasite cure, and continue longer with wormwood. Colloidal silver, copper 
salicylate or colloidal copper, echinacea, MSM, propolis, and other natural antibiotics 
can be beneficial, along with a Beck-type electronic zapper and magnetic pulser, 
Basic Cleanse, and emotional and mind therapies. (See Infections and Inflammations 
and Candidiasis below.) 


Allergies: Test yourself against individual foods and chemicals with an 
elimination diet after a five-day water fast, or after Basic Cleanse or a rice diet with 
only salt and olive oil for flavouring. Possibly use a rotation diet and use the same 
food only once every five days; eat small meals and chew well. Use digestive 
enzymes, hydrochloric acid, vitamin B complex, bio-flavo-noids and carotenoids, high 
vitamin C, glutamine, and MSM. Alkalize the body with sodium and potassium 
bicarbonate; neutralize fruit acids with dolomite. Avoid or minimize intake of sweet 
and acid food and food additives. Make a homeopathic remedy from the offending 
allergens. 


Anemia: Consume juice or powder of cereal grasses, organic liver (underdone 
or freeze-dried), and sprouted seeds. Take hydrochloric acid and ascorbic acid with 
proteins and cooked food; minimize intake of sweet food. Vitamins B6, B12, folic 
acid, E, and bioflavonoids are helpful as are chelated or organic forms of iron, 
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copper, zinc, manganese, chromium, and selenium. Do a parasite cure with 
wormwood, cloves, and tincture of walnut, and electronic zapper. Practice red color 
therapy (Step 17); get mild sun exposure and outdoor activity. Treat any excessive 
menstrual bleeding and avoid long-term use of anti-inflammatory drugs, especially 
aspirin. 


Arthritis: DIET: Use the Basic Cleanse followed by allergy testing and follow a 
predominantly raw food diet. Use ground linseed, fish oils, cold-pressed peanut oil, 
olive oil, and plenty of grass juice and sprouted seeds. If your fingernails are soft, 
take hydrochloric acid with meals, then sodium bicarbonate three hours after 
hydrochloric acid. Avoid or minimize sweet and acid food intake as well as wheat 
products, gluten, milk, cheese, commercial cooking oils, citrus fruit, processed food, 
and food of the nightshade family (potato, tomato, capsicum, and eggplant). 


SUPPLEMENTS: Take vitamin B6 (especially with problems of the hands) and 
nicotinamide in addition to multivitamins. Take 500 mg or more of magnesium, boron, 
zinc, and MSM; try copper salicylate for pain and inflammation, or, alternatively, 
copper colloids or copper bracelet. Also recommended are acidophilus, digestive 
enzymes, celery seeds, and yucca. Most helpful are glucosamine, chondroitin, 
mussel extract, or liquid bovine or shark cartilage, and broth of fish heads. (See 
“Alkalizing with Calcium and Magnesium” and “The Calcium-Phosphorus Ratio” in 
Step 6.) 


ADDITIONAL THERAPIES: Use warm peanut oil rubs on affected joints; also try 
blistering agents, or hot Epsom salt packs and baths, or use magnesium chloride 
instead, followed by sweating wrapped in blankets. Dissolve MSM and glucosamine 
in a solution of copper salicylate and rub it into affected joints. Try blue light therapy 
over painful areas and orange light on stiff, calcified joints (Step 17). Try deep muscle 
massage; remove dead teeth and mercury amalgam fillings; do the herbal parasite 
cure with the electronic zapper. 


Asthma: Avoid or minimize sweet and acid food, wheat, gluten, and lactose as 
in milk products (except butter); also avoid vaccinations, aspirin, processed foods, 
and the sulphites used in many foods and medications as preservatives. Practice 
intestinal sanitation and allergy testing. Use ground linseed, fish oils, and olive oil, 
and avoid other commercial oils. Halibut-oil capsules or other source of vitamin A 
(not beta-carotene instead), vitamins E, C, B1, B6, L-lysine, molybdenum, 
magnesium, manganese, MSM, selenium, and zinc are helpful. (See Alkalizing with 
Calcium and Magnesium and The Calcium-Phosphorus Ratio in Step 6.) Take 
hydrochloric acid with protein meals if your fingernails are weak, then sodium 
bicarbonate three hours later. Use foods high in antioxidants, bioflavonoids, and 
carotenoids, including green tea, grape seed extract, and purple foods. 


Practice breathing exercises: inhale into the abdomen and exhale as slowly as 
possible; do this routinely during sedentary activities. After normal exhalation, hold 
your breath for as long as possible; inflate balloons as a further exercise; have a 
spinal adjustment. Preferably live in a dry, warm climate or higher elevation; avoid 
damp places, moulds, and fungi in air and food. Use natural fibre mattresses or wrap 
foam mattresses in polyethylene sheeting with only a small opening at the bottom. 


Eliminate systemic parasites and microbes with wormwood, cloves, black 
walnut tincture, and use of the electronic zapper; try colloidal silver, copper, or 
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copper salicylate. Vomiting therapy can help: Try to cough up mucus after placing hot 
onion packs on the chest. Make children emotionally secure; try emotional release 
therapy for adults with asthma. Use the Emotional Freedom Technique (see Step 
63). 


Some asthmatics claim to have been cured by regularly inhaling three-percent 
hydrogen peroxide sprayed directly into the mouth from a spray bottle, while others 
had success with inhaling high concentrations of negative ions from a medical-type 
air ionizer or with spray-inhaling a ten-percent sodium ascorbate solution. Hydrogen 
peroxide is probably best against fungal infestations, and antioxidant spray against 
inflammations and oxidative damage. Try both but generally use antioxidants as the 
main approach. 


Autoimmune Diseases: In autoimmune diseases, the immune system attacks 
faulty body cells, probably due to infestation with microbes or their toxins. Common 
causes are dead teeth and resulting jawbone infections, overgrowth of the intestinal 
tract with pathogenic microbes, and some researchers suspect vaccines. 


Autoimmune diseases include Type | diabetes, lupus, multiple sclerosis, 
myasthenia gravis, rheumatoid arthritis, scleroderma, and thyroiditis. The main 
aspects of treating autoimmune diseases are to avoid gluten products and 
substances to which you are allergic or sensitive, sweetened food, genetically 
modified or microwaved food, and processed food in general. By far, the best option 
is to adopt temporarily a raw food diet. 


Use high amounts of antioxidants, in particular vitamin C, L-lysine, zinc, and 
other nutrients listed under viral infections in the section on Infections and 
Inflammations below; also use the electronic zapper and other measures listed in that 
section under Addi-tional Therapies. See any entries for your specific autoimmune 
disease. 


Back Problems: Practice a low allergy diet; take vitamins C, E, and B 
complex, and high doses of manganese, zinc, and magnesium. Reflexology is very 
effective, as are Epsom salt packs. For shrunken disks, stretch the spine and have it 
rubbed with hypericum oil; get deep muscle massage or pressure applied at tight 
muscles; have a spinal adjustment. Hang upside down (inversion swing) for problems 
in the lower back. Try stretching exercises; sleep on a firm bed, and women should 
avoid wearing high heels. Improve digestive system function and any diseased 
organ, as back pain often results from problems in inner organs. Try other 
recommendations in Arthritis and see Step 20: Spinal Therapy and Massage. 


Broken Bones: Fresh vegetable juices, broth of fish heads, and bone meal 
can be helpful as well as vitamin C, halibut-oil capsules, manganese, boron, zinc, 
magnesium, and comfrey root. Place the north pole of a magnet above the fracture 
(towards the trunk) and the south pole opposite and below the fracture (towards 
fingers or toes); also try a pulsating magnetic field at the site of the injury. See 
Osteoporosis below. 


Cancer: The main aspects of a holistic cancer therapy are strengthening the 
immune system, controlling the cancer microbe, removing accumulated toxins and 
waste products, and dissolving tumours. 
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DIET: Start with the Basic Cleanse followed by a juice diet, grape cure, or low- 
protein diet; use additional spirulina and bee pollen for high-quality protein. Maximize 
purple foods (red beets or their juice, black or purple grapes, dark grape juice, 
blueberries, blackberries) with any diet. Eat at intervals during the morning one or 
two pounds of purple foods, or sip one bottle of dark grape juice or red beet juice; 
take no other food until noon. If the body is sensitive, keep the urine slightly alkaline 
(see Step 6). If the body is insensitive or has soft fingernails, take hydrochloric acid 
with meals. Structure the diet according to your metabolic type and blood group (see 
Step 43). Cancer-related pain tends to disappear on a raw food diet. 


SUPPLEMENTS: The most important vitamins are C, 10 g or more, mainly 
neutralized and in five divided doses; A, best as shark-liver oil and cod-liver oil (if you 
have malabsorption, use A-emulsion); niacinamide, folic acid, B2, and B6; with 
generalized weakness, inject B12 or dissolve it under the tongue. 


The most important minerals are magnesium, selenium, and zinc. Use high 
amounts of all antioxidants, including alpha-lipoic acid and grape seed extract. You 
can alternate short periods of several weeks of oxygen therapies with several months 
on high antioxidant supplements. 


With tumours, use high amounts of the following to inhibit their formation of new 
blood vessels: shark or bovine cartilage (both best as liquid), zinc (30 mg, three times 
daily), vitamin B2, turmeric, and green tea; minimize any copper intake. 


Other useful remedies are proteolytic enzymes, MSM or sulphur-amino acids 
(L-cysteine and L-methionine), propolis, ground linseed, aloe vera, kelp, Lactoferrin, 
lecithin, and freeze-dried liver. Some effective herbs are the Hoxsey herb mixture, 
Essiac, pau d’arco, papaw leaves, echinacea, greater celandine, red clover 
blossoms, and wormwood and other herbal parasite remedies. Urea helps to prevent 
metastases; hydrazine sulphate helps you regain weight and strength. 


ADDITIONAL THERAPIES: Minimize electromagnetic pollution, and sanitize your 
teeth (see Step 8). Experiment with ways to increase your life force as shown in 
Part 7. Use an electronic blood purifier, and directly over the tumor place a magnetic 
pulser, strong south pole magnet, and blue light therapy for pain and tumor control. 
Try various types of packs over the tumor area, such as pulped grass or dark grapes, 
cabbage leaf, or honey (see Step 21). Avoid surgery near the full moon (increased 
chance of haemorrhage); premenopausal females may have a reduced rate of 
metastasis after surgery near ovulation time (mid-cycle) as compared to surgery near 
the start of the period. 


Improve your mind with several hours of daily relaxation, affirmation, prayer, 
guided imagery, and meditation. Practice positive thinking and develop faith and a 
joyful mind. Nothing will cure you if you do not believe in it. Learn to feel and express 
your needs as well as negative emotions and become assertive. Resolve any 
emotional conflict - see: “Emotional-Mental Shocks” later in this part. Do not focus on 
fighting cancer, but rather on improving your health and enjoyment of life. Choose to 
live life to the fullest, have a goal for the future, and become enthusiastic about your 
life. Your attitude is the key to your success. 


Candidiasis: This is a fungal infection caused by Candida albicans. The most 
common symptoms are thrush (oral) and vaginal and skin infections. However, 
Candida often invades the body itself, starting with the digestive tract and then 


281 Heal Yourself - The Natural Way 


entering the bloodstream, overwhelming the immune system. In this way, Candida 
has been found to cause or aggravate food allergies, chronic fatigue, digestive-tract 
diseases, all kinds of autoimmune diseases, lupus erythematosus, multiple sclerosis, 
myasthenia gravis, but also schizophrenia, mental depression and anxiety, impaired 
memory, hyperactivity, menstrual problems, and miscarriage. Basically, any part of 
the body can become impaired. 


Antifungal remedies include garlic, golden-seal, pau d’arco, propolis, 
wormwood, and the oils of tea tree, cinnamon, clove, eucalyptus, mustard, and 
thyme. Use Intestinal Sanitation (see Step 3) combined with the hypoglycaemia diet, 
and avoid sweet foods, yeast, moulds, and initially fruit. For severe fungal infestation 
of inner organs, an internal iodine solution, commonly called Lugol’s solution, can be 
taken for three weeks. Also try oxygen therapy, colloidal silver and copper, and an 
electronic blood purifier, also anti-inflammatory remedies as required. 


LUGOL’S SOLUTION: This is an iodine solution taken internally, designed to 
eliminate Candida and other microbes, viruses, and mycoplasmas from the 
bloodstream. Obtain Lugol’s solution, also labelled Aqueous lodine Oral Solution, 
from a pharmacist. Take a test drop in juice. If no allergic reaction results, continue to 
take six drops four times daily in liquid or mixed with food. lodine is an oxidant, so do 
not take it with antioxidants. Continue Lugol’s for three weeks, but interrupt if you 
have a strong reaction. Be careful, for high amounts of iodine taken for more than 
three weeks may depress thyroid functions. You may make Lugol’s solution yourself 
by dissolving 44 g (1.5 ounces) of iodine and 88 g (3 ounces) of potassium iodide in 
one quart (litre) of water. First dissolve the potassium iodide in a pint of water, then 
add the iodine and fill up to one quart. Shake from time to time until dissolved after 
about a day. 


Cardiovascular Disease: Recommended is the Basic Cleanse followed by 
periods on fruits only, or the grape cure or juice diet. Avoid or minimize sweeteners 
and especially sucrose, salt, chlorinated water, smoking, peanut products, red meat, 
caffeine, and all commercial fats and oils except extra-virgin olive oil. Do not heat any 
flesh food or eggs above boiling temperature. Separate fruit and other fructose- 
containing foods from starches or foods releasing glucose. Use only cow’s milk 
products that have not been pasteurized or otherwise heated. 


Use plenty of fresh fruits and vegetables; seafood (if not vegetarian); some 
(organic) poultry; one to two tablespoons of freshly ground or frozen linseed 
(flaxseed) and one to three capsules or teaspoons of lecithin with most meals; fish oil 
capsules; oily seeds and nuts (not roasted or rancid), best as seed cheese. Papaya 
and pineapple are good. If your blood pressure is high, acidify your body with 
ascorbic acid and take hydrochloric acid supplements with meals. With acid body 
conditions, more histamine is released, which in turn dilates blood vessels. 


SUPPLEMENTS: Take high doses of natural vitamin E (tablets), vitamin C (5 to 
10g daily, in three to five divided doses, mostly as ascorbic acid), vitamin B6, folic 
acid, and niacin before meals to induce flushing. Take close to 1000 mg of 
magnesium daily as magnesium chloride or with neutralized ascorbic acid. Other 
helpful minerals are zinc, selenium, chromium, manganese, and copper salicylate; 
but males should minimize calcium. Seriously ill patients can take 5 to 6 g of lysine 
and 2 g of carnitine daily in four divided doses. For herbs, consider bromelain, ginger 
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(with most meals), ginkgo biloba, and green tea; also helpful are digestive enzymes 
high in lipase. 


ADDITIONAL THERAPIES: Remove any dead teeth and make sure there is no 
chronic jawbone infection in the wisdom tooth positions. Get regular exercise; have 
alternating hot and cold showers; and do skin brushing. Frequently press into the 
fleshy pad below the left thumb; pressing strongly here during a heart attack can 
allegedly stop the attack. A small magnet with the south pole placed over the heart 
can ease pain or slow the heartbeat, while the north pole placement strengthens the 
beat (do not use with a pacemaker). Also try the herbal parasite cure, electronic 
zapper, and colloidal silver. Practice the Love Cure (Step 61). 


Chronic Fatigue Syndrome: In this condition, the cellular oxidative energy 
production is blocked by non-biological chemicals or endotoxins from a chronic 
microbial infection, often due to Candida present in the blood after antibiotic therapy. 
Techniques to try include allergy testing and a low allergy diet; consuming plenty of 
purple foods (beet root, red cabbage, purple onions, black/purple grapes, black 
currants, blackberries, blueberries, or juices of any of these), and green juice or, 
alternatively, barley green powder, spirulina, or chlorella. With low blood pressure, 
eat salty and spicy food; select foods with a favourable calcium/phosphorus ratio; 
and alkalize fruit acids with dolomite. 


SUPPLEMENTS: Use high levels of antioxidants with 10 g or more of sodium 
ascorbate in divided doses, vitamin A emulsion, natural vitamin E complex as tablets, 
alpha-lipoic acid, grape seed extract, and Microhydrin or strong electrolytic reduced 
water (ERW). Also useful are vitamin B-complex, calcium orotate, magnesium, 
selenium, zinc, coenzyme Q10, L--glutamine, L-lysine, aged garlic, freeze-dried liver, 
propolis, echinacea, maca, and either L--cysteine and L-methionine or MSM. Initially 
try weekly vitamin B12 injections or daily vitamin B12 tablets dissolved under the 
tongue. 


ADDITIONAL THERAPIES: Try Candida treatment, herbal parasite cure, electronic 
blood purifier, magnetic pulser, colloidal silver, and copper salicylate. Minimize 
electro-stress and sanitize the teeth (see Step 8). 


Colds: Colds are beneficial clean-outs of mucus congestion, so to avoid colds, 
avoid mucus congestions and foods that produce them. These are mainly lactose 
and cow’s milk products (except butter), sweet foods, moulds and mouldy foods, and 
any foods or chemicals to which one is allergic or sensitive. Other factors are 
mercury amalgam fillings, root canals, and other foci of chronic infections, as well as 
Candida overgrowth and intestinal dysbiosis (pathogenic bacteria). 


Try to correct these conditions, and see Mucus Problems below for ways to 
ease mucus congestions. | have seen severe colds aborted within hours by using the 
Sugar Cure (see Mucus Problems). Other useful remedies are echinacea, fresh raw 
garlic, and very high doses, up to bowel tolerance, of vitamin C (sodium ascorbate). 
In addition, frequently dissolve a tablet with a small amount of zinc sulphate in the 
mouth. Another useful method is to dissolve one-third of a teaspoon of sodium 
ascorbate in two tablespoons of water and from time to time place 20 drops in each 
nostril. 


Colds can also be stopped if, at the first sign of a coming cold, a few drops of 3 
percent hydrogen peroxide are placed in each ear. Lie on one side while putting the 
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drops into the opposite ear, wait a few minutes, then change sides and put the drops 
in the other ear. In addition, gargle frequently with diluted hydrogen peroxide and 
also swallow some. See Infections and Inflammations below. 


Depression: Use a high-quality low-allergy diet. With sensitive skin and 
emotional instability, use mainly slow-digesting foods, and with insensitive conditions 
consume plenty of fruit. Avoid foods to which you may be addicted or on which you 
might binge, such as chocolate, coffee, tea, and alcohol. Give yourself a special treat 
from time to time, but without using sweet or junk food. Very important are fish oils 
(best as cod-liver oil) and linseed oil from ground linseed. 


The most important vitamins are B6, B12, C, niacin or nicotinamide, and folic 
acid, and the most important minerals are zinc, magnesium, calcium, and 
manganese. Initially take a high-potency B-complex and mineral tablet with most 
meals and additional amounts of vitamin B6 and zinc (up to 500 mg daily of vitamin 
B6). Try hypericum or St. John’s Wort and the Bach Flower Remedies Aspen, 
Gentian, Gorse, and Mustard. Correct constipation; take cultures of acidophilus and 
bifidobacteria. Have any dead teeth removed and preferably mercury amalgam 
fillings replaced. Avoid lead pollution. Kyolic (aged garlic), cooked garlic, and raw 
garlic assist in detoxification. Candida can go into the bloodstream and cause 
depression and other psychiatric symptoms. For treatment, see Candidiasis above. 


Try amino acids: up to 2 g of L- (or D,L) phenylalanine and tyrosine, each 
before meals, or alternatively, up to 2 g of tryptophan. You can also try taking 
phenylalanine and tyrosine before breakfast only and tryptophan at bedtime only. 
Glutamine can be used as an additional brain fuel. Epinephrine and dopamine in the 
brain are formed from phenylalanine and tyrosine, while serotonin is made from 
tryptophan. 


Depression often results from low thyroid and adrenal functions. To assess 
thyroid status, check your temperature under the armpit before rising in the morning; 
women check this in the first ten days of the menses or before ovulation. If it is below 
97.8° F (36.5° C), try thyroid extract (absorb under the tongue) and iodine from kelp. 
In addition, selenium is required to activate thyroid hormone; take 200 mcg per day. 


Seasonal affective disorder is due to insufficient sunlight exposure. Expose 
yourself to one or two hours of very bright full-spectrum electric light each day, 
preferably in the morning; if possible, be outside in sunlight and without sunglasses. 
In addition, use yellow or orange color therapy for all forms of depression; also look 
into the light source (see Step 17). Wear bright-coloured clothing. Use deep- 
breathing exercises; dance to lively music and shake the whole body for a minute 
during fast breathing. 


Use prayer, affirmations, meditation, and guided imagery to uplift your feelings 
and solve your problems. Learn to trust in your inner or higher guidance and ask it to 
take care of your problems. Socialize and find a group with similar interests. Forgive 
yourself and others for any mistakes or misdeeds. 


Diabetes: Under professional medical supervision only, go for one week on a 
diet of only apples, mainly tart varieties (e.g. Granny Smith) with no or only a 
minimum of insulin or drugs. Undertake intestinal sanitation (Epsom salt - garlic flush 
followed by plenty of dairy-free acidophilus cultures). Then gradually introduce non- 
sweet raw foods, especially sprouted seeds, lentils and other legumes, seafood, 
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onion, and cooked vegetables. Keep a diary of the blood sugar level after each test 
food (a food that you ingest to see how your blood sugar reacts to it). Continue using 
only low-response food (a food that does not strongly elevate the blood sugar level). 


Before each meal have plenty of fresh grass juice, spirulina, or chlorella, one 
tablespoon of freshly ground linseed, and one tablespoon of fenugreek seeds 
(soaked overnight; use the soaking water). Avoid all cow's milk products, wheat and 
gluten, saturated and especially hydrogenated fats, processed foods, and food 
additives. Avoid all sweet or sweetened foods, including fruit juices, and in particular 
all sucrose; avoid fructose and glucose at the same meal, such as having fruit after a 
meal, although it is generally safe to have fruit an hour before a meal. You may, 
however, use xylitol, sorbitol, or the herb stevia as a sweetener. 


With Type | diabetes, avoid all glucose--producing foods, such as starches, 
grains, or cereals, sweet vegetables, and even legumes during a trial period. Use 
instead meat, fish, egg, goat’s milk products, cod-liver oil, spirulina (one to two 
ounces), lettuce, cabbage, and other leafy greens, in addition to green/tart apples, 
lemons, and limes. If you need more carbohydrate, add fructose to the lemon juice; 
try fenugreek and ground linseed. 


SUPPLEMENTS: Take vitamins C, E, B-group, especially B1, B6, and B12; 
glucose tolerance factor or chromium; manganese and zinc (chelated); 500 mg or 
more daily of magnesium; vanadium, if available; also MSM, fish oils, lecithin, and 
freeze-dried liver; continue with dairy-free acidophilus. The herb Gymnema Sylvestre 
is effective with both types of diabetes; take either 200 mg of extract or 1 to 2 g of 
dried leaves shortly before meals that are likely to elevate blood glucose levels. Also 
useful are aloe vera, bilberry, ginseng, goat’s rue (may help to regenerate pancreatic 
beta cells), and various spices such as cinnamon (one teaspoon daily in divided 
doses), cloves, tarragon, and turmeric. Calcium arginate (calcium salt of the amino 
acid arginine) is effective with Type II diabetes. Also try castor-oil packs on the liver 
and abdomen; magnetic pulser on liver and pancreas; do the reflexology for these 
points on feet and hands; herbal parasite cure and colloidal silver. 


Digestive Disorders: Do allergy testing and have a low-allergy diet with small 
meals; chew slowly and well; practice correct food combining; follow a diet 
appropriate for your metabolic type and blood group; consider a rice or arrowroot 
mono-diet for a while, with only salt and olive oil for flavouring, or alternatively a 
water fast (purified water only). Use the Basic Cleanse and intestinal sanitation with 
acidophilus and bifido cultures. If you have soft fingernails, add hydrochloric acid to 
your meals, taking sodium bicarbonate three hours later. 


Take digestive enzymes or a papaya (pawpaw) Smoothie with meals (see the 
recipes in Part 4). Place castor-oil packs on the liver and abdomen; do reflexology or 
have acupuncture. Herbs to stimulate digestion are aniseed, caraway, fennel, 
fenugreek, mint, or peppermint; try half a cup of a bitter liver herb tea after the meal. 
With acute indigestion, induce vomiting; with diarrhea, try an alimentary canal flush 
with crushed garlic and a tablespoonful of Epsom salt. 


With ulcers and irritable bowel (Crohn’s disease), try slippery elm powder 
before meals; meals with arrowroot can be soothing; and use ginger root often with 
meals. Goldenseal and chamomile are useful as they are anti-inflammatory. Try 
glutamine and zinc sulphate with meals (200 mg/day); also copper salicylate, herbal 
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parasite cure, oxygen therapy, and colloidal silver. Magnesium is best taken as 
magnesium chloride; take also high-quality aloe vera juice. 


Use the magnetic pulser and south pole of a strong magnet on sites of 
inflammation or discomfort. Include raw potato in the vegetable juice for stomach 
ulcers and cabbage juice with duodenal ulcer; stomach ulcers usually cause pain 
after a meal, duodenal ulcers between or before meals. Very effective are six drops 
of tea tree oil diluted in a glassful of liquid, then taken orally before breakfast for three 
days; initially take a test drop to see that you are not oversensitive to it. 


With constipation, use sufficient magnesium (as chloride or sulphate) to 
produce bowel movements and take one or more tablespoons of ground linseed with 
meals. Take long walks; have large vegetable salads; squat for bowel movements 
(see Step 21). For bloating or excess wind avoid any sweet food with or after 
vegetables or fibre-rich food; use correct food-combining with a low-allergy diet; use 
magnesium chloride and practice intestinal sanitation. 


With hiatal hernia (with symptoms of belching, heartburn, and indigestion), sit at 
one end of a massage table (or something similar), your legs outstretched on the 
table. A helper lies across your legs or holds them down while you lean back over the 
edge as far as possible. Tighten your abdominal muscles to pull yourself slowly back 
up to the sitting position. A second helper may assist. In most instances, this will pull 
the stomach back to its normal position. 


Epilepsy: A low-allergy diet is advisable. Initially avoid and later minimize 
consumption of sweet food, wheat, milk, cheese, and food additives, especially 
excitotoxins. Avoid contamination from copper (new water pipes), aluminium 
(cooking), mercury (amalgam fillings), and lead. Take vitamin B6, vitamin E tablets, 
and magnesium in high doses; alkalize your system with calcium and magnesium; 
frequently suck on a tablet of magnesium orotate; take lecithin, glutamine, MSM, 
taurine, black cohosh, and copper salicylate; try raw egg yolk, mussel, or oyster 
extract. 


Have a chiropractic neck adjustment; do head and neck exercises; do the 
herbal parasite cure; sanitize your bedroom. Minimize emotional stress; reduce your 
exposure to fluorescent or flickering lights, television, and computer games. Try 
south-pole magnets placed at the temples. 


Eye Problems: Helpful here is a low-allergy diet with plenty of fresh grass and 
vegetable juices. Avoid or minimize intake of dairy products, hydrogenated fats, 
commercial oils, and sweet foods. For all eye conditions, high-dose vitamins B2 and 
A (halibut-oil capsules; with suspected fat malabsorption, use vitamin A emulsion) in 
addition to B complex, C, and grape seed extract are advised; these also help with 
cataracts and macular degeneration. You need periods with no additional vitamin E 
intake as this can depress blood levels of vitamin A; however, with wet macular 
degeneration, try high-dose vitamin E tablets. 


Carotenoids, especially lutein and zeaxanthin, are important for the macula; 
they are found in deep-green, yellow, orange, and red fruits and vegetables, as in 
tomatoes, squash, corn, and spinach. Have a high intake of a wide range of 
bioflavonoids; use the herbs eyebright and bilberry internally and as topical eye rinse. 
Important minerals are magnesium, chromium, manganese, selenium, and zinc. 
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Chromium, calcium, and a diet low in sweet food are important with myopia 
(near-sightedness), while magnesium is good for farsightedness. A salty diet is 
beneficial with glaucoma, as is sodium ascorbate up to 30 g daily (in five divided 
doses), to drain excess fluid from the eyes. Intensive cleansing combined with 
energizing or stimulating the eyes in order to unblock congested drainage channels is 
recommended. For red eyes or conjunctivitis, rinse the eyes with a weak solution of 
boric acid, possibly combined with strained eyebright and chamomile herbs as tea. 


For viral infections of the eyes, make up a solution of 2500 IU of vitamin A 
emulsion and 250 mg of sodium ascorbate per ml of water. Use one or two drops in 
each eye every three to four hours. If it stings too much, then dilute as needed. Keep 
refrigerated and make a fresh remedy every week. Combined with sufficient vitamin 
B2 (up to 100 mg three times daily); this also helps with allergy-induced eye 
problems. For clogged arteries in the back of the eyes, try potassium iodide as 
explained in Cardio-vascular Disease. 


Use a raw grated potato pack in gauze for irritated eyes and warm castor-oil 
packs for weak eyes. You can also put a drop of castor oil in each eye at bedtime for 
gradual strengthening. Be outside as much as possible without glasses or 
sunglasses; look at the blue sky, but avoid eyestrain. Minimize watching television, 
staring at computer screens, and reading by electric light. While reading, frequently 
interrupt your vision, look around, and cover eyes with palms. Preferably use natural 
daylight or full-spectrum bulbs; minimize use of fluorescent lights except if they are 
special daylight types. Press tender muscles in the back of the neck. 


Do eye exercises: look up, down, sideways, diagonally in quick succession, 
circle, alternate looking at a near and a far object. Do head and neck exercises, 
reflexology, or rapidly blink at the sun when it is low in the sky. Frequently alternate 
looking at an orange or red light bulb of 25 watts and a blue light of 40 watts in a 
darkened room; then look for several minutes at a green 40-watt light. 


Gynaecological Problems: Important here is a diet low in sweet food, fat, and 
salt, a vegetarian cleansing diet, especially in the case of heavy periods and difficult 
menopause. Also advisable are sprouted seeds, vegetable salads, grass juice, and a 
diet high in bioflavonoids and carotenoids as from coloured foods, especially yellow, 
orange, red, and purple. For heavy bleeding, black cherries are best; if not available, 
try black or purple grapes, juice of dark grapes or red beets, blackberries, and 
blueberries. 


SUPPLEMENTS: Take B-complex vitamins, especially B6 and folic acid, rutin and 
bioflavonoids, vitamin E tablets (1000 to 2000 IU daily), and selenium-methionine, 
especially if breasts are tender and for menopausal hot flushes. Neutralize fruit acids 
with dolomite for a high calcium and magnesium intake. Take additional calcium if 
there is excessive bleeding and fatigue; take more magnesium for tension and 
irritability. Also helpful are zinc, manganese, MSM, Royal Jelly, bee pollen, evening 
primrose oil, vitamins A and C, and organic iron. With menstrual clotting, more 
vitamin K is needed; use plenty of dark-green vegetables, possibly injections of 15 
mg of vitamin K1 (derived from plants). Fibrocystic breast disease and ovarian cysts 
often disappear with six to eight drops of saturated solution of potassium iodide 
(SSKI) taken daily in some water for two to three months. Prolonged use can inhibit 
thyroid functions, so use with professional supervision; see Thyroid Problems. 
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HERBS: For menopause: chamomile, hawthorn, red clover, and sage. Excessive 
bleeding: bayberry bark, red raspberry, shepherd’s purse, and witch hazel. 
Suppressed menstruation: chamomile, catnip, fennel, pennyroyal, and peppermint. 
Generally try motherwort, dong quai, raspberry shoots, and chasteberry (Vitex 
agnus-castus); St John’s Wort for depression; and black cohosh for period pain. 
Maca is most helpful for all conditions, helps after hysterectomy, is safer than 
hormonal replacement therapy, and is also recommended for age-related decline of 
sexual function. 


ADDITIONAL THERAPIES: Take a hot sitz bath or sit on the north pole of a strong 
magnet for general strengthening. Press foot reflex areas on heels; use blue lighting 
to reduce bleeding, orange lighting to increase it. Place castor-oil packs on the lower 
abdomen and lower back, or Epsom-salt packs; apply pressure therapy and 
manipulation and adjustment of lower back; do spinal tapping of lumbar vertebrae or 
colonics. 


VAGINAL YEAST INFECTION: This is caused by the yeast Candida albicans. 
Douche with either diluted hydrogen peroxide or garlic water to which may be added 
several drops of tea tree oil (shake well before use), tea of sage, and juniper berry, or 
pau d’arco. After douching, apply acidophilus in the vagina and around it; repeat as 
often as required and have intestinal fungicidal treatment (see Candidiasis). 


Headaches and Migraines: Do the Basic Cleanse followed by allergy testing 
and maintaining a low-allergy diet. Minimize intake of sweet food, dairy products, 
wheat and other gluten products, egg, oranges, tomatoes, food additives, fatty food, 
chocolate, Brazil nuts, dried coconut, aged cheese, mushrooms, pickled herrings, 
pork, excitotoxins such as monosodium glutamate (MSG), and tobacco smoke. Avoid 
environmental chemical and electromagnetic pollution; sanitize your teeth (see Step 
8). 


Try taking magnesium if your blood pressure is elevated, or calcium and salty 
foods if it is low. Have a strong coffee at the onset of symptoms (if you’re not 
addicted to it). The herb feverfew may help. Correct any constipation or intestinal 
inflammation. Do head and neck exercises; pressure massage the neck and shoulder 
muscles and around the base of the big toes; have a neck adjustment and exercise 
your scalp muscles. Avoid stress; rest; get fresh air; walk; and do deep breathing. 
During a migraine attack, imagine your arms becoming warm, possibly soak them in 
warm water. Riboflavin (vitamin B2), up to 100 mg four times daily, has been found to 
prevent most migraines; use together with B-complex. 


High Blood Pressure: Most important are low-allergy diet or allergy testing, 
low sodium intake, and high intake of potassium and magnesium; for females also 
calcium. This also helps to prevent strokes. Improve kidney functions; follow tips for 
Cardiovascular Disease. 


Hyperactivity (ADD and ADHD): Allergy testing and a low-allergy diet are 
advisable. Minimize or avoid sweet food, especially chocolate, cow’s milk, cheese, 
egg, pork, citrus, soft drinks, artificial food colouring, flavouring, excitotoxins, 
preservatives, chemical sprays, petrochemical fumes, detergents, strong perfumes, 
smoke, stimulants, and aspirin. Avoid fluorescent and flickering lights and games, 
television, and stressful situations. Minimize electromagnetic pollution (see step 8). In 
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regard to sweeteners, avoid sucrose or fructose in combination with glucose; see 
“Fructose and the Disaccharide Effect” under Step 40. 


In several clinical trials, avoiding food and chemical allergens resulted in a 100 
percent cure rate among test subjects. Frequently, Candida overgrowth in the 
intestines (commonly following a course of antibiotics) is the original cause of 
multiple allergies, so treat for Candida. Zinc and magnesium supplements are 
helpful, as are vitamins C, B6, pantothenic acid, nicotinamide, folic acid, and B12. 
For attention deficit, try ginkgo biloba. 


Infections and Inflammations: Infections can be localized, for example, in the 
liver or throat, or generalized, as infectious diseases (including venereal diseases). 
They can be acute with sudden strong inflammations and fever, or they can be 
chronic and long lasting. Colds occur only if there is mucus congestion, and they are 
usually beneficial for removing excess mucus. Accelerate recovery by actively 
expelling mucus from your lungs and head spaces, including the sinuses. Colds can 
be avoided by using a diet that does not cause mucus congestion or by deliberately 
expelling mucus from the body (see Mucus Problems). 


DIET: During acute conditions, semi-fast with only fresh vegetable and grass 
juice, spirulina and bee pollen, vegetable broth, strained rice water, and fruits 
(neutralize acids if the body is sensitive). Later, also consume easily digestible, high- 
quality food, such as sprouts, raw egg yolk, vegetable salads and cooked vegetables, 
rice, and bananas. Select foods with a favourable calcium-phosphorus ratio (see 
Step 6). Avoid gluten products, sweetened, processed, microwaved, and genetically 
modified food, and any food to which you are allergic or sensitive. With inflammations 
maximize omega-3 fatty acids (fish oils and ground linseed), and minimize omega-6 
fatty acids (polyunsaturated seed oils). 


SUPPLEMENTS: In acute conditions, try bowel-tolerance doses of vitamin C with 
sodium ascorbate; otherwise use 1 to 10 g of vitamin C daily, magnesium chloride if 
available, propolis, copper salicylate, and Lactoferrin. Vitamin A is especially good 
with respiratory infections; zinc is best as zinc sulphate lozenges. Improve the 
immune system with pantothenic acid, folic acid, vitamin B6, manganese, selenium, 
chromium, acidophilus culture, and freeze-dried thymus. 


With viral infections, use a high intake of antioxidants in addition to selenium 
and zinc. Take 2 g five times daily or bowel-tolerance level of sodium ascorbate; 15 
to 20 mg of zinc three times daily; 200 mcg of selenium; up to 2 g of L-lysine three 
times daily; and up to 200 mg of alpha-lipoic acid three times daily (alpha-lipoic acid 
is also called thioctic acid; prolonged intake over 100 mg may require extra biotin). In 
addition, take one tablespoon of cod-liver oil, other antioxidants such as grape seed 
extract, and Microhydrin or strong electrolytic reduced water; with hepatitis, also take 
the herb silymarin. A saturated solution of potassium iodide (SSKI from a pharmacist) 
is an all-round antimicrobial. As a precaution when travelling, take about ten drops 
in a small glass of water, and more, temporarily, with an acute infection. 
Caution: High amounts for more than a few weeks can suppress thyroid function. 


With chest infections, in addition to the above, temporarily take 50,000 IU or 
more of vitamin A (under professional supervision). Try coughing up mucus after 
using a hot onion pack on the chest (see Step 21). 
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HERBS: These include echinacea, goldenseal, marigold, olive leaves, pau 
d’arco, prickly ash, and wormwood; also chamomile, elder flowers, and peppermint. 
With respiratory infections, try chamomile steam inhalation; gargle with diluted tea 
tree oil. Do the herbal parasite cure with wormwood, clove, and green hulls of black 
walnut. Use aromatic oils for infections: borneol, lemon, clove, eucalyptus, lavender, 
mint, or thyme. 


ANTIBIOTICS: The main reason for a destructive fungal infection is antibiotic 
therapy. Candida albicans is commonly present in almost everyone, but is usually 
kept under control by friendly bacteria. If these bacteria are killed by antibiotics, fungi 
have the opportunity to spread and will seriously weaken the immune system, 
thereby contributing greatly to the development of the various immune-deficiency 
diseases, including cancer. 


Other disadvantages of sustained antibiotic therapy are B-vitamin and vitamin- 
K deficiencies and malabsorption, caused by the destruction of intestinal flora. In 
addition, allergic reactions to the antibiotics can occur or boils may develop as a 
cleansing reaction even weeks or months later. For these reasons, if possible, 
antibiotics should be used only when serious infections cannot be controlled by 
natural therapies. With any antibiotic therapy, use vitamin and _ mineral 
supplementation, a diet high in raw food, probiotic bacterial cultures, and a natural 
fungicide such as fresh garlic. 


FEVER: Fever is a great tool in fighting infections by killing heat intolerant germs 
and strengthening the immune response. Keep your body temperature up with hot 
baths, hot teas, and sweating. Body temperatures above 105° F can be reduced with 
cold packs placed around the calves, and white willow bark (aspirin). 


PROPOLIS: This is an excellent natural antibiotic from the beehive. For best 
results, it should be applied directly to the site of the infection whenever possible. For 
a sore throat, keep some propolis powder constantly in the mouth (between the gum 
and cheek) and gargle with a propolis solution; or make it into a paste and apply it to 
a sore tooth. For sinus problems, sniff it up the nose; for earache, put it in the ear; for 
skin infections, apply it directly to the skin; for internal infections, of course, you have 
to swallow it. Note your reaction, as some people are allergic to propolis. You can 
make your own propolis tincture: Freeze-dry raw propolis (from a beehive), pulverize, 
and keep it in alcohol for one to two weeks exposed to the sun; shake frequently. 


THYMUS: Located in the chest, the thymus is the key gland of our immune 
system. Most strengthening for the thymus gland are propolis, manganese, and 
freeze-dried thymus extract. To strengthen the thymus, frequently tap with the fingers 
at the upper end of the breastbone; maintain a good posture and walk with long 
strides and swinging arms. Apply lemon (yellow-green) color therapy on the upper 
breastbone (see Step 17). 


COPPER SULFATE (BLUESTONE): Available from gardening supply outfits, this has 
strong antiseptic and anti-inflammatory properties. Collect any discharge from an 
infected or inflamed organ or wound in a medium-strong solution of bluestone and 
keep it there for several days. This may be phlegm, pus, bloodstained bandage, 
vaginal or nasal discharge, or urine (in bladder or kidney infections). This can 
promote healing by way of secondary contact and can also be used with an extracted 
tooth or any severed part of the body. This method works on the same principle as 
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radionics and telepathy with a two-way exchange of information energy between the 
body and any separated part. 


ADDITIONAL THERAPIES: Use colloidal silver or copper, oxygen therapy, and an 
electronic zapper, and possibly a magnetic pulser (see Step 19). You can also use a 
hot bath (with Epsom salt) followed by sweating; a hot foot bath with mustard powder 
or cayenne; cold packs placed on the abdomen and around the calves. For colds or 
flu, immerse hands and lower arms in hot water for 30 minutes; keep the water hot; in 
addition, you can chill the underside of the big toes with ice dipped in salt. Generally, 
blue light focused on the site of infection is helpful, as is blue-radiated water taken 
internally. Try also Epsom-salt purges, sweating, induced vomiting, colonics; packs of 
cabbage leaves or Epsom salt placed on localized infected or inflamed areas; 
autosuggestion and visualization or right-brain exercises: tell your immune system to 
produce plenty of efficient B cells and T cells. 


Insomnia: DIET: Have early, light evening meals, using animal protein only 
sparingly; minimize sweet foods, salt, alcohol, caffeine, and other stimulants taken in 
the afternoon or evening; test for food allergies. 


SUPPLEMENTS: Advisable are vitamins B6 and C; nicotinamide (1 g at bedtime), 
especially if experiencing difficulty returning to sleep after awakening; inositol; 
lecithin; one teaspoon of milk of magnesia or magnesium chloride at bedtime. Keep a 
tablet of magnesium orotate in the mouth when sleepless, take L-tryptophan (an 
amino acid, 500 mg) or melatonin (1 to 3 mg) at bedtime. Vitamin B12 can help to 
establish a normal circadian rhythm. Try the herbs passiflora, valerian, or thyme, or 
hops in a muslin bag placed on the chest or pillow; it is not recommended to use 
valerian on a long-term basis. 


ADDITIONAL THERAPIES: Try a hot relaxing bath, possibly with Epsom salt, before 
bedtime or a cold pack on the abdomen when trying to fall asleep. The body 
temperature needs to drop during sleep, therefore use relatively light covers and 
keep the bedroom cool (but not cold). Sleep with the head in a north or north-easterly 
direction; use blue sheets, bed covers, curtains, and pyjamas; blue, violet, or purple 
lighting at bedtime; sleep in complete darkness on a natural-fibre mattress; remove 
drugs and chemicals from the bedroom.; and minimize electro--pollutants (Step 8). 
Expose yourself to bright light soon after rising (best is sunshine), but minimize bright 
light (including bright TV and computer screens) exposure in the evening. 


To facilitate sleep, use autosuggestions when going to bed and/or relaxation 
exercises or visualize a peaceful scene. Do eight-two breathing (Step 9) or inhale 
through the nose, exhale through the mouth. Repeatedly take three deep breaths, 
then hold the breath as long as possible; finally continue with slow, shallow breathing 
to retain more carbon dioxide. 


Most effective is plenty of outdoor activity, ideally done without wearing 
prescription glasses. Try a long slow walk in the late afternoon or early evening; 
alternatively, undertake other restful activities, such as listening to soft music or 
meditating. Do not read anything interesting; engage in no other absorbing mental 
activity or exciting movies; clear up any worries. Ask your lower self (the 
subconscious level) for cooperation: Tell it to stop thinking of a particular problem 
and that you will deal with it during the daytime, and then do that. Keep pen and 
paper beside the bed to write down any important thoughts to deal with the next day. 
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If you like to experiment, try the Eeman screens: Place metal wire screens 
(approximately 16 inches by 10 inches, from a hardware store) under your head and 
the base of the spine. The screens can be enclosed in a pillowcase. With an electric 
wire, connect the head screen to a piece of metal pipe held in the left hand, and the 
buttock screen in the same way to the right hand. Use the screens for ten to 30 
minutes at bedtime, lying on your back with the ankles crossed. 


This balances our internal bioelectric potentials and is conducive to increased 
tranquillity, meditation, and sleep. Basically, you can balance without screens by 
placing the right hand under the base of the spine with the palm facing up, and the 
left palm under the top of the spine. Because the arm muscles are partly contracted 
in this position, it is not as relaxing as with the screens. 


Kidney Problems: You need a diet low in protein, salt, food additives, and 
drugs, along with allergy testing and a low-allergy and blood group diet. Use 
predominantly raw foods with plenty of sprouted seeds and fresh (mainly green) 
vegetable juices, ground linseed, and fish oils; try a watermelon fast. Helpful are 
antioxidants, spirulina, and coenzyme Q10. For kidney stones, use lemon juice and 
grapefruit, ascorbic acid, vitamin B6, magnesium, and zinc, but restrict your calcium 
intake. Useful herbs are buchu, cornsilk, dandelion, and uva ursi; as diuretics, try 
juniper berries, elderberries, or peach leaves. Colonics with water low in minerals 
delay the need for dialysis. You need sufficiently high fluid intake to produce about 
one gallon of urine daily. Most effective in serious conditions is urine therapy (see 
Step 22). 


My favourite way to reactivate kidney function is drinking, slowly and at 
intervals, about three quarts (litres) of high-quality pure water (no chlorine or fluoride) 
before breakfast. To each quart, add up to a cup of fresh urine and, if available, the 
content of one capsule of Microhydrin or Microhydrin Plus. If already on dialysis, then 
use distilled or de-ionized water, but only with these additions, and increase the 
volume of drinking water gradually over successive days to match the output of urine. 
Instead of Microhydrin, you can also use strongly electrolytic reduced water (ERW). 
While the addition of Microhydrin or ERW is not essential, they provide strong 
antioxidant activity that helps to regenerate kidney function. 


Liver and Gallbladder Problems: Detoxify with the Basic Cleanse, then from 
time to time, possibly once a month, repeat the first part of it (see Step 4). Have three 
days on apples only; in the evening activate the liver with a castor-oil pack; at 
bedtime take half a cup of olive oil with lecithin and possibly orange juice, and next 
morning a glass of warm water with a tablespoon of Epsom salt. This helps remove 
gallstones and cholesterol deposits from the liver and gallbladder. 


Minimize your exposure to chemicals and drugs and sanitize your intestines. 
Helpful nutrients are lecithin, milk thistle or silymarin, antioxidants, B-vitamins, 
especially B6, B12 if you’re low in energy, magnesium, selenium, and zinc. MSM or 
L-cysteine and L-methionine help to detoxify. Stimulate the liver with bitter teas; use 
half a cup after meals; or take capsules of centaury, dandelion, devil’s claw, gentian, 
goldenseal, or rosemary. Also do the herbal parasite cure. With hepatitis, use the 
therapy for viral infection in Infections and Inflammations above. 


With persistent problems, continue with the castor-oil liver packs. Also effective 
are reflexology, ear acupuncture, and acupuncture meridian therapy. Jaundice can 
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be caused by drugs and chemicals, liver infection, gall-duct blockage, and increased 
destruction of red blood cells (protect with high amounts of vitamin E), so try to 
discover the cause of the jaundice. Treat systemically with blue color therapy (see 
Step 17). 


Malabsorption: Malabsorption of food is frequently associated with chronic 
degenerative diseases, debility, and underweight or difficulty in gaining weight. This 
can result in floating, bulky, pale, and smelly stools and excessive wind. Common 
causes and solutions are as follows: 


e Gluten allergy: Avoid gluten. 


e Deficiency of gastric acid, pancreatin, bile, or sodium bicarbonate: Take 
appropriate supplements, reduce fats, use extra-virgin olive oil instead, and 
improve the corresponding organs. 


e Inflammation of the intestinal tract: Individuals commonly have whitish inner irises 
as with gluten allergy; do intestinal sanitation (see Digestive Disorders). 


e Overgrowth of bacteria or fungi in the small intestine: Use isotonic garlic flush 
followed by acidophilus and bifido cultures. 


e High-fibre diet: Use white instead of brown rice. 


e Worms or other parasites: Do a three-day raw food diet; take teas of chamomile, 
sage, or vervain, pumpkinseeds, or pumpkinseed oil. Most effective is an herbal 
parasite cure with wormwood, cloves, and walnut. 


e Tapeworm: Use the herbal parasite cure; in addition, try a three-day water fast 
followed by castor oil. 


GENERAL RULES: Eat small meals of easily digestible foods, for example, bone 
broth, meat broth or juice, vegetable and grass juices, rye sourdough bread instead 
of yeast-baked bread. Add pollen, spirulina, or chlorella, and possibly amino acid and 
nucleic acid supplements if you are debilitated. Add lecithin to all meals. The amino 
acid glutamine helps to improve the intestinal wall. Chew all your food extremely 
carefully and keep it in the mouth as long as possible, paying attention to the 
developing flavours of each mouthful. Frequently rub the body with cod-liver or 
halibut-liver oil, extra-virgin olive oil, and vitamin E oil. Emulsify oils for intended use 
(especially extra-virgin olive oil and cod-liver oil) by shaking in a jar with lecithin and 
juice. 

Chew all suitable supplements and keep them under the tongue, such as 
freeze-dried liver, Royal Jelly, and halibut-liver oil; keep a hali-but-liver oil capsule in 
the mouth at bedtime. In this way, B12 can be absorbed in therapeutic quantities 
even if the usually necessary intrinsic factor is missing in the stomach. Most tablets 
can also be crushed, and capsules opened and mixed with meals. Use vitamin E in 
natural form as tablets, not as oil-filled capsules. In difficult situations, nutrients can 
be absorbed from grass juice enemas through the large intestine. 


Mucus Problems: These include most respiratory diseases, recurring colds, 
hay fever, coughs, sinusitis, running nose, throat infections, and many ear problems. 
However, there may also be a mucus covering in the small intestine, causing 
malabsorption and, the worst mucus-related disease, cystic fibrosis. Generally, 
pathological mucus results either from a -lactose/galactose overload or from irritated 
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mucous membranes. Such irritation may be due to food, such as gluten, or to food 
allergy or chemical sensitivity; it can result from persistent inhalation of irritants or 
from chronic microbial or parasitic infestations. Try to find and eliminate the cause. 


DIET: Fenugreek is good; minimize sweet and fatty food; fruit can be used 
according to your sensitivity; however, oranges frequently aggravate respiratory 
problems. The main mucus-forming foods are lactose (skim milk or whey powder); 
milk products in general according to their lactose content; beer; mainly wheat gluten, 
to a lesser extent also gluten in rye, oats, and barley; egg white; and moulds and 
fungi or any food to which you are allergic. Neutralize fruit acids with dolomite. 


Initially avoid all mucus-forming foods. After your mucus has cleared, introduce 
and observe the effect on your body of each of the mucus-forming foods or food 
groups separately for several weeks. Some foods are mucus forming even in small 
amounts while others can be tolerated up to a certain level. However, the mucus- 
forming potential of different foods may be cumulative. 


HERBS: For inflamed or infected mucous membranes, use goldenseal, 
marshmallow, sarsaparilla, slippery elm powder, thyme, and yarrow (strengthening). 
To expel mucus, use coltsfoot, horehound, lungwort, mullein, nettles, vervain, and 
violet; most recommended is horseradish. 


AROMATIC OILS: Inhale these for sinusitis: cinnamon, lemon, eucalyptus, 
lavender, pine, rosemary, or thyme. For inflammatory sinus and breathing problems: 
Inhale vapour of eucalyptus oil during the night (keep some in a flat container close 
to the bed). For sore throat, gargle with lemon, geranium, hyssop, sage, and thyme. 
As an internal antiseptic, use diluted tea tree oil. Add a few drops to a small jar or 
bottle half filled with water, shake vigorously for a few seconds, and then try a drop 
on the tongue. If this is not irritating or unpleasant, you can ingest the rest. Do not 
use other aromatic oils internally without competent advice that it is appropriate to do 
SO. 


ADDITIONAL THERAPIES: For nose and sinus problems or hay fever, frequently 
draw seawater, diluted with about three parts warm water, through the nostrils, one at 
a time, and spit the water out. If seawater is not available, dissolve a level teaspoon 
of sea salt in a pint of water; you can also add a small amount of Epsom salt. For 
acute conditions, sniff up a tea of the indicated herbs, preferably adding propolis 
solution; place castor-oil packs over the sinuses. Do head and neck exercises such 
as this one for clearing mucus from head spaces (e.g., sinuses): Kneel with the head 
to the floor and make loud snoring and snorting noises at the back of the nose. Spit 
out mucus; continue for ten minutes. Have any mercury amalgam fillings or dead 
teeth removed. 


For throat problems, gargle with the indicated herb teas, adding propolis in the 
case of infections; place castor-oil packs and blue lighting on throat; for chronic 
conditions, have plenty of singing and vocal therapy. Generally, strengthen the 
intestines, and do colonics. Edgar Cayce recommended wearing a piece of carbon 
steel, preferably in the groin pocket, to improve the mucous membranes of the nose 
and throat and to resist colds and congestion. Use systemic lemon (yellow-green) 
color therapy to loosen and expel phlegm, and concentrate it on the chest and upper 
back. 
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THE SUGAR CURE: Keep a teaspoon of fine (Caster) sugar in the mouth until it is 
dissolved, then spit it out and take another teaspoonful. Continue with this at intervals 
for one or two hours and repeat on subsequent days or weeks as required. The 
sugar draws mucus dissolved in lymph fluid from the lymph glands and so gradually 
clears the head spaces. It can stop a cold within hours. 


NETI: This is a yoga method to rinse the sinuses. Use a coffee or teapot with a 
fine snout, a neti pot, or an enema bag filled with mildly warm and salty water. Bend 
over a sink with the head turned to the side, insert the enema hose or the snout of 
the pot into the upper nostril and let the water flow out. It will rinse out the sinuses 
and flow out from the lower nostril. After half the water is used up, turn the head and 
let the water flow into the other nostril. Finally, close one nostril at a time and strongly 
blow out air to expel any water remaining in the sinuses. Note: You can easily obtain 
neti pots from yoga and meditation supply sources in the U.S.; check the Internet. 


Multiple Sclerosis: DIET: Recommended are plenty of low-mercury seafood, 
broth of fish heads and bone broth, and possibly raw egg yolk (after allergy testing); 
sunflower kernels, almonds, and other oily seeds (best sprouted or as seed cheese); 
freshly ground linseed and possibly linseed oil; plenty of grass and vegetable juices 
as well as sprouted seeds (but no gluten grains). Try sprouted broad beans. Eat 
more vegetables that grow below than above the ground; eat raw vegetables often 
with added gelatine (broth of fish heads or bones). Sprout or soak lentils and beans 
before cooking; eat tomatoes, fresh fruits, cold-pressed sunflower oil, and cayenne. 


Test for allergies and follow your blood group diet. Try to obtain organically 
grown food and eat small meals. Sago, tapioca, taro, and arrowroot are fine, but 
minimize your intake of rice, millet, and maize and avoid saturated, hydrogenated, 
and animal fats; cow’s milk products; gluten products; egg white; smoked, cured, and 
processed meat; peanuts; sweet foods; tinned or frozen fruits and vegetables; salt; 
and food chemicals, especially colourings and aspartame. Use a strict low-fat diet. 


SUPPLEMENTS: High doses of all vitamins are good, especially C (10 to 20 g 
daily), E (2000 IU, daily, as tablets), B1, B6, nicotinamide, pantothenic acid, biotin, 
choline and inositol, and B12 (injections or sublingual), as well as grape seed extract. 
Take magnesium (best as chloride and orotate), zinc, copper salicylate, manganese, 
chromium, iodine, and selenium. Most important may be vitamin D from sunlight and 
fish oils, especially cod-liver oil; also try Calcium EAP 3 x 3 tablets. Take hydrochloric 
acid and digestive enzymes with proteins or a main meal; also take lecithin, kelp, 
MSM, freeze-dried liver, pollen, spirulina or chlorella, and evening primrose or borage 
oil (chew the capsules). The amino acid glycine (10 g four times daily) is useful, but 
not needed if you use a gelatinous broth of fish heads. 


HERBS: Especially strong with anti-inflammatory properties are goldenseal, 
slippery elm powder, and ginger, also devil's claw, ginseng, gotu kola, pau d’arco, 
and sage. Try suitable Bach Flower Remedies; do the herbal parasite therapy and 
follow protocols in Intestinal Sanitation (see Step 3). 


ADDITIONAL THERAPIES: Try a strong antimicrobial therapy with electronic 
zapper, magnetic pulser, colloidal silver, and oxygen therapy. Also useful are spinal 
massage, tapping, and adjustment; deep muscle massage; frequent castor-oil packs 
on abdomen and lower back. Improve the liver, gallbladder, kidneys, and endocrine 
glands; press the foot reflex for the pineal gland. 
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Get frequent rest periods, avoid stress, have frequent mild sunshine on your 
skin. Remove any dead teeth; replace mercury amalgam fillings; guard against 
inorganic copper and lead intake (for example, canned food, water pipes, and car- 
exhaust fumes). Have frequent muscle tensing with deep breathing; do mind-body 
exercises; do lemon color therapy, visualization, and autosuggestion; release 
resentments; meditate on the feeling of love and being forceful (see Step 61). 


Myasthenia Gravis: DIET: Try a low-allergy diet, select food according to your 
blood group diet, and include some beef as stew, broth, or juice, or liver. Follow a 
diet low in sweet foods, fats, and polyunsaturated oils; use mainly extra-virgin olive 
oil; mainly below-ground vegetables, especially red beets, and salads with gelatine 
(broth of fish heads). Have allergy testing for foods; use no egg white; raw egg yolk, 
sprouted seeds, and grass juice are acceptable. 


SUPPLEMENTS: Recommended are high doses of all vitamins, with 2000 IU 
vitamin E tablets, folic acid, rutin, and vitamin B12 injections. Most important is 
manganese; initially take 20 mg of chelated manganese with each meal, then reduce 
after improvement. Also take zinc, selenium, calcium ascorbate (5 to 10 g), and 
calcium orotate (800 mg); magnesium supplements may be weakening. Also helpful 
are thymus extract, octacosanol, lecithin, digestive enzymes (pancreatin) or green 
papaya, glycine or gelatine, and acidophilus and bifido cultures. 


HERBS: For muscle strengthening, use Agrimony, juniper berries, and rosemary; 
also use devil's claw and tonifying herbs such as ginseng; do the herbal parasite 
cure. 


ADDITIONAL THERAPIES: Concentrate on the thymus gland, try cabbage leaf and 
castor-oil packs; tap the top of the breastbone with your fingers (see thymus under 
Infections and Inflammations). Tape a tablet of chelated manganese in the hollow at 
the top of the breastbone. Do spinal tapping, especially at the base of the neck (C7 
and D1). Remove dead teeth and replace mercury amalgam fillings. 


Place castor-oil packs over the liver and abdomen, and over the eyes (from ear 
to ear) in cases of eye weakness. Practice intestinal sanitation, massage, frequent 
muscle tensing with deep breathing, mind-body exercises, and autosuggestion and 
visualization methods; meditate on being calm but forceful. Have frequent rest 
periods, avoid stress, keep cool, take no hot baths or hot showers, and eat no hot 
foods. Practice yellow color therapy systemically; use the electronic zapper, colloidal 
silver, and oxygen therapy. 


Obesity and Overweight: The main cause of excessive weight is a diet low in 
fat and high in processed carbohydrates, particular sweeteners, and cereal or grain 
products. Avoid these and experiment with the following approaches. 


e Have an appetite-reducing protein drink, cold or warm, 30 minutes before meals, 
with any combination of the following ingredients and in any amount that suits 
you: spirulina or chlorella powder, green barley or wheat grass powder, food 
yeast, ground linseed, linseed oil or olive oil. You can also drink this repeatedly 
during the day to keep hunger away for hours. 


e Thirty minutes before meals stir one teaspoon of psyllium hulls in a glass of 
water, drink immediately. If still too hungry at mealtime, double the amount to two 
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teaspoons in a large glass of water. Drink some more water afterwards. Psyllium 
swells up to 40 times its dry bulk to fill the stomach with a soft gel. 


e Eat only lentils, green vegetables, and sprouted seeds. Vegetarians can also 
experiment with combinations of different non-gluten whole grains and legumes. 


e Adopt a mono-diet: One day eat protein foods only, the next day fruits, and the 
third day sprouted seeds and vegetable salads. Repeat this as often as required. 


e Temporarily adopt a raw food diet (see Step 34). 


e For two weeks, eat only protein/fat foods and green vegetables; ground linseed is 
a good protein/fat food. 


e Repeat periods of consuming vegetable and grass juices and vegetable salads. 


e Avoid all sweet food, as it stimulates the appetite and the synthesis of fat. In 
particular, keep fructose-containing foods away from starchy foods, and eat fresh 
fruits separately. The alternative sweeteners stevia and xylitol are acceptable; 
however if you have cravings for sweetness, it is preferable to overcome this by 
avoiding all sweeteners for some time. 


e Avoid all cereal or grain products, especially if your blood group is O. 


e Use a diet high in unheated fats and cold-pressed oils such as extra-virgin olive 
oil, linseed oil (or ground linseed), fish oils, and coconut oil; these do not normally 
cause weight gain. Avoid all heated fats and oils. 


e Preferably skip the evening meal or have only a small salad or an apple. 


e Get light daily exercise, such as a brisk 15-minute walk or jogging, or use a 
rebounder or other aerobic exercise. The metabolic rate is speeded up for a long 
time after exercise. 


e Use a low-allergy diet combined with your blood group diet. 


e Use mind therapy such as guided imagery and affirmation; look at your belief 
systems, release negative emotions, and express your emotional needs. Use the 
Emotional Freedom Technique in Step 63 to overcome food cravings. 


e Eat very slowly and peacefully; chew every mouthful for about two minutes, until 
the food is liquefied; savour the food flavours as they develop during chewing. 


Osteoporosis: Use allergy testing and a diet low in sucrose, acidity and 
phosphorus. Select foods with a high calcium-to-phosphorus ratio. Alkalize the body 
if overacid and neutralize fruit acids or vinegar with dolomite. Take a hydrochloric 
acid supplement if your fingernails are soft or if you have other indications of gastric 
acid deficiency. Frequently add broth of bones or fish heads to your meals; regularly 
drink grass and vegetable juices. The most important vitamins and minerals are 
vitamins C and D (cod-liver oil or halibut-oil capsules), manganese, zinc, calcium, 
magnesium, and boron. It’s helpful to know that 50 mg of borax contain 6 mg of 
boron; to measure this amount, dissolve one level teaspoon of borax in one quart 
(litre) of water and take a teaspoon twice daily with meals. Frequently expose your 
skin to mild sunlight without using sunscreen. Also, vitamin K is important and 
available from dark-green vegetables. 
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Pain: Pain is a warning signal indicating that something is wrong. Therefore it 
is most important to search for and correct the basic cause. The following measures 
are secondary to this. (See Arthritis or Infections and Inflammations if the pain is due 
to these conditions.) 


DIET: Use a low-allergy or hypoglycaemia diet with light meals, plenty of raw 
vegetables and their juices, and omega-3 fatty acids, and have cleansing periods. 
Avoid sweet foods and dairy products (lactose); avoid or neutralize acids; do allergy 
testing. Pain tends to lessen or disappear while on a raw food diet; introduction of 
some cooked foods may increase pain again 


SUPPLEMENTS: Generally, a high calcium-magnesium level and increased blood 
alkalinity raise the pain threshold (the level at which pain is felt; this means you feel 
less pain), while acids, phosphorus, and potassium lower it. Therefore, alkalize the 
body. You can add some additional baking soda to acids neutralized with dolomite to 
bring the pH of the solution to 7. Vitamins A, B1, B6, C, and E can be helpful. Vitamin 
B12 injections work for nerve pains, as do manganese, MSM, and zinc. 
D,L-phenylalanine slows the breakdown of natural pain-relieving opiates in the brain 
and improves other pain-relieving measures. It is slow acting and used for long-term 
pain control. Topically apply propolis, cayenne ointment, and oils of clove or 
wintergreen. Take white willow bark, cloves, wintergreen, pansy, or feverfew for 
headaches. 


ADDITIONAL THERAPIES: With cancer, migraines, and other diseases, pain and 
discomfort are often the result of liver congestion. This is usually relieved by a coffee 
enema and other measures to cleanse the liver. Improve the lymph circulation in a 
painful area; see Part 1 for details. 


Topically place the south pole of a magnet on the pain site and/or apply blue 
lighting on the painful area, along with cold or ice packs. Also make a pack of honey, 
cabbage leaves, or Epsom salt; add a handful of sodium bicarbonate to the bath 
water to alkalize the body. Practice rhythmic breathing, meditation and relaxation 
exercises, visualizing blue energy extinguishing the “red fireball” of pain. Concentrate 
on feeling the pain, its strength, extent, rhythm, and other characteristics. If you pay 
enough attention to your pain for a long period, it may simply disappear. Also ask the 
pain what message it has for you. Try to sense its message. 


Try this form of energy healing: Firmly but without pressure touch the flesh in 
the indicated places with the tips of the thumb and the first two fingers of the right 
hand. Hold for about three minutes or until the patient (or you) feels tingling in the 
fingertips. Concentrate your mind on the painful body area with the intention of 
relieving the condition. Here are a few variations: 


e For pain in head or neck, hold fingertips just behind and beneath the left ear on a 
line with the mouth. 


e For pains in chest, arms, or upper back, hold fingertips to the base of the neck on 
the left side of the spine. 


e For pain in abdomen, back, sides, or hips, put fingertips to the left side of the 
spine between shoulder blades. 


e For pain in legs or feet, hold the left side near the centre of the spine. 
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Parasites: Parasite infestations combine with fungi, such as Candida, to 
greatly undermine your long-term health. Examples of common parasites are 
intestinal worms and protozoa (malaria and Giardia). Most of these parasites can be 
eliminated with wormwood (Artemesia absinthium), which is best combined with 
other herbs; wormwood also appears to be effective against Candida. 


Here’s how: For several weeks take up to one teaspoon of powdered 
wormwood once daily in juice before a meal. You may combine this with up to a 
quarter-teaspoon of ground cloves and chopped garlic. If any of these ingredients is 
too unpleasant to take, you can put it into one or more large gelatine capsules. Take 
a course of acidophilus and bifido cultures after finishing the course of parasite 
remedies. As a precaution, you can repeat a course of parasite remedies once or 
twice a year. 


In animal husbandry, high copper levels are successful in eliminating parasites 
and keeping animals free of parasites. While animals seem to be able to handle 
copper sulphate as part of a mineral supplement, this is not suitable for humans, and 
| recommend using either copper salicylate or colloidal copper. During any parasite 
or Candida cure, maintain a high intake of liquids to flush out toxic residues. In 
addition to copper and herbal remedies, use an electronic blood purifier and possibly 
a magnetic pulser on any swollen or infected lymph glands and organs. 


Parkinson’s Disease: DIET: Useful here are seafood, raw egg yolk, lactic-acid- 
fermented food, purple food, sprouted seeds, raw vegetables (finely grated, often 
with gelatine) such as green beans, carrots, beet root and beet tops, cabbage, green 
peas (fresh, not canned or frozen), and spinach. If vegetables are cooked, use the 
cooking water. Preferably take fresh vegetable and grass juices before meals; have 
frequent interior cleanses on such juice, possibly also on fruits. Use food appropriate 
for your blood group and metabolic type. 


Sprouted broad beans are very high in levodopa, the precursor of the 
neurotransmitter dopamine, lacking in people with Parkinson’s. Try five to 15 
sprouted beans with breakfast, and use raw or blended in juice; if cooked, also ingest 
the cooking water. Black currants also contain levodopa. Do allergy testing and 
intestinal cleansing; use organically grown foods if possible; avoid food additives, 
including preservatives, flavouring (excitotoxins), colouring, and aspartame. Avoid 
exposure to aluminium and heavy metals, especially lead, mercury, and iron. 


SUPPLEMENTS: Take high doses of all vitamins, especially antioxidants and B1, 
B6 (but not with levodopa or sprouted broad beans), B12 injections, and natural E 
(1000 IU daily as tablets), and the minerals selenium, zinc, and chromium; also try 
copper salicylate. Take vitamin C as 5 to 10 g of ascorbic acid per day, partly 
neutralized with magnesium oxide or carbonate; take sufficient additional magnesium 
as chloride and orotate to stop any shaking and help relax muscles. Take digestive 
enzymes, pycnogenol or grape seed extract, lecithin, fish oil and ground linseed, 
evening primrose oil, kelp, MSM, royal jelly, and glutamine. Try tyrosine before 
breakfast and tryptophan before the evening meal. For herbs, try a combination of 
foti-tieng, gotu kola, licorice (but not with high blood pressure), pau d’arco, sage, and 
skullcap. 


ADDITIONAL THERAPIES: Cleansing and strengthening of all organs and glands 
with all the methods described in this book are advised. Spinal tapping, spinal 
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corrections, rejuvenation exercises, tensing and breathing exercises, and body-mind 
exercises are also helpful. Try regression to discover and release hidden fear. 
Imagine reacting appropriately in situations of panic; use emotional-release and 
mind-control methods. Improve and balance energy flows in acupuncture meridians, 
especially those of the stomach, gallbladder, and bladder and the governing 
meridian, by having an acupuncture treatment. Do intentional exaggerated shaking 
exercises with vigorous breathing. Remove dead teeth and replace mercury 
amalgam fillings. 


Before breakfast have strong coffee and tyrosine; with breakfast have bee 
pollen, spirulina or chlorella, ground linseed, sprouted broad beans, ginkgo biloba, 
ginseng, and other stimulating measures; reintroduce levodopa drugs as late as 
possible in the day. If levodopa has become ineffective, have a “drug holiday” - stop 
using it for one or more weeks. Try breathing additional oxygen during this time (e.g., 
from an oxygen concentrator); however, additional oxygen is harmful while you’re on 
levodopa. See the Love Cure (Step 61) and learn to meditate and energize the brain. 


Prostate Problems: DIET: Advisable here is a mainly raw food diet based on 
sprouted legumes, vegetable salads, fresh fruit, and plenty of fresh vegetable and 
grass juice. Also good are raw egg yolk, tomatoes, seeds of sunflower and pumpkin 
(best as seed cheese), foods high in bioflavonoids and carotenoids, and purple 
foods. Have allergy testing and practice intestinal sanitation. Avoid gluten and milk 
proteins. 


SUPPLEMENTS: Take Vitamins A (halibut-liver oil capsules and cod-liver oil), E 
(preferably including gamma tocopherol), C, and B6; magnesium (1000 mg daily) 
best as magnesium chloride and magnesium ascorbate, selenium, zinc (30 to 50 mg 
in divided doses), bioflavo-noids, quercetin, kelp, protein-digesting enzymes, 
spirulina, and bee pollen. Try Epilobium parviflorum (small-leafed willow), saw 
palmetto, Pygeum africanum, and stinging -nettle/nettle extract. 


ADDITIONAL THERAPIES: Useful are yoga exercises; frequent long walks, and 
mild sun exposure; sitting on south pole of a strong magnet. Try also: reflexology of 
prostate points on hands and feet, tapping of lower spine, and -castor-oil and Epsom 
salt packs on the lower abdomen and lower spine. Have satisfying sexual activity or 
be satisfied with having no activity; see also Step 56: Healthy Sexuality. 


Schizophrenia: Many people classified as having a mental disease are 
actually emotionally unstable and open to psychic influences (extrasensory 
perception) and, most of all, need guidance and grounding. Sometimes 
schizophrenic symptoms disappear during water fasts. For all types of schizophrenia, 
follow a fast with allergy testing, a low-allergy diet, and intestinal sanitation. If allergy 
testing is not possible, adopt a low-allergy diet that excludes all gluten and cow’s milk 
protein. 


From a biochemical point of view, we can distinguish between three different 
types of schizophrenics: The low-histamine type are slow oxidizers, also called 
histapenics; the high-histamine type are fast oxidizers, also called histadelics; and 
there are balanced oxidizers with normal histamine levels. In addition, each of these 
may at times display symptoms of overactivity or underactivity. If in doubt about the 
histamine status, under supervision of a qualified health practitioner, take (or give) 50 
mg of niacin with water on an empty stomach. If a strong facial flush develops, 
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histamine levels are high; if there is no or only a weak flush, levels are probably 
normal or low. Then try 250 mg of niacin in the same way; if there is still no or only a 
weak flush, histamine levels are low. 


The Low-Histamine Type: The low-histamine type is the “typical” 
schizophrenic, insensitive to pain and outside influences; infections and_ skin 
reactions are rare; calcium levels are high; pH tends towards the alkaline side. 
Sometimes a cerebral allergy is present, causing a rapid pulse (90-100); thought 
processes are often overactive. 


DIET: Adopt mainly a vegetarian raw food diet reasonably high in protein. 
Frequently use seed cheese and protein drink as described in the recipes in Part 4; 
use seafood, fish oils, linseed oil, ground linseed, and acid fruit, but avoid gluten and 
milk products. Take a long, supervised fast on fresh grass and vegetable juices. 


SUPPLEMENTS: Try high-potency B-complex vitamins, high dose folic acid with 
each meal, inositol, and vitamin B12 (as injections or absorbed under the tongue). 
Also take up to several grams of niacin and niacinamide daily; up to 10 g daily of 
ascorbic acid, partly neutralized with magnesium in divided doses; additional 
magnesium chloride, manganese, and zinc; high-dosage evening primrose oil and 
lecithin, glutamine, histidine, and tryptophan; hydrochloric acid and digestive 
enzymes (pancreatin) with main meals; Bach Flower Remedies per your emotional 
conditions. 


ADDITIONAL THERAPIES: Use blue lighting during overactive periods; at other 
times try orange or red. Induce the inflammation response: for example, blistering 
agents and overheating baths followed by sweating. Use plenty of acid fruit, such as 
citrus fruit. 


The High-Histamine Type: The high--histamine schizophrenic exhibits a 
hypoglycaemic personality and is very susceptible to allergic reactions. The main 
symptoms include suicidal depression, obsessive rumination, blank-mindedness, 
periods of over-arousal and thought disorders, frequent headaches, and dizziness; 
blood pressure tends to be low and the pH too acid; skin is sensitive and may show 
dilated blood vessels (rosy cheeks). 


Recommended is a strict hypoglycaemia diet that minimizes sweet and acid 
food intake. Have high doses of all vitamins and minerals; acid-neutralized dolomite 
or additional calcium, and calcium ascorbate. Copper may be beneficial, but best 
taken as salicylate. Also helpful are vitamin-B12 injections, nicotinamide (up to 10 g 
daily, no niacin), L-methionine, glutamine, folic acid, and lecithin. Alkalize the body 
(see Step 6). For chronic depression, use tryptophan or tyrosine; if one supplement 
does not help, try the other. 


Stress-Induced Schizophrenia: People with stress-induced schizophrenia 
tend to have a better insight into their condition and a better response to treatment. In 
addition to the classic symptoms of schizophrenia, in this form there are signs of zinc 
and vitamin-B6 deficiency; also white spots on fingernails, loss of dream memory, 
sweetish breath odour, stretch marks, inability to tan and sensitivity to sunlight, 
sometimes pain in the upper left abdomen, possibly tremors, spasms, amnesia, 
impotence, menstrual irregularity, and anemia. 
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Usually a hypoglycaemia diet is helpful, along with vitamin B6 (up to 3 g daily in 
divided doses), zinc (10 mg) with each meal, vitamin-B12 injections, high intake of 
neutralized dolomite, additional magnesium, other vitamins and minerals as for the 
high--histamine type, and Bach Flower Remedies, as appropriate. 


GENERAL RECOMMENDATIONS FOR ALL TYPES: Live with a caring group in a 
peaceful, natural environment; try regression therapy and emotional release therapy 
(see Step 63). Avoid heavy-metal contamination; sanitize your teeth; apply violet 
color therapy systemically; treat for parasites and Candida; use St. John’s Wort as an 
herbal tincture during depression. 


Scleroderma: Antimicrobial therapy including colloidal silver and oxygen 
therapy are recommended, as is the herbal parasite cure with use of the electronic 
zapper and magnetic pulser. Make external applications to affected skin areas as 
rubs, packs, or immersions using tea tree oil, aloe vera gel, magnesium chloride, a 
solution of copper salicylate with MSM, and blue light. To eliminate the microbes 
causing the condition, keep the affected part in contact with tea tree oil until the skin 
becomes red, inflamed, and painful; then stop tea tree oil and expose it to blue light, 
copper salicylate, and other sedating or anti-inflammatory measures. Internal 
remedies include all antioxidants, bioflavonoids, copper salicylate, echinacea, 
magnesium chloride, pau d’arco, propolis, wormwood, and zinc. Also advised are the 
Basic Cleanse, allergy testing, and intestinal sanitation. 


Skin Problems: The three main causes of skin problems are accumulation of 
wastes and toxins, unrelieved allergies, and a deficiency of essential nutrients. 


DIET: Use the hypoglycaemia diet, with freshly ground linseed, fish oils, apricot 
oil, almond oil, almonds, sunflower kernels, raw egg yolk (sulphur), raw cabbage, 
horseradish, sprouted seeds, grass and vegetable juice, raw onions, and broth of fish 
heads. Avoid saturated fats, margarine, peanut butter, all hydrogenated and fried 
foods, dairy products, gluten, and sweet foods. Do the Basic Cleanse, have allergy 
testing, and maintain intestinal sanitation. 


SUPPLEMENTS: Take vitamins A, C, and E (up to 2000 mg daily, as tablets), also 
B2, B6, B12, PABA, bioflavonoids, biotin, glucosamine, hydrochloric acid (if 
fingernails are soft), and one spoonful of lecithin with meals. Tyrosine and kelp or 
iodine help as skin activators: They are cleansing, but may cause temporary 
aggravation of symptoms, especially with acne. Take increased dosages of 
magnesium, evening primrose oil (especially in the case of psoriasis), zinc, 
manganese, sulphur (best as MSM), selenium, silicon as in horsetail, digestive 
enzymes, and gelatine (broth of fish heads), especially for psoriasis. 


HERBS: For internal and external use: aloe vera, burdock (for psoriasis), 
calendula, chaparral, echinacea, goldenseal, horsetail, pau d’arco, sarsaparilla, 
sassafras, St. John’s Wort, and vervain. 


ADDITIONAL THERAPIES: If B-vitamin deficiencies are suspected, use a paste of 
food yeast or bran on affected skin parts; concentrated B vitamins, especially B2 and 
B6, can be added to this as well. Have frequent cleansing periods; regulate bowel 
movements; use colonics. Drink plenty of water and green vegetable juices; use hot 
and cold showers; do skin brushing to activate the skin, but not on the affected areas. 
Include sweating after hot Epsom salt bath. 
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Stimulate the kidneys, lungs, circulation, small intestine (especially for 
psoriasis), liver, gallbladder, and endocrine glands, especially the thyroid; do lymph- 
drainage massage. Use only a minimum (infrequently) of an old-fashioned brand of 
soap, based on olive or almond oil, preferably neutralized (most soaps are too 
alkaline). Avoid detergents and cosmetics. Apply yellow light and measured amounts 
of sunshine on affected skin parts; this is especially helpful for acne. Have frequent 
skin massage with peanut oil, almond oil, apricot oil, and cod-liver oil (in case of 
malabsorption), preferably with added vitamin E. Cod-liver oil rubs (with vitamin E) 
are especially helpful with dry, damaged, or inflamed skin, malabsorption, moles, 
warts, skin cancer, sunburn, and psoriasis. 


Rashes are usually caused by allergies, so use allergy testing. Chronic skin 
diseases, for example psoriasis, are often improved by inducing vomiting, which 
relaxes the digestive organs and stimulates the solar plexus. Accept your skin 
problems as a beneficial cleansing, removing harmful energies and impurities from 
inside. Send love to your skin blemishes and they are more likely to go away. 
Rejuvenate your skin by frequently bathing it in imaginary rose-colored energy. 


Dry skin: Especially if you have difficulty gaining weight, check for fat 
malabsorption, which is often due to gluten allergy; stools may be pale or clay- 
coloured. For dry skin, frequently rub it with extra-virgin olive oil and added vitamin E 
and A. Take linseed oil or fish oils internally; with malabsorption, also apply it 
externally. 


Oily skin: Use a pack of brewer's yeast (also called nutritional yeast) and bran, 
applied to the skin. 


Acne: A mixture of equal parts of camphorated oil, witch hazel, and vitamin E 
oil can be rubbed into pustular areas. For severe conditions, a 0.05 percent solution 
of vitamin A acid (retinoic acid) can be applied for about six weeks under professional 
supervision. It frequently causes redness and irritation at the beginning of the 
treatment. 


Ulcers and skin infections: Wash the area with warm diluted magnesium 
chloride or an Epsom salt solution and apply any of the following, alone or mixed with 
others: propolis as cream or solution, copper salicylate, garlic, or fresh cabbage-leaf 
or fresh green-vegetable juice. Aloe vera gel is excellent for sealing a wound; cover 
with unheated honey, mix with a few drops of hydrogen peroxide, and renew twice 
daily. When there is dead, proud flesh (granulation) and gangrene, apply protein- 
digesting enzymes (trypsin, pancreatin), but especially the inside of green papaya 
skin, white sap, juice of raw leaves, or urea (see also Step 22: Urine and Urea 
Therapy). 


Boils: To draw, cover with a mixture of honey and cod-liver oil; once they are 
broken, treat as for ulcers. Internal cleansing is the main therapy for this problem. 


Wet eczema: This is best kept dry, either exposed to air and sunshine or 
covered with a powder of slippery elm. For healing, after infections have cleared, 
apply vitamin E, fresh green juice or fresh leaves, especially cabbage. 


Scar tissue: To remove, frequently rub with camphorated oil, MSM solution, 
and vitamin E. In addition, scars can be treated with neural therapy. An anaesthetic 
(Xylocain) is injected into scar tissues that are thought to induce electrical 
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interference fields in other areas of the body. Sometimes a health problem of long 
standing disappears instantaneously after an injection. Alternatively, you can prick 
the scar with a fine needle to release the tissue tension in the area. Prick long scars 
in several places and leave a needle inserted for ten to 20 minutes about 2 mm deep 
at each end of the scar. Before and after any needling, apply a suitable antiseptic to 
the skin, such as tea tree oil. 


Fungal infections of the skin: Use a concentrated magnesium chloride or 
propolis solution, tea tree oil, or other fungicidal herbs and oils. Most effective is a 
long-lasting pack of any of these fungicides; if one does not work, try another. With 
any skin-fungus problem, also use internal Candida therapy. 


Itchy skin: Apply a solution of baking soda or, alternatively, extracts of borage, 
buckthorn bark, juniper berries, chickweed, marjoram, pennyroyal, plantain, poke 
root, or witch hazel; also bathe the skin with oatmeal (cooked or soaked) or baking 
soda. Use blue color therapy; treat the liver and gallbladder if skin is jaundiced. Take 
a hot Epsom salt bath; rub skin with tea tree oil or witch hazel; alkalize the body; 
consume no sweets or acids; test for allergies. 


Warts and moles: To remove, gently rub on cod-liver oil or castor oil mornings 
and evenings. For stronger action, apply baking soda moistened with castor oil to the 
consistency of putty; leave overnight; repeat until it becomes sore. Then apply 
vitamin E oil, green juice, or honey for several days before continuing with castor oil. 
Be careful and gentle with moles. If a mole appears to turn malignant, cover with raw, 
crushed garlic, changing two or three times per day. When it becomes sore after 
several days, cover with honey instead for five days. Alternate between garlic and 
honey periods as long as required. 


Basically, moles indicate that the systems of elimination are not functioning 
well. A protruding mole may also be removed by tying a hair tightly around it, then 
every two or three days adding another hair tying it a fraction tighter. Active moles 
can also be removed with an escharotics cream. 


Skin cancer: If skin cancer is suspected, apply the milky juice from the stem of 
radiation weed, radium-weed, or milkweed (spurge, euphorbia, petty spurge). Repeat 
application as required; a strong skin reaction may result, followed by healing. Use 
this approach also for warts, moles, blemishes, and so on. For serious conditions, 
including melanoma and tumours close to the skin, escharotic creams based on zinc 
chloride and the herb bloodroot are available (see: www.altcancer.com or 
www.cancersalves.com ). On inflamed areas and skin cancer, you can also use the 
south pole of a magnet and blue lighting. 


Skin rejuvenation: Frequently and vigorously rub the skin with some or all of 
the following ingredients, dissolved in aloe vera gel or energized water: vitamin C 
powder, magnesium chloride, glucosamine, copper salicylate, Microhydrin, and 
MSM. The amounts of individual ingredients are not critical. Afterwards you can 
cover the area lightly with natural vitamin E oil, possibly with added vitamin A. At 
other times, you can make a facial mask with fresh residue from juicing vegetables or 
grass; moisten with some juice as required to make it stick. 


GENERAL RULES FOR COLOR THERAPY FOR SKIN PROBLEMS: Initial treatment is 
with green; subsequent treatments for dry or scaly skin problems with lemon; for 
obstinate cases, use also yellow or orange. When scales drop and inner skin surface 
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appears, treat with turquoise, as for moist or weeping skin disorders. For red, angry 
skin problems, use blue or indigo; for abscesses, boils, carbuncles, and furuncles, 
use systemic lemon and locally orange. When suppuration and throbbing begin, use 
yellow until the problem bursts open; then green until pus drains and a red cavity is 
left; finally, use turquoise and indigo. For acne and especially psoriasis, cover the 
area with blue cellophane (double layer) and expose to sunlight or ultraviolet light. 


Thyroid Problems: For an indication of your thyroid function, measure your 
temperature before getting up in the morning. Measure it in the armpit or under the 
tongue for three consecutive mornings. For women before menopause, measure in 
the first half of the cycle before ovulation in the first week after the start of a new 
period. The temperature should be 97.8° F (36.5° C) or higher; otherwise, the thyroid 
is likely to be underactive. However, be sure that you do not have a raised 
temperature due to an infection. 


If the thyroid is underactive, try the following measures: Take a supplement of 
the amino acid tyrosine, 500 mg three times daily before meals. Best take it together 
with a kelp or seaweed tablet as a source of iodine. Also helpful are freeze-dried 
thyroid and vitamin B complex. Selenium is needed to activate the thyroid hormone. 
The most helpful remedy for normalizing thyroid functions is maca, a Peruvian 
tuberous root, similar to wild yam but more effective. For sources, check the Internet. 


Other useful measures are pressing the thyroid foot reflexes (see Step 15), 
using the magnetic pulser on the thyroid gland (see Step 19), and sanitizing your 
teeth (see Step 8). The main causes of thyroid problems, except for iodine 
deficiency, are dead teeth (e.g., root-canalled teeth), jawbone infections, and 
mercury from amalgam fillings; these can also cause overactive or toxic thyroid 
conditions and need to be corrected. For autoimmune disease of the thyroid, see 
Autoimmune Diseases. 


Vaccination Damage: Despite the refusal of the conventional health 
establishment to investigate the long-term effects of childhood vaccinations, 
independent research reports have increasingly been made public. These link 
vaccination rates to the epidemic of childhood asthma, as well as to crib death, 
shaken baby syndrome, hyperactivity, attention deficit disorder, autism, and juvenile 
diabetes. Since the 1990’s, there has been a tenfold or 1000 percent increase in 
autism, an increase which has been linked by some researchers to the organic 
mercury preservative commonly found in baby-vaccines. 


A greatly increased incidence of juvenile diabetes has been correlated to 
specific vaccination sequences and to the number of vaccines given. In some 
Australian Aboriginal communities, every second child died shortly after vaccination. 
Also, the original explosive spread of AIDS across Africa correlates with a smallpox 
vaccination campaign there. Basically, most components of most vaccines are highly 
toxic, and these are introduced by an unbiological route directly into the bloodstream 
of babies, whose immune systems are immature. 


While the dangers of vaccinations are greatly understated by most health 
authorities, the advertised benefits are greatly exaggerated. For instance, incidence 
of the four leading childhood killer diseases - diphtheria, pertussis, scarlet fever, and 
measles - had already declined 90 to 97 percent before the introduction of vaccines, 
due to improved sanitation and hygiene.*° 
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Another controversy concerns the “shaken baby syndrome.” Independent 
researchers claim that vaccinations can cause spot bleeding in the brain and retina 
that resembles the injury caused by violently shaking a baby.*© Paralleling the 
increase in vaccinations, there is now an epidemic in shaken baby syndrome. A 
recent article in New Scientist cites a member of the U.S. child protection service as 
saying that there are three million abused children each year,°’ and if it becomes 
known that other conditions cause shaken baby syndrome (including the rare blood 
disease hemophagocytic lymphohistiocytosis), then some child abusers might remain 
unpunished. | believe that for thousands of years most parents have on occasion 
lightly shaken their children without causing any harm, and only now does it cause 
serious brain damage. There may be countless innocent parents in jail, and it would 
be appropriate for health authorities to investigate the possibility that some vaccines 
may cause capillary fragility in some babies. 


The only complete protection against vaccination damage is strict avoidance of 
this procedure. Every state in the U.S. has a religious exemption clause; you can 
write a letter to exempt your child; for more details, see www.mercola.com, and go to 
the article page on vaccinations. If you cannot avoid vaccinations for your child, then 
give high doses of protective nutrients for several days before and several weeks 
after the event, in particular vitamin C and MSM, to aid in rapid detoxification. 


Wounds and Burns: DIET: Have a diet high in easily digestible proteins (such 
as a protein drink - see the recipes in Part 4), fresh green-vegetable juices, foods 
high in arginine (such as almonds and sunflower seeds, best as seed cheese), and 
lentils. 


SUPPLEMENTS: Take high doses of vitamins C, A, B1, and E, bioflavonoids, 
manganese, MSM, zinc, glucosamine, copper salicylate, -protein-digesting enzymes, 
and comfrey root. Use homeopathic Arnica and/or Bach Rescue Remedy, internally 
and topically; also burdock, chamomile, comfrey, echinacea, and yarrow, as teas and 
topically. 


ADDITIONAL THERAPIES: Cool burns with ice; spray wounds and burns with a 
one-percent ascorbic acid and propolis solution; alternatively, apply weak tannic acid. 
After drying the site, apply vitamin E oil and cover with aloe vera gel, honey of a 
heavy consistency, or ointments containing propolis, vitamin E, and zinc oxide. The 
principle is to seal the wound or burn airtight with an antiseptic preparation until it is 
healed. Therefore, reapply the gel or ointment to maintain an airtight seal; renew the 
honey twice daily; mix a few drops of hydrogen peroxide with the honey. If the wound 
needs washing or cleaning, a magnesium chloride solution is best. Later, apply 
camphorated oil and vitamin E oil to prevent scarring. As an alternative, wounds can 
be covered with crushed fresh green leaves (cabbage, juicy grass pulp). Place the 
south pole of a magnet on fresh wounds; later, opposite poles on both sides; and 
finally, north pole. Use green color therapy topically; turquoise if there are signs of 
infection or inflammation; later lemon or yellow. 


PRESSURE THERAPY: Immediately after the injury, exert strong pressure with the 
thumb on any cut for at least seven minutes. Partially severed parts can be pressed 
and held together with hand pressure or firm bandages; this usually stops bleeding 
and accelerates healing. 
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Step 45 
DEFICIENCY SYMPTOMS 


Check out this list of deficiency symptoms to see if you are 
lacking in key nutrients - and start replacing them. 


Eye, hair, nail, mouth, and skin symptoms are among the early outward 
warning signs of vitamin and mineral deficiencies. The following compilations can 
help you in diagnosing and treating these deficiencies. However, increased metabolic 
requirements for indicated deficiencies may persist for a long time after the outward 
symptoms have disappeared. Many listed symptoms can also be caused or 
aggravated by allergies and problems with the blood sugar and fat metabolism. Study 
tables 6-1 to 6-4. 


The right-hand column gives the primary deficiencies first; additional treatment 
or the cause is given in parentheses. For each condition, only the more prominent 
nutrients are mentioned. However, all the typical nutrients should be supplied in 
increased amounts in the treatment of all conditions. Most skin conditions benefit 
from external as well as internal application of the indicated nutrients. EFA means 
essential fatty acids, mainly linoleic and linolenic acid; recommended are ground 
linseed (flaxseed), fish oils, and evening primrose oil. Mouth problems are often due 


to mercury amalgam fillings, allergies, or Candida (thrush) overgrowth. 
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Table 6-1: Eye Deficiency Symptoms 


Symptom 


Bitot’s spots (foamy patches on conjunctiva) 
Bloodshot eyes 

Blurred vision 

Bulging eyes 

Cataracts (lens becomes opaque) 

Color blindness 

Conjunctivitis 

Cross-eyed 

Dark spots in front of the eyes 

Dim vision (amblyopia) 

Dry, hard eyeballs (xerophthalmia) 
Farsightedness (hyperopia) 

Glaucoma 

Haemorrhaging in the back of the eye 
(retinitis, also macular degeneration) 
Infected, ulcerating eyes (keratomalacia) 
Itching, burning, watery, sandy eyes 





Deficiency/Treatment/Cause 


vitamin A 

boric acid for fungus infection, blue light 
vitamins B2, B6, pantothenic acid 

vitamin E, nicotinamide, iodine 

vitamins B2, C, E, antioxidants (avoid lactose) 
vitamin A 

vitamins A, B2, C (B6, zinc) 

vitamins E, C, B1 (allergy testing) 

vitamins B2, B6, C, zinc (liver problems) 
vitamins B1, C, B12 (allergy testing) 

vitamin A 

magnesium, potassium 

salt, high vitamin C (cleansing) 

vitamins B6, E, C, B2, zinc, copper, magnesium, 
bioflavonoids, glucosamine, cartilage 

vitamin A (vitamins C, B2, B6, zinc, blue light) 


vitamin B2 (continued) 
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Symptom 


Nearsightedness (myopia) 

Night blindness (nyctalopia) 

Red blood vessels in the sclera 
Retinal detachment 

Sensitive eyes, fear of strong light 
(photophobia) 

Tics of eyelids 


Table 6-2: Skin Deficiency Symptoms 


Symptom 


Acne 
Addison's disease (adrenal exhaustion): 
increased tanning, especially on skin- 


folds, scars, elbows, knees; black freckles 
Arterial spiders (fine, branching arteries on 


face, neck, chest) 

Bedsores 

Blisters 

Brown discoloration around small joints 
Brown skin spots 

Dry skin 

Eczema, infantile 

Eczema, skin ulcers 

Edema 

Fingers white, numb, stiff, swellings 
(Raynaud’s disease) 

Fungal infections 

(e.g., athlete’s foot, ringworm) 
Gangrene 

Greasy dermatitis around eyes, nose 
Greasy skin eruptions (seborrhoea) 
Horny, goose-pimple-like skin 

Horny red skin on pressure areas 
(e.g., knees, elbows) 

Hot flushes 

Ichthyosis (fish-like scales) 

Infant dermatitis with inflamed pustules 
around body openings 

Infections of the skin (boils, cold sores, 
impetigo, and so on) 

Itching 

Jaundice 
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Deficiency/Treatment/Cause 


vitamins C, E, D, calcium, proteins, chromium 
vitamins A, (B2, B6, zinc) 

vitamin B2 

zinc, vitamins B6, B2, C, E, A 

vitamins B2, A 


vitamins B2, B6, zinc, magnesium 


Deficiency/Treatment/Cause 


vitamins A, B2, B6, C, niacin, biotin, zinc, cod-liver oil 
all B vitamins, especially pantothenic acid; vitamin C; all 
minerals, digestive enzymes (allergy testing, avoid stress) 


antioxidants, glucosamine, cartilage, purple food, 
bioflavonoids, copper, zinc (alkalize), cod-liver oil 
vitamins C, E 

vitamin E 

vitamin B12 

vitamins C, E, antioxidants (liver problems) 

vitamins A, C, EFA (fat malabsorption) 

EFA, zinc, vitamin B6 

vitamins C, B2, B6, niacin, PABA, EFA, zinc, magnesium 
vitamins B6, B1, magnesium (less salt/protein) 

vitamin B6, zinc, cod-liver oil (also vitamin C, magnesium, 
calcium, alkalize) 

B vitamins (tea tree oil pack, intestinal sanitation) 


vitamins C, E, B1, magnesium chloride 
vitamin B6, zinc 

vitamin B2 

vitamin A (possibly fat malabsorption) 
zinc (B6) 


vitamin E, boron, maca, pollen (wild yam cream) 
vitamin A, retinoic acid topically 
vitamin B6, zinc (allergy testing) 


vitamins C, A, B6, zinc, magnesium (hot Epsom salt and 
tea tree oil packs, propolis) 

vitamins B, C, EFA, alkalizers (allergy testing) 

vitamins C, E, B6, B12, A, lecithin, magnesium, zinc (blue 


light therapy, liver cleansing) (continued) 
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Symptom Deficiency/Treatment/Cause 


Lemon-yellow skin vitamin B12 


Oily skin, whiteheads vitamin B2 
Oversensitivity to sunlight vitamin B6, zinc, PABA, carotenes, bioflavonoids, 
antioxidants, alkalizers, purple food 

Pale skin biotin, folic acid, vitamin B6, B12 (anemia) 
Prickly-heat rash vitamin C 
Psoriasis see acne; also vitamin E, lecithin, blue light, sunlight 
(allergy testing, avoid gluten) 

Purplish or blue-black skin areas vitamin C, vitamin B2, bioflavonoids 

Rash allergy testing, alkalizers, vitamin C, calcium 
Red-brown, often symmetrical discoloration niacin or nicotinamide (folic acid) 

of skin exposed to the sun, later ulceration 
Red-brown or dark-red spots manganese 
Rosacea (redness of part of face) vitamin B2 
Scaly dermatitis biotin 
Scaly eczema around nose, ears, vitamin B2, B6, zinc 
scrotum, vulva 
Scar tissue vitamin E, MSM, camphorated oil 

Scleroderma (hardening and swelling of skin) vitamins E, C, A, PABA, magnesium, MSM (zapper, 


parasite herbs, tea tree oil packs) 


Sensitivity to insect bites 
Shingles 
Skin cancer 


Skin-folds red, infected 

Stretch marks 

Subcutaneous bleeding (red or purplish 
spots under the skin, bruises easily) 
Swellings (e.g., face) 

Vaginal itching 


Warts, moles 

Weals on the skin (urticaria) 
White skin patches (vitiligo) 
Wrinkles or aging skin 


vitamin C, calcium, alkalizers, vitamin B1 

B vitamins, vitamins B12, C, A, E, lysine 

vitamins A, C, E, B6, propolis, zinc, chlorophyll, 
bioflavonoids, blue light, escharotics) 

niacin 

vitamins E, B6, zinc 

vitamin C, bioflavonoids and rutin, grape seed extract, 
glucosamine, cartilage, alkalizer 

zinc, magnesium, vitamins B6, B12 

vitamins B2, E, C (Candida treatment, avoid synthetic 
underwear) 

vitamins C, A, E, bioflavonoids, antioxidants 

vitamin B6, zinc, vitamin C (alkalizer, allergy) 

PABA, pantothenic acid, vitamin B6, zinc 

vitamins C, E, A, EFA , MSM (too much sun) 


Table 6-3: Hair and Nail Deficiency Symptoms 


Symptom 


Coarse, brittle hair 
Dandruff 

Dry hair 

Greying hair 


Deficiency/Treatment/Cause 


zinc 

vitamins B2, B6, zinc, magnesium, biotin 

vitamin A, zinc 

folic acid, pantothenic acid, biotin, minerals/copper 
(weak circulation/adrenals, avoid sweet food, food 


allergies) (continued) 
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Symptom Deficiency/Treatment/Cause 


Hair loss zinc, vitamin B6, sulphur/MSM, selenium, biotin 

Hangnails vitamin C, folic acid, proteins 

Nails opaque, white spots/bands zinc, vitamin B6 

Oily hair vitamin B2 

Peeling nails vitamins A, C, calcium 

Ridges on nails, longitudinal vitamin A, protein (anemia, poor circulation, glandular 
imbalance) 

Ridges on nails, transverse fever, infection, menstrual problems, period of protein 
-deficiency 

Scaling of cuticle or lips biotin, vitamin B2 


Table 6-4: Tongue and Mouth Deficiency Symptoms 


Symptom Deficiency/Treatment/Cause 


Beefy, enlarged tongue pantothenic acid 

Burning, sore tongue vitamins B2, B6, B12, niacin 

Cracked lips and corners of the vitamins B2, B6, folic acid 

mouth (cheilosis) 

Distended, purplish-blue veins under vitamin B2 (circulation poor, congested) 

the tongue 

Edema or tooth-marks on tongue niacin/nicotinamide 

Furrowed tongue vitamin B1, pantothenic acid 

Gums receding, bleeding (gingivitis) vitamin C, bioflavonoids, calcium, alkalizers 

Halitosis (bad breath) vitamin B6, zinc, magnesium, propolis (cleansing, intestinal 
sanitation) 

Mouth ulcers, canker folic acid, vitamin B6, zinc (overacidity, allergy) 

Papillae prominent or erased niacin/nicotinamide 

Purplish or magenta tongue or lips vitamin B2 

Tongue red at tip or edges; with severe niacin (vitamin B6) 

deficiency whole tongue scarlet red, sore 

Tongue shiny, smooth, beefy; early sign: vitamin B12, folic acid 

strawberry-red tip/sides 

Tongue too small or too large niacin, pantothenic acid 

White-coated tongue intestinal putrefaction 

White patches on tongue vitamin B12 and other B vitamins (allergy) 

Yellowish-brown-coated tongue liver or gallbladder problems 
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Step 46 
CANCER 


If you have cancer, here are some useful suggestions. 


You may gain a better appreciation of natural cancer treatment if | first share 
with you some little-known facts about orthodox cancer treatment. In cancer 
research, success (expressed as a five-year survival rate) is established by 
comparing other forms and combinations of treatment with the results from surgery 
alone. However, the success rate of surgery has rarely been compared with the 
survival rates of untreated patients. Therefore, orthodox cancer treatment is basically 
unscientific because it doesn’t deal with all the data. The overall supposed “cure rate” 
is not higher than can be accounted for by removing precancerous conditions, 
dormant or calcified tumours, spontaneous remissions, and the placebo effect. In 
support of my position, | have assembled some key statements and conclusions from 
medical and scientific publications. 


Studies appear to show that early intervention is helpful, because pre- 
cancerous lesions are included in early removals that frequently would not become 
cancerous if left untouched. It does not matter how much or how little of a breast is 
removed; the outcome is always the same.*® 


Researchers say it is complacent to continue subjecting at least 70 percent of 
women with breast cancer to surgery, a futile mutilating procedure.*? There is no 
evidence that early mastectomy affects survival; if patients knew this, they would 
most likely refuse surgery.*° The editor of the Lancet pointed out that despite various 
modifications of breast cancer treatment, death rates remained unchanged. He 
acknowledged that despite the almost weekly releases of “miracle breakthroughs,” 
the medical profession with its extraordinary capacity for self-delusion (his words, not 
mine) in all truth has lost its way. At the same time, he rejects the view of those who 
now believe that salvation will come from increasing chemotherapy after surgery to 
just below the rate where it kills the patient. Instead, he continues, “would it not be 
more scientific to ask why our approach has failed?” Not too soon to ask this 
question, after a century of mutilating women, | would say. The title of this editorial, 
appropriately, is “Breast cancer: have we lost our way?”"' 


Basically, all types and combinations of conventional breast cancer treatment 
appear to result in the same low long-term survival rates. The only conclusion that 
can be drawn from this is that conventional treatment does not improve long-term 
survival rates. Even worse, Michael Baum, M.D., a leading British breast cancer 
surgeon, found that breast cancer surgery tends to increase the risk of relapse or 
death within three years. He also linked surgery to the accelerated spread of cancer, 
which it does by forming metastases in other parts of the body.” 


This conclusion confirms an earlier finding by Ernst Krokowski, a German 
professor of radiology. He demonstrated conclusively that metastasis is commonly 
triggered by medical intervention, including sometimes even by a biopsy or surgery 
unrelated to the cancer.** Disturbance of a tumor causes a greatly increased number 
of cancer cells to enter the bloodstream, while most medical intervention, especially 
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chemotherapy, suppresses the immune system. This combination is a recipe for 
disaster. It is metastases that kill, while primary tumours in general and those in the 
breast in particular are sometimes relatively harmless. 


This follows earlier reports that radical surgery for prostate cancer also tends to 
spread the disease. Actually, prostate cancer was investigated in the first randomized 
Clinical trials for any type of cancer. After 23 years, there was no difference in the 
survival rates of those who had surgery and controls who did not; those with surgery 
suffered more problems such as impotence or incontinence.* A recent 
epidemiological study confirmed the questionable value of conventional therapy by 
concluding that “medical interventions for cancer have had a negligible or no effect 
on survival.”° Even the conservative New England Journal of Medicine had an article 
with the headline “Cancer Undefeated.”“° 


Common ways to make medical statistics look more favourable are as follows. 
Patients who die during prolonged treatment with chemo-therapy or radiotherapy are 
not counted in the statistics, because they did not receive the full treatment, while in 
the control group everyone who dies is counted. Further, success is judged by the 
percentage of shrinking tumours, regardless of survival time. If survival is measured, 
then it is only in terms of those dying from the treated disease. It is not normally 
shown how many of the patients die due to the treatment itself. 


The current trend is to pick up precancerous conditions very early and treat 
them as cancer. While this statistically increases the number of people with cancer, it 
also artificially prolongs survival times and lowers death rates, thereby making 
medical treatments appear to be more successful. However, there may also be a 
genuine component of improved survival, as increasing numbers of cancer patients 
opt for additional natural therapies. 


An investigation of the records of 1.2 million cancer patients revealed that the 
death rate attributed to non-cancer death shortly after treatment was 200 percent 
higher than would normally be expected. Two years after diagnosis and treatment, 
this excess death rate had fallen to 50 percent. The most common cause for the 
excess death was listed as heart and respiratory failure. This means instead of dying 
several years later of cancer, these patients died from the effects of the treatment 
and thereby helped greatly improve the cancer statistics because they did not die 
strictly of cancer.*’ This misleading reporting of cancer deaths has led to demands for 
more honest statistics.*® 


After an analysis of several large -mammogram-screening studies found that it 
leads to more aggressive treatment with no survival benefits,“° even the editor of the 
Lancet had to admit that there is no reliable evidence from large randomized trials to 
support mammography screening programs.” The significance of this statement 
goes far beyond the use of mammograms. It is openly acknowledged by the 
proponents of conventional medicine that they have no effective way of helping 
patients with advanced cancer. Until now the catch-cry always was “detect it early, 
then it can be cured.” These mammogram evaluation studies demonstrate that it 
does not matter when cancer is detected; they suggest to me that the conventional 
methods and the whole multibillion dollar cancer industry are useless. 


Here’s more supportive evidence: A 13-year Canadian study of 40,000 
women compared physical breast examinations with examinations plus 


Heal Yourself - The Natural Way 312 


mammograms. The mammogram group had many more lumpectomies and 
surgeries, and the death rate was 107 deaths in the mammography group and 105 in 
the physical examination group.°’ Ductal carcinoma in situ (DCIS) is a common non- 
invasive form of breast cancer. Most cases of DCIS are detected through the use of 
mammography; in younger women, 92 percent of all cancers detected by 
mammography are of this type. Nevertheless, on average, 44 percent, and in some 
states 60 percent, of these are treated by mastectomy. As most of these tumours are 
harmless, this greatly improves the survival statistics.° 


In contrast, while conventional diagnosis is invasive and may help to spread the 
cancer, a kind of electro-dermal screening, called the Biofield test, was developed by 
a team from eight European hospitals and universities. The Lancet reported it as 
being 99.1 percent accurate in diagnosing malignancy in breast tumors.°° 


A large meta-analysis of radiotherapy results for lung cancer showed that after 
two years there were 21 percent more deaths in the group that had radiotherapy in 
addition to surgery as compared to those who had surgery alone. Researchers 
contend the rationale is to kill any cancer cells remaining after surgery, but it is a 
shame that the facts do not agree with this theory. 


Chemotherapy for children with leukaemia and Hodgkin’s disease is the proud 
showpiece of the only apparent success of orthodox cancer therapy. Now a long- 
term follow-up study shows that such children develop 18 times more secondary 
malignant tumours later in life and that girls face a 75 times (7500 percent) higher 
risk of breast cancer by the time they are 40.°° A main problem appears to be the 
development of deep or systemic Candida albicans infections shortly after starting 
chemotherapy.” If this is not appropriately treated (see entries on Candida in Step 
48), then relapses or future health problems are likely to occur. 


Chemotherapy showed a clear dose dependency whereby the incidence of 
triggered leukaemia doubled between low-dose and -moderate-dose groups and then 
quadrupled between the moderate-dose and the high-dose groups. A study of 
ovarian cancer found that the risk of developing leukaemia after treatment with 
chemotherapy increased 21-fold, or 2100 percent. Other tumours commonly develop 
after treating malignancies with chemotherapy.” In a trial for multiple myeloma, no 
advantage was found by using chemotherapy as compared to no treatment.*® Ralph 
W. Moss, Ph.D., in Questioning Chemotherapy, provides a detailed analysis of this 
subject; his overall conclusion is that there is no evidence that chemotherapy extends 
patient life with the majority of cancers. 


However, even if chemotherapy extends life by a few months, what about the 
quality of this life? Tom Nesi, a former director of public affairs at the pharmaceutical 
giant Bristol-Myers Squibb, wrote in the New York Times about the successful 
treatment of his wife, which extended her life for three months.°? Two weeks after the 
treatment, she scribbled on a notepad: “depressed - no more - please.” | am not 
surprised by reports that most oncologists would not use these treatments for their 
own families. 


Why are they doing this? By “they” | am referring to what is commonly called 
the cancer establishment. | believe the answer was given by the eminent medical 
commentator and former editor of New Scientist, Dr. Donald Gould, in his article 
“Cancer: A Conspiracy of Silence.” The subtitle summarizes his position: “The 
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commonest cancers are as resistant to treatment today as they were 40 or 50 years 
ago. Nothing is to be gained by pretending that the battle against cancer is slowly but 
surely being won.””” 


This truth has been deliberately concealed from the general public. According 
to Dr. Gould, the reason for this conspiracy of silence is money. The public must 
continue to see the cancer establishment as a winner to continue providing money. 
One of the quoted scientists said that, with tens of thousands of radiologists and 
millions of dollars in equipment, one still gives radiation treatment even if study after 
study shows that it does more harm than good. Dr. Gould says patients who could be 
comfortable without medical treatment until their inevitable death are made miserable 
with medical treatment in a pointless attempt to postpone death for a few unhappy 
weeks. Of course, that is when most of the money is being made. Dr. Gould says 
doctors poison their patients with drugs and rays and mutilate them with unnecessary 
surgery in a desperate attempt to treat the untreatable. 


Since the early 1970’s when President Nixon declared the War on Cancer, two 
trillion dollars have been spent on conventional cancer treatment and research, with 
the result that more Americans are dying of cancer than ever before.®’ While there 
have been many studies to evaluate the effects of various nutrients on different 
cancers, none of this two trillion dollars has been available for natural therapists to 
test holistic cancer therapies, and natural therapists have had to face a century of 
denigration and persecution in the U.S. 


All alternative cancer clinics eventually had to relocate to Mexico. (For a list of 
such clinics worldwide, see: www.cancure.org) A holistic cancer approach includes 
superior nutrition, electro-medicine and vibrational or energy medicine, emotional 
healing, and mind therapy. 


One of the few studies that investigate a holistic approach involved the Gerson 
therapy in an evaluation of five-year survival rates of 153 melanoma patients. Here, 
100 percent of Gerson therapy patients with Stage | and II cancers survived, but only 
79 percent did so with conventional therapy. With Stage III (regional metastases), the 
figures, respectively, were 70 percent and 41 percent; with Stage IVa (distant 
metastases), 39 percent with Gerson and 6 percent with conventional therapy. 


Now there is actually proof that cancer surgery is the main cause of metastasis 
or secondary organ tumours. About 90% of patients die from metastases while 
primary tumours actively suppress metastasis. Stress as from fear or most medical 
procedures tends to promote metastasis and this is the reason that untreated 
patients generally live longer than medically treated ones. Regard a tumour as a 
mistreated part of your body, surround it with loving care and it will thank you by 
preventing metastasis and gradually melt away. For more information and references 
see www.health-science-spirit.com/cancersurgery.htm and www.health-science- 
spirit.com/cancersolution.htm. 


People claim to have been cured of cancer by a variety of methods and 
remedies. Belief or faith in the chosen method may often have been more important 
than the method itself. However, fundamental factors that should be addressed for a 
more uniform successful outcome are: 


1. Alkalize the body 
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Controlling the cancer microbe 
Normalizing metabolism 


Cleansing the body 


oe ee 


Improving the mind and emotions 


When these are corrected, any type of tumor can disappear on its own or 
become dormant. Natural cancer therapy has a fundamentally different view of what 
cancer is from that of orthodox medicine. The latter believes that the tumor is the 
cancer and only attacks the tumours. Natural therapy approaches address cancer as 
a condition of the whole body and person and treat the whole person. 


Alkalizing the body: If the body is sufficiently alkaline tumours do not grow. 
Use alkalizers, including sodium bicarbonate and potassium citrate, as shown in Step 
6 to keep your urine above pH 7 most of the time. 


Controlling the Cancer Microbe: The cancer microbe is the key to successful 
natural cancer therapy. Various researchers such as Guenther Enderlein, Wilhelm 
Reich, Royal Ray Rife, Virginia Livingston-Wheeler, Alan Cant-well, and Gaston 
Naessens have found the same phenomenon in all cancers: a microbe that changes 
its shape and is thus pleomorphic, “of many shapes.” It is normally present as tiny 
protein units, but in various disease conditions, including all autoimmune diseases, it 
grows into a coccus and higher bacterial forms and then mycoplasmas and fungus- 
like forms. 


This microbe does most of the cancer damage by devastating the immune 
system, releasing toxins that poison the energy-producing cellular enzymes; it also 
produces growth hormones that result in unchecked cell divisions. If the cancer 
microbe in its advanced stages is cultured and injected into animals, it causes tumor 
growth and the wasting and sickening odour that is characteristic of terminal cancer. 


All this makes it understandable that antimicrobial and especially fungicidal 
treatments have often been credited with having cured or reversed cancer. 
Kerosene, for instance, taken internally, is said to be widely used in Russia and other 
Eastern countries as a cancer cure, and it was even used in America a hundred 
years ago. A hospital in Brazil reported cancer cures with the fungicidal herb pau 
d’arco. The electronic zapper and the Rife machine have been used to destroy the 
cancer microbe electronically. Presently MMS and Lugol's iodine solution are widely 
used. 


Normalizing Metabolism: The main reason that body cells become cancerous 
is the destruction of the enzymes in their energy-producing respiratory chain. These 
enzymes can be poisoned either by accumulated toxic chemicals, especially 
pesticides, or by endotoxins produced by the cancer microbe. The German cancer 
researcher P. G. Seeger, M.D., D.Sc.,°* demonstrated that the virulence of cancer 
cells is proportional to their inability to use oxygen for energy production and that 
cancer cells can be transformed back into normal cells by restoring cellular 
respiration. This can be achieved with certain enzyme supplements and especially 
with the purple pigment of red beets and dark grapes. 


Furthermore, Dr J. Budwig, a German fat researcher, found that flaxseed oil 
and sulphur compounds, especially food high in cysteine (e.g. quark, a fermented 
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cottage cheese) were most effective in restoring a normal energy metabolism. The 
importance of a good diet can also be seen from a study of 535 breast cancer 
patients. After ten years, those with the highest insulin levels were eight times more 
likely to die than were patients with the lowest levels. Insulin levels are strongly 
elevated when ingesting common household sugar and to a lesser degree when 
combining glucose, as for instance from eating starches with fructose from fruit. 


Cleansing the Body: Eliminating the cancer microbe and restoring cellular 
energy production is not always sufficient in an advanced condition because of the 
large amount of toxic waste produced by disintegrating tumours. Think of a dead 
tumor as a dead rat in your body. Patients have died after “successful” cancer cures 
because of congestion in their organs of elimination, especially the liver and kidneys. 
Cleansing is needed to remove metabolic wastes, pesticides and endotoxins that 
helped to cause the cancer in the first place. 


Improving the Mind and Emotions: Our mind and emotions are an additional 
factor that makes it much easier for cancer researchers to cure mice rather than 
people. The orthodox cancer approach generally causes patients to be fearful, but 
this paralyses the immune system and makes all other body systems inefficient. 
Cancer treatment is likely to fail and cancer tends to return after successful initial 
therapy if we live in fear, especially if this fear is subconscious. Enthusiasm, joy, 
positive expectations, and supportive relationships have the opposite effect, and 
clinical trials of mind and emotional therapies have shown superior results compared 
to orthodox cancer therapies. 


Putting It All Together: There are hundreds of supplements and remedies that 
might be beneficial to overcome cancer. The more effort you put into the basics, the 
less additional remedies you need. For some suggestions of additional supplements 
and remedies, see the entry on Cancer in Step 44. All the basic information that you 
need to reverse your cancer is in this book, for more detailed instructions see 
Overcoming Cancer at http://www.the-heal-yourself-series.com. 


e From Step 34 use the low protein High-Quality Diet with its strong emphasis on 
purple foods, raw foods, and fresh vegetable and grass juices. 


e Keep your urine above pH 7 as shown in Step 6. 
e Do the Intestinal Sanitation and Antimicrobial Therapy as shown in Step 3. 


e Do periodic fasting and cleansing as explained in Step 4, including the Basic 
Cleanse and if appropriate a Long Cleanse. 


e Use a Beck-type electronic zapper and Reflexology as explained in Part 2. 


e Release any resentment or other negative emotions and replace them with 
positive emotions (see Part 8). 


e Practice the Love Cure (see Part 8). 


e Make appropriate changes to your belief systems. Use the mind tools in Part 9, 
especially guided imagery.. 
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Step 47 
EMOTIONAL —- MENTAL SHOCKS 


The secret to preventing illness is to undo shocks that unbalance the body. 


The following information is controversial and not verified by independent 
scientific research, but | believe it is important for you to know. You can then make 
up your own mind about it. 


Dr. Ryke Geerd Hamer, M.D. (born 1935), a German medical researcher, has 
developed an emotion-based cancer therapy. His claimed success rate of about 95 
percent is by far the highest of any cancer therapist. During one of his many trials, 
the public prosecutor (in Wiener Neustadt, Austria) had to admit that after four to five 
years, 6,000 out of 6,500 patients with mostly advanced cancer who had been 
treated by this approach were still alive. 


Dr. Hamer started his cancer research when he developed testicular cancer 
after the death of his son, who had been shot by the Prince of Savoy, son of the last 
King of Italy. He wondered if the shock caused by his son’s death was the cause of 
his cancer. Subse-quently, he investigated and documented more than 15,000 cases 
of cancer and always found the following characteristics to be present, which he 
termed “The Iron Rules of Cancer”: 


1. Every cancer and related disease starts as a DHS or Dirk Hamer Syndrome 
(named after his son). This is a serious, acute-dramatic, and isolating conflict- 
shock experience for which we are emotionally unprepared. It manifests 
simultaneously on three levels: psyche, brain, and organ. 


2. The theme of the psychic conflict determines the location of the focus, or Hamer 
Herd, in the brain and the location of the cancer in the organ. 


3. The course of the psychic conflict correlates with the development of the Hamer 
Herd in the brain, and the course of the cancer in the organ. 


At the moment of the conflict-shock, a short circuit occurs in a predetermined 
place in the brain. This can be demonstrated with a computed tomography (CT) scan 
and looks like concentric rings on a shooting target. Later on, if the conflict becomes 
resolved, the CT image changes to reflect the development of an oedema and finally 
of scar tissue. 


The following incident shows how specific and precisely located these brain 
lesions are. After a professional lecture, a doctor handed Dr. Hamer the CT brain 
scan of a patient and asked him to explain it. From this, Dr. Hamer correctly 
diagnosed the patient as having a bleeding bladder carcinoma in the healing phase, 
an old prostate carcinoma, diabetes, an old lung carcinoma, and sensory paralysis in 
a specific area, in addition to the corresponding emotional conflicts. 


Dr. Hamer demonstrated that at the same time as the concentric brain lesion 
appears, the target organ CT scan may also show such a concentric lesion. 
According to Dr. Hamer, this happens instantly when the psychic shock hits the 
subconscious level, and this same second is the start of cancer. Also, other diseases 
can be caused by the same mechanism. How severe a disease becomes depends 
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on the duration and severity of the conflict-shock, while its nature and location are 
determined by the emotional content of the shock. 


Dr. Hamer believes that the correlation between key emotional shock events, 
the target brain areas, and the related organs has developed as an adaptation from 
similar programs in the animal world. When we unexpectedly experience emotional 
distress, an emergency repair program is set in motion, a biological conflict program 
with the aim of returning the individual to normal. 


Dr. Hamer gives the following example. A mother sees her child in a bad 
accident. As small children recover faster when they receive extra milk, the biological 
conflict program tries to stimulate milk production by increasing the number of breast 
cells. If the mother is right-handed, that will instantly cause the appearance of a 
Hamer Herd in a specific part of her right brain, which in turn relates to the left breast. 
When the child is well again, conflict resolution begins and extra milk is no longer 
needed. The mother gets a benign form of tuberculosis in the affected breast that 
breaks up the excess breast cells. However, if the mycobacteria required for this 
function are lacking, then the area may just calcify and remain as a dormant tumor. 


The same process also applies to animals. A sheep that loses its lamb to a wolf 
is prone to develop teat cancer; the side depends on whether it is right- or left-footed. 
Commonly, the sheep resolves this conflict by bearing another lamb. 


The next example illustrates the original survival value of this mechanism. Let’s 
assume a lion chases an antelope. The antelope must immediately mobilize all its 
resources to survive. The sympathetic nervous system takes over and, in addition, a 
specific brain centre that stimulates lung activity becomes active. After the successful 
escape, the animal rests, and the parasympathetic nervous system becomes 
dominant to normalize brain and body functions. 


If a human gets a cancer diagnosis, even if the diagnosis is wrong, the same 
biological program is set in motion by the same fear of death that helped the animal 
to escape. The stress level jumps and activates the brain-lung connection, but now 
there is nowhere to run. Until the conflict is resolved, which may take years, there will 
be constant stress and brain-induced stimulation to increase lung capacity by the 
incessant division of cells. 


This process can only be stopped by switching off the trigger in the brain 
through defusing the original conflict shock. This happens when the _ patient 
subsequently has surgery or natural therapy, which he or she fully believes will lead 
to a cure. However, the same procedure in a patient who has doubts about its 
effectiveness will leave the conflict unresolved and the disease to progress. Thanks 
to Dr. Hamer’s work, it is now possible to verify this hypothesis with a CT brain scan. 
The selection of the conflict focus occurs by subconscious association. For instance, 
biological conflicts involving water or other fluids, such as milk or oil, lead to kidney 
cancer; fear of death to lung cancer; and psychologically swallowing a bigger chunk 
than we can digest to stomach or intestinal cancer. 


In the animal world, it is literally a big chunk of food, but for us it may be a 
financial over-commitment or any other obligation that we are unable to fulfil. The 
target focus is not determined by the event itself, but rather by the psychological 
significance that it has for us at the time of the event. Dr. Hamer illustrates this with 
another example, a woman who finds her husband in bed with another female. As a 
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sexual frustration conflict, it can cause uterine cancer. If she instead experiences it 
as a partner conflict, then in a right-handed woman it leads to cancer of the right 
breast. If the conflict feeling is fear and revulsion, then it causes hypoglycaemia, and 
with lack of self-worth, cancer may develop in the pubic bone. 


If the lack of self-worth had been due to a failure in sportsmanship, then the 
problem would have arisen in an arm or leg instead, or possibly in the fingers or 
shoulder required for the sporting activity. Other typical situations that can lead to 
biological conflicts are loss situations, of a loved one, a job, a valued possession, or 
a territory. 


Dr. Hamer believes that most metastases or secondary tumours are caused by 
the cancer-fear or death-fear resulting from the patient being given the cancer 
diagnosis or a negative prognosis. In this case, the resulting conflict shock may not 
be fear of death, but anger, resentment, or a separation conflict (from partner or 
children), and then tumours would appear in different places. A diagnosis of colon 
cancer commonly leads to liver metastases because of a subconscious fear of 
starvation. 


In regard to animal experiments, Dr. Hamer regards increased cancer rates 
due to exposure of carcinogens as being emotionally based. This happens when the 
skin is irritated with a toxic substance. He also cites early research with tobacco 
smoke that showed that hamsters exposed to it lived longer than non-exposed 
hamsters. He believes that hamsters, as burrowing animals, are not afraid of smoke 
and therefore are protected from its harmful effects. Mice, on the other hand, living in 
houses, are very fearful of smoke, which causes them to develop lung cancer when 
exposed to tobacco smoke. 


Generally, hopelessness, despair, and meaninglessness create chronic stress 
and hinder the healing of cancer and other diseases, but they are not the cause. 
According to Dr. Hamer, the real cause of cancer and other diseases is an 
unexpected traumatic shock for which we are emotionally unprepared. 


The emotional connections with some other diseases are as follows, according 
to Dr. Hamer: 


Angina Pectoris: Caused by fight for territory or its contents in the active phase, 
followed by heart infarction in the healing phase. 


Diabetes and Hypoglycaemia: A right-handed female develops hypoglycaemia 
from anxiety and revulsion; if left-handed, she develops insulin-dependent diabetes. 
A right-handed male develops insulin-dependent diabetes from a conflict of resisting 
or struggling against something; if left-handed, he develops hypoglycaemia. 


Facial Paralysis: Fear of losing face, having been made a laughingstock. 


Haemorrhoids: A right-handed woman with an identity conflict and a left-handed 
man with territorial anger in the healing phase may get haemorrhoids. 


Multiple Sclerosis and Paralysis: Inability to escape or continue on, or to hold on 
to, or not knowing what to do. 


Psoriasis: Separation conflict concerning mother, father, family, home, friends, or 
pets. 
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Relationships between Conflicted Emotions and 
Target Organs 


Adrenal cortex: Wrong direction, gone astray 

Bladder: Ugly conflict, dirty tricks 

Bone: Lack of self-worth, inferiority feeling 

Breast, left (right-handed): Conflict concerning child, home, or 
mother 

Breast, right (right-handed): Conflict with partner or others 
Breast milk duct: Separation conflict 

Breast milk gland: Involving care or disharmony 
Bronchials: Territorial conflict 

Cervix: Severe frustration 

Colon: Ugly indigestible conflict 

Gallbladder: Rivalry conflict 

Heart: Perpetual conflict 

Intestines: Indigestible chunk of anger 

Kidneys: Not wanting to live, water or fluid conflict 

Larynx: Conflict of fear and fright 

Liver: Fear of starvation 

Lung: Fear of dying or suffocation, including fear for someone 
else 

Lymph glands: Loss of self-worth associated with the location 
Melanoma: feeling dirty, soiled, defiled 

Middle ear: Not being able to get some vital information 
Mouth: Cannot chew or hold it 

Oesophagus: Cannot have it or swallow it 

Pancreas: Anxiety-anger conflict with family members, 
inheritance 

Prostate: Ugly conflict with sexual connections or 
connotations 

Rectum: Fear of being useless 

Skin: Loss of integrity 

Spleen: Shock of being physically or emotionally wounded 
Stomach: Indigestible anger, swallowed too much 

Testes and Ovaries: Loss conflict 

Thyroid: Feeling powerless 

Uterus: Sexual conflict 





Psychoses: One or more 
active Hamer Herds in each 
of the two parts of the brain. 


Rheumatism: A brutal and 
painful separation conflict. 


Vitiligo, Leukoderma: Ugly 
or brutal separation conflict. 
In regard to AIDS, Dr. 
Hamer observes that no one 
dies of AIDS without having 
previously been told that 
they are HIV-positive or 
believe that they are. The 
implication is that it is mainly 
the negative perception 
associated with AIDS that 
causes its devastating 


effect. 
Left-handed individuals 
develop problems on 


opposite sides to genuine 
right-handed individuals. 
Observing which hand is on 
top when clapping reveals 
handedness; _ right-handed 
individuals usually have the 
right hand on top. With right- 
handedness, all muscles on 
the right side of the body are 
involved with partners and 
other individuals, and all left- 
sided muscles, with children 
or one’s mother. These 
conditions may change with 
hormonal changes, the birth 
control pill, or menopause. 


The Healing Phase: The 


start of Dirk Hamer Syndrome or conflict-shock experience is different from other 
conflicts that we experience in our daily lives, says Dr. Hamer. It causes a continuous 
stress, resulting in a tendency to develop cold hands and feet, lack of appetite and 
weight loss, sleeplessness, and a dwelling all the time on the conflict content. If the 
conflict is not resolved soon, it leads to specific disease symptoms. 


When the conflict resolves, the patient is no longer occupied with the conflict 
content, the appetite returns, hands are warm again, and also normal sleep returns, 
but there may be weakness, fatigue, and a need to rest. These effects show that the 
parasympathetic nervous system is now in control and the healing phase has started. 
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During the first part of the healing phase there is water retention and inflammations, 
and the tumor stops growing. This eventually leads to a healing crisis, which Dr. 
Hamer calls an epileptic or epileptoid crisis, because it is caused by an oedema in 
the Hamer Herd brain lesion. It shows unique symptoms for each illness. 


After this, the body starts to expel the accumulated water, the patient gradually 
regains strength, and body functions become normal. Now the connective tissue in 
the brain, the neuroglia or glia, starts repairing the Hamer Herd. This may be 
interpreted by conventional radiologists as a fast-growing brain tumor and treated 
accordingly. Dr. Hamer estimates that 99 percent of brain events, such as strokes, 
bleeding into the brain, cysts, and tumours are due to healing events of Hamer Herds 
and are temporary and _ self-limiting, unless there is inappropriate medical 
intervention. The most important support in these situations is the reduction of any 
brain oedema. 


During the healing crisis, the patient may for a short time re-experience the 
original psychological conflict with cold hands and cold sweat. This serves to 
suppress and eliminate the oedema in the brain lesion, which then allows other body 
conditions to normalize. The main danger point is just before the end of the healing 
crisis when it will become apparent if the body is strong enough to eliminate the 
disease. In difficult cases, with long-standing or strong conflict, massive brain 
oedema can develop, for which Dr. Hamer uses cortisone injections. In natural 
therapy, we use diuretics, such as urea, and anti-inflammatory therapies instead. 


The epilepsy crisis may be experienced as a heart attack, lung embolism, 
hepatitis, or lung infection. Generally, during the healing phase, the patient will have 
more discomfort than when the tumor was actively growing. In the first part of the 
healing phase, most problems are due to water retention, inflammations, and 
swelling of tissues that cause a lot of pain. Nevertheless, Dr. Hamer regards 
oedema, whether in the brain or body, as a positive sign of healing. 


Tissue Repair: After the healing crisis, carcinomas are removed by fungi and 
mycobacteria, while the hepatitis virus may in addition help to regenerate the liver. 
Bacteria, viruses, and fungi that help to break down the tumours and repair damaged 
tissues also cause inflammation, pain, and fever. 


If you find it odd that Dr. Hamer regards microbes as essential friends and 
helpers in the healing of cancer, he has developed an even more surprising 
hypothesis. In his system of tumours and cancer-equivalent diseases, he 
distinguishes between two opposite processes during the active conflict phase. 
Depending on the location of the Hamer Herd in the brain, there may be either cell 
proliferation or cell destruction. 


The first group has cell proliferation and tumor growth during the conflict phase 
and then removes excess cells with the help of microbes during the healing phase. 
The other group shows cell destruction during the conflict phase, resulting in ulcers, 
necroses (dead tissues), and tissue holes, affecting, for instance, bones 
(osteoporosis), kidneys, spleen, or ovaries. 


During the healing phase, this second group tries to fill in the created holes 
through cell proliferation. Bacteria repair tissue necroses and osteolyses (dissolved 
bone) by first forming abscesses, which are then filled in with scar tissue and later 
with granulating tissue to form osteosarcoma, lymphoma, fibroma, and healing cysts. 


321 Heal Yourself - The Natural Way 


Leukaemia occurs during the healing phase after bone marrow damage from 
radiation, chemicals, or bone cancer. 


According to Dr. Hamer, these conditions are generally self-limiting and only 
get out of control when additional conflict shocks occur, or the body is too old or 
weak, or through the methods of conventional medicine. In contrast, natural healing 
methods aim to support body and mind during this trying time. Most healings proceed 
without major problems, but about ten percent need the full support of an 
experienced therapist, especially at the time of the healing crisis. 


Healing the Psychic Conflict: The main task in every case of cancer is to find 
the original emotional shock experience and make sure that it has been healed or is 
being healed. In many cases it will have corrected itself, and the patient suffers from 
an effect of the healing phase. 


For instance, someone may have lost a farm or business, but has now started 
another satisfying venture or hobby. As an after-effect, there may now be a tumor 
that gradually becomes dormant or eventually disintegrates. Dr. Hamer regards 
about 40 percent of tumours discovered during routine medical investigations as old 
and harmless, dormant and calcified. However, complications can still arise if medical 
intervention now causes a conflict shock, such as one involving fear of death; this 
induces the same or another tumor to grow. 


Nevertheless, in other cases the original conflict may still be active, or there 
may be a second active conflict. As we do not know, we have to probe in every case 
to find the original and any other conflicts. We need to think back, especially one to 
two years before our problem started, and analyse our emotional history during this 
time as well as before and after. Meditation or regression therapy may be useful to 
discover conflict-shocks. 


If we still have a strong emotional response when we discover the content of 
the conflict, then we can be sure that it is still unresolved. If at all possible, it is best to 
solve it in a natural way. For instance, if it was caused by losing a partner, find 
someone new; if you lost a child, become pregnant again, or adopt a child, or buy a 
pet; with a lost job, find a new one or a hobby. However, it is not the fact of having a 
new partner, child, hobby, or pet that solves the conflict, but rather that it allows us to 
dissolve the inner conflict and emotionally get on with our life if we so choose. 


If a natural solution is not possible, then use guided imagery, either on your 
own or with the help of a partner or a suitable therapist. In a relaxed and meditative 
state recreate and re-experience the conflict as intensely as you can, but then 
substitute a desirable or acceptable outcome. Create and experience this new 
outcome as vividly and in as much detail as possible; see it, feel it, and possibly even 
hear and smell it. The original experience may also have imprinted you with the 
memories of unrelated details of your ordeal (tracks) to which you may now react 
with allergies. You can overcome these in the same way with guided imagery 


If neither of these methods is possible because you feel that you have to 
continue your present duties or ordeal for whatever reason, then only increased 
spiritual understanding and acceptance may be able to help. In either case, be aware 
of your vulnerabilities and avoid any further conflict-shocks, but if one does happen, 
get it out of your system is soon as possible. 
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| firmly believe that all active conflicts will be terminated and the healing phase 
begin when we are able to strongly feel love and forgiveness within ourselves and 
then radiate it to all others, but especially to anyone who we feel might have wronged 
us. We can further ease the healing phase by expecting it to be short and mild and 
lead to full recovery. 


According to Dr. Hamer, animals in the wild get cancer from the same shock 
programs as we do. However, 80 to 90 percent survive and do not notice it much, 
because the healing phase can take its natural course. Those that die are mainly old 
animals that cannot resolve a conflict, such as regaining their territory from a rival or 
replacing a lost cub. 


It is different in our society, as the natural healing process is routinely interfered 
with. It starts with getting tranquilizers or antidepressants during the active conflict 
phase, which prevent us from fighting back and regaining our territory. This may then 
lead to a cancer diagnosis that causes an additional active conflict and ends with 
morphine, which totally disables our healing responses. 


While Dr. Hamer does not believe that health foods, remedies, cleansing, or 
healthy living in general can cure cancer, he says these are important to surviving the 
ordeals of the healing phase. Actually, Dr. Hamer regards all diseases as consisting 
of two phases: initially an active conflict, followed (if possible) by a healing phase that 
reverses the conflict program. He does not call them “diseases” but “special 
biological programs.” He says he has worked with more than 31,000 patients and 
found his theories confirmed in every single case without exception. Dr. Hamer 
claims that overall this approach has a 95-percent success rate with cancer. 


Persecution for Therapeutic Success: Siemens, the manufacturer of CT 
equipment, has independently verified the existence of the Hamer Herds in the brain, 
which radiologists had claimed to be artefacts. Furthermore, their diagnostic 
significance was confirmed in 1998 at the University of Trnava in Slovakia. 
Nevertheless, Dr Hamer faced exceptional persecution. This included withdrawing 
his right to practice in Germany for not retracting his theories and swearing 
allegiance to the principles of orthodox medicine; assassination attempts; efforts to 
put him in a mental asylum; and numerous court appearances and even putting him 
in jail. 

While many individual doctors, including professors of medicine, are alleged to 
have verified the principles of Dr. Hamer’s “New Medicine,” so far no German 
university has agreed to test them. Doctors and natural therapists in Europe who 
practice according to the principles of the New Medicine now face persecution. Only 
Spanish courts took the enlightened position that it is not their role to decide between 
conflicting medical theories and therapies. Dr. Hamer now lives and practices in 
Spain. 


In 2001, a prominent neurologist, Dr. Therese von Schwarzenberg openly 
defended Dr. Hamer by publishing a book about the New Medicine, in which she 
demanded that his theories be officially tested. She declared that Dr. Hamer is right 
and deserves a Nobel Prize. Nevertheless, the response of prominent oncologists is 
still that it is absurd to assume emotions could be important in the cause and cure of 
cancer and, therefore, Dr. Hamer’s claims must not be tested. (For more information 
on Dr. Hamer and the New Medicine, see: www.newmedicine.ca.64) 
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Reflections on the New Medicine: My own understanding and experience 
leave no doubt about the primary importance of our emotions and beliefs in the 
cause and cure of our diseases. The writings of Dr. Hamer give the impression of a 
serious and meticulous researcher whose findings apparently have been confirmed 
by various scientific institutions and medical practitioners, including professors of 
medicine. 


Therefore, | have no doubt about the validity of his basic premise that diseases, 
and in particular cancers, are associated with visible lesions in specific locations of 
the brain and also with specific psychological experiences. His postulated two-part 
disease process, in which the healing phase is a reversal of the original disease 
condition, is a basic concept of natural therapies. 


However, Dr. Hamer appears reluctant to extend or modify his theory and take 
other factors into account. Basically, Dr. Hamer postulates a one-way communication 
from psyche to organ via the brain. | suggest instead a two-way communication from 
psyche to organ, as well as from organ back to brain and psyche. Assuming that an 
organ is chronically stressed, be it from pesticide accumulations, inappropriate 
growth factors, or endotoxins due to microbes, then this causes constant low-level 
tissue irritation of the organ and its related brain area. There are now two 
possibilities: 


e The sensitized brain area causes us to react more strongly to any emotional 
conflict; therefore it is easier to develop a Hamer Herd and the related disease. 


e An existing subacute conflict, combined with chronic tissue stress, may cause the 
gradual development of a Hamer Herd or, alternatively, its sudden appearance 
when a certain threshold is reached. 


In this way, any environmental factors can be taken into account for creating 
Hamer Herds in combination with psychological conflicts. Conversely, appropriate 
therapy directed to a diseased organ may give a message to the associated brain 
area to heal the Hamer Herd and lead to a resolution of the emotional conflict. 


A confirmation of the suggested interconnectedness between emotions, 
nutrients, brain, and organs can be found in kinesiology. Research with muscle 
testing has revealed a relationship between different nutrients and emotions with 
specific muscles and organs, transmitted through the system of acupuncture 
meridians. A direct involvement of the brain has been shown by placing a labelled 
nutrient in the back of the mouth: Within seconds, the isotope was also detected in 
the brain. Recently another piece of evidence in support of the New Medicine has 
emerged: researchers found a tumor growth promoter (GDNF) that is produced by 
the glial cells in the brain. 


The theories of Dr. Hamer have not yet been tested by mainstream science, 
but neither have key components of conventional and natural medicine. If you find 
Dr. Hamer’s theories reasonable and do not want to wait another 10 or 20 years for 
them to be accepted, then | suggest that you incorporate them into your holistic 
healing program. 


What to Do: Be aware of your vulnerabilities and avoid any further conflict- 
shocks, but if one does happen, get it out of your system as soon as possible. For 
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example, if you just got a big shock, minimize or undo its potential to create an illness 
by using any or all of the following methods: 


e Take appropriate remedies, such as Rescue Remedy or homeopathic arnica. 
e Develop an inner reconciliation through prayer and meditation. 
e Apply the Emotional Freedom Technique (see Step 63). 


e Use guided imagery to recreate the shock experience with an acceptable 
outcome. 


e Try to find a natural solution for your shock experience; for example, after nearly 
drowning, swim again as soon as possible 
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Step 48 
CANDIDA INFECTIONS 


The secret to preventing illness is to undo shocks that unbalance the body. 


Lack of energy, digestive disturbances, arthritic joint pains, skin disease, 
menstrual problems, emotional instability, and depression are all symptoms of what | 
call the antibiotic syndrome. This is a condition that has greatly increased in 
incidence in recent years and, on further examination, more symptoms of this 
syndrome may be discovered. In this condition, most of the gastrointestinal tract is 
tender when pressed on the body’s surface, especially the small intestine, liver, and 
gallbladder. There may have been a gallbladder operation that failed to improve the 
condition, sometimes worsening the symptoms. As part of this syndrome, there could 
be a history of thrush or oral, anal, or vaginal itching. When these are present, the 
diagnosis of Candida overgrowth is obvious, but it may also be present in the 
absence of these manifestations, and that can be confusing. 


The fungus Candida albicans thrives during antibiotic treatment and | regard it 
as reckless negligence to prescribe antibiotics without simultaneous fungicides and 
replacement therapy with lactobacilli afterwards. | believe that this practice has 
greatly added to the numbers in our chronically sick population. However, the 
antibiotic syndrome is not just due to Candida. | regard it more generally as a 
dysbiosis in which the wrong kind of microbes inhabit the intestinal tract; it’s not just 
Candida and other fungi, but many types of pathogenic bacteria including E. coli 
bacteria, which are normal in the colon but become disease-forming when they move 
into the small intestine. 


If the problem has existed for years, there is usually a lack of gastric acid, 
which then allows the stomach to be colonized by microbes, causing inflammation 
with pain and, later, ulcers. The toxins released by the microbial overpopulation 
cause chronic inflammation of the liver, gallbladder, pancreas, and intestines. This 
can have other health repercussions. | regard it as likely that a chronic inflammation 
of the pancreas is a major contributing factor in the development of insulin-dependent 
diabetes. 


Bacterial Attack: Specific types of pathogenic bacteria appear to cause or 
contribute to specific autoimmune diseases. One variety of coliform bacteria, for 
instance, produces a molecule very similar to insulin. When the immune system 
becomes activated against this molecule, it may then also attack related features at 
the beta cells of the pancreas. Another type of bacteria, Yersinia enterocolitica, 
induces an immune response that attacks the thyroid gland and leads to Grave’s 
disease with a serious overproduction of thyroid hormones. 


Ulcerative colitis is linked to overgrowth of pathogenic microbes, as are Crohn’s 
disease and ankylosing spondylitis. In ankylosing spondylitis, the vertebrae of the 
spine fuse together, causing stiffness and pain. Other joints may in time become 
affected. Klebsiella, another type of pathogenic bacteria, produces a molecule that is 
similar to a tissue type found in people with this disease. When Klebsiella numbers in 
the gut decrease, related antibodies in the blood decrease and the condition 
improves. 
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Rheumatoid arthritis is linked to a bacteria called Proteus. Proteus is also a 
common cause of urinary tract infections. Women suffer urinary tract infections as 
well as rheumatoid arthritis twice as often as men, while men usually have higher 
levels of Klebsiella and three times more ankylosing spondylitis than women have. 
In addition, microbial overgrowth damages the intestinal wall so that only partly 
digested food particles can pass into the bloodstream, causing allergies. In this way, 
it appears that all autoimmune diseases can be linked to dysfunctional intestines and 
food allergies. 


Other autoimmune diseases that have so far been linked to intestinal dysbiosis 
are psoriasis, lupus erythematosus, and pancreatitis. When remedies are given that 
bind bacterial endotoxins, these conditions usually improve. A further consequence 
of dysbiosis is susceptibility to food poisoning, as with Salmonella bacteria; in 
contrast, a healthy intestinal flora prevents these from multiplying and causing 
trouble. 


Staphylococcus aureus causes serious infections in hospital patients. It has 
been found that not only S. aureus but other infections are greatly potentized when 
they occur with a Candida overgrowth. As Candida overgrowth is a natural outcome 
of the standard hospital treatment, it is easy to see why staph is so deadly in 
hospitals. 


A similar picture emerges with AIDS. People do not die from the AIDS virus, but 
from bacterial infections potentized by Candida and related mycoplasmas. 


| regard the antibiotic-induced dysbiosis in babies and infants as the main 
cause of their frequent infections called glue ear, and as greatly contributing to crib 
death. While it used to be uncommon for children to have more than one or two 
infections a year, now more than six is the norm. 


In summary, in the 1940’s, Candida overgrowth was found in only three percent 
of bodies autopsied, but now the figure is nearer 30 percent. There are, of course, 
other factors that can cause dysbiosis - the contraceptive pill, steroids and other 
drugs, radiation treatment, chemotherapy - but the main culprit is without doubt 
antibiotics. 


Debilitations Caused by Candida: In an Alabama hospital in 1953, Orian 
Truss, M.D., discovered the devastating effects of antibiotics. During a hospital 
round, Dr. Truss was intrigued by a gaunt, old-looking man who was obviously dying. 
However, he was only in his 40’s and though he had been in the hospital for four 
months no specialist had been able to make a diagnosis. Out of curiosity, Truss 
asked the patient when he was last completely well. 


The man answered that he had been well until six months ago when he had cut 
his finger. He had received antibiotics for that. Shortly afterwards, he developed 
diarrhea and his health deteriorated. Dr. Truss had seen before how antibiotics cause 
diarrhea. It was known that Candida was opportunistic and thrived in debilitated 
patients, but now Dr. Truss wondered if it might not be the other way around, that 
Candida actually caused the debilitated condition. He had read that potassium iodide 
solution could be used to treat Candida infestation of the blood so he put the patient 
on six to eight drops of Lugol’s solution four times a day and soon the patient was 
again completely well. 
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Not long afterwards, Dr. Truss had a female patient with a stuffy nose, a 
throbbing headache, vaginitis, and severe depression. To his amazement, all her 
problems immediately cleared with Candida treatment. Some time later, he saw a 
female patient who had been schizophrenic for six years with hundreds of 
electroshock treatments and massive drug dosages. He started treating the woman 
for sinus allergies with a Candida vaccine. Soon she had recovered mentally and 
physically and remained well. 


From then on, Dr. Truss treated his patients against Candida at the slightest 
indication of its presence. Many of his patients made remarkable recoveries from 
most unusual conditions, including menstrual problems, hyperactivity, learning 
disabilities, autism, multiple sclerosis, and autoimmune diseases such as Crohn’s 
disease and lupus erythematosus. 


Every experienced naturopath can relate similar success stories. Ironically, 
antibiotics are usually not necessary in the first place. In the few percent of cases in 
which they are necessary, their serious after-effects could easily be avoided by using 
fungicides and lactobacilli. Many people doubt the effectiveness of natural therapies 
against apparently serious infections, but my clinical experience leads me to believe 
that, frequently, natural therapies are more effective, and without causing the 
repeated and chronic infections seen after antibiotics. | have seen patients whose 
long-term antibiotic treatment was unsuccessful recover within days or weeks with 
natural therapies. 


Overcoming the Antibiotic Syndrome: The main treatment for the antibiotic 
syndrome is sanitation of the gastrointestinal tract combined with a low-allergy diet. 
In this way, most acute problems can be overcome within weeks, while degenerated 
joints or organs can start a slower road to recovery. 


One unpleasant side effect of most methods used to reduce the pathogenic 
microbial overgrowth of the intestines is the Herxheimer effect, a sudden but 
transient worsening of symptoms due to toxins released by the dead or dying 
microbes. This is sometimes used as a diagnostic tool, especially for Candida: If you 
get the reaction, it means you had the infestation. 


| recommend intestinal flushes (orally taken) combined with antimicrobial 
remedies to avoid or minimize unpleasant side effects. An oral isotonic flush consists 
of nine grams or one heaping teaspoon of salt in one quart of water, and is suitable 
for sensitive individuals and generally for those with low to normal blood pressure. 
A solution is said to be isotonic if it contains a similar amount of salt as the blood. An 
Epsom salt flush can contain one tablespoon of Epsom salt, more or less according 
to need, in a large glass of water and is useful in cases of constipation and raised 
blood pressure. 


A crushed clove of garlic is added to the flush to reduce the microbial 
overgrowth. If garlic cannot be used, then up to two teaspoons of three-percent 
hydrogen peroxide (food-grade) or six drops of tea tree oil can be added instead. You 
can take another glass of water after the Epsom salt to wash down the bitter 
aftertaste, but not after the isotonic flush, as it would no longer be isotonic. 


The flush will carry most of the dead microbes and their toxins out of the body 
and minimize any unpleasant reactions. However, if the flush should not be sufficient 
to produce a strong bowel movement within two to three hours, then another flush, 
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preferably with Epsom salt, should immediately follow or unpleasant reactions may 
occur. 


As a precaution after antibiotic therapy, for general body cleansing, or if there 
are only mild symptoms of microbial overgrowth, it will be sufficient to continue this 
for about three days. In severe and long-standing cases, the flush can be used for 
several weeks. If Candida overgrowth is suspected, any sexual partner should have 
at least a short flush period. If it is inconvenient to continue with a flush, as for 
instance with work commitments, then it may work to have a flush just once or twice 
and then continue for a long time with a high intake of acidophilus and bifido cultures. 


Acidophilus and Bifido Cultures: This leads us to the next step: replacing the 
decimated pathogenic microbes with desirable lactobacilli or “friendly” bacteria. This 
must be done in a massive dose 30 to 60 minutes after each flush, otherwise the 
unwanted microbes may grow back to full strength after your next meal. Acidophilus 
culture is used to repopulate the freed-up spaces in the walls of the small intestines, 
while bifidobacteria are the protective inhabitants of the large intestines. 


These bacterial cultures are available from health foods stores as high-potency 
capsules or powders in brown glass bottles that should be refrigerated before and 
after sale. You can buy a mixed culture and take several capsules or two teaspoons 
in water or vegetable juice or one teaspoon each of the separate cultures. If you 
suspect a cow’s milk allergy, which is frequent in this condition, then use milk-free 
cultures. 


After several months on the shelf of a store, cultures may have very few live 
bacteria present. Therefore, it is best to take powdered cultures in addition to fresh 
cultures found in good quality yogurt. You can test the quality of any powdered 
culture by using it as a starter to make your own yogurt (see Step 37). If it is of high 
quality, the yogurt will develop quickly. Alternatives to cow’s milk yogurt do not set 
creamy because of their lower protein content, but that does not matter, as the 
beneficial bacteria are in the liquid whey. 


Eat a cup of this yogurt in addition to the powdered culture after each flush, 
using more before or with other meals. Continue taking either the cultures or yogurt 
for several months after you have stopped taking a flush. Women should apply 
yogurt or acidophilus powder to the vagina for a few days or weeks. It is preferable 
initially for a few days to douche beforehand with a few drops of tea tree oil or diluted 
hydrogen peroxide solution at a strength of one teaspoon of three-percent peroxide 
to a glass of water, or more or less according to your sensitivity. 


For those who do not ingest acidophilus/ bifido products regularly, take a 
course of “friendly” bacteria once a year as a precaution, but especially with or after 
taking any drugs, medical or recreational, or if you’re leading a stressful life. The diet 
during this therapy should be free of sweeteners, sweet foods, yeast, alcohol, and 
initially also of fruits. Various supplements, such as caprylic acid, can be useful but 
are not necessary with this flush method. 


If the Candida problem is severe or has existed already for a long time, 
chances are that the fungus has already invaded the bloodstream and internal 
organs. In this case, it is best to take an herbal parasite cure and at another time a 
course of Lugol’s solution as explained under Candida and Parasites in Step 44. 
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If your blood is contaminated, then you may initially experience a die-off 
reaction of the Candida, causing weakness and possibly headache or nausea. If this 
happens, cut back temporarily on the amount of Lugol’s solution and drink plenty of 
water and diluted teas or juices. 


Finally, as an addition or an alternative to Lugol’s solution, you can use a Beck- 
type blood purifier or zapper to eliminate Candida and other fungi and infectious 
agents from the blood (see Step 19). The magnetic pulser can be used to sanitize 
pockets of Candida infestations inside the mouth, vagina, or underneath the skin. 
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Step 49 
CARDIOVASCULAR DISEASE 


Managing cholesterol and improving your heart health - some practical tips. 


For many years, we have been inundated with anti-cholesterol campaigns and 
suddenly now we hear or read of one scientific study after another telling us that 
cholesterol, after all, may be good for us. 


The first major shock for the cholesterol - heart disease theory came in 1990 
with an article in the British Medical Journal. It was an analysis of six major 
intervention trials involving tens of thousands of people over several years. The result 
was unexpected. There was indeed a small reduction of about ten percent in 
cholesterol levels and a reduction of 14 percent in the rate of death from heart 
disease in the groups treated medically with drugs and low cholesterol diets. 


However, the total death rate of patients with medically lowered cholesterol was 
significantly higher as compared to controls. This included not only higher mortality 
from cancer, but surprisingly, on average, a 67 percent higher mortality from violent 
death, such as accidents, homicides, and suicides. This high rate of death from 
violent causes was found in every single one of these trials, so it was unlikely to be a 
coincidence. 


In looking for an explanation, researchers discovered that monkeys became 
more aggressive on a diet low in cholesterol and saturated fat, and human studies 
further found that criminals, on average, had lower cholesterol levels. This applied 
generally to individuals with aggressive or violent behaviour or limited self-control and 
also those involved in homicide and suicide. 


Another scientific publication voiced concern over evidence that about half of 
the men who die of sudden heart attack do not have any of the risk factors commonly 
associated with heart disease, such as elevated cholesterol or blood pressure, 
diabetes, obesity, or smoking. This would suggest that the main cause of heart 
attacks is still unknown to medicine. 


A Finnish study followed 1,222 Helsinki businessmen considered at high risk of 
heart attack for 15 years. Half were put on an intensive program of dietary regulation 
and other treatment while the other half served as controls. After 15 years, the low- 
cholesterol group had 67 deaths overall with 34 from heart disease. The control 
group had only half the overall death rate with 14 cardiac deaths. In light of this 
result, the medical director of the British Heart Foundation admitted that the existing 
advice to cut cholesterol was not based on “definitive research.” What, then, is it 
based on? 


Another recent medical study confirms the general harmlessness of elevated 
blood cholesterol levels. Of a large group of elderly patients with high blood pressure 
and high cholesterol, those with the highest cholesterol levels lived longest while 
those with less elevated levels had the highest mortality rate. Cholesterol news that 
hit the headlines in 2001 showed that for old men it is best to have a “normal” blood 
cholesterol level because both high as well as low levels lead to an increased rate of 
heart attacks. 
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Why We Need Cholesterol: The cholesterol saga started several decades ago 
when researchers found that those dying from heart disease also frequently had 
elevated blood cholesterol levels as well as fatty plaque, called atheromas, which 
clog up the arteries of the heart muscle. These atheromas consist of wildly 
proliferating smooth muscle cells filled and surrounded by a fatty sludge containing a 
high level of cholesterol. 


Medical authorities believed that cutting down on our cholesterol intake would 
lower our cholesterol blood levels and thus reduce the risk of heart disease. 
Biochemists, however, were generally sceptical of this idea. After all, the liver itself 
produces most of our cholesterol requirements. Approximately one gram daily is 
synthesized from the breakdown products of saturated fats and sugars and less than 
half a gram is absorbed from our food. The more cholesterol we absorb, the less is 
produced in the liver. With this, our overall cholesterol level remains fairly stable and 
any surplus cholesterol is normally excreted with the bile. 


Cholesterol is a very valuable and useful substance. It provides the basic 
structure for the synthesis of steroid hormones and vitamin D and it is a major 
component of cell membranes; it is especially high in the brain and nervous system. 
In the liver it is converted into bile acids and bile salts needed for the digestion and 
absorption of all lipids (fats and fat-related substances). However, if we are deficient 
in the emulsifier lecithin or in sulphur amino acids, cholesterol can accumulate as 
gallstones. 


So you can see that it is very important for us to have enough cholesterol. In 
fact, some wasting diseases, such as cancer, are associated with a cholesterol 
deficiency, and hypoglycemics are commonly found to have low cholesterol levels. 


How We Overproduce Cholesterol: Why then do some people get raised 
blood cholesterol levels when the liver is supposed to keep cholesterol levels stable? 
Obviously, something must interfere with the regulating mechanism in the liver. 


One of these causes is a high intake of saturated fats. These are broken down 
in the liver to keto acids that are normally used for energy production in the muscle 
cells. For this, the keto acids need the breakdown products of the sugar metabolism 
(glycolysis). If you have a habitually raised insulin level or insensitivity to insulin (e.g., 
diabetes), these sugar metabolites are in short supply and this can cause keto acids 
to accumulate. In addition, a deficiency of chromium will also interfere with the fat 
metabolism. The liver now attempts to get rid of the keto acids by converting them 
into surplus cholesterol. 


There is another mechanism responsible for cholesterol overproduction 
involving sugar. When you ingest sugar, your blood insulin level is raised. A key 
enzyme of cholesterol synthesis is actually regulated by insulin and this means a 
higher sugar intake generates higher insulin levels and with this higher fat and 
cholesterol levels. 


The word sugar, however, does not simply mean sucrose, our common 
household sugar. There are different forms of sugar. Sucrose is a combination of 
glucose and fructose. In susceptible individuals, fructose has a much greater 
influence on insulin levels than glucose. Enzymes still present in human liver biopsy 
samples converted fructose into fatty acids and cholesterol at rates three to 24 times 
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faster than glucose, with the highest rates occurring in those with a disposition to 
atherosclerosis. 


An even stronger insulin effect (stronger, that is, than by ingesting equal 
amounts of glucose and fructose) occurs when eating these simple sugars 
chemically combined as sucrose. This is called the disaccharide effect. In a study, 
monkeys produced three times more deposited lipids on a diet high in sucrose than 
with glucose. 


Oxidized Cholesterol: We can now see that a diet high in sugar and fat is the 
main cause of a raised cholesterol level, while the cholesterol content of our diet has 
been repeatedly shown to have little impact. Yet this still does not prove that there is 
a causal relationship between elevated cholesterol levels and heart disease. 


However, such a direct connection has been shown to exist with oxy- 
cholesterol. If cholesterol in food is heated, especially with access of air, then it is 
oxidized to oxy-cholesterol. Animal experiments with high intakes of either pure 
cholesterol or oxy-cholesterol have shown atherogenic degeneration only with the 
latter, not with cholesterol itself. 


This would imply that a main contributing factor to our high rate of heart 
disease is our habit of overly heating and frying meat, eggs, and milk products. 
However, once the arteries are damaged, then high cholesterol levels may or may 
not contribute to the deposits of fatty sludge. 


Further clues can be found in the history of heart disease. Heart attacks were 
extremely rare in earlier centuries and even at the beginning of the twentieth century. 
A medical textbook published in 1912 describes angina pectoris, a mild form of heart 
attack, as being very rare, and a famous American heart specialist did not see his 
first heart attack patient until 1920. Yet beginning in 1920, the explosive rise in the 
incidence of heart disease in Western countries was on. 


As China and other less developed countries remained free of heart disease, 
then we may ask: What fundamentally changed the lifestyle of Western populations 
at that time? Two important changes took place: the pasteurization of milk products 
and the chlorination of public water supplies. 


Pasteurization of Milk Products: Before pasteurization, some doctors 
recommended milk as a cure for many illnesses. Raw milk cures were famous at the 
beginning of the twentieth century. Formerly, people consumed plenty of cream and 
butter and rich meals prepared with them, and in Bulgaria and the Caucasus they set 
records in good health and longevity on full-fat milk products. An American doctor 
reportedly cured psoriasis by having his patients eat two pounds of butter a week. 
Despite all this fatty food, heart attacks were virtually unknown. 


Now milk is no longer a cure for any disease. On the contrary, natural 
therapists generally regard milk as disease-forming, butter is known to aggravate 
psoriasis, and heart disease is rampant. What is the difference? Enzymes plentiful in 
raw milk are destroyed by pasteurization. 


Some diseases that were formerly improved with raw milk can now be 
successfully treated with high-level enzyme supplements. Specifically, it is the fat- 
digesting enzyme lipase that works most of the healing miracles. With cardiovascular 
disease, there is a deficiency of lipase in the bloodstream. Lipase released by the 
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pancreas helps to digest fats, while lipase in the bloodstream and cells helps to break 
down unwanted fatty deposits. 


There are, however, fats and oils that arguably are much worse than 
pasteurized butter. These are the oils with a high content of unnatural trans-fatty 
acids, such as margarine, shortenings, and hydrogenated oils and fats and, to some 
degree, even our common salad and cooking oils. Trans-fatty acids are produced not 
only by hydrogenation, but also by the heating of oils. Fats and cholesterol are 
transported in the blood in the form of lipoproteins, and trans-fatty acids produce a 
more unfavourable lipoprotein profile than any other fat. 


Recently | heard a cheese producer say that he submitted some of his self- 
produced unpasteurized cheeses for testing. They were completely free of 
pathogenic bacteria, unlike pasteurized products that commonly contain disease- 
causing microbes up to a legal limit. The reason for this superior safety of raw 
cheeses is their high content of lactobacilli. These kill harmful microbes, while in 
pasteurized products, any survivors or contaminants can multiply unchallenged. 
Therefore, milk products correctly fermented with lactic acid are not only healthy but 
also safe, unlike their pasteurized counterparts. 


Chlorination of Public Water Supplies: Experimental use of chlorine to kill 
bacteria in public water supplies began around 1900 and was generally accepted in 
Western countries by the 1920's. Part of the chlorine reacts with organic impurities to 
form organochlorines (DDT is an organochlorine), while the rest remains as residual- 
free chlorine in the water. It can then react with food chemicals or with parts of our 
digestive tract. 


From 1920 onwards, the explosive increase in the incidence of cardiovascular 
disease and fatal heart attacks began, but only in countries that chlorinated their 
water supplies. These diseases remained unknown, for instance, in China, Japan, 
Africa, and Asia. However, Japanese citizens who emigrated to Hawaii where water 
was chlorinated suffered the same rate of heart attacks as the Americans, and the 
African-American population in the U.S. has the average U.S. rate of heart attacks, 
but not that of their counterparts in Africa. 


In 1967 an American researcher, J. Price, M.D., performed a decisive 
experiment. With one group of 50 three-month-old chickens, he added one-third of a 
teaspoon of chlorine bleach to about one quart of water in their feed, while another 
group of 50 chicken served as controls. Seven months later, more than 95 percent of 
the chlorinated group had advanced atherosclerosis, yet none of the control group 
showed any such evidence. In the following years, Dr. Price repeated his experiment 
many times, always with the same results. Recently, researchers funded by the U.S. 
Environmental Protection Agency confirmed atherosclerotic-type changes in other 
animals, including monkeys, when exposed to chlorinated water. 


Public health officials claim wrongly that water chlorination is essential to 
prevent microbial contamination. Public water supplies can be made safe with ozone 
or exposure to ultraviolet light at no greater expense than with chlorine. Even sunlight 
is very effective, with 99.9 percent of coliforms (pathogenic bacteria) killed within 90 
minutes in one experiment. For sterilizing our individual water supply, we can simply 
add a teaspoon of three-percent hydrogen peroxide (food-grade) to a gallon of 
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drinking water or expose it to sunlight in a shallow container or a clear glass bottle for 
several hours. 


Practical Recommendations: Other contributing factors in cardiovascular 
disease are vitamin B6 and magnesium deficiency, high ferritin or iron levels, and a 
low intake of omega-3 essential fatty acids. Kilmer S. McCully, M.D.,66 discovered in 
the 1960s that with vitamin B6 deficiency a toxic breakdown product of the amino 
acid methionine occurs. This chemical, homocysteine, causes free-radical damage to 
the arteries. Even young children with vitamin B6 deficiency were found to die of 
rapidly developing atherosclerosis. As a result of this discovery, Dr. McCully lost his 
professorship at Harvard Medical School in 1979 and was turned down in 51 job 
applications in the following two years. Now he has been vindicated and his 
discovery is mainstream medical theory. 


Moses M. Suzman, M.D., a neurologist in Johannesburg, South Africa, 
specialized in treating heart patients with 200 mg of vitamin B6 daily and B-complex 
tablets. He had remarkable success and extremely low re-infarction rates. 
Researchers have found that folic acid lowers homocysteine levels, especially in 
combination with vitamin B12; high iron levels have been strongly linked to free- 
radical damage in the arteries and subsequent plaque formation. 


Chronic inflammation has been shown to be strongly involved with the 
development of arterial plaques. Often this inflammation is due to chronic bacterial 
infections. A high intake of antioxidants, including the various bioflavo-noids and 
carotenoids, as well as omega-3 essential fatty acids in linseed oil (or ground 
linseed) and fish oils, protects the artery walls with their anti-inflammatory and 
anticoagulant properties. A good anti-inflammatory herb for everyday food flavouring 
is ginger root. 


For good heart health, avoid highly heated fatty and oily foods, especially if 
heated with access to air, as in frying. Not only are heated animal fats harmful when 
they form oxy--cholesterol, but so are oxidized and peroxidised polyunsaturated oils. 
Use vegetable oils that have not been heated to more than 120° F. Generally, | trust 
only high-quality linseed oil and extra-virgin olive oil to have retained their lipase. In 
addition, there are some good specialty oils, the labels of which state that the oils 
have been produced below 120° F. The cold-pressed oils in health food stores may 
or may not be completely trustworthy but are better than conventional supermarket 
oils. 


Cut down on sweet food, in particular on sucrose, and minimize the 
combination of starches with anything sweet, as that causes an exaggerated insulin 
response and all its harmful effects. Basically, this means eat fruits on their own 
before or instead of any meals. 


Fish oils and linseed oil are high in omega-3 essential fatty acids that are anti- 
inflammatory and protect our arteries from clogging. Various specific nutrients have a 
protective effect, such as ginger, green tea, grape seed extract, vitamins C and B6, 
natural vitamin E, and magnesium, preferably as magnesium chloride. All foods with 
color are good and especially purple foods, including red wine. In addition to an 
anti-inflammatory effect, these nutrients have an anticoagulant effect and discourage 
the formation of damaging blood clots. With seriously ill patients, the “Pauling 
therapy” is helpful: In addition to other recommended nutrients, use 5 to 10 g of 


335 Heal Yourself - The Natural Way 


vitamin C, 5 to 6 g of the amino acid L-lysine, and 2 g of L-carnitine daily, all in four 
divided doses daily. 


Reflexology describes a connection between the heart and the soft pad at the 
base of the left thumb. If there is a heart problem, this part will be sensitive when 
pressed. Heart diseases and especially acute conditions often can be improved by 
repeatedly and for long periods pressing strongly into the base of the left thumb. 
Heart attacks reportedly have been stopped by doing this. In an emergency, press as 
hard as you can; at other times, only as much as you reasonably can stand the pain. 
Gradually, as the condition improves, the tenderness at the base of the left thumb will 
diminish. See also the entry on Cardiovascular Disease in Step 44. 
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Part 7 
ENERGIES 


Dealing with Harmful & Helpful Ones 


This chapter deals mainly with the nonphysical energies, variously called life 
force, bioenergy, prana, chi, od, orgone energy,®” and many other names. It is this 
energy level that we most easily see as the innermost aura around living objects or 
that we sometimes feel as various sensations such as heat or tingling in our body, 
especially when transferring energy, as with “laying on of hands” or Reiki. It is also 
the energy that fuels our sexuality and that we feel most strongly during orgasm. 


This energy circulates in our acupuncture system and its vortexes form our 
chakra system (non-physical energy centres). It is not only at the root of most 
paranormal or psychic phenomena, but is the healing agent of many natural 
therapies. Homeopathy can only be understood as a bioenergetic phenomenon; that 
is why it is so fiercely rejected by conventional science, in spite of scientific evidence 
that it works. While bioenergy is still unknown to orthodox science, it is an everyday 
experience of many healers and sensitive individuals. Just as electromagnetic 
energies have a wide range of wavelengths or frequencies, so also have the 
bioenergies. On one side of their spectrum, the bioenergies border on the 
electromagnetic spectrum while on the other side they merge into the emotional 
energies. 


In addition to food, water, and air, we need a balanced intake of 
electromagnetic energies. These include sunlight, color, the Earth’s magnetic field, 
and the electric field between the ionosphere and the ground. Sunlight actually is a 
combination of electromagnetic energy and bioenergy, and in this way we receive 
most of our bioenergy from the sun. 
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Step 50 
ELECTROMAGNETIC ENERGIES 


Protect yourself from the harmful effects of electromagnetic radiation 
and make sunlight your friend. 


Strong electric fields of about 50 cycles per second (hertz, or Hz) are harmful to 
us. These fields exist around power lines, power tools, electric stoves, heaters, 
boilers, freezers, and television sets when in use and extend several feet or yards 
around the appliance. Stay away from them if possible. Using an electric iron or an 
electric keyboard or working with handheld power tools can easily drain your 
energies. We can reduce harmful effects of electricity on our body by holding our 
hands under running water from time to time when working with electrical equipment 
and also by having a shower in the evening. For a detailed discussion of this, review 
Step 8. 


The DC Field of the Earth: We live in a natural DC (direct current) field. The 
surface of the Earth has a negative electric charge and the ionosphere high above it 
a positive charge of about 50,000 volts. However, the electric currents involved there 
are extremely small. Near the surface of the Earth, the voltage differs greatly; it is 
highest on mountains and in dry conditions where it can reach 1,000 volts per meter, 
while in low-lying and moist conditions it falls to below 50 volts. This means that the 
voltage difference between a point close to the ground and one meter above it can 
be between 50 and 1,000 volts, but the current is so low that we do not feel it. 
Nevertheless, it has a noticeable effect on our well-being. Populations with 
exceptionally long life spans always seem to live in the mountains, such as in the 
Andes, Himalayas, and Caucasus. 


In buildings with roofs of metal, aluminium-coated insulation material, or steel 
reinforced concrete, the electrical field is near zero. It has been shown that this 
lowers our concentration span and well-being. There may even be counter-fields 
caused by the static electricity of plastic materials and synthetic carpets. Even worse 
are houses that have metal walls, whether they are of corrugated iron, coating or 
insulation material with aluminium, wire mesh, or reinforced concrete. Getting fresh 
air through open windows will improve the condition to some extent. 


In a high DC field, our well-being and mental abilities are increased, while in a 
low field we easily become fatigued and our concentration suffers. Electrodes that 
produce a field of 1,000 to 2,000 volts inside offices and houses have been used with 
good results in Germany. If you live in a conventional modern house, have at least 
the bedroom or sleeping place free of shielding metals, or sleep on the veranda in 
summer. This is especially important for someone with a serious chronic disease. 
Because as a species we lived so long in this natural DC field, the natural ion 
distribution and electrical fields in our bodies have adjusted to it. We feel better when 
we are exposed to this field. This is one of the reasons why walking on fresh grass 
feels refreshing, while habitually wearing shoes with rubber or plastic soles is more 
tiring. 

The magnetic field of the Earth is about 0.5 gauss, though it has been much 
higher in the past and is presently decreasing. Generally, life forms are bigger, more 
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vital, and longer living in a stronger magnetic field. Most people will find it best to 
sleep with the head in a northerly direction, while an easterly direction is sometimes 
beneficial; facing towards the west, however, is often weakening. In the Southern 
Hemisphere, you can also try sleeping with the head to the south. Experiment to find 
your best direction. 


Sunlight: On the level of energies, sunlight is our primary source of life. Light 
to moderate sun exposure is beneficial. Except in winter, do not sunbathe during the 
hours around midday. Preferably expose your whole body as often as possible for a 
few minutes in the early morning or late afternoon sun. This may be in the garden, 
the veranda, or even inside a room with an open window. In addition, it is beneficial 
to sit lightly clothed in the half-shade, as for instance under a tree, as we can absorb 
the bioenergies of the sunlight through our clothing. 


While brief exposure to the sun is invigorating, long sunbathing, especially at 
the beach, is exhausting and ages the skin and can cause skin cancer. It can also 
cause an overactivity of the parathyroid glands. Vitamin supplements can protect us 
from these dangers: In addition to PABA and other B vitamins, we need plenty of 
antioxidants, bioflavonoids, and carotenoids for sun protection. Except for zinc cream 
or a solution of PABA, | am not in favour of using sunscreen lotions; instead, use 
suitable clothing for protection. Sunscreens contain unbiological chemicals, and it 
has been reported that most commercial sunscreens kill skin cells and so may inflict 
long-term skin damage. 


Research shows that there is a strong negative correlation between available 
sunlight and breast cancer death rates, that is, living in a sunny area is associated 
with lower cancer rates. Even skin cancer is inhibited by regular low-level sun 
exposure; only sunburn, or high-level sun exposure, is a strong skin cancer promoter. 
It has been stated that trends in the epidemiological literature suggest that 
approximately 30,000 U.S. cancer deaths could be averted yearly by the widespread 
public use of regular mild sun exposure. A study on electricity workers showed that 
those with the most sun exposure had the lowest rates of skin cancer and melanoma. 
Other studies show a strong link between long-term exposure to fluorescent lighting 
and melanoma; melanoma often occurs on areas of the skin that have not been 
exposed to sunlight. 


Sensitive individuals, especially with low blood pressure, lack of energy, and a 
tendency to have food allergies and chemical sensitivities, should expose themselves 
to the full sunlight for only very short periods; preferable is semi-shade, as under a 
tree. Insensitive individuals, on the other hand, with insensitive skin and often high 
blood pressure, benefit from a longer exposure that tends to sensitize them. 


The eyes are important entrance points for sun energy. John N. Ott, in his 
Health and Light, demonstrated with his research how important it is for us to get the 
full spectrum of the sunlight into our eyes. This does not happen if we sit behind 
windows or wear glasses; these filter out essential frequencies of the ultraviolet part 
of the spectrum. Deficiency of this ultraviolet radiation caused by our living behind 
glass is a contributing factor in the development of degenerative diseases such as 
arthritis, cancer and leukaemia, eye diseases, hyperactivity, and sexual problems. 
These harmful effects are reinforced if the glass is inappropriately tinted, in this way 
blocking out a part of the visible spectrum as well. 
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Ott demonstrated that the primary effect of light entering our eyes is on the 
endocrine glands of the brain. He also showed that coloured lights have a strong 
influence on the ratio of male to female offspring when breeding animals. Especially 
unhealthy are most kinds of fluorescent lighting, more so if they have a pink hue. 
Even more harmful is light from the color screens of television sets and computer 
monitors; this effect is due to the artificial composition of these colours. 


However, if one has sensitive eyes, one should continue to wear sunglasses if 
the light is very strong and glaring and only gradually reduce their use when the eyes 
improve. The best sunglasses, if required, are of a special composition of gray so 
that they reduce the intensity of all colours to the same degree. Most plastics, by the 
way, do not screen out ultraviolet rays, so in this way one obtains full sunlight by 
living behind clear plastic windows. However, a disadvantage of this is that one can 
get sunburned behind these plastic windows. 


Lack of sunlight in winter or if one is bedridden makes us susceptible to 
depression. You can cure this seasonal affective disorder by looking into a bright light 
in the morning, preferably sunlight or lights with the full daylight spectrum. 


Sunlight is also required to convert cholesterol into vitamin D. Multiple 
sclerosis, for example, is inversely related to the amount of sunshine in the region, so 
that the closer to the equator, the lower the incidence of it. This is similar to the rate 
of cancer that also declines the closer we get to the equator. Another important 
aspect of sunlight is our indirect intake of it in the form of sun-drenched fruits and 
vegetables. Such foods absorb bioenergy as well as light frequencies from the sun, 
but these beneficial energies are gradually lost if these foods are stored in the dark. 
In this case, it is beneficial to expose them again to sunshine for a short period 
before eating. 


Coloured Light: Exposing ourselves to light of a certain colour has a definite 
effect on our emotions and body. The most balanced colour is green, and looking out 
over green meadows and at the green of trees has a balancing effect on body and 
mind. Blue and red, on the other hand, are the main opposites that help to adjust the 
body if it is out of balance. Red and especially orange are used for stimulation when 
we are fatigued and need strength. Too much of it, however, will make us nervous 
and irritable. Blue, of course, is sedating, even more so than green, not only for the 
mind, but also for the body if there is pain, fever, or inflammation. 


There are many different ways in which we can treat ourselves with colours. 
The most natural way is to look at distinctive colours in our surroundings. In addition 
to looking at meadows and trees for their balancing green, we can look for long 
periods at the blue sky to gain peace and quiet. For stimulation, on the other hand, 
we can focus on a red rose or any other red flower bathed in the sunshine. 


Another possibility is to paint or wallpaper a room in appropriate colours and to 
pay attention to the colours of our carpets and curtains. Then we can select suitable 
colours for our clothing. Usually we express through the colours of our dress our 
inner feeling at the time, for instance, dressing in black or gray if we are depressed, 
thereby reinforcing the negative mood. However, if we want to improve our emotional 
condition, select the opposite colour to our negative feeling. To ward off depression, 
for instance, wear pink or another bright and stimulating colour. 
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We can use differently coloured light bulbs, coloured lampshades, or coloured 
cellophane. However, most one-sided colour exposure should be only temporary, for 
as long as it has a beneficial effect on our condition. Too much blue, for instance, can 
push a susceptible individual from being peaceful to becoming depressed, or blue. 
Generally, it is best to use a mixture of colours inside the house and for our clothing, 
with possibly one dominant colour that balances our basic condition. For further 
information, see Colour Therapy in Part 2. 
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Step 51 
BIOENERGY 


Bioenergy is the true energy of healing, so for optimal health 
learn as much about it as you can. 


Bioenergy is the basis of all biological manifestations. It is also called prana, ki 
or chi, od, orgone, ether, bioplasma, or simply life force. Our main intake of this life 
energy is during deep sleep, through the chakra system, breathing, from raw food, as 
well as sunshine and energy transfer from other people. In the air, it is commonly 
called prana, while within our body we usually refer to it as bioenergy; for the 
Chinese, it is the chi that circulates in the acupuncture meridians throughout the 
body. Bioenergy generally appears as a bluish-gray haze; its movement is slow and 
wavelike; it can be accumulated and conducted by organic material and water; and it 
can be separated into two opposites with a bluish and a red-yellow color. The air is 
low in bioenergy on rainy days and at night. The planet is enveloped in a field of 
orgone energy and on most days this field can be observed moving from west to 
east. 


Our physical body is permeated with bioenergy. Part of this energy circulates 
through the acupuncture meridians while the surplus radiates out, forming an etheric 
field, or the inner aura, and protects us from harmful environmental radiation or 
microbes. For the body, bioenergy holds the blueprint that guides the growth and 
maintenance of all body structure; it is the “glue” that holds the cells together, the 
energy of organization. 


Acupuncture points are like transformers or inflow points of bioenergy from the 
meridians into the tissue structure. If this flow along a meridian and into the muscles 
is blocked, a limb becomes lifeless and paralysed, even if the blood circulation and 
nerve impulses are intact. We can direct and modify this stream of bioenergy with our 
mind to heal ourselves. Generally, we can increase our inner reservoir of bioenergy 
by living in an area with a high environmental potential of bioenergy. We can find this 
where there is plenty of sunshine, abundant vegetation, especially trees, and an 
elevated position - ideally a tree-clad hilltop or mountain plateau in the subtropics. 


Bioenergy in Healing: In 1973, researchers at the University of California at 
Los Angeles succeeded in replicating a Russian experiment in which part of a fresh 
leaf was cut off and Kirlian (high-frequency) photography revealed the faint outline of 
the whole leaf, including the missing part. This can be regarded as the first visible 
scientific proof of the existence of an aura around living objects. Before that, 
Professor Harold Saxton Burr of Yale University had made extensive measurements 
of the electric fields around living things and shown that these “L-fields” (Life-Fields) 
pre-exist as in a fertilized egg and guide the development of the related entity. 


| contend that prana, bioenergy, or life energy is a major factor in healing 
despite the denial of its existence by orthodox medicine. Chances of recovery are 
greatly increased by being regularly exposed to high concentrations of prana. 


For example, Wilhelm Reich in The Cancer Biopathy described his research 
into the effect of prana on cancer development and treatment. With a powerful 
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microscope (4,000-times magnification), he could observe how cancer cells 
originated from body cells deficient in prana and how cancer cells were destroyed by 
red blood cells highly charged with prana. Healthy red blood cells have a strong, 
blue, and pulsating field, he said. His research led him to believe that cancer is 
basically due to chronic sexual starvation or, more precisely, to blockage of sexual 
energies due to emotionally induced muscle tension or armouring. This is just 
another way of saying that cancer is primarily caused by a lack of bioenergy or a 
blockage in the circulation of bioenergy in the body. 


Prana is high in green surroundings and especially tree-clad hilltops and 
mountains. It is high in the air on sunny days, but low on dull days or at night. It is 
exceptionally concentrated in rainwater collected after a heavy shower on a sunny 
day. Use such highly charged rainwater for washing and drinking. In polluted areas, 
purify it with a jug-type carbon filter before ingestion. In addition, fresh rainwater, and 
especially rain that fell during thunderstorms, has a beneficial negative electrical 
charge, but this is discharged and lost if the rainwater comes in contact with a metal. 


Prana is much enriched in cascading sunlit streams and even in artificial sunlit 
cascades. Water can also be improved by exposing it to sunlight before use. Fresh 
fruit and vegetables stored in the dark and especially in a refrigerator have a 
healthier benefit for us if they are exposed to sunlight before eating. 


Revitalizing may be the most important task with chronic diseases (and 
especially with cancer). As Reich suggested, healthy blood charged with bioenergy 
readily destroys cancer cells and disease germs. To vitalize, use fresh raw juices, 
walk barefoot on dewy grass, do deep breathing exercises, meditation, energy 
healing, and energy cultivation, and use devices such as magnets, cones, and 
pyramids. 


Freshly cut grass emits a strong radiation of bioenergy. In a similar way, a “hay 
cure” was formerly used with good results as a folk remedy for many diseases. The 
patient was immersed for hours in freshly cut hay or sometimes in fresh leaves. 
Kirlian photography shows that cut leaves and grasses lose most of their prana within 
a few hours. This outpouring energy can be used to radiate a tumor or a weak organ 
with a strong charge of prana by keeping a pack of freshly cut grass over the area in 
contact with the skin. The pack should be renewed every few hours. 


Morning dew on fresh grass is another source of highly concentrated prana. 
Walk on it barefoot for ten to 20 minutes; with your hands, rub the dew onto your 
bare skin all over the body; if it's warm enough, roll with bare skin in the dewy grass. 
Psychics can see our aura expanding when we walk or stand on fresh grass. 


It is equally important to conserve our bioenergy by living in or visiting 
surroundings high in bioenergy. Generally, these are sunny locations with luxurious 
plant growth, but also mountains and the seashore. Some individuals claim to have 
lived on prana in the mountains but were not able to do this in the lowlands or a city. 
Males can lose much bioenergy through ejaculation and should minimize such loss 
when low in energy, as with cancer, AIDS, and other debilitating diseases. Instead, 
they can try Karezza-type (caressing with slow movements) lovemaking or other 
forms of spiritual sex as explained later in Part 7. 
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Basically, we get bioenergy from: 
e Recharging our etheric body during deep sleep 
e Ingesting fresh raw food, juices, and charged water 
e Breathing prana-rich air 
e Meditation and guided imagery 
e Stepped-down energy entering directly through the chakra system 


A high body charge of prana, visible to psychics as a strong and clear aura, is a 
main requirement for remaining healthy and overcoming chronic diseases. Therefore, 
protect and improve your health by exposing yourself to high concentrations of prana 
in any or several of these indicated ways. If you have the opportunity, visit known 
natural power spots or high-energy areas. 


There is also negative and potentially dangerous bioenergy. This is associated 
with diseased and polluted conditions and also with radioactivity. It appears that 
healthy bioenergy moves or spins at certain frequencies. When it stagnates, as with 
energy blocks in our body, it becomes more dense with a slower vibration. This 
negative energy not only acts to maintain a diseased state, it can also be absorbed 
by an unsuspecting healer and can then cause health problems in her body. Flowing 
water is a great cleanser for this and can be used in different ways to remove 
negative energy. 


Vivaxis Energies: Vivaxis is a term coined by Canadian researcher Frances 
Nixon in the 1960s for etheric energy beams that link us to specific locations. The 
most important one of these is our birth vivaxis, linking us to key energy points near 
the place of our birth in a two-way circuit. Perhaps migrating birds and insects find 
their distant destinations by being able to sense and follow these vivaxis beams. This 
would also explain how dogs sometimes cover hundreds of miles of unknown 
territory to turn up unexpectedly at their owner’s house or how turtles can return to 
their beach of birth after several decades to lay their eggs. In addition, there are 
Earth beams circling our planet, said Nixon. These contain the frequencies of all the 
elements necessary for life and are related to our individual energy fields by our 
vivaxis energies. 


Health problems may arise if our energy absorption from these essential 
energy beams is disturbed, Nixon proposed. This may happen as a general planetary 
condition after nuclear testing or, on a more individual scale, if we live in dwellings 
encased by metal (aluminium coating or insulation, steel-reinforced concrete, wire 
mesh). Further, our internal energy receptors may become disturbed after exposure 
to X-rays or other strong electromagnetic radiation, by wrongly applied strong 
magnets, prolonged mental stress, marijuana, vibrating tools, infrasonic waves, 
environmental imbalances, and pesticides as well as toxic chemicals in various 
drugs, foods, and cosmetics. 


Foreign vivaxes to which we may become linked can be created by hypnotism, 
strong magnets, electrical acupuncture treatment and pulse-wave machines, 
accidentally received electric shocks, and even contact healing, reflexology, and 
acupressure, especially if a therapist exerts strong pressure on bilateral points. Some 
of these foreign vivaxes can disturb our natural-force flows before they gradually 
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disappear. On a certain energy level, we seem to remain linked to everyone we ever 
touched. 


You can reduce the possibility of health problems arising from disturbed or 
blocked flows of these subtle energies by living as naturally as possible. Especially 
minimize pollution from non-biological chemicals and strong electromagnetic fields; 
frequently cleanse and recharge yourself in natural surroundings, by walking barefoot 
on grass or swimming in the ocean or an unpolluted lake or river. Preferably sleep in 
a part of the house with a minimum of metal shielding (as from insulation material) in 
the walls and roof. For more information, see Judy Jacka’s “The Vivaxis Connection” 
(Hampton Roads, 2000). 
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Step 52 


CULTIVATING THE ENERGIES 


Learn to sense subtle bioenergies and use them to energize your body. 


For increasing or maintaining our health and vitality, it is advisable to work 
directly with our life force, cultivating it, as the Chinese masters say. There are two 
main aspects to this energy cultivation. First we learn to accumulate bioenergy or 


prana and then use it by directing its flow. 
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Figure 7-1: Distribution of energy centres or chakras us. 


Each chakra modifies 
the vibration rate of the energy and that gives it a certain color. Further, each chakra 
energizes a specific region of the body and is related to a major nerve centre and 
endocrine gland. The energy then flows along a multitude of lines (called nadis) to 
form the etheric body. Major energy flows are along the acupuncture meridians that, 
in turn, nourish the internal organs and muscles. 


A health problem in a certain area of the body is usually associated with a 
disturbed function of the chakra governing this region. Normalizing and harmonizing 
our chakra functions is important for the healing of specific aspects as well as for 
increasing our available energy in general and for becoming whole and balanced. 


The characteristics of the seven main chakras can be seen in table 7-1. In 
addition, there are many more secondary chakras. Those in the palms of the hands 
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are commonly used for energy transfer. Each of the higher or finer energy bodies, 
such as the emotional, astral, and mental body, has its own chakra system; different 
energy bodies have different chakra colours. The corresponding chakras in the 
different bodies are interconnected. The more we spiritually develop, the greater 
becomes the exchange of energy between the different bodies, with the energy 
generally flowing from the finer to the denser bodies. Excellent books on energy 
healing, energy bodies, and the chakra systems are “Hands of Light” and “Light 
Emerging”, by Barbara Ann Brennan. 


You can experiment with two complementary methods of increasing your 
energy reservoir. In one, imagine energy entering through the crown chakra; in the 
other, imagine you retain the prana inhaled with the air. With some practice, you can 
combine both exercises and do them at the same time. The main rule in all of this is 
that energy flow follows our awareness and intentions. 


Table 7-1: The Main Energy Centres or Chakras 


Location Sanskrit name Gland Color Vertebra Function 


Root/Base Muladhara Adrenals Red Sacral 4 Will to live, vitality, 
grounding 

Pubic Svadisthana Gonads Orange Lumbar 1 Sexual energy, physical 
creativity 

Solar plexus Manipura Pancreas Gold-yellow Dorsal 8 Emotional energy, feeling 
safe, protected, connected 

Heart Anahata Thymus Green Dorsal 1 Spiritual feelings, love, 
compassion 

Throat Vishudda Thyroid Blue Cervical 3 Communication, creating 
with words and sounds 

Brow Ajna Pituitary Indigo Higher mentality and 
creativity, intuition, 
visualization 

Sahasrara Pineal Violet/white none Spirituality, 

connection to Higher Self 
and divinity 





Chakra Exercises: Sit or lie in a relaxed position and focus on one chakra at 
each session. Start with the crown chakra. Keep your awareness centred at the top 
of your head until you feel a light pressure, warmth, tingling, or other sensation 
developing in that area. Whatever you can feel, intensify it. However, it is preferable 
to replace any feeling of pressure with a feeling of warmth as soon as that can be 
done, in order to avoid an uncomfortable pressure from building up. 


You can also imagine a stream of white light entering the top of the head or 
visualize an energy vortex in this position. Let it spin clockwise in the Northern 
Hemisphere and counter-clockwise in the Southern Hemisphere. Alternatively, 
imagine feeling it as a pulsating energy field. You can combine all or several of these 
imaginations and use whatever is most suitable for developing a feeling awareness 
of this chakra. 
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Figure 7-2: The Stations of the Microcosmic Orbit, from “Bone Marrow Nei Kung”, by 
Mantak Chia. 


Repeat, focusing on the same chakra in subsequent sessions until you can 
easily feel its presence. Then move to the forehead chakra. In addition to trying to 
feel a light pressure or warmth, it is helpful to close your eyes and focus them as if 
looking at the inside of the centre between your brows. You can also imagine the 
white light flowing into the top of your head becoming violet in the crown centre, then 
continuing to flow into the forehead centre and illuminating it with an indigo colour. 


With the throat chakra, you can use similar imagery but make it a blue colour. 
Feel the warmth of your outgoing breath first in your nose and then transfer this 
feeling to the throat. Intensify the warmth and combine it with the blue in a pulsating 
rhythm. 


For the heart chakra, imagine that your breath moves in and out of the chest 
through the middle of your chest bone. Also try this imaginary breathing through skin 
and bone with any of the other chakras, but it is easiest to learn it at the heart centre. 
In this way, learn to sense the lower chakras - the solar plexus, pubic, and base 
chakras. Imagine the base chakra as an energy vortex that points to the base of the 
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spine. With this, the crown vortex and the base vortex are like an hourglass 
separated by the length of the spine, while all the other chakra vortexes are 
perpendicular to the spine. 


Storing Prana: To accumulate prana from the air and store it, imagine that the 
inhaled breath consists of two parts: physical air molecules and prana. During 
inhalation, the lungs automatically separate the prana from the air molecules. You 
exhale only the “empty” air while the prana flows to where you lead it with your 
conscious attention. The body uses the abdomen with its high water content as a 
storage reservoir of excess bioenergy. 


To energize the abdomen, feel the breath energy moving directly into the 
abdomen during inhalation. When exhaling, imagine pressing the energy down so 
that it becomes compressed at the bottom of the abdomen. With each successive 
breath, more compressed energy accumulates until the target area feels sufficiently 
energized. You may feel this as warmth, tingling, pressure, or any other sensation. 


If you can visualize colours, see energy being stored as a golden-yellow fluid 
that gradually fills the whole abdomen. Initially, you may also see it filling the whole 
abdomen like a gas with a very faint color that becomes more intense with each 
breath. However, it is not enough just to visualize it; it is essential also to feel the 
energy. 


Another important consideration is the actual prana content of the air you 
breathe. You gain the most energy when the air is high in prana, such as outdoors in 
natural surroundings on a sunny day. However, most of the time, you will be doing 
this exercise in far less than ideal conditions. Neverthe-less, persevere with it while 
trying to maximize the prana in your inhaled air by opening windows, exercising on a 
sunny day, and minimizing negative elements, such as electromagnetic forces and 
synthetics in your room. 


In contrast to accumulating prana through breathing, there is no such restriction 
when taking in energy through the top of the head, as this comes from another 
dimensional level. But as both energies have different frequencies and complement 
each other, it is beneficial to work with both methods. 


Circulating the Energy: A Chinese exercise to increase our energy and well- 
being involves circulating life-force energy in what is called the “microcosmic orbit.” 
Start by accumulating energy either through the crown centre or by condensing 
breath energy and lead it into the abdomen. 


When you have a good feeling sensation of the energy in the abdomen, 
imagine this sensation flowing into the pubic centre. Intensify the sensation until you 
can feel the pubic chakra, then let the energy flow into the perineum and the base of 
the spine. Feel the energy there in any way you can; you may envision it having a red 
color in this area. 


Now imagine a valve opening at the tailbone and, with each inhalation, lift part 
of the energy to a point in the spine behind the pubic centre. When you can feel it 
well, be it as pressure, warmth, tingling, or any other sensations, lift the energy with 
your breath to a point behind the solar plexus centre. If you find that you can lift the 
energy better during exhalations or by paying no attention to the breath at all, that is 
fine as well; experiment and use the method that works best for you. 
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Figure 7-3: The large heavenly cycle — the arm routes, from Awakening Healing Energy Through 
the Tao by Mantak Chia. 


However, if you experience unusual heat or any discomfort while trying to lift 
the energy up the spine, then stop immediately or imagine that a cool energy flows 
downwards. The idea is to increase the flow of energies gradually, but not to open 
the floodgate of the Kundalini energy at the base of the spine. That might be likened 
to feeding high-voltage power into a system wired for low voltage. 


As you continue to lift the energy to the back of the heart centre and then to the 
back of the neck, imagine that your spine is a straight hollow tube through which the 
energy flows following your intentions. Next concentrate the energy at the back of the 
head and finally at the top of the head. Reinforce it with the energy entering the top of 
the head and then lead it down into the forehead centre. It helps during the whole 
exercise, but especially at this time, to touch the roof of the mouth with the tip of the 
tongue. This makes it easier for the energy to flow farther down into the blue throat 
centre and then into the heart centre. 


To complete the exercise, lead the energy farther down into the natural storage 
area for excess energy behind the navel. Imagine that it flows towards the centre of a 
spiral where it is condensed and stored as a ball of energy in the abdomen, ready for 
future use. When needed, this energy can be reactivated with your intention and 
used for healing yourself or others by directing it with your mind where you want it to 
go. It can also be used for tasks with high-energy requirements and is the same 
energy that masters of the martial arts aim to cultivate and use. 
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In addition to circulating the energy in this “microcosmic orbit,” you can 
sometimes include the extremities in a “macrocosmic orbit” or “the large heavenly 
cycle.” After circulating several times in the microcosmic orbit, stop at the perineum 
and divert the energy down the back of the legs. Pause at the back of the knees and 
try to feel the two smaller energy vortexes there. Then continue guiding the energy 
down the back of the calves and around the outer ankles. Feel another set of minor 
chakras in the centre of the soles of your feet, and finally lead the energy up again 
along the insides of the legs. Circle around the knees and back to the perineum to 
continue the microcosmic orbit. 


At the top of the back, between the shoulder blades, divide the energy again 
and lead it under the armpits and down the inside of the arms. Focus for a moment 
on the inside of the elbows, then go to the middle of the palms and feel another pair 
of minor chakras there. Let some of the energy flow out the tips of the fingers and 
then move up the outside of the arms to reconnect with the microcosmic orbit where 
you left it. 


When you can readily feel the circulating energy and the various centres on its 
path, you can sometimes use a short form to energize and centre yourself quickly. 
Imagine the energy entering the top of the head and rapidly jumping down from one 
centre to the next to the base of the spine. Then with one inhalation lift the energy to 
the top of the head and with the next exhalation drop it again down the front to the 
base. 


Continue to circulate it in this way until you feel energized. You can, of course, 
switch the breathing cycle and lift the energy up the spine during exhalation if that 
suits you better. In a similar way, you can sometimes lead the energy very rapidly 
around the macrocosmic orbit with one long exhalation down the legs or arms and 
with the following slow inhalation back up again. In all this energy work. imagine and 
feel the energy moving below the surface of the skin. (For detailed instructions on 
exercises to accumulate prana and use it for healing, see: www.universal-tao.com 
and also books by Mantak Chia, such as “Awaken Healing Light of the Tao”.) 


Energizing the Body: In another method, imagine your spine to be a hollow 
tube. While inhaling, imagine the prana flowing up the tube to the top, and during the 
subsequent exhalation, let the energy again drop down the spinal tube to the base. 
Until you are well advanced in energy work, do not do more than ten such breathing 
cycles at any one time. 


With all energy exercises involving the spine, try to keep it straight, either sitting 
up straight (but relaxed) or lying stretched out on the back. However, you can 
practice these and other energy exercises anywhere, anytime, such as when driving, 
waiting somewhere, walking, or doing housework. 


Another recommended way of cultivating the inner energies is through slow 
movements while focusing on the sensations that the awakened energy flows may 
produce. This is done with exercises such as Tai Chi. However, you may not need to 
learn the structured Tai Chi sequence and can experiment with your own slow, 
improvised movements. Widespread, especially in China, is the practice of qigong. 
You draw energy into the body with a combination of breathing, movements, and 
guided imagery. This is especially effective if done in an energized outside area, 
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such as standing barefoot on grass, in a park, at the beach, or in the mountains. 
There are many books and websites giving instructions in qigong 


A relatively easy way of learning to feel bioenergy is to shake your body, 
especially the arms and hands, rapidly for about a minute. At the same time, breathe 
deep and fast and then suddenly stop. Remain completely still with the arms slightly 
raised in front of your abdomen or chest as if holding a large beach ball. Concentrate 
on the sensation in your hands and arms. Then start slowly moving your arms and 
your body. Try to intensify whatever energy sensation you feel. When you can feel 
the energy strongly, you can mentally lead it to an area of the body where you have a 
particular health problem. Alternatively, you can radiate the energy out of the palms 
of your hands to where you want to energize yourself. It is good to do this as a 
regular daily exercise. 


Finally, you can directly energize a weak or diseased organ or part of the body 
by feeling or breathing into it. If you Keep your attention focused on a particular area 
of your body, then you can feel it becoming warm and possibly tingling after some 
time. You can then use imagery to intensify the warmth or tingling. Also, imagine that 
your breath or the prana from your breath flows into this area and accelerates its 
healing. Even without a specific problem, you can focus on one organ after another 
and in this way energize the whole body. Once you can easily feel the warmth in a 
chosen target area, you can develop a sequence by energizing first the chakras, 
starting with the crown chakra, then circulate the energy a few times, and finally 
energize individual organs or areas of the body. Also, during your daily activities try 
to remain aware of the energies in various parts of your body. 


For further information on chakras and energy work, see the Love Cure (Step 
61). The best and safest way to develop the chakra system is by living appropriately 
in all life situations with a strong flow of a variety of positive feelings. Most healthy 
individuals have their three lower chakras reasonably well developed. Therefore we 
need to concentrate mainly on developing the four higher chakras. 
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Step 53 
ENERGY ACCUMULATORS 


Use orgone accumulators, pyramids, cones, or water to concentrate bioenergy. 


Various shapes such as pyramids and cones have been shown to concentrate 
bioenergy or prana. Some healers have patients sit inside small-scale pyramids with 
good results. | have experimented clinically with Reichian orgone accumulators, 
small pyramids, and cones. 


Bioenergy can be generated not only by certain shapes, such as pyramids and 
cones, and materials such as crystals and precious metals, but also by metals and 
non-metals arranged in alternating layers. This is the principle of the orgone 
accumulator invented by Wilhelm Reich, M.D., in the 1940's. He built large boxes for 
patients to sit in or smaller boxes, called shooters, from which the energy was 
directed through a flexible hollow pipe to the body of the patient. 


In one instance, | connected a wire screen placed over the tumor area of a 
patient to the top of a two-foot-high pyramid. After only one treatment, the patient 
developed a high fever during the night, which is excellent for destroying tumours. In 
another experiment, the energy radiated from a cone over a short distance produced 
a strong reddening of the skin as from sunburn, showing that these energies are real. 


Even water can be effective. On tumours and areas of infection and 
inflammation, you can use an energy suction tube to draw off excess energy. Place 
one end of a metal tube, about two to five feet long, in a bucket of cold water or 
another large volume of water. Lightly press the upper end against the area of 
overactivity and keep it in this position for ten to 30 minutes, without holding the tube 
with the hands. Do this daily until the condition is normalized. 


My understanding of the principle of energy accumulation is as follows. Our 
planet is enveloped in a deep layer of prana (bioenergy) generated by the sun. This 
prana envelope has been observed to move from west to east most of the time. 
When this prana flow encounters a suitable material shape, it forms a vortex around 
and within this obstruction, similar to flowing water or air forming vortexes under 
similar conditions. This increases the prana concentration within the structure. In 
Reichian orgone accumulators, the prana flow is being condensed by the specific 
arrangement of the materials. 


The Orgone Accumulator: Orgone is the term for bioenergy coined by Dr. 
Reich, and the accumulator he designed consists of alternating layers of metal and 
non-metal (e.g. natural fibre). Commonly, three alternating layers each of metal and 
non-metal are used; originally, sheet iron and plywood were used, but now more 
commonly, steel wool and sheep wool or other fibre are used. The outermost layer 
must be a non-metal and the innermost one a metal. The basic principle is that the 
organic or non-metal layer tends to attract and hold the bioenergy, while the metal 
layer radiates or reflects it. This causes the energy to drift from the outside of the box 
towards the centre, which is where you sit. 
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As an objective measurement of the higher energy charge inside the 
accumulator, there is a measurably higher temperature inside the box as compared 
to the outside. But it does not even have to be a box. You can wrap alternating layers 
of a metal and a non-metal in what is called a “power pack.” The easiest and least 
expensive way is to wrap alternating layers of aluminium foil with paper or plastic foil. 
However, various healers came to the conclusion over time that the energy 
generated with aluminium is not beneficial for our health and that it is best to use iron 
as a metal, either as galvanized iron or steel wool. 


If a person is to sit inside, the inside wall 
should be reasonably close to the body, but 
not touching it. A window and air vent can be 


CAUTION: Orgone accumulators can 


be “poisoned” by radioactivity. Do not 


use if radioactive clouds from atomic 
tests are suspected. Do not take a 
Ground the 
accumulator with a steel pipe connected 


wristwatch inside. 


to a stream, underground water, or a 


put in the door. Treatment can last 30 to 60 
minutes daily. Dr. Reich reported good 
success using this box with cancer patients. 


As with pyramids, the energy can be 
conducted out of the accumulator and used 


bucket of water that can be renewed | externally on a person or for experimenting. 
The charge within the accumulator varies 
according to the bioenergy content of the 
surroundings; it is high on sunny days and 


low at night and on rainy or cloudy days. 


from time to time. Disconnect the 
grounding when using the accumulator. 
According to some orgone research 
sources, presently, the orgone energy in 


cities is so polluted that it is not safe or 
You can also place large crystals or 


precious stones inside the accumulator and 
try to sense if that improves the quality of the 
energy coming out of a shooter. For more 
information and interesting articles on orgone 
energy, see the writings of Wilhelm Reich or 
the Public Orgonomic Research Exchange (PORE) at http://orgone.org. 


advisable to use orgone accumulators in 
these locations. Preferably use it outside 
city areas in a less polluted and natural 
environment. 





Bion Packs: Dr. Reich experimented with other ways of generating orgone 
energy that are not susceptible to poisoning. He found that strong orgone energy 
could be liberated from beach sand. After heating sand to incandescence in a 
Bunsen burner, he plunged it into water. Within minutes, he could observe under the 
microscope the blue orgone “bions” (individualized units of bioenergy). When bion- 
water was kept in a culture medium for several weeks, the water and the darkroom 
became highly charged and filled with the characteristic bluish glow of orgone 
energy. 


While working in this room in winter and without being exposed to the sun, Dr. 
Reich developed a deep tan all over his body and felt “extremely vigorous,” as he 
commented. He also used bion solutions experimentally to treat various disease 
symptoms; when bion solutions were injected into experimental animals, they killed 
or immobilized pathogenic bacteria and cancer cells, he reported. 


Dr. Reich also made bion packs by boiling beach sand or clay for 15 minutes 
several times and then freezing it. Here’s how to do that: Fill some heavy fabric, such 
as a sock, with sand like a sausage, tie the open end, and boil it for 15 minutes (no 
microwave). Then wrap the “sausage” in additional waxed paper or plastic and freeze 
it solid. When using a pack for the first time, alternate the boiling and freezing several 
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times. Before placing it over a diseased part of the body, let it sufficiently cool and 
drain off excess water. 


Use the pack when it is as warm as you can tolerate; use additional cloth 
insulation, which can gradually be removed as the pack cools. It continues radiating 
to some degree after cooling off. Therefore, there is no time limit for how long you 
can keep it on, although | assume that it is more beneficial when it is warm or hot. 
The pack can be reactivated on subsequent days simply by boiling it again. Let the 
pack dry out when not in use and preferably expose it to the sun for several hours 
between each application. 


Orgonite: This is a new and promising concept for generating bioenergy. It is a 
mixture of equal parts of metal particles and an organic component, such as 
polyester resin or beeswax. It is a development of Dr. Reich’s methods, which 
accumulates and regenerates orgone energy. Tests have shown that orgonite does 
not become poisoned, but has the ability to convert the “deadly orgone” or “Dor” as 
Reich called it, which is produced by radioactivity and nuclear plants, into healthy 
bluish orgone energy. 


While aluminium embedded in polyester or epoxy resin is more convenient to 
use for outdoor applications, for inside the house and bodywork | recommend other 
metals, such as copper and brass, with the metal particles preferably embedded in 
beeswax. It is also possible to make ceramic orgonite by mixing clay, especially 
polymer clay, with metal particles before firing. Crystals, precious stones, magnets, 
and various spirals are often added to enhance the power or healing vibrations of the 
orgonite. Copper pipes, crystals, magnets, spirals, and specific shapes, such as 
cones and pyramids, are used to point the outflow of the orgone energy in a specific 
direction. 


You can easily build an orgone generator yourself by following the instructions 
on www.cloud-busters.com. You can use different versions of it to improve the life- 
force energy inside your house, to charge your water with life force, or to treat the 
body directly. 


There are a variety of commercial Reichian-style energy devices available. 
Research the Internet using key words such as chi generators, purple plates, tachyon 
or tachion products, energy pyramids, and coils. 


Pyramid Energy: The pyramid shape concentrates bioenergy which can be 
used for healing or recharging by sitting or lying inside a pyramid. The strongest force 
is one-third up from the base. There appears to be an energy vortex spiralling 
upwards to the top (apex) and another from the apex downwards, but spiralling in the 
opposite direction. Both energy streams seem to have stimulating properties, but on 
different levels. A sedating energy field is created in an imaginary, inverted pyramid 
below the base of the physical pyramid. 


In the pyramid shape, the energy moves as a vortex, entering at the base and 
flowing out at the apex. Therefore, apex energy is used to charge and stimulate while 
an area below a pyramid (shaped as a mirror pyramid) sedates. Inside, the effect 
appears to be slightly sedating at the base and stimulating higher up. 


Therapeutic pyramids are commonly small-scale replicas of the Great Pyramid 
of Giza in Egypt. One of the four sides of the therapeutic pyramid should face 
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magnetic north. The measurements are 1 unit (height), 1.5708 units (base), and 
1.4945 units (sides), measured along the midline, not along the edges. The sides 
form an angle of 51° 51’ to the base. However, research indicates that many different 
pyramid-like and cone-like shapes such as a three-sided pyramid have the potential 
to accumulate energies. 


Avoid metal in the pyramid’s construction, especially sheet metal or wire mesh 
(except for copper or precious metal sheeting, especially at the apex). The walls do 
not appear to be essential, which means you need only construct a wooden or plastic 
frame. However, a pyramid-shaped capstone at the apex and a bottom plate will 
considerably increase the energy generation. The capstone can be in the form of 
copper sheeting of the top ten percent of the pyramid or a small copper pyramid as 
the apex. Keep unnecessary metal (e.g., watches) out of the pyramid when using it 
and place the pyramid away from strong electrical fields. One side of the pyramid 
should point towards magnetic north. 


For easy shifting and storage, you can build two sides of an open frame and 
hook them together at the base with two base-length pieces of timber, or you can 
build one or two small cardboard pyramids. You can then place one -pyramid under 
your bed or (wooden) chair, the apex pointing to the base of the spine or any part of 
the body that you want to strengthen. Then suspend the other pyramid from the 
ceiling with the base over a diseased area or over the head. 


The most effective way to use a pyramid shape therapeutically may be to have 
a pyramid outside in a dry, sunny location and to lead the energy inside the house 
through an insulated electric wire coming through the apex. At the end of this, attach 
a wire screen covered with a pillowcase and sit on it or keep your feet on it or place it 
where the body needs healing. The energy generated by the pyramid varies 
according to the strength of the prana field in the local environment. It is generally 
high in sunshine, elevated positions, and amidst green surroundings, and low at 
night, when it rains, and inside modern well-sealed houses. 


Generally, therapeutic work with pyramid energies is still in the experimental 
stage and you should approach these energies carefully and with self-observation. 
Start experimenting with small pyramids before building a big one. For treatment 
inside the pyramid, the direction in which the head points when lying down seems to 
be important, and the best position may differ for each person, time, and condition. 
Become sensitive, and experiment. 


Energy Cones: Cones seem to have properties similar to those of pyramids. 
You can experiment with a metal cone or a cardboard cone covered on both sides 
with aluminium foil. The cone can be one to two feet high, and the wide end is best 
sealed. The most important requirement is a right angle formed by the sides at the 
apex. If the angle is wider, the energy of the cone will be focused, as with a lens, 
while a more acute angle seems to disperse it. A beam of energy with apparently 
stimulating properties comes out of the tip of the cone and can be projected over a 
long distance. The energy can be led off the apex by a wire (as described above for 
the pyramid). A stronger force is generated if the cone is more than three feet above 
the ground. 


Covering the head with an open cone or a pyramid-shaped hat can be done to 
use the sedating force below these forms during meditation or to increase psychic 
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awareness. Perhaps this is the reason why sorcerers and magicians are often 
depicted with cone-shaped hats. However, when trying to use cones for health 
improvement, it is preferable to use galvanized iron rather than aluminium, due to a 
possibly detrimental health effect of aluminium-conducted energies, as noted above. 
You can, for instance, just spray a cardboard cone with copper paint. 


Crystals, Gems, and Metals: Crystals and precious stones can be worn for 
their beneficial radiation. Crystals should be naturally grown, not manufactured, and 
their best effects are achieved if worn directly on the skin. To regenerate the healing 
power of a gem, keep it in a silk bag when it is not worn. Use muscle testing, a 
pendulum, or other psychic means to assess which crystal, stone, or metal suits you, 
where to wear it, and for how long. Alternatively, make your selection according to 
the rules of color therapy. 


Some helpful recommendations by Edgar Cayce are as follows: 
e For attunement to healing: amethyst, bloodstone, chrysolite, or pear! 
e Attunement to infinity: diamond, lapis lazuli, or ruby 
e Greater stamina: agate and amethyst 
e Meditation and psychic abilities: lapis linguis 
e Strengthening mucous membranes: carbon steel worn close to groin 
e Strengthening the body: lapis lazuli, bloodstone, moonstone, pearl, and topaz 


Gems have also been used for healing in the form of powders and irradiated 
solutions. Gem therapy, as this healing method is known, is still very much at an 
experimental stage. For experimentation with solutions, you can use the following 
guidelines. 


Select a suitable gem or precious metal by muscle testing while holding the 
investigated item or use psychic testing. Write the name of the gem to be tested on a 
slip of paper and hold it near your navel while simultaneously concentrating mentally 
on this name; then do a muscle test. Alternatively, if you can work reliably with a 
pendulum, use that. 


Try to obtain the gem or metal that is most strengthening. Immerse it in a 
shallow bowl of unpolluted water, cover with light, fine gauze as an insect and dust 
screen, and expose this to sun and moonlight for several days; then pour the solution 
into a bottle. 


Take a sip once a day for up to six months. Use close self-observation and/or 
muscle testing and stop if any unwanted symptoms arise. If in doubt, it may be safer 
to take a 3x or 6x homeopathic dilution of the irradiated water, especially in the case 
of precious metals. If you lack energy, experiment with a ruby. Edgar Cayce 
recommended alternating the radiation of gold and silver because gold improves the 
circulation and silver the nervous system. According to Cayce, they may together 
almost double the present life span. Use pure gold and silver (preferably at least 99 
percent pure). 
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Step 54 
ENERGY HEALING 


Give energy or remove excess energy to facilitate healing yourself and others. 


The term “energy healing” refers to the transfer of energy from a healer to a 
patient and to the removal of negative unhealthy energies from the patient. | imagine 
negative energy to be dense and stagnating, somewhat like cold, damp air. Its effect 
on an unprotected healer can be noticeable; she may develop the pains or other 
disease symptoms that have just been removed from the patient. Energy healing is 
also called pranic healing, magnetic healing, or laying on of hands; yet another form, 
using special symbols, is called Reiki. While almost anyone can practice energy 
healing from a distance, its use when actually touching the patient should be 
restricted to those practitioners who already feel in good health and have an 
abundant supply of energy. Here’s a technique: 


Slowly move your more sensitive hand, usually the left hand in right-handed 
individuals, a few inches from and over the patient's body to try sensing unusual 
energy spots. This can be done on a fully-clothed person. Over a diseased area, your 
hand might suddenly feel warm or tingling. After completing the check, you can return 
to the area over which you felt the strongest sensation. Now you can either give 
energy to strengthen an organ or the whole person, or you can draw out energy from 
the body as in the case of pain and inflammation (described below). 


With all energy work where you touch a patient or remove energy, try to protect 
yourself with your intention or expectation of being immune. In addition, use guided 
imagery, such as visualizing a protective white light or shield around you, or with your 
imagination allow the patient's energy to flow through your body and out again 
through your feet or through one of your hands. 


Giving Energy: Before and after any contact healing, such as just described, 
practice energy accumulation (with breathing exercises, meditation, or guided 
imagery) and preferably use a prayer or affirmation. Then direct the energy into your 
hands and feel them becoming warm and tingling. Place your hands on or over the 
patient where the body requires healing, especially strengthening, and feel the 
energy streaming out; or hold in your mind the intention of being a channel for giving 
healing energy, or focus your attention on your crown chakra on the top of your head. 


Continue for five to ten minutes and repeat as required. After each session, 
rinse your hands in cold water and do some deep breathing. If you feel drained the 
following day, do more energy-accumulation exercises and less energy-giving in 
future sessions, and especially avoid or minimize touching patients. 


For general strengthening, it is often beneficial to place the right hand on the 
patient’s navel and the left one on their forehead. For most people, the right hand has 
more energy-giving qualities and the left one has predominantly energy-withdrawing 
qualities. However some people, especially left-handed individuals and sometimes 
women, have the opposite polarity. You can practice energy-giving in a group 
situation such that each one in turn is the “patient.” 
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Another method is to place the positive or energy-giving hand over the weak 
body area and hold the left hand over the person’s head with your palm facing 
upwards, the fingers lightly curved and the heel of the hand preferably pointing 
towards the north. 


You can be healer and patient at the same time by radiating energy from your 
hands into your own body. You can do this wherever you have a weakness or want 
to improve conditions; this is explained below under Beaming. Move your energized 
hands slowly from the top of your head over your face and down the sides and front 
of your body; smile inwardly while doing this. 


Removing Excess Energy: Excess energy can be associated with an 
overactive organ or a painful area of the body, but also with unreleased and densified 
emotions in the form of stagnating, depressed energy. This depressed energy is 
often stored around the shoulders, neck, and head. Commonly, drawing out excess 
energy is more helpful than giving energy. The reason for this is that energy needs to 
flow to be useful and drawing it out improves the energy circulation in a way that’s 
similar to walking barefoot on fresh moist grass. 


Energy can be directly removed from painful or overactive areas with cupped 
hands and then flicked into a corner. Afterwards, seal the person’s aura with 
smoothing, sweeping strokes downward along the body area from which the energy 
has been removed. At the arms or legs, make the sweeps towards the fingers or 
toes. 


For a general energy cleansing, the patient can be seated while the healer 
moves his cupped hands slowly upwards close to the person’s body, starting just 
below the level of the seat. This should be done from all sides, lifting the excess 
energy off the top of the person’s head and flicking it off into a corner, out of a 
window, or into a sink. At the end of the cleansing, seal the person’s aura. 


The healer must have the intention and expectation of removing excess 
energy. With enough sensitivity, you can actually feel depressed energy as a 
heaviness in your cupped hands. Try rapid or deep breathing during this work with 
the patient. These whole-body cleansings are especially effective if done by a group 
of healers at the same time, on one person. 


Another drawing-out method is as follows: Place your receptive or sensitive 
hand with the palm down a few inches above the painful or diseased area. Hold your 
positive or energy-giving hand, also with the palm down, over a bucket of fresh water. 
Treat for five to ten minutes, or less if pain disappears sooner. Then move to another 
part of the body if required and treat again for five to ten minutes. You may be able to 
increase the effectiveness of this procedure by having the fingers of the positive hand 
point south. 


Instead of using your hands, you can draw out excess energy with a suction 
tube: Solder approximately five feet of an insulated wire to one end of a one-to-two- 
foot iron tube. Remove the insulation from the free end of the wire and spread the 
strands of wire in a large container of cold water. With the free end of the tube, trace 
a meridian for sedation, or place it over a painful area. 


This implement produces a powerful suction for removing excess energy. Use it 
repeatedly for five to 15 minutes. However, avoid draining energy from the hand by 
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holding the tube when in operation. Preferably fasten it to a stand in the desired 
position, otherwise wrap it well with a dry cloth before holding. An even stronger 
suction is achieved by using a three foot long galvanized-iron or stainless-steel pipe 
in a fixed position without attached wire; one end reaches into a water container, 
while the free end is directed against a treated area. 


Healing at a Distance: As a possibility for distant healing in which you do not 
touch the patient, start by audibly or silently saying a prayer in which you ask that 
your patient be healed. Then have the patient lie down or sit in a relaxed position with 
closed eyes while you enter a meditative state. It will be helpful to use eight-two 
breathing or a similar slow-breathing technique (see Step 9). Then mentally radiate 
love and healing energy to the patient, or visualize the patient as being healed. 


Very effective is feeling a strong flow of energy entering the top of your head 
and moving down your arms and out of your palms. Hold your palms a foot or two 
away from the patient. Alternatively, you can beam the energy out of your forehead 
or heart. Another possibility is to evaluate in which part of the body the source of the 
problem is located. Then energize your own chakra related to this part of the body 
and let this energy radiate into the corresponding chakra of the patient. Finish with a 
thanksgiving prayer and a blessing for the patient. Distant healing is much safer for 
the healer than that done through direct touch. 


With distant healing, the patient is in the same room, while with absent healing 
the patient can be anywhere in the world. For absent healing, use a similar 
procedure: Visualize the face of the patient or concentrate your healing energy on a 
photo of the patient. You can also pray together at a prearranged time. 


Beaming: Beaming is an excellent cooperative method for improving our 
health and speeding up our spiritual development. It helps us to release negative 
mental, emotional, and etheric energies while activating our energy centres and 
circuits at the same time. Beaming can be done alone but is more effective with a 
friend or partner or in a group setting. 


Before starting, ask your God Presence or Higher Self to make you a channel 
for the healing light. (In the channelled information revealed in the book | Will Arise, 
by Paola Hugh, it is suggested to “ask in the name of Jesus Christ to become a 
channel for the healing Light of the Father's Love.”) Then imagine a spiritual white 
light entering the top of your head and flowing down your arms. You can use the 
chakras in the palms of your hands like lenses to focus this healing light in 
concentrated form onto areas of the body in need of healing and cleansing. Have the 
mental attitude that this light originates from a higher source. 


Generally, hold your hands eight to 12 inches from the body and point the 
palms towards the organ to be healed. If you feel warmth or tingling in your palms, 
this means that there is an obstruction in the person’s body; continue beaming until 
these disappear, then move to another area. Initially beam for ten to 20 minutes, but 
with growing experience go longer. The farther away from the body you hold your 
palms, the deeper the beamed light energy penetrates. 


For overall health improvement and spiritual cleansing, start with the person’s 
head. Beam from all sides, but mostly with one hand over the top and the other 
towards the base of the brain from the back. After several sessions of beaming the 
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head, move to the kidneys and the intestines, one palm directed towards each 
kidney. 


At another session, treat the spleen with one hand and the liver with the other. 
Jointly, spleen and liver are responsible for the purification of the blood. Do the same 
with the heart and the throat or the thyroid. If helping others, beam their kidneys, 
spleen, liver, and heart from the back. On yourself, you can treat your front or back 
depending on your ability to beam your own back. 


To establish inner energy circuits, beam simultaneously on the heart and the 
back of the head, on both adrenal glands (located on top of the kidneys), on one 
adrenal and the thyroid, then on the other adrenal and the thyroid. 


Another practice is beaming light of different colours from the thumb pads into 
the open eyes. Use a distance of two inches and about one minute for each 
imaginary colour. Start by visualizing the cosmic violet colour of transmutation. See it 
streaming out of the thumb tips and through the eyes into the centre of intellect at the 
base of the brain. Then visualize other colours and body areas. Beam emerald green 
into the eyes for the adrenals, grass green for the heart, pale blue for the 
reproductive organs and for the thyroid, light electric-blue for the liver, indigo for the 
spleen, deep indigo-blue for the ears, and orange for the lymphatic system. Violet is 
for the teeth and gums, and you beam this into the open mouth. 
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Step 55 
MERIDIAN & ACUPRESSURE THERAPY 


Balance the flow of energies along your acupuncture 
meridians by tracing their circuits. 


The human body has a bioenergy circulation system similar to the blood 
circulation system, as shown in figure 7-4. The bioenergy flows along 12 main 
meridians, or channels. These are on each side of the body, each pair being related 
to a specific organ and its processes. In addition, there are two single meridians 
following the midline of the body, one at the front and the other along the spine. Many 
points are distributed along these 14 meridians. These points are essentially 
transformer stations through which bioenergy flows into the muscle structure to allow 
organized activity to take place; they are treatment points for acupuncture. In 
disease, energy imbalances develop in these channels, causing some of the points 
to become irritated or congested. This results in pain or weakness in the surrounding 
muscles. 


Try to find tender points by pressing with a thumb or finger in a circular motion 
around the area indicated for each point on the charts of the meridians (see figure 
7-4). You do not need to know and find the exact location of a point. If there is a 
problem, all of a small muscle and much of a large muscle will be tender around the 
point so that it is easy to find. Press into the general area of the selected point and 
gradually work your way toward the centre of the pain. For treatment, concentrate on 
the most painful spots, pressing them frequently as explained for reflexology in Part 
2. Generally, the pain decreases after some time of pressing, but should it increase 
instead, then interrupt the treatment for several days. 


Tender pressure points may stem from either a local condition or a problem in 
the main organ associated with that particular meridian; also, the pain may be 
referred from a more distant body part connected to the same meridian. There is, of 
course, an interaction between these different areas. 


When the main organ is inflamed, most points along its meridian will be tender. 
The points especially useful for diagnosing and treating the organ directly are located 
around the ankles and wrists. They are called source-points; further source-points 
are situated along the Bladder meridian close to the spine, and also as local-points 
on various meridians near the target organ. 


Rules for Selecting Treatment Points: The following general rules are useful 
for selecting points for treatment. 


1. Points above the knees or elbows reflect mainly local conditions, while those 
below these joints reflect local as well as distant conditions at other parts of the 
meridian. 


2. Generally, the closer the points are to the fingertips or toes, the closer to the 
other end of the meridian will be the related sphere of influence. 


3. For painful, acute conditions, treat mainly -distant-points; for chronic conditions, 
add local-points. 
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Figure 7-4: Chart of Acupuncture Meridians. Begin tracing the points marked “start”. Dots 
indicate acupuncture or pressure points. Apply finger pressure when tender. The Governing Meridian 


(not shown) starts at the tailbone and follows the spine in a straight line over the top of the head down 
the nose and ends between nose and upper lip 


This means, for example, that if you wish to treat an acute eye or ear pain, 
select points near the toes and fingers, while to treat shoulders and hips, move close 
to the elbows or knees. For a more chronic condition, you press in addition the tender 
spots around the ears and eyes, and hips and shoulders. You can also add points of 
other meridians that have a direct relationship to the problem. Eye problems, for 
example, are often associated with poor kidney and liver function. Therefore, some 
points on the meridian associated with these organs can be treated as well. Further, 
the points at the shoulders, the shoulder blades, and the base of the neck control the 
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circulation to the arms and hands, while the points at the hips, the buttocks, and 
around the base of the spine control the circulation to the legs and feet. Therefore, 
treat poor circulation, numbness, and pain in the extremities by pressing the points in 
the indicated control areas. 


Frequently, the pressure points of a pair of meridians will be more sensitive on 
one side of the body than on the other side. This indicates an imbalance in the 
energy flows. The meridian with the more tender points requires sedation, relaxation, 
and withdrawal of energy, while its counterpart on the other side needs stimulation. 
Instead of pressing acupuncture points, you can place the north pole of a small 
magnet on a point for stimulation or the south pole for sedation. 


Meridian Therapy: A main problem in healing is the balancing of the energy 
flows. Usually, this balancing occurs unrecognized as a by-product of other 
successful treatments. However, healing can be initiated and accelerated by 
deliberately treating the meridians with the express purpose of balancing. 


A useful method for this is to follow the outline of a meridian with one finger or 
with several fingers held closely together. Following a meridian in the normal 
direction of flow is strengthening, while tracing in the opposite direction will weaken 
and sedate the meridian. The results of these tracings can be checked with muscle 
testing. Preferably energize your hands before a series of meridian tracements. Do 
this by vigorously shaking your hands for a few seconds or imagining energy 
streaming out of your fingers, or both. 


In order to perform a tracement, pause with your fingers for a moment at the 
starting point; then follow the meridian in a fluid motion. The fingers should be close 
to the body but do not need to touch the skin. It is enough to remain within about two 
inches of the actual course of the meridian. Related meridians on both sides of the 
body can be traced simultaneously. In repeated tracements, move the hands back to 
the starting point in a wide sweep to avoid following the meridian in the reverse 
direction. 


You can trace all the main meridians once or several times daily, or 
concentrate on the meridians most in need of improvement. Important meridians can 
be traced repeatedly during the day for 20 times or more. The strengthening effect 
may be increased if, after several tracements, you do a muscle-tensing exercise. 
Take a deep breath while tensing your whole body and then relax it during 
exhalation. 


The meridian system allows us to understand why many disease symptoms 
appear in certain body parts when the originating cause is a weak or inflamed organ 
in another location. The diagrams (see figure 7-4) show only the surface courses of 
the meridians; inside the body, each one is connected to its associated organ. In this 
way, the deranged energy pattern of an organ is easily transmitted to other body 
parts along the course of the meridian. 


Diseases of the ear, migraine, and hip problems can now be seen in terms of 
energy associated with the gallbladder. Arthritis of the hip, therefore, is often a 
gallbladder problem, while arthritis of the shoulders may have its cause in the 
intestines. Gout, affecting the big toes, stems from the liver, while swollen ankles are 
related to the kidneys. See table 7-2 for the relationship of different diseases or 
health problems to the meridian system. 
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Table 7-2: Pathological Symptoms of the Meridians per 24-hour Cycle 


Meridian with time of maximum daily activity Associated symptoms 


Liver, 1-3 a.m. 


Lung, 3-5 a.m. 


Large Intestine, 5-7 a.m. 


Stomach, 7-9 a.m. 


Spleen, 9-11 a.m. 


Heart, 11 am-1 p.m. 


Small Intestine, 13 p.m. 


Bladder, 3-5 p.m. 


Kidney, 5-7 p.m. 


Circulation, 7-9 p.m. 


Gland Meridian (Triple Warmer), 
9-11p.m. 


Conception Meridian 


Gallbladder, 11 p.m.-1 a.m. 


Governing Meridian 


liver problems, lumbago, vomiting, hernia, urination 
problems, pain in the lower abdomen and along the 
course of the meridian 


respiratory diseases, sore throat, cough, common cold, 
pain in the shoulder and along the meridian 


abdominal pain, constipation, diarrhea, sore throat, 
toothache in the lower gum, nasal discharge and 
bleeding, pain along the meridian 


stomach problems, abdominal pain and distension, 
edema, vomiting, facial paralysis, sore throat, toothache 
in the upper gum, nose bleeding, pain along the 
meridian 


problems of the spleen and pancreas, abdominal 
distension, jaundice, general weakness and 
sluggishness, tongue problems, vomiting, pain and 
swellings along the course of the meridian 


-heart problems, dryness of the throat, jaundice, pain 
along the meridian 


pain in the lower abdomen, sore throat, swelling or 
paralysis of face, deafness, pain along the meridian 


bladder, neck, and back problems, headache, eye 
diseases, pain along the back of the leg 


kidney problems, lung problems, dry tongue, lumbago, 
edema, diarrhea, constipation, pain and weakness along 
the course of the meridian 


poor circulation, angina, palpitation, diseases of the 
sexual glands and organs, irritability, pain along the 
course of the meridian 


diseases of the thyroid and adrenal glands, ear 
problems, sore throat, abdominal distension, edema, 
swelling of cheek, pain along the meridian 


diseases of the urogenital system, hernia, cough, 
breathing difficulties, breast problems 


gallbladder problems, ear diseases, migraine, hip 
problems, dizziness, pain along the meridian 


spinal problems, mental disorders, fever, nose problems, 
headaches 
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Each organ-meridian system, except for the conception and governing 
meridians, has a two-hour period of maximum activity and a period of minimum 
activity 12 hours later over the course of the day. An inflamed organ is often more 
painful during its active period, while a weak system should not be stressed during 
low periods. 


While pulse diagnosis (read at the wrist) is the expert way of determining the 
energy balance of the meridians, you often can judge this by the kind of diseases or 
symptoms present. Generally, overacidity, pain, and inflammation along the course of 
a meridian or in its target organ require sedation, while coldness and weakness call 
for stimulation. 


According to Chinese medicine, some interesting characteristics are associated 
with the meridians of the kidneys and liver. Weak kidneys are associated with a lack 
of will and sexual impulse, and with negativity, unease, timidity, and impatience. In 
the case of overactive kidneys, the energy level is abnormally high and you cannot 
stop working. It is similar with the liver. Weakness shows itself in dizziness, a clumsy 
walk, easily tired eyes, and a short temper, while an overactive liver causes 
excessive excitability, crying moods, and a compulsion to continue working. 


Chinese medicine says that the main organs and their meridians are also 
associated with different emotions. An excessive amount of these emotions can 
damage the associated organs, while a disease of these organs may, in time, lead to 
excessive displays of these emotions. Accordingly, anger is associated with the liver; 
excessive laughter and gayness, but also fright, with the heart; worry and emotional 
tension with the spleen and pancreas; grief, sorrow, and negativity with the lungs; 
and fear and timidity with the kidneys. 


Magnet Meridian Therapy: Magnets can be used for tracing meridians. Move 
the appropriate pole of a magnet close to the skin along a meridian. This can have a 
much stronger balancing effect than using the fingers. For strengthening use the 
north pole, for sedating the south pole. 


With muscle testing, you can often detect a strong preference of a meridian for 
one of the magnetic poles. This can be used to diagnose the condition of the 
associated organ (if weak or inflamed). If muscle testing is not possible or successful, 
use the south pole on the body side that shows more inflammation or more tender 
acupressure points; trace the opposite meridian with the north pole. 


Some individuals feel immediately which pole and direction of tracing is 
beneficial, while the opposite pole and direction may feel unpleasant. For a sedating 
and pain-relieving effect, it can be very effective to trace the south pole of a strong 
magnet against the meridian flow. Use a round magnet, one or more combined 
button magnets, or a small elongated ceramic magnet. 


If muscle testing shows that tracing the opposite flow direction of a meridian 
with the south pole towards the skin is strengthening, there may be an infection or 
inflammation somewhere along the course of the meridian or at its associated organ. 
Weak meridians or their related organs, on the other hand, test stronger when tracing 
is done with the north pole in the correct flow direction. If the tracing is stronger with 
the south pole in the correct flow direction, but weak when traced in the opposite 
direction, there is only a moderate amount of overactivity in the meridian or its related 
organ. 
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The tracing of meridians associated with painful conditions 20 to 50 times with 
a strong magnet has sometimes provided almost immediate relief from pain, while 
similarly quick results have sometimes been achieved using the north pole for 
improving the mobility of impaired limbs. 


Instead of using magnets, meridian tracement can be done with energies from 
a small pyramid or orgone accumulator. Use a metal tube, preferably galvanized iron 
or stainless steel wrapped in dry cloth, for the actual tracement; this can be 
connected to a pyramid by an insulated wire. For sedation, try a metal tube (copper, 
galvanized iron, or steel) from which an insulated wire leads into a container of water. 


Mental Tracing of Energy Channels: Often, effective meridian therapy can be 
achieved simply by tracing a meridian mentally, moving your awareness along it. Try 
to feel a warm or orange energy stream moving in the normal flow direction for 
stimulation; for sedation, feel a cool or blue stream moving either in the normal 
direction or against it. If in doubt, move in the normal direction and imagine the 
meridian being traced with the correct pole of a strong magnet. You may not actually 
need to know which pole it is. 


Meridian therapy is especially important where scars cross a meridian line. 
Untreated scars tend to restrict the energy flow. With meridian therapy, | have seen 
on some occasions pain, persisting for days or weeks after an operation, disappear 
within minutes and _ stiff or painful shoulders became normal. Even scoliosis 
(sideways curvature of the spine) has been corrected in a short time in this way with 
the addition of dietary improvement and pressure applied to tense muscles. Scoliosis 
can also be successfully treated with color therapy and magnet therapy using 
stimulation (orange color or north pole) on the weak side of the back and sedation 
therapy (blue and south pole) on the tense side towards which the spine is being 
pulled. 


While prolonged pressure applied to a tense muscle is usually the quickest way 
to disperse pain or stiffness, it is also painful, so it helps greatly to trace the nearest 
meridian for several minutes with a magnetic south pole beforehand, possibly against 
the meridian flow. Refer to table 7-2, which shows the health problems that can be 
associated with the different organ meridians. Problems due to overactivity, such as 
inflammation, are commonly most pronounced during the time of maximum activity, 
while underactivity or weakness may become more normal at that time. 
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understand the connection between”alignment of spin”, which is what happens when a permanent magnet is 
created. Electrons are aligned relative to each other, which as effect amplifies their spin wave pattern into 
macrocosmos as a magnetic and electrostatic field. Just like many small permanent magnets cane fuse their 
fields forming one large macroscoping resulting field. This is how a billion electrons form macroscopic, complex 
geometric patterns. “Sticky electrons/permanent magnets” fuse their force, resulting in one dominating 
macroscoping field geometry. During this process, nothing is changed about the net amount of matter, only 
electron spin alignment is changed. There is an infinite amount of different ways spins can be aligned /oriented 


relative to each other. Spins are relative to each other is how nature encodes information. 


Its all about the collective. How the many spins are relative to each other and their resulting 

electromagnetic /magneto-dielectric field symmetry and macroscopic standing wave pattern. At least two spins 
are required to create this effect. Electrons wobble around their spin axis (spin precession). This wobbling can be 
transmitted from one electron to the other, like a wave. If billions of electrons align their wobbling wave-motion, 
the collective electron spin precession information is amplified into macroscopic standing wave patterns of 
electromagnetic/magneto-dielectric fields. Just like Fibonacci suggests, one spin precession information relative 
to its neighbour. One number relative to the other, the only mathematical row that is defined by two numbers 
instead of 3, because the conjugation of electron spin alingment and resulting macroscopic permanent magnetic 


electrostatic field symmetry and standing wave pattern is elegantly simple. 


Side-remark: Currently, we are living the electric revolution, and it just started @ 


Nature’s creation: Lets use the BigBang energy analogy. At the beginning, all 
energy ts concentrated to a point singularity. This point is an infinite 
dielectric/electrostatic potential, a voltage without dimensional 
footprint. This electrostatic point potential can be decharged into 


electric current, which induces a magnetic field. 


Oscillating electrostatic, electric- & magnetic fields. There are moving 
electromagnetic waves (Photons & Electrons) or standing permanent 
magneto di-electric potential, resonance of the permanent magnetic field 


and its conjugated electrostatic field. 


Step 56 
SEXUALITY 


Channel your sexual energies into pleasure rather than frustration. 


Strong emotions and energy flows are an integral part of sex, which is why sex 
has the potential to cause enormous problems if these emotions and energies are 
blocked or misdirected. Due to our social conditions, unimpeded sexuality is rare and 
sexual repression is the norm, so much so that most of us do not even realize that 
something is wrong. We do not know what natural, free-flowing sexuality is. | see two 
main factors that led to this situation in our society. One is our competitive, ego- 
centred, and male-dominated social structure and value system; the other is the 
cumulative result of our restrictive religious teachings and social traditions. 


The Natural Development of Sexuality: Sexuality is much more than having 
sex. It involves a wide range of feelings and emotions at all ages. In the foetus, 
sexuality is experienced as total security, the reassuring heartbeat of the mother, the 
gentle rocking motion of its fluid bed, and the sucking of its thumb. For the baby, 
sexuality means lying against a warm, soft body, feeling its love and auric energies, 
gently touching and suckling at a nourishing nipple. The growing infant retains this 
need for loving touch and gentle body contact. Later, exploring one’s own genitals 
and using them to generate pleasurable feelings is as natural and important as 
exploring aspects of the environment. Of special importance is an_ intimate 
relationship, involving bodily contact with the parent of the opposite sex or with his or 
her substitute. 


With puberty, sexuality bursts into the open and produces powerful longings. 
The awakening sexual feelings need an outlet. This is provided for the girl through 
romantic ideals, hero adoration, and in a practical way involving religious and 
charitable service. Sports and nature activities provide an outlet for both sexes. 


Teenage boys long for adventure and need to develop and test their abilities by 
following or imitating a chosen hero or role model. These romanticized adventure 
activities channel the sexual energies into safe outlets conducive to inner and outer 
growth and social development without suppressing sexual feelings or activities. 
Ideally, the relationship of children and teenagers with their parents should be such 
that all sex-related subjects can be freely discussed and possibly even practical 
instructions given by the parent of the same sex. 


Romantic relationships with the opposite sex remain for many years just that, 
romantic. This is the flowering time of erotic love with ever-increasing levels of 
intimacy, but with penetrative sex ideally happening only in the later teens within the 
context of a loving relationship. The challenge now is to transform the straw fire of 
erotic love into mature lasting love for the partner. Erotic love is based on sexual 
attraction, while mature love is a communion in spirit. This transformation of love will 
allow the sexual relationship to mature more fully. 


To recapitulate, we can say that during pregnancy and birth the most important 
aspect for the foetus is being wanted. During babyhood, breastfeeding and body 
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contact are central. The growing child needs to be immersed in a loving and 
harmonious relationship with the whole family unit with much touching and 
experiencing of feelings. Then comes the time of romantic idealism for the teenager 
and finally the challenge to transform Eros into mature love and sex. This is the ideal 
of our normal and natural sexual evolution. 


The sexual reality for most of us is so different from this ideal that it has left an 
important part of our sex-related emotional development greatly impaired. Instead of 
this gradual, guided growth into a sexual relationship, we are expected to be asexual, 
with severe repression of sex-related feelings and impulses, until we are grown up 
and then overnight, without a suitable role model, become responsible and 
accomplished sexual partners. That is just not possible. 


When Things Go Wrong: The importance of several of these factors for 
normal sexual development has been demonstrated in an interesting experiment with 
monkeys. Immedi-ately after birth they were separated from their mothers and raised 
with two substitute “mothers.” One “mother” was a wire structure containing a food 
bottle with nipple and the other had terry cloth over the wire and was heated by an 
electric bulb inside. The young monkeys adopted the cloth-covered structure as their 
mother substitute and were distressed when it was temporarily removed. The bottle 
structure was just a feeding machine to them. All these monkeys became disturbed 
emotionally as well as in their behaviour when growing up, and they were unable to 
perform the sexual act successfully on maturity. Touch was emotionally more 
important to them than food. 


Most of us became blocked in our sexual-emotional development at several 
stages of our upbringing. One of the worst aspects for a baby is the feeling of not 
being wanted and especially if it experiences hostility from one or both parents. 
Regression shows that a baby or even a foetus knows the attitude of its parents and 
that this remains a lifelong part of the subconscious programming of that individual. 


A difficult birth, especially with forceps and glaring lights, is traumatic for the 
infant; so is surgery and a negative attitude by those present at the birth. Even worse 
is the prolonged separation of the baby from the mother as practiced in most 
hospitals. More than anything else, babies need persistent contact with the mother or 
a suitable substitute for emotional security. 


It is so sad that many parents take great pride in a fanciful nursery room when 
the baby only longs for contact with its mother. This is perceived by the baby as a 
rejection, being left alone with feelings of insecurity for the rest of its life. Such 
insecurities surface again later, in a sexual relationship. The more secure infants feel, 
the sooner they will venture off on their own to explore the world around them and 
the more secure adults they will become. 


Further problems frequently arise in the “anal” phase of development, as Freud 
called it, with too early or too severe toilet training. Instead of acquiring voluntary 
control of the sphincter muscle, children permanently contract the gluteal muscles 
and those of the pelvic floor. In later life, this can lessen their sexual energies and 
feelings. 


Another conflict often arises between the ages of two and six, when parents 
typically suppress any manifestations of infantile sexuality. These can be in the form 
of touching, masturbating, or displaying the genitals, or erotic contact with the parent 
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of the opposite sex. Such body contact is pleasurable for the child and necessary for 
identification with its body and development of pleasurable erotic feelings for the 
opposite sex. Problems arise when the parent either rejects close body contact or 
manipulates the child for his or her own sexual desires. 


Psychologists speak of an Oedipal situation at the age of five or six, when the 
child must choose between its sexual feelings and retaining the love of the parents 
by being a “good” child. Most children choose to be good and suppress their 
sexuality. This then leads to frustration with the opposite sex in later life. Sexual 
feelings, like other feelings, are suppressed by tensing the muscles, especially in the 
pelvic area, making the body rigid. 


During our school years, examination anxieties greatly contribute to our general 
insecurities and make us more nervous and neurotic. As teenagers, we often lack 
suitable outlets for our creative energies and romantic ideals. If our overflowing 
sexual energy is not transformed into creative energy in the form of sports, art, or 
adventure, then masturbation remains as the only outlet, aside from erotic and wet 
dreams. This may lead to premature penetrative sex as an experiment or because of 
peer pressure, without feelings of love and sharing, so necessary for maturing sex. 


Sexual Neurosis: The emotional problems of our parents led to most of us 
facing severe emotional stresses in our childhood, and now as adults we are neurotic 
to varying degrees. | use “neurotic” to mean that we have emotional disturbances 
and inhibitions that prevent us from finding fulfilment in life and specifically in our 
sexual relationships. Neurosis manifests in all aspects of our personality, feelings, 
emotions, character structure, body structure, and body functions. If we have sexual 
problems, we also have problems in our other social relationships. Our childhood 
experiences guide us in our choice of sexual and marriage partner, in the kind of sex 
that we like or dislike, and in what we feel and how satisfied we are in life. 


Symptoms of sexual neurosis are manifold, including shyness, stuttering, 
difficulty urinating if someone looks, fear of nudity, premature ejaculation, impotence, 
frigidity or generally failure to achieve full orgasm, lack of fulfilment, nymphomania, 
and a tendency to rape. Neurosis also contributes to many diseases and especially 
to those of the female sexual organs. 


As adults we usually are completely unaware that the emotional scars from our 
childhood are still subconsciously active and even dominating our behaviour and 
decision-making. Our lower self, however, remembers fully because that is what it is 
made of, for memories are the basis of our inner life. If we felt deprived of something 
important as an infant, we will continue to feel deprived as an adult. If we felt fearful 
of or hostile towards our mother or father, we later feel subconsciously hostile 
towards all men or women or are afraid of them. How can we have a normal, fulfilling 
sexual relationship or any other close relationship with someone we fear or hate 
subconsciously? 


It is said that we can only fully love a man or a woman if we basically love all 
men or women. If we are subconsciously fearful of the opposite sex, then we develop 
a fear of penetration, become impotent, or become susceptible to homosexuality. 
Strong hostility towards the mother can later lead to an inability for a man to have sex 
with a woman unless he humiliates her, possibly in the form of violent rape. 
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Pornography is a fantasy outlet for many forms of sexual neurosis, but it is only a 
poor substitute for uninhibited sexual functions. 


Sexual Types: Body-oriented psychologists such as Alexander Lowen, John 
Pierrakos, and Barbara Brennan have devised various systems linking our childhood 
experiences with our sexual problems as adults. They distinguish the following 
sexual types: schizoid, oral, psychopathic, masochistic, and rigid. A normal type does 
not seem to be part of their experience. 


The schizoid type: This type experienced emotional trauma already around 
birth and, therefore, did not fully connect with the body. When things become difficult, 
schizoids just withdraw from reality and live in fantasy. The resulting lack of body 
feeling and identification with the “self also leads to confused sexual identification, 
and schizoids easily become homosexuals or prostitutes. Many passive lesbians are 
of the schizoid type as, like deprived children, they crave warmth and human comfort; 
their orgasmic potency (the ability to reach a full orgasm) is usually rather low. 


The oral type: This kind is widespread because of the general abandonment of 
breast-feeding in our society. The baby felt abandoned and sex is sought mainly for 
closeness and contact, similar to the schizoid type. The breast is worshipped and 
oral sex enjoyed. Sexual relations as well as sexual functions remain immature. Anal 
sex is also related to the oral phase. Sensuality, superficial feelings that make us feel 
good, are used as a Substitute for orgasmic sexuality, but cannot achieve a deep 
emotional energy release. 


The psychopathic type: This kind evolved from a child that felt it had to 
manipulate the parent of the opposite sex to get what it wanted. In later life, the need 
to be taken care of is achieved either through bullying or seduction. Sex is often 
hostile with much fantasy. Feelings of contempt for the partner cover suppressed 
feelings of inferiority. Sexuality is used to control, conquer, and dominate, while 
pleasure is secondary. Often the behaviour in a relationship is irresponsible. 


The masochistic type: This type evolved from domineering parents who 
crushed the child’s creativity and self-respect. This lack of self-worth is expressed in 
a sexual relationship as a need to be humiliated. Sexual excitement can be gained 
from inflicted pain. The masochistic male may have difficulties with ejaculation. 


The rigid type: While most neurotic individuals have various rigidities, these are 
especially prevalent in the rigid type. The child suppressed sexual and other tender 
feelings in response to a perceived rejection by the parent of the opposite sex. This 
was typically an emotionally cold parent who did not tenderly touch or cuddle the 
child. The child learned not to cry or show emotions. The rigid adult chooses sex over 
love and is a sex performer without deep feelings and with greatly decreased 
orgasmic potency. Sexual activity is compulsive and mechanical; performance 
provides ego satisfaction; emotional warmth and physical closeness are avoided. 


Commonly, we combine features of several types in our sexual makeup, but 
with one type being dominant. However we resolved the Oedipus complex as a child 
(the relationship with the parent of the opposite sex), we assume corresponding 
sexual roles as an adult. We may either act as a son or daughter, as a sister or 
brother, as hero, sweetheart, or romantic ideal, as a father or mother figure. 
However, if we resolved the problem in a natural way, we act as a mature adult, 
encompassing all roles and playing each one as appropriate. 
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If the relationship of a girl with her father remains emotionally unresolved, then 
as an adult she tends to act mainly on the daughter level, looking for a father figure 
and easily becoming just a sex object in danger of drifting into prostitution. If the girl 
channelled her sexual feelings into sympathy for the father, she may play the role of 
sister and see herself as companion and helpmate of her man, wanting to share 
everything, but sexual contact remains relatively unimportant and unexciting. 


If the sexual feelings for the father have not been suppressed as with the sister 
type, but just held back, the romantic type emerges, emotionally the eternal virgin, 
teasing but not wanting to be possessed by a man. She likes flirting, as she needs 
romantic excitement, but has a problem combining love with sex. Because of 
resulting emotional conflicts, this type is psychologically also called the “hysterical 
type.” 


The girl who matures too early by replacing sexual feelings for her father with 
motherly instincts later becomes a mother type with little sexual interest. She 
becomes attracted to immature males of the son type whom she can mother. 


Each type has an unresolved conflict: the daughter type between accepting and 
rejecting herself; the sister type between passivity and aggression; the romantic type 
between surrender and resistance; and the mother type between submission and 
dominance. 


In the male, the conflict of the son type is between accepting and rejecting 
himself; he is the playboy type, immature and irresponsible. The brother type 
assumes the role of protector. Here the conflict is between his aggression to protect 
the woman and passivity or inability to satisfy his own needs. The conflict of the 
Casanova-like hero or knight type is between emotional surrender and resistance to 
the female, while the authoritative father type is torn between dominance and 
submission. 


Orgasm: There is a popular misconception that if a man ejaculates or a woman 
has pleasurable feelings at the height of the sexual act, that this is an orgasm. It is 
not necessarily so, at least in the view of bioenergetic psychology. Usually there is 
just a climax with more or less of an orgasmic component. 


A full orgasm can be described as follows: With climax approaching, the 
formerly voluntary body movements suddenly become involuntary with a strong 
increase in genital sensations. Just before the discharge, melting sensations are felt 
in the pelvis. Orgasm starts with a strong contraction around the base of the penis 
and the opening of the vagina. A flood of feelings rushes downwards while the whole 
body convulses in unison with each involuntary forward swing of the pelvis. Now the 
whole body is engulfed in melting and streaming sensations. Ejaculation takes place 
in pulsating squirts. There may be a sensation of flying or spinning or something 
similar at the height of the orgasm. Afterwards there is a full relaxation, with an inner 
glowing and a feeling of utter satisfaction and contentment. 


In order to achieve such a full orgasm, there must be a sufficient buildup of 
sexual energy beforehand. If the body is generally low in energy, if the energy flow is 
blocked through armouring, or if there is insufficient foreplay or feeling awareness, 
then there will be only a low charge of sexual energy in the pelvis and consequently a 
weak discharge of energy and feelings. 
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A strong field of sexual energy in one partner will help the other to achieve a 
greater charge; if both are fully charged, they will greatly increase each other's 
orgasm. Con-versely, with a weakly charged partner or with masturbation, our 
orgasmic feelings will be diminished, usually also with oral sex, as close contact of 
the fully charged genital areas is required for maximal potential. 


A strong sexual charge consists not only of sexual energies, but also of feeling 
energies. Normally, tender, loving feelings towards each other greatly help to 
increase our sexual charge. As an emergency measure when such tender feelings 
are blocked, some can achieve the necessary emotional excitement with sadistic or 
masochistic visual measures. Also various forms of pornography are used as a 
substitute, usually an inadequate one, for tender, loving feelings. 


With strong, loving feelings, on the other hand, an almost irresistible desire to 
melt into each other can build up. The sexual charge and physical union then follow 
as a natural consequence. This automatically leads to a true and full orgasm. For a 
woman who has difficulty coming to an orgasm, it may be made easier if her partner 
positions himself on top somewhat higher than usual so that their navels meet. With 
this, the shaft of the penis will rub or press on the clitoris during movement inside the 
vagina. 


A full orgasm is possible after overcoming bodily rigidities and emotional 

inhibitions, and it is a natural occurrence in societies living without sexual inhibitions. 
The most common and obvious signs of only a partial orgasm are: 

e Acclitoral rather than a deep vaginal climax 

e Feelings confined to the sexual organs rather than full body feelings of melting 

e Inhibition of movements, especially of the involuntary convulsive movements 

e Inhibition of spontaneous sound expressions 

e Ejaculation without pulsating squirts 

e Premature ejaculation or continuing sexual activity after ejaculation 

e Lack of complete relaxation and satisfaction after the climax 


As a general rule, we can say that the less the climax is associated with 
pleasurable streamings and whole body feelings and the more it is confined to the 
sexual area only, the less it is a real orgasm but rather just a low-energy mechanical 
discharge. Wilhelm Reich, M.D., was the first to describe the negative consequences 
of blocked sexual energies and the true nature and purpose of the orgasm as a 
discharge of excess bioenergy with the additional liberation of feeling energy. 


Sexual Healing Exercises: Healing our sexuality means freeing up our 
blocked energy flows and overcoming subconscious negative conditioning by 
replacing it with positive feelings and attitudes about our sexuality. In order to remove 
the energy blockages, we need to relax our permanently tensed or contracted 
muscles, especially in the thighs and the pelvic area, but also in the neck and jaw. 


Bioenergetic exercises are excellent for this purpose. These include shaking 
and vibrating the legs, the pelvis, and the whole body; stretching exercises, circling 
the hips, pelvic thrusts, kicking and bicycling exercises, the teachings in the book 
Ancient Secret of the Fountain of Youth, and other yoga exercises (see Step 9). 
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With moving exercises, such as circling, bicycling, and pelvic thrusts, the aim is 
not to train and strengthen these muscles, but rather to move them to the point of 
exhaustion, which will induce relaxation when stopping the exercise. During the 
exercise, we try to break through the pain threshold and may then be rewarded with 
previously unknown pleasurable sensations in the pelvic area. 


Exhale through the mouth during these exercises and express any 
spontaneously forming sounds, such as moaning, crying, or shouting. Other 
important measures are deep tissue massage and pressing into tense muscles; also 
reflexology and tracing acupuncture meridians can help. For some approaches, such 
as pressing into tight muscles, deep muscle massage, and emotional therapies, the 
cooperation of a friend may be required; alternatively, professional help can be used. 


A good exercise that can be done anytime, sitting, standing, or lying down, is 
rhythmically squeezing the buttocks. At other times, just squeeze the pelvic floor 
between anus and penis or vagina ever so lightly while concentrating your 
awareness on the developing pleasurable feeling. You can also do this during slow 
walking or while driving a car. 


Improving Your Feelings: Feelings are what a sexual relationship is all about. 
The more we are able to feel and express our feelings, the more vigorous is our 
sexual activity and our life in general. If we are fearful or shy about some aspects of 
sex, we will be fearful or shy in other aspects of our life as well. Our sexual feelings 
reflect our emotional health in general, and vice versa. 


Often our most basic subconscious feeling related to sex is fear. Out of this can 
arise anger, hate, and hostility. All of these negative feelings normally remain 
suppressed and subconscious. After all, it was not acceptable to feel this way as a 
child towards a parent and it is not acceptable now with a sexual partner. 


It would have been easy to have open feelings of fear or hostility towards a 
parent if we had been obviously mistreated. However, what is a young boy to do if his 
mother is loving and sacrificing, and he has sexual feelings for her? He wants to be 
cuddled and touched, but his mother is always too busy caring for the family. He has 
to suppress his longing for caressing tenderness. He may then come to fear these 
sexual feelings for his mother because they remain unfulfilled and make him 
unhappy. This can later translate into a subconscious fear of close emotional contact 
in a relationship. 


On the conscious level, we are kind and loving to our partner, as we were to 
our mother or father. However, subconsciously we may feel the opposite because a 
man’s lower self now equates the sexual memories concerning his mother with his 
feeling for all sexually attractive women. In the same way, a woman may equate the 
memory of the sexual feelings for her father with her feelings for all sexually attractive 
men. 


This deep emotional split between our conscious and our subconscious mind 
will result in an emotional or organic dysfunction. We can thus develop frigidity or fear 
of penetration, premature ejaculation, impotence, and any other form of sexual 
disorder. This split explains the observation that “nice men” are often poor lovers. 


In order to heal our split emotions and sexual feelings, we must break through 
the superficial layer of being “nice” and contact our suppressed core feelings. This is 
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not easy but can be done with methods such as emotional release therapies 
involving intentional kicking, hitting, screaming, crying, or shouting. Even just 
pressing into tense muscles can produce strong emotional reactions. In addition, 
regression therapy or rebirthing can be helpful, as well as the services of an 
experienced psychic healer or bioenergetic therapist or attending body-mind 
workshops. However, the best way to heal our sexual self may be within a healing 
group as part of our overall healing and spiritual growth. 


After most of the suppressed emotional pain has been contacted and released, 
positive attitudes and feelings can be generated with guided imagery, meditation, 
creative refocusing, and other methods to heal the emotional wound. An 
understanding partner will greatly speed up this process. If, on the other hand, we 
use meditation and other methods to generate positive feelings without releasing the 
suppressed core, then we will just reinforce the superficial layer of “niceness.” This, 
in turn, can then intensify our inner emotional split and, along with that, our organic 
disabilities and sexual dysfunction. 


To raise our children without this emotional split we must be loving, honest, and 
open with our sexual feelings and fulfil the child’s emotional needs appropriate to its 
age. The baby needs plenty of body contact, including sleeping in contact with the 
mother. Breast-feeding should be extended more than six months and may continue 
more sporadically for a long time afterwards. 


Why not let infants watch the sexual act? That is how they learn. The growing 
child continues to need a lot of cuddling and touching. Teach the child that there is 
nothing dirty or shameful about a naked body or about sexual organs. However, we 
also need to let the child know the difference between what is appropriate in public 
and in private. 


Food for Sex: We cannot have a good sex life if we are malnourished. Certain 
nutrients improve our sexual well-being in general, while others are lost to the male in 
the seminal fluid. Therefore, good nutrition for good sex is usually more important for 
the male than for the female. 


High-quality proteins are part of the seminal fluid and a high-protein diet is 
sexually stimulating. In our culture meat is preferred, while in Asia chickpeas are 
used to improve sexual performance. Free-range raw egg yolk, especially fertilized 
and very fresh, supplies sulphur compounds needed for the semen. More of a short- 
term effect is achieved with cooked onion, which is rich in sulphur compounds as 
well; alternatively, use MSM supplements. Bee pollen, spirulina, and chlorella are 
excellent strengthening foods for both sexes. 


Histamine is produced from histidine, an amino acid. Individuals with insensitive 
skin are low in histamine and may have difficulty achieving ejaculation (male) or 
orgasm (female), as the sexual organs are less sensitive than normal. High histamine 
levels have the opposite effect. They sensitize not only the skin, but also the sexual 
organs and may lead to sexual overstimulation, premature ejaculation, and vaginitis. 


Histamine levels can be elevated by making the body more acid, as well as by 
supplementation with folic acid and niacin, both B-group vitamins. Histamine levels 
can be reduced by making the body more alkaline, and also by avoiding foods and 
chemicals to which you are allergic. Therefore, you can acidify or alkalize your body 
according to your sexual requirements. 
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The semenal fluid is also high in zinc and requires much vitamin B6 and 
omega-3 fatty acids which are found in fish oils and linseed oil. Deficiency of these is 
widespread, especially in teenage boys who typically have frequent loss of seminal 
fluid. Zinc deficiency leads to underdeveloped male sexual organs and, later in life, to 
enlargement of the prostate gland. By pointing out this connection, | do not condemn 
masturbation, but rather seek only to improve teenage nutritional awareness. 


In recent years, it has been discovered that the body forms nitric acid from the 
amino acid arginine as a signal for the blood vessels of the penis to relax. This is 
necessary so that the penis can fill with blood and have an erection. Also, 
magnesium supplements help us to relax. Stress, on the other hand, or being 
emotionally uptight, prevents this necessary relaxation. 


Dietary Aids for Female Sexuality: Women have their share of trouble with 
their sexual organs. Foremost of these are menstrual problems and pelvic infections. 
Both problems have much to do with food and especially constipation. The 
constipated colon and in particular the rectum are a cesspool of toxic 
de-com-position products with a high content of harmful microbes. Toxins and 
microbes can penetrate the wall of a weakened colon and because of the close 
proximity to the uterus and ovaries, these are in greatest danger of being 
contaminated. The main effect of toxic contamination is heavy menstrual bleeding 
with pain and other discomfort. Microbial contamination leads to infection and 
inflammation of the pelvic organs. Both conditions are not conducive to a healthy sex 
life. 


Meat consumption, combined with constipation, can produce toxic bowel 
conditions and heavy periods. The obvious solution is a clean colon, achieved by 
three easy methods. First have plenty of dietary fibre from whole grains and fresh, 
raw fruits and vegetables. Add sufficient ground linseed to meals or drink with fluid to 
achieve ideally one bowel movement for each meal. Second, take a course of 
cultures of acidophilus and bifidus bacteria as part of an intestinal sanitation; and 
third, squat or have a high footstool in front of the toilet in order to achieve an easier 
and more complete bowel evacuation. 


As | suggested earlier in the book, the typical menstrual bleeding can be 
caused by an impure bloodstream, which delays healing of the wound caused by 
discarding the lining of the uterus. The higher mammals do not have such obvious 
periodic bleeding nor do women who live habitually on a mainly raw food vegetarian 
diet; they just reabsorb the shed uterus lining. Typically, these women do not have 
any menstrual or menopausal discomfort, but ovulate and conceive normally. 


A clinical study found that consuming plenty of ground linseed, linseed oil, or 
fish oils helps postmenopausal women have better vaginal lubrication. Folic acid, in 
combination with antioxidants, is most important for preventing and reversing 
precancerous and cancerous conditions of the cervix and uterus. 


Selenium, the amino acid methionine (e.g., as selenium yeast), and vitamin E, 
taken in combination, are effective against periodic breast pain and swelling. Vitamin 
B6, zinc, and magnesium together are good against premenstrual tension, especially 
if salt, sugar, and fatty foods are also minimized or avoided and hidden food allergies 
corrected. Boron raises the estrogen level in postmenopausal women. Taking good 
care of our bodies will increase the pleasure that we derive from our sexuality. 
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Another common problem is vaginal Candida infections, resulting in thrush and 
potentially painful intercourse. In this case, the woman as well as her partner need to 
go on a strict anti-Candida program (see Part 6). When making love while there is 
still some Candida problem in and around the vagina, lubricate liberally with oil, and if 
not using a condom, squirt some acidophilus yogurt into the vagina beforehand. 
Minimize strong movements and focus instead on feeling the energies with only 
gentle movements and pressure changes. 


Making Love: “Making love” is commonly just a polite expression for having 
sex without feeling love. One can have a loving sexual relationship for just one night 
or a lifelong sexual relationship without love. For maximal emotional satisfaction, try 
to feel and express love with each sexual encounter. It is said that the most important 
sexual organ of a woman is her brain, but | believe that the heart may be even more 
important. 


Loving foreplay is part of the romance, stimulating the heart as well as the right 
side of the brain. This is not only important for women, but increasingly also for men 
once they are no longer filled with youthful vigor. Not only women, but also many 
men enjoy and need to be played with to “get into the mood.” Increasingly, they come 
to resent the perception that they are expected to “perform.” They feel that they have 
to do all the work, first enticing a woman into bed, excitedly undressing her, then 
stimulating her to get her ready, then “hopping on,” and finally helping her climax. 
Women, on the other hand, resent being made to feel like sexual objects. 


There is often much hidden fear and misunderstanding on both sides. 
Therefore, take it easy, there is no need to hurry or perform. Talk to each other about 
what you like and how you like it. Make each other comfortable and dispel any notion 
that he has to perform or she has to have an orgasm. This is important even if you 
are already in a long-term relationship together. 


Not every time you have sexual play do you need to penetrate, and not every 
time you have penetrative sex do you need to aim for an orgasm. If you do want an 
orgasm, there is nothing wrong with having a clitoral orgasm, but at other times also 
try to aim for a vaginal orgasm. 


To increase the flow of energies and feelings, do not suppress pelvic 
movements but rather enhance them. If you are normally quiet, then intentionally 
make expressive sounds wherever this can be done in private. When approaching 
ejaculation, it helps for the male to be “grounded” by pressing the feet against a 
board or wall or pressing them into the mattress. 


While different positions can offer different experiences, they are less important 
than achieving a union of feelings. Do not try to increase your pleasure with 
fantasies, go for the real thing instead. Focus your full attention on your own feelings 
and on feeling united with your partner. To fantasize having sex with someone else is 
just another form of masturbation. 


For some men, it may be preferable to delay ejaculation to either extend the 
pleasure or give their partner time to build up towards the climax. This may be done 
by playful interruptions, by slowing the breath, or temporarily even holding the breath, 
by concentrating the feeling awareness on the heart or, with the penis fully inserted, 
keeping the pubic areas in close contact, increasing and decreasing pressure in 
unison while not moving the penis. 
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A somewhat drastic but nevertheless very effective method of preventing 
ejaculation is to tense the whole body while also holding the breath. Alternatively, or 
in addition, strong finger pressure on the perineum just before ejaculation will keep 
the ejaculate inside the body. This may be advisable at times to avoid the generally 
weakening effect of ejaculation, especially on the elderly male, but it will require 
some practice, as will all of these techniques. However, if the climax is definitely 
approaching, do not try to suppress it but start moving vigorously for a full orgasm. 
Basically, | am not in favour of tensing the body, as this suppresses feelings and 
leads to increased muscle tension. 


The frequency of intercourse is, of course, a highly individual matter. Normally, 
| see no reason to restrict sexual play if it does not involve either ejaculation or 
suppression of sexual impulses. However, the orgasmic potential is usually much 
stronger after a period of total abstention or separation. 


From a bioenergetic point of view, females are much better able to have 
several lovers than males who would either have to neglect one or become worn out. 
However, | believe that even for females moderation leads to greater well-being. The 
difficulty of many women to achieve vaginal orgasm may have something to do with 
our habit of mating all year round just for pleasure. Female animals have days when 
they are in heat and strongly attract males for mating. The same may be natural for 
human 


Around ovulation time, a healthy woman who abstained for a month will have a 
strong orgasmic potential and her biochemistry and the whole body are geared to 
receive a male. If there are no strong emotional blockages, she may find it easier to 
have a vaginal orgasm, even after only short but vigorous penetration. 


Frequent intercourse can cause even more problems for men. While an 
occasional full orgasm can be strongly invigorating, frequent ejaculation is decidedly 
weakening. If a man is sexually overstimulated, he should better remove the 
nutritional and biochemical causes and find other creative outlets for his energy. It is 
possible that gluten allergy, often associated with a whitish inner iris, can sometimes 
cause overstimulation of the sex centre in the brain; synthetic food colourings and 
possibly other chemicals may do the same. 


Generally, it is much healthier to have fewer ejaculations with strong orgasms 
than frequent ejaculations with weak orgasms. In teenagers, frequent ejaculation 
may impair their mental and physical development, while in later life sexual 
overactivity makes us susceptible to diseases and premature aging. What is frequent 
depends on the individual's constitution and commitments. What is normal or 
beneficial for a healthy and strong young man might be too much for someone older 
or with a weak constitution. Wilhelm Reich saw the proper function of the orgasm as 
the release of excess energy that might otherwise lead to irritability, tension, and 
energy blockages. Therefore, if you have excess energy, go for it, but if you lack in 
energy, be careful. 


In a long-term relationship, the ideal may be in having mainly sensuous and 
spiritual sex for most of the month and orgasmic intercourse close to ovulation, as 
often as desired. A female in touch with her body will feel when the time is right and 
let her partner know. However, the best time is always when both partners feel like it. 
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Alternatives to Sex: Those without a permanent partner may find an 
occasional short-term partner or pay for sex. If all goes well, there is no problem with 
this. For those without even a temporary sexual partner, the obvious choices are 
masturbation or abstinence, although there are some less obvious alternatives, as 
shown below. For masturbation, the same principles apply as for making love. That is 
to aim for fewer climaxes but with stronger orgasmic releases. For both sexes, this 
means waiting with masturbation until one feels a strong charge of sexual energy and 
using pelvic movements, sound, and feeling awareness to ensure a strong orgasmic 
discharge. 


For celibates, an easy solution is a low-protein diet with few spices and 
condiments. This may be suitable if there is sexual overstimulation due to too much 
histamine from overacidity or food allergy, but otherwise | am not in favour of this low 
energy approach. Rather, | believe in making ourselves as energetic as possible, 
including having plenty of sexual energy, but then to learn to channel this sexual 
energy into creative outlets, such as sports, charity work, or the arts. 


An alternative is the following rejuvenation rite, which is from a Tibetan 
monastery in which, reportedly, rejuvenation of the body was successfully practiced 
(see Ancient Secret of the Fountain of Youth by Peter Kelder). This rite was used in 
combination with several other rites as shown in Step 9. Also a daily raw egg yolk is 
recommended for those of us who are no longer youthful in order to increase our 
sexual energies. 


When sexually excited, bend over with your hands on your knees and push all 
the air out of your lungs. Then straighten up and with the hands on the hips push up 
the shoulders. Pull the stomach in and up and hold this position for as long as 
possible. Then forcefully inhale through the nose and exhale immediately through the 
mouth. The arms may now hang to the sides while you take further deep breaths 
through the nose or the mouth. If you are still sexually excited, repeat this procedure 
as often as required. 


What many single people and especially women miss even more than sex is 
touching and hugging. Some try to satisfy this need with regular massage therapy. 
However, there may be a simple solution. If you feel deprived of touching and 
hugging, just form a local “hug club.” Either discreetly spread the word around or put 
a notice in a suitable place asking for interested individuals to contact you. You can 
then arrange a weekly meeting where you just hug for an hour or two. As a follow-up 
step, you might also give each other massages. You may be surprised by the amount 
of interest there is out there in hugging. Alternatively, you can form or join a healing 
group where hugging can be practiced together with massage, reflexology, and the 
multitude of other self-healing techniques available. 


Eventually, you may also want to experiment with some meditative forms of 
hugging as described later in this chapter. Sexual energy can be used in spiritual sex 
to energize the higher energy centres with guided imagery or meditation exercises, 
possibly leading to what is called “whole body orgasm” or “brain orgasm.” 


Getting to Know Your Partner: Sensitive individuals are often apprehensive 
about the first sexual encounter with a new partner. The man may have anxieties 
about erection, premature ejaculation, and satisfying his partner, while the woman 
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may fear penetration, getting emotionally hurt, or not coming to an orgasm. This can 
make the encounter tense and inner fears may become self-fulfilling. 


Why not proceed slowly and be intimate without intercourse until you are fully 
relaxed with each other? This initial period of a relationship is precious, as it is 
commonly the most exciting and romantic time. Enjoy it as long as you can. Let your 
partner know that you feel this way. In a situation that might normally lead straight to 
sex, tell your partner beforehand that you enjoy becoming intimate gradually and do 
not intend having intercourse that night. You might be surprised by how relieved and 
agreeable your partner is to this. A whole mountain of tension is suddenly removed. 


A good way to start the intimate part of your relationship is to have a shower or 
bath together and then give each other a sensual massage. Continue exploring each 
other’s likes and dislikes and responses to touching and cuddling. You might even 
spend the night cuddled into each other. If, contrary to your original intentions, you 
should be comfortable enough with each other to proceed to full intercourse, nothing 
is lost, and it will probably be a better experience than it might have been in a tense 
atmosphere. 


Such intimacy together without penetrative sex can be quite satisfying for a 
considerable length of time, especially in special situations, such as with elderly 
couples or with physical or emotional handicaps or religious, spiritual, and adolescent 
celibates. A sexual relationship does not need to be an all-or--nothing proposition. 
The “macho” encounters commonly portrayed on TV and in the movies are not an 
everyday reality. A loving sexual encounter without expectations cannot result in 
dissatisfaction. It does not matter whether there was penetration or orgasm; it is the 
loving feelings that matter most. 


Sex Therapy: It is not generally realized that many health and emotional 
problems can result from unsatisfactory sexual relationships. These include migraine 
and tension head-aches, premenstrual tension and menopausal problems, 
depression, irritability, discontent, violence, anxiety, disturbances of digestive and 
sexual functions, psychotic symptoms, and high blood pressure, and even cancer 
has been linked to blocked sexual energies and tensions. All of these may, of course, 
have other causes and contributing factors as well. 


Problems arise mainly when sexual energies are stimulated without being 
appropriately used or released. This is the same as with other emotional energies. 
Commonly, this happens if the male ejaculates before his partner reaches orgasm, 
but it also happens if the orgasmic release is weak or the encounter too short. The 
signs of a full orgasm are strong involuntary movements, a blissful discharge 
followed by complete relaxation, and an afterglow of satisfaction and contentment. 


Ejaculation in itself or clitoral orgasm do not indicate a full release of sexual 
tension. There may then be the desire either for repeated or frequent sexual activity 
or avoidance of sexual activity in order to avoid the resulting tension and 
dissatisfaction. However, orgasm is only part of a successful sexual union; another 
important part is the exchange of bioenergy and emotional energy between the 
partners. 


Accumulation of sexual tension with its resulting health and emotional problems 
can be prevented even without orgasm, while orgasm alone may not always be 
sufficient. The key to a successful sexual union is the duration, because it takes time, 
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usually about half an hour, for these energies to be exchanged by the partners. This 
kind of “sex therapy” is not only effective, but also highly pleasurable, especially for 
sensitive individuals. 


Sex therapy requires two willing partners. Preferably there should be an 
atmosphere of affection already well before the planned union. This should start with 
an extended foreplay of caressing with full skin contact, possibly including a sensual 
massage, but without any clitoral stimulation. However, if this kind of union is 
routinely practiced as a love meditation, then such elaborate preparation may not be 
required 


When both feel ready, they place themselves in such a position that the woman 
lies on her back with knees drawn to the chest, while the male lies on his left side 
crosswise to her, so that his penis touches the entrance of the vagina. She now 
drops her legs and he places his right leg between her legs. With this, her left leg is 
between his legs while her right calf rests on his torso. In this way, both can remain 
completely relaxed with freedom of movement which is essential for success. Sides 
can be reversed. 


Initially, and also if there is a problem with erection, natural lubrication, or 
premature ejaculation, both partners remain more or less motionless in this position 
for about half an hour. During this time, the tip of the penis, whether soft or hard, 
remains outside, just touching the inner entrance of the vagina. Both concentrate all 
their attention on the contact areas between them, but especially on the sensation in 
their sexual organs and the exchange of subtle energies between them. 


Often, after half an hour there is an increase in sexual arousal and the penis 
may now penetrate. However, this is not essential. If there should be no erection or 
the vagina still dry, just remain in this position for another half-hour while gently 
caressing each other with full attention on your feelings and exchanging energies. If 
penetration is desired, but an erection does not come on its own, then start gently 
rubbing the head of the penis between the lubricated entrance and the clitoris. 


If this is not sufficient, it is relatively easy in this position to insert a soft penis. 
This may be a solution for men with erection problems. If you firmly hold or squeeze 
the shaft of the soft penis, then any blood is pressed towards the head of the penis 
and insertion will be easier. Once inside, gentle movements by both partners 
increase the chance of a partial or full erection. 


Even without an erection, focusing the awareness on the contact within the 
vagina combined with slight pressure changes at the pubic areas can be sufficiently 
satisfying and may eventually lead to more. However, gently liberating and feeling 
your sexual energies and feeling at one with your partner does more for your well- 
being than chasing an elusive erection or orgasm. The main precondition for a 
successful outcome in resolving any difficulties is a freedom from any kind of 
expectations on both sides. 


Even after penetration, continue to move slowly and concentrate on the 
sensations in the sexual organs and the flow of energy and feelings between your 
bodies. If both partners are sufficiently aroused after a prolonged foreplay, the vagina 
is well lubricated, and the male able to delay ejaculation, then the half-hour waiting 
time outside the vagina is not necessary and immediate penetration is acceptable. 
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Should ejaculation occur early, then just remain close together with the soft penis 
inside the vagina until about half an hour has passed from the time of penetration. 


With such a complete exchange of male and female energies, combined with a 
full orgasm, there is usually no desire for another sexual union for several days, and 
it is actually best to wait for about five days until the full potential of sexual energies is 
restored. The following union will be more pleasant and satisfying than with more 
frequent encounters. It is, however, relaxing to sleep together with bodily contact. 


The alternative to orgasm is a deliberate choice to use this union as a love 
meditation, also called spiritual sex or Karezza, from the Italian word carezza, 
signifying its caressing aspect. You can just continue moving slowly while caressing 
each other for hours, while concentrating on feeling the energies and radiating 
feelings of love onto each other. If this Karezza type of union is practiced routinely, 
then an elaborate foreplay to build up a strong sexual charge is not necessary, but 
may be used if so desired. Condoms inhibit the exchange of sexual energy, while 
lubricating oils or jellies may slow it down, but this is not a problem when remaining 
connected for a long time. 


It may take some time and require several attempts to master this method and 
achieve a maximum of enjoyment, but it is well worth the effort in terms of improved 
health and personal relationships. 
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Part 8 
HEALING YOUR EMOTIONS 


We all would like to live a happy, healthy, and fulfilled life, yet few seem to be 
able to do that. Why must we have so much suffering, failure, and disappointment? 
We want to be secure in a loving relationship and a satisfying job with a good income 
and enjoy ourselves. Instead, our relationships turn sour, we have a job that we do 
not like or we do not have one at all, there is never enough money, and generally 
there is not much joy to be found anywhere. As a result we feel resentment, 
hopelessness, and depression, perhaps also anger and hatred. Why did it go wrong? 


| believe that there is a way out of this depressing jungle of negativity and 
disappointments and that we can make a decision to have a happy, fulfilled life, and 
then do it. What | cannot promise is that it will be easy. It needs willpower and 
determination and the help of good friends. But you have nothing to lose by trying, 
and each step in the right direction is likely to bring you some reward. 


We can be happy, or at least accepting, in adversity, and unhappy when we 
seem to have it all. What determines how we react and feel? It is no secret to 
psychologists that we are programmed since earliest childhood by everything that 
went on around us, but especially by the way our parents talked to us and to each 
other, by the way they felt and reacted, and by our interactions with our siblings. We 
became programmed by obeying, observing, and imitating our role models. 


If we were lucky and grew up in a happy and loving family, we probably have 
an inner program that makes it easy for us to lead a happy life in a loving 
relationship. If, on the other hand, there was much worry, anger, resentment, and 
negativity in our childhood, chances are we have a hard time being happy and loving 
as adults. That probably applies to most of us, the products of negative programming 
during childhood. 


If we want to change, there is only one thing to do: change our subconscious 
programming from a negative outlook on life to a positive one. Unfortunately, we 
cannot simply decide that from now on we will be happy and loving. On their own, 
such conscious decisions have little influence on our subconscious programming. In 
fact, if there is a conflict between our subconscious programming and our conscious 
mind, the subconscious will always win. 


Therefore, we must be clever and beat the subconscious at its own game. We 
must throw the old program out and devise a new one that allows us to be as we 
want to be now. However, it is not sufficient just to work with our feelings and 
emotions because these do not arise out of a vacuum. Our emotions are conditioned 
by our beliefs. We react more to our beliefs than to facts or anything else, so we must 
adopt an appropriate belief system. 


Where do we find the beliefs we want? It is not sufficient to try to believe that 
we will be happy ever after. Our proposed new beliefs must be plausible to be 
acceptable to our conscious and subconscious minds. They must give meaning to 
our life and make sense of it all. Meaning is the opposite of the inner emptiness that 
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many of us try to fill with pleasure seeking and power games, causing so much 
emotional trouble in the end and depression if we fail. My proposed solution is a 
spiritual philosophy of life that turns emptiness into meaning. 


There is also a strong influence of physical factors on our emotional life, such 
as nutrition and tense muscle structures. Therefore, in order to heal our emotions 
properly, we must work on all four levels of our being: the biological, emotional, 
mental, and spiritual. 
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Step 57 
UNDERSTANDING EMOTIONS AND DISEASE 


Learn how you came to be so out of touch with your feelings, what emotional 
problems and diseases this causes, and how this is expressed in your body. 


We experience ourselves in the world with our feelings and emotions. They are 
the driving force, the power, and the motor of our life. Without feelings and emotions, 
we would be like robots, computers operating bodies with the help of electric signals. 
It is the feelings and emotions, our likes and dislikes, that give our life meaning, that 
make us fulfilled or dissatisfied, and to a large degree decide our course of action 
and health. Diseases make us feel unwell and negative, and suppressed emotions 
are a major contributing factor to these diseases. When we are young, we are full of 
feelings, experience them strongly, and are sensitive and react immediately and 
directly to our social and physical environment. When we are old, our emotions tend 
to be a distant memory and diminished, and pain is often the only feeling left. 


Many scientists at present are so divorced from their feelings that they believe 
these originate in the brain, like thoughts. They come to this conclusion because they 
do not feel the energy of anger in their body or the love in their heart. They just think 
anger or think love in the brain and act accordingly without feeling anything, or their 
feelings are only weak and diffuse. Of course, feelings are registered in the brain, but 
the feeling doesn’t originate there. 


Feelings provide us with the greatest pleasures in life, but also with the greatest 
suffering. Suffering is the key word to describe our loss of feeling with advancing age. 
We do not want to suffer, so we intentionally diminish our feelings in order to diminish 
the amount of emotional pain we feel. As an unintended side effect, this reduces the 
amount of pleasure we can feel. Hand in hand with our reduced overall feelings go a 
reduced enjoyment of life, reduced vitality, and an increased susceptibility to chronic 
degenerative diseases. This is a high price to pay for reducing the suffering that we 
might feel. In fact, we have exchanged bouts of intense short-term suffering for more 
low-key long-term suffering. 


Helpful Definitions of Emotions: You may be unsure about the difference 
between feelings and emotions, so | will define the terms commonly associated with 
the world of feelings as they are used in this book. 
| distinguish between three groups: sensations, emotions, and feelings. Sensations 
are body reactions due to physical or energetic causes: our awareness of hot and 
cold, touch or pain; during meditation or bodywork, we may feel warmth or tingling or 
a streaming sensation. 


Emotions are inner states of experience due to nonphysical causes such as 
expectations, beliefs, and memories; they affect the body through brain and 
hormonal changes. Emotions commonly have a positive or negative connotation 
about someone or something: we are angry with someone, afraid of something, in 
love with someone. 
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Feelings in a wider sense are what we register as sensations or emotions. We 
say “I feel pain” or “I feel anger.” With this, we focus on the subjective inner 
experience regardless of the cause. We use the term “feelings” in a more specific 
way to describe inner states not caused by sensations or emotions, such as a feeling 
of well-being or a feeling of unconditional love during meditation. These feelings are 
emotionally neutral and not about someone or something. Another possibility is a 
dispassionate feeling about something as in an impartial judgment. At a crossroads, 
for instance, we may feel a preference for one road over the other. In most instances, 
however, this is not a proper feeling, but an intuition or hunch. 


Moods are generalized feelings usually beyond our conscious control, and 
often with a somewhat negative connotation. Sentiments are more tender feelings, 
but usually about something and can be grouped with the emotions; desires are 
about something and are emotions. Passions are generally regarded as strongly felt 
and expressed emotions. 


How We Lost Our Feelings: The widespread emotional misery in our society 
has much to do with our diminished capacity for feelings, especially for tender, loving 
feelings. If at all, we seem to experience these only for a short period in our life when 
we fall in love, and then yearn for them ever after. 


The repression of our feelings seems to come largely from the male-inspired 
cultural priority placed on the intellect in our society, with a corresponding contempt 
for soft and tender feelings that are regarded as feminine. It is easier to gain power, 
to dominate, and to build an empire if one is not hindered by sentimental feelings. 
With their present bid for equal power, even many women cannot afford any more to 
be vulnerable and they steel themselves against feminine softness. 


Self-control is highly valued, especially in the Anglo-Saxon cultures. We are not 
supposed to show anger or even displeasure, but rather be outwardly polite, though 
we may be boiling inside. Only in recent years has it become more acceptable to 
show tenderness in public, but even so, cuddling and touching, except in a 
ceremonial way, are still largely constricted to those who identify with the New Age 
movement. Conventional members of our society are as rigid and inhibited as ever. 


We can say that our emotional dilemma arises from two sources. One is the 
suppression of our feelings enforced by the standards of our society, and the other is 
the lack of role models for the development of tender feelings in our childhood. 
Suppression of our feeling starts as infants when we are trained not to cry when we 
are unhappy. We may be just left to cry without response until we realize it is useless 
to express our frustration. Especially suppressed are any expressions of childhood 
sexuality, such as playing with the genitals and even cuddling the parent of the 
opposite sex or generally adults of the opposite sex. 


Such contact is important to us later for developing mature emotional 
relationships and adult sexuality. Unfortunately, there is now a perception to regard 
such sexually open adults as potential child molesters; fearing this, they intentionally 
hold back, depriving themselves and the children of this essential expression of 
affection. 


Also at an early age, we are trained in the use of social lies and social 
conventions and are discouraged to express our true feelings. It is even worse at 
school and university where we are overwhelmed by intellectual activity, usually of an 
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unimaginative kind. This inhibits our creativity and intuitive abilities. Many great 
inventors and innovative scientists did not make their discoveries by thinking but 
through intuition. For the rest of his life, Einstein reportedly tried to understand on the 
mental level what he had perceived in an intuitive flash. 


Creativity is the active outlet for the meaning we give our life, and intuition is an 
important link between both. This combination gives satisfaction, perpetual joy, and 
happiness to our life, but it is crushed by our educational system in order to prepare 
us for the later institutionalized conformity in our workplace. A more suitable 
alternative would be an educational system based on the model of Steiner, Waldorf, 
or Montessori schools. 


Emotional Role Models: The presence of positive role models for our 
emotional development is most important during infancy because then we are most 
impressionable and learn the fastest. At that age, we learn to feel by absorbing 
feelings from our surroundings like a sponge. This activates our feeling centres. If we 
are radiated with love, our capacity to feel love develops; if we are exposed to anger, 
then that is what we learn. | believe that because of their own love-deficient 
upbringings, most parents act lovingly towards their children from a mental level 
without actually feeling it. The most common exceptions are non-intellectual, soft, 
and “feminine” mothers, especially as personified by the typical Polynesian woman. 


In many third-world countries, it is common for whole families to sleep in the 
same room, where children may be aware of the sexual activity of their parents. This 
is natural, as it is in the animal kingdom, and provides role models for subconscious 
programming. But it is essential that the sexual interaction, like any other interaction 
of the parents, be a loving one. This imprinting is most important for infants and does 
not need to interfere with our more inhibited Western morals for older children who, 
unlike infants, prefer their own rooms anyway. 


The lack of tender feelings combined with an exposure to negative emotions 
from the parents in early life has much to do with the present culture of violence in 
our society. This is constantly reinforced by the bombardment of violence on 
television and movie screens. With their tender feelings undeveloped, many do not 
feel the suffering of others; they simply cannot feel compassion. That may start in 
children with cruelty to animals and lead to individualized or institutionalized cruelty 
and torture when adult. 


A national football coach is quoted as saying that to be successful in a contact 
sport you must build up hate for the opponent before the game. He is right in that 
hate releases stored negative energy and it may even be good that it does. Even the 
many onlookers can release some of their negative energy. But is this the kind of 
society we want, where our role models require hatred to perform? There must be a 
better way! 


Emotions and Disease: There are many reports that demonstrate the strong 
influence of our feelings and emotions on health and disease. One example is a 
study of the survival rate of women with breast cancer. After ten years, 70 percent of 
those who reacted to the diagnosis with a fighting spirit were still alive; those who 
reacted with denial had a 50 percent survival rate; those with stoic acceptance had a 
25 percent survival rate; and of those who felt hopeless and helpless only 20 percent 
survived. 
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Other findings show that cancer frequently is diagnosed about a year after a 
traumatic event, such as losing a spouse. The negative effect of mental depression 
on our immune system is well known, while we feel and to some degree are 
invincible when we are in love. When we are upset or stressed, our digestive juices 
are inhibited, and fear or apprehension can even trigger asthma attacks. 


Another problem is with suppressed negative emotions. There is always the 
possibility that under provocation these may be released explosively in an act of 
violence. This pattern is now very common in our society. On the other side of the 
fence are those sensitive souls who are full of bottled-up feelings and emotions, but 
unable to release and express them. This drains their vitality and they suffer from 
poor circulation with low blood pressure, cold hands and feet, and lack of energy. 


Generally, we can distinguish between acute or immediate influences of strong 
emotions and the long-term or chronic effects of unexpressed emotions. The 
immediate reaction is due to the direct influence of our feelings on the hormone- 
producing endocrine glands and on the nervous system. More insidious, however, 
are the long-term effects of muscle tension caused by suppressed emotions. 


At the physical or body level, this leads to poor blood circulation and a reduced 
supply of nutrients to the affected area, while metabolic wastes and toxins tend to 
accumulate, similar to sediment in a slow-flowing part of a river. In addition, 
permanently contracted muscles generate a great strain on associated joints. A 
combination of these factors makes us susceptible to the development of arthritis. 
Constriction of the chest and diaphragm commonly leads to respiratory diseases. 


Muscle Armouring: Muscle armouring is a concept described by Wilhelm 
Reich, M.D., an eminent American psychiatrist and at one time the apparent 
intellectual heir to Sigmund Freud. Dr. Reich found that the emotional disorders of his 
patients were to a strong degree reflected in their body structure. In particular, 
patients with repressed feelings commonly had hard, rigid, and permanently 
contracted muscles in certain areas of the body. Different kinds of negative emotions 
seemed to be associated with specific muscles. Reich compared these rigid muscle 
structures to the armour of a medieval knight and called the process of their 
formation “armouring.” While the steel armour of the knight had the purpose of 
protecting him against physical aggression, the muscle armour protects us against 
emotional aggression. 


It may sound far-fetched that contracted muscles should have anything to do 
with how we feel. But we can easily observe that we become tense when we are 
apprehensive and that our muscles relax when we are at ease. When we expect 
someone to cause us pain, such as sticking a needle into us or hitting us, we tense 
our muscles and we may hold our breath by contracting the diaphragm. 


These are automatic body reflexes designed to diminish the expected feeling of 
pain. However, we can use the same mechanism if we want to diminish feelings for 
other reasons. As an infant, we may have been afraid of being separated from our 
mother, of being left alone in a strange surrounding, so we tensed up and held our 
breath. Eventually, we had to continue breathing, but we did it in a shallow way, with 
contracted diaphragm and chest muscles. 
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What Body Language Tells Us About Our Emotions 


This summary is a condensation of ideas from Body-Mind, by Ken Dychtwald. 


Legs: How we move through life. 


Weak, underdeveloped: not well grounded, no 
firm stand in life 


Massive, overdeveloped: rigidly grounded, 
needs to explore, let go 


Fat, sluggish: to move through life needs 
enthusiasm, jogging 


Thin, tight: moves energetically through life, but 
often erratically, not gracefully, needs to 
develop tranquillity 


Pelvis: The condition of our sexuality 


Front tipped downward causing hollow back 
(lordosis): usually string sexual energy, but full 
flow is blocked through constant self-control, 
not able to ‘let go’ — develop faith in higher 
guidance. 


Front tipped upward causing flat low back: 
lessening of sexual focus, lack of tender 
feelings in the lower part of the body — learn to 
lower attention from chest to lower abdomen, 
develop tender emotions 


Belly: The centre of emotions as they relate to 
oneself 


Enlarged in upper half: rugged, outgoing, 
masculine — develop more tender feelings 


Enlarged in lower half: blocked energy flow to 
pelvis and legs especially if the abdominal wall 
is hard — let go 


Moderately enlarged: if belly is soft and back 
not very hollow, good contact with body vitality, 
possibly emotionally too soft 


Overall enlarged and obese: usually poor 
contact with vital energies 


Overall flat: too much mental control, no “gut 
feelings”, strong emotional blocks (fear, 
anxiety) — develop tender emotions, have faith, 
let go 

Chest: Modifies our emotions as they relate to 
our intentions in reference to ourselves 


Narrow, contracted: feeling of inferiority, lack of 
power, unexpressive — learn to communicate, 
to give, chest breathing 
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Wide, expanded: feeling of superiority, power, 
expressive — learn to experience tender 
feelings within, especially in pelvis, learn from 
others, abdominal breathing 


Shoulders: How we carry our burdens in life 


Bowed, rounded: feel overburdened — develop 
power, chest breathing, have faith 


Raised: chronic fear — anxiety-releasing 
therapy, chest breathing 


Square: carries responsibility — relax 


Forward hunched: fear of being hurt, self 
protection — develop power, chest breathing 


Pulled back, retracted: forceful control or 
suppression of unwanted emotions, especially 
anger — let go, express yourself in a suitable 
way 


Narrow: cannot shoulder responsibilities — 
become more powerful 


Right side lower: interacts in a predominantly 
masculine way 


Left side lower: interacts in a predominantly 
feminine way 


Arms: How we express ourselves in physical 
actions 


Weak, underdeveloped: lack of initiative and 
physical expression — learn to communicate 
with your arms 


Massive, over muscled: insensitive, forceful 
interactions, lack of grace — learn to be gentle 


Thin, tight: inability to hold on to anything — 
become more peaceful, settled 
Fat, underdeveloped: sluggishness in 


expressing yourself — become stimulated, 
animated 


Upper back: A channel for the expression of 
forceful or violent emotions 


Soreness, hump: repressed anger or hitting 
reflex — let go; hit a pillow or sandbag 


Neck: Reflects tension between body emotions 
and mental control (continued) 
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Bent forward: explores the world first in a Face: An outside mirror of our emotions 
rational way, emotional exhaustion — develop 
your ‘gut feeling’ 


Changing expressions: show how we wish to 
appear to the world 

Bent to the right: arrogance, defiance — 
become centred 


Bent to the left: playful attitude 


Chronically tense muscles: show conflict 
between what we show and how we really feel 


Eyes: The “windows of the soul,” reflecting 
Long, graceful: proud attitude health and emotions 


Heavy, short: forceful attitude Large, round: warm, loving personality 
Protruding: reaching out forcefully (thyroid 
problems) 


Throat: A channel for vocal expression of 
emotions 

Deep-set: critically observing, withholding 
expression 


Tight, sore, weak: blocked verbal expressions 
of emotions and tears — let go, speak out, weep 
Wide-open baby eyes: tries to hold, to draw 
close, not fully matured 


Jaw and Chin: A channel for verbal 
expression, biting 

Nearsightedness: frozen fear (early childhood), 
focus on immediate problems, introspective, 
rational - release fear, look into the future 


Receding: frozen, suppressed verbal emotions 
— learn to speak out 


Protruding: determined 
Farsightedness: suppressed anger; focused 


outward, extrovert - release anger, develop 
your inner self. 


Strongly protruding: defiance, arrogance — 
relax 


Clenched: forceful, self-control, suppressed 
anger — let go, relax 





With repeated fear responses, these muscle contractions can gradually 
become permanent. The child can grow to develop a narrow chest with weak lung 
functions, or if only the diaphragm remains contracted, a barrel chest can result. In 
both instances, breathing remains permanently shallow and the child is susceptible to 
lung infections and asthma. In babies, this may be a contributing factor in crib death 
or SIDS. The advantage of the armoured chest or permanently contracted diaphragm 
is that we now do not feel our fear anymore, as it remains subconscious. However, 
we gradually may develop substitute outlets for our fear, such as being afraid of 
heights or of public speaking, and so forth. 


Another example is the suppression of anger because we are told that it is not 
socially acceptable to show it openly. We may initially feel an angry emotion rushing 
upwards from the abdomen to the shoulder with the impulse to hit or to the throat 
with the impulse to shout. When we suppress these impulses, the emotional energy 
of the anger becomes stuck in the shoulder or in the throat and tenses the muscles 
there. If this tension is not released by other means, it may become permanent, and 
if we continue our suppressive behaviour pattern, these muscles become 
permanently contracted. In joints surrounded by contracted muscles, we easily 
develop arthritis, while contracted throat muscles give us a weak voice and possibly 
stuttering and other speech and throat problems. 


The muscle armouring becomes ever stronger with advancing age because we 
tend to repeat our set behaviour patterns. This then forms our distinctive facial 
features, body structures, and our increasing rigidity. There are, of course, other 
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factors that contribute to shaping our body and making it more inflexible, such as 
heredity, nutrition, and occupational muscle use. 


Dr. Reich found that his cancer patients had severely inhibited sexual energies 
caused by strong armouring in the pelvic and abdominal areas. Those patients who 
could most successfully free their sexual energies had the best chances of 
recovering. He regarded cancer as a “shrinking biopathy” of the total energy field of 
the patient. This shrinking was seen as a forerunner and not as a consequence of the 
disease. Tumours are only the final stage of the shrinking process, Dr. Reich said. 
When he succeeded in shrinking the tumor or making it disappear without revitalizing 
the general energy flow, the patient would die anyway. Spontaneous remissions, on 
the other hand, were in some instances due to a revitalized energy flow, Dr. Reich 
said. 


Another aspect of armouring is the generation of pain. The resistance of a 
contracted muscle to the flow of energy produces pain similar to the heat produced 
by the resistance of a thin wire to the flow of electricity. Short-term muscle 
contraction uses energy; therefore, it causes no pain and can be used as a defence 
against expected emotional or physical pain. 


However, if a muscle remains permanently contracted, the reduced blood and 
energy flows cause pain from accumulating toxins, oxygen deficiency, pressure on 
nerves, energy congestion, and overactive acupuncture points. Such pain may be 
present all the time or felt only as tenderness when the muscle is pressed. It can be 
stopped immediately by pressing into tense muscles or relaxing them with other 
methods. In a permanently contracted muscle that has become like a rope or sheet, 
the energy flow to the area is so diminished that there is no pain, even when 
pressed. Repeated deep muscle massage can eventually restore energy flow and 
temporary pain to the muscle. Some individuals can clairvoyantly perceive these 
energy flows. 


Body Language: Our emotions have a strong influence not only on our glands 
and inner organs, but also on our body structure. Certain emotions are traditionally 
linked with problems in certain organ functions, as noted in part 7. Anger, for 
example, damages the liver and, conversely, irritability and quick temper are partly 
caused by liver problems. In a similar way, grief, negativity, and anxiety are linked to 
the lungs; fear to the kidneys and intestines; excessive laughter or lack of joy to the 
heart; and worry to the spleen. 


Emotions, if not released in outward action, “solidify” by causing muscle 
contractions. The stronger the energetic charge of the emotion, the stronger the 
muscle contraction. Other parts of the body may be more or less blocked off from the 
flow of emotional energies, and these parts will become weak and start degenerating. 
By examining our body, we can get a reasonably good idea of the kind of emotional 
problems that have helped to shape it and of the corrective measures to be taken in 
order to improve ourselves (see Table 7-3 above). 
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Step 58 
HEALING RELATIONSHIPS 


Try out these tools to heal your personal, family, and social relationships. 


We live in three different forms of relationships - our higher relationships with 
God and the spiritual dimension; our relationships with our planet and its life forms; 
and our interpersonal relationships in society. 


In holistic living, we move towards greater harmony on all three levels. 
Meditation and following a spiritual path are our attempt to heal our relationship with 
our spiritual source, while an attitude of loving care towards our planet and its 
creatures will heal our relationship with our biological roots. 


Our social relationships, in a way, are the most difficult to heal, for they are the 
testing ground for what we have learned and how far we have spiritually advanced. 
With much effort and by using emotional release, reprogramming, and meditation, we 
may feel that we have made much progress in healing ourselves. But have we? We 
can only find out in our social interactions. 


Are we upset if someone makes a mistake? Do we suppress our annoyance, or 
do we speak out, and, if so, in a suitable way? Do we instead feel like pointing out 
what has been done wrong and how to correct it, or do we prefer to let the other 
discover this for himself? These are all different possibilities for responding to the 
same problem, and the way we respond can show us how much we are already 
healed and what we still have to do. 


To make it more complicated, there is no correct response that suits every 
situation. Sometimes one response is the best for a given situation and at other times 
another response would be more suitable. This means we need to become flexible 
and respond to each situation with an open mind and open heart, rather than rely on 
past patterns of responding. Further, no matter how well we fare in these tests of 
everyday life, can we be fully happy and satisfied if we encounter on the streets or on 
television the suffering of our underprivileged brothers and sisters? | do not think so. 
With our increasing sensitivity and compassion, this causes us to suffer ourselves 
and we feel drawn to help others. Again, there are different ways in which we can 
respond to ease our common suffering. Foremost may be to give hope and healing 
by our living example. 


We can also donate money, goods, and services to the needy. We can single 
out an individual for special support or we can work through an organization; we can 
use the political system or in other ways try to change our whole structure of social 
injustice. What will it be? Increasingly, we will be drawn to do something because we 
feel and know that we are all one. Whatever our choice, it is not a question of right or 
wrong, but of trying to live according to our highest ideals, using the opportunities as 
they arise. 


Intimate Relationships: Our intimate relationships, more than anything else, 
are a testing ground for our feelings and emotions. They can make us feel on top of 
the world or in the depths of depression. How do we cope with these strong feelings 
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and emotions? Our intimate relationships are a mirror of our general level of 
consciousness; they show us how well we are able to manifest our ideals in everyday 
life. 


There are different kinds of intimate relationships. In the best sense, they all will 
be love relationships, lovingly relating to a partner, be it in marriage or without a legal 
status, short-term or long-term. Preferably, we try to find a partner with similar or 
compatible ideals or we try to improve our existing relationship by finding and 
harmonizing our ideals. Our common ideals, more than anything else, can help to 
ensure a happy and fulfilled long-term love relationship. A relationship based mainly 
on sexual attraction or a need for material or emotional security, on the other hand, 
does not have a solid foundation and is likely to fail. 


In our society, it is fashionable to make romantic love the deciding factor for 
marriage. However, this is the kind of love of which it is rightly said that love makes 
blind. With this, it combines the two worst factors for marriage: It does not last and it 
blinds us to the shortcomings of our partner. 


After a few years, the erotic appeal has been swept away and the relationship 
faces the test of reality. In many instances, the couple stays together only for the 
sake of the children; in others, it is the need for emotional and material security. 
A new romance is now sought outside of marriage. Sometimes this leads to a string 
of marriages and divorces based on erotic straw fires. 


The only hope for such a marriage to provide a happy and satisfying 
relationship is the transformation of erotic love into mature love. Sometimes this just 
happens on its own with compatible individuals, others have consciously to work 
towards this goal. While it is said that one cannot make oneself love someone, one 
can work, nevertheless, on diminishing one’s ego, which is the greatest obstacle to 
loving the other as a person. 


| see the greatest chance of successful transformation into mature love when 
both partners become interested in inner growth and self-responsibility and start 
walking the spiritual path hand in hand, healing themselves and each other. You 
could also join with other couples who have similar interests. 


Making a Relationship Work: One of the most destructive elements in many 
present relationships is the demanding of rights. Traditionally, males have had most 
of the rights, and a relationship can develop in this way today without any effort on 
anyone’s part. This commonly leads to the emotional deprivation of and increasing 
resentment by the female partner. The other side of the coin is the growing trend of 
Western and especially American females to be assertive and demanding in a 
relationship. This tends to push the male partner away and results in the male 
emotionally withdrawing; or the relationship becomes an arena for competition and 
fighting. The solution depends on a cooperative approach. 


This may start by one of the partners realizing that the competitive approach 
does not lead to happiness and makes the relationship unpleasant. The main thing 
that this individual needs to realize is that he cannot change his partner by 
demanding or expecting change; each can only change themselves. Depending on 
the nature of the relationship, the partners may talk over how to change track or the 
partner who realizes this may take the first steps alone. 
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An example of this is the current movement in the U.S. of “surrendered wives,” 
which started as a counterbalance to the demanding of rights by “liberated” 
females.68 This certainly is a recipe for creating happier relationships, as long as it 
does not lead to resentment on the woman’s part. With this unconditional first step, 
many women will transform their partner; he will become much more considerate and 
pleasant to live with. However, it may not work in every case and occasionally leads 
to increased abuse and separation. Nevertheless, this is a spiritual solution to turning 
a difficult relationship around and trying to make it more rewarding for both partners. 


In most instances, females want a partner who embodies their ideal of 
masculinity, while males want their ideal of femininity. | am not referring here to 
physical appearance, but to emotional qualities. Therefore, try to find within yourself 
and offer to your partner the best male or female qualities that you are capable of. Do 
this with a loving heart and without demanding or expecting an instant reciprocal 
change from your partner. In most cases, your partner will begin to change for the 
better of your relationship. 


Things that your partner did not do or did only with resentment when you 
demanded them may now be offered as gifts. Instead of nagging or demanding what 
you want your partner to do, the right attitude is to think of what you can do to make 
your partner happy. However, if your partner is unwilling or unable to change in 
return, and repeated discussions do not lead to a satisfactory result, then separation 
appears to be the best solution. It is not a sign of spirituality to let yourself be 
emotionally abused and suffer in silence. If you believe that circumstances force you 
to remain with an uncooperative or abusive partner, then use this opportunity to learn 
and practice unconditional love and forgiveness. 


The keys to making a relationship work are goodwill and communication. We 
must learn to share our inner life with our partner. It is also important how we share. 
We let our partner know that we feel hurt by something he or she did or did not do, 
but we do not accuse. We speak of our own feelings and may say, “I feel hurt by 
what you did,” but we do not say in an accusing voice: “You did this to me.” 


Initially, it may be good to agree on set times for sharing. Ask your partner if 
something annoyed him or her and then let your partner speak without interruption. If 
this direct approach is too difficult in the beginning, Keep diaries about your hurts and 
suggestions and exchange them from time to time for discussion. However, the same 
basic rules apply: Do not accuse or verbally attack your partner and give each other 
uninterrupted time to speak. 


Infidelity: Infidelity is possibly the most common cause of severe relationship 
problems. From a spiritual (not a religious) point of view, the real problem is not that 
our partner shared love or sex with an outsider, but that he or she broke the stated 
(or unstated) trust in the sexual exclusivity of our relationship. One partner then feels 
resentful and the other guilty. This is not a recipe for a happy relationship, and how 
soon and well it can be mended depends mainly on the spiritual quality of 
forgiveness on the part of the hurt partner. 


Looking at this from a spiritual point of view, it is quite natural for a sexual 
attraction between males and females to develop in suitable conditions, while on the 
other hand it is not good for our spiritual and emotional well-being to suppress strong 
longings or desires. This leads to a typical dilemma: We have a choice either to harm 
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ourselves through emotional suppression or through feelings of guilt with a possible 
deterioration of our relationship. 


A spiritual way out of this is to learn to transmute our sexual feelings for an 
outsider into unconditional love and to beam this back onto this person. Another 
possibility is instead of sharing sex to restrict an intimate encounter to a (fully 
clothed) meditative cuddle. 


If your relationship is sufficiently open, you might also discuss if and under what 
conditions a sexual encounter with an outsider is acceptable. You may realize that 
the demand for exclusive mating rights is due mainly to a combination of our social 
conditioning and fear of losing our partner. This is not a solid foundation for a spiritual 
relationship. Instead, if sexual fidelity is important for your relationship, then it should 
be freely agreed to by both partners because that is how you feel about each other 
and that is what both really want. 


However, emotionally mature partners will not make this a relationship law 
because they realize that we are not perfect. If one partner is not able to keep this 
agreement, then the spiritual solution is to ask the other partner for forgiveness and 
to obtain it without any damage to the relationship. If both are secure in their love for 
and commitment to each other, then they may not even wish to emotionally restrict or 
deprive their partner. However you work it out in your relationship, try to find solutions 
that are based on openness, understanding, and forgiveness. 


An Example of a Caring Tribal Society: We may sometimes wonder what it 
would be like to live in a genuinely loving and caring society. Surprisingly, such 
societies have existed, even in modern times. In 1929, the anthropologist Bronislaw 
Malinowski published an account of his two-year stay with the Trobriand Islanders 
near the east coast of New Guinea. 


All the people there were happy and caring, he reported. They shared with 
each other and liked to work. Children were always good-natured and conformed 
effortlessly to the rules of their society; and they had one freedom that appears 
unbelievable to us: There was not the slightest restriction on their sexual activities. 
There was no emotional suppression. 


Children watched their parents and others making love and when growing up 
started imitating them. Younger children would just tenderly play with each other, 
while teenagers had unrestricted penetrative sex. However, there was one important 
social convention: Pregnancies must only occur in marriage. These islanders actually 
did not know that sex had anything to do with getting babies. Everyone believed that 
babies were a gift of the gods given about nine months after the wedding, because it 
always happened that way. Without any other precautions or protection than this 
belief, babies out of wedlock were unknown. 


After loving experiences with many different partners, the youngsters eventually 
found their marriage partners. Marriage was desirable because it gave babies and 
status. The marriage lasted as long as the couple loved each other, usually for many 
years or a lifetime. While married, there was never any unfaithfulness or even a 
desire for it; they did not even have a word for it. 


Marriage breakup was no disaster for the children. The father always remained 
a good friend of the mother and the children. Furthermore, as they did not have the 
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concept of a biological father, the maternal uncle always played the role of the father. 
This was a matriarchal society and all property rights went through the mother to the 
children. 


As these people could observe all varieties of loving sexual activity, they had 
no unhealthy fascination or obsession for them, as do many people in our society. 
Consequently, abuse of children, sexual perversion, rape, or other forms of violence 
were unknown to them. Sexual activity to them was as natural and open as eating is 
to us. No doubt, if eating were regarded as “dirty” and restricted in the same way as 
sexuality is, and children and others were not allowed to see us eat, most of us would 
have neuroses associated with eating disorders. This association of sexual freedom 
with a peaceful society can also be observed in the animal kingdom with the 
bonobos, smaller relatives of chimpanzees. 


Another Example - the Continuum Concept: In the 1970’s, the American 
Jean Liedloff lived for several years with the Yequana Indians in the jungles of 
Venezuela. She discovered that these Indians lived in a continuum of unbroken 
traditions in close harmony with their inner and outer nature. This appeared to be the 
reason for their unusually positive qualities. 


There was no trace of aggressiveness towards each other amongst the 
Yequana, Liedloff found, even if they were all drunk at an occasional party, and they 
never blamed anyone for anything. Even in difficult circumstances, they remained in 
a composed and happy state of mind. There was no competition in their interactions, 
only cooperation. 


They were completely fearless, surefooted, agile, and enduring. At rest, they 
were totally relaxed, but could be fully alert in an instant. To illustrate this in a funny 
way, Liedloff related that sometimes one of the men would wake in the middle of the 
night, remember a joke, and start telling it. Instantly, all the others were wide-awake, 
roared with laughter, then seconds later were sound asleep again. 


They loved to work, and for them it was a pleasure to use their bodies. They did 
not even have a word for work; they just did cheerfully whatever needed to be done. 
The children were always well behaved, obeyed happily and instantly, never fought 
among themselves, and were never punished. How they raised their children was, of 
course, the secret to their success as human beings and as a society. 


Until the babies indicated on their own that they wanted to start crawling, they 
were always carried, usually by the mother. During sleep, the baby remained in body 
contact with the mother. There was no danger of injuring the baby when rolling over, 
as subconsciously, the mother always remained aware of the position of the baby. 


After the baby started crawling and later creeping, the mother was always 
available when the baby desired body contact. However, the mother would not tell 
the baby what to do or not to do. There were sharp knives lying around, which the 
baby might pick up by the wrong end to play with. There were deep pits or dangerous 
drops near which it might play without an anxious glance from the mother. It might 
even pick up a burning branch from a fire and stumble around the thatched huts. 
There were no warning calls and no accidents. 


Neither were the children told when or what to eat or when to sleep or which 
role models to follow. Boys quite naturally picked up bows and arrows from other 
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boys and started shooting with sharp arrows without being shown where or what to 
shoot or any safety precautions. They might start doing this at the age of 18 months. 


Girls at that age, on the other hand, might join a group of women and girls and 
practice grating roots. At the age of three or four, a girl might be in charge of an 
infant; play and work are the same to them. An adult might need something, give a 
short command or request, and the child would instantly comply. 


The parents trusted the innate protective instincts of their children. A baby 
might appear to be oblivious to danger when playing at the edge of a cliff, but its 
subconscious or body self protected the baby much more effectively than the mind 
could, just as it does a sleepwalker. If we warn an infant of a danger, its mind starts 
interfering with the body self and it loses its instinctive protection. If, on top of this, the 
parent is afraid that the child will fall, then it will try to fulfil this expectation and fall. 


Small children are psychic and always try to meet the expectations of their 
parents, especially of the mother. The Yequana children never fail because their 
parents have unwaveringly positive expectations. Children are neither blamed nor 
praised for anything, just confidently expected to do the right thing. 


Further, babies in that society are deliberately exposed to the widest possible 
range of sensory stimulation. From this and by observing adults and older children, 
they learn to judge unfailingly their ability to cope with each situation, and their 
parents completely trust their judgments. They know that if the child is not confident 
to judge a situation, it will ask a parent for help. 


While these men were much tougher than men in our society, if one genuinely 
felt strong pain, such as when cleaning out a deep wound, he would not hesitate to 
cry out loud, comforted without words by physical contact with his wife or mother. If 
either a child or an adult lost their natural family, they were adopted into another 
family. This was important even for adults for emotional and social support. To show 
that the amazing abilities and behaviour of these children were not inherited, but the 
result of their upbringing, Liedloff reported there was one problem child. This child 
belonged to a Yequana couple who had lived in contact with our Western civilization 
for some time; but this child also learned (belatedly) to fit in.°° 


Emotional Security in Children: We all are likely to benefit from increased 
levels of emotional security. Emotional security is a nebulous concept that includes 
how we feel about ourselves, how good we feel in relationships with other people 
who are important to us (e.g., family), and how confident we are that things will turn 
out well for us. 


Probably all of us feel some doubt in some of these areas, and especially 
children, if they are able to think in these terms. One of the main functions of a family 
unit is to foster feelings of emotional security in children, and often much of the 
irritating or negative behaviour seen in children can be removed through actively 
raising the child’s levels of emotional security. 


This is an easy claim to make but often a harder thing to achieve. Here are 
some techniques that | recommend to try to raise the level of emotional security in 
children: 


1. Set aside three to five minutes every night for the child. After the child has gone 
to bed, Mom or Dad (take turns) goes in, turns off the light, and sits on the side 
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of the child’s bed in the dark. The child is in the security of its own bed, with a 
little body contact with the parent, and no eye contact, because it is dark. Then 
the parent should just talk about their own day, share some of the things that 
happened; no questions asked nor asking the child to talk. When the child 
learns that this is a regular occurrence, he will initiate things and feel free to 
share, and topics involving emotional stress are likely to come out. 


2. When the child makes a statement to you (e.g., “I hate school”), try not to block 
it or answer the comment; extend it instead. The child may not realize the 
feeling behind this statement, and you may never find out unless you can get the 
child to clarify it. Hand it back to the child in a questioning way: “You hate 
school?” To which the reply may be, “No, just the teachers.” So you say, “You 
hate all the teachers?” “Well, not all, mainly Mr. Jones.” 


3. The question “Why?” rarely achieves anything when asked of little children. 
Seldom can they provide an adequate answer to such a question, and so, 
effectively, they are cornered. Try to avoid asking “why.” 


4. Avoid the words “no” or “wrong,” especially when the child is attempting to do 
something (e.g., reading). “Almost right” or “not quite but getting better” are likely 
to keep the child interested and keen to try. The words “no” and “wrong” are 
likely to make a child give up as a failure. 


5. Let your children know that they are good at things, that they are nice people, 
and that you like them. Generally, we tell our children when they fail, when they 
annoy us, or when we feel let down by them, but we don’t let them know the 
good things. Many children thus get the impression that they are failures and 
develop a poor self-image. 


6. Right-handed children like to sleep on the right side or on the stomach with the 
head to the left shoulder. Left-handed children generally sleep facing the other 
way. Try to place your child’s bed so that in the natural sleeping position 
(according to handedness) she sleeps facing the wall. This tends to give the 
child added security and often has the effect of eliminating problems with light 
sleepers as well as nightmares and bed-wetting. Placing a child’s bed at right 
angles to a wall, extending out into the room, should be avoided with children 
who are light or restless sleepers, as it provides little or no security to the 
sleeping child. 


7. If a child needs a night light, try a blue or green bulb rather than a normal white 
or red one. Blue and green are pacifying colours, whereas red is stimulating. 
Also position it so that the child’s face remains shaded, so as not to interfere with 
melatonin production during sleep. 


8. Accept your child’s reality. If the child is upset or scared about something, 
irrespective of how irrelevant or trivial it may seem, accept that this is the real 
feeling of the child. Rather than dismissing the complaint or saying that it does 
not matter or not to be silly, ask what the child is feeling; then go through these 
feelings so that the child can either accept or work around the worrisome 
feeling. 
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9. Set aside a short amount of time on a regular basis in which your children can 
have your undivided attention; this could be perhaps ten minutes in the evening, 
or while doing the dishes. This can help avoid the repetitious “in a minute” 
response that we constantly find ourselves giving to our children. 


10. Read to your children. Younger children (two to six years old) enjoy and benefit 
from favourite books being read to them numerous times; they can learn the 
whole story by heart and can “read” it back to themselves just by looking at the 
book. Older children (seven to ten) benefit from having something interesting 
read to them by a parent, so that they feel they are sharing a common interest 
with the parent; suitable may be historic stories or children’s encyclopaedia 
stories. 


11. Fool around with your children. Let them see that adults can laugh, play, and be 
silly. 


12. Be consistent. Consistency on the part of adults is of prime importance. If you 
act consistently, the child will know where he stands. If not, the child will be 
confused and become unpredictable as well. Always do as you say. Do not 
threaten punishment unless you are willing to carry it out, otherwise you lose 
credibility. The same applies to offering rewards. 


Redoing Our Social Relationships: As compared to the Yequana, we live in 
a primitive society when it comes to our social relationships. | believe that future 
generations will see our society as severely unbalanced, as an overdeveloped 
technocracy built on a socially sick base. We can learn from the Yequana how to 
heal our society: It starts with our relationships with our children. For a long time to 
come, we will not be able to rely on authorities and experts in this endeavour; 
instead, idealistic individuals and groups must take the initiative. 


Parents, preferably within the framework of a support group, must start 
experimenting on how to raise their children according to continuum principles as 
explained above. This is not easy in our situation. It involves not only a child’s 
constant close body contact with the mother or other carers for the first six months 
and a trusting attitude with positive expectations, but also the presence of other 
children in a wide range of ages as positive role models. Two-year-olds learn best 
from three-year-olds and they in turn from four-year-old children. 


It can be done. | have known mothers who kept body contact with their babies 
until they wanted to start crawling. | have seen a three-year-old boy without close 
supervision or need for safety concerns use a sheath knife, hatchet, electric drill, and 
a blowtorch, then he immediately and happily ran home when his parents called. | 
believe that children, if they feel secure and loved during their early childhood, if they 
have a wide range of relevant sensory stimulation and positive role models, can be 
trusted even in our modern technological society. 


Obvious dangers, such as knives, staircases, or pools, should not be a 
problem. Babies easily learn to float. | see less of a chance of a secure child 
drowning in an unfenced pool than an insecure one drowning in a fenced pool. Make 
hidden dangers known to your children through your own behaviour. Children imitate; 
therefore, do not do in their presence what you do not want them to do. 
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Antisocial behaviour is a sign of emotional deprivation, especially in early 
childhood. Give your existing children and especially those with antisocial or neurotic 
tendencies the opportunity to experience the missed phases of their emotional 
development. Explain to them in simple terms what you intend to do and why; invite 
your children, possibly one at a time, to sleep in your bed whenever they feel like it. 
Get them to do it even if they are initially reluctant; cuddle them a lot and possibly 
massage them, or bathe or shower together. 


For infants, all this will be natural and enjoyable, but with older children 
emotional barriers may need to be broken down gradually. While loving sexual 
activity in the presence of infants is desirable to provide a role model, for older 
children it might be upsetting to be exposed to it unprepared. Use your own 
judgment. Include the children in the tender relating of the whole family, but in a way 
that does not intentionally cause sexual stimulation. 


Healing Relationships to Produce Social Change: Emotionally deprived 
children grow into adults who have antisocial or asocial tendencies. On one side of 
the scale, this manifests as criminal and destructive behaviour and, on the other, as 
shyness, lack of confidence, and depression. A further result is the ego-centred 
individualism so prevalent in Western societies. It brings forth political, business, and 
community leaders who are more interested in personal power and wealth than in the 
overall good for society. 


In contrast to our present system, which | would describe as one of adversarial 
competition, a society of emotionally mature individuals would be based on 
benevolent cooperation. Elected representatives, for instance, would fully cooperate 
to find the best solutions for the common good, and the most suitable citizens would 
be chosen to be these representatives. 


Business ventures would operate according to cooperative principles, both in 
matters between different ventures and within each, and without a sharp division 
between capital and labour. This was the social structure of the Yequana Indians and 
the Trobriand Islanders. However, to be successful in modern society, such a system 
must be based on spiritually and emotionally mature individuals. 


A first step towards reforming the present business climate would be a legal 
and community expectation that the main duty of care for corporations is to the whole 
of society rather than to their shareholders. The reason for the existence of 
companies would be seen as service to society; a company would appreciate its duty 
of care to its employees, shareholders, and the environment. A further step could 
involve government incentives to form cooperative ventures. 


The judicial system would be based on conciliation and rehabilitation. The more 
emotionally mature the society, the less would conflict arise. The health care system 
would largely become redundant as people learned to live in harmony with their 
biological, emotional, mental, and spiritual needs. Any necessary therapy would be a 
combination of the best in modern and natural medicine. 


Agriculture, food processing, and energy production would be sustainable and 
in harmony with planetary requirements. A society of self-responsible citizens would 
be based on a maximum of individual freedom and a minimum of bureaucratic 
interference. 
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No system of laws and law enforcement will keep a society of deprived and 
ego-centred individuals operating harmoniously, yet emotionally satisfied and 
responsible individuals will function well in any system with a minimum of rules. The 
main problem, therefore, is not to devise better political and social systems and 
improve our laws and wealth distribution, but to provide the opportunity for everyone 
to heal their emotions and start on the road to self-responsibility. A harmonious 
society will then evolve from this. 


Cooperative Solutions Based on Emotional Fulfilment: Here | offer a few 
examples to show how a caring society based on emotional fulfilment, as outlined in 
this step, might solve some contemporary issues. 


The most important aspect would be to raise all children in a caring and loving 
way, following for example, the principles of the Yequana continuum concept, to 
ensure a harmonious society in the future. The school and education system would 
concentrate on developing cooperation, creativity, intuition, and holistic concepts 
similar to Rudolf Steiner, Montessori, or Waldorf schools. 


There would be no political parties or electioneering. In one possible model, 
electors would write the name of a community member of their choice on the ballot. 
Leaders would be chosen for their experience, maturity, spiritual insights, and 
wisdom. The elected leaders from several neighbourhoods would form local councils 
of wisdom; these would then elect someone from their midst or possibly an outsider 
to represent them at the next higher level. In this way, it could continue upwards to 
create a world council of wisdom. 


Very suitable as community leaders will be women who have harmoniously 
raised a family because they will be skilled in facilitating just and harmonious social 
relationships. The legal system will be very simple, observed in spirit rather than 
letter. Together with other decisions affecting individuals, communities, and regions 
in their care, councils of wisdom on each level will also be responsible for any legal 
disputes and arbitrate in a spirit of cooperation. 


Initially, the unemployment problem could be solved with flexible working hours. 
This means, instead of an unemployment rate of ten percent, the standard hours of 
work per week would be reduced by ten percent. Conversely, if a shortage of workers 
developed, the standard working week would be lengthened. Standard hours might 
be different in different professions or ventures. The government might just provide a 
basic safety net. Present government regulations generally make it more convenient 
to extend overtime hours for existing workers rather than hire additional staff. This is 
simply a problem of community attitude and government competence. Eventually, 
work will become a desirable outlet for creativity. 


Based as it is on the adversary system, our society causes so much friction, 
conflict, waste, and incompetence that | estimate our present lifestyle could be 
maintained with less than a quarter of the present work input. However, this 
percentage would initially be higher in order to bring underdeveloped nations up to 
world standard and restore the planetary environment to an appropriate level. 


In a mature society, only a fraction of present resources would be required for 
the legal, law enforcement, and prison systems, for the defence and pharmaceutical 
industries, and for the hospital system. Most of these could eventually be phased out. 
On the other hand, much more would be channelled into sustainable agriculture and 
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health-friendly food production, into education, training, and community facilities, 
including an appropriate public transportation system. 


In regard to health care, | see a unified system of holistic medicine in which 
surgery and drug medicine are branches, like nutrition, herbalism, or homeopathy. 
Extensive clinical trials would determine the best combination of procedures for 
specific diseases. However, in an increasingly enlightened society, diseases as we 
know them will become increasingly rare. Surgery, for instance, would only be 
required for accidents. Most of the healing work in such a society would be 
concerned with promoting inner and outer harmony and spiritual growth. 


Sexual Initiations: In regard to a more natural sexual development of children 
and teenagers, | see two possibilities. One is complete openness in sexual matters, 
letting children watch the loving sexual activity of adults without any restriction and 
imitate it as they feel ready to do so. This is nature’s way as practiced in the animal 
kingdom and in human societies that still live close to nature. It does not necessarily 
lead to unwanted pregnancies, as shown by the Trobriand Islanders; other methods 
of birth control might have to be taught. How it would work out in the end depends on 
the customs of society and the examples provided by its individual members. 


The other possibility is to transform juvenile sexuality into a striving for high 
ideals within the context of a loving and caring society. Infants, but not older children, 
would be exposed to lovemaking of the parents. At a certain age or level of 
development, girls would be ceremonially and lovingly initiated by experienced and 
spiritually evolved men, while boys would be taught by women with the same 
qualities. The teenagers might choose the initiators themselves or leave this 
selection to their parents. As a variation of this possibility, teenage couples could 
receive practical instructions before or during their first sexual encounter. This, too, 
could be done ceremonially. However, the main problem for teenagers is not to learn 
the mechanics of sexual union, but rather to become emotionally competent. 


My preferred solution in a society with strong spiritual values would be to teach 
teenagers graded forms of spiritual sex in a ceremonial way as an initiation, and also 
the art of sexually relating in a loving way, again graded according to age. Different 
solutions will be suitable for different societies, depending on their degree of spiritual 
evolution, but almost anything would be better than our present system. 


Of course, in our present situation all this sounds utopian. Unfortunately, | do 
not believe that a transformation into a more caring and mature society will take 
place gradually and in a coordinated way. | am afraid the present system will run into 
an acute crisis and more or less self-destruct. If and when this happens, it will be 
important to have mature leaders in all areas who then can pick up the pieces and 
show the survivors the way towards building a caring society. 
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Step 59 
HEAL IN GROUPS 


Join a group of like-minded individuals with the goal of healing your feelings 
and helping others do the same. 


The small nuclear family as the basis of our social structure is an expression of 
the ego-centred and individualizing nature of our society. It leads to social isolation, 
difficulty in relating and cooperating, and a disruption of the age-old continuum of 
traditions. 


Formerly, and presently still in underdeveloped countries, humans enjoyed a 
continuum of learning experiences. Step by step, through observation and imitation, 
children learned how to care for babies, do the various forms of housework, repairs, 
and other skills, make love and relate in a loving way, care for sick people, give birth, 
and deal with death and dying. Grandparents made themselves useful and passed 
on their experiences. Now most of these skills are only incompletely learned from 
books or left to experts, and the art of relating and cooperating in groups is at an all- 
time low. Recent explorations in communal living are an attempt to return to the 
security and emotional closeness of the extended family and a more traditional 
lifestyle. 


Activities in various clubs and special interest groups may lessen our social 
isolation, but this is only a bandaid. | suggest forming neighbourhood healing groups 
with the specific aim of healing ourselves, others, and our social relationships. 


A healing group can provide many functions not normally available in our 
society. In a way, it can act as an extended family with an unlimited variety of support 
facilities, such as baby-sitting, child-minding, kindergarten and preschool, and 
possibly even alternative schooling. Members can help each other in all stressful life 
situations, be it childbirth, sickness, bereavement, unemployment, or building activity. 
There can be common fruit and vegetable production, a food co-op, communal 
library, leisure facilities, and shared expensive working appliances. 


The main aspect of a healing group is healing activity on all levels. For healing 
the body, experiment with natural and holistic methods. Suitable communal healing 
modalities include massage, reflexology, acupressure, spinal therapy, meridian 
therapy, muscle testing, and allergy testing. Many different forms of massage can be 
used, such as stimulating massage, deep muscle massage, sensual massage, or 
energy distribution massage. 


Individuals can share their personal experiences with the group in areas such 
as nutrition, color therapy, packs, or flower remedies. A member of the group may 
participate in a healing workshop and then pass on the experience to the others. The 
group can also invite natural therapists and other health professionals and healers for 
demonstrations, lectures, and teaching of specific methods. 


There can be group evenings in which you exercise together, while on others 
you discuss interesting topics; someone may read a good book and report on it; or 
there can be meditation evenings, or all of these in varying combinations. You can 
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use group therapy for emotional release, do rebirthing and other emotional growth 
work together, and do a lot of hugging. Buy some books about emotional therapies 
for the communal library, and experiment. 


A healing group can operate on two levels. On one level, it can be a 
neighbourhood support group with food co-op, shared child-minding, communal 
leisure activities, and so forth. On another level, individuals dedicated to healing can 
meet weekly for this purpose. A large garage could be converted into a group 
meeting place while smaller groups might meet in the living rooms of participants. 
Here are a few of many possible group activities for developing feelings and 
relationships. In group exercises, wherever possible, try to pair off with a partner of 
the opposite sex, or when forming a circle, alternate the genders. 


| SEE THE LOVE: The women sit in a circle, possibly on floor cushions or on the 
carpet. A man sits opposite each woman. If there is an excess of either gender, pair 
off with a member of the same sex. For a minute, look silently but tenderly into each 
other's eyes, trying to express and radiate love. Then, with a signal from the group 
leader, the men move to the next partner and again both meet each other in a tender 
gaze. In this way, the men move around the circle until they sit again opposite their 
original partner. 


Now, while again looking into each other’s eyes, the men say, “I see the love in 
your eyes.” They can either repeat this phrase from time to time or a variation on it, 
such as: “Your heart is filled with love and it shines out of your eyes” or “My heart is 
filled with love; it radiates from my eyes.” 


After a while, the men can in addition start tenderly touching and stroking the 
hair and the face of their partner. After about two minutes, on a given signal, roles 
are reversed and the women express tender feelings in words and by touching and 
stroking the hair and face of their man. Finally, on the signal, the men move to the 
next partner and repeat the same procedure and so forth until they are back with the 
original partner. Now, one after the other, participants can describe their feelings and 
how it felt different being either the active or the passive partner. 


THE SANDWICH: This is to recreate the security, love, and warmth of the foetus 
in the womb or the baby in the mother’s arms and at her breast. Someone stands in 
the middle, front gently pressed to the front of a partner of the opposite sex, and with 
the front of another partner of the opposite sex against the back. The middle person 
has the arms over the shoulders of the front partner and the one at the back also 
stretches out around the middle person to the one in front. 


Stay like this for several minutes, possibly lightly swaying if that feels better. In 
addition, you can have two more people lightly press against the sides of the one in 
the middle. See if it feels better if these additional “nuggers” are of the same or the 
opposite sex as the one in the middle. 


For a woman in the middle, it may also feel better to have another woman in 
front; just experiment with different combinations. You may, for instance, have four 
people of alternating sex standing as closely as possible with their fronts together, or 
the whole group can form a ring, each one standing pressed with the front against 
the back of the one in front. The ring may stand still or slowly move. Some of these 
formations can also be tried while lying down. 
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LEARNING TO TRUST: After pairing off, couples walk around slowly, intermingling 
with the others, but with one partner of each pair having their eyes tightly closed or 
blindfolded. After some time, you swap places. 


In another exercise, form a circle with seven people and one person in the 
middle with arms crossed in front of the chest. Those in the circle lightly touch the 
middle person with their hands. The one in the middle has the eyes closed and after 
a moment the body relaxes and starts swaying. It will lean towards one pair of hands 
and is then gently passed around the circle. After a while you can make the circle 
bigger by adding more participants or just spacing yourselves out so that the one in 
the middle is inclined at a greater and greater angle. His or her body should remain 
straight with the feet in the middle of the circle. Those forming the circle can put one 
foot back to be able to support a greater weight. 


In a variation of this exercise, one person stands with closed eyes and the back 
turned towards a mattress on the ground. Several helpers stand behind the person, 
with outstretched hands, and catch that person as he or she falls backwards with a 
stiff body. Gradually extend the range before catching. 


HEALING PARTNERSHIPS: If there is no healing group that you can join, or 
sometimes even in addition to it, you can find a healing partnership. Ideally, that is 
with your present partner in a long-term relationship. However, many are not so lucky 
and often prefer to live on their own rather than in a stressful relationship. In this 
situation, you can find someone with the same interest in health improvement and 
spiritual growth, but without either one of you wanting a love or sexual relationship. 
You can then meet at set times, and do all the things that might be done in a healing 
group. This will probably be more suitable for mature-age individuals. Eventually, 
others may join in and then you have your proper healing group. 
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Step 60 
LEARNING TO FEEL 
Feelings build the body; they are the glue that holds body and soul together. 


Tender feelings make us open and vulnerable, but in order not to get hurt, 
typically we prefer to close up and not feel. This has the added advantage of making 
us stronger in our career because we do not need to take our feelings or the feelings 
of others into consideration. 


Each time we suppress a feeling or do not express it in a suitable way, the 
generated energy solidifies into muscle tensions and armouring, as we learned 
earlier through the work of Dr. Reich. Eventually, this leads to widespread muscle 
armouring, a permanent state of muscle contraction; this closes off the circulation of 
blood, lymph, bioenergy, and, equally important, the flow of feeling energies. Once 
we are in an armoured condition, we cannot feel anymore, even when we want to. 
This applies especially to our tender feelings and is a great loss. Our conscious 
control is then out of touch with the body - its needs, wisdom, and the pleasure it 
could give us. 


Thus we are equally out of touch with the requirements of others, with the 
forces of nature, and with our higher guidance. Everything is wrong if we are out of 
touch with ourselves and with everyone and everything else, and we have to rely 
exclusively on our ego-controlled mind. To heal our emotions, we need a fourfold 
approach: 


1. We need to “let go” and release the accumulated negative emotions and 
associated tension. 


2. We need to become aware again of how we feel and express our emotions 
appropriately. 


3. We need to learn how to feel good about ourselves and others and to generate 
positive feelings. 


4. We need to live in our daily lives what we have learned in our exercises. 


Let Go of Negative Emotions and Tension: Feelings that we have not 
expressed and often not allowed ourselves even to feel have accumulated within us 
in the form of repressed emotions. They choke our emotional body in the same way 
as accumulated metabolic residues obstruct our physical body. In our relationships 
and social interactions, we react emotionally mainly with reactivated hurts within us 
and only to a lesser degree with true feeling to the actual situation itself. This causes 
endless frustration, misunderstandings, and disappointments in our daily lives. 


In order to free ourselves of these emotional obstructions from the past, we 
need emotional cleansing periods in which we feel safe to release and express our 
suppressed emotions. This will already partly be achieved and made easier as a 
result of bioenergetic exercises, deep muscle massage, and other methods to relax 
our muscle armouring. Here are three helpful release techniques: 
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Forgiveness: The cornerstone of emotional healing is forgiveness. As long as 
we cannot unconditionally forgive ourselves and others, we remain trapped in past 
negative emotions. This prevents us from fully loving ourselves and others. 


A good way to develop forgiveness is to make a list of everyone who has hurt 
you in the past or whom you may have hurt. Recall especially relationships with your 
parents, siblings, relatives, and partners. Think of incidents that may have caused 
anger, resentment, disappointment, sadness, fear, or insecurity. Then mentally go 
through each incident and note if there is still any trace of that hurt feeling in you. If 
there is, go deeply into it, reach the bottom of it, examine it from all sides; it may then 
evaporate. 


If there is still some hurt, decide to free yourself of this. Do deep breathing and, 
with each exhalation, imagine blowing the pain into a balloon. When you have 
transferred all the hurt into the balloon, close it up and let it float off into the blue sky 
for the universe to take care of. Imagine yourself in the presence of the one who hurt 
you. Formally and lovingly forgive this person. A very important person to forgive in 
this way is yourself. Forgive yourself for all the distress and hurt that you caused 
other people. If you are not ready to forgive everyone unconditionally, come back to 
this step after you have worked more on your belief systems and adopted a spiritual 
philosophy of life. Realize you are not doing a favour to others by forgiving them, but 
to yourself by freeing yourself from destructive emotional toxins. This is similar to 
cleansing your body of chemical toxins. 


An alternative is to write a letter to everyone against whom you still feel 
resentment and whom you are not able to forgive. Write exactly what the other one 
did and how it affected you. Then formally forgive them and express your love and 
appreciation. Give this letter to the recipient, or you can burn it and hand the matter 
over to the universe. 


Intentional Direct Release: A simple and efficient method of emotional 
cleansing is possible in a secure relationship with an understanding and cooperating 
partner. When you feel angry, sad, or upset, tell your partner there is something 
coming up that you want to release. 


It is often necessary to exaggerate our expressions in order to get to the old 
emotions. When you are angry during an intentional release, show that you are 
angry: Throw yourself on the bed or the floor, kick and punch a cushion, pillow, or 
mattress, wring a towel, scream, shout, or cry. Similarly with hatred, sadness, grief, 
or any kind of frustration, bring each out as forcefully as you can. Your partner can 
help you to deepen the feeling, telling you to get into it, to hit harder, cry louder. 


Even in more restricted situations with other people, try to experience and 
express your immediate feelings in an appropriate way. When you are angry, say so 
and possibly hit with the fist on the table; when you have tender feelings, 
acknowledge them with a loving smile and, if appropriate, with a loving touch. 


Re-enactment: In many instances an understanding partner may not be 
available for immediate release or the situation is inappropriate. Then it is best to re- 
enact a recent hurtful or otherwise frustrating experience, as long as it is still fresh in 
the memory and the feelings are easily aroused. 
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Do this at a convenient time in the privacy of your bedroom or in a car parked 
with closed windows near a busy highway (where nobody will hear you). Recall the 
details of the scene and your feelings; bring out these feelings as much as you are 
able to. A similar situation from the past may pop into your mind, a time when you felt 
hurt in the same way yet did not react to it. Relive and exaggerate the memories of 
this past experience to get to the old emotion behind your present feeling. 


Learn to do this habitually. Whenever you encounter an emotional situation to 
which you cannot react in an appropriate way because of inhibitions or conventions, 
re-enact it and respond to it later and elsewhere in an exaggerated form. Do this for 
anger and hurts and also gratitude and tender feelings you were unable to express at 
the time. 


EMOTIONAL THERAPY FOR CANCER: Many individuals and especially cancer 
sufferers are inhibited in their emotional expression. Often they are unselfish, quiet, 
and dependable, the caring and enduring partner in a relationship. However, they 
also tend to harbor resentments as they hold back in expressing their anger or their 
own needs. For them, family and partner come first, while they sacrifice their own 
desires and dreams. This then inhibits their life force, their inner drive, and vitality. In 
cancer lore, this type of behaviour has been called the Type C personality as 
compared to the Type A personality, which has the opposite character traits and a 
susceptibility to heart disease. Most cancer patients have a so-called Type C 
personality or behaviour. Type C personalities typically: 


e Rarely or never feel or express anger or other negative emotions, such as fear 
or sadness 


e Are patient, cooperative, appeasing, “nice” individuals, non-assertive and 
compliant with authorities 


e Are extremely self-sacrificing and overly concerned with meeting the needs of 
others rather than their own 


e Tend to hold resentments, instead of speaking out 


Another emotional cause of cancer is an unexpected loss. This may be a 
partner or close relative, a job, business, financial security, or anything with which the 
individual has a strong emotional bond. In individuals with a Type C or cancer 
personality, such loss often causes a severe depression of the emotions as well as of 
the immune system, and any hitherto dormant or slow-growing tumours explode in a 
sudden growth spurt. These emotional cancer causes need to be rectified in order to 
give any additional therapies a chance to work. If you have the opportunity and 
financial resources, consult with someone who specializes in emotional therapies; 
otherwise work with your partner or a friend. 


Write in as much detail as possible about the worst experience of your life; 
share it with a trusted person. Search your mind and write and talk to someone about 
your other resentments, hurts, disappointments, losses, and shattered dreams. 
Practice expressing yourself forcefully, even exaggerating gestures and body 
movements. Remember incidents that you did not like and induce and release anger 
by kicking and punching something; cry or scream if possible, then afterwards forgive 
yourself as well as everyone else for past hurts and mistakes. 
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Practice expressing emotions and feelings with your body. Read poetry aloud 
with feeling; express feelings through dancing, arm and hand movements, or 
pantomime. Find another dream, something worthwhile and exciting to do after you 
have recovered from your disease. Be assertive, especially with medical and other 
authorities; make sure that your emotional needs are met. Meet other cancer 
sufferers in weekly sessions for emotional group therapy and support; share 
information, meditate, and visualize together. Take control of your therapy program. 


| believe that your emotional transformation through learning to express your 
emotions is the key to winning the battle with cancer or any other disease. 
In summary: 


e feel your negative emotions and express them appropriately 

e feel your emotional needs and move towards fulfilling them 

e uncover and release all resentments 

e forgive yourself and others for anything you or they may have done 
e speak out, become assertive 

e trust your own knowledge and intuition 

e find a dream that you would love to make come true in coming years 
e become enthusiastic about your present life and future 


Keep these points in mind and move towards changing your behaviour in small 
steps in your daily life whenever an opportunity presents itself. Use mind 
improvement methods, such as meditation, affirmations, and guided imagery or 
visualization, to shape yourself and your future as you want it to be. 


Overcome Fear: A disease such as cancer provides us with a great 
opportunity to learn to care for our body, to heal our mind and emotions, and to 
become spiritual. Some of the inner causes of cancer are long-standing resentments, 
habitual worries, inner hurts or grief, guilt, repressed sexuality, and a lack of joy and 
spontaneity. All of these are expressions of fear and we need to overcome them by 
developing unselfish love. 


One of the most basic fears to overcome is the fear of dying. This can best be 
done by seeing yourself as an immortal soul who temporarily inhabits and operates a 
biological body to gain certain experiences. Numerous near-death experiences show 
that death or shedding the biological form is generally a liberating and pleasant event 
for the soul; you may have similar experiences to this during meditation. 


Another fear is fear of pain and dependence on others, especially in an 
impersonal and technological hospital setting. By using holistic medicine, you can 
remain in charge. Even if you are too old or start holistic therapy too late, you can 
expect to spend your last days in a dignified way. Instead of trying to cling to the 
body or being drugged into a semi-conscious state, this should become the spiritual 
high point of your life, as you prepare in prayer and meditation for the liberation of 
your soul. After the shocking revelation that you have cancer, you must gradually 
progress to hope, belief, and faith, faith in your spiritual guidance and that all will be 
well. Do your best; the rest is in God’s hands, so there is nothing to be afraid about. 
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This inner transformation can be achieved with the indicated mind tools. 
Preferably develop a daily routine that you start with prayer, affirmations, and 
relaxation, followed by guided imagery and meditation. 


Become Aware - Experience Body Sensations: Even without the goad of 
having cancer, we need to become aware of our feelings and emotions when they 
arise. An easy way is to start with simple body sensations. Try to increase your 
awareness of body sensations. Whenever a sensation arises naturally, be it warmth, 
cold, tingling, hunger, thirst, the tastes during chewing, or any other body sensation, 
focus your attention on it. Soon the sensation will intensify and gradually you will 
learn to pick up on even faint sensations that you normally would not have felt. 


Unpleasant sensations will usually recede after a while and may disappear 
completely. This is especially the case with hunger or pain. In order not to feel hungry 
during a fast, tell your body beforehand that you are doing a cleanse to make it feel 
better and that it will get food afterwards; then ask for its cooperation. If you forget to 
do this beforehand, you can still explain it when you feel hungry. Usually the craving 
for food disappears after this. 


It is similar with pain. By focusing your attention on it, the pain can tell its 
message, the reason why it is there, and then it can withdraw, helped by the muscle 
relaxation induced by your attention and non-resistance to it. 


One of our most frequent sensations, both important and pleasant, is our food 
taste. Use the excellent opportunity provided at each meal to savour the flavours that 
develop while placidly chewing. This increases and helps your digestion. For healing 
a specific problem, imagine that powerful nutrients in that food are now on their way 
to the problem area to improve it. 


At other times, try to feel the various parts of your body as you move, stand, sit, 
or lie down. Sense which muscles are tight and which ones relaxed; warmth may 
develop wherever you focus your attention, yet you can also feel a refreshing 
coolness if you concentrate on that. An easy way to do this is by mentally transferring 
the warmth of the breath felt during exhalation or its coolness during inhalation to a 
designated part of the body. 


Slightly move an arm, leg, or your head and experience how each move feels. 
Focus on the beating of your heart; feel the pulse at the sides of the neck. Put a hand 
on your chest to feel the movements caused by the heartbeat and the breathing 
activity. Shake your whole body or one part of it and feel the energy flow when you 
stop. Lightly touch various objects, your skin, that of others, tree bark, a stone, glass, 
and feel the differences. 


Slowly move your lightly cupped hands close together, but without touching, 
then move them apart. Repeat for a minute or two, moving them slowly towards each 
other and away again. Can you feel a resistance developing when the hands are 
brought closer together, something like an air cushion? Do the same exercise after 
shaking your arms and hands for a minute. Move the tips of your outstretched fingers 
close to those of another person. Try with the same hands and also with opposite 
hands. Can you feel an energy, a tingling? 


Allow Spontaneous Feelings: Focus your attention on any emotions or 
moods that arise. When you are angry, do not just remain angry in your head. Scan 
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your body to detect if you can feel it there. It may be in the form of an energy rushing 
upward from the lower chakras. Is it activating your arm or leg muscles, so you want 
to hit or kick? Intensify any body feeling. Hit the table or a wall with the padded side 
of the fist; kick a cushion or the air. How does it feel now? 


If you are frustrated, where in your body do you feel it, apart from your head? 
Ask the same with other feelings, such as fear, anxiety, worry, jealousy, hatred, 
longing, compassion, love, devotion. With tender feelings, focus your attention on the 
heart. Do you feel a stirring there, something moving? When you feel an emotion in 
the body, try to stay with it and intensify the sensation, even if it is anger or another 
negative emotion. Try to express whatever you feel, but in a suitable way. Certain 
muscles may want to move; intensify the movement. 


If you feel fine, sense that well-being all over the body. If you are dissatisfied, 
unhappy, or discontented for no specific reason, relax and focus your attention on 
feeling dissatisfied, unhappy, or discontented. Feel it in the body: Where is its 
centre? What does it want to tell you? Some of our strongest feelings develop during 
sexual intercourse, so go into these feelings. Try to spread them out from the sex 
organs into the pelvic area and throughout the body. Radiate them out to your 
partner. Do not let yourself be distracted by fantasies; stay with the feelings. 


Sentic Exercises for Emotional Clarity: Manfred Clynes, author of Sentics: 
The Touch of Emotions, developed a set of “sentic exercises.” Clynes defines sentic 
as the brain state and its corresponding experience generally associated with the 
word “emotion.” He found that the same emotion in people all over the world 
produces the same kind of muscle response. He used the pressure of a finger on a 
measuring device to record the intensity and direction of the pressure generated by 
each emotion. 


Even more important for us, this process can be reversed: A certain finger 
pressure tends to generate its associated emotional feeling. At the same time, this 
feeling is expressed through the pressure in a way that is satisfying for the body. You 
can press with one or more fingers or even with the whole hand against the surface 
on which the fingers or hand rest. 


Negative feelings are best generated and expressed with the fingers pointing 
straight down to produce a kind of stabbing muscle response. Positive feelings are 
more effectively produced if the lightly cupped hand rests on the surface and the 
pressure is mainly expressed with the fingertips. Both hands may be used 
simultaneously. 


To do these exercises, keep the executing arm in a relaxed position. If you sit 
on a chair, the jabbing pressure can be produced on the seat of a second chair or 
even on your thigh. For the whole hand to rest on a surface, use a table, your thigh, 
your other arm, or your chest. Eyes can be open or closed. 


The pressure patterns of the seven key emotions are as follows: 


e Anger: Make a jabbing movement away from the body, like hitting out. The 
duration is much less than a second and is accompanied by a sharp exhalation 
and a corresponding sound; the gaze is slightly downwards. 
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e Hate: The pressure is stronger than in anger, but develops more and is sustained 
somewhat longer; it ends abruptly, as in anger. The direction is away from the 
body and occurs during exhalation. 


e Grief: This can be expressed with the cupped hand. The finger pressure is 
straight down and increases slowly for half a second. There follows a period of 
passive weakness and immobility during which the pressure gradually eases. The 
head can be tilted forward and to the right (for right-handers). Breathing is slow 
and shallow, pausing after the exhalation. The whole action lasts three to five 
seconds. 


e Love: Pressure is gently towards the body, increasing and relaxing very slowly in 
a deep, smooth movement. Exhale slowly with a sensual sound; the head 
remains level. 


e Sexual arousal: Push down and slightly away from the body; release quickly, but 
finish with a gentle pressure towards the body. Breathing is rapid, panting-like 
puffs during exhalation; the head is slightly down. The action is longer than for 
hate but shorter than for love. 


e Joy: A quick moderate pressure straight down, immediately followed by an 
upwards bounce with less finger pressure on the surface than before the action, 
resulting in a floating feeling until the pressure gradually increases again to 
normal. It is like jumping for joy and floating down. The action is best performed 
during inhalation, head and gaze slightly raised. 


e Reverence: Very gently increase pressure nearly vertical or slightly away from the 
body; very slowly return to normal pressure in a smooth movement without any 
body tensions. Breathing is extremely slow with pause after inhalation; head and 
gaze are slightly up. 


To increase your ability to feel and express your emotions, practice these 
exercises for about 30 minutes daily. This will help release the emotional tension that 
has accumulated during a lifetime and enable you to respond in an appropriately 
feeling way to present and future emotional challenges. 


Preferably start with a non-emotional expression. While relaxed, repeatedly 
press straight down, with one or more fingers or the whole hand, in a mechanical 
way, like hitting a typewriter key. Then express each of the emotions just listed 
approximately 30 times. The emotion tends to build up gradually for several minutes 
and then reach a plateau before easing off again. Follow the order as listed, starting 
with anger and finishing with reverence. 


The emotional buildup is strongest if there is a certain time interval between 
individual actions. This interval is different for each emotion. For anger, Clynes found 
this to be 4.8 seconds; for hate, 5.3; grief, 8.2; love, 7.4; sex, 4.9; joy, 5.2; and 
reverence, 9.8 seconds. There may be timing tapes commercially available; 
otherwise, you can initially experiment with the timing and develop a feeling for it. 


Later, when you feel free of the desire to express negative emotions or you do 
not derive any more benefits from it, continue with those exercises you like. Sentic 
exercises can be combined with other feeling exercises. Such exercises can show 
you that it is not necessary to be a victim of unpleasant feelings. You do not need to 
wait for positive outside influences to produce pleasant feelings within you. Instead, 
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with continued practice, you can choose how you want to feel at any given moment, 
how you want to respond emotionally in any situation. 


Exercises for Coming Alive: When we are conscious only in the head, 
without being permeated with our feelings, it is almost as if the body were not really 
alive. It is then more like a machine, a mechanical device operated by the brain. This 
has been the lifelong condition of most of us, so we do not know what we are missing 
until the body gradually awakens, vibrating with life-giving feelings and not just pain. 


We can grow even further, learning to choose our feelings, not just during an 
exercise, but during our daily activities. In order to feel good, to feel love or joy, we do 
not need to wait for the rare occasions when others or circumstances temporarily 
ignite such uplifting feelings within us. We are not our feelings and emotions; instead 
these are energies we can use and enjoy according to our needs and preferences. 


The three exercises described below can gradually be extended in a way that 
the generated feelings become habits in our daily lives instead of isolated instances 
of feeling good. If you do not already feel alive and vibrating before starting a feeling 
exercise, energize your body for a few minutes with deep breathing then shaking, 
especially of the arms and head. 


MIRROR: Sit or stand in front of a big mirror and smile at yourself. Look lovingly 
into your eyes and talk to your mirror image in a soft voice. You can say something 
endearing, such as: “I see love shining out of your eyes. It comes from your heart. 
Your heart is filled with love. It shines out of your eyes.” 


Repeat this over and over again, slowly, with all the feeling you can express. 
Pause and smile at yourself; smile with your eyes, a gentle, loving smile. While 
continuing with the mirror exercise, you can also use sentic hand pressure to 
increase the feeling in your heart centre. Sense how it feels to make passes with 
your hands around your head and body, slowly moving downwards with palms facing 
the body. Instead of addressing the mirror image as another person, say “my” instead 
of “your” during your endearments. Experiment to see what feels best. 


As an extension of this, when you have the opportunity, practice with a partner 
or friend making eye contact and smiling at each other. Take turns lovingly praising 
each other. 


MUSIC: Music is excellent for inducing feelings. For heart feelings, use soft 
music with an uplifting, melting quality. This can accompany any of the other feeling 
exercises. You can also use it during heart-feeling meditations while being quiet or 
during repetitive activities; at other times, select stirring or uplifting music according 
to the feeling you want to amplify. 


Jazz can be useful for raising the energies, especially in the morning and 
during shaking exercises. Some blues are good for inducing tender feelings. Rock 
music, on the other hand, is usually weakening to all muscle systems and should be 
avoided. This applies also to any music that conveys chaos and disharmony instead 
of harmony. 


There is now a wide range of New Age music available. Most of it is designed 
for relaxation with sounds of waves and brooks, and some is suitable to generate an 
atmosphere of reverence and emotional uplift. In most instances, however, it 
provides just a pleasant, unobtrusive background for meditation and feeling 
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exercises. It would be excellent if a series of tapes could be obtained for inducing 
various defined states of feeling. 


DANCE: Dancing is a moving expression of our feelings. We can even dance 
without music if we want to express a feeling. However, in order to generate feelings, 
it is preferable to dance to suitable music. You do not need to move your legs when 
dancing; you can dance with your head and body, but mainly with your arms, even 
while sitting. Most expressive are the hands. Dance vigorously to lively rhythms in the 
morning to stimulate the energy flow. In the evening, as a prelude to meditation, 
dance softly to uplifting melodies. Dance often, simply to feel and express the joy of 
being alive. Try to express the various feelings through dancing, such as anger, 
sadness, compassion, joy, love, ecstasy, and so forth. 
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Step 61 
TAKE THE LOVE CURE 


Lead a radiant life filled with love and joy, and practice the Love Cure. 


Love may be the missing factor for our emotional well-being and for 
overcoming disease. Love is the opposite of fear. With cancer, for instance, 
psychological therapy has been shown to have a far greater success rate than any 
other properly evaluated therapy, while fear has a major impact on cancer and AIDS 
patients. There is also a close relationship between fear, often present 
subconsciously, and breathing problems, as well as heart disease. 


Emotional and psychological factors may be why various therapies work with 
some patients but not with others. Releasing past emotional hurts and resentments is 
helpful with any kind of healing, but it may not be enough if positive feelings are 
missing. The ideal is a combination of appropriate therapies on other levels and 
emotional therapy. 


After many years of working and experimenting with a wide range of therapies, 
| conclude that some of the most important factors in restoring or improving our 
health and well-being are love and joy. For our emotional body, regular doses of 
these and other positive feelings are as essential as vitamins for the physical body; 
otherwise, we develop “emotional deficiency” symptoms, which can eventually 
disable biological functions and lead to illness. 


Most of us can remember a time when we were madly in love. Love, then, was 
not just a mental concept, but a bodily sensation and it made us feel invincible. | 
believe that we can become invincible like that in regard to disease by learning to feel 
this way again as a way of life. Love and joy can rejuvenate the body and can be 
more effective than even the best nutritional supplements. 


Learning to Love Again: Obviously it is not possible to fall in love with 
someone on a regular basis, but it is possible to experience the feeling of love as a 
conscious exercise. Love has traditionally been associated with the heart. Of course, 
it is not the heart muscle itself that makes us feel love, but the heart chakra centred 
at the middle of the breastbone. In order to feel love and increase our capacity to 
love, we need to stimulate this heart centre by focusing our attention on it. Diseases 
in the chest area should respond readily to this therapy and this applies especially to 
breast cancer, which has a strong emotional and relationship component. 


For most of us, learning to feel love as a way of life does not come easily and 
requires a commitment to an exercise program. It will be especially difficult for most 
males, while many women will take to it quite naturally. Below you will find some 
useful exercises for this. Experiment and continue to practice those that you find best 
to generate love or joy in your body. 


Feeling is energy and energy follows thought or consciousness. This means 
the most basic requirement for activating our heart centre is to keep our attention 
focused on it. Later, when it is easy for us to feel, we can just keep a small part of our 
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attention there while going about our daily business. Before using these exercises, 
practice the chakra exercises earlier outlined in Step 52. 


1. Breathing into the Heart: Becoming conscious of your breath is one of the 
easiest ways to generate a feeling sensation inside your body and to keep your 
attention focused. Sit or lie quietly and mentally follow your breath as it gently moves 
in and out. Breathe through the nose. Become aware that the out-flowing breath is 
somewhat warmer than the incoming breath. After a while, begin to pause for a 
second or two between inhalation and exhalation. Feel a light pressure in the middle 
of your chest during this pause. When you can distinctly feel it, focus again on feeling 
the warmth of the outgoing breath. 


Now combine this warmth with the light pressure felt in the middle of the chest. 
This is the location of the heart centre. Keep your attention focused on it and 
gradually intensify the feeling of warmth. Spread it all over the chest, but especially 
towards the location of any health problem, such as a breast tumor. When you feel 
the warmth, disregard the pressure. This warmth inside your chest is very pleasant 
and makes you feel cosy, cared for, and protected. 


Intensify any of these feelings if they arise. Try to create them deliberately by 
using your imagination and recalling other situations when you felt this way, possibly 
when relaxing in a warm bath while listening to soft music. You may find that you can 
perceive feeling sensations more easily and with greater intensity if you exhale very 
slowly and gently. 


When you can do this exercise successfully, you can also use it to keep your 
attention on the heart centre during your daily activities. You can quickly learn to 
keep part of your attention focused inside your chest while performing routine tasks, 
although you are likely to forget it during more demanding mental activities. That 
does not matter. If you ask your subconscious mind to remember doing the exercise 
whenever conveniently possible, it will eventually oblige and may tell you a hundred 
times a day to refocus. If you are somewhat tired, it may even be easier to generate 
a feeling sensation during activities rather than by lying down and closing your eyes, 
which may cause you to drift off to sleep. 


If it helps you to focus, imagine your incoming breath being rose-colored or 
bright green. You may see this color intensify in the chest area with each successive 
breath. Another possibility is to put one hand on the chest to feel a light pressure or 
to press lightly with one or several fingers at the middle of the breastbone. 
Experiment with a different breath imagination. Imagine your breath moving through 
the middle of the breastbone, and again, feel the slight pressure and then the 
developing warmth. For some, this exercise produces stronger sensations. When you 
are somewhat tired, it will be better to do these exercises with your eyes open and 
possibly even while walking slowly. 


2. Feeling Love: After successfully practicing the breathing exercise for some 
time, experiment with the following suggestions to see which one suits you best. 
Eventually, you may use all of them at one time or another, depending on 
opportunities. 


It will be easier to feel a love sensation if you are already in a loving 
relationship, a mother with a baby, or an animal lover with puppies or kittens to care 
for. If that is the case, look lovingly at the chosen object while doing the breathing 
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exercise, and you may find it easy to convert the warmth in your chest into a feeling 
sensation of love. If you are not so lucky, recall an incident when you felt love. Vividly 
imagine this time and then intensify the sensation of love when it arises; then forget 
the actual incident and only hold fast to that feeling inside your chest. 


Look lovingly at something grand or beautiful: a tree, flower, picture, clouds, the 
sky, or a person. Soak in the beauty and appreciate it. Then send that feeling of 
appreciation back to the adored object; all the time, keep focusing your attention on 
the breath in the chest centre and intensify any arising positive feeling. You can do 
the same by listening to some soul-stirring music. Eventually, you can start feeling 
and sending a silent appreciation of love to anyone you come in contact with and 
over a distance also to someone with whom you have a disagreement or a past 
problem. When you tend to plants, watering, transplanting, or sowing them, project 
onto them your feeling of love or appreciation. You can do this anytime in any 
activity; your only problem will be to remind yourself to do it. 


If you have difficulty generating a feeling sensation of love, then feel 
compassion in the heart chakra. Look at or imagine pictures of suffering individuals. 
When you can feel and radiate compassion, try to change it to a feeling of love or a 
combination of love and compassion. The feelings of love and compassion can be 
combined with a feeling of joy, which can also be experienced in the heart centre, as 
well as in the forehead centre. 


Or try this: Whenever you meet someone or think of someone, smile and 
silently say, “God bless you,” while feeling a wave of love or compassion radiating 
from your heart centre. Or think of someone and extend your arms with palms 
forward. Again, smile and feel the love or compassion in your heart. During the day, 
try to remember this feeling of love in your heart and centre on it. 


3. Feeling Joy: Joy is the twin of love in helping us to live a healthy and fulfilled 
life. As with love, it is not easy to feel joy as a body sensation, especially if we do not 
have anything to be joyful about. There is an area of the body where we can more 
easily generate and feel joy and even bliss: the pituitary gland behind the middle of 
the forehead. Concentrating on it during meditation can generate a feeling of bliss; 
this can be felt as joy when focusing on the pituitary gland or forehead centre during 
a breathing exercise. 


As the breath does not flow into the brain, imagine the prana is separated from 

the inhaled air and flows upwards from the nose into the pituitary gland. If you can 
visualize colours, see the forehead centre as filled with indigo-coloured prana. 
First try to feel a light pressure partly due to the focus of your attention and partly to 
the accumulating prana. Again try to feel warmth or tingling during the slow and 
gentle exhalation. To focus on the correct point, it helps greatly if you close your eyes 
and turn them inwards and upwards as if looking into the brain at a 45 degree angle. 
When you can easily do this, you may even be able to just imagine looking upwards 
and inwards and feeling a light pressure in the pituitary area while you have your 
eyes open and are engaged in other activities. 


When you are able to feel the pressure or warmth, start smiling inwardly and 
direct this smile to the pituitary gland. As you keep smiling, you may gradually feel a 
sensation of joy and happiness spreading from your head into your body. If you have 
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High-pressure waves in a liquid can make tiny bubbles implode, 
producing fusion. It all happens in a glass flask the size of a 
large cup [below, not to scale with other equipment]. 
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already learned to feel a love sensation in your heart centre, combine this love 
feeling with the joy spreading from your head into a unified feeling of elation. 


4. Feeling Connected and Peaceful: We can learn to overcome the stresses 
of daily life and live instead in a condition of profound inner peace by frequently 
focusing our attention at the top of our head. This will be invaluable with all stress- 
related diseases and conditions and also helps to energize the body in a pleasant 
way. 


Relax, close your eyes, and imagine a stream of white light entering the top of 
your head. Try to feel as well as see it. However, feeling it is more important than 
only seeing it. It may help at first to focus on feeling a light pressure and warmth at 
the top of the head, possibly aided by leading the breath prana to this point. Exhale 
very slowly and gently, and imagine feeling peaceful, a deep peace beginning to fill 
and surround your body and mind. Watch for a feeling of being energetically 
connected to your Higher Self, the Universe, God, or whatever you want to call it. If 
you can feel or imagine feeling something like this, try to intensify the sensation. 


When you have a feeling sensation at your crown centre, you can intensify it by 
generating a feeling of love in your heart centre and then sending it straight up 
through the top of your head to your Higher Self or God Self. Immediately feel this 
love offering coming back to you through the top of your head, greatly intensified. 
See and feel the incoming white light enlarging and intensifying to surround you now 
in a pillar of light. Feel how it energizes your whole body. You may also see the white 
light blending into other rainbow colours that are beneficial for you such as a golden- 
yellow energizing color, the rose color of love, or the violet flame of purification and 
transmutation. 


When you are able to feel the peace and connectedness to your God presence 
during the exercise, focus part of your attention on the top of your head and feel this 
connection during your daily activities. Feel at peace and connected. Keep part of 
your attention on the top of your head while you try to feel the joy behind the 
forehead and the love at the heart centre. Alternatively, focus in sequence on the top 
of the head, the forehead, and the heart. Eventually, you may be able to focus on all 
three simultaneously and feel peaceful and connected, joyful and loving at the same 
time. 


Living Your Feelings: If you have a disease or health problem in a specific 
organ or area of the body, you can now supply it with all the energy and emotional 
support that it needs for healing, in addition to the nutritional and other support that 
you may provide. On a regular basis, fill yourself with love and then mentally send it 
with an inner smile to the organ in need of healing. Breathe more energy into it or 
lead it there from the storage area or chakra behind the navel. Feel it getting warm or 
tingling or just feeling good. At the same time, see it filled with a brilliant white healing 
light. Intensify the vision and the feeling and hold it for a long time. Know that you are 
being healed. 


Tender feelings are a daily requirement for your body and soul. We need them 
as much as we need vitamins and minerals, so make sure you obtain plenty of 
“emotional nutrients” each day, as there is nothing better to rejuvenate an aging 
body-mind. Bathe all your cells and organs in tender, loving, or joyful feelings. Focus 
on each part of the body in turn and concentrate longer on those areas most in need 
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of improvement. Try to feel the love everywhere, in your fingers as well as your toes. 
Let all your cells feel that you love them. 


The breath will help you stay in touch with your body. Make it a habit to breathe 
into your heart centre, and keep part of your attention there as often as possible. 
Alternatively, keep part of your attention focused on the crown or forehead centre. 
Better still, let the peace and connectedness of the crown centre fuse with the joy of 
the forehead centre and the love of the heart centre to a symphony of uplifting 
feelings. 


Do not let your mind drift idly to produce repetitive mental chatter. Whenever 
you notice that the internal chatter has started again, renew your focus on the heart 
centre. Daydreaming, however, can be restorative and creative and is often superior 
to mental chatter. 


When you are tired or exhausted, it is difficult to arouse feelings even if you try 
hard, but at other times gentle feelings may spontaneously arise and float through 
the body. This happens most easily when we are aware of something beautiful, 
something which uplifts the soul, a landscape, a painting, music, flowers, a smile. 
You can then magnify your feeling by radiating it back onto the landscape, the 
painting, and so forth. 


When you massage someone, greet someone with an embrace, whenever you 
touch someone - always remember to radiate loving feelings. It is much more difficult 
to maintain and radiate positive feelings during conversations, but this will gradually 
improve. You will find it a great help if you can remain relaxed and smile instead of 
becoming totally absorbed by the mental aspects of the conversation. 


However, it is most difficult to retain any kind of feeling awareness during 
intense mental activity. Usually, we completely forget the body. This will also 
gradually improve, especially if you can train your lower self to automatically switch 
back to the heart and crown awareness when the mental challenge has passed. 


Simplify your life and carry an inner smile with you wherever you are. See the 
beauty in everything. Gradually, on rare occasions at first, a feeling of deep inner 
peace may arise, clothed in a feeling of being loved and cared for. If you persist with 
your attempts to remain focused on the heart and crown centres, then this deep inner 
peace will intensify and begin to permeate your whole being. 


Out of this tangible feeling of inner peace will then arise the other feelings, 
thoughts, and activities as required and appropriate for each occasion. 
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Part 9 
HEALING YOUR MIND 


We all would like to live a happy, healthy, and fulfilled life, yet few seem to be 
Our conscious decisions are made with our mind. All healing and improvement in our 
living conditions start at this level, and it is here that we must take the first step with a 
conscious decision that we want to improve conditions by following a suitable 
program. If we see the progression of our lives as a creative process, then we can 
see the mind as the architect. 


In our society, rational thinking and the intellect are worshipped, while feeling 
and intuition are neglected. The reason for this imbalance can be found in the 
distorted goals and ideals of our society, which has lost sight of inner values. 
Wisdom, devotion, patience, and compassion are replaced by material riches; inner 
purity is forsaken and traded in for excessive external cleanliness and hygiene; 
success is measured by monetary wealth and dominance instead of self-mastery. 


Thinking is the most important tool for achieving such external success, while 
tender feelings disadvantage us for success in our society. However, thinking is 
neutral and we can use it to our advantage in healing our body and emotions. Proper 
thinking is required to discard unsuitable beliefs and replace them with appropriate 
ones. If we accept that negative thoughts and beliefs are a cause of our illness and 
social problems, then our mind is in need of healing and we must replace disease- 
forming negative beliefs with health-giving positive ones. 


| regard the Self as our total nonphysical entity. The Self and the body together 
are the whole entity. To better understand inner processes of consciousness, we can 
distinguish between different parts of our Self. | use a fourfold division: 


e The higher Self or super-conscious level provides spiritual guidance as inner 
knowledge and intuition. It has further divisions, variously called soul, Christ Self, 
over-soul, or God Self. 


e The middle self represents our normal consciousness, that of which we are 
aware, mainly our mind and mental body, the thinker. 


e The lower self or subconscious part is the master of our memories and emotions, 
including long-forgotten beliefs and a Pandora’s box of suppressed feelings and 
emotions; it is also called the “inner child.” 


e The body self is an elemental (a life-force being) that looks after the biological 
functions of our body; this is the level of consciousness that is still active when we 
are in a deep coma. 


We can say that the Higher Self operates at the spiritual level, the middle self at 
the mental level, the lower self at the astral or emotional level, and the body self at 
the etheric or life-force level. The middle self can to some degree become aware of 
the other levels, but its centre of consciousness is based at the mental level. 


Depending on our degree of spiritual understanding, this may be the concrete 
mind or lower mental level; it may be the higher mental level concerned with spiritual, 
creative, and intuitive thinking; or it may be somewhere in between. 
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Step 62 
HARNESS THE POWER OF THE MIND 


Appreciate the power of your subconscious mind. 
It is the real power behind the throne of the ego. 


Our mind has awesome powers. It makes us sick and unhappy or healthy and 
happy. It is a powerful tool and it is up to us in which way we want to use it. In clinical 
trials, mind therapies have been shown to be much more effective than conventional 
therapies in reversing many cancers. To illustrate the overriding importance of the 
mind, | relate an example. 


An elderly male with huge tumor masses all through his body had been given 
less than three months to live. At that time, trials with the alternative remedy 
Krebiozen were started. Despite not being eligible to participate because of his short 
life-expectancy, his enthusiasm about the remedy was so overwhelming to his doctor 
that he gave him the remedy outside the trial. 


A few days after his first injections, his tumours had already halved in size and 
continued to reduce until they had virtually disappeared and the man felt healthy and 
well. However, two months later, he read a report in a newspaper that the trial was a 
failure and Krebiozen was useless. Immediately, he fell ill and relapsed, with his 
tumours quickly regrowing to their previous size. 


His doctor was so astonished by these strong responses that he decided to 
make an experiment. He told the patient that the first trial had not worked because 
the remedy was too old. Now he was waiting for a fresh supply that would be double- 
strength. A few days later the man was given the injection; this time the tumours 
disappeared even faster than the first time and again the patient was completely 
healthy and well. 


However, instead of any drug, the doctor had just injected water. Again, a few 
months passed and then the newspapers carried stories that the FDA had declared 
Krebiozen to be completely useless and a fraud. As rapidly as he had recovered, the 
patient deteriorated once more and this time his doctor let him die.”° 


One might think that such a strong mind effect must be very rare, but consider 
this: In a chemotherapy trial, one-third of the placebo patients lost their hair. In this 
rare trial, only half the participants had received chemotherapy and the other half a 
harmless substance, which they believed to be an active drug. This means that the 
hair loss in one-third of the placebo patients was entirely due to their belief. 


This finding is confirmed by one of those rare placebo trials in surgery. After 
“real” operations for cardiovascular disease, 32 percent of patients had satisfactory 
results. However, 43 percent of a control group that had only pretend surgery 
reported subjective and objective improvement! This means that basically all the 
improvement came from their belief, but the traumatic effect of real surgery reduced 
the belief-based success by 11 percent. 


One-third is a figure that corresponds with results from other trials as the 
approximate size of the placebo effect. | take this to mean that typically one-third of 
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patients will either die or recover because of their strong belief. This applies equally 
to conventional medicine and natural therapy. Those who believe they will get well 
will do so regardless of the therapy used, and those who doubt or are fearful will 
receive little benefit from any therapy. | am convinced that this is the main reason 
why one patient is cured by cancer surgery, while another with the same condition 
dies afterwards. 


Therefore, perhaps the main concern for patients with “incurable” diseases 
should not be to find an effective therapy, but rather to find a way to harness the 
power of the mind and become a believer with an unshakable faith - in effect, to put 
the placebo effect to work. 


Before you decide to believe in eating a piece of cake every Sunday as your 
preferred cancer cure, there is another factor to take into account. Whatever you do 
must be totally convincing to your subconscious mind. Just believing something on 
the conscious mental level is not enough; if your subconscious mind is not convinced 
that something will cure you, then it will not. The subconscious mind is most easily 
impressed by something that inspires awe, by authority, ritual, the unusual, and 
especially enthusiasm. Whatever impresses you as a potential cure, embrace it 
enthusiastically. Anything that you just try to see if it works is not likely to work. 


Get to Know the Lower Self: In order to heal our mind and use it more 
efficiently, we need to have a basic understanding of our lower emotional self. This 
operates on a different level of consciousness from our normal consciousness (the 
middle self) and has many of the characteristics of a separate entity. When working 
with it, it is best to regard and treat it as a reliable servant. 


It is advisable to be on good terms with our lower self because it is the power 
broker of the body. The middle self is like the captain of a ship, the Higher Self is the 
shipping line and employer of the captain, and the lower self is like the union 
foreman. If the crew has any grievances, the boss may call a strike or otherwise 
make life difficult for the captain. The body self is comparable to the crew and 
cooperates very closely with the lower self. 


Here’s what we can say about the lower self and its body functions: 


1. Influences the body self and the physical body (except for the voluntary 
muscles) 


Is the seat of our emotions 

Receives all sense information 

Keeps a record of all sense information, thoughts, and feelings 
Operates our memory bank 


Operates our psychic abilities 
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Is the means of communication with our Higher Self 


The real power of the body rests with the lower self, but it has one shortcoming: 
It cannot think logically. It has only an elementary ability to think, similar to an 
intelligent domesticated animal or a small child. Therefore, it is dependent on the 
middle self to tell it what to do and, as the faithful servant that it normally is, it willingly 
obeys the middle self. 
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However, because it is simpleminded, the lower self is dogmatic. It may take 
our early childhood programming, especially our religious and sex-related teachings, 
and anything someone in authority may have said, as gospel truth. It can be 
moralistic and regard itself as the keeper of any important commitments that the 
middle self may have made. To illustrate these characteristics of the lower self, here 
are a few examples from The Secret Science behind Miracles, by Max Freedom 
Long. 


A young man with a strong religious upbringing had the urge to enter the 
ministry. He took a job in a furniture factory instead. There the paint fumes made him 
sick. When transferred to the woodworking department, he developed asthma from 
the sawdust. He tried several other occupations, but each time he became sick from 
something connected with the job. In the end, a psychologist unearthed his earlier 
intention to become a minister. As nothing else seemed to help, he advised the man 
to enter the ministry. The man did and had no more illness. 


A religious Hawaiian man had an affair. His wife found out but forgave him. 
Within a year it happened again, but this time his wife did not find out. This seemed 
to make it even worse for the man who gradually lost his strength and will to live until 
he was very close to dying. A kahuna (native healer) was called and discovered the 
truth. He induced the wife to forgive her husband once more and the kahuna 
performed a ceremony in which all the man’s sins were washed away. The patient 
immediately started a quick recovery. 


A young woman had been brought up to regard dancing and drinking alcohol 
as sins. After her marriage she moved in different circles and gradually started 
dancing and having the occasional cocktail. Soon she twisted her ankle slightly 
during a dance. Normally, she would have been fine after a day or two, but instead 
the leg became gradually worse and a deep running sore developed below the ankle. 
A kahuna convinced her that she had not really sinned against God and in addition 
forgave her and washed away all guilt of any kind. The ankle quickly recovered to its 
full strength. 


However, the young woman neglected the kahuna’s instructions to continue 
affirming that if she had not hurt anyone, there was no sin. Again she danced and 
drank a little and eventually the ankle sore reappeared. However, this time the 
kahuna explained that he could not help, as the lower self had now become too much 
entrenched in its conviction of sin. The only permanent cure was to give up drinking 
and dancing for good. 


These examples show how our lower self holds on to childhood beliefs that as 
adults we have long forgotten. In contrast, the lower self never forgets. Therefore, if 
we suspect a conflict between the beliefs of these two selves, we have to convince 
the lower self that the old belief is no longer appropriate and patiently and in simple 
words explain the new situation instead. 


The Power of Beliefs: We see and interpret the world through the coloured 
glasses of our belief systems. We even create our personal world according to our 
beliefs. We project selected ideas, thoughts, and emotions into our surroundings and 
with these attract or repel people and events. Most notably, we manifest what we 
fear. Negative thoughts harm no one more than us. When a negative thought comes 
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into our mind, we can either accept it or immediately block it and replace it with a 
positive thought. 


It is advisable to begin our healing and growth venture by looking closely at our 
basic beliefs to see if we still want them. Do they present a positive outlook and are 
they in harmony with our goals and our new philosophy of life? One way of finding 
out is to write down your beliefs about the basic questions and problems of your life. 
What do you believe about yourself, your friends, your work, your health problems, 
your body and your future, about death, Afterlife, and so forth. Then cross out 
whatever does not meet your new standards and rewrite in a more positive form what 
you would prefer to believe. 


As an example, you may believe that most people are selfish. As long as you 
believe this, you will attract mostly selfish people or interpret their motives as being 
selfish, which may not always be true. Therefore, start reprogramming yourself by 
writing: “I attract more and more unselfish people into my life.” 


Instead of believing “I! will become infirm with advancing age,” you can now 
write: “My health and well-being are improving with every day in every way.” Yet just 
writing all this down is not enough, because by now the lower self will share many of 
the beliefs of the middle self, and the lower self is very stubborn. Most effective for 
influencing the lower self are autosuggestion methods, such as affirmation, self- 
hypnosis, and visualization, as well as studying and gradually accepting a truly 
spiritual philosophy of life. 


However, even if you are successful in changing your beliefs, that is not the 
end of the road. It is just a precondition to attracting the necessary knowledge or 
conditions that will make an improvement possible. You still have to do whatever is 
necessary on one of the other levels, be it a change in diet or asking for forgiveness 
and sending kind feelings to someone you have hurt. Be careful with psychic 
predictions about yourself. Some are amazingly true in minute details; however, 
others can be wide of the mark. Therefore, believe only in those predictions that you 
would like to come true and ignore the rest. Choose your beliefs carefully because 
they determine what will happen to you. 


Worry, Resentment, and Desire: Three of the most common obstacles to 
good health, inner peace, and happiness are worry, resentment, and desire. 
Worry is an outcrop of fear and is part of the price we pay for a lack of faith in our 
guidance. For someone who is in harmony, in tune with the Higher Self, there is 
nothing to worry about, neither from the past, nor in the present, nor in the future. 


Resentment is an expression of ego-centeredness and results from a lack of 
self-responsibility. We blame others for what happens to us and we try to make them 
pay for it by withholding our love and affection from them. A change of attitude 
towards self-responsibility will free us from the self-destructive effects of resentment 
and enable us to become tolerant and understanding of our own shortcomings as 
well as those of others. If someone does something that we do not like, then we 
should either speak out or accept and forget it. Resentment is the worst of our 
choices. 


Desire tends to rob us of our peace of mind and destroy our inner harmony. We 
must, of course, tend to the needs of our body. A desire for food when we are 
hungry, for rest when we are tired, for sunshine, fresh air, and so forth, are natural. It 
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is also good to desire being creative. In addition to these natural desires, most of us 
have numerous desires related to pleasure and social achievements. 


Even such materialistic desires are no problem, provided we are happy to pay 
the price for their fulfilment, and usually they help us to learn or grow. Still, the more 
we improve our belief systems, the more the need for desire fulfilment and 
achievements will disappear and the easier it will be to feel peace and harmony. 
Actually, it is not so much the desire itself that causes us trouble, but our attachment 
to the outcome of our actions. It is excellent to have the desire to be creative, but if 
instead we focus our desire in the form of expectations on the result of our creativity, 
then we are heading for disappointment. 


Even our path towards better health, fulfilment, and happiness will be more 
successful if we do not have too great a desire to achieve this goal quickly. Instead, 
we can walk this path for the sake of the pleasure and satisfaction provided by the 
path itself, by being creative, playful, having realizations, and doing something 
meaningful. Generally, the fun is in doing, in action, rather than in the achieved 
result. 


When, for some reason, we are confronted with a difficult task, we must 
channel all our energies into this purpose and have a “one-track mind” in our desire 
to succeed. However, as long as we want something badly for mainly selfish 
reasons, we may not get it, or if we do, the price may be too high and we may not 
appreciate it any more. 


We can overcome this obstacle by doing what needs to be done or acting for 
the good of our family, community, nation, or for mankind, without desiring the fruit of 
our actions for ourselves. In this way, we can never be disappointed and always get 
our reward from the pleasure it gives to do well what needs to be done. Remain 
aware that we are just actors in a play, with Divine guidance as the director, and 
whatever the outcome of the play, all is well. 


Our world covers every view and every condition possible under the given 
circumstances. Due to our cultural, social, and personal programming, we select a 
few views and conditions out of all that is. We focus on these, identify with them, and 
move towards manifesting and even becoming them ourselves. 


What we call good and evil, happiness and suffering, love and hate, joy and 
despair, are part of this world. From these we select, usually subconsciously, that 
with which we resonate; we attract it and then manifest it in our lives. However, we 
can consciously influence this internal selection process and focus intentionally on 
what we want to manifest in our lives or how we want to become. We do this by 
maintaining a positive mental attitude or expectation. 


Develop an attitude that remains in all situations positive, playful, tolerant, kind, 
and humorous, laughing more about you and less about others. In no way, however, 
should we just pretend these attitudes when we feel differently inside; always 
express or acknowledge in a suitable manner whatever you feel. 


It is okay to feel angry, upset, or sad. Go into it. However, in the back of your 
mind, remain aware that you can change the situation and laugh any time you want. 
The more you learn to take yourself less seriously, the easier it will be to laugh about 
your own mistakes, until it simply becomes impossible to be angry or upset. Even 
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annoyances created by others may eventually cause you amusement instead of 
ulcers. It is all a question of attitude. 


Fear of Death: The fear of death and dying is widespread in our society, due 
mainly to a materialistic belief system. Early childhood programming about eternal 
punishment in hell may still have an influence on some of us. Most of the time, this 
death fear is kept out of our conscious mind, unless the death of a close friend or 
relative brings it to the surface. At other times, it can manifest as an inner insecurity, 
a fear of disease, a general anxiety, or inner emptiness. Mourning, in this condition, 
is more or less an expression of self-pity, although very helpful and necessary with 
this belief system. 


We can free our lives from all these negative influences by changing our belief 
about death and the Afterlife. If you follow an established religion, you can actively 
program yourself to believe more strongly in the positive aspects of the Afterlife as 
taught by your religion. 


If you do not follow a specific religion, you can get acquainted with some books 
on near-death experiences or reincarnation, especially with studies using hypnotic 
regression. However, do not look for “proof.” There is no concrete proof available in 
spiritual matters that will convince everyone. To our normal consciousness, we 
accept the spiritual world on faith and belief. Of two people confronted with the same 
facts, one may believe in them and the other reject them. You can choose what you 
want to believe. 


After starting to believe in a spiritual truth, be it reincarnation, karma, divine 
guidance, or the Afterlife, you may find more evidence to reinforce your belief. With 
this, an inner knowledge will grow, which is the only true form of knowledge. 
Eventually, you will know from the experience of your own life and will not be 
interested anymore in the “proof’ someone else may be able to offer. Nevertheless, it 
may help you to review the book “A Lawyer Presents the Case for the Afterlife“ 
(available at: www.victorzammit.com ). In it, Victor Zammit, a retired attorney of the 
High Court of Australia, has assembled all the known evidence of survival after 
death. He came to the conclusion that before a court of law, the evidence taken as a 
whole would constitute overwhelming evidence and irrefutable proof of the existence 
of the Afterlife. 


The acceptance of the Afterlife as a reality may remove the fear of death in our 
society and reduce the mourning, sadness, and loss that we feel at the passing of a 
loved one. Instead, it may become a celebration, in which we congratulate the 
departing ones on a job well done and in which we are happy that they can now 
receive their well-earned rest and reward and go on to greater things. We know that 
we will catch up with them sooner or later and that it will be a great reunion. 


| have in my mind the picture of a large group of deep-sea divers working under 
difficult conditions in heavy steel suits at the bottom of the ocean. Their technology is 
such that they can stay below for years. From time to time, one of the divers finishes 
his assignment and can come back to the surface. The other divers are envious and 
would like to accompany him. However, it is also important to them that they finish 
their own assignments, so they give a little party for their lucky colleague, 
congratulate him, wish him well, and arrange for another bigger party when they are 
all back together at the surface. When the successful diver finally reaches the 
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surface, there is another big celebration with all his friends who had remained at the 
surface or had returned before him. What a relief getting out of that heavy diving gear 
after all those difficult years and seeing the sun again! 


This is how | imagine the soul must feel when it can finally discard the body 
after a hard life. It is understandable to feel sad at being left behind by a departing 
loved one, yet the anticipation of the eventual reunion should make it easier to bear. 
Even in the case of a young child dying apparently without purpose, the departed 
soul may soon try to incarnate again, perhaps even with the same mother. 


As we spiritually mature, we will come to know our time of departure in 
advance, and we will be able to depart without requiring a disease to free our soul. 
With this, we will also stop our efforts to prolong our life, to live as long as possible. 
We will be happy to leave when we have finished the job that we came to do or had 
the experiences we wanted. 


So with this in mind, reprogram yourself into believing that you are only an 
actor in a temporary role in your present life and that other roles in different lives and 
perhaps different worlds are part of your greater existence. Then it may be much 
easier to take it easy, to be playful about serious matters, enjoy your role in this life, 
and to look at your problems as opportunities to experiment and see what comes of 
them. 


Self-Responsibility: By aiming for health improvement on all levels of our 
existence as a conscious expression of our attitudes and beliefs, we show that we 
are prepared to take responsibility for our life. It is common to blame someone or 
something else for our problems, yet it rarely occurs to us to look to ourselves for the 
source of our difficulties. We eat unhealthy food, create harmful emotions, adopt 
negative attitudes, and when this makes us sick, we blame it on outside influences 
and want someone else to fix it. 


By accepting self-responsibility, we realize that there is never anyone or 
anything else responsible for our problems, only us. When we become sick or have 
an accident, we do not blame fate or germs, but understand that we have 
transgressed a law of nature or moved against our life blueprint. We try to discover 
what we did wrong and we correct the situation and guard against making this 
mistake again. If our disability is of a nature that it cannot be healed, then we accept 
it cheerfully as a test given to us for the good of our soul and we make the best of 
what we have. 


It is similar with social, marital, or financial problems. We assume that it is the 
essential purpose of our existence to learn the spiritual and biological laws, to direct 
our feelings and emotions into beneficial patterns, and to make the right decision at 
the right time in the right place. Every problem we encounter offers us the opportunity 
to learn. The way we learn most is by making mistakes and then becoming aware of 
them. This is how we explore our limits. When we have learned our lessons, we will 
be able to handle life’s problems without difficulty. 


By adopting this principle of self-responsibility, we also adopt a position of 
power. We are no longer victims of anyone or anything, but rather the masters of our 
destiny. 
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We realize that we have to learn anyway, by the long, hard road of suffering 
caused by our ignorance or by an attitude of willing cooperation in our scheme of 
existence. The road of self-responsibility is so much more pleasant than the road of 
suffering. It is an exciting venture in self-realization. Every unpleasant happening or 
health problem not only mirrors what we have to learn but also shows us the solution 
- if and when we are able to see. 


Self-responsibility in regard to health care does not mean that we should rely 
entirely on ourselves without outside help. Helping each other and learning to 
cooperate are important parts of self-responsibility; we can seek the services of a 
competent healer whenever that feels right. Our attitude towards a_ health 
professional need not be passive submission to authority; it can be helpful and 
optimistic cooperation in a joint venture in healing in which we retain the overall 
responsibility. Expect your healer to help you, but not to do your work; you still need 
to bring about the necessary inner and outer changes. 


While the ultimate decision about our healing is made at or above our soul 
level, we have to accept self-responsibility to prepare the way and remove any 
obstacles for healing to become possible. | see the relationship between our Higher 
Self and our personality as that between parent and child. While the child cannot 
make the decision where to go on holiday, the parents will take the wishes of the 
child into consideration. If the parents are generally pleased with the child and there 
are no important obstacles, then the parents are likely to agree with the wishes of the 
child. In the case of a so-called terminal disease, the Higher Self may grant the wish 
of the person to be healed and retain the present body, especially if that may lead to 
further spiritual growth. 


Changing Our Attitude: Our attitude is the key to travelling the long road from 
suffering to happiness. Our attitude is our mental disposition towards persons and 
events as well as towards ourselves. It is greatly influenced by our belief system and 
our subconscious programming. It being close to the surface of our consciousness, 
we can easily observe our attitude and work on our shortcomings. This provides an 
excellent opportunity for inner change. Monitor your attitude and correct it instantly 
whenever it does not meet your new standards. 


For example, we may have the habit of evaluating passing strangers in a 
negative way. Looking at someone, we might think, “Her legs are much too fat,” or, 
“He has mean eyes.” Whenever you notice yourself doing this, think of something 
positive about this person or just send an inner greeting of love and peace. 


You do not deny that there are negative factors in others - as seen from your 
point of view - but you just ignore them. Everything has two sides, which we may call 
positive and negative. The positive side is in agreement with our own values and the 
negative side is in disagreement. We tend to manifest what we concentrate on. 
Therefore, it is best for us to concentrate on the positive factors whenever possible 
and take the negative aspects into account only when we are required to do so for 
specific reasons. 


The same applies to negative attitudes in an intimate relationship. You may 
think on occasions that your partner is unreasonable. When this happens, try to 
understand his or her position and, like a good defence lawyer, consider all the 
factors in your partner’s favour. He or she may not have received much love and 
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security during childhood or had to fight hard for his or her rights, and so forth. Do 
this as a conscious mental exercise whenever you have negative thoughts about 
people or events. 


In our relationships, be it in the business world or with friends and relatives, the 
correct attitude for us is one that aims for a fair deal for all concerned. We may be 
elated about an agreement that appears rather advantageous for ourselves, but what 
good will it do us if the other party is not happy with it? We will have created a source 
of resentment and trouble. Sensitive individuals will be aware of this resentment 
against them and cannot be happy about a deal that the other party regards as 
unfair. 


When you have a mishap, breaking some crockery, dropping an open can of 
paint, or hurting yourself, pretend that you are an observer and try to see the funny 
side of it. When it is too serious to be funny, ask yourself why it happened, what it 
wants to teach you. Perhaps you simply need to be more attentive, perhaps it has 
deeper reasons; try to find out. 


By training your sense of humour in this way or by looking immediately for the 
reason of the accident, you may not even remember to feel upset about it; though if 
you do, do not suppress it. Afterwards, realize that it happened to teach you a lesson. 


Conscious Activity: In order to change undesirable habits and improve 
various activities, it is necessary to become conscious of these habits and activities. 
A good starting point is just to observe our mind, our thoughts, and feelings as they 
arise, without any value judgment in regard to right or wrong, good or bad. Have a 
part of your consciousness sitting in the back of your mind as an impartial observer, 
registering everything without a comment. If done consistently, this in itself can 
induce all the necessary changes to lead us towards a happy and fulfilled existence 
and draw us closer to full self-realization. 


For those who prefer a more active way of changing the mind, various 
additional possibilities exist. As an example, you may discover that your favourite 
food causes allergy or mucus congestion and you decide to avoid it. You can either 
be unhappy about giving up your favourite food or you can be happy about coming 
closer to good health. It is similar with accidents or any other problem. It could always 
be better or worse. Your attitude decides whether you look at the positive or the 
negative side of the happening, whether you make yourself happy or unhappy. You 
have the choice. 


We can program ourselves in such a way that something in us will call “Stop!” 
whenever we start performing in the old ways, and then we can consciously do it in 
the improved fashion. Another important aspect of mind improvement is to slow down 
or stop the constant silent chatter in our mind and replace it with an awareness of 
feelings arising in various body centres, especially in the heart centre. Aim to use the 
brain only when you want to think and switch off any idle and repetitive chatter at 
other times. 


Two bodily activities usually in need of improvement are our posture and our 
breathing. These can be monitored until we perform them automatically in the correct 
way. Something we should always do consciously is eating, keeping our attention on 
the food flavours that develop while placidly chewing. 
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We cannot become aware of all of these activities at the same time. Therefore, 
we start with only one, for instance monitoring our attitude for several weeks until we 
are reasonably successful with it. Then we can concentrate on the posture changes 
and later on the breathing. It is different with the awareness of chewing and food 
flavours. As this is for a limited time span only, we can start it immediately and 
continue indefinitely. Concentrating on body sensations and feelings may be our final 
challenge. 


Initially, when we become aware of a new activity, we may remember it for only 
a few minutes at a time and then quickly forget it again. However, when we give 
ourselves the autosuggestion to remember watching a habit, we will again and again 
be reminded of it. A hundred times a day, we may slump and then instantly 
remember to assume the correct posture again. Do not give up. It will soon become a 
new habit; then you can relax your attention on it. Gradually, become more and more 
aware of your whole body and everything you do. 
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Step 63 
HELPFUL MIND TOOLS 


Use relaxation, regression, reprogramming, prayer, meditation, and inner 
communication for a more fulfilled life. 


Our thoughts, feelings, attitudes, beliefs, and emotions form the fabric of our 
inner world. They are the main factors that determine whether we are healthy or 
unhealthy, happy or unhappy. They have a direct influence on our body by changing 
or maintaining our inner blueprint and by directing, blocking, or enhancing energy 
flows and glandular activities. They also act in an indirect way by determining which 
foods we eat, which environmental factors we choose, which kind of knowledge we 
acquire and how we use it. 


So to improve our condition, whether on the social, mental, or emotional level 
or with reference to our health, we must first change our inner world. Here are some 
recommended steps: 


1. Examine your present condition on all levels. Make a list of what you do not like 
and another one of how you would like to be instead. 


2. Acknowledge and release emotional blocks and past negative or unwanted 
conditioning. This may be the most difficult step in your improvement program 
because most of these problems exist on the subconscious level. 


3. Use mind-control methods to reprogram your subconscious mind; participate in 
workshops. 


4. Adopt a holistic and spiritual philosophy of life. 


Mind-improvement therapy for acute emotional problems needs to be 
accompanied by nutritional improvements such as stabilizing the blood sugar level, 
avoiding allergens, and using appropriate supplements. In this way, the nutritional 
component of emotional problems is easily rectified and you can make much better 
progress with the remaining deep-seated problems. In this step, we'll see how eight 
mind tools can help your health. 


1. Relaxation as a Tool for Mental Well-Being: Deep relaxation is a 
precondition for being successful with most autosuggestion methods as well as with 
meditation and all other methods to contact the inner self. You can experiment with 
the methods listed below and see which one works best for you. Here are some 
general guidelines: 


e Sit or lie comfortably and close your eyes. Focus your attention for ten to 20 
seconds on your right foot. Feel it becoming warm and heavy. Then move to the 
left foot, the right calf, the left calf, and so on, moving upwards to the head. 
Include the chin, jaw, eyes, and the back and top of the head. When using this 
method regularly, the focusing time on each area can be gradually shortened, 
and related areas, such as a whole leg or a whole arm, can be relaxed at once. 


e Imagine yourself in a red-coloured room on an upper level of a high-rise 
building. After a while, walk to an elevator and feel yourself going down and 
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down until you reach an orange room; then go further down to a yellow room, a 
green one, then blue, indigo, and finally violet. 


e Imagine yourself walking down a woodland path to the bottom of a waterfall; feel 
the peace there. 


e With each slow exhalation, feel yourself drifting lower and lower down a long 
tunnel, or imagine diving towards the bottom of the sea. 


e Slowly count backwards from 50 to one. With each count, imagine yourself 
sinking deeper and deeper into a black void. 


e Inhale for a count of eight, hold for two, exhale for eight, hold for two, and so 
forth. Focus your attention on your breath; notice how it quietly flows in and out. 
You can also focus on your slow inhalations and exhalations without paying 
attention to the timing. 


e Combine several of these methods in one exercise to achieve deeper levels of 
relaxation. 


AUTOGENIC TRAINING: This body-and-mind relaxation technique was developed 
by J. H. Schultz.” It requires diligent practice for several weeks or even months to 
master the technique, but it is worth the effort, especially for those who are tense or 
who have difficulty contacting their body. 


Lie comfortably on your back, arms loosely alongside the body, palms down, or 
hands folded over the abdomen. Close your eyes and breathe slowly into the 
abdomen for a few minutes. At the same time, focus your mind on the formula: “Il am 
peaceful.” 


Afterwards, repeat slowly in your mind: “My right arm feels very heavy.” Feel 
your arm becoming limp and heavy like a leaden weight. If you are left-handed, use 
the left arm. After a few minutes, bend and stretch the arm energetically and repeat 
mentally: “My arm moves firm and free.” When you can readily feel the heaviness 
after several days of practice, include the other arm, then the legs and torso. At the 
end of each session, give the suggestion that the whole body is now light and free. 


For the next step, add the focus: “My right arm is streaming warmth.” After you 
can easily feel the warmth in the arm, include also the other arm, the legs, and torso. 
The warmth does not need to be taken back at the end of a session, only the 
heaviness. 


For someone new to meditation and relaxation exercises, it may take about 
three weeks until the heaviness and warmth can be readily felt together. Now you 
can move to the next step. Support your right elbow with a pillow so that your right 
hand lies over your heart. Feel it beating and hold the mental focus: “My heart is 
peaceful and strong.” When you can experience your heart, you can later keep the 
right arm in a usual position, relaxed along your side or hands folded over your 
abdomen. 


Add the focus: “It breathes me.” Feel the breath flowing in and out without 
mental control. After a week or two, include the solar plexus (inside the upper 
abdomen) and say: “My solar plexus radiates warmth” or “My solar plexus is 
streaming warmth.” 
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While exhaling, imagine the warmth of the breath accumulating in the stomach 
and abdomen and heating them up. Finally affirm: “My forehead is light and cool.” 
You can mentally transfer the coolness felt in the throat from the incoming breath 
onto the forehead. 


Each time, first go through all the previous steps, such as heaviness, warmth, 
and peaceful heart, and then focus on the next step you want to learn. Practice each 
new step for one or two weeks. After several months, it will be easy to relax the body 
completely in a very short time. Body and mind will be still and peaceful, with the 
body feeling warm and heavy and the head cool and light. You may be in an altered 
state of consciousness but should be inwardly alert and definitely not drowsy. This is 
an excellent preparation to do before any of the autosuggestion methods and other 
forms of communication with the inner self. 


2. Regression Therapy: Regression therapy is a special technique of re- 
enactment that can be employed professionally, in a group situation, or with a partner 
or friend. You go backwards in time until you remember an emotionally charged 
incident. Professionally, regression may be induced by hypnosis, but it also works 
well with self-hypnosis or simply by suggestions given by a friend. However, the 
person leading the regression should have some experience or at least common 
sense in guiding emotionally distressed individuals. 


Decide which emotional problem you want to work on. Even if you do not have 
a specific problem, you may have noticed that you have sometimes acted out of 
proportion in certain situations; this can be chosen as a theme. Lie down comfortably 
on your back, close your eyes, and relax in response to your own relaxation exercise 
or to given suggestions. Now your helper asks you to remember a recent emotional 
incident and to talk about it. He will encourage you to go deeper into your feelings in 
that situation while keeping verbal contact with you. Then the helper will suggest that 
you slide back in your memory until you encounter a similar situation or feeling in the 
past. 


After a short pause, you will be asked to describe what you now hear or see 
through your inner senses. You may be asked how old you are in the remembered 
situation, if anyone else is present, and what is happening. The questions should be 
formulated in the present tense. When you stop talking or reacting for a while, your 
helper will gently lead you back into your feelings. Release your feelings as much as 
possible while reliving the past incident. Finally, the helper will suggest that you relive 
the situation once again, but now change it in such a way that you are happy with the 
outcome. You invent your own version of a happy ending and try to feel it. 


Another starting point for a regression is to find an unusual phrase that you 
sometimes use or one that expresses an inappropriate belief about yourself, 
preferably in connection with an emotional problem. You may sometimes say or 
think, “I am too old (or too fat or too shy) to find a suitable lover,” or, “| am afraid of 
crowds (or cancer or confined spaces).” Then, after relaxation, repeat this phrase 
audibly over and over again and feel into it until a vision or memory develops, which 
you report to your helper. Prompting questions will be used, as with the other 
regression method, to lead you deeper into your emotions. 


Another method, my favourite, goes as follows: Assume that this time you are 
the helper or therapist to regress a friend or patient. Have the friend lie relaxed on 


433 Heal Yourself - The Natural Way 


their back while you give instructions in a soothing voice. The initial aim is to induce 
as deep a relaxation as possible. You can give the suggestions for a normal 
relaxation exercise or suggest deep and slow breathing. 


Then say: “Now you feel light and begin to float upwards. You rise higher and 
higher into the blue sky.” After reinforcing this suggestion for a while, you can say: 
“You look down but cannot see the Earth because of a dense cloud cover. . . You 
continue to fly over the clouds to look for a place and a time that hold an important 
clue for understanding your present condition . . . When you have found this spot, 
dive through the clouds and descend to Earth. . . After landing, look around and tell 
me what you see or hear or feel.” Pause after each suggestion, as indicated by the 
ellipses. 


If the friend remains quiet, after a while ask what is going on. If the friend 
describes a landscape, ask them to find a house or some people and observe or talk 
to them. Always keep verbal contact. Whatever the friend reports, try to deepen the 
experience. Some may report vivid scenes and others just vague feelings. The 
related incident may be an actual forgotten experience or it may symbolize the 
problem. 


Doing this exercise, a patient with cancer of the mouth and throat, for instance, 

related to me that he had landed on a beach. Some distance away he saw a group of 
people amicably gathered at another beach. | asked him to join the group to see what 
was going on, but he found it impossible to approach them. He then realized that he 
had felt an outsider all his life. 
He was a good talker, but he talked to or at people, not with them in an open and 
personal way, and he had felt separated and excluded from group activities. This 
caused the energies in his mouth and throat area to stagnate and allowed a tumor to 
develop specifically in that area. 


Another patient related an incident. He saw himself as a young man in a fishing 
boat with friends. They were drinking moderately. While all the others had fun, this 
patient became ill and vomited. He said that this usually happened when he drank 
alcohol. This shows that he had inherited a weak liver that he damaged still further by 
trying to keep up with his mates. 


In another regression, a woman in her 80’s recalled that as a baby she was 
nearly suffocated by a cat lying across her face. All her life she had been afraid of 
cats, even if only seen on television. After | suggested that she imagine herself as the 
baby jerking her body and throwing off the cat, she immediately lost her fear of cats. 


In many instances, memories and scenes come up that are obviously from a 
previous life, even if a person doesn’t believe in this. Most common is the experience 
of a violent death as a cause of serious present problems. Someone with Parkinson’s 
disease was so afraid of fire that she became rigid merely watching a fire in a movie. 
During regression, she relived the experience of being burned as a witch. After 
suggesting that she burst her ropes and run away, she was much improved. 
However, after some weeks, she started smelling smoke when there was none. 
Another regression saw her being burned to death in the great fire of London in 1666. 
After this, she was never again afraid of fire. 


Instead of inducing the regression as indicated here, you may find other 
suitable methods and invent your own. To end a regression session, give some 
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positive suggestions for coming back into the here and now. If memories become too 
disturbing and emotional, the session can also be ended with positive suggestions 
and repeated another time. 


Repeated regressions can probe more deeply into subconscious problems or 
explore different situations. When investigating a panic-laden situation, such as a 
previous death experience, initially suggest the regressed person remain an impartial 
observer above the scene and describe it with detachment. In repeated regressions, 
you can then suggest becoming more and more closely involved and starting to 
identify emotionally with the experience. 


If a strong negative experience arises, always ask the friend or patient to 
reinvent that experience with a happy or emotionally satisfying ending. One can also 
continue to work on unearthed problem areas with affirmations and guided imagery. 
As with all of these methods, it is good to start with a prayer or affirmation, stating 
your goal for the session, and ask your higher guidance for protection and your inner 
self for cooperation. 


3. Rebirthing: Rebirthing can be used to release emotional traumas that have 
accumulated since conception. Preferably have one or more initial sessions with a 
professional rebirther or with a rebirthing group. Find a helper with whom you feel 
emotionally secure and who has some experience or a good measure of common 
sense in emotional guidance. 


Lie on your back, lightly covered and without restricting clothing. The helper 
can initially sit at the head end and touch your head for reassurance. Breathe deeply 
in a fast, regular rhythm, without a pause between inhalation and exhalation. The 
helper watches that the lower as well as the upper rib cage moves strongly. During 
inhalation, press shoulders and buttocks into the mattress, while during exhalation, 
let both relax. Breathe through the mouth and with an open throat to make a sound 
during exhalation and preferably also during inhalation. 


Let go of any emotions that arise, with the helper assisting by pressing, 
stroking, cuddling, and giving verbal encouragement to bring them out. If no feelings 
well up, then try to remember an incident when you where irritated, angry, fearful, 
worried, or resentful and deepen that feeling. After first working on more recent 
problems, try to relive your birth experience and rectify any emotional upheavals 
associated with it. A surprising number of people can actually come to remember 
their own birth in amazing detail. 


Have plenty of big cushions or additional mattresses around so that you can 
throw yourself about. Keep your eyes closed. Preferably use powerful, stirring music 
with a strong, regular beat during the first part of the session, becoming quieter 
towards the end and finishing with harmonious, uplifting qualities. Let your feelings 
follow the music. The session may last for one to two hours. 


Try to find a room or open location where you can shout and scream without 
attracting undue attention. Before you start relating your experience, use crayons to 
draw a picture of it, the various feelings represented by appropriate colours. You can 
then change places and your friend can lie down for a session. Repeat from time to 
time as required to release emotional negativity. 
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4. Reprogramming: Autosuggestion or reprogramming is one of the most 
effective tools for changing our belief systems and reprogramming our body and 
mind. It can be practiced in various forms. At the level of normal consciousness, we 
can use affirmations. However, suggestions given in an altered state of 
consciousness are much more effective; we then speak of it as self-hypnosis. We 
can also use suggestions during sleep. Suggestions can be given in the form of inner 
pictures and even motion pictures, and then we call it visualization, guided imagery, 
or reverie. Reprogram-ming is much more effective if we have a strong positive 
feeling or emotional outpouring at the same time. 


EMOTIONAL FREEDOM TECHNIQUE (EFT): Before positive affirmations can become 
effective, we must first free ourselves from fears and the emotional content of 
negative memories. Otherwise, these continue to cause distress and block the free 
flow of energies. One of the best methods that | have found is the Emotional 
Freedom Technique. This method, mainly developed by therapist Gary Craig, is very 
effective in overcoming negative emotions and disturbing memories and their harmful 
effects on body and mind. You may be able to eliminate some disturbing problems 
within minutes. 


The basic principle is to combine consciousness with energy flows. The 
fundamental discovery of this therapy is stated as: The cause of all negative 
emotions is a disruption of the body’s energy system. It is claimed that single aspect 
problems, such as fear of public speaking, of heights, of snakes or spiders, can often 
be overcome within minutes. Also, many physical problems seem to yield to the 
same formula. This is not entirely surprising as most physical problems have an 
emotional component. However, in addition, we can expect a direct beneficial effect 
on the physical body by balancing the energy system, especially if this is combined 
with conscious awareness. 


You can select a health problem or a memory that still evokes a negative 
emotion when you think of it or feel into it. Craig used the following formula: “Even 
though | have this [state the problem], | deeply and completely love and accept 
myself.” For instance, if you have been negatively affected by the diagnosis of 
cancer, then you may say: “Even though | have this fear of cancer, | deeply and 
completely love and accept myself.” You can also try variations, such as: “Despite my 
fear of cancer, | fully expect to overcome it.” Therefore, you first state the problem 
that you want to overcome and then your expected goal or solution. Preferably say 
the affirmation aloud, at least in the initial tapping sequence (explained below). In 
repeated tapping sequences, you can shorten the selected affirmation or say it just in 
your mind. 


The more specific you can be in selecting your affirmation statement, the more 
effective it will be. Your fear of cancer may be a composite of multiple aspects, such 
as the fear of dying, a fear of pain or suffering, a fear of having to leave your family 
behind, perhaps just fear of the unknown, the emotional impact of the original 
diagnosis, apprehension of financial hardship, of becoming incapacitated and a 
burden on your family, and many others. You need to address each of these different 
aspects separately and say, for instance, “In spite of my fear of dying .. .” or 
“Although | am shocked by my cancer diagnosis . . .” 


In order to make the selected affirmation effective, you tap on selected 
acupuncture points. This temporarily normalizes the energy flow of the tapped 
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meridian. Each time, while saying your affirmation, tap each selected point about 
seven times in the order given in the list. Do this firmly with the tips of the index and 
middle fingers of either hand on one side of the body or better still, use all slightly 
curled fingers on both sides of the body. The meridian points to tap are: 


e atthe top of the head 

e atthe inner end of each eyebrow 

e onthe bony ridge at the outside of the eyes 

e onthe bone under the eyes 

e between the bottom of the nose and the top of the upper lip 
e midway between the point of the chin and the lower lip 

e where the breastbone, collarbone, and first rib meet 


e on the side of the body, level with the nipple of a man or the bra strap of a 
woman 


e onthe inside of each wrist 


At the beginning of the procedure, and again after a series of tapping, assess 
the emotional intensity of the stressful memory or fear by imagining the 
corresponding situation. Assign to it a number from zero to ten, whereby you do not 
feel any emotional content at zero but it is overwhelming at ten. If the intensity has 
lessened but not returned to zero, repeat the series with an adjusted affirmation. Now 
you can say, for instance: “Although | still have some of this fear of cancer, | deeply 
and completely love and accept myself.” Later you can adjust this still further and 
say: “Even though | still have some of this remaining fear of cancer. . .” 


If your negative memory is not easily put into words, then you can just imagine 
it as a movie scene lasting for several seconds and rerun it when tapping each point. 
This may be suitable in an abuse situation with many different aspects to address. In 
addition to performing the tapping on yourself, you can also work on a friend or 
relative. If you do not get results, then you may need to reformulate your affirmation 
to address a different aspect of the problem, or make your affirmation more specific. 


With some problems, especially of a physical nature, it may help to repeat the 
procedure many times during the day for an extended period. To overcome a strong 
addiction, such as for drugs or smoking, it may need to be repeated every waking 
half-hour for several days. 


Some individuals may also be blocked by what have been called energy toxins. 
These may be due to electromagnetic pollution, chemical sensitivity, food allergy, 
and especially medical drugs. If no progress can be made with different affirmations, 
then try to perform the procedure in a different and preferably unpolluted place. If this 
does not help, clean yourself thoroughly in a bath or shower but without any soap 
and then test (using muscle testing, as explained earlier in the book) before putting 
clothes on. Try standing on a tile or hardwood floor instead of a carpet. If that does 
not help either, try an elimination diet, as described in part 1. The most common 
energy toxins are often the foods that we love most, in addition to perfume, herbs 
and spices, wheat, corn, sugar, coffee, tea, caffeine, alcohol, nicotine, and dairy 
products. Try muscle testing to find the source of your problem. 
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For more information see: www.emofree.com and www.emotionalrelief.org . 
Dr. Mercola has a good EFT protocol for beginners at: www.mercola.com . 


As an extension of this method, | suggest that after freeing yourself of negative 
memories, you also experiment with positive affirmations, especially for improving 
body conditions. While you may start out formulating your phrase as given above and 
say: “Even though | still have some remaining weakness in my immune -system, | 
deeply and completely love and accept myself,” you may eventually rephrase it as: 
“Every day in every way my immune system is stronger and stronger.” You can 
augment any other positive affirmations in the same way. 


AFFIRMATIONS: Look through your list of beliefs that you want to change and 
select one or two that have the most immediate importance. Often this will be a 
health problem or an emotional difficulty. Then work out a short statement to describe 
your goal. 


With breathing problems, for instance, you can state: “My breath flows freely 
and easily at all times.” Write it down at least ten times and then read it aloud as 
often as you wrote it. Do this several times daily. While making each statement, try to 
feel it at the same time; in our example, feel your breath flowing freely. 


Be aware of your inner reaction to the affirmation. Does it sound convincing or 
does it ring phony? Ask your inner self to participate in formulating the affirmation, so 
it leaves a good feeling when you use it. 


Initially, you may perhaps state, “| am happy, healthy, and fit,” but something 
inside you may suggest instead, “You are happy, healthy, and fit” or “We are happy, 
healthy, and fit,” the “we” referring to your different selves. Try out such variations 
and different formulations of the same problem and then select the one that feels 
best. 


Another good general affirmation was used extensively by Emile Coue, the 
originator of autosuggestion therapy: “With every day in every way | am better and 
better.” Note the rhythm and poetic sound of this suggestion. In this way, the right 
half of our brain, which requires artistic stimulation, can accept a verbal suggestion 
that it otherwise might ignore. The right brain is intimately linked to our subconscious 
mind. Making the message acceptable to the right brain is the key to successful 
reprogramming. | also like to say: “My days are filled with love and joy.” You can say 
this right after the Coue affirmation. Feel the joy and love while you say it. 


Another way in which this can be done is by singing our affirmation or saying it 
in rhythm or rhyme or with suitable music. Most effective appears to be baroque 
music with about 60 beats per minute, preferably featuring string instruments. You 
can also experiment by using different colours in writing down your affirmations, or 
incorporate the written affirmation in a painting, or even express your affirmation as a 
painting. 


Preferably work on only one important problem at a time, be it for days or 
weeks or months, until you have made sufficient progress. You can, however, use a 
general formula, like the one by Coue, in addition to an affirmation for a specific 
problem. 


Affirmations are statements of goals or intentions that you imprint on the mental 
level with the aim of getting them accepted by the inner self. When this is achieved, 
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when the inner self believes your statement, it is as good as done. As with prayer, 
the key to success is your faith that your request has already been granted at the 
spiritual level and just takes some time to become manifest in your existence. In 
order to demonstrate this faith, it helps to stop using the specific affirmation after 
some time and live as if it has already come true. 


5. Self-Hypnosis: Instead of clothing a suggestion in an artistic dress to make 
it acceptable to the right side of the brain, we can achieve a similar result by 
switching off the analytical left side of our brain. We can do this by entering a state of 
deep relaxation or meditation. We are naturally in this state just before falling asleep 
or upon awakening. In this condition, the alpha brain waves dominate. Experiment 
with the various relaxation and meditation methods already described in this book. 


When fully relaxed or in an altered state of consciousness, repeat mentally, or 
just slightly audibly, an affirmation which you have selected beforehand. Mentally 
wander through your body and give a positive suggestion to each organ and system, 
and send a strengthening flow of energy into each. 


Start with the head and say mentally or aloud: “Brain healthy and balanced, 
hair natural color, eyes strong, scalp relaxed, forehead relaxed, neck muscles 
relaxed,” and so forth, working your way down to the toes. Then mention the various 
systems and functions, such as “nervous system strong and balanced, glandular 
system healthy and balanced, digestive system strong and efficient.” Mention also 
the blood circulation, the immune system, reproductive organs, and the lymph 
circulation. 


Repeat each suggestion several times or for about half a minute. Concentrate 
for a longer period on problem areas. Tell your body to cleanse itself of toxins and 
metabolic residues. Feel the toxic energies leaving your body through the feet and 
with the breath. 


Do not think while giving these suggestions. Let them casually drift into your 
mind and hold them leisurely for a while. Keep your attention on feeling the various 
body parts or the effects of any other suggestions. You are in the correct state of 
mind if you startle at an unexpected outside noise. 


Before opening your eyes after awakening or when finishing your meditation or 
a relaxation exercise, give yourself a positive suggestion: “When | count to five, my 
eyes will open and | will feel refreshed, energized, and joyful.” Then count slowly and 
try to feel the sensation of being refreshed, energetic, and joyful. Give yourself 
helpful suggestions for a restful sleep or for solving specific problems just before 
falling asleep. 


Children, and adults with their consent, can be given helpful suggestions during 
their sleep. Start by telling them to continue sleeping, that all is well, and that you 
love them. Then repeat the special message ten times in simple words. With 
children, this may involve overcoming problems of bed-wetting, behaviour, or school 
activity. For yourself, you can also use tape-recorded messages that automatically 
switch on and off. 


6. Guided Imagery: For many problems, visualization or mental imagery is the 
most powerful autosuggestion method. After entering a state of deep relaxation, 
visualize your goal or the desired solution to your problem, and hold the picture in a 
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vivid form for as long as possible. Try to feel it at the same time. Alternatively, you 
can produce a “mental movie,” also called a guided reverie. Visualization is usually 
more effective if you do not try to hold on to a still picture, but make it in some way 
dynamic, with changes in color, size, and intensity of feeling. 


Picture various scenes eventually leading to the desired solution. See yourself 
as you would like to be, with natural hair color, smooth skin, ideal weight, joyfully 
dancing, overflowing with energy while running up a hill, and so forth. For improving 
and toning your body, visualize and feel each organ and gland in turn, see it in a 
healthy shape and color; you can refresh your memory from an anatomical atlas 
beforehand. In addition, picture streams of healing energies circulating through the 
body; use yellow or orange colours for toning, green for balancing, and blue for 
sedation. 


Visualize your health problem. For instance, if there is a tumor inside your 
body, visualize it as a black or gray mass. Then do breathing exercises: With each 
inhalation, see your body being flooded with a golden-yellow energy. See how this 
energy gradually dissolves and washes away the dark tumor mass; with each breath, 
see it become smaller. The dissolved mass is then expelled with the outgoing breath. 


Make this exercise last 15 minutes or longer until the tumor has completely 
disappeared before your inner eye. If you finish much sooner, then start again 
dissolving the full-sized tumor. Repeat this exercise daily or even twice daily in 
serious conditions, best in combination with prayer and meditation. 


As an additional exercise, see your immune cells charging into the growth and 
destroying the cancer cells. Invent a picture with a strong emotional impact. You 
may, for instance, see your immune cells as white mice nibbling away at a cheese 
that represents the tumor, or you may see them as star-wars spaceships shooting 
down ugly enemy spaceships that symbolize individual cancer cells. 


For different conditions, invent your own visualizations. For cataracts, see a 
gray film over your eyes slowly disappearing. If there is a severe pain, see it as a 
fireball that is gradually extinguished by a flood of deep-blue, water-like energy, 
drawn in with the breath. For a paralysed body part, see an orange or fiery red 
stream of energy enter the limb with each breath, causing it to become more and 
more hot, tingling, and gently moving with each renewed burst of energy. Use your 
imagination to create a mental picture suitable for your specific problems. There is no 
limit to what you can achieve. 


The following exercise may show you the power of imagination: 


e Sit relaxed, then turn your head without moving the shoulders as far as possible 
to each side, and note how far you can see the wall behind your back from each 
side. 


e Perform a short relaxation exercise and then imagine that your head turns 
effortlessly almost 180 degrees to each side so that you can see the whole wall 
at your back. 


e Repeat this imaginary turning of the head several times to each side, but without 
moving the head physically. 


e Open your eyes and turn your head to each side and note how far you can now 
see behind your back. 
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BODY TALK: Guided imagery is even more effective if you combine it with talking 
to your body. Imagine that the body has many different levels of consciousness. Your 
mind usually works at the mental level while your subconscious mind is in charge of 
the emotional level. Below that is the life-force level, and that is where your body self 
operates. However, | believe that each organ in our body and even each cell has its 
own consciousness. You were already enlisting the cooperation of all these individual 
levels of consciousness with your guided imagery. Now imagine that you can talk to 
them as well and that they are willing and eager to comply with your wishes. 


In a relaxed state, talk to any organ that you want to improve. Talk to the “body 
self’ that is in charge of all the different organs and body parts. Give it a name, as for 
instance, your unused middle name, and talk to it as you would to a child with a 
problem. Tell it repeatedly what you want it to do, such as shrink a tumor, put on or 
lose weight, strengthen the immune system, remove toxins, and so forth. Give it 
enthusiastic encouragement and convince it that it is able to do it. If, for instance, you 
have a breast tumor, then ask it to heal the breast and to support the breast in its 
efforts to heal. 


Then in the same way talk to the affected breast. Tell it what you want it to do. 
Tell it that it is strong enough to heal the tumor and heal any lesions. Ask it to turn to 
the body self for help. Assure your breast that you love it and promise frequently to 
send it love energy and any other support that it may need. Then do not forget to do 
as you said. Tell your body self as well as your breast to let you know what you can 
do better to support them, and in a relaxed state listen for an answer. A helpful idea 
may unexpectedly cross your mind. 


Talk audibly and frequently to your body, at least once a day. After the initial 
contact, you do not always need to be in a relaxed state but can talk whenever you 
feel like it. You may find it very effective talking in front of a mirror. You can also 
directly talk to your army of immune cells, giving them a pep talk as their commander 
in chief, or ask the red blood cells to carry more oxygen or the lymph fluid to remove 
waste products more efficiently. 


CHANGING YOUR REALITY: Let’s say your reality is that you have been diagnosed 
with cancer and that you have various physical signs and symptoms to prove it. 
However, the crucial point is that you cannot change your reality by focusing on what 
it is. This is so because we create our own reality by what we focus on. If we focus 
on having and fighting cancer, then we reinforce having cancer as our reality. The 
harder we fight it, the harder it fights back. Resist and it will persist. 


Therefore, to change your reality you need to change your focus. Focus on 
what you want instead of what you have. That is magic. Focus on what you want to 
be your reality and fill it with your energy. To do this, you can use various mind tools 
such as affirmation, visualization, guided imagery, prayer, and meditation. But most 
important, you must live in harmony with the new reality that you want to manifest. 
You must live as if - as if the healthier and more joyful reality has already started to 
manifest. It is not enough to expect tomorrow to be better or upon awakening in the 
morning to expect to have a better day. It is good to expect that, but expectation is 
not enough. During the day, you actually need to act according to your new reality by 
embracing life to the fullest. 
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Do whatever you need to improve your health. You may occasionally have a 
cleansing period; you may take certain supplements; or make juices and eat certain 
foods. But do it with the focus of improving your health rather than fighting the cancer 
and, whatever you do, do it willingly and joyfully. Make your day as interesting and 
joyful as you can. The more you succeed in this, the more you will forget that you 
have cancer and the less you will have it and the less it will have you. 


Change your focus, deny your present reality your emotional and mental 
energy, and it will gradually vanish, allowing your new reality to manifest to the 
degree that you invest it with your energies. But in our physical reality, that takes 
time. You need to be persistent with your new focus. Any period of doubt or 
negativity may invalidate a long effort of positive refocusing and you may have to 
start all over again. Therefore, avoid people and situations, mainly of a medical 
nature, that tend to generate doubt and negativity. Train your mind to see only the 
good in everyone and everything. Even your life-threatening illness was good, by 
helping you to refocus on a new and better life. 


7. Prayer and Meditation: In prayer you 
ask for guidance, give thanks, or offer yourself 
for service, while in meditation you listen for the 
answer. The two methods can be combined in 
what we can call “inner communication.” 


CAUTION: Some individuals may be 
a little unstable, but may not know it. 
This is often due to adverse nutritional 
or chemical factors. During meditation, 
this can open the door to undesirable 
PRAYER: Prayer is a means of making our 


influences. In this condition, people 


may hear voices telling them to act ina 


manner that may harm __ others. 


Therefore, be on your guard and follow 


any inner voices only if their advice is in 


harmony with your ideals and with the 
signs of true spirituality. Especially do 
not act on any advice that may be 
harmful to another person. 


requirements known to a higher guidance. This 
may be a request for help for ourselves or 
others; it may be a request for advice; we may 
express our gratitude; or we may offer 
ourselves as vehicles for greater service to 
mankind. You can continue to address your 
prayer in the accustomed way or however it 
feels best. When you pray to God, Jesus, or a 





saint, assume that the prayer passes from the 
lower self to the Higher Self and from there to any other “address” as may be 
required. 


When you need help with an important problem, formulate your request in a 
short, precise form and preferably write it down. Then enlist the help of the lower self 
to pass on your prayer to the Higher Self. This can be done through devotion, 
invocation, chanting, or in any way that produces an emotional uplifting, a warm 
emotional tide coming from your heart or solar plexus. This creates a “carrier wave” 
that can now be modulated by clearly and precisely stating your request. 


Best say it aloud, in the same way as it is written and with the same words on 
successive days. In addition, create a mental picture or impression of the desired 
result. It is important that such prayers be performed with a deep inner conviction that 
the request will be granted. 


When you live in close contact with your Higher Self and readily receive 
guidance, you may proceed in a less formal way and communicate with your Higher 
Self in whatever way it deems appropriate. The most effective prayer is a 
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thanksgiving for the granted request, knowing that it has already started to manifest 
on the spiritual level and will in due time appear in your reality. 


Here a summary of some requirements for a successful prayer: 
e Contemplate and formulate your message. 
e —_ Relax or enter a meditative state. 
e Create an emotional opening or outpouring. 
e Say your message in simple words, preferably aloud. 
e —_ Include thanksgiving for what you are about to receive. 
e Have complete faith that the prayer is successful. 
e Repeat your prayer on successive days. 


MEDITATION: During meditation, you still your mind and raise your awareness 
towards your guiding consciousness. Christian saints used to call meditation “silent 
prayer.” In meditation, you remain in a heightened state of consciousness without 
thinking. 


During meditation, we should be wide-awake. Therefore, if we feel somewhat 
tired, our meditation can be improved by raising our energies beforehand with a few 
minutes of deep breathing and whole-body shaking. Then proceed with a relaxation 
exercise and preferably an invocation or devotional service in which you state the 
goal of your meditation in a prayer or affirmation. 


Assume a physical position in which you can be comfortable for an extended 
period. Preferably keep the spine straight. You can sit erect, with both feet on the 
ground, in a chair with a straight back, or sit cross-legged in a lotus or semi-lotus 
position. For many, it may be more comfortable to sit on the heels with a cushion 
under the feet. You can also lie flat on your back if you are able to remain wide- 
awake in that position. 


An easy method is to start with eight-two breathing (as explained in step 9) and 
then gradually let the breath move on its own. Focus your full attention on the breath; 
feel how it flows in and out smoothly and rhythmically. Do not try to regulate or guide 
the breath; just follow it mentally and feel it. When thoughts arise, let them drift past 
without paying any attention to them; the same with outside noises, just ignore them. 


At other times, you can concentrate on your heart area and feel it become 
warm and filled with love and compassion. Alternatively, focus on the middle of your 
forehead, feel it as a centre of happiness or even bliss. If the eyes are closed, it helps 
if you turn them up and inwards as if looking at the forehead centre. In addition, feel 
connected to your Higher Self through a beam of energy entering the top of your 
head. 


Hold these sensations as long as you can. If possible, unite the sensations of 
the head and the heart and expand them throughout the body. Do not be 
disappointed if you cannot feel the warmth and love radiation the very first time, just 
keep on practicing. Meditate for 30 minutes or longer, the longer the better. 
Preferably make meditation a regular habit at the same time and in the same location 
each day. 
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A Healing and Love Meditation 


Sit or lie relaxed but with a 
straight spine. 


Take some slow, full 
breaths; mentally follow 
each breath as your breath 
continues to flow quietly in 
and out on its own. 


Feel how your body 
gradually becomes 
immersed in cosy warmth - 
you can imagine being ina 
warm bath. 


Concentrate on the idea that 
with each inhalation vital 
energy or prana begins to fill 
the body. Direct this energy 
into your abdomen and feel 
it becoming very warm. 


Direct the pleasant-feeling 
energy stream to those 
areas of the body that are 


especially in need of 
healing. 


Concentrate on the middle 
of the chest where you 
create a feeling of intense 
love and compassion. 


Initiate this feeling by 
remembering an actual 
situation or person that 
invoked such feelings in 
you. After a while, forget the 
actual memory and feel love 
and compassion in an 
abstract way. 


Imagine that you radiate 
these feelings, like a sun, 
radiating love and 
compassion instead of light 
and warmth. Radiate these 
to all your body areas in 
need of healing as well as to 
the outside, filling the room, 
the house, and finally all the 


world. Realize that you are 
not the originator of this 
powerful energy flow, but 
just a channel through which 
it emerges from higher 
dimensions and is 
transformed by you to the 
human qualities of love and 
compassion. 


At other times, radiate joy 
and happiness instead. Hold 
on to the impression of 
being immersed in an ocean 
of beneficial healing energy 
and for the rest of the day 
feel an afterglow of the love 
and compassion or joy and 
happiness you experienced. 


If an unpleasant condition 
develops during the day, try 
to recall mentally the ocean 
of warm contentment 
enjoyed during meditation. 





CENTERING: During our daytime activities, especially on important occasions, it 


is beneficial to focus our feeling awareness on an inner energy centre. We may feel 
this as a deep inner peace, as love or compassion, depending on our focus and the 
requirements of the occasion. This allows us to gather our energies and gives us 
poise and serenity. This is called centering - moving through life in a meditative state. 


There are various methods of centering. The Japanese, for instance, prefer to 
centre themselves in the hara, the storehouse of vital energies behind the navel. This 
helps one conduct daily activities in a more focused and powerful way. If we prefer to 
interact in our relationships and daily life with love and compassion, then we use the 
feeling awareness in the heart chakra as the method of centering. Focusing on the 
forehead chakra may be more appropriate during times of intense mental activity, 
such as discussions and meetings. 


If we aim to act from our level of spiritual consciousness and like to feel 
connected with and guided by our Higher Self, then we may centre on the crown 
chakra. Finally, with some practice, we may be able to fuse our awareness of all of 
these chakras and remain centred within this integrated feeling awareness. 


When we are centred, we are not only mentally and emotionally poised and 
balanced, but at the same time alert and intuitive. In this way, we can remain in touch 
with our spiritual guidance continuously during our waking activities. When we are 
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active while being centred, both sides of our brain work in a balanced way and this is 
reflected in the balance of our whole personality. 


It is much easier to remain centred during manual activity than while thinking, 
reading, or writing, but gradually we can also learn to remain centred during mental 
tasks. Eventually, we may be able to remain indefinitely in a semi-meditative state by 
focusing part of our awareness on our inner centre while another part deals with our 
external problems. 


8. Inner Communication: In order to receive direct guidance from your Higher 
Self, combine relaxation, visualization, prayer, and meditation. Start with a relaxation 
method that gives you the feeling of drifting lower and lower as to the bottom of a 
lake. Or imagine sinking down a long, black tunnel towards the core of your being. 
The farther you sink, drift, or swim downwards, the more you leave the noise and 
activity of the outer world behind. Regard any remaining noise as ripples on the 
surface of the lake while you remain at the bottom in peace and stillness. 


Instead of going down, you can mentally create a special room that you enter 
only when you want to meet your higher guidance, either by telepathic 
communication or seeing it as a wise and kind guide. Another possibility is mentally 
walking down a shaded path to a waterfall and meeting your guide there. 


Whether you see a guide or not, address your presumed guide with reverence 
and ask him to start guiding you on your spiritual path, in health matters, and with 
other problems, by communicating with you. Ask a question and listen for the 
answer. You may receive an immediate telepathic reply, such as an inner voice or a 
thought popping into your mind. Alternatively, you may develop a certain feeling in 
reply to a question rather than getting a mental response and this may indicate the 
direction in which to proceed. Maintain a blank mind after asking your question, 
otherwise you may not hear the answer or start thinking of an answer yourself. You 
can ask several questions and hear answers as in a dialogue. Prepare your 
questions in advance, before starting the relaxation, so that you do not need to think 
while in meditation. 


INTUITIVE MEDITATIVE THINKING: This is related to the traditional practice of 
contemplation. Suppose you want to find an answer to a problem. This can be a 
health problem, an invention, or a spiritual matter. Start by finding out relevant facts 
and information, and then examine it from different perspectives with your mind. In 
this way, you can identify the key question that needs to be answered in order to find 
the solution to your problem. Keep this key question in the back of your mind and 
enter a meditative state without specifically thinking about anything. Watch any 
thoughts drifting by. If you have thought hard enough about the problem before and 
now maintain a reasonably blank mind but with the question still in the background, 
then the answer may now drift into your consciousness as an intuition. 


FOCUSING: Lie down or sit comfortably and induce a relaxed condition. If you 
have a pain, hurt, disease, or any problem in your body, focus your attention on it. 
Feel into it and ask it what it has to tell you, or visualize your problem in a simple, 
symbolic way, then mentally sit back and let the pictures or symbols change of their 
own accord. 


You can do the same thing with an uneasy feeling such as created by a social, 
financial, or other problem. Contact that uneasy feeling, possibly by feeling it as a 
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pressure somewhere in your body. If you have a multitude of problems, ask yourself 
which one is the worst and try to feel this one first. 


After listening to your body and feeling the tension it creates somewhere, a 
certain impression may form within you as an answer to what it is all about or you 
may see a symbol as an answer. Then ask that tension or problem in your body 
whether this is the right answer and feel what it does. If your answer is correct or 
partly correct, the problem will shift; the tension or pain may lessen or you may feel 
relieved. If the answer is wrong, the feeling of unease will not change. Try again. This 
process may have to be repeated many times over several days or weeks to come to 
the bottom of deep-seated emotional problems. 


SLEEP OR DREAM SOLUTIONS: Before falling asleep, pray to be shown a solution 
to your problem overnight or tell your subconscious mind repeatedly in simple words 
that it will provide an answer to the problem at hand, either in a remembered dream 
or as an insight during the following day. Visualize your problem in a simple scene 
before you drift to sleep. If you are not already in contact with your subconscious 
mind, this procedure may have to be repeated several times. 


MAKING SACRIFICES AND AMENDS: Sometimes it may not be possible to get to the 
deep-seated cause of a personal problem. Especially in cases associated with 
feelings of guilt or having done something wrong, it is often helpful to make a 
sacrifice in order to regain the cooperation of our subconscious mind or lower self. 


The sacrifice must be enough to hurt you to some extent, for example, selling 
the best part of your stamp, coin, or art collection and using the proceeds for a 
charitable purpose. Alternatively, give a free service or care for a stranger in need - 
anything that will satisfy the subconscious. Make amends with reference to past 
faulty mental, emotional, or dietary habits. Promise improvements and definite 
actions to your lower as well as to your Higher Self. However, a broken promise will 
lead to further health problems, so be careful and persistent with your promises. Do 
not resent your sacrifice, but do it in a cheerful mood. 


MOVING WITH THE FLOW: With or without inner communication, we can gradually 
adopt an attitude towards the events of our daily lives that may be described as 
“moving with the flow,” as in the flow of life. This means we flow through life instead 
of battling it when the going gets tough. 


We can assume that our Higher Self guides us in a certain direction. When we 
follow this direction, life will run more smoothly, events fall into place, we meet the 
people we need, we find information that helps us along, and we obtain the 
necessary resources to continue on our way. If we go too far in a wrong direction, 
however, things will become tough, we make mistakes, lose out, do not obtain what 
we want or need, and so forth. Therefore, when we adopt the basic attitude of 
moving with the flow and we run into difficulties, we realize that we may need to 
change direction. While we remain true to our spiritual goals and ideals, with the 
goals of daily life, and especially in the way we intend to achieve them, we try to be 
very flexible. Rigidity in daily life easily leads to pain and disappointment. 


We can compare our stream of life to a newly formed watercourse that seeks 
its way down a gentle mountain slope. Sometimes it winds its way steadily downhill, 
while at other times it encounters a barrier, a hollow or depression in the ground. 
Then it has to wait patiently for a while until the hollow is filled up. It may probe in 
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various directions until finally, quite naturally, and without a problem, it finds the 
overflow, the lowest point in the wall of resistance, and happily it continues on its 
downhill way. 


This, then, shows us how we can follow our course of life in an easygoing, 
pleasurable way, without undue stress or hardship. When we encounter a resistance, 
we probe and wait patiently until we find a natural opening. All we need are flexibility, 
patience, and faith. Faith that we are being guided, that we meet the resistance for a 
purpose, and that we will learn and grow by overcoming it or finding a way around it. 
Faith that all will be well and that an interesting and pleasant future awaits us. 


ASK FOR HELP: If problems seem to mount and you feel pulled down by it all, 
relax and ask your guidance for help. State your situation, that you do not know what 
to do or that there is apparently nothing that you can do. If appropriate, acknowledge 
that you made a mistake and got yourself into trouble because of a thoughtless or 
selfish action. Ask your guidance to take over your problems and provide a solution 
that is fair to all concerned. Then, whenever you notice your mind straying towards a 
worrying thought, affirm silently that now your guidance has taken over and is 
providing an equitable solution. 


EXPLORE POSSIBILITIES: Sometimes you have to make a choice between several 
possibilities without a clear preference for any one. Like water when it meets a 
resistance in its flow, so you can probe in various directions, exploring the different 
possibilities with your mind, while at the same time closely observing your feelings. 


Let us assume you have several options for your future. All have advantages 
and disadvantages, and you do not know what to do. Doing nothing or changing 
nothing may have undesirable consequences that need to be evaluated. Start by 
imagining that you follow one course; visualize or mentally explore the possibilities 
arising from this and observe how you feel about it. Explore the second choice and 
then a third choice in the same way. Usually one of these mind-plays will generate a 
better feeling and this is the one to adopt. 


Whenever problems seem to mount and you start to worry, become aware of 
your spiritual philosophy and ideals and ask yourself: “Does it really matter?” Remain 
centred and all your problems will soon melt away in the warmth of your radiating 
love and a deeply felt inner peace. 
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Part 10 
SPIRITUALITY AND HEALTH 


In order to become more whole and healed on all levels of our being, we need 
to improve ourselves on these levels. Complete healing is not possible by working on 
just one level. As an example, assume that you are overweight. Mustering willpower, 
you start a diet and are successful in losing much weight. The problem is that after 
some months it slowly creeps back up again and after a year your weight is where it 
started. 


Eventually, you come across some emotional release workshops and find that 
these, together with a sensible diet, are more effective for losing weight and keeping 
it off. Nevertheless, you find it difficult to Keep your emotions under control because 
you still continue to react in undesirable ways. Now you discover that you are 
influenced by negative beliefs that make life difficult for you. 


You realize that you need an appropriate belief system in order to manage your 
emotions in an appropriate way. You start looking for a philosophy of life that helps 
you to become and remain healthy, happy, and fit. This is where the spiritual 
dimension comes in. You will find that the more you adopt spiritual principles in your 
life, the more life will become an adventure and a pleasure rather than a struggle. 


Most of us have developed our belief systems haphazardly, drawing from 
parents, school, and social contacts as well as books and mass media. These beliefs 
are often irrational and detrimental to us. 


So to heal our emotions and other levels of our being, it is essential to adopt a 
suitable philosophy of life to guide us. | call this a spiritual philosophy. The various 
religions appear to have different spiritual philosophies. These differences are most 
pronounced at the mental level of dogmas and doctrines, while they tend to 
disappear at the level of the highest ideals of each religion. In all major religions, 
some followers have aimed for these highest ideals. They are the mystics who left us 
in their writings a spiritual philosophy that transcends and unites all religions. 


This last chapter offers an outline of the spiritual dimension, existing in a 
continuum with our physical world and not separate or in opposition to it. Out of this 
understanding, we can accept a spiritual philosophy of life as the basis for our 
beliefs, which determine our decisions and emotional reactions in life. Then | offer a 
sketch of a modern spiritual path that uses health and emotional problems to develop 
the spiritual master-ship that gives us the ability to lead a happy and fulfilled life. 
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Step 64 
THE SPIRITUAL DIMENSION 


Enter the spiritual dimension of life and make it your home. 


The concept of spirituality means different things to different people. In this 
book, it means deliberately manifesting or aspiring to manifest a higher, purer 
consciousness. We do this by developing the attributes of spirituality, such as 
compassion, discernment, faith, high ideals, harmony, joy, inner knowledge, intuition, 
kindness, openness, patience, self-responsibility, serenity, tolerance, wisdom, and a 
gentle love for All That Is. 


To be spiritual is not the same as to be religious, which involves following the 
creed of a proclaimed religion. Someone can be spiritual without being religious and 
vice versa. Those who are religious become spiritual by following the highest ideals 
of their religion, while those without a religion follow their own highest ideals and their 
higher guidance. On the higher levels of consciousness, religion and spirituality 
merge. In Christian terms, for instance, we are advised to “seek first the Kingdom of 
Heaven” and all else will be given us. In spiritual terms, this means to seek first and 
follow our higher guidance to manifest spirituality, then we can expect health and 
happiness to result as a natural by-product. 


Spiritual development should not be confused with psychic development. 
Psychic abilities are no measure of spirituality. However, psychic abilities will develop 
on their own and in a natural way during spiritual awakening, according to the need 
for their use. While neither good nor bad in themselves, psychic abilities without 
spirituality are like nuclear power without prudence; both can lead to disaster. 


Neither is spiritual development a quest for altered states of consciousness, 
though these may occur as natural by-products of deep relaxation and meditation. 
They can be useful and provide us with insights as well as beautiful and uplifting 
inner experiences. However, our main task is at the level of our normal 
consciousness, and such inner experiences at elevated levels need to be 
transformed into improved living habits. 


We become more spiritual by living according to our highest ideals, and by 
consciously improving our attitudes and feelings. Every moment in our day-to-day 
interactions provides an opportunity to become more spiritual. We are aided in this 
endeavour by asking for help from the highest guiding part of our consciousness, 
which we can call the Higher Self or, in Christian terms, the Holy Spirit. 


Our Spiritual Growth: Living spiritually is our day-to-day, minute-to-minute 
effort to live according to our beliefs. Our body with its problems is an important 
partner in this; it shows us where to start and what to do and helps us become more 
aware of all aspects of ourselves. 


Healing our body, mind, and emotions is part of our spiritual growth. Even if you 
do not otherwise intend to live spiritually, you do so anyway by healing yourself on 
these levels. | am convinced that by living in harmony with the biological, emotional, 
mental, and spiritual laws that govern us, we can be close to perfect; we might even 
personify the risen Christ. Therefore, all imperfections, usually manifesting as 
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problems, show us what to do to become more spiritual and, with this, more happy 
and fulfilled. 


Starting at the biological level, we may have a health problem, possibly a 
specific disease. This disease has one or more causes, usually on several levels. 
Just trying to ease symptoms with palliative care is not a spiritual solution, although 
we can use the disease to practice cheerfulness in adversity. With our spiritual quest, 
we try to discover and overcome the causes for the disease. We experiment with 
nutrition, cleansing, and other natural healing methods; we improve our energy flows 
by softening armoured muscle structures; we release suppressed negative emotions; 
and we may use regression and reprogramming, guided imagery, and meditation. 
Chances are the disease will more or less disappear as, at the same time, we have 
progressed on the spiritual path. 


The same is true for any of our other imperfections and problems: a rigid and 
aging body, a lack of meaning, unsatisfactory relationships, worry, or resentments. 
Keep part of your mind in observer mode and be aware of what you are doing. If you 
catch yourself worrying about something, that is your problem to work on; worry is a 
negative attitude, and you need to change your approach. Do what you can to get the 
problem fixed and then leave it to faith; use prayer and meditation to strengthen your 
faith. 


If you catch yourself having an unkind thought about someone, immediately 
make an effort to send a kind thought to that person. If you believe someone has 
harmed you, realize that this person is a human who needs your help. Be angry if 
you feel that way, but let it out in a suitable manner, and when you have calmed 
down, forgive and send love. 


Learn to laugh about yourself when you make a mistake or break something. 
You would laugh if it happened to someone else, so try it for yourself; it makes life 
much easier. Taking ourselves too seriously shows that we are dominated by our 
ego. 


It is said that no one is an island, that we all are in it together. We interact all 
the time, and helping our fellows is the most important part of interacting. We cannot 
help by preaching or trying to convince somebody. The most effective way is to be an 
example of your spiritual beliefs. Be forgiving, be kind, try to do the right thing at the 
right time, but if you mess up, do not worry; you are not expected to be perfect, so try 
again. 


As your consciousness expands, you may realize that your job or your partner 
are no longer in harmony with your beliefs. Visualize and pray for a solution and 
watch. 


You do not need to go out of your way to look for opportunities to help others. 
Just be aware and do your best whenever you come across something; your 
guidance will arrange the opportunities for you to learn and help. Do not blame 
yourself or anyone else if something goes wrong; making mistakes is the best way to 
learn. We need to make mistakes and learn from them - that is the spiritual path. 


Specific ways of life have been devised through the ages to facilitate the growth 
of a spiritual body. Foremost in these are prayer and meditation, especially as part of 
monastic life. In a related form, we have the yoga of devotion and the yoga of action 
in which we dedicate our life to unselfish social work or healing. Rituals, such as 
performed by the Orthodox or Catholic church, metaphysical societies, and New Age 
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groups, offer spiritual food. When we deliberately set out to awaken and build a body 
for the inner Christ, we are said to be on the spiritual path. 


The Structure of Manifestation: Here is a brief outline of a theoretical basis of 
spirituality as | see it. Starting at the fundamental level, | regard consciousness as the 
basic ingredient of everything in existence. We can compare consciousness to air, 
which can be compressed to varying degrees of density in containers of different 
shapes and sizes. In a similar way, consciousness becomes compressed and can 
then aggregate to form more complex structures. 


Different densities accumulate at separate levels to form an additional 
dimension based on density of consciousness. | call this the dimension of “space- 
density.” A certain density produces atomic and subatomic particles, while lesser 
degrees of density manifest as etheric energy, bioenergy, or prana, as feelings and 
emotional energy, as mental energy and thought forms, and finally as spiritual 
awareness. All of these represent different space--densities that can interpenetrate 
each other to occupy the same three-dimensional space. 


Therefore, there is no fundamental difference between the consciousness of an 
atom and a human; it is only a difference in complexity and range of densities. The 
universe is basically consciousness acting on itself. Less dense fields of 
consciousness build, change, discard, and rebuild forms from denser fields of 
consciousness in order to experience and express themselves. The main activity of 
consciousness is creativity; its highest manifestation on our planet is unconditional 
love. 


We can assume two streams of consciousness. The “stream of creation” leads 
towards greater density and less complexity to form atomic particles and the physical 
universe, while the “stream of evolution” flows from dense towards less dense 
structures with greater complexity towards the spiritual universe. 


As part of the stream of evolution, consciousness uses the various life forms, 
like water uses a riverbed to flow to the ocean. A life form, be it a species or an 
individual form, is useful only as long as it allows the consciousness to flow through 
freely and expand. If rigidity develops and consciousness becomes stagnant, then 
the form has reached old age and will soon disintegrate. 


Physics cannot adequately and logically answer the question how all the 
energy and mass of our universe could have been concentrated in a single point at 
the start of the Big Bang and what was before. A spiritual theory of creation would 
say that originally there was no energy at the physical level, that it emerged instead 
from the etheric level, not so much as an explosion, but rather like the crystallization 
of a supersaturated liquid starting from a seed point. A spiritual theory also answers 
the question of the origin of consciousness that biology cannot answer: Our physical 
universe is a condensation of a less dense etheric universe. Atomic particles are the 
centres of etheric vortexes, comparable to atmospheric high and low pressure areas. 


Planetary Evolution: | see the evolution of consciousness on our planet as a 
multidimensional cooperative venture. Consciousness in the form of the growth force 
is most active in the plant kingdom and works to transform the mineral kingdom. 


In the animal kingdom, consciousness becomes dominant at the level of 
feelings and emotions; it is at this level where most of the experimentation and 
creativity are present. The emotional level channels the growth force into more 
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individualized forms than those in the plant kingdom. A price for this individualization 
is a more solidified growth force with less regenerative capacity. 


Insects are close to plants, with only rudimentary feelings, while primates and 
possibly dolphins are closest to the humans with highly evolved complex feelings. 
Similar to the evolution in the plant kingdom, which leads to the beginning of feelings 
in the highest plant species, so the higher animal species acquire a rudimentary 
capacity for thinking. 


By having its emotional energies guided with the help of the emerging mental 
level, the animal kingdom culminates with the primates channelling their life force into 
a nearly perfect form for our planetary conditions. With this, the planetary evolution of 
the growth force has been further completed and humanity works now on the 
perfection of the emotional level with the help of the mental level. We use beliefs to 
experiment with our emotions. 


The animal kingdom required a rudimentary mental level for the growth force to 
be channelled by the emotional level into a perfect form. In a similar way, humans 
need a level of consciousness beyond the mental to perfect our emotions. We call 
this next higher level “spiritual consciousness.” It evolves through the programming of 
our higher mentality by the incarnated soul. We can regard our different and evolving 
group belief systems as the human equivalent of different animal species. 


The Nature of God: God can be defined in two ways. We can equate God with 
consciousness and say God is everything. The consciousness manifested in the 
various universes - the physical, etheric, and so forth up to the spiritual universe - are 
the energy bodies of God, while the non-manifested part might be called the mind of 
God. Alternatively, we can only regard the non-manifested universal consciousness 
as God, and this may or may not be focused into what we can regard as a 
personified being at certain levels of consciousness. For the evolution of our own 
consciousness, the details of what we believe is God do not matter very much at this 
stage. As part of a spiritual philosophy, we can assume that the more consciousness 
becomes condensed, the less it is aware, especially of being a part of God or All That 
Is. 


The Oversoul is the creator of our soul, and as our personal God or God Self, it 
is our individualized representative of the universal aspect of God. Any 
communication from this divine level can reach our normal consciousness only by 
penetrating our mental and emotional levels. These, however, act as filters that 
distort and interpret any messages according to our beliefs and emotions. 


Therefore, a devout Catholic will receive messages clothed in Catholic 
symbols, while a Hindu will experience divine revelations according to his religious 
beliefs. The less strong and structured our beliefs are, the less will any higher 
communication be distorted. The more we expand our consciousness, the closer we 
are to this higher guidance and the easier it will be to communicate. Disbelief, on the 
other hand, will block any communication. 


A Spiritual Philosophy: A spiritual philosophy is our basic belief system about 
the nature of our existence, its purpose, and goal. From this we try to understand our 
role in society and our relationship with guiding forces, and it gives us the strength to 
follow the spiritual path. Everyone has a philosophy of life, even if they are not 
consciously aware of it. For some, this is just the notion to get as much pleasure as 
possible out of life while trying to avoid suffering. Others, like various Christian saints 


Heal Yourself - The Natural Way 452 


and yogis, have deliberately self-inflicted suffering and denied themselves pleasures 
as part of their philosophy and as a path to their God. 


To have a Spiritual philosophy means to see ourselves as part of a higher 
purpose, of a universal blueprint, and we consciously try to cooperate with its 
unfolding and manifestation. A good spiritual philosophy needs to give us guidance 
and support on the spiritual path and in our daily interactions and relationships. 


In the same way that we can deliberately choose to believe in and follow a 
certain religion or political party, we can also deliberately adopt a spiritual philosophy 
that exactly suits our purpose. Normally, this adopted philosophy can be in harmony 
with our present religion or political views. Just look for the highest ideals and replace 
any negative aspects with positive beliefs. 


The centre point of any philosophy of life is the question of meaning or 
purpose. If we see no purpose in life and especially in our own life, then it is natural 
to live for the sake of sense and ego gratification, but we can become depressed by 
the apparent lack of meaning. In a spiritual philosophy, we believe in a higher 
purpose; we may not know the exact nature of this purpose and it may not even 
matter. We can say we just want to manifest our own life blueprint, or fulfil the 
purpose for which we incarnated, or do God’s will, or become one with God. 


The Middle Path: By now, you may be apprehensive. Basically, all you want is 
to be healthy, have a good life and some fun, and generally feel fulfilled and satisfied. 
You do not want to become a mystic or a saint to achieve this. You do not need to. | 
painted the big picture to show in which direction we have to move. How far or fast 
you move is up to you. The important part is to move in the right direction, however 
slowly. Suffering comes from moving in the wrong direction, no matter how far 
advanced we are spiritually. The saint will suffer if he moves in the wrong direction, 
and the sinner will feel good if he moves in the right direction. 


Indeed, this is a middle path between pleasure-seeking and intentional or 
unintentional self-inflicted suffering. In this, it is like the path of the Buddha. For a 
long time, the Buddha tried to reach enlightenment through asceticism. He meditated 
until he left a mark like the footprint of a camel where he had been sitting. Finally he 
realized that he was on the wrong path, that he needed his body as a partner and 
had to fulfil its needs, that he had to be firm but kind to it. He called this the middle 
path, and many seekers after him found it to be the right path for them. 


In the same way, our spiritual philosophy should help us to feel good in body, 
mind, and spirit. Suffering is only for the ego. If instead we identify with our Higher 
Self, then life will be easier and more fun. 


Our basic premise is that we attract or become what we believe in. Assuming 
that the universe contains all possibilities, all shades of good and bad, right and 
wrong, desirable and undesirable, it is more desirable to believe in a benevolent 
universe than in a vindictive one, in a God of love rather than fear. This spiritual 
philosophy of the middle path says that we can choose and have what we want, but 
we must firmly believe in it. 
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Step 65 
LIFE ON THE PATH 


The spiritual path is the crowning glory of human endeavour, 
and by following the 65 steps you are already on it. 


The concept of spirituality means different things to different people. In this 
Presently, travellers on the spiritual path have two advantages compared to those in 
former centuries. We now have published information on the nature and variety of 
spiritual paths, so we no longer need to find our way alone. Second, our capacity to 
understand and communicate has greatly increased. What formerly was 
incomprehensible mysticism, we can now understand and present in a rational way. 


There is now so much information available on yoga, working with energies, 
healing the emotions and the mind, and so forth, that your problem is not to find the 
information, but to discern what is right for you. You can do this by keeping your 
highest goals in mind and asking your inner guidance. 


Beware of getting sidetracked by psychic abilities or happenings. Developing 
psychic abilities can be fascinating but is no more spiritual than material, emotional, 
or mental activities. However, psychic activities can be more dangerous than other 
activities. Most psychic happenings take place on the astral level or open us to astral 
influences. Entities operating on this level are commonly less spiritually developed 
than someone on the spiritual path and often give misleading or mischievous 
information. They also love to imitate or pretend to be a high spiritual entity or even 
God. 


Awakenings: Do not worry about whether you have had a spiritual awakening 
or are on the spiritual path. Your interest shows that you are on the path. Just start or 
continue searching for spiritual information. You will be attracted to what is important 
and right for you. While in the beginning, it is helpful and necessary to read different 
sources to get a good overview, later it is better to read as little as possible. By 
continuing to read a lot, you remain at the intellectual level, and that hinders the 
development of intuitive abilities. If you do not control yourself, you could become 
“addicted” to reading about spiritual matters, instead of doing it. 


If you are a practicing member of a religious denomination, do not be 
concerned that the spiritual path may be incompatible with it. Instead, expect that it 
will increase your faith. The spiritual path does not have doctrines; writings about it 
are only opinions you do not need to accept. Walking the spiritual path means finding 
your own insights and relationship with God. 


Purification does not need to be a time of misery and suffering as it once was 
for mystics. Instead, it can be a time of adventure and discovery. By removing 
biological, emotional, and mental blockages, you become healthier and happier. Life 
will become more satisfying. The fun is not the arrival, but the journey. You do not 
need to make a sharp distinction between working on the biological, etheric, 
emotional, and mental levels. They are all related, though it is easier to talk about 
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one level at a time. By concentrating on one level, you affect all the others. It is 
easier to start with the biological level and then focus upwards. 


The Biological Level: In former centuries, spiritual seekers ate only 
organically grown food and their water and air were free of chemical pollution. Today 
we have to work hard at purifying our body to the level where previous seekers 
started. Therefore, we start with sanitizing the biological body and for this | 
recommend: 


e Basic Cleanse: This can be repeated from time to time, especially if you want to 
lose weight; also do any other cleanse you prefer; see Fasting and Cleansing in 
Part 1. 


e Test for food allergies and chemical sensitivities at the end of the Basic Cleanse; 
see Allergy Testing in Part 1. 


e Pay attention to the acid-alkaline balance of your body as explained in Part 1. 


e Take measures to free your body of parasites and harmful microbes and use anti 
-inflammatory measures as required; see Parts 2, 3, and 6. 


e Eat plenty of raw food, including fresh green and purple juices; see the High- 
Quality Diet in Part 4. 


e Select food suited for your metabolic and blood type; see Metabolic Types, 
Pathways, and Diets in Part 5. 


e Have regular physical exercise and outdoors activity, also yoga, stretching, 
shaking, walking, jogging, or swimming. 


e Sanitize your teeth, bedroom, and workplace; see the Practice of Healthy Living 
in Part 1. 


The Etheric Level: The main features here are the etheric body and the 
chakra and acupuncture systems (see Part 7). This level of subtle energy determines 
the health of our body and how energetic we are; this is the energy of life, of healing 
and manifestation. 


To manifest something, be it health or a physical or social condition, we use 
imagery. Hold a clear visualization of the desired situation, fill it with energy, and 
continue to expect it to manifest. An important part of our work at this level is to 
accumulate and direct etheric energy. 


In energy work, energy follows thought. However, mental and etheric energies 
exist on different density levels and do not affect each other directly. Therefore, they 
require the assistance of the emotional or feeling level, sandwiched between the two. 
For learning to accumulate and direct etheric energies, practice the energy- 
circulation (Part 7) and the Love Cure exercises (Part 8). When you are able to feel 
the energy flows, use them in guided imagery for healing and other manifestations. 
An excellent book on this subject is The Laws of Manifestation, by David Spangler. 


By practicing the Love Cure, you can improve weaknesses and imbalances in 
your chakra system. This will have favourable effects on your health. If you are so 
inclined, use guided chakra meditations available on tape or CD from New Age 
outlets. 
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For improving your acupuncture system, see Meridian and Acupressure 
Therapy in Part 7, and after you have learned to feel the energy flows, use mainly 
mental tracing of the channels. For further practical information on working at the 
etheric level, see books on kahuna; the modern kahuna teachings started with books 
by Max Freedom Long (The Secret Science behind Miracles and The Secret Science 
at Work). 


The Emotional Level: For most, this will be the most difficult and possibly 
most painful level to sanitize, but it will also be the most rewarding. | suggest that you 
read again and work through Part 8. The important steps in healing emotions are: 


1. Emotional cleansing to remove blockages and traumatic memories. 
2. Overcoming addictions and cravings. 


Free-flowing emotions - learn to feel and express emotions freely without hurting 
others. 


4. Generating positive feelings - use meditation and guided imagery to create 
positive and uplifting feelings. 


5. Reacting positively - use appropriate beliefs and mental awareness to react 
positively to events. 


1. EMOTIONAL CLEANSING: Experiment with some of the methods described in 
Part 9 under Mind Tools, especially with techniques for emotional release and 
regression; these are best practiced in healing groups (Part 8). An integrated way of 
healing the emotional level within a spiritual context is provided by the system of 
Body Electronics devised by Dr. John Whitman Ray (for more information, see: 
www.bodyelectronics.net). 


Similar to Reichian therapy and bioenergetics, Body Electronics works mainly 
on the body, using sustained pressure to release memories of emotional events that 
have been lodged in muscles. Practice Body Electronics as a group activity, possibly 
after an initial assessment by a practitioner; Reichian therapy and bioenergetics are 
mainly practitioner-based. However, you can also practice bioenergetic exercises at 
home or in a group; for instructions, see The Way to Vibrant Health, by Alexander 
Lowen, M.D. 


A simple way to contact and release emotional traumas is by using present 
emotional upsets. If something strongly affects you emotionally, try to feel into it, 
possibly combined with a relaxation or meditation exercise, to discover why it upsets 
you. If necessary, reinforce it so as to feel it even more strongly. Most likely, forgotten 
memories will come up about a similar incident in your younger years. Whatever the 
method, when you become conscious of an emotional event from the past, it ceases 
its detrimental effects or it can now be dealt with. 


Some of the destructive emotions that we need to uncover and release are 
fear, guilt, and resentment. These block the flow of life-force energy and make us 
susceptible to diseases and aging. The main remedies, after making a suppressed 
emotional memory conscious, are unconditional love, understanding, and 
forgiveness. 


On this level, you do not need to clean out all hidden negative emotional 
memories, as this would probably be impossible. Aim to uncover and remove all 
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those factors that interfere with the flow of energies in your body, with your emotional 
health and enjoyment of life, and with your ability to make decisions. 


2. OVERCOMING ADDICTIONS AND CRAVINGS: For many, overcoming addictions 
and cravings may seem to be the hardest task. Addictions to foods, drugs, and 
stimulants are best overcome with a combination of guided imagery, prayer, 
affirmation, and cleansing periods with a very high fluid intake. Homeopathic doses of 
the addictive agent can be helpful. 


We can also be addicted to or have cravings for certain activities or objects, 
such as sex, gambling, entertainment, expensive dresses, jewellery, or antiques. 
Again, the activity or object is not the problem, but rather the attachment to it, the 
desire for it that controls us rather than we controlling it. The most important step is in 
acknowledging that we have a problem. Apart from prayer, meditation, guided 
imagery, and affirmations, the most helpful approach would be to live for a sufficiently 
long period in a simple way in natural surroundings. 


3. FREE-FLOWING EMOTIONS: For most of us, freely expressing our emotions is 
contrary to our social conditioning. A first step then is learning to feel our emotions 
when they arise instead of suppressing them; we can then decide to express them 
immediately in a harmless way or re-enact the situation later. In our imagination, we 
can relive the situation and kick or punch a pillow or do or say, possibly in front of a 
mirror, what we felt like doing at the earlier time. Nevertheless, it is preferable to 
develop the skills to react appropriately whenever the situation arises because then 
we can also be an example to others. 


Marriages and other close relationships are ideal opportunities for learning to 
communicate. If free expression is not always possible, then arrange a fixed time at 
the end of the day or once a week when you each can freely express your thoughts 
and feelings. It is important that one person speak without interruption until 
everything has been said, and then the other reply, also without interruption. 


4. GENERATING POSITIVE FEELINGS: After emptying ourselves of negativity and 
learning to acknowledge and express our feelings and emotions, it is equally 
important to fill and surround ourselves with positive and uplifting feelings. Ideally, 
this will come as a natural by-product of habitual meditation and through daily 
activities that make us feel good. 


It is beneficial to practice feeling exercises as explained in the Love Cure in 
Part 8. Look at a beautiful object, a tree, flower, cloud, or landscape, and send it 
appreciation, admiration, joy, and love. Do the same in thinking of an individual. Send 
feelings of forgiveness, appreciation, and love to anyone you may have hurt or who 
hurt you. 


Learn to carry into your daily activities the loving feeling that you can now 
generate in special situations. Train yourself to carry this loving feeling in your heart 
wherever you go or whatever you do. Whenever you see or meet someone, embrace 
that individual with the warm feeling. This is especially effective for improving 
relationships with people who do not seem to like or appreciate you. Never again do 
you need to feel bored when having to wait in an office or anywhere else. Just start 
generating loving and joyful feelings and send them to anyone in sight or in your 
mind. 
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Try changing one feeling into another. Start with any emotion you experience at 
the time or generate a warm feeling by breathing into the abdomen or by imagining 
an appropriate situation that would evoke it. Intensify the feeling, then imagine how 
another emotion might feel. In this way, you can experimentally convert love into 
anger and then back into love. This will show you that you do not need to be at the 
mercy of emotions arising as a reaction to outside events, but that you can make a 
decision as to how you will feel. 


5. REACTING POSITIVELY: After learning to remain centred in self-generated 
positive feelings, we need to learn to react positively and appropriately to the many 
frustrations in our lives. This is possible when we are guided by spiritual beliefs. After 
adopting a spiritual philosophy, it is easier to see everything that happens to us as a 
test of our progress. 


Every day we have many little tests. It is all right to feel a burst of anger if we 
break a valuable item, but we can also just laugh about our clumsiness or look for a 
reason why it happened. It does not matter too much how we react, as long as it is 
appropriate. If we feel anger, then it is appropriate to feel it and not rationalize it. After 
having felt the anger, we should not remain stuck in it, but use our mind to get out of 
it, by seeing the funny side of it or by trying to learn from it. 


The basic idea is to feel whatever emotion comes up, but then to modify our 
expression according to our understanding of the situation from a spiritual point of 
view. Our emotional reactions are a reflection of our beliefs, and the more spiritual 
these become, the more positive will be our reactions. The ideal is to be able to 
express our feelings naturally in a way that has a positive influence on others. 


The Mental Level: Our mind is the most important level to heal because here 
we make the conscious decisions that affect all other levels. Our aim is to free 
ourselves of negativity and develop positive attitudes. In order to free yourself of 
negative beliefs and thoughts, you must first recognize them when they occur. 
Develop the habit of having a small part of your awareness in the background as an 
observer. Whenever you have a negative thought, your observer will ring an alarm 
bell so you can realize what you have done. Then, as a mental exercise, find the 
corresponding positive thought. 


As an example, you may watch someone passing by and observe that she is 
overweight. If you notice having a critical thought about her weight, mentally 
apologize to her and either send her a mental compliment about some other aspect 
of her appearance or just wish her well. It is all right to observe, just refrain from 
uninvited judgments, especially of a negative kind. The habit of critically evaluating 
others is the opposite of an invited critical and constructive assessment in order to 
help someone. 


Another important aspect in controlling our mind is to refrain from talking about 
other people, especially mutual friends, relatives, or acquaintances, except when 
exchanging some relevant factual information. Anything more is gossiping, judging, 
or criticizing and will delay progress on the spiritual path. 


Practice discernment as well as creative and intuitive thinking. Creative thinking 
means finding answers for spiritual or theoretical questions, or solutions for practical 
problems; intuitive thinking means we focus on a question or problem in a meditative 
state and then translate the realization into words. 
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Helpful Tips: Any kind of worry is detrimental to your health. Worry is a form of 
fear and that is the opposite of positive expectation and faith. To a large degree, we 
shape our own future by what we expect. Our inner self tries to manifest what we 
expect. Our expectation acts like a magnet to attract and draw the expected event 
into our outer reality. If we worry about anything, then we expect a negative outcome 
and help to make it come true. 


Therefore, our key lesson to learn at the mental level is to know what we want 
and then, without wavering, expect it to manifest at the appropriate time. Except 
where timing is essential, it is best not to set a definite time limit. If we want to use 
“magic” to help our expectation to manifest, use energy imagery: Visualize the 
desired result and fill it with emotional energy. The critical factor then is your 
unwavering faith until the expected event appears. 


This brings us to the next important step, to know what to manifest. It is said 
that we should be very careful with our wishes because they might come true. That 
means that we are usually ignorant about the hidden implications of a fulfilled desire. 
Often there is a price to pay. We may delay our spiritual progress or even take on a 
burden of another individual whom we try to help. We may still have certain tests to 
pass in this lifetime, and it would be detrimental to our spiritual progress to delay or 
avoid them 


A good way of overcoming our weaknesses is by acting as if we have already 
done so. With every doubtful or important decision, we can ask ourselves what a 
spiritual master would do in this situation and then just do it. 


Remember the advice given to Jonathan Livingston Seagull by his teacher: To 
be instantly in another place, just imagine and know that you are already there! If you 
habitually act like a spiritual master, then you are a spiritual master. Your “Inner 
Master” is there all the time waiting to guide you. Never mind a few mistakes or 
wrong decisions; there is nothing better to learn from than our own mistakes. You still 
have many years ahead of you to practice doing the right thing most of the time. 
When you have reached a level where your motives are unselfish, you do not need to 
be too concerned about making the right decision. Just trust your intuition or inner 
guidance. Whatever you choose will usually be right. 


Remember the Mind Tools: Prayer, meditation, and studying scriptures were 
the original mind tools in the West, while in the East visualization, guided imagery, 
and mantras were commonly used. All of these are still useful. 


Develop a daily routine in which you combine several of these methods. This 
may, for instance, start with prayer and/or affirmations, followed by relaxation, then 
guided imagery, and finally meditation. During the activities of the day, practice 
centering. A good way to remain centred is to use a mantra. Another powerful 
exercise is to imagine being purified by a violet flame. Imagine that the violet flame 
burns up your remaining or hidden impurities, especially at the emotional and mental 
levels. 


You can also make an effort to become aware of your Christ Self or God 
Presence, at first in meditation and as guided imagery, but gradually in your daily life. 
Imagine your God Presence as an intense white spiritual light over your head, or feel 
or sense it as a protective and loving presence. Initially imagine sending an offering 
of love or devotion through the top of your head straight up to your God Presence or, 
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if lying down, send it up through the forehead or from the heart centre. Then imagine 
a strong beam of white light together with an intensified feeling of love and protection 
entering your top centre and proceeding through the forehead and throat centres to 
the heart centre. At the same time, feel and see your whole body surrounded by a 
greatly expanded aura with beautiful rainbow colours. Frequently connect with your 
Christ or God Presence in this or a similar way, especially before any prayer or 
healing work. 


Cultivating a Healthy Outlook: We make progress on the spiritual path if in 
our daily life, and especially in difficult situations, we display spiritual qualities such 
as compassion, devotion, faith, forgiveness, harmony, high ideals, joy, kindness, 
oneness, openness, patience, self-responsibility, serenity, tolerance, unconditional 
love, understanding, wisdom, and a gentle love for All That Is. 


Another way of assessing our progress is by how well we are able to unite 
opposite characteristics within our personality and how well we manifest the 
appropriate one for the situation at hand. For example, are we able to be a good 
leader and follower, master and servant? Can we display the “male” characteristics of 
assertiveness, aggressiveness, and power as well as the “female” ones of 
gentleness, kindness, and yielding? Do we know how to be strong in our beliefs and 
open to change? 


After years of diligently working to purify and improve yourself, you may wonder 
when you will have your mind-blowing illumination. That expectation is 
counterproductive. The illumination experience is an act of grace, a gift of your spirit 
that will come when you least expect it. It may be during a meditation or in the middle 
of city traffic. Waiting for it is a sure way of postponing it, because patience is one of 
the early virtues we have to learn. 


When it finally does happen, enjoy it. You do not need to look actively for good 
deeds to do or for your future field of selfless service. Just continue doing whatever 
needs to be done at each moment, and especially continue purifying yourself at 
deeper and deeper levels and uplifting yourself to higher and higher levels. At the 
right time, your mission will be revealed to you. When you have become a master of 
yourself, you will be suitable to become a servant of humanity. 


Looking back on the path that you travelled so diligently, you may ask yourself 
“What path?” and wonder if there ever was a path or only a figment of your 
imagination. In reality, there was nowhere to go and nothing to do to get there. All 
you did was to change some of your perceptions and attitudes. There is a Buddhist 
saying: “Before enlightenment he gathered wood and carried water; after 
enlightenment he gathered wood and carried water.” 
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A Review of the 65 Steps 


The concept of spirituality means different things to different people. In this If 
you decide to follow the steps outlined in this book, you will have months of 
interesting work and play ahead of you. Try to make it fun by involving relatives and 
friends. You may find it helpful to keep a diary to record your experiments, reactions, 
and insights. 


For a solid foundation of your health, get the basics right with Part 1. Start with 
sanitizing the intestinal tract, cleaning it out, replacing pathogenic microbes with 
healthy bacteria, and then keeping it all clean. Then you clean out the rest of the 
body in a series of fasts or cleansing periods. It will be good to continue with a 
cleanse once a year for the rest of your life. Then test your foods for allergy and 
sensitivity reactions. Use clean and preferably energized water, adjust your body 
acidity, and start improving your living conditions. Sanitize your house and minimize 
electromagnetic pollution. Get into the habit of doing exercises. 


These steps provide the basic physical foundation for your health. Take time to 
do them thoroughly. This can cause occasional healing reactions, but these are 
beneficial; just take it easy for a few days. 


Part 2 explains commonly used healing techniques. The diagnostic techniques 
show where your problems are and what to do to become more balanced. Muscle 
testing is easy to learn and very useful for determining whether a food or remedy is 
good or bad for you. Reflexology is one of my favourites; it is quick and effective for 
pains and problems in all parts of the body. Magnet therapy has the advantage of 
being a pain-free treatment. You will find various types of packs useful for many 
different conditions. 


Part 3 contains information on nutrients and remedies. If you sense you require 
additional nutrients and remedies, then you need a basic understanding of their 
functions and interactions and how to use them, which this chapter provides. 


Part 4 shows you what a good diet is like: Eat as much as conveniently 
possible of fresh, raw, and organic foods. Change gradually to give your body and 
taste buds time to adjust. 


Part 5 tells you why the foods you probably like are not good for you. Do your 
best; the prospect of improved well-being will make it easier to give up a favorite 
food. Finding out if you need a diet high or low in protein and fat is a key requirement 
for your health. 


Part 6 gives natural healing methods for a wide range of health problems; use 
any of these methods in addition to a healthy lifestyle. 


Part 7 introduces you to the subtle energies. Most of us can learn to feel 
energy, commonly as warmth and tingling. For our health, it is especially valuable to 
use breathing exercises to activate these energies in our body and direct them to 
organs in need of healing. 


Part 8 handles another key subject: healing emotions. The goal is to live life in 
a radiant way, filled with love and joy. 
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Part 9 shows how to appreciate the power of your subconscious mind and 
make it your friend, how to combine a positive expectation with the help of your 
subconscious friend so you can heal almost anything. Here you will find many 
valuable mind tools that make it possible. 


Part 10 shows you how to use spiritual guidance to overcome health and 
emotional problems as part of a spiritual path that provides the framework for your 
healing venture and gives meaning to your life. 
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Introduction: 
The Promise of the Art 


I remember how it was before penicillin. I was a medical student at the 
end of World War II, before the drug became widely available for civil- 
ian use, and I watched the wards at New York's Bellevue Hospital fill to 
overflowing each winter. A veritable Byzantine city unto itself, Bellevue 
sprawled over four city blocks, its smelly, antiquated buildings jammed 
together at odd angles and interconnected by a rabbit warren of under- 
ground tunnels. In wartime New York, swollen with workers, sailors, 
soldiers, drunks, refugees, and their diseases from all over the world, it 
was perhaps the place to get an all-inclusive medical education. Belle- 
vue's charter decreed that, no matter how full it was, every patient who 
needed hospitalization had to be admitted. As a result, beds were packed 
together side by side, first in the aisles, then out into the corridor. A 
ward was closed only when it was physically impossible to get another 
bed out of the elevator. 

Most of these patients had lobar (pneumococcal) pneumonia. It didn't 
take long to develop; the bacteria multiplied unchecked, spilling over 
from the lungs into the bloodstream, and within three to five days of the 
first symptom the crisis came. The fever rose to 104 or 105 degrees 
Fahrenheit and delirium set in. At that point we had two signs to go by: 
If the skin remained hot and dry, the victim would die; sweating meant 
the patient would pull through. Although sulfa drugs often were effec- 
tive against the milder pneumonias, the outcome in severe lobar pneu- 
monia still depended solely on the struggle between the infection and 
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the patient's own resistance. Confident in my new medical knowledge, I 
was horrified to find that we were powerless to change the course of this 
infection in any way. 

It's hard for anyone who hasn't lived through the transition to realize 
the change that penicillin wrought. A disease with a mortality rate near 
50 percent, that killed almost a hundred thousand Americans each year, 
that struck rich as well as poor and young as well as old, and against 
which we'd had no defense, could suddenly be cured without fail in a 
few hours by a pinch of white powder. Most doctors who have graduated 
since 1950 have never even seen pneumococcal pneumonia in crisis. 

Although penicillin's impact on medical practice was profound, its 
impact on the philosophy of medicine was even greater. When Alex- 
ander Fleming noticed in 1928 that an accidental infestation of the mold 
Penicillium notatum had killed his bacterial cultures, he made the crown- 
ing discovery of scientific medicine. Bacteriology and sanitation had al- 
ready vanquished the great plagues. Now penicillin and subsequent 
antibiotics defeated the last of the invisibly tiny predators. 

The drugs also completed a change in medicine that had been gather- 
ing strength since the nineteenth century. Before that time, medicine 
had been an art. The masterpiece—a cure—resulted from the patient's 
will combined with the physician's intuition and skill in using remedies 
culled from millennia of observant trial and error. In the last two cen- 
turies medicine more and more has come to be a science, or more accu- 
rately the application of one science, namely biochemistry. Medical 
techniques have come to be tested as much against current concepts in 
biochemistry as against their empirical results. Techniques that don't fit 
such chemical concepts—even if they seem to work—have been aban- 
doned as pseudoscientific or downright fraudulent. 

At the same time and as part of the same process, life itself came to be 
defined as a purely chemical phenomenon. Attempts to find a soul, a 
vital spark, a subtle something that set living matter apart from the 
nonliving, had failed. As our knowledge of the kaleidoscopic activity 
within cells grew, life came to be seen as an array of chemical reactions, 
fantastically complex but no different in kind from the simpler reactions 
performed in every high school lab. It seemed logical to assume that the 
ills of our chemical flesh could be cured best by the right chemical 
antidote, just as penicillin wiped out bacterial invaders without harming 
human cells. A few years later the decipherment of the DNA code 
seemed to give such stout evidence of life's chemical basis that the dou- 
ble helix became one of the most hypnotic symbols of our age. It seemed 
the final proof that we'd evolved through 4 billlion years of chance mo- 
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lecular encounters, aided by no guiding principle but the changeless 
properties of the atoms themselves. 

The philosophical result of chemical medicine's success has been belief 
in the Technological Fix. Drugs became the best or only valid treat- 
ments for all ailments. Prevention, nutrition, exercise, lifestyle, the pa- 
tient's physical and mental uniqueness, environmental pollutants—all 
were glossed over. Even today, after so many years and millions of dol- 
lars spent for negligible results, it's still assumed that the cure for cancer 
will be a chemical that kills malignant cells without harming healthy 
ones. As surgeons became more adept at repairing bodily structures or 
replacing them with artificial parts, the technological faith came to in- 
clude the idea that a transplanted kidney, a plastic heart valve, or a 
stainless-steel-and-Teflon hip joint was just as good as the original—or 
even better, because it wouldn't wear out as fast. The idea of a bionic 
human was the natural outgrowth of the rapture over penicillin. If a 
human is merely a chemical machine, then the ultimate human is a 
robot. 

No one who's seen the decline of pneumonia and a thousand other 
infectious diseases, or has seen the eyes of a dying patient who's just 
been given another decade by a new heart valve, will deny the benefits of 
technology. But, as most advances do, this one has cost us something 
irreplaceable: medicine's humanity. There's no room in_ technological 
medicine for any presumed sanctity or uniqueness of life. There's no 
need for the patient's own self-healing force nor any strategy for enhanc- 
ing it. Treating a life as a chemical automaton means that it makes no 
difference whether the doctor cares about—or even knows—the patient, 
or whether the patient likes or trusts the doctor. 

Because of what medicine left behind, we now find ourselves in a real 
technological fix. The promise to humanity of a future of golden health 
and extended life has turned out to be empty. Degenerative diseases— 
heart attacks, arteriosclerosis, cancer, stroke, arthritis, hypertension, ul- 
cers, and all the rest—have replaced infectious diseases as the major 
enemies of life and destroyers of its quality. Modern medicine's incredi- 
ble cost has put it farther than ever out of reach of the poor and now 
threatens to sink the Western economies themselves. Our cures too often 
have tumed out to be double-edged swords, later producing a secondary 
disease; then we search desperately for another cure. And the de- 
humanized treatment of symptoms rather than patients has alienated 
many of those who can afford to pay. The result has been a sort of 
medical schizophrenia in which many have forsaken establishment medi- 
cine in favor of a holistic, prescient type that too often neglects 
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technology's real advantages but at least stresses the doctor-patient rela- 
tionship, preventive care, and nature's innate recuperative power. 

The failure of technological medicine is due, paradoxically, to its suc- 
cess, which at first seemed so overwhelming that it swept away all as- 
pects of medicine as an art. No longer a compassionate healer working at 
the bedside and using heart and hands as well as mind, the physician has 
become an impersonal white-gowned ministrant who works in an office 
or laboratory. Too many physicians no longer learn from their patients, 
only from their professors. The breakthroughs against infections con- 
vinced the profession of its own infallibility and quickly ossified its be- 
liefs into dogma. Life processes that were inexplicable according to 
current biochemistry have been either ignored or misinterpreted. In 
effect, scientific medicine abandoned the central rule of science—revi- 
sion in light of new data. As a result, the constant widening of horizons 
that has kept physics so vital hasn't occurred in medicine. The mecha- 
nistic assumptions behind today's medicine are left over from the turn of 
the century, when science was forcing dogmatic religion to see the evi- 
dence of evolution. (The reeruption of this same conflict today shows 
that the battle against frozen thinking is never finally won.) Advances in 
cybernetics, ecological and nutritional chemistry, and solid-state physics 
haven't been integrated into biology. Some fields, such as _ parapsychol- 
ogy, have been closed out of mainstream scientific inquiry altogether. 
Even the genetic technology that now commands such breathless admi- 
ration is based on principles unchallenged for decades and unconnected 
to a broader concept of life. Medical research, which has limited itself 
almost exclusively to drug therapy, might as well have been wearing 
blinders for the last thirty years. 

It's no wonder, then, that medical biology is afflicted with a kind of 
tunnel vision. We know a great deal about certain processes, such as the 
genetic code, the function of the nervous system in vision, muscle move- 
ment, blood clotting, and respiration on both the somatic and the cel- 
lular levels. These complex but superficial processes, however, are only 
the tools life uses for its survival. Most biochemists and doctors aren't 
much closer to the "truth" about life than we were three decades ago. As 
Albert Szent-Gyorgyi, the discoverer of vitamin C, has written, "We 
know life only by its symptoms." We understand virtually nothing 
about such basic life functions as pain, sleep, and the control of cell 
differentiation, growth, and healing. We know little about the way 
every organism regulates its metabolic activity in cycles attuned to the 
fluctuations of earth, moon, and sun. We are ignorant about nearly 

every aspect of consciousness, which may be broadly defined as the self- 
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interested integrity that lets each living thing marshal its responses to 
eat, thrive, reproduce, and avoid danger by patterns that range from the 
tropisms of single cells to instinct, choice, memory, learning, individ- 
uality, and creativity in more complex life-forms. The problem of when 
to "pull the plug" shows that we don't even know for sure how to 
diagnose death. Mechanistic chemistry isn't adequate to understand 
these enigmas of life, and it now acts as a barrier to studying them. 
Erwin Chargaff, the biochemist who discovered base pairing in DNA 
and thus opened the way for understanding gene structure, phrased our 
dilemma precisely when he wrote of biology, "No other science deals in 
its very name with a subject that it cannot define." 

Given the present climate, I've been a lucky man. I haven't been a 
good, efficient doctor in the modern sense. I've spent far too much time 
on a few incurable patients whom no one else wanted, trying to find out 
how our ignorance failed them. I've been able to tack against the pre- 
vailing winds of orthodoxy and indulge my passion for experiment. In so 
doing I've been part of a little-known research effort that has made a 
new start toward a definition of life. 

My research began with experiments on regeneration, the ability of 
some animals, notably the salamander, to grow perfect replacements for 
parts of the body that have been destroyed. These studies, described in 
Part 1, led to the discovery of a hitherto unknown aspect of animal 
life—the existence of electrical currents in parts of the nervous system. 
This breakthrough in tum led to a better understanding of bone fracture 
healing, new possibilities for cancer research, and the hope of human 
regeneration—even of the heart and spinal cord—in the not too distant 
future, advances that are discussed in Parts 2 and 3. Finally, a knowl- 
edge of life's electrical dimension has yielded fundamental insights (con- 
sidered in Part 4) into pain, healing, growth, consciousness, the nature 
of life itself, and the dangers of our electromagnetic technology. 

I believe these discoveries presage a revolution in biology and medi- 
cine. One day they may enable the physician to control and stimulate 
healing at will. I believe this new knowledge will also turn medicine in 
the direction of greater humility, for we should see that whatever we 
achieve pales before the self-healing power latent in all organisms. The 
results set forth in the following pages have convinced me that our un- 
derstanding of life will always be imperfect. I hope this realization will 
make medicine no less a science, yet more of an art again. Only then can 
it deliver its promised freedom from disease. 


Part 1 


Growth and 
Regrowth 


Salamander: energy's seed sleeping interred in the 
marrow... 
—Octavio Paz 


One 
Hydra's Heads and 
Medusa's Blood 


There is only one health, but diseases are many. Likewise, there appears 
to be one fundamental force that heals, although the myriad schools of 
medicine all have their favorite ways of cajoling it into action. 

Our prevailing mythology denies the existence of any such generalized 
force in favor of thousands of little ones sitting on pharmacists' shelves, 
each one potent against only a few ailments or even a part of one. This 
system often works fairly well, especially for treatment of bacterial dis- 
eases, but it's no different in kind from earlier systems in which a spe- 
cific saint or deity, presiding over a specific healing herb, had charge of 
each malady and each part of the body. Modern medicine didn't spring 
full-blown from the heads of Pasteur and Lister a hundred years ago. 

If we go back further, we find that most medical systems have com- 
bined such specifics with a direct, unitary appeal to the same vital prin- 
ciple in all illnesses. The inner force can be tapped in many ways, but all 
are variations of four main, overlapping patterns: faith healing, magic 
healing, psychic healing, and spontaneous healing. Although science de- 
rides all four, they sometimes seem to work as well for degenerative 
diseases and long-term healing as most of what Western medicine can 
offer. 

Faith healing creates a trance of belief in both patient and_practi- 
tioner, as the latter acts as an intercessor or conduit between the sick 

mortal and a presumed higher power. Since failures are usually ascribed 

to a lack of faith by the patient, this brand of medicine has always been a 
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gold mine for charlatans. When bona fide, it seems to be an escalation of 
the placebo effect, which produces improvement in roughly one third of 
subjects who think they're being treated but are actually being given 
dummy pills in tests of new drugs. Faith healing requires even more 
confidence from the patient, so the disbeliever probably can prevent a 
cure and settle for the poor satisfaction of "I told you so." If even a few 
of these oft-attested cases are genuine, however, the healed one suddenly 
finds faith turned into certainty as the withered arm aches with unac- 
customed sensation, like a starved animal waking from hibernation. 

Magical healing shifts the emphasis from the patient's faith to the 
doctor's trained will and occult learning. The legend of Teta, an Egyp- 
tian magician from the time of Khufu (Cheops), builder of the Great 
Pyramid, can serve as an example. At the age of 110, Teta was sum- 
moned into the royal presence to demonstrate his ability to rejoin a 
severed head to its body, restoring life. Khufu ordered a prisoner be- 
headed, but Teta discreetly suggested that he would like to confine him- 
self to laboratory animals for the moment. So a goose was decapitated. 
Its body was laid at one end of the hall, its head at the other. Teta 
repeatedly pronounced his words of power, and each time, the head and 
body twitched a little closer to each other, until finally the two sides of 
the cut met. They quickly fused, and the bird stood up and began cack- 
ling. Some consider the legendary miracles of Jesus part of the same 
ancient tradition, learned during Christ's precocious childhood in Egypt. 

Whether or not we believe in the literal truth of these particular ac- 
counts, over the years so many otherwise reliable witnesses have testified 
to healing "miracles" that it seems presumptuous to dismiss them all as 
fabrications. Based on the material presented in this book, I suggest 
Coleridge's "willing suspension of disbelief" until we understand heal- 
ing better. Shamans apparently once served at least some of their pa- 
tients well, and still do where they survive on the fringes of the 
industrial world. Magical medicine suggests that our search for the heal- 
ing power isn't so much an exploration as an act of remembering some- 
thing that was once intuitively ours, a form of recall in which the 
knowledge is passed on or awakened by initiation and apprenticeship to 
the man or woman of power. 

Sometimes, however, the secret needn't be revealed to be used. Many 

psychic healers have been studied, especially in the Soviet Union, whose 

gift is unconscious, unsought, and usually discovered by accident. One 

who demonstrated his talents in the West was Oskar Estebany. A Hun- 

garian Army colonel in the mid-1930s. Estebany notices that horses he 

groomed got their wind back and recovered from illnesses faster than 
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those cared for by others. He observed and used his powers informally 
for years, until, forced to emigrate after the 1956 Hungarian revolution, 
he settled in Canada and came to the attention of Dr. Bernard Grad, a 
biologist at McGill University. Grad found that Estebany could acceler- 
ate the healing of measured skin wounds made on the backs of mice, as 
compared with controls. He didn't let Estebany touch the animals, but 
only place his hands near their cages, because handling itself would have 
fostered healing. Estebany also speeded up the growth of barley plants 
and reactivated ultraviolet-damaged samples of the stomach enzyme 
trypsin in much the same way as a magnetic field, even though no 
magnetic field could be detected near his body with the instruments 
of that era. 

The types of healing we've considered so far have trance and touch as 
common factors, but some modes don't even require a healer. The spon- 
taneous miracles at Lourdes and other religious shrines require only a 
vision, fervent prayer, perhaps a momentary connection with a holy rel- 
ic, and intense concentration on the diseased organ or limb. Other re- 
ports suggest that only the intense concentration is needed, the rest 
being aids to that end. When Diomedes, in the fifth book of the Iliad, 
dislocates Aeneas' hip with a rock, Apollo takes the Trojan hero to a 
temple of healing and restores full use of his leg within minutes. Hector 
later receives the same treatment after a rock in the chest fells him. We 
could dismiss these accounts as the hyperbole of a great poet if Homer 
weren't so realistic in other battlefield details, and if we didn't have 
similar accounts of soldiers in recent wars recovering from "mortal" 
wounds or fighting on while oblivious to injuries that would normally 
cause excruciating pain. British Army surgeon Lieutenant Colonel H. K. 
Beecher described 225 such cases in print after World War II. One 
soldier at Anzio in 1943, who'd had eight ribs severed near the spine by 
shrapnel, with punctures of the kidney and lung, who was turning blue 
and near death, kept trying to get off his litter because he thought he 
was lying on his rifle. His bleeding abated, his color returned, and the 
massive wound began to heal after no treatment but an insignificant dose 
of sodium amytal, a weak sedative given him because there was no mor- 
phine. 

These occasional prodigies of battlefield stress strongly resemble the 
ability of yogis to control pain, stop bleeding, and speedily heal wounds 
with their will alone. Biofeedback research at the Menninger Foundation 
and elsewhere has shown that some of this same power can be rapped in 

people with no yogic training. That the will can be applied to the body's 

ills has also been shownb by Norman Cousing in his resolute conquest by 
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laugh therapy of ankylosing spondylitis, a crippling disease in which 
the spinal discs and ligaments solidify like bone, and by some similar 
successes by users of visualization techniques to focus the mind against 
cancer. 

Unfortunately, no approach is a sure thing. In our ignorance, the 
common denominator of all healing—even the chemical cures we profess 
to understand—remains its mysteriousness. Its unpredictability has be- 
deviled doctors throughout history. Physicians can offer no reason why 
one patient will respond to a tiny dose of a medicine that has no effect 
on another patient in ten times the amount, or why some cancers go into 
remission while others grow relentlessly unto death. 

By whatever means, if the energy is successfully focused, it results in 
a marvelous transformation. What seemed like an inexorable decline 
suddenly reverses itself. Healing can almost be defined as a miracle. In- 
stant regrowth of damaged parts and invincibility against disease are 
commonplaces of the divine world. They continually appear even in 
myths that have nothing to do with the theme of healing itself. Dead 
Vikings went to a realm where they could savor the joys of killing all 
day long, knowing their wounds would heal in time for the next day's 
mayhem. Prometheus' endlessly regrowing liver was only a clever torture 
arranged by Zeus so that the eagle sent as punishment for the god's 
delivery of fire to mankind could feast on his most vital organ forever— 
although the tale also suggests that the prehistoric Greeks knew some- 
thing of the liver's ability to enlarge in compensation for damage to it. 

The Hydra was adept at these offhand wonders, too. This was the 
monster Hercules had to kill as his second chore for King Eurystheus. 
The beast had somewhere between seven and a hundred heads, and each 
time Hercules cut one off, two new ones sprouted in its place—until the 
hero got the idea of having his nephew Iolaus cauterize each neck as soon 
as the head hit the ground. 

In the eighteenth century the MHydra's name was given to a tiny 
aquatic animal having seven to twelve "heads," or tentacles, on a_hol- 
low, stalklike body, because this creature can regenerate. The mythic 
Hydra remains a symbol of that ability, possessed to some degree by 
most animals, including us. 

Generation, life's normal transformation from seed to adult, would 
seem as unearthly as regeneration if it were not so commonplace. We see 
the same kinds of changes in each. The Greek hero Cadmus grows an 
army by sowing the teeth of a dragon he has killed. The primeval ser- 
pent makes love to the World Egg, which hatches all the creatures of 

the earth. God makes Adam from Eve's rib, or vice versa in the later 

version. The Word of God commands life to unfold. The genetic words 
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encoded in DNA spell out the unfolding. At successive but still limited 
levels of understanding, each of these beliefs tries to account for the 
beautifully bizarre metamorphosis. And if some savage told us of a mag- 
ical worm that built a little windowless house, slept there a season, then 
one day emerged and flew away as a jeweled bird, we'd laugh at such 
superstition if we'd never seen a butterfly. 

The healer's job has always been to release something not understood, 
to remove obstructions (demons, germs, despair) between the sick pa- 
tient and the force of life driving obscurely toward wholeness. The 
means may be direct—the psychic methods mentioned above—or indi- 
rect: Herbs can be used to stimulate recovery; this tradition extends 
from prehistoric wisewomen through the Greek herbal of Dioscorides 
and those of Renaissance Europe, to the prevailing drug therapies of the 
present. Fasting, controlled nutrition, and regulation of living habits to 
avoid stress can be used to coax the latent healing force from the sick 
body; we can trace this approach back from today's naturopaths to Galen 
and Hippocrates. Attendants at the healing temples of ancient Greece 
and Egypt worked to foster a dream in the patient that would either 
start the curative process in sleep or tell what must be done on awaken- 
ing. This method has gone out of style, but it must have worked fairly 
well, for the temples were filled with plaques inscribed by grateful pa- 
trons who'd recovered. In fact, this mode was so esteemed that 
Aesculapius, the legendary doctor who originated it, was said to have 
been given two vials filled with the blood of Medusa, the snaky-haired 
witch-queen killed by Perseus. Blood from her left side restored life, 
while that from her right took it away—and that's as succinct a descrip- 
tion of the tricky art of medicine as we're likely to find. 

The more I consider the origins of medicine, the more I'm convinced 
that all true physicians seek the same thing. The gulf between folk ther- 
apy and our own stainless-steel version is illusory. Western medicine 
springs from the same roots and, in the final analysis, acts through the 
same little-understood forces as its country cousins. Our doctors ignore 
this kinship at their—and worse, their patients'—peril. All worthwhile 
medical research and every medicine man's intuition is part of the same 
quest for knowledge of the same elusive healing energy. 


Failed Healing in Bone 
As an orthopedic surgeon, I often pondered one particular breakdown of 


that energy, my specialty's major unsolved problem—nonunion of frac- 
tures. Normally a broken bone will begin to grow together in a few 
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weeks if the ends are held close to each other without movement. Occa- 
sionally, however, a bone will refuse to knit despite a year or more of 
casts and surgery. This is a disaster for the patient and a bitter defeat for 
the doctor, who must amputate the arm or leg and fit a prosthetic sub- 
stitute. 

Throughout this century, most biologists have been sure only chemi- 
cal processes were involved in growth and healing. As a result, most 
work on nonunions has concentrated on calcium metabolism and _hor- 
mone relationships. Surgeons have also "freshened," or scraped, the frac- 
ture surfaces and devised ever more complicated plates and screws to 
hold the bone ends rigidly in place. These approaches seemed superficial 
to me. I doubted that we would ever understand the failure to heal 
unless we truly understood healing itself. 

When I began my research career in 1958, we already knew a lot 
about the logistics of bone mending. It seemed to involve two separate 
processes, one of which looked altogether different from healing else- 
where in the human body. But we lacked any idea of what set these 
processes in motion and controlled them to produce a bone bridge across 
the break. 


NEW CELLS FROM = PERIOSTEAL 
PERIOSTEUM FRACTURE PERIOSTEUM NEW BONE 


RESTORATION 
OF MARROW 
CAVITY 






MARROW 
CAVITY 


CHANGED CELLS = MARROW 


FROM MARROW — NEW BONE 

STAGES OF FRACTURE HEALING 

Every bone is wrapped in a layer of tough, fibrous collagen, a protein 
that's a major ingredient of bone itself and also forms the connective 
tissue or "glue" that fastens all our cells to each other. Underneath the 
collagen envelope are the cells that produce it, right next ro the bone; 
together the two layers form the periosteum. When a bone breaks, these 
periosteal cells divide in a particular way. One of the daughter cells stays 

where it is, while the other one migrates into the blood clot surrounding 
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the fracture and changes into a closely related type, an osteoblast, or 
bone-forming cell. These new osteoblasts build a swollen ring of bone, 
called a callus, around the break. 

Another repair operation is going on inside the bone, in its hollow 
center, the medullary cavity. In childhood the marrow in this cavity 
actively produces red and white blood cells, while in adulthood most of 
the marrow turns to fat. Some active marrow cells remain, however, in 
the porous convolutions of the inner surface. Around the break a new 
tissue forms from the marrow cells, most readily in children and young 
animals. This new tissue is unspecialized, and the marrow cells seem to 
form it not by increasing their rate of division, as in the callus-forming 
periosteal cells, but by reverting to a primitive, neo-embryonic state. 
The unspecialized former marrow cells then change into a type of primi- 
tive cartilage cells, then into mature cartilage cells, and finally into new 
bone cells to help heal the break from inside. Under a microscope, the 
changes seen in cells from this internal healing area, especially from 
children a week or two after the bone was broken, seem incredibly cha- 
otic, and they look frighteningly similar to highly malignant bone-can- 
cer cells. But in most cases their transformations are under control, and 
the bone heals. 

Dr. Marshall Urist, one of the great researchers in orthopedics, was to 
conclude in the early 1960s that this second type of bone healing is an 
evolutionary throwback, the only kind of regeneration that humans share 
with all other vertebrates. Regeneration in this sense means the re- 
growth of a complex body part, consisting of several different kinds of 
cells, in a fashion resembling the original growth of the same part in the 
embryo, in which the necessary cells differentiate from simpler cells or 
even from seemingly unrelated types. This process, which I'll call true 
regeneration, must be distinguished from two other forms of healing. 
One, sometimes considered a variety of regeneration, is physiological 
repair, in which small wounds and everyday wear within a single tissue 
are made good by nearby cells of the same type, which merely proliferate 
to close the gap. The other kind of healing occurs when a wound is too 
big for single-tissue repair but the animal lacks the true regenerative 
competence to restore the damaged part. In this case the injury is simply 
patched over as well as possible with collagen fibers, forming a scar. 
Since true regeneration is most closely related to embryonic development 
and is generally Strongest in simple animals, it may be considered the 
most fundamental mode of healing. 

Nonunions failed to knit, I reasoned, because they were missing 

something that triggered and controlled normal healing. I'd already be- 
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gun to wonder if the inner area of bone mending might be a vestige of 
true regeneration. If so, it would likely show the control process in a 
clearer or more basic form than the other two kinds of healing. I figured 
I stood little chance of isolating a clue to it in the multilevel turmoil of a 
broken bone itself, so I resolved to study regeneration alone, as it oc- 
curred in other animals. 


A Fable Made Fact 


Regeneration happens all the time in the plant kingdom. Certainly this 
knowledge was acquired very early in mankind's history. Besides locking 
up their future generations in the mysterious seed, many plants, such as 
grapevines, could form a new plant from a single part of the old. Some 
classical authors had an inkling of animal regeneration—Aristotle men- 
tions that the eyes of very young swallows recover from injury, and Pliny 
notes that lost "tails" of octopi and lizards regrow. However, regrowth 
was thought to be almost’ exclusively a _ plant prerogative. 
The great French scientist Rene Antoine Ferchault de Reaumur made 
the first scientific description of animal regeneration in 1712. Reaumur 
devoted all his life to the study of "insects," which at that time meant 
all invertebrates, everything that was obviously "lower" than lizards, 
frogs, and fish. In studies of crayfish, lobsters, and crabs, Reaumur 
proved the claims of Breton fishermen that these animals could regrow 
lost legs. He kept crayfish in the live-bait well of a fishing boat, remov- 
ing a claw from each and observing that the amputated extremity reap- 
peared in full anatomical detail. A tiny replica of the limb took shape 
inside the shell; when the shell was discarded at the next molting sea- 
son, the new’ limb unfolded and grew to _ full _ size. 
Reaumur was one of the scientific geniuses of his time. Elected to the 
Royal Academy of Sciences when only twenty-four, he went on to invent 
tinned steel, Reaumur porcelain (an opaque white glass), imitation 
pearls, better ways of forging iron, egg incubators, and the Reaumur 
thermometer, which is still used in France. At the age of sixty-nine he 
isolated gastric juice from the stomach and described its digestive func- 
tion. Despite his other accomplishments, "insects" were his life's love 
(he never married), and he probably was the first to conceive of the vast, 
diverse population of life-forms that this term encompassed. He re- 
discovered the ancient royal purple dye from Murex trunculus (a marine 
mollusk), and his work on spinning a fragile, filmy silk from spider 

webs was translated into Manchu for the Chinese emperor. He was the 
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first to elucidate the social life and sexually divided caste system of bees. 
Due to his eclipse in later years by court-supported scientists who valued 
"common sense" over observation, Reaumur's exhaustive study of ants 
wasn't published until 1926. In the interim it had taken several genera- 
tions of formicologists to cover the same ground, including the descrip- 
tion of winged ants copulating in flight and proof that they aren't a 
separate species but the sexual form of wingless ants. In 1734 he pub- 
lished the first of six volumes of his Natural History of Insects, a milestone 
in biology. 

Reaumur made so many contributions to science that his study of 
regeneration was overlooked for decades. At that time no one really 
cared what strange things these unimportant animals did. However, all 
of the master's work was well known to a younger naturalist, Abraham 
Trembley of Geneva, who supported himself, as did many educated men 
of that time, by serving as a private tutor for sons of wealthy families. In 
1740, while so employed at an estate near The Hague, in Holland, 
Trembley was examining with a hand lens the small animals living in 
freshwater ditches and ponds. Many had been described by Reaumur, 
but Trembley chanced upon an odd new one. It was no more than a 
quarter of an inch long and faintly resembled a squid, having a cylin- 
drical body topped with a crown of tentacles. However, it was a Star- 
tling green color. To Trembley, green meant vegetation, but if this was 
a plant, it was a mighty peculiar one. When Trembley agitated the 
water in its dish, the tentacles contracted and the body shrank down to a 
nubbin, only to reexpand after a period of quiet. Strangest of all, he saw 
that the creature "walked" by somersaulting end over end. 

Since they had the power of locomotion, Trembley would have as- 
sumed that these creatures were animals and moved on to other observa- 
tions, if he hadn't chanced to find a species colored green by symbiotic 
algae. To settle the animal-plant question, he decided to cut some in 
half. If they regrew, they must be plants with the unusual ability to 
walk, while if they couldn't regenerate, they must be green animals. 

Trembley soon entered into a world that exceeded his wildest dreams. 
He divided the polyps, as he first called them, in the middle of their 
stalks. He then had two short pieces of stalk, one with attached tenta- 
cles, each of which contracted down to a tiny dot. Patiently watching, 
Trembley saw the two pieces later expand. The tentacle portion began to 
move normally, as though it were a complete organism. The other por- 
tion lay inert and apparently dead. Something must have made Trem- 
bley continue the experiment, for he watched this motionless object for 
nine days, during which nothing happened. He then noted that the cut 
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TREMBLEY'S DISCOVERY: ANIMAL OR PLANT? 

end had sprouted three little "horns," and within a few more days the 
complete crown of tentacles had been restored. Trembley now had two 
complete polyps as a result of cutting one in half! However, even though 
they regenerated, more observations convinced Trembley that the crea- 
tures were really animals. Not only did they move and walk, but their 
arms captured tiny water fleas and moved them to the "mouth," located 
in the center of the ring of tentacles, which promptly swallowed the 
prey. 

Trembley, then only thirty-one, decided to make sure he was right by 
having the great Reaumur confirm his findings before he published them 
and possibly made a fool of himself. He sent specimens and detailed 
notes to Reaumur, who confirmed that this was an animal with amazing 
powers of regeneration. Then he immediately read Trembley's letters 
and showed his specimens to an astounded Royal Academy early in 
1741. The official report called Trembley's polyp more marvelous than 
the phoenix or the mythical serpent that could join together after being 
cut in two, for these legendary animals could only reconstitute them- 
selves, while the polyp could make a duplicate. Years later Reaumur was 
still thunderstruck. As he wrote in Volume 6 of his series on insects, 
"This is a fact that I cannot accustom myself to seeing, after having seen 

and re-seen it hundrts of times." 

This was just the beginning, however. Trembley's polyps performed 
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even more wondrous feats. When cut lengthwise, each half of the stalk 
healed over without a scar and proceeded to regrow the missing tenta- 
cles. Trembley minced some polyps into as many pieces as he could 
manage, finding that a complete animal would regrow from each piece, 
as long as it included a remnant of the central stalk. In one instance he 
quartered one of the creatures, then cut each resulting polyp into three 
or four pieces, until he had made fifty animals from one. 





REGENERATION BY A HYDRA CUT IN HALF LENGTHWISE 

His most famous experiment was the one that led him to name his 
polyp "hydra." He found that by splitting the head lengthwise, leaving 
the stalk intact, he could produce one animal with two crowns of tenta- 
cles. By continuing the process he was able to get one animal with seven 
heads. When Trembley lopped them off, each one regrew, just like the 
mythical beast's. But nature went legend one better: Each severed head 
went on to form a complete new animal as well. 

Such experiments provided our first proof that entire animals can re- 
generate, and Trembley went on to observe that hydras could reproduce 
by simple budding, a small animal appearing on the side of the stalk 
and growing to full size. The implications of these discoveries were so 
revolutionary that Trembley delayed publishing a full account of his 
work until he'd been prodded by Reaumur and preceded in print by 
several others. The sharp division between plant and animal suddenly 
grew blurred, suggesting a common origin with some kind of evolution; 
basic assumptions about life had to be rethought. As a result, Trem- 
bley's observations weren't enthusiastically embraced by all. They in- 
flamed several old arguments and offended many of the old guard. In 
this respect Trembley's mentor Reaumur was a most unusual scientist 
for his time, and indeed tor all time. Despite his prominence, he was 
ready to espouse radically new ideas and, most important, he didn't steal 
the ideas of others, an all too common failing among scientists. 

A furious debarte was raging at the time of Trembley's announcement. 

It concerned the origin of the individual - how the chicken came from 
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A PARTIALLY SPLIT HYDRA'S BODY GROWS TWO "HEADS" 

the egg, for example. When scientists examined the newly laid egg, 
there wasn't much there except two liquids, the white and the yolk, 
neither of which had any discernible structure, let alone anything resem- 
bling a chicken. 

There were two opposite theories. The older one, derived from Aris- 
totle, held that each animal in all its complexity developed from simple 
organic matter by a process called epigenesis, akin to our modern con- 
cept of cell differentiation. | Unfortunately, Trembley himself was the 
first person to witness cell division under the microscope, and he didn't 
realize that it was the normal process by which all cells multiplied. In an 
era knowing nothing of genes and so little of cells, yet beginning to 
insist on logical, scientific explanations, | epigenesis seemed more and 
more absurd. What could possibly transform the gelatin of eggs and 
sperm into a frog or a human, without invoking that tired old deus ex 
machina the spirit, or inexplicable spark of life—unless the frog or per- 
son already existed in miniature inside the generative slime and merely 
grew in the course of development? 

The litter idea, called preformation, had been ascendant for at least 
fifty years. It was so widely accepted that when the early microscopists 

studied drops of semen, they dutifully reported a little man, called a 

homunculus, encased in the head of each sperm - a fine example of sci- 
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ence's capacity for self-delusion. Even Reaumur, when he failed to find 
tiny butterfly wings inside caterpillars, assumed they were there but 
were too small to be seen. Only a few months before Trembley began 
slicing hydras, his cousin, Genevan naturalist Charles Bonnet, had 
proven (in an experiment suggested by the omnipresent Reaumur) that 
female aphids usually reproduced parthenogenetically (without mating). 
To Bonnet this demonstrated that the tiny adult resided in the egg, and 
he became the leader of the ovist preformationists. 

The hydra's regeneration, and similar powers in starfish, sea ane- 
mones, and worms, put the scientific establishment on the defensive. 
Reaumur had long ago realized that preformation couldn't explain how a 
baby inherited traits from both father and mother. The notion of two 
homunculi fusing into one seed seemed farfetched. His regrowing 
crayfish claws showed that each leg would have to contain little pre- 
formed legs scattered throughout. And since a regenerated leg could be 
lost and replaced many times, the proto-legs would have to be very 
numerous, yet no one had ever found any. 

Regeneration therefore suggested some form of epigenesis—perhaps 
without a soul, however, for the hydra's anima, if it existed, was divisi- 
ble along with the body and indistinguishable from it. It seemed as 
though some forms of matter itself possessed the spark of life. For lack of 
knowledge of cells, let alone chromosomes and genes, the epigeneticists 
were unable to prove their case. Each side could only point out the 
other's inconsistencies, and politics gave preformationism the edge. 

No wonder nonscientists often grew impatient of the whole argu- 
ment. Oliver Goldsmith and Tobias Smollett mocked the naturalists for 
missing nature's grandeur in their myopic fascination with "muck-flies." 
Henry Fielding lampooned the discussion in a skit about the regenera- 
tion of money. Diderot thought of hydras as composite animals, like 
swarms of bees, in which each particle had a vital spark of its own, and 
lightheartedly suggested there might be "human polyps" on Jupiter and 
Saturn. Voltaire was derisively skeptical of attempts to infer the nature 
of the soul, animal or human, from these experiments. Referring in 
1768 to the regenerating heads of snails, he asked, "What happens to its 
sensorium, its memory, its store of ideas, its soul, when its head has 
been cut off? How does all this come back? A soul that is reborn is an 
extremely curious phenomenon." Profoundly disturbed by the whole af- 
fair, for a long time he simply refused to believe in animal regeneration, 

calling the hydra " a kind of small rush." 

It was no longer possible to doubt the discovery after the work of 

Lazzaro Spallanzani, an italian priest for whom science was a full-time 
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hobby. In a career spanning the second half of the eighteenth century, 
Spallanzani discovered the reversal of plant transpiration between light 
and darkness, and advanced our knowledge of digestion, volcanoes, 
blood circulation, and the senses of bats, but his most important work 
concerned regrowth. In twenty years of meticulous observation, he stud- 
ied regeneration in worms, slugs, snails, salamanders, and tadpoles. He 
set new standards for thoroughness, often dissecting the amputated parts 
to make sure he'd removed them whole, then dissecting the replace- 
ments a few months later to confirm that all the parts had been restored. 
Spallanzani's most important contribution to science was his discovery 
of the regenerative abilities of the salamander. It could replace its tail 
and limbs, all at once if need be. A young one performed this feat for 
Spallanzani six times in three months. He later found that the sala- 
mander could also replace its jaw and the lenses of its eyes, and then 
went on to establish two general rules of regeneration: Simple animals 
can regenerate more fully than complex ones, or, in moder terms, the 
ability to regenerate declines as one moves up the evolutionary scale. 
(The salamander is the main exception.) In ontogenetic parallel, if a 
specias can regenerate, younger individuals do it better than older ones. 





VERTEBRAE 


THE SALAMANDER'S SKELETON - AS COMPLEX AS OURS 
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THE SALAMANDER'S NERVOUS SYSTEM—FORERUNNER OF OURS 
This early regeneration research, Spallanzani's in particular, was a 
benchmark in modern biology. Gentlemanly observations buttressed by 
"common sense" gave way to a more rigorous kind of examination in 
which nothing was taken for granted. It had been "known" for perhaps 
ten thousand years that plants could regenerate and animals couldn't. To 
many zoologists, even twenty years after Trembley's initial discovery, 
the few known exceptions only proved the rule, for octopi, crayfish, 
hydras, worms, and snails seemed so unlike humans or the familiar 
mammals that they hardly counted. The lizard, the only other vertebrate 
regenerator then known, could manage no more than an imperfect tail. 
But the salamander—here was an animal we could relate to! This was no 
worm or snail or microscopic dot, but a four-limbed, two-eyed verte- 
brate that could walk and swim. While its legendary ability to with- 
stand fire had been disproven, its body was big enough and its anatomy 
similar enough CO ours to be taken seriously. Scientists could no longer 
assume that the underlying process had nothing to do with us. In fact, 
the questions with which Spallanzani ended his first report on the sala- 
mander have haunted biologists ever since: "Is it to be hoped that 

[higher animals] may acquire [the same power] by some useful disposi- 

tions? and should the flattering expectation of obtaining this advantage 

for ourselves be considered entirely as chimerical?" 
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Reneration was largely forgotten for a century. Spallanzani had been 

so thorough that little else could be learned about it with the techniques 

of the ime. Moreover, although his work strongly supported epigenesis, 

its impact was lost because the whole debate was swallowed up in the 

much larger philosophical conflict between vitalism and mechanism. 

Since biology includes the study of our own essence, it's the most emo- 

tional science, and it has been the battleground for these two points of 

view throughout its history. Briefly, the vitalists believed in a spirit, 
called the anima or elan vital, that made living things fundamentally 
different from other substances. The mechanists believed that life could 
ultimately be understood in terms of the same physical and chemical 
laws that governed nonliving matter, and that only ignorance of these 
forces led people to invoke such hokum as a spirit. We'll take up these 
issues in more detail later, but for now we need only note that the 
vitalists favored epigenesis, viewed as an imposition of order on the 
chaos of the egg by some intangible "vital" force. The mechanists fa- 
vored formation. Since science insisted increasingly on material expla- 
nations for everything, epigenesis lost out despite the evidence of 
regeneration. 

Mechanism dominated biology more and more, but some _ problems 
remained. The main one was the absence of the little man in the sperm. 
Advances in the power and resolution of microscopes had clearly shown 

that no one was there. Biologists were faced with the generative slime 
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again, featureless goo from which, slowly and magically, an organism 
appeared. 

After 1850, biology began to break up into various specialties. Em- 
bryology, the study of development, was named and promoted by Dar- 
win himself, who hoped (in vain) that it would reveal a precise history of 
evolution (phylogeny) recapitulated in the growth process (ontogeny). In 
the 1880s, embryology matured as an experimental science under the 
leadership of two Germans, Wilhelm Roux and August Weismann. 
Roux studied the stages of embryonic growth in a very restricted, mech- 
anistic way that revealed itself even in the formal Germanic title, Ent- 
wicklungsmechanik ("developmental mechanics"), that he applied to the 
whole field. Weismann, however, was more interested in how inheri- 
tance passed the instructions for embryonic form from one generation to 
the next. One phenomenon—mitosis, or cell division—was basic to 
both transactions. No matter how embryos grew and hereditary traits 
were transferred, both processes had to be accomplished by cellular ac- 
tions. 

Although we're taught in high school that Robert Hooke discovered 
the cell in 1665, he really discovered that cork was full of microscopic 
holes, which he called cells because they looked like little rooms. The 
idea that they were the basic structural units of all living things came 
from Theodor Schwann, who proposed this cell theory in 1838. How- 
ever, even at that late date, he didn't have a clear idea of the origin of 
cells. Mitosis was unknown to him, and he wasn't too sure of the dis- 
tinction between plants and animals. His theory wasn't fully accepted 
until two other German biologists, F. A. Schneider and Otto Butschli, 
reintroduced Schwann's concept and described mitosis in 1873. 

Observations of embryogenesis soon confirmed its cellular basis. The 
fertilized egg was exactly that, a seemingly unstructured single cell. 
Embryonic growth occurred when the fertilized egg divided into two 
other cells, which promptly divided again. Their progeny then divided, 
and so on. As they proliferated, the cells also differentiated; that is, they 
began to show specific characteristics of muscle, cartilage, nerve, and so 
forth. The creature that resulted obviously had several increasingly com- 
plex levels of organization; however, Roux and Weismann had no alter- 
native but to concentrate on the lowest one, the cell, and try to imagine 
how the inherited material worked at that level. 

Weismann proposed a _ theory of "determiners," specific chemical 
structures coded for each cell type The fertilized egg contained all the 
determiners, both in type and in number, needed to produce every cell 

in the body. As cell division proceeded, the daughter cells each received 
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half of the previous stock of determiners, until in the adult each cell 
possessed only one. Muscle cells contained only the muscle determiner, 
nerve cells only the one for nerves, and so on. This meant that once a cell's 
function had been fixed, it could never be anything but that one kind of cell. 
In one of his first experiments, published in 1888, Roux obtained 
powerful support for this concept. He took fertilized frog eggs, which 
were large and easy to observe, and waited until the first cell division 
had occured. He then separated the two cells of this incipient embryo, 
According to the theory, each cell contained enough determiners to 
make half an embryo, and that was exactly what Roux got—two _half- 
embryos. It was hard to argue with such a clear-cut result, and the 
determiner theory was widely accepted. Its triumph was a climactic vic- 
tory for mechanistic concept of life, as well. 

One of vitalism's last gasps came from the work of another German 
embryologist, Hans Driesch. Initially a firm believer in Entivicklungs- 
mechanik, Driesch later found its concepts deficient in the face of life's 
continued mysteries. For example, using sea urchin eggs, he repeated 
Roux's famous experiment and obtained a whole organism instead of a 
half. Many other experiments convinced Driesch that life had some spe- 
cial innate drive, a process that went against known physical laws. 
Drawing on the ancient Greek idea of the anima, he proposed a non- 
material, vital factor that he called entelechy. The beginning of the 
twentieth century wasn't a propitious time for such an idea, however, 
and it wasn't popular. 


Mechanics of Growth 


As the nineteenth century drew to a close and the embryologists con- 
tinued to struggle with the problems of inheritance, they found they 

still needed a substitute for the homunculus. Weismann's determiners 
worked fine for embryonic growth, but regeneration was a glaring excep- 
tion, and one that didn't prove the rule. The original theory had no 
provision for a limited replay of growth to replace a part lost after devel- 
opment was finshed. Oddly enough, the solution had already been pro- 
vided by aman almost totally forgotten today, Theodor Heinrich 
Boveri. 

Working at the University of Munich in the 1880s, Boveri discovered 
almost every detail of cell division, including the chromosomes. Not 
until the invention of the electron microscope did anyone add meterially 
to his original descriptions. Boveri found that all nonsexual cells of any 
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one species contained the same number of chromosomes. As growth pro- 
ceeded by mitosis, these chromosomes split lengthwise to make two of 
each so that each daughter cell then had the same number of chro- 
mosomes. The egg and sperm, dividing by a special process called 
meiosis, wound up with exactly half that number, so that the fertilized 
egg would start out with a full complement, half from the father and 
half from the mother. He reached the obvious conclusions that the chro- 
mosomes transmitted heredity, and that each one could exchange smaller 


units of itself it its counterpart from the other parent. 
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At first this idea wasn't well received. It was strenuously opposed by 
Thomas Hunt Morgan, a respected embryologist at Columbia University 
and the first American participant in this saga. Later, when Morgan 
found that the results of his own experiments agreed with Boveri's, he 
went on to describe chromosome structure in more detail, charting spe- 
cific positions, which he called genes, for inherited characteristics. Thus 
the science of genetics was born, and Morgan received the Nobel Prize 
in 1933. So much for Boveri. 

Although Morgan was most famous for his genetics research on fruit 
flies, he got his start by studying salamander limb regeneration, about 
which he made a crucial observation. He found that the new limb was 
preceded by a mass of cells that appeared on the stump and resembled 
the unspecialized cell mass of the early embryo. He called this structure 
the blastema and later concluded that the problem of how a regenerated 
limb formed was identical to the problem of how an embryo developed 
from the egg. 

Morgan postulated that the chromosomes and genes contained not 
only the inheritable characteristics but also the code for cell differentia- 
tion. A muscle cell, for example, would be formed when the group of 
genes specifying muscle were in action. This insight led directly to our 
modern understanding of the process: In the earliest stages of the em- 
bryo, every gene on every chromosome is active and available to every 
cell. As the organism develops, the cells form three rudimentary tissue 
layers—the endoderm, which develops into the glands and viscera; the 
mesoderm, which becomes the muscles, bones, and circulatory system; 
and the ectoderm, which gives rise to the skin, sense organs, and ner- 
vous system. Some of the genes are already being turned off, or re- 
pressed, at this stage. As the cells differentiate into mature tissues, only 
one specific set of genes stays switched on in each kind. Each set can 
make only certain types of messenger ribonucleic acid (mRNA), the "ex- 
ecutive secretary" chemical by means of which DNA "instructs" the 
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ribosomes (the cell's protein-factory organelles) to make the particular 
proteins that distinguish a nerve cell, for example, from a muscle or 

cartilage cell. 
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There's a_ superficial similarity between this genetic mechanism and 
the old determiner theory. The crucial difference is that, instead of de- 
terminers being segregated until only one remains in each cell, the genes 
are repressed until only one set remains active in each cell. However, the 
entire genetic blueprint is carried by every cell nucleus. 

Science is a bit like the ancient Egyptian religion, which never threw 
old gods away but only tacked them onto newer deities until a bizarre 
hodgepodge developed. For some strange reason, science is equally reluc- 

tant to discard worn-out theories, and, even though there was absolutely 

no evidencc to support it, one of Weismann's ideas was swallowed whole 
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by the new science of genetics. This was the notion that differentiation 
was still a "one-way street," that cells could never dedifferentiate, that 
is, retrace their steps from a mature, specialized state to a primitive, 
unspecialized form. This assumption was made despite the fact that 
chromosomes now provided a plausible means for the reversal. Re- 
member, all cells of the adult (except the egg and sperm) contain the 
full array of chromosomes. All the genes are still there, even though 
most of them are repressed. 

It seems logical that what has been locked might also be unlocked 
when new cells are needed, but this idea was fought with unbelievable 
ferocity by the scientific establishment. It's difficult now to see why, 
since no principle of real importance was involved, except possibly a bit 
of the supremacy of the mechanistic outlook itself. The mechanists 
greeted the discovery of genes and chromosomes joyfully. Here at last 
was a replacement for the little man in the sperm! Perhaps it seemed 
that admitting dedifferentiation would have given life too much control 
over its own functions. Perhaps, once genes were considered the sole 
mechanism of life, they had to work in a nice, simple, mechanical way. 
As we shall see, this dogma created terrible difficulties for the study of 
regeneration. 
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Control Problems 


After Morgan's work on salamander limb regrowth early in this century, 
hundreds of other experimenters studied the miracle again and again in 
many kinds of animals. Their labors revealed a number of general princi- 
ples, such as: 

Polarity. A creature's normal relationships of front to back and top 
to bottom are preserved in the regenerate. 

Gradients. Regenerative ability is strongest in one area of an ani- 
mal's body, gradually diminishing in all directions. 

: Dominance. Some one particular section of the lost part is replaced 
first, followed by the others in a fixed sequence. 

7 Induction. Some parts actively trigger the formation of others later 
in the sequence. 

: Inhibition. The presence of any particular part prevents the forma- 
tion of a duplicate of itself or of other parts that come before that 
part in the sequence. 

All the experiments led to one unifying conclusion: The overall struc- 
ture, the shape, the pattern, of any animal is as real a part of its body as 
are its cells, heart, limbs, or teeth. Living things are called organisms 
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because of the overriding importance of organization, and each part of 
the pattern somehow contains the information as to what it is in relation 
to the whole. The ability of this pattern to maintain itself reaches its 
height in the newts, mud puppies, and other amphibians collectively 
called salamanders. 

The salamander, directly descended from the evolutionary prototype 
of all land vertebrates, is a marvelously complex animal, almost as com- 
plicated as a human. Its forelimb is basically the same as ours. Yet all its 
interrelated parts grow back in the proper order—the same _ interlocking 
bones and muscles, all the delicate wrist bones, the coordinated fin- 
gers—and they're wired together with the proper nerve and blood vessel 
connections. 

The same day the limb is cut off, debris from dead cells is carried 
away in the bloodstream. Then some of the intact tissue begins to die 
back a short distance from the wound. During the first two or three 
days, cells of the epidermis—the outer layer of skin—begin to prolifer- 
ate and migrate inward, covering the wound surface. The epidermis then 
thickens over the apex of the stump into a transparent tissue called the 
apical cap. This stage is finished in about a week. 

By then, the blastema, the little ball of undifferentiated cells de- 
scribed by Morgan, has started to appear beneath the apical cap. This is 
the "organ" of regeneration, forming on the wound like a miniature 
embryo and very similar to the embryonic limb bud that gave rise to the 
leg in the first place. Its cells are totipotent, able to develop into all the 
different kinds of cells needed to reconstitute the limb. 

The blastema is ready in about two weeks. Even as it's forming, the 
cells at its outer edge start dividing rapidly, changing the blastema's 
shape to a cone and providing a steady source of raw material—new 
cells—for growth. After about three weeks, the blastema cells at the 
inner edge begin to differentiate into specialized types and arrange 
themselves into tissues, beginning with a cartilage collar around the old 
bone shaft. Other tissues then form, and the new limb—beginning with 
a characteristic paddle shape that will become the hand—appears as 
though out of a mist. The elbow and long parts of the limb coalesce 
behind the hand, and the regrowth is complete (except for some slight 
enlargement) when the four digits reappear after about eight weeks. 

This process, exquisitely beautiful and seemingly simple, is full of 
problems for biology. What organizes the growth? What is the control 
factor? How does the blastema "know" that it must make a foreleg in- 
stead of a bind leg? (The salamander never makes a mistake.) How does 

all the information about the missing parts get to these undifferentiated 
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cells, telling them what to become, which genes to activate, what pro- 
teins to make, where to position themselves? It's as if a pile of bricks 
were to spontaneously rearrange itself into a building, becoming not 
only walls but windows, light sockets, steel beams, and furniture in the 
process. 

Answers were sought by transplanting the blastema to other positions 
on the animal. The experiments only made matters worse. If the 
blastema was moved within live to seven days after it first appeared, and 
grafted near the hind leg, it grew into a second hind leg, even though it 

came from an amputated foreleg. Well, that was okay. The body could 

be divided into "spheres of influence" or "organizational territories," 

each of which contained information on the local anatomy. A blastema 
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put into a hind-limb territory naturally became a hind limb. This was 
an attractive theory, but unfounded. Exactly what did this territory con- 
sist of? No one knew. To make matters worse, it was then found that 
transplantation of a slightly older blastema from a foreleg stump to a 
hind-limb area produced a foreleg. The young blastema knew where it 
was; the older one knew where it had been! Somehow this pinhead of 
primitive cells with absolutely no distinguishing characteristics con- 
tained enough information to build a complete foreleg, no matter where 
it was placed. How? We still don't know. 

One attempt at an answer was the idea of a morphogenetic field, 
advanced by Paul Weiss in the 1930s and developed by H. V. Bronsted 
in the 1950s. Morphogenesis means "origin of form," and the field idea 
was simply an attempt to get closer to the control factor by reformulat- 
ing the problem. 

Bronsted, a Danish biologist working on regeneration in the common 
flatworms known as planarians, found that two complete heads would 
form when he cut a strip from the center of a worm's front end, leaving 
two side pieces of the original head. Conversely, when he grafted two 
worms together side by side, their heads fused. BrOnsted saw an analogy 
with a match flame, which could be split by cutting the match, then 
rejoined by putting the two halves side by side, and he suggested that 
part of the essence of life might be the creation of some such flamelike 
field. It would be like the field around a magnet except that it reflected 
the magnet's internal structure and held its shape even when part of the 
magnet was missing. 

The idea grew out of earlier experiments by Weiss, an American em- 
bryologist, who stymied much creative research through his dogmatism 
yet still made some important contributions. Regrowth clearly wasn't a 
simple matter of a truncated muscle or bone growing outward to resume 
its original shape. Structures that were missing entirely—the hand, 
wrist, and bones of the salamander's lower forelimb, for example—also 
reappeared. Weiss found that redundant parts could be inserted, but the 
essential ones couldn't easily be eliminated. If an extra bone was im- 
planted in the limb and the cut made through the two, the regenerate 
contained both. However, if a bone was completely removed and the 
incision allowed to heal, and the limb was then amputated through what 
would have been the middle of the missing bone, the regenerate pro- 
duced that bone's lower half, like a ghost regaining its substance Weiss 
suggested that other tissues besides bone could somehow project a field 

that included the arrangement of the bones. As a later student of re- 

generation, Richard Goss of Brown University, observed, "Apparently 
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FORMING A TWO-HEADED PLANARIAN 


each tissue of the stump can vote to be represented in the blastema, and 
some of them can even cast absentee ballots." 

Any such field must be able to stimulate cells to switch various genes 
on and off, that is, to change their specialization. A large body of re- 
search on embryonic development has identified various chemical induc- 
ers, compounds that stimulate neighboring cells to differentiate in a 
certain fashion, producing the next type of cells needed. But these sub- 
stances act only on the basis of simple diffusion; nothing in the way they 
operate can account for the way the process is controlled to express the 
overall pattern. 

Another classic experiment helps clarify the problem. A  salamander's 
hand can be amputated and the wrist stump sewn to its body. The wrist 
grows into the body, and nerves and blood vessels link up through the 
new connection. The limb now makes a U shape, connected to the body 
at both ends. It's then amputated at the shoulder to make a reversed 
limb, attached to the body at the wrist and ending with a shoulder 
joint. The limb then regenerates as though it had simply been cut off at 
the shoulder. The resulting limb looks like this: from the body sprouts 
the original wrist, forearm, elbow, upper arm, and shoulder, followed 
by a new upper arm, elbow, forearm, wrist, and hand. Why doesn't the 
regenerate conform to the sequence already established in this limb in- 
stead of following as closely as possible the body's pattern as a whole? 
Again, what is the control factor? 

Information, and a monumental amount of it, is clearly passed from 

the body to the blastema. Our best method of information processing at 
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present is the digital computer, which deals with bits of data, signals 
that, in essence, say either yes or no, 1 or 0. The number of such bits 
needed to fully characterize the salamander forelimb is incalculable, ex- 
ceeding the capacity of all known computers operating in unison. 

The question of how this information is transferred is one of the hard- 
est problems ever tackled by scientists, and when we fully know the 
answer, we'll understand not only regeneration but the entire process of 
growth from egg to adult. For now, we had best, as biologists them- 
selves have done, skip this problem and return to it after addressing 
some slightly easier ones. 

It seems reasonable that understanding what comes out of the blastema 
would be easier if we understood what goes into it, so the other major 
questions about regeneration have always been: What stimulates the 
blastema to form? And where do its cells come from? 

The idea that dedifferentiation was impossible led to the related belief 
that all regeneration had to be the work of neoblasts, or "reserve cells" 
left over from the embryo and warehoused throughout the body in a 
primitive, umnspecialized state. Some biological bell supposedly called 
them to migrate to the stump and form the blastema. There's evidence 
for such cells in hydras and flatworms, although it's now doubtful that 
they fully account for regeneration in these animals. However, no one 
ever found any in a salamander. In fact, as long ago as the 1930s, there 
was nearly conclusive evidence that they did not exist. Nevertheless, 
anti-dedifferentiation dogma and the reserve cell theory were defended 
fanatically, by Weiss in particular, so that many unconvincing experi- 
ments were interpreted to "prove" that reserve cells formed the blas- 
tema. When I started out, it was very dangerous for one's career even to 
suggest that mature cells might create the blastema by dedifferentiating. 

Because it was so hard to imagine how a blastema could arise without 
dedifferentiation, the idea later developed that perhaps cells could 
partially dedifferentiate. In other words, perhaps muscle cells could be- 
come cells that looked primitive and completely unspecialized, but that 
would then take up their previous lives as mature muscle cells after a 
brief period of amnesia in the blastema. To fit the square peg into the 
round hole, many researchers did a lot of useless work, laboriously 
counting cell divisions to try to show that the muscle cells in the stump 
made enough new muscle cells to supply the regenerate. The embarrass- 
ing blastema—enigmatic and completely undifferentiated was _ still 
there. 

We now know (see Chapter 6) that at least some types of cells can 

revert completely to the primitive state and that such despecialization is 
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DEDIFFERENTIATE: PARTIAL OR COMPLETE? 


the major, probably the only, way a blastema forms in complex animals 
like a salamander. 


Nerve Connections 


The other major question about the blastema's origin is: What triggers 
it? The best candidates for a "carrier" of the stimulus are the nerves. In 
complex multicellular animals, there's no regeneration without nerve 
tissue. Back in 1823, the English amateur Tweedy John Todd found 
that if the nerves into a salamander's leg were cut when the amputation 
was made, the limb wouldn't regrow. In fact, the stump itself shriveled 
up and disappeared. However, Todd got normal regeneration when he 
gave the nerves time to reconnect before severing the leg. Science wasn't 
ready to make anything of his observation, but many experiments since 
have confirmed it. Over a century later, Italian biologist Piera Locatelli 
showed that an extra leg would grow if a nerve was rerouted so that it 
ended near an intact leg. She cut the large sciatic nerve partway down 

the salamander's hind leg, leaving it attached to the spinal column and 

fully threading it up untder the skin so that its end touched the skin 


56 The Body Electric 

near one of the forelegs. An extra foreleg sprouted there. When she 
placed the nerve end near a hind leg, an extra hind leg grew. It didn't 
matter where the nerve was supposed to be; the kind of extra structure 
depended on the target area. This indicated that some sort of energy 
from the nerves was adapted by local conditions that determined the 
pattern of what grew back. 

Soon afterward, other researchers found that when they sewed full- 
thickness skin grafts over the stumps of amputated salamander legs, the 
dermis, or inner layer of the skin, acted as a barrier between the apical 
cap and an essential something in the leg, thereby preventing regenera- 
tion. Even a tiny gap in the barrier, however, was enough to allow 
regrowth. 

In the early 1940s this discovery led S. Meryl Rose, then a young 
anatomy instructor at Smith College, to surmise that the rapid forma- 
tion of full-thickness skin over the stumps of adult frogs' legs might be 
what prevented them from regenerating. Rose tried dipping the wounds 
in saturated salt solution several times a day to prevent the dermis from 
growing over the stump. It worked! Most of the frogs, whose forelimbs 
he'd amputated between the elbow and wrist, replaced some of what 
they'd lost. Several regrew well-formed wrist joints, and a few even be- 
gan to produce one new finger. Even though the replacements were in- 
complete, this was a tremendously important breakthrough, the first 
time any regeneration had been artificially induced in an animal nor- 
mally lacking the ability. However, the dermis did grow over the 
stump, so the experiment worked by some means Rose hadn't expected. 

Later, other investigators showed that in normal regeneration the api- 
cal cap, minus the dermis, was important because regrowing nerve fibers 
made unique connections with the epidermal cells in the first stage of 
the process, before the blastema appeared. These connections are collec- 
tively called the neuroepidermal junction (NEJ). In a series of detailed 
experiments, Charles Thornton of Michigan State University cut the 
nerves to salamander legs at various times before amputating the legs, 
then followed the progress of the regrowing nerves. Regeneration began 
only after the nerves had reached the epidermis, and it could be pre- 
vented by any barrier separating the two, or started by any breach in the 
barrier. By 1954 Thornton had proved that the neuroepidermal junction 
was the one pivotal step that must occur before a blastema could form 
and regeneration begin. 

Shortly thereafter, Elizabeth D. Hay, an anatomist then working at 

Cornell University Medical College in New York, studied the neu- 
roepidermal junction with an electron microscope. She found that as 
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each nerve fiber bundle reached the end of the stump, it broke up and 
each fiber went its separate way, snaking into the epidermis, which 
might be five to twenty cells thick. Each nerve fiber formed a tiny bulb 
at its tip, which was placed against an epidermal cell's membrane, nest- 
ling into a little pocket there. The arrangement was much like a syn- 
apse, although the microscopic structure wasn't as highly developed as 
in such long-term connections. 

The junction was only a bridge, however. The important question 
was: What traffic crossed it? 

In 1946, Lev Vladimirovich Polezhaev, young Russian biologist 

then working in London, concluded a long series of experiments in 

which he induced partial regeneration in adult frogs, the same success 





CUT NERVES 
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THE NEUROEPIDERMAL JUNCTION 


Rose had had, by pricking their limb stumps with a needle every day. 
Polezhaev then found that a wide variety of irritants produced the same 
effect, although none of them worked in mammals. His experiments 
indicated that making the injury worse could make regeneration better, 
and showed that Rose's salt-in-the-wound procedure worked by _irrita- 
tion rather than by preventing dermis growth. 

Next, the part that nerve tissue played was clarified considerably by 
Marcus Singer in a brilliant series of experiments at Harvard Medical 
School from the mid-1940s to the mid-1950s. Singer first confirmed 
Todd's long-forgotten work by cutting the nerves in salamander legs at 
various stages of regrowth, proving that the nerves were needed only 
in the first week, until the blastema was fully formed and the informa- 
tion transferred. After that, regeneration proceeded even if the nerves 
were cut. 

Recent research had found that a salamander could replace its leg if all 
the motor nerves were cut, but not without the sensory nerves. Many 
assumed then that the growth factor was related only to sensory nerves, 
but Singer was uneasy over this conclusion: "The problem stated in ad- 

vance that one or another nerve component is all important for regenera- 

tion." (Italics added.) Several facts didn't fit, however. Not only did the 
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blastema fail to form when all nerves were cut, it didn't begin to form 
even if a substantial number, but still a minority, remained. Also, a 
salamander's leg would regrow with only motor nerves if extra motor 
nerves from the belly were redirected into the stump. In addition, zoolo- 
gists had found that the sensory nerve contained more fibers than the 
motor nerve. 

Singer counted for himself. In the thigh or upper arm, sensory fibers 
outnumbered motor by four to one. The ratio was even larger at the 
periphery. Then he cut them in various combinations in a long series of 
experiments. Regeneration worked as long as the leg had about one 
fourth to one third of its normal nerve supply, no matter in what combi- 
nation. There seemed to be a threshold number of neurons (nerve cells) 
needed for regrowth. 

But it wasn't that simple. The limbs of Xenopus, a South American 
frog unique in its ability to regenerate during adult life, had nerve fibers 
numbering well under the threshold. So Singer started measuring neuron 
size, and found that Xenopus had much bigger nerves than nonregenerat- 
ing frogs. Another series of experiments verified the link: A critical 
mass—about 30 percent—of the normal nerve tissue must be intact for 
regeneration to ensue. 

This finding made it pretty certain that whatever it was the nerves 
delivered didn't come from their known function of transmitting infor- 
mation by nerve impulses. If nerve impulses had been involved, re- 
generation should have faded away gradually with greater and greater 
flaws as the nerves were cut, instead of stopping abruptly when the 
minimum amount no longer remained. 

Singer's discovery also provided a basic explanation for the decline of 
regeneration with increasing evolutionary complexity. The ratio between 
body mass and total nerve tissue is about the same in most animals, but 
more and more nerve became concentrated in the brain (a process called 
encephalization) as animals became more complex. This diminished the 
amount of nerve fiber available for stimulating regeneration in peripheral 
parts, often below the critical level. 

In the early 1950s, Singer applied what he'd learned to the non- 
regenerating adult bullfrog. Using Locatelli's method, he dissected the 

sciatic nerve out of the hind leg, leaving it attached to the spinal cord, 
and directed it under the skin to the foreleg amputation stump. In two 
or three weeks, blastemas had formed, and the cut legs were restored to 
about the same degree as in Rose's and Polezhaev's experiments. 

By 1954 Singer was ready to look for a growth-inducing chemical 

that was presumed to be coming from the nerves. The most promising 
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possibility was the neurotransmitter acetylcholine, one of several com- 
pounds known to relay nerve impulses across synapses. The nerves se- 
creted acetylcholine more abundantly than normal during  blastema 
formation—just when nerve supply was crucial—and its production fell 
back to normal when regrowth was well under way. Singer had studied 
previous failures with acetylcholine, in which experimenters had rubbed 
it on the stump or injected it into the blastema. He thought these meth- 
ods were too artificial, so he invented a microinfusion apparatus to re- 
lease tiny amounts of acetylcholine continually, just as the nerves did. It 
used a clock motor to drip the hormone slowly through a needle into the 
shoulder of an anesthetized animal in which the leg nerves had been 
removed. He had trouble keeping the drugged salamanders alive, so 
maybe the anesthetic affected the outcome, but even the ones that sur- 
vived didn't regenerate at all. The growth factor was almost certainly 
not acetylcholine. 


Vital Electricity 


These, then, were the shoulders on which I stood in 1958 as I began to 
look for the pattern-control and blastema-stimulating factors in re- 
generation. At that time we knew of two things that could yield some 
regrowth in nonregenerators: extra nerve and extra injury. How were 

they related? Luck gave me a clue. 
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I began my work just after the first few Sputniks, during the "missile 
gap" flap. Alarmed by the unforeseen triumphs of Russian technology, 
which we'd considered primitive, the government hastily began translat- 
ing every Soviet scientific journal and distributing copies free to federally 
funded research centers. Suddenly, the medical library at the VA Medi- 
cal Center in Syracuse, where I worked, began receiving each month a 
crate of Russian journals on clinical medicine and biology. Since no one 
else was much interested, this bonanza was all for me. 

I soon made two discoveries: The Russians were willing to follow 
hunches; their researchers got government money to try the most out- 
landish experiments, ones that our science just knew couldn't work. Fur- 
thermore, Soviet journals published them—even if they did work. I 
particularly enjoyed Biofizika, the Soviet journal of biophysics, and it 
was there I encountered a paper on the "Nature of the Variation of the 
Bioelectric Potentials in the Regeneration Process of Plants," by A. M. 
Sinyukhin of Lomonosov State University in Moscow. 

Sinyukhin began by cutting one branch from each of a series of 
tomato plants. Then he took electrical measurements around the wound 
as each plant healed and sent out a new shoot near the cut. He found a 
negative current—a stream of electrons—flowing from the wound for 
the first few days. A similar "current of injury" is emitted from all 
wounds in animals. During the second week, after a callus had formed 
over the wound and the new branch had begun to form, the current 
became stronger and reversed its polarity to positive. The important 
point wasn't the polarity—the position of the measuring electrode with 
respect to a reference electrode often determines whether a current regis- 
ters as positive or negative. Rather, Sinyukhin's work was. significant 
because he found a change in the current that seemed related to reparative 
growth. Sinyukhin found a direct correlation between these orderly elec- 
trical events and biochemical changes: As the positive current increased, 
cells in the area more than doubled their metabolic rate, also becoming 
more acidic and producing more vitamin C than before. 

Sinyukhin then applied extra current, using small batteries, to a 

group of newly lopped plants, augmenting the regeneration current. 

These battery-assisted plants restored their branches up to three times 

faster than the control plants. The currents were very small—only 2 to 3 
microamperes for five days. (An ampere is a standard unit of electric 

current, and a microampere is one millionth of an ampere.) Larger 

amounts of electricity killed the cells and had no growth-enhancing 

effect. Moreover, the polarity had to match that normally found in the 

plant. When Sinyukhin used current of the opposite polarity, nullifying 
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the plant's own current, restitution was delayed by two or three weeks. 

To American biology, however, this was all nonsense. To understand 
why, we must backtrack for a while. 

Luigi Galvani, an anatomy professor in the medical school at the Uni- 
versity of Bologna who'd been studying electricity for twenty years, first 
discovered the current of injury in 1794, but unfortunately he didn't 
know it. 

At that time, biology's main concern was the debate between vitalism 
and mechanism. Vitalism, though not always called by that name, had 
been the predominant concept of life since prehistoric times throughout 
the world, and it formed the basis for almost all religions. It was closely 
related to Socrates' and Plato's idea of supernatural "forms" or "ideals" 
from which all tangible objects and creatures derived their individual 
characteristics. Hippocrates adapted this idea by postulating an anima as 
the essence of life. The Platonic concept evolved into the medieval phi- 
losophy of realism, whose basic tenet was that abstract universal princi- 
ples were more real than sensory phenomena. Mechanism grew out of 
Aristotle's less speculative rationalism, which held that universal princi- 
ples were not real, being merely the names given to humanity's attempts 
at making sense of the reality apprehended through the senses. Mecha- 
nism had become the foundation of science through the writings of Des- 
cartes in the previous century, although even he believed in an 
"animating force" to give the machine life at the outset. By Galvani's 
time, mechanism's influence was steadily growing. 

Galvani was a dedicated physician, and medicine, tracing its lineage 
back to tribal shamans, has always been a blend of intuition and em- 
pirical observation based on a vitalistic concept of the sanctity of life. 
The vitalists had long tried—unsuccessfully—to link the strange, incor- 
poreal phenomenon of electricity with the elan vital. This was Galvani's 
main preoccupation. 

One day he noticed that some frogs' legs he'd hung in a row on his 
balustrade, pending his dinner, twitched whenever the breeze blew them 
against the ironwork. At about the same time his wife Lucia noticed in 
his laboratory that the muscles of a frog's leg contracted when an as- 
sistant happened to be touching the main nerve with a steel scalpel at 
the same instant that a spark leaped from one of the electrical machines 
being operated across the room. (The only type of electricity then known 
was the static type, in the form of sparks from various friction devices.) 
Today we know that an expanding and collapsing electric field generated 
by the spark induced a momentary current in the scalpel, which stimu- 

lated the muscle, but Galvani believed that the metal railing and scalpel 

had drawn forth electricity hidden in the nerves. 
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Galvani experimented for years with nerves from frogs' legs, con- 
nected in various circuits with several kinds of metals. He grew con- 
vinced that the vital spirit was electricity flowing through the nerves and 
announced this to the Bologna Academy of Science in 1791. 

Within two years, Alesandro Volta, a physicist at the University of 
Padua, had proven that Galvani had in fact discovered a new kind of 
electricity, a steady current rather than sparks. He'd generated a bi- 
metallic direct current, a flow of electrons between two metals, such as 
the copper hooks and iron railing of the famous balcony observation, 
connected by a conducting medium—in other words, a battery. The 
frogs' legs, being more or less bags of weak salt solution, were the elec- 
trolyte, or conducting medium. They were otherwise incidental, Volta 
explained, and there was no such thing as Galvani's "animal electricity." 

Galvani, a shy and thoroughly noncombative soul, was crushed. His 
only response was an anonymous paper in 1794 describing several exper- 
iments in which frogs' legs could be made to twitch with no metal in 
the circuit. In one procedure, the experimenter touched one leg nerve 
with the frog's dissected-out, naked spinal cord, while holding the other 
leg to complete the circuit. Here the current was true animal electricity, 
coming from the amputation wound at the base of the leg. 
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In the long run, Galvani unwittingly helped the cause of the mecha- 
nists by giving them something to attack. As long as the elan vital was 
ephemeral, all you could say was that you couldn't find it. Once Galvani 
said it was electricity, a detectable, measurable entity, there was a target 
for experimentation. Actually, Baron Alexander von Humboldt, the ex- 
plorer-naturalist who founded geology, proved in 1797 that Volta and 
Galvani were both partly right. Bimetallic currents were real, but so was 
spontaneous electricity from injured flesh. However, the mechanists had 
the upper hand; Galvani's anonymous report and Humboldt's  con- 
firmation were overlooked. Galvani himself died penniless and _ bro- 
kenhearted in 1798, soon after his home and property were confiscated 
by the invading French, while Volta grew famous developing his storage 
batteries under the auspices of Napoleon. 

Then in the 1830s a professor of physics at Pisa, Carlo Matteucci, 
using the newly invented galvanometer, which could measure fairly 
small direct currents, came up with other evidence for animal electricity. 
In a meticulous series of experiments lasting thirty-five years, he con- 
clusively proved that the current of injury was real. However, he didn't 
find it in the nervous system, only emanating from the wound surface, 
so it couldn't be firmly related to the vital force. 

The tale took another turn in the 1840s when Emil Du_ Bois- 
Reymond, a physiology student in Berlin, read Matteucci's work. Du 
Bois-Reymond went on to show that when a nerve was stimulated, an 
impulse traveled along it. He measured the impulse electrically and an- 
nounced his conclusion that it was a mass of "electromotive particles," 
like a current in a wire. Immediately he squared his shoulders, expecting 
the mantle of glory to descend: "If I do not greatly deceive myself," he 
wrote, "I have succeeded in realizing in full actuality . . . the hundred 
years' dream of physicists and physiologists, to wit, the identity of the 
nervous principle with electricity." But he had deceived himself. Soon it 
was learned that the impulse traveled too slowly to be a current, and 
that nerves didn't have the proper insulation or resistance to conduct 
one, anyway. Any true current the size of the small measured impulse 
wouldn't have made it through even a short nerve. 

Julius Bernstein, a brilliant student of Du Bois-Reymond, resolved 
the impasse in 1868 with his hypothesis of the "action potential." The 
impulse wasn't a current, Bernstein said. It was a disturbance in the 
ionic properties of the membrane, and it was this perturbation that trav- 
eled along the nerve fiber, or axon. 

The Bernstein hypothesis stated that the membrane could selectively 

filter ions of different charges to the inside or outside of the cell. (Ions 
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are charged particles into which a salt breaks up when dissolved in 
water; all salts dissociate in water into positive and negative ions, such 
as the positive sodium and negative chloride ions of table salt.) Bernstein 
postulated that the membrane could sort most of the negatives outside 
and most of the positives inside the fiber. The membrane was polarized 
(with like charges grouped on one side), having a transmembrane poten- 
tial, because the negative charges, all on one side, could potentially flow 
in a current across the membrane to achieve a balance on both sides. 
This was what happened in a short segment of the membrane whenever a 
nerve was stimulated. Part of the membrane became depolarized, revers- 
ing the transmembrane potential. The nerve impulse was actually a dis- 
turbance in the potential traveling along the membrane. As the area of 
disturbance moved along, the membrane quickly restored its normal 
resting potential. Thus the nerve impulse wasn't an electrical current, 
even though it could be measured electrically. 
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THE NERVE IMPULSE 
Bernstein's hypothesis has been confirmed in all important respects, 
although it remains I hypothesis because no one has yet found what 
gives the membrane the energy to pump all those ions back and forth. 
Soon it was broadened, however, to include an explanation of the current 
of injury. Reasoning that all cells had transmembrane potentials, Bern- 
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stein maintained that, after injury, the damaged ceil membranes simply 
leaked their ions out into the environment. Thus the current of injury 
was no longer a sign that electricity was central to life, but only an 
uninteresting side effect of cell damage. 

The vitalists, with their hopes pinned on electricity, kept getting 
pushed into tighter and tighter corners as electricity was removed from 
one part of the body after another. Their last stand occurred with the 
discovery of neurotransmitters. They'd maintained that only an electrical 
current could jump across the synapse, the gap between communicating 
nerves. In 1920 that idea was disproven with a lovely experiment by 
Otto Loewi, a research professor at the NYU School of Medicine, later 
my alma mater. When I took physiology in my first year there, we had 


to duplicate his experiment. 
STIMULATION OF DEPRESSOR NERVE SLOWS THE HEARTBEAT OF A FROG 
HEART IN SOLUTION 





A NEW HEART iS SUSPENDED IN THE SOLUTION 
USED ABOVE AND ITS BEAT SLOWS 
AUTOMATICALLY 





LOEW'S EXPERIMENT: 
THE DISCOVERY OF ACETYLCHOLINE 


Biologists had found that a frog heart would continue to beat for 
several days when removed with its nerves and placed in an appropriate 
solution. Stimulating one of the nerves would slow it down. Like Loewi, 
we took one such heart, with nerve attached, and stimulated the nerve, 
slowing the beat. We then collected the solution baching that heart and 
placed another heart in it. Its beat slowed even though its depressor 
nerve hadn't been stimulated. Obviously the nerve slowed the heartbeat 
by producing a chemical, which crossed the gap between the nerve end- 
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ing and the muscle fiber. This chemical was later identified as acetyl- 
choline, and Loewi was awarded the Nobel Prize in 1936 for this 
discovery. His work resulted in the collapse of the last vestige of elec- 
trical vitalism. Thereafter, every function of the nervous system had to 
be explained on the basis of the Bernstein hypothesis and chemical trans- 
mission across the synapse. 

It was with great trepidation, therefore, that I put any credence in 
Sinyukhin's report that the strength of the injury current affected re- 
generation in his plants. Yet his report was detailed and carefully writ- 
ten. Something about his work gave me a gut feeling that it was valid. 
Maybe it was because the tomato plants he used were "Best of All" 
American Beauties. At this point I wasn't aware of Matteucci's forgotten 
work, but something clicked in my mind now as I studied Rose's and 
Polezhaev's experiments. In both, definitely in Pole2haev's and probably 
in Rose's, regeneration had been stimulated by an increase in the injury. 

Then another Russian supplied a timely lead. In a government trans- 
lation I found a 1958 paper by A. V. Zhirmunskii of the Institute of 
Cytology in Leningrad, who studied the current of injury in the hind leg 
muscle of the bullfrog. This muscle is nice and long, easy to work with, 
and contains branches from several different nerves. He made a standard 
injury in each muscle, measured the current of injury, then cut the 
nerves branch by branch, noting the effect on the current. It decreased 
with each succeeding nerve cut. The current of injury was proportional 
to the amount of nerve. 

Then I went to the library and delved back into the history of neu- 
rophysiology and found Matteucci's superb series of observations. Not 
only had he proven that the current of injury was real, he'd shown that 
it varied in proportion to the severity of the wound. 

Now I had enough pieces to start on the puzzle. I summarized the 
observations in a little matrix: 

Extent of injury is proportional to regeneration 

Amount of nerve is proportional to regeneration 

Extent of injury is proportional to current of injury 

Amount of nerve is proportional to current of injury 

Ergo: current of injury is proportional to regeneration 

I was pretty sure now chat, contemporary "knowledge" to the contrary, 
the current of injury was no side effect and was the first place to look for 

clues to the growth control and dedifferentiation-stimulating factors. I 
planned my first experiment. 


Three 
The Sign of the 
Miracle 


Real science is creative, as much so as painting, sculpture, or writing. 
Beauty, variously defined, is the criterion for art, and likewise a good 
theory has the elegance, proportion, and simplicity that we find beau- 
tiful. Just as the skilled artist omits the extraneous and directs our atten- 
tion to a unifying concept, so the scientist strives to find a relatively 
simple order underlying the apparent chaos of perception. Perhaps be- 
cause it was mine, my theory that the current of injury stimulated re- 
generation seemed both simple and beautiful. It's impossible to convey 
the sense of excitement I felt when all of the facts fell together and the 
idea came. I'd created something new that explained the previously inex- 
plicable. I couldn't wait to see if I was right. 

In all the time that the Bernstein hypothesis had been used to explain 
away the current of injury, no one had ever thought to measure the 
current over a period of days to see how long it lasted. If it was only ions 
leaking from damaged cells, it should disappear in a day or two, when 
these cells had finished dying or repairing themselves. This simple mea- 
surement, with a comparison of the currents in regenerating versus non- 
regenerating limbs, was what I planned to do. I would uniformly 
amputate the forelegs of frogs and salamanders. Then, as the frogs' 
stumps healed over and the salamanders' legs redrew, I would measure 
the currents of injury each day. 

The experiment itself was as simple as could be. The tricky part was 

getting peremission to do it. 
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When you want to do a research project, there are certain channels 
you must go through to get the money. You write a project proposal, 
spelling out what hypothesis you want to test, why you think it should 
be done, and how you plan to go about it. The proposal goes to a 
committee supposedly composed of your peers, people who have demon- 
strated competence in related research. If they approve your project and 
the money is available, you generally get part of what you asked for, 
enough to get started. 

The Veterans Administration had been dispensing research money for 
several years as a sort of bribe to attract doctors despite the low pay in 
government service. The money from Washington was doled out by the 
most influential doctors on the staff, not necessarily the best researchers, 
but I still felt I had a good chance because the VA was having an espe- 
cially hard time recruiting orthopedists. Moreover, my hypothesis was 
based on the work of Rose, Polezhaev, Singer, Sinyukhin, and Zhir- 
munskii with inescapable logic. And since frogs and salamanders were 
anatomically similar, any difference in their currents of injury should 
reflect the disparity in their powers of regeneration. My chances of being 
thrown off by extraneous factors were thus minimal. 

I remember thinking, as I wrote the proposal, how my life had come 
full circle. As a college freshman in 1941, I'd conducted a crude experi- 
ment on salamanders, showing that thyroid stimulation by iodine didn't 
speed up regeneration. Here I was nearly twenty years later, beneficiary 
of the intervening research, hoping to add to our knowledge of the same 
phenomenon and perhaps even discover something that would help hu- 
man patients. I worried that my roundabout course might weigh against 
me, since one of the criteria for grants was whether the investigator had 
been trained for that particular field. This proposal would have been 
expected from a physiologist, not an orthopedist. Nevertheless, I was 
asking for a relatively minuscule amount of money. I needed only a 
thousand dollars to put together the equipment, so I didn't anticipate 
much trouble. 


The Tribunal 


"Dr. Becker, could you please come to a special research committee 
meeting in one hour?" The committee's secretary was calling. I'd known 
something was up, two months had passed since I'd filed my proposal, 
and all my queries as to its fate had gone unanswered. 

"T'll be there." 
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"It's not here in the research office. It's downstairs in the hospital 
director's office." Now that was really strange. The director almost never 
paid any attention to the research program. Besides, his office was big 
enough to hold a barbecue in. 

It was a barbecue, ali right, and I was the one being grilled. The 
director's conference room had been rearranged. In place of the long, 
polished table there was a semicircle of about a dozen chairs, each oc- 
cupied by one of the luminaries from the hospital and medical school. I 
recognized the chairmen of the departments of biochemistry and phys- 
iology along with the hospital director and chief of research. Only the 
dean was missing. In the center was a single chair—for me. 

The spokesman came right to the point: "We have a very grave basic 
concern over your proposal. This notion that electricity has anything to 
do with living things was totally discredited some time ago. It has abso- 
lutely no validity, and the new scientific evidence you're citing is worth- 
less. The whole idea was based on its appeal to quacks and the gullible 
public. I will not stand idly by and see this medical school associated 
with such a charlatanistic, unscientific project." Murmurs of assent 
spread around the group. 

I had the momentary thrill of imagining myself as Galileo or Gior- 
dano Bruno; I thought of walking to the window to see if the stake and 
fagots were set up on the lawn. Instead I delivered a terse speech to the 
effect that I still thought my hypothesis was stoutly supported by some 
very good research and that I was sorry if it flew in the face of dogma. I 
ended by saying that I didn't intend to withdraw the proposal, so they 
would have to act upon it. 

When I got home, my fury was gone. I was ready to call the director, 
withdraw my proposal, apologize for my errors, stay out of research, 
quit the VA, and go into private practice, where I could make a lot 
more money. Luckily, my wife Lil knows me better than I sometimes 
know myself. She told me, "You'd be miserable in private practice. This 
is exactly what you want to do, so just wait and see what happens." 

Two days later I got word that the committee had delegated the deci- 
sion to Professor Chester Yntema, an anatomist who long ago had stud- 
ied the regrowth of ears in the salamander. Since he was the only one in 
Syracuse who'd ever done any regeneration research, I've always won- 
dered why he wasn't part of the first evaluation. I went to see him with a 
sense of foreboding, for his latest research seemed to refute Singer's nerve 
work, on which I'd based my proposal. 

Using a standard technique, Yntema had operated on very young sala- 

mander embryos, cutting out all of the tissues that would have given 
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rise to the nervous system. He then grafted each of these denervated 
embryos onto the back of a whole one. The intact embryos furnished the 
grafts with blood and nourishment, and the procedure resulted in a little 
"parabiotic" twin, normal except for having no nerves, stuck on the 
back of each host animal. Yntema then cut off one leg from each of these 
twins, and some of them regenerated. Since microscopic examination 
revealed no nerves entering the graft from its host, Yntema's experiment 
called Singer's conclusions into question. 

Dr. Yntema turned out to be one of the nicest gentlemen I've ever 
met, but as I entered his office his Dickensian appearance of eminence— 
he was tall, thin, elderly, with craggy features, and wore an immac- 
ulately starched, long white lab coat—made me feel like a freshman 
being called before the dean. But he put me at ease immediately. 

"I've read your proposal and think it's most intriguing," he said with 
genuine interest. 

"Do you really?" I asked. "I've been afraid you would reject it out of 
hand because my ideas depend on Singer's work." 

"Marc Singer is a good, careful worker," Yntema replied. "I don't 
doubt his observations. What I've described is an exception to his find- 
ings under special circumstances." 

After a long, pleasant conversation about regrowth, nerves, and _ re- 
search itself, he gave me his approval with a word of caution: "Don't get 
your hopes up about what you want to do. I don't believe for one minute 
that it'll work, but I think you should do it anyway. We need to en- 
courage young researchers. Besides, it'll be fun, and maybe you'll learn 
something new, after all. Let me know what happens, and if you need 
any help, I'll be here. I'll call the people at the VA right away, so get to 
work. Good luck." 

This was the start of a long friendship. I'm deeply indebted to Chester 
Yntema for his encouragement. Had he not believed that research should 
be fun, that you should do what you want rather than what's fashion- 
able, my first experiment would have been impossible, and this book 
would never have been written. 


The Reversals 


First I found a good supplier of salamanders and frogs, a Tennessee game 
warden who ran this business in his spare time. Sometimes the shipment 
would contain a surprise, a small snake. I never found out whether he 
included them deliberately or by error. At any rate, his animals weren't 
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the inferior aquarium-bred stock but robust specimens collected from 
their natural habitats. 

Next I worked out some technical problems. The most important of 
these was the question of where to place the electrodes. To form the 
circuit, two electrodes had to touch the animal. One was the "hot" or 
measuring electrode, which determined the polarity, positive or nega- 
tive, with regard to a stationary reference electrode. A negative polarity 
meant there were more electrons where the measuring electrode was 
placed, while a positive polarity meant there were more at the reference 
site. A steady preponderance of negative charge at a particular location 
could mean there was a current flowing toward that spot, continually 
replenishing the accumulation of electrons. The placement of the refer- 
ence electrode, therefore, was critical, lest I get the voltage right but the 
polarity, and hence the direction of the current, wrong. Some logical 
position had to be chosen and used every time. Since I postulated that 
the nerves were somehow related to the current, the cell bodies that sent 
their nerve fibers into the limb seemed like a good reference point. 
These cell bodies were in a section of the spinal cord called the brachial 
enlargement, located just headward from where the arm joined the 
body. In both frogs and salamanders, therefore, I put the measuring 
electrode directly on the cut surface of the amputation stump and the 
reference electrode on the skin over the brachial enlargement. 

After setting up the equipment, I did some preliminary measure- 
ments on the intact animals. They all had areas of positive charge at the 
brachial enlargement and a negative charge of about 8 to 10 millivolts at 
each extremity, suggesting a flow of electrons from the head and trunk 
out into the limbs and, in the salamanders, the tail. 

I began the actual experiment by amputating the right forelimbs, 
between elbow and wrist, from fourteen salamanders and fourteen grass 
frogs, all under anesthesia. I took no special precautions against bleed- 
ing, since blood clots formed very rapidly. The wounds had to be left 
open, not only because closing the skin over the salamanders' amputa- 
tion sites would have stopped regeneration, but also because I was in- 
vestigating a natural process. In the wild, both frogs and salamanders 
get injuries much like the one I was producing—both are favorite foods 
of the freshwater bass—and heal them without a surgeon. 

Once the anesthetic wore off and the blood clot formed, I took a 
voltage reading from each stump. I was surprised to find that the polar- 
ity at the crump reversed to positive right after the injury. By the next 
day it had climbed to over 20 millivolts, the same in both frogs and 

salamanders. 
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I made measurements daily, expecting to see the salamander voltages 
climb above those of the frogs as the blastemas formed. It didn't work 
that way. The force of the current flowing from the salamanders' am- 
putation sites rapidly dropped, while that from the frogs' stumps stayed 
at the original level. By the third day the salamanders showed no current 
at all, and their blastemas hadn't even begun to appear. 

The experiment seemed a failure. I almost quit right there, but some- 
thing made me keep on measuring. I guess I thought it would be good 
practice. 

Then, between the sixth and tenth days an exciting trend emerged. 
The salamander potentials changed their sign again, exceeding their nor- 
mal voltage and reaching a peak of more than 30 millivolts negative just 
when the blastemas were emerging. The frogs were still plugging away 
with slowly declining positive voltages. As the salamander limbs regene- 
rated and the frog stumps healed over with skin and scar tissue, both 
groups of limbs gradually returned (from opposite directions) to the 
original baseline of 10 millivolts negative. 
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THE CURRENT OF INJURY: SALAMANDER VERSUS FROG 


Here was confirmation better than my wildest dreams! Already, in my 
first experiment, I had the best payoff research can give—the excitement 
of seeing something no one else seen before. I knew now that 
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the current of injury wasn't due to dying cells, which were long gone by 
then. Moreover, the opposite polarities indicated a profound difference 
in the electrical properties of the two animals, which somehow would 
explain why only the salamander could regenerate. The negative poten- 
tial seemed to bring forth the all-important blastema. It was a very 


significant observation, even though the facts had scrambled my neat 
hypothesis somewhat. 





SOON BALANCED BY (f) CHARGES 


SIMPLE ()CHARGES FROM DAMAGED CELLS THERE MUST BE A CONTINUOUS CURRENT 
THE CURRENT OF INJURY IS MORE THAN A SIDE EFFECT 


Dr. Yntema agreed and urged me to write up a report for publication, 
but first I jumped ahead with another idea. I took a new group of frogs, 
amputated one foreleg from each, and every day applied negative current 
to the stump from a small battery. I dreamed of being the first to get 
complete regrowth in a normally nonregenerating animal; I could almost 
see my name on the cover of Scientific American. The frogs were less 
interested in my glory. They had to hold still for up to half an hour with 
electrodes attached. They refused, so I anesthetized them each day, 
something they tolerated very poorly. Within a week my Nobel Prize 
had turned into a collection of dead frogs. 

For some time I'd been scouring the dusty stacks of the medical li- 
brary for previous work on bioelectricity, and how I found a paper writ- 
ten in 1909 by an American researcher named Owen E. Frazee. He 

reported that electrical currents passed through the aquarium water in 
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which larval salamanders were living speeded up their regeneration. At 
that time, electrical equipment was so primitive that I couldn't rely on 
Frazee's results, but I decided to try it for myself. What Sinyukhin had 
done with tomato plants I hoped to do with salamanders. 

To one group of salamanders I applied 2 microamperes of positive 
current from batteries connected directly to the stumps for five to ten 
minutes on each of the first five days after amputation. This was 
0.000002 ampere, a tiny current by ordinary standards (most household 
circuits carry 15 or 20 amperes) but comparable to what seemed to be 
flowing in the limb. I intended to reinforce the normal positive peak in 
the current of injury. This treatment seemed to make the blastemas 
larger but slowed down the whole process somewhat. To another group I 
applied 3 microamperes of negative current on the fifth to ninth days, 
when the normal currents were hitting their negative peaks. This 
seemed to increase the rate of regrowth for a week but didn't change the 
time needed for a complete limb. Finally I tried Frazee's method with a 
constant current through the aquarium water. Again the results were 
equivocal at best. These failures taught me that, before I applied my 
findings to other animals, I would have to learn how the current of injury 
worked. 

Meanwhile, I wrote up my results. Not knowing any better, I sub- 
mitted my paper to the Journal of Bone and Joint Surgery, the most pres- 
tigious orthopedic journal in the world. It was a dumb thing to do. The 
experiment had no immediate practical application, while the journal 
accepted only clinical reports. Moreover, the publication was very politi- 
cal; normally you had to have an established reputation or come from 
one of the big orthopedic programs, like Harvard or Columbia, to get 
into it. Luckily, I didn't know that. Someone thought my paper was 
just what the doctor ordered. Not only was it accepted for publication, 
but I was invited to present it at the next combined meeting of the 
Orthopaedic Research Society and the American Academy of Ortho- 
paedic Surgeons, at Miami Beach in January 1961. This invitation was a 
particular honor, for it meant someone considered my work so signifi- 
cant that practicing physicians, as well as researchers, should hear of it 
right then and there. Whoever that someone was, he or she has my 
undying gratitude. 

My report was well received and soon was published, to the con- 
sternation of the local inquisitors and the delight of Chester Yntema. 

Since the journal was geared to clinicians. I worried that my experiment 

wouldn't reach the basic researchers with whom I really wanted to share 

it, but again I was wrong. The next year I got a phone call from Meryl 
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Rose himself. He was excited by the article and wanted to know what 
I'd done since. 

Although Rose taught at Tulane Medical School in New Orleans, he 
spent every summer at the Woods Hole Marine Biological Laboratory on 
Cape Cod, so he and his wife drove to Syracuse from there. Despite his 
success, Rose had maintained the completely open mind that a great 
researcher must have, and he was fascinated by the observations on elec- 
tric fields, nerves, anesthesia, and magnetism that I'll recount in the 
next chapter. Since then his interest has encouraged me enormously. My 
friendship with this fine man and scientist has been fruitful even beyond 
the expectations I had then, and, when my wife and I had the Roses to 
dinner, we found our pasts were linked by an odd coincidence. As they 
walked in the door, Lillian exclaimed, "Dr. Rose! Weren't you at Smith 
College in the 1940s?" It turned out that she'd been a friend of Rose's 
student lab assistant and had helped catch the frogs for the famous salt- 
in-the-wound experiment! 


Part 2 
The Stimulating 
Current 


The basic texture of research consists of dreams into which 
the threads of reasoning, measurement, and calculation 

are woven. 

—Albert Szent-Gyorgyi 


Four 
Life's Potentials 


It's an axiom of science that the better an experiment is, the more new 
questions it raises after it has answered the one you asked. By that stan- 
dard my first simple test had been pretty good. The new problems 
branched out like the fingers on those restored limbs: Where did the 
injury currents come from? Were they in fact related to the nervous 
system and, if so, how? It seemed unlikely that they sprang into action 
only after an amputation; they must have existed before. There must 
have been a preexisting substratum of direct current activity that re- 
sponded to the injury. Did the voltages I measured really reflect such 
currents, and did they flow throughout the salamander's body? Did 
other organisms have them? What structures carried them? What were 
their electrical properties? What were they doing the rest of the time, 
before injury and after healing? Could they be used to provoke regenera- 
tion where it was normally absent? 

I had ideas about how to look for some of the answers, but, to under- 
stand my approach, the reader unfamiliar with electrical terms will need 
a simplified explanation of several basic concepts that are essential to the 
rest of the story. 

Everything electrical stems from the phenomenon of charge. No one 
knows exactly what this is, except to say that it's a fundamental property 
of matter that exists in two opposite forms, or polarities, which we 
arbitrarily call positive and negative. Protons, which are one of the two 
main types of particles in atomic nuclei, are positive; the other particles, 
the neutrons, are so named because rhey have no charge. Orbiting 
around the nucleus are electrons, in the same number as the protons 
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inside the nucleus. Although an electron is 1,836 times less massive 
than a proton, the electron carries an equal but opposite (negative) 
charge. Because of their lightness and their position outside the nucleus, 
electrons are much more easily dislodged from atoms than are protons, 
so they're the main carriers of electric charge. For the lay person's pur- 
poses a negative charge can be thought of as a surplus of electrons, while 
a positive charge can be considered a scarcity of them. When electrons 
move away from an area, it becomes positively charged, and the area to 
which they move becomes negative. 

A flow of electrons is called a current, and is measured in amperes, 
units named for an early-nineteenth-century French physicist, Andre 
Marie Ampere. A direct current is a more or less even flow, as opposed 
to the instantaneous discharge of static electricity as sparks or lightning, 
or the back-and-forth flow of alternating current which powers most of 
our appliances. 

Besides the amount of charge being moved, a current has another 
characteristic important for our narrative—its electromotive force. This 
can be visualized as the "push" behind the current, and it's measured in 
volts (named for Alessandro Volta). 

In high school most of us learned that a current flows only when a 
source of electrons (negatively charged material) is connected to a mate- 
rial having fewer free electrons (positively charged in relation to the 
source) by a conductor, through which the electrons can flow. This is 
what happens when you connect the negative terminal of a battery to its 
positive pole with a wire or a radio's innards: You've completed a circuit 
between negative and positive. If there's no conductor, and hence no 
circuit, there's only a hypothetical charge flow, or electric potential, 
between the two areas. The force of this latent current is also measured 
in volts by temporarily completing the circuit with a recording device, 
as I did in my experiment. 

The potential can continue to build until a violent burst of current 
equalizes the charges; this is what happens when lightning _ strikes. 
Smaller potentials may remain stable, however. In this case they must be 
continuously fed by a direct current flowing from positive to negative, 
the opposite of the normal direction. In this part of a circuit, electrons 
actually flow from where they're scarce to where they're more abundant. 
As Volta found, such a flow is generated inside a battery by the electrical 
interaction of two metals. 

An electric field forms around any electric charge. This means that 

any other charged object will be attracted (if the polarities are opposite) 

or repelled (if they're the same) for a certain distance around the first 
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object. The field is the region of space in which an electrical charge can 
be detected, and it's measured in volts per unit of area. 

Electric fields must be distinguished from magnetic fields. Like 
charge, magnetism is a dimly understood intrinsic property of matter 
that manifests itself in two polarities. Any flow of electrons sets up a 
combined electric and magnetic field around the current, which in tum 
affects other electrons nearby. Around a direct current the electromag- 
netic field is stable, whereas an alternating current's field collapses and 
reappears with its poles reversed every time the current changes direc- 
tion. This reversal happens sixty times a second in our normal house 
currents. Just as a current produces a magnetic field, a magnetic field, 
when it moves in relation to a conductor, induces a current. Any varying 
magnetic field, like that around household appliances, generates a cur- 
rent in nearby conductors. The weak magnetic fields we'll be discussing 
are measured in gauss, units named after a nineteenth-century German 
pioneer in the study of magnetism, Karl Friedrich Gauss. 

Both electric and magnetic fields are really just abstractions that sci- 
entists have made up to try to understand electricity's and magnetism's 
action at a distance, produced by no known intervening material or en- 
ergy, a phenomenon that used to be considered impossible until it be- 
came undeniable. A field is represented by lines of force, another 
abstraction, to indicate its direction and shape. Both kinds of fields de- 
cline with distance, but their influence is technically infinite: Every time 
you use your toaster, the fields around it perturb charged particles in the 
farthest galaxies ever so slightly. 

In addition, there's a whole universe full of electromagnetic energy, 
radiation that somehow seems to be both waves in an electromagnetic 
field and particles at the same time. It exists in a spectrum of wave- 
lengths that includes cosmic rays, gamma rays, X rays, ultraviolet radia- 
tion, visible light, infrared radiation, microwaves, and radio waves. 
Together, electromagnetic fields and energies interact in many complex 
ways that have given rise to much of the natural world, not to mention 
the whole technology of electronics. 

You'll need a casual acquaintance with all these terms for the story 
ahead, but don't worry if the concepts seem a bit murky. Physicists have 
been trying for generations to solve the fundamental mysteries of elec- 
tromagnetism, and no one, not even Einstein, has yet succeeded. 
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Unpopular Science 


None of these things had the slightest relevance to life, according to 
most biologists around 1960. A major evaluation of American medicine, 
financed by the Carnegie Foundation and published in 1910 by the re- 
spected educator Abraham Flexner, had denounced the clinical use of 
electric shocks and currents, which had been applied, often over- 
enthusiastically, to many diseases since the mid-1700s. Electrotherapy 
sometimes seemed to work, but no one knew why, and it had gotten a 
bad name from the many charlatans who'd exploited it. Its legitimate 
proponents had no scientific way to defend it, so the reforms in medical 
education that followed the Flexner report drove all mention of it from 
the classroom and clinic, just as the last remnants of belief in vital elec- 
tricity were being purged from biology by the discovery of acetylcholine. 
This development dovetailed nicely with expanding knowledge of bio- 
chemistry and growing reliance on the drug industry's products. Pen- 
icillin later made medicine almost exclusively drug oriented. 

Meanwhile, the work of Faraday, Edison, Marconi, and others liter- 
ally electrified the world. As the uses of electricity multiplied, no one 
found any obvious effects on living creatures except for the shock and 
heating caused by large currents. To be sure, no one looked very hard, 
for fear of discouraging a growth industry, but the magic of electricity 
seemed to lie precisely in the way it worked its wonders unseen and 
unfelt by the folks clustered around the radio or playing cards under the 
light bulb. By the 1920s, no scientist intent on a respectable career 
dared suggest that life was in any sense electrical. 

Nevertheless, some researchers kept coming up with observations that 
didn't fit the prevailing view. Although their work was mostly con- 
signed to the fringes of the scientific community, by the late 1950s 
they'd accumulated quite a bit of evidence. 

There were two groups of dissenters, but, because their work went 
unheeded, each was largely unaware of the other's existence. One line of 
inquiry began just after the turn of the century when it was leamed that 
hydras were electrically polarized. The head was found to be positive, 
the tail negative. I've already mentioned Frazee's 1909 report of sala- 
mander regeneration enhanced by electrical currents. Then, with a clas- 
sic series of experiments in the early 1920s, Elmer J. Lund of the 
University of Texas found that the polarity of regeneration in species 

related to the hydra could be controlled, even reversed, by small direct 

currents passes through the animal's body. A current strong enough to 
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override the creature's normal polarity could cause a head to form where 
a tail should have reappeared, and vice versa. Others confirmed this dis- 
covery, and Lund went on to study eggs and embryos. He claimed to 
have influenced the development of frog eggs not only with currents but 
also with magnetic fields, a conclusion that was really risque for that 
time. 

Stimulated by Lund's papers, Harold Saxton Burr of Yale began put- 
ting electrodes to all kinds of creatures. Burr was lucky enough to have a 
forum for his work. He edited the Yale Journal of Biology and Medicine, 
where most of his reports appeared; few other journals would touch 
them. Burr and his co-workers found electric fields around, and electric 
potentials on the surfaces of, organisms as diverse as worms, hydras, 
salamanders, humans, other mammals, and even slime molds. They 
measured changes in these potentials and correlated them to growth, 
regeneration, tumor formation, drug effects, hypnosis, and sleep. Burr 
claimed to have measured field changes resulting from ovulation, but 
others got contradictory results. He hooked up his voltmeters to trees for 
years at a time and found that their fields varied in response not only to 
light and moisture, but to storms, sunspots, and the phases of the moon 
as well. 

Burr and Lund were handicapped by their instruments as well as the 
research climate. Most of their work was done before World War II and, 
even though Burr spent years designing the most sensitive devices possi- 
ble using vacuum tubes, the meters were still too "noisy" to reliably 
measure the tiny currents found in living things. The two scientists 
could refine their observations only enough to find a simple dipolar dis- 
tribution of potentials, the head of most animals being negative and the 
tail positive. 

Burr and Lund advanced similar theories of an electrodynamic field, 
called by Burr the field of life or L-field, which held the shape of an 
organism just as a mold determines the shape of a gelatin dessert. 
"When we meet a friend we have not seen for six months there is not 
one molecule in his face which was there when we last saw him," Burr 
wrote. "But, thanks to his controlling L-field, the new molecules have 
fallen into the old, familiar pattern and we can recognize his face." 

Burr believed that faults in the field could reveal latent illness just as 
dents in a mold show up in the jelly. He claimed to be able to predict 
all sorts of things about a person's emotional and physical health, both 
present and future, merely by checking the voltage between head and 
hand. His later writings were marred by a son of bioelectric determin- 

ism and a tendency to confuse "law and order" in nature with that 
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odious euphemism as preached by Presidents. As a result, he began to 
suggest his simple readings as a foolproof way to evaluate job applicants, 
soldiers, mental patients, and suspected criminals or dissidents. 

The fields Burr and Lund found were actually far too simple to ac- 
count for a salamander's limb or a human face. Biological knowledge at 
that time gave them no theoretical framework to explain where their 
fields came from. They conceived of currents flowing within cells but 
had no proof. They had no inkling that currents might flow in specific 
tissues or in the fluids outside cells. They suggested that all these little 
intracellular currents somehow added up to the whole field. Burr wrote 
that "electrical energy is a fundamental attribute of protoplasm and is an 
expression or measure of the presence of an electrodynamic field in the 
organism." Unfortunately, an analysis of this sentence yields nonsense, 
and Burr's work was dismissed as foggy vitalism. Lund suffered the same 
fate. No one bothered to see if the measurements they'd made were valid. 
After all, you can disagree with a theory, but you should respect the 
data enough to check them. If you can't duplicate them, you're entitled 
to rest easy with your own concepts, but if you get the same results, 
you're obligated to agree or propose an alternate theory. Most scientists 
took the easy way out, however, and simply ignored Burr and Lund. 
Their discoveries remained little known, and most biologists didn't con- 
nect them with the tentative morphogenetic-field concept of regenera- 
tion. 

Then in 1952 Lund's work was taken up by G. Marsh and H. W. 
Beams using the planarian. They found that the flatworm's polarity, like 
the hydra's, could be controlled by passing a current through it. When a 
direct current was fed in the proper direction through a section of a 
worm, normal polarity disappeared and a head formed at each end. As 
the current strength was increased, the section's polarity reversed; a head 
regrew at the rear, a tail at the front. At higher voltages, even intact 
worms completely reorganized, with the head becoming a tail and vice 
versa. Marsh and Beams grew convinced that the animal's electric field 
was the morphogenetic organizing principle. Still, their work was also 
ignored, except by Meryl Rose, who suggested that a gradation of elec- 
trical charge from front to back controlled the gradient of growth inhib- 
itors and stimulators. He suggested that the growth compounds were 
charged molecules that were moved to different places in the body by 
the electric field, depending on the amount and sign of their charge and 
their molecular weight. 
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Undercurrents in Neurology 


While the investigation of the total body field moved haltingly for- 
ward in the study of simple animals, several neurophysiologists began 
finding out odd things about the nerves of more complex creatures, data 
that Bernstein's action potential couldn't explain. Going through the old 
literature, following lead after lead from one paper to the next, I found 
many hints that there were DC potentials in the nervous system and that 
small currents from outside could affect brain function. 

The first recorded use of currents on the nervous system was _ by 
Giovanni Aldini, a nephew of Galvani and an ardent champion of vi- 
talism. Using the batteries of his archenemy Volta, Aldini claimed re- 
markable success in relieving asthma. He also cured a man who today 
would probably be diagnosed as schizophrenic, although it's impossible 
to know how much benefit came from the currents and how much from 
simple solicitude, then so rare in treating mental illness. Aldini gave his 

patient a room in his own house and later found him a job. Some of 
Aldini's experiments were grotesque - he tried to resurrect recently ex- 

ecuted criminals by making the corpses twitch with electricity - but his 
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idea that external current could replenish the vital force of exhausted 
nerves became the rationale for a whole century of electrotherapy. 

Modern studies of nerves and current began in 1902, when French 
researcher Stephane Leduc reported putting animals to sleep by passing 
fairly strong alternating currents through their heads. He even knocked 
himself unconscious several times by this method. (Talk about dedica- 
tion to science!) Several others took up this lead in the 1930s and devel- 
oped the techniques of electroshock and electronarcosis. The therapeutic 
value of using large currents to produce convulsions has been questioned 
more and more, until now it's mostly used to quiet unmanageable psy- 
chotics and political nonconformists. Electronarcosis—induction of sleep 
by passing small currents across the head from temple to temple—is 
widely used by legitimate therapists in France and the Soviet Union. 
Russian doctors claim their elektroson technique, which uses electrodes on 
the eyelids and behind the ears to deliver weak direct currents pulsing at 
calmative brain-wave frequencies, can impart the benefits of a full 
night's sleep in two or three hours. There's still much dispute about how 
both techniques work, but from the outset there was no denying that 
the currents had a profound effect on the nervous system. 

In the second and third decades of this century there was a flurry of 
interest in galvanotaxis, the idea that direct currents guided the growth 
of cells, especially neurons. In 1920, S. Ingvar found that the fibers 
growing out of nerve cell bodies would align themselves with a nearby 
flow of current and that the fibers growing toward the negative electrode 
were different from those growing toward the positive one. Paul Weiss 
soon "explained" this heretical observation as an artifact caused by 
stretching of the cell culture substrate due to contact with the elec- 
trodes. Even after Marsh and Beams proved Weiss wrong in 1946, it 
took many more years for the scientific community to accept the fact 
that neuron fibers do orient themselves along a current flow. Today the 
possible use of electricity to guide nerve growth is one of the most excit- 
ing prospects in regeneration research (see Chapter 11). 

The Bernstein hypothesis, unable to account for these facts, has 
tured out to be deficient in several other respects. To begin with, ac- 
cording to the theory, an impulse should travel with equal ease in either 
direction along the nerve fiber. If the nerve is stimulated in the middle, 
an impulse should travel in both directions to opposite ends. Instead, 
impulses travel only in one direction; in experiments they can be made 
to travel "upstream," but only with great difficulty. This may not seem 
like such a big deal, but it is very significant. Something seems to polar- 

ize the nerve. 
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Another problem is the fact that, although nerves are essential for 
regeneration, the action potentials are silent during the process. No im- 
pulses have ever been found to be related to regrowth, and neu- 
rotransmitters such as acetylcholine have been ruled out as_ growth 
stimulators. 
In addition, impulses always have the same magnitude and_ speed. 
This may not seem like such a big thing either, but think about it. It 
means the nerve can carry only one message, like the digital computer's 
1 or 0. This is okay for simple things like the knee-jerk reflex. When 
the doctor's rubber hammer taps your knee, it's actually striking the 
patellar tendon, giving it a quick stretch. This stimulates stretch recep- 
tors (nerve cells in the tendon), which fire a signal to the spinal cord 
saying, "The patellar tendon has suddenly been stretched." These im- 
pulses are received by motor (muscle-activating) neurons in the spinal 
cord, which send impulses to the large muscle on the front of the thigh, 
telling it to contract and straighten the leg. In everyday life, the reflex 
keeps you from falling in a heap if an outside force suddenly bends your 
knees. 
The digital impulse system accounts for this perfectly well. However, 
no one can walk on reflexes alone, as victims of cerebral palsy know all 
too well. The motor activities we take for granted—getting out of a 
chair and walking across a room, picking up a cup and drinking coffee, 
and so on—require integration of all the muscles and sensory organs 
working smoothly together to produce coordinated movements that we 
don't even have to think about. No one has ever explained how the 
simple code of impulses can do all that. Even more troublesome are the 
higher processes, such as sight—in which somehow we interpret a con- 
stantly changing scene made of innumerable bits of visual data—or the 
speech patterns, symbol recognition, and grammar of our languages. 
Heading the list of riddles is the '"mind-brain problem" of con- 
sciousness, with its recognition, "I am real; I think; I am something 
special." Then there are abstract thought, memory, personality, 
creativity, and dreams. The story goes that Otto Loewi had wrestled 
with the problem of the synapse for a long time without result, when 
one night he had a dream in which the entire frog-heart experiment was 
reveiled to him. When he awoke, he knew he'd had the dream, but he'd 
forgotten the details. The next night he had the same dream. This time 
he remembered the procedure, went to his lab in the moming, did the 
experiment, and solved the problem. The inspiration that seemed to 
banish neural electricity forever can't be explained by the theory it sup- 
ported! How do you convert simple digital messages into these complex 


88 The Body Electric 

phenomena? Latter-day mechanists have simply postulated brain cir- 
cuitry so intricate that we will probably never figure it out, but some 
scientists have said there must be other factors. 

Even as Loewi was finishing his work on acetylcholine, others began 
to find evidence that currents flowed in the nerves. English physiologist 
Richard Caton had already claimed he'd detected an electric field around 
the heads of animals in 1875, but it wasn't until 1924 that German 
psychiatrist Hans Berger proved it by recording the first electroen- 
cephalogram (EEG) from platinum wires he inserted into his son's scalp. 
The EEG provided a record of rhythmic fluctuations in potential voltage 
over various parts of the head. Berger at first thought there was only one 
wave from the whole brain, but it soon became clear that the waves 
differed, depending on where the electrodes were put. Modern EEGs use 
as many as thirty-two separate channels, all over the head. 

The frequency of these brain waves has been crudely correlated with 
states of consciousness. Delta waves (0.5 to 3 cycles per second) indicate 
deep sleep. Theta waves (4 to 8 cycles per second) indicate trance, drow- 
siness, or light sleep. Alpha waves (8 to 14 cycles per second) appear 
during relaxed wakefulness or meditation. And beta waves (14 to 35 
cycles per second), the most uneven forms, accompany all the modula- 
tions of our active everyday consciousness. Underlying these rhythms are 
potentials that vary much more slowly, over periods as long as several 
minutes. Today's EEG machines are designed to filter them out because 
they cause the trace to wander and are considered insignificant anyway. 

There's still no consensus as to where the EEG voltages come from. 
They would be most easily explained by direct currents, both steady 
state and pulsing, throughout the brain, but that has been impossible 
for most biologists to accept. The main alternative theory, that large 
numbers of neurons firing simultaneously can mimic real electrical ac- 
tivity, has never been proven. 

In 1939, W. E. Burge of the University of Illinois found that the 
voltage measured between the head and other parts of the body became 
more negative during physical activity, declined in sleep, and reversed 
to positive under general anesthesia. At about the same time a group of 
physiologists and neurologists at Harvard Medical School began study- 
ing the brain with a group of MIT mathematicians. This association was 
destined to change the world. From it came many of our moder con- 
cepts of cybernetics, and it became the nucleus of the main American 
task force on computers in World War IH. One of the group's first im- 
portant ideas was that the brain worked by a combination of analog and 

digital coding. 
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One of the mathematicians, computer pioneer John von Neumann, 
later elaborated the concept in great detail, but basically it's rather sim- 
ple. In analog computers, changes in information are expressed by analo- 
gous changes in the magnitude or polarity of a current. For example, if 
the computer is to use and store the varying temperatures of a furnace, 
the rise and fall in heat can be mimicked by a rise and fall in voltage. 
Analog systems are slow and can handle only simple information, but 
they can express subtle variations very well. Digital coding, on the other 
hand, can transmit enormous amounts of data at high speed, but only if 
the information can be reduced to yes-no, on-off bits—the digits 1 and 
O. If the brain was such a hybrid computer, these early cyberneticists 
reasoned, then analog coding could control the overall activity of large 
groups of neurons by such actions as increasing or decreasing their sen- 
sitivity to incoming messages. (A few years later neurologists did find 
that some neurons were "tuned" to fire only if they received a certain 
number of impulses.) The digital system would transfer sensory and 
motor information, but the processing of that information—memory 
and recall, thought, and so on—would be accomplished by the syn- 
ergism of both methods. The voltage changes Burge found in response 
to major alterations of consciousness seemed to fit within this frame- 
work, and his observations were extended by the Harvard-MIT group 
and others. Much of this work was done directly on the exposed brains 
of animals and of human patients during surgery. When cooperative 
patients elected to remain awake during such operations (the brain is 
immune to pain), human sensations could often be correlated with elec- 
trical data. Contributors to this endeavor included nearly all of the 
greatest American neurophysiologists—Walter B. Cannon, Arturo Ro- 
senblueth, Ralph Gerard, Gilbert Ling, Wilder Penfield, and others. 
Measurements on the exposed brain quickly confirmed the existence of 
potential voltages and also revealed possible currents of injury. When- 
ever groups of nerve cells were actively conducting impulses, they also 
produced a negative potential. Positive potentials appeared from injured 
cells when the brain had been damaged; these potentials then expanded 
outward to uninjured cells, suppressing their ability to send or receive 
impulses. When experimenters applied small negative voltages to groups 
of neurons, their sensitivity increased; that is, they would generate an 
impulse in response to a weaker stimulus. Externally applied positive 
potentials worked in the opposite way: They depressed nerve function, 
making it harder to produce an impulse. Thus there did seem to be an 

analog code, but how did it work? Did the potentials come from direct 

currents generated by the nerve cells themselves, or did they merely 
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result from adding up a lot of action potentials all going in the same 
direction and arriving in the same place at the same time? 

Some answers were provided by a series of beautiful experiments by 
Ling, Gerard, and Benjamin Libet at the University of Chicago. Work- 
ing on frogs, they studied areas of the cortex where the neuron layer was 
only one cell thick and the cells were arranged side by side like soldiers 
on review, all pointing in the same direction. In such areas they found a 
negative potential on the dendrites (the short incoming fibers) and a 
positive potential at the ends of the axons (the longer outgoing fibers). 
This indicated a steady direct current along the normal direction of im- 


pulse transmission. The entire nerve cell was electrically polarized. 
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In another series of experiments, on brains removed from frogs and 
kept alive in culture, the Chicago group found that direct currents swept 
across the surface of the cortex in very slow waves, which could be pro- 
duced experimentally by applying chemicals such as caffeine to a single 
spot on the surface. When they made a cut on the brain, severing groups 
of nerve fibers, these DC traveling waves would still cross the cut if the 
two surfaces were in direct contact. If the researchers held the cut open and 
filled it with a saline solution that matched body fluids, then the waves 
couldn't cross the gap. These were particularly important observations. 
They indicated that the current was transmitted by structures outside the 
neurons; it crossed the cut when the edges touched, but the microscopic 
parts of the severed neurons wouldn't have rejoined so easily. The results 
also showed that the current was not a flow of ions; otherwise it would 
have been able to cross the gap through the salt water. 

Studying intact brains in living frogs, the lame group found a poten- 
tial between the front and back of the brain. The olfactory (frontal) lobes 
were several milivolts negative with respect to the occipital (rear) lobe, 
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implying a current flowing up the brain stem and between the two 
hemispheres to the front. 

At the time, these observations seemed mighty odd. They didn't fit 
any concepts of how the nerves worked. As a result, they were largely 
ignored. The majority of neurophysiologists went on measuring the ac- 
tion potentials and tracing out fiber pathways in the brain. This was 
useful work but limited. The basic questions remained. 

Only one research team followed up this work, some ten years later. 
Sidney Goldring and James L. O'Leary, neuropsychiatrists at the Wash- 
ington University School of Medicine in St. Louis, recorded the same 
DC potentials from the human scalp, from the exposed brain during 
surgery, and from the brains of monkeys and rabbits. As noted before, 
the potentials varied in regular cycles several minutes long, like a basso 
continuo under the EEG. In fact, Goldring and O'Leary found waves 
within waves: "Written upon the slow major swings were lesser voltage 
changes." These were weak potentials, measured in microvolts (mil- 
lionths of a volt) and varying in waves of 2 to 30 cycles per minute, sort 
of a pianissimo "inner voice" in a three-part electrical fugue. 


Conducting ina New Mode 


I was acutely aware that I didn't have the "proper" background for the 
work I planned to do. I wasn't a professional neurophysiologist; I didn't 
even know one. Indeed, after my run-in with the research committee, 
one member had taken me aside and earmestly advised me, "Go back to 
school and get your Ph.D., Becker. Then you'll learn all of this stuff is 
nonsense." Still, some of the greatest neurophysiologists had thought 
the same way I did about "all of this stuff." They suggested we might 
have been too hasty in throwing electric currents out of biology. My 
notion of putting them back in wasn't so outlandish, but only an exten- 
sion of what they'd been saying. I was approaching the body's system of 
information transfer from the periphery, asking, "What makes wounds 
heal?" They'd started from the center, asking, "How does the brain 
work?" We were working on the same problem from opposite ends. As I 
contemplated their findings and all of biology's unsolved problems, I 
grew convinced that life was more complex than we suspected. I felt that 

those who reduced life to a mechanical interaction of molecules were 
living in a cold, gray, dead world, which, despite its drabness, was a 
fantasy. I didn't think electricity would turn to be any elan vital in 

the old sense, but I had a hunch would be closer to the secret than the 


92 The Body Electric 

smells of the biochemistry lab or the dissecting room's preserved organs. 

I had another worthy ally when I started to reevaluate the role of 
electricity in life. Albert Szent-Gyorgyi, who'd already won a Nobel 
Prize for his work on oxidation and vitamin C, made a stunning sugges- 
tion in a speech before the Budapest Academy of Science on March 21, 
1941. (Think of the date. World War II was literally exploding around 
him, and there he was, calmly laying the foundations for a new biology.) 
Speaking of the mechanistic approach of biochemistry, he pointed out 
that when experimenters broke living things down into their constituent 
parts, somewhere along the line life slipped through their fingers and 
they found themselves working with dead matter. He said, "It looks as 
if some basic fact about life were still missing, without which any real 
understanding is impossible." For the missing basic fact, Szent-Gyorgyi 
proposed putting electricity back into living things, but not in the way 
it had been thought of at the tum of the century. 

At that earlier time, there had been only two known modes of current 
conduction, ionic and metallic. Metallic conduction can be visualized as 
a cloud of electrons moving along the surface of metal, usually a wire. It 
can be automatically excluded from living creatures because no one has 
ever found any wires in them. Ionic current is conducted in solutions by 
the movement of ions—atoms or molecules charged by having more or 
fewer than the number of electrons needed to balance their protons' 
positive charges. Since ions are much bigger than electrons, they move 
more laboriously through the conducting medium, and ionic currents 
die out after short distances. They work fine across the thin membrane of 
the nerve fiber, but it would be impossible to sustain an ionic current 
down the length of even the shortest nerve. 

Semiconduction, the third kind of current, was a laboratory curiosity 
in the 1930s. Halfway between conductors and insulators, the semicon- 
ductors are inefficient, in the sense that they can carry only small cur- 
rents, but they can conduct their currents readily over long distances. 
Without them, modern computers, satellites, and all the rest of our 
solid-state electronics would be impossible. 

Semiconduction occurs only in materials having an orderly molecular 
structure, such as crystals, in which electrons can move easily from the 
electron cloud around one atomic nucleus to the cloud around another. 
The atoms in a crystal are arranged in neat geometrieal lattices, rather 
than the frozen jumble of ordinary solids. Some crystalline materials 
have spaces in the lattice where other atoms can fit. The atoms of these 
impurities may have more or fewer electrons than the atoms of the lat- 

tice material. Since the forces of the latticework structure hold the same 
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number of electrons in place around each atom, the "extra" electrons of 
the impurity atoms are free to move through the lattice without being 
bound to any particular atom. If the impurity atoms have fewer electrons 
than the others, the "holes" in their electron clouds can be filled by 
electrons from other atoms, leaving holes elsewhere. A negative current, 
or N-type semiconduction, amounts to the movement of excess elec- 
trons; a positive current, or P-type semiconduction, is the movement of 


these holes, which can be thought of as positive charges. 
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Szent-Gyorgyi pointed out that the molecular structure of many parts 
of the cell was regular enough to support semiconduction. This idea was 
almost completely ignored at the time. Even when Szent-Gyorgyi ex- 
panded the concept in his 1960 Introduction to a Submolecular Biology, 
most scientists (except in Russia!) dismissed it as evidence of his advanc- 
ing age, but that little book was an inspiration to me. I think it may 
tum out to be the man's most important contribution to science. In it 
he conjectured that protein molecules, each having a sort of slot or way 
station for mobile electrons, might be joined together in long chains so 
that electrons could flow in a semiconducting current over long distances 
without losing energy, much as in a game of checkers one counter could 
jump along a row of other pieces across the entire board. Szent-Gyorgyi 
suggested that the electron flow would be smilar to photosynthesis, 

another process he helped elucidate, in which a kind of waterfall of elec- 
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trons cascaded step by step down a staircase of molecules, losing energy 
with each bounce. The main difference was that in protein semiconduc- 
tion the electrons' energy would be conserved and passed along as infor- 
mation instead of being absorbed and stored in the chemical bonds of 
food. 

With Szent-Gyorgyi's suggestion in mind, I put together my working 
hypothesis. I postulated a primitive, analog-coded information system 
that was closely related to the nerves but not necessarily located in the 
nerve fibers themselves. I theorized that this system used semiconduct- 
ing direct currents and that, either alone or in concert with the nerve 
impulse system, it regulated growth, healing, and perhaps other basic 
processes. 


Testing the Concept 


The first order of business was to repeat Burr's measurements on sala- 
manders, using modern equipment. I put the reference electrode at the 
tip of each animal's nose and moved the recording electrode point by 
point along the center of the body to the tip of the tail, and then out 
along each limb. I measured voltages on the rest of the body and plotted 
lines of force connecting all the points where the readings were the 
same. 

Instead of Bum's simple head-negative and tail-positive form, I found 
a complex field that followed the arrangement of the nervous system. 
There were large positive potentials over each lobe of the brain, and 
slightly smaller ones over the brachial and lumbar nerve ganglia between 
each pair of limbs. The readings grew increasingly negative as I moved 
away from these collections of nerve cell bodies; the hands, feet, and tip 
of the tail had the highest negative potentials. 

In another series of measurements, I watched the potentials develop 
along with the nervous system in larval salamanders. In the adults, cut- 
ting the nerves where they entered the legs—that is, severing the long 
nerve fibers from their cell bodies in the spinal cord—wiped out the 
limb potentials almost entirely. But if I cut the spinal cord, leaving the 
peripheral nerves connected to their cell bodies, the limb potentials 
didn't change. It certainly looked as though there was a current being 
generated in the nerve cell bodies and traveling down the fibers. 

To have a current flow you need a circuit; the current has to be made 

at one spot, pass through a conductor, and eventually get back to the 

generator. We tend to forget that the 60-cycle alternating current in the 
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wall socket isn't used up when we turn on a light but is merely coursing 
through it to the ground, through which it eventually returns to the 
power station. Since my measurements were positive over collections of 
nerve cell bodies, and increasingly negative out along the nerve fibers, it 
seemed a good bet that current was being generated in the cell bodies, 
especially since they contained all of the "good stuff"—the nucleus, 
organelles, and metabolic components—while the fibers were relatively 
uninteresting prolongations of the body. At the time, I supposed the 
circuit was completed by current going back toward the spine through 
the muscles. 

This was a good start, but it wasn't scientifically acceptable proof. For 
one thing, my guess about the return part of the circuit was soon dis- 
proved when I measured the limb muscles and found them polarized in 
the same direction as the surface potentials. For another thing, it had 
recently been discovered that amphibian skin itself was polarized, inside 
versus outside, by ion differences much like the nerve membrane's rest- 

ing potential, so it was just barely possible that my readings had been 
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caused by ionic discharges through the moist skin. If so, my evidence 
was literally all wet. 

Much of the uncertainty was due to the fact that I was measuring the 
outside of the animal and assuming that generators and conductors inside 
were making the pattern I found. I needed a way to relate inner currents 
to outer potentials. 

This was before transistors had entirely replaced vacuum tubes. A 
tube's characteristics depended on the structure of the electric field in- 
side it, but to calculate the field parameters in advance without comput- 
ers was a laborious task, so radio engineers often made an analog model. 
They built a large mock-up of the tube, filled with a conducting solu- 
tion. When current was applied to the model, the field could be mapped 
by measuring the voltage at various points in the solution. I decided to 
build a model salamander. 

I made an analog of the creature's nervous system out of copper wires. 
For the brain and nerve ganglia I used blobs of solder. Each junction was 
thus a voltaic battery of two different metals, copper and the lead-tin 
alloy of which the solder was made. Then I simply sandwiched this 
"nervous system" between two pieces of sponge rubber cut in the shape 
of a salamander, and soaked the model in a salt solution to approximate 
body fluids and serve as the electrolyte, the conducting solution that 
would enable the two metals to function as a battery. It worked. The 
readings were almost exactly the same as in the real salamander. This 
showed that a direct current inside could produce the potentials I was 
getting on the outside. 

If my proposed system was really a primitive part of the nervous sys- 
tem, it should be widely distributed, so next I surveyed the whole ani- 
mal kingdom. I tested flatworms, earthworms, fish, amphibians, 
reptiles, mammals, and humans. In each species the potentials on the 
skin reflected the arrangement of the nervous system. In the worms and 
fish, there was only one area of positive potential, just as there was only 
one major nerve ganglion, the brain. In humans the entire head and 
spinal region, with its massive concentration of neurons, was strongly 
positive. The three specific areas of greatest positive potential were the 
same as in the salamander: the brain, the brachial plexus between the 
shoulder blades, and the lumbar enlargement at the base of the spinal 
cord. In all vertebrates I also recorded a midline head potential that 
suggested a direct current like that postulated by Gerard, flowing from 

back to front through the middle of the brain. It looked as though the 

current came from the reticular activating system, a network of cross- 

linked neurons that fanned out from the brainstem into higher centers 
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and seemed to control the level of sleep or wakefulness and the focus of 
attention. 
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THE HUMAN DC FIELD PATTERN Oo Oo 


At the same time, to see whether the current of injury and the surface 
potentials came from the same source, I made electrical measurements 
on salamander limbs as they healed fractures. (As mentioned in Chapter 
1, bone healing is the only kind of true regeneration common to all 
vertebrates.) The limb currents behaved like those accompanying re- 
growth. A positive zone immediately formed around the break, although 
the rest of the limb retained at least part of its negative potential. Then, 
between the fifth and tenth days, the positive zone reversed its potential 
and became more strongly negative than the rest of the limb as the 
fracture began to heal. 

Next I decided to follow up Burge's experiments of two decades be- 
fore. I would produce various changes in the state of the nervous system 
and look for concomitant changes in the electrical measurements. To do 
this right I really neededa few thousand dollars for an apparatus that 

could take readings from several electrodes simultaneously and _ record 
them side by side on a chart. My chances of getting this money seemed 
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slim unless I could publish another paper fast. I decided to use the 
equipment I had for a simple measurement during one of the most pro- 
found changes in consciousness—anesthesia. 

Burge was right. The electrical responses were dramatic and_ in- 
controvertible. As each animal went under, its peripheral voltages 
dropped to zero, and in very deep anesthesia they reversed to some ex- 
tent, the limbs and tail going positive. They reverted to normal just 
before the animal woke up. 

I had enough for a short paper, and I decided to try a journal on 
medical electronics recently started by the Institute of Radio Engineers. 
Although most of what they printed was safe and unremarkable, I'd 
found that engineers were often more open-minded than biologists, so I 
went for broke; I put in the whole hypothesis—analog nervous system, 
semiconducting currents, healing control, the works. The editor loved it 
and sent me an enthusiastic letter of acceptance, along with suggestions 
for further research. Best of all, I soon got another small grant approved 

and bought my multi-electrode chart recorder. Soon I had confirmed my 
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anesthesia findings, and with the whole-body monitoring setup I also 
was able to correlate the entire pattern of surface voltages with the ani- 
mal's level of activity while not anesthetized. Negative potentials in the 
brain's frontal area and at the periphery of the nervous system were asso- 
ciated with wakefulness, sensory stimuli, and muscle movements. The 
more activity, the greater the negative potentials were. A shift toward 
the positive occurred during rest and even more so during sleep. * 
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In my reading on solid-state electronics I found another way I could 
test for current in the salamander. Luckily it was cheap and easy; I could 
do it without buying more equipment. Best of all, it should work only 
if the current was semiconducting. 

Suppose you think you have a current flowing through some conduc- 
tor—a salamander's limb, for instance. You put it in a strong magnetic 
field so that the lines of force cut across the conductor at right angles. 
Then you place another conductor, containing no current, perpendicular 
to both the original conductor (the limb) and the magnetic field. If there 
is a current in whatever you're testing, some of the charge carriers will 
be deflected by the magnetic field into the other conductor, producing a 
voltage that you can measure. This is called the Hall voltage, after the 
gentleman who discovered it. The beauty of it is that it works dif- 
ferently for the three kinds of current. For any given strength of mag- 


*] didn't know it until later, but another experimenter named H. Caspers made 
similar findings at about the same time. 
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netic field, the Hall voltage is proportional to the mobility of the charge 
carriers. Ions in a solution are relatively big and barely deflected by the 
field. Electrons in a wire are constrained by the nature of the metal. In 
both cases the Hall voltage is small and hard to detect. Electrons in 
semiconductors are very free to move, however, and produce Hall volt- 
ages with much weaker fields. 

After finding a C-shaped permanent magnet, an item not much in 
demand since the advent of electromagnets, I set up the equipment. I 
took a deep breath as I placed the first anesthetized salamander on its 
plastic support, with one foreleg extended. I'd placed electrodes so that 
they touched the limb lightly, one on each side, and I'd mounted the 
magnet so as to swing in with its poles above and below the limb, close 
to yet not touching it. I took voltage measurements every few minutes, 
with the magnet and without it, as the animal regained consciousness. I 
also measured the DC voltage from the tips of the fingers to the spinal 
cord. In deep anesthesia, the DC voltage along the limb was zero and so 
was the Hall voltage. As the anesthetic wore off, the normal potential 
along the limb gradually appeared, and so did a beautiful Hall voltage. 
It increased right along with the limb potential, until the animal re- 
covered completely and walked away from the apparatus. The test 
worked every time, but I don't think I'll ever forget the thrill of watch- 
ing the pen on the recorder trace out the first of those Hall voltages. 
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This experiment demonstrated unequivocally that there was a real 
electric current flowing along the salamander's foreleg, and it virtually 
proved that the current was semiconducting. In fact, the half-dozen tests 
I'd performed supported every point of my hypothesis. 

Scientific results that aren't reported might as well not exist. They're 
like the sound of one hand clapping. For scientists, communication isn't 
only a responsibility, it's our chief pleasure. A good result from a clean, 
beautiful experiment is a joy that you just have to share, and I couldn't 
wait to see these data in print. I went for the top this time. The journal 
in American science is aptly named Science. Each issue reports on all 
fields from astronomy to zoology, so publication means a paper has more 
than a specialized significance. Mine was accepted, and I was jubilant. 

With three major papers in three major journals after my first year of 
research, I felt I'd arrived. The world has a way of cutting you down to 
size, however, and in the science game the method is known as citation. 
No matter how important your paper is, it doesn't mean anything unless 
it's cited as a reference in new papers by others and you get a respectable 
number of requests for reprints. On both counts, I was a failure. I was 
learning how science treats new ideas that conflict with old ones. 

I didn't stay discouraged long, though. I was doing science for the 
love of it, not for praise. I felt the concepts emerging from my reading 
and research were important, and I was passionately committed to test- 
ing them. I knew that if the results were ever to change any minds, I 
would have to be careful not to misinterpret data. In going deeper into 
the electrical properties of nerves, I realized, I was about to get over my 
head in an area I really wasn't trained for—physics. I made one of the 
best decisions of my life; I looked for a collaborator. 

The basic scientists at the State University of New York Upstate 
Medical Center, the medical school affiliated with the VA hospital, were 
not only uninterested, they were horrified at what I was doing and 
wouldn't risk their reputations by becoming associated with me in any 
way. So, I walked across the street to the physics department of Syracuse 
University and spoke to the chairman, an astronomer whom I'd met a 
few years earlier when I volunteered to watch the northern lights during 
the International Geophysical Year. After a few minutes' thought, he 
suggested that a guy on the third floor named Charlie Bachman might 
be "as crazy as you," and wished me luck. 

The instant I opened the door, I knew I was in the right place. There 
was Charlie, bent over a workbench with an electromagnet and a live 

frog. 
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Charlie and I talked all afternoon, beginning fifteen years of fruitful 
work together. For me, the best part was his friendship and his open 
mind. He, too, knew there was still a lot to learn. Our relationship also 
had a side effect of incalculable value: He sent some of his most talented 
graduate students over to my lab to do their thesis work and later to 
become my colleagues in research. Andy Marino, Joe Spadaro, and Maria 
Reichmanis each became an indispensable part of the research group. 
Like Charlie, they constantly contributed new ideas, and they helped 
create the atmosphere of intellectual adventurousness that makes a lab 
creative. 


Closing the Circle 


Charlie's first contribution was to check the equipment and confirm the 
measurements I'd made on the salamanders. After he'd satisfied himself 
that everything was real, we discussed what to do next. 

"Well," Charlie said, "to find out more about this current, we'll have 
to go into the animal—expose a nerve and measure the current there." 

"That's easier said than done," I objected. "Just to cut down into the 
leg of an animal will damage tissues and produce currents of injury. 

That'll give spurious voltages. Besides, there'd be no stable place to put 
the reference electrode." 
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Charlie gave me a lesson in basic electronics. A voltage entering a 
wire will decrease as the current travels along, so there'll be a uniform 
voltage drop in each unit of length. All you need to do is put both 
electrodes along the conductor, with the reference electrode closer to 
what you think is the source. If you use a standard distance between the 
electrodes, you can compare the voltage drop along various wires and 
measure changes in the whole system from any segment of it. 

All I had to do was the surgery. I decided to work on_bullfrogs, 
whose hind legs were long and contained a nice big sciatic nerve. It was 
easy to find and could be exposed with just a little careful dissection, 
going between muscles instead of cutting through them. I was able to 
isolate over an inch of nerve with no bleeding or tissue damage, slipping 
a plastic sheet underneath so as not to pick up readings from the sur- 
rounding muscles. We measured the voltage gradient over a_ standard 
distance of 1 centimeter. It was the same from one frog to the next. In 
deep anesthesia it was absent or pretty small; as the anesthesia wore off, 
it became a constant drop of about 4 millivolts per centimeter, always 
gradually positive toward the spinal cord and negative toward the toes. 

In some frogs we cut the nerve above the measuring site, whereupon 
the voltages disappeared—another indication that the current was actu- 
ally in the nerve. Voltages returned a little later, but they weren't the 
same as before. We figured these secondary voltages were probably an 
artifact—a spurious measurement produced by extraneous factors— 
caused by currents of injury from the cut nerve itself or from the other 
tissues where I'd made the incision to cut the nerve. 

Charlie then suggested that we make measurements on a longer sec- 
tion of nerve, and that was when we ran into a puzzle. The nicely re- 
producible voltages we'd found before couldn't be duplicated when we 
extended our measurement distance to 2 centimeters, close to the knee. 
We expected double the potential we'd found over the 1-centimeter dis- 
tance, but often it was lower or higher than it should have been. I 
insisted that my dissection was producing local currents of injury that 
made our readings unpredictable. However, Charlie pointed out that I 
was a good frog surgeon and I didn't seem to be doing any more damage 
than before. He asked, "Could there be any difference in the nerve where 
you extended the dissection?" 

"Not likely," I said. "The sciatic nerve does split up into two 
branches, but you only find them below the knee, when one goes to the 
front of the calf and one to the back." 

"How do you know it doesn't separate before it gets to the knee?" he asked. 
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He was right. Not bad for a physicist! The nerve did divide, but the 
two parts were held together by the nerve sheath until they got past the 
knee. I was able to remove the sheath and isolate both portions. When 
we measured these, we found that the two sections were polarized in 
opposite directions. The voltage drop of the front branch was positive 
toward the toes. The posterior branch was polarized in the same direc- 
tion as the sciatic trunk, but it always had a higher voltage gradient. 
The current in the front branch apparently flowed in the direction op- 
posite to that in the rest of the nerve. The interesting thing was, when 
we added up the voltage increases from 1-centimeter lengths of the two 
branches—4 millivolts positive and 8 negative in a typical frog—we got 
roughly the same voltage gradient that we found in the main nerve, 


about 4 millivolts negative in every centimeter. At first that didn't make 
any sense. 
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THE DC CIRCUIT IN FROGS Q SSO 


On a hunch I took pieces of each nerve and sent them to the pa- 
thology department to have microscope slides made. I found that the 
fibers in the front fork were smaller than those in the other. A light bulb 
went on! The sciatic nerve is what's called a mixed nerve. It has both 
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motor and sensory neurons. Sensory fibers are usually narrower than 
motor fibers, so it looked as though the front branch was all sensory, the 
back one all motor. Suppose the DC system also had incoming and out- 
going divisions. We took readings from other nerves known to be all 
one type or the other. The femoral nerve along the front of the thigh is 
almost entirely motor in function, and, sure enough, it had an increas- 
ing negative potential away from the spine. The spinal nerves that serve 
the skin of a frog's back are sensory fibers, and they had increasing 
negative voltages toward the spine. 

Now we saw that when you put motor and sensory nerves together 
into a reflex arc, the current flow formed an unbroken loop. This solved 
the mystery of what completed the circuit: The current returned through 
nerves, not some other tissue. Just as Gerard had found in the brain, 
nerves throughout the body were uniformly polarized, positive at the 
input fiber, or dendrite, and negative at the output fiber, or axon. We 
realized that this electrical polarization might be what guided the im- 
pulses to move in one direction only, giving coherence to the nervous 
system. 


The Artifact Man and a Friend in Deed 


Charlie had helped develop the electron microscope and as a result knew 
many of the big names in physiology. Soon after the sciatic nerve experi- 
ments, one of these acquaintances visited Syracuse to give a lecture, and 
we invited him to stop by the lab. After showing him around and talk- 
ing about the background of the work, we showed him our latest re- 
sults. We anesthetized four frogs and opened their legs, exposing all 
eight sciatic nerves and measuring all sixteen branches. The readings 
were flawless. Every nerve had the voltage and polarity we'd predicted. 
Proudly, we asked, "What do you think?" 

"Artifact, all artifact," he replied. "Everyone knows there's no current 
along the nerve." Just then he remembered he had pressing business 
elsewhere and left in a hurry, apparently afraid some of this might rub 
off on him. 

Charlie almost never swore, but that day he did. The gist of his re- 
marks was that there sure was a difference between physicists and biolo- 
gists. The former would at least look at new evidence, while the latter 
kept their eyes and minds closed. Thereafter we always referred to the 
"Artifact Man" when we needed a symbol of dogmatism. 

We continued a few more observations on frog nerves. By now winter 
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had come. That shouldn't have mattered—the lab temperature was the 
same all year, and the frogs didn't stop eating and hibernate as they 
would have in the wild—but there was a difference. The frogs' voltages 
were much lower, they stayed unconscious longer with the standard dose 
of anesthetic, and their blood vessels were much more fragile. Did they 
somehow sense the winter? 

If the DC system was as we theorized, it would be influenced by 
external magnetic fields. In the Hall-effect experiment I'd already shown 
that it was, but I'd used a strong field, measuring thousands of gauss. 
The earth's magnetic field is only about half a gauss, but it does vary in 
a yearly cycle. At the time there was another scientist who was saying 
this weak field had major effects on all life. Frank A. Brown, a North- 
western University biologist who was studying the ubiquitous phenome- 
non of biological cycles—wavelike changes in metabolic functions, such 
as the alternation of sleep and wakefulness—was claiming that similar 
rhythms in the earth's magnetic field served as timers for the rhythms of 
life. Even though his evidence was good, no one paid any attention to 
him in the early sixties, but it seemed to me that we had something to 
offer Brown's effort. We had a link by means of which the effect could 
occur. 

I wrote up the sciatic nerve measurements and added the observation 
on winter frogs. I sent it to Science but got it back immediately. I guess 
the editors had second thoughts after running my paper on the Hall 
effect. Next I tried the even better British equivalent, Nature, which 
took it. This time I also got some reprint requests. More important, the 
report led to correspondence with Frank Brown, beginning years of mu- 
tual feedback that helped bring about the discoveries described in Chap- 
ter 14. 

I thought of one more way we could check whether the current in the 
nerves was semiconducting. We could freeze a section of nerve between 
the electrodes. If the current was carried by ions, they would be frozen 
in place and the voltage would drop to zero. However, if the charge 
carriers were electrons in some sort of semiconducting lattice, their mo- 
bility would be enhanced by freezing and the voltage would rise. 

It worked. Each time I touched the nerve with a small glass tube 
filled with liquid nitrogen, the voltage shot upward. But perhaps I was 
damaging the nerve with the glass tube or through the freezing itself. 
Maybe the increase was merely a current of injury. To check, we simply 
cut the nerve near the spinal cord; the voltage gradient on the nerve 
went to zero, and then we applied the liquid nitrogen again. If the cold 

was really enhancing a semiconducting current, we should find no volt- 
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age now even after freezing the nerve—and we didn't. Therefore the 
increase in current wasn't due to artifact—damage to the nerve by freez- 
ing or touching it with the tube. 

That settled it. Test after test had substantiated the direct-current 
system. Now we had to see where the concept would lead us and try to 
convince some of the Artifact Men along the way. We had lots of ideas 
for further work, but now the first priority was to get some reliable 
system of funding for ourselves. 

I was continuing to have problems with the VA research office. After 
I'd gotten my second grant from that source, I soon found out that to 
have it approved and to be able to spend it were two different things. To 
order supplies—even things as simple as test tubes or electrode wire—I 
had to fill out a form and give it to the secretary of the research office. 
She had to fill out another form and get it signed by the research direc- 
tor. This form went to the supply service, where a clerk filled out a third 
form to actually order the stuff. Well, my orders stopped getting filled. 

In the process of complaining I made friends with the secretaries and 
found out that the director was holding me up just by not signing my 
forms. His secretary solved my problem. The director was a_pro- 
crastinator. A pile of papers would collect on his desk until his secretary 
told him they had to be taken care of right away. Then he would sign 
them all at once without looking at each one. His secretary, to whom I 
owe a tremendous debt, merely slipped my requests back into the mid- 
dle of the pile, usually late on Friday afternoon. Several times he visited 
my lab, saw a new piece of equipment, and remarked, "I don't re- 
member ordering that for you." 

"You don't?" I replied sweetly. "We talked about it, and I had plenty 
of money left in the grant, so you said okay." It was better than arguing 
over each instrument, and I was careful not to overspend. I don't think 
he ever caught on. 

Soon I encountered a more serious threat, however. Between the VA 
and the medical school I had a lot of bosses, and all of them were doing 
"research." However, the research service's annual report showed that I'd 
published more than all of my superiors put together on a few thousand 
bucks a year, while some of them were drawing forty or fifty thousand. 
I'd broken the old rule that you should never do more than your boss. 

One of these fellows appeared in my lab one day. That was an event in 
itself, since he'd never been a supporter of mine; in fact, our relations 
were rather strained That day, however, he evinced great interest in 
what I was doing and made me an "offer I couldn't refuse." 

"How would you like to have as much money as you need?" 
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I said that would be nice, but I wondered how it could come about. 
"No problem. All you have to do is include me in the project. All I 
would expect in return is that my name would go on all publications." 
It was a few seconds before I could believe I'd heard him right. Then I 
told him what he could do with his influence. 
A few months later, I found out that the area surgical consultant, 
practically next to God in the VA hierarchy, was visiting the hospital to 
act on a report, made by my would-be "benefactor," that I was spending 
too much time on research and neglecting my patients. Fortunately, 
there was a lot of infighting among my superiors, and one higher than 
the guy who'd made the charge was supporting me. His motives were 
less to save a promising research program and more to embarrass the 
other man, but I was cleared. 
It was also clear that I was courting disaster by relying on VA money. 
I needed outside support. I took time off from research to prepare two 
proposals. One, which I sent to the Department of the Army, empha- 
sized the possibility that direct currents could stimulate healing. Since 
the Army's business produces quite a few wounds, I thought it would be 
interested, but it was not. The proposal was turned down promptly, but 
then a strange thing happened about a month later. I received a long- 
distance call from a prominent orthopedic surgeon, a professor at a med- 
ical school in the South. "I have a grant from the Army to study the 
possibility that direct currents might stimulate wound healing," he 
purred, "and I wonder if you might have any suggestions as to the best 
approach to use." 
My God, were they all this sleazy out there? Of course, when I looked 
up his credentials, I found he had absolutely no background in_bio- 
electricity. He'd just happened to be on the Army review committee, 
recommended disapproval, and then turned around and submitted the 
idea in his own name, now getting the go-ahead since he, a man with a 
reputation and friends on the review board, was going to do it, instead 
of some unknown upstart. 
I sent the second application to the National Institutes of Health 
(NIH). I stayed within my specialty and proposed to study the solid- 
state physics of bone, eventually hoping to find out if direct currents 
could stimulate bone healing. The grant was approved, but only for 
enough money to do part of what I wanted. And although it was nice to 
have a cushion, a source not under local control, I nevertheless needed 
some political clout to stabilize the situation in Syracuse. I went directly 
to the dean of the medical school. 
Carlyle Jacobson had seemed to be a nice guy, not the type to stand 


110 The Body Electric 

on ceremony or position, and I thought I could talk to him frankly. I 
gathered up reprints of my papers and went to his office. 

"Sir," I began, "I've been doing research on direct current electrical 
effects in living things for the past four years. I've gotten some papers 
published in good journals, and I think this is an important piece of 
work. Nevertheless, I have great difficulty getting funds from the VA. 
My requests are blocked by the politicians on the committee. Meanwhile 
these same guys are spending five times as much as I get, and they don't 
publish a damn thing." I'm afraid I got carried away, but Dean Jacobsen 
just sat there listening until I'd finished. 

"Have you done any experiments on the DC activity of the nervous 
system?" he asked. 

This was an unexpected question, but I told him of our work on 
salamanders and frog nerves. 

It turned out he'd done some research on nerves years ago—with 
Ralph Gerard! He was very enthusiastic. "You've gone much further 
than we ever did," he told me. "We never thought to relate the brain 
currents to a total-body system. How much do you need?" 

I asked for $25,000 in each of the next two years, but explained that 
it had to be earmarked for me alone or I would never see it. 

"Don't worry," he said. "Go right back to your lab. I'll get it for you. 
I wish I could work with you." 

He must have been dialing Washington as the door closed behind me, 
for the next day the chief of research got a telegram from the VA Central 
Office authorizing the requested amount for me, and only me. He 
couldn't understand it, and I professed complete ignorance, too. 

I figured nothing I did now could make the research director like me 
any less, so I made another move. I went to the hospital director and told 
him I needed more space. Having heard of my favor from Washington, he 
was most helpful, and soon I had a suite of rooms on the top floor. 

Suddenly a whole new realm of research was within reach. Charlie and 
I hardly knew which way to tum. Our first and most important step was 
to hire Andy Marino as a technician. The salary meant much to him, 
and his intelligence and dedication meant even more to us. We were on 
our way. 


The Electromagnetic Brain 


If the current controlled the way nerves worked in the brain as well as in 
the rest of the body, then it must regulate consciousness to some extent. 


SUBSCRIBE 


> ml) 1:00 / 2:52 | cc On 


First Cloned Human Embryos Yield Stem Cells 





The Circuit of Awareness 111 

Certainly the falling voltages in anesthetized salamanders supported this 
idea. The question was: Did the change in the current produce anesthesia? 
Apparently it did, for when I passed a minute current front to back 
through a salamander's head so as to cancel out its internal current, it 
fell unconscious. How this state compared with normal sleep was impos- 
sible to tell, but at least the animal was clinically anesthetized. As long 
as the current was on, the salamander was motionless and unresponsive 
to painful stimuli. 

Was this real anesthesia, or was the animal just being continuously 
shocked? This certainly didn't seem to be the case, but the observation 
was so important and so basic to neurophysiology that I had to be sure. 
It was no easy task, however, for there were, and still are, few objective 
tests known for anesthesia, especially in salamanders. Brain waves had 
tured out to be useless in gauging depth of anesthesia in humans, be- 
cause the one good marker—very slow delta waves—only showed up 
when the patient was dangerously close to death. Lacking any better 
idea, however, I used my new multi-electrode monitor to make EEG 
recordings of chemically anesthetized salamanders and found that they 
showed prominent delta waves even though they all recovered nicely. 
Delta waves would be my marker. The idea worked beautifully. Very 
small currents gave me delta waves on the EEG, the waves got bigger as 
I increased the current, and they all correlated with the animal's periods 
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This result naturally led to the question: Did chemical anesthetics 
work by stopping the brain's electrical current? I couldn't see any way to 
get direct evidence one way or the other, but I thought maybe chemical 
anesthesia could be reversed by putting current into the brain in the 
normal direction. I found this could be done only to a certain extent. I 
could get a partial return of the higher frequency waves in the EEG, and 
the anesthesia seemed to become shallower, but I couldn't get a drugged 
salamander to wake up and walk away. 
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In the course of these observations, I found that when the head volt- 
age was dropping as a chemical anesthetic took hold, specific slow waves 
always appeared briefly in the recordings. They were at the low end of 
the delta frequencies, 1 cycle per second or even less, and they also 
showed up when the voltage came back as the drug wore off. To find out 
if these waves always signaled a major change in the state of con- 
sciousness, I decided to use a standard amount of direct current to pro- 
duce anesthesia, measure the amplitude (size) of the delta waves in the 
EEG, and then add some one-second waves of my own to the current I 
was putting into the animal's head. In other words, I would introduce 
some "change-of-state" waves from outside and see if they produced a 
shift in the EEG. I couldn't record the EEG simultaneously, because the 
waves I added would appear on the trace, so I rigged up a switch to cut 
out the added waves after a minute and tum on the EEG recorder at the 
same time, without stopping the direct current that would keep the 
salamander unconscious. 

It seemed to work. The added waves markedly increased the ampli- 
tude of the salamander's own deep-sleep delta waves. Was this an ar- 
tifact? Were the added waves just causing an oscillation in the brain 
currents that persisted after the external rhythms were removed? It 
didn't seem likely, because the waves I added were at the change-of-state 
frequency of 1 cycle per second, while the measured deltas were at the 
deep-sleep frequency of 3. However, an additional test was possible. I 
could add waves of other frequencies and see if they worked as well as 1 
cycle per second. They didn't; in fact, as the frequency of the added 
waves increased over that rate, the deep-sleep delta waves got smaller. 
The one-second waves were a marker of major shifts in consciousness. 

This line of work corroborated one of the main points of my hypoth- 
esis. Direct currents within the central nervous system regulated the 
level of sensitivity of the neurons by several methods by (hanging the 
amount of current in one direction, by changing the direction of the 

current (reversing the polarity), and by modulating the current with 
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slow waves. Moreover, we could exert the same control from outside by 
putting current of each type into the head. This was exciting. It opened 
up vast new possibilities for a better understanding of the brain. It was 
still on the edge of respectability, too, since it was a logical consequence 
of the work done by Gerard and his co-workers. The next experiment 
was harder to believe, however. 

I figured the brain currents must be semiconducting, like those in the 
peripheral nerves. I thought of looking for a Hall voltage from the head 
but reasoned the brain's complexity would make any results question- 
able. Then I thought of using the effect backward, so to speak, measur- 
ing a magnetic field's action on the brain rather than on the production 
of the Hall voltage. Since the Hall voltage was produced by diverting 
some of the charge carriers from the original current direction, a strong 
enough magnetic field should divert all of them. If so, such a field per- 
pendicular to the brain's midline current should have the same effect as 
canceling out that normal current with one applied from the outside. 
The animal should fall asleep. 
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THE HALL EFFECT—A TEST FOR SEMICONDUCTING CURRENTS 


We tranquilized a salamander lightly, placed it on a plastic shelf be- 
tween the poles of a strong electromagnet, and attached electrodes 
to measure the EEC As we gradually increased the magnetic field 
strength, we saw no change—until delta waves appeared at 2,000 gauss. 
At 3,000 gauss, the entire BEG was composed of simple delta waves, 
and the animal was motionless and unresponsive to all stimuli. More- 
over, aS we decreased the strength of the magnetic field, normal EEG 
patterns returned suddenly, and the salamander regained consciousness 
within seconds, This was in sharp contrast to other forms of anesthesia. 
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With direct currents, the EEG continued to show delta waves for as long 
as a half hour after the current was turned off, and the animals remained 
groggy and unresponsive just as after chemical anesthesia. 
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THE EEG OF A SALAMANDER ANESTHETIZED BY A MAGNETIC FIELD 


It seemed to us that we'd discovered the best possible anesthetic, al- 
lowing prompt recovery with no side effects. We proposed getting a 
bigger electromagnet to try this method on larger animals and eventu- 
ally humans, but we never even got a reply. Our data on direct currents 
in the nerves weren't quite acceptable, but reactions by living things to 
magnetic fields were absolutely out of the question in America at that 
time. 

I was flabbergasted, therefore, to receive a phone call from one of the 
most prominent biologists in the Harvard-MIT orbit. He told me, 
"We're in the process of setting up an international conference on high- 
energy magnetic fields at MIT, and we've received a number of questions 
from respectable scientists in other countries asking why there is to be 
no session on biological effects of magnetic fields. This is a totally new 
idea to us, and we really don't believe there are such effects, but some of 
these fellows are persistent. We've searched the scientific literature and 
found your paper onthe Hall effect. Since yousteemto be the only 
person in this country doing any work along these lines, let me ask if 

you think there's anything to it." 
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I allowed as humbly as I could that there just might be something 
there, and told him about the latest experiments. There was a long 
pause filled with disdain. Then I added that Professor Bachman had been 
working with me. That changed the tone dramatically; this man also 
knew Charlie through work on the electron microscope during the war. 
He asked if I would organize the session and arrange for additional 
speakers. 

There weren't too many investigators to choose from, and some of 
them were doing very slipshod work. I invited Frank Brown and selected 
a few others on the basis of published work. I'd just about finished when 
I got another call. A man with a thick German accent introduced him- 
self as Dietrich Beischer. 

"I have read your paper on the Hall effect," he began, "and I think 
we have much common interest." He explained that he was studying 
magnetic field bioeffects for the Navy and had done much work that 
wasn't published openly. At the time he was conducting a large experi- 
ment on human volunteers to check for effects from a null field, a com- 
plete absence of magnetism. When I wondered how he produced such a 
state, he invited me to have a look and perhaps offer suggestions. So off 
I went to Maryland. 

Beischer was using the compass calibration building in the Naval Sur- 
face Weapons Center at Silver Spring. The building was huge. Electrical 
cables in all the walls, floor, and roof were "servo-connected" (directly 
cued) to the three axes of the earth's magnetic field, so that the field was 
canceled out in a sphere about 20 feet across in the center of the struc- 
ture. Several men were living and being tested in this area. I was im- 
pressed by the resources at Beischer's command, and I had a good time, 
but I wondered what use any discoveries made there might ultimately be 
put to. My only contribution was to point out that the enclosure had 
been built before anyone knew about the earth field's low-frequency 
components, micropulsations ranging from less than 1 to about 25 cy- 
cles per second, that were far weaker than the planet's electromagnetic 
field as a whole. Consequently Beischer's subjects were still exposed to a 
very weak magnetic field pulsing at these frequencies, and I suspected 
that that component might be one of the most important for life, be- 
cause all brain waves were in exactly the same range. Perhaps as a result 
of this factor, the null-field experiment was tuming out to be _ in- 
conclusive, but I asked Beischer to attend the MIT meeting and present 
some previous data suggesting that electromagnetic fields could affect 
embryonic development. 

For my own presentation I decided against trying to compress all the 


116 The Body Electric 

work I'd done so far into a few minutes before a skeptical audience. 
Instead I offered some evidence that Charlie and I had gathered with the 
help of psychiatrist Howard Friedman, which showed a possible rela- 
tionship between mental disturbances and solar magnetic storms. I'll 
discuss this study further in Chapter 14. 

The MIT meeting went well. The field of bioelectromagnetism was 
still young, and the researchers in it didn't make many converts among 
the mainstream biologists. As usual, we found the physicists more in- 
clined to listen. However, we drew inspiration from each other. I re- 
tumed to the lab more determined than ever to elucidate the links that I 
knew existed between electromagnetic energy and life. 

Charlie, Howard, and I decided to find out how the brain's DC poten- 
tials behaved in humans. The electrodes we'd been using on salamanders 
couldn't be scaled up for people, but within a week Charlie invented 
some that would give us equally precise readings from the human head. 
We immediately found that the back-to-front current varied with 
changes in consciousness just as in salamanders. It was strongest during 
heightened physical or mental activity, it declined during rest, and it 
reversed direction in both normal sleep and anesthesia. This knowledge 
led directly to the experiments, described in Chapter 13, that taught us 
much about how hypnosis and pain perception work. 
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DC ANESTHESIA IN HUMANS 


At this point I received an invitation from Meryl Rose to speak at the 
big event in the world of animal science, the International Congress of 
Zoology. This is not just a yearly convention; it is convened only when 
its directors agree that there has been enough progress to warrant a 
meeting. This session, in August 1963, was only the sixteenth since the 
first one had been set up in 1889. It was an honor to be there, and the 
conference itself was especially important, since it was one of the first 
times science formally addressed such ecological emergencies as pesticide 
pollution, the protection of vanishing species, overpopulation, and ur- 

ban sprawl. The high point tor me came when I gave my paper and saw 
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in the audience Dr. Ralph Bowen, my college biology professor, a kind 
but exacting teacher who'd inspired me with his unique combination of 
scientific discipline and respect for life. Afterward, with characteristic 
caution, he said something like "That's not too bad, Becker. I'd like to 
see you keep going in this research." 

When I assured him that, despite my M.D. degree, I was still com- 
mitted to basic biology, he said, "I hope so, but remember, it won't be 
easy. To change things is never popular." His encouragement meant a 
lot to me, and I was happy to be able to show him that I'd amounted to 
something. 

A lot had happened in the four work-filled years since I'd begun 
studying the current of injury. That first experiment had opened a door 
into a great hall with passageways leading off in all sorts of fascinating 
directions. This was really the life! Without leaving the laboratory I'd 
gone on a journey of exploration as exciting as trekking through the 
uncharted wilds of New Guinea. Our work on nerves and the brain was 
leading toward a whole new concept of life whose implications only 
gradually became apparent. Meanwhile, my colleagues and I were con- 
tinuing to investigate the processes of healing, leading to insights and 
practical applications that more than justified my enthusiasm. 


Six 
The Ticklish Gene 


Despite my fascination with fundamental questions about the nature of 
life, I was, after all, an orthopedic surgeon, and I was eager to find 
things that would help my patients. In addition, to convince the Ar- 
tifact Man and all his brothers, Charlie and I were looking for some 
direct test of semiconduction in living tissues. The Hall effect and the 
freezing of frog nerves each demonstrated a characteristic of semiconduc- 
tion but didn't confirm it in standard engineering terms. Unfortunately, 
all the direct tests then known worked only with crystals. You needed a 
material you could carve into blocks, something that didn't squish when 
you put an electrode on it. The only possibility was bone. 

To many biologists and physicians, bones are pretty dull. They seem 
like a bunch of scarecrow sticks in which nothing much happens, plain 
props for a subtler architecture. Many of my patients were in sad shape 
because doctors had failed to realize that bone is a living tissue that has 
to be treated with respect. It's a common misconception that orthopedic 
surgery is like carpentry. All you have to do is put a recalcitrant fracture 
together with screws, plates, or nails; if the pieces are firmly fixed after 
surgery, you're done. Nothing could be further from the truth. No mat- 
ter how firmly you hold them together, the pieces will come loose and 
the limb can't be used if the bone doesn't heal. 


The Pillars of the Temple 


The skeleton doesn't deserve this cavalier treatment. The development of 
bones by the first true fishes of the Devonian era nearly 400 million years 
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ago was a remarkable achievement. It enabled animals to advance, in 
both senses of the word, quickly and efficiently. Since bone is inside the 
body, it can live and grow with the animal, instead of leaving it defense- 
less as an external skeleton does when cast off during a molt. It's also the 
most efficient system for attaching muscles and increasing the size of 
animals. 

Bone is extraordinary in structure, too. It's stronger than cast iron in 
resisting compression but, if killed by X rays or by cutting off its blood 
supply (barely adequate to start with), it collapses into mush. The part 
that's actually alive, the bone cells, comprises less than 20 percent of the 
whole. The rest, the matrix, isn't just homogeneous concrete, either. It's 
composed of two dissimilar materials—collagen, a long-chain, fibrous 
protein that's the main structural material of the entire body, and apa- 
tite, a crystalline mineral that's mainly calcium phosphate. The electron 
microscope shows that the association between collagen and apatite is 
highly ordered, right down to the molecular level. The collagen fibers 
have raised transverse bands that divide them into regular segments. The 
apatite crystals, just the right size to fit snugly between these bands, are 
deposited like scales around the fibers. 

This intricacy continues at higher levels of organization. The collagen 
fibers lie side by side in layer upon layer wound in opposed spirals (a 
double helix) around a central axis. The bone cells, or osteocytes, are 
embedded in these layers, which form units a few millimeters long, 
called osteones. The center of each osteone has a small canal in which 
runs a blood vessel and a nerve. The osteones in turn are organized so as 
to lie along the lines of maximum mechanical stress, producing a bone 
of the precise shape best able to withstand the forces applied to it. 

Bone has an amazing capacity to grow, which it does in three dif- 
ferent ways. In childhood each long bone of the limbs has one or two 
growth centers, called epiphyseal plates. Each is a body of cartilage 
whose leading edge grows continuously while its trailing edge trans- 
forms into bone. When the bone is the right length, the process stops, 
and the remaining cartilage forms the bony knob, or epiphysis, at the 
end of the bone. The "closure" of the epiphyses is an index of the body's 
maturation. 

Bone cannot heal. That sounds like a conundrum but it's literally 
true. Fractures knit because new bone made from other tissues unites the 
fracture ends. Although we sometimes speak of bone growth as part of 
fracture healing, the old, preexisting bone doesn't have the capacity to 

grow. As mentioned in Chapter 1, there are two tissues that produce 

new bone at a fracture site. One is the periosteum, the bone's fibrous 

covering. It's the cells of the periosteum's innermost layer that have the 
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power of osteogenesis, or bone formation. After a fracture, these cells are 
somehow turned on. They begin to divide and some of the daughter 
cells turn into osteoblasts, cells that make the collagen fibers of bone. 
Apatite crystals then condense out of the blood serum onto the fibers. 

The other tissue that forms new bone to heal a fracture is the marrow. 
Its cells dedifferentiate and form a blastema, filling the central part of 
the fracture. The blastema cells then tum into cartilage cells and later 
into more osteoblasts. This process is true regeneration, following the 

same sequence of cell changes as the regrowing salamander limb. 

Whatever a physician does to repair a fracture, he or she must protect 

the periosteum and marrow cavity from harm. Unfortunetely, too often 
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the application of plates, screws, and nails does just the opposite and, 
rather than helping nature, the treatment impedes healing. 

From a researcher's point of view, the question here is: What activates 
the cells of the periosteum and marrow? In the case of the marrow, we 
can expect it to be the same factor that switches on the cells in a sala- 
mander's amputated leg. 

There's a third process of growth that's unique to bone. It follows 
Wolff's law, which is named after the orthopedic surgeon J. Wolff, who 
discovered it at the end of the nineteenth century. Basically, Wolff's law 
states that a bone responds to stress by growing into whatever shape best 
meets the demands its owner makes of it. When a bone is bent, one side 
is compressed and the other is stretched. When it's bent consistently in 
one direction, extra bone grows to shore up the compressed side, and 
some is absorbed from the stretched side. It's as though a bridge could 
sense that most of its traffic was in one lane and could put up extra 
beams and cables on that side while dismantling them from the other. 
As a result, a tennis player or baseball pitcher has heavier and differently 
contoured bones in the racket arm or pitching arm than in the other 
one. This ability is greatest in youth, so in childhood fractures it's often 
best to put the bone ends together gently by manipulation without sur- 
gery, settling for a less than perfect fit. Sometimes the hardest part is 
convincing the parents that a modest bend will straighten itself out in a 

few months in accordance with Wolff's law. 
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Wolffs-law reorganization occurs because something stimulates the 
periosteum to grow new bone at a surface where there's compressional 
stress, while dissolving bone where there's tensional stress. Again, the 


question for researchers is: What turns on the periosteal cells? 
TEC BONE ABSORPTION 






FORCE APPLIED 


COMPRESSION BONE GROWTH 


EXTERNAL FORCE GUIDES WOLFF’S LAW GROWTH 
After I'd finished giving my paper on the salamander's current of in- 
jury at the orthopedic meeting early in 1961, several people came up to 
the stage to ask questions. Among them was Andy Bassett, a young 
orthopedic surgeon who was doing research at Columbia. In our conver- 
sation we came up with an angle for investigating Wolff's law—piezo- 
electricity. Simply put, this is the ability of some materials to transform 
mechanical stress into electrical energy. For example, if you bend a 
piezoelectric crystal hard enough to deform it slightly, there'll be a pulse 
of current through it. In effect, the squeeze pops electrons out of their 
places in the crystal lattice. They migrate toward the compression, so 
the charge on the inside curve of a bent crystal is negative. The potential 
quickly disappears if you sustain the stress, bur when you release it, an 
equal and opposite positive pulse appears as the electrons rebound before 
settling back into place. 

Since I'd shown that a stronger-than-normal negative current preceded 
regeneration, Bassett suggested that maybe bone was iezoelectric and 
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the negative charge from bending stimulated the adaptive growth of 
Wolff's law. To find out, we tested both living and dead bones from a 
variety of animals, and found that bending produced an immediate po- 
tential, as expected. The compressed side became negative; the stretched 

side, positive. * fj ™ FORCE 
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PIEZOELECTRICITY—MECHANICAL STRESS INTO ELECTRICITY 


Furthermore, the reversed potentials that appeared when we released 
the stress weren't nearly as large as the first ones. This was just as it 
should be. If a negative voltage was the growth stimulus, there had to 
be some way to cancel out the positive rebound voltage; otherwise it 
would have negated the growth message. In electronic terms, there had 
to be a solid-state rectifier, or PN junction diode. 
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*After writing up this experiment, we found that it had been done before. Iwao Yasuda, 
a Japanese orthopedist, had shown that bone was piezoelectric back in 1954; he and 
Eiichi Fukada, a physicist, had confirmed the fact in 1957. We made note of their prior 
observations but published our paper anyway, since our techniques were different and 
ours was the first report in English. 


PIEZOELECTRICITY IN BONE 
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Despite the initimidating names, this device is fairly simple. It's a 
filter that screens out either the positive (P) or the negative (N) part of a 
signal. As mentioned in Chapter 4, current can flow through a crystal 
lattice either as free electrons or as "holes" that can shift their positions 
much as the holes migrate when you move the marbles in a game of 
Chinese checkers. Since current can flow from a P-type to an N-type 
semiconductor but not the other way, a junction of the two will filter, or 
rectify, a current. 

The phonograph would be impossible without this device. As the 
diamond or sapphire crystal of the stylus rides a record's groove, the 
groove's changing shape deforms it ever so slightly. The crystal, of 
course, transforms the stresses into a varying electrical signal, which is 
amplified until we can hear it. It would be an unintelligible hum, how- 
ever, if we heard both the deformation pulse and the release pulse. 
Therefore we place a rectifier in the circuit. It passes current in one 
direction only, so the impulses don't cancel each other out. The signal is 
rectified, and when we feed it to a loudspeaker we hear music. Bassett 
and I felt sure we were seeing evidence of rectification in the fact that 


bone's release pulse was much smaller than the one from stress. 
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If the negative piezoelectric signal stimulated growth, maybe we 
could induce bone growth ourselves with negative current.* We tried 
out the idea on eighteen dogs. In the thighbone of one hind leg we 
implanted a battery pack. The electrodes were made of platinum, a non- 
reactive metal, to minimize any possible electrochemical irritation, and 
we inserted them through drill holes directly into the marrow cavity. As 
controls, some of the devices didn't have a battery. After three weeks we 
found that the active units had produced large amounts of new bone 


*Again Dr. Yasuda and his colleagues had already done so, but their results seem to 
have been due to bone's ability to grow in response to irritation from the electrodes. 
They used alternating current, which is now known to have no direct growth-stimulat- 
ing effect. 
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around the negative electrode but none around the positive. In the con- 


trols, there was no growth around either electrode. 
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The results were exciting, but in retrospect I believe we made a 
serious error when we published this study. In our own minds and in 
print as well, we confused the negative potentials of the salamander's 
current of injury, the negative potentials that stimulated bone growth, 
and the negative potentials from the piezoelectric study. We proceeded 
as though they were equivalent, but they were not. The piezoelectric 
potentials were measured on the outside of the bone and appeared only 
when mechanical stress was applied. They were transitory, and most 
likely the periosteum was their target tissue. In the implant study, we 
used continuous direct current applied to the inside of the bone, the 
marrow cavity. What we were stimulating was the DC control system of 
regenerative fracture healing, not the piezoelectric control system of 
Wolff's law. We didn't clearly indicate the difference to the scientific 
reader, and this led to much confusion, some of which still persists 
twenty years later. As a result, many scientists think electricity stimu- 
lates bone growth because bone is piezoelectric. Most of these people 
don't realize that bone itself doesn't grow when a fracture heals. More- 
over, everyone who has proceeded from our technique—and it's being 
used today to heal nonunions (see Chapter 8)—has done basically the 
same thing, continuously stimulating the bone marrow. No one _ has 
tried to stimulate the periosteum, as the pulsed piezoelectric signal does. 
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Our confusion also helped the scientific establishment accept the "triv- 
ial" electrical stimulation of bone by considering it something unique to 
bone. The relationship between our experiment and regeneration proper 
was lost. 


The Inner Electronics of Bone 


Charlie Bachman and I decided to investigate the electrical properties of 
bone in more detail and try to figure out how Wolff's law worked. We 
put together a hypothesis based on my experiments with Bassett. We 
postulated that the bone matrix was a biphasic (two-part) semiconduc- 
tor. That is, either apatite or collagen was an N-type semiconductor; the 
other, a P type. Their connected surfaces would thus form a natural PN 
junction diode that would rectify any current in the bone. We further 
theorized that only one of the materials was piezoelectric. On the com- 
pressed side of a stressed bone, we expected the positive pulses to be 
filtered out, leaving a negative signal to stimulate periosteal cells to 
grow new bone. 

We made several pairs of sample blocks, cut side by side from pieces 
of bone removed from patients for medical reasons. From one member of 
each pair we chemically removed the apatite. The other we treated with 
a compound that dissolved the collagen. The resulting pure collagen was 
yellowish and slightly rubbery, and the apatite pure white and _ brittle, 
but otherwise both blocks still looked like bone. Our first step was to 
test bone's component materials separately for semiconduction and 
piezoelectricity. Collagen turned out to be an N-type semiconductor and 
apatite a P type. 

Then we tested our samples for piezoelectricity in the same way that 
Bassett and I had previously tested whole bone. We expected that apa- 
tite would be the only one to show an effect, since it was a crystal. 
However, collagen turned out to be a piezoelectric generator, while apa- 
tite was not. We now had the makings of a PN junction—two semicon- 
ductors, one an N type, the other a P type, joined together in a highly 
organized fashion. 

Now came the crucial part of our hypothesis. We had to figure out a 
way to test for rectification at the PN junction. It was an important 
crossroads. 

Here we m up against what's known in the trade as a_ technical 
problem. To test for rectification we had to put one electrode on the 

collagen and one on the apatite as they appeared in whole bone. Unfor- 
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tunately, the apatite crystals are each only 500 angstroms long. Now, 
the angstrom (named after the Swedish pioneer of spectroscopy Anders 
Jonas Angstrom) was invented for measuring atoms and molecules, and 
it is not large. Five hundred of them are only one tenth as long as a 
single wave of green light. Even today's thinnest microelectrodes are 1 
micron (10,000 angstroms) wide, and at the time the thinnest ones 
available to us were much larger. It would have been like trying to 
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eee THE APATITE-COLLAGEN JUNCTION 
We would have to do it in a sort of statistical way. Because of the way 
bone is built—millions of little scales glued onto larger fibers arranged 
in more or less lengthwise spirals along the osteones—I reasoned thus: If 
we put an electrode on the lengthwise cut, we'd be contacting mostly 
apatite, while an electrode on a face cut across the grain should connect 
to a greater proportion of collagen. If that method of electrode hookup 
worked and if we had a rectifier in our bones, then we'd be able to pass 
current through our samples only in one direction. That was exactly 
what happened. Our bone samples weren't as efficient as a commercial 
rectifier, but the amount of current we could put through them from a 
battery of constant voltage was much greater in one direction than in the 
other. 
Current flowing "uphill," against the normal flow from P to N_ semi- 
conductors, is called a reverse bias current, and we used it to look for 
photoelectric effects. Many semiconductors absorb energy from _ light, 
and any current flowing through the material gets a boost. We arranged 
our apparatus so only a small spot of light shone on the bone, because 
our silver electrodes were slightly sensitive to light and could produce a 
real artifact. With the voltage constant, the light produced an unmis- 
takable increase in the current. Now, if bone really contained a rectifier, 
the photoelectric effect should be sensitive to the current's direction. 
The current in reverse bias should rise more with the same light inten- 
sify than the current in forward bias The experiment was simple. We 
reversed the battery and turned on the light. The amperage rose higher 
than before. The rectifier was real. 
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BONE IS A RECTIFIER—A PN JUNCTION DIODE 


We could now follow the entire control system of Wolff's law. Me- 
chanical stress on the bone produced a piezoelectric signal from the 
collagen. The signal was biphasic, switching polarity with each stress- 
and-release. The signal was rectified by the PN junction between apatite 
and collagen. This coherent signal did more than merely indicate that 
stress had occurred. Its strength told the cells how strong the stress was, 
and its polarity told them what direction it came from. Osteogenic cells 
where the potential was negative would be stimulated to grow more 
bone, while those in the positive area would close up shop and dismantle 
their matrix. If growth and resorption were considered as two aspects of 
one process, the electrical signal acted as an analog code to transfer infor- 
mation about stress to the cells and trigger the appropriate response. 

Now we knew how stress was converted into an electrical signal. We 
had discovered a transducer, a device that converts other forces into elec- 
tricity or vice versa. There was another transducer in the Wolff's-law 
system - the mechanism that transformed the electrical signal into ap- 

propriate cell responses. Our next experiment showed us something 

about how this one worked. 
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WOLFF'S LAW CONTROL SYSTEM 


Collagen fibers are formed from long sticks, like uncooked spaghetti, 
of a precursor molecule called tropocollagen. This compound, much 
used in biological research, is extracted from formed collagen—often 
from rat tails—and made into a solution. A slight change in the pH of 
the solution then precipitates collagen fibers. But the fibers thus formed 

are a jumbled, feltlike mass, nothing like the layered parallel strands of 

bone. However, when we passed a weak direct current through the 

solution, the fibers formed in rows perpendicular to the lines of force 
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around the negative electrode. This fit our new discoveries perfectly, 


because the lines of force on the negative (compressed) side of a bent 
bone would be in precisely the same alignment as the collagen fibers of 
the new bone that formed there. 2.800 A 
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This was the first time that a complete circuit diagram of a growth 
process could be made. To us, this seemed an achievement of some note, 
but, although we got published, no one seemed to pay any attention. 
The scientific community wasn't ready for biological semiconduction, 
and the notion of diodes in living tissue seemed ridiculously farfetched 
to most of the people I told about it. For that reason, I never even 
bothered to try publishing one of our follow-up experiments. It was just 
too weird. 

In the mid-1960s, solid-state devices were only beginning to hit the 
market, and one of the PN junction's most interesting properties hadn't 
yet been exploited. When you run a current through it in forward bias, 
some of its energy gets tumed into light and emitted from the surface. 
In other words, electricity makes it glow. Nowadays various kinds of 
these PN junctions, called light-emitting diodes (LEDs), are everywhere 
as digital readouts in watches and calculators, but then they were labora- 
tory curios. 

We found that bone was an LED. Like many such materials, it re- 
quired an outside source of light before an electric current would make it 
release its own light, and the light it emitted was at an infrared fre- 
quency invisible to us, but the effect was consistent and undeniable. 

Even though we'd already proved our hypothesis, Charlie and I did a 
few more experiments on bone semiconduction, partly for additional 
confirmation and partly for the fun of it. It was known that some semi- 
conductors fluoresced—that is, they absorbed ultraviolet light and emit- 
ted part of it at a lower frequency, as visible light. We checked, and 
whole bone fluoresced a bluish ivory, while collagen yielded an intense 
blue and apatite a dull brick-red. Here we found a puzzling discrepancy, 
however, which eventually led to a discovery that could benefit many 
people. When we combined the fluoresced light from collagen with that 
from apatite, we should have gotten the fluoresced light from whole 
bone. We didn't. That indicated there was some other material in the 
bone matrix, something we'd been washing out in the chemical separa- 
tion. 

Charlie and I were stumped on that line of research for a couple of 
years, until our attention was caught by a new development in solid- 
state technology called doping. Tiny amounts of certain minerals mixed 
into the semiconductor material could change its characteristics enor- 
mously. The making of semiconductors to order by selective doping 
would become a science in itself; to us it suggested trace elements in 

bone. We already knew that certain trace metals - such as copper, lead, 

silver, and beryllium - bonded readily to bone. Beryllium miners had a 
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high rate of osteogenic sarcoma—bone cancer—because beryllium some- 
how removed normal controls from the osteocytes' growth potential. Ra- 
dioactive strontium 90 worked its harm by bonding to bone, then 
bombarding the cells with ionizing radiation. Perhaps some trace 
element normally found in bone changed its electrical properties by 

doping it. LIGHT EMITTED LIGHT EMITTED 
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PHOTOELECTRICITY: ELECTRICITY GOES IN; LIGHT COMES OUT 


To find out, Charlie and I used a very complex device called an elec- 
tron paramagnetic resonance (EPR) spectrometer on our bone samples. 
There's no easy way to explain just how this instrument works, but 
basically it measures the number of free electrons in a material by sens- 
ing a resonance produced in the electrons’ vibrations by in applied mag- 
netic field. We used it to measure the fre electrons in collagen and 
apatite, and we found the same kind of discrepancy as in our flourescence 
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experiment: When we added together the free electrons of collagen and 
apatite, we fell short of the number we found in whole bone. That made 
us certain that we were washing out some trace mineral. 

We decided to work backward. We prepared a solution containing 
small amounts of a wide variety of metals. Then we soaked our collagen 
and apatite cubes in this broth to see what they'd pick up. 

We knew we were on the way to solving this mystery when we exam- 
ined the results. Only a few of the metals had bonded to the bone mate- 
rials: beryllium, copper, iron, zinc, lead, and silver. The diameters of all 
the absorbed atoms were exact fractions of one another. The results 
showed that the bonding sites were little recesses into which would fit 
one atom of silver or lead, two of iron or copper or zinc, or six of 
beryllium. 

Only one of these metals gave us an electron resonance of its own, 
indicating that it had a large number of free electrons that could affect 
the electrical nature of bone. That metal was copper. We made a batch 
of broth containing only copper. We expected that copper's EPR signal 
would change to one value as it bonded with collagen, and to another as 
it bonded with apatite. Since the molecular structure of each was quite 
different, we figured that each would bind copper in a different way. 

We could hardly believe the results. Bonding had indeed changed 
copper's resonance, but the change was the same in both materials. By 
analyzing it we deduced that each atom of copper fit into a little pit, 
surrounded by a particular pattern of electric charges, on the surface of 
apatite crystals and collagen fibers. Because the pattern of charges was 
the same in both materials, we knew that the bonding sites were the 
same on both surfaces and that they lined up to form one elongated 
cavity connecting the crystal and fiber. In other words, the two bonding 
sites matched, forming an enclosed space into which two atoms of cop- 
per nestled. The electrical forces of this copper bond held the crystals 
and fibers together much as wooden pegs fastened the pieces of antique 
furniture to each other. Furthermore, the electrical nature of peg and 
hole suggested that we had found, on the atomic level, the exact loca- 
tion of the PN junction. 

This discovery may have some medical importance. The question of 
how the innermost apatite crystals fasten onto collagen had eluded 
orthopedists until then, and the finding may have opened a way to un- 
derstand osteoporosis,a condition in which the apatite crystals fall off 

and the bone degenerates. The process is often called decalcification, 

although more than calcium is lost. It's a common feature of aging. I 

surmise that osteoporosis comes about when copper is somehow removed 
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from the bones. This might occur not only through chemical/metabolic 
processes, but by a change in the electromagnetic binding forces, allow- 
ing the pegs to "fall out." It's possible that this could result from a 
change in the overall electrical fields throughout the body or from a 
change in those surrounding the body in the environment. 


APATITE CRYSTAL 


APATITE CRYSTAL 
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BONES BUILT WITH COPPER PEGS = 
Osteoporosis has been a major worry of the American and Russian 
space programs. As flights got longer, doctors found that more and more 
apatite was lost from the bones, until decalcification reached 8 percent in 
the early Soviet Salyut space-station tests. Serious problems were known 
to occur only when apatite loss reached about 20 percent, but the trend 
was alarming, especially since depletion of the calcium reservoir might 
affect the nervous system and muscular efficiency before the 20-percent 
level was reached. Although the immediate cause was their inability to 
get a malfunctioning air valve closed before all the cabin air escaped, 
weakness from muscle tone loss might have contributed to the death of 
the three cosmonauts who succumbed while returning from _ their 
twenty-four-day flight aboard Soyuz 11 at the end of June 1971. 

Space osteoporosis may result from unnatural currents induced in bone 
by a spacecraft's rapid motion through the earth's magnetic field, with a 
polarity reversal every half orbit, or it may be a direct effect of the field 
reversal. This abnormality, which may change the activity of bone cells 
directly, would be superimposed on abnormal responses of bone's natural 
electrical system, which is almost certainly affected by weightlessness. 
The unfamiliar external field reversals could also weaken the copper 
pegs, at the same time that the bones are in a constant state of "re- 
bound" from their earthly weight-induced potentials, producing a signal 
that says, "No weight, no bones needed." We know that the more even 
distribution of blood caused by weightlessness registers in the heart as an 

excess; as aresult, fluid and ions, including calcium, are withdrawn 

from tht blood. However, the effect probably isnt't due to weightlessness 

alone, for the Skylab astronauts did rigorous exercise, which would have 
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supplied plentiful stresses to their bones. They worked out so hard that 
their muscles grew, but decalcification still reached 6.8 percent on the 
twelve-week mission. 

The Soviets at first claimed to have solved the problem before or dur- 
ing the Soyuz 26 mission of 1977—78, in which two cosmonauts orbited 
in the Salyut 6 space lab for over three months. Subsequent Soviet space- 
persons, who have remained weightless as long as 211 days, reportedly 
have showed no ill effects from osteoporosis, and chief Soviet space doc- 
tor Oleg Gazenko said it simply leveled off after three months. How- 
ever, this claim was later officially withdrawn, and I have a hunch that 
the Soviets are working on a way to prevent the condition by simulating 
earth-surface fields inside their space stations, a method that perhaps 
hasn't yet worked as well as they'd hoped. Andy Bassett has suggested 
giving our astronauts strap-on electromagnetic coils designed to approxi- 
mate their limb bones' normal gravity stress signals, but so far NASA 
has shown no interest. 

Unfortunately for earthbound victims of osteoporosis, the copper peg 
discovery still hasn't been followed up, even though I published it over 
fifteen years ago. Charlie and I wanted to continue in that direction, but 
we knew that we couldn't sustain more than one major research effort at 
a time. We decided that regenerative growth control was our primary 
target, so we reluctantly dropped osteoporosis. Fortified by our new 
knowledge that electricity controlled growth in bone, we returned in- 
stead to the nerves, taking a closer look at how their currents stimulated 
regrowth. 


A Surprise in the Blood 


1 felt as though the temple curtain had been drawn aside without warn- 
ing and I, a goggle-eyed stranger somehow mistaken for an initiate, had 
been ushered into the sanctuary to witness the mystery of mysteries. I 
saw a phantasmagoria, a living tapestry of forms jeweled in minute 
detail. They danced together like guests at a rowdy wedding. They 
changed their shapes. Within themselves they juggled geometrical 

shards like the fragments in a kaleidoscope. They sent forth extensions of 
themselves like the flares of suns. Yet all their activity was obviously 
interrelated; each being's actions were in step with its neighbors'. They 

were like bees swarming: They obviously recognised each other and were 
communicating avidly, but it was impossible to know what they were 

saying. They enacted a pageant whose beauty awed me. 
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As the lights came back on, the auditorium seemed dull and unreal. 
I'd been watching various kinds of ordinary cells going about their daily 
business, as seen through a microscope and recorded by the latest time- 
lapse movie techniques. The filmmaker frankly admitted that neither he 
nor anyone else knew just what the cells were doing, or how and why 
they were doing it. We biologists, especially during our formative years 
in school, spent most of our time dissecting dead animals and studying 
preparations of dead cells stained to make their structures more easily 
visible—"painted tombstones," as someone once called them. Of course, 
we all knew that life was more a process than a structure, but we tended 
to forget this, because a structure was so much easier to study. This film 
reminded me how far our static concepts still were from the actual busi- 
ness of living. As I thought how any one of those scintillating cells 
potentially could become a whole speckled frog or a person, I grew surer 
than ever that my work so far had disclosed only a few aspects of a 
process-control system as varied and widespread as life itself, of which 
we'd been ignorant until then. 

The film was shown at a workshop on fracture healing sponsored by 
the National Academy of Sciences in 1965. It was one of a series of 
meetings organized for the heads of clinical departments to educate them 
as to the most promising directions for research. A dynamic organizer 
named Jim Wray had recently become chairman of the Upstate Medical 
Center's department of orthopedic surgery, but Jim's superb skills were 
political rather than scientific. Since I was an active researcher and had 
just been promoted to associate professor, Jim asked me to go in his 
place. I tried to get out of it, because I knew my electrical bones would 
get a frosty reception from the big shots if I opened my mouth, but Jim 
prevailed. The meeting was mostly what I'd expected, but there were 
three bright spots. One was that microcinematic vision. Another was the 
chance to get acquainted with the other delegate from my department, a 
sharp young orthopedic surgeon named Dave Murray. The third was the 
presence of Dr. John J. Pritchard. 

A renowned British anatomist who'd added much to our knowledge of 
fracture healing, Dr. Pritchard was the meeting's keynote speaker—the 
beneficent father-figure who was to evaluate all the papers and sum- 
marize everything at the end. Dave and I almost skipped his talk. We 
hadn't been impressed with the presentations, and we figured there had 
been so few new ideas that Pritchard would have nothing to say. How- 
ever, our bus to the Washington airport didn't leave until after Prit- 
chard's luncheon address, so we stayed. With a tact that seemed 
peculiarly English, he reached the same assessment we had, but phrased 
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it so as to offend no one. He stressed that fracture healing should be 
considered a vestige of regeneration. Most past work on fractures had 
described what happened when a bone knit, as opposed to the how and 
why. As Pritchard pointed out, "Not a great deal of thought has been 
given to the factors that initiate, guide, and control the various processes 
of bone repair." Just as in regeneration research, this was the most im- 
portant problem about fractures, he concluded. 

Dave and I had to wait several hours before our flight back to Syr- 
acuse. We sat in the airport lounge and talked excitedly about broken 
bones. Dave agreed that, since I'd found electrical currents in sala- 
mander limb regeneration, it was at least plausible that similar factors 
controlled the mending of fractures. Having just deciphered the control 
system for stress adaptation (Wolffs-law growth) in bone, I felt pre- 
pared to get back to the more complex problems of regeneration via its 
remnant in bone healing. Dave and I decided to collaborate, and we 
planned our experiment on the plane. We would break the same bone in 
a standardized way in each of a series of experimental animals. I would 
study the electrical forces in and around the fractures as they healed. We 
would kill a few of the animals at each stage of healing, and Dave, an 
expert histologist (cell specialist), would make microscope slides of the 
healing tissues and study the cellular changes. Along the way we would 
fit our findings together to see whether electricity was guiding the cells. 

Our first task was to choose the experimental animals. We wanted to 
use dogs or rabbits, since ultimately we were trying to understand hu- 
man bones and wanted to work with animals as closely related to us as 
possible. But we would need scores of them to study each phase of heal- 
ing adequately, and we had neither the funds nor the facilities to house 
so many large mammals. We thought of rats, but their longest bones 
were too short to study clearly and were curved as well. We were look- 
ing for nice, long, straight bones, in which we could produce uniform 
breaks. 

We settled on bullfrogs. They were cheap to buy and care for; we 
could even collect some ourselves from nearby ponds. I already had a lot 
of experience in working with them. Best of all, the adult frog's lower 
leg had one long bone—the tibia and fibula found in most vertebrates 
had merged into a tibiofibularis. It was about two inches long with a 
fine, straight shaft. 

Our misgivings about the evolutionary distance between frogs and 
humans were allayed when we went to the library to read up on what 
was then known about fracture healing in frogs. Dr. Pritchard himself, 

along with two of his students, J. Bowden and A. J. Ruzicka, had 
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determined that frogs mended their bones the same way people did. Our 
question was: What stimulated the periosteal and marrow cells to 
change into new bone-forming cells? 

We began by anesthetizing the animals and resolutely breaking all 
those little green legs by hand, bending them only to a certain angle so 
as not to rupture the periosteum around the fracture. I found I had to 
put little plaster casts on them—not because the frogs seemed in great 
pain but because their movements kept shifting the broken bones and 
making systematic observations impossible. They would have healed 
anyway; in our first sixty frogs we found two that had broken their legs 
in the wild and mended them, but I'm sure ours were the first that ever 
had casts. 

The electrical changes were complex but were almost the same in 
every fracture. There were two distinct patterns, one on the periosteum 
and one on the bone. Before fracture the ankle end of both the bone and 
the periosteum had a small negative potential of less than 1 millivolt as 
compared to the knee end. At the moment of fracture, the negative 
potential on the intact periosteum over the break shot up to 6 or 7 
millivolts, while areas of positive charge formed above and below the 
break. After a week, the periosteum's normal progression of negative 
charge toward the ankle was restored. When a fracture ruptured the 
periosteum, its negative potential went even higher than 7 millivolts, 
but amputation of the dangling lower leg immediately reversed the po- 
larity, producing a positive current of injury from the stump, as in the 
frogs of my first regeneration experiment. The bone itself underwent a 
short-term electrical change opposite to that in the periosteum. A small 
positive charge appeared on each of the broken ends during the first 
hours, then fell to near Zero after three 


hours. 
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ELECTRIC FIELDS IN FROG FRACTURES 
The electricity had two different sources. When cut the leg nerves, 
the periosteum readings dropped dramatically, indicating that these po- 
tentials were coming from currents in the nerves to the periosteum and 
the surrounding wound area. Measurements on the bone, which has al- 
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most no nerves, were unaffected. Many piezoelectric materials emit a 
continuous current for several hours after their charge-producing structure 
has been left in a state of unresolved stress by fracture; I surmised that this 
was true of bone and soon found that another research team had recently 
proven it. Two separate currents, then, one from the nerves and one from 
the bone matrix, were producing potentials of opposite polarity, which 
acted like the electrodes of a battery. These living electrodes were creating 
a complex field whose exact shape and strength reflected the position of 
the bone pieces. The limb was, in effect, taking its own X ray. 

While I was busy with my probes and meters, Dave was taking sam- 
ples of the bones and blood clots and preparing them for the microscope. 
We killed a few of the frogs every fifteen minutes during the first two 
hours, then every day for two weeks, every other day for the third week, 
and weekly for the last three weeks. Preparing the slides took several 
days. 

In the normal sequence of bone healing in frogs, a blood clot forms 
after about two hours and develops into a blastema during the first 
week. It turns into the rubbery, fibrous callus during the second and 
third weeks, and ossifies in three to six weeks. In this last period, islands 
of bone first emerge near the broken ends. Next, bony bridges appear, 
connecting the islands. Then the whole area is gradually filled in and 
organized with the proper marrow space and blood canals to join the 
segments of old bone. 

Dave began his work with specimens taken nearly a week after the 
fractures, when we expected to see the first signs of the callus forming. 
"This is mighty damn funny," he said as he walked in with the first box 
of slides. "I can't see any mitoses in the periosteum. There's no evidence 
that the cells there are multiplying or migrating.” 

We agreed that we must have done something wrong. Pritchard's 
work had been quite conclusive on this point. He'd even published pho- 
tographs of the periosteal cells dividing and moving into the gap. We 
thought maybe we were looking at specimens from the wrong time 
period, but we could see with our own eyes that the callus was starting 
to form. Dave went back to study specimens from the first few days, 
even though we didn't expect to see much then except clotting blood. 
Soon he called me from his lab and asked, "What would you say if I told 
you that the red corpuscles change and become the new _ bone-forming 
cells?" 

I groaned. "Nonsense. That can't be right." But it was right. We 

went over the whole slide series together. Beginning in the second hour, 

the erythrocytes (red cells) began to change. 
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All vertebrates except mammals have nuclei in their red blood cells. 
In mammals, these cells go through an extra stage of development in 
which the nucleus is discarded. The resulting cells are smaller, can flow 
through smaller capillaries, can be packed with more hemoglobin, and 
thus can carry oxygen and carbon dioxide more efficiently. Nucleated 
erythrocytes are considered more primitive, but even in these the nu- 
cleus is pycnotic—shriveled up and inactive. The DNA in pycnotic nu- 
clei is dormant, and such cells have almost no metabolic activity; that is, 
they burn no glucose for energy and synthesize no proteins. If you had to 
choose a likely candidate for dedifferentiation and increased activity, this 
would be the worst possible choice. 

In our series of slides the red cells went through all their develop- 
mental stages in reverse. First they lost their characteristic flattened, 
elliptical shape and became round. Their membranes acquired a scal- 
loped outline. By the third day the cells had become ameboid and 
moved by means of pseudopods. Concurrently, their nuclei swelled up 
and, judging by changes in their reactions to staining and light, the 
DNA became reactivated. We began using an electron microscope to get 
a clearer view of these changes. At the end of the first week, the former 
erythrocytes had acquired a full complement of mitochondria and also 
ribosomes (the organelles where proteins are assembled), and they'd got- 
ten rid of all of their hemoglobin. By the third week they'd turned into 
cartilage-forming cells, which soon developed further into bone-forming 
cells. 

I wasn't happy with this turn of events. How could we reconcile what 
we saw with the well-documented findings of Pritchard, Bowden, and 
Ruzicka? I'd expected evidence for the semiconducting electrical system 
I'd been investigating, a concept that was already strange enough to 
keep me out of the scientific mainstream. I would have been happy if the 
electrical measurements had fit in with straightforward changes in the 
periosteal cells. The difference between them and erythrocytes was cru- 
cial. Periosteal cells were closely related precursors of bone cells; blood 
cells couldn't have been further removed. They couldn't possibly have 
built bone without extensive job retraining on the genetic level. These 
bullfrogs were bringing us up hard against a wall of dogma by showing 
us metaplasia—dedifferentiation followed by redifferentiation into a to- 
tally unrelated cell type. The process took place in some of the most 
specialized cells in the frog's entire body, and it looked as though the 

electric field set the changes in motion while at its strongest, about an 

hour after the fracture. 

Our next move was a respectful letter to Dr. Pritchard asking if there 
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was any way he could make sense of the contradictory observations. He 
replied in the negative but sent our inquiry to Dr. Bowden, who had 
done the actual work on frogs as his doctoral thesis. Bowden had a 
possible explanation. He'd done the experimental work under a time 
limit, and to finish before the deadline he'd kept his frogs at high tem- 
peratures—only a few degrees short of killing them, in fact—in order to 
speed up their metabolism. 

Bowden also mentioned that two researchers cited in his bibliography 
had seen fracture healing in frogs much the same way we had. In the 
1920s, a German named H. Wurmbach, also working on his doctorate, 
noted some strange cellular transformations in the blood clot and wor- 
ried over his inability to explain them. However, Wurmbach also found 
mitoses in the periosteum and ascribed healing to the latter process, 
since it didn't involve dedifferentiation. A decade later, another German 
scientist, A. Ide-Rozas, saw the same changes in the blood cells, but he 
was more daring. He proposed that this transformation was the major 
force behind fracture healing in frogs and further suggested that re- 
generating salamanders formed their limb blastemas from nucleated red 
blood cells. Other experiments seemed to contradict Ide-Rozas' idea 
about limb blastemas, so his work was discredited and ignored, but 
Bowden wished us better luck. 

Bowden's letter gave us a framework for understanding our results. 
We already knew that mammals did not heal bones by dedifferentiation 
of their red corpuscles, because their red cells had no nuclei and thus no 
mechanism for change. Mammals also had a thicker periosteum than 
other vertebrates, so we reasoned that periosteal cell division played a 
larger healing role in mammals. Frogs, it seemed, had both methods 
available but activated the periosteal cells only at high temperatures. 


Do-It-Yourself Dedifferentiation 


Now we were sure that our results were real. We repeated the same 
fracture studies, but this time we also observed the cells while they were 
alive. We took tissue samples from the fractures and made time-lapse 
film sequences using techniques like those in the movie that had im- 
pressed me so much at the NAS workshop. We confirmed that the 
changes began in the first lew hours, just after the electrical forces 
reached their peak. 

Now we decided to try a crucial test. If the electricity really triggered 

healing, we should be able to reproduce the same field artificially and start 
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the same changes in normal blood cells outside the frog. If this didn't work, 
then I probably had spent the last seven years "collecting stamps"— 
accumulating facts that were interesting but, in the end, trivial. 

I calculated the amount of current that would produce the fields I'd 
found. I came up with an incredibly small amount, somewhere between 
a trillionth and a billionth of an ampere (a picoamp and a nanoamp, 
respectively). Again I thought there must be some mistake. I didn't see 
how such a tiny current could produce the dramatic effects we'd seen, 
so, figuring that even if my numbers were right, more juice would sim- 
ply hasten the process, I decided to start with 50 microamps, a current 
level that would be just shy of producing a little electrolysis—the break- 
down of water into hydrogen and oxygen. 

I designed plastic and glass chambers of various shapes, fitted with 
electrodes of several types. In these chambers we would place healthy red 
blood cells in saline solution and observe them by microscope while the 
current was on. 

I set up the experiment in a lab across the street from the medical 
center, where there was available one of the inverted microscopes we 
would need to observe the cells through the bottoms of the chambers, 
where most of them would settle. I put a young technician named Fred- 
erick Brown in charge of the long grind of watching the cells hour after 
hour at different current levels and field shapes in the various chambers. 
We began in the summer of 1966. Fred was to enter medical school that 
fall, and I figured two months would be more than enough time! He 
was to run one test batch of frog blood each day and report to me the 
next morning as to what he'd found. 

It didn't start well. Nothing had happened after six hours of current. 
We couldn't increase the amperage without electrocuting the cells, so 
we ran it longer. Still nothing happened. In fact, the cells started dying 
when we left them in the chambers overnight. We decided to lower the 
current, but I still didn't believe in the absurdly low values I'd calcu- 
lated, so I told Fred to drop the amperage only a little bit day by day. 
He and I stared at a lot of blood cells over those two months, all stub- 
bornly refusing to do anything. Finally, two days before Fred had to 
leave, we'd gotten the current down as far as our first apparatus could 
go, and well within the range I'd calculated—about half a billionth of 
an ampere. At eleven that moming he called me excitedly and I rushed 
across the street. 

With the room darkened and the microscope light on, wesaw the 

same cell changes as in the blood clot, first at the negative electrode, 

then at the positive electrode, and finally spreading across the rest of the 
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chamber. In four hours all the blood cells in the chamber had reactivated 


their nuclei, lost their hemoglobin, and become completely unspe- 
cialized in form. 








NORMAL FROG RED BLOOD CELLS 





CURRENT 
GENERATOR 


SP 
} 


ELECTRODE 





MICROSCOPE 


THE FIRST ARTIFICIAL DEDIFFERENTIATE 


We repeated the experiment many times, working out the upper and 
lower limits of the effective current. The best "window" was somewhere 
between 200 and 700 picoamps. I say "somewhere" because the suscep- 
tibility of the cells varied, depending on their age, the hormonal state of 
the frog, and possibly other factors.* This was an infinitesimal tickle of 


* Rather than continually renewing a small part of their red-cell stock, frogs generate a 
whole year's supply in late winter as they emerge from hibernation. Thus, all their 
erythrocytes age uniformly as the year progresses. The cells become less sensitive to 
electricity as they get older, and that may be why frogs, even when warm and not 
hibernating, heal fractures more slowly in winter. The red blood cells dedifferentiate 
most readily in the spring, and the female's become even more sensitive than the male's 
when she ovulates early in that season. At that time her red corpuscles will despecialize 
in response to less than one picoamp. In fact, we saw red cells from ovulating females 
dedifferentiate completely in chambers to which we supplied no current whatever. Ap- 
parently an unmeasurably small current created by the charge difference between the 
plastic chamber and glass cover slip was enough. 
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electricity, far less than anything a human could feel even on the most 
sensitive tissue, such as the tongue, but it was enough to goose the cell 
into unlocking all its genes for potential use. 

The effect depended on having the proper cells as well as the proper 
current—white blood cells, skin cells, and other types didn't work. 
Only erythrocytes seemed to serve as target cells in frogs. We found the 
same response in the blood cells of goldfish, salamanders, snakes, and 
turtles. The only variation was that the fish cells despecialized faster and 
the reptilian cells more slowly than frog blood cells. In all erythrocytes 
the shift in the transparency and staining characteristics of the nucleus 
was a point of no return. These changes seemed to indicate reactivation 
of the DNA, for afterward the rest of the process continued even if we 
switched off the current. 

This was a_ breakthrough. We'd learned something hitherto un- 
suspected about fracture healing in frogs, and it was almost certain to 
benefit human patients a few years down the road. Because we'd used 
frogs instead of mammals, we'd also stumbled upon the best proof yet 
for dedifferentiation—a do-it-yourself method. If we'd studied fracture 
healing in mammals, we almost certainly would not have made the dis- 
covery, for periosteal cells don't dedifferentiate and marrow cells are hard 
to experiment with. Instead, we even had movies of dedifferentiation 
happening and electron photomicrographs of air its stages, including 
brand-new ribosomes being made in the nucleus and deployed into the 
surrounding cytoplasm. Moreover, all the steps in dedifferentiation, in- 
cluding the activities in the nucleus and the assembly of ribosomes and 
mitochondria, exactly paralleled the changes found by the most recent 
research on salamander limb blastemas. We'd found the electrical com- 
mon denominator that started the first phase—the blastema—in all re- 
generation. 


The Genetic Key 


Soon after we'd finished this experiment, I was invited to a meeting on 
electromagnetism in biology at the New York Academy of Sciences. 
This was basically a one-man show. Kenneth MacLean, a prominent sur- 
geon and highly placed member of the academy, had been using mag- 
netic fields on his patients for years and was convinced that they helped. 
Independently wealthy, he'd set up a lab in his office, with a large elec- 
tromagnet. The meeting was a testament to his persistence rather than 

any widespread belief within the academy that he was right. So in Feb- 
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ruary 1967 I presented our recent work. I played down the full role of 
electricity in fracture healing, with its overtones of vitalism, and concen- 
trated on our method for inducing dedifferentiation in vitro. That was 
enough to call forth many attacks from the audience, most of which 
were variations on "I just don't believe it." Some said we were just 
electrocuting the cells, despite the fact that they survived for ten days in 
culture. 

One audience member responded with some thoughtful and _ con- 
structive criticism, however. He accepted the fact that we'd seen what 
we'd seen. Nevertheless, there were, he said, other barely possible expla- 
nations. In particular, he stated, we hadn't gone far enough in proving 
that the cells weren't slowly degenerating from some small but harmful 
change caused by the current. While the cells in our chambers looked 
like those we'd photographed in the fracture clot, our idea that these 
cells were electrically dedifferentiated healing cells was so at variance 
with current views that we must have more direct proof. For such a 
radical departure, seeing wasn't quite believing. 

Stimulated by this one honest reaction, Dave and I returned to Syr- 
acuse and planned how we could use the latest knowledge about DNA to 
test our evidence further. A few years before, James Watson and Francis 
Crick had proposed what became known as the central dogma of genet- 
ics. In simplified form, it stated that the active DNA in each specialized 
cell imprinted its own specific patterns onto transfer RNA, which re- 
layed them to messenger RNA. This second RNA molecule moved out- 
side the nucleus to the ribosomes, where it translated the genetic 
instructions into the particular proteins that made the cell what it was. 

We reasoned that, since a dedifferentiating cell was not going to di- 
vide immediately, it wouldn't duplicate its genes. Therefore there 
should be no increase in the amount of DNA it contained. However, 
since the cell changed its type by manufacturing a whole new set of 
proteins, the amount of RNA—the protein blueprints—should increase 
dramatically. 

Using radioactive labeling and fluorescent staining techniques, we 
found there was indeed no new DNA but dramatic increases in RNA. 
Another test showed that our despecialized cells contained not only dif- 
ferent proteins but also twice as many as their precursor red blood cells. 

The most conclusive experiment was one suggested by Dan _ Har- 
rington, a student who'd taken Fred Brown's place and who later went 
on to a Ph.D. in anatomy. Dan proposed that we use certain well-known 
metabolic inhibitors that disrupt the DNA-RNA-protein system, to see 

if we could prevent dedifferentiation. One such inhibitor, an antibiotic 
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called puromycin, blocks the transfer of information from messenger 
RNA to the ribosomes and thus prevents proteins from being built. Dan 
proposed that we set up our plastic chambers in pairs. In one member of 
each pair we would place blood cells in saline solution and pass current 
through them as before. The other chamber would contain cells from the 
same frog and be connected to the same generator, but the solution 
would contain puromycin. The setup would thus be precisely controlled. 
If the current was actually unlocking new genes, the puromycin should 
stop dedifferentiation by intercepting the DNA's protein-making _ in- 
structions. If the current was merely making the cells degenerate, how- 
ever, the puromycin should have no effect and the transformations 
should continue. 

Our conclusion held up: The cells in the puromycin solution didn't 
change. Next Dan suggested that we bathe these cells with several 
changes of water to wash out the puromycin. They promptly dedifferen- 
tiated with no current flowing! Apparently the current caused the ge- 
netic change in spite of the antibiotic, and the genes stayed unlocked, so 


the system still worked perfectly as soon as the puromycin blockade was 
lifted. 
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By early 1970 we had solid proof for nearly every detail of the control 
system for fracture healing in frogs, and by extension probably in mam- 
mals as well. Like all other injuries, a fracture produced a current of 
injury, in this case derived from the nerves in and around the per- 
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iosteum.* At the same time, the bone generated its own current 
piezoelectrically due to residual stress in the mangled apatite-collagen 
matrix. These signals combined to stimulate the cells that formed new 
bone. 
Except for the identity of the target cells, bone repair seemed to be 
basically the same in all vertebrates, proceeding through the stages of 
blood clot, blastema, callus, and ossification. In fish, amphibians, rep- 
tiles, and birds, the red cells in the clot dedifferentiated in response to 
the electric field, especially the positive potentials at the broken ends of 
the bone. They then redifferentiated as cartilage cells and continued on 
to become bone cells. DEDIFFERENTIATED RED CELLS 
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AN OVERVIEW OF FRACTURE HEALING IN FROGS 

In some animals the periosteal cells responded to the current of injury 
by migrating into the gap and specializing a bit further into bone cells. 
This process seemed to be available to amphibians only at high tem- 
peratures, but it was the dominant method in mammals, whose thick 
periosteum made up for the lack of nuclei in their red corpuscles. By 
this time we'd become pretty sure that the marrow component of bone 
healing in humans involved the dedifferentiation of at least the immature 


*The lack of the periosteal (nerve-derived) current may explain the uncontrolled, de- 
formed growth that often follows fractures in the limbs of paraplegics and lepers. Their 
bones still generate a positive potential in the gap, but because of nerve damage it isn't 
balanced by the negative periosteal potential that normally surrounds the break. 
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erythrocytes, which still contained a nucleus, and possibly other cell 
types. 

The electrical forces turned the key that unlocked the repressed genes. 
The exact nature of that key was the one part still missing from the 
process. The current couldn't act directly on the nucleus, which was 
insulated by the cell's membrane and cytoplasm. We knew that the 
current's primary effect had to be on the membrane. The cell membrane 
itself was known to be charged. Its charge probably occurred as a specific 
pattern of charged molecules, different for each type of cell. We postu- 
lated that the membrane released derepressors—molecules that migrated 
inward into the nucleus, where they switched on the genes. Based on 
recent findings about the structure of RNA, we suggested that the de- 
repressor molecules might be a stable form of messenger RNA that per- 
sisted in the mature red cell even after its nucleus shriveled up and 
turned itself off. RNA molecules can be stable for a long time when they 
are folded, the strands secured together by electron bonds. If such folded 
RNA molecules were stored in the cell membrane, the tiny currents 
could release their bonds and unfold them. This hypothesis has not yet 
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Fracture healing was ended by a _ straightforward negative-feedback 
system. As the gap was filled in with new matrix, the bone gradually 
redistributed its material to balance the stresses on it from the action of 
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the surrounding muscles during cautious use, in accordance with Wolff's 
law. Repair of surrounding tissues lessened and then stopped the peri- 
osteal injury current. As a result the electrical field returned to normal, 
shutting off the cellular activities of healing. 

When we'd finished this series of experiments, I was sure this was the 
most important piece of work I would ever do, and I was determined to 
get it published as a major article, not just a short note. Luck was with 
me. On several speaking engagements during the previous two years I'd 
been able to talk at length with Dr. Urist. He was enthusiastic about 
our findings, and since he was the editor of one of the major orthopedic 
journals—Clinical Orthopedics and Related Research—I submitted our re- 
port there. The editorial board published it uncut, and I was pleased to 
use Dr. Pritchard's statement at the 1965 bone-healing workshop as an 
epigraph. To me it's still the most satisfying of my publications. 

This was the first time the control system for a healing process had 
been worked out in such detail. Except for the less conclusive account 
Dave and I had presented to the New York Academy of Sciences three 
years before, it was also the first really incontrovertible proof of de- 
differentiation and metaplasia. 

These were hardly new ideas, of course. Dedifferentiation had often 
been proposed during the previous four decades as the simplest explana- 
tion of blastema formation, and a great deal of evidence for it had been 
amassed. Elizabeth Hay had even published an electron microscope pho- 
tograph of a blastema cell that hadn't despecialized completely and still 
contained a piece of muscle fiber. Nevertheless, the idea was dismissed 
by most of the biologists who wielded influence in grant review commit- 
tees and universities. 

Today, however, dedifferentiation is no longer a dirty word. In part, 
this is because Dave and I devised a way to produce it artificially, which 
could be repeated by anyone who cared to. Art Pilla, an electrochemist 
working with Andy Bassett in New York, was the first to confirm our 
method. I'm happy to have been able to play a major role in this hard- 
won advance of knowledge. 

Even more important, this was the first work of mine that led directly 
to a technique that helped patients—electrical stimulation of bone _heal- 
ing (see Chapter 8). Meanwhile, our results led to another major ques- 
tion: Couldn't the currents we'd found be used artificially to stimulate 
other types of regeneration? We decided to see if we could bring limb 
regrowth a step closer to humans by trying to induce it in rats. 


Seven 
Good News for 
Mammals 


Stephen D. Smith was the first to induce artificial regrowth with elec- 
tricity applied to the limb of a nonregenerating animal. In 1967 Smith, 
setting forth on his own at the University of Kentucky after his appren- 
ticeship to Meryl Rose at Tulane, implanted tiny batteries in adult frogs' 
leg stumps. I followed his work eagerly and was elated to hear that he'd 
gotten the same amount of partial regrowth that had resulted from 
Rose's salt, Polezhaev's needles, and Singer's rerouted nerves. Of all the 
experiments that have influenced me, this was probably the one that 
encouraged me the most. 

For a battery that was small and weak enough, Smith had returned to 
the simple technology of Galvani and Volta. He soldered a short piece of 
silver wire to an equal length of platinum wire, and put some silicone 
insulation around the solder joint. He chose these two metals as being 
the least likely to release ions and produce spurious effects by reacting 
with the surrounding tissue. When immersed in a frog's slightly saline 
body fluids, this bimetallic device produced a tiny current whose voltage 
was positive at the silver end and negative at the platinum end. 

Since our work on frog erythrocytes hadn't yet been published, it was 
sheer luck that the current from these batteries fell close to the "window 
of effectiveness" for blastema formation. As Smith later wrote: "It would 
he nice to be able to say that I had worked out all the parameters in 
advance, and knew exactly what I was doing, but such was not the case. 

As so often has happened in the history of science, I stumbled onto the 

right procedure.” 
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SMITH’S EXPERIMENT 
Smith implanted his wires along the bone remnant, with one end 
bent over into the marrow cavity. The limbs with the positive silver 
electrode at the cut showed no growth, and in some cases tissue actually 
disintegrated. The negative platinum ends, however, started regenera- 
tion; the new limbs all stopped growing at about the same distance from 
the device, suggesting that regeneration might have been complete if 
the batteries had been able to follow along. In 1974 Smith made a 
device that could do just that, and achieved full regrowth. 

Despite Smith's success, there was no reason to suppose that his 
method would work in mammals. One researcher had recently noted 
some regeneration in the hind legs of newborn opossums, but, since 
marsupials are born very immature and develop in the mother's pouch to 
a second birth, we suspected that this was merely a case of embryonic 
regrowth. Most fetal tissues were known to have some regenerative abil- 
ity while they weren't yet fully differentiated. Richard Goss had shown 
that the yearly regrowth of deer and elk antlers was true multitissue 
regeneration, but this feat seemed too specialized to make us confident 
about restitution in other mammals or other parts of the body. 

Many thought all such attempts were doomed, because the process of 
encephalization had progressed much further in mammals than amphib- 
ians. All vertebrates were known to have roughly the same ratio of nerve 
tissue to other kinds of tissue, but in mammals most of the limited 
nerve supply went into the ever more complex brain, until, as Singer 
had shown in a recent study, the proportion of nerve to other tissue in 
rat legs was 80 percent less than in salamander legs. This was well below 

the critical mass needed for normal regeneration, and we thought it 

might be impossible to make up the difference artificially. 
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Even if we could supply the proper electrical stimulus, we weren't 
sure there would be any cells able to respond to it. Mammalian red 
blood cells had no nuclei, so they couldn't dedifferentiate. Based on our 
work on bone healing in frogs, we suspected that immature red corpus- 
cles in the bone marrow might take over, but perhaps they were pro- 
grammed to dedifferentiate only for fracture healing. Even if they would 
respond to an external current, we wondered whether there were enough 
of them to do the job. 

There was also the problem of complexity. Many regeneration re- 
searchers believed that mammalian tissues had become so specialized and 
complicated that they'd simply outgrown the control system. Maybe it 
couldn't handle enough data to fully describe the parts needed. If so, any 
blastema we produced would just sit there, not knowing what to make. 


A First Step with a Rat Leg 


I tested the kind of silver-platinum couplings Smith used and found 
they delivered several times too much current for ideal dedifferentiation, 
according to our frog experiments. Joe Spadaro, another of Charlie's grad 
students, suggested that we put carbon resistors between the two met- 
als, giving us devices of various current levels. 

In 1971, Joe and I amputated the right forelegs of thirty-five rats. 
We made the cuts through the upper foreleg well away from the elbow 
so that only the bone shaft, which had long ago ceased growing, would 
remain at the tip. We used all males, to obviate as many hormonal 
variables as possible. As controls we treated some of the stumps with no 
device, or one made of a single metal, or one with the silver positive end 
facing the stump. We did the actual test on twenty-two of the rats, 
implanting our batteries with the negative platinum electrode at the 
wound. We tucked the outer electrode into the marrow cavity and 
sutured the inner one to the skin of the shoulder. 

We had an answer fast. After three days the stumps of the controls had 
begun to heal over or even, in the case of the highest-current couplings, 
die back a little behind the amputation line. But the experimental legs 
with our medium-current devices, supplying 1 nanoamp, were doing 
well. In a week, nearly every one had a well-formed blastema and seemed 
ready to replace the whole limb. 

Since healing is very fast in rats, and because we wanted a uniform 
sample for our first test, we sacrificed all of the controls and most of the 

test animals at this time, although we spared a few for a month. We cut 
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off the entire healing limb, then fixed, stained, and sectioned it for the 
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I shall never forget looking at the first batch of specimens. The rat 
had regrown a shaft of bone extending from the severed humerus. At the 
proper length to complete the original bone there was a typical trans- 
verse growth plate of cartilage, its complex anatomical structure per- 
fectly regular. Beyond that was a fine-looking epiphysis, the articulated 
knob at each end of a limb bone. Along the shaft were newly forming 
muscles, blood vessels, and nerves. At least ten different kinds of cells 
had differentiated out from the blastema, and we'd succeeded in getting 
regeneration from a mammal to the same extent as Rose, Polezhaev, 
Singer, and Smith had done in frogs. 

Slides from some of the other animals were even more spectacular. 
One stump had two cartilaginous deposits that looked like precursors of 
the two lower arm bones beyond a fully formed elbow joint. All of the 
regenerates were bent toward the electrode, and in one the lower 
humerus had formed alongside the old shaft rather than as an extension 
of it, but otherwise its structure was quite normal. 

With one exception, slides from longer than a week were less excit- 
ing. They seemed to have gotten less organized as time went on. Behind 

one of these older slastemas, at the end of a nearly unformed 
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ghost of a bone, we found cartilage in a five-fingered shape—this limb 
had begun to grow a hand. 

In general, though, it looked as if the current had to be of a certain 
duration as well as a certain strength. This was no less disappointing to 
us than it was to the Life photographer who visited the lab at that time 
and wanted before and after shots with a rat playing the piano at the 
end, but nonetheless we were very pleased. Since the blastemas always 
formed around the electrodes and since redifferentiation proceeded into 
organized tissue, we knew the current had stimulated true regeneration, 
not some abnormal growth. Mammals still had the means for the orderly 
reading out of their genetic instructions to replace lost parts. We would 
simply have to learn more exactly the electrical requirements of the 
whole process, then make devices to supply the proper current at the 
proper time in the proper place. 

When we published our results, it was hard to shroud our excitement 
in the circumspect scientific jargon needed. We wrote that we'd acti- 
vated true, though partial, regeneration with a minuscule direct current 
and that the marrow cells seemed to be the source of the blastema. I 
thought this claim was sober enough. Joe and I cautioned that other 
factors had yet to be studied. Most important, we warned that if such a 
tiny force could so easily switch on growth, it must be very powerful, 
and we'd best know it thoroughly before using it routinely on humans, 
lest we give them unwelcome growths—tumors. 

I felt that, within the constraints of scientific propriety, we'd uttered 
a rousing call for a big research push to open up the benefits of regenera- 
tion to humans. It must have been a whisper, though, for it caused no 
more ripples than a feather settling on a frog pond. 

Philip Person, a dental surgeon at the Brooklyn VA hospital and a 
friend whom I'd known for years, asked me to present our results to the 
New York Academy of Medicine. Before the academy would permit 
this, however, it insisted that two experts must visit the lab and look at 
the actual data. One was Marc Singer, who enthusiastically agreed that 
we'd really started regeneration in the rat. The other man was totally 
negative, but he wasn't a specialist in regeneration, so the academy per- 
mitted me to speak. 

Singer was one of the few who showed much enthusiasm when I'd 
finished reading my paper at the meeting. Most of the audience was 
unresponsive, there were few comments or criticisms To these people, 

electric growth control was still a vitalistic impossibility, and they 

seemed unwilling to discuss dedilfferentation. The man who'd visited 
our lab with Singercomplained that the amount of new growth was 
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small. Phil pointed out that it wasn't the quantity but the quality of 
new tissue that was important, especially in such a short time. Singer, 
convinced of the paramount importance of the nerves, thought the cur- 
rent might be stimulating them rather than directly causing dedifferen- 
tiation, but still thought the experiment was a big step forward. 
Nevertheless, it wasn't even attempted again until seven years later, 
when Phil Person himself took on the task; he, and later Steve Smith, 
confirmed our findings with even better results. 

Meanwhile, buried in the literature we found reports that others had 
already observed some regeneration in mammals. In 1934 Hans Selye, 
the famous researcher into the effects of stress, discovered that a rat's 
limbs could partially regenerate of their own accord when the animal 
was two to five days old. Five years later Rudolph F. Nunnemacher of 
Harvard confirmed Selye's observation. Nunnemacher, however, ascribed 
the growth to a remnant of the epiphyseal plate. The growth-plate cells, 
he thought, simply might have kept on growing as normal in the ado- 
lescent animal. Selye replied that he'd specifically made sure to amputate 
the limbs high enough to get all of the epiphyseal plate so he could be 
certain that any growth was regenerative. 

Thus Joe and I found that we'd really just extended the age limit for 
regeneration in the rat. Indeed, two years later Phil Person showed that 
even the young adult rats we'd used occasionally exhibited some re- 
growth, a fact that had puzzled us in a couple of our control animals. 
So, to be exact, our electrodes had temporarily but drastically boosted 
the efficiency of the process as it normally waned with age in the rodent. 
Still, it was the first time that had ever been done in a mammal. 


Childhood Powers, Adult Prospects 


The amputation of a fingertip—by a car door, lawn mower, electric fan, 
or whatever—is one of the most common childhood injuries. The stan- 
dard treatment is to smooth the exposed bone and stitch the skin closed, 
or, if the digit has been retrieved and was cleanly cut, to try to reattach 
it by microsurgery. The sad fact is that even the most painstaking sur- 
gery gives less than optimal results. The nails are usually deformed or 
missing, and the fingers are too short and often painful, with a dimin- 
ished or absent sense of touch. 

In the early 1970s at the emergency room of Sheffield Children's Hos- 

pital in England, one youngster with such an injury benefited from a 

clerical mixup The attending physician dressed the wound, but cus- 
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tomary referral to a surgeon for closure was never made. When the error 
was caught a few days later, surgeon Cynthia Illingworth noticed that 
the fingertip was regenerating! She merely watched nature take its 
course. 
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Illingworth began treating other children with such "neglect," and by 
1974 she'd documented several hundred regrown fingertips, all in chil- 
dren eleven years old or younger. Other clinical studies have since con- 
firmed that young children's fingers cleanly sheared off beyond the 
outermost crease of the outermost joint will invariably regrow perfectly 
in about three months. This crease seems to be a sharp dividing line, 
with no intermediate zone between perfect restoration and none at all. 

Some pediatric surgeons, like Michael Bleicher of New York's Mount 
Sinai Hospital, have become so confident in the infallibility of the pro- 
cess that they'll finish amputating a fingertip that's just hanging by a bit 
of flesh. A lost one will regenerate as good as new, whereas one that has 
merely been mutilated will heal as a stump or with heavy scarring. 

Fingertip regrowth is true miultitissue regeneration. A  blastema ap- 
pears and redifferentiates into bone, cartilage, tendon, blood vessels, 
skin, nail, cuticle, fingerprint, motor nerve, and the half-dozen spe- 
cialized sensory-nerve endings in the skin. Like limb regeneration in 
salamanders, this process only occurs if the wound isn't covered by a flap 
of skin, as in the usual surgical treatment. Illingworth and her co- 
worker Anthony Barker have since measured a negative current of injury 
leaving the stump. 

Sadly, natural replacement has been accepted only at a few hospitals. 
Bleicher laments his colleagues' resistance to the evidence: "Mention it 
to young residents just our of the training program, and they look at 
you as though you're crazy. Describe it on grand rounds or at other 
institutions, and they tell you it's hogwash." Nearly all surgeons cling 

instead to flashier and vastly more expensive yet less effective micro- 

surgical techniques or simple stitches and stunted fingers. 
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This discovery and our own research indicated that the potential for at 
least some artificial regeneration was clearly quite good in young mam- 
mals. But what about the ones who needed it most—us older folks 
whose parts were more likely to be injured or broken down? The answer 
came unexpectedly several years later, in a way that showed the futility 
of adhering too rigidly to one's original plan. The scientist must be free 
to follow unexpected paths as they appear. 

I always expected each of my associates, whether student or estab- 
lished researcher, to follow some independent project unrelated to our 
work together. In 1979, a young assistant named James Cullen (now a 
Ph.D. investigator in anatomy at the Syracuse VA hospital) proposed to 
study what would happen if nerves were implanted into the bone mar- 
row of rats. Jim thought the nerves should induce new bone to form in 
the marrow cavity. Since the idea seemed logical and the technique 
might supplement the electrical bone-healing devices we'd developed by 
then, I encouraged him to go ahead. 

Jim ran into technical problems right away. He could easily dissect 
the rat's sciatic nerve out of the hind leg, but getting it into the marrow 
cavity through a hole drilled in the thighbone was like trying to push a 
strand of limp spaghetti through a keyhole. He resorted to drilling two 
holes in the femur, passing a wire suture into the outer one, up the 
femur, and out the hole nearer the hip. Then he looped the wire around 
the nerve and pulled it into the marrow cavity using the suture. How- 
ever, after doing a number of these, Jim decided that there had to be a 
better way. He decided to amputate the rat's hind leg halfway between 
the hip and the knee. He could then drill a hole into the marrow cavity 
just below the hip, pass a suture through it, and pull the nerve down 
the cavity and out the end of the bone remnant. This was much easier 
and made a better connection of nerve to bone, so Jim prepared a 
number of animals this way, only to find that the nerve had a disconcert- 
ing tendency to pull back, out of the femur. The amputation didn't faze 
the rats; they used the stump vigorously, and this caused the nerve to 
retract. 

In those few animals whose nerve had stayed in place, an interesting 
bone formation had appeared in the marrow cavity. To secure the nerve 
and look for the same result in other animals, Jim sutured the nerve to 
the skin that we closed back over the stump. The stitch held the nerve 
in place, all right, but one animal so treated gave us a totally unpre- 

dicted and fascinating result: The missing portion of the femur partially 
regenerated. While this was surprising enough, the most startling fact 

was that Jim had used a group of surplus rats about six month old. 

These rats were well into adulthood , when mammals were thought to 
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lose all powers of regeneration except fracture healing. What had hap- 
pened? NERVE PASSED INTO MARROW CAVITY THROUGH HOLE IN FEMUR 

SCIATIC NERVE — 






NERVE SUTURED TO SKIN 


AN ARTIFICIAL NEUROEPIDERMAL JUNCTION IN RATS 
Closer examination revealed that we'd made a hole in the skin when 


we sutured the nerve to it. The nerve appeared to have grown into con- 
tact with the epidermis. One of the requirements for normal regenera- 
tion of a salamander limb was a neuroepidermal junction, and it looked 
as though this had formed spontaneously in our one lucky rat when the 
two tissues were brought together by surgery. 

We changed the course of the experiment by operating on the other 
rats to unite the sciatic nerve and epidermis, after scraping away the 
dermis. We used animals of various ages. The results exceeded our ex- 
pectations. Even the old rats regenerated their thighbones and much of 
the surrounding tissue. 

This offered an unparalleled opportunity to find out what it was about 
the neuroepidermal junction that was so important. We prepared one 
group of animals with a surgical neuroepidermal junction exactly as _ be- 
fore. We prepared a second group the same way, except that we sutured 
the nerve to the end of the bone, a millimeter away from the hole and 
with no contact with the epidermis. The first group regenerated, while 
the second group showed normal rat healing with no growth. The im- 
portant observation, however, came from electrical measurements we 
made every day on the stumps. In those animals that formed a _neu- 
roepidermal junction, we found electrical potentials following the same 
curve I'd found in the salamander. The voltage was about ten times as 
high, but the pattern was exactly the same. In the animals having no 
neuroepidermal junction, the potentials followed the same curve as in 
the nonregenerating frog. 

We'd discovered that the specific electrical activity that started re- 

generation was produced by the neuroepidermal junction, not by the 
simple bulk of nerve in the limb. My original that the direct- 
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current control system was located in the nerves now had to be expanded 
to include the electrical properties of the epidermis as well. The nerve 
fibers joined the epidermal cells like plugs into sockets to complete the 
exact circuit needed for a dedifferentiative current. Furthermore, since 
the neuroepidermal junction was located over the end of the stump, it 
continually produced blastemal cells exactly where needed, at the grow- 
ing tip. This discovery was enormously important, then, because it 
proved beyond doubt that the electrical current was the primary stim- 
ulus that began the regenerative process, and that it could operate even 


in mammals. 
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Another experiment showed us a formidable obstacle, however. In an 
additional series of rats we made a neuroepidermal junction, not at the 
end of the amputation stump, but on the side of the leg. There we 
measured the same "regenerative" electrical changes, but nothing hap- 
pened. There was no growth. This meant that there were no sensitive 
cells at this site—no cells able to dedifferentiate in response to the cur- 
rent. In mammals, it seemed, such cells were found only in the bone 
marrow, a sparse cell population to serve as a source of raw material, 
especially in adult animals. 


PARTIAL REGENERA 
OF FEMUR 







NEUROEPIDERMAL JUNCTION 
MADE AT END OF STUMP 


NEUROEPIDERMAL JUNCTION 
MADE AT SIDE OF LEG 
NO REGENERATION 


AN ARTIFICIAL NEUROEPIDERMAL JUNCTION STARTS 
REGROWTH IN RATS 


This explained why we never got complete regrowth in any of our 
rats. The results were typical of an inadequate blastema. There weren't 
enough sensitive cells in the bone marrow to make a _ blastema big 
enough to produce a whole leg. The prospects for full limb regeneration 
in humans, then, looked very dim—unless we could come up with a 
way of making other cells electrically sensitive so as to transform them 
into despecialized blastemal cells. Luckily, while working on a com- 
pletely different problem described in the following chapter, we stum- 
bled upon a way to do just that. 
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Part 3 
Our Hidden 
Healing Energy 


Disease [is] not an entity, but a fluctuating condition of 
the patient's body, a battle between the substance of 
disease and the natural self-healing tendency of the body. 
—Hippocrates 


Eight 
The Silver Wand 


When Apollo whisked Aeneas off the field of battle before Troy, he 
healed the hero's shattered thighbone in a matter of minutes. Without a 
god at the bedside, the process takes three to six months, and sometimes 
it fails. If the bones didn't knit, the limb formerly had to be amputated 
after the victim had suffered for a year or more. 

It was only in 1972 that I felt ready to try electrical stimulation of 
human bone growth in such cases. Zachary B. (Burt) Friedenberg, Carl 
Brighton, and their research group at the University of Pennsylvania had 
already reported the first successful electrical healing of a nonunion two 
years before, but to avoid possible side effects we felt we must duplicate 
the natural signal more closely than they had, and we didn't know 
enough until after our work on rat leg regeneration. Like Friedenberg we 
decided to place a negative electrode between the bone pieces, but using 
a much smaller current and a silver electrode rather than stainless steel. 
We thought silver would be less likely to react chemically with the 
tissue and better able to transmit the electrical current. At that time we 
were treating a patient whose condition seemed to demand that we try 
the new procedure. 


Minus for Growth, Plus for Infection 
Jim was in bad shape. Drafted during the Vietnam War, he'd been a 


reluctant, rebellious soldier. He survived his tour in Nam and was trans- 
ferred to an Army base in Kansas late in 1970. On New Year's Eve he 
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broke both legs in an auto crash. The local hospital put him in traction, 
with pins drilled through the skin and bones to hold the pieces together. 
When he was moved to the base hospital a few days later, all the pins 
had to be removed due to infection. 

Jim's doctors couldn't operate because of the bacteria, so they had to 
be satisfied with a cast. Because he'd broken one leg below and the other 
above the knee, he needed a huge cast called a double hip spica. He was 
totally encased in plaster, from his feet to the middle of his chest, for six 
months. By August, his left lower leg had healed, but the right femur 
showed no progress at all. The quarter-inch holes where the pins had 
been were still draining pus, preventing surgery. That September he was 
given a medical discharge and flown to the Syracuse VA hospital. 

When I first saw him, he was still in a large cast, although now his left 
leg was free. The halves of the right thighbone were completely loose. 
There was nothing in standard practice to do but leave the cast on and 
hope. After six more months Jim's hope was just about gone. For a year 
he'd lain in bed, unable to leave the hospital for even a brief visit home. 
He vented his rage against the staff, then grew despondent and unable to 
face the future, which no longer seemed to include his right leg. 

Then Sal Barranco, a young orthopedic surgeon in his last year of 
residency, was assigned to my service from the medical school. He'd 
already been a good doctor when he briefly worked with me two years 
before—smart, hardworking, and really interested in his patients. He 
took over Jim's care, spent many hours talking with him, and arranged 
for counseling. Nothing seemed to help. Jim slipped further and further 
away from us. 

Sal had always been interested in what was going on in the lab. In 
fact, I'd often tried to interest him in a career of teaching and research, 
but he preferred surgery and its rewards of helping people directly. In 
February of 1972, as we were nearing the clinical stage with our bone 
stimulator, Sal said, "You know, Dr. Becker, you really should consider 
electrically stimulating Jim's fracture. I don't see anything else left. It's 
his last chance." 

The problem was that none of Friedenberg's patients had been _in- 
fected. Although Jim's septic pin tracts weren't right at the fracture, 
they were too close for comfort. If I stirred up those bacteria when I 
operated to insert the electrodes, the game was lost. Moreover, it was 
obvious by now that electricity was the most important growth stimulus 
to cells. Even if it produced healing, no one could be sure what these 
cells would do in the future. They might become hypersensitive to other 

stimuli and start growing malignantly later. This was the first time in 
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the history of medicine that we could start at least one type of growth at 
will. I was afraid of beginning a clinical program that might seize the 
public's fancy and be applied on a large scale before we knew enough 
about the technique. If disastrous side effects showed up later, we could 
lose momentum toward a revolutionary advance in medicine. I decided 
that if I carefully explained what we proposed to do, with all its uncer- 
tainties, and let the patient choose, then ethically I'd be doing the right 
thing. 

As to the infection, for several years we had been looking for a way to 
stop growth. My experiments with Bassett on dogs back in 1964 sug- 
gested that just as we could tum growth on with negative electricity, so 
we could tum it off with positive current. If true, this obviously could 
be of great importance in cancer treatment. Because ours was always a 
needy program, trying to do more than we had grants for, we couldn't 
afford the expensive equipment needed to test the idea on cancer cells. 
We had to settle for bacteria. 

In preliminary tests we found that silver electrodes, when made elec- 
trically positive, would kill all types of bacteria in a zone about a half 
inch in diameter, apparently because of positive silver ions driven into 
the culture by the applied voltage. This was an exciting discovery, be- 
cause no single antibiotic worked against all types of bacteria. I thought 
that if I inserted the silver wire into Jim's nonunion and the area became 
infected, I could as a last resort make the electrode positive and perhaps 
save the leg a while longer. Of course, the positive current could well 
delay healing further or actually destroy more bone. 

I explained all this to Jim and said that, if he wished, I would do it. I 
wanted him to know the procedure was untested and potentially dan- 
gerous. With tears in his eyes, he begged, "Please try, Dr. Becker. I 
want my leg." 

Two days later, Sal and I operated through a hole in the cast. The 
fracture was completely loose, with not one sign of healing. We re- 
moved a little scar tissue from the bone and implanted the electrode. 
The part in between the bone ends was bare wire; the rest, running 
through the muscles and out of the skin, was insulated so as to deliver 
the minuscule negative current only to the bone. 

The infection didn't spread, and Jim's spirits improved. As I made 
my daily rounds three weeks later, he said, "I'm sure it's healing. I just 
know it!" I was still nervous when, six weeks after surgery, it was time 

to pull out the electrode, remove the cast, and get an X ray. I needn't 

have worried. Not only did the X ray show a lot of new bone, but when 

I examined the leg myself, I could no longer move the fracture! We put 
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Jim in a walking cast, and he left the hospital for the first time in 
sixteen months. In another six weeks the fracture had healed enough for 
us to remove the cast, and Jim started rehabilitation for his knee, which 
had stiffened from disuse. 

All the pin tracts, especially the ones nearest the break, were still 
draining, and Jim asked, "Why not use the silver wire on this hole to 
kill the infection? Then I'll be all done and won't have to worry anymore 
about infecting the rest of the bone." I had to agree with his logic. If the 
hole through the muscle to the outside healed shut, the infection would 
be more likely to spread within the bone. However, I told him that the 
positive current might prevent the hole from filling in with bone, mak- 
ing a permanent weak spot there. 

We put in the electrode and used the same current as before, except 
reversing its polarity. I had no idea how long to let it run, so I ar- 
bitrarily pulled it out after one week. Nothing much seemed to have 
happened. The drainage might have been a little less, though not much; 
but I was afraid to use the positive current anymore for fear of further 
weakening the bone. 

Jim left the hospital and didn't keep his next appointment in the 
clinic. A year later he returned unannounced saying he was just traveling 
through Syracuse and thought I would like to see how he was doing. He 
was walking normally, with no pain, placing full weight on the right 
leg. He said the drainage had stopped a week after he left the hospital 
and had never recurred. X rays showed the fracture solidly healed and 
the one pin tract I'd treated filling in with new bone. The pin site on the 
other leg was still infected, and I said we could treat that in a few days, 
since we'd improved our technique in the meantime. "No, I have to be 
moving on," Jim replied. "I don't have a job. I don't know what I'm 
going to do, but I know I don't want to spend any more time in hospi- 
tals." 

Sal had been graduated from the residency program a few months 
after Jim was discharged in 1973, but before he left he spent all his free 
time in the lab helping us test the bactericidal (bacteria-killing) elec- 
trodes. A few previous reports had mentioned inconsistent antibacterial 
effects, some with alternating current, some with negative DC _ using 
stainless steel, but there had been no systematic study of the subject. 
We tried silver, platinum, gold, stainless steel, and copper electrodes, 
using a wide range of currents, on four disparate kinds of bacteria, in- 
cluding Staphylococcus aureus, one of the commonest and most trou- 
blesome. 

Soon we were able to explain the earlier incosistencies: All five met- 


The Silver Wand 167 

als stopped growth of all the bacteria at both poles, as long as we used 
high currents. Unfortunately, high currents also produced toxic ef- 
fects—chemical changes in the medium, gas formation, and corrosion— 
with all but the silver electrodes. Apparently such currents through 
most metals "worked" by poisoning both bacteria and nearby tissues. 

Our preliminary observations turned out to be right. Silver at the 
positive pole killed or deactivated every type of bacteria without side 
effects, even with very low currents. We also tried the silver wires on 
bacteria grown in cultures of mouse connective tissue and bone marrow, 
and the ions wiped out the bacteria without affecting the living mouse 
cells. We were certain it was the silver ions that did the job, rather than 
the current, when we found that the silver-impregnated culture medium 
killed new bacteria placed in it even after the current was switched off. 
The only other metal that had any effect was gold; it worked against 
Staphylococcus, but not nearly as well as silver. 

Of course, the germ-killing action of silver had been known for some 
time. At the turn of the century, silver foil was considered the best 
infection-preventive dressing for wounds. Writing in 1913, the eminent 
surgeon William Stewart Halsted referred to the centuries-old practice of 
putting silver wire in wounds, then said of the foil: "I know of nothing 
which could quite take its place, nor have I known any one to abandon 
it who had thoroughly familiarized himself with the technic of its em- 
ployment." 

With the advent of better infection-fighting drugs, silver fell out of 
favor, because its ions bind avidly to proteins and thus don't penetrate 
tissue beyond the very surface. A few silver compounds still have spe- 
cialized uses in some eye, nose, and throat infections, and the Soviets use 
silver ions to sterilize recycled water aboard their space stations, but for 
the most part medicine has abandoned the metal. Electrified silver offers 
several advantages over previous forms, however. There are no other ions 
besides silver to burden the tissues. The current "injects" or drives the 
silver ions further than simple diffusion can. Moreover, it's especially 
well suited for use against several kinds of bacteria simultaneously. It 
kills even antibiotic-resistant strains, and also works on fungus infec- 
tions. 

For treating wounds, however, there was one big problem with the 
technique. Its effect was still too local, extending only about a quarter 
inch from the wire. For large areas we needed something like a piece of 

window screen made of silver, but this would have been expensive and 

also too stiff to mold into the contours of a wound. 

We'd been doing our clinical experimens with financial support from a 
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multinational medical-equipment company that made our "black boxes," 
the battery packs with all their circuitry that powered our electrodes. I 
discussed the problem with the company's young research director, Jack 
TerBeek, and a few weeks later he came back with a fascinating material. 
NASA needed an electrically conductive fabric, and a small manufactur- 
ing company had produced nylon parachute cloth coated with silver. It 
could be cut to any size and was eminently flexible. 

It performed beautifully. Although the silver ions still didn't get 
more than a quarter of an inch from it, we could use it to cover a large 
area. Hopeful that we might have a cure for two of an _ orthopedist's 
worst nightmares—nonunion and _ osteomyelitis (bone  infection)—we 
studied the positive silver technique in the lab and continued to use the 
negative electrodes to stimulate bone growth in selected patients. Word 
spread via newspaper and TV reports. We began getting patients from 
all over the nation, but we didn't accept many for the experimental 
program due to my conservative viewpoint. I applied the same criterion 
as before: Electrical treatment had to be the patient's last chance. 

While slowly gaining experience, we surveyed the literature to stay 
informed about other people's work. As of 1976, fourteen research 
groups had used bone stimulators on some seven hundred patients, for 
spinal fusions and fresh fractures as well as nonunions, all with seem- 
ingly good results. 

We'd used our electrical generator on only thirteen patients by then. 
We were the only ones using silver electrodes, a lucky choice as it 
tured out; all the others were using stainless steel, platinum, or ti- 
tanium. We used 100 to 200 nanoamps per centimeter of electrode, 
while Brighton and most other investigators were using 10,000 to 
20,000 nanoamps. The low level approximated the natural current and 
also minimized the chances of a dangerous side effect. Brighton and 
Friedenberg had found a danger of infection and tissue irritation when 
running their high-current electrodes at more than 1 volt. We figured 
this couldn't happen at our amperage, but just to be sure we built in an 
alarm circuit to shut off our box automatically if the electrical force rose 
close to 1 volt. 

By this time we'd also cleared up several more cases of osteomyelitis 
by reversing the battery and making the silver electrode positive for a 
day. It looked safe. There was no crossover of effects: When negative, 
the wire didn't make infectious bacteria grow, and when positive, it 

didn't destroy bone-forming cells or prevent them from growing when 
we switched the current to negative. Our confidence in this method 

grew with one of our most challenging cases, which also forced us to 

revise our theories. 
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Positive Surprises 

In December of 1976 a young man was sent to our clinic for a possible 
amputation. John was a man of the north woods. Weathered and _ hard, 
he faced the problem philosophically. "What's got to be has got to be," 
he said through tight lips. Three years before, he'd been in a snow- 
mobile accident, breaking his right tibia (shinbone) in three places and 
also fracturing the fibula, the smaller bone of the lower leg. He'd been 
treated at a small local hospital, where the broken bones had become 
infected. He'd undergone several operations to remove dead bone and 
treat the infection, but the bacteria continued to spread. He came to us 
with the fracture still not healed and with a long cavity on the front of 
his shin in which one could see right into the dead and infected bone. 
He was struggling to walk in a cast extending up to his hip. He was 
married, with five young children, and his leg was obviously not the 
only place he was having trouble making ends meet. 

"What kind of work do you do?" I asked him. 

"I trap muskrats, Doc." 

"That's all?" 

"That's all, Doc." 

"How in hell do you manage with that cast on?" 

"T put a rubber hip boot over the cast, Doc." 

Muskrat trapping is hard work, a tough way to make a living even for 
a man with two good legs. "John, if you have an amputation and wear 
an artificial leg, you sure won't be able to do that. What will you do 
then?" 

"T dunno—welfare prob'ly. Prob'ly go nuts." 

"You really like to work in the woods, don't you?" 

"Wouldn't do anything else, Doc." 

"Well, let's get you admitted to the hospital. Something has to be 
done, and I have an idea that might let you keep your leg." For the first 
time, John smiled. 

In fighting the infection, the first step was to identify the enemy, the 
microbes. John's wound was a veritable zoo. There were at least five 
different types of bacteria living in it. Even with only one kind, os- 
teomyelitis is notoriously hard to treat. Very little blood reaches the 
bone cells, so both antibiotics and the body's own defense agents are 

hampered in getting where they're needed. And even if we could get it 

into the bone, no single antibiotic could fight all of John's germs. Even 

a mixture would probably create a greater problem than it solved, for 
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any bacteria resistant to the mix would spread like wildfire when the 
others competing against them were killed. 

John's X rays were as chaotic as his bacteria cultures—pieces of dead 
bone all over the place with absolutely no healing—but we had to deal 
with the infection first. Since we'd have to use positive current for quite 
a while, I was afraid we'd destroy some of the bone, but I told John that 
six months after we got the wound to heal over with skin, I would bring 
him back into the hospital and use the negative current to stimulate 
whatever was left. I couldn't promise anything and, since I hadn't yet 
tried the silver nylon on this type of wound, we might run into unex- 
pected problems. But John agreed with me that he had nothing to lose 
except his leg, which would certainly have to come off if we didn't try 
my plan. 

A few days later I debrided the wound, removing the dead tissue and 
all grossly infected or dead bone. There wasn't much left afterward. It 
was an enormous excavation running almost from his knee to his ankle. 
In the operating room we soaked a big piece of silver nylon in saline 
solution and laid it over the wound. It had been cut with a "tail," 
serving as the electrical contact and also as a sort of pull tab that we 
could keep dry, outside of the cavity. We packed the fabric in place 
with saline-soaked gauze, wrapped the leg, and connected the battery 
unit. 

I watched John anxiously during the first two days. If trouble was 
going to occur, that was when I expected it. By the third day he was 
eating well, and the current was beginning to drop off, indicating more 
resistance at the surface of the wound. Now it was time to change the 
dressing. We were overjoyed to see that the silver hadn't corroded and 
the wound looked great. Carefully I took a bacterial culture and applied 
a new silver nylon dressing. 

The next morming Sharon Chapin, an exceptional lab technician who 
took an active part in some of the research, showed me the bacterial 
cultures. The number of bacteria had dropped dramatically. I went to 
give John the good news and change his dressing again, when I realized 
that I could teach him to do his own daily dressing changes. They were 
time-consuming for me, but John had too much time on his hands and 
was the one most interested in doing the best thing for his leg. It was a 
nice feeling to teach a muskrat trapper, who bad dropped out of school 
at sixteen, how to do an experimental medical procedure. He learned 
fast, and in a day or so he was changing dressings himself and measuring 

the current, too. By the end of the week, he allowed as how he did a 

better job than | did. Maybe he did it at that, because by then all of our 
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bacterial cultures were sterile—all five kinds had been killed. The soft 
healing tissue, called granulation tissue, was spreading out and covering 
the bone. In two weeks, the whole base of the wound, which had been 
over eight square inches of raw bone, was covered with this friendly pink 
carpet. The skin was beginning to grow in, too, so we could forget 
about the grafts we thought we'd need to do. 

I decided to take an X ray to see how much bone he'd lost. I could 
hardly believe the picture. There was clearly some bone growth! We'd 
been working through a hole in the cast, so I had no idea if the fracture 
was still loose. Without telling John why—lI didn't want to get his 
hopes up if I was wrong—I removed the cast, felt the leg, and found 
that the pieces were all stuck together. John watched, and when I was 
done he lifted his leg into the air triumphantly. It held straight against 
gravity. His grin opened broader than an eight-lane highway. "I 
thought you said the bone wouldn't heal yet, Doc!" 

I'd never so much enjoyed being wrong, but I warned John not to get 
too excited until we were sure the good news would hold up. I put him 
back into a cast and continued treatment another month, until the skin 
healed over. By then the X rays showed enough repair to warrant a 
walking cast. John left the hospital on crutches and promised not to run 
around in the swamps until I told him it was all right. He didn't come 
back until two months later. The cast was in tatters, and he walked in 
without crutches, smiling at everyone. The last X rays confirmed it: 
Healing was nearly complete, and John went back to the wilds. 

By mid-1978 we'd successfully treated fourteen osteomyelitis patients 
with the positive silver mesh wire. The funny thing was, in five of them 
we'd healed nonunions as a "side effect," without any negative current at 
all. Obviously it was time to revise our idea that negative electricity 
alone fostered growth and positive inhibited it. 

Andy Marino, Joe Spadaro, and I talked it over. Reducing the DC 
stimulation technique to its essentials, all you needed was an electrode 
that wouldn't react with tissue fluid when it wasn't passing current. 
Since a negative electrode didn't give off ions, any inert metal, such as 
stainless steel, platinum, or titanium, would work with that polarity. 
But we knew from our lab work that the situation was very different at 
the positive pole, where the current drove charged atoms of the metal 
into the nearby environment. We decided it must be chemical, not elec- 
trical, processes that were preventing the bacterial growth at the positive 
electrode. In that case, maybe polarity was unimportant in growth 
enhancement. We postulated that, because silver ions were nontoxic to 
human cells and the electrical aspect was right, we inadvertently grew 
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bone with positive current. This idea tured out to be quite wrong, but 
we'll get to that story in due time. 

Joe, who was always fascinated by the history of science, now found 
that none of the contemporary research groups had been the first to 
stimulate bone repair electrically. We'd all been beaten by more than 
150 years. Back in 1812, Dr. John Birch of St. Thomas' Hospital in 
London used electric shocks to heal a nonunion of the tibia. A Dr. Hall 
of York, Pennsylvania, later used direct current through  electroacu- 
puncture needles for the same purpose, and by 1860 Dr. Arthur Garratt 
of Boston stated in his electrotherapy textbook that, in the few times 
he'd needed to try it, this method had never failed. Because of the prim- 
itive state of electrical science then, we didn't know how much current 
these doctors had used. However, the polarity didn't seem to matter, 
and they used gold electrodes, which were nearly as nontoxic at the 
positive pole as silver. 

Realizing that we still didn't know as much as we'd thought about 
the growth control lock, we continued to ply the silver key. At least 
seventy patients with bone infections have now had the silver nylon 
treatment, including twenty at Louisiana State University Medical 
School in Shreveport, where Andy Marino ended up after the closing of 
our lab in 1980. In some of our first cases we noticed a discharge exud- 
ing from the tissues and sticking to the mesh when we changed the 
dressings. We thought it was "reactive" exudate—from irritation by the 
current—until one day when, during a slight delay in the operating 
room, I sent a sample of it to the pathology lab. It was filled with such a 
variety of cells that we had to rule out a simple response to irritation. 
Instead there was a variety of primitive-looking cell types, looking just 
like the active bone marrow of children. However, the patients were 
long past that age, and, besides, their marrow cavities were closed off 
with scar tissue from their unmended and infected bone injuries. We 
had to consider another source. 

The exudate appeared at the same time as the granulation tissue, 
which is composed mainly of fibroblasts, ubiquitous connective cells 
forming a major part of most soft tissues. Since the exudate also con- 
tained some fibroblasts, we decided to see if the unfamiliar types had 
arisen by metamorphosis from them. 

We set up a series of three-compartment culture dishes and placed a 
standard colony of isolated, pure-bred mouse fibroblasts in each. In one 
section we put a positive silver electrode, in one a negative electrode, 
and in the third a piece of silver wire not connected to anything. 

In cells right next to all three wires, the cytoplasm changed to an 
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abnormal texture in response to ions of dissolved silver, which migrated 
only about a hundredth of a millimeter. There were no other effects in 
the control or negative-current chambers. 

Around the positive poles, however, this region was succeeded by an 
area of great activity for a distance of 5 millimeters on all sides. While 
doing their job of holding things together, fibroblasts have a charac- 
teristic spiky shape, with long sticky branches extending in all direc- 
tions. In this region where silver ions had been driven by the current, 
many of the cells had changed to a static, globular form in which 
mitosis didn't occur. They seemed to be in suspended animation, float- 
ing freely instead of adhering to other cells or the sides of the dishes as 
usual. Mixed among them were many featureless cells with enlarged 
nuclei, the end products of dedifferentiation. More and more of the 
rounded fibroblasts turned into fully despecialized cells as the test pro- 
gressed. Beyond the 5-millimeter line was a border zone with partial 
changes, followed by a realm of normal, spiky fibroblasts. Dedifferenti- 
ated cells normally divide rapidly, but these didn't, perhaps because 
they were sitting in a plastic dish far removed from the normal stimuli 
of an animal's body. Within a day after the current was turned off, the 
cells clumped together into bits of pseudotissue that looked like the 
young "bone marrow" we'd seen in the exudate. After two weeks they'd 
all reverted back to mature fibroblasts, presumably because regular re- 
placement of the nutrient medium had by then washed out all the silver 
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To learn more about these astonishing changes, we studied pieces of 
the granulation tissue itself, taken from patients treated with the silver 
nylon. We placed the samples in culture dishes and observed them as 
they grew. Without the silver factor we would have expected a popula- 
tion of slowly proliferating fibroblasts. However, these cells grew fast, 
producing a diverse and surprising assortment of primitive forms, in- 
cluding fully dedifferentiated cells, rounded fibroblasts, and amoebalike 
cells. Strangest of all were giant cells that looked almost like fertilized 
eggs, very active and with several nucleoli. (The nucleolus is a "little 
nucleus" within the nucleus proper.) When other cells encountered the 
giant cells, the smaller cells often split open and emptied their nuclei 
into the giants. After two weeks these diverse cells had coalesced into an 
amorphous mass of primitive cells closely resembling a blastema, and in 
another week, as the silver washed out, they'd all become staid, sober 
fibroblasts acting as though nothing had happened. 

The major difference between the two experiments was that the sec- 
ond one started with cells that had already been exposed to positive 
silver ions in the human body. Their rapid growth and unspecialized forms 
suggested that the fibroblasts in the first experiment had in fact been 
dedifferentiated. It remains to be seen exactly what the various forms do, 
but it's obvious that in the aggregate they profoundly stimulate soft- 
tissue healing in a way that's unlike any known natural process. We ran 
a controlled study of the healing enhancement on pigs, their skin being 
physiologically closest to that of humans. Positive silver nylon acceler- 
ated the healing of measured skin wounds on the animals' backs by over 
50 percent as compared with identical control wounds made on _ the 
backs of the same animals at the same time. 

We saw positive silver's lifesaving potential most clearly in our expe- 
rience with a patient named Tom in 1979. Tom had had massive doses 
of X rays for cancer of the larynx, and his larynx later had to be re- 
moved. Because of the radiation, the surrounding tissue was helpless 
against infection, and the skin and muscle of his entire neck literally 
dissolved into a horrid wound. The ear, nose, and throat doctor treating 
him begged me to try the nylon, and I agreed after the attending physi- 
cian got a release signed by the head of his department. After one month 
of electrified silver treatment, the infection was gone and healing was 
progressing, the wound healed completely in a total of three months, 
although Tom soon died from tumors elsewhere in his body. I reported 
this case at a small National Institutes of Health meeting that same 
year. One physician, who said he'd never heard of any comparable heal- 

ing of such a grave wound, was moved to exclaim after seeing my slides, 

"I have witnessed a miracle!" 
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We may only have scratched the surface of positive silver's medical 
brilliance. Already it's an amazing tool. It stimulates bone-forming 
cells, cures the most stubborn infections of all kinds of bacteria, and 
stimulates healing in skin and other soft tissues. We don't know 
whether the treatment can induce healing in other parts of the body, but 
the possibility is there, and there may be other marvels latent in this 
magic caduceus. Just before our research group was disbanded, we stud- 
ied malignant fibrosarcoma cells (cancerous fibroblasts) and found that 
electrically injected silver suspended their runaway mitosis. Most impor- 
tant of all, the technique makes it possible to produce large numbers of 
dedifferentiated cells, overcoming the main problem of mammalian re- 
generation—the limited number of bone marrow cells that dedifferenti- 
ate in response to electrical current alone. Whatever its precise mode of 
action may be, the electrically generated silver ion can produce enough 
cells for human blastemas; it has restored my belief that full regeneration 
of limbs, and perhaps other body parts, can be accomplished in humans. 

Many questions remain, however. We don't know how the changed 
cells speed up healing or how the silver changes them. We don't know 
how electrically produced silver ions differ from ordinary dissolved ions, 
only that they do. They evoke widely different reactions from the fibro- 
blasts, and the cells affected by dissolved ions close to the electrode are 
prevented from dedifferentiating in response to the electrified silver. 
Most important is a search for possible delayed side effects. 

These questions urgently need research by some good electrochemists, 
but the work isn't being done. We were probably lucky we hadn't found 
this effect in our first round of lab tests on silver electrodes. The Food 
and Drug Administration let us test the antibacterial technique on se- 
lected patients because we found no toxicity and because a few hours a 
day was enough. To say that the same electrodes run for a longer time 
could stimulate healing was such a bold claim that permission probably 
would have been denied. At this point, however, we sorely need enough 
imagination on the part of research sponsors to follow up these leads in 
the laboratories, while making the treatment available now to the des- 
perate few who have no other hope. 


The Fracture Market 


Where does all this leave us in our understanding of electrically trig- 
gered bone healing? I'm afraid we're not too much better off than the 
nineteenth-century doctors who lost this effective treatment because no 
one understood it well enough to defend it from electrotherapy's oppo- 
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nents. Of course, we have more pieces of the puzzle today, but we still 
don't have a complete picture of how any of the competing techniques 
work. 

Besides our low-current silver electrodes, there are two _ other basic 
types of bone growth stimulators. Friedenberg and Brighton at first 
placed their stiff stainless-steel wires through holes drilled into the bone 
near the break. Now a "semi-invasive" refinement is used in many pa- 
tients—sticking the electrodes through the flesh into the fracture gap 
under local anesthetic; several may be needed for a large bone. They're 
connected to a self-contained battery pack set right into the cast. 
Friedenberg and Brighton patented their invention, and it's now ap- 
proved by the FDA and marketed. About three fourths of the groups 
treating patients use some variation on this theme. 

Australian researchers under D. C. Patterson devised a spiral titanium 
electrode that's placed into a notch cut in the bone on both sides of the 
fracture. It's now also FDA approved and marketed. Since this device, 
battery pack and all, must be implanted and removed in two separate 
operations, and since the electrode usually must be left behind in the 
bone, late complications may occur. 

Others have taken a completely different approach, using pulsed elec- 
tromagnetic fields (PEMF) to induce currents in the fracture area from 
outside the body. The best-known proponents of this method, Andrew 
Bassett and electrochemist Arthur Pilla, worked together at the Ortho- 
pedic Research Laboratories of Columbia-Presbyterian Medical Center in 
New York until 1982; Pilla is now at the Mount Sinai Medical Center. 
They developed a pair of electromagnetic coils sheathed in plastic pads, 
connected to a book-sized generator that plugs into a wall socket. 

Having experimented with a wide variety of pulsed fields, Bassett and 
Pilla found four that stimulate fracture healing. The one that works 
best, which is now also approved and available commercially, is pro- 
duced by electromagnets driven by alternating current supplied in bursts 
of pulses. Although it ties the patient to an electrical outlet for twelve 
hours a day (mostly during sleep, of course), this apparatus completely 
avoids surgery and its attendant risks. 

The funny thing is that all three methods—low current, high cur- 
rent, and PEMF—seem to work equally well. Since the FDA approved 
them in late 1979, success rates have stabilized at about 80 percent. 

As far as the two electrode methods are concerned, I believe some 
experiments wedid in 1977 and 1978 revealed why they both work. 

When we arranged all the reports in order from lowest current to high- 

est, we found a narrow band of low amperages and a wide band of higher 
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ones that worked, separated by a range in between that failed. We tested 
various nonsilver electrodes on animals and found that, at the effective 
currents, they all produced some electrochemical changes even at the nega- 
tive pole. Among other products, they created various highly reactive ions 
called free radicals, essential in cellular chemistry but also destructive in 
excess. These radicals irritate cells, and, since any continuous irritation 
stimulates bone-forming cells to lay down new matrix in self-defense, we 
concluded that the higher-current methods worked primarily by such 
irritation. Conversely, I believe low-current silver electrodes stimulate 
bone formation directly—by dedifferentiating the marrow cells and_ per- 
haps also by stimulating the periosteal cells. 

At first, PEMF research suggested that the coils worked by inducing 
in the tissues electrical currents that changed the permeability of cell 
membranes to calcium. In most nonunions at least a small amount of 
fracture callus has appeared, consisting of collagen fibers, but for some\ 
reason it hasn't entered the next stage, in which apatite crystals form on 
the fibers. Work by Pilla and Bassett suggested that the currents in- 
duced by the pulsed fields caused the cells of the callus to absorb large 
amounts of calcium. Later, when the coils were turned off, they rea- 
soned, the cells dumped this calcium outside among the collagen fibers, 
and apatite crystals finally formed where they belonged. 

Their experiments raised the hope that other wave forms might regu- 
late membrane passage of other ions or even control DNA transcription 
and protein synthesis. It seemed these field-induced currents might act 
as "vocal cords," allowing us to "speak" to the cell nucleus via the mem- 
brane, much as sound waves communicate with the brain via the ear. 

PEMF does in fact induce currents—of a type never found normally 
in the body. Each pulse produces millions of tiny eddy currents briefly 
flowing in circles. As the magnetic field expands at the beginning of a 
pulse, the currents circle in one direction; as it collapses, they reverse. 
However, the latest research has cast doubt on the idea that these cur- 
rents affect specific cellular processes. Rather, it seems that artificial 
time-varying magnetic fields directly activate the cells by speeding up 
their mitotic rate, as discussed in more detail in Chapter 15. 

You may ask, "As long as something works, why quibble about 
howe" My answer is that understanding how is our best hope for using 
the tool right, without causing our patients other problems later. By 
sticking our own neologisms into the cell's delicate grammar, we auto- 
matically risk garbling it in unforeseen ways. 

As of now, we're like blind people crossing a minefield. Accelerated 

mitosis is a hallmark of malignancy as well as healing, and long-term 
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exposure to time-varying electromagnetic fields has been linked to in- 
creased rates of cancer in humans. Bassett has discounted potential dan- 
gers, saying, "You would experience almost the same field strength by 
standing under a fluorescent light." However, a fluorescent lamp may 
well feel like a floodlight to cells that can see nanoamperes of current. 
One of the main lessons of bioelectromagnetism so far is that less is often 
more. 

On the other hand, it's too easy to assume that "natural is better." 
Since it would vindicate our low-current method, I obviously hope it's 
true, but the fact remains that putting electrodes in a bone is itself a 
very unnatural act. Stimulation of healing outside the normal limits of 
the process may incur fewer risks in the end. So far the evidence suggests 
otherwise, but we don't yet know for sure. That's why I keep emphasiz- 
ing the need to go slowly, using these contraptions only when all else 
has failed, until we understand them better. 

The most urgent need is a search for possible malignant effects. As far 
as I know, I've done the only such research on electrodes to date—one 
simple tissue culture study without grant support, using some money I 
saved from our last research project funded by the manufacturer of the 
battery pack. I proposed more extensive tests to various granting agen- 
cies before our lab was closed, but was turned down every time. 

I exposed standard cultures of human fibrosarcoma cells to 360 
nanoamps from stainless steel electrodes. I tried it five times, and each 
time there was a threefold increase in cell population at both electrodes. 
Even for cancer cells, this is remarkable proliferation for such a short 
time. To my knowledge, none of the developers or marketers of elec- 
trode devices have chosen to duplicate this test or try their own, despite 
the ease of doing the work and the fact that they have plenty of money. 
Whatever evidence on this point that may have been presented to the 
FDA hasn't been made public. After the evaluation panel granted com- 
mercial approval, however, several of its members expressed fears that 
this possibility hadn't been adequately tested. At this time, therefore, I 
must conclude that high-current electrodes might enhance the growth of 
any preexisting tumor cells in the electrical path—unlike low-current 
silver, which when negative had no effect on, and when positive sus- 
pended, mitosis of cancer cells in our lab. 

As for PEMF, Bassett and Pilla believe that only cells in a_ healing 
process gone awry can "hear" their wave form, so they discount the idea 
of cancel enhancement from it. They claim to have found no PEMFs that 
produce or accelerate malignant growth; on the contrary, Pilla and on- 

cologist Larry Norton of Mount Sinai say they've found at least one that 
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seems to inhibit it in lab animals. This claim is seriously flawed, how- 
ever, because of the difference between subjecting an entire animal to a 
magnetic field, and directing the same field to a small area around a 
fracture (see Chapter 12). Moreover, in 1983, Akamine, a Japanese 
orthopedic researcher, reported that the pulsed magnetic fields used for 
bone healing dramatically increased the mitotic rate of cancer cells. The 
same fields inhibited the return of such "stimulated" cancer cells to a 
more normal state. Thus PEMF, like high-current treatments, appar- 
ently does enhance cancer growth. 

In the last decade or so, electrobiologists have learned a great deal 
about the effects of time-varying electromagnetic fields (as opposed to 
steady-state fields) on living tissue. We'll review these discoveries in 
Chapters 14 and 15. The evidence to date indicates that PEMF works by 
increasing the mitotic rate of the healing cells, not by altering calcium 
metabolism. If so, it can't possibly discriminate between bone-healing 
cells and any other type. It will accelerate the growth of any cellular 
system that is actively growing; this includes not only healing tissues, 
but fetal and malignant tissues as well. 

At the present rate of basic research, we won't have direct proof on 
whether electrical healing stimulators are nurturing seeds of cancer in 
humans until two or three decades from now. We could find out much 
sooner by simple experiments on animals having shorter life-spans. Until 
we have that definitive answer, I contend that all three techniques 
should remain available as a last resort to prevent loss of limb, but I'm 
appalled at their increasing use to speed up orthodontics or accelerate 
healing of fresh fractures. 

Unfortunately, the trend is away from caution. By the time this book 
is published, tens of thousands of patients will have been treated with 
the devices, many as a ffirst, rather than last, resort. At a recent 
orthopedic meeting, I learned that four more companies are hoping to 
market new models. Several have asked me to advise them, but I haven't 
found one yet that wants to embark on any serious research. Without 
such a commitment, I refuse to take part in any battle of salesmen. I 
never even tried to patent the low-current silver method, because a med- 
ical device generally isn't considered patentable if the research that went 
into it was conducted throughout the scientific community and _pub- 
lished for all to read. As I see it, the rush to the marketplace can only 
spawn jurisdictional disputes and ensure that important findings are 

kept as proprietary secrets. 

Electrical osteogenesis could be the opening wedge into a new era of 

medicine. Within a few years, we may know how to use these tech- 
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niques to repair joint cartilage, or even replace whole joints, and to 
correct various defects of bone growth. In the further future, we may be 
able to extend regeneration as needed to nearly all human tissues. For 
the first time a physician can now direct nature, albeit in a small way, 
rather than play her helpless servant. We must use this power wisely. 
We're tapping into the most potent force in all of biology. If we're 
irresponsible about it, we risk another electrical letdown that could put 
off medicine's glorious future for many years. 


Nine 
The Organ Tree 


"I have yet to see any problem, however complicated, which when you 
looked at it the right way did not become still more complicated,"  sci- 
ence fiction writer Poul Anderson once observed. To a certain extent this 
is true of regeneration. Intricate nature is still more than a match for our 
finest-spun hypotheses. Yet we've now reached the oasis of science that 
we call an interim understanding, where the data begin to shake into 
place and we can sense the pattern of the rebus from the blanks we've 
filled in. 

Ultimately we must relate all we learn about regeneration to a general 
system of communication among cells, for regrowth is only a special case 
of the cooperative cohesion that's the essence of multicellular life. This 
communication system includes but extends beyond the gene-protein- 
enzyme subsystems that govern the specialization of cells and unite their 
chemical trade routes into smoothly working tissues and organs. During 
embryonic development, cells where muscle will appear must receive 
instructions from their environment telling them to repress all genes 
except the muscle genome, or subcode. In many tissues, perhaps in all, 
chemical inductors from previously formed tissue perform this task, 
leading embryonic cells step by step through the stages of differentia- 
tion. However, chemical reactions and the passage of compounds from 
cell to cell can't account for structure, such as the alignment of muscle 
fiber bundles, the proper shape of the whole muscle, and its precise 
attachment to bones. Molecullar dynamics, the simple gradients of diffu- 

sion, can't explain anatomy. The control system we're seeking unites all 

levels of organization, from the idiosyncratic yet regular outline of the 
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whole organism to the precisely engineered traceries of its microstruc- 
ture. The DNA-RNA apparatus isn't the whole secret of life, but a sort 
of computer program by which the real secret, the control system, ex- 
presses its pattern in terms of living cells. 

This pattern is part of what many people mean by the soul, which so 
many philosophies have tried to explicate. However, most of the pro- 
posed answers haven't been connected with the physical world of biology 
in a way that offered a toehold for experiment. Like many attempts, the 
latest major scientific guess, the morphogenetic field proposed by Paul 
Weiss in 1939, was just a restatement of the problem, though a useful 
one. Weiss conjectured that development was guided by some sort of 
field projected from the fertilized egg. As the dividing cell mass became 
an embryo and then an adult, the field changed its shape and somehow 
led the cells onward. 

The problem was that there were too many "somehows." Even if one 
accepted Burr's largely ignored measurements of an electric L-field and 
admitted that it might be the morphogenetic field (a possibility Weiss 
dogmatically rejected), there was still no way of telling where the L-field 
came from or how it acted upon cells. Nor was there an explanation of 
how, if the field was an emanation from the cells, it could also guide them 
in building an animal or plant. In applying the idea to regeneration, 
biologists faced the related and seemingly insurmountable problem of 
how a more or less uniform outflow of energy could carry enough infor- 
mation to characterize a limb or organ. Given the complexity of biolog- 
ical structures, this was even harder than imagining how a field could 
"somehow" survive when the part it referred to was missing. 

However, the morphogenetic field no longer has to account for every- 
thing. Acceptance of dedifferentiation lets us divide regrowth into two 
phases and better understand each. The first phase begins with the 
cleanup of wound debris by phagocytes (the scavenger race of white 
blood cells) and culminates in dedifferentiation of tissue to form a 
blastema. Redifferentiation and orderly growth of the needed part con- 
stitute the second phase. 

Simplifying the problem in this way should give biologists an imme- 
diate sense of accomplishment, for the first stage is now well under- 
stood. After phagocytosis, while the other tissues are dying back a short 
distance behind the amputation line, the epidermal cells divide and mi- 
grate over the end of the stump. Then, as this epidermis thickens into 

an apical cap, nerve fibers grow outward and subdivide to form individ- 

ual synapselike connections the neuroepidermal junction (NEJ) - with 

the cap cells. This connection transmits or generates a simple but highly 
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specific electrical signal in regenerating animals: a few hundred nanoam- 
peres of direct current, initially positive, then changing in the course of 
a few days to negative. 

The pituitary hormone prolactin, the same substance that stimulates 
milk flow in nursing mothers, seems to sensitize cells to electric current. 
Then the signal causes nearby cells to dedifferentiate and form a 
blastema, apparently by changing the way cell membranes pass calcium 
ions. After confirming our frog blood-cell work, Art Pilla went on to 
produce the same changes by using pulsed DC to make a wave of cal- 
cium ions flowing across the culture dish. Steve Smith then confirmed 
the importance of calcium by preventing dedifferentiation with a cal- 
cium-blocking compound, and restarting it with another substance that 
enhanced passage of calcium ions. Working together, Smith and Pilla 
next used the same PEMF wave form now in clinical use to nearly dou- 
ble the rate of salamander limb regeneration, while completely prevent- 
ing it with a different pulse pattern. Widespread recent work on 
calcium-binding proteins, such as calmodulin, has made it fairly certain 
that electrical control of calcium movement through cell membranes di- 
rects the give-and-take among these proteins, which in turn supervises 
the cell's entire genetic and metabolic industry. 

Although not conclusive, the available evidence suggests that the cur- 
rent flows through the perineural cells rather than the neurons them- 
selves (see Chapter 13). These are several types of cells that completely 
surround every nerve cell, enclosing all the peripheral fibers in a sheath 
and composing 90 percent of the brain. Lizards can replace their tails 
without the spinal cord, as long as the ependyma, or perineural cells 
surrounding the cord, remains intact, and ependymal tissue transplanted 
to leg stumps gives lizards some artificial regeneration there. However, 
the circuit may shift tissues near the wound, for Elizabeth Hay's electron 
microscope studies clearly show that the peripheral nerve's Schwann cell 
sheaths stop just short of the epidermis, and only the naked neuron tips 
participate in the NEJ. The exact current pathway in this microscopic 
area remains to be charted. 

Not all cells can respond, however, as Jim Cullen and I found in one 
part of our fortuitous rat-regeneration experiments of 1979. Dedifferen- 
tiation occurred only when we passed the deviated sciatic nerve to the 
epidermis through the bone marrow. When we led it through the muscle 
yet sutured it to the skin in exactly the same way, an NEJ producing the 
right current appeared, but no blastema and no regrowth. Muscle cells 
apparently weren't competent to differentiate in the adult rat. The 

cellular target proved to be just as important as the electrical arrow. 
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There's still some opposition to parts of this scenario. Among some 
scientists, the prejudice against electrobiology remains so strong that 
one otherwise fine recent review doesn't even mention the NEJ or the 
difference between currents of injury in frogs versus salamanders! 

Other objections are a little more substantial A Purdue University 
group has measured electrical potentials near the surface of regenerating 
limbs underwater, using a vibrating probe. This is an electrode whose 
tip, ending in a tiny platinum ball, oscillates rapidly to and fro, giving 
the average voltage between the two ends of its motion. These research- 
ers describe an arc of ion flow—they categorically deny the possibility of 
electron currents in living tissue—out from the stump and through the 
water or, in semiaquatic animals, a film of moisture on the skin. From 
the water, they suggest, these ions travel to the limb skin behind the 
amputation, then in through all the inner tissues, and finally out of the 
stump again to complete the circuit. They believe the epidermis drives 
these currents by its normal amphibian function of pumping sodium 
(positive) ions from the outside water into the body. They conceive of 
this ion flow as the regeneration current itself, because changing the 
concentration of sodium in the water directly affects their current mea- 
surements, and because certain sodium-blocking techniques have _inter- 
fered with limb regrowth in about half of their experimental animals. 

Of course, the Purdue researchers don't dispute the amply proven 
need for nerve and injury currents during regeneration. They've even 
confirmed Smith's induction of leg regrowth in frogs with batteries gen- 
erating electron currents. Nevertheless, they consider nerves the target 
rather than the source of current, even though they propose no reason 
why their ion flow should be restricted to nerve tissue. In fact, they base 
their hypothesis partly on evidence that sodium flows even from dener- 
vated limbs. 

There are several other problems with this theory: Its proponents' own 
measurements show that the sodium ion current almost disappears just 
when its supposed effect, blastema formation, is occurring. Moreover, it 
fails to explain the easily observed reversal of polarity in injury currents 
measured directly on the limb, as well as the crucial role of the NEJ. 
The proposed circuit goes right past the NEJ! Finally, it can't account 
for the several tests of semiconducting current throughout the nervous 
system, or regeneration in dry-skinned animals such as lizards. 

To the lay person all this may seem like academic hairsplitting, until 

we reflect on the stakes: understanding regeneration well enough to re- 

store it to ourselves. Certainly skin is electrically active. It's piezoelectric 

and pyroelectric (turning heat into electricity) as well as a transporter of 
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ions in wet animals. In the last two decades nearly all tissues have been 
proven to produce or carry various kinds of electrical charge. Skin may 
play an as-yet-unknown role in regeneration besides its part in the NEJ, 
or it may merely be producing unrelated electrical effects. In any case, 
there are far too many data about the role of nerves to call skin the major 
source of the regeneration current. In fact, even the Purdue group has 
measured a stump current that's independent of sodium concentration. 

A recent experiment by Meryl Rose gave further evidence of neural 
DC, without clearing up all aspects of the question. Rose removed the 
nerves From larval salamander legs before amputation. Normally such 
denervated larval stumps die right back to the body wall, but when Rose 
artificially supplied direct currents like those I measured in my first ex- 
periment, they regrew normally. This is pretty conclusive proof that the 
nerves are the electrical source in phase one. However, since it looks as 
though nerves also organize regeneration's second phase (see below), it's 
hard to understand how the new legs could have been completely normal 
when they were disconnected from the rest of the nervous system. Per- 
haps salamanders can pinch-hit for nerves at this stage through a tissue 
other than nerve. On the other hand, new nerves may simply have re- 
grown into the limbs unbeknownst to Rose by the later stages of the 
experiment. 

Phase two begins as the embryonal cells pile up and the blastema 
elongates. Early in this stage a sort of spatial memory becomes fixed in the 
blastema cells so the limb-to-be will have its proper orientation to the rest 
of the body. At the same time or shortly afterward, the cells at the inner 
edge of the blastema receive their new marching orders and _ platoon 
assignments. Then they redifferentiate and take their places in the new 
structure. 

We can infer two things about the control for this part of the process. 
Since the blastema forms the right structure in relation to the whole organ- 
ism, the guidance can't be purely local, but must come from a system 
that likewise pervades the whole body. Furthermore, there are no de- 
differentiated cells left over when the work is done; there are just enough 
and no more. Thus there must be a feedback mechanism between the 
redifferentiation controls at the body side of the blastema and the NEJ's 
dedifferentiation stimulus at its outer edge. 

A large body of earlier work has shown that the redifferentiation in- 
structions are passed along a tissue arc whose main element is the circuit 
already established between nerves and epidermis in the first phase. The 
electrical component persuasively explains how this arc, an update of the 
morphogenetic field, may work. The direction (polarity) plus the magni- 
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tude and force (amperage and voltage) of current could serve as a vector 
system giving distinct values for every area of the body. The electric 
field surrounding continuously charged cells and diminishing with the 
distance from the nerve would provide a third coordinate, giving each 
cell a slightly different electrical potential. In addition, a magnetic field 
must exist around the current flow, possibly adding a fourth dimension 
to the system. Together these values might suffice to pinpoint any cell 
in the body. The electric and magnetic fields, varying as the current 
varies with the animal's state of consciousness and health, could move 
charged molecules wherever they were needed for control of growth or 
other processes. Since currents and electromagnetic fields affect the cell 
membrane's "choice" of what ions to absorb, reject, or expel, this sys- 
tem—in concert with the chemical code by which neighboring cells 
recognize each other—could precisely regulate the activities of every 
cell. It could express the exact point along the limb at which new 
growth must start; distinguish between right and left, top and bottom; 
even explain how totally missing parts, like extirpated bones or all the 
little bones of wrist and hand, can reappear. 

Furthermore, the difference between electrical values at the inner and 
outer edges of the blastema would lessen as a new limb grew behind it. 
(Remember that the electrical potential grows increasingly negative 
toward the end of an intact limb.) The gradual convergence of these two 
values could constitute a feedback signal perfectly reflecting the number 
of dedifferentiated cells still needed. Although the results weren't en- 
tirely conclusive, perhaps because measurements had to be made under 
anesthesia, several experiments in the 1950s suggested that such a volt- 
age differential governed restitution of the proper number of segments in 
earthworms. There was even a surge of positive potential that seemed to 
indicate when the job was finished. 

This is a rich concept, and the details are without doubt more com- 
plex than this sketch, but they're all open to experimentation in a way 
that Weiss's morphogenetic field and Burr's L-field were not. The best 
part of this two-stage analysis is that it gives us a rationale for trying to 
foster regeneration after human injuries before we know all the details of 
the second phase. 

The rat limb experiments strongly suggest that mammals lack two 
crucial requirements for the first phase of regeneration: They don't have 
the necessary ratio of nerve tissue to total limb tissue, the amount 

needed to make the dedifferentation stimulus srong enough; and they 

lack sufficient sensititive cells to respond to the electrical stimulus and 

form a big enough blastema. The work on rats pointed the way to defin- 
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ing the proper current, and the ability of electrically injected silver ions 
to dedifferentiate fibroblasts now gives us a possible method for produc- 
ing an adequate blastema. We should now be able to supply the require- 
ments for phase one in humans. Once this is done, the body itself can 
probably take care of phase two, even though we don't understand the 
process. Fingertip regrowth in children suggests that our bodies still 
have the ability to redifferentiate the cells and organize the missing part, 
as long as the electrical stimulus and the supply of sensitive cells are 
sufficient. 

Microsurgeons have performed wonders in reimplanting cleanly sev- 
ered portions of arms, legs, and fingers, but these limbs are subject to 
atrophy and obviously can't be grafted if they're too badly mangled or 
riddled with disease. As one who has performed too many amputations 
in his time, I find the prospect of being able to give a patient the real 
thing instead of a prosthesis tremendously exciting. There's a good 
chance that we'll eventually treat some nongenetic birth defects or old 
injuries by cutting off the defective part and inducing a normal one to 
grow. Perhaps, combined with gene splicing, such techniques could 
even rectify genetic birth defects. 

Since no one has yet achieved full regeneration in rats or any other 
mammal, these dreams won't come true overnight. They aren't 
chimerical, however. The remaining problems could probably be solved 
in a decade or two of concerted basic research. Meanwhile, human capac- 
ities for repair of certain tissues are greater than most people realize, and 
there are already promising ways of enhancing some of them. 


Cartilage 


Fossils show that even the dinosaurs had arthritis, but unfortunately it 
outlived them. Many varieties have been described, all of which result in 
destruction of the hyaline (glassy) cartilage that lines the ends of the 
bones. The remaining cartilage cells try to heal the defect by proliferat- 
ing and making more cartilage. They're almost never equal to the task, 
and scar tissue fills the rest of the hole. The result is pain, for scar tissue 
is too spongy to bear much weight or keep the bones from grinding 
against each other. 

After our success at getting rat legs to partially regenerate, we studied 

this problem in 1973. We reasoned that, suite cartilage was made by 

only one kind of cell, getting it to regrow would be easier than working 

with a whole limb. 
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With orthopedic resident surgeon Bruce Baker of the Upstate Medical 
Center, we removed the cartilage layer from one side of the femur at the 
knee in a series of white rabbits. The operation left a circular hole of 
bare bone about 4 millimeters across. In the experimental animals we 
implanted silver-platinum couplings like those used on the rats, drilling 
the platinum end into the defect and tucking the rest along the bone. 
Most of the control animals filled in the defect with scar tissue along 
with some inferior fibrous cartilage. About a tenth of them grew a milli- 
meter or two of good hyaline cartilage at the edge of the hole. But sure 
enough, the rabbits with the implants showed greatly enhanced repair. 
When we used an improved battery implant with silver wires at each 
end, we got even better results. Two of the rabbits healed the damage 
completely with beautiful hyaline cartilage just like the original mate- 
rial. 

A few years later, when we were testing various electrode metals, we 
tried a different approach specifically for rheumatoid arthritis, in which 
runaway inflammation causes phagocytes to attack healthy cartilage 
cells. Gold salts taken orally sometimes control this disease but often 
produce toxic side effects. We figured electrical injection of pure gold 
directly into the joint with no other ions might work better. To find 
out, Joe Spadaro and I produced rheumatoid arthritis in the knees of 
both hind legs in forty rabbits, using a standard experimental procedure. 
Then we treated one knee in each animal with a positive gold electrode 
stuck right into the space between the two bones for two hours. Joe did 
the actual treatments. Then we sacrificed the animals gradually over a 
period of two months, and I examined both arthritic knees, not knowing 
until later which had been given gold. During the first two weeks about 
70 percent of the treated knees were markedly better than the untreated 
ones. The improvement fell off to about 40 percent thereafter, suggest- 
ing that the treatment must be repeated for continued results. 

Obviously, these were only preliminary experiments. However, since 
an estimated 31 million Americans suffer from arthritis, for which there 
is no cure yet, I think both avenues should be thoroughly explored as 
soon as possible. 


Skull Bones 
Lev Polezhaev has spent his career investigating what might be called 


the Polezhaev principle - the greater the damage, the better the re- 
growth. He has found he can often enhance repair by adding homoge- 
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nates, minces, and extracts of the damaged organs, even though this 
doesn't augment the current of injury as his needling procedure did. 

I 


SOLDER JOINT 








SILVER WIRE PLATINUM WIRE 


10-MEG RESISTOR INSULATOR 


REGENERATING JOINT CARTILAGE 


REGENERATING JOINT CARTILAGE—RESULTS 


Eventually Polezhaev developed a way to induce regeneration of holes 
in the skull, which normally heal over with scar tissue. As long as the 
dura mater, the cough membrane between skull and brain, is intact, a 

paste of blood and fresh (living) powdered bone will induce the bone 

cells at the edges to grow and bridge the gap. Microscopic studies have 
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shown that the few live cells remaining in the paste don't survive and 
the bone particles themselves soon dissolve. Instead, some _ substance 
from the disintegrated bone stimulates repair. Since its first successful 
trial on humans by several Russian surgeons in the mid-1960s, this 
method has gradually come into increasing use in the Soviet Union. 


Eyes 


There is at present no indication whatsoever that humans could ever 
regenerate any part of their eyes, but the ability of newts (salamanders of 
the genus Triturus) to do so makes this a tantalizing research ideal for the 
far future. If the lens in a newt's eye is destroyed, the colored cells of the 
top half of the iris extrude their pigment granules, then transform by 
direct metaplasia into lens cells. They soon start synthesizing the clear 
fibers of which the lens is made, and the whole job is finished in about 
forty days. In case the iris is gone, too, a newt can create a new one from 
cells of the pigmented retina, and those cells can also transform into the 
neural retina layer in front of them. If the optic nerve gets damaged, the 
neural retina in turn can regenerate the nerve tract backward and recon- 


IRIS CELLS EXTRUDE THEIR 


MIGRATE 





SALAMANDER EYE-LENS REGENERATION 
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No one knows why newts are so much more adept at this than all 
other creatures; their eyes have no obvious structural or biochemical pe- 
culiarities. Steve Smith gave us an important fact to work with when he 
found two proteins in the lens that seem to prevent the iris cells from 
changing into new lens cells as long as the old lens is in place. Since the 
neural retina must be intact for most of the transformations to happen, 
it may provide a constant electrical stimulus that goes into effect only 
when the inhibitory proteins are removed by injury. 

No blastema is formed; instead the cells change costume right 
onstage. Furthermore, certain ingenious experiments have shown that a 
wound isn't really necessary, only the interruption of the inhibitory 
mechanism. Therefore, the stimulus from the neural retina probably 
isn't the familiar injury current of limb regrowth. However, despite a 
voluminous research literature on newt eye regeneration, no one has yet 
studied its electrical aspects. This may be why we're still so far from 
understanding the natural process, let alone trying to adapt it to human 
eyes. 


Muscle 


Every muscle fiber is a long tube filled with rows of cells (myocytes) laid 
end to end with no membranes between them—in effect, one multi- 
nucleated cell, called a syncytium. These nuclei direct the manufacture 
of contractile proteins, which are lined up side by side and visible, when 
stained, as dark bands across the array of myocytes. Each muscle fiber is 
surrounded by a sheath, and groups of them are bound together in bun- 
dles by thicker sheaths. At the edge of each bundle are long, cylindrical 
cells with huge nuclei and very little cytoplasm, called myoblasts or 
spindle cells. Also along the edges, between the spindle cells, clusters of 
tiny satellite cells can be seen at high magnifications. 

After a crushing injury or loss of blood from a deep cut, muscle in the 
damaged area degenerates. The myocyte nuclei shrivel up and the cells 
die. Soon phagocytes enter to eat the old fibers and cell remnants. Only 
the empty sheaths and a few spindle and satellite cells are left. 

Now these remaining cells tum into new myocytes, fill up the empty 
rubes, and begin secreting new contractile proteins. Although the early 
part of this process proceeds without nerves, it can run to completion 
only if motor nerve fibers reestablish contact with the terminals, called 

end plates, that remain at specific distances along each fiber sheath. If 

these end-plate areas are cut out, the nerve endings will enter, sniff 
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around, and then retract. The muscle will atrophy. If the nerves re- 

establish the connections, new muscle cells will fill most of the original 
volume, gradually build up strength, and then completely differentiate 
into slow-twitch or fast-twitch fibers. 

Attempts to enhance muscle regeneration in humans take two ap- 
proaches. If available, a graft of a whole muscle from another source is 
the more effective. This is actual single-tissue regeneration, because the 
original muscle cells die and are replaced after new blood and nerve 
connections are made. Since its first clinical use in 1971, this approach 
has proven successful in replacing defective small muscles of the face and 
also in restoring anal sphincter control. Large limb muscles haven't been 
successfully transplanted yet. 

Another method may soon be used in humans when grafts aren't pos- 
sible. Muscle regeneration in birds and laboratory mammals has been 
considerably enhanced by inserting muscle tissue minced with fine scis- 
sors into pieces of no more than 1 cubic millimeter. Soviet biologist A. 
N. Studitsky first devised this method in the 1950s, extending Pol- 
ezhaev's work, but its development has been slow. 


Abdominal Organs 


Despite over two hundred years of descriptive work, new regenerative 
capacities are still discovered in the animal kingdom from time to time. 
We've recently learned, for example, that adult frogs can restore their 
bile ducts, although for some reason females are better at it than males. 
Doctors have long known that the liver can replace most of the mass lost 
through injury by compensatory hypertrophy, in which its cells both 
enlarge and increase their rate of division so that the organ's chemical- 
processing duties can be maintained even though the ruined architecture 
isn't restored. Similarly, damage in one kidney is made up by enlarge- 
ment of the other without rebuilding the intricate mazes of microtubules 
in the glomeruli. Recent studies of rat livers suggest that a combination 
of insulin and an epidermal growth factor, modified by at least a dozen 
other hormones, enzymes, and food metabolites, control the cell pro- 
liferation. 

Now it appears that the spleen can make the same kind of comeback, 
at least in children. Adults who must have their splens removed rarely 

miss them, but children become more susceptible to meningitis. A few 

years ago, medical researcgers noted that children whose excised spleens 
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had been damaged by accident were less likely to get meningitis than 
those whose spleens had been removed because of disease. Howard Pear- 
son and his colleagues at the Yale University School of Medicine found 
that, when ruptured, the delicate spleen left bits of itself scattered in the 
abdomen, which grew and gradually resumed the organ's obscure blood- 
cleansing functions. Now when they remove a spleen, many surgeons 
wipe it on the peritoneum (the tough membrane that lines the abdomi- 
nal cavity) to sow replacement seeds. 

Another late discovery of regeneration was made in the late 1950s, when 
several scientists learned that tadpoles, larval salamanders, and sometimes 
adult salamanders could restore up to about four inches of their intestines. 
Moreover, all adult amphibians could reconnect the cut ends even if they 
couldn't replace a missing section. Allan Dumont, one of my best friends 
during medical school and now Jules Leonard Whitehill Professor of Surgery 
at NYU-Bellevue, decided to check this potential in mammals after I told him 
about my work on rat limbs. He wanted to find out whether regeneration 
could be stimulated in mammals to solve one of a general surgeon's most 
vexing problems—poor healing of sutured ends of gut after a cancerous or 
degenerated segment has been cut out. Even a small opening can spill feces 
into the abdominal cavity, with disastrous peritonitis the result. 

Like any good scientist, Al started from the basics. After several years 
he'd confirmed the earlier reports. When he cut pieces from the gut of 
adult frogs and newts and merely put the ends close together in the 
abdomen, 40 percent of the animals survived by quickly reconnecting 
the two ends and completely healing them in about a month, although 
even the newts didn't replace much of the lost length in his experi- 
ments. Gut regeneration actually involves several tissues; Al's cell stud- 
ies showed a blastema quickly forming at the junction and _ then 
differentiating into smooth muscle, mucus cells, and the structural cells 
of the villi. 

Naturally, when I was organizing a conference on regeneration in 
1979, I invited Al to present his results. About a month before the 
meeting, after the program had already gone to the printer, he wanted 
to change the title of his paper, for he'd just finished some surprising 
work. He asked me, "What would you expect to happen if I took some 
adult rats, cut out a centimeter of gut, and dropped the two loose ends 
back into the abdomen?" Like any first-year med student, I said they'd 
be dead of peritonitis in two or three days. Well, 20 percent of Al's rats 
had reconnected then bowels better than surgery could have done, and 
were alive and healthy. When Al had given one group of animals a 
temporary colostomy above the experimental cut, the survival rate 
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jumped threefold. The perfect healing of the test animals compared with 
the controls indicated that sutures actually interfered with regeneration 
producing unnecessary scars and adhesions. 






SPONTANEOUSLY 
ANASTOMOSES 'N 
ABOUT 1 MONTH 





GUT REGENERATION IN AMPHIBIANS 
No one knows for sure how the two cut ends find each other, but 


there's certainly some active search going on, for peritonitis sets in too 
quickly for the results to be due to chance. The process resembles a 
regrowing nerve fiber's search for its severed part, which may be con- 
ducted by electrical factors, a chemical recognition system, or both. 
Electrical potentials probably play the most important part, for recent 
research has found DC potentials at injuries on the peritoneum, and 
experimental changes in the peritoneum's normal bioelectric pattern at- 
tract the inner membrane enclosing the bowels, causing it to adhere to 
the site of the disturbance. Al has recently learned that, if the ends don't 
have to look for each other but instead are connected by a piece of Si- 
lastic tubing, rats can, like tadpoles, replace up to 3 centimeters of 
missing intestine. There's no reason to believe this technique couldn't be 
adapted to humans. 

Even though we don't know enough yet to electrically stimulate intes- 
tinal healing, Al has proposed a preliminary test of regeneration in large 
mammals that could spare some patients a lifetime of misery. It's almost 
impossible to surgically rejoin the colon to the anus, and when 
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sutures fail, the person ends up with a colostomy. Since the free end of the 
colon would be held near its proper position by the local anatomy, Al sug- 
gests replacing it without stitches and giving such animals a temporary co- 
lostomy upstream from the gap. If X rays later showed regrowth, the 
temporary colostomy would be closed, and the animal would have a continu- 
ous, healthy intestine. If even a few patients could be spared the indignity of 
living attached to a bag, the effort would be well worth the little—yet still 
nonexistent—funding required. Intensive study of the electrical details of gut 
healing would probably make surgery less devastating for many additional 
patients. 

Exciting as the prospects in this survey are, they're by no means the 
only ones, or even the most spectacular, which are reserved for the fol- 
lowing chapters. Many researchers are working to tum the _break- 
throughs of the last two decades to practical use. Even so, progress isn't 
nearly as fast as it could be, perhaps due to disbelief that such wide- 
spread self-repair is really possible for us. It's not only possible, it's 
nearly certain, given even a modest monetary push, for the "useful dis- 
positions" foreseen by Spallanzani are within our reach. 


Ten 
The Lazarus Heart 


Like Columbus, scientists sometimes stumble upon new _ continents 
when merely seeking a quicker trade route. Our research group had this 
good fortune in 1973. 

We'd gone back to basics after learning how to dedifferentiate frog 
red blood cells and start regeneration in rat limbs. We decided to study 
nucleated red cells in a variety of creatures, hoping for leads toward 
better regrowth in mammals. Although their circulating erythrocytes 
have no nuclei, even mammals have young red cells, with nuclei, form- 
ing in the bone marrow. After severe bleeding, up to a fifth of those in 
the bloodstream may be immature nucleated types, as the marrow rushes 
them into service to make up for the loss. We surveyed the effect of 
direct current on red cells from fish, amphibians, reptiles, and birds. All 
of the cells responded, but in a different way for each species. We de- 
cided to have a more detailed look at the largest and hence most easily 
studied red blood cells available, those of our old friend Triturus vir- 
idescens, the common green newt. 

A newt is so small that you can't just poke a needle into one of its 
veins and take a blood sample. The only practical way to get pure blood 
is to anesthetize the animal, slice open its chest, cut its heart in two, 
extract the blood with a pipette, and throw away the carcass. 

As the phrase goes, we "harvested" blood from three newts each week 
by this method. One day, when Sharon Chapin had finished the chore, 
she asked me, "What would happen if I sewed these animals up?" I 
answered that, because their hearts had been destroyed, they would die 

within minutes, with or without sutures, from lack of oxygen to the 
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brain, just as all our other amphibian blood donors had. We looked it 
up just to make sure. The standard works on regeneration all agreed that 
no animal's heart could repair major wounds. Unlike skeletal muscle, 
the cardiac variety had no satellite cells to serve as precursors for mature 
heart-muscle cells. In any case, the textbooks stated, the animal would 
die long before such repair could occur. 

Next week Sharon put our three intended sacrifices in a bowl of water 
and with a straight face asked me if they looked healthy enough to use. I 
told her they looked fine. "Good!" she exclaimed. "These are the same 
three we used last week." Score one for the open mind! 

Flabbergasted, I helped anesthetize and dissect this trio of miracles. 
Their hearts were perfectly normal, with no evidence of ever having been 
damaged in any way. 


The Five-Alarm Blastema 


Abruptly I changed my research plans. I asked Sharon to test a series of 
newts by cutting away large sections of their hearts and sewing up their 
chests, then killing some of the survivors every day and slicing, mount- 
ing, and staining the hearts for study under the microscope. Over 90 
percent lived through the first operation, and several weeks later we had 
hundreds of slides ready for my examination and diagnosis. Unfor- 
tunately they all looked the same! Even those from the day after that 
horrendous mutilation showed only normal tissues with no sign of in- 
jury. 

By now we knew we had come upon a first-class mystery and had 
better jettison our preconceptions. We reasoned that we could tell when 
regeneration was finished by finding out when the blood began flowing 
again. Under the microscope we could easily see blood cells streaming 
through capillaries in the transparent tail fins of lightly anesthetized 
newts. The motion stopped when we cut the heart, and restarted about 
four hours later. We sectioned a new series of hearts, this time covering 
the first six hours at intervals gradually increasing from fifteen minutes 
to one hour. 

While waiting for the specimens, we rummaged more thoroughly 
through the literature for other reports on heart regeneration. There was 
evidence for very limited repair—but no true regeneration—of small 
heart wounds in a few animals. The process seemed limited to the very 
young. Even then, the results were of poor quality, combining a lot of 

scar tissue with only a little proliferation of nearby heart cells, but the 
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mitotic component could be enhanced by various experimental aids. 

In 1971, John O. and Jean C. Oberpriller, anatomists at the Univer- 
sity of North Dakota School of Medicine in Grand Forks, reported that 
small wounds in salamander hearts healed this way but required two 
months. A year after that, the English edition of a book by Lev Pol- 
ezhaev summarized several decades of Russian research, mainly on the 
hearts of frogs and lizards. Pavel Rumyantsev, now at the Cytology In- 
stitute of the USSR Academy of Sciences in Leningrad, had found in 
1954 that newborn mammals (rats and kittens) could repair tiny punc- 
ture wounds, and recently he has proved the same capacity in the atria, 
or receiving chambers, of adult rat hearts. We even found a German 
report of 1914 claiming that human babies had sometimes regenerated 
small areas of their hearts damaged by diphtheria. 

The Russians claimed some progress in extending this marginal native 
healing. In the late 1950s, N. P. Sinitsyn had repaired large holes (up 
to 16 square centimeters) in the hearts of dogs by covering the wounds 
with patches made of muscle sheath, canvas, suede, or other materials. 
Scar tissue still covered the outside, but the patch guided a thin layer of 
new muscle fibers forming along its inner surface. Using dogs whose 
wounds had already closed with scar tissue, Polezhaev then found he 
could induce heart muscle to fill in part of the gap by cutting away the 
scar and irritating the edges of the remaining cardiac muscle. Other 
Soviet researchers enhanced the muscle cell proliferation a little more 
with vitamins B1, B6, and B12, various drugs, extra RNA and DNA, 
and heart tissue extracts or minces. 

Despite such goads, heart regrowth was limited to very small injuries 
or the border zone around larger ones, and it always took several weeks. 
No one had even imagined that half a heart could restore its other half, 
much less in a matter of hours. I could hardly wait until the next batch 
of slides was ready. 

They showed us an unprecedented type of regeneration. Where the 
missing part of the heart had been, a blastema formed in about two and 
a half hours. We saw no evidence of dedifferentiation or mitosis in the 
remaining heart-muscle cells, and indeed it would have been impossible 
for the processes we'd already studied to make a blastema in such a short 
time. Instead, the mass of primitive cells arose dramatically from the 
blood. 

As soon as the salamander heart is cut open, blood pools around the 
wound and clots quickly, usuallyin about one minute, sealing the hole 

like wet plaster. Almost immediately, the nearest red blood cells crack 

open like eggs. Their nuclei, surrounded by a thin coating of cytoplasm, 

glide by some means yet unknown directly to the raw, fraved edge of the 
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heart muscle and insinuate themselves into the tangle of dying and in- 
jured cells. To a biologist this sight is bizarre, uncanny. It's as though 
the engine of a passing car could walk up to a stranded truck, climb 
under the hood, and drive it away. 


CUT 5 MINUTES 





3 HOURS 


HEART MUSCLE CELL 
SUPERREGENERATION—THE SALAMANDER HEART 


Farther away from the wound surface, the red cells also spill out their 
nuclei, but these cell yolks clump together, fusing their remaining 
cytoplasm to form a syncytium. Still farther away from the center of 
action, the red cells undergo the more leisurely dedifferentiation we ob- 
served in our frog fractures and DC culture studies. They turn into 
primitive ameboid cells that move toward the area of damage and attach 
themselves by pseudopods to the injured muscle fibers. In all of biology 
there's no precedent for these virtuosic cellular metamorphoses. In fact, 
they're so strange that most researchers have simply refused to believe in 
their existence or try the experiment for themselves. 

All these changes are well under way within fifteen minutes. Soon 
afterward the extruded nuclei, the interconnected syncytial nuclei, and 
the ameboid cells are all dividing as fast as they can, building up the 
blastema. It's fully formed within three hours after the injury. By then 
its cells have already started to redifferentiate into new heart-muscle 
cells, synthesizing their orderly arrays of contractile fibers and con- 
necting up with the intact tissue. If the clot contained more blood cells 
than were needed, the extras outside of the area now degenerate, appar- 
ently so as not to get in the way of the the repair work. 

Meanwhile, the newt has survived by absorbing dissolved oxygen from 
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the water through its skin. Now, at about the four-hour mark, there are 
enough new muscle cells to withstand contraction, and the heart begins 
pumping again, slowly. After five or six hours, most of the blastema cells 
have redifferentiated into muscle, which is still somewhat "lacy" or deli- 
cate compared with the established tissue. After about eight or ten hours, 
however, the heart is virtually normal in appearance and structure, and 
after a day it's indistinguishable from an uninjured one. 

Why did we see this colossal regeneration, while the Oberprillers 
found only a tiny, slow healing response in the salamander heart? Appar- 
ently this was another manifestation of the Polezhaev principle. We 
made a big wound; they made a small one. Only massive damage un- 
leashed the full power of the cells. 

Is this fantastic cellular power forever restricted to salamanders, or 
does it reside latent in us, ready at the appropriate impetus to repair 
damaged hearts without problem-filled (and frightfully expensive) trans- 
plants of donated or artificial pumps? We don't know, but we've found 
no other regenerative process that's forever off limits to mammals. At 
this point we can only speculate on how such a treatment might be 
accomplished, but at least the idea isn't wholly fantasy. 

The first job is to identify human target cells able to dedifferentiate 
into primitive totipotent cells. Bone marrow cells or immature eryth- 
rocytes, the nearest equivalents to amphibian nucleated red blood cells, 
are one obvious candidate population, especially since they seem to be 
the crucial cells in rat limb regeneration and the inner part of fracture 
healing. Fibroblasts despecialized by electrically injected silver ions 
might be used. Another possibility is lymphocytes, one class of infec- 
tion-fighting white blood cells. In our lab we've demonstrated that they, 
too, can dedifferentiate in response to appropriate electrical stimuli. 

Since newt-type heart regeneration doesn't occur naturally in mam- 
mals, we would probably have to grow a large mass of the target cells in 
tissue culture. Then, with the patient on a heart-lung machine, the 
surgeon could cut away scar tissue and otherwise freshen the wound if it 
wasn't recent enough, then apply enough of these ready-made pre- 
blastema cells to fill the defect. They would be held in place by a blood 
clot, sutured pericardium, or some type of patch. Then, assuming we'd 
learned the electrical parameters already, electrodes would induce nu- 
clear extrusion, dedifferentiarion, consolidation with surrounding mus- 
cle, and the final transformation into normal cardiac muscle. The current 
would probably have to be adjusted throughout the process to get us 

various steps in synchrony, and vitamins or drugs might be used to 

enhance mitosis or protein synthesis. Once the scar had been removed, 
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the instructions as to what cells were needed would come from the sur- 
rounding healthy heart muscle. 
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POSSIBLE REGENERATION OF THE HUMAN HEART 


In the salamander this process takes about six hours. Since this ex- 
ceeds the current limits of "machine time" for artificial circulation in 
humans, we would have to extend the capacities of heart-lung devices or 
else speed up the cellular processes. Obviously there's a long road of 
experiment to travel before we can be more specific about techniques. 
One of the things we must learn is whether the newt's electrocardiogram 
shuts down during repair. We must know how its presence or absence 

relates to the current of injury and other electrical factors in this novel 
method of blastema formation. 
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Personally, I'm sure we can get the human heart to mend itself. As a 
result of being confronted by this wonder in newts, I'm convinced that 
the potential repertoire of living cells is absolutely enormous, far greater 
than the healing powers normally manifested by most animals or even 
those dreamed of by doctors. Even in the newt this "superregeneration" 
doesn't appear unless 30 to 50 percent of the heart is gone. Something 
about the massiveness of the injury or the approach of death then boosts 
the healing process into overdrive. 

I readily admit that the discovery sounds a bit like science fiction, 
even as toned down into the subdued technical prose of our report, pub- 
lished by Nature in 1974. I had trouble believing it myself at first. 
Because it seemed so incredible, there was no rush to confirm and extend 
our discovery. Today, even though our observations have been corrobo- 
rated by University of Michigan anatomist Bruce Carlson in 1978 and 
by Phil Person in 1979, complete with electron micrographs of the cell 
changes, most biologists still don't accept heart restoration as fact. Per- 
haps because the reality is so outlandish, Carlson wouldn't publish, and 
Person has been unable to get his work published in the peer-reviewed 
journals. Our original paper of ten years ago is still officially uncon- 
firmed, and the other workers are still puttering around with little 
wounds. This attitude must change. Knowledge about the controls of 
this process will be of incalculable value to medicine, for this is ideal 
healing. Spilled blood closes a wound at the body's center and replaces 
the missing part in a few hours. You can't get much more efficient than 
that. 


Eleven 
The Self-Mending Net 


Spinal paralysis is the most devastating of injuries and also one of the 
commonest; it afflicts over half a million Americans, including fifteen 
thousand new sufferers every year. Until recently their outlook was abso- 
lutely bleak, for the human central nervous system (CNS) had no known 
regenerative capacity whatsoever. Only if part of the spinal cord re- 
mained unsevered was some recovery possible with physical therapy. 
Now, however, there's hope that we'll soon be able to coax nerve cells 
into reestablishing the proper connections across the damaged section 
and thus return the use of arms, legs, sexual and excretory organs, respi- 
ratory muscles, and the sense of touch to quadriplegics and paraplegics. 
In one way or another, this dream involves making human nerve cells 
behave more like those in simpler animals. 

The neuron is the basic unit of all nervous systems. It consists of a cell 
body, containing the nucleus and metabolic organelles, surrounded by 
dozens of filaments that carry messages in and out. The incoming den- 
drites predominate in sensory neurons. There's usually only one motor 
fiber, or axon, which carries the neuron's outgoing messages to dendrites 
of other neurons or to receptors on muscle or gland cells. An axon, often 
several feet long, is the principal fiber of a motor neuron, which relays 
orders from the brain or spinal cord to the tissues and organs. 

All neuron cell bodies reside in the brain and spinal cord. Only their 
axons and dendrites extend outward, forming the peripheral nerves that 
connect every part of the body with the CNS. Other fibers connect cer- 

tain sensory and motor neurons within the spinal cord, creating reflex 

arcs, like those that jerk our hands from hot stows without our having 
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to send the impulse all the way to the brain for instructions. Still other 
fibers connect spinal neurons with those in the brain, and in the brain 
itself the interconnections reach such a density that each nerve cell may 
hook up with as many as twenty-five thousand others. 
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\\ THE PERIPHERAL NERVOUS SYSTEM 


Except for a few specialized components like the naked fiber tips that 
enter into neuroepidermal junctions, all parts of every neuron are swad- 
dled in various types of perineural cells. In the brain there are several 
kinds, collectively called the glia, in which the neurons are embedded 
like hairy raisins in a pudding. The cell bodies in the cord also are 

surrounded by glial cells, but their axons and dendrites, which include 
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the fibers of the peripheral nerves, are surrounded by Schwann cells. 
These form tubes, made up of spiraling layers of membrane rich in a 
fatty substance called myelin, around some of the largest fibers. A third 
type, ependymal cells, line the four cavities within the brain, or ventri- 
cles, and the narrow central canal that runs the length of the spinal cord. 
These cells are close relatives, having all developed from the same part of 
the ectoderm, or outer cell layer, that formed the primitive neural tube 
in the embryo. The nervous system actually consists of several times 


more perineural cells than neurons. 
falas 
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SCHWANN CELL SHEATH AROUND A PERIPHERAL NERVE FIBER 


Until recently the perineural cells were considered merely a "packing 
tissue," whose only job was to insulate and support the neurons. We've 
now learned that they play a major role in getting nutrients to the neu- 
rons. They also help control the diffusion of ions through the nerve cell 
membrane and hence regulate the speed of impulse firing, even to the 
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point of inhibiting seizures, the random spread of impulses in the brain. 
They may also have an important part in memory, and they probably 
conduct the direct currents so important to regeneration. They're essen- 
tial to healing wherever it occurs in nerve tissue. 


Peripheral Nerves 


Peripheral nerve fibers can regrow—otherwise we'd lose sensation when- 
ever we cut a finger—but neurons and their fibers in the CNS cannot. 
The peripheral nerve's cell body survives, safe in the cord or brain, and 
the cut end of the attached part of the fiber is sealed off. The outer, 
severed part dies and degenerates; some of its Schwann cells digest it, 
along with the now-useless myelinated membrane layers. The empty 
Schwann tube remains, however, and begins to grow toward the prox- 
imal fiber (the one nearer the center of the body), whose Schwann cells 
are also growing across the chasm. When these cells meet, the nerve 
fiber grows along its reconnected sheath and eventually makes contact 
with the same terminals it originally served. 

In salamanders this process is very efficient. The Schwann cells can 
cross large gaps, and an experimenter who wishes to work with dener- 
vated limbs must be diligent to keep the nerves from reentering. In 
humans, the two ends of the tube usually can't find each other over a 
distance of more than a centimeter. In that case the proximal sheath 
with its intact nerve fiber hunts for its opposite number by growing in 
an ever increasing spiral, apparently searching for some signal from the 
distal end (the part farther from the body center). Since each nerve is 
formed of many fibers, these spiraling tubes entangle each other in a 
lump of nerve tissue called a neuroma. Neuromas are painfully sensitive 
and often must be cut away. Occasionally a surgeon can move the two 
ends of the nerve close enough for the Schwann cells to make contact. If 
that's impossible, the gap may be closed with a piece of nerve grafted 
from a less important peripheral nerve that can be sacrificed. Unfor- 
tunately, nerve grafts don't take reliably, and other methods, such as 
making artificial channels with tiny plastic tubules, are still in the ex- 
perimental stage. 

We don't know why the salamander's peripheral nerve regrowth is so 
much more effective than ours, but I surmise that its more efficient DC 
electrical system accounts for the difference. If the locator signal is elec- 

trical, it should be possible to augment it in humans so as to grow nerve 

fibers over longer distances. Beginning with a 1974 report from David 
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H. Wilson of the Leeds General Infirmary in England, there have been 
some interesting claims that pulsed electromagnetic fields have speeded 
recovery of limb function in rats after peripheral nerve damage, but the 
effect hasn't yet been substantiated for humans. If these findings hold 
up, we may soon be able to boost nerves past their 1-centimeter limit, 
even if the action is indirect, and a thorough investigation of the elec- 
trical basics could drive nerve regrowth to even greater lengths. 
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The Spinal Cord 


A sad and crucial difference separates peripheral fibers from those in the 
human spinal cord, for the latter don't reconnect over even a fraction of a 
centimeter. However, in most injuries relatively few of the neurons 
themselves are killed. It's important to realize that most of the cord cells 

below the injury don't die. The reflex arcs remain intact. In fact, reflexes 

are stronger than normal, because the neurons are now disconnected 
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from the regulating influence of the brain. For the same reason, the 
broken bones of paraplegics heal in half the normal time, whereas a bone 
will heal very slowly or not at all if its peripheral nerve supply has been 
cut. Only the communication between brain and spine is silenced in 
paraplegia, and that makes all the difference. 

Spinal fibers do reconnect in some animals, notably goldfish and, as 
you might expect, salamanders. Their ability seems to decline dramati- 
cally with age, however. Jerald Bernstein, a neurophysiologist now at 
George Washington University Medical School who has studied goldfish 
spinal regeneration extensively, has found that one-year-old fish heal al- 
most all of the damage. This competence declines to about 70 percent at 
two years and 50 percent at three. Since salamanders aren't raised in 
biological supply houses but rather collected from the wild, any group is 
likely to include young and old individuals, making comparisons diffi- 
cult. In our lab we found that cord regeneration isn't uniform in sala- 
manders, probably due to age differences. 

Maturity may reduce the response of the ependymal cells, which are 
responsible for the first step. They proliferate outward from the central 
canal and bridge the gap in a few days. Marc Singer, in a recent study of 
this process, concluded that the ependymal cells extend "arms" radiating 
outward, which line up like the spokes of wheels stacked one atop an- 
other, forming channels for the regrowing fibers to follow. The nerves 
then reestablish their continuity within a few weeks. 
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Bernstein also found that there's a critical period during which re- 
growth must be completed or it will fail. After cutting the cords of 
goldlfish, he inserted Teflonon spacers to block regeneration. The normal 
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processes took place, but of course the cells couldn't penetrate the di- 
vider. After the cellular activity had died down, Bernstein removed the 
barriers, but there was no further change. However, when he then cut 
off each damaged end, producing an even larger gap and reinjuring the 
cord, the cells started from scratch and healed the defect completely. 
Thus there's good reason to believe that even long-standing spinal inju- 
ries can potentially be regenerated if we can extend the basic capabilities 
of human cells. 

One would expect to see some healing response in mammals, even if 
it fell short. After all, we only need the elongation and reattachment of 
fibers, which does take place in peripheral nerves. Instead the opposite 
happens. The cord cells die a short distance above and below the injury. 
Cysts form near the ends, and, instead of ependyma, scar tissue fills the 
gap. Only after this destruction is there an abortive attempt at re- 
growth. In humans this amounts to only a few millimeters of fiber 
elongation many months after the injury. By then it's too late; the epen- 
dymal cells and nerve fibers can't penetrate the scar. 
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CYSTS AND SCARS PREVENT CORD REGROWTH IN MAMMALS 


Why the difference between salamanders and mammals? The reason 
may lie in the cord's immediate response. In all animals the injury in- 
stantly results in spinal shock, during which all neuronal activity is pro- 
foundly depressed, especially in the part of the cord still connected to 
the brain. Even the simplest reflexes disappear. As the shock wears off, 
the cord below the injury becomes hyperactive. Its reflexes become tre- 
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mendously exaggerated and lead to spastic paralysis of the muscles. The 
interesting difference is in the duration of shock. In young salamanders 
and goldfish it lasts only a few minutes, but it may endure for over a 
week in old ones. In mammals it takes even longer to wear off—as long 
as six months in humans. 

We made some electrical measurements on salamander and frog spines 
in our lab. The injured area turned out to be strongly positive during 
spinal shock, even though all direct-current flow ceased in the entire 
cord and in the peripheral nerves arising from the part below the 
trauma. Then, as the shock resolved, a steadily increasing negative po- 
tential appeared, its size reflecting the amount of outgrowth by epen- 
dyma and nerve fibers. We found that we'd only rediscovered these 
potentials, however. G. N. Sorokhtin and Y. B. Temper had made the 
same measurements at the Khabarovsk Medical Institute twenty years 
before. The patterns of shock and polarity both correlated, not only with 
the cell activity, but with the end result of regenerative success or 
failure. A few minutes of shock and a correspondingly short period of 
positivity led to full repair of the cord. Longer delays produced in- 
complete regeneration, and, when the shock and positive potential per- 
sisted for five to eight days or longer, the salamander became completely 
paraplegic. 
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As far as I know, the only electrical measurements of spinal shock in 
mammals were preliminary ones done at our laboratory in conjunction 
with Carl Kao of the VA hospital in Washington, D.C. We tested the 
severed cord ends in cats for twenty-four hours and found only an in- 
creasing positive potential. The situation seemed quite similar to the 
electrical difference between salamander and frog limbs. As in most in- 
stances, positive potentials appeared to inhibit constructive cellular ac- 
tivity while negative ones fostered it. 

An experiment Kao did several years ago provided some supporting 
evidence. Kao made two cuts through the spinal cord in each of several 
cats, producing a central fragment about 5 millimeters long, separated 
from each end. He then grafted pieces of sciatic nerve as spacers in the 
two cuts. Typical degeneration with cysts occurred in each end of the 
cord but not in the isolated piece. In fact, this part showed some growth 
of its ependyma and nerve fibers. The small piece was probably isolated 
from the positive potentials produced in the rest of the cord. Hence it 
escaped inhibition and grew. It seems the prolonged electrical positivity 
of spinal shock is the main roadblock in the way of human cord repair. 
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It should be possible to cancel that polarity and replace it witha 
growth-stimulating negative one, using a properly shaped electrode. 
Older injuries in which spinal shock has subsided might require a dif- 


The one and only true timetraveler Andrew D. Basiago tells the 
Truth: 


THE EIGHT MODALITIES OF TIME TRAVEL by Andrew D. Basiago 


1. Remote viewing was developed by the US military in the 1960's 
years before it was supposedly developed at Stanford Research 
Institute [SRI] in 1972. It uses the human mind to travel to locations 
distant in space in real time or distant in time-space. 


2. Spinning to induce out-of-body experiences so as to travel on the 
astral plane is an ancient occult practice. It uses dissociation of the 
mind to access while awake the astral realm that we access while we 
are lucid dreaming. 


3. The Montauk chair was reverse-engineered from the pilot's seat 
aboard acrashed ET craft, by which the ET pilot piloted the craft 
psychically to avoid collisions in space in light of the speed of the 
craft and the vast interstellar distances traversed. It uses magnetic 
transduction to boost human consciousness forward in time so that 
the individual in the chair pre-experiences a moment in his 
subjective future. 


4. The teleporter. which opens up a vortal tunnel in the fabric of 
time-space through which the teleportee passes from Point Ato 
Point B in several seconds, was invented by Nikola Tesla. It uses a 
field of radiant energy to open up the vortal tunnel in time-space. 
When the tunnel in time-space closes, the teleportee finds footfall in 
the location where the tunnel closes, either in real time or in the past 
or future. 


5. The chronovisor was accidentally discovered by Vatican 
musicologists Father Pellegrino Ernetti and Father Augustino 
Gemelli when they were studying the harmonic patterns in 
Gregorian chants at the Catholic University of Milan in the 1940's. 
Ernetti and Gemelli found that the microphone they were 
developing could pick up the sounds of past events. It uses 
holograms that are so dense that they have the effect of lensing non- 
local events into the laboratory which the time traveler can visit and 
explore while standing in the hologram. The advanced chronovisor 
was developed from a TV-like screen into a standing cubical 
hologram of moving, multi-colored light by US defense contractors 
under DARPA after the Vatican gave the chronovisor technology to 
the US government for further development. 


6. The stargate is a Tesla teleporter that so concentrates the radiant 
energy that it derives from the quantum hologram that it can send 
the teleportee vast distances in time-space. Once inside the vortal 
tunnnel, the teleportee can see that the tunnel is identical to the 
tunnel walls of bluish-white holographic light produced by the Tesla 
teleporter, but since greater distances in time-space can be reached 
by the stargate, the teleportee spends more time in the tunnel and 
so has a greater risk of asphyxiation. It was via stargate that Project 
Pegasus was accessing 2045 in 1972. 


7. The plasma confinement chamber was invented by Dr. Stirling 
Colgate, president of the New Mexico Institute of Science and 
Technology [NMIST] and a physicist at the Los Alamos National 
Laboratories [LANL]. It uses radioactive plasma to propagate a 
wormhole which the time traveler travels in order to be embedded 
temporarily in a past event. When this local quantum field effect 
created around the chrononaut wears off, he experiences 
transitioning spontaneously back to his point of embarkation in the 
chamber without traveling via wormhole. It was via this device that 
Andrew D. Basiago was sent to Gettysburg, PA in 1863 in Spring 
1972 as seen in the Josephine Cobb image of Lincoln at Gettysburg. 


8. The jump room or “aeronautical repositioning chamber” [ARC] 
was developed in a joint venture between Parsons and Lockheed, 
possibly after being reverse-engineered from an extraterrestrial 
device or as a result of ET-human liaison in which the device was 
given to the US government by one of the Grey ET species. It uses an 
unknown process to relocate the teleportee on an interplanetary 
basis. In the CIA's Mars jump room program, jumps between Earth 
and Mars tended to take about 20 minutes and involved the jump 
room “morphing” from a box to a cylinder and back again during the 
jump. 


Copyright 2016 by Andrew D. Basiago. All rights reserved. 


senonvUrT =z 


212 The Body Electric 

ferent input of current, as well as surgical removal of scar and cysts. The 
electrode material would have to be chosen carefully, for some metals are 
toxic to nerve cells. Also, humans have a low ratio of ependyma com- 
pared to spinal neurons, so we might have to add more. However, it 
should be relatively easy to culture more ependymal cells from a sample 


of the patient's own, and then inject them when we put in the electrode. 
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Not too many years ago spinal accident victims usually died of infec- 
tions or other complications quite soon. Now we can prolong their lives, 
but only at enormous social, financial, and psychological cost. Looking 
ahead, as in the case of heart damage, we now have hope for releasing 
regeneration in humans. Actually, the outlook for spinal regrowth is 
more promising. The cellular processes are more familiar, and there are a 

few groups, like the American Paralysis Association, that sponsor re- 
search more imaginatively than the government agencies. Thus the elec- 
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trical problems in spinal healing may be tackled sooner than in other 
fields. 

The public imagination has been captured by the computerized mus- 
cle-stimulation techniques being developed by Jerrold Petrofsky, an en- 
gineer at Wright State University in Dayton. The nationally televised 
sight of his patient Nan Davis and other paraplegics taking tentative 
steps and pedaling tricycles with their own muscle power was tremen- 
dously exciting. But if we can get the body to do the same things by 
itself, that will be even better. Any amount of regeneration would only 
make other techniques more effective. Even restoring 10 percent of lost 
function would be an unimaginable blessing to those who are now help- 
less. I feel the electrical manipulation of spinal shock must be tested 
vigorously now, for this is perhaps the one area where the barriers of 
tragedy are closest to being broken. 


The Brain 


It might seem foolish to expect any regeneration in the most complex of 
all biological structures, the brain, yet salamanders, some fish, and most 
frogs in the tadpole stage can replace large parts of it, including the 
optic lobes and the olfactory lobes, or forebrain, the part from which our 
prized cerebral hemispheres developed in the course of evolution. Re- 
placement depends on ingrowth of remaining sensory nerves, the olfac- 
tory nerves in the case of the forebrain and the optic nerves for the optic 
lobes. When these nerves grow back into the area where brain has been 
destroyed, they stimulate the ependymal cells in the brain ventricles, 
which proliferate outward into the damaged part and then differentiate 
into new neurons and glial cells. If the animal's nose or eyes are removed 
so that the injury zone receives no nerve input, no regeneration occurs. 

Thus brain regrowth begins much like that of limbs, with the connec- 
tion of nerve fibers to an epithelial tissue. The ependyma, remember, is 
embryologically a close relative of the epidermis, and in fact can be 
considered the central nervous system's "inner skin." Since the electrical 
environment produced by the neuroepidermal junction is what stimu- 
lates cells to dedifferentiate and divide in the salamander limb stump, 
and since we started limb regeneration in the rat by crudely mimicking 
this signal, it seems likely that a similar stratagem could induce brain 
regeneration in animals normally lacking this ability. 

A form of shock, called the spreading depression of Leao after its 

discoverer, neurologist A. A. P. Leao, occurs after brain injuries. Start- 
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ing at the site of damage, it extends in all directions until the entire 
cortex becomes electrically positive and all its neurons shut down. Leao 
studied it only in response to small injuries, when it persists for a few 
hours. We don't know whether it occurs in the salamander or how long 
it lasts after major damage to the mammalian brain. Concerted study of 
Leao's depression combined with experiments in electrically stimulating 
the ependymal cells could open the way to self-repair of the human 

brain. NASAL ORGAN 
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AMPHIBIANS CAN REGENERATE LARGE PARTS OF THE BRAIN 


Recovery from stroke and head wounds taught us long ago that the 
brain has a great deal of plasticity; that is, it can reorganize so that 
undamaged regions take over tasks formerly done by the lost cells. Sup- 
plementation of this ability with even a small amount of regeneration 
might make recovery nearly complete for many brain-damaged people. 
For the first time in history, neurologists can hope to progress from 
describing the brain and cord to mending them. As Geoffrey Raisman of 
London's Laboratory of Neurobiology recently reminded his colleagues: 
" . no immutable natural laws have been discovered that forever rule 
out repair of the nervous system." 


Twelve 
Righting a Wrong 
Turn 


Good and evil often sprout from the same tree, in the body as in Eden. 
Nothing illustrates this paradox better than cancer. Today, because of 
breakthroughs in genetics, thousands of scientists are searching for on- 
cogenes, bits of DNA that are presumed to pull the trigger that fires the 
malignant bullet. It has been known for a long time, of course, that 
cancer isn't inherited through egg and sperm the way hemophilia is. 
However, many have postulated that the immediate cause of cancer may 
be genetic changes in somatic cells. Normally suppressed genes held in 
an unnoticed corner of our genetic bookshelves since long ago in our 
evolution might be dusted off only when other bodily conditions are 
"just wrong." While the premise of this idea is apparently true, biolo- 
gists have recently concluded that the difference between a normal gene 
producing a normal protein and one that could theoretically cause cancer 
is a single "typographical error" in a whole chapter of amino acid se- 
quences. Such mistakes happen so often that we would all be riddled 
with cancer from infancy if that were all it took to start the disease. 
Something else must go awry before a few misspellings can turn the 
whole library into gibberish. 

Three basic criteria by which a doctor diagnoses cancer must serve as 
the starting point in solving the mystery of its cause. First of all, the 
disease always always arises not from an alien germ but from a formerly normal 
cell of the host's body, and the cancer cells are more primitive than their 

healthy precursors. Moreover, this atavism reflects the seriousness of the 
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disease: The simpler the cells, the faster they grow and the harder they 
are to treat, whereas a tumor that still resembles its tissue of origin is 
less malignant. 

The second criterion is growth rate. Cancer cells multiply wildly, in 
contrast to the slow, carefully controlled mitosis of normal cells. Going 
hand in hand with this uncontrolled proliferation is a similar lack of 
control in the structural arrangement of the cells. Their membranes 
don't line up in the normal, specific ways, and they form a jumbled 
mass instead of useful architecture. As a further result of runaway multi- 
plication, cancer doesn't observe the "boundary laws" of normal tissue. 
Instead it encroaches imperialistically upon its neighbors. In addition, 
since the cells don't adhere in any kind of structure, some of them are 
constantly breaking off, flowing through the blood and lymph, and set- 
ting up colonies—metastases—throughout the body. 

The third basic criterion of cancer is metabolic priority. The diseased 
tissue greedily takes first choice of all nutrients circulating in the blood; 
the healthy part of the body gets what's left over. As the tumors dis- 
seminate and grow, they consume all available food, and the host wastes 
away and dies. 

We can make one crucial observation at this point: Except for the lack 
of control, all three characteristics—cell simplicity, mitotic speed, and 
metabolic priority—are hallmarks of two normal conditions, embryonic 
growth and regeneration. 

When considering the similarities between an embryo and a_ tumor, 
it's important to keep in mind one difference. Even though contained 
within the body of its mother, the embryo is a complete organism, and 
the controls over its cells are primarily its own, not those of an adult. 
Over thirty years ago in Switzerland, G. Andres probed this relationship 
by implanting frog embryos in various body tissues of adult frogs. 
Whenever the host didn't simply reject the graft, the embryo degener- 
ated into a highly malignant metastasizing tumor. As a result, Andres 
proposed a theory of cancer that remains provocative today: A normal 
cell becomes cancerous by dedifferentiation. This change is not dan- 
gerous per se, according to Andres, but, because it occurs in a postfetal 
animal, the controls that would normally hold these neo-embryonic cells 
in check aren't working. 

Cancer's relationship to regeneration is even more interesting. In the 

latter, a rapid growth of primitive cells having metabolic priority occurs 

in an adult, but with proper control as in an embryo Those animals that 
regenerate best are least susceptible to cancer. In general, as complexity 
increases up the evolutionary ladder to humans, regenera- 
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tion decreases and cancer becomes more common. Although salamanders 
stand about midway in degree of complexity, they're perhaps the least 
specialized of all land vertebrates. They have tremendous regenerative 
abilities and almost no cancer. Even to give them tumors in the labora- 
tory requires much effort. Adult frogs, on the other hand, have bodies 
that are much more specialized for their amphibious way of life; they 


regenerate very little and are subject to several kinds of cancer. 
ABILITY TO REGENERATE 
INCIDENCE OF CANCER 






WORMS SALAMANDERS REPTILES MAN 


AS REGENERATION DECREASES, CANCER INCREASES 





In 1948 Meryl Rose decided to see whether the environment of a 
salamander's regenerating limb could control the primitive cells of can- 
cer as well as those of the blastema. He took pieces of a type of kidney 
tumor common in frogs and transplanted them to the limbs of salaman- 
ders. These tumors took better than most, and soon killed the animals 
when allowed to spread unchecked. However, when Rose amputated the 
leg just below or through the malignancy, normal regeneration fol- 
lowed, and the cancer cells dedifferentiated more fully as the blastema 
formed. Then as the new leg grew, the former frog tumor cells re- 
differentiated along with the blastema. The frog cells were easily distin- 
guished from salamander cells by their smaller nuclei, and microscopic 
study showed frog muscle mixed in with salamander muscle, frog car- 
tilage cells amid salamander cartilage, and so on. 

This monumentally imporrant experiment proved Rose's hypothesis 
that regeneration's guidance system could control cancer, too. It implied 
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that cancer cells weren't special but merely embryonic cells in a post- 
embryonic body. Rose's work led directly to Andres's theory a few years 

later. 
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ROSE’S EXPERIMENT 


Unfortunately, biology was still firmly gripped by anti-dedifferentia- 
tionism, and these ideas were partly ridiculed, partly ignored. The reac- 
tion held back cancer research for decades, because the dogma implied 
that carcinogenesis, like differentiation, was irreversible—once a cancer 
cell, always a cancer cell. As long as this view was sacred, the only 
possible way to cure cancer was to cut it out or kill it with drugs and X 
rays. We've been beating that dead horse for fifty years now with trag- 
ically modest increases in survival rates. Surgery works only against tu- 
mors that haven't yet spread. Chemotherapy depends on differences 
between malignant and healthy cells. However, the differences aren't as 
great as we would like, because cancer arises, not insome distant 

swamp, but from a slight change in our own cells. Therefore chemother- 
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apy and X rays inevitably produce some damage in normal cells, too. 
Doctors, being only human and sharing in their patients' pain and ter- 
ror, have devised ever more ferocious treatments. In our war on cancer 
we've stampeded ourselves into a sort of Vietnam syndrome: To destroy 
our foes, we're killing our friends. As Walt Kelly's cartoon character 
Pogo observed in that context, "We have met the enemy and he is us." 
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CANCER CELLS RETURNED TO NORMAL BY REGENERATION 
A Reintegrative Approach 


But surely, you may be thinking, if this theory of cancer had any poten- 
tial for a cure, the research establishment would have considered it. And 
surely there would be some supporting evidence. Unfortunately, even 
though the detooling and retooling of cells have now been accepted by 
all of biology, the old habits still persist throughout most of the grant- 
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ing hierarchy. A few years ago, for example, I met a young research 
fellow at the National Cancer Institute who wanted to study the re- 
generation-cancer link. He even showed me his proposal, an excellent 
one. I told him he was asking for trouble if he submitted it to NCI, but 
he said his boss approved and he was sure he'd get the grant. A month 
later he was forced out of the institute, and the project has never been 
funded. Nevertheless, supporting evidence, from research on the periph- 
ery, does exist. 

Since regeneration can't occur without the stimulus and control of 
nerves, one would expect them to exert some controlling effect on can- 
cer. They apparently do. As far back as the 1920s, several experimenters 
implanted tumors into denervated areas. Without exception the cancer 
cells took root better and grew faster than where the nerves were intact. 
The early work on this point was criticized on the grounds that denerva- 
tion might have reduced the efficiency of the circulatory system, which 
in turn would have enhanced malignant growth. Then in the mid-1950s 
and 1960s more sophisticated techniques established the same _ rela- 
tionship. Absence of nerves accelerated tumor growth, and variations in 
the blood supply had no significant effect. 

Further evidence confirming Rose's conclusion that regenerative con- 
trols caused tumors to regress came from a series of experiments by F. 
Seilern-Aspang and K. Kratochwil of the Austrian Cancer Research In- 
stitute in 1962 and 1963. They worked on salamanders, but instead of 
implanting frog tumor cells they induced skin cancer with large, re- 
peated applications of carcinogenic chemicals. With persistence they 
eventually got tumors that would invade subsurface tissues, metastasize, 
and kill the animals. In one series they applied the carcinogen to the 
base of the tail; the primary tumor formed there, and metastases ap- 
peared at random in the rest of the body. If they then amputated the 
tail, leaving the primary tumor intact, this malignancy would disappear 
as the tail regrew. Cell studies showed that it didn't die or degenerate 
but apparently reverted to normal skin. Furthermore, all the secondary 
tumors vanished, too, as though they were being operated by remote 
control from the main one. The salamander ended up with a new tail 
and no cancer. However, if the primary tumor was at a distant point on 
the body, amputation of the tail had no effect. Even though the tail 
regenerated, the main cancer and its offshoots all progressed, and the 
animal died. 

This research, combined with Rose's, indicates that regeneration near 

a primary tumor can make it regress by reverting to its normal tissue 

type. I doubt that there's anything special about legs or tails; I would 
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predict that regrowth in any part of the body, as long as it was near the 
primary tumor, would have the same effect. The key to regression ap- 
pears to be a change in the malignancy's immediate neighborhood. The 
electrical currents in nerve and particularly in the neuroepidermal junc- 
tion seem likely candidates, since they suffice to start regeneration in 
animals normally incapable of it. 
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There's abundant evidence that the state of the entire nervous system 
can affect cancer. Back in 1927 Elida Evans, a student of Carl Jung, 
documented a link between depression and cancer in a study almost 
totally neglected in the intervening years. In a long-term project begun 
in 1946 by Dr. Caroline Bedell Thomas at Johns Hopkins School of 
Medicine, students were given personality tests, and the occurrence of 
disease among them was charted over several decades. In this and later 
studies, a high risk of developing cancer has been correlated with a spe- 
cific psychological profile that includes a poor relationship with parents, 
self-pity, self-deprecation, passivity, a compulsive need to please, and 
above all an inability to rise from depres'sion after some traumatic event 
such as the death of a loved one or loss of a job. In such a person, cancer 
typically follows the loss in a year or two. 

Several physicians have found they can greatly increase cancer patients' 

chances of a cure with biofeedback, meditation, hypnosis, or visualiza- 

tion techniques. Several years ago O. Carl Simonton, an oncologist, and 
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Stephanie Matthews-Simonton, a _ psychologist, began using all these 
methods, with emphasis on having patients develop a clear picture of the 
cancer and their body's response to it. For example, a patient might 
spend a meditative period each day imagining white blood cells as 
knights on white horses defeating an army of black-caped marauders. 
When the Simontons tabulated their first results in "terminal" cases, 
they found that, of 159 people expected to die in less than a year, those 
who eventually did succumb lived twice as long. The cancer had com- 
pletely regressed in 22 percent and was receding in an additional 19 
percent. These results have held up, and visualization is now being 
adopted in some other cancer-treatment programs. 






NERVES GROW INTO STUMP, SKIN 
GROWS OVER END 








CANCER CELLS 


NORMAL CELLS 


ELECTRICAL DEDIFFERENTIATION MAY RETURN 
CANCER CELLS TO NORMAL  poirve ceLis BECOME MATURE 
Penn State psychologist Howard Hall, testing hypnosis for boosting 
white blood cell activity, found a 40 percent increase in cell counts 
among his younger, more responsive subjects just one week after the 
trance session. New Haven surgeon Bernie Siegel has developed the Si- 
montons' methods further with therapy groups called Exceptional Cancer 
Patients. Having patients make drawings to reveal their true psychologi- 
cal state sans defenses, then working toward a comprehensive change in 
outlook (total CNS response) to mobilize the will to live, Siegel has 
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helped his patients greatly improve the quality and quantity of their 
lives, as compared to clinical prognoses. This approach also enhances 
chemotherapy's effectiveness while minimizing its side effects, and _ it 
dramatically increases the likelihood of a "miracle"—total regression and 
cure of the cancer. 

All this really shouldn't be so surprising. Under hypnosis the mind 
can completely block pain, and research described in the next chapter 
has shown that it does so by changing electrical potentials in the body. 
How can we be sure it couldn't create appropriate electrical changes 
around a tumor and melt it away? There are still major problems with 
these psychological approaches, however. Only a minority of people are 
able or willing to muster the high level of dedication needed to make 
them work, even under the gun of death. Moreover, they require time, 
the very thing a cancer patient is short of, and they often don't produce 
a complete cure even when practiced diligently. Still, they're encourag- 
ing signs that the tide is beginning to turn from the warfare mode to the 
simpler—more elegant, as a mathematician would say—ideal of chang- 
ing the cellular environment that allows a tumor to flourish. 

Could we really do the job more directly by applying the proper elec- 
trical input to aim a surefire regenerative influence at the tumor? I'm sad 
to say that most of the few researchers who've tried electricity against 
cancer have used the "kill the enemy" approach. Tumors are somewhat 
more sensitive to heat than normal tissue, so some doctors are using 
directed beams of microwaves to cook them without, it's hoped, destroy- 
ing too many healthy cells. FDA approval for general use of this method 
is expected soon. It has been known since the time of Burr and Lund 
that growing tissue is electrically negative, and cancer is the most nega- 
tive of all. Hence some researchers have tried to inhibit tumor growth 
by canceling the offending polarity with positive current. Early reports 
were encouraging, but we now know that toxic metallic ions are released 
from most positive electrodes, so this method must be tested with great 
caution. 

Only one research team has sought a reintegrative effect of electric 
current. In the late 1950s Carroll E. Humphrey and E. H. Seal of the 
Applied Physics Laboratory at Johns Hopkins tried pulsed direct cur- 
rents on standardized fast-growing skin tumors in mice. Even though 
they used both positive and negative polarities, their results seemed sen- 
sational. In one series they got total remission in 60 percent of the test 
animals after only three weeks; all the control mice had died by then. In 
another series the control tumors averaged seven times the size of the 

ones treated with current. Unfortunately, present evidence doesn't really 
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support this approach either. In my group's experiments with human 
fibrosarcoma cells in vitro, negative and positive currents both speeded up 
growth by over 300 percent. On the other hand, as mentioned in Chap- 
ter 8, we found that we could suspend mitosis in the fibrosarcoma cells 
with silver ions injected by minute levels of positive current. During one 
day of exposure, the cells appeared to dedifferentiate completely, and 
they stopped dividing for a month without additional treatment, even 
though we changed the nutrient medium regularly. Obviously, this en- 
tire subject needs to be investigated more thoroughly. 

Some researchers believe pulsed electromagnetic fields may be of some 
benefit in treating cancer. Art Pilla, working with Larry Norton and 
Laurie Tansman of New York's Mount Sinai School of Medicine, as well 
as William Riegelson of the Medical College of Virginia, claims to have 
found a pulse sequence that significantly increases the survival time of 
mice with cancer. So far, these experimenters say they've increased the 
effectiveness of chemotherapy in lab animals with PEMF, but haven't 
found a pulse pattern that consistently regresses tumors in vivo, although 
Pilla and Steve Smith have been able to transform malignant lymphoma 
(lymph node cancer) cells into benign fibroblasts in culture. 

The claim that PEMF may retard cancer in animals is _ seriously 
flawed, however. In these experiments the entire animal was exposed to 
the field, not just the part with the cancer. The pulsing field (like al- 
most any time-varying magnetic field) induces a stress response in the 
animal (see Chapter 15). For a short while this increases the activity of 
the immune system, which slows the growth of the tumor. However, 
the field's effect on the tumor itself is to speed it up, and, in the long 
run, added stress is the last thing an animal with cancer needs. These 
experiments cannot be used to indicate the safety or benefit of PEMF in 
regard to cancer. Since to heal bones the fields are directed only at small 
regions, PEMF as used on humans does not produce stress, increased 
immune system response, or any concomitant antitumor activity. 

Certain leads, such as the electrically injected silver, remain promis- 
ing. In the 1950s and 1960s, Dr. Kenneth MacLean published some 
interesting work on the use of magnetic fields versus tumors in mice. He 
believed he'd healed several cases of cancer with steady-state magnetic 
fields, and certain unorthodox healers in America and India who use 
permanent magnets have made similar claims. The difference in effect 
between steady-state and time-varying fields (see Chapters 14 and 15) 
leads me to theorize that a steady-state magnetic field, if strong enough, 

may indeed halt mitosis in malignant cells. 

Due to the prevailing outlook in cancer research, the key work re- 
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mains to be done. Even promising nonelectromagnetic approaches have 
been victims of bias. There's sound evidence, for example, that mega- 
doses of vitamin C do slow tumor growth and increase the chances for a 
complete cure, but Linus Pauling hasn't been able to persuade any of the 
powerful institutes to perform a large-scale trial. Some animal tests are 
now being funded, but, since vitamin C is nontoxic, immediate clinical 
experiments on large numbers of humans would make much more sense. 

In following up the regeneration connection, two experiments in par- 
ticular are crying out to be tried. Someone must attempt to duplicate 
the electrical environment of regeneration around tumors in lab animals, 
using electrodes. This would involve introducing small negative currents 
to thoroughly test the hypothesis that cancer cells are stuck in a state of 
incomplete dedifferentiation. The idea would be to dedifferentiate them 
the rest of the way and then let normal processes in the body tum them 
into healthy mature cells. The same hypothesis should be tested another 
way by surgically creating neuroepidermal junctions near the tumors. 

Will these experiments be done soon? I wish I knew. The multi- 
billion-dollar cancer research bureaucracy could certainly afford them, 
but, although there are a few signs of change, the establishment is stuck 
in the near-primitive state of the war mentality. I've maintained for 
many years that we won't leam much more about abnormal growth until 
we learn more about the normal kind. That approach can lead to cancer 
treatments that are truly compatible with our bodies, far safer and more 
effective than the simplistic, dangerous ones now in vogue. 


Part 4 
The Essence of Life 


And if the body were not the soul, what is the soul? 
—Walt Whitman 


A hallucination is merely a reality that we normally don't 
have to bother with. 
—Stella Denova 


Thirteen 
The Missing Chapter 


Medical students often experience a profound, ego-wrenching shock at 
the midpoint of their training, as the focus shifts from classroom to 
bedside. My experience was typical, since this division was even sharper 
in the 1940s than it is today. After two years' study of the scientific 
underpinnings of medicine, my classmates and I thought we were pretty 
smart. During long days and longer nights of lectures, notes, labs, 
books, reviews, papers, and exams, we'd drunk so deeply of the distilled 
wisdom of the ages that surely we must know all there was to know 
about bodies and diseases. All that was left, it seemed, was learning how 
to apply that knowledge as apprentice doctors. Then we began to study 
with the senior members of the clinical departments, veterans of a less 
scientific era, who brought us up short. Their message soon became 
clear: We didn't know so damn much after all; no one did. All our 
learning was fine as far as it went, but on the hectic wards of Bellevue 
things often didn't go by the book. 

The greatest teacher I had in those days was my surgery professor, Dr. 
John Mulholland, a granite cliff of a man whose iron-gray crew cut 
emphasized his uncompromising idealism. Any hint of laziness, impa- 
tience, or unconcern from his students brought a brusque reprimand, 
but Mulholland was gravely polite and compassionate to the dirtiest 
wino who needed a doctor. He showed us countless problems and _tech- 
niques in his demonstration-lectures held in the nineteenth-century am- 
phitheater, but he repeated one salient message over and over: "The 
surgeon can cut, remove, or rearrange the tissues, and sew up the 
wound, but only the patient can do the healing. Surgeons must always 
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be humble before this miracle. We must treat the tissues with sure, deft 
gentleness, and above all we must do no harm, for we are nothing more 
than nature's assistants." 

None of our textbooks could tell us the how and why of healing. They 
explained the basics of scientific medicine—anatomy, biochemistry, bac- 
teriology, pathology, and physiology—each dealing with one aspect of 
the human body and its discontents. Within each subject the body was 
further subdivided into systems. The chemistry of muscle and bone, for 
example, was taught separately from that of the digestive and nervous 
systems. The same approach is used today, for fragmentation is the only 
way to deal with a complexity that would otherwise be overwhelming. 
The strategy works perfectly for understanding spaceships, computers, 
or other complicated machines, and it's very useful in biology. However, 
it leads to the reductionist assumption that once you understand the 
parts, you understand the whole. That approach ultimately fails in the 
study of living things—hence the widespread demand for an alternative, 
holistic medicine—for life is like no machine humans have ever built: 
It's always more than the sum of its parts. 

With delicate lab culture methods we can remove from an animal 
certain organs and tissues, such as bone, a heart, a pancreas, a brain, or 
groups of nerve cells, keeping them alive for days or weeks. Much of 
modern biology in the West is based on the behavior of such isolated 
systems, which is assumed to be the same as in the living body. Russian 
biology, based on Ivan Pavlov's concept of the body as an_ indivisible 
unit, has always been skeptical of tissue culture results, considering 
these "parabiotic" reactions only hints toward definitive studies of the 
entire animal. The good sense of this view is shown by the fact that life 
tolerates fragmentation very poorly: Except in the simplest species re- 
moval of anything more than a few cells always destroys the organiza- 
tion, and hence the organism. Even if we could culture separately all the 
organs and tissues and then put them together like Dr. Frankenstein's 
monster, we would still, at our present level of knowledge, have only a 
collection of different kinds of meat, not a living entity. As Albert 
Szent-Gyorgyi once wrote, "Biology is the science of the improbable," 
and seldom can we predict new discoveries from what we already under- 
stand. 

These limitations were clearly recognized by American medicine in 
the 1940s, but they seem to have been gradually forgotten. Today most 
M.D.'s tacitly assume that once a few blank spots are filled in, the 
established basic sciences will be all we'll ever need to take care of the 
sick. As a result, they're losing the forest among the trees. Of the disci- 
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plines that form medicine's foundation, only physiology tries to units 
structure and function into a complete picture of how the body works. 
Hence it's often called the queen of the biological sciences, yet even in 
this realm the synthesis is made organ by organ. There is, however, one 
organ group—the nervous system—that coordinates the activities of all 
the others; by receiving, transmitting, and storing information, it unites 
all the parts into that transcendence of fragments, the organism. There- 
fore the one discipline that comes closest to dealing with a living thing 
in its entirety is neurophysiology, which in the 1940s was already so 
sophisticated as to be almost a science unto itself. 

Even neurophysiology couldn't explain the mystery of healing, how- 
ever. My best texts either ignored it completely or shrugged it off in a 
few vague paragraphs. Moreover, my experiences at Bellevue during my 
internship and early residency convinced me that a physician's success 
was largely due, not to technical prowess, but to the concern he or she 
displayed toward patients. The patient's faith in the doctor profoundly 
affected the outcome of many treatments. Certain remedies, such as pen- 
icillin used against bacteria susceptible to it, worked every time. Other 
prescriptions weren't so predictable, however. If the patient thought the 
remedy would work, it usually did; otherwise it often didn't, no matter 
how up-to-date it was. Unfortunately, the importance of the doctor- 
patient relationship was being downgraded by the new scientific medi- 
cine. The new breed of physicians argued that this power of belief 
somehow wasn't real, that the patients only thought they were getting 
better—a bit of arrant nonsense that should have been quickly dispelled 
by a little open-minded, caring attentiveness on daily rounds. There was 
no known anatomical structure or biochemical process that provided the 
slightest reason to believe in such a thing, so it came to be dismissed as 
a mirage left over from the days of witchcraft. The placebo effect, as it's 
now called, wasn't documented until several decades later and still isn't 
fully accepted as an integral part of the healing process, but over the 
years I became convinced that it was a physiological effect of mind on 
body, just as real as the effects of wind on a tree. 

Our lack of knowledge about healing in general and its psychological 
component in particular sowed seeds of doubt in my mind. I no longer 
believed that our science alone was an adequate basis for medical prac- 
tice. As a surgeon, I tried to apply the principle of interaction on my 
own wards, by spending more time talking with patients, letting them 
know that I cared for them as well as taking care of the m. Naturally, as I 
became a teacher, I tried to pass on my beliefs to others. As I gained 

experience, I grew more and more convinced that all the textbooks were 
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missing a chapter—the one that should have tied it all together and 
helped us doctors understand the bodily harmony we were trying to 
restore. 

When I entered research, I aimed for a fairly limited goal among the 
many that lured me—finding out what stimulated and controlled the 
growth needed for healing—but always in the back of my mind were 
the larger questions that had haunted me since medical school: What 
unified an organism, making every cell subservient to the needs of the 
whole? How was it that the whole being could do things that none of its 
components could do separately? What made an organism  self-con- 
tained, self-directed, self-repairing? When you get right down to it, I 
wanted to know what made living things alive. Intuitively I felt sure the 
answers needn't be forever hidden in mystic conundrums but were scien- 
tifically knowable. However, they would require a fresh approach from 
science, not the simple mechanistic dogmas left over from last century. 
As a result of the research on nerves and regeneration described in the 
foregoing pages, I believe I can now sketch at least an outline of that 
missing chapter. 

It had been known for centuries that the nerves are the body's com- 
munications lines. Still, all the information collected by neurophysi- 
ologists hadn't revealed the integrating factor behind healing. Marc 
Singer proved that nerves are essential for regeneration, yet the elaborate 
impulse and neurotransmitter system, which until recently constituted 
everything we knew about nerves, carries no messages during the pro- 
cess. Nerves are just as essential to simpler kinds of healing. Leprosy and 
diabetes sometimes destroy nerve function to the extremities. When this 
happens, a wounded limb not only fails to heal but often degenerates far 
beyond the actual injury. I often thought about this paradox in connec- 
tion with the other realities that were poorly explained by nerve im- 
pulses, such as consciousness and its many levels, sleep, biological 
cycles, and extrasensory experiences. As a doctor, however, I was most 
concerned with the mystery of pain. 

This is the least understood of sensory functions, but it must have 
been one of the very first to evolve. Without it, living things would be 
so poorly designed that they couldn't survive, for they would never 
know what constituted danger or when to take defensive action. Pain is 
quite distinct from the sense of touch. If you place your finger on a hot 
stove, you feel the touch first and the pain appears a discernible time 

later, after the reflex has already drawn your hand away. Clearly the pain 

is conveyed by a different means. Furthermore, there are different types 
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of pain. Pain in the skin is different from pain in the head or belly or 
muscles. If you ever want to embarrass a neurophysiologist, ask for an 
explanation of pain. 

Early in my work on regeneration it occurred to me that I'd stumbled 
upon another method of nerve function. I imagined slowly varying cur- 
rents flowing along the neurons, their fluctuations transmitting informa- 
tion in analog fashion. Though I kept my main focus on the role of these 
currents in healing, I pursued other lines of inquiry on the side. I did so 
partly out of simple curiosity, but also because I realized that, no matter 
how much merit my DC theory might have for healing, it would have a 
better chance of being considered if I could fill in some of its details in a 
wider context. 

In the study of healing I dealt only with the output side of the sys- 
tem, the voltages and currents sent to the injured area to guide cells in 
repairing the damage. Cybemetics and common sense alike told me 
that, before an organism could repair itself, it must know it had been 
injured. In other words, the wound must hurt, and the pain must be 
part of an input side of the system. Certainly if the output side was run 
by electrical currents, it made no sense to assume that the input side 
relied on nerve impulses. 

At the same time another problem nagged me. The impulses and the 
current seemed to coexist, yet everything we knew about nerve impulses 
and electricity said they couldn't travel through the same neuron at the 
same time without interfering with each other. We now have solutions 
to both problems, thanks to serendipity. The ways in which the answers 
came show how one experiment often furthers an unrelated one, and how 
politics occasionally benefits science. 


The Constellation of the Body 


In the early 1960s, after I'd published a few research papers, I had an 
unannounced visitor, a colonel from the Army Surgeon General's office. 
He said he'd been following my work from the start and had an idea he 
wanted to discuss. He liked if I'd ever heard of acupuncture. 

I told him it wasn't the sort of thing taught in medical school. Al- 
though I'd read about it, I had no direct experience of it and didn't 
know whether it did any good. 

"I can tell you for sure it does work ," he replied. "It definitely re- 

lieves pain. But we don't know how it works. If we knew that, the Army 

might adopt it for use by medics in wartime. After reading your work, 


Vampire Bat | 


© Visit [1] Add to 





234 The Body Electric 

some of us wondered if it might work electrically, the same as regenera- 
tion seems to. What do you think?" 

That was a new idea to me, but right away I thought it was a good 
one. Although neurophysiologists had studied pain intensively for dec- 
ades, there was still no coherent theory of it, or its blockage by anesthet- 
ics and anodynes. Because of Western medicine's biochemical bias, no 
pain-killers other than drugs were considered seriously. Maybe a physical 
method could give us a clue as to what pain really was. 

We talked for several hours, but afterward I heard no more from the 
colonel, and I didn't get the chance to follow up his idea until more 
than a decade later. In 1971, while touring China as one of the first 
Western journalists admitted by the Communists, New York Times col- 
umnist James Reston saw several operations in which acupuncture was 
the only anesthetic, and he himself had postoperative pain relieved by 
needles after an emergency appendectomy. His reports put acupuncture 
in the news in a big way. It was almost the medical equivalent of Sput- 
nik. Soon the National Institutes of Health solicited proposals for re- 
search on the Chinese technique, and I jumped at the chance. 

At that time the prevailing view in the West was that if acupuncture 
worked at all, it acted through the placebo effect, as a function of belief. 
Hence it should be effective only about a third of the time, just like 
dummy pills in clinical tests. Many of those applying for the first grants 
began with this idea, and with the corollary that it wouldn't matter 
where you put the needles. Thus, much of our earliest research merely 
disproved this fallacy, which the Chinese—and apparently the U.S. 
Army—had done long ago. Recalling my talk with the colonel, I pro- 
posed a more elegant hypothesis. 

The acupuncture meridians, I suggested, were electrical conductors 
that carried an injury message to the brain, which responded by sending 
back the appropriate level of direct current to stimulate healing in the 
troubled area. I also postulated that the brain's integration of the input 
included a message to the conscious mind that we interpreted as pain. 
Obviously, if you could block the incoming message, you would prevent 
the pain, and I suggested that acupuncture did exactly that. 

Any current grows weaker with distance, due to resistance along the 
transmission cable. The smaller the amperage and voltage, the faster the 
current dies out. Electrical engineers solve this problem by building 
booster amplifiers every so often along a power line to get the signal 
back up to strength. For currents measured in nanoamperes and micro- 
volts, the amplifiers would have to be no more than a few inches apart— 

just like the acupuncture points! I envisioned hundreds of little DC 
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generators like dark stars sending their electricity along the meridians, 
an interior galaxy that the Chinese had somehow found and explored by 
trial and error over two thousand years ago. If the points really were 
amplifiers, then a metal needle stuck in one of them, connecting it with 
nearby tissue fluids, would short it out and stop the pain message. And 
if the integrity of health really was maintained by a balanced circulation 
of invisible energy through this constellation, as the Chinese believed, 
then various patterns of needle placement might indeed bring the cur- 
rents into harmony, although that part of the treatment has yet to be 
evaluated by Western medical science. 

The biggest problem Western medicine had in accepting acupuncture 
was that there were no known anatomical structures corresponding to 
the meridians, those live wires supposedly just under the skin. Some 
investigators claimed to have located tiny clusters of sensory neurons 
where the points were, but others had looked for them in vain. My 
proposal offered a convenient way into the problem. If the lines and 
points really were conductors and amplifiers, the skin above them would 
show specific electrical differences compared to the surrounding skin: 
Resistance would be less and electrical conductivity correspondingly 
greater, and a DC power source should be detectable right at the point. 
Some doctors, especially in China, had already measured lower skin re- 
sistance over the points and had begun using slow pulses of current, 
about two per second, instead of needles. If we could confirm these 
variations in skin resistance and measure current coming from the 
points, we'd know acupuncture was real in the Western sense, and we 
could go on confidently in search of the physical structures. 

I got the grant and used part of the money to hire Maria Reichmanis, 
a brilliant young biophysicist who was Charlie Bachman's last Ph.D. 
student. Her combination of mathematical gifts and practicality got us 
results fast. Together we designed a "pizza cutter" electrode, a wheel 
that we could roll along the meridians to give us a reliable continuous 
reading, as well as a square grid of thirty-six electrodes to give us a map 
of readings around each point. 

Along the first meridians Maria measured, the large-intestine and per- 
icardial lines on the upper and lower surfaces, respectively, of each arm, 
she found the predicted electrical characteristics at half of the points. Most 
important, the same points showed up on all the people tested. Since 
acupuncture is scuh a delicate blend of tradition, experiment, and theory, 
the other points may be spurious; or they may simply be weaker, or a 

different kind, than the ones our instruments revealed. Our readings also 
indicated that the meridians were conducting current, and its polarity, 
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matching the input side of the two-way system we'd charted in amphibi- 
ans, showed a flow into the central nervous system. Each point was 
positive compared to its environs, and each one had a field surrounding it, 
with its own characteristic shape. We even found a fifteen-minute rhythm 
in the current strength at the points, superimposed on the circadian 
("about a day") rhythm we'd found a decade earlier in the overall DC 
system. It was obvious by then that at least the major parts of the 
acupuncture charts had, as the jargon goes, "an objective basis in reality." 





ELECTRICAL CONDUCTIVITY MAPS OF SKIN AT ACUPUNCTURE 
POINTS 


Maria, Joe Spadaro, and I began a more sophisticated series of tests. 
We planned to record from six major points along one meridian as a 
needle was inserted into the outermost point. If the DC theory was 
valid, a change in potential should travel from point to point along the 
line. However, just as we were entering this second phase, the NIH 
canceled our grant, even though we'd published four papers in a year. 
Supposedly it had lost interest in acupuncture, at least in the kind of 
basic research we were doing on it. Even so, I was fairly satisfied. The 
input system worked as I'd predicted. The other major question re- 
mained: What structure carried the current so as not to interfere with 
the nerve impulses? 

Of course, I've given away the answer in previous chapters. The peri- 
neural cells appear to carry the current. In the early 1970s, however, we 
only suspected this. The evidence came unexpectedly by cross-fertiliza- 
rion from an unrelated project. 

One of the main problems of medical research is finding a suitable 

"animal model" for human diseases. The study of unmended fractures is 
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especially hard, because people are endowed with lesser fracture-healing 
abilities than most other animals, for whom nonunions are a _ non- 
problem. Based on what I'd learned about the importance of nerves in 
bone healing, I figured we could produce nonunions in rats by cutting 
the nerves to the broken leg, particularly if we removed whole segments 
of the nerves so they couldn't grow back. I assigned this part of the 
project to Dr. Bruce Baker, a young orthopedic surgeon who was then 
finishing his residency with an extra year on a fellowship in my lab. 

After Bruce had worked out the complicated surgical procedure, we 
anesthetized a series of rats, removed the nerve supply to one leg of each 
animal, and broke the fibula, or smaller bone of the calf, in a standard 
way. Then every day we reanesthetized a few of the rats and took out the 
fracture area to mount it for the microscope. At the same time, Bruce 
checked the cut nerves to make sure there was no regrowth. Successful 
denervation was confirmed by the microscope and by complete paralysis 
of the affected leg. 

The results were encouraging yet puzzling. The nerves didn't regrow, 
and the broken bones took twice the normal six or seven days to heal, 
but heal they did, even though theoretically they shouldn't have knit at 
all without nerves. 

It was well known that the severed end of a nerve would die after a 
couple of days, but, since we'd cut the nerves at the same time as we'd 
broken the bones, maybe the cut ends had exerted a subdued healing 
effect while they remained alive. In another series of animals, we cut the 
nerves first. Three days later, after making sure the legs were fully de- 
nervated, we operated again to make the fractures. We felt sure the 
delay would give us true nonunions. To our surprise, however, the bones 
healed faster than they had in our first series, although they still took a 
few days longer than normal. 

Here was a first-class enigma. The only thing we could think of doing 
was to cut the nerves even earlier, six days before the fractures. When 
we got that series of slides back, we found that these animals, whose 
legs were still completely without nerves, healed the breaks just as fast 
and just as well as the normal control animals. Then we took a more 
detailed microscopic look at the specimens Bruce had taken from around 
the nerve cut. We found that the Schwann cell sheaths were growing 
across the gap during the six-day delay. As soon as the perineural sleeve 
was mended, the bones began to heal normally, indicating that at least 
the healing, or output, signal was being carried by the sheath rather 
than the nerve itself. The cells that biologists had considered merely 

insulation turned out to be the real wires. 
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Unifying Pathways 


The experiments I'd done with psychiatrist Howard Friedman in the 
early 1960s, mentioned in Chapter 5, were the first to provide strong 
support for an analog theory of pain. In all animals, including humans, 
the normal negative potentials at the extremities weakened or vanished 
as an anesthetic took effect. Under deep total anesthesia, the potentials 
often reversed entirely, the extremities becoming positive and the brain 
and spine negative. At that time we didn't yet know about the two-way 
system, inward along sensory nerves and outward along motor nerves, 
but it was obvious that a current flow was being reversed by the pain- 
preventing drugs. In lab animals and humans under local anesthetic, 
such as a shot of procaine in one arm, the negative potential was abol- 
ished only for that arm. The DC potentials over the head were un- 
affected—except for a little blip in the recording that registered the 
prick of the needle! 

In addition, the DC potentials react slowly enough to account for 
pain. A wound usually doesn't start to hurt in earnest until minutes, or 
even hours, after the injury. This delay has been especially hard to ex- 
plain in terms of nerve impulses, which travel at 30 feet per second. 
However, when Friedman and I injured the limbs of salamanders while 
monitoring the potentials on their limbs and heads, we found that the 
change in the limb reading showed up in the head after a time approx- 
imating that of delayed pain. Acupuncture likewise involves a delay, 
usually twenty minutes or more, before its effects are felt. 

We also found we could work backward, using the currents to pro- 
duce anesthesia. A strong enough magnetic field oriented at right angles 
to a current magnetically "clamped" it, stopping the flow. By placing 
frogs and salamanders between the poles of an electromagnet so that the 
back-to-front current in their heads was perpendicular to the magnetic 
lines of force, we could anesthetize the animals just as well as we could 
with chemicals, and EEG recordings of magnetic and chemical anesthe- 
sia were identical. We got the same effect by passing a current through 
the brain from front to back, canceling out the normal current of waking 
consciousness, as in electrosleep. 

One of the most exciting results of my collaboration with Dr. Fried- 
man was proof that one's state of waking consciousness could change the 
perception of pain. Friedman, who already used hypnosis to control 

chronic pain in his patients, gave several of his best subjects hypnotic 
suggestions of arm numbness deep enough that they couldn't feel the 
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prick of a needle. In each case, I found that the frontal negative poten- 
tial of the head became less negative, often reaching zero, as the client 
attained deep trance. The reading changed in the same direction as in 
anesthesia, only not as far. Then, when the suggestion for pain control 
was given, the arm potential reversed just as it had in response to pro- 
caine. Conversely, when a control subject was asked in normal waking 
consciousness to concentrate forcefully on one arm, its sensitivity to pain 
increased, and the hand potential became more negative. We found we 
could use this difference to determine whether a person was really hyp- 
notized or just cooperating. 
Some doubters (including myself, I'm afraid) had believed hypno- 
analgesia was merely a state in which the patient still felt the pain but 
didn't respond to it, but these experiments proved it was a real blockage 
of pain perception. It seems that the brain can shut off pain by altering the 
direct-current potentials in the rest of the body "at will." There's every 
reason to suppose that pain control through biofeedback or yoga likewise 
works by using an innate circuit for attenuating the pain signal, which 
releases a shot of the body's own pain-killers. When the signal is appro- 
priately modulated, it releases endorphins (internally produced opiates), 
as shown by experiments in which an injection of the opiate-antagonist 
naloxone negates the anesthesia of acupuncture. I predict that research 
on this system will eventually let us learn to control pain, healing, and 
growth with our minds alone, substantially reducing the need for physi- 
cians. 
Direct evidence for the perineural DC system has been accumulating 
gradually for several decades. Electric currents were detected in the glial 
cells of rat brains as long ago as 1958, and good (though long-ignored) 
measurements of direct currents in the frog's brain go back to the work 
of Ralph Gerard and Benjamin Libet in the early 1940s. Electron micro- 
scope work has shown that the cytoplasm of all Schwann cells is linked 
together through holes in the adjacent membranes, forming a syncytium 
that could provide the uninterrupted pathway needed by the current. 
The other perineural cells—the ependyma and glia—are probably con- 
nected in the same way, for syncytial links have recently been found in 
the glia of the leech, whose nervous system is much studied because of 
its unusually large cells. Recent use of selective radiation to isolate 
Schwann cells has shown that they, and not the neuron fibers, supply the 
nerve stimulus essential to regeneration. 
The invention of a better magnetometer has yielded definitive proof 
that's now widely acknowledged. Any electric current automatically 
generates a magnetic field around itself. Hence, as the perineural current 
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conveys information in its fluctuations, it must be reflected by a mag- 
netic field around the body, whose pulsing would reveal the same infor- 
mation. When I first proposed this idea, many of my _ colleagues 
dismissed it as rank nonsense. I couldn't prove them wrong, because 
there were no instruments to measure a field as weak as that generated 
by such small currents. Everyone knew the human body had no effect on 
a compass needle or any other magnetic-field detector available at the 
time. 

Then, in 1964, a solid-state physicist named Brian D. Josephson in- 
vented the electronic device now called a Josephson junction, a simple 
item that won him a Nobel Prize. Basically it consists of two semicon- 
ductors connected so that current can oscillate in a controlled fashion 
between them. Today it has many applications, especially in computers. 
When cooled near absolute zero in a bath of liquid helium, it becomes a 
superconductor in which the current plays back and forth endlessly. Su- 
perconduction is the passage of electrons through a substance without 
the resistance normally found in any conductor. This apparatus, called a 
superconducting quantum interferometric device, or SQUID for short, is 
a magnetic field detector thousands of times more sensitive than any 
previously known. 

In 1963, G. M. Boule and R. McFee just barely managed to measure 
the relatively large magnetic field produced by the human _ heart—using 
the best old-fashioned instrument, a coil with 2 million turns of wire. 
Then, in 1971, working in a null-field chamber, from which the earth's 
magnetism and all artificial fields were screened out, Dr. David Cohen of 
MIT's Francis Bitter National Magnet Laboratory, who'd been corre- 
sponding with our lab since the early years, first used the SQUID to 
measure the human head's magnetic field. Two kinds of magnetic fields 
have been found. Quickly reversing AC fields are produced by the back- 
and-forth ion currents in nerve and muscle. They're strongest in the 
heart, since its cells contract in synchrony. The SQUID has also con- 
firmed the existence of the direct-current perineural system, which, es- 
pecially in the brain, produces steady DC magnetic fields one billionth 
the strength of earth's field of about one-half gauss. 

By 1975, Drs. Samuel Williamson, Lloyd Kaufman, and Douglas 
Brenner of NYU had succeeded in measuring the head's field without a 
shielded enclosure, even amid the electromagnetic noise of downtown 
Manhattan. More important, they've found that the magnetoencepha- 
logram (MHG)—a recording of changes in the brain's field analogous to 
the EEG - is often a more accurate reflection of mental activity than the 
EEG. Because the magnetic field passes right through the dura, skull 
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bones, and scalp without being diffused, an MEG locates the current 
source more accurately than EEG measurements. The NYU group has 
since begun correlating magnetic events with well-known cerebral re- 
sponses, such as the reaction of cells in the visual cortex to simple pat- 
terns and flashes of light. When the brain reacts to any stimulus, it 
produces a wave of electrical activity that's contained in the EEG. It's 
invisible in a standard EEG recording, because so much else is always 
going on in the brain at the same time. However, when one simple 
stimulus is repeated many times and the EEG tracings are averaged by 
computer, the particular electrical response to that one stimulus—called 
an evoked potential—can be teased out. Several research groups have 
slowly built up a small vocabulary of wave forms with specific meanings, 
including a "surprise wave," an "intention wave," and a "double-take 
wave," which appears when the mind briefly tries to make sense of se- 
mantic nonsense, as in the statement "She took a drink from the radio." 

Taken together, the MEG research so far seems to be establishing that 
every electrical evoked potential is accompanied by a magnetic evoked 
potential. This would mean that the evoked potentials and the EEG of 
which they're a part reflect true electrical activity, not some artifact of 
nerve impulses being discharged in unison, as was earlier theorized. 
Some of the MEG's components could come from such additive nerve 
impulses, but other aspects of it clearly indicate direct currents in the 
brain, particularly the central front-to-back flow. The MEG doesn't 
show the EEG's higher-frequency components, however, suggesting that 
some parts of the two arise from different sources. 

Since every reaction and thought seems to produce an evoked poten- 
tial, the DC system seems directly involved in every phase of mental 
activity. At the very least, the electric sheath acts as a bias control, a 
sort of background stabilizer that keeps the nerve impulses flowing in 
the proper direction and regulates their speed and frequency. But the 
analog structure probably plays a more active role in the life of the 
mind. Variations in the current from one place to another in the peri- 
neural system apparently form part of every decision, every interpreta- 
tion, every command, every vacillation, every feeling, and every word of 
interior monologue, conscious or unconscious, that we conduct in our 
heads. 

This part of the analog system's job is much less well understood, 
however, than its integrative function throughout the rest of the body. 

Perineural cells accompany every part of the nervous system. Even the 

tiniest twiglets of sensory nerves in the skin, which don't have a myelin 

covering, are surrounded by Schwann cells. The perineural 
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thus just as well distributed to integrate bodily processes as the nerves 
themselves. They reach into each area of the body to create a normal 
electrical environment around each cell, or a stimulatory one when heal- 
ing growth is needed. Likewise they enable an organism to sense the 
type and extent of damage anywhere in the body by transmitting the 
current of injury, with its by-product of pain, to the CNS. One could 
take a "fantastic voyage" from the farthest Schwann cell outpost in the 
big toe through the spinal cord and into all parts of the brain. Indeed, 
electrons are making this trip every moment of our lives. 

Thus our bodies have an intricate and multilayered self-regulating 
feedback arrangement. We know, on the psychological level, that a per- 
son's emotions affect the efficiency of healing and the level of pain, and 
there's every reason to believe that emotions, on the physiological level, 
have their effect by modulating the current that directly controls pain 
and healing. 

These discoveries give us a testable physical basis for the placebo effect 
and the importance of the doctor-patient bond. They also may give us 
the key to understanding the "miracle" cures of shamans, faith healers, 
and saints, as well as the spontaneous healing reported by means of 
visions, prayer, yoga, or battlefield terror. At the Menninger Founda- 
tion, Elmer Green has long been using biofeedback to explore the mind- 
body relationship. Green has described the full yogic control of pain and 
healing developed by one of his subjects, an otherwise average busi- 
nessman. He lay against a bed of nails with no pain, and, when in- 
formed that a puncture from one of the points was bleeding, he turned 
his head, gazed at the wound, and immediately stopped the flow. A 
combination of biofeedback, recording electrodes, and the SQUID mag- 
netometer would seem to be the ideal setup for the next level of inquiry 
into the mind's healing powers. 

Moreover, since the analog system, like the impulse network, appears 
to work on both conscious and subconscious levels simultaneously, it's a 
likely missing link in several other poorly understood integrative func- 
tions that also cross from one realm to the other. It may lead us at last to 
fathom the twin wells of memory and emotion. It may even help us 
understand what happens when a new synthesis of creative thought, 
a.k.a. inspiration, bursts forth like a mushroom from strands of mycelia 
that have been quietly gathering their subterranean forces. Then science 
for the first time will begin to comprehend the artistic essence that 
makes its rational side productive. 


Fourteen 
Breathing with the 
Earth 


Major changes in one's life often proceed improbably from the most 
minor events. So it was that I became involved in one of the most inter- 
esting parts of my work in 1961 because a dog bit someone I didn't even 
know at the time. 

My first electrical measurements on salamanders had just revealed part 
of the DC control system to me. Elementary physics told me that the 
currents and their associated electromagnetic fields would have to be 
affected in some way by external fields. In engineering terms, the bio- 
magnetic field would be coupled to the DC currents. Hence changes 
impressed upon it by external fields would be "read out" through pertur- 
bations in the current. Outside fields would also couple directly to the 
currents themselves, without acting through the biofield as intermedi- 
ary, especially if the currents were semiconducting. In short, all living 
things having such a system would share the common experience of 
being plugged in to the electromagnetic fields of earth, which in tum 
vary in response to the moon and sun. In the late eighteenth century, 
the Viennese hypnotist and healer Franz Anton Mesmer proposed direct 
magnetic influences on earthly bodies from the heavenly ones, but his 
idea came from the scientifically unacceptable domain of astrology. With 
the notable exception of Nikola Tesla, most prominent researchers have 

derided it until recently. I figured the DC system must be the missing 

link in a very different, but very real, connection between geophysics 

and the responses of living things. I was eager to investigate it, but at 

firsr I didn't know how. 
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I was an orthopedic surgeon, about as far removed as possible from 
the psychiatric expertise needed for a serious study of behavior. And 
suppose I did find something? Who would believe me if I ventured so 
far from my specialty? The whole idea was preposterous to the science of 
the time, anyway. Still, I had to do something. 

During the International Geophysical Year of 1957-58, I'd been a 
volunteer in the Aurora Watch Program. To find out whether the north- 
em lights appeared simultaneously throughout the north latitudes in 
response to changes in the earth's magnetic field (they did), IGY orga- 
nizers recruited a worldwide network of amateur observers to go out into 
their backyards every night and look at the sky. All of us got weekly 
reports on the state of the field from the national magnetic observatory 
at Fredericksburg, Virginia. I decided to go back through this data and 
see if there was any correlation between the disturbances in earth's field 
caused by magnetic storms on the sun, and the rate of psychiatric admis- 
sions to our VA hospital. 

Luckily for me, Howard Friedman, the hospital's chief of psychology, 
was collecting donations door to door for a local Boy Scout troop at 
about this time. At one house, the family dog took an instant dislike to 
him and bit his ankle. After bandaging the wound, Howard's doctor 
gave him a tetanus booster shot. As luck would have it, Howard came 
down with a rare allergic reaction that involved fever, fatigue, nausea, 
and painful swelling of all the joints. 

Since I was the nearest bone-and-joint man, Howard came to see me. 
This type of reaction is frightening, but not dangerous, and disappears 
of its own accord in a day or two. After I made the diagnosis and reas- 
sured him, we sat and talked for a few minutes. After some chitchat 
about the shortcomings of the hospital administration, he gestured at 
the papers tacked all over the walls of my office and asked, "What are all 
those charts?" I told him about my magnetic brainstorms. 

He obviously thought I was as crazy as the people whose admissions I 
was charting, and probably wondered about the advice I'd just given. 
However, after hearing the background, he agreed it wasn't as silly as it 
sounded, and offered to help. It was a real break for me, since he was 
already a respected researcher, and a practical, open-minded one to boot. 
My diagnosis was correct, and our collaboration lasted almost two dec- 
ades. 

Howard's reputation got us access to the records of state psychiatric 

hospitals, giving us a sample large enough to be statistically useful. We 

matched the admissions of over twenty-eight thousand patients at eight 

hospitals against sixty-seven magnetic storms over the previous four 
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years. The relationship was there: Significantly more persons were signed 
in to the psychiatric services just after magnetic disturbances than when 
the field was stable. Of course, such a finding could only serve as a guide 
to further investigation, because so many factors determined whether a 
person sought psychiatric help, but we felt that other influences would 
even out over such a large number of patients. 

Next we looked for the same type of influence in patients already 
hospitalized. We selected a dozen schizophrenics who were scheduled to 
remain in the VA hospital for the next few months with no changes in 
treatment. We asked the ward nurses to fill out a standard evaluation of 
their behavior once every eight-hour shift. Then we correlated the results 
with cosmic ray measurements taken every two hours from government 
measuring stations in Ontario and Colorado. Since magnetic storms were 
generally accompanied by a decrease in the cosmic radiation reaching 
earth, we thought we might find changes in the patients' actions and 
moods during these declines. We decided to use cosmic rays instead of 
direct reports of the magnetic field strength because of problems in dis- 
tinguishing between magnetic storms and other variations in the earth's 
field. 

The nurses reported various behavior changes in almost all the sub- 
jects one or two days after cosmic ray decreases. This was a revealing 
delay, for one type of incoming radiation—low-energy cosmic ray flares 
from the sun—was known to produce strong disruptions in the earth's 
field one or two days later. 

With this encouragement we went on in 1967 to confirm, by experi- 
ments described more fully in the next chapter, that abnormal magnetic 
fields did produce abnormalities in various human and animal responses. 
We found slowed reaction times in humans and a generalized stress re- 
sponse in rabbits exposed to fields ten or twenty times the normal 
strength of the earth's. Hence we suspected that the earth's normal field 
played a major role in keeping the DC system's control of bodily func- 
tions within normal bounds. The proof of this idea has come mainly 
from the work of two men: Frank Brown at Northwestern and Rutger 
Wever, working at the Max Planck Institute in Munich. 

Already a respected endocrinologist, Brown became interested in bio- 
cycles in the 1950s. It was common knowledge that most organisms had 
a circadian rhythm of metabolic activity, which most people assumed 
was directly linked to the alternation of night and day or, in the case of 
shore life, to the tides. Oysters, for example, would open their shells to 
feed whenever the tide came in, covering them with water. It was a 

simple, obvious observation, but Brown didn't take it for granted. To 
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his surprise, oysters in an aquarium with constant light, temperature, 
and water level still opened and closed their shells in time with their 
compatriots at the beach. To find out why, Brown flew oysters in a 
lightproof box from New Haven to his lab, in Evanston, Illinois. At first 
they kept time with Connecticut oysters, then in a few weeks gradually 
shifted to the tide pattem Evanston would have had if it had been on a 
seacoast. The oysters not only knew they'd been taken 1,000 miles west- 
ward, they also suffered from jet lag! 

In his search for a creature whose response to magnetic fields might 
tell him more about biocycles, Brown settled upon the mud _ snail 
Nassarius, at home in the intertidal zone anywhere in the world. In his 
lab he placed the snails under uniform illumination in a box with an exit 
facing magnetic south. When they left the enclosure in early morning, 
they turned west. When leaving at noon, they turned east, but took a 
westerly course again in early evening. Furthermore, at new and full 
moon, the snails' paths veered to the west, while at the quarters they 
tended more eastward than at other times. 

Brown's precise data from this and many other experiments showed 
that Nassarius had two clocks, one on solar time and one on lunar, and 
subsequent work with magnets told something about how the time- 
pieces ran. The earth's magnetic field averaged 0.17 gauss in Evanston. 
When Brown put a 1.5 gauss permanent magnet facing north-south 
underneath the snails' doorways to augment the natural field, the ani- 
mals made sharper turns, but their direction wasn't affected. Turning 
either the magnet or the enclosure through various angles made the 
snails change course a specific number of degrees. Brown concluded: "It 
seemed as if the snails possessed two directional antennae for detecting 
the magnetic field direction, and that these were tuming, one with a 
solar day rhythm and the other with a lunar day one." This crucial 
experiment not only showed the dependence of biocycles on the earth's 
magnetic field, it also demonstrated the subtlety of the link. No longer 
could we expect changes in the magnetic environment to be as obvious 
in their effects on life as changes in oxygen levels, food supply, or tem- 
perature. 

The niceties of the earth's electromagnetic field itself became better 
known as Brown's work progressed. Far from a static, simple magnetic 
field like that around a uniform bar of magnetized iron, the earth's field 
has tured out to have many components, each full of quirks. 

At the end of the nineteenth century, geophysicists found that the 

earth's magnetic field varied as the moon revolved around it. In the same 

period, anthropologists were learning that most preliterate cultures reck- 
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oned their calendar time primarily by the moon. These discoveries led 
Svante Arrhenius, the Swedish natural philosopher and father of ion 
chemistry, to suggest that this tidal magnetic rhythm was an _ innate 
timekeeper regulating the few obvious biocycles then known. 

Since then we've learned of many other cyclic changes in the energy 
structure around us: 

The earth's electromagnetic field is largely a result of interaction 
between the magnetic field per se, emanating from the planet's 
molten iron-nickel core, and the charged gas of the ionosphere. It 
varies with the lunar day and month, and there's also a_ yearly 
change as we revolve around the sun. 

A cycle of several centuries is driven from somewhere in the galac- 
tic center. 

The earth's surface and the ionosphere form an electrodynamic res- 
onating cavity that produces micropulsations in the magnetic field 
at extremely low frequencies, from about 25 per second down to 1 
every ten seconds. Most of the micropulsation energy is concen- 
trated at about 10 hertz (cycles per second). 

Solar flares spew charged particles into the earth's field, causing 
magnetic storms. The particles join those already in the _ outer 
reaches of the field (the Van Allen belts), which protect us by 
absorbing these and other high-energy cosmic rays. 

Every flash of lightning releases a burst of radio energy at kilocycle 
frequencies, which travels parallel to the magnetic field's lines of 
force and bounces back and forth between the north and_ south 
poles many times before fading out. 

The surface and ionosphere act as the charged plates of a condenser 
(a charge storage device), producing an electrostatic field of hun- 
dreds or thousands of volts per foot. This electric field continually 
ionizes many of the molecules of the air's gases, and it, too, pulses 
in the ELF (extremely low frequency) range. 

There are also large direct currents continually flowing within the 
ionosphere and  as_ telluric (within-the-earth) currents, generating 
their own subsidiary electromagnetic fields. 

In the 1970s we learned that the sun's magnetic field is divided 
from pole to pole into sectors, like the sections of an orange, and 
the field in each sector is oriented in the direction opposite to 
adjacent sectors. About every eight days the sun's rotation brings 

a new region of the interplanetary (solar) magnetic field opposite 

us, and the earth's field is slihgtly changed in response to the flip- 
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flop in polarity. The sector boundary's passage also induces a day 
or two of turbulence in earth's field. 

The potential interactions among all these electromagnetic phenomena 
and life are almost infinitely complex. 

For many years most scientists dismissed Brown's conclusions as im- 
possible. Given the old premise that life was entirely a matter of water 
chemistry, none of these electromagnetic changes would have enough 
energy to affect an organic process in any way. Discovery of the DC 
system showed how the interaction could work without energy transfer; 
it gave living things a way of "sensing" the fields directly. Undaunted 
by the slow acceptance of his work, Brown went on to document 
Nassaria's sensitivity to electrostatic fields as well. He also found mag- 
netically driven cycles in all other organisms he tested, including mice, 
fruit flies, and humans. Even potatoes in a bin showed a field-linked 
rhythm of oxygen consumption. In humans, hormone output and the 
number of lymphocytes in the bloodstream are but two of many vari- 
ables that dance to the same beat. One of the most important is cell 
cycle time. The actual process of cell division—in which chromosomes 
appear, line up, split in half, and are distributed equally between the 
two cells—takes only a few minutes. It must be preceded by several 
longer stages, one of which is duplication of all the cell's DNA. All 
stages together take about one day. Thus all growth and repair, which 
depend on regulated cell division, are synchronized with the earth's 
field. 

Rutger Wever has done some even more telling work with humans 
during the last decade and a half. He built two underground rooms to 
completely isolate people from all clues to the passage of time. One was 
kept free of outside changes in light, temperature, sound, and such ordi- 
nary cues, but wasn't shielded from electromagnetic fields. The other 
room was identical but also field free. Observing several hundred sub- 
jects, who lived in the bunkers as long as two months, and charting 
such markers as body temperature, sleep-waking cycles, and urinary ex- 
cretion of sodium, potassium, and calcium, Wever found that persons in 
both rooms soon developed irregular rhythms, but those in the com- 
pletely shielded room had significantly longer ones. Those still exposed 
to the earth's field kept to a rhythm close to twenty-four hours. In some 
of these people, a few variables wandered from the circadian rate, but 
they always stabilized at some new rate in harmony with the basic one— 
two days instead of one, for example. People kept from contact with the 
earth field, on the other hand, became thoroughly desynchronized. Sev- 
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eral variables shifted away from the rhythms of other metabolic systems, 
which had already lost the circadian rhythm, and established new rates 
having no relationship to each other. 

Wever next tried introducing various electric and magnetic fields into 
his completely shielded room. Only one had any effect on the amorphous 
cycles. An infinitesimal electric field (0.025 volts per centimeter) puls- 
ing at 10 hertz dramatically restored normal patterns to most of the 
biological measurements. Wever concluded that this frequency in the 
micropulsations of the earth's electromagnetic field was the prime timer 
of biocycles. The results have since been confirmed in guinea pigs and 
mice. In light of this work, the fact that 10 hertz is also the dominant 
(alpha) frequency of the EEG in all animals becomes another significant 
bit of evidence that every creature is hooked up to the earth electromag- 
netically through its DC system. Recently a group under Indian _bio- 
physicist Sarada Subrahmanyam reported that the human EEG not only 
responded to the micropulsations, but responded differently depending 
on which way the subject's head was facing in relation to the earth's 
field. Oddly enough, however, the head direction had no effect if the 
subject was a yogi. 

The relationship has been conclusively proven by recent studies of the 
pineal gland. This tiny organ in the center of the cranium has turned 
out to be more than the vaguely defined "third eye" of the mystics. It 
produces melatonin and serotonin, two neurohormones that, among 
many other functions, directly control all of the biocycles. The lamprey, 
akin to the ancestor of all vertebrates, as well as certain lizards, has an 
actual third eye, close to the head's surface and directly responsive to 
light, instead of the "blind" pineal found in other vertebrates. The emi- 
nent British anatomist J. Z. Young has recently shown that this organ 
controls the daily rhythm of skin color changes that these animals un- 
dergo. 

For our story the most important point is that very small magnetic 
fields influence the pineal gland. Several research groups have shown that 
applying a magnetic field of half a gauss or less, oriented so as to add to 
or subtract from the earth's normal field, will increase or decrease pro- 
duction of pineal melatonin and serotonin. Other groups have observed 
physical changes in the gland's cells in response to such fields. The ex- 
periments were controlled for illumination, since it has been known for 
several years that shining a light on the head somehow modifies the 

gland's hormone output even though it's buried so deeply within the 

head in most vertebrates that, as far as we know, it can't react directly to 

the light. 
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We likely have yet to discover many other ways that energy cycles in 
the solar system affect life on earth. They may strongly affect the out- 
break of disease, for example. The last six peaks of the eleven-year sun- 
spot cycle have coincided with major flu epidemics. A Soviet group 
under Yu. N. Achkasova at the Crimean Medical Institute, working 
with astronomer B. M. Vladimirsky of the Crimean Observatory, has 
found a connection between the sun's magnetic field and the Escherichia 
coli bacteria that live in our intestines and help us digest our food. The 
Russians found the bacteria grew faster when the sun's field was positive, 
or pointing toward earth, and slowed down when it was negative. Two 
days after the passage of each sector boundary there was a dip in bacterial 
growth corresponding to the maximum geomagnetic turbulence. The 
data also showed a decline in growth in response to large solar flares. 
Other Russian scientists have drawn a tentative correlation between the 
sector cycle and reports from two groups of persons with neurological 
diseases. The patients felt worse within sectors of positive polarity, when 
bacteria seemed to grow faster. Life's geomagnetic coupling to heaven 
and earth is apparently more like a web than a simple cord and socket. 


The Attractions of Home 


An animal's biocycles must be appropriate for its environment if it's to 
survive, so they must be precisely tuned to its geographic location. We 
might suspect, therefore, that many creatures would use magnetic infor- 
mation for their sense of place. A great deal of recent work has shown 
that they do. A built-in compass helps guide them in foraging or other 
local business, as well as migration over much longer routes. The latter 
feats often rival those of any modern navigator. Monarch butterflies 
travel from Hudson Bay to South America straight across the Caribbean 
without ever getting lost. The arctic tern breeds in summer on _ the 
northern ice cap, then moves to Antarctica for the other hemisphere's 
summer, flying 11,000 miles each way. Some salamanders, only inches 
long and built very low to the ground, travel up to 30 miles of rugged 
mountain country in California to set up housekeeping, then return to 
their home stream to breed. Such activities are hard to experiment with, 
however, so we've learned more about day-to-day travel. 

Karl von Frisch was the first to attack the problem, with his famous 

1940s studies of the honeybee dance, which won him a Nobel Prize in 

1973. He established that on clear days bees navigated by combining 

the sun's angle with their sense of time, the way Boy Scouts are taught 
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to use wristwatches as compasses. The bees also had a polarized light 
system that could determine the sun's direction through light clouds or 
forest canopy. Even more amazing, Frisch found, the scouts told workers 
back at the hive where the flowers were by means of a dance using the 
sun's angle and the direction to earth's center (the gravity vector) as 
references. However, Frisch noted that bees could still navigate between 
food and home just as well on completely overcast days, when the sun's 
angle and polarized light weren't available. There had to be a backup 
system. 

It soon tumed out that homing pigeons had the same abilities. In 
1953 G. Kramer inferred that the birds must have a compass in addition 
to a map of remembered landmarks from the way they immediately 
pointed their beaks toward home after circling once after release. Soon 
others found the same kind of sun compass as bees used, but the pigeons 
could also steer perfectly on cloudy days. Back in 1947, H. L. Yeagley 
had had the temerity to suggest in the Journal of Applied Physics that 
pigeons might have a magnetic sense that allowed them to use the 
earth's field just as we use magnetic compasses. He was ridiculed and 
"refuted" by a few inadequate experiments—such as placing a pigeon in 
a variety of electromagnetic fields and noting that it seemed to be com- 
fortable! Others, including Yeagley, attached small magnets to the 
birds' heads or wings, but found no clear-cut changes in their flight 
patterns. 

Only a few researchers quietly looked into the matter further. After 
Hans Fromme of the Frankfurt Zoological Institute noted in the late 
1950s that caged European robins faced longingly in their normal south- 
west migratory direction even when they were kept from seeing sun and 
stars, their usual signposts, his co-worker Friedrich Merkel discovered 
that, insulated from the earth's field by a steel cage, they no longer faced 
in one particular direction. Furthermore, by changing the orientation of 
the surrounding field with coils, he could give the birds a false sense of 
where southwest was. The experiment was validated with indigo bunt- 
ings several years later. 

There the matter rested until 1971, when William T. Keeton of Cor- 
nell realized that the pigeon's magnetic sense, if it existed, would be 
overshadowed by its sun compass, so naturally magnets affixed to the 
birds would have no effect on clear days. He soon found that the same 
birds released on a cloudy day got lost. 

To study this magnetic interference in any weather, Keeton made 

translucent contact lenses for his birds, then released them in the moun- 

tains of northern New York. Simulating dense clouds, the contacts 
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blocked the sun's angle and polarized light, and with 1-gauss magnets 
attached to their heads the birds couldn't find their way home. How- 
ever, each avian Ulysses who wore the lenses but no magnets faultlessly 
navigated the 150 miles southwest to Ithaca, then flew ever tighter cir- 
cles around the loft and fluttered in like a helicopter to a perfect blind 
landing. 

Carrying the work forward after Keeton's untimely death soon after 
this experiment, Charles Walcott and Robert Green of the State Univer- 
sity of New York at Stony Brook, working with James L. Gould of 
Princeton, outfitted pigeons with miniaturized electromagnetic coils 
that let the researchers vary the type and orientation of applied field at 
will. They discovered that if the south pole of the field was directed up, 
the birds could still find home, but with the north pole up they flew 
directly away from it. That meant they were using magnetic north as a 
reference point. At about the same time two German scientists, Martin 
Lindauer and Herman Martin, analyzed half a million bee dances and 
found a "magnetic error" in them—a compensation for the difference 
between magnetic north and true north. They were also able to intro- 
duce specific angles of error in the dances with specifically oriented coils 
around the hive. Here was proof that magnetic guidance systems existed 
in both the birds and the bees. * The next question was how the systems 
worked. 

In 1975 Richard P. Blakemore, then a graduate student at the Uni- 
versity of Massachusetts in Ambherst, astonished the world of biology 
with the announcement that some bacteria, the lowliest of all cells, also 
had a magnetic sense. Blakemore made the discovery when, studying the 
salt marshes of Cape Cod, he noticed that one type of bacterium always 
oriented itself north-south on his microscope slides. Soon he found mag- 
netotactic bacteria (those reactive to magnetism) near Cambridge, Mas- 
sachusetts, where he set about studying them with Richard Frankel of 
MIT's magnet lab. The direction to magnetic north points through the 
earth somewhat down from the horizon, and the scientists became con- 
vinced that the bacteria were using the field to guide themselves ever 
downward to the mud where they throve, since they were too small to 
sink through the random molecular motion of the water around them. 


* Recent work by Cornell biologist Kraig Adler showed that the magnetic sense of sala- 
manders was many times more acute than even even that of pigeons. Not only could the 
amphibians find home without tight or other common cues; in addition, when Adler 

tried to confuse them with artificial fields, they quickly adapted to the interference and 
oriented themselves correctly in relation to the weaker geomagnetic background. 
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This idea was later confirmed by findings that microbes at Rio and in 
New Zealand were south-seekers. 

Blakemore's electron micrographs soon revealed a_ surprising structure. 
Each bacterium contained within it, like a chain of cut jet stones, a 
straight line of magnetite microcrystals. Surrounded by a thin mem- 
brane, each of these particles was a single domain, the smallest piece of 
the mineral that could still be a magnet. 

Blakemore's bacteria led Gould to look for similar crystals in bees and 
pigeons. Since an electron microscope survey of even a bee's brain would 
take several lifetimes, he examined the insects with a SQUID magne- 
tometer. After confirming that they were magnetic, he dissected them 
and narrowed the location down to a part of the abdomen. Using the 
same method, Walcott and Green dissected the heads of two dozen 
pigeons, gradually subdividing them with nonmagnetic probes and scal- 
pels. After a painstaking search the investigators found a tiny magnetic 
deposit in a 1- by 2-millimeter piece of tissue richly festooned with 
nerves, on the right side of the head, between the brain and the inner 
table of the skull. The same dot of tissue contained yellow crystals of the 
iron-storage protein ferritin, indicating that the pigeons, like the bacte- 
ria, synthesized their own lodestone crystals. 

As usual, these recent answers have raised plenty of new questions. 
The existence of magnetic sensors in such diverse creatures as_ bacteria, 
bees, and birds—the current count of species with magnetic organs is 
twenty-seven, including three primates—suggests that a magnetic sense 
has existed from the very beginning of life, perhaps only to be perfected 
by creatures that need to get around a lot. Do all animals, then, have 
the same sensors, and do they always serve the same function? How is 
the information read out of the crystals by the nervous system and trans- 
lated into directions? What aspect of the earth's field do these organs 
sense? 

Keeton noticed an especially odd thing about his pigeons' flight pat- 
terns. When flying on visual flight rules by sun compass, they would 
circle once, get their bearings, then move off straight toward Ithaca. But 
when using their magnetic compass, the birds would fly due west from 
their release point until they got out over Lake Ontario, due north of 
Ithaca. Then, out of sight of land, they would make a right-angle turn 
to the left and follow the exact meridian of home. Keeton told me this 

but never published the observation because he didn't know what to 

make of it. He said, "I asked a physicist: 'Are they making contact with 

a certain magnetic line of force?' The man said, 'No, magnetic lines of 

force an just an arbitrary convention we use to symbolize a field and 
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Is There Eternal Life After Death? 


Is An Evil Hypnotic Spell Of Amnesia, from the word 
ia, “to Forget” from the Galilean Nas (..), and Hebrew Nas 
) meaning “forgetful”. The Spell of Amnesia Is A Sleep Of 
Conscious Mind That Was Cast On Negro-African American 
eople. It Is A Spell Of Racial Blindness, Hate For Self And 
ind; Not Knowing Who The Devil Really Is, Or His Many 
And Forms. He Or She Could Be Anyone Because The 
il Comes In Many Forms And Races, And Possesses Negro- 
ican American People To Work For And Even Kill For Him, 
Against Their Own. These Are The Black Devils. 
than Was Set The Laws Named After The Serpent 
iathan, Which Is A Giant Sex And Spirit Force That Has Been 
And Still Is Being Used To Rule You; Keeping You In A State Of 
Loss, Not Knowing Your Purpose And Your True Identity, Who 
Your God Is And How You Can Regain His Forgiveness And 
Grace To Restore Your Soul Before It’s Too Late (Psalms Chapter 
23). 


So Now, You Have To Work Your Way Back Through 
Obedience, Something Which Was Proven Time And Time Again 
That Homo Sapiens Are Unable To Do. For Example: 


1. In The Garden of Eden When Adam And Eve Touched The 
Tree. 


2. With Cain And Abel When They Tested Their Natures By 
Saying That They Both Prepare A Meal In Genesis 4:3-4. Abel 
Had A Good Meal And The Angelic Beings Respected Him. 
However, Cain Just Threw Anything Together And Said “Here”. 
The Angelic Beings Did Not Respect His Offering. The Angelic 
Beings Even Told Him He Could Go Back And Do It Right And 
Repent In Genesis 4:6-7 Where It States: “And The LORD Said 
Unto Cain, Why Art Thou Wroth? And Why Is Thy Countenance 
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describe anomalies in it, such as occur around iron ore deposits. As far as 
we know, the lines have no equivalent in reality, and if they did, they 
would vary all over the place as the earth's field changes, anyway." Do 
pigeons then follow some maplike structure in the earth's field itself, a 
grid like that described by dowsers and geomancers since ancient times, 
something we can't find today even with our SQUID? Some migrating 
birds make a dogleg to the east in their north-south flyway, sailing out 
of sight of land over Lake Superior. Do they go out of their way to avoid 
being disoriented by iron ore deposits in the Mesabi Range? We can 
suspect, but we don't yet know. 

To most people, of course, the most interesting questions concern 
themselves. Do we, too, have compasses in our heads? 

On June 29, 1979, R. Robin Baker, a young University of Man- 
chester researcher into bionavigation, led a group of high school students 
into a bus at Barnard Castle, near Leeds, England. Baker blindfolded 
and earmuffed them, then gave them all headbands. Half of the head- 
gear contained magnets and half contained brass bars that their wearers 
thought were magnets. As the volunteers leaned back to concentrate, 
Baker wove a mazelike course through the town's tangled streets, then 
traveled a straight highway to the southwest. After a few miles the coach 
stopped while the students wrote on cards an estimate of the compass 
direction toward the school. Then the driver turned through 135 degrees 
and continued east to a spot southeast of the school, where the students 
again estimated their direction. When the cards were analyzed, it turned 
out that the persons with brass bars by their heads had been able to sense 
the proper heading quite reliably, while those wearing magnets had not. 

Gould and his Princeton co-worker K. P. Able recently tried to repli- 
cate Baker's experiment but failed. However, Baker's review of the at- 
tempt suggested that the volunteers' directional sense may have been 
thrown off by magnetic storms, weak magnetic gradients inside the bus, 
and/or the greater electromagnetic contamination of Princeton compared 
with rural England. Baker and co-worker Janice Mather have recently 
devised a simpler test method. In the middle of a specially built, light- 
tight wooden hut free of magnetic interference, the subject is blind- 
folded, earmuffed, and seated on a friction-free swivel chair. After being 
tured around several times, the subject must estimate his or her com- 
pass heading as before. With statistically consistent success in more than 
150 persons, Baker believes he has proven the existence of a human 
magnetic sense. 

Oddly enough, he finds that as long as people can't feel the sun or 

sense some other obvious cue, they can judge direction better with blind- 
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folds on. Otherwise they start rationalizing the process, trying to deduce 
the right way from too little evidence and becoming confused. He sur- 
mises that the magnetic sense serves its purpose best by unconsciously 
giving a continuous sense of direction without its owner's having to be 
aware of it all the time, and thus freeing attention for the search for 
food, a mate, shelter, and so on. 

In 1983, using magnetic measurements in  selective-shielding experi- 
ments, Baker and his co-workers reported locating magnetic deposits 
close to the pineal and pituitary glands in the sinuses of the human 
ethmoid bone, the spongy bone in the center of the head behind the 
nose and between the eyes. It's interesting to note that selective-shield- 
ing studies done in the early 1970s, by Czech emigre biophysicist Zaboj 
Harvalik, an adviser to the U.S. Army Advanced Material Concepts 
Agency, pointed to this same spot as one of two areas—the other was 
the adrenal glands—where the dowsing ability resided. 

In 1984 a group headed by zoologist Michael Walker of the Univer- 
sity of Hawaii in Honolulu isolated single-domain magnetite crystals 
from a sinus of the same bone in the yellowfin tuna and Chinook 
salmon. The crystals were of a shape normally shown only by magnetite 
synthesized by living things rather than geological processes. Abundant 
nerve endings entered the magnetic tissue, and the crystals were orga- 
nized in chains much like those in magnetotactic bacteria. Each crystal 
was apparently fixed in place but free to rotate slightly in response to 
external magnetic forces. Calculations showed that such chains would be 
able to sense the earth's magnetic field with an accuracy of a few seconds 
of arc, or a few hundred feet of surface position. This result correlated 
perfectly with earlier homing studies on live tuna by the same group. 
This detailed work, along with related earlier research, strongly suggests 
that all vertebrates have a similar magnetic organ in the ethmoid sinus 
area, and I suspect that this organ also transmits the biocycle timing 
cues from the earth field's micropulsations to the pineal gland. 

The Face of the Deep 

DNA pioneer Erwin Chargaff has called the origin of life "a subject for 
the scientist who has everything," but that hasn't stopped many of us (or 

even him, for that matter) from speculating about it. There are numer- 
ous detailed pictures of that primal scene in print today, but most are 
variations on one theory - “warm soup- and __ lightning." 
Life on earth began some 4 billion years ago, or roughly | or 2 billion 
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years after the world itself was bom. The atmosphere then was com- 
pletely different, much like Jupiter's today, mostly ammonia and meth- 
ane. Into that atmosphere some source of energy—lightning, heat, and 
ultraviolet radiation have all been suggested—led to the spontaneous 
formation of simple organic compounds. Sifting into the oceans for mil- 
lions of centuries, these compounds would have coalesced by chance into 
ever more elaborate patterns. According to the theory, this process 
culminated in closed "protocells" able to resist the reactivity of other 
structures while growing through incorporation of similar compounds. 

This idea owes its dominance largely to an important experiment made 
by S. L. Miller in 1953. Miller pumped a facsimile of the presumed early 
atmosphere—ammonia, methane, and water vapor—continuously past an 
electric spark. After several days he had some amino acids. Since these are 
the bricks of DNA, RNA, and all proteins, the evidence seemed very good. 
Later runs yielded even more sophisticated molecules. In water they co- 
alesced into globules with a sort of membrane around them—called 
"coacervates" by A. I. Oparin and "proteinoids" by Sidney Fox, two of the 
most assiduous students of biogenesis. 

Nothing came close to being alive in any of these spark chambers, 
however. More important, the experiments raised two difficulties, one 
theoretical, one practical. The soup theory needed to come up with a 
very sophisticated entity, a living cell with some genetic system using 
DNA or RNA, right off the bat. According to our notions of biology, 
nothing could be alive before that point, yet it seemed incredible that 
chance associations of the building blocks could form a palace of such 
complexity without passing through a mud-hut stage. 

When the warm soup theory was first advanced, the mechanistic per- 
suasion was at its height. Living things were complicated machines, but 
molecular machinery they were. However, the concept of a cell was 
much simpler than it is today. No longer is it considered a mere baglet 
of jelly with a few master molecules telling it what to do. Even the 
membrane of the simplest bacterium responds in intricate ways to infor- 
mation from outside, yet our best electron microscopes haven't yet re- 
vealed a complexity of structure adequate to explain its work. 

There was a basic chemical problem as well. All organic compounds 
exist in two forms, or isomers. Each contains the same number and type 
of atoms, but in one they're arranged as a mirror image of the other. 
One is "right-handed" and the other is "left-handed." They're identified 
by the way they bend light in solution. The dextrorotatory (D) forms 
rotate it to the right, while levorotatory (L) isomers refract it to the left. 

All artificial methods of synthesizing organic compounds - including 
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the spark experiments—yield a roughly equal mixture of D and L mole- 
cules. However, all living things consist of either D or L forms, depend- 
ing on the species, but never both. 

We must conceive of the first living things as something unexpected, 
not just simpler versions of what we see around us. They couldn't have 
been cells; they couldn't have had a DNA-RNA-protein system, a living 
membrane, or a nerve impulse network. 

We can try to define the bare minimum, the processes that must be 
available before an entity can be called living. There must be a way to 
receive information about external conditions, process it, and store it so 
that the data change the being's response to the same stimulus in the 
future. In other words, a sort of crude consciousness and memory must 
be present from the first. A life-form must also be able to sense damage 
and repair itself. Third, we can expect that it would show some sort of 
cyclic activity, perhaps tuned primarily to the circadian rhythm of the 
lunar day. Self-replication, one of the main requirements in the DNA- 
based theory, can be dispensed with. An organism that can fully heal its 
injuries is theoretically immortal. The criteria for life can be summarized 
as organization, information processing, regeneration, and rhythm. 

The funny thing is that all of these criteria are met by the activities of 
semiconducting crystals. Semiconductivity occurs naturally in several in- 
organic crystals, including silicon, one of the most common elements, 
and the rare earth germanium. Moreover, extremely small amounts of 
contaminants will change the crystal's electrical properties dramatically 
in doping. The earth's volcanic mixing would have produced minerals 
with a wide variety of current-handling abilities to start from. Most 
important, the piezoelectric, pyroelectric, photoelectric, and other re- 
sponses of semiconducting crystals could have served as an analog 
method of processing and storing information about pressure, heat, and 
light. Moreover, repeated passage of current through some semiconduc- 
tors permanently changes the materials' characteristics so as to make the 
same electrical responses easier in the future. Movement of electrons 
along the crystal lattices inevitably would have been shaped by geo- 
celestial cycles in the earth's electromagnetic field, as well as by the 
fields around other such crystalline organisms nearby—providing a sense 
of time and information about the neighbors. The currents also would 
have instantly refllected any loss of material and guided the deposition of 
replacement atoms to restore the original structure. 

The idea of certain rocks, in the course of a billion years or so, gradu- 
ally becoming responsive to their surroundings, growing, learning to 

"hurt" when a lava flow or sulfuric rain ate away part of a vertex, slowly 
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rebuilding, pulsing with, well, life, even developing to a liquid crystal 
stage and climbing free of their stony nests like Cadmus' dragon's teeth 
or the lizards in an M. C. Escher print—all this may seen a bit bizarre. 
Yet it's really no more strange than imagining the same transformation 
from droplets of broth. The change happened somehow. 

The biggest hurdle for this theory is accepting the idea that life could 
develop in the dry state, either out of the oceans or in the rocks under- 
neath them. Since the mid-1960s it has seemed more plausible, for it 
was then that H. E. Hinton, of the University of Bristol, England, 
learned that at least one organism spends part of its life completely with- 
out liquid water. Certain flies of the Sahara desert lay their eggs in the 
brief pools formed by the rare rains. The larvae go through several meta- 
morphoses in the water, but they're almost always interrupted by the 
evaporation of the pool. Though completely desiccated, in a state Hin- 
ton named cryptobiosis, they survive months or years until the next 
rainstorm, whereupon they take up where they left off. The larvae can be 
quick-dried and stored in a vacuum bottle for many years. Placed in 
water, they resurrect in a few minutes. If a larva is cut in two when 
active, it takes six minutes to die. If it's flash-dried in the first minute, 
the two pieces can be kept on a shelf for years, but when returned to 
water they'll live out their remaining five minutes. Contrary to common 
sense, it appears that in this case life doesn't need water, but death can't 
occur without it. 

Getting rid of the water-equals-life assumption makes the crystalline 
theory more believable. Conditions on the young planet favored forests 
of crystals: It was hot; volcanoes were constantly firing new materials 
into the dense, dark shell of turbulent gases. However, the crystals 
would still have needed outside energy to overcome the entropy of non- 
living matter. With an organizing principle built into them from the 
start, it's not too hard to imagine them acquiring other kinds of mole- 
cules, including the organics raining from the sky and dissolving in the 
waters. Then life would have been on its way to developing the bio- 
chemistry we now know—the genetic system and the consequent ap- 
pearance of sexuality—which is the basis of all the creatures now alive or 
known from the fossil record. Still, we need an energy source for the 
transition. Lightning won't work in this context. We also need an expla- 
nation for the exclusively left- or right-handed molecules. 

In 1974 F. E. Cole and E. R. Graf of New Orleans made a theoretical 
analysis of the Precambrian earth's electromignetic field that fulfilled 
both needs. They reasoned that since the atmosphere was much larger 

then, it must have pushed the ionosphere much farther out than it is 
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today, into the region of the Van Allen belts. The earth would then have 
had an electromagnetic resonator of two concentric spheres—the upper 
atmosphere and the surface. Today, as in the past, the earth's pulsing 
magnetic field combines with the solar wind to induce large currents in 
the Van Allen belts. In the Precambrian era, however, the fluctuations 
of current in the Van Allen belts in turn would have generated huge 
currents in the nearby ionosphere. Since the earth's metallic core is an 
excellent conductor, the ionospheric currents would have coupled to it, 
producing an enormous and constant electrical discharge through the 
atmosphere and into the earth. Moreover, since the distance around the 
core at that time was roughly equal to 1 wavelength of electromagnetic 
energy at 10 cycles per second, or about 18,000 miles, this discharge 
would have pulsed at 10 hertz throughout the resonant cavity, which 
encompassed the whole atmosphere and surface. Besides directly provid- 
ing electrical energy, this discharge would have produced abundant 
heat, ultraviolet radiation, and infrasound (or pressure waves), all of 
which would have fostered varied chemical activity. 

Such a dense and electrically supercharged atmosphere undoubtedly 
would have produced great quantities of amino acids and peptides. As 
they came together in the air and water, linking chainwise to form pro- 
teins and nucleic acids, the vectors of electromagnetic force would have 
favored spiral shapes twisting in one direction or the other, depending 
on whether the reaction occurred in the Northern or the Southern Hemi- 
sphere. In 1981, W. Thiermann and U. Jarzak found some direct evi- 
dence for this theory by synthesizing organic compounds in a steady- 
state magnetic field. Changing the orientation of the field gave them 
high yields of either D or L forms. 

It may be possible to run a further check on the Cole and Graf hy- 
pothesis at one place in the solar system—the Great Red Spot of 
Jupiter. This permanent hurricane, whose eye could swallow the earth, 
continually emits prodigious electrical discharges through an atmosphere 
much like the one proposed for Precambrian times. It may be synthesiz- 
ing organic compounds and energizing a transition to life even now. 

On earth, all entities formed within the 10-hertz discharge—and ll 
of their descendants—would resonate at the same frequency or show 
extreme sensitivity to it, even after the original power source had been 
disconnected. The 10-hertz band would remain supremely important for 
most life-forms, as indeed ithas. As already noted, it's the primary 
frequency of the EEG in all animals, and it can be used to restore normal 
circadian rhythms to humans cut off from the normal fields of earth, 

moon, and sun. William Ross Adey of the Loma Linda VA Hospital in 
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California has found that magnetic fields modulated at about the same 
frequency can be used to change the behavior of monkeys in several 
important ways, which are described more fully in the next chapter. 

The Cole and Graf theory also suggests how the spark of life turned 
itself off. The currents driving the discharges would have ceased as the 
atmosphere gradually became depleted by escape of the lighter gases and 
by incorporation of the ammonia and methane into organic compounds. 
As this happened, the ionosphere would have gradually descended, be- 
coming disconnected from the Van Allen belts. The ionospheric currents 
would have become too small to couple to the earth's core, and the 
atmospheric cavity too small to resonate at the core's prescribed fre- 
quency. At that point, the plug was pulled, but life was well on its way. 
Aside from competition from more advanced creatures, the loss of the 
energy source would explain why we see today no remnants of the transi- 
tional forms still emerging from inanimate matter. 

This solid-state theory of life's creation is more than an exciting pic- 
ture of our birth in a shower of sparks. It leads us to another of biology's 
great mysteries—the evolution of nervous systems—by a sensible se- 
quence of steps. First there would have been a crystalline protocell trans- 
mitting information directly through its molecular lattice. As the first 
cells developed, we can envision chains of microcrystals, then chains of 
organic polymers transmitting information in the form of semiconduct- 
ing currents. Although the exact mechanism of electron passage through 
living tissue is far from clear, nearly all organic matter exhibits 
piezoelectricity and all the other hallmarks of semiconduction. Further- 
more, in a series of experiments during the 1970s, Freeman Cope, a 
Navy biophysicist building on Szent-Gyorgyi's work, has found evidence 
of superconduction at room temperature in a variety of living matter. 
Currents briefly induced in superconductors have been known to flow for 
many years without decay, but the phenomenon has heretofore been at- 
tained only near absolute zero. Although Cope's work is still preliminary 
and uncorroborated, he has found electromagnetic data consistent with 
superconduction in E. coli bacteria, frog and crayfish nerves, yeast, sea 
urchin eggs, and molecules of RNA, melanin pigment, and the enzyme 
lysozyme. 

Whatever the exact details of the conducting system, the first multi- 
cellular organisms probably had networks of cells that were much like 
the first single cells. Later, these network cells would have specialized 
for their DC-carrying duties, linking into syncytia to avoid the high 

resistance of intercellular junctions. Somewhere along the line a central 
processing center and information storehouse would have developed. At 
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the same time separate input and output tracts would have appeared, 
and the DC system would have neared its peak of specialization as its 
cells evolved into the prototypes of glial, ependymal, and Schwann cells. 
At about this point the high-speed digital impulse system for handling 
more complex information would have begun to form inside the older 
one. Today all multicellular animals have this kind of hybrid system, 
whose complexities should provide work for at least a few more genera- 
tions of neurophysiologists. 


Crossroads of Evolution 


The Cole and Graf theory has one crucial requirement. The polarity of 
the earth's magnetic field must have stayed the same during the resonant 
period. Otherwise there would be a mixture of right and left isomers in 
living tissues. As far as we can tell, the field did remain steady in Pre- 
cambrian times, but we have ample proof that its poles have reversed 
many times during the last half-billion years. Each time, the shift has 
coincided with the extinction of many species. 

The geomagnetic record is written in two places: in igneous rocks 
bearing magnetic minerals, and in ocean floor sediments. Magnetic par- 
ticles in molten rock are free to move and align themselves with the 
prevailing magnetic field. As the rock cools they're frozen in place. In 
the same way magnetic particles settling onto the ocean floor reflect the 
orientation of the field at the time of the deposit. Ocean sediments and 
the rock they eventually become have given us an undisturbed magnetic 
chronology for many millions of years, while the relatively few strata of 
igneous rock undisturbed by later upheavals give us occasional glimpses 
further back. 

The reversals happen very fast, as geologic time goes. The field 
strength falls to about half its average for a few thousand years. Then 
during another thousand years the poles change places; then the field 
regains its normal strength in another few thousand years. All told, the 
change takes about five thousand years. 

In the early 1960s, when the reversals were first discovered, geophysi- 
cists believed the magnetic field disappeared completely during the pole 
reversal. Thus they thought that the absence of the electromagnetic um- 
brella that protected life from high energy ultraviolet and cosmic rays 
would account for large-scale extinctions, These "great dyings" had long 

puzzled paleontologists . Soon the demise of a species of radiolarian was 
correlated with a magnetic field reversal. Radiolarians are microscopic 


262 The Body Electric 

plankton animals with hard calcareous skeletons. Each species has a dis- 
tinct, intricate shape, so their remains form an easily recognizable, con- 
tinuous record in sediment cores. By 1967 James D. Hayes and Neil D. 
Opdyke of Columbia's Lamont-Doherty Geological Observatory had cor- 
related the disappearance of eight types of radiolarians with the reversals. 
Each species had been widespread and abundant; each extinction took 
place abruptly, with no previous decline in population. The "radiation 
barrage" theory seemed confirmed. 

However, it has since been learned that the field strength drops only 
by half, not enough to drastically reduce the protective power of the Van 
Allen belts and ionosphere. Moreover, radiolarian populations extend 
down into several yards of water, which should protect them from the 
radiation anyway. Hays has since drawn the less specific outlines of cur- 
rent knowledge thus: As animals grow more specialized in the course of 
evolution, they become more sensitive to some as yet unknown, lethal 
effect of the reversals. Long periods without reversals—the quiescent 
eras sometimes last tens of millions of years—seem to produce a profu- 
sion of species especially susceptible to the effect, and they're weeded out 
at the next shift. 

We know of two especially widespread extinctions. One, at the end of 
the Permian period, about 225 million years ago, wiped out half the 
kinds of animals then alive, from protozoa to early reptiles. The same 
kind of curtain dropped on the age of dinosaurs at the end of the Cre- 
taceous period, some 70 million years ago. In both cases frequent mag- 
netic pole reversals had resumed after a long quiescence. Many periods of 
less extensive extinction have also been documented in the fossil record 
and correlated with the field reversals. Most recently, J. John Sepkoski, 
Jr., and David M. Raup of the University of Chicago reported what they 
believed to be a 26-million-year cycle in the major dyings. If their hy- 
pothesis holds up, there may be some solar or galactic influence that 
interacts with a magnetic reversal for maximum destructive effect. 

We can only surmise that the earth's field was instrumental in life's 
beginning, but by 1971 we knew virtually for certain that its polarity 
shifts had shaped life's development by a "pruning" of species. That year 
I was invited to a private meeting at Lamont to talk about the reversals, 
the sole M.D. among a score of biologists and geophysicists. At that 
time we could only speculate as to how the extinction effect came about. 
We didn't even have a workable theory of what changes inside the earth 
caused the turnabouts, or how the process affected the micropulsations 
and other aspects of the field. All we could agree on was that there were 
probably changes in every aspect of it, and our knowledge hasn't pro- 

gressed much since then. 
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The pole shift happens so slowly that living things may well adapt to 
it easily; the 50-percent decline in field strength also seems rather unim- 
portant. However, since we know the micropulsations control biocycles, 
including the timing of the mitotic rhythm, a major change in their 
frequency could be catastrophic. Experiments with artificial extremely 
low frequency fields (see Chapter 15) have shown that vibrational rates 
near normal but slightly above, from about 30 to 100 hertz, cause dra- 
matic changes in the cell cycle time. This interferes with normal growth 
of the embryo and may tend to foster abnormal, malignant growth as 
well. If a geomagnetic reversal raises the micropulsation frequencies into 
this range, the accumulation of growth errors over many generations 
could well mean extinction. 

We have no way of making a forecast, however. Reversals seem to 
happen at widely varied intervals, as often as every fifty thousand years 
during some periods, many millions of years apart during other times. 
The last one seems to have occurred about seven hundred thirty thou- 
sand years ago. Several scientists have interpreted data from NASA's 
MAGSAT orbiter, and from measurements of magnetic particles in lake 
sediments, as indicating that the earth's magnetic field strength is 
steadily declining, and has been for the last few thousand years. If so, we 
may already be entering the next reversal, but it's also possible we're 
merely experiencing one of the field's many short-term variations. 

Nor can we be sure how serious a reversal would be for us. Hominids 
have weathered them in the past, but we have an extra reason for being 
uneasy this time. If we're entering a reversal now, it will be the first one 
in which the normal field is contaminated with our own electromagnetic 
effluvia, and the most powerful of these, at 50 and 60 hertz, fall right in 
the middle of the "danger band" in which interference with growth 
controls can be expected. 

The field giveth as well as taketh away, however. If we can hang on 
until the next peak of its strength, we may benefit from a subtle infusion 
of electromagnetic wisdom. An ingenious theory recently proposed by 
Francis Ivanhoe, a pharmacologist and anthropologist at two universities 
in San Francisco, suggests how important it may have been to our own 
development. 

Ivanhoe made a statistical survey of the braincase volume of all known 
Paleolithic human skulls, and correlated the increase with the magnetic 

field strength and major advances in human culture during the same 

period. Ivanhoe found bursts of brain-size evolution at about 380,000 to 

340,000 years ago, and again at 55,000 to 30,000 years ago. Both 

periods corresponded to major ice ages, the Mindel and Wurm, respec- 
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tively, and they were also eras when great cultural advances were made— 
the widespread domestication of fire by Homo erectus in the early Mindel, 
and the appearance of Homo sapiens sapiens (Cro-Magnon peoples) and 
gradual decline of Neanderthals (Homo sapiens) during the Wurm. Two 
other glaciations in the same time span—the Ganz of about 1,200,000 to 
1,050,000 years ago and the Riss of about 150,000 to 100,000 years 
ago—didn't call forth such obvious advancements in human _ evolution. 
They also differed from the other two in that the average geomagnetic 
field intensity was much lower. 

Ivanhoe has proposed a direct link from the magnetic field through 
the growth-hormone regulator pathways in the brain to account for the 
sharp evolutionary gains. He suggests that part of the hippocampus, a 
section of the brain's temporal lobe, acts as a transducer of electromag- 
netic energy. A part of the hippocampus called Ammon's horn, an arch 
with one-way nerve traffic directed by a strong current flow, may read 
out variations in the field strength, feeding them by a bundle of well- 
documented pathways called the fornix to the hypothalamus and thence 
to the anterior pituitary, where growth hormone is produced. It's known 
that larger amounts of this hormone in pregnancy increase the size of the 
cerebral cortex and the number of its nerve cells in the offspring, as 
compared with other parts of the brain. Ivanhoe also notes that the hip- 
pocampus and its connections with the hypothalamus are among the 
parts of the brain that are much larger in humans than other primates. 
The idea gains further support from the fact that neural activity in the 
hippocampus increases with electrical stimulation and reaches a max- 
imum at 10 to 15 cycles per second, at or slightly above the dominant 
micropulsation frequency of today's field. The most powerful shaper of 
our development may turn out to be the subtlest, a force that's com- 
pletely invisible to us. 


Hearing Without Ears 


We've considered how the electromagnetic fields of earth, moon, and 
sun affect life. In the next chapter, we'll ponder the effects of artificial 
fields from our machines. There's probably another interaction, however, 
of which we know much less: the effects produced on living things by 
the biomagnetic fields of other creatures. If one nervous system could 
sense the field of another, it would go a long way toward explaining 
extrasensory perception. 

Following the curious dogma that what we don't understand can't 
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exist, mainstream science has dismissed psychic phenomena as delusions 
or hoaxes simply because they're rarer than sleep, dreams, memory, 
growth, pain, or consciousness, which are all inexplicable in traditional 
terms but are too common to be denied. Fifty years ago, when J. B. 
Rhine of Duke University first published results of his card-guessing 
experiments, scientists eagerly debated and tested the subject for a few 
years. Then, although at least 60 percent of the attempts to confirm 
Rhine's work also got better-than-chance results (a replication rate better 
than that in most other areas of psychology), the openness somehow 
disappeared. Ever since World War II, serious parapsychologists have 
been hounded out of the forum of science. In the 1950s, for example, 
Science and Nature both published attacks on certain results of Rhine and 
S. G. Soal, an early psi researcher at London University. Today this 
attitude may be waning. G. R. Price, the author of one of the diatribes, 
apologized in Science in 1972, and both journals have begun accepting 
occasional reports on psychic research, although still confining them- 
selves mainly to negative findings. As the climate has begun to change, 
a few researchers have looked for electromagnetic fields as a possible basis 
for extrasensory perception. 

The results so far have been as inconclusive as those from any other 
approach. In 1978 E. Balanovski and J. G. Taylor used a variety of 
antennae, skin electrodes, and magnetometers to monitor a number of 
people claiming paranormal powers. They found no electric or magnetic 
fields associated with successes in telepathy experiments. In 1982, Rob- 
ert G. Jahn, dean of engineering at Princeton, assembled the most im- 
pressive battery of electronic equipment ever brought to bear on the 
subject. He found definite effects by mental forces on interferometer 
displays and strain-gauge readings, along with positive results in re- 
mote-viewing experiments. The tests couldn't be reliably repeated, how- 
ever, and seemed to vary with the moods of researcher and subject, and 
perhaps with other immeasurable environmental factors. The same de- 
pendence on attitude—experiments seem to work more often for believ- 
ers than doubters—has bedeviled psychic research from its beginning. 
Although Jahn came up with no clear-cut findings on electromagnetic 
factors, he was forced to the sublimely understated conclusion that 
: once the illegitimate research and invalid criticism have been set 
aside, the remaining accumulated evidence of psychic phenomena com- 

prises an array of experimental observations . . . which compound to a 
philosophical dilemma." 

We must remember that our study of biofields is still in its infancy. 

It's only a decade since the SQUID first enabled us to find the magnetic 
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field around our heads at all. Pigeons have a magnetic detector thou- 
sands of times more sensitive than the latest instruments. We also know 
that the interaction of semiconducting currents with external magnetic 
fields is thousands of times greater than that of currents in a wire, and 
engineers have built microscopic devices that enhance this sensitivity by 
a factor of another thousand or more. The electron microscope has shown 
us crystallike structures of previously unsuspected complexity in all liv- 
ing cells, whose functions we can only guess at. There's now some evi- 
dence that psychic intent can influence the flow of current in solid-state 
devices, so we may be nearing the energy levels at which extrasensory 
factors work. Since all living things generate weak electromagnetic 
fields, and since many, if not all, can sense those of the earth, communi- 
cation by this medium remains a strong possibility. Recent disclosure of 
a miultimillion-dollar research effort in this area by the hardheaded 
weapons planners at the Department of Defense is one more reason why 
those scientists who work in public shouldn't dismiss the idea. 

We must always be careful to place more weight on observation than 
current theory. We must remember that we don't yet fully understand 
magnetism. It now appears that the single domain with both magnetic 
poles may not be the smallest unit of magnetism after all. Physicists 
now posit the existence of magnetic monopoles, particles having the 
characteristics of just one pole, north or south. In fact there's some ex- 
perimental evidence for them. Some theoreticians go even further, envi- 
sioning a hitherto unsuspected kind of magnetism, a composite of waves 
and monopole particles, like light. Living things may interact with such 
a now immeasurable energy. 

Any such message system would have at least two major difficulties to 
overcome in the course of evolution. Our own electrical-engineering ex- 
perience, however, suggests workable approaches life may have taken. 

One problem is that the strength of biofields is far below that of the 
earth's field. Hence any input from other creatures would be embedded 
in noise. This is a common obstacle to telecommunications, and there 
are several ways around it. The easiest is for sender and receiver both to 
be frequency locked, that is, tuned to one frequency and insensitive to 
others. Such a lock-in system might explain why spontaneous ESP expe- 
riences most often happen between relatives or close friends. The sen- 
sitivity of our instruments may someday develop to the point where we 
can tune in to biomagnetic fields on select frequencies, thus experiment- 
ing as directly with ESP as we now do with radio. 

Another theoretical difficulty is the fact thatl psychic transmission 
doesn't seem to fade with distance. The electromagnetic field around an 

animal's nervous system, on the other hand, starts out unimaginably 
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small and then diminishes rapidly. However, extremely low frequency 
(ELF) transmissions have a peculiar property. Because of their interaction 
with the ionosphere, even weak signals in this frequency range (from 0.1 
to 100 cycles per second) travel all the way around the world without 
dying out. If an innate frequency selector is operating within this band, 
reception should be the same anywhere on earth. 

At this time the DC perineural system and its electromagnetic fields 
provide the only theory of parapsychology that's amenable to direct ex- 
periment. And it yields hypotheses for almost all such phenomena ex- 
cept precognition. Telepathy may be transmission and reception via a 
biologically programmed channel of ELF vibrations in the perineural 
system's electromagnetic field. Dowsing may involve an _ unconscious 
sense of the electromagnetic fields of underground water or minerals, an 
idea given some support by Russian experiments in the 1960s. Nikolai 
N. Sochevanov, now with the USSR's Ministry of Geology, found that 
the accuracy of forty professional dowsers diminished by at least three 
fourths when he wound a current-carrying wire around their wrists or 
brought a horseshoe magnet near their heads. 

Biological semiconductors even offer a possible basis for the aura often 
reported around living things by "sensitives." There has long been specula- 
tion that this "halo" might be some manifestation of an electromagnetic 
biofield. The ability of high-voltage (Kirlian) photography to produce an 
image very much like descriptions of the aura has aroused hope that the 
technique might render some aspect of psychic phenomena visible in a way 
that would be conducive to experiment. Because of this possibility, our lab 
investigated Kirlian photography during the mid-1970s. 

We obtained beautiful pictures that seemed to vary in response to 
changes in the health of the test organism. However, the method failed 
one crucial test. If the Kirlian halo actually reflected the biofield or some 
other basic aspect of life, it should have disappeared when the organism 
being photographed died. Alas, it did not. The image remained the 
same as long as the water content of the corpse remained constant. We 
found the images were entirely due to a simple physical event, a corona 
discharge. This occurred when a high-voltage electric field broke down 
the air molecules between the two condenser plates of the Kirlian appa- 
ratus. The amount of water vapor in the air changed the voltage at 
which this happened, and on color film produced coronas in different 
colors and sizes. We found no evidence that the Kirlian image was re- 
lated to the living state. Nor did we find that it could serve as a "screen" 
on which might be reflected some invisible field or aura, another pos- 
sibility that had been suggested. 

This is not to say that the aura occasionally perceived by some people 


268 The Body Electric 

around other organisms is imaginary. Things that appear so often in 
folklore often turn out to have a basis in fact. However, the body's 
magnetic field is far too weak to account for it. Our biofields, even if 
they were many times stronger, couldn't possibly emit light, but an 
appropriately sensitive magnetic detector in the brain, if it had nerve 
connections to the visual cortex, might "see" the magnetic field, in a 
manner of speaking. In a similar way astronauts in space "see" Cerenkov 
radiation—flashes of light that have been traced to the passage of high- 
energy cosmic rays through the retina. 

On the other hand, the aura could literally be a form of light, perhaps 
at frequencies invisible to all but a few of us. The discovery of light- 
emitting diodes is still fairly recent. As you will recall, we found that 
bone happens to have such properties. The point of that experiment was 
its evidence that bone contains semiconducting PN junction diodes. 
There may well be other diodes in living things. The relationship be- 
tween the nerve endings and the skin is an interesting one in this con- 
text. The skin-nerve interface—the closest normal equivalent to the 
neuroepidermal junction that triggers regeneration—may well be a di- 
ode. If so, the proper level of current could cause emission of light from 
the skin. It's even possible that such an array of diodes with very large 
currents might produce a holographic image of the body on an organic 
screen, such as the reputed image of Christ on the Shroud of Turin. 

If extrasensory communication really is a function of the DC system, 
why isn't it more common and widely accepted? We may never know 
how well distributed it is among animals, although the number of pets 
who have returned to their owners over long distances suggests that 
many dogs and cats can find specific people by an unknown sense. The 
Duke University Parapsychology Laboratory has authenticated more than 
fifty such cases, many involving travel of hundreds or thousands of 
miles. We can expect that some species would be better at it than oth- 
ers, just as pigeons navigate by the earth's magnetic field far better than 
most other creatures. Among humans, some may simply be more gifted 
than others through genetic chance or some facet of their upbringing. 
Then again, the psychic sense may be a universal ability that was forgot- 
ten or suppressed as we came to depend more and more on language to 
get our messages across. 

If they do depend on the same system, psychic ability and regenera- 
tion may go together; they may generally be better among simple ani- 
mals. As the digital impulse system grew more efficient, its information 
may have overwhelmed the senses operating through the earlier mode. 
In fact, this may be part of the digital system's purpose. The ever- 
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present hum of electromagnetic information from other creatures may 
have become an intolerable burden. Think how confused you would feel 
if you could simultaneously hear what everyone else in the world was 
thinking. After all, mediums, sorcerers, and psi experimenters all agree 
that some sort of trance or mental quietude—a reduction of nerve im- 
pulse activity—is needed for best results. According to Elmer Green, 
yogis of some Tibetan traditions teach clairvoyance to novices by having 
them meditate seated on a glass plate, facing north toward a sheet of 
polished copper in a dark, windowless room, with a bar magnet sus- 
pended over their heads, its north pole pointing up to the zenith. 

The biofield also lends itself to theories of psychokinesis and object 
imprinting. All matter, living and nonliving, is ultimately an_ elec- 
tromagnetic phenomenon. The material world, at least as far as physics 
has penetrated, is an atomic structure held together by electromagnetic 
forces. If some people can detect fields from other organisms, why 
shouldn't some people be able to affect other beings by means of their 
linked fields? Since the cellular functions of our bodies are controlled by 
our own DC fields, there's reason to believe that gifted healers generate 
supportive electromagnetic effects, which they convey to their patients 
or manipulate to change the sufferer's internal currents directly, without 
limiting themselves to the placebo effect of trust and hope. 

Once we admit the idea of this kind of influence, then the same 
kind of willed action of biofields on the electromagnetic structure of 
inanimate matter becomes a possibility. This encompasses all forms of 
psychokinesis, from metal-bending experiments in which trickery has 
been excluded to more rigidly controlled tests with interferometers, 
strain gauges, and random number generators. At present, it's the only 
hypothesis that offers much hope of testability. On a less spectacular 
level, we must ask whether the biofield can project the individual sig- 
nature of a person's thoughts onto his or her surroundings, changing the 
electromagnetic characteristics of these objects so that the person can be 
sensed by others even though absent. This may well be the commonest 
of all paranormal experiences, and the number of crimes solved by psy- 
chics reacting to the mere scene of the crime should entitle scientists to 
investigate the idea without fear of ridicule from their colleagues. 

Over and over again biology has found that the whole is more than 
the sum of its parts. We should expect that the same is true of bio- 
electromagnetic fields. All life on earth can be considered a unit, a glaze 
of sentience spread thinly over the crust. In toto, its field would be a 

hollow, invisible sphere inscribed with a tracery of all the thoughts and 

emotions of all creatures. The Jesuit priest and paleontologist-phi- 
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losopher Pierre Teilhard de Chardin postulated the same thing, a 
noosphere, or ocean of mind, arising from the biosphere like a spume. 
Given a biological communications channel that can circle the whole 
earth in an instant, possibly based on life's very mode of origin, it would 
be a wonder if each creature had not retained a link with some such 
aggregate mind. If so, the perineural DC system could lead us to the 
great reservoir of image and dream variously called the collective uncon- 
scious, intuition, the pool of archetypes, higher intelligences deific or 
satanic, the Muse herself. 


Fifteen 
Maxwell's Silver 
Hammer 


In considering questions as remote as the origin of life, science must 
skate toward new shores across the thin ice of speculation, but it also has 
a duty to warn us of present dangers as specifically as possible. Since the 
earth's electromagnetic activity has such a profound effect on life, the 
obvious question is: What are the consequences of our artificial energies? 
Electromagnetism can be discussed in two ways—in terms of fields 
and in terms of radiation. A field is "something" that exists in space 
around an object that produces it. We know there's a field around a 
permanent magnet because it can make an iron particle jump through 
space to the magnet. Obviously there's an invisible entity that exerts a 
force on the iron, but as to just what it consists of—don't ask! No one 
knows. A different but analogous something—an electric field—extends 
outward from electrically charged objects. 

Both electric and magnetic fields are static, unvarying. When the 
factor of time is introduced, by varying the intensity of the field as in a 
radio antenna, an electromagnetic field results. As its name implies, this 
consists of an electric field and a magnetic field. The fluctuations in the 
field radiate outward from the transmitter as waves of energy, although 
somehow these waves simultaneously manage to behave as streams of 
massless, chargeless particles (photons). As to just how this happens, 
again—don't ask! Sometimes the phenomenon is called an electromag- 

netic field (EMF), to emphasize its connection with the transmitter; 

sometimes it's called electromagnetic radiation (EMR), to emphasize its 
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outward-flowing aspect. However, the two terms refer to the same phe- 
nomenon and are interchangeable. The only meaningful distinction is 


between static and time-varying fields. 
AX DIRECTION OF ELECTRONIC FIELO 






DIRECTION OF MAGNETIC FIELD 


ELECTROMAGNETIC RADIATION DIRECTION OF WAVE 
Each energy wave consists of an electric field and a magnetic field at 
right angles to each other, and both at right angles to the direction the 
wave is traveling. The number of waves formed in one second is the 
frequency; the distance the energy travels (at the speed of light) during 
one oscillation is its wavelength. The higher the frequency, the shorter 
the wavelength, and vice versa. 

EMR spans an enormous range of frequencies. The shortest gamma 
rays, a tenth of a billionth of a millimeter long, vibrate sextillions of 
times a second. These, along with X rays and the shortest ultraviolet 
wavelengths, are termed ionizing radiation, because their high photonic 
energy can knock electrons away from atoms, creating highly reactive 
ions where they don't belong. Much of the damage from nuclear radia- 
tion is caused in this way. All lower frequencies, beginning with the 
longer ultraviolet wavelengths, are nonionizing. 

Next comes the only energy we can see—the narrow band of visible 
light vibrating hundreds of trillions of times a second—and then the 
infrared waves we feel as radiant heat. Below these lie the waves we've 
hamessed for communication. They begin with microwaves (MW), 
whose frequency is measured in gigahertz or megahertz—billions or 
millions of cycles per second—and extend through the radio frequencies 
(RF) down to ELF waves, whose frequency converges on zero. The MW 
and RF spectrum is arbitrarily broken up into a further alphabet of ex- 
tremely high, superhigh, ultrahigh, very high, high, medium, low, 
very low, and extremely low frequencies (EHF, SHF, UHF, VHF, HF, 
MF, LF, VLF, and ELF respectively). As we have seen, ELF waves ap- 
proximate the dimensions of the earth; at 10 hertz one wave is about 
18,600 miles long. 

Except for light and infrared heat, we can't perceive any of these ener- 
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gies without instruments, so most people don't realize how drastically 
and abruptly we've changed the electromagnetic environment in just one 
century. Working at Cambridge University, Scottish physicist James 
Clerk Maxwell showed mathematically in 1873 that light was but a 
small part of the vast undiscovered realm of radiation. Heinrich Hertz 
first found some of the radio waves in 1888. Meanwhile, Edison had set 
up the first commercial electric-power system in New York in 1882. 

For billions of years before then, the energies that life grew up among 
were relatively simple. There was a weak electromagnetic field modulated 
by micropulsations within it and further sculpted by the solar and lunar 
cycles. There was a burst of static centered at 10,000 hertz and reverberat- 
ing over the whole earth whenever lightning flashed in the scores of 
thunderstorms in progress at any one time. There were a few weak radio 
waves from the sun and other stars. Light, including some infrared and 
ultraviolet, was the most abundant form of electromagnetic energy. At 
higher frequencies, living things absorbed only small amounts of ionizing 
X rays and gamma rays from space and from radioactive minerals in rocks. 
Large parts of the energy spectrum were totally silent. 

We'll never experience that quiet world again. In 1893 Nikola Tesla 
lit the Chicago World's Fair with the first AC power system, and two 
years later he began the modern era of electrical engineering by harness- 
ing Niagara Falls. In 1901 Guglielmo Marconi sent a_radiotelegraph 
message across the Atlantic, using without acknowledgment a machine 
designed by the prolific Tesla. The invention of the vacuum tube in 
1907 led to the first voice transmission by radio in 1915 and the first 
commercial station in 1920. Until then many people still ate supper by 
candle or kerosene, and the ambient forces remained a reasonable fac- 
simile of earth's pristine field. 

The greatest changes have all come in the one generation since World 
War II. The trend toward use of shorter and shorter radio waves, bounced 
off the ionosphere for long-distance communication, had begun before the 
war. The fight for survival against fascism impelled the development of 
microwave radar, which helped win the Battle of Britain, allowed all- 
weather bombing of Germany, and gave the American Navy a decisive 
edge over the Japanese. The conflict also produced other electronic devices 
of all types. In 1947 Bell Telephone set up the first microwave phone relay 
towers between New York and Boston, the same year the first commercial 
television broadcasts, also transmitted by microwaves, began. Since then 
nearly every human involved an electrical appliance, and today 

we're all awash in a sea of energies life has never before experienced, of 

which the following list of sources only skims the surface: 








Third Eye - Thalamus, - Eye of Horus 
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Everything that runs on a battery produces a DC magnetic field— 
from digital watches, cameras, flashlights, and portable radios to 
car ignition systems. 

Strong magnetic fields are used in industry to refine ore, concen- 
trate and recycle scrap iron, purify sewage, soften water for steam 
boilers, and many other tasks. 

The starting and stopping of an electric train turns the power rail 
into a giant antenna that radiates ELF waves for over 100 miles. 

Electromagnetic fields vibrating at 60 hertz (50 hertz in Europe 
and Russia) surround nearly every person on earth from appliances 
at home and machines at work. 

Over 500,000 miles of high-voltage power lines crisscross the 
United States. Innumerable smaller lines feed into every home, 
office, factory, and military base, all producing AC or DC fields. 
Metal objects near the lines concentrate the fields to higher levels. 
In addition, high-voltage lines are, in effect, gigantic antennae 
operating at 60 hertz in the ELF band, the largest "radio" trans- 
mitters in the world. Switching stations, where the current is 
changed from one voltage or type to another, emit radio-frequency 
waves as well. 

AC magnetic fields vibrating at 100 to 10,000 hertz emanate 
from antitheft systems in stores and libraries, and from metal de- 
tectors in airports. 

Low-frequency radio waves are used for air and sea _ navigation, 
time references, emergency signals, some amateur radio channels, 
and military communications. 

Medium frequencies between 535 and 1,604 kilohertz are reserved 
for AM radio transmitters, which are limited to 50,000 watts in 
this country but are sometimes much more powerful abroad. 

HF and VHF channels are filled with chatter from the nation's 35 
million CB radios, as well as shortwave bands for more ham ra- 
dios, air and sea navigation systems, military uses, spy _ satellites, 
and police and taxi radios. VHF television and FM radio also in- 
habit this region. There are now over ten thousand commercial 
radio and TV stations in the United States alone, and 7 million 
other radio transmitters, not counting the millions operated by 
the military. 

Weather satellites, some kinds of radar, diathermy machines, up- 
ward of 10 million microwave ovens, more cop and cab _ radios, 
automatic garage-door openers, highway emergency call boxes, 

and UHF television compete for the low microwave frequencies. 
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Higher microwave bands are crowded with more military talk 
channels and radar, navigational beacons, commercial communica- 
tions satellites, various kinds of walkie-talkies, and America's two 
hundred fifty thousand microwave phone and TV relay towers. 

Like the infrared rays above them in the spectrum, radio waves 
and microwaves produce heat when directed in high-intensity 
beams. Hence they're used for all sorts of industrial chores— 
bonding plywood, vulcanizing rubber, manufacturing shoes, _ ster- 
ilizing food, making plastics, and heat sealing the trillions of plas- 
tic-wrapped products in our stores, even opening oysters. Modern 
electronics would be impossible without the perfect silicon and 
germanium crystals grown in microwave furnaces. 

The human species has changed its electromagnetic background more 
than any other aspect of the environment. For example, the density of 
radio waves around us is now 100 million or 200 million times the 
natural level reaching us from the sun. Nor is there any end in sight. 
When superconducting cables are introduced, they'll increase the field 
strength around power lines by a factor of ten or twenty. Electric cars, 
magnetically levitated transport vehicles, and microwave-beam satellites 
for transmitting solar power to earth would each add strong new sources 
of electromagnetic contamination. A proposed electromagnetic catapult 
that could shoot satellites into space from mile-long rails built up the 
side of a mountain would require the combined output of the country's 
thousand generating stations for the few seconds of each launch. 

A few years ago most investigators believed that each wavelength in- 
teracted mainly with objects comparable to it in size. This was a com- 
forting notion that theoretically limited each frequency to one type of 
effect and predicted that really troublesome problems for humans would 
come from only one portion of the spectrum—the FM band. Now, how- 
ever, we know there are primary effects on all life-forms at ELF frequen- 
cies, and in other parts of the spectrum there can be consequences for 
specific systems at any level, from the subatomic to the entire biosphere 
as a unit. 

Of course, a change at one level may well trigger secondary changes 
throughout an organism, so that the original one is hard to identify. 
Moreover, the impact of EMR ar any particular frequency is often related 
to its power density, the amount of energy streaming through a certain 

area. When discussing biological effects, this is best measured in micro- 

watts (millionths of a watt) per square centimeter, a unit we'll simplify 

to microwatts. There's often no direct relationship between dose and 

effect, however; a low power density sometimes does things that a 


276 The Body Electric 

higher one does not. Furthermore, we can't tell how much energy from a 
given power density is actually absorbed, or what part of the body re- 
ceives it. The same holds true for electric and magnetic fields, whose 
study is further complicated by the fact that animals of different shapes 
distort the fields differently. Likewise, fur, feathers, skin thickness, bone 
size, and the general shape of an animal complicate RF and MW absorp- 
tion beyond our capacity to gauge it. Therefore, reactions seen in one 
species cannot be assumed for another. The only way to test for possible 
damage (or beneficial effects) is to actually do the experiment. 

In a sense, the entire population of the world is willy-nilly the subject 
of a giant experiment. Electropollution has been the subject of heated 
public debate for nearly ten years, and unpublicized misgivings for dec- 
ades before that. Unfortunately, the question of risk has been asked too 
late. Daily exposure of nearly everyone is a fait accompli. 


Subliminal Stress 


After Howard Friedman, Charlie Bachman, and I had found evidence 
that "abnormal natural" fields from solar magnetic storms were affecting 
the human mind as reflected in psychiatric hospital admissions, we de- 
cided the time had come for direct experiments with people. We ex- 
posed volunteers to magnetic fields placed so the lines of force passed 
through the brain from ear to ear, cutting across the brainstem-frontal 
current. The fields were 5 to 11 gauss, not much compared with the 
3,000 gauss needed to put a salamander to sleep, but ten to twenty 
times earth's background and well above the level of most magnetic 
storms. We measured their influence on a standard test of reaction 
time—having subjects press a button as fast as possible in response to a 
red light. Steady fields produced no effect, but when we modulated the 
field with a slow pulse of a cycle every five seconds (one of the delta-wave 
frequencies we'd observed in salamander brains during a change from 
one level of consciousness to another), people's reactions slowed down. 
We found no changes in the EEG or the front-to-back voltage from 
fields up to 100 gauss, but these indicators reflect major alterations in 
awareness, so we didn't really expect them to shift. 

We were excited, eagerly planning experiments that would tell us 

more, when we came upon a frightening Russian report. Yuri Kholodov 

had administered steady magnetic fields of 100 and 200 gauss to rabbits 

and found areas of cell death in their brains during autopsy. Although 

his fields were ten time as strong as ours, we stopped all human experi- 

ments immediately. 


Maxwell's Silver Hammer 277 

Friedman decided to duplicate Kholodov's experiment with a more 
detailed analysis of the brain tissue. He made the slides and sent them to 
an expert on rabbit brain diseases, but coded them so no one knew 
which were which until later. 

The report showed that all the animals had been infected with a brain 
parasite that was peculiar to rabbits and common throughout the world. 
However, in half the animals the protozoa had been under control by the 
immune system, whereas in the other half they'd routed the defenders 
and destroyed parts of the brain. The expert suggested that we must 
have done something to undermine resistance of the rabbits in the exper- 
imental group. The code confirmed that most of the brain damage had 
occurred in animals subjected to the magnetic fields. Later, Friedman 
did biochemical tests on another series of rabbits and found that the 
fields were causing a generalized stress reaction marked by large amounts 
of cortisone in the bloodstream. This is the response called forth by a 
prolonged stress, like a disease, that isn't an immediate threat to life, as 
opposed to the fight-or-flight response generated by adrenaline. 

Soon thereafter, Friedman measured cortisone levels in monkeys ex- 
posed to a 200-gauss magnetic field for four hours a day. They showed 
the stress response for six days, but it then subsided, suggesting adapta- 
tion to the field. Such seeming tolerance of continued stress is illusory, 
however. In his pioneering lifework on stress, Dr. Hans Selye has clearly 
drawn the invariable pattern: Initially, the stress activates the hormonal 
and/or immune systems to a higher-than-normal level, enabling the ani- 
mal to escape danger or combat disease. If the stress continues, hormone 
levels and immune reactivity gradually decline to normal. If you stop 
your experiment at this point, you're apparently justified in saying, "The 
animal has adapted; the stress is doing it no harm." Nevertheless, if the 
stressful condition persists, hormone and immune levels decline further, 
well below normal. In medical terms, stress decompensation has set in, and 
the animal is now more susceptible to other stressors, including malig- 
nant growth and infectious diseases. 

In the mid-1970s, two Russian groups found stress hormones released 
in rats exposed to microwaves, even if they were irradiated only briefly 
by minute amounts of energy. Other Eastern European work found the 
same reaction to 50-hertz electric fields. Several Russian and Polish 
groups have since established that after prolonged exposure the activa- 
tion of the stress sytem changes to a depression of it in the familiar 
pattern, indicating exhaustion of the adrenal cortex. There has even been 
one report of hemorrhage and cell damage in the adrenal cortex from a 
month's exposure to a 50-hertz, 130-gauss magnetic field. 

Soviet biophysicist N. A. Udintsev has systematically studied the 
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effects of one ELF magnetic field (200 gauss at 50 hertz) on the endo- 
crine system. In addition to the "slow" stress response we've been dis- 
cussing, he found activation of the "fast" fight-or-flight hormones 
centering on adrenaline from the adrenal medulla. This response was 
triggered in rats by just one day in Udintsev's field, and hormone levels 
didn't return to normal for one or two weeks. Udintsev also documented 
an insulin insufficiency and rise in blood sugar from the same field. 

One aspect of the syndrome was very puzzling. When undergoing 
these hormonal changes, an animal would normally be aware that its 
body was under attack, yet, as far as we could tell, the rabbits were not. 
They showed no outward signs of fear, agitation, or illness. Most hu- 
mans certainly wouldn't be able to detect a 100-gauss magnetic field, at 
least not consciously. Only several years after Friedman's work did any- 
one find out how this was happening. 

In 1976 a group under J. J. Noval at the Naval Aerospace Medical 
Research Laboratory at Pensacola, Florida, found the slow stress response 
in rats from very weak electric fields, as low as five thousandths of a volt 
per centimeter. They discovered that when such fields vibrated in the 
ELF range, they increased levels of the neurotransmitter acetylcholine in 
the brainstem, apparently in a way that activated a distress signal sub- 
liminally, without the animal's becoming aware of it. The scariest part 
was that the fields Noval used were well within the background levels of 
a typical office, with its overhead lighting, typewriters, computers, and 
other equipment. Workers in such an environment are exposed to elec- 
tric fields between a hundredth and a tenth of a volt per centimeter and 
magnetic fields between a hundredth and a tenth of a gauss. 


Power Versus People 


Because industry and the military demand unrestricted use of elec- 
tromagnetic fields and radiation, their intrinsic hazards are often 
compounded by secrecy and deceit. I learned this lesson in my first en- 
counter with the environmental review process. 

As we were investigating the EMF-stress connection in 1969, the 
Navy decided to build a giant antenna in northern Wisconsin. The plan, 
called Project Sanguine, was to establish a radio link with nuclear sub- 
marines at their normal depth of 120 feet or below. Conventional radio 
signals couldn't pass through water, so the vessels had to surface or else 
cruise very slowly a few feet under and communicate by means of a 

floating antenna at prearranged times. Since this made the subs tem- 
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porarily vulnerable, the Navy wanted a message system using ELF 
waves, which penetrate earth and water. 

The original design involved 6,000 miles of buried cable arranged in 
a grid across the upper two fifths of Wisconsin. A transmitter would 
pump current into one side; the electricity would emerge from the other 
side and complete the circuit by traveling through the ground. The 
device was actually a giant loop antenna using the earth as part of the 
loop. ELF waves issuing from it and resonating between the earth's sur- 
face and the ionosphere could be picked up anywhere on the globe. 

Sanguine was one of the first military projects scrutinized under the 
Environmental Protection Act. In 1973 the Navy set up a committee of 
scientists to review fifteen years of naval research on ELF effects, as well 
as other pertinent work. Captain Paul Tyler of the Office of Naval Re- 
search asked me to be one of its seven members. 

The only thing sanguine we found was the name. While the research 
to date didn't prove there would be grave harm to human health, it 
showed several dangers. The antenna would produce an electromagnetic 
field 1 million times weaker than that from a 765-kilovolt power line. It 
was to broadcast at 45 to 70 hertz, frequencies close enough to the 
earth's micropulsations that living things are very sensitive to them. 
Similar fields had been shown to raise human blood triglyceride levels 
(often a harbinger of stroke, heart attack, or arteriosclerosis), and change 
blood pressure and brain wave patterns in experimental animals. The 
generalized stress response, desynchronized biocycles, and _ interference 
with cellular metabolism and growth processes—and hence increased 
cancer rates—were also distinct possibilities. Hundreds of thousands of 
people would be living inside the antenna even in this sparsely populated 
area; long-term effects on plants and animals were unknown; and, be- 
cause the signals would resonate throughout the world, the biohazards 
might be similarly widespread. For these reasons we unanimously rec- 
ommended that the project be shelved pending answers to the ominous 
questions it raised. We provided a long list of necessary research, em- 
phasizing further tests on triglycerides, biorhythms, stress, and psycho- 
logical responses to ELF fields. We also warned that the health of a large 
part of the U.S. population might already be impaired by 60 hertz 
power lines carrying vastly more power than the proposed antenna. 

The committee met on December 6 and 7, 1973, generating a report 
then and there, with a secretary taking down our conclusions. The Navy 

group in charge was apparently displeased with our findings, The 

printed proceedings, marked "For official use only," went out only to 
committee members, and the Navy refused to discuss them with anyone 

else. 
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As soon as I got back from Washington, I found that two power 
companies were planning a network of 765-kilovolt power lines linking 
nuclear reactors in upstate New York and Canada. One of the lines was 
to pass through a rural area near the village of Lowville, where I'd just 
bought land for a vacation-retirement home. I immediately wrote the 
head of the state's Public Service Commission. Without releasing the 
Sanguine report—I felt it wasn't my place to do so, even though its 
suppression was wrong—TI informed PSC Chairman Alfred Kahn of its 
major conclusions. The commission in turn asked the Navy for a copy of 
our report but was turned down flat. In mid-1974, however, Andy Ma- 
rino and I were asked to testify at PSC hearings on the power lines. 

We presented the best evidence then available, some of which seemed 
to shock the PSC members. ELF fields at power line intensity or less had 
by then been linked to bone tumors in mice, slowed heartbeat in fish, 
and various chemical changes in the brain, blood, and liver of rats. Bees 
exposed to a strong ELF field for a few days in Russian research had 
begun to sting each other to death or leave the area. Some sealed off 
their hives and asphyxiated themselves. Attorneys for the power com- 
panies hurriedly asked a year's postponement of the hearings, which the 
PSC naturally granted. 

Andy and I spent that year reading the rapidly accumulating scientific 
literature on EMF biological effects, including the enormous amount of 
Russian work becoming available in English. Andy also investigated the 
stress response further. He ran ten separate experiments with rats, expos- 
ing them for one month to 60-hertz electric fields of 100 to 150 volts 
per centimeter, simulating ground level underneath a typical high-ten- 
sion line. Three generations of rats bred in this field showed severely 
stunted growth, especially among males. At lower field strengths (35 
volts per centimeter) some of the animals gained more weight than con- 
trols, a response we tentatively traced to abnormal water retention, 
which, like underweight, could also result from stress. A few years later, 
a study commissioned by the Department of Energy to duplicate this 
research also produced contradictory but disquieting results. With every 
known variable controlled in an expensive, high-tech facility at Battelle 
Laboratories in Columbus, Ohio, one test showed severe growth retarda- 
tion over three generations, while a second run under exactly the same 
conditions produced significantly greater weight gain than normal. 

Andy's original work also revealed large increases in the infant mor- 
tality rate. Between 6 and 16 percent of the pups born in various tests 
failed to live to maturity because of the electric field. That is, these 

percentages were in excess of the normal death rate for newborn rats. 
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Various other symptoms consistent with stress were found, including 
decreased water intake, enlarged adrenal and pituitary glands, and al- 
tered protein and hormone ratios in the blood. There was also a very 
high incidence—ten in sixty—of glaucoma in the early experiments. 
The disease didn't show up in later runs from which we excluded ani- 
mals having observable eye defects, suggesting that the electric field had 
worsened a preexisting problem rather than causing it. 

We expected the utilities to roll out their heavy artillery when the 
PSC hearings resumed, but we were still unprepared for what actually 
happened. The companies had hired two microwave researchers, Herman 
Schwan and Solomon Michaelson, both of whom did most of their work 
for the Department of Defense, and University of Rochester botanist 
Mort Miller. Carefully prepared by these three, the company lawyers 
cross-examined us for seventeen days in December 1975, attacking not 
only our methods and results but our scientific competence and honesty 
as well. Michaelson strenuously denied that our rodents had shown signs 
of stress, even though the biological markers were clear. Even if they 
had, he contended, stress could be healthful, an idea that Hans Selye 
later called "farfetched" when applied to a biological challenge that was 
continuous and not self-imposed. 

As far as I know, our testimony was the first ever openly given by 
American scientists stating that electromagnetic energy had health 
effects in doses below those needed to heat tissue, and that power lines 
might therefore be hazardous to human health. We criticized the White 
House Office of Telecommunications Policy for failing to follow up a 
tentative 1971 warning by advising the President that some harmful 
effects from electropollution were now proven. Moreover, although we 
didn't realize it at the time, we greatly embarrassed Captain Tyler and 
the Navy by publicly revealing the existence of the Sanguine report, 
which had been secret until then. 

Among those who heard about it was Wisconsin Senator Gaylord 
Nelson, who was understandably furious that his constituents were even 
then being used as guinea pigs in ongoing ELF tests at an experimental 
station near Clam Lake, while the document gathered dust in some 
Navy safe. Quoting Andy and me, he soundly criticized the Navy on the 
Senate floor. Due to local opposition, the Navy had already moved the 
site of the full-scale antenna to Mulligan's upper peninsula, modifying 

the design and giving it a new name—Project Seafarer. Nelson's fury 
now induced the Secretary of the Navy to ask the National Academy of 

Sciences for further study of the environmental questions. Harvard's bi- 

ology chairman, Woodland Hastings, who was picked to head the NAS 
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committee, wrote Marino a flattering letter asking for his consultation 
when the members got down to work. Marino then called Hastings to 
tell him of the large body of data we'd assembled for the power line 
hearings, and to make sure the NAS body would be willing to consider 
it thoroughly. Hastings told him, "Heck, you guys will be on the com- 
mittee.” 

Soon the sixteen members were announced, and we were nowhere in 
sight. Hastings later publicly called us quacks, but to us he said the 
Navy had specified who was to be on the panel, despite his threats to 
quit if Andy and I weren't admitted. We were well acquainted with 
three of the men who were on it: Schwan, Michaelson, and Miller. Ob- 
viously they weren't about to find hazards in Seafarer after testifying that 
a much stronger power line was perfectly safe. They remained on the 
committee even though all three neglected to mention their New York 
testimony on NAS conflict-of-interest forms. The rest of the committee 
was also stacked with people who routinely discounted any evidence of 
health effects from low-level EMFs. 

The NAS committee took an inordinately long time to issue its re- 
port, but we eventually saw a reason for the delay. During the PSC 
hearings, all evidence was subject to cross-examination. Besides ques- 
tioning the witnesses, each side could look at the other's papers, includ- 
ing the actual workbooks of experiments. After the testimony, while the 
commission, assisted by a panel of judges, was deliberating, other evi- 
dence could be introduced, but it was no longer subject to review by the 
opposing side. Oddly enough, the NAS report—which constituted a 
defense of the then current dogma and tried to discredit most of the 
disturbing evidence—appeared just after the gavel sounded to close the 
PSC hearings. It was immediately introduced as evidence, and we 
couldn't say a word about it. 

Six years later a Navy spokesman explained to me what had "really" 
happened. He said the Secretary of the Navy had gone to NAS and 
arranged to pay for the work. Then, when the members of the commit- 
tee were announced, the Secretary and other Navy brass agreed that the 
show was rigged. The Secretary protested to NAS and said the Navy 
wouldn't pay for the study. NAS said that since the authorizations had 
already been signed, the Navy would have to pay for it. Moreover, the 
Navy needed a report in four to six months. Of course, NAS had been 
planning to wait till the end of the New York PSC hearings, which 
dragged on and on. My informant told me that, in response to Navy 
pressure, NAS laid in effect, "Go away. We've got the money, and the 

study is out of your hands. We'll run it our way." By the time the 
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report was issued it was too late for the Navy people to use it, and they 
considered it too biased to have any value anyway. However, I don't put 
much faith in this bit of blame shifting. 

The PSC's panel of judges spent nearly a third of their advisory opin- 
ion attacking Marino's work and his "argumentative" demeanor at the 
witness table. Via a Freedom of Information Act request, Andy later 
found that the technical parts of this opinion had been written by one of 
the judges' paid consultants, Asher Sheppard, then a researcher at 
UCLA. Sheppard was at that time preparing a monograph, The Biological 
Effects of Electric and Magnetic Fields of Extremely Low Frequency, under 
contract to the American Electric Power Company. He concluded that 
there were no significant biological effects from low to moderate-inten- 
sity ELF fields such as occurred around power lines and appliances, de- 
spite the fact that he'd been working under W. Ross Adey, whose career 
has been devoted to studying just such effects. 

Nevertheless, we won. The Public Service Commission specifically 
contradicted its judicial advisers, commending Marino as a valuable wit- 
ness, and adopted most of our recommendations. One line already under 
construction was built, largely because New York Governor Hugh Carey 
threatened to dissolve the PSC if the commission stopped it, but the 
utilities were ordered to buy additional land for a wider safety zone 
along the right of way. They were also forced to invest $5 million in a 
five-year research program administered by the New York State Depart- 
ment of Health, and to stop encouraging multiple use of the land under 
power lines, such as leasing it for playgrounds. An additional six or 
seven proposed lines have been postponed indefinitely. Most important 
was the plain fact that we raised the issue successfully against great odds 
and secured a health-conscious verdict from the PSC, gaining time to 
gather more facts about the dangers. 

The Navy's ELF antenna has also been on hold for many years. Sea- 
farer lost momentum when 80-percent opposition in two 1976 referenda 
in Michigan's Upper Peninsula forced then candidate Jimmy Carter to 
oppose it publicly for a while. Once more renamed and redesigned, Pro- 
ject ELF has been heavily funded by the Reagan regime with an eye 
toward expansion. The first step now would consist of a 56-mile 
aboveground antenna carried on intersecting rows of utility poles in two 
corridors cut out of the Escanaba River State Forest. In July 1983, the 
Michigan Natural Resources Commission voted to allow construction. 
However, six months later a federal district judge upheld the suit of 
several local groups, on whose behalf I testified, ruling that the Navy 

must prepare a new environmental impact statement. The Navy lost two 
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appeals of this decision but won a lifting of the injunction in the third 
appeal, so construction is, at this writing, going on. 


Fatal Locations 


Subliminal activation of the stress response is one of the most important 
effects that EMFs and nonionizing radiation have upon life, but it's far 
from the only one. These unfamiliar energies produce changes in nearly 
every bodily function so far studied. Many of these alterations are associ- 
ated with stress, but whether they're a result of, or an additional trigger 
for, the adrenocortical reaction is an irrelevant chicken-or-egg question 
at this stage of our knowledge. The most disturbing data come from 
work on the systems that integrate other bodily functions—the central 
nervous, cardiovascular, endocrine, and growth control systems. We'll 
concentrate upon these in the following overview of the biohazards. 

For the most part, no attempt will be made to identify specific effects 
from microwaves, radio waves, and electric or magnetic fields, for sim- 
ilar changes have been observed from all modalities. The major problems 
come from extremely low frequencies, but higher frequencies have the 
same effects if pulsed or modulated in the ELF range. This is very often 
the case, for, to transmit information, microwaves or radio waves must 
be shaped. This is done by interrupting the beam to form pulses or by 
modulating the frequency or amplitude (size) of the waves. Furthermore, 
today's environment is a latticework of crisscrossing signals in which 
there's always the possibility of synergistic effects or the "construction" 
of new ELF signals from the patterns of interference between two higher 
frequencies. Therefore, experiments in which cells or organisms are ex- 
posed to a single unmodulated frequency, though sometimes useful, are 
irrelevant outside the lab. They're most often done by researchers whose 
only goal is to be able to say, "See, there's no cause for alarm." 


The Central Nervous System 


Since our work on human reaction time, half a dozen other groups have 
also found marked CNS effects from ELF fields. Most experiments have 
shown a decrease in reaction speed, although one researcher noted faster- 
than-normal reactions in humans exposed to very weak electric fields 
vibrating at beta wave frequencies. The sensitivity of some animals has 
tured out to be amazing. James R. Hamer of Ross Adey's group at 

UCLA reported changes in monkeys' response times from ELF electric 
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fields as weak as 0.0035 volts per centimeter, roughly equivalent to the 
field from a color TV set 60 feet away. 

One of the most telling tests was a simple one done at the Navy's 
Pensacola lab. R. S. Gibson and W. F. Moroney measured people's 
short-term memory and their ability to add sets of five 2-digit numbers 
in the presence of a 1-gauss magnetic field—-the strength found near 
some high-voltage power lines and many common high-current ap- 
pliances, such as portable electric heaters. Test scores declined at both 
the 60-hertz power frequency and the 45-hertz frequency of the San- 
guine-Seafarer antenna, but remained normal in control sessions. 

Several studies on both sides of the Iron Curtain have found that rats 
are generally less active and less exploratory of their environment after 
being dosed with microwaves, although some frequencies induce rest- 
lessness. In contrast, ELF magnetic or electric fields almost always pro- 
duce hyperactivity and disturbed sleep patterns in rats. 

Obviously the subtle workings of the mind may undergo many shifts 
that don't show up in these crude behavioral tests. Most of our knowl- 
edge of electropollution's effects on the brain concerns variables that can 
be more easily quantified, such as changes in biochemistry, cells, and 
EEG patterns. These studies can't be easily related to changes in thought 
processes, but most of the results fit in well with the stress response. 

In 1966, Yuri Kholodov found effects on rabbits’ EEGs from a few 
minutes' exposure to fairly strong steady-state magnetic fields (200 to 
1,000 gauss). As we'd found in salamanders, there were more delta 
waves, as well as bursts of alpha waves. He and another Russian bio- 
physicist, R. A. Chizhenkova, also noted a desynchronization, or abrupt 
shift in the main EEG rhythm, for a few seconds when any field was 
switched on or off. The same effect has since been confirmed in rats with 
microwaves. This proved that the brain could sense the field, whether 
the animal knew it or not. 

The sites of the greatest changes—the brain's hypothalamus and _ cor- 
tex—were cause for concern. The hypothalamus, a nexus of fibers link- 
ing the emotional centers, the pituitary gland, the pleasure center, and 
the autonomic nervous system, is the single most important part of the 
brain for homeostasis and is a crucial link in the stress response. Any 
interference with cortical activity, of course, would disrupt logical and 
associational thought. 

In 1973 Zinaida V. Gordon, a pioneer in microwave research working 

with M. S. Tolgskaya at the USSR Academy of Medical Sciences Insti- 

tute of Labor Hygiene and Occupational Diseases, reported a possible 

cellular feature of EMR stress. Low doses of microwaves, a mere 60 to 
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320 microwatts for an hour a day, changed nerve cells in the hypo- 
thalami of rats. During the first month of exposure, the neurotransmit- 
ter-secreting portions of the cells connecting the brain to the pituitary 
gland were enlarged. After five months they'd begun to atrophy. When 
microwave dosage was stopped at that point, however, the cells re- 
covered. J.J. Noval's finding that ELF electric fields changed brainstem 
acetylcholine levels has already been mentioned. In similar experiments, 
others have noted a rise followed by a drop to below normal in rat brain 
levels of norepinephrine, the main neurotransmitter of the hypothalamus 
and autonomic nervous system. In Soviet work, microwave densities of 
500 microwatts or more, delivered in a work-exposure pattern of seven 
hours a day, gradually reduced norepinephrine and dopamine (another 
neurotransmitter) to brain levels that indicated exhaustion of the adrenal 
cortex and autonomic system. 

Two years after the Gordon-Tolgskaya report, Allen Frey, who has 
studied bioeffects of microwaves for over two decades at Randomline, 
Inc., a consulting firm in Huntingdon Valley, Pennsylvania, found an 
effect on the blood-brain barrier, the cellular gateway by which spe- 
cialized capillaries strictly limit the molecules admitted to the delicate 
nerve cells' environment. Even at power densities as low as 30 micro- 
watts, microwaves pulsed at extremely low frequencies loosen this con- 
trol, in effect opening up leaks in the barrier. Since some barrier changes 
occur in response to stress and mood shifts, this could be either a cause 
or a result of the stress response, or an unrelated effect of pulsed micro- 
waves. In any case, since the blood-brain barrier is the central nervous 
system's last and most crucial defense against toxins, we must consider 
this increased permeability a grave hazard until proven otherwise. 

Researchers have noted several other potentially dangerous direct 
effects of electromagnetic smog on the neurons. In 1980 a group under 
R. A. Jaffe at Pacific Northwest Laboratories in Richland, Washington, 
found a general increase in neural excitability, especially at the synapses, 
in rats exposed to 60-hertz electric fields of only 10 volts per centimeter 
for one month. That same year A. P. Sanders and co-workers at the 
Duke University Medical Center in Durham, North Carolina, reported 
as follows on biochemical tests of rat brains subjected to microwaves at 
two levels, one half and also slightly more than the U.S. safety standard 
of 10,000 microwatts: "The results suggest that microwave exposure 
inhibits electron transport chain function in brain mitochondria and re- 
sults in decreased energy levels in the brain." 

In a series of experiments spanning mor than a decade, a group of 

scientists headed by Ross Adey, first at UCLA and later at the Loma 

Linda VA Hospital, have studied neuron response to ELF fields and 
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pulses. Proceeding from Harrier's work on reaction time, they first ascer- 
tained that an even weaker electric field, roughly the influence of a light 
bulb 10 feet away, changed the firing rate of brain cells in monkeys and 
humans // the field was pulsing at brain wave frequencies. Then, working 
with radio waves beamed at chick brains kept alive in culture dishes, 
they found specific pulse rates that decreased or increased the binding of 
calcium ions to the nerve cells. The flow of calcium ions in and out of 
neurons controlled the firing rate of impulses in a complex feedback 
system. Two "windows" of pulsed radio waves (147 megahertz pulsed at 
6 to 10 hertz, and 450 megahertz pulsed at 16 hertz) increased the flow 
of calcium from the cells, interfering with impulse transmission. 

Unfortunately for conceptual simplicity but fortunately for the test 
animals and the rest of us, the pulsed frequencies that work on isolated 
brains don't work on whole animals. Adey has publicly expressed his 
conviction that pulses for changing calcium flow in intact nervous sys- 
tems do exist, however, and he expects that a calcium efflux would in- 
terfere with concentration on complex tasks, disrupt sleep patterns, and 
change brain function in other ways that can't be predicted yet. This 
research obviously points toward "confusion beam" weaponry, so effec- 
tive windows may already have been found, but they haven't been re- 
ported in the open literature. Be that as it may, Adey's work remains an 
important clue to the interaction between EMR and the human CNS at 
the brain's most sensitive frequencies. Together with the other findings 
just mentioned, it shows that electropollution can trigger profound and 
dangerous changes, even if we don't yet know exactly how and when. 

Just how dangerous these changes may be was indicated by a study 
that Maria Reichmanis, Andy Marino, and I did in 1979, collaborating 
with F. Stephen Perry, a doctor near the town of Wolverhampton in 
western England. Perry had noticed that people living near overhead 
high-voltage lines seemed more prone to depression than others in his 
practice. Since ELF electric fields changed norepinephrine levels in rat 
brains and since depletion of this neurotransmitter in certain brain areas 
was a Clinical sign of depression, the connection seemed plausible. We 
knew from earlier work that, although electromagnetic field strength fell 
off quickly in the immediate vicinity of a power line, the rate of decrease 
lessened with distame, so that the field was often well above background 
levels over a mile away. Reasoning that suicide was the one unequivocal 
and measurable sign of extreme depression, we plotted the addresses of 

598 suicides on maps showing the location of power lines in Perry's 
locality. Then we statistically compared this distribution with a set of 

addresses chosen at random. 

The suicide addresses were, on the average, closer to the high voltage 
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wires. We found the same association with underground power lines, 
but we couldn't be sure whether more than the statistically expected 
number of suicides had occurred in areas where the fields were strongest. 
Since the total field strength was a combination of elements from many 
sources, we proceeded to measure the actual levels. This confirmed a 
link. Magnetic fields averaged 22 percent higher at suicide addresses 
than at the controls, and areas with the strongest fields contained 40 
percent more fatal locations than randomly selected houses. 


The Endocrine, Metabolic, and Cardiovascular Systems 


Living things interpret electromagnetic energy for information about 
time and place, so they must have a means to filter out useless signals, 
although perhaps not those never before encountered. Many studies have 
found that the bioeffects of artificial energy stabilize after a few weeks, 
suggesting that animals adapt so as to live normally in a changed en- 
vironment. Hence there's a large body of work that's often quoted to 
"prove" that electropollution isn't dangerous. As already noted, this 
simplistic viewpoint doesn't take into account the additive effects of 
stress. Moreover, when a stress is too strong or too persistent, compensa- 
tion fails, and the effects become obvious and sometimes irreversible. 
When evaluating research on hazards, therefore, we must always ask 
whether the experiment was continued long enough to be informative. 
Otherwise, a short-term study showing harm is likely to be truer than a 
reassuring one of medium length. 

The primary effect of electromagnetic energy on the endocrine system 
appears to be the stress responses already described. The major con- 
firmatory study in humans comes from the Soviet Union, where detailed 
medical tests of seventy-two technicians exposed daily to 1,000 micro- 
watts or less disclosed ominous changes in white and red blood cell 
counts and an across-the-board decline in immune response. The workers 
and a group of controls were studied for three years. No human study 
approaching this in length or completeness has ever been done in the 
West. 

The only other consistently noted glandular change is in the thyroid. 
The work of several Soviet groups and one American team in the 1970s 
has clearly shown that radio and microwave frequencies, at power densi- 
ties well below the American safety guideline of 10,000 microwatts, 
stimulate the thyroid gland and thus increase the basal metabolic rate. 
ELF fields at 50 hertz, on the other hand, have depressed thyroid ac- 
tivity in several experiments on rats. It isn't yet known whether this is a 
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direct effect on the thyroid or whether, like the stress response, it's at 
least partly caused by alterations in brain function. 

One more link in the bioclock-interference-and-stress response has 
come from 1980 work at the Battelle Pacific Northwest Laboratory in 
Richland, Washington. Working with rats, researchers there found that 
a weak 60-hertz electric field (only 3-9 volts per centimeter) canceled the 
normal nightly rise in production of the pineal gland hormone 
melatonin, the main hormonal mediator of biocycles. 

The cardiovascular system responds to electromagnetic energy in at 
least two ways. The composition of the blood reflects the stress response 
and concomitant activation of the immune system, while many frequen- 
cies exert a direct effect on the electrical system of the heart. 

Soviet scientists have observed a variety of blood changes in animals 
exposed to microwaves, radio waves, and ELF fields. These include de- 
clines in red blood cell count and hemoglobin concentration—and hence 
oxygen capacity—as well as changes in the relative numbers of various 
types of white blood cells and the relative amounts of blood proteins, 
and a possible reduction in the blood's ability to clot. 

Most of the discomforting studies of electropollution have been done by 
the Soviets, and they've been given short shrift by Western scientists. 
There are many reasons for this attitude. There's a simple prejudice 
against all things Russian and a feeling that their science, technologically 
less flashy than ours, is necessarily cruder. Western researchers have 
hamstrung themselves with the dogma that there simply can't be bioeffects 
from low levels of electromagnetic energy—so why bother looking? 
Then, too, Russian publication standards are different; procedural details 
are often omitted, making replication difficult. In addition, there are 
often troubling contradictions in the data themselves. Results are often 
inconsistent from animal to animal. If red blood cell count goes up in one, 
it will go down in another, so the experiment shows no statistical change 
even though every animal's blood composition is going haywire. In such a 
situation, the ultramechanistic Americans tend to believe the statistics, 
while the Soviet biologists concentrate on the animals. Russian scientists 
have been systematically studying electromagnetic bioeffects since 1933, 
and we can hardly afford to dismiss their entire body of work simply 
because it comes from a country we fear. 

My associates and I therefore proceeded from one of the most detailed 

Soviet reports and designed an experiment to measure effects on the 

blood of mice as our test fields were turned on and off. We concluded 

that these effects weren't a reaction to the fields themselves but rather a 
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transient compensation that the animals were making in response to any 
change in their electromagnetic environment. By themselves, none of the 
blood fluctuations were especially hazardous. However, since we all live 
amid EMFs that are constantly shifting as we turn appliances on and off 
or travel from place to place, the continual blood instability could be 
significant. 

American attitudes began to alter in 1978-79 when Richard Lovely of 
the University of Washington took advantage of a detente-inspired ex- 
change of microwave results to visit the Soviet Union for a month and 
study Eastern methods closely. His research group then painstakingly re- 
created a major Soviet experiment in which rats had been irradiated seven 
hours a day for three months with 500 microwatts. The Russian work was 
confirmed in every detail, including disruption of the blood's sodium- 
potassium balance, other pathological changes in blood chemistry, 
damage to the adrenal glands from stress-induced hormonal changes, 
diminished sense of touch, a decline in explorativeness, and slower learn- 
ing of conditioned responses. Donald I. McRee, director of the EPA 
electromagnetic-radiation health research program, termed the _ results 
"very interesting" and called for an end to the American establishment's 
contempt for Soviet work. 

Electromagnetic energy has other adverse effects on blood composition 
and tissue function. Yuri D. Dumansky, one of many Soviet bio- 
physicists who have done detailed work on microwave hazards, found 
changes in carbohydrate metabolism, including a rise in human _blood- 
sugar levels, resulting from 100 and 1,000 microwatts. Power-frequency 
(50-hertz) fields were also linked to altered sugar and protein metabo- 
lism in rats, as well as decreased muscular strength in rabbits. Like 
many other Russian results, these were questioned because of American 
failure to corroborate them. In this case a research team headed by N. S. 
Mathewson of the Armed Forces Radiobiology Research Institute in 
Bethesda, Maryland, reported no such metabolic changes in response to 
the Sanguine-Seafarer 45-hertz frequency. 

However, the Mathewson group made a fundamental mistake. They 
neglected to account for the 60-hertz background field near the test 
cages in their lab, even though they'd measured it when setting up the 
work station. When we reanalyzed their data in light of this omission, 
the experiment showed exactly the same changes in blood levels of 
glucose, globulins, lipids, and triglycerides as the Russians had found. 

The most frightening data so far on blood composition come from a 
preliminary study for Project Sanguine. Dietrich Beischer found that one 
day of exposure to a magnetic field such as would be produced by the 
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ELF antenna caused a 50-percent rise in triglycerides in nine of ten human 
subjects. The NAS committee's conclusion that this early result didn't 
stand up was based on subsequent Navy work, mainly the faulty 
Mathewson study. Adequate follow-up by a disinterested group has 
never been funded, even though Beischer's finding agrees completely 
with Russian studies and the reinterpreted Mathewson data on animals. 
This doesn't exhaust the list of microwave metabolic effects reported 
behind the Iron Curtain. Dumansky found widespread changes in the 
liver function of rats exposed to low levels of microwaves that were sched- 
uled to approximate the pattern of mealtime exposure from microwave 
ovens. Others detected vitamin B2 and B6 depletion from blood, brain, 
liver, kidneys, and heart, as well as major shifts in trace-metal metabo- 
lism in response to low levels of microwaves. The distribution of copper, 
manganese, molybdenum, nickel, and iron was affected throughout the 
bodies of rats. Similar trace-metal changes were recorded after exposure to 
ELF electric fields for four months, even at moderate field strengths for 
only half an hour per day. Since B6 is essential to the utilization of 
carbohydrates, fat, and protein, and since the trace metals act as catalysts 
in a wide variety of biochemical reactions, these observations may explain 
some of the other metabolic changes. 

There are indications that some types of electropollution directly de- 
crease the efficiency of the heart. Several research groups in Poland, the 
Soviet Union, Italy, and the United States have studied pulse, elec- 
trocardiogram, blood pressure, and reserve capacity (the heart's ability to 
handle exertion) in animals. Microwaves and 50-hertz electric fields both 
produced similar changes that persisted throughout long-term exposure. 
These included bradycardia (decreased pulse), a huge reduction (40 to 50 
percent) in the strength of the electrical impulses governing contraction 
of the heart muscle, a decline in reserve capacity, and a short-term rise 
followed by a long-term fall in blood pressure. In general, these decre- 
ments occurred in both "domestic" (0.5 volts per centimeter) and "in- 
dustrial" (50 volts per centimeter or more) electric fields and at 
microwave power densities of 150 microwatts, well within the amount 
received by many people from radar beams and microwave ovens. 

In humans, confirmatory evidence for these effects comes from several 
Russian studies of workers in high-voltage power station switchyards. In 
the first such group examined, forty-one of forty-five had some sign of 

nervous or cardiovascular disease, including bradycardia, instability of 

pulse and blood pressure, and tremors. The same health problems were 

found in four additional studies of nearly seven hundred more workers. 
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The only comparable American study is much quoted for its failure to 
find consistent health damage in a mere eleven power-line maintenance 
workers. 


Growth Systems and Immune Response 


Given the results presented so far and the dynamics of life's connection 
to the earth's field, we can now make several predictions about the 
effects of ELF pollution. The most important aspects of the natural elec- 
tromagnetic field for the biological timing systems are the lunar circa- 
dian rhythm and the micropulsations of 0.1 to 35 hertz. It seems logical 
that cells will perceive frequencies close to normal more readily than 
those further removed from the norm. Therefore we can postulate that 
the ELF band from 35 to 100 hertz would be the most damaging, while 
higher frequencies might go more or less unnoticed until the energy 
injected into cells became intense or prolonged enough to be significant. 
The accumulating evidence supports this idea. 

Based on this notion, we can predict two major ELF effects that 
would encompass many others. We can expect the abnormal signals to 
disrupt biocycles. Such disruption would trigger the generalized stress 
response even if the EMR-induced changes in brain neurotransmitters 
were only an effect and not a cause of the stress reaction. In addition, the 
wrong timing signals would likely throw off the mitotic cycle time of 
every cell, interfering with growth processes throughout the body. 

Although any number of factors can trigger the adrenocortical stress 
reaction, the response itself is always the same. It involves the release 
from the adrenal glands of specific hormones, mainly the corticosteroids, 
which in tum mobilize the body against invading germs or foreign pro- 
teins. Thus the stress response always activates the immune system. 

Short exposures to stress aren't necessarily harmful and may even be 
healthy. In fact, the Soviet work on microwave stress has disclosed a 
brief period of increased immune-system competence at very low inten- 
sities (under 10 microwatts). However, when an organism must face a 
continual or repeated stress, the response system enters the chronic 
phase, during which resistance declines below normal and_ eventually 
becomes exhausted. Several well-known diseases, such as peptic ulcer 
and hypertension, result directly from this stage, but the most impor- 
tant result is a decrease in the body's ability to fight infection and 
cancer. 

The trouble is that the immune system is geared to fight tangible 
invaders—bacteria, viruses, toxins, and misbehaving cells of the body 
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itself—or such consciously detectable stresses as heat, cold, or injury. It 
includes a system of circulating antibodies by which specialized cells 
recognize the intruder. The cells controlling this phase, which is called 
humoral immunity, then select appropriate defenders from an array of 
other types, each programmed for a certain function, such as digesting 
bacteria, clearing away cellular debris, or neutralizing poisons. Elec- 
tromagnetic energy isn't consciously perceived, however. It tricks the 
immune system into fighting a shadow. Thus we can predict that, just 
like a fire company answering a false alarm, the body will be less able to 
fight a real fire. 

Experiments bear out this supposition. Impaired immune response has 
been found at many frequencies. Several groups of Soviet researchers 
have found a decline in the efficiency of white blood cells in rats and 
guinea pigs after the animals had been exposed to radio waves and mi- 
crowaves. Most of these experimenters checked for immune system dis- 
ruption only up to power densities of about 500 microwatts, one 
twentieth of the nominal American safety standard. Multiple dangers 
from higher levels are already considered proven in the Soviet Union. 

As predicted, however, the most dramatic reported effect on immune 
response has been produced by ELF fields. During his systematic study 
of 200-gauss, 50-hertz magnetic fields, Yuri N. Udintsev found that the 
concentration of bacteria needed to kill mice in such an environment was 
only one fifth that needed without the field. 

When considering resistance to illness, we must also account for the 
effect of electromagnetic energy on the disease itself, a factor that has so 
far been all but ignored. Virtually the only evidence to date is a disturb- 
ing piece of work by Yu. N. Achkasova and her colleagues at the Cri- 
mean Medical Institute in Simferopol. In 1978 they reported the results 
of exposing thirteen standard strains of bacteria—including anthrax, ty- 
phus, pneumonia, and staphylococcus—to electric and magnetic fields. 
After accounting for magnetic storms, ionospheric flux, passage of the 
interplanetary magnetic-field boundaries, and other variables, they found 
clear evidence that an electric field only slightly stronger than earth's 
background stimulated growth of all bacteria and increased their re- 
sistance to antibiotics. The magnetic fields inhibited the growth of the 
germs but in many cases still enhanced their resistance to antibiotics. 
Achkasova concentrated on frequencies between 0.1 and 1 hertz, so the 
survey was far from complete, but perhaps the most important finding 
was that every field tested had an effect, even after one four-hour ex- 

posure. In many cases longer exposure produced permanent changes in 

bacterial metabolism. 





AND THE 


KEMETIC ANKH 








294 The Body Electric 

The admittedly sketchy evidence to date suggests that our elec- 
tropollution is presenting us, and perhaps all animals, with a double 
challenge: weaker immune systems and stronger diseases. We shouldn't 
be surprised, then, at an onslaught of "new" ailments, beginning about 
1950 and accelerating toward the future. In several cases, new maladies 
have recently been described as coming from pathogens that previously 
weren't capable of inducing disease, and this, too, shouldn't surprise us. 
Among the newcomers are: 

Reye's syndrome. First described in 1963, this condition begins with 
severe vomiting as a child is recovering from the flu or chicken 
pox. It then progresses to lethargy, personality changes,  con- 
vulsions, coma, and death. The mortality rate, initially very high, 
has now been reduced to about 10 percent, but the incidence has 
increased greatly. 

Lyme disease. A virus disease carried by certain insects, it produces 
severe arthritis in humans. It's one of several similar illnesses that 
have appeared only recently. 

Legionnaire's disease. This is a pneumonia caused by a common soil 
bacterium that has found a second home in_ air-conditioning sys- 
tems. The organism caused us no _ recognized problems before the 
initial outbreak in Philadelphia in 1976. 

AIDS. Autoimmune deficiency syndrome is a _ condition in which 
the body's immune system fails completely and its owner often 
dies. The patient is unable to resist common, otherwise harmless 
bacteria and viruses, and can no longer suppress the seeds of can- 
cer that reside in all of us. At present, some sort of virus is sus- 
pected as the precipitating cause. 

Herpes genitalis. This disease isn't new, but its prevalence and severity 
have increased tremendously in one decade. Sexual permissiveness 
generally takes the blame, but a decline in immunocompetence may 
be more important. 

Certainly there are additional factors that may be contributing to the 
rise of these and other new illnesses. Chemical pollution and the preva- 
lence of junk food are two of the most obvious. However, these diseases, 
as well as cancer, birth defects, and the other growth problems described 
below, are on the increase throughout the industrialized world. So are 
some of the major psychological diseases, such as depression and com- 
pulsive use of all types of drugs, from caffeine, nicotine, and alcohol to 
prescription tranquilizers and the illegal euphoriants, Although heart- 
attack death rates have declined in the last five years (for no known 
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reason), they're still far higher than before World War II. These diseases 
exist at more or less the same rates in countries whose chemical toxicity, 
eating habits, and styles of life are widely divergent. However, the mas- 
sive use of electromagnetic energy is a common denominator uniting all 
of the developed nations. In particular, the entire North American 
continent, Western Europe, and Japan generate such strong 50- and 60- 
hertz fields that they can be sensed by satellites in space. The popula- 
tions of these areas are continuously bombarded by these ELF fields. 

Disruption of the biocycle timing cues must inevitably make it harder 
for the body to regulate the mitotic rate of its cells. The major exception 
to the "no effect" assurances in the NAS Sanguine-Seafarer report was 
unignorable evidence that 75-hertz fields lengthened the mitotic cycle 
and hindered cell respiration of the slime mold used in standard tests of 
cellular growth. The same effects were seen regardless of field strength. 
Hence we should expect that ELF pollution would foster diseases in 
which growth processes go awry. 

Indeed there has been an alarming increase in such problems. Cancer 
is hardly a novel illness, but its prevalence is new. In the mid-1960s 
roughly a quarter of the U.S. population could expect to develop it. By 
the mid-1970s, that figure had risen to one third, and it's now even 
higher. The incidence of birth defects has doubled in the past quarter 
century. There has been a similarly rapid rise in infertility and other 
reproductive problems. 

Rarer defects of cell division may be on the increase as well, expecially 
among workers exposed by occupation to high levels of electromagnetic 
energy. Pathologist Hylar Friedman of the Army Medical Center in El 
Paso reported in 1981 that radar technicians were three to twelve times 
more likely than the rest of the population to get polycythemia, a rare 
blood disorder characterized by production of too many red blood cells. 
Such relationships are hard to confirm statistically, however, in diseases 
affecting small numbers of people. We need direct experimental evi- 
dence and large-scale studies on the widespread disorders. Both are now 
available. 

Back in 1971, two more Soviet researchers, S. G. Mamontov and L. 
N. Ivanova, reported that industrial-strength 50-hertz electric fields tri- 
pled the mitotic rate of liver and cornea cells in mice. Soon afterward, 
Bassett and Pilla published empirical evidence that pulsed EMFs acceler- 
ated the healing of bone fractures. For the most part, however, concrete 
evidence that time-varying fields could affect cell division was slow in 

coming. 
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That situation has changed in the last few years. Several experi- 
menters, notably Stephen Smith, have now proven that the Electro- 
biology bone-healing device, using 15 pulse-bursts per second, speeds 
up the division rate of cells that are already proliferating rapidly. Among 
normal cells, this includes skin, gut, and liver cells. In 1983, A. R. 
Liboff, a biophysicist at Oakland University in Rochester, Michigan, 
reported on the effects of a more inclusive set of parameters. Magnetic 
fields of 0.2 to 4 gauss, vibrating at 10 to 4,000 hertz, all enhanced the 
replication of DNA during the S (synthesis) phase of mitosis. 

As predicted, the interaction appears to be greatest between 35 and 
100 hertz. Jose M. R. Delgado—the flamboyant advocate of a "psycho- 
civilized" society through mind control, who has publicized direct elec- 
trical stimulation of the brain by such displays as stopping a charging 
bull in its tracks with a radio impulse transmitted to an implanted elec- 
trode—recently reported results of a genetic study of magnetic fields at 
three frequencies. Delgado placed chick embryos in minuscule magnetic 
fields pulsed at 10, 100, and 1,000 hertz. He used fields of only 0.001 
gauss, or roughly the strength of the earth field's micropulsations. 
Chicks exposed to the 10-hertz fields were normal, but those dosed at 
100 hertz developed severe defects of the central nervous system. The 
highest frequency also yielded abnormalities, but they were much less 
severe. Higher intensities are common in homes, in offices, and near 
power lines. The Navy has found stronger fields near its 76-H3 ELF 
antenna and reradiated at that frequency from a power line a mile away. 

It's important to bear in mind that, in stimulating DNA synthesis, 
an electromagnetic field doesn't distinguish between desirable and un- 
desirable growth. It affects all cells in the same way, but cell systems 
that are already rapidly dividing are speeded up the most. As we've seen 
in earlier chapters, these susceptible processes include healing, em- 
bryonic growth, and cancer.* In fact, a researcher working on the New 
York State Department of Health's power line project, Wendell Winters 
of the University of Texas Health Sciences Center in San Antonio, re- 
cently reported some of the first laboratory evidence that power frequen- 
cies can accelerate malignant growth. Winters exposed human cancer 
cells to 60-hertz electromagnetic fields for just twenty-four hours, and 
found a sixfold increase in their growth rate seven to ten days later. 


*Only the magnetic component appears to accelerate healing in any way. Power- 
frequency electric fields severely retard fracture healing in rats, as Andy Marino, Jim 
Cullen, Maria Reichmanis, and I proved with a series of experiment in 1979. This work 
was confirmed the following year by R. D. Phillips in a study done for a Department of 
Energy review of transmission line bioeffects. 
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Moreover, the perturbation of normal cell-cycle time is enhanced if 
nuclear magnetic resonance (NMR) is induced in the atoms of the DNA 
molecules. In simplified terms, nuclear magnetic resonance is present 
when the magnetic fields around atomic nuclei are induced to vibrate in 
unison. The phenomenon requires two external magnetic fields, one 
steady and one pulsating. For every chemical element, the oscillating 
field at a specific frequency will induce resonance within the steady-state 
field at a certain strength. 

In 1983 a research team under A. H. Jafary-Asl showed that the 
earth's magnetic background could serve as the steady field, while the 
harmonics of power line frequencies could produce a time-varying field 
that would induce nuclear magnetic resonance in at least two common 
atoms of living tissue—potassium and chlorine. Other elements might 
also be susceptible to the effect. Bacteria and yeast cells exposed to these 
NMR conditions doubled their rate of DNA synthesis and _ proliferation, 
but daughter cells were half size. Liboff, analyzing contradictory studies, 
found that the contradictions disappeared when he calculated resonance 
conditions for the earth's field where each test was done. Previous work 
must now be reinterpreted as one vast experiment in adding new fre- 
quencies to the varying background. 

Almost all experimenters to date have tested the response of organ- 
isms to a single specific frequency and intensity. This approach was 
needed in the beginning to provide a basic level of knowledge, but it's 
far removed from everyday life, in which we're all exposed to many 
frequencies simultaneously. A synergism between electromagnetic en- 
ergy and radioactivity has already been suggested by the fact that cancer 
rates among nuclear power plant workers are higher than was predicted 
solely by the higher levels of ionizing radiation in their environment. 
Nuclear power plants abound in multifrequency radio waves and other 
electromagnetic radiation. In addition to inducing NMR in the building 
blocks of living cells, multiple frequencies may likewise interact syn- 
ergistically to yield biohazards greater than the sum of their individual 
dangers. 

Animal experiments on the risk of cancer and birth defects from elec- 
tromagnetic energy arc scarce, even in the USSR. The little work that 
has been done was mostly on microwaves. The only well-known Amer- 
ican laboratory study of birth defect dangers used pulsed radio waves and 
found numerous mutations in fruit fly offspring. In 1976 a Russian 

group dosed rats with 50 and 500 microwatts for one to ten days. When 

they then studied somatic (nongenital) cellls from the animals, they 
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found chromosome defects in astounding numbers. At the higher power 
density there were five times as many as in the controls, and even at the 
lower intensity the number continued to increase (to 150 percent of the 
normal value) for two weeks after the beams were turned off. 

A 1979 study directed by Przemyslaw Czerski of the National Re- 
search Institute of Mother and Child, in Warsaw, documented increased 
numbers of damaged chromosomes in the sperm of mice exposed one 
hour a day for two weeks to microwave intensities ranging from 100 
microwatts up to the American safety standard of 10,000 microwatts. 
An even more discomfiting set of data came from a mid-1970s Russian 
experiment in which female mice were subjected to small power densi- 
ties, 10 to 50 microwatts. Throughout this range there was a decrease in 
the number and size of litters and an increase in developmental problems 
among the newbom animals. The rate of stillbirths jumped from 1.1 
percent at the lowest intensity to 7 percent at the highest. 

Alas, human beings are the main experimental animals in this line of 
research. Those who contend microwaves pose no danger often quote a 
survey of twenty thousand Korean War veterans completed in 1980 by 
C. D. Robinette and others for the NAS-National Research Council's 
Medical Follow-up Agency. Comparing VA medical records of radar 
technicians and others heavily exposed to microwaves with the records of 
controls, this group found no increase in the death rate. This finding 
can't be relied on, however. Most of the controls were radar operators, 
who are exposed to some radiation from radar beams as well as from 
their consoles. Thus the presumption that they absorbed negligible 
amounts of EMR just doesn't hold water. In the last few years more 
reliable epidemiological studies have appeared, showing increased rates 
of cancer and birth defects among people exposed to higher-than-average 
levels of electromagnetic energy. 

Since microwave broadcasts for television and telephone relays must 
be in a line of sight to the receivers, there are only a few suitable high 
locations for the transmitters near each city. Of necessity there's an 
above-normal concentration of ELF fields and microwave spilloff in that 
area, possibly leading to a destructive synergism as outlined above. 
Moreover, since TV is aimed at an audience and phone relay beams at 
the next station, corridors are set up within which people get more than 
their share of microwaves. 

Sentinel Heights, seven miles from downtown Syracuse, is one such 
transmitter hill. Slightly more than a thousand people live there. From 
1974 to 1977 I learned of seven cases of cancel in that area. They were 
divided into two clusters, in two microwave corridors separated by a 
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shadow zone. This is 55 percent more than the 4.5 cases statistically 
expected for this population, and there may have been more cases I 
didn't know about. Obviously, in such a small and unscientific sample 
the results could have been due to chance, but the ominous implications 
demanded some more extensive surveys. 

The first one came in 1979, when Nancy Wertheimer and Ed Leeper 
of the University of Colorado Medical Center in Denver published a 
study of childhood cancer and power lines. The researchers studied 344 
deaths from childhood cancer between 1950 and 1973. The address of 
each of the victims was paired with the address of the next baby born in 
the area, to provide a matched series of controls. If the family had 
moved before the death, both birth and death addresses were used in 
the experimental group. The wiring of each house and its distance from 
the nearest transformers were studied. It proved possible to divide the 
houses into two groups: those with high-current wiring configurations 
producing strong magnetic fields, and those wired in a low-current ar- 
rangement producing much weaker magnetic fields. After certain other 
variables—such as economic class, family risk patterns, traffic, and ur- 
banization differences—were factored out, the childhood death rate from 
leukemia, lymph node cancer, and nervous system tumors in the high- 
current homes was more than double the rate in low-current homes. 

Three years later S. Milham, director of occupational health and safety 
for the state of Washington, found that adults who worked in strong 
electromagnetic fields also had a leukemia incidence significantly higher 
than the norm. The link appeared in statistics for generating-station 
operators, high-voltage-line maintenance workers, aluminum smelters, 
and several other categories of laborers. 

Besides the investigation itself, another thing was noteworthy about 
Milham's paper: the reaction of the scientific establishment. Another 
paper quickly appeared in the same periodical, the New England Joumal of 
Medicine, citing many other studies to prove Milham wrong. However, all 
of them involved controlled exposure to microwaves alone, while the jobs 
studied by Milham were in the real world, where microwaves and power- 
frequency fields mix. The editors declined to publish my letter pointing 
out this obvious flaw in the critique, but still it was momentous that such 
a prestigious publication ran Milham's paper at all. 

Soon confirmatory reports appeared. Wertheimer's and Leeper's _ find- 
ings were duplicated in Stockholm by a group who correlated childhood 
leukemia with actual measurements of magnetic fields. The strongest 

statistical link was found with 200-kilovolt power lines running within 

200 yards of the stricken child's home. Milham's work was vindicated 
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by surveys in Los Angeles and Great Britain. Wertheimer herself ex- 
tended her observations to adults and found the same highly significant 
connection between high-current wiring and various cancers, especially 
leukemia. 

Radar beams (composed of pulsed microwaves) have the highest power 
densities of any EMR source. In the laboratory, both radio frequency and 
microwave radiation have been shown to change the gateway-barrier 
function of cell membranes, upset hormone balances, and induce chro- 
mosome defects, all of which are factors in malignant growth. However, 
there have been few attempts to directly assess radar's potential role in 
human cancer. 

John R. Lester and Dennis F. Moore of the University of Kansas 
School of Medicine in Wichita have recently done so. Wichita was an 
ideal location for such an inquiry. It had two airports with radar towers, 
but few other major sources of electropollution. Its chemical environ- 
ment was also quite clean as cities go. Lester and Moore plotted the 
cancer incidence for the whole city and found it was highest where the 
residents were exposed to both radar beams. It was lower where only one 
beam penetrated, but lowest where the population was fully shielded 
behind hills. The results held up when other factors, such as age, pov- 
erty, sex, and race, were statistically balanced as far as possible. The 
authors noted one apartment house whose cancer death rate was twice 
that of the area's nursing homes; its upper floors were in direct line with 
both radar beams. 

Heart attack rates in North Karelia and Kuopio, Finland, became the 
highest (and most swiftly increasing) in the world within a few years 
after the Soviets installed a gigantic over-the-horizon radar complex that 
bounced microwaves off the surface of Lake Ladoga and through these 
parts of southeastern Finland. These are rural districts whose way of life 
is built on outdoor labor rather than the sedentary indoor stresses gener- 
ally associated with heart disease. Noting that cancer rates had also risen 
precipitously in the region, Lester and Moore went on to investigate 
statistics for American counties having Air Force bases. These counties 
had a significantly higher percentage of cancer deaths than other coun- 
ties, even though radar towers from commercial airports inevitably must 
have smoothed out the data and made the difference less striking. 

The study of human genetic defects from electromagnetic energy is 
still in a primitive stage. In the case of microwaves, this situation is 
largely due to obstruction by military and government agencies. Even in 

World War II, rumors of radar-induced sterility were so rampant that 
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sailors often gave themselves "treatments" before shore leave. The first 
scientific evidence of reproductive effects didn't come until 1959, when 
John H. Heller and his co-workers at the New England Institute for 
Medical Research in Ridgefield, Connecticut, found major chromosome 
abnormalities in garlic shoots irradiated with low levels of microwaves. 
They soon found the same changes in mammalian cells, as well as the 
fruit fly mutations mentioned above. Their work in this direction ended 
about 1970 due to lack of funds. 

In 1964 a group of researchers studying Down's syndrome at the 
Johns Hopkins School of Medicine, after linking the malady to excess X 
rays given to pregnant women, found an unexpected further correlation 
with fathers working near radar. It was a full decade before any money 
was allocated to follow up this finding, and, while the link between 
parental radar exposure and Down's syndrome wasn't substantiated, 
higher-than-normal numbers of chromosome defects were found in the 
blood cells of radarmen. 

By this time an Alabama professor of public health had found an 
apparent surge in birth defects among children of radar-exposed Army 
helicopter pilots. In 1971 Dr. Peter Peacock noted that there had been 
seventeen children born with clubfoot within a sixteen-month period at 
the Fort Rucker, Alabama, base hospital. Statistically, there should have 
been no more than four. 

Working through two federal agencies and two private research foun- 
dations, Peacock and others tried for five years to follow up this disturb- 
ing news, only to be thwarted by some clever tactical moves by the 
Army. Refusing to release work records, medical files, and radar inspec- 
tion records on grounds of "privacy" and "national security," officials of 
the Army Medical Research and Development Command managed to 
prevent all but two reassessments of Peacock's original data for several 
years. They stalled separate research proposals sponsored by the Environ- 
mental Protection Agency and the Food and Drug Administration's Bu- 
reau of Radiological Health without ever letting on to one agency that 
they were dealing with the other. As the coup de grace, the Army 
agreed to supply the FDA group with a survey of radar transmitters in 
the Fort Rucker area. The officers fobbed off on the unwitting civilians a 
deceitfully sketchy map showing only one major radar installation at the 
base, whereas an official Army report made at the time of the observed 
birth defects showed nineteen such emitters. Throughout the Vietnam 
War thousands of helicopter trainees had each spent months flying 
through the resultant microwave haze. Much of their training consisted 

of homing right down the beams to within a few dozen yards of the 
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source in TH-13 Bell copters whose Plexiglas bubbles left them naked to 
microwaves. 

The Fort Rucker affair and many other instances of military-govern- 
mental sabotage of health effects research on microwaves have been im- 
peccably documented in New Yorker reporter Paul Brodeur's 1977 book, 
The Zapping of America. In the early 1970s, for example, follow-up to a 
preliminary finding of excess Down's syndrome among children of 
Seattle airline pilots was first supported by the local chapter of the 
Air Line Pilots Association, then opposed due to pressure from the na- 
tional level. 

The stonewalling continues. Grants for serious consideration of elec- 
tropollution's dangers have been cut to a trickle in the United States, 
but some findings continue to emerge, especially from other countries. 

A 1976 survey of Hydro-Quebec's  generating-station electricians 
showed a drastic change in the gender ratio of children born after one of 
the parents began work in the high-EMF environment. Before, boys and 
girls had been born in equal numbers; afterward, there were six times as 
many males as females. A 1979 study of Swedish high-voltage substa- 
tion workers showed lower birth rates and an 8-percent incidence of 
genetic defects in offspring, as compared with 3 percent among children 
of a control group. The finding was confirmed in 1983. Since most of 
the exposed electrical workers were men, the damage apparently was 
done during sperm formation. Most recently, in May 1984, Nancy 
Wertheimer presented evidence of a statistical correlation between use of 
electric blankets, which emit powerful EMFs, and the occurrence of 
birth defects. 

Among the most serious recent data are those concerning video display 
terminals (VDTs). There have been alarming numbers of miscarriages, 
stillbirths, and birth defects among pregnant women working in newly 
computerized offices. In one year at the Dallas office of Sears, Roebuck and 
Company, for example, only four of twelve pregnancies ended normally. 
Among twelve pregnant VDT workers at the Defense Logistics Agency in 
Marietta, Georgia, there were seven miscarriages and three cases of con- 
genital defects. Four VDT operators in the Toronto Star's classified-ad 
department gave birth to deformed children, while three co-workers who 
didn't work with VDTs had normal babies. These anomalies must be 
compared with the normal 15-percent incidence of spontaneous abortion 
and the 3-percent rate of serious birth defects among the population at 
large. Writing in Microwave News, an independent newsletter covering 
nonionizing radiation, in 1982 editors Louis Slesin and Martha Zybko 

reported on eight such clusters, and workers' groups have documented 
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several others, but still there has been no attempt at a large-scale statis- 
tical study to check the oft repeated claim that these are just coinci- 
dences. 

Two studies are widely quoted as disproving harmful effects from the 
machines. In 1977, when two New York Times copy editors developed 
radiation-induced cataracts after less than a year at their new screens, the 
National Institute of Occupational Safety and Health (NIOSH) tested a 
few machines and, finding that X-ray emissions were within the half- 
millirem-per-hour standard for work exposure, concluded there was no 
link to the health problems. Unfortunately, the agency didn't ade- 
quately measure nonionizing radiation, gave contradictory data as to the 
sensitivity of its own instruments, and failed to test malfunctioning moni- 
tors, which are known to emit larger amounts of X rays. Nor is there 
any assurance that the X-ray exposure standard is adequate, since it was 
formulated for a much smaller group of workers (mainly nuclear techni- 
cians and uranium miners), whose health is continuously monitored in a 
way that that of VDT operators is not. Furthermore, the NIOSH in- 
vestigators noted an enormous microwave reading of 1,000 microwatts 
in one of the Times offices, without even bothering to find out where it 
was coming from! 

Press releases claimed a mid-1983 National Academy of Sciences re- 
view would allay the fears once and for all, proving VDTs to be risk 
free. However, a reading of the text showed a different picture. While 
the authors played down reports linking birth defects and eye problems 
to VDT radiation, they admittedly failed to find any research adequate 
to answer the health questions one way or the other. 

According to the sketchy data available, all VDTs (which of course 
include video games and televisions as well as computer monitors) emit 
varying amounts of radiation over a broad spectrum. The transformers 
release VLF and ELF waves, while microwaves, X rays, and ultraviolet 
emanate from the screen. Poorly adjusted or malfunctioning terminals 
can emit enormous amounts; two machines tested in the offices of Long 
Island's Newsday, for example, were producing 15,000 microwatts of 
radio energy. There's no information whatever on the synergisms that 
may operate amid this varied radiation over long periods of time, but I 
suspect that the birth defects are primarily due to the ELF component. 
Meanwhile, the only American "research" on the problem continues 
to be the daily lives of our 10 million or more console operators. Despite 

the reassurances, at least a third to a half of the workers continue to 

suffer hea daches, nausea, neck and back pain, and vision impairment. In 

fact, a 1983 survey of eleven hundren UPI employees conducted by 
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Arthur Frank, then at New York's Mount Sinai School of Medicine, 
suggested that VDT users lose so much time due to eye problems and 
neck pain that the effects may become a major drain on the economy by 
the end of the decade. 

Some of the complaints undoubtedly arise from postural strains and 
lighting defects in the notoriously ill-designed work areas where many 
VDTs are used. They could be prevented by more frequent breaks and 
some sympathetic attention to human engineering. The birth defects 
and cataracts probably won't disappear so easily, however. Certainly 
pregnant women should be allowed temporary reassignment without loss 
of pay, a right already accepted in much of Western Europe and recently 
put into law in Ontario. That won't protect sperm cells and unfertilized 
eggs, however. Regular maintenance and a lead-impregnated glass or 
acrylic screen (such as is used in nuclear power plant windows) can vir- 
tually eliminate ionizing radiation, but screen-generated microwaves re- 
quire a transparent shield that still conducts electrical energy—a 
product that doesn't yet exist. Some frequencies of EMR are easy to 
block simply by using metal cabinets instead of the cheaper plastic ones, 
but VLF and ELF waves require grounded shielding. All these preven- 
tive measures are expenses that most manufacturers and managers have 
been loath to accept; until they do, workers will be paying the entire 
price. 

The dangers of electropollution are real and well documented. It 
changes, often pathologically, every biological system. What we don't 
know is exactly how serious these changes are, for how many people. The 
longer we, as a society, put off a search for that knowledge, the greater 
the damage is likely to be and the harder it will be to correct. Mean- 
while, one of the few honest statements to emerge from the Nixon 
administration, a warning issued by the President's Office of Telecom- 
munications Policy in 1971, continues to bleed through the whitewash: 
"The population at risk is not really known; it may be special groups; it 
may well be the entire population. . . . The consequences of undervalu- 
ing or misjudging the biological effects of long-term, low-level exposure 
could become a critical problem for the public health, especially if ge- 
netic effects are involved.” 


Conflicting Standards 


The establishment Attitude toward EMR's health effects derives largely 
from the work of Herman Schwan. An engineer who had been a pro- 
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fessor at the Kaiser Wilhelm Institute of Biophysics in Germany during 
most of the Nazi era, Schwan was admitted to the United States in 
1947, soon accepted a post at the University of Pennsylvania, and since 
then has done most of his research for the Department of Defense. 

Like infrared radiation, radio waves and microwaves produce heat 
when they're absorbed in sufficient quantity. Although not a_ biologist, 
Schwan assumed this heating was the only effect EMR would have on 
living tissue. In this respect he considered living things no different 
from the hot dogs that World War II radarmen used to roast in their 
microwave beams, so cooking was the only harm he foresaw. Schwan 
then estimated danger levels based on how much energy was needed to 
measurably heat metal balls and beakers of salt water, which he used to 
represent the size and presumed electrical characteristics of various ani- 
mals. 

Appreciable heating occurred in these models only at levels of 
100,000 microwatts or above, so, incorporating a safety factor of ten, 
Schwan in 1953 proposed an exposure limit of 10,000 microwatts for 
humans. By showing soon afterward that it took more than this inten- 
sity to cause burns in real animals, Sol Michaelson seemed to have con- 
firmed the safety of "nonthermal" dosages. No one tested for subtler 
effects, and the 10,000-microwatt level was uncritically accepted on an 
informal basis by industry and the military. In 1965 the Army and Air 
Force formally adopted the Schwan limit, and a year later the industry- 
sponsored American National Standards Institute recommended it as a 
guideline for worker safety. 

There were persuasive economic reasons why the 10,000-microwatt 
standard was and still is defended at all costs. Lowering it would have 
curtailed the expansion of military EMR use and cut into the profits of 
the corporations that supplied the hardware. A reduced standard now 
would constitute an admission that the old one was unsafe, leading to 
liability for damage claims from ex-Gls and industrial workers. One of 
the strongest monetary reasons was given in a 1975 classified summary 
of the DOD's Tri-Service Electromagnetic Radiation Bioeffects Research 
Plan: "These [lower] standards will significantly restrict the military use 
of EMR in a peacetime environment and require the procurement of 
substantial real estate around ground-based EMR emitters to provide 
buffer zones." The needed real estate was estimated to be 498,000 acres. 
The price of this much land would surely run well into the billions of 
dollars. 

Even before it was adopted, there were indications that the standard 

might be inadequate. During the obligatory fight for compensation in 
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the face of callous official denials of responsibility, an interesting discov- 
ery was made by Thomas Montgomery, a former civilian technician 
working for the Army Signal Corps, who is now blind, deaf, and crip- 
pled because of a massive accidental exposure to a radar beam in 1949. 
In one of the files opened by his suit, Montgomery found a document 
proving that in the late 1940s the Institute of Radio Engineers had 
formulated more conservative safeguards that included methods for pre- 
venting accidents like the one that had incapacitated him. (He'd been 
repairing a transmitter when a co-worker, not knowing he was standing 
in front of the wave guide, turned it on. Since the microwaves were 
imperceptible, Montgomery didn't know he was being irradiated until it 
was too late.) Leaders of the military-industrial electronics community 
chose not to promulgate these proposed regulations. 

There were other hints that all was not well. In 1952 Dr. Frederic G. 
Hirsch of the Sandia Corporation, a maker of missile guidance systems, 
reported the first known case of cataracts in a microwave technician. The 
following year Bell Laboratories, alarmed by reports of sterility and bald- 
ness among its own workers as well as military radar personnel, sug- 
gested a safety level of 100 microwatts, a hundred times less than 
Schwan's. Even Schwan has consistently maintained that his dosage limit 
probably isn't safe for more than an hour. 

In 1954 a study of 226 microwave-exposed employees at Lockheed's 
Burbank factory was reported by company doctor Charles Barron. He 
said there were no adverse effects, despite "paradoxical and difficult to 
interpret" changes in white blood cell counts, which he later ascribed to 
laboratory error, as well as a high incidence of eye pathology, which he 
determined was "unrelated" to radar. 

However, the safety standard had already become a Procrustean bed 
against which all research proposals and findings were measured. Grants 
weren't given to look for low-level hazards, and scientists who did find 
such effects were cut down to size. Funds for their work were quickly 
shut off and vicious personal attacks undermined their reputations. 
Later, when undeniable biological changes began to be noted from 
power densities between 1,000 and 10,000 microwatts,, the idea of "dif- 
ferential heating"—hot spots in especially absorptive or poorly cooled 
tissues—was advanced, as though this convenient explanation obviated 
all danger. Soviet research could easily be discounted because of its "cru- 
dity," but when nonthermal dangers were documented in America, mil- 
itary and industrial spokespeople simply refused to acknowledge them, 
lying to Congress and the public. Many scientists, who naturally wanted 
to continue working, went along with the charade. 
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from nuclear weapons tests. Throughout the 1950s there was "no cause 
for alarm," but twenty years later the Wyoming sheep ranchers' suit for 
compensation for fallout-damaged herds unearthed documents proving 
the responsible officials had known better at the time. Even the symbol 
of American military machismo may have fallen victim to the policy. 
John Wayne, as well as Susan Hayward and other cast members, died of 
cancer about two decades after making a movie called The Conqueror, 
which was filmed in the Nevada desert while an unexpected wind shift 
sifted radioactive dust down on them from a nearby test. 

Today the EMR deceit still proceeds. On August 2, 1983, Sol Mi- 
chaelson was quoted as saying some bioeffects had been observed in ani- 
mals and a few claimed in humans from intensities under 10,000 
microwatts, but "none of these effects, even if substantiated, could be 
considered hazardous or relevant to man'"—even though three years be- 
fore he'd co-authored a paper that reviewed previous evidence and added 
some of his own in support of the generalized stress response from mi- 
crowaves. 

The evidence had begun to come in over twenty years previously. 
John Heller's 1959 finding of chromosome changes in irradiated garlic 
sprouts and the 1964 Johns Hopkins correlation of Down's syndrome 
with parental exposure to radar were mentioned in the previous section. 
In 1961 a study was conducted on a strain of mice bred to be especially 
susceptible to leukemia and used to evaluate risk factors for that disease. 
Two hundred mice, all males, were dosed with 100,000 microwatts at 
radar-pulse frequencies for one year. An unusually high proportion of the 
animals—35 percent—developed leukemia during that time, and 40 
percent suffered degeneration of the testicles. Admittedly, this was a 
very high power density, but the mice were exposed for only four min- 
utes a day. The most disturbing part, however, is that the sponsor, the 
Air Force, cut off all funds for follow-up work, and to this day no Amer- 
ican research has adequately addressed this potential danger. 

In 1959 Milton Zaret, an ophthalmologist from Scarsdale, New York, 
began a study for the Air Force to see if there was any special risk to the 
eyes of radar maintenance men. He at first found none, because he'd 
geared the examinations to check the lens of the eye. A few years later, 
when several private companies referred to him microwave workers 
who'd developed cataracts, Zaret saw he'd made a mistake. Because the 
microwaves penetrated deeply into tissue, cataracts from them had de- 
veloped behind the lens, in the posterior capsule, or rear part of the 
elastic membrane surrounding the lens. At this point the Air Force 

again suddenly lost interest, but Zaret has doggedly pursued the matter 

in his own practice. Although military and industry people still deny 
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that nonthermal microwave cataracts exist, Zaret's work has proven 
beyond good-faith dispute that low doses exert a cumulative effect that 
eventually stiffens and clouds the posterior capsule. Surveys by others 
here and abroad have confirmed his conclusion. In fact, these behind- 
the-lens cataracts constitute a "marker disease" for sustained microwave 
exposure. Zaret has personally diagnosed over fifty clear-cut cases, many 
in airline pilots and air traffic controllers. 

In 1971 Zaret was involved in a projected five-year primate study for 
the Navy when he made the mistake of telling his overseers the disturb- 
ing news that one of the monkeys had died after a few hours' exposure to 
just twice the U.S. safety level. Within days Captain Paul Tyler "hap- 
pened to be in the area" of the Hawaii research facility and wanted Zaret 
to show him around. He left in about twenty minutes, having seen little 
of the equipment, and in a few days more the entire project had been 
canceled. 

The double-dealing has only made Zaret dig in his heels. Through the 
years he has been one of the few doctors willing to take on the govern- 
ment by testifying on behalf of plaintiffs filing claims for microwave 
health damage. At such proceedings one always runs into the same cast 
of characters speaking more or less the same lines. At one trial the ubiq- 
uitous Michaelson attacked Zaret's professional abilities, only to have 
later testimony reveal the embarrassing fact that Michaelson's mother 
owed the vision in one eye to the ophthalmologist's surgical skill. 

As we've already seen, there are many indications that EMFs and 
EMR weaker than the Schwan guideline have serious effects on growth. 
The 10,000-microwatt level was directly tested in 1978 by a group at 
the Stanford Research Institute. Pregnant squirrel monkeys and _ their 
offspring were irradiated. Of nine babies zapped in utero and/or after 
birth, five died within six months, compared with none in the control 
group. 

The U.S. safety standard would be grossly inadequate even if it was 
law. In actuality, although some businesses and military agencies have 
adhered to it, it has never posed any threat to those that have not. A 
federal court case decided in 1975 and upheld in 1977 defined it as an 
advisory or "should" guideline, which couldn't be enforced. Now, as per 
instructions dated March 17, 1982, Occupational Safety and Health Ad- 
ministration (OSHA) inspectors can no longer issue even meaningless 
citations to companies for exposing workers to more than the limit. 

The only actual regulation of public electromagnetic energy dosage 
pertains to microwave ovens. In 1970 the FDA's Bureau of Radiological 

Health stipulated that no oven should leak more than 1,000 microwatts 

at a distance of 2 inches when new, nor more than 5,000 after sale. Even 
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at that time, research suggested this was an unsafe level, a fact recog- 
nized by Consumers Union in 1973 when it recommended against the 
purchase of any brand. Leakage surveys have shown that all types put 
out an average of 120 microwatts near the door, while many emit much 
higher amounts. A worn seal or piece of paper towel stuck in the door 
can increase the user's exposure to well over the 5,000-microwatt level, 
according to Consumers Union tests. 

What amounts of electromagnetic energy do workers and the general 
public actually absorb? The levels vary greatly. Some antenna repairers 
receive up to 100,000 microwatts for minutes or hours during a job. 
Many factory workers are in the same bracket. From 1974 to 1978 
NIOSH surveyed eighty-two industrial plastic molders and sealers. Over 
60 percent exposed the operator to more than the Schwan limit, some to 
over 260,000 microwatts. Because of low wages for such work, nearly 
all sealer operators are women of childbearing age. NIOSH has esti- 
mated that some 21 million workers are exposed to some level of radio- 
frequency waves or microwaves as a direct result of their jobs. No metal 
shielding is provided for most workers in this country, although it's sold 
to other nations having better safety rules. 

At this time there's no way to estimate how much EMR people are 
getting away from their jobs, because the few readings that have been 
taken have measured only single sources and single frequencies. No one 
has yet surveyed our cities and countryside throughout the whole spec- 
trum from ELF to microwaves. All we know is that most people's daily 
exposure is high. Even the Environmental Protection Agency has esti- 
mated that if the Soviet off-the-job safety limit of 1 microwatt in the 
radio and microwave bands was adopted here, over 90 percent of our FM 
stations would have to be shut down. 

Table 1. Power Density at Various Distances from a 50,000 Watt 
AM Radio Station 


Distance Power Density Distance Power Density 
(feet) (microW/cm2) (feet) (microW/cm2) 
15 838 482 23 

29 284 663 12 

69 196 1571 2 

152 43 3280 1 

308 33 5760 0.3 


Note Data from R. Tell et al., "Electric and Magnetic Field Intensities and Associated 
Body Currents in Man in Close Proximity to a 50 kW AM Standard Broadcast Station," 
presented at Bioelectromagnetics Symposium, Seattle, 1979. 
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Table 2. EMF in Typical Tall Buildings 








City Location Power Density 
(microW/cm2) 
New York|102nd Floor, Empire|32.5 
State Building 





Miami 38th Floor, One | 98.6 
Biscayne Tower 





Chicago {50th Floor, Sears Building |65.9 





Houston |47th Floor, 1100|67.4 
Milam Building 








San Diego|Roof, Home Tower 180.3 














Note: Data from R. Tell and N. H. Hankin, Measurements of Radio Frequency Field 
Intensity in Buildings with Close Proximity to Broadcast Systems, ORP/EAD 78-3, U.S. 
Environmental Protection Agency, Las Vegas, 1978. 


Table 3. Power-Frequency Electric Fields of Household Appliances 
Measured at a Distance of One Foot 























Appliance Electric Field 
(V/m) 
Electric blanket 250 
Broiler 130 
Phonograph 90 
Refrigerator 60 
Food mixer 50 
Hairdryer 40 
Color TV 30 
Vacuum cleaner 16 
Electric range 4 
Light bulb 2 














Note: Data in tables 3 and 4 from Fact Sheet for the Sanguine System: Final Environmental 
Impact Statement, U.S. Navy Electronic Systems Command, 1972. 
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Table 4. Power-Frequency Magnetic Fields of Household Ap- 
pliances 











Range Appliance 

10-25 gauss Soldering gun 
Hairdryer 

5-10 gauss Can opener 


Electric shaver 
Kitchen range 





1—5 gauss Food mixer 
TV 





0.1-1.0 gauss Clothes dryer 
Vacuum cleaner 
Heating pad 





0.01-0.1 gauss Lamp 
Electric iron 
Dishwasher 














0.001 -0.1 gauss | Refrigerator 










BOSTON 29,300 
NEW YORK 49,100 
WASHINGTON 70,500 





CHICAGO 19,000 





p LOS ANGELES 7.000 ATLANTA ae 


MIAM! 29,900 


SOURCE. U.S. ENVIRONMENTAL PROTECTION AGENCY. 1978 
NUMBER OF PEOPLE IN CERTAIN CITIES EXPOSED TO RADIO AND TV 
SIGNALS ABOVE USSR SAFETY LEVEL 


Most city dwellers continuously get more than a tenth of a microwatt 
from television microwaves alone. This may be especially significant, 

because of the human body's resonant frequency. This is the wavelength 

to which the body responds "as antenna." Next to the ELF range, it's 

perhaps the region of the spectrum in which the strongest bioeffects may 
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be expected. The peak human resonant frequency lies right in the mid- 
dle of the VHF television band. 

Many people live in zones of higher-than-average risk. Levels rise 
steeply from 1 microwatt within half a mile of most radio stations. Near 
"antenna farms" like the forest of transmitters on Mount Wilson on the 
outskirts of Los Angeles, the densities can reach well into the thousands. 
They regularly go up to about 7 microwatts near microwave relay tow- 
ers, which are often placed in the center of towns. Exposure to 100 
microwatts is not uncommon within half a mile of military or airport 
radar towers. Office workers in tall buildings are often in direct line 
with microwave beams, whose intensities may reach 30 to 180 micro- 
watts, as measured in a recent EPA survey. CB radios and walkie-talkies 
bombard users, especially their heads and chests, with thousands of mi- 


crowatts. These figures, of course, represent only single sources, not the 
total exposure. 1,200 


1,500 


(IN MICROWATTS PER SQUARE CENTIMETER) 





420 


MICROWAVE EXPOSURE FROM WALKIE-TALKIE 


Although most people's absorption doesn't approach the Schwan 
guideline, it should be clear by now that the lower levels are little cause 
for comfort. Everywhere in Western nations, except in the most remote 
forests or deserts, the ambient energy from ELF power systems is several 
thousand times above the earth's background field strength, providing 
abundant interference with the biocycle timing cues. Moreover, the ac- 
cumulated research has clearly shown that small doses often have the 
same effects as larger ones. Ross Adey, who has intensively studied the 
"window effect,", in which a certain result is produced at some frequen- 
cies and power levels but not at others interspersed between the effective- 
ones, believes future research will reveal such windows at much lower 

levels, even at fractions of a microwatt. Indeed there has already been 
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one report of brain wave changes suggesting resonance of neural elec- 


trical currents with radio waves and microwaves down to a billionth of a 
microwatt. 3,720 








MICROWAVE EXPOSURE FROM A TYPICAL CB RADIO 


There's a chance of somewhat stricter rules in a few years. In 1982 the 
American National Standards Institute recommended that the  radio- 
wave safety level be lowered to 1,000 microwatts and the microwave 
level to 5,000. This was the first semiofficial admission that nonthermal 
effects do exist. Now several federal agencies have begun discussing a 
formal regulation. The most likely source is the Environmental Protec- 
tion Agency, but at last report the rumored EPA proposal of a 100- 
microwatt limit for the general public, which had been anticipated in 
late 1984, was abruptly and indefinitely postponed due to dissension 
within and pressure from outside the agency. 

A health-protecting federal standard with the force of law would have 
a major impact on both industry and government. Industry would expe- 
rience a decline in revenue and an increase in costs. Government, espe- 
cially the military, would be inconvenienced in a multitude of activities. 
Both would be subject to lawsuits for exposures and damages prior to 
establishment of the standard. In addition, we must understand that no 
amount of artificial EMR, no matter how small, has been proven safe for 
continuous exposure. Bioeffects have been found at the lowest measur- 

able doses. However, we must also understand that the greatest danger 

lies in uncontrolled exposure to large amounts of EMR at many overlap- 


Staffof Osiris — Staff of Dionysus ~~ fo 
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itm Pine Cone Pine Cone Stafiga 
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ping frequencies, and therefore a stringent standard with a definite time- 
table for phasing it in is the only way to protect the public health. 

Moreover, such action must come from Washington. New Jersey and 
Connecticut have recently adopted the ANSI standard, while in 1983 
Massachusetts enacted a much stricter one of 200 microwatts, which 
large areas of New York City already exceed considerably. Some commu- 
nities, recognizing that even a 100-microwatt level is too high, are 
beginning to set their own, lower, ones. Without realistic federal regula- 
tion we will end up with a totally unworkable patchwork. Suppose, for 
example, that the Air Force, from a base outside a town, operates a radar 
dome that produces illegal EMR levels inside it. Without federal direc- 
tion, that will become one more confused legal issue to be hammered 
out for years in already overburdened courts. 

All of the industrialized West is locked into a false position on elec- 
tropollution's risks. It's these countries that have made the maximum 
use of electromagnetism for power, communications, and entertainment. 
The Soviet Union and China, partly due to underdevelopment and war- 
time destruction, and partly by choice, have severely limited its use and 
the exposure of their civilians. 

Soviet scientists have consistently assumed that any radiation that 
doesn't occur in nature will have some effect on life. We've consistently 
made the opposite assumption. Throughout our recent history American 
regulators have followed a "dead body policy." They have extended no 
protection until there was proof of harm sufficient to overcome all decep- 
tion. There's no longer any question that, as far as electromagnetic en- 
ergy is concerned, we've been wrong and the Soviets have been right. 

In the 1950s, Russian doctors conducted extensive clinical exams of 
thousands of workers who had been exposed to microwaves during the 
development of radar. Having disclosed serious health problems, these 
studies weren't swept under the rug. Instead, the USSR set limits of 10 
microwatts for workers and military personnel, and 1 microwatt for oth- 
ers. Both levels are strictly enforced. When this first became known in 
the West in the early 1960s, instead of checking their assumptions 
many American scientists and administrators chose to believe this was 
Russian propaganda aimed at embarrassing us. 

By 1971, when they presented their work at a momentous conference 
in Warsaw, Zinaida V. Gordon and Maria N. Sadchikova of the USSR 
Institute of Labor Hygiene and Occupational Diseases had identified a 
comprehensive series of symptoms, which they called microwave sick- 
ness. Its first signs are low blood pressure and slow pulse. The later and 
most common manifestations are chronic excitation of the sympathetic 
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nervous system (stress syndrome) and high blood pressure. This phase 
also often includes headache, dizziness, eye pain, sleeplessness,  irri- 
tability, anxiety, stomach pain, nervous tension, inability to concen- 
trate, hair loss, plus an increased incidence of appendicitis, cataracts, 
reproductive problems, and cancer. The chronic symptoms are eventu- 
ally succeeded by crises of adrenal exhaustion and ischemic heart disease 
(blockage of coronary arteries and heart attack). 

The Soviet standards were set long before the dangers were this clear, 
however. The comparison is instructive. At a 1969 international sym- 
posium on microwaves in Richmond, Virginia, Dr. Karel Marha of 
Prague's Institute of Industrial Hygiene defended his findings on birth 
defects and recommended that the Eastem European standard be adopted 
in the West. Replying to objections that the dire predictions hadn't 
been proven beyond doubt, he said: "Our standard is not only to prevent 
damage but to avoid discomfort in people." 

Apparently this concern doesn't include Americans, for the Soviets 
have been bombarding our embassy in Moscow with microwaves for 
some thirty years. In 1952, at the height of the Cold War, there was a 
secret meeting at the Sandia Corporation in New Mexico between U.S. 
and U.S.S.R. scientists, allegedly to exchange information on_ biological 
hazards and safety levels. It seems the exchange wasn't completely re- 
ciprocal, or perhaps the Americans didn't take seriously what the Rus- 
sians told them; there have been other joint "workshops" since then, and 
each time the Soviets have sent people who publicly acknowledged the 
risks, while the American delegates have always been "no-effect" men. 
At any rate, soon after the Sandia meeting, the Soviets began beaming 
microwaves at the U.S. embassy from across Tchaikovsky Street, always 
staying well within the Schwan limit. In effect, they've been using em- 
bassy employees as test subjects for low-level EMR experiments. 

The strange thing is that Washington has gone along with it. The 
"Moscow signal" was apparently first discovered about 1962, when the 
CIA is known to have sought consultation about it. The agency asked 
Milton Zaret for information about microwave dangers in that year, and 
then hired him in 1965 for advice and research in a secret evaluation of 
the signal, called Project Pandora. Nothing was publicly revealed until 
1972, when Jack Anderson broke the story, and the U.S. government 
told its citizens nothing until 1976, in response to further news stories 
in the Boston Globe. According to various sources, the Russians shut off 
their transmitter in in 1978 or 1979, but then resumed the irradiation for 

several months in 1983. 

According to information given Zaret in the 1960s, the Moscow sig- 
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nal was a composite of several frequencies, apparently aiming for a syn- 
ergistic effect from various wavelengths, and it was beamed directly at 
the ambassador's office. Thus it may have been used at least partially to 
activate bugging devices, but it wasn't consistent with one of the other 
subsequent official American explanations—a jamming signal to disrupt 
the U.S. eavesdropping equipment on the embassy roof. 

The intensity isn't known for certain. When the State Department 
admitted the signal's existence, officials claimed it never amounted to 
more than 18 microwatts. However, although released Project Pandora 
records don't directly reveal a higher level and the relevant documents 
have allegedly been destroyed, research protocols aimed at simulating 
the Moscow signal called for levels up to 4,000 microwatts. 

In the mid-1960s published Soviet research indicated that such a 
beam would produce eyestrain and blurred vision, headaches, and loss of 
concentration. Within a few years other research had uncovered the en- 
tire microwave syndrome, including the cancer potential. 

By all accounts except the official ones, the Moscow bombardment has 
been highly effective. In 1976 the Globe reported that Ambassador Wal- 
ter Stoessel had developed a rare blood disease similar to leukemia and 
was suffering headaches and bleeding from the eyes. Two of his irradi- 
ated predecessors, Charles Bohlen and Llewellyn Thompson, died of can- 
cer. Monkeys exposed to the signal as part of Project Pandora soon 
showed multiple abnormalities of blood composition and chromosome 
counts. 

In January 1977, the State Department, under duress, announced re- 
sults of a series of blood tests on returning embassy personnel: a 
"slightly higher than average" white blood cell count in about a third of 
the Moscow staff. If 40 percent above the white blood cell counts of 
other foreign service employees (levels common to incipient leukemia) 
can be considered "slightly higher than average," then this technically 
wasn't a lie. The finding has been officially ascribed to some unknown 
microbe. Unfortunately, there's no such doubt about the veracity of ex- 
planations about some earlier research. As part of Project Pandora in the 
late 1960s, the State Department tested its Moscow employees for ge- 
netic damage upon their return stateside, telling them the inner cheek 
scrapings were to screen for those unusual bacteria. No results were ever 
released, and they're reportedly part of the missing files, but one of the 
physicians who conducted the tests was quoted by the Associated Press 
as saying they'd found "lots of chromosome breaks." The embassy staff 
had to learn this when the rest of us did - in the newspapers nearly a 
decade later. 
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The Russians themselves have never admitted the irradiation, and the 
Schwan guideline has put the American government in an embarrassing 
bind. In 1976 the State Department gave its Moscow employees a 20- 
percent hardship allowance for serving in an "unhealthful post" and in- 
stalled aluminum window screens to protect the staff from radiation a 
hundred times weaker than that near many radar bases. That same year 
the government gave Johns Hopkins School of Medicine a quarter of a 
million dollars to see if there was a link between the signal and "an 
apparently high rate of cancer" in the embassy (which wasn't confirmed). 
Nevertheless, although President Johnson asked Premier Kosygin at the 
1967 Glassboro talks to stop the bombardment, Washington has never 
had any formal basis to demand that it be stopped due to danger to the 
staff. That was apparently considered an acceptable risk in the protection 
of the lenient U.S. standard. 


Invisible Warfare 


The Soviets have led the way in leaming about the risks of electropollu- 
tion, and, as we have seen, they've apparently been the first to harness 
those dangers for malicious intent. However, the spectrum of potential 
weapons extends far beyond the limits of the Moscow signal, and Amer- 
icans have been actively exploring some of them for many years. Most or 
all of the following EMR effects can be scaled up or down for use against 
individuals or whole crowds and armies: 

The crudest of these armaments would be a sort of electromagnetic 
flamethrower with a greater range than chemical types. Dogs were 
cooked to death in experiments at the Naval Medical Research 
Institute as long ago as 1955, and high-power transmitters using 
short UHF wavelengths can severely burn exposed skin in seconds. 
Electromagnetic pulse (EMP) is a term’ designating the im- 
mensely powerful, near-instantaneous surge of electromagnetic  en- 
ergy produced by a nuclear explosion. It was first discovered in the 
late 1960s. The EMP from one detonation a few thousand miles 
above the earth would destroy all electrical systems throughout an 
entire continent. In the early 1970s new types of EMR _ generators 
emitting power levels on or twenty times higher than ever before 
were developed in in an effort to simulate EMP and help devise com- 
munications systems shielded from it. In 1973 these transmitters 

were described in an invitation-only seminar at the Naval Weap- 
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ons Laboratory in Dahlgren, Virginia, where their use for antiper- 
sonnel and _ anti-ballistic-missile energy beams was discussed. No 
information about their subsequent development has since been 
made public, and the difficulties of long-range missile tracking 
argue that ABM beams haven't yet become feasible, but there are 
no such difficulties in the way of EMR beam weapons for use 
against unshielded people. 

At some UHF power densities there's an insidious moth-to-the- 
flame allurement, which would increase such a_ weapon's’ effec- 
tiveness. As discoverer Sol Michaelson described it in 1958, each 
of the dogs used in his experiments "began to struggle for release 
from the sling," showing "considerable agitation and muscular 
activity," yet "for some reason the animal continues to face the 
horn." Perhaps as part of the same effect, UHF beams can _ also 
induce muscular weakness and_ lethargy. In Soviet experiments 
with rats in 1960, five minutes of exposure to 100,000 micro- 
watts reduced swimming time in an endurance test from _ sixty 
minutes to six. 

Allen Frey's discovery that certain pulsed microwave beams _in- 
creased the permeability of the blood-brain barrier could be turned 
into a supplemental weapon to enhance the effects of drugs, bacte- 
ria, or poisons. 

The calcium-outflow windows discovered by Ross Adey could be 
used to interfere with the functioning of the entire brain. 

In the early 1960s Frey found that when microwaves of 300 to 
3,000 megahertz were pulsed at specific rates, humans (even deaf 
people) could "hear" them. The beam caused a_ booming, hissing, 
clicking, or buzzing, depending on the exact frequency and_ pulse 
rate, and the sound seemed to come from just behind the head. 

At first Frey was ridiculed for this announcement, just like 
many radar technicians who'd been told they were crazy for _hear- 
ing certain radar beams. Later work has shown that the micro- 
waves are sensed somewhere in the temporal region just above and 
slightly in front of the ears. The phenomenon apparently results 
from pressure waves set up in brain tissue, some of which activate 
the sound receptors of the inner ear via bone conduction, while 
others directly stimulate nerve cells in the auditory pathways. Ex- 
periments on rats have shown that a strong signal can generate a 
sound pressure of 120 decibels, or approximately the level near a 
jet engine at takeoff. 

Obviously such a beam could cause humans severe pain and 
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prevent all voice communication. That the same effect can be used 
more subtly was demonstrated in 1973 by Dr. Joseph C. Sharp of 
the Walter Reed Army Institute of Research. Sharp, serving as a 
test subject himself, heard and understood spoken words delivered 
to him in an echo-free isolation chamber via a_ pulsed-microwave 
audiogram (an analog of the words’ sound vibrations) beamed into 
his brain. Such a device has obvious applications in covert opera- 
tions designed to drive a target crazy with "voices" or deliver 
undetectable instructions to a programmed assassin. There are also 
indications that other pulse frequencies cause similar pressure 
waves in other tissues, which could disrupt various metabolic pro- 
cesses. A group under R. G. Olsen and J. D. Grissett at the 
Naval Aerospace Medical Research Laboratory in Pensacola has al- 
ready demonstrated such effects in simulated muscle tissue and _ has 
a continuing contract to find beams’ effective against human 
tissues. 
In the 1960s Frey also reported that he could speed up, slow 
down, or stop isolated frog hearts by synchronizing the pulse rate 
of a microwave beam with the beat of the heart itself. Similar 
results have been obtained using live frogs, indicating that it's 
technically feasible to produce heart attacks with a ray designed to 
penetrate the human chest. 
In addition to the methods of damaging or killing people with EMR, 
there are several ways of controlling their behavior. Ross Adey and his 
colleagues have shown that microwaves modulated in various ways can 
force specific electrical patterns upon parts of the brain. Working with 
cats they found that brain waves appearing with conditioned responses 
could be selectively enhanced by shaping the microwaves with a rhyth- 
mic variation in amplitude (height) corresponding to EEG frequencies. 
For example, a 3-hertz modulation decreased 10-hertz alpha waves in 
one part of the animal's brain and reinforced 14-hertz beta waves in 
another location. 
Some radar can find a fly a kilometer away or track a human at 
twenty-five miles, and several researchers have suggested that focused 
EMR beams of such accuracy could bend the mind much like electrical 
stimulation of the brain (ESB) through wires. We know of ESB's poten- 
tial for mind control largely through the work of Jose Delgado. One 
signal provoked a cat to lick its fur, then continue compulsively licking 
the floor and bars of its cage. A signal designed to stimulate a portion of 
a monkey's thalamus, a major midbrain center for integrating muscle 
movements, triggered a complex action: The monkey walked to one side 
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of the cage, then the other, then climbed to the rear ceiling, then back 
down. The animal performed this same activity as many times as it was 
stimulated with the signal, up to sixty times an hour, but not blindly— 
the creature still was able to avoid obstacles and threats from the domi- 
nant male while carrying out the electrical imperative. Another type of 
signal has made monkeys turn their heads, or smile, no matter what else 
they were doing, up to twenty thousand times in two weeks. As Del- 
gado concluded, "The animals looked like electronic toys." 

Even instincts and emotions can be changed: In one test a mother 
giving continuous care to her baby suddenly pushed the infant away 
whenever the signal was given. Approach-avoidance conditioning can be 
achieved for any action simply by stimulating the pleasure and pain 
centers in an animal's or person's limbic system. 

Eventual monitoring of evoked potentials from the EEG, combined 
with radio-frequency and microwave broadcasts designed to produce spe- 
cific thoughts or moods, such as compliance and complacency, promises 
a method of mind control that poses immense danger to all societies— 
tyranny without terror. Scientists involved in EEG research all say the 
ability is still years away, but for all we could sense of it, it could be 
happening right now. Conspiracy theories aside, the hypnotic familiarity 
of TV and radio, combined with the biological effects of their broadcast 
beams, may already constitute a similar force for mass standardization, 
whether by design or not.. 

The potential dangers of televised lethargy are no yawning matter. It's 
well known that relaxed attention to any mildly involving stimulus, 
such as a movie or TV program, produces a hypnoid state, in which the 
mind becomes especially receptive to suggestion. Other inducers of 
hypnoid states include light sleep, daydreams, or short periods of time 
spent waiting for some predetermined signal or action, such as a traffic 
light. 

The Central Intelligence Agency funded research on_ electromagnetic 
mind control at least as early as 1960, when the notorious MKULTRA 
program, mostly concerned with hypnosis and psychedelic drugs, in- 
cluded money for adapting bioelectric sensing methods (at that time 
primarily the EEG) to surveillance and interrogation, as well as for find- 
ing "techniques of activation of the human organism by remote elec- 
tronic means." In testimony before the Senate Subcommittee on Health 
and Scientific Research on September 21, 1977, MKULTRA director 
Dr. Sidney Gottlieb recalled: "There was a running interest in what 
effects people's standing in the field of radio energy have, and it could 
easily have been that somewhere in the many projects someone was try- 
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ing to see if you could hypnotize somebody easier if he was standing in a 
radio beam." 

Hypnotists often use a strobe light flashing at alpha-wave frequencies 
to ease the glide into trance. It seems for over thirty years the Commu- 
nist bloc nations have been using an ELF wave form to do the same 
thing undetectably and perhaps more effectively. Ross Adey recently lost 
most of his government grants and has become a bit more loquacious 
about the military and intelligence uses of EMR. In 1983 he organized a 
public meeting at the Loma Linda VA hospital and released photos and 
information concerning a Russian Lida machine. This was a small trans- 
mitter that emitted 10-hertz waves for tranquilization and enhancement 
of suggestibility. The most interesting part was that the box had an 
ancient vacuum-tube design, and a man who'd been a POW in Korea 
reported that similar devices had been used there during interrogation. 

American interest in the hypnosis-EMR interaction was still strong as 
of 1974, when a research plan was filed to develop useful techniques in 
human volunteers. The experimenter, J. F. Schapitz, stated: "In this 
investigation it will be shown that the spoken word of the hypnotist 
may also be conveyed by modulated electromagnetic energy directly into 
the subconscious parts of the human brain—i.e., without employing 
any technical devices for receiving or transcoding the messages and with- 
out the person exposed to such influence having a chance to control the 
information input consciously." As a preliminary test of the general con- 
cept, Schapitz proposed recording the brain waves induced by specific 
drugs, then modulating them onto a microwave beam and feeding them 
back into an undrugged person's brain to see if the same state of con- 
sciousness could be produced by the beam alone. 

Schapitz's main protocol consisted of four experiments. In the first, 
subjects would be given a test of a hundred questions, ranging from easy 
to technical, so they all would know some but not all of the answers. 
Later, while in hypnoid states and not knowing they were being irradi- 
ated, these people would be subjected to information beams suggesting 
answers for some of the items they'd left blank, amnesia for some of 
their correct answers, and memory falsification for other correct answers. 
A new test would check the results two weeks later. 

The second experiment was to be the implanting of hypnotic sugges- 
tions for simple acts, like leaving the lab to buy some particular item, 
which were to be triggered by a suggested time, spoken word, or sight. 
Subjects were to be interviewed later. "It may be expected," Schapitz 
wrote, "that they rationalize their behavior and consider it to be under- 

taken out of their own free will." 
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In a third test the subjects were to be given two personality tests. 
Then different responses to certain questions would be repeatedly sug- 
gested, and nonpathological personality changes would also be sug- 
gested, both to be evaluated by new testing in a month. In some cases 
the subjects were to be prehypnotized into talking in their sleep, so the 
microwave programmer could gear the commands to thoughts already in 
the brain. Finally, attempts would be made to produce the standard 
tests of deep hypnotic trance, such as muscular rigidity, by microwave 
beams alone. 

Naturally, since this information was voluntarily released via the Free- 
dom of Information Act, it must be taken with a pillar of salt. The 
results haven't been made public, so the work may have been inconclu- 
sive, and the plans may have been released to convince the Soviets and 
our own public that American mind-control capabilities are greater than 
they actually are. On the other hand, the actualities may be so far ahead 
of this research plan that it was tame enough to release in satisfying 
FOIA requirements. 

How many of the EMR weapons possibilities have actually been de- 
veloped and/or used? Those not privy to classified information have no 
way of knowing. There are plenty of rumors. Boris Spassky claimed he'd 
lost the world chess championship to Bobby Fischer because he was 
being bombarded with confusion rays. I recall hearing about one secret 
American experiment in which a scientist was supposedly set up with 
invitations to three conferences to give the same presentation each time. 
The first one went fine, but at the last two he was irradiated with ELF 
waves, reportedly to induce Adey's calcium efflux, and he became con- 
fused and ineffective. 

Another FOIA release from the Defense Intelligence Agency in 1976 
may be revealing. Prepared by Ronald L. Adams and E. A. Williams 
of Battelle Columbus Laboratories, it's entitled "Biological Effects of 
Electromagnetic Radiation (Radiowaves and Microwaves), Eurasian 
Communist Countries." The pages released merely recount Allen Frey's 
discoveries without mentioning his name, implying instead that only 
the Reds would be so dastardly as to investigate such things for use as 
weapons. Immediately after mention of the blood-brain barrier leak phe- 
nomenon, a paragraph was deleted, followed by the tantalizing sentence, 
"The above study is recommended reading material for those consumers 
who have an interest in the application of microwave energy to weap- 
ons." Even without this document, considering the relentless pace of 
arms development, we would have to be very naive to assume that the 
United States has no electromagnetic arsenal. 
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The Soviets may already be using theirs, however, on a scale far 
beyond that of the Moscow signal. During the U.S. bicentennial cele- 
bration of July 4, 1976, a new radio signal was heard throughout the 
world. It has remained on the air more or less continuously ever since. 
Varying up and down through the frequencies between 3.26 and 17.54 
megahertz, it is pulse-modulated at a rate of several times a second, so it 
sounds like a buzz saw or woodpecker. It was soon traced to an enor- 
mous transmitter near Kiev in the Soviet Ukraine. 

The signal is so strong it drowns out anything else on its wavelength. 
When it first appeared, the UN International Telecommunications Union 
protested because it interfered with several communications channels, 
including the emergency frequencies for aircraft on transoceanic flights. 
Now the woodpecker leaves "holes"; it skips the crucial frequencies as it 
moves up and down the spectrum. The signal is maintained at enormous 
expense from a current total of seven stations, the seven most powerful 
radio transmitters in the world. 

Within a year or two after the woodpecker began tapping, there were 
persistent complaints of unaccountable symptoms from people in several 
cities of the United States and Canada, primarily Eugene, Oregon. The 
sensations—pressure and pain in the head, anxiety, fatigue, insomnia, 
lack of coordination, and numbness, accompanied by a_ high-pitched 
ringing in the ears—were characteristic of strong radio-frequency or mi- 
crowave irradiation. In Oregon, between Eugene and Corvallis, a power- 
ful radio signal centering on 4.75 megahertz was monitored, at higher 
levels in the air than on the ground. Several unsatisfactory theories were 
advanced, including emanations from winter-damaged power lines, but 
most engineers who studied the signal concluded that it was a manifesta- 
tion of the woodpecker. The idea was advanced that it was being di- 
rected to Oregon by a Tesla magnifying transmitter. This apparatus, 
devised by Nikola Tesla during his turm-of-the-century experiments 
on wireless global power transmission at a laboratory near Pikes Peak, 
hasn't been much studied in the West. It reportedly enables a transmit- 
ter to beam a radio signal through the earth to any desired point on its 
surface, while maintaining or even increasing the signal's power as it 
emerges. Paul Brodeur has suggested that, since the TRW company 
once proposed a Navy ELF communications system using an existing 
850-mile power line that ended in Oregon, the Eugene phenomenon 
might have been the interaction between a Navy broadcast and Soviet 
jamming. 

He that as it may, the woodpecker continues in operation, and there 

are several unsettling possibilities as to its main purpose. A former chief 
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of naval research has privately discounted the idea that it's directed 
against the U.S. population. However, Robert Beck, a Los Angeles 
physicist who regularly serves as a DOD consultant, told me that the 
signal has a threefold purpose. He said it acts as a crude over-the-horizon 
radar that would pick up a massive first strike of U.S. missiles if Soviet 
spy satellites and other detectors were knocked out. Second, the signal's 
modulations are an ELF medium for communicating with submarines 
underwater. Third, he claimed the signal has a biological by-product 
about which he promised further information. Of course, I haven't been 
able to contact him since. 

Several educated guesses can be made, however. Adey's research sug- 
gests that the best way to get an ELF signal into an animal is to make it 
a pulse modulation of a high-frequency radio signal. That's exactly what 
the woodpecker is. Within its frequency range, it could be beamed to 
any part of the world, and it would be picked up and reradiated by the 
power supply grid at its destination. 

Raymond Damadian has theorized that the woodpecker signal is de- 
signed to induce nuclear magnetic resonance in human tissues. Dama- 
dian, a radiologist at Brooklyn's Downstate Medical Center, patented 
the first NMR scanner, a device that gives an image of internal organs 
similar to CAT scanners but using magnetic fields rather than nuclear 
radiation. As mentioned earlier in this chapter, NMR could greatly 
magnify the metabolic interference of electropollution or EMR weapons. 
Maria Reichmanis calculated the pulse frequency that would be required 
to do this with a radio signal in the woodpecker's range, and she came 
up with a band centered on the same old alpha rhythm of 10 hertz. And 
in fact, the signal's pulse is generally about that rate, although it is 
often a two-part modulation of 4 + 6, 7 + 3, and so on. The available 
evidence, then, suggests that the Russian woodpecker is a multipurpose 
radiation that combines a submarine link with an experimental attack on 
the American people. It may be intended to increase cancer rates, inter- 
fere with decision-making ability, and/or sow confusion and _ irritation. 
It may be succeeding. 

I keep hearing persistent rumors of American transmitters set up to 
try to nullify the Russians’ signal or to affect their people in a similar 
way. In 1978, Stefan Rednip, an American reporter living in England, 
claimed access to purloined CIA documents proving the existence of a 
program called Operation Pique, which included bouncing radio signals 
off the ionosphere to affect the mental functions of people in selected 
areas, including Eastern European nuclear installations. 

The whole business sounds too much like an undeclared electromag- 
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netic war. However, there are persistent complaints that the American 
effort is being hampered in a strange way. Shortly after the rigged Na- 
tional Academy of Sciences report on Project Seafarer, for example, the 
Navy sent a delegation to a meeting at the National Security Agency to 
complain about an alleged "zap gap" between the United States and the 
USSR, and to ask other delegates to push for more research money for 
tuming nonthermal EMR effects into weapons. According to one of my 
Navy contacts, the NSA sent several "experts" who had never done any 
research on EMR and who firmly advised the Navy to abandon its pro- 
gram. Later he voiced the same suspicions I'd already heard from others: 
Given the allegedly vigorous Soviet electroweapons research program and 
the underfunding of ours, he concluded that there is a mole highly 
placed in the American military science establishment, perhaps in the 
NSA itself, who is preventing us from acquiring any clear competence in 
this field. 

Unfortunately, my source, having served as a hatchet man for defund- 
ing research on the environmental dangers of electropollution, isn't ex- 
actly reliable. Complaints of a mole could easily be a blind for a large 
and intense U.S. EMR weapons program. That there's more going on 
than meets the eye is clear from my last communication with Dietrich 
Beischer. In 1977 the Erie Magnetics Company of Buffalo, New York, 
sponsored a small private conference, and Beischer and I both planned to 
attend. Just before the meeting, I got a call from him. With no pream- 
ble or explanation, he blurted out: "I'm at a pay phone. I can't talk 
long. They are watching me. I can't come to the meeting or ever com- 
municate with you again. I'm sorry. You've been a good friend. Good- 
bye." Soon afterward I called his office at Pensacola and was told, "I'm 
sorry, there is no one here by that name," just as in the movies. A guy 
who had done important research there for decades just disappeared. 

The crucial point to me is that both sides may be embarking on 
hostilities whose consequences for the whole biosphere no one can yet 
foresee. Even if the Soviets have begun an electromagnetic war and we're 
totally unprepared to fight back, I doubt that a simple buildup and 
retaliation are the best course for our own survival. 

The extent of the danger can be dramatized best by considering one 
last potential weapon. Around 1900, Nikola Tesla theorized that ELF 
and VLF radiation could enter the magnetosphere, the magnetic field in 
space around the earth, and change its structure. He has recently been 

proven right. 

The magnetosphere and its Van Allen belts of trapped particles pro- 

duce many kinds of EMR. Since they were initially studied through 
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audio amplifiers, the first kinds to be discovered, around 1920, were 
given fanciful names like whistlers, dawn chorus, and lion roars. Many 
of them result from VLF waves produced by lightning, which bounce 
back and forth from pole to pole along "magnetic ducts" in the magne- 
tosphere. This resonance amplifies the original VLF waves enormously. 

Satellite measurements have proven that artificial energies from power 
lines are similarly amplified high above the earth, a phenomenon known 
as power-line harmonic resonance (PLHR). Radio and microwave energy 
also resonates in the magnetosphere. This amplified energy interacts 
with the particles in the Van Allen belts, producing heat, light, X rays, 
and, most important, a "fallout" of charged particles that serve as nuclei 
for raindrops. 

Recent work with sounding rockets has matched specific areas of such 
ion precipitation with the energy from specific radio stations, and estab- 
lished that the sifting down of charged particles generally occurs east of 
the EMR source, following the general eastward drift of weather pat- 
terns. In 1983, measurements from the Ariel 3 and 4 weather satellites 
showed that the enormous amount of PLHR over North America had 
created a permanent duct from the magnetosphere down into the upper 
air, resulting in a continuous release of ions and energy over the whole 
continent. In presenting this data at the March 1983 Symposium on 
Electromagnetic Compatibility in Zurich, K. Bullough reminded the 
audience that thunderstorms have been 25 percent more frequent over 
North America between 1930 and 1975 than they were from 1900 to 
1930, and suggested that the increased energy levels in the upper atmo- 
sphere were responsible. 

Since the mid-1970s there has been a dramatic increase in flooding, 
drought, and attendant hardships due to _ inconsistent, anomalous 
weather patterns. It appears likely that these have been caused in part by 
electropollution and perhaps enhanced, whether deliberately or not, by 
the Soviet woodpecker signal. It now seems feasible to induce cata- 
strophic climate change over a target country, and even without such 
weather warfare, continued expansion of the electrical power system 
threatens the viability of all life on earth. 


Critical Connections 
It may be hard to convince ourselves that something we can't see, hear, 


touch, taste, or smell can still hurt us so dreadfully. Yet the fact must 
be faced, just as we've learned a healthy fear of nuclear radiation. Certain 
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scientists, some perhaps acting in a program of deliberate disinforma- 
tion, keep telling the public that we still don't know whether elec- 
tropollution is a threat to human health. That's simply not true. 
Certainly we need to know more, but a multitude of risks have been 
well documented. 

Three dangers overshadow all others. The first has been conclusively 
proven: ELF electromagnetic fields vibrating at about 30 to 100 hertz, even if 
they're weaker than the earth's field, interfere with the cues that keep our biolog- 
ical cycles properly timed; chronic stress and impaired disease resistance result. 
Second, the available evidence strongly suggests that regulation of cel- 
ular growth processes is impaired by electropollution, increasing cancer 
rates and producing serious reproductive problems. Electromagnetic 
weapons constitute a third class of hazards culminating in climatic ma- 
nipulation from a sorcerer's-apprentice level of ignorance. 

There may be other dangers, less sharply defined but no less real. All 
cities, by their very nature as electrical centers, are jungles of inter- 
penetrating fields and radiation that completely drown out the earth's 
background throb. Is this an underlying reason why so many of them 
have become jungles in another sense as well? Is this a partial explana- 
tion for the fact that the rate of suicide between the ages of fifteen and 
twenty-four rose from 5.1 per 100,000 in 1961 to 12.8 in 1981? Might 
this be an invisible and thus overlooked reason why so many governmen- 
tal leaders, working at the centers of the most powerful electromagnetic 
networks, consistently make decisions that are against the best interests 
of every being on earth? Is the subliminal stress of electronic smog mis- 
interpreted as continual threats from outside—from other people and 
other governments? In addition, if Teilhard de Chardin's noosphere ex- 
ists, our artificial fields must mask it many times over, literally discon- 
necting us from life's collective wisdom. This is not to ignore the plain 
fact of evil, but it often seems there must be some other reason why 
today's power elite are so willing to bring the whole world to the brink 
of so many different kinds of destruction. Maybe they literally can't hear 
the earth anymore. 

Everyone worries about nuclear weapons as the most serious threat to 
our survival. Their danger is indeed immediate and overwhelming. In 
the long run, however, I believe the ultimate weapon is manipulation of 
our electromagnetic environment, because it's imperceptibly subtle and 
strikes at the core of life itself. We're dealing here with the most impor- 
tant scientific discovery ever - the nature of life. Even if we survive the 
chemical and atomic threats to our existence, there's a strong possibility 
that increasing electropollution could set in motion irreversible changes 
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leading to our extinction before we're even aware of them. 

All life pulsates in time to the earth, and our artificial fields cause 
abnormal reactions in all organisms. Magnetic reversals may have pro- 
duced the "great dyings" of the past by disrupting biocycles so as to 
cause stress, sterility, birth defects, malignancies, and impaired brain 
function. Human activities may well have duplicated in three decades 
what otherwise would have taken five thousand years to develop during 
the next reversal. What will we do if the incidence of deformed children 
rises to 50 percent, if the cancer rate climbs to 75 percent? Will we be 
able to pull the plug? 

Somehow these dangers must be brought into the open so forcefully 
that the entire population of the world is made aware of them. Scientists 
must begin to ask and seek answers to the questions raised in this chap- 
ter, regardless of the effect on their careers. These energies are too dan- 
gerous to be entrusted forever to politicians, military leaders, and their 
lapdog researchers. 

Since our civilization is irreversibly dependent on electronics, aboli- 
tion of EMR is out of the question. However, as a first step toward 
averting disaster, we must halt the introduction of new sources of elec- 
tromagnetic energy while we investigate the biohazards of those we al- 
ready have with a completeness and honesty that have so far been in 
short supply. New sources must be allowed only after their risks have 
been evaluated on the basis of the knowledge acquired in such a mor- 
atorium. 

With an adequately funded research program, the moratorium need 
last no more than five years, and the ensuing changes could almost cer- 
tainly be performed without major economic trauma. It seems possible 
that a different power frequency—say 400 hertz instead of 60—might 
prove much safer. Burying power lines and providing them with 
grounded shields would reduce the electric fields around them, and mag- 
netic shielding is also feasible. 

A major part of the safety changes would consist of energy-efficiency 
reforms that would benefit the economy in the long run. These new 
directions would have been taken years ago but for the opposition of 
power companies concerned with their short-term profits, and a govern- 
ment unwilling to challenge them. It is possible to redesign many ap- 
pliances and communications devices so they use far less energy. The 
entire power supply could be decentralized by feeding electricity from 
renewable sources (wind, flowing water, sunlight, georhermal and ocean 
thermal energy conversion, and so forth) into local distribution nets. 
This would greatly decrease hazards by reducing the voltages and 
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amperages required. Ultimately, most EMR hazards could be eliminated 
by the development of efficient photoelectric converters to be used as the 
primary power source at each point of consumption. The changeover 
would even pay for itself, as the loss factors of long-distance power trans- 
mission—not to mention the astronomical costs of building and decom- 
missioning short-lived nuclear power plants—were eliminated. Safety 
need not imply giving up our beneficial machines. 

Obviously, given the present technomilitary control of society in most 
parts of the world, such sane efficiency will be immensely difficult to 
achieve. Nevertheless, we must try. Electromagnetic energy presents us 
with the same imperative as nuclear energy: Our survival depends on the 
ability of upright scientists and other people of goodwill to break the 
military-industrial death grip on our policy-making institutions. 


Postscript: Political 
Science 


An important scientific innovation rarely makes its way by 
gradually winning over and converting its opponents: it 
rarely happens that Saul becomes Paul. What does happen 
is that its opponents gradually die out and that the 

growing generation is familiarized with the idea from the 
beginning. 

—Max Planck 


Dispassionate philosopher inquiring into nature from the sheer love of 
knowledge, single-minded alchemist puttering about a secluded _base- 
ment in search of elixirs to benefit all humanity—these ideals no longer 
fit most scientists. Even the stereotype of Faust dreaming of demonic 
power is outdated, for most scientists today are overspecialized and 
anonymous—although science as a whole is somewhat Mephistophelian 
in its disregard for the effects of its knowledge. It's a ponderous beast, 
making enormous changes in the way we live but agonizingly slow to 
change its own habits and viewpoints when they become outmoded. 

The public's conception of the scientist remains closest to its image of 
the philosopher—cold and logical, making decisions solely on the basis 
of the facts, unswayed by emotion. The lay person's most common fear 

about scientists is that they lack human feelings. During my twenty-five 
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years of research I've found this to be untrue yet no cause for comfort. 
I've occasionally seen our species' nobler impulses among them, but I've 
also found that scientists as a group are at least as subject to human 
failings as people in other walks of life. 
It has been like this throughout the history of science. Many, perhaps 
even most, of its practitioners have been greedy, power-hungry, pres- 
tige-seeking, dogmatic, pompous asses, not above political chicanery 
and outright lying, cheating, and stealing. Examples abound right from 
the start. Sir Francis Bacon, who in 1620 formulated the experimental 
method on which all technical progress since then has been founded, not 
only forgot to mention his considerable debt to William Gilbert but 
apparently plagiarized some of his predecessor's work while publicly be- 
littling it. In a similar way Emil Du Bois-Reymond based his own elec- 
trical theory of the nerve impulse on Carlo Matteucci's work, then tried 
to ridicule his mentor and take full credit. 
Many a genius has been destroyed by people of lesser talent defending 
the status quo. Ignaz Semmelweis, a Hungarian physician who practiced 
in Vienna during the mid-nineteenth century, demanded that his hospi- 
tal colleagues and subordinates wash their hands, especially when mov- 
ing from autopsies and sick wards to the charity childbirth ward he 
directed. When the incidence of puerperal fever and resultant death de- 
clined dramatically to well below that of the rich women's childbirth 
ward, proving the importance of cleanliness even before Pasteur, Sem- 
melweis was fired and vilified. His livelihood gone, he committed sui- 
cide soon afterward. 
The principal figure who for decades upheld the creed that dedifferen- 
tiation was impossible was Paul Weiss, who dominated biology saying 
the things his peers wanted to hear. Weiss was wrong, but along the 
way he managed to cut short a number of careers. 
For many years the American Medical Association scorned the idea of 
vitamin-deficiency diseases and called the EEG electronic quackery. Even 
today that august body contends that nutrition is basically irrelevant 
to health. As the  late-eighteenth-century Italian experimenter Abbe 
Alberto Fortis observed in a letter chiding Spallanzani for his closed- 
minded stance on dowsing, "... derision will never help in the devel- 
opment of true knowledge." 
In the past, these character flaws couldn't wholly prevent the recogni- 
tion of scientific truths. Both sides of a controversy would fight with 
equal vehemence, and the one with better evidence would usually win 
sooner or later. In the last four decades, however, changes in the struc- 
ture of scientific institutions have produced a situation so heavily 
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weighted in favor of the establishment that it impedes progress in health 
care and prevents truly new ideas from getting a fair hearing in almost 
all circumstances. The present system is in effect a dogmatic religion 
with a self-perpetuating priesthood dedicated only to preserving the cur- 
rent orthodoxies. The system rewards the sycophant and punishes the 
visionary to a degree unparalleled in the four-hundred-year history of 
modern science. 

This situation has come about because research is now so expensive 
that only governments and multinational corporations can pay for it. 
The funds are dispensed by agencies staffed and run by bureaucrats who 
aren't scientists themselves. As this system developed after World War 
II, the question naturally arose as to how these scientifically ignorant 
officials were to choose among competing grant applications. The logical 
solution was to set up panels of scientists to evaluate requests in their 
fields and then advise the bureaucrats. 

This method is based on the naive assumption that scientists really are 
more impartial than other people, so the result could have been pre- 
dicted decades ago. In general, projects that propose a search for evi- 
dence in support of new ideas aren't funded. Most review committees 
approve nothing that would challenge the findings their members made 
when they were struggling young researchers who created the current 
theories, whereas projects that pander to these elder egos receive lavish 
support. Eventually those who play the game become the new members 
of the peer group, and thus the system perpetuates itself. As Erwin 
Chargaff has remarked, "This continual turning off and on of the finan- 
cial faucets produces Pavlovian effects," and most research becomes mere 
water treading aimed at getting paid rather than finding anything new. 
The intuitive "lunatic twinge," the urge to test a hunch, which is the 
source of all scientific breakthroughs, is systematically excluded. 

There has even been a scientific study documenting how choices made 
by the peer review system depend almost entirely on whether the experts 
are sympathetic or hostile to the hypothesis being suggested. True to 
form, the National Academy of Sciences, which sponsored the investiga- 
tion, suppressed its results for two years. 

Membership on even a few peer review boards soon establishes one's 
status in the "old boys' club" and leads to other benefits. Manuscripts 
submitted to scientific journals are reviewed for validity in the same way 
as grant requests. And who is better qualified to judge an article than 
those same eminent experts with their laurels to guard? Publication is 
accepted as evidence that an experiment has some basic value, and with- 

out it the work sinks without a ripple. The circle is thus closed, and the 
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revolutionary, from whose ideas all new scientific concepts come, is on 
the outside. Donald Goodwin, chairman of psychiatry at the University 
of Kansas and an innovative researcher on alcoholism, has even put it in 
the form of a law of exasperation: "If it's trivial, you can probably study 
it. If it's important, you probably can't." 
Another unforeseen abuse has arisen, which has lowered the quality of 
training in medical schools. As the peer review system developed, aca- 
demic institutions saw a golden opportunity. If the government wanted 
all this research done, why shouldn't it help the schools with their over- 
head, such as housing, utilities, bookkeeping, and ultimately the sal- 
aries of the researchers, who were part of the faculty? The influx of 
money corroded academic values. The idea arose that the best teacher 
was the best researcher, and the best researcher was the one who pulled 
down the biggest grants. A medical school became primarily a kennel of 
researchers and only secondarily a place to teach future physicians. To 
survive in academia, you have to get funded and then get published. 
The epidemic of fraudulent reports—and I believe only a small percent- 
age of the actual fakery has been discovered—is eloquent testimony of 
the pressure to make a name in the lab. 
There remain today few places for those whose talents lie in teaching 
and clinical work. Many people who don't care about research are forced 
to do it anyway. As a result, medical journals and teaching staffs are 
both drowning in mediocrity. 
Finally, we must add to these factors the buying of science by the 
military. To call it a form of prostitution is an insult to the oldest 
profession. Nearly two thirds of the $47-billion 1984 federal research 
budget went for military work, and in the field of bioelectricity the 
proportion was even higher. While military sponsors often allow more 
technical innovation than others, their employees must keep _ their 
mouths shut about environmental hazards and other moral issues that 
link science to the broader concerns of civilization. In the long run, even 
the growth of pure knowledge (if there is such a thing) can't flourish 
behind this chain link fence. 
If someone does start a heretical project, there are several ways of 
dealing with the threat. Grants are limited, usually for a period of one 
or two years. The experimenter then must reapply. Every application is a 
voluminous document filled with fine-print forms and meaningless bu- 
reaucratic jargon, requiring many days of data compilation and "creative 
writing." Some researchers may simply get tired of them and quit. In 
any case, they must run the same gauntlet of peers each time. The sim- 
plest way to nip a challenge in the bud is to turn off the money or keep 
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the reports out of major journals by means of anonymous value judg- 
ments from the review committees. You can always find something 
wrong with a proposal or manuscript, no matter how well written or 
scientifically impeccable it may be. 

Determined rebels use guerrilla tactics. There are so many funding 
agencies that the left hand often knoweth not what the right hand 
doeth. A proposal may get by an obscure panel whose members aren't 
yet aware of the danger. The snowstorms of paper churned out by the 
research establishment have required the founding of many new journals 
in each subspecialty. Some of these will accept papers that would auto- 
matically be rejected by the big ones. In addition, there's an art to 
writing a grant proposal that falls within accepted guidelines without 
specifying exactly what the researchers intend to do. 

If these methods succeed in prolonging the apostasy, the establish- 
ment generally exerts pressure through the schools. Successful academics 
are almost always true believers who are happy to curry favor by helping 
to deny tenure to "questionable" investigators or by harassing them in a 
number of ways. For example, in 1950 Gordon A. Atwater was fired as 
chairman of the American Museum of Natural History astronomy de- 
partment and curator of the Hayden Planetarium for publicly suggesting 
that Immanuel Velikovsky's ideas should receive a fair hearing. That 
same year Velikovsky's first book, Worlds in Collision, was renounced by 
his publisher (Macmillan) even though it was a best seller, because a 
group of influential astronomers led by Harvard's Harlow Shapley threat- 
ened to boycott the textbook department that accounted for two _ thirds 
of the company's sales. No matter what one may think of Velikovsky's 
conclusions, that kind of backstairs persuasion is not science. 

As the conflict escalates, the muzzled freethinker often goes directly 
to the public to spread the pernicious doctrines. At this point the gloves 
come off. Already a lightning rod for the wrath of the Olympian peers, 
the would-be Prometheus writhes under attacks on his or her honesty, 
scientific competence, and personal habits. The pigeons of Zeus cover 
the new ideas with their droppings and conduct rigged experiments to 
disprove them. In extreme cases, government agencies staffed and ad- 
vised by the establishment begin legal harassment, such as the trial and 
imprisonment that ended the career and life of Wilhelm Reich. 

Sometime during or after the battle, it generally becomes obvious that 
the iconoclast was right. The counterattack then shifts toward historical 
revision. Establishment members publish papers claiming the new ideas 
for themselves and omitting all references to the true originator. The 
heretic's name is remembered only in connection with a condescending 
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catchphrase, while his or her own research programs, if any remain, are 
defunded and the staff dispersed. The facts of the case eventually 
emerge, but only at an immense toll on the innovator's time and energy. 
To those who haven't tried to run a lab, these may seem like harsh 
words, unbelievable, even paranoid. Nevertheless, these tactics are com- 
monplace, and I've had personal experience with each and every one of 
them. 
I got a taste of the real world in my very first foray into research. 
After World War II, I continued my education on the GI Bill, but those 
benefits expired in 1947. I'd just married a fellow student named 
Lillian, who had caught my eye during our first orientation lecture, and 
I needed a summer job to help pay expenses and set up housekeeping. I 
was lucky enough to get work as a lab assistant in the NYU School of 
Medicine's surgical research department. 
I worked with Co Tui, who was evaluating a recently published 
method for separating individual amino acids from proteins as a_ step 
toward concentrating foods for shipment to the starving. Dr. Co, a tiny 
man whose black, spiky hair seemed to broadcast enthusiasm, inspired 
me enormously. He was a brilliant researcher and a good friend. With 
him I helped develop the assay technique and began to use it to study 
changes in body proteins after surgery. 
I was writing my first scientific paper when I walked to work one 
morning and found our laboratory on the sidewalk—all our equipment, 
notes, and materials junked in a big pile. I was told neither of us 
worked there anymore; we were welcome to salvage anything we wanted 
from the heap. 
The head secretary told me what had happened. This was during a big 
fund drive to build the present NYU Medical Center. One of the "so- 
ciety surgeons" had lined up a million-dollar donation from one of his 
patients and would see that it got into the fund, if he could choose a 
new professor of experimental surgery—now. As fast as that, Co Tui and 
his people were out. I vowed to Lillian: "Whatever I do in medicine, 
I'm going to stay out of research." 
I'm happy that I wasn't able to keep my promise. The research itself 
was worth it all. Moreover, I don't want to give the impression that I 
and my associates were alone against the world. Just when hope seemed 
lost, there was always a crucial person, like Carlyle Jacobsen or the re- 
search director's secretary, to help us out. However, right from my first 
proposal to measure the current of injury in salamanders, I found that 
research would mean a constant battle, and not only with admin- 
istrators. 
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Before I began, I had to solve a technical problem with the electrodes. 
Even two wires of the same metal had little chemical differences, which 
gave rise to small electrical currents that could be misinterpreted as 
coming from the animal. Also, the slightest pressure on the animal's 
skin produced currents. No one understood why, but there they were. I 
found descriptions in the older literature of silver electrodes with a layer 
of silver chloride applied to them, which were reported to obviate the 
false interelectrode currents. I made some, tested them, and then fitted 
them with a short length of soft cotton wick, which got rid of the 
pressure artifact. When I wrote up my results, I briefly described the 
electrodes. Afterward I received a call from a _ prominent neu- 
rophysiologist who wanted to visit the lab. "Very nice," I thought. 
"Here's some recognition already." He was particularly interested in 
how the electrodes were made and used. Some months later, damned if I 
didn't find a paper by my visitor in one of the high-class journals, de- 
scribing this new and excellent electrode he'd devised for measuring di- 
rect-current potentials! 

A couple of years later, while Charlie Bachman and I were looking for 
the PN junction diode in bone, I was asked to give a talk on bone 
electronics at a meeting in New York City. The audience included engi- 
neers, physicists, physicians, and biologists. It was hard to talk to such a 
diverse group. The engineers and physicists knew all about electronics 
but nothing about bone, the biologists knew all about bone but nothing 
about electronics, and the physicians were only interested in therapeutic 
applications. At any rate, I reviewed some bone structure for the phys- 
icists and some electronics for the biologists, and then went on to de- 
scribe my experiments with Andy Bassett on bone piezoelectricity. 

I probably should have sat down at that point, but I thought it would 
be nice to talk about our present work. The rectifier concept was tre- 
mendously exciting to me, and I thought we might get some useful 
suggestions from the audience, so I described the experiments showing 
that collagen and apatite were semiconductors, and discussed the im- 
plications. After each talk a short time was set aside for questions and 
comments, generally polite and dignified. However, as soon as I fin- 
ished, a well-known orthopedic researcher literally ran up to the 
audience microphone and blurted out, "I have never heard such a collec- 
tion of inadequate data and misconceptions. It is an insult to this au- 
dience. Dr. Becker has not presented satisfactory evidence for any 
semiconducting property in bone. The best that can be said is that this 
material may be a semi-insulator." 

Semiconductors are so named because then properties place them be- 
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tween conductors and insulators, so you could very well call them semi- 
insulators; the meaning would be the same. My opponent was playing a 

crude game. While saying these derogatory things about me, he was 

actually agreeing with my conclusion, merely u»ing a different term. 

This man's antagonism had begun a couple of years before. When 

Andy Bassett and I had finished our work on the piezoelectric effect in 
bone, we wrote it up, submitted it to a scientific journal, and got it 
accepted. Unbeknownst to us, this fellow had been working on the same 
thing, but hadn't gotten as far in his experiments as we. Somehow he 
learned of our work and its impending publication. He called Andy, 
asking us to delay our report until he was ready to publish his own data. 
Andy called me to talk it over. What counts in the scientific literature is 
priority; he was asking us to surrender it. There was no ethical basis for 
his request, and I would never have thought of asking him to delay had 
the situation been reversed. I said, "Not on your life." Our paper was 
published, and we'd acquired a "friend" for life. 

Now there he was at the microphone trying to scuttle my presentation 
with a little ambiguous double-talk. I thought, "He must be doing the 
same work as we are again. If he wins this encounter, I'll have trouble 
getting my data published, and he'll have a clear field for his." Instead 
of defending the data, I explained that semi-insulator and semiconductor 
were one and the same. I said I was surprised he didn't know that, but I 
appreciated his approval of my data! Someone else in the audience stood 
up in support of my position, and the crisis was past. The lab isn't the 
only place a scientist has to stay alert. 

In 1964, soon after the National Institutes of Health approved the 
grant for our continuing work on bone, I received the VA's William S. 
Middleton Award for outstanding research. That's a funny little story in 
itself. The award is given by the VA's Central Office (VACO), whose 
members had already decided on me, but candidates must be nominated 
by regional officers, and the local powers were determined I shouldn't 
get it. Eventually VACO had to order them to nominate me. 

The award put me on salary from Washington instead of Syracuse, 
and due to pressure from VACO I was soon designated the local chief of 
research, replacing the man who signed all the papers at once. I was 
determined to put the research house in order, and I instituted a number 
of reforms, such as public disclosure of the funding allocations, and pro- 
ductivity requirements, no matter how prominent an investigator might 
be. Many of the reforms have been adopted throughout the VA system. 
They didn't make me more popular, however. Over the next several 

years there was continuous pressure from the medical school to allocate 
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VA research funds for people I felt were of little value to the VA pro- 
gram itself; thus the money would have constituted a grant to the 
school. I knew that if I didn't deliver I would eventually be removed 
from the position of chief of research. In that case, I would go back on a 
local clinical salary and my research program would again be in 
jeopardy. Therefore, at the beginning of 1972 I applied for the position 
of medical investigator in the VA research system, a post in which I 
would be able to devote up to three fourths of my time to research. I was 
accepted. The job was to begin a few months later; in the meantime I 
continued as chief of research. 

Apparently my new appointment escaped the notice of my local oppo- 
nents. I'd accepted several invitations to speak at umiversities in the 
South and combined them all into a week's trip. I left the office a day 
early to prepare my material and pack. While I was still home, my 
secretary called. She was crying, and said she'd just gotten a memo 
firing me as chief of research and putting me to work as a general-duty 
medical officer in the admitting office. This not only would have closed 
our lab, but also would have kept me from practicing orthopedic sur- 
gery. 

It was a nice maneuver but, fortunately for me, it wasn't legal. As 
medical investigator, I could be fired only by Washington, and the local 
chief of staff soon got a letter from VACO ordering him to reinstate me. 

Soon I began to get on some "enemies lists" at the national level, too. 
In December 1974 I got word that our basic NIH grant (the one on 
bone) hadn't been renewed. No reasons were given. This was_ highly 
irregular, since applicants normally got the "pink sheets" with at least 
the primary reviewer's comments, so they could find out what they'd 
done wrong. Instead I was told I could write to the executive secretary 
for a "summary" of the deliberations. 

The summary was half a page of double-spaced typing. It said my 
proposal had been lacking in clarity and direction, and that the experi- 
mental procedures hadn't been spelled out in enough detail. The main 
problem seemed to be that I was planning to do more than the reviewer 
thought I could do with the money I was requesting. In addition, my 
report on the perineural cell research with Bruce Baker was criticized as 
"data poor." The statement concluded: "On the other hand, there are 
some areas which appear to be worthy of support and are reasonably well 
described, e.g., bone growth studies, regenerative growth, and electrical 
field effects." 

I was, to say the least, puzzled. The subjects "worthy of support" 

were precisely the main ones we were working on. It didn't make any 
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sense until I reflected that this was just after I'd helped write the first 
Sanguine report and had begun to testify about power line dangers be- 
fore the New York Public Service Commission. Perhaps the Navy was 
pressuring the NIH to shut me up. 

If somebody at the federal level was trying to lock me out as early as 
1974, he forgot to watch all the entrances, for my proposal of that year 
on acupuncture was approved. I'd originally tacked this on to the main 
NIH application, where it was criticized as inappropriate. I merely sent 
it off to a different study section, which funded it. After a year we had 
the positive results described in Chapter 13, and I presented them at an 
NIH acupuncture conference in Bethesda, Maryland. Ours was the only 
study going at the problem from a strictly scientific point of view, that 
is, proceeding from a testable hypothesis, as opposed to the empirical 
approach of actually putting the needles in and trying to decide if they 
worked. To the NIH's basic question—is the system of points and lines 
real?—our program was the only one giving an unequivocal answer: yes. 
Nevertheless, when this grant came up for renewal in 1976, it, too, 
was cut off. The stated reasons were that we hadn't published enough 
and that the electrical system we found didn't have any relation to acu- 
puncture. The first was obviously untrue—we'd published three papers, 
had two more in press, and had submitted six others—and the second 
was obvious pettifogging. How could anyone know what was related to 
acupuncture before the research had been done? I happened to know the 
chairman of the NIH acupuncture study section, so I wrote him a letter. 
He said he was surprised, because the group itself had been pleased with 
our report. By then it was obvious that something was up. 

As of October 1976 we would have no more NIH support. As the 
money dwindled, we juggled budgets and shaved expenses to cover our 
costs, and with the help of Dave Murray, who was now chairman of the 
orthopedic surgery department at the medical school, we kept the labo- 
ratory intact and enormously productive. We actually published more 
research than when we hadn't been under fire. 

Early in that same year, however, my appointment as medical in- 
vestigator had expired, and I had to reapply. Word came back that my 
application was being "deferred," that is, it had been rejected, but I had 
the option of reapplying immediately. In her accompanying letter, the 
director of the VA's Medical Research Service wrote, "While your past 
record and the strong letters of support [the peer reviews of my applica- 
tion] were considered extremely favorable, the broad research proposal 
with sketchy detail of technique and methodology was not considered 
approvable." Now, the instructions for medical investigator applications 
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clearly stated that I was to spell out past accomplishments and indicate 
future directions only in broad outline. Instead, the director was apply- 
ing the criteria for first-time grant applicants just entering research. She 
invited me to resubmit the proposal in the other format. But that would 
not have helped. Even if the second application was approved, the 
money would arrive six months after the lab had been closed and we had 
gone our separate ways. 

There was another strange thing about the rejection. By that time all 
federal granting agencies had to provide the actual reports (with names 
deleted) of the peers who had done the reviewing. Three out of the four 
were long, detailed, well-thought-out documents in the standard cri- 
tique format; they'd been neatly retyped, single spaced, on "reviewer's 
report" forms with an elite typewriter. One was absolutely lavish in its 
praise, saying that the VA was fortunate to have me and that the pro- 
posed work would undoubtedly make great contributions to medicine. 
Another was almost as laudatory. 

One name had inadvertently been left on one page of the third review. 
It was the name of a prominent orthopedic researcher with whom I'd 
disagreed for years about commercialization of bone-healing devices. 
Since our mutual disregard was well known in the orthopedic service, I 
feel it was indefensible for the director to ask him to review my applica- 
tion in the first place. Perhaps she expected a more damaging critique 
from him. He did complain that the proposal was insufficiently detailed. 
However, his appraisal was quite fair and even said my proposed work 
was of "fundamental importance to the field of growth and healing." It 
obviously led up to a recommendation for approval, but the last sentence 
of that paragraph had been deleted. 

The last review was half a page of vague objections, typed double 
spaced on a pica machine with no semblance of the standard format. 
There was a revealing mistake ("corrective" tissue instead of connective 
tissue) that showed the writer had glanced at my proposal for cues but 
really didn't know what it was about. Strangest of all was the phrasing 
of this pseudoreview: "[Becker's proposal] is broad and sweeping in 
scope and contains little documentation for technique and methodology. 
However, in view of his past record and strong letters of support, a 
decision should be deferred. ...". The director had used it almost word 
for word in her letter. 

She certainly had no motive for such conduct herself. I'd met her 
briefly a few years before. In 1966 she'd been appointed chief of research 
at the Buffalo VA Medical Center and had visited Syracuse to see how 

I'd organised the program there. Our conversation was pleasant but 

quite innocuious. 
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The incentive came from elsewhere. In 1982 a former chief of naval 
research, with whom I'd made friends because of our common interest in 

spinal cord regeneration, told me the Navy had protested the closing of 
the lab. He said it had been a deliberate action coming from some level 
higher than the VA, NIH, or NAS. Somewhere the decision was made 
to "shut this guy up," he said, but he wanted me to know that he and 
the Navy had had no part in it. At one point during the struggle, Andy 
Marino got a call from a minor official in the VA. He said, "Listen, 
we're under an awful lot of pressure here to shut you fellows off. Can't 
you just back off a little bit, stop saying all these things, just sort of 
downgrade that public hearing you're involved with?" This was the rea- 
sonable approach—"We're only trying to help you"—so Andy spent 
some time sympathizing with this guy's position. Then when he finally 
asked him, "Where are you getting the pressure from?" Andy got an 
answer: "Mostly from DOD." 

At about the same time I received a clear message about what was 
going on from one of the scientists from the "other side," one of those 
who were doing a lot of well-funded work for the military but publish- 
ing little. During a recess in a scientific meeting, I encountered him in 
an empty lobby. Glancing over his shoulder, he drew me aside to the 
windows and told me my only trouble was that I was going public. He 
said he and all the rest of us knew there were nonthermal effects and 
hazards, but we had to keep it quiet. I replied that if no one "went 
public," the situation could never be corrected and a lot of people would 
suffer needlessly. He told me that was no concern of mine and predicted 
my attitude would ruin my career. Well, I could only agree with him on 
the last point. I agreed that it probably already had, but at least I had a 
clear conscience. 

Rather than sit and wait for the executioner, I tried the back door. I 
sent a detailed merit-review proposal, the kind filed by beginning re- 
searchers, to a newly established section on rehabilitation research. In- 
stead of applying through VACO, however, I routed it through the VA 
regional office in Boston. 

While I was waiting for a reply, I had to fend off another attack. 
Before testifying at the PSC hearings, I'd notified my supervisor. With a 
VA lawyer present, he'd told me in person that this was just the kind of 
thing the VA wanted to fulfill its public obligations, and he even sent 
me a letter to that effect. Then, just after I appeared on 60 Minutes and 
talked about Sanguine, power lines, and the rigging of the NAS com- 
mittee, I heard the va Personnel Office was investigating me for engag- 
ing in nonapproved work - the testimony - on government time. I'd 

gone to the hearings at my own expense to attack a public health prob- 
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lem, but never mind; they were still accusing me of stealing from the 
taxpayers. If the charge was upheld, I would have to pay back part of my 
salary and grants based on all the time I'd spent researching, preparing, 
and giving the evidence. 

Soon a company spy showed up in my office. I knew anything I said 
would be carried straight to the top, so I mentioned, "just between you 
and me," that I was in a position to reveal infractions committed by the 
local administration that were more serious than their charge against 
me. The next day I got a call from the director: There was no audit 
being planned; that was just a rumor; it was all a big mistake. 

Soon I got word that my funding ploy had worked. The rehabilitation 
proposal was approved in routine fashion, and we were in_ business 
through 1979. I'm sure there was hell to pay at VACO when the phan- 
tom leader of the posse found that one of the director's underlings had 
let us slip the noose. However, I knew there was no way we'd ever 
finagle another grant, and I told everybody to start lining up another job 
well in advance. As for me, I'd decided to retire as soon as I became 
eligible in 1978. I was tired and discouraged. There was almost no 
interest in the evidence I'd accumulated for the DC perineural system, 
and I was pretty sure I'd never be able to do any research after this latest 
grant ran out. 

Then a magazine article provided some support that induced me to 
continue for a while. In 1976, Smithsonian ran a piece called "If a Newt 
Can Grow a New Limb, Maybe We Can." The author, Robert Bahr, 
had written a popularized but accurate account after looking through the 
scientific literature and finding, among others, our papers on rat limb 
regeneration. Shortly afterward, I received a call from Don Yarborough, 
a congressional lobbyist for the American Paralysis Association, a group 
of people who were dissatisfied with the then-prevalent idea that nothing 
could be done for paraplegics. Obviously, spinal cord regeneration was 
the ultimate answer if it was possible. Yarborough asked if what Bahr 
had written was true. 

When I said it was, he enthusiastically asked for more details. I told 
him the problems we'd encountered, both scientific and political, and 
the fact that I was soon to retire and disband the lab. He asked me to 
make no final decisions until he brought this situation to the attention 
of his contacts in Congress. 

Shortly thereafter, I was asked to see Senator Alan Cranston, then 
chairman of the Senate Committee on Veterans' Affairrs. Steve Smith was 
also invited. Also present were representatives from NIH and other 
agencies, who soon established their position. If the senator wanted to 
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support crackpot stuff like this, they fumed, he would have to see to it 

that additional money was given to NIH, since they wouldn't fund this 

work at the expense of "good, solid research projects." 

However, Cranston obviously was interested, and he must have leaned 
on the VA a little, for its policy changed briefly. The administrators 
expanded rehabilitation research, appointing a well-known orthopedic 
surgeon named Vernon Nickel to head it. As soon as he hit Washing- 
ton, he called and asked what he could do for me. I told him that for 
years I'd been wanting to organize an international symposium on mech- 
anisms of growth control and their clinical promise. Before I'd even 
finished describing the idea he asked how much I needed. I said 
$25,000, and he said it was on its way. Predictably, Vernon didn't last 
long in the capital; he was gone right alter I organized the conference, 
but by then it was too late to cancel the funds. 

The meeting was held in September 1979, and it exceeded all expec- 
tations. Every important researcher in the field was there, except for 
Meryl Rose, who can't stand crowds, and Marc Singer, who was ill. It 
brought together in one set of proceedings irrefutable evidence that a 
knowledge of the bioelectricity of growth would lead to incredible 
breakthroughs in medicine. Since then, a few more grants for regenera- 
tion work have opened up, and articles on bioelectromagnetism have 
begun to appear more often in the journals. 

At a June 1978 meeting in Washington, requested by Senator 
Cranston to plan more regeneration research, my colleagues and I gave 
(we thought) an exciting and scientifically successful preview of the work 
that would be presented at the full-scale symposium a year later. At the 
end, however, the director stood up and said our work was largely er- 
roneous and wholly without significance. "We see absolutely no reason 
to change the direction of VA research," she pontificated. "We see no 
reason to expand any programs in the area of regeneration." That was 
that for Cranston's initiative. The meeting appeared to be just a setup so 
the VA bigwigs could write him a letter saying they'd duly considered 
the work of all the experts, weighed it in the balance, and found it 
wanting. 

However, my co-workers and I decided to give it the old college try 
for more funds. Our grant expired December 31, 1979, and we had to 
submit our new proposal by the preceding January. By now our nemesis 
was assistant chief medical director, so it was impossible to sneak one 
around her. The VA seems to change its application instructions every 

year, and this year we were specifically told our program was a "type 

I." Therefore we weren't to submit a detailed write-up of each pro- 
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posed experiment. By this time we were obviously competent to do 
them, and we would be judged on the basis of past productivity. On 
that score we had no worries. We'd led the way in bioelectricity research 
and we were arranging the first conference ever in our specialty of 
growth control. Moreover, after our application was filed, during the 
symposium, I arranged for the chiefs of the various VA research sections 
to visit our lab, inspect the facilities, meet my replacement (Dave Mur- 
ray), and discuss our future course. They said they wanted me to con- 
tinue part time. Suddenly I felt we might survive after all. 

Then, around Thanksgiving, came word that our application had been 
disapproved. The director had pulled the same switch. She'd changed 
procedures after receiving the proposal, instructing the reviewers to con- 
sider it as a "type I" application from a new investigator, with emphasis 
on future plans. As might be expected, one of the peers said, "This is a 
poorly written, overly ambitious, incompletely detailed proposal." An- 
other wrote, "Dr. Becker is one of the pioneers in the field of electrically 
induced osteogenesis and regeneration. His work is visionary and excit- 
ing, yet at the same time it is controversial and lacks quantitation." The 
same old gobbledygook! Overly ambitious? By whose standards? Vision- 
ary and exciting? Exactly what do you want in a research project? Quan- 
titation? If you can start to grow a leg back on a rat, what statistics do 
you want besides the procedures, photos, and the number of experi- 
mental animals and controls? 

Soon after the rejection, I heard hints through intermediaries that the 
director might be willing to let us keep the laboratory together if I 
severed all my connections with it and if the remaining members agreed 
not to do any research on regeneration or electropollution. With such an 
agreement, it might be possible to get interim funds pending action on 
new proposals from my co-workers. The restrictions didn't leave much 
room to work, but at least my people's livelihood would be spared for a 
while, so we got back on the peer review treadmill. 

Andy Marino, Joe Spadaro, and Dave Murray all submitted proposals 
of their own late in 1979. Approval of any would have kept the lab 
open, but the VA director went outside normal procedures to ensure 
rejection of each one. She chose an ad hoc committee instead of the usual 
peers to evaluate Spadaro's application. One of the critiques objected to a 
lack of guidance for him due to the fact that "we understand Becker is 
retiring." To judge Marino's plan for testing the three methods of elec- 
trical osteogenesis for long-term side effects, she bypassed the reviewers 
who would have been chosen routinely, picking instead someone who 

had no trainning in orthopedics but who could be counted on to reject 

anything remotely associated with me. 
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This man, a well-connected Purdue University embryologist, had for 
several years been making it a habit to ridicule my work in some of his 
own papers, while using it without credit as the basis of his own in 
other publications. In 1978, in response to a Saturday Review article 
describing regeneration work by me and others, a member of his lab had 
written a long, vituperative letter to the editor accusing me of "bad 
science" that had "made life difficult" for real researchers like him and 
his partners. He accused me of falsifying data on the rat limb experi- 
ment. He said the results I'd reported in three days were impossible, 
even though he'd never bothered to repeat the experiment himself. He 
ridiculed a claim that blastemas arose from white blood cells, an assertion 
that neither I nor anyone else had ever made. He accused me of misquot- 
ing other scientists' work to support my own ends. He charged me and 
Stephen Smith with trying to pass off a photo of an intact frog as one 
that had regrown a complete leg in one of Smith's experiments. Finally, 
he castigated me for avoiding scientific journals in favor of publishing 
my results in the popular press, even though I'd had well over a hundred 
papers printed in the peer-reviewed literature. 

Steve Smith was moved to answer the letter point by point, closing 
with a denunciation of establishment scientists who responded to new 
ideas with ridicule and slander. Furthermore, he concluded, "I do not 
understand the rationale of those who feel that research is some obscure 
process whose results should be made known to the public only as a 
series of miraculous revelations. The decision as to what kind of research 
to support is essentially a political one in this day and age, and I firmly 
believe that an informed public opinion is a much better basis for that 
decision than general obfuscation." 

Normally even the most scurrilous charges are thrashed out in the 
technical journals, however inadequate that process may be. The letter 
writer, however, took it upon himself to send a copy to one of the 
overseers of NIH funding. I suppose I could consider myself lucky that 
by then there was no more damage anyone could do me in that quarter. 

The eminent embryologist's vendetta continued into 1980. In Febru- 
ary of that year, the Purdue Office of Public Information issued a press 
release lauding the great man's own research and presenting him as a 
white knight doing single combat against "myths." In it he accused me 
of "plain ordinary fraud," repeating the accusations from his assistant's 
letter. As a result, I sent the president of Purdue a long, detailed letter 
itemizing his employee's actions during the past several years, and 
threatening to sue both him and the university. Immediately I got a call 

from the embryologist, in which he claimed he never meant anything 

like that, and asking what I planned to do. I asked to see some apologies 
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in writing, and soon I received a nice letter expressing "deep regrets" for 
the "rather garbled" press release and belatedly acknowledging that he 
would never have done any regeneration work without the stimulus of 
Smith's experiments, which in turn had descended from mine. 

The point of summarizing this embarrassing behavior is that, at about 
the same time he was talking with the Purdue press office, this gen- 
tleman was also writing the "impartial" review of Andy's proposal. We 
know who did the job because, in the small family of regeneration work- 
ers, the fellow's contentious style and his practice of quoting mainly his 
own research are immediately recognizable. His critique repeated some 
of the same old charges against my own work, even though the proposal 
wasn't mine. At one point he objected that one of Andy's experimental 
controls was to use the devices on healthy bone. He sniffed, "I am not 
aware that physicians are electrically stimulating uninjured bone in hu- 
mans." Of course they weren't, but that part of the procedure was the 
perfect way to test for side effects in normal bone—the whole point of 
the experiment. The reviewer also wondered why some of the animals 
were to be sacrificed after one or two months while looking for long- 
term effects, knowing as well as any researcher that this was the normal 
way of following changes in tissue. After all this, he complained that 
there were no controls, when in reality the controls were to consist of 
animals allowed to live out their normal life-spans (which he conve- 
niently overlooked), as well as the very procedures he objected to. 

Several paragraphs of the pink sheets were deleted. Perhaps they con- 
tained more vitriol than even the VA thought was suitable for me. An- 
other revealing criticism was left in, however. Since Andy had been part 
of my lab, the reviewer felt that I "would exert considerable influence on 
the character of the research proposed here," and for him that was an 
unacceptable contamination. 

The denouement was completely predictable. All the proposals were 
rejected. We continued to work through 1980, supported at a low level 
of productivity by the interim funds. I kept a small part of the tissue 
culture lab going with a little money from the company that had made 
the black boxes for our bone-healing stimulators. In it we did a scaled- 
down version of Andy's proposed experiment to test for stimulation of 
malignant cells from electrical osteogenesis—and found it. 

From January through June of that year, most of our energy went into 
drafting one last proposal and trying to get a fair hearing from someone 
else in the VA. This time we stipulated right in the proposal that | 
would officially retire and that Dave Murray would become the _ lab's 
principal investigator. Of course, the research director knew that I 
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would still talk to these people, and on December 19 we were informed 
by phone of the final repudiation. As a last-ditch effort, I wrote a letter 
of appeal to the chief VA administrator, who'd shown favorable interest 
in our work a couple of years before. I asked him for a hearing and 
investigation, but to no avail. 

The lab ceased to exist on New Year's Day 1981. The local VA chief 
had the gall to offer Andy and Joe jobs as night administrative officers. 
Instead, Marino went to work at Louisiana State University Medical 
School in Shreveport, where he still investigates the positive silver tech- 
nique on a small scale. Spadaro also remained in orthopedic surgery, at 
the SUNY Upstate Medical Center right there in Syracuse. Maria 
Reichmanis decided she'd had enough of professional science, quit re- 
search entirely, and got married. This was the end of the foremost group 
working toward limb and spinal cord regeneration and one of the few 
bioelectromagnetism labs outside the DOD-industry orbit. 

I've taken the trouble to recount my experience in detail for two rea- 
sons. Obviously, I want to tell people about it because it makes me 
furious. More important, I want the general public to know that science 
isn't run the way they read about it in the newspapers and magazines. | 
want lay people to understand that they cannot automatically accept 
scientists’ pronouncements at face value, for too often they're self-serving 
and misleading. I want our citizens, nonscientists as well as_ in- 
vestigators, to work to change the way research is administered. The 
way it's currently funded and evaluated, we're learning more and more 
about less and less, and science is becoming our enemy instead of our 
friend. 
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Apatite: The mineral fraction of bone, microscopic calcium phosphate crystals 
deposited on the preexisting collagen structure of the bone, making it 
hard. See also Collagen. 

Axon: The prolongation of a nerve cell that carries a message, or stimulus, 
away from the cell body. For example, a motor nerve cell axon carries a 
contraction stimulus to a muscle. See also Dendrite, Neuron. 

Base pair: An association between two of the four fundamental chemical 
groups that make up all DNA and RNA molecules. Base pairs are the 
smallest structures that form units of meaning in the genetic code. The 
more base pairs, the larger the molecule. 

Biological cycles: Changes in the activities of living things in an ebb-and-flow 
pattern. Such changes occur in almost all physical aspects, including sleep- 
wakefulness, hormone levels, and numbers of white cells in the blood. The 
predominant pattern is approximately twenty-four hours and usually fol- 
lows the lunar day closely. See also Orcadian rhythm. 

Blastema: The mass of primitive, unspecialized cells that appears at the site of 
an injury in animals that regenerate. Blastema cells specialize and form the 
replacement part. 

Circadian rhythm: The predominant biological cycle of all living things, from 
Latin circa ("approximately") and dies ("a day"). See also Biological cy- 
cles. 

Collagen: A protein that makes up most of the fibrous connective tissue that 
holds the body's parts together. Tendons, ligaments, and scar tissue are 
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composed almost entirely of collagen. It also forms the basic structure of 

bone. See also Apatite. 

Crystal lattice: The precise, orderly arrangement of atoms in a crystal, forming 
a netlike structure. 

Dedifferentiation: The process in which a mature, specialized cell returns to 
its original, embryonic, unspecialized state. During dedifferentiation the 

genes that code for all other cell types are made available for use by de- 
repressing them. See also DIFFERENTATION, Gene, Redifferentiation. 
Dendrite: The prolongation of a nerve cell that carries a message, or stimulus, 
toward the cell body. For example, sensory nerve cell bodies receive stimuli 
from receptors in the skin via their dendrites. See also Axon, Neuron. 
Differentiation: The process in which a cell matures from a simple embryonic 
type to a mature, specialized type in the adult. Differentiation involves 
restricting, or repressing, all genes for other cell types. See also De- 
differentiation, Gene, Redifferentiation. 

DNA: The molecule in cells that contains genetic information. 

Ectoderm: One of three primary tissues in the embryo, formed as differentia- 
tion (cell specialization) is just beginning. The ectoderm gives rise to the 
skin and nervous system. See also Endoderm, Mesoderm. 

Electrode: A device, usually metal, that connects electronic equipment to a 
living organism for the purpose of measuring electrical currents or vol- 
tages in the organism, or delivering a measured electrical stimulus to the 
organism. 

Electrolyte: Any chemical compound that, when dissolved in water, separates 
into charged atoms that permit the passage of electrical current through 
the solution. 

Embryogenesis: The growth of a new individual from a fertilized egg to the 
moment of hatching or birth. 

Endoderm: One of three primary tissues in the embryo, formed as differentia- 
tion (cell specialization) is beginning. It forms the digestive organs. See 
also Ectoderm, Mesoderm. 

Epidermis: The outer layer of skin, having no blood vessels. 

Epigenesis: The development of a complex organism from a simple, un- 
differentiated unit, such as the egg cell. It is the opposite of preformation, 
in which a complex organism was thought to develop from a smaller, but 
similarly complex, antecedent, such as the homunculus that some early 
biologists thought resided in the sperm or egg cell. 

Epithelium: A general term for skin and for the lining of the digestive tract. 
Exudate: Liquid, sometimes containing cells, that diffuses out from a wound or 
surface structure of a living organism. Examples are a wound exudate and 

the slime exudate from the skin of fish. 
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Galvanotaxis: The movement of a living organism toward or away from a 
source of electric current. 

Gene: A portion of a DNA molecule structured so as to produce a specific effect 
in the cell. 

Gene expression: Specific structure and activity of a cell in response to a group 
of genes coded for such activity. For example, genes coded for muscle 
cause a primitive cell to assume the structure and function of a muscle 
cell. 

Glia: A tissue composed of a variety of cells, mostly glial cells, that makes up 
most of the nervous system. These cells have been considered nonneural in 
the sense that they cannot produce nerve impulses. Therefore they have 
been thought unable to transmit information, rather having protective and 
nutritive roles for the nerve cells proper. This concept is changing. It is 
now known that glial cells have electrical properties that, while not the 
same as nerve impulse transmission, enable them to play a role in com- 
munication in the body. 

Hertz: Cycles per second, the unit for measuring the vibratory rate of elec- 
tromagnetic radiation. Named for Heinrich Hertz, German physicist who 
made the first experimental discovery of radio waves in 1888. 

Homeostasis: The ability of living organisms to maintain a constant "internal 
environment." For example, the human body maintains a constant amount 
of dissolved oxygen in the blood at all times by means of various mecha- 
nisms that sense the oxygen level and increase or decrease the breathing 
rate. 

In vitro: An experiment done in a glass dish on part of a living organism. 

In vivo: An experiment done on an intact, whole organism. 

Magnetosphere: The area around the earth in which the planet's magnetic field 
exerts a stronger influence than the solar or interplanetary magnetic field. 
It extends some 30,000 to 50,000 miles from the earth's surface. A prom- 
inent feature of the magnetosphere is the Van Allen belts, areas of charged 
particles trapped by the earth's magnetic field. 

Magnetotactic: Active movement toward a magnetic pole. 

Mesoderm: One of three primary tissue layers in the embryo, which develop as 
differentiation (cell specialization) begins. It becomes the muscular and 
circulatory system in the adult. 

Mitosis: Cell division. Actual division takes only a few minutes but must be 
preceded by a much longer period during which preparatory events, such 
as duplication of DNA, take place. The entire process generally takes 

about one clay. 

Neoblast: An unspecialized embryonic cell retained in the adult bodies of cer- 
tain primitive animals and called to the site of an injury to take part in 
regenerative healing. 
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Neuroepidermal junction: A structure formed from the union of skin and 
nerve fibers at the site of tissue loss in animals capable of regeneration. It 
produces the specific electrical currents that bring about the subsequent 
regeneration. 

Neurohormone: A chemical produced by nerve cells that has effects on other 
nerve cells or other parts of the body. 

Neuron, or neurone: A nerve cell. 

Neurotransmitter: A chemical used to carry the nerve impulse across the syn- 
apse. 

Osteoblast: A cell that forms bone by producing the specific type of collagen 
that forms bone's underlying structure. 

Osteogenesis: The formation of new bone, whether in embryogenesis, 
postnatal development, or fracture healing. 

PEMF: Pulsed electromagnetic field. 

Periosteum: A layer of tough, fibrous collagen that surrounds each bone. It 
contains cells that turn into osteoblasts during fracture healing. 

Photoelectric material: A substance that changes light into electrical energy, 
producing an electric current when light shines on it. 

Piezoelectric material: A substance that changes mechanical stress into elec- 
trical energy, producing an electrical current when deformed by pressure 
or bending. 

Potential: Another term for voltage, which may at times be limited to a volt- 
age that exists without a current but is potentially able to cause a current 
to flow if a circuit is completed. 

Preformation: See Epigenesis. 

Pyroelectric material: A substance that changes thermal energy into electrical 
energy, producing an electric current when heated. 

Redifferentiation: The process in which a previously mature cell that has de- 
differentiated becomes a mature, specialized cell again. See also De- 
differentiation , Differentiation . 

Salamander: Any of a group of amphibians related to frogs but retaining a tail 
throughout their lives. Salamanders live in water or moist environments. 
Most are 2 to 3 inches long, but some grow to more than a foot in length. 
Since salamanders are vertebrates, with an anatomy similar to ours, and 
since they regenerate many parts of their bodies very well, they are the 
animals most commonly used in regeneration research. 

Schwann cells: The cells that surround all of the nerves outside of the brain 
and spinal cord. See also Glia. 

Sciatic nerve: The main nerve in the leg. It includes both motor nerve fibers 
carrying impulses to the leg muscles and sensory nerve fibers carrying 

impulses to the brain. 
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Semiconduction: The conduction of electrical current by the movement of 
electrons or "holes" (the absence of electrons) through a crystal lattice. It is 
the third and most recently discovered method of electrical conduction. 
The others are metallic conduction, which works by means of electrons 
traveling along a wire, and ionic conduction, which works by movement 
of charged atoms (ions) in an electrolyte. Semiconductors conduct less cur- 
rent than metals but are far more versatile than either of the other types of 
conduction. Thus they are the basic materials of the transistors and inte- 
grated circuits used in most electronic devices today. 

Superconduction: The conduction of an electrical current by a specific material 
that under certain circumstances (generally very low temperatures) offers 
no resistance to the flow. Such a current will continue undiminished as 
long as the necessary circumstances are maintained. 

Synapse: The junction between one nerve cell and another, or between a nerve 
cell and some other cell. See also Neurotransmitter. 

Undifferentiated: Unspecialized, a term applied to cells that are in a primitive 
or embryonic state. See also Dedifferentiation, Differentiation, Re- 
differentiation . 

Vertebrate: Any of the animals that have backbones, including all fish, am- 
phibians, reptiles, birds, and mammals. All vertebrates share the same 
basic anatomical arrangement, with a backbone, four extremities, and sim- 
ilar construction of the muscular, nervous, and circulatory systems. 
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TRODUCTION TO KATHARA BIORECENESIS TECHNOLOGIES 


COLOR, SYMBOL, SOUND AND BIO-REGENESIS TECHNOLOGIES 


BIO-REGENESIS TECHNOLOGIES are tools to assist us in accelerating our expansion of 
consciousness through natural, gentle stimulation of the personal DNA TEMPLATE, KUNDALINI 
ENERGIES, CHAKRAS AND MERKABA VEHICLE. Bio-Regenesis techniques are built upon the 
foundations of KEYLONTIC MORPHOGENETIC SCIENCE and advanced SCALAR MECHANICS, 
as understood by races of higher evolution; these are paradigms of science not yet recognized or 
validated by contemporary earth science paradigms. Because Bio-Regenesis technologies are 
based upon whatis viewed by modem earth science paradigms as a speculative rather than 
verifiable science, | present Bio-Regenesis techniques only as an option to explore in meditation. 

Bio-Regenesis technologies were taught as “Common Knowledge” within the Ascension Schools 
of Pre-Ancient advanced human cultures and were utilized as standard practice in pre-ancient time 
periods. Bio-Regenesis Technologies are built upon the natural laws of scalar wave mechanics. 
Bio-Regenesis Techniques are SPECIFIC APPLICATIONS OF CONSCIOUS ENERGY 
DIRECTION WITHIN THE MANIFESTATION TEMPLATE OF THE BODY that stimulate into 
activity dormant portions of the personal Manifestation Template, which allows for a natural, 
progressive and accelerated advancement of the personal ORGANIC EVOLUTIONARY 
BLUEPRINT of the 12"-Dimensional Omni-polar Pre-matter Template. Bio-Regenesis Techniques 
simultaneously create subtle, natural acceleration within the interwoven energy systems of the 
DNA Template, Chakra System, Merkaba Fields, Kundalini energies, higher dimensional 
consciousness, and “Subtle Energy Body” anatomy. 

In the Bio-Regenesis paradigm it is said that such techniques allow an individual to affect the 
function of the scalar wave template of the body, working co-creatively under the direction of the 
individual's own higher dimensional levels of consciousness. As the higher dimensional 
levels of the personal identity, the spiritual identity of the Soul, governs the processes of the 
personal Manifestation Template, Bio-Regenesis Technologies are completely safe and natural to 
the organic design of the human being. Using processes of Bio-Regenesis from the earthly 
conscious perspective expedites the natural processes of energy and consciousness by which the 
higher identity and earthly identity integrate to become one. In advanced ancient human cultures, 
Bio-Regenesis Technologies represented a natural attribute of consciousness expansion into the 
realms of higher evolution and assisted to biologically prepare humans for STAR GATE passage 
or “ASCENSION”. 

If we can understand that the HUMAN MIND is an energy force that CONTINUALLY 
GENERATES PATTERNS OF SCALAR WAVES through the process of THOUGHT, itis not 
difficult to understand how APPROPRIATELY DIRECTED THOUGHT can directly influence the 
function of the personal Manifestation Template scalar blueprint All thoughts serve this purpose, 
and directly effect the observable state of the mind-body-spirit system and the manifestation of 
events within the external life drama. THOUGHTS ARE THINGS- SCALAR WAVE 
CONFIGURATIONS of mutti-dimensional vibrating patterns of B/ POLAR ELECTROMAGNETIC 
ENERGY RADIATION, which form SPECIFIC PATTERNS OF SCALAR FREQUENCY within the 
personal Manifestation Template. 

Undirected thought creates chaotic patterns within the Manifestation Template, while thought 
directed through clear intention creates ordered patterns within the Manifestation Template. 
Thought directed with clear intention and KNOWLEDGE OF THE STRUCTURE OF SUBTLE- 
BODY ANATOMY, is a very potent form of SCALAR POWER. The patterns of scalar energy 
frequency that thought projects into the personal Manifestation Template serve as 
ELECTROMAGNETIC OPERATIONAL INSTRUCTIONS within the Template, directly effecting the 
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conditions that will be met in manifest experience. To develop skill in the manifestation process, the 
conscious “intending” mind must become more familiar with the “LANGUAGE OF SCALAR 
WAVES”, as this is the “LANGUAGE OF LIGHT AND SOUND" upon which the Manifestation 
Template operates. The “language of scalar waves” is “spoken” through the forms of specific wave 
spectra, forms that appear to the conscious 3-dimensional mind as frequencies of SOUND, spectra 
of LIGHT or COLOR, and shapes or SYMBOLS. 

What we perceive as color is specific spectra of LIGHT-RADIATION WAVES that have a 
Specific measurable WAVELENGTH and vibrational ENERGY SIGNATURE. In using the 
conscious mind to direct quantities of color, we are CONSCIOUSLY SELECTING SPECIFIC 
SCALAR FREQUENCIES to add to the Manifestation Template. When we use the conscious mind 
to create images of SYMBOLS, we are further SPECIFYING THE ARRANGEMENT OF SPECIFIC 
FREQUENCIES, as they will appear within the Manifestation Template. SYMBOL FORMS (even 
those that compose the alphabets of outer languages) represent SCALAR-WAVE GUIDES, and 
directly affect the contours of the scalar wave blueprint of the Manifestation Template. The 
Manifestation Template governs the function of the body and consciousness within the manifest 
experience, and so the “Language of Scalar Waves’ is the medium through which we gain 
conscious access to the CASUAL LEVEL OF MANIFESTATION. In using color and symbol to 
direct frequency, we are creating a pattern of energy that has @ specific vibrational signature or 
“TONAL SOUND SIGNATURE”, which directly interfaces with the energetic vibrational sound 
Signature of the Manifestation Template’s scalar grid. 

in Bio-Regenesis technology, Color and Symbol are used to direct the TONAL SCALAR 
ARRANGEMENTS of the Manifestation Template, to create natural, desired results within the 
body-mind-spirit system. There are many complexities within the process of conscious 
manifestation that one must lear to fully master the contours of Space, time and matter. The 
beginning step is learning to give more finely tuned thought intention "PROGRAMMING 
INSTRUCTIONS" to the personal Manifestation Template. Thoughts and images rendered in 
external language and 3-dimensionally associated symbols affect the outer layers of the 
Manifestation Template, but they do not provided as finely tuned manifestation instructions as do 
the “scalar wave languages” of Color and Symbol image, which direct the contours of vibrational 
patterns of SOUND. Mastery within the interdimensional spectrum progressively develops as one 
masters the core “PROGRAMMING LANGUAGES" of Color, Symbo! and Sound Vibration. 

in MIND TECHNOLOGIES, such as CREATIVE VISUALIZATION and VERBAL AFFIRMATION, 
beginning skill in SCALAR TEMPLATE PROGRAMMING is developed through using emotionally 
charged images and precise sound patterns in the language to which we are accustomed, as 
methods to begin gaining conscious control over the processes of personal manifestation. 
Keylontic Science BIO-REGENESIS TECHNOLOGIES take us ONE STEP DEEPER into the 
manifestation process, by directly employing the LANGUAGE OF SCALAR WAVES and directing 
the ENCODED INSTRUCTIONS through PRECISE LOCATIONS within the body-mind-spirit 
system and the Manifestation Template upon which this system is built. Bio-Regenesis 
technologies take us from speaking the language of the 3-dimensional mind into Speaking the 
intrinsic scalar-wave language of the Spirit, which is the CASUAL ELEMENT behind and within all 
manifestation. 

Bio-Regenesis Technologies represent applications of Scalar Mechanics that utilize the inherent 
power of SUBTLE WAVE FORMS to created desired change within the core Manifestation 
Template of the body. Within this process, COLOR and SYMBOL become the TOOLS through 
which the 3-dimensionallyconscious mind becomes empowered to participate in conscious co- 
creation with the Soul and higher dimensional spiritual portions of identity. Color and Symbol 
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possess power as MATHEMATICALLY ENCODED directors of scalar frequency; the ultimate 
effect of this directed power is the ability to affect the scalar arrangements of the Manifestation 
Template. intrinsically, scalar waves are specific points of vibrating bi-polar energy signatures. 
Vibration of energy units creates patterns of internal and external SOUND, within and beyond the 
range of 3-dimensional detection. The Manifestation Template can be conceptualized as an 
INTERWOVEN FABRIC OF SOUND FREQUENCY, the ‘Silent Symphony’ of personal and 
universal being. The tools of Color and Symbol affect the scalar-wave arrangement of the 
Manifestation Template, and thus alter the vibrational patterns of SOUND TONES within the 
personal blueprint COLOR AND SYMBOL are tools for the direction of SOUND, and intentional 
application of SPECIFIC SOUND TONES can also be used in conjunction with Color and Symbol, 
to further amplify one’s power to interact with the Manifestation Template. 

Along with the techniques of Color and Symbol direction, TONING, or the intentional 
generation of specific sounds to affect the Manifestation Template, is also utilized in Bio- 
Regenesis technologies and spiritual expansion programs. “T oning Therapies” have emerged in 
recent years through the New Age and Holistic Healing paradigms, and have been applied for 
thousands of years, within the practices of spiritual masters in every religious tradition. SPOKEN 
LANGUAGE itselfis a form of TONING, with its accompanying SYMBOL ALPHABET, and like all 
Symbols and Sound Tones, our languages directly affect the personal Manifestation Template, and 
the level of consciousness that can manifest through the body. In ancient cultures, the powers of 
language were better understood than they presently are in contemporary mainstream society. 
Particularly within the Priest-casts of ancient religions, language was used more consciously, with 
an understanding that words, sounds and images would directly effect the consciousness of the 
masses. Prayers, rituals and songs, some of which remain in use today, were used as a means of 
altering consciousness. Some assisted in spiritual development, others were intentionally used to 
limit and contro! the consciousness of populations. 

The contemporary earth science paradigm is only beginning to explore the power of sound 
vibration and the connection between sound, symbol and color is not yet recognized or understood. 
In advanced pre-ancient cultures, these sciences of Scalar Mechanics were fully understood 
and utilized in the most powerful of ways. Color-Symbol-Sound technologies were not only 
used in Bio-Regenesis applications for personal health and consciousness expansion; they were 
also used among GROUPS OF PEOPLE to directly interface with the scalar-wave Manifestation 
Template of the PLANTETARY SHIELDS. Vortices, Time Portals, Star Gates, Ley Lines and free 
energy Systems generated through the planetary core and solar light emanations were all 
DIRECTED THROUGH THE FOCUSED MIND, utilizing knowledge of Color-Symbol-Sound Scalar 
Mechanics. Since the fall of ancient cultures, which came as a result of abusing the powers of 
these Scalar technologies, the Color-Symbol-Sound sequences once used to direct massive 
amounts of power became the “HIDDEN AND FORBIDDEN SACRED KNOWLEDGE". 

The COLORS, SYMBOLS and SOUNDS used in Bio-Regenesis techniques are not simply 
random choices. The elements of Bio-Regenesis technique are drawn from a UNIVERSAL 
STANDARD LANGUAGE OF “SCALAR SPEAK’, through which precise scalar frequencies are 
generated through specific Color-Symbol-Sound sequences to create very specific effects 
within Manifestation Templates. The Bio-Regenesis Techniques presently offered represent only 
the beginning of our reawakening to this vast body of Sacred Science knowledge. Many Bio- 
Regenesis techniques utilizing Color-Symbo! sequence scalar mechanics are accompanied bya 
corresponding exercise in TONING. Within the mystical Ascension Schools of ancient and pre- 
ancient times, there existed a very SACRED SERIES OF TONING SEQUENCES that were used 
to directly interface with the DNA TEMPLATE and the AXIOM LINES in the PLANETARY 
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SHIELD. On a personal level, through this specific series of Toning, dormant strands in the DNA 
Template could be progressively brought into activation, to expedite the process of Spiritual 
Actualization, Holistic Healing and building of the PERSONAL MERKABA VEHICLE within the bio- 
energetic field. On the planetary level, these Sacred Toning Sequences were used to 
ENERGETICALLY OPEN the PLANETARY AXIOM LINES for CLEARING, REPROGRAMMING 
AND ACCELERATING THE ACTIVATION of the PLANETARY SHEILDS. This series of Sacred 
Toning was collectively called “THE MUSIC OF THE SPHERES”. 


THE SONGS OF THE SPHERES 


The MUSIC OF THE SPHERES represents the ORGANIC TONAL SEQUENCES of EACH 
DIMENSIONAL FREQUENCY BAND within the 15-Dimensional Time Matrix; the 
CONSOLIDATED CORE VIBRATIONAL SOUND SIGNATURES of each Dimensional frequency 
band. Of the 15 core vibrational signatures of the 15 Dimensions in a Time Matrix, 12 of these 
core signatures serve as the PRIMARY 12 TONAL SEQUENCES upon which each strand of the 
12-Strand original human DNA Template, and each AXIOM LINE in the 4-Density Planetary 
Shields are structured. In using the Tone Sequences of the Music of the Spheres, the 12- 
Strand DNA Template can be PROGRESSIVELY BROUGHT INTO NATURAL ACTIVATION. 
Scalar-wave distortions within the Templates for the DNA Strands (which physically manifest as 
genetic distortions) can be systematically REALIGNED with their natural perfect 12" Dimensional 
ORGANIC IMPRINT. In using the Music of the Spheres for work with the Planetary Shields, 
each of the 24 AXIOM LINES can be OPENED and ENCODED WITH THE PERFECT PATTERN 
OF THE PLANETARY PLASMA BEAM. Transmitting the 12!Dimensional MAHARIC SHIELD 
pattern directly into the Axiom Lines in the Planetary Shields is the most rapid method to distribute 
the program of the PLANETARY ORGANIC IMPRINT throughout the 4 Density Levels of the 
PLANETARY SHIELDS. 

In ancient days, the Music of the Spheres was used extensively for purposes of self-generated 
healing and to prepare the physical body for literal passage through the planetary Star Gates 
(‘Ascension’). The specific tone sequences for each SINGULAR DIMENSION (which 
corresponded to one DNA Strand Template in the 12-Strand blueprint and the inherent Dimension 
of consciousness that would embody through activation of the strand) are called the "SONGS OF 
THE SPHERES”. Each “SONG” contained very specific “word sounds” (from the first Universal 
Spoken language) for lyrics, and specific multi-layered tones (which generated inaudible Tri-tone 
Standing Waves) for melody, harmony and overtones. To be effective, the Songs had to be used 
through the HUMAN VOICE, externally or mentally as the “SINGING OF SONGS”. 

The Sacred Songs were sung in combination with directing specific corresponding COLOR and 
SYMBOL sequences through the bio-energetic field (or through the Planetary Axiom Lines for 
Planetary Shield work). The Songs served to “open” specific areas of the DNA Template, or 
specific Planetary Axiom Lines, to receive instructions directed by the Color and Symbol 
sequences. The tones of the Songs generated specific scalar-wave formations that triggered 
activation of corresponding configurations within the DNA Template and Planetary Shields. 
Activation of dormant portions of the DNA Strand Templates or Planetary Axiom Lines “opened” 
the Strand Template or Planetary Shield to directly receive Color-Symbol scalar wave instructions, 
through which desired outcomes within the personal or planetary body, and within the extemal 
reality experience, could be "PROGRAMMED" for manifestation. 


The SCIENCE OF THE MUSIC OF THE SPHERES was one of the most highly guarded 
“SACRED SECRETS’ in pre-ancient cultures, due to the power of interdimensional freedom and 
conscious manifestation that could be obtained through knowledgeable use of the SONGS. 

Before the SONGS OF THE SPHERES will be fully returned to human awareness, our culture 
will have to mature enough to demonstrate spiritually motivated ethical use of power. Certain 
SONGS are now being slowly retumed, so that we may assist those of higher evolution to realign 
Earth’s Planetary Shield with its original 12-Dimensional MAHARIC SHIELD ORGANIC IMPRINT. 
One of the 15 SONGS OF THE SPHERES was provided to us by the Emerald Order. This SONG 
is used to activate dormant scalar-waves in the 8 DNA STRAND TEMPLATE, through which the 
process of activating the dormant 1*+8* Strands of the 12-Strand DNA Template can be 
accelerated, expediting the natural processes of higher dimensional spiritual identity integration. 

This SONG is also used to open the 8™ AXIOM LINE in GAIA'S PLANETARY SHIELD, to 
facilitate realignment of Earth's Planetary Shields from ETHERIC MATTER DENSITY-3. This 
SONG was given so that GROUPS can begin assisting directly in Planetary Grid work, opening 
specific Axiom Lines and Vortices in the planetary body to help bring Earth's Planetary Shield 
Manifestation Template into its organic alignment and balance. The SONG that was given is called 
the “Ariea Khum Nar’A’. The English language translation is "THE SONG OF ORION". This 
SONG OF THE 8% SPHERE corresponds to the 8" -Dimensional level of the UNIVERSAL 
KATHARA GRID and its 8™ PRIMARY STAR GATE. It also corresponds to the 8 PLANETARY 
AXIOM LINE within the Etheric Matter Density-3 GAIAN PLANETARY SHIELD and to the 8 DNA 
STRAND TEMPLATE in the human body. The 8 Dimensional STAR GATE within the 
UNIVERSAL KATHARA GRID is the Star Gate that opens into the ORION STAR SYSTEM, thus 
the name of the SONG OF THE 8 SPHERE is ‘THE SONG OF ORION’. 

Soon the SONGS that correspond to the 11 and 12"—Dimensional frequencies will be provided. 
Aside from its use in planetary grid work, when used as a “MANTRA”, repeatedly sung as a focus 
for the mind in meditation, the Ariea Khum Nar’A serves to stimulate consciousness expansion 


into the higher dimensional fields and amplifies and expedites the effects of personal Bio- 
Regenesis techniques. 
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The Song of Orion 


Part 1 : the Resonant Tone Syllable Sequence (primary melody) 


Verse 1: OMA Da __ E, Patum ah 
OMA Da_ €E, Patumah 
Patum ah A’ DEE - Tah, A khum-na 
OMADa_ €E, Patum ah 


Verse 2:TrA TE La €E" Durum Na 
TrA TE La_ €’ Durum Na 
Durum’ ah A’ Khem - Tah, A khum-na 
OMA Da E, Patum ah 


Part 2 : the Base Tone Syllable Sequence (accompaniment 1) 
OM_A tum __sh - Lines 1, 28 4 Verse 1& Line 4 Verse 


TA TE La. E’ Durum Na - Lines 1 & 2 Verse 2 
UMah OM, A 
UM ah OM, A 


DEE -T; A_khurn- 


Part 3: the Over Tone Syllable Sequence (accompaniment 2) 
A ah 18 


TA TE La E Durum Na-Lines 1 82 Verse 2 
BE HE Tah OM, A 
BE HE Tah OM, A 


-Patun_ sh__A DE E— Tah, A _Khum -na_~ Line 3 Verse4 
Durum ah A Khem- Tah, A Khum-na- Line 3 Verse 2 
Thra Khem' Na, A 
OM_A P; ah= 4 


KhrA MIM, Tah A 





C_THE STRUCTURE OF THE UNIFIED FIELD AND THE CONTEXT OF HEALING 





If one is to become fluent in the art and science of Bio-Spiritual Healing 
Facilitation, it is necessary to become familiar with the primary structures of 
energy within which existence takes place. Without this understanding one will be 
unable to identify the true nature of systems and their intrinsic functions. If we do 
not understand the intrinsic order of a system and the elements that make up 
its parts, our ability to comprehend the organic functions of the system will be 
limited. Without comprehension of the intrinsic dynamics inherent to a system, 
our perceptions will be limited to observing the effects of systems function, 
rather than perceiving the causal elements behind and within the apparent 
observable effects. In relation to the health and healing of the human body, it is 
wise to view the human Body-Mind-Spirit organism as a series of interwoven 
systems, each with inherent, implicit order, the perceivable and observable 
aspects of which represent the effects of systems function. The observable 
effects of the human condition emerge from an as yet unidentified causal 
order, a hidden and mysterious source out of which the manifest effects of 
human existence emerge. Holistic Healing approaches human health and 
healing in terms of the interdependent relationships between multiple interwoven 
systems. The Body-Mind-Spirit organism is viewed in terms of the intrinsic 
relationships that unite the multiple systems of the human being, rather than in 
terms of the observable boundaries that appear to separate and divide the 
multiple systems inherent to the human organism. 

Holistic Healing, and KATHARA Healing particularly, take the concept of 
intrinsic unity within the seemingly separate systems of the human being one 
Step further than simple interrelationship between physical, mental and 
spiritual aspects of human experience. In the paradigm of Kathara Healing, 
the human organism is viewed as a set of interwoven systems that is itself 
part of a larger system of interdependent systems. The human individual is 
not only recognized as a singular set of unified parts, but rather as an intrinsic 
part of the species, planetary, galactic, universal and cosmic systems within 
which human existence finds context for being. The Cosmic Unified Field of 
Energy and Consciousness is viewed as the indelible medium within which all 
reality takes place, and human existence is viewed in terms of its relationship to 
this greater Meta-system of interwoven, interdependent systems. The health and 
wellbeing of the human being is directly related to and effected by the 
systems-functions of the greater Unified Field. In order to better understand 
and facilitate the health and healing of biological organisms, it is useful to 
understand the basic order and function of the UNIFIED FIELD- the context in 
which life itself takes place. 


Kathara Healing is an ancient system of Holistic Healing, dating back beyond 
presently identified recorded human history. The principles of Universal Order as 
taught within Kathara Theory present a broader context of universality than is 
presently recognized by contemporary western science. Kathara is built upon Laws 
of Multidimensional Universal Physics, laws of intrinsic nature with which western 
science is not yet familiar. In Kathara Healing the hidden order of universal systems 
is recognized and the foundations of Kathara demonstrate the interwoven systems- 
functions between the human being and the order of the Unified Field. To develop 
proficiency and genuine skill within the art and science of Holistic Healing, the 
basic order of the Unified Field must be understood. For with this understanding 
comes the ability to directly interact with and influence the causal elements of the 
human experience. For this reason the teachings of Kathara Healing begin with 
providing a basic format through which the CONTEXT of healing can be understood 
—a glimpse at the intrinsic order of the Universal Unified Field. 


With foundations grounded in coherent systems relationships, the Kathara 
Healing Facilitator has more knowledge, power and comprehension to bring to the 
art and science of healing facilitation. Through comprehension of the intrinsic 
systems of universal order, the Kathara Facilitator progressively evolves to 
embrace the unity of SELF within the Unified Field, opening to an ever- 
expanding capacity of spiritual awakening and the embodiment of 
UNCONDITIONAL LOVE. The physical, mental and spiritual aspects of human 
anatomy represent one interdependent, interwoven system that is continually in a 
state of relationship to the Unified Field. This relationship must be acknowledged and 
embraced if true health and healing are to occur. Human evolution is a Bio- 
Spiritual process, the body and the consciousness — the biology and the spirit 
- are inseparably intertwined within themselves and within the greater order of 
the Unified Field. 


Healing emerges through restoring order to the 
ONE-SYSTEM aud ts tufinite parte. 
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(| THE HOLOGRAPHIC TEMPLATE 


The externalization of life, manifestation of matter and individuation of identity are 
HOLOGRAPHIC PROJECTIONS of CONSCIOUSNESS-ENERGY SUBSTANCE, 
created through an intrinsic order of energetic relationships. Energetic relationships 
represent interrelationships of consciousness, in its infinite manifest and 

de-manifest forms. 









Consciousness /5 ENERGY 
And 
Energy /S CONSCIOUS. 


True Science has a spiritual core and true spirituality has its intrinsic translation within the 
Laws of Energy that govern the manifestation of universal systems. 


Reality is THOUGHT CONSTRUCTION. The core substance of the cosmos is 
CONSCIOUSNESS. Thought is an attribute of CONSCIOUSNESS, the filter through which 
" consciousness manifests itself into the Hologram of Form. 


Nothing is truly solid. All things are composed of consciousness and their apparent solidity is 
determined by the relationship between the consciousness observing the form and the 
consciousness of which the form is made. Human consciousness emerges through an order of 
dimensionalization, which sets frameworks within which the interrelationships of consciousness 
can take place. Human perception of solidity and externalization is determined by the 
oscillation rates between dimensionalized units of consciousness. Dimensionalized units of 
consciousness form frequencies of energy, which exist in specific relationships to each other. 
Human consciousness (the soul -spirit), and human physical form are patterns of frequency 
formed by dimensionalization of units of consciousness. We perceive manifest solidity 
due to the relationship between the frequencies of consciousness of which we are made and those 
of the Unified Field of Conscious Energy around us. Humans perceive as solid the frequency 
bands that exist one full dimensional spectrum below the frequencies within which the 
individuated or collective consciousness is stationed. 


The only difference between a thought and a manifest thing is the frequency of the 
consciousness of the observer. Maniiest reality is thought projection, made solid and 
extemalized by relationships between the frequencies of our focus of attention and those of the 
projected thought forms. We perceive as reality the thought forms of the collective masses as 
they were placed within the frequency bands that now exist one dimension below the 
frequencies within which our present focus of collective consciousness is stationed. 


As reality is a THOUGHT FIELD, composed of units of consciousness awareness, reality can 
be directly AFFECTED by THOUGHT, as the substance of both thought and reality are one and 
the same. The key to mastery of our present reality and to restoring our imprint for health, is 
understanding the reality of dimensionalization within which our consciousness now resides, 


The human body is a HOLOGRAPHIC PROJECTION of consciousness that is built upon a 
HOLOGRAPHIC TEMPLATE of structured units of consciousness. The Holographic 
Template represents the Living Morphogenetic Field — the dimensionalized blueprint of 
conscious light, sound and scalar waves, within which the individuated consciousness is stationed, 
and upon which the illusion of solidity of the body matter is formed. To affect true and lasting _ 
change within the Body-Mind-Spirit System of the human being, one must go to the core of 
its manifest structure — the Holographic Template or Thought-energy Blueprint, upon which 
the entire system of consciousness itself comes to know being. 






The body is a HOLOGRAM that can be directly affected by the substance of which itis 
composed — CONSCIOUSNESS. In learning the structure of dimensionalization through which the 
body-illusion manifests, one becomes progressively more masterful in directing this personal 
thought form to suit ones desired specifications. The core Holographic Template of the personal 
and universal body is called the Kathara Grid. Kathara Healing is the process by which the 
embodied aspects of human consciousness become more aware of and able to direct the intrinsic 
processes of holographic projection, with the intention of restoring integrity to the function of the 
Body-Mind-Spirit system. 


No thing is truly manifest- it only appears to he so, 
due to the refraction of consciousness 
within the energetic relationships inherent to 
the Holographic Template- 
the original 4hought-form construct 
upon which our universal structure 
is perpetually recreated. 


7HL creatures and. things are Spinitual Beings having a Manifest 
Experience...Ho creature or thing can be even divorced from és 
life is the expression and substance of spinit- and manifest reality 
<2 but a Dreamacape, from which we eventually all awaken... 
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The causal element of all manifest experience is called a Morphogenetic 
Field or MANIFESTATION TEMPLATE. Keylontic Science, the science of 
Manifestation Templates is part of a larger advanced paradigm of science 
that is known as 15-Dimensional UNIVERSAL UNIFIED FIELD 
PHYSICS. 








PRIMAL SUBSTANCE 


e AManifestation Template is made of PRIMAL SUBSTANCE; units of conscious energy called 
PARTIKI that exist as Omni-polar points of fixed vibration. Partiki units are the smallest 
building blocks of matter, and they form the templates upon which consciousness in all forms 
enters manifestation. 


e Partiki units are Omni-polar (containing the potentials for all polarities or none) units of 
vibrating energy that perpetually cycle back and forth between a state of BI-POLAR LIGHT 
RADIATION (scalar-standing-wave) and OMNI-POLAR SOUND VIBRATION. 


e Inthe Omni-polar state, Partiki units exist as invisible, fixed points of sound vibration, 
forming whatis called an INTERDIMENSIONAL TRI-TONE WAVE. An Interdimensional Tri- 
tone Wave is a singular point of fixed vibration that is composed of 3 sub-vibrations (base 
tone, overtone and resonant tone). When Pariiki units are in their Omni-polar state they exist 
as Ante-matter substance, the first state of energy organization before Pre-matter 
manifestation. Through a process of Internal Fission characteristic to their design, Partiki units 
break apart to form Bi-polar waves, while replicating their original Tri-tone Omni-polar design, 


e Inthe Bi-polar state, two sub-vibrations of the Tri-tonal Standing Waves of Partiki units break 
down into two sub-units, sub-tones, called PARTICUM-Base Tones and PARTIKA Overtones, 
interconnected units of Bl-POLAR LIGHT RADIATION that form Electromagnetic Scalar- 
Standing-Waves. The third vibration of the Tri-tone wave, the Resonant T one, remains as the 
core vibration through which the polarized vibrational units of Particum and Partikawill reunite 
through intemal Fusion. 


e PARTICUM units form the energetic building blocks for PARTICLE TEMPLATES and 
PARTIKA units form the building blocks for simultaneously manifesting ANTI-PARTICLE 
TEMPLATES. Particle and Anti-particle Templates are interconnected, united by the Ante- 
matter PARTIKI units through which they manifest. The effects of ELECTRICAL AND 
MAGNETIC FORCE are set in motion through the EXPANSION AND CONTRACTION of 
energy vibration between Particle and Anti-particle matter units through the Ante-matter Partiki 
unit that unite them. 


e Particum-Particle units represent the CONTRACTION PHASE of ante-matter energy, with 
higher VIBRATION (energy contracted into or received by the Ante-matter template) and lower 
OSCILLATION (energy expanded or transmitted from the Ante-matter template) and so are 
considered BASE MAGNETIC. Partika-Anti-particle units represent the EXPANSION 
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PHASE of Ante-matter energy, with lower Vibration and higher Oscillation, and are considered 
BASE ELECTRICAL. 


e ELECTROMAGNETIC ENERGY is created through the continual cycling of energy, as the 
Omni-polar Ante-matter Tri-tone Wave of Sound Vibration projects its energy into Bi-polar 
Particum and Partika Scalar Waves of Light Radiation. Energy thrust expands into the Anti- 
particle Partika vibration point as electrical force. It then contracts into the particle Particum 
vibration point, creating magnetic pull, (in ratio to its original electrical thrust), as the third 
vibration in the Ante-matter Tri-tone Wave draws the energy back to its source. Through the 
draw of the Ante-matter Partiki template, Partika-Ante-particles and Particum-particles are 
brought into a state of Fusion. Upon fusion, the energy of the Particum and Partika 
transmutes, the Bi-polar Standing Scalar Waves of Light Radiation returning to their original 
Omni-polar Ante-matter state of Partiki units. Once returned to the Partiki state, the process 
repeats as the Partiki creates Fission and replication. Partiki, Particum and Partika units 
represent PHASES that Primal Substance energy passes through as it moves into and 
out of manifestation. 


e The process by which Partiki units perpetually convert conscious energy into Bi-polar Light 
Radiation Scalar-Waves (expansion) and back into Omni-polar Sound Vibration Tri-tone 
Waves (contraction) is called PARTIKI PHASING. Through perpetual cycles of Partiki Phasing, 
matter units “fiash on” through fission, into Bi-polar Particle and Anti-particle manifestation 
built upon Scalar Waves of Light Radiation, then “flash off through fusion, into Omni-polar 
Ante-matter Sound Vibration, continually cycling energy between the manifest and non- 
manifest state. The perception of external physical matter, space and the passage of time 
are created through variance in relationship between rates of Partiki Phasing. 


* Consciousness in the form of Parfiki Units is the PRIMAL SUBSTANCE of which the cosmos 
is structured and Partiki Phasing is the perpetual PRIMAL ACT of reciprocal fission and fusion 
through which Primal Substance is brought into manifestation. 
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PRIMAL SUBSTANCE 


Units of Consciousness, Morphogenetic Fields and Scalar Grids 





1. Partikl, Partika and Particum: 3. Parfiki units continue to group or 

Smallest units of energy-substance. Parilc- accrete upon the Partiki Grids, forming 

Electro-tonal units of consciousness A. Keylons —crystallizations of “frozen 

that are the building blocks of light" (standing scalar wave patterns and 
morphogenetic fields, matter and fixed points of tonal frequency), and 
individuated conscious identity. B. Keylon Codes — complex groupings of 
Operate as minute, perpetual s ae Keylons, which together form a crystalline 
motion fission/ fusion generators. template of light spectra, sound frequency and 


electro-magnetism that is the morphogenetic 
: Pit pol field Crystal Body— the Blueprint upon which 
2. Partiki Grids: The fabric of matter and identity will manifest. 
morphogeneiic field structure. scot ear 
Partiki units group to form 
interwoven Strands, then Grids 
of electro-tonal substance, out of 
which morphogenetic fields are 
fashioned. Out of a Unified Field 
of Partiki units, Partiki Grids form to 
create the frequency bands that make 
up dimensional fields and then to form 
individuated morphogenetic fields . 

























The Morphogenetic Field is made of interwoven Partiki Grids. The electro-tonal units of 
consciousness out of which Partiki Grids form create standing wave pattems ~ scalar wave grids, 
which hold the form of consciousness within dimensionalized manifestation. Morphogenetic Fields 
are thus Scalar Grids, that form in specific ordered interrelationship. Partiki Grids form upon the 

core geometrical-mathematical structure of the Kathara Grid, and so the Kathara Grid represents 
the core Scalar Field upon which form manifests. 





Morphogenetic Fields govern the form of matter manifestation and the evolution of 
biology and consciousness. Morphogenetic Field mechanics thus hold the key to 
mastery of physical reality and Bio-Spiritual Evolution. 
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] THE STRUCTURE OF DIMENSIONS 


" - erercerennrrres ay NASR! 


Frequency Bands and Sub-Frequency Bands, Vibration-Oscillation-Particle Spin, 
Harmonics of Manifestation and Matter Density Levels. 


The Hologram of manifest reality is a complex system of interwoven energy 
constructs, all built upon dimensionalized sets of scalar grids- or fields of standing 
wave points — that form the base laws of energy upon which manifest reality 
functions. 


The physical portions of the human body represent wave strata that exist within 
specific relationships to the embodied consciousness. The embodied 
consciousness itself is regulated by the intrinsic behavior of the wave strata in 
which it is ensconced. The wave strata of seemingly physical forms appear to 
human detection in the form of particles, sub-particles and wave bands that group to 
form the 3-dimensionally manifest hologram of human life 


The behavior of dimensionalized wave strata is an intrinsic element within the 
function of human anatomy, and provides the very context within which human 
existence and evolution take place. When we come to understand ourselves as 
vibrating quantities of conscious energy, existing within a state of vibrational co- 
resonance with all things, which are themselves vibrating quantities of conscious 


energy, we can begin to understand the fundamental structures upon which the 
human condition is built. 


The human body is a construct of conscious energy, a living morphogenetic field 
existing within the greater living morphogenetic constructs of the species, planetary, 
galactic, universal and cosmic morphogenetic structure. We are simply an element of 
sentient consciousness within a larger structure of sentient consciousness, a part of 
the Unified Field of Consciousness that IS the living identity of the cosmos. Our 
physicality emerges through the perceptual lens of dimensionalization, which 
provides us with the seeming manifestation of particles, atoms, molecules and the 
physical systems built upon them. 


If we expect to heal ourselves of the manifest conditions that cause suffering 
within the Body-Mind-Spirit system, we must first understand the nature of health, 
the “way things are supposed to work" when they are functioning properly. To 
understand the intrinsic Imprint and impetus for health in the human organism, a 
basic understanding of the contents of its parts is in order. That. understanding 
begins with identifying the basic reality structures within which we reside, and how 
we exist in relationship to these structures. 
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Our understanding of health begins with identifying the context of existence, the 
Unified Field of Consciousness-Energy of which we are all a part. A simple 
identification of the structures of the Unified Field will work wonders in 
assisting us to understand ourselves, and through this understanding we 
become more empowered to foster a healthful and more joyous living 
experience. To better understand ourselves we must return to the core of our 
intrinsic nature, the dimensionalized fields of consciousness within which we 
reside and out of which the substance of our SELVES is composed. 


The following characteristics inherent to the manifestation of 
the human hologram are a place to begin our journey of self 
understanding. 








— es PRIMAL ORDER : 
SCALAR WAVES: Points of standing waves, composed of quantities of conscious energy that 
emanate out of fixed units of vibration (Partiki units), which form the morphogenetic field templates 
upon and through which consciousness dimensionalizes itself to experience the hologram of 
manifest reality. Created through Partiki Phasing (internal fission/usion “flash onfiash off) 


MORPHOGENETIC FIELDS: The templates of consciousness, light, sound and scalar 
standing-wave grids which serve as the structured blueprints upon which our consciousness 
manifests into dimensionalization, through which the holographic projections of space-time-matter 
and identity individuation can be experienced. 


a= Characteristics of the Hologram 


DIMENSIONS: Morphogenetic Field Scalar Grids composed of interwoven layers of scalar 
waves, which serve to direct the flow of consciousness into multiple pattems of refraction through 
which the hologram of matter density, linear time and objectification of reality can be experienced. 
Dimensions are specific structures of consciousness, composed of Partiki units with differing 
vibratory-oscillation rates, which exist in precise relationship to each other, and govem the intrinsic 
laws of function within the observably manifest worlds. The process of dimensionalization occurs 
through the wholeness of consciousness compartmentalizing itself into various ordered sections 
having diversity of vibratory-oscillation, through which the wholeness of consciousness may 
experience itself in an endless variety of forms. Each dimension represents a full frequency band. 


FREQUENCY BANDS: Synchronized, cyclic, repeated sequences of “flashing on and off of 
scalar-wave points within the dimensional scalar grids, which gives the appearance of manifest 
movement of wave spectra within a dimensional system. Sub-frequency Bands are shorter 
segments of the longer “flashing on and off sequence of the full Frequency Band. The frequency 
of dimensional levels and the particles within them is determined by the vibratory-oscillation rate of 
the Partiki units that make up the scalar-wave grid. Frequency is the form consciousness takes on 
while ensconced within the framework of dimensionalization. Frequency is the vibrating-oscillating 
wave spectra of which matter particles and dimensionalized consciousness are composed. 


VIBRATION-OSCILLATION: Vibration is the condition of internal movement, or holding of 
energy within units of consciousness (Partiki) and the particles built upon them. Vibration is 
determined by the quantity of energy held within Partiki units. Oscillation is the condition of 
external movement, or expending of energy from Partiki units and the particles built upon them. 

The vibratory-oscillation rate of particles represents the rate af which the Scalar standing- 
waves “flash off and on” within the morphogenetic field template. Vibration is the internal 
measure of energy quantity held within Partiki units and exists within direct proportion to 
the oscillation rate, or external measure of energy quantity expended, exhibited by Partiki 
and the particles built upon them. 

The vibratory-oscillation rate represents the ratio between energy contraction (vibration) and 
energy expansion (oscillation), which sets the rhythm of particle pulsation that governs the 
formation of wave Spectra within dimensionalization. The vibratory-oscillation rate of Partiki units 
determines the frequency (cyclic patter of scalar waves “fiashing off and on”) of wave spectra 
within the various levels of the dimensionalized morphogenetic field. The relationship of 
vibrational-oscillation between wave spectra determines the matter density levels Particles 
will exhibit within the dimensional scale. 
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Higher Dimensional Fields (8-15) 


Low Vibration 
Higher Oscillation 
Expanding ~ 
Higher Frequency 
Shorter Wave Length 
Slower Electron Spin 
Less Density 
Electric 


Lower Vibration = 

Less energy holding in Partiki = 
More energy expended from Partiki = 
Higher Oscillation = 

More expansion = 

Faster fiash rate of Partiki = 

Higher Frequency of Flash = 

More extemal movement = 

Faster oscillation = 
Shorter wave length = 

Slower electron spin around nucleus = 
Greater expansion of energy units = 
Less density = 

Less magnetism = 

More electric 


Vibration-Oscillation Correspondence 
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Lower Dimensional Fields (1-8) 


Higher Vibration 
Lower Oscillation 
Contracting © 

Lower Frequency 
Longer Wave Length 
Faster Electron Spin 
More Density 
Magnetic 


Higher Vibration = 

More energy holding in Partiki = 
Less energy expended from Partiki = 
Lower =. 


| The human anatomy isa 15-dimensional morphogenetic field scalar 
grid structure, composed of wave spectra with varying degrees of 
matter density characteristic to the dimensional band within which 
each level of the anatomy is stationed. The portions of our anatomy 


that appear solid are those stationed one dimension below our focus 


of conscious attention. 





. PRIMAL ORDER OF MANIFESTATION TEMPLATES 


Morphogenetic Fields, or the MANIFESTATION TEMPLATES that serve as the blueprint 
through which consciousness manifests, are composed of the Primal Substance of PARTIKI 
UNITS. Partki units draw together or ACCRETE to form PARTIK! STRINGS. Following a set 
mathematical and geometrical design inherent to their form, Partiki Strings interweave and 
overlap, forming a “Fabric of Light and Sound” called a PARTIKI GRID. A Partiki Grid is a 
fixed pattern of interwoven Bi-polar Scatar-Waves of light radiation,built upon Omni-polar Tri- 
tone Waves of sound vibration, that forms the foundation for diversified Manifestation 
Templates. A Partiki Grid is a SCALAR GRID. 


Following the precise mathematical design set by the will and intention of the manifesting 
consciousness, Partiki Grids further accrete, drawing in more Partiki Units, forming groups of 
Partiki units that are arranged following 3 different rhythms of Partiki Phasing. Tri-phase 
groupings of Partiki Units form patterns of Scalar-wave and Tri-tone wave interrelationships 
that create crystallizations of energy called KEYLONS: Groups of Keylons continue to 
accrete, forming complex Keylon arrangements called KEYLON CODES, through which the 
Manifestation Template is progressively built up from Ants-matter through various stages of 
matter density, beginning with PRE-MATTER SUBSTANCE, the first density of Liquid Silica 
Hydro-plasmic energy to emerge into externalized form. 


The Morphogenetic Fields upon which universes manifest are built upon a Manifestation 
Template that has a specific order of mathematical interrelationships that govern the combining 
of Scalar Grids with different rates of Partiki Phasing. The Cosmic Manifestation Template 
is called the ENERGY MATRIX. Within the Energy Matrix there are many smaller 
manifestation templates upon which Universes are structured. Universal Manifestation 
Templates are called TIME MATRICES. There are uncountable Time Matrices within the 
Energy Matrix, which are collectively referred to as THE TIME MATRIX. All Time Matrices 
within the Cosmic Matrix follow a specific mathematical-geometrical program through which 
space, time and matter can be experienced by consciousness upon entering the Time Matrix 
structure. 


Time Matrices are arranged upon a pattern of 15 different, but interwoven, Partiki Phasing 
rhythms (rhythms of expansion and contraction of energy). Each of the 15 rhythms of Partiki 
Phasing creates one DIMENSION. A Dimension is a set pattern of “FLASH LINE 
SEQUENCES", or a cycle of singular Partiki Phasing rhythms that contains within it 12 smaller 
rhythms of Partiki Phasing. Each Dimensional Manifestation Template creates a set of fixed 
Scalar-Tri-Tone Wave Points that create a template of stationary SCALAR FREQUENCY. 
Each Dimension represents one SCALAR FREQUENCY BAND containing 12 smaller SUB- 
FREQUENCY BANDS. A Scalar Frequency Band is a cyclic pattern of specific Partiki 
Phasing Rhythms, or EXPANSION AND CONTRACTION RATIOS OF ENERGY 
CIRCULATION, to which consciousness conforms in order to enter the experience of 
manifestation. 


To create the Universal Manifestation Template upon which external space, tire and matter 
experience can be known, Dimensions are ordered into sets of 15, forming the blueprint for a 
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15-Dimensional Time Matrix. Within a Time Matrix the 15-Dimensions are further arranged 
into sets of 3 Dimensions, forming 5 3-Dimensional reality fields. Each 3-Dimensional 
Reality Field is called a HARMONIC UNIVERSE, and each represents a level of matter 
densification specific to its intrinsic rates of Partiki Phasing. One Time Matrix is thus a 15- 
Dimensional Scalar Grid with 5 separate yet interwoven reality fields and 5 different densities 
of matter manifestation. 


Each of the 5 Harmonic Universes within a Time Matrix represents a TIME CYCLE. A Time 
Cycle is a fixed, repeating pattern of Partiki Flash Line Sequences, or a repeating cycle of 
specific ratios of energy expansion-Oscillation and contraction-vibration. The Time Cycle of a 
Harmonic Universe is called an EUIAGO CYCLE. There are 5 simultaneously manifesting: 
Euiago Cycles in every Time Matrix, through which consciousness passes inorderto 
experience linear evolution through space, time and matter. Each Euiago cycle contains within 
~ it6 smaller Flash Line Sequences forming6 smaller cycles of time called TIME CONTINUUA. 


The PRIMAL ORDER of Manifestation Templates represents the core 
mathematical and geometrical interrelationships of energy that consciousness 
takes on in order to enter the holographically projected experience of external 
space, time and matter. All manifest forms, including the HUMAN BODY and 
PSYCHE, are built upon a Manifestation Template that begins with the Primal 
Order of Dimensionalization, through which the consciousness anchors itself into 
the Time Cycles of the Universal Manifestation Template Time Matrix, to begin 


the experience of evolution through time. 

Understanding the PRIMAL ORDER OF DIMENSIONAL STRUCTURE, as it 
pertains to the human organism, allows for comprehension of the greater causal 
framework through which personal healing must occur. Such comprehension of 
the core causal structure of manifestation enables one to work cooperatively, 
rather than in resistance to, the natural Universal Laws of Manifestation, 
progressively restoring the NATURAL HARMONIC ORDER of wellbeing and 
DIVINE RIGHT FORM, through which the indelible Organic Imprint for Health 
can be progressively restored. 
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A Dimension represents a full Frequency Band, or repeating, cyclic 
sequence of “flashing on and off” scalar-wave points within a 
morphogenetic field. The morphogenetic field scalar grid structure of 
dimensions takes the form of sets of 15-Dimensional Matrices. The 15 
Dimensions are grouped into sets of 3 Dimensions each, forming 5 sets 
of 3-dimensional reality fields called HARMONIC UNIVERSES. The 15- 


Dimensions composing the 5 Harmonic Universes together represent one 
TIME MATRIX system. . 





Each dimension of frequency is composed of 12 Sub-frequency Bands, 
or shorter cycles of the “flashing on and off’ of scalar-wave points, which 
exist as part of the longer cycle of the full Dimensional Frequency Band. 
The Partiki in each dimension have a specific rate of vibratory- 
oscillation (contraction and expansion of energy), which determines the 
Angular Rotation of Particle Spin (angular axis upon which particles will 
spin). There is a 90-degree shift of angular rotation of particle spin 
between each dimensional frequency band and a 45-degree reverse 
shift between Harmonic Universes (sets of 3 dimensions/frequency 
bands.) 















Particles having varying vibratory-oscillation rates and angles of 
spin allow multiple dimensional reality fields to co-exist within the 
same space while remaining perceptually invisible to each other. The 
‘relationships between wave strata within the dimensional frequency bands 
create the holographic refraction of light, sound and scalar waves that 
allows consciousness to perceive the illusions of matter solidity, space, 
time and externalization of reality while it is ensconced within the 
structures of dimensionalization. 
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Frequency Bands and Sub-Frequency Bands 
within the 15-Dimensional Scale 






Frequency Bands are cyclic, repeated sequences of “flashing on and off of scalar standing-wave points 
that create the appearance of manifest wave spectra within a dimensional system. Sub-frequency Bands 
are shorter cycle segments of the longer “flashing on and off sequence of the full Frequency Band. 
Frequency and Sub-frequency Bands .make up the foundation wave strata of Dimensions. 














15 Dimensions with 12 Sub-frequency Bands each ~ 
3 create 180 Sub-frequency Bands in one 15- 
Dimensional Matrix (12 SFB per D x 15D = 180 SFE 
or 36 SFB per 1HU x SHU = 180 SFB) 





15 Frequency Bands (Dimensions) 
and 180 Sub-frequency Bands 
within the 5 Harmonic Universes 
of one 15-Dimensional Time Matrix. 
SFB = Sub-frequency Band 
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@| PARTIK! PHASING, HARMONICS OF MANIFESTATION AND MATTER DENSITY 


Partiki Phasing — Scalar Standing-Wave flashing. The intemal 
expansion/ fission/ “flashing on” and contraction/ fusion/ “flashing off’ of 
scalar standing-wave points made of Partiki units. Partiki Phasing govems 
the mechanics of matter manifestation within the Dimensionalized 
Frequency Bands of the Time Matrix. Through Partiki Phasing 
HARMONICS of Manifestation and varying levels of matter density are 
created. 










Each of the 5 Harmonic Universes, moving upward in the 15- 
Dimensional Scale, has a progressively less dense state of 
perceivable matter. As you go up the Dimensional Scale each Dimension 
has a progressively faster rate of Partiki Phasing with its corresponding 
higher frequency, faster oscillation, lower vibration, shorter wave length, 
greater expansion and less matter density. These conditions represent 
the stages of perceivable matter density consciousness will 
experience as the focus of attention expands progressively 
upward/outward into the higher Dimensions of the Dimensional 
Scale through the process of evolution (accretion of frequency from the 
Unified Field into the personal morphogenetic field). 














As consciousness progressively expands back into the 15-Dimensional 
structure of its original morphogenetic field, matter density perception will 
change from perceivable Gross Matter physical density, to Semni-etheric 
Matter density, to Etheric Matter density, to Pre-matter Liquid Light density 
and to its original Ante-matter scalar wave form of non-density 
consciousness. As the morphogenetic field expands through drawing 
in more frequencies of consciousness, the perceivable matter 
density of the body and external reality field progressively lessens. 
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Partiki 


Phasing, Harmonics of Manifestation and Matter Density —— 


Pees 








1. Partiki, Partika and Particum: 

Smallest units of energy-substance. 

Electro-tonal units of consciousness 1. Partiki Phasing- expansion/ 
that are the building blocks of pi = otneaee” 
morphogenetic fields, matter and _ a 
individuated conscious identity. govems the manifestation process 
Operate as minute, perpetual Co 

motion fission/ fusion generators. N- 


2. 2. Density! Biology: Progression of 
Matter Density and related Biology 
within the 15-Dimensional Scale - 


3. Harmonics of Manifestation: 
Progressive expansion of consciousness 
into the Dimensional Scale creates 


Manifestation are the stages of Matter 
Density and Vibration-Oscillation 
Consciousness 


10-11-12 


13-14-15 





25 


Anglo Saxon 


As 


oe i Ot it Osh 








‘ - UNIVERSAL AND PLANETARY KATHARA 


Kathara Level-1: 42-Tree, Kathara Le sets Bini Kathara Level-3: Diodic Points, 
Kathara Centers and Kathara Lines. 









The Kathara Grid is the primary mathematical-geometrical organization 
of units of consciousness upon which Partiki units group to form 
morphogenetic field scalar grids. It is the CORE level of scalar standing- 
wave creation and energetic organization within and behind all 
dimensionalized systems, and is thus considered to be the Core of the 
Holographic Template upon which the morphogenetic scalar wave 
blueprint and all other dimensions of form anatomy are built. The Kathara 
Grid is the causal element within all manifest affects of dimensionalization 
and consciousness. 


























The form of the Kathara Grid is reflected in the Macrocosm and 
Microcosm of all manifestation. All forms have at their core the common 
structure of the Kathara Grid Holographic Template. The Kathara Grids of 
all forms - universes, galaxies, planets and species - are linked to each 
other and to the Kathara Grid of the Cosmos through the interwoven 
Partiki scalar standing-wave grids of the Kathara Grid Holographic Core. 
The Cosmic Kathara Grid represents the scalar field of the Cosmic 
Unified Field of Consciousness-Energy through which the Hologram of 
manifest experience is perpetually created. 





Energy cannot be created or destroyed, it only changes form. Energy 
IS Eternal Consciousness that perpetually changes form by projecting 

through the structures of the Kathara Grid, while simultaneously remaining 
always the same - the singular wholeness of the Cosmic Unified Field of 
Consciousness-Eneray. 
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= 12 PRIMARY 
KATHARA CENTERS: 






15 PRIMARY - 
KATHARA LINES: 
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The 2 Interwoven Kathara Grids of Primal ( rder 





0 
within the Universal Time Matrix and 
Cosmic Energy Matrix of the 
PRIMAL MANIFESTATION TEMPLATE 











f Gimensional levels of the ENERGY 
H MATRIX and ANTE-matter Density 










S HARMONIC UNIVERSES 


none 18-Dimenslonal TIME MATRUX 


 SHARMONICS OF 
MATTER DENSITY 
IN THE TIME MATRIX 
1. 


2 Semi-etheric 

3. 

4. Pre-matier'D10-D12 
5. 






There are 3 Primary Levels to the structure of the Kathara Grid, Level-1: The 
Kathara 12-Tree, Level-2: The Crystal Seals and Level-3: The Diodic Points. 


Level-1:The 12-Tree holds the first mathematical-geometrical program upon which 
Kathara Grid Levels 2 and 3 are created, and is composed of the Kathara Centers 
and Kathara Lines. 












Level-2: The Crystal Seals are groups of 3-Dimensional Partiki scalar wave 
composites that regulate the rate of Partiki Phasing to create the base structures 
upon which dimensionalization is formed. The flow of Frequency (sequences of — 
scalar standing-wave flashing/ cycles of Partiki Phasing) between dimensional bands 
and Harmonic Universes, the fixed expansion and contraction rates of Partiki, the 
Vibration-Oscillation and the Angular Rotation of Particle spin are all regulated by 
the Crystal Seals. 













Level-3: Diodic/Miodic Points represent concentrated areas of energy that 
emerge at points where dimensionalized levels of scalar grids cross over and 
through each other, creating minute vortices of wave spectra that serve as 
frequency modulation zones (scalar flash-cycle transition points). between 
Dimensional Frequency Bands. Diodic Point vortices are White Hole vortices that 
transmit energy into the Particle Universe from their counterpart Miodic Point 
vortices within the Anti-particle Universe. Through the structure of 
Dimensionalization, each Harmonic Universe, and the structures contained there 
within, have within their morphogenetic fields sets of Diodic and Miodic Points — sets 
of White and Black Holes — that regulate the flux of consciousness-energy between 
systems. 













The entire cosmic structure is built upon the morphogenetic foundations of 
interwoven Kathara Grids. Within the structures of forms, such as planets or people, 
the Kathara Grid is the Core Template of Holographic Manifestation and controls the 
structure and function of all of the other subtle and physical energy systems. 

Planetary scalar templates - Planetary Shields - vortices, electro-magnetics, 
Axiom and Ley Lines are all governed by the operations of the Kathara Grid. in the 
human body, personal scalar templates - Hova Bodies -, Chakras, Axiom and 
Meridian Lines and Bio-energetic Field Auric Levels, as well as the physical systems, 
conscious awareness and DNA, are controlled by the personal Kathara Grid. In 
terms of generating the /mprint for Health within the human organism, as well 
as reclaiming dormant potentials of immortality, the Kathara Grid is the causal 
mechanism through which such affects can occur. 
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KATHARA LEVEL-2 CRYSTAL SEALS GRID 


Level-2: The Crystal Seals are groups of 3-Dimensional Partiki scalar wave composites that regulate the rate of 


Bands and i 
, the fixed expansion and contraction rates of Partiki, the Vibration-Oscillation and the Angular Rotation of 
ae Sia Seals. 


Planetary Star Crystal Seals 
in the Planetary Kathara Grid, the 15 Primary Star Crystal Seals exist between each planetary 
Vortex or Chakra, on the Central Kathara Line or Central Planetary Axis. The Star Crystal Seals 
serve as “Frequency Seals” that open or close the flow of wave spectra and Frequency Bands 
from one Harmonic Universe to another, by regulating and modulating the sequences of Partiki 
Phasing and the Vibration-Oscillation rates of Partiki units within the Dimensional Scale. They 
control the opening and closing of the Central Vertical Kathare Line and Central Planetary Axis, 
through which particles are phase-locked into their respective dimensional placements and linear 
time cycle orientations. Opening of the Star Crystal Seals releases the planetary particles and Ley 
Lines from their dimensional phase-lock, opening Inter-harmonic Star Gates (wave specta 
vortices) within the Ley Lines, for mofecular transmutation and time continuum shift, through 
blending the Inter-Harmonic wave spectra of the planetary morphogeneiic field. The Planetary 
Star Crystal Seals control the opening and closing of the 3 Vertical Kathara Lines (and 
Vertical Star Gate passageways) of the Level-1: 12-Tree Kathara Grid with in planetary body. 
























Biological Star Crystal Seals 
In the human body the 15 Primary Star Crystal Seals exist between each Chakra on the 
Central Kathara Line or Central Body Current. The biological Star Crystal Seals serve as 
"Frequency Seals” that open or close the flow of wave spectra and Frequency Bands from one 
Harmonic of consciousness to another, by regulating and modulating the sequences of Partiki 
Phasing and Vibration-Oscillation rates of Partiki units within the Dimensionalized scalar wave grid 
of the morphogenetic field. They control the opening and closing of the Central Vertical Kathara 
Line and Central Body Current, through which particles are phase-locked into their respective 
dimensional placements and linear time cycle orientations. Opening of the biological Star Crystal 
Seals releases the body particles and DNA from their dimensional phase-lock, opening Inter- 
Harmonic Star Gates (wave spectra vortices) within the DNA, for cellular transmutation (via 
particle+anti-particle fusion) and fime continuum shift, through blending the Inter-Harmonic wave 


spectra. The Biological Star Crystal Seals control the opening and closing of the 3 Vertical 
Kathara Lines (and Vertical wave spectra vortices) of the Level-1: 12-Tree Kathara Grid within 
the biological form. 


Seed Crystal Seals 
Along with the 15 Primary Star Crystal Seals that control the Vertical modulation of wave spectra, 
there are also 15 Secondary Crystal Seals that control the HORIZONTAL Kathara Lines of the 
Level-1: 12-Tree Kathara Grid within the planetary and biological bodies. The Horizontal Crystal 
Seals are called SEED SEALS, they exist and serve as “Frequency Seals” within the planetary 
vortices and biological Chakras, modulating the wave spectra between Parallel (particle/ anti- 
particle Dimensional Frequency Bands. 
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Level-3: Diodic/Miodic Points represent concentrated areas of energy that emerge at points where 
dimensionalized levels of scalar grids cross over and through each other, creating minute vortices of wave spectra 
that serve as frequency modulation zones (scalar flash-cycle transition points) between Dimensional Frequency Bands. 
Diodic Point vortices are White Hole vortices that transmit energy into the Particle Universe from their counterpart 
Miodic Point vortices within the Anfi-particle Universe. Through the structure of Dimensionalization, each Harmonic 

Universe, and the structures contained there within, have within their morphogenetic fields sets of Diodic and Miodic 
Points — sets of White and Black Holes — that regulate the flux of consciousness-energy between systems. 
















Planetary Diodic Points 
Within the planetary body and morphogenetic field, Diodic Points are located in 
geographical locations where Inter-dimensional and Inter-harmonic Horizontal and 
Vertical Kathara Lines intersect to form small vortices of inter-dimensional or inter- 
harmonic wave spectra that serve as passageways — time portals- between 
Dimensional Time Continua or Harmonic Time Cycles. They connect planetary and 
stellar bodies to their anti-particle counterparts and intersect with Vertical Inter- 
harmonic Star Gates and Horizontal Inter-dimensional Time Portals, through sets of 
Diodic-Miodic White and Black Holes at the center of planetary and stellar cores. 



















Biological Diodic Points 
Within the biological form and morphogenetic field, Diodic Points are located in 
physical body regions where Inter-dimensional and Inter-harmonic Horizontal and 
Vertical Kathara Lines intersect to form small vortices of inter-dimensional or inter- 
harmonic wave spectra that serve as gateways of consciousness between 
Dimensional Time Continua or Harmonic Time Cycles. They connect physical bodies 
to their anti-particle counterparts and intersect with the Vertical and Horizontal 
relationships of wave spectra within the DNA/ RNA and bio-energetic field, through 
sets of White and Black Holes at the center of the biological Harmonic scalar grids. 


Diagonal Grid Control 
The Kathara Grid Level-3: Diodic Points control the Diagonal Kathara Lines, 


Diagonal Inter-dimensional portals, Diagonal Planetary Ley Lines and Diagonal 
relationships between inter-dimensional wave spectra within the biological DNA. In 


Kathara Healing, the Diodic Points are used to open and close the Diagonal 

Kathara Lines for channeling higher dimensional frequency into the Level-1 

— Grid, to —— - — for Health and to revitalize the Bio- 
phys 
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THE UNIVERSAL TEMPLAR COMPLEX 


e The systems of interwoven Manifestation Templates within the 5 Matter Density Levels of 
the 15-Dimensional Universal Kathara Grid are collectively referred to as the UNIVERSAL 
TEMPLAR COMPLEX. The Manifestation Template of the human body, likewise 
structured upon this Primal Order, also manifests through a personal INTERNAL 
TEMPLAR COMPLEX of interwoven 15-Dimensional Manifestation Templates. 


e Universal, Galactic and Planetary Scalar-wave Templates of the Universal Templar 
Complex are called Scalar SHIELDS. Shields are sets of 3-Dimensional Scalar Grids upon 
which the 5 Matter Density Levels of the Universal Manifestation Template manifest A - 

- Shield is composed of the distinct 3 Primary Flash Line Sequences, or Partiki Phasing 
Rhythms, characteristic to the 3 dimensions of which the Shield is composed. The Internal 
Templar Complex of the human body is also organized into 5 sets of 3-Dimensional 
Personal Scalar Shields, through which the matter form and 5 Matter Density Levels of 
the 15-Dimensional human consciousness are projected into manifest experience. 


e Through the intrinsic dynamics of synchronistic Partiki Phasing, each 3-Dimensional Scalar 
Shield manifests a 3-DIMENSIONAL SPHERICAL ELECTROMAGNETIC DOMAIN that 
creates the energetic framework within which externalized manifest experience can take 
place. Within the Universal Templar Complex, these Spherical Domains form 5 separate 
yet interwoven Reality Fields or Harmonic Universes, each with a different level of Matter 
Density, rate of Vibrational Oscillation, different Angular Rotation of Particle Spin and 
variance in Time Cycle orientation. Within the Personal Internal Templar Complex, the 
Spherical Electromagnetic Domains created by synchronistic, dimensionalized Partiki 
Phasing form within the 15-Dimensional Time Matrix 5 separate yet interwoven STATIONS 
OF CONSCIOUSNESS called HOVA BODIES. The 5 Hova Bodies of human . 
Manifestation Template Anatomy within the Time Matrix represent the 5 Subtle Energy 
Bodies of human bio-energetic field construction, through which human identity 
experiences series of SIMULTANEOUS INCARNATIONS within the various Time Cycles 
and matter density levels of the Time Matrix. Human Evolution is the process by which 
the electromagnetic frequencies and stations of consciousness of the 5 Hova Bodies 
progressively merge to transmute the physical matter form backward through the various 
Matter Density stages through a process called TRANSMUTATIONAL DIMENSIONAL 
ASCENSION. 


Each of the 5 Shields within a 15-Dimensional Manifestation Template is structured upon 3 
KATHARA CENTERS within the core Primal Order of the Level-1 Kathara 12-Tree Grid. 
Each Kathara Center of the Universal Kathara Grid forms a core point of consolidated 
frequency called a SIGNET Star Crystal Seal within the 3-Dimensional scalar Shields. 
Within the universal, galactic and planetary Templar Complex the Signet Seals operate as 
Star Gates between the Time Cycles of the 5 Matter Density levels of the 15-Dimensional 
Time Matrix. Within the Personal Internal Templar Complex, each Hova Body is structured 
upon 3 Kathara Centers within the embodied Personal Kathara Grid. Each embodied 
Kathara Center forms a Signet Star Crystal Seal within the human anatomy. The 
embodied Signet Seals operate as Bio-electric Windows within the DNA-RNA, that link 
the Stations of Consciousness and various Simultaneous incarnations of the identity that 
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exist within the Time Cycles of the Time Matrix to each other, across the illusions of time. 
Through the embodied Personal Kathara Grid, Scalar Shields, Signet Seals and DNA 
Windows, the individuated aspects of ETERNAL IDENTITY in time are indelibly linked in 
consciousness. This intrinsic linking of personal consciousness within the various 
simultaneous cycles of time appears to the embodied human awareness as 
REINCARNATIONAL MEMORY. 


The embodied Manifestation Template of the human form is a microcosmic reflection of 
the Macrocosmic Universal and Cosmic Manifestation Templates. Both microcosmic and 
macrocosmic Manifestation Templates share, and are interwoven through, the same 
Primal Structures of the Kathara 12-Tree Scalar Grid, the 5 3-Dimensional Scalar Shields 
and Signet, Star and Seed Crystal Seals and the Diodic Point “Black and White Hole Sets” 
of energy vortices that manifest upon the Kathara Grid. Human consciousness and biology 
are directly and indelibly connected to the Universal Templar Complex through the 
Personal Internal Templar Complex of the Personal Manifestation Template. 







HEALING AND PRIMAL FULFILLMENT 


A rudimentary but operational understanding of the intrinsic structure of the embodied 
Personal Manifestation Template- (the Level-1Personal Kathara 12-Tree Grid, Level-2 Scalar 
Shields, Hova Bodies and Signet, Star and Seed Crystal Seals, and Level-3 Diodic Points) - 
and its relationship to the Universal Templar Complex, allows the embodied human 
consciousness the opportunity for progressive participation within the processes of 
CONSCIOUS EVOLUTION and intentional restoration of the Organic Imprint for Health. All 
manifest DIS-EASE originates through distortions in the electro-tonal scalar wave programs 
of the Kathara Grid, Scalar Shields and Manifestation Template. To achieve true and 
lasting healing, rather than suppression and transference of dis-ease to other embodied 
systems, distortions within the personal Manifestation Template need to be realigned from the 
causal Kathara Grid level through REGENESIS of Primal Order within the Organic Imprint 
for Health. 

Manifestation Template healing therapeutics based upon knowledge of the Kathara Grid, 
simultaneously work to restore the natural intended Primal Order and function of the human 
body and consciousness, while expediting the evolutionary process of merging the stations of 
identity through time, to facilitate fulfillment of the organic PRIMAL PURPOSE. The Primal 
Purpose of human evolution is the achievement of Transmutational Dimensional 
Ascension and Co-creative Mastery over the Personal Eternal Consciousness and Internal 
Templar Complex within the Holographic Fields of the Time Matrix. Through fulfillment of the 
Primal Purpose, humanity will regain THE PRIMAL CONDITION of Conscious AT-ONE-ment 
with the Universe and the Central Source of Creation, or GOD. 
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The First 4 SHIELDS 
each with 3 SIGNETS 
and correspondence 
to the Kathara Centers 
of the Level-1 12-Tree 
Kathara Grid. 
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HORIZONTAL SHIELDS 
A TELLURIC SHIELD 
B. RORAD IC SHIELD. 
Dimensions 4-6 
irs Ss 





i) within the 15-Dimensional Time Matrix. The 12 Kathara 
#8 Centers hold the core mathematical and dd 





c. TRUE SHeLp 


D. MAHARIC SHIELD 
* Presmatter Shield 





Dimensions 40-12 
E. RISHIC SHIELD 





Dimensions 13-15 * 
(vertical- not shown) 


Separate from each other by keeping Partiki units phase- 
i locked into their 3-dimensional electromagnetic domain. 





and blend. Signet Seals are the central 
control points for Scalar Shield programming. 





The structure of the macrocosmic Universal Templar Complex is replicated within the microcosmic structure of 
the personal Internal Templar Complex upon which 15-Dimensional Human Anatomy manifests, 
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The Transduction Sequence represents the phases consciousness passes 
through into dimensionalization and the process by which conscious energy is 


transduced and changes form to enter the wave spectra within which 
perception of manifestation is possible. 


Basic Transduction Sequence of Consciousness 
into Biolog ical Form. 
















CONSCIOUSNESS TO PARTIKI UNITS TO: — 
KATHARA SCALAR GRIDS LEVELS -1, 2 AND3 TO PARTIKI GRIDS TO 


=> 


MORPHOGENETIC FIELDS TO MERKABA FIELDS (Sets of Counter-rotating electro- 
magnetic spirals of energy repeating scalar wave flash/ Partiki Phasing sequences that run between 
Dimensions and Harmonic Universes) a 


TO DNA/ RNA IMPRINT TO BIO-ENERGETIC AURIC FIELD TO CHAKRAS 5 


TO NADIAL CAPSULE (tissue-like capsule that forms around the 3-Dimensional scalar grid of the 
Harmonic Universe-1 morphogenetic body. ) TO — 


DNA! RNA MANIFEST TO NADIS (energetic rivulets that feed energy from the Nadial Capsule 
ee ee nen nee eee 


NUCLEAR CORE —— 


CNS-METABOLIC/ BIOLOGICAL RHYTHMS- BLOOD-BRAIN-CHEMICALS- 
HORMONES-ORGANS-TISSUES. 


ae 
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The Unified Field of Conscious-Eneray 
THE SCALAR STANDING-WAVE GRIDS THAT MAKE UP DIMENSIONALIZED 
MORPHOGENETIC FIELDS REPRESENT THE INTRINSIC STRUCTURE OF THE 
COSMIC UNIFIED FIELD OF ENERGY WITHIN WHICH ALL THINGS EXIST. 
ENERGY IS CONSCIOUS AND CONSCIOUSNESS IS ENERGY. 
CONSCIOUSNESS-ENERGY CANNOT BE CREATED OR DESTROYED IT 
SIMPLY CHANGES FORM, WHILE SIMULTANEOUSLY REMAINING ALWAYS 
THE SAME — THE ETERNAL UNIFIED FIELD OF CONSCIOUSNESS. 























The Kathara Grid 
ALL FORMS OF CONSCIOUSNESS AND PERCEIVABLY MANIFEST FORMS 
DERIVE THEIR INDIVIDUATION WITHIN THE UNIFIED FIELD THROUGH THE 
STRUCTURE OF THEIR INDIVIDUATED MORPHOGENETIC FIELD. THOUGH 
HAVING MUCH DIVERSIFICATION WITHIN THE GEOMETRICAL- 
MATHEMATICAL PROGRAMS THAT FORM INDIVIDUALITY WITHIN LIKE 
PATTERNS, THE CORE OF ALL INDENTITY AND MANIFEST FORM IS THE 
SAME — THE INTRINSIC STRUCTURE OF THE KATHARA GRID - THE CORE 
HOLOGRAPHIC TEMPLATE OF DIMENSIONALIZATION UPON WHICH 
MORPHOGENETIC FIELDS ARE FORMED. 







Interwoven Morphogenetic Fields 
THE INHERENT STRUCTURE OF INTERWOVEN KATHARA GRIDS FORMS 
SPHERICAL DIMENSIONALIZED MORPHOGENETIC FIELDS WITHIN WHICH 
CONSCIOUSNESS CAN EXPERIENCE THE HOLOGRAPHIC PROJECTION OF 
MANIFEST REALITY, SPACE, TIME, MATTER AND EXTERNALIZATION. THE 
SPHERICAL MORPHOGENETIC STRUCTURES OF THE MICROCOSM EXIST 
WITHIN THE GREATER SPHERICAL MORPHOGENETIC FIELDS OF THE 
MACROCOSM, FORMING A SYSTEM OF CONSCIOUS-ENERGETIC SPHERES- 
WITHIN-SPHERES THAT REPRESENTS THE INTERWOVEN MORPHOGENETIC 
FIELDS OF THE COSMIC UNIFIED FIELD OF CONSCIOUSNESS-ENERGY. 





Spheres-within-Spheres interwoven Morphogenetic Fields 
The Microcosm within the Macrocosm, The individual within the species 
within the planetary within the galactic within the universal within the 
cosmic within the INFINITE: AND ETERNAL 


Five Over-lay Universes exist 
within the same space in 1 
15-Dimensional Matrix. 


36 





ste 
SoS ape eheS 
pe SS 


Thle HOLOGRAPHIC TEMPLATE 

we External reality is a HOLOGRAPHIC 
PROJECTION. Perception of solidity and 
externalization are determined by the oscillation 
rates between dimensionalized units of 
consciousness - Partiki, Partika and Particum, 
Dimensionalized units of consciousness form 
Frequency Bands that exist in specific 
relationships to each other. We perceive as solid 
the Frequency Bands that exist 1 full Dimensional 
Band below the frequencies within which the 
consciousness is stationed. 











4 Dimensionalization creates the structure through 
which consciousness can perceive the Hologram 
of Externalization. 


we The human body is a Hologram. built upon a 
Holographic Template of units of consciousness 
structured into Scalar Standing-wave Grids that 
represent the Living Morphogenetic Field 
blueprint upon which matter and dimensionalized 
consciousness manifest. 





ThE SvRUCTURE OF DIMENSIONS 


sae |e Unified Field is built upon dimensionalized 
sets of Scalar Standing-wave Points, Wave 
Strata formed of units of consciousness that form 
the basis of energetic relationship through which 
the Hologram of Manifestation can be perceived. 








5 The human body is a construct of Conscious 
Energy, built upon a15-Dimensional Anatomy of 
Dimensionalized Scalar-Grids. Perceived 
physicality emerges through the Perceptual Lens 
of Dimensionalization which provides the picture 
of seemingly manifest particles, atoms, molecules 
and physical systems. 


Je Understanding the nature and structure of 
= Holographic Reality allows us to understand the 
foundations upon which the body is built and the 

context within which healing must occur. 
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= ocalar Waves are standing wave points that 
emanate out of fixed points of sound (electro-tonal 
Partiki units), which form the Scalar Grid 
morphogenetic templates that house 
consciousness in dimensionalization for 
experience of manifest reality. Scalar Grids are 
created through Partiki Phasing. 


_ Partiki Phasing is the process of internal fission/ 


expansion and fusion/ contraction characteristic 
of Partiki Units, through which the units perpetually 
break apart and replicate through fission, then re- 
merge through fusion. Creates a “flashing on and 
off’ of Scalar Wave points, or “Flash-line 
Sequences’ that determine the intrinsic orientation 
of consciousness within the Scalar Grids 

composing morphogenetic fields. 


5a Dimensions are Scalar Grids of consciousness 





composed of interwoven layers of Scalar waves 
with varying Flash-line Sequences, or Frequency 
Bands. Dimensions are Frequency Bands, or 
Partiki wave spectra, that exist within specific 
relationship to each other to form the template of 
Holographic Reality. 
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j= Frequency Bands are synchronized, repeating 


Flash-line Sequences of Partiki Phasing that 
give the appearance of manifest movement of wave 
spectra within a Dimensional Scalar Grid Sub- 
frequency Bands are portions of the Flash-Line 
Sequences that maké up the whole Dimensional 
Frequency Band. The Frequency of a Dimensional 
Band is determined by the Vibratory-Oscillation 
rate of Partiki units that make up the Dimensional 
Scalar Grids. 


54 Vibration is the “internal movement” or ENERGY 
HOLDING of Partiki units. Oscillation is the 
“external movement” or ENERY EXPENDED by 
Partiki units. Vibratory-Oscillation rate is the rate 
at which Partiki Phasing “flashing on and off” 
occurs. Vibration and Oscillation exist in direct 
proportion to each other. As Vibration increases. 
(energy holding), Oscillation decreases (energy 
expenditure). Faster Flash-line Sequences (higher 
frequency) expend more energy, raise Oscillation 
and lower Vibration of Scalar Templates. Higher 
Oscillation’ Slower Vibration creates slower 
electron movement around nucleus and less 
perceivable density of matter. 
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x= A Dimension is a full Frequency band or full cycle 
of a Flash-line Sequence. 








= |The Universal: Morphogenetic Template is built 
upon sets of 15 Primary Flash-line Sequences 
that form 15-Dimensional Time Matrices within 
which manifestation can be experienced. 


Dimensions are organized into sets of 3, (3 full 
” Flash-line Sequences/ 3 Frequency Bands), that 
create the template through which 3-dimensional 
manifestation can be experienced. Each set of 3 
Dimensions is called a Harmonic Universe. There 
are 5 Harmonic Universes within a 
15-Dimensional Time Matrix. 


BE Each Dimension contains 12 Primary Sub- 
frequency Bands (partial Flash-line Sequences). 





a= Partiki in each Dimension have specific set Partiki 
Phasing rhythms giving each Dimension a specific 
ratio of Vibration-Oscillation. Higher Dimensions 
have Faster Partiki Phasing, are higher frequency 
and thus have higher oscillation, lower vibration and 
less particle density. 
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ye Vibratory-Oscillation rate within a Dimension 


determines the Angular Rotation of Particle Spin 
(ARPS), or rotational axis of particles in a 
Dimension. There is a 90-Degree Shift in ARPS 
between each Dimension and a 45-Degree 
Reverse Shift in between Harmonic Universes. 


WeParticles having varying Vibratory-Oscillation 
rates and ARPS allow multiple 3-Dimensional 
Reality Fields to co-exist within the same space 
while remaining perceptually and experientially 
invisible to each other. 





5, /e relationship between wave strata and 


variance in Partiki Phasing Flash-line 
Sequences within Dimensional Frequency Bands 
create Holographic Refraction of consciousness- 
energy that allows perception of an externalized, 3- 
Dimensional Holographic Illusion for 
consciousness focused within the Scalar Grids of 
the 15-Dimensional Time Matrix. 
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UNIVERSAL AND PLANE CTR 


«The Kathara Grid is the first level of Partiki 
structure/ Scalar Grid organization that sets 
consciousness into dimensionalization: It is thus the 
CORE HOLOGRAPHIC TEMPLATE upon which 
the morphogenetic field blueprint is structured. 








i= [he Kathara Grid is the Core Holographic Template 
for dimensionalization of the Unified Field of 
Consciousness-Energy through which the 
Microcosm and the Macrocosm are structured. All 
things are built upon the foundation of the 
Kathara Grid. 
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a= There are 3 Primary Levels to the Kathara Grid. 
Level-1: The 12-Tree Grid with Kathara Centers 
and Kathara Lines. Level-2: The Crystal Seals 
with Hova Bodies and Scalar Shields and 
Level-3: The Diodic Points of minute energy 
vortex “White and Black Hole” sets. 


ca) Oes) => 
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wv THARA 12-TREE G 
mAs Level-1 Kathara | holds the base electro-tonal 


programs of Partiki Phasing and Dimensional/ 
Frequency structure. upon which the other Kathara 
Levels andthe morphogenetic field are built. 





wy KATHARA SCALAR SHIELDS AND CRYSTAL SEALS: 
#x~ Level-2 Kathara Grid is composed of 5 groups of 3- 


Dimensional Scalar Shields and Crystal 
Seals - that regulate the rates of Partiki Phasing to 
create the base structures upon which 
dimensionalizationis-_built- 








wy KATHARA DIODIC POINTS, 
#? Level-3 Kathara Grid is made of sets of minute 


White and Black Hole energy vortices, made of 
inter-dimensional Scalar Wave spectra, that 
regulate the flux of consciousness-energy 
between Dimensional, Harmonic and Parallel/ anti- 
particle systems. 





A Cosmic morphogenetic structure is built upon 
interwoven Kathara Grids and the Dimensionalized 
Scalar Standing-wave Templates they form. 
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x the 5 Primary Scalar Templates of 





Dimensionalization are formed on Scalar Shields 
composed of sets of 3 Dimensions, which form 5 
3-dimensional spheres of energy called HOVA 
BODIES. Hova Bodies and their Scalar Shields hold 
consciousness-energy into 5 separate but 
interwoven 3-dimensional systems. 


#®= The Kathara Grid and the multiple levels of 
morphogenetic structure built upon it is the 
CAUSAL ELEMENT behind and within all 
manifestation, and thus the CORE HOLOGRAPHIC 
TEMPLATE through which the Imprint for Health 
can be restored to Biology. 


i= All manifest Dis-ease originates through 
distortions in the natural electro-tonal programs/ 
Partiki unit arrangements of the Kathara Grid and 
Hova Body Scalar Shields. The Kathara Grid and 
morphogenetic field are the core elements through 
which lasting healing is created. Healing occurs 
through REGENESIS of natural electro-tonal 
programs of the Holographic Template. 
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= = Partiki Units, Scalar Standing Waves, 


and Crystalline Keylons and Keylon 
Codes represent the PRIMAL SUBSTANCE 
in energy that consciousness takes on in . 
order to create the Holographic Projection 
of external manifestation. 


The Kathara Grid, 15-Dimensional Structure, 
Scalar Shields, Crystal Seals,5 
3-Dimensional Harmonic Universes and 
Hova Bodies, Diodic Point vortices and the 
subtle and dense matter energetic systems 
that manifest upon them represent the 
PRIMAL ORDER of mathematical and 
geometrical interrelationship that Primal 
Substance utilizes to orchestrate the manifest 
Hologram through creation of Manifestation 
Templates. 


= The interwoven, ordered structures of scalar 


wave fields that form the Universal 
Manifestation Template of the 15- 
Dimensional Time Matrix are collectively 
referred to as the UNIVERSAL TEMPLAR 
COMPLEX. 
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“= The interwoven, ordered structures of scalar 





-wave fields that form the Personal 
Manifestation Template of 15-Dimensional 
Human Anatomy are collectively referred to 
as the Personal INTERNAL TEMPLAR 
COMPLEX. The Internal Templar Complex, a 
structural replica of the Macrocosmic Universal 
Templar Complex, anchors personal 
consciousness into the Time Matrix for the 
experience of the space, time and matter 
Hologram. 


4K The PRIMAL PURPOSE of human evolution is 


~ the achievement of Transmutational 
Dimensional Ascension and Co-creative 
Mastery over the Personal Eternal 
Consciousness and Internal Templar 
Complex within the holographic fields of the 
Time Matrix. REGENESIS of Primal Order 
within the Organic Imprint for Health creates 
true healing and expedites the natural 
processes of human evolution. 


se Through fulfillment of the Primal Purpose 


humanity will regain THE PRIMAL 
CONDITION of Eternal Conscious At-ONE-ment 
with the Central Source of Creation or GOD. 
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(Section One: Foundations of Kathara Healing — Part Il) 


THE ELEMENTS OF HEALING 


The Human Body Kathara and the Multi-dimensional Anatomy of the Human Form 


Me THE MAHARIC SHIELD AND THE IMPRINT FOR HEALTH 


Sg THE PLANETARY BIO-FEED INTERFACE SYSTEM (PBIS) 






Me THE HIEROPHANT SYMBOL CODE, PBIS AND THE MAHARIC SHIELD 


4 MORPHOGENETIC EXPANSION, GROWTH CYCLES, DEATH AND 
#RS MOLECULAR COMPACTION 





LEVELS OF HUMAN ANATOMY, EMBODIED KATHARA 12-TREE GRID, 
CRYSTAL SEALS, SHIELDS, SIGNETS, HOVA BODIES, AURIC CAPSULES, 


DIODIC POINTS, SEED SEALS, CHAKRAS, AXIOM LINES, THE HARA LEVEL 
AND DNA. 


XK THE 12 HUMAN SENSES, APPARTHI AND HUMAN PERCEPTION 
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| THE HUMAN BODY KATHARA AND THE 
MULTIDIMENSIONAL ANATOMY OF HUMAN FORM 


xistence can be viewed as taking place 

within a Unified Field of Energy, and that Energy IS consciousness and Consciousness !$ 
energy. In our exploration we encountered the Partiki, Partika and Particum, the ultra-micro- 
particle units of consciousness in electro-tonal form, through which the tangible structure of living 
Morphogenetic Fields are formed. In leaming the foundation structures of the Unified Field of 
Consciousness-Energy, we come to understand that the anatomy of any form, including that of the 
human Body-Mind-Spirit System, is a multi-dimensional construct built on an ordered template 
of sets of 15-Dimensions, through which all conditions of apparent manifestation are created. 












Through reviewing the underlying structures of manifest reality (units of consciousness, 






SIONS,’ 








mple revelations of knowledge, we 
have shifted ourselves from a perspective of viewing the reality before us as one of separate 
manifestations disconnected from our being, to a perspective of viewing reality as an intricate 
system of interwoven consciousness, expressing in the form of Standing-wave strata, to which we 
are intimately and indelibly connected. 













part of the whole. As we begin to perceive 
ourselves in terms of the unlimited reality of our nature, rather than define ourselves by the 
limited boundaries of the manifest illusion before us, we begin to reclaim our power to 
affect desired change within the contours of our lives. 
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Knowledge, KNOWING and the Imprint for Health 


Knowledge is an agent of freedom, IF it is used to foster practical applications of change. 
Knowledge can also become a perpetual quest of distraction, through which we deny ourselves 
the ability to EMBRACE the experience of living as we seek outside of ourselves the answers that 
live within. Knowledge is power if it is applied appropriately, it can be an agent that leads 
one through the door to the WISDOM that awaits on the other side. Knowledge alone cannot 
provide cognition, cognition comes through the application of applied knowledge to provide 
tangible, experiential KNOWING, a knowing derived only through the direct experience of 
BEING. In Kathara Healing™ knowledge is applied as a too! through which one can grow 
into the wisdom of direct experience - from thinking or believing, which are knowledge/data- 
based characteristics of a'mind perceiving itself as finite - to KNOWING, through Direct Cognition 
of the Experience of BEING, which is a characteristic of a consciousness KNOWING itself as 
ETERNAL. . 

In our first lessons of Kathara Healing, we gained knowledge of the Context of Healing and the 
structure of that which exists within and around us, so that we may become more empowered to 
serve as a healing force, within ourselves and within the collective of the Whole. But this 
knowledge will only become practical or useful to us if it is applied to foster the direct. 
experience through which the wisdom of KNOWING may emerge. Then, and only then, will we 
be changed...then and only then will we become true agents of healing. Knowledge can help 
you to understand the nature of health and healing, but only through KNOWING HEALTH 
through direct experience will you be healed. To KNOW HEALTH we must rediscover this 
quality within ourselves, to EXPERIENCE the quality of wellness that emerges as the Imprint for 
Health is reawakened within the human body. First we must use knowledge to recognize that 
the Imprint for Health is there, sleeping silently within us awaiting this awakening. 
































Healing the Causal Core 

Fixing symptoms does not restore the Imprint for Health, it simply masks from view the 
causal elements through which non-health manifested. Removing the symptom without 
addressing the underlying cause simply sets the stage for the cause to re-manifest itself in new 
ways, through new sets of symptoms. Each symptom you remove will give birth to another 
symptom if the underlying cause is not changed. Kathara Healing addresses the deepest 
causal factor in manifestation, the Holographic Template Kathara Grid, upon which all 
conditions come into being. Within the intrinsic structure of the Kathara Grid the dormant 
Imprint for Health is sleeping, and through knowledge of the Kathara and applications of its 
methods we can reawaken the Imprint for Health within ourselves, to progressively move 
into KNOWING HEALTH through the cognition of Direct Experience. : 

in Kathara Healing you are provided with the knowledge you need to understand the structures 
upon which the Imprint for Health is built, for in understanding these structures you will be enabled 
to call the Imprint for Health into awakening. But it is through the APPLICATION OF KATHARA 
TECHNIQUE that you will AFFECT CHANGE. The technique applications offered in Kathara 
Healing allow you to “bring the knowledge home” to the core of its usefulness, the ability to 
lead you into the direct experience of health-ward change. 
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Elements of Healing 
In PART Il THE ELEMENTS OF HEALING, we will apply the knowledge of the Context of 


Healing that we acquired in PART |, directly to its relevance in terms of the HUMAN BODY. We will 
now explore Kathara Mechanics as they apply directly to the human system, and you will gain the 
knowledge of your 15-Dimensional Anatomy through which you may then effectively utilize 
Kathara Mechanics Techniques to begin your joumey into the EXPERIENTIAL REALITY OF 
HEALING. We will discover the long forgotten potentials of the Planetary Bio-feed Interface 
System™ and how to receive energy for healing directly from the Kathara Grid of the Earth. We 
will explore the real processes within and behind the experience of growth through time, so that we 
may finally identify the true causal element intrinsic to the degeneration and death of the 
body. We will come to understand the functions of the Body-Mind-Spirit System as they are 
INTENDED to operate, to identify the areas in which malfunction is occurring, so that we may 
remedy the casual factors to progressively restore the INTENDED INTEGRITY OF THE BODY- 
MIND-SPIRIT SYSTEM. In PART II we will reclaim our knowledge of our multidimensional 
anatomy, and rediscover the buried secrets of awakening the Imprint for Health, 


MAHARIC SHIELD 
The Imprint for Health and the Maharic Shield 


Restoration of health within the body is a progressive endeavor 
that takes time. Portions of the Body-Mind-Spirit System that have been 
malfunctioning must readjust to a new process of function that will 
progressively work its way up from the core Kathara Grid Holographic 
Template, into the Bio-energetic Field, Chakra System and DNA, to 
progressively reset the Imprint for Health within the Body-Mind-Spirit 
System. The Imprint for Health sleeps soundly now within a portion 
of the multidimensional anatomy called the MAHARIC SHIELD. The 
Maharic Shield is a buried treasure of REGENERATION and 
REVITALIZATION of the human organism, as it is the key to recoding the 
human Kathara Grid back into its original Imprint for Health. The Imprint 
for Health is a tangible construct of energy that is located within the 
structure of the Maharic Shield. In calling these dormant energy 
systems into activation within the body, one has the opportunity to 
restructure the causal level of malfunction, and to recode the Holographic 
Template upon which malfunction manifests. 
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Reciprocal Reflection and the Kathara Grid 


All conditions of dis-ease within the Body-Mind-Spirit System share a common core of 










ELEMENTS OF HEALING as they apply to developing the skills required to 
create the condition of Maharic Shield activation, through which the imprint 
for Health can receive its wake-up call. 
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¢| THE PLANETARY BIO-FEED INTERFACE SYSTEM™ 









Awakening the Personal and Planetary Templar Complex Connection 


Interwoven Personal and Planetary Kathara Grids 
The core Holographic Templates of both the personal and the planetary 


morphogenetic fields are built upon a Scalar standing-wave Kathara Grid. As 
the morphogenetic fields of species are interwoven into the larger morphogenetic 
field of the planet they inhabit, there is a direct energetic connection between the 
Kathara Grids of individuals and that of the planetary body. This connection 
between personal and planetary Kathara Grids is called the Planetary Bio-feed 
Interface System™, - PBIS. For thousands of years the planetary Kathara Grid 
has carried distortions in its natural pattern that have rendered the PBIS primarily 
inoperable. Kathara distortions in the planetary morphogenetic field blocked 
the human’s innate ability to draw energy for regeneration and revitalization 
from the planetary morphogenetic field. ‘ 

When the human Kathara Grid system is working properly there is a natural 
sympathetic rapport between the personal and planetary Kathara Grids that 
keeps the /mprint for Health within the human Maharic Shield functioning 
properly. Due to the distortions of the planetary Kathara, the human Kathara 
developed reciprocal distortions, which created blockages between the Maharic 
Shield Imprint for Health and the other functional portions of the human 
Kathara. The blockages with the human Kathara manifested as distortions within the 
natural function of the DNA and bodily systems, disarming many of the natural self- 
regenerative functions organic to human biology and rendering the human form more 
susceptible to disease and malfunction of the biological system. As there is a 
Reciprocal Reflection of patterns between the Body, Mind and Spirit aspects of the 
human organism, due to their common causal element of the Kathara Grid 
Holographic Template, distortions within the DNA and physical body function 
also become reciprocal distortions within the mental body and its perceptual 
facilities, and within the Spiritual Body, as the Kathara distortions block and distort 
the organic cycles through which higher dimensional aspects of consciousness 
would progressively embody within and expand the human form. 
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Return of the PBIS - Gift of the 215 Century 
The secrets of utilizing the PBIS have been passed down within the 


generations of the Melchizedek human families who brought these teachings 
to Earth long ago, kept hidden from public display until a day when the PBIS 
could once again become operational through evolution and clearing of the 
planetary Kathara Grid. These teachings are now being returned into the public 
arena because progress has been made in restoring the integrity of the 
planetary Kathara Grid system. For the first time in many thousands of years 
the potentials of healing held within the PBIS can be returned to humanity, 
and the PBIS can now be activated within the personal biology to reawaken 
the Maharic Shield and its /mprint for Health, within the human Kathara 
System. Reawakening the PBIS and the Maharic Shield within the human body 
allows the personal Kathara Grid to open into the planetary Kathara Grid, through 
which the now-functional Holographic Template of the planetary Kathara can be - 
used to RESET the original imprint of function within the personal Kathara, for 
accelerated regeneration of the Imprint for Health within the human form. 


MIEROPHANT SYMBOL GOODE 


The Hierophant Symbol Code PBIS Trigger 
The first application of the PBIS that we will employ in Kathara Healing is 


utilizing the energies flowing through planetary Kathara to reawaken the 
Maharic Shield within human anatomy. The process of opening the PBIS within 
the personal morphogenetic field involves using a specific scalar standing-wave- 
guide GEOMANCY - a consolidated inter-dimensional frequency pattern that 
triggers release of the frequency seals (Kathara Level-2 Crystal Seals) on the 
presently dormant 10%, 11% and 12% Chakras, opening the human Bio- 
energetic Field and Kathara Grid to the Kathara Grid, Bio-energetic Field, Ley 
Lines and energy Vortices of the planetary morphogenetic field. The wave- 
guide Geomancy containing the frequencies to activate the PBIS and the Maharic 
Shield can be directed by the human consciausness in the form of a visually 
created symbol code. This symbol code is called the HIEROPHANT. In 
TECHNIQUE # 2: The Maharic Seal and the Liquid Light Cleanse, to be explored 
in PART Ill. of Section |, the Hierophant Symbol Code will be used to bring the 
Maharic Shield and the PBIS out of dormancy, in order to RESET the Imprint for 
Health within the operational Holographic Template of the human Kathara Grid. 
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T> A+ 


Five ritual objects used in Vajrayana from the Japanese island Itsukushima: a five-pronged short club (vajra) (.%4F gokosho), a pestle with a single sharp blade at each end (4# #4 
'F tokkosho), a stand for vajra pestle and bell (Iii! #8 kongdban), a three-pronged pestle (= $4#F sankosho), and a five-pronged bell (714% gokorei) 


The Hierophant Symbol Code Scalar Wave Guide 
for Kathara Reprogramming 
Thoughts and Images formed by the mind represent small morphogenetic fields 
with minute Kathara Grids, that become interwoven into the larger morphogenetic 
field and Kathara Grid of the human multidimensional anatomy. THOUGHTS ARE 
THINGS in terms of the bio-energetic reality of the body and the Kathara Grid; 
thoughts become translations of electro-tonal “digital” instructions within the 
human bio-energetic field, and directly enhance or detract from the natural _ 
function of the electro-tonal programs of the human Kathara Grid. In 
recognizing the power of thought as the power of creation of scalar standing- 
wave grids, we can begin to apply that power effectively in regeneration of the 
Kathara Holographic Template, by directing needed electro-tonal instructions for 
awakening the Maharic Shield into the embodied Kathara Grid. The Hierophant 
Symbol Code, used in the form of a visualized image, sets a powerful electro- 
tonal program within the human Kathara, a program that triggers the opening 
between the human Kathara and the PBIS 































The Hierophant Symbol Code appears in the form of a Pale Silver Merkaba 
Star, a six-pointed “Star of David”, which represents the electro-tonal program 
of the 77% and 12%-Dimensional aspects of the Universal Kathara Grid. The 
frequency wave spectra perceived by the human mind as Pale Silver represents 
the electro-tonal program of the Dark Silver primary frequency band of the 11t%- 
Dimensional wave spectra, combined with the Pure White primary wave spectra of 
the 12t_Dimensional frequency bands. Using the Hierophant Symbol wave guide to 
direct frequency and electro-tonal instructions through the Kathara Grid, creates a 
scalar standing-wave pattern of 11 and 12% Dimensional frequency within the 
| personal Kathara Grid, the frequencies in which the original electro-tonal 
instructions for the Imprint for Health are stored. By awakening the 11% and 12% 
Dimensional frequencies within the human Kathara and bio-energetic field, all 
of the lower frequencies within the Kathara electro-tonal program become 
modulated and recoded into their organic, undistorted pattem, by the stronger 
wave influence of the higher 11 and 12" Dimensional frequencies, which contain 
within themselves the organic imprint for the entire dimensionalized wave spectra of 
the dimensions that oscillate below them. 
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The Hierophant Symbol Code 
calar Wave Guide for Kathara Reprogramming | 
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4 SYMBOL CODE 
4 


f The 11-12%Dimensional 

‘/ ‘Scalar Standing-wave Guide 

\ for activating the Maharic 
V Shield and the PBIS. 





Visualize the Hierophant Symbol Code as a | 
2-dimensional “fiat” image “drawn in Pale j 


Silver Light”. 






of using the Hierophant Symbol Code to activate the Maharic Shield and the PBIS will occur upon 
using the Kathara Mechanics provided in Technique # 2, whether or not an individual understands 
the realities in frequency that are taking place through . using this process, Therefore, the 
complex mechanics of activating the Maharic Shield to reset the imprint for Health, can be 
reduced to simple instructions for the direction of energy. Though the theory of Kathara 
Healing is highly detailed and complex, the Techniques by which active results are achieved 
employ simple exercises in Mental Symbol Code Visualization and mental energy direction, 
coupled with the application of simple Kathara-stimulating massage to specific corresponding 
body points. The Techniques of Kathara Healing and regeneration of 
Kathara Grid integrity are so simple that even a young child can 
learn to actively employ them, to achieve the desired result of 
restoring the Imprint for Health. 
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(| MORPHOGENETIC EXPANSION 


Frequency Accretion, Growth, Age Rhythms, Degeneration, Death Kathara Blockage 






Frequency Accretion and Growth Through Time 
The morphogenetic field of the human body evolves through time via the process 


of Frequency Accretion. The human morphogenetic field exists within the larger 
morphogenetic field of the planetary and universal dimensionalized Unified Field of 
Consciousness-Energy. Through the inherent function of the Kathara Grid and the 
multi-layered systems of energy built upon if, progressively more frequency and 
corresponding wave spectra from the dimensionalized Unified Field are drawn into 
the personal morphogenetic field to create progressive expansion of the 
morphogenetic imprint and its resulting progressive expansion of 
consciousness and growth of the physical body in time. 














Kathara blockages and Organic Growth Cycles 
Blockages and scalar wave distortions within the Kathara Grid impede the natural 


functions of Frequency Accretion, and so distort the intended natural processes 
of consciousness expansion and growth of the body form in time. When the 
Kathara Grid is functioning properly, there are certain specific points in linear time 
when specific aspects of morphogenetic expansion via Frequency Accretion 
are intended to occur. The original cycles of growth and expansion inherent to 


the human form occurred between 1. fetal integration through age 11-12, 


. age 11-12 through age 22, 3.age 22 through age 33 and 4. age 33 through 
age 44, at which time the human morphogenetic field would reach its full 


expansion, the DNA would reach its organic 12-strand activation, the identity 
would expand to hold 12-dimensionsof consciousness within embodiment, and the 
organism would have full conscious control of manifesting and de-manifesting 
its 15-Dimensional anatomy in time. The body forms of the original human 
imprint are IMMORTAL - deterioration and death were not a part of the original 
imprint for Health within the human Bio-Spiritual makeup. Through understanding 
how the natural process of growth and expansion in time were INTENDED to work, 
we can also understand the core reason for the manifestation of the SYSTEMS 
MALFUNCTIONS - the conditions of biological and mental deterioration that lead to 
the condition of BBOLOGICAL DEATH - a condition that is INORGANIC TO THE 
ORIGINAL GENETIC IMPRINT OF THE HUMAN FORMI. 
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The First Natural Expansion Cycle 


In the original human genetic blueprint, the frequencies and dimensions of 
consciousness corresponding to the wave spectra of Dimensions 1, 2, and 3, 
were intended to accrete or draw into the morphogenetic field between fetal 
integration and the age of 11-12. At the age of 11-12 the wave spectra of which 
the body was composed would take a leap in frequency, beginning the process of 
expanding the morphogenetic field to hold the higher frequency wave spectra of 
Dimensions 4, 5 and 6. 

The expansion of the morphogenetic imprint is reflected in the DNA, and 
chemical and hormonal balances within the body, which govern the function 
of the metabolic rate and the operation of molecular function. The first cycle of 
morphogenetic expansion into the wave spectra of Dimensions 4, 5 and 6, 
represents the process of SOUL INTEGRATION for the embodied identity, and 
begins the natural process of de-densification of matter - by lowering of 
morphogenetic vibration, raising of oscillation rate and frequency, and shortening of 
the wave-length of the scalar waves that compose the matter form and. 
consciousness. These changes in intrinsic wave characteristics have their 
reflection within the behavior of atomic structure- as the morphogenetic field 
wave spectra raises in frequency, the electron spin around the atomic nucleus 
slows, thereby increasing the electrical nature, and reducing the magnetic 
orientation of atomnic function, transmuting the perceivable matter substance of 
the cells to a Jess dense state of being. Completion of the Sou! Integration 
process marks the transmutation of Carbon-based Gross-matter density into 
the Carbon-Silica based Semi-etheric matter density, and the expansion of 
embodied awareness from 3 to 6 Dimensions of consciousness. 


Completing Expansion 


This process of progressive morphogenetic field and consciousness 
expansion and resulting de-densification of biological matter continued 
throughout the remaining expansion cycles, Age 22 to age 33 marked the 
accretion of the 7®, 8 and 9* -Dimensional wave spectra, the process of Over- 
Soul Integration, expansion into a 9-Dimensional consciousness and 
| transmutation to a Silica-based Etheric matter density biology. Age 33 to 44 
marked the accretion of the 10%, 11% and 12% Dimensional wave spectra, the 
process of MAHARIC INTEGRATION, expansion into a 12-Dimensional 
consciousness and transmutation out of biology into the Crystalline Liquid Light 
wave form of Pre-matter substance. At this point the identity is considered a full 
AVATAR and has complete control over manifesting and de-manifesting the 
Holographic Projection of its desired body imprint in time. 
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Growth Rates and Morphogenetic Expansion 


ORIGINAL HUMAN GENETIC IMPRINT 
PERSONALITY INTEGRATION (reliuric integration) — BIRTH - AGE 12 


Expands the Morphogenetic Field through accreting the frequencies of Dimensions 1-3 and 
activating DNA Strand Templates 1-3. 


SOUL INTEGRATION (Doratic integration) - AGE 12 - 22 


Expands the Morphogenetic Field through accreting the frequencies of Dimensions 4-6 and 
activating DNA Strand Templates 4-6. 


OVERSOUL INTEGRATION (reuric integration) - AGE 22 — 33 


Expands the Morphogenetic Field through accreting the frequencies of Dimensions 7-9 and 
activating DNA Strand Templates 7-9. 


CHRISTOS AVATAR INTEGRATION (maharic Integration) -AGE 33 = 44 
Expands the Morphogenetic Field through accreting the frequencies of Dimensions 10-12 and 
activating DNA Strand Templates 10-12. Allows full Cellular Transmutation and Dimensional 
Ascension to the 12" Dimensional Pre-matter Liquid Light HYDROPLASMIC Substance Liquid 
Silica) and conscious mastery over 12 Dimensions within the 15-Dimensional Time Matrix, A 
“Christed” Immortal Being possessing non-polarized Unity or Christ Consciousness. 


CONTEMPORARY HUMAN GENETIC IMPRINT 
PERSONALITY INTEGRATION (Teluric integration) — BIRTH - DEATH 


SOUL INTEGRATION (Doradic integration) - KATHARA BLOCKAGE 
OVERSOUL INTEGRATION 7 euric Integration) - KATHARA BLOCKAGE 


CHRISTOS AVATAR INTEGRATION (Maharic Integration) - KATHARA 
BLOCKAGE. Deterioration and Death of the physical body occur rather than progressive 
frequency accretion for Cellular Transmutation and Dimensional Ascension. Distortions in the 
personal Kathara Grid and Scalar Shields manifest in the DNA Template and block natural 
inflow and Morphogenetic Field accretion of frequency from the higher dimensional stations of 
identity. Conscious awareness remains polarized in Duality Consciousness and physical body 
is rendered finite and vulnerable to dis-ease. 


















THE 4 NATURAL CYCLES OF MORPHOGENETIC FIELD EXPANSION 
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THE 4 CYCLES OF MORPHOGENETIC FIELD EXPANSION REPRESENT THE 
ORIGINAL ORGANIC PROCESS BY WHICH THE HUMAN ORGANISM WAS 
INTENDED TO EVOLVE THROUGH TIME. 


The Inorganic Condition of Human Illiness and Death 


The processes of biological and mental deterioration and resulting DEATH of 
the biological form, which we presently view as FACTS OF LIFE regarding the. 
process of human passage through linear time, ARE NOT ORGANIC 
CONDITIONS TO THE HUMAN ORGANISW. Other life forms, such as the animal 
kingdoms, that manifest through morphogenetic fields having less than 12 Kathara 
Centers active within their Kathara Grid, cannot undergo the full process of bodily 
transmutation into Pre-matter substance, and cannot fully expand their embodied 
awareness into 12%-Dimensional consciousness. For the animal kingdom, the 
process of evolution is also Frequency Accretion, but it is achieved through 
expanding one's body form to its full capacity, then entering the consciousness into a 
morphogenetic imprint with a bit higher capacity, until eventually the.consciousness 
can accrete enough frequency to take it into the next level of matter de-densification 
and consciousness expansion. Death is natural to the organic animal kingdom. 

Humans were intended to undergo the full spectrum of morphogenetic 
expansion and cellular transmutation WITHIN ONE ETERNAL BODY IMAGE, 
that was built upon a program of full activation of the 12 Kathara Centers of 
the Kathara Grid. Death is NOT natural for humans. 
























Kathara Grid Blockage and Molecular Compaction 


The process of biological deterioration and progressive movement toward 
biological DEATH is the direct result of utnatural BLOCKAGES WITHIN THE 
KATHARA GRID HOLOGRAPHIC TEMPLATE. Blockages within the Kathara Grid 
program presently block the process of Frequency Accretion at the beginning of 
the First Expansion Cycle- as accretion of the 4%, 5% and 6 Dimensional 
frequencies representing the Soul Integration Process is blocked within the Kathara 
Grid and thus within the biological DNA, the incorning frequencies of the Soul Level 
consciousness push on and CRUSH the morphogenetic field, rather than expand 
the morphogenetic field into a higher level of frequency holding. When the incoming 
scalar wave frequencies of Soul Integration begin to crush the morphogenetic field, a 
condition called MOLECULAR COMPACTION is created. 
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MOLECULAR COMPACTION - 
over exposure fo scalar wave spectra and its resulting 
fragmentation of the morphogenetic field and Kathara Grid - 
IS THE ONLY TRUE CAUSE OF DIS-EASE, AND THE CORE 
CAUSAL ELEMENT OF THE UNNATURAL DEATH 
EXPERIENCE. 

























The Maharic Shield and Human Healing 
Within the imprint of the MAHARIC SHIELD of human morphogenetic structure, is 


the dormant imprint of the 10%, 11% and 12 Dimensional electro-tonal programs that 
represent the ORGANIC PROGRAM OF THE KATHARA GRID. Through 
activation of the Maharic Shield - the scalar standing-wave template that 
corresponds to the Pre-matter Liquid Light fields of Dimensions 10, 11 and 12 - 
blockages within the Kathara Grid Holographic Template, that result in the 
genetic mutation that causes Molecular Compaction, can be progressively 
realigned with the original IMMORTAL IMPRINT FOR HEALTH. Though it takes 
time and consistent application of Kathara Healing Technique to fully regenerate 
the Imprint for Health and Immortality within the 15-Dimensional Levels of human 
anatomy, working to heal distortions within the Kathara Grid through MAHARIC 
INFUSION (running the frequencies and wave spectra of the Maharic Shield through 
the Kathara Grid, Bio-energetic System and Body), can create progressively more 
observable affects in creating and maintaining health, and slowing the bodily 
deterioration process, within the normal life span of an individual. 







Potentials of Kathara Healing 
The true beauty and significance of Kathara Healing is that it can not only do 


wonders for creating and maintaining higher standards of health within the 
average human life span, but within the applications of KATHARA 
MECHANICS lies the promise and potential of human biological IMMORTALITY 
and the fulfillment of SPIRTTUAL ACTUALIZATION and evolution to 
MASTERY- through progressive embodiment of and conscious mastery over 
our 15-Dimensional Anatomy and the creative process of Holographic 
Projection within the dimensionalized fields of space, time and matter. 


KATHARA HEALING HOLDS THE KEY TO HUMANITY RECLAIMING 
ITS ANCIENT HERITAGE OF THE ETERNAL SELF AND IMMORTAL 


AT-ONE-MENT WITH SOURCE. 
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f, LEVELS OF HUMAN ANATOMY- THE EMBODIED KATHARA 


The Human Body Kathara Grid 
The Kathara Grid of the human body is the Core Holographic Template upon 


which the morphogenetic scalar-wave template, and all other levels of identity 
and form are built. Itis the “Control Center” for manifestation of the human being. 


{ LEVEL-1 KATHARA 12-TREE GRID 


THE KATHARA GRID LEVEL-1: 12-TREE 
Level-1 Kathara Grid 12-Tree: The first level of the Kathara Grid sets the pattern 
for dimensionalization of consciousness through which identity can enter the 
Time Matrix for the Holographic Experience of manifestation. The Kathara Grid 
12-Tree is the first wave spectra composite through which consciousness 
anchors itself into dimensionality in order to experience manifestation of form. 
All things within dimensional structure have the Kathara 12-Tree ‘at the core, but not 
all manifest forms have the full pattern of the 12-Tree activated within their 
morphogenetic pattem. The 12-Tree is composed of 12 Kathara Centers or Kathara 
Spheres, and 15 Kathara Lines. 

KATHARA CENTERS 
The Kathara Centers are crystallizations of Partiki units that hold composite 
electro-tonal energy signatures for each dimensional band. The electro-tonal 
programs of the Kathara Centers hold the foundation template upon which the 
biological DNA will manifest. 






























KATHARA LINES 
The Kathara Lines are sequences of Partiki Phasing rhythms (“flashing on and 
off'fission-fusion sequences) that transfer the dimensionalized electro-tonal 
programs of the Kathara Centers between each center , to form the core level of 
the scalar standing-wave template upon which subsequent levels of the Kathara 
Grid, Bio-energetic System and body will build. 
KATHARA HEALING AND THE LEVEL-1 12-TREE GRID 
The Kathara Centers and Kathara Lines are used in Kathara Healing to 
realign and awaken the original 12-Dimensional imprint within the human 
morphogenetic field, in order to reinstate the original Imprint for Health and 
Bio-Spiritual Mastery within the operational evolutionary blueprint for the 
Body-Mind-Spirit System of the Human form. 
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#9 & #10 —The Shar 
In brain 

behind ears 
# 8 — Spark of Orion 
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Central Body Current 
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| .Kathare Centers and Kathara Lines within 
the human body. 
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4 LEVEL-2 KATHARA CRYSTAL SEALS GRID 


Level-2: Crystal Seals and 15 Primary Chakras 


The Crystal Seals are groups of 3-Dimensional Partiki scalar wave composites 
that regulate the rate of Partiki Phasing to create the base structures upon 
which dimensionalization is formed. The flow of frequency between dimensional 
bands and Harmonic Universes, the fixed expansion and contraction/ fission and 
fusion rates of Partiki, the Vibration-Oscillation Rates of Partiki and the Angular 
Rotation of Particle Spin are all regulated by the Crystal Seals. 

Star Crystal Seals are positioned between the Chakra Centers along the Central 

Body Current, and Seed Crystal Seals are positioned between them, and serve as 
the point of composite frequency out of which the 15 Primary Chakra Center 
Vortices emerge. 




















HOVA BODIES AND SHIELDS 
5 Dimensionalized Hova Body Shields and 5 Auric Capsules 


Hova Bodies are 3-Dimensional, tri-tonal scalar standing-wave grids composed 
of numerous sets of Crystal Seals that form the electro-tonal program upon which 
the Kathara Grid Level-3: Doradic Points emerge. The Hova Body Grids are 

_ |¢alled Crystal Shields. The 5 Dimensionaljzed Hova Bodies are structured as 5 
Concentric Spheres of energy that surround and permeate the human body and 
serve to hold the embodying consciousness into dimensionalized levels through 
which the Holographic Projection of experienced manifestation can occur. The 
|Hova Bodies form “tissue capsules” of subtle energy around each 3-dimensional 
Harmonic level of the Bio-energetic Field, within which the 15 Dimensional levels 
of the Auric Field are stationed. 

In Kathara Healing, restoration of the original 4%-Harmonic Maharic Shield 
Imprint for Health is used to realign and clear blockages from the lower Hova Bodies 
and corresponding Kathara Centers and Kathara Lines, to awaken the imprint for 
Health and Spiritual Actualization within the Body-Mind-Spirit System. 
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Symbolism of the Ghanta Bell 
Please refer to descriptions in 
Buddha Weekly http://buddhaweekly.com 


18. The Vajra crown, embodiment of the five Buddhas 


17. Lotus of the Vajra crown 
16. Wisdom face: Prajna Paramita (or Yidam) 


15. Longevity vase of nectar 

14. Six rings representing 6 perfections 
13. Lotus throne of mandala deity 

12. 8 Goddesses (seed syllables) 

11. 8 Bodhisattvas (petals) 


10. Eight-Petal Lotus 

9. Vajra Platform 

8. Offering Goddess Platform 
. The 8 Faces of Glory 


_ 8 Bodhisattvas 


. Earth disc 


. Lotus womb 
. Vajra fence 


. Necklace of light 


a! 


._ Disc of space 





HOVA BODIES, SHIELDS & SIGNETS 





5 Ariea Hova Bodies, Kathara Grid and Harmonics of Manifestation 
Hova Bodies are tri-tonal scalar grids that form spherical energy “tissue 
capsules” around each 3-dimensonal level of the multi-dimensional identity. 





rystal Spheres is called a SIGNET. The Signets 
are the smaller, fixed, consolidated :frequency points; out of which the Seed 
Crystal Seals that form the Chakras manifest. The Signets and the smaller 
Crystal Seal formations that manifest through them, create a disc of spinning, 
horizontal wave spectra that direct the function of _Hova Body merger, these scalar 
discs are the scalar templates upon which the Hova Bodies manifest, and are called 
SHIELDS. 
The Shields and the Signets that direct them are considered to be the core of 
the Level-2 Crystal Seals Kathara Grid. Each of the 4 Hova Bodies of the first 12 
Dimensions form upon a set of 3 Signets. Each Signet transmits a flash-line 
(Partiki Phasing Sequence) on a different axis, one vertical, one horizontal and 
one diagonal, forming a 3-plane projection of flash-lines that form the base of the 
3-dimensional Holographic projection. 
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Kathara Centers and Activating the Signets and Shields 
In each set of 3 Signets at least one corresponds to the Central Vertical 


Kathara_ Line, the control center of the Level-1 Kathara Grid 12-Tree. The 
Signets and Shields can therefore be used to direct the function of the Kathara Grid 
12-Tree and all built upon it, and the Kathara Centers can be used to trigger 
activation of the Signets and Shields within the Hova Bodies. When a Signet is 
activated its corresponding disc or Shield begins to spin. When a certain spin rate 
of the Shield is reached, it triggers the activation of the next set of Signets in the next 
Harmonic setting the next Shield to spin. When 2 Shields activate and reach a 
reciprocal spin rate the fissue capsule separating the 2 corresponding Hova 
Bodies releases and the 2 Hova Bodies merge, which is the process by which 
Higher Identity integration occurs. It is also the process by which the Merkaba 
Vehicle is activated within the Bio-energetic field. When all four Shields activate 
and spin, the body matter is able to transmute out of matter density and into pure 
wave form, which represents Maharic/ Avatar Integration for the identity. 


THE 5 HOVA BODY SHIELDS 


The Hova Bodies and the Shields 
Each Hova Body contains at its core a Shield through which the Hova Body 
functions are governed. The Nada Hova Body of dimension 1-2-3 forms on the 
TELLURIC SHIELD, its control center being the 2°4 Kathara Center that is 
composed of 2"4 Dimensional Frequencies. The Alphi Hova Body of dimensions 
4-5-6 forms on the DORADIC SHIELD, its control center being the DORA or 
Archetype of the 5% Dimensional Frequencies. The Betcha Hova Body of 
dimensions 7-8-9 forms on the TEURIC SHIELD, its control center being the TEURA 
or Monad of the 8" Dimensional Frequencies. The Mahara Hova Body forms on 
the MAHARIC SHIELD, its control center being the Mahunta or Avatar Core of the 
11" Dimensional Frequencies. The 5 Hova Body, the Raja Hova Body, forms on a 
set of Signets that correspond to stellar points within the Universal Kathara Grid. 
Its Shield, the RISHIC SHIELD, rotates on a vertical plane and it comes into 
activation within the personal morphogenetic field only after the four lower Shields 
have transmuted the body into Pre-matter Liquid Light of the MAHARIC SHIELD. In 
terms of healing and advancing evolution of the earthly identity, the first four 
Shields are of greatest significance. 
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Hova Bodies, Shields, Signets and Healing 
In all healing application knowledge of the Shields is of great value, for any 


manifest condition of disorder will have its first manifestations within the 
Kathara Grid and the Shields that form upon it. The process of healing, therefore, 
is the process of restoring the Shields to their proper order so they may activate to 
build the Merkaba Vehicle through progressive Higher Identity Integration. In 
Kathara Healing we begin with the MAHARIC SHIELD, the Shield that contains 
the pure form of electro-tonal programs upon which the consciousness first entered 
matter density through the Pre-matter Liquid Light Fields of the 4% Harmonic - 
Dimensions 10-11-12. Through activating and progressively drawing in the 
highest 1 : 















Shields, Signets and Diodic Points 
Through the interaction and interplay of multi-harmonic frequency between the 


Shields, Signets and their Crystal Seals, Kathara Grid Level-3- DIODIC POINTS 
come into manifestation, to fill out the 3-plane, 3-dimensional “armature” of scalar - 
waves and flash-lines, upon which more Partiki units will cluster and crystallize to 
build up the particle base for form manifestation. The Diodic Points within the body 
and morphogenetic field connect directly to the Shields of the Hova Bodies in areas 
where the flash-lines arid scalar points within the Crystal Seals of the Shields align . 
with and pass through’each other. Flash-Lines from one Hova Body Shield 
crossing through those in other Hova Body Shields form COORDINATE 
POINTS, or “Gateways” of energy-consciousness transference through which 
frequency and awareness from one Hova Body and identity level can cross 
through into other Hova Bodies and identity levels. The Coordinate Points, or 
regularly scheduled points of flash-line intersection, form tiny vortices of energy , 
which keep energy and consciousness flowing throughout the multiple dimensional 
levels of identity and anatomy. The vortices of energy created by the Coordinate 
Points of flash-line sequences are called DIODIC POINTS and they have a 
counter reflection within anti-particle manifestation called MIODIC POINTS. 
Diodic and Miodic Points are sets of White and Black Holes that circulate energy 
throughout the anatomy. 
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| LEVEL-3 KATHARA GRID DIODIC POINTS 


Diodic and Miodic Points 
Diodic/ Miodic Points represent concentrated areas of energy that emerge at points where 
dimensionalized levels of scalar grids cross over and through each other, creating minute vortices of wave 
spectra that serve as frequency modulation zones (scalar flash-cycle transition points) between 
Dimensional Frequency Bands. Diodic Point vortices are White Hole vortices that transmit energy into the 
Particle Universe from their counterpart Miodic Point vortices within the Anti-particle Universe. Through the 
Structure of Dimensionalization, each Harmonic Universe, and the structures contained there within, have 
within their morphogenetic fields sets of Diodic and Miodic Points - sets of White and Black Holes - that 
regulate the fiux of consciousness-energy between systems. 

Within the biological form and morphogenetic field,- Diodic Points are located in physical body regions 
where Inter-dimensional and Inter-Harmonic Horizontal and Vertical Kathara Lines intersect to form 
small vortices of inter-dimensional or inter-harmonic wave spectra that serve as Gateways of 
Consciousness between Dimensional Time Continua of Harmonic Time cycles. They connect physical 
bodies to their anti-particle counterparts and intersect with the Vertical and Horizontal relationships of 
wave spectra within the DNA/ RNA and bio-energetic field, through sets of White and Black Holes at the 
center of the biological Harmonic scalar grids. 
























Diodic Points and 3-Dimensionality 
Diodic Points control the Diagonal Kathara Lines, the sequences of Partiki Phasing or “flash- 


lines” that run on a diagonal between the Kathara Centers. Whereas the Kathara Level-1 
Kathara Lines direct the Vertical flash-line sequences and the Level-2 Crystal Seals control 
the primary Horizontal flash-lines and their relationships to the Vertical flash-lines, the Diodic 
Points further regulate the relationships of flash-line sequences through the Kathara Grid by 
serving as “turnstiles of energy”. The Diodic Points intersect with the crossover points of the 
Vertical and Horizontal flash-lines , adding a further level of modulation to the frequencies passing 
through, aliowing a 3-dimensional Harmonic Projection of flash-lines (flash-lines projecting on 
3 difier angular planes)to build within the morphogenetic field. The Diodic Points add the third 
plane of projection to the Kathara Grid, beginning the formation of what will appear as a 3- 
dimensional “armature” of flash-points upon which particles will accrete to “fill out” the 
Holographic illusion of 3-dimensionality. 















Diodic Points and Healing 
In Kathara Healing Diodic Points are used to open the Diagonal Kathara Lines for 


reprogramming. When Diodic Points become blocked, due to blockages within the Kathara Grid 
(which appear as “gaps” or missing sequences of flashes along the flash-lines of Partiki Phasing), 
energy builds up in the Level-3 Kathara Grid, forming distortions in the natural pattern that will 
manifest in the body and bio-field systems as disease or disharmonic condition. in later 
applications of Kathara Healing we will leam to identify points of Diodic and Miodic build-up in the 
body, and use primary flash-line sequences applied through touch points to realign the natural 
flash-point sequences and clear the Diodic Blockages. 
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Signets and the Kathara Grid 





















Hova Bodies are spherical 
Scalar wave grids that form 
tissue capsules between 

each 3-Dimensional Harmonic 
of Manifestation. 

Signets are the core points 
of consolidated frequency 
that hold the programs for 
the Scalar grid SHIELDS 
upon which the Hova Bodies, 
_ manifest. 
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The First 4 SHIELDS 
each with 3 SIGNETS 










When activated, each 


and correspondence 
SHIELD forms a rotating to the Kathara Centers 
disc of scalar waves of the Level-1 12-Tree 





emanate out from the 
body on a horizontal 
plane. 





HORIZONTAL SHIELDS 
A. TELLURIC SHIELD 

Nada Hova Body 
B. DORADIC SHIELD 
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AXIOM LINES, AURIC LEVELS AND CHAKRAS 






| 






Diodic Points, Signets, Seed Seals and AXIOM LINES 

Each Signet within a Hova Body Shield holds the electro-tonal program for one Seed Crystal Seal 
and one dimensionalized flash-line sequence. Each Seed Seal program corresponds to one 
dimensionalized flash-line program from one Level-1 Kathara Center. Each Seed Crystal Seal 
holds intact the electro-tonal program for one dimensionalized flash-line projection angle, or - 
Single Axis Dimensional flash-line sequence. The Single Axis Dimensional flash-line sequences 
controlled by each Seed Crystal Seal are called AXIOM LINES. 

There are 12 Primary Axiom Lines that correspond to the 12 Kathara Centers in the Personal 
and Planetary Kathara Grids. There are 12 additional Stellar Axiom Lines that correspond to the 
12 Kathara Centers in the Universal Kathara Grid. The Axiom Lines represent single-axis flash- 
line sequences - (fixed points of conscious electrified sound- electro-tonal units- that form strands 
of scalar standing waves) that intermesh to refine the scalar-grid webbing upon which 
Kathara Grid Level-3 Diodic Points will emerge. 



















Axiom A-B Tonal Lines, Diodic-Miodic Vortices, Chakras-DNA-Portals-Ley Lines & Healing 
Each of the 12 Primary Axiom Lines has a reverse reflection within the dimensions of the anti- - 
particle universe. The 12 Primary Axiom Lines governing the Diodic “White Hole” Vortices of 
the particle universe are called Axi-A-Tonal Lines (or “Axiatonal’ Lines). The corresponding 
reflections of the Axi-A-Tonal Lines in the anti-particle universe, which govern the Miodic “Black 
Hole” Vortex refiections of the Diodic Points, are called Axi-B-Tonal Lines. In Kathara Healing 
the integrity of the Axi-A-Tonal Lines is restored through realigning the electro-tonal programs 
within the corresponding Kathara Centers. The 12 Primary Axi-A-Tonal Lines set the 
morphogenetic imprint upon which the Chakra System and foundation DNA organization of the 
human body will manifest and upon which the Planetary Vortex/Portal System and primary 
Planetary Ley Lines will emerge within the planetary body. Restoring the Imprint for Health to the 
Axi-A-Tonal Lines and corresponding Kathara Centers will regenerate integrity within the DNA 
and Chakra System of the body and will restore the organic operations of the planetary Vortices- 
Portals and Ley Lines of the planetary morphogenetic grid. 

Restoring the Imprint for Health within the Axi-A-Tonal Lines simultaneously restores integrity 
to the corresponding Diodic Points and to the Axi-B-Tonal Lines and their Miodic Points. When 
working with Kathara Techniques that ‘clear the Miasmic Imprint” - the anti-particle blockages 
within Diodic Points - the Diodic Points are realigned by clearing their Miasmic distortions, which 
‘| then reestablishes the integrity of corresponding Axiom A and B Tonal Lines, sending a realigned 
electro-tonal program back through the Seed Seals and the Level-1 Kathara Centers. if the 
programs within the Kathara Centers are simultaneously realigned using infusion of the 
frequencies from the Maharic Shield, the Kathara Center programs, the Axiom Lines and the 
Diodic Points will be progressively restored to health. If the Kathara Centers are not simultaneously 
realigned, the restored Axiom Line programs will be overridden by the Kathara Center programs 
until the restored programs reach critical mass through prolonged repetition. Clearing the Miasmic 
Imprint while simuttaneously Repatterning the Level-1 Kathara Centers and Kathara Lines 
via Maharic Infusion is the fastest way to restore the imprint for Health within the Human 
Body-Mind-Spirit System and within the natural operations of planetary bio-mechanics. 
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Axiom Lines, Diodic Points. Hova Bodies, Shields and Auric Field Levels 
The Single Axis flash-line sequences of the 12 Primary Axiom Lines cross over and through 


each other to form COORDINATE POINTS between the Hova Body Shields, through which the 
“White Hole” Level-3 Diodic Point Vortices emerge. The varying angles of flash-line 
projection within the Axiom Lines create separate dimensionalized bands of frequency 
(separate sets of flash-line sequences) within the Hova Body structure. As there are 3 Signets 
and thus 3 Seed Seals and 3 Axiom Lines inherent to each Hova Body Shield, each Hova Body 
becomes dimensionally compartmenialized into 3 separate yet interrelated sections, each section . 
having inherent sets of Diodic Points. Each dimensionalized aspect of the Hova Bodies 
becomes a Level of the Auric Field within the bio-energetic system. There are 12 Inner 
Layers of the Auric Field, which correspond to Dimensions 1-12 and to the 12 Primary Kathara 
Centers, Seed Seals and Axiom Lines of the first 4 Hova Bodies. There are 3 Outer Layers of the 
Auric Field that correspond to Dimensions and Seed Seals 13-15, to the first 3 Kathara Centers 
and Axiom Lines of the Universal Kathara Grid and to the 5% Hova Body. 
















Seed Seals, Axiom Lines, Consolidated Diodic Points, Chakras and Auric Levels 


The points in the Kathara Grid where the Single Axis Axiom Lines cross over and through the 
Central Vertical Kathara Line in the Level-1 Grid and the Horizontal flash-lines of the Seed Crystal 
Seals form fixed, consolidated Diodic Points -larger vortices of energy composed of many 
smaller Diodic Vortices. The larger vortex points are called CHAKRAS. Each Chakra Vortex is 
formed upon the electro-tonal program of its corresponding Dimensional Frequency Band, Kathara 
Center, Seed Seal and Axiom Line, and each chakra corresponds to one Auric Field Level, 
DNA strand imprint and level of consciousness. As 3 Signets, Seed Seals and Axiom Lines 
correspond to each Hova Body Shield, 3 Chakras regulate and correspond to each of 5 Hova 
Bodies, for a total of 15 Primary Chakras. Primary Chakras 1-12 correspond to Kathara Centers 
1-12 in the Personal and Planetary Kathara Grids and Primary Chakras 13-15 correspond to 
the first 3 Kathara Centers and Axiom Lines of the Universal Kathara Grid. Chakras 13-15 are 
considered Universal Trans-stellar Chakras. 

The Chakras regulate the transduction of flash-line sequences from the Dimensionalized 
Unified Field and Diodic Vortices of the Axiom Lines and Auric Field Levels into the Hova 
Body tissue capsules and rivulet channels that connect to the physical, electro-magnetic, 
chemical and hormonal aspects of the visibly manifest form. Chakras regulate the flow of 
consciousness-energy between the dimensionalized Auric Field levels of the Hova Bodies, keeping 
the various multi-dimensional stations of consciousness separate, in order to allow for experiential 
perception of holographic manifestation. Each Chakra circulates its Single Axis flash-line 
sequence along the angle of projection carried within its corresponding Axiom Line, and this 
angle of flash-line projection determines the Angular Rotation of Particle Spin (ARPS) — or the 
axis upon which particles rotate- within each dimensionalized portion of the anatomy. There is a 
90-degree shift in the flash-line angle of projection from one Chakra and dimensional band to the 
next, which creates a 90-degree shift in the Angular Rotation of Particle Spin between each 
dimensionalized portion of the anatomy. Between each 3-dimensional Hova Body there is also a 
45-degree reverse shift in fiash-line projection angle, which creates a 45-degree rather than a 90- 
degree forward shift of fiash-line projection angle between each Hova Body and between each 
‘set of 3 Chakras (Chakras 1-2-3 * 4-5-6 * 7-8-9 * 10-11-12 * 13-14-15). The precise angles of 
fiash-line projection and ARPS between Chakras, creates the perceivable 3-dimensional hologram. 
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Chakras 

A Chakra appears within the bio-energetic field as 2 cones or spirals of multi-colored energy 
that are linked together at the tip in the Central Body Current through the Seed Crystal Seal 
out of which the cones emerged. Chakras 2-6 extend from the Seed Seals outward through the 
body and Auric Field on a Horizontal axis and Chakras 8 and 9 intersect with 6 and 7 at the 
Pineal Gland on 2 rotating Diagonal axes running through the head. Chakras 1 and 7 and 10-44 
are stacked above and below the body on a Vertical Axis aligned with the Central Body Current 
(CBC) and the Central Vertical Kathara Line. Chakras 187, 10&12, 11813 and 14815 are actually 
the bottom and top cones of 4 Large Vertical Chakra Spirals, but are counted as separate 
chakras. Chakra 15 is a “roving chakra’, which travels the course of the 12 Primary Axiom Lines 
far out in Level-15 of the Auric Field. Each Chakra draws in energy from and transmits energy into 
the dimensional Unified Field corresponding to the chakra number and carries as its dominant 
perceivable color the hue characteristic to the primary frequency band wave-length of its 
dimensional affiliation. 































CK-2 D-2 CK-9 D-9 SILVER 

CK-3 D-3 YELLOW CK-10 D-10 BLUE-BLACK 

CK-4 D-4 GREEN CK-11 D-11 SILVER-BLACK 

CK-5 D-5 BLUE CK-12 D-12 WHITE 

CK-6 D-6 BLUE-VIOLET (INDIGO) CK-13 D-13. PALE TURQUOISE 

CK-7 D-7 VIOLET CK-14 D-14 PALE YELLOW 
CK-15 D-15  MAGENTA-PINK 






A Chakra will also carry, in lesser saturation, the colorsffrequency bands associated with all of 
the dimensions below its own dimensional affiliation. 







Chakras and Dimensional Merkaba Fields 


When the Seed Seal at the core of a Chakra is released, the 2 cones of the Chakra move 
through each other to form a Dimensional Merkaba Field- 2 counter-rotating spirals of electro- 
magnetic energy that take the form of a Star-tetrahedron. When the Seed Crystal Seal releases, 
the corresponding scalar-wave points within the Hova Body Shield are released from Dimensional 
Phase-lock — they are released from polarity by the re-combining of their inherent Particum- 
Particles and Partike-anti-particles. Through re-combining Particum and Partika the scalar 
standing-wave points undergo fusion, then a reciprocal fission and replication within the 
Harmonic above. Through release of the Seed Seals the Dimensionalized Auric Field Levels of the 
lower Hova Body align along the same Angular Rotation of Particle Spin / angle of flash-line 
projection, which transmutes them into the angle of flash-line projection and Partiki Phasing rate of 
the Dimensionalized Auric Field Levels of the Hova Body from the Harmonic above. Seed Crystal 
Seals are released by infusing them with the frequencies! flash-line sequences of the 
corresponding dimension from the Harmonic above. Progressive release of the Seed Seals 
within the Chakras creates opening and merging of the Kathara Lines in the Level-1 12-Tree Grid, 
and merging of the Hova Bodies, Shields, Diodic Points, Auric and identity Levels and DNA 
strands, through which activation of the Merkaba Vehicle and de-densification of matter occurs. 
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HAR Home Page “ Buddha Outline Pages + 
Appearance . 
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1. Buddha Figures with _ 2. Buddhas that DO NOT have | 3. Human Figures with 
Buddha Appearance typical Buddha Appearance: Buddha Characteristics 

- Shakyamuni Buddha - Vairochana - Rahula (arhat) 

- Medicine Buddha - Amitayus - Nagarjuna 

- Amitabha/Amitayus Buddha - Akshobhya - Garab Dorje 

- Vairochana Buddha - Ratnasambhava - Padmasambhava (several forms) 

- Nagaraja Buddha - Amoghasiddi - Sakya Pandita 

- Meru Shikara Buddha - Vajradhara - Others.... 

- Muni Trisamaya Vyuha - Vajradharma 

- Buddhas of the Three Times - Vajrasattva 

- Maitreya: Buddha of the Future - Samantabhadra 

- Buddha's of the Six Realms - Twelve Dzogchen Buddhas (8 forms) 

- Seven Supreme Buddhas of this Age - Meditational Deities (ishtadevata) 

- Buddhas of the Ten Directions - Others... 


- Twelve Dzogchen Buddhas (4 forms) 
- Thirty-five Confession Buddhas 
- Others.... 








3. Human Figures with 
Buddha Appearance. 
Example: Nagarjuna 


1. Buddha Appearance. 2. Buddha without Buddha 
Example: Shakyamuni Buddha Appearance. Example: Vajradhara 












Chakras 











Dimension _ Color _ Chakra Dimensio Co 
















SILVER 







BLUE-BLACK 


SILVER-BLACK 


















WHITE 












D-6 — BLUE-VIOLET (INDIGO) D-13 PALE TURQUOISE 


D-15  MAGENTA-PINK 


A Chakra will also carry, in lesser saturation, the colors/frequency 
bands associated with all of the dimensions 
below its own dimensional affiliation. 










D-7 VIOLET D-14 PALE YELLOW 
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AXI-A-TONAL LINES, THE HARA LEVEL, 
6 HARA POINTS AND COMPLEXES 





Axiom Lines, Rotating Flash-line Projection and the Human Body 
Each Seed Crystal Seal within the Signets of the Hova Body Shields holds the electro-tonal 


program for a Single Axis Axiom Line fiash-line projection. The flash-line sequences of each 
Axiom Line are not simply stationary single-line projections of flash-lines, but rather 
operate as rotating single-line projections. Each rotating Single Axis fiash-line projection is 
synchronized with the other rotating Single Axis fiash-line projections of Axiom Lines from the 
other Seed CrystalSeals-Through the rotational synchronization of the Axiom flash-line 
sequences, the flash-lines of each Axiom Line regularly cross through each other, and through the 
vertical and horizontal flashline sequences from the Level-1 and Level-2 Kathara Grid. The points 
of synchronized flash-line crossover form consistent points of intersection through which the 
Level-3 Diodic Vortices and Chakras manifest Within the human body and Auric Field the 
consistent points of flash-line crossover can be charted in the form of fixed lines of energy 
that run through the body. The charted Axiom Lines within the human body represent series 


of regularly scheduled flash-line intersection points, created through the synchronized 
rotation of the Single Axis Axiom flash-line sequences. 

























Axiom A Lines ~ “Axi-A-Tonal” Lines in the Human Body 
The consistent points of Axiom Line fiash-line crossover that form fixed lines of energy within the 


body can be charted as Axiom A and B Line energy flows within the body. The Axiom A Lines 
correspond to the body manifestation in the particle universe, the B Lines to the body double in the 
ant-particle universe. For Kathara Healing applications the A Lines — Axi-A-tonal Lines: of the 
particle body are used for various purposes of facilitating Kathara Center realignment and 
revitalization of the Body-Mind-Spirit System. Within the body the Axi-A-Tonal Lines can be 
charted as Primary Flow Lines — conduits through which energy-consciousness, in the form of 
scalar-point fiash-line sequences, circulates through the morphogenetic field. The fixed flash-line 
crossover points that form the charted Axi-A-Tonal Lines appear in the body as a set of 12 
Vertical Flow Lines, one running from each of 12 Auric Field Levels, which run through the body 
within the Level-2 Crystal Seals Kathara Grid. Each Axi-A-Tonal Line corresponds to one of 12 
Dimensional Frequency Bands, Kathara Centers, Seed Crystal Seals, Chakras and DNA strand 
imprints. The 12 Primary Axi-A-Tonal Lines appear to enter and leave the body through the 
head and feet, with conduits running through the arms, hands and out the finger-tips, and 
through the legs, feet and out the tips of the toes. Each Axi-A-Tonal Line appears as a 
colored cord of energy, its hue determined by the wave length characteristic to its 
corresponding dimensional frequency band. In charting the positions of the 12 Primary Axi-A- 
Tonal Lines in the body, numbering and color are used to denote the Dimensional 
correspondences of each Axi-A-Tonal Line. 
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Axi-A-Tonal Lines 11 & 12 and the “Hara Line” 

Axi-A-Tonal Lines‘11 and 12, which correspond to the 11% and 12% Dimensions, 
Kathara Centers, Seed Seals and Chakras, run vertically through the center of the 
body along the Kathara Grid Level-1 Central Vertical Kathara Line, forming a 
twisted “rope” of Dark Silver (D-11) and White (D-12) energy that wraps around the 
Central Vertical Kathara Line Flash-line Sequence. The Central Vertical Kathara 
Line, which appears as a thin Silver-gold flash-line of energy running from the 
14% Chakra (36"above the head) through the body and into the 13 Chakra at 
Earth’s Core, is imbued with frequencies from the 12t, 14th and 8» Dimensions — 
the frequencies of White, Dark Silver and Gold. 

In Level-2 Kathara Grid , the rotating single axis flash-lines of Axi-A-Tonal 
Lines 11 and 12 spiral around the thin Silver-Gold flash-line of the Central 
Vertical Kathara Line, merging into a thin, vertical tri-tonal flash-line of 
primarily Gold hue that becomes the core of the Central Body Current. In 
ancient Eastern Healing Systems this thin Gold Vertical Line is called the “Hara 
Line”, and is often considered the foundation of the manifest form. In truth, the 
Level-1 Kathara 12-Tree Grid and the Signets, Crystal Seals and Shields of 
Kathara Level-2 are the deeper foundations upon which the Hara Line manifests. 



























The Hara Level of Kathara Level-2 Crystal Seals Grid 
The mechanics of the Crystal Seals in the Level-2 Kathara Grid are complex, but can be 


employed with relative ease through working with the energetic dynamics of the outer levels of 
the Level-2 Kathara Grid, the level in which the Hara Line can be viewed using 9*-dimensional 
Higher Sensory Perception. We refer to this level of the Level-2 Crystal Seals Grid as the HARA 
LEVEL. The Hara Level is composed of the Hara Line, and 6 of the 15 Star Crystal Seals of the 


Kathara Level-2 Crystal Seals Grid. 
The 6 Hara Points (Crystal Seals) apparent from the Hara Level are as follows: 


1. The 9% Silver Core Star Crystal Seal, called the HARA CENTER 

2. The 6" Indigo (or Blue-Voilet) Star Crystal Seal, called the SOUL STAR 

3. The 12! White Star Crystal Seal, called the GALACTIC STAR 

4. The 3” Yellow Star Crystal Seal, called the SUN STAR 

5. The 8” Gold Star Crystal Seal, called the EARTH STAR 

6. The 10% Blue-Black Star Crystal Seal, called the EARTH CORE SEAL 
The 6 Hara Points govern and regulate the function of Complexes of energy synthesization and 

distribution that contro! the operations of all primary body systems and bio-energetic field 


dynamics. In Kathara Healing Level-2 we will explore mechanics of the Hara Level. In Level-1 
Kathara Healing we will simply become familiar with Hara Level as an element of 15-dimensional 
human anatomy. 
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The DARA AND thle KUNDALING 


The Silvery-gold energies of the Hara Center (9" Star Crystal Seal) are interwoven at the base of 
the spine with what is referred to as the KUNDALINI life-force energies. The Kundalini energies 
represent the PRIMARY ENERGY CURRENTS through which the incarnating consciousness 
anchors its morphogenetic field within the Fetal Body through the FIRST 8 CELLS of conception. 
The Hara Center energies interweave at the base of the spine with the frequencies of the 
first Star Crystal Seal, the RED Star Seal, in the First Cell. When the Hara Center Seal is 
dormant and activated only to the 3-Dimensional Level its Pale Silvery-gold frequencies appear to 
be encased within a crimson RED sheathe of 1*-Dimenional energy, often making the Hara 
Center and Hara Line appear to be RED in color. As the Hara Center comes into activation 
through progressive release of the 9 Star Crystal Seal, the Gold 8 Dimensional and Silver 9% 
Dimensional frequencies of the Hara become the dominant hues, giving the Hara Center and Hara 
Line its natural Silvery-gold color. With full activation of the Hara Center and 12%-Dimensional 
Maharic Integration, the tri-tone frequencies of the Hara Center and Hara Line take on a tri-color: 
spectrum of Pale Silver, Gold and Red-Violet (pale Magenta), as the Kundalini primary life force 
currents at the base of the spine activate within the Central Vertical Current of the body, Full 
activation of the Kundalini merges the 7“-Dimensional Violet, 15-Dimensional Red, 8"-Dimenional 
Gold and 9" Dimensional Silver frequencies with the full spectrum White-Silver energies of the 
12% Dimensional Maharic Current 


The Hara Center, like all Star Crystal Seals, is one of the primary regulatory elements of 
the natural Kundalini energies. As the Kundalini energies at the base of the spine are brought 
out of higher dimensional dormancy, through progressive activation of the Star Crystal Seals in the 
Kathara Level-2 Crystal Seals grid, the Hara Center progressively reflects these changes by 
expanding in size and energy processing capacities and taking on the hues (wave spectra) of the 
higher dimensional frequencies. The Kundalini energies at the base of the spine are the key to 
physical cellular transmutation of the body. Kundalini energy currents regulate the physical 
body’s position in space-time, keeping the physical body phase-locked into the planetary Time 
Cycle in which it was conceived, following the mathematical programs set by the Star Crystal Seals 
and the Kathara Grid. For physical transmutation to occur, the Kundalini energies of the higher 
dimensions must be brought into embodied activation, setting the processes of thé Internal 
Templar Complex in motion. - 


The DNA Template manifests upon the programs set by the Kathara Grid. As the Kathara 
Centers and their corresponding Star Crystal Seals, Shields, Kundalini currents, Cranial-Sacral 
(Pineal-Tailbone) Seals, Seed Crystal Seals and Chakras activate, dormant DNA Strand Template 
also activate, progressively altering the Angular Rotation of Particle Spin, energy-processing 
Capacities, metabolic orientation and neurological processes of the body and molecular 
structure. As these physical changes occur through activation of the Crystal Seals and Kundalini 
energies, the Merkaba Vehicle (interdimensional counter-rotating electro-magnetic fields in star- 
tetrahedral form) progressively builds within the bio-energetic field, allowing the physical body 
release from phase lock within its home space-time vector. Activation of the Hara Center 
represents one of the stages of this natural transmutational process. 
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TRE HARA CENTER 


The 9% Core Star Crystal Seal, the Hara Center (Tan Tein) and the D-9 Thalamus Complex 
The Star and Seed Crystal Seals of the Level-2 Kathara Grid that hold consciousness into the 


dimensional phase-lock set by the Level-1 Kathara Centers accrete along the Central Vertical 
Kathara Line and the Central Body Current From the Hara Level -the outer portions of the 
Level-2 Kathara Grid - the 12", 9 and 6” Star Crystal Seals, appear as areas of condensed 
light positioned along the vertical Hara Line. : 























The 9% Star Crystal Seal, located about 2 * below the Navel is known as the Core Star Crystal 
Seal — the point of 8 and 9% dimensional frequency of the Harmonic-3 Over-Soul Matrix (Teuric 
Shield) that anchor the personal morphogenetic field into that of the Earth and serve as the 
center of gravity for the adult human body. The Core Star Seal appears from the Hara Level 

as a 2” ball of Gold (D-8) energy encased in a thin Silvery (D-9) membrane; in Eastern theory 
this ball of energy is called the Tan Tein, and is used for direction of bodily and Earth 
energies in advanced martial arts and healing practices. In Kathara theory we simply refer to 
this energy ball as the Hare Center, or the 9th Core Star Crystal Seal. 




















The Hara Centeris the point at which the dimensionalizing identity enters the Etheric Matter 
densities of Harmonic Universe-3. The Hara Center represents the point into which the Over-Soul 
identity, its Monadic Core, the Betcha Hova Body and Kathara Centers 7, 8 and 9 first anchor 
within the body. The Hara Center holds the morphogenetic imprint for DNA strands 7, 8 and 9, 
corresponds to Chakra Centers and Axi-A-Tonal Lines 7,8 and 9 and is a key point for 
repatterning the electro-tonal programs of the Teuric Shield and realigning and activating 
corresponding DNA strands, Chakras, Axi-A-Tonal Lines and body regions they govern. 


The Hara Center is associated with the Thalamus Complex, the chemical translation and 
regulatory system that governs the 9*-Dimensional interface between various brain-function 
areas and the glandular and metabolic operations of the Thymus Complex, Gonads, Lymphatic 
System and corresponding body systems. Through the 9”-Dimensional Thalamus Complex the 
electrical impulse, chemical and hormonal relationships between the 10°-Dimensional Shara 
Complex and the &*-Dimensional Thymus Complex and its related body systems are governed. 


The Hara Center and the Thalamus Complex link the functions of the Mahara and 
Betcha Hova Bodies, the Maharic and Teuric Shields and the Avatar and Over- 
Soul levels of consciousness and identity within the body and bio-energetic field. 





The primary area of dominion of the D-9 Thalamus Complex is Brain Function. 
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The SOUL STAR 


The 6% Soul Star Seal and the D-8 Thymus Complex 
Also visible along the Hara Line of Kathara Grid Level-2 is the 6 Star Crystal Seal, located 


around the Thymus at the top of the breast bone and associated with the 5 and 6‘ dimensional 
frequencies of the Harmonic-2 Soul Matrix (Doradic Shield). The 6% Star Seal, visible as a pale 
Blue-Violet-white point of diffused light along the Hara Line, is called the Soul Star Seal. 



























The Soul Star Seal is the point at which the dimensionalizing identity enters the Semi-Etheric 
Matter densities of Harmonic Universe-2. The Soul Star represents the point into which the Soul 
identity, its Archetype Core, the Alphi Hova Body and Kathara Centers 4, 5 and 6 first anchor 
within the body. The Soul Star holds the morphogenetic imprint for DNA strands 4, 5 and 6, 
corresponds to Chakra Centers and Axi-A-tonal Lines 4, 5 and 6 and is a key point for 
repatterning the electro-tonal programs of the Doradic Shield, and realigning and activating 
corresponding DNA strands, Chakras, Axi-A-Tonal Lines and body regions they govern. 


The Soul Star is associated with the Thymus Complex, the chemical translation and regulatory 
system that govems the 8"-Dimensional interface between the Pineal, Pituitary, and Thyroid 
Glands, which gover the chemical and metabolic operations of the hormones, Adrenal Glands, 
Endocrine System, Spleen, and crystalline formation of the Red Blood Celis and Hemoglobin. 


The Thymus Complex and its related glandular and metabolic systems, govern the cyclic rhythms 
by which the DNA strands will activate through the Pineal Gland, the rate of growth and 
degeneration of body tissue through the Thyroid Gland and through the Pituitary Gland and its 
inter-glandular processes, the functions of electro-tonal impulse conversation, translation and 
distribution through the brain, Central Nervous System and blood are regulated. . 





The Thymus Complex controls the inter-glandular systems balances between the Pineal, 
Thyroid and Pituitary Glands and regulates the primary operations of electrical impulse and 
chemical translation and transfer throughout the brain and body systems via the Thymus Gland. 
The 8-Dimensional Thymus Complex is governed by the functions of the 9t-Dimensional 
Thalamus Complex and the 10"-Dimensional Shara Complex. 





The Sout Star and the Thymus Complex link the functions of the Betcha and Alphi 
Hova Bodies, the Teuric and Doraidic Shields and the Over-Soul and Soul levels 
of consciousness and identity within the body and bio-energetic field. 


The primary area of dominion of the D-8 Thymus Complex 
is Metabolic Function. 
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Tire SUN) STAR: 


The 3" Sun Star Seal and the Nadial Complex 
Also present, but less distinctly visible along the Hara Line of Kathara Grid Level-2 is the 3 Star 
Crystal Seal, located just beneath the Hara Center of the 9% Star Seal 2° below the Navel and 
associated with the 2"* and 3" dimensional frequencies of the Harmonic-1 Incarnate Matrix 
(Telluric Shield). The 3™ Star Seal, visible as a subtle pale Yellow-Orange-Red point of 
diffused light along the Hara Line, is called the Sun Star Seal. Due to its proximity to the Silver- 
Gold Hara Center 9" Star Seal the Sun Star is often considered to be part of the Hara Center, but 
in deeper Hara Level scanning the distinction between these crystal seals can be evidenced. 
The Sun Star Seal is the point at which the dimensionalizing identity enters the Gross Physical- 
Matter densities of Harmonic Universe-1.The Sun Star represents the point into which the 
Incarnate Identity, its Subconscious-Telluric Core, the Nada Hova Body and Kathara Centers 
4, 2 and 3 first anchor within the body. The Sun Star holds the morphogenetic imprint for DNA 
strands 1, 2 and 3, corresponds to Chakra Centers and Axi-A-tonal'Lines 1, 2 and 3 andis a 
key point for repatterning the electro-tonal programs of the Telluric Shield, and realigning and 
activating corresponding DNA strands, Chakras, Axi-A-Tonal Lines and body regions they govern. 















































The Sun Star is associated with the Nadial Complex, the electrical impulse and chemical 
transiation and regulatory system that govems the 4" -Dimensional interface between the 
Thymus Complex, Thalamus Complex and the functions of the physical body systems, 
through which the electrical, chemical and metabolic operations of the Blood, Cardio-Vascular, 
Pulmonary and Respiratory Systems are governed. The Nadial Complex governs the operations 
of Heart and Breathing rhythms, the flow of consciousness-energy or “Prana” from the higher 
dimensional anatomy into physical embodiment and regulates many key functions within the 
processes of nutrient conversion and distribution within the Skeletal and soft tissue systems. 
The Nadia! Complex is a key center for the direction of healing energies within the Nada 
Hova Body, Telluric Shield and physical body systems. 


In advanced applications of healing and manifestation, the Nadial Complex is combined with the 
attributes of the Shara, Thalamus and Thymus Complexes and with the Universal Raja . 
Complex of Harmonic-5, which links the human body to the planetary, galactic and universal 
Unified Fields through the 12% and 13 Chakras and 10” Star Crystal Seal at Earth's core via the 
Planetary Bio-Feed Interface System. The frequencies of the 3% Sun Star Crystal Seal, that 
govern the function of the Nadial Complex can be combined with those of the 9% Core Star Seal 
Hara Center and the 8 and 10% Star Crystal Seals through the 12" and 13 Chakras, PBIS, 
Doradic, Teuric, and Maharic Shields and Raja Complex to form a potent Teuric-Telluric Current 
for healing and manifestation, once the Doradic and Teuric Currents have been activated within 
the body. 


The Sun Star and the Nadial Complex link the functions of the Alphi and Nada Hova 
Bodies, the Doradic and Telluric Shields and the Soul and Incarnate levels of 
consciousness and identity within the body and bio-energetic field. 


The primary areas of dominion of the D-4 Nadial Complex are 
Cardio-Vascular, Pulmonary and Nutrient Absorption/Conversion Functions. 





82 


Une GALAGCTIG STAR 


The 12% Galactic Star Seal and the D-10 Shara Complex 
The third point of condensed light visible along the Hara Line of Kathara Grid Level-2 is the 12t 


Star Crystal Seal, located at the 14 Chakra 36° above the head and associated with the 11% and 
12® dimensional frequencies of the Harmonic-4 Avatar Matrix (Maharic Shield). The 12 Star 
Seal, visible as a White-Silver point of Light emanating an inverted White-Silver-Gold cone of 
energy at the 14% Chakra, is the White Star or Galactic Star Seal. - ; 

The Galactic Star Seal is the point at which the dimensionalizing gestalt identity enters the Pre- 
Matter Liquid Light densities of Harmonic-4, the point at which identity begins its individuation 
and journey of densification into the wave spectra of perceivably experiential matter. The Galactic 
Star represents the point into which the Avatar Identity, its Buddhaic Core, the Mahara Hova 
Body and Kathara Centers 10, 11 and 12 first anchor within the Bio-energetic Field to begin 
setting the scalar field for the body. The Galactic Star Seal holds the morphogenetic imprint for 
DNA strands 10, 11 and 12, corresponds to Chakra Centers and Axi-A-Tonal Lines 10, 11, and 
12 and is a key point for repatterning the electro-tonal programs of the Maharic Shield, and 
tealigning and activating corresponding DNA strands, Chakras, Axi-A-Tonal Lines and body 
regions they govern. 

The Galactic Star is associated with the Shara Complex, the regulatory system that governs 
the 10%-Dimensional interface between the D-9 Thalamus Complex and the D-13 portion of the 
Rishi Shield in Harmonic-5. Through the Shara Complex the Scalar Fields holding the gestalt 
identity of Harmonic-5 Rishi Consciousness Collective- the “Universal Family of Consciousness” - 
translate via electro-tonal conduction, into the more individuated Scalar Fields that house the 
Avatar identity gestalt Consciousness Collective- the “Galactic Family of Consciousness". 

The Shara Complex regulates the disbursement of consciousness in individuated form 
through the dimensional fields of the Time Matrix and serves to link each individuated and 
incarnate member of the Geomantic Entity Collective beyond the Time Matrix, to its Avatar identity 
and Galactic Family of Consciousness in Harmonic Universe-4, through the Universal Family of 
Consciousness of the Rishi identity in Harmonic Universe-5. The Shara Complex represents the 
primary facility through which an individual consciousness retains its indelible energetic connection 
to its greater family of consciousness, through which itis directly linked to Source. 

The Shara Complex governs, regulates and orchestrates the transduction, translation and cyclic 
rhythms of electro-tonal projection of consciousness into dimensionalization, sets the original 
operational structures of Kathara Scalar Grid arrangement and directs the synchronistic 

evolution of families of consciousness through time. Through the operations of the Shara 

Complex, an identity's cycles of incarnation and manifestation within the 5 Harmonics of a 

15-Dimensional Time Matrix are regulated, which sets the core regulatory rhythms of Partiki 

Phasing, expansion and contraction of consciousness, and vibration-oscillation ratios that govern 
the formation and function of the Thalamus and Thymus Complexes and all aspects of the 

individuated Kathara Grid, Bio-energetic Field and bodily systems. The Shara Complex 

controls the cycles of in-fiow and out-fiow of energy between the personal morphogenetic field and 
that of the dimensional Unified Fields, and thus affects all systems of the body and consciousness, 
with a primary emphasis upon the functions of the blood, consumption-excretion and 
immunological facilities of the body and of the activation of the higher dimensional sense 
facilities within the embodied consciousness. 

The Shara Complex links the functions of the Mahara and Raja Hova Bodies, the Maharic and 
Rishic Shields and the Avatar and Rishi levels of identity within the embodied consciousness. 
Primary area of dominion of the D-10 Shara Complex is the immune System and HSP. 

















































83 


TRE GARTH SEALS 


Earth Seals 8 and 10 and the Raja Complex 
Within the Hara level of field depth in which the 3 Sun Star Crystal Seal can be detected there 
are 2 other Star Crystal Seals of primary importance stationed along the Hara Line of Kathara Grid 
Level-2; these are referred to as the Earth Seals. The Earth Seals function as intrinsic aspects of 

the Planetary Bio-feed Interface System and the Raja Complex. The 8” Star Crystal Seal, 
called the Earth Star Seal is located within the 12% Chakra 6” below the feet and is associated . 
with the 7%. 8tand 12% dimensional frequencies of the Harmonic-3 Over-Soul Matrix (Teuric 
Shield) and the Harmonic-4 Avatar Matrix (Maharic Shield). The Earth Star is visible as a subtle 
Gold-Orange point of diffused light positioned along the Hara Line 6” below the feet, as the 
Hara Line leaves the physical body through the 15‘ Base Chakra to extend downward into the 
Earth’s core. The 10% Star Crystal Seal, called the Earth Core Seal, is located within the 
43% Chakra where the Hara Line connects into the Earth's Core and is associated with the 9%, 
410%, 12 and 13% dimensional frequencies of the Harmonic-3 Teuric Shield, Harmonic-4 Maharic 
Shield and Harmonic-5 Rishi Matrix (Rishic Shield), The Earth Core Seal is visible as a pale Blue- 
Black point of diffused light positioned in the Earth’s Core, at the point where the personal Hara 
Line connects to the center of the Earth's Core at the 1s! and 12% Planetary Kathara Centers. 
The 8‘ Earth Star Seal is the point at which the dimensionalizing identity combines the 
12t.dimensional frequencies of the Harmonic-4 Pre-matter Liquid Light density with the 8 
and 9*—dimensional frequencies of the Etheric Matter densities of Harmonic-3 to connect the 
personal morphogenetic field and Kathara Grid to those of the Planetary Body. The Earth Star 
Crystal Seal can be viewed as the point where Personal and Planetary Kathara Grids connect 
to Galactic Kathara Grid. The Earth Star represents the point into which the Mahara and Betcha 
Hova Bodies, Kathara Centers 8, 9 and 12 and the 12" Galactic Star Seal and Shara 
Complex first anchor into the Planetary and Galactic Kathara Grids. The Earth Star holds the 
morphogenetic imprint for all DNA strands for all manifest incarnations in 4 Harmonics of 
Time, corresponds to Chakra Centers and Planetary Vortices and Personal and Planetary Axi- 
A-tonal Lines 8, 9, 10 and 12 and is a key point for repatterning the electro-tonal programs of the 
Personal Maharic, Teuric, Doradic and Telluric Shields, and realigning and activating 
corresponding DNA strands, Chakras, Planetary Vortices, Axi-A-Tonal Lines and personal or 
planetary body regions they govern. In the Maharic Shield Activation process the Earth Star is 
activated to release phase-lock on the 12 Chakra to open the personal Kathara Grid to the PBIS. 
The 10% Earth Core Seal is the point at which the dimensionalizing identity combines the 
frequencies of the 8 Earth Star Crystal Seal with the 13%-dimensional frequencies of 
Harmonic-5 Ante-matter density to connect the personal and planetary morphogenetic field and 
Kathara Grid to those of the Universal Kathara Grid of Harmonic-5. The Earth Core Seal can be 
viewed as the point where Personal, Planetary and Galactic Kathara Grids connect to the 
Universal Kathara Grid. The Earth Core represents the point into which the Rishi Identity, the 
Raja Hova Body and Universal Kathara Centers 1, 2 and 3 first anchor into the 3 Earth Star 
and 12% Galactic Star Seals to form the Raja Complex of 5 Harmonic scalar fields through which 
personal, planetary, galactic and universal experiential manifestation takes place. The Earth Core 
Seal corresponds to Chakra 13, and holds the morphogenetic imprint for all manifest 
incarnations of persons, planets and galaxies within the 5 Harmonics of Time in one 15- 
dimensional Time Matrix. Through the combined frequencies of the Earth Star and Earth Core 
Seals the personal Kathara Grid connects to the Planetary, Galactic and Universal Kathara Grids 
forming the Planetary Bio-feed Interface System and the Raja Complex — or Universal Bio-feed 
interface System — that links personal, planetary, galactic and universal consciousness in time. 
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The 3" Sun Star Seal, 8 and 10 Earth Seals and RA Center 
When combined with PBIS, Doradic, Teuric and Maharic Shields and Raja Complex, the 3" 


Sun Star Crystal Seal and the 12" Core Star Crystal Seal Hara Center merge to form a Teuric- 
Telluric Current that encompasses the Seed Crystal Seal within the 3“ Solar Plexus Chakra, 
forming a sphere of powertul healing energies at the 3" Chakra called the RA Center. in ° 
Kathara Healing Level-2 we will begin activation of the Teuric Current of the Harmonic-3 Betcha 
Hova Body, through activation of Doradic Current Phase-2 and will explore beginning applications 
of combining the Doradic Phase —1 and Teuric Currents with the natural Telluric Current of the 
Harmonic-iNada Hova Body to begin bringing the RA Center for healing and manifestation into 
activation. ( For more on the 4 Primary Triadic Healing Currents see Chapter 4 of this manual.) 


The Hara Level of Kathara Level-2 and the 6 Primary Hara Points 


Though the study of the Crystal Seals of Kathara Level-2 Crystal Seals Grid is complex in detail, 
one can become skilled in healing facilitation through Crystal Seals mechanics by learning the 
basic orientation of the outer levels of the Kathara Level-2 scalar grid - The Hara Level. In 
simple analysis, the elements of the Hara Level can be viewed as follows: 

The Hara Line — the Central Body Current, that is formed by the 17 and 12 Axiom Lines 
wrapping around the fixed flash-line sequence of the Level-1 Kathara 12-Tree Central Vertical 




















The 6 Primary Hara Points: Star Crystal Seals 1.# 9-Hara Center, 2. #6-Soul Star, 

3.#12 Galactic Star, 4. #3-Sun Star, 5. #8-Earth Star and 6. #10-Earth Core. Each primary Hara 
Point governs the function of a complex of interwoven scalar, bio-energetic and physical systems. 
Knowledge of the 6 Hara Points and the Thalamus, Thymus, Shara, Nadial and Raja 
Complexes they respectively govern, allows the healing facilitator a greater understanding of the 
15-dimensional anatomy. Such Foundations of Kathara Healing are necessary in preparation for 
Kathara Healing Level-2 practices that will utilize the Hara Level of the Kathara Level-2 Crystal 
Seals Grid in combination with the Kathara Healing Level-1 Maharic Recoding Process and 
other elements to begin activation of the RA Center for advanced healing and manifestation. 


















Axi-A-Tonal Lines 1-10 
In our exploration of the Hara Level of the Crystal Seals Grid we have learned that of the 
12 Primary Axi-A-Tonal Lines, (12 primary vertical energy-fiow lines within the body and bio- 
energetic field, created by cross-over points of the rotating, single axis, flash-line sequences 
projected by each of 12 Seed Crystal Seals), the 11" and 12% Axi-A-Tonal Lines spiral around the 
Kathara Level-1 12-Tree Grid Central Vertical Kathara Line to form the Hara Line and Central Body 
Current Axi-A-Tonal Lines 1-10 also run vertically through the body, from the head to the toes and 
through each arm to the finger tips, connecting body regions to corresponding levels of the Auric 
Field, Chakras, Kathara Centers, Crystal Seals and DNA. The sequence of Axi-A-tonal Line 
position is as follows: 
Right Side of Body to Center- 3,6,9,2,8 Center of Body-11, 12 Center to Left Side of Body-. 5,1,10,7,4 
Each line of Axi-A-Tonal Lines 1-10 ends in one finger-tip and toe on the corresponding side of the A 
and runs vertically through the top of the head to merge with Axi-A-Tonal Lines 11 and 12 and the Hara Line 
at Chakra 10, and down through the feet to merge with the Hara Line at Chakra 12. 
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TYPES OF PARTHENOGENESIS 


® Tychoparthenogenesis Parthenogenesis or Facultative 
parthenogenesis is the term for when a female can 
produce offspring either sexually or via asexual 
reproduction. Facultative parthenogenesis is extremely 
cleo lamarclee com 


® Examples -mayflies, insects 


® Obligate Parthenogenesis- Obligate parthenogenesis is the 
process in which organisms exclusively reproduce through 
asexual means. Examples- Lizards, fishes 
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Axi-A-Tonal Lines and the Meridians 

The Axi-A-Tonal Lines within the body set the primary holographic scalar field upon which the - 
Meridian Lines — or Secondary Flow Lines- of the body manifest The Meridian Lines can be 
used to access the Axi-A-Tonal Lines and the Axi-A-Tonal Lines can be used to access the 
flash-line programs of the Kathara Centers and 3 Levels of the Kathara Grid, if the 
correspondences between the Meridians, Axi-A-Tonal Lines, Kathara Centers and Chakras 
are understood. For centuries the Meridian Lines and Chakras have been used in subtle-energy 
healing systems. This knowledge can be applied and the potential results of related healing 
techniques amplified by employing the correspondences between the Meridian and Chakra 
systems and the Axi-A-Tonal Lines and 3 Levels of the Kathara Grid. Bringing the Kathara Grid into 
the picture allows for restructuring the Imprint for Health within the causal core while expediting 
the healing process by restructuring the various other levels of the bio-energetic anatomy. 

In Level-1 Kathara Healing we focus primarily upon Core Morphogenetic Repatterning — 
resetting the electro-tonal programs of the Kathara Grid through the uncorrupted programs of the 
Maharic Shield- to set the “ground” into which other healing applications can anchor. In later 
Kathara Healing Levels we will explore technique applications that affect various other levels of the 
bio-energetic anatomy. In Level-1 Kathara Healing we strive to create a basic familiarity with 
the elements of, and the interrelationships between, the various levels of bio-energetic 
anatomy. Through understanding the basic correspondences between the 3 Levels of the 
Kathara Grid — the Kathara Centers and Kathara Lines, the. Hova Bodies, Auric Levels, Signets, ~ 
Shields, Crystal Seals and Axiom Lines, and the Diodic Points and Chakras — and the other 
aspects of energetic anatomy, such as the Meridian Lines and DNA, the healing facilitator is 
equipped with a knowledge base through which more precise healing facilitation can be applied. 
Meridian Lines and their applications to Kathara Healing will be explored in later Levels of the 
Kathara Healing Program. 
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The DNA Connection 
In this Chapter we have explored the various elements of the 15-Dimensional Anatomy of the 
human form, from the Kathara Grid holographic scalar template, to the Hova Bodies, Shields, 
Axiom Lines, Chakra Centers, Auric Field Levels and the Hara Level with its related Complexes of 
energetic interface. Throughout all of these elements of the multidimensional anatomy we have 
seen how each element interrelates with the others through their correspondences within the 
structure of the 15-Dimensional Scale. The elements of the subtle body anatomy also 
systematically correspond to the structure and function of the human DNA. Through direct 
interaction with various elements of the subtle body anatomy, the operations of corresponding 
aspects of the human DNA can be repaired, enhanced and altered, to advance applications of 
healing, and to expedite the evolution of human biology and consciousness. In the Kathare Healing 
Level-2 program we will further explore the correspondences between the sublle body anatomy 
and the DNA, and methods by which the DNA can be repaired and activated to a more advanced 
level through employing the use of Kathara Healing mechanics. 




















88 







The Silicate Matrix 12-strand DNA Pattern 
The core human DNA imprint is built upon a 12-Dimensional Structure, each of 12 strands 
building up upon one of the Primary 12 Axi-A-Tonal Lines and each strand corresponding to 1 of 12 
dimensional frequency bands within the 15-dimensional scale. The original human DNA imprint is 
called the Silicate Matrix, the 12-strand scalar-wave configuration that allows for the progressive 
transmutation of Harmonic-1 carbon-based molecular-elemental structure into the Silica-based 
Structures of higher Harmonic matter. The 12-strand DNA imprint of the human form implies that 
human biology was designed to embody 12 dimensions of conscious awareness, or to fully 
embody the Avatar identity level - the “Christed” Identity of Harmonic-4 Pre-matter Liquid Light 
matter density. The human form is organically designed to undergo full cellular transmutation 
through 4 Harmonics of manifestation and their corresponding matter density levels. When the 
gene code is working properly, the process of cellular transmutation is directed by the embodied 
human consciousness. In historical terms, the process of conscious cellular transmutation has 
been referred to as the process of “Ascension”, which is Dimensional Expansion, the mechanics 
of which have been hidden with ancient texts dealing with Merkaba Mechanics. The Merkaba 
Vehicle of inter-harmonic scalar-wave configurations, which forms within the bio-energetic field, is 
a consequence or simultaneous affect of progressive activation of the Silicate Matrix within the 
genetic code. 


























The Silicate Matrix and Subtle Body Anatomy 


Just as each Axi-A-Tonal Line of the subtle body anatomy has its correspondence to a Kathara 
Center, Crystal Seal, Axi-A-Tonal Line, Auric Field Level and Chakra, so too do the DNA strands 
have their specific affiliations to each dimensionalized element of the subtle body anatomy. Each 
DNA strand transtates into electrical-elemental-chemical form from the governing Axi-A-Tonal Line 
fiash-line sequence to which it corresponds. The Hova Bodies and Shields of subtie body 
anatomy each correspond to a set of 3 Axi-A-Tonal Lines, Auric Field Levels and Chakras and thus 
also correspond to a set of 3 DNA strands, that together create the experiential projection of 
separate 3-Dimensional holographic reality fields. Distortions and blockages in the Kathara Grid, 
Hova Bodies, Shields, Axi-A-Tonal Lines and Chakras appear as distortions and malfunction within 
the DNA. The function of the DNA determines the quantity of interdimensional frequency, 
and thus the amount of dimensionalized consciousness, that can actively process through 
and embody within the physical body system. DNA distortions manifest as distortions of biology 
and consciousness. 

-’ The 12 DNA strands of the Silicate Matrix are sets of scalar-wave spectra that correspond to 
each dimensional band, through which each dimensionalized level of the subtle body anatomy is 
translated into wave-spectra that is within the range of perceivable matter manifestation. The DNA 
can be viewed as the primary structure through which subtle energy-consciousness translates into 
manitest physicality. As each full dimensional band contains 12 primary Sub-frequency Bands 
(See Chapter 1 for Dimensional Structure), each of the 12 DNA strands contains 12 primary Seed 
Codes, or consolidated scalar points composed of electro-tonal flash-line sequences, that 
correspond to the Sub-Frequency Bands within each dimension. The 12 primary Seed Codes 
within each DNA strand have an anti-particle counterpart composed of frequencies from the Anti- 
particle system. The 12 particle Seed Codes in each strand are called BASE CODES, their anti- 
particle counterparts are called ACCELERATION CODES, The Seed Codes of the core DNA 
Scalar imprint are the points of consolidated frequency through which energy-consciousness is 
drawn in from the dimensional Unified Fields to expand the personal morphogenetic field. 
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DNA Fire Codes- Genetic Time Codes 
Along with the 12 Base Codes and 12 Acceleration Codes of each DNA Strand Template there 

are also 12 Primary DNA Codes called DNA FIRE CODES that regulate the relationship between 
human biology and the Planetary Time Cycle in which the biology manifests. The DNA Fire Codes 
can be conceptualized as existing between the Primary 12 Strands of the Silicate Matrix. Each Fire 
Code is composed of one half of the scalar frequency patterns from each of the two Primary 
Strands that the Fire Code is placed between. Each of the 12 Fire Codes corresponds directly to 
one of 12 Signet Star Crystal Seals in the Personal Shields of the Internal Templar Complex, and 
with release of the corresponding Signet Seal, the Fire Code comes into activation. 

The DNA Fire Codes release the natural scalar barriers between particle and anti-pariicle DNA 
Strands, allowing STRAND FUSION to occur. Fusion of DNA strands in the particle body with. 
. Corresponding strands in the anti-particle body creates a progressive transmutation of the scalar 
wave forms of the DNA Template and Scalar Shields, through which the polarized Particum- 
Particles and Partika-Anti-particles merge and transform into their original Omni-polar Partiki 
Ante-matter state. Through strand fusion, the biological carbon-based biology progressively — 
tessens in density as its elemental agents are transmuted from the Kathara level, into elemental 
agents characteristic of the higher dimensional matter densities. Dimensional Ascension is 
achieved through release of the Kathara Grid Seals. Release of the Kathara Grid Seals creates 
merger of the Hova Bodies, activation of the Kundalini energies, release of the Cranial-Sacral 
Crystal Seals, fusion of the DNA Strand Templates via the DNA Fire Codes, building of the 
Merkaba Vehicle in the bio-energetic field and the resulting transmutation of bodily matter and shift 
in Angular Rotation of Particle Spin within molecular constuction. Through this transformational 
process the human biology is released from its organic phase-lock within its current space-time 
cycle, and is able to engage in transcendental travel through the various matter density levels 
and Time Cycles in and beyond the 15-Dimensional Time Matrix. As the DNA Fire Codes 
regulate the body's orientation to space-time, they are also referred to as the GENETIC TIME 
CODES. 

The DNA Fire Codes are an essential element in the natural process of restoring the natural 
immortal Organic Imprint for Health within the human body. The ability of the human form to 
become perpetually self-sustaining is dependent upon the Kathara Grid and DNA being able to 
continually renew the natural Primal Order of Maharic Shield scalar arrangement upon which the 
body is built, to keep the Star Crystal Seals and conduits of interdimensional energy supply open. 
Perpetual revitalization of the body is achieved through full activation of the 12-Strand DNA 
pattern. When activated, the DNA Fire Codes keep the Crystal Seals, the interdimensional 
INTERNAL STAR GATES of energy inflow, open, so the finite supply of frequency held within the 
personal Manifestation Template can be continually renewed. Restoration of the Organic Imprint 
for Health, as held within the Maharic Shield, is achieved through progressively clearing 
distortions of scalar-wave arrangements within the Kathara Grid, Shields and DNA Template and 
realigning the entire subtle energy and physical energy systems with the Primal Order of the 
Maharic Shield. This process of whole-being-healing does not occur overnight, as many genetic 
distortions (which emerge from Kathara Grid misalignment) have served as the dominant bio- 
electrical program within the human genome for many thousands of years. With knowledgeable 
practice of Kathara Grid realignment, and supportive healing applications within the various Body- 
Mind-Spirit systems, these inherited distortions can be progressively healed through Regenesis of 
the Primal Order as held within the personal Maharic Shield. 
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Science, “Junk DNA” and Evolution 

In the contemporary human genetic code the majority of the.DNA strands corresponding to 
higher dimensional anatomy and consciousness are dormant or damaged due to ancient 
blockages within the Kathara Grid and its corresponding elements of the subtle body anatomy. 
Present day humans function primarily on a 3 to 3.5 DNA activation level, while the imprint and 
potentialities for strands 4-12 lie dormant within the morphogenetic field and within the fragments of 
non-functional DNA that contemporary science has labeled “junk DNA”. 

The portions of the DNA chain that science has presently identified as the “Double Helix”, 
represent only the surface portions of the chemical, elemental and electrical components of the 
active DNA strands. Science has yet to identify the multidimensional spectra of DNA manifestation, 
and has yet to realize that within the structures of detectable DNA, there are /evels of structure and 
function that direct the operations of the entire genetic imprint, which are not presently detectable 
by contemporary scientific technique. The human DNA imprint will always appear from extemal 
analysis, as a 2-strand Double Helix configuration, but what is not understood, is that within this 
Double Helix there are, and will be progressively more, additional Double Helix strands, which 
use together and add their operational coding into the active DNA imprint. By contemporary 
standards of categorization, if science were to objectively observe the activated 12-strand pattern 
(or even an activated 4-strand pattern), the DNA would not appear to be human at all, but rather as 
the seemingly incomprehensible genetic signature of an ‘unknown" species. As science evolves 
into comprehension of the multi-dimensional spectrum, the understanding of the true structure and 
function of DNA will progressively advance. 


DNA, Kathara Healing and Bio-Spiritual Evolution 


One does not have to wait for scientific theology to catch up with a rapidly evolving 
humanity in order to begin advancing the functions of the DNA. Through the processes of 
Kathara Healing, as we work to clear blockages from the Kathara Grid and to reawaken the Imprint 
for Health within the human body, we are simultaneously directly affecting the operational 
structure of the DNA. As we work to create Hova Body merger- merging of the scalar-grid flash- 
line sequences of the 5 Harmonic Hova Bodies- we are progressively reordering portions of the 
“junk DNA’ and stimulating dormant portions of the DNA into activation. As we work with subtie 
energies to clear blockages within the Kathara Grid, we are progressively purging ancient 
distortions and mutations within the gene code, distortions that have kept our collective 
consciousness locked into the limited 3-dimensional perceptual range of Harmonic Universe-1. 

Itis through the ancient distortions of the human Kathara Grid and the resulting mutations of the 
human DNA, that the multidimensional portions of identity seem separate from each other. The 
higher levels of conscious awareness that are stationed within the scalar grids of the higher 
dimensional Hova Body Shields have been unable to electronically transtate into the lower 
dimensional identity stations of the Nada Hova Body and its apparent physical manifestation. As 
we work with Kathara Healing to create progressive Hova Body merger and DNA strand ordering 
and activation, we will progressively experience advancement of conscious awareness and 
expansion of the perceptual field and Higher Sensory Perception (HSP). This expansion and 
advancement occurs because we are able to progressively embody higher frequencies of 
consciousness and scalar wave flash-line sequences into the personal morphogenetic field, via the 
energetic conduits of the DNA. Kathara Healing modalities are the fastest and easiest 
methods available to repair and advance the function of the DNA and to expedite the 
organic processes of Bjo-Spiritual Evolution. 
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‘| __ THE 12 HUMAN SENSES, APPARTHI AND HSP 
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Perception and the Hologram 


In earlier text we have explained that manifestation is not what it appears to be, 
but rather a Holographic Projection of consciousness through the structures of 
dimensionalization. Further, that dimensionalization itself i’a compartmentalization 
of consciousness created through units of consciousness (Partiki, Partika and 
Particum) assembling in specific mathematical-geometrical ratios to form scalar 
grids, interwoven fabrics of fixed points of electro-tonal units that form layers of 
Standing-waves -scalar waves - that serve to “flesh out” the structure of the 
Hologram, through projection along a vertical, horizontal and diagonal axis. We have 
explored the Kathara Grid - the core template of scalar standing-waves upon which 
consciousness begins its experience of dimensionalization, the structures of the 
15-Dimensional Universe construction, and how these characteristics of the 
Hologram relate to forming the structure of 15-Dimensional Human Anatomy. In 
understanding the basic foundations upon which our perceivable Hologram forms, 
we begin to better comprehend the nature of reality and of ourselves within this 
multi-dimensional reality structure. Through the Holographic Projection of 
consciousness within the cosmic Unified Field of Energy-consciousness and 
its scalar fields of dimensionalization, we perceive the conditions of space, 
time, matter, externalization of reality and individuation of identity. Within the 
Hologram of consciousness we perceive as solid and objectified the wave spectra 
and their inherent energy constructs of that which exists precisely one dimensional 
band below the present station of our corisciousness focus. 

In this section we will explore a bit about the apparatus of perception that allow 
us to perceive externalization in such a manner, the facilities of energy inherent to 
the scalar-wave construct of the human form, which together work to bring the 
Hologram into perceivable manifestation. We will call the constructs of energy 
formed through scalar organization, which allow for perception of the manifest 
Hologram, the HUMAN SENSES. 
























THE HUMAN SENSES ARE THE EXPERIENTIAL RESULT 
OF ORGANIZATIONS OF WAVE PATTERNS INHERENT TO 
THE ELECTRO-TONAL PROGRAM AND SCALAR 
ORGANIZATION OF HUMAN CONSTRUCTION. 
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What ARE Senses? 

Senses are the scalar-wave apparatus, and their seemingly manifest parts, that 
allow the personal morphogenetic field to synthesize and translate frequency 
from the dimensional bands of the Unified Field, into coherent perceptual and 
experiential qualities that give embodied consciousness a translation of its 
relationship to other forms of consciousness within the Unified Field. Senses - 
or the apparatus which give us the ABILITY TO SENSE- are scalar arrangements 
inherent to our form that TRANSLATE ENERGY SIGNATURES FROM THE 
UNIFIED FIELD INTO USABLE DATA OF RELATIONSHIP. 

Like the true substance of the human body and consciousness, the Unified Field 
exists as a quantity of dimensionalized energy-consciousness in electro-tonal scalar 
wave form - a compartmentalized field of ENERGY SIGNATURES, within which a : 
vast number of consciousness constructs exist The human organism is one such 
construct of consciousness, and through its inherent form, the energy signatures 
of other scalar forms are translated into perceptual data. The senses are simply 
energy constructs within the human morphogenetic field, that separate and 
translate energy signatures from the Unified Field into sets of experiential 
stimuli, through which the contours of the manifest Hologram can be 
recognized and experienced. 


























The APPARTHI and Perception 
The sense facilities are organizations of energy within the morphogenetic 


field that hold sets of “energy receivers” or magnetic points of cohesion, into 
which like frequency patterns from the Unified Field are drawn in for 
translation. Every organism has a different configuration of energy receivers within 
its morphogenetic makeup, and so every organism will have a variation of 
perception. The morphogenetic energy receivers, or APPARTHI of an organism's 
construction serve to draw certain frequency bands into the morphogenetic field for 
translation and to block out other frequency bands, making them unavailable for 
translation. The frequency bands, or flash-lines of Partiki Phasing, that are blocked 
out of the personal morphogenetic field, create GAPS OF PERCEPTION of the 
Unified Field, through which the Holographic picture of “space between objects”, 
“externalization of form” and “separation of SELF from the Unified Field” becomes 
perceivable to the organism. These qualities of objectification are the result of 
BLOCKED FLASH-LINE SEQUENCES, portions of the scalar fields of the 
Unified Field and their inherent sequences of Partiki Phasing, that cannot 
translate through the personal morphogenetic field due to the arrangement of 
the APPARTHI within the personal morphogenetic structure. 
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Apomixis 


Apomixis: Development of seed or embryo without 
fertilization (sexual fusion). 


Obligate Apomixis: A plant which reproduces only 
by asexual reproduction. 


Facultative Apomixis: A plant which has the 
potential to reproduce either sexually or asexually. 
Both process may occur simultaneously or one may 
lotom o)ucreleyenteer-telm 





Senses as Scalar-wave Constructs & Expanding our Perception of Perception 


If it can be recognized that externalization of experience is a perceptual illusion of 
consciousness created through selectivity of range within the perceptual field, the | 
true nature of the human sense facilities can be better understood as a pattern of 
interrelated scalar-wave forms that serve to block out portions of the Unified Field so 
that other portions may be brought more fully into perceivable view. When viewing 
the physical apparatus through which the known human senses appear to 
occur as part a of larger, interwoven system of scalar construction, it will be 
easier to understand that perception is not a localized phenomena created by 
and limited to the identified organs of perception. The experiential capacities of 
even the 5 known human senses have a much broader range than what is presently 
assumed or identifiable through analysis of the manifest sense organs. /f one can 
understand that perception of manifestation itself is an affect of these greater scalar 
wave constructs, it will not seem so outrageous to consider the reality and integrity of 
sensing and perception beyond the range of the presently identified sense facilities. 
























ESP, HSP and Evolution 
“Extra-sensory perception” is not “EXTRA” at all, it is a normal attribute of 
the evolving human organism, as the consciousness ensconced within the 
body hologram continues its natural expansion into the greater portions of its 
evolutionary imprint. Individuals displaying abilities of “Extra-sensory Perception" 
are not gifted with something other than what is characteristic to the human form, 
they are simply a bit ahead in the stage of development of the natural human 
perceptual capacities. Everyone has dormant potentials for some degree of 
“ESP”; like all things within the human organism, ESP is regulated by the 
function of the DNA and its naturally intended relationship to the Kathara Grid 
and morphogenetic structure. Individuals with less distortions and blockages 
within the Kathara Grid (and the resulting DNA malfunctions such distortions create) 
will have greater ease in calling the dormant perceptual facilities into activation. 
Individuals who consciously attempt to use the greater perceptual facilities will 
stimulate a more rapid advancement into reclaiming this stage of evolution, than 
those who refuse to acknowledge the existence of their greater sensing facilities. 
The greater sense facilities bring the higher dimensional wave spectra and its 
inherent reality fields into the perceptual range of the earthly embodied human 
consciousness, and so the greater sense facilities can be considered the 
HIGHER SENSES, a term far more accurately describing their orientation than 
the term Extra Senses. “ESP” becomes “HSP”- Higher Sensory Perception - a. 
natural attribute of experience for the evolving human organism. 
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THE 5 KNOWN SENSES 


The 5 Known Human Senses 
in order to understand the nature of the Higher Senses it is necessary to 
understand a bit more about the nature of the common senses, or the “lower 
senses’ if you will, for the common senses are those that are “tured to” perception of 
the lower frequency dimensions. Perception of Sight, Sound, Touch, Taste and 
Smell are experiential affects of the scalar-wave constructs that exist within 
the NADA HOVA BODY and the TELLURIC SHIELD, the Kathara Grid and 
morphogenetic field structures that are composed of and stationed within the 
frequency bands of dimensions 1, 2 and 3, the first Harmonic of manifestation. 
The APPARTHI, or “energy receivers” within the Nada Hova body have their first 
imprint within the Kathara Grid Level-2: Crystal Seals structure. The first pattern 
for the sense facilities responsible for manifesting the organs of perception of the 5 
identified senses exist within the configurations of electro-tonal Partiki units that form 
the crystalline seals of which the dimension-2 Telluric Shield is constructed, 
Through the Partiki Phasing flash-line projections of the Telluric Shield, the 
“armature” or 3-dimensional blueprint for the organs of perception are set for 
manifestation within the body hologram. 























The 5 Known Senses and Sound Transduction 
The 5 known sérises: are more intimately related than commonly supposed; 
ALL represent a form of SOUND TRANSDUCTION - the frequencies, or flash-line 
sequences, within the 1*, 294 and 3% dimensional bands, that form the identifiable 
wave patterns presently associated with sound waves, are drawn into the Level-2 
Kathara Grid Crystal Seals by Apparthi receivers that carry like flash rhythms. 
Once drawn into the Apparthi receivers the sound spectrum becomes modulated into 
different flash-line rhythms and sent into the Diodic Points of the Level-3 Kathara 
Grid. Once intersecting with the frequencies within the Diodic Points the frequencies 
from the Apparthi are then divided/ polarized and projected up and down the 
Harmonic-1 dimensional scale, creating a pattern of energy refraction within the 
morphogenetic field and physical body apparatus. The polarized frequencies first 
appear within the DNA as part of the core electrical vibration, and then further 
transmute into electrical impulse that manifests as configurations with the blood 
chemistry and within the Central Nervous System. These synthesized electrical 
impulses are further projected through the scatar-wave grids that hold the form of 
the identified sensory organs, finally culminating in the interrelated qualities of 
perception associated with the identified sensory organs and their 5 known 
attributes of sensing. 
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UIE 12 HUMAN SENSES 


The Interwoven Senses and the Hova Bodies 

As in the case of the Lower Senses, the Higher Senses and their experiential 
manifestations are the product of consciousness interacting with the 
dimensionalized scalar organization of the human morphogenetic anatomy. 
Whereas the Lower Senses are affiliated with the transduction of sound frequency 
within the 15!, 2nd and 3rd Dimensions, through the structures of the Nada Hova Body 
and the Telluric Shield of the first Harmonic, the Higher Senses are in like fashion 
associated with the scalar organization of the Higher Dimensional Hova Bodies and 
their corresponding Shields.. 

In truth, all of the sensing facilities organic to the human form comprise 
interwoven and interrelated systems of energy refraction that together create 
the perceptual experience of externalization within the hologram of 
manifestation. For example, it is not commonly recognized that the sense of smell 
is in actuality part of the function of the auditory facility, and thus represents an 
intrinsic part of the sense of hearing. It is also not commonly understood that the 
processes associated with vision are not only connected to the processes of the 
brain and Central Nervous System, but also with the formation of crystalline 
Structures with the plasma of the blood. The 



























The 12 Human Senses 
In terms of breaking down the sense facil 


re are 7 additional, as yet 


unidentified, sense facilities operating within and through the human 
consciousness, which are collectively responsible for translating the scalar fields of 
dimensionalized reality into the illusionary holographic picture of extemalized 
manifestation and its qualities of space, time, matter and identity individuation, 
Collectively there are 12 Primary Sensing Facilities within 15-Dimensional 
Human Anatomy. 
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| Perceptual Blockages 
The Higher Senses are connected to the Lower Senses and provide 


attributes of perceptual experience characteristic to their dimensional 
levels, but in the present stage of human genetic evolution the Higher and 
Lower Senses are not fully “plugged into” each other, and so the various ~ 
higher dimensional fields, and the sensory abilities associated with the 
Higher Senses, appear to be separate or unavailable to the embodied 
human consciousness.. The Higher and Lower Senses plug in through 
opening of Kathara Lines in the Level-1 12-Tree Kathara Grid, which 
creates a reciprocal opening and expansion of the DNA, Hova Bodies 
and activation of dormant nerve networks within the brain, molecular 
core. and Central Nervous System ofthe body. 














Presently the human senses are phase-locked into a 3-dimensional 
perceptual field due to blockages between the 3” and 4% Kathara 
Centers, which block the Apparthi receivers within the Nada Hova 
Body from accepting compatible electrical impulses from the higher 
dimensional Hova Bodies. This Kathara Grid blockage manifests within 
the body as fragmented units of DNA (“Junk DNA”), that serve to render 
the natural processes of multi-dimensional data transfer into the Central 
Nervous System inoperable. Portions of higher dimensional experience 
come to conscious attention in the form of dream perception or intuitive 
impression, but the natural clear pathways of multi-dimensional perception 
are blocked to a large degree within contemporary humanity. 




































Perceptual Blockages and Kathara Healing 
Blockages in the Kathara Grid and their reciprocal blockages in the 
human perceptual field can be progressively removed through 
practices of Kathara Healing, and utilizing the Maharic Shield to 
reawaken the Organic Imprint for Health.. As Kathara blockages are 
progressively repaired, the genetic code will expand its function by 
reassembling and activating the presently dormant portions of the DNA 
imprint. DNA expansion will create reciprocal alterations in the bodily 
metabolic rate, brain, blood, glandular and hormonal function, particle spin 
speed and operation of the Central Nervous System, that will allow for a 
progressive, natural activation of the Higher Sense facilities and 
expansion of the human perceptual field into the multi-dimensional arena. 
In Kathara Healing the dormant Higher Senses will be progressively 
brought into activation, beginning with the 6 -Audurea-Merkaba 
Sense and the 7'-Tristet-Cellular Telepathy Sense through which Inner 
audio-visual-direct cognition skills will progressively develop. These 
skills will be employed in the processes of Kathara Healing, and in so 
doing they will be progressively stimulated into greater levels of activation. 
As the dormant Sense facilities are called into activation, Kathara Healing 
|techniques to remove Kathara Grid blockages are used to realign the 
Holographic Template to restore the Imprint for Health, through which 
natural perceptual expansion will progressively take place. 
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The collective spectrum of human sense facilities, including the 
Higher Senses of 15-Dimensional Human Anatomy can be 
Categorized as follows: 






The 12 Human Senses, Hova Bodies and 
Primary Experiential Attributes 
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| Identified Lower Dimensional Sense Facilities |_——~ 


. Visual-Sight Sense- Nada Hova Body (dimensions 1-2-3) 
. Auditory-Hearing Sense - Nada Hova Body 

. Tactile-Touch Sense- Nada Hova Body 

. Olfactory-Smell Sense- Nada Hova Body 

. Sense of Taste- Nada Hova Body 


or WN — 





we Higher Dimensional Sense —_— ——- 
6. Audurea -Merkaba Sense - Encompasses all Hova Bodies 
Primary Attribute: Manifestation-circulation of consciousness and frequency accretion 
7. Tristet-Cellular Telepathy -Alphi Hova Body (dimensions 4-5-6) 
Primary Attribute: Inner Audio-Visual-Direct Cognition reading energy signatures. 
8. Nurgode-Transmutation Sense - Betcha Hova Body dimensions 7-8-9) 
Primary Attribute: Molecular Transmutation - shape-shifting 
9. Ragode-Transmigration Sense - Betcha Hova Body 
Primary Attribute: Transmigration - Projection of Consciousness 
10. Geuard-Transfiguration Sense- Mahara Hova Body (dimensions 10-1 1-12) 
Primary Attribute: Bilocation-multiple holographic manifestations 
11. Shara-Centrifugal Sense- Raja Hova Body (dimensions 13-14-15) 
Primary Attribute: Electrical Projection - consciousness enters diménsionalization 
12. Aurt-U - Centripetal Sense - Raja Hova, Body 
Primary Attribute: Magnetic Accretion -consciousness exits dimensionalization 
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4, THE IMPRINT FOR MEALTEH 
w= Healing occurs through correcting distortions within 
the Kathara Grid and Hova Body Shields. 





3K The human body blueprint was designed to hold 12 
Dimensions of Frequency/ Flash-line Sequences 
and 12 Dimensions of Consciousness, the content 
of 4 out of the 5 Hova Bodies within the 15- 
Dimensional Anatomy. 


$4€ The 4t Hova Body - the Mahara Hova Body - is 
composed of Frequencies/ Partiki Phasing Flash- 
line Sequences of the 10th, 11th and 12th 
Dimensions. It manifests through the 10%, 11th and 
12" Kathara Centers and the Maharic Shield 
Scalar Grid of the 4 Harmonic. 





w= [he Maharic Shield of Level-2 Kathara Grid 
Crystal Seals holds the original IMPRINT FOR 
HEALTH- the original Flash-line Sequences of 
Harmonic 4 Pre-matter Liquid Light - that represent 
the point of entry into perceivable manifestation. 


102 








YE 25 

‘a |he Maharic Shield can be used to repattern the 
Kathara Grid Holographic Template back to the 
original Imprint for Heath. The Flash-line 
Sequences of Dimension 12 can override and 
correct faulty Flash-line Sequences that manifest as 
distortions within the Kathara Grid and Hova Body 
Shields. 








= The Hierophant Symbol Code is a Scalar 
Standing-wave pattern containing the electro-tonal 

‘programs of the 11 and 12th Dimensions. The 
Hierophant Symbol code serves as a Frequency 
WAVE GUIDE through which the Maharic Shield 
can be activated to run 11% and 12t Dimensional 
Frequency throughthe Kathara Grid for 
repatterning the Imprint for Health within the 
Core Holographic Template of the body. 





A= Using the Hierophant Symbol Code the Planetary 
Bio-feed Interface System™ can be activated to 
empower the Kathara Grid repatterning process via 
drawing Frequency from the Planetary Maharic 
Shield. 
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MORPHOGENETIC EXPANSION 


a4 Growth through time is created through 
FREQUENCY ACCRETION - drawing Frequency 
Bands from the Dimensional Unified Fields of 
Consciousness into the personal morphogenetic 
field for expansion. 


a= When the Kathara Grid is functioning properly there 
are set morphogenetic field expansion periods 
within the linear growth cycles of the human body. 
1, Fetal Integration to age 11-12. 

2. Harmonic 2 Integration age 12-22 

3. Harmonic 3 Integration age 22-33 

4. Harmonic 4 Integration age 33-44 

lf the Kathara Grid is working properly the body 
does not die but rather progressively 
transmutes into /ess dense states of matter in an 
immortal body form, via accretion of the 4 
Harmonics of Frequency. 





& Present Kathara Distortions block integration of 
Harmonic 2 and begin Molecular Compaction, 
body degeneration and Death. 


Le ILYAes = 


SSID] 





i= The Kathara Grid is the Core Holographic 
Template upon which the human body and 
consciousness enter dimensionalization in order to 
experience manifestation. 


3€ There are 3 Levels to the Human Kathara Grid: 
Level-1- The 12- Tree, Level-2 — Crystal Seals 
and Level-3 — Diodic Points. 


se Kathara Level-1 -12-Tree contains the primary 12 
Kathara Centers and primary 15 Kathara Lines, 
that correspond to various regions of the physical 
body and bio-energetic field and which “ground” 
consciousness into the framework of 
dimensionalization. 


aK Kathara Level-2 -— Crystal Seals contain the 
Signets —consolidated points of dimensional 
frequency — the Shields — 3-dimensional scalar- 
wave discs emanating from sets of 3 Signets 
through which the Hova Body energy capsules 
form— and the Star Crystal Seals and Seed 
Crystal Seals through which the Chakras and Bio- 
energetic Field levels emerge. 
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i= Kathara Level-3 - Diodic Points are Coordinate 
Points where the flash-line sequences from one 
Shield and its Seals cross over and through those 
of other Shields to form minute “White Hole” 
vortices of energy-consciousness relay between 
the Hova Bodies and Stations of identity. 








sa= Hova Bodies are 3-dimensional scalar grids in the 
form of Concentric Spheres that form around 
each Shield in the Kathara Level-2 Crystal Seals 
Grid, which serve as “tissue capsule” encasements 
around each Harmonic of energy-identity within the 
15-dimensional scale. 


ax There are 5 Dimensionalized “Ariea” Hova Bodies 
forming human anatomy, which emanate from the 5 
3-Dimensional scalar Shields of the Level-2 
Kathara Grid. Each Shield and Hova Body 
corresponds to 3 Kathara Centers in the Level-7 
12-Tree Grid. 


HE 5 Ariea Hova Bodies and Corresponding Shields: 
Nada Hova-Telluric Shield-Dimensions1-3 
Alphi Hova-Doradic Shield-Dimensions 4-6 
Betcha Hova-Teuric Shield-Dimensions 7-9 - 
Mahara Hova-Maharic Shield-Dimensions 10-12 
Raja Hova-Rishic Shield-Dimensions 13-15 
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3K The Signets and the Shields can be used to direct 
‘the function of the Kathara Level-1 12-Tree Grid 
and all built upon it. Kathara Centers can be used 
to trigger activation of the Signets and Shields. 


3 the first 4 Hova Bodies and their Horizontal 
Shields, are most important in terms of human 
evolution. Activation of the Signets activates their 
corresponding Shield, which in turn releases the 
tissue capsules between Hova Bodies, allowing 
merger to occur. When the first 4 Shields activate 
the body is able to integrate the Avatar identity and 
transmute into pre-matter liquid-light wave form. 





a= In Kathara Healing the Harmonic-4 Maharic Shield 
is used to restore integrity to all Shields and Hova 
Bodies below, which progressively clears the 
Kathara Grid of distortions. 


HE Level-1 Kathara Lines direct the Vertical Flash- 
lines, Level-2 Crystal Seals control the Horizontal 
Flash-lines and Level-3 Diodic Points govern 
Diagonal Flash-lines. Together the 3 levels of the 
Kathara Grid form the 3-plane armature upon which 
the 3-dimensional hologram is created. 
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Each Signet within a Hova Body Shield holds the 
electro-tonal program for one Seed Crystal Seal. 
Each Seed Crystal Seal corresponds to one Level-1 
Kathara Center and holds the program for one 
primary Axiom Line — a single axis dimensional 
flash-line sequence. 












if 


ae The 12 Primary Axiom Line programs of the Seed 
Crystal Seals create separate dimensionalized 
bands of frequency within each Hova Body, 
forming a distinction between dimensionalized 
levels within the bio-energetic Auric Field. The 
Axiom flash-lines cross over and through each 
other to form the Coordinate Points between the 
Shields through which the Level-3 Diodic Point 
Vortices emerge. 





“© The points in the Kathara Grid where Axiom Lines 
cross over and through the Central Vertical 
Kathara Line in the Level-7 Grid, and the 
Horizontal flash-lines in the Crystal Seals of the 
Level-2 Grid, form consolidated Diodic Points 
with numerous Diodic Vortices - these are called 
CHAKRAS. Each Chakra corresponds to an Axiom 
Line, Auric Level, Seed Seal, Kathara Center, and 
Dimensional Frequency Band and Merkaba Field. 
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3<The 12 Primary Axi-A-Tonal Lines are a set of 12 
Vertical Energy Flow-lines that run through the 
body, which are created by the consistent cross- 
Over points of the rotating, single-axis flash-line 
Sequences projected from the Seed Crystal Seals. 





- Axi-A-Tonal Lines 114 and 12 combine with the 
Central Vertical Kathara Line to form the Hara 
Line, the foundation of the Central Body Current. 


YE The Hara Level is the outer level of the Kathara 
Level-2 Crystal Seals Grid, can be viewed from 
9th-Dimensional perception and is used in Kathara 
Healing Level-2 . 


3¢= | he Hara Level is composed of the Hara Line, 6 
Primary Hara Points and the Complexes of 
energy processing they govern. 





34 The Axi-A-Tonal Lines and Hara Level of the 
Kathara Level-2 Crystal Seals Grid are elements of 
15-Dimensional anatomy that are used in later 
applications of Kathara Healing. 
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a Axi-A-Tonal Lines set the core electro-tonal scalar- 
wave program upon which the DNA will manifest. 
The human DNA imprint contains the program for 
42 strands of DNA, one manifesting upon each of 
the 12 Primary Axi-A-Tonal Lines. 


HE the human form was designed to embody 12 
dimensions of consciousness. The original human 
genetic code is called the Silicate Matrix and when 
operational it allows human cellular structure to 
transmute through 4 Harmonics of matter density. 





Six The Silicate Matrix is mutated in present day 
humans due to ancient Kathara Grid blockages, 
which manifest as distortions of form and function 
within the DNA. “Junk DNA’ is part of this distortion. 








w= Contemporary human DNA can be reverse- 
mutated, and its interdimensional functions 
restored, by applications of Kathara Healing. 


WeEach of the 12 strands of DNA corresponds to one 
of 12 Dimensional Frequency Bands, Kathara 
Centers, Seed Crystal Seals, Signets, Axi-A-Tonal 
Lines, and Chakras. Each Hova Body Shield 
governs the function of a set of 3 DNA strands. 
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‘ THE 12 HUMAN SENSES 
ay= The human senses are the experiential result of 
the scalar standing-wave organization inherent to 
the human form. 








eu Senses are scalar arrangements that translate 
energy signatures from the Unified Field into 
usable data of relationship. 





3x The sensing systems are built upon sets of energy 
receivers within the morphogenetic field that are 
called APPARTHI. The Apparthi inherent to 
Kathara structure serve to block certain flash-line 
sequences out of the morphogenetic field and 
allow others in to translate into perception. 


S€The flash-line sequences blocked by the Apparthi 
create Gaps of Perception of the Unified Field, 
which give us the experience of externalization 
and separation of form. 


3 Apparthi receivers create refraction and 
polarization of flash-line sequences that 
translate into a variety of identifiable holographic 
sensory perceptions. 
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4 The sense facilities correspond to the structure of 
the Hova Body Shields and DNA. In categorizing 
the interwoven sense facilities by their primary 
orientation, location of their Apparthi receivers 
within the Hova Bodies and the experiential 
attributes they produce, the human organism can 
be said to possess 12 Primary Senses. 


5 |he 5 known senses are products of the 
operations of the Nada Hova Body and Telluric 
Shield, and thus correspond to dimensions 1-3. 






awe [here are 7 as yet unidentified senses that 
correspond to the higher dimensional Hova Bodies, 
Shields and presently dormant strands of DNA. 


As we evolve to activate and reverse-mutate the 
DNA imprint, through Hova Body alignment and 
merger, the experiential attributes of the higher 
dimensional senses will become more apparent. 





i= Due to their dimensional affiliation, the 5 known 
senses can be viewed as the Lower Senses, the 
higher dimensional senses as the Higher Senses. 
Perception through the Higher Senses is called 
Higher Sensory Perception or HSP. 
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Levels of Consciousness and the Perceptual Bridge 

In earlier text we have learned of the structure human consciousness takes when 
entering the scalar fields of dimensionalization for the perceivable experience of 
manifestation. In comprehending the true structure of multi-dimensional anatomy, 
with its Kathara Grid, Hova Bodies and Shield 
















ceptual experience beyond the usual range of 
our waking perceptions. As we evolve and expand through Hova Body 
Integration and the resulting activation of dormant DNA components, we will 
progressively have greater conscious access to these expanded levels of 
consciousness while we are actively focused within the waking 3-dimensionally 
embodied state. However, we do not have to wait until our evolution plods 
along to bring us to these expanded perceptual states, we can, from our waking 
state of 3-dimensional consciousness begin to actively tap this hidden reservoir of 
knowledge and perceptual experience. We can take an active hand in expediting 
the process of our multi-dimensional evolution by using our dimension-3 
mental body awareness to direct our higher awareness into our current range 
of perception. We can begin to build a PERCEPTUAL BRIDGE between our 
3%-Dimensional and Higher Dimensional consciousness. In taking the initiative for 
building this Bridge of Consciousness wé begin to stimulate our Higher 
Senses into operation, expediting the natural process of Higher Identity 
Integration. 













Through building a PERCEPTUAL BRIDGE 
between our present state of awareness 
and the levels of our consciousness 
stationed in the Higher Dimensional Hova Bodies, 
we can actively expedite our own Bio-Spiritual Evolution. 
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TIE MENTOR 
The Perceptual Bridge and Creating the Mentor 


The Higher Dimensional levels of human consciousness are not dormant 












3-dimensional body, and activating dormant APPARTHI frequency receivers within 
the Level-2 Crystal Seals Kathara Grid. Through creating the MENTOR, we 

begin to build the Perceptual Bridge between the 1*t and 2" Harmonic of our 
conscious awareness. 







The MENTOR is a portion of our identity that we create 
to serve as an intermediary focus of awareness 
between the Nada Hova Body and the Alphi Hova Body; a 
PERCEPTUAL BRIDGE between our first and second 
Harmonics of Consciousness. 


114 






The MENTOR and Kathara Healing 
In the practices of Kathara Healing we will use the MENTOR as a source of 







9 facilitation, and we will more rapidly 
es of the 15-Dimensional Anatomy. 







Call into awakening the Higher Sense faciliti 








Other Uses of the MENTOR Focus 
In creating the MENTOR focus we will begin to realize that even the 3- 
dimensional focus of awareness with which we are most familiar is far more 
flexible than once supposed. The MENTOR is not simply an inert creation, but 
rather a living portion of our conscious identity composed of portions of the waking 
self and portions of the Higher Self. MENTOR can become an advisor, a portion of 
self able to “keep its head above the illusion” when you are confronted with 
challenging events in the 3-dimensional arena; a part of you able to remain clam, 
focused and able to make clear decisions beyond the confusion of mental or 
emotional body processing. MENTOR can be sent into the Cellular Memory of the 
body to locate core issues or reincarnational blockages, and can serve to moderate 
|between sub-personality fragments and the “Inner Child”. MENTOR can like wise be 
used to harmonize communications between self and others, as you can send the 
MENTOR focus into the higher dimensional fields to connect with the higher selves 
of others for conflict resolution. Playing with the MENTOR focus can also have great 
rewards. You can focus your attention in the Mentor Space and then direct the 
MENTOR across the room to begin practicing affects of BILOCATION. You can 
travel with MENTOR to distant locations to develop REMOTE VIEWING SKILLS, 
which will be used in later Kathara Healing levels for REMOTE HEALING 
FACILITATION. MENTOR can become a vehicle for conscious transport of your 
awareness, while awake and also in dreaming and higher dimensional projection. 
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THE XX/XY SYSTEM 


| The XX/XY sex-determination system is found in 
le) humans, most other mammals, and some 
insects. Females have two of the same kind of sex 
chromosome [XX], while malas have two different sex 
chromosomes [XY} 





PARTHENOGENESIS 


my) Like her humen counterpart, the female white 

mm) spotted bamboo shark has XX sex 
chromosomes. During a process called meiosis the 
cells divide into four, one of which survives to become 
the egg, while the other three become polar cells, 
usually discarded 


eH The male sperm cell determines the sex of an 

Hee! individual. If a sperm cell containing an X 
chromosome fertilizes an ovurn [egg cell), the resulting 
zygote will be XX, or female. If the sperm cell contains a Y 


chromosome, then the resulting zygote will be XY, or male. 


The polar cell, a by-product of oogenesis (the creation of 
the ovurn) degenerates during fertilisation 





PB The egg carries half of the female's 

a chromosomes. Typically, these chromosomes 
get paired with male's set, which are contained in 
the sperm. But sometimes, in the absence of a 
male, something very unusual happens, 





| Soon after fertilisation, the fertilised cell will 
=ae® begin dividing rapidly to form a cluster of cells 
called a blastocyst. The inner group of cells will 
become the embryo. The outer group of cells will 
become the membranes that nourish and protect it 


$9 While nobody knows for certain, the most widely 

circulated theory is that some kind of stimulus 
causes a polar cell to fertilise the egg, adding the extra 
chromosomes. The newly formed zygote will always be 
female, but will have only its mother’s genes. 





9) When it reaches the uterus, the blastocyst will 
™ burrow into the uterine wall for nourishment 
This is called implantation. About 14 days after 
conception, the blastocyst becomes an embryo, then 
a fetus after 10 weeks. 


Wl The zygote then divides through a process 
1S) known as mitosis, in which each cell doubles by 
dividing into two cells. The female then lays egg cases, 
gach containing a developing shark embryo. The 
embryos feed solely on the yolk and it can take up to 
three months for the pups to hatch. 








TECHNIQUE & 4 


AWAKENING THE MENTOR AND THE 67H AND 7TH SENSES | 


Awakening the Mentor: 

1. Place the fingertips of both hands and the focus of your attention at the Navel. 
Take a few slow, full breaths then visualize the image of a Blue Flame (like a gas 
Stove flame) deep inside the body behind the Navel. Gently massage the Navel 
region while envisioning the Blue Flame. : 


2. Stop massage and visualize a Sphere of White Light within the Blue Flame 
behind the Navel. Place your attention within the White Sphere and imagine 
that you can feel its reality around you, as if you are Sitting within the White Light 
Sphere. 


3. Breath gently and visualize the White Light Sphere moving upward through the 

center of your body until it reaches the center of the brain at the Pineal Gland. 

‘Stop movement of White Light Sphere at the Pineal Gland, then visualize the 
White Light Sphere moving to the RIGHT in a Straight, horizontal line 
OUTSIDE OF THE BODY until it is positioned in your auric field just above your 
RIGHT SHOULDER. The White Light Sphere positioned over the Right Shoulder now 
represents a portion of your awareness that was raised to the 5"-Dimensional frequencies 
Via its passage through the Blue Flame end the 5” Kathara Center af the Navel. You will 

_ Name this part of your higher identity MENTOR. 


4. Imagine that you can feel the reality of the White Light Sphere that holds your 
MENTOR resting gently above your Right Shoulder as a “fuzzy ball of energy’. 
MENTOR serves as the meeting point between your waking conscious mind and the 
5*-Dimensional portion of your Soul Matrix Identity- the Archetype. With practice, you 
can lean the energy of your waking awareness from its position within your head, 
over to the right and into the MENTOR Sphere, to receive direct cognition, audio and visual 
guidance from your 5-Dimensional Identity Station. In Healing Facilitation MENTOR will 
communicate with the 5"-Dimensional Archetype aspect of your Client's Sou! Matrix, asking 
how you may best serve the Client's Highest Evolution; guidance MENTOR receives will be 
translated to you from MENTOR in the form of Intuitive urge, Spontaneous cognition or audio- 
visual directions. MENTOR will also serve as a translator of information from your higher 
dimensional Stations of Identity to your conscious mind JMENTOR can also be taken into the 
Dream State with you to assist in Dream Recall and initiating Out-Of-Body Travel, 


5. Practice creating and sensing the Mentor Sphere over your Right Shoulder. Carry 
it around with you wherever you go, and play with moving the focus of your consciousness back 
and forth between the inside of your head and MENTOR. Try perceiving from both focuses of 


attention simultaneously. Such play will help stimulate neurological sensitivities to tansiating 
and perceiving information from the 5% and higher dimensional Stations of Awareness, 
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TECHNIQUE # 1: continued 
AWAKENING THE MENTOR AND THE 674 AND 771 SENSES 
Awakening the 6 and 7* Senses: The Audurea and the Tristet 


:s 


Focus your attention on the MENTOR Sphere over your Right Shoulder. Take a 
few slow, deep breaths and visualize MENTOR expanding into a Sphere the size 
of a Basket Ball. Use the next INHALE to draw the MENTOR Sphere toward your 
head, visualizing MENTOR moving from over your Right Shoulder to a position 
Surrounding your entire head. EXHALE, stop the movement of the MENTOR 
Sphere, and imagine that you can feel its ‘fuzzy energy” all around the outside of 
your head; as if your head is now within the Basket Ball size MENTOR Sphere. 


. With the next INHALE breath, contract MENTOR into a small Sphere of White 


Light positioned inside the center of the brain at the Pineal Gland. Exhale and 
breathe slowly for a moment. With the next EXHALE breath, push the small 
MENTOR Sphere from the Pineal Gland, straight forward and into the 
6*.Chakra at the Forehead. Visualize MENTOR moving into the 6"Chakra from 
inside the head, then continuing to move through the 6" Chakra spiral Straight 
outward and away from the body. Imagine the MENTOR Sphere traveling 
outward through the long Blue-Violet Tunnel of the 6% Chakra spiral, until you 
visually loose track of the MENTOR Sphere far out in front of you. 


. Take a few slow breaths, then on the next INHALE visualize the MENTOR 


Sphere re-appearing in the distance of your 6" Chakra spiral, and riding in on 
the inhale breath, back into the Pineal Gland. Breathe slowly. 


. With the next EXHALE, visualize the MENTOR Sphere moving down from the 


Pineal Giand at the center of the brain, stopping at the center of the 5" Chakra 
in the Throat. Breathe slowly. On the next EXHALE push the MENTOR Sphere 
straight outward, imagining it moving forward from inside the Throat, into the 
blue genspiral of the 5” Chakra. Visualize MENTOR riding the current of the 
exhale breath out into the distance within the °!4... tunnel of the 5% Chakra 
spiral, until it fades from view. Take a few slow breaths and on the next INHALE 
imagine MENTOR returning through the 5" Chakra °!<2en spiral to rest deep 
within the Throat. Use the final INHALE to move MENTOR back up to the 
Pineal Gland and the final EXHALE to push the MENTOR Sphere back out to 
its “home” position in the auric field over the Right Shoulder. 


This process opens up the 185% Sub-frequency Bands within each dimensional layer of the 
6% and 5” Chakras, beginning the process of opening the 6%-Audurea and 7*-Tristet 
Senses, stimulating Inner Vision and Audio to higher dimensional frequency perception. 
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AWAKENING THE MENTOR 


. Finger fips at Navel, see Blue Flame in body behind Navel. Massage Navel with 
finger tips 

. See White Sphere in Blue Flame at Navel. Imagine yourself in White Sphere, feel 
- it around you. 

. Move White Sphere up to Pineal Gland, see White Sphere move out over Right 
Shoulder creating your MENTOR 

- Feel MENTOR as fuzzy ball of energy hanging in your auric field over your Right 

Shoulder 

Practice shifting the focus of your attention back and forth between usual focus 

and MENTOR 





—_ 
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AWAKENING THE 67H & 774 SENSES 





- Expand MENTOR over Right Shoulder to size of Basket Ball, INHALE drawing 
MENTOR around your head, as if your head is inside the Basket Ball size energy 
that is MENTOR. 

2. INHALE, contracting MENTOR into Pineal Gland as a small Sphere of White 
Light, EXHALE to push MENTOR out of Pineal Gland out to Chakra 6 and into 
the Blue-Violet Tunnel of the Chakra 6 spiral. 

3. INHALE MENTOR back from Blue-Violet Tunnel of Chakra 6 and into the Pineal 
Gland : 

4. EXHALE MENTOR from Pineal Gland to Chakra 5. EXHALE MENT! OR out 
through Chakra 5 Green Tunnel, INHALE MENTOR back through Green Tunnel 
into Chakra 5 at Throat. INNALE MENTOR up from Chakra 5 to Pineal Gland. 
EXHALE MENTOR out from Pineal Gland to its “Home Station” over Right 
Shoulder. 
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Navel EN, ET 
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AWAKENING THE 6" AND 7™ SENSES 
Pees, rie ; ie 
a  ciaaa 6 Spiral 
re "\ 3 Eye- forehead 
A Fieee, Pineal 7 
— ® A. Expand MENTOR energy to 
™-° -- —— basketball} size and position 
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2 Run MENTOR energies through 
5% and 6 Chakras, 
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MORPHOGENETIC REPATTERNING 


CG ECLA, PREOUERCY SUB SIGNS & RE aE Se, 


Kathara Healing and Reaching the Core of Dis-ease 


In earlier text we have explored the significance of the Kathara Grid and its role as 
the Holographic Template upon which the morphogenetic field, body and 
consciousness manifest within the 15-Dimensional system. We have learned that the 
Kathara Grid is the core template upon which the morphogenetic field manifests, 
and that the morphogenetic field is the blueprint upon which the body systems and 
embodied consciousness manifest. Through our study of these core structures of 
manifestation we come to realize that true and lasting health or healing must be 
approached from the deepest levels of personal creation, the morphogenetic reality 
within which all dis-ease conditions have their origin. Kathara Healing applications 
are intended to reach the core of systems malfunction, the various levels of 
the morphogenetic field and Kathara Grid, in order to restore the Imprint for 
Health within the Holographic Template for manifestation. 


















The Mahara Hova Body, Maharic Shield and the Imprint for Health 
In Level-1 Kathara Healing we will learn the first and most important level of 


restructuring the Holographic Template to hold its original Imprint for Health - 
the MAHARIC RECODING PROCESS, The MAHARIC SHIELD is the 
manifestation template upon which the MAHARA HOVA BODY of Harmonic-4 
manifests. The Mahara Hova Body is the scalar-grid that holds the 10%, 14 and 
12th.Dimensional aspects of consciousness, and represents the ORIGINAL POINT 
OF MANIFESTATION -the creation point when consciousness moved from its pure 
scalar-wave state of being into the dimensionalized scalar-grids through which the 
illusion of external holographic projection could be experienced. The Mahara Hova 
Body and its station in Harmonic Universe-4 represent the original PRE-MATTER 
LIQUID LIGHT fields of manifestation through which we passed in order to enter the 
experience of density and individuation of matter form. 

Prior to our entering the dimensionalization of the systems within which matter can 
be perceived, we existed in pure scalar-wave form - a scalar-patter that held the 
original, pure and perfect pattern for our creation as consciousness. The Mahara 
Hova Body and the Maharic Shield are the Liquid Light Pre-matter Scalar-templates 
that hold our original pattern of wholeness, our original CREATION IMPRINT. Our 
creation imprint is the ORIGINAL IMPRINT FOR HEALTH, the condition of eternal 
being free from Hova Body distortions picked up in the lower dimensional fields. 
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THE 12%-DIMENSION and FREQUENCY SUB-HARMONICS 

In Level-1 Kathara Healing we will utilize the Imprint for Health as held within 
the Maharic Shield to begin REPATTERNING the Kathara Grid back to its 
original level of function. The frequencies Of the 12-Dimension, as embodied 
within the Maharic Shield, contain within them as Frequency Sub-Harmonics ALL 
OF THE FREQUENCY BANDS FROM THE DIMENSIONS BELOW, along with the 
natural frequency spectra characteristic to the 12!%Dimension. Each Dimensional 
Frequency Band within the 15-Dimensional Spectra contains within itself its own 12 
Primary Sub-frequency Bands ( portions of the whole dimensional Partiki Phasing 
fiash-line sequences), plus a reflection set of the frequency spectra from all of the 
Dimensional Bands below. 

For example, Dimension 2 contains its own 12 Primary Sub-frequency Bands, plus 
4 reflection set of the 12- Primary Sub-frequency Bands that make up the 
Dimension-1 Frequency Band below. Dimension-1 has 12 Primary Sub-frequency 
Bands, Dimension-2 thus has 12 Primary Sub-Frequency Bands plus 12 Secondary 
Sub-Frequency Bands from Dimension-1for a total of 24 Sub-Harmonies in - 
Dimension 2. This pattern of FREQUENCY SUB-HARMONICS builds upward 
through the 15-Dimensional Scale. The 12"-Dimensional Frequency Band has 
a total of 144 Sub-Harmonics - 12 Frequency Bands x 12 Sub-Frequency Bands 
each = 144 Sub-Harmonic Frequency Bands. Because the 12-Dimension holds 
within itself all of the Frequency Spectra and scalar-grid programs from the lower 
dimensions, the 12¢-Dimensional Frequencies have the ability to “plug into” and 
override any Partiki Phasing flash-line pattern from the lower dimensional fields. The 
-ORIGINAL PATTERN OF CREATION for the lower dimensional structure itself 
is held within the 12%-Dimensional Frequencies, and so the 12"-Dimension 
Sub-Harmonics can be used to correct any distortion with the dimensional 
frequencies of the Lower Hova Bodies and their Shields. 







The Maharic Shield and the 12%-Dimension 
As the Maharic Shield and Mahara Hova Body are composed of 10", 41% and 
12'-Dimensional scalar grids, they contain within them the 144 Frequency Sub- 
Harmonics of the entire 12-Dimensional Spectrum. The human morphogenetic field 
is designed to hold the 144 Sub-Harmonic Spectrum, which is fulfilled through 
activation of the original 12-Strand DNA Silicate Matrix gene code. Because of its 
144 Sub-Harmonic scalar-wave spectrum, the 12"-Dimensional level of the Maharic 
Shield can reset the original, non-distorted imprint of Partiki Phasing flash-line 
sequences within the entire Kathara Grid 12-Tree, the Kathara Centers, Kathara 
Lines, the Hova Bodies, DNA and within any level of the morphogenetic field and 
manifest body built upon them. The Maharic Shield is the Kathara RESET BUTTON. 
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a = 


———_| Frequency Sub-Harmonics in the 15-Dimensio 
Dimension x 12-SFB each = 


Dimension (Primary SFB + Secondary SFBs) _# of Frequency Sub-Harmonics 
Universal Morphogenetic Field: {cannot fully process through the human gene code for embodiment) 
Raja Hova Body-RISHIC SHIELD 

D-15 12+168=) 15x12= 180 Frequency Sub-Harmonics 
D-14 12+156-) 14x 12= 168 Frequency Sub-Harmonics 
D-13 (12+444=) 13x12= 156 Frequency Sub-Harmonics 


Human Morphogenetic Field: (can process through gene code via 12-Strand DNA Silicate Matrix) 
Mahara Hova Body- MAHARIC SHIELD 


D-12.(12+132=) 12x12= 144 Frequency Sub-Harmonics 
D-14 (12+120=) 11x12= 132 Frequency Sub-Harmonics 
D-10 (12+108=) 10 x 12= 120 Frequency Sub-Harmonies 
Betcha Hova Body- TEURIC SHIELD 

D-9 (12+ 96 =) 9x12= 108 Frequency Sub-Harmonics 
D-8 (12+ 84 =) 8x12= 96 Frequency Sub-Harmonics 
D-7 (12+72=) 7X12= 84 Frequency Sub-Harmonics 
Alphi Hova Body- DORADIC SHIELD 

D-6 (12+60=) 6x12= | 72 Frequency Sub-Harmonics 
D-5 (12+ 48 =) 5x12= 60 Frequency Sub-Harmonics 
D-4 (12+ 36=) 4x12= 48 Frequency Sub-Harmonics 
Nada Hova Body-TELLURIC SHIELD 

D-3 (12+ 24 =) 3x12= 36 Frequency Sub-Harmonics 
D-2 (12+ 12=) 2x12= 24 Frequency Sub-Harmonics 
D-1 (12+0=) 1x12= 12 Frequency Sub-Harmonics 
REMEMBER: A FREQUENCY BAND is @ ized, repeating sequence of Pariki Phasing Flash ines Washing anand 
off" cycles of scalar standing-wave Points within the scalar-grid template, caused by the fission/ expansion and 
fusion/ contraction of Partiki Unis, A SUB-FREQUENCY BAND is a fixed, repeating sequence of Flesh lines ther 
Ppart of te ful cyce ofthe Frequency Bend Parti Phasing sequence. A FREQUENCY SUB-HARMONIC reproseris @ 


replica of Frequency Band Flash-line sequences from the dimensions below, carried within the Primary Flash- 
line sequences of the Dimensions above, 


HIGHER DIMENSION = MORE FREQUENCY SUB-HARMONICS = FASTER FLASH RATES = | 


HIGHER FREQUENCY = FASTER OSCILLATION/ SLOWER VIBRATION = SHORTER WAVE 
LENGTH = SLOWER ELECTRON SPIN = LESS PERCEIVABLE MATTER DENSITY 
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The Maharic Shield - Core of Healing Therapeutics 
To restore the Imprint for Health within the Body-Mind-Spirit System, the 


Holographic Template of scalar-grids upon which the system manifests must be 
restored to its original function. Topical applications of healing modalities within’ 
the physical body, bio-chemistry, DNA, Auric Field, Chakra System, and Level-2: 
Crystal Seals and Level-3: Diodic Points of the Kathara Grid can create temporary 
change toward healing, but the disharmonic conditions held within the core 
Level-1 12-Tree Kathara Grid will eventually override alteration made to the outer 
levels of the morphogenetic field or body systems. Working with outer levels of 
the Bio-system can assist in the healing process, but first the /mprint for 
Health must be restored within the Level-1 12-Tree Kathara Grid. The Level-1 
12-Tree Grid, with its Kathara Centers and Kathara Lines is created upon the 144 
Frequency Sub-Harmonic Pattem. As the Maharic Shield and Mahara Hova Body 
are the only portions of the dimensionalized scalar-grid anatomy that hold the full 
12%-Dimensional Frequency Band with its 144 Sub-Harmonics, the Maharic 
Shield and its corresponding 10-11-12 Kathara Centers are the only portions of the 
morphogenetic anatomy that can override and restructure the electro-tonal scalar 
standing-wave point arrangements within Level-1 Kathara Grid. Thus it is with the 
Maharic Shield that core healing therapeutics must begin. 


Critical Mass and Simultaneous Healing of Core/ Outer Morphogenetic Levels 


Activating the Maharic Shield will open, activate and realign the scalar-wave 
flash-line sequences of dormant Kathara Centers, Kathara Lines, Crystal Seals, 
Hova Bodies, Diodic Points, Chakras and DNA within the outer levels of the 
morphogenetic field and body. Once the Imprint for Health has been temporarily 
restored within the Core Holographic Template Kathara Grid via running the Flash- 
line sequences of the Maharic Shield through the Level-1 Kathara Grid, the outer 
layers of the anatomy can be further realigned to expedite manifestation of the 
Kathara Grid Repatterning into the outer levels of the Bio-system. Technique # 2: 
The Maharic Seal and the Liquid Light Cleanse, begin the process of running the 
12%-Dimensional Flash-line sequences, via their Frequency Sub-harmonics, through 
the Kathara 12-Tree Grid to REPATTERN distorted flash-line sequences within the 
core Holographic Template. In the beginning of using this technique, the affects of 
this reprogramming will last only several hours, as the outer levels of the Bio-field will 
have greater “Critical Mass” in their distortion patterns, than the Kathara Grid can 
immediately override. Full healing comes when the renewed Imprint for Health 
reaches CRITICAL MASS within the morphogenetic field. Critical Mass is 
reached via frequent use of the Maharic Seal and outer level Bio-field therapeutics. 












































Kathara Healing Theory and Applied Methods 
In Kathara.Healing the first priority is to reset the integrity of the Kathara 


Level-1; 12-Tree Grid by Re-patterning its flash-line sequence program to the 
Maharic Shield via the Maharic Seal and Liquid Light Cleanse. This process sets 
the electro-tonal “ground” within which alterations of outer morphogenetic levels 
can connect, reawakening dormant APPARTHI frequency receivers within the 
Level-2: Crystal Seals, which allows the morphogenetic field levels to expand 
enough to hold the higher frequencies of the Imprint for Health. After the Healing 
Ground is set within the Kathara Grid, additional applications of Kathara Healing can 
then be applied to various other levels of the Kathara Grid, Morphogenetic Field and 
Body. There is an infinite variety of Kathara Healing Bio-energetic applications, 
that range from Levels 1, 2 and 3 Kathara Grid work, reprogramming the Kathara 
Centers, Kathara Lines, Hova Bodies, Shields and Signets, reversing the 
Miasmic/Karmic imprint and accelerating the opening of the Diodic Points, to working 
with the Chakra System, Meridian and Axiom Lines, DNA and physical body points 
while running the Triadic Currents for healing. In coming Levels of the Kathara 
Healing Program we will learn the use of the GEOMANCIES and FIRE LETTERS- 
_|key Symbol Codes that serve as scalar-wave guides to reset the electro-tonal 
flash-line sequences within the morphogenetic body, and the application of the 
Symbol Codes to the treatment of specific physical, emotional, mental and spiritual 
dis-ease conditions. We will explore working with the Color Cap Stones of the 
Dimensional Frequency Bands and how they can be used in combination with the 
Symbol Codes for use in Manifesting desired conditions and De-manifesting 
undesirables, both within the body and in the 3-dimensional life drama. 


Applications of the Level-1 Kathara Healing Program 


In Program Level-1 we are setting the foundations upon which all the other skill 
levels of Kathara Healing are built. The focus of the Level-1Program is to create 
Morphogenetic Repatterning via the Maharic Shield, and to begin clearing the 
Miasmic/ Karmic Imprint that blocks various areas of the Hova Body imprint. We will 
next learn to add FORCE AND POWER to our Morphogenetic Recoding Process by 
opening the PLANETARY BIO-FEED INTERFACE SYSTEM™ to draw energy 
directly from the Planetary Maharic Shield, and we will begin leaming of the 
physical body massage point sequences- Sequence 4 and 2 Kathara Points - 
through which we can begin to regulate the flow of energy within the Bio-system for 
Regeneration of the Imprint for Health and Revitalization of the Body-Mind-Spirit 
System. In Section 2 of this course we will explore MULTI-VECTOR 
HOLOGRAPHIC RECODING - clearing the Miasmic Imprint frorn the Kathara Grid. 










































124 


SeCVENGE 1 AND 2 NATANA POINTS 


Sequence-1 Kathara Points for REGENERATION 


Sequence-1 Kathara Points are mini-energy-vortex points in the body that connect 
directly to Diodic Points within the Kathara Level-3 Diodic Points Grid. Stimulation 
of the Kathara Points affects the movement of energy within related areas of the 
Kathara Grid, which creates a reciprocal movement of energy within the cellular 
structure corresponding to the Kathara Points. 

When used in proper sequence, Sequence-1 Kathara Points open energetic 
gate ways to the Kathara Lines of the Kathara Level-1 12-Tree Grid, allowing 
patterns of frequency to be entered into the Kathara Lines, to realign disharmonic 
patterns of frequency running through the Holographic Program of the Kathara Lines. 
When the Kathara Lines are opened to receive 11 and 12t dimensional frequency 
infusions from the Mahara Hova Body, the Holographic Program of the Kathara Grid 
can be progressively regenerated to the Imprint for Health, as held within the 
program of the Maharic Shield. 

Sequence-1 Kathara Points are used to open the Kathara Lines prior to 
Technique # 2: The Maharic Seal and the Liquid Light Cleanse and 
Technique # 4: The Maharic. Infusion. They may also be used alone with deep 
breathing, for frequent healing support, to draw energy up from the Maharic Shield, 
re-balancing and regenerating the Imprint for Health within the Kathara Grid and 
Body-Mind-Spirit System. It is not necessary to close the Kathara Lines after using 
Sequence-1 Points as they will close automatically in several hours. If one desires. 
to further revitalize the cellular structure, running the Sequence-2 Kathara Points for 
closing the Kathara Lines will increase the amount of energy running through the 
body cells, as the Kathara Lines are no longer absorbing the energy. 

Sequence-1 Points regenerate and re-balance the Kathara Core first, which 
creates more lasting but less immediate changes in the body. Sequence-2 
Points close the Kathara Lines if they are opened and draw energy from the 
Maharic Shield directly into the bio-energetic field and physical cells, rather 
than the core Kathara Grid, creating more immediate, but temporary, 
revitalization of the body. The patterns held within the Kathara Grid- core 
holographic template will eventually override those set into the bio-energetic field 
alone. Used in combination with each other the Sequence-1 and Sequence-2 
Kathara Points can affect more lasting revitalization by simultaneously 
realigning the core template and the outer layers of the bio-energetic system 
and cellular structure. In combination with other Kathara Healing techniques the 
affects and restoration of the Imprint for Health are further amplified and accelerated. 
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Sexual Reproduction 
(~1 generation / year) 
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Sequence-2 Kathara Poi 
Sequence-2 Kathara Points are mini-energ 










Sequence-2 Kathara Points close the en 
Level-1 12-Tree Grid. whi 







Nadis, Chakras and outer Bio-energetic Field are opened to receive 11% and 12% dimensional 
frequency infusions from the Mahara Hova Body, the energetic integrity of the physical cells and 
Bio-energetic Field can be progressively revitalized with Maharic frequency and the Imprint for 
Health, as held within the program of the Maharic Shield. 

Sequence-2 Kathara Points are used to close the Kathara Lines followin 























other Kathara Healing techniques 
the Imprint for Health within the Body-Mind- pirit 
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1G SEQUENCE 7 KATANA POTS 


Regeneration of the Imprint for Health 
Sequence-1 Kathara Points OPEN energetic gate-ways within the 
Kathara Lines of the Kathara Level-1 12-Tree Grid, to receive electro- 
tonal reprogramming for regeneration of the Imprint for Health. 
Sequence-1 Points are used to open the Kathara Lines prior to other 
energy-healing applications, to open the Kathara Grid so the regenerative 
pattems of other healing applications can “ground” within the Kathara. 
Sequence-1 Points re-generate and rebalance the Kathara Core first, 
creating more lasting but less immediate changes in the body. 




























1............ CROWN 
2 & 3....... TEMPLES 
4... -00ee+BASE OF SKULL 


5 &6.......BELOW SHOULDERS 
7.&8.......ABDOMEN IN FROM HIPS 

9 & 10......BACKS OF KNEES 

14 & 12....SOLES AND TOPS OF FEET 
13.cosce.00...4™ HEART CHAKRA 


| Instructions: Breathe slowly and deeply. Imagine a flow of energy 
running from the Maharic Shield (12” below feet), up into the body 
through the soles of the feet and the 1** Chakra. Gently rub the Kathara 
Points with fingertips for 10 — 20 seconds each, following the precise 
sequence described above. 
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5 & 6........BELOW SHOULDERS 


7 & 8........ABDOMEN IN FROM HIPS oo 


13... seenee0e4™4 HEART CHAKRA 


$4.sa.ccovea..6™ THIRD EYE CHAKRA 






4 Instructions: Breathe slowly and deeply. Imagine a flow 

of energy running from the Maharic Shield (12" below feet), 
up into the body through the soles of the feet and the 

1° Chakra. Gently rub the Kathara Points with fingertips for 
10 — 20 seconds each, following the precise sequence 
described above. ; 
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SE 70 
6 SEQUENCE 2 KATTIARA POINTS 


Revitalization of the Imprint for Health 
Sequence-2 Kathara Points CLOSE energetic gate-ways within the 
Kathara Lines of the Kathara Level-1 12-Tree Grid, to direct restorative 
frequencies into the outer levels of the Bio-energetic Field for 
revitalization of the /mprint for Health within the physical cells. 
Sequence-2 Points are used to close the Kathara Lines following use of 
the Sequence-7 Kathara Points or other energy-healing applications, to - 
close the Kathara Grid so revitalizing frequencies can directly enter 
various outer /evels of the Bio-energetic Field, such as the Auric Levels, 
Chakras, Meridians, DNA and physical cells. Sequence-2 Points 
revitalize and rebalance the outer levels of the Bio-energetic Field first, 
creating more immediate but temporary changes in the body. 





















1 & 2........NECK, BELOW EARS 
3 & 4.......BELOW CHEEKBONES 
Biren tecs .--BASE OF TAILBONE 
B.... -.-20220+ee THYMUS 


* AMPLIFER -3R° SOLAR PLEXUS CHAKRA 








) Instructions: Breathe slowly and deeply. Imagine a flow of energy 
running from the Maharic Shield (12” below feet), up into the body 
through the soles of the feet and the 1** Chakra. Gently rub the Kathara 
Points with fingertips for 10 - 20 seconds each, following the precise 


sequence described above. 
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LOCATION & APPLICATION SEQUENCE e% 


6 or 
4 &2.......NECK, BELOW EARS 1y—t2 
—s-— 
3 & 4...:....BELOW CHEEKBONES . 
t 
& 
5... -scseeseBASE OF TAILBONE 
{one point on each side at base of tailbone) *\ vs 
<— 
Geoeeescssenee THYMUS ¥ 
* AMPLIFER -3F° SOLAR PLEXUS CHAKRA 


—_ 







Instructions: Breathe slowly and deeply. Imagine a flow 
of energy running from the Maharic Shield (12" below feet), 
up into the body through the soles of the feet and the 

1 Chakra. Gently rub the Kathara Points with fingertips for 
10 — 20 seconds each, following the precise sequence 
described above. 
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TECHNIQUES 2™ ” 


THE MAHARIC SEAL AND THE LIQUID LIGHT CLEANSE 


1. Close your eyes and visualize the image of a flat (2-dimensional line drawing) 
6-Pointed Star of David (The Merkaba Star) made of White Light, stationed at 
the 6t-Chakra on the inside of the Forehead. (if you cannot yet generate inner 
visualizations, simply imagine that the symbol is there.) Continue to visualize or imagine, 
and move the White Merkaba Star image over toward the left in your inner field 
of vision. In the center of your inner field of vision, visualize/ imagine the image of 
another Merkaba Star, made of a Dark Silver Light. Observe or imagine the 2 
Merkaba Stars in your inner field of vision and then slowly move the images 
toward each other until they have merged into one Merkaba Star Symbol made 
of Pale Silver Light. (The Pale Silver Double Merkaba Star Symbolis called the 
HIEROPHANT - itis the scalar wave template that governs the release of phase-lock on the 
Maharic Shield.) 
2. Visualize/ imagine the Hierophant Symbol clearly in mind, then shift attention 
to the sound of your breath. Take several slow, deep breaths. On the next 
EXHALE use the force of breath to forcefully push the Hierophant down from its 
position at the 6*-Chakra, through the Central Body Current and into the Earth’s 
Core. Take a few more slow breaths while visualizing/ imagining the Hierophant 
Symbol in the center of the Earth's core. Imagine now that the Hierophant begins 
to spin in the Earth's core, the Dark Silver Merkaba Star and the White Merkaba 
Star spinning in opposite directions, Spin the Hierophant progressively faster 
until it “takes on a life of its own”, and suddenly “pops and expands” to form a 
Pale Silver Sphere of Light spinning in the Earth's core. 


3. Observe the Pale Silver Hierophant Sphere spinning in Earth's core, then 
visualize/ imagine that a huge, horizontal Pale Silver spinning disc emerges 
out from the Hierophant Sphere, forming a massive Pale Silver Disc of Light 
spinning throughout the Earth and extending outward into the atmosphere as a 
rotating, horizontal plane. 

This horizontal disc-plane extending through the Earth represents the Mahare Hova Body, or Maharic 

Shield of the planetary morphogenetic field — the Pre-matter Liquid Light scalar grid composed of frequency 

from dimensions 10, 11 and 12. (Known as the Shield of Amaratena). Using the Hierophant wave template . 

you have now activated the planetary Maharic Shield, opening the Planetary Bio-feed Interface System™ 

into your bio-energetic field. This constitutes opening your personal Kathara Grid and morphogenetic field 
into the Planetary Kathara Grid and morphogenetic field, allowing you to draw an unlimited supply of energy 
from the planetary field. You can draw in only as much as your personal morphogenelic field can hold, With 
repetition of this practice the energy-holding capacity of your Kathara Grid progressively increases, allowing: 
you @ Continually expanding supply of energy for healing and revitalization. 
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TECHNIQUE # 2: Continued 
THE MAHARIC SEAL AND THE LIQUID LIGHT CLEANSE 


4. While remaining aware of the Planetary Maharic Shield spinning on a horizontal 
plane throughout the Earth's body, return the focus of your attention to the 
spinning Silver Hierophant Sphere rotating at Earth’s core. (You will now use the 
Hierophant Sphere to activate your personal Maharic Shield and release the 
12%-Dimensional Pillar of Light within your bio-energetic field.). Take several slow, deep 
breaths, while visualizing/imagining the Hierophant Sphere spinning in Earth's 
core. On the next INHALE, draw the Hierophant Sphere up from Earth's core 
with the inhale breath, forming a Pale Silver Cord about 6” thick trailing behind 
the Hierophant as it rises to the 12" Chakra, 6” beneath the feet. One end of the 
Silver Cord remains rooted in Earth’s core, the other end is attached to the 
Hierophant Sphere and follows its movement. Visualize the 12 Chakraasa 
small, transparent disc about 3° in diameter, positioned 6” below the feet. Stop 
the movement of the Hierophant in the center of the 12% Chakra, imagine the 
Sphere beginning to spin and visualize the diameter of the 12 Chakra disc 
expanding to about 6” in diameter, as the Hierophant spins at its center. Take a 
few slow, deep breaths as the Hierophant spins in the center of the 12% Chakra. 


5. On the next INHALE draw the Heirophant Sphere up from the 12 Chakra, 

~ through the Central Body Current and up to the 14% Chakra 36” above the 
head. As the Hierophant Sphere rises, visualize the 6” thick Silver Cord 
drawing up through the 12% Chakra and farther up through the Central Body 
Current, following the path of the Hierophant Sphere to the 14% Chakra. 
Visualize the Silver Cord as a long, thick Pale Silver Cord of Light, running 
from the Earth's core, through your body and out the top of your head, 
connecting to the 14" Chakra 36” above the head. Take several deep, slow 
breaths while imagining that you can feel the sensation of this massive current of 
clear, pure energy running through the center of your body. 


6. On the next EXHALE, push the spinning Hierophant Sphere down through the 
Central Body Current, while leaving the top end of the Pale Silver Cord 
attached to the 14* Chakra 36” above the head. Move the Hierophant down 
through the 12‘ Chakra 6” below the feet, and stop the Hierophant 6" below 
the 12% Chakra; a position about 12” below the feet. This is the location of the 

Maharic Shield within the morphogenetic field of the body. Breath slowly and 

visualize the Hierophant spinning progressively faster 12” beneath the feet, until 
the Hierophant “takes on a life of its own” and suddenly “pops and expands” to 
form an expanding horizontal disc of Pale Silver Light spinning 12” beneath 
the feet. Feel the disc as a circular platform 3 yards in diameter below feet. 
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Me 61 
TECHNIQUE # 2: Continued 
THE MAHARIC SEAL AND THE LIQUID LIGHT CLEANSE 


7. Call to mind the image of the massive horizontal disc of Pale Silver Light spinning 
through the Earth's body — the Planetary Maharic Shield. Imagine the sensation 
of the large, spinning Pale Silver platform disc spinning 12° beneath your feet — 
your personal Maharic Shield. Breathe slowly and deeply while visualizing/ 
imagining a massive rush of pure, coo! Pale Silver energy running fromthe 
planetary Maharic Shield, up through the Pale Silver Cord and into the personal . 
Maharic Shield 12° beneath your feet. Breath as this energy runs, filling your 
Maharic Shield to its energy-holding Capacity. When your Maharic Shield has 
received as much Pale Silver energy as it can hold, it will “take on a life of its 
own”, and suddenly “pop and expand” upward into an oscillating Pale Silver 
Pillar of Light Surrounding and permeating the body, a tube of light extending 
beyond the body about 18”, and running from the Earth's Core to the 14th 
Chakra 36” above the head. Feel the reality of your body encased in the cool, 
refreshing Pale Silver Pillar of oscillating light. Take a few slow deep breaths and 
imagine the energy from the Pillar emanating through all of your body cells. Your 
Bio-energetic Field is now sealed with a protective barrier of 1117/1 2"-Dimensional frequency — 
the Maharic Seal. 7 


8. As the Pale Silver Pillar of Light oscillates around you, place your attention for a 
moment at the 13 Chakra in Earth's core and INHALE a final Spark of Pale 
Silver Light from Earth's core, drawing the Spark up through the Pale Silver 
Cord, into the Main Vertical Channel of the Kathara Grid, and into the center 
of the 4 Heart Chakra. Breath slowly and easily while visualizing energy from 
the Silver Spark radiating throughout the embodied 12-Tree Kathara Grid, filling 
it with Pale Silver Light. When the Kathara Grid has reached its energy-holding 
capacity, the 12 Chakra will automatically contract to decrease the flow of Silver 
Light from the Earth's core. As the 12% Chakra contracts, the Planetary Maharic 
Shield stops spinning and transmitting energy through the Silver Cord, returning 
the Silver Chord to its dormant state. The Maharic Seal Pale Silver Pillar of 
Light will remain in your bio-energetic field between 1-3 hours. Over a month 
period of frequent, consistent daily practice of this process, the Maharic Seal will 
self-sustain in the bio-energetic field for 12-14 hours. 


Use of this technique allows a healing Facilitator to activate the Maharic Shield and Seal in others, through the 
Maharic Infusion process (Technique # 4), while Facilitator's Pillar remains active. Progressive use of the Maharic 
Seal and running the Liquid Light creates a reciprocal clearing, reordering and realignment of the Kathara Grid- 
Holographic Template — and all subtie energy and physical systems built upon it. The Lower Hova Bodies are 
progressively cleared and realigned with the original perfection of the Pre-matter Liquid Light Mahare Hove Body, and 
the body and genetic code progressive expand to hold higher dimensions of conscious awareness, 
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TECHNIQUE # 22 THE MAMARIC QUICK SEAN 


42 Work with a 24 pointed, 3 Dimensional Star (Heirophant) and be aware that you will be 
working with beings known as the Breneau Rishi ... ot a 


2 Begin by slowing your breathing , as you imagine or visualize a 24 point, 3 -Dimensional, 
Heirophant at the Pineal Gland in the center of your brain, Visualise the Heirophant 
surrounded by a Pale Blue Sphere of Light. 


(The Blue Sphere serves as a buffer for your readiness to accept the frequencies 
associated with using the 24 pointed Star; the Blue Sphere holds the energy for you until 
your body can handle the energy. If you can handle it, the energy will simply pass 
through the blue sphere). 

3 INHALE, as if you are going to grab the blue sphere containing the 24 point star located 
at the Pineal, and on the EXHALE move the 24 point star/ blue sphere, all the way down 
to Earth's Core. Try to hear a sound tone as the Heirophant/ Sphere hits the Planetary 
Shieid ... 


4 INHALE and draw the Heirophant/ sphere up to your Personal Maharic Shield 12” below 
your feet ... and EXHALE while watching the Pale Silver-Blue sphere expand out to a 
large sphere ... and watch as your Maharic Shield pop out as a disc, about 4’ in diameter, 
Pale Silver with a light coating of Pale Blue. 


5 Bring your attention to the center of your Maharic Shield 12” below your feet ... and 
IN the 24 point Star (only) up into the Heart Chakra. EXHALE, expanding the 
frequencies of the 24 point Star into the Heart Chakra. 


6 INHALE to grab the 24 point Star, and EXHALE, pushing the Star up into the 14" Chakra 
36” above the head. Imagine that the 24 point Star is spinning in a clockwise direction in 
the 14" Chakra. As you do this, try to feel/ sense the energy around you, just a few 
inches out from your body ... 


7 Now, put your attention into your Maharic Shield 12” below your feet, take a couple of 
relaxing breaths and INHALE deeply pulling the Pale Silver and Blue energy up, as if you 
are pulling on your Maharic Seal to latch it on to your 14 Chakra. Try and feel the 
sensations just a few inches from your body now — feel the difference if you can. This 
procedure gives you a Quick Seal. 


8 Now envision the cord of Pale Silver Maharic Light that would normally come up with your 
Shield and focus on the Earth's Core. Begin drawing energy all the way up the 4” 
diameter cord and into the body. INHALE the energy up into the Heart Center, and 
expand it there. Begin to form a pale Silver ball of Maharic frequency. 


On each EXHALE send your energy down to the Earth’s Core to bring up another load of 
Maharic frequency, up from the Planetary Shields, expand it into the Heart center and 
repeat several times. Notice that the Cord grows larger as you do this, expanding from 
approximately 4" to 6 to 8" diameter, until finally it feels like a skin around (as well as 
within) your body ... as you load your Astral field with Maharic Frequency. 


9 Move your attention to the Pale Silver ball you have created in your Heart Center, 
INHALE and move it up to the 14” Chakra 36" above your head .. as you do, feel for the 
sheath of Maharic Frequency encasing your etheric body, close to your skin. (This 
Maharic/ Christos skin charges, and saturates, your etheric body — feel the peacefulness 
and all-knowing nature of this frequency). 
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Symbol Shorthand is used to help in remembering 
the primary steps of.a technique 


















. Silver Hierophant Star at Chakra 6 


2. EXHALE Hierophant Star from Chakra 6 to Earth’s Core —Spin Hierophant Star at 
Earth's core-until it pops into Hierophant Silver Sphere at Earth's core. 


3. Hierophant Sphere spins at Earth's core until Silver Disc of Earth's Shield 
emerges. 


4. INHALE- Hierophant Sphere up from Earth's core to Chakra 12 trailing Silver 
Cord from Core. 


5. INHALE- Hierophant Sphere up from Chakra 12 to Chakra 14, trailing Silver 
Cord. 


6. EXHALE- Hierophant Sphere down from Chakra 14 to Personal Maharic Shield 
and spin Hierophant Sphere until Personal Shield pops out to become Silver disc 
plane 12°beneath feet. 


7. Draw Silver energy into Personal Shield from Earth's Shield through Silver Cord, 
until Personal Shield is filled and pops to become vertical Pillar of Silver Light 
around body. 


8. INHALE-draw Spark of Silver Light from 13“ Chakra at Earth's Core, into main 
vertical channel of Kathara Grid then to Chakra 4; from Chakra 4 transmit energy 
from Spark to fill 12-Tree Kathara Grid. Chakra 12 auto-shut down when 12-Tree 

Grid is full. 
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Parthenogenesis 

> Stile aca Suet as bees and aphids will reproduce by 

> During nen process and UNFERTILIZED egg develops 
into an adult. 

> For example the queen bee lays both fertilized and 
unfertilized eggs. The fertilized eggs will develop into 
female workers and the haploid eggs into male drones 
which mate with the queen. 


Haploiddrone —~—~—_—sCOiploid worker 
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IQUID LIGHT CLEANSE 
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The Planetary Bio-Feed Interface System and the Maharic Seal. 
Use of the Maharic Seal and Liquid Light Cleanse begins the process of activating the 8 
through 12% Chakras and opening the natural PLANETARY . BIO-FEED INTERFACE 
SYSTEM (PBIS) within the human body. Through the PBIS, the finite quantity of scalar 
frequency of which the personal Maharic Shield, Hova Bodies and individual identity are 
composed expands to infinite potential, as the Planetary Scalar Shields can be used to 
open dormant Crystal Seals within the Scalar Shields of the personal Level-2 Kathara Grid. 
Once activated through the 12" Chakra, the PBIS opens a conduit of perpetual energetic 
supply between the human body and the planetary Morphogenetic Field, allowing the . 
body to continually draw in as much higher dimensional frequency as the DNA Template 
canhold. . . 

With the PBIS activated, the human body can also become a tool for reprogramming 
and re- balancing the Planetary Shields, Vortices, Ley Lines and energetic grids of the 
Planetary Templar Complex. When the Crystal Seals of the personal Shields are released, 
the human DNA Template can serve as a bio-electric conduit for running higher 
dimensional frequency into the Planetary Shields. The human body, with its 12-Strand DNA 
Template potential, is the only mechanism on Earth, other than the Planetary Shields 
themselves, that is capable of running a full 12*-Dimensional Maharic Current. Just as within 
the human Manifestation Template, the Maharic Current can be used to purge distortions 
within the Planetary Shields, to restore the Planetary Templar Complex to its original Primal 
Order. Kathara Healing technologies not only provide the opportunity for individuals to facilitate 
healing in other biological life forms, they also reawaken the human potential to facilitate 


within the geophysical planetary bod 


The Planetary Bio-Feed Interface System 
































PERSONAL KATHARA GRID 
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The Maharic Seal and Client Sessions 

Through understanding the Context of Healing- The Structure of the Unified Field, the 

Elements of Healing — The Anatomy of the Human Body Kathara Grid and Kathara Healing 
Beginning Applications - Morphogenetic Repatteming through the Maharic Seal and Liquid 
Light Cleanse and Awakening the Mentor for access to 5 Dimensional awareness, the 

Kathara Healing Facilitator has developed the rudimentary skills necessary to begin personal 
‘ Core Holographic Template Healing. To effectively facilitate Core Template healing in 
others it is important for Kathara facilitators themselves to employ personal Template 
Healin : ‘ 

The ability to hold the 12-Dimensional Maharic frequency sub-harmonics (the 12*%sub- 
frequency band within each of the full Dimensional Frequency Bands) in body to assist in its 
transmission to a client for healing support increases as the facilitator utilizes the Maharic Seal 
and Liquid Light Cleanse technique for personal healing. The Maharic Seal and Liquid Light 
Cleanse technique not only increases the facilitator's ability to transmit 12-Dimensional 
frequency sub-harmonics, it also temporarily realigns distortions within the facilitator’s bio- 
energetic field and Kathara Grid and creates a temporary 12-Dimensional Scalar 
Frequency Seal within the facilitator's bio-energetic field. Without use of the Maharic Seal, 
the facilitator will inadvertently transmit bio-energetic field and Kathara Grid distortions 
to the client and will energetically pick up scatar distortions (including part of the “Karmic” |: 
Miasmic Imprint) from the client. (This problem occurs in all subtle-energy healing modalities 
that do not employ the Maharic Seal). Both of these conditions serve to amplify, rather than 
remedy, dis-ease and disharmony within the Mind-Body-Spirit system, for both facilitator and 
client. For these reasons, the Maharic Seal and Liquid Light Cleanse technique needs to 
be employed prior to ANY healitig facilitation work, to protect the bio-energetic field 
integrity of facilitator and client. The Maharic Seal and Liquid Light Cleanse technique 
represents the facilitator’s preliminary preparation prior to Kathara Healing Facilitation 
Client Sessions.. 






















The Maharic Seal and Liquid Light 
Cleanse technique, uSed as facilitator 


preliminary step before any Kathara 
Healing application andis needed to 
effectively run interdimensional healing 
currents, 
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CO-GENERATIVE HEALING 


The final phase of education necessary before engaging the adventure of 
Kathara Healing Client Facilitation is rediscovering the structure of personal 
Multi-dimensional Identity and how to use the personal Hova Bodies to tap the 
higher dimensional scalar frequencies for enhanced healing facilitation ability. 
The ability to understand and utilize the PRECISE HEALING CURRENTS of the 
interdimensional spectrum adds greater power and skill to the healing 
facilitation process. Unlike many other energy healing systems, Level-1 Kathara 
Healing trains the facilitator to identify, awaken within the body and employ in 
client service specific combinations of interdimensional healing current that . 
fine-tune and amplify the beneficial effects of subtle energy healing. This chapter 
will conclude with an overview of the 4 PRIMARY TRIADIC HEALING 
CURRENTS, 4 of the 5 3-Dimensional Primal Energy Currents that can be 
awakened within the body through activation of the Maharic Shield. 

The natural Primal Triadic Healing Currents, which exist naturally as part of 
the personal Hova Body, Scalar Shield and Kathara Grid anatomy, create 
powertul, effective and user-friendly energetic healing tools when combined with 
the 12%Dimensional frequencies of the Maharic Shield. Running the Triadic 
Currents is achieved by using the current to first activate the frequencies of the 
corresponding Hova Body and station of awareness within the personal Scalar 
Shields and DNA Template. Once activated in the DNA Template, the Hova 
Body is used to draw perpetual supply of the desired current from the 
Dimensional Unified Field corresponding to the chosen current. Running the 
Triadic Currents requires activation of the corresponding frequencies 
within the facilitator’s DNA Template, thus using the Triadic Currents in 
Client facilitation also serves to progressively stimulate and expedite 
activation of dormant frequencies in the facilitator’s DNA Template. Using 
the Triadic Currents in client facilitation serves to accelerate the processes of 
Holographic Recoding, higher identity Hova Body integration and multi- 
dimensional evolution within the Body-Mind-Spirit system of the facilitator, as well 
as that of the client, creating a condition of CO-GENERATIVE HEALING 
between client and facilitator. 
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_| FOUNDATIONS OF HOLISTIC HEALING 


Healing, Evolution and Ascension 

In the Kathara Healing paradigm the art and science of healing the Body-Mind- 
Spirit system is viewed in terms of the human relationship to the natural structure 
and dynamics of creation. Healing becomes a necessity when the intrinsic 
energetic systems and scalar-wave constructions of consciousness upon 
which the biological manifestation is built become incongruent with the » 
natural Primal Order of the dimensionalized Time Matrix system. The 
processes of natural healing and the hidden, organic functions of human 
evolution are intimately intertwined. Conditions that facilitate natural healing also 
facilitate fulfillment of the naturally intended course of human evolution, while 
conditions detrimental to Body-Mind-Spirit health are likewise detrimental to the 
evolutionary objectives of both the individual and the species. 

The processes by which lasting healing occurs through re-genesis of Primal 
Order within the Scalar Shields and personal anatomy, are the same processes 
by which the CONSCIOUSNESS evolves to the fulfillment of Spiritual _ 
Actualization, through embodiment of the 12-dimensions of consciousness 
inherent to human DNA Template design. The genetic code of the biological 
imprint is built upon the Scalar-wave Templates of Consciousness that serve to 
hold the identity as energetic substance into physical embodiment. Distortions 
within the physical manifestation indicate distortions in the Manifestation 
Template and thus constitute distortions in CONSCIOUSNESS. Genuine 
healing is a FUNCTION OF CONSCIOUSNESS, first and foremost, and itis 
through realignment of consciousness itself that full healing can occur, 

In the Kathara program it is understood that biology and consciousness 
are intimately intertwined and thus interdependent. The techniques of Bio- 
Regenesis provided in Kathara Healing assist in the processes of restoring the 
Organic imprint for Health while simultaneously serving to expedite the 
natural processes of interdimensional evolution through DNA Template, 
Kundalini, Crystal Seals and Merkaba activation. Human evolution is not a 
random, goal-less occurrence; it is rather an ordered system of 
interdimensional physics dynamics by which human consciousness 
progressively masters the contours of creation in time. The evolutionary 
objective of human creation is mastery, which is progressively attained through 
the dynamics of Transmutational Dimensional Ascension. Ascension is 
therefore the intrinsic and indelible goal within human evolution, the hidden 
impetus for action that moves the human species forward in time. 
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; Healing and Bio-Spiritual Evolution 
When we begin running the higher dimensional frequencies of the 4 Primary Triadic 


Currents for Kathara Healing applications, we are, in truth, running FREQUENCIES OF 
CONSCIOUSNESS, that emanate from the Hova Bodies in which the expanded spiritual 
portions of our personal identity are stationed. As we reawaken the higher dimensional 
frequencies of consciousness within the DNA Template we are progressively expediting the 
reintegration of personal Multi-dimensional Identity, serving the spiritual goal of Ascension 
through stimulating into activation the scientific dynamics of Unified Field Physics by which 
genuine Ascension occurs. Kathara Healing progressively restores the functions of universal 
physics dynamics within the human body, as they apply to the pathway of Ascension, and so 
Kathara Healing applications are considered to be processes of ACCELERATED BI0- 
SPIRITUAL EVOLUTION, as well as processes of holistic Body-Mind-Spirit healing, Both 
facilitator and client simultaneously receive the subtle but progressive benefits of evolutionary 
acceleration and spiritual development through Kathara Healing Bio-Regenesis 
Technologies, through which the expansion of personal consciousness ints the higher 
dimensional aspects of spiritual awareness occurs. 

Kathara practices serve to stimulate progressive integration and embodiment of the Multi- 
dimensional Identity by activation of dormant portions of the DNA Template through which the 
scalar-wave patterns of the higher frequencies of identity can enter the physical form. As 
spiritual advancement through Hova Body integration and DNA Template activation is a 
beneficial “side effect" of Kathara Healing practice, it is helpful for the Kathara facilitator to 
understand the order of Multi-dimensional Identity Structure. It is also helpful to realize that 
the Unified Field of Energy utilized in Kathara Healing is, in fact, a UNIFIED FIELD OF 
CONSCIOUSNESS. Healing is a function of energy dynamics and at its core, energy is the 
substance consciousness adopts to experience manifestation, thus HEALING IS A 
FUNCTION OF CONSCIOUSNESS. When personal consciousness is applied in ways that are 

‘congruent with the natural Laws of Unified Field Physics, the effects of healing and wellbeing 
are met in manifestation. 


MULTIDIMENSIONAL IDENTITY STRUCTURE 


ér usion 

In Chapter 1 we explored the Structure of the Unified Field and discovered the morphogenetic 
framework, or Holographic Template upon which matter systems are constructed. We learned 
how the structure of dimensionalization applies to the anatomy of the 15-Dimensional Human 
‘body, from the Core Template Kathara Grid, the Hova Bodies and Shields, to the Chakras, 
Bio-energetic Field and physical matter structures built upon them. We also discovered that 
physical manifestation is not what appears to be - that nothing is really manifest at all, but 
only appears fo be so due to the relationships of compartmentalized consciousness 
interacting with each other through the framework of dimensionalization. Our physical parts 
and our manifest world are scalar wave constructions, appearing solid and extemalized because 
we view them with a level of consciousness that is stationed one full dimension above the wave 
forms we perceive as solid and objectified. Our conscidusness structures itself into the scalar wave 
forms of dimensionality in order for us to perceive the illusion of manifestation. There is no 
difference, other than the dimensional frequencies from which one is perceiving, between the 
substance that composes physical matter and that which composes our seemingly non-manilest 
‘portions of consciousness. The core of reality is CONSCIOUSNESS - it is the energetic 
substance out of which all things are made. 
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Hova Bodies- Platforms of Perception 
In this Section we will learn how the attributes of mind and sentient identity 


fit into the multidimensional anatomy of human consciousness. The scalar 
grids of the Hova Bodies and Shields that hold portions of our consciousness 
separate from each other so we may experience objectification, can be understood 
as PLATFORMS OF PERCEPTION. A portion of our conscious identity is stationed 
within each of the Hova Body Shields, and the dimensions contained within the 
Shield become the platform from which that portion of our selves will perceive matter 
objectification. We are simultaneously focused within each Hova Body 

Platform of Perception, and this gives us separated but interrelated stations 
of identity and different LEVELS OF MIND from which we simultaneously 
perceive, The amount of perception we are able to incorporate into our embodied 
focus on Earth is determined by the Level of Higher Identity Integration that has 
occurred. Integration of Higher Identity is the merger of the Hova Bodies, which 
creates changes and advancement in the biological gene code that allows the 
néurological and metabolic functions of the body to expand. 






























THE 5 HOVA BODIES 
3-Dimensional Electro-magnetic Domains created 
by the Scalar Shields that serve as stations of 
dimensionalized consciousness 
1. NADA HOVA Density-1 
2. ALPHI HOVA Density-2 . 

3. BETCHA HOVA Density-3 
4. MAHARAHOVA Density-4 
5. RAJAHOVA Density-5 






Our Present Platform of Perception 


Presently we are accustomed to perceiving from the Platform of Perception 
provided by the NADA HOVA BODY, the scalar grid that houses the 1*, 2-4 and 3x 
Diménsional Aspects of our identity and anatomy. While perceiving from the Nada 
| Hova Body and the TELLURIC SHIELD that holds its form, we are functioning as a 
3-Dimensional consciousness and will not be aware of the perceptions of the 
other levels of ourselves that are perceiving from the Platforms of Perception from . 
the other Hova Bodies. As we expand and evolve we will progressively 
incorporate the portions of our awareness stationed in the other Hova Bodies 
into our earthly focus of attention. 











The Higher Identity Structure of the Hova Bodies and related Levels of Mind 
within dimensionalization are as follows: 
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INCARNATE IDENTITY: Nada Hova Body/ Telluric Shield / dimensions 4, 2 and 3. 
The Subconscious (D-1), Instinctual (D-2) and Reasoning (D-3) Levels of Mind: 






‘SOUL IDENTITY: Alphi Hova Body/ Doradic Shield/ Dimensions 4,5 and6 
The Astral (D-4), Archetype or Dora (D-5) and the Angelic (D-6) Levels of Mind 






OVER-SOUL IDENTITY: Betcha Hova Body/ Teuric Shield/ Dimensions 7, 8 and 9 
The Ketheric (D-7), Monadic or Teura (D-8) and the Keriatic {D-9) Levels of Mind 





AVATAR IDENTITY: Mahara Hova Body/ Maharic Shield/ Dimensions 10, 11 and 12 
The Christiac (D-10), Buddhiac (D-11) and the Nirvanic (D-12) Levels of Mind. 






RISHI IDENTITY: Raja Hova Body/ Rishic Shield/ Dimensions 13, 14 and 15 
Universal Consciousness Mind 






There are 3 additional Platforms of Perception and 3 additional Hova Bodies 
beyond the structure of Dimensions;Hova Bodies that represent 3 Levels of 
Ascended Mastery Identity. 









Spiritual +Petualization is the process of progressive Higher 
Dimensional Identity Integration. Hegher Tdeutity Tutegnatiou is 
the merger of the Hea Gedees, which creates changes and 
advancement in the biological Gesezée Zode through progressive 
activation of dormant portions of the Sthcate Water 12- Strand 


Dit “Vemplate. 












The 5 Hova Bodies of personal a: 
hold Gestalts of Consciousness ten’ 


which multiple singular Incarnate al 
_ - Simultaneously manifest in the Time Matrix. 
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Harmonic 
Universes, 

and Hova Bodies, 
Shields and levels 
of the Auric Field. 
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“ 
iMcas Komodo Dragons 


Certain species can reproduce 


without a fertilized egg. 


This ability is called parthenogenesis, 
Or unisexual reproduction. 


ee 


Cape Bees Burmese Pythons 


Source: Britannica, University of Wis¢onsin-Madison Department of Animat Science 





THE 4 PRIMARY TRIADIC HEALING CURRENTS 





Hova Bodies and the 4 Primary Triadic Currents 
Each of the Hova Bodies and Shields contains a portion of your energy-identity that 
exists in the form of electro-tonal impulse born of Partiki Phasing. The energy of 
your higher stations of identity and that of the Universal Unified Fields of 
Consciousness-Energy can be drawn into the Nada Hova body and earthly 
incarnate identity for the purpose of healing facilitation. There are four Primary 
Triadic Healing Currents, each corresponding to one of the four higher 
dimensional Hova Bodies. Through your corresponding Hova Body station you can 
draw energy from the higher dimensional Unified Fields and channel it into your 
Nada Hova Body for direction into healing within the first Harmonic. The 4 Primary 
Healing Currents are HARMONIC CURRENTS OF ENERGY, each composed of 
3 Dimensions of Frequency. Each Dimensional Band within a Harmonic or 
TRIADIC current is referred to as a PHASE of that current. In Kathara Healing we 
develop the ability to activate each progressive PHASE of each TRIADIC 
CURRENT, through grounding the current into the body via the activated 
MAHARIC SHIELD. 

























Triadic Currents and Color 
Each Phase of Triadic Current corresponds to a wave length in the 
dimensional spectrum that appears as COLOR to the embodied human mind. 
In directing the Triadic Currents we therefore use the color translation of the 
primary dimension wave spectra to differentiate between Phases of current for 
various applications. The first current to be activated in Kathara Healing is the 
|that of the DORADIC CURRENT, the frequencies drawn in from Harmonic 2 

through the Doradic Shield and Alphi Hova Body. The Doradic Current has 3 
Phases: Phase -1: 4% Dimensional current/ GREEN wave, Phase-2: 5¢ - 
Dimensional Current/ BLUE wave and Phase -3: 6"-Dimensional current/ Blue-. 
Violet wave. in Level-1 Kathara Healing we learn to activate and run the Phase-1 | : 
Green Doradic Current. oe 
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The 4 Primary Triadic Currents and Hova Body Correspondences 





TELLURIC CURRENT: Nada Hova Body/ Telluric Shield / Dimensions 1, 2 and 3. 
Phase-1 RED, Phase-2 ORANGE-GOLD , Phase-3 YELLOW 


DORADIC CURRENT: Alphi Hova Body/ Doradic Shield/ Dimensions 4, 5 and 6 
Phase-1 GREEN, Phase-2 BLUE, Phase-3 BLUE-VIOLET 


TEURIC CURRENT: Betcha Hova Body/ Teuric Shield/ Dimensions 7, 8 and 9 
Phase -1 VIOLET, Phase-2 GOLD, Phase-3 Mid-tone Silver 


MAHARIC CURRENT: Mahara Hova Body/ Maharic Shield/ Dimensions 10, 11 and 12 
Phase-1 BLUE-BLACK, Phase-2 SILVER BLACK, Phase-3 WHITE 


TRANSMUTATION CURRENT _ 


(can be transmitied only by 12*evel Avatars with full Mahara Hove integration) 


RISHIC CURRENT: Raja Hova Body/ Rishic Shield/ Dimensions 13, 14 and 15 
Phase-1 TURQUOISE, Phase-2 PALE YELLOW, Phase-3 MAGENTA 







Current Combining 
When using Triadic Phase Currents, each Phase current is combined with the 


current running from the activated Maharic Shield, in combination with the 

Phase current from the Harmonic ABOVE the Phase current you are using. 

The DORA DiC PHASE-1 current is therefore composed of: D-11/D-12 PALE 

- | SILVER (Maharic Shield), D-4 GREEN Doradic Shield Phase -1 AND D-7 VIOLET, - 

the Phase-1 current of Harmonic 3 - Teuric Shield, one Harmonic up from Doradic 

Phase-1. in activating the DORADIC-1 (Doradic Phase-1) current you are using 
SILVER-GREEN-VIOLET color to direct Dimensions 12-11-7-4 current. 
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COMBINED TRIADIC CURRENTS SI 
Used in Kathara Healing 
TELLURIC 


PHASE-1: PALE SILVER (D11&12) +RED ney + GREEN (D-4) 
PHASE-2: PALE SILVER + ORANGE-GOLD (D-2) + BLUE (D-5) 
PHASE-3: PALE SILVER + YELLOW (D-3) + INDIGO (D-6) 


DORADIC | 
PHASE-1: PALE SILVER + GREEN (D-4) + VIOLET (D-7) 
PHASE-2: PALE SILVER + BLUE (D-5) + GOLD (D-8) 

PHASE-3: PALE SILVER + INDIGO (D-6) + SILVER (D-9) 


TEURIC . 
PHASE-1: PALE SILVER + VIOLET (D-7) + BLUE-BLACK (D-10) 
PHASE-2: PALE SILVER + GOLD (D-8) + SILVER-BLACK (D-11) 
PHASE-3: PALE SILVER + SILVER (D-9) + WHITE (D-12) 


MAHARIC 

(Requires full 12-Strand DNA Template activation & accelerated DNA Template coding) 
PHASE-1; PALE SILVER + BLUE-BLACK (D-10) + PALE TURQUOISE (D-13) 
PHASE-2: PALE SILVER + SILVER-BLACK (D-11) + PALE YELLOW (D-14) 
PHASE-3: PALE SILVER + WHITE (D-12) + PALE MAGENTA (D-15) 





Pe 





in Level-1 Kathara Healing we begin preparing the body and DNA Template 
to receive the higher dimensional Phase Currents by initiating transmission of the 
Doradic Phase-1 Healing Current- the Pale Silver + Green + Violet frequencies 
of dimensions 12, 11, 7 and 4. | 

Through the 7*-Dimensional aspect of the Teuric Shield and 11% and 12% 
Dimensional aspects of the Maharic Shield, the Doradic-1 Healing Current 


allows for recoding and realignment of the 15+4"%-Dimensional aspects of the 
Nada and Alphi Hova Bodies, the Telluric Shield and Physical, Emotional 
and Mental Bodies of Density-1, the D-4 aspect of the Doradic Shield and 
Astral Body, the 1*+4* DNA Strand Templates, the 1*+4' Chakras, and the 
4st.4th Sub-harmonics of all Scalar Shields, DNA Templates, Hova Bodies and 
Chakras. Doradic-1 Healing Current is effective in clearing the Karmic-Miasmic 
imprint from the Density-1 Time Cycle incarnations and the beginning of 
Density-2 Time Cycle incarnations. 
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The Hova Bodies of personal anatomy contain 
portions of our higher dimensional awareness. at 
One can begin accessing this awareness by hl 
building a Perceptual Bridge between the 3- 
Dimensional Self and higher identity aspects. 


ts Taking conscious initiative in building a 
Perceptual Bridge expedites DNA Template 
activation and the organic evolutionary 


S 
i 
Z 
process. c] 
0 
ei 


_3€ The MENTOR Technique assists in building 
~ the Perceptual Bridge and activates dormant 
Kathara Lines in our Level-1 Kathara Grid to _ 
open communication between our D3 and 
Density-2, D4 and D5 levels of awareness. 
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The Mentor is a part of our awareness that is 
composed of 3'4, 4th and 5th Dimensional 
frequencies of consciousness, which exists as 
a quantity of Scalar Wave-patterns that span 
Densities 1 and 2. 


The Mentor Focus will be used in Kathara 
Healing for guidance, information retrieval 
and objective observation. It can also be 
used to access Cellular Memory, and in 
“Inner Child”, Bi-location, Remote Viewing 
and Dream work. 
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MORPROCENENIC REPATTERNING AND THE MALARIC SUELO 


ve Through a process called Morphogenetic 
 Repatterning, Kathara Healing effects the 
Core of Dis-ease and dis-harmony in the 
Body-Mind-Spirit system by repatterning the 
Scalar-wave Programs in the personal 
Holographic Template to their original Primal 
Order. | 


3N€ In Level-1 Kathara Healing we lear the 
MAHARIC RECODING PROCESS- the most 
important level of Holographic Template 
realignment. 


S$ The Maharic Shield is the 3-Dimensional 
Scalar Grid corresponding to the 10%, 11t and 
12*-Dimensional frequencies of Density-4. It 
represents the Original Point of 
Manifestation and holds our original.“Liquid 
Light” Hydroplasmic Pre-matter Creation 
‘Imprint, which is the Organic Imprint for 
Health. 
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In Kathara Healing, the Maharic Shield 
Organic Imprint for Health is used to 
progressively repattern the embodied Kathara é 
Grid and body systems to their original Primal 
_ Order. 


The 12%-Dimensional Frequencies of the 
Maharic Shield contain within them the 144 
Sub-frequency Band Scalar patterns of ALL 
of the Dimensions below. 


MICHAL CNY CEMIS OTE 


12t-Dimensional Maharic Frequency can be 
used to effectively correct distortions in the 
lower dimensional levels of the Manifestation 
Template, Scalar Shields and Kathara Grid. . 


Activation of the Maharic Shield serves as the 
RESET BUTTON for the embodied Kathara 
Grid and for 12 Dimensions of Body-Mind- 
Spirit anatomy. 


AONEINOERE] TWNOISKE 
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THE MATIARIC SEAL AND LIQUID LIGHT CLEANSE 


ne 


ae 


ae 


In bio-energetic healing, Level-1 Kathara Grid 
distortions override realignments made to the ~ 
outer levels of the bio-fields alone. For lasting 
healing to occur, Level-1 Kathara Grid 
distortions must be realigned. 


The Maharic Shield, with its 144 Frequency 
Sub-Harmonics, is the only portion of the 
Morphogenetic anatomy that can fully repattern 
and realign the Level-1 Kathara 12-Tree Grid. 
In Kathara Healing, the Maharic Shield is 
used to realign the Level-1 12-Tree Grid. 


The Maharic Seal and Liquid Light Cleanse 
technique is used to restore distorted Partiki 
Phasing Sequences and Scalar-wave 
arrangements within the 3 Levels of the 
Kathara Grid and Scalar Shields. 


eS Realignment will be temporary until the 


Kathara Grid reaches “Critical Mass” of 
energy in the new, realigned pattern. 
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3 Until critical mass is reached, the outer levels 
of the anatomy will continue to reverse the 
Kathara Grid healing. With practice and 
consistent application of the Maharic Seal 
and Liquid Light Cleanse technique, the 
realignment of the Kathara Grid will become 
permanent. 


we In future applications of Kathara Healing 
processes will be used to realign the outer 
levels of the bio-field and the Kathara Grid 
simultaneously, to expedite the healing 
process. 


3% The Focus of Level-1 Kathara Healing is 
Morphogenetic Repatterning and 
Holographic Template Recoding via the 
Maharic Shield, to clear distortions and the 
Karmic-miasmic imprint from the personal 
Scalar Shields, Kathara Grid and DNA 
Template, utilizing the accelerated energies 
of the Planetary Bio-feed Interface System 
(PBIS). 
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Kathara Points are mini energy-vortex 
points in the body that connect directly to 
Diodic Point vortices in the Level-3 
Kathara Diodic Point Grid. 





ES Stimulation of the Kathara Points through 
manual massage effects the movement of 
energy within related areas of the Kathara 
Grid and body systems. 


Me Used in sequence, Sequence-1 Kathara 
Points for Regeneration open energetic 
gateways to the Kathara Lines of the 
Kathara Level-1 12-Tree Grid, to allow new 

_realigned scalar patterns from the Maharic 
Shield to run through the Kathara Lines and 
Kathara Grid for Core Template 
Repatterning. 


Sequence-1 Kathara Points create more 
lasting but less immediate effects of 
realignment and healing. They can be used 
alone for deep healing and re-balancing of 
the Core Kathara Grid. 
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\ newt Can regenerate an entire 
limb within 7-10 weeks. 
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se Sequence-2 Kathara Points for 
Revitalization close Kathara Lines in the 
12-Tree Grid and channel energy into the 
Nadial Lines of the outer bio-energetic g 
field for more rapid revitalization and re- 
balancing of the outer auric levels, chakras oc 
and physical cells. 


ey 
we Sequence-2 Kathara Points create more 
immediate but less lasting effects of | 
realignment and healing. They can be used 
alone to create temporary revitalization of 

the outer levels of the bio-system. 


a Used together, Sequence-1 Kathara Points 
can run Maharic energy through the core 
Kathara Grid for Template Recoding. 
Sequence-2 Kathara Points can then be 
used to direct the Maharic energy into the 
outer levels of the bio-field and physical 
body, to expedite healing through 
simultaneous inner and outer bio-field 
realignment. 
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In Kathara Healing, Sequence-1 Kathara 
Points are used to OPEN the Kathara Lines. 
prior to running the Maharic Seal and 
Liquid Light Cleanse and Sequence-2 
Kathara Points can be used following the - 
procedure to revitalize the outer bio-field 
and body systems. 
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72 
THE MAHARIC SEAL, PBIS AND HEALING 


ays Use of the Maharic Seal and Liquid Light 
Cleanse technique begins activation of 
dormant Chakras 8-12 and the Planetary 
Bio-feed Interface System (PBIS). 





Opening the PBIS allows energy from the 
Planetary Shields to be drawn into the 
human body for rapid activation of the 
personal Maharic Shield and Crystal 
Seals, to expedite the processes of DNA 
Template activation, healing, recoding of 
the Holographic Template and 
interdimensional evolution. 





wv Opening of the PBIS can also allow the 
human DNA Template to serve as a Bio- 
electric Conduit, through which the 
Planetary Scalar Shields and Electro- 
magnetic Grids can be realigned with their 
Primal Order for geophysical planetary 
healing. | 
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sa through the PBIS humans can directly © 
facilitate healing-of the Planetary Templar 
Complex from the Manifestation Template 
level, as well as facilitate healing in other 
biological organisms. 





3% Each use of the Maharic Seal and Liquid 
Light Cleanse technique assists in 
planetary healing, as the process 
progressively stimulates the Planetary 
Maharic Shield into activation, to realign 
Planetary Shield distortions. 


3 The Maharic Seal and Liquid Light 
Cleanse technique is used as preliminary 
preparation for ALL Kathara Healing 
applications. It creates a temporary 12th. 
Dimensional Scalar Frequency Seal in the 
facilitators bio-field to protect both facilitator 
and client from taking on each other's bio- 
field distortions. 
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| 3e In healing applications, the Maharic Seal 
is needed to run interdimensional healing 
currents to their most effective 12t-Sub- 
Harmonic level. 
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BIO-SPINITUAL EVOLUTION, ASCENSION AND EEA) 


3 The processes by which healing occurs 
through re-genesis of Primal Order are the 
Same processes through which true 
Spiritual Actualization takes place. 





Biology and consciousness are intimately 
intertwined through the natural Laws of 
Universal Unified Field Physics, the 
energetic dynamics through which 
consciousness enters manifestation, 


3M The hidden impetus for action behind 
human evolution is the core species 
objective of Mastery of Co-creation within 
the space-time system. This Evolutionary 
Objective is obtained through achievement 
of the Evolutionary Goal of Transmutational 
Dimensional Ascension. 


Kathara Healing applications generate 


healing through restoring the Original 
Imprint for Health. | 
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Restoration of the Original Imprint for 

- Health simultaneously expedites the natural 
processes of evolution, through activation 
of the 12-Strand DNA Template, Kundalini 
energies, and Merkaba Vehicle and 
integration of the Hova Bodies, Scalar 
Shields and higher dimensional aspects of 
personal spiritual identity. 


Kathara Healing facilitates healing while 
simultaneously facilitating Spiritual 
Actualization and expediting the Goal of 
Transmutational Dimensional Ascension. 





3k Healing is a function of consciousness. 
There is no difference between the 
substance that composes physical matter 
and the substance that composes 
consciousness, other than the dimensional 
frequency from which one is perceiving. 
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Me When personal consciousness energy is 
applied in congruence with the natural Laws 
of Universal Unified Field Physics, healing, 
wellbeing and Spiritual Actualization 


result. 
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SHULTH-OUHESOSIONUL DEMTTY STRUCTURE 


Human anatomy is a 15-Dimensional 
Scalar-wave construct. Part of our identity 
exists simultaneously within the Time 
Cycles of the higher dimensional Harmonic 
Universes. 





We are indelibly linked to our higher identity 
levels through our embodied Kathara Grid, 
Scalar Shields and DNA Template. As we 
evolve biologically to activation of dormant 
portions of our DNA Template and Scalar 
Shields, the conscious awareness of our 
higher identity levels progressively 
embodies. 


= S The 3-Dimensional Hova Body Electro- 

: magnetic Domains and Scalar Shields that 
form them represent Platforms of 
Perception through which our higher identity 
levels perceive. 





3 Merger of the Hova Bodies via activation of 
the DNA Template and Scalar Shields 
creates reintegration of the Multi- 
Dimensional Identity Structure. 
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AP RIMARY TRIADIC HEALING CURRENTS AND IDENTITY 
3 The 5 Levels of Multi-Dimensional Identity 
Structure are: Incarnate-Density-1, Soul- 


Density-2, Oversoul-Density-3, Avatar- 2S 
Density-4 and Rishi-Density-5. There are a 
also 3 Ascended Master identity levels, 2 
Hova Bodies and Shields existing beyond S 
the dimensionalized Time Matrix. 
SMe In Kathara Healing we use the various 
: levels of higher dimensional identity to draw = 
in healing current from the higher S 


dimensional Unified Fields, by activating the © 
portions of the personal Scalar Shields, © 
Kathara Grid and DNA Template that 

correspond to the higher dimensional Hova © 
Bodies. 


+e There are 4 Primary Triadic (3- 
Dimensional) Energy Currents that can be 5 
used in Healing Facilitation: The Telluric &@ 
Current-Density-1, the Doradic Current- 
Density-2, the Teuric Current-Density-3 and 
the Maharic Current-Density-4. The Rishic 
Current of Density-5 can be run only by 
beings with full 12-strand DNA activation. 
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83 
Each of the 4 Primary Triadic Healing 
Currents corresponds to one of the first 4 
Hova Bodies of human anatomy. 


In Kathara Healing, the 4 Primary Triadic 
Currents are harmonically interwoven to 
create 4 powerful Combined Healing 
Currents. 


Each of the 4 Triadic Healing Currents has 3 | 
Phases, or 3 Phase Currents, each 
representing one of the three dimensional 
frequency bands within the Triadic Current. 
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Each of the 12 Phase Currents is run in 

combination with the 11-12t-Dimensional 
Maharic Current and the Phase Current 
from the harmonic directly above, to form a 
powerful Triadic Healing Current. 
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In Kathara Healing, specific Healing 
Currents are directed by using the Color of 
their dominant wave-length. 


HE a6 


3 Level-1 Kathara Healing teaches us to 


ae 


activate our Doradic-Phase-1 Current- the 
Pale Silver (D11-12) + Green (D-4) + Violet. 
(D-7)- for Healing Facilitation and personal 
DNA Template and Shield activation. 


The Doradic-Phase -1 Current can realign 
the 1st-4t Dimensional aspects of the Scalar 
Shields, the 15-4tt Chakras, Axi-A-Tonal 
Lines and DNA Strand Templates, the 
Physical, Emotional and Mental bodies of 
the Nada Hova Body and the D-4 Astral 
body of the Alphi Hova Body. 
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Doradic-Phase-1 Current can also be used ©) 
to realign the 15-4tt Sub-Harmonics of ALL © 
Shields, DNA Strand Templates, Axi-A-Tonal 79) 
Lines, Chakras and Hova Bodies and to 

clear the Karmic-Miasmic Imprint from the 
Density-1 incarnational Time Cycles and the 
first part of the Density-2 incarnational 

Time Cycles. 
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GENERAL KATHARA HEALING 
FIELDWORK 


Skills to Facilitate Healing 
OPENING THE HEALING CHANNELS- DORADIC-PHASE-1 CURRENT, 
THE DORADIC SPHERE, DORADIC CORDS AND DORADIC BALLS. 


THE KARMIC-MIASMIC IMPRINT, INCARNATIONAL TIME VECTORS, 
VECTOR IMBEDDING. 





MULTI-VECTOR HOLOGRAPHIC RECODING THROUGH THE MAHARIC 
INFUSION. 





= ATTITUDES AND ETIQUETTE IN HEALING, THE MOTIVATION TO HEAL, 
POSTURES OF LOVE, THE FRAMEWORK FOR HEALING AND FULLY 
ENGAGING THE LOVE VIBRATION. 

THE 6 STEP MAHARIC RECODING SESSION, MELCHIZEDEK CLOISTER 
ORDINATION AND BECOMING A PROFESSIONAL SPIRITUAL HEALING 
FACILITATOR-INSTRUCTOR. 





TECHNIQUES: 
#3- OPENING THE HEALING CHANNELS- DORADIC -PHASE-1 CURRENT 
#4- MULTI-VECTOR HOLOGRAPHIC RECODING KATHARA SCAN 
#5- THE MAHARIC INFUSION 
THE MAHARA SPACE COMFORT TOUCH 













































OPENING THE HEALING CHANNELS 


DORADIC-PHASE:| CURRENT 


Interdimensional Currents and Signet Star Crystal Seals 

Activation of any Triadic Healing Current requires temporary release of the corresponding 
Signet Star Crystal Seals within the personal Scalar Shield and a temporary activation of the 
portions of the dormant 12-Strand DNA Template that correspond to the Signet Seals. Signet 
Seals modulate the fiow of frequency between the 3-Dimensional Harmonic Density Levels. When 
Signet Seals are in their usual (for this time period) dormant phase, they keep the 5 Hova Bodies of 
the personal 15-Dimensional anatomy separate from each other by creating an electro-magnetic 
barrier or Magnetic Repulsion Zone between each 3-Dimensional level of the energetic anatomy. 
This Magnetic Repulsion Zone between embodied Harmonics of Manifestation manifests as 
polarity resistance to frequency inflow within the 3 Levels of the Kathara Grid, the Scalar 
Shields, Axi-A-Tonal Lines, Chakras and Auric Field levels of the embodied Inner Templar 
Complex. in order to run higher dimensional frequency currents through the physical body 
for healing applications, it is necessary to temporarily release portions of the Magnetic 
Repulsion Zones between the Hova Bodies. Releasing the electro-magnetic resistance to higher 
dimensional frequency inflow within the Inner Templar Complex is achieved through temporary 
activation of the Signet Seals within the Kathara Level-2 Crystal Seals Grid of the personal 
Scalar Shields. 

Most contemporary energetic healing systems rely upon using the 15!, 24 and 3'Dimensional 
frequencies of the TELLURIC PHASE CURRENTS in the Nada Hova Body. Through the Nada 
Hova Body alone, only the 3-Dimensional Sub-Harmonics of higher dimensional frequency currents 
can be run, as the dormant Signet Seals block the faster moving Partiki Phasing Flash-line 
Sequences of higher dimensional frequency bands from running through the DNA Template. If a 
frequency band is blocked from running through the DNA Template that frequency cannot be 
energetically transmitted through the Nada Hova Body and physical bio-electrical systems. In 
conventional energy healing methods, even those emerging fram ancient systems of subtie- 
energy healing, the Signet Seats, and thus the Scalar Shields, Hova Bodies and DNA Template 
remain dormant in their usually closed position, phase-locked into a 3-Dimensional orientation. 
While the DNA Template remains phase-locked into the 3-Dimensional orientation of the Nada Hova 
Body, only the 1** through 12 Sub-frequency bands (Sub-Harmonics) of 1** through 3" 
Dimensional Current (Telluric Current), and the 1* through 3" Sub-frequency bands of 4% 
through 12% Dimensional Current can be run through the human body for transmission. Use of 
the lower frequency (slower Partiki Phasing rhythm) Telluric Currents can effect temporary 
beneficial change in the outer layers of the bio-energetic field, but Telluric Currents alone cannot 
facilitate full repatterning of the 3 Levels of the Kathara Grid where Scalar Shield distortions that 
cause genetic malfunction are embedded. The 11"-12*-Dimensional frequencies of the Pre- 
matter Hydroplasmic Maharic Currents are the only dimensional frequencies powerful enough to 
affect change in the embodied Kathara Grid. To run Maharic Current, and the high frequency 
interdimensional Triadic Phase Currents, through the human body requires release of the Signet 
Seals within the personal Scalar Shields. 
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Triadic Phase Currents, the Maharic Shield and the PBIS 

Most healing systems have not incorporated the Maharic Current into their frequency application 
procedures because the Planetary Templar Complex has not been able to run a D-12 Maharic 
Current through the planetary grids for 210,216 years. Like the human DNA Template, if the 
Planetary Shields and Manifestation Template are blocked from processing interdimensional 
frequency, that frequency will be unavailable for use on the planet. If the Signet Star Crystal 
Seals (Star Gates) in the Planetary Shields are dormant, closed and phase-locked into Density-1 
orientation, no one on the planet will be able to draw interdimensional frequency into their personal 
Shields because the frequency is unavailable within the Planetary Shields. The personal and 
planetary Templar Complexes are intimately interwoven, and what effects one will inevitably effect 
the other. 

In order to run the full spectrum of interdimensional Triadic Phase Currents through the human 
body itis necessary to open the Signet Seals in the personal Inner Templar and the Signet Star 
Gates in the Planetary Templar Complex. in conventional human evolution, the internal Signet 
Seals, which serve as the Genetic Time Codes or “Fire Codes" of the human DNA Template, 
automatically, progressively and sequentially open over very long cycles of time. During the slow 
activation of the Genetic Time Codes the conscious identity experiences passage through 
numerous incamate lifecycles within the planetary Time Cycle, evolving through a series of Single 
Vector incarnations before being released from the 3-Dimensional phase-lock of Density-1 
manifestation. One can manually open the Signet Seals in the embodied Inner Templar Complex 
to expedite evolution into the Mult-dimensional, Multi-Vector Time Cycles through use of the 
11%12% Dimensional Maharic Current. 

Activation of the personal Maharic Shield allows for rapid release of the embodied Signet Seals 
and activation of the Fire Codes in the DNA Template. The Maharic Current from the personal 
Maharic Shield can be used to release the Signet Star Crystal Seals within the body, which in turn 
activates the dormant Kundalini energies at the base of the spine and the Cranial-Sacral 
Kundalini Seals within the Tailbone and Pineal Gland. Release of the Cranial-Sacral Seals of the 
Internal Templar Complex allows the Magnetic Repulsion Zones between the Hova Bodies to 
release so the DNA Template, personal Scalar Shields and physical body systems can receive 
inflow of higher dimensional frequency. To gain conscious mastery over the process of releasing the 
internal Signet Seals requires activation of the personal Maharic Shield, and the personal Maharic 
Shield can be manually activated only through drawing Maharic Current into the personal Shields 
via the Planetary Maharic Shield {The entire process of releasing the internal Signet Seals by 
activating the personal Maharic Shield, in order to enable the DNA Template to run Triadic 
Phase Currents for healing is entirely dependant upon the operational function of the 
Planetary Bio-feed Interface System (PBIS). 

Ifthe Planetary Templar Complex is blocked, or the Signet Star Gates are dormant, and Maharic 
Current from the Planetary Maharic Shield is not able to run through the planetary grids, humans 
on Earth do not have the option of manually activating the personal Maharic Shield, because the 
PBIS is not operational. The PBIS becomes operationally functional within the human body 
through activation of the 12 Chakra. The 12" Chakra cannot activate in the personal Templar 
Complex if the Planetary Templar Complex cannot run 12-Dimensional Maharic frequency. For 
over 200,000 years, the Planetary Templar Complex could not run Maharic frequency, and thus 
manual activation of the personal Maharic Shield and release of the embodied Signet Seals to open 
the Hova Bodies for running interdimensional Triadic Phase Currents for healing were not available 
options for Earth humanity. Since the recent activation of the Planetary Templar Complex, 
Maharic Shield and PBIS activation and Kathara Healing applications are now available on Earth. 
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Opening Triadic Phase Currents in the Human Body 
The method by which Triadic Phase Currents are activated within the human body is a 
progressive process. First, opening of the personal Kathara Grid, Telluric Shield and Nada 
Hova Body is orchestrated through activation of the Maharic Shield and Signet Seals, to allow 
inflow of frequency from the higher dimensional Hova Bodies. Next, the incoming frequency is 
harnessed and collected within the Chakra System. Finally, the collected frequency is then 
transmitted for healing facilitation in others, either through direct Chakra transmission or by close- 
range Frequency Induction via transmission of frequency from the activated Secondary Chakra 
Centers within the PALMS. 

The ability to run the higher dimensional Triadic Phase Currents within the body must be built up 
within the Internal Templar Complex, starting with the slowest-moving current of the higher 
dimensional spectrum- the DORADIC-PHASE-1 CURRENT. The Doradic-Phase-1 Current utilizes 
the sub-frequencies of the 11*-12%Dimensional Maharic Current from the Density-4 Mahara 
Hova Body as a cartier wave that will carry the desired interdimensional currents through the 
Signet Seals of the personal Scalar Shields. The full spectrum of the 4" Dimensional Doradic- 
Phase-1 current from the Density-2 Alphi Hova Body is activated as the primary healing 
frequency for transmission. The full spectrum of the 7“-Dimensional Teuric-Phase-1 Current 
(one Harmonic above the Doradic-Phase-1 Current) from the Density-3 Betcha Hova Body is used 
to release the 4"-Dimensional Signet Seal, allowing the 4"-Dimensional Doradic-Phase-1 current to 
enter the Nada Hova Body. 

Activating the 4% Signet Seal triggers temporary activation of the 4% DNA Strand Template and 
corresponding 4 Kathara Center in the Level-1 12-Tree Grid, which allows the 4"-Dimensional 
frequencies of the Doradic-Phase-1 Current to pass through the active DNA and into the bio- 
energetic and bio-electrical systems of the body for transmission. Once the DNA Template becomes 
accustomed to holding a 4"-DNA Strand Template Activation, after several months of practice in 
running the 4*\-Dimensional Doradic-Phase-1 Current, the body will be able to begin receiving the 
primarily 5-Dimensional Doradic-Phase-2 Current. The lower dimensional Triadic Currents 
must be activated within the DNA Template before the higher dimensional Triadic Currents 
can run. In Level-1 Kathara Healing the first step of activating the full spectrum (12 sub- 
harmonics) of the 4*-Dimensional Doradic-Phase-1 Current is achieved. 





Triadic Phase Currents and Color Cap-Stones 
The Color Cap Stone of a dimensional frequency band is the visual representation of the primary 
wave-length formed by the specific Partiki Phasing Rhythm for that dimension. A specific 
dimensional frequency band can be chosen and directed by the color translation of its primary 
wave-length. The Color Cap Stones of the dimensional frequency bands are used in Kathara 


Healing to direct specifically selected dimensional frequency bands (Partiki Phasing Rhythms) for 
specific applications. The Color Cap Stones for the Doradic-Phase-1 Current are PALE SILVER 
(D-11-D-12 Maharic) + GREEN (D-4 Doradic) + VIOLET ( D-7 Teuric). In technique # 3 - 
OPENING THE HEALING CHANNELS-DORADIC-41 - the Pale Silver + Green + Violet Cap Stone 
Colors will be used to activate the Doradic-Phase-1 Healing Current within the body. 





169 









DORADIC SPHERE, CORDS AND 
The Doradic Sphere and Current Collection 


The DORADIC SPHERE is a frequency repository that is formed to hold the activated Doradic- 
Phase-1 Current within the Chakra system for transmission in healing facilitation. As the Doradic- 
Phase-1 Current is primarily a 4-Dimensional Current, the Doradic+1 Sphere will be formed in 
the 4 Chakra, which corresponds to the 4*-Dimensional ASTRAL body of the Alphi Hova Body 
and Auric Field. Transmission of the Doradic-Phase-1 Current will take place from the Doradic 
Sphere at the 4 Chakra, creating a 4*-Dimensional ASTRAL INFUSION of frequency into the 
bio-energetic field of the client in close-range healing, and a general Astral Plane Infusion of 
Doradic-Phase-1 frequency into Manifestation Templates of areas(and everything contained within 
the space) when transmitted directly from the 4% Chakra. 

























Doradic Cords and Current Induction 

The DORADIC CORDS are energy conduits that are formed by opening the embodied Axi-A- 
Tonal Lines within the arms, hands and fingers. Opening the Doradic Cords allows the 
Secondary Chakras within the palms of the hands to carry the Doradic-Phase-1 Current for 
application in close-range transmission. Though Triadic Phase Currents can be transmitted directly 
from the Chakra Center in which the Collection Sphere is placed, the energies are more diffused 
and diluted in this form of transmission, unless the personal DNA Template holds a full, 
permanent activation of the Strand Template corresponding to the Triadic Current being 
tansmitted. It takes time, often years, for the DNA Template to acquire and permanently hold a 
higher strand activation level. One-on-one healing facilitation is more effective when conducted 
through concentrating the Triadic Current through the Axi-A-Tonal Lines for DIRECT INDUCTION 
of current through the Palm Chakras in closerangetransmission. Close-range transmission also 
allows for more precise application of frequency to specific areas of the body systems. In Level-1 
Kathara Healing, the Doradic Cords are activated within the arms, palms and fingers to allow for 
concentration, focused direction and Direct Induction of the Doradic-Phase-1 Current. 

For general healing purposes, such as “clearing rooms” or geographical spaces, or when 
attempting to transmit healing current into groups of people, transmission of the Doradic-Phase-1 
Current can be orchestrated directly from the 4% Chakra for NON-SPECIFIC INDUCTION. in 
Non-Specific induction, following activation of the Doradic-Phase-1 Current, each INHALE breath 
is used to fill the Doradic Sphere with more energy and each EXHALE breath is used to expand 
and transmit the energy into the room or bio-fields of a group of people. It is not necessary to 
activate the Doradic Cords for Non-Specific Induction applications. In Level-1 Kathara Healing 
applications use of the Doradic Cords and Palm Chakras is employed for Direct Induction close- 
range transmission in Client Sessions. To enhance and expedite personal healing, the activated 
Doradic-Phase —1 Current can be run through the personal Level-1 Kathara Grid with the 
Maharic Shield and Liquid Light Cleanse technique and then through each of the 7 Primary 
Embodied Chakras. 


Doradic Balls and Palm Transmission Direct Induction 


The DORADIC BALLS are small energy repositories that form in the Palms of the Hands when 
the Doradic Cords have been activated to run Doradic-Phase-1-Current through the Palm 
Chakras. Doradic Balls are used to accumulate current in the Palm Chakra vortices prior to 
transmission, to strengthen the intensity of the current 
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ChIAKRAS AND TRANSMITTING CURRENT 
Primary Polarities of Palm Chakras 


Along with the 15 Primary Chakras within human anatomy there are many other 
smaller Secondary and Tertiary Chakra Centers throughout the body, which 
correspond to the energetic interrelationships of scalar-wave patterns within the 
Kathara Level-3 Diodic Points Grid. All Chakras operate as sets of Black and 
White Holes, through which energy from the Dimensional Unified Fields circulates 
into and out of the body and Manifestation Template. The Palm Chakras are part of 
the Secondary Chakra System. Like all Chakras, the Palm Chakras are structured 
as 2 vortices of energy joined at the tip by a minute Crystal Seal within the 
Kathara Level-2 Crystal Seals Grid. The Palm Chakras run through the center of 
the Palms and out of the back of the hands. 

In any set of Chakra vortex spirals, one vortex represents the magnetic Black 
Hole, a counter-clockwise rotating spiral that draws energy IN toward the central 
Crystal Seal, and the companion vortex represents the corresponding Electrical 
White Hole, the clock-wise rotating spiral that sends energy OUT from the central 
Crystal Seal. The Black Hole vortex represents the RECEIVING spiral or Magnetic 
Pole and the White Hole vortex represents the TRANSMITTING spiral or Electrical 
Pole. The Electrical Pole of a Chakra represents the EXPANSION CURRENT of the 
Chakra, through which it expands energy out from the personal Shields; it is referred 
to as BASE ELECTRICAL. The Magnetic Pole of a Chakra represents the 
CONTRACTION CURRENT of the Chakra, through which it contracts energy in 
from the external Unified Field to the personal Shields: it is referred to as BASE 
MAGNETIC. 

The Chakras in the Palms are composed of many smaller minute vortex sets, each 
with Magnetic and Electrical Poles, but the PRIMARY POLE of each Palm Chakra is 
that pertaining to the larger Black-White Hole set and Crystal Seal. Though each 
Palm Chakra is capable of both Transmitting and Receiving energy current, the 
strongest and most focused currents can be achieved by utilizing the natural 
polarity orientation of the Primary Vortex Set. The Chakra in the RIGHT PALM is 
BASE ELECTRICAL; its corresponding vortex on the back of the right hand is Base 
Magnetic. The Chakra in the LEFT PALM is BASE MAGNETIC; its corresponding 
vortex on the back of the left hand is Base Electrical. When running Triadic Phase 
Currents it is helpful to understand the Primary Polarities of the Palm Chakras in 
order to create the strongest and least distorted healing current. In Kathara 
Healing, the RIGHT HAND is the TRANSMITTING HAND, through which Triadic 
Current is Exhaled down the Cords in the arms and EXPANDED into the RIGHT 
PALM CHAKRA for TRANSMISION. The LEFT HAND is the RECEIVING HAND, 
through which the Triadic Current transmitted from the Right Hand is drawn back into 
the facilitators body TO CREATE A CLOSED CIRCUIT OF CURRENT for the 
strongest current intensity and purest frequency content. 
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Standard Hand Position for Transmitting Triadic Current 


When transmitting Triadic Current, the LEFT PALM is PLACED 
OVER THE BACK OF THE RIGHT HAND. The Base Magnetic 
Current of the Left Palm interfaces with the Base Magnetic 
Current in the Back of the Right Hand, creating a MAGNETIC 
REPULSION ZONE, which blocks the vortex on the Back of the 

Right hand from drawing non-specific frequency from the 
 Density-1 Unified Field. This keeps the current transmitted from 
the Right Palm Chakra pure to its specifically chosen content. The 
Base Magnetic vortex in the Left Palm simultaneously draws the 
transmitted current back up through the smaller vortex sets after 
it runs through the client's body, creating a closed circuit of pure 
frequency running between the Hova Bodies of the client, the 
facilitator and the higher dimensional Unified Fields. Options of 
Frequency Modulation for other healing applications also 
become available through using this HAND POSITION when 
transmitting healing current. In some applications a modulated 
current that includes bursts of Density-1 Telluric Current 
interspersed with current transmission from the higher dimensions 
is desired; this can be achieved by moving the Left Hand on and 
off of the vortex on the back of the Right Hand. The LEFT OVER 
RIGHT HAND POSITION is used in Level-1 Kathara Healing 
applications. 
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1. Open the PBIS using the D-14 -p- 
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TRIADIC 
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personal Maharic Shield. 






Triadic Phase Current you wish to 








6.As the Triadic Phase currents trans 
Seals, Kundalini energies and DNA 






Current you are running. 






tansmitting. 








position. 





12 Wave Guide Symbol Code, the 
Hierophant Symbol, to open the 12 Chakra and stimulate release of 
Maharic frequency from the Planetary Maharic Shield, 


2. From the PBIS draw Maharic frequency from the Earth’s Maharic 
into the dormant personal Maharic Shield 12° below the feet, to 





3.Choose the specific Triadic Current you desire to run. 


4. Use the inflow of Maharic Current from 
Shield as a Carrier Wave to Carry th 
Signet Star Crystal Seals in your S 


mits into the body through the Signet 
Template, collect and build the current 
as a Sphere of energy within the Chakra Corresponding to the Primary Triadic! 


7.Run the current from the Collecting Chakra through the Axi-A-Tonal Line 
Cords in the arms, to activate the Palm Chakras. 


8.Exhale current from the Chakra Collection 
allow it to build into Balls of energy within 


9.Transmit the Triadic Current through the RIGHT PALM CHAKRA into client’s 
bio-energetic field while drawing more curre 
Sphere with each exhale breath and draw 
PALM on each inhale breath to create a hi 
Healing Current Use LEFT PALM OVER 
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the personal and planetary Maharic 
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5. Temporarily release the Signet and Cranial-Sacral Kundalini Seals and 
activate the DNA Strand Template corresponding to the chosen Triadic 
Phase Current, by running the Primary Frequency and the 
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the higher dimensional Triadic Phase C 


ysical body systems to inflow of 
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VEGHINIQUE 8 3 


Opening the Healing Channels- Doradic-Phase-1 Current 


Breathe slowly and deeply for several breaths while visualizing or imagining a 4” Violet Dot on 
the center of the inside of your forehead. Make the color image as strong as you are able. (If 
you can't yet perceive inner colors or visualization, simply imagine the Violet Dot as being 
there). Move the Violet Dot to the center of the brain at the Pineal Gland, and then upward into 
the 7" Crown Chakra, from the inside of the head moving upward and outward until the Violet 
Dot rests on top of your head at the Crown Chakra. 


. Call to mind the Hierophant Symbol (Pale Silver Merkaba Star formed by combining 2 


Merkaba Stars). Visualize the spinning Hierophant stationed 12" below the feet within your 
Maharic Shield and slowly INHALE, drawing the Hierophant up through the Central Body 
Current, up to meet the Violet Dot at the 7% Crown Chakra at the top of the head. When the 
Hierophant connects with the Violet Dot visualize the Violet Dot bursting into a 4” Vertical 
Pillar of Violet-Silver Light. Imagine the Violet-Silver Pillar running down through the body 
into the Earth Core and upward to the 14% Chakra 36" above the Head. You have activated 
the Violet Ray of Transmutation. 


. Move your attention fo the 4" Heart Chakra and imagine a small Green Spherical Crystal the 


Green Star- stationed atits core. This is the Green Star Crystal Seal that controls release of 4% 
Dimensional frequency - Phase-1 Doradic Current - into the body. INHALE, drawing Violet- 
Silver energy from the Violet-Silver Pillar into the Green Star EXHALE, expanding the Violet- 
Silver energy into the Green Star sphere. Repeat 2 more INHALE-EXHALE breaths, drawing 
Violet-Silver Energy from the Pillar and expanding it into the Green Star sphere. At the end of 
the last EXHALE, imagine the Green Star Popping, turning into a spinning Green and Violet 
Starburst of Light, as the Violet-Silver Pillar disappears. Spin the Green-Violet Starburst faster 
until it becomes a ball of Green-Violet Light, about the size of a grapefrujt, spinning in the center 
of the 4” Heart Chakra. The Green-Violet ball is the store-house for your Phase-1Doradic 
Current —it is called the Doradic Sphere. INHALE and draw Pale Silver energy from your 
Maharic Shield, through the Central Body Current and into the center of the Doradic Sphere at 
the 4" Heart Chakra, encasing the Sphere in translucent Pale Silver Light. 


EXHALE quickly and push 2 Cords of Green-Violet-Silver energy ~ Doradic Cords -from the 
Doradic Sphere down the inside of your arms, one Cord through each arm. As the ends of the 
Doradic Cords reach the inside of the hands, notice a sensation of mild resistance as the Cords 
push against the etheric membranes covering the small chakras in the palms. INHALE a full 
breath, drawing Silver energy up from the Maharic Shield, into the Doradic Sphere at the 4% 
Chakra. EXHALE forcefully, pushing more energy down through the Doradic Cords in the arms, 
and fee! this energy “pop” out of the palms, releasing the membranes on the palm chakras, 
Continue to INHALE energy up from the Maharic Shield into the Doradic Sphere and EXHALE it 
through the Doradic Cords, building the strength of the Doradic Current in both palms. Imagine 
the Doradic Current pooling in the palms to form 2 Green-Violet balls of light, about the size 

of tennis balls. Energize the Doradic Sphere and Cords until you Gan sense the smaller Doradic 
Balls formed in the palms of your hands. Your Doradic Current is now activated for use in 


healing facilitation. 
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1 TECHNIQUE # 3: Opening the Healing Channels 
e Doradic-Phase-1 Current 


. 4” Violet Dot inside forehead, move to Pine 
through 7% Crown Chakra to top of head. 


. Hierophant Symbol at center of your Maharic Shietd 12” 
below feet. Inhale Symbol up to Violet Dot at top of head. See 
Violet Dot burst into 4” Violet-Silver Pillar running through 
body to Earth’s core and up to 14% Chakra 36” above head. 


. Small Green Star Crystal Seal at 4th Heart Chakra. Inhale 
drawing Violet-Silver energy from Violet-Silver Pillar into 
Green Star Crystal Seal and see Green Star Crystal Popping 
into a spinning Green-Violet Starburst, as Violet-Silver Pillar 
disappears. Spin Green-Violet Starburst faster until it becomes 
Qrapefruit-size BALL of Green-Violet Light, the Doradic 
Sphere, at the center of the 4 Heart Chakra. Encase Green- 
Violet Sphere in Pale Silver Maharic energy. 


. Push a Green-Violet-Silver Doradic Cord down each arm to 
Palm Chakra Membranes and draw Pale Silver up from 
Maharic Shield to Doradic Sphere and forcefully push Maharic 
Current down arms to pop Palm Chakra Membranes. While 
running Doradic-1 Current draw energy from Maharic Shield 
to Doradic Sphere and push it down arms from Doradic 
Sphere through Doradic Cords to pool into Doradic Balls at 
Palm Chakras. 
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2A Hierophant up from Maharic  & 
Shield to inside Violet Dot on head. ; 





2B Violet Dot pops to Violet-Silver 
Vertical Pillar 






VIOLET-SILVER PILLAR _- 











4A Doradic Cords run Doradic- 
Phase-1Healing Current from 
Doradic Sphere to Palm Chakras . § 


4B Doradic Balls pool energy in 
Palm Chakras to amplify current 
for Direct Induction transmission, 
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|| THE KARMIC-MIASMIC IMPRINT 


THE OF KARMA 










Karma, Identity, the Christos and the Physics of Divine Right Order 

When an identity enters the Time Matrix to begin simultaneous cycles of evolution through 
time, it enters the manifest fields through first adopting a Manifestation Template composed of 
Partiki Units and Scalar Waves. The first Manifestation Template is called the Rishic Shield; it 
exists at the Ante-matter scalar-wave level of Density-5 and holds the complete Primal Scalar 
Pattern for all of the Singular Identities that will simultaneously manifest into incarnation within 
the lower dimensional Densities and Time Cycles. The Rishic Shield represents the Identity 
Gestalt or Family of Consciousness through which identity enters manifestation. The Rishic 
Shield carries the precise configuration of Scalar-wave patterns, the Primal Order of energetic 
Substance, through which the consciousness individuated to form a collective of consciousness 
within the dimensionalized Time Matrix. Every individual incarnate from the Rishic Family of 
Consciousness in fime carries as part of its core Kathara Grid scalar program the 
electromagnetic energy signature of Primal Order carried by the Rishic Shield through which it 
manifested 













The Scalar-wave design of the Rishic Shield represents DIVINE RIGHT ORDER, the Primal 
Order of scalar-wave energetic relationship and Partiki Phasing Sequences that individual 
identities in time must re-evolve to hold within their embodied Manifestation Templates in order to 
regain freedom from the dimensional systems of the Time Matrix: Consciousness from the Rishic 
Shield, in the form of Omni-polar wave spectra, enters the manifest Densities by projecting 
portions of itself into smaller Consciousness Gestalts within the lower dimensional fields. The 
smaller Gestalts of Consciousness form the 3-Dimensional Scalar Shields of the identity within 
the dimensionalized matter systems. Each Scalar Shield holds the consciousness of 
numerous simultaneous Cycles of Incarnation within each of the 4 Primary Time cycles of 
Densities 1 through 4. Each individual incamate in time is directly linked to its original Rishic 
Shield Family of Consciousness through the Density-4 Maharic Shield. The Maharic Shield of 
dimensions 10-12 contains the first Pre-matter Hydroplasmic scalar-wave spectra through 
which identity began its experience within the holograms of Space, Time and Matter. The personal 
Maharic Shield, often called the PERSONAL CHRISTOS IMPRINT, holds the original Primal 
Order of scalar waves through which manifest consciousness links to its Rishie Shield. The 
Christos imprint of the Maharic Shield represents the PATH OF DIVINE RIGHT ORDER through 
which each individual consciousness in time can re-evolve to its original Eternal Non-manifest 
State of Wholeness in Consciousness beyond the Time Matrix. Divine Right Order is not only a 
spiritual concept; it is a reality in energy within the scientific dynamics of Universal Unified 
Field Physics. Divine Right Order represents the Primal Order of scalar-waves that make up the 
original Manifestation Template from which individual singular lifetimes emerge, and it is the 
necessary pattern of energetic order within the personal multi-dimensional Manifestation Template 
which allows incarnate beings to fulfill the evolutionary objective of Transmutational Dimensional 
Ascension. The result of an incarnate being’s Manifestation Template and Conscious 
Awareness becoming mis-aligned with the energetic structure of Divine Right Order is 
called KARMA. 
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Karma, Divine Right Order, the Scalar Shields, Free Will and Miasms 


Ifit, is understood that the universe and all things within it exist as manifestations of 
consciousness in the form of precisely ordered scalar wave arrangements, and that there is an 
intrinsic and indelible Primal Order upon which all manifestation functions, it will not be difficult to 
conceptualize the literal and tangible nature of the Karmic Imprint. In energetic terms, Divine 
Right Order represents the natural alignment of conscious energy fields within the intrinsic Laws 
of Universal Physics characteristic to the dimensional structures of time. Divine Right Order exists 
as a tangible, specific and harmonious organization of energy interrelationships within the 
Primal Order of energetic structure that creates dimensionality. The condition frequently referred to 
as Karma is, like Divine Right Order, a tangible, specific organization of energy interrelationships. 
Unlike Divine Right Order, Karma represents dis-harmonious interrelationships of energy within the 
context of the Primal Order that creates dimensionality, Karma can be viewed as CHAOTIC, 
incoherent energetic disorganization, whereas Order represents coherent energetic 
organization. 


In terms of the 15-Dimensional anatomy of the personal Manifestation Template, the Karmic 
Pattern represents areas of incoherent energetic disorganization within the Structure of the 
personal Scalar Shields. The 12%-Dimensional Level of the personal Maharic Shield holds the 
original Christos Imprint, the Primal Order perfect organization of scalar-wave configurations that 
links our consciousness and DNA Template to the Rishic Shield Family of Consciousness 
through which we entered the Time Matrix. While the Maharic Shield holds our original Perfect 
Organization of Consciousness, the Scalar Shields upon which our lower dimensional Hova 
Bodies and Incarnate, Soul and Over-Soul Manifestation Cycles emerge often become 
distorted from their original Primal Order as held within the Maharic and Rishic Shields. Human 
consciousness, in its multidimensional forms, was designed ‘in the image of its Creator , having 
Free Will to apply the dynamics of energetic creation in time in accordance with personal 
intention, within the greater context of the fixed Natural Energetic Laws of Creation. 


When we use our gift of Free Will to direct our energies in a manner congruent with the Divine 
Right Order of Universal Unified Field Physics (which implies co-creative, not competitive co- 
evolution for all), the scalar-wave design of our personal Scalar Shields remains organized upon 
the intrinsic design of universal and personal Primal Order. Through embodiment of Divine Right 
Order within our personal Scalar Shields and consciousness, we know conditions of perfect health 
and harmony within the Time Matrix. When our Free Will is used to direct our energies in ways that 
are incongruent with and non-supportive of Primal Order, the disorganization of our energetic 
orientation manifests as literal Partiki Phasing Sequence distortions that create misshapen 
sCalar-wave groupings within the anatomy of the personal Kathara Grid, Scalar Shields and the 
DNA Template built upon them. These misshapen scalar-wave groupings within the Kathara Grid, 
Scalar Shields and DNA Template are called MIASMS and they hold, in tangible scalar frequency 
form, the disorganized energetic patterns of our Free Will choices through which we have used 
our energies in a manner incongruent with Divine Right Order. 





Miasms are the tangible substance of our Karmic Pattern that reflect the areas 
in which our consciousness and Scalar Shields are distorted from our original 
Maharic Shield Christos Imprint of Perfect Organization within the context of 

Universal Primal Order. 





TIME VECTORS AND THE KARMICMIASHNG IMPRINT 


Miasms, Incamational Time Vectors, Vector Imbedding and the DNA Template 
The Miasmic Imprint within the body and Manifestation Template that holds the personal Karmic 
pattern manifests as mathematical, geometrical and electro-magnetic distortions in scalar- 
wave forms within the Kathara Grid and Scalar Shields, that cause groupings of Anti-particles to 
build up within the Particle field of the physical and energetic anatomy. The build-up of Anti- 
particles within the Particle Field blocks the natural flow of energy and consciousness through the 
Kathara Level-3 Diodic Points Grid, and manifests as malfunctions within the Partiki Phasing 


Programs within the Kathara Centers of the Level-1 12-Tree Grid and within the Signet Star 
Crystal Seals of the Kathara Level-2 Crystal Seals Grid. The 3 Levels of the Kathara Grid set 
the blueprint for manifestation of the Scalar Shields, Hova Bodies, Chakra System and DNA 
Template. Miasmic distortions in the Kathara Grid effect every level of personal manifestation, 
from the operation of the physical genetic code to the ability of consciousness to successfully 
embody within the physical form, to the potentials of Transmutational Dimensional Ascension 
and attainment of Spiritual Actualization. 








Karma- the Miasmic Imprint: is a biophysical phenomenon of 
scalar-wave distortion that directly effects the human DNA. 


The Incarnations of SELF that simultaneously manifest into incarnational cycles of divergent 

space-time placement within the 4 Densities and 12-Dimensions of Matter are all directly 
interconnect through the Kathara Grid, Scalar Shields and DNA TEMPLATE. The Free Will 
choices made by other manifestations of ourselves concurrently existing in other space-time 
locations and different manifest body forms, effect the function of our personal Kathara Grid, DNA 
Template, conscious awareness and life experience. The choices WE make in our present 
lifetime directly effect the Kathara Grid, DNA Template, consciousness and life experience of 
our other-time incarnations. The energetic connection between incarnations of the SELF is an 
immediate, living connection of energy and consciousness. Because our numerous 
simultaneous incarnations in time are directly, energetically linked to each other via the Kathara 
Grid and DNA Template, we literally inherit Miasmic Buildup from eacti other on a continual 
basis. When we make the choice to restore our personal Imprint for Health, our Christos Imprint, 
as held within our Maharic Shield, part of these efforts must involve clearing the Miasmic 
Imprint that is bleeding through into our personal Manifestation Template for the other incarnations 
of Self. 

Each of our simultaneous incarnations in time represents one SINGLE VECTOR 
CONSCIOUSNESS, one portion of our Eternal Identity that experiences 3-Dimensional linear 
evolutionary progression along ONE TIME VECTOR (one cycie of Partiki Phasing Sequences). 
Each Incarnate represents a TIME VECTOR. The multiple Time Vectors of our Multiple 
Simultaneous Selves are literally encoded within core scalar-wave programs of our DNA 
Template; this is called VECTOR IMBEDDING. To fully heal our Body-Mind-Spirit system by 
restoring it to its Organic Imprint for Health, the Maharic Shield Christos Imprint, we need to 
Clear the Miasmic imprint from our other simultaneous incarnations as it is presently embedded 
within our DNA Template. Transmuting the Miasmic imprint that is embedded in our DNA. 
Template to restore the original perfect Primal Order is called “Clearing the Karmic Pattern” 
or MULTI-VECTOR HOLOGRAPHIC RECODING. 
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1] MULTI-VECTOR HOLOGRAPHIC RECODING 


REGENESIS OF TRE PERSONAL CERISTOS 


Restoring the Organic Imprint for Health and Clearing the Karmic-Miasmic imprint 
Literally all conditions of dis-ease in the human body and dis-harmony in the life experience, 
including the unnatural condition of death of the human body form, result from Miasmic 
Distortions within the embodied Kathara Grid, Scalar Shields, DNA Template and personal 
Inner Templar Complex. The natural state of Universal Primal Order is harmonious co-creative - 
interrelationship of consciousness. Humans.can progressively return to their natural condition of 
Ordered Perfection through re-genesis, or re-creation, of the Organic Imprint for Health — the 
Maharic Shield Christos Imprint — within the Kathara Grid blueprint of the personal Manifestation 
Template. Regenesis of the Personal Christos is a Multi-Vector Endeavor, involving clearing 
the karmic-Miasmic Imprint from a myriad of various simultaneous selves presently evolving in the 
Time Matrix. The hard way to clear the Miasmic Imprint is by ‘walking the Karma”, which means 
allowing progressive levels of the-Miasmic Imprint to repeatedly re-manifest in the personal life 
experience, until the proper application of Free Will choice used in congruence with Divine 
Right Order becomes consciously apparent and the “Right Choices” are made to re-ordered the 
disorganized use of energy that caused the Miasm to form. In our present time, this approach to 
‘clearing the Karmic Pattern’ is no longer effective as a leaming too! by which embodied 
consciousness teaches itself the etiquette of creation. The Miasmic Imprint within the collective 
human species has grown so extensively that the core issues of misapplied Free Will that 
cause Miasmic Buildup can no longer be consciously identified, and the Miasmic Imprint 
continues to compound and amplify itself as the same errors of Free Will energy use are 
I Bec and reinrorced 






























The Karmic-Miasmic Imprint is an ENERGY FORM; a literal construct of 

sCalar-wave frequency with its corresponding Anti-particle 

Manifestation. As a form of energy, the Miasmic Imprint can be dealt 

-with AS ENERGY, WITH ENERGY, for the most expedient clearing, 
healing and realignment of the Karmic Imprint. 









The Karmic-Miasmic Imprint manifests within the causal level of manifestation, the 3 Levels of 
the embodied Kathara Grid of the personal Internal Template Complex, and from the Kathara 
Level the Karmic-Miasmic Imprint manifests as misalignment and malfunction within all levels of 
Body-Mind-Spirit system. To clear the Karmic imprint AS ENERGY, WITH ENERGY, its 
disorganized scalar-frequency patterns must be realigned from the Core Template Kathara Grids, 
the causal level of miasmic manifestation. Restoring the Maharic Shield Christos Imprint to the 
personal Kathara Grid takes time and precise applications of frequency re-ordering in all 
levels of the Body-Mind-Spirit system. The first step to Regenesis of the Personal Christos is the 
MAHARIC RECODING PROCESS. 
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MULTEVECTOR HOLOGRAPHIC RECODING 
Recoding the Time Vectors of the DNA Template and the DNA Fire Codes 


The process of regenerating the Christos Imprint within the Kathara Grid of the 
human body is a MULTI-VECTOR undertaking. A Vector is a set cycle of 
vibrational-oscillation rhythm that creates a specific repeating Partiki Phasing 
Rhythm and Flash Line Sequence. Each individual incarnate self in time holds 
within the electro-magnetic programs of its embodied Kathara Centers the precise 
Partiki Phasing Rhythms that correspond to its particular placement within the 
planetary Time Cycles. The Time Vector, or Flash Line Sequence that creates 
one linear Event Horizon, is literally encoded and actively operational within the 
Kathara Grid and DNA Template of each incarnate identity. In the process of 
restoring the Organic Integrity to the personal Manifestation Template, the dormant 
Partiki Phasing Rhythms that correspond to one’s other-time incarnates are 
progressively brought into activation and realigned with the Christos Imprint of the 
Maharic Shield. 

The Partiki Phasing Flash Line Sequence programs within the embodied 
Kathara Centers manifest within the DNA Template as the GENETIC TIME 
CODES, or Fire Codes, of the DNA. In restoring Maharic Order to the personal 
Kathara Grid, the 12 Dormant Fire Codes of the DNA Template will be slowly but 
progressively brought into activation through the 11%.12t Dimensional 
Frequencies of the Maharic Shield Mahara Hova Body Current. Activation of the 
DNA Fire Codes creates a reciprocal release of the Signet Star Crystal Seals and 
Cranial-Sacral Kundalini Seals within the Kathara Level-2 Crystal Seals Grid, 
progressive activation of the dormant Kundalini energies and Merkaba Vehicle 
Phases, merger of the Hova Bodies and embodiment of the higher dimensional 
Spiritual aspects of conscious awareness. The process of recoding the multiple 
time vectors within the DNA Template — Multi-vector Holographic Recoding- is a 
process of progressive WHOLE-BEING HEALING that is achieved through 
consistent application of the MAHARIC RECODING PROCESS, and expedited 
through complimentary processes of DNA Template, Kundalini and Merkaba 
Vehicle activation. Level-1 Kathara Healing introduces the operational mechanics of 
the Maharic Recoding Process. 
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The 4 Primary Elements of Action 


] 1. The Maharic Seal and the Liquid Light Cleanse (Technique # 2) 






| 2. Opening the Healing Channels (Technique # 3) 






| 3. Amplifying Inner Audio-Visual and Kathara Scan (Technique # 4) 






. 4. The Maharic Infusion (Technique # 5) 










The 4 Primary Elements of Action to begin the Maharic Recoding 
Process, through which Multi-Vector Holographic Recoding of the 
Morphogenetic Field Manifestation Template is achieved. Begins 
realignment of the Core Manifestation Template Kathara Grid Levels, 
the Scalar Shields, Hova Bodies, Axi-A-Tonal Lines and DNA 
Template with the Primal Order perfect scalar-wave pattem of the 
personal 12"-Dimensional Pre-matter Hydroplasmic Maharic Shield- 
the Christos Imprint and Organic Imprint for Health. Also begins 
activation of dormant DNA Strand Templates, Kundalini energies and 
| the Merkaba Vehicle for Transmutational Dimensional Ascension. 











Bie- Regenesis of the Clnristes Vnprint 
aud (2- Strand Dit Template 
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VECHINIQUE # 4 


AMPLIFYING INNER AUDIO-VISUAL AND KATHARA SCAN 


1. Place RIGHT paim (electrical-transmitting hand) over the 5 Kathara Center at the Navel, 
and place the Left palm (magnetic-receiving hand) over the back of the Fight hand (to block 
3* Dimensional energies from entering the rear of the right hand chakra). INHALE energy from your 
Maharic Shield - the Maharic Carrier Wave- into your Doradic Sphere at the 4% Heart 
Chakra. EXHALE and run the Maharic Wave down the Doradic Cords in the arms and into the 
Doradic Balls in the palms. inhale, then EXHALE, using the exhale breath to push energy from 
the Doradic Sphere, down the Doradic Cord in the RIGHT arm, through the RIGHT Doradic 
Ball and into the 5“ Kathara Center at the Navel. Run several breaths of Doradic-7 Current 
into the 5” Kathara Center at the Navel, until a mild tingling sensation is felt. 


2. Place the LEFT palm over the 5% Chakra at the Throat, with the Right palm covering the back 
of the LEFT hand, and INHALE the Doradic-1 Current up from the 5” Kathara Center at the 
Navel, into the Seed/Center of the 5% Chakra. EXHALE and expand the Doradic-1 frequency 
into the 5" Chakra spiral, allowing the magnetic current from the LEFT hand to draw the 
energy out through the spiral. As you EXHALE, slowly move the hands forward, away from 
the body and the 5* Chakra. 


3. Repeat the same process over the 6 Kathara Center, placing the RIGHT paim over the 6” 
Kathara Center below the Right Shoulder, with the Le? palm covering the back of the RIGHT 
hand. INHALE/Draw energy up from the Maharic Shield, into the Doradic Sphere. EXHALE 
energy down the Doradic Cords into the Doradic Balls. inhale, then EXHALE energy down the 
RIGHT Doradic Cord through the RIGHT palm and into Kathara Center 6. Run several breaths 
to energize the 6” Kathara Center. Then move LEFT paim over the 6” Third Eye Chakra in the 
forehead, with Right palm behind. INHALE the Doradic-1 Current from the 6" Kathara Center 
into the Seed/Center of the 6” Chakra and EXHALE the energy into the 6" Chakra spiral while 
drawing it through with the magnetic current from the LEFT hand. The 6% Sense-Audurea, 
which provides inner audio perception, and the 7 Sense-Tristet, which provides inner visual 
perception are now energized and amplified in preparation for Kathara Scan. 


4, Close your eyes and focus your attention in a single point at the inside of your forehead. Inhale, 
and as you EXHALE run your attention outward through your 6" Chakra spiral, into the 
6 Chakra Spiral of your Client. Move your attention into the center of your Client's brain, the 
Pineal Gland. Inhale, and EXHALE moving your awareness down from the Client's Pineal, 
through your Client's Central Body Current and down into the Earth's core. INHALE and move 
your awareness back upward to your Client's Maharic Shield, and Spread your awareness 
outward through the Maharic Shield with the EXHALE. On the inside of your forehead, imagine 
the image of the Kathara 12-Tree Grid, INHALE energy from the Client's Matvaric Shield and 
EXHALE the energy out into the 12-Tree image. Breathe gently for a moment, observing the 
12-Tree Grid, which will register tones of white, black and ranges of gray in between. If you 
cannot yet visualize, you will still get a sense of the 12-Tree image and the areas of dark and 
light within it The dark areas represent layers of the MIASMIC BODY, areas of the karmic 
imprint that need clearing when you run Technique # 4: The Maharic Infusion. Remember the 
areas of the Client's Kathara that need clearing, inhale, and open your eyes on EXHALE. 
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Activate Maharic Seal and Open Healing Channels. (Techniques # 2 and # 3 firs ) 


1. RIGHT Palm on 5* Kathara Center in Navel. Breathe Maharic Current up from 
personal Maharic Shield and into Doradic Sphere at 4* Chakra. Push Maharic- 
Doradic-1 Current down Doradic Cords and into Doradic Balls at Palm 
Chakras. Push Current from Doradic Ball in RIGHT Palm into Kathara Center 

# 5 in Navel. . 










.- LEFT Palm on 5 Throat Chakra, cover back with Right Palm (Reverse 
Standard Hand Position). Inhale Doradic-1 Current up from 5‘ Kathara Center 
in Navel to center of 5 Throat Chakra and expand Current into 5 Chakra 
Spiral, with Left Palm Chakra drawing current out of 5% Chakra Spiral. 













3. RIGHT Palm on Kathara Center # 6 below Right Shoulder, cover back with Left 
Palm. Push Maharic-Doradic-1 Current from Doradic Ball in RIGHT Palm into 
Kathara Center # 6. LEFT Palm over 6 3¢ Eye Chakra, cover back with Right 
Palm (Reverse Standard Hand Position). Inhale Doradic-1 Current up from 
Kathara Center # 6 to center of 6% 3 Eye Chakra and expand Current into 6th 
Chakra Spiral, with LEFT Palm Chakra drawing Current out of 6 Chakra 
Spiral. 


4. KATHARA CLIENT SCAN: A. Place Point of Attention inside forehead and run 
attention out of 6 Chakra Spiral and into the 6 Chakra Spiral of Client, then 
into Client’s Pineal Gland. B. Run attention down Client's Central Vertical 
Current and into Earth’s Core, then back up to Client’s Maharic Shield. Expand 
attention out into Client’s Maharic Shield. C. Visualize image of Kathara 12-Tree 

Grid, inhale energy from Client’s Maharic Shield and exhale it into image of 

Kathara Grid. D. Observe for Dark Miasmic Buildups in image of Kathara Grid; 

run extra healing Current into these areas of the Client’s Kathara Grid during the 

Maharic Infusion (Technique # 5). 










Personal Kathara Scan: On Step 4 run attention down your Central Vertical Current then back up to your 
Maharic Shield and out into your Maharic Shield. Breathe energy from your Maharic Shield into image of. 
Kathara 12-Tree Grid and observe for Dark Miasmic Bulldup areas to clear during the Maharic Seal and 
Liquid Light Cleanse technique. Send extra Maharic Current to these areas during Liquid Light Cleanse. 
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TECHNIQUE # 4: Amplifying Inner Audio-Visual and 


B. Breathe Maharic Current up from personal 


C, Push Current from RIGHT Doradic Ball into 
5th Kathara Center. 


A LEFT Paim on 5 Throat Chakra, cover back 
with Right Paim. 

1. INHALE Doradic-1 Current up from Kathara 
Center # 5-Navel to S Chala and expand 
Current into 5* Chakra Spiral. 


A RIGHT Paim on Kathara Center #6 in Right 
Shoulder, cover back with Left Paln. B, LEFT 
Palm on 6 3“Eye Chakra, INHALE Current 
from Kathara Center # 6 into 6* Chakra Spizal 
and into LEFT Paim. C. Kathara Scan: a. Run 
your Attention from your 6 Chakra to Client's 6* Chakra 
and Pineal Giand. b. Run Attention down Client's Gentral 
Vertical Current to Earth's Core & into Ciient's Mahanc 
Shield. c. EXHALE energy from Client's Maharic Shield 
into Image of Kathara 12-Tree Grid. d. Scan grid for Dark 
Areas of Miasmic Buildup for clearing with Maharic infusion. 


KATHARA SCAN 
c. 
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TEGHINIQUE & 5 


THE MAHARIC INFUSION — CLIENT FACILITATION 


Prior to using this technique you should have completed the following: 1.Positioned 
MENTOR over your Right shoulder to assist (Tech. # 1:Awakening the Mentor and the 6° and 7% 
Senses). 2. Activated your Maharic Shield, Maharic Seal and run the Liquid Light. (Tech. # 2: The 
Maharic Seal and the Liquid Light Cleanse.) 3.Activated your Doradic Current, Inner audio’ Visual 
and Client Kathara Scan (Tech. # 3. and -#4 ) 

4. Opened the Kathara Lines for you and your Client (Sequence-1 Kathara Points) 


Place Client in a reclining position with shoes off: 


7; 


2. 


Position yourself at the feet of the reclining Client. Place RIGHT palm 12” below 
Client's feet at the Maharic Shield, /eft palm over the back of Right hand. 


Visualize the Hierophant symbol on the inside of your forehead. Inhale, then 
EXHALE, moving the Hierophant down to Chakra 4 and into the Doradic 
Sphere with the exhale breath. INHALE energy upward from your Maharic 
Shield and into the Doradic Sphere. EXHALE the Hierophant with Doradic-1 
current down the Right Doradic Cord and into the Doradic Ball in the Right 
palm. . 


. Inhale, then EXHALE the Hierophant and Doradic-1 current into the center of the 


Client’s Maharic Shield. Visualize the Hierophant spinning in the center of the 
Client's Maharic Shield until you sense a mild shift in the energy below the 
Client's feet. The shift indicates that the Client's Maharic Shield has activated and 
the Maharic Pillar has “popped” vertically upward from the Shield — the Client's 
bio-energetic field now carries the Maharic Seal. 


. INHALE energy from your Maharic Shield into your Doradic Sphere, then 


EXHALE the energy down both Doradic Cords, into the Doradic Balls in the 
palms. Visualize the 12-Tree Kathara Grid within the Client's body. You will now 
run the Maharic Infusion through the small chakra points in the feet. 
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TECHNIQUE #5 : Continued 
THE MAHARIC INFUSION 


5. Place your Right palm on the bottom of Client's Left foot and your Left palm 
on top of the foot, centered over the Right palm. imagine that you are lining up the 
small vortex beneath the ball of the Client's foot (which extends through the foot to come out 
on top), with the small chakras in your palms. Inhale, then EXHALE energy from your 
Doradic Sphere through the Right Doradic Cord, Right palm and into the sole 
of the Client's foot. Visualize the Green-Violet-Silver energy traveling up the 
Kathara Line on the Left side of the body, through the 4%, 7” and 10% Kathara 
Centers. Continue EXHALING energy into the Left foot until you begin to feel a 
bit of fuzzy energy coming out of the foot toward your palm. This indicates that 
the Kathara Line has reached its energy-holding capacity. Repeat-the process on 
the Right foot, running energy through the Kathara Line on the Right side of the 
body and the 3%, 6 and 9 Kathara Centers. 


6. You will now clear and align the Central Vertical Kathara Line to complete the 
Maharic Infusion. Move to Client’s head. Place Right palm over Client’s 10th 
Chakra 6” above the head, the location of the 12” Kathara Center. Place Left 
palm over back of Right hand. INHALE energy from your Maharic Shield into 
your Doradic Sphere then EXHALE energy down the Right Doradic Cord, into 
the Right palm and through the 10 Chakra. Visualize the energy moving down 
from the 10" Chakra into the 7" Chakra, to the Pineal Gland (11" Kathara Center), 
then rapidly down the Central Body Current and Central Kathara Line, through 
Kathara Centers 8 (thyroid), 5 (Navel), 2 (at Base Chakra) and into Kathara Center 1 
at Earth’s core. Continue EXHALING energy into the 10 Chakra and Central 
Kathara Line until you feel fuzziness against your Right palm, indicating that the 
Kathara Grid has reached its energy-holding capacity. 


7. Before releasing 10" Chakra direct a bit of additional energy through the Central 
Kathara Line into areas that revealed dark spots during the Kathara Scan. 
Visualize the areas getting light as the energy runs through them. You may add 
other healing modalities at this point, if desired. Close by using the 
Sequence-2 Kathara Points to close the Kathara Lines and revitalize the body. 
Allow Client a few moments to recline before ending session. 
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& THE MAHARIC INFUSION - CLIENT FACILITATION 









Preparation: A. Teciniae #1 Pace MENTOR over yur igh ShoucerB. Techie #2-Acae your Mahar: Shi nd nn Liga gn 
Kathars Poids menreoe oe San oa a1 Curent D. Technique #4 Anpliy Ines Auo-Visual and run Client Kathara Scan E. Sequence- 


1. Stand at Client's feet, place RIGHT Palm 12" below Client's feet at Client’s Maharic Shield, 
left palm over back of Right hand. 


2. See Hierophant Symbol Code inside your forehead, EXHALE Symbol down to Chakra-4 
Doradic Sphere. INHALE energy up from your Maharic Shield into Doradic Sphere. EXHALE 
Hierophant Symbol with Doradic-1 Current down RIGHT Doradic Cord into RIGHT Doradic 

Ball in RIGHT Palm. 


3. EXHALE Doradic-1 Current and Hierophant Symbol into Center of Client’s Maharic Shield via 
Right Palm Doradic Ball and spin Hierophant until sensed Energy Shift of Client's Maharic 
Seal. 


4. INHALE Current from your Maharic Shield to Doradic Sphere and EXHALE Current down both 
Doradic Cords into Doradic Balls. See Kathara12-Tree Grid within Client's body and begin 
‘running the Maharic Infusion through the Secondary Chakras in Client's feet. 


5. RIGHT PALM on bottom of Client's LEFT FOOT, LEFT PALM on top of Client's LEFT 
FOOT, both centered over Client's LEFT FOOT Secondary Chakra. INHALE Maharic energy 
into Doradic Sphere and EXHALE Doradic-1 Current into Client's LEFT KATHARA LINE, and 
through Kathara Centers # 4, #7 and # 10. EXHALE Doradic-1 Current into Client's LEFT 
FOOT until “Fuzzy” resistance emerges from Client's foot Chakra. REPEAT PROCESS 
on Client's RIGHT FOOT, running Doradic-1 Current through the RIGHT KATHARA LINE and 
Kathara Centers # 3, #6 and #9. 


6. Stand at Client's Head. RIGHT PALM over Client's 10 Chakra (6" above head- the 12! 
Kathara Center), LEFT Palm over back of Right hand. Fill Doradic Sphere with Maharic Energy 
then EXHALE Doradic-1 Current down RIGHT DORADIC CORD and Palm and into Client's 
10% Chakra. Run Current from Chakra-10, to Crown Chakra-7, Pineal Gland, rapidly down 
Central Vertical Current and Kathara Centers #8 (Thyroid), #5 (Navel) #2 (Chakra-1) and #1 
(Earth's Core Chakra 13). Continue exhaling Current until “Fuzzy” resistance emerges from 
Client's 10% Chakra. 


7. Direct additional energy through Client's CENTRAL KATHARA LINE to clear DARK AREAS 
of Kathara Grid located in Kathara Scan. Add any additional healing technologies following 
Client's Maharic infusion. Close with SEQUENCE-1 KATHARA POINTS massage. Allow Client 
to remain relaxed in reclining position for several minutes following Maharic Infusion. 
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Start with Left Foot then do Right, 
Foot with same Hand Positions 


STEPS 4&5 
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@ Clear Kathara Centers 12, 11, 8, 
<5, 284 via Central Kathara Line 
\ from Chakra-10 at Head 






190 


0 







os 


MOTIVATION TO HEAL 






































Healing Facilitation is an art and a science, but most importantly, healing facilitation 
is an interrelationship of SOULS. Egotistical objectives have no place in quality 
Healing Facilitation. The decision to participate in Healing Facilitation should not be 
motivated by a desire to prove you have “special abilities” to boast about, nor with the 
primary motive of gaining financial profit from Healing Facilitation endeavors. The 
energies exchanged in healing facilitation are FREE TO ALL, a DIVINE GIFT from 
the universe, and they belong to all beings equally. A facilitator cannot rightly request 
payment from a client for providing what the client already possesses- Natural 
Healing Energies. 

In Divine Order, it is appropriate for the facilitator to accept payment for the 
personal time and energies invested in learning and developing facilitation 
skills, and for the time spent in active facilitation. It is important that the facilitator 
understands this subtle difference of “fair exchange of energy’. If the facilitator 
mistakenly assumes they are requesting payment for healing energies they supply, 
they are inadvertently misrepresenting themselves to the client. The client possesses 
personal healing energies and does not need to purchase such energies from others. 
The time and expertise offered by the facilitator to assist the client in stimulating 
their own healing energies, is a service worthy of reciprocation. If a client chooses 
such assistance, the facilitator has legitimate right to honor their own worth as a 
being by requesting reasonable payment or barter in fair energetic exchange for 
the service they offer. However, if a client is in need of healing facilitation, and has no 
means of fair exchange at that time, the facilitator should honor the worth of the client 
by providing assistance of equal value free of charge. 

in spiritual principal, “making money” is not a legitimate motivation for 
participating in Healing Facilitation. Seeking to find one’s personal “Divine Right 
Livelihood” in sincere service to others, which might possibly involve providing 
client service in Healing Facilitation, IS a spiritually legitimate motivation. Healing 
Facilitators will discover that when they put the objective of GENUINE SERVICE TO 
THE DIVINE as the first Priority, rather than the pursuit of personal monies or status, 
the Universe Will Provide. Facilitators who enter the healing field with hidden 
personal motivations incongruent with Universal Laws of Energy, which imply 
equality, respect, reverence and balanced exchange of energy between all 
beings, will find difficulties emerging in their lives as the personal SOUL sets up 
lessons through which Universal Principles become more apparent. There is only 
ONE TRUE MOTIVATION for participation in Healing Facilitation- the motive is 
LOVE. 
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POSTURES OF LOVE 


The Energy-Reality of LOVE 
In terms of Universal Physics, Love is an energy reality, a STATE OF 


VIBRATIONAL HARMONIZATION, or CO-RESONANCE OF FREQUENCY that 
allows an energetic bridge to build between individuals. It is through this energetic 
bridge of frequency that one can assist in running healing energies that will facilitate 
the healing process of others. Without the sentiment and FREQUENCY of GENUINE 
LOVE, one cannot energetically facilitate the healing of another. LOVE is the 
essential ingredient in healing, for it allows the opening of facilitator and client's 
bio-energetic fields to the Universal Frequencies of the interdimensional spectrum. 
Cultivating the ability to embrace and hold the frequencies of Universal or OMNI= 
LOVE is the responsibility of any true healing facilitator. The emotionally experienced 
reality of the frequency of Love takes many forms. In healing facilitation it is 
important to assess the most appropriate form of love to engage with each 
individ i 












































Soft Love 

Many people respond well to “SOFT LOVE’, the kind, gentle, nurturing, soothing 
love often displayed by mother’s comforting their infants. Soft Love works well with 
client's whom possess some degree of spiritual maturity and who have cultivated the 
ability to hold some degree of a love frequency within themselves. Soft Love is the 
appropriate form of love for client's possessing the maturity to accept personal 
responsibility for themselves, their actions and their emotional reaction patterns, and 
who do not attempt to manipulate, drain energies from or place blame on others. Soft 
Love is characterized by engaged detachment of the facilitator and is demonstrated 
through soft-spoken, calm and sincere words and actions that are intended to place 
the client at ease. 

Soft Love is always built up sincerity, kindness, respect and a-genuine desire to 
see the client thrive and prosper. Developing the ability to carry the Soft Love 
frequency takes time, attention and practice, and requires that the facilitator works to 
heal personal internal conflicts, unresolved issues from childhood and karmic 
reaction patterns that disrupt the Soft Love vibration. Soft Love is a vulnerable love 
in that it necessitates one to show the self as itis, honestly expressing personal 
feelings tempered with kindness. Soft Love is not approval seeking, it is rather 
genuine, honest and self-generated. Soft Love requires love and respect of the self 
and others mutually. It is built upon a level of spiritual maturity in which it is. 
understood that personal value is implied by the fact of existence and is not 
determined by the approval or validation of others outside of the self and the 
personal relationship to the Divine. The ability to carry the Soft Love frequency 
emerges through spiritual integration, personal healing of internal conflicts and 
power struggle issues and intentional application of kindness and mindfulness. 
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Tough Love 
Soft Love does not facilitate healing on all occasions. Certain clients who come to a 


facilitator for healing assistance bring with them a great need for emotional healing 
and development of spiritual maturity. They may demonstrate demanding, arrogant or 
pushy attitudes and refuse to accept responsibility for their personal actions and 
resulting consequences. Most often such individuals carry deep wounds from 
childhood or from reincarnational bleed-through. Because they are wounded within, 
they have not yet developed the self-control or maturity necessary to treat themselves 
or others with kindness, respect or love. ; 

Individuals who display unreasonable behaviors or attitudes pose quite a challenge 
to the love-based healing facilitator. If they are approached with Soft Love, the _ 
facilitator will often find themselves as a scape goat for the individual's personal 
problems, may have their energies and time excessively drained by such clients and 
might possibly be subjected to outright verbal or physical abuse. Clients exhibiting 
such personality traits are struggling within themselves to gain control over the 
various conflicting portions of their personal energies, and they tend to objectify this 
internal conflict resolution in the form of POWER STRUGGLE with others. 

Personalities trapped within cycles of subconscious self or other-abusive attitude 
patterns need love more than anyone, but most often their behaviors push others _ 
away. Intrinsically the behaviors serve to keep the individual sheltered from self- 
exposure; they do not allow others close enough to inspire feelings of vulnerability or 
lack of self-esteem. Often such personality traits effectively keep the individual from 
seeing themselves and the inner pain and conflict from which they attempt to hide. To 
facilitate healing in such individuals without succumbing to their manipulation, 
aggression or abuse requires that the facilitator adopt a posture of TOUGH LOVE. In 
Tough Love the facilitator clearly establishes personal boundaries in their own mind 
as to what treatment they will and will not accept. If the client crosses those 
boundaries the facilitator assertively addresses the issue with the client, requests 
that the offensive behavior cease and provides CLEAR CONSEQUENCES as to what 
will occur if the offense continues. The Tough Love approach is rendered from a base 
of Soft Love and Omni-Love, but it is strengthened with Self Love on behalf of the 
facilitator. The facilitator recognizes that they are only assisting the client to continue 
with the self-destructive patterns by condoning or allowing offensive behavior, and 
chooses to love the client enough to confront the pattern so that it may begin to 
release. In lovingly, calmly, but firmly confronting poor behavior and setting clear 
boundaries and consequences, the facilitator assists such clients to temporarily find 
a new pattern of action because the old one does not work for manipulation in this 
instance. The Tough Love approach frequently requires facilitators to demonstrate 
that they hold their own power, even in the face of client disapproval. Tough Love is 
an ability of personal empowerment worth cultivating for personal and client healing. 
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Self Love 
In healing facilitation Love is the essential ingredient. All love begins with the 
Divinity Within the SELF. You will be able to transmit the frequency of love to others 
in direct proportion to your ability to hold the frequency of love within yourself. If you 

do not recognize your intrinsic value as a Divine Being and seek validation of your 
existence through external sources such as achievements, status or other-approval, 
you will likewise project these sentiments into your love relationships with others. If a 
client does not meet the external standards of validation that you have placed on 
yourself to determine your personal worthiness of love, you will have difficulty not 
falling into judgement of the client. 

Judgement and love cannot transmit through the human body at the same time. 
Judgement creates an energy reality of separation or Non-Resonant Frequencies 
of energy, whereas Love creates the Co-resonance of Frequencies needed for 
open flow of Universal Energies for healing facilitation. If one can realize that LOVE 
IS THE ONLY CONSTANT and that all conditions of judgement change, it is easier to 
cultivate the innate ability to fully hold the frequency of Love. Though ASSESSMENT 
of conditions, actions or attitudes is useful and necessary, such assessment can be 
rendered through “separating the person from the action”. You can judge the 
effectiveness or value of the action or idea without assigning a value-judgement to 
the person to which it is attached. 

If the healing facilitator can feel love, reverence, respect and honor for the Divinity 
Within Themselves, they will also transmit these qualities of excellence in Love to 
the client. The quality of Love brought into the healing facilitation experience will 
directly effect the success of healing assistance given. Love the Self and know that 
all beings possess an unalienable worth and value as a living part of the Divine. 
Begin to cultivate this awareness within your personal life and you will greatly 
increase your effectiveness as a healing facilitator. Love, honor and respect yourself, 
your feelings, your dreams and your desires, so you may better love those you wish 
fo serve. 





Love others at you would love the Self, 
and love the Self as you would like to love others. 
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The Illusion of Martyrdom 


People who love themselves do not buy into the idea that they must play 
“martyr” to others in order to be of service. Martyrdom implies a belief that 
you are lacking in worth, or must earn your worth in being, by 
relinquishing that which feels of most value to you. It also undermines 
expression of the God-Presence within others, by assisting them to 
believe that you are so vital to theif wellbeing that they cannot function 
without you. In truth, martyrdom is an expression of EGO, most often 
used by people who feel they are personally insignificant in the eyes of 
. the Divine, in order to give themselves significance and a sense of 
personal power and purpose for being. People who actively know the 
intrinsic Spiritual Divinity within themselves treat that Divinity with honor 
and respect and do not allow or need others to depreciate the Self and its 
desires in order to prove the existence of a belief in personal Divinity. 

Martyrdom does not facilitate healing within the self or client, as it 
reinforces the erroneous belief in intrinsic personal unworthiness, which 
exists in direct contradiction to the innate God-Presence that exists in 
every living thing. Within the energy dynamics of Universal Law, natural 
balance is achieved in the flow or GIVING, and back-flow or RECEIVING 
of energy. In human spiritual relationships this balance of energy is 
achieved by mutually valuing each person in a relationship, through 
which the natural giving and receiving of energy can be exchanged 
unimpeded. Martyrdom impedes the natural flow of energy; the martyr 
customarily gives more than receives, which progressively diminishes the 
martyrs ability to keep open a perpetual flow of energies from the Divine 
because the martyr does not allow the Self to receive. 


Martyrdom cd wot a demonstration of Love, 
Ct 6d ane extibit of Love Deprivation. 
The remedy for Martyrdom 
OMNI -LOVE. 





























195 


6 Day 
Upper arm 
blastema 


HOST 

6 Day 
Upper arm 
blastema 


HOST 

6 Day 
Upper arm 
blastema 


G 


HOST 

6 Day 
Upper arm 
blastema 


DONOR: 8 DAY HAND BLASTEMA 


. 
. 


BF 
sees 


' 

‘ 

‘ 
‘ 


DONOR: 8 DAY UPPER ARM BLASTEMA (DISTAL) 


GFP see —_-: 4 BF 
Seas = SS 
DONOR: 8 DAY UPPER ARM BLASTEMA (PROXIMAL) 





Hand BL 








OMNI-LOVE; Fully Engaging the Love Vibration 
The greatest love that can be embodied in human form is OMNI-LOVE. OMNI- 


LOVE is a pure state of vibrational Frequency Co-Resonance between the human 
identity and the 12 Dimensions of reality within which the human anatomy is 
couched. Omni-Love is expressed in human form as Christed Love or Christos 
Consciousness, the 12'"-Dimensional Love of the Maharic Level of Identity. 

Christos Love is a state of full Frequency Resonance with everything existing in 
the many universes contained within 12 Dimensions of the 
15-Dimensional System. It is a transcendent love that is attached to no thing but is 
AT ONE with ALL THINGS in a state of perpetual Engaged Detachment. Through 
Christos-Omni Love, the SELF is known as an extension of God, or the Divine 
Source; a temporary mask of form worn by the ONE CONSCIOUSNESS of the 
Cosmos. All things and beings are known as simultaneous expressions of the 
ONE-SELF that is God-Source. From this state of transcendence in love, alll activity is 
understood to exist within the reality of LOVE, and all conflict and strife are viewed 
as the ONE-SELF progressively expanding the ability of its expressions to carry 
the frequencies of energy that constitute ONE-LOVE, a state of total vibrational 
Frequency Co-resonance with the Cosmos. 

Activation of the full 12-Strand Silicate Matrix DNA Template and full integration of 
the Mahara Hova Body Avatar Identity allows for the experiential embodiment and 
transmission of Christos-Omni-Love. Embodiment of Omni-love is the goal toward 
which human evolution moves forth. Omni-Love is Soft, Tough, and Enduring, 
honoring Self , Other and the Divine simultaneously. It is the strongest healing 
force of frequency in the 4 Harmonics of Matter Density. Christos-Omni-Love is the 
fulfillment of the Christos Principle. Strive to bring Omni-love into your life, and 
personal and client healing facilitation, and you will assist your higher identity levels to 
create transformation! Omni-Love is the natural structure of reality. AWARENESS of 
Omni-Love is cultivated through intention and appropriate use of personal fret will 
choice in congruence with the natural Laws of the Unified Field Physics of 
Consciousness and Creation. 


Through living ta Omui-Love all moments are knowin as 
Sacred, all beings are known at Glesced and life 
Cecomes an ecdtatic ttudy in Reverence for Exiotence. 
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Postures of LOVE |= 


| KIND, NURTURING, GENTLE 
















| 2. TOUGH LOVE 
| KIND, NURTURING, ASSERTIVE 





| 3. SELF LOVE 
| HONORING THE DIVINITY WITHIN 
| SELF 





| 4. OMNI-LOVE 
| HONORING THE DIVINITY WITHIN ALL 
i Namaste’ 


> Omni-Love is the fulfillment of the Christos Principle, the 
= goal toward which human evolution moves forth through 

progressive activation of the 12-Strand Silicate Matrix 
DNA Template and embodiment of the Avatar Identity. 
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OMNLLOVE EXERCISE TO AMPLIFY HEALING FACILITATION 


= =iRCISI= 


The MAHARA SPACE-COMFORT TOUCH 
1. EXHALE Hierophant Symbol from behind forehead, down Central Body Current, into Earth's 
Core (Chakra 13), then INHALE Hierophant back up to your Maharic Shield 12” below feet 
Spin Hierophant to activate Maharic Shield and Maharic Seal Pillar. INHALE energy up from 
your Maharic Shield into your Doradic Sphere at Chakra 4. 


2. Breathe slowly and deeply while visualizing a small faceted Crystal Sphere in the center of 
your Doradic Sphere at Chakra 4. This is the Holographic Crystal Sphere; it represents the 
Station of your inner AVATAR identity - this is the MAHARA SPACE. Focus your 
Consciousness within the Holographic Sphere and feel its reality around you, as if your body is 
encased within the Holographic Sphere. 


3. Observe the interior of the Sphere as a pale Silver-White mist. Within the mist now envision a 
golden treasure chest- a treasure you had left for yourself long ago to one-day reclaim. This 
represents your Inner Arc of the Covenant — a doorway fo reclaiming your ancient immortal 
heritage. Mentally command the lid of your inner Arc of the Covenant to lift. As the lid rises 
pale rainbow colored light fills the interior of your Holographic Sphere. Notice now that within 
the golden box there is a gleaming Silver Sword, the Silver Rod of Power that will enable you 
to more quickly evolve to your eternal state of being. 


4, Mentally make the Silver Sword rise from the golden box, floating above the box in a vertical 
position. Now call to mind the image of your body as i sits within the physical room. Imagine 
the Silver Sword positioned above the body's head, directly over Chakra 7. EXHALE and 
steadily lower the Silver Sword through the 7” Chakra and down the Central Body Current, 
through the Maharic Shield and down into Earth’s core. Observe the Silver Sword turn into a 
Pillar of Pale Silver Light with pale rainbow colors flashing through it. The Rainbow Pillar now 
surrounds and runs through your body, raising its frequency while lowering its vibration, lifing 
your body cells into a less-dense state of matter. Feel your body growing lighter and lighter 
as the Rainbow Pillar slows the spin-rate of your matter particles, making you more and more 
electric- more light 


5. As you feel the sensations of your density lessening, imagine that your body is beginning to 
glow with Pale Silver light — the Pre-matter Liquid Light of dimensions 10, 11 and 12. Feel 
the features of your face and the contours of your body begin to melt into a Silver, 

2 -dimensional fluid body form. The form of the body still remains but it has been retumed 
to its first-density state- the Silver Liquid Light holographic form of the avatar identity. 
Know yourself now as this avatar identity and feel the essence of pure love and eternity flow 
through you. Know yourself as this essence of Divine Love and Eternal Light 


6. Now INHALE and draw the Rainbow Pillar into the Holographic Sphere at Chakra 4, 
visualize the base pulling up from Earth's core and the portion above your head simultaneously 
contracting into the Holographic Sphere. EXHALE the energy of the Rainbow Pillar fully into 
the Holographic Sphere and observe the Holographic Sphere become a radiant Silver ball 
of Liquid Light stationed with your Doradic Sphere in the Heart Chakra. 
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EXERCISE: Continued 
THE MAHARA SPACE-COMFORT TOUCH 


7. You may now transmit the frequencies of the 4%.Harmonic, dimensions 10, 11 and 12, to 
serve as a healing force for others. You may transmit this energy into your environment 
directly through the 4 Heart Chakra, where it will enter the Unified Field at the 4th 
Dimensional astral plane. You may use the breath to move the Holographic Sphere down into 
the 3"! Chakra for 3°-Dimensional transmission into the Earth's atmosphere and the Mental 

Body levels of people's Bio-energetic field. You may transmit through Chakra 2 into the 
Telluric or Elemental Kingdom of the planet and into people's 2-Dimensonal Emotional 
bodies. Or you may transmit the frequencies of the Silver Sword through the 1** Base Chakra, 
for sacred bonding in intimate relationship, or to raise the frequency and lower the vibration of 
the molecular and sub-atomic fields around you. To transmit the frequencies of the Silver 
Sword through the chakras, simply use the EXHALE breath to move the Silver Light “charged” 
Holographic Sphere down to lower chakras, inhale and use the next EXHALE to push the 
frequency outward from the selected chakra into the environment. Use the INHALE breath to 
move the Holographic Sphere up through the chakra system. Always move the Holographic 
Sphere up or down along the Central Body Current, to which the core of each chakra is 
attached. 


8. You may also transmit the frequencies of the Silver Sword through APPLIED TOUCH - 
THE COMFORT TOUCH -to amplify specific healing facilitation functions and to establish a 
more harmonious rapport with other people and the nature kingdoms. Simply visualize the 
Silver Liquid-Light charged Holographic Sphere at the center of your Doradic Sphere in the 
4* Chakra. Activate your Doradic-1 current via the Maharic Shield and Seal, then visualize 

the Silver Liquid Light from the Holographic Sphere combining with the Green-Violet-Silver 

Doradic-1 current as you EXHALE the current into the Doradic Cords in the arms and into the 

Doradic Balls in the palms. This application is especially useful to help Clients relax during 

sessions, or to comfort others when they are in a state of stress, unbalance or iliness. 

Once your current is moving into the Doradic Balls, EXHALE the current through the Right 
palm. Place the Right palm gentle and briefly over the Client's rear Chakra 2, or touch them 
gently on the left shoulder. The amplified Doradic-1 current will move into the 4-Dimensional 
astral-body field, and move its way into the mental, emotional and physical bodies from there. 
ine COMFORT TO P VIARAR PE B to infants i Oe! 


1 OF the WIARARA SPA an De applied te : nicren, © 
persons, animals and plants to comfort them and support their general well-being. 
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PROFESSIONAL USE OF THE KATHARA BIO-SPIRITUAL HEALING SYSTEM PROGRAM - 
THE KATHARA ALLIANCE 


The Kathara System introduced in The Kathara Bio-Spiritual Healing System ™ Level 1 
Workshop & Course Manual with Introduction to The Kathara Bio-Healing System™ Level 2 
is destined to become a 12-level program that is focused on “whole-being healing through 
progressive biological and spiritual awakening”. Kathara is as much a course on (non- 
denominational, dogma-free) Spiritual Integration Mechanics as it is a Holistic Healing course. 


An individual completing training in the Kathara Level-1 Bio-spiritual Healing System delivered 
by a Certified Kathara Alliance Instructor, will receive a Certificate of Completion, which 
recognizes the person named as attending and receiving training in the Kathara Level One Bio- 
Spiritual Healing System. 


lf you desire to practise the Kathara Bio-Spiritual Healing System™ in a regular, professional 
capacity through Client Service, you may use the techniques provided within this Kathara Healing 
Manual to begin. Prior to professional use, it is suggested that one becomes a Certified member of 
the Kathara Alliance through the Azurite Press MCEO (World-wide Consulate) and its 
appointed representatives. 


The Kathara Alliance is a group of dedicated spiritual healing Practitioners and Instructors who 
have demonstrated a thorough understanding of the Theory and Practice of the Kathara Bio- 
Spiritual Healing System™ and the Maharic Recoding Process, as deemed necessary by the 
Azurite Press for professionalism in the practice of Spiritual Healing Facilitation and Instruction. 


All members of the Kathara Alliance are Certified Kathara Healing Practitioners and 
Instructors, and are permitted to practice Kathara Healing facilitation as SPIRITUAL SERVICE. 
For the protection of both Client and Practitioner, as well as the ethics inherent to the Teachings 
themselves, Kathara Healing is to be promoted, explained and practiced as a non-diagnostic 
spiritual healing enhancement service only and not as a replacement for traditional medical 
diagnosis or treatment. 


Certification in the Kathara Alliance as an Independent Spiritual Healing Practitioner and 
Instructor of the Kathara Bio-Spiritual Healing System™ requires formal application, including a 
written open-book examination and video presentation by the applicant. The examination is 
intended to reveal areas in which applicants may need to further strengthen understanding of and 
personal relationship to the practice of Kathara Healing Facilitation and Instruction within the 
parameters of Excellence recognized as intrinsic by the Azurite Press MCEO. 


All Instructors and Practitioners must be CERTIFIED to conduct public presentation of 
copyright materials contained in this, the authorized Kathara Bio-Spiritual Healing System Manual. 
To uphold standards of Professionalism and Excellence in practice, the Azurite Press MCEO 
cannot recognize Non-Registered Facilitators or Instructors as active participants in the 
Kathara Bio-Spiritual Healing System Program. Obviously, non-certified Facilitators may use 
this program and its applications for their own personal and spiritual enrichment. The Azurite 
Press MCEO authorizes only Certified Practitioners and Instructors to professionally conduct 
Client Sessions, 
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With regards to teaching the program there is a distinction between ‘Teaching’ and ‘Sharing’. 
Teaching is defined as formal presentation of the materials (following protocols described in the 
Kathara Bio-Spiritual Healing System™ Manual and communications to Kathara Alliance 
applicants and members) in the form of a seminar’ workshop and payment is made by attendees. 
To teach the Kathara Bio-Spiritual Healing System™ , one needs to be a member of the Kathara 
Alliance. ‘Sharing’ is defined as leading a study group where attendees are not expected to pay (it 
would not be inappropriate to accept small donations if offered). To share one does not need to be 
a member of the Kathara Alliance but group size should be limited to less than 12. 


Within the Kathara Bio-Spiritual Healing System™ there are specific pages for Kathara Alliance 
Instructors to use in their classes. The Instructors pages are identified by having a number at the 
top of the page (as well as the regular number at the bottom). These are the only pages that can 
be photocopied for teaching purposes. Only certified Kathara Alliance members (or a Kathara 
Alliance applicant who is delivering and recording a workshop for assessment purposes) are 
authorized to photocopy these pages. 


The easy-reference Instructor's pages need to be sequenced in the order denoted by the number 
at the top of the page. These pages have been carefully sequenced to facilitate delivery and 
learning of the materials. Learners’ needs, including varying learning style preferences, were very 
much considered when preparing the text and visual presentation of these teaching materials. In 
terms of frequency, the learning process can be described as when previously dormant Scalar 
Standing Waves in the personal shields are stimulated and activate(‘switch on’). As frequency is 
accreted (by progressive exposure to, and interaction with, the materials) the scalar waves in the 
personal shield self —sustain (we would say the person has ‘learned’ the material). The specific 
sequence of the pages are pre-set to create optimum frequency accretion in the personal shields of 
learners even if this is not immediately perceived or understood by the learner. Therefore it is 
imperative that these pages are used in the delivery of this program and the instructor remains true 
to the given sequence. 


As Independent Spiritual Healing Facilitators and Instructors, all Certified Facilitators and 
Instructors are expected to accept full personal responsibility and legal liability for the practice and 
application of the Kathara Bio-Spiritual Healing System™. Certified Facilitators-Instructors are 
not required to pay dues, royalties or revenues to the Kathara Alliance/APMCEO for use of this 
program other than the cost of initial personal Training-Registration and obtaining supplies of 
Session Manuals, Certificates and Registration Examinations for the professional !nstruction- 
Certification of others. 
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THE KATHARA ALLIANCE CERTIFICATION AND COMPETENCY REQUIREMENTS 


The Certification Program is designed to enable the applicant to fully demonstrate his/her 
understanding of the material in a way that maintains the level of integrity and purity of the Program 
desired of the Kathara Alliance. This also ensures the Student attains a desired level of 
understanding in taking the workshop. The requirements of Certification are designed to protect 
the integrity of the material, those who participate with it, and the rights and responsibilities of all 
concerned. 


Certified Kathara Practitioners and Instructors must not only be knowledgeable in the practice and 
teaching of Kathara, but are also asked to commit to the behavioral guidelines originating from the 
Covenant of Regent Consulate of the Melchizedek Cloister Emerald Order (MCEO). In this way 
those seeking out a Kathara practitioner can reasonably expect the highest integrity in both the 
teachings and in the individuals with whom they are relating. 


Certified Kathara Alliance members are in no way affiliated with the MCEO Vehicle, the Azurite 
Press and should at no time state or imply such representation. Kathara Alliance members are 
independent Practitioners who offer local, community-based Kathara Healing Level courses and 
facilitation for individuals. 


PLEASE NOTE: The APMCEO & Kathara Alliance reserve the right to revoke any Kathara 
Alliance Certification and Rights of Association of Certified Facilitator-Instructors for any reasons 
of: Misuse, misrepresentation and false claims pertaining to this Kathara Program; inappropriate 
treatment of APMCEO staff, clients or participants in Kathara Healing Programs; dishonest or 
unethical behavior and practices, and racial, gender, or religious discrimination of clients and 
participants or Kathara Alliance Members. 


For further information on the Kathara Alliance certification process visit our website at 
http://www. azuritepress.com/kathara/kathara_application_proceedures. html or contact 


In the U.S. and Canada: Sandy Sayles, 8527 Cool Water Ct., Antelope, CA 95843 - email - 


siepearl@comcast.net OR Melissa Fathman, 855 W. Dillon Rd, Apt. H306 - Louisville, CO 80027 - 
email - mfathman@yahoo.com 


Rest of World Office: Hilary Lyons 341A Green Lanes, Palmers Green, London N13 4TY, U.K. 
hilary.lyons@virgin.net 07970770404 
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Before Client Arrives: Technique # 1- Activate Your Mentor. Conduct Mahara- 
Space-Comforf Touch Exercise and remote-request permission from client's Rishi 
identity level to apply Comfort Touch when client arrives. Create a calm, pleasant 

environment where you will not be interrupted by phone or other distractions. 
Optional: Sing 3 ro 
healing and DNA Temr : 2 
When Client Arrives: Apply Comfort Touch if Rishi gave remote permission. Sit with 
Client and review terms of the Client Agreement Form and secure client's signature 
on form. Offer client the option of audio-taping the session for client's at-home 


i's 






























Recoding Session 
Light Cleanse fo sea/ 





1. Technique # 2-The Maharic Seal and the Liquid 
and align personal bio-fields. 





2. Sequence-1 Kathara Points massage- first your points, then client's 
points, to open Kathara Lines. 


3. Technique # 3- Opening the Healing Channels to activate your Doradic- 
Phase-1 healing current and Technique # 4- Amplifying Inner-Audio-Visual 
and Kathara Scan to locate miasms for healing in client's Kathara Grid. 


4, Technique # 5- The Maharic Infusion to activate client's Maharic Shield 
and Seal, recode client's Kathara Grid to the Maharic Shield and clear 
miasmic buildups. 







5. Optional: Apply light touch-massage to miasmic areas, or employ other 
healing therapeutics after Maharic Infusion. 


6. Sequence-2 Kathara Points massage on client to revitalize outer body 
systems and close Kathara Lines. Allow client to rest a few minutes before 
leaving. Answer any client questions and allow time for client to discuss 
erience if desired. 















When Client Leaves: To ensure clear bio-fields, while Doradic-1 Current is still 
running, draw energy up from Earth's Maharic Shield and run Maharic Current 
through your Kathara Grid and body, up to Chakra-14 and back down to Chakra-1 3, 
then push a Pillar of Silver Light out of Chakra-4 and EXHALE it to release it around 
body into auric field. Next massage your Sequence-2 Kathara Points to revitalize 
bio-field systems and close Kathara Lines. 
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GENERAL KATHARA KEALING FIELD 


3K Activation of any Triadic Healing Current 


ae 


requires temporary release of corresponding 
Signet Star Crystal Seals in the Kathara Level-2 
Crystal Seals Grid. 


Maharic 12'"-Dimensional Frequency is required 
fo manually release the Signet Star Crystal 
Seals to activate Triadic Healing Currents. 
Kathara Healing utilizes Maharic Frequency to 
activate interdimensional Triadic Healing 
Currents for more powerful healing support. 


Most healing systems have not used Maharic 
Current because the Planetary Templar 
Complex could not run 12#-Dimensional Maharic 


‘Frequency for over 200,000 years, until January 


2000. 


Release of the Signet Seals also activates 
dormant Strands in the DNA Template and 
releases the Cranial-Sacral Seals on the 
Kundalini Energies. Kathara Healing represents 
advanced, 12-Dimensional Kundalini Healing. 
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Triadic Phase Currents are activated in the body 
by using Maharic Frequency from the PBIS to 
release the Signet Seals of the Internal Templar 
Complex, which allows higher dimensional 
frequency to run through the physical body 
system for transmission. 


Triadic Phase Currents are composed of 3 
interwoven frequencies, the Maharic 
Frequency, plus.a chosen dimensional 
frequency and its corresponding frequency from 
one Harmonic up. 


. Triadic Phase Currents are directed by their 


corresponding Color Cap Stone, the.Primary 
Wave Length of the dimensional frequency band 
from which the current is drawn. Kathara Level-4 
activates the 1st Triadic Phase Current, the 
Silver (D-12) + Green (D-4) + Violet (D-7) 
DORADIC PHASE-1 Current. 


Doradic Current is activated through the Maharic 
Shield, then collected in the 4t Chakra 
DORADIC SPHERE, projected down the 
DORADIC CORDS in the arms and into the 
DORADIC BALLS in the Palm Chakras for 
DIRECT INDUCTION of frequency transmission in 
healing facilitation. 
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ja he Palm Chakras are Secondary Chakras 


located in the Palms of the Hands. Like all 
Chakras, they function as Black-White Hole Sets 
for transmitting and receiving energy between 
the personal Manifestation Template and the 
dimensional Unified Fields of energy. 


The Palm Chakras are double vortices of energy, 
with one spiral exiting the Palm and its 
corresponding spiral exiting the back of the 
hand. The 2 Spirals of the Palm Chakras are 
linked by a Crystal Seal at the center point where 
the 2 vortices meet. In one Palm Chakra, one 
spiral rotates clock-wise, is Base Electrical and 
transmits energy out of body, and the other spiral 
rotates counter-clock-wise, is Base Magnetic 
and draws energy into body. 


In Level-1Kathara Healing the RIGHT PALM is 
the TRANSMITTING HAND and the LEFT PALM 
is the RECEIVING HAND. For transmission, the 
Standard Hand Position is LEFT Palm placed 
over the back of the RIGHT HAND for pure 
transmission and control of specific frequency 
transmitted from the RIGHT PALM. 


The RIGHT PALM is BASE ELECTRICAL, the 
LEFT PALM is BASE MAGNETIC, but both have 
subtle electro-magnetic capacity. 
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Thi KARMICMIASINIG IMPRINT 


To enter manifestation in time, identity enters 
cycles of SIMULTANEOUS INCARNATION 
within the 4 Harmonics of Matter Density in 12- 
Dimensions of the 15-Dimensional Time Matrix. 
The PRIMAL ORDER Scalar-wave Template 
through which an identity enters time is the 
Density-5 (dimensions 13, 14 and 15) RISHIC 
SHIELD 


x he Rishic Shield holds in the Time Matrix the 





identity of the Family of Consciousness from 
which incarnates emerge. The Scalar Patterns of 
the Rishic Shield represent the tangible “DIVINE 
RIGHT ORDER?” in energy and consciousness, for 
each incarnate manifesting from it. The individual 
identity must realign its Manifestation Template 
with this Primal Order to become free from the 
Time Matrix in full Ascension. 


“x |he Density-4 Pre-Matter Hydro-plasmic 





MAHARIC SHIELD (Dimensions 10, 11 and 12) is 
the Scalar Template through which identity 
manifests in the lower-dimensional Densities and 
which connects the individual incarnate to its 
Rishic Shield. The Maharic Shield is often called 
the PERSONAL CHRISTOS Template, and it 
holds the consciousness and Perfect Primal 
Order for all incarnations of an identity in time. 
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“Karma” is the result of Free Will choices made 
by incarnates that involve using personal 
energies in ways incongruent with the natural 
Laws of Universal Unified Field Physics and the 
Primal Order of the Christos Template. Karma 
creates scalar-wave distortions within the Scalar 
Shields of personal 15-Dimensional Anatomy that 
manifest physically as energetic clusters called 
MIASMS. 


Miasms are unintended groups of anti-particles 
lodged within the particle field of the personal 
Manifestation Template that block and impede 
the natural flow of energy and consciousness 
into embodiment. Miasms, and the misshapen 
scalar-wave distortions that form them, are the 
cause of ALL disease and dis-harmonic 
conditions. 


= Health and Harmonious flow of energy are the 


natural conditions of human design. The 
Maharic Shield Personal Christos Template 
holds the Organic Imprint for Health for all 
simultaneous incarnates of an identity, and can 
therefore be used to clear the Karmic-Miasmic 
Imprint from the personal Manifestation Template 
to progressively restore Healthful Primal Order. 
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+e Miasms from all simultaneous incarnations 
manifest within the personal Manifestation 
Template and within the DNA Template of each, 
where they become literal genetic distortions. 


»& Each of an identity’s incarnates in various time 
cycles represents one TIME VECTOR, which is 
encoded in the Vector Codes of the DNA 
Template. Karmic-Miasmic bleed-through occurs 
between incarnates from different concurrent 
time cycles through the living link of scalar 
frequency that exists between the DNA 
Templates of simultaneous incarnations. 


3 The Karmic-Miasmic Imprint does not have to be 
suffered and cleared the “old fashioned way” by 
“walking through the Karma in physical reality’. 
The Miasmic Imprint can be cleared as energy, 
with energy, to prevent its manifestation in 
physical terms via realignment of the DNA 
Template with the personal Maharic Shield. 


ye Any given incarnate can clear the Karmic-Miasmic 
Imprint by realigning the personal Manifestation 
Template with the shared Christos Template 
Maharic Shield. This process is called MULTI- 
VECTOR HOLOGRAPHIC RECODING, which 
creates BIO-REGENESIS of the original 12-Strand 
Silicate Matrix DNA Template of human design 
and restoration of the Organic Imprint for Health. 
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ANIMTUDES AND ETIQUETTE IN HEALING 


$y HOlographic Recoding and clearing the Karmic- 
Miasmic Imprint from the personal Man ifestation 
Template begins with activation of the Maharic 
Shield and Seal in the bio-energetic field and 
progressive running of 12'-Dimensional Maharic 
Frequency from the Personal and Planetary 
Maharic Shields through the 3 Primary Levels of 
the embodied Kathara Grid; the Level-1 12-Tree 
Grid, Level-2 Crystal Seals Grid and Level-3 
Diodic Points Grid. 
5a Personal Holographic Recoding begins with 
consistent use of Technique # 2- The Maharic 
Seal and the Liquid Light Cleanse, and is further 
accelerated by facilitating Maharic Recoding in 
others through running the Triadic Phase 
Currents for Co-generative Healing. 


4a One can facilitate healing in others and amplify 
personal healing through the using 
Technique # 5- The Maharic Infusion. 


The Maharic Recoding Session utilizes the 
combined Bio-Regenesis Techniques presented 
in Level-1 Kathara Healing to facilitate Client 
Healing Sessions. 
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Professionalism in Healing Facilitation requires an 
understanding of the Postures of Love and a 
willingness to cultivate the ability to hold and 
transmit OMNI-LOVE, honoring the Divinity of 
ALL things and beings. 


The Primary Postures of Love are SOFT LOVE, 


TOUGH LOVE, SELF LOVE and OMNI-LOVE. 


The emotionally €xperienced.quality called LOVE 
is a REALITY IN ENERGY PHYSICS. LOVE isa 
STATE OF VIBRATIONAL FREQUENCY CO- 
RESONANCE that allows free flow of energy 
between consciousness within the Universal 
Unified Field. 


eS The human 12-Strand DNA Template was 


designed to allow 12-Dimensions of Vibrational 
Co-Resonance, the Christos Consciousness of 
the Maharic Shield, to embody in human form. 
CHRISTOS-OMNI-LOVE is Vibrational Co- 
Resonance with all that exists within 12 
Dimensions of the Time Matrix: its embodiment is 
the primary goal toward which human evolution 
progresses, 


Me Christos-OMNI-LOVE is the strongest healing 


frequency available within the Densities of Space, 
Time and Matter, and is essential for effective 
Healing Facilitation and personal Ascension, 
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Mahara-Merkabic Master Key Healing- 
Manifesting the Blueprint For Health 


Primal Currents, the DNA Sub-Strand Matrix, Merkaba, Psonns, the Trinity Keys 
and Photo-Dynamic Manifesting 


SPIRITUAL INTEGRATION 


PRIMAL LIFE FORCE CURRENTS-The Kundalini- 
Antahkahrana, Maharata, Kee-Ra-ShA & Khundaray 


DNA SUB-STRAND MATRIX, FIRE LETTERS, PSONNS & 
THE TRIBAL SHIELD 


MERKABA &THE SALUTATIONS 


2 MASTERS KUNDALINI ACTIVATIONS-The Emerald & 
Amethyst Awakenings . 


UNIVERSAL TRINTIY KEYS & MERKABA KEY CODES 


MAHARA MANIFESTING,DNA, KATHARA & PSONNS 
TECHINI@UESs 

TECHNIQUE #6: The Maharic-24 Quick Seal 

TECHNIQUE #7: Ps-13 Tribal Shield Activation 

TECHNIQUE #8: Merkaba Salutations 

TECHNIQUE #9: Merkaba Trinity Key Induction 

TECHNIQUE # 10: Photo-Radionic Manifesting 

TECHNIQUE # 11: Photo-Sonic Manifesting 

TECHNIQUE # 12: Kee-Ra-ShA Activation Sequence-Awakening the Flame 


* * KKK 
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Sacred Sciences of the Mu’a Grail Line- 
Tools of the Trade 


The Maharata- Universal Life Force Currents, Kundalini, 
Antahkarana, Maharata, Kee-Ra-Shay, Khundaray and the Maharic 
Seal. 


Field Technique-1: Maharic Quick Seal 


The Tribal Shield and Cue Zones- DNA, Fire Letters, the Sacred 
Psonns and Cue Zones 


Field Technique-2: Tribal Shield-Cue Zone Activation 


The Sacred Salutations- Electrical & Magentic Merkaba Activation 
Field Technique-3: Sacred Salutations- Merkaba Tone Dancing 


Expediting Spiritual Actualization - Tribal Shield Activation, 
Emerald and Amethyst Awakening Masters Kundalini Activations, 


DNA Template Bio-Regenesis, Master Key Codes, Melchizedek 
Cloister Ordinations 
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The Maharata 















Universal Life Force Currents 
“Khundaray- Three levels, 
Primal Sound Field Currents 
form Energy Matrix. Eckatic, 
Polaric and Triadic Currents of 


> A Dimension is a full Frequency Band 











OF repeated sequence of “flashi 
Standing Sound Vibration. of scalar standing sh points win a “) x 
*Kee-Ra-ShA’- Three levels, morphogenetic field, 










Primal Light Field Currents 
emanating from Primal Sound 
Fields form First-Cause 
Ante-maiter Density Dimensional 
Light Field of the Time Matrix. 
Eckatic-Blue Flame-D-13 
(Primal Ray from which the 

2 other Primal Rays emerge). 
Pe'+ric-Gold Flame-D-14 

Ti _ic-Violet Flame-D-15 
*Maharata- Three levels 

of frequency, D-10, D-11 and 
D-12, interwoven together to 
form the D-12 Omni-Polar 
Universal Christos Field of 
Pre-matter Density 
Hydroplasmic Liquid Light. 
*Antahkarana- 9 levels 

of polarized electro-magnetic 
energy frequency that form 

3 currents of 3-dimensional 
energy called the Universal 
Kundalini, which form lower- 
frequency dimensions 1-9, 
creating Etheric, Semi-Etheric, 
Gross-physical Matter Densities. 
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ENERGY MATRIX 







within which TIME es 
n create 
MATRICES reside. pec 
between 
Harmonic 
Universes 





All things in manifest existence 
are perpetually fed energy and 
consciousness, in the form of 
interdimensional frequency, 
via the Universal Life Force 
Currents. 
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Universal Life Force Currents and the 
Embodied Kathara Grid Core Template 
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(12) Electrical (“Male”) Merkaba Spirals 
Spin Currents CW down from Unified Field, 
into body and out into Earth body. 


Pineal onal) A: 
2/0): Cm 






at center of brain 


#9& #10-The Shar 
In brain 
behind ears 


# 8 — Spark of Orion 
In Thyroid Gland 
al 8" Chakra 


#6& #7-The Wings 
In shoulder indents 


through to back. 
#5 —Seat of Amenti 
Al Navel in 
Central Body Current 


#38 #4-The Dal 
+ male: Ureters 



















Cranial-Sacral 
(| Kundalini Seals 






Tail Bone 


antes || IN 


D-1-9 
Q Tt <.. & 
~ Ay 
NG The Kee-Ra-ShA (D-13-14-15) 










male: Prostate Gland 
female: Vagina 


# 1 — Earth Core 
at center of Earth 
in 13" Chakra 
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= Primal Light Field Current. 

‘} } Embodies with activation of 
XX V) 24-Strand-Plus Indigo Child 


* Maji Grail Line DNA Template 





— WAND JeaIaA jeaua 









Universal Life Force Currents enter the 
body via Merkaba Fields, Kathara Grid 
Core Template, DNA Template and 
Central Vertical Current, through 
progressive activation of the 12-Strand 
DNA Template. Embodied Life Force 
Currents are regulated by the Cranial- 
Sacral Seals located in the Pineal Gland 
at brain'Center and in the First 8 Cells in 
the Tail Bone at the base of the Spine. 


cf > \) 
agnetic (“Female”) Merkaba Spirals 4 
Spin Currents CCW up from Earth body, pf fh 
into body and out into Unified Field. | 
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Pre-matter Liquid Light RA Nahai etic belo 
“Christos Platinum Ray* PLANETARY MAHARIC SHIELD 
Embodies with activation of 
12-Strand DNA Template 
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Universal Life Force Currents and 
Level-2 Kathara Crystal Seals Grid & Chakras 
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“| (‘Hova" means Tri-tonal Scalar Grid) 
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¢] (Subconscious, instinctual & Reasoning Mi 

8 2. Aiphi Hova — HU-2 Soul Matrix - Doradic Body 

1 (Astral, Archetype & Angelic Minds) 

#4 3. Betcha Hove -HU-3 OverSoul Matrix — Metatranic Body 
Al (Ketheric, Monadic & Kertatric Minds) 

“| 4. Mahara Hove — HU-4 Avatar ID - Hydronic Body 
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Universal Life Force Currents form and sustain the 
“Auric Field” Levels of 15-Dimensional Human Anatomy 


——_ Auric Level, Chakra and Hova Body Correspondences 





a 






Chakras draw energy in from, and i Each Chakra corresponds to a level 
transmit energy into, the Unified Fields eae of the Auric Field and one 

of each Dimension. Each Chakra Axi-A-Tonal Line. Each Hova Body 
carries as its Primary Color the hue : | corresponds to a set of 3 Chakras and 
associated with the wave-length of the MV contains 3 dimensionalized fr 
dimensional frequency band to which ye bands that form the dimensional levels 
the Chakra corresponds. ods 
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Universal Life Force Currents and the 
Embodied Shields, Signets and Kathara Grid 


Hova Bodies are spherical 
scalar wave grids that form 
tissue capsules between 
each 3-Dimensional Harmonic 
of Manifestation. 

Signets are the core points 
of consolidated frequency 
that hold the programs for 
the Scalar grid SHIELDS 
upon which the Hova Bodies 
manifest. 


‘The Signets and'the Shields | | Kathara Grid, DNA, 

are the core of Kathara. Chakras, Auric Levels & 

Level-2 Crystal Seals Grid | body, natural awakening |. 
|| of the dormant Scalar 
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each with 3 SIGNETS 
and correspondence 
to the Kathara Centers 
of the Level-1 12-Tree 








The Silicate Matrix 12 Strand DNA 
Correspondences to Subtle Body Anatomy| _ ~~ 


Silicate Matrix 12-Strand DNA 
Primary Correspondences to Subtle Body Anatomy. 


“~~ _| Primary 


ESTE ES 
4 


DNA Dimension _ Axi-A-Tonal Chakra & Auric Field 


Strand # # Line Seed Crystal Seal Level 
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1 1 
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Etheric Body 
Emotional Body 
Mental Body 


ALPHI HOVA BODY - DORADIC SHIELD 


4 4 4 Astral Body 
5 5 5 Archetype Body 
6 6 6 Angelic Body 


BETCHA HOVA BODY - TEURIC SHIELD 


Ketheric Body 
Monadic Body 
Keriatric Body 
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the dimension of consciousness contained in each 
Auric Field Level prog?é$sively embodies. 
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Universal Life Force Currents and DNA Template Fire Letter Sequences 
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| Progressive activation of . 
dormant 12-48 Strand DNA 
Template creates activation 
of corresponding Universal 
Life Force Currents in body. 
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The Kee-Ra-ShA (D-13-14-15) 
Primal Light Field Current. 
Embodies with activation of 
24-Strand-Plus Indigo Child 







ckatic "Blue Flame” Sound Field 
Poiaric “Gold Flame” Sound Field 


"Ft riadic “Violet Flame” Sound Fie 









3 Levels of Identity 

focused in the Energy 
Matrix. 3 levels of the 
Energy Matrix hold 18 
Fire Letter Sequences 








he Maharata (D-12 Christos 


Le Pre-matter Liquid Light 


Becca “Platinum Ray" Embodies 
Flelde _with activation of 12-Strand 


Angelic Human DNA Template 






B The Oraphim genetic imprint of the Indigo Children allows more rapid re-assembly 
of the 48 DNA Fire Letters/ scalar-wave grids, creating the potential to embody the 
1 Avatar identity and open the consciousness to Ascended Master identity Levels. 

i Indigo Children are Avatars and Ascended Masters waiting to awaken. 


All Angelic Humans possess a minimum of 12-Strand DNA potential through which activation of 
the Maharata Current and embodiment of the D-12 2igisted Avatar identity can take place. 
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The Reality of Spiritual Integration 


¢ Spiritual Actualization is as much a function of Divine Physics 
as it is a product of Divine Consciousness. The naturall Primal 
Order of Universal Structure sets the Templates of 
Manifestation to which consciousness must conform to enter 
the experience of manifest expression within a space-tinne-matter 
system. 


© The personal Christos Maharic Shield Manifestation Template 
and the Christos Tribal Shield Species Manifestation Template 
are microcosmic replicas of the macrocosmic Primal Order 
upon which Universal and Cosmic structure are built. 


* The Personal D-12 Christos Divine Blueprint Maharic Shield 
connects each Individual Christos self to the larger D-12 Christos 
Divine Blueprint of the Species. The D-12 Christos Divine 
Blueprint is called the TRIBAL SHIELD. 

* To understand the realities of personal Spiritual Integration and 
Actualization, in order to fulfill our personal life purpose, it is 
important to comprehend the basic Primal Order structures of 
energy, the personal D-12 Maharic Shield and the D-12 
Species Tribal Shields, through which our consciousnéss 
manifests in time. 

e The secrets to reclaiming the Divine Birthrights and 
Responsibilities of Angelic Human heritage are hidden within the 
realities of the Tribal Shield and the specific "Fire Letter . 
Sequences” of the Tribal Shield that manifest within and govern 
the function of the Angelic Human DNA Template. 


¢ The key to Spiritual Actualization is activation of the dormant 
personal 12-Strand DNA Template. The most rapid means of 
activating the dormant Angelic Human 12-Strand DNA Template is 
through activation of the Tribal Shield, the Species D-12 
Christos Divine Blueprint, which represents the CORE 
PROGRAMMING of the personal D-12 Maharic Shield. 
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The Silicate Matrix 12-Strand DNA Template with Hova Body, 


ity Level Correspondences ; 
The Morphogenetic Field Scalar-wave Template for the Original Human Genom 
Flame the Tribal Shield 
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12 FIRE CODES between Strands = 
t€) Emerald Kundalini Awakening releases Fire Codes 1 & 4 (A) Amethyst Kundalini Awakening releases Fire Codes 7,10 & 12 
(Giagram presents simple conceptualization of DNA Strand Template orientation, not actual sig 
geometrical arrangement of wave-form structure and observable strand interrelationship.) 
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Activating the Tribal Shield 


The 12-dimensional Tribal Shield is the dormant Species Divine 
Blueprint within the DNA Template core of the Angelic Human 
races of the 4 Evolutionary Rounds. The frequencies of energy 
and dimensions of consciousness of the 1728 simultaneous 
selves of the Personal Etemal Christos Identity can be activated 
in one incarnation through sequential activation of the Fire 
Letter Sequences or "Flame Codes’ of the Tribal Shield. 


The "Flame Code Fire Letters" within the DNA Template are the 
DNA Signet Codes that correspond to Earth's 12 Primary Star 
Gates and the Planetary Shields through which the planetary 
body manifests. The Flame Codes serve as the core foundation of 
the personal 12-Strand DNA Template. 


The DNA Template Flame Codes of the Tribal Shield allow for the 
Primal Life Force Currents of the Density-5 (dimensions 13-14- 
15) Kee-Ra-ShA Primal Light Fields and the Khundaray Primal 
Sound Fields from the Energy Matrix, beyond the 15-Dimensional 
Time Matrix, to embody more fully within the Angelic Human form. 


A Fire Letter is a fixed point of consolidated frequency that 
holds specific frequencies consciousness into manifest form. The 
Manifestation Templates or Divine Blueprints of all things 
manifest are built upon intricate patterns of interwoven Fire 
Letters called Fire Letter Sequences. The Flame Codes of the 
Angelic Human personal DNA Template and Species Tribal Shield 
are composed of the same Fire Letter Sequences that make up 
the Divine Blueprint of Earth's Planetary Shields. 


Activation of the Tribal Shield sets in motion simultaneous “firing” 
or activation of the 144 Fire Letters (12 Fire Letter Sequences) of 
the 12-Strand DNA Template, expediting the natural evolutionary 
process of Soul, Over-Soul and Christos Avatar Identity 
Integration, through progressively opening the "Trans-time DNA 
Template Star Gates". 


Activating the 12-Strand DNA Template allows the D-12 frequency 
of the Universal "Christos" Maharata Current to activate within 
and run through the Angelic Human DNA Template and into the 
Earth's Planetary Shields. Activation of the Maharata Current 
within groups of Angelic Humans on Earth allows for collective 
anchoring of the D-12 Planetary Christos Divine Blueprint, the 
Shield of Aramatena, to achieve fulfillment of Angelic Humanity's 
Sacred Commission of the Planetary2Christes Realignment 


Mission. 
223 


The Tribal Shield- Species D-12 Christos Divine Blueprint 


ic Human 12-Strand DNA Template contains 
6 Fie Latter Sequences from particie universe 12-Cycle 
plus 6 Fire Letter Sequences from anti-particle 12-Cycle 
= 12 Fire Letter Sequences or 144 Fire Letters from the 
Two Planetary 12-Cycies of the Cycie of the Rounds: 
(1 12-Cycle = 4 Evolutionary Rounds) 







The Tribal Shield connects our personal 
D-12 Maharic Shield Divine Christos 
Blueprint to the greater Christos Blueprint 
of the Angelic Human Species. 144 Fire 
Letters (12 Fire Letter Sequences) of the 
Tribal Shield make up the core program 


of the Human 12-Strand DNA Tempiate, 
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Round-2. 
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Time Cycles i Planetary 
Each of the 12 Planetary Time © in one 
12-Cycle of the "Cycle of the Rounds” has 72 Time Vectors. 


12-Cycle and 72 selves in the corresponding anti-particie 
Planetary 12-Cycie. 72 selves x 12 Planetary Time Cycles = 
864 selves per one Planetary 12 + 864 selves paralle| 
universe Planetary 12-Cycie = 1728 selves in Tribal Shield. 


Tribal Shield Activation Creates Cue Zones 
In Earth’s Planetary Shields. 


Cue Zones 
"Cue Zones" are locations on Earth where a small portion of 
Earth's D-12 Shield of Aramatena Christos Divine Blueprint has 
been re-set within Earth's Planetary Shields. During Stellar 
Activations Cycles, Cue Zones can be manually set by 
individuals or groups by running the D-12 Maharata Current, 
activating thé Tribal Shield to draw in the Khurerary Primal 
Sound frequencies, then singing the 12-Tribes Master Psonns 
Suffixes and running the tones through the body and feet and 
into Earth's Planetary Shields. After running the Master Psonns 
Suffixes, oné can then allow the "Song of the Christos Soul", 
the tones of the personal D-12 Maharic Shield (the “Elohei- 
Elohim Within") to run into the Planetary Shields. The personal 
Soul Song will create a "Back Song" transmission of frequency 
from Earth's Planetary Shields, a set of healing frequencies sent 
back to you in response to activating your Soul Song in Earth's 
Planetary Shields. Once’set, Cue Zones will rernain for a period of 
3.5 to § years, depending on strength of energy originally set. 
They can be recharged using the same "Setting" procedure to 
last indefinitely. 

Cue Zonés are "Safe zone" areas on the Planet that are 
protected from interdimensional interference. They can be used to 
amplify effects of energy-healing applications, to "charge" 
objects and substances with sub-harmonics of D-12 Christos 
frequency and when used with the personal Témporary Maharic 
Seal, to get clear, protected “meditation space" free from 
interdimensional interference. Cue Zones aré "keyed" to Earth's 
Planetary Templar “Cue Sites", the activation sites for Earth's 12 
Primary Star Gates, which exist on regions of Earth that 
correspond to the 12 Primary Star Gates of Inner Earth. 
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TECHNIQUES 6: THE MALARIC QUICK SEAL 


1 Work with a 24 pointed, 3 Dimensional Star (Heirophant) and be aware that you will be 
working with beings known as the Breneau Rishi is 


2 Begin by slowing your breathing , as you imagine or visualize a 24 point, 3 -Dimensional, 
Heirophant at the Pineal Giand in the center of your brain. Visualise the Heirophant 
Surrounded by a Pale Blue Sphere of Light. 


(The Blue Sphere serves as a buffer for your readiness to accept the frequencies 
associated with using the 24 pointed Star; the Blue Sphere holds the energy for you until 
your body can handle the energy. If you can handle it, the energy will simply pass 
through the blue sphere). 


3 INHALE, as if you are going to grab the blue sphere containing the 24 point star located 
at the Pineal, and on the EXHALE move the 24 point star/ blue sphere, all the way down 
to Earth's Core. Try to hear a sound tone as the Heirophant/ Sphere hits the Planetary 
Shield ... ' 


4 INHALE and draw the Heirophant/ sphere up to your Personal Maharic Shield 12" below 
your feet ... and EXHALE while watching the Pale Silver-Blue sphere expand out toa 
large sphere ... and watch as your Maharic Shield pop out as a disc, about 4' in diameter, 
Pale Silver with a light coating of Pale Blue. 


5 Bring your attention to the center of your Maharic Shield 12” below your feet ... and 
INHALE the 24 point Star (Only) up into the Heart Chakra. EXHALE, expanding the 
frequencies of the 24 point Star into the Heart Chakra. 


6 INHALE to grab the 24 point Star, and EXHALE, pushing the Star up into the 14” Chakra 
36” above the head. Imagine that the 24 point Star is spinning in a clockwise direction in 
the 14" Chakra. As you do this, try to feel/ sense the energy around you, just a few 
inches out from your body ... 


if Now, put your attention into your Maharic Shield 12" below your feet, take a couple of 
relaxing breaths and INHALE deeply pulling the Pale Silver and Blue energy up, as if you 
are pulling on your Maharic Seal to latch it on to your 14" Chakra. Try and feel the 
sensations just a few inches from your body now — feel the difference if you can. This 
procedure gives you a Quick Seal. 


8 Now envision the cord of Pale Silver Maharic Light that would normally come up with your 
Shield and focus on the Earth's Core. Begin drawing energy all the way up the 4" 
diameter cord and into the body. INHALE the energy up into the Heart Center, and 
expand it there. Begin to form a pale Silver ball of Maharic frequency. 


On each EXHALE send your energy down to the Earth's Core to bring up another load of 
Maharic frequency, up from the Planetary Shields, expand it into the Heart center and 
repeat several times. Notice that the Cord grows larger as you do this, expanding from 
approximately 4° to 6 to 8” diameter, until finally it feels like a skin around (as well as 
within) your body ... as you load your Astral field with Maharic Frequency. 


9 Move your attention to the Pale Silver ball you have created in your Heart Center, 
INHALE and move it up to the 14" Chakra 36" above your head .. as you do, feel for the 
sheath of Maharic Frequency encasing your etheric body, close to your skin. (This 
Maharic/ Christos skin charges, and Saturates, your etheric body — feel the peacefulness 
and all-knowing nature of this frequency). 
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Teenmique 73 Ps-13 Vrilbal Shield Activation 


The Master Key Tones 


* The 12-Tribes names were the audible-tone translations of the 
specific Fire Letter Sequences contained within the’ Tribal 
Shield DNA Templates of each Tribe. The tones of the Tribal 
names were used to activate the 144 Fire Letters of the Tribal 
Shield in the personal DNA Template, providing the Angelic 
Humans races with the ability to consciously regulate the 
activation level of their DNA Templates and Primal Life Force 
Currents. 

* The Sound-Tone Programs that are used to activate the DNA 
Template and Primal Life Force Currents are called "The Sacred 
Psonns". The Tribal name was the Master Psonn. In running the 
Rainbow Roundtables, the Signet Council Regents brought their 
Tribal Shield “Flame Codes" into activation by singing rounds of 
the Sacred Master Psonns. 

| The 12 Sacred Master Psonns 
for activating the 144 Fire Letters of the Tribal Shield Flame Codes in 
the 12-Strand DNA Template. 
Plus Master Tone Activation Suffix. 


12. A-reah-Azurta 6. Ramyana-Shridveta 
a- Rl-a-Zoor-ta- Rha rah mayahna shridvE'Da U 
11. Zephar-Duun-Atur 5. lonatu-Etillah 
ze-far-Doon a-Tur- Dha 1 O'Natoo etil’'a EU 
10. Ma’ah-hu-ta 4. Nuagu Hali 
Ma-a hoota- Khu Noo ah'goo ha'LE Ka 
8. Yun Zu-Xen 3. Amekasan-Etur 
Yu-Un Zoo-Zen KE aME'kasun etoo'r DO 
8. Chia Zhun Zan La-Yung 2. Maahali-Bruea 


ChE’ ah-Zoon Yan LA-Yoong’ OM Ma a ha'LE-BruU'A EL 


-Mahata-Agrah 1. Isutu-Esheau 
NE hah ta a'g-ra OE I sU'too E' shoo UR 
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1. 


Tribal Shield-Cue Zones Activation 
Creating a Cue Zone 
Choose location and activate a personal "Maharic Quick ° 
Seal" to “run the D-12 Maharata Current’ in your body. 


2. Once you can feel sensation of Maharata Current running, 


sing-tone 12-Tribes Master Psonns (names) for Tribe-12 and 
Tribe-1 to activate Tribal Shields Flame Codes in your DNA 
Template to run the "Rainbow Ray". Direct Pale Silver 
Maharata Current and Rainbow Ray pale color spectrum 
through body and out soles of feet into Earth's Planetary | 
Shields. Tone for a while to build critical mass of frequency. 


. Use a selected combination of 3 Master Psonns Suffixes and 


tone for a while, running sound through body and feet into 
Earth's grids. (avoid the Suffix combination of Tribe-4-7-10 
used in that sequence to avert present distortions in Earth's 
grids that run on this mathematical coding) 


- Allow the Christos Soul Song to emerge from you "free style" 


and send the tones into Earth's grids. 


When complete, sit quietly for a while and listen for the Earth's 
telepathically transmitted "Back Song", drawing its gentile 
frequencies into your body for healing. 


Close with singing several rounds of the 3 Master Psonns 
Suffixs that you opened with. The Cue Zone you have set will 
extend out from your position in a radius of about 5 yards and 
will last 3.5-5 years depending on strength of energy you used 
in setting the Cue Zone. 


- To amplify strength of Cue Zone you can use the "Merkaba 


_ Spin" just after closing. Remain in same position, stand, the 


gently spin, first clockwise (as if you are standing on a clock . 
face with the "6" in front of your feet, “3” at the left hand, "9" at 
the right and "12" directly behind you). Spin gently clockwise to 
bring electrical frequency down through your "top" Merkaba 
spiral. Then slow, stop and reverse spin to counterclock- 
wise, to activate "bottom" Merkaba spiral", drawing frequency 
up from Earth's grids. Personal Merkaba Activation will 
accelerate the frequencies of thé D-12 energies you set at the 
site, making the Cue Zone stronger and more lasting. 
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The Sacred Salutations 


The Solar Salutation 
Electrical Merkaba Activation 


¢ The ancient Mu‘a and Lemurian Guardian Races ran the 
Maharata and activated the Tribal Shield each day to conduct the 
Sacred Solar and Lunar Salutation Rites each moming and 
evening. The Sacred Salutations are Toning Dances that 
activate the personal Merkaba Field for sustained activation of the 
DNA Template and amplification of the Maharata and Universal 
Life Force Currents in the body. 


* Solar Salutations accelerate the spin of the Electrical Harmonic 
Merkaba Spiral (Top, CW spin), drawing increased amounts of 
Electrical Anti-particle frequency from the Solar Electrical 
Merkaba Spiral light spectrum into the Electrical Acceleration 
Codes in the DNA Template to “charge” the body with 
Electrical Anti-particle frequency. 


¢ Accelerated Electrical Merkaba Spiral Spin of Solar Salutations 
increases the amount of Anti-particle Base-Electrical frequency 
brought into the body's DNA Template and Kathara Grid from 
the Dimensional Unified Fields and increases the amount of Anti- 
particle frequency sent out from the body into Earth's Planetary 
Shields. Frequency passes between the Human Body and Earth's 
Planetary Shields via the embodied Kathara Grid core templates 
that make up the Planetary Bio-Feed Interface System ("PBIS") 


¢ Electrical Anti-particle energy enters the body via the "Top" 
Electrical Harmonic and Dimensional Merkaba Spirals, the 
Base-Electrical Acceleration Codes in the DNA Template, the 
Electrical Kathara Centers 2-5-8-11 of the Kathara Grid Central 
Pillar, the Electrical aspect of Electro-magnetic Kathara 
Centers 1-3-6-9-12 on the Right Side of body ("Left Side Pillar" in 
Kathara diagram), Electrical Chakras 2-5-8-11 and the Electrical 
aspect of Electro-magnetic Chakras 1-3-6-9-12. 
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¢ Solar Salutations (CW spin Top Electrical Merkaba Field 
Activation) raise the body's Oscillation (energy transmission- ~ 
expansion), lower the body's Vibration (energy holding- 
contraction), making the body Higher Frequency and More 
Electrical (transmits more energy than it is drawing in). 


° A ere Frequency Electrical Body has: 
Lower Vibration, Higher Oscillation/Frequency, Less Matter 
Density 

* More activated DNA Strands, more chromosomes, 
embodiment of more levels of consciousness. 

¢ Slower heart, breathing and metabolic rhythms (energy 
expansion and contraction rates),thus requires less food 
(bums fuel slower). 

° Greater longevity and less sleep (body can synthesize 
natural higher frequency energy and Stream of 
Consciousness for longer periods without taxing.) 

¢ Greater Silica quantity in Silica-to-Carbon Ratio of 
elemental composition and larger size (more space between 
cells; more expanded matter). 

¢ Perception of expanded Space and slower Time 
movement. 

- Greater heat release, thus cooler internal temperature. 

¢ Natural attribute of transmitting greater amounts of energy 
thrust into the Planetary Shields than it is drawing in/receiving 
from them. Energy "giving". 


¢ The Solar Salutations "charge" the Top Electrical CW 
Merkaba Spiral to maintain its natural cycle of 33(¥3) 


rotations per 1 “trillionth" of a nano-second”, through 
which the Base-Electrical systems of the body are 
naturally maintained. 
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The Lunar Salutation 
Magnetic Merkaba Activation 


e Lunar Salutations accelerate the spin of the Magnetic Harmonic 
Merkaba Spiral (Bottom, CCW spin), drawing increased amounts 
of Magnetic Particle frequency from the Lunar Magnetic 
Merkaba Spiral reflected light spectrum and Earth's Planetary 
Shields into the Magnetic Base Codes in the DNA Template to 
“charge” the body with Magnetic Particle frequency. 


¢ Accelerated Magnetic Merkaba Spiral Spin of Lunar Salutations 
increases the amount of Particle Base-Magnetic frequency 
brought into the body's DNA Template and Kathara Grid from 
the Earth's Planetary Shields and increases the amount of 
Particle frequency sent out from the body into Dimensional 
Unified Fields. 


Particle Base-magnetic energy enters the body via the "Bottom" 
Magnetic Harmonic and Dimensional Merkaba Spirals, the Base- 
Magnetic Base Codes in the DNA Template, the Magnetic 
Kathara Centers 4-7-10 of the Kathara Grid on the Left Side of 
the body (“Right Side Pillar’ on Kathara Diagram), the Magnetic 
aspect of Electro-magnetic Kathara Centers 1-3-6-9-12 on the 
Right Side of body ("Left Side Pillar" in Kathara diagram), 
Magnetic Chakras 4-7-10 and the Magnetic aspect of Electro- 
magnetic Chakras 1-3-6-9-12. 


¢ Lunar Salutations (CCW spin Bottom Magnetic Merkaba Field 
Activation) lower the body's Oscillation (energy transmission- 
expansion), raise the body's Vibration (energy holding- 
contraction), making the body Lower Frequency and More 
Magnetic ( draws in more energy than it is transmitting out). 
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* A Lower Frequency Magnetic Body has: 
* Higher Vibration, Lower Oscillation/Frequency, Greater 
Matter Density 

* Fewer activated DNA Strands, fewer chromosomes, 
embodiment of fewer levels of consciousness. 

* Faster heart, breathing and metabolic rhythms (energy 
expansion and contraction rates), thus requires more food 
(burns fuel faster). 

* Lesser longevity and needs more sleep (body can 
synthesize natural higher frequency energy and Stream of 
Consciousness for shorter periods; taxes more easily) 

* Greater Carbon quantity in Silica-to-Carbon Ratio of 
elemental composition and smaller size (less space between 
cells; more contracted matter). 

* Perception of contracted or more confined Space and 
faster Time movement. 

° Less heat release, thus warmer internal temperature. 

* Natural characteristic of drawing greater amounts of energy 
thrust from the Planetary Shields than it is transmitting into 
them. Energy “taking”. 






The Lunar Salutations "charge" the Bottom Magnetic 
CCW Merkaba Spiral to maintain its natural cycle of 11% 
rotations per 1 “trillionth" of a nano-second", through 
which the Base-Magnetic systems of the body are 
naturally maintained. 








The natural ratio between the Top-CW-Electrical- 
"Male" Harmonic Merkaba Field and the Bottom- 
CCW-Magnetic-"Female" Harmonic Merkaba Field 
is Electrical-Top 334CW rotations per 1 "trillionth" of 
a nano-second and Magnetic-Bottom 1173CCW 
rotations per 1 "“trillionth" of a nano-second. 
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he Natural Christos Merkaba Vehicle & Personal Shields 





© 2000 Ashayana Deane 










The Density4 Christos Merkabs Spiral (Top-Gectrical Male-CW) 
begins above the head at Chakra-10, expands up to Chakra-11, 
then foids down expanding over the body to Chakre-12 and the 
Maharic Shield below the feet encasing the body in a Pre-matter 
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() The NATURAL Spin Ratio between the Top ile Fuca mk cities 

Density4 Christiac Merkaba Spiral and the Bottom (Female-Magnetic-CCVWV-Particie) Density-5 Rishiac 
Merkaba Spiral is 33 1/3-CW-Male-Top to 11 2/3-CCW-Female-Bottom. The 33 1/3-CW/11 2/3-CCW Spin 
Ratio ceates the NATURAL ratio of 33 2/3-Parts-Electrical Anti-Particies to 11 2/3-Parts Magnetic 
Particles, (or 33 4/3 energy expansion/oscillation/thrust to 11 2/3 energy contraction/vibrationidraw) 
within earth's Density-1 Matter Base, the organic Divine Biueprint of Density-1. This Christiac Internal 
Merkaba Vehicle Spin Ratio creates a self-sustaining, Eternal, Matter-base that is MORE ELECTRICAL 
than Magnetic, which perpetually re-fuels itself via natural circulation of the Maharata, Kee-Ra-~ShA and 
Khundarey Universal Life Force Currents. 
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Field (EM set). The three Dimensional Merkaba Fields in one Density 
Level form one Harmonic Merkaba Spiral in each of 5 Density Levels 
that merge to form the Merkaba Star Gate Transit (Ascension) Vehicle. 


lecanigue # 8: Merkaba Salutations 


Healing trie Spin & Balancing Particle/ Anti-Particle Ratios 


33 1/3-CW/11 2/3-CCW Christos Merkaba Activation 


*Note: Discem CW or CCW direction of Merkaba Spin by imagining that you are standing, 
with arms stretched out to the sides, in the center of a round 12-digit clock-face. The FRONT of 
your body faces the "6"-digit, "12"-digit is positioned behind you, the "3"-digit is positioned at 
your LEFT ARM and the "S"-digit is positioned at your RIGHT ARM. CLOCKWISE "CW SPIN: 
Hold LEFT "3-Arm” firmly out to the side of the body like a “clock hand” and begin Spia toward 
FRONT, moving the body with the LEFT arm toward the “6"-digit position in FRONT of your 
fee. COUNTER-CLOCKWISE "CCW" SPIN: Hold RIGHT "9-Arm” firmly out to the side of the 
body like a “clock hand”. and begin Spin toward FRONT. moving the body with the RIGHT arm 
toward the “6"-digit position in FRONT of your feet. The TOP-ELECTRICAL-MALE Merkaba 
Spiral Christos Spin is always 33 1/3-CW rotation. The BOTTOM-MAGNETIC-FEMALE 
Merkaba Spiral Christos Spin is always 11 2/3-CCW rotation. 


Solar Salutation Rites: (best time Dawn's First Light & 12:00 Noon) 
begin with Top-Electrical-CW-"Male" Merkaba Spiral activation, followed by Bottom- 
Magnetic-CCW-"Female" Merkaba Spiral 

Use Tribe-12 Activation Suffix “RHA” as Initiating Tone 

Lunar Salutation Rites: (best time 12:00 Midnight to.3:00AM) 

begin with Bottom-Magnetic-C CW-"Female” Merkaba Spiral activation, followed by 
Top-Electrical-CW-"Male” Merkaba Spiral 
Use ribe-1 Activation Suffix "UR" as Initiatin 


1. Activate Maharic Quick Seal Technique- 6 

2. Activate Tribal Shield-Cue Zone Technique- 7 

3. Stand with spine comfortably straight, breath slowly, in a relaxed manner and begin 
quietly toning the Initiating Tone, continuing repetition while progressively 
increasing the volume and extending the Exhale Breath Tone thrust behind 
Initiating Tone until you can feel the subtle energy of Tone sound waves oscillating 
in the body. 

4. Activate First Merkaba Spiral (Top or Bottom Spiral first, depending on Solar or 
Lunar Salutation) by holding arms out to the side, parallel with the ground, and 
begin to slowly SPIN in the direction (CW or CCW) natural to the * Christos Spin of 
the Merkaba Spiral you are activating. Continue to Spin AND Tone Initiating Tone 
while progressively increasing rate of Spin and Toning. To prevent dizziness, 
hold one arm out to front with thumb positioned UP, and focus your eyes on the 
THUMB rather than the spinning scenery beyond. Do not Spin faster than comfort 
level. You may modulate toning in rounds of 3, between the Initiating Tone and 
toning the Christos Spin Rate Number ("33 1/3” for Electrical-Top Spiral, "44 2/3" 
for Magnetic-Bottom spiral), if desired. 

5. When energy in body feels "charged" (a "doneness” intuitive feeling), slow spin to a 
gentie STOP, while Toning 3 Times, the "Um Shaddai Ur-A ah-Khum' Tun" Lyra- 
Halls of Amorea D-12 activation sequence, to amplify the Merkaba Spiral “charge. 
Stand STILL and breathe quietly for a few moments while Spin stabilizes, then 
repeat STEPS 3-5 to activate other Merkaba Spiral. 

6. End Salutation Rite with full 3 Rounds (minimum) Toning of the "Ariea Khum Nar- 
A™ (Song of Orion D-8 activation sequence) Part-1:Verses 1 and 2, to be sung 
while Walking 2 Circles, one CW, one CCW, beginning Circle Walk with Spin 
direction of First Merkaba Spiral activation, followed by a reverse-direction Circle, 
then Standing STILL for a few moments to allow the Christos Maharata Current to 
run between your body and Earth's Planetary Shields. 


















7 Tone 
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@ Hand Mudras: How'tosuse the Vajra and Bell JU a 
Watch later Share 


MORE VIDEOS 
Watch on youtube.com 


pF VAT VAT F | WP uVVi-W-~¥-7-/ fe ee Fo BRA 
vw wy? 7 = Se a 


> i) 11:29/16:09 - © YouTube 





The Ar-lE-a Khum-Nar’ A 
The Song of Orion 


Part 1 : the Resonant Tone Syllable Sequence (primary melody) 


Verse 1: OMA Da E, Patum ah 
OMA Da E, Patum ah 
Patum ah A’ DEE - Tah, A khum-na 
OM ADa __ €E, Patum ah ~ 


Verse 2:TrA TE La E’ Durum Na 
TrA TE La €’ Durum Na 
Durum’ ah A’ Khem - Tah, Akhum-na 
OMA Da E, Patum ah 


UM ah OM, A 
UMah. OM, A 
Paturn_ah A’ DEE-Tah_ A _khum-na 
Durum ah A’ Khem=Tah A khumena 
DO RAY TU Ra” 
OM A Da E Patum 


UMah OM, A 


Part 3: the the — Syllable Sequence (accompaniment 2) 
E, Patum ah—Lines 1&2 Verse 1 


ae a E* Dum Na-Lines 1&2 Verse2 
BE HE Tah . OM A 

BE HETah . OM, A 

atun ah _ A -Tah AK ~ Line 3V. 


Durum 2h A Khem- Tah, A Khum-na- Line 3 Verse 2 
Thra Khem’ Na, A 


OM_A Da E, Patum ah= Line 4 Verses 1&2 


KhrA MiM, Tah A 
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_ The fastest means of naturally activating the 
Personal 12-Strand DNA Template is : 


. Tribal Shield Activation: Activating the 144 Fire Letters of 
the Tribal Shield & Sacred Salutations Merkaba Activations. 


. Emerald and Amethyst Awakening 2 Masters 
Kundalini Activations: Releasing key Fire Codes between 


the DNA Strand Templates to allow for expedited DNA Strand 
Braiding. 


. DNA Template Bio-Regenesis: Progressive use of 
internally directed DNA Template Bio-Regenesis technologies 
for progressive purging of Strand Template mutations, 
restoration of the natural D-12 Christos Divine Blueprint of the 
12-Strand DNA Template and expedited, accelerated activation 
of the DNA Strand Template Base Codes and Acceleration 
Codes. 


. Master Key Codes: Use of the personal scalar-wave-guide 
Symbol Code Programs that correspond directly to the core 
programming of the personal D-12 Maharic Shield for further 
sequential expedition of Strand Template Activation. 


. Melchizedek Cloister Level-3 Regent Ordination: 
Transmission of the Kee-Ra-ShA Primal Light and. Khundaray 
Primal Sound Field "Rainbow Ray Current" directly into the 
personal DNA Template via direct Chakra Induction. 

Sufficient Rainbow Ray frequencies to provide a level-3 Regent 
Ordination can be transmitted by a Melchizedek Cloister level-5 » 
Elder Consummate or Level-6 Eckar Indigo Child-Type-1 Maji. 
Grail Line Angelic Humans, who have the frequencies of the 
Primal Creation Currents integrated into their DNA Template 
from birth. Expedites all of the above while provided 

additional bio-energetic field support for more stable cycles 
of DNA Template activation. 
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The Khundaray RRT Activation Sequence 


A progression of manually initiated Kundalini and DNA 
Template Activations that systematically induce temporary 
release the Cranial-Sacral Kundalini Seals (Pineal Gland & 
Tail Bone), in their natural Release-Sequence, allowing for 
temporary and progressive embodiment (nano-second 
burst of frequency) of the Primal Universal Life Force 
Currents via Syncopated Activation of the 12-Strand DNA 
Template. 


The Khundaray RRT ("K-RRT") Activation Sequence allows the 
Density-4 (D-10-11-12 Pre-matter) Maharata Christos Current, 
Density-5 (D-13-14-15) Kee-Ra-ShA Primal Light Currents (Ante- 
matter Blue, Gold and Violet "Flames") and the Khundaray Primal 
Sound Currents (Eckatic, Polaric & Triadic Columnar Standing 
Waves) from Source to run through the DNA Template and body for 
accelerated *TRUE 12-Strand or higher DNA Template Activation 
and expedited human Spiritual Integration. 

For the human body to hold and transmit a minimum critical 
mass of Kee-Ra-ShA and Khundaray frequency to access the 
Planetary Shields and Star Gates for Masters (Universal ) K-RRTs, 
the K-RRT Activation Sequence must be conducted 4 to 24 hours 
prior to the K-RRT. The K-RRT Activation Sequence must also be run 
. 2-24 hours prior to the Amethyst Awakening Masters-2 Kundalini 
Activation to prepare the body for the Amethyst Awakening 
frequencies. The Amethyst Awakening (Field Technique-6) can also 
be run just before a K-RRT (following prior K-RRT Activation 
Sequence) to greatly amplify the power of the K-RRT and Signet 
Council group. 

There are 5 Specific Operations of Energy Management within the 
K-RRT Activation Sequence: | 

1. Activating the Doradic Phase-1 Current 

2. Awakening the KA 

3. The Emerald Awakening 

4. Activating the Kee-Ra-ShA 

5. Activating the RA Center-Anchoring the Rainbow Bridge 
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The Emerald & Amethyst Awakenings 


Masters Kundalini-DNA Template Activations 
For Accelerated DNA Template Activation and Spiritual 
Integration, Running K-RRTs and-enhanced Immune Support 


THE KUNDALINI LIFE-CURRENTS AND THE CRANIAL-SACRAL SEALS. 

The human body is fuelled by ENERGETIC LIFE-FORCE CURRENT FROM SOURCE. In 
contemporary human anatomy, the only life-force currents running fully through the embodied 
Kathara Grid and body are those corresponding to the SINGLE-VECTOR time cycle of the 
Density-1 TELLURIC SHIELD. Each of the 4 HOVA BODIES and their corresponding SCALAR 
SHIELDS, DNA STRAND TEMPLATES, AXI-A-TONAL LINES, DIMENSIONS OF 
CONSCIOUSNESS AND MERKABA FIELD LEVELS process the frequencies of one TRIADIC 
CURRENT — a 3-dimensional, Bi-polar life-force current. The life-force currents corresponding 
to the first 9 dimension and first 3 Hova Bodies, Mater Densities and Shields are referred to as 
the KUNDALINI ENERGIES. Each KUNDALINI CURRENT is a TRIADIC CURRENT — a set of 
3 dimensional currents that function together and are separated by Magnetic Repulsion Zones 
within the embodied Kathara Grid. The 3 embodied Kundalini Currents are the TELLURIC, 
DORADIC and TEURIC CURRENTS . 

Each of the 3 Kundalini Currents is spiralled within the regions of the 18 CELLS of human 
conception, located in the TAILBONE at the Base of the Spine. (The incarnating consciousness 
anchors its identity and Christos Manifestation Template within the FIRST 8 CELLS, to initiate 
the FETAL INTEGRATION PROCESS.) The first Kundalini Current, the TELLURIC CURRENT 
that corresponds to the DENSITY-1 Nada Hova Body, is active within the human form from 
birth, enabling 3 dimensions of consciousness awareness, in the form of scalar frequency, to 
embody within the human organism. When the 2 dormant Kundalini Currents in the tailbone, 
the DORADIC and TEURIC CURRENTS, are activated, the frequencies of consciousness from 
dimensions 4-9 progressively awaken ~ within the body, activating the dormant 4-9 strands of 
the 12-strand DNA Template. The 3 Primary Kundalini Spirals each contain 3 single-dimension 
currents, and are controlled by the corresponding SIGNET STAR CRYSTAL SEALS in the 
Kathara Level-2 Crystal Seals Grid. The Signet Seals create polarization between 
dimensionalized sets of scalar waves within the Scalar Shields, that manifest within the Kathara 
Level-2 Grid, First Eight Cells and DNA Template as FREQUENCY SEALS or blockages within 
the TAILBONE (Sacral region) and the PINEAL GLAND in the center of the brain — the 
CRANIAL-SACRAL SEALS. 

When the Cranial-Sacral Seals are released, through activation of the Signet Star Crystal 
Seals that govem them, the dormant Kundalini Currents come to life within the body, sending 
progressively higher-frequency energy through the CENTRAL VERTICAL CURRENT of the 
body. Activation of the 3 Kundalini Currents progressively creates integration of the higher 
dimensions of consciousness and de-densification of | molecular structure. When ALL of the 
frequencies within the 3 embodied Kundalini Currents are activated, the 4% KUNDALINI 
CURRENT- the PRIMAL TRIADIC CURRENT, the KEE-Ra-Sha', is activated. The Frequency 
Seal on the KEE-Ra-Sha ' is located in the 12% Chakra, 6" below the feet. Activation of the 
KEE-Ra-ShA’ anchors the 12%-Dimensional HYDROPLASMIC BEAM within the body, initiating 
the process of CELLULAR TRANSMUTATION and intentional de-manifestation and 
Dimensional Ascension of the human biological form.239 


THE EMERALD AWAKENING AND THE KEE-Ra-ShA’ 
The Emerald Awakening Masters Kundalini Activation is one of two inter-harmonic energetic 
activations of previously dormant frequency within the body that sets in motion simultaneous 
activation of the 12 MAGNETIC BASE TONES within the FIRE CODES between the 12 
Strands of the SILICATE MATRIX DNA Template. Activation of the 12 Fire Code Base Tones 
begins activation of the 3 PRIMAL CREATION FREQUENCIES — the KEE-Ra-ShA' - within the 
4 Scalar Shields of the PERSONAL INNER TEMPLAR COMPLEX. Activation of the 12 DNA 
Fire Codes allow for progressive nafural fusion of each dimensional DNA Strand Template to 
occur, through which the organic potentials of CELLULAR TRANSMUTATION are re- 
awakened within the physical body form. 

Through the natural processes of Cellular Transmutation, once fully operational within human 
genetic design, the carbon-based elemental biology of Density-1 molecular structure is y 
progressively and systematically transmuted to SILICA-based biology. Transmutation to Silica- 
based biology allows the physical body to pass through the levels of Semi-etheric, Etheric and 
Pre-matter Hydroplasmic Liquid-Silica Densities of Harmonics 2-4 (Dimensions 4-12), through 
which the consciousness continually enters manifestation, to achieve physical mastery of the 
organic process of Transmutational Dimensional Ascension. To accomplish mastery of the 
Ascension process, the SIGNET STAR CRYSTAL SEALS with the Scalar Shields, which keep 
the 12 dimensionalized frequency levels of the consciousness and molecular form Phase- 
locked into dimensional division/ polarization, must be released. Release of the Signet Star 
Crystal Seals allows the frequency spectra of the higher dimensional anatomy and the Primal 
Creation Currents of the KEE-Ra-ShA’, to enter into the Template tor the physical body and 
dormant DNA Fire Code Templates, progressively building the Merkaba Vehicle and setting the 
Cellular Transmutation process in motion. The process of progressive Transmutational 
Dimensional Ascension represents the function of the organic genetic design and evolutionary 

objective of the human creation blueprint, through which the natural Immortal Christos-Angelic 
Form of the human being is actualised. 

In the evolutionary cycles of contemporary humanity, actualization of the 12-Strand DNA 
potential takes place slowly in Earthly terms, as the incamate identity experiences in single-life 
time-vectors, several cycles of Density-1 incamation, spanning many thousands of years, in 
order to progressively activate the DNA Fire Codes within the Manifestation Template. When 
the human genome was operating in its organic form, this process took place in one lifetime, 
over a period of about 44 years, as the immortal human incamate matured to embody the 12 
dimensions of consciousness within its original Christos Manifestation Template- the MAHARIC 
SHIELD, actualizing its organic Angelic-human heritage and mastery over 4 Densities of 
manifestation within the Time Matrix. 

The EMERALD AWAKENING Masters Kundalini Activation releases the Density-2 4TH — 
Dimensional Green Signet Star Crystal Seal and the Density-1 1s*Dimensional Red Signet Star 
Crystal Seal, to open the Density-1 NADA HOVA BODY and TELLURIC SHIELD, and Density-' 
2 ALPHI HOVA BODY and DORADIC SHIELD, to receive the Omni-polar frequencies of the 
12*-Dimensional MAHARIC CURRENT (Hydroplasmic Beam) from the Pre-matter Christos 
Template Maharic Shield. Upon entering the Telluric and Doradic Shields, the 12%-Dimensional 
frequencies of the Maharic Current trigger simultaneous activation of the Base Tones within 
the 12 Fire Codes of the DNA Template, beginning the process of DE-POLARIZTION of the 12- 
Strands and levels of consciousness within the human Manifestation Template, Progressive 
de-polarization of the 12 levels of consciousness within the human Manifestation Template sets 
in motion the organic process of Cellular Transmutation and potential © mastery over 
Transmutational Dimensional Ascension. The Emerald Awakening Masters Kundalini Activation 
initiates REGENESIS of the original function of the h@#@n genome, releasing the Base Tones 
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of the 3 KEE-Ra-ShA’ Currents within the body via opening of 2 Signet Seals, through which 
the physical body begins the carbon-to-silica transmutation process and is prepared to receive 
the higher dimensional OVER TONE frequencies of the KEE-RA-Sha’, to complete Cellular 
Transmutation via fusion and de-polarization of the particle (Particum) and anti-particle 

( Partika) aspects of the Manifestation Template. This is the natural process of UNIFIED FIELD 
PHYSICS by which a human being becomes “Christed”. 


THE AMETHYST AWAKENING AND THE KHUN-DA-RAY 
The final step in fulfilling the potentials of original Angelic-human design is activation of the 
OVER TONE frequencies of the KEE-Ra-ShA’, which allows fusion between DNA Strand 
Templates to complete on 12 dimensions of frequency, The final step in Transmutational 
Dimensional Ascension is called the AMETHYST AWAKENING MASTERS KUNDALINI 
ACTIVATION. Through the AMETHYST AWAKENING, the DENSITY-3 7T-Dimensional 
VIOLET Signet Star Crystal Seal and 8-Dimensional GOLD Signet Star Crystal Seal, and the 
DENSITY-4 117H-Dimensional DARK SILVER Signet Star Crystal Seal are released within the 
body's Scalar Shields. Release of the OVER TONE SIGNET SEALS allows the OVER TONES 
._ of the KEE-Ra-ShA Creation Currents to fuse with the BASE TONES, bringing the 3 OMNI- 
POLAR CREATION CURRENTS (Primal Creation Currents built upon a TRINITY OF TONES, 
BI-POLAR + NON-POLAR energy units) together as ONE PRIMAL NON-POLAR CURRENT — 
the KHUNDARAY (also called the “Rainbow Bridge” or the “ Rainbow Serpent’. 

The KHUN-Da-rAy is the PRE-LUMINAL vibration, or STANDING WAVE OF INTERNAL 
SOUND emitted from ONE-SOURCE/ GOD, that corresponds to the COMBINED ORIGINAL 
SOURCE CURRENT from which the 3 KEE-Ra-ShA’ PRIMAL LIFE-FORCE CURRENTS of 
the 3 non-dimensionalized levels of the ENERGY MATRIX, beyond the 15-Dimensional Time 
Matrix emerge. The Emerald Awakening Masters Kundalini Activation, and its resulting 
activation of the BASE TONES of the KEE-Ra-ShA’ within the human body, is the first step in 
manually expediting the natural process of Transmutational Dimensional Ascension. ~ 


AWAKENING THE KA AND REMOVING INORGANIC CRYSTAL IMPLANTS 

Before the Emerald Awakening Kundalini Activation can be orchestrated, the MAHARIC 
SHIELD and the KA must be brought out of dormancy within the human Manifestation 
Template. Once the 12%-Dimensional Maharic Current is released within the embodied Kathara 
Grid, the KA can be activated. The “KA" refers to the 4 HOVA BODIES corresponding to 
dimensions 1 through 12. (Nada, Alphi, Betcha and Mahara Hova Bodies.) The KA becomes 
activated through removal of 4 inorganic Crystal Seal IMPLANTS that block the natural function 
of the 274, 3") and 4% DNA Strand Templates. Following he procedure for AWAKENING THE 
KA, the Emerald Awakening Kundalini activation can be conducted. 
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Vechnlgue # 12: (leetta-Si Activation Seeuence 


Preparation: Activate Maharic Seal Technique-f Maharic Quick Seal 


1 Breath slowly and deeply for several breaths while visualizing or imagining a Violet 
Dot on the center of the inside of your forehead. Make the color image as strong as you 
are able (if you can't yet perceive inner colors simply imagine the Violet Dot being there). 





Move the Violet Dot to the center of the brain, at the Pineal Gland, and then upward into 
the 7” Chakra, finally moving it out of your head to rest on the top of your skull, at the 
Crown Chakra. 


2 Call to mind the Heirophant Symbol (Pale Silver Merkaba Star/ Star of David). Visualise 
the Heirophant spinning 12” below your feet, within your Maharic Shield, and slowly 
INHALE.... drawing the Pale Silver Heirophant up through the Central Body Current, up” 
to meet the Violet Dot at the 7" Crown Chakra at the top of the head, 


When the Heirophant connects with the Violet Dot, visualize the Violet Dot bursting into 
a 4° vertical Pillar of Violet-Silver Light. Imagine the Violet-Silver Pillar running down 
through the body and into the Earth’s Core, as well as upward into the 14” Chakra 
positioned 36” above your head, (This activates the Violet Ray of Transmutation). 


3 Now, move your attention to the 4" Heart Chakra, and imagine a small Green Spherical 
Crystal — the Green Star — stationed at it's core. This is the Green star Crystal Seal that 
controls release of 4" Dimensional frequency — Phase | Doradic Current — into the body. 
INHALE, drawing Violet-Silver energy from the Violet-Silver Pillar into the Green Star. 


EXHALE, expanding the Violet-Silver energy into the Green Star sphere. Repeat two 
more INHALE/ EXHALE breaths, drawing Violet-Silver energy from the Pillar and 
expanding it into the Green Star sphere. 


4 At the end of the last EXHALE, imagine the Green Star POPPING, turning into a 
spinning Green and Violet Starburst of Light, as the Violet-Silver Pillar disappears. Spin 
the Green-Violet Starburst faster until it becomes a ball of Green-Violet Light, about the 
size of a grapefruit, spinning the center of the Heart Chakra. (The Green-Violet ball is 
the storehouse for your Phase | Doradic Current: it’s called the Doradic Sphere). 


INHALE and draw Pale Silver energy from your Maharic Shield, through the central Body 
Current, and into the center of the Doradic Sphere at the heart Chakra ... encasing the 
sphere in Pale Silver Light. 


AWAKENING the KA 





1 Bring your attention back to the DORADIC SPHERE at the HEART CENT ae 


2 INHALE pale silver energy up from the EARTH CORE to fill & expand the DORADIC 
SPHERE; breath slow and deep 2-3 times .., 


3 Now, put the tips of your fingers together, and fee! the ‘fuzziness’ of the energy flow... 


4 Next, move the fingertips to the tail bone... INHALE energy from the Maharic Shield into 
the DORADIC SPHERE ; 
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Awakening the KA-Continued 


As you EXHALE, push PALE SILVER energy down to the finger tips and into the tail 
bone.........-..... REPEAT 2-3 times and then remove the fingers. 


5 Now, bring your attention to the 2% CHAKRA (SACRAL) .....feel or visualize or just 
know ... a DOUBLE TERMINATED QUARTZ CRYSTAL (a crystal with a point at both 
ends) is beginning to “push out” of the front of your 2™ Chakra, the Sacral center. ° 


6 Focus your attention on this, try to feel the crystal pushing... use your hands to help 
ease it forward, and out. 

rf There is a smaller double terminated crystal in the 3% (Solar Plexus) Chakra; this will 
release on it’s own because the currents have activated it to do so. Help it out with your 
fingers. 

8 In the Heart Chakra, imagine a little sphere of energy, colored green. Bring this little 


green sphere more fully into focus ... and you will notice a little black cube of energy 
inside it ...look more closely again, and notice a smaller white cube inside the black one. 


J9 As you focus on the two little cubes, watch them merge together .. feel a ripple of 
vibration as they do, and then ... notice a little puff of smoke as they both disappear. 


Now, the body is activated to open the 4" and 1% Crystal Seals; you are ready for 
the EMERALD AWAKENING ... 


1 Now we will open the GREEN STAR CRYSTAL SEAL ........ So, keeping your 
awareness on the Doradic Sphere, the GREEN-VIOLET- SILVER ball at the Heart 
CONSE. coc ic INHALE, 

2 and ... on the EXHALE visualize or imagine pushing a cord of GREEN-VIOLET-SILVEK 
Doradic Current down into the tail bone... to the 1 Cell ...... at it’s very tip . 

3 Breathe easy ... and take a moment to visualize the 1* Cell at the tip of your tail bone... 


as a WHITE-SILVER SPHERE... 


5 Now within the WHITE SILVER SPHERE, visualize, a GREEN SPHERE ... and then 
visualize a RED SPHERE inside the GREEN SPHERE ... 


6 Bring your attention back to the SPHERE of GREEN-VIOLET-SILVER energy in 
your Heart Center ... 


and on the next EXHALE visualize, or imagine, sending a cord of GREEN-VIOLET 
SILVER energy all the way down your central vertical column and into the GREEN 
SPHERE in the 1* Cell at the tip of the tail bone. 


7 AS you INHALE pull PALE SILVER LIGHT from your personal Maharic 
Shield, the platform-disc 12” below your feet, up into the tail bone and into the GREEN 
SPHERE. 


8 As you do this, visualize, the GREEN SPHERE ‘pop’ into a STARBURST 
of PALE GREEN-SILVER LIGHT. 
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Emerald Awakening- Continued 


This has opened the kundaiini seal — your WHITE-SILVER & RED Spheres REMAIN as 


you left them earlier ...... . Now, we will work to open the RED STAR CRYSTAL 
SEAL.... een Fit bac 


Ea a a ae tt rerio ge ee 


S Retum your awareness to the Doradic Sphere at the Heart Center... -INHALE, and then 
on the EXHALE push a cord of GREEN-VIOLET. -SILVER Doradic Current down to the 
1* Cell at the tip of the tail bone, ...... 


10 INHALE and draw PALE SILVER energy up from the personal Maharic Shield, 
the platform-disc positioned 12” below your feet, up into the tail bone, and into the RED 
SPHERE ... inside .... the WHITE-SILVER SPHERE. 


11 AS YOU DRAW the PALE SILVER energy into the RED SPHERE visualize the RED 
SPHERE ‘pop’ into a STARBURST of PALE PINK-SILVER LIGHT...... and...53. for the 
next few breaths EXHALE the PALE PINK-SILVER LIGHT into the 12" Chakra, 
positioned 6” below your feet... 


You have now opened the Kee Ra ShA(Y) Seal ... so that the Sacred Flames of the Kee 
Ra ShA can be activated ...... 


ACTIVATING THE KEE RA SHA 


The Kee RaShA appears as 3 little flames which exist in the 12" Chakra positioned 6" below 
the feet. The 3 flames are PALE BLUE, PALE YELLOW & PALE VIOLET. 


1 Begin by focussing deeply on the 12” Chakra, 6" below your feet, and the three little 
flames held there ... one is PALE BLUE, one PALE YELLOW & the third PALE 
VIOLET.... We'll take a few moments to do this...... 


If you have difficulty visualizing, just imagine that they are there. 


2 On the INHALE, draw the PALE VIOLET FLAME up from Chakra 12 ... into the central 
vertical column .. and all the way up ... and out through the top of the head, to the 10th 
Chakra ... 6° above your Crown chakra...... 


3 Next, return your attention to the 12 Chakra, 6" below your feet ... allow yourself time to 
connect with the little PALE YELLOW-GOLD FLAME. Breathe easy. 


4 On the next INHALE draw the PALE YELLOW-GOLD FLAME up from Chakra 12 ... into 
the central vertical column .. and all the way up ... and out through the top of the head, to 
the 10” Chakra ... 6" above your Crown chakra... 


Again, retum your attention to the 12" Chakra, 6” below your feet ... and connect with 
the PALE BLUE FLAME... this FLAME is the INNER ARC of the COVENANT ... Take 
your time; breathe easy. 


5 On the next INHALE draw the PALE BLUE FLAME up from Chakra 12 ... into the central 
- vertical column .. and all the way up ... and out through the top of the head, to the 10" 
Chakra ... 6" above your Crown chakra...... 
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Activating the Kee-Ra-ShA - Continued 


Now, visualize or imagine the 3 little FLAMES together within the 10" Chakra 6” above 
your Crown Chakra ............ ina moment we will create the Kee Ra ShA SPHERE... 


Breathe easy. 


On the next INHALE draw PALE SILVER energy from your personal Maharic Shield 12” 
below your feet, all the way up your central vertical column, up into the 10” Chakra...... 


EXHALE gently and INHALE once more, drawing more PALE SILVER energy up into 
the 10” Chakra ... visualize or imagine the 3 little flames enclosed within a SPHERE of 
PALE SILVER LIGHT... 


Breathe easy. On the next EXHALE move the Kee Ra ShA SPHERE all the way down 
through the central vertical column, out through the 12" Chakra 6” below your feet, and 
all the way down to the 13" Chakra at EARTH’S CORE. 


As the Kee Ra ShA enters EARTH'S CORE listen for sound tones w/ inner ear... 


These TONES represent the AMENTI “PASS KEY”... which opens your personal 
GRU-AL POINT (#1) - the 1* Cell in the Tail Bone .... releasing the KEE RA SHA. 
FLAMES into your AURIC FIELD. 


Breathe easy... Watch as the Kee Ra ShA FLAMES rise up your Maharic Pillar and 
emerge through your 1* Cell ... passing like radiating waves of PALE BLUE, PALE 
YELLOW & PALE VIOLET ...... 


As the waves of color move through you, bring your attention to your first 4 Chakras ... 
the base, the sacral, the solar plexus and the heart ... and visualize or imagine each 
Chakra emanate a SILVER MAHARIC SHEATH or OVAL POD, completely surrounding 
each one ... 


This completes the EMERALD AWAKENING, the natural process by which we use Unified Field 
Physics to trigger our CHRISTED Selves. Before we finish we must first establish the link to 
the Amethyst Awakening, the process of activation and sheathing of the higher Chakras; 


To complete the session we will now work with 8" & 11" Dimensional Energies to open 


DORADIC PHASE 2 & 3 CURRENT and activate TEURIC PHASE 2 CURRENT.......THIS IS 
CALLED ACTIVATING THE RA CENTRE in the THYROID — and ANCHORING THE 
oe a ee eee 


1 


Begin by moving your attention to the area of your 3°° EYE, and focus just inside your 
fore-head .. a little above and behind your eye brows...... Breathe easy. 


Now, visualize, or imagine, a DARK SILVER DOT in the position you are focussed on ... 
in the area of your 3°° EYE... Take a little time. 


INHALE and move the DARK SILVER DOT into the Pineal Gland in the center of your 
head and then straight up through the CROWN CHAKRA until the DARK SILVER DOT 
sits on the top of your skull. 
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Activating the RA Center-Rainbow Bridge - Continued 


On the next INHALE, pull PALE SILVER ENERGY up from your personal Maharic Shield 
12” below your feet, all the way up the central vertical current and into the DARK SILVER 
DOT on the top of your head... 


As the PALE SILVER ENERGY reaches the DARK SILVER DOT, the SILVER DOT 
‘pops’ into a SILVER STARBURST ... 


On the next EXHALE push the SILVER STARBURST down the central vertical channel, all 
the way to the tip of the tail bone ... EXPANDING the SILVER STARBURST FULLY into the 
1* Cell... ; 


Breathe easily and watch, as GOLD-SILVER-CURRENT emerges from the tailbone .. and 
begins to flow up through each Chakra .. 


from the 1* Chakra at the base of the spine ... up through the Sacral ... the Solar Plexus 
... all the way up to the Crown Chakra ... we'll take a little time for this .... 


From the Crown Chakra the GOLD-SILVER-CURRENT continues upward out of the top 
of your head ... up through the 10” Chakra 6" above your head ... the 11" Chakra 18” 
above your head ... and finally the 14" Chakra 36” above your head. 


Once the GOLD-SILVER-CURRENT reaches the 14" Chakra it returns to the 1st Chakra 
the flow of the current creates a GOLD-SILVER SHEATH throughout your central vertical 
channel. 


Bring your attention to the 2 Chakra now .. were going to create a GOLD -SILVER- BALL 
there, in the SEED SEAL at the center of the Chakra ... just imagine the chakra as a bow tie 
shape, the SEED SEAL is at the narrow point in the middle. The GOLD-SILVER BALL is 
called the TEURIC SPHERE ... 


INHALE and draw GOLD -SILVER-CURRENT from the GOLD -SILVER-SHEATH into 
the center of the Chakra ... as you EXHALE create and EXPAND the BALL to surround 
the bow tie ... 


Now ...INHALE and move the GOLD -SILVER-BALL up to the 187 HARA CENTRE ... 2” 
BELOW the NAVEL (the 9" SILVER STAR SIGNET SEAL or TAN TIEN) ... EXHALE 
GENTLY allowing the BALL to EXPAND 


On the NEXT INHALE move the GOLD-SILVER-BALL up to the SOLAR PLEXUS and 
EXHALE GENTLY 


INHALE and move the GOLD-SILVER BALL up to the HEART CENTRE ... 
EXHALE GENTLY ... .:. INHALE ... drawing more GOLD-SILVER CURRENT into the 
BALL and THEN EXHALE FORCEFULLY pushing cords of GOLD SILVER CURRENT 
down each arm and into the PALMS ... bring your fingertips together and feel the fuzzy 
buzz of TEURIC PHASE 3 CURRENT 


You have now activated TEURIC PHASE 3 CURRENT in your palms — and — you are 
now able to run CURRENT from D4 thru’ D8 to transmit to the THYROID GLAND ... to 


activate and anchor the Rainbow Bridae in others..... 
End of Field Technique-5 The K-RRT Activation S (5A-B-C-D-E) 


You are now ready for the Amethyst Awakening Masters Kundalini/DNA Template Activation-2 


ield Technique-6 -Initiating the A) Awakening) or to participate as an active member of a 
Gield Technique-4 A-B-C) 


Khundaray Rainbow Roundtable (K-RRT) Signet Council (Field Ti 


. Wait at least 4 


Hours before K-RRT participation, , and no longer than 24 houfs{ép maintain aintair the appropriate level of 
critical mass Khundaray frequency in the body that-is need for an effective K-RRT_ © Rev. Ashayana Deane, 2000 


INITIATING THE AMETHYST AWAKENING 


Preparation: Complete Maharic Quick Seal Techniqu and 
Activation Sequence 


This technique works to bring in a burst of the Khundaray, Eckatic Blue 
frequency ...that sets the Amethyst Awakening in motion. 


Place your attention at the center of your brain, inside your pineal gland. Imagine 
that you see there a Pale Violet Spark of Light (this is the bottom of the Seal of 
your 7” Crown Chakra). Imagine that you are going to move this Pale Violet 
Spark of Light straight up into your 10” Chakra 6” above your head ... imagine 
that the 10" Chakra is a disc of Light, Blue/ Black — Sapphire. 


Now see the disc of Light, that was Blue/ Black take on a Violet hue. Try to feel it 
there, a small horizontal disc... On the INHALE you will move this disc of Violet- 
Sapphire Light up to the 24 point Silver Star at the 14" Chakra ...... and, on the 


Notice, as you do this, a whole series of Violet-Blue Sparks flying out from the 
Planetary Maharic Shield, as if they are alive, as if electrical communication is 
taking place. Notice as this happens that the energy flowing up your Maharic 
Pillar from the Earth Core reflects this change as Violet-Blue energy flows slowly 
up toward you ... as this energy reaches your personal Maharic Shield, notice 
that it does the same thing as the Planetary Shields — throws out a shower of 
Violet-Blue sparks ... all communicating with each other about the mathematical 
instructions about what to do with your body, your crystal seals, your chakras ... 


Now, move your awareness to the Pale Silver skin all round your body/ etheric 
body .. and be aware too of the Main Vertical Current that you brought the Pale 
Silver cord through ...and at the same time, on each coming INHALE, bring up 
the Pale Silver-Violet-Sapphire energy, simultaneously, from your Maharic Shield 
to infuse the Pale Silver skin all round you. 


Take a few breaths to do this and watch as the 3 color flicker through you — when 
they reach the Heart Chakra feel them expand out ... and allow them to travel on 
up, all the way to the 14" Chakra ... expanding throughout every Chakra as the 
Pale Silver-Violet-Sapphire energy flows up, through and all around you ... See 
each Chakra respond with a spiraling burst of Silver-Violet-Sapphire, backward , 
and forward through both sides of the Chakras until they all shift .. try to feel the 
process as it awakens all the cell's of your body. 


The brain cells and brain patterns begin to respond, activating the Fire Letters, 
setting the grid of frequencies necessary to activate the Fire Codes 7, 10 and 12 
in the DNA Template. 


Your own D-12 Christos Avatar identity level will slowly release the Khundaray Activation 
Frequencies through which the Amethyst Awakening progressively unfolds in the DNA Template 
and body. This process can be naturally and safely accelerated by receiving a Level-3 MC. 
Regent Ordination transmission from a qualified Indigo Child/Eieyani Level4 through Leve: 
6 MC Ordinate Consummate, Elder Consummate or Eckar that carries the necessary 
Amethyst Awakening Khundaray Activating Frequencies in theit Eieyani DNA Templates. 

















The Merkaba Trinity Key Induction 


The Merkaba Trinity Key induction Technique begins the process of establishing a conscious directional 
relationship with various levels of your 15-Dimensional Anatomy (or that of your Client). The Trinity Key Symbols 
are mathematical-geometrical programs that carry the specific organic structure of each dimensional frequency 
band as it exists within the D-12 Universal Divine Blueprint. imbuing the proper Symbol Key into the appropriate 
area of the personal anatomy can rapidly expedite restoration the personal Divine Blueprint within the DNA 
Template, Chakra System and embodied Kathara Grid. Use of the Trinity Master Key Symbols that correspond 
precisely to the natural order of each dimensional frequency band, can intensify all applications of holistic and 
allopathic healing, as well as progressively and systematically assist in the process of accelerating DNA Template 
healing and activation. Every condition within the body-mind-spirit system has a specific Energy Signature unique 
to its own construction. Every dis-ease condition within any aspect of the personal experience (physical, emotional, 
mental, spiritual, financial, social, etc.) is created and held in manifestation by a specific set of mathematical — 
geometrical energy relationships that are stored within the embodied Kathara Grid and DNA Template in the form 
of Symbol Keys. The mathematical-geometrical energy relationships that serve as the blueprints upon which 
experiential manifestation will emerge can be perceived by the conscious identity in its Symbol translation. When 
using the Trinity Master Key Symbols, you are resetting and activating very specific portions of the personal 
Divine Blueprint (D-12 Pre-matter Maharic Shield) into a naturally harmonious relationship with Universal Order (the 
organic structure of dimensionalized frequency bands). The Trinity Master Keys provided in this Technique trigger 
activation of very specific Fire Letters (Keylons) within the DNA Template, allowing the DNA Template to receive 

‘rectly the new electrical instructions corresponding the personal Divine Blueprint. This technique can be used 
with Kathara Healing Techniques from Kathara Level-1, with any other healing modality or singly after activating the 
D-12 Maharata Current via Techniue-6, The Maharic Quick Seal. 

It is necessary to initiate a D-12 Maharaic Seal in order to run any Symbol Key program into the DNA Template 
and Level-1 Kathara Grid; it is the Strength of the D-12 Maharata Current that allows access to the deepest levels of 
the Personal Shields and Divine Blueprint. The Trinity Master Key Symbols are a set of 3 Symbol Keys that are to 
be used in sequence. The first two Trinity Keys, the Initiating Keys, are used in every application to open the 
embodied Level-1 Kathara Grid to receive new instructions. The third Trinity Master Key Symbol, the Transmitting 
Key, corresponds directly to the Divine Blueprint of one dimensional frequency band and its corresponding 
Kathara Center, DNA Strand Template, Chakra and related body regions, Axia-tonal Line, Auric Field Level and 
station of consciousness. in a Trinity Key Induction Session, one can choose to work on only one dimension 
(Chakra-DNA Strand Template-Kathra Center-Axia-tonal Line-Auric Level) via its Transmitting Key, or each of the 12 
Transmitting Key of the Universal Kathara can be used, in sequence, following induction of the two Initiating Keys. 
The process of using the Trinity Keys is simple; the Chakra that corresponds to the Transmitting Key/ 
dimension/DNA Strand with which you desire to work is used as the vortex through which the Trinity Keys are 
INDUCED into the corresponding Kathara Center. From the Kathara Center, the Trinity Keys electrically pass on to 
the DNA Template and from there into the Axia-tonal Line system and corresponding areas of the body-mind-spirit 

‘stem. Use of the Trinity Key Induction Technique progressively assists in activating the personal Merkaba Vehicle 
while amplifying and expediting restoration of the personal Divine Blueprint. 
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vechnigue w $: Werltaloa Vrtnity Key Incetion 


1. Activate the Maharata Current via Technique-6: The Maharic Quick Seal and decide which Transmitting Key(s) 
you will use. Trace the 3 Trinity Symbol Keys onto 3 small squares of paper. 


2. First, place each of the papers with the two Initiating Keys face up on the floor, then stand (barefoot or socks 
only) with one foot on top of each of the papers; Initiating Key #1 under the LEFT foot, Key #2 under the 
RIGHT foot. (Note: To run Trinity Key Induction for a Client, have them recline on their back and place the 
papers with Initiating Keys between your palms and the soles of Client's feet. As introduced in Kathara Level-1, 
use your palm Chakras to transmit the Symbols and the Pale-Silver Maharata Current, using the same action 
as described below, into the Client's foot Chakras; Key-1LEFT foot-right hand transmission, Key-2 RIGHT 
foot-left hand transmission. ) \n Self-induction, the papers with Symbols should be positioned beneath the balls 
of your feet, in the area of the main Chakra on the sole of each foot. Simply begin to breathe deeply and slowly 
for a few minutes. With each INHALE draw a thick stream of Pale-Silver Maharata Current from Earth's core 
through the Central Vertical Current of the body and out the top of the head to the 14 Chakra 36-inches above 
the head. With each EXHALE, imagine a grapefruit sized Pale-Silver Maharic Ball rapidly moving down your 
Central Vertical Current. When the Maharic Ball reaches your 2™4-Chakra near the navel, imagine the Ball 
splitting into Two Balls, each continuing to travel down each leg and out your feet Chakras, through the 
Symbol Keys. Once the Two Balls of Maharic Current have passed through the Symbol Keys, imagine that they 
re-merge into the one grapefruit sized Pale-Silver Ball that continues to move downward into the 13 Chakra 
at Earth's core. Continue this process until you sense a momentary slight warmth, tingling or subtle itching 
at the balls of your feet. These mild, momentary sensations, called the CUE RESPONSE, will grow stronger 
the more frequently you use the feet Chakras for Symbol Key induction. Once you have noticed the Cue 


Response, you have successfully induced the two Initiating Trinity Keys and it is now time to utilize the 
remaining Transmitting Key. 


3. If you have chosen to use the Transmitting Key for D-1-Strand-1-Axiatonal Line-1-Chakra-1, continue 
standing for the final Symbol Key Induction, placing the paper with the Transmitting Key face up on the floor 
between slightly parted feet; do not stand on Symbol Key paper for Base Chakra Induction. For all other 
Chakras, recline on your back and place the paper with the Transmitting Key directly on top of the Chakra 
to which it corresponds, on the front of the body. Use each INHALE breath to drawn Maharata Current up 
from Earth's Core, into the Central Vertical Current only as far up as the selected Chakra. On each 
EXHALE, push Pale-Silver Maharata Current out from the Central Verticle Current of the body and into the 
Chakra, imagining that the Chakra is progressively tuming into a radiant vortex of Pale-silver light that spins 
faster and faster. When you begin to feel a bit of warmth, tingling, energy running or itching of the skin at the 
Chakra region (the Cue Response), use a final INHALE breath to draw the image of the Symbol down 
through the Chakra into the body, and into the tiny Crystal Seal that links the Chakra to the Central Vertical 
Current. Take a FINAL exaggerated EXHALE, and imagine that you have pushed the energy of the 
Transmitting Symbol Key out of the Chakra into the corresponding level of the Auric Field. Once imbued 
into the Auric Field the single image of the Symbol then replicates automatically and rapidly, creating 
millions of mini-replicas of the Symbol within your bio-energetic field. When the Cue Response sensation 
at the Chakra has completely ceased, you have successfully induced the entire mathematiucal program 
of the Transmitting Symbol into the corresponding Kathara Center, DNA Strand Template, Axia-tohal Line, 
body region and level of consciousness. 
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Technique-9: Merkaba Trinity Key Induction 


Trinity Master Key Selection Chart 


© 2001 Ashayana Deane 
12 Transmitting Keys: Correspond to each Dimension-Chakra-Ka 





Two Initiating Keys 


Select one or more Transmitting Keys for induction following induction of the two Initiating Keys above. 
250 


in Kathara Level-1 we have leamed of the innate structures of multidimensional reality and 
how these structures are intimately intertwined with the 15-Dimensional Human Anatomy and 
levels of personal identity through the persona! Maharic Shield and DNA Template. |n 
rediscovering these long forgotten aspects of the Human condition and our inherently implied 
relationship to Universal Order, we’ve become empowered to draw upon the natural Triadic 
Phase Currents indigenous to our personal biology and universal structure, in order to take an 
active hand in personal Conscious Bio-spiritual Evolution and healing, and healing facilitation for 
others. Techniques 1-5 (#1-Awakening the Mentor, #2-Maharic Seal and Liquid Light Cleanse, 
#3-Opening the Healing Channels Doradic Phase-1 Current, #4-Multi-vector Holographic 
Recoding Kathara Scan and #5- The Maharic Infusion client session) contained within Chapters 
1-4 of the Kathara Level-1 Maharic Recoding Process enable us to begin conscious interaction 
with the “invisible” processes of Body-Mind-Spirit Evolution that are inherent to Human design. 

In our introduction to Kathara Level-2 we have begun to explore the greater nature of Universal 
Life Force Currents, the “mysterious” sciences of Merkaba Mechanics and their indelible 
connection to our personal evolution and Bio-spiritual Actualization Processes. Techniques 6- 
7-8-9-12 (#6-Maharic Quick Seal, #7-Ps13 Tribal Shield Activation, #8-Merkaba Salutations, #9- 
Merkaba Trinity Key Induction and #12 Kee-Ra-Sha Activation Sequence) so far explored within 
this Chapter 5 of the Kathara Level-2 Introduction enable us to advance our conscious interaction 
with the processes of personal Body-Mind-Spirit Evolution and Bio-Spiritual Actualization. As we 
increase our personal abilities to understand, embody, hold and direct the inherent powers of the 
Universal Life Force Currents, and to access the levels of personal spiritual identity and wisdom 
to which they correspond, we progressively increase our ability to consciously facilitate healing in 
ourselves and for others we may choose to serve. An in-depth study of Universal Life Force 
Currents and Masters Merkaba Mechanics involves cultivating a necessary familiarity with a 
broad spectrum of interrelated subjects that take us into the heart of the Science of Vibrational 
Mechancis and Holographic Creation Physics, as well as into the very Soul of our spiritual 
relationship to consciousness, ourselves, each other, our world and God. Mastery of Merkaba 
Mechanics is an attribute inherent to achieving the state of consciousness often called “Ascended 
Mastery”, which requires much in-depth study into the “mysteries” of creation. However, a 
functional mastery of Merkaba and the related constructs of the personal “Inner Templar’ system 
upon which the personal body and identity manifest can be achieved through gaining familiarity 
with and actively employing core mechanics of the personal Merkabic System. 

As our Kathara Level-2 Introduction began, our exploration of active techniques of Tribal Shield 
Activation, Merkaba Salutations and Trinity Keys set us on the path of becoming functionally able 
to consciously direct elementary operations of the personal Merkaba Vehicle and Life Force 
Currents, as a means of expediting our progress of Bio-Spiritual Evolution through DNA 
Template/Merkaba Field Activation. As our Kathara Level-2 Introduction continues, we will begin 
to explore the seemingly “magical world of Merkaba”, rediscovering the very tangible 
importance of the Merkaba Field in relation to the inherent dynamics of DNA, health, healing and 
spiritual actualization. To achieve genuine integrity in the facilitation of healing for others, one 
must simultaneously strive to heal and actualize the self. The greater the level of health and 
spiritual actualization possessed by a healing facilitator, the greater will be the facilitation of 
healing for the client to whom the healing facilitator is in service. As Kathara Level-2 Introduction 
draws to a close we will begin an introductory exploration of the “Ancient Secrets” of the Veca 
Codes, so that we may engage practical application of two additional techniques of Photo- 
Radionic and Photo-Sonic Merkabic Healing. Techinque-#10 Restoring the Trion Field Veca 
Code Activation and Technique-#11-Restoring the Meajhe Field Eckasha Activation will 
provide us with powerful tools of the Kathara Healing trade that will substantially increase the 
quality, amount and power of interdimensional frequency we are capable of receiving, 
holding and transmitting. Through these simple but effective Merkabic Healing tools we can 
expedite our processes of personal healing and spiritual actualization, thereby enabling us to 
become more effective and powerful healing facilitators in our client session service. 
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The “Magic of Merkaba” 

Spiritual-science teachings of Merkaba Mechanics emerge from the most ancient of 
times; record of Merkaba teachings is most often found in obscure traditional “Occult” 
texts or within New Age “Ascension” teachings. Genuine Merkaba Sciences hold the keys 
to understanding and mastering the processes of both spiritual and physical evolution, on 
a personal, planetary, galactic and universal level. Merkaba Mechanics are not the 
product of “science fiction”, nor are they “magical hocus-pocus” of “occult mysticism”. 
Merkaba Mechanics are not “magic” at all, but rather an intrinsic element of universal 
Primal Order. Merkaba Fields, sets of Star-tetrahedron shaped counter-rotating electro- 
magnetic energy fields within and surrounding manifest forms, are simply an inherent 
element of the 15-Dimensional Anatomy of form manifestation and the Primal Order 
structure of multidimensional Creation Physics. In the “Transduction Sequence” 
described in Kathara Level-1, the sequence of energy transmutation by which conscious 
energy manifests into tangible biological form, the Merkaba Field represents the structure 
and stage of energy dynamics by which Primal Life Force Currents pass from the scalar- 
wave-template of the embodied Kathara Grid levels into the DNA Template. In terms of 
non-biological form manifestation, all forms possess an inherent structure of interwoven 
Merkaba Fields through which Primal Current energy is transmuted from the Kathara Grid 
Core scalar-template level into the outer levels of the Kathara Grid and Axiom Line 
template upon which the specialized structure of the form builds up, through particle/anti- 
particle accretion, into physical manifestation. Merkaba Mechanics seem “magical” only 
when the inherent “Laws of Nature” that govern the dynamics of Multidimensional 
Universal Unified Field Physics are not understood. 





Through understanding of genuine Universal Unified Field Science, Merkaba 
Fields, and their inherent dynamics as utilized in the study of Merkaba Mechanics, 
are simply recognized as natural elements of the processes inherent to Creation 
Physics and the naturally occurring, organic relationships between Energy 
Consciousness, and the Holographic Manifestation of form. 







As Merkaba Fields are an intrinsic, significant and natural part of the Body-Mind-Spirit 
anatomy, the study and application of Merkaba Mechanics is an essential component in 
any Masters Holistic Healing or Spiritual Actualization program. Merkaba Mechanics are 
“Scientific” in that they represent a core element within the innate processes of creation 
and manifestation that are intrinsic to the sciences of Creation Physics. Merkaba 
Mechanics are also “Spiritual” in that it is through the innate structures and dynamics of 
Creation Physics, of which Merkaba Mechanics are a natural part, that consciousness 
enters the manifest arena in the form of sentient, individuated, multidimensional identity. 
The “body, mind and spirit” of every manifest being is formed through and governed by 
the natural laws of Creation Physics and Primal Order. The Laws of Creation Physics and 
Primal Order are designed and maintained by and within a non-manifest, intelligent, 
central Consciousness Force and Source of Creation that is commonly referred to.as 
“God”. God expresses It-Self in the form of Conscious-energy Constructs that carry the 
living “Spirit and Consciousness of God” in the form of Primal Life Force Currents, 
which are the foundations for macrocosmic and microcosmic creation and manifestation. 
Merkaba Fields and the mechanics by which they function, are an indelible part of the 
physics of Creation and Consciousness, and are thus intimately involved with the Bio- 
Spiritual processes inherent to Spiritual Actualization. 
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Merkaba Fields, DNA, Healing and Spiritual Actualization 


Particles, People, Planets, Galaxies and Universes all have sets of 
interwoven Merkaba Fields that serve as the “core Primal Life Force 
Current circulation system” between the Cosmic, Universal, Galactic, 
Planetary and Personal “Divine Blueprint” Kathara Grid scalar-templates and 
the manifestation of those blueprints into the tangible structures of matter. 
Merkaba Fields are the “carriers of consciousness’ and the “engines of 
energy” by which physically manifest forms are created, maintained and 
evolved through the Holographic Unified Field of manifest space-time-matter 
reality. In relation to the processes of personal bio-spiritual healing and 
spiritual actualization, the personal Merkaba Field is an intrinsic aspect of 
15-Dimensional Anatomy that directly governs the function of the physical, 
emotional, mental and spiritual body systems. The multidimensional 
structure of the personal Merkaba Field is the system of electro- 
magnetic interface by which the Primal Life Force Currents and 
Consciousness of God-Source and Its sentient individuations pass 
from the Kathara Grid Core Template into the scalar-wave DNA 
Template that holds the blueprint for the physical-chemical biological 
DNA. This reality of Merkaba Field-DNA Connection implies that the 
personal Merkaba Field is directly related to the function or dysfunction of 
the biological genetic code. As the Merkaba Field “carries the energy of 
consciousness” into the DNA and biological vessel, the Merkaba Field-DNA 
Connection also implies that the potentialities of consciousness and 
embodiment of spiritual identity, while a being is ensconced within the Time 
Matrix, are dependant upon the condition and function of the personal 
Merkaba Field, DNA Template and Kathara Grid. 


Merkaba Fields are the “carriers of consciousness’ and 
the “engines of energy” by which physically manifest 
forms are created, maintained and evolved through the 
Holographic Unified Field of manifest space-time-matter 
reality. 
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Universal Merkaba Field Structure 

Basic Merkaba Field structure is relatively simple. Viewed Macrocosmically, ina 15- 
Dimensional Time Matrix there are 15 sets of counter-rotating electromagnetic Merkaba 
Spirals that form 15 Universal Dimensional Merkaba Fields. A “Merkaba Field” is 
composed of a set of 2 Merkaba Spirals, one electrical-transmitting “cone”, the other 
magnetic-receiving “inverted cone”; the 2 “cones” of the Merkaba Spirals, which operate 
as a White Hole/Black Hole Pair, intersect each other, creating a system of energy 
vortices that form an Elliptical Sphere of energy within the center of the intersected 
Merkaba Spirals. The Sphere of energy at the center of a Merkaba Field is called the 
FORM CONSTANT; it is a “spherical energy domain’ within which the individuation of 
consciousness and holographic manifestation/projection of form can take place, akin to 
an “energy egg” within which manifest reality occurs. Within this Sphere of energy at the 
center of a Merkaba Field, the template-blueprints of a form are held “constant”, allowing 
conscious Partiki units, particles, anti-particles and ante-particles to accrete in specific 
ratios to “fill out the form in matter”. Within the Form Constant sphere, consciousness is 
able to perceive the holographic illusion of externalized space-time-matter 
manifestation, as the scalar-template of the form is held fixed within the sphere. The 
“hologram” appears to remain “constant” within the Form Constant sphere while 
consciousness is focused within the frequency bands of which the Merkaba Field is 
composed. 

On the macrocosmic universal scale, the Form Constant of each Universal Dimensional 
Merkaba Field creates a single, elliptical-sphere shaped electromagnetic domain of 
frequency that represents a single dimension of manifestation. Following the innate 
mathematical-geometrical structure of Primal Order, the 15 Universal Dimensional 
Merkaba Fields group into 5 sets of 3-Dimensiona!l Merkaba Fields called Universal 
Harmonic Merkaba Fields. The 3 Form Constant Spheres from each set of 3 Universal 
Dimensional Merkaba Fields forms a Universal HOVA BODY, or a “Harmonic Universe” 
electromagnetic domain. Following the mathematical Primal Order program of a Time 
Matrix as held within the Universal Kathara Grid template and transmitted through the 
rotation ratios of the Harmonic and Dimensional Merkaba Fields, each of the 3 
dimensional levels of a Universal Hova Body holds the Partiki units, consciousness and 
matter particulates of its dimensional field into a specific angle and speed of rotation. The 
3-Dimensional Harmonic Merkaba Field controls the relationship of particle rotation angle 
(angular rotation of particle spin or “ARPS") and rotation speed between each of the 3 
Dimensional Merkaba Fields, holding together a 3-dimensional electromagnetic domain, 
within which consciousness can experience a 3-dimensional space-time-matter 
hologram. In a single 15-Dimensional Time Matrix there are thus 15 singular Universal 
Dimensional Merkaba Fields governed by 5 larger 3-dimensional Universal Harmonic 
Merkaba Fields, all of which circulate consciousness in the form of Primal Life Force 
Currents into and out of the hologram of manifestation. The seeming solidity and 
durability of an externally manifest matter-field in space-time is created, maintained, 
perpetuated and completely dependent upon the intrinsic function of the Universah 
Merkaba Fields. 

Within the larger Form Constant elliptical-spheres of the 5 Universal Hova Bodies of a 
15-Dimensional Time Matrix, the holographic perceptual realities of space-time-matter 
take place. Every being or thing in manifest form enters its reality hologram by faking on 
the mathematical program of first the Universal Kathara Grid and 5 Universal Hova 
Bodies, which set the “Life Stream” or “Stream of Consciousness” of Primal Creation 
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Currents in motion following the specific Harmonic Merkaba Field spin ratios 
characteristic to each Harmonic Universe System. Galaxies are formed in this way, as 
individualized expressions of the greater Harmonic Universe of which they are a part. 
Universal Harmonic and Dimensional Merkaba Fields govern the birth, evolution and 
transmutation of the galaxies within them. Galactic Harmonic and Dimensional 
Merkaba Fields govern the birth, evolution and transmutation of star systems and 
planets within them. Planetary Harmonic and Dimensional Merkaba Fields govern the 
birth, evolution and transmutation/death cycles of the species and matter forms existing 
upon the planet. The Personal Merkaba Fields of species and individuals direct the 
function of the personal DNA Template, chemical DNA and biological genetic code, 
thus governing the birth, evolution and transmutation processes of individual organisms. 
The mathematical-geometrical programs of the Primal Order “Divine Blueprint” that 
govern Merkaba Field formation and spin ratios are held within the Universal, Galactic, 
Planetary, Species and Personal Kathara Grid structures. In a singular 15-Dimensional 
Time Matrix, the inter-linked Universal, Galactic and Planetary Harmonic and 
Dimensional Merkaba Fields circulate Primal Life Force Currents and consciousness 
into and out of manifestation in space-time. 


Universal Merkaba Fields 


A Vv mS FORM oe 


Electrical Merkaba Spiral Magnetic Merkaba Spiral One Merkaba Field = 
Rotates Clockwise Rotates Counter-clockwise a set of 2 Merkaba Spirals 
“White Hole” Vortex “Black Hole” Vortex Black-White Hole Sg 


Universal Merkaba Field of One 15-Dimensional Time Matrix 













Density-5 Dimensions 13-14-15 
Primal Kee-Ra-ShA Light 
Trion Fields 


| moncoe 


= 5 Form Constant “Spheres H One 15-Dimensional Time 
form 5 Harmonic Universes 4 Matrix has 15 Universal 

each with 3 dimensions and 4 

3 Universal Dimensional 


Merkaba Fields 






Merkaba Fields 


255 


Tibetan Buddhist ritual instruments used in offerings, including the Damaru, the Bell and the Vajra. Photo © 
YoWangdu. 





The Personal Merkaba, Trion-Meajhe Field, Radial Body and Radis. 
Each individual being receives its life force, consciousness, biology and manifest hologram 
through the innate connection between the Personal Merkaba Field and the Merkaba Fields of 
the Planet, Galaxy, Universe and Time Matrix. When the D-12 Pre-matter Divine “Christos” 

Blueprint is expressing naturally in a planetary system, the organisms on the planet circulate Life 
Force Currents and consciousness through the physical and “spiritual” bodies via the Personal 
and Planetary Merkaba Fields. The Planetary Merkaba Field circulates Life Force Currents 
through the Personal Kathara Grid template (morphogenetic field) of the organism via the 
Planetary Bio-Feed Interface System. The organism’s Personal Merkaba Field then picks up 
the energy from the Kathara Grid and continues to circulate the Life Force Currents from the 
Personal Kathara Grid and into the Maharic Shield imprint in the DNA Template that is held 
within the Level-1 Kathra 12-Tree Grid, Level-2 Kathara Crystal Seals-Hara Grid and Level-3 
Kathara Diodic Grid. From the Maharic Shield imprint in the Kathara Grid, the Personal Merkaba 
Fields distribute the Life Force Currents and consciousness into the DNA/RNA Template and 
Axiom Lines. The Life Force Current continues circulation from the DNA/RNA Template and 
Axiom Lines into the Personal Hova Bodies and Auric Field, to the Chakras and Meridian 
Lines. Passing through the Meridian Lines, the Life Force Current, imbued with the specific 
mathematical manifestation program picked up from the Kathara Grid Divine Blueprint Template, 
then enters a state of final transmutation into 3-dimensional particles by passing through an 
. electrostatic Repulsion Zone barrier that exists surrounding each 3-dimensional Hova Body. 

The frequency barrier surrounding each 3-dimensional Hova Body forms as thin, skin-like 
membrane or “Tissue Capsule” surrounding each of the 5 Hova Bodies in the 15-Dimensional 
Anatomy. The Hova Capsule membrane is composed of Density-5 Primal Light ante-matter 
units, called TRION UNITS, that exist in the form of fixed standing-columnar-scalar-light waves 
made of Keylons, or 3-dimensional Partiki Grids. The Trion Units and Keyon Partiki Grids within 
them are anchored upon a fixed field template of Primal Sound units, called MEAJHE UNITS, 
which exist as fixed points of mathematically organized vibration. The outer layer of each Hova 

Capsule is called the Trion Field, as it is composed of Trions, or units of Density-5 ante-matter 
Primal Light. The inner portion of the Hova Capsule is called the Meajhe Field as it is composed 
of Meajhons (mE’ yans) or fixed points of Primal Sound vibration from the Energy Matrix beyond 
the holographic manifestation of the Time Matrix Light Fields. The collective body of the 5 Hova 
Capsules is called the RADIAL BODY or Trion-Meajhe Field. All manifest forms possess a core 
Radial Body/ Trion-Meajhe Field Hova Capsule structure as part of the intrinsic 15-Dimensional 
anatomy. 

As multidimensional Life Force Currents pass through the Meridian Lines and into each of the 5 
layers of the Radial Body, the energy currents and the consciousness carried upon them project 
the mathematical program of the Divine Blueprint into the Trion-Meajhe Field of each of the 5 
Hova Capsules. Within the Hova Capsule, the individualized raw Life Force Currents enter a 
system of 3-dimensional energy conduits or rivulets called Radis, which are the “turnstiles” 
between “manifest matter” and “conscious energy”. The Radis draw in the Life Force Currents 
with their manifestation program through the Trion-Meajhe Field, then polarize and break up the 
Trion and Meajhon units into negatively and positively charged electrical sub-units called Mions 
and Dions. Partiki, Keylons, Meajhons, Trions, Mions and Dions belong to a category of primal 
building blocks known as IONIC PARTICULATES, which are the building blocks of 
consciousness, energy, light, sound and scalar-wave-fields that form the blueprints upon which all 
matter manifests. Trions are electrostatic particulates that have both a negative and positive 
electrical charge, which renders them neutral or static; they are the foundations of what becomes 
Ante-matter Primal Light particles of pre-visible gaseous light. Meajhons are static units of pre- 
sound standing waves, also possessing neutral electrical charge, that form the Primal Sound 
Fields of the Energy Matrix. Within the structures of the Radial Body Radis rivulates, Trions and 
Meajhons are polarized into negative charged Mions (“Base Magnetic” vibrating pre-sound 
particulates, foundations of negatively charged particles such as electrons, originating from the 
Universal Particle Particum field.) and positively charged Dions (“Base Electrical” oscillating pre- 
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light particulates, foundations of positively charged particles such as protons, originating from the 
Universal Anti-particle Partika field). Together, Mions and Dions create the electromagnetic 
lonic Particulate base field within the Merkabic Form Constant through which particles emerge 
via lonic Particulate accretion into tangible matter units. 

The Trion-Meajhe Field Radial Body of any manifest form represents the 5-Density “Veil” 
through which consciousness-as-Primal Life Force moves into and out of externalized 3- 
dimensional manifestation. Merkaba Fields are the “energy engines and consciousness 
carriers” by which Life Force and consciousness are circulated between the internal 
Kathara Grid scalar template and the Trion-Meajhe Field Radial Body “veil” as they pass 
into and out of external expression. The perpetual polarization, electromagnetic expression 
and de-polarization of the Life Force Currents within the Merkaba Field Form Constant 
electromagnetic domain is the process by which the holographic projection of matter is 
perpetually brought into and taken out of perceptually experiential being. The Radial Body Trion- 
Meajhe Field receives, via Merkaba Field circulation, the template or “design” for its particle 
manifestation from the “instructions” held in the Divine Blueprint Maharic Shield and DNA 
Template of the Kathara Grid. Manifestation instructions pass from the Kathara Grid to the DNA 
Template via the Merkaba Field, then continue into the energy circulation systems (Axiom Lines, 
Hova Bodies, Chakras, Meridians) that deliver the instructions to the Radial Body for particulate 
manifestation. In biological life forms, the Radial Body and Radis then translate the scalar-wave 
blueprint of the DNA Template and Kathara Grid into the polarized lonic Particulate Mion-Dion 
sub-units, which accrete following the DNA Template instructions to form sub-atomic, atomic, 
molecular, chemical DNA, physical matter form- the vehicles of embodied consciousness. The 
Merkaba Field also receives its instructions for energy circulation from the Kathara Grid and DNA 
Template. 
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The Racial Boch lissue Gapsulle, Racdlis 
& the Mechanics of Manifestation 


The Radial Body exists as a thin "Tissue Capsule” surrounding each of the 5 Hova Bodies. 
Each of the 5 Radial Body Levels are composed of an Outer Layer of electrostatic neutral- 
charge Trion Primal Light Units and an Inner Layer of Meajhon Primal Sound Units. Each of 
the 5 Levels of the Radial Body serve as the polarizing filter or “lens” through which 
Multidimensional Primal Life Force Currents flow, via Merkaba Field circulation, from the 
Kathara Grid and DNA Template, into manifest form. 


[One Level of the Radial Body 
Trion Field Outer Layer 


Meajhe Field inner Layer 





5 “Nested” Hova 














Radial Body Transduction-Manifestation Sequence 
Primal Life Force Current Partiki Units Planetary Merkaba Field 
(Units of Consciousness/Primal Substance) 
Partika and Particum Units Kathara Template/Maharic Shield p 
(Polarized Primal Substance Units) DN LBA 
3-D Partiki Grid Keylon Units/Codes/Grid Morph. Keylon Thought-Form Field lau syed 
(3-D Crystallized Pre-Light-Sound units, unit groups and grids) VV 
Merkaba Field Keylons (3-D Crystallized Pre-Light-Sound Keylon Unit electromagnetic spiral sets) 


DNA/RNA Template Keylons Kathara Grid (3-D Crystallized Pre-Light-Sound unit Template) 
Axiom Lines-Hova Bodies-Auric Field~-Chakras-Meridian Lines 

Trion & Meajhon Electrostatic Units 5 Radial Body “Lens” Levels Trion-Meajhe Field 
Dion (+) & Mion (-) lonic Particulate Electromagnetic Units Radis Lines 





Sub/Atomic Particles/Anti-Particles, Molecules...Chemical DNA 


Physical Matter Body Hologram “Chemical Lens” ier SES 


External Hologram Projection of Space-Time-Matter 
Primal Life Force Currents) Planetary Merkaba Field Partikiggy Kathara Grid -Partika-Particurggy 
Maharic Shield Divine Blueprint Keylon Morphogenetic “Thdught-form” Field Merkaba 
Fieldsam) Kathara Grid DNA/RNA Template mm) Axiom Lines ml) Hova Bodies Auric Field mm) 
Chakras = Meridian Lines Trion-Meajhe Field 5 Radial Body Levels Radis Lines = 
Mion & Dion lonic Particulates E=) Strong and Weak Nuclear Force, Electromagnetism=&) 

Quarks, Muons, Measons, Sub-atomic & Atomic Particles and Anti-Particles [oon Blueprint 
translation into Nuclei, Molecules, Elements, Compounds, Chemicals cA) Chemical DNA 

Template and “Chemical Lens” of the manifest body form = Manifest Hologram C4 


Reverse Transduction De-Manifestation Sequence: matter- chemical DNA- Sub-Atomic units- Radis 
Mior/Dion units- Radial Body Trion-Meajhon units- Meridian Line-Chakra-Auric Field-Hova Body-Axion Line-DNA Template-Merkaba 
Field-Morphogenetic Thought-form Field Keylon Grids & units- Maharic Shield Template & Kathara Grid Partike and Particurn Units- 
Planetary Merkaba Field Partiki Units of consciousness. 
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atv-i8 = S = 
. From the Planetary Merkaba Field (via the Planetary Shield, Axiom Lines, Hova Bodies 
Vortices, Meridian Lines and Radial Bodies), rhythmic pulses of Conscious Primal Life 
Force Currents enter the species and personal Kathara Grid Core Template as Primal 
Units of Partiki. 


. Within the Kathara Grid Template the Partiki Units pick up the mathematical- 
geometrical program from the Maharic Shield “Divine Blueprint” Template, polarize to 
form Particum and Partika Units, then accrete to form 3-dimensional electro-magnetic 
Partiki Grids called Keylons. The Keylons group together mathematically forming 
complex templates of Crystallized Keylon Codes (or “Keylon Thought-Crystals’), 
which create a mathematically encoded 3-dimensional Morphogenetic Field ( “Keylon 
Thought-form Field” or Morphogenetic “Keylon Crystal Grid”) carrying the 
manifestation blueprint program of the Maharic Shield. 


. As the Primal Life Force Currents of the electromagnetic Keylon Crystal Grid interact with 
each other following the program of the D-12 Pre-matter Universal Divine Blueprint, 
they form sets of spiraling electro-magnetic vortices called Merkaba Fields, which 
carry the Maharic Shield-Kathara Grid Blueprint program into formation of the DNA/RNA 
Template Keylon Crystal Grid. 


. From the DNA/RNA Template held in the Kathara Grid, Primal Life Force Current carries 
the Keylon Crystal Grid of the blueprint into the Axiom Lines, Hova Bodies, Auric 
Field, Chakras and Meridian Line systems, finally carrying the Keylon Crystal Grid of the 
Divine Blueprint into the 5 Radial Body “Tissue Capsule” Levels. 


Within the 5 Levels of the Radial Body the incoming Keylon Crystal Grid translates 
into electrostatic Trion-Primal Pre-Light Units (gaseous pre-light Ante-matter) and 
Meajhon-Primal Pre-Sound Units (units of vibrating pre-sound energy) that possess a 
neutral electrical charge. The Encoded Primal Life Force Currents (PLFCurrents+ 
Keylon Crystal Grid blueprint program) are converted into a Trion-Meajhe Field 
blueprint replica; a * Primal Light-Sound” translation of the original blueprint. 


. The Encoded Primal Life Force Currents then travel, AS the Encoded Trion-Meajhe 
Field, into the Radis Lines in each of the 5 Levels of the Radial Body. The Radis Lines 
first replicate and store the mathematical blueprint encoding of the Trion-Meajhe 
Field, then polarize the neutrally charged Trion-Meajhe units into electromagnetic units 
called Mion (-) and Dion (+) lonic Particulates. The replicated Trion-Meajhe Field blueprint 
becomes part of the “Primal Pre-sound vibration” Meajhe Field Inner Layer of the Radial Body Trion-Meajhe 
Field, serving as a living “Memory Matrix” composed of Meajhon Unit ‘Primal Pre-sound vibration”. The 
polarized Mion/Dion Units become the foundations upon which the “Strong and Weak Nuclear Force’, 
Electromagnetism, quarks, Muons, Measons, Sub-atomic Particles and Anti-particles etc. form. Parlicum- 
based Mions ("Base magentic) become particles, negative electrical charge units like electrons and sound 
spectra. Partika-based Dions become anti-particles, positive electrical charge units like protons and light 


spectra. 
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Radial Body Transduction-Manifestation Sequence- Continued page 2 


7. Blueprint Encoded Primal Life Force Currents in the form of a Mion-Dion Field then 
translate the original Kathara Grid Blueprint into Quarks, Muons, Measons, Sub-atomic 
and Atomic particles and anti-particles, which accrete according to the blueprint to 
form molecules, elements, chemicals, the Chemical DNA Blueprint and the 
physically manifest body form. As this occurs the body image “flashes on’ into 
manifestation as a Pulse of Life Force Consciousness carrying the Chemically 
Translated Holographic Image of the body form template blueprint. This Pulse of 
Consciousness continues to expand from the Kathara Grid and DNA via the Transduction 
Sequence, through and beyond manifestation of the body image and into projection of 
portions of the Dimensional Unified Field that holographically translate into 
individualized experience within a perceived Common Planetary Time Rhythm and 

Matter Field. 


NOTE: An individual will holographically perceive and experience only the portions of 
the Dimensional Unified Field mathematical-geometrical program that are encoded 
within the personal Maharic Shield, species Tribal Shield and Planetary, Galactic and 
Universal Shield aspects of the personal Kathara Grid and DNA Template. 

A global population experiences a common planetary reality field and time continuum because the Kathara Grid 
Template and DNA of all beings entering a planetary field adopt the common imprint of the mathematical- 
geometrical program of the Planetary Kathara Grid blueprint in order to enter into the electromagnetic domain of the 
Planet's Form Constant Hova Body structure for experiential manifestation. Members of a singular species share a 
common species Tribal Shield template through which a common Chemical Body Form and perceptual orientation 
holographically manifest. The imprint for individuality in biological form, life experience variation and the application of 
Free Will Choice is held within the mathematical program of the personal Maharic Shield D-12 Pre-Matter Divine 
“Christos” Blueprint. Imbued within the mathematical program of the Human species Tribal Shield, and that of 
some other species, is the imprint for probability to exist. The Human species Tribal and Maharic Shields carry a 
program that allows for new programs of probable creation to be added to the personal and species Kathara Grid, 
allowing the embodied consciousness to retain a degree of direct influence over what sets of mathematical programs 
will be called into personal experiential Holographic Expression from the personal Maharic Shield Template. Creative 
variation on the original personal, species, planetary and galactic Divine Blueprint is possible as long as the new 
probabilities do not deviate so excessively from the Pre-set programs and Original Intentions of the Universal Divine 
Blueprint that the structural integrity and Source-God Will Intentions for our Time Matrix become irreparably 
compromised. Free Will thus exists within a pre-set framework of overriding Divine Will, and is permitted free 
reign in the manufacture of co-creative experiential probability up to the point at which the Original Divine Will of 
Source and the creative framework itself become unduly jeopardized, 


8. The physical body form serves as a Chemical Lens through which portions of the 
Dimensional Unified Field are perceived by the embodied consciousness as a 
3-dimensional Hologram, as the Primal Life Force Currents continually carry pulses of 
the individuated consciousness through the Transduction Sequence from Kathara 
Grid, through the DNA, to the manifest Chemical Lens of the physical body structure and 
Holographic “external” reality field projection. 
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Radial Body Transduction-Manifestation Sequence- Continued page 3 
9. As a Keylon-Thought-Form blueprint traveling on one Pulse of Consciousness fully 
expands (fully “Activates”) into the manifest externalized hologram, another Pulse of 
Consciousness is released from the synchronized mathematical programs of the 
Planetary Merkaba Field, which sets the Transduction Sequence in motion cinitiates"yfor the 
next portion of the personal mathematical blueprint. The blueprint of the Planetary 
Kathara Grid regulates the cyclic Hoa at ay ose of Life Force Current will 


“ilies Tan teec cca eopestubes lores a sakes Geren tuiv qu aghy ealean ontcoieccl eas ose aaTae fect the 
species Tribal Shield, ee a de Caries on Unda catia cana: A olcua Teton ce vara ee, 


Continuum or "Time Wavef" into which the consciousness intends manifest embodiment. A singular Time Wave constitutes a Time Continuum, within which there 

are specific repeating cycies of progressively accelerating Pulses of Time that collectively form the linear time-progression continuum of a Planetary Tire Cycle. 

1. As one Pulse of Time/Consciousness brings its blueprint into manifest Critical Mass 
Expansion (fully activates specific portion of the blueprint in Holographic Expression), the 
Planetary Merkaba Field releases the next “incoming” pulse of Time, which carries the 
next portion of the Kathara Grid mathematical blueprint into the Transduction Sequence. 
As the new Pulse enters the Transduction Sequence and begins Expansion toward 
manifestation, the first pulse of the fully expanded hologram begins Contraction, 


entering a back-return through the Reverse Transduction Sequence (matter- chemical DNA-Sub- 
Atomic units- Radis Mion/Dian units- Radial Body Trion -Meajhon units- Meridian Line-Chakra-Auric Field-Hova Body-Axion Line-DNA 
Template-Merkaba Field-Morphogenetic Thought-form Field Keylon Grids & Units- Maharic Shield Template & Kathara Grid Partika and 
Particum Units- Planetary Merkaba Field Partiki Units) 





11, As pulse-1 contracts its hologram program moving backward through the 
Transduction Sequence, creating the “Remembered Past” moment, the pulse-2 
simultaneously expands its hologram program moving forward through the 
Transduction Sequence, birthing the as-yet-to-come “Future” moment. The backward 
moving “Past” pulse-1 and the forward moving “Future” pulse-2 intersect at the Radial 
Body Levels in the Transduction Sequence. This “past pulse-future pulse intersection 
point’ is called the Eiron (E’r-on) Point, also known as “Zero Point’, the “Present 
moment of conscious focus within the hologram’, or the “Eros Conscious, Breathing 
Life-Force Stream’ ( aiso referred to as the “Stream of Consciousness”, the “Living Holy Spirif or the “Breath of God’ .etc.). 


12. The Eiron/Zero Point, or Eiros, is the “Present Moment of Creation Power’ for the 
“manifest” conscious identity. It exists at the position where the third dimensional field, 
the electromagnetic Resonant Tone “Mental Body” field of a single 3-dimensional Hova 
Body, intersects with the Meajhe Field Inner Layer of the eagles Radial Body 







Tissue Capsule. Trion Field Outer Layer Pre-Lig} 
aS Meajhe Field Inner Layer “Pre-sound 
——$— > MENTAL BODY 3° Hova Body Dimensional Field 
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EMOTIONAL-ELEMENTAL BODY 2° Hova Body Dimensional Field 
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Radial Body Transduction-Manifestation Sequence- Continued page 4 

13. As the backward moving “Past” pulse-1 and the forward moving “Future” pulse-2 
intersect at the Radial Body Meajhe Layer Eiros (Eiron Point) the returning 
contracting pulse-1 passes throygh the Trion Layer and into the Meajhon blueprint 
replica, called a “ Radial TILE” Wy, that it left behind in the Meajhe Layer Eiros during 
pulse-1’s incoming passage. Just as the returning pulse-1 retreats back through its 
Radial Tile, the incoming pulse-2, carrying the next blueprint coding 
,simultaneously passes through the first Radial Tile, combining the “past” Radial Tile 
mathematical-vibrational blueprint with the incoming pulse-2 blueprint ~ At this 
moment-point, the hologram template from the “past moment’ is adopted by the incoming 
“future moment” pulse-2 and expanded by the pulse-2 blueprint. 

ow OM L@y 


Transmuted Moment-1 Blueprint one Harmonic Up" ~~. 






14. As pulse-2 picks up the pulse-1 Radial Tile = the retreating pulse-1, which now 
holds the Radial Tile blueprint in reverse mathematical sequence as TRION Pre- 
light Units § , collides with the incoming pulse-2. Both pulses carry the common 
blueprint of the first Radial Tile; the incoming pulse-2 holding the blueprint in forward 
mathematical sequence as Meajhon Pre-sound Units ‘sy, the retreating pulse-1 
holding the blueprint in reverse mathematical sequence as Trion Pre-light Units ; 
As the expanding/advancing and contracting/retreating pulses collide with blueprint 
“sequence and anti-sequence”, the pulse-1 reversed Trion Radial “Anti-Tile” fuses 
with the original Meajhon Radial Tile and both Radial Tile and Anti-tile 
completely de-manifest or “Ascend” from their original Harmonic Universe by 
TRANSMUTING to become a Merkaba Field. The energy/ consciousness once held by 
Radial Tile/Anti-tile then replicates its original blueprint via Fission, leaves a dormant 
“Memory Imprint” Meajhon replica Win the Radial Body Meajhe Field, and reappears 
in faster oscillating form within the corresponding Hova Body Form Constant of the next 
Harmonic Universe up in the dimensional scale. 


15. As transmutation of the “past” Radial Tile occurs in the Radial Body Eiros, the incoming 
pulse-2 is momentarily held static as it leaves a new Radial Tile in the Meajhe Field; the 
new Radial Tile holds the pulse-1+pulse-2 program. At this moment-point the entire 
externalized Hologram literally “Flashes Off" and de-manifests, its energy held irl 
suspension within the Radial Body Trion/Meajhe Field. When the first Radial Tile is 
transmuted, the incoming pulse-2, carrying an expanded imprint of the first Radial 
Tile, progresses from the Meajhe Field Eiros to Trion Field, then begins to “Flaslh On’ its 
blueprint in manifestation. The embodied self perceives a “liner moment progression’, 
the pulse-fprogram becomes “memory” of the “Past” moment, pulse-2 the “Present”. 
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The Radial Body, Mechanics of Manifestation, 
Healing and Human Potential 

There is much more to be revealed regarding the subject of the Mechanics 
of Manifestation. Our introduction to the Radial Body anatomy, the 
Transduction Sequence and the Mechanics of Manifestation represents 
a beginning in the quest for genuine mastery over the manifest experience. 
In this Kathara Level-2 Introduction we will not yet address the highly 
pertinent aspects of Manifestation Mechanics that pertain to direct 
Creation of matter and events through Conscious Thought Projection 
and applied personal Will Intention, nor will we yet investigate the complex 
realities of Space-Time Travel, Star Gate Passage and the Spiritualized- 
science of Ascension. All of these subjects and more are intimately 
intertwined with personal healing and the Imprint for Health, attaining 
mastery over Manifestation Mechanics and the Bio-Spiritual processes of 
genuine Spiritual Actualization. All of these abilities, and many others too 
numerous to mention, presently exist as dormant evolutionary potentials 
for the Human species; potentials that were once, long ago, fully actualized 
and commonly expressed. The Kathara Bio-Spiritual Healing System 
represents a body of Master teachings that focus upon the manifestation 
and maintenance of Holistic Health through Bio-Spiritual Mastery and 
Spiritual Actualizaton. Exploration of subjects such as Merkaba 
Mechanics, Manifestation Mechanics and the Radial Body Trion-Meajhe 
Field is an intrinsic part of furthering our abilities to embody and practice the 
ideals of Healing and Health through Holism. 

Before we can begin to actualize the exciting potentials of freedom, love, 
power and knowledge that await Human re-discovery, we must first focus 
upon healing the obstacles that have long stood in our way of actualizing 
true Human potential. Our study of Merkaba Mechanics in this Kathara 
Level-2 Introduction has included a necessary introduction to Manifestation 
Mechanics and Radial Body Anatomy; the greatest physical and spiritual 
difficulties presently facing Humankind emerge from a HIDDEN ILLNESS 
that has held our species hostage within a progressively deteriorating, 
unnatural Mortal body form. The underlying cause of ALL Human 
illness is an unnatural genetic mutation that manifests THROUGH the 
DNA Template and chemical DNA. The Casual Element of this species 
genetic deviation from its original Divine Blueprint can only be found through 
study of the 15-Dimensional Anatomy, Primal Life Force Currents, 
Kathara Grid, Maharic Shield, Merkaba Field, DNA Template, the Radial 
Body and the intimate interplay that perpetually exists between these 
interwoven systems. It is precisely this species genetic deviation, which 
has progressed and increased for over 200,000 years, that has kept 
Humanity bound to a finite, limited world, unable to express the potentials 
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that once existed as our birthright. Though the problem of this species 
“Internal Illness” is multi-faceted and highly complex, the Soul-U-tions 
through which progressive healing of the Human genome can be rendered 
are relatively simple. The Soul-U-tions for healing and restoring health to 
our species, and ourselves, require familiarity with basic Kathara Grid, 
Manifestation Template, Radial Body, DNA Template and Merkaba 
Mechanics. These are the elements of our 15-Dimensional anatomy within 
which the Casual Element of our genetic deviation is held, and thus these 
are the elements of our anatomy through which the most rapid and 
permanent Healing Solutions can be rendered. 

In the following pages we will continue our investigation of the 
Transduction Sequence and the Miasmic Body, in order to identify the 
regions of our 15-Dimensional Anatomy in which our hidden genetic 
mutations are created, stored and perpetuated. Once we can identify the 
regions in which the greatest healing is needed, we can then directly employ 
appropriate remedial measures. Working with the Core Kathara Grid and 
Maharic Shield Divine Christos Blueprint to reset the Imprint for Health 
(Kathara Level-1), while simultaneously working with the elements of our 
anatomy within which the most significant remedial measures are 
needed, will allow us to use Divine Blueprint technology to implement 
expedited healing. In this Kathara Level-2 Introduction we will examine the 
Transduction-Manifestation Sequence and how it’s present malfunction 
creates the Miasmic Body, which creates the DNA Template distortion 
through which our chemical DNA mutation, and a phenomenon known as 
the “Phantom” or “Shadow” Self is brought into being within our manifest 
hologram. We will then continue our exploration of Merkaba Mechanics and 
Radial Body Healing applications, to discover the “Secrets of the Veca 
Codes’, and Photo-Sonic and Photo-Radionic Radial Body Healing 
technologies, through which our Kathara and Merkabic Healing applications 
can be tremendously intensified, amplified and expedited. 


The 5 Radial Body-Hova Capsule-Trion-Meajhe Field Levels 
and Dimensional, Triadic Phase Current, Density Level, Merkaba Phase, Hova Body, DNA Template, 
Axiatonal Line, Chakra, Identity Level and Memory Matrix Correspondences 


NADIAL CAPSULE:(also called Telluric Capsule): Composed of Dimensions-1-2-3 Teffuric 
Kundalini Current frequency, Density-1 Trion-Meajhe Gross Matter Density, 3-Dimensional 
Nethra Phase Merkaba, surrounds Nada Hova Body, corresponds to DNA Strand Templates, 
Axiatonal Lines and Chakras 1-2-3 and holds focus of consciousness in the D-1 Lower- 
Physical-Atomic, D-2 Lower-Telluric-Emotional-Elemental and D-3 Lower-Mental Taurenic 
Bodies of the embodied Density-1 Incarnate Personality-Tauren identity, the Sub-conscious, 
instinctual and Ego-Reasoning aspects of the “Mortal Mind" and the Personal Taurenic 
Memory Matrix. Radis rivulets are called “Nadis Lines’ (or Telluradis Lines) 


DORADIC CAPSULE: Composed of Dimensions-4-5-6 Doradic Kundalini Current frequency, 
Density-2 Trion-Meajhe Semi-etheric Matter Density, 6-Dimensional Hallah Phase Merkaba, 
surrounds Alpha Hova Body, corresponds to DNA Strand Templates, Axiatonal Lines and 
Chakras 4-5-6 and holds focus of consciousness in the D4 Astral-Mid-Physical-Atomic, D-5 
Archetypal Mid-Telluric-Emotional-Elemental and D-6 Celestial Mid-Menta! Doradic Bodies of 
the embodied Density-2 Incarnate Soul-Dora identity, the “Angelic Mind” and the Soul/Species 
Akashic Memory Matrix. Radis rivulets are called “Doradis Lines” 


TEURIC CAPSULE: Composed of Dimensions-7-8-9 Teuric Kundalini Current frequency, 
Density-3 Trion-Meajhe Etheric Matter Density, 9-Dimensional Quatra Phase Merkaba, 
surrounds Betcha Hova Body, corresponds to DNA Strand Templates, Axiatonal Lines and 
Chakras 7-8-9 and holds focus of consciousness in the D-7 Higher-Physical-Ketheric, D-8 
Monadic Higher-Telluric-Emotional-Elemental and D-9 Keriatric-Higher-Mental Metatronic 
Bodies of the embodied Density-3 Incarnate Over-Soul-Teura identity, the “Archangelic Mind” 
and the Over-Soul/Planetary Askashic-Eckashic Memory Matrix . Radis rivulets are called 
“Teuradis Lines”. 


MAHARIC CAPSULE: Composed of Dimensions-10-11-12 Maharic “Christos” Pre-matter 
Hydro-plasmic Liquid Light Primal Current frequency, Density-4 Trion-Meajhe Pre-matter 
Density, 12-Dimensional Mahunta Phase Merkaba, surrounds Mahara Hova Body, 
corresponds to DNA Strand Templates, Axiatonal Lines and Chakras 10-11-12 and holds 
focus of consciousness in the D-10 Christiac-Transcendent Pre-Physical, D-11 Buddhaic 
Transcendant Pre-Telluric-Emotional-Elemental and D-12 Nirvanic Transcendent Pre-Mental 
Hydronic Bodies of the embodied Density-4 Incarnate Avatar-Dolus identity, the “Christos 
Avatar Mind” and the Avatar/Galactic Dolaric Memory Matrix. Radis rivulets are called 
“Maharadis Lines’. 


RISHIAC CAPSULE: Composed of Dimensions-13-14-15 M Kee-Ra-ShA Ante-matter 
Thermo-plasmic Gaseous Pre-Light Primal Current frequency, Density-5 Trion-Meajhe Ante- 
matter Density, 15-Dimensional Rahunta Phase Merkaba, surrounds Raja Hova Body, 
corresponds to “Indigo Grail Line” DNA Strand Templates, Axiatonal Lines and Chakras 13- 
14-15 and holds focus of consciousness in the D-13-14-15 Transcendent Ante-matter Hedronic 
Bodies of the Density-5 Breneua Rishi Consciousness Collective identity, the “Rishiac! 
Universal Mind” and the Rishi/ Universal Rishic Memory Matrix of one 15-Dimensional Time 
Matrix. Radis rivulets are called “Rishadis Lines”. 


The 5 3-dimensional Levels of the Trion-Meajhe Field Radial Body within the 15-Dimensional 
Time Matrix connect each Density Level of all manifest consciousness to the greater, non- 
dimensionalized structure of the Energy Matrix Khundaray Primal Sound Vibration Meajhe 
Field through the Density-5 Ante-matter Kee-Ra-ShA Primal Light Trion Field. 
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The Transduction Sequence and the Miasmic Body 
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Merkaba, the Radial Body Merkaba Vehicle, Ascension and Healing 


The Personal Radial Body or Trion-Meajhe Field is composed of 5 
Hova Body Capsules that manifest as electromagnetic barriers or 
“frequency fences” between each set of 3 DNA Strand Templates, 
each set of 3 associated Axiom Lines, Chakras and Meridians and 
between each 3-dimensional layer of the Auric Field and corresponding 
level of personal multidimensional identity. 


Each of the 5 3-dimensional Harmonic Merkaba Fields corresponding 
to the 5 Hova Bodies of 15 Dimensional Anatomy govern the function of 
the corresponding Dimensional Merkaba Fields, Radial Body level 
and its imbedded Memory Matrix, via the mathematical program held in 
the personal Kathara Grid, Shields and Crystal Body template. The 
Kathara Grid program is passed from the Keylontic Crystal Body into 
the DNA Template via the Dimensional and Harmonic Merkaba 
Fields and the “mini-Merkaba Fields” of the Level-3 Kathara Diodic 
Grid. 


Each Hova Capsule Radial Body level, receiving its instructions from 
the DNA Template and 3 dimensional Mental Body Hova Body level, 
in turn governs the function of the chemically manifest DNA and all 
body-consciousness systems that are built upon chemical genetic code. 


The Harmonic Merkaba Field governs the particle spin axis (Angular 
Rotation of Particle Spin) ratios of the energy units that make up its 
corresponding 3-dimensional system. Each Harmonic Merkaba Field 
corresponds to one Hova Body, one set of 3-dimensions and the 
Matter Density Level characteristic of that 3-dimensional system. Each 
Hova Body, and thus each Harmonic Merkaba Field Level and Radial 
Body Level, correspond to one set of 3 DNA STRAND TEMPLATES 
within the Human12-Strand Template. 


Full activation of one Harmonic Merkaba Field creates reciprocal 
activation of the corresponding set of 3 DNA Strand Templates, which 
creates embodiment of corresponding levels of identity and 
consciousness (personality, Soul, Over-Soul, Avatar, Rishi etc). When 
one Harmonic Merkaba Field fully activates through natural activation of 
the corresponding Shields and Crystal Body Keylons, the Harmonic 
Merkaba Field becomes capable of merging with the Harmonic 
Merkaba Fields from other Density Levels, in a process frequently called 
Transmutative Dimensional Ascension. 
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During the process of “Ascension”, (also called “space-time travel’, 
“wave-riding”, “Star Gate passage’, “Teleportation” etc.) the Harmonic 
Merkaba Fields of more than one Density Level merge, progressively 
shifting the two or more different sets of 3-dimensional particles into 
a common particle spin axis angle and spin speed. The 
corresponding Axiom Lines, Hova Bodies, Auric Field levels, 
Chakras, Meridian Lines and Radial Body Levels also merge. 


When Harmonic Merkaba Fields, and their corresponding Inner Templar 
anatomy, merge, the Fire Codes between the corresponding DNA 
Strand Templates activate, causing the DNA Strand Templates to 
merge, which creates a reciprocal reaction called “DNA Strand 
BRAIDING” between corresponding chemical DNA strands. (The 
“Double Heli” configuration of “one strand” remains, as the chemical 
components of each strand overlay together to become a single Double 
Helix containing the chemical programs of multiple DNA strands.) 


When the Fire Codes between strands in the DNA Template activate, 
dormant sequences of chemical DNA called “ Transient Turnstile DNA 
Sequences’ “turn on’ within the Hydrogen Bonds that link each DNA 
“Ladder Rung’ together, producing a transient trans-harmonic 
element called Celestalline within the chemical DNA. 


Natural Braiding of the chemical DNA strands and activation of the 
chemical Turnstile DNA Sequences create a series of sub-atomic bio- 
chemical DNA responses that allows for Internal Atomic Particle/Anti- 
particle Fusion and Fission. Natural Internal Atomic Fusion-Fission 
enables the manifest atomic structure to temporarily de-manifest, 
returning to “spirit form’, by re-entering the electrostatic Trion-Meajhe 
Field of the corresponding Radial Body Levels. 


During the Ascension process, the Harmonic Merkaba Fields of 2 or 
more Density Levels merge, forming various PHASES of Merkaba 
activation that create a Trans-Harmonic Merkaba Field that is called 
the Merkaba VEHICLE. The 3-Dimensional NETHRA Phase Merkaba 
Field of Density-1 accelerates in rotation speed to become the 6- 
dimensional HALLAH Phase, 9-Dimensional Quatra Phase, 12- 
Dimensional Mahunta Phase or 15-Dimensional Rahunta Phase 
Harmonic Merkaba Vehicle. 
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As a phase of the Trans-Harmonic Merkaba Vehicle activates, the 
corresponding lower-dimensional Hova Body and Radial Body Level 
dissolve, their content of energy and consciousness expanding into the 
next Hova Body and Radial Body Level, forming a Trans-Harmonic 
Radial Body “FORM CONSTANT” within the Merkaba Vehicle. 


The Trans-Harmonic Radial Body and Merkaba Vehicle allow the 
consciousness and biological form to “de-manifest” from the lower 
dimensional Density Level. The identity can then re-manifest in another 
Density Level or space-time coordinate by projecting itself into the 
desired location, AS the electrostatic Trion-Meajhe Field Trans- 
Harmonic Radial Body, then returning the DNA Template activation 
level and Harmonic Merkaba Spin ratios to that of the new location for 
re-manifestation. 


When the Personal Merkaba Field is used to form the Trans-Harmonic 
Radial Body in the process of Ascension, the Merkaba Field is called a 
MERKABA VEHICLE. A Merkaba Vehicle is an electrostatic Trion- 
Meajhe Field of Primal Pre-Light-Sound through which the 
consciousness (AKA “spirit”) can move itself, and its atomic structure, 
through thought-projection, to a desired location beyond the “veils” of 
the Planetary, Galactic and Universal Hova Capsule-Radial Body-Form 
Constant barriers. 


Conscious mastery of the Personal Merkaba Field, through which the 
organic internally created Merkaba Vehicle Trans-Harmonic Radial 
Body becomes available for conscious direction, implies conscious 
control of DNA Template function. The potentialities of genuine 
Ascension (etc...) and mastery of Bio-Spiritual Consciousness are 
inborn attributes of the Human 12-Strand DNA Template. Due to a 
species de-evolutionary genetic mutation that compromises natural 
function of the Personal Merkaba Field and DNA, the reality of 
Ascension on a species level has been lost to all but a few on Earth for 
over 200,000 years (re: Masters Templar Coursebook), 


The potentials of Bio-Spiritual Actualization CAN be returned to 
humankind through reverse-mutation of genetic dysfunction within the 
human genome and DNA Template. Healing the genetic template can 
be achieved by manually employing specific practices of Kathara 
“Maharic Shield” Core Template Dynamics in combination with 
Harmonic Merkaba Mechanics through which the many eons of 
biological miasmic distortion can be progressively and rapidly cleared 
from the Personal Kathara Grid and DNA Template. 
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Restoration of the D-12 Pre-matter Divine Blueprint within the Human 
Kathara Grid and DNA Template will eventually free the Personal 
Merkaba Field for use as a Trans-Harmonic Merkaba Vehicle. 
Kathara Healing applications, and use of the D-12 Pre-matter Maharata 
“Christos” Current to reset the biological D-12 Pre-matter Divine 
Blueprint, are the beginning steps in reclaiming Bio-Spiritual Mastery. 


The function of the personal Merkaba Field and DNA Template are not 
only associated with abilities of Atomic Transmutation and 
Dimensional Ascension, they are directly linked to every aspect of 
body-mind-spirit function, including biological longevity and health, 
memory, intelligence, and metabolic, chemical, mental and 
emotional balance and stability. 


Most significantly, the Merkaba Field/DNA Connection is the Bio- 
Spiritual conduit through which the consciousness of an embodied 
individual is directly linked to the common Perpetual Force of Energy 
and Eternal Source of Intelligent Creation that is “God”. 


When a being’s Merkaba Field and DNA Template are functioning upon 
the innate program of Universal Primal Order, as it is held within the 
Pre-matter Universal Divine Blueprint of the D-12 “Christos” Liquid- 
Light field, the natural and perpetual supply of Primal Life Force 
Currents and “spiritual” consciousness emanating eternally from 
Source-God, flow through an open energetic channel or “Pillar of 
Light’, which is called the “Um Shaddai Ur’ (Pillar of First Cause Light- 
Sound’) into the manifest embodiment. Such a being is called a 
“Christed Being’. This implies that the integrity of its original D-12 Pre- 
matter Divine Blueprint has not been structurally compromised, and thus 
the perpetual Life Force Currents, consciousness, sentience, 
intelligence, wisdom, power, Will and LOVE of Source can freely 
express through the Um Shaddai Ur, into the manifest hologram of the 
Time Matrix through the Christed embodiment. 


If the Kathara Grid, DNA Template and Merkaba Field of a being are 
damaged, and no longer carry the original mathematical-geometrical 
program of the D-12 Divine Blueprint through which the being entered 
space-time, the flow of Primal Life Force Currents, the Um Shaddai Ur 
Pillar and thus the active consciousness connection to God will be 
distorted, reduced or severed at the dimensional level to which the 
template distortion corresponds. 
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A manifest being incapable of running the Primal Life Force Currents of 
the Um Shaddi Ur “Pillar” becomes biologically finite, its 

mraberse rainy Lt in the Time Matrix’, even following death of the 
physical body.” “,'thé ‘natural Laws of Creation Physics as set by 
Source-God, this condition of finite mortality will remain until the 
being’s Kathara Grid Template and Merkaba Field connection to the 
D-12 Universal Divine “Christos” Blueprint and Universal Trion- 
Meajhe Field Um Shaddi Ur Pillar is restored. 


Healing Core Template genetic distortions that are severe enough to 
cause dysfunction of the Personal Merkaba Field first require resetting 
of the D-12 Divine Blueprint through activation of the Personal 
Maharic Shield. Until the Body-Mind-Spirit system has reached a 
Critical Mass of D-12 Divine Blueprint holding through frequent and 
progressive manual running of the D-12 Maharata Current, healing Core 
Template genetic distortions also requires simultaneous, direct and 
repeated manual realignment and restoration of Personal Merkaba 
Field function and Radial Body Trion-Meajhe Field integrity. 


If there are distortions within the Kathra Grid or DNA Template of an 
individual or species, the Personal Merkaba Fields will not function in 
harmony with the natural energy circulation rhythms of the Planetary, 
Galactic, Universal and Time Matrix Merkaba Fields and Universal 
Kathara Grid. Such Kathara Grid distortions create tangible genetic and 
consciousness mutation within biological organisms, and can divert the 
intended evolutionary destiny of an embodied consciousness or 
species on to a divergent path of de-evolution and consciousness 
fragmentation unintended by the original plan encoded within the D-12 
Pre-matter Christos Divine Blueprint. 


Distortions with the DNA Template and resulting Miasms can be purged 
through manual resetting of the D-12 Pre-matter Divine Blueprint, via 
repeated manual activation of the Personal Maharic Shield. The 
activated Maharic Shield runs the Density-4 D-12 Maharata Primal Life 
Force “Christos” Current through the Kathara Grid and form 
embodiment, progressively resetting the original mathematical coding of 
the personal Divine Blueprint within the Kathara Grid and DNA Template. 
Use of the Maharic Shield techniques in Kathara Level-1 sets this 
process of Core Template Regeneration in motion. 
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The Core Template “Divine Blueprint” healing process can be expedited 
through applied Christos-Merkabic Healing Mechanics such as the 
Tribal Shield Activation (Technique-7), Merkaba Salutation 
(Technique-8), Merkaba Trinity Key Induction (Technique-9) and Kee- 
Ra-ShA Activation Sequence (Technique-12). 


Divine Blueprint Healing can be expedited further through manual 
restoration of the personal Trion-Meajhe Field Radial Body and its 
inherent Memory Matrix. Radial Body Healing, when combined with 
Kathara Maharic Shield and Christos-Merkabic Healing dynamics is 
the most powerful and rapid Holistic Healing technology available. 


Radial Body Healing dynamics, which also serve to progressively 
restore the organic Memory Matirx, involve use of the specific 
mathematical programs that govern formation of the Radial Body 
Trion-Meajhe Field. These mathematical programs are called VECA 
CODES. 


Technique-10 Restoring the Trion Field-Photo-Radionic Healing and 
Technique-11Restoring the Meajhe Field-Photo-Sonic Healing, 
provide introduction to Radial Body Healing Mechanics. Use of these 
techniques, in combination with Technique-2 The Maharic Seal and 
Liquid Light Cleanse, and Merkabic Healing Techniques 6-12, will 
greatly expedite the personal healing process while significantly 
increasing the body-mind-spirit abilities to receive, hold/sustain and 
transmit greater quantity and quality of interdimensional frequency in 
the Client Healing Facilitation process. 
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Radial Body Healing, the VECA CODES, DNA and Merkaba 


Veca Codes, also called the “] AM” or “Immanuyana Sequence” are 
very specific SYMBOL CODES, each possessing corresponding Sound 
Tones called Arieas and energy movements called Seurias, which 
correspond to the Cosmic, Universal, Galactic, Planetary and Personal 
Trion-Meajhe Field Radial Body Levels. 


There are 5 categories of Veca Codes, the Planetary Low-Veca 
Codes of Manu (Taurenic-Akashic Codes), the Galactic Mid-Veca 
Codes of Immanu (Akashic-Eckashic Codes), the Universal Level-1 
High-Veca Codes of Immanuel (Dolaric-Rishic Codes), the Cosmic 
Level-2 High Veca Codes of Immanuyana (Triadic-Polaric-Eckatic 
Codes) and the God-Seed Yunasai Codes of Eckasha (Source Codes). 


Beginning applications of Veca Code Radial Body Healing begin with 
restoring the Trion-Meajhe Field Radial Body through resetting the 
Yunasai-Eckasha and High Veca Immanuyanas and Immanuel 
Codes, through frequent manual Direct Induction of the their 
corresponding Symbol Codes and Sound Tones/Arieas. 


The most powerful Yunasai-Eckasha Codes are PHOTO-SONIC 
Codes, carrying the Mathematical Programs of the Khundaray Current 
Primal Sound Meajhe Field AND their bridging God-Seed vibration- 
rhythms connecting to Source. The Level-2 Immanuyana and Level-1 
Immanuel High Veca Codes are PHOTO-RADIONIC Codes, carrying 
the Mathematical Programs of the Trion-Meajhe Field Khundaray 
Primal Sound AND Kee-Ra-ShA Primal Light Currents. 


Consistent use of Veca Code Radial Body Healing, in combination 
with Merkabic and Kathara Healing applications, will progressively 
clear the Miasmic Body and heal, balance, re-integrate, and restore the 
Divine Blueprint within, the energies of the Phantom-Shadow Self in all 
levels of the Body-Mind-Spirit system. 


More advanced applications of Veca Code technologies include use of 
the Mid-Veca Immanu and Low-Veca Manu Codes, and the 
corresponding Seurias (body movements to direct frequency), following 
a period of initial induction and activation of the Yunasai and High Veca 
Codes. Full Spectrum Veca Code technologies are introduced in the 
“Dance of Life” Masters Spiritual Development Program. 


Induction, or IMBEDDING of the High Veca Codes into the 15- 
Dimensional Anatomy involves placing the corresponding Symbol Code 
Sequence (mathematical program) over the regions of the physical 
body that correspond to the appropriate aspects of the _Kathara Level-2 
Crystal Seals Grid and Level-3 Diodic Grid. Once the Symbol is in 
place, the breath is used to direct D-12 Maharata Current through each 
Symbol Code and body region. Use of the Maharata Current “carrier 
wave” (via activation of the Maharic Seal/Shield) is required to induce 
the code’s mathematical program into the Diodic and Crystal Seals 
Grid, where the program will then naturally transfer into the 
corresponding areas of the Level-1 Kathara 12-Tree Grid core template. 


Once the High Veca and Eckasha Code Sequences are 
Imbedded/induced into the Level-1 Kathara Grid, they are then 
Activated in the Kathara Grid by TONING the corresponding Veca Code 
Ariea Sequence. The longer toning is sustained, the greater will be the 
quantity and quality of Veca Code Activation. 


Once Activated, the Veca Code programs travel upward through the 
stages of the Transduction-Manifestation Sequence from the Kathara 
Grid, to the Shields, into the Keylon Crystal Body Morphogenetic 
Field, then into the Merkaba Field, DNA Template and Hova Body/ 
Radial Body Levels, temporarily restoring the Christiac Merkaba Field, 
Radial Body and Memory Matrix Divine Blueprint. Frequent and 
continued use of the Veca Codes will progressively build Critical Mass 
of the Divine Blueprint program simultaneously within ALL levels of 
the 15-Dimensional Anatomy, eventually culminating in expedited full 
restoration of the D-12 Maharic Shield blueprint within the Body-Mind- 
Spirit system, via the Radial Body Trion-Meajhe Field. 


Activation of the Yunasai and High Veca Codes within the personal body 
prior to conducting a Kathara Client Healing Session will cause the 
facilitators Level-3 DIODIC GRID to activate, temporarily transmitting 
Veca Code sub-harmonics. This will cause the minute Diodic Chakras 
in the facilitators FINGER TIPS to activate if the Palm Chakras have 
been activated with either pure Maharata Current or a selected Triadic 
Phase Current. The facilitator will then automatically transmit Veca 
Code sub-harmonics into the client's Diodic Grid while conducting 
general Kathara Healing applications, allowing the client to benefit from 
temporary Radial Body healing support, which will amplify the effects 
of all healing applications. 
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A more Temporary Imbedding and Activation of the Veca Code 
program can be achieved through OPTICAL-PINEAL INDUCTION, 
whereby the eyes are focused for a time upon the Image of the Symbol 
Code. The mathematical Veca Code program enters the Pineal Seals 
through the Optical Currents and 6" Chakra, an then travels for 
Imbedding/induction through the Central Vertical Current into the body 
regions and Crystal Seals Grid areas to which the Veca Code 
corresponds. The Veca Tones/Arieas are then used to Activate the 
Imbedded Veca Code Sequence. 


In Optical-Pineal Induction, the Veca Program looses a bit a frequency 
charge/ strength during is travel in the Central Vertical Current. This 
creates a more temporary imbedding and activation of the Veca 
Codes than that which is achieved through Direct Induction. Optical- 
Pineal Induction is useful for daily amplification of the Vecas, and for 
Kathara Healing Client Sessions and planetary grid “site work”, when 
used in combination with the full induction procedure employed at 
least once per week. 


To receive full benefit of Veca Code Radial Body Healing applications, 
Technique-2 The Kee-Ra-ShA Activation Sequence should be fully 
run at least ONE TIME. Technique-2 can also be used occasionally 
thereafter if desired to create intensification and amplification of the 
Primal Life Force Currents during Kathara, Merkabic and Veca Code 
Healing technologies. 


Frequent use of Technique-13: The “Song of Lyra” Christos Invocation 
will amplify all Kathara, Merkabic and Veca Code Radial Body Healing 
applications. 


275 








The Christos-Trion-Meajhe Fields, High-Veca Codes and 
Universal Life Force Currents 
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Trecestrmicjune #4 4 
Restoring the Trion Field-Photo-Radionic Healing 


Regular use of this technique will strengthen and improve RRT 
Planetary healing Applications (excerpt from Kathara Level-2)} 


Creating a Personal Bio-field Link to the Universal Christos-Trion-Meajhe Field 
Masters Merkaba Mechanics 
© 2001 Ashayana and Azurtanya Deane 


Exercise-1: Once per day, do Maharic Insta-Seal then practice each set of Veca 
ones separately while fixating visual focus on corresponding Veca-Code symbol ; 
spend at least three or four minutes gazing at each symbol (optical-pineal 
induction} while toning corresponding tones (core template vibrational induction) 
With practice this will progressively expand the personal consciousness while 
activating the personal Christos-Trion-Meajhe Field of your Christos-Rishiac- 
Ascended Master identity levels within the cellular structure: 


Exercise-2: Once per week, directly after completing Exercise-1, place all Veca- 
Code symbols over designated body areas, activate Maharic Shield, breathe D-12 
Maharata Current through each symbol and body area io induce code, using the Bi- 
Tri-Khu-Dha-Ra Sequence, then begin toning the corresponding tones following the 
Bi-Tri-Khu-Dha-Ra Sequence. Memorize the tone sequence of the 5 High-Véca 
Jodes as if it were a “song” and relax, close eyes and sing/tone this “song” (Psonn) 
for 5 to 10 minutes. The longer you tone, the more frequency power you build within 
the body and the stronger your link will be to the Universal Christos-Trion-Meajhe 
Field. This exercise can also be used with groups, either singularly to create and 
amplify Christos-Trien-Meajhe Field links or just prior to beginning RRT work. 
Frequent and consistent use of these two exercises will progressively develop the 
spin-rate capacity of the personal Christos Merkaba Field, while expanding higer 
consciousness within the body and progressively enhancing the health; immunity and 
integrity of the Mind-Body-Spirit system. 
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The High-Veca Codes 


Universal Time Codes for Primal Frequency Access 


Cosmic Codes of Immanuyana 
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. Use Technique-6: The Maharic Quick Seal to activate your Maharic Shield, Seal 
and Maharata Current. 


. Stare at image of the Eckasha Code for a few seconds, then gently begin to “Cross 
Eyes” until you can see a “Double Image” of the Eckasha when looking at the 
image. Hold “ Eye Cross” focus while taking three rapid breaths; on each EXHALE 
projecting a stream of (D-6) INDIGO current from your 6 “3"! Eye” Chakra at 
forehead. (This braids D-6 Optical Currents into a D-12 Current to carry the Eckasha 
program into the Pineal Seals.). Un-cross eyes, relax visual focus and close eyes for 
a moment or two. 


INHALE several breaths of Pale Silver D-12 Maharata Current up from the Earth 
Core through your Maharic Cord, on each EXHALE depositing the Maharata 
Current in the Pineal Gland at the center of the brain, to form a Pale Silver 
“Maharata Ball’ in the Pineal. 


Breathe gently and return visual focus to the image of the Eckasha, focusing 
upon the Eckasha Core REUCHE’ (the “Double Circles and their content at center of 
Eckasha). 


EXHALE while projecting a stream of INDIGO current from the 6 Chakra at 
forehead, into the REUCHE symbol before your eyes. INHALE while drawing the 
INDIGO current stream with the REUCHE image at its end back through the 6" 
Chakra and into the Maharata Ball in the Pineal. 


INHALE one more breath of Maharata Current up from Earth Core to the Maharata 
Ball at the Pineal, then use a forceful EXHALE to PUSH Eckasha-Reuche encoded 
Maharata Ball out to the right, to the “Mentor” position over the right shoulder. 
Visualize the Maharata Ball growing.to the size of a “Basket Ball” over the right 
shoulder, and visualize the image of the Reuche as expanding to fill the inside of the 
Maharata Ball. 


INHALE forcefully while drawing the Maharata Ball back to a position centered 
around your head, then use three breaths to INHALE Maharata Current up from 
Earth’s Core to Pineal and EXHALE the Maharata Current outward to filland 
expand the Maharata Ball. 


. Visualize the Maharata Ball expanding outward from around your head, until the 
Maharata Ball fully encompasses your body and entire Chakra System, from 
Chakra-14 36° above head to Chakra-13 in Earth Core. Imagine that your entire 
body is now surrounded by a 3-dimensional “Eckasha Tear-Drop” shaped CLEAR 
CRYSTAL CAPSULE. The Eckasha Code Photo-Sonic Capsule is now temporarily 
activated in your Inner Templar system. 
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Eckasha Crown Veca Code- The Universal God-Seed 


Symbol Placement: Pineal Induction via Chakra-6 "3" Eye” 


Tone: Um 


The Yunasai-Eckasha God-seed Code 
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The Song of Lyra Christos Invocation 


The Vectos Invocations 
The Vectos Compendium Declariti 
The Vectors Collective Declarations 
(All self incarnations in all Time Vectors declaring in Unity as the Avatar Self) 
English translation from Elohei-Anuhazi Emerald Covenant Decree Texts: 
© 2001 Ashayana Deane 


The Mah’-ah’ Bi-Vectus Declaritum 
Declaration of the Maharata 
(Intention Decree AS the personal D-12 Christos Avatar Maharata self identity) 


| decree now in this moment of KNOWING that all things here within me 
are hence forth restored to the original Divine. Intention of the ONESELF that is MINE. 


| release now all bonds of manifest illusion that place veils of SELF-forgetting before mine eyes. 
| revoke all separations of duality through which my Heart is rendered numb with disillusion and 
discord. 


In this moment | reclaim the Whole of my Condition, reaching forth into the. depths of all creation to 
now call my SPIRIT home. 


| AM the Sun of the Radiant Glowing. | AM the HEART of Divine LOVE. | AM the Still Point of the 
Face of All Creation. | AM the Voice of the Universal Song. 


| decree now in full remembered Knowing that | AM ALL and WE are ONE. 

In setting forth this decree of my Eternal Divine Power, | shall render Divine Intention only, through 
which the All and | are equally served 

in the Highest Order of our collective Best Divine Intention. 


| call now unto the many Selves and Shadows ensconced within the illusions of time, and decree unto 
thee that | AM THIS, | AM. 

| AM the wind that brushes thy faces. 

| AM the rain that renews thy field. 

1 AM the Whisper of the Breathe of God within YOU. 

WE NOW are the expression of Divine Heart, Mind and Hand. 

WE are the Rumbling Hymn Song of the earthen worlds of matter. 
WE are the Prana-Breath of God Eternal, manifest. 

We are the Waters of Eternal Life forever outward flowing. 

We are the cooling, life force Flame of the Cosmic Fire expressed. 
In our UNION now and always, declare WE in our Wholeness, 

that all dissidence is rendered spent, all conflict NOW made healed. 


As DIVINE NAME THIS..................(your Christos spiritual name) 

| AS WE, the Maharata KHUM Bl-Vec'TUS, (D-12 Christed Avatar Divine Blueprint self identity), DO 
NOW DECREE through the Divine Love, Wisdom and Power that is MINE....to express now AS this 
moment, the condition of Mah’-ah Bl-Vec’Tl UN UR’-A-OR’-NaM’ —OOR (Christos beginning and 
ending NOW-completion of a manifest expression in its originally intended Divine Fulfillment, its past- 
present-future full expression made in the present time, clearing all duality, disharmony and distortion. 
Anchoring of the Divine Christos Maharata Blueprint in the moment). Upon this Invocation Divine 
Intention is rendered manifest in all conditions to which | now assign. 
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The Mah’-ah’ Bi-Vec’tus Inavhoki 
Invocation of the Maharata 
(Creation Decree Invocation AS the personal D-12 Christos Avatar Maharata self identity) 
© 2001 Ashayana Deane 


From this Still Point of my Wholeness in manifest decision, 

| Decree in Sovereign Knowing, here expressed at my Command (lovingly stated absolute 
intention) the Divine Will and Intention of the ONE-SELF that is ONE GOD. 

The ONE-SELF that IS ONE GOD THIS | AM. 


iN-A-VHO'-Ki UN’ E-BLE’UM B8i-Vec’T! 
Invoke by Divine Loving Command Now, by the Power of the Universal Christos, 
Mah’-ah Bl-Vec’TI UN UR’-A- OR’-NaM’— OOR 
the D-12 Divine Christos Blueprint past-present-future; NOW the Divine Sea of Liquid Light anchors in 
this moment. 
E’-stA Un’-tA E’-Sa Tra’zd-Jha’ HA’-A Rha 
Absolutely now established, always and forever, in eternal abiding reverent Love of the Eternal ALL- 
ONE 
*tah-TA Um a Ah-ShA’-Lum 
Blessed Be all embracing, given forth from the Still Point of Eternal Peace 
Thah-A’-Jha_ in’ta DO A” 
Spoken AS IT 1S STATED, As SO It 1S DONE 
Um Sha’-DI UR’-A ah Khum’ TUn f 
All Embracing Pillar of First Cause Light, | AS THIS expression now. 
In the name of the Melchizedek Cloister Emerald Order Ejeyani, 
Holy Order of the Yunasai, 
Sacred House of ONE. 





English Translation: 
Ma-Ha-Ra-Ta KHUM BI-Vec'’TUS ........2+-0-+s00eee00 (name) 


(Khum = “I AS”) (Ma-Ha-Ra-Ta Bl-Vec'tus = D-12 Christos Avatar Self) 
iN-A-VHO’-KI_UN’_E-BLE’UM _Bl-Vec’T! 
(in-A-vhO-k/= invoke by Divine Loving Command), (UN= Now), (E-BLE’UM= by the power of), 
(Bi-Vec'ti = Universal Christos) 

Viah’-ah Bi-Vec’'Tl UN’ UR’-A- OR-NaM'— OOR 

(Mah'ah Bi-Vec'tl= D-12 Divine Christos Blueprint past-present-future) 

(UN Ur-A- Or'-Nam’ -OOR= Now the Divine Sea of Liquid Light anchors in this moment) 
E-stA _Un'-tA_E-Sa___Tra’zd-Jha"_HA’-A_Rha 

(E'StA Un’'TA E’Sa = Absolutely now established, always and forever) 

(Tra’zd-Jha’= in eternal abiding reverent Love) (HA’-A Rha = of the Eternal ALL-ONE) 
P'tah-TA_Um_a___Ah-ShA*-Lum 

(P'tah-TA UM = Blessed Be, all embracing) ( “a” in this context = given forth from) 
(Ah-ShA-Lum = the Still Point of Eternal Peace) 

Thah-A’-Jha_in'ta DO A” 

(Tha-A-Jha_ inta= Spoken AS IT IS STATED) (DO A"= As SO It IS DONE) 
Um_Sha-D!' UR’ A’ ah Khum' TUn 
(Um Sha- DI’ UR’A = All Embracing Pillar of First Cause Light) 
(ah Khum’ TUn =! AS THIS expression now ) 
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Dr. Jerry Alan Johnson’s book on Medical 
Qigong and its clinical practices provides an im- 
portant and necessary guide for students and ad- 
vanced practitioners of Medical Qigong and Tra- 
ditional Chinese Medicine. 

The relevance of Dr. Johnson’s Medical 
Qigong textbook can be seen against the larger 
back drop of alternative medicine. Alternative 
Medicine (also called complementary medicine) 
has become a catch word in the West and an in- 
creasingly important factor in health care. An ar- 
ticle authored by David Eisenberg and others of 
the Harvard Medical School reported that in 1993, 
30% of a group of people used some kind of Al- 
ternative Medicine for which they paid out of their 
own pockets. Extrapolated to the United States 
population, this group spent about $14 billion 
dollars, which was more than the amount spent 
on conventional Western care that year. 

Among alternative medical therapies, Medi- 
cal Qigong has blossomed explosively in Western 
countries during the past few years. Awareness 
of Medical Qigong in the United States was height- 
ened by two international conferences on Qigong 
in 1990. In 1997, there were three conferences on 
Medical Qigong, in San Francisco, Minneapolis, 
and New York. Another catalyst was Bill Moyer’s 
television documentary, “Healing and the Mind,” 
which had a segment on Medical Qigong and Chi- 
nese medicine. In more recent years, dozens of 
books have been published on Qigong in English 
and presently there are at least 15 web sites on 
the World Wide Web devoted to Qigong. At this 
writing, many articles on Qigong have appeared 
in the newspapers and magazines, and several 
documentaries have been videotaped and others 
are in progress. 

In China, almost everyone knows about 
Qigong and about 100 million people are said to 


practice it daily. Qigong dates back thousands of 
years. Many believe that it was responsible for the 
early development of Chinese medicine, which 
now includes therapy by acupuncture, herbs, 
massage, and nutrition. 

Medical Qigong therapy was a secret art that 
was passed on from a master to selected persons. 
In the 1970s, Qigong became more accessible to 
the people when the Chinese government ordered 
that Medical Qigong be made public and serve 
alongside Western medicine to improve national 
health care. During the Cultural Revolution, Medi- 
cal Qigong was suppressed because the govem- 
ment suspected that Qigong had religious and 
superstitious roots incompatible with commu- 
nism. In the early 1980s, scientist in China were 
encouraged to carry out experimental and clini- 
cal studies into almost every aspect of how Medi- 
cal Qigong affected the human body and contrib- 
uted to healing. Starting in 1986, research find- 
ings were reported at international conferences on 
Medical Qigong held mostly in China but also in 
Japan, Canada, and the United States. The sub- 
stance of the research studies are available in En- 
glish in the Computerized Qigong Database, 
which was developed by the Qigong Institute. 
This database has provided a basis for the prepa- 
ration of at least five books, three dissertations, 
and several research projects on Medical Qigong. 

In 1992, the United States Congress recog- 
nized the potential of alternative / complementary 
medicine by mandating that the National Insti- 
tutes of Health develop programs to evaluate the 
validity of selected altemative therapies. Since that 
time, the Office of Alternative Medicine has 
funded many research programs and dissemi- 
nated valuable information to medical practitio- 
ners, scientists, and the public. 

The swell in the interest in Medical Qigong 
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and the recognition of its health and healing ben- 
efits have been recognized by schools of Tradi- 
tional Chinese Medicine, many of which mandate 
that Qigong be a required course. The Qigong 
taught at these schools is still on a basic level and 
needs to be expanded to include the medical as- 
pects of Qigong, such as described in this book. 
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The future of Medical Qigong and Chinese 
medicine appears bright. However, the need for 
well-trained and qualified teachers and practitio- 
ners is paramount to meeting the growing de- 
mand. Dr. Johnson's book provides the first guide 
in English for teachers, students, and practitioners. 

Kenneth M. Sancier, Ph.D. 

President Qigong Institute 
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In 1998, the Academy of Oriental Medicine at 
Austin gave me the opportunity to establish one 
of the first formal Medical Qigong training pro- 
grams in the country to be offered within the con- 
text of a college of Oriental medicine. My greatest 
difficulty was in finding a reliable textbook for my 
classes. Of the numerous books on Qigong avail- 
able in English, most devote only a few pages, at 
best, to Medical Qigong. Over the past few years, 
several books from China on Medical Qigong have 
been translated into English. Although present- 
ing much new and valuable information, they are 
poorly translated and fraught with errors, mak- 
ing them unreliable as textbooks. 

Therefore, it has been a great pleasure for me 
to have collaborated with Dr. Jerry Alan Johnson 
to some small extent on this book. Jerry Alan 
Johnson is one of the world’s foremost authori- 
ties on the subject of Medical Qigong. This work 
distills several decades of his personal study, prac- 
tice, and clinical experience in the United States 
and the People’s Republic of China into an in- 
depth practical manual for all levels of Qigong 
healers. 

Currently China is in the midst of what can 
only be called a Qigong renaissance. Today, more 
people are studying and practicing Qigong than 
in any previous time in Chinese history. In the not 
too distant past, Qigong was only available to 
monks and priests, nobles and the wealthy. Now 
Qigong is taught in China’s primary schools and 
colleges, parks, temples, clinics, and hospitals to 
anyone who wants to learn. 

China’s literacy rate has increased exponen- 
tially since 1949, and now there are thousands of 
books, tapes, videos, and magazines on every as- 
pect of Qigong, systems both ancient and mod- 
ern, all available for general public consumption. 
Many regional, national, and international Medi- 
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cal Qigong associations have been formed, with 
an unprecedented exchange of information. 

Although Medical Qigong has been a part of 
Traditional Chinese Medicine since the time of the 
Yellow Emperor, it has only been since 1982 that 
Medical Qigong hospitals and clinics have begun 
to spring up all over China. In the early days after 
the Communist Revolution of 1949, Qigong was 
more or less a state secret, and the Medical Qigong 
clinics were, for the most part, only available to 
high party officials. Over the past two decades, 
China has also devoted a great deal of effort to 
Qigong research and education. There are now 
large Medical Qigong hospitals in all of China’s 
major cities, some of which have over 300 beds 
and 40 or more Qigong specialists and nurses on 
staff. There are hundreds of medium-and small- 
sized Medical Qigong clinics throughout the coun- 
try, some treating inpatients and others treating 
only outpatients. 

Before the revolution, the miracles of mod- 
ern Western medicine, with its wonder drugs and 
surgical procedures, had caused many Chinese to 
see their own native traditional medicine as old- 
fashioned and outdated. The government encour- 
aged the development of Western medical schools 
and hospitals. After the revolution, Chairman Mao 
recognized that with China’s huge population 
they would need to take advantage of every form 
of medicine available even to begin to meet the 
nation’s fundamental health care needs. 

China is the only county in the world where 
Medical Qigong has been truly integrated and en- 
thusiastically accepted as part of the national 
health care delivery system. According to current 
estimates, Medical Qigong doctors are now meet- 
ing 15% of China’s national medical needs. That 
percentage is still growing. For decades, Chinese 
hospitals have successfully offered Traditional 


xXx¥ 


Chinese Medicine alongside of Western medical 
services. Patients may receive Qigong or acupunc- 
ture anesthesia during Western surgical proce- 
dures and be treated by Medical Qigong, acupunc- 
ture, and Chinese herbal medicines during recov- 
ery. Chronic patients may be diagnosed by West- 
ern physicians, sent to Medical Qigong clinics for 
treatment, and have their Western doctors moni- 
tor their progress. In this respect, China has truly 
set the standard for the twenty-first century medi- 
cine. 

Medical Qigong training and practice takes 
many forms in China. Some practitioners /heal- 
ers are thoroughly trained in both Traditional Chi- 
nese Medicine and Western medicine, in addition 
to Medical Qigong. Others are heirs of family 
Medical Qigong systems, some dating back over 
a thousand years. Not all of these family practi- 
tioners have received additional training in either 
traditional Chinese medicine or Western medicine, 
yet they have been very efficient in treating dis- 
ease and disorders that these conventional medi- 
cines have given up on. Still other practitioners 
come from martial arts backgrounds, such as 
Shaolin Gongfu or Daoist martial Qigong, with 
their own effective and unique blend of warrior 
training, spiritual discipline, Qigong and healing 
arts. Each of these categories contributes to the 
richness and diversity of the art of Medical 
Qigong. 

Jerry Alan Johnson presents for us the art of 
Medical Qigong as it is being taught in two of the 
major Medical Qigong training centers in China 
today: the Xi Yuan Hospital of Traditional Chi- 
nese Medicine and its associated Hai Dian Medi- 
cal Qigong College. Although each Qigong hos- 
pital in China defines its own program of train- 
ing and practice, the material Johnson includes in 
this work represents the mainstream curriculum 
of study and practice widely accepted nationwide 
as a high standard of competence in Medical 
Qigong. 

In addition to sharing the high-level proto- 
cols of Medical Qigong training in China, Johnson 
also draws from the reservoirs of his own decades 
of personal training and teaching in the internal 
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martial arts to further enrich this work. Martial 
Qigong is generally practised to improve one’s 
martial arts prowess. It includes Qigong exercises 
for strengthening the body; increasing power of 
one’s strikes by emitting Qi; mind and will train- 
ing; learning the vulnerable points to strike on an 
opponent’s body to cause pain and paralysis; 
learning to cause serious injury or death by dis- 
rupting or destroying an opponent's internal or- 
gans, Qi and blood vessels, joints or bones; and 
toughening the body to withstand strikes and 
blows. 

In what might at first seem a case of strange 
bedfellows, the martial Qigong tradition also has 
its medical side. Martial artists need to learn how 
to set bones and dislocations, as these injuries are 
commonly encountered in training and combat. 
Martial artists who train in the more secret arts of 
tien xue (vital point striking) and dim mak (death 
touch) are also taught how to heal the injuries that 
they have caused, both to heal themselves if struck 
by someone and to heal their opponents if the 
opponent is penitent. Furthermore, the martial 
artist who learns the methods for destroying the 
internal organs by emitting Qi can effectively 
adapt the same method to destroying pathogens 
and tumors in a patient for healing. Internation- 
ally recognized by his peers for his mastery of the 
most esoteric aspects of the internal martial arts, 
Johnson is eminently qualified to present its heal- 
ing traditions, which he generously and openly 
does in this work. 

Iam grateful to know Dr. Jerry Alan Johnson 
as a colleague, teacher, and friend, and am happy 
to recommend this work to all students of Medi- 
cal Qigong with confidence. Johnson’s contribu- 
tion contained herein represents the most thor- 
ough and comprehensive presentation of the art 
and science of Medical Qigong in the world to 
date. It is sure to become a modern standard of 
reference for anyone seeking knowledge of Medi- 
cal Qigong. 


Jampa Mackenzie Stewart, D.O.M. 
Dean of Medical Qigong 
Academy of Oriental Medicine at Austin 
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In the summer of 1995, I was sitting on the 
floor of Dr. Johnson‘s studio waiting for the start 
of the intermediate class in Medical Qigong. David 
Nakahara leaned over to introduce himself and 
asked me if I was a healer. Wow! It was one of 
those seminal moments in one’s life. I considered 
all the implications of this question and the only 
relevant reply I, as a medical doctor, could mus- 
ter was an ironic chuckle. 

That question speaks to the heart of the cur- 
rent crisis in health care. Allopathic medicine lends 
itself to standardization of care and computer al- 
gorithms, since the structure of the clinical visit is 
based on protocol-derived diagnosis and treat- 
ment. The challenge is the diagnosis, but the treat- 
ment, especially high-tech treatment, gets all the 
press. It is incredibly satisfying to take care of 
people in this manner since the issues are clear 
and everyone gets better, unless they fail treat- 
ment; in this paradigm, the patient fails the treat- 
ment, the treatment does not fail the patient. 

However, over time, you accumulate a num- 
ber of patients for whom your therapeutic proto- 
col fails, and I think that all thoughtful physicians 
recognize that it is these patients that teach us the 
most. There are women who have serious diffi- 
culty with PMS, infertility, and menopause. The 
cancer patients often wonder what caused the can- 
cer to occur, what supports it, and what the mean- 
ing of this potentially fatal illness is for them. As 
physicians, once we emerge from the narcosis of 
fatigue and busyness that accompanies the daily 
practice of medicine in the late twentieth century, 
we also ask these same questions. 

And we seek answers. Each physician devel- 
ops his or her own rationale for treatment failures. 
They may rely on an unshakable faith in the sci- 
entific method, their religious upbringing or in 
their cultural ideals, or perhaps close themselves 
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off entirely. I inadvertently found my answer 
within the martial arts. 

It was clear to me from my Aikido practice 
that the superior martial artist must understand 
Qi in all its manifestations. This quest for deeper 
knowledge and experience of Qi led me to study 
Qigong with Dr. Johnson. 

In my earliest lessons with Dr. Johnson, I was 
told that a Qigong therapist must observe and 
treat patients’ three treasures: the physical body 
(jing or essence), their energy (Qi), and their 
mind /spirit/ intention (shen). These three form 
the whole of a human being, and the parts can 
only be understood within the context of the 
whole. Furthermore, I learned that in life these 
three are so interrelated that it is difficult to tell 
where one leaves off and the other begins. Over 
2,000 years ago, the Chinese philosopher Lie Zi 
described this by saying, “The mind leads and the 
Qi follows; the Qi leads and the body follows.” 

As a scientist, I could not help but draw the 
parallel between these fundamental Qigong prin- 
ciples and the revolutionary views of advanced 
modern physics: that at the deepest sub-atomic 
levels, matter, energy, and the person viewing 
them are so inextricably intertwined that they are 
seen as virtually one and the same, merely differ- 
ent manifestations of the same pattern. No longer 
is energy defined as a wave while matter is com- 
posed of particles. In quantum physics they have 
coined the term wavicle beause particles act as 
waves in one situation and as particles in another, 
as “probabilities” rather than concrete fixed enti- 
ties and as subjective reality rather than objective. 

The application of the discoveries of quantum 
physics to biology is just beginning. It is starting 
not only in the laboratory but also in many con- 
sulting rooms across the United States, as physi- 
cians search for the answers to help their patients. 


XKYVII 


I think that quantum physics is the only “hard” 
science that you can research just by thinking 
about it. As one observes the processes of nature, 
the thoughtful observer comes to the conclusion 
that there must be something else that accounts 
for the medical journey of the exceptional patient. 
The early practitioners of Ayurvedic and Chinese 
Medicine were careful observers of nature and 
through observation formulated the basic prin- 
ciples of Indian and Asian medical systems that 
are also corollaries of the principles of quantum 
physics. 

Western awareness of the potential for the 
integration of the East and West began in 1971 
when Nixon first went to China. James Reston, a 
New York Times correspondent covering the his- 
toric visit, developed acute appendicitis. After his 
emergency appendectomy, he was successfully 
treated with acupuncture for post-surgical pain. 

Despite the dynamic nature of the 
penultimate Western nonbeliever confronting a 
totally novel experience (“only Nixon could go to 
China”), nothing much shifted or changed in 
medical practice at that time. What was missing 
was the readiness and ability to experience a para- 
digm shift in the conceptual basis of the causa- 
tion of disease. Paradigm shifts in basic research 
have been eloquently discussed in Thomas Kuhn’s 
landmark book, The Structure of Scientific Revolu- 
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tions. Kuhn’s brilliant analysis of the development 
of knowledge has recently been applied to medi- 
cal science in a new book, From Doctor to Healer: 
The Transformative Journey, by Robbie Davis-Floyd 
and Gloria St. John. After 30 years, we are finally 
mature enough to begin to reassess the structure 
of our medical belief systems and to incorporate 
both world medicine and the principles of quan- 
tum physics. I have no doubt that this will take 
decades, but there is no doubt that the shift is be- 
ginning to occur. 

Dr. Jerry Alan Johnson’s book represents a 
major advance in this journey. This textbook is the 
first comprehensive treatise on the principles of 
Chinese energetic medical practice available to the 
Western medical practitioner. It also forms a 
bridge for the Western trained practitioner of Tra- 
ditional Chinese Medicine and the allopathic 
(Western) practitioner. Dr. Johnson's book repre- 
sents decades of research and study, and a 
nonjudgmental openness to any healing modal- 
ity that is in the patient's best interest. I have no 
doubt that this book will represent a significant 
advance in that long awaited paradigm shift. I 
look forward to that time because it will address 
the deeper human values that have been neglected 
in protocol-based medicine and will bring a new 
depth of engagement and satisfaction to patient 
care. 


Stephanie S. Taylor M.D., Ph.D. 


Kuhn, Thomas S., The Structure of Scientific Revolutions, University of Chicago Press, Chicago, 


Illinois 1962. 


Davis-Floyd and Gloria St. John, From Doctor to Healer: The Transformative Journey. Rutgers Univer- 
sity Press, New Brunswick, N.J., available March 1998. 


XXVELW 


FORWARD 


In the Western nations at the turn of the mil- 
lennium, following a century of remarkable medi- 
cal breakthroughs, there still remains a major list 
of unsolved medical mysteries and health care 
challenges. Chronic disease has not been allevi- 
ated (asthma, arthritis, etc.); stress has been rec- 
ognized as a major cause in many diseases; tu- 
mors and cancers are being diagnosed in expo- 
nentially growing numbers; AIDS is a world wide 
epidemic; negative (Western) drug interactions 
have grown to become the fourth leading cause 
of death, and medical error has emerged as the 
eighth cause of death. According to the Depart- 
ment of Health and Human Services, over 70% of 
medical visits are for symptoms and illnesses that 
are preventable, yet the health care system is still 
primarily focused on treatment of the symptoms 
rather than health maintenance or prevention. 

The public, the government, and health care 
providers all agree that there is a crisis in Western 
medicine and health care. Fortunately, at the same 
time, there is increasing support for innovative 
and alternative solutions. Among the many pow- 
erful strategies for solving this crisis, Chinese 
Medical Qigong (Chi Kung) and its offspring 
Taijiquan (Tai Chi Chuan), meditation, and fo- 
cused breath practice, are probably the most com- 
prehensive systems of self-care and healing avail- 
able to compliment both conventional Western 
and alternative medical therapies. 

The public hunger for natural healing, safety 
from medical side effects, lower medical costs, and 
health self-reliance is triggering powerful and 
profound changes in health care. It has become 
obvious that in the near future the benefits of Chi- 


nese medicine will be as fully integrated here in 
the U.S., as the benefits of Western medicine are 
in China. Through this global exchange of health 
care wisdom and practical applications, we are en- 
tering an unprecedented era of new possibilities 
to resolve suffering and foster well-being. 

This definitive work on Medical Qigong, the 
remarkable healing art from Chinese traditional 
medicine, will play a significant role in the im- 
mense and profound transformation in health care 
that is now occurring with tremendous social and 
economic force. 

Like the revolution in training and licensing 
acupuncturists that quickly unfolded in the final 
years of the 20th century, the momentum of train- 
ing and licensing Medical Qigong Therapists is 
rapidly increasing in the beginning of the 21st cen- 
tury. Clinical Qigong, including both Medical 
Qigong Prescriptions and Medical Qigong 
Therapy, will arise in America as it has done so 
robustly in China. 

There are a number of excellent books on vari- 
ous aspects and methods of Qigong. However, 
there has not been, in English, a comprehensive 
exploration of Medical Qigong. Dr. Johnson has 
created a breakthrough work on Medical Qigong, 
which is a clear and useful revelation of the Medi- 
cal Qigong curriculum at the Hai Dian Univer- 
sity Medical Qigong College of Beijing, China, and 
an excellent synthesis of Medical Qigong theory 
from throughout China. This textbook will very 
likely remain the definitive compendium of Medi- 
cal Qigong in the West for many years, and be- 
come the foundation from which the field of Medi- 
cal Qigong will evolve in Western society. 


Roger Jahnke, O.M.D. 
Chair, Department of Medical Qigong 
Santa Barbara College of Oriental Medicine 
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PREFACE 


As we enter the new millennium, a new era 
of medical therapy is beginning to blossom. Al- 
ternative medicine is now capturing an estimated 
$14 billion in out-of-pocket health care revenues 
from Americans each year, according to a 1993 
study published in the New England Journal of 
Medicine. By 1997, according to the fournal of 
American Medical Association, that figure had more 
then doubled. What this trend means in real terms, 
is that despite the historical lack of official recog- 
nition by the American Medical Association, de- 
spite the lack of endorsement and coverage by 
Medicare and the majority of health insurance 
plans, men and women, in ever increasing num- 
bers, are going to acupuncturists, energetic heal- 
ers, herbalists, chiropractors, massage therapists, 
ayurvedic specialists, homeopathic doctors, and 
other traditional “healers” to meet some portion 
of their health care needs. 

This growth of public reliance on alternative 
medicine has caused the Western medical estab- 
lishment to sit up and take notice. In fact, some of 
the most vocal proponents of combining alterna- 
tive medical traditions with Western medicine are 
medical doctors. Visionary physicians such as 
Deepak Chopra, Andrew Weil, Larry Dossey, 
Dean Ornish, and Bernie Seigel have led the way 
toward creating a new climate of respect for an- 
cient medical philosophies and modalities. They 
have pioneered the advent in the West of health 
care facilities where Western medical and alter- 
native health modalities are available under the 
same roof, with the goal of providing patients with 
the best of both worlds. This combination of an- 
cient and modern medical traditions has been 
dubbed integrative or complementary medicine. 

In comprehending the full implications of this 
unlikely marriage, one must understand the di- 
vergent approaches to healing between conven- 


PREFACE 


tional Western medicine and traditional Eastern 
medicine. 

Contemporary Western medicine grew out of 
the scientific revolution of the seventeenth cen- 
tury. The philosophy of science, rooted in 
Aristotle’s “empirical materialism,” was given a 
new spin by the French mathematician, Descartes. 
Viewing reality as that which could be substanti- 
ated materially, Descartes applied an analytical 
reductionist logic to penetrating the secrets of 
nature, including biology. These views were ech- 
oed in the physics of Sir Isaac Newton, applying 
a linear cause-and-effect model to explain the 
workings of a material universe. 

Man was seen as being separate from nature, 
mind was seen as separate from body, and all of 
these processes, in nature and in humans, were 
seen as similar to the workings of a machine com- 
posed of discreet parts. Mechanical laws were seen 
to govern all processes. Structure determines func- 
tion; therefore, the physician's role developed into 
that of a mechanic: repairing, removing, trans- 
planting, and replacing broken down-parts. Dis- 
eases had isolated causes, which need to be re- 
moved from the rest of the parts. Because of this 
approach, Western medicine has the most highly 
developed pharmaceuticals to kill specific organ- 
isms and the finest surgical procedures in the 
world today. 

By contrast, Eastern medicine grew out of the 
empirical observation of nature, beginning at least 
4,700 years ago. Oriental philosophy, from the 
Vedas of India to the Yellow Emperor of China, 
views reality as an interdependent whole. This 
“prescientific” understanding equates to the 
broader view of modern quantum physics and the 
general systems theory. Rather than limiting real- 
ity to that which is material, the Eastern philoso- 
phers recognized the interdependence of mind 
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and body, the nonlinear nature of time and space, 
and the interweaving patterns of relationship be- 
tween man and nature; in fact, they believed, we 
are nature. Anatomy, the study of human struc- 
ture, takes a back seat to physiology, the study of 
human function. Thus, the Orientals formulated 
a general systems theory, in which the patterns of 
change that exist in nature are the same patterns 
that govern human biology, wherein function is 
viewed from a holographic perspective, and each 
part reflects the whole. Rather than being fixed 
and stable, the whole is in a dynamic process of 
constant change. For the whole to function har- 
moniously, every part must remain in balance. 
Therefore, the role of the Oriental physician is 
more similar to a gardener, following the patterns 
of change, diagnosing functional disharmony and 
restoring overall balance. Because of this ap- 
proach, Oriental medicine has some of the most 
highly developed procedures for preventative 
medicine and for treating chronic diseases in the 
world today. 

Western medical science, with its fundamen- 
tal distrust of subjective diagnostic reliability, has 
progressed toward developing more and more 
expensive high-tech laboratory tests and diagnos- 
tic equipment. Thus we have the modern miracles 
of x-rays, MRI's, and ultrasound. Eastern medi- 
cine, trusting in human capacity, has progressed 
in a low-tech direction toward ever deeper train- 
ing of the physician's sensory and spiritual diag- 
nostic tools. Thus, we have the miracles of pulse 
diagnosis, tongue reading, and Qigong hand scan- 
ning. 
With such fundamental divergencies in phi- 
losophy and technique, it is almost inconceivable 
that these two medical systems could ever oper- 
ate together in the same setting. The fact is that 
they do function together, and quite effectively, 
too. We can thank Mao Zedong for the union of 
these two unlikely bedfellows. 

Recognizing that there were far too few West- 
ern trained physicians and nurses to meet the pri- 
mary health care needs of China’s vast popula- 
tion, from the outset of his leadership Mao advo- 
cated the systemization of Traditional Chinese 
Medicine (TCM), and advocated its implementa- 
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tion alongside Western medicine in China’s hos- 
pitals and clinics. The results of this integration 
have been astonishing, as witnessed in the effec- 
tive use of acupuncture anesthesia during surgery. 

Nonetheless, in his efforts to create a “mod- 
ern” Chinese medicine, Mao shunned some of the 
traditional theoretical aspects of Chinese medi- 
cine, such as the concept of Qi, which he consid- 
ered as feudalistic and counterrevolutionary. For 
this reason, he actively discouraged Medical 
Qigong practice as superstitious. It was not until 
the end of the Cultural Revolution in 1975 that 
Qigong reclaimed its rightful place as one of the 
major branches of Chinese medicine. 

A high party official in Beijing was suffering 
from an “incurable” disease. Both Western medi- 
cine and TCM had failed to alleviate his suffer- 
ing. In desperation, he went to one of the few 
Medical Qigong clinics operating in the country 
and was cured. The official then lent his support 
to the promotion of Medical Qigong for the ben- 
efit of the Chinese people. Before long, there were 
hundreds of Medical Qigong hospitals and clin- 
ics throughout China. 

Since that time, Qigong has experienced an 
unprecedented growth in China. Qigong is now 
available to the general populace for the first time 
in history. Qigong is now taught in the public edu- 
cation system, beginning at the elementary school 
level. Qigong departments have been added to 
large urban hospitals. Colleges of Traditional Chi- 
nese Medicine have developed Medical Qigong 
training programs. According to one recent sur- 
vey, one third of the population of Beijing, China's 
capital city, practices Qigong daily. 

It has taken acupuncture and Chinese herbol- 
ogy nearly 20 years to develop into a respected 
profession in the United States. As this book goes 
to press, 37 states now have legislation licensing 
professional acupuncture practice, with an addi- 
tional 10 states in which legislation has currently 
been introduced. Medical Qigong is still at the 
very early stages of public recognition, under- 
standing, and acceptance by comparison. Orien- 
tal medical schools around the United States, as 
well as independent Medical Qigong masters, are 
only now beginning to establish comprehensive 


Medical Qigong training programs. I am heart- 
ened by this development. 

Traditional Chinese medical therapy is di- 
vided into four main branches: acupuncture, herbs 
and diet, massage therapy, and Medical Qigong. 
It is important for TCM practitioners to have ex- 
posure to all four branches to be able to under- 
stand the relative strengths and limitations of their 
particular field of expertise, so that they will be 
able to select the most effective and appropriate 
treatment modality for their patients. Until very 
recently, most schools in America have been rela- 
tively unaware of the extent to which Medical 
Qigong therapy has developed in China, and have 
been lacking in presenting Medical Qigong as a 
significant part of their training programs for stu- 
dents of Oriental medicine. 

The purpose of this book is twofold. The first 
purpose is to apprise the reader of the professional 
standards of knowledge and skill required in con- 
temporary China for licensing a “Doctor of Medi- 
cal Qigong Therapy” (D.M.Q.). The second pur- 
pose is to describe how to effectively diagnose and 
treat patients with Medical Qigong therapy as set 
forth by the Hai Dian Medical Qigong College of 
Beijing and to provide a textbook for training to 
that standard under the guidance of a qualified 
instructor. Hai Dian is recognized as one of the 
top Medical Qigong colleges in China. 

Although this book is primarily written for 
students and practitioners of Oriental medicine, 
it is also my hope that practitioners and students 
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of Western medicine and other forms of alterna- 
tive healing will benefit from the information con- 
tained herein, and that it may serve to enrich their 
practice in the healing arts. 

This book is divided into twelve sections. The 
first four sections focus on building a comprehen- 
sive foundation in energetic medicine. The sec- 
ond four sections focus on guidelines for estab- 
lishing a Medical Qigong clinic, as well as for di- 
agnosing and treating problems of Qi deviations. 
The last four sections focus on treatment modali- 
ties, Medical Qigong prescriptions, Medical 
Qigong regulation exercises and scientific research 
in Medical Qigong clinical therapy. 

Ihave done my best to present the knowledge 
and wisdom of this ancient Chinese art as it was 
passed onto me personally by my respected teach- 
ers, to whom I owe undying gratitude. Qigong 
has survived nearly five thousand years of growth 
and refinement and is now available to you, the 
reader, for your own personal and professional 
benefit. I sincerely hope that this book may serve 
to further bridge the partnership between East- 
ern and Western medicine, that all humanity may 
be the beneficiary of the interchange between 
these two great schools of healing. May all doc- 
tors and healers, Western and alternative, return 
to the “heart” of medicine, that each may view 
the patient as a complete integration of body, 
mind, emotion, energy, and spirit. May we sup- 
port each other’s skills and techniques in allevi- 
ating our patients’ suffering. 


Jerry Alan Johnson, Ph.D., D.T.C.M., D.M.Q. (China) 
Dean of Medical Qigong Science 

Director of Medical Qigong Clinic 

Five Branches Institute, College & Clinic of TCM 
Santa Cruz, California 

May, 2000 
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INTRODUCTION 


The Eastern approach in explaining medical 
concepts is generally expressed through a three 
dimensional convergence, seeing the physical 
body as an energetic hologram, and observing the 
physical, mental, emotional, energetic and spiri- 
tual reality of the tissues. By stimulating any one 
of these five energetic matrices, you affect the 
other four, and influence the body to initiate ei- 
ther health or disease. Diagnosis and treatment is 
therefore approached in a nonlinear progression, 
working towards the health and healing of the 
whole person. 

The Western mind, however, is taught to view 
the physical body on a linear progression of cause 
and affect, separating the reactions of the tissues 
from the effect of the mind and emotions, as well 
as the universal and environmental influences. In 
order to help the Western mind understand the 
concept of Chinese energetic medicine, this Medi- 
cal Qigong textbook was written with the goal of 
instructional comprehension and practical appli- 
cation of Chinese energetic medicine. It embraces 
the concepts of traditional Chinese medicine, in 
particular Medical Qigong therapy, from a pro- 
gressive linear format. Beginning with Energetic 
Embryology in Section 1, it provides a basic un- 
derstanding of complex energetic structure, 
theory, and practical application, ending in ad- 
vanced clinical treatments in Section 11. The final 
chapters of this textbook, consists of scientific re- 
search collected from various doctors and research 
scientists which validate the claims made of Medi- 
cal Qigong therapy being an effective clinical mo- 
dality, in Section 12. 

Chinese medical terminology is extremely 
metaphoric and is used to describe the many as- 
pects of the human body through physical, men- 
tal, emotional, energetic, and spiritual domains 
of existence. Many technical terms in Traditional 


Chinese Medicine have numerous meanings, de- 
pending on the context of the subject. 

For clarity, the Chinese terms in this book are 
capitalized along with the English words for 
which Traditional Chinese Medicine assigns a 
special meaning. Such words include, but are not 
limited to, the following: Gall Bladder, Small In- 
testine, Spleen, Pericardium, Bladder, Liver, etc. 
There is one exception to this rule; the word “en- 
ergy” meaning Qi, is capped only in the first few 
chapters of this book for the sake of easier legibil- 
ity, as it appears so often within each chapter. 

When you see words such as Blood, Heart, 
and Marrow capitalized, assume that their mean- 
ing differs from that ascribed by Western medi- 
cine. In Traditional Chinese Medicine, the word 
Marrow, for instance, does not refer to bone mar- 
row as it is traditionally recognized in the West, 
but rather describes the substance which is the 
common matrix of bones, bone marrow, the brain 
and spinal cord. Non-capitalized terms retain their 
traditional Western meanings. 

One decision 1 have made when writing this 
textbook is to use the term “divine” when express- 
ing the energy of the Dao or God. In China, many 
of the Qigong doctors and masters that I have 
trained with asked me to keep these spiritual theo- 
ries in confidence for fear of governmental re- 
prisal. Therefore, having decided to openly share 
these ancient energetic theories concerning the in- 
teractions of the spirit, soul and divine, I have 
done so without revealing my sources. 

Finally, many of the energies used to describe 
the natural forces of nature (existing within 
Heaven, Earth, and Man) were historically 
changed into “gods” or “spirits” in order to com- 
pete with the colorful deities imported into China 
from India. Therefore, when reading this textbook, 
the reader should not become confused by cer- 
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tain terminologies describing “deities” which gov- 
ern specific energetic principles. For example, 
when reading the section on the Eternal Soul, the 
title “Lords of the Three Dantians” implies the fact 
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that the soul has three primary, separate, yet in- 
terconnected, energetic properties, rooted, divided 
and sustained within each of the Three Dantians. 


Jerry Alan Johnson, Ph.D., D.T.C.M., D.M.Q. 
(China) 


SECTION I 
FOUNDATIONS OF CHINESE 
ENERGETIC MEDICINE 


CHAPTER 1 


INTRODUCTION TO MEDICAL QIGONG 


More than 5000 years ago, Chinese physicians 
came to understand that everything is composed 
of the same energetic substance called Qi (pro- 
nounced “chee”). These ancient masters con- 
cluded that there is a oneness and wholeness in 
all existence, and that energetically everything is 
interconnected as one body, although energy may 
appear to take on many different forms. All things 
in nature and, in fact, all things in the universe 
are woven together so that we are, quite literally, 
all symbiotically one with the universe through 
the system of Qi. Qi is always in motion within 
all things, and is the catalyst for everything to re- 
late and interrelate within the universe. 

In modem times, the laws of physics have 
demonstrated that matter and energy are inter- 
changeable, and that matter is simply another 
form of energy. Matter is constantly vibrating in 
the form of tangible solids and intangible gases, 
and is constantly altering, being affected by, or in- 
teracting with energy. Energy is inherent in the 
living human body, and the human body is sus- 
tained by energy (Figure 1.1). 

The ancients mastered techniques to balance 
the body’s energy (Qi) in order to live in harmony 
with the environmental (Earthly) Qi as well as the 
universal (Heavenly) Qi. Traditional Chinese 
Medicine maintains that when living things start 
to lose their Qi, they lose their vitality. An ancient 
Chinese saying states, “Life comes into beginning 
because Qi is amassed; when Qi is scattered, the 
person dies.” 

Qi is stored within the body in the form of 
pools, creating the structures of the internal or- 
gans. From these internal pools, the body’s life- 
force energy flows in the form of rivers and 
streams. These energetic rivers and streams form 
the body’s vessels, channels, and collateral sys- 
tems. 








Figure 1.1. The Body’s Extema! Qi Field 


THE FIVE DOMINIONS OF ENERGY 

The ancient masters observed that Qi can be 
divided into five manifestations of matter and 
energy: mineral, plant, animal, human, and di- 
vine. Each form draws on the energy of the next, 
resonating and interacting with the divine through 
the form’s relationship in Wuji (infinite space). The 
five manifestations of matter and energy are ex- 
plained as follows. 

1. The minerals energetic field is considered the 
densest (i.e., the slowest) or lowest form of 
energetic vibration. The disintegration or di- 
vision of the mineral’s particles combine with 
the elements of air and water to form the 
Earth’s soil. Every particle in the soil still re- 
tains the original primordial energy force of 
the mineral, which interacts with the energy 
of the divine. 

2. The plant's energetic field is considered the 
next higher form of energetic vibration. All of 
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the Earth’s vegetation (trees, bushes, flowers, 
herbs, etc.} absorbs a part of its life-energy 
from the mineral’s energetic field, increasing 
and multiplying its energetic potential. The 
plant’s energetic field is considered the next 
higher step in energetic evolution towards the 
divine energetic field. 

3, The animal's energetic field is considered the 
next higher form of energetic vibration. The 
animal consumes and absorbs the energy 
from the plant’s energetic field, further in- 
creasing and multiplying its energetic poten- 
tial, bringing it one step closer towards the 
divine energetic field. Within each higher fre- 
quency of vibration there is also an increase 
in consciousness and level of awareness. 

4, The human energetic field is considered the 
next highest form of energetic vibration. Man- 
kind stands between Heaven and Earth, par- 
taking of both energy fields. Through diet, 
Qigong practice, prayer, and meditation, hu- 
mans can further refine and multiply their 
energetic potential. 

5. The divine energetic field is the highest vi- 
brational expression of energy known. As it 
envelops and becomes active within the hu- 
man body, it further increases and multiplies 
the body’s energetic potential, allowing man 
to attain divine consciousness. 

All these energetic fields originate from one 
source, and all contain the vibrations of the one 
divine life-force. Likewise, with an attitude of 
deep respect for plants and animals that give up 
their life-force energy for our consumption, it is 
possible to enhance the nutritional value of the 
substances they provide us with. The blessing of 
food, and food prepared with a loving attitude, 
allows for the absorption of not only the vitamins 
and minerals contained therein, but also the ab- 
sorption of the higher vibrations of the one divine 
energy inherent in all things. This is why many 
ancient cultures, often referred to as “primitive,” 
prayed before hunting so that the animal spirit 
would willing give itself for sacrifice. Prayers were 
also given after the kill to free the animal's spirit 
so that it could return back to the divine. 


active .|. passive 


creative .|. receptive 


masculine .}. feminine 





heaven.|. 








Figure 1.2. The table above shows some characteristics 
of Yang and Yin. Below is the Yin/Yang symbol: white 
represents Yang and black represents Yin. The small 
circles, one white and the other black, symbolize the 
fact that Yin is always transforming into Yang and Yang 
into Yin. {For more on Yin and Yang, see Chapter 3.} 


Once individuals becomes aware of the divine 
energetic field, they begin to experience the re- 
fined vibrational energy fields of minerals, plants, 
animals and human beings. This increased aware- 
ness of the divine life-force energy strengthens the 
awareness of one’s own energetic fields and that 
of others. This in turn can deepen the conscious 
and unconscious energetic connections between 
ourselves and others, be they human, animal, 
plant or mineral. 


DEFINING THE ENERGY OF YIN AND 
YANG 

Each of the five energetic fields can be fur- 
ther divided into Yin and Yang aspects. In Tradi- 
tional Chinese Medicine (TCM), the theory of Yin 
and Yang energy represents the duality of balance 
and harmony within the body, as well as within 
the universe (Figure 1.2). Earth energy is Yin, while 
Heaven energy is Yang. 

Yin exists within Yang, and Yang within Yin. 
Yang manifests as active, creative, masculine, hot, 
hard, light, and bright. Yin manifests as passive, 
receptive, feminine, cold, soft, and dark. The dy- 
namic balance of Yin and Yang always changes 
and transforms the body’s life-force energy. (See 
Chapter 3 for more on Yin and Yang energy.) 

Successful practitioners in balancing the 
body's Yin-Yang energies were considered mas- 
ters or “immortals,” able to harmonize the body 
with the mind, the mind with the will, the will 
with the breath, the breath with the spirit, the spirit 
with motion, and finally, motion with the sur- 
rounding environment (Earth), the universe 
(Heaven), and the divine (Dao). 


UNDERSTANDING THE CONCEPT OF QI 

While the concept of Qi may seem compli- 
cated, it is actually very simple. Matter progresses 
to energy and energy to spirit. Qi is the medium, 
or bridge, between matter and spirit. Once we be- 
come aware of the reality of Qi, it becomes easily 
recognized. 

Through observation and study, Chinese Qi- 
gong (pronounced chee-gung) masters discovered 
that each organ in the human body has a differ- 
ent function and a different speed of energetic vi- 
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bration. By tracing the pathways (channels) Qi 
takes through each organ and observing the ef- 
fects on bodily functions, the Chinese developed 
the basic theories upon which Qigong practice is 
founded. For thousands of years, Chinese medi- 
cine has successfully cured serious illnesses by 
stimulating the body’s energy in very specific 
ways. 

Through the study of Qigong, anyone wish- 
ing to cultivate awareness of the energy vibrations 
and their own individual pathways can learn to 
influence and even control them. Qigong practi- 
tioners use these skills to heal and strengthen the 
immune system, and to improve the functioning 
of various organ systems within the body. China 
Healthways International estimates that in Beijing 
alone more than 1.3 million people practice some 
form of Qigong every day, whereas, in China as a 
whole, around 80 million people practice Qigong. 


DIFFERENT SCHOOLS OF QIGONG 

Qi means “life-force energy” and gong means 
“skill,” so Qigong is the skillful practice of gath- 
ering, circulating, and applying life-force energy. 
In China today, Qigong practice is divided into 
three main schools: medical, martial, and spiri- 
tual. The three schools are all based on the same 
philosophical system and share many of the same 
meditations and techniques. The schools differ pri- 
marily in focus. Students choose a school based 
on the use to which they want to put their Qigong 
training. Briefly, each school focuses on one of the 
following specialties: 

1. The medical school trains doctors and heal- 
ers in special Qigong methods for health 
maintenance and longevity, disease preven- 
tion, and the diagnosis and treatment of dis- 
eases and disorders. The three primary tech- 
niques of Medical Qigong therapy include the 


following. 
a. Purging to detoxify the body of patho- 
gens, 


b. Tonifying to strengthen the body's in- 
ternal organs and systems, and 
c. Regulating to balance the body’s inter- 
nal energy. 
2. The martial school trains martial artists to 


SECTION t: FOUNDATIONS OF CHINESE ENERGETIC MEDICINE 


build their strength and power for perform- 
ing martial arts applications. The three pri- 
mary techniques of martial Qigong training 
include the following. 

a. Obvious Power (Ming Jing) techniques 
emphasize the training and condition- 
ing of the muscles, strengthening the 
bone structure, and increasing the 
individual's overall stamina. This 
school also includes such techniques as 
pounding the body (arms, hands, legs, 
and torso) to strengthen and toughen 
the tissues. 

b. Hidden Power (An Jing) techniques 
emphasize stretching and twisting the 
tendons and ligaments (known as Reel- 
ing and Pulling the Silk) to cultivate 
resonant vibration within the body for 
striking and issuing power. 

c. Mysterious Power (Hua Jing) tech- 
niques emphasize the training and con- 
ditioning the mind’s imagination and 
intention, to project and utilize the 
power of the individual's Shen (Spirit). 

3. The spiritual school trains practitioners who 
seek spiritual transformation and enlighten- 
ment (Daoism, Buddhism, and Confucianism 
each have their own unique techniques). Their 
techniques include meditations for fusing, as 
well as releasing the Three Ethereal Souls 
(Hun). These souls can best be understood as 
personifications of moral qualities (or arche- 
types). When the Hun are fully developed, the 
practitioner acquires certain extraordinary 
powers and abilities, such as soul travel. The 
goal however, is to achieve transformation 
and a state of enlightenment, and not be led 
astray by the glamor of extra powers. The 
three primary techniques of spiritual Qigong 
training include the following: 

a. Nourishing the Spirit (Shen), to 
strengthen and refine the power of the 
individual’s Shen, 

b. Housing the Shen by disciplining both 
thoughts and emotions, to relax and 
tranquilize the individual’s Shen, and 


to become more receptive to divine en- 
ergy and guidance, and 

c. Combining the Shen with the Qi, to co- 
ordinate the breath and intention for 
directing the spirit to guide the body’s 
life-force energy. 

Qigong training involves all of the 
individual's physical senses. The concentration is 
focused on breathing, hearing, visualizing, and 
muscle relaxation. Massage, and movement are 
also used to develop and control the body’s in- 
trinsic energy. Studying Qigong requires not only 
comprehending the immeasurable wisdom gath- 
ered for medical, martial, or spiritual development 
but also studying the ancient Chinese culture in- 
herent within these systems. 


MEDICAL QIGONG DEFINED 

All living bodies generate an external field of 
energy called Wei Qi (pronounced “whey chee”), 
which translates as “protective energy.” The defi- 
nition of Wei Qi in Medical Qigong is slightly dif- 
ferent than that of Traditional Chinese Medicine 
(TCM). In classical TCM texts, the Wei Qi field is 
seen to be limited to the surface of the body, cir- 
culating within the tendon and muscle tissues. In 
Medical Qigong, however, the Wei Qi field also 
includes the three external layers of the body’s 
auric and subtle energy fields. This energy origi- 
nates from each of the internal organs and radi- 
ates through the external tissues. There the Wei 
Qi forms an energy field that radiates from the 
entire physical body. This field of Qi protects the 
body from the invasion of external pathogens and 
communicates with, as well as interacts with, the 
surrounding universal and environmental energy 
fields. 

Both internal and external pathogenic factors 
affect the structural formation of the Wei Qi. The 
internal factors include suppressed emotional in- 
fluences (such as anger and grief from emotional 
traumas); The external factors include environ- 
mental influences when they are too severe or 
chronic, such as Cold, Damp, Heat, or Wind, etc. 
Physical traumas also affect the Wei Qi field. 

Any negative interchange affects the Wei Qi 


by literally creating holes within the matrix of the 
individual’s external energetic fields. When left 
unattended, these holes leave the body vulnerable 
to penetration, and disease begins to take root in 
the body. Strong emotions, in the form of toxic 
energy, become trapped within the body’s tissues 
when we hold back or do not integrate our feel- 
ings. These unprocessed emotions block the natu- 
ral flow of Qi, thus creating stagnant pools of toxic 
energy within the body. 

Medical Qigong consists of specific tech- 
niques that use the knowledge of the body’s in- 
ternal and external energy fields to purge, tonify, 
and balance these energies. Medical Qigong 
therapy offers patients a safe and effective way to 
rid themselves of toxic pathogens and years of 
painful emotions that otherwise, can cause men- 
tal and physical illness. This therapy combines 
breathing techniques with movement, creative vi- 
sualization, and spiritual intent to improve health, 
personal power, and control over one’s own life. 


MEDICAL QIGONG TRAINING IN CHINA 

There are numerous colleges of Traditional 
Chinese Medicine throughout China today that 
focus on Medical Qigong training. The majority 
support the scientific study and expansion of 
Medical Qigong applications and Traditional Chi- 
nese Medicine treatments. 

According to Qigong master and doctor of 
Traditional Chinese Medicine, Professor Zhou 
Qianchuan, all of the most famous Chinese doc- 
tors of acupuncture and moxibustion, herbal 
medicine, bone setting, and massage therapy, ei- 
ther practiced Qigong or incorporated Qigong into 
their clinical practices. 

Major traditional Chinese medical colleges in 
China offer comprehensive, government-spon- 
sored, three-year programs in Medical Qigong 
therapy. Programs include classes, labs, and semi- 
nars on traditional Chinese medical theory. These 
studies include: The foundations of Chinese medi- 
cine for internal diseases according to the Yellow 
Emperor’s Inner Canon, Spiritual Axis, Essential 
Questions, and the Canon of Perplexities. The Medi- 
cal Qigong classes also include energetic anatomy 
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and physiology, diagnosis and symptomatology, 
energetic psychology, Qigong pathology, Medical 
Qigong therapy, as well as a survey of other re- 
lated medical modalities. The other related mo- 
dalities include: a comprehensive understanding 
of herbal medicine, acupuncture therapy, and Chi- 
nese massage. Classes of Western anatomy and 
physiology, Western internal diseases, and health 
and recovery, are also required. 

During the certification program, three to five 
training hours a day accompany the standard six- 
day-a-week classroom curriculum. Course content, 
personal mastery of energy extension, and diagno- 
sis techniques are rigorously tested each week. 
Upon completing the required courses and. pass- 
ing the final exams, the student receives a certifi- 
cate of completion. Next, a six-month to one-year 
internship is required at a program-affiliated hos- 
pital or clinic. Upon successful completion of this 
internship, the new doctor is licensed as a doctor of 
Medical Qigong therapy by the People’s Republic 
of China’s Bureau of Scientific Technology. 

Each internship program is assigned a sepa- 
rate wing in the selected Chinese hospitals. Both 
inpatient and outpatient facilities are available to 
the public. Each branch has specific approaches 
to healing a patient, with its own unique set of 
ground rules for diagnosis and treatment. 

There are three distinct supervisory levels 
working within each clinical branch of Traditional 
Chinese Medicine in China. The first and lowest 
position is that of a “doctor of Medical Qigong,” 
who is responsible for the treatment of all clinical 
patients (including patients in both the inpatient 
and outpatient clinics). The positions of Medical 
Qigong doctor are generally filled by the medical 
college graduates who have spent four to five 
years in clinical study and practice. The next level 
is called a “physician or doctor in-charge,” and 
denotes a senior position within the clinic. This 
individual is responsible for the supervision of all 
the Qigong doctors’ clinical procedures. This po- 
sition is usually obtained after spending a mini- 
mum of five years as a Qigong doctor. The final 
and highest level is called a “director or profes- 
sor;” this position requires overseeing the doctors 
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in-charge, as well as teaching, treating, and train- 
ing of other doctors to pass on Qigong clinical 
knowledge to future generations. This position is 
usually obtained after spending a minimum of 
five to six years as a doctor in-charge. 

The licensing is reviewed and issued by ei- 
ther the People’s Republic of China’s Bureau of 
Scientific Technology (that issues a license in lo- 
cal city hospitals) or by the Ministry of Scientific 
Technology (that licenses to practice in any clinic 
or hospital throughout China). The Qigong 
doctor’s skills are tested through oral, written and 
practical examinations, and a license is issued ac- 
cordingly. In China today, there are five positions 
available for a doctor of Traditional Chinese Medi- 
cine. These five positions are described as follows. 

1. A Doctor of Acupuncture Therapy (D.Ac.) 
specializes in the five main modalities of Chi- 
nese acupuncture. 

2. A Doctor of Herbal Medicine (D.H.M.) spe- 
cializes in the five main modalities of Chinese 
herbology. 

3. A Doctor of Massage Therapy (D.M.T.) spe- 
cializes in the five main modalities of Chinese 
massage and tissue regulation. 

4. A Doctor of Medical Qigong PnGTAEY 
(D.M.Q.) specializes in the five main modali: 
ties of Chinese Medical Qigong. 

5. A Doctor of Traditional Chinese Medicine 
(D.T.C.M.) is a doctor who has trained in all 
four branches of Traditional Chinese Medi- 
cine (acupuncture, herbs, massage, and Medi- 
cal Qigong). 


MEDICAL QIGONG TRAINING IN THE 
UNITED STATES 

The Five Branches Institute, College and Clinic 
of Traditional Chinese Medicine became the first 
TCM/ Acupuncture College in the United States to 
open a Medical Qigong Clinic on April 7th., 2000. 
This clinic not only serves as an invaluable teach- 
ing resource for the Five Branches acupuncture stu- 
dents, but also serves as an affordable alternative 
medical clinic for the general public. 

Founded in 1984, the Five Branches Institute 
has been known not only for its leadership in TCM 
education, but also as an academic innovator as 


well. It was the first, and remains the only, TCM 
College to establish a Neurology Center (founded 
in 1995) for the specialized treatment of paralyzed 
patients, under the directorship of the world-fa- 
mous Chinese physician Doctor Ming Qing Zhu, 
L.Ac., Dipl. Ac. (NCCA), M.D. (China). 

THE FIVE BRANCHES MEDICAL QIGONG 
CLINIC 

The Five Branches Medical Qigong Clinic is 
currently divided into 3 treatment areas. The main 
area (Clinic A) is used to treat patients with less 
severe conditions; the second area (Clinic B) is 
used specifically for the treatment of cancer pa- 
tients. The third treatment area is designed for 
video taping the patient’s Medical Qigong pre- 
scription exercises and meditations. 

Clinic A is the primary care facility of all pa- 
tients. The patients are first assessed, and then as- 
signed to a treatment team. Each team is com- 
prised of at least one senior intern and several 
clinical students. Each team diagnoses, treats, and 
then prescribes Medical Qigong exercises and 
meditations for each patient. Some patients with 
potentially terminal illnesses (cancer, tumors etc.) 
may require specialized treatments, and are re- 
ferred to the Clinic B. 

The main goal of the Clinic B is to specialize 
in Oncology, and to work closely with the Aca- 
demic Dean and Clinical Medical Director Dr. 
Joanna Zhao, L.Ac., Dipl. Ac. (NCCA), D.T.C.M. 
(China), who prescribes herbal therapy to comple- 
ment the Qi Emission therapy and Medical 
Qigong prescriptions. 

The Director of the Medical Qigong Clinic is 
Dr. Jerry Alan Johnson, whose duty is to oversee 
the “Doctors in Charge” of the 3 treatment areas, 
as well as regulate the patient load between Clin- 
ics A and B. 

The Doctors in Charge of the Medical Qigong 
Clinics are: Jean Ruth Viamynck, L.Ac., Dipl.Ac., 
M.T.C.M., M.Q.T., and Adam Atman, L.Ac., 
Dipl.Ac., M.T.C.M., M.Q.T. Their duty is to over- 
see the Medical Qigong doctors on staff within 
the three treatment areas, supervise the current 
interns, and make themselves available for con- 
sultations when needed. 
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The front entrance of the Medical Qigong College at 

the Hai Dian University in Beijing, China. Left to right: Dr. Li Fu Dong, Associate Professor and 
Chief Director of Medical Qigong Science, Dr. Jerry Alan 
Johnson the author and director of the International 
Institute of Medical Qigong, and Dr. Pang Dong Hui, 
Executive Deputy President of the Hai Dian University. 








Dr. Niu Yu Hua, Assistant Director of the Hai Dian 
Medical Qigong College, treats a patient by regulating 
the Qi of her Upper and Lower Dantian. 








Dr. Lu Guo Hong, Director of the Hai Dian Medical 
Qigong College, treats a patient suffering from 
hypertension by dispersing Excess Heat from her body. 


Right: The graduate students of the Hai Dian Medical 
Qigong College intern at the Xi Yuan Hospital in Beying, 
China, for a period of 6 months to a year. They are 
licensed through the government's Medical Qigong 
Science and Research Institutes, which monitor the 
student programs. 
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The Xi Yuan Hospital in Beijing, China, is the equivalent 
of the Stanford or Harvard Medical Center in the United 
States; it specializes in five distinct branches of healing 
therapies? Medical Qigong, acupuncture, herbs, 
Chinese massage, and Western medicine. 








Three Americans completed their internships at the Xi 
Yuan Clinic in 1995. They are shown here posing with 
Dr. Xu Hongtao, the Xi Yuan Hospital staff supervising 
physician. Left to right: Dr. Seth Lefkowitz, the author 
Dr. Johnson, Dr. Xu Hongtao, and Or. Arnold Tayam. 





Right. The China Beijing International Acupuncture 
Training Center is a facility in which doctors from around 
the world culminate their training in Chinese medicine 
with Chinese doctors who are experts in their medical 
specialties. 





ic 








The Xi Yuan Hospital is equipped with both inpatient 
and outpatient Qigong clinics. Here, Dr. Xu Hongtao 
administers “distance” Qigong therapy to patients in one 
of the many Medical Qigong wards. 








Left fo right: Qigong Master Zheng Zhanding, Jonathan 
Liu, and the author discussing advanced Medical 
Qigong theories and modalities. 








aa ‘ i 3 : 
Dr. Teng Yingbo (/eff), the president and secretary 
genera! of the Beijing Western District Qigong Science 
and Research Institute, with the author treating a patient. 








Left: The International Institute of Medical Qigong is one 
of the few American Medical Qigong colleges that 
maintains the same strict standards as the Medical 
Qigong Universities in China. The initial training 
programs generally require three to four years of 
training. 





The 1999 graduating class of the International Institute 
of Medical Qigong (feff fo right): 

Back row: Matthew B. Weston, William H. Lewington, 
William H. De Groat, Paul E. Miller. 

Middie row: Katy Reed, Madeleine H. Howell, Brooks 
M. Fiske, Diane de Terra. 

Froné row: Michael J. Finch, Jean R. Vlamynek, Dr. 
Johnson, Dennis M. Earnest. 


Not pictured: Todd Mathew Gedryn, Luc Amauld Logan, 
Geoffrey Greenspahn and Rose Mary Stewart. 
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The author lecturing at the World Academic Society of 
Medical Qigong 1996 World Conference, on the 
psychophysical manifestations associated with tumor 
formation. 








The 1987 graduating class of the International Institute 
of Medical Qigong (left fo right): 


Back row: Dr. Stephanie Taylor, Pamela Lee Espinoza, 
Anne Elderfield, and Dr. Carole Marie Kelly. 
From row: Dr. Arnold E. Tayam, Dr. Johnson {director 


of the institute), Shannon K. Brown, and Dr. Seth 
Lefkowitz. 
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The Five Branches Institute, College and Clinic of 
Traditional Chinese Medicine became the first TCM/ 
Acupuncture College in the United States to open a 
Medical Qigong Clinic on April 7th., 2000. 








In the main treatment area (Clinic A), patients are 
categorized according to the severity of their condition. 
For serious conditions {e.g., multiple sclerosis} patients 
are encouraged to lie on the treatment tables. 





The resident Doctors in Charge of the Five Branches 
Medical Qigong Clinic are Adam Atman L.Ac., Dipl.Ac., 
M.T.C.M., M.Q.T. (positioned on the left}, and Jean Ruth 
Vlamynek L.Ac., DiplAc., M.T.C.M., M.Q.T. (located in 
the middle). They are seen here is discussing the current 
patient load with Dr. Arnold Tayam D.M.@, (China). 








Pictured from left to right are the Five Branches 
President and CEO Ron Zaidman, M.B.A., M.T.C.M.; 
the Academic Dean and Clinical Medical Director Dr. 
Joanna Zhao L.Ac., Dipl. Ac (NCCA), D.T.C.M. (China): 
and the Dean of Medical Qigong Science and Director 
of the Medical Qigong Clinic Dr. Jerry Alan Johnson. 








In Clinic A of the Five Branches Medical Qigong Clinic, 
patients with less serious conditions (e.g., hypertension 
and migraine headaches) are encouraged to relax on 
one of the treatment chairs. 











The second treatment area (Clinic B), is used specifically 
for the treatment of tumor and cancer patients. 











ie 
The Five Branches Medical Qigong students are also 
taught Energetic Psychology and how to deal with the 
emotional discharges coming from their patients. 
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Doctors of the Five Branches Medical Qigong Clinic 
combine their energies to treat a specific type of cancer, 
observed here, in Clinic B. 








Within the first semester, the Medical Qigong students 
at the Five Branches TCM College have learned and 
experienced basic applications of Medical Qigong 
purgation, tonification and regulation exercises. They 
have also been taught the underlying principles for each 
exercise and meditation. Furthermore, they are able to 
discriminate when to assign these prescriptions to 
patients, and when not to. 


In the first phase of internship, the Medical Qigong 
students work as part of a Qigong treatment team, 
assisting a senior intern. 
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The Medical Qigong Clinic also includes a 
psychotherapist, Madeleine Howell, L.M.ET., 
M.Q.T,, who is trained in Medical Qigong therapy. 
She is available to patients who may need profes- 
sional consultation after undergoing Medical 
Qigong treatments, as these may bring painful 
emotions to the surface as part of the healing pro- 
cess. 

On the first official day of the clinic, 15 Qigong 
interns and doctors from the International Insti- 
tute of Medical Qigong performed Qi Emission 
through Distance therapy on more than 80 pa- 
tients. Treatments ranged from a general treatment 
(purging excess, tonifying deficiencies and dis- 
persing stagnations) to the treatment of several 
potentially terminal cancer patients. 

THE FIVE BRANCHES MEDICAL QIGONG 
COURSE AND CLASSES 

The Medical Qigong students at the Five 
Branches college learn and experience basic appli- 
cations of Medical Qigong purgation, tonification 
and regulation exercises during the first semester. 
Classes, include lectures and labs. They are also 
taught to understand the underlying principles of 
each Medical Qigong exercise and meditation, and 
learn when and when not to assign these exercises 
in cases for clinical application. The students are 
also taught Energetic Psychology and how to deal 
with the emotional discharges coming from their 
patients. : 

In the second semester the Medical Qigong 
students are led through a progressive series of 
advanced Shengong meditations and exercises, for 
developing advanced intuitive diagnostic skills. 
The students also learn basic Medical Qigong 
treatment protocols, and begin the initial phase 
of clinical internship. During this phase they as- 
sist the senior interns. 

From the third semester on, the students be- 
gin an in depth study in Medical Qigong theory 
and its application, The goal is to complete a three 
year certification program in Medical Qigong 
Therapy. 


MEDICAL QIGONG CLINICAL THEATRE 
Conducted in a small class setting, the Medi- 
cal Qigong Clinic gives the students exposure and 
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first hand experience at Medical Qigong diagnoses 
and treatments. This is a hands on experience 
where the different aspects of energetic dysfunc- 
tions and symptom manifestations are studied, 
treated and observed by the Medical Qigong stu- 
dents. Through the careful guidance of the instruc- 
tor, the Medical Qigong students are allowed to 
assist in all phases of diagnosis and treatment. 

After completing the Clinical practicum, 
Medical Qigong students at the Five Branches 
TCM College will be qualified to diagnose and 
treat patients, as well as document and maintain 
accurate clinical records. 


CLINICAL INTERNSHIP 

In the first phase of internship, the Medical 
Qigong students work as part of a Qigong treat- 
ment team, assisting a senior intern. 

In the second phase of internship, the Medi- 
cal Qigong students work with their own patients, 
under the supervision of the instructor. 

By the end of their Clinical Internship, the 
Medical Qigong therapists will receive their Mas- 
ters degree, and will be fully qualified to diag- 
nose and treat patients without supervision. 


TRADITIONAL CHINESE MEDICINE AND 
MEDICAL QIGONG THERAPY 

Medical Qigong therapy is the oldest of the 
four branches of Traditional Chinese Medicine and 
provides the energetic foundation from which 
acupuncture, herbal healing, and Chinese mas- 
sage originated. It is through the understanding 
of Qigong that the other branches of Traditional 
Chinese Medicine are elevated to a spiritual path 
of self-realization and internal transformation. 
Doctors of Traditional Chinese Medicine address 
the patients’ physical, energetic, and spiritual 
needs simultaneously. According to the principles 
of Traditional Chinese Medicine, the root cause 
of all disease can be traced to a critical imbalance 
within the body’s vital energies. Therefore, the 
best way to prevent or cure disease requires 
establishing a healthy energetic balance and har- 
mony between the body’s energy field and the 
forces of nature and the cosmos. 

Traditional Chinese Medicine is divided into 
four branches of clinical healing: Acupuncture 
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Figure 1.3. The Four Main Branches of Traditional Chinese Medicine 





therapy, Herbal therapy, Chinese Massage 
therapy, and Medical Qigong therapy. All of the 
four main branches are built on the same founda- 
tion of energetic diagnosis known as the Five Main 
Roots of Traditional Chinese Medicine. The five 
main roots are used for internal organ diagnosis 
according to the Six Stages, Five Elements, Eight 
Principles, Triple Burners and Four Levels theo- 
ries (Figure 1.3). 


ACUPUNCTURE THERAPY 
By inserting very thin metal needles into spe- 
cific points, the acupuncturist manipulates the 





patient’s energy (Qi) to achieve an overall physi- 
cal balance. In an acute or emergency situation, a 
patient’s symptoms are treated first, after which 
the focus is directed to rerouting Qi Deviations or 
removing the original cause of the symptoms (e.g., 
stagnations). 

The energetic points are specific areas both 
on and in the body where Qi emerges from deep 
within the body’s organs and tissues, or sub- 
merges to travel deep within the body. The Qi 
moves along specific pathways known as chan- 
nels and collaterals. Collaterals are the smaller 
streams of Qi that branch off from the main ener- 
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Figure 1.4, The Five Main Branches of Chinese Acupuncture Therapy 





getic rivers (channels). Each Primary Channel 
takes its name from one of the six Yin or six Yang 
organs to which it corresponds. Each organ has 
two channels, one on each side of the body. 

Often in Chinese medical diagrams and pro- 
cedures, you will see abbreviations referring to 
specific energetic points. Traditional Chinese 
Medicine names the points based upon the chan- 
nel on which the point lies and its distance along 
the channel. The first points on each side of the 
Gall Bladder Channels (GB), for example, are GB- 
1. Some channels contain over 60 points, each 
numbered sequentially from beginning to end. 
These points are also given descriptive names ac- 
cording to their location and energetic affect upon 
the body when treated. The GB-1 points, for ex- 
ample, are located next to the eyes, on the outer 
canthus, level with the pupils, and are called the 
Pupil's Seam. 

Acupuncture therapy includes five major 
treatment techniques (Figure 1.4): needling, cup- 
ping, bloodletting, moxa burning, and magnet 
healing. 
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1. Needling uses acupuncture needles of vari- 


ous sizes that are inserted into channel points. 
These points are tiny areas where the Qi pools 
along the streams of an energy channel (Fig- 
ure 1.5). The needles stimulate the nerves and 
energy flow to tonify or reduce Excess Qi. 


. Cupping uses wooden, clay, or glass cups that 


adhere to the patient's skin by suction (Fig- 
ure 1.6). This suction drains, or removes, 
pathogenic Qi from the body’s pores. This 
technique can also be used to tonify specific 
areas of the body. This modality of treatment 
has been successfully combined with blood- 
letting to treat acute sprains accompanied by 
Blood stagnation. 


. Bloodletting is done with instruments such 


as blood needles or seven- and five-star ham- 
mers to remove Toxic Qi, Blood stagnation, 
Heat, and other pathogenic factors (Figure 
1.7). The hammer has five to seven sharp pro- 
jections that pierce the skin and cause slight 
bleeding. The acupuncturist diagnoses and 
then monitors the patient’s condition by the 





Figure 1.5. Adoctor is inserting an acupuncture needle 
into the patient's Channel Point. Acupuncture needles 
of various sizes are used to stimulate nerve and energy 
flow for the tonification of Deficient Qi or the reduction 
of Excess Qi. 





different shades of the patient’s Blood. 
Trapped or diseased Blood is released until a 
healthy color is observed. This therapy is con- 
sidered useful for treating disorders of the ner- 
vous system, physical trauma, and extremely 
serious febrile diseases. 

4, Moxa Burning employs lighted herbal cones 
or sticks that are inserted on top of acupunc- 
ture needles (or held over specific channel 
points) to infuse heat and Qi into specific body 
areas for tonification (Figure 1.8). This tech- 
nique is also used to expel Cold in order to 
disperse Blood stagnation. 

5. Magnets use magnetic patches or strips that 
are attached to various channel points of the 
patient's body to stimulate a response in the 
electromagnetic field (Figure 1.9). Magnet 
therapy has been used since the Tang Dynasty 
(618-907 A.D.). The magnets are applied to 
specific points for a period of 3-5 days, re- 
moved for one day, then reapplied. Whether 
used for tonification or sedation, this therapy 
facilitates constant treatment of the channel 
point. 
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Figure 1.6. In Cupping, heated air is directed into 
wooden, clay, or glass cups, which are then placed on 
the patient's skin. The cooling air creates suction that 
drains, or removes, pathogenic Qi from the body's pores. 


Figure 1.7. The doctor is lightly tapping with the Five- 
Star Hammer that has five sharp projections to pierce 
the skin and cause slight bleeding. The color of the 
patient's Blood provides the doctor with information 
about the patient’s condition. 





Figure 1.8. The doctor has inserted a needle with 
burning Moxa (herbal cones/sticks) on top of it. Burning 
moxa may also be held over specific channel points or 
placed directly on the skin. 








Figure 1.9. A Magnetic Patch is being worn on the Wrist. 
Magnets may be attached to various parts of the body 
or may be worn in shoes or wristbands. 


17 


SECTION 1: FOUNDATIONS OF CHINESE ENERGETIC MEDICINE 


Herbal 





Figure 1.10. The Five Main Branches of Chinese Herbal Therapy 





HERBAL THERAPY 

Herbal formulas have been used successfully 
to treat a variety of illnesses for over 5000 years. 
Historically, herbal medicine has been the world- 
wide basis for pharmaceuticals used in most cul- 
tures, prior to modem times. Today, herbs pro- 
vide the source for many of the pharmaceuticals 
used in contemporary Western medicine, espe- 
cially for the treatment of viral and bacterial dis- 
eases, pain, tumors, chronic diseases, internal and 
external tissue regeneration, and many other 
medical problems. 

Herbology is both a science and an art. An 
herbalist spends many years studying the herbs 
used to create herbal formulas. The herbalist must 
understand the effects of individual herbs, as well 
as their synergistic effects when combined. 

Herbs are used for tonifying, purging, dis- 
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persing, warming, cooling, nourishing the Yin, 
nourishing the Yang, and clearing Heat, as well 
as moving Qi, Blood, Phlegm, and Fluids within 
the body. They cause the Qi in the body to either 
ascend or descend, affecting the upper or lower 
parts of the body. 

Chinese medicine prescribes specific parts of 
plants (leaves, roots, bark, etc.) for particular me- 
dicinal purposes. Parts of trees, shrubs, herbs, 
vines, and flowers are selected for their specific 
properties (Hot, Cold, Warm, Cool) and taste 
(Sweet, Bitter, Pungent, Sour, and Salty). These 
properties either tonify or disperse Qi and Blood. 

Chinese medical herbology not only includes 
the cultivation and gathering of seeds, fruits, flow- 
ers, leaves, barks, stems, and roots but also pre- 
scribes non-herbal components (such as minerals, 


Ipori 
(soul double or 
super-soul) 


Ori-inu 

(inner head; seat 
of the 
unconscious 
mind) 


Emi 
(soul) 


Ori 
(head; seat of the 
conscious mind 





animal or insect parts) that are sometimes added 
to enhance the herbs’ healing effect. 

Chinese herbs cure energetically by moving 
Qi in the channels. Different herbs enter different 
channels and affect different internal organs. 
Herbs are extremely powerful. The herbalist uses 
herbs to tonify (strengthen) and move Qi and 
Blood as well as eliminate Heat from the patient’s 
Blood. When tailored to an individual’s constitu- 
tion or combined into a formula for specific symp- 
toms, herbs can greatly help the body; however, 
taking the improper herbal formula can have del- 
eterious effects. 

Chinese herbal therapy includes five major 
clinical applications (Figure 1.10): nutritional edu- 
cation (food and diet); teas and soups (tang); tinc- 
tures and wines (jin); oils, balms, and liniments 
(you and gao); and compresses, powders (san), 
and pills (wan). 

1. Nutritional education is stressed to assist pa- 
tients in choosing foods for the body’s nour- 
ishment and optimum health, as well as for 
the treatment of disease. Foods have many 
similar properties to herbs. An old Chinese 
saying asks, “Are herbs food or food herbs?”, 
thus stressing the importance of a good diet 

2. Teas and Soups are water-based herbal for- 
mulas traditionally prepared from raw or pro- 
cessed herbal ingredients. These are tradition- 
ally ingested for the treatment of internal and 
external disorders of both acute and chronic 
natures. 

3. Tinctures and Wines are both alcohol-based 
herbal formulas. Tinctures are a concentrated 
alcohol-based formulas prepared from raw 
herbs that are used similarly to teas and soups. 
Wines are traditionally applied externally to 
alleviate pain, or ingested as a tonic, depend- 
ing on the specific formula and the disease 
being treated. 

4. Oils, Balms, and Liniments are oil-based 
herbal formulas usually applied externally for 
the treatment of muscle, tendon, and ligament 
trauma, to alleviate pain, disperse Excess Qi, 
or to draw Qi into specific areas for tonifica- 
tion. 
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5. Compresses, Powders, and Pills consist of 
herbs that have been pulverized into a paste, 
powder, or poultice and are then applied 
externally for the treatment of acute or chronic 
injuries. They can also be ingested for inter- 
nal organ tonification and the rebalancing of 
the body’s energy system. Pills are herbs spe- 
cifically prepared from traditional formulas, 
rolled into little balls, and orally ingested for 
the treatment of Internal disorders. 


CHINESE MASSAGE THERAPY 

Chinese Massage Therapy is a generic term 
used for all tissue manipulation techniques cur- 
rently used in China. This particular branch of Tra- 
ditional Chinese Medicine consists of five popu- 
lar systems that include manipulation of not only 
external skin, muscles, tendons, joints, nerves, and 
inner fascia but also the internal organs and or- 
gan systems. 

This ancient therapy is used as a preventa- 
tive treatment as well as a healing modality. By 
applying specific methods of tissue manipula- 
tions, obstructions in the channel's pathways can 
be removed, promoting and increasing both Qi 
and Blood circulation. 

This therapy focuses on improving the struc- 
tural alignment of the body and on healing soft- 
tissue injuries. It also corrects any deviant func- 
tions of the internal organs, nerves, and joints. 
Chinese bodywork and tissue therapy are the 
foundational source for modern Swedish mas- 
sage, myofascial trigger point therapy, reflexology, 
and therapeutic neuromuscular therapy. 

Chinese massage therapy is divided into five 
different schools of instruction: Jie Gu, Tui Na, Gua 
Sha, An Mo, and Jing Point therapy (Figure 1.11). 
Jie Gu, Tui Na, and Gua Sha employ external tis- 
sue manipulations. These three external manipu- 
lations are used to treat the bones, muscles, liga- 
ments, and tendons, and also to treat fevers. An 
Mo and Jing Point therapy utilize soft-tissue ma- 
nipulation. These treatment modalities are simi- 
lar to those used in chiropractic, osteopathy, West- 
ern physical therapy, and massage therapy. 

1. Jie Gu Therapy is used for bone setting and 
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Figure 1.11. The Five Main Branches of Chinese Massage 





to adjust the patient’s body alignment (Fig- 
ure 1.12). The literal translation for Jie Gu is 
“knotted bone,” which describes the art of 
manipulating the bones and ligaments to un- 
ravel the trapped junctions of Blood and Qi 
channels in the patient's joints. 


. Tui Na Therapy focuses on external tissue ma- 


nipulation and adjustment of the muscles and 
tendons to adjust abnormal Qi circulation 
within the body’s muscular system (Figure 
1.13). The translation for Tui Na is to “push 
and grasp.” It was developed primarily for 
correcting the misalignment of the body’s 
bones and muscles due to traumatic physical 
injuries. Reflexology is historically rooted in 
the use of Tui Na therapy in Chinese pediat- 
ric care. 


. Gua Sha Therapy is used to regulate febrile 


translation for Gua is “to scrape or scratch” 
and Sha is defined as “cholera,” or sand-like 
maculae (referring to the red discoloration that 
is raised on the skin by the application of 
scraping). This therapy focuses on external 
surface tissue scraping, usually around the 
neck and thorax areas (Figure 1.14). It is com- 
monly used for promoting Qi and Blood cir- 
culation, removing toxins, clearing Heat, cool- 
ing the Blood, removing stagnation, and 
dissolving masses. A jade scraper (coin, bowl, 
or spoon) is used for purifying the Qi and 
transforming the Shen (Spirit). A water buf- 
falo horn is commonly used for pulling Heat 
and toxins from the patient’s body (occasion- 
ally ceramic is used, but never glass or plas- 
tic). 

The two internal manipulations are used to 


conditions, such as flu, cholera and malaria, 


treat the organs and nerves. 
and to treat musculoskeletal conditions. The 


4. An Mo Therapy is used for internal organ 
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Figure 1.13. Tui Na Therapy is used to adjust the 
muscles and focuses on external tissue manipulation 
Figure 1.12. Jie Gu Therapy is used to set the bones and adjustment of the muscles and tendons in order to 
and ligaments in order to unravel the trapped junctions correct abnormal Qi circulation within the body’s 
of Blood and Qi channels at the patient's joints. muscular system. 








Figure 1.14. Gua Sha Therapy is commonly used for 
clearing Heat, cooling the Blood, removing stagnation, 
and dissolving masses. 








Figure 1.15. An Mo Therapy allows organ manipulation 
for internal visceral regulation and concentrates directly 


regulation. An Mo focuses primarily on Qiex- on treating specific Internal diseases. 


tension and soft-tissue and internal organ ma- 
nipulation (Figure 1.15). Although the literal 
translation means to “press and rub,” this 
therapy focuses primarily on internal visceral 
regulation, concentrating directly on the treat- 
ment of specific Internal diseases. 

5. Jing Point Therapy is employed for channel 
and internal organ regulation. Jing point 
therapy uses pressing, pinching, clapping, 
and tapping techniques on specific energetic 
points and energetic channels. These tech- 
niques are employed to promote Qi and Blood 
circulation, balance the body's Yin and Yang Figure 1.16. Jing Point Therapy is used to promote Qi 
energy, tonify weak organs, dredge the chan- and Biood circulation, balance the body's Yin and Yang 


nels, and expel pathogenic factors (Figure  9nérgy, tonify weak organs, dredge the channels, and 
1.16). expel pathogenic factors. 
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Figure 1.17. The Five Main Branches of Chinese Medical Qigong Therapy 





MEDICAL QIGONG THERAPY 
The objective for healing disease in Medical 
Qigong training is threefold: 
¢ First, eliminate Internal pathogenic factors 
(the accumulation of Excessive emotions such 
as anger, grief, worry, fear, etc.) as well as Ex- 
ternal pathogenic factors (the invasion of 
Cold, Hot, Damp, etc., from the environment). 
* Second, increase or decrease the patient’s Qi 
as needed to counteract the Deficient or Ex- 
cess condition within the internal organs and 
channels. 
¢ Third, regulate and balance the patient's Yin 
and Yang energy to bring it back into har- 
mony. 
This unique therapy consists of regulating the 
body’s three external Wei Qi fields (physical, men- 
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tal/emotional and spiritual), and the four Inter- 
nal fields of life-force energy (Ying Qi, Sea of 
Blood, Sea of Marrow, and the Taiji Pole). Some of 
the most common diseases treated in Medical 
Qigong clinics are: diabetes, arthritis, high blood 
pressure, breast and ovarian cysts and tumors, mi- 
graine headaches, fibromyalgia, insomnia, acute 
abdominal pain, irritable bowel syndrome, deep 
tissue obstruction, muscle atrophy, brain tumors, 
stroke, coma retrieval, and certain types of can- 
cer. The medical treatment focuses on relieving 
pain, detoxifying the body of toxic emotions (e.g., 
excessive anger, fear, worry, etc.), correcting in- 
ternal organ dysfunctions, and balancing Excess 
or Deficient Qi and Blood conditions. 

Medical Qigong therapy uses five major clini- 
cal modalities (Figure 1.17): Distance therapy, Self- 


Regulation therapy, Qigong Massage therapy, En- 
ergetic Point therapy, and Invisible Needle 
therapy. 

1. Distance Therapy (also called Qi Emission) 
requires the Qigong doctor to manipulate a 
patient's Qi by focusing on the energetic prop- 
erties of the patients’ channels, collaterals, and 
points, as well as internal organs, from a dis- 
tance of several inches, several feet, or even 
several miles away (Figure 1.18). 

2. Self-Regulation Therapy (also called Qigong 
Prescriptions and Patient Homework) are 
Qigong exercises (postures, movements, 
sound vibrations, visualizations, etc.) given 
to patients by a doctor (Figure 1.19). Patients 
can use these Qigong techniques to regulate 
their own health, using various lying, sitting, 
moving, and standing postures. The patients 
may also use their own spiritual belief sys- 
tem as a healing tool. 

3. Qigong Massage Therapy, a soft-tissue regu- 
lation technique, differs from Tui Na or An 
Mo (Chinese External Massage Therapy), in 
that the doctor’s hand skims the patient's 
body as lightly as a feather, never exceeding 
the pressure one would place on an eyeball 
(Figure 1.20). The light skimming action is 
used to dredge the patients’ external channel 
Qi, causing energy to be released from the 
internal channels themselves, which serve as 
pathways for Qi transference. 

4. Energetic Point Therapy is used by the doc- 
tor to extend Qi into specific internal and ex- 
ternal areas of the patient's body to lead and 
direct the Qi. This type of therapy requires 
the doctor and the patient to focus their at- 
tention onto a specific energetic point (Figure 
1.21). This therapy demonstrates the power 
of the mind as an active tool in healing, and is 
used for purgation, tonification, and regula- 
tion. 

5. Invisible Needle Therapy involves the visu- 
alization of imaginary needles of light being 
inserted into specific points on the patient's 
body. The needles of light are used to stimu- 
late and direct the patient’s Qi (Figure 1.22). 
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Figure 1.18. In Distance Therapy, the Qigong doctor 
manipulates a patient’s Qi by focusing on the energetic 
properties of the patient's external channels, collaterals, 
and points from a distance of several inches, several 
feet, or even several miles. 





ee: 


Figure 1.19. In Self-Regulation Therapy, the patients 
are required to self-regulate by performing Qi Qigong 
“prescriptions” or “homework” (postures, movements, 
chants, visualizations, etc.}. Here the patient regulates 
his own Liver Qi. 








Figure 1.20. In Qigong Massage Therapy, the doctor 
softly dredges the patient’s external channels in order 
to release energy from the internal channels 
themselves, which serve as pathways for Qi 
transference. 
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Figure 1.21. In Energetic Point Therapy, the doctor 
extends energy into the patient's body as both the doctor 
and the patient focus their attention on a specific channel 
point, in this case the Kd-1 point. 
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Figure 1.22. In Invisible Needle Therapy, the doctor 
visualizes inserting energetic acupuncture needles into 
the patient's channel points in order to stimulate the 
patient’s Qi. 





CHAPTER 2 


ENERGETIC FORMATION OF THE HUMAN BODY 


In 1993 when I began my internship at the Xi 
Yuan Hospital in Beijing, China, I became aware 
that most Qigong doctors had a limited under- 
standing of basic anatomy and physiology as we 
teach it in the West. When I asked why more at- 
tention was not paid to the subject, I was told, “The 
perspective and priority we place on gross physi- 
cal anatomy and physiology is quite different from 
yours -- Westerners only study the dead -- we 
study life, the living pools, rivers, and currents of 
life-force energy that can only be found in the liv- 
ing body.” 

Eastern medicine believes that when the body 
dies, the substance, or energy, that gave the body 
life returns to its original source (Heaven and 
Earth) and all that remains of the individual is a 
mass of lifeless tissue. They believe that the tan- 
gible and the energetic exist in a twofold, cohe- 
sive relationship. A Qigong doctor must under- 
stand this concept of energy in order to compre- 
hend and prescribe appropriate Medical Qigong 
therapy for the patient. 

The concept of the energetic formation of the 
human body is new to Western thought with its 
primary focus on the physically tangible. The 
philosophical foundation of Traditional Chinese 
Medicine, on the other hand, includes studying 
the whole human being in all of his or her aspects, 
physical, mental, emotional, energetic, and spiri- 
tual. The conception results not only in the tan- 
gible physical form of anew human being but also 
in various contributing energies and energetic 
fields. Medical Qigong studies these energies, as 
well as the interplay between the Heavenly and 
Earthly influences. 


ENERGETIC EMBRYOLOGICAL 
DEVELOPMENT 
The study of the embryological development 


of the body’s inner fascia and connective tissues 
explains many of the traditional Chinese medical 
ideas about energy, health, and disease. The cells, 
tissues, and organs of the human body interrelate 
as a result of the “energetic patterning” that oc- 
curs at conception. 

Heaven (which the ancient Chinese consid- 
ered a state of subtle and non-material energies 
and beings) and Earth both have energetic fields 
that influence life. If we consider Heaven Qi (the 
universal energy related to the sun, moon, and 
stars) to be electro-positive and Earth Qi (the en- 
vironmental energy related to the earth, water and 
wind) to be electro-negative, we can begin to un- 
derstand the duality of the energetic fields and 
their pull on the human body. 

Think of the body as being suspended be- 
tween two enormous fields of energy (Figure 2.1): 
the sun extends its energetic field down, and the 
Earth’s small “sun,” i.e. its core, extends its ener- 
getic field upwards through the Earth’s crust. Man 
is, therefore, suspended between the electrically 
positive energy field of Heaven and the electri- 





Figure 2.1. Man's energetic field is suspended between 
the two energy fields of Heaven and Earth. 
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cally negative energy field of Earth and is affected 
by both celestial and environmental phenomena. 


ENERGY, MATTER, AND SPIRITUAL 
INTERACTIONS 

The Yellow Emperor's Classic of Internal Medi- 
cine states that the woman’s physiology is domi- 
nated by Blood, which serves as the foundation 
of her menstrual cycle, fertility, conception, preg- 
nancy, and childbirth. A man’s physiology is 
dominated by Qi, which serves as the basis of his 
physical interactions. 

At conception, a myriad of energetic interac- 
tions begin. The mother, father, Heaven, and Earth 
all contribute energetically to conception. These 
four energies condense upon impact and form the 
nucleus of the energetic cellular patterning of the 
new life (Figure 2.2). Every part of the resulting 
human body is affected by this energetic pattern- 
ing. 

An old Chinese saying in Medical Qigong 
states that, “When people are born, Heaven gives 





Universal Energy 


Environmental 
Energy 


Figure 2.2. The blending of Heaven (universal energy) 
and Earth (environmental energy) as well as father and 
mother energies creates a fusion of Yin and Yang 
energies within the body’s tissues and cells during 
creation. These energies are responsible, on a 
psychophysical level, for transferring talents and traits 
from generation to generation. 
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them Jing (Essence) and Shen (Spirit) -- which 
align to form the mind -- and Earth gives them 
bones and shape, which unite to form the body. 
Joined together, these sources of energy cause 
human beings to develop. When people die, their 
Essence and Spirit return to Heaven, and their 
bones and shape go back to Earth.” 

Pairs of channels from the mother’s internal 
organs carry Qi that creates and nourishes the baby 
at each stage of development. As the baby devel- 
ops, sustained through the umbilical cord, the 
child’s navel, Kidneys, and lower abdominal area 
become the collection points for Prenatal Qi (energy 
stored within the baby’s body before it is born). 

Every life begins with inherent strengths and 
weaknesses. It is believed that when conception 
occurs, if the mother achieves orgasm, the child’s 
inherent energy will become very strong. However, 
if the mother does not achieve orgasm during con- 
ception, the results will be a normal or weak ener- 
getic constitution. Prenatal care is mandatory for 
the healthy formation of the embryo. Before cell di- 
vision, the DNA mass must be duplicated exactly 
in order to transfer normal genetic characteristics 
to the next generation. Although heredity plays a 
large part in the transference of both parents’ ge- 
netic history, a weakness in the mother’s channels 
can result in congenital problems, or toxins, that the 
fetus can acquire during one of the corresponding 
stages of development. 


UNDERSTANDING FETAL TOXINS 
The External invasions of pathogenic toxins 
(known as fetal toxins) can penetrate the zygote with 
latent Heat that can cause diseases during early 
childhood development. It is, therefore, important 
for both parents, especially the mother, to take re- 
sponsibility for being strong and healthy at the time 
of conception and for the duration of the pregnancy. 
Toxins can be transferred into the embryo in utero 
in one of two ways: 
¢ First, from either the mother or father at the mo- 
ment of conception. Toxins transferred from the 
parents can create an inherited toxicity due to 
a retention of Hot Evil stored from within ei- 
ther of the parents’ Essence and Blood; or 
¢ Second, from Internal Heat generated by the 


mother during pregnancy due to improper 

diet or life-style. 

During pregnancy, a fetus is aware of light and 
sound and of the mother’s reaction to the surround- 
ing influences of her environmental energy fields. 
The fetus is strongly influenced by its mother’s 
physical activities, as well as her mental, emotional, 
and spiritual states. 

Regulating the mother’s behavior to improve 
her child’s physical, emotional, and mental health 
is called “fetal education” in Traditional Chinese 
Medicine, and is important in the development of 
the child’s Prenatal Essence, Energy, and Spirit. This 
viewpoint is based on the fact that the mother’s 
Heart and uterus are connected via the mother’s 
internal channels, allowing Qi and Blood to flow 
into the uterus. Anything that influences the 
mother’s mind, emotions, and spirit affect her 
Heart, which in turn, affect the fetus via the inter- 
nal channels. 


DEVELOPMENTAL SEQUENCE 

The following description of the body’s de- 
velopmental sequence is but one of many theo- 
ries used in order to explain Chinese energetic em- 
bryology. The ancient Chinese did not have a con- 
ception of the body’s cells and cellular division; 
however, modern theories have postulated that 
the channels were formed at the earliest stages of 
cell division, creating an energy matrix for the 
developing fetus. This particular theory is being 
taught at the Hai Dian Medical Qigong College 
in Beijing, China. 

Three important energies (Figure 2.3) combine 
in the developing fetus: Jing (Essence), Qi (En- 
ergy), and Shen (Spirit). Jing is the body’s foun- 
dational substance, responsible for nourishing the 
tissues. Qi emerges out of Jing circulating through 
the tissues and promotes the body’s metabolism. 
Shen governs the body. (see Chapter 11, “The 
Three Treasures of Man,” for more on Jing, Qi, and 
Shen.) 

Both parents contribute energetically to the 
baby’s conception (Figure 2.4). The father’s sperm 
and the mother’s egg consist of Jing (Essence), Qi 
(Energy), and Shen (Spirit). This combination of 
Jing, Qi, and Shen is referred to collectively as fa- 
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Figure 2.3 Qi is the medium between matter (Jing) 
and Spirit (Shen) and is responsible for the embryo’s 
transformational processes. 








Figure 2.4. The human body is composed primarily of 
water. The Essence of man (sperm) and woman (egg) 
unite in the uterine sea to form the fetus. The ova is 
polarized at the entry point of the sperm, creating the 
original polar axis (the Taiji Pole) that determines the 
complex pattem of cellular division that occurs along 
the polar axis throughout development. 
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ther Qi and mother Qi. The combination of father 
Qi and mother Qi is known as Yuan Qi or Origi- 
nal Qi. 

The quality and quantity of Original Qi that 
the baby receives at birth depends on three main 
factors: 

* First, the purity and potency of both parents’ 
genetic plasma (sperm and egg); 

¢ Second, the condition of both parents’ health 
and vitality and the state of their physical, 
mental, emotional and spiritual relationship 
at the time of conception; and 

¢ Third, the spiritual factors surrounding the 
conception (i.e., karma that is brought into this 
life by the incoming spirit/soul). 

As the sperm (containing the father’s Qi) fer- 
tilizes the egg (containing the mother’s Qi), 
Heaven (universal) Qi and Earth (environmental) 
Qi blend together within the zygote. The swirling 
and blending of these four energies form energetic 
pools (which will later evolve into organs), rivers 
(which later evolve into channels), and streams 
(which later evolve into collaterals). 

When the sperm enters the ovum, it produces 
a polar axis that creates an energetic vortex. This 
vortex not only forms the central Taiji Pole, but 
also draws Qi from Heaven and Earth and the 
Eternal Soul into the fetus’s body. This polariza- 
tion also determines a ventral and dorsal surface, 
which become the embryo’s Conception and Gov- 
ering Vessels, respectively, at the first cell divi- 
sion (Figure 2.5). The Governing Vessel controls 
the cell division that eventually forms the back of 
the body, while the Conception Vessel controls the 
cell division of the body’s front. This first cell di- 
vision also establishes a right and left side. The 
Heel Vessels control the balance of Yin and Yang 
energy development in the two sides of the body. 

The Belt Vessel and Thrusting Vessels form at 
the time of the second cell division. The four ves- 
sels formed at this point (Governing Vessel, Con- 
ception Vessel, Thrusting Vessels, and Belt Ves- 
sel) are interlinked for the production, circulation, 
and regulation of the body’s Jing-Essence. The 
body’s entire energy system becomes established 
and maintained within these four vessels when 
cell division occurs (Figure 2.6). 


Left Yin and 
Yang Heel 
Vessels 


Right Vin and 
Yang Heel 
Vessels 






Governing 
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Figure 2.5. The electrical polarity and field of energy in 
the polar axis is related to the Original or Yuan Qi from 
which the Conception and Governing Vessels form the 
seas of Yin and Yang energy during the first cellular 
division. The Yin and Yang Heel Vessels are also 
established, forming the left and right sides. The exterior 
of the egg is determined by the Yang Linking Vessels. 
The interior of the egg by the Yin Linking Vessels. 
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Figure 2.6. The second celiular division is caused by 
the development of the Belt Vessel and the Thrusting 
Vessel. The Eight Extraordinary Vessels have now 
formed. 


Belt Vessel 





While the embryo is forming, both the Yang 
and Yin Linking Vessels are respectively respon- 
sible for the exterior and interior development of 
the embryo (see Chapter 3 for more on Yang and 
Yin energy). Each of the Eight Extraordinary Ves- 
sels has a specific role in the development of the 
embryo. 

1. The Governing Vessel (Yang) controls devel- 
opment of the body’s back. 

2. The Conception Vessel (Yin) controls devel- 
opment of the body’s front. 

3. The Thrusting Vessels carry energy through 
the center of the body and controls the body’s 
center core. 
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4, The Yang Heel Vessels contro] the develop- 
ment of the body’s right and left Yang energy. 

5. The Yin Heel Vessels control the development 
of the body’s right and left Yin energy. 

6. The Yang Linking Vessels control the devel- 
opment of the exterior of the body (and cor- 
relates to Heaven energy). 

7. The Yin Linking Vessels control the develop- 
ment of the interior of the body (and corre- 
lates to Earth energy). 

8. The Belt Vessel binds all the channels to- 
gether. 

These eight vessels—Governing, Conception, 
Thrusting, Yang Heel, Yin Heel, Yang Linking, Yin 
Linking, and Belt—are also known as the Eight 
Extraordinary Vessels or Eight Prenatal Vessels. 

The Eight Extraordinary Vessels form a vor- 
tex of energy at the center of the embryo’s body— 
from the area between what will become the Kid- 
neys. The Taiji Pole and Thrusting Vessels are at 
the center of this vortex and will form the Sea of 
Five Yin and Six Yang Organs, the Sea of Twelve 
Primary Channels, and the Sea of Blood (see Chap- 
ter 13). From the Taiji Pole and Thrusting Vessels, 
the body’s Qi and Blood are distributed at the 
energetic level through small channels, or rivers 
of energy. This energetic vortex creates the energy 
for the growth of the embryo’s physical form. 

After the initial cell division is complete, the 
embryo’s ten Yang channels and ten Yin channels 
begin the development and formation of the em- 
bryo’s tissues and organs. These twenty channels 
are divided into two separate groups of energetic 
rivers known as the Eight Extraordinary Vessels 
and Twelve Primary Channels. As the embryo de- 
velops into a fetus and continues to grow, the 
twenty channels also continue to develop. 

During the formation of the embryo, nine 
Yang channels begin to flow out of the Governing 
Vessel (Sea of Yang Qi) and form the nine Yang 
rivers known as: the Bladder Channels, Gall Blad- 
der Channels, Stomach Channels, Smalt Intestine 
Channels, Triple Burner Channels, Large Intestine 
Channels, Yang Heel Vessels, Yang Linking Ves- 
sels, and Belt Vessel. 

Consecutively, the nine Yin channels begin to 
flow out of the Conception Vessel (Sea of Yin Qi) 
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and form the nine Yin rivers known as: the Kid- 
ney Channels, Liver Channels, Spleen Channels, 
Heart Channels, Pericardium Channels, Lung 
Channels, Yin Heel Vessels, Yin Linking Vessels, 
and Thrusting Vessels (see Chapter 8). 


THE TEN LUNAR MONTHS OF 
CREATION 

The following description of the sequence of 
embryological development was established by the 
late Chinese Medical Qigong expert Dr. Chao Yuan 
Fang during the Sui Dynasty, around 610 A.D. The 
months that Dr. Chao refers to are the ten lunar 
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Figure 2.7. Prenatal Energy Development 
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months. These months compose the 40 weeks of a 
normal pregnancy (Figure 2.7). 
MONTH ONE 

The first lunar month of pregnancy is tradi- 
tionally called the Beginning of Form. This stage 
covers conception and early cell division. 

At conception, the mother’s Liver Channels 
stop her menses and begin to nourish the growth 
of her embryo (Figure 2.8). During pregnancy, the 
mother’s Blood is transformed into Jing-Essence, 
that nourishes the mother’s body as well as the 
embryo’s. The mother’s Liver Channels cause Es- 
sence and Blood to coagulate in her womb. This 
Blood coagulation continues after the initial cel- 
lular division. 

At this stage the mother’s Shen (Spirit) be- 
comes part of a threefold activity: 

¢ First, the mother’s Shen projects through the 
umbilical cord like a light reflecting off a 
prism, sustaining and energizing the produc- 
tion of Jing (see Chapter 13), Qi, and Blood 
for the embryo (Figure 2.9). 
Second, the mother’s Shen influences the 
embryo’s Qi and Blood, and the embryo’s 
Shen (Spirit) is stimulated, bringing it into 
active being (see Chapter 12). 
Third, the embryo’s Original Jing combines 
with the embryo’s Original Qi to create the 
embryo’s Original Shen (Prenatal Spirit), 
which appears as multicolored light and con- 
tains the inherited knowledge of the fetus’s 
ancestors, including talents, skills, and natu- 





Figure 2.9. Sustained through the umbilical cord, the 
embryo absorbs the mother’s Blood, Essence, Energy, 
and Spirit. 
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The energy of the 
Liver Channels flows 
up the inside of both 
Jegs into the uterus, 
stopping menses as 
the growth cycle 
begins. 


Figure 2.8. The mother’s and father's Essence (Jing), 
Energy (Qi), and Spirit (Shen) blend with the Heaven 
and Earth energies during the fusion of the sperm and 
egg. During the first lunar month, the mother’s Liver 
Channels stop her menses and begin the embryonic 
growth cycle. After the initial cell division, the ten Yin 
and ten Yang Channels develop within the embryo. 


ral abilities. This knowledge is stored deep 
within the fetus’s cells, tissues, and conscious- 
ness. 


MONTH Two 

The second lunar month of pregnancy is tra- 
ditionally called the Beginning to Gel stage. Dur- 
ing this period, the responsibility of the mother’s 
Gall Bladder Channels is to create the environ- 
ment for the development of the mesenteric mem- 
brane sac (Figure 2.10). The Gall Bladder Chan- 
nels will also saturate the embryo, uterus, and pla- 
centa with Jing, causing the embryonic Qi to be- 
come denser, until it transforms into a thick liq- 
uid (amniotic fluid). The embryonic fluid will 
regulate the embryo’s Body Fluids. At this stage, 
the embryo begins to take shape inside the uter- 
ine lining (Figure 2.11). The Lungs, Liver, Kidneys 
and major blood vessels are forming. 

With the formation of the major blood ves- 
sels, the Yin and Yang energies begin to occupy 
the embryo’s channels. As the Yin and Yang ener- 
gies actively balance themselves: 

¢ Energy that will later coalesce into Lung Qi 
moves to the upper part of the body; 

* Original Qi (Yuan) of the Kidneys begins to 
collect deep in the center of the body; 

¢ Earth Qi (the energy absorbed by the embryo 
from the mother’s exposure to the outside en- 
vironment) begins to collect in the lower front 
and upper back areas of the embryo’s body. 

All of these energies seek their own location 





Figure 2.11. During the second month, the embryo 
begins to take shape as the energetic boundaries begin 
to form. 
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The energy of the Gall 
Bladder Channels 
flows down the outside 
of the mother’s body, 
saturating the embryo 
with Jing. 


Figure 2.10. The mother’s Gall Bladder Channels 
saturate the embryo with Jing during the second lunar 
month, causing the embryonic Qi to transform into 
amniotic fluid. The embryo begins to take shape as the 
energetic boundaries, pools, spatial cavities, and 
energetic channels and collaterals create internal and 
external form. 
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within the embryo’s developing body, creating 
their own pools of Qi with their own discrete en- 
ergetic boundaries. These boundaries will later 
form the spatial cavities that surround the major 
organs. The areas where the energetic pools settle 
and begin to create a balance within themselves, 
will be called the organ’s place of origin. This flux 
and movement creates tiny energy currents, ed- 
dies, and whirlpools that flow within the body. 
As the energy shifts, seeking balance, the larger 
pools of energy begin to form the major organs. 
This process continues, creating the brain, bones, 
and skin. 

Once the energetic pools and rivers have 
formed, ali of the currents and eddies evolve to 
form the energetic channels and collaterals, 
through which energy will flow continuously. 
These energetic currents will move in accordance 
with the mother’s energetic respiratory patterns 
and will later (after birth) follow the rhythmic pat- 
terns of the child’s respiration. As the energy cur- 
rents continue to spiral within the channels, ener- 
getic points are established, following the body’s 
energetic blueprint. Some of these areas spiral out- 
ward to form energetic exit points, while others 
spiral inward to form entry points. 


MONTH THREE 

The third lunar month of pregnancy is tradi- 
tionally called the Beginning of the Pregnant 
uterus. During this period, the embryo becomes 
a fetus and begins micro-movement. Its heartbeat 
can now be detected. 

The mother’s Pericardium Channels control the 
presence and amount of Jing and Shen in the fetus’s 
vessels, channels, and collaterals (Figure 2.12). The 
Jing and Shen that flow from the mother are ulti- 
mately rooted (firmly established) in the energy of 
her Blood. The combination of the mother’s Qi and 
Body Fluids purifies and cleanses the Shen of the 
fetus, which was formed at conception. This puri- 
fying action transforms into Heat, causing the Yang 
energy to arouse the Hun-Three Ethereal Souls (the 
energy of the fetus’s spirit), into life. The Five 
Agents, energies that stem from the Three Ethereal 
Souls, are currently in a state of awakening and will 
later reside in the organs. 
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The energy of the 
Pericardium 
Channels flow from 
the Heart down the 
center of the 
mother’s body into 
the uterus cleansing 
the fetus’s Shen. 


Figure 2.12. The mother’s Pericardium Channels control 
the third lunar month of creation. The mother’s Qi and 
body fluids purify and cleanse the fetus’s Shen (Spirit). 
The Hun from Heaven and the Po from Earth are 
established within the fetus’s internal organs. 


The Five Agents are energies that are linked 
to a person’s moral qualities and can be catego- 
rized as the five virtues of the Five Yin Organs. 
The Five Agents are also categorized into Five E]- 
ements, The psycho-emotional components of the 
Prenatal Five Agents and Postnatal Five Emotions 
are both stored within the body’s Five Yin Organs, 
and are expressed as the child grows into adult- 
hood (Figure 2.13). When one of the internal or- 
gans is stimulated, a Yin or Yang psycho-emo- 
tional reaction is created. Psycho-emotional ener- 
getic interactions are feeling manifestations ex- 
pressed through either the positive moral quali- 
ties of the congenital Five Agents (Yang - kind- 
ness, order, trust, integrity, and wisdom) or the 
negative developed emotional experiences of the 
Acquired Five Emotions (Yin - anger, joy, worry, 
grief, and fear). 

The Five Agents are connected to the Wu Jing 
Shen-Five Essence Spirits (Hun, Shen, Yi, Po, and 
Zhi), and stored within the energetic elemental 
nature of the body’s Essence (Jing) of Wood, Fire, 
Earth, Metal, and Water. The Five Elemental En- 
ergies however, encompass not only the body, but 
all of the myriad phenomena of the body and na- 
ture, combining and recombining in infinite ways 
to produce manifested existence. 

1. The Wood Agent (the Virtue of Kindness) rep- 
resents benevolence and compassion. This 
agent is connected to the Hun-Three Ethereal 
Souls, and stored in the Liver. Wood affects 
the energetic channels’ flow, tendons, liga- 
ments, small muscles, peripheral nerves, iris 
of the eyes, vision, tears, bile, nails, and ex- 
ternal genitalia. After birth, the Liver will also 
store the emotions of anger, irritability, blame, 
rage, resentment, and jealousy. When excess 
anger is eliminated, benevolence, compassion, 
and love for others is allowed to flourish. 

2. The Fire Agent (the Virtue of Order) repre- 
sents peace and boundary setting to foster 
social harmony. This agent is connected to the 
Shen-Spirit, and stored in the Heart, affecting 
the energetic channels’ flow, blood vessels, 
complexion, perspiration, and the tongue. 
After birth, the Heart will also store the emo- 
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tions of shock, nervousness and excitement. 
Eliminating excess nervousness allows love, 
forgiveness, and joy to be experienced. The 
environment is then conducive for peace, con- 
tentment, and orderliness, which allow self- 
esteem to grow. 

3. The Earth Agent (the Virtue of Trust} repre- 
sents faith, honesty, openness, acceptance, and 
truthfulness. This agent is connected to the 
Yi-Intention (thoughts and ideas) and stored 
in the Spleen, affecting the energetic channels’ 
flow, large muscles, lymph and saliva secre- 
tions, mouth, lips, and taste. After birth, the 
Spleen will also store the emotions of worry, 
remorse, regret, obsessiveness, and self-doubt. 
Eliminating excess worry allows trust and 
peace of mind to exist. 

4. The Metal Agent (the Virtue of Integrity) rep- 
resents righteousness and dignity. This agent 
is connected to the Po-Seven Corporeal Souls 
(the material aspect of the spirit) and stored 
in the Lungs, affecting the energetic channels’ 
flow, skin and mucous membranes, body hair, 
nose, and the sense of smell. After birth, the 
Lungs will also store the emotions of grief, 
sorrow, anxiety, sadness, shame, disappoint- 
ment, and guilt. Once excess sorrow is re- 
lieved, a deeper sense of righteousness, integ- 
rity, dignity, and social responsibility exists. 


Congenital | Acquired 
Agents Emotions 
[oe 


The Five 
Elements 


Figure 2.43. The Five Agents 
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5. The Water Agent (the Virtue of Wisdom) rep- 
resents rationality, clear perception, and self- 
understanding. This agent is connected to the 
Zhi-Will (mental drive and determination) 
and stored in the Kidneys, affecting the ener- 
getic channels’ flow, brain, inner ear, hearing, 
spinal cord, cerebrospinal fluid, bones, bone 
marrow, ovaries, testes, head and pubic hair, 
anus and urethra, and sexual fluids. After 
birth, the Kidneys will also store the emotions 
of fear, loneliness, and insecurity. Once excess 
fear is eliminated, the mind becomes rational 
and, therefore, wise. 

The energy of the Three Ethereal Souls (Hun) 
is composed of three separate parts and flows with 
the Blood as it moves. The energy of the Corpo- 
real Souls (Po) is composed of seven separate parts 
and follows the Jing as it moves. The Hun and the 
Po are characterized by their movements. The Po 
are also referred to as the supernatural Ling (A 
Moving Spirit). The Hun are also referred to as 
the supernatural Shen (Mind / Spirit). The Shen is 
the “active impulse” and Ling is the “active, en- 
abling mover.” As the Jing and Blood combine, 
the fetus’s Shen continues to be created. 

At the end of the third month, the internal 
organs, limbs, and external sex organs of the fe- 
tus are fully formed, and the nails have developed. 


MoNnTH Four 

During the fourth lunar month, the mother’s 
Triple Burner Channels, which are connected with 
the Yang organs, stabilize the fetus’s blood ves- 
sels (Figure 2.14). The Water Jing is beginning to 
be accepted by the fetus’s body allowing the Yin 
organs to develop normally. 

Beginning in the fourth month and continu- 
ing throughout the ninth month, each of the Five 
Element’s energetic nature and the specific char- 
acteristics of each element’s Essence will be pro- 
gressively activated and developed within the 
fetus’s body. The first to enter is the Water Jing. 

The Water Jing energy supervises the genetic 
developmental phase of the fetal growth. This 
energy encompass the fetus’s unconscious reser- 
voir of innate and intuitive intelligence, will, and 
life-force energy, relating to divine love, power, 
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The energy of the 
Triple Burners 
Channels flows up 
both arms into the 
Heart and down the 
center of the body 
into the uterus, 
directing the 
development and 
formation of the 
fetus’s connective 
tissue and fascial 
surfaces. 


Figure 2.14. The mother’s Triple Burners Channels are 
responsible for the changes in the fourth lunar month 
of creation. The Water Jing (Essence) is beginning to 
be accepted by the fetus. 


and spirit. Any faltering of this energy (due to the 
influence of fetal toxins) is associated with both 
pervasive and subtle neurological disorders, and 
a predisposition to severe psychological disorders 
(e.g., schizophrenia). 

As the fetus develops, the mother’s Triple 
Burners will direct the development of the con- 
nective tissues and fascial surfaces. This process 
is referred to as “the development of Blood and 
Qi penetrating to the ears and eyes and circulat- 
ing throughout the fetus’s channels and connect- 
ing vessels.” 

Through the later stages of fetal development 
the embryo’s seemingly homogenous tissues 
transform into the fetus’s differentiated tissues of 
muscles, bones, and organs (an important part of 
which is connective tissues). A very large part of 
the body consists of connective tissues and mem- 
branes functioning in such a way as to hold to- 
gether and maintain the body’s external and in- 
ternal structures. 

From a gross anatomical level, the body‘s 
structures connect not only through the fascial 
planes but microscopically through the connec- 
tive tissues. This internal network facilitates the 
body’s intercellular communication. These struc- 
tures, both energetic and physical, connect the 
fetus’s body, forming a vast reservoir capable of 
regulating and transferring the body’s Jing-Es- 
sence, Qi-Energy, and Shen-Spirit. 

MONTH Five 

During the fifth lunar month, the Spleen 
Channels become responsible for completing the 
development of the four limbs (Figure 2.15). The 
fetus begins its own respiratory movement along 
with the mother’s respiration. The Fire Jing is ac- 
cepted into the fetus, creating Internal Qi, that sta- 
bilizes the fetus’s Five Yin Organs’ Qi. 

The Fire Jing energy generates and controls, 
protects and integrates, divides and harmonizes 
the fetus’s internal energies to promote emo- 
tional/ spiritual well-being. Any faltering of the 
Fire Jing energy is associated with problems of 
right (Yin) and left (Yang) brain communication 
(e.g, the correct balance of male/ rational and fe- 
male/ intuitive energies). 
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The energy of the 
# Spleen Channels 
flows up the 
inside of both legs 
into the uterus, 
developing the 
fetus’s 
extremities. 


Figure 2.15. The mother’s Spleen Channels are 
responsible for the fifth lunar month of creation. The 
development of the fetus’s four limbs is completed. The 
Five Agents are distributed within the fetus’s Five Orbs 
(Five Yin Organs). The Fire Jing is beginning to be 
accepted by the fetus. 
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At this stage of development, the Five Agents 
are distributed to the Five Orbs. These Orbs are 
energetic spheres of influence or energetic spatial 
cavities (i.e., internal organ tissue chambers). 
These Orbs pertain to the Essence, Blood, Qi pools 
and channels of the Five Yin Organs. The Five 
Orbs also pertain to and encompass all of the ar- 
eas in the body that the Five Yin Organs influence. 
The Five Agents are distributed as follows: Kind- 
ness to the Liver, Order to the Heart, Trust to the 
Spleen, Integrity to the Lungs, and Wisdom to the 
Kidneys. This distribution causes the Hun to sta- 
bilize within the fetus’s organs, which contributes 
to keeping the fetus’s Shen at peace. 

At the end of the fifth month the fetus’s body 
systems develop rapidly. Its head is less dispro- 
portionate to the rest of the body, and its sponta- 
neous muscular movements are commonly felt by 
the mother. 


MONTH SIx 

In the sixth lunar month of creation, the 
mother’s Stomach Channels create the fetus’s 
muscles, The Meta] Jing is established in the fetus’s 
body, stabilizing the sinews and connective tis- 
sues (Figure 2.16). ; 

The Metal Jing energy is also responsible for 
fetal formation and the ability to form and main- 
tain emotional bonding with others. Any falter- 
ing of the Metal Jing energy is associated with 
problems of emotional attachment (e.g., autism). 

During the sixth month the Yang organs are 
in the process of developing. The Essence of the 
Yang organs receives, moves, transforms, digests, 
and excretes substances. The Six Storage Areas of 
the body’s Yang organs constantly fill and empty, 
and include the Bladder, Gall Bladder, Stomach, 
Large Intestine, Small Intestine, and Triple Burn- 
ers. 

1. The Bladder controls, stores, and releases the 
urine. This Yang organ is responsible for re- 
ceiving, storing, and releasing urine at the 
proper time. 

2. The Gall Bladder stores and secretes bile. This 
Yang organ is responsible for storing and re- 
leasing bile at the proper time. 

3. The Stomach stores the food. This Yang or- 
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¥ Stomach Channels 
flows down from the 
head and torso into 
the uterus, developing 
the fetus’s muscles 
and connective 
tissues. 


Figure 2.16. The mother's Stomach Channels are 
responsible for the sixth lunar month of creation. The 
Six Pitches are established within the body’s storage 
areas. The Metal Jing is beginning to be accepted by 
the fetus’s body. 


gan is responsible for the receiving, storing, 

rotting, and ripening of food at the proper 

time. 

4. The Large Intestine stores the solid waste. This 
Yang organ receives, stores and absorbs food 
and releases waste at the proper time. 

5. The Small Intestine stores and transforms liq- 
uid matter. This Yang organ receives, stores, 
transforms, and digests food, and releases its 
waste products at the proper time. 

6. The Triple Burners store the body’s Qi. This 
area of the body receives, stores, absorbs, and 
moves Qi. 

At this stage of development, the Six Pitches 
which support and stabilize the Lower Burners 
(see Chapter 6) and nourish the Qi are established 
in the organs known as the Six Yang Organs, also 
called the Six Storage Areas. 

The Six Pitches are six specific tone resonances 
(notes) that vibrate within the body’s internal or- 
gans and stimulates specific organ and tissue ar- 
eas. These Six Pitches relate to the Five Prenatal 
(Heaven) Elemental Sounds of Jue-Wood, Zhi- 
Fire, Gong-Earth, Shang-Metal, and Yu-Waiter. The 
sixth note Xi relates to the Postnatal (Earth) Fire 
Element and corresponds to the Pericardium and 
Triple Burners. The ancient Chinese used these Six 
Pitches for specific clinical treatments. The sound 
“Yu” for example, spoken in a low tone, will vi- 
brate the lower abdominal area and is used for 
the treatment of Kidney and Bladder problems. 

In the sixth lunar month of formation, the 
fetus’s eyelids separate and eyelashes form, and 
its skin is wrinkled. 

MONTH SEVEN 

During the seventh lunar month, the mother’s 
Lung Channels create the bones, skin, and hair 
(Figure 2.17). The Wood Jing is beginning to be 
accepted by the fetus’s body. 

The Wood Jing energy supervises the asser- 
tion and direction of the fetus’s emotional / 
spiritual aspects. Any faltering of the Wood Jing 
energy is associated with severe psychological 
problems (e.g., passive-aggressive personality dis- 
order). 

In the seventh lunar month, the fetus’s Stom- 
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The energy of the 
Lungs’ Channels 
flows down from the 
center of the torso 
into the uterus, 
creating the fetus's 
bones, skin, and 
hair. 


Figure 2.17. The mother’s Lung Channels are 
responsible for the seventh lunar month of creation. The 
Seven Essential Stars open the orifices to let in the light 
from Heaven and Earth. The Wood Jing is beginning to 
be accepted by the fetus’s body. 
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ach and Intestines are stabilized, and the Seven 
Essential Stars open the body’s orifices to absorb 
the light from Heaven and Earth. These stars con- 
sist of the sun, moon, and five planets: Mars, Ve- 
nus, Mercury, Saturn, and Jupiter. Each star is as- 
sociated with one of the body’s orifices: eyes, ears, 
nostrils, mouth, anus, and urethra. These orifices 
serve as receiving and projecting energetic por- 
tals for Jing-Essence, Qi-Energy, and Shen-Spirit. 
They also serve as messengers of the body’s Five 
Yin Organs. Thus the Liver receives messages 
through observation, the Heart through speech, 
the Spleen through taste, the Lungs through smell, 
and the Kidneys through hearing. 

These energetic messages are received by the 
body’s Wu Jing Shen and emotionally and ener- 
getically interact through the body’s Six Openings. 

1. The eyes absorb images into the Liver which 
affect the Hun (The Three Ethereal Souls). 

2. The ears absorb sounds into the Kidneys 
which affect the Zhi (Will Power). 

3. The nose absorbs smells into the Lungs which 
affect the Po (The Seven Corporeal Souls). 

4, The tongue absorbs tastes into the Spleen 
which affect the Yi (Intent/ Intellect). 

5. The physical body absorbs sensations into the 
tissues which affect the Shen. 

6. The spirit (along with the physical body) ab- 
sorbs sensations into the Heart which also af- 
fect the Shen (Spirit). 

Physically, during this lunar month, there is a 
substantial increase in the fetus’s weight and its 
head and body are more proportionate. The fetus 
can survive if born prematurely (between 27 and 
28 weeks); however, its hypothalamic temperature 
regulation and the Lungs’ production of surfac- 
tant (a phospholipid substance important in con- 
trolling the surface tension of the air-liquid emu1- 
sion present in the lungs) are still inadequate. 
MONTH EIGHT 

In the eighth lunar month, the mother’s Large 
Intestine Channels complete the formation of the 
fetus’s skin, harmonizing the Heart (the Shen), and 
quieting the breathing. As the fetus receives the 
Zong Qi-Essential Qi (energy collected from 
Heaven and Earth and accumulated within the 
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The energy of the 
Large Intestine 
Channels flows up 
the arm and down 
the center of the 
torso into the 
uterus, completing 
the formation of 
the skin, 
harmonizing the 
Heart, and 
quieting the 
breathing. 





Figure 2.18. The mother’s Large Intestine Channels are 
responsible for the eighth lunar month of creation. The 
Earth Jing is beginning to be accepted by the fetus’s 
body. 





Pl.12 Divination Tray (opon /fa ribiti Attributed to the artist Areogun (ca. 1880-1954) or his atelier, Ifa, first half 20th century 
Osi-ilorin, Ekiti Region, Nigeria, Wood, 21 x 20 x 1 3/4 in. 
(RT 


chest) from the mother’s Spleen, the Earth Jing 
begins to be accepted by the fetus’s body, com- 
pleting the formation of the skin (Figure 2.18) 

The Earth Jing energy supervises the quality 
and maturation of the fetus’s emotional and 
spiritual bonding and boundaries. Any faltering 
of the Earth Jing energy is associated with prob- 
lems of severe psychological disturbances (e.g,, 
schizophrenia). These psychological disturbances 
may be evident at birth or develop later in life. 

The mother’s Large Intestine Channels con- 
trol the fetus’s orifices. At this stage in develop- 
ment, the fetus’s muscles and flesh are formed. 
The formation and consolidation of the fetus’s Jing 
is now completed, along with the fetus’s devel- 
oping Zhen Qi-True Qi (energy that circulates in 
the body’s channels and collaterals which nour- 
ishes the Yin and Yang organs and fights disease). 

At the end of the eighth month, the bones of 
the fetus’s head are soft, its skin is less wrinkled, 
and there is subcutaneous fat deposited through- 
out its body. If it is a male child, its testes will now 
descend into the scrotum. 

At this stage, the fetus will normally assume 
an upside-down position to prepare for its birth 
descent. If the fetus is born prematurely, its 
chances for survival are now much greater. 


MONTH NINE 

During the ninth lunar month, the mother’s 
Kidney Channels control the amount of energetic 
intake the fetus absorbs through its connection to 
the umbilicus (Figure 2.19). Qi, Blood and food 
nutrition are absorbed into the fetus’s body, after 
they pass through the umbilical vein to the fetus‘s 
Liver. From the Liver, the nutrients are processed 
and absorbed into the Blood to be distributed 
throughout the fetus’s body. 

The flexible structure of the umbilical cord is 
attached to the placenta. The placenta, which 
formed on the uterine wall after the first week of 
pregnancy, consists of tissues from both the 
mother and the embryo. The function of the um- 
bilical cord is to carry away the baby’s waste prod- 
ucts and pass food, energy, and oxygen from the 
mother’s blood stream to the embryo. The 
mother’s Kidney Channels will regulate the re- 
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The energy of the 
Kidney Channels 
flows up the inside 
of the legs and into 
the uterus, 
stabilizing the 
fetus's energetic 
boundaries. 


Figure 2.19. The mother’s Kidney Channels are 
responsible for the ninth lunar month of creation. All the 
fetus’s spatial cavities and energetic boundaries are now 
established. 
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lease and absorption of Qi and Shen flowing into 
the fetus’s Liver through the umbilical cord. 

After the umbilical cord has been severed, the 
baby’s umbilical veins still remain. These umbili- 
cal veins eventually become the ligamentum teres 
that connect from the umbilicus, up along the in- 
terior surface of the abdominal wall, through the 
free margin of the falciform ligament, to the right 
and left lobes of the Liver. This maintains the 
baby’s connection between its Liver and its Lower 
Dantian (navel). 

At this stage in development, all the fetus’s 
energetic spatial cavities (internal organ tissue 
chambers) and energetic boundaries are arranged 
to keep the fetus safely prepared for its birth jour- 
ney. 

Also in this month, the Internal Palaces and 
Nine Dantian Chambers (the nine internal cavi- 
ties established within the fetus’s Three Dantians 
(the body’s three energetic reservoirs) are ar- 
ranged and securely established to keep the fetus’s 
Jing-Essence safe. 

In the ninth month, additional subcutaneous 
fat accumulates throughout the fetus’s body. Ex- 
ternally, the fetus’s fingernails will extend to the 
tips of the fingers and sometimes beyond. 
MONTH TEN 

At the tenth lunar month, the mother’s Blad- 
der Channels control all Five Yin Organs (Liver, 
Heart, Spleen, Lungs, and Kidneys) and Five Yang 
Organs (Gall Bladder, Small Intestine, Stomach, 
Large Intestine, and Bladder) (Figure 2.20). The 
baby’s energetic reservoirs (the Three Dantians) 





Figure 2.21. Heaven and Earth Qi settle into the baby’s 
Lower Dantian and the process of birth begins. 
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The energy of the 
Bladder Channels 
flows down the 
back of the head 
and back and into 
the uterus, 
securing the 
fetus’s Dantians 
and the spatial 
cavities 
surrounding the 
major organs. 


Figure 2.20. The mother’s Bladder Channels are 
responsible for the tenth lunar month of creation. The 
baby’s Dantians, and spatial cavities surrounding the 
major organs are completely developed to maintain the 
safety of the baby's Jing. Heaven and Earth Qi settle 
into the baby's Lower Dantian and birth begins. 


and the internal spatial cavities that surround the 
major organs are developed to maintain the safety 
of the baby’s Jing. The child is ready to be released 
into the world. The process of birth begins when 
Heaven Qi and Earth Qi settle into the baby’s 
Lower Dantian (Figure 2.21). 

The energy of the Seven Corporeal Souls (Po) 
is responsible for the first physiological processes 
after birth, allowing the child’s eyes to see, ears to 
hear, and Heart to perceive. The Po are also re- 
sponsible for the movements of the hands and feet 
and the breathing pattern. 

The purpose for the Qigong doctor’s study 
of the ten lunar month developmental process, is 
to create a foundation for understanding the 
patient’s physical development. This knowledge 
of the patient's physical development establishes 
a comprehension of the structural formation of the 
Five Elemental Constitutions. The Five Elemen- 
tal Constitutions are described in the next chap- 
ter. 


POSTNATAL ENERGY DEVELOPMENT 

Throughout prenatal development, the Eight 
Extraordinary Vessels (see Chapter 7) were re- 
sponsible for transporting, transforming, and pro- 
ducing Qi and Blood for the fetus, while the 
Twelve Primary Channels (see Chapter 6) were 
still in the process of gradual development. The 
focus of energetic activity generated from the 
fetus’s Lower Dantian and Eight Extraordinary 
Vessels, resonates throughout the fetus’s body cre- 
ating tissue development. 

Once the umbilical cord is severed, the pri- 
mary focus of energy shifts, becoming diverted 
from the Lower Dantian to the Middle Dantian 
(located in the baby’s chest area). After birth, Gu 
Qi (food energy) flows into the baby’s Stomach 
while it nurses and begins the movement of Blood 
and Qi within the Twelve Primary Channels. 
These Twelve Primary Channels will now assume 
the responsibility of circulating Qi and Blood 
throughout the baby’s entire physical and ener- 
getic structure. The Eight Extraordinary Vessels 
shift their function to regulating the baby’s chan- 
nel Qi. The Taiji Pole (which has been in the pro- 
cess of dropping from the fetus’s Mingmen area 
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Figure 2.22. As the child develops, the energetic rivers 
and pools regulate the formation and production of his 


or her growth. 


to the Huiyin area) is now stabilized in the 
perineum. 

The natural resonant vibration of the baby’s 
Taiji Pole (energetic core) causes an energetic ex- 
pansion and contraction, projection and reception 
that simultaneously affects the baby at five dis- 
tinct levels: physical, mental, emotional, energetic 
and spiritual. Balanced physical growth will only 
occur when all five levels are in equilibrium. The 
physical body is generally the slowest realm to 
respond to physical growth. Matter does not de- 
velop at the same rate as energy, mind, or spirit. 
This being the case, the energy, mind, and spirit 
must wait patiently for the physical body to evolve 
before progressing as a whole (Figure 2.22). 


ENERGETIC EMBRYOLOGICAL 
OVERVIEW 

Understanding the energetic process of fetal 
development provides the Qigong doctor with an 
overview of the energetic factors in tissues, organs, 
and channel function. This understanding is es- 
sential for diagnosing the origin and causes of 
disease as being either congenital or acquired. 
Unlike Western medicine, Chinese medicine treats 
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the root of the illness, not just its symptoms. In 
Medical Qigong therapy, cases of congenital in- 
sufficiency of Qi or congenital disorders of Qi ac- 
tivities, are treated by either tonifying (strength- 
ening) the Eight Extraordinary Vessels or purg- 
ing (eliminating) the pathogenic energy from the 
Eight Extraordinary Vessels. This consolidates and 
regulates the patient’s Prenatal Qi. 

For acquired diseases, the patient can only be 
cured when a selection of points and the methods 
of emitting Qi for purgation or tonification are 
determined according to the imbalances of Qi cir- 
culation in the Twelve Primary Channels. Both 
congenital and acquired factors should be consid- 
ered in every case because both the origination 
and development of diseases may result from ei- 
ther source, or a combination of both sources. 


THE ETERNAL SOUL 

In Chinese energetic medicine, the Original 
Spirit differs from the body’s Eternal Soul. The 
Original Spirit (Yuan Shen) is rooted in the com- 
bined Jing, Qi, and Shen of the mother and father. 
Later the Yuan Shen is integrated and sustained 
through the embryo’s own Five Spiritual Essences 
or Wu Jing Shen (see Chapter 13), which are cre- 
ated from the energy of the Five Yin Organs. The 
Eternal Soul, however, is absorbed into the 
mother’s egg at the time of conception, as the 
sperm enters. 

The Eternal Soul is rooted into the Heart and 
Middle Dantian area by a silver cord, which is 
additionally rooted within the body’s Taiji Pole. 
When the Eternal Soul becomes rooted within the 
body’s Taiji Pole, it is described as “emitting the 
spark of the supreme fire” (Light of God), and is 
considered a divine fragment of God, or the Dao. 
It is from this divine resonating light that the 
body’s Taiji Pole becomes energized and all Three 
Dantians become interconnected. The rooting of 
the Eternal Soul is therefore considered the first 
emanation from the divine source within the hu- 
man body. 

To travel, and receive spiritual guidance and 
insight, the Eternal Soul can leave the body in the 
form of an “Astral Body,” departing through the 
Baihui point at the crown of the head. The silver 
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Figure 2.23 The Lords of the Three Dantians: Tai Yi, 
Si Ming, and Xia Tao Kang 


cord, which is connected to the Astral Body, is lo- 
cated at the fifth and sixth thoracic vertebrae. This 
physical area is the place on the spine where the 
silver cord lifts off when an individual astral trav- 
els. This area also corresponds to the back of the 
Heart center, between Ling Tai GV-10 (Spirits Plat- 
form) and Shen Dao GV-11 (Spirits Gate). The as- 
tral travels of the Eternal Soul are generally to one 
of the nine higher spiritual planes. 

The Eternal Soul becomes the intermediator 
between the divine, the Original Spirit (Yuan 
Shen), the Acquired Spirit (Zhi Shen), and the 
body’s Soul Extensions (various traits and char- 
acteristics). These Soul Extensions manifest in the 
energetic field, and influence behavior and per- 
ception, 

Once the Eternal Soul has established its resi- 
dence, it separates its Yin and Yang spiritual en- 
ergy into three spiritual energies which are the 
energizing forces of the body’s Three Dantians, 
and are called Tai Yi, Si Ming, and Xia Tao Kang. 
These three spiritual energies are referred to as 
the Lords of the Three Dantians, and are named 
according to their function: Tai Yi translates to 
mean Great Divinity, Si Ming translates as The Ad- 
ministrator of Destiny, and Xia Tao Kang trans- 
lates as Below Healthy Peach (Life). 

The Chinese medical terminology, which de- 
scribes the Eternal Soul as consisting of three spiri- 
tual energies called the Lords of the Three 
Dantians, is extremely metaphoric and is used to 
describe the many energetic aspects of the human 
soul. 

The Eternal Soul radiates through the physi- 
cal, energetic, and psycho-emotional domains of 
human existence (Figure 2.23). Whole-body con- 
sciousness is the main characteristic of the Eter- 
nal Soul. Without the interactive process of the 
Eternal Soul, energy would have no specific di- 
rection and would remain in meaningless activ- 
ity. The Eternal Soul radiates energy in all direc- 
tions throughout the body and is responsible for 
life and health, as well as the formation and 
growth of the body. 

In the scope of energetic manifestations, the 
Eternal Soul expresses its innate qualities as ener- 
getic movement, functioning through the physi- 
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cal form. It is led by the Shen and is connected to 
all parts of the body. The light of the Eternal Soul 
is revealed through the light or energy of the eyes. 
Through the influence of the Eternal Soul, all of 
the body’s energetic processes seek wholeness. 
The Eternal Soul knows exactly what is needed in 
every situation for survival and health preserva- 
tion. 

The distinction between the Eternal Soul and 
the Yuan Shen is that the Eternal Soul, although 
spiritual in nature and connected to the Wuji (in- 
finite space), is still considered individuated. The 
Yuan Shen, however, although individual in its 
conditioned state, can also be universal. The con- 
nection between you and others, for example, is 
considered a spirit connection (kindred spirits 
uniting). The connection between you and the 
divine is considered a soul connection (your true 
innate nature reconnects with its origin), and re- 
lates only to the connection between one’s self and 
the divine. 

When the Qigong doctor meditates, the Eter- 
nal Soul consciously enters a spiritual realm 
wherein the doctor perceives the ideal of things 
rather than the things themselves. The doctor no 
longer depends on the senses, but upon a clear 
inner-vision that perceives the whole picture. It is 
here, within this spiritual state, that the higher 
knowledge of things unfolds through divine in- 
telligence and all things reveal their true nature. 

When conserved and amplified through prac- 
tice, the energy of the doctor’s Eternal Soul re- 
veals a bright radiant quality, which permeates 
and penetrates the cells, tissues, organs, and ex- 
ternal energy fields. These energetic fields create 
for the Qigong doctor a strong luminous shield of 
energy, capable of guarding the body against an 
attack of hostile energy by enabling it to: 

« ward off the invasion of External pathogens 
and harmful electromagnetic fields, 

¢ ward off the negative influences of malevo- 
lent spirits, 

¢ ward off ill intentions and spiritual malice 
projected unconsciously or deliberately by 
others, and 

¢ ward off the parasitic influences of demonic 
forces. 
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At conception, when the sperm enters the 
ovum, a polar axis that forms the embryo’s Taiji 
Pole is created. The energetic vortex thus created 
draws spiritual energies into the body from 
Heaven and Earth. After birth, the degree to which 
an individual can draw upon, and absorb, spiri- 
tual energy depends on his or her karma (previ- 
ous thoughts, actions and level of consciousness), 
and course of destiny. 

During conception, three spiritual energies are 
given to each individual from the divine to create 
and maintain the existence of the Eternal Soul. 
These three spirit energies, called the Lords of the 
Three Dantians, reside in the innermost subtle as- 
pect of the body and are described as follows: 

1. The Tai Yi (Great Divinity) resides in the head 
and Upper Dantian, and is considered the 
Lord of the Nei Wan (innermost Palace). It 
governs a multitude of the body’s spirits, 
causing man’s Yuan Shen to shine externally. 
The Tai Yi facilitates awareness of the Three 
Ethereal Souls (Hun), and advocates for per- 
sonal spiritual enlightenment. 

2. The Si Ming (The Administrator of Destiny) 
resides in the Heart and Middle Dantian, 
regulates the body’s Qi, and is the source of 
the mind and its emotional connections. The 
Si Ming is considered the Eternal Soul (some 
believe that this soul reincarnates). The Si 
Ming controls the spirits Wu Ying and Bai 
Yuan, that directly affect the body’s Jing, Qi, 
and Shen. The Si Ming challenges our reac- 
tions to various internal and external ob- 
stacles. 

a. The Spirit Wu Ying (Without Excess) 
occupies the left side of the body, and 
regulates man’s Three Ethereal Souls 
(Hun), which are called: 

(1) Tai Guang (Eminent Light), 

(2) Shang Ling (Pleasant Soul) and the 
Five Agents, and 

(3) Yu Jing (Hidden Essence). 

b. The Spirit Bai Yuan (Pure Origin) occu- 
pies the right side of the body, regulat- 
es the Seven Corporeal Souls (Po), 
which are called: 


(1) Flying Poison 

(2) Unclean Evil 

(3) Stinking Lungs 

(4) Corpse Dog 

(5) Fallen Arrow 

(6) Yin Bird 

(7) Devouring Robber 

Both the Hun (that come from Heaven) and 
the Po (that come from Earth) are established 
within the fetus’s internal organs at conception 
but lie dormant until the third month. This is be- 
cause, at the third lunar month, the fetus’s Orbs 
are sufficiently formed. One belief maintains that 
the Hun and Po, although residing in the ener- 
getic form of the fetus, frequently leave and re- 
turn to gather and absorb universal and environ- 
mental Qi. The Hun will connect with divine spiri- 
tual beings, as well as with God. The Po will con- 
nect with surrounding environmental spirits. 
Note: The Three Ethereal Souls are tradition- 
ally referred to as the “Hun” with the assump- 
tion that this term depicts all three Hun, thus in 
Traditional Chinese Medicine the Hun are some- 
times referred to in the singular case. The Seven 
Corporeal Souls are traditionally referred to as the 
“Po” with the assumption that this term depicts 
all seven Po, thus in Traditional Chinese Medi- 
cine the Po are sometimes also referred to in the 
singular case. 
3. The Xia Tao Kang (Below Healthy Peach/ Life) 
resides in the navel and Lower Dantian and 
preserves the root of the body’s Jing-Essence. 
Upon the death of the body, the Hun return 
to Heaven, the Po return to Earth, and the spiri- 
tual energies of Tai Yi and Xia Tao Kang combine 
with the Eternal Soul stored in the Si Ming (Ad- 
ministrator of Destiny). These three spiritual en- 
ergies (Tai Yi, Xia Tao Kang, and Si Ming) blend 
together, combining into one energy that com- 
pletes the integration of the Eternal Soul. This soul 
leaves the body and returns back through the tun- 
nel of light to the divine light for judgement, or 
wanders the Earth becoming a Gui (ghost). 

In Western culture, our internal dialogues are 
sometimes associated with encounters with good 
or evil spiritual influences. In Chinese medicine 


the internal dialogues that influence the patient's 
psyche are also divided into good and evil; these 
spiritual / emotional influences are considered to 
be specific good and evil characteristics in man’s 
Hun and Po. The spiritual components and influ- 
ences of the Hun and Po are considered to be sepa- 
rate entities, or archetypes, acting upon man’s 
Shen, which in turn affects the Eternal Soul. 

These archetypes are regarded as spirit souls 
that can exert a positive or negative influence on 
a individual's life depending on the nature of the 
individual's Eternal Soul. The good internal in- 
fluences manifest through the Hun. The evil in- 
ternal influences manifest through the Po. The 
Hun or Po can motivate personal growth, or can 
hinder it and cause illness, and even the demise 
of the body. 


THE THREE ETHEREAL SOULS (HUN) 

The Three Ethereal Souls are the spiritual part 
of man that ascends to Heaven upon the death of 
the body. The Three Ethereal Souls are composed 
of the Three Hun, that originate from Heaven, re- 
side in the Liver, and resonate from the Three 
Dantians. The Hun have the following associa- 
tions: light, Yang, Heavenly soul, Shen, as well as 
positive emotions and feelings (Figure 2.24). The 
Three Ethereal Souls are the Tai Guang, Shang 
Ling, and Yu Jing. They are described as follows: 

1. The Tai Guang resonates within the Upper 
Dantian, and is situated in the cranial cavity, 
just below the Baihui GV-20 (Meeting of Yin) 
point. This Hun’s name means “eminent 
light,” and it is considered the ultimate bal- 
ance of pure Yin and Yang energy in harmony. 
It is connected energetically with the Upper 
Dantian and Heaven, and always strives for 
physical, mental, emotional, and spiritual 
purity. 

2. The Shang Ling resonates with the Middle 
Dantian and is situated in the Heart and cor- 
responding vessels and is linked to the body’s 
Five Agents. This Hun’s name translates to 
“pleasant soul,” and it is considered changed 
(or transformed) Yin energy. It is connected 
with the Middle Dantian and is a soul that is 
concerned for others. It is associated with the 
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Figure 2.24. The Three Ethereal Souls are composed 
of the three Hun, that originate from Heaven and reside 
in the Liver. The Hun represent spiritual consciousness, 
provide the energetic movement of the mind, and are 
associated with Heaven Qi and the Five Agents. The 
Hun are the spiritual part of man which ascends to 
Heaven after death. The Hun are associated with 
Positive emotions and feelings, light, Yang, Heaven, and 
Shen. 


The Three Ethereal Souls are named (1) Tai Kuang, 
{2) Shang Ling, and (3) Yu Jing. 





Five Agents, and produces our desire to be 
involved in a diversity of social interests and 
responsibilities. 

3. The Yu Jing resonates with the Lower Dantian. 
Translated, the name means “hidden es- 
sence.” This Hun is considered mixed (or com- 
bined) Yin energy. It is connected with the 
Lower Dantian and is associated with the 
Earth, producing our desire for enjoying life’s 
pleasures and comforts, as well as the pure 
passions of life. 

The Hun are classified as Yang spirits and are 
to be cultivated and refined. Imagination, visual- 
ization, and positive affirmation in the form of 
prayer and meditation are needed to awaken and 
establish an active relationship with the Three 
Ethereal Souls. 

The Hun can be accessed through the 
Hunmen B1-47 (Gate to the Hun) point on the back 
of the body (below the shoulders). It is used clini- 
cally to spread Liver Qi and harmonize the Middle 


4s 


SECTION {: FOUNDATIONS OF ENERGETIC MEDICINE 


Burner. The Hun respond to Heaven’s energetic 
grids (universal energetic fields). The stars and 
planets within these Heavenly grids exert an in- 
fluence on the Hun causing each individual's body 
to react to certain astrological configurations. The 
positive or negative reaction is based on the affin- 
ity of the vibrational rate of the Hun and the en- 
ergies of a particular astrological alignment. 
THE SEVEN CORPOREAL SOULS (PO) 

The Seven Corporeal Souls are closely linked 
to our body’s Jing-Essence. The Po manifest the 
body’s Essence in the form of hearing, sight, and 
tactile sensations. 

The Po pertain to the animal nature of man’s 
instincts and drives and are considered inferior 
souls to the Hun (Figure 2.25). The Po are pas- 
sionate and advocate experiencing life in its full- 
est measure. They are, however, in a constant state 
of dying. The Po will return to the Earth with the 
body after death. The Po have the following asso- 
ciations: heavy, Yin, Earthly Spirit, Essence, and 
negative emotions and feelings. 

The Po are a composite of Seven Corporeal 
Souls, which originate from Earth, reside in the 
Lungs, and resonate from specific areas in the 
body. The Po can be accessed through the Pohu 
Bl-42 (Door to the Po) point on the back of the 
body (between the shoulders). This point is used 
clinically to treat energetic imbalances of the 
Lungs. The Po respond to the Earth’s energetic 
grids (see Chapter 10) and cause each of us to reso- 
nate in harmony or disharmony to certain ecologi- 
cal configurations. An individual’s attraction, or 
feeling of not belonging, depends on the vibra- 
tory affinity, or lack thereof, between the body’s 
Po and the environmental energy of a particular 
area. 
When the fetus begins its movement, its Yin 
energy tranquilizes the Po, which act as guard- 
ians of the fetus’s body. The Po’s nature is one of 
survival, and their energies can be directed to- 
wards self-preservation or self-destruction (de- 
vouring and robbing the body of life-force energy). 

The Seven Po are located along the line be- 
tween the Huiyin CV-1 and the Baihui GV-20 
points, embracing the body’s Taiji Pole (also called 








Figure 2.25. The Seven Corporeal Souls are composed 
of the Seven Po, which originate from Earth and reside 
in the Lungs. The Po are regarded as the animal nature 
or drive. They provide energetic movement to the body’s 
Essences, and are considered inferior Souls. The Po 
will return to the Earth with the body after death, and 
are associated with negative emotions and feelings, 
heaviness, Yin, Earth, and Jing. 


The negative thoughts and emotions of the Seven 
Corporeal Souls are named (1) Flying Poison, (2) 
Unclean Evil, (3) Stinking Lungs, (4) Corpse Dog, (5) 
Falien Arrow, (6) Yin Bird, (7) Devouring Robber. 





the Center Thrusting Channel) at the following 
locations: 

1. The Po of Essence (Soul of the Five Element 
Earth) is located at the midpoint of the Taiji 
Pole. This Po is the counterpart to the Hun’s 
Earth Agent (the Virtue of Trust). This Po 
manifests through the acquired emotions of 
wolry, regret, remorse, obsessiveness, and 
self-doubt. 

2. The Po of Qi (Soul of the Five Element Wood) 
is located below the diaphragm. This Po is the 
counterpart to the Hun’s Wood Agent (the 
Virtue of Kindness). This Po manifests 
through the acquired emotions of anger, irri- 
tability, blame, rage, resentment, and jealousy. 

3. The Po of the Spirit (Soul of the Five Element 
Metal) is located posterior of the Tanzhong 
(CV-17) point, inside the mediastinum, near 
the Middle Dantian. This Po is the counter- 
part to the Hun’s Metal Agent (the Virtue of 
Integrity). This Po manifests through the ac- 
quired emotions of grief, anxiety, sadness, 
shame, disappointment and guilt. 


4. The Po of Yin (Soul of the Five Element Wa- 
ter) is located posterior of the navel, in front 
of the Taiji Pole. This Po is the counterpart to 
the Hun’s Water Agent (the Virtue of Wis- 
dom). This Po manifests through the acquired 
emotions of fear, loneliness, and insecurity. 

5. The Po of Yang (Soul of the Five Element Fire) 
is located anterior of the Mingmen (GV-4) 
point behind the Taiji Pole. This Po is the coun- 
terpart to the Hun’s Fire Agent (the Virtue of 
Order). This Po manifests through the ac- 
quired emotions of nervousness, shock and 
excitement. 

6. The Po of Sex (Soul of Heaven) is located be- 
low the Baihui (GV-20) point in the Ni Wan 
(Upper Dantian) area. 

7. The Po of Life (Soul of Earth) is the only one 
not located on the Taiji Pole, but is located at 
the bottom of the feet in the Yongquan (Kd-1) 
points and is considered a neighbor of the Soul 
of Essence. 

The Seven Corporeal Souls (Po) are also called 
the “seven animals,” or “sentient souls of the 
body,” and “seven turbid demons.” When afflicted 
or restless, the animal nature of the Seven Po 
quickly becomes hostile, and their names change 
to express the different negative thoughts and 
emotions expressed from each Po soul. Each Po 
has a favorite mantra that it whispers inside a 
person’s mind to influence the individual. The 
Po’s Seven Turbid Demon Natures are described 
as follows. 

1. The Flying Poison (or Quick Evil) suddenly 
explodes with rage and venomous thoughts 
of evil intention (e.g., “1’ll kill you for that!” 
“How dare they!”). 

2. The Unclean Evil (or Shame) entices by tempt- 
ing and luring an individual into a place or 
situation from which escape is difficult, and 
then creates distress in the form of guilt, which 
generates shame. This spirit creates a feeling 
of being discredited, dishonored, or disgraced 
(e.g., “I'm worthless;” “No one has or will ever 
love me.”). 

3. The Stinking Lungs (or The Smell of Death) 
destroys hope, which can lead to a sense of 
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despair (e.g., “I just want to die;” “Just kill 

me and get it over with!”). 

4. The Corpse Dog (or Being Scorned) is like a 
dog that has been beaten and starved, the 
presence of this spirit intensifies depression 
by despising itself and holding itself in con- 
tempt to a point of no return (e.g., “I’m not 
worth keeping alive;” “Leave me alone to 
die!”). 

5. The Fallen Arrow generates the foregone con- 
clusion that attempting goals is fruitless (e.g., 
“I'll never be able to accomplish that.” “Why 
even try? I'll never make it.”). 

6. The Yin Bird (or Night Tormentor) harasses 
the individual, causing him or her to experi- 
ence extreme pain and severe anguish (e.g., 
nightmares and restless sleep). 

7. The Devouring Robber (or Sipping Thief) 
steals the individual's life-force energy by de- 
vouring it through negative emotions such as 
jealousy, envy, and bitterness (e.g., “You love 
him/her more than you do me;” “I’ll never 
forgive you!”). 

The Seven Po help in developing the growth 
of consciousness by providing obstacles to test the 
individual's faith and devotion. Many times the 
Seven Corporeal Souls will work in conjunction 
with outside spiritually hostile forces to test the 
individual's spiritual endurance. 

After the child has been born, enlightened 
parents can assist the child in facing his or her 
own internal demons. Once the child is self-aware, 
he or she can be taught to restrain and control the 
Seven Po so as to prevent them from taking con- 
trol. To minimize the effects of these souls on the 
body, one can learn special meditations, involv- 
ing visualization, imagination, positive affirma- 
tion, and mantras (literally “protections of the 
mind” or “mind protectors”). 

A mantra is a word, phrase, or sound, re- 
peated silently or aloud, that one can consciously 
use as a tool to guide one’s own mental, physical, 
and emotional states. People naturally repeat both 
positive (self-affirming) mantras and negative 
(self-destructive) mantras as part of their internal 
self-talk. When positive mantras are used by an 
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Figure 2.26. The Eternal Soul, Yuan Shen and 144 Soul Extensions 





individual who holds them in high regard, they 
enable that individual to combat the Seven Cor- 
poreal Souls’ mantras. These mantras also facili- 
tate connecting the individual to the divine. Used 
consciously, mantras and/or prayers can uplift 
and maintain the individual's self-esteem. 

The Chinese view meditation as a deep spiri- 
tual contemplation that results in openness to the 
divine. They view prayer as energy focused to- 
wards the divine. Individuals choose what to fo- 
cus their attention on; therefore, any chronic det- 
rimental thoughts can be countered with positive 
affirmations to change self-destructive habits. 


THE ORIGINAL SPIRIT (YUAN SHEN) 

The Original Spirit (Yuan Shen) radiates and 
extends from the interior of the Eternal Soul. This 
spiritual light crystallizes a spiritual body, gradu- 
ally becoming consciously effective and moving 
into action. It envelops the body and communi- 
cates through innermost thoughts, sensory feel- 
ings, and emotions. Although the body’s Jing and 
Qi will degenerate, the Original Spirit is immor- 
tal, as it is the expression of the Eternal Soul. 


as 


The Shen develops and contains Twelve Soul 
Extensions. These Twelve Soul Extensions contain 
the body’s different personality characteristics 
(Figure 2.26). Although Si Ming controls the resi- 
dence of the Eternal Soul, the body’s Shen is free 
to make decisions that affect life and health based 
upon the individual’s free will (the interaction 
between the Yuan Shen and the Zhi Shen), which 
then manifests through the Twelve Soul Exten- 
sions. 

THE EFFECT OF THE HUN AND Po ON THE 
YUAN SHEN 

The Yuan Shen is a manifestation of the Eter- 
nal Soul and is primary to the Hun and Po. The 
combination of the Seven Corporeal Souls (Yin 
Souls) and the Three Ethereal Souls (Yang Souls) 
creates the sustaining energy for the body’s Origi- 
nal Spirit (Yuan Shen). The Yuan Shen also con- 
trols and organizes the psycho-emotional aspect 
of the body’s Five Yin Organs, called the Wu Jing 
Shen or Five Essence Spirits. 

The ancient Chinese viewed the Shen as an 
Emperor, seated within the Heart; the Hun are 





viewed as a Loyal Minister, seated within the 
Liver; and the Po are viewed as a Violent Gen- 
eral, seated within the Lungs. If the General (Po), 
is left in control (being only concerned with the 
survival of self and the body), he will start to domi- 
nate (a condition referred to as a rebellious Gen- 
eral and a weak Emperor). At the point when the 
General (Po) dominates, the individual’s acquired 
mind takes over and the individual becomes con- 
cerned only with his or her own survival, and thus 
becomes self-absorbed. The goal for spiritual cul- 
tivation is to control the rebellious General, mak- 
ing him into a servant. Once the inner government 
is orderly, the strong and violent nature becomes 
tame. Then, through the wise council of the Loyal 
Minister (Hun), the individual can walk a path of 
virtue. Virtue is the path that leads the individual’s 
Shen so that even his or her human conscious- 
ness is dominated by the Hun and the Yuan Shen. 

When the Hun control the energy body and 
are nourished by the virtues, the energy body then 
becomes a vehicle for the Heart’s Shen, which is 
non-local and non-linear in terms of time and 
space. 

When the Heart’s Shen is no longer domi- 
nated by the Yin and Yang souls (Hun and Po) 
and the Five Element energies of the lower ener- 
getic plane (Wu Jing Shen), the individual returns 
to an awareness of his or her connection to the 
universe (Wuji) and the divine. This state of con- 
sciousness is sustained through prayer and medi- 
tation. 

When beginning to develop the Heart’s Shen, 
the first separation of the individual’s energetic 
spirit body or “dream body” from the physical 
body generally leaves the Shen in a weakened 
state (referred to as Yin Shen). The weakened Yin 
Shen must be protected. This Yin Shen is part of 
the Hun, and leaves the body naturally whenever 
the patient is weak, sick, in shock, or asleep. It 
may also leave during the early stages of Qigong 
meditation or Taijiquan practice. The astral trav- 
els of the Yin Shen are generally confined to the 
lower spiritual planes, and it sometimes needs to 
be reclaimed through “soul retrieval” (see Chap- 
ter 19). Once the Shen has been cultivated, refined, 
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strengthened, fortified, and controlled through the 
development of the energy body, it is then referred 
to as a Yang Shen. When the energy body spiritu- 
ally travels, the developed Yang Shen can trans- 
verse the Nine Levels of Heaven or the Nine Lev- 
els of Earth in an instant. 

The Nine Levels of Heaven are nine spiritual 
planes which exist within Heaven’s energetic 
grids. Within the lower levels there exists enlight- 
ened beings coexisting with other spiritual enti- 
ties. The Nine Levels of Earth are nine spiritual 
planes which exist within Earth’s energetic grids. 
Within these levels of Earthly spiritual planes 
there exists various dimensions of animal, veg- 
etable and mineral powers, as well as Earthly 
spiritual beings. 

YIN AND YANG ASPECTS OF THE ETERNAL 
SOUL 

The human soul has an endless source of vi- 
tality from the infinite high-frequency force of the 
divine. This divine energy descends from the 
Heavens into the body’s Taiji Pole, taking up resi- 
dence and interacting on the physical plane. The 
body serves as a medium of transformation for 
the Eternal Soul. The soul’s activity extends and 
expresses its essence through the physical form 
and through consciousness. As we grow and 
change, the Eternal Soul maintains stability by 
providing the energetic blueprint for orderly de- 
velopment. On the spiritual plane, when referring 
to the energetic dynamics of the Eternal Soul, there 
are two basic movements: (1) Yin - the downward 
movement and (2) Yang - the upward movement. 

1. The Yin aspects of the Eternal Soul spirals 
downward. The spiralling movement of the 
energetic soul results in the energy transform- 
ing from the highest divine energetic frequen- 
cies to the lowest. Within this spiritual trans- 
formation process, there is a parallel gradual 
decrease in levels of consciousness. The low- 
est frequency creates matter, and is the bases 
for all the prenatal transformations. At the 
higher frequencies, the principles by which 

Qi operates are difficult to perceive because 

our lower state of consciousness does not reso- 

nate in harmony with the information being 
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Figure 2.27. The patient’s soul resides in the body's Taiji Pole, connected with Si Ming, the Administrator of 
Destiny. Upon the death of the physical body, the Three Hun return to Heaven, the Seven Po return to Earth, and 
the energy of Tai Yi and Xia Tao Kang envelope the Etemal Soul (stored in Si Ming) becoming one energy. The 
Eternal Soul leaves the body through the specific gate (solar plexus, third eye, or top of the head) associated with 
the patient’s degree of spiritual evolution, returning back through the tunnel of light to the divine. 





presented. As energy slows down its reso- 
nance, itis more readily perceived by our five 
senses; this gives matter the quality of hard- 
ness, form, and smell, and allows us to ob- 
serve its energetic patterning. 

2. The Yang aspects of the Eternal Soul spirals 
upward. The spiraling movement of the en- 
ergetic soul results in energy transforming 
from the lowest level of consciousness to the 
highest divine energetic frequencies during 
postnatal transformation. Spiritual evolution 
involves a progressive opening up of all of 
the body’s energy centers (Three Dantians) 
along the Taiji Pole, until a state of absolute 
unity of body, mind, emotion, energy, and 
spirit is achieved (known as enlightenment). 
In the evolutionary process of the soul, both 

stability and change become as one when there is 
a deep connection to wholeness. This soul serves 
as a pivotal point for the body’s Jing, Qi, Shen, 
Body Fluids, connective tissues, and emotions, all 


of which express wholeness. Without this connec- 
tion the patient experiences a serious psychic split- 
ting of his or her energies. The part that is open to 
change will experience resistance from the part 
that demands stability. 


THE FINAL EXIT OF THE ETERNAL SOUL 

As the body begins to die, the Yuan Shen be- 
gins to prepare the Eternal Soul for its final jour- 
ney home. This change of residence for the 
patient's spiritual energies is crucial. At the time 
of death the Eternal Soul must disconnect from 
the Heart and Middle Dantian area, and the soul 
must exit the dying patient through one of the 
Nine Orifices. The lower orifices include the anus 
and urethra, while the upper orifices include the 
eyes, ears, nostrils, mouth, as well as the Yintang 
and Baihui areas (Figure 2.27). It is believed that 
the area from which the patient's soul exits the 
body determines the state of its spiritual evolu- 
tion and to which area the patient is most attached 
(i.e., if the patient is attached to vision, they are 


more inclined to leave through the eyes, etc.). 

When the Medical Qigong doctor is assisting 
a terminally ill patient, treatment focuses prima- 
rily on purging stagnant spiritual energy from the 
patient’s body. Spiritual purging is required to pu- 
rify and cleanse the patient's Eternal Soul. Once 
the patient’s soul has been cleansed, the patient 
becomes peaceful as all material, emotional, and 
spiritual attachments to this life are released. The 
patient attains a sense of completion and wel- 
comes the final adventure of going home. The last 
rites performed by various clergy and ministers 
in Western culture serve a similar purpose. 

The Qigong doctor then guides and encour- 
ages the patient’s Eternal Soul into leaving the 
body through the top of the head (Baihui). Souls 
that are more highly evolved exit the body 
through this area (at the top of the head), while 
souls of lesser evolution exit the body through 
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lower portions of the physical structure. 

The formation of a Gui or ghost is said to de- 
rive from the untransformed energy of the Eter- 
nal Soul (see Chapter 19). 


SUMMARY 

One of the unique aspects of Traditional Chi- 
nese Medicine is that it addresses all aspects of 
the body’s energy and spirit. It explores in great 
detail the spiritual transformations in the body’s 
prenatal state, their relationship to the formation 
of the body, and to the dying and after-death 
states, Traditional Chinese Medicine further ad- 
dresses the potential of spiritual involvement as 
a cause or cure of specific psychophysical diseases. 
It is through the complete study of the body’s 
physical, mental, emotional, energetic, and spiri- 
tual aspects that doctors of Medical Qigong 
therapy comprehend when and how to treat their 
patients. 
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CHAPTER 3 


PHYSICAL DEVELOPMENT AND STRUCTURAL 


FORMATION 


FASCIAL DEVELOPMENT AND ENERGY 
FLow 

According to the American Medical Association 
Encyclopedia of Medicine, “fascia is the fibrous con- 
nective tissue that surrounds many structures in 
the body. One layer of the tissue, known as the 
superficial fascia, envelopes the entire body just 
beneath the skin. Another layer, the deep fascia, 
encloses muscles, forming a sheath for individual 
muscles, and also separates them into groups. The 
deep fascia also holds in place the soft organs, such 
as the Kidneys. The thick fascia in the palm of the 
hand and sole of the foot have a cushioning, pro- 
tective function.” 

In Traditional Chinese Medicine, the fascia is 
referred to as Huang (meaning any membranous 
tissue). Fascial development is divided into two 
stages: prenatal (congenital) and postnatal (ac- 
quired). The prenatal fascia is fixed and deter- 
mined by the combination of the parents’ Jing, Qi, 
and Shen. The postnatal fascia is formed through 
diet, exercise, and environmental stresses. 

Qi is stored within the tissues and inner fas- 
cia layers, where it envelops and protects the in- 
ternal organs. Energy (that has been stored within 
the body’s organs) is available through the fascia 
for transformation to nourish the patient's body, 
mind, emotions, energy, and spirit. 

The body consists of three tissue layers: 

1. The first and innermost layer is made up of 
the internal organs, which produce and trans- 
form Qi. 

2. The second layer consists of the body’s fas- 
cia, tendons, ligaments, and bones, which as- 
sist in transporting Qi to the extremities. 

3. The third and outermost layer of tissue con- 
sists of the muscles and skin, where Wei (Pro- 
tective) Qi circulates to protect the organism 
from invasion of external pathogens (Cold, 


Heat, Wind, and Dampness, etc.). 

After being generated within the body’s in- 
ternal organs, Qi is distributed throughout the 
body’s entire energetic network through the chan- 
nels and collaterals, via the fascia. Each organ has 
its own layer of weblike fascia, that covers, con- 
nects, protects, and nourishes the tissues. The fas- 
cia forms the energetic chambers of the body’s or- 
gans and channel systems. Qi within the body 
flows between the fascial sheaths and along the 
channel system. Through trauma, infection, sur- 
gery, disease, or chronic muscular tension, areas 
of the fascia can become stuck together, inhibit- 
ing the flow of Qi and Blood. 

Our constitutions are formed, in part, by con- 
ditions from the environment that affect the in- 
nermost layers of fascial development. Traditional 
Chinese Medicine divides the observation and 
diagnosis of the physical developments of these 
inner fascia into Yin and Yang structures and Five 
Elemental Constitutions. 


YIN AND YANG STRUCTURAL 
FORMATION 

Chinese philosophy teaches that the universe 
is composed of a pair of opposite forces or ener- 
gies — Yin and Yang. Everything in the natural 
world contains both Yin and Yang. Yin and Yang 
are interdependent; without Yang, Yin cannot 
grow; without Yin, Yang cannot develop. The en- 
ergetic transformation of Yin into Yang and Yang 
into Yin produces the various observable changes 
of form and matter (see Chapter 21). 

Yin and Yang are the principles governing all 
things within the human body. Life and death 
originate from the energies of Yin and Yang, and 
they are the forces that create all physiological 
change. In Medical Qigong therapy, the physical 
structure of the human body is divided into Yin 
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and Yang organs and substances, as well as Yin 
and Yang energetic functions (e.g., Qi that expands 
and flows outward is Yang, while Qi that contracts 
and flows inward is Yin). 

Yin and Yang are in a constant state of wax- 
ing and waning (Figure 3.1). If this waxing and 
waning exceeds the body’s normal energetic lim- 
its and loses its dynamic equilibrium, Deficient 
or Excess Yin and Yang will occur, leading to the 
development of abnormalities and illness. 

Yin Qi naturally ascends (e.g., Spleen Qi 
ascends the Clear Qi). When Yin Qi becomes 
pathological or destructive, it moves downward, 
descending like cascading water (e.g., descend- 
ing Spleen Qi causes diarrhea or prolapse of the 
viscera). Another example of the effects of patho- 
genic Yin Qi descending would be edema. 

Yang Qi naturally descends (e.g., Stomach Qi 
flows downward). When Yang Qi becomes patho- 
logical or destructive, it ascends like the flames of 
a fire, moving upward (e.g., Rebellious Stomach 
Qi ascends, causing nausea and vomiting). An- 
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Figure 3.1 Yin and Yang are the Principles Governing 
All Things Within the Body 
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Figure 3.2. The superior aspect of the body's structure 
is Yang; the inferior portion is Yin. Think of the sun 
shining on the upper torso, illuminating the body from 
the waist to the head, while from the hips downward 
the lower torso is in the shade. 
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Figure 3.3. The posterior portion (back side) of the body 
is Yang; the anterior portion (front side) is Yin. Think of 
the sun shining on the back, while the abdomen is in 
the shade. 
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Figure 3.4. The superficiat aspect (exterior) of the body 
is Yang; the deep portion (interior) of the body is Yin. 
Think of the sun shining on the external surfaces of the 
body, while the internal organs remain in the dark. 
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Figure 3.5. The left side of the body is Yang; the right 
side is Yin. Think of facing south in the morning, while 
performing medical Qigong practice. The sun will rise 
in the east, illuminating the left side (Yang) while the 
right side remains shaded (Yin). 


other example of the effects of pathogenic Yang 
Qi ascending would be the temperature of a ris- 
ing fever. 


THE YIN AND YANG OF BopDyY ASPECTS 

Comparable to Western anatomy, Traditional 
Chinese Medicine also divides the body into as- 
pects or planes. In TCM, these classifications are 
divided into Yin and Yang physical planes and 
anatomical directions. These divisions assist the 
Qigong doctor in defining and categorizing the 
patient's external tissues, and in determining the 
collection and movement of Qi (i.e., energy mov- 
ing into and coalescing in the patient's Yin or Yang 
areas of the body). The structural aspects are cat- 
egorized as follows. 

¢ The cranial or superior aspect (towards the 
head) of the body’s structure is considered 
Yang; the caudal or inferior portion of the 
body (towards the feet) is considered Yin (Fig- 
ure 3.2). 

* The posterior or dorsal portion (back side) of 
the body is Yang; the anterior or ventral por- 
tion (front side) is Yin (Figure 3.3). 

* The superficial aspect (exterior) of the body 
is Yang; the deep portion (interior) of the body 
is Yin (Figure 3.4). 

¢ The left side of the body is Yang; the right side 
is Yin (Figure 3.5). 
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upper/lower superior inferior 
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front/rear posterior anterior 
surfaces (back) (front) 
position from ae medial 
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near to/far from superficial deep 
the surface (external) (intemal) 
sides left right 








Figure 3.6. A Summery Diagram of the Yin and Yang 
Aspects of the Body 
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Figure 3.7. The Seven Emotions and Their Effects on the Organs 


¢ The lateral aspect (further from the center) of 
the body is Yang; the medial portion (middle) 
is Yin. 

The aspects are summarized in Figure 3.6. 

As Yin and Yang are in a constant state of 
change, always waxing and waning, two points 
of reference alone are not enough to aptly classify 
the many phases and stages of transformation; for 
example, day (Yang ) can be further split into 
dawn (waxing Yang), midday (peaking Yang), and 
late afternoon (waning Yang). To fill this descrip- 
tive gap, the Chinese developed the theory of the 
Five Elements. 


THE Five ELEMENTS 

The Five Elements (Wu Xing), also translated 
as the Five Phases, are Wood, Fire, Earth, Metal, 
and Water. These Five Elements paint a clear and 
natural image of the changing cycles of Yin and 
Yang (see Chapter 23). 

Furthermore, each of the Five Elements can 
also be divided into Yin and Yang, making a total 
of ten subdivisions. Wood, for example, can be 





subdivided into Yin Wood and Yang Wood. 

The Chinese use this framework of the Five 
Elements to understand and categorize many dif- 
ferent areas of knowledge, from the movements 
of the Heavens and the land forms of Earth to the 
workings of human anatomy, physiology, and 
psychology. Earlier in this chapter, it was noted 
that our organs and their associated energy chan- 
nels are divided into Yin and Yang. In addition, 
each of the organs is also related to one of the Five 
Elements. The Liver and Gall Bladder relate to the 
Wood Element; the Heart and Small Intestine to 
the Fire Element; the Spleen and Stomach to the 
Earth Element; the Lungs and Large Intestine to 
the Metal Element; and the Kidneys and Bladder 
to the Water Element. The organs help to regulate 
the functional aspects of the Five Elements within 
the human body as they interact with each other 
to promote and maintain life. 

The Yin organs, in particular, are said to store 
the Jing of the Five Elements. They share this Es- 
sence with their elementally paired Yang organs 
to assist with the Yang organs’ functions. The Yin 
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organs also store the Five Agents (the Five Vir- 
tues), and are more readily disrupted by the Seven 
Emotions (anger, joy, worry, grief, sadness, fear, 
and shock) than are the Yang organs. 

The emotions are said to be the primal force 
behind energy transformation; however, each in- 
dividual will have a separate reaction to specific 
emotional changes, based on his or her dominant 
elemental pattern. Five internal organ emotions 
are associated with the energy of the Five Ele- 
ments: 

1. Anger - Liver - Wood 

2. Joy ~ Heart - Fire 

3. Worry - Spleen - Earth 

4. Grief and Sorrow - Lungs - Metal 
5. Fear - Kidneys - Water 

In this way, the energies of the Five Elements 
shape all aspects of a human being: physical, en- 
ergetic, mental, emotional and spiritual (Figure 
3.7). 


CONGENITAL CONSTITUTIONS 

Most individuals are born with a dominant 
element, which will determine the individual’s 
physical, energetic, and psycho-emotional consti- 
tution. When in Excess, the body’s emotions can 
create an energetic imbalance, which in turn, can 
cause a destructive physical pattern within the 
body. An example of this process is excessive an- 
ger leading to hypertension. 

The previous chapter on energetic embryol- 
ogy described how, from month four to month 
eight, the different Five Elemental Jings (Essences) 
enter the fetus from each of the mother’s organs. 
Depending on the relative strength or weakness 
of the mother’s internal organ energies during her 
pregnancy, the fetus will inherit a greater or lesser 
degree of elemental Jing from the mother. If the 
mother’s Liver energy is dominant, then the child 
will have a tendency to develop a Wood constitu- 
tion; if the Kidney energy is dominant, then the 
child develops a Water constitution, and so forth. 

In addition, traditional Chinese astrology 
states that the various Heavenly influences at the 
time of birth influence the relative Five Elemental 
strengths and weaknesses in the newborn’s con- 
stitution. Years, months, days, and hours all oc- 


cur in separate cycles of five, corresponding to the 
Five Elements. Thus both the astrological influ- 
ences at birth as well as the prenatal maternal 
transmission of Jing, Qi, and Shen, determine each 
person’s congenital constitution. 

After birth, the congenital Jing is cultivated 
and sustained through prayer, meditation, physi- 
cal exercise, and sleep. In medical Qigong theory, 
the health of the congenital Jing determines the 
health and balance of the overall constitution; it 
determines the level of vitality and resistance to 
disease, as well as the mental and emotional na- 
ture of the individual. The congenital Jing, with 
its unique balance of the Five Elements, becomes 
the foundation for an individual’s Qi and Shen. 

The congenital influence is, however, not ab- 
solute. Postnatal factors, such as diet, life-style, 
environmental factors, and internal belief struc- 
tures, can also influence the constitution, for bet- 
ter or for worse. Thus, patients with congenital 
deficiencies can still improve their health by 
prayer, meditation, medical Qigong, adequate 
sleep, proper diet and exercise, herbs, medicines, 
stress management, and other therapeutic modali- 
ties. 

On the negative side, patients with strong in- 
herited constitutions may develop serious consti- 
tutional imbalances through intemperate life- 
styles such as: excess stress, overwork, excessive 
sexual activity, and poor eating habits. Therefore, 
the Qigong doctor must consider both prenatal 
(congenital) and postnatal (acquired) constitu- 
tional factors to understand and differentiate be- 
tween the patient’s innate constitution and his or 
her current condition. 


CLASSIFICATION OF THE FIVE 
CONSTITUTIONS 

Over the centuries, much has been written in 
Chinese medical literature about the Five Elemen- 
tal Constitutions. The following interpretation was 
developed by Dr. Zhou Qianchuan, a Daoist mas- 
ter from Qi Cheng Shan and reputed by some to 
be the master of The Yellow Emperor's Classic of In- 
ternal Medicine (a 2500 year old three-volume text 
that is still one of the pivotal texts of Chinese medi- 
cine). 
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Dr. Zhou perceived that each of the Five Ele- 
mental Constitutions has both a characteristic 
physical appearance and a psycho-emotional pro- 
file. Through observing these aspects, the Qigong 
doctor determines a patient's Five Elemental Con- 
stitution, and from this diagnosis, the doctor dis- 
covers much about the balance or imbalance of 
the patient’s physical and mental health. 

In Traditional Chinese Medicine, somatic- 
build type and psyche are closely intertwined. 
Physical aspects, such as coloring, proportion, 
dominant tissue (muscle, fat, sinew, etc.}, tone, 
movement, posture and holding patterns, as well 
as general vitality all express the patient's inter- 
nal energetic and psycho-emotional matrices. The 
body type reveals to the trained Qigong doctor 
not only the patient’s emotional history but also 
his or her innate personality and acquired person- 
ality characteristics. 

Dr. Zhou subdivided each of the Five Elemen- 
tal Constitutions into three categories: balanced 
nature, Yin nature, or Yang nature. The ideal is to 
have a balanced nature, regardless of one’s elemen- 
tal type. Note that the treatment addresses the men- 
tal, emotional, and spiritual balance of the five con- 
stitutions. Since the mind is so closely tied with Jing 
and Qi, it is not enough to simply tell patients how 
to change their personality to restore balance. The 
Qigong doctor must work with patients on all lev- 
els (physical, energetic, mental, emotional, and spiri- 
tual) to help them restore balance. Specific healing 
methods are discussed at length in later chapters. 
In general, the Qigong doctor selects treatment prin- 
ciples based on the Five Elements’ Creative (Figure 
3.8) and Controlling (Figure 3.9) Cycles to help re- 
store balance (see Chapter 23). 

For instance, a patient with a Yin Earth na- 
ture would tend to have weak or Deficient Spleen 
energy. Therapeutically, the Qigong doctor would 
choose one of the three following treatments. 

1. Direct tonification of the Earth Element, 

2. Tonification of the Fire Element in accordance 
with the principle, “To nourish the child, 
strengthen the mother”), or 

3. Disperse or reduce the Wood Element (Wood, 
the “grandmother”, may be overcontrolling 
Earth, the “grandson”). 
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Figure 3.8 The Five Elements’ Creative Cycle 
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Figure 3.9. The Five Elements’ Controlling Cycle 





In the instance of Yang Earth nature, the pa- 
tient would tend to have Excess Earth. In this case, 
the Qigong doctor could: 

1. Use amethod to reduce the Earth Element di- 
rectly; or, 
2. Strengthen the Wood Element (the weak 

“grandmother” may be unable to restrain an 

overly strong “grandson” without help). 


THE Woobd CONSTITUTION 


Woop OUTER APPEARANCE 

Wood constitution types usually have a tall 
and slender body with a small head and a long 
face. They also have small, nicely formed hands 
and feet, broad shoulders, and a straight, flat back 
(Figure 3.10). By nature, they enjoy spring and 
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summer but dislike autumn and winter. This pref- 
erence is due to the vulnerability of the Wood con- 
stitution and its susceptibility to pathogenic in- 
vasion and disease during these time periods. 
Their dominant features include strong sinews 
and green-blue facial color. Their note is “jue.” 


Woop PERSONALITY 
The Wood personality can be divided into 
three subdivisions. 

1. A Balanced Wood nature predisposes indi- 
viduals to be confident, strong, independent, 
and intuitive, with a clear understanding of 
themselves and their goals. They are patient, 
able to allow things to develop naturally, and 
express their personality in a relaxed harmo- 
nious way. They are kind when communicat- 
ing with others, creative, free-flowing in self- 
expression, and display merciful and unself- 
ish traits when dealing with the needs of oth- 
ers. 

2. A Yin Wood nature predisposes individuals 
to feel externally insecure, and to be always 
cautious. They have a tendency to worry and 
have a weak sense of their own abilities and 
potential. They are unassertive and are un- 
sure of their identities and life purpose. They 
also have difficulty expressing their egos and 
have weak boundaries. They are timid, lack 
confidence, and display considerable doubt. 

Treatment for Yin Wood nature individuals 
involves establishing a sense of inner strength 
and security by teaching them self-trust and 
building self-esteem. These individuals need 
to strengthen their boundaries to avoid the 
intrusion and domination of others. They 
need to trust in their intuition, develop a 
greater degree of confidence, enhance their 
personal power, and find a stronger sense of 
spiritual growth. 

3, A Yang Wood nature predisposes individuals 
to manifest their internal insecurity through 
acting irritable and impatient. Such individu- 
als are intolerant, rude, stubborn, and selfish, 
and tend to expand their egos without con- 
sideration for others. They are domineering, 
angry, aggressive, and generally known as 





Figure 3.10. Tha Wood Constitution in Males and 
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overachievers; however, they are easily frus- 
trated and depressed. Their self-esteem is el- 
evated by acquiring higher political (influen- 
tial) positions or bullying others. 

Treatment for Yang Wood nature individu- 
als should focus on cultivating a discipline 
of inner peace, following the Dao, to harmo- 
nize with life. In situations of conflict, they 
need to learn to relax, slow down, and act out 
of stillness. They need to surrender to a higher 
will, relying on their spiritual intuition and 
inner direction. They also need to learn to re- 
spect others. 


THE FIRE CONSTITUTION 


FIRE OUTER APPEARANCE 

Fire constitution types usually have broad 
paravertebral muscles and well-proportioned 
shoulders, upper back, and thighs. They have 
small pointed heads, pointed chins, small hands, 
and feet, and curly, or no hair, on top of their head 
(Figure 3.11). By nature, they enjoy spring and 
summer but dislike autumn and winter. This pref- 
erence is due to the vulnerability of the Fire con- 
stitution and its susceptibility to pathogenic in- 
vasion and disease during these time periods. 
Their dominant features include a strong circula- 
tory system and a red facial color. Their note is 
“zhi.” 
FIRE PERSONALITY 

The Fire personality can be divided into three 
subdivisions. 

1. ABalanced Fire nature predisposes individu- 
als to be trusting, open-minded, complacent, 
social, unconcerned about wealth, and fond 
of beauty. They love themselves and others, 
and are very expressive of their affection. They 
are calm, peaceful, happy, lively, spontaneous, 
funny, and fun to be with. 

2. A Yin Fire nature predisposes individuals to 
be solemn and depressed. They tend to lack 
interest in life, and have a tendency to become 
isolated, feeling unloved and unlovable. 

Treatment for Yin-Fire nature individuals re- 
quires teaching them how to store and con- 
serve their energy, to use moderation in what 





Figure 3.11. The Fire Constitution in Males and Females 
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they do, and to avoid extremes. They also 
need to engage in activities that create per- 
sonal enjoyment, to find simple pleasures that 
awaken their affection, and to learn how to 
express their feelings, wants, and needs. 

3. A Yang Fire nature predisposes individuals to 
be arrogant, ignorant, and troublesome. They 
are restless, excitable, and talk excessively. They 
always exaggerate and are overenthusiastic. 
They are socially and sexually overactive and 
seek every opportunity to assert themselves. 
They are foolish and display careless behavior. 
They are overconfident, slightly lazy, irrespon- 
sible, and less than truthful. They can be manic, 
get exhausted, then burnout and become sui- 
cidal (e.g., bipolar disorder). 

Treatment for Yang-Fire nature individuals 
requires teaching them to learn how to stop, 
slow down, and look for their contentment 
from within. They should balance their feel- 
ings of love with contemplation and wisdom, 
avoid over-enthusiasm, and allow their inner 
spirit to radiate through in a more sober way. 


THE EARTH CONSTITUTION 


EARTH OUTER APPEARANCE 

Earth constitution types usually have a some- 
what large body, large head, large belly, strong 
thighs, round face, and wide jaw (Figure 3.12). 
They are categorized as having excessive flesh, 
with upper and lower limbs mutually well-pro- 
portioned. By nature, they enjoy autumn and win- 
ter but dislike spring and summer. This prefer- 
ence is due to the vulnerability of the Earth con- 
stitution and its susceptibility to pathogenic in- 
vasion and disease during these time periods. 
Their dominant features include strong muscles 
and yellow facial color. Their note is “gong.” 


EARTH PERSONALITY 
The Earth personality can be divided into 
three subdivisions. 

1. A Balanced Earth nature predisposes indi- 
viduals to lead quiet, stable, and peaceful 
lives, unconcerned about fame or wealth. 
They are always at ease, calm, generous, for- 
giving, sincere, and unambitious. They usu- 





Figure 3.12. The Earth Constitution in Males and 
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ally have open minds and rarely live in fear, 
or make excessive demands. They have ana- 
lytical minds and are logical and practical; 
they use sound reasoning to convince others 
of their opinions. They are quite adaptable to 
changing situations, and rarely use coercion 
to achieve power. They are kind and gentle 
with an earnest and well-mannered attitude. 
They are pleasant, sweet, sympathetic and 
caring, and are able to maintain boundaries. 

2. A Yin Earth nature predisposes individuals 
to worry endlessly, becoming suspicious and 
self-centered. They think too much, with not 
enough follow-through action. Because they 
feel empty inside, they find it difficult to be 
nurturing to themselves and others. 

Treatment for Yin Earth nature individuals 
requires teaching them to learn how to let go 
of their inner feelings of worry and defensive- 
ness. These individuals need to examine their 
assumptions, connect with their physical bod- 
ies, come out of their shells, and begin to live 
in the real world. They need to replace their 
negative thought patterns with positive affir- 
mations, and realistically look at their true po- 
tential and abilities for powerful actions. 

3. A Yang Earth nature predisposes individuals 
to cling to others; they are co-dependent, 
pushy, and possessive. Such individuals try 
to dominate in a passive-aggressive way 
while limiting the independence of others. 

Treatment for Yang Earth nature individu- 
als consist of teaching them to develop their 
inner strength to control the fear, insecurity, 
and feelings of inner emptiness that make 
them want to hold on to others. They need to 
create and establish love as a source of secu- 
rity from within themselves. They need not 
depend on, or build their lives exclusively on, 
the praise or presence of others. They must 
learn to become emotionally independent. 


THE METAL CONSTITUTION 


METAL OUTER APPEARANCE 

Metal constitution types usually have a tri- 
angular face with broad, square shoulders, a 
strong voice, and a strong, muscular build (Fig- 
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ure 3,13). By nature, they enjoy autumn and win- 
ter but dislike spring and summer. This prefer- 
ence is due to the vulnerability of the Metal con- 
stitution and its susceptibility to pathogenic in- 
vasion and disease during these time periods. 
Their dominant features include strong Lungs and 
white facial color. Their note is “shang.” 
METAL PERSONALITY 

The Metal personality can be divided into 
three subdivisions. 

1, A Balanced Metal nature predisposes indi- 
viduals to process their grief, letting go of their 
past emotional baggage. They believe that 
they cannot be in the present without clean- 
ing up and being released from their past. 
They are able to gain knowledge and wisdom 
by gathering and releasing their emotional 
bonds while learning and growing from each 
emotional attachment. They participate in life 
and form new bonds without fear of loss. 
They are also generous, just, and bright. 

2. A Yin Metal nature predisposes individuals 
to have a difficult time creating lasting bonds 
because they are fearful of establishing new 
relationships due to past losses and emotional 
trauma. They avoid joining in with others and 
withdraw from active participation, Living in 
past remorse, they grieve over lost opportu- 
nities. They are also haughty and coldhearted. 
They are jealous, cunning, sneaky, and furtive. 
They become angry when they do not have 
things that others possess. Because they are 
covetous, they only obtain happiness by pos- 
sessing certain objects. 

Treatment for Yin Metal nature individuals 
requires teaching them how to strengthen 
their physical body, as well as the energy of 
their Heart, Spleen, and Lower Dantian. They 
also need to strengthen their abilities to form 
close emotional bonds with people, reduce 
their fears of rejection and abandonment, and 
gain the strength and courage to let go of their 
past hurts. They need to come out from in- 
side of themselves emotionally and experi- 
ence the warmth and compassion of life. 

3. A Yang Metal nature predisposes individuals 


CHAPTER 3: PHYSICAL DEVELOPMENT AND STRUCTURAL FORMATION 





Figure 3.13. The Metal Constitution in Males and 
Females 


to suppress their emotions and hold on to 
their grief. They are generally considered 
whiners and complainers, talking to others 
about their complaints in order to unload 
their grief. They use new relationships as an 
emotional bandage to avoid the unprocessed 
grief of their past relationships. They are also 
meticulous, independent, and strong-willed. 

Treatment for Yang Metal nature individu- 
als requires teaching them how to let go of 
the need to control and suppress their emo- 
tional feelings, and how to genuinely grieve 
over past wounds. They need to face the 
truth and be honest about their feelings, in- 
stead of selfishly using people and new re- 
lationships to cover up their grief. They also 
need to learn to be sympathetic with the pain 
and sorrows of others, and put their feelings 
of grief into perspective. 


THE WATER CONSTITUTION 


WATER OUTER APPEARANCE 

Water constitution types usually have a big 
round face, head and body (Figure 3.14). They 
have a long upper back, and unbalanced or un- 
even physical features. They, by nature, enjoy au- 
tumn and winter but dislike spring and summer. 
This preference is due to the vulnerability of the 
Water constitution and its susceptibility to patho- 
genic invasion and disease during these time pe- 
riods. Their dominant features include their di- 
gestive system and black or dark facial color. 
Their note is “yu.” 
WATER PERSONALITY 

The Water personality can be divided into 
three subdivisions. 

1. A Balanced Water nature predisposes indi- 
viduals to be skilled negotiators, that are not 
discouraged by difficulty, and do not take fool- 
ish risks. They are sympathetic and loyal to 
their employer and friends. They have a clear 
perspective and are sensitive and intuitive. 
They are powerful, tender, and soft. They have 
a firm will and know their boundaries and 
limitations. They are known for their inner 
strength and strong faith in themselves. 
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2. A Yin Water nature predisposes individuals 
to lack spiritual, emotional, mental, and physi- 
cal energy. They give up on life and surren- 
der the control of their own destinies. They 
lack the determination to achieve their goals, 
do everything halfheartedly, and become eas- 
ily discouraged by difficult challenges. 

Treatment for Yin Water nature individuals 
requires teaching them how to conserve and 
strengthen their energy by not attempting to 
do what's beyond their capacity. They should 
complete their projects, however, once they 
have started them, and not procrastinate or 
leave tasks unfinished. They need to find the 
strength to overcome their fear of failure by 
learning to take action through the comple- 
tion of their goals. 

3. A Yang Water nature predisposes individuals 
to be ambitious overachievers and to live un- 
der great stress. They lack consideration for 
others, and can be reckless and foolhardy. 
They can also be greedy, ruthless, and cold- 
blooded. Seemingly modest, they are actually 
insidious and sinister, concealing their true 
emotions by suppressing their fears. Because 
they fear loss of control, their safety lies in 
dominating others. They only perform duties 
that are self-serving and blame others for their 
problems. 

Treatment for Yang Water nature individu- 
als requires that they learn how to act from 
inner stillness and gain strength and courage 
from their inner true self. They also need to 
emotionally and physically slow down, and 
to balance their activities with rest. They need 
to learn to gain consideration for themselves 
and others, as well as to open up their heart 
and begin to love. 


COMBINED CONSTITUTIONS 

In ancient China, The Yellow Emperor’s phy- 
sician Shao Shi taught that the Five Elemental con- 
stitutions consist of Five Elemental forms, which 
can be further divided into five additional shapes 
depending on the strength or development of the 
individual's Jing, Qi, and Blood. After establish- 
ing the patient’s physique (Wood, Fire, Earth, 
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Figure 3.14. The Water Constitution in Males and 
Females 
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Metal, or Water), the patient is then classified in 
terms of five separate colors, and differentiated 
according to the five prenatal (Heavenly) notes. 
This system recognizes 25 constitutional types. 

The Five Elemental Constitutions are there- 
fore, guidelines for the Qigong doctor to evaluate 
the patient. These guidelines are not fixed, as the 
doctor is most likely to encounter combinations 
of two or more of these elements within one per- 
son. 

When two constitutions combine in an indi- 
vidual, the combination may be congenital or ac- 
quired. The Qigong doctor must evaluate the pa- 
tient, differentiating between his or her congeni- 
tal and acquired tissue formations. 

A woman who has large hips (Water) and 
small chest and shoulders (Wood), for example, 
probably inherited this structure from her parents. 
This woman’s physical structure and personality 
would then be considered a combination of both 
Water and Wood (depending on which internal 
organ characteristic dominates). 

A female patient who swims, on the other 
hand, may be congenitally Wood but may have 
developed a dominant Metal upper physique 
through years of physical training. If, through in- 
tense physical activity, someone acquires a Metal 
physique, he or she may also acquire a Metal per- 
sonality, depending again on his or her psycho- 
logical format, which is rooted within the inter- 
nal organs. 

The external physical structure serves as a 
visual guide to the interaction and balance of the 
internal organs. 


PERSONALITY CONSTITUTIONS OF THE 
EIGHT EXTRAORDINARY VESSELS 

Another system of identifying personality 
traits is practised by observing the four personal- 
ity constitutions of the patient's Eight Extraordi- 
nary Vessels. 

Through observation and inspection of the 
patient's personality and overall energetic and 
emotional demeanor, the Qigong doctor can fur- 
ther determine which organ and organ system, is 
Deficient or has an Excess condition and set up a 
treatment plan. 


To begin, the Qigong doctor will first observe 
the patient's dominant Yin or Yang emotional 
characteristics and determine which of the Eight 
Extraordinary Vessels are governing his or her 
present state of feelings. These personality traits 
may appear in different combinations, or oscillate 
from one type of characteristic to another, due to 
the crossover of acquired and congenital organ en- 
ergy. This crossover can change with the patient’s 
age (maturation) or situation (environment). 
THE PATHOLOGICAL PERSONALITY TYPE OF 
THE GOVERNING AND YANG HEEL VESSELS 

The Governing and Yang Heel Extraordinary 
Vessels are located on the back and lateral sides 
of the body and affect the Bladder, Stomach, and 
Gall Bladder Channels. To “open” and increase 
the flow of energy within these channels, the Qi- 
gong doctor stimulates the patient’s SI-3 and Bl- 
62 points simultaneously (see Chapter 8). 

The pathological personality types of the Gov- 
erning and Yang Heel Vessels are divided into Yin 
and Yang emotional characteristics. These char- 
acteristics are as follows. 

1. Patients with Deficient Qi in the Governing 
and Yang Heel Vessels tend to be weak-willed 
and spineless. They tend to be overly submis- 
sive, and easily give up their personal power. 
They lack determination, courage, clarity, and 
inner strength, and have no control over their 
lives. They participate as little as possible in 
life for fear of failure. 

2. Patients with Excess Qi in the Governing and 
Yang Heel Vessels tend to be tense, overpres- 
sured, stiff, rigid, inflexible, stubborn, and 
awkward. They are narrow-minded and over- 
controlling. Fearful of letting go, they over- 
compensate and attempt to restrict reality. 

THE PATHOLOGICAL PERSONALITY TYPE OF 
THE CONCEPTION AND YIN HEEL VESSELS 

The Conception and Yin Heel Extraordinary 
Vessels are located on the front and inside of the 
body. They affect the Lung and Kidney Channels, 
which in turn affect the Kidneys, Lungs, and Heart 
organs. To open these channels, the Qigong doctor 
stimulates the patient’s Lu-7 and Kd-6 points simul- 
taneously. These character diagnoses are as follows. 
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1. Patients with Deficient Qi in the Conception 
and Yin Heel Vessels tend to be weak and 
depressed. They live in the past, lack interest 
in life, have no ambition, and also lack inter- 
est in sex. It is hard for them to form new re- 
lationships because they fear forming emo- 
tional bonds due to past losses, failures, and 
emotional traumas. They constantly day- 
dream and live in their own world of past 
memories. 
2. Patients with Excess Qi in the in the Concep- 
tion and Yin Heel Vessels tend to participate 
in life, but hold on to, and suppress, their grief. 
They fail to let go of emotional attachments 
and fear being alone. The female patients usu- 
ally develop Qi stagnations resulting in breast 
cysts, tumors, and cancer, as well as uterine 
fibroids and cancer. 
THE PATHOLOGICAL PERSONALITY TYPE OF 
THE BELT AND YANG LINKING VESSELS 

The Belt and Yang Linking Extraordinary Ves- 
sels are located around the waist and on the out- 
side of the body. They affect the Gall Bladder and 
Triple Burner Channels, which in turn, affect the 
Kidneys, Liver, and Gall Bladder organs. To open 
these channels, the Qigong doctor stimulates the 
patient’s GB-41 and TB-5 points simultaneously. 
These character diagnoses are as follows. 

1. Patients with Deficient Qi in the Belt and Yang 
Linking Vessels are considered weak, indeci- 
sive, and unproductive. They fear criticism 
and are touchy, snappy, irritable, and hyper- 
sensitive. They have low self-esteem and also 
lack interest in sex. 

2. Patients with Excess Qi in the in the Belt and 
Yang Linking Vessels are aggressive, angry, 
resentful, bitter, and vindictive. They are also 
opinionated, inflexible, intolerant, domineer- 
ing, selfish, and frustrated, with a sex life 
based on anger or rage. 

THE PATHOLOGICAL PERSONALITY TYPE OF 
THE THRUSTING AND YIN LINKING VESSELS 
The Thrusting and Yin Linking Extraordinary 
Vessels are located within the center of the body 
(internally) and on the medial and anterior aspect 
of the body (externally). They affect the Kidney 
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and Stomach Channels, which in turn, affect the 
Kidneys, Spleen, and Heart organs. To open these 
channels, the Qigong doctor stimulates the 
patient’s Sp-4 and Pc-6 points simultaneously. 
These character diagnoses are as follows. 

1. Patients with Deficient Thrusting and Yin 
Linking Vessels are physically and emotion- 
ally weak. They quickly become exhausted 
and depressed. They easily have their feelings 
hurt and take a long time to recover from emo- 
tional upsets. Their internal world of emo- 
tional existence is made up of fear, anxiety, 
worry, and tension. They do not connect well 
with the outside world or gain much pleasure 
from life or relationships. 

2. Patients with an Excess in the Thrusting and 
Yin Linking Vessels tend to participate in life, 
but have difficulty expressing their affections 
and communicating their needs in relation- 
ships. They are inclined to have stagnant Qi 
and Blood in their chests, epigastrium, or 
uterus areas due to fear, anxiety, worry, and 
sorrow. In their personal relationships, they 
fear loss of control and cannot make a com- 
mitment or a deep emotional connection with 
others. They also fear surrendering and let- 
ting go in their love and sexual relationships. 


THE YAO IMAGE AND PHYSICAL 
ANATOMY 

Sometimes because of surgery, congenital 
deformity, or traumas, it is not possible, nor is it 
recommended, to directly treat certain areas of the 
patient's body. The Qigong doctor must then 
choose an indirect method of treatment to ensure 
better results. One such method available to the 
doctor utilizes the understanding of the Yao im- 
age and the patient’s physical anatomy. In order 
to better comprehend the complexity of this diag- 
nostic and treatment modality, the Qigong doctor 
must first understand the energetic origin of the 
Yao images. 

All matter is composed of different propor- 
tions of Yin and Yang energy. Within the Void (in- 
finite space or Wuji) both Yin and Yang energy 
gather or disperse to balance the forces of nature. 
This interaction causes the Yin and Yang energies 


CHAPTER 3: PHYSICAL DEVELOPMENT AND STRUCTURAL FORMATION 





Figure 3.15. This diagram shows a hexagram, 
composed of an upper and lower trigram. In this 
particular example, the upper trigram is all Yin lines 
(symbolized by broken lines), the lower all Yang 
(symbolized by solid lines). 





to develop and transform themselves into four 
phases of energetic powers or stages: Great Yin, 
Small Yin, Great Yang, and Small Yang. These four 
phases can be explained as follows. 

1. Great Yin (Tai Yin), is affiliated with midnight 
and the new-moon phase. Modern physicists 
associate the Great Yin with a weak nuclear 
force. 

2. Small Yin (Shao Yin), is affiliated with the sun- 
set and the waning-moon phase. Modern 
physicists associate the Lesser Yin with a 
heavy force, and gravity. 

3. Great Yang (Tai Yang), is affiliated with high 
noon and the full-moon phase. Modem physi- 
cists associate the Strong Yang with a strong 
nuclear force. 

4, Small Yang (Shao Yang), is affiliated with the 
sunrise and the waxing-moon phase. Modern 
physicists associate the Lesser Yang with a 
light force and electromagnetism. 

These four solar and lunar energetic phases 
transform themselves into the energies of the eight 
foundational trigrams. These trigrams further 
combine to form sixty-four hexagrams, and mani- 
fest as the ancient binary system known as the Yi 
Jing (1 Ching). The formation and pattern of these 
energetic powers or stages vary according to the 
composition of Yin and Yang, and can be ex- 
pressed through the energetic symbols of the Yao. 

A Yao is a line that represents either Yin or 
Yang energy. The lines fall into two categories: 


* The negative Yao is symbolized by broken 
lines (Yin energy). 
¢ The positive Yao is symbolized by solid lines 

(Yang energy). 

When these lines are stacked in combinations 
of three, they form what are known as trigrams (a 
group of three Yao lines). When pairs of trigrams 
are joined, hexagrams (six lines) are formed. The 
lines are arranged from bottom to top, with the 
first Yao being on the bottom (Figure 3.15). 

The Yao trigrams and their relationship to the 
body’s physical and energetic structure can be 
utilized by the Qigong doctor for diagnosis and 
treatment, The doctor applies the Yao image as a 
template and arranges its pattern alongside the 
physical form of the patient's body. This arrange- 
ment of Yao images is designed by the doctor to 
assist him or her in recognizing the physical and 
energetic imbalances within the patient's body. 
This type of physical Yao image diagnosis has been 
used in China for centuries. 

Knowing that each different region of the hu- 
man body corresponds to one of the six Yaos in 
the hexagram, as well as a different aspect of Qi, 
the ancient masters explained the energetic Yao 
and physical body interaction as follows. 

1. The two lowest Yaos align with the feet and 
legs and correspond to the body’s interaction 
with the Earth’s energy. 

a. The 1st Yao extends from the patient’s 
feet, ankles, and shins, to the knees. 

b. The 2nd Yao extends from the knees to 
the upper thighs. 

2. The middle two Yaos align with the lower and 
upper abdominal regions, and correspond to 
the body’s interaction with human energy, or 
“Man’s energy” (emotional responses). 

a. The3rd Yao extends from the perineum 
to the navel. 

b. The 4th Yao extends from the navel to 
the xiphoid process in the diaphragm. 

3. The upper two Yaos align with the upper 
chest, neck and head, and correspond to the 
body’s interaction with Heaven’s energy. 

a. The 5th Yao extends from the xiphoid pro- 

cess of the diaphragm to the top of the manu- 

brium, at the base of the throat. 
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The top or 6th Yao is from the neck to the top of 
the head. (Heaven) 


The 5th Yao is from the diaphragm to the neck. 
(Heaven) 


The 4th Yao is from the navel to the diaphragm. 
(Man) 


The 3rd Yao is the lower perineum to the navel. 
(Man) 


The 2nd Yao is from the knee to the top of the thigh. 
(Earth) 


The bottom or 1st Yao is from the foot to the knee. 
(Earth) 


The Categorization of the arms are as follows: From 
the fingers to the elbow represents the Bottom or 
1st Yao; From the elbows to the base of the 
shoulder represents the 2nd Yao; From the base 
to the top of the shoulder represents the 3nd Yao. 


Figure 3.16. Yao Image and the Human Body 





b. The 6th Yao extends from the manubrium, 

at the base of the throat, to the top of the head. 

The doctor further divides the patient’s body 
into six upper and lower Yaos, to determine the 
dominant energetic and emotional patterns 
(where the patient's Qi is gathering, collecting, and 
stagnating). Through observation and study, the 
Qigong doctor is able to determine the energetic 
association the patient has with the natural envi- 
ronment. This diagnosis is achieved by observing 
the body’s relationship to the three energetic Yao 


divisions of Heaven, Earth, and Man (Figure 3.16). 
When observing the body, for example, if the up- 
per Yao is out of harmony with the patient's 
middle and lower Yaos, the patient's energetic 
balance may be compromised, and he or she may 
experience a spiritual disconnection with his or 
her body. This can result in either a Yang condi- 
tion (heaviness, restlessness) due to an Excess 
spiritual “Heaven” state, or a Yin condition (tired, 
dizziness) due to a Deficient spiritual “Heaven” 
state. 
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In addition to diagnosing the hexagram for 
the body’s Yin and Yang relationship to Heaven, 
Earth, and Man, the ancient Chinese Qigong mas- 
ters also studied two other hexagrams for clinical 
evaluation. These hexagrams were known as the 
Upper and Lower Hexagrams. 


UPPER AND LOWER HEXAGRAMS 

In the Ming Dynasty (1368-1644), Tang 
Rongchuan stated in his book Detailed Explanations 
of Application of the Book of Changes to Medicine, “In 
the clinical environment, the body may be divided 
into two different sets of hexagram constructions 
[the upper and the lower hexagram partition] for 
the purpose of making a diagnosis, detecting Qi, 
and for performing Qigong therapeutic treat- 
ments.” This relationship of Yao positioning is 
suitable to both the channel system and the ner- 
vous system. 

Physical disorders located within these 
hexagrams are generally expressed as symptoms 
manifesting in the extremities. If stagnant Qi or 
other abnormal conditions occur in any particu- 
lar part of the body, an imbalance of both Internal 
and External Qi may be detected in either that 
specific area of the body or its corresponding area. 

The ancient Qigong masters used the body’s 
hexagrams to explain the etiology, pathology, clini- 
cal manifestations, and treatment principles of 
disease. 

The body’s upper torso, arms, neck, and head 
are divided into what is known as the upper 
hexagram partitions, while the body’s lower limbs 
and torso are divided into the lower hexagram 
partitions. The six Yao of the upper and lower 
hexagram partitions interlock at the chest and ab- 
domen. By using these sets of hexagrams, the 
Qigong doctor has a template or guiding pattern 
with which to understand the patient’s body. 
The Upper Hexagram Construction 

The Upper Hexagrams range from the base 
of the lower perineum to the top of the patient’s 
head. These six Yaos are organized as follows. 

1. The 1st or bottom Yao encompasses the pubic 
symphysis to the navel. Reproductive, diges- 
tive, and urinary tract diseases are ascribed 
to this area. 


2. The 2nd Yao encompasses the navel to the xi- 
phoid process. Malfunctions in digestion, 
elimination and the transportation of nutri- 
ents are assigned to this area, as well as dis- 
eases of the Kidneys, adrenal glands, Liver, 
Spleen and pancreas. 
3. The 3rd Yao encompasses the xiphoid process 
to the supraclavicular notches. Respiratory 
and circulatory diseases are ascribed to this 
area. 
4. The 4th Yao encompasses the supraclavicular 
notch to the tip of the nose. Teeth, jaw, and 
thyroid diseases are ascribed to this area. 
5. The 5th Yao encompasses the tip of the nose 
to the eyebrow. Sinus problems and head- 
aches, as well as ear, nose, and eye diseases 
are manifest in this area. 
6. The 6th or top Yao encompasses the eyebrows 
to the top of the head. Several types of head- 
aches, brain tumors, and upper cranial dys- 
functions are ascribed to this area. 
The Lower Hexagram Construction 

The Lower Hexagrams range from the bot- 
tom of the patient’s feet to the base of the patient’s 
throat. These six Yaos are organized as follows: 

1. The 1st or bottom Yao encompasses the bot- 
tom of each foot to the ankle. Foot, toe and 
ankle dysfunctions are ascribed to this area. 

2. The 2nd Yao encompasses the ankles to the 
knees. Shinsplints and calf and ankle dysfunc- 
tions are ascribed to this area. 

3. The 3rd Yao encompasses the knees to the pu- 
bic symphysis. Thigh, knee, and quadriceps 
dysfunctions are ascribed to this area. 

4. The 4th Yao encompasses the pubic symphy- 
sis to the navel. Reproductive, digestive, and 
urinary tract diseases are ascribed to this area. 

5. The 5th Yao encompasses the navel to the xi- 
phoid process. Digestion, elimination, and the 
transportation of nutrients, as well as diseases 
of the Kidneys, adrenal glands, Liver, Spleen 
and pancreas are ascribed to this area. 

6. The 6th or top Yao encompasses the xiphoid 
process to the supraclavicular notches at the 
base of the throat. Respiratory and circulatory 
diseases are ascribed to this area. 
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The diagram at left depicts the correspondence of the 
yaos of the body to the yaos of the hands and feet. 


6 The second joint of the toes or fingers pertains to 
the top Yao and the energy of Heaven. 


5 The first joint of the toes or fingers pertains to the 
5th Yao and the energy of Heaven. 


4 The area below the first joint of the toes or fingers 
pertains to the 4th Yao and the energy of Man. 


3 The ball of the foot or upper palm pertains to the 
3rd Yao and the energy of Man. 


2 The instep on the midpalm with the thumb pertains 
to the 2nd Yao and the energy of Earth. 


1 The heel or lower palm pertains to the bottom Yao 
and the energy of Earth. 


Figure 3.17. The Therapeutic Use of the Yaos and the Upper and Lower Hexagrams 





THERAPEUTIC USE OF THE YAOS 

The entire body can be treated by focusing on 
one small area. When Excess, Deficient, or stag- 
nant Qi occurs in one part of the body, the imbal- 
ance of Internal and External Qi is detectable in 
that area or its corresponding region on one of 
the body’s extremities. This ancient Chinese mo- 
dality of treatment is popularly called reflexology 
in the West. 

The Yao images can be superimposed onto the 
patient’s body, and the patient diagnosed accord- 
ing to the energetic symptoms expressed through 
either the patient's extremities (the hands, fore- 
arms and arms; or the feet, shins, and thighs), or 
the six divisions located on the patient’s torso and 
head. A Yao hexagram can additionally be visual- 
ized on specific locations of the patient's body 
such as the face, nose, ears, hand or foot for diag- 
nosis. The base of the palm’s heel, for example, 
corresponds to the lower abdominal area and re- 
productive organs, which relate to the ist, or 
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lower, Yao in the hexagram of the hands. These 
six Yao areas of the hand provide a basis for diag- 
nosis, for treatment of certain diseases, and even 
for perception and prediction of certain future 
diseases (Figure 3.17). 

As an example of how the Qigong doctor can 
use the six Yaos of the body for emitting Qi 
therapy, consider the following situation: An eld- 
erly patient with a problem in his prostate area 
visits the Qigong doctor. The prostate is located 
in the lower abdominal area, which is located in 
the 1st Yao of the upper hexagram. Since the six 
Yao positions can be transferred to the hands, feet, 
etc., the doctor knows that this particular Yao is 
congruent to the 1st Yao of the foot. Therefore, as 
an energetic entry point into the patient’s pros- 
tate area, the doctor may focus his or her atten- 
tion on a specific area on the foot. 

Dividing the foot into six Yaos, the doctor 
knows that the 1st Yao of the foot is the heel area. 
In order to treat the prostate gland, the doctor will 
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6 The fruit or flower of the herb pertains to the top 
Yao and the energy of Heaven. 


5 The leaf of the herb pertains to the 5th Yao and the 
energy of Heaven. 


4 The branch of the herb pertains to the 4th Yao and 
the energy of Man. 


3 The upper stem of the herb pertains to the 3rd Yao 
and the energy of Man. 


2 The stalk of the herb pertains to the 2nd Yao and 
the energy of Earth. 


4 The root of the herb pertains to the bottom Yao 
and the energy of Earth. 


Figure 3.18. The Yao Image Applied to Plants 


focus his or her treatment on the patient’s heel 
and ankle area. Alternatively, the doctor could also 
have chosen the 1st Yao area of the hand, which is 
considered the 1st Yao position of the arm. The 
1st Yao of the hand corresponds to the prostate 
and urogenital area. 


HERBS AND THE YAOs 
Affirming the ancient Chinese belief that the 
energy of Heaven, Earth, and Man combine as 
“one,” and exist in the same world of energetic 
dynamics, herbs are also structured and pre- 
scribed in accordance with the six Yao hexagram 
concept. With plants, the following correspon- 
dences apply (Figure 3.18): 
1. The roots correspond to the bottom or Ist Yao. 
2. The stalk corresponds to the 2nd Yao. 
3. The upper stem corresponds to the 3rd Yao. 
4. The branches correspond to the 4th Yao. 
5. The leaves correspond to the 5th Yao. 
6. The flowers and fruit of the plant correspond 
to the top or 6th Yao. 
When plants are utilized as a medicine, the 
part of the plant corresponding to the number and 





position of the Yao may manifest its energetic 
properties, affecting the ascending, descending, 
floating, or sinking action of the patient’s Qi. The 
achyranthes root (Niu Xi), for example, corre- 
sponds to the bottom Yao, and leads healing Qi 
downward, to heal the patient’s knees and joints; 
whereas the chrysanthemum flower (Ju Hua) cor- 
responds to the top Yao, and leads healing Qi up 
into the patient’s head and eyes. 


IDENTIFYING INTROVERTED AND 
EXTROVERTED STRUCTURES 

Qi flows through the matrix of the connec- 
tive tissue and adapts to the postural and struc- 
tural demands of the body by changing the den- 
sity and direction of the body’s connective tissues 
and inner fasciae. A postural habit will create an 
imprint or tissue memory in the supporting con- 
nective tissue, as well as an energetic memory in 
the supporting field of Qi. These imprints result 
in introverted as well as extroverted postural 
structures. 

Each introverted (Yin) and extroverted (Yang) 
postural structure has a predictable impact on the 
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—____Head held off-center 





Shoulders sunken 


Narrow chest 
elvis tilted back 


Genitals retracted 


Thighs bowed 





bottom 
yao 
Figure 3.19. The Introverted Structure 
6th yao Head held level 
Shoulders 
Sth yao Extended back 
Narrow back 
4th yao Wide chest 
Pelvis tilted 
vee forward 
Genitals extended 
2nd yao 
Thighs turned 
inward 
bottom 
yao 


Figure 3.20. The Extroverted Structure 
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myofascial webbing, as well as a natural emotional 
response. Emotions respond to changes in breath- 
ing patterns and vice versa. Both the prevalent 
breathing pattern and the patient’s general mood 
affect the body’s posture and eventually the 
body’s structure. All chronic stress creates postural 
imprinting or tissue memory, and a correspond- 
ing energetic memory in the supporting field of 
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INTROVERTED STRUCTURE 

When observing the introverted type of struc- 
ture, the doctor will notice that the back (Yang) 
area of the patient is expanded, and the muscle 
structure is usually well-developed. The front of 
the body (Yin), especially around the chest and 
Heart area, is retracted, resulting in a narrow chest. 
The patient’s head is generally held off-center, 
shoulders are sunken and forward, and the pel- 
vis is tilted back, with the genitals retracted (an- 
terior tilt). This condition is commonly referred 
to as “extended Yang” and “retracted Yin” of the 
upper torso (Figure 3.19). 
EXTROVERTED STRUCTURE 

When observing the extroverted type of struc- 
ture, the doctor will notice that the back (Yang) 
area of the patient is retracted, while the front of 
the body (Yin) is expanded and overly exposed. 
The head is usually held vertically, the shoulders 
are extended back (military posture), the chest is 
wide, and the pelvis is tilted forward, with geni- 
tals extended (posterior tilt). This condition is 
commonly referred to as “extended Yin” and “re- 
tracted Yang” of the upper back (Figure 3.20). 


COMBINED STRUCTURAL FORMATIONS 

As with the Five Elemental Constitutions, the 
introverted and extroverted structures are guide- 
lines for the Qigong doctor to evaluate the patient. 
These guidelines are not fixed, as the doctor is 
most likely to encounter combinations of both in- 
troverted and extroverted structures within one 
person. 

When two structures combine in an individual, 
the combination may be due to a congenital or ac- 
quired formation. The Qigong doctor must evalu- 
ate and assess the patient, differentiating between 
his or her congenital and acquired tissue formations. 
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CONGENITAL AND ACQUIRED 
CELLULAR PATTERNS 

The Qigong doctor evaluates the physical con- 
dition according to the congenital or acquired pat- 
terns manifested within the patient's tissues. The 
doctor may ask questions to determine if the con- 
dition was acquired through exposure to environ- 
mental pathogens, diet, trauma, occupation, or in- 
herited. This information aids the Qigong doctor 
in understanding and assisting the patient in re- 
programming any congenital or acquired cellular 
patterns, as well as internal disease functions. 

1, Congenital Cellular Patterns and disease pre- 
dispositions are locked within the patient’s 
congenital Jing and can be released like a bio- 
logical time bomb. This is a similar concept 
to the Western medical concept of genetic con- 
genital disease. The goal of the Qigong doc- 
tor is to alter (if possible) the Toxic Qi pat- 
terns and help the patient’s body recognize 
that the formation of the disease is a mistake. 
In order to reprogram these patterns, the 
Qigong doctor often assists the patient in us- 
ing guided meditations that employ vivid 
imagination, colorful visualizations, and posi- 
tive affirmations. These images are used to en- 
capsulate the disease and return it to the di- 
vine light. While in the presence of the divine 
light, the Toxic Qi (Xie Qi) will be energeti- 
cally transformed and recycled back to the 
patient as healing energy. Patients with a di- 
rect family history of cancer, for example, can 
benefit from this type of medical Qigong im- 
agery. 

2. Acquired Cellular Patterns and disease func- 
tions arise from either external exposure to 
pathogens, or the suppression of extreme 
emotions. The goal of the Qigong doctor is to 
first assist the patient in discovering the ori- 
gin of the disease. The next step is to teach 
the patient to alter the toxic patterns and help 
the patient's body recognize that the devel- 
opment of the disease is a mistake. In order 
to reprogram these patterns, the Qigong doc- 


tor will assist the patient in learning medita- 
tions that employ healing mental imagery, 
colorful visualizations, and positive affirma- 
tion. The patient must encapsulate the disease 
and return it to the divine light, to be ener- 
getically transformed and recycled. A patient 
who has been experiencing severe headaches, 
for example, could benefit from this kind of 
treatment given that most headaches are stress 
related. 


SUMMARY 

Through the observation of the patient’s 
physical and structural development, a clear un- 
derstanding can be obtained as to the strength and 
weakness of the patient’s internal organs and im- 
mune system. 

The four patterns of physical development 
and structural formation (The Five Elemental 
Constitutions, The Yao Hexagram Formations, 
The Yin or Yang Structures, and The Congenital 
and Acquired Cellular Patterns) are determined 
as follows. 

1. The doctor first begins to diagnose the 
patient's physical body according to the Five 
Elemental Constitutions and the dominant 
element. This helps the doctor to understand 
the dominant condition of the patient's inter- 
nal organs. 

2. The doctor further divides the patient's body 
into six upper and lower Yaos, to determine 
the dominant energetic and emotional pat- 
terns (where the patient's Qi is gathering, col- 
lecting, and stagnating). 

3. Next, the doctor evaluates the patient’s exter- 
nal structure according to his or her body’s 
Yin and Yang characteristics, to understand 
whether the patient has a dominant intro- 
verted or extroverted physique. 

4, Finally, the Qigong doctor determines 
whether the patient’s condition is congenital, 
acquired, or a combination of both. This in- 
formation helps the doctor to understand the 
innate cellular patterns that dominate the 
patient's physique. 
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CHAPTER 4 


THE FIVE ENERGIES OF THE HUMAN BoDY 


The study of various forms of energy and their 
transformations from one form to another have 
led to one of the greatest generalizations in phys- 
ics -- the Law of Conservation of Energy, which 
states, “Energy cannot be created or destroyed. It 
may be transformed from one form into another, 
but the total amount of energy never changes.” 

Physics defines four types of energy: mechani- 
cal, electromagnetic, chemical, and thermal. All 
four types of energy are related to and convert 
from one another. Electricity, for example, can be 
converted into sound, light, mechanical energy 
and into heat. Sound, light, mechanical energy and 
heat can all be reconverted into electricity. 

Western Science is still for the most part, 
founded on the principles of Newtonion Physics, 
that views energy as an impersonal and inanimate 
force. The Traditional Chinese view of energy is 
much more akin to the theories of Quantum Phys- 
ics. Both Chinese energetic theories and Quantum 
Physics hypothesize that energy cannot be stud- 
ied without taking into account the mind’s influ- 
ence over it. Furthermore, energetic behavior can- 
not be studied independently of matter. 

From a medical Qigong perspective, the en- 
tire human body is suffused with energy, which 
converts within the human organism. Light en- 
ergy, for example, is absorbed, stored and convert- 
ed into the various energies of the body, the same 
way that plants convert absorbed and stored light 
into chemical energy. 

The human body possesses five energies 
which resonate within the very core of one’s be- 
ing. Sound, light, magnetic fields, heat, and elec- 
tricity envelop and permeate our very existence; 
these energies sustain, govern, control, and de- 
termine our psychology as well as our physiol- 
ogy. In Medical Qigong therapy, these energies are 
considered the spiritual reality that governs the 


physical reality. These energies are observed in 
both diagnosis and treatment of illness. Research 
in China confirms the fact that the body emits 
sound, light, magnetic energy, electricity, and heat. 


SOUND ENERGY RESONANCES 

When the body experiences any type of 
sound, the cell tissues respond to the tone fre- 
quency and have either a negative or positive au- 
tomatic response. The human body both receives 
and generates sound energy. These subtle sounds 
resonate from three distinct physical energetic 
actions. The following subtle sounds are natural 
tones that resonate as a result of three physical 
actions. 

1. Breathing creates respiratory sound reso- 
nances that follow the breath in and out of the 
lungs mouth, and nose. 

2. Muscle movements create somatic and vis- 
ceral sound resonances that include the clicking 
sound of the joints, beating of the Heart, gurgling 
of the Stomach and intestines, etc. 

3. Qi activities can produce energetic sound 
resonances (i.e., when Liver Yang, Liver Fire, or 
Liver Wind rise, a high-pitched tone is heard in 
the ears. When the Kidney Yin is Deficient, this 
sound is like rushing wind, etc.). 

SOUND THERAPY THROUGH EMITTED QI 

As sound waves vibrate through the body, 
crystalline structures within the tissues transform 
the vibration into pulsed currents. These currents 
are then conducted to the various corresponding 
organs and glands, depending on the frequency 
and amplitude of the incoming wave signal. This 
tissue transformation (due to wave vibrations) au- 
tomatically changes the function and flow of en- 
ergy in the body. Thus sound vibrations have a 
profound effect on both human psychology and 
physiology. Sound or tone resonances, have been 
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used for centuries as an effective healing tool and 
are currently used as an adjunct to modern Qigong 
Medicine. 

For centuries in China, patients have used 
healing sound therapy to resonate certain parts 
of the body, stimulating the flow of Blood and Qi 
to and from specific internal organs to cure dis- 
ease. These healing sounds specifically relate to 
the Five Agents and the Five Elemental aspects of 
the patient's internal organs (see Chapter 2). Ac- 
cording to the Five Elements’ Cycle, each of the 
Five Elements has a note: 

¢ Gong - C = Earth 
¢ Shang - D = Metal 
¢ Jue - E= Wood 

¢ Zhi - G = Fire 

¢ Yu- A= Water 

The Qigong doctor can project resonant sound. 
vibrations by first focusing on all three Dantians 
at the center of the Taiji Pole. This focused con- 
centration is used first to vibrate the doctor’s spe- 
cific internal organs and then to treat the patient. 
The Qigong doctor can use vibrating sound 
therapy by: 

1. Audibly speaking the healing sounds to fill 
the Qigong doctor’s energetic field with heal- 
ing sound vibration. This energetic field of 
sound is then projected onto his or her pa- 
tient. Audible sound resonation is considered 
a Jing to Qi level energy projection, and is 
generally used when the patient is armored 
and not energy sensitive. 

2. Inaudibly speaking the healing sounds and 
projecting these mental vibrations into the 
patient. In this case, the Qigong doctor will 
begin by internally focusing his or her mind 
on the healing sound. As this internal sound 
fills the Qigong doctor’s energetic field, it is 
then emitted into the patient’s body. To in- 
crease the intensity of energy sound projec- 
tion, the doctor needs only to increase the 
mind’s intention and the pressure of his or 
her exhalation. Inaudible sound resonation is 
considered a Qi to Shen level energy projec- 
tion, and is generally used when the patient 
is energy sensitive. 
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3. Both the doctor and patient simultaneously 
resonate the sound to enhance the synchroni- 
zation of both their energy fields. As the 
Qigong doctor resonates his or her own in- 
ternal organs, both the doctor and patient can 
modulate the sound and energy patterns as 
needed. 
THREE MODALITIES OF SOUND THERAPY 

The resonant sounds produced by Qigong 
doctors are effective because the patients’ ener- 
getic matrix is sensitive to the sound resonances. 
The modulated, yet unpredictable, nature of 
sound pulsation affects the vibrational structures 
which shape and maintain the patient's physical 
structure. Once the patient's vibrational structures 
have been disturbed, their body must immediately 
begin its reconstructive process, thereby creating 
new energetic patterns to restructure and heal the 
tissues. 

There are three modalities used for sound 
therapy: 

1. Characteristic Sound Therapy refers to the 
sound from musical instruments (flute, gui- 
tar, piano, drum, etc.) and their effect on the 
subconscious mind. This type of musical en- 
ergy creates an emotional, physical, and spiri- 
tual release of energy within the listener. 

2. Extraordinary Sound Therapy refers to the vo- 
cal resonances used in silent chanting, prayer 
and singing. Such techniques include the 
Daoist six-word healing sound method, 
Zhuang Zi’s breath listening method, Lao Zi’s 
sound-voice method, etc. This type of therapy 
uses the patients’ energy to produce the sound 
and inner vision to direct the vibration within 
the body. It is also practised in conjunction 
with breathing techniques that are guided by 
the Yuan Shen (the intuitive consciousness of 
the spirit). Ail of these techniques are com- 
bined to achieve physiological and psycho- 
logical healing. 

3. Infrasonic Sound Therapy refers to the 
low frequency sound waves emitted from the 
hands of Qigong doctors. These chaotic, low 
frequency sound waves, inaudible to the hu- 
man ears, are naturally produced by the hands 


of experienced Qigong doctors when emitting 
Qi. This infrasonic sound resonance affects the 
central nervous system, changing the body’s 
neurophysiological functions. Extensive re- 
search performed by Richard H. Lee of China 
Healthways Institute in Los Angeles, Califor- 
nia, as well as research performed by the 
Beijing College of Traditional Chinese Medi- 
cine, and the Department of Natural Science 
in Beijing China, confirms that all humans 
have a very high degree of acoustic activity 
in the subsonic range below 20 Hertz (infra- 
sonic). This subsonic activity is similar to the 
alpha rhythm of an EEG (see Appendix #2). 
Qigong doctors may combine the character- 
istic, extraordinary, and infrasonic sound thera- 
pies into one treatment modality to facilitate a 
deeper and more thorough transformation within 
their patients. The choice of sound prescriptions 
vary according to each patient's cultural upbring- 
ing, religious beliefs, emotional temperament, and 
comprehension of energetic healing modalities. 
Sound therapy can be prescribed to relieve a 
patient's feelings of uneasiness or extreme depres- 
sion. Music, for example, has always been ac- 
knowledged as a powerful medium for emotional 
enhancement. Sounds and tones stimulate the ce- 
rebral centers creating a wide range of results from 
enhancement of memory retention, to facilitating 
certain emotions, and creative inspirations. 
Music therapy specifically created for the har- 
monizing the Five Elements within the Yin and 
Yang organs is also used in conjunction with Feng 
Shui training to regulate any imbalances of the 
body and mind stemming from the changes of 
seasons. During autumn, for example, when dry- 
ness is prevalent and there is a transition from 
warm to cool, music can help to stabilize the 
body’s response to these external conditions. 


WESTERN SOUND THERAPY 
Sound therapy is actively being used in West- 
ern medicine. The following are examples of cur- 
rent clinical modalities: 
* music therapy for postoperative healing, 
¢ ultrasound therapy for sore muscles and back 
injuries, and 
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« shock-wave lithotripsy therapy for kidney 
stones and calcified gallstones. 


LIGHT ENERGY 

All matter produces, radiates, transports, or 
transmits light, and therefore has properties of 
color vibration. Matter and light are fundamen- 
tally inseparable. Matter can be considered a con- 
densation of photons. Its transformation can be 
viewed as a result of light interacting with atoms 
and molecules. All life on Earth, whether plant, 
animal, or human, is dependent upon light and 
its miraculous qualities for existence. 

All living cells emit units of light called 
“biophotons.” Biophoton emissions radiate from 
the internal organs, as well as the body’s surface 
tissues, to create the body's auric field. 

This interaction of light on the body’s tissues 
and within the body’s internal organs has a pro- 
found healing effect, especially when activated by 
the Qi emission from a Qigong doctor. When 
muscles or nerves are activated through medical 
Qigong therapy and /or exercises, the intensity of 
the biophoton emission increases. Studies per- 
formed on the healing potential of light and color 
therapies demonstrate that itis clinically effective. 
Like sound resonances, light therapy is also be- 
ing researched further as an adjunct to modern 
clinical medicine. 

The body both absorbs and projects light en- 
ergy. The divine light that enters at the time of 
conception continues to reside in our Taiji Pole 
throughout our lives. This light responds and re- 
acts to the doctor’s emitted therapeutic light en- 
ergy. Emitted light and color resonance are ab- 
sorbed into the patient’s body, causing the ener- 
gies of Heaven and Earth to fuse inside the tis- 
sues; this facilitates the healing process. 

In Traditional Chinese Medicine, the early dia- 
grams illustrating the body’s internal organs, 
channels, routes of Body Fluids, and arteries were 
called Charts of the Hall of Light. These detailed 
maps of Qi and Blood flow illustrated the ener- 
getic organs, as well as the body’s Jing and Shen 
(which are rooted in the Blood). The Shen flows 
inside of the body, transforming into light and 
radiating from inside of the tissues outward. The 
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Figure 4.1. Light resonates within the body’s Taiji Pole. 
From the body’s Yang Governing Vessel flows a sea of 
electropositive energy. From the body's Yin Conception 
Vessel flows a sea of electronegative energy. 


light radiating from the physical body spontane- 
ously interacts with the mental, emotional, and 
spiritual light energy released from other beings. 

Light energy can also be accumulated in the 
storage chambers of the Three Dantians. The Up- 
per Dantian, is called the “peak of Yang energy,” 
and is considered electropositive; it is the door- 
way to the chamber of Heavenly or divine light. 
The Lower Dantian, is called the “peak of Yin en- 
ergy,” and is considered electronegative, and the 
direct root to the Earth. 

In time, with Qigong training, the postnatal 
Heat circulating up the Governing (Yang) and 
down the Conception (Yin) Vessels can awaken 
the Prenatal Qi stored in the brain, causing it to 
unite with the body’s nervous system. This is con- 
sidered a full integration of Yin and Yang energy 
and manifests as a shimmering white light glow- 
ing in the center of the Upper Dantian. 

White light is stored in and released from the 
Upper Dantian, where the spiritual energy is 
stored. Once white light energy manifests, it 
should be drawn down the Taiji Pole into the cen- 
ter of the Lower Dantian. By using inner vision to 
focus the eyes on the center core of the body, the 
Qigong doctor can concentrate on the white light 
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energy vibration and fuse this energy into one 
column of light, stemming from the Upper to the 
Lower Dantian. When the Microcosmic Orbit is 
completed (i.e., when the Governing and Concep- 
tion Vessels are energetically fused), the first cen- 
ter column of light can be accessed via the body’s 
five Center Thrusting Channels into the Taiji pole. 
This column of light runs through the center of 
the body, connecting all Three Dantians together 
(Figure 4.1). Accumulated Qi is stored as a golden 
glowing ball in the Lower Dantian. 


COLOR VIBRATIONAL PROJECTIONS 

Qigong doctors project light of different col- 
ors by first drawing the divine light energy into 
their Taiji Pole, then focusing on the light energy 
and releasing it either through the arms and out 
the hands into the patients, or through a visual- 
ization of divine light traveling from the Yin Tang 
(Third Eye) area into the patients. 

When Qigong doctors connect with the divine 
healing white light energy, they absorb massive 
quantities of this energy into their Taiji Pole. This 
white light energy prisms into six color projections 
of light and energy vibration. As the white light en- 
ergy transforms into multicolored beams of light, 
the colors can be either absorbed to strengthen the 
internal organs, or projected out for Qi emission. 

The Qigong doctors use inner vision tech- 
niques to connect with the correct color for en- 
ergy projection. One such technique used by doc- 
tors allows the color to naturally develop by men- 
tally focusing both eyes to the back of the head. 
The color that is observed in the back of the mind 
is projected into their patients’ body. This visual- 
ization technique is only performed after connect- 
ing with the patients’ energetic field. 

LIGHT THERAPY THROUGH EMITTED QI 

The human body produces light which is vis- 
ible to both clairvoyants and Qigong doctors (Fig- 
ure 4,2). In China, doctors of TCM have discov- 
ered that light therapy is effective in treating cer- 
tain diseases because of the light field’s ability to 
penetrate the tissues, and interact with the 
patients’ energetic fields. 

Extending the image of the color is an impor- 
tant part of the Qigong doctor’s ability to treat 
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patients to establish a more gentle healing ses- 
sion. 
5. The flame blue color cools the body and is 
beneficial in soothing and calming a patient's 
anxiety. Blue can be used to stimulate the 
Bladder, Kidneys, the reproductive system, 
skeletal system, and the Water Qi of the body. 
The color blue is also excellent for relieving 
inflammation and fever and can be used as a 
mild anesthetic. 
6. The indigo or dark blue color has a deep pen- 
etrating property and is used for knitting 
bones and creating “energetic casts” (used for 
enveloping wounds and specific internal or- 
gans). The color indigo can also be used to 
stimulate the Bladder, Kidneys, skeletal sys- 
tem, reproductive system, and the Water Qi 
of the body. 
7. The reddish-blue color of violet is known for 
its purifying force, which facilitates the rapid 
healing of difficult infections, e.g., pneumo- 
nia. 
8. White energy extension indicates a fusion of 
all colors. White energy is the most neutral 
and can be used when one is not sure which 
other color is appropriate. White is useful for 
calming the mind and placing a protective 
field around an organ or around the body. 
White stimulates the Large Intestine, Lungs, 
the respiratory system, and the Metal Qi of 
the body. 
USING HEALING COLOR IMAGERY 

Specific color meditations can be prescribed 
to assist patients in their healing. The patients are 
encouraged to visualize specific organ colors 
while the Qigong doctor projects that same color 
into their body and energetic fields (Wood-Liver- 
Green, Fire-Heart-Red, Earth-Spleen- Yellow, 
Metal-Lungs-White, and Water-Dark Blue/In- 
digo-Kidneys). This treatment technique is suc- 
cessful for tonifying, regulating, or purging all the 
body’s major organs and is often combined with 
healing sounds. 

When using healing color imagery, the pa- 
tients are encouraged to first visualize the diseased 
organ as being dull, dark, and impure in color. In 


CHAPTER 4: THE FIVE ENERGIES OF THE HUMAN Boby 


cases of Liver Heat, patients might imagine a dull, 
turbid brownish-green, tinged with red. For a 
Heart imbalance, the red color may be first imag- 
ined as a dull, weak or darkish red, tinged with 
brownish-red or purplish-red (like the color of 
stagnant Blood). Patients begin the meditation by 
concentrating on exhaling the toxic, pathological 
colors. As the patients inhale, they imagine a pure, 
vibrant ruby-red color flowing into their body 
from the Heavens or Earth, energizing, cleansing, 
and replacing the toxic energetic color of the dis- 
eased Heart. 

Note: The image of the vibrant ruby-red color 
is prohibited in cases of Excess Heart Fire. 


EXPOSURE TO EXTERNAL COLOR FIELDS 

In this type of color therapy, patients are re- 
quired to sit and meditate in rooms painted in the 
specific color relating to their condition. A healthy 
color is chosen in accordance with either the Five 
Elements’ Creative Cycle or a Controlling Cycle, 
depending upon the nature of the patient's dis- 
ease and which particular Yin organ (or organs) 
are involved. One example is using the Five Ele- 
ments’ Creative Cycle to tonify a patient's Defi- 
cient organ. The theory of the creative cycle is to 
stimulate and energize the “mother” in order to 
strengthen its proceeding “child” organ. For a 
Liver imbalance, for example, the patient can be 
placed in a blue room for tonifying the Kidneys 
(the Liver’s “mother” organ). The Kidney color 
indigo (the mother) is used to nourish the Liver 
organ (the child). For a Liver Excess, the Qigong 
doctor would use the Five Elements’ Controlling 
Cycle and place the patient in a white room, al- 
lowing the Lungs (the grandmother) white Metal 
color to control the Liver Wood (the child) organ. 

Also specific colors can be worn by the pa- 
tient, or the patient can surround him or herself 
with certain natural colors to initiate healing (e.g., 
emerald green for Liver conditions). 
Foop AND CoLoR 

Another treatment method requires the pre- 
sentation of food (diet) as a form of color and light 
therapy. In this treatment the doctor makes sure 
that the Five Elemental colors are present within 
the patient's food. Each color will start a resonance 


SECTION 1: FOUNDATIONS OF ENERGETIC MEDICINE 


within the patient's organs (i-e., Green-Liver, Red- 
Heart, Yellow-Spleen, White-Lungs, and Dark 
Blue /Indigo-Kidneys). 

When eating the food the patient focuses his 
or her intention on ingesting the color, light, and 
energy of the food being eaten. 


USING DISTANCE AND RANGE 

When using color projection, an important 
factor is the doctor’s ability to maintain focused 
intention. If the doctor becomes distracted or 
looses visual concentration, the color resonance 
being emitted becomes degraded, and the pro- 
jected color transforms back into non-differenti- 
ated white-light energy. Since it is the vibratory 
rate of the specific color that promotes healing, a 
strong connection between the doctor and patient 
is vital in distance color therapy projection. 


WESTERN LIGHT THERAPY 
Light therapy is currently being used in West- 
ern medicine through the following modalities: 
¢ Laser-light therapy surgery, 
¢ Full-spectrum light therapy for SAD (seasonal 
affective disorder), 
* Color-light therapy for eye problems and vari- 
ous other illnesses, and 
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Figure 4.4. The Earth is enveloped with electromagnetic 
currents, affecting both weather and vegetation. 
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¢ UV-light therapy for “blue babies” with hy- 
perbilirubinemia. 


MAGNETIC ENERGY 

Magnetism can influence energetic flows of 
energy current within the body. It is difficult to 
separate the energetic properties of magnetism 
(Yin) and electricity (Yang), as they are almost two 
aspects of the same energetic field. The movement 
of electrical currents generate magnetic fields. By 
establishing different magnetic polarities, the 
Qigong doctor can influence the electrical flow in 
the body. 

The body’s cells carry electromagnetic fields 
that both attract and repel each other, resulting in 
a magnetic pull between the body’s tissues, or- 
gans, and extremities, as well as the body’s elec- 
tromagnetic interaction with the Earth. Clinical 
research in China demonstrates that the iron in 
the hemoglobin of the Blood is attracted to the 
magnetic pull of the body’s tissues, as well as the 
magnetic pull of the Earth. 

The Earth, like the body, has both a Yin (mag- 
netic) field and a Yang (electrical) charge. These 
energetic fields are interdependent. The magnetic 


a 


ee 


= 


—, 





Figure 4.5. The body is enveloped with electromagnetic 
currents, affecting both internal and external organ 
functions. 


field is caused by the movement of charged par- 
ticles and spans the circumference of the Earth 
creating a strong electrical field (Figure 4.4). 

Some modern researchers believe that the 
physical body’s channel system (see Chapter 6) 
charges its field of magnetic flux through move- 
ment. It is further believed that the channel sys- 
tem creates an electrical field that attracts electrons 
into the body’s Taiji Pole. 

Richard Lee of the China Healthways Insti- 
tute found that the Yin magnetic substances stored 
within the body’s water molecules align with the 
electrically conducting structure of the body’s 
channels (see Appendix 2). When the body’s mag- 
netic energy field is low, these channels become 
weakened and the conductivity is lowered. This 
magnetic energy can be replenished either from 
ingesting and transforming food, air and water, 
or gathered directly from the Earth’s magnetic 
field. 

The body’s magnetic field conforms to the 
Earth’s magnetic field through the energetic ex- 
change within the body’s electromagnetic fields 
(Figure 4.5). The body maintains this electromag- 
netic connection through the energetic resonance 
of the Taiji Pole. Within the structure of the body’s 
Taiji Pole are located two major conductive poles 
of energy. These two conductive poles are located 
at the opposite ends of the Taiji Pole, positioned 
at the top of the head and the base of the perineum. 
The purpose of these energetic poles is to absorb 
Qi from universal and environmental fields, con- 
necting and integrating the energy into the body’s 
Three Dantians (see Chapter 5). 

The electromagnetic lines in the body’s force 
field begin from the at top of the head (tradition- 
ally considered the south pole) where the Heaven 
Qi flows into the body, and end at the at the base 
of the perineum (traditionally considered the 
north pole) where the Earth Qi flows into the body 
(Figure 4.6). Each of these two magnetic poles (the 
Lower and Upper Dantian) have a different en- 
ergy influx. The energy originates and converts 
in the Lower Dantian and eventually flows to the 
Upper Dantian. The bottom pole, located in the 
Lower Dantian, converts Jing (Essence) into Qi 
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Figure 4.7, Flux lines around current-carrying conductor 





(Energy) and increases the body’s overall life-force 
energy. The upper pole, located in the Upper Dan- 
tian, converts Shen (Spirit) into perceptual insight 
and spiritual light. 

There are several ways in which the Qigong 
doctor can manipulate the electromagnetic field 
which surrounds the body. The doctor can directly 
absorb Heaven and Earth energy from the bot- 
tom of his or her feet, top of the head, and through 
both palms (called Absorbing Qi from the Five 
Gates). The doctor can also, through creative vi- 
sualization, gather and loop the different types of 
environmental energy around his or her body, 
increasing the thickness and power of the electro- 
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magnetic field (the energetic boundary that sur- 
rounds the doctor’s body). This looping action is 
similar to wrapping a magnet with wire to in- 
crease its magnetic field potential (Figure 4.7). 
Stronger lines of magnetic force will be produced 
around the body, thus creating a stronger “energy 
bubble” (Figure 4.8). 

The direction of electromagnetic wrapping 
should be done in accordance with the natural 
flow of the surrounding environmental fields. 
Each individual should remain sensitive as to 
which technique works better for them, as there 
are individual variations used in accordance to 
the doctor’s intention and belief. 


MAGNETIC THERAPY THROUGH EMITTED QI 

Qigong doctors are trained to manipulate 
their patient's electromagnetic field by extending 
emitted energy into the patient’s tissues. This 
stimulation of the body’s magnetic field is ex- 
tremely effective for regulating the flow of chan- 
nel energy, as well as stimulating the activity of 
the nervous system. 

Magnetic therapy is also used as a compan- 
ion to acupuncture therapy. Acupuncturists use 
magnetic patches, placing them on various chan- 





Figure 4.8. Qigong doctors can create a strong energetic 
field by absorbing Qi into their Lower Dantian. This 
energy extends into the Earth (like an anchor), and the 
Wei Qi field surrounding the doctor's body automatically 
increases and expands. 


nel points on the patient's body, to induce energy 
flow and tissue stimulation. 

The negative north magnetic field pole of the 
magnet is placed in contact with the patient's skin 
in treating conditions due to Excess Heat and stag- 
nation. The negative north pole is found to have 
a cooling and calming effect on tissues. Herbal teas 
used for purgation, dispersing, anti-inflammatory 
or sedative properties can be augmented by plac- 
ing the tea on the north pole of a magnetized sur- 
face for a minimum of an hour before drinking. 

The positive south magnetic field pole of the 
magnet is placed in contact with the patient’s skin 
in treating Deficiencies, Cold and blockages. The 
positive south pole is said to have a stimulating 
and warming effect on tissues. Herbal teas used 
for warming and tonification can be augmented 
by placing the tea on the south pole of a magne- 
tized surface for a minimum of an hour before 
drinking. 

WESTERN MAGNETIC THERAPY 

In 1990, Dr. Arthur Trappier submitted a pa- 
per on “Evaluating Perspectives on the Exposure 
Risks from Magnetic Fields” to the Journal of the 
National Medical Association. In his article, Dr. 
Trappier explained that exposing cancer cells toa 
negative magnetic field discourages the growth 
of the cancer, while exposing cancer cells to a posi- 
tive magnetic field encourages their growth. Mag- 
netic therapy is currently being used in Western 
medicine through the following clinical modali- 
ties: 

¢ Permanent magnet therapy for localized pain 
and inflammation relief, 

¢ Super-magnet therapy for stimulation of the 
thymus for immune enhancement in cancer 
patients, and 

* Pulsed magnetic therapy for the treatment of 
arthritic joints. 

GENERATED HEAT 

Electricity passing through any substance will 
produce heat. The amount of heat that will be gen- 
erated depends upon the resistance of the sub- 
stance and the density of the current’s flow. Heat 
is generated at the electron level by the friction 


created through molecular motion. By increasing 
the motion of the molecules, more heat is gener- 
ated. Molecules in living organisms are in con- 
stant motion, increasing or decreasing their rate 
of acceleration according to the environmental 
temperature. In order for heat to have any effect 
on the body, enough Qi has to be transferred to 
increase the movement of the molecules. 

The heat within the body causes increased 
electron movement, resulting in more heat being 
generated on a cellular level. Heat is also caused 
by cellular metabolism. The body’s metabolism 
produces 75% of the energy being created in the 
form of heat. Cellular activity is increased through 
electrical, magnetic, heat, sound, and light stimu- 
lation. 

From a Medical Qigong perspective, Heat in 
the body is generated from the accumulation of 
Three Fires which emanate from specific locations 
within the body. Within the body’s chest cavity is 
the Heart Fire, located within the abdominal cav- 
ity is the Kidney Fire, and all through the body 
flows the Bladder Fire. When the Heart Fire first 
awakes, the Kidney Fire responds to it, and when 
the Kidneys Fire moves the Bladder Fire follows 
it. 

When these Three Fires follow their normal 
course of energetic movement, they issue and lead 
the body’s life-force energy, creating and sustain- 
ing life. The Three Fires are responsible for regu- 
lating the Yin and Yang energy of the body by fus- 
ing the Five Elemental energies (stored within the 
body’s Wood, Fire, Earth, Metal, and Water or- 
gans) with the energy of the Three Dantians. As 
the Shen from the Heart Fire is drawn into the 
Lower Dantian, the Bladder Fire fuses with the 
Kidney Fire, creating the body’s True Fire. This 
action causes the body's Jing to create Qi in the 
Lower Dantian and then transform Qi into Shen 
in the Middle Dantian. Once this fusion is ob- 
tained, the mind, breath and body connections all 
become regulated. 

The Three Fires also represent the regions of 
vital Heat responsible for the circulation of energy 
that sustains the Eternal Soul. Accessing the en- 
ergy of the three Fires is used for cultivation and 
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spiritual liberation, and is brought about through 
Qigong practice, prayer and meditation. 

1. The Heart Fire, also called the Commanding 
or Emperor's Fire, is located in the center of 
the chest. The Heart Fire is responsible for 
transforming the body’s energy into Shen. 

2. The Kidney Fire or Mingmen Fire, is located 
in the back of the body, just below the last 
floating rib. Qigong masters in ancient times 
regarded the Mingmen Fire as the motivat- 
ing force of the body and paid special atten- 
tion to its training during Qigong exercises. 
A Deficiency of the Mingmen Fire may lead 
to decreased sex-drive, hypogonadism and 
impotency. Conversely, if the Mingmen Fire 
is in Excess, increased sex-drive or sexual ob- 
session and hypergonadism will occur. 

Dr. Zhao Xianke, an expert on medicine 
during the Ming Dynasty period, states that 
“the Mingmen Fire dominates all Twelve Pri- 
mary Channels. Without it the Kidneys would 
be weak, the Spleen and Stomach could not di- 
gest food, the Liver and Gall Bladder would 
not give any energy to think or plan, the urine 
and feces would not be moved, and the Heart 
would malfunction causing dizziness and en- 
dangering life.” 

3. The Bladder Fire, also called the Common 
People’s Fire, is located in the lower abdomi- 
nal area by the perineum and is responsible 
for evaporating water. 

The Three Fires are not the Triple Burners, as 
the purpose of the Triple Burners is to regulate 
the major internal organs and is a completely dif- 
ferent energy system. The physical locations of the 
Three Fires however, coincides with the locations 
of the Triple Burners. 

HEAT TMERAPY THROUGH EMITTED QI 

Stimulating the body’s tissues through Heat 
therapy is extremely effective for treating Deficient 
and Cold syndromes. In China, Qigong doctors 
use the extension of Heat through their emitted 
field of electromagnetic energy to stimulate their 
patients’ tissues. This therapy helps to regulate 
the flow of the patients’ channel energy, and 
tonifies the Blood and Qi. 
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Heat therapy is also used in the form of 
moxibustation as a companion to acupuncture 
therapy. Acupuncturists will use moxa sticks and / 
or cones, lighting and placing them on or over 
various channel points of the patients’ body. This 
is practiced to induce Qi flow and tissue stimula- 
tion. 

WESTERN HEAT THERAPY 

Radiant and conductive heat therapy are cur- 
rently being used in Western medicine for vasodi- 
lation and pain relief. These heat therapies can fur- 
ther be broken down and categorized into dry- 
heat therapy and moist heat therapy. 

Dry-heat therapies include the following: 

¢ Dry packs 

* Hot-water bottles 

* Heliotherapy-sun therapy 
* Ultraviolet-heat therapy 

¢ Infrared-heat therapy 

¢ Diathermy therapy 

Moist-heat therapies (hydrocolators) include 

the following: 
¢ Hot bath packs 
* Hot wet packs 
¢ Hot foot baths 
¢ Fomentations 
¢ Poultices 
¢ Vapor and paraffin baths 


ELECTRICITY 

A flow of electrons is called a current. Just as 
a current produces a magnetic field, a magnetic 
field, when it moves in relation to a conductor, 
induces an electrical current. In Medical Qigong 
therapy, the body’s channels are also considered 
electrical circuits, and the points existing within 
each channel can be considered booster amplifi- 
ers (or step-up transformers) that maintain the cur- 
rent’s strength. According to Dr. Robert O. Becker, 
research scientist and author of the book Cross Cur- 
rents, acupuncture needles have the capacity to 
act as antennae, drawing charged particles (ions) 
from the atmosphere into the body. The acupunc- 
ture needle delivers a low-level electrical stimu- 
lation to the channel points and can be used to 
charge up, or decrease the energetic potential of 
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these “step-up transformers,” affecting the current 
along the channel. 
The human body is an excellent conductor of 


electricity and contains both alternating and di- 


rect electrical currents. The alternating current is 
responsible for the transformation of the body’s 
magnetic field into the body’s electrical field. The 
direct current is responsible for the body’s posi- 
tive Yang and negative Yin flow of electrical 
charges. 

The friction produced by rubbing the feet on 
a carpet creates a charge that is stored within the 
body until touching another conductor (metal, 
another person, etc.) to release the charge. This 
normal and common occurrence demonstrates the 
storage, conductance, and discharging of electrons 
from the body. Any time electrons travel, heat, or 
thermal radiation is produced. 

According to Swedish Physician and medical 
research scientist Dr. Bjorn Nordenstrom, the bio- 
logical circuits of the body are driven by the accu- 
mulated charges, which, unlike a battery, oscillate 
between positive and negative. The body's sys- 
tem of channels and blood vessels act as insulated 
cables, while the blood plasma acts as the con- 
ductor. In the permeable tissue, the fluid between 
the cells conducts ions. A key component of the 
body’s electrical circuit is the natural electrodes 
in the capillary walls, known as the lipid bilayers 
of the electron transport chain. 

A myriad of electrical forces work within the 
body. Every human thought and action is accom- 
panied by the conduction of electrical signals 
along the fibers of the nervous system. In fact, life 
would not exist at all without a constant flow of 
ions across the membranes of cells. 

The electromagnetic energy in the body’s cells 
is continuously being generated through the bio- 
chemical transformation of food, and air, and is 
circulated by the electromagnetic fields being gen- 
erated within the tissues. Perineural cells, or nerve 
sheaths, carry the direct current of the body's elec- 
tricity. These cells are responsible for motivating 
the body to heal, regenerate, and repair itself. 
Healing is always affected by a change within the 
body's electromagnetic field. The rate and effi- 


ciency of healing is based on the strength and po- 
larity of the body's field of energy. This elec- 
tricity is one of the primary energy sources respon- 
sible for maintaining life itself. 

Dr. Becker’s research demonstrates that bones 
are “piezoelectric”: when stressed, mechanical en- 
ergy is converted into electrical energy that pro- 
duces an increased electrical current. Dr. Becker 
discovered that running a minute electrical cur- 
rent through a fractured bone will stimulate the 
reproduction of the cells, creating a healing cur- 
rent similar to the body's natural healing mecha- 
nism. 

According to Richard Lee of China 
Healthways Institute, electrostatic waves are ob- 
served in the body through EEGs (electro-en- 
cephalograms) and EMGs (electro-myograms). 
Different types of therapies affect the EEGs (sound 
therapy, meditation therapy, self-regulation 
Qigong therapy, light therapy, etc.). By control- 
ling their thoughts, Qigong doctors can affect the 
current in their body and thus affect the EEG mea- 
surements. These thought patterns will in tum 
influence the Qigong doctors’ electrical field. Ex- 
periments show that EEG measurements in test 
subjects receiving energy from healers tend to syr-- 
chronize. Qigong doctors, when treating patients, 
can produce voltages as high as 190 volts, 100,000 
times greater than regular EEG voltages. 

The body’s natural ability to gather, store, and 
move Qi increases the body’s abilities to gather, 
store, and move electrical charges. The gathering 
of these electrical charges can cause a gradual elec- 
tric buildup within the tissues and internal organs, 
developing into an Excess Qi condition within the 
body. Excess Qi conditions often manifest mood 
swings and are responsible for the energetic cir- 
cuit overloads that occur spontaneously within the 
body. Excess Qi manifests as a sudden “explosion” 
or “release” of emotions such as rage, fear, grief, 
worry, fright, anxiety, and joy. An excess electro- 
magnetic charge, internally combined with the Qi 
from a patient's on-going emotions can be drawn 
into an organ’s tissue area and absorbed by the 
internal organ that is in the most elevated state of 
energy conversion. This energetic reaction can 
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cause the already overcharged internal organ to 
spontaneously release emotions. Sometimes the 
release is physiological, e.g., sudden sweating, 
blushing, twitching or jerking, yawning, stretch- 
ing, sighing, burping, passing gas, etc. These can 
all be ways that the organ seeks to regain hemo- 
Stasis. 


ELECTRICAL THERAPY THROUGH EMITTED QI! 
The idea that an electric current can stimu- 
late bodily repair, alert defence mechanisms, and 
control the growth and function of cells is not a 
new concept in Western medicine. In fact, the use 
of bio-electromagnetism dates back at least 200 
years. Electrotherapy is found to be very useful 
in relieving pain by signaling the brain to activa- 
te and alter the body’s neurochemicals. The in- 
sertion of electrically stimulating needles into a 
patient's body, for example, causes a release of en- 
dorphins, and is used for pain management. 
Medical Qigong, acupuncture, and Chinese 
massage likewise, stimulate the peripheral and 
cutaneous nerves that carry sensory information, 
via the spinal cord, to the brain. This stimulation 
of the cutaneous nerves activates the brain’s opi- 
ates (endorphins - endogenously generated mor- 
phine) and facilitates the closure of the body’s pain 
relay gates, killing pain, and is the basis for anes- 
thesia. Because medical Qigong therapy also has 
an analgesic affect on the body’s cutaneous tis- 
sues, it is being increasingly used in hospitals for 
pre- and postoperative procedures. 
WESTERN ELECTROTHERAPY 
Electrotherapy is currently being used in 
Western medicine through the following modali- 
ties: 
¢ Giga-TENS therapy for stimulation of heal- 
ing, 
¢ TENS therapy for pain relief, 
¢ CES-cranial electro-stimulation therapy-for 
depression and substance abuse, etc., and 
* Micro-stimulation therapy for micro-current 
stimulation below the threshold of awareness, 
to stimulate nonspecific healing, the reduc- 
tion of inflammation and the harmonization 
of tissue polarity. 
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CHAPTER 5 


THE THREE DANTIANS AND THE TALJI POLE 


THE THREE DANTIANS 

According to Chinese energetic physiology, 
humans have three important energy centers, lo- 
cated in the center core of the body, that store col- 
lected energy in much the same way as a battery 
does. These three centers are called the Three 
Dantians (Figure 5.1). The word Dan literally 
translates to mean “cinnabar,” while the word tian 
means “field.” In terms of Medical Qigong tian is 
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Figure 5.1. The Anatomical Locations of the Three 
Dantians and Center Core (Taiji Pole) 


referred to as a field of energy. Together, the char- 
acters for Dantian literally translates as “cinna- 
bar field” or “field of elixir.” 

Cinnabar is mercury sulfide, a bright red or 
vermillion mineral, which is the principal ore of 
mercury. Cinnabar was an important mineral in 
ancient China, the source material needed to 
manufacture vermillion ink, which could be used 
only by the emperors. Cinnabar was -- and is to- 
day -- also used in Chinese medicine to sedate the 
Heart and calm the Shen, but always in small 
doses for short periods due to its highly toxic na- 
ture. 

Cinnabar was also a vital elixir in Daoist al- 
chemy, as it was discovered to be very balanced 
in its Yin and Yang properties. Daoist alchemy, like 
Western alchemy, was practiced in two ways: 
outer alchemy (Wai Dan) and inner alchemy (Nei 
Dan). Outer alchemy was the ancestor of modern 
chemistry. Outer alchemists set up laboratories 
and experimented with many substances from 
mineral, animal, and plant sources with the goal 
of discovering how to turn base metals into gold. 
Secretly, they were also seeking to discover an 
elixir, or drug, that would confer immortality or, 
at the least, greater longevity. Along the way they 
made many important discoveries, such as gun- 
powder, medicines, and many other substances 
vital to the world today. 

Inner alchemy was concerned with purifying 
human nature and transforming the spirit into its 
most pure and radiant potential without the use 
of outer agents. Instead, they used Qigong and 
meditation to circulate and gather the “inner elix- 
irs” of sexual energy, Qi, and consciousness at vari- 
ous locations within the body. The Three Dantians, 
or “elixir fields,” in addition to storing energy, act 
like an alchemist’s crucible, or cauldrons in the 
role of gathering and transforming vital sub- 
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stances, energies, and various elements of aware- 
ness. The ingredients of the inner elixir are Jing, 
Qi, and Shen. The inner alchemists kept their work 
secret by using mineral code words such as 
“gold,” “lead,” and “cinnabar” to describe the 
movement and transformation of energetic and 
spiritual substances within the body. 

The goal of the inner alchemists is immortal- 
ity, a complete transformation of Jing, Qi, and 
Shen. Jing, Qi, and Shen are collectively called the 
Three Treasures and are the three fundamental 
energies necessary for human life. To accomplish 
this transformation, alchemists first gather and 
transform Jing into Qi in the Lower Dantian. They 
then gather and transform Qi into Shen in the 
Middle Dantian. Next, they transform Shen into 
Wuji (the absolute openness of infinite space) in 
the Upper Dantian. Finally, they merge Wuji into 
Dao (divine energy). The Three Dantians serve as 
the inner crucibles for these transformations. 

These transformations can be compared to the 
changes of water (the consistencies and not the 
temperature), which when heated, can change 
from solid ice, to a liquid, and then to vapor. 

The Three Treasures (Jing, Qi, and Shen) are 
also connected with the Three Outer Forces or 
Powers known as Heaven, Earth, and Man. Jing 
{reproductive essence) is the most substantial and 
therefore the most Yin of the three, and it is closely 
linked with Earth Qi. In Medical Qigong practice 
and Daoist inner alchemy, the Earth energy is 
gathered in the Lower Dantian and is associated 
with heat. Qi is a mixture of Yin and Yang and is 
closely connected with the atmospheric energy, 
which is a blend of Heaven and Earth Qi and gath- 
ered into the Middle Dantian, (which is associ- 
ated with vibration). Shen (Spirit) is the most in- 
substantial and, therefore, the most Yang of the 
three; it corresponds with Heaven Qi, and is gath- 
ered in the Upper Dantian which is associated 
with light. 

The Three Dantians are connected to each 
other through the Taiji Pole. The Taiji Pole acts as 
a passageway for communication between the 
Three Dantians, and as a highway for the move- 
ment of the various life-force energies. The Eter- 


nal Soul is drawn into the body at the moment of 
conception through the Taiji Pole, and departs 
through it at death. The Taiji Pole also serves as a 
transport for the body’s Hun. 

Regardless of whether or not a modern 
Qigong practitioner is concerned with spiritual 
transformation, from a Medical Qigong stand- 
point the Three Dantians are still vital centers for 
the cultivation of energy. They are important ar- 
eas for diagnosis and self-healing, as well as for 
projecting Qi to patients. 

The following is an exploration of the Three 
Dantians and their individual relationships to the 
Three Treasures of Jing, Qi, and Shen. 


THE LOWER FIELD OF ELIXIR 

The Lower Dantian is the Dantian most fa- 
miliar to martial artists and Zen meditators. It is 
regarded as the center of physical strength and 
the source of stamina. Called the “Hara” in Japa- 
nese, it is located in the lower abdomen, in the 
center of the triangle formed by drawing a line 
between the navel, Mingmen (lower back), and 
perineum. These three points form a pyramid fac- 
ing downward. This configuration allows the 
Lower Dantian to gather the energy from the 
Earth. 

The Lower Dantian is the major storage area 
for the various types of Kidney energies. The Kid- 
ney energies are, in turn, closely linked with our 
prenatal energies and provide the foundation for 
all other types of Jing, Qi, Yin, and Yang energies 
in the body. 

The Lower Dantian is connected to the first 
level of Wei Qi (Protective Qi) circulating outside 
the body, extending from the body’s tissues to 
about one inch. As the Lower Dantian fills with 
Qi, the Wei Qi field naturally becomes thicker. 


THE LOWER DANTIAN AND JING 

The Lower Dantian collects Earth energy and 
represents the body’s physical energy of Jing. The 
Earth energy that is transformed in the Lower 
Dantian is a dense, full energy with a thick qual- 
ity to its texture. In our analogy with the transfor- 
mations of water, the energy in the Lower Dan- 
tian is dense, like ice. 


The Lower Dantian is closely linked to the Jing 
Gong (Essence Palace) located in the perineum, 
which serves as a reservoir of Jing. Our Prenatal 
Essence (Yuan Jing), determines our constitutional 
strengths and vitality, and is stored in the Lower 
Dantian. It interacts with the Kidney energies to 
form Kidney Jing. The Kidney energies are all 
closely intertwined: Kidney Jing, Kidney Qi, Kid- 
ney Yin, Kidney Yang, and Kidney Fire. The 
Mingmen Fire, also called Kidney Yang, helps 
transform the Jing into steam (Kidney Qi). 

Kidney Jing circulates throughout the body 
via the Eight Extraordinary Vessels, in particular, 
the Governing, Conception, and Thrusting Ves- 
sels, all of which originate in the Lower Dantian. 

Kidney Jing controls the reproductive ener- 
gies and life cycles in the body. Some of the an- 
cient alchemical texts describe the Lower Dantian 
in women as being located in the Bao or uterus, 
and it is related to the function of Jing in a 
woman’s body. In men, the reproductive essence 
is located in the Jing Gong (Essence Palace) or 
prostate and seminal vesicles. In some Chinese 
medical, Daoist, and Qigong literature, the term 
Kidneys is used as a synonym for the testes and 
ovaries. 

The location of the Jing Gong is affected by 
the different anatomical locations of the male and 
female reproductive organs. In men, this area is 
located in the center of the body, at the level of 
the superior border of the pubic bone, posterior 
to the Qugu CV-2 (Crooked Bone) point. The Jing 
Gong area in women is located higher, centered 
in the uterus, about an inch above the superior 
border of the pubic bone, posterior to the Zhongji 
CV-3 (Utmost Center) point. 

This difference in location, in turn, affects the 
storage of Jing (i.e., the testicles in the male cause 
the transformation of energy to occur lower in the 
body than in females, due to the higher position 
of the woman’s ovaries). 

Jing is the most physical, material form of Qi 
within the body (corresponding to Yin and Earth 
energy). The Lower Dantian is the place where Qi 
of the Earth is drawn into the body and trans- 
formed by heat. 
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The Lower Dantian acts as a reservoir for heat 
and energy and is associated with the Kidneys. 
The Kidneys control the Water element in the 
body. Jing is said to be like the water in the caul- 
dron. Through focused concentration and medi- 
tation, the Jing (Essence) in the Lower Dantian is 
refined and transformed to produce Qi (Energy). 
When heat is generated as a result of the Heart 
and Mingmen Fire mixing with the Kidney Wa- 
ter, the alchemical transformation of Jing in the 
Lower Dantian area transforms Jing into the steam 
of Qi (the character for Qi is composed of steam 
rising from a cooking pot). This alchemical trans- 
formation is known as “changing Jing into Qi,” 
and takes place within the Lower Dantian. 

THE LOWER DANTIAN AND QI 

The Lower Dantian is often called The Sea of 
Qi. It is the place where Qi is housed, the body’s 
Mingmen Fire is aroused, the Kidney Yin and Yang 
Qi is gathered, and the Yuan Qi is stored. Also 
called Source Qi, the Yuan Qi is the foundation of 
all the other types of Qi in the body. The Yuan Qi 
is closely linked with the Prenatal Essence (Yuan 
Jing). Together, the Yuan Qi and Yuan Jing deter- 
mine our overall health, vitality, stamina, and life 
span. 

The Yuan Qi is the force behind the activity of 
all of the organs and energies in the body. It is 
closely related to the Mingmen and works to pro- 
vide body heat. The body’s Yuan Qi is the cata- 
lytic agent for transforming the food we eat and 
the air we breath into Postnatal Qi. It also facili- 
tates the production of Blood. 

Yuan Qi is housed in the Lower Dantian, and 
it also flows out to the internal organs and chan- 
nels through the Triple Burners. Yuan Qi is said 
to enter the Twelve Primary Channels (the body’s 
twelve major energy pathways) through the Yuan 
points (sometimes called Source points) in acu- 
puncture theory. 

Of the Three Dantians, the Lower Dantian is 
closest to the Earth, is the most Yin, and has the 
strongest ability for gathering Earth Qi. In Medi- 
cal Qigong, once students have learned to con- 
serve and circulate their own Qi, they can increase 
it by connecting to the unlimited reservoirs of Qi 
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in the natural environment. Earth energy is the 
first form of external Qi with which the Qigong 
practitioner connects. This energetic connection 
to the Earth is important for several reasons. 

1, First, Qigong practitioners need the Yin 
grounding power of the Earth Qi to counter- 
balance the gathered active Yang energy from 
Qigong exercises. Without grounding in Earth 
Qi, many Qigong practitioners develop Qi 
deviations in the form of Excess Heat. 

2. Second, each person's supply of Qi is limited. 
When Qigong doctors extend their Qi to heal 
others, they deplete their personal supply of 
Qi unless they are able to simultaneously re- 
plenish their supply from outside sources. 
Even people who do not practice Medical 

Qigong draw Earth Qi into their Lower Dantians. 
By practicing Qigong and using conscious intent, 
the amount of Earth Qi drawn into the body is 
vastly increased. 


THE LOWER DANTIAN AND SHEN 

The Lower Dantian itself is considered a cen- 
ter of consciousness. The consciousness of the 
Lower Dantian is more kinesthetic or physical 
given its Yin nature and close proximity to the 
Earth. 

The body’s Jing is connected with the Po 
(Seven Corporeal Souls). The Po control our sur- 
vival instinct and the subconscious physical re- 
flexes associated with survival. For this reason, 
Oriental martial artists spend many hours culti- 
vating their lower elixir field to have the integra- 
tion of Jing, Qi, and Shen needed for the split-sec- 
ond clarity of focus demanded in life-and-death 
struggles. 

THE LOWER DANTIAN AND KINETIC 
COMMUNICATION 

Not only is the Lower Dantian the center of 
physical strength and the source of stamina, but 
it is also considered the “house” of physical (ki- 
netic) communication, awareness and feelings. 
The level of awareness referred to as “the intu- 
ition of the physical body,” or kinetic communi- 
cation, is stimulated by the subconscious. The sub- 
conscious mind picks up many signals from the 
environment that are not processed by the logical 


mind. These signals can motivate spontaneous 
body movements and responses and are some- 
times referred to as gut feelings. 

Kinetic means “characterized by movement.” 
It is usually felt as a movement in the body or of 
the body. It is in this kinetic state of awareness 
that allows Qigong doctors to naturally feel the 
patient's internal resonant vibrations within their 
own body. When the doctors’ body suddenly feels 
hot or cold, starts shaking or trembling, this may 
indicate that their subconscious mind is trying to 
communicate the location and condition of the 
diseased area within the patient's tissues. 

Most of the time, the feelings experienced in 
the Lower Dantian are very subtle, but Qigong 
doctors, with a heightened degree of awareness 
of their own body, are able to pick up subtle varia- 
tions of energetic shifts within themselves and oth- 
ers. When doctors collect energy in the Lower 
Dantian, an increased awareness and sensitivity 
naturally occurs. Cultivating this ability simply 
requires practice in paying attention to the physi- 
cal body. A high level of awareness of the physi- 
cal body, the surrounding environment, and the 
relationship between the two is required to maxi- 
mize kinetic communication. When awareness is 
increased, perceptual feeling and kinetic body 
movements happen naturally. These are subtle 
senses that allow Qigong doctors to feel, smell, or 
hear energetic phenomena as they are released 
from the diseased tissues of patients. 

According to research conducted by Dr. 
Michael Gershon, a professor of anatomy and cell 
biology at Columbia Presbyterian Medical Cen- 
ter in New York, the Lower Dantian sends and 
receives impulses, records experiences, and re- 
sponds to emotions. Its nerve cells are bathed in 
and influenced by the same neurotransmitters as 
the brain. The Lower Dantian’s “brain,” known 
as the enteric (intestinal) nervous system, mirrors 
the body’s central nervous system and is a net- 
work of 100 million neurons (more then the spi- 
nal cord contains), neurotransmitters, and proteins 
that can act independently of the body’s brain, and 
can send messages, learn, remember, and produce 
feelings. 


Dr. Gershon explains that active within the 
neural system of the lower abdominal area are 
major neurotransmitters like serotonin, dopam- 
ine, glutamate, norepinephrine, nitric oxide, en- 
kephalins (one type of natural opiate), and ben- 
zodiazepines (psychoactive chemicals that relieve 
anxiety). The lower abdomen also has two dozen 
small brain proteins called neuropeptides. Dr. 
Gershon’s research results provide modern scien- 
tific verification of what Eastern wisdom has 
taught for millennia — that centers of conscious- 
ness exist at places in the body besides the brain 
and that the abdomen is one of the body’s major 
centers of awareness. 

ANATOMICAL LOCATION OF THE LOWER 
DANTIAN 

The Lower Dantian is centered below the 
umbilicus, inside the lower abdomen, forming a 
downward pointing triangle. It occupies the first 
three lower Chakra gates, Chakras are small en- 
ergy centers that originate from the Taiji Pole and 
have one or more gates. 

1, The lowest point of the Lower Dantian ex- 
tends to the Huiyin CV-1 (Meeting of Yin) 
point at the perineum. The name refers to the 
area on the body responsible for gathering 
and absorbing the Earth energy. This area is 
responsible for gathering the Yin energy into 
the body and Lower Dantian area via the three 
Yin leg channels (Liver, Spleen, and Kidney). 
This area is sometimes known as the Lower 
Gate of the Taiji Pole, or the Bottom Gate of 
the Lower Chakra. 

2. The front area of the Lower Dantian is located 
posterior to the Shenque CV-8 (Spirit's Pal- 
ace) point at the navel. The name refers to the 
place where the mother’s Qi and Shen enter 
the embryo during fetal development. This 
area is sometimes known as the Front 
Dantian, or the Front Gate of the Second 
Chakra. 

3. The back area of the Lower Dantian is located 
at the Mingmen GV-4 (Gate of Life) point on 
the lower back, anterior to the second lumbar 
vertebra. The Mingmen occupies the place be- 
tween both Kidneys. It is the root of Yuan Qi, 
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and therefore determines life and death. The 

Mingmen provides the body’s True Fire; it 

supplies the heat for the Triple Burners, and 

is responsible for stabilizing the Kidneys and 

Lower Dantian area. This area is sometimes 

known as the Back Dantian, or the Back Gate 

of the Second Chakra. 

4, Medical Qigong schools in China differ in 
their belief as to where the center of the Lower 
Dantian is located. Some schools teach that 
the center of the Lower Dantian is affected by 
the different anatomical locations of the male 
and female reproductive organs. In these par- 
ticular schools, the students are taught that 
in men, the center of the Lower Dantian is lo- 
cated posterior to the Guanyuan CV-4 (Gate 
of Original Qi) point. The center of the 
Dantian area in a women is said to be located 
internally higher, and posterior to the Qihai 
CV-6 (Sea of Qi) point. This area is sometimes 
called the Middle of the Dantian, referring to 
its position between the navel and Mingmen 
areas. 

THE NINE CHAMBERS OF THE LOWER 
DANTIAN 

The human body is viewed as a microcosmic 
replica of the power of Heaven. Just as Heaven is 
said to be divided into nine different levels, each 
containing various palaces, our bodies also are 
said to containa large variety of palaces and cham- 
bers. The nine stars of the Big Dipper are said to 
correspond to the Nine Chambers of each of the 
Three Dantians. 

The functional aspects of the body’s psyche 
were described by ancient Oigong masters as 
“spirits” that lived within the nine chambers of 
the Lower Dantian. These “spirits” linked the 
body’s energetic channels and vital internal or- 
gans into an organic harmony of life-force energy. 
Qigong masters believed that as each Dantian 
became energized, it would initiate specific reac- 
tions within the body’s energetic system, causing 
certain energetic / spiritual awareness to manifest 
within the practitioner’s psyche. 

Each of the nine chambers is several inches in 
diameter and is numbered in accordance to its en- 


93 


SECTION 1: FOUNDATIONS OF ENERGETIC MEDICINE 


Spleen 


Kidney 





Mingmen 


Pubic 


Urinary 


Bladder Vagina 


Figure 5.24. The Nine Chambers of the Lower Dantian 
are shown here in the female body. Each number 
encompasses the entire chamber. 





ergetic stimulation (Figure 5.2 A-B). This vertical 
abdominal set of Lower Dantian chambers relates 
to many cavities of the body’s internal viscera. The 
Nine Chambers of the Lower Dantian are named 
as follows. 

1. The Palace of Jade (Jade Stem or Jade Cave) 

2. The Official Health Monitor (Kidneys) 

3. The Minister of the Orchard Terrace 

4, The Chamber of Moving Pearls 
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Figure 5.2B. The Nine Chambers of the Lower Dantian 
are shown here in the mate body. Each number 
encompasses the entire chamber. 


5, The Minister of House Cleaning (Large Intes- 

tine) 

6. The Palace of Mystical Spirits (Small Intestine) 

7. The Chamber of Mysterious Elixir 

8. The Spirit of the Jade Court (Bladder) 

9. The Spirit of the Yellow Court (Spleen) 
ENERGETIC Focus OF TRAINING THE LOWER 
DANTIAN 

All Qigong training begins with the focus on 


the Lower Dantian. In the beginning stages of Medi- 
cal Qigong training, the doctor will encourage stu- 
dents to focus their mind and breath on the Lower 
Dantian. The purpose of this training is to gather 
the body’s Yuan Qi into the Lower Dantian (called 
“retuming to the source”), to strengthen the foun- 
dational root for the body’s energy. 

It is dangerous for Medical Qigong students 
to bypass the discipline of Lower Dantian culti- 
vation training to progress more quickly to the 
more advanced intuitive and psychic training of 
the Upper Dantian. Such an approach to training 
may lead to Qi deviations (see Chapter 18) and 
cause emotional instability. 


THE MIDDLE FIELD OF ELIXIR 

The Heart is the primary organ related to the 
Middle Dantian; the second organ is the Lungs. 
In Medical Qigong, the thymus gland is also of 
primary importance to the Middle Dantian. 

In children, the thymus gland is quite large. 
As the child matures into adulthood, the thymus 
gland shrinks in size. Until recently, Western bi- 
ologists thought that the thymus gland became 
vestigial and inactive in adults. Beginning in the 
1980's, however, with the advent of the AIDS epi- 
demic and the increase in cancer cases, intensive 
new research was launched into the immune sys- 
tem. Asa result, scientists discovered that the thy- 
mus gland plays a major role in educating and 
maturing the white blood cells to become immu- 
nocompetent. This thymus function continues 
throughout one’s life. 

The Middle Dantian collects Qi and represents 
the body’s energetic reservoir for mental and 
emotional vibrations and energy. The energy of 
man that is transformed in the Middle Dantian 
has a fluid quality—like water. 

A refining process also takes place in the 
Middle Dantian, transforming the fluid energy 
into more steam-like energy that is then trans- 
ferred to the Upper Dantian. The Middle Dantian 
transforms Qi into Shen by bringing the trans- 
formed Qi into the Heart Fire. This alchemical 
process is commonly called “changing Qi into 
Shen” and refers to kinetic energy transforming 
into spiritual consciousness. 
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The Middle Dantian is connected to the sec- 
ond level of Wei Qi, circulating about one-and-a- 
half feet outside the body. As the Middle Dantian 
fills with Qi, the colors of the student's middle 
field of Wei Qi change, becoming even more pro- 
nounced. The reason for this change is that the 
Middle Dantian is connected to the Five Agents, 
which in turn govern the Five Yin Organs and 
organ emotions. As the students begin to experi- 
ence various stresses and emotional releases their 
aura (resonating from the internal organs, 
throughout the second energetic field) changes its 
colors. 

THE MIDDLE DANTIAN AND JING 

The Heart is related to the Fire element. The 
Heart derives its Yang Fire from the Kidneys. 
Modern research in Chinese medicine equates the 
function of the adrenal glands to the traditional 
function of Kidney Yang. In Western physiology, 
the adrenal glands help to regulate the pace of the 
heart. 

To keep the Heart Fire in balance, the Heart 
also needs Yin. Heart Yin is derived from Kidney 
Yin (Jing is one aspect of Kidney Yin). 

In traditional Chinese physiology, the Heart 
is said to govern the Blood. Not only is the Heart 
responsible for the circulation of Blood, but in the 
Chinese view, the transformation of Gu Qi into 
Blood takes place in the Heart. Food Qi (energy 
derived from the consumption and transforma- 
tion of food matter) is a form of postnatal Jing, 
derived from the Spleen and Stomach. Blood is 
composed of Nutritive Qi (Ying Qi), Jing and Flu- 
ids (see Chapter 22}. The Kidneys also send pre- 
natal Kidney Jing to the Heart to make Blood. 
Therefore, Jing - particularly postnatal Jing - is 
vital to the Heart's function of governing Blood. 
THE MIDDLE DANTIAN AND QI 

Similar to the Lower Dantian, the Middle 
Dantian is also considered to be a Sea of Qi. The Qi 
of the Middle Dantian is called Zong Qi. Zong Qi is 
translated as Ancestral Qi, Gathering Qi, Genetic 
Qi, or Essential Qi. In English translation, it is some- 
times confused with the Original Qi (Yuan Qi), but 
they are not the same. The Zong Qi is a form of 
postnatal Qi, whereas the Yuan Qi is housed in the 
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Lower Dantian and is a form of prenatal Qi. Zong 
Qi and the Yuan Qi assist each other to maintain 
the healthy function of the Heart and Lungs. 

The Zong Qi nourishes both the Heart and 
Lungs, controls the speech and the strength of the 
voice, and interacts with the Kidneys to aid in res- 
piration. According to Traditional Chinese Medi- 
cine, the Kidneys assist the Lungs in holding and 
stabilizing the breath when inhaling. 

Qi and Blood are closely related. In Chinese 
medicine, it is often said, “Qi is the master of 
Blood; Blood is the mother of Qi.” Qi gives the 
Heart and blood vessels the strength to circulate 
Blood and gives life to the Blood. Blood, on the 
other hand, houses and carries Qi to all the cells 
in the body. When one loses Blood, one also loses 
Qi. Therefore, one should consider Qi and Blood 
to be inseparable. 

Qi is also inseparable from the mind and 
spirit. According to the teachings of ancient Ti- 
betan Qigong masters, the channels are, meta- 
phorically speaking, the road, the Qi is the horse, 
and the mind is the rider. Through refining the 
Qi, the mind and spirit are refined and purified. 
The Middle Dantian is the main focal point for 
this refinement of Qi into spirit. 

THE MIDDLE DANTIAN AND SHEN 

Classically, the Chinese locate the Mind in the 
Heart. In Chinese, the word for “mind” (Xin) is 
also the Chinese word for Heart. In Medical 
Qigong, a distinction is made between the Ac- 
quired Mind (Ren Xin) and the Original Mind 
(Yuan Xin). 

The Middle Dantian is said to house the Shen 
and control all of the other functions of Shen that 
are attributed to the other Yin organs. Thus the 
Heart is often referred to as the Heavenly Emperor. 

Throughout the world, people relate the heart 
to emotions and feelings. Emotions and feelings 
are one important aspect of the spirit. Any type of 
emotion will have an effect on the Shen. 

The negative emotions are sometimes called 
“the five thieves” because even though negative 
emotions are necessary for life, chronic states of 
negative emotions drain the Qi. 

The human mind easily falls under the influ- 


ence of the Po (the Seven Corporeal Soul), that 
are concerned with survival. When the Po domi- 
nate the Heart, their overexaggerated self-concern 
gives rise to a chronic state of fear, sadness, worry, 
anger, and defensive arrogance. 

The redeeming virtue of the Heart is a sense 
of propriety and discriminating awareness. The 
Hun (the Three Ethereal Souls) control the smooth 
flow of Qi throughout the body and are nourished 
by the Five Virtues of kindness, order, trust, in- 
tegrity, and wisdom. These Five Virtues give peace 
and clarity to the Heart and allow the higher quali- 
ties of the Yuan Shen to overrule the Po. 

An important relationship regarding the 
Middle Dantian and Shen is found in the Heart's 
role of governing the Blood. The ancient classics 
state that the Shen also resides in the Blood and 
pervades the body through Blood circulation. This 
relationship between Blood and Shen is one rea- 
son why anemic patients are often restless and 
suffer from insomnia. Through nourishing the 
Heart Blood, many forms of spiritual unrest can 
be treated. 

According to Dr. Candace Pert’s information 
onneurotransmitters (stated in Psychoneuro Immu- 
nology), the brain and white blood cells both con- 
tain the same neurotransmitters and biochemical 
constitutes that are prerequisite for consciousness 
awareness to exist. These same neurotransmitters 
and biochemical constitutes which are linked to 
consciousness are synthesized and created by the 
white blood cells. This similarity indicates that not 
only do the brain and abdomen have their own 
consciousness and nervous system but so does the 
Blood. This similarity also implies that conscious- 
ness is possible anywhere in the body, substanti- 
ating the ancient Chinese understanding that con- 
sciousness is pervasive throughout the body via 
the Shen, which resides in the Blood. 

THE MIDDLE DANTIAN AND EMPATHIC 
COMMUNICATION 

The Middle Dantian is also considered the 
“house” of emotional (empathic) communication, 
awareness, and feelings. Emotional communica- 
tion is analogous to the feelings of empathy felt 
within the Heart. Empathy is the means by which 


the Qigong doctor will most frequently get in 
touch with the emotional components of the 
patient’s energetic blocks and imbalances. 

Empathic communication is felt as an emo- 
tion and originates in the Heart and Middle Dan- 
tian area. When Qigong doctors focus on the 
Middle Dantian area, a line of communication is 
created with their higher self. We are all born with 
this ability, but as we grow older, we tend to over- 
ride this type of emotional communication with 
our logical mind. These impressions slowly atro- 
phy, eventually causing us to lose this natural em- 
pathic ability of communication. We disconnect 
from this higher perception due to the negative 
and double messages received from our parents 
and from society. The way to reconnect with the 
intuitive self is to look inward and become one 
with our true self, which is connected to the di- 
vine. 
ANATOMICAL LOCATION OF THE MIDDLE 
DANTIAN 

The Middle Dantian is shaped like a tetrahe- 
dron (four points): one area points toward the Up- 
per Dantian and the Heavens, one area points to- 
ward the Lower Dantian and the Earth, one area 
points toward the front, and one area points to 
the back . 

1. The front lower point of the Middle Dantian 
is located at the Zhongwan CV-12 (Middle 
Stomach Cavity) point on the midline of the 
abdomen, just below the sternum. This area 
is the master point of the Middle Burner and 
is sometimes known as the Front Gate of the 
Third Chakra. 

This emotional storage area is also called 
the Yellow Court because it reflects the emo- 
tions stored from the Heart, (the Heart was 
sometimes referred to as Suspended Gold in 
ancient China). 

The back lower point of the Middle Dan- 
tian is located on the Jinzhong GV-6 (Middle 
of the Spine) point. The name refers to the 
point’s location. This area is sometimes 
known as the Back Gate of the Third Chakra. 

2. The front center point of the Middle Dantian 
is located at the Shanzhong CV-17 (Central 
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Altar) point, on the middle of the sternum at 
the level of the fourth intercostal space. The 
name refers to the “place of worship” where 
the Shen resides. This area is sometimes 
known as the Front Gate of the Fourth Chakra. 
The back center point is located two inches 
up from the shoulder blades, at the Shendao 
GV-11 (Spirit Path) point located at the hol- 
low between the fifth and sixth thoracic ver- 
tebrae. The name refers to the easy accessibil- 
ity into the patient’s Shen residence (within 
the Heart) through this particular area on the 
back. This area is sometimes known as the 
Back Gate of the Fourth Chakra. 
3. The upper front point of the Middle Dantian 
is located at the Tiantu CV-22 (Heaven's 
Chimney) point, at the throat. The name re- 
fers to the visceral cavity area at the base of 
the throat responsible for “pooling” escaped 
Heaven Qi from the Lungs. This area is some- 
times known as the Front Gate of the Fifth 
Chakra. 
The upper back point is located on the 
Dazhui GV-14 (Big Vertebra) point on the 
back. The name refers to the point’s location 
below the seventh cervical vertebra and above 
the first thoracic vertebra. This area is some- 
times known as the Back Gate of the Fifth 
Chakra. 
4. The center of this Middle Dantian area is lo- 
cated in the right atrium of the heart, centered 
between the SA (sinoatrial) and the AV (atrio- 
ventricular) nodes. The center of the Heart is 
considered the seat of all emotions. 
THE NINE CHAMBERS OF THE MiDDLE 
DANTIAN 

The Middle Dantian regulates the body’s 
Heart—Mind connection. The Heart-Mind con- 
nection includes both the all pervasive conscious- 
ness of the entire body and the Shen. It distrib- 
utes the flow of Yuan Qi into the Yin and Yang 
aspects of the body’s mental and emotional func- 
tions. These functions within the psyche are con- 
trolled by the interaction of the body’s Wu Jing- 
Shen or Five Essence Spirits (Hun, Po, Zhi, Yi, and 
Shen). The energy of the Middle Dantian is also 
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Figure 5.3. The Nine Chambers of the Middle Dantian 
are identical for men and women. Each number 
encompasses the entire chamber. 


associated with the Spleen and Stomach energies. 
The vertical thoracic set of nine chambers (Figure 
5.3), located within the Middle Dantian, originate 
around the auricles and ventricles of the heart (es- 
pecially the pericardial and pleural cavities). The 
Nine Chambers of the Middle Dantian are named 
as follows. 
. The Chamber of Mysterious Elixir 
. The Lower Court of the Heart 
The Chamber of the Ultimate 
. The Chamber of Splendor 
The Heaven's Cover 
. The Twelve Storied Chamber 
. The Chamber of Government 
. The Purple Chamber 
. The Heaven’s Chimney 
ENERGETIC Focus OF TRAINING THE MiDDLE 
DANTIAN 

In Medical Qigong training the doctors en- 
courage their students to focus their mind and 
breath on the Middle Dantian to regulate the 
Heart. Techniques are used for treating Deficient 
conditions by drawing Qi into the Heart and 
Middle Dantian area, then regulating the body’s 
energetic fields. For treating Excess conditions, the 
students are encouraged to lead and purge the Ex- 
cess Qi from the Heart and Middle Dantian area 
through the body’s extremities. The purpose of 
this training is to release the toxic Excess Qi gath- 
ered in the patient’s Heart and Yellow Court ar- 
eas. These areas of Excess tend to cause disease. 


WCONATERWNe 


THE UPPER FIELD OF ELIXIR 

The Upper Dantian is the collector of Heaven 
Qi and represents the spiritual aspect of man and 
his connection to the divine. The Heaven energy 
that is transformed in the Upper Dantian is of a 
thinner more ethereal quality—like vapor. 

The Upper Dantian is connected to the third 
level of Wei Qi, circulating several feet outside the 
body. As the Upper Dantian fills with Qi, the spiri- 
tual intuition and psychic perception of the indi- 
vidual increases. 

In Chinese physiology, the brain controls 
memory, concentration, sight, hearing, touch, and 
smell. These senses stay in close communication 
with the Heart and Shen. 


THE UPPER DANTIAN AND JING 

The Jing and Qi form the material foundation 
for the Shen. In Chinese, the term Jing-Shen means 
mind or consciousness. Jing-Shen may also mean 
vigor, vitality, or drive. In China both Western and 
Chinese doctors use the term Jing-Shen Bing to 
refer to all types of mental illness. The term Shen 
is rarely used by itself in a medical context with- 
out the concept being connected to the close rela- 
tionship between the power of the mind and spirit. 

The term Wu Jing Shen is used in Medical 
Qigong to describe the body's Five Essence Spir- 
its (Hun, Po, Zhi, Yi and Shen). These five spirits 
combine the energetic essence of the Five Yin Or- 
gans in order to create the body’s innate spiritual 
consciousness. 

The Jing itself is considered the basis for, and 
ruler of Marrow (a substance derived from the 
Kidneys that nourishes the brain, spinal cord and 
forms bone marrow). The brain, is one of the six 
Extraordinary Organs and is called The Sea of 
Marrow, and is considered to be a form of Mar- 
row. The six Extraordinary Organs are hollow 
Yang organs that store Yin Jing. Deficiency of Jing 
may lead to poor concentration, poor memory, 
dizziness, and absentmindedness. Deficiency of 
Prenatal Jing is related to mental retardation and 
attention deficit disorder (ADD) in children. 

In some styles of Qigong, the Jing is inten- 
tionally conserved and its energy is drawn up- 
wards from the Lower Dantian through the spine 
to nourish the brain. Such nourishment benefits 
the mind and spiritual consciousness. 


THE UPPER DANTIAN AND QI 

The head is the most Yang part of the body 
since it is the closest part of the body to Heaven. 
The Qi that operates in the Upper Dantian is, 
therefore, Yang in nature. The Spleen and Kidneys 
send the Clear Yang Qi (pure, light, and insub- 
stantial) upwards to the brain to facilitate mental 
clarity and activity. 

The Upper Dantian is also the place where we 
connect with the Yang Qi of Heaven. Qigong prac- 
titioners consciously absorb Heavenly Qi through 
the upper doorway, Baihui GV-20. The Heaven Qi 
is composed of the Qi from the celestial bodies: 
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the sun, moon, planets, and stars. 

The Upper Dantian is located in the center of 
the brain, in an area that encompasses the pineal, 
pituitary, thalamus, and hypothalamus glands. 
The pineal gland and hypothalamus have been 
shown to be extremely sensitive to the influence 
of light. In his book, The Body Electric, Dr. Robert 
Becker cites experiments with bees and several 
species of birds that indicated that these animals 
navigate by the light of the sun. Birds have dis- 
proportionately large pineal glands. He also dis- 
covered that birds seem to have a backup system 
of navigation based upon a sensitivity to the elec- 
tromagnetic fields of the earth. 

There are three forms of Qi to which the brain 
responds and interacts: light, electricity, and mag- 
netism. These particular forms of energy stimu- 
late the pineal, pituitary, thalamus, and hypothala- 
mus glands, affecting and influencing the emo- 
tional responses. 

THE UPPER DANTIAN AND SHEN 

We have already discussed the relationship 
of the Jing and the Shen with the Upper Dantian. 
Of particular interest to the alchemists is the open- 
ing of the center of the Upper Dantian, called the 
Crystal Room, where psychic perceptions and in- 
tuitive knowing take place. Higher communica- 
tions, a sense of great bliss, and perceptions that 
transcend the seeming bonds of time and space 
are associated with the Upper Dantian. These ex- 
periences are particularly valuable to Qigong doc- 
tors, who use these heightened perceptions to di- 
agnose illness. Their efficacy is well documented 
in the works of such authors as C. Norman Shealy 
and Caroline Myss, who use the term “medical 
intuitive” to describe this paranormal ability. 

The Upper Dantian is also the place where the 
Eternal Soul connects with the Wuji, and with the 
Dao. The awareness associated with this union is 
beyond description, as its unity supersedes the 
differentiation inherent in conceptual thought. 

Although the Upper Dantian is responsible 
for intuitive and psychic perceptions, the com- 
bined energetic properties of all three Dantians 
establishes the foundation for all psychic percep- 
tions. The steam-like quality of the energy with 
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the Upper Dantian fuses within the light now ex- 
isting in this center. As this energy disperses, it 
travels out into the Wuji, returning back to the di- 
vine. This interaction is also responsible for what 
the Chinese call “receiving the message,” which 
describes the ability of connecting with the pa- 
tients’ subtle energy field to acquire the hidden 
knowledge stored within the patients’ tissues. 

While ina state of tranquillity and inner peace, 
the Qigong doctors’ Upper Dantian will also in- 
tuitively process information from the environ- 
ment and universe. This intuitive knowledge pro- 
vides Qigong doctors with a greater ability to ex- 
plore both their own consciousness and the pa- 
tients’. The ancients called this ability “knowing 
without knowing.” 

THE UPPER DANTIAN AND INTUITIVE 
COMMUNICATION 

As the Shen is developed and the Upper Dan- 
tian is opened, spiritual communications may re- 
veal themselves in a flash of an image or a vision 
in the mind’s eye. These images and visions are 
sometimes very abstract and short lived. Interpret- 
ing images takes practice because the images 
streaming from the Yuan Shen cannot be inter- 
preted easily by the logical mind. 

The Qigong doctors must be able to distin- 
guish between true and false messages reflected 
through their visions. True visions are received 
from the divine connection to the Dao or Wuji; 
false visions reflect the messages from the sub- 
conscious. The ability to accurately separate these 
visions is an another example of “knowing with- 
out knowing.” 

Although communication from within usu- 
ally makes itself felt as a strong impulse, Qigong 
doctors must learn to keep the logical mind from 
interfering by practicing spiritual meditations. 
These meditations involve the forging of links in 
the chain of communication with the higher self. 
They should be practiced again and again until 
this connection becomes a natural, recurring phe- 
nomenon. The more one practices at stilling the 
logical mind and circumventing the ego, the easier 
it will be to get a clear communication from the 
higher self. When the higher self initiates a com- 
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munication, it does not demand or impose itself, 
and if ignored it will usually stop sending signals. 

Five Elements must be in place before the 
communication lines become fully open and op- 
erational: 

1. Purity in intention, 

2. No hidden agendas, 

3. Surrender to the divine will, 

4, Complete trust and faith in success (believe 
and expect), and 

5. A quiet and receptive stillness of mind. 

The lines of communication with the higher 
self are severed by the logical mind through doubt, 
fear, and disbelief. Strong faith is required to open 
this line of communication. Faith requires no logi- 
cal proof; if proof is needed, then doubts interfere 
and breed failure. The logical mind cannot know 
absolute faith and, therefore, faith must come from 
deep within one’s true self. Any form of cynicism 
will lead to the death of spiritual growth, for it 
strikes at the root of faith itself. 

Faith is not something that can be forced. Even 
after practicing Medical Qigong for many years, 
Qigong doctors may still have to battle their own 
questions. However, through successful practice, 
the seed of faith is established, allowing it to grow 
and blossom. The opposite of faith is doubt com- 
bined with fear. Suppression and denial of fear 
builds and armors the ego, which leads to further 
pain. If the fears are accepted and acknowledged, 
they can be overcome by faith. 

ANATOMICAL LOCATION OF THE UPPER 
DANTIAN 

The Upper Dantian is located in the head, ap- 
proximately three inches posterior to the Yintang 
point (between the eyebrows). It is shaped like a 
pyramid, facing upward to gather the energy from 
Heaven. This pyramidal reservoir houses light. 

1. The front point of the Upper Dantian is the 
Yintang (Hall of Impression) point. The name 
refers to the ancient tradition of placing a red 
mark or “seal” over the Bright Hall, or En- 
trance of the Spirit, this point represents wis- 
dom and enlightenment. This area is some- 
times known as the Front Gate of the Sixth 
Chakra, or the Third Eye point. 
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Figure 5.4. The Nine Chambers of the Upper Dantian are portrayed in this drawing. Each number 
encompasses the entire chamber. 





2. The back point of the Upper Dantian is lo- 
cated below the external occipital protuber- 
ance, on the Fengfu GV-16 (Wind Palace) 
point. This area is also connected with and 
surrounded on both sides by the BI-10 (Heav- 
enly Pillar) point. The energy field connected 
to this point may be likened to an antennae 
receiving messages; it allows Qigong doctors 
to regulate their state of consciousness. The 
Governing Vessel 16 point is also a Sea of Mar- 
row point, which is used to affect the flow of 
Qi and Blood to the brain, and a Window of 





Heaven Point (one of eleven points used for 
treating Shen disturbances), as well as one of 
the thirteen points identified by the famous 
Daoist physician Sun Simiao as a Ghost Point 
(points used for treating spirit possession). It 
has been my personal observation that stu- 
dents with a more prominent occipital protu- 
berance tend to see auras more easily and re- 
ceive psychic intuition faster. This area is 
sometimes known as the Back Gate of the 
Sixth Chakra. 


3. The highest point of the Upper Dantian is lo- 
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cated on the vertex of the crown, on the Baihui 
GV-20 (One Hundred Meetings) point. The 
name refers to the ancient tradition that one 
receives divine messages and spiritual intu- 
ition from this point into the Upper Dantian’s 
Chamber of Mysterious Elixir, located within 
the third ventricle of the brain. This area is 
sometimes known as the Upper Gate of the 
Taiji Pole or the Upper Gate of the Seventh 
Chakra. 
It is also said in Traditional Chinese Medi- 
cine that all of the body’s major channels send 
a connecting vessel to the Baihui so that at 
death the Qi can leave the body through this 
upper doorway and ascend to the Heavenly 
realms. 
4, The center of the Upper Dantian is located in 
the pineal gland. It is the area where the Shen 
transcends and merges with the Wuji and then 
progresses on to the Dao. The Upper Dantian 
is also considered the house of spiritual (in- 
tuitive} communication, awareness, and feel- 
ings. 
THE NINE CHAMBERS OF THE UPPER 
DANTIAN 

The horizontal cephalic set of nine chambers, 
located within the Upper Dantian (Figure 5.4) is 
based on the different ventricles of the brain. The 


Nine Chambers of the Upper Dantian are named 
as follows. 
1. The Chamber of Mysterious Elixir (Mystical 

Medicine) 

2. The Palace of Jade Emperor 

3. The Palace of Moving Pearls 

4. The Chamber of Splendor 

5. The Hall of the Upper Dantian (Medicine 

Field) 
. The Chamber of the Ultimate Truth 

7. The Cover of Heaven (Palace of the Heavenly 

Court) 

8. The Chamber of Government 

9. The Entrance of the Spirit (Bright Hall) 
ENERGETIC Focus OF THE UPPER DANTIAN 

In Medical Qigong training, the Upper Dantian 
pertains to gathering spiritual intuition and light to 
advance the doctor’s intuitive and psychic ability 
(see Six Transportations of Shen, Chapter 13). 

The Qigong doctor may also absorb univer- 
sal and environmental Qi into the Upper Dantian 
through the Yin Tang (Third Eye region) and the 
Tian Men areas (located in the center of the fore- 
head), and emit healing Qi to patients through 
either one or both of these points. The Shen can 
both exit and enter the body from the area in the 
Upper Dantian by way of the Baihui, Yin Tang, 
and Tian Men (Heavenly Gate) areas. 
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THE FUNCTIONAL ASPECTS OF THE 
THREE DANTIANS 

The three energy reservoirs of the Dantians 
are linked externally through the Governing and 
Conception Vessels and internally through the 
Thrusting Vessels and the Taiji Pole. 

The center of each Dantian is penetrated by 
and attached to the Taiji Pole, which exits from 
the Baihui at the top of the head to the Huiyin 
point at the perineum. Each of the Dantians cor- 
responds to anatomical locations that are centers 
for magnetic and electrical vibration and charge. 
The body’s intensity of vibration and charge is 
dependent on the mental intention, the posture, 
and the respiration. 

Qi moves into the body’s Dantians through the 
body’s Taiji Pole. The energy is then absorbed into 
the body’s major organs and surrounding tissues 
as it flows out of the Dantians and into the body’s 
internal and external channels and collaterals. 

Each Dantian acts like a reservoir, collecting 
energy and redistributing it into all of the inter- 
nal organs. This energy projects through the sur- 
face of the body into the Wei Qi field. The same 
energy also projects inward flowing through the 
energy channels, along the nervous system and 
endocrine glands, and then through the Blood, to 
nourish the body (Figure 5.5). 

You can visualize this energy transformation 
as follows: Qi flows into the body like rainwater 
flowing into a lake (the body absorbing and col- 
lecting Qi into the Dantians). The rainwater is then 
absorbed into the surrounding soil, foliage, and 
root systems (skin, tissues, and cells) before it gath- 
ers, collects, and pools into deep artesian wells 
(the Dantians). Pressure begins to build up as these 
artesian wells fill with the rainwater, and eventu- 
ally overflow, pouring into smaller pools (the or- 
gans) before combining with the rushing action 
of underground streams (the channels). 

Another popular analogy is to consider the 
Dantians as batteries, the body’s Taiji Pole as a 
magnetic bar connecting the batteries together, the 
channels as the wires, and the Wei Qi fields as the 
electromagnetic fields manifesting from the en- 
ergy contained within the structure. 


GHAPTER S: THE THREE DANTIANS 


Mental and emotional awareness of a specific 
tissue area can be heightened through increasing 
the flow of energy to that location. When energy 
fills the tissues, a cellular release of energy causes 
the tissues to either store or release emotions, de- 
pending on the body’s overall Excess or Deficient 
Qi 


If an increase of Qi is focused into the Lower 
Dantian, the result is a more powerful and stable 
feeling in the body. When an increased amount of 
Qi is focused into the Middle Dantian, the result 





Figure 5.6. The Three Dantians and Their Relationship 
to the Three External Wei Qi Fields 
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is a heightened feeling of emotional perception 
and awareness. If an increase of Qi is focused into 
the Upper Dantian, a heightened spiritual aware- 
ness and sense of connection to the divine occurs. 
The greater these energies flow, the healthier the 
individual becomes, and the stronger his or her 
energetic fields become (Figure 5.6). 


THE DANTIAN’S YIN AND YANG 
ENERGETIC CHAMBERS 

Each of the Three Dantians can be divided into 
Yin and Yang energetic chambers. The Yang cham- 
bers relate to each Dantian’s upper chambers and 
the spiritual aspects of the Hun. The Yin cham- 
bers relate to each Dantian’s lower chambers and 
the carnal aspects of the Po. The chambers and 
their energetic potential are described as follows. 


THE LOWER DANTIAN 

1. The Yang Energetic Chamber of the Lower 
Dantian relates physically to the upper quad- 
rant of the abdomen, located within the small 
intestine in men and the uterus in women. 
When influenced by the Hun, quiescence and 
serenity are enhanced. 

2. The Yin Energetic Chamber of the Lower 
Dantian relates physically to the lower quad- 
rant of the abdomen, which includes the re- 
productive organs and the Bladder, urethra, 
and anus. This chamber is responsible for re- 
production and sexuality. When influenced by 
the body’s Po, raw physical power and sexu- 
al vitality are aroused. 

THE MIDDLE DANTIAN 

1, The Yang Energetic Chamber of the Middle 
Dantian relates physically to the upper quad- 
rant of the Heart, which includes the left and 
right atrium, the upper portions of the left and 
right ventricles, and the atrioventricular node. 
This chamber is responsible for spiritual atti- 
tudes and virtues related to the influence of 
the body’s Hun. The Hun are responsible for: 

¢ gathering and transmitting divine inspira- 
tions and spiritual insights, 

* giving and receiving unconditional love, and 

* motivating spiritual growth through prayer, 
devotion, and commitment. 
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2. The Yin Energetic Chamber of the Middle 
Dantian relates physically to the lower quad- 
rant of the Heart, which includes the left and 
right ventricles. This chamber is responsible 
for sensual passions, conquests, and condi- 
tional love. It deals with actions which are 
often based on hidden agendas. These emo- 
tions are related to the influence of the body’s 
Po. The influence of both the Po and the Yin 
Energetic Chamber of the Upper Dantian ac- 
tivates, energizes and enhances: 

* biological drives (for food and self preserva- 
tion, 
* sexuality, lust and desire, and 
* sensuality. 
THE UPPER DANTIAN 

1. The Yang Energetic Chamber of the Upper 
Dantian relates physically to the upper quad- 
rant of the brain, often referred to as the third 
ventricle or higher brain centers. When stimu- 
lated, the higher brain centers manifest spiri- 
tual intuition and divine insight, related to the 
influence of the Hun. Such insight is respon- 
sible for spiritual growth and maturation. In- 
sights eventually lead to the emergence of ex- 
trasensory perceptions (ESP), e.g., clairvoy- 
ance, clairaudience, telepathy, psychokinesis, 
and spiritual enlightenment. 

2. The Yin Energetic Chamber of the Upper 
Dantian relates physically to the lower quad- 
rant of the brain, often referred to as the “rep- 
tilian” brain. When stimulated, the reptilian 
brain activates the thalamus, hypothalamus, 
cerebellum, and cortex, which awaken the 
body’s intuition, as well as animalistic and 
primordial instincts of survival. When the Yin 
Energetic Chamber dominates, the sensory, 
animalistic nature of the Po emerges full force. 
This phenomenon sometimes occurs when 
coma patients begin to recover. As energy 
begins to fill the lower chambers of the Three 
Dantians, their initial reactions are basic and 
carnal in nature, i.e., to either engage in sexual 
activity or strike out in violence. As the Qi 
begins to fill the upper chambers of the Three 
Dantians, the energy balances in the patient's 


Taiji Pole and the patients’ impulses return to 
normal. 


THE DOCTOR’S PROJECTED AURA 
FIELDS 

In China, Qigong doctors are tested and cat- 
egorized according to the predominant color of 
their Qi emissions. The healing color will depend 
upon which of the three Dantians is dominant 
(corresponding to either the Lower Dantian, 
Middle Dantian, or Upper Dantian), and the en- 
ergetic strength and potential of the individual 
being tested. The emitted color is observed in the 
visible-light spectrum projected from the Qigong 
doctor’s hands. 
YELLOW EMITTED COLOR 

Individuals who have just begun their train- 
ing will emit a yellow glow around their external 
energy field. The Qi will naturally overflow from 
the Lower Dantian area and the color yellow will 
dominate the aura. This is actually a normal aura 
color observed from most beginning Qigong doc- 
tors, indicating that the energy field is still too 
weak to treat serious diseases. 
RED EMITTED COLOR 

Qigong doctors who have mastered their 
body and mind will emit a red radiant glow 
around their external energy field. The Qi will also 
overflow from the Lower Dantian area, and the 
color red will dominate the aura. This is actually 
a normal range of aura color observed from the 
many Qigong doctors who have just graduated 
from Medical Qigong colleges, indicating that the 
energy field is at the intermediate stage. 
PURPLE EMITTED COLOR 

Qigong doctors who have evolved to the next 
level of mastering the emotions will emit a purple 
radiant glow around their energy field. These 
doctors’ Qi will naturally overflow from the 
Middle Dantian area, and the color purple will 
dominate the aura. This aura color is observed in 
strong and advanced Qigong doctors. 


BLUE EMITTED COLOR 
Qigong doctors who have further refined their 
energy will emit a blue radiant glow around their 
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energy field. These doctors’ Qi will also overflow 
from the Middle Dantian area, and the color blue 
will dominate the aura. This aura color is observed 
in very advance Qigong doctors, and is developed 
only after many years of clinical practice and per- 
sonal spiritual transformations. 


WHITE EMITTED COLoR 

The Qigong doctors who have mastered their 
spiritual life, as well as surrendered their body, 
mind, emotions, and spirit to a divine or higher 
calling will emit a white radiant glow around their 
energy field. These doctors’ Qi will naturally over- 
flow from the Upper Dantian area, and the color 
of the aura is considered the strongest and most 
powerful. 


CLEAR-OPALESCENT EMITTED COLOR 

The divine energy is emitted through a clear- 
opalescent color. This Qi emission is different then 
the white radiant glow, and is a sign of divine in- 
tervention and healing. These times of divine in- 
tervention can occur in any stage of the doctor’s 
energetic development, and are a testimony to the 
healing virtue of the divine. 

Although every Qigong doctor uses a combi- 
nation of all Three Dantians when projecting Qi 
into patients, the color of the aura surrounding 
the doctor’s body reflects which Dantian’s reser- 
voir is predominantly used. Through time, pa- 
tience, and much practice, the Qigong doctor will 
be able to transform from a yellow to red, purple, 
blue, and finally to white-light healer. 


THE TAIJI POLE 

The Taiji Pole can be observed as a vertical 
column (or pole) of brilliant white light, full of 
vibration and energetic pulsation. This energetic 
channel flows from the Baihui point at the top of 
the head, through the center core of the body, con- 
necting the Three Dantians. The Taiji Pole roots 
its energy at the base of the perineum at the Huiyin 
area. 

In Chinese energetic embryology, as the 
father’s sperm enters the mother’s egg, it creates 
the upper or Heavenly vortex point of the Taiji 
Pole. At this stage of energetic development, the 
Heavenly vortex creates and connects the Three 
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Dantians together, rooting the column of white 
light energy into the Kidneys and Mingmen area. 
As the fetus continues to grow and develop, the 
Taiji Pole slowly descends, shifting its energetic 
root to the base of the perineum. After birth, the 
Taiji Pole can be observed as a vertical column of 
brilliant white light, surrounded by a veil of 
golden spiraling light. 

HEAVEN, EARTH, AND MAN RELATIONSHIPS 

The Taiji Pole of the body is comparable to 
the central axis of the Earth, which is known as 
the Taiji Pole of the Earth. At the end of the Earth’s 
Taiji Pole are the North and South Poles, which 
are compared to the body’s Baihui at the top of 
the head and Huiyin at the base of the perineum. 
The Earth’s Taiji Pole (or central axis) aligns to the 
North Star. 

The North Star is seen as the Taiji Pole of 
Heaven and is sometimes called the Pole Star or 
Taiji. It is sometimes said that the original Chi- 
nese character for Taiji means Yin and Yang. While 
the original meaning of the Chinese character for 
Yin is the shady side of the mountain, and Yang 
depicts the sunny side of the mountain, the 
mountain’s peak is considered a Taiji, where both 
Yin and Yang meet (or the center of Yin and Yang). 

The center Taiji is also called the Still Point, 
because although all of the changes of Yin and 
Yang occur in the Heavens within the course of a 
day, and all of the stars seem to make a 360 de- 
gree rotation (as the Earth rotates) the Pole Star 
remains stationary as Heaven's Still Point. In a 
similar manner, the body has the Taiji Pole as the 
“still point of man.” A great stillness is experienced 
when a Qigong practitioner gathers Qi into the 
Taiji Pole. 

INTERNAL ENERGY INTERACTIONS 

Extending from the body’s Taiji Pole are the 
Three Dantians, Five Jing-Shen, and the Eight Ex- 
traordinary Vessels. These vital energetic systems 
feed all the major organs and the body’s Twelve 
Primary Channels. As the Three Dantians absorb 
energy from the body’s Taiji Pole, they also ex- 
tend, or “feed,” and energize the body’s Yin and 
Yang organs, Twelve Primary Channels, and Eight 
Extraordinary Vessels. Each individual Dantian is 
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connected to the body’s Taiji Pole and is respon- 
sible for creating its own alchemical transition in 
the process of converting Jing into Qi, Qi into Shen, 
Shen into Wuji, and Wuji back to the Dao (see 
Chapter 13). 

In my clinical experience, the closer I work to 
the patient's Taiji Pole the more powerful the en- 
ergies become. Accessing the patient's Taiji Pole, 
Three Dantians, and Eight Extraordinary Vessels 
for whole body tonification and regulation is faster 
and less draining on my energetic reservoirs then 
emitting Qi into the patient’s Twelve Primary 
Channels to accomplish the same type of treat- 
ment. 


THE FIVE THRUSTING CHANNELS 

Five internal Thrusting Channels connect to 
and transverse the body’s center Taiji Pole. These 
five internal channels begin at the perineum and 
spiral up through the center of the body’s core, 
flowing into the upper crown of the head. They 
connect the Baihui area at the top of the head to 
the Huiyin area at the bottom of the perineum. 
These five internal channels absorb the Five El- 
emental energies of Heaven and Earth (Wood, 
Fire, Metal, Earth, and Water) into the body. 

The Taiji Pole is responsible for absorbing the 
energy from Heaven and Earth and distributing 
the collected Qi into the body’s major internal or- 
gans. Similar to the Earth’s central axis, the Taiji 
Pole is divided into two main energetic polarities: 
The Five Portals of the Heavenly Yang Gate, lo- 
cated at the top of the head, and the Five Portals 
of the Earthly Gate, located at the perineum (Fig- 
ure 5.7). 

When the body’s internal and external ener- 
getic wave patterns become synchronized through 
prayer or meditation, a rhythmic pulsation occurs 
within the Taiji Pole. This pulse begins deep within 
the center core of the body and vibrates outward 
towards infinite space connecting the Wuji with 
the Dao. 


SPIRITUAL MANIFESTATIONS 

When doctors penetrate the outside veil sur- 
rounding the center core of a patient's Taiji Pole 
and extend their intention into the light’s center, 
they experience the sensation of falling into space 
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Figure 5.7. The Five Portals of the Heavenly Yang Gate 
are portrayed here as seen looking down at the top of 
the head. The Universal Energy is absorbed into the 
Taiji Pole through the Five Portals of the Heavenly Yang 
Gates, located at the center of the Baihui (One Hundred 
Meetings) and Sishencong (Four Spirits Hearing} areas, 
at the top of the head. 





Water 


The Five Portals of the Earthly Yin Gate as seen from 
the perineum. The environmental energy is absorbed 
into the Taiji Pole through the Five Portals of the Earthly 
Yin Gates, located at the center of the anal sphincter, 
between the Huiyin (Meeting of Yin} and the Changqiang 
(Long Strength} areas, at the base of the perineum. 
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or shooting through space. This sensation is fol- 
lowed by seeing flashing colors and moving 
shapes, as the surrounding core dissolves into in- 
finite space itself. As the Qigong doctors contin- 
ue to extend their intention to reach this area, time 
and space feels as if they stretch into eternity. This 
experience is considered the true connection with 
the Wuji returning back to the Dao. The potential 
for this experience exists within everyone and can 
be accessed through deep prayer and meditation. 
It is quite a normal phenomenon within deep 
spiritual practices and is sometimes known as 
accessing the river of God. 


ENERGETICALLY OPENING THE TALJI POLE 

When we are born, we are connected to great 
spiritual wisdom and power through our center 
core. During the maturation process, this connec- 
tion slowly fades away, yielding to masks and de- 
fense mechanisms, that seek to shield us from our 
pain and self-hatred (shame). In childhood, ev- 
ery time we repressed the flow of painful feel- 
ings connected to an event, we froze that particu- 
lar event in both energy and time, and locked it 
within our muscles. Since the external Wei Qi is 
composed of energy consciousness, a block of fro- 
zen psychic energy is formed within the Wei Qi 
at the moment we inhibit the pain. By walling off 
our wounds, we also wall off our connection to 
our deeper core self (Figure 5.8). We pretend not 
to feel the pain anymore, we block off the memory 
of the event. Thus, we prevent a natural resolu- 
tion to the pain and the trauma of the event. 
Through denying our true feelings we disconnect 
from our core self and put on masks. We smile 
when angry, for example, or pretend indifference 
to our hurts. Since creative inspiration comes from 
our core, we lose our creative ability. When we 
stop the negative experiences of anger, pain, or 
fear, we also stop the positive healing of the physi- 
cal, mental, and emotional aspects of the experi- 
ence. 

During Medical Qigong treatments, patients 
regress layer by layer through the pain and fear 
associated with the blocked energy that gives rise 
to the disease. Even though the memories may 
be very strong and frightening, as the emotions 
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Figure 5.8. The True Self is Contained Within the Core Self 








release, the pain decreases with the dispersal of 
the original trauma. 

Ihave found in my clinical practice that most 
of the patients’ pain comes not from the original 
trauma but from the unconscious belief system 
established to protect them from the original 
trauma. In other words, more pain and illness is 
created in our bodies by avoiding working 
through the original trauma (through our habitual 
defense and avoidance patterns) than was present 
in the original trauma. It requires enormous 
amounts of energy to suppress feelings, and each 
time we do so, we create further injuries to our- 
selves. 
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SPIRITUAL AWAKENING 

When patients become aware of their spiri- 
tual connection to the divine, it is called an “awak- 
ening.” This change can be observed through the 
spiritual transitions experienced within the pa- 
tients’ center core through their Taiji Pole. When 
the center Taiji Pole (which connects all three 
Dantians) begins to awaken, certain physical, 
emotional, and energetic reactions may occur 
within the patients’ body. These transformations 
occur because the tissues of the energetic fascia 
(that connect to the major organs of the body) are 
enveloped within the energetic structure and web- 
bing of the Taiji Pole. 


THE TWELVE GATES OF THE CHAKRA 
SYSTEM 

Although the body’s major internal energy 
centers are contained within the interacting net- 
work of the Three Dantians, the Three Dantians 
also connect to the body’s major energy doors (lo- 
cated on the Governing and Conception Vessels), 
known as the Twelve Gates of the Chakras. These 
Chakra gates are superficial, on the surface of the 
skin, and are not as deep as the Chakra Cores and 
Three Dantians which are all connected to the Taiji 
Pole (Figure 5.9). 

The word Chakra is Sanskrit for “wheel.” The 
Chakras look like small, colored disks, usually 
about the size of a silver dollar. Energetically the 
Chakra gates look like funnels or vortices of Qi. 
Qigong doctors and sages have for centuries de- 
scribed their perceptions of these gates as resem- 
bling energetic wheels or vortexes within the 
subtle energy body. Each funnel extends and ex- 
pands its energetic vortex out into the body’s Wei 
Qi field. As energy travels up and down the Taiji 
Pole it creates an energetic pulse. This energetic 
pulse resonates out from the body through the 
Twelve Chakra Gates, and can be felt several feet 
from the body. The bottom Chakra is located at 
the perineum and only has one gate, as does the 
top Chakra located at the top of the head; the sec- 
ond, third, forth, fifth, and sixth Chakras have two 
gates each, one on the front of the body and the 
other on the back of the body. These Chakra Gates 
serve the following different energetic functions: 

1. The top or Crown Chakra gate is responsible 
for absorbing Heavenly Qi and light into the 
body, as well as energizing the center core’s 
Taiji Pole. 

2. The front Chakra gates are responsible for the 
patient's feelings and emotional activity. They 
are related to the patient’s Shen and the Heart 
Fire energy. They are connected to the Con- 
ception Vessel. 

3. The back Chakra gates are responsible for the 
patient’s willpower and determination. They 
are related to the patient's Zhi and the Kid- 
ney Water energy. They are connected to the 
Governing Vessel. 
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Figure 5.9. The body's Twelve Chakras Gates extend 
from the Taiji Pole and expand outward into the three 
external Wei Qi fields. 





4. The center of the Chakras are actually deep 
inside the body’s center core, located within 
the middle of the Taiji Pole. 

5, The bottom or Base Chakra gate is responsible 
for absorbing Earthly Qi and heat into the 
body, as well as energizing the Taiji Pole. 
Generally, when treating a patient, the Qigong 
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doctor extends energy into the patient’s back 
Chakra gates to stabilize the emotions and to ac- 
cess control over the patient’s will and determi- 
nation. The doctor can, for example, connect with 
the Heart Chakra back gate, located on the 
patient’s Shendao, GV-11 point, to access the emo- 
tions stored within the tissues of the Heart. The 
front Chakra gates are used to remove Excess 
emotions from the patient's tissues. Although the 
treatment approach differs, the Three Dantians 
system and Twelve Chakra Gate system, mutu- 
ally support each other, both in the location of the 
energy centers, and in their physical manifesta- 
tions of energetic function. 

The Yin and Yang polarity of the Chakra gates 
are opposite in men and women (Figure 5.10). The 
Twelve Chakra Gates serve as subtle energy dis- 
tributors, that help absorb and distribute environ- 
mental Qi to the patient’s organs, tissues, and 
Major nerve plexus areas closest to each gate. Each 
Chakra gate is connected to its own potential of 
psychic perception, interfaces with the body’s ner- 
vous system, and is associated with a different en- 
docrine gland. Any energy extended from the 
Qigong doctor towards a patient’s Chakra gate 
will affect the patient’s physical body. As the pa- 
tient begins to energetically open the Chakra gates, 
the external energetic Chakra wheels begin to spin 
in half-circle rotations, opening and closing with 
the core’s energetic pulse, The energetic action is 
similar to the centripetal (closing) and centrifu- 
gal (opening) action of the body's energetic chan- 
nels. 

Each opening of a Chakra gate may result in 
a spontaneous emotional release. Some of these 
releases can involve painful memories that have 
been dislodged from the energetic filter (or veil} 
that envelops the Chakra gates. This energetic fil- 
ter prevents external emotional traumas from en- 
tering into the body’s center core. 

A Chakra gate can become stuck open, closed, 
or may also tilt out of alignment with the Taiji Pole, 
causing Qi Deviations that may result in a dis- 
torted or obstructed flow of energy. This obstruc- 
tion may cause physical, as well as psychological, 
stress or trauma. The release of these emotional 
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Figure 5.10. The energetic Yin and Yang polarity of the 
Chakra Gates are opposite in men and women. The 
Chakra Gates of a man start from a Yang (+) energetic 
field (at the Lower Chakra Gate) and change to Yin (-) 
at the second Chakra Gate, alternating from Yang to 
Yin up the body, ending at Yang in the Upper Chakra 
Gate. Women display the opposite energetic polarity in 
each Chakra Gate. 
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Figure 5.11. The body’s Chakra system is connected by the Taiji Pole and extends outward into the body's nerve 
plexus, affecting the glandular system and both anterior and posterior external energetic fields. 





traumas can be overwhelming and painful if the 
patient has not prepared for, or does not under- 
stand the nature of, these transitional energetic 
malfunctions. These manifestations usually occur 
when the patient’s system has been energized and 
the body is actively seeking to release and get rid 
of toxic emotions from certain areas. Qigong doc- 
tors should be aware of these strong emotional 
reactions to assist their patients in facing and 


working through their fears and pain as the Qi 
Deviations along the Taiji Pole are corrected. 
Sometimes these experiences unwind at a rapid 
rate, stimulating the patient's central and anterior 
nervous system; this can release a flood of mental 
and emotional images and sensations, that are 
sometimes accompanied by shaking, thrashing, 
and other unusual movements of the body (Fig- 
ure 5.11). 
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THE BOTTOM CHAKRA GATE 

The bottom or first Chakra gate is sometimes 
called the Meeting of Yin (referring to the Earth 
energy), and is located near the perineum, in front 
of the anal sphincter on the Huiyin CV-1 point. 
This energy center controls the reproductive sys- 
tem and the urogenital organs and intersects with 
the Bladder and Kidney Channels. It is associated 
with survival instincts (the “fight or flight” re- 
sponse), security, tribal power (group acceptance), 
and the “grounding” or “rooting” of the body. 

The first Chakra is associated with the Lower 
Dantian. Its energetic elemental nature relates to 
Earth, and its color is red. It connects to the Taiji 
Pole at the base of the perineum and exits at the 
top, or Crown Chakra. 

The bottom Chakra is associated with the ki- 
nesthetic, tactile, and proprioceptive senses. It 
supplies energy to the spinal column, adrenal 
glands (in some systems), testicles / ovaries, and 
Kidneys. This Chakra gate is also connected to 
both the Conception and Governing Vessels. 

The bottom Chakra gate will immediately 
open in any emergency situation, or when there 
is danger, to release stored information to ensure 
survival. Energetic malfunctions caused by stored 
emotional trauma in this Chakra can cause a mas- 
sive amount of fear for one’s life to be released. 
The retention of massive amounts of fear, or the 
sudden energetic release of panic, can cause the 
following symptoms: lower back pain, sciatica, 
constipation, hemorrhoids, rectal tumors and can- 
cer, knee problems, and varicose veins. 

THE SECOND CHAKRA GATES 

The second Chakra core can be accessed 
through two energetic gates. The front gate is 
sometimes called the Spirit’s Palace Gate and is 
located at the navel around the Shenque CV-8 
point. The back gate is sometimes called the Gate 
of Life and is located on the lower back at the 
Mingmen GV-4 point. 

This second energetic area is considered the 
“gateway of the Lower Dantian.” Its energetic el- 
emental nature relates to Water, and its color is 
orange. It is the energy center through which other 
people’s emotions are perceived (kinesthetic per- 


ception), allowing one to be sensitive to other 
people and to sense dangerous situations. 

The second Chakra is the energy center for 
sexuality, sensuality, the hunger for power, and 
financial issues. It supplies the sexual organs (ova- 
ries and testicles) and the immune system with 
energy. 

When the second Chakra gate opens the pa- 
tient feels the release of sexual desires, waves of 
orgasm, and sexual fantasy. Because this area is 
also associated with the desire for power, some- 
times the desire to destroy is released. Energetic 
malfunctions caused by stored emotional trauma 
in this Chakra can cause lower back problems, fri- 
gidity or impotence. Second Chakra dysfunction 
can also cause Kidney, uterine, Bladder, and uri- 
nary problems. 

THE THIRD CHAKRA GATES 

The third Chakra core can be accessed through 
two energetic gates. The front gate is sometimes 
called the Solar Plexus Center, in this system of 
Chakra diagnosis it is located between the navel 
and the xiphoid process (at the level of the pan- 
creas), at the Zhongwan CV-12 (Middle Stomach 
Cavity) point. The back gate is called the Middle 
of the Spine and is located on the middle of the 
back at the Jizhong GV-6 point. 

The third Chakra area is associated with the 
Middle Dantian and is known as the Yellow Court 
in Medical Qigong therapy. Its energetic elemen- 
tal nature relates to Fire, and its color is yellow. It 
is the body’s distribution point for psychic ener- 
gies (gut instinct and intuition), personal power, 
and self-image. It is the area where the body’s Qi 
transforms into Shen. It is also a storage chamber 
for severe emotional pain and anger. 

This area supplies energy to the Liver, Gall 
Bladder, Stomach, Spleen, pancreas, adrenal 
glands, and nervous system. The third Chakra is 
the center for personal power-storing issues of re- 
sponsibility, self-esteem, personal honor, and fear 
of rejection. 

When the third charka’s energy gates open, 
feelings of power and waves of anger, rage, fear, 
greed, jealousy, judgment, and criticism can be re- 
leased. Energetic malfunctions caused by stored 


emotional trauma in this Chakra area can cause 
ulcers, hypoglycemia and diabetes, as well as 
Liver and/or adrenal problems. 


THE FOURTH CHAKRA GATES 

The fourth Chakra core can be accessed 
through two energetic gates. The front gate is 
sometimes called the Heart Center and is located 
at the center of the breastbone, at the Shangzhong 
CV-17 point. The back gate is sometimes called 
the Spirit Path and is located on the Shendao GV- 
11 point on the back, between the scapula. 

The fourth Chakra area is associated with the 
Middle Dantian. Its energetic elemental nature 
relates to Wind, and its color is green. This energy 
center is associated with love, compassion, em- 
pathy, clairsentience, and intuition. This area sup- 
plies energy to the Heart, Lungs, circulatory sys- 
tem, thymus gland, vagus nerve, diaphragm, and 
upper back. 

When this energy center opens, it can be 
physically painful (the patient may experience 
feelings of a weight on the chest, heart attack sen- 
sations, or the release of tears) as the patient be- 
comes aware of being attached to the personal ego. 
The feelings associated with the fourth Chakra 
have to do with our internal world, while feel- 
ings associated with the third Chakra have to do 
with the external world. Energetic malfunctions 
can cause Heart and Lung diseases. 


THE FIFTH CHAKRA GATES 

The fifth Chakra core can be accessed through 
two energetic gates. The front gate is sometimes 
called the Throat Center and is located just above 
the hollow of the throat, at the Tiantu CV-22 point. 
The back gate is sometimes called the Big Verte- 
bra and is located on the back, at the base of the 
neck on the Dazhui GV-14 point. 

This energy center is associated with sound 
vibration, personal and divine will, and commu- 
nication. The fifth Chakra area is associated with 
the Middle Dantian. Its energetic elemental na- 
ture relates to sound, and its color is bright blue. 
It is the center for psychic clairaudience, and the 
power source for the Qigong doctor’s “inner 
voice” guidance. This area supplies energy to the 
throat, thyroid and parathyroid glands, neck ver- 
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tebrae, mouth, Lungs, and alimentary canal (the 
digestive tube from the mouth to the anus). 

When the fifth Chakra energetic center opens, 
a compulsive urge to sing and chant arises. This 
area is also where Heat from the Liver Fire some- 
times becomes entangled with Phlegm (a viscid 
substance that is a product and a cause of disease) 
from the Lungs, forming what is known as “plum 
pit Qi” (an energetic knot within the throat). En- 
ergetic malfunctions caused by stored emotional 
trauma in this Chakra area can cause stiff neck, 
sore throat, throat “plum pit Qi” symptom, thy- 
roid problems and swollen glands. The patient 
sometimes experiences a release of unexpressed 
grief and anger, resulting in the physical reactions 
of excessive swallowing, coughing, or laryngitis. 
THE SIXTH CHAKRA GATES 

The sixth Chakra core can be accessed through 
two energetic gates. The front gate is sometimes 
called the Third-Eye Center and is located at the 
middle of the forehead at the Yintang or Hall of 
Impression point. The back gate is located on the 
back of the head, between GV-16 (Wind Palace) 
and GV-17 (Brain's Door), at the external occipi- 
tal protuberance. 

The sixth Chakra area is the center for psy- 
chic intuition, clairvoyant seeing (inner vision), 
and energy projection. The sixth Chakra area is 
associated with the Upper Dantian. Its energetic 
elemental nature relates to light, and its color is 
indigo (deep violet blue). This area of the body is 
responsible for enabling the Qigong doctor to see 
auras, Chakras, and other energetic images. This 
center is also responsible for mental telepathy, al- 
lowing the doctor to sometimes know the patient’s 
thoughts and feelings. This area of the body sup- 
plies energy to the pituitary gland, lower brain, 
ears, nose, eyes, and nervous system. 

When the sixth Chakra energy center opens, 
energetic malfunctions can result in headaches, eye 
strain, pain around the eyes, distorted or blurred 
vision, and sometimes blindness. Inaccurate inter- 
pretations of events, projections of personal fears 
and other emotions and motivations onto others 
may sometimes occur. Reoccurring nightmares and 
misguided fantasies may also be incurred. 
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Figure 5.12. This figure shows the Tweive Earthly Branch Relation to the Twelve Chakra Gates. The Governing 
and Conception Vessels flowing through the middle of the back and front of the body correspond to the ecliptic 
path of the sun along the Twelve Chakra Gates, and are related to the Twelve Earthly Branches. 








THE UPPER CHAKRA GATE 

The upper or top Chakra gate is sometimes 
called the Crown Center and is located on top of 
the head at the Baihui GV-20 point. This energy 
center is associated with higher knowledge, un- 
derstanding, pure intuition, and ecstasy. The up- 
per Chakra area is associated with the Upper 
Dantian. Its energetic elemental nature relates to 
infinite space (Wuji), and its color is violet. This 
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area supplies energy to the pineal gland and up- 
per brain. 

When the upper Chakra energetic center 
opens, it is like a golden flower opening, accom- 
panied by a dazzling bright light and a strong, 
powerful connection with the divine. Energetic 
malfunctions result in confusion, apathy, alien- 
ation, boredom, depression, and a state of incom- 
prehension. 


TAKING PRECAUTIONS 

When any of the energetic reactions to open- 
ing the Chakra gates take place, it is important 
for the student or patient to realize that these are 
only transitional stages and are normal phenom- 
ena which occur as a sign of energetic and spiri- 
tual transformations. The student or patient 
should take certain precautions, however, like 
being under the care of a qualified Qigong doctor 
when beginning any type of energy training. 

It is also important not to allow patients to 
experience these emotional transitions alone. Be- 
cause these energy transitions, malfunctions, and 
deviations are new to the Western mode of think- 
ing, they can easily be misdiagnosed by doctors 
unfamiliar with energetic medicine. Patients 
should be encouraged to find or establish a sup- 
port group consisting of advanced practitioners 
of energetic meditation. Having a support group 
of experienced practitioners allows these emo- 
tional and spiritual transitions to occur in a safe 
environment, where other experienced practitio- 
ners can monitor the patient's feelings, if and 
when, unfamiliar emotions start to emerge. 


THE TWELVE EARTHLY BRANCHES 
AND THE TWELVE CHAKRA GATES 

The body is viewed as a small and complete 
universe unto itself. The internal organs are in- 
fluenced by the celestial movements of the sun, 
moon, planets, and stars. The Governing and Con- 
ception Vessels, where the Twelve Chakra Gates 
are located, are also affected by the Heavenly 
cycles. 
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In ancient China, the day was divided into 
twelve separate time divisions. Each time division 
corresponds to two hours of the day and was 
named after one of the Twelve Earthly Branches. 
These twelve time divisions were further orga- 
nized into months and seasons (see Chapter 11). 
The ancient Qigong doctors discovered that the 
body's Qi and Blood mirror the Earth’s seasonal 
ebb and flow, rising and falling like the lunar tides. 

Each of the time periods corresponding to the 
Twelve Earthly Branches is regarded as having a 
specific influence on each of the Twelve Gates of 
the body’s Chakra system. The rhythmic varia- 
tions of the waxing and waning of Qi and Blood 
is associated to the waxing and waning of Yin and 
Yang energy, as well as the circulation of Qi fol- 
lowing the Microcosmic Orbit (Fire) cycle. 

Each of the Twelve Chakra Gates relates to 
one of the Twelve Earthly Branches following the 
Microcosmic Orbit (Fire) cycle (see Chapter 41). 
These Twelve Chakras Gates extend their energy 
from the patient’s Taiji Pole outward, along the 
center of the body, through the anterior and pos- 
terior fields of Qi. Beginning at the bottom Chakra 
gate (the “Zi” Branch, representing midnight), the 
energy follows the Fire Cycle of the Microcosmic 
Orbit, traveling up the Governing Vessel, follow- 
ing the “ascent of Yang.” After the Yang Qi reaches 
its peak, the Yin begins to grow. Starting at the 
upper Chakra gate (the Wu Branch, representing 
noon time), the energy travels down the Concep- 
tion Vessel, following the “descent of Yin” (Fig- 
ure 5,12), 
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CHAPTER 6 


THE TWELVE PRIMARY CHANNELS AND ORGANS 


INTRODUCTION 

According to Traditional Chinese Medicine, 
a system of channels exists that integrates all the 
body’s separate parts and functions into a unified 
organism. The understanding of these channels 
and their energetic function and interactions pro- 
vides the Qigong doctor with the basis for under- 
standing the relationships among the various 
physiological, pathological, diagnostic, and thera- 
peutic relationships in Traditional Chinese Medi- 
cine. 

The study of Chinese medicine rests on, and 
is inspired by, the circulation of Qi, as many dis- 
eases follow a predictable course of development. 
The pathology in an internal organ will often 
manifest itself in certain external or systemic 
symptoms; therefore, understanding the circula- 
tion of Qi flow allows the doctor to control each 
organ’s energetic function. By stimulating specific 
sites on the body’s surface, diseases in both the 
superficial tissues and internal organs can be 
treated. 

A doctor of Medical Qigong uses various tech- 
niques that facilitate the opening of the major en- 
ergetic connectors of the body’s internal organs. 
These connectors, called channels and vessels, are 
responsible for connecting the flow of Qi within 
the whole body to transfer Qi both internally and 
externally. 

The channels are also known as meridians or 
Jing-luo. The Chinese character for this type of Jing 
means “to move through,” while the translation 
of the character luo means “a net” (the body’s in- 
ner fascia). Along these channels are major trunks 
and lesser branches that connect internally with 
the vital organs and externally with the major 
channels, limbs, sensory organs, and orifices. 

The smaller branches are known as collater- 


als. The tiny areas along these channels and col- 
laterals where the Qi pools are called points. These 
points are the spots where the patient's spirit and 
energy enter and leave the body. When stimulated, 
these channel points (sometimes also called “acu- 
puncture points”), cause an energetic response 
from within the internal organs and channels, re- 
sulting in internal Qi flowing from organ to chan- 
nel, from channel to channel, or from point to 
point along the same channel. 

The channels unite the body as one unit. 
Channel theory is interrelated with organ theory. 
Traditionally, the internal organs have never been 
regarded as simply independent anatomical enti- 
ties. Rather, Traditional Chinese Medicine focuses 
on the functional and pathological interrelation- 
ships between the channel network and the or- 
gans. The internal organs and their systems are 
sometimes known as “orbs” or “spheres of influ- 
ence.” 

Qi travels throughout the physical body along 
the channels and collaterals much as water flows 
through rivers and streams. An ancient Chinese 
medical text explains this concept as follows: 
“Heaven is covered with the constellations, Earth 
with the waterways, and man with channels.” 
Qigong doctors of ancient China paid much more 
attention to the Body Fluids and energies circu- 
lating through the body than to the physical ana- 
tomical structures. The ancient Chinese consid- 
ered the Body’s Fluids and energies much more 
fundamental. 

The channels serve as the link between the 
energies, such as Jing, Qi, Shen, and the ingredi- 
ents, such as Blood and Body Fluids, that feed and 
enliven the tissues. The human body’s main en- 
ergetic rivers are the Twelve Primary Channels 
and Eight Extraordinary Vessels (see Chapter 7). 
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CLASSIFICATION OF CHANNELS 

The channels are classified into four main cat- 
egories: Jing, Luo, Muscle Tendon, and Skin 
Zones. 

1. The Jing Channels are the Primary Channels. 
These channels include the Eight Extraordi- 
nary Vessels, the Twelve Primary Channels, 
and the Twelve Divergent Channels. 

2. The Luo Channels are the Collaterals. These 
collaterals include the Fifteen Major Collater- 
als, the Minute Collaterals, and the Superfi- 
cial Collaterals. 

3. The Muscle/ Tendon Channels consist of 
twelve channels that serve as external connec- 
tions to the major channels, flowing through 
the body’s muscles, tendons, and ligaments. 

4. The Cutaneous Regions are skin zone areas 
where the channels surface on the external tis- 
sues. 


JING CHANNELS 

The Jing Channels are the major trunks of the 
circulatory tree. They generally flow vertically 
through the body through relatively deep tissues. 
They also transverse the limbs peripherally and 
penetrate the body cavities to connect with the 
internal organs (Figure 6.1). They are the body’s 
main interior and exterior rivers of Qi. 

1, The Eight Extraordinary Vessels connect with, 
and regulate, the Qi and Blood of the Twelve 
Primary Channels by either absorbing any en- 
ergetic “runoff” in times of channel Excess, 
or by replenishing energy in times of Defi- 
ciency. 

2. The Twelve Primary Channels are bilateral 
and symmetrical. They can be identified in 
three specific ways: (1) according to the cor- 
responding Yin or Yang organ to which they 
are connected, (2) by the arms or legs in which 
the channels originate or end, and (3) accord- 
ing to the six divisions of Yin or Yang Qi to 
which the channels relate (i.e., Tai Yang, Yang 
Ming, Shao Yang, Tai Yin, Shao Yin, and Jue 
Yin). 

The Yin channels run along the medial and 
anterior aspects of the body. They are associ- 
ated with the solid Yin organs and connect 


with the hollow Yang organs. The Yin chan- 
nels include the Kidneys, Spleen, and Liver 
Channels that flow from the feet to the torso, 
a well as the Heart, Pericardium, and Lung 
Channels that flow from the torso to the 
hands. 

The Yang channels run along the lateral as- 
pect of the body. They belong to the hollow 
Yang organs and connect with the solid Yin 
organs. The Yang channels include the Small 
Intestine, Triple Burners, and Large Intestine 
Channels that flow from the hands to the 
head, as well as the Bladder Gall Bladder and 
Stomach Channels that flow from the head to 
the feet. The interaction between the internal / 
external, Yin/ Yang relationship of the organs 
and channels results in an alchemical trans- 
ference between energy and matter. 

3. The Twelve Divergent Channels branch off the 
Twelve Primary Channels. They are mainly 
distributed on the chest, abdomen, and head. 
The Divergent channels have the energetic 
functions of connecting internally and exter- 
nally related channels, strengthening the con- 
nection of the Twelve Primary Channels to 
their related organs, and serving as extensions 
of the Twelve Primary Channels. 


LUO OR COLLATERALS 

The Twelve Primary Channels are connected 
by collaterals, which are small, interlinking 
streams. These collaterals are the connecting 
branches of the energetic circulatory system. They 
generally flow superficially, in horizontal and ver- 
tical energetic directions. They are the body’s sec- 
ondary streams of Qi that form an intricate net- 
work that traverses the body’s surface and inter- 
connects the main rivers, connective tissues, and 
cutaneous regions (Skin Zones). 

1. The Fifteen Major Collaterals (Luo) transfer 
Qi and Blood from the Twelve Primary Chan- 
nels to all parts of the body and link the body’s 
interior with its exterior, connecting the 
body’s internal and superficial channels, as 
well as the Governing and Conception Ves- 
sels and the Great Luo of the Spleen (see 
Chapter 7). 
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Figure 6.2. The Human Body's Energetic Matrix 


120 


2. The Minute Collaterals are smaller branches 
of the Fifteen Major Collaterals. They are 
countless in number. 

3. The Superficial Collaterals are smaller 
branches of the Minute Collaterals. They are 
also countless in number. 


MUSCLE TENDON CHANNELS 

The Twelve Muscle/ Tendon Channels are the 
external connections of the major channels. They 
generally flow superficially, traversing the body’s 
surface and serve to join the main rivers, connec- 
tive tissues, and Cutaneous Regions. The Twelve 
Muscle/Tendon Channels are also regions of the 
body where the Qi and Blood of the Twelve Pri- 
mary Channels nourish the muscles, tendons, and 
ligaments. 
CUTANEOUS REGIONS 

The Twelve Cutaneous Regions (also called 
Twelve Skin Zones) are areas of the body where 
the Blood and Qi of the Twelve Primary Chan- 
nels surface and connect to the body’s skin tis- 
sues. These cutaneous regions have a continuous 
and direct contact with the external environment. 

The body resonates in a continuous interplay 
of Yin and Yang harmony, balancing the channels’ 
and organs’ energy flows. The channels help cre- 
ate the body’s external Yin and Yang polarities and 
create the energetic matrices around which the 
body’s energetic fields can flow. Together these 
energetic matrices establish the foundation of the 
body’s energetic tissues (Figure 6.2). 


THE CHANNELS’ RELATIONSHIP TO QI 
AND BLOOD 

The channels transport Qi and Blood to nour- 
ish, moisten, and vitalize the whole body. Healthy 
bodily function depends on the balanced circula- 
tion of Qi and Blood. Qi is Yang and provides the 
energy or force necessary for the body’s functional 
activity (i.e., movement and transportation, warm- 
ing, containing, transforming, and defending). 
Blood is Yin and is the source of the body’s moist- 
ening, nourishment, and lubrication. 

The Blood, Qi, and heat circulate through the 
Twelve Primary Channels every two-hours, ebb- 
ing and peaking in energetic flow. The maximum 
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peak of a channel’s Qi, or “high-tide,” occurs at 
the time of day when the Qi in that channel is at 
its fullest. The minimum period of a channel's Qi, 
or “low tide,” occurs twelve hours from the peak 
time (Figure 6.3). 

The connective tissues of the body’s fasciae 
transmit a variety of biological energies. Think of 
the inner fascia as lubricated linings that cover the 
muscles and internal organs, allowing the tissues 
to slide and move easily. Within the lining of the 
superficial fasciae, the channels are webbed; this 
webbed network conducts energy in the form of 
electron, proton, and ion transmission, and is in- 
fluenced by light and sound. 

According to Traditional Chinese Medicine 
theory, each of the Twelve Primary Channels has 
its own individual resources of Qi and Blood; 
however, the energetic quality varies in accor- 
dance with the amount of Blood and Qi available 
in each organ and its particular channels. From a 
traditional Chinese medical perspective, the 
Spleen plays two important roles in regard to Qi 
and Blood. First, it converts food into Gu Qi which, 
when further refined by the Liver and Kidneys, 
becomes Ying (Nutritive) Qi; and second, it man- 
ages the Blood by keeping it in the channels. Ying 
Qi secretes Body Fluids that enter into the blood 
vessels and are transformed into Blood by the 
Heart. The Heart both creates and governs the 
Blood; whereas, the Liver stores it and spreads Qi 
throughout the body. Blood is considered to be a 
denser, more material form of Qi. Qi and Blood 
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are interdependent: Qi moves the Blood, but the 
Blood nourishes Qi; both flow together. 

The chart in Figure 6.4 shows each of the 
Twelve Primary Channels and the proportion of 
Qi and Blood each channel carries. 


FUNCTION OF THE CHANNELS 

The channels are responsible for responding 
to any malfunction in the body. They can also, 
however, be disseminators of energetic dysfunc- 
tion and disease. Disease passes in to the internal 
organs, or from one organ to another, via the chan- 
nels. Exogenous diseases progress from the body’s 
skin pores to the tiny collaterals, then to primary 
channels, and finally, to the internal organs. The 
channels are affected by disease in a predictable 
fashion. 
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1. Diseases and symptoms manifest along the 
channel pathway. 

2. Points along the channels become tender, 
painful, tight, or flaccid. 

3. When in a deficient state, the electrical resis- 
tance and heat tolerance diminish on the skin 
at the diseased point(s). 

4, The body’s sensory organs (sight, smell, taste, 
hearing and touch) are affected through chan- 
nel relationship. 

From a traditional Chinese medical perspec- 
tive, the functions and flow of the channels and 
collaterals, as well as the internal organs’ health 
can be affected by Medical Qigong, acupuncture, 
Chinese massage, and herbal medicine. Each sys- 
tem of Traditional Chinese Medicine disperses 
Excess, moves stagnation, stimulates and nour- 
ishing the Qi to tonify Deficiency, and stimulates 
the Wei Qi to fight External pathogens via the 
channels. In fact, each time the body’s channels 
and collaterals are trained or regulated, they be- 
come thicker with Qi. 


INTERNAL AND EXTERNAL CHANNEL 
FLow 

As the Qi of an internal channel flows into or 
out from its “primary organ,” it generates a cur- 
rent that is similar to a river rushing back into the 
sea. The moment that energy flowing through the 
internal channel permeates the primary organ, an 
energetic connection and reaction is immediately 
created in the organ tissues. When the Qi of an 
internal channel flows into its “associated organ,” 
however, the energetic reaction is quite different. 
Instead of immediately permeating the organ, the 
channel's energy “spirally wraps” the organ’s tis- 
sues through the internal fascia that envelops the 
associated organ. The associated organ tissues 
then absorb the energy from the surrounding fas- 
cia. This difference in energetic penetration and 
absorption rate is an important factor when work- 
ing with the body’s internal energetic channels. 
When Qigong doctors extend their energy into a 
patient’s channels, they must be aware that the 
absorption rate will be immediately felt in the 
channels pertaining organ, and will have a 
gradual effect on the organ’s associated organ. 
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Figure 6.5. The Twelve Primary Channels are divided into Yin and Yang. The Yin channels are connected to the 
solid organs, and the Yang channels are connected to the hollow organs. 





ORGAN AND CHANNEL 
FUNDAMENTALS 

The purpose for energetic anatomy and physi- 
ology is to understand the fundamental actions 
of each organ and each channel's unique energetic 
characteristics. This understanding includes the 
learning of differential diagnosis to categorize the 
various symptoms into meaningful patterns of 
disharmony. This ability to categorize the various 
symptoms will enable the doctor to analyze and 
recognize specific pathologies indigenous to spe- 
cific organs and channel energies (Figure 6.5). 

In Chinese medical science, the study of en- 
ergetic physiology is called Zhang Xiang Xue 
Shou, which literally translates as “the theory of 





the phenomena of internal organs.” Here, the 
word “phenomena” means visible external mani- 
festations. The organ’s physical structure is of little 
consequence; whereas, its function in the body is 
of primary importance. While Western anatomy 
and physiology are primarily concerned with the 
physical body in its most concrete form (investi- 
gating the structures of the major body systems 
and organs), energetic anatomy and physiology 
focuses mainly on the underlying energy that en- 
livens and sustains the physical form. 

In Chinese medical science, the body’s inter- 
nal organs are responsible for creating and dis- 
tributing Qi, Blood and Body Fluids. Traditional 
Chinese Medicine divides Body Fluids into two 
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distinct categories: Jin, which are the body’s clear, 
light fluids, and Ye, which are the body’s thick 
and heavy liquids. 

1. The Jin Body Fluids are the Yang Fluids of the 
Upper Burner that move with Wei Qi. They 
are fast, light, and clear fluids, such as: sweat, 
tears, saliva, and mucus. The Lungs control 
the Jin. 

2. The Ye Body Fluids are the Yin Liquids of the 
Middle and Lower Burners that move with 
Ying Qi. These are slow, heavy, and thick liq- 
uids. These liquids include those that moisten 
the joints, spine, brain, and Bone Marrow and 
lubricate the eyes, ears, nose, and mouth. The 
Spleen and Kidneys control the Ye. 

This internal action of creating and distribut- 
ing Qi, Blood and Body Fluids is manifested 
throughout the body’s tissues through the Blood’s 
Heat Cycle, which actively follows a peak (high- 
tide) and ebb (low-tide) energetic time period. 
Each organ and channel has either a Yin or Yang 
characteristic and is grouped and paired accord- 
ing to its Five Element nature. 

This chapter focuses on the Twelve Primary 
Channels and their relationship to the organs. 
Most Traditional Chinese Medical texts begin the 
sequence of these channels with the Lung Chan- 
nels. In this text, however, due to the energetic 
waxing and waning of the Yin and Yang Yao 
Cycles, and the Twelve Pi Hexagrams (see Chap- 
ter 11), I will start with the Gall Bladder Chan- 
nels. The Twelve Primary Channels are described 
as follows: Gall Bladder, Liver, Lung, Large Intes- 
tine, Stomach, Spleen, Heart, Small Intestine, Blad- 
der, Kidney, Pericardium, and Triple Burner. 


THE GALL BLADDER CHANNELS 

The Gall Bladder Channels are Yang channels. 
The external branches flow from the head to the 
feet on both sides of the body (Figure 6.6). The 
internal branches of the Gall Bladder Channels 
flow from the head to the Gall Bladder. The inter- 
nal and external branches of these two rivers origi- 
nate from the outer canthus of each eye. The ex- 
ternal branches zigzag around the side of the head, 
flowing down the sides of the torso. The internal 
branches leave the outer canthus of the eye and 
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descend the neck, entering the supraclavicular 
fossa, where they meet the main channels at the 
St-12 and Pc-1 points, and pass through the dia- 
phragm, spirally wrapping the Liver, and perme- 
ating the Gall Bladder. From there they encircle 
the genitals and enter deeply into the body to 
emerge at the sacrum. 

The external rivers continue to descend the 
lateral aspects of the torso and legs, ending at the 
lateral sides of the tips of the fourth toes. 


THE GALL BLADDER ORGAN 

The Gall Bladder’s associated organ is the 
Liver; its element is Wood. The Gall Bladder’s 
function of storing and excreting bile depends on 
the Liver’s function of maintaining a smooth flow 
of Qi throughout the body. 

The Gall Bladder also helps the Liver control 
the sinews, tendons, and ligaments. The Liver pro- 
vides Blood to the sinews, while the Gall Bladder 
provides Qi to the sinews in order to ensure proper 
movement and agility. 

PSYCHO-EMOTIONAL ASPECTS 

The Gall Bladder is responsible for making 
decisions and judgments, as well as providing 
courage and initiative. This organ is sometimes 
called The Court of Justice or The General’s Ad- 
visor. Although the Kidneys control drive and vi- 
tality, the Gall Bladder provides the capacity to 
turn this drive and vitality into decisive action. 

The Gall Bladder has an influence on the qual- 
ity and length of sleep. If the Gall Bladder is Defi- 
cient, the patient will often wake up suddenly, 
very early in the morning, and be unable to fall 
asleep again. 

Patient's who are timid, indecisive, and eas- 
ily discouraged by slight adversity, are said to 
have a weak Gall Bladder; conversely, decisive and 
determined patients are said to have a strong Gall 
Bladder. 


GALL BLADDER’sS ENERGY FLOow 

The Gall Bladder Channels are often used to 
drain off the energy from an overheated or Ex- 
cess Liver condition. Energetically, the Gall Blad- 
der Channels store more Qi than Blood, acting 
more on energetic and nervous functions than on 
physical substances and Blood functions. At the 
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Flowing down from the head, the 
internal channels of the Gall Bladder 
pass through St-12 and Pc-1 then 
Spiral wrap the Liver organ. From 
there, they circle the inside lining of 
the ribs (on the side of the body) then 
descend to the St-30 points. 


Figure 6.6. The Internal and External Qi Flow of the Gall Bladder (GB) Channels 


125 


SECTION 1: FOUNDATIONS OF ENERGETIC MEDICINE 


high-tide time period (11 p.m. to 1 a.m.) Qi and 
Blood abound in the Gall Bladder, and so the Gall 
Bladder organ and channels can more easily be 
dispersed and purged. During low-tide (11 a.m. 
to 1 p.m.) they can be easily tonified. The Gall 
Bladder Channels’ energy acts on the skin, 
muscles, and nerves found along their pathways. 


WESTERN MEDICAL PERSPECTIVE 

The gall bladder stores then releases bile 
through the cystic duct into the common bile duct 
that flow into the small intestine to aid in the di- 
gestion of fats. 


PATHOLOGICAL MANIFESTATIONS 
The main symptoms of the Gall Bladder 
Channel diseases are: 
¢ pain in the right-and left-upper quadrants of 
the abdomen, 
¢ disorders of the head, which include the eyes, 
ears, and face, and 
¢ disorders of the external sides of the legs along 
the channels’ pathways. 


THE LIVER CHANNELS 

The Liver Channels are Yin channels that flow 
externally from the feet to the torso (Figure 6.7). 
These two rivers originate externally from the in- 
side of the big toes and flow upward on the in- 
side the legs, to circle the groin. From there they 
continue to ascend externally to the lateral aspects 
of the thorax, where they enter internally and per- 
meate the Liver. They then connect to and spirally 
wrap the Gall Bladder. From there, they flow to 
the Lungs, ascend internally into the thorax, and 
connect with the eyes, cheeks, and inner surface 
of the lips. They emerge from the forehead and 
comnect with the Governing Vessel at the Baihui 
GV-20 point (Figure 6.8). 
THE LIVER ORGAN 

The Liver is responsible for the “free and easy 
wandering” of Qi in the body, i.e., the Liver makes 
the Qi flow smoothly in and around the body. The 
Liver governs the Belt and Thrusting Vessels, as 
well as the body’s Qi flow and circulation. The 
smooth flow of Qi ensures normal mental and 
emotional activity, as well as normal secretion of 
bile. Impairment of this Liver function leads to a 
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“binding depression of Liver Qi,” associated with 
impatience, hasty decisions impulsive actions, and 
a hot temper. 

The Liver’s associated organ is the Gall Blad- 
der; its element is Wood. The Liver energy opens 
externally at the eyes and manifests externally 
through the fingernails and toenails. The Liver 
stores the Blood, and serves as a reservoir of Blood 
to regulate the circulation of Blood volume. In 
women it assists the uterus and regulates the 
menses. The Liver regulates the function and con- 
trol of the muscles, tendons, and ligaments and is 
the source of the body’s physical strength. It also 
stores the emotion of anger. 


PSYCHO-EMOTIONAL ASPECTS 

The Liver is responsible for planning and creativ- 
ity, as well as instantaneous solutions or sudden 
insights; it is therefore considered The General in 
Charge of Strategy. The Liver houses the body's 
Hun and governs fright. 

Its positive psycho-emotional attributes are 
kindness, benevolence, compassion, and generos- 
ity; its negative attributes are anger, irritability, 
frustration, resentment, jealousy, rage, and depres- 
sion. 

The Liver is also called the “root of resistance 
to fatigue.” Whenever the Liver is not function- 
ing properly (stagnate or excessively Hot due to 
suppressed emotions) the patient can experience 
fatigue as well as physical weakness. 


THE LIVER’S ENERGY FLow 

The Liver Channels move the Qi to the whole 
body, storing and distributing the Blood. The Liver 
Channels contain more Blood than Qi, thus they 
affect physical substances more than they affect 
energetic functions. At the high-tide time period 
(1 am. to 3 a.m.), Qi and Blood abound in the 
Liver, and so the Liver organ and channels can 
more easily be dispersed and purged.; whereas, 
during low tide (1 p.m. to3 p.m.), they can be eas- 
ily tonified. The Liver Channel’s energy acts on 
the skin, muscles, and nerves found along their 
pathways. 
WESTERN MEDICAL PERSPECTIVE 

The liver stores vitamins A, B-12, D, E, and K, 
and regulates blood volume. It is one of the main 
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Figure 6.7. The Internal and External Qi Flow of the Figure 6.8. Side View of the Liver Channel's Internal 
Liver (Lv) Channels Flow of Energy 


SECTION 1: FOUNDATIONS OF ENERGETIC MEDICINE 


sources of the body’s heat. The liver manufactures 
cholesterol and functions in lipid metabolism and 
controls bile secretion. 


PATHOLOGICAL MANIFESTATIONS 

Diseases of the Liver Channels cause swell- 
ing and a distended sensation of the hypochon- 
drium. The Liver Channels also correspond to 
diseases of the lower abdomen and genital organs. 

Since the Liver supplies the tendons with 
nutrients to develop physical strength, Liver im- 
pairment causes numbness, tremors, or spasms 
of the muscles, and sluggishness in joint move- 
ments. 

The Liver and Kidneys are mutually depen- 
dant upon each other. The Liver stores the Blood 
that nourishes the Kidney Jing; whereas the Kid- 
neys store Jing that helps produce the Blood. De- 
ficient Kidneys may lead to Blood Deficiency, and 
Deficient Liver Blood may cause weakness of the 
Kidney Jing due to lack of nourishment from the 
Blood. The hair on top of the head is also nour- 
ished by the Blood. When the hair turns grey, it is 
often alleged to be caused by insufficient Blood 
stored in the Liver, as well as a Kidney Jing weak- 
ness. 


THE LUNG CHANNELS 

The Lung Channels are Yin channels and flow 
externally from the torso to the hands. The main 
river originates internally from the Middle Burner, 
in the middle of the chest, and descends down- 
ward, connecting with and spirally wrapping the 
Large Intestine. From there, it ascends along the 
upper surface of the Stomach passage and through 
the diaphragm, where it branches and permeates 
both Lungs (Figure 6.9). 

From the Lungs, the rivers of Qi merge and 
ascend into the pit of the throat, where they sepa- 
rate again into two channels that transverse be- 
low the clavicle. These two main channels then 
surface externally to descend down the arms, and 
end on the outer side of each thumb. A small 
stream of energy branches off each wrist at the 
Lu-7 point and runs directly to the radial side of 
the tip of the index finger, where it connects with 
a branch of the Large Intestine Channels. 


THE LUNG ORGAN 

Since the Lungs are the uppermost organs, 
they are compared to canopies that shelter and 
protect all other internal organs. The Lungs’ as- 
sociated organ is the Large Intestine; its element 
is Metal. The Lung Qi opens externally at the nose 
and manifests itself through the voice (i.e., when 
the Lung Qi is in Excess the voice is too loud; when 
Deficient the voice is too soft). The Lungs govern 
the body’s Qi and respiration. They regulate the 
metabolism of Water passages (sweat and Body 
Fluids), the opening and closing of the pores, the 
skin and the hair’s texture. 

The Lungs also control the circulation of Qi 
in both vessels and channels, as well as the 
dispersing or spreading of the body’s Wei Qi (pro- 
tective energy). They contro! the descending and 
holding functions of the body’s Qi and Body Flu- 
ids. 

All blood vessels lead to the Lungs, i.e., all 
Blood within the body must pass through the 
Lungs. 

PSYCHO-EMOTIONAL ASPECTS 

It is said that the Lungs are “the priest” or 
The Minister of Heaven and are responsible for 
establishing the foundation of Qi for the entire 
body (see Chapter 12). The Lungs house the 
body’s Seven Corporeal Souls (Po) and are respon- 
sible for self-protection and self-preservation. 

The Lungs positive psycho-emotional at- 
tributes are righteousness, dignity, integrity, and 
high self-esteem; their negative attributes are dis- 
appointment, sadness, grief, despair, anxiety, 
shame, and sorrow. 

THE LUNGS’ ENERGY FLOW 

Functionally, the Lung Channels’ energy acts 
on the Lungs, bronchi, throat, and larynx. If the 
Lung Qi is combined with Liver Qi and becomes 
stagnate in the throat area, a condition known as 
a “plum pit,” or knot in the throat, develops. The 
Lung Channels store more Qi than Blood, thus 
they have a greater affect on energetic and ner- 
vous functions than on physical substances and 
Blood functions. At the high-tide time period 3 
a.m. to 5 a.m.)}, Qi and Blood abound in the Lung 
organs and channels. They can therefore be more 
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Figure 6.9. The Internal and External Qi Flow of the Lung (Lu) Channels 
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easily be dispersed and purged at this time pe- 
riod; whereas during low-tide (3 p.m. to 5 p.m.), 
they can more readily be tonified. The Lung 
Channels’ energy acts on the skin, muscles, and 
nerves found along their pathways. 


WESTERN MEDICAL PERSPECTIVE 

The action of inhaling air introduces oxygen 
into the lungs; exhaling expels carbon dioxide 
from the lungs. The heart pumps blood into the 
lungs. Blood passing through the lungs receives 
oxygen, and is then delivered back into the heart, 
where it is circulated throughout the body via the 
circulatory system. 


PATHOLOGICAL MANIFESTATIONS 

The Lung Channels’ dysfunctions can result 
in chest and Lung diseases, as well as diseases on 
the radial side of the upper arm and palmar area 
of the hand. 

The Lungs keep the pathway of air unob- 
structed and disseminate vital Qi throughout the 
body. If these functions are impeded, obstructions 
of the nose, coughing, dyspnea, and fullness of 
the chest may occur. 

The Lungs cleanse the inhaled air and keep 
the Qi flowing downward. If these functions are 
impeded, coughing, asthma, oliguria (diminished 
amount of urine formation), and edema may oc- 
cur. 

Since the Lungs have their external orifice at 
the nose, stuffy nose, nasal discharge, and impair- 
ment of smeli are common symptoms when the 
Lungs are being attacked by a pathogenic inva- 
sion of Wind and Cold. 


THE LARGE INTESTINE CHANNELS 

The Large Intestine Channels are Yang chan- 
nels and flow externally from the hands to the 
head. These two rivers originate externally from 
the tips of the index fingers, ascend up the arms, 
and cross the shoulders, where they connect with 
the 7th cervical vertebra and then split into two 
branches. One set of branches (one branch from 
the left Lung and its corresponding branch from 
the right Lung) descends internally and spirally 
wraps the Lungs before moving through to per- 
meate the Large Intestine. The other set contin- 
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ues ascending externally through the neck and 
cheek to the gums of the lower teeth. It curves 
around the upper lip and flows to the opposite 
side of the nose, where it connects with the Stom- 
ach Channels (Figure 6.10). 


THE LARGE INTESTINE ORGAN 

The Large Intestine’s associated organ is the 
Lungs; its element is Metal. The main function of 
the Large Intestine is to receive food essence from 
the Small Intestine. The Large Intestine organ is 
said to govern humor (any fluid or semifluid sub- 
stance in the body). It absorbs fluid that was sepa- 
rated by the Small Intestine and controls the trans- 
formation and transportation of solid waste in the 
body. The Large Intestine also controls the throat, 
teeth, and the drainage of the nose. 


PSYCHO-EMOTIONAL ASPECTS 

The Large Intestine relationship to the Lungs 
makes it equally affected by the emotions of sad- 
ness, grief, and worry. An energetic imbalance in 
the Large Intestine can result in physical weak- 
ness and provoke emotional introversion, accom- 
panied by feelings of depression, irritability, dis- 
couragement, distress and apathy. 

Strong emotions of fear or panic can produce 
an energetic-stool reflex reaction in the Large In- 
testine resulting in a spontaneous defecation. 


TNE LARGE INTESTINE’S ENERGY FLow 

The Large Intestine Channels have equally 
abundant amounts of Qi and Blood, acting equally 
on the body’s energetic and nervous functions, as 
well as on physical substances and Blood func- 
tions. At the high-tide time period (5 a.m. to 7 
a.m.), Qi and Blood abound in the Large Intestine 
organ and channels and can therefore be more 
easily dispersed or purged at this period; whereas 
during low-tide (5 p.m. to 7 p.m.), they can be 
more readily tonified. The Large Intestine 
Channels’ energy acts on the skin, muscles, and 
nerves found along their pathways. 


WESTERN MEDICAL PERSPECTIVE 

The large intestine, sometimes called the “co- 
lon,” is divided into four quadrants; the ascend- 
ing, transverse, descending, and sigmoid or pel- 
vic colon. The function of the large intestine is to 
reabsorb the fluid from the contents of indigest- 
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Figure 6.10. The Internal and Extemat Qi Flow of the Large Intestine (LI) Channels 
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ible food residues moving through the intestines 
and to eliminate them from the body in the form 
of semisolid feces. 

Whatever digestion takes place in the large 
intestine results from bacterial action. The fermen- 
tative bacteria (found in the middle part of the 
large intestine) and putrefying bacteria (found in 
the lower part of the large intestine) may produce 
toxic products, such as indole and skatol; how- 
ever, if absorbed into the body, such bacterial de- 
compositions undergo detoxification in the liver. 
In intestinal obstructions these bacterial decom- 
positions are absorbed and eliminated in the urine 
in the form of indican. 


PATHOLOGICAL MANIFESTATIONS 

Dysfunctions in the Large Intestine Channels 
can result in diseases of the lower part of the face 
(including the nose, oral cavity, and teeth), throat, 
and front part of the neck, as well as disease of the 
back and radial sides of the upper extremities. 

Tonification of the Large Intestine can be used 
to eradicate eye pain, toothache, earache, and to 
prevent hemorrhages, as well as to greatly reduce 
excessive menstrual bleeding. 

Because of its relationship to the Lungs, the 
Large Intestine can be purged to treat coughing and 
asthma caused from Excessive Heat in the Lungs; 
whereas replenishing the vital Qi of the Lungs can 
cure constipation in debilitated patients. 

The Large Intestines’ energetic functional pat- 
terns generally relate to disturbances in bowel 
movements. Disturbances of the Large Intestine’s 
energetic function usually gives rise to one of the 
two following complications: 

1. Excess Conditions of the Large Intestines can 
result in symptoms of: Heat, Heat obstruction, 
Damp Heat, or Cold invading the Large In- 
testine. 

2. Deficient Conditions of the Large Intestines 
can lead to an invasion of Cold or Dryness, 
and in severe cases of Deficiency, to the Col- 
lapse of the Large Intestine. 


THE STOMACH CHANNELS 

The Stomach Channels are Yang channels, and 
flow externally from the head to the feet (Figure 
6.11). These two rivers originate externally from 
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the lateral sides of the nose (LI-20), ascending 
upward to the base of the eye and bridge of the 
nose, where they meet the Bladder Channels. They 
then descend under the eyes, down the face, wind- 
ing along the angle of the mandible, then ascend 
in front of the ears, following the anterior hairline 
till they reach the forehead. From the St-5 point, 
the primary branches on each side descend the 
neck and torso. Externally, these branches con- 
tinue down the torso and legs and end at the lat- 
eral tips of the second toes. A second set of 
branches separate from the St-12 points and in- 
ternally permeate the Stomach before spiral wrap- 
ping the Spleen and joining the primary channel 
branches at the St-30 points. 
THE STOMACH ORGAN 

The Stomach organ’s associated organ is the 
Spleen; its element is Earth. The Stomach is con- 
sidered the origin of the Body's Fluids. Its main 
function is to accept and decompose food. It sepa- 
rates the “clean” (pure) and “turbid” (impure) 
parts of ingested food and transfers the clean, 
energetically usable portion upwards to the 
Spleen, while sending the turbid unusable por- 
tion downward to the Small Intestine, to be fur- 
ther processed. Both the Stomach and the Spleen 
are considered the roots of Postnatal Qi and are 
often called The Ministers of Food Storage. 


PSYCHO-EMOTIONAL ASPECTS 

The Stomach influences the mental state; an 
Excess condition can agitate the mind and cause 
mental symptoms such as: mania or hypomania, 
confusion, severe anxiety, and hyperactivity. 
THE STOMAGH’S ENERGY FLOW 

The Stomach Channels have equally abun- 
dant amounts of Qi and Blood, acting equally on 
the body’s energetic and nervous functions, as 
well as on physical substances and Blood func- 
tions. At the high-tide time period (7 a.m. to 9 
a.m.), Qiand Blood abound in the Stomach organ 
and channels, and can therefore be more easily 
dispersed or purged at this period; whereas dur- 
ing low-tide (7 p.m. to 9 p.m.), they can be more 
readily tonified. The Stomach Channels’ energy 
acts on the skin, muscles, and nerves found along 
their pathways. 
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Asecond set of branches separate from the 
St-12 points and internally permeate the 
Stomach before spiral wrapping the Spleen 
and joining the primary channel branches 
at the St-30 points. 


Figure 6.11. The internal and External Qi Flow of the Stomach (St) Channels 


133 


SECTION 1; FOUNDATIONS OF ENERGETIC MEDICINE 


WESTERN MEDICAL PERSPECTIVE 

The stomach secretes gastric juice for food di- 
gestion. The proteins are converted into peptones; 
the stomach then regulates the passage of food to 
the other digestive organs. 


PATHOLOGICAL MANIFESTATIONS 

Diseases of the Stomach Channels include dis- 
eases of the face (nose, oral cavity, and teeth), 
throat, front of the neck, the abdomen, the frontal 
part of the legs and gastrointestinal area. Stom- 
ach disease can also induce certain psychiatric dis- 
eases. 

Diseases of the Stomach organ are primarily 
caused by improper diet. To determine the root 
of the disease, the following five areas are consid- 
ered: 

1. The patient’s Five Elemental Constitution and 
present state of health, 

2. The type and energetic quality of the foods 
ingested (Hot or Cold), and whether the food 
is in season or out of season, 

3. The scheduling of meals (This not only in- 
cludes eating meals at regular times, but also 
eating a balanced meal, not too fast, and not 
too late at night), 

4, The Yin/ Yang balance of the types of food 
digested (This includes balancing the foods 
Five Tastes and Five Colors), and 

5, The emotional factors surrounding meal time. 
This includes having the proper mental atti- 
tude (being relaxed and calm) and avoiding 
emotional distress (such as feeling rushed, 
upset, and so on). 

The Stomach easily suffers from Excess pat- 
terns (e.g., Fire or Phlegm Fire), which in turn agi- 
tate the Shen. When the Shen is disturbed, it can 
cause manic symptoms such as: inappropriate 
laughter, pressured speech, unconscious talking, 
laughing, or singing, violent or otherwise inap- 
propriate behavior ( e.g., taking off one’s clothes 
in public). In milder cases, symptoms may include 
mental confusion, severe anxiety, hypomania (a 
milder form of mania), and hyperactivity. 

Since the Stomach has the function of sending 
the preliminarily digested food downward, an im- 
pairment of this function often causes vomiting. 
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THE SPLEEN CHANNELS 

The Spleen Channels are Yin channels and 
flow externally from the feet to the torso (Figure 
6.12). These two rivers originate externally from 
the medial tips of the big toes, ascend upwards 
along the inner thighs, then enter the abdomen 
(connecting to the CV-3 and CV-4 points) and fur- 
ther up the upper torso (connecting to the CV-12 
point). The external Spleen Channels meet at the 
CV-12 point, enter the body, where the left chan- 
nel flows into the Spleen, and then spirally wraps 
the Stomach organ. An internal branch ascends 
from the CV-12 point into the Heart. At the CV-12 
point both left and right main channels meet and 
separate again to ascend through the diaphragm, 
up the torso and throat, alongside the esophagus, 
to reconnect at the base of the tongue. From the 
Sp-20 points external branches descend along the 
lateral aspects of the torso and terminate on the 
mid-axillary line in the seventh intercostal space. 


THE SPLEEN ORGAN 

The Spleen’s associated organ is the Stomach; 
its element is Earth. In Traditional Chinese Medi- 
cine, the pancreas (a gland that produces insulin 
and is connected to the Spleen) is considered part 
of the Spleen/Stomach function. The Spleen or- 
gan is responsible for transforming food received 
from the Stomach into Gu Qi. The Gu Qi is then 
sent to the Liver and Kidneys to be “cooked” and 
further refined. The Spleen’s main function is to 
govern or oversee this transportation and trans- 
formation of Gu Qi. It also controls the Blood by 
keeping it in the blood vessels, and governs the 
muscles, flesh, and limbs. The Spleen organ’s en- 
ergy opens externally at the mouth, controlling 
taste, and connects externally by the lips. The 
Spleen is sometimes called The Minister of Grains, 
because it is responsible for distributing what the 
Stomach has stored. Energetically, the Spleen con- 
trols the body’s central cavity, and maintains the 
internal organs in their places. 


PSYCHO-EMOTIONAL ASPECTS 

The Spleen houses the body's thoughts and 
intentions (Yi), and is responsible for analytical 
thinking, memory, cognition, intelligence, and 
ideas. The Spleen is responsible for directing 
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The external Spleen Channels 
meet at the CV-12 point, enter the 
body, where the left channel flows 
into the Spleen, and then spirally 
wraps the Stomach organ. An 
internal branch ascends from the 
CV-12 point into the Heart. At the 
CV-12 point both left and right 
main channels meet and separate 
again to ascend through the 
diaphragm, up the torso and throat 
to reconnect at the base of the 
tongue. 


Figure 6.12. The Internal and External Qi Flow of the Spleen (Sp) Channels 
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memories to the Kidneys for short-term storage. 
The Kidneys will later transfer these memories to 
the Heart for long-term memory storage (see 
Chapter 12). 

The Spleen’s positive psycho-emotional at- 
tributes are trust, honesty, openness, acceptance, 
equanimity, balance, and impartiality; its negative 
attributes are worry, excessive thinking, pensive- 
ness, obsessiveness, remorse, regret, obsessions, 
and self-doubt. 

THE SPLEEN’S ENERGY FLOW 

The Spleen Channels store more Qi and less 
Blood, acting more on energetic and nervous func- 
tions than on physical substance and Blood func- 
tions. At the high-tide time period (9 a.m. to 11 
a.m.), Qi and Blood abound in the Spleen organ 
and channels, and can therefore be more easily 
dispersed and/or purged at this period; whereas 
during low-tide (9 p.m. to 11 p.m.), they can be 
more readily tonified. The Spleen Channels’ en- 
ergy acts on the skin, muscles, and nerves found 
along their pathway. 

WESTERN MEDICAL PERSPECTIVE 

The spleen is responsible for blood formation, 
filtration, and storage. In the embryo, all types of 
blood cells are formed by the spleen, but in the 
adult, only lymphocytes and monocytes are 
formed. 


PATHOLOGICAL MANIFESTATIONS 

The main diseases of the Spleen Channels in- 
clude gastrointestinal dysfunctions (disturbances 
of digestion and absorption of food), and diseases 
of the tongue and throat. Spleen disorders also 
affect the inner side of the lower extremities along 
the Spleen’s Channels. 

Since the Spleen has the function of sending 
food essence upwards (to the Lungs), if this func- 
tion is impeded, diarrhea or prolapse of the vis- 
cera may occur. 

The Spleen also has the function of keeping 
the Blood flowing in the blood vessels; impair- 
ment usually leads to chronic hemorrhagic dis- 
eases. 

The Spleen has the function of nourishing the 
flesh (muscles). A person with a healthy Spleen 
will usually have a healthy figure and a toned 
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body; a diseased Spleen makes the patient lose 
muscle definition. 

The Spleen nourishes the limbs. Strength of 
the limbs depends upon the nourishment guar- 
anteed by the normal functioning of the Spleen. 
A diseased Spleen usually causes weakness of the 
limbs. 


THE HEART CHANNELS 

The Heart Channels are Yin Channels and 
flow externally from the torso to the hand (Figure 
6.13). Three rivers originate internally from the 
Heart on each side of the body. The first bilateral 
set ascends and connects to the tissues connect- 
ing the eyeball. The second set descends, first to 
permeate the Pericardium, then descends further 
to connect with and spirally wrap the Small In- 
testine. The third set flows up into the Lungs, 
emerges externally at the armpits, then descends 
the medial aspect of the arms and ends on the in- 
side of the little fingers. 


THE HEART ORGAN 

The main function of the Heart organ consists 
of controlling the Blood and vessels, regulating 
the Blood flow, perspiration, and housing the 
Shen. The Heart organ’s energy opens externally 
at the tongue and is expressed through the com- 
plexion. 


PSYCHO-EMOTIONAL ASPECTS 

The Heart's associated organ is the Small In- 
testine; its element is Fire. Long-term memory, 
thinking, emotions, intimacy, cognition, intelli- 
gence, and ideas are all dominated by the func- 
tion of the Heart. The Heart is sometimes called 
The Emperor, or “supreme controller of all Yin and 
Yang organs” (see Chapter 12). The Heart houses 
the body’s Spirit (Shen). The Heart dominates 
sleep; if the Heart is strong the patient will fall 
asleep easily and sleep soundly. If the Heart is 
weak, the patient's mind will “float,” resulting in 
an inability to fall asleep, disturbed sleep, or ex- 
cessive dreaming. 

The Heart’s positive psycho-emotional at- 
tributes are love, joy, peace, contentment, propri- 
ety, insight, wisdom, orderliness, forgiveness, and 
courtesy. Its negative attributes are hate, guilt, 
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Figure 6.13. The Internal and External Qi Flow of the Heart (Ht) Channels 
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shock, nervousness, excitement, longing, and 
craving. 
THE HEART’sS ENERGY FLOW 

The Heart Channels store more Qi than Blood; 
that is to say, its dominant action affects the en- 
ergy. This energetic action controls the morale, the 
spirit of enterprise, and provides the energy re- 
quired for respiration. At the high-tide time pe- 
Tiod (11 a.m. to 1 p.m.), Qi and Blood abound in 
the Heart organ and channels, and can therefore 
be more easily dispersed or purged at this period; 
whereas during low-tide (11 p.m. to 1 a.m.), they 
can be more readily tonified. The Heart Channel's 
energy acts on the skin, muscles, and nerves found 
along their pathways. 
WESTERN MEDICAL PERSPECTIVE 

The heart provides the propulsive force for 
circulating the blood throughout the vascular sys- 
tem. The blood circulation distributes the nutri- 
ents and oxygen needed for cell and tissue sur- 
vival. The heart’s propulsion also aids in the re- 
moval of wastes and other substances through the 
interconnecting blood vessels. 


PATHOLOGICAL MANIFESTATIONS 

The main diseases of the Heart Channels in- 
clude diseases that exert pressure on the brain, 
eyes, or pharyngeal wall, as well as diseases of 
the Heart itself, and the lateral side of the chest. 
The Heart also relates to diseases of the ulnar pal- 
mar side of the arm. 

The Heart is in charge of mental activities, in- 
cluding consciousness and thinking. Dysfunctions 
of the Heart can lead to insomnia, impairment of 
consciousness, amnesia, and psychosis. 

The Heart and Kidneys have a mutual ener- 
getic relationship of supporting and checking each 
other. The Heart controls the body’s Fire, while 
the Kidneys control the body’s Water. Normally, 
the Fire of the Heart is sent down to warm the 
Kidneys, and the Water of the Kidneys is sent up 
to irrigate the Heart. If this balanced relationship 
breaks down (especially when the Kidney Water 
is insufficient to check the Heart Fire), a series of 
Fire symptoms of the Heart, such as hypertension, 
hyperactivity, palpitations, and insomnia may re- 
sult. 


Since the Heart has its external opening in the 
tongue, the condition of the Heart is reflected in 
the tongue: 

1, A dark purple tongue indicates Blood Stasis 
of the Heart. 
2. Apale tongue reveals Deficient Blood of the 

Heart. 

3. An ulcer on the tongue reveals Excess Fire of 
the Heart. 


THE SMALL INTESTINE CHANNELS 

The Small Intestine Channels are Yang chan- 
nels and flow externally from the hands to the 
head. These two rivers originate externally from 
the lateral tips of the little fingers (ulnar side) then 
ascend the arms to the shoulders, where they di- 
vide into two sets of branches. One set of branches 
descends the supraclavicular fossa internally, spi- 
ral wrapping the Heart, then continues down the 
esophagus, diaphragm, and Stomach, before per- 
meating the Small Intestine (Figure 6.14). 

The other set of branches ascends externally 
up the sides of the neck, then divides again into 
two more sets of branches at the cheek; one set 
will end at the ears, the other at the lateral sides 
of the nose and inner canthus of the eyes. 


THE SMALL INTESTINE ORGAN 

The Small Intestine temporarily stores par- 
tially digested food, absorbing the essential sub- 
stances of the undigested food and a portion of 
the liquid content. It later transfers the residue 
(with a considerable amount of liquid) to the Large 
Intestine, and that is why it is said that the Small 
Intestine “governs liquid.” 

The Small Intestine is sometimes called “The 
Official in Charge of Separating the Pure from the 
Impure, because it separates the “clean” (reusable) 
food essence (Gu Qi) from the “dirty, turbid” food 
essence. The clean Gu Qi is transported through- 
out the body to nourish the tissues. The turbid is 
transported to the Large Intestine and Bladder 
organs to be further processed. 

The Small Intestine’s associated organ is the 
Heart; its element is Fire. 


PSYCHO-EMOTIONAL ASPECTS 
The Small Intestine influences the patient's 
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Figure 6.14. The Internal and External Qi Flow of the Smail Intestine (SI) Channels 
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mental clarity, judgement, and powers of discern- 
ment. The ability to distinguish relevant issues 
with clarity before making a decision is attributed 
to the Small Intestine. 


THE SMALL INTESTINE’S ENERGY FLow 

The Small Intestine Channels store more 
Blood than Qi, and act more on the physical sub- 
stances and Blood functions than on energy. At 
the high-tide time period (1 p.m. to 3 p.m.), Qi 
and Blood abound in the Small Intestine organ 
and channels, and can therefore be more easily 
dispersed and purged at this period; whereas 
during low-tide (1 a.m. to3.a.m.), they can be more 
readily tonified. The Small Intestine Channels’ 
energy act on the skin, muscles, and nerves found 
along their pathway. 
WESTERN MEDICAL PERSPECTIVE 

The small intestine’s function is to receive the 
food mass from the stomach through the pylorus, 
the bile from the liver and gall bladder, and the 
pancreatic juices for digestion and absorption. The 
small intestine then passes what it doesn’t absorb 
into the large intestine. 


PATHOLOGICAL MANIFESTATIONS 

Diseases of the Small Intestine Channels in- 
clude diseases of the face, ear, cheek, lower jaw, 
the neck, and threat, as well as the dorsal ulnar 
side of the upper extremities. 

In TCM, food and herbs are divided into Yin 
(Cold) or Yang (Hot) properties. The Small Intes- 
tine is easily affected by the type and tempera- 
ture of food eaten. An excess consumption of 
“cold” and raw foods, for example, can create a 
Cold condition within the Small Intestines, while 
an excess consumption of “hot” foods can create 
a Hot condition. 

Disturbances of the Small Intestine’s energetic 
function usually gives rise to one of the following 
complications: 

1. Excess Conditions of the Small Intestines can 
result in symptoms of: Full Heat, Qi pain, 
Knotted Qi, and the infestation of worms in 
the Small Intestine. 

2. Deficient Conditions of the Small Intestines 
can manifest as: Deficient and Cold Small In- 
testine. 
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Pathologic Heart Heat may be transmitted to 
the Small Intestine, resulting in urodynia (pain- 
ful urination) and hematuria (blood in the urine). 
Herbal prescriptions used to dispel Heat from the 
Heart are also effective in treating these urinary 
symptoms, which are alleged to be caused by dys- 
functions of the Small Intestine. 


THE BLADDER CHANNELS 

The Bladder Channels are Yang channels and 
flow externally from the head to the feet. Two riv- 
ers originate externally from the inner canthus of 
the eyes, ascend upward over the head to join the 
Governing Vessel at the GV-20 point, where they 
divide into two additional branches that flow into 
each temple, and into the brain. From there, they 
then divide into two sets of branches (at the BI-10 
point), which descend the back, and internally 
connect to and spiral wrap the Kidneys, before 
they descend to permeate the Bladder. They con- 
tinue externally down the thigh, the popliteal fossa 
at the back of the knee, calf, and foot, and end on 
the lateral sides of the tips of the little toes (Figure 
6.15). 


THE BLADDER ORGAN 

The function of the Bladder is to remove wa- 
ter by Qi transformation. The Bladder receives the 
“impure” parts of the fluids separated by the 
Small Intestine and temporarily stores and trans- 
forms these fluids into urine, to discharge it when 
the Bladder is full. The Bladder and the Small In- 
testine work together to remove Body Fluids from 
the Lower Burner. 

The Bladder Channels activate the Yang aspect 
of the Kidney’s function and are sometimes called 
The Water District Officials or “the controllers of 
the storage of waste water.” The Bladder’s associ- 
ated organ is the Kidney; its element is Water. 


PSYCHO-EMOTIONAL ASPECTS 

An imbalance in the Bladder can cause such 
psychological symptoms as habitual fear, lack of 
decision making capability and a diminished 
moral character. If the imbalance becomes chronic, 
it results in such emotional responses as jealousy, 
suspicion, and a holding on to long-standing 
grudges. 
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Figure 6.15. The Internal and External Qi Flow of the Bladder (BI) Channels 
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THE BLADDER’s ENERGY FLow 
The Bladder Channels regulate the functions 
of the Kidneys. The Bladder Channels store more 
Blood than Qi, acting more on the physical sub- 
stances and the Blood functions than on the en- 
ergy. At the high-tide time period (3 p.m. to 5 
p-m.), Qi and Blood abound in the Bladder organ 
and channels, and can therefore be more easily 
dispersed and purged at this period; whereas 
during low-tide (3 a.m. to 5 a.m.), they can be more 
readily tonified. The Bladder Channels’ energy 
acts on the skin, muscles, and nerves found along 
their pathway. 
WESTERN MEDICAL PERSPECTIVE 
The bladder is a reservoir for the urine re- 
ceived from the kidneys; it discharges urine from 
the body through the urethra. 
PATHOLOGICAL MANIFESTATIONS 
The main diseases of the Bladder Channels 
include: 
* Diseases of the top of the head, 
* Brain disorders, 
¢ Disorders of the neck and back, especially the 
Jumbar and sacral regions, 
¢ Disorders of the back of the legs and thighs, 
and 
* Disorders of the lateral side of the feet. 
Diseases of the Bladder Organ manifest in 
changes in urine and urination; these changes will 
reflect a Deficient or Excess condition of the Blad- 
der. 

1. Deficient Conditions are attributed to Defi- 
cient Kidney Qi which affects the Bladder’s 
ability to transform Qi. This dysfunction 
causes frequent urination, dribbling, or enure- 
sis (involuntary discharge of urine). 

2. Excess Conditions are attributed to Damp 
Heat in the Bladder, resulting in symptoms 
such as: 

¢ heat and pain during urination, 

e the short release of murky or reddish urine, 

¢ frequent difficulty in urination, 

¢ pus, or Blood in the urine, and 

¢ Bladder stones which cause a urinary block 
and painful distention of the lower abdomen. 
The most common pathological factor in the 
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diseases of the Bladder organ is due to the accu- 
mulation of Dampness (e.g., Damp Heat or Damp 
Cold). Other pathological conditions include: 
emotional fears, anxieties and insecurities, ex- 
cessive sex, and Deficient and Cold Bladder. 


THE KIDNEY CHANNELS 

The Kidney Channels are Yin channels and 
flow externally from the feet to the torso (Figure 
6.16). These two rivers originate externally from 
underneath the little toes, circling the inside of the 
heels, ascending through the medial aspect of the 
legs, where they merge and enter into the coccyx 
and lower lumbar vertebrae. Dividing again, one 
branch permeates the Kidneys, while the other 
branch continues ascending into the cerebral cor- 
tex. From the Kidney organs, two additional sets 
of channels internally emerge. One set descends 
and spiral wraps the Bladder. The other set as- 
cends into the Liver, diaphragm, and Lungs, then 
spiral wraps the Heart and travels up the throat, 
stopping at the root of the tongue (Figure 6.17). 


THE KIDNEY ORGANS 

The Kidneys store Jing substances, produce 
Marrow, and control the development of the 
bones. They also control respiration, reproduction, 
growth and development, and govern the Body 
Fluids. The Kidney Jing is the biological basis for 
the woman’s menstrual blood. The Kidneys are 
the root of the Yin and Yang Qi of all the body’s 
organs. The Kidneys energetically open externally 
through the ears and are sometimes called The 
Minister of Ingenuity and Vitality, or “the control- 
ler of water” (see Chapter 12). 

The Kidney organs’ associated organ is the 
Bladder and it’s element is Water. Kidney Yin Qi 
flows to the Liver, Heart, and Lungs. It is respon- 
sible for the body’s fluid-like essences and rules 
the birth, growth, maturation, and reproduction 
cycle. Kidney Yang Qi flows to the Spleen, Liver, 
Heart, and Lungs. It supports the Yang of all the 
body’s organs via the Mingmen. 
PSYCHO-EMOTIONAL ASPECTS 

The Marrow produced from the Kidney Jing 
flows into the brain. The thinking ability is 
strengthened when Qi and Blood in the cerebral 
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Figure 6.17. The Internal and External Qi Flow of the Kidney (Kd) Channels 
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cortex are abundant. With the increase of think- 
ing activity, a circle of light develops within the 
body’s Taiji Pole. The individual’s innate intelli- 
gence (Yuan Shen) is represented by the intensity 
of light. The degree of accumulated spiritual en- 
ergy is reflected by the number of light circles de- 
veloped within the Taiji Pole. These circles of light 
can be best observed when first waking. By plac- 
ing slight pressure on the external eye lids the in- 
ner light of the Taiji Pole is projected onto the op- 
tic nerves, reflecting an image of the circle of light. 
If the circle of light is complete, it reflects a strong, 
healthy condition. If the circle of light is dark 
within its center (similar to a doughnut), this re- 
flects a Deficient condition. If the circle of light is 
broken or interrupted, it reflects an extreme Defi- 
ciency (Figure 6.18). 

The “memory zone,” as well as the “thought 
center” are also located in the cerebral cortex and 
will not develop until the Kidney Channels travel 
through the spine, along with the Liver Channeis, 
to reach the cortex. When the Qi of these two chan- 
nels is abundant, the memory function is keen. 

The Kidneys house the body’s will power 
(Zhi). They control short-term memory and store 
data. The Kidneys provide the capacity and drive 
for strength, skill, and hard work. A patient with 
strong Kidneys can work hard and purposefully 
for long periods of time. Consequently, when the 
Kidneys are in a state of disharmony, the patient 
can sometimes be driven to a state of excessive- 
compulsive working habits (a workaholic). A pa- 
tient with weak Kidneys will lack strength and 
endurance. 

The Kidney’s positive psycho-emotional at- 
tributes are wisdom, rationality, clear perception, 
gentleness, and self-understanding. The negative 
attributes are fear, loneliness, insecurity, and shock 
(which attacks the Heart first then descends into 
the Kidneys to become fear). 

THE KIDNEYS’ ENERGETIC FLow 

The Kidney Channels store more Qi than 
Blood, acting more on energetic and nervous func- 
tions than on physical substances and Blood func- 
tions. At the high-tide time period (5 p.m. to 7 
p-m.), Qi and Blood abound in the Kidney organ 
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Figure 6.18. The individual's Yuan Shen is represented 
by the intensity of the light, and the degree of 
accumulated spiritual energy is reflected by the number 
of light circles developed within the Taiji Pole. 





and channels, and can therefore be more easily 
dispersed and purged at this period; whereas 
during low-tide (5 a.m. to 7 am.), they can be more 
readily tonified. The Kidney Channels’ energy acts 
on the skin, muscles, and nerves found along their 
pathways. 
WESTERN MEDICAL PERSPECTIVE 

The function of the kidneys is to regulate 
water and electrolytes and to process the body's 
urine. 


PATHOLOGICAL MANIFESTATIONS 

Kidney Channel diseases cause general dete- 
rioration of the entire body, weakness in the lower 
extremities, lumbar pain, and hot sensations deep 
inside the feet. 

The Kidneys open through the urogenital ori- 
fices and the anus. The energetic condition of the 
Kidneys can be, partially reflected by the condi- 
tion of the patient’s urination and defecation; in 
males, this includes the ejaculation process. 

Since the Kidneys are responsible for concen- 
tration and memory retention, poor concentration 
and loss of memory are common symptoms of 
Kidney hypofunction. 


THE PERICARDIUM CHANNELS 

The Pericardium Channels are Yin channels 
and flow externally from the torso to the hands. 
These two rivers originate internally from the cen- 
ter of the chest, flowing out of the Pericardium. 
They descend through the center of the body, spi- 
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Figure 6.19. The Internal and External Qi Flow of the Pericardium (Pc) Channels 


ral wrapping the Upper, Middle, and Lower Burn- 
ers. Two rivers surface and branch externally by 
the nipples to proceed down the center of each 
arm, ending at the tips of the middle fingers. A 
second branch arises from the center of each palm 
at the Pc-8 point and flows into the ring fingers to 
connect with the Triple Burner Channels (Figure 
6.19). 
PERICARDIUM ORGAN 

The Pericardium is associated with the Triple 
Burners; its element is Fire. The Pericardium is 
not considered an independent organ, as much 
as a protective covering for the Heart, that pro- 
tects the Heart from pathogenic factors. The Peri- 
cardium activates, energizes and controls the Yin 
channel's distribution of the Kidney Yang Qi to 
the Yin organs. Along with the Heart, it governs 
the Blood, and houses the Shen. The Pericardium 
is considered the Prime Minister, or the official 
who protects the heart. 


PSYCHO-EMOTIONAL ASPECTS 

The Pericardium has a powerful influence on 
the patient’s mental and emotional states. Its goal 
is to “create feelings of joy and/or pleasure for 
the emperor (Heart).” 


THE PERICARDIUM’S ENERGY FLOW 

The Pericardium Channels have an affect on 
the body’s circulation of Blood. They are consid- 
ered the “mother of Yin” and are connected to the 
Mingmen. The Pericardium Channels store more 
Blood than Qi, acting more on the physical sub- 
stance and Blood functions than on the energy. At 
the high-tide time period (7 p.m. to 9 p.m.), Qi 
and Blood abound in the Pericardium organ and 
channels and can therefore be more easily dis- 
persed and purged at this period; whereas dur- 
ing low-tide (7 a.m. to 9 a.m.), they can be more 
readily tonified. The Pericardium Channel’s en- 
ergy acts on the skin, muscles, and nerves found 
along their pathways. 
WESTERN MEDICAL PERSPECTIVE 

The function of the pericardium is to provide 
a protective covering for the heart. It contains a 
thin serous fluid that allows the heart to work in 
a relatively friction-free environment. 
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PATHOLOGICAL MANIFESTATIONS 

The main diseases of the Pericardium Chan- 
nels include diseases of the Heart, front of the 
chest, major blood vessels, and diseases on the 
midline to upper palmar side of the upper ex- 
tremities. Mental abnormalities may also mani- 
fest. 


THE TRIPLE BURNER CHANNELS 

The Triple Burner Channels are Yang chan- 
nels that flow externally from the hands to the 
head. These two rivers originate externally from 
the tips of the ring fingers and ascend along the 
lateral aspect of the arms, over the shoulders to 
the clavicles, then branch internally and spiral 
wrap the Pericardium. They circle the diaphragm 
and permeate the Upper, Middle, and Lower 
Burners. A set of branches originate internally 
from the chest CV-17 point at the Heart, or center 
of the Middle Dantian. Flowing upwards, these 
branches emerge from the supraclavicular fossa 
at the St-12 points to ascend up the neck, head, 
and then circle the ears. Another set of branches 
flows downward to the cheek, terminating in the 
infraorbital region; the other set ends above the 
ears, by the outer canthus of the eyes. 


THE TRIPLE BURNERS ORGAN 

The Triple Burners’ associated organ is the 
Pericardium; its element is Fire. The Triple Burners 
are not regarded as an independent organ, but are 
assigned to specific energy areas, and are a part 
of the function of the Yin and Yang organs. The 
function of the Triple Burners’ energy is to pro- 
duce Heat, and to regulate the body’s tempera- 
ture. This Heat is increased through such medita- 
tive disciplines as the Microcosmic Orbit (which 
connects the Governing and Conception Vessels), 
and the Macrocosmic Orbit (which connects all 
Twelve Primary Channels with the Governing and 
Conception Vessels). The main function of the 
Triple Burners (Figure 6.20) is to regulate the gen- 
eral ingestion and digestion of food and fluids 
throughout the body. 

The Triple Burners are known as The Official 
of Balance and Harmony, because they govern 
Water metabolism, control the production of Wei 
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The internal flow of the Triple Burner 
Channels moves from St-12 down to CV-17, 
where it disperses into the chest and 
envelops the Pericardium. From the 
Pericardium, as the energy flows down 
through the diaphragm, it circulates through 
the chest and permeates the Triple Bumers 
(a continuing branch flows upward to the St- 
12 points). 


Figure 6.20. The Intemal and External Qi Flow of the Triple Burners (TB) Channel 
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Qi, and transport Yuan Qi from the Kidneys to all 
the other organs of the body. This name refers to 
the Triple Burners’ role in regulating metabolic 
functions, as well as their production of Qi, Blood, 
Body Fluids, and waste. 

The Triple Burners’ energy is composed of 
Zong Qi (Essential Qi). The Zong Qi assists the 
Heart in circulating the Blood and the Lungs in 
respiration. The Zong Qi also assists in convey- 
ing the Ying Qi (Nourishing Qi) to nourish the 
Blood, organs, and tissues of the body, as well as 
strengthens the Wei Qi (Protective Qi) that pro- 
tects the external body (see Chapter 14). 

1. The Upper Burner 

The Upper Burner is formed from the Fire 
created from the combined energies of the 
Heart, Pericardium, and both Lungs. The Up- 
per Burner’s energy is housed from the area 
of the head, throat, and upper chest, to the 
diaphragm. The Upper Burner is responsible 
for respiratory and cardiac functions. It moves 
the body’s finer energy, circulating and dis- 
tributing nutrients and Qi throughout the 
body like a “mist.” 

2. The Middle Burner 

The Middle Burner is formed from the Fire 
created from the combined energies of the 
Stomach, Spleen, pancreas, and Gall Bladder. 
The Middle Burner’s energy is housed from 
the upper abdomen (the diaphragm) and the 
umbilicus. 

The Middle Burner is responsible for diges- 
tion, fermentation, and transformation of food 
and drink into nutrients for distribution. In 
the Middle Burner area, the Small Intestine 
connects downward to the Bladder. The Small 
Intestine transforms waste, that is then sent 
down to the Large Intestine, and also distills 
the body’s fluids, sending them down to the 
Bladder. 

The Ying Qi (Nourishing Qi) of the Middle 
Burner receives its nourishment from the 
Stomach and Spleen. The Spleen extracts Gu 
Qi from the food “prepared” by the Stomach, 
churning the food essence into “foam.” The 
Spleen refines this energetic foam and sends 
the processed Gu Qi to the Lungs. The Lungs 
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further refine the Gu Qi, sending the impure 

part to the Kidneys (for additional refinement 

of the Gu Qi). The Kidneys return the Clean 

Qi to the Lungs and send the turbid part to 

the Bladder to be expelled from the body. The 

Qi from the air mixes with the Gu Qi in the 

Lungs to produce Zong Qi. The Lungs circu- 

late the refined Gu Qi in the form of vapor or 

mist which is housed in the Upper Burner. The 

Heart then produces Blood from this vapor. 

3. The Lower Burner 
The Lower Burner is formed from the Fire 
created from the combined energies of the 

Liver, Kidneys, Bladder, Intestines, and geni- 

talia. The Lower Burner’s energy is housed 

in the area which starts just below the umbi- 

licus and extends to the lower perineum. 
The Lower Burner is responsible for the re- 

productive functions and for the filtering and 

elimination of waste products (Figure 6.21). 

It moves the body’s coarser energy, acting as 

a “channel for water.” 

The Triple Burners contribute to the process 
of the three stages of transformation and ais in 
the distribution of Ying and Wei Qi throughout 
the body as follows: 

¢ After the Gu Qi (food energy) has been sepa- 
rated into Clean and Turbid Qi, the Upper 

Burner releases the body’s clean Wei Qi, di- 

recting it to the Lungs; 

¢ the Middle Burner releases the body’s clean 
Ying Qi, directing it to all of the body’s or- 
gans and tissues; and 

* the Lower Burner releases the body’s Body 

Fluids, directing the turbid part to the Blad- 

der. 

PsSYCHO-EMOTIONAL ASPECTS 

The Triple Burners are considered the Ambas- 
sadors or “intermediaries” for the body’s Yuan Qi. 
Ona psychological level, they can be used to move 
Qi and lift depression derived from stagnation of 
Liver Qi. 

When the Triple Burners, which regulate the 
consciousness, are full, the consciousness becomes 
stable and the Mind’s intent is benevolent and 
kindhearted. The Triple Burners are also linked 
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Figure 6.21. The Metabolic Functions of the Triple Burners are divided into three parts or functions: the Upper 
Burner, Middle Burner, and Lower Burner. These different functions of the Triple Burners control the movement of 
various types of Qi in the three stages of energy production: 


Receiving—The Upper Burmer, also known as mist, includes the organs from the diaphragm upwards (the 
Pericardium, head, throat, Lungs, and Heart). The Upper Burner assists the Spleen in directing the body's clean 
fluids upwards and helps the Lungs in dispersing and scattering the fluids to the skin and muscles. 


Rotting and Ripening—The Middle Burner, also known as the muddy pool, and includes the area between the 
diaphragm and umbilicus (Stomach, Spleen, and Gall Bladder). The Middle Burner assists the Stomach in the 
transformation and transportation of Fluids and Liquids and in directing the impure part downwards. 


Excreting—The Lower Bumer, also known as the drainage ditch, includes the organs below the umbilicus (Liver, 
Kidneys, Intestines, and Bladder). The Lower Burner assists the Small Intestine, the Blood, and the Kidneys in 
transforming and transporting liquids and wastes. 


with the Heart and Pericardium and are affected 
by the emotion of joy. 

When the energy of the Heart is strong and 
pure (without guilt), and the desires and thoughts 
of an individual are at peace, then the energy of 
the body’s sexual essence (Jing) will spread into 
the Triple Burners, and the Blood will flourish 
within the individual's vessels. If the “fire of de- 
sire” is allowed to Heat and combine with the en- 
ergy of the Triple Burners, the energy of the 
individual's sexual essence will overflow, mixing 
itself with the energy of the Mingmen and will 
leave the body via the reproductive organs and 
tissues. This leads to Jing and Qi depletion. 


THE TRIPLE BURNERS’ ENERGY FLOW 

The Triple Burner Channels store more Qi 
than Blood, and act more on the energetic and ner- 
vous functions of the body than on physical sub- 
stance and Blood functions. At the high-tide time 
period (9 p.m. to 11 p.m.)}, Qi and Blood abound 
in the Triple Burner Channels, and can therefore 
be more easily dispersed and purged at this pe- 
riod; whereas during low-tide (9 a.m. to 11 a.m.), 
they can be more readily tonified. The Triple 
Burner Channels’ energy acts on the skin, muscles, 
and nerves found along their pathways. 


WESTERN MEDICAL PERSPECTIVE 
Western medicine recognizes no translation 
of, or reference to the Triple Burners. 


PATHOLOGICAL MANIFESTATIONS 

The main diseases along the Triple Burner 
Channels involve the face, ear, cheek, larynx, and 
neck. Diseases of the Triple Burner Channels also 
include disorders of the back of the upper extremi- 
ties from the midline to the upper arm and fore- 
arm. 
When diagnosing problems due to dysfunc- 
tions of the Triple Bumers, the Qigong doctor con- 
siders the following. 

1. A blockage of the Wei Qi located within the 
Upper Burner causes an impairment of the 
Lungs’ dispersing function. This can result in 
the invasion of the Lungs by External Evils 
(e.g., Wind and Heat, etc.), that penetrate the 
Pericardium (which corresponds to the initial 
stage of externally contracted Heat diseases). 
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2. A blockage of the Ying Qi located within the 
Middle Burner causes an impairment of the 
Spleen’s transporting function. This can result 
in gastrointestinal Heat stagnation, and cause 
Spleen and Stomach Damp Heat (which cor- 
responds to the second stage of externally 
contracted Heat diseases). 

3. A blockage of the Body Fluids located within 
the Lower Burner causes an impairment of the 
Bladder’s transformation function. This re- 
sults in the deep penetration of Toxic Evils, 
weakening the body’s Kidney Yin. This in turn 
can cause Deficient Liver Blood, and Wind 
stirring due to Empty Yin (this corresponds 
to the advance stages of externally contracted 
Heat diseases). 


UNDERSTANDING CHANNEL 
PATHOLOGY 

Channel pathology is the oldest of all the 
modes of pathological pattern classification, dat- 
ing back to the Spiritual Axis from the Yellow 
Emtperor’s Classics on Internal Medicine. In under- 
standing a channel’s pathology, the Qigong doc- 
tor takes into consideration several aspects of the 
patient's energy flow (i.e., the channels are viewed 
as exterior, whereas the organs are viewed as in- 
terior). Channel pathology is often related to or- 
gan disturbances, but it can also be distinct from 
organ pathology (Figure 6.22). 

The disease of one channel may cause disease 
in other channels and organs. Likewise, tonifica- 
tion of one channel may cause a tonification of 
other channels and organs. 

THE FouR CAUSES OF CHANNEL PATHOLOGY 
1. The Invasion of External Pathogens such as 

Cold, Wind, Heat, and Damp leads to chan- 

nel pathology. The exogenous pathogenic fac- 

tors often settle in the joints, causing Bi Syn- 
drome (painful obstruction). Channel pathol- 
ogy is quite closely related to joint pathology. 

In Traditional Chinese Medicine, joints are 

important to the circulation of Qi and Blood. 

Qi and Blood gather and concentrate in the 

joints. Qi enters and exits the channels at the 

joints. The Five Source Points, also called Shu 

Points (see Chapter 8), are usually located on 
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of near the joints. It is at these points that the 
External pathogenic influences may enter the 
body and settle in the joints. These External 
pathogenic influences upset the Yin and Yang 
balance and block the flow of Qi and Blood, 
causing pain and swelling. The body’s joints 
are also affected by Deficient Qi and Blood, 
causing local weakness and pain from lack of 
movement. 

2. Physical strain or the overuse of certain joints 
can cause local stagnation that creates pain 
and weakness. 

3. Injuries, trauma, and strain can cause local 
stagnation resulting in stiffness, bruising, and 
pain. 

4, Internal organ disharmonies may also affect 
the channels. 

DIFFERENTIATION BY CHANNEL FULL/EXCESS 
AND EMPTY/DEFICIENT 

When a channel is too full, its pattern charac- 
teristics are that of intense pain, stiffness, contrac- 
tions, and cramps. A red color along the flow of 
the channel indicates Heat; a bluish color along 
the flow of the channel indicates Cold. 

When a channel is Empty, its pattern charac- 
teristics are that of a dull ache, weakness in the 
muscles, numbness, and muscle atrophy along the 
channel. 

DIFFERENTIATION OF CHANNEL PATTERNS BY 
SPECIFIC CHANNELS 

This clinical overview of the body’s channels 
was originally expressed through the knowledge 
found in the Spiritual Axis (for more in-depth dis- 
sertation please see The Foundations of Chinese 
Medicine by Giovanni Maciocia). 

1. The diseases of the Gall Bladder Channels 
may cause: Alternating chills and fever, head- 
ache, acute onset of deafness, pain in the hip 
and the sides of the body, pain along the lat- 
eral sides of the legs, and pain and distention 
of the breasts. 

2. The diseases of the Liver Channels may cause: 
Headache, pain and swelling of the eyes, and 
cramps in the legs. 

3. The diseases of the Lung Channels may cause: 
Fever, aversion to cold, stiffness in the chest, 
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pain in the shoulders, clavicle, and arms. 

4. The diseases of the Large Intestine Channels 
may cause: Sore throat, toothache, nosebleed, 
runny nose, swollen and painful gums, swol- 
len eyes, and pain along the channels. 

5. The diseases of the Stomach Channels may 
cause: Pain in the eyes, nosebleed, neck swell- 
ing, facial paralysis, cold legs and feet, and 
pain along the channels. 

6. The diseases of the Spleen Channels may 
cause: Vaginal discharge, weakness of the leg 
muscles, and a cold feeling along the chan- 
nels. 

7. The diseases of the Heart Channels may cause: 
Pain in the eyes, pain along the scapula, and 
pain along the inner side of the arms. 

8. The diseases of the Small Intestine Channels 
may cause: Pain and stiffness in the neck, and 
pain along the lateral side of the scapula, el- 
bow, and arms. 

9, The diseases of the Bladder Channels may 
cause: Fever and aversion to cold, headache, 
stiff neck, pain in the lower back, pain in the 
eyes, pain in the backside of the leg along the 
channels. 

10. The diseases of the Kidney Channels may 
cause: Lower back pain and pain in the sole 
of the feet. 

11. The diseases of the Pericardium Channels 
may cause: Stiff neck, contraction of the el- 
bow and hand, and pain along the course of 
the channels. 

12. The diseases of the Triple Burner Channels 
may cause: Alternating chills with fever, acute 
onset of deafness, pain and discharge from the 
ear, pain at the top of the shoulders, pain in 
the elbow, and pain along the course of the 
channels. 

SUMMARY OF TWELVE PRIMARY CHANNEL 

PATHOLOGY 
The clinical significance of studying the 

Twelve Primary Channels is evident through the 

observation of certain pathological manifestations 

that indicate specific patterns peculiar to that 
channel and its internal organ. The quality, quan- 
tity and proportions of Qi and Blood circulation 
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Twelve 
Primary Pathologies 
Channels 
¢ Diseases of the top of the head, brain, neck, back, lumbar and sacral 
Bladder region 
¢ Diseases of the back of the leg and thigh and the external side of the foot 
* Pain in upper right- and left-quadrants of abdomen 
Gall Bladder |* Diseases of the head, face, eye, ear 
* Diseases of the external sides of the lower extremities 
+ Diseases that exert pressure on the brain, eyes, or pharyngeal walt 
Heart * Diseases of the Heart and lateral side of the chest 
+ Diseases of the ulnar palmar side of the upper extremities 
¢ Insomnia, impairment of consciousness, amnesia, and psychosis 
* Diseases that cause general deterioration of the entire body 
Kidneys + Weakness in the lower extremities and lumbar pain 
* Hot sensations deep inside the feet 


* Diseases of the iower part of the face, nose, oral cavity, teeth, throat, and 
front part of the neck 
¢ Diseases of the back and radial side of the upper extremities 


Li ¢ Swelling and a distended sensation of the hypochondrium 
iver . : 
* Diseases of the lower abdomen and genital organs 


¢ Chest and Lung diseases 
* Diseases on the radial side of the upper arm and palmar area of the hand 





Lungs 


* Diseases of the Heart, front of the chest, major blood vessels 
Pericardium |+ Diseases of the midline to upper palmar side of the upper extremities 
+ Mental abnormalities 








Small * Diseases of the face, ear, cheek, lower jaw, neck, and throat 
Intestine + Diseases of the back ulnar side of the upper extremities 





+ Diseases of the tongue and throat 

* Gastrointestinal diseases (disturbances of digestion and absorption of 
ood) 

+ Diseases of the inner side of the lower extremities 


Spleen 


+ Diseases of the face, nose, oral cavity, teeth, throat, and front of the neck 
Diseases of the abdomen, the frontal part of the lower extremities and 

gastrointestinal area 

+ Certain psychiatric diseases 


+ Diseases of the face, ear, cheek, larynx, and neck 
¢ Diseases of the back of the upper extremities from the midline of the 
torso to the upper arm and forearm 








Figure 6.22. Pathologies of the Twelve Primary Channels 
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through each of the Twelve Primary Channels has 
a vital impact on all the body’s organ systems. 
These Qi and Blood flow concepts define the re- 
ciprocal relationships existing between the body’s 
internal organs, channels, and energetic points 
situated throughout the body. 

Figure 6.22 describes some of the most com- 
mon Twelve Primary Channel pathologies, and 
their clinical manifestations along the “root and 
branches” of these channels. 

The term “root and branch,” is used to de- 


scribe the difference between the medial and lat- 
eral, upper and lower orientations of the chan- 
nels and their points of origin. They are also used 
to describe the progression of a disease, as well as 
the priorities and sequence of the Qigong doctor’s 
treatment. 

Specifically, the word “branch” is used to de- 
scribe the channels’ flow of Qi and Blood and the 
progression and direction of a disease. The word 
“root” is used to described the channels’ internal 
organ, or the origin of a disease. 


CHAPTER 7 


THE EIGHT EXTRAORDINARY VESSELS AND 


COLLATERALS 


THE EIGHT EXTRAORDINARY VESSELS 

Extending from the body's Taiji Pole are the 
Three Dantians, Five Jing Shen, and the Eight Ex- 
traordinary Vessels. These energy systems feed all 
the vital organs and the body’s Twelve Primary 
Channels. The Eight Extraordinary Vessels are so 
called because of they differ in energetic function 
from the Twelve Primary Channels. These eight 
vessels have an extraordinary ability to regulate the 
deeper energetic reservoirs of the body. They are 
the first vessels (or channels) to form in the devel- 
oping fetus, and are sometimes called the Eight An- 
cestral Channels, Eight Prenatal Channels, Eight 
Preheaven Channels, or Eight Psychic Channels. 

These vessels represent the merging of the 
mother’s and father’s energy, and the linking of 
the body’s prenatal and postnatal energies. They 
functionally connect to the Twelve Primary Chan- 
nels and circulate the Jing Qi (Essence Energy) 
throughout the body. 

The energetic expansion and contraction of 
the Eight Extraordinary Vessels affects the creation 
and development of the baby’s tissues up until 
the time of birth. In energetic embryology, the 
three-dimensional space of the impregnated egg 
is viewed as an object that can be described by 
eight different surfaces along four axes. Each of 
the Eight Extraordinary Vessels corresponds with 
one of these directions: 

¢ anterior/ posterior—Governing and Conception 
Vessels 

* superior /inferior—Yin and Yang Linking Vessels 

* right/left—Yin and Yang Heel Vessels 

* interior /exterior—Thrusting and Belt Vessels 


THE FUNCTION OF THE EIGHT 
EXTRAORDINARY VESSELS 

The Eight Extraordinary Vessels have neither 
a direct connection nor an internal / external rela- 


tionship with the internal organs. Similar to the 
Three Dantians’ function of distributing the 
body’s energy, these Eight Extraordinary Vessels 
are also reservoirs that regulate the distribution 
and circulation of Jing and Qi inside the body. 
They are the foundation of the body’s energy, 
bridging the Yuan Qi (Original Prenatal Energy) 
with the body’s postnatal energy. 

The Eight Extraordinary Vessels serve as res- 
ervoirs of Qi. When these reservoirs become full, 
the energy overflows into the center channel or 
Taiji Pole. This stimulation of the Taiji Pole ex- 
pands consciousness and increases perceptual in- 
tuition. 

The Eight Extraordinary Vessels have five 
main functions: They serve as reservoirs of Qi, 
store and circulate Jing Qi, circulate the Wei Qi, 
regulate the body’s life cycles, and integrate the 
six primary Yang organs with the Six Extraordi- 
nary Organs and with the Kidneys. 

1. They Serve as Reservoirs of Qi. If the Qi flow 
of the Twelve Primary Channels becomes Ex- 
cessive, they overflow into the Eight Extraor- 
dinary Vessels, which act as Qi reservoirs, re- 
ceiving the Excess Qi for storage and distri- 
bution, while at the same time regulating the 
energy flow. If the Qi flow of the Twelve Pri- 
mary Channels becomes Deficient, they can 
draw from the reservoirs of energy stored 
within the Eight Extraordinary Vessels which 
again regulate the body’s energy flow, bring- 
ing it back into balance. 

2. They Store and Circulate Jing Qi. The Eight 
Extraordinary Vessels draw their energy from 
the Kidneys and are responsible for storing 
and circulating the body’s Jing Qi through- 
out the tissues, particularly to the skin and 
hair and to the Six Extraordinary (Curious) 
Organs, also known as the Six Ancestral Or- 
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gans. The Six Extraordinary Organs are the 
Brain, Bone, Marrow, Blood, and Gall Blad- 
der (also included is the Uterus in women). 


. They circulate the Wei Qi (Protective Energy) 


to protect the body against invasion by Exter- 
nal pathogens. The Governing, Conception, 
and Thrusting Vessels are primarily respon- 
sible for circulating the body’s Wei Qi over 
the thorax, abdomen, and back. 

The Eight Extraordinary Vessels provide the 
link between the Kidneys Jing and the Wei 
Qi. Although the Wei Qi is circulated by the 
Lungs, its root is in the Kidneys. This illus- 
trates how the Kidneys play an important role 
in supporting the Lungs function of circulat- 
ing the body’s Wei Qi. The Kidneys function 
on the Wei Qi field and therefore the immune 
system can become vulnerability to patho- 
genic factors, as well as in causing allergic 
diseases, e.g., asthma. It also demonstrates 
why the Kidneys are always at the root of la- 
tent Heat syndromes (chronic fatigue), caused 
by Kidney Deficiency. 


. The Eight Extraordinary Vessels regulate the 


body’s Life Cycles. in the first chapter of the Yel- 
low Emperor's Classic of Internal Medicine, the life 
changes in women (every seven years) and men 
(every eight years) are governed by the Con- 
ception and Thrusting Vessels. These life cycles 
are related to the body’s Jing and the Eight Ex- 
traordinary Vessels’ role in moving and circu- 
lating the body’s Jing (see Chapter 13). 

They Integrate the Six Extraordinary (Curi- 
ous) Organs with the Six Primary Yang Or- 
gans and the Kidneys. The Eight Extraordi- 
nary Vessels provide the link between the 
body’s brain, uterus, blood vessels, Gall Blad- 
der, Marrow and bones, and the body’s inter- 
nal energy flow. 

a. The Brain is Regulated by the Govern- 
ing Vessel and the Yin and Yang Heel 
Vessels. 

b. The Uterus is regulated by the Thrust- 
ing and Conception Vessels. 

c. The Blood Vessels are regulated by the 
Thrusting Vessels. 

d. The Gall Bladder is regulated by the 


Belt Vessel. 

e. The Marrow is regulated by the Thrust- 
ing Vessels. 

f. The Bones are regulated by the Thrust- 
ing and Conception Vessels. 


6. They Integrate the Four Seas. The Magic Pivot 


(Ling Shu, Hai Lun) states, “People have Four 
Seas... the Sea of Marrow, the Sea of Blood, 
the Sea of Qi, and the Sea of Grain and Wa- 
ter.” The Eight Extraordinary Vessels provide 
the link between the body’s Four Seas and the 
body’s internal energy flow. 

a. The Sea of Marrow is the brain, and it 
is related to the Governing Yin and 
Yang Heel Vessels. The Sea of Marrow 
points are located on the Governing 
Vessel GV-16 and GV-20. When the Sea 
of Marrow is Deficient, there will be 
headaches and dizziness. 

b. The Sea of Qi is located in the chest of 
the center, and is regulated by the Con- 
ception Vessel CV-17. Some Medical 
Qigong schools maintain that there are 
two reservoirs of Qi: the Middle 
Dantian, being the Sea of Postnatal Qi, 
and the Lower Dantian, being the Sea 
of Prenatal Qi (which is regulated by 
the Qihai CV-6 point). When the Sea of 
Qi is in Excess, there is a feeling of full- 
ness in the chest, dyspnea (urgent 
breathing), and a red complexion. 
When the Sea of Qi is Deficient, there is 
weak energy and insufficient speech. 

c. The Sea of Nourishment (also known 
as the Sea of Grain and Water) is the 
Stomach, and it is regulated by the 
Thrusting Vessels, which are accessed 
by the St-30 points. When the Sea of 
Water and Grain is in Excess, there is a 
feeling of fullness in the abdomen. 
When the Sea of Water and Grain is De- 
ficient, there is a feeling of hunger with 
an inability to eat. 

d. TheSea of Blood (also known as the Sea 
of the Twelve Primary Channels) is re- 
lated to the Thrusting Vessels, the Liver, 
and Xuehai Sp-10 points. The points can 
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also be accessed through BI-11, St-37, and 
St-39. When the Sea of Blood is in Excess, 
the body feels big; When the Sea of Blood 
is Deficient, the body feels small. 


THE EIGHT EXTRAORDINARY VESSELS 
AND MEDICAL QIGONG THERAPY 

The energetic pathways, functions and use of 
the Eight Extraordinary Vessels and points in 
Medical Qigong are often quite different than 
those taught in acupuncture colleges, even though 
they may sometimes bear the same names. 

Most acupuncturists, with the exception of 
some Japanese researchers, often pay little atten- 
tion to the Eight Extraordinary Vessels in diagno- 
sis and treatment. One Medical Qigong doctor 
from China has claimed that a study done in China 
showed that the Eight Extraordinary Vessel treat- 
ments were far more effective than those of the 
Traditional Chinese medical protocols. The results, 
however, were not released because officials did 
not want to disturb the TCM institutional opera- 
tions. The reason Medical Qigong makes use of 
the Eight Extraordinary Vessels, is that they are 
much easier to access through Qi emission and 
Medical Qigong self-regulation prescriptions than 
through acupuncture therapy. 

The Eight Extraordinary Vessels have been of 
special importance to Medical Qigong practitioners 
for thousands of years, and are viewed as the foun- 
dation of the body’s energy, the bridge between the 
Yuan Qi (Prenatal Qi) and the Postnatal Qi. These 
Eight Extraordinary Vessels affect the body on the 
deepest level of our basic constitutional energy. In 
Medical Qigong regulation exercises, the focus on 
opening the flow of energy through the Eight Ex- 
traordinary Vessels is a prerequisite for opening the 
energy flow in the Twelve Primary Channels. The 
Major purpose of opening the Eight Extraordinary 
Vessels is to provide a container for storing the Three 
Forces: Heaven Force (absorbing universal energy), 
Earth Force (absorbing environmental energy), and 
Mans Force: Jing, Qi and Shen (Essence, Energy 
and Spirit). 

It is essential for the Qigong doctors to open 
their Eight Extraordinary Vessels to attain mas- 
tery of their energetic body. The Microcosmic Or- 


bit is introduced for purgation, fusion, tonification, 
and regulation of the Governing and Conception 
Vessels in the first stages of training. This exercise 
restores a healthy flow of energy throughout all 
of the channels and vessels creating a healthy and 
balanced body. 

Through the refinement of their energy, 
Qigong doctors receive more Qi, and the quality 
of their Blood changes, i.e., its energetic potential 
changes to contain more Qi and less Blood. At this 
advanced state of transformation, Qigong doctors 
rechannel the flow of energy through their body’s 
Three Dantians, including the “mystical pass” (lo- 
cated within the Upper Dantian chambers of the 
brain). When the flow of energy is directed to 
stimulate the Mystical Pass, the Qigong doctors 
acquire greater awareness and control over their 
own bodies (physical, mental, emotional, ener- 
getic and spiritual), and are then able to enhance 
their perception and communication with all the 
other energetic planes of the world (mineral, plant, 
animal, and human), and with the Dao (or divine). 


CLINICAL USE OF THE EIGHT 
EXTRAORDINARY VESSELS 

The Eight Extraordinary Vessels form and es- 
tablish the foundational energetic pattern for the 
developing fetus’s tissues, as well as the adult's 
entire body. The clinical use of the Eight Extraor- 
dinary Vessels can be divided into several differ- 
ent approaches of energy manipulation to change 
the energetic patterns within the patient's tissues. 

One approach divides the Eight Extraordinary 
Vessels into four pairs of Yin and Yang vessels. 
Each of the vessels is grouped according to the 
same polarity, two pairs of Yin and two pairs of 
Yang. When paired this way, each set of the Yin 
and Yang Extraordinary Vessels has a common 
range of energetic action in terms of the patient’s 
body area. 

1. The Conception and Yin Heel Vessels affect 
the energetic flow to the patient’s abdomen, 
chest, Lungs, throat, and face. 

2. The Governing and Yang Heel Vessels affect 
the energetic flow to the back of the patient’s 
legs, as well as the back, spine, neck, head, 
eyes, and brain. 
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3. The Thrusting and Yin Linking Vessels affect 
the energetic flow to the inner aspect of the 
patient's legs, as well as the abdomen, Stom- 
ach, chest, and Heart. 

4. The Belt and Yang Linking Vessels affect the 
energetic flow to the outer aspect of the 
patient's legs, as well as the sides of the body, 
shoulders, and sides of the neck. 


ENERGETIC FUNCTIONS OF THE EIGHT 
EXTRAORDINARY VESSELS 

The Eight Extraordinary Vessels can also be 
categorized is according to their energetic func- 
tions. 

1. The Conception, Governing and Thrusting 
Vessels are considered the source of all the 
other Extraordinary Vessels These three ves- 
sels affect the patient’s energy at a deep con- 
stitutional level. They originate directly from 
the Kidneys and are connected to the body’s 
Jing. 

2, The Yin and Yang Heel Vessels are comple- 
mentary in that they both flow from the legs 
(controlling the state of the muscles of the legs) 
into the eyes (controlling the muscles that 
open and close the eyes). 

3. The Yin and Yang Linking Vessels comple- 
ment each other by linking the body’s Yin and 
Yang Channels. 

4. The Belt Vessel is the only horizontal vessel 
in the body, encircling the main channels. Its 
energetic influence is in its ability to affect the 
circulation of energy in the body, especially 
within the legs. 

Each of the Eight Extraordinary Vessels is also 
connected to one of the Eight Trigrams (or Eight 
Natural Manifestations), and can be energetically 
regulated through the use of the Magic Square. 
For further treatment and clinical protocol see 
Chapter 31 regarding the Eight Extraordinary 
Vessel and the Magic Square. 


THE GOVERNING AND CONCEPTION 
VESSELS 

The Governing and Conception Vessels are the 
main rivers of the body’s Yin and Yang energies. 


They are polar aspects of the body, perfectly comple- 


mentary, like midnight and midday. They are re- 
sponsible for the formation of the holoblastic cleav- 
age and the first cellar division of the fertilized ovum 
in embryological development (see Chapter 2). 

In China, Dr. Li Shi Zhen was the first to be- 
lieve that the Governing and Conception Vessels 
are two branches of the same source, an insepa- 
rable Yin-and-Yang, front-and-back duality. These 
vessels connect the uterus with the Kidneys, 
Heart, and Brain. 

They originate externally at Huiyin CV-1 
point, ascend the front and back of the torso, and 
form a small circle when the tip of the tongue 
touches the upper palate in the mouth and the 
anal sphincter is squeezed. Not only does this ac- 
tion complete the balance of Fire (Heart) and Wa- 
ter (Kidneys) energy, it also increases the body's 
protective Wei Qi. 

Regulating the Conception and Governing 
Vessels is a priority in Medical Qigong practice. 
Along these vessels, the Qigong practitioner 
draws the Yang Fire and Yin Essence up and down 
his or her body, fusing the Water and Fire ener- 
gies together. This fusion facilitates a Yin and Yang 
balance throughout the body. 

The Governing and Conception Vessels each 
have two energy flows on the anterior and poste- 
rior vertical midline of the body. Each vessel's 
pathway is complete, being composed of an as- 
cending energetic flow and a descending energetic 
flow. The duality of these two medial lines joins 
at the extremities (the head and perineum), form- 
ing one complete circle of energetic current (Fig- 
ure 7,1). 

Both vessels are superimposed on each other, 
with the energy of the Governing Vessel being pre- 
dominant up the back and inferior down the front 
(behind the Conception Vessel); the energy of the 
Conception Vessel is predominant up the front 
and inferior down the back (behind the Govern- 
ing Vessel). 

The energetic flow of the Conception Vessel 
corresponds to Yin, negative polarity, the female 
aspect, and responds to bass tones; while the en- 
ergetic flow of the Governing Vessel corresponds 
to Yang, positive polarity, the male aspect, and 
responds to treble tones. 
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The Top of the Head 
(Bathui Point) 
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The Base of the Perineum 
(Huiyin Point) 


Figure 7.1, The Energetic Flow of the Conception and Governing Vessels 








It is important to understand the energetic 
potential of these two currents flowing in both an 
ascending and descending direction on the pos- 
terior and anterior vertical midline in the body. 
The energetic movement of these two currents 
explains why there are two opposite directions of 
focused concentration used in energy cultivation 
meditations. One direction follows the Microcos- 
mic Fire cycle along the Governing Vessel (up the 
spine and down the chest) to stimulate the emo- 
tional regulation of the acquired mind (Zhi Shen); 
the other direction follows the Microcosmic Wa- 
ter cycle along the Conception Vessel (up the chest 
and down the spine) to stimulate spiritual intu- 
ition and activate the perceptions of the Yuan 
Shen. 


THE GOVERNING VESSEL OR Du 
VESSEL 

The word Du translates as “governing,” and 
refers to a general, someone who controls and is 
in charge. During the development of the embryo, 
the Governing Vessel is responsible for the devel- 
opment and formation of the medulla oblongata 
and cerebrum. The Governing Vessel controls all 
the Yang Channels in the body, and is called the 


Sea of Yang Channels. It is responsible for nour- 
ishing the brain and spinal cord and for consoli- 
dating the Yuan Qi in the Kidneys. 

The Governing Vessel originates in the Lower 
Dantian in both men and women. It is composed 
of many energetic branches, emerging externally 
at the perineum. The primary branch ascends ex- 
ternally on the midline of the back, over the head 
and ends in the frenulum of the upper lip. As the 
Qi flows up the Governing Vessel one branch en- 
ters the interior of the spinal column and enters 
the Kidneys. Another set of branches enters the 
brain at the Fengfu GV-16 point and ascends in- 
ternally to the vertex at the Baihui GV-20 point. 

From the lower perineum, another set of 
branches encircles the anus and envelops the ex- 
ternal genitals, ascends past the navel, Heart, and 
throat to circle the mouth. After circling the mouth, 
it further ascends to the eyes, emerging just be- 
low the middle of the eyes. From the inside of the 
eyes (at the Jingming BI-1 point), a set of branches 
follows the Bladder Channels along the forehead, 
converging at the vertex of the Baihui GV-20 point 
and enters the brain. From the brain, the Vessel 
emerges at the Fengfu GV-16 point, and divides 
into two additional branches which descend the 
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Figure 7.2. The Governing Vessel (Side View) 





back, passing through the Fengmen BI-12 points 
along the sides of the spine and enter into the 
Kidneys (Figure 7.2). 

The Governing Vessel tonifies the Kidney 
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Yang and strengthens the spine and back. When 
the Governing Vessel is excessive, the back be- 
comes stiff; when it is depleted, the head becomes 
heavy, unstable, and shaky (Figure 7.3). 


CLINICAL MANIFESTATIONS 
The functions and clinical uses of the patient’s 
Governing Vessel are as follows. 

1. To strengthen and control all the Yang Chan- 
nels of the patient's body (particularly in re- 
lation to the Kidney Yang and the brain); 

2. To tonify the Kidney Yang and strengthen the 
patient’s spine and back (especially in cases 
of chronic lower back pain due to Kidney 
Deficiency); 

3. To purge External Wind from the patient's 
body when symptoms are present, such as 
runny nose, head ache, fever, and stiff neck; 

4. To purge Internal Wind from the patient's 
body when symptoms are present, such as 
dizziness, tremors, convulsions, epilepsy, or 
the condition of Wind Stroke; 

5. To strengthen and nourish the patient's brain 
and Marrow, and for treating such symptoms 
as poor memory, dizziness, and tinnitus; and 

6. To treat depression, due to the Governing Ves- 
sel’s connection to the body’s Jing (Kidneys, 
lack of willpower), Qi (Heart), and Shen 
(Brain). 

Note: In men, the Governing Vessel is gener- 
ally treated by itself, and in women, its treatment 
is combined with treating the Conception Vessel. 


PATHOLOGICAL MANIFESTATIONS 

1. Symptoms of Excess include diseases of the 
head (apoplexy, aphasia, epilepsy, headaches, 
tetanus, etc.), the back, neck, and Kidneys 
(pain and stiffness in the spinal column), spas- 
tic muscle movement of the extremities, night 
sweating, and Jing Shen disorders (hyperex- 
citability, hallucinations, etc.). 

2. Symptoms of Deficiency result in shaking of 
the head along with a feeling of heaviness, 
instability, and an inability to concentrate. The 
patient lacks physical and mental stamina, 
displays weakness in character, and may also 
experience hemorrhoids, sterility, and impo- 
tence. 
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Figure 7.3. The Governing Vessel (GV} 
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THE CONCEPTION VESSEL OR REN 
VESSEL 

The word Ren translates as Conception, and 
refers to pregnancy, responsibility, or obligation. 
It can also mean “to accept.” The Conception Ves- 
sel governs all the Yin Channels of the body and 
is called the Sea of Yin Channels. It nourishes the 
Yuan Qi of all Five Yin Organs. The Conception 
Vessel originates from the Lower Dantian, and 
specifically in the uterus in females (Figure 7.4). 

Functionally, the upper third of the Concep- 
tion Vessel, on the sternum, controls respiratory 
functions; the middle third, on the epigastrium, 
controls digestive functions; and the lower third, 
on the abdomen, controls the urogenital functions 
(Figure 7.5). 

In women the Conception Vessel is primarily 
responsible for nourishing the uterus and the geni- 
tal system and determines the seven-year life 
cycles. It links the Yin energy with all aspects of 
conception and reproduction. The Conception 
Vessel, along with the Thrusting Vessels, have an 
important relationship with obstetric diseases re- 
lated to the development of the fetus, delivery, and 
menstruation. 


CLINICAL MANIFESTATIONS 
The functions and clinical uses of the patient’s 
Conception Vessel are as follows. 

1. To strengthen and nourish the Yin energy of 
the patient’s body (especially in women after 
menopause) and harmonize the Lungs and 
Kidneys; 

2. To regulate the energy of the reproductive 
system, tonifying the Blood and Yin, and to 
reduce the effects of Heart Empty-Heat symp- 
toms developed from Kidney Yin Deficiency 
after menopause (i.e., night sweating, hot 
flashes, anxiety, mental irritability, insomnia 
and dizziness, etc.); 

3. To promote Blood supply to the uterus and 
regulate menstrual disorders (i.e., dysmenor- 
rhoea, menorrhagia, amenorrhoea, and metr- 
orrhagia); 

4, To move the Qi in the patient’s Lower Burner 
and treat abdominal lumps, as well as myo- 
mas, fibroids, and carcinoma in the woman’s 
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Figure 7.4. The Conception Vessel (Side View) 


uterus, and hernia in men; and 

5. To stimulate the energetic interaction of the 
Lungs Channels descending Qi function, and 
the Kidneys’ function of receiving and hold- 
ing the Lung Qi, which can, when malfunc- 
tioning, result in asthma. 


PATHOLOGICAL MANIFESTATIONS 
1, Symptoms of Excess include diseases of the 
reproductive and gastrointestinal systems 
(hemorrhoids, diarrhea, decreased urination, 
etc.). In the male, problems in the Conception 
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After emerging externally at the 
Huiyin (CV-1) point in the 
perineum, the main branch of the 
CV-23 Conception Vessel ascends 
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CV-21 after encircling the mouth it 
CV-20 branches to connect with the 


Yinjiao (GV-28) points, and both 
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Figure 7.5. The Conception Vessel (CV) 
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Vessel produce sterility. In the female, the 
Conception Vessel can cause menstruation 
problems such as leukorrhea and dysmenor- 
rhea. Other female problems include breast 
pain, paralysis after delivery, emaciation, and 
sterility. Other problems of the female repro- 
ductive system include the external genitalia 
and vulva, vagina, and cervix disorders. 

2. Symptoms of Deficiency include abdominal 
pains (hernia), pruritus, and a heavy feeling 
in the hips, lower ribs, and lumbar area. 


THE THRUSTING VESSELS AND THE 
BELT VESSELS 

The Thrusting and Belt Vessels balance the 
external tissues and internal organ energies, con- 
trolling an Excess or Deficient condition by 
regulating the upper and lower, as well as left and 
right, energetic quadrants. 

The Belt Vessel is responsible for the second 
cellular division of the fertilized ovum in embryo- 
logical development (see Chapter 2). 


THE THRUSTING VESSELS OR CHONG VESSELS 

The word Chong translates as “a street” and 
expresses the idea of passing or penetrating 
through something. This passing through action 
refers to its function as the vital pathway for al- 
chemical transformation, used to produce ener- 
getic change (Jing to Qi, Qi to Shen and vise versa). 
The Thrusting Vessels, also called the Penetrating 
Channel, and are regarded as the Sea of Blood and 
the Sea of the Twelve Regulating Channels. They 
regulate both the Qi and Blood of all Twelve Pri- 
mary Channels and extend to the anterior, poste- 
rior, upper, and lower parts of the body. During 
the development of the embryo, the Thrusting 
Vessels are responsible for the development of the 
adrenal glands and the cortex. 

The Thrusting Vessels originate in the Lower 
Dantian. The Qi of the Thrusting Vessels travel to 
the head and face to flow into the Chong and pen- 
etrate the lower limbs, irrigating the body’s Yin 
(Figure 7.6). According to some Chinese doctors, 
all energetic points that have Chong in their names 
relate to the Thrusting Vessels (i.e., Qichong St- 
30, Taichong St-42, and Shaochong HL-9). 
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Along with the Conception Vessel, the Thrust- 
ing Vessels are responsible for regulating the 
changes in life cycles that occur every eight years 
in men, and every seven years in women. Abnor- 
malities of the Thrusting Vessels during the be- 
ginning of pregnancy result in the mother’s body 
aborting the fetus. Abnormalities of the Thrust- 
ing Vessels during the end of pregnancy result in 
an inability to expel the placenta. 

The Thrusting Vessels contro] the woman’s 
menstruation in all aspects, influencing the sup- 
ply and amount of Blood in the uterus, and 
nourishing the woman’s Jing. They also flow 
along the Kidney Channels and are related to the 
muscles of the abdomen and the penis (and are 
responsible for tightening the abdominal 
muscles). 

THE ENERGETIC PATHWAY OF THE 
THRUSTING VESSELS 

The classical description of the Thrusting Ves- 
sels’ energy flow begins inside the uterus in 
women (the corresponding lower abdominal area 
in men), continuing down to the perineum. From 
the perineum, one branch ascends inside the spi- 
nal column, while four other branches flow exter- 
nally. 

Two external energetic rivers ascend up the 
front of the body alongside the Kidney Channels 
and enter into the chest. They then ascend through 
the throat, encircling the lips, and end at the cor- 
ner of the eyes. When the Thrusting Vessels are 
full and overflowing (through meditation), they 
radiate a sparkling white-light energy, which can 
be observed to extend from the upper chest to the 
eyes. 
From the perineum, two other external ener- 
getic rivers descend down the inner aspect of the 
thighs (one on each leg), along the Spleen Chan- 
nels. They divide again at the medial malleolus. 
One set of branches flows into the big toes, a sec- 
ond set of branches terminates at the bottom of 
each foot. 

CLINICAL MANIFESTATIONS 

The functions and clinical uses of the patient’s 
Thrusting Vessels are as follows. 

1. To strengthen, nourish, and regulate weak 
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Figure 7.6. The Thrusting Vessels 
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constitutions with digestive symptoms (e.g., 
abdominal distension, poor appetite, and 
poor assimilation of food); 
2. To move the Blood of the Heart to relieve 
symptoms of pain and stiffness of the chest 
(the Thrusting Vessels control all the Blood in 
the connecting channels); 
3. To purge Qi and Blood stagnation in the ab- 
domen and chest; 
4. To treat feelings of anxiety (within the chest) 
caused by Rebellious Qi; One of the Thrust- 
ing Vessels’ most important pathologies is Re- 
bellious Qi (Qi that moves in the wrong di- 
rection, going upwards instead of down- 
wards). Feelings of anxiety that arise in the 
patient’s abdomen and ascend to their chest 
are especially indicative of this malfunction; 
5. To treat gynecological problems (hot flashes), 
when the Qi of the Thrusting Vessels rises up- 
wards, and causes the patient’s hands and feet 
to get cold, the face to get hot, and a feeling of 
fullness in the chest. The treatment is to regu- 
late the Thrusting Vessels and subdue the Re- 
bellious Qi in the Chong Vessel. If there are 
accompanying emotional problems and Liver 
Qi stagnation, then also treat the patient’s Lv- 
3 points; and 
6. To treat Rebellious Qi caused by the energy 
of the Thrusting Vessels rebelling upwards; 
the symptoms are oppressive feelings in the 
chest, as well as dizziness, nausea, and vom- 
iting. 
PATHOLOGICAL MANIFESTATIONS 

The main diseases associated with the 
patient’s External Thrusting Vessels include dis- 
eases of the Heart, fullness in the chest and abdo- 
men, gastritis, abdominal pain, and convulsive 
diseases. If a woman’s Thrusting Vessels are De- 
ficient or Empty she may develop such conditions 
as amenorrhoea, scanty periods, or late periods. 
If there is stagnant Qi and/or Blood in the Thrust- 
ing Vessels, she may experience dysmenorrhoea. 
Abnormalities of the Thrusting Vessels also result 
in the mother aborting the fetus. 

The Thrusting Vessels work with the Qi of the 
Kidney Channels to control the brain’s physiologi- 
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cal functions. If the energy from the Thrusting Ves- 
sels to the cortex becomes Deficient, this can inhibit 
the development of the brain. 


THE BELT VESSEL OR DAI VESSEL 

The word Dai translates as a “belt” or “girdle,” 
and refers to the action of supporting something. 
The Belt Vessel is the only horizontal vessel in the 
body. Beginning at the Mingmen, this vessel en- 
circles the waist like a belt, dipping down into the 
lower abdominal region anteriorly and running 
across the lumbar region posteriorly. It connects 
with the Gall Bladder’s -26, -27, and -28 points 
and crosses the Conception Vessel at CV-4. Many 
sources say that it connects with the Liver -13 (at 
the free ends of each 12th rib). It binds, joins, and 
controls all the channels of the body, exerting an 
influence on the energetic circulation of the body's 
Governing and Conception Vessels (Figure 7.7). 

Medical Qigong schools teach that the Belt 
Vessel circle wraps the entire body, like a envel- 
oping cocoon, flowing from the feet to the head. 
The waist is considered the “hub” of the energetic 
wheel, and the access points of the Belt Vessels 
center channel (which circles the waist) is used to 
contro] the entire vessel. As the energy of the body 
increases (through Qi cultivation), the Qi within 
the entire Belt Vessel increases, circle wrapping 
the tissues from feet to head, increasing the body’s 
Wei Qi fields (Figure 7.8). 

In addition, the Belt Vessel keeps both the Yin 
and Yang Channels under control, connecting all 
of the leg Yin and Yang channels as they traverse 
the body’s trunk. As a result, the Belt Vessel as- 
sists in regulating the circulation of Qi in those 
channels, especially from the waist down. 

The Belt Vessel has an important influence on 
the body’s physiology by encircling the leg chan- 
nels, influencing the circulation of energy to and 
from the legs, as well as influencing the energetic 
actions of the genitals, waist, and hips. This ves- 
sel not only restrains the flow of the body’s Liver 
and Gall Bladder Qi, but also harmonizes the as- 
cending and descending flows of energy from the 
Kidneys and Spleen through its connection with 
the Kidney Divergent Channel. 
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Figure 7.7. The Center of the Beit Vessel 
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Figure 7.8. The Belt Vessel winds up the body like an 
energetic coil. 





CLINICAL MANIFESTATIONS 
The functions and clinical uses of the patient’s 
Belt Vessel are as follows. 

1. To treat impaired circulation of Qi in the leg 
channels resulting in such symptoms as cold 
legs and feet, or tense leg muscles (gastrocne- 
mius and tibiales). This condition is due to 
Liver Blood not moistening the sinews of the 
legs; 

2. To treat impaired circulation of Qi and Blood 
that cause numbness, weakness, atrophy, or 
motor impairment of the leg muscles, due to 
a Deficiency of energy in the Stomach and 
Spleen Channels; 


3. To tonify and harmonize the circulation of 
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Liver and Gall Bladder Qi due to Excess pat- 
terns of Liver energy; 

4. To disperse Damp Heat in the genitals that 
has resulted in symptoms such as difficulty 
or burning during urination; 

5, To treat hip pain caused by Deficient Liver 
Blood (leading to sinew and joint malnour- 
ishment and Excess of Liver Yang; and 

6. To regulate the lower abdomen due to a Belt 
Vessel imbalance, causing symptoms such as 
a sagging waist or bloated abdomen. 


PATHOLOGICAL MANIFESTATIONS 

1. Symptoms of Excess include pain in the back 
(lumbar region), and sides of the lower abdo- 
men, as well as weakness in the shoulders, 
upper extremities, and lower limbs. Symp- 
toms may also include weakness in the op- 
posite sides of the body (e.g., eye, breast, 
ovary, etc.), and a feeling of heaviness in the 
body and abdomen (as if carrying 5,000 coins) 
due to exposure to Dampness. 

2. Symptoms of Deficiency have physical sen- 
sations similar to that of “sitting in cold wa- 
ter” up to the waist. This description gener- 
ally refers to pain, weakness, and a cold, 
heavy sensation in the patient’s lumbar and 
sacral regions. Other symptoms include um- 
bilical, abdominal and lumbar pain, as well 
as a feeling that something like a stick is press- 
ing against the groin. There can also be ab- 
dominal fullness and distention. In women, 
there may be an abnormal white vaginal dis- 
charge, and a prolapse of the uterus. 


THe YIN AND YANG HEEL VESSELS OR 
QIAO VESSELS 

The word Qiao translates as “the heel” or “to 
stand on the toes,” and refers to the action of kick- 
ing one’s foot as high as possible. The Yin and 
Yang Heel Vessels flow along the medial and lat- 
eral aspects of the lower legs and torso, connect- 
ing at the inner canthus (by the eyes). They link 
the channel energy of the body’s Yin and Yang 
Channels and regulate the movement of ail four 
limbs. They also control the amount of energy 
being used by all the other channels in the body. 


Once these vessels are full, they relax the tissues, 
enabling the limbs to become more dexterous. 

The Yin and Yang Heel Vessels are sometimes 
called Bridge Channels, because they act like a 
bridge linking the stored Qi in the body with the 
areas in need of Qi. When any channel uses more 
than its share of energy, other channels become 
Deficient. Thus the Heel Vessels seek to ensure 
that energy is always distributed in a balanced 
way. 
The Yin Heel Vessels are an offshoot of the 
Kidney Channels at the front of the body, while 
the Yang Heel Vessels are an offshoot of the Blad- 
der Channels at the back of the body. Together, 
the Yin and Yang Heel Vessels can be used to treat 
structural imbalances and to harmonize the right 
and left sides of the body. 

Because the Heel Vessels cause the motor 
nerves to develop during the formative stages of 
the embryo, the Chinese believe the Yang Heel 
Vessels cause little boys to be more physically ac- 
tive (running, jumping, etc.), while the Yin Heel 
Vessels cause little girls to be less actively inclined. 


THE YIN HEEL VESSELS 

The Yin Heel Vessels control the Yin of the left 
and right sides of the body. The Yin Heel Vessels 
influences the male and female reproductive sys- 
tem, as well as the lower abdomen in women. 

When Yang energy is slowed down in the Heel 
Vessels, the Yin energy moves more rapidly. The 
Excess Yin causes the following problems: sleepi- 
ness, the inability to keep the eyes open while try- 
ing to stay awake, hypotension, choking, painful 
urination, stomach rumbling, vomiting, diarrhea, 
difficult bowel movements, and unconsciousness. 
Excess Yin in women also causes a difficult labor. 
Also, when the Yin Heel Vessels are in Excess, the 
inner leg muscles are tight, while the outer leg 
muscles are loose. Weakness in the Yin Heel Ves- 
sels can cause the feet and ankles to invert, 
whereas an Excess condition can cause the feet to 
turn outwards. 

The Yin Heel Vessels begin at the superficial 
part of the ankles, just below the medial malleo- 
lus of the tibial bones at the Kd-2 points. They con- 
tinue up the front of the body, ending at the inner 
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Figure 7.9. The Yin Heel Vessels 


CHAPTER 7: THE EIGHT EXTRAORDINARY VESSELS AND COLLATERALS 


corners of the eyes, where they join the Yang Heel 
Vessels (Figure 7.9). 
CLINICAL MANIFESTATIONS 

The functions and clinical uses of the patient's 
Yin Heel Vessels are: 

1. To treat symptoms of Excess conditions in the 
Lower Burner in women (e.g., abdominal dis- 
tension, difficult delivery, or the retention of 
the placenta, abdominal masses, lumps, and 
fibroids); 

2. To structurally balance the left and right sides 
of the body; 

3. To treat disturbances of sleep (e.g., insomnia 
or somnolence); and 

4. To treat certain cases of atrophy (e.g., when 
the muscles of the inner aspect of the leg are 
loose and the outer leg muscles are tight). 


PATHOLOGICAL MANIFESTATIONS 

1. Symptoms of Excess of the Yin Heel Vessels 
include: lower abdominal pain, vomiting, dif- 
ficult bowel movements, and spasms on the 
medial side of the legs. The Yin Heel Vessels 
also control diseases of the eyes (watery eyes, 
heavy sensations of the eyelids or an inabil- 
ity to open the eyes), migraines, congestive 
headaches, and hypersomnia. Abnormalities 
of the Yin Heel Vessels cause pregnant women 
to have difficult labor. 

2. Symptoms of Deficiency include: Aggrava- 
tions of symptoms during the evening time, 
nocturnal headaches, insomnia, cramps, or 
convulsions. 


THE YANG HEEL VESSELS 

The Yang Heel Vessels control the Yang of the 
left and right sides of the body. Abnormalities of 
the Yang Heel Vessels in newborns cause vomit- 
ing of milk. 

When Yin energy is slowed down in the Heel 
Vessels, the Yang energy moves more rapidly. The 
Excess Yang causes the following problems: in- 
somnia, difficulty in closing the eyes, painful eyes, 
hypertension, stiff back and waist (inability to 
bend down), thigh tumors, bad colds, spontane- 
ous sweating, headaches, paralysis of the arms 
and legs, deafness, epilepsy, nose bleeding, swell- 
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ing of the body, pain in the joints, and head sweat- 
ing. Excess Yang can also cause the vomiting of 
milk in infants. 

Weakness in the Yang Heel Vessels can cause 
foot and ankle eversion, while Excess can cause 
foot inversion. Also, when the Yang Heel Vessel 
is in Excess, the inner leg muscles are loose and 
the outer leg muscles are tight. 

The Yang Heel Vessels begin on the outer side 
of the ankles below the lateral malleolus, at the 
BI-62 points. From there, they continue to ascend 
the outside of the thigh and the back to end just 
below the eyes at the BI-1 points, where they com- 
municate with the Yin Heel Vessels near the eyes 
(Figure 7.10). 

CLINICAL MANIFESTATIONS 

The functions and clinical uses of the patient’s 
Yang Heel Vessel are: 

1. To treat acute Excess conditions of the lower 
back (e.g., aches due to spasm or invasion of 
Cold) and pain along the Bladder Channels 
of the legs; 

2. To subdue Internal or External Wind from the 
head (e.g., facial paralysis, severe dizziness, 
and aphasia); and 

3. To purge Wind-Heat and Wind-Cold mani- 
festing in symptoms, such as sneezing, head 
ache, runny nose, and stiff neck. 

PATHOLOGICAL MANIFESTATIONS 

1. Symptoms of Excess include: Stiffness of the 
back and waist, lumbar pain, spasms on the 
outer side of the legs, tumors of the thighs, 
nocturnal epileptic seizures, and insomnia or 
restless sleep. The Yang Heel Vessels are also 
involved with diseases of the eyes such as dry 
and itchy eyes. 

2. Symptoms of Deficiency include: Fatigue, las- 
situde and weakness during the day, and ag- 
gravations of symptoms from stress during 
the day. These symptoms improve as the night 
progresses. 

According to some Traditional Chinese Medi- 
cal Classics, if epilepsy occurs during the daytime, 
Qigong and moxa are given on the Yang Heel Ves- 
sels; however, if epilepsy occurs at night, Qigong 
and moxa are given on the Yin Heel Vessels. 
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Figure 7.10. Side View of the Left Yang Heet Vessel 


CHAPTER 7: THE EIGHT EXTRAORDINARY VESSELS AND COLLATERALS 


THE YIN AND YANG LINKING VESSELS 
OR WEI VESSELS 

The word Wei translates as “to link” or “bind” 
and refers to a rope that is tied around something, 
pulling it down and securing it. The Linking Ves- 
sels are sometimes called the Regulator Channels. 
The Linking Vessels are divided into Yin and Yang 
energetic pathways. 

Both Yin and Yang Linking Vessels start at the 
lower legs and flow upwards to the head, along 
the medial and lateral aspects of the lower legs 
and torso. When the Linking Vessels reach the 
neck and back of the head, they join the Concep- 
tion and Governing Vessels. Secondary Vessels, 
called the Yu (surplus) Vessels, branch away from 
the energetic flow of the major Vessel, connecting 
the energetic flow of each Yin and Yang Linking 
Vessel to the hands. 

Instead of serving as streams transporting Qi 
and Blood, these two vessels act as lakes that store 
Qi and Blood that overflows from other vessels. 
Together, these four vessels regulate the circula- 
tion of Qi and Blood for the whole body, store the 
overflowing Qi and Blood, and release the Qi and 
Blood into the channels in the event of insufficien- 
cies. 


THE YIN LINKING VESSEL 

The Yin Linking Vessels lie on the medial axis 
of the body. They help maintain the connection to 
all the Yin Channels. They begin at the Kd-9 points 
at the inner side of the lower legs and ascend up 
the sides of the abdomen and chest. They move 
toward the front of the body, along the sides of 
the chest to the tips of the nipples. At the Ruzhong 
(St-17) Breast Center points they split into two sets 
of branches. One set of branches connects with 
the Conception Vessel at the neck. The other set 
of branches becomes the Yin Yu Vessels, and ex- 
tends from the chest, over the shoulders and down 
the inside of the arms following the route of the 
Pericardium Channels. Just above both wrist folds 
on each arm, each branch energetically pools at 
the Neiguan (Pc-6) Inner Pass points, before it 
flows into the palms. The Pc-6 points are there- 
fore considered the Master Points for the Yin Link- 
ing Vessels (Figure 7.11). 





Figure 7.11. The Yin Linking Vessels 
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The Yin Linking Vessels are responsible for 
moving the Yin energy and regulating the Blood 
and inner parts of the body. They connect with all 
the body’s Primary Yin Channeis: Liver, Heart, 
Spleen, Lung, Kidney, and Pericardium. When the 
Yin energy is slowed down in the Linking Ves- 
sels, the Yang energy moves more rapidly. There- 
fore, if the Yin Linking Vessels become unbal- 
anced, the Excess Yang condition can cause the 
patient to suffer from Heart pain. 


CLINICAL MANIFESTATIONS 
The functions and clinical uses of the patient’s 
Yin Linking Vessels are: 

1. To tonify the Heart (for symptoms of pain, 
stiffness, tightness and oppression in the 
chest, as well as mental depression, anxiety, 
apprehension, and nightmares); 

2. To treat Deficient Yin and Blood conditions, 
especially if accompanied by psychological 
conditions, such as mental restlessness, anxi- 
ety, and insomnia; and 

3. To treat headaches located in the back of the 
neck due to Blood Deficiency. 


PATHOLOGICAL MANIFESTATIONS 

1. Symptoms of Excess include diseases of the 
Heart such as hypertension, delirium, night- 
mares, etc., as well as, cardialgia (tightness and 
oppression in the chest), difficulty in swallow- 
ing, convulsive diseases, contracted feeling in 
the Lungs, and dyspnea. Diseases of the Yin 
Linking Vessels also include prolapse of the rec- 
tum and diarrhea. 

2. Symptoms of Deficiency include timidity or 
fear, apprehension, nervous laughter, mental 
depression, hypotension, and weak respiration. 


THE YANG LINKING VESSELS 

The Yang Linking Vessels lie on the lateral as- 
pects of the body. They serve to maintain and com- 
municate with all the Yang Channels in the exte- 
rior portion of the lateral aspects of the body. They 
begin at the external part of the ankles, just below 
the lateral malleolus at Bl-63 points, ascend the 
sides of each leg, up each side of the back of the 
body, through the shoulder areas to the Naoshu 
(SI-10) Scapula’s Hollow points. The SI-10 points 
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Figure 7.12. Side View of the Left Yang Linking 
Vessel 
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are the intersecting points of the Yang Linking and 
Yang Heel Vessels located on the Small Intestine 
Channels. From the SI-10 points, both Yang Link- 
ing Vessels split into two sets of branches. One set 
of branches flows up the sides of the neck and 
head connecting with the GB-20 points (at the 
lower occipital part of the head), where it com- 
municates with the Governing Vessel. The other 
set of branches becomes the Yang Yu Vessels. The 
Yang Yu Vessels extend from the shoulders, down 
the back sides of the arms, following the route of 
the Triple Burner Channels. Just above both wrists 
on the outside of each arm, each of the branches 
pools at the Weiguan (TB-5) Outer Pass points, 
before flowing into the back of the hands. The TB- 
5 points are therefore considered the Master Points 
for the Yang Linking Vessels (Figure 7.12). 

The Yang Linking Vessels are responsible for 
moving the Yang energy and controlling the Pro- 
tective Qi, regulating the Wei Qi’s resistance to 
external infections, and regulating the external 
parts of the body. They connect with all of the 
body’s Primary Yang Channels: Gall Bladder, 
Small Intestine, Stomach, Large Intestine, Bladder, 
and Triple Burners. When the Yang energy is 
slowed down in the Linking Vessels, the Yin en- 
ergy moves more rapidly; therefore, if the Yang 
Linking Vessels become unbalanced, the Excess 
Yin condition may cause the patient to catch colds 
and fevers more easily. 


CLINICAL MANIFESTATIONS 
The functions and clinical uses of the patient’s 
Yang Linking Vessels are: 

1. To treat ear problems due to the rising of Liver 
Fire, resulting in conditions such as tinnitus 
and deafness; 

2. To treat ear diseases due to a Gall Bladder dis- 
harmony; 

3. To treat hypochondriac pain; 

4. To treat sciatic pain in the lateral aspects of 
the legs (along the Gall Bladder Channels); 

5. To treat intermittent fevers that alternate be- 
tween chills and fever. 

PATHOLOGICAL MANIFESTATIONS 

1. Symptoms of Excess include: Alternating 

chills and fever; pain on the lateral sides of 


the neck, trunk and legs, as well as pain in 
the head. Symptoms also include pains and 
skin problems during weather changes, sen- 
sitivity to changes in climate (aching muscles, 
skin rashes, etc.), swelling, pain and fever in 
the joints, diarrhea and night sweats. 

2. Symptoms of Deficiency include: Coldness 
and lack of body heat, loss of energy, and 
physical strength. Symptoms also include 
cold knees, stiffness, and fatigue (especially 
during cold or rainy weather). 


SUMMARY OF EIGHT EXTRAORDINARY 
VESSEL PATHOLOGY 

The Eight Extraordinary Vessels link all of the 
Yin and Yang Channels in the body and regulate 
the flow of energy in these channels to maintain a 
state of energetic balance. The clinical significance 
of the Eight Extraordinary Vessels is manifested 
through certain pathological indications that are 
particular to the vessels’ intersection with their 
specific Primary Channel(s). Their symptomatol- 
ogy is therefore not distinct from, but rather a com- 
posite of, the pathological symptoms associated 
with their joining Primary Channel(s). 

Figure 7.13 describes some of the Eight Ex- 
traordinary Vessels pathologies and the clinical 
manifestations indicated along their root (begin- 
ning) and ending branches. 

The Eight Extraordinary Vessels’ energetic 
pathways used in certain esoteric Qigong medi- 
tations are somewhat different from the ones seen 
in Traditional Chinese Medical texts and acupunc- 
ture charts. The reason for this uniqueness is be- 
cause their purposes are different. 

The goal of Chinese acupuncture is to restore 
sick people to health. The energetic points being 
treated by an acupuncturist must be along the 
superficial channels, so that they can be activated 
by acupuncture needles. 

Medical Qigong exercises and meditations 
aim to maximizing health, and to take the indi- 
vidual beyond mere physical health to spiritual 
enlightenment. In Medical Qigong training the 
channels and points can be deep within the body, 
since the energy is guided by the mind or by pos- 
tures and movements, rather than by needles. 
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Extraordinary | Pathologies 


* Weakness in the lower limbs 
« Diseases of the reproductive and gastrointestinal systems (hemorrhoids, 
diarrhea, decreased urination, etc.) 
* In the male, sterility 
Conception ¢ In the female, the menstruation problems such as leukorrhea and 
dysmenorrhea; also breast pain, paralysis after delivery, emaciation, and 


sterility; all reproductive system problems, including internal and external 
genitalia (vulva, vagina, and cervix) 


* Diseases of the head (apoplexy, aphasia, epilepsy, headaches, tetanus, 
Gover etc.), back, neck, and Kidneys 
9 ¢ Stiffness in the spinal column, spastic muscle movements of the 
extremities, night sweating, and circulatory disturbances around the anus 
Thrusting 
Yang Heel 


- Diseases from Cold— fevers resulting in a sensitivity to changes in 
Yang Linking climate; cold knees; stiffness and fatigue; swelling, pain, and fever in the 
joints and extremities; and night sweating 


Yin Linking 




























¢ In women, amenorrhoea, scanty periods or late periods, dysmenorrhoea, 
spontaneous abortion, inability to expel the placenta, menopause problems 
* Diseases of the Heart, fullness in the chest and abdomen, gastritis, 
abdominal pain, convulsive diseases 
* Brain dysfunction of physiological origin 









¢ In newborns, vomiting of milk 

* Stiffness of the back and waist, lumbar pain, spasms on the outer side of 
the legs, and tumors of the thighs 

* Diseases of the eyes 















+ Lower abdominal pain, vomiting, difficult bowel movements, and spasms 
on the medial side of the legs 

¢ Diseases of the eyes 

* Difficult labor in women 





¢ Diseases of the Heart (cardialgia), tightness of the chest, difficulty in 
swallowing, convulsive diseases 
* Diseases also include prolapse of the rectum and diarrhea 


Figure 7.13. Pathologies of the Eight Extraordinary Vessels 
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THE FIFTEEN MAJOR COLLATERALS 
(CONNECTING VESSELS) 

The Fifteen Collaterals are also known as the 
Fifteen Luo. Luo is translated to mean a net or 
web, and in Traditional Chinese Medicine it re- 
fers to the Connecting Vessels. These vessels are 
the major “passage ways” for the circulation of 
the body’s channel energy, emerging out of the 
Luo (pathway) points on the Twelve Primary 
Channels, plus the Governing and Conception 
Vessels. The Luo points are located below the el- 
bows and knees and provide an additional ener- 
getic barrier to keep Evil Winds from affecting the 
Primary Channels, being somewhat deeper then 
the Muscle / Tendon Channels. The Collaterals are 
the streams of energy that connect the paired Pri- 
mary Channel rivers. 

The Fifteen Collaterals are superficial and 
much thinner in formation than the Primary Chan- 
nels running through the interior aspect of the 
body. The collaterals distribute Qi and Blood to 
those areas not directly traversed by other chan- 
nels. Flowing out of each Primary Channel’s Luo 
point are two Luo vessels, which are counted as 
one: 

1. The Transverse Luo Vessels connect to the 
Source Points on the Yin and Yang coupled 
Primary Channels. They act as a safety valve 
to maintain balance between Yin and Yang 
channels by diverting Excess energy from one 
channel to tonify Deficiencies in the Orb (in- 
ternal organ and energetic field) of their 
paired Primary Channel. When a channel is 
Deficient (Empty) and its paired channel is in 
Excess (Full), for example, the tonification of 
the Luo point on the Deficient channel is 
enough to replenish it, while normalizing the 
channel previously in Excess. 

2. Longitudinal Luo Vessels flow out of the Luo 
points, but do not connect with the coupled 
Primary Channels. The Luo Vessels usually 
flow proximally toward the channel's organ. 
The Luo vessels’ main function is to transfer 

Qi and Blood from the Primary Channels to all 
parts of the body to nourish the tendons, the 
bones, the skin, and the five sense organs (nose, 


eyes, ears, lips, and tongue). The Luo vessels also 
link the body’s interior with its exterior, connect- 
ing the internal and superficial channels (Figures 
7.14 through 7.19). 

The Fifteen Major Collaterals have smaller 
branches, known as the Minute and Superficial 
Collaterals, extending from them. The Superficial 
Collaterals are sub-branches similar to capillaries 
serving to transport Qi and Blood to the surface 
of the body. Both Minute and Superficial Collat- 
erals, which can be seen beneath the surface as 
blood vessels, are called Blood Luo Vessels. 


PATHOLOGY 

The pathology of the Fifteen Major Collater- 
als are categorized in terms of Excess and Defi- 
cient syndromes. 

1. Excessive Conditions of the collaterals are due 
to exogenous invasion if (1) the organ associ- 
ated with the Luo is in Excess or (2} the body’s 
Wei Qi is weak. Evil Winds enter the body 
through Jing Well or Wind points, and start 
moving up the channel. The Longitudinal Luo 
Vessels provide a route for the diversion of 
Evil Winds. The Longitudinal Luo Vessels 
have more Wei Qi then the Primary Channels 
and can better fight pathogens. Sometimes 
with a Wind Cold invasion, a blue color is vis- 
ible along the path of the Longitudinal Luo 
Vessel. If the invasion is due to Wind Heat, 
there may be a red color along the vessel. 

2. Deficient Conditions of the collaterals are due 
to: (1) the organ associated with the Luo be- 
ing Deficient or (2) the patient’s Qi is Defi- 
cient due to exogenous factors. 

POINT LOCATION OF THE FIFTEEN MAJoR 
COLLATERALS 

1. The Foot Taiyin-Spleen 4 Point is located on 
the Spleen Channel of each foot, on the me- 
dial side, just posterior to the base of the first 
metatarsal bone. This Lou’s energy flows 
downward to connect with the Stomach 
Channel on each foot. A second branch flows 
upward along the medial aspect of the inner 
thigh, passing the abdomen and connecting 
with the Stomach and Small Intestines (Fig- 
ure 7.14). 
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YANG CHANNEL 
YIN CHANNEL 
mannan CONNECTING LINE 





Figure 7.14. The figure at left shows the three Luo points of the Yin Collaterals of the left foot located on the 
Primary Channels of the Kidneys, Spleen, and Liver. The figure on the right shows the three Luo points of the 
Yang Collaterals of the left foot located on the Primary Channels of the Stomach, Bladder, and Gall Bladder. 
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a, Symptoms of Excess include sharp in- 
testinal pain, vomiting, and diarrhea. 

b. Symptoms of Deficiency include ab- 
dominal swelling. 


2. The Foot Shaoyin-Kidney 4 Point is located 


on the Kidney Channel of each foot, just pos- 
terior to the medial malleolus. The Lou’s en- 
ergetic flow runs downward, crossing the 
heel, and connects with the Bladder Channel 
on each foot. A second branch flows upward 
along the medial aspect of the inner thigh, fol- 
lowing the Kidney Channel. It passes the ab- 
domen and connects with the pericardium of 
the Heart then flows laterally to connect with 
the lumbar vertebrae (Figure 7.14). 
a. Symptoms of Excess include enuresis, 
emotional irritability, and depression. 
b. Symptoms of Deficiency include lower 
back pain. 
. The Foot Jueyin-Liver 5 Point is located on 
the Liver Channel of each foot, on the medial 
side, several inches above the medial malleo- 
lus. The Lou’s energetic flow connects with 
the Gall Bladder Channel on each foot and 
flows upward along the medial aspect of the 
inner thigh. It connects with the genitals and 
terminates at the penis in males, and the cli- 
toris in women (Figure 7.14). 
a. Symptoms of Excess include swelling 
of the testicles. 
b. Symptoms of Deficiency include itch- 
ing in the pubic region. 
. The Foot Taiyang-Bladder 58 Point is located 
on the Bladder Channel of each foot, on the 
lateral side, several inches above the external 
malleolus. The Lou’s energy flows downward 
to connect with the Kidney Channel on each 
foot (Figure 7.14). 
a. Symptoms of Excess include nasal con- 
gestion, headache, and back pain. 
b. Symptoms of Deficiency include clear 
mucus nasal discharge and nosebleed. 
. The Foot Shaoyang-Gall Bladder 37 Point is 
located on the Gall Bladder Channel of each 
foot, on the lateral side, several inches above 
the external malleolus. The Lou’s energy 


flows dewnward to connect with the Liver 
Channel on each foot, then continues down- 
ward to disperse over the dorsum on each foot 
(Figure 7.14). 
a. Symptoms of Excess include fainting. 
b. Symptoms of Deficiency include weak 
and flaccid muscles of the feet. 


. The Foot Yangming-Stomach 40 Point is lo- 


cated on the Stomach Channel of each foot, 
on the lateral side, several inches above the 
external malleolus. The Lou’s energy flows 
downward to connect with the Spleen Chan- 
nel on each foot. A second branch flows along 
the lateral aspect of the tibia, upward to the 
top of the head where it divides, with one 
branch converging with the other Yang Chan- 
nels on the neck and head, and the other 
branch connecting with the throat (Figure 
7.14). 
a. Symptoms of Excess include epilepsy 
and insanity. 
b. Symptoms of Deficiency include phar- 
yngitis, sudden aphasia, and flaccid or 
atrophied muscles in the legs or feet. 


. The Hand Taiyang-Small Intestine 7 Point is 


located on the Small Intestine Channel of each 
hand, on the dorsal side, several inches above 
the wrist, on the ulnar side. The Lou’s energy 
flows upward past the elbow and connects 
with the Large Intestine 15 point (Figure 7.15). 
a. Symptoms of Excess include fever, 
headaches, and blurred vision. 
b. Symptoms of Deficiency include atro- 
phy of the muscles in the elbow and 
arm, and a looseness in the joints. 


. The Hand Yangming-Large Intestine 6 Point 


is located on the Large Intestine Channel of 
each hand, several inches above the dorsal 
side of the wrist on the radial side. The Lou’s 
energy flows upward on each arm to the jaw 
and pours into the area of the teeth. Another 
branch ascends into each ear, connecting with 
the Thrusting Vessels which supply energy to 


the head (Figure 7.15). 
a. Symptoms of Excess include deafness 
and toothache. 
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b. Symptoms of Deficiency include a sen- 
sation of coldness in the teeth, as well 
as fullness and congestion in the chest. 

The Hand Shaoyang-Triple Burner 5 Point is 
located on the Triple Burner Channel of each 
hand, located just above the dorsal transverse 
crease of the wrist. The Lou’s energy flows 
upward past the arm and over the shoulder, 
dispersing into the chest and connecting with 
the Pericardium Channel (Figure 7.15). 

a. Symptoms of Excess include muscle 
spasms of the elbow. 

b. Symptoms of Deficiency include flac- 
cid muscles in the arm and elbow joint. 

The Hand Taiyin-Lung 7 Point is located on 
the Lung Channel of each hand and arises 
from the cleft of the tendons and bones on the 
radial side of the wrist, where it flows down 
into the palm, spreading through the thenar 


eminence (Figure 7.15). 
a. Symptoms of Excess include hot palms 
or wrists. 
b. Symptoms of Deficiency include enure- 
sis and shortness of breath. 


The Hand Shaoyin-Heart 5 Point is located on 
the Heart Channel of each hand, just above 
the transverse crease of the wrist. The Lou as- 
cends along the Heart Channel and enters the 
Heart then continues up the chest into the 
head, flowing into the root of the tongue, then 
ascends to connect with each eye (Figure 7.16). 
a. Symptoms of Excess include fullness 
and pressure in the chest. 
b. Symptoms of Deficiency include apha- 
sia. 
The Hand Jueyin-Pericardium 6 Point is lo- 
cated on the Pericardium Channel of each 
hand, just a few inches above the medial trans- 
verse crease of the wrist, between the two ten- 
dons. The Lou’s energy flow follows the Peri- 
cardium Channel, connecting with the Heart 
(Figure 7.16). 
a. Symptoms of Excess include chest pain. 
b. Symptoms of Deficiency include irrita- 
bility. 
The Governing Vessel 1 Point is located on the 


Sl-7 


Lie f e 


TB-5 


Figure 7.15. The three Yang Collaterals and their Luo 
points located on the hand and on the Primary 
Channels of the Large Intestine (LI), Triple Burners 
(TB), and Small Intestine (SI). 





Figure 7.16. The three Yin Collaterals and their Luo 
points located on the hand and on the Primary Channels 
of the Heart, Pericardium, and Lungs. 
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Figure 7.17. The main collateral and 
Luo point of the Governing Vessel 
is located on the Governing Vessel 
(GV) 1 point. 
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base of the Governing Vessel, at the perineum. 
The Lou’s energy flows upward along both 
sides of the spine to the nape of the neck, 
spreading to the top of the head. It continues 
flowing into the scalp regions on both sides 
of the head and connects with the Bladder 
Channel and merges with the spine (Figure 
7.17). 
a. Symptoms of Excess include stiffness 
along the spine. 
b. Symptoms of Deficiency include dizzi- 
ness or heaviness in the head. 
The Conception Vessel 15 Point is located on 
the Conception Vessel of the chest, just below 
the xiphoid process. The Lou’s energy flows 
downward, pouring over the abdomen (Fig- 
ure 7.18). 


Figure 7.18. The main collateral and 
Luo point of the Conception Vessel 
is located on the Conception Vessel 
(CV) 15 point. 


Figure 7.19. The major collateral 
and Luo point of the Spleen is 
located on the Spleen (Sp) 21 


point. 


a. Symptoms of Excess include pain on 
the surface skin of the abdomen. 

b. Symptoms of Deficiency include itch- 
ing on the surface skin of the abdomen. 


15. The Major Luo of the Spleen 21 Point is lo- 


cated on the Spleen Channel of the chest, just 
below the auxiliary fold of each arm. The 
Lou’s energy flow spreads through the chest 
and hypochondriac region, gathering the 
Blood like a net (Figure 7.19). 

a. Symptoms of Excess include general 
aches and pains throughout the entire 
body. 

b. Symptoms of Deficiency include weak- 
ness in the muscles of the limbs and 
joints. 
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THE TWELVE DIVERGENT CHANNELS 

The Twelve Divergent Channels comprise an 
important part of the body’s channel system. 
These channels are branches off the Twelve Pri- 
mary Channels and share the energetic function 
of circulating Qi throughout the body. The ener- 
getic field of the Twelve Divergent Channels forms 
an enormous web of complex interconnections 
within the body’s Twelve Primary Channels. 

Because the area over which the energy of the 
Twelve Divergent Channels is distributed is quite 
extensive, they are considered a separate compo- 
nent of the channel system. They are secondary 
streams that parallel the primary rivers, yet each 
has its own functional characteristics and clinical 
application independent of the Primary Channels. 
The Twelve Divergent Channels run deeper in the 
body, supplementing the areas along the path- 
ways that the Primary Channels do not reach. 
They have no points of their own, although there 
are intersection points where they cross the ma- 
jor channels (Figures 7.20 through 7.25). 

One of the primary functions of the Twelve 
Divergent Channels is to integrate all parts of the 
body with the Twelve Primary Channels. There 
are areas in the body which are not traversed by 
the pathways of the Twelve Primary Channels, as 
well as internal organs that are otherwise uncon- 
nected, or only remotely connected, by the Pri- 
mary Channels. These areas are more securely 
linked by the energetic flow of the Twelve Diver- 
gent Channels, which strengthen the bonds be- 
tween the Twelve Primary Channels and the 
physical areas that are connected to, or adjoining, 
their pathways. 

Another primary function of the Twelve Di- 
vergent Channels is to facilitate the connection 
between pairs of Yin and Yang Primary Channels 
and Organs. Therefore, all primary Yin and Yang 
organs are connected by the Divergent Channels. 
Both Yin and Yang Divergent Channels ultimately 
connect with the body’s Yang Primary Channels. 

1. The Yang Divergent Channels complete a 

cycle of leaving the primary channels (e.g., 

Primary Gall Bladder Channel) and entering 
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their associated organs (e.g., The Gall Blad- 

der Organ) before they resurface on the neck 

and reconnect with their original channels 

(e.g., The Primary Gall Bladder Channel). 

2. The Yin Divergent Channels leave their pri- 
mary channels (e.g., Primary Liver Channel), 
then join their associated Yang Divergent 
Channels (e.g., The Divergent Gall Bladder 
Channel), which then join with the Yang Pri- 
mary Channels (e.g., The Primary Gall 
Bladder Channel). 

Similarly, within the body’s cavities, most of 
the Twelve Divergent Channels first join with their 
pertaining Yin or Yang organ and then connect 
with the associated organ (belonging to the asso- 
ciated channel) in the Yin/ Yang pair. Through this 
interaction, the connection between paired Yin 
and Yang organs and channels is strengthened. 

Anunderstanding of the relationship between 
the paired Yin and Yang interactions is important 
to the Qigong doctor, as sometimes a disease af- 
fecting a Yang channel can be treated by selecting 
certain areas on its associated Yin channel, and 
vice versa. The same theory holds true for diseases 
of the internal organs. 

The Twelve Divergent Channels are paired 
into six confluences according to their internal and 
external relationship. 

1. Bladder Divergent Channel (Foot Tai Yang) 
and Kidney Divergent Channel (Foot Shao 
Yin) 

2. Stomach Divergent Channel (Foot Yang Ming) 
and Spleen Divergent Channel (Foot Tai Yin) 

3. Gall Bladder Divergent Channel (Foot Shao 
Yang) and Liver Divergent Channel (Foot Jue 
Yin) 

4. Small Intestine Divergent Channel (Hand Tai 
Yang) and Heart Divergent Channel (Hand 
Shao Yin) 

5. Large Intestine Divergent Channel (Hand 
Yang Ming) and Lung Divergent Channel 
(Hand Tai Yin) 

6. Triple Burners Divergent Channel (Hand Shao 
Yang) and Pericardium Divergent Channel 
(Hand Jue Yin) 


CHAPTER 7: THE EIGHT EXTRAORDINARY VESSELS AND COLLATERALS 










Yang Channels 


——-— Yin Channels 
oo -- Connecting Line 








Gall Bladder 
Divergent 
Channel 


Pd 


Liver 
Divergent 
Channel 


» 
Figure 7.20. The Divergent Channels of the Gall Bladder and Liver 
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Figure 7.21. The Divergent Channels of the Lungs and Large Intestine 
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Figure 7.23. The Divergent Channels of the Bladder 
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Figure 7.24. The Divergent Channels of the Heart and Small Intestines 
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Figure 7.25. The Divergent Channels of the Pericardium and Triple Burners 
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THE TWELVE MUSCLE/TENDON 
CHANNELS 

The Twelve Muscle / Tendon Channels are the 
muscle and soft tissue regions of the body where 
the Qi and Blood of the Primary Channels nour- 
ish the skin, muscles, and tendons. They are very 
superficial in relationship to the Primary Chan- 
nels and form a capillary network that travels in 
the depressions and planes between muscles and 
tendons. The Twelve Muscle/ Tendon Channels, 
subsequently spread over the whole of the epi- 
dermis, through its close connection with the cu- 
taneous tissues. 

Originating in the extremities, these channels 
ascend to the head and torso. Physiologically, they 
do not enter into the internal organs but coordi- 
nate the movement of the bones and limbs. The 
Twelve Muscle/Tendon Channels are connected 
to the inner fascia of the body’s muscles, tendons, 
and ligaments, as well as other connective tissues. 
They are affiliated with the channels and 
collaterals (Luo) systems on the exterior of the 
body, and serve as mediators between any ener- 
getic reactions (trauma, stress, etc.) that vibrate 
from the body’s exterior surface to the deep inter- 
nal organs. 

These channels are found along the four ex- 
tremities on the surface of the body, as well as 
along the head, neck, back, chest, and abdomen. 
The name of each Muscle / Tendon Channel comes 
from the Twelve Primary Channels whose exter- 
nal energy flow they follow. They also receive 
Blood and Qi nourishment for their functional 
activity from and through the Twelve Primary 
Channels. There are points of connection, as well 
as intersecting points along these channels (Fig- 
ure 7.26 through 7.37). 

Treatment at these conjunctive points consis- 
tently responds successfully to stimulation; there- 
fore, the Qigong doctor can effectively apply Jing 
Point Therapy to specific areas and points along 
the Muscle / Tendon Channels. 

These channels are responsible for extending 
and flexing the muscles, tendons, ligaments and 


joints; their pathology is reflected in symptoms 
of impaired movement (i.e., pulled, twisted, 
strained, cramped or atrophied muscles, spasms, 
etc.). 

In Traditional Chinese Medicine the muscles 
and tendons are described in characteristics of Yin 
(flexion, contraction, internal rotation, etc.) and 
Yang (extension, expansion, external rotation, etc.) 
which balance each other. When the Yin and Yang 
action of the muscles and tendons fail to balance 
and regulate each other, Muscle Channel Dysfunc- 
tion results; for example, when exposed to cold, 
the muscles / tendons become tense and over-con- 
tract; when exposed to heat, muscles/ tendons 
become loose and overextend. 

The pathology of the Muscle /Tendon Chan- 
nels also reflects the symptoms of corresponding 
groups of muscles and other connective tissues. 
The connective tissues are divided into three 
groups: the large, the small, and the membranous 
connective tissue. 

Therapeutically, a local Muscle /Tendon 
Channel symptom can be treated by stimulating 
an area located next to the origin of the pain; for 
example, if the area is Yang (lateral) and overac- 
tive, then the Yin (medial) will be underactive and 
vice versa. Treatment is directed towards restor- 
ing the balance between the Yin and Yang Muscle/ 
Tendon Channels. 

Being superficial, the Twelve Muscle / Tendon 
Channels contain Wei Qi; thus, they provide the 
body’s third line of defence against any unfavor- 
able exogenous influence (the first being the 
body’s Wei Qi field, and second being the Wei Qi 
stored within the skin). Only after overcoming the 
resistance of the body’s Muscle/ Tendon Wei Qi 
can the Evil Exogenous pathogens travel down 
the length of the channel to penetrate the corre- 
sponding Primary Channel at the Jing-Well point. 
Jing-Well points are points of energetic union, con- 
necting Primary Channel points together with the 
points where the Muscle/Tendon Channel have 
their origin. 
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Figure 7.26. The Muscle Region of the Gall Bladder Channel: High Tide is 11p.m.—1 a.m. Pathological symptoms 
include strained muscles from the fourth toe to the knee upon lateral rotation, with an inability to bend the knee; 
muscle spasms or stiffness within the popliteal fossa; strained muscles of the sacrum, pelvis, and lower ribs; pain 
in the hypochondria, chest, and clavicle region; and an inability to turn the eyes to the left or right. 
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Figure 7.27. The Muscle Region of the Liver Channel: High Tide is 1 a.m.—3 a.m. Pathological symptoms include 
strained muscles of the big toe; pain in the anterior internal malleolus of the ankle; pain at the medial aspect of the 


knee and thigh; and dysfunction of the reproductive organs, i.e., impotence. 
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Figure 7.28. The Muscle Region of the Lung Channel: High Tide is 3 a.m.-§ a.m. Pathological symptoms include 
strained muscles of the thumb; stiff, strained or muscle spasms, and/or pain along the course of the Lung Channel. 
In more serious cases, there will be muscle spasms over the rib area and spitting of blood. 
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Figure 7.29. The Muscle Region of the Large Intestine Channel: High Tide is 5 a.m.-7 a.m. Pathological symptoms 
include strained muscles of the index finger; stiffness, strained, or muscle spasms along the course of the Large 
Intestine Channel, resulting in frozen shoulder; and an inability to rotate the neck from side to side. 
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Figure 7.30. The Muscle Region of the Stomach Channel: High Tide is 7 a.m.—9 a.m. Pathological symptoms 
include strained muscles of the big toe; spasms or hardening of the muscles in the foot; knotted or twisted 
muscles in the lower leg and thigh; swelling in the anterior pelvis region; hernia; spasms of the abdominal muscles; 
spasms or stiffness of neck and cheek muscles; and eye spasms. 
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Figure 7.31. The Muscle Region of the Spleen Channel: High Tide is 9 a.m.—11 a.m. Pathological symptoms 
include strained muscles of the big toe; pain in the internal malleolus of the ankle upon rotation; pain along the 
medial aspect of the knee and adductor muscles of the thigh; groin strain; and pain due to strained upper abdominal 
muscles and mid-thoracic vertebrae. 
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Figure 7.33. The Muscle Region of the Smalt Intestine 
Figure 7.32. The Muscle Region of the Heart Channel: Channel: High Tide is 1 p.m.—3 p.m. Pathological 
High Tide is 11 a.m.-1 p.m. Pathological symptoms symptoms include strained muscles of the little finger; 
include strained muscles of the little finger; stiff or pain along the medial and posterior aspects of the 
strained muscles with spasm and/or pain along the elbow; pain in the posterior aspect of the axilla, neck, 
course of the Heart Channel, including internal cramping and scapula region; tinnitus related to ear ache; and 
within the diaphragm and upper abdominal area. poor vision. 
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Figure 7.34. The Muscle Region of the Bladder Channel: High Tide is 3 p.m.—5 p.m. Pathological symptoms 
include strained muscles of the big toe; swelling and pain in the heels; stiffness or spasms atong the spine and 
back area; frozen shoulder; stiffness or spasms in the axillary and clavicle regions. 
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Figure 7.35. The Muscle Region of the Kidney Channel: High Tide is 5 p.m.—7 p.m. Pathological symptoms 
include strained muscles on the bottom of the foot; spasms or stiffness along the Kidney Channel, resulting in an 
inability to bend forward (Yang disorder) or backward (Yin disorder), with difficulty in flexing or extending the 
head. 
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Figure 7.36. The Muscle Region of the Pericardium 
Channel: High Tide is 7 p.m.—9 p.m. Pathological 
symptoms include strained muscles of the middle finger; 
stiff or strained muscles, or spasms and/or pain along 
the course of the Pericardium's Channel; and chest pain 


and spasms. 
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Figure 7.37. The Muscle Region of the Triple Burner 
Channel: High Tide is 9 p.m.—11 p.m. Pathological 
symptoms include strained muscles of the ring finger; 
stiff or strained muscles, or spasms and/or pain along 
the course of the Triple Burners’ Channel. 
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THE TWELVE SKIN ZONES 

Based on the Twelve Primary Channels, their 
collaterals, and the body’s Muscle / Tendon Chan- 
nels, the surface tissue is divided into Twelve Skin 
Zones. These Skin Zones are the surface contact 
areas for the body’s channel and collateral sys- 
tems. These twelve regions (sometimes called the 
Twelve Cutaneous Channels) are located in the 
superficial layers of the skin and have continu- 
ous and direct contact with the external environ- 
ment. They are, therefore, the most sensitive to 
climactic changes and must adapt to protect the 
body from External pathogenic factors. 

Both the Qi and the Blood at the Twelve Skin 
Zones rely on the collaterals for their nourishment. 
The Twelve Skin Zones circulate Wei Qi, which in 
addition to its defensive function, is also in charge 
of opening and closing the pores. The skin relies 
primarily upon the strength of the Wei Qi for re- 
sistance to the invasion of External pathogenic in- 
fluences, as these harmful influences must first 
penetrate the skin before they can affect the body’s 
internal tissues and organs. Since the Lungs rule 
the skin, weak Lung Qi can allow pathogens to 
penetrate the skin and affect the Lungs. 

Pathological symptoms associated with the 
Twelve Primary and connecting Channels mani- 
fest along the surface of the Twelve Skin Zones, 
before progressing deeper into the body’s connec- 
tive tissue. The early stages of disease are called 
Exterior conditions; if the exterior Wei Qi is strong 
enough, pathogens will be stopped at the exter- 
nal level. The order of pathogenic progression is 
as follows. 

1. The Body’s Wei Qi is the body’s first line of 
defense. A healthy body will project a strong, 
protective, external energetic field, which will 
maintain a capable defensive boundary. If the 
patient becomes weak, tired, or stressed, how- 
ever, External pathogens may advance onto 
the patient’s skin and begin attacking his or 
her health. 

2. The Skin is the body’s second line of defence. 
If the body’s Wei Qi is not strong enough to 
resist an External attack and the skin is not 
capable of warding off the pathogens, then the 


pathogens will attack the skin, causing the 

sweat pores to open, thus allowing the patho- 

gens to advance towards the patient's 
collaterals. 

3. The Collaterals are the third line of defense. 
If the body’s collaterals are unable to redirect 
or purge the advancing pathogens, the patho- 
gens will then advance into the patient’s chan- 
nels. 

4, The Channels are the last line of defense be- 
fore the advancing External pathogens invade 
the patient’s internal organs. If the body’s 
channels are unable to redirect or purge the 
pathogens, and the pathogens are allowed to 
continue their progression, they will advance 
further into the body’s internal organs. 

5. The Internal Organs are affected once the 
pathogens have breached all the outer de- 
fences and disease can now begin to establish 
its residence. 

Pathologies associated with the Primary 
Channels manifest diagnostically through the 
body’s skin, channels, and points. The observa- 
tion of pimples, moles, discoloration, and changes 
in electro-conductivity are all valuable signs of 
pathogens, or obstructions, invading the skin. 

A disease of external origin that first lodges 
within the patient’s skin can be treated by the 
Qigong doctor. The doctor stimulates the Wei Qi 
in the affected skin zone through external Qi pro- 
jection before it progresses further into the body’s 
connective tissue. An alternate treatment would 
be to apply herbal ointments and/or moxa 
therapy. 


THE CONNECTIVE TISSUE OF THE 
TWELVE SKIN ZONES 

The connective tissue always responds to the 
outside stimulation of the Twelve Skin Zones. The 
body’s connective tissue is just below the skin, and 
is regarded as one of the largest, most extensive 
tissue organs in the body. Its function is to sup- 
port, connect, contain, and transmit. It is a con- 
tinuous network of structure that binds tissues 
into their organ shape. It also supplies the inter- 
nal organ’s life support with vessels and ducts, 
and securely fastens each organ within the body 
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Figure 7.38. The Body's Twelve Skin Zones, Based on the External Flow of Qi from the Twelve Primary Channels 
and Their Collaterals 
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cavity. This connective tissue surrounds and an- 
chors the vessels within the muscles, bones, and 
organ tissue. Its fluid nature supports the entire 
body structurally by hydrostatic pressure. Any 
stimulation on one of the body’s Twelve Skin 
Zones will directly affect the body’s connective 
tissue, and will stimulate the corresponding in- 
ternal organ associated with that particular zone. 

The superficial fascia (the connective tissue 
just under the skin) divides into a top and bottom 
layer. The top layer is the fatty layer, which con- 
stitutes the main fatty tissue of the outer surface 
of the body and fascia. This fatty layer acts as an 
insulator, helping to maintain a constant body 
temperature. It is metabolically active, function- 
ally storing fat as fuel, releasing it in response to 
nerve and hormonal stimuli. It corresponds to the 
greasy layer where the Wei Qi circulates through- 
out the body’s tissues. The deeper layer of the 
superficial fascia envelopes the nerves, veins, ar- 
teries, lymph vessels, and nodes. 

From a Traditional Chinese Medical perspec- 
tive, the Qi circulating within the body’s inner 
fascial connective tissue can be stimulated through 
the external energy stimulation of the Twelve Skin 
Zones. Heat and movement help maintain the 
body’s connective tissue’s base fluids, facilitating 
movement and the conduction of energy. Any ob- 
struction occurring on the body’s surface tissues 
can result in the binding or thickening of the con- 
nective tissue, thus creating adhesions. This ob- 
struction slows the metabolic process and com- 
promises the body’s immunity (Figure 7.38). 

If the integrity of the connective tissue is com- 
promised, the body’s immune system declines. 
Compartments of connective tissue influence the 
spread of toxins, diseases, infections, and tumors. 
The fibrous walls, as well as chemicals in the fluid 
of the connective tissue, prevent the spread of 
pathogens from one area of the body to another. 
CLINICAL DIAGNOSIS AND THE TWELVE SKIN 
ZONES 

Clinically, the diagnosis and treatment tech- 
niques relating to the use of the Twelve Skin Zones 
is quite extensive. In diagnosis, the skin’s surface 
area along these zones is examined for evidence 


of discoloration or tissue obstruction, Changes in 
skin color and tissue formations are observed and 
categorized as follows. 

1. A darkish hue reflects obstruction of Qi and 
Blood. 

2. A bluish-purple color indicates local pain. 

3. Change in color from yellow to red shows 
evidence of Heat. 

4, A white or pallid skin tone signifies Deficiency 
or Cold. 

5. Boils, pimples (especially on the back), hives, 
and eczema, as well as hard lumps or nod- 
ules beneath the surface of the skin, indicate 
diseases associated with the Twelve Primary 
Channels (manifesting through the Twelve 
Skin Zones). 

A palpable lump can develop from a variety 
of sources, including congealed or stagnant Blood. 
There are generally eight types of lumps observed 
in the clinical environment: 

1. The Shrimp Lump, is shaped in the form of a 
shrimp. 

2. The Turtle Lump, is named for its shape and 
multiple lump formations. 

3. The Blue Lump, derives its color from the 
superficial blood vessels on which it forms. 

4, The Single Lump, is diagnosed as opposed to 

multiple lump formations. 

. The Dry Lump, indicates an obstruction. 

. The Blood Lump, relates to congealed Blood. 

. The Abdominal Lump, is named for its physi- 
cal location. 

8. The Yellow Lump, is named because of the 
yellow pallor in the specific region of the 
lump. 

PALPATING THE PATIENT’S SKIN 

Before palpating and diagnosing the skin, the 
Qigong doctor first scans the patient's body to feel 
the temperature, moisture, and texture of the 
patient's tissues. 

1. The doctor scans and palpates the patient to 
diagnose the condition according to the tem- 
perature: 

a. Ifthe skin feels hot to the touch it often 
indicates a presence of a Damp-Heat 
condition. 


SAG 
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b. When first touching the patient with 
light pressure if the skin feels immedi- 
ately hot, and as the pressure is main- 
tained the feeling of heat increases, this 
indicates an invasion of Exterior Wind- 
Heat (with a pathogenic factor still on 
the exterior surface). 

c. Ifthe skin over a blood vessel feels hot 
on medium pressure, it indicates Inte- 
rior Heat in the Middle Burner or Heart 
area. 

d. Ifthe skin feels hot on deep, heavy pres- 
sure, it indicates an Empty-Heat con- 
dition from a Yin Deficiency. 

e. Ifthe skin feels cold to the touch, it of- 
ten indicates a Cold condition. This con- 
dition is often manifested in the lower 
back and lower abdominal region, in- 
dicating a Deficiency of the Kidney 
Yang. 

2. The doctor scans and palpates the patient to 
diagnose the condition according to the 
amount of moisture: 

a. A moist feeling of the skin may indi- 
cate an invasion of the Exterior by 
Wind-Cold or Wind-Heat. 

b. If the skin feels moist due to spontane- 
ous sweating, it indicates a Deficiency 
of the Lungs’ Qi (in the absence of ex- 
terior symptoms). 

3. The doctor scans and palpates the patient to 
diagnose the condition according to the tex- 
ture: 

a. If the skin is scaly and dry, it indicates 
an exhaustion of the Body’s Fluids. 

b. Ifthe skin feels dry, it indicates either a 
Yin condition of the Lungs or a Blood 
Deficiency. 

c. If the skin is swollen and an indenta- 
tion is left visible after pressing, it indi- 
cates Edema (called Water Swelling). 

d. If the skin is swollen and no indenta- 
tion is left visible after pressing, it indi- 
cates a retention of Dampness (called 
Qi swelling). 
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CHANNEL AND COLLATERAL 
THERAPY 

Because the Yin and Yang organs’ Qi flows 
within the body’s internal and external surfaces, 
all the internal and external channels and collat- 
erals, five tissues (tendons, blood vessels, muscles, 
skin, and bones), and five sense organs (eyes, ears, 
nose, mouth, and tongue), together create an en- 
ergetic network. Through practicing sitting medi- 
tations, patients as well as Qigong practitioners 
become aware of the circulation of Qi along the 
body’s channels and collaterals. The awareness of 
what the Qi feels like enables the meditators to 
feel the flow and function of each channel, as well 
as the Blood and heat cycle in each Skin Zone. This 
makes it possible to control the Qi circulation 
through intention and imagination. 

Balancing the Conception and Governing Ves- 
sels is of the utmost importance in the practice of 
any Qigong regulation. Along these two Vessels 
the Qigong practitioner draws the Yang Fire and 
Yin essences up and down the body, thus fusing 
the Water and Fire energies. This fusion is utilized 
by the doctor in every Qigong treatment, and is 
responsible for balancing the patient's Yin and 
Yang energy. This balance is created through the 
discipline of the Microcosmic Orbit meditation, 
which connects the Governing and Conception 
Vessels. 

The students’ awareness of Qi flowing 
through the body usually develops in three dis- 
tinct stages: 

1. First, they begin to feel the energy flow along 
the surface channels of the body, especially 
within the areas of the extremities. Usually at 
this stage, the students will feel heat and tin- 
gling sensations within the body’s surface 
muscles. 

2. Next, they begin to feel the energy flow deeper 
within their tissues, especially along the ten- 
dons, deeper muscles, and visceral organs. 
Usually at this stage, they begin to feel mild 
electric shocks and vibrations within their 
muscles, bones, and visceral organs. 

3. In the final stage, they feel the Earth and 
Heaven energy penetrate through their body’s 
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outside channels and inner organs, connecting 
into their Taiji Pole, and then turning outward 
again. Usually at this stage, they will feel their 
entire energized body vibrate. This vibration 
may be triggered through either universal or 
environmental changes, as the Medical 
Qigong practitioner becomes hypersensitive 
to any form of external energetic disturbance. 


CONTROLLING QI EXTENSION 
THROUGH THE CHANNELS 

The Qigong doctor must first be able to con- 
trol his or her own energy circulation, causing it 
to flow in or out, expand or contract at will, be- 
fore beginning to extend energy for the treatment 
of any patient. This energetic control is gained 
through specific imagination and visualization 
techniques. The fundamental theory for these 


techniques is “The imagination leads the Mind, 
the Mind leads the Qi.” The doctor must be able 
to utilize energy from the natural environment 
(trees, waterfalls, ocean, desert, etc.) in order to 
replenish and facilitate his or her own energy. 

By drawing in Heavenly Qi and combining it 
with his or her body’s connection to Earthly Qi, 
the doctor may mobilize and activate the Qi of 
the patient. This combining method establishes 
an energetic healing field of Qi, which responds 
to the Qigong doctor’s own Qi circulation, as well 
as to that of the natural environment, which in- 
cludes the patient. This ability must be achieved 
in order to activate the patient’s Qi and then regu- 
late it by purging the Excess Qi, replenishing the 
Deficient Qi, dredging the channel Qi, and guid- 
ing the Qi back to its origin. 
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CHAPTER 8 


THE Bopy’s ENERGETIC POINTS 


INTRODUCTION TO ENERGETIC POINTS 

The Chinese word for point is Xue or Xue Wei, 
meaning “cavity place, cave, den, hole, or hollow.” 
Although the Chinese word Xue is usually trans- 
lated into English as “point” or “acupoint,” it is 
valuable for the English-speaking student to un- 
derstand the word’s different connotations. Points 
are almost always located in hollows or depres- 
sions, which are physically palpable and found 
in over 1,000 locations all over the body. Many, 
but not all, are located along the channels and 
vessels, Sometimes when touching a point, it feels 
as if your fingertip has found the entrance of a 
small cave or opening hidden by the skin cover- 
ing it, 

The word Xue also implies a den or lair: thus, 
it is not only a cave but a home for some type of 
powerful life form. In the human body, our living 
Qi gathers and pools within these protected hol- 
lows (Figure 8.1). For this reason, some writers 
have preferred to translate Xue as “vital hollow,” 
rather than “point.” Because of its popular accep- 
tance, I have chosen to use the term “point” 
throughout this book. 


THE FouR WAYS POINTS ARE FORMED 

Generally, points are formed in four ways. The 
first type of point occurs when two muscles, ten- 
dons, or ligaments intersect or overlap in a way 
that creates a small depression at the area of con- 
vergence. To form the depression, the two muscles 
either come together, separate, overlap, or run 
parallel to each other. Usually the channels lie 
under a protective layer of muscle, but at the afore- 
mentioned junctures, the channels may be ex- 
posed, and thus closer to the surface. 

The second type of point occurs when a nerve 
is exposed in an area without much muscle tissue 
to cover and protect it. Because the nerve is ex- 





Figure 8.1. The energetic points are considered the 
body’s small energetic pools. 





posed, such points are especially sensitive, and 
may cause a sharp pain or an electric shock sen- 
sation when stimulated. 

The third type of point lies under a protective 
superficial layer of muscle. It can however, still 
be stimulated due to its natural sensitivity and 
because the overlying layer of muscle is thin. 

The fourth type of point lies in depressions 
on the surfaces of the bones and cartilage. These 
depressions may take the form of grooves, pits, 
hollows, indentations, fissures, or crevices. 


SCIENTIFIC RESEARCH OF ACUPOINTS 

In the early 1970's, shortly after President 
Nixon’s historic visit to China, Dr. Robert O. 
Becker, M.D., a Syracuse University orthopedist, 
received a grant from the National Institutes of 
Health to research how acupuncture works. Dr. 
Becker reasoned that the channels were electrical 
conductors (independent of the nervous system 
yet communicating with it) that carried an injury 
message to the brain, which responded by send- 
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ing back the appropriate level of direct current 
(DC) to stimulate healing in the troubled area.” 

Becker also suggested in his book The Body 
Electric, that “any current grows weaker with dis- 
tance, due to resistance along the transmission 
cable. The smaller the amperage and voltage, the 
faster the current dies out. Electrical engineers 
solve this problem by building booster amplifiers 
every so often along a power line to get the signal 
back up to strength. For currents measured in 
nanoamperes and microvolts (such as those gen- 
erated in the human body), the amplifiers would 
have to be no more than a few inches apart—just 
like the acupuncture points.” 

Dr. Becker and his assistant, Maria 
Reichmanis, a young biophysicist, designed spe- 
cial equipment to measure and map the electrical 
conductivity along the channels. They found the 
predicted electrical characteristics along the chan- 
nels and at half the points. These same points 
showed up on all the people tested. They sug- 
gested that the other traditional points may sim- 
ply be weaker, or of a different kind, than the ones 
that their instruments detected. 

Each point that they found was electrically 
positive compared to its surrounding tissue, and 
each point had an electrical field surrounding it 
with its own characteristic shape. 

Later research (see appendices) in China, 
France, and the United States has shown not only 
that these points and channels have electrical 
properties but that they also emit and absorb light 
and sound, both of which are vital to healthy bio- 
logical functions. 


THE FouR CATEGORIES OF 
ENERGETIC POINTS 

Points are divided into four categories (Fig- 
ure 8.2) and are described as follows. 

1. Channel points are the Primary points that are 
distributed along the Twelve Primary Chan- 
nels and the Conception and Governing Ves- 
sels. There are 365 channel points. 

2. Extra points are not regarded as having a spe- 
cific origin in the fourteen main channels, al- 
though they are named and are in definite lo- 
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Figure 8.2. The Four Categories of Energetic Points 





cations. These points are also called “miscel- 
laneous points.” 

3. New points are a fairly large group of points 
discovered since the Communist “Liberation” 
of 1949, in many cases through electric point 
detection. These points generally have no en- 
ergetic description, but do have indications. 
Combined with the Extra points, there are 
more than 700. 

4, Ahshi Points are tender or painful spots near 
a diseased or injured area and can be any- 
where, on or off of traditional points and chan- 
nels. They function like trigger points, as they 
are points of tension or pain. Ahshi points are 
not given specific names or definite locations 
as they are mostly used for pain syndromes. 


THE TWO GATES OF ENERGETIC 
POINTS 

Another way of categorizing the points is into 
the two general types commonly used by the 
Qigong doctor. 

1. The Outer Qi Gates are points through which 
the patient’s Shen and Qi enter and leave the 
body. The Qigong doctor or patient may 
gather healing Qi from the outer environment 
through these gates. In terms of pathology, 
these points are especially vulnerable to the 
Six External Pathogens, i.e., Cold, Hot, Wind, 
Damp, Dry, and Fire invasion (see Chapter 
21), which may enter the body through these 
gates. These same pathogens may also be ex- 


pelled through these gates. For this reason, 

many of these outer Qi gates have the word 

Feng (Wind) in their names, such as Fengchi 

GB-20 (Wind Pool). 

2. The Inner Qi Gates are points through which 
the Qi of the Yin and Yang organs and chan- 
nels is transported back and forth internally 
and externally, deeply and superficially. These 
points are more involved with the movement 
of Qi within the body and are less involved 
in the exchange with the outer environment. 
In this way, the Inner Qi Gates enable the Qi 
to communicate between the different parts 
of the body. 

These two types of points (or gates) are spe- 
cific areas where the Qigong doctors concentrate 
their intention and focus their energy extension. 
Point locations have a greater amount of accumu- 
lated Qi, and are used for dispersing or tonifying 
the body’s organ energy, to promote the correct 
balanced circulation of Qi and Blood. 


THE THREE FUNCTIONS OF 
ENERGETIC POINTS 

The points can be used for three clinical func- 
tions: to manipulate Qi and Blood, for diagnosis, 
and to serve as pathways for the elimination of 
disease. 

1. Qi and Blood can be manipulated to purge 
Excess conditions, tonify Deficient conditions, 
or for regulation. 

a. To disperse Excess conditions, the 
Qigong doctor emits Qi over a specific 
point {or points) and begins to purge, 
or disperse, the energy in the area (to 
purge is to remove toxins directly from 
the organ, whereas to disperse is to lead 
the toxins out through the channels). 
The goal of this treatment is to move 
any Excess, particularly stagnant Qi 
and Blood. If only Qi is stuck, the pain 
will move and feel dull. If only Blood 
is stuck, the pain will not move and will 
be sharp. This distinction, however, is 
more important in Chinese herbology 
than it is for medical Qigong, acupunc- 
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ture, or massage because, as stated in 
the classics, “Qi is the commander of 
Blood”; therefore, moving the Qi in the 
latter therapies will aiso move stagnant 
Blood. 

b. To tonify a Deficient condition, the 
Qigong doctor emits Qi over a specific 
point or points, and begins to tonify or 
strengthen the patient’s Qi, Blood, Yin, 
Yang, or specific organs and tissues. The 
Qigong doctor uses varying techniques 
according to the patient's needs (e.g., 
in order to prevent feeling discomfort, 
the doctor will tonify weak patients 
slowly). 

c. To regulate, the Qigong doctor emits Qi 
over a specific point or points, and al- 
lows the body’s natural homeostasis to 
take over and restore healthy function. 
This type of treatment is also used when 
a patient has a combined Excess / Defi- 
ciency syndrome (such as stagnant Qi 
in the chest due to a Qi Deficiency in 
the Lungs and Kidneys). 

The healing potential of point stimulation 
can be accomplished through various modali- 
ties, such as Energy Projection, Energetic Point 
Therapy, Jing Point Therapy or Invisible 
Needle Therapy. 


. Diagnosis through point palpation and in- 


spection is an important diagnostic tool in all 
the branches of Chinese medicine. If a point 
hurts when touched with light pressure, is 
hard or swollen, or is purple, black and blue, 
or red, this indicates an Excess condition. If 
the point hurts on deep pressure or is soft to 
the touch, lacks resilience, or is sallow in color, 
it indicates an underlying Deficiency. 

The skin over points often feels sticky, in 
contrast to the slippery or smooth quality of 
the skin surrounding the point. When pass- 
ing the fingers over a point, the doctor gener- 
ally feels the energetic pulse of the channel. 
When touched, the point energetically re- 
sponds like an echo, vibrating along the chan- 
nel into the organ and then back again to the 
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Figure 8.3. Weak or Deficient tissue will naturally pull 


Figure 8.4. Strong, Excess, or Armored tissue will 
naturally repe! Qi from the surrounding areas. 


and absorbe Qi into the surrounding areas. 
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doctor’s finger. The doctor can use this ener- 
getic response for diagnostic evaluation by 
sending a pulse along the flow of the channel 
or against it (into the organ itself). Once suffi- 
cient stimulation is applied to the point, its 
organ or region is “reminded” of its normal 
function. In this way, diagnosis and treatment 
are accomplished simultaneously. 

Once the location and energy flow of the 
channel to be treated is diagnosed, the doctor 
must take into consideration that each patient 
will react differently in accordance with the se- 
verity of symptoms, as well as the individual’s 
constitutional type. Before beginning treatment, 
the doctor should extend Qi between the ener- 
getic point’s boundary (the space separating the 
Wei and Ying energy levels), until the soreness 
or distention is felt on the tips of the doctor’s 
fingers or palms (which act like a barometer). 
This form of diagnosis determines the condi- 
tion of the channel and the area needing treat- 
ment. Although the feelings and sensations will 
vary with each patient, energetic truths remain 
constant. For example: 

a. Weak or Deficient areas will feel like an 
empty hole or deep well. Deficient 
Blood or Qi will actually pull the en- 
ergy into the area and will feel some- 
thing like a subtle vacuum suction. If 
the area that the doctor is treating at- 
tacks his or her Qi and begins to absorb 





it, the doctor should tonify that area im- 
mediately. Think of this reaction as a 
dry house plant starving for water. The 
minute the water touches its soil, the 
plant immediately absorbs it into its 
roots (Figure 8.3). 

b. Strong or Excess areas will repel the 
doctor’s Qi. If the diseased area repels 
the doctor’s Qi, he or she must imme- 
diately dredge the Excess. First, the 
doctor should focus on the region sur- 
rounding the Excess to drain the Excess 
energy away from the damaged points, 
then dredge the Excess energy away 
from the original trauma area. This 
technique is excellent for damaged or 
sprained joints. The doctor should fo- 
cus on the patient’s breathing when 
dredging. As the patient inhales, the 
doctor exhales and vice-versa. As the 
patient exhales, he or she releases 
pathogenic factors; by inhaling when 
the patient exhales, the doctor facilitates 
this process, and prevents depletion of 
his or her own Qi (Figure 8.4). 


3. Disease transmission may occur due to the Ex- 


temal invasion of pathogenic Qi into the body 
through the points. Some points are particularly 
vulnerable to exogenous invasions, especially 
Wind invasion. Wind-susceptible points usu- 
ally have the word Feng in their names. 


POINT NAMES 

Traditionally, each point has a name, which 
either describes its location, its energetic function, 
or both. In addition, modern acupuncture texts 
have assigned a name and number for each point, 
according to its channel and its order along the 
natural course of the channel. 

Sometimes a point may have several differ- 
ent traditional names, varying according to 
whether they are being used by medical Qigong 
doctors, acupuncturists, martial artists, or reli- 
gious practitioners; for example, GV-1 is called 
Changgiang (Long Strength) in Traditional Chi- 
nese Medicine, and Weilu (Tail Gate) in medical 
Qigong and Daoist inner alchemy. 

The history of point naming and the different 
terminologies used can be traced back to the dif- 
ferent Buddhist and Daoist temples in ancient 
China. Each religious sect had its own specific 
names given to certain points, in accordance with 
the temple’s spiritual and energetic needs. Giv- 
ing the points different names was a form of se- 
cret code, used to keep the system pure and to 
prevent the knowledge from falling into the hands 
of the uninitiated or unscrupulous. 

Sometimes the same name may refer to dif- 
ferent points or areas on the body; for example, 
Yuzhen (Jade Pillow), located in the occipital re- 
gion on the posterior base of the skull, is the name 
commonly used for BI-9 in Traditional Chinese 
Medicine. However, in medical Qigong and Dao- 
ist inner alchemy, Yuzhen instead refers to an en- 
tire area the size of one’s fist placed between the 
bilateral Bl-9 points. 


CLASSIFICATION OF ENERGETIC 
POINTS 

The points are further classified according to 
their energetic potential. This classification will 
assist the doctor of Traditional Chinese Medicine 
in choosing the right point or points to treat. The 
following is a list of energetic point classifications. 
THE FIVE ANTIQUE SHU POINTS 

Like the internal organs and channels, some 
points have a more powerful influence on the 
body then others. Each point has an action on the 
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quantity of energy of an organ. Along each of the 
Twelve Primary Channels lie five specific points 
below the elbow or the knee called Antique Shu 
points {also called Transporting points and Com- 
mand points). These points belong to the oldest 
classification of points, and are described in wa- 
ter images, comparing each section of the chan- 
nel to the course water takes as it emerges from 
the ground and makes its way to the ocean. They 
are identified as follows: Jing (Well), Ying (Spring), 
Shu (Stream), Jing (River), and He (Sea). These five 
points are situated along the flow of energy from 
the extremities to the torso (running from the fin- 
gers to the elbows and from the toes to the knees), 
occupying the same progressive location along the 
patient’s channels (Well, Spring, Stream, River, 
and Sea). 

Centrifugal and Centripetal Energy Flow 

All of the body’s channel points energetically 
progress in two opposite currents according to the 
direction and flow of the channel’s energy. These 
two energy currents are described as follows. 

1. The Channel’s Outward Centrifugal Flow of 
Qi passes from the organ, through the chan- 
nel, to the point, and is expressed or intensi- 
fied through the patient’s exhalation. The 
outward centrifugal flow of energy is mani- 
fested in channel points and in areas of the 
body where there are conditions of Excess. 

2. The Channel's Inward Centripetal Flow of Qi 
passes from the point, through the channel, 
to the organ. The inward centripetal flow of 
energy is manifested in channel points and 
areas of the body where there are conditions 
of Deficiency. 

Through stimulation, channel points fulfill a 
double function. Centrifugally, they inform the 
doctor of impending internal disorders by dis- 
charging Excess energy. Centripetally, they trans- 
mit the energetic action placed on them, absorb- 
ing energy to supply the body’s internal insuffi- 
ciencies. 

Yin and Yang Channels and the Five Elements 

Each of the Five Antique Shu points also cor- 
responds to the Five Elements, in the progression 
of the Creative Cycle. Each Yin channel begins 
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Figure 8.5. The Five Antique Shu Points and their Correspondence to the Five Elements 





with the Hun progression through the Five Ele- 
ments, starting with Wood, then Fire, Earth, Metal, 
and Water. Each Yang channel begins with the Po 
progression through the Five Elements, starting 
with Metal, then Water, Wood, Fire, and Earth (Fig- 
ure 8.5). 

Similar to the eyes relationship to Wood (Hun) 
and Metal (Po), the beginning points on the 
Twelve Primary Channels also have a relationship 
to either a Wood (Ethereal Soul) or Po (Corporeal 
Soul) connection. Hence, in meditation exercises, 
when specific finger tip points are connected, the 
blending of the Hun and Po energies are estab- 
lished. The practice of connecting specific finger 
tip points is sometimes referred to as the connec- 
tion (or fusion) of the body’s Ethereal and Corpo- 
real Soul. 

The Five Antique Shu points energetically 
flow from superficial to deep and are susceptible 
to external pathogens and climatic changes. The 
distal points on the feet tend to be more powerful 
than those on the hands. After the manipulation 
of the patient’s distal points, the local channel 
points are used according to their feeling of ten- 
derness. The Five Transporting points are ex- 
plained as follows. 

1. Jing-Well points are the first points along the 
extremities of the channels and are located at 
the tips of the fingers and toes. These points 
are where the energy of the channel pools and. 
is at its most superficial and thinnest. 
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These points are where the energy of the 
channels leaves the body moving centrifu- 
gally outward. At the end of the fingertips and 
toes, the channel’s energetic polarity changes 
from Yin to Yang or vice versa. Due to this 
shift in polarity, the energy at the channel’s 
extremities tends to be unstable, and there- 
fore more easily influenced. 

Due to their outward movement of energy, 
the Well points can be used by the Qigong 
doctor to eliminate the patient's pathogenic 
factors quickly, especially when the Yin organs 
are affected. The Well points will also have a 
strong effect on the patient’s mental state, 
quickly changing the patient's mood. These 
points are generally used for acute disorders, 
expelling exogenous pathogens, and mental 
disorders. They are used as “revival” points 
for loss of consciousness from fainting and 
heat stroke, convulsions, a feeling of fullness 
below the Heart, and local neuropathy (tin- 
gling, numbness, buming pain). In mental dis- 
orders, they are commonly used for irritabil- 
ity, mental restlessness, anxiety, hysteria, ma- 
nia, and insomnia. 


. Ying-Spring points are the second points 


along the channels and, in all cases, are lo- 
cated in the second position of the channels’ 
energetic progression up the arms or legs, and 
are located next to the Well points. These 
points are where the channel's energetic flow 
quickens its progression of Qi into the body. 


At the location of the Spring points, the Qi 
in the channels is very dynamic and power- 
ful. Slipping and gliding like the swirling 
movement of cascading water, the energy in 
these points can change quickly. The Spring 
points are generally used to eliminate Inter- 
nal and External pathogenic factors (espe- 
cially Heat) from the patient’s body. They are 
also used when a disease effects a color change 
in the patient’s complexion. 

In the Yin channels, this point is always a 

Fire Element. Purging the Spring point in the 
Yin channels reduces Heat and clears Fire. In 
the Yang channels, the Spring point is always 
the Water Element point. The doctor can re- 
duce Heat in the patient's Yang channel by 
tonifying this Water point. 
. Shu-Stream points are the third points along 
the channels and are located in the third po- 
sition in the channels’ energetic progression 
up the arms or legs, next to the Spring point 
(except for the Gall Bladder’s Channel where 
it is the fourth point). These points are where 
the channel’s energy rapidly pours through 
and slightly deepens its flow into the body. 

At these points, the external pathogenic fac- 

tors penetrate deep into the channels and can 
be “transported” into the body’s interior. 
These points are used to clear Wind and 
Dampness from the patient’s channels or 
when a disease manifests intermittently. 
. Jing-River points are the fourth of the Five 
Transporting points; they are, however, not 
always located on the fourth point along the 
channel. The points are, however, always lo- 
cated between the wrist and elbow on the 
arms and between the ankle and knee on the 
legs. These points are where the channels 
broaden, and the energy flow continues to 
increase. 

At these points, the energy current flows 
wider, deeper, and more irregularly, like a 
large river, directing the invasion of external 
pathogenic factors towards the body's ten- 
dons, joints, and bones. These points are gen- 
erally used when there is stagnation of Qi and 
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Blood in the patient’s channels, as well as for 
coughing, asthma, dyspnea, sore throat, and 
upper respiratory diseases. 

5. He-Sea points are the fifth points of the Five 
Transporting points and, in all cases, are lo- 
cated at the elbows and knees. These points 
are where the energy of the channels is vast 
and plunges deep into the body. 

The Qi at the He-Sea points moves centrip- 
etally inward, flowing much slower, joining, 
collecting, and fusing with the general circu- 
lation of the body’s energy (like a mighty river 
flowing into the sea). The He-Sea points are 
generally used for all Stomach and Intestinal 
diseases and for Internal disorders of the or- 
gans. 


THE Five ELEMENTAL POINTS 

Each of the Five Elemental points correspond 
to the Five Antique Shu points. The Five Elemen- 
tal points are aligned in the progression of the Cre- 
ative Cycle. Each Yin Channel begins with the 
Three Ethereal Souls (Hun) progression through 
the Five Elements, starting with Wood, then Fire, 
Earth, Metal, and Water. Each Yang channel be- 
gins with the Seven Corporeal Souls (Po) progres- 
sion through the Five Elements, starting with 
Metal, then Water, Wood, Fire, and Earth. 
THE SIXTEEN XI CLEFT (ACCUMULATION) 
PoInTs 

These points are used for purging acute con- 
ditions of Excess in the channels and organs. There 
is one point on each of the Twelve Primary Chan- 
nels, plus one point on the Yin and Yang Heel Ves- 
sels, and one point on the Yin and Yang Linking 
Vessels. The Yin Channel Accumulation points are 
Lu-6, Pc-4, Ht-6, Sp-8, Lv-6, Kd-5, Yin Heel Kd-8, 
and Yin Linking Kd-9. The Yang Channel Accu- 
mulation points are LI-7, TB-7, SI-6, St-34, GB-36, 
BI-63, Yang Heel BI-59, and Yang Linking GB-35. 
THE TWELVE FRONT Mu (ALARM, 
COLLECTING) POINTS 

The energy of the organs collect at these 
points; therefore, they can be used for both diag- 
nosis and treatment. These points are palpated for 
diagnosis and may feel tender to the patient, ei- 
ther spontaneously or upon pressure. If they re- 
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spond to light pressure or feel tight or swollen, 
the patient has an Excess condition; if the points 
respond to deep pressure or feel hollow or de- 
flated the patient has a Deficient condition. The 
Twelve Front Alarm points are: Lungs Lu-1, Peri- 
cardium CV-17, Liver Lv-14, Spleen Lv-13, Gall 
Bladder GB-24, Kidneys GB-25, Heart CV-14, 
Stomach CV-12, Large Intestine St-25, Triple Burn- 
ers CV-5, Small Intestine CV-4, and Bladder CV-3. 
THE EIGHTEEN BACK SHU (ASSOCIATED, 
TRANSPORTING) POINTS 

These points are all located on the Bladder 
Channel and are used for both diagnosis and treat- 
ment. These points transport Qi very effectively 
and directly to the internal organs. They can be 
used for treating the corresponding sense organs. 
The Eighteen Back Transporting points are: Lungs 
BI-13, Pericardium BI-14, Heart BI-15, Governing 
Vessel Bl-16, Diaphragm BI-17, Liver Bl-18, Gall 
Bladder BI-19, Spleen B]-20, Stomach BI-21, Triple 
Burners Bl-22, Kidneys B1-23, Sea of Qi BI-24, Large 
Intestine BI-25, Gate to the Yuan Qi (Guan Yuan) 
B1-26, Small Intestine BI-27, Bladder BI-28, Sacrum 
BI-29, and Anus B1-30. 


THE FIFTEEN LUO (CONNECTING) POINTS 

One of these points is located on each of the 
Twelve Primary Channels, as well as the Govern- 
ing and Conception Vessels and the Great Luo 
point of the Spleen. These points are used to treat 
channel pathology. The Fifteen Collateral points 
are divided into Yin and Yang channel points. Yin 
Channel points include: Lu-7, Pc-6, Ht-5, Sp-4, Lv- 
5, Kd-4, CV-15, and the Great Luo Channel Sp-21. 
The Yang Channel points include LI-6, TB-5, SI-7, 
St-40, GB-37, B1-58, and GV-1. 
THE TWELVE ENTRY POINTS 

These points are where the energy from a Pri- 
mary Channel enters its coupled channel in the 
Horary Cycle. The entry point is the first point on 
each channel in all cases, except for the Large In- 
testine’s Channel in which it is LI-4. 


THE TWELVE EXIT PoInNTs 

These points are where the Qi leaves the Pri- 
mary Channel to flow into its coupled channel in 
the Horary Cycle. The Yin Channel Exit points 
include: Lu-7, Pc-8, Ht-9, Sp-21, Lv-14, and Kd- 
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Figure 8.6. Locations of the Body's Master and Couple 
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Figure 8.7. The Vessels with their Associated Master 


Points and Couple Points 


22. The Yang Channel Exit points include: LI-20, 
TB-23, SI-19, St-42, GB-41, and B1-67. 
THE EIGHT INFLUENTIAL POINTS 

These points have specific effects on their re- 
spective organs, substances, and tissues. They af- 
fect the body’s Qi, Blood, sinews, blood vessels, 
bones, and Marrow, as well as the Yin and Yang 
organs. The Eight Influential points are as follows: 
Yin Organs Lv-13, Yang Organs CV-12, Qi CV-17, 
Blood BI-17, sinews GB-34, blood vessels Lu-9, 
Bones B]-11, and Marrow GB-39. 


THE EIGHT CONFLUENT POINTS 

These eight points communicate with the 
Eight Extraordinary Vessels. The Confluent points 
are divided into Master and Coupled points. The 
Master point is the primary point chosen for treat- 
ment, its Coupled point is the connecting or sec- 
ondary point used to open the specific Vessel. 
Each of the Eight Extraordinary Vessels has both 
a Master and Coupled Confluent point on the 
upper or lower limbs. 

All of the Eight Extraordinary Vessels can be 
treated in various combinations according to their 
specific Master and Coupled point locations (Fig- 
ure 8.6). If, for example, the Qigong doctor causes 
Qi to flow from the patient’s Master point on the 
hand (SI-3) to its Coupled point (B1-62) on the foot, 
the Governing Vessel will open. To complete the 
treatment, the doctor must first remove stimula- 
tion from the Coupled point then disconnect from 
the Master point (Figure 8.7). 

The Eight Confluent points are as follows: 
Governing Vessel SI-3, Conception Vessel Lu-7, 
Belt Vessel GB-41, Thrusting Vessels Sp-4, Yang 
Heel Vessel B1-62, Yin Heel Vessel Kd-6, Yang Link- 
ing Vessel TB-5, and Yin Linking Vessel Pc-6. 


THE TWELVE YUAN-SOURCE POINTS 

Each of the Twelve Primary Channels has a 
Yuan-Source point, where the body’s Original Qi 
surfaces and pools. On the Yin Channels, the Yuan- 
Source points are always the Shu-Stream points. 
On the Yang Channels, however, the Yuan-Source 
points are separate points located between the 
Shu-Stream and the Jing-River points. These 
points are usually the fourth point from the distal 
end of the channel, except in the case of the Gall 
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Bladder Channel, where the Yuan-Source point is 
the fifth point. 

The Yuan Qi originates and resides in the 
Lower Dantian area and is dispersed to the Yin 
and Yang organs and then to the limbs by the 
Triple Burners. 

The Yuan-Source points can be used clinically 
in diagnosis for the Yin organs. The Qigong doc- 
tor examines the points by both palpation and 
visual diagnosis. 

The Yuan-Source points are the primary 
points on the Yin channel for tonifying and regu- 
lating their respective Yin organs. On the Yang 
Channels, the Yuan-Source points are quite dif- 
ferent in terms of their importance and energet- 
ics. These points generally have a negligible toni- 
fying effect on their related Yang organs and com- 
paratively little Qi regulating effect. Their main 
functions are to expel various pathogenic factors, 
and to treat disorders along their channel path- 
ways. The Twelve Yuan points are as follows: Gall 
Bladder GB-40, Liver Lv-3, Lungs Lu-9, Large In- 
testine LI-4, Stomach St-42, Spleen Sp-3, Heart Ht- 
7, Small Intestine SI-4, Bladder BI-64, Pericardium 
Pc-7, and Triple Burners TB-4. 


THE POINTS OF THE Four SEAS 

The human body has four seas: the Sea of Qi, 
Sea of Blood, Sea of Marrow, and the Sea of Nour- 
ishment (literally Water and Grain). To access 
these seas, the Qigong doctor stimulates the fol- 
lowing points: 

1. The Sea of Qi points include: BI-10, St-9, CV- 
17, GV-14 and GV-15. When the Sea of Qi is in 
Excess, symptoms include fullness in the 
chest, flushed complexion, and dyspnea. 
When the Sea of Qi is Deficient, symptoms 
include fatigue or low energy and an inabil- 
ity to speak. 

2. The Sea of Blood points include: BI-11, St-37, 
and St-39. When the Sea of Blood is in Excess, 
symptoms include anxiety, uneasiness, and 
unrest, and the entire body feels big. When 
the Sea of Blood is Deficient, symptoms in- 
clude the body feeling too small for no ap- 
parent reason. 

3. The Sea of Marrow points include: GV-15, GV- 
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16, GV-17, and GV-20. When the Sea of Mar- 
row is in Excess, symptoms include sensations 
relating to that of Excess energy (lightness, feel- 
ings of strength and vitality). When the Sea of 
Marrow is Deficient, symptoms include fatigue, 
vertigo, dizziness, tinnitus, pain in the lower 
legs, impaired vision, and a desire to sleep. 

4. The Sea of Nourishment points include: St-30 
and St-36. When the Sea of Nourishment is in 
Excess, the abdomen feels distended. When 
the Sea of Nourishment is Deficient, symp- 
toms include hunger with an inability to eat. 


UPPER (UNITING) HE-SEA POINTS 

There are three points on the upper arm that 
have a powerful effect on the Yang organs. The 
affected organs and their points include the Stom- 
ach LI-10, Large Intestine LI-9, and the Small In- 
testine LI-8. 


LOWER (UNITING) HE-SEA POINTS 

Each of the Yang organs has a uniting He-Sea 
point on the leg, which can be used to treat Yang 
organ problems. The three Yang channels of the 
feet also correspond to the three Yang channels of 
the hands. The Lower Six Lower He-Sea points 
are as follows: Stomach St-36, Large Intestine St- 
37, Small Intestine St-39, Triple Burners BI-39, 
Bladder B1-40, and Gall Bladder GB-34. 


THE ELEVEN GHOST POINTS 
In ancient times, these eleven points were tra- 
ditionally used for spirit possession and have a 
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specific effect on the mind’s psychological func- 
tions. In traditional Chinese medical clinics today, 
these points are commonly used to treat emotional 
disorders. The Eleven Ghost points are as follows: 
GV-26, Lu-11, Sp-1, Pc-7, Bl-62, GV-16, St-6, CV- 
24, Pc-8, GV-23, and LI-11. 
THE TEN WINDOW OF THE SKY PoINTS 

These ten points also have a specific effects 
on the mind’s psychological functions and are also 
commonly used to treat emotional disorders. The 
Ten Window of the Sky points are as follows: Lu- 
3, LI-18, TB-16, BI-10, St-9, CV-22, GV-16, SI-16, 
SI-17, and Pc-1. 


SUMMARY OF POINTS 

Understanding the origin and function of the 
body’s energetic points, as well as the Qi flow 
along the energetic channels, allows the Qigong 
doctor to emit energy through these energetic cavi- 
ties to easily access the tissues and internal organs 
of the patients body. It is through this understand- 
ing that the doctor can also lead and purge the 
Toxic or pathogenic Qi (which has become stag- 
nant or detrimentally active within the patient’s 
body) away from the diseased organs, through the 
channels and out the body. 

The following graph (Figure 8.8) is a basic cat- 
egorization of the body’s points and their descrip- 
tions. 
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Gall Bladder GB-40, Liver Lv-3, Lungs Lu-9, Large Intestine LI-4, Stomach 
St-42, Spleen- Sp-3, Heart Ht-7, Small Intestine SI-4, Bladder BI-64, 
Pericardium Pc-7, and Triple Burners TB-4 
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Four Seas Sea of Blood Points: BI-11, St-37 and 39 Give Access to 
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Figure 8.8. Point Graph 
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CHAPTER 9 


THE EXTRAORDINARY YANG ORGANS 


Besides the six Yin organs (Liver, Heart, Peri- 
cardium, Spleen, Lungs, and Kidneys) and six 
Yang organs (Gall Bladder, Small Intestine, Triple 
Burners, Stomach, Large Intestine, and Bladder), 
the body has six Extraordinary Yang organs, also 
called the “curious organs.” These Extraordinary 
organs function like Yin organs (storing Yin Es- 
sence, i.e., Blood, Marrow, or Kidney Essence) but 
look like Yang organs (they are hollow). These six 
curious organs include the Uterus, Brain, Marrow, 
Bones, Blood Vessels, and Gall Bladder. The body’s 
Eight Extraordinary Vessels integrate the Extraor- 
dinary Yang organs with the main six Yang or- 
gans and the Kidneys. 


THE UTERUS 

In Chinese medicine, the uterus encompasses 
the fallopian tubes and the ovaries and has the 
function of regulating menstruation, conception, 







uterine cavity 
(endomentrium) 


fallopian tubes 
uterus 


and pregnancy (Figure 9.1). The uterus connects 
to the Kidneys (which provide the uterus with 
Jing), the Conception Vessel (which provides the 
uterus with Qi and nourishes the fetus), and the 
Thrusting Channel (which provides the uterus 
with Blood). Only when the Jing of the Kidneys is 
sufficient can the menstrual period occur regu- 
larly, the woman become pregnant, and fetal 
growth become possible. The Qi and Blood of the 
Twelve Primary Channels pass into the uterus 
through the Thrusting and Conception Vessels, af- 
fecting the amount of menstrual flow and its cycle. 

The three Yin organs of the Heart, Liver, and 
Spleen also energetically connect to the uterus 
through their relationships with the Blood. The 
Heart governs the Blood. The Liver stores the 
Blood and regulates the volume of circulating 
Blood, which is responsible for normal menstrua- 
tion. The Spleen controls the Blood. 


ovary 


myometrium 


cervix 


Figure 9.1. The Female Reproductive Organs, including the Uterus, Fallopian Tubes, and Ovaries 
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Figure 9.2. The Human Brain 


THE BRAIN 

The Brain is considered the house of the Yuan 
Shen, and the seat of mental function. It is believed 
that the senses and control of the body’s physical 
movements are related to the Brain. The Brain is 
functionally related to the Kidneys and controls 
memory, concentration, hearing, touch, sight, and 
smell. The Brain is also called the Sea of Marrow, 
extending from the top of the head to the GV-16 
Wind Palace point, just below the external occipi- 
tal protuberance. The Kidney Essence produces 
Marrow, which fills the spinal cord and Brain. The 
Brain also depends on the Heart’s Blood for its 
nourishment. Because the Kidneys store the Jing 
and the Heart governs the Blood, the Brain de- 
pends on the balanced state of the Heart and Kid- 
neys for vitality. The Brain is considered a trans- 
formation chamber of both Prenatal and Postna- 
tal Essence (Jing) and Energy (Qi). The Brain is 
regulated by the Governing Vessel, as well as the 
Yin and Yang Heel Vessels. 

This viewpoint is quite different from the 
Western approach, which views the brain‘s 
anatomy as consisting of five regions (Figure 9.2), 
including: 

1. The cerebral hemispheres or cerebrum (the 
neocortex (neopallium), 

2. The thalamus, hypothalamus, and epithala- 
mus (pineal), 

3. The midbrain/ mesencephalon (the colliculi 
and cerebral peduncles), 

4. The pons and cerebellum, and 

5, The medullae oblongata. 

In Western medicine, the oldest part of the 
Brain (situated at the top of the Brain stem) is of- 
ten called the “reptilian Brain” because its ana- 
tomical formation is similar to that found in liz- 
ards, alligators, and turtles. Surrounding it is the 
mammalian Brain, which is called the limbic sys- 
tem. The third part of the Brain is called the neo- 
cortex, which wraps itself around the limbic sys- 
tem. All three parts of the Brain (reptilian, mam- 
malian, and neocortex) are viewed as biologically 
distinct, both in their chemistry and in their struc- 
ture. The older formations of the Brain are respon- 
sible for the autonomic nervous system, whereas 
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the neocortex is responsible for thinking and vol- 
untary movement. 

In Chinese energetic medicine, each selective 
set of the human brain cells absorbs and records 
sets of vibrations. The Brain receives these vibra- 
tions through the skin, eyes, ears, nose, and 
mouth, and records them in its cells. The mind 
interprets these incoming vibrations as images, 
sounds, smells, and sensations, and organizes 
these into memories. The extent to which the mind 
interprets the incoming data depends upon the 
level of consciousness and awareness of the indi- 
vidual at the time of the recording. When a Qigong 
doctor, attunes his or her vibrations to the patient’s 
energetic field and emits Qi, the brain cells respon- 
sible for storing the vibrations are stimulated. 
When these vibrations are stimulated through the 
energy projected by a Qigong doctor, the patient's 
tissues respond and reproduce an energetic pat- 
tern similar to the original one used to record the 
patient's physical, mental, emotional, energetic 
and spiritual experiences. This energetic tissue 
reaction occurs only because the patient's cells are 
held directly to their same consistent vibrational 
patterning. 

One set of selective brain cells receives, 
records, and maintains the vibrations of the 
thoughts, actions, movements, and pictures that 
other forms project. These vibrations can also be 
reproduced and projected, being received by the 
Qigong doctor as images from within his or her 
own mind through inner-vision. The Qigong doc- 
tor can arrange his or her cells’ energetic pattern 
in such a way as to reproduce the words and mo- 
tions of these forms or objects, even the thoughts 
of those that sent them. Through these cells, the 
Qigong doctor can assist his or her patient, as well 
as him or herself, in controlling their thoughts, as 
it is through these cells that accidents and disease 
are brought into existence; for example, someone 
either observes or imagines a specific thing hap- 
pening. The corresponding vibration is fixed in 
the cells, sent out to be imprinted on the corre- 
sponding cells of anothers’ Brain, then projected 
back until the incident is so fixed that the occur- 
rence actually happens (self-fulfilling prophecy). 
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Another set of selective brain cells receives, 
records, and maintains the vibrations of the 
thoughts and activities of the divine. The divine 
energy vibration pervades every substance and 
is always sending out divine knowledge and true 
wisdom. Stored within the body are the cells that 
receive and project the vibrations of the divine 
Mind. If the doctor separates him or herself from 
the divine in thought, he or she will also separate 
from the divine in manifestation. 


THE GALL BLADDER 

The Gall Bladder stores the bile, which is con- 
sidered a “pure” fluid. The function of the Gall Blad- 
der is to aid digestion, as well as drain off Excess 
Heat from the Liver (Figure 9.3). The Gall Bladder 
is regulated by the energy of the Belt Vessel. 


THE MARROW 

In Chinese medicine the term Marrow (Sui) 
is different from bone marrow as defined in West- 
ern medicine. The Marrow is the substance which 
is the common matrix of bones, bone marrow, the 
spinal cord and the Brain. The Marrow is rooted 
in the Jing and is connected to the Lower Dantian 
through the Governing Vessel. It is regulated by 
the energy of the body’s Thrusting Vessels. 

The Kidney Jing is the origin of the Marrow. 
The Marrow functions to form the bone marrow, 
as well as nourish the Brain and spinal cord. When 
the Mingmen warms and nourishes the body, the 
Marrow becomes full (which sustains the body’s 
vertical posture and gives strength to both the 
Brain and the bones). When the Marrow is full, 
thinking is clear. Too much thinking leads to Ex- 
cess Fire, which burns the Brain, causing dizzi- 
ness, blurred vision, and tinnitus. 

Both red and white blood celis are produced 
in the Marrow of the bones. The red blood cells 
(which circulate oxygen and eliminate carbon di- 
oxide) are produced within the body’s long bones 
(humerus, femur, tibia, etc.). The white blood cells 
(vital to the body’s immune system) are produced 
within the body’s flat bones (skull, sternum, 
scapulae, pelvis, etc.) The type of blood cells that 
are produced depends on the type of Marrow that 
predominates. 
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Figure 9.3. The Gall Bladder 





When all of the Postnatal energy acquired 
from the combination of physical (diet, food, and 
drink), mental/emotional (thoughts and emo- 
tions), and spiritual (prayer, meditation, and sex) 
cultivations is circulated through the Microcosmic 
Orbit (Fire Cycle), the Prenatal Qi stored in the 
bone marrow and Brain become stimulated, awak- 
ing the spiritual consciousness. This combination 
and circulation of physical, mental, emotional, and 
spiritual energy is why the brain marrow is con- 
sidered to be constructed from the finest and most 
subtle essences, manifesting the original and hid- 
den power of the Kidneys. 


THE BONES 

The bones are related to the Kidney’s Jing. The 
bones support the body’s structure, strength, and 
mobility, as well as store the bone marrow (Fig- 
ure 9.4). The bones are extremely porous and are 
always “breathing,” they are regulated by the en- 
ergy of both the body’s Conception and Thrust- 
ing Vessels. The pores of the bones allow Qi and 
Blood to be absorbed and released, the same way 
a sponge absorbs and releases water. 

There is a natural union between the energetic 
function of the Marrow and the bones. The Mar- 
row, held within the bones, assures the power and 
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Figure 9.4. The human skeleton consists of 200 bones. 
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Figure 9.5. The blood-vascular system of the human body consists of the heart and blood vessels. 


smooth suppleness of the bones. The bones, in 
return, prevent the dissipation of the essential rich- 
ness of the Marrow. 

The bones are the only solid crystalline sub- 
stance in the body capable of generating piezo- 
electric charges. These electromagnetic charges 
generate fields of energy that receive and send 
impulses to the blood cells, tissues, organs, and 
channels. The Brain, nervous system, Heart, and 
lower abdomen also generate electromagnetic 
fields that resonate with the bones, as well as other 
crystalline-like structures. The crystalline struc- 
tures of the bones amplify, radiate, and transmit 
energy, as well as bio-information, to the rest of 
the body. The rhythmic oscillation of bone-gener- 
ated electromagnetic fields is released through the 
transmission of the bones acting as tuning forks. 
These living tuning forks vibrate the Qi through- 
out the body’s entire physical structure, extend- 
ing outward into the body’s external Wei Qi fields. 


THE BLOOD VESSELS 


In Chinese medicine, the concept of Blood is 
different in characteristic and function from that 
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of Western medicine. Blood originates from the 
transformation of food and drink by the Spleen, 
which then transfers the refined food energy to 
be further enhanced by the Heart Qi, Lung Qi, and 
the Qi of the air. 

Qi and Blood flow together, with Qi being the 
active force that makes the Blood circulate and 
keeps it within the blood vessels (Figure 9.5). Both 
Qi and Blood flow within the channels and blood 
vessels, continuously circulating throughout the 
body to nourish, maintain, and moisten the tis- 
sues. Qi is an energetic form and is considered a 
Yang substance, while Blood is a liquid form of 
energy and is considered a Yin substance. 

The blood vessels contain Blood and are indi- 
rectly related to the Kidneys, because the Kidney 
Essence Jing) produces Marrow, which contrib- 
utes to the production of Blood. The function of 
the blood vessels is to transport Qi and Blood 
throughout the body for nutrition and regenera- 
tion. The blood vessels are regulated by the en- 
ergy of the body’s Thrusting Vessels, and the 
Blood is contained in the blood vessels by the 
Spleen. 
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SECTION II 
THE THREE OUTER FORCES: 
HEAVEN, EARTH & MAN 


CHAPTER 10 


INTRODUCTION TO THE THREE OUTER FORCES 


THE NATURAL POWER OF THE THREE 
OUTER FORCES 

The Three Outer Forces (Powers) of Heaven, 
Earth, and Man represent the sum total of all natu- 
ral forces and energetic factors, which affect the 
human body on all levels of existence (physical, 
mental, emotional, energetic, and spiritual). In 
ancient times, the relationship between the wax- 
ing and waning of Heavenly (universal) and 
Earthly (environmental) energy, as well as the cor- 
responding shifts, changes, and adjustments oc- 
curring within the human body, provided the 
Chinese sages with the theory of the Three Outer 
Forces. These ancient Chinese masters discovered 
that the human body’s internal network of sys- 
tems is directly affected by the influences and 
variations of energetic cycles of the sun, moon, 
and stars. We now know that these natural influ- 
ences also affect atmospheric pressures, causing 
high and low temperatures, which in turn, affect 
the body’s tissues. Recently, Ukrainian physicists 
found that human DNA vibrates at the same fre- 
quency as solar energy. 

The Heaven and Earth Powers are responsible 
for the energetic field changes that cause adjust- 
ments and shifts within man’s Jing, Qi and Shen 
(known as the Three Treasures), stored within the 
internal organs and tissues. Together the combi- 
nation of Heavenly and Earthly influences affect 
the functional status of the body’s internal organs 
and the distribution of Qi and Blood throughout 
the body. 

Each of the body’s cells, tissues, organs, and 
organ systems emanates its own specific electro- 
magnetic energy field. This energetic field pulsates 
at its own particular frequency, regulating the 
body’s internal energy currents and radiating an 
energetic field that extends outside the body. The 
body’s energetic field (Wei Qi) interacts with and 


is influenced by the larger energetic fields sur- 
rounding it (i.e., power lines, crowds of people, 
geological formations in the Earth, and the cos- 
mic fields of the solar system). 


THE THREE OUTER FORCE’S NINE 
TREASURES 

Each of the Three Outer Forces manifest 
through a secondary triad of Treasures. These 
Three Treasures complete the energetic matrix that 
encompasses the Outer Forces unified energetic 
field. 

1. The Three Treasures of the Heavenly Power 
are the energy fields of the sun, moon, and 
stars; 

2. The Three Treasures of the Earthly Power re- 
present the energy of the Earth (soil and rock), 
wind, and water; 

3. The Three Treasures of Man are contained 
within man’s Essence (Jing), Energy (Qi), and 
Spirit (Shen). 

These three intricate networks exchange their 
energetic influence and affect the functional sta- 
tus, as well as the distribution of the body’s Qi 
and Blood. 


THE THREE OUTER FORCES AND 
CHINESE ALCHEMY 

Each of the Three Outer Forces and their Three 
Treasures also constitute the basis of Chinese in- 
ternal alchemy, whereby Jing (Essence) is trans- 
formed into Qi (Energy), Qi is transformed into 
Shen (Spirit), and Shen is transformed into Wuji 
(infinite space), and then released back to the Dao 
{or divine). 

The Powers of Heaven and Earth are not only 
interlinked, but also exist as a microcosm or “small 
universe” within man’s physical body. The human 
body is an active interaction of two basic elements 
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of Yin and Yang polarity. Yang energy ascends and 
is expressed through expansive, active, hard, and 
aggressive energetic movements. Yin energy de- 
scends and is expressed through contractive, pas- 
sive, soft, and yielding movements. All matter, 
from the smallest molecular particles to enormous 
planets and stars, is composed of energy and 
bound into various patterns of vibration. These 
matter formations are held in place by electromag- 
netic and nuclear forces interconnected by the 
power of Yin and Yang polarity, and are expressed 
through the Three Outer Forces. The seasonal 
cycles are an example of Yin Earthly movements, 
while the solar and lunar cycles are expressions 
of Yang Heavenly energy. 

The creation and manifestation of matter is 
composed and regulated by what are known as 
the Five Elemental patterns. In traditional Chinese 
understanding, it is believed that perfect health 
and longevity depend largely on man’s ability to 
harmonize with the transitions and five seasonal 
changes of Heaven and Earth, in accordance with 
the Five Elemental patterns. In the winter, for ex- 
ample, there is less sunlight, and the temperature 
can be very cold (Yin), and the Kidneys (Water 
Element) can easily be overworked; therefore, man 
should endeavor to lighten his work load and rest 
more in winter, conserving his Qi to avoid energy 
depletion. 

The principles of Chinese cosmology, Yin and 
Yang Theory, Five Elements Theory, the Book of 
Changes (Yi-Jing), and Traditional Chinese Medi- 
cine are all incorporated into the study of Medi- 
cal Qigong. This culmination of knowledge re- 
veals the basic structures of energetic dynamics 
relating to the universal and environmental en- 
ergy gathered from the Heavens and Earth, and 
their relationship with man. 


HEAVENLY QI 

The first of the Three Outer Forces is known 
as the Universal Force, Original Force, or Heav- 
enly Energy. This force manifests as the energy of 
the entire Cosmos. Each life born into human form 
is not only developed and structured but is also 
influenced by its own unique group of stars within 
the Heavenly realm. This particular group of stars 
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(including the sun, moon, planets, and constella- 
tions), controls or influences the persons life-force 
energy (Figure 10.1). 

Heaven is the realm that predetermines the 
energetic cycles of birth and death, as well as the 
seasons and times of planting, fertility, and har- 
vest. It is the source of the Yuan Shen and the Vir- 
tue of Dao, as it manifests through universal 
awareness (divine inspiration, enlightenment and 
spiritual communion), and free will. Heaven is the 
residence of spiritual deities and the Jade Emperor 
(or Divine Creator), and it manifests its prenatal 
power in man’s life through the mysterious forces 
of fate, destiny, karma, and reincarnation. 

According to the ancient Chinese, we exist in 
a three-dimensional world that exists within the 
relative parameters of time and space. Heaven 
represents time, which is symbolized by the circle. 
Because time moves in circles, hours and days are 
defined by the circular rotation of the Earth on its 
axis; months are defined by the circling of the 
moon around the Earth, and years are defined by 
the Earth’s orbit around the sun. 


PHILOSOPHICAL CORRELATION 

Man is constantly absorbing energy from the 
sun, moon, planets, and constellations. In order 
to explore the patterns of Heavenly energy in de- 
tail, the ancient masters developed the science of 
Chinese astrology, which includes the study of 
Twelve Animals and Five Elements, as well as the 
interactions of the Twenty Eight Constellations, 
Twelve Earthly Branches, Ten Heavenly Stems, 
Five Planets, and Lunar and Solar Energy Cycles. 

The ancient sciences of astrology and divina- 
tion evolved as a means to analyze, interpret, and 
predict how the various forces of Heaven influ- 
ence and guide man’s life on Earth. The study of 
Chinese astrology involves four elements of com- 
prehension: the study of the Signs, the study of 
the Five Elements, the study of Yin and Yang, and 
the study of the Sixty-Year Cycle. 

1. The Study of the Signs involves the twelve 
animals of the Chinese zodiac (meaning, cir- 
cus of animals) that encircle the Earth and are 
divided into twelve equal parts, called 
“sions.” Each sign of the zodiac has certain 


characteristics that are determined by a par- 
ticular planet and constellations. The signs 
affect the character of a person born under 
them. Each person is given three animal char- 
acteristics: one according to the year, the sec- 
ond according to the month, and the third 
according to the hour of his or her birth. You 
might, for example, be a Snake according to 
the year of your birth, a Boar according to the 
month, and a Dragon according to the hour. 
The animal governing your birth year repre- 
sents your external self (the part you show 
others) and is said to exert a profound influ- 
ence over your life. The month animal (known 
as the lunar animal) represents the emotional 
and psychological aspects of man’s relation- 
ships. The hour animal represents the inner 
self (the part hidden from the rest of the 
world). The combination of the three deter- 
mines the uniqueness of each individual. 

. The Study of the Five Elements is the next 
division involved in the study of signs. Each 
of the twelve animal signs is further differen- 
tiated into one of the Five Elements (Wood, 
Fire, Earth, Metal, and Water). The year of 
birth determines the element of the sign. Each 
element rules for a two-year cycle (e.g., Janu- 
ary 27, 1952-February 13, 1953 was the year 
of the Dragon under the element of Water; 
February 14, 1953-February 2, 1954, was the 
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Pole Star 


Figure 10.1. The Three Outer Forces of Heaven Consists of the Energy Released from the Sun, Moon and Stars. 





year of the Snake under the element of Water. 
The next Water cycle of Dragon and Snake will 
be in 2012, based on the sixty-year cycle). 
These Five Elements display an energetic force 
that affects the formation of the internal or- 
gans in the growing fetus, as well as influ- 
ences the physical, mental, emotional, ener- 
getic, and spiritual changes after the child is 
born. 


. The Study of Yin and Yang is the third divi- 


sion of the study of signs. Each of the twelve 
animal signs is also governed by a Yin (pas- 
sive) or Yang (active) direction. The Yin and 
Yang cycles alternate each year, with Yang 
being the even years, and Yin the odd years. 


. The Study of the Sixty-Year Cycle is the final 


division of the study of signs. The yearly cor- 
respondence of the twelve animals of the Chi- 
nese zodiac also relates to the Twelve Earthly 
Branches, and is based on a sixty-year cycle. 
Every sixty years, the sun, moon, Earth, and 
the North (Pole) Star are in alignment, and a 
new sixty-year cycle begins. A sixty-year cycle 
also completes the rotation of the twelve ani- 
mals through each of the Five Elements. The 
Chinese consider sixty years a “century” in 
terms of the human life cycle. 


PHYSICAL CORRELATION 


Heavenly Qi relates to the congenital strength 


and formation of the body’s internal organs, as 
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determined by the Universal Energetic Fields 
(which include the energy emitted from the sun, 
moon, planets, and Twenty-Eight Constellations). 


HEAVEN’S ENERGETIC GRID 

Similar to the grid system imprinted on the 
body’s energetic field, there exists a massive in- 
terconnected Heavenly grid extending through- 
out the entire universe. This Heavenly grid con- 
nects the sun, moon, stars, planets, and constella- 
tions throughout our universe, and extends to 
other solar systems outside our celestial sphere. 
There are pockets of Heavenly energy (like ener- 
getic points), as well as subtle frequency pathways 
(similar to energetic channels), that follow a pro- 
gression of universal order. 


EARTHLY QI 

The second of the Three Outer Forces is 
known as the Environmental Force, Acquired 
Force, or Earthly Qi. This force manifests as the 
energy of the entire planet. Each life born into 
human form is not only developed and structured 
but also influenced by its own unique environ- 
ment within the Earthly realm. The Qi of the 
individual's particular geographic location in- 
cludes the energy of the plants, soil, water, ani- 
mals, and all natural formations responsible for 
controlling or influencing the person’s life-force 
energy. 

The Chinese believed that the Earth is the 
realm that predetermines the abundance of har- 
vest, as well as the temperance of man’s physical 
stamina. Both harvest and man’s physical stamina 
is determined through the cyclic changes of the 
five seasons and their relationship to the Five 
Phases (birth, maturation, peak, decay, and death). 
The Earth is the source of the natural forces and 
rhythms of nature, as well as the basic elements 
and energies that compose the material world of 
soil and water, mountains and valleys, oceans and 
rivers, plants and animals. The Earth is the foun- 
dational base of the Five Elements through the 
cyclic transformations of nature, which in turn, 
shape the human body’s physiological form and 
govern the biological functions of the tissues. 

The ancient Chinese viewed the Earth as the 
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center, and as the ground on which we stand look- 
ing outward toward the four directions. Just as 
Heaven defines our movement through life in 
terms of time, Earth defines the space in which 
we live, providing the energetic field for our un- 
folding, within the boundaries of time. 

In Chinese symbology, the Earth is symbol- 
ized by the image of the square, whose walls face 
the four cardinal directions. This concept of the 
energetic interaction of Heaven (symbolized by 
the circle) and Earth’s (symbolized by the square) 
was so fundamental to ancient Chinese thought 
that they even designed the coinage of the impe- 
rial realm to reflect this interconnection (a round 
coin with a square center). 

PHILOSOPHICAL CORRELATION 

Earthly Qi relates to the study of Feng Shui 
(Harmony of Wind and Water). Feng Shui is di- 
vided into two prominent schools of study, the 
Form School and the Compass School. 

1. The Form School is the original school of Feng 
Shui, originating in Southwest China. This 
school focuses primarily on developing envi- 
rommental harmony, by observing the shape 
and form of the terrain in conjunction with 
the Five Elemental animals. 

2. The Compass School is the second school of 
Feng Shui. It focuses primarily on develop- 
ing universal and environmental harmony 
through the directional orientation of the com- 
pass, in relationship to the Ten Heavenly 
Stems, Twelve Earthly Branches, Twenty-Four 
Solar Compass Directions, and Twenty-Eight 
Constellations, as well as the Magic Square 
and the Bagua (Eight Trigrams). 

PHYSICAL CORRELATION 

Earthly Qi relates to the “acquired” strength 
(muscular and skeletal development after birth), 
as well as the formation of the body’s internal or- 
gans. Tissue development is determined by the 
environmental energetic fields (which include the 
energy emitted from the Earth, Water, and Wind / 
weather). The Earth energy also expresses its 
power in man’s life through the basic instincts for 
survival and the primal drives for sex and repro- 
duction. 


EARTH’S ENERGETIC GRID. 

Similar to the Heavenly energetic grid system 
imprinted in the cosmos, there exists a massive 
interconnected Earthly grid extending through- 
out the entire planet. This Earthly grid connects 
the planet’s eight energetic directions into one 
energetic field. There are pockets of Earthly en- 
ergy (like energetic points), as well as subtle fre- 
quency pathways (similar to energetic channels), 
that follow a progression of environmental order. 
One example of the Earth’s axial grid system in 
Western folklore is the “Ley lines,” which are en- 
ergetic pathways that connect energy vortices or 
places of power on the planet. This understand- 
ing of an Earthly energetic grid system is also re- 
flected in American Indian and South American 
traditional understanding. 


MAN’S QI 

The third of the Three Outer Forces is known 
as the Human Force, or Man’s Energy. This force 
manifests as the energy of the entire body (Figure 
10.2). Each life born into human form is not only 
developed and structured, but also influenced by 
the individual’s adaptations to his or her own 
physical, mental, emotional, energetic, and spiri- 
tual energies. 

It is believed that within man, the realm of 
the Dao or divine conscious spirit exists, wherein 
both the energies of Heaven and Earth coexist in 
harmonious balance. Man is formed from the cos- 
mic particles of exploded stars that have de- 
scended onto the Earth. These particles are ab- 
sorbed into the soil, water, and foliage, creating 
sustenance for human life. This constant internal 
connection, absorption, and regeneration of vi- 
brating energy from Heaven and Earth is the rea- 
son that human life is considered to be the high- 
est physical manifestation of the divine energetic 
field (see Chapter 1). 

PHILOSOPHICAL CORRELATION 

Man’s Qi relates to the study of the Yi-Jing (I- 
Ching), or Book of Changes. The Yi-Jing is com- 
posed of two sections: the Book of Oracles and 
the Book of Commentaries. 

1. The Book of Oracles is the original text by 
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Figure 10.2. The Three Outer Forces of Man’s Energy 
is composed of the Energetic Fields Released from Jing, 
Qi, and Shen. 


King Wen and the Duke of Zhou. This book 
is based on the formation of eight trigrams 
and their various energetic attributes. These 
eight trigrams combine to form the sixty-four 
hexagrams of the Yi-Jing, which were later 
used for divination. 

2. The Book of Commentaries is based on the 
commentaries of Confucius and his follow- 
ers, and is also called the Ten Wings. The com- 
mentaries are called “wings” because each 
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wing helps the reader to soar higher in com- 
prehension of the original text. 


PHYSICAL CORRELATION 

Man’s Qi relates to the waxing and waning of 
man’s physical, mental, emotional, energetic, and 
spiritual biorhythmic cycles. 

A Qigong doctor must become proficient at 
understanding, respecting, and adopting these 
laws of natural variations between nature and 
man. Through this understanding the doctor can 
attain a deeper comprehension of the principles 
and application of Medical Qigong Dao Yin train- 
ing (mind concentration methods, respiration 
regulation, and postural manipulation). 


MAN’S ENERGETIC GRID 

Similar to the Energetic grid system of Heaven 
and Earth, the human body is imprinted with a 
massive interconnected grid that extends through- 
out the body’s tissues into the environment. The 
body’s energetic grid is responsible for transform- 
ing energy frequencies from cell to cell, tissue to 
tissue, and from the body’s internal energetic field 
to its external energetic field. These are known in 
Traditional Chinese Medicine as the ‘Jing Luo’ 
channels and collaterals (or the meridian system). 
The body’s energetic grids are also responsible for 
maintaining the production, growth, and devel- 
opment of energy and tissue formation, and are 
influenced through intention, thought, and emo- 
tion. 


CHAPTER 11 





THE THREE TREASURES OF HEAVEN: 


SUN, MOON, AND STARS 


DEFINING HEAVEN Qi 

The Outer Force (Power) of Heaven’s Three 
Treasures (the Sun, Moon, and Stars) manifests as 
electromagnetic radiation from the sun, reflected 
light and energy from the moon, starlight energy, 
and the gravitational forces and interactions of the 
above mentioned heavenly bodies. The Outer 
Force of Heaven’s Three Treasures also include the 
twenty-eight constellations, five major planets, 
and their energetic and gravitational forces. 

Heaven Qi is the energy emitted from the 
universe outside of the realms of Earth and man. 
The sun and moon, first five planets (Jupiter, Ve- 
nus, Saturn, Mars, and Mercury), North Star, Big 
Dipper, and the twenty-eight constellations are the 
most easily observed natural Heavenly energies, 
which have a direct connection to life on Earth. 
The diagram below (Figure 11.1) shows the Five 
Elements relationship between the universal trea- 


sures of Heaven, the environment of Earth and 
Man’s internal organs. 

The sun and moon are the primary Heavenly 
manifestations of Yin and Yang energy. The sun is 
Yang and is considered the Spirit Soul (Hun) of 
the sky. The moon is Yin and considered the Cor- 
poreal Soul (Po) of the Earth. This interaction of 
Heavenly Yin and Yang energy affects and gov- 
erns the Earthly Yin and Yang energy, as well as 
the Qi within the human body. The sun and moon 
each have their own cyclic rhythms and energies, 
changing their relative degrees of Yin to Yang at 
different times of the day, month, and year. 

To cleanse, purify, and strengthen the body, 
Qigong doctors absorb the essence of the Heav- 
enly Qi by guiding the star’s energy into certain 
areas of the body. The energy of the stars may also 
be used to reinforce the circulation of Wei Qi for 





Figure 14.1. Natural Heavenly Transformations 
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added protection against external pathogenic in- 
vasion. 


INFLUENCES OF HEAVENLY QI ON THE 
HUMAN Bopy 

The body’s physical fluctuations work in har- 
mony with the cycles of the sun, moon, and nature. 
The science that deals with the study of these bio- 
logical clocks is known as chronobiology. The lev- 
els of corticosterone and plasma adrenocortico- 
tropic hormone (ACTH), for example, follow a 
cyclical pattern during the course of a day. Gen- 
erally, the body’s emotional and menstruation 
cycle in women follow the changing patterns of 
the moon (i.e., approximately every 28 days). Ad- 
ditionally, approximately every 23 days, the male 
body releases stored toxins, changing the smell 
of the sweat in accordance with the body’s physi- 
cal biological cycle. The smooth functioning of 
natural biological rhythms can at times be dis- 
rupted. The “jet lag” phenomenon, for example, 
is due to the interruption of circadian rhythms in 
the body. 

There are daily, weekly, monthly, and annual 
solar and lunar cycles to which the human body 
responds. Other human physical, emotional, and 
mental cycles are strongly influenced by the types 
of life-style chosen, and other environmental fac- 
tors involved. The body’s circadian rhythms in- 
fluence not only the immune system, but also the 
Yin and Yang energies of the internal organs. The 
activities of the cells, glands, Kidneys, Liver, and 
nervous system are coordinated with one another 
and with the day-night rhythm of the environ- 
ment. Hunger, excretion, and body temperature 
are influenced by the body’s ability to respond to 
the micropulsations of the subtle energy fields 
within the internal organs and tissues, as well as 
the body’s biological clocks. 

In China, clinical scientist Liu Bing, from 
Beijing Medical University, notes in his research 
that the human body undergoes rhythmic varia- 
tions within a 24-hour time period. These physi- 
cal changes include temperature, oxygen con- 
sumption, blood pressure, pulse rate, content of 
hemoglobin, blood sugar, blood amino acids, 


blood adrenocortical hormone, hepatic glycogen, 
metabolic rate of fat absorption, and pace of cell 
metabolism. The natural clockwork of the body 
can also be altered by food, drink, drugs, and ab- 
normal sleeping patterns. 


BoDY RHYTHMS AND ENERGETIC 
PATTERNS 

The prenatal and postnatal energetic patterns 
of the body are also determined by the time and 
place of conception. The time and place of con- 
ception establishes the patient's spiritual energy 
and ancestral traits (food preferences, manner of 
dress, preferences of art, spiritual beliefs, and so 
on). The time and place of birth also determine 
the patient's energetic biorhythms (physical, emo- 
tional, and intellectual cycles). 

PRENATAL ANCESTRAL TRAITS 

The time and location of conception deter- 
mine the nature of the ancestral spiritual influ- 
ence on the patient. As the divine infuses the 
fetus’s soul, the energy of the Eternal Soul com- 
bines with the environmental spiritual influences 
of the geographic location (e.g., the Orient, Eu- 
rope, North America, etc.). This infusion of geo- 
graphic spiritual energy creates within the patient 
a predisposition towards specific ancestral traits 
and cultural attractions. 

At conception and throughout pregnancy, the 
mother absorbs the natural environmental energy 
through respiration (breathing through the mouth, 
nose, and pores), ingesting food (grown in the 
soil), and visual/auditory ingestion (observing 
and experiencing the cultural environment). The 
energetic history of each cultural environment 
exists within the memories stored in the natural 
energetic fields contained within that environ- 
ment. Therefore, someone conceived within a par- 
ticular geographic location in the Orient may find 
him or herself, unconsciously drawn to the social 
and cultural influences of that particular Asian 
population. This subconscious attraction is con- 
sidered a natural phenomenon due to the geo- 
graphic influences of the country’s spiritual / an- 
cestral power, causing an effect, indirectly, on the 
individual. 


Physical Cycle 


Les 








The Physical Cycle is 23 days long. The first 11 1/2 
days are the positive side of the cycle. One experiences 
a feeling of good physical strength and endurance. The 
second 11 1/2 days are the negative side of the cycle, 
marked by having less endurance and a tendency 
towards fatigue. 


Emotional Cycle 
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The Emotional Cycle is 28 days long. The first 14 days 
are the positive side of the cycle. One feels optimistic, 
cheerful, and cooperative. For the second 14 days, a 
negative stage of the cycle results in tendencies to be 
moody, irritable, and pessimistic. 


VW, 





The Intellectual Cycle is 33 days long. The first 16 1/2 
days are the positive side of the cycle. One has greater 
success in learning new material and pursuing creative, 
intellectual activities. The next 16 1/2 days are the 
negative side of the cycle; one is encouraged to review 
old material rather than attempting to learn new 
concepts. 


Figure 11.2. The physical, emotional, and intellectual 
cycles begin on the day of birth. 
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1. The natural environment of the location at 
conception exerts a strong influence, such as 
a preference, or attraction to similar geologi- 
cal formations throughout the individual's 
life. People conceived by the ocean, for ex- 
ample, may find within themselves an uncon- 
scious need to live by the ocean. Likewise, 
people conceived in the mountains, valleys, 
tropics, deserts, etc. may find an energetically 
calm feeling of peace envelop them when vis- 
iting such places. 

2. The time of conception also exerts a strong 
influence. The energetic formation, as well as 
strength or weakness, of the fetus’s internal 
organs is also determined by the positions of 
the sun, moon, and stars. These Heavenly 
energies begin their effect on the fetus at the 
time of conception and continue influencing 
the fetus’s formation throughout the entire 
pregnancy. 

BIRTH-POSTNATAL ENERGETIC PATTERNS 

The time and location of birth determines the 
biorhythmic patterns of each individual. These 
biorhythms are developed according to the influ- 
ence of the Heavenly energy (position of the sun, 
moon, and stars), as well as the Earthly energy 
{i.e., geographic location, e.g., mountains, valleys, 
by the ocean, etc.). This infusion of the Earth’s geo- 
graphic energy and Heaven's constellation energy 
creates within the individual a predisposition to- 
wards specific psychological traits. 

1. The location of birth strongly influences the 
individual’s desire to seek out and/or sur- 
round him or herself with the familiar envi- 
ronment. 

2. The Time of Birth may also have an uncon- 
scious influence on his or her living patterns, 
as certain individuals born at night naturally 
become “night people,” while others born in 
the morning function better during the morn- 
ing hours. 

The body’s biorhythms, which react to uni- 
versal and environmental energetic vibrations, are 
divided into three distinct cycles and energy flows 
(Figure 11.2). Each rhythm is cyclical, waxing and 
waning, creating and contributing to times of 
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physical, emotional, and intellectual triumph, as 
well as times of reflection and withdrawn behav- 
ior. These three cycles begin at the moment of birth 
and continue with absolute regularity until death. 
The conditions of the cycle are divided into posi- 
tive (the first half) and negative (the second half) 
attributes. 

The body's biorhythms are but one example 
of the effects that Heavenly energy has on the 
physical, emotional, and intellectual cycles of 
mankind. By understanding the cycles of the sun, 
moon, and stars and their energetic potential, the 
Qigong doctor can utilize the universal energy of 
Heaven to regulate and balance the patient's Qi. 
The biological rhythms influence the time at which 
many illnesses occur or worsen, as well as how 
fast a medication takes effect and how long the 
effect lasts. Therefore, Medical Qigong therapy, as 
well as herbal therapy are prescribed at specific 
times to enhance their effect on the patient's body. 


CYCLES OF THE SUN 


The Earth’s rotation around the sun causes 
seasonal changes and instigates cyclic metabolic 
patterns in the human body. The body’s entire 
metabolic function is influenced by its ability to 
respond to the seasonal micropulsations of these 
subtle energetic fields. 

The Chinese use both a solar and a lunar calen- 
dar. The Heavenly cycle of the moon has 12 lunar 
month divisions, which correspond to man’s 12 in- 
ternal organs and channels: Lungs, Large Intestine, 
Stomach, Spleen, Heart, Small Intestine, Bladder, 
Kidneys, Pericardium, Triple Burners, Gall Bladder 
and Liver. The Heavenly cycle of the sun has 12 
periods of the day, which correspond to man’s 12 
sections of the body. These 12 internal cycles are 
sometimes called the 12 Blood / Heat Cycles because 
they affect the Qi, Blood and temperature within 
the Twelve Skin Zones (see Chapter 7). 

The Earth’s rotation and the rhythm of the five 
seasons (the usual four plus late summer) influ- 
ence the body’s internal organs and channels, af- 
fecting their energetic activity. In each of the five 
seasons, a specific pair of internal organs reaches 
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an energetic peak. 

1. In the summer, the Heart and Small Intestine 
are at their energetic peak. 

2. In the late summer, the Spleen and Stomach 
reach their energetic peak. 

3. In the autumn, the Lungs and Large Intestines 
reach their energetic peak. 

4. In the winter, the Kidneys and Bladder reach 
their energetic peak. 

5. Inthe spring, the Liver and Gall Bladder reach 
their energetic peak. 


THE TWELVE PI HEXAGRAMS 

The Twelve Pi Hexagrams symbolize the sea- 
sonal changes, which cause the waxing and wan- 
ing of Yin and Yang energy. The trigrams and 
hexagrams are used to illustrate the movement of 
energy in Man (see Chapter 5) as well as Heaven. 
The Twelve Pi Hexagrams were also used to study 
and comprehend the interactive energetic fields of 
man and nature that govern growth and develop- 
ment. The interactive energetic fields engender the 
creation of energy channels and influence the cir- 
culation and transformations of Qi, which in turn, 
create and maintain the body’s internal organs. The 
ancients believed that the human physique reflects 
the structure of the universe, and that prenatal 
Heaven and Earth energy fuse with postnatal 
Heaven and Earth energy at birth (see Chapter 2). 
The trigrams reflect the twelve hours of the day, the 
daily fluctuations of Yin and Yang energy, and the 
Qi of the Five Elements (Figure 11.3). 

The Twelve Pi Hexagrams represent “the laws 
of hardness and softness,” domination and yield- 
ing of Yin and Yang, the relationship between the 
seasons, time of day, major organs, channels, and 
the transformation and circulation of Qi. 

THE YANG YAO CYCLES 

When studying the Twelve Pi Hexagrams, it 
is important to examine the first six (from Fu — 
11 p.m. to Qian — 11 a.m.), that represent the 
gradual increasing of the energetic potential of the 
Yang Yao (see Chapter 5) and the gradual decreas- 
ing of the Yin Qi. The Yang Qi rises and expands 
during this time period; it is the best time for train- 
ing techniques that emit external Qi and for treat- 
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Figure 11.3. The circular figure depicts the Heavenly cycle of the sun and the Twelve Pi Hexagrams. Solid tines in 
the trigrams and hexagrams represent Yang, and broken lines represent Yin. The hexagrams on the left depict 
the Yang Yao Cycle (from Fu to Qian), with the gradual increase in Yang and decrease in Yin, so that the last 
hexagram, Qian, is full Yang, The hexagrams on the right depict the Yin Yao Cycle (from Guo to Kun), with the 
gradual increase in Yin and decrease of Yang, so that the last hexagram, Kun, is full Yin. 
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ing patients who suffer from insufficiency of Yang 
Qi. This time period is called the “time of the liv- 
ing breath,” and represents the beginning of en- 
ergetic harvesting. When training in the morning 
time, the practitioner should progress from still, 
relaxed, quiescent Qigong meditations to active 
forms of dynamic Qigong movement. 

THE YIN YAO CYCLES 

The last six hexagrams (from Gou — 11 a.m. 
to Kun — 11 p.m.) indicate a gradual increasing 
of the energetic potential of the Yin Yao and the 
gradual decreasing of the Yang Qi. This time pe- 
riod is called the “time of the dead breath,” and 
represents the beginning of energetic planting. The 
Yin Qi increases and expands in this time period; 
it is the best time for patients suffering from an 
insufficiency of Yin Qi to train, nurture, and re- 
store the Kidneys’ Yin Essence, which in turn will 
facilitate the preservation of Yang Qi. When train- 
ing in the afternoon, the practitioner should 
progress from active forms of dynamic Qigong 
movement to gradually slower, relaxed, quiescent 
Qigong meditations. 

When prescribing Medical Qigong for pa- 
tients, the time for practice should be selected in 
accordance with the philosophy of Yin and Yang 
theory, the Five Elemental theory, the circadian 
rhythms of Qi and Blood circulation, as well as 
the severity of the illness. 


USING THE YANG AND YIN YAO CYCLES 

Each of the broken lines represents a Yin Yao 
and can be used to symbolize an inhalation, while 
a straight line represents a Yang Yao and symbol- 
izes an exhalation. A hexagram consisting of three 
bottom Yang Yaos and three top Yin Yaos, for ex- 
ample, represents a balanced respirational pattern. 
When the Qigong doctor writes out a prescrip- 
tion for the patient, the doctor can adjust the 
patient’s respiration in accordance with the Yao 
hexagrams, taking into consideration each Yao line 
as representing an inhalation or exhalation. The 
basic theory of Yin and Yang Yao cycles is also used 
to determine the time and direction for Qigong 
practice, as well as the methods of respiration and 
mind concentration required to establish proper 
Yin and Yang balance. 


236 





Figure 11.4. The Four Principle Time Periods 


When practicing Medical Qigong at the hour 
of the Fu Hexagram, for example, the Yao indi- 
cates there is more Yin than Yang, so the practitio- 
ner should regulate his or her body with the in- 
tent to nourish the Yang through longer inhala- 
tion (Yin) and shorter exhalation (Yang). 

At the stage of the Gou Hexagram, the Yao 
indicates there is more Yang and less Yin so the 
Qigong practitioner should perform regulation 
through shorter inhalations (Yin) and longer ex- 
halations (Yang). 


THE FOUR PRINCIPAL TIME PERIODS 
OF QIGONG PRACTICE 

Practicing Medical Qigong during the “four 
principal time periods” (Zi, Mao, Wu, and You) 
facilitates the vigorous growth of internal energy 
in harmony with the changes of energy in nature 
(see Figure 11.4). To nourish energy, practice dur- 
ing the sunrise and / or sunset (Mao and You) pe- 
riods. To stabilize energy, practice during the pe- 
riods of midnight and/or high noon (Zi and Wu). 

Due to the differences between individual 
constitutions (Excess or Deficient Yang or Yin), the 
selection of the proper time for practice and the 
number of Yin or Yang respirations varies between 
patients. The following is a brief discussion and 


explanation of the four principal time periods. 

1. Zi Time Period corresponds to the Fu 
Hexagram, and has one Yang and five Yin 
lines or Yaos. The Zi time period is at mid- 
night (11 p.m. - 1 a.m.). It is related to the be- 
ginning of the Yang cycle and is perfect for 
gathering energy to store the Yuan Qi (Prena- 
tal Qi). The Yuan Qi is the root of life, formed 
through the divine combination of the primor- 
dial Yin and Yang; it is stored primarily in the 
Kidneys’ Water energy. The Zi period of time 
corresponds to the Fu Hexagram. During this 
time the Earth energy and the Kidney’s Yang 
Qi are in full harmony, continuously combin- 
ing and accumulating energy. Practice during 
this period of time results in twice the effect 
with half the effort. 

2. Mao Time Period corresponds to the 
Dazhuang Hexagram, and has four Yang and 
two Yin lines or Yaos. The Mao time period is 
at sunrise (5 a.m. — 7 a.m.). As the sun rises, 
warming the air, and natural Yang progresses. 
At this time of the day, the Yang Qi of the body 
is in full bloom. Practice during this period of 
time aids the vigorous growth of Yang. 

3. Wu Time Period corresponds to the Gou 
Hexagram, and has one Yin and five Yang 
lines or Yaos. The Wu time period is at high 
noon (11 a.m. - 1 p.m.), and is regarded as the 
Heart’s Fire. At high noon, the Heart Chan- 
nel (considered the Supreme Yang) will natu- 
rally manifest the energetic peak of Yang en- 
ergy. Because the first line is a Yin Yao, how- 
ever, the Yang energy Yaos tend to wane rather 
than grow. Therefore, practicing during this 
period helps the growth of Yin energy and 
suppresses the hyperactivity of Yang energy. 

4. You Time Period corresponds to the Guan 
Hexagram, and has four Yin and two Yang 
lines or Yaos. The You time period is at sunset 
(5 p.m. - 7 p.m.). At this time, the energy of 
the environment tums from clear and radi- 
ant to dark. Qigong practice at this time nur- 
tures the increase of the primordial Yin en- 
ergy and the conservation and nourishment 
of Yang energy. 
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THE FOUR SEASONAL PEAK 
TRANSITIONS 

Another theory maintained by Qigong doctors 
is that the sun’s light during the day represents 
Yang, and the energy from the moon’s light at night 
represents Yin. The observation that light coincides 
with heat and that darkness coincides with cool, 
led to the division of the year into four seasonal peak 
transitions (which also correspond to the four prin- 
cipal time periods of the day) (see Figure 11.5). 

At the time of the equinoxes and solstices, the 
sun passes through transitional regions: The Pal- 
ace of Eternal Frost in the North is entered in the 
winter; The Golden Gate in the East is entered in 
the spring; The Palace of Universal Yang in the 
South is entered in the summer; and The Gate of 
the Moon in the West is entered in the autumn. 
The four seasonal peak transitions in the north- 
em hemisphere are described as follows. 

1. The Palace of Eternal Frost at the Winter Sol- 
stice (December 22-25) indicates the time pe- 
riod when the sun is furthest south from the 
equator. This is a time of maximum Yin or 
darkness in the northern hemisphere, with the 
shortest days and longest time of cold and 
darkness. This energetic transition corre- 
sponds to “midnight” within the four prin- 
cipal time periods. 

2, The Golden Gate at the Spring Equinox 
(March 21) indicates the time period when the 
sun’s center crosses the Heavenly equator, cre- 
ating an energetic balance between the days 
and nights. Although light and darkness and 
Yin and Yang energies are in balance, this sea- 
sonal time period is a transitional harmony, 
as Yang energy is growing. The weather is also 
moderate. This energetic transition corre- 
sponds to the “sunrise” within the four prin- 
cipal time periods. 

3. The Palace of Universal Yang at the Summer 
Solstice (June 21-23) indicates the time period 
when the sun is furthest north from the equa- 
tor, a time of maximum Yang or brightness, with 
the longest days and times of light and warmth. 
This energetic transition corresponds to “noon” 
within the four principal time periods. 
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Figure 11.5. Four Season Peak Transitions 








The Gate of the Moon at the Autumn Equi- 
nox (September 22) indicates the time period 
when the sun’s center crosses the Heavenly 
equator, creating an energetic balance be- 
tween the days and nights. Although light 
and darkness and Yin and Yang energies are 
in balance, this seasonal time period is in tran- 
sitional harmony, as Yin energy is growing. 
The weather is also moderate. This energetic 
transition corresponds to the “sunset” within 


the four principal time periods. 
The energy of these four principal time peri- 


ods enters the practitioner’s Taiji Pole during 
meditation and regulates the “auspicious powers” 
located within the five regions of space inside and 
outside of the doctor’s body: 

¢ Front—energy of the Heart 

* Back—energy of the Kidneys 

* Right—energy of the Lungs 

* Left—energy of the Liver 

« Center—energy of the Spleen 


THE SIX PRINCIPAL SEASONS OF 
TRANSITION 

In Traditional Chinese Medicine, the year is 
divided into six primary periods of seasonal tran- 
sitions (wind, heat, damp, fire, dry, and cold). Each 
season represents the ruling Qi, or expected 
weather, dominant in that particular season (Fig- 
ure 11.6). 

These six periods delineate the differences 
between and transitional transformations of 
Heaven energies (through the Ten Heavenly 
Stems) and Earthly energies (through the Twelve 
Earthly Branches). In terms of weather, the first 
half of the year is governed by the Qi of Heaven, 
while the second half of the year is administered 
by the Qi of Earth. The Ten Heavenly Stems are 
the ten energies of Heaven that rule the changes 
of the Five Elemental Seasonal Transitions, and 
are represented in the human body as the Yin and 
Yang aspect of the Five Elements (represented as 
the ten major internal organs). The Twelve Earthly 
Branches are the twelve energies of the Earth that 
determine the six Qi factors of the seasonal tran- 
sitions (represented in the body as the Twelve Pri- 
mary Channels). In accordance with the Creative 
Cycle of the Five Elemental Seasonal Transitions: 
summer creates late summer, late summer engen- 
ders autumn, autumn gives rise to winter, and 
winter gives birth to spring. 


THE DAILY QI, BLOOD, AND HEAT 
CYCLE 
These four principal time periods and sea- 

sonal peak transitions affect the body’s Blood, 
Heat, and Qi Cycles. The daily cycle of Heat, 
Blood, and Qi flow along the body's Twelve Pri- 
mary Channels, organs, and tissues, according to 
the two hour Yin and Yang time table are: 

¢ Gall Bladder (GB) - 11 p.m. to 1 a.m. - (Yang) 

* Liver (Lv) - 1 a.m. to 3 a.m. - (Yin) 

¢ Lungs (Lu) - 3 a.m. to 5 a.m. - (Yin) 

* Large Intestine (LI) - 5 a.m. to 7 a.m. - (Yang) 

¢ Stomach (St)- 7 a.m. to 9 a.m. - (Yang) 

* Spleen (Sp) - 9 a.m. to 11 a.m. - (Yin) 

* Heart (Ht) - 11 a.m. to 1 p.m. - (Yin) 

* Small Intestine (SI) - 1 p.m. to 3 p.m. - (Yang) 
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Season 


ue 


1. Spring Begins 
Rainwater 
March 7 
Spring Equinox March 22 
2. Clear and Bright April 6 
April 21 
Summer Begins May 6 
Grain Filling June 7 
3. Grain Fuil June 22 
Summer Solstice June 22 


Slight Heat July 8 


WAMU Me 


Limit of heat Aug. 24 


Ce 





Slight Cold 


Figure 11.6. Six Principal Seasons of Heaven and Earth 
Energy Transition (1-6), and the Twenty Four Diagram 
Chart 
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¢ Bladder (Bl) - 3 p.m. to 5 p.m. - (Yang) 

* Kidneys (Kd)- 5 p.m. to 7 p.m. - (Yin) 

¢ Triple Burners (TB) - 7 p.m. to 9 p.m. - (Yin) 

¢ Pericardium (Pc) 9 p.m. to 11 p.m. - (Yang) 

The body’s active high and low heat, Blood, 

and Qi time periods, reflect its relationship with 
the Twelve Primary Channels. For instance, ev- 
ery morning during the time period of 3-5 a.m., 
the strongest energy streams down along the Lung 
Channels, making the Lungs quickly responsive 
to treatment. 


GATHERING THE SUN’S ESSENCE 
MEDITATION 

The ancient Qigong masters used this medi- 
tation to absorb the essence of the sun. By gather- 
ing pure Yang energy to tonify the body’s Defi- 
ciencies, as well as to consolidate the Zheng Qi 
(Gathering energy), they were able to eliminate 
pathogenic factors and prevent premature aging. 
This particular exercise is considered part of the 
foundational base from which the ancient Qigong 
doctors replenished any depleted life-force energy. 

The gathering the Sun’s Essence Meditation 
must only be practised on a clear day, when the 
sun is not obstructed. Avoid practising this medi- 
tation in times of fog, smog, thick clouds, and so- 
lar eclipses, as cultivation during these times will 
cause the unnatural cultivation of Turbid Qi. 

1. While outside on a bright sunny day, face the 
sun, and assume a Wuji standing posture, 
hands by your sides, with the feet slightly 
wider then shoulder-width apart; stand in a 
relaxed and tranquil state, breath evenly and 
naturally, and rid your mind of any stray 
thoughts (Figure 11.7). 

2. If the sun is rising above the horizon, slightly 
close your eyes; you should still be able to see 
soft, gentle, reddish sunlight. If the sun has 
already risen, close your eyes and use your 
inner vision to visualize the sun. 

3. Inhale through the nose and imagine filling 
your mouth with energy from the sunlight’s 
essence. Still facing the sun, with your eyes 
half open, “infuse,” or absorb into the eyes, 
the energy from the horizon. Blend the energy 


Figure 11.7. Gathering the Sun’s Essence Meditation. 
Step one, stand and face the sun. 








Figure 11.9. Step three, imagine embracing the sun and 
gently placing it in front of your Lower Dantian. 


absorbed from your eyes into your Upper 
Dantian. Close your eyes and imagine blend- 
ing the sun’s golden light energy with the Qi 
you inhaled through your nose. Hold your 
breath and focus the mind, mixing both ener- 
gies; swallow the energies slowly while ex- 
haling, and send the energy down to the 
Lower Dantian. Repeat this process for sev- 
eral minutes. 

. Stretch your hands towards the sun and imag- 
ine embracing it (Figure 11.8). Point your in- 
dex fingers toward the center of the sun, and 
imagine pulling the sun down in front of your 
Lower Dantian. Keep it positioned there for 
several minutes (Figure 11.9). 

. Imagine the sun gently rolling and turning 
itself in front of your lower abdomen (Figure 
11.10-11). Keep your elbows at your sides and 
gently shift, or sway from side to side, imag- 
ine that it is the sun’s movement that causes 
both your arms and body to move. Using this 
image keeps the sun in an energetic power 
position. 

. Place both hands around the sun as if embrac- 
ing it (Figure 11.12). Next, imagine the sun 
slowly moving into your navel. Allow both 
hands to follow the sun into the navel, end- 
ing with your left palm on top of your right 
palm (opposite for women) (Figure 11.13). 
With one deep breath inhale and absorb the 
sun's energy into the Lower Dantian while 
imagining the sun (beneath the navel) trans- 
forming into a luminous ball of golden en- 
ergy. With each inhalation, this golden ball 
shines brightly; with each exhalation, the 
sun’s rays extend, spreading throughout the 
entire body. 

. Toend, relax the mind and imagine Heavenly 
Qi melting down the body, pouring through 
the front, back and center of the body like 
warm oil, into the Earth. This ending exercise 
(sometimes called Pulling Down The Heav- 
ens), allows the Qi to sink into the Lower 
Dantian, and the body, mind, and spirit to 
come into a state of peaceful rest and tran- 


quillity. 
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Figure 11.10. Step four, imagine the sun gently rolling 
and turning itself in front of the Lower Dantian. 








Figure 11.11. The energy of the sun moves the entire 
body rather than the arms. 





Figure 11.12. Step five, embrace the sun and absorb it 
into the navel and then into the Lower Dantian. 








Figure 11.13. Each breath transforms the sun’s energy 
into luminous golden Qi. 
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CYCLES OF THE MOON 


The ancient Qigong masters believed that the 
sun has a Yang nature, emitting enormous 
amounts of hot, thermal energy, whereas the moon 
has a Yin nature and emits a much cooler type of 
energy, by reflecting the light of the sun. The en- 
ergy of the moon is used to replenish the body’s 
Yin Qi, and follows a comprehensive cycle every 
28 days (Figure 11.14). Following the cycle of the 
moon, the energy of the body completes a full ro- 
tation, flowing along the Governing Vessel to the 
top of the head, and down the Conception Vessel 
to the base of the perineum. When the mcon is 
full, the body’s Blood and Qi reach a crest, filling 
the Baihui point on the top of the head. At the 
new moon, the body’s Blood and Qi gather at the 
Huiyin point, in the perineum. 

Since the lunar cycle at its extreme (full moon 
and new moon) activates the top and bottom 
points of the Taiji Pole, these are said to be the 
most productive times to perform Taiji Pole Qi 
practice. 

The appearance of the moon during the first 
half of the lunar month symbolizes the waxing of 
Yang and waning of Yin Qi. As Yang grows and 
Yin declines, regulation of breathing at this pe- 
riod of time should be aimed at absorption of the 
Moon’s Essence. The second half of the lunar 
month symbolizes the waxing of Yin and waning 
of Yang Qi. As Yin grows and Yang declines, regu- 
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lation of breathing at this period of time should 
be aimed at replenishing Yang to help the Yin 
nourish the Yin Jing-Essence (Figure 11.15-20). 

As the moon increases the amount of light it 
reflects, the body’s Qi and Blood become more 
nourished; when the moon is full, the Qi and 
Blood become substantial. As the moon begins to 
decrease the amount of light it reflects, the muscles 
start to lose their energetic substance. This de- 
crease in energy causes the body’s Eight Extraor- 
dinary Vessels and Twelve Primary Channels to 
empty themselves to support the muscles that are 
slowly becoming Deficient. Qi and Blood are in- 
fluenced by the gravitational pull of the sun and 
moon, just as the tides of the sea are influenced. 
Therefore the ancient Qigong masters described 
the energetic tonifying and purging principles of 
Qigong regulation in these specific terms: when 
treating a patient, perform no tonifying when the 
moon is full, or when the Blood and Qi are suffi- 
cient. Perform no purging when the moon is dark, 
or when the Blood and Qi are Deficient. This ob- 
servation explains the effect of the “full-moon 
phenomenon” on patients who are hypersensitive 
to energy and become restless when the moon’s 
Qi is “full Yang in Yin.” 

The waxing and waning of the sun and moon 
affect the adjustment time for Medical Qigong 
practice and the methods of breathing regulation. 
In order to facilitate the intake of Heavenly Es- 
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Figure 11.14. The waxing and waning cycles of the moon correspond to the moon's orbit around the Earth. 
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Figure 11.15. From the 1st to 
the 5th night of a lunar month, 
more Yang absorption and Yin 
nourishment can be obtained 
by performing breathing 
regulations while facing the 
west. The crescent surface of 
the Moon is reflecting less 
sunlight. 
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Figure 11.17. From the 11th to the 15th night of a iunar 
month, equal amounts of Yang absorption and Yin 
nourishment can be obtained by performing breathing 
regulations while facing the direction of the moon, as 
both Yang and Yin energies are plentiful at this time. At 
this point, the moon is full with its surface reflecting the 
most sunlight (called “Full Yang in Yin’). 


Woning Crescent Figure 11.19. From the 21stto the 25th 
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night of a lunar month, Yin continues 
fo grow and Yang declines. Regulation 
of breathing at this period of time shoutd 
be aimed at replenishing Yang to help 
the Yin nourish the Yin Essence, while 
facing the south. At this time, the 
crescent surface of the moon’s shape 
is turing to half-full Yin, and its surface 
is reflecting less sunfight. The reflected 
sunlight on the moon’s surface 
continues to decrease as Yang wanes 
and Yin waxes. 
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Figure 11.16, From the 6th to 
the 10th night of a lunar 
month, more Yang absorption 
and Yin nourishment can be 
obtained by performing 
breathing regulations while 
facing the south. The surface 
of the moon is turning from a 
crescentto half-full Yang, and 
its surface is reflecting more 
sunlight. 


Figure 11.18. From the 16th 
to the 20th night of a lunar 
month, the Yin grows and 
Yang declines. Regulation of 
breathing at this period of 
time should be aimed at 
replenishing Yang to help thea 
Yin nourish the Yin Essence, 
while facing the west. At this 
time, the crescent surface of 
the moon is reflecting less 
sunlight. The reflected 
sunlight on the moon's 
surface decreases as Yang 
wanes and Yin waxes. 


Figure 11.20. From the 26th 
to the 30th night of a lunar 
month, no absorption of Yang 
is possible when the moon 
appears in the east at nightfall 
and its surface is dark, 
leading to the period of “Pure 
Yin.” Breath regulation should 
be performed facing east. 
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sence to nourish the body, the ancient Qigong 
masters used a system wherein each month is di- 
vided into 6 separate sections (a total of 5 days 
was assigned to each section). 


PRENATAL EIGHT TRIGRAMS AND THE 
Moon 

The symbols on the Prenatal Eight Trigrams 
represent the appearance of the moon, while the 
Ten Heavenly Stems represent the positions of the 
moon. Each trigram embraces one or two of the 
Ten Heavenly Stems. The following chart of Pre- 
natal Trigrams, Ten Heavenly Stems, moon and 
tide regulation, as well as the principles of purga- 
tion and tonification of Qi and Blood is a refer- 
ence for Qigong doctors for clinical treatments 
(Figure 11.21). 

In this chart, the Yang energy of the Earth 
gradually increases from the 11th to the 15th. In- 
fluenced by this action, the spring tide occurs on 
the 15th when the moon is full, inducing both the 
Qi and Blood to become extremely active. This is 
a good time for Qigong patients who suffer from 
energy Deficiencies to replenish their Qi. How- 
ever, if the patient’s energy is abundant, he or she 
should not try to replenish at this time, or an Ex- 
cess condition of Qi will occur. 


CHOOSING THE PROPER DIRECTION 
FOR TRAINING QI 

Since ancient times, Qigong doctors have 
placed great emphasis on facing certain directions 
when cultivating energy. Observing that energy 
training and practicing should be adapted to na- 
ture, each routine is selected according to the sea- 
son, month, and time of day, as well as the physi- 
cal conditions of the practitioner. The four direc- 
tions, as well as the sun (solar cycle), moon (lunar 
cycle), and stars (four sets of seven constellations, 
each one grouped in the N, S, E, or W), have a 
direct influence on the human body. 

One example of directional training is in set- 
ting up treatment schedules according to the en- 
ergy emitted from the Heavens. It is generally 
advised when conducting energetic regulations 
that: 


¢ Patients with Yang Deficiencies should face 
east or south, to develop Yang Qi; 

¢ Patients with Yin Deficiencies should face 
west or north, to help develop the Yin Qi; 

¢ Patients with a Kidney Deficiency should face 
the north; 

¢ Patients with a Liver Deficiency should face 
east; 

¢ Patients with a Heart Deficiency should face 
south; 

* Patients with a Lung Deficiency should face 
west; 

¢ Patients with a Spleen Deficiency should fo- 
cus their attention on the center, i.e., the Earth. 

Generally, when first beginning Qigong exer- 
cises and meditations, practitioners are taught to 
face the south or southeast. When practicing spe- 
cific cultivation exercises, however (such as Gath- 
ering the Sun’s Essence), the practitioners are 
taught to face the direction of the sun. In the 
evening time, unless practicing specific cultiva- 
tion exercises (such as Gathering the Moon's 
Cream), it is best to have the patient face the cor- 
responding direction for the Deficient organ. 
These cultivation methods train the Yang energy 
to fuse with the Zhen Qi (True Qi), as well as with 
the Heavenly Qi and Environmental Qi. The tim- 
ing and methods of training are based on the in- 
crease and decrease of Yin and Yang energy. 

It is important to note that although these 
training methods are effective, the most experi- 
enced Qigong doctors often choose the place and 
direction according to their own intuition. To se- 
lect the appropriate direction, the doctors start by 
facing south (sitting or standing). As they begin 
to feel the body filling with Qi, they may feel that 
they are being pulled towards a specific direction, 
and that they cannot stand or sit comfortably with- 
out facing that direction. The doctors feel more 
rooted and stable by following their intuition. 
Through understanding the proper directions, 
concentration, breath regulation, and assuming 
the appropriate postures, Qigong doctors are able 
to help regulate and increase their patients’ ener- 
getic activities, while avoiding many Qi deviations 
(see Chapter 18). 


SECTION 2: THE THREE TREASURES: HEAVEN, EARTH, AND MAN 


GATHERING MOON’s CREAM QIGONG 
MEDITATION 

Qigong doctors use this particular exercise in 
conjunction with the Gathering the Sun’s Essence 
meditation for replenishing depleted energy. The 
vital essence of moon is called the Cream or “cool 
light” and is used to nourish the Kidneys and 
strengthen the Jing, Marrow, and brain, while con- 
tributing to longevity. It is practiced only nine days 
a month, three days before, during, and after the 
full moon, which are the brightest nights of the 
month. It is prohibited during new moon transi- 
tions because there is too little vital essence of the 
moon to gather. 

Gathering the Moon Cream meditation must 
only be practiced on clear nights, when the moon 
is not obstructed. Avoid practicing this medita- 
tion in times of fog, smog, thick clouds, and lunar 
eclipses, as cultivation during these times will 
cause the unnatural cultivation of Turbid Qi 

1. Stand outside in the fresh air, while facing the 
moon. Stand in a relaxed and tranquil state, 
breath evenly, and rid your mind of any stray 
thoughts (Figure 11.22). 

2. Lower your eyelids until you only faintly see 
the moonlight. Inhale through the nose and 
imagine softly “sipping” one mouthful of the 
moon cream. At the same time, with your eyes 
half open, visualize “inhaling” the energy of 
the moon cream with your eyes into your Up- 
per Dantian. Close your eyes and imagine 
mixing the moon cream with the energy you 
inhaled through your nose. Slightly hold your 
breath and concentrate on feeling the moon 
cream’s silvery energetic essence. Swallow 
this essence slowly, sending it down to the 
Lower Dantian. 

3. Stretch your hands towards the moon (Fig- 
ure 11.23). Imagine embracing the moon and 
pulling it out of the sky, placing it just above 
your Upper Dantian, at your Baihui point (on 
top of your head). Hold this image for sev- 
eral minutes (Figure 11.24). 

4, Next, imagine a second moon forming out of 
the first moon, and bring it downward with 


8. 


10. 


both hands until level with, and in front of, 
the Middle Dantian (Shanzhong CV-17 point) 
at the center of the chest. Hold this image for 
several minutes (Figure 11.25). 


. Finally, imagine a third moon forming out of 


the second moon, and bring it down to the 
level of the Lower Dantian, suspended in front 
of the lower abdomen. Hold this image for 
several minutes (Figure 11.26). 


. Continue to imagine all three moons sus- 


pended (two in front, and one above your 
body) and inhale, raising both of your arms 
over your head. Imagine pressing the first 
moon into your head through the Baihui 
point, filling the Upper Dantian with the 
moon cream’s silvery white light. As both 
hands press the moon into the head, allow the 
left hand to remain on top of the right hand 
(opposite for women). As you exhale, visual- 
ize the light of the moon filling the entire cav- 
ity of the Upper Dantian (Figure 11.27). 


. Next, bring both hands to the front of your 


body. Inhale and press the second moon into 
your chest through the Middle Dantian, imag- 
ining the moon cream’s silvery white light fill- 
ing the chest. As you exhale, visualize the light 
of the moon filling the entire cavity of the 
Middle Dantian (Figure 11.28). 

Finally, bring both hands in front of your 
lower abdomen. Inhale and press the third 
moon into your Lower Dantian, imagining the 
moon’s silvery white light filling the abdo- 
men. As you exhale, visualize the light of the 
moon filling the entire cavity of the Lower 
Dantian (Figure 11.29). 


. Allow both hands to rest by your sides then 


slowly raise your left hand (opposite for 
women) and tap the top of your Baihui point 
softly nine times. As you tap, imagine that all 
three moons fuse into a brilliant white-light 
energy throughout your Taiji Pole, connect- 
ing all three Dantians together (Figure 11.30). 
Relax and perform Pulling Down The Heav- 
ens, letting your body, mind and spirit sink 
into tranquility. 
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CYCLES OF THE STARS 

The most influential Heavenly Treasures, other 
than the sun and moon, are the stars composed of 
the Big Dipper, Polaris, and the five planets, exist- 
ing within the twenty-eight constellations. 

The North Star is believed to be the unchang- 
ing area of Heaven, from which the Heavenly or- 
der began (often called the Axis of the Vault of 
Heaven), and so it was named The Divine Center 
of the Earth and Sun Cycles. It is also believed 
that from this star the entire universe expands 
outward. By placing the North Star in the center 
of a circle of the Heavens, the circle can be divided 
into four directions, each containing seven con- 
stellations that have a different color energy and 
sound frequency. 

In ancient China, the seven constellations 
were divided into four sections or directions 
(north, south, east, and west). In the region of the 
north was believed to exist the energy of the Tor- 
toise-Snake, in the south was the Red Phoenix, in 
the east was the Green Dragon, and in the west 
was the White Tiger. Each of these regions was 
further divided into twenty-eight constellations 
or posts (xiu). 

According to traditional Chinese belief, the 
moon travels twenty-eight days from west to east, 
resting at each post as it circles the Earth. In other 
words, the twenty-eight days are further divided 
into twenty-eight regions which are courier sta- 
tions or travelling houses for the moon. 

It was further believed that the Pole Star axis 
stemming from the North Star traveled down- 
ward from the center of Heaven, connecting with 
the Earth’s center core (through the north and 
south poles). The north pole was regarded as the 
peak (or Baihui) of the Earth, and was believed to 
be comprised of seven stars (making it a fifth con- 
stellation). The energies of each of the four ani- 
mals and their seven constellations moved around 
the Earth’s central Pole creating the Five Elemen- 
tal changes in weather (see Chapter 11). If the 
weather changes progressed in their expected or- 
der, they were considered normal; however, if the 
weather transition occurred either earlier or later 


than expected, the result was considered an envi- 
ronmental Evil Qi. 

Therefore, the ancient Chinese believed that one 
could predict the changes of weather by studying 
the interrelationships between the Five Elements 
and the cycles of the sun, moon, Polaris, the Five 
Planets, and the twenty-eight constellations. 


THE ENERGY OF THE BIG DIPPER 

As the Earth orbits the sun, the angle at which 
the Big Dipper can be viewed changes on a daily, 
monthly, and yearly basis (Figure 11.31). These 
changing angles correspond to the different cycles 
of the moon as they are arranged in the Twelve 
Earthly Branches and repeat themselves after com- 
pleting an orbit (360° rotation of twelve moon 
cycles). These twelve lunar cycles determine the 
twelve seasonal periods (Figure 11.32). The begin- 
ning part of each month marks the beginning of 
the seasonal periods of the Twelve Earthly 
Branches and the beginning of the energy cycle 
of that month. When the Big Dipper points in the 
direction of the “lunar month,” facing the direc- 
tion of the Big Dipper will invigorate the 
practitioner’s energy. The Big Dipper is related to 
the energetic transformations of germinating, be- 
ginning, and growing. 

There are three kinds of practice centered 
around the Big Dipper: 

1. The first consists of invoking its power for 
protection; 

2. The second consists of ascending into it and 
pacing its rotation; 

3. The third involves gathering the star’s essence 
or star cream into the body. 

In ancient times, the Big Dipper was consid- 
ered the bridge between the energies of the sun 
and the moon, and the source of “10,000 things.” 
The sun and moon are considered a bipolar en- 
ergy field, whereas the Big Dipper is considered 
unipolar. 

The sun corresponds to the Heart and Fire 
energy, which is related to the front area of the 
body. The moon corresponds to the Kidneys and 
Water energy, which is related to the back area of 
the body. The Big Dipper corresponds to the 
Spleen, which is related to the Taiji Pole. 
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Figure 11.31. The handle of the Big Dipper can be used to determine the season: (1) in winter, the handle points 
to the northern horizon, (2) in spring, the handle points to the eastem horizon, (3) in summer, the handle points to 
the southem horizon, and (4) in fall, the handle points to the western horizon. The North Star is positioned in the 
center of the diagram. 
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Figure 11.32. The beginning of the seasonal periods of the Twelve Earthly Branches and the twelve moon cycles 
is determined by the angle of the Big Dipper. 
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Figure 11.33. The Big Dipper is considered a reservoir of heavenly energy, collecting Qi from all of the other stars 


and constellations as it moves through the sky. 


THE STARS OF THE Bic DIPPER 

The Big Dipper represents the foundational 
base for the Gate of Access in Chinese mysticism, 
which is considered the spiritual passageway be- 
tween life and death. Through this gate the indi- 
vidual may obtain knowledge and insight con- 
cerning past, present and future events. 

The energy from the stars of the Big Dipper is 
used to balance the body’s Five Agents (stored 
within the body’s Five Yin Organs) and can be ar- 
ranged internally to enhance internal perception 
of time and space (Figure 11.33). 

One example used in ancient China for invok- 
ing the powerful protection of the Big Dipper en- 
ergy is for the Qigong doctor to cover himself - or 
herself - with the stars of the Big Dipper by visu- 
alizing the stars descending and arranging them- 
selves in a specific order around the doctor’s body 
The stars can be arranged in four ways: 

¢ above the doctor’s head, 

¢ in front of or behind the doctor’s body, 

¢ placed within the doctor’s Three Dantians, or 
¢ placed with the bowl of the Dipper in the 

Lower Dantian and the handle along the 

spine. 
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The doctor imagines placing the stars of the 
Big Dipper into the center of his or her body. The 
star’s energetic function is to govern the front, 
back, right, and left of the body, thus regulating 
the doctor’s Yin and Yang energy. The star’s ener- 
getic function can also be used for absorbing en- 
ergy from the four seasons into the doctor’s body. 

The stars of the Big Dipper are also consid- 
ered responsible for opening the Seven Orifices 
of the embryo’s body and for giving the embryo 
life. These stars also correspond to the Nine Cham- 
bers in the Three Dantians. Usually, meditations 
dealing with gathering energy from the sun and 
moon are followed by meditations involving the 
Big Dipper to further stimulate and energize the 
body’s energetic fields. 


THE FIRST FIVE PLANETS 

The five planets (Saturn, Jupiter, Mars, Venus, 
and Mercury) are responsible for the internal Yin 
organ energy formation within the body during 
fetal development. These planets are the focus of 
several Qigong meditations because of their con- 
nection to color resonations within each internal 
Yin organ. 
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1. Of the first five planets in our solar system, 
Saturn is coupled with Earth and is consid- 
ered the central force of planetary energy. It 
takes twenty-eight years for Saturn to make a 
complete revolution around the sun. Each 
year, when Saturn enters into another constel- 
lation, it is called “Saturn holding authority 
over that constellation for one year.” 

Saturn’s position in the sky relates to the 

Taiji Pole. The planet Saturn represents the 

Stomach and Spleen (Earth Element) and 

emits a golden-yellow light energy. 

2. Jupiter represents the easterly direction and 
the Liver (Wood Element), it emits a green 
light energy; its position relates to the left side 
of the Taiji Pole. 

3. Mars represents the southerly direction and 
the Heart (Fire Element). It emits a red light 
energy and relates to the front side of the Taiji 
Pole. 

4. Venus represents the westerly direction and 
the Lungs (Metal Element). It emits a white 
light energy and relates to the right side of 
the Taiji Pole. 

5. Mercury represents the northerly direction 
and the Kidneys (Water Element). It emits a 
dark blue/ indigo light energy and relates to 
the back side of the Taiji Pole. 

GATHERING ENERGY FROM THE FIVE 
PLANETS 

To absorb energy from the five planets, start 
by quieting your mind while standing in a Wuji 
posture and facing the direction of the Big Dip- 
per. Visualize yourself absorbing the energetic 
essence and color of each planet, one by one, into 
your body, filling each organ’s entire Orb (the or- 
gans complete system, channels and tissues). 
Imagine filling the body with each planet's Heav- 
enly energy from the top of your head, through 
the center Thrusting Channels. 

Begin with the energy of Satum, imagine it 
flowing into and filling your body through the 
Taiji Pole. Next, imagine the energy of Mars flow- 
ing into your front Center Thrusting Channel. 
Now imagine the energy of Mercury filling your 
body through the back Center Thrusting Chan- 
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nel, Venus’s energy filling the body by descend- 
ing into the right Center Thrusting Channel, and 
Jupiter’s energy filling the body by flowing into 
the left Center Thrusting Channel. Gather the en- 
ergy from their corresponding Orbs and lead the 
Qi downward into the Lower Dantian. After col- 
lecting and storing the Heavenly Qi, end the medi- 
tation with the Fire Cycle of the Microcosmic Or- 
bit meditation. 

THE TWENTY-EIGHT CONSTELLATIONS 

Since the year 2000 B.C., the ancient Chinese 
Qigong Masters observed and used the move- 
ments and energy of the twenty-eight constella- 
tions, the sun and moon, and the first five planets 
with the Chinese zodiac, to forecast auspicious 
times for matters of state and war, and to predict 
weather and natural disasters. Each of these en- 
ergetic systems has its own cyclic pattern as well 
as a direct and indirect influence on human life. 

The Chinese practised gathering energy from 
the Heavenly stars, believing that the study of as- 
trology, like alchemy, united the body's inner 
world with that of the outer. According to ancient 
divination practices, the celestial bodies exert 
forces and exhibit personalities that influence 
people and events on Earth. A person’s character 
and destiny throughout life is based upon the po- 
sitions of the planets and constellations at the ex- 
act time and place of birth. These influences can 
be determined by mapping the positions of the 
twenty-eight constellations in the sky at various 
times. 

So important was this belief, that in ancient 
China, the Emperor was considered the high priest 
of the Heavens and frequently made sacrifices to 
the stars to maintain harmony with the universe. 
The four corners of the Emperor’s palace repre- 
sented the cardinal points in space (the equinoxes 
and solstices), and he and his family would move 
from one comer to another as the seasons changed. 
GATHERING ENERGY FROM THE 
CONSTELLATIONS 

At night time, when the moon is not suitable 
for absorbing Qi (new moon), the Qigong doctor 
can absorb the energy of the twenty-eight constel- 
lations into his or her body. 


231 


SECTION 2: THE THREE TREASURES: HEAVEN, EARTH, AND MAN 


The energy of all five planets and twenty- 
eight constellations can be drawn into the body’s 
internal organs and tissues through the five ener- 
getic Thrusting Channels which envelop and sup- 
port the body’s Taiji Pole. These Channels flow 
through the center of the doctor’s body, connect- 
ing the top of the head to the perineum. 

Externally, the twenty-eight day constellation 
cycle can be arranged externally on the body’s 
Governing and Conception Vessels. The “eclip- 
tic’ path of the sun follows the Fire Cycle of the 
Microcosmic Orbit, which correlates to the 
individual’s emotional/ mental and physical 
health. 

There are several meditations used in order 
to absorb the energy of the five planets and 
twenty-eight constellations into the doctor’s body; 
one of which is known as The Heavenly Five Yin 
Organ Meditation. 

HEAVENLY FIVE YIN ORGAN MEDITATION 
(TIAN Wu ZANG) 

This meditation is very popular in China. It 
focuses on fusing the energy from the five plan- 
ets and the constellations into the body through 
the Five Thrusting Channels that surround the 
core center of the body’s Taiji Pole. These Five 
Thrusting Channels should not to be confused 
with the TCM perspective of the Five Thrusting 
Vessels (as seen in Figure 11.34). Each of these Five 
Thrusting Channels relates to a specific organ en- 
ergy and element (Figure 11.35). 

When practicing this meditation and gather- 
ing the energy from the stars, it is important to 
first absorb the energy into the Five Thrusting 
Channels, then spiral the energy in a clockwise 
downward and counterclockwise upward direc- 
tion through the body’s Taiji Pole. This spiralling 
action allows the energy to balance itself and sta- 
bilizes the body’s internal organs (Figure 11.36). 

In order to perform the Heavenly Five Yin 
Organ Meditation and gather the Qi of the twenty- 
eight constellations, assume a Wuji posture, with 
your arms suspended by your sides. Face the di- 
rection of the North Star and Big Dipper (Figure 
11.37). This exercise is performed for thirty-six 
breaths in each direction. 
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Figure 11.34. The Thrusting Vessels 


. To begin, imagine golden energy pouring out 


of the Big Dipper and flowing into the center 
of the Baihui area, at the top of your head. As 
you inhale, this golden energy fills the center 
core of your body, and flows into the extremi- 
ties. As you exhale, this golden energy gath- 
ers into your Spleen. 


. Next, imagine drawing ina red energetic mist 


from the seven constellations in front of your 
body. This red mist flows into your body from 
the front side of the Baihui area, filling your 
entire body as you inhale. As you exhale, the 
energy coalesces into your Heart. 


. Now focus your attention on the back of your 


body. Inhale and imagine drawing in the dark 
blue energy from the seven constellations be- 
hind you into the back side of the Baihui area, 
filling your entire body as you inhale. This 
energy gathers into and fills the Kidneys as 
you exhale. 


. Next, focus on the right side of your body and 


imagine drawing in white energy from the 





Top of Head 





Water 


Figure 11.35. Each of the Center Thrusting Channels 
relates to a specific organ energy and element. Each 
channel has its own entry point that is positioned either 
on the top of the head, or on the base of the perineum. 
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Figure 11.36. The body’s Yuan Spirit is stored within 
the body’s Five Yin Organs. The placement of the Five 
Energetic Houses is maintained throughout many 
Medical Qigong meditations and is used to tonify, 
strengthen, extend, and project the body’s Shen. 
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Figure 11.37. The energy of the Twenty-Eight Constellation Stars is absorbed into the body through the same 
structural pattern as the placement of the Five Energetic Houses of the body's Shen. 
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seven constellations to your right into the 
right side of the Baihui area, filling your en- 
tire body as you inhale. This energy gathers 
and fills the Lungs as you exhale. 

5. Finally, focus your attention on the left side 
of your body and imagine drawing in green 
energy from the seven constellations on your 
left into the left side of the Baihui area, filling 
your entire body as you inhale. This energy 
gathers and fills the Liver as you exhale. 


EARTHLY BRANCHES, HEAVENLY 
STEMS, AND NINE PALACES 

There are many relationships between the 
macrocosm and the microcosm of man, through 
the Twelve Earthly Branches, the Ten Heavenly 
Stems, and the Nine Palaces outlined in the Chi- 
nese Classics on Internal Medicine. The Twelve 
Earthly Branches are Earth energies and are rep- 
resented in Man as the Twelve Primary Channels. 
The Ten Heavenly Stems relate to the energies of 
Heaven and are represented in man as the Yin and 
Yang aspects of the Five Element organs of Wood, 
Fire, Earth, Metal, and Water (as seen in Figure 
11.38). The Nine Palaces are related to the Eight 
Extraordinary Vessels (corresponding with the 
Eight Postheaven Trigrams) in addition to the 
body’s energetic Taiji Pole. 

The Twelve Earthly Branches, Ten Heavenly 
Stems, and the Nine Palaces are interwoven into 
almost all aspects of Chinese culture, arts and 
medicine. In Chinese divination, as well as Chi- 
nese medicine, the temporal cycles of the Earthly 
Branches and Heavenly Stems form the founda- 
tion for these practices. They can be used to ex- 
plain the physiology, pathology, diagnosis, and 
treatment of each clinical case. For each year, 
month, day, and hour there is a Stem and Branch 
association. By studying the Stem and Branch as- 
sociation, the Qigong doctor can identify patterns 
(.e., determine the cycles and diagnose the pat- 
terns of the patient’s disharmony) and design 
treatment protocols, depending on the time of year 
and the time of day. 

The yearly cycles of the Stems and Branches 
are based on a sixty-year cycle, when the sun, 
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Figure 11.38. The Five Element Chart and Its 
Relationship to the Ten Celestial Stems 





moon, Earth, and North Star are aligned (Figure 
11.39). The last sixty-year cycle began in 1984. The 
exact origin of the Ten Heavenly Stems and Twelve 
Earthly Branches is not known. They were used, 
however, to mark the hours, days, years, and plan- 
etary cycles as early as 1500 to 2000 B.C. Some 
historians attribute their origin to the legendary 
emperor Huang-Di (as early as 2600 B.C.). Each 
cycle was regarded by the Chinese as being a “cen- 
tury” in the life span of the average man. Those 
who lived past the age of sixty were regarded as 
living a “second life.” During this second life, the 
person would experience similar occurrences as 
in the “first life,” but would be able to apply the 
wisdom and maturity gained from his or her first 
life. The individual can then further his or her 
spiritual growth and use the knowledge to ben- 
efit society as a whole. 

The twelve animals of the Chinese zodiac cor- 
relate with the Twelve Earthly Branches and are 
arranged as follows. 

* Zi branch corresponds to the Rat 
* Chou to the Ox 

¢ Yin to the Tiger 

* Mao to the Rabbit 
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Pole Star 


Figure 11.39. The beginning of the sixty-year cycle is based on the alignment of the sun, moon, earth, and North 


Star. 





¢ Chen to the Dragon 
¢ Si to the Snake 

¢ Wu to the Horse 

¢ Wei to the Sheep 

¢ Shen to the Monkey 
* You to the Rooster 
* Xu to the Dog 

¢ Hai to the Boar 

The first year of the sixty-year cycle is associ- 
ated with the first Branch and the first Stem. The 
first Branch, “Zi,” corresponds with the Rat; the 
first Stem, Chia, corresponds with the element 
Wood. Thus, the first year of the sixty-year cycle 
is the year of the Wood Rat in Chinese astrology. 

The second year of the cycle represents the 
second Branch and second Stem, and so on, When 
you reach the 11th Branch, there are no more Stems 
and, thus, the 11th year of the cycle represents the 
eleventh Branch and the first Stem. The cycle con- 
tinues in this manner until it has transitioned 
through six cycles of Stems and five cycles of 
Branches and returns to the first Branch and first 
Stem paired together. 

Figure 11.40 shows these yearly cycles; for ex- 
ample, 1997 was the year of the Fire/Ox, so the 
year 1998 is the year of the Earth/ Tiger. 

The Ten Heavenly Stems represent Yang, and 
the higher form of Heaven’s vitality (Figure 11.41). 


The Twelve Earthly Branches represent Yin and 
the lower form of Earth’s vitality (Figure 11.42), 
Together they manifest the transformation of all 
natural events expressed through the growing, 
thriving, declining, and dying of all living things. 
1, Each lunar year the Earthly Branch time divi- 
sions are divided into 12 separate month di- 
visions. 
2. Each day is divided into 12 two-hour Earthly 
Branch time divisions during a 24-hour cycle. 


SUMMARY 

In comprehending the energetic potential of 
the Three Treasures of Heaven, the Qigong doc- 
tor evaluates the patient's condition and treats the 
disease according to the patient’s energetic rhythm 
and flow, which is blended with the Heavenly and 
Earthly energies. The treatment also includes pre- 
scribing homework (the Medical Qigong prescrip- 
tions needed to support and maintain the doctor’s 
treatments). 

Although mankind is terrestrial, there can be 
no separation from the influence of the celestial. 
For mankind is born on Earth in physical form, 
created through the integration of both celestial 
(Heavenly) and terrestrial (Earthly) energies. Ac- 
cording to statements recorded in the Canon of In- 
ternal Medicine, ancient doctors had already rec- 
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Yearly Correspondences 
of Stems and Branches 





Figure 11.40. The asterisk (*) shows the year 1997, which was the year of Fire/Ox. Each year, one of the twelve 
animals of the Chinese zodiac flourishes and brings its energy into action. Every two years, a new Element (Fire, 
Wood, Water, Earth, Metal) dominates in the cycle of creation. The chart moves clockwise, so 1998: was the year 
of Earth/Tiger. 
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Figure 11.41. Environmental Energetic Interactions of the Twelve Earthly Branches 








ognized the close relationship between the body’s 
Qi and Blood and the influences of the natural en- 
vironment. In ancient China, the Twelve Earthly 
Branches represented time units, each of them 
corresponding to a two-hour period. They are 
primarily used to represent the 12 months in the 
Lunar Calendar. 

The Ten Heavenly Stems are made up of the 
Five Elements, each of which is divided into pairs 
of corresponding Yin and Yang, resulting in a ten- 
step system of numerology. Using the Ten Heav- 
enly Stems allows the Qigong doctor to determine 
the ebb and flow of the Qi of Heaven and its cor- 





responding relationship to the Qi of Man. 

Both the Ten Heavenly Branches and Twelve 
Earthly Stems represent the characteristics of 
growing, thriving, declining, and dying of all liv- 
ing things in the universe, as well as the develop- 
ment and transformation of all natural phenom- 
ena. 
The energy of the Ten Heavenly Stems can be 
observed within five energetic movements (front, 
back, right, left, and center), as well as within the 
elemental energy of the body’s major internal or- 
gans. 
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CHAPTER 12 


THE THREE TREASURES OF EARTH: 


EARTH, WATER, AND WIND 


INTRODUCTION TO THE THREE 
TREASURES OF EARTH 

The Outer Force (Power) of Earth’s Three 
Treasures consists of the Yin and Yang interaction 
of energy and light, emitted, absorbed, and re- 
flected back from the land, water, and wind. The 
Three Earthly Treasures are brought about by the 
waxing and waning of the five Yin and Yang cli- 
matic transformations (the five seasonal growth 
cycles), which in turn are caused by the sun, moon, 
and stars. Each seasonal change brings a life trans- 
forming gift that affects the mind, body, emotions, 
and spirit (Figure 12.1). The wind (weather) re- 
flects the various conditions and transformations 
of energy in the sky, and is viewed as an Earthly 
manifestation of Heaven’s moods. 

1. Earth Qi consists of the Yin and Yang interac- 
tions of energy and light, manifesting as hot 
and cold energy originating from the Earth's 
surface. 
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2. Water Qi consists of the Yin and Yang interac- 
tions of energy and light, manifesting as hot 
and cold energy originating from the vast 
oceans, lakes, and rivers of the world. 
3. Wind Qi consists of the Yin and Yang interac- 
tions of energy and light, manifesting as hot 
and cold air circulation created from the in- 
teraction of the sun’s heat on the surface of 
the planet. This interaction includes all cloud 
and barometric pressure formations (e.g., tor- 
nadoes, hurricanes, lightning storms, etc.). 
UNDERSTANDING HEAT AND LIGHT 
INTERACTIONS 

Heat and light are manifested both externally 
on and from the Earth’s surface, and internally 
within the Earth. 

1. Externally, the greater the intensity of the 
sun’s light absorbed into the surface of the 
Earth, the more heat is manifested from the 
Earth’s surface. Cloudy days diminish the 
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Figure 12.1. The Natural Earthly Transitions 
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sun’s thermal interaction and tend to bring 

coolness. 

2. Internally, heat and light, as well as other natu- 
ral forces, are contained within the Earth it- 
self. The sun’s intense energetic fields draw 
the heat and light from within Earth, which 
are then reflected back to the Earth by the at- 
mosphere. 

The Earth’s air extends only a comparatively 
short distance out from the Earth’s surface, and 
the effects of the heat rays decrease as you leave 
the Earth's surface and ascend toward the outer 
regions of the atmosphere. As the air becomes less 
dense, there is less reflection. The higher you as- 
cend, the cooler the air becomes, When you have 
reached the limit of air, you have reached the limit 
of the Earth’s heat. 

The heat and light form a protective energetic 
field around the Earth’s surface similar to the 
body’s Wei Qi field. Once you have reached the 
limit of heat and light, you reach what is called 
the Great Cold. This cold is considered far more 
solid than steel, and it presses down upon the 
Earth’s energetic field and atmosphere with an 
almost irresistible force, holding them together. 
UNDERSTANDING THE EARTH’S YIN AND YANG 
INTERACTIONS 

Between Heaven and Earth there is an on-go- 
ing interaction of Yin and Yang energy exchange. 
When the Earth Qi is in balance, plants grow and 
animals thrive. Power, in the form of energetic 
fields, is created by the integration of Yin and 
Yang. This power directly and indirectly affects 
the body’s electromagnetic field, as well as the 
regulation and formation of the body's tissues. 
Visualize the Earth's energy as Qi resonating and 
emitting from the Earth itself. This energy includes 
the electromagnetic fields, subterranean radia- 
tions, and thermoluminescence (light and heat 
emitting from the center of the Earth). 

The closer the Qigong doctor bonds physi- 
cally, mentally, emotionally, and spiritually with 
the Earth and nature, the easier it is to tap into the 
Earth’s energy and vibration. The development 
of Earth Qi in the body and the body’s connec- 
tion to the energy of the Earth are mutually sup- 
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portive. The first step in internal cultivation in- 
volves focusing the mind on the Lower Dantian 
(with the aid of breathing techniques) to enhance 
the mind-body connection; this interactive con- 
nection develops a relationship with the Earth Qi. 


GATHERING ENERGY FROM THE 
EARTH’S ENERGETIC FIELDS 

The ability to gather energy from nature and 
the environment is extremely important to the 
Qigong doctor. The energy of the Earth stays 
within the structural components of the planet, 
flowing like mighty rivers of Qi. It is absorbed inte 
the terrain and vegetation, as well as the water 
that we drink. Environmental Qi is specific to each 
geographic area. It is the energy that has been col- 
lected from the structural components of the Earth 
itself (i.¢., soil, fields, deserts, plants, trees, forests, 
mountains, streams, rivers, lakes and oceans, etc. ). 
The energetic potential of the Earth’s Qi changes 
from Yang to Yin energy with the rising and set- 
ting of the sun, and therefore directly affects the 
environmental energy. 

Although food and water are excellent sources 
for gathering energy, the Qigong doctor cannot 
continually ingest food, or drink herbal teas while 
treating patients, without overtaxing his or her di- 
gestive system. It is, therefore, important for the 
doctor to find an alternative source of energy, to 
replenish his or her system once it becomes de- 
pleted. By studying the waxing and waning of the 
Earth’s Yin and Yang energies the doctor can op- 
timize the absorption of Yin and Yang energy. 


TECHNIQUES FOR CULTIVATING 
EARTH Ql 

Generally, several meditations are used to cul- 
tivate and absorb energy from the Earth by utiliz- 
ing the energy of trees, bushes, flowers, lakes, etc. 
The primary objective of these meditations is to first 
cleanse the body of pathogenic factors, then culti- 
vate and absorb the environmental Qi to replenish 
the body’s energetic field. Practitioners and patients 
should visualize themselves immersed ina focused 
environmental field of energy, filled with its vibra- 
tion, color, and light. They should allow this ener- 
gized field to envelop their entire body. 


CLEANSING THE Bopy 

One of the most popular cleansing techniques 
used in the Xi Yuan Hospital’s Qigong Clinics 
begins from a lying, sitting, or standing posture 
(usually in a Wuji posture) while in front of a natu- 
ral object, such as a tree. 

To cleanse the body’s energy, extend both 
hands towards the tree, as if to embrace it (it does 
not matter if the tree is actually being touched). 
Upon inhalation, begin to guide the energy from 
the tree into your torso through the Laogong (Pc- 
8) points at the center of your palms, and the 
Baihui (GV-20) point at the top of your head. Ab- 
sorb this energy deep into your body. Once you 
feel that the body is fully saturated with Qi, ex- 
hale through the mouth and guide the Turbid Qi 
down the legs and out of the body through the 
Yongquan (Kd-1) points at the bottom of the feet. 
Continue to guide the Turbid Qi down through 
the Earth into the root system of the tree. Then 
inhale through the nose, as you absorb the puri- 
fied energy from the upper part of the tree lead- 
ing it down your body through the top of your 
head. Continue this process until you feel totally 
cleansed. Remember to synchronize breathing in 
through your nose as you focus on absorbing the 
Earth Qi, and to exhale through the mouth, as you 
focus on dispersing and releasing the Turbid Qi. 

For tonification, extend your Qi and intention 
deep into the root system of the tree and imagine 
absorbing its natural energy through the Baihui 
point at the top of your head (Figure 12.2). 


GATHERING QI FROM TREES, BUSHES, 
AND FLOWERS 

Earth Qi and environmental energy saturate 
all types of foliage, allowing the Qigong doctor to 
select, gather, and absorb Qi from many botani- 
cal sources. Throughout history, the Chinese have 
used trees, bushes, and flowers for healing and 
medicine. Trees and plants absorb air, light, en- 
ergy, water, and minerals. When Heavenly Qi is 
combined together with the environmental energy 
of the tree or plant, the result is a powerful 
invigorating energy source. 

In China, I noted that every Medical Qigong 
clinic I visited had its own garden. Each garden 
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Figure 12.2. A Qigong doctor can extend Qi and intention 
deep into the root system of the tree and absorb its 
natural energy through the Baihui point at the top of the 
doctor’s head. 





was full of healthy trees, bushes, and beautiful 
flowers from which the patients could draw en- 
ergy. The patients could choose from different 
plants and bushes, each type of foliage having its 
own unique strengths and benefits. Any combi- 
nation of healthy plant energies can be absorbed 
by the patients to improve their health. 

The best time for absorbing energy from trees, 
bushes, and flowers is between the hours of sun- 
rise (Mao: 5 - 7 am.) and noon (Wu: 11 a.m. - 1 
p-m.). 

It is important to note that, within the differ- 
ing regions of a specific country, each type of tree 
and plant will have either minor or major vari- 
ances regarding its energetic potential. This dif- 
ference in energetic potential is due to the diverse 
environmental influences affecting each plant. We 
in the West, for example, have many different va- 
rieties of plants and trees similar to those in Asia, 
however, because of the energetic continental dif- 
ferences, the quality and quantity of Qi in each 
plant or herb can vary. This energetic difference 
is brought about by the various Qi fields produced 
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by each region’s altitude, the mineral content of 
the soil and water, and the amount of exposure to 
the energy of the sun. Even herbs of the same 
name, but grown in different countries, can have 
different affects on the body’s energetic system, 
slightly altering their clinical potential (e.g., 
American Ginseng is sweet, slightly bitter and 
cold, and enters the body affecting the Heart, Lung 
and Kidney Channels; Siberian Ginseng is sweet, 
slightly bitter and slightly warm, and enters the 
body affecting the Lung and Spleen Channels). 


GATHERING ENERGY FROM TREES 

Trees are tremendously powerful plants and 
are commonly used by both doctors and patients 
to absorb and transform the negative pathogenic 
Qi into clean, healthy, life-giving energy. Pine trees 
tend to be one of the most powerful, as they radi- 
ate a great deal of Qi. Once an individual has con- 
nected with a tree, the primary goal is to: 

1, remove stagnation from the channels, 

2, tonify the internal organs, 

3. stabilize and replenish any depleted energy 
within the body, 

4, nourish the Blood, and 

5. strengthen the nervous system. 

The following is a brief description of vari- 
ous trees, their Yin or Yang potential, and their 
energetic affect on the body’s intemal organ sys- 
tem: 

¢ Apple - slightly Yin - St and Sp 

¢ Bamboo - Yin - Ht, Lu, GB, and St 

¢ Birch - Yin - St 

¢ Cassia (Cinnamon) - Yang - Sp, Kd, and Bl 
¢ Cherry - Yang - Lv, Lu, Kd, and St 

¢ Chestnut - Yang - Sp, St, and Kd 

* Cranapple - neutral - Lv, Lu, and Ht 

¢ Elm - neutral - St, SI, and LI 

¢ Fig - neutral - Lu, LI, and Sp 

¢ Ginkgo - neutral - Lu, Kd, and Ht 

« Hawthorn - slightly Yang - Sp, St, Lu, and LI 
¢ Magnolia - Yang - Lu, St, GB, LI, and Sp 

* Maple - neutral - Sp, Kd, and LI 

® Mulberry - Yin - Lu, LI, Sp, and Kd 

* Oak - slightly Yang - LI, Sp, Kd, and Ht 

¢ Pine - Yang - Ht, Lu, LI, and Kd 

® Willow - Yin - Ht and Sp 
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GATHERING ENERGY FROM BUSHES 

Bushes are an extremely effective source for 
gathering and ingesting different forms of heal- 
ing energy. Similarly to trees, each bush has its 
own energetic properties and causes a specific re- 
action in the body’s energetic field. Bushes, how- 
ever, are not as powerful an energy source as trees 
for gathering massive quantities of Qi. 
GATHERING ENERGY FROM FLOWERS 

Flowers are unique in their effect on stimu- 
lating the nervous system. Different colors, 
shapes, and sizes can affect the emotions, causing 
the individual's spirit to open. Each color can be 
absorbed into the body in order to facilitate the 
stimulation of internal organ energy. The gift of 
flowers has had a long history in soothing emo- 
tional pain and bringing relief to patients. 
CULTIVATION AND REGULATION TECHNIQUES 

Techniques used in the Qigong clinics for cul- 
tivation, absorption and regulation of energy gen- 
erally begin by having the patient face a tree, bush, 
flower, etc. Although the hands and body postures 
are similar to the last meditation, the mind’s in- 
tention is quite different. In this meditation the 
patient absorbs Qi from the tree, by inhaling it 
through his left palm, to draw the energy into his 
body. The energy is guided down the patient’s 
chest, into his or her Lower Dantian. From there 
the patient circulates this gathered energy through 
his or her Microcosmic Orbit. As the patient ex- 
hales, the Qi exits the right palm into the tree, and 
begins the cycle again. This meditation is prac- 
ticed to replenish the body's energetic field. 

Patients should be monitored regularly to 
prevent Qi deviations, which may occur while ab- 
sorbing Qi through their pores. For best results, 
choose a quiet, safe, and healthy environment. 
Select trees, bushes, and flowers with a stable root, 
or thick trunks. The color is also very important, 
as the leaves and flowers should be bright, full, 
and healthy. 

Because the body’s internal energy matches 
that of the external environment, it is important 
to avoid selecting any area which is unpleasant 
or unhealthy. Avoid any tree, bush, or flower that 
is sick, dying, has lost its color, or has just been 


pruned. Using trees, bushes, or flowers for cleans- 
ing the body, as well as to absorb energy, is for- 
bidden at night, because their oxygen production 
diminishes after the sun has set. 


PRECAUTIONS 

It is important not to meditate in front of any 
tree, bush, or flower that has parasites, or has been 
poisoned or polluted, since such vegetation will 
induce an impure energetic resonation within the 
Qigong doctor’s body. 


GATHERING QI FROM MOUNTAINS, 
VALLEYS, AND DESERTS 

The mountains, valleys, and deserts absorb 
and release light, energy, and heat from the sun. 
These energies are absorbed and released from the 
structures of the land quicker than from the 
oceans, lakes, and streams. Environmental energy 
is also gathered and stored by the geological for- 
mations and local ecology. The ancient Chinese 
Qigong masters viewed the Earth as a living en- 
tity, with rivers and pockets of energy similar to 
that of the human body. Certain altitudes, densi- 
ties of colors, and structural formations can affect 
the Earth’s energetic potential. 
GATHERING ENERGY FROM MOUNTAINS 

Mountains are extremely powerful conduits 
of energy. They act as peak areas, or collection 
points for energy. The higher the mountain, the 
more the air is charged with electromagnetic po- 
tential. In ancient times, for prayer and medita- 
tion, Taoist and Buddhist temples, shrines, and 
caves were constructed on energetic pockets high 
within the mountains of China. In fact, all high, 
mountains that are far from human civilization 
are regarded as superior places for energetic cul- 
tivation, due to the clarity of light and extraordi- 
narily potent energies which include a very high 
negative ion count in the air. 
GATHERING ENERGY FROM VALLEYS 

The Earth’s valleys act as channels for Earth 
energy, collecting and carrying energy through- 
out the natural terrain. Systems of valleys extend 
through the plains, hills, and mountains, and gen- 
erally flow towards the ocean. By standing at the 
“floor” of the valley (surrounded by its walls), 
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energy can be easily absorbed into the body for 
cultivation. 
GATHERING ENERGY FROM DESERTS 

The deserts are considered seas of dry heat 
energy. They are excellent environments for medi- 
tations when used to gather Qi into the body, es- 
pecially for combating diseases pertaining to 
Wind, Cold, and Damp invasion (which give rise 
to many diseases). 

CULTIVATION TECHNIQUES 

Generally there are several meditations used 
to cultivate and absorb energy from mountains, 
valleys, and deserts. The primary objective of 
these meditations is either to cleanse the body of 
pathogenic factors, or to cultivate and absorb Qi. 
When cultivating energy from mountains, valleys, 
or deserts, practitioners should visualize them- 
selves immersed in the Earth’s field of energy, 
filled with vibration, color, and light. The practi- 
tioners should allow this energized field of Earth 
Qi to envelop them completely. 

For best results, select mountains, valleys, and 
deserts with a stable foundation. The color is also 
very important, as the Earth, soil, rocks, and sur- 
rounding area should be clean. 

Also, there are certain locations on the planet 
known as “power spots” which can produce re- 
markably powerful effects in the body’s energetic 
fields. 

Patients should be monitored regularly in or- 
der to prevent Qi deviations, which may occur 
while absorbing Qi through their pores. 
PRECAUTIONS 

Because the body’s internal energy matches 
that of the external environment, it is important 
not to meditate in front of any mountain, valley, 
or desert area that has eroded, is dying, has lost 
its color, or is polluted. Also prohibited are areas 
where there is ongoing seismic, or volcanic activ- 
ity, as such areas will induce unstable resonation 
within the Qigong doctor’s body. 


GATHERING QI FROM OCEANS, 
LAKES, AND STREAMS 

The oceans, lakes, and streams retain and re- 
lease the sun’s light, energy, and heat slowly and 
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are, therefore, important in energy cultivation. The 
body instantly absorbs the light, energy, and reso- 
nant vibrations stored within water. Energized 
water (sometimes in the form of herbal teas) is 
often used by Qigong doctors in clinics through- 
out China. This energetically transformed water 
provides the patient’s body with the basic com- 
ponents necessary for restoration and regenera- 
tion, and is considered the “elixir of life” by many 
Qigong doctors. 
GATHERING ENERGY FROM OCEANS 

The energy from the ocean has a strong cleans- 
ing and purifying effect on the body’s Qi. Medi- 
tating by the ocean is used extensively for dispers- 
ing negative emotions and regulating the body's 
internal organs. The active rhythm and sound of 
the waves allows the patient to harmonize his or 
her internal energetic rhythms with that of the 
tide, thus quieting the nervous system. 


GATHERING ENERGY FROM LAKES 

The energy from a lake has a strong calming 
affect on the body’s energetic field. The quiescent 
solitude of a lake can be used to sedate active 
emotions, balance any Excess or Deficiency, and 
calm the body’s Shen. 


GATHERING ENERGY FROM STREAMS 

The energy of a stream can be used to replen- 
ish and restore depleted Qi, sedate active emo- 
tions, balance any Excess or Deficiency, and also 
to calm the body’s Shen. 


CULTIVATION TECHNIQUES 

Generally there are several meditations used 
to cultivate and absorb energy from oceans, lakes, 
and streams. The primary objective of these medi- 
tations is to either cleanse the body of pathogenic 
factors, or cultivate and absorb Qi to replenish the 
body’s energetic field. When cultivating energy 
from oceans, lakes, or rivers, patients should vi- 
sualize themselves imumersed in a pool of water, 
filled with energy, color, and light. The patient 
should allow this energized water to absorb, 
cleanse, and invigorate the entire body. 

Patients should be monitored regularly to 
prevent Qi deviations, which may occur while 
they are absorbing Qi through their pores. For best 
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results, select oceans, lakes, and streams with a 
calm, stable current. The color is also very impor- 
tant, it should be clear and clean. The water and 
the surrounding areas should also be clean. 


PRECAUTIONS 

Because the body‘s internal energy matches 
that of the external environment, it is important 
to avoid selecting any oceans, lakes, or streams 
that are turbulent, have become dull in color, pol- 
luted, or stagnant. 


GATHERING QI FROM THE SIX 
DIRECTIONS 

Absorbing Qi from the six directions (Heaven, 
Earth, and the Four Winds), focuses on gathering 
environmental energy into the center core of the 
body (Taiji Pole) from: Heaven, Earth, and the four 
directions: South corresponds to the front of the 
body, North to the back of the body, West to the 
right of the body, and East to the left of the body. 
The Taiji Pole is considered the central axis, with 
two directions, above and below. This is a 
tonification exercise that is used for gathering and 
absorbing the Earth’s environmental Qi, to ener- 
gize a weakened or Deficient condition. 


CULTIVATION TECHNIQUES 

There are several meditations used to culti- 
vate and absorb energy from the four directions 
of the horizon, with the fifth and sixth directions 
being at the top and bottom of the Taiji Pole. The 
primary objective of these meditations is to first 
cleanse the body of pathogenic factors, then to cul- 
tivate and absorb environmental Qi. Each direc- 
tion of energy (N, S, E, W, Heaven, and Earth) has 
its own unique field of power and vibration, and 
is assigned a specific color. Each vibration and 
color stimulates the energy field of one of the five 
major Yin organs through the body’s Heaven and 
Earth connection (i.e., the Taiji Pole). 

When cultivating energy from the horizon, 
practitioners should face the direction of the south 
and visualize themselves surrounded in an ener- 
getic mist. This mist contains six different colors 
and light vibrations. From the four directions (N, 
S, .E, and W) emanate the corresponding follow- 
ing four colors: ruby red, brilliant white, indigo 


and emerald green. Each of these colors are asso- 
ciated with a particular Yin organ: ruby red with 
the Heart, brilliant white with the Lungs, indigo 
with the Kidneys, and emerald green with the 
Liver. From the Earth itself arises a golden yellow 
mist; this color is associated with the Spleen. From 
Heaven descends a silvery white mist entering the 
body at the top of the head; this color is associ- 
ated with the Taiji Pole. These six different col- 
ored mists permeate and envelop the body with 
their healing light vibrations. 

To perform this meditation, stand in a Wuji 
posture as you visualize: 

1. Asilvery white mist descending from the cen- 
ter of the Heavens to penetrate and envelop 
your Taiji Pole. This silvery white mist enters 
your body through the top of the head at the 
Baihui (GV-20) point, and flows into and fills 
up the Taiji Pole, saturating and absorbing into 
your center core. 

2. Agolden yellow mist, ascending from the cen- 
ter of the Earth, entering the body through 
the bottom of your feet at Yongquan (Kd-1) 
points. This golden yellow mist saturates your 
Spleen as it penetrates and envelops your cen- 
ter core; 

3. Aruby red mist, flowing from the horizon in 
front of you enters your Heart, as it saturates 
and envelops the front of your body. 

4. Anindigo or dark blue mist flowing from the 
horizon behind you enters your Kidneys, as 
it saturates and envelops your back. 

5. A brilliant white mist flowing from the hori- 
zon on your right side enters your Lungs, as 
it saturates and envelops the right side of your 
body. 

6. An emerald green mist flowing from the ho- 
rizon on your left side enters your Liver, as it 
saturates and envelops the left side of your 
body. 

Patients should be monitored regularly to 
prevent Qi deviations which may occur while the 
patient is absorbing Qi through his or her pores. 
For best results while absorbing environmental Qi, 
the color of the energy should be clean, clear and 
bright. 


CHAPTER 12: THE THREE TREASURES OF EARTH 


PRECAUTIONS 

Because the body’s internal energy matches 
that of the external environment, it is important 
to avoid selecting any areas that are windy, tur- 
bulent, polluted, or stagnant. Also avoid cultivat- 
ing energy in storms, during hurricanes, swelter- 
ing heat, or blistering cold. Avoid any type of ex- 
treme weather condition. 


ADDITIONAL TECHNIQUES FOR 
TRAINING EARTH QI 

The following exercises at one time were se- 
cretly practiced throughout China, as a means for 
Medical Qigong doctors and Qigong masters to 
practice advanced methods of environmental en- 
ergy manipulation. The purpose of these Qigong 
exercises is to allow the doctors the chance to prac- 
tice connecting and infusing their energetic field 
with the environmental energetic field. 


PULLING CLOUDS OUT OF THE SKY 

This exercise requires the Qigong doctors to 
first root and imumerse themselves with the vibra- 
tional resonance of the Earth (this can be accom- 
plished by practicing the One through Ten Medi- 
tation, described in Chapter 26). Next, the doc- 
tors extend an energetic line from the Earth into 
the sky, connecting to and enveloping a specific 
cloud. Through focused intention, the doctors 
imagine sucking the cloud out of the sky and 
down into the Earth, rooting its energetic form into 
the Earth’s energetic field. As the cloud’s energy 
is absorbed into the Earth, it dissolves from the 
sky. 

Once the doctors have rooted the cloud into 
the Earth’s energetic field, they have two choices: 
either to release the cloud back into the sky by 
attaching its energetic form onto an already exist- 
ing cloud, or to allow the cloud to disperse into 
the energy of the surrounding environmental 
field. 


DIVIDING A CLOUD IN HALF 

After connecting and rooting into the Earth’s 
energetic field, the Qigong doctors extend their 
intention into the sky, connecting with a particu- 
lar cloud formation. Next, the doctors condense 
their upward intention, and like a laser beam, be- 
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gin dividing and separating the cloud into two 
halves. After the cloud has been divided into two 
separate formations, the doctors can either con- 
tinue to further divide and dissect the cloud or 
reconnect its structure. 


THE EARTHLY TREASURE OF FooD 

The Earth’s natural energetic forms and trans- 
formations affect the flow of the body's life-force 
energy. Food and water are examples of a natural 
form of Earth Qi, and are viewed as Earthly Trea- 
sures, Although the air we breath is representa- 
tive of Heaven Qi, due to the influence of envi- 
ronmental energetic fields, it is also viewed as an 
Earthly Treasure. The objective of self-cultivation 
work is to continually purify the energy within 
the Microcosm of Man, and increase the aware- 
ness of the pure energy within the Macrocosm of 
the universe. 

Because of its connection to the Earth’s Yin 
and Yang energy fields, the body’s life-force en- 
ergy can be replenished through the consumption 
of food and herbs. Both food and herbs have Yin 
or Yang properties which, when consumed, help 
the body in moving, tonifying, purging or regu- 
lating the life-force energy. 


UNDERSTANDING THE YIN OR YANG 
ASPECT OF FooD 

When trying to determine whether a food is 
more Yin or Yang, several characteristics should 
be evaluated. Yin foods take less time to grow, are 
more watery or wet, and are colder, and sweeter. 
Yang foods take more time to grow, are drier, hot- 
ter, and less sweet. The more Yin the food, the 
more expanded it will become (e.g., a pumpkin); 
the more Yang the food, the more contracted or 
dense it will become (e.g., a turnip). 

Diet directly influences the body’s ability to 
generate Qi. The body’s ability to effectively di- 
gest food plays a big part in how efficiently the 
body utilizes the nutrients it receives. 


UNDERSTANDING THE YIN OR YANG 
ASPECT OF HERBS 

Food is a powerful healing tool. Medicinal 
herbs are considered “special foods,” and are di- 


vided into Yin and Yang aspects throughout 
China. They are prescribed to be taken in soups 
(tang), teas, or as additives to other dishes; for ex- 
ample, Chinese Qigong doctors, as well as many 
martial arts masters, frequently drink herbal teas 
to help regulate their body’s energies during sea- 
sonal changes. The herbal teas are consumed ac- 
cording to the following sequence. 
1. The summer is considered the season of maxi- 
mum Yang; green herbal tea is drunk in order 
to cool down the body and regulate the inter- 
nal organ systems. 
2. The autumn is the season when Yin and Yang 
energies balance; however, the Yin energy is 
increasing, so flower tea is drunk to help sta- 
bilize the body’s Yin and Yang balance. 
3. The winter is considered the season of maxi- 
mum Yin; black or red tea is drunk to warm 
the body and regulate the internal organ sys- 
tems. 
4, The springtime is the season when Yin and 
Yang energies balance; however, the Yang en- 
ergy is increasing, so flower tea is drunk to 
help stabilize the body’s Yin and Yang balance. 
Teas are frequently prescribed for their par- 
ticular healing properties. Each herb has a spe- 
cific nature. Herbs that are considered Hot or 
Warm are used to treat Cold conditions, and herbs 
that are considered Cold or Cool are used to treat 
Hot conditions. Herbs are also categorized accord- 
ing to their flavor (sour, bitter, sweet, pungent, or 
salty) and are used to affect the body’s internal 
organ energy. Herbs help the Qi ascend or descend 
in order to purge or tonify an internal organ or 
channel. Herbs are also used in moving the Blood. 
Specific herbs are also chosen for prescription, 
based on the Differential Diagnosis according to 
the Eight Energetic Principles (see chapter 21), the 
Five Elements (see chapter 23), and the Six Stages 
(see chapter 24) theories . 

Generally, because all herbs have medical uses 
and contraindications, they are collected and di- 
vided into three categories: superior herbs - which 
consist of tonics, common herbs - which are 
slightly toxic, and inferior herbs - which are toxic. 
To gather herbs, the doctor must have an exten- 


sive knowledge of the environment (season, place, 
time, etc.), and the specific herb (roots, bark, 
leaves, flowers, fruits, etc.) The doctor must also 
possess the harvesting skill required for gather- 
ing the herb. Once the herbs have been gathered, 
the doctor must then begin the procedure of pro- 
cessing them. The process work is important as 
some herbs are poisonous and need to be detoxi- 
fied, while others have their properties enhanced 
through the extracting process. 


ENERGY, FOoD, AND DIET 

Many generations have asked the same ques- 
tion, “Is food medicine or medicine food?” An old 
Chinese proverb states, “To tonify with food is 
better than with medicine, but to tonify with Qi is 
better than food.” Several decades of nutritional, 
epidemiological, and clinical studies point to a 
powerful link between disease and dietary hab- 
its. 

For centuries, Chinese healers have studied 
food, discovering the properties of specific foods 
and the secrets of using them to achieve health 
and longevity, Chinese nutrition focuses on the 
energetic properties of food and their qualitative 
actions on the body as a whole, as well as their 
influences on the various internal organs and 
channels. Unless the patient eats correctly, Qigong, 
acupuncture, Chinese massage, and even herbal 
therapy will not be as effective, or long standing. 
In the Tang Dynasty, the great physician Sun 
Simiao wrote the medical classic One Thousand 
Ounces Of Gold, which described the dietary treat- 
ments of several diseases, including night blind- 
ness and goiter. 

What we eat can either aggravate or enhance 
the healing of a particular condition. When Gu Qi 
(food energy) is being generated, strong surges of 
energy from the Spleen and Stomach (in the 
Middle Dantian) cause the body to generate more 
Yang Qi. As the body’s Yin aspect weakens, its 
energetic nature becomes dryer and wanes; the 
Yang is no longer held in check and an overexu- 
berant Yang begins to generate Heat, which pro- 
duces, and sometimes releases, emotions. 

Emotions begin with, and stem from, the en- 
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ergetic properties of Postnatal Qi. When minis- 
tering to patients, the doctor should ensure a 
healthy physical and social environment (e.g., 
clean air and a loving support system), as well as 
monitor the quality and quantity of food con- 
sumption. Hostile surroundings interfere with the 
proper digestion of food and cause toxic Qi. Food, 
air, and water become the fuel that generates en- 
ergy in the body. When life-force energy becomes 
impure from poor diet, Heat accumulates in the 
organs, creating Excess Yang, or Excess Fire Qi. 

One essential skill for harvesting the Earth’s 
Treasures is controlling the intake of food and diet. 
It is important that a patient not eat foods that are 
excessively Cold, Hot, spicy, or greasy. If food is 
ingested while the food is too Yin (Cold) or out of 
harmony with the seasons, an external pathogenic 
factor can be created, When a Cold or Yin factor is 
created (a condition where Cold and Excess Yin 
consumes the Kidneys Yang, preventing the 
body’s Yang Heat from warming the body), the 
Qi becomes sluggish, thus blocking the channels 
or collaterals. These blockages cause pain and 
damage to the Stomach and intestines and affect 
the Heart and Lungs. 

If food is ingested while the food is too Yang 
(Hot) or out of harmony with the seasons, a Yang 
factor is created, causing internal energy to be re- 
leased, which damages both the Blood and Qi. Be- 
cause of its turbid nature, food that is too greasy 
may damage the Stomach Qi, causing boils and 
pyogenic infections, along with ulcerous skin dis- 
eases. Excessive eating may cause too much Gu 
Qi to develop, generating an excessive amount of 
power. This Excess power produces an upward 
reaction of Stomach Qi, which is detrimental to 
both the Spleen and Stomach, causing the breath 
to become obstructed (mother/Spleen affecting 
child/ Lungs), and the psychic centers (Shen 
within the Heart) to become blocked. Many post- 
natal illnesses result from eating the wrong kinds 
of food in the wrong season, not eating enough of 
the right kind of food, overeating, or all of the 
above. 

Balancing the diet in accordance with the 
cycles of nature and the principles of Yin and Yang 
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Figure 12.3. The Five Flavors and their Controlling and Counteracting Cycles 





should be an integral part of the daily practice. In 
some situations, the body can compensate for an 
improper or unbalanced diet. To counteract this 
imbalance, however, the body will expend a great 
quantity of energy. Eating similar foods all the 
time results in the accumulation of toxins from 
those foods and can cause mildly allergic reac- 
tions. A balance of the different food groups is the 
key to dietary success. 


USING THE FIVE FLAVORS OF FooD 

The energetic properties of the Five Flavors 
of food (sour, bitter, sweet, pungent, or salty) can 
be used to balance and control the energy of each 
organ. Any excess or deficiency of one flavor af- 
fects not only the organ to which it corresponds, 
but all the other organs as well (Figure 12.3). In 
the clinics in China, the theory of the Five Flavors 
or tastes is combined with the theory of the Five 
Elements to describe the interaction of the differ- 
ent “flavors” on the body’s internal organs and 
energetic systems (Figure 12.4). The Five Flavors 
and their affect on the body are described in the 
following sections. 


Sour TASTE, ELEMENT Woop 
Some examples of Sour foods include: lem- 
ons, pickles, liver, vinegar, wheat, salad oils, and 
sour cream. Sour foods affect the Liver, eyes, and 
tendons. They are also excellent for stimulating 
the energy of the Liver and Gall Bladder. 
1. Sour foods are astringent (causes shrinking), 
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and can be prescribed to achieve the follow- 
ing treatment goals: 

to prevent or reverse the abnormal leak- 
age of Qi and Fluids, 

* to counteract diarrhea and excessive per- 
spiration by slowing the movement of fluids, 

¢ to drain the Liver of Excess Qi, thereby 
indirectly strengthening the Lungs, and 

* to correct an irregular, slow heartbeat. 

2. An excess of sour foods can cause the follow- 

ing, dysfunctions: 

injures the muscles, 

¢ hardening and wrinkling of the skin, and 

* stiffness spreading along the tendons that 
are controlled by the Liver. As the Liver con- 
trols the tendons, patients with Liver trouble 
should also eat less sour food. 


BITTER TASTE, ELEMENT FIRE 

Some examples of Bitter foods include: cof- 
fee, black and green teas, asparagus, celery, tur- 
nips, leeks, cabbage, broccoli, and cauliflower. Bit- 
ter foods affect the Heart, tongue, and Blood. They 
are also excellent for stimulating the energy of the 
Heart and Small Intestine. 

1. Bitter foods are used for draining and dry- 
ing, and can be prescribed to achieve the fol- 
lowing treatment goals: 

* to stimulate the energy of the Heart, con- 
trol the Heart Fire, 

* to reducing fever and Excess body Heat, 

* to stimulate digestion, 
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Figure 12.4. The Five Flavors in Relationship to the Body’s Internal Organs, Seasons, and Elements 

















¢ to drain Excess Spleen Qi, and ¢ to tonify the Spleen, Stomach and pan- 
* to remove obstructions in the upper res- creas, and 
piratory tract. * to drain the Heart of Excess Qi. 
2. An excess of Bitter foods can cause the fol- 2. An excess of sweet foods can cause the fol- 
lowing dysfunctions: lowing dysfunctions: 
¢ dryness and congestion of the Spleen and ¢ an imbalance in the Kidneys, 
Stomach; and * an aching in the bones, 
* hyperactivity of the Heart Fire, and the ¢ hair loss from the head, 
consumption of Kidney Yin fluids. * muscle dysfunctions, and 
SWEET TASTE, ELEMENT EARTH * injury to the Spleen and Stomach. The 
Some examples of Sweet foods include: honey, Sweet flavor spreads through the muscles, so 
sugar cane, orange juice, pecans, snow peas, corn, patients with diseases of Spleen, Stomach, or 
milk, and sweet potatoes. Sweet foods affect the muscles (diabetes, hypoglycemia, systemic 
Spleen, mouth, and muscles. They are also excel- candida, fibriomyalgia, chronic fatigue, etc.) 
lent for stimulating the energy of the Spleen, Stom- should limit their intake of Sweet foods. 
ach, and pancreas. PUNGENT TASTE, ELEMENT METAL 
1. Sweet foods are used for tonifying, regulat- Some examples of Pungent foods include: 


ing and sometimes moistening, and can be garlic, onions, ginger, black and white pepper, 
prescribed to achieve the following treatment mustard, and chilies. Pungent foods affect the 
goals: Lungs, nose, skin, and body hair. They are also 

* to stimulate the digestive Fire, excellent for the stimulating the energy of the 
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Lungs and Large Intestine. Because the Lungs con- 
trol the Qi, the Lungs are very quick in absorbing 
the energy of Pungent foods. 

1. Pungent foods are used for dispersing and 
moving, and can be prescribed to achieve the 
following treatment goals: 

* to induce perspiration, 

* to improve circulation of Qi and Blood, 

¢ to stimulate the digestion, 

¢ to activate the Lung energy and promote 
the Lung’s function, 

* to expand the Lung Qi, 

¢ to drain the Lungs of Excess Qi, and 

* to increase Fluids and saliva secretions. 

2. An excess of Pungent foods can cause the fol- 
lowing dysfunctions: 

* great loss of Lung energy and damage to 
the Lung organs, 

* knots in the muscles, and 

* withering or decay of the fingernails and 
toenails. 


SALTY TASTE, ELEMENT WATER 

Some examples of Salty foods include: shell- 
fish, cheese, soy sauce, salt, ham/ pork, and mar- 
garine. Salty foods affect the Kidneys, ears, and 
bones. They are also excellent for stimulating the 
Kidney Qi and Bladder Qi. 

1, Salty foods are used for purging and soften- 
ing, and can be prescribed to achieve the fol- 
lowing treatment goals: 

* to soften hard nodules such as cysts, 
* to purge inflamed lymph glands, and 
¢ to soften knotted muscles. 

2. Anexcess of Salty foods can cause the follow- 
ing dysfunctions: 

* cause damage to the Kidneys and Blad- 
der, 

* cause the Blood to coagulate or clot, 

* cause Blood diseases, 

* harden the pulse, and 

¢ cause changes in the complexion. 


GUIDELINES FOR THE FIVE 
ELEMENTAL TASTES 

During each season, the five separate ex- 
tremes in flavors serve as a catalyst to draw Qi 
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Winter 


Figure 12.5. The quality of the body’s pulse is constantly 
changing according to the rhythm of the five seasons. 





into the Deficient organ. Overexposure to the sea- 
sonal elements (Cold, Wind, Damp, etc.) is respon- 
sible for external pathogenic factors that invade 
the body and affect the body’s Jing, Qi, and Shen. 
The development of disease is due to an imbal- 
ance in the struggle between the body’s health pre- 
serving Qi and the pathogenic influences. If the 
pathogenic factors are excessive, they can obstruct 
the body’s normal physiological function, creat- 
ing illness. If, however, the body’s Qi is strong, 
the pathogenic factors will have a difficult time 
causing any energetic imbalances. 

Traditional Chinese Medicine divides the ef- 
fects of these tastes into five seasons, each with 
its own unique function and flow of energy af- 
fecting the human body. One example of the ef- 
fects of nature’s rhythms on man is that the pulse 
quality in the viscera constantly changes in accor- 
dance with the five seasons (Figure 12.5). The 
Liver pulse is relatively strong in spring, com- 
pared to the other organs; in the summer the Heart 
is stronger, in the late summer - the Spleen, in the 
autumn - the Lungs, and in winter - the Kidneys. 

Basic guidelines are developed for eating in 
accordance with the flow of the Five-Element 
cycle. These guidelines will help train the body to 
recognize what foods it needs. The food types and 


tastes are divided into five categories, which re- 
late to the five seasons of the year, the Five Ele- 
ments, and the Yin and Yang organs (Figure 12.6). 

To achieve overall balance, food and energy 
must be equally balanced. If the Liver is weak, for 
example, eating Sour food will help correct it and 
Salty food will also help. This prescription is based 
on the Five Element theory, which focuses prima- 
rily on two cycles—the Generating Cycle and the 
Controlling Cycle (Figure 12.7). 


OVERVIEW OF THE FIVE ELEMENTAL 
TASTES 

The overall understanding of the Five El- 
emental tastes empowers the Qigong doctor to 
accurately assist in prescribing better eating hab- 
its for his or her patients. By understanding the 
seasonal eating patterns (i.e., in the winter eating 
root food, which is grown under the ground, and 
in the summer eating food that is grown via 
branches and flowers) the doctor can observe 
whether the patient is further compounding his 
or her disease condition through improper diet. 


SUMMARY 

In comprehending the energetic potential of 
the Three Treasures of Earth, the Qigong doctor 
will be able to evaluate the patient's eating and 
living conditions and their affect on the patient's 
disease. This also includes prescribing the Medi- 
cal Qigong exercises, meditations, diets, and eat- 
ing habits needed in order to support and main- 
tain the doctor’s treatments. 

Through monitoring the patient’s connection 
to their environment and eating patterns, the 
Qigong doctor is able to understand the Earthly 
influence on the patient's physical , mental, emo- 
tional, and spiritual being. 
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Figure 12.6. The Five Elements’ Interaction of the Five 
Flavors 


In the Creative or Generating Cycle— 


Salty Kidney (Water) | generates | (Wood) Sour Liver 












Sour Liver (Wood) generates | (Fire) Bitter Heart 













Bitter Heart (Fire) generates | (Earth) Sweet Spleen 


Sweet Spleen (Earth) | generates | (Metal) Pungent Lung 
Pungent Lung (Metal) (Water) Salty Kidney 











In the Controlling Cycle— 


Salty Kidney (Water) | controls | (Fire} Bitter Heart 
Bitter Heart (Fire) (Metal} Pungent Lungs 


controls | (Earth) Sweet Spleen 


Sour Liver (Wood) 








Sweet Spleen (Earth) | controls | (Water) Salty Kidneys 


Figure 12.7. The Creative {or Generating) and 
Controlling Cycles of the Five Flavors 
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CHAPTER 13 


THE THREE TREASURES OF MAN: 


JING, QI, AND SHEN 


The Outer Force (Power) of the Three Trea- 
sures of Man are expressed through Jing (Essence), 
Qi (Energy), and Shen (Spirit). The human body 
is made up of vibrational frequencies that inter- 
act to create energetic fields and substances, or 
energetic materials ranging in structure from less 
dense to more dense (Figure 13.1). In order of in- 
creasing density, these energetic materials mani- 
fest as Spirit (Shen), Energy (Qi), Essence (jing), 
Blood (Xue), Body Fluids (Ye /Jin), Marrow (Sui), 
and Bone (Gu). Of these energetic substances, Es- 
sence (Jing), Energy (Qi), and Spirit (Shen) are re- 
garded as the most important. These three mate- 
rials perform the most important functions in the 
human body, and are known as the Three Trea- 
sures of Man or San Bao. 

The energy of the human body, or Man’s Qi, 
is created from and through different interacting 
rates of vibration and energy fields that combine 


to form the body’s cells, tissues, and organs, cre- 
ating a living organism. In Chinese philosophy, 
the Three Treasures of Man also represent the in- 
teraction of Heaven and Earth within the human 
body. 

Man is composed of these combined Heaven 
and Earth energies: 

1. The Jing is the body’s tangible essence, com- 
posed of a morphogenic field of energy that 
creates and sustains the body’s physical form. 
Itis the lower vibrational frequency of the hu- 
man energy matrix. During the healing pro- 
cess, the patient's Jing directs the proper cells 
to multiply so that the body can heal rapidly 
and completely. 

2. The Qi is the life-force energy that maintains 
the body’s Jing. It is the electromagnetic body 
of the channel system and distributes vitality 
to the body through energetic transference. It 
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Figure 13.1. This diagram shows the natural transformations of man’s internal organs, energy, and matter, as well 


as their natural manifestations. 
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is the middle vibrational frequency of the hu- 

man energy matrix. The vibrational field of 

Qi sustains and contains the thoughts and 

emotions, and interacts between the vibra- 

tional fields of Jing and Shen. 

3. The Shen is the spirit and psyche which main- 
tains the body’s Qi. It is the higher vibrational 
frequency of the human energy matrix. It is 
also the energetic field which sustains the vi- 
bration of the Mind (the process of awareness 
and consciousness located throughout the 
body, not limited to the brain), interfacing be- 
tween the Mind and Qi. 

These three substances resonate at different 
frequencies and are mutually dependent upon 
each other for maintenance and survival. Low fre- 
quencies are attributed to the resonance of Jing, 
medium frequencies to the resonance of Qi, and 
high frequencies to the resonance of Shen. Meta- 
phorically speaking, Jing can be compared to a 
dense, solid material such as ice, Qi to a flowing 
material such as water, and Shen to a vapor. 

In Chinese medicine, the Qigong doctor uses 
the Three Treasures of Man for assessing and di- 
agnosing the patient. Observing the state and in- 
teraction of the patient’s Jing, Qi, and Shen allows 
the doctor to determine the patient's prognosis 
and chances for successful treatment. The doctor 
can assess the Jing, Qi, and Shen by: 

1. Observing the general vitality of the patient's 
Jing through pulse reading and tongue diag- 
nosis, 

2. Noting the general vitality of the patient's Qi 
through observation of the Wei Qi field, and 

3. Observing the general vitality of the patient's 
Shen by the quality of glitter in the patient's 
eyes. 

Within this model, Jing, Qi, and Shen are 
viewed as layers of energetic fields between the 
body and the Mind. Jing is the innermost ener- 
getic layer, the blueprint which holds the physi- 
cal body to the desired form. Shen is the outer 
energetic layer of the body through which the 
Mind experiences and directs the activity of the 
body. Qi is the intermediate energetic layer, the 
medium which allows the Jing and Shen (the en- 
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Figure 13.2. The Three Treasures of Man 





ergetic fields of the body and spirit) to communi- 
cate. 


PRENATAL AND POSTNATAL JING, QI, 
AND SHEN TRANSFORMATIONS 

Jing is the body’s foundational substance, re- 
sponsible for nourishing the tissues. Qi emerges 
out of Jing circulating through the tissues. It pro- 
motes the body’s metabolism. Shen governs the 
body. The body contains both prenatal and post- 
natal versions of Jing, Qi and Shen. 

1. Prenatal Jing (Yuan Jing) is the body’s innate 
and true Original Essence, which determines 
the constitutional makeup, strength, and vi- 
tality. It is not the reproductive Essence (sperm 
and ovary essence), which is considered Post- 
natal Jing. 

2. Prenatal Qi (Yuan Qi) is the body's Original 
Energy, extending into the Wuji (infinite space 
or Void). It is the motivative energetic force 
linking the Prenatal Jing with the Prenatal 
Shen. It is not inhaled air (oxygen), which is 
considered Postnatal Qi. 

3. Prenatal Shen (Yuan Shen) is the Original 
Spirit, that is able to perceive and intuit truth 
and knowledge (knowing without knowing). 
It is not cognitive thinking or consciousness, 
which is considered Postnatal Shen. 
Through meditation, the body’s alchemical 

processes of internal energy transmutations can 
be cultivated. Jing can be used to create or increase 
Qi; likewise, Qi can be used to create or expand 
the Shen. This creative cycle also works in reverse 
order by transforming Shen to Qi, and Qi to Jing 
(Figure 13.2). 


Prenatal Transition 


Dao - Divine 


J 


Wuji - Infinate Space 
The Formless Void 


Yuan Shen - Original Spirit 
Perceptive and Intuitive Knowledge 


Yuan Qi - Original Energy 
Extends into the Wuji 


Yuan Jing - Original Essence 
Determines Constitutional Form, 
Strength and Vitality 
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Postnatal Transition 
Dao - Divine 


Wuii - Infinate Space 
The Formless Void 


Shen - Acquired Spirit from 
Cognative Thinking 


Qi oe Energy from 
Food, Air and Water 


Jing - Reproductive Essence 


Figure 13.3. The Prenatal and Postnatal Alchemical Transitions of Jing, Qi, and Shen 





PRENATAL TRANSFORMATIONS 

The following transformations describe the 
origin and creation process of the Three Treasures 
within the body of the fetus (Figure 13.3). Through 
comprehending these transformations, the 
Qigong doctor can teach individuals how to cul- 
tivate their Jing. The body’s prenatal energies, 
which support the body‘s postnatal Jing, are sus- 
tained by prayer, meditation, and sleep. This qui- 
escence state is necessary for the body to reener- 
gize its Prenatal Qi. 

1. Divine Energy (Dao} transforms into infinite 
space (Wuji). At this beginning stage, the spirit 
of the God envelops infinite space, including 
the energetic fields of the Heavenly universe 
and the environmental Earthly fields. 

2. Infinite space (Wuji) transforms into Spirit 
(Yuan Shen). At this transition, the spirit of 
God descends to permeate, unite, and dwell 
within the Original Spirit (Yuan Shen) of the 
forming fetus. 

3. Spirit (Yuan Shen) transforms into Energy 
(Yuan Qi). At this stage of transition, the Origi- 
nal Spirit of the fetus transforms into Origi- 
nal Energy (Yuan Qi). 

4. Energy (Yuan Qi) Transforms into Essence 





(Yuan Jing). At this final stage, the Original 
Energy of the fetus is transformed into Origi- 
nal Essence (Yuan Jing). 


POSTNATAL TRANSFORMATIONS 

The following transformations describe the 
origin and creation process of the Three Treasures 
within the body after birth. Through comprehend- 
ing these transformations, the Qigong doctor is 
able to achieve a harmonious balance between the 
three energies through Postnatal Jing cultivation. 
The body’s postnatal energies are supported and 
sustained first of all through food, drink, and air. 

1. Essence (Jing) Transforms into Energy (Qi). 
At this beginning stage, the body’s Jing is 
Heated within the Lower Dantian to create 
Qi. This transition is similar to ice melting into 
water. 

2. Energy (Qi) Transforms into Spirit (Shen). At 
this transition the body’s Qi is steamed within 
the Middle Dantian, to be transformed into 
Shen. This transition is similar to water trans- 
forming into vapor. 

3. Spirit (Shen) Transforms into infinite space 
(Wuji). At this stage, the body’s Shen fuses 
with the resonant light of the Upper Dantian 
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and is transformed and released into the 

Heavenly and Earthly fields of energetic 

space. This transition is similar to vapor dif- 

fusing into space. 

4. Infinite Space (Wuji) Reunites with the Divine 
(Dao). At this final stage, the Shen is reunited 
with the divine. 

The Shen directs the increased amount and 
flow of Qi during the transformation process of 
Jing into Qi and Qi into Shen through conscious 
intention. Through this soft focused intention an 
alchemical cycle of transformation is created 
whereby Jing, Qi, and Shen can then be gathered, 
refined, and trained. 

TRANSFORMATIONAL ATTAINMENT 
MODALITIES 

Each of these prenatal and postnatal transfor- 
mations include training exercises and medita- 
tions that are either developed in low, medium, 
or high attainment approaches. The low attain- 
ment approach is known as the physical attain- 
ment approach; the medium attainment approach 
is known as the mental attainment approach; and 
the high attainment approach is known as the 
spiritual attainment approach. Qigong regulation 
encompasses all three attainment modalities in 
order to facilitate the ultimate in energetic trans- 
formation. The three attainment approaches for 
increasing to maximum capacity the body’s en- 
ergy are described as follows. 

1. The Physical Attainment Approach concen- 
trates on the development and cultivation of 
the body’s energy by focusing on Dynamic 
(energetic movement) and Quiescent (still- 
ness) Qigong meditations to fully realize one’s 
energetic potential. 

2. The Mental Attainment Approach concentrates 
on increasing mental power by focusing on 
symbolic drawings, reciting prayers, or man- 
tras to manifest fully one’s mental potential. 

3. The Spiritual Attainment Approach concen- 
trates on the development and cultivation of 
the body’s Original Spirit (Yuan Shen) by fo- 
cusing on Shengong meditations (meditations 
that focus on spiritual cultivation) to harvest 
one’s spiritual potential. 
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JING: ESSENCE OF LIFE 

Jing refers to the indispensable bicenergetic 
substance of all living things (Le., the energetic 
matrix of the body’s cells, tissues, etc.). In Medi- 
cal Qigong therapy, Jing is considered the most 
Yin form of Qi. Jing, as a pure Essence of living 
matter, is more dense than Qi but more refined 
than Blood or Fluids. When Jing is cultivated and 
allowed to arise naturally within the body, the 
outer surface of the body’s tissues becomes har- 
monized and glows. Deep within the tissues, the 
Jing pools like a deep spring. The greater the de- 
gree of harmony between the individual's physi- 
cal, mental, energetic, emotional, and spiritual 
fields, the more Jing is transformed into Qi. 


THE YIN AND YANG ASPECTS OF JING 

Jing can be divided into the functional aspects 
of Yin and Yang properties. The Yin aspect of Jing 
provides the material basis for growth, develop- 
ment and reproduction, and is the substratum for 
the formation of the materials associated with the 
Marrow and Blood. The Yang aspect of Jing acti- 
vates transformations, growth, development and 
reproduction, and is associated with the Yuan Qi, 
Blood and Body Fluids (Figure 13.4). 

As a subtle energy, Jing has a tendency to- 
wards downward movement, flowing like water, 
it fills the Lower Dantian, adrenals, Kidneys, and 
urogenital organs. Essence originates from two 
sources and can be divided into Prenatal and Post- 
natal Jing. 


PRENATAL JING 

Prenatal Jing is also called Original Essence 
(Yuan Jing). It is inherited from the Jing of both 
parents and is considered the root of life. It is cre- 
ated upon conception through the blending of 
both parents’ sexual energies and substances. Pre- 
natal Jing constitutes the original substance of the 
body, and serves as the material base for growth, 
development, and reproduction. With the help of 
the Qi and Blood acquired from the mother, the 
Jing is responsible for the nourishment and de- 
velopment of the embryo’s and fetus’s brain, 
bones, muscles, tendons, skin, and hair. The Pre- 
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Figure 13.4. The Formation of Jing 





natal Jing determines each person’s basic consti- 
tution, strength, and vitality. 


POSTNATAL JING 

Postnatal Jing is also called the Acquired Es- 
sence. It is the Essence of the body’s main organs, 
derived from air and Gu Qi (produced from food 
and drink by the transformation process of the 
Spleen and Stomach) which is transported 
through the channels and vessels to nourish the 
body’s Yin organs, and to irrigate the Yang organs. 
Postnatal Jing is the material basis for the func- 
tional activities of the body’s internal organs and 
metabolism. It is transported (through the func- 
tion of the Lungs) to all the Yin and Yang organs 
where it becomes reproductive Yin and Yang Jing. 
The Kidneys are responsible for storing any sur- 
plus Jing to be distributed when needed. 


THE INTERACTION OF PRENATAL AND 
POSTNATAL JING 

The Prenatal and Postnatal Jing are interde- 
pendent and contribute equally to the growth and 
development of each other. Postnatal Jing is con- 
tinually being used by the body and replenished 
with food and drink. Only with the nourishment 
of the Postnatal (Acquired) Jing can the Prenatal 


(Congenital) Jing be enriched and function opti- 
mally. Without the function of the Prenatal Jing, 
the Postnatal Jing cannot be transformed into Qi. 

Postnatal Jing is continually being used and 
replenished through the Spleen’s production of 
Gu Qi from food and drink. This is why so much 
emphasis is placed on the first postnatal alchemi- 
cal transition of changing Jing into Qi. Through 
Medical Qigong exercises, the body is able to 
stimulate, nourish, and preserve its Jing. 

Both Prenatal and Postnatal Jing are related 
to the Kidneys, which generate bone growth as 
well as nourish the brain, memory development, 
and body stamina. The Yellow Emperor’s Classic of 
Internal Medicine states that women are ona seven 
year developmental cycle, while men are on an 
eight year cycle. Problems with the body’s Jing 
result in developmental problems (i.e. improper 
maturation, sexual dysfunction, infertility, and 
premature aging). 

The Kidney Jing is responsible for extending 
the life-force energy up the Governing Vessel into 
the brain. The Kidney Jing also transforms into 
Marrow and is responsible for the production of 
bone marrow, which fills up the spinal cord and 
brain. When the Jing becomes exhausted, the 
memory begins to fail and the spirit becomes fa- 
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tigued. It is important to remember that all types 
of Jing do not exist as separate substances, but 
support, interact with, and transform into one 
another. 

The Kidney Jing also works in conjunction 
with the Qi to establish the body’s state of mind 
and emotional health, which together determine 
the development of the Five Elemental Constitu- 
tions. 


Qi: VITAL LIFE-FORCE 


ENERGY 


Qi is the energetic substance from which the 
entire universe was created. Through the interac- 
tion and transformation of Yin and Yang Qi, the 
various substances of form and matter are pro- 
duced. This vital life-force energy comprises both 
material and functional aspects of the body. 

Qi is the medium between matter (Jing) and 
Spirit (Shen). Chinese medicine describes many 
different kinds of Qi. Oi can assume an infinite 
number of forms according to its state of conden- 
sation or dispersion. When Qi condenses, matter 
is created, and when Qi disperses, energy is cre- 
ated. Although Qi in the body can assume differ- 
ent forms, that have different functions, it is es- 
sentially ail one energy. The patient's Jing, for ex- 
ample, may be ready to receive a new energetic 
pattern for accelerated healing, and the Shen may 
be ready to send this required pattern. But, if the 
body’s Qi is weak or turbulent, it will not trans- 
mit this information from the Shen to the patient's 
Jing, thus delaying or impeding the healing pro- 
cess. 

The body’s Qi can be classified into two pri- 
mary forms of energy: Prenatal and Postnatal Qi. 


PRENATAL Qi 

Prenatal Qi (or Xian Tian Zhi Qi, which trans- 
lates as, “before the baby sees the sky energy”) is 
also called Yuan Qi, or Original Qi. This is the 
energy that the baby inherits from his or her par- 
ents during conception. It is stored in the sexual 
glands and adrenal cortex, and it is essential for 
the growth and development of the fetus. 
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It is Jing in the form of energy, that is culti- 
vated through Qigong practice. Yuan Qi is the in- 
nate or inborn energy that is the original force 
which maintains normal growth and develop- 
ment, and promotes the functional activities of the 
internal organs. Its role is to bring into existence 
the vital mechanisms of the human body accord- 
ing to their genetic pattern, conforming them to 
the models transmitted by each person’s lineage. 

Prenatal Qi contains elements of all of one’s 
predecessors and gives rise to the Prenatal Jing, 
and is seen as a means of transmitting the Deox- 
yribonucleic Acid (DNA) code. Prenatal Qi relies 
on nourishment from Postnatal Jing. Through Pre- 
natal Qi, each individual is energetically con- 
nected with everything in existence. Prenatal Qi 
also relies on Postnatal Qi for nourishment. 

Methods of training Qi and regulating it in- 
clude counting respirations as the Mind focuses 
on rooting the Qi into the Lower Dantian, 
Mingmen, or Kidneys’ area. 

There are three types of prenatal energy regu- 
lations used for circulating and harmonizing the 
body’s internal energy or Dantian Qi: 

1. The first type of Qi regulation focuses on 
moving energy through the body’s main 
channels and torso. This is the most common 
type of Prenatal Qi circulation, directing the 
energy to flow along the course of the body’s 
Conception and Governing Vessels, i.e., the 
“small” Heavenly cycles (Microcosmic Or- 
bits). This type of Qigong exercise is com- 
monly referred to as an Inner Cultivation and 
Regulation method. 

2. The second type of Qi regulation focuses on 
moving energy through the body’s channels 
and extremities. In this type of Qi circulation, 
the body’s Prenatal Qi is directed to flow only 
along specific channels (i.e., being led from 
one channel out from the torso into an ex- 
tremities and then back into the body through 
another channel). This type of energetic bal- 
ancing is commonly seen in the “large” Heav- 
enly cycles (Macrocosmic Orbits) and bone 
marrow regulation. 

3. The third type of Qi regulation focuses on 


moving the energy of Heaven (Universal Qi), 
Earth (Environment Qi) and Man (Qi of the 
physical body) through the channels. In this 
type of circulation, these three types of energy 
are integrated or merged into one energy and 
then regulated. Upon inhalation, the indi- 
vidual imagines Prenatal Qi circulating from 
Heaven through the body’s channels into the 
Earth. Then upon exhalation, the energy is 
imagined flowing from the Earth, through the 
channels, back into Heaven. 


POSTNATAL QI 

Postnatal Qi (or Hou Tian Zhi Qi, which trans- 
lates as, “after the baby sees the sky energy”) is 
also called acquired or Post-Heaven Qi. This is the 
energy that the baby derives from air, food, and 
drink after it has been born. Postnatal Qi relies on 
Prenatal Qi for development. 

Prenatal and Postnatal Qi form the founda- 
tion for the body’s vital energy. In Traditional 
Chinese Medicine it is believed that the parents’ 
health and their state of Jing, Qi, and Shen at the 
time of conception determines the general health 
of the child. If the parents are sick, or their health 
has is compromised by drinking, smoking, or drug 
use, the baby’s health will suffer. If the parents 
are old, or have suffered an emotional shock dur- 
ing the pregnancy, this too will negatively impact 
the baby’s health. 

Methods of training Postnatal Qi include 
deep, tranquil abdominal respiration. This meth- 
od trains the respiratory system to improve both 
the respiratory and digestive systems, enhancing 
both the Lung and Spleen Qi. 


EIGHTEEN CLASSIFICATIONS OF QI 

The distribution and function of life-force 
energy can be further divided and classified ac- 
cording to the source and function of the Qi. Be- 
low is a description of eighteen transitions of Qi 
and their energetic effects on the body. 

1. Prenatal Qi (Yuan Qi), is often referred to as 
Original Qi, and includes the Original Yin and 
Original Yang energies of the body. Yuan Qi 
has its root in-between the Kidneys and Ming- 
men area, it is distributed throughout the en- 


3. 


5. 
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tire body via the Triple Burners. 


. Postnatal Qi, is an external energy derived 


from the consumption of food and drink (from 
the Earth), and air (from the Heavens), and is 
a term used to describe the Qi which is culti- 
vated after one is born. 

Heavenly Qi (Tian Qi), is energy that has been 
developed from the energies of the sun, moon 
and stars. Tian Qi is absorbed into the Lung 
Qi as Air Qi (oxygen) through respiration. 


. Earthly Qi (Di Qi), is energy that has been 


developed from the energies of the soil, wa- 
ter and wind. Di Qi is absorbed into the Stom- 
ach and Spleen where it is converted into Gu 
Qi (food energy); Di Qi is also directly ab- 
sorbed through the pores from the environ- 
meni. 

Food Qi (Gu Qi), is the first stage of energy 
transformation derived from food and drink. 
It is also called Qi of the Water and Grain in 
the digestive system. After food essence is 
cooked in the Stomach, the Spleen transforms 
it into Gu Qi. At the first stage of develop- 
ment Gu Qi is a coarse, unusable form of food 
essence. The Spleen divides the energy it de- 
rives from the food essence into Pure (Clear) 
Yang Qi and Impure (Turbid) Yin Qi. The 
Clear Yang essence of Gu Qi is transported 
by the Center Qi (Zhong Qi) via the Middle 
Burner, sending it upwards into the chest, first 
to the Lungs where it combines with 
Heavenly (Tian) Qi to form Gathering (Zong) 
Qi, then to the Heart where it combines with 
the Yuan Qi (from the Kidneys) to create the 
Blood. The Turbid Yin essence of Gu Qi is 
transported downwards through the gas- 
trointestinal tract to be expelled as waste. 


. Clear Yang Qi (Qing Qi), is the clean, pure 


energetic essence of Gu Qi, transported by the 
Spleen, via the Middle Burner, up towards the 
Upper Burners, and chest area. While in the 
chest, it is combined. with Gathering (Zong) 
and Yuan Qi to form True Qi. 


. Turbid Yin Qi (Zhou Qi), is the clouded, im- 


pure energetic essence of Gu Qi, transported 
by the Spleen, via the Middle Burner, down 
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10. 


11. 
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towards the Lower Burner, Small Intestine, 
and Bladder organs, to be further refined. It 
is a more coarse, unrefined, polluted energy. 


. Center Qi (Zhong Qi), is the energy generated 


from the Middle Burner, derived from the 
Spleen and Stomach. Its primary function is 
to transport the Gu Qi into the chest, to be 
blended with the Heart and Lungs’ Qi. 


. Gathering Qi (Zong Qi), is also called Respi- 


ratory Qi. Gathering Qi is considered the “es- 
sence of life,” manifested through the conver- 
sion of the purest and most potent forms of 
the body’s Jing (particularly sexual fluids, hor- 
mones, and neurochemicals). It is essential for 
the formation of the fetus and is the initial mo- 
tivating power of life. It promotes vitality and 
increases stamina; it also enhances the im- 
mune system, promotes mental clarity and 
prolongs life. Gathering Qi combines the 
Heavenly Qi (inhaled by the Lungs) and the 
Gu Qi (derived by the Stomach and Spleen), 
and accumulates these energies within the 
chest in order to assist the Heart in circula- 
tion the Blood, and the Lungs in respiration. 
It controls the speech and strength of the 
voice, as well as the Blood circulation to the 
extremities. Gathering Qi gathers in the chest 
and is controlled by the Middle Dantian. 
True Qi (Zhen Qi), is also called Anti-patho- 
genic Qi. It originates in the Lungs and is the 
last stage of refinement and transformation 
of Qi. Gathering Qi and Yuan Qi combine their 
substances to form the True Qi in the chest 
area. True Qi fills and nourishes the body as 
it is further broken down into Nourishing 
(Ying) and Protective (Wei) Qi. True Qi is the 
energy that circulates inside and outside of 
the body, in the channels and collaterals, nour- 
ishing the Yin and Yang organs. It is called 
True Qi because it is the most refined and 
pure, and is in harmony with the environ- 
ment. It is opposed by Evil Qi (Xie Qi), also 
called Toxic Qi, which is disharmonious and 
thus untrue to the body’s essential nature. 
Nourishing Qi (Ying Qi), is another form as- 
sumed by the True Qi and is the Yin aspect of 
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the Channel Qi. Ying Qi has two major func- 
tions: to nourish the Blood, organs and tissues, 
and to link the mind and intention to the body. 
It flows within the blood vessels, as well as 
the channels, and is the fuel of the body’s 
metabolism. Its potency depends upon the 
quality of food and water consumed, the pu- 
rity of air breathed, and the efficiency of the 
body’s digestive, respiratory, and circulatory 
systems. Since it is Yin, it is considered the 
more refined form of True Qi, as it flows in 
the body’s inner layers and internal organs. 
Being directed by thoughts, it is thereby 
closely related to the emotions. 
Protective Qi (Wei Qi), is asecond form of True 
Qi and is the Yang aspect of the channel Qi. It 
protects the Blood, organs, and tissues from 
invasion of external pathogenic factors such 
as: harsh weather conditions, microorgan- 
isms, and harmful emotional influences. It 
also protects the individual from evil spiritual 
forces. It is the coarser Yang aspect which 
flows through the outer layers of the body’s 
skin. Its texture is slippery in nature and can- 
not enter into the channels. It therefore circu- 
lates under the skin and in between the 
muscles. The Wei Qi vaporizes in between 
membranes, and diffuses over the chest and 
abdominal area to form a kind of energetic 
armor. It also warms, moistens, and contrib- 
utes to the nourishment of the skin and 
muscles. The Wei Qi also helps regulate the 
perspiration by opening and closing the pores. 
Wei Qi has its root in the Lower Burner (Kid- 
neys), is nourished in the Middle Burner 
(Stomach/ Spleen), and spreads from the Up- 
per Burner (Lungs) to the outside of the body. 
Wei Qi is said to be located at the superficial 
level of the body during the day, in the 
muscles, skin, hair, etc. At night it sinks to a 
deeper level to circulate through the viscera. 
If the Wei Qi is obstructed in some manner 
from moving inward, insomnia may result. 
Also, Wei Qi becomes thick and extends out- 
side its normal realm during Medical Qigong 
practice and may, therefore, take longer to 
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move inward at night, causing some practi- 
tioners to experience difficulty falling asleep 
after evening Qigong practice. 

Channel Qi (Jiing-Luo Qi), is also called Me- 
ridian Qi. This energy flows throughout the 
body’s deep internal and superficial channels, 
as well as through the collaterals and blood 
vessels like rivers and streams. 

Organ Qi (Zang and Fu Qi), is the energy of 
the physiological activity of the body's inter- 
nal organs and manifests as a major aspect of 
its physiological function. Individual pools of 
Qi are formed within the pairs of Yang-Fu 
(hollow) bowels and Yin-Zang (Solid) viscera. 
The Yang organs are responsible for trans- 
forming food and drink to produce Qi and 
Blood. The Yin organs are responsible for stor- 
ing vital substances. Each organ can be addi- 
tionally divided into pairs of Yin and Yang 
energetic aspects. 

Each of the body’s organs has its own en- 
ergy, which is governed by, and corresponds 
to, one of the Five Elemental energies. These 
Five Elemental energies respond to the exter- 
nal energetic fields drawn from the universal 
and environmental energetic fields. The inter- 
nal processes of thinking and feeling, as well 
as the physiological process such as meta- 
bolism and hormonal production influence 
the Organ Qi. 

Evil Qi (Xie Qi), is also called Pathogenic Qi, 
and Toxic Qi. This usually refers to any harm- 
ful external pathogenic factor (especially the 
Six Climatic factors). However, it also refers 
to the evil spirits and stuffed toxic emotions, 
which affect the individual's physical, ener- 
getic, and emotional balance. 

Righteous Qi (Zheng Qi), is the defensive as- 
pect of the True Qi, which protects the body 
from Evil Qi. This is not actually another type 
of energy, but a term used to indicate the True 
Qi’s function of protecting the body from in- 
vasion by external pathogenic factors. The oc- 
currence and development of disease is di- 
rectly related to either the hyperactivity or 
hypoactivity of the Righteous Qi. 
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17. Spiritual Qi (Ling Qi), is the supernatural en- 
ergy associated with the most highly refined 
energy in the human body manifesting 
through the Eternal Soul. This type of energy 
enhances spiritual awareness and constitutes 
the foundation for advanced levels of spiri- 
tual conditioning, and the attainment of an 
enhanced energetic body, and enlightened 
states of mind and spirit. 

Divine Qi (Shangdi Qi), is also called Holy 
Energy or God’s Healing Light. It is the su- 
pernatural energy associated with the Divine 
(Dao). The divine energy is the true source of 
spiritual awareness and constitutes the foun- 
dation for advanced levels of spiritual heal- 
ing, as well as attaining enlightenment. 
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THE SIX FUNCTIONS OF QI 

A Qigong doctor will primarily focus on a 
patient’s combination of Original Qi (Yuan), Gath- 
ering Qi (Zong), Nourishing Qi (Ying), and Pro- 
tective Qi (Wei) when treating or prescribing 
homework. Initially, Qi has six main functions in 
regulating the body. Although these functions 
may seem to overlap, their individual responsi- 
bilities are distinct. 

1. Qi transforms substances into energy (one 
example of its transforming nature is chang- 
ing food into energy). 

2. Qi transports the substances it creates. 

3. Qi holds and contains energy, Blood and or- 
gans, etc., within the energetic and visceral 
structures. 

4, Qi protects against both external and internal 
pathogenic factors. 

5. Qi raises and elevates things (for example, 
Blood, associated Fluids, and the body’s tem- 
perature). 

6. Qi keeps the body warm (for example, strong 
Qi will warm the body, while weak Qi makes 
the body cold). 

The normal physiological activity of Qi in the 
body is a constant harmonious movement, simi- 
lar to the ebb and flow of a tide. When the body’s 
Qi is in constant motion, it moves in eight primary 
Yin and Yang directions: ascending and de- 
scending, gathering and dispersing, expanding 
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and contracting, and entering and leaving. If how- 
ever, there develops a Qi obstruction, or a Defi- 
ciency of Qi, the Qi will deviate from its natural 
course, and may cause Rebellious Qi, disharmony 
and disease. 

Qigong doctors carefully examine the ener- 
getic ebb and flow of Qi to comprehend the com- 
plexity of the energetic hologram in which we 
exist as a living energy. As the human body ab- 
sorbs, stores, utilizes, and releases energy, its natu- 
ral function of transforming energy promotes 
health and allows us to live in harmony with the 
natural environment. However, once an internal 
organ or organ system develops a Rebellious, Ex- 
cess, Deficient, or stagnant condition within the 
body’s energetic flow, disease develops. By un- 
derstanding the energetic pattern and function of 
each energetic organ and organ system, the 
Qigong doctor can diagnose the disease by retrac- 
ing the energetic dysfunction to the root cause. 
The following graph denotes the function and 
flow of the body’s life-force energy patterns (Fig- 
ure 13.5). 


QI AND ENERGETIC MEDICINE 

The utilization of the Three Regulations (pos- 
ture, respiration and mental Dao Yin concentra- 
tions) enable Qigong doctors not only to disperse 
any Toxic Qi acquired from patients, but also to 
regulate their own channels, through gathering 
energy, and increasing their own energetic fields. 
Through the proper use of the Mind (whole body 
consciousness and awareness), the doctor can si- 
multaneously influence the energy flows within 
the patient’s body, as well as his or her own Wei 
Qi fields. 

As the doctor begins to focus on specific goals 
(i.e., dispersing Toxic Qi from a particular organ, 
tissue area, or channel), the patient may experi- 
ence a surge and release of strong emotions and 
memories that had been stored in that area. The 
patient’s energy field then shifts and moves 
throughout the body according to the specific 
emotion(s) elicited and released. This energy field 
is closely related to the thinking activities of the 
brain. As the Mind begins to release certain spe- 
cific memories, the field of energy shifts and 
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moves through the body in accordance with the 
specific emotions that are activated and released. 
During treatment, the shape, flow, rhythm, nature, 
and thickness of this energetic field can be per- 
ceived by the doctor who has become highly sen- 
sitive to perception of energy through “inner-vi- 
sion” (see Chapter 25). 

By training in the Three Dao Yin Regulations 
(see Chapter 14), internal energy can be guided to 
surge not only in the natural direction of flow 
within the channels, but also against it. Internal 
energy can also be guided along several channels 
at the same time, in any given direction or to spe- 
cific areas of the body. By directing Qi against the 
flow of a channel, the doctor arrives at the source 
of the river {or energy). This technique is some- 
times used by the Qigong doctor to collect or 
tonify the Qi within the patient's internal organs. 
This technique for storing and collecting energy 
is called “following the river to reach the sea.” An 
example of this technique would be extending Qi 
from the patient's St-36 points, up the Stomach 
Channels to root, strengthen and stabilize a Defi- 
cient or Rebellious condition within the Stomach 
organ itself. Conversely, by directing Qi with the 
flow of the stream, one can disperse energy (pur- 
gation) and pull Qi out of an area leading it away 
from the source (e.g., pulling Liver-Stomach Heat 
down and out the Stomach Channel to cool an 
overheated Stomach). 


QI AND THE Bopy’s ENERGETIC 
STRUCTURE 

Similar to the biomechanics of the respiratory, 
circulatory, and digestive systems, the body's en- 
ergetic system has its own organization and es- 
tablished rules of action for regulating organ and 
tissue functions. The adaptability of Qi to the out- 
side environment enables the body to absorb not 
only healthy energy, but also to expel Toxic Qi. 

The nature of Qi is to endlessly gather and 
disperse, expand and contract, to flow inward and 
outward, to rise and fall, as it circulates. When a 
Qigong doctor begins to treat a patient’s channels 
or points, he or she stimulates and activates the 
patient’s Qi, which may arouse muscle movement 
and sensations which can last for quite some time. 
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If the frequency and nature of the doctor’s Qi is 
similar to that of the patient's, both energetic reso- 
nance and synchronization will synergize, allow- 
ing the patient’s Qi activities to be regulated and 
balanced at a rapid rate. 

Because people vary in sensitivity to energy, 
some patients can be treated with Medical Qigong 
therapy immediately. Sensitive patients are usu- 
ally taught Medical Qigong exercises allowing 
them to ingest energy from trees, plants, and other 
things of the natural world. Patients with low sen- 
sitivity may have difficulty in perceiving energy 
and often dissociate from their body during treat- 
ment. These patients should be given Shengong 
meditations to restore conscious awareness of the 
toxic emotions trapped within the body, thereby 
reestablishing a harmonious relationship with the 
Mind (see Chapter 32). The patient's insensitivity 
to the doctor’s energy extension is an indication 
that the patient’s spirit has gone out of the body 
in order to avoid feeling the emotions which arise 
from Medical Qigong therapy. 

A patient insensitive to energy projection can 
still be in touch with basic surface feelings (i.e., hot, 
cold, tired, etc.); however, the deeper emotions are 
hidden, or energetically walled off through denial. 
The better the relationship between the patient and 
the doctor, the greater the patient's trust and sur- 
render to the doctor’s energy. 

When observing the patient's Qi and energetic 
structure, the doctor is able to perceive and enter 
the patient's five energetic fields. These fields form 
the matrix of the patient's energetic structure, 
which constitute a blueprint for the body’s physi- 
cal structure. These energy fields have their own 
biological components and degree of fluidity. 

These five energetic fields form the body’s Sea 
of Energy. The term Sea of Energy (Qi), in this 
context, refers to the description used to explain 
the internal and external currents of life-force en- 
ergy which surround, permeate, and function 
within the physical body. These energetic fields 
are described as follows. 

1. The External Fields of Wei Qi (Protective En- 
ergy), 
2. The Internal Current of Ying Qi (Nourishing 

Energy), 
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3. The Internal Sea of Blood (Xue Hai), 
4, The Internal Sea of Marrow (Sui Hai), and 
5. The Center Core of Light (Taiji Pole). 

Within these five energetic fields, the protec- 
tive and nourishing energetic fields of Wei and 
Ying Qi expand and contract, move and adjust 
their energetic flow according to the body’s res- 
piration patterns. The Sea of Blood resonates 
within the pulse rhythm established by the heart- 
beat. The Sea of Marrow undulates from the 
rhythm established within the body’s micropul- 
sation of the sacrum and cranium bones’ flexion 
and extension. The energetic pattern of the Taiji 
Pole vibrates at the same frequency as divine light 
(the Dao). 

THE THREE EXTERNAL FIELDS OF 
PROTECTIVE ENERGY (WEI QI) 

There are three external energy fields that cre- 
ate the body’s Wei Qi field. The Wei Qi field’s en- 
ergy flows from around the regions of the body’s 
external muscles, skin surface, channels, 
collaterals and channel points, and extends sev- 
eral feet out from the body’s tissues. All energetic 
forms of the physical body, including the internal 
organs, blood vessels, nervous systems, etc., can 
be accessed and treated through the three ex- 
tended fields of Wei Qi. 

These three fields are distinguishable from 
each other by gradations of density, vibrational 
rate, light, and temperature. All three energy fields 
communicate with each other, interacting so as to 
form the body’s subtle energetic boundaries. 

Enveloped within these energetic boundaries 
are the body’s external “energetic grids,” span- 
ning the body’s energetic structure like a giant 
web. These energetic grids are the body’s exter- 
nal energetic field patterns, etched through the 
three fields of Wei Qi like a three dimensional 
webbed hologram (similar to a three dimensional 
blueprint). 

It is important to note, that any disease within 
the body’s internal structure is also imprinted in 
this external energetic grid. Disharmony of the 
body’s tissues often appears first in the Wei Qi 
fields, before manifesting within the body. If the 
energetic grid is not transformed (through emit- 


ted light, sound, and resonant vibration), the dis- 
ease cannot alter its destructive course, because it 
follows the patterns dictated within the grid. Thus, 
for example, a tumor surgically removed often 
quickly reappears. Trauma, be it physical, men- 
tal, emotional, or spiritual, as well as drug and 
alcohol abuse, distorts, damages, and destroys the 
delicate energetic web which constitutes the 
body’s external energetic grids, making the pa- 
tient more susceptible to external environmental 
influences. 

The external energetic grids function to pro- 
tect the body from external pathogenic factors, as 
well as to receive and transmit environmental 
energy. Thus, for example, a person can receive, 
absorb, and digest other people’s emotions. The 
five senses are constantly receiving on outside en- 
vironmental influences, which directly and indi- 
rectly affect the body’s major organs. This con- 
stant influx of data, changes the body’s emotional 
patterns, and forces individuals to adjust their 
emotional perspective frequently. 

Researchers conducting tests in San Antonio, 
Texas, for example, determined that when sub- 
jects are being stared at, galvanic skin responses 
are considerably increased. These increases oc- 
curred even though the subjects were not con- 
sciously aware of being observed. The research 
determined that the body has its own expansive 
field of subtle awareness, which reacts even when 
the individual is not consciously aware of the 
body’s energetic extension. 

By reconnecting the spirit and emotions with 
the mind and body, the Qigong doctor is able to 
perceive the subtle Messages that the patient is 
unconsciously conveying (see Chapter 25). 


THE THREE ENERGETIC BARRIERS 

The Wei Qi fields are experienced at three dif- 
ferent levels. These levels are differentiated by en- 
ergetic barriers, which protect the body's bound- 
ary system. These barriers not only protect and 
contain the body, they help establish the 
individual's sense of reality, and sense of self. The 
third energetic field or “outer spiritual barrier” is 
depicted in the illustration as the outside speck- 
led field of energy, and affects the second ener- 
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Figure 13.6. The Three External Fields of Wei Qi 





getic field or “middle emotional / mental barrier.” 
The second field of Wei Qi is depicted in the illus- 
tration as the middle white field of energy, which 
in turn influences the first energetic field or 
“physical barrier,” seen as the black field of en- 
ergy in the illustration (Figure 13.6). 

These three Wei Qi barriers are always inter- 
esting for the doctor to feel, because they change 
so much from patient to patient, and sometimes 
from moment to moment. Some patients have 
very strong energetic fields, they are very palpable 
and full. Emotions strongly affect this type of en- 
ergy field. The Wei Qi field of a patient who is 
armoring out of fear, reticence, or self-protective- 
ness, can actually repel the doctor’s hand back, if 
their field and intention is strong enough. This re- 
pelling reaction is helpful because it lets the doc- 
tor know how to pace the treatment, and encour- 
age the patient to let go of the armoring. This al- 
lows the patient to consciously focus on relaxing 
and sensing the areas in the body that he or she 
was trying to protect. 

The energetic boundaries, act as gateways to 
the next level of energetic field energy. To perceive 
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the patient’s three fields of Wei Qi, the patient’s 
energetic boundaries must be gently palpated. 
These boundaries are more easily sensed due toa 
thickening of energy which serves as a barrier to 
external pathogenic factors. Sometimes the doc- 
tor may have to move back into the patient's third 
or “outer” energetic field, and telepathically let 
the patient know that he or she will not be vio- 
lated, and is safe. The doctor waits until the pa- 
tient exhales (thereby expelling some tension) 
before entering and palpating the outer Wei Qi 
field. Once a release in the energetic field is felt, 
the doctor moves forward into the next energetic 
field. Because this same process occurs at all three 
levels, the Qigong doctor responds accordingly, 
waiting for the exhalation that allows them to pro- 
ceed deeper into the next level of the patient's Wei 
Qi. 

THE FIRST EXTERNAL FIELD OF WE! QI 

The first external field of energy is confined to 
about one to two inches outside the physical body, 
and composed of lower etheric matter. It is related 
to the Lower Dantian and manifests as a holo- 
graphic energy template for the physical body. It 
provides the spatial guidance for morphological 
development during the creation and formational 
stages of the embryo, as well as the morphologi- 
cal energetic patterns that assist in the repair of 
damaged tissues. Its energetic boundary is respon- 
sible for armoring the body against invasion of 
external pathogenic factors. This physical energy 
body is connected to the somatic tissues and cells, 
thus any physical-energetic interaction stimulates 
the body’s external channels and points. This first 
layer is very dense and most Qigong doctors get 
the impression of physically contacting the patient 
several inches before actually touching the 
patient’s material body. Its resonant vibrational 
pattern is very broad and slower than the other 
Wei Qi fields. 

THE SECOND EXTERNAL FIELD OF WE! QI 
This energy flows through the regions of the in- 
ternal organs and tissues. It extends about a foot 
or more outside the body’s tissues, and is com- 
posed of astral matter. It is related to the Middle 
Dantian and the emotional energy body. It con- 


tains a form of disembodied consciousness that 
can astral travel, and at times leave the physical 
body, as in near death experiences. This second 
layer of Wei Qi interfaces with the limbic system 
of the brain (the neurobiological seat of emotions) 
and is also linked with the sympathetic and auto- 
nomic nervous system. The second Wei Qi field’s 
energetic boundary is responsible for protecting 
the body from negative emotions, destructive feel- 
ings and criticism from others. It is automatically 
activated when the patient is placed in a position 
where a lack of trust exists, or there is unwanted 
physical touch. The emotional energy body is con- 
nected to the visceral organs. Its main function is 
te receive, interpret, and verify an individual's 
emotions, feelings, desires, impulses, and thought 
patterns. It is through this energetic field that the 
patient's aura is typically observed as colors and 
light patterns. The second layer is more subtle then 
the first layer. When physically palpating, the sen- 
sations are similar to a magnetic attraction and 
repulsion. Its resonant vibrational pattern is faster 
than that of the first layer. 


THE THIRD EXTERNAL FIELD OF WE! QI 

This field extends a few feet to several hundred 
yards depending upon the spiritual evolution of 
the individual, and is composed of ketheric mat- 
ter or substance. It is related to the Upper Dan- 
tian and the spiritual energy body. It is associated 
with intuition, inspiration, creativity, and vision- 
ary insights. Its energetic boundary is responsible 
for establishing security by informing the body 
of impending encounters, conflicts, or environ- 
mental transitions. This spiritual energy body is 
connected to the body’s Taiji Pole, and is a con- 
tainer for karmic-related illnesses within the 
physical body. The Taiji Pole is known as the “root 
with many branches,” as it is a repository of the 
soul’s ancestral memories and experiences. Its 
function is to receive the subtle energy of the fin- 
est and fastest vibrations. It senses and interprets 
the data received from its environmental aware- 
ness and universal connection to the divine. The 
third layer is most subtle in physical sensations 
and requires delicate, intuitive contact. Usually the 
first impression when palpating this energetic 


field, is one of contact without a material compo- 
nent (like wind). It is sometimes cold, sometimes 
warm but always “breezy.” Its resonant vibra- 
tional patterns are the highest and fastest of all 
the Wei Qi layers. 

INTERNAL CURRENT OF NOURISHING ENERGY 
CYING Q1) 

The Ying Qi level of internal energy flows 
within the underlying tissues of the body and 
sweeps through the torso like a fast wind, expand- 
ing and falling with each respiration (Figure 13.7). 
The Lungs act as a great energy pump; each breath 
is like a gust of air flowing in and out, ina cycle of 
expansion and contraction through the entire 
body. Ying Qi swirls like a breeze; its function is 
to nourish the Blood, organs and, tissues. It flows 
within the blood vessels, as well as the channels 
and links the mind and intention to the body. It is 
responsible for the organization, construction, 
completion, and reconstruction of the vitality of 
the individual. It is integrated with the breath, and 
extends outward to the body’s physical bound- 
aries (skin and body hair). 

The internal current of Ying Qi is most pal- 
pable when the doctor is gently touching the 
patient's surface tissue with his or her finger tips, 
and it feels almost like electromagnetic energy. 
Feeling the wind of Ying Qi can be likened to fall- 
ing into “space” after passing through the denser 
outer field of Wei Qi. The action of Ying Qi, in 
most cases, is free flowing and connected with the 
breath. When listening to certain patients, the 
Qigong doctor may feel the Ying Qi flowing 
through the patient's channels, wrapping itself 
around the whole body like a vapor. It feels light, 
thin, and fairly cool compared to the next River 
of Blood level. 

To access the “current of Ying Qi,” the Qigong 
doctors begin by suspending their hands above 
the patient's first level of Wei Qi. They imagine 
dipping their hands into water as they allow their 
hands to slowly make contact with the patient's 
body. Once contact is made, the doctors extend 
their intention under the patient’s skin. The doc- 
tors should match the patient's respiration and 
stay connected to the body until they feel the pa- 
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Figure 13.7. The internal current of Ying Qi flows from 
the Lungs and center of the chest through the entire 
body like a mighty wind. 





tient relax. Matching their respiration almost al- 
ways slows the patient’s respiratory rate, moving 
the patient into an altered state of consciousness. 
Sometimes at this point, age regression can be 
sensed, as the patient’s body memory is triggered. 
SEA OF BLOOD (XUE HAI) 

The Sea of Blood and its pathways constitute 
the body’s internal network for circulating and 
maintaining the individual's life-force, under the 
direction of the Wu Jing Shen (the five separate 
fields that encompass the psycho-spiritual ener- 
getic transformations of the Five Yin Organs). The 
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Sea of Blood’s energy flows through the blood 
arteries, vessels, capillaries, and the tissues of the 
major organs (Figure 13.8). By extending further 
into the body, the Qigong doctor perceives the 
patient's Sea of Blood; it feels like a warm watery 
pool in the center of the Heart, and flows through 
the entire body. The transition from Ying Qi to Xue 
Qi (Blood Qi) is easy to detect. 

The energetic sensation of Blood is more sub- 
stantial than the Wei or Ying Qi. The Blood being 
a liquid, is a denser form of Qi, and flows through 
the vessels, organs, and channels propelled by the 
Ying Qi. It is thick (this thickness varies from per- 
son to person), warm and somewhat “slick.” The 
Heart's energy itself feels warm, substantial, and 
very alive. 

As doctors gently touches the patient’s sur- 
face tissue with his or her fingertips, the doctor 
extends intention deep into the patient’s Heart. 
Upon contacting the Xue Qi, the doctor immedi- 
ately becomes connected to the heartbeat of the 
patient. In some cases, the pulsing will connect 
and merge with the doctor’s own heartbeat. Once 
the doctors encapsulates the patient’s Heart, the 
strong emotions emanating from patients will 
usually subside. These feelings may be replaced 
by sporadic spurts of emotions such as relief, 
peace, or comfort, which sometimes invite the 
doctor further into the patient. On the other hand, 
some patients may react with feelings of fear, in- 
tense emotional pain, or even panic causing the 
doctor’s hand to “bounce” away. 

If the doctor’s energy is “bounced back,” he 
or she should immediately disperse the energetic 
charge into the Earth for ground purposes. The 
doctor should then either move to a more super- 
ficial energy level within the patient’s body, or 
extend Qi into the patient’s thorax or extremities. 
This technique allows the patient to relax after ex- 
periencing a Heart energy discharge. Since the 
pulse is simply another form of energy, circulat- 
ing, expanding, and contracting with each heart- 
beat, the doctor should be able to ride the pulse 
out into the patient's extremities and viscera by 
listening to the Heart. This is similar to the listen- 
ing ability of a master acupuncturist who, when 
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Figure 13.8, The Sea of Blood flows from the Heart 
through the body like a dense form of Qi. 





reading a patient’s pulse, extends his or her en- 
ergy and intention through the patient's channels 
and into the organ of the Heart to diagnose the 
strengths and weakness of its congenital forma- 
tion and current condition. 


SEA OF MARROW (Sui HAI) 

This energy flows through the central core of 
the spine into the brain and enters the center core 
of the bones. In Traditional Chinese Medicine, the 
Marrow is not the same thing as bone marrow, 
but the stage prior to becoming bone marrow. 
Marrow is the pre-substantial Jing that forms the 
matrix for bone marrow, the spinal cord, and the 


brain (Figure 13.9). This flow of Sea of Sui energy 
is much slower than that of the River of Blood. It 
flows from the Kidneys’ Jing, into the center of 
the spine, brain, and bone marrow. It has some- 
times been called the “cranio-sacral rhythm” in 
Western medical terminology, and can be accessed 
from anywhere in the body. The Marrow energy 
generally feels cool and slick or slippery, with a 
texture like soft silicone gel. Once contact is made 
with the Sea Of Sui, it is very easy to utilize this 
pathway and travel throughout the patient's body. 
Its rhythm is slow yet manifests as a strong ener- 
getic pulse. 

As the doctor gently touches the patient's sur- 
face tissue by dipping in with fingertips, into the 
Sea of Marrow, he or she can project intention into 
the center of the patient’s spinal column. This con- 
nects the doctor with the rhythmic pulse of the 
Sea of Marrow. It is from this pulse that the doc- 
tor can determine the strength of the patient’s 
Original Essence (Yuan Jing), Energy (Qi), and 
Spirit (Shen). 

THE CENTER CORE OF LIGHT (THE TALI 
POLE) 

This energy flows through the very center core 
of the body, uniting the three reservoirs of life- 
force energy (the Upper, Middle, and Lower 
Dantians). The fifth and final level of energy feels 
like a still, quiet place deep inside of the center 
core of the body’s Taiji Pole structure. In China, 
Qigong doctors describe it as a holy place that al- 
most defies description. It is observed as a verti- 
cal column or pole, of brilliant white light, full of 
pulsating vibrations. This energetic pole is sur- 
rounded by a vale of gold spiralling light which 
travels from the perineum to the top of the head. 

When both the body’s internal and external 
energetic wave patterns become synchronized 
through prayer or meditation, a resonate pulsa- 
tion occurs within the Taiji Pole. This pulse be- 
gins deep within the center core of the body and 
resonates outward towards space. The Qigong 
doctors may also feel a powerful stream of energy 
leaving the body from the top of the head, con- 
necting the Taiji Pole with the energy of the di- 
vine. The center core is a very reverent and spe- 
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Figure 13.9. The Sea of Marrow flows from the kidneys 
through the spinal cord, brain, and bone marrow. 








cial place, as it contains the essence of the patient's 
Eternal Soul, devoid of all ego, masks, or defense 
mechanisms (the patient’s True Self). 

If the doctor penetrates the outside veil sur- 
rounding the patient's Taiji Pole, and extends his 
or her intention into the light’s center, the doctor 
experiences the sensation of falling into space, or 
stretching out into eternity. Sometimes the sensa- 
tion of shooting through space is followed by 
flashing colors and moving shapes, as the sur- 
rounding core dissolves into the Void (Wuji) it- 
self. This same sensation and experience can also 
be personally accessed through deep prayer and 
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meditation, and is quite a normal phenomena 
within deep spiritual practices (Figure 13.10). 


SHEN: THE SPIRIT OF LIFE 

The Chinese character ideogram for Shen is 
formed to symbolize “that which drops from the 
sky,” and “that which passes through the body.” 
In Medical Qigong therapy, Shen is considered the 
subtle energy of the spirit, associated with the 
Heart. It is associated with the spiritual energy 
and has a radiant nature. 

When energized, Shen flows upward like fire, 
extending through the body’s Eight Extraordinary 
Vessels creating a healthy nervous system. When 
Shen is gathered in the Upper Dantian, it can be 
projected as light and energy through the eyes, 
and the Yin Tang (Third Eye) point. According to 
Traditional Chinese Medicine, all illness has spiri- 
tual roots. The Shen (Spirit) is regarded as an in- 
tegral part of the diagnosis and treatment process. 
An old Chinese saying states, “When the Shen is 
abundant there will be cheerfulness, when it is in- 
sufficient there will only be dullness and sorrow.” 

Shen is developed from Jing and Qi. Accord- 
ing to Medical Qigong theory, when the patient's 
Shen is strong the individual is able to lead en- 
ergy to an injured area and speed up the healing 
process. This strong Shen energizes the Qi, en- 
abling it to increase cellular production. When 
Shen is scattered, the functions of the human body 
are weak from fatigue, the Shen becomes un- 
settled, and the mind restless. When the Shen and 
Qi combine together they form a solid connection 
of light and vibrational energy. This union is uti- 
lized to infuse energy and transfer thought 
through intention. This can be achieved by either 
conscious or unconscious intent by the doctor. 


SHENGONG SCHOOLS OF MEDITATIONS 
AND TRAINING 

The Shengong (Spirit Skill) meditations em- 
phasize the transformations of consciousness, as 
well as the development of perceptual insight and 
the birth of wisdom. From an ancient Chinese en- 
ergetic perspective, the three primordial qualities 
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Figure 13.10. The body's center core Taiji Pole spreads 
from the base of the perineum to the top of the head. 


of true wisdom, or divine universal consciousness 
are: 

1. The experience of emptiness within the Wuji 
(the Void), corresponds to the manifestation 
of the primal virtue of Wisdom. 

2. The light manifested from the Shen's lumi- 
nosity, corresponds to the primal virtue of 
Love. 

3. The life-force energy inherent in alt things, 
corresponds to the primal virtue of Power. 
In China, there are three major schools of 

Shengong training. These spiritual schools of 
Qigong are described as follows. 


* The Daoist School focuses on strengthening 
the body and mind equally with an emphasis 
on contemplating nature. Religious Daoism 
has its roots in Siberian Shamanism. 

¢ The Buddhist School focuses on tempering the 
mind while giving little thought to the body. 

* The Confucianist School focuses on regulat- 
ing the mind to reach a state of quiet rest and 
peace through sincerity and the cultivation of 
moral character. 


PRENATAL AND POSTNATAL SHEN 

The body’s Shen is the Supreme Yang aspect 
of the psycho-emotional components, the Heav- 
enly Emperor or “master controller.” It can be di- 
vided and classified into two primary forms 
through which the Spirit manifests: the Prenatal 
Spirit (Yuan Shen) and the Postnatal Spirit (Zhi 
Shen). 

1. Yuan Shen is the body’s spiritual element de- 
rived from Prenatal Jing (Yuan Jing) and Pre- 
natal Qi (Yuan Qi). This aspect of the body’s 
Shen is considered to be the intuitive Mind of 
the Dao. It is unborn and undying. It shines 
brightly and clearly. The Yuan Shen tran- 
scends conceptual thinking (which is the Post- 
natal aspect of the mind). It is immortal, un- 
conditioned, primordial, and constitutes the 
mind's Yang nature. 

The Yuan Shen is produced and developed 
by the blending of both the male and female 
elements at conception (Body Fluids, Jing, Qi 
and Shen), and develops further with the 
nourishment from food and water. The Yuan 
Shen dominates all of the body’s vital activi- 
ties (heartbeat, digestion, motor function, etc.) 
and is also responsible for all intuitive and 
perceptive insight. The Prenatal Shen consti- 
tutes the true spiritual aspect of the Mind. 

By returning to a state of inner quiet and 
peace, through prayer, meditation, and ad- 
equate sleep, the Yuan Shen and the body's 
health are restored and maintained. 

2. Postnatal Spirit (Zhi Shen) is the spiritual ele- 
ment derived from Postnatal Jing and Post- 
natal Qi. This aspect of the body’s Shen is con- 
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sidered to be the conditioned mind or “will,” 
also known as the discriminating, or acquired 
mind, and constitutes the mind’s Yin nature. 

The Postnatal Shen is produced and devel- 
oped by mental stimulation through contact 
with the environment after birth. The Post- 
natal Shen dominates all mental activity and 
is responsible for thinking and learned behav- 
ior. The Postnatal Shen constitutes the true 
analytical aspect of the mind. 

Prenatal and Postnatal Shen usually inter- 
act intermittently with each other in maintain- 
ing the body’s health. Continual exhaustion 
of the Postnatal Shen impairs and suppresses 
the Prenatal Shen. Excessive studying or sleep 
depravation, for example, can lead individu- 
als to mistake the projection of their deepest 
fears and desires for genuine intuitive percep- 
tions. 


THE FIVE SPIRITUAL ASPECTS AND 
YIN ORGAN COMPONENTS OF SHEN 

Prenatal Shen affects the spiritual disposition 
which presides over man at the moment of con- 
ception. Closely tied to the Yuan Shen are five 
important, although seldom discussed outside of 
China, energies or “spiritual entities” called the 
Five Agents (see Chapter 2). The function of the 
Five Agents establishes the foundation for the 
psychological aspect of the Five Element theory 
used in clinical diagnosis throughout China to- 
day. 

Each of these Five Agents is connected to, or 
said to “reside in” one of the Five Yin Organs. The 
Three Hun reside in the Liver and embody the 
virtue of Kindness, the Shen resides in the Heart 
and embodies the virtue of Order, the Yi resides 
in the Spleen and embodies the virtue of Trust, 
the Seven Po reside in the Lungs and embody the 
virtue of Integrity, and the Zhi resides in the Kid- 
neys and embodies the virtue of Wisdom (Figure 
13.11). Whereas each of the Five Agents embod- 
ies a virtue, each of the Five Yin Organs embodies 
the energetic qualities of one of the primordial el- 
ements. The Liver embodies the element of Wood, 
the Heart embodies the element of Fire, the Spleen 
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embodies the element of Earth, the Lungs embody 
the element of Metal, and the Kidneys embody 
the element of Water. 

Each of these Five Agent energies are con- 
nected to the five separate yet functionally inter- 
active Yin organs, and thus create complex, mul- 
tidimensional energy fields (Figure 13.12). These 
energy fields encompass emotional, mental, and 
spiritual shifts, as well as energetic transforma- 
tions. The fluctuations depend upon which of the 
Five Agents is dominating from moment to mo- 
ment. The psycho-spiritual attributes engendered 
are sometimes known as the Wu Jing Shen (Five 
Essence Spirits). As the universal energy flows 
through the Taiji Pole, these Five Agents are con- 
tinuously being energized. The cultivation of the 
five virtues of these Five Agents nourishes the 
Eternal Soul. 

The Qigong doctor needs to comprehend 
these multidimensional interactions to trace the 
complex spiritual, mental, emotional, and physi- 
cal manifestations of Excess or Deficient condi- 
tions to the source or “root.” Although Jing and 
Qi form the physical basis for the Shen, the Five 
Elemental Yin organs form the components for the 
Shen and the Five Essence Spirits. The energy of 
the Five Agents continually circulates through the 
patient’s body, and are described below. 


THE LIVER STORES THE ESSENCE 
SPIRIT “HUN” 
The Liver stores the Three Ethereal Souls, also 
called the Hun. The Hun or Three Ethereal Souls 
are rooted in the Liver Yin (which includes the 
Liver Blood). The Liver organ is responsible for 
the free and easy flow of Qi throughout the body. 
The Hun are typically characterized as the 
Yang, brighter, Heavenly souls. It is through the 
influence of the Hun that the five virtues of the 
Five Agents manifest. The Hun leave the body, 
ascending back to Heaven at the time of death. 
The ideogram for the Three Hun has two parts. 
One part is the character for Earthly spirits-Gui 
(Ghost), represented by a head suspended above 
a vaporous form of a body, with an appendage 
(symbolizing the whirlwind that accompanies the 
movements of the Earthly spirits). The other part 
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Figure 13.11. The Five Agents and Yin Organs 


of the character is the image for clouds that are 
seen as vapor rising from the Earth and gathering 
in the Heavens. The Hun move within the body 
as freely as clouds, following the Yi (Will) of the 
“Heavenly breath, within the celestial vault” (fol- 
lowing the will of the Eternal Soul stored within 
the Heart, and originating in the Taiji Pole). 

From the ideogram we also get a distinct pic- 
ture of the spirit rising to the Heavens. The Eter- 
nal Soul is different from the spirit in the context 
of classical Chinese theology, in that the soul is 
seen as the more personal of the two, whereas 
spirits are seen as more universal temperaments 
or as archetypes. The ancient medical classics say 
that there are Three Ethereal Souls (Hun) and 
Seven Corporeal Souls (Po) that symbolize differ- 
ent attributes of the human being. The Hun’s spiri- 
tual energy is said to be able to leave the body 
and then return, thus indicating a relationship 
with out of body travel into the spirit world. 

The Hun and Po are expressions of the body’s 
“true spirit.” When disorder exists (physical, men- 
tal, emotional, or spiritual), the Hun may some- 
times fly away (like startled birds in a yard), and 
the Po will either stir about thoughitlessly, in the 
absence of effective control, or become animalis- 
tic in nature and attack. 
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Figure 13.12. Formation of Shen 


bols and ideas from the divine and Wujji. 
These images, symbols and ideas emerge into 


FUNCTIONS OF THE HUN 
1. The Hun control sleep and dreaming. They 


reside in the eyes during the day and lodge 
in the Liver at night. When residing in the 
eyes, they see; when they lodge in the Liver, 
they dream. Dreams are the roaming of the 
Three Ethereal Souls. It is the nature the Hun 
to wander, and it happens easily. At night the 
Hun must be anchored or rooted in the Liver, 
so the Liver Blood and Liver Yin must be 
strong. If they are not, the Hun wanders, and 
the person dreams too much or has unpleas- 
ant dreams. Patients who suffer from severe 
Deficiency of Yin, may experience a floating 
sensation just before falling asleep. This con- 
dition is due to the Hun not being rooted in 
the patients’ Yin. 

Dreams are an example of the information 
gathered during the Hun’s traveling. The an- 
cient Chinese Qigong masters understood 
that the body’s Hun can traverse the Nine 
Levels of Heaven or Nine Levels of Earth in- 
stantaneously (see Chapter 2). 

The Hun store the sum total of past experi- 
ences. The expressions of the Three Ethereal 
Spirits are manifested through images, sym- 


the patient’s mind, affecting his or her spiri- 
tual life. Without this interaction, the patient's 
mental and spiritual life would be deficient 
in images, ideas, and dreams. 

The Hun also controls dreams and day- 
dreaming, as well as the ideals, aims, and di- 
rection in life. The absence of these objectives 
and goals results in feelings of depression. If 
the body’s Liver Yin is depleted, the Hun are 
deprived of their residence, resulting in such 
conditions as: fear, excessive day dreaming, 
insomnia, and a lack of sense of direction or 
purpose in life (one of the main features of 
depression). 

Traditionally, sleepwalking is believed to be 
a function of the Hun. In sleepwalking, the 
body’s Shen is not active and functioning, how- 
ever the Hun are moving the individual. This 
is why when treating a patient for sleepwalk- 
ing, the doctor will emit Qi into the patient’s 
Hunmen BI-47 (The Door of the Ethereal Soul). 
In modern research, however, some Qigong 
doctors have begun to theorize that the Po may 
take an active role in sleep walking, especially 
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when the sleep state is related to incoherent 
trauma (patients who thrash about, hurt people, 
or destroy things when sleeping). 

When using hypnosis or “creative visual- 
ization” in psychotherapy (the therapist may 
suggest a specific image or scene for the pa- 
tient), the therapist is trying to bypass the 
patient’s acquired mind and bring psychic 
material from the Hun, to avoid the judging 
aspect of the Postnatal Shen. 

With regard to sleep and herbal medicine, 
if the patient does not sleep well because the 
Hun are wandering, the Qigong doctor can 
prescribe sour and astringing herbs (i.e., Bai 
Shao, Mu Li, Suanzao Ren) which will encour- 
age the Hun back into the body. 


. The Hun assist the Shen in mental activities. 


This relationship is very important, as the 
energy of the Shen and the Hun must con- 
tinually be coordinated. The Shen is related 
to rational thinking and inspiration. The Hun 
gives the Shen a sense of direction, projecting 
outwards, relating to other people. The Shen 
needs to direct the Hun, to “gather the Hun.” 
The Hun give the Shen its movement and di- 
rection, encouraging the Shen to relate with 
people, to socialize and bond. The Hun, how- 
ever, also need to be gathered and restrained 
by the Shen. Otherwise if the Shen is weak 
and does not control the Hun, then the Hun 
move about too much and have lots of ideas, 
but never accomplish anything, leading to 
frustration. 

It is important that the Shen allow the Hun 
to move in and out of the body, but in so do- 
ing must give the Hun direction and purpose. 
The Hun inspire and give us dreams. That is 
why the words “movement,” “coming and 
going,” and “swimming” are often used in 
connection with the Hun. In fact, many doc- 
tors say that the Hun are the coming and go- 
ing of the body’s Shen. In mediumistic trances, 
when the spirit of one person enters another’s 
body, it is the Hun that come in; the host’s 
Shen is disabled at that time. 

Because knowledge is dependent on the 


awareness of the Three Ethereal Souls, the Hun 
are therefore considered the collectors of infor- 
mation. The Hun however, do not interpret, 
rationalize or analyze the knowledge, they just 
pass the information on to the Shen, which is 
responsible for rational thinking, intuition, and 
inspiration. The Shen helps distinguish be- 
tween the useful and non-relevant information. 

There is an interesting correlation with the 
Hun controlling sleep and dreaming, and the 
Hun being rooted in the Liver Blood and Yin. 
The Hun’s moving in and out of the Liver gov- 
erns the free flow of Liver Qi and vice-versa; 
the free flow of Liver Qi is a manifestation of 
the swimming energy of the Hun, moving in 
and out of the tissues. 


. The Hun maintain balance in one’s emotional 


life, under the leadership of the Shen. 

Everyone experiences emotions in life; that 
is normal. The Hun are responsible for keep- 
ing a balance, so that the emotions do not be- 
come excessive and thus become the cause of 
disease. The Hun have a regulatory function, 
closely related to the balance between Liver 
Blood (Yin), and Liver Qi (Yang). The Hun’s 
function here is the mental equivalent of the 
Liver’s emotional regulating and harmoniz- 
ing function. 

Due to its acquired nature, the Postnatal Shen 
discriminates, while the Hun does not. The re- 
lationship between the Shen and the Hun is 
very similar to concepts of consciousness and 
unconsciousness in Jungian terms. The Hun are 
a repository of images and archetypes, connect- 
ing the (personal) subconscious mind and the 
collective unconscious. If the Hun are unsettled, 
then the Shen (consciousness) is cut off, con- 
fused, isolated, aimless, sterile, and without 
dreams. The movement of ideas within the 
body has to be controlled or it gets out of hand, 
resulting in madness. This madness occurs to 
the degree that the Shen doesn’t control the Hun 
anymore, and the patient receives an uncon- 
trolled amount of emotional, mental, and spiri- 
tual input. All the energies and symbols com- 
ing through the Hun have to be integrated and 


assimilated. Otherwise there can be serious 
mental illness and possibly psychosis (except 
in young children who are continually full of 
ideas and have active imaginations). In a child, 
the Hun are very active and the Shen is not as 
restraining, so there is a continual flow of ener- 
gies streaming from the unconscious world of 
symbols, without the result of insanity. 

. The Hun are responsible for the eyes. When 
the Hun wander in through the eyes, the eyes 
can see. The Hun give us vision, both men- 
tally and spiritually. 

. The Hun influence a person’s courage. If the 
Hun are not strong, the person is timid and 
fearful. If the Hun are strong, the person is 
fearless, can face up to the difficulties in life 
and dares to take action. A patient with weak 
Hun will have difficulty gathering informa- 
tion, making decisions, will lack courage, and 
become easily discouraged and apathetic. 

. The Hun control planning with the aid of the 
Shen and the sense of direction. The mental and 
spiritual confusion about one’s role in life, what 
to do, what goals to set, can be compared to the 
aimless wandering of the Hun. This is a strong 
feature of major depression. If the Liver is strong 
and the Hun are strong and rooted, the person 
has a strong sense of direction. 

. The Hun control Spirit Travel. By housing the 
Shen for “spirit travel” (the spirit journeying 
outside of the physical body), it is possible 
for the Qigong doctor to consciously direct the 
Huns travelling. This is different than Astral 
Travel, which is the Eternal Soul journeying 
outside of the physical body, connected to the 
Middle Dantian by a silver “cord of life.” The 
Three Ethereal Souls, accompanied by the 
individual’s consciousness, act as one unit 
which is sometimes referred to as the Spirit- 
Soul. The Spirit-Soul allows the doctor to 
know the exact location of the “spirit routes” 
travelled, as well as which path and direction 
it takes when it leaves the body. Otherwise, 
when the Hun wonder, the doctor “Shens out” 
and has no recollection of where he or she has 
been in the spiritual realms. 
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Figure 13.13. Two Ways to Feed the Shen 





THE HEART STORES THE ESSENCE 
SPIRIT “SHEN” 

The Heart stores the Shen and is responsible 
for mental and emotional activity, intelligent con- 
sciousness, long term memory, and sleep. It is re- 
sponsible for organizing mental concepts and ac- 
tivities, and has the capacity to judge. 

The Shen is divided into two kinds of ener- 
gies, Prenatal Shen and Postnatal Shen. 

The Prenatal Yuan Shen is associated with the 
congenital spiritual energy that descends from 
Heaven. It is the universal divine spirit that is im- 
planted in each person, uniting man to the spiri- 
tual realm (that which exists beyond the physical 
and mental reality). It has been compared to the 
“Christ within us,” or “higher self.” This is the 
energy Qigong doctors attempt to become filled 
with during sitting meditation practice and 
prayer. 

The Postnatal or Acquired Shen is associated 
with the wisdom of the five senses and the ac- 
quired knowledge of the individual's experiences. 

There are two ways to “feed” the Shen. One 
way is through dreams or unconscious informa- 
tion coming from the Hun of the Liver; the other 
way is through thoughts and ideas from the Yi of 
the Spleen (Figure 13.13). A person who has a well- 
developed, strong, and abundant Shen compre- 
hends things immediately and is able to apply 
what he or she has learned. 

The Hun give the Shen movement allowing the 
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mind the capacity of self insight and introspection, 
as well as the ability to project outwards from the 
body and envelop, as well as relate to, other people. 


THE SPLEEN STORES THE ESSENCE 
SPIRIT “YI” 

The Chinese term Yi, is typically translated 
as mind, thought, opinion, idea, sentiment, incli- 
nation, intention, intellect, scholar mind, analyti- 
cal thinking, and memorization in scholastic learn- 
ing. Because the Spleen stores the Yi, it is respon- 
sible for the transformation and transportation of 
all thoughts and ideas on an intellectual level, 
through study, concentration, and memorization. 
This is different from the Hun’s creativity. It is the 
interaction between the Yi of the Spleen and the 
Shen of the Heart that allows man to place how 
he thinks, speaks, and acts into sounds, thoughts, 
and actions. 

Concerning memory, there is a lot of overlap 
between the functions of the Spleen (responsible 
for memory in terms of concentration and study- 
ing), the Kidneys (responsible for storing things 
on a day to day basis), and the Heart (responsible 
for storing past events). 

The Postnatal Qi and Blood form the physi- 
ological basis for the intellect. A person with well- 
developed Yi has total recall of events experienced 
in their personal past, and is able to memorize 
things easily. A patient with an Excess of Yi will 
be obsessed with the past, while a patient with 
Deficient Yi will be absentminded, suffer memory 
loss, be inattentive, and have problems in main- 
taining concentration and mental focus. Although 
all physical pain is registered by the Po, and all 
psychological pain is registered by the Hun, only 
the memory of the pain is registered by the Yi (Fig- 
ure 13.14). Therefore, a Deficient Yi condition can 
often lead to the phenomenon of transference and 
countertransference. Transference involves the 
incorrect attribution of certain emotions and in- 
tentions onto another person (usually onto the 
doctor by a patient). Countertransference involves 
the same type of projection of one’s feelings, col- 
ored by one’s own expectations in response. In 
countertransference, the doctor or therapist is 
doing the projecting. 


Lungs (Po) Liver (Hun) 
Rede: Physical Registers 
Pain Psychological Pain 


\_/ 


Spleen (Yi) 
Registers 
Memory of Pain 


Figure 13.14. Three Ways the Body Registers Pain 





Yi also has the meaning of divine purpose 
when applied to the Yuan Shen energy. Whenever 
the physical energy is purified by self-cultivation 
and through connecting to the divine, the inten- 
tion of the Shen and the divine purpose become 
one and the same. It is said when the Yi is con- 
served, it will help build the Zhi (or willpower). 
The Yi is filled with information from the past 
along with current knowledge and sensations. 


THE LUNGS STORE THE ESSENCE 
SPIRIT “Po” 

The Lungs store the Seven Corporeal Souls 
(Po), which are physical in nature and are attached 
to the body’s Jing and Qi. The word Po is defined 
as vigor, animation, or life. There are two parts to 
the Po ideogram; one is the character for Gui, the 
spirits of the Earth, and the other represents the 
color white. Thus, the Po are linked with a de- 
scending movement of energy and with the Jing, 
The Seven Corporeal Souls are also said “to come 
and go, enter and exit,” in association with the 
body’s Essences. 

In Medical Qigong therapy, the body’s Eter- 
nal Soul is seen as being strongly influenced by 
two main divisions of internal spiritual energies, 
the Hun and the Po. The Hun are the Three Ethe- 
real Souls and represent the positively charged 
aspects of the Eternal Soul, while the Po are the 
Seven Corporeal Souls and are considered the 
physical, negative, Yin, heavy, and Earthly aspects 
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of the Eternal Soul. The Po are the counterpart of 
the Hun and can be described by its following six 
manifestations. 

1. The Po are the somatic expressions of the Eter- 


the Po reside in the Lungs, all meditation sys- 
tems, breathing exercises, and forms of breath 
control are methods used to regulate the Po, 
calm the Shen, and access the higher Hun 


nal Soul, related to the reflexive nervous sys- 
tem and limbic system (the “reptilian brain’). 
They manifest through the body’s sensations 
of feeling, hearing, and seeing. They have an 
impulsive tendency towards action and cor- 
respond to the deep animal instincts within 
the Mind (personal subconscious) and cells 
{our reflexes are a Po reaction). The Po also 
provide us with the animal strength and re- 
sources necessary to mobilize the body and 
perform incredible feats of power. The-“ani- 
mal within” is driven by the Po. They are the 
manifestation of the body’s Jing in the sphere 
of sensations and feelings. Just as the Three 
Hun provide the individual with the energetic 
movement for the Shen, the Po provides the 
individual with the energetic movement of the 
body’s Jing. 

. The Po are responsible for all physiological 
processes in childhood. In the beginning of 
life, the Po are responsible for the sensations 
of pain and itching. The Po serve as the inter- 
mediary between the Jing and the body’s 
other vital substances. At conception the in- 
teraction of the body’s Jing not only forms the 
embryo, but also establishes the Po within the 
body. Although the Po are stored in the Lungs, 
they stay attached to the body until death, 
there upon returning their energy back to the 
Earth within a few days. 

. The Po are related to weeping and crying. The 
interconnection between the Po and Lungs is 
very important from an emotional point of 
view. When the Po’s movement in the Lungs 
is constricted, grief and sadness are sup- 
pressed in the chest through shallow breath- 
ing. 

In the morning time, when waking, if the 
patient feels dull and depressed, it is a sign 
that his or her Shen is clinging to the body, 
i.e., the patient’s Shen is clinging to the exces- 
sive energy of the Po. 

4. The Poare closely linked to breathing. Because 


states. Breathing is the pulsation of the Po. 
Each emotional change the body experiences 
is related to a shift in the body’s respiration 
rhythm. Because breath control relies on the 
Lungs which influence the sympathetic and 
parasympathetic nervous systems, the qual- 
ity of Qi and its circulation are dependent 
upon the method, speed, and quality of the 
breath. To support the greatest longevity pos- 
sible, it is important to breathe with a long, 
slow, and even quality to the breath. The 
breath (air from Heaven) interacting with the 
Poin the Lungs, plays a significant role in the 
Heaven-Man-Earth concept for balancing the 
emotions. 

The Lungs’ virtues are righteousness and 
courage. These virtues give a person the drive 
and strength to do the “right thing” when the 
need arises. These virtues manifest and pro- 
mote good health when a correct energetic 
and balanced alignment with the Po is 
achieved (between the Lungs breathing pat- 
tern and the Po). 


. The Po are connected to sexuality on the sen- 


sation level. All instinctive sexual reactions 
and passions come under the authority of the 
Po. In human life, the Po are linked to the ba- 
sic instincts and perceptions of the body. The 
Po provide the fundamental biological energy, 
and are the source of biological needs and 
impulses. They are driven by basic instincts 
and urges, and their sole concern is the im- 
mediate gratification of biological needs and 
impulses (emotional and physical survival, re- 
productive urges, etc.). Most self destructive 
behavior, such as an attraction to unhealthy 
and dangerous life-styles, is due to the Po. 


. Because of the Corporeal Souls’ relationship 


with the Lungs and Large Intestine, the anus is 
considered the “Po Men” or “the door of the 
Po.” It acts as a doorway for the elimination of 
the waste products for the Five Yin Organs, 
through draining off impure liquids and waste. 
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THE KIDNEYS STORE THE ESSENCE 
SPIRIT “ZHI” 

The Chinese term Zhi (translated as “will’”) is 
the prenatal spiritual entity associated with the 
Kidneys, and is not the personal will of the ego 
that is driven by our desires. The term Zhi has 
two meanings. It means memory, but it also means 
willpower. Both are primary features of the Zhi. 
The word Zhi can also be used to mean the Mind 
(whole body consciousness and awareness). In 
connection with the five mental aspects of the 
Mind, the Three Ethereal Souls, Seven Corporeal 
Souls, the Shen, the “intellect,” and the “will- 
power” are sometimes referred to as the Five Zhi. 


MEMORY 

Memory is defined as the ability to remem- 
ber information when studying or learning a par- 
ticular subject or pattern. The Kidneys keep a de- 
termined focus on our goals, not forgetting where 
we are going and what we are working to achieve; 
they maintain a vital mindfulness. The Kidneys 
relate to short term memory, whereas, the Heart 
governs the body’s long term memory (Figure 
13.15). This is why elderly patients, whose Kid- 
neys are declining, often cannot remember what 
day or year it is, but can remember events long 
past. 


WILLPOWER 

This is the most important aspect of the Zhi, 
because it is responsible for supplying the mental 
drive, willpower, determination, and single 
minded pursuit of goals and aspirations. It enables 
the realization of ambitions by providing the fo- 
cussed energy necessary to carry ideas to fruition. 
A powerful Zhi creates the magnetism and cha- 
risma necessary to manifest and materialize our 
dreams. 

Even though a person has acquired all the in- 
formation available via the Hun, Po, and Yi, with- 
out the Zhi there can be no action. Although the 
Hun give us the goal (thinks of something), the 
Zhi is needed to accomplish it (decides and acts 
on it), A person with well-developed Zhi demon- 
strates perseverance, determination, and a tenac- 
ity to complete personal goals. Patients with De- 
ficient Zhi become indecisive and fearful. Patients 
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Figure 13.15. Three Ways the Body Stores Memory 


with Excess Zhi have a blind obedience to author- 
ity, or tend to be fanatics. 

The goal of the Qigong doctor is to reach such 
a level of attainment that his or her personal will 
merges with Heaven’s will (Tian Zhi) becoming 
one and the same. Tian Zhi is considered the 
movement of the divine expressed in man as his 
personal virtue (De). 

A man’s virtue is defined as his spiritual righ- 
teousness, the authenticity of his heart and actions. 
It is through the acquisition of virtue that man 
finds and possesses his true nature. If man’s vir- 
tue is initiated into the “mysterious” (embracing, 
Heaven's will), his intuitive evolution will give 
way to limitless perception. 

Tian Zhi is a divine inner prompting that 
guides us on our spiritual quest, if we are open to 
its message. Tian Zhi is what we can call the di- 
vine will and carries within it man’s purpose in 
life. 

THE FIVE YIN ORGAN CULTIVATION 
OF SHEN 

The Shen indicates the vitality level, and the 
state of physical, mental, emotional, energetic, and 
spiritual being. A flourishing vitality is a mani- 


festation of the Jing, Qi, and Blood inherent within 
the Five Yin Organs. These five components of the 
Shen are expressed through psychological mani- 
festations (Figure 13.16). They form the bases of 
the patient's emotional characteristics. Each of the 
emotional components of the Five Yin Organs con- 
tribute to the patient's spiritual manifestation; 
adding or detracting from the natural harmony 
of the patient's spiritual nature. 

The activity of conscious thinking, insight, 
and intelligence are the foundational aspects of 
the body’s Shen, activated by the patient’s Heart 
(wherein the Shen resides). The Heart is also re- 
sponsible for the long term memory of the body’s 
sensory memories (the perceptions, feelings and 
sensations related to hearing, seeing, smelling, 
tasting, and touching) and sleep. These sensory 
activities carry over from the other internal organs, 
due to their relationship with the Five Yin Organs. 
Emotional disturbances that affect the Heart can 
cause energetic changes in the patient’s body, in- 
fluencing health, toward recovery from diseases 
or illness by impeding or facilitating bodily func- 
tions (see Healing the Patient’s Emotional Pain, 
Chapter 31). 

When cultivating the Shen, it is important for 
the Qigong doctor to keep in mind that the spirit 
is indivisible from matter, and that an individual's 
emotional and spiritual well-being and develop- 
ment depend upon the healthy functions of the 
internal organs. When the Shen leaves the body 
(through shock, trauma, stress, depression, guilt, 
shame etc.), the Qigong doctor can observe a di- 
minishment of glow in the patient’s complexion, 
lack of luster in the eyes, along with changes in 
the respiration rate and state of mind. 

Once the patient's Shen is disturbed, the Qi is 
affected. This in turn leads to the body’s Jing be- 
coming weakened. Patients with this condition are 
generally taught Medical Qigong exercises and 
prescriptions to not only tonify and strengthen 
their body’s internal organs to improve their im- 
mune system, but also to improve the overall con- 
dition of their emotional/ spiritual state. Even a 
low vitality of spirit can cause emotional distur- 
bances that can scatter or stagnate the body's Qi. 
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Figure 13.16. The body's Shen is physically housed in 
the Five Yin Organs. Each Yin organ houses a particular 
psycho-spiritual and energetic aspect of the human 
being. For example: The pulse is stored in the Heart, 
which is the residence of the Shen (Spirit}, and placed 
in the front of the body, the Blood is stored in the Liver, 
which is the residence of the Hun (Three Ethereal 
Souls), and placed on the left side of the body, the Jing 
is stored in the Kidneys, which is the residence of the 
Zhi (Willpower), and placed on the back, and the Qi is 
stored in the Lungs, which is the residence of the Po 
(Seven Corporeal Souls) and placed on the right side 
of the body. 


The Yi (Intention) resides in the Spleen and is placed in 
the center of the body, governing the Qi of the four 
aspects of spiritual manifestation, distributing them 
along the body's Taiji Pole. When Jing and Blood 
combine Shen is bom. The Hun follow the Bicod along 
in all its movements. The Po follow the Jing along in all 
its movements. The state of Qi and Blood of each organ 
can influence the Mind and the Spirit, any alteration of 
the Mind or Spirit affects one or more of the internal 
organs. 
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Advanced cultivation methods utilize the en- 
ergy of the Five Yin Organs, flowing to and from 
the body’s Taiji Pole. It is from the Thrusting 
Channels along side the Taiji Pole that the energy 
of the Shen is dispersed into the body’s Yin and 
Yang Organs and then into the extremities (Fig- 
ure 13.17 - 13.18). 


SHENGONG CULTIVATION METHODS 

The key to enhancing the Qigong doctor’s de- 
velopment of energy, is through learning how to 
control the vast amount of Qi within the body, 
without compulsively “Shening out” (allowing 
the spirit to leave because the body feels uncom- 
fortable). To avoid disconnecting from the body, 
the Qigong doctor practices several specific train- 
ing methods of Shengong cultivation. When fo- 
cusing on Shengong cultivation and regulation, 
there are four traditional disciplines the doctor 
must adhere to: Nourishing and Strengthening the 
Shen, Housing the Shen, Combining the Shen with 
Respiration, and Combining the Shen with Qi 
(Figure 13.19). 
NOURISH AND STRENGTHEN THE SHEN 

The Qi is able to nourish and strengthen the 
Shen through proper Qigong regulation. This is 
brought about through a form of coherent light 
meditation, that focuses the doctor’s Shen on a small 
circle of light (generally about the size of a marble 
or pearl). The doctor’s focus of concentration can 
extend either externally onto a specific point out- 
side the body, or internally on a specific point in- 
side the body (e.g., the Upper Dantian). Through 
this focused “coherent light” (light with wave pat- 
terns that are all in step or in phase), itis possible to 
build the Shen’s strength and refine its power. 
Through focused intention on a specific area, the 
Qi and Shen condenses together forming a more 
powerful type of energetic projection. 
HOUSING THE SHEN 

By disciplining (i.e., quieting) both the emo- 
tions and thoughts the Shen becomes relaxed and 
tranquil, and remains in its residence (the Heart). 
The Shen must not be allowed to become attracted 
to outside emotional disturbances. The goal is to 
allow the Shen to be energized but not excited. 
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Figure 13.17. The Five Thrusting Channels as seen from 
the top of the head. Located within the Five Thrusting 
Channels are the “Five Portals of the Heavenly Gate.” 
These gates include four entry points which surround 
the Baihui (One Hundred Meetings} point. These four 
points are known as the Sishencong or “Four Spirit 
Hearings” and are the access points for the upper 
spiritual matrix surrounding the body's Taiji Pole, and 
connect the Five Thrusting Channels of the upper gates 
with the Five portals of the Earthly Gates. 
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Figure 13.18. The Five Thrusting Channels as seen from 
the perineum. Located on base of the Five Thrusting 
Channels are the “Five Portals of the Earthly Gate.” 
The Fire point is at the location of the Huiyin point on 
the Conception Vessel (C\V-1), the Water point is at the 
location of the Changqiang point on the Governing 
Vessel (GV-1)}, the Wood and Metal points are located 
just below the ischial tuberosity, lateral to the ana! 
sphincter. These points are known as the access points 
for the lower spiritual matrix surrounding the body's Taiji 
Poie. 


COMBINING THE SHEN WITH THE 
RESPIRATION 

Once the Shen has been nourished, strength- 
ened, and housed, it is then connected with the 
doctor’s breath. Once the Shen is combined with 
the respiration, maximum healing results can be 
obtained by releasing Healing Sounds and Qi pro- 
jection simultaneously. 


COMBINING THE SHEN WITH THE QI 

The final stage is for the doctor to be able to 
direct the Shen in coordination with the life-force 
energy being emitted into the patient. Since Shen 
projects as light and Qi projects as vapor, this com- 
bination of Spirit and Energy projection is very 
powerful, especially when combined with heal- 
ing colors and sounds. 


THE SIX TRANSPORTATION’S OF SHEN 

The psychic abilities developed in Medical 
Qigong training result from a well-developed in- 
tuitive faculty, brought about through Shengong 
meditations. Through these meditations the Yuan 
Shen can transcend the space-time continuum, as 
both space and time are multidirectional and in- 
terconnected. 

Shengong meditations cause altered states of 
consciousness that differ substantially in subjec- 
tive and objective observation from the general 
norms for that individual. As the Qigong doctor 
dissolves his or her Shen into the Wuji, the sub- 
conscious will be able to see forward and back- 
ward in time, unhampered by distance. 

The conscious mind acts as a filter, seeking to 
analyze every perception, and attempts to identify 
and categorize each perception. Once the conscious 
mind is engaged, the flow of perception usually 
stops because the perceptions arising from the sub- 
conscious are usually vague (often with multiple 
messages). Qigong doctors must train themselves 
to first root (ground / stabilize) the acquired mind, 
in order for their perceptions to come through in a 
pure form, void of thoughts and judgments. 

The ancient Qigong masters explained the 
ability to access the manifestations of Shen as fol- 
lows: “by rooting the acquired mind (Zhi Shen), 
the Heart (Yuan Shen) opens up to 10,000 voices 
(Wuji).” Meaning that, when the “chattering 
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mind” is anchored into the Earth through focused 
intention, the Heart is able to perceive the spiritual 
realm (the 10,000 voices), or be aware of its con- 
nectedness to the multidirectional space-time con- 
tinuum. 

Extraordinary abilities that develop from the 
cultivated spiritual consciousness include: telepa- 
thy, clairvoyance, clairaudience, precognition, 
time travel into the past, levitation, and 
teleportation. ° 

The Qigong doctor experiences different psy- 
chological adjustments when opening to the deep 
spiritual transitions of Shengong meditations. The 
adjustments the doctor will experience include: 

1. Time distortion, 

2. Deep mystical states of perception and intu- 
ition, 

3. Deeper and more powerful levels of self heal- 

Ing, 

4. A more spontaneous reaction to movement 
and sound, and 
5. Difficulty communicating verbally. 
CULTIVATING THE SPIRITUAL 
CONSCIOUSNESS TO OBTAIN THE SIX 
TRANSPORTATION’S OF SHEN 

In Shengong meditations, it is through the use 
of imagery and creative visualization that the 
doctor’s altered states are developed, and a con- 
nection is forged with the Yuan Shen and Eternal 
Soul. 
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After the doctor’s Shen has entered into a qui- 
escent state, his or her altered state of spiritual 
conscious can be initiated through choosing one 
of the following five images. 

1. The doctor is instructed to go inward into the 
center of the Taiji Pole to connect with his or 
her Yuan Shen and Eternal Soul. 

2. The doctor is instructed to go into an imagi- 
nary temple or sacred place located within the 
astral plane to connect with his or her Yuan 
Shen and Eternal Soul. 

3. The doctor is instructed to float upwards into 
the Heavens to connect with the eternal source 
of his or her Yuan Shen and Eternal Soul. 

4. The doctor is instructed to ascend out of the 
body (after reliving the death of a past life 
experience) and receive the knowledge 
learned from that experience collected from 
by the Yuan Shen and Eternal Soul. 

5. The doctor is instructed to allow the Yuan 
Shen to directly connect with the Eternal Soul 
and transmit information. ; 

The Higher Self and Eternal Soul are usually 
considered as the same thing, and are often re- 
garded as the “Master Within.” In Jungian psy- 
chology, the collective unconscious (Wuji} is ac- 
cessed through the subconscious mind (Shen) in 
the form of dreams or directly through “visions.” 
The personal subconscious (Shen) has several el- 
ements: 

* the anima, which is the wise man (influ- 

enced by the Hun)-for males, or 

¢ the animus, which is the wise woman (in- 

fluenced by the Hun)-for females, plus 

¢ the shadow, which is the individual’s dark 

side (influenced by the Po). 

Once the Qigong doctor has cultivated the 
Shen into a high level of effective energy (absorb- 
ing and projecting energy from the universal, as 
well as the immediate environment), the result is 
a gradual unveiling of six supernatural diagnos- 
tic powers known as the Six Transportations of 
Shen. 

These six metaphysical abilities not only en- 
able the Qigong doctor to accurately evaluate a 
patient's state, but also to predict the probable fu- 


ture progressions of the patient's life as well as of 
his or her disease. The Six Transportations of Shen 
are: Observing the Present, Comprehending the 
Past and Observing the Future, Knowing a 
Person’s Thoughts, Perceiving a Person’s Destiny, 
Hearing the Sounds of the Universe, and Exam- 
ining the Universe (Figure 13.20). 

OBSERVING THE PRESENT 

The Qigong doctor must first quiet the Zhi 
Shen’s (acquired mind) analytical chattering by 
housing its energy within the Five Yin Organs. As 
the Mind becomes rooted, the doctor’s breathing 
slows and the Lung Qi harmonizes with the Heart 
Qi. Once the Seven Po are quieted in their resi- 
dence and the Zhi Shen is rooted, the Yuan Shen’s 
messages can come through clearly without in- 
terference. The Yuan Shen is always connected to 
the Wuji where all knowledge is stored. The Yuan 
Shen is always at the “center of time” where it 
can gather and absorb the patient’s past and 
present experiences, emotional reactions and 
thought patterns. It is from the Qigong doctor’s 
intention and focus to be at the “center of time” 
that he or she can observe the present state of 
“now.” 

Observing the past is the ability to analyze 
and accurately discern the actual state of present 
situations (the here and now). By keeping away 
from conscious intervention, the Yuan Shen is free 
to truly listen and perceive as an “observer.” The 
doctor’s ego is not engaged and his or her mind’s 
subconscious observer receives and reviews the 
patient without bias. 

This enables the doctor to thoroughly analyze 
and comprehend events and situations clearly and 
unambiguously. It is through this state of percep- 
tion that the Qigong doctor can accurately discern 
the true emotional problems which disturb his or 
her patient's energetic balance. 
COMPREHENDING THE PAST AND OBSERVING 
THE FUTURE 

Comprehending the past and observing the 
future is the ability to analyze and understand the 
thought patterns of the patient, the reasons these 
patterns take place, and to accurately predict the 
outcome of future events based upon those pat- 
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Figure 13.20. The Six Transportations of Shen 





terns. By observing the patient from the active 
state of being in the “present,” the Qigong doctor 
is free to travel within the infinite space (Wuji) 
enveloped within the patient’s tissues. The 
doctor’s Yuan Shen has no need to astral travel to 
obtain this information. The doctor’s energetic 
connection to the patient’s energy body gives him 
or her direct access to the personal information 
needed. It is from this internal space that the 
Qigong doctor can begin to access the memories 
existing within the patient's body (stored within 
the cells of the tissues). 

At the subatomic level, the body and its cells 
contain a great deal more energetic space than 
matter. The doctor can directly access the internal 
Wuji enveloped within the patient's tissues and 
cells to retrieve the patient’s past memories and 
emotions. Through tracing the patient’s emo- 
tional, mental and spiritual development a greater 
understanding of the patient’s present condition 
is achieved. After the doctor’s Yuan Shen has gath- 
ered this information, it can be further analyzed 
by the doctor’s Zhi Shen, and organized to accu- 
rately determine the cause and effects on the 
patient’s present state. 

Through understanding past patterns of 
thought and emotional reactions, the doctor can 
then predict future patterns of change and transi- 
tion. These predictions are quite accurate, since 





people are prone to repeat programmed patterns 
indefinitely, unless there is an internal spiritual 
transition that frees them from this subconscious 
patterning. 
KNOWING A PERSON’S THOUGHTS 

This is the ability to sense the thoughts, judg- 
ments, fears, and emotions of another person, 
knowing their innermost fears and subconscious 
thoughts. The subconscious mind of the doctor 
communicates with the subconscious mind of the 
patient. This is a nonverbal, telepathic communi- 
cation. It is therefore important for the doctor to 
monitor his or her thoughts and feelings, as they 
are automatically being projected into the subcon- 
scious mind of the patient. After the treatment is 
over the doctor may discuss with the patient any 
important information received that would be 
helpful to the patient. 


PERCEIVING A PERSON’S DESTINY 

This is the ability to predict future events and 
upcoming transitions in an individual's life based 
on the doctor’s understanding of the patient's past 
energetic patterns. Through the Yuan Shen’s abil- 
ity to perceive the past and present, the doctor is 
able to understand the patient’s mind, thoughts, 
acquired characteristics and personality. Above 
all, however, the doctor is able to perceive the 
individual's true nature that exists behind all of 
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the patient’s external masks. The doctor’s Zhi 
Shen (postnatal mind) is then able to analyze and 
categorize the individual’s patterns. Through de- 
ductive thinking, the doctor is able then to per- 
ceive the probable outcome and development of 
these repetitive patterns. This enables the doctor 
to help the patient to identify the patterns that 
require restructuring and give added encourage- 
ment and advice, when needed. 

This spiritual counsel or guidance is extremely 
important for healing transitions since old pat- 
terns established in the three energy matrixes 
(Jing, Qi, and Shen) must be changed together to 
achieve a more permanent healing. Otherwise, the 
illness is likely to reappear. The spiritual matrix 
sets the foundation for the energetic matrix, which 
in turn sets the foundation for the physical ma- 
trix. 


HEARING THE SOUNDS OF THE UNIVERSE 

This is the ability to hear sounds, music, and 
voices not audible to the normal hearing. This is 
not to be confused with schizophrenia -- a mental 
illness that causes a person to hear voices; the dif- 
ference is that the schizophrenic cannot think 
clearly, the mind is very confused and unordered. 

The ability to hear the sounds of the universe 
is also the ability to be aware of, and receive, di- 
vine inspiration or messages (clairaudience). 
These abilities allow the doctor to affect the lives 
of those they know or soon will know. The 
doctor’s own inner-voice can guide, instruct, 
teach, and lead the doctor to ever higher states of 
enlightenment. 

Through inner hearing, the Qigong doctor is 
able to listen to, as well as understand, the reso- 
nant sounds generated by life-force energy and 
spiritual entities. This enables the doctor to tap 
into an unlimited source of divine knowledge and 
wisdom, which in turn allows the doctor to be 
present for the patient's highest good. 
EXAMINING THE UNIVERSE 

This is the ability to actually perceive current 
objects, events, or people that may not be dis- 
cerned through the normal senses. It is the ability 
to perceive both time and space on a spiritual di- 
mension (clairvoyance), to understand and ac- 
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knowledge one’s part, and to accept one’s divine 
calling in life. It is also the ability to understand 
how one’s spiritual calling affects both the cos- 
mos and mankind. Through inner-vision the 
Qigong doctor is able to see inner-visions of di- 
vine enlightenment, observe and exchange infor- 
mation with celestial beings, and find holy places 
for spiritual sanctuary. 

The metaphysical abilities of the Six Transpor- 
tations of Shen are spiritual manifestations from 
the Eternal Soul. Once the Qigong doctor regu- 
lates his or her spiritual life, these abilities become 
a natural course of experience, giving way to the 
development of eight supernatural powers. A 
chart describing the interaction of the body’s Eter- 
nal Soul with the energetic functions of the Three 
Dantians and Five Yin Organs’ Wu Jing Shen (Five 
Essence Spirits) is depicted in Figure 13.21. 


THE EIGHT SUPERNATURAL POWERS 

Once an individual has obtained the Six Trans- 
portations of Shen, his or her psychic abilities de- 
velope into eight supernatural powers. These 
powers can be utilized in the individual's personal 
spiritual practice. Through these eight supernatu- 
ral powers the doctor’s Yuan Shen can allow him 
or her the ability to transcend all physical bound- 
aries and invoke certain spiritual manifestations. 
The eight supernatural powers are described as 
follows. 

1. The ability to make the one’s physical body 
light. 

2. The ability to make the one’s physical body 
heavy. 

3. The ability to reduce one’s energetic body to 
the size of an energetic particle. This allows 
an individual the ability to astral travel into 
the subtle energetic and spiritual realms of 
existence. 

4. The ability to expand one’s energetic body to 
an infinite size. This allows an individual the 
ability to connect to, through, or envelop ob- 
jects, as well as energetically protect people, 
places and things. 

5. The ability to call into existence and attain 
one’s specific needs or desires. Due to the 
individual's strong connection to the divine, 
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he or she may manifest through faith that 
which is desired. 

6. The ability to experience and enjoy one’s de- 
sires fulfilled. 

7. The ability to gain authority over one’s situa- 
tions. First and foremost, the individual will 
obtain the spiritual authority over a specific 
situation, then the authority over the emo- 
tional, mental and physical realms follow. 

8. The power to attract and control things. This 
allows an individual the ability to engender 
help and security (in the form of outside coun- 
cil, finances, and spiritual and emotional sup- 
port) in order to exercise power over specific 
situations. 


SOUL PROJECTION, SPIRIT 
PROJECTION AND ENERGY 
PROJECTION 

The phenomena of Soul Projection, Spirit Pro- 
jection and Energy Projection is known and ac- 
cepted as a natural part of existence in almost ev- 
ery culture in the world. The holy men and women, 
shamans, and energy healers of many primitive 
societies were required to prove their powers by 
exercising these spiritual and energetic abilities. 

Tibetan Buddhism {influenced by the ener- 
getic practices of Indian cosmology) contains 
elaborate doctrines about Soul Projection (also 
known as Astral Projection), Energy Projection, the 
Astral Body, and also describe the feats individu- 
als can perform while out of their physical bod- 
ies. Some of these doctrines are quite similar to 
the traditional Daoist teachings which are evident 
in advanced Daoist Shengong training. 

All Chinese systems used for inducing Shen 
and Qi projections use visualization, concentra- 
tion, willpower and the individual's innate skill. 
The three types of external projections are: Soul 
Projection, Spirit Projection, and Energy Projec- 
tion. 

* Soul Projection occurs when the body’s Eter- 
nal Soul is externally projected out of the body, 
while still attached to the Middle Dantian 
through a Silver Cord; 

* Spirit Projection occurs when the body’s Shen 
is externally projected outside of the body as 
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an energetic vehicle of light; 
¢ Energy Projection occurs when the body’s Qi 
is externally projected out of the body like an 

energetic vapor (Figure 13.22). 

In Soul Projection, Spirit Projection and En- 
ergy Projection, the effects of time are not acknowl- 
edged outside of the physical realm. Within the 
Astral Plane, time is omnipresent, there is no past 
or future, only the individual's perception of it. 

The body has an established relationship to 
both the physical and spiritual world. The physi- 
cal world of the living is considered a Yang state 
of existence, while the supernatural-spiritual 
world is in a Yin state of existence (see Chapter 
19). As the Qigong doctor’s Shen reaches a high 
state of sensitivity, he or she can transcend the 
ordinary senses and normal conscious percep- 
tions. These abilities enable the doctor to observe, 
communicate and even travel within the “higher” 
and “lower” spiritual Yin world. There are nine 
energetic levels of Heaven (i.e., the higher astral 
planes), and nine energetic levels within the 
Earthly spiritual realm (or lower astral plane). 

It is important to note that the term “higher” 
and “lower” astral realm has nothing to do with 
the actual space, but with the energetic and spiri- 
tual vibrational levels. The higher and lower as- 
tral planes overlap and exist within the same space 
as the physical plane. This blending between the 
higher planes, lower planes and the physical plane 
creates energetic dimensions (or places) where the 
separation between these worlds is thin. In these 
energetic dimensions, lower beings can reach and 
attach onto an individual — even though the indi- 
vidual is not directly within the astral regions. 

The energetic frequency of each astral being 
determines the spiritual level wherein it exists. 
Beings of higher frequency, for example, vibrate 
at a faster rate and reside in the higher, less dense 
astral dimensions; whereas beings of lower ener- 
getic frequency can only dwell in the dense lower 
astral levels. 

Negative feelings (e.g., worry, fear, anger, etc.) 
produce a lower vibrational rate that can not only 
keep an individual’s spiritual vibration at a lower 
level, but can also attract lower level astral beings 
to that individual. 


Soul Projection 


Spirit Projection 
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The Eternal Soul is projected out of the body, 
attached to the Middle Dantian through a 
Silver Cord. 


The Shen is projected outside of the body as an 
energetic vehicle of light. 


Energy Projection $$ $$ _ _ _$_$$—The Qiis projected out of the body like an energetic 


vapor. 


Figure 13.22. Sou! Projection, Spirit Projection and Energy Projection 





SOUL PROJECTION 

Soul Projection is the skill of sending the 
body’s Eternal Soul (at will) to other places, times 
and dimensions (or worlds) in order to retrieve 
knowledge and experiences that assist the indi- 
vidual in his or her spiritual evolution. It is a non- 
physical world in which time and space have no 
meaning or influence. The astral dimensions form 
a parallel universe that exists both within and 
outside ourselves. 

The Eternal Soul is a fluid energetic form that 
can disengage from the physical body and travel 
about as a disembodied apparition taking the 
human consciousness along with it. It can pass 
through walls, travel to higher dimensional 
worlds, and encounter nonhuman creatures and 
mystical masters. Many Qigong masters use Soul 
Projection to seek spiritual knowledge, travel 
through time to view the past, explore other spiri- 
tual dimensions, engage in astral sex, or view the 
“infinite knowledge” {i.e., Messages) contained 
within the Wuji. 

When the Eternal Soul begins to leave its en- 
ergetic chamber, the brain wave patterns slow to 
a theta pulse. The body may feel paralyzed, and 
begin to vibrate as if an electrical current were 
passing through it. 

There is also an odd roaring sound heard in 
the ears before the Eternal Soul separates from the 
body’s tissues, or sometimes buzzing noises, mu- 
sical notes, humming sounds, or chattering voices 
can be heard. When leaving the physical body, 


sometimes a swaying sensation can be felt as the 
astral body separates from its physical shell. The 
astral body can either spin out or float out of the 
physical body. When traveling in the astral body 
individuals may observe streaks of light flashing 
behind them as they travel. 

As the Eternal Soul travels, a silver energetic 
cord is attached from either the top of the head 
(at the Baihui area) or at the Lower Dantian (at 
the umbilical area). This energetic cord is the me- 
dia through which an individual retains his or her 
awareness of the physical self while projecting. 
This energetic cord is constructed of subconscious 
spiritual energy and maintains the individual’s 
protective perceptual awareness of his or her 
physical body. It is believed by some that if this 
cord is severed the individual will die. 

When the Eternal Soul (in its astral form) ap- 
proaches someone, there is a feeling of electricity 
and coolness that is general felt. While in its phan- 
tom form, the Eternal Soul can display telekinetic 
powers (e.g., knocking on walls or tables, closing 
a half open door, etc.). 

Warnings and Contraindication 

Do not practice Soul Projection just before, or 
during, thunderstorms as the electromagnetic 
buildup in the atmosphere can hamper your abil- 
ity to leave or return to the body. Also avoid ap- 
proaching any kind of power-line during Soul 
Projection, there is a risk of getting caught by the 
power-line and becoming “stuck” (like a fly in a 
spider web). 
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1. A Body of Light 


2. An Animal Form 


3. A Ghost or Saint 


4. The Immortal Observer 


5. The Element Body 








This energetic form resembles an energetic 
duplicate of the individual’s physical self. It 
involves creating a near exact energy body 
duplicate of oneself (often with improvements, 
e.g., no wheelchair, or the elimination of other 
physical challenges). 


This energetic form resembles that of an 
animal (known as Shape ae: It is an 
ancient Daoist Shamanistic skill used to 
transcend the astral plane, and to take on the 
consciousness and energetic behavior, skills 
and perceptions of the animals the shamans 
assumed. 


This energetic form resembles that of a Ghost 
or Saint (also known as an Invocation). it 
involves energetically taking on the image, 
form, and personality characteristics of a 
departed individual or spiritual deity. 


This energetic form resembles that of an All 
Seeing Eye (also known as The Astral Eye). 
It involves creating an energetic ball of light 
in the Upper Dantian at the Yin Tang (Third 
Eye) area. The large eye surrounded by a 
sphere of light is released from the Yin Tang 
area to gather psychic impressions via a long 
enerpene cord attached to the Upper Dantian. 
As the eye returns, its energetic form is 
absorbed back into the individual's Upper 
Dantian. These gathered images are then 
analyzed and the information is assimilated 
before the energy is dispersed into the 
individual’s Lower Dantian (and then down 
the legs and into the Earth). 


This energetic form usually resembles that 
of different elements of nature, such as wind 
(as vaporous mist), Water, Earth ane terrain) 
or Fire. The ancient Daoist would use these 
elemental forms of nature as a disguise in 
order to obtain information or spy on hostile 
intruders. 


Figure 13.23. Types of Spirit Bodies Used in Spirit Projection 


Do not practice Soul Projection while recov- 
ering from an acute sickness (the drain on your 
energetic reserves can make you more susceptible 
to further illness). 


SPIRIT PROJECTION 

Spirit Projection is the skill of sending the 
body’s Shen (at will) to other places, times and 
dimensions (or worlds) to retrieve knowledge and 
experiences to assist the individual in his or her 
spiritual evolution. 

Spirit Projection (also known as mind projec- 
tion, remote viewing, mind travel or traveling 
clairvoyance) can entail a combination of “genu- 
ine” observation with an extrasensory percep- 
tional ability to gather information. When 
individuals perform traveling clairvoyance in the 
form of Spirit Projection, they can send their con- 
sciousness anywhere in the world. Awareness is 
not physical in nature, it is experiential, totally 
nonmaterial and cannot be limited to, or fully con- 
tained within the body. 

Spirit Projection is practised through the cre- 
ation of an energetic vehicle for the spirit body, 
such as a body of light, an energetic form of an 
animal, or a ball of light. An energetic shape is 
formed through the imagination and intention. 
The individual then transfers the energetic con- 
sciousness from his or her physical body into the 
energetic vehicle. This energetic form can re- 
semble various patterns shapes and sizes to serve 
the individual's purpose (Figure 13.23). 

As the individual thinks about a person or 
place, his or her body will be pulled to that object 
like a magnet, followed by a flood of images. The 
spirit body can fly over various terrains as it trav- 
els (e.g., oceans of water, deserts, mountains, for- 
ests, etc.). Once the spirit body arrives at its desti- 
nation, the individual is able to feel and experi- 
ence the area’s environmental Qi (e.g., the humid- 
ity, wind, cold, heat, light, darkness, etc.). 

After traveling in the spirit body the indi- 
vidual must reabsorb the energetic body back into 
his or her physical body to retain a clearer memory 
of the experiences. 

Warnings and Contraindication 
Do not perform too many Spirit Projections 
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within a relative short time span. Excessive Spirit 
Projection has a tendency to weaken the Kidneys 
and drains the body’s Wu Jing Shen. 

While traveling, be careful of what your in- 
tentions are, as like begets like. Any negative pro- 
jection, emotion or evil intention brought into the 
astral plane will quickly rebound back to the in- 
dividual, or may attract negative entities that feed 
off of these lower vibrations. 


ENCOUNTERING ASTRAL BEINGS 

Within the subtle realm of the spiritual world, 
the existence of spiritual entities and ghosts are 
divided into Yin and Yang. While traveling in the 
astral realm, an individual can encounter either 
type of spiritual entity. 

1. The Yang Beings native to the higher astral 
realm vibrate at a faster energetic rate, and 
are associated with more advanced, highly 
evolved beings, such as angels, guides, beings 
of the light, and enlightened masters. 

2. The Yin Beings native to the lower astral realm 
vibrate at a slower energetic rate, and are as- 
sociated with lower, less evolved beings, such 
as devils, demons, spirits of darkness, evil 
spirits, and other similar negative spiritual 
manifestations. 

In all truth, the astral body cannot be hurt the 
same way that the physical body can. The astral 
body can, however, carry back to the physical 
body mental, emotional, and spiritual scars, or 
hitchhiking negative astral beings, all of which can 
negatively affect the physical body. 

All actions and reactions on the astral plane, 
whether productive or destructive, are a product 
of the individual’s belief system (you bring about 
each condition according to your faith). 


ENERGY PROJECTION 

Another type of life-force energy that the body 
can project outside its physical structure is Qi. Qi 
Projection is emitted outside the body like a fine 
vaporous mist, enveloping and sensing every- 
thing that it touches. Similar to Soul Projection and 
Spirit Projection, Qi Projection is directed accord- 
ing to the individual's intention, imagination, will, 
and faith. Distance therapy, pertaining to Qi emis- 
sion, can be observed as energy leaving the doc- 
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tor’s hand like heat waves emanating towards an doctor sends to his or her patient. This constitutes 
external object. Within this emitted life-force en- the energetic foundation for Medical Qigong 
ergy is contained the doctor’s Shen (Spirit), as well therapy. 

as the energetically encoded “Messages” that the 
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SECTION III 
DAO YIN TRAINING 


CHAPTER 14 


INTRODUCTION TO DAO YIN TRAINING 


Qigong developed into a systematic healing art 
for health preservation during the “Warring States” 
period in Chinese history (476-221 B.C.). Records 
from that time contain documentation of symptoms, 
treatments, and specific points of attention given 
within the body and energy channels, by doctors 
practicing Medical Qigong, as well as details of the 
effects of these Qigong exercises. 

The Huang Di Nei Jing (The Yellow Emperor's 
Classic of Internal Medicine) states, “to treat diseases 
it is important to use both Dao Yin and An Qiao.” 
These are two names given to Medical Qigong 
therapy in ancient times. 

“Dao” refers to physical movements, which are 
guided by the strength of the mind to stimulate the 
body’s Qiand bring about a state of relaxation. “Yin” 
refers to the fact that with the aid of physical move- 
ments the body’s Qi can reach the extremities (feet, 
fingers, and head). Dao and Yin together mean to 
lead and guide the energy through both motion and 
quiescence. This therapy includes mental, respira- 
tory, and postural exercises. 

“An” has two meanings, “massage” and the 


Static Qigong Training 


Dynamic Qigong Training 


“up and down movement of the wrists.” “Qiao” 
means “to lift up.” An Qiao refers to the methods 
of the postural Dao Yin exercises. The basic hand 
and body methods of postural Dao Yin training 
are as follows: 

* Kai (Opening) 

¢ Fen (Separating) 

¢ He (Closing) 

¢ Tui (Pushing) 

¢ Rou (Rubbing) 

¢ Xuan (Rotating) 

¢ An (Pressing) 

These are the foundational movements a 
Qigong doctor will use in order to purge, dis- 
perse, gather, tonify, emit and guide Qi. The train- 
ing of energy is achieved and implemented pri- 
marily through a combination of dynamic (active) 
and static (quiescent) exercises and meditations. 
Although Medical Qigong schools are diverse 
and complex in their form and content, they can 
all be divided into two main branches of ener- 
getic cultivation: Static Qigong and Dynamic 
Qigong (Figure 14.1), 


1.Dispersing into the Wuji 
2.Breath Regulation 
3.Mind Concentration 
Imagination and Observation 
5.Static Relaxation Qigong 
6.Inner Nourishing and Strengthening Qigong 


1.Guiding and Inducing 
2.Massage 

3.Tapping and Striking 
4 Self-inducing 

5.Hard Qigong 





Figure 14.1. Two Main Branches of Energetic Cultivation: Static Qigong and Dynamic Qigong 
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STATIC QIGONG TRAINING 

This training involves bringing about and 
keeping a quiescent state of mind and breath. In 
fixed postures (lying, sitting, or standing) the prac- 
titioners can train to accumulate substantial Qi in 
their Lower Dantian, while circulating it through 
their bodies. Static Qigong training is further di- 
vided into six different schools of practice: Dis- 
persing into the Wuji, Breath Regulation, Mind 
Concentration, Imagination and Observation, 
Static Relaxation Qigong, and Inner Nourishing 
and Strengthening Qigong. 

1. Dispersing into the Wuji requires the practi- 
tioner to dissolve his or her energy into infi- 
nite space, or the Void, without focusing or 
directing their attention on any object from 
the extemal environment. 

2. Breath Regulation requires moving Qi inter- 
nally or externally while inhaling, exhaling, 
or swallowing the breath, etc. 

3. Mind Concentration requires concentrating 
the mind on one fixed internal or external 
point. 

4. Imagination and Observation require disci- 
plining the imagination with vivid, colorful 
visualizations. 

5. Static Relaxation Qigong requires the relax- 
ation of both body and mind, keeping them 
in a constant state of quiescence. 

6. Inner Nourishing and Strengthening Qigong 
require the use of multiple Static Qigong mo- 
dalities (for example; Breath Regulation com- 
bined with Imagination and Observation). 


DYNAMIC QIGONG TRAINING 

This involves training the body, mind and Qi 
simultaneously, to promote the functional activi- 
ties of Qi and to enhance its free flow throughout 
the body’s channels. These exercises often require 
standing or walking, and affect muscular tension, 
weight distribution, Blood and Qi circulation, as 
well as the functional activities of the major or- 
gans. These exercises are differentiated by vari- 
ous kinds of body movements and can be divided 
into five different schools of training: Guiding and 
Inducing, Massage, Tapping and Striking, Self- 
inducing, and Hard Qigong. 
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1. Guiding and Inducing requires physical 
movements such as dancing, mimicking ani- 
mal movements, and gymnastics. 

2. Massage focuses on both the manipulation of 
specific points and channels, as well as on the 
knowledge of muscles, tendons, and bone 
structure. 

3. Tapping and Striking focus on using patting, 
slapping, tapping, and striking techniques 
with the fingers, palm, fist, wooden stick, or 
material in a cloth bag. 

4. Self-inducing training encompasses small to 
large physically strenuous Qigong move- 
ments. 

5. Hard Qigong focuses on martial arts training 
in Iron Palm Training, Iron Body Training, etc. 
The incorrect employment of dynamic or static 

principles of Qigong exercises and meditations can 
cause energetic deviations which are capable of ei- 
ther hindering, or harming, the individual's health. 
There are two purposes for Medical Qigong devel- 
opment: To Protect and Strengthen the Body’s 
Health, and To Treat Diseases. 

1. To protect and strengthen the body‘s health: 
Medical Qigong exercises are prescribed in ac- 
cordance with the individual’s physical con- 
stitution, state of health, emotional constitu- 
tion, climate, and different seasons. 

2. To treat diseases: Medical Qigong exercises are 
prescribed in accordance with the individual's 
symptoms, pathological condition, and de- 
gree of severity, complications, and the con- 
stitution of the patient. 


PRINCIPLES OF YIN AND YANG IN Dao 
YIN TRAINING 

Both static and dynamic Qigong methods 
supplement each other when combined equally. 
No matter which static or dynamic method is prac- 
ticed, one of the four principles of Yin and Yang 
will always be adhered to: Quiescence in Motion, 
Action within Motion, Motion in Quiescence, and 
Stillness within Quiescence. 

1. Quiescence in Motion is referred to as a Yin 
within Yang technique, and requires being 
quiet, calm, and still on the inside while be- 
ing active on the outside. 


Posture 


Dao Yin ~___s Breath 


Training 
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Essence 


Energy 


Spirit 


Figure 14.2. Dao Yin Chart 





2. Action within Motion is referred to as a Yang 
within Yang technique, and requires being 
active both on the inside and on the outside. 

3. Motion in Quiescence is referred to as a Yang 
within Yin technique, and requires being ac- 
tive on the inside while being quiet, calm, and 
still on the outside. 

4. Stillness within Quiescence is referred to as a 
Yin within Yin technique, and requires being 
quiet, calm, and still both on the inside and 
on the outside. 


THREE FOUNDATIONAL METHODS OF 
DAO YIN TRAINING 

The diverse methods of practicing Medical Qi- 
gong exercises fall within three categories of Dao 
Yin training: Posture Dao Yin training, Respira- 
tory Dao Yin training, and Mental Dao Yin train- 
ing. 

1. Posture Dao Yin consists of posture training 
for Medical Qigong therapy. It is divided into 
six specific types of training: walking, stand- 
ing, sitting, kneeling, lying, and massaging. 

2. Respiratory Dao Yin consists of breathing ex- 
ercises for Qigong training, and therapy that 
includes various techniques of inhaling, exhal- 
ing, aspirating, blowing, and holding the 
breath. 


3. Mental Dao Yin training requires that the 
thoughts be concentrated on one object, plac- 
ing the cerebral cortex into a special inhibi- 
tory state. In various Medical Qigong circles 
in China this method is commonly referred 
to as “the internal keeping of the mental 
state.” 

The Dao Yins are taught in a postnatal ener- 
getic progression of Jing (posture) to Qi (respira- 
tion), to Shen (mind and emotion). In this way, 
the body regulates and supports the production 
of energy, which in turn regulates and supports 
the production of Spirit (Figure 14.2). 

Despite the fact that many postures and move- 
ments may vary according to the specific styles of 
each Medical Qigong school, the primary benefit 
of each exercise will: 

¢ improve and strengthen the patient's metabo- 
lism, 

¢ smooth the Qi of the channels and collaterals, 

* strengthen the body and mind, 

¢ emotionally detoxify the internal viscera, and 

¢ facilitate the increased flow of Righteous Qi 

(the Qi that fights the pathogenic invasion of 

Evil Qi) within the body. 
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CHAPTER 15 


POSTURAL DAO YIN TRAINING 


The goal of Postural Dao Yin training is to 
promote the regulation and circulation of Qi. Part 
of this training involves learning the techniques 
to guide the internal energy to flow using the 
movements and changes in the electromagnetic 
fields of the hands and body. 

Success in Medical Qigong training is directly 
related to the correctness of the body’s alignment. 
Correct posture regulates the Heart, and results 
in a calm mind; with a relaxed mind it is easy to 
lead the flow of Oi downward, to affect the Blood 
circulation and pulse. When the body is incor- 
rectly aligned, it disturbs the smooth flow of Qi; 
energy then becomes obstructed or deviates, re- 
sulting in a restless Mind (both the thinking mind 
and the whole body consciousness). 

The proper sequence of relaxation and energy 
circulation within the body is as follows: 

1. the muscles are first to relax, 

2. followed by the tendons and ligaments, 
3. next, the nerves relax, and 

4, finally the bones. 

Once the muscles, tendons, and ligaments re- 
lax, the Qi can circulate freely through the chan- 
nels and collaterals. The skin and muscles are gen- 
erally the first level of awareness cultivation. The 
sensations of Qi and Blood circulation are usu- 
ally experienced by the practitioner as heat, tin- 
gling, fullness, and expansion. The Chinese call 
these sensations the Eight Energetic Touches, 
which are known as the first of three transforma- 
tions of energy (also known as the Subtle Won- 
ders, see Chapter 29). 

The next level of awareness involves the 
deeper flows of Qi within the nerves; this feels 
like an electric vibration, or an energetic current 
traveling through the body. Sometimes, due to an 
energetic surge released from within the body’s 
organ system or channels, an electric shock is felt 


through the extremities or through the entire body. 

The final level of Qi circulation awareness in- 
volves the Qi circulation within the bones and the 
Marrow. In the beginning stages it sometimes feels 
cold and arthritic in the joints (especially within 
the extremities). These sensations will later de- 
velop into a vibrational resonance which is felt 
deep within the bones. 

The main point of Postural Dao Yin is to seek 
a state of physical and energetic balance. Postural 
Dao Yin is also divided into two distinct methods 
of treatment: Static Posture and Dynamic Posture 
training. 
STATIC POSTURE DAO YIN TRAINING 

This method includes quiet movement while 
in the position of lying, sitting, standing, or walk- 
ing, and is used to accumulate and strengthen the 
practitioner’s internal Qi. Before performing the 
static posture forms for Medical Qigong therapy, 
it is important to note that static posture training 
is divided into three basic modalities: Choosing 
the Proper Beginning Posture, the Inhaling and 
Exhaling Methods, and Opening and Closing the 
Lower Dantian. 

1. The purpose of the choosing the proper be- 
ginning posture is to calm the Heart and re- 
lax the mind, and focus on a specific goal for 
training the body’s life-force energy. 

2. When the energy begins to flow freely, the 
practitioner focuses his or her attention on 
each inhalation and exhalation for the specific 
goal of tonification, purgation or regulating 
the life-force energy. 

3. The purpose of the “opening and closing” of 
the Lower Dantian ending postures is to bring 
the body’s energy back down into the Lower 
Dantian and to root the Qi. Rooting the Qi in 
the Lower Dantian after Qigong practice 
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avoids creating Excess conditions within the 
body’s internal organs. 


CHOOSING THE PROPER POSTURE 

Medical Qigong meditations and prescrip- 
tions are not limited to sitting practice alone. Each 
of the different lying, sitting, standing, and walk- 
ing postures has its own specific form of medita- 
tion. 

The lying, sitting, and standing postures cre- 
ate the foundational base for Static Posture Dao 
Yin training. Each static posture can induce the 
body’s energy to descend quickly into the Lower 
Dantian. The selection of the appropriate tech- 
nique and body position is determined by each 
practitioner’s body type (structural formation) 
and the condition of the individual’s physical 
health. The length of time that a practitioner fo- 
cuses on the Medical Qigong prescription is also 
determined by the individual's specific disease as 
shown in the following examples. 

¢ Patients with digestive problems, gastropto- 
sis, or prolapse of the internal organs should 
begin their training while lying supine (on 
their back), with their knees pointing upward, 
their buttocks elevated 4 inches off the 
ground, and their feet flat on the floor. 

* Patients with gastrointestinal diseases should 
begin their training lying flat on their backs. 

As the condition improves, they should com- 

bine lying and sitting meditations to promote 

the digestion and absorption of food. 
¢ Patients with Heart disease, hypertension, or 
nervous disorders should begin training from 

a sitting position. Later, they should combine 

sitting and standing meditations in order to 

direct their Qi and Blood downward. 





Figure 15.1. Sleeping Dog Posture 


* Patients with Lung diseases, asthma, chronic 
bronchitis, emphysema, or cardiopulmonary 
function disorders should begin their train- 
ing from a semi-reclining position (usually a 
45 degree angle) to help respiration flow 
smoothly and to alleviate stress on the Lungs. 
In the hospital, each pillow that the patient 
uses for elevation represents the degree of 
strain that is placed on the Lungs. The patient 
is said to have strong Lungs, for example, if 
he or she is reclining and breathing comfort- 
ably on one pillow. If however, it takes three 
pillows before the patient is reclining comfort- 
ably, the Lungs are considered weak and con- 
gested (e.g., in cases of dyspnea). 
Patients with severe physical weakness (e.g. 
chronic fatigue syndrome and fibromyalgia) 
should begin their training from a lying or 
sitting position. Later, they can combine sit- 
ting and standing meditations as their consti- 
tution improves. 


PRIMARY AND SECONDARY POSTURES 

Patients are taught a primary and a second- 
ary posture to prevent fatigue, and increase the 
healing effect of the Medical Qigong prescriptions. 
A primary standing posture is performed, for ex- 
ample, in the morning when the patient is stron- 
gest, and the energy is cleanest. A secondary sit- 
ting posture is performed in the afternoon, or 
evening when the patient is tired, with a focus on 
quiet regulation. 

After a patient has learned a particular lying, 
sitting, or standing meditation, he or she can be 
taught the secondary posture without the risk of 
depleting his or her Qi. 





Figure 15.2. Supine Posture (Hibernation Posture) 


LYING POSTURES 

The Chinese saying, “The body should lie like 
a bow,” is a perfect description of the curled posi- 
tion of the patient’s body, while in the Sleeping 
Dog posture (Figure 15.1). This particular posi- 
tion is beneficial for aiding digestion and the ab- 
sorption of food. 

In prescribing the Sleeping Dog posture, the 
patient should lie on their right side with the left 
knee bent and the right leg extended straight. To 
avoid compressing the Heart, do not allow the 
patient to lie on their left side. Keep the patient's 
head raised slightly to allow the Blood to flow 
downward into the torso. Have the patient bend 
the right arm at the elbow. 

When the patient is chronically ill, however, 
an exception is made. In this case it is important 
that the patient lie on the “healthy side” and not 
the side of the diseased organ (e.g., in cases of 
Liver disease, patients might lie on their left side). 
Remember to always adjust the patients’ postures 
as needed and encourage them to practice “natu- 
ral breathing.” 

Another popular posture is called the Hiber- 
nation posture. By lying supine in the Hiberna- 
tion posture, the patient will regulate the func- 
tional activities of the central nervous system (Fig- 
ure 15.2). Lying supine is also suitable for patients 
with serious diseases who are debilitated (this is 
also a sleep inducing method of training). 


SITTING POSTURES 

The Chinese saying, “The body should sit like 
a bell,” describes the secure (or rooted) position 
of the patients’ body, especially the lower legs and 
torso. Sitting is the most commonly used position 
for Medical Qigong therapy. This position helps 
the patients to relax and focus their mind’s intent. 

There are several sitting postures used in 
Medical Qigong therapy, and are prescribed ac- 
cording to the patient's flexibility: sitting upright 
on a chair (Figure 15.3), a cross-legged posture 
called the Full Lotus, another called Half Lotus, 
or with the legs loosely crossed (Figure 15.4-6). 
Make sure the patients sit on a raised cushion in 
order to keep their buttocks slightly higher than 
their knees. 
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Figure 15.5. Cross-Legged Buddhist Greeting 
Posture 
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Figure 15.6. Cross-Legged Buddha’s Warrior Attendant 
Posture 
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One of my Medical Qigong instructors in 
China suggested elevating the hips at least four 
inches off the floor when meditating, to avoid 
undue stress on the lower back, spine, and leg cir- 
culation. This elevation of the hips forms a triangle 
between both knees and the Lower Dantian, es- 
tablishing a firmer connection to the Earth energy. 
This allows the Earth Qi to easily flow from the 
patients’ knees and coccyx into their body. 

When sitting in a chair meditating, the feet 
should touch the ground firmly, instead of being 
suspended in midair. This allows the Earth Qi to 
flow easily from the patients’ feet into their body. 
Otherwise patients may develop swollen feet and 
lumbago due to Blood stagnation, or even hallu- 
cinations. 

Keep the patients’ spine straight by aligning 
the tip of the nose on a vertical line with the na- 
vel, to release pressure and tension on the cervi- 
cal nerves. 


STANDING POSTURES 

The Chinese saying, “The body must stand 
like a pine tree,” describes a relaxed position of 
the body’s structure, standing with the bones 
stacked on top of each other, from the ground up. 
Standing meditations are particularly tonifying in 
nature, and are absolutely essential for accumu- 
lating Qi. The advantage of the standing position 
is that the flow of energy can be easily regulated 
and promoted. This posture helps to normalize 
blood pressure, and calm the Heart. Standing 
meditations also produce a unique psychophysi- 
ological change within the patients, allowing them 
to shed energetic obstructions, and to create a 
healthier body, mind, and spiritual awareness. 
Standing meditations are also essential for the 
Qigong doctors, as it facilitates the accumulation 
of Qi that is necessary for the emitting of energy. 

Standing meditations, however, are not suit- 
able for patients who are extremely ill or in poor 
health. Therefore, exercises in the standing pos- 
tures should only be prescribed for minimal du- 
rations during convalescence, to build up the pa- 
tients’ constitution, promote health and to en- 
hance their strength slowly. 

The body should be held in an upright posi- 
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Figure 15.7. Wuji Posture 





Figure 15.9. Buddhist 
Greeting Posture 





Figure 15.41. Embracing 
Dantian Posture 


Figure 15.8. Immortal Post 
Posture 
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Figure 15.10. Extending 
Palm Posture 





Figure 15.12. Square- 
Round Posture 


tion, with three points connected ina straight line: 
Baihui GV-20 point at the top of the head, Huiyin 
CV-1 point at the bottom of the perineum, and 
the Yongquan K-1 point at the bottom of the feet. 
The patient's posture should be kept relaxed, still, 
solid, and rooted like a tree. The patient should 
also imagine their feet growing roots deep into 
the ground, to absorb the Earth’s energy from the 
soil. 

Standing exercises are usually accompanied by 
a variety of hand positions (Figures 15.7-15.12). The 
most popular are (1) Wuji: hands hang down by 
sides, (2) Immortal Post: hands embrace an invis- 
ible ball, (3) Buddhist Greeting: both hands press 
together at the solar plexus level, (4) Extending 
Palm: both hands press downward, (5) Embracing 
the Dantian: folding the hands and resting them on 
lower Dantian, and (6) Square-Round: left palm’s 
heel rests inside the right palin’s center. 

Ineach posture, whether lying, sitting, or stand- 
ing, the function and flow of body energy shifts and 
changes in relationship to, and as a manifestation 
of, the patient's mental belief structure. 

If, for example, the patient while standing, 
shifts his or her weight and mental focus onto the 
balls of the feet, the energy will naturally flow 
through the front of the body via the front Yin 
channels. If the patient shifts his or her weight and 
mental focus onto the back on the heels, the en- 
ergy will naturally flow through the back of his 
or her body via the back Yang channels. The cen- 
ter of the feet connect the patient’s flow of energy 
to the Taiji Pole and can be used either to transfer 
the energy forward or backwards. 

Generally, before beginning standing medita- 
tions, patients are encouraged to relax, sink, and 
shift their body weight back and forth between their 
heels and their toes. This practice massages their 
internal organs and disperses any blockages by 
stimulating the corresponding organ areas at the 
bottom of the feet as described in the therapeutic 
use of the Lower Hexagram Yaos (see Chapter 3). 

Patients should inhale while shifting their 
weight backwards and exhale while shifting for- 
wards. Their attention should be placed on their 
internal organs and the body’s surrounding field 
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of energy. The patients’ awareness is also focused 
on the body moving back and forth, like the 
rhythm of an ocean tide. 

Women are generally encouraged to practice 
meditation in the standing position (especially 
around the time of their menstruation), as the sit- 
ting position tends to decrease energy circulation, 
and may cause energy blockages in their lower 
abdominal area. 


THE EIGHTEEN RULES OF PROPER 
MEDICAL QIGONG STRUCTURE 

The most important basic techniques of Medi- 
cal Qigong training are guided by eighteen rules 
of proper form and structure. The main point of 
Postural Dao Yin training is to relax and seek qui- 
escence while in the various postures. Tension in 
any area of the body restricts the whole structural 
system, since the body seeks to balance its struc- 
ture naturally by shifting its energy and weight. 
The general function of the muscles is to guide 
the flow of energy through the channels. 

The following is a list of the Eighteen Rules 
for proper standing postures, these rules apply to 
every school of energy cultivation: 

1. Stand with the feet flat, 
2. Bend the knees, 
3. Relax the hips, 
4, Round the perineal area, 
5. Close the anal sphincter, 
6. Pull in the Stomach, 
7. Relax the waist, 
8. Tuck the chest in, 
9, Stretch the back, 
10. Relax the shoulders, 
11. Sink the elbows, 
12. Hollow the armpits, 
13. Relax the wrists, 
14. Suspend the head, 
15. Tuck the chin, 
16. Close the eyes for inner vision, 
17. Close the mouth and turn your hearing in- 
wards, and 
18. Touch the tongue to the upper palate, 

Each of these eighteen rules is described in 

detail as follows. 
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RULE 1——-STAND WITH THE FEET FLAT 

Stand with the feet flat, parallel to the out- 
side of the shoulders. Weight should be distrib- 
uted evenly on both feet about an inch and a half 
inward (anterior) from the heels, and perpendicu- 
lar to the tibia. Focus on dropping the weight 
down behind the legs, not down the front. This 
action takes the pressure away from the knees and 
places it in the center of the feet (Figure 15.13). 

Stretch the feet and let the toes softly grasp 
the ground to keep the body firmly rooted as you 
tuck the sacrum under (Figure 15.14). Relaxing is 
important. Rigid, contracted feet disrupt the flow 
of energy from the Earth into the body. The Kid- 
ney energy flowing within the bone can be ac- 
cessed by shifting the weight onto the heels. The 
Heart energy can be accessed by shifting the 
weight onto the balls of the feet. The weight in 
the center of the feet accesses the Taiji Pole. 

While training, the feet may vibrate or feel hot, 
as if on fire. This is a normal reaction to correct pos- 
tural training and is beneficial because it dissolves 
the calcium deposits stored within the extremities 

of the feet. If, however, the Fire in the feet is too 
intense (due to Excess Liver Fire), hit the heels on 
the ground and rub the lumbar spine, using the 
mind’s intention to send more of the Kidney Yin 
(Water) down to the feet to cool the Fire. 

RULE 2—BEND THE KNEES 

The knees should be slightly bent and facing 
the same direction as the feet. The knee caps 
should be directly aligned and extended no fur- 
ther than the tips of the middle toes. Do not allow 
the knees to twist inward. 

To secure the structure, imagine holding a 
large beach ball between the knees. Many patients 
develop knee problems because they extend their 
knees too far forward or allow their knees to twist 
to the side, rather than aligning them with the toes. 
If pressure is felt on the sides or front of the knees, 
check the positioning. Knees that are unable to 
point in the direction of the toes are most often 
the result of tight hip joints (Figure 15.15). If the 
energy in the legs is tightly constricted around the 
knee area, Qi flow will be severely limited. A re- 
laxed knee-joint, on the other hand, will increase 
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Figure 15.13. Stack the bones on top of each other from 
the bottom of the feet to the skull. 





Baihui 
GV -20 


Huiyin 
CV -1 


Yongquan 
Kd-1 
Figure 15.14. The three points (Baihui, Huiyin, and Yong 
quan) can be connected by a straight line. 
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Figure 15.15. Keep the center of the body’s weight 
aligned to the center of the knees, to relax the connective 
tissue surrounding the knees. 


the Qi and Blood flowing through the legs, mak- 
ing it easier to relax the hip and to round the 
perineal area. 

Relaxing the knees also permits free flow of 
energy through the three descending Yang chan- 
nels on the outside of the leg, and the three ascend- 
ing Yin channels on the inside of the leg (Figure 
15.16). The techniques for relaxing the knees will 
vary according to the emotional and structural pat- 
tern of each individual, as emotions of fear, etc., have 
a tendency to gather and pool behind the knees. 


RULE 3-——RELAX THE HIes 

Drop the buttocks slightly while sinking the 
Qi from the upper torso into the Lower Dantian, 
and relax the hips. Keep the hips facing forward. 
The buttocks should be gently tucked under the 
body to facilitate straightening of the spine and 
the keeping the Qi in the Lower Dantian. 

Imagine a weight of a thousand pounds hang- 
ing from the coccyx (Figure 15.17). As the weight 
pulls down, tilt the sacrum under the body, When 
the hip-joints are relaxed, the lower limbs will be 
able to move freely. 


RULE 4—ROUND THE PERINEAL AREA 

There are three parts to rounding the perineal 
area. First, set the knees apart, turning them both 
outward. This allows the groin and hips to shift 
to an anterior tilt. Second, bring the knees back 
together and turn them inward, while also relax- 
ing the hips. This allows the groin and hips to shift 
to a posterior tilt. Third, suspend the perineal area 
to lift the perineum and the anus slightly. This al- 
lows the groin and hips to come to a center bal- 
ance and to sink. Rounding the perineal area keeps 
the perineum free from pressure, yet sealed. This 
ensures better functional activities of the Qi, and 
allows the “lower door” (the anus) to remain 
closed to avoid leakage of vital energy. 


RULE 5—CLOSE THE ANAL SPHINCTER 

The anus is called the Lower Bridge and it is 
where the Yang and Yin channels meet and com- 
bine. The anus is considered the door of the Seven 
Corporeal Souls (Po). Although the anal sphinc- 
ter is held closed, it is important that the perineum 
remain relaxed. There are three stages in control- 
ling the anal sphincter: 
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Figure 15.16. Relaxing the knees also permits the free 
flow of energy through the ascending Yin channels and 
descending Yang channels of the legs. 








Figure 15.17. Imagine a 1000-pound weight hanging 
from the coccyx and a heavenly cord suspending the 
head. 





1. In the first stage, the anus is contracted with 
slight muscle control, and the energy is di- 
rected into different energy centers along the 
Microcosmic Orbit. When first beginning, in- 
hale and expand the abdomen while imag- 
ining that the anus is connected to the navel 
and is pulling up towards it. On the exhala- 
tion, contract the abdomen and draw the en- 
ergy from the navel back down towards the 
anus. Next, inhale and create a connection 
between the anus and the Mingmen. On the 
exhalation, draw the energy from the 
Mingmen back down towards the anus. It is 
important to synchronize the drawing up of 
the anus towards the navel and Mingmen area 
with the expansion and contraction of inha- 
lation and exhalation. This will facilitate a 
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sacral-cranial rhythm throughout the body. 


. In the next stage of training, the constriction of 


the anus is used to lead the energy up the Gov- 
eming Vessel in the Microcosmic Orbit (Figure 
15.18). Upon inhalation, draw the mind’s in- 
tention from the navel towards the anus and 
then down to the tip of the spine (the coccyx), 
allowing the Qi to flow up the spinal column 
towards the Mingmen, past the Shendao to the 
base of the skull. Upon exhalation, roll the eyes 
back into the head and use the intention to meet 
the energy at the base of the skull. Next, lead 
the energy over the Baihui at the top of the head 
and down the Conception Vessel and back 
down to the naval. 


. At the third stage, imagine twisting the energy 


of the anal sphincter, spiraling the Qi up the 
center of the body, to connect with the Baihui 
area at the top of the head. Close the anal muscle 
gently, inhale and imagine the energy vibrat- 
ing and spiraling in a counterclockwise direc- 
tion up the body’s Taiji Pole. This connects the 
Lower, Middle, and Upper Dantians through 
the Taiji Pole. Upon exhalation, lead the vibrat- 
ing Qi down the Taiji Pole in a clockwise spiral 
ending within the Lower Dantian area. Con- 
tinue this meditation until the entire body 
pulses with the rhythm of the Taiji Pole. 

The anus is divided into five regions: Front, 


Middle, Back, Left, and Right. By contracting the 
anus in different parts, you can bring more Qi to 
the various organs and glands. 


1. 
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The Front region opens the gate to the sexual 
organs, as well as to the Conception Vessel 
when it is contracted. 

For Men, this will affect the prostate gland, 
Bladder, Small Intestine, thymus gland, thy- 
roid gland, parathyroid gland, mouth, nose 
and front part of the brain (Figure 15.19). 
For Women, this will affect the vagina, uterus, 
vena cava, aorta, Stomach, thymus gland, 
thyroid gland, parathyroid gland, mouth, 
nose, pituitary gland, and front part of the 
brain (Figure 15.20). 


. By contracting and pulling the middle region 


of the anus, more Qi is drawn into the Thrust- 
ing Vessel and Taiji Pole, as well as to the geni- 


diaphragm 


Bai Hui 
GV-20 


base of 
the skull 
GV-15 


Shendao 
GV-11 


Mingmen 
navel GV-4 


CV-8 


anus 


Figure 15.18. The anus is used to draw the Qi from the 
navel into the Lower Dantian and lead the Qi up the 
Governing Vessel. 


* 





tals, aorta, vena cava, Stomach, Heart, thyroid 
gland, parathyroid gland, tongue, pituitary 
gland, pineal gland, and Baihui area (Figure 
15.21). 


. By contracting the back region of the anus the 


Qi is connected to the Governing Vessel, as 
well as the sacrum, lumbar, thoracic and cer- 
vical vertebrae, and the cerebellum (Figure 
15.22). 


. By contracting the left side of the anus the Qi 


connects to the left side of the body. 

For Men, this affects the left testicle, Large 
Intestine, left Kidney, left adrenal gland, 
Spleen, the left side of the Heart, left Lung, 
left ear, left eye, and left hemisphere of the 
brain (Figure 15.23). 

For Women, this affects both ovaries, both 
Kidneys and both adrenal glands, Spleen, 
Liver, Heart, both Lungs, thyroid gland, par- 
athyroid gland, and both hemispheres of the 
brain (Figure 15.24). 


. The Right Side. By contracting the right side 


of the anus the Qi connects to the right side of 
the body. 

For Men, this affects the right testicle, Large 
Intestine, right Kidney, right adrenal gland, 
Liver, Gall Bladder, right side of the Heart, 
right Lung, right ear, right eye, and the right 
hemisphere of the brain (Figure 15.25). 
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* For Women, this affects both ovaries, both 
Kidneys and both adrenal glands, Spleen, 
Liver, Heart, both Lungs, thyroid gland, par- 
athyroid gland, and both hemispheres of the 
brain (Figure 15.26). 

RULE 6—PULL IN THE STOMACH 

Pull the stomach in above the pubic bone, and 
avoid tensing of the abdominal muscles. This 
helps to restrain the Yuan Qi, thereby increasing 
the internal pressure and promoting the flow of 
internal Qi throughout the whole body. 

RULE 7---RELAX THE WAIST 

If the waist is not relaxed the Qi can not sink 
back to the Lower Dantian. Relax the waist by re- 
laxing the hips and bending the knees. When the 
waist is relaxed, the spine will stand upright, yet 
remain relaxed. 

The waist and the abdomen are two impor- 
tant areas in training and guiding Qi. The abdo- 
men is considered to be the furnace for refining 
Qi. The waist is the residence of the Kidneys and 
Mingmen Fire and is an important junction for Qi 
and Blood circulation. 

The waist is considered the master of the body 
and must be kept sunken and relaxed (Figure 
15.27). As the buttocks tuck under and the waist 
sinks, small pockets should form on the inner 
thighs where the pelvic bones meet the femur 
bones of the legs. Most people usually keep the 
pelvis area tight and immobile, as it is associated 
with shock, fear, and sexual trauma (when this 
area becomes loosened, such emotions are often 
released). 

The specific actions to relax the waist are as 
follows: lift both shoulders in order to stretch the 
back, then release them downward immediately 
as you exhale, relaxing the waist. To achieve genu- 
ine waist relaxation, you must also relax and tuck 
the sacrum, this action opens the sacrum. When 
the sacrum is opened, the Lower Dantian will ex- 
pand and the storehouse of Yuan Qi will be en- 
larged. Be sure that the waist and hips face for- 
ward in the same direction as the knees and feet. 


RULE 8—TUCK THE CHEST IN 
The chest should relax inward so that air flows 
freely and the Qi sinks down into the Lower 
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Figure 15.27. Relax and sink the waist, allowing the 
hips to drop. 





Dantian. Fill the abdomen with air while relaxing 
the chest inward. The back should be open and 
expanded. Relax the scapulae and allow them to 
sink to their lowest point, this will help the shoul- 
ders to sink. Rounding the scapulae (pushing to 
the sides and forward) will help open and expand 
the back. 

Do not thrust the shoulders inward, nor in- 
tentionally close the thoracic cavity. The inten- 
tional tucking in of the vertebral area requires the 
outward opening of the ribs and expansion of the 
intercostal muscles. The action of opening the 
chest outward, then tucking the chest inward, 
helps to relax the thoracic cavity and avoids ten- 
sion in the thoracic muscles. 


RULE 9—STRETCH THE BACK 

The key point to stretching the back is to hang 
the shoulders and “open the scapulae.” When the 
two shoulders drop evenly, the lumbar vertebrae 
straighten out. The function of tucking the chest and. 
stretching the back calms the Heart and Lungs. 


The Heart controls mental and emotional ac- 
tivities, and also directs Blood circulation. When 
the thoracic cavity is spacious and the back is up- 
right, the Heart and mind will be calm, and the 
Lungs will be clear and free from Heat. Tucking 
the chest and stretching the back allows the chest 
and back to relax, permitting the Conception and 
Governing Vessels to communicate with each 
other and improve energy movement. 

Imagine a weight hanging from the coccyx 
and a rope pulling up on the crown point of the 
head. Feel the elongation of the spine with each 
inhalation and exhalation. Remain relaxed (Fig- 
ure 15.28), do not hold yourself unnaturally erect 
and avoid contracting the abdomen to straighten 
the lower back. The abdomen must remain re- 
laxed. When sinking the body's weight, try to feel 
the spine press into the heels of the feet. 


RULE 10—RELAX THE SHOULDERS 

If you relax the shoulder joints and let them 
hang naturally, the shoulders and neck will relax. 
If you elevate your shoulders when you are stand- 
ing or sitting, the energy will not sink and you 
will begin to feel tired, the shoulders will be 
stressed, and the flow of Blood and Qi will be- 
come blocked. 

When the shoulders are encouraged to relax 
and are allowed to drop and roll forward, this 
action facilitates the hollowing of the chest and 
the expanding and opening of the back, allowing 
the energy to flow into the arms (Figure 15.29). 
Try to feel your arms link up with the scapulae as 
the clavicles press downward. Your shoulders 
should remain very loose and free. 


RULE 11—SINK THE ELBowSs 

When practicing the Immortal Post posture 
(refer back to Figure 15.8), and the hands are po- 
sitioned by the Heart, it is important to bend the 
elbows slightly at the elbow joint, holding them 
lower than the hands. 

While in a Wuji posture, imagine that a weight 
is hanging from the elbows, or a sensation of com- 
pression will be felt at the shoulder and elbow 
joints. The elbows should be slightly bent and re- 
laxed, remaining structurally correct and not 
weak, This will help to roll the shoulders forward 
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Figure 15.28. By imagining a rope pulling on the head 
and coccyx, the spine is allowed to naturally stretch, 
expanding the body’s Qi in all directions. 








Figure 15.29. When the shoulder (here viewed from 
above) relaxes, the Qi flow into the arm increases. 
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and open up the back. If the elbows are not bent, 
there will be decreased energy flow (Figure 15.30). 


RULE 12—HOLLOW THE ARMPITS 

Hollow the armpits as if each one is holding 
an egg, this allows the Qi and Blood to flow freely 
in the upper limbs. To relax the shoulders, move 
the tips of the elbows outward to the left and right. 
Avoid sloping or squaring the shoulders. 

When practicing the Immortal Post Posture 
(refer back to Figure 15.8), the arms must embrace 
inward as if holding a large ball or barrel. Do not 
push the elbows out so far that you loose the curve 
in your arm, this is of extreme importance. Your 
arms should not bend inward more than 45 de- 
grees. The energy flowing in your arms is like 
water running through a hose. If you bend it too 
sharply, much of the supply will be cut off. 
RULE 13——-RELAX THE WRISTS 

This includes hollowing the palm, and the 
comfortable curling of the fingers. Relaxation of 
the wrist allows the Shu-Stream points in the wrist 
to communicate with the fingers (see the Five An- 
tique Shu Points in Chapter 8). Hollowing the 
palm and curling the fingers allows for the natu- 
ral stretching and curving of the hand, which pre- 
vents the Qi from diffusing. It is important to 
avoid being rigid and purposefully bending the 
fingers, as all hand postures effects the brain and 
the body’s Qi flow. 

Relaxing the wrists helps to regulate the three 
Yang and three Yin channels of the hands so that 
Qi and Blood can flow freely. The wrist must form 
a line with the shoulders. Do not bend the wrists, 
but hold them straight so that the middle finger 
forms a line with the forearm, allowing the hands 
and fingers to hang relaxed but not limp. 


RULE 14—SUSPEND THE HEAD 

The classics say that “the head is held aloft 
not by force, but as if it were placed there by a 
ruling power.” Hold the head as if it were sus- 
pended, keeping the Baihui point pointed to 
Heaven (Figure 15.31). This produces space in the 
body by elongating the spine. When suspended, 
the head must be kept upright, positioned in the 
middle of the chest and shoulders. This helps to 
set the whole body in the upright position, and 
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Figure 15.30. Allow the bones in the arms to feel heavy, 
naturally stretching the tissues and increasing Qi flow 
to the extremities. 








Figure 15.31. Suspending the head allows the body to 
become sensitive to the surrounding environment and 
external fields of Qi. 


also directs the Qi and Blood to flow upward to 
nourish the brain and the mind. The Shen will be 
reinforced while the Jing and the Qi will be in- 
vigorated (it is the Shen which controls all the 
physical activities). An effective visualization is 
to imagine your head lifting high into space, your 
waist positioned in the clouds, and your feet sunk 
deep into the Earth. 


RULE (5—TvUCK THE CHIN 

The head cannot be properly suspended if the 
chin is not tucked in. Only then can the Baihui 
point on the top of the head be correctly positioned 
and the nasal respiration kept free. 

Tuck the chin and slightly lean forward to 
stretch and straighten the spine. You should feel the 
stretch all the way down into the coccyx. Next, 
slowly shift the weight backwards, stacking each 
vertebra on top of the next, starting from the bot- 
tom of the coccyx and sacrum and moving upwards. 
RULE 16—CLOSE THE EYES FOR INNER 
VISION 

The Chinese have a saying: “close the cur- 
tain.” This refers to dropping the eyelids to facili- 
tate inner-vision, and focusing on any specific ar- 
eas where Qi is being trained or circulated. The 
eyes are of great importance in Medical Qigong 
exercises. It is said that the functional activities of 
Qi are determined by the eyes, and that the eyes 
are the messengers of the mind, and the mind is 
the residence of the Shen. 

Completely closed eyes induce an absolute 
Yin state which is generally used in meditations 
for tonifying any Deficiencies. However, when 
used excessively (with all Yin and no Yang en- 
ergy), the Qi can become too inactive. 

Completely open eyes induce an absolute 
Yang state which is generally used in meditations 
for dispersing any Excesses. However, if over- 
used, or if the patient has an Excess Yang condi- 
tion, this type of meditation can make the practi- 
tioner too restless. 

When the goal is to regulate the body’s en- 
ergy, slightly open the eyes in order to leave a 
small thread of light inside the eyes. This will keep 
the Yang (light) within the Yin (dark), so that the 
Qi will be more balanced. Because energy leaves 
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the body through the eyes, after performing vari- 
ous Medical Qigong exercises, or prescriptions, 
allow your eyes to close halfway to continue the 
cultivation of life-force energy. 

Tightly shutting the eyes causes tension in the 
upper and lower eyelids. Closing the eyelids gen- 
tly, however, will restrain the vision, which helps 
to calm the Shen and the mind. 

When meditating, if the eyes look to the dis- 
tant horizon, they should not be focused but stare 
into infinity, this technique is also called the One 
Thousand Yard Stare, and it helps in regulating 
the venous pressure in the cranial cavity. 

Strive for balance. Each eye has its own spe- 
cific responsibility and energetic function. 

¢ The right eye is generally used to project in- 
tention and extend emotion, energy, and 
spirit out from the body. The right eye relates 
to Water, the Kidneys, Qi, moon, Yin, Earth, 
Metal, and the Po. 
The left eye is generally used to receive, draw- 
ing inimages, emotion, energy, and spirit into 
the body. The left eye relates to Fire, the Heart, 
Shen, sun, Yang, Heaven, Wood, and the Hun. 
If both eyes look upwards towards the Up- 
per Dantian, the body’s energy will draw up 
into the infinite space of the Wuji and merge 
with the divine. 
If both eyes look towards the tip of the nose, 
the Middle and Lower Dantians are linked 
together for transforming Yuan Qi. 
Crossing the eyes results in the union of the 
Wood and Metal, the elements of alchemic 
transition, for increasing the development of 
psychic energy. This intensification of psychic 
development is due to the union of the Hun 
and Po within the body, and is said to con- 
nect the meditator with his or her Yuan Shen. 
After meditation, store the Qi of the eyes be- 
hind the posterior orbital surface of the eye- 
balls themselves. This prevents the eyes from 
overheating and drying out. 


RULE 17—CLOSE THE MOUTH AND TURN 
YOuR HEARING INWARD 

In order to enhance the Yang during Medical 
Qigong exercises, close the lips with the teeth gen- 
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tly touching. Closing the lips will prevent the in- 
ternal Qi from flowing out. 

The Chinese use the expression: “Stopping the 
ears,” which means to focus the hearing inward 
so as to be free from outside interference. 

RULE 18—TOUCH THE TONGUE TO THE UPPER 
PALATE 

When the tongue touches the upper palate, it 
forms what is called the Bird’s Bridge. The con- 
nection of the tongue links both the Governing 
Vessel (which ends at the nose and upper palate) 
and the Conception Vessel (which ends in the 
mouth). As the tongue touches the upper palate, 
the body’s field of Wei Qi expands. This can help 
to eliminate diseases and prolong life. The belief 
is that when someone has a disease, the Govern- 
ing and Conception Vessels are to some extent dis- 
connected. 

Some Qigong doctors test their patients’ 
progress by having them meditate with their 
tongue suspended in their mouth. Upon com- 
mand, they connect the tongue to the upper pal- 
ate. The suddenly increased expansion and 
strength of the patients’ Wei Qi, observed by the 
doctor, indicates the degree of their progress. 

1. The technique called “Gathering the Saliva,” 
begins when the tongue touches the upper 
palate, causing the saliva secretion to be in- 
creased. Saliva contains many enzymes, 
which not only aid digestion, but also benefit 
the patient’s physiology. In ancient China, this 
practice was called Gathering the Immortal’s 
Water or the Juice of Jade to create the Im- 
mortal Pill. 

There is an exchange of Yin and Yang en- 
ergy within the saliva, as Heaven Qi and Earth 
Qi are gathered within man’s Fluid Essence 
in order to create the Immortal Pill. 

Before swallowing the saliva, it is important 
to tilt the head slightly forward (after inhaling). 
Swallow the saliva three times with three big 
gulps, using the breath as a cork to enclose the 
saliva. Send the Immortal Pill, i.e., the combined 
saliva and air down the Conception Vessel, 
bathing the Five Yin Organs, and ending at the 
Lower Dantian. Next, draw the energy up the 
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Governing Vessel into the brain to replenish and 
nurture the Upper Dantian. 

2. There are Five Elemental Tongue Positions. 
Each tongue position is related to one of the 
Five Yin Organs and can be used to direct the 
Qi to that specific organ. Sometimes, while 
practiscing Medical Qigong prescriptions, if 
too much Heat is created, the patient will be 
instructed to “change the tongue position” as 
well as meditation. These Elemental tongue 
positions are described as follows. 

a. The Earth (Spleen) position requires 
that the tongue be placed on the bot- 
tom of the jaw at the base of the lower 
palate, beneath the teeth and gum line 
(Figure 15.32). 

b. The Metal (Lungs) position requires 
that the tongue be placed between the 
maxilla and mandible bones, sus- 
pended, behind the teeth (Figure 15.33). 

c. The Fire (Heart) position requires that 
the tongue be placed on the hard pal- 
ate, at the front of the upper palate, be- 
hind the teeth and gum line (Figure 
15,34). 

4, The Wood (Liver) position requires that 
the tongue be placed on the hard pal- 
ate, at the middle of the upper palate at 
the center of the roof of the mouth (Fig- 
ure 15.35). 

e. The Water (Kidneys) position requires 
that the tongue be placed on the soft 
palate, at the back of the upper palate 
(Figure 15.36). 


DYNAMIC POSTURE DAO YIN 
TRAINING 

While Static Qigong exercises accumulate and 
strengthen the Qi internally, Dynamic Qigong 
exercises train the channels, collaterals, muscles, 
and bones externally. The more dynamic move- 
ment a patient makes, the more the energy will 
be converted and transformed inside the body. 
When dynamic movement is discontinued, some 
of the accumulated energy will begin to dissipate, 
while the remainder will flow through the chan- 
nels and increase the patient's Qi circulation. 





Figure 15.32. For the Earth position, which is related to 
the Spleen, the tongue is placed on the bottom of the 
jaw at the base of the lower palate, beneath the teeth 
and gum line. 
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Figure 15.34. For the Fire position, which is related to 
the Heart, the tongue is placed on the front of the upper 
palate, behind the teeth and gum line. 





The lymphatic system is pumped by normal 
muscular contraction. When a patient performs 
Dynamic Postural Movements, the lymphatic sys- 
tem is flushed, thus freeing the body of toxins. 

Dynamic Qigong is divided into two methods 
of training: The Yun (Yin) Method and the Dong 
(Yang) Method. 

1. The Yun Method is a more Yin approach, and 
employs slow, even, graceful movements. The 
focus of the mind’s intention is placed on the 
internal organs, resulting in emotional relax- 
ation. 

2. The Dong Method is a Yang approach, and 
employs intense physical movements. Focus 
is placed on the movement of the body’s ex- 
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Figure 15.33. For the Metal position, which is related 
to the Lungs, the tongue is placed between the maxilla 
and mandible bones, suspended, behind the teeth. 





Figure 15.35. For the Wood position, which is related 
to the Liver, the tongue is placed on the middle of the 
upper palate at the center of the roof of the mouth. 








Figure 15.36. For the Water position, which is related 
to the Kidneys, the tongue is placed on the soft palate 
at the back of the upper palate. 
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Figure 15.37. Hands Rise, Leading to the Ascending of 
the Qi. 


tremities, resulting in tissue regulation. 

Both Yin and Yang (Yun and Dong) training 
methods must be balanced when prescribing 
proper Medical Qigong exercises. With the Yin 
method, the patient will experience external qui- 
etness with internal energetic movement. With the 
Yang method the patient will develop internal qui- 
etness with external, physically active movement. 


USING THE ENERGY OF THE HANDS TO 
LEAD QI 

Dynamic Postural training is performed by 
the extensive movements of the hands and torso. 
Because the palms have a stronger electromagnetic 
field than any other part of the body, the hands 
are used for leading and guiding the Oi. These 
movements are in harmony with the rotating, 
bending and stretching movements of the head, 
neck, torso, and limbs. Any change of the body’s 
position or movement can change the direction 
or position of the electromagnetic fields of the 
hand. Likewise, any change or movement of the 
hands or palm positions, also changes the direc- 
tion and flow of the electromagnetic field of the 
body. In Medical Qigong therapy the Dao Yin 
Hand Techniques have the following four func- 
tions: 





Figure 15.38. Hands Fall, Leading to the Descending 
of the Qi. 





* Hands Rise—Qi Ascends (Figure 15.37) 

¢ Hands Fall—Qi Descends (Figure 15.38) 

¢ Hands Open—Qi is Spread (Figure 15.39) 

¢ Hands Close—Qi is Restrained (Figure 15.40) 

The positions of these hand techniques can 
be further divided into three ranges: upper, 
middle, and lower. These ranges can relate to ei- 
ther the position of the body’s Triple Burners, or 
the body’s three Dantian areas, depending on the 
specific Medical Qigong prescription, and the 
doctor’s intention for the exercise. The directions 
of these hand movements can further divide a 
posture into four front and four oblique types of 
Qi regulations. Moreover, depending on the arm 
movements, each posture can be divided into Yin 
(palms facing down) or Yang (palms facing up), 
as well as half Yin or half Yang regulations (Fig- 
ure 15.41). 

The actions of these methods supplement, 
regulate, smooth, and reinforce the vital Qi. Us- 
ing these techniques will improve Blood and Qi 
circulation, as well as sharpen the sensory nerves. 
Since all hand postures relate to the brain and the 
function and flow of the body’s energy, they also 
have a psychological and physiological affect on 
the nervous system. 

When training, posture and Qi movement are 


Figure 15.39. Hands Open, Leading to the Spreading 
of the Qi 





sometimes in unity, and at other times proceed in 
opposite directions. Raising the arms, for example, 
causes the energy to rise; if the torso also rises, 
the rising power of the energy increases. This is 
an example of synergistic promotion of Qi regula- 
tion. 

The following are three examples of the use 
of each separate hand action, and demonstrate 
how the body’s reaction to energy can be used to 
treat patients with Medical Qigong therapy. 


Four Hand 


Techniques 
(Ascend, 
Descend, Spread, 
Restrain) 
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Figure 15.40. Hands Close, Leading to the 
Restraining of the Qi 





1. Ifyou have hyperactive ascending Qi (e.g., hy- 
pertension) place your hands, palms facing 
downward, at the side of your body. Inhale 
quickly and move your hands quickly upward. 
Allow the middle fingers on each hand to touch 
each other, connecting the Pericardium Chan- 
nels. Exhale, while slowly moving the hands 
downward along the front and side of the body. 
Purge and guide the Toxic Qi to descend the 
Liver and Gall Bladder Channels down the 


Four 
Front 
Directions 


Yin and Yang 
Postures 


Yin and Yang 
Postures 


Figure 15.41 Hand Position Techniques 
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torso to the hips (GB-30), and then to the out- 
side of the legs (Figure 15.42). 

2. If you have a Yin and Yang imbalance (e.g., 
chronic illness) place your palms facing your 
Lower Dantian and slowly raise them upwards 
to the chest. At the level of the Heart, turn the 
palms away from the body as you move your 
arms outward. Once the hands are extended 
away from the body begin moving them down- 
ward. Regulate the speed of motion of the 
hands and breath in order to guide and induce 
the Clear Yang to ascend (as you raise your 
arms), allowing the Turbid Yin Qi to descend 
(as you lower your arms). This balances the 
body’s Yin and Yang Qi (Figure 15.43). 

3. If you have a Deficiency of ascending Qi (e.g., 
hypotension or prolapse of the viscera) begin 
with the palms facing upward, in front of your 
Lower Dantian. Slowly inhale while gradu- 
ally raising the palms close to your body. 
When exhaling, move the hands downward 
quickly away from the body to avoid any ex- 
cessive downward flow that would counter- 
act the tonifying upward flow (Figure 15.44). 


MEDICAL QIGONG WALKING THERAPY 
Dynamic postural training can be performed 
by keeping the feet stationary and rocking the 
weight between the heels to the balls of the feet, 
or by walking. The Chinese saying, “The body 
must walk like the wind,” describes the relaxed 
placement of the feet and supple stepping tech- 
niques used in Medical Qigong Walking therapy. 
Walking, or Toe-Raised Stepping, as it is com- 
monly called in China, is excellent in treating the 
diseases of the Five Yin Organs. It can stimulate 
the Qi of the Spleen and Liver (due to their chan- 
nels originating on the big toes), and can cause 
the body’s internal Qi to rise and flow vigorously, 
thus reinforcing the function of Qi and Blood. 
With each step of the Walking Meditation, the 
patient should practice tranquil mind and body 
balancing. This is the same imaginative technique 
as is used in standing, sitting, or lying meditations. 
The inner stillness and outer motion are in har- 
mony. Touching the heel to the ground, with the 
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Figure 15.42. With palms facing downward (1), move 
the hands quickly upward (2}. As the hands move slowly 
downward (3}, allow the middle fingers on each hand 
to touch (4). 








Figure 15.43. With palms facing the body (1), move the 
hands upward (2). Face the palms away from the body 
(3) as the hands move downward (4). 





Figure 15.44. With the palms facing upward (1), raise 
the hands slowly close to the body (2}. When moving 
the hands downward (3) in order to start again, quickly 
move them away from the body (4). 


toes raised can also activate the Yin and Yang Heel 
Vessels (which originate from the center of the 
heel), and allow the energy to flow between both 
vessels so that the internal energy, exiting from 
the Yin Vessel, can enter the Yang Vessel, and vice 
versa. This allows the vessels to be dredged and 
the Yin and Yang energies to be regulated. 

The heel is also stimulated when stepping, 
thus increasing the flowing action of the Bladder 
and Kidney Qi (due to their channel placement 
on the ankle). While stepping, focus the intention 
on the Lower Dantian to guide downward any 
abnormal rising of Lung Qi, which can cause 
shortness of breath, and affect the Heart and blood 
pressure. Each step is placed deliberately, with in- 
tention, and without collapsing of the feet. This 
stepping action relieves any Excess Qi syndrome 
of the upper torso and coordinates the balance of 
both the upper and lower portions of the body's 
Qi. Medical Qigong walking therapy consists of 
three training methods. 

1. The Preparation (before walking), consists of 
the following steps: 

* The Opening and Closing of the Three Dan- 
tians, and 

¢ The Stationary Qi Strengthening and Regu- 
lating Exercises. 

2. The Walking Therapy, consists of one or sev- 
eral prescriptions of the Toe Raised-Stepping 
techniques. 

3. The Ending (after walking), consists of the 
following steps: 

¢ Leading the Qi back into the Lower Dantian, 

¢ Kneading the abdomen, and 

* Closing the Dantians and self-massage. 
THE FUNCTIONS AND BENEFITS OF THE 
PREPARATION STAGE (THE OPENING AND 
CLOSING OF THE THREE DANTIANS) 

Before beginning Medical Qigong Walking 
Therapy, the Opening and Closing of the Three 
Dantians must be practiced. In Medical Qigong 
training there is a saying, “When the body is Open, 
the Evil Qi will be expelled. When the body’s sur- 
face is free from Evil Qi, it is better to Close it.” 
The terms “opening” and “closing” refer to the 
purification of the body by means of Opening 
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(purging) and Closing (sealing) specific areas of 
the body. The Opening and Closing of the Three 
Dantians can regulate either an Excess or Defi- 
ciency syndrome that is caused by an imbalance 
between the upper and lower, or interior and ex- 
terior parts of the patient’s body. The purpose of 
the preparation stage is to: 

¢ Eliminate the body's Evil Qi, 

* Descend the Turbid Yin Qi, and 

* Circulate the Clean Yang Qi through the or- 
gans and channels before walking. 

The focus of this particular technique opens 
and closes the Upper Dantian (at the Yintang 
point), the Middle Dantian (at the Shanzhong CV- 
17 point), and the Lower Dantian (at the Qihai CV- 
6 point). 

The Opening and Closing technique utilizes 
four specific disciplines: 

¢ Using the Mind’s Intention, 

* Dividing the Yin and Yang Energy (ascend- 
ing the Clear Yang Qi and descending the 
Turbid Yin Qi), 

¢ The Hand Postures for Opening and Closing 
the Dantian, and 

¢ The Focus on the Breath. 

The Opening and Closing of the Three 
Dantians also requires multiple soft focusing that 
becomes easier with each practice session. Arm 
movements and the breath need to be perfectly 
coordinated; the expelling of Toxic Qi from the 
internal organs needs to be visualized; and the ab- 
domen needs to be contracted while inhaling, and 
expanded while exhaling. The mind’s intention 
must assist in the Opening and Closing of each 
Dantian, the coordinated movements alone do not 
suffice. 

1. When focusing the mind’s intention while 
performing the Opening and Closing tech- 
niques, imagine a dark Turbid energy from 
deep inside the body exiting through the 
body’s pores. As the energy leaves, seal off 
the tissues to prevent it from returning to the 
body. Imagine the dark Turbid energy being 
absorbed into the ground, and being purified 
by the Earth. 

2. The Dividing the Yin and Yang Energy refers 
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to separating the Yin and Yang energy within 
the body for healing. The Yin Qi stores the sub- 
stance of vital energy, and the Yang Qi guards 
against pathogenic Evils and protects the 
body. 

a. Ascending the Clear Yang Qi. When the 
Upper Dantian is Opened and Closed 
it allows the Clear Yang Qi to ascend to 
the upper orifices. The increased circu- 
lation of Clear Yang Qi through the 
channels and organs of the body stimu- 
lates and energizes the body’s surface, 
as well as strengthens the four extremi- 
ties. When the Clear Yang Qi moves up- 
ward its pure nature helps to tranquil- 
ize the Shen. 

b. Descending the Turbid Yin Qi. When 
the Middle and Lower Dantians are 
Opened and Closed, it allows the Tur- 
bid Yin Qi to descend and facilitates the 
storing of the Clear Yang Qi. 


. The hand postures for Opening and Closing 


the Dantian is described as follows. The ac- 
tion for the Opening of Qi is directed by the 
outward movement of the hands and arms, 
and the mind's intent on Opening (or expand- 
ing) the abdomen. 

The Closing of Qi is directed by the inward 
movement of the hands and arms towards the 
abdomen, and the mind’s intent on Closing 
(or contracting) the abdomen. 

The function of the Dao Yin Posture train- 
ing, while regulating the breath and reinforc- 
ing the body’s Qi, relies primarily on the 
movement of the hands and arms to arouse 
and invigorate the Qi circulating in the Large 
Intestine and the Lungs’ channels. The action 
of opening and closing the Upper, Middle and 
Lower Dantians causes the Turbid Yin Qi to 
descend and be expelled, while the Clear Yang 
Qi ascends to the upper orifices of the body. 


. The focus is placed on the breath. The Open- 


ing and Closing exercise uses Reversed 
Breathing, i.e., the abdominal muscles con- 
tract while inhaling and relax and expand 
during exhalation (Figures 15.45 and 15.46). 





Exhale while separating the hands and arms. 


Expand 
the 
abdomen. 


Sy Mh 


Figure 15.45. The Opening of Qi is directed by the 
outward movement of the hands and arms and an 
opening (or expanding) intention in the abdomen. 


This method of breathing is also referred to 
as Daoist breathing. The action of abdominal 
compression acts as a bellow to purge any 
Toxic (Yin) Qi from the body. These contrac- 
tions and expansions of the abdomen are com- 
bined with the mental focus on the Lower 
Dantian. The nerve plexuses in the Lower 
Dantian area are considered, in modem Medi- 
cal Qigong theory, to connect the Tai Yang 
Channels (Major Yang channels). If the mind 
is concentrated on the Lower Dantian for a 
long period of time, a conditioned reflex will 
occur that causes the nerve plexuses to pro- 
duce bioelectricity, which spreads into the 
surrounding areas of the Tai Yang channels. 
This reflex causes the small blood vessels and 
capillaries to dilate. This reaction reduces the 
pressure in the blood vessels and improves 
Blood circulation to the Heart. 
¢ Contraindications: 
It is important to note that Reversed Breath- 





Te the 
abdomen. 


Figure 15.46. The Closing of Qiis directed by the inward 
movement of the hands and arms toward the abdomen 
for a closing (or contraction). 





ing is contraindicated for young children, older 
patients and for people suffering from high 
blood pressure, stroke, or Heart diseases. In 
these cases, the Reversed Breathing techniques 
should be replaced with Natural Breathing. 
When practicing with Natural Breathing, the 
patients imagine Heavenly Qi descending into 
their body, filling and expanding the Lower 
Dantian, as they inhale. This expansion of the 
abdomen (upon inhalation) allows their Lower 
Dantian to Open, causing the Heavenly Qi to 
naturally purge the body of Toxic Qi. Upon 
exhalation, the patients contract their lower 
abdominal muscles to Close and seal their 
Lower Dantian. 
THE OPEN AND CLOSE THE THREE DANTIANS 
METHOD 
Normally an exercise begins with an equal 
number of inhalations and exhalations receptively, 
as the arms move toward the body, and away from 
the body. In this particular exercise, however, 
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when approaching each separate Dantian, the first 
Open and Close action is to be performed by in- 
haling through the entire movement, without any 
exhalation. This action stimulates the opening of 
the Dantians. For the second through fourth Open 
and Close movements, the patients exhale when 
Opening and inhale when Closing. Practice the 
Opening and Closing of the exercise, step by step. 
¢ Begin from Wuji posture. Raise your arms and 
hands to face the Upper Dantian. As you in- 
hale, sperate your arms outward away from 
the body as you contract the abdominal 
muscles, then while still inhaling, bring the 
arms back to the Dantian. Exhale as you sepa- 
rate the arms away from the Dantian, allow- 
ing the abdomen to expand, inhale and con- 
tract the abdomen as you bring the hands back 
together. Repeat this action two more times. 
Place your arms and hands in front of your 
Middle Dantian. As you inhale, separate your 
arms outward away from the body as you 
contract the abdominal muscles, then while 
still inhaling, bring the arms back to the 
Dantian. Exhale as you separate the arms 
away from the Dantian, allowing the abdo- 
men to expand; inhale and contract the abdo- 
men as you bring the hands back together. 
Repeat this action two more times. 
Place your arms and hands in front of your 
Lower Dantian. As you inhale, sperate your 
arms outward away from the body as you 
contract the abdominal muscles, then while 
still inhaling, bring the arms back to the 
Dantian. Exhale as you separate the arms 
away from the Dantian, allowing the abdo- 
men to expand; inhale and contract the abdo- 
men as you bring the hands back together. 
Repeat this action two more times. 


STATIONARY REGULATING EXERCISES 
(PREPARATION FOR WALKING) 

This next preparation exercise is good for the 
patient’s general tonification and for increasing 
respiration for Lung cancer patients. 

¢ Start from a Wuji posture, inhale and exhale 
through the nose. Place your palms facing 
your lower abdominal area and begin extend- 
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ing Qi into the naval. Imagine the energy flow- 
ing into your navel, extending deep into your 
Mingmen and Lower Dantian area (Figure 
15.47). 

¢ Next, face your palms toward the ground and 
absorb the Earth Qi into your Lower Dantian 
(Figure 15.48). Absorb the Earth’s energy for 
a few minutes. 

¢ Turn your palms upwards, towards the Heav- 
ens, and begin absorbing the Universal Qi for 
several minutes (Figure 15.49). Finally, begin 
to close the exercise by allowing your palms 
to turn back towards your navel, absorbing 
and rooting the Qi back into the Lower Dan- 
tian 


WALKING COMBINED WITH COLOR 
THERAPY 

In China, to help visualize specific colors for 
therapeutic use, patients will carry brightly col- 
ored silk ribbons while walking. The colors and 
their affect on the internal organs are matched in 
accordance with the Five Elemental colors. 


WALKING COMBINED WITH SOUND 
THERAPY 

In China, in order to help the patients step 
with a structured rhythm, coordinate breathing 
patterns, and improve mental intention, Medical 
Qigong practitioners beat large wooden drums, 
click wooden sticks, and clang large metal cym- 
bals. These rhythmic wooden and metal sounds 
resonate the walking area with an energetic field 
vibrating with Yin and Yang Qi. The patients, 
while walking ina circle, naturally absorb the Yin 
and Yang energy resonating from the instruments 
and seek to naturally regulate their internal or- 
gans. 


THE THERAPEUTIC EFFECTS OF 
MEDICAL QIGONG WALKING THERAPY 
The purpose of “raising your toes when step- 
ping” is to invigorate the Yin and Yang channels 
and vessels of the legs. The energetic nature of 
the Spleen necessitates walking slowly during this 
exercise. The Spleen is the source of Postnatal En- 
ergy and is responsible for the activity of the 





Figure 15.47. Begin by placing the palms toward the 
navel, in order to stimulate the Lower Dantian Qi. 





muscles and extremities. The movements of the 
four limbs therefore strengthen the Spleen; this is 
why “toe-raised walking” and the “hand sway- 
ing” methods have both been adopted into the 
exercises and postures of most Medical Qigong 
therapies. 

Waist rotation plays a leading role in regulat- 
ing the Liver Channels, as well as invigorating the 
circulation of Kidney Qi. This is achieved through 
all activities that initiate the actions of dropping, 
bending, relaxing, and turning the waist. 

The opening and closing actions, combined 
with the rising and falling movements, and the 
swaying action of all four limbs, promote a pump- 
ing action within the muscles. This action is fur- 
ther intensified with the bending and leaning of 
the upper body, squatting and crouching of the 
lower body, and the alternate weight shifting 
when stepping. This pumping action greatly ben- 
efits the circulation of the lymphatic system. 

Clinically, the Medical Qigong walking exer- 
cises result in increased appetite, strengthening 





Figure 15.48. Next, begin to absorb the Earth energy 
into the Lower Dantian and Mingmen areas. 


of the patient’s body, tonification of the Kidneys, 
Lungs, Liver, and Spleen, and the strengthening 
of Heart function. 

Cancer patients need to regulate the function 
of their tissues and Yin and Yang organs to increase 
their healing potential. The initial goal in treating 
cancer with Medical Qigong, is to have the patient 
focus on the condition of the tumor, and its collec- 
tion of energy. The patient imagines that the tumor 
area is beginning to soften, and the tissues are 
gradually transforming back into insubstantial en- 
ergy. This technique is used to gradually dissolve 
tumors and certain types of less aggressive cancer. 

The following are examples of Toe-Raised 
Slow Walking therapeutic exercises and prescrip- 
tions used in Medical Qigong therapy: 

¢ Dynamic Regulation Walking Therapy 

* Lung Tonification Walking Therapy 

¢ Kidney Tonification Walking Therapy 

¢ Liver and Spleen Tonification Walking 
Therapy 

¢ Heart Tonification Walking Therapy 
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Figure 15.49. Turn the palms up to absorb Heaven Qi 
into the Lower Dantian Area. 





¢ Cancer-treatment Prescriptions 
The explanation of these walking and breath- 
ing exercises and prescriptions are described as 
follows: 

1. Dynamic Regulation Walking Therapy is a 
good exercise for regulating the Yin and Yang 
Qi of the patient's entire body. It can be pre- 
scribed for general tonification and nourish- 
ing of the patient's body, as well as strength- 
ening the “anti-pathogenic” or True Qi. The 
Dynamic Regulation Walking Therapy is the 
primary walking exercise used to treat can- 
cer patients. 

In every exercise the patient starts and ends 
with the Opening and Closing the Lower Dan- 
tian method. When stepping, the toes should 
be raised with the heels touching the ground 
(rocking back and forth), stimulating the Yin 
and Yang Heel Vessels of the legs, to 
strengthen the Kidney and Bladder Channels. 
As you step forward with the heel of the right 
foot, the Kidney and Bladder Channels open 
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up. Swing your left hand up to the center of 
your Heart (CV-17 point) while your right 
hand swings to your right hip around and 
near the GB-30 point (Figure 15.50). 

Itis important to utilize the mind’s concen- 
tration in conjunction with the breath. The 
breathing pattern is as follows: 

First step—inhale through the nose 
Second step—inhale through the nose 
Third step—exhale through the mouth 
Fourth step—hold the breath 

The same details of stepping and hand 
movements apply to stepping forward with 
the left foot. 


. Lung Tonification Walking Therapy is a good. 


exercise for tonifying the Qi of the patient's 
entire body. It can be prescribed for nourish- 
ing the patient's skin, as well as strengthen- 
ing the True Qi. It is used for treating Lung Qi 
Deficiencies, bronchitis, tuberculosis, asthma, 
emphysema, and sinusitis. 

The heel stepping pattern is similar to the 
Dynamic Regulation Walking exercise, how- 
ever, when stepping, the hand postures will 
now switch from a normal relaxed position 
to the thumbs and first fingers touching at the 
tips (Figure 15.51). 

Some Medical Qigong hospitals encourage 
the patients to rub their thumb and index fin- 
gers together when practising the Lung Toni- 
fication Walking Therapy. This rubbing action 
causes friction to develop between the 
Shaoshang Lu-11 and the Shangyang LI-1 
points, which in turn stimulates and invigo- 
rate the flow of Qi along the Lung and Large 
Intestine Channels, strengthening the Lungs. 

The breathing pattern is as follows: 

First step—inhale, inhale 
Second step~—inhale, inhale 
Third step—exhale 

Fourth step—no breath 


. Kidney Tonification Walking Therapy. This 


exercise will purge the Liver Fire and tonify 
the Kidney Yin. It can be prescribed for pa- 
tients who suffer from Kidney Qi Deficien- 
cies, edema, blood diseases, gynecological dis- 
eases, and cancer of the Kidneys. 





Figure 15.50. With each step, the opposite hand swings 
up to the Heart and Middle Dantian area. 








Figure 15.51. Tonification Hand Position for the Lungs 
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Begin this exercise with the palms embrac- 
ing an imaginary ball at the naval and Lower 
Dantian area. This walking therapy causes the 
Qi to tonify your Lower Dantian. 

Step forward so that the toes of the right 
foot touch the ground first, followed by the 
heel. This stepping action will open up the 
Yang Channels on the outside of your foot. 
Next, step with the left heel and point the toes 
up. This stepping pattern should be toe, heel, 
then step with heel (Figure 15.52). 

On the first step, inhale through the nose 
while imagining the Qi filling your thorax. On 
the second step, sound the tone “Xu” (pro- 
nounced Shu) as you exhale. This particular 
sound is used to purge Toxic Liver Qi out the 
patient’s body, allowing the Kidneys to fill 
with the rising Earth Qi. 

First step—inhale 
Second step—exhale “Shu” 

The breathing pattern is as follows: inhale 
for the toe and heel, step and exhale on the 
heel step (all three actions equal one set). Af- 
ter walking in a circle for nine complete rota- 
tions, pause and begin again, starting with the 
left foot as the downward foot that makes the 
toe heel step as you exhale. 

While stepping, keep both palms on your 
Lower Dantian. Regulate your breathing, 
while drawing the Earth Qi upward from the 
Yongquan Kd-1 point at the bottom of each 
foot. Press the Mingmen area backwards 
while breathing in the Earth Qi; this reinforces 
the Kidneys’ Yuan Qi. 

When ending the Kidney exercise, place 
both hands at the center of your chest at the 
CV-17 point. For men the right hand is on the 
outside, the left hand is on the inside, touch- 
ing the chest. The hand position is opposite 
for woman. Make the sound “Shu” three 
times. End with the Opening and Closing of 
the Lower Dantian. 


. Liver and Spleen Tonification Walking 


Therapy activates the Liver’s function of stor- 
ing Blood and the Spleen’s function of trans- 
forming Blood. It is used to treat digestive and 
blood diseases, hepatitis, Liver cancer, scle- 
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Figure 15.52. The Kidney Strengthening Step is as 
follows. While stepping, place both palms on the Lower 
Dantian, regulate your breath and draw the Qi upward 
from the bottom of each foot. Press your Mingmen area 
backwards while breathing in the essence of the Qi. 


rosis of the Liver, and Gall Bladder stones. 
The starting position is similar to the exer- 
cise for tonifying the Kidneys with the toes 
pointing down, except that you step forward. 
with the left toes. Step forward so that the toes 
of the left foot touch the ground first followed 
by the left heel. While this step is taken inhale 
twice through the nose. Then step out 45 de- 
grees with the right heel while inhaling twice 
more through the nose. Next, step out with your 
left heel 45 degrees, exhale through your nose 
twice, then step out with your right foot with 
the toes pointed down as you exhale once. 
First step—inhale, inhale 
Second step—inhale, inhale 
Third step—exhale, exhale 
Fourth step—exhale 
When walking with the toes raised, let the 
big toe touch the ground to stimulate the 
Yinbai Sp-1 and the Dadun Lv-1 points on the 
big toe. This promotes the ascension of the Qi 
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flowing upward along the Liver and the 
Spleen Channels. The internal energy of these 
two channels is then reinforced, and the Liver 
and Spleen are strengthened. 

After walking in a circle for nine complete 
rotations, pause and begin again starting with 
your right foot. Spleen and Liver Channels 
are activated when the toes pull up and the 
heel steps down. 

The hand postures are as follows: 

a. For Spleen problems the thumbs touch 

your ring fingers only when you step 
out to the fourth step (Figure 15.53). 
b. For Liver problems the thumbs continu- 
ously touch your ring finger. 
5. The Heart Tonification Walking Therapy Figure 15.53. Hand Position for Tonification of the Liver 
calms the mind while tonifying the Oi and and Spleen 
Blood. It is used for treatment of coronary 
Heart diseases, arthritis, palpitations, and an- 
gina pectoralis. 

The starting position is the same as for the 
Liver and Spleen Walking therapy. The step- 
ping is exactly like the last exercise, with the 
exception of the hand positions. In this exer- 
cise, the hands are opened and relaxed until 
they reach the chest (CV-17 point) at which 
point the middle fingers of each hand touches 
the Pc-8 point at the center of each palm (Fig- 
ure 15,54), 

When breathing, focus your Mind on inhal- 
ing the Qi upward from the Earth. When ex- 
haling, imagine that the Qi within your chest 
is flowing downward. 

First step—inhale 
Second step—exhale 

This walking exercise is practiced at a 
slightly slower speed then the previously de- 
scribed exercises. On the third step, the middle 
finger of each hand touches the center of your 
palms. This stimulates the Zhonchong Pc-9 
point on each finger and is used to invigorate 
the flow of internal energy along the Pericar- 
dium Channels. 








e 





THREE STEPPING METHODS USED To Figure 15.54. The Heart Strengthening Step is practiced 
TREAT CANCER at a slightly slower speed. On the third step, the middle 


fi hand t h Im. 
These supplementary Medical Qigong Step- nger of each hand touches the center of the palm 
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The Fast Walking Method 


1st Step - Inhale 
(for Liver, Lung and Stomach 1d » 
2nd Step - Exhale 


The Moderate Walking Method 
(for Gastric and Intestinal Cancer) 


The Slow Walking Method 
(for Kidney and Urogenital Cancer) 


CHAPTER 15: PosTURAL Dac YIN TRAINING 


70 - 100 
Steps per Minute 


Inhale - Exhale 60 - 80 
Each Step Steps per Minute 
Each Step Under- 60 


Inhale - Inhale - Exhale Steps per Minute 


Heel Toe 


Figure 15.55, Cancer Walking Therapy 





ping exercises are given to cancer patients for 
breath regulating and Qi reinforcement. These 
breathing methods are applied with the Dynamic 
Regulation Walking therapy (the first walking 
exercise taught in this section). These walking 
methods use the “exhaling method” to strengthen 
the Kidneys, increase oxygen intake and enhance 
the patients’ immune system. 

The stepping methods are performed at three 
different speeds depending on the patients’ symp- 
toms (Figure 15.55). The patients are encouraged 
to walk at least once a day for 15-20 minutes. These 
walking exercises are classified into three kinds 
of prescriptions according to the following breath- 
ing rates. 


THE FAST EXHALING METHOD 

This walking method is mainly prescribed for 
patients in the early stages of cancer and is espe- 
cially suitable for patients with Liver, Lung, and 
Stomach cancer. This exercise is practised using 
even breathing, inhaling for one step, followed by 
exhaling for another step. The patient steps out 
with the left foot, while inhaling through the nose. 
Then steps out with the right foot, and exhales 
through the nose. Both hands swing naturally up 
to the chest, while walking. 

The main point to remember while stepping, 


is that the head leads the waist in turning and 
swinging the arms. The speed should be 70-100 
steps per minute. When practicing the Fast Ex- 
haling method it is important not to overexert 
yourself, as this would be counterproductive, and 
would lead to depleting the immune system. 


THE MODERATE EXHALING METHOD 

This walking method is mainly prescribed for 
patients in the early stages of cancer and is espe- 
cially suitable for patients with gastric and intes- 
tinal cancer. The patient breathes in and out 
through the nose with each step taken. When tak- 
ing each step, focus is on the respiratory rhythm. 
The speed should be between 60-80 steps per 
minute. 
THE SLow EXHALING METHOD 

This walking method is mainly prescribed for 
patients with Kidney and urogenital cancer. The 
patient steps out with the left foot first and then 
with the right foot. Each step is accompanied by 
two inhalations and one exhalation. The patient 
steps out with the heel while taking two inhalations 
and then touches the ground with the ball of the 
foot, while exhaling. Because one step involves three 
breathing movements, the walking speed should 
be a bit slower, under 60 steps per minute. 
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Figure 15.56. Secure the Upper and Middle Dantians in order to come to a tranquil state of relaxation. 





ENDING AND CLOSING THE WALKING 
THERAPY 

To end the Medical Qigong Walking therapy, 
the following exercises are taught to the patients 
in order to bring their Qi back into their Lower 
Dantian and to return to a state of quiescence. The 
Ending and Closing procedures are divided into 
three forms of practice: (1) Leading the Qi back 
into the Lower Dantian; (2) The official Closing of 
the prescription; and (3) Self-massage Regulation. 
These three ending procedures are described as 
follows. 

LEADING THE QI BaAcK INTO THE LOWER 
DANTIAN. 

This particular exercise is divided into four 
separate stages: (1) Securing the Three Dantians, 
(2} Kneading and Rooting the Lower Dantian, (3) 
Circle Massaging the Lower Dantian, and (4) 
Rooting the Qi. 

1. The Securing the Three Dantians exercise has 
three purposes: to initiate a tranquil state of 
relaxation, to secure a harmonious balance of 
the body’s Yin and Yang organs, as well as to 
bring the Qi back into the Lower Dantian. 

From a standing Wuji Posture, imagine em- 
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bracing a ball of energy at the Lower Dantian 
(hold this posture for several breaths). After 
exhaling, separate the hands without inhal- 
ing, moving, and massaging the Qi along the 
hub of the body’s Belt Vessel (at the waist). 

Inhale and begin raising the palms above 
the head. Imagine inhaling the Earth Qi into 
the body while the palms are facing the 
ground. At hip level, rotate the palms to face 
the sky, and begin inhaling Heaven Qi into 
the body. Continue raising the palms until 
they are positioned above the Baihui area on 
top of the head (left hand on top, opposite for 
women). 

Exhale and imagine the combined Earth and 
Heaven Qi flowing into the Taiji Pole, connect- 
ing all Three Dantians together. Descend the 
palms in front of the body, facing the Yintang, 
throat, Heart, upper abdomen (at the Yellow 
Court), and navel, then end by embracing the 
Lower Dantian. Begin again and repeat this 
exercise nine times (Figure 15.56). 


. Kneading and Rooting the Lower Dantian fills 


the Liver and Spleen with Blood and Qi, help- 
ing to further detoxify these organs. 





Figure 15.57. Knead the abdomen 36 clockwise then 
24 counterclockwise. 


After performing the Securing the Three 
Dantians exercise, secure the Qi in the Lower 
Dantian and knead the abdomen until it is suf- 
ficiently stimulated. 

3. Circle Massaging the Lower Abdomen com- 
bines the body’s organ energy together, thus 
forming the One True Qi. This allows the body 
to alleviate any Excess or Deficient conditions 
which may be caused from the excessive ac- 
cumulation of Qi, due to the previous Qigong 
Walking exercises. 

Begin at the navel and start to circle mas- 
sage the lower abdominal area thirty-six times 
in a counterclockwise direction (the move- 
ment should be directed against the flow of 
Qi in the Large Intestine). Begin with small 
and end with large circles, completing the 
movements at the base of the Lower Dantian. 
Next, reverse the direction of Qi flow by circle 
massage twenty-four times in a clockwise di- 
rection (with the flow of the Large Intestine), 
starting with big and finishing with small 
circles that end at the base of the Lower Dan- 
tian (Figure 15.57). 
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4. Rooting the Qi is sometimes referred to as 
“leading the Qi back to its origin.” Rooting, 
extending, and stabilizing the energy into the 
Lower Dantian will facilitate the regulation 
of the Conception Vessel, Lower Burner, and 
Water pathways. Rooting the Qi also tonifies 
the Kidneys, Qi, Blood, and Yuan Qi, and al- 
lows the Toxic Qi to be easily expelled from 
the body. 
Leave the hands on the Lower Dantian and 
push the Mingmen backwards while inhaling 
the Qi and heat from the hands into the Lower 
Dantian (right hand on outside, opposite for 
women). 
THE CLOSING 

The closing procedure should be initiated af- 
ter each practice period. After three deep breaths, 
click your teeth together thirty-six times (to stimu- 
late the Kidney Qi), then circle the tongue eigh- 
teen times in each direction (to stimulate the 
Spleen Qi). Circle thirty-six times from the bot- 
tom of the teeth to the back of the throat. Tilt your 
head forward slightly, then swallow the saliva 
three times while imagining the Clear Qi of 
Heaven and Earth mixing with the saliva and 
flowing down to the Lower Dantian. 


SELF-MASSAGE REGULATION 

This method shifts the attention slowly off the 
area of concentration, while leading the Qi back 
down to the Lower Dantian. After the mind dis- 
engages from the specific point, relax the body, 
slowly open the eyes and perform self-massage. 

Self-massage includes rubbing the hands, 
bathing the face (rubbing the face with the palms), 
combing the hair with the fingertips, and dredg- 
ing the Twelve Primary Channels. 

1. After rubbing the hands to heat the palms, 
place both hands on the face, cup the eyes, 
and draw the heat in through the eyes, into 
the Upper Dantian. 

2. Next, comb the hair with your fingertips and 
drain the Excess Qi from off the head and neck 
area (Figure 15.58). 

3. Then, rub from the feet to the abdomen to 
dredge the three Yin channels of the feet (Fig- 
ure 15.59). 
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Figure 15.58. After rubbing the hands to heat the palms, 
place both hands on the face and draw the heat in 
through the eyes and into the Upper Dantian (1). Next, 
comb the hair with the fingertips (2), and drain the 
excess Qi from the head and neck area (3). 





4, Rub from the chest to the hands to dredge the 
three Yin channels of the hands (Figure 15.60). 

5. Rub from the hands, shoulders and lateral 
sides of the head, down the sides of the chest 
and abdomen to dredge the three Yang chan- 
nels of the hands (Figure 15.61). 

6. Rub from the waist and hips to the feet to 
dredge the three Yang channels of the feet 
(Figure 15.62). 

These closing and self-massage procedures 
should be performed seven times each, followed 
by stretching to end the exercise. 





Figure 15.59. Rub from the feet to the abdomen (1-2) 
to dredge the three Yin channels of the foot. 
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Figure 15.60. Rub from the chest (1) to the hands (2-3) to dredge the three Yin channels of the hand. 








Figure 15.62. Continue down the sides of the chest (1) 
Figure 15.61. To dredge the three Yang channels of and abdomen (2). Next, rub from the waist and hips (3) 
the hand, rub from the hands (1), shoulders (2), and _ to the feet (4) to dredge the three Yang channels of the 
lateral sides of the head (3). foot. 
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CHAPTER 16 
RESPIRATORY DAO YIN 


THE PURPOSE OF RESPIRATORY DAO 
YIN 

Respiratory Qigong therapy is often called Tu 
Gu Na Xin which means “expelling the old, draw- 
ing in the new.” The purpose of Respiratory Dao 
Yin is to increase the intake and absorption of 
Clear Qi through regulating the breath. The extra 
absorption of Qi enhances the body’s vitality, and 
harmonizes the Blood and Qi to promote health 
and eliminate disease. 

Because the breath is also the link between 
the body and mind, by controlling the pace and 
quality of the breath, individuals can affect deep 
changes in their physiological functions. Breath- 
ing exercises have proven to be effective in reduc- 
ing anxiety, depression, irritability, muscle tension, 
and fatigue. These techniques are also used in the 
treatment and prevention of agoraphobia, hyper- 
tension, hyperventilation, shallow breathing, and 
cold hands and feet. 


THE ROLE OF THE LUNGS IN QI 
CULTIVATION 

The Lungs control the body’s Qi, although the 
Kidney Qi is responsible for aiding the Lungs by 
regulating the respiration (i.e., upon inhalation, 
as the Qi descends into the thorax, the Kidneys 
hold down and stabilize each breath). The Yuan 
Qi stored in the Kidneys must be continuously 
supplemented by the Gathering Qi derived from 
air, food, and water. 

The internal absorption of air, food, and wa- 
ter rely on the smooth circulation of the Lungs’ 
energy. Because of the significant role the Lungs 
play in absorbing universal and environmental Qi, 
the ancient Qigong masters placed a great deal of 
importance on breathing exercises. They believed 
that a patient's health and emotional condition 
were deeply affected by their breathing patterns, 


and by the amount of oxygen consumed in pro- 
portion to the amount of carbon dioxide released. 

Through the study of these ancient Qigong 
observations, modem research confirms that re- 
laxed and natural breathing patterns cause every 
tissue and cell to decrease its consumption of en- 
ergy, while increasing its storage of Qi. 

The ancient Qigong masters recommended 
that “vigorous breathing,” in the form of Dynamic 
Breath Regulation, should be used when training 
Qi, and “gentle breathing,” in the form of Quies- 
cent Breath Regulation be used after training prac- 
tice for nourishing and replenishing the Qi. Each 
breathing regulation exercise has long been con- 
sidered a powerful prescription used to balance 
the patient's health. 


DEEP INHALATION AND EXHALATION 
BREATHING METHODS 

In breathing regulation exercises and prescrip- 
tions, the patient's inhalation is used to gather uni- 
versal and environmental Qi into the body for tonifi- 
cation. Exhalation is used to eliminate Turbid or 
Toxic Qi from the body through purgation. Once 
the patients are in the prescribed posture, relaxed 
and free from distractions, they should, for example, 
exhale and imagine releasing Turbid Qi from out 
the mouth, nose, and pores of the body. 

Clinical studies show that the Deep Inhala- 
tion of Medical Qigong prescriptions can have the 
following effects on the patient’s body: 

¢ increase stimulation of the sympathetic ner- 
vous system, 

¢ cause the blood vessels to contract, 

* raise the blood pressure, and 

* increase the pulse rate. 

On the other hand, the Deep Exhalation meth- 
ods of Medical Qigong prescriptions can also have 
the opposite affects on the patient’s body: 
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Dao Yin Breathing 


1, Natural Abdominal Breathing Method 
{increases Qi in the Kidneys and Lower Dantian) 


2. Long and Deep Abdominal Breathing Method 
(calms the Shen and creates feelings of euphoria) 


3. Reverse Abdominal Breathing Method 
(increases Qi flow to the extremities) 


4, The Deep Exhalation Method 
(excites the parasympathetic nerves, dilates the 
blood vessels and decreases blood pressure) 


5. Abdominal Breath Holding Method 
(invigorates the circulation of Blood and quickly 
improves the microcirculation of Qi and Blood) 


6. The Windy Breathing Method 
(stimulates the pituitary gland, and strengthens 
and regulates the endocrine system) 


7. The Aspirating Method 
(purges the internal organs of pathogenic factors) 


Figure 16.1. The Seven Dao Yin Breathing Techniques 





¢ increase the stimulation of the parasympa- 
thetic nervous system, 

¢ dilate the blood vessels, 

¢ lower the blood pressure, and 

¢ decrease the pulse rate. 

Deep exhalation helps to keep the body’s Yin 
energy moving downward, and so has a down- 
ward regulating action on diseases caused by Yang 
Qi domination. Deep inhalation helps to keep the 
body’s Yang energy moving upward, and has the 
effect of sustaining the Yang and tranquilizing the 
mind. 

Students beginning Medical Qigong practice 
should focus their mind’s intention primarily on 
the method of exhalation, to simultaneously 
stimulate the parasympathetic system and to re- 
lax. Once health is regained, patients will begin 
to alternate between deep inhalation and deep ex- 
halation. This alternation produces a diastolic and 
systolic action of the blood vessels that also en- 
hances the elasticity of the blood vessels’ walls. 
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SEVEN DAO YIN BREATHING 
TECHNIQUES 

The Seven Dao Yin Breathing Techniques are 
intended to regulate the symptoms caused by the 
Excess of Yang and Deficiency of Yin, which are 
characterized by too much energy in the upper 
part of the body and a weakness in the lower por- 
tion of the body. 

Today, in China’s Medical Qigong clinics, the 
breathing regulation exercises employ seven types 
of Dao Yin breathing techniques (Figure 16.1). 
Normally, all inhalation is done gently through 
the nose and exhalation is released slowly through 
the mouth. Inhalation and exhalation through the 
nose is also important, but should only be used. 
when a higher state of “stillness” is obtained by 
the patient. This is to prevent the patient from fall- 
ing back into his or her old shallow breathing pat- 
terns, until the Deep Abdominal Breathing 
method has been perfected. 

1. The Natural Abdominal Breathing Method is 
also called Natural Breathing, and is used in 
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conjunction with mental concentration. In this 
method the abdomen expands upon inhalation 
and contracts upon exhalation. It naturally in- 
creases the body’s peristaltic action, massages 
the internal organs, invigorates and increases 
the movement of Qi from the Kidneys into the 
Lower Dantian. Because of the differences in 
energetic physiology between men, women, 
and the breathing habits of each individual, 
Natural Breathing is further divided into Natu- 
ral Thoracic Breathing, Natural Abdominal 
Breathing, and a combination of the two. 

2. The Long and Deep Abdominal Breathing 
Method is also called Wen Huo Breathing. It 
is a gentle breathing method that consists of 
natural, deep, and full breathing. This results 
in a relaxed and comfortable feeling of eu- 
phoria. This method of breathing is per- 
formed as follows: 

a. At the beginning of the breath, inhale 
all the way down into the perineum, 
feeling the lower abdomen expanding Figure 16.2. inhale all the way down to the perineum. 
in all six directions: Make sure that the anal sphincter is closed in order to 

* from the bottom - at the base of the perineum, keep the Qi full and expanded in the Lower Dantian. 
from the front - to the pubic bone and navel, 
* from the back - to the coccyx and Mingmen, 
* from the right - to the hip and lower ribs, 

¢ from the left - to the hip and lower ribs, and 
* from the top - at the base of the diaphragm. 


Inhale 


Diaphragm 


Abdomen 








tion the pelvis performs a slight poste- 
rior tilt, on the exhalation the pelvis tilts 
slightly in the anterior direction. These 
actions will naturally ripple the spine. 


b. While continuing to inhale, feel the oxy- 
gen expanding and filling the upper 
thoracic cavity completely. The entire 


Exhale the breath from the upper tho- 
racic cavity downward, to the lower 
abdomen. 


3. The Reverse Abdominal Breathing Method is 
an example, and subcategory of Long and 
Deep Abdominal Breathing. This method is 
performed by contracting the abdomen (and 


torso, from the perineum to the collar 

bones is expanded in six directions: 
from the bottom - at the top of the diaphragm 
* from the front - to the solar plexus, Heart, and 


collar bones, anus) when inhaling and expanding the ab- 
¢ from the back - to the base of the ribs, spine domen upon exhaling. This is the primary 
and top of the shoulders, breathing method used in Qigong training for 


guiding and emitting Qi, because the quality 
of air pressure and exertion of energetic pres- 
sure is greater. The Reverse Abdominal 


¢ from the right - to the rib area, 
* from the left - to the rib area, and 
from the top - to the throat and neck area (Fig- 


ure 16.2). 
c. Uponcomplete expansion, tuck the pel- 
vic bow! under to increase the capacity 
of storing more energy. On the inhala- 


Breathing method results in superior effi- 
ciency in leading Qi to the extremities and has 
a much greater effect in raising the Qi from 
the legs into the brain. 
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However, when prescribing Medical 
Qigong therapy to treat diseases and allevi- 
ate physical stress, the Reverse Abdominal 
Breathing Method is prohibited except for 
very specific conditions. The reason it is not 
encouraged in Medical Qigong prescriptions 
is because patients with clinical hypertension 
or Heart disease often practice Reversed 
Breathing automatically. Scientific studies 
confirm that 90% of these patients practice re- 
verse breathing chronically, as do most indi- 
viduals with anxiety problems. Reverse Ab- 
dominal Breathing can also cause a constric- 
tion of the blood vessels and thus exacerbate 
problems such as cardiac diseases (i.e., angina) 
and migraine headaches. 


. The Deep Exhalation Method is often referred 


to as Wu Huo, which means “vigorous breath- 
ing.” It is conducted with strong conscious in- 
tent. It can excite the parasympathetic nerves, 
dilate the blood vessels and decrease blood 
pressure. 

When practicing the Deep Exhalation 
method, the patient expels the Qi through the 
mouth, followed by a shallow inhalation. 


. The Abdominal Breath Holding Method in- 


vigorates the circulation of Blood and reduces 
swelling within the tissues, quickly improving 
the microcirculation. This method is also used 
to deepen the breath by stopping or holding 
the respiration for a short period of time. 
One Abdominal Breath Holding Method, 
known as Two Breathings, consists of inhal- 
ing through the nose, deep into the Lower 
Dantian, with one breath, pausing, then ex- 
haling out through the mouth. The pause 
should be sustained for as long as possible 
without feeling tension (although a feeling of 
slight pressure building up is normal). After 
practicing deep abdominal breath holding, the 
breath will begin to develop its own stopping 
patterns. This stage involves the discipline 
and interdependence of the Heart and mind 
{Emotion and Spirit) with the breath. 


. The Windy Breathing Method consists of in- 


haling and exhaling through the nose. It is of- 










Liver 


Exhale and 
allow the 
abdomen to 
naturally 
compress. 


Figure 16.3. An example of tone resonation by aspirating 
the body’s Excess Heat from the Liver is by using the 
sound “Shu.” 


ten referred to as “Windy” because it employs 
shallow breathing which resonates in the na- 
sal passages. This kind of breathing purifies 
and warms the air as it passes through the 
nasal tract, resulting in air oscillation which 
stimulates the pituitary gland, thus strength- 
ening and regulating the endocrine system. 
This method is designed to be used by pa- 
tients with Lung disease because “the Lung 
energy opens at the nose.” 


. The Aspirating Method refers to the method 


of drawing out by suction. This popular 
method can be used with healing sounds (or 
“tones”) to purge pathogenic factors, or to 
regulate the body’s internal organs. The pro- 
nunciation is based on resonating the sounds 
to stimulate specific organs such as the Heart, 
Spleen, Lungs, Kidneys, Liver and Triple 
Burners (Figure 16.3). There are two primary 


Cranial 
Cavity 


Abdominal 
Cavity 


Pelvic 
Cavity 
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Cavity 


Figure 16.4. The body has seven main spatial cavities, as well as individual spatial cavities that surround the Yin 
and Yang organs. 





sound systems of tone resonation used in 
Medical Qigong therapy, The Six Healing 
Sounds and the Tumor and Cancer Tone 
Resonations. These two healing sound meth- 
ods are described as follows. 
* The Six Healing Sounds are used to regulate, 
strengthen or detoxify the body’s Yin and 
Yang Organs. This healing sound system is 
generally prescribed for patients with acute, 
or less serious conditions such as indigestion, 
insomnia, or Excess Heat in the organs, etc. 
¢ Tumor and Cancer Tone Resonation Therapy 
is used to vibrate and destroy malignant tis- 
sue and cell growth in patients with chronic 
and serious organ diseases (see Chapter 40). 
This healing sound system is prescribed for 
diseases such as cysts, tumors, and cancer. 
The choice of organ, and the number of 
times to pronounce each sound or character, 


is determined by the physical and energetic 
constitution of each individual. Each sound 
vibrates a specific organ or organ system, and 
surrounding set of involuntary muscles. 
Through repetition, the muscles acquire a ki- 
nesthetic memory of the vibrational sound. 
The doctor, or patient, can then trigger this 
memory by mental concentration alone to 
produce the desired results. As the patient 
performs the Sound Therapy, not only are the 
channels and organs cleansed, but also the 
spatial cavities (or Orbs) which surround the 
specific organs (Figure 16.4). For more infor- 
mation on Sound Therapy, see Chapter 40. 


RESPIRATORY GUIDING AND 
REGULATING 


There are four Respiratory Dao Yin methods 


the Qigong doctor can prescribe to regulate the 


ty 
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1. The Counting the Breath Method 


2. The Following the Breath Method 


Respiratory Dao Yin 
Breath Regulation 
Methods 


3. The Observing the Breath Method 


4. The Listening to the Breath Method 


Figure 16.5. The Four Methods to Prescribe Respiratory Dao Yin For Breath Regulation 





patient's breath (Figure 16.5): Counting the Breath, 
Following the Breath, Observing the Breath, and 
Listening to the Breath. 

1. The Counting the Breath Method can be uti- 
lized to eliminate distractions of the mind 
during Walking Qigong Therapy by having 
patients silently count the number of their 
breaths. This method is also performed si- 
lently to regulate the body. In this particular 
method, one inhalation and one exhalation 
equals one breath. 

2. When practicing the Following the Breath 
Method, the patients will contemplate each 
inhalation and exhalation of breath without 
counting. The patients mind, free from dis- 
tractions or thoughts, follows each breath into 
and out of the body. 

3. When practicing the Observing the Breath 
Method, the patients will observe their body's 
tissues conforming to the tranquil mental im- 
ages from their subconscious imagination 
(e.g., relaxing, sinking, etc.). 

4, When practicing the Listening to the Breath 
Method, patients are encouraged to listen to 
the “sounds” of their breathing (used in the 
Windy Breathing Method) to achieve a state 
of tranquillity. 


RESPIRATORY TONIFICATION AND 
PURGING METHODS 

Medical Qigong Respiration Therapy has its 
own unique methods and techniques for tonify- 
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ing and purging the body’s Qi. The primary tech- 
nique used is focused concentration on the breath- 
ing. Through breath regulation, syndromes of 
Excess and Deficiency may be brought into bal- 
ance either through tonification or through pur- 
gation. 

1. Inhalation is used for tonifying the Qi in cases 


of Deficiency. The duration of the patient's in- 
halation should be longer than that of the ex- 
halation. Tonification or Qi reinforcement 
patterns are created by applying the follow- 
ing methods: 

® more inhalation, and less exhalation 

¢ jong inhalation, and short exhalation 

* focusing the mind on the inhalation 


2. Exhalation is used for purging and reducing 


the Qi in cases of Excess. The duration of the 
exhalation should be longer than that of the 
inhalation. Purgation or Qi reducing patterns 
are created by applying the following meth- 
ods: 

* more exhalation, and less inhalation 

¢ long exhalation, and short inhalation 

* focusing the Mind on the exhalation 


BASIC ESSENTIALS OF RESPIRATORY 
TRAINING 


Medical Qigong Respiratory training consists 


of the regulating, tonifying or purging exercises 
practiced in accordance with the doctor’s treat- 
ment and specific homework prescriptions. There 
are four basic essential guidelines used to assist 


the patient in achieving maximum results in res- 
piratory therapy, these guidelines consists of: En- 
suring the Correct Posture Before Beginning, Pu- 
rifying and Cleansing the Body’s Qi, Tonifying 
and Purging the Qi, and Regulating the Body’s 
Qi 


1. Before beginning Respiratory Dao Yin train- 
ing, it is important that the doctor make sure 
the patient’s posture is correct. When prescrib- 
ing dynamic and static Medical Qigong 
therapy, it is best to start with a solid founda- 
tion and proper structure. Breath training 
should only begin when the patient becomes 
proficient in Postural Dao Yin, otherwise ad- 
verse effects may occur, (i.e., emotional 
trauma, headaches, chest stuffiness, or respi- 
ratory distress). 

2. After their posture has been corrected, have 
the patients open their mouth and focus on 
their exhalation. As the patients exhale, they 
imagine all of the obstructed channels and 
collaterals being simultaneously purged of 
Turbid Qi. Each time the patients exhale they 
are to relax their body, more and more. 

Next, the patients close their mouth, and 
focus on inhaling clean, fresh Qi in to their 
body (through the nose). Have the patients 
practice this method using Natural Breathing. 
Each time the patients inhale and exhale they 
are to continue to relax the body. 

3. After the body’s Qi has been cleansed, the 
patients will focus their intention on any and 
all internal organs that specifically need to be 
purged. Breathing exercises used for purga- 
tion include focusing the patients’ intention 
on the exhalation, as well as exhaling specific 
healing sounds. The patients continue to 
purge their body in this manner in accordance 
to the doctor’s instructions. 

Having completed the purgation exercises, 
the patients are free to begin their tonification 
prescriptions. Breathing exercises used for 
tonification include the focus of the patients’ 
intention on the inhalation, as well as visual- 
izing specific colors being ingested into cer- 
tain internal organs. 
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4. After practicing the tonifying or purgation 
prescriptions, the final goal of respiratory 
training is to achieve a long, natural, even and 
deep respiration. Urgent respiration causes 
the body’s internal Fire to escape into the 
pores, resulting in uncontrolled Heat, fever- 
ish conditions and irritability. Normal breath 
regulation consists of even inhalation and ex- 
halation patterns. The patient must avoid 
speeding up their breath, as this will also in- 
terrupt the breathing rhythm and lead to de- 
viations of Qi. 


BREATHING PATTERNS FOR 
COLLECTING AND REGULATING QI 

The following are examples of exercises used 
for regulating and collecting Qi in the Lower Dan- 
tian. The doctor or patient will perform the breath- 
ing patterns as follows: 

1. Collecting Qi in Lower Dantian is used to 
tonify and increase the collection of Qi gath- 
ered in the Lower Dantian. 

a. Inhale through the nose, filling the 
lower Dantian (expanding the abdo- 
men), pause, then exhale through the 
mouth. Repeat and continue this 
breathing pattern for three times then 
proceed to b. 

b. Take three partial inhalations through 
the nose, filling the lower Dantian, 
pause, then complete one exhalation 
through the mouth. Next, inhale 50% 
of the breath into the Lower Dantian 
(expanding the abdomen), hold for 
three heartbeats, inhale remaining 50% 
into the Lower Dantian and hold for 
five heartbeats, relax and slowly exhale. 
Repeat and continue the pattern for 
thirty minutes a day (for three months), 
or until it becomes effortless. 

2. Regulating Qi in Lower Dantian is used to 
stabilize the energetic balance of the Lower 
Dantian. 

a. Inhale through the nose, filling the 
lower Dantian (expanding the abdo- 
men), exhale through the mouth, and 
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3. 
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then pause. Repeat and continue this 
breathing pattern for three times then 
proceed to b. 

b. Inhale through the nose, then perform 
three partial exhalations through the 
mouth, pause, then one complete inha- 
lation through the nose. Next, exhale 
50% of the breath out of the Lower 
Dantian (contracting the abdomen), 
hold for three heartbeats, exhale re- 
maining 50% out of the Lower Dantian 
and hold for five heartbeats, relax and 
slowly inhale. Repeat and continue the 
pattern for thirty minutes a day (for 
three months), or until it becomes ef- 
fortless. 

The Mysterious Pass is the pause between the 
inhalation and the exhalation. The ancient 
Qigong Masters believed that in the pause 
was the realm of infinite space (Wuji), exist- 
ing between the Earthly Heaven (the congeni- 
tal form of energy) and the Later Heaven (the 
acquired form of energy) where time and 
space stands still. 

For clinical practice, the Qigong doctors 
train in the method of accessing the Mysteri- 
ous Pass in order to extend Qi through the 
entire body and to access the energy of the 
Wuji (Infinite Space). In the clinic, the train- 
ing is divided into two stages (a and b). 

a. Begin this training by holding the 
breath from three to twelve counts 
(known as the “Small Count Breathing 
Regulation’). 

b. Eventually increase to the “Big Count 
Breathing Regulation,” which consists 
of 120 counts. This method enriches the 
Yuan Qi by breathing in more and ex- 
haling less, and is sometimes used in 
Medical Qigong prescriptions to cure 
specific types of illness. When used 
with a strong intent, breath holding can 
constrict the blood vessels and raise the 
blood pressure; it is therefore some- 
times prescribed for patients with hy- 
potension. This Qigong method is, 


however, contraindicated for patients 
or doctors with hypertension. 


THE FOUR PROGRESSIVE STAGES OF 
RESPIRATION 

There are four progressive phases of difficul- 
ties that patients may experience during the be- 
ginning stages of their Medical Qigong Respira- 
tory training: The Wind Phase, The Gasp Phase, 
The Unbalanced Air Phase, and The Quiescent 
Phase. 

1. During the Wind Phase, the breathing is au- 
dible and may prove distracting to a begin- 
ner. The goal of focused concentration is to 
allow the energy to become gathered and col- 
lected. If the goal of the breathing prescrip- 
tion is to focus on a Deficient intemal organ 
or specific tissue area, for example, and the 
patient’s concentration becomes diverted 
(shifting to the noise of their own breath), it 
may disrupt the patient's mind. This can re- 
sult in the patients collected Qi being 
dispersed instead of gathered. 

2. During the Gasp Phase, the breathing is no 
longer audible, but any stagnant air, or ob- 
structed air in the throat may disrupt the 
mind’s concentration. Focused concentration 
on the stagnant air or obstruction may cause 
a sense of physical obstruction and mental 
anxiety, resulting in Qi stagnation in the throat 
(known as Plum Pit Qi). 

3. During the Unbalanced Air Phase, the breath 
remains silent and there is no sensation of 
obstructed air in the throat. The patient’s 
breathing, however, may be uneven, or unbal- 
anced. Focused concentration at this phase 
may cause strain in the patient’s mental 
awareness, If the mind becomes overstrained 
(trying to balance the inhalations and exhala- 
tions) the result will be fatigue. 

4. During the Quiescent Phase, patients are able 
to achieve a long, natural, even and deep res- 
piration without sound or stagnation, result- 
ing in a state of extreme quietness. Concen- 
tration on this phase will result in a restful 
peace of mind. 


DURATION TIME FOR RESPIRATION 
THERAPY 

Patients in relatively good health should prac- 
tice for about five minutes a day in the first week, 
when seeking to regulate their body’s internal 
energy. In the second week patients should in- 
crease to ten minutes a day, and in the third week, 
fifteen minutes a day. Thereafter, five more min- 
utes each day should be added until the patients 
reach a minimum of twenty minutes and a maxi- 
mum of forty minutes per day for optimal Qi de- 
velopment. 

When treating patients (for general tonifica- 
tion) using multiple standing meditation postures, 
have them begin by counting up to sixteen breaths 
per each posture. As the patients progress, the res- 
piratory rate during meditation begins to slow 
down naturally. Normally, within a few months 
of training, respiratory rate drops from an aver- 
age of sixteen breaths per minute, to three or five 
breaths per minute. This naturally increases the 
time spent in each posture, extending each pos- 
ture from one to five minutes in duration. 

Qigong doctors, on the other hand, should 
practice a minimum of forty minutes of standing 
posture each day to recharge and increase the ef- 
ficacy of their treatments. 


EMOTIONAL EFFECTS ON BREATHING 
PATTERNS 

Breathing patterns are directly related to both 
the patients’ thoughts and emotions. Any shift in 
one will affect the other. Each of the five primary 
emotions is associated with a specific breathing 
pattern as follows. 

1. An angry patient’s exhalation will be much 
stronger than the inhalation. 

2. A grieving or sad patient's inhalation will be 
much stronger than the exhalation. 

3. A fearful or scared patient's breathing will be 
fast, held high in the Lungs, and shallow be- 
cause of the Kidneys’ inability to hold the 
Lung Qi down. 

4. A happy patient’s inhalation and exhalation 
will be moderate, and irregular, with quick 
bursts. 
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5. When worried or deep in thought, the 
patient’s inhalation will be shallow and weak, 
sometimes held for long periods of time, fol- 
lowed by a long gulping burst of inhalation 
and exhalation. The patient may also experi- 
ence spontaneous sighing for prolonged pe- 
riods of time. 

6. When a patient experiences fright or shock, 
the breath immediately stops as the Qi attacks 
the Heart. 


RESPIRATORY DAO YIN CANCER 
PRESCRIPTIONS 

Respiratory prescriptions such as the Deep 
Relaxed Breathing Method described below, are 
used in treating cancer, and require the patient to 
combine the use of two methods of exercise and 
treatments: 

1. The Opening and Closing Methods of Qi 
regulation (see Chapter 41), and 

2. The Deep Relaxed Breathing methods for 
purgation, rather than tonification purposes. 
The purpose of these treatment methods is to 

purge Excess Qi from the body, remove Blood sta- 
sis, and disperse Qi stagnations. 
THE DEEP RELAXED BREATHING METHOD 
The function of this exercise is to purge the 
channels and collaterals and to promote the cir- 
culation of Qi. It is also used to harmonize the 
ascension of Yang and the descending of Yin. 
Calming the Yin and suppressing the Yang pro- 
motes the flow of Qi and Blood through the or- 
gans, and has the effect of eliminating Evil patho- 
genic factors, and supporting healthy energy. 
The Deep Relaxed Breathing method requires 
the patient to inhale through the nose and exhale 
through the mouth. The main points to remem- 
ber in this method are as follows: 

1. The patients inhalation and exhalation should 
be gentle, thin, even and long. They should 
focus their mind on the Hibernation Breath- 
ing Method. This method requires inhaling 
and exhaling through every pore on the 
body’s surface while lying supine. The pa- 
tients should not focus on their lower abdo- 
men or the expansion of the upper chest and 
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Lung region. Instead, they should imagine should stay relaxed; the key part to relaxing 

inhaling through the pores into the Taiji Pole, the whole body is to relax the waist. 

and exhaling out from the Taiji Pole through Through training in these respiratory methods, 

the tissues and out the pores. the patients’ immune system is enhanced and their 
2. When breathing, the patients’ whole body _ vital Qi is nourished. 


CHAPTER 17 


MENTAL DAO YIN TRAINING 


INTRODUCTION 

There are two divisions of the Mind (Yin and 
Yang), each consisting of three different levels. The 
Yin part belongs to the energy of the Earth and is 
a more body-oriented type of mind. The Yang part 
of the Mind belongs to the energy of Heaven and 
is a more consciousness-oriented type of mind. 
The three levels of the Mind are as follows. 

1. The first and deepest level exists within the 
Jing and the Shen, and represents the Origi- 
nal (Yuan) and primordial form of the mind. 

2. The second or middle level exists within the 
Seven Corporeal Souls (Po) and Three Ethe- 
real Souls (Hun) and represent the moving 
and active aspects of the mind (e.g., body 
movements, reflexes, instincts, drives, and 
astral projection - when accompanied by the 
Yuan Shen). 

3. The third and superficial level exists within 
the Will (Zhi) and Intention (Yi) and repre- 
sents the mind’s everyday function (i.e., cog- 
nitive thinking). The Zhi is considered the 
“thinking body,” while the Yi is considered 
the “thinking mind” (for more information 
refer to the Five Yin Organ components of 
Shen in Chapter 13). 

These different levels of energies create the 
body, as well as activate the mental and emotional 
transitional states of the Mind. All three levels of 
the Mind are interactive and interdependent (Fig- 
ure 17.1). 

Traditional Chinese Medicine believes that the 
Heart stores the Spirit (Shen). The Shen is further 
divided into Yuan Shen (the intuitive congenital 
spirit) and Zhi Shen (the analytical acquired 
spirit). The Shen is responsible for feeling and con- 
trolling the body’s mental and emotional activi- 
ties. The Zhi Shen is generally strong and can be 
stubborn and suspicious, therefore, it must be led 
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Figure 17.1. Mental and Emotional Transitional States 
of the Mind 





by a master; the Yuan Shen must be that master, 
and must lead the Heart’s Shen as one unit. 

The brain is considered the house of the Yuan 
Shen, and the seat of mental function. It is believed 
that the senses and control of the body’s physical 
movements are related to the brain. If the Heart 
has any functional disorder, the mental activities 
of the brain, and the emotional activities of the 
Heart also become disorganized. The Heart, which 
is the seat of all emotions, controls not only the 
Shen, but also the blood vessels, therefore Blood 
circulation is also influenced by the emotions. 

The preservation of Jing depends on the cul- 
tivation of Qi, which in turn depends on the men- 
tal focus of the Shen. The mental focus of the Shen 
is to Qi as a mother is to her child. Mind concen- 
tration must combine with Qi; without the Shen 
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Figure 17.2. The Differentiation Between the Prenatal and Postnatal Patterns of the Mind 





guiding it, the body consumes the energy. The con- 
centration of the Shen and Yi (intention) causes 
Qi to consolidate, while any distraction to the Shen 
and Yi causes Qi to disperse. 

This concept is considered similar to that of 
regulating the emission of light, because Qi is 
emitted similar to the wave patterns of rippling 
water, and Shen is emitted similar to the wave 
patterns of light. When the Mind begins to focus 
concentration on the projection of Qi, both Qi and 
Shen unite, enabling the Qigong doctor to regu- 
late the emitted Qi, changing its form from an 
expanded energy field to a finely honed beam. 
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THE PRENATAL AND POSTNATAL 
MIND 

In Traditional Chinese Medicine, it is believed 
that the cerebral activity of the mind falls into two 
distinct categories: the Prenatal (Yuan Shen) Mind, 
and the Postnatal (Zhi Shen) Mind. 

1. The Prenatal Mind (Yuan Shen) is inherited 
from the Jing of both parents and dominates 
the vital activities of the major viscera, as well 
as the function of the body’s entire energetic 
organism and spiritual matrix. 

2. The Postnatal Mind (Zhi Shen) is developed 
through interaction with people and the en- 


vironment after birth. It dominates thought 

and interaction, and engages in unlimited 

mental activity. 

The Yuan Shen and Zhi Shen are interactive 
and interdependent. If the Zhi Shen is active and 
chattering (sometimes called the Monkey Mind), 
it is difficult for the Yuan Shen to convey its per- 
ceived information. Regulating the Mind is there- 
fore needed to harmonize the analytical and in- 
tuitive aspects of the Mind. 


BENIGN AND MALIGNANT THOUGHT 
PATTERNS 

Mental activity and thought processes can 
also be categorized into two clinical syndromes: 
benign and malignant thought activity (Figure 
17.2). 


BENIGN EMOTION AND THOUGHT ACTIVITY 

This is a gentle or favorable belief structure of 
the subconscious mind, resulting in relaxed, pleas- 
ant thoughts. This thought pattern will both im- 
prove and regulate the excitation and inhibitory pro- 
cesses of the cerebral cortex. These positive thoughts 
and beliefs help to restore strength to the Yin and. 
Yang organs, and thus promote health. Benign emo- 
tional thought activity can be further divided into 
internal and external influences: 
1. Internal benign thought activities stem from 
the inner Hun’s influences over the subcon- 
scious mind. These positive thought patterns 
tend to enhance self-esteem, by complement- 
ing and encouraging our thinking and actions. 
2. External benign thought activities consist of 
praise and encouragement received from oth- 
ers (parents, friends, co-workers, etc.), which 
have been accepted and believed. These posi- 
tive thought patterns promote confidence and 
self-esteem. 
MALIGNANT EMOTION AND THOUGHT 
ACTIVITY 

This is a harmful belief structure causing ex- 
cited, nervous, stressful, and unpleasant thought 
patterns that interfere with the performance of the 
cerebral cortex, resulting in internal organ dys- 
function and disease. Malignant emotional 
thought activity can be further divided into inter- 
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nal and external influences. 

1. Internal malignant thought activities are the 
thoughts stemming from the subconscious 
mind, which tend to destroy self-esteem, 
cause obsessions, and discourage productive 
thoughts and actions. This thought pattern 
extends from the influences of the Po. 

2. External malignant thought activities are in- 
temnalized negative cynical beliefs and criti- 
cisms that originated from the surrounding 
environment (work, parents, teachers, friends, 
mate, etc.). External malignant thought activi- 
ties cause thought distortions that destroy our 
self-esteem and discourage us. 


THE IMPORTANCE OF MIND 
CONCENTRATION 

An essential requirement for training the Qi 
is the training of mind concentration. If the con- 
centration is forced, the Qi from the Lower 
Dantian rises up to the head causing the Stomach 
to become nauseated. If the Qi continues to as- 
cend to the head, the result will be dizziness, head- 
aches, and Qi deviations. 

Thoughts and mental activities are reflexes of 
the brain and cerebral cortex. A Mind (whole body 
consciousness and awareness) agitated or depressed 
over a long period of time causes a long-term dis- 
order to the whole nervous system, and leaves the 
body vulnerable to various kinds of chronic dis- 
eases. Long-term anger, for example, leads to the 
contraction of the blood vessels, sclerosis of the ar- 
terioles, gastric ulcers, and hypertension. Long-term 
emotional disturbances disrupt the endocrine sys- 
tem, and lead to a weakened immune system. 

Psycho-neuro immunological research con- 
firms that the Mind (whole body consciousness 
and awareness) can both cause and cure diseases. 
Healing visualizations sometimes act as a cata- 
lyst, increasing the rate of chemical reaction within 
the tissues. Improper concentration, however, can 
transform good Qi into Toxic Qi, and can lead to 
chemical imbalances that perpetuate the diseased 
condition. This is especially true when guiding 
and emitting energy. 

According to medical statistics in China, with 
certain types of cancer, patients whose worry and 
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anxiety were the main cause of their disease made 
up about 52% of the patients. These patients had 
been emotionally upset for half a year before be- 
coming sick. The focus of the patients’ mental con- 
centration was directed on detrimental thoughts. 
It is a fact that chronic diseases are closely related 
to the patients’ thoughts, emotions, and mood 
swings. To treat chronic diseases, it is necessary 
for the Qigong doctor to first relieve the patients’ 
depression, irritability, and resentment and then 
place the patients, when possible, in a quiet com- 
fortable environment. 

It is important for the patients to relax their 
Mind {i.e., mind and body). Relaxation can be 
achieved through tissue manipulation (massage), 
or by inducing meditations, or trance states. To 
relax the Mind the Heart must be regulated. To 
regulate the Heart means to adjust the agitated or 
depressed Mind and place it into tranquility. One 
of my teachers in China, Qigong Master Zheng 
Zhan Ding would often say, “When the spirit, like 
a lake, is undisturbed, it mirrors the Heavens per- 
fectly.” Meaning that, the clarity of the Mind 
emerges gradually (or slowly) when entering into 
stillness, much like mud slowly settling in water. 
This allows ones true inner nature to be revealed. 

According to research published by Dr. Karl 
Lashley, specific memory is not located in any one 
place in the brain. He found that destroying a 
portion of the brain does not destroy the memory 
assigned to that specific area, and also that 
memory could not be located in specific brain cells. 
His observation is that memory is distributed all 
over the brain as an energy field. Other research- 
ers have made similar observations that support 
the conclusion that the human brain functions as 
a hologram, collecting and reading information 
from a holographic universe. 


REGULATING THE MIND 

Mental Dao Yin training involves regulating 
the Mind. This requires the Qigong doctor to di- 
minish the mental activities (or judgements) of the 
Zhi Shen to prevent interference with the intui- 
tive understanding of the Yuan Shen. The dimin- 
ished mental activity allows for true relaxation, 
peace, and inner tranquility. 


If the Zhi Shen is allowed to become unbridled 
through excessive internal chatter, it can become 
injured by the Excess accumulation of energy at- 
tributed to the Seven Internal Emotions: anger, 
worry, joy, fear, fright, sorrow, and grief; as well 
as the Four Desires that become pathogenic when 
in Excess: sex, money, fame, and power. These 
Seven Internal Emotions and Four Desires engage 
the mind, robbing the body of its life-force energy 
by depleting the Yin and Yang organs, disrupting 
their balance, and causing obstruction in Qi and 
Blood circulation that results in disease. 

All thoughts carry within them emotional re- 
actions, these in turn have a significant physiologi- 
cal as well as psychological effect on an 
individual's health. The degree of intensity as well 
as the frequency of returning thoughts determines 
the extent of the internal transitions experienced 
in the individual’s body. 

To illustrate this difficulty, when I began my 
initial Qigong training, my instructor informed me 
that the internal training would keep me warm in 
the winter and cool in the summer. Excited about 
the possibility of possessing my own internal air 
conditioner, I practiced diligently. 

After three years of difficult training I had not 
yet developed this ability. I slowly began to lose 
trust in my instructor, and approached him to in- 
quire about the promised skill. He informed me 
that it was the “imagination” that changes our 
thoughts and belief structures, enabling the body’s 
tissues to feel what the mind directs. Stating that, 
“The Imagination leads the mind, the mind leads 
the Qi.” My teacher further stated, “Whenever 
training in the summer when the heat is unbear- 
able, focus your mind on the coolness of the sweat 
and imagine the air around your body as a cloud 
of cold air. In the winter time, when the cold is 
severe, focus your mind on the heat that your body 
is producing and imagine the air around yourself 
as a circle of hot fire.” After applying these prin- 
ciples to my training, I experienced both the 
warmth and cool sensations that I was trying to 
achieve, and regained trust in my teacher. 

Thoughts and emotions create electromagnetic 
waves in the brain. Your breath can also create or 
control these waves and cause your mind to take 
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Figure 17.3. The Three Categories of Mental Concentration 


on the thought wave patterns of specific emotions. 
When the mind is tranquilized after certain Medi- 
cal Qigong exercises, all disturbances stop, there is 
a quiet and comfortable feeling sensation (produced 
by the deep inhibitory state of the cerebral cortex) 
that facilitates the expansion of consciousness and 
awareness throughout one’s entire being. This state 
of being is referred to as the Mind. 


THE THREE CATEGORIES OF MENTAL 
CONCENTRATION 

Mental Dao Yin training can be summarized 
by the following three foundational modalities: 
concentrating on internal objects, concentrating on 
external objects, and concentrating on both inter- 
nal and external objects (Figure 17.3). 

These three modalities of mental concentra- 
tion encompass regulation of both the benign and 
malignant emotional thought activities which in- 
fluence our everyday lives. People focus their 
mental concentration everyday on either benign 
or malignant internal objects (inner thoughts and 
feelings), external objects (outer thoughts and feel- 
ings), or engage in both internal and external 
thoughts and feelings through conversation. 
CONCENTRATING ON INTERNAL OBJECTS 

In China, the method of concentrating on 

internal objects is called “localized” and “di- 


rected” mind concentration. In this type of 
training, the mind is absorbed in concentrat- 
ing ona specific area of the body. Patients, for 
example, are directed to focus their eyes 
downward along the nose in the direction of 
their navel, while simultaneously using inner- 
vision to concentrate on their Lower Dantian. 

Patients can also focus their concentration on 

other external or internal areas of the body 

such as: 

1. The palms or feet to lead Excess Qi away from 
the head or torso. 

2. A specific channel point (called “energetic 
point therapy”) or pathway, to direct Qi into 
or away from specific areas of the patient’s 
body, or 

3. AYin or Yang organ to direct Qi into or away 
from specific internal organs. 

The ancient Qigong Master Li Shizhen once 
said, “When the mind is concentrated upon the 
inner channels, the practitioner is able to look 
within his own self.” Qigong doctors and patients 
who are energy sensitive can feel the channels 
along which their own vital energy flows. This 
sensitivity is experienced in the more advanced 
stages of tranquility. 


CONCENTRATING ON EXTERNAL OBJECTS 
In China, the method of concentrating on ex- 
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ternal objects is called “symbolic” and “sugges- 
tive” mind concentration, and is focused through 
vivid imagery. In this type of training the patient's 
mind is absorbed in concentration on some form 
of object outside of the body. As the mind enters a 
state of tranquility, it focuses through vivid imag- 
ery, or energizes through sound vibrations. Some 
excellent examples of external objects are: music, 
the sound of rain or water flowing, a calm ocean, 
the sky, clouds, light, sound vibrations, mantras, 
a golden or white glowing ball, specific colors, 
trees, etc. In this type of concentration, the 
patient’s internal vibration connects with and 
matches the external form of some object in na- 
ture or some specific symbol (such as a lit candle). 

When focusing on external objects, it is im- 
portant for patients with high blood pressure to 
choose low lying objects, such as a meadow, quiet 
stream, flower, etc. Patients with low blood pres- 
sure should choose objects that are eye level, such 
as a small pine tree, to balance the energy of the 
Heart. 

When practicing this particular method of 
mental concentration it is important to focus on 
external objects that can be physically observed 
without straining. This way if distracting thoughts 
interfere with the concentration, the patients can 
return to the real image, or sound, to reestablish 
their concentration. The focus should never be 
forced or too intense. Dr. Xu, of the Xi Yuan Hos- 
pital in China, once stated, “In the state of empti- 
ness you will see an image through your imagi- 
nation. This image will arouse your emotions. 
These emotions help you to form a more colorful 
image. From these colorful images you will ob- 
tain a deeper state of emptiness. This is the state 
of Mind sought after in order to obtain emptiness 
and maintain tranquility.” In this particular case 
the patient’s mind is like still water, free from ex- 
pectations or desires. In quietness you become the 
observer of images, allowing what will unveil it- 
self to occur naturally. 

CONCENTRATING ON BOTH INTERNAL AND 
EXTERNAL OBJECTS 

These methods employ “rhythmic Mind con- 

centration” and are the primary methods used in 
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Medical Qigong therapy. They are simple, easy, 
safe, and effective. In this type of mental training, 
the patient's body responds to their thoughts. Pa- 
tients focus their attention on the breath as it flows 
in and out of the body, listening to the sounds of 
their breathing and sensing the expanding and 
contracting movements of their abdomen. Dur- 
ing this type of mental concentration the patients 
are sometimes given a mantra, such as thinking 
the word “quiet” during the inhalation and “re- 
lax” during the exhalation, or they are instructed 
to silently count numbers. Sometimes, the patients 
are also directed to imagine the feeling of quiet- 
ness, like a mist, flow from their feet into their 
head (absorbing quiescent Earthly Qi), or from 
their head down into their feet (absorbing quies- 
cent Heavenly Qi). 

When first teaching patients the methods of 
mind concentration, keep the images simple. 
When the patients have recovered from their ill- 
ness, they can begin to concentrate on either an 
internal or external object to further strengthen 
their health. 


ESSENTIALS OF TRAINING MIND 
CONCENTRATION 

These three mental Dao Yin techniques can 
be utilized to their full potential once the Qigong 
doctor understands the essentials of training the 
mind, the three stages of mental tranquility, and 
the skill of regulating the mind. 

Mental activities should be coordinated natu- 
rally with respiration and posture. In Dynamic 
Qigong Dao Yin exercises, for example, mental ac- 
tivities must be adapted to the posture and the 
lifting, opening, and closing manipulations of the 
hands. When using an active (Yang) posture (if 
the goal is to regulate the patients’ Qi), the inner 
concentration should be motionless (Yin). The ul- 
timate goal is to combine both physical and men- 
tal activities that promote harmony in the body’s 
energetic fields. The Qigong doctor should moni- 
tor their patients’ mental concentration, making 
sure that they comprehend the following three 
concepts: Relaxing the Mind, Being Self-Confi- 
dent, and Being Mentally and Emotionally Stable. 


1. The purpose of relaxing the mind is to allow 
all mental activities to be carried out (with- 
out straining) in a composed state of mind. 
The mind should be kept clear and all distract- 
ing thoughts expelled gently. During concen- 
tration, the mental focus should never be 
forced. Mental concentration can be either 
strong (active) or mild (motionless). 

2. Self-Confidence is a prerequisite, for without 
it, the training of mind concentration cannot 
happen. No matter what kind of mental ac- 
tivity the patients train in, they should be con- 
fident that they can reach their goal. This es- 
tablishes a strong faith, which is the root of 
all mental Qigong projection abilities. Patients 
should also be realistic about not expecting 
quick results. Although miracles do happen, 
healing often takes time. The dynamic or ac- 
tive postures and exercises train the body’s 
Qi, while quiescent or motionless exercises 
sustain and nourish the patients’ Qi. 

3. The purpose of being mentally and emotion- 
ally stable is to assist patients in not becom- 
ing overjoyed or frightened if something un- 
expected happens, or is perceived, during the 
Qigong exercise. It is important that patients 
take advantage of this time to keep their mind 
concentrated and the Qi consolidated. If pa- 
tients feel weary, remind them that sleep and 
food can reinforce their mind and Qi. 


CONCENTRATIVE MEDITATION AND 
INSIGHT MEDITATION 

When Medical Qigong practitioners begin 
their meditative practices, they are generally en- 
couraged to keep their mind focused and under 
control, this is known as “concentrative medita- 
tion.” Concentrated power is manifested through 
silence; when the mind is noisy (distracted by 
physical sensations and chatty), the internal power 
becomes diffused. When Qigong doctors reach the 
place of silence in their Mind, they can connect 
with the divine power, a place of true power, and 
a place where “all is one.” Through concentrated 
intention, Qigong doctors can bring all of their en- 
ergies to bear on one point of focused power or 
force. At the same time, they contact and connect 
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with the divine in silence (the hookup), and be- 
come one with the divine healing power. 

This transition and conscious union with the 
divine occurs only when the Qigong doctors turn 
from the chaotic external world of sensory input 
(sight, hearing, smelling, etc.), to the quiescent 
state of silence. This divine energy is then mani- 
fested as power, substance and true intelligence, 
flowing through the Qigong doctors for healing. 

Contact with the divine is only obtained in 
the deepest part of silence. Within oneself, and 
within this silence abides a state, or dimension, 
where the true “Gate of Heaven” can be opened 
and enlightenment obtained. Ideas conceived in 
this divine state of consciousness come into ex- 
pression and can manifest as form. All Jing, Qi, 
and Shen can be transformed and transmuted into 
form, through this change in consciousness. When 
the doctor’s Intention (Yi) and Will (Zhi) are 
aligned with the Dao (or divine will) all things 
are possible. The doctor is in direct contact with 
the universal Mind, and can manifest in physical 
form, that which is needed through faith. The di- 
vine energy resides within the body’s Eternal Soul 
as power, substance, and intelligence and is 
brought into form and expression through con- 
sciousness. The degree to which the doctor can 
tap into and utilize the consciousness imbedded 
in the infinite Mind of the divine, is determined 
by the concept, or belief, that is held in the doctor’s 
as well as the patient’s conscious and subcon- 
scious mind. 

In the silent state of quiescence, when the 
Qigong doctor sees a mental pattern or mold, a 
template is created into which will flow the sub- 
stance (Qi) needed to bring it into being. The pat- 
tern will manifest into the form intended by the 
doctor’s consciousness. Through the power or 
process of faith and thought, the doctor (or pa- 
tient) can transmute and evolve the body or outer 
conditions and surroundings, by recognizing the 
divine consciousness within themselves. 

As the practitioners advance in ability, they 
are encouraged to focus their attention indiscrimi- 
nately on all sensual stimuli they receive, this is 
known as “insight meditation.” In practicing in- 
sight meditation, practitioners are encouraged to 
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reevaluate their experiences and world views ac- 
cording to the cause and effect of their disease(s). 
Patients are also taught to use this type of insight 
to observe their physical and mental processes. 
This self-observer is used as a vehicle through 
which to observe, scrutinize, and carefully exam- 
ine the fundamental energy transformations 
within the body for spiritual growth. 


THE THREE STAGES OF MENTAL 
TRANQUILITY 

Before the mind surrenders to a state of tran- 
quility, it must first transition through three stages. 
The Qigong doctor must experience all three of 
these stages in his or her effort to become effec- 
tive when treating patients. In China, Qigong 
masters have a saying, “When you root the Mind, 
the Heart will open up to ten thousand voices.” 
This means that when the Mind is removed from 
all distractions and excess chatter, the Yuan Shen 
is free to receive intuitive perceptions. This state 
of “tranquility” or “stillness” also dissolves time 
perception, allowing time to disperse into noth- 
ingness (Wuji). The three stages of mental tran- 
quility are described as follows: 


STAGE 1 

In the first stage, the doctor’s four extremi- 
ties and Lower Dantian may experience heat and 
tingling as the mind slowly eliminates distract- 
ing thoughts and begins to withdraw from the ex- 
ternal world. The doctor’s mental focus and con- 
centration, however, is not consistent. While emit- 
ting Qi, distracting thoughts still emerge, and the 
doctor must patiently wait for the chattering mind 
to subside. 

In this stage of training, especially in male 
Qigong doctors, the cognitive, analytical thinking 
and speaking may sometimes become sporadi- 
cally impeded. This is due to the thin energetic 
field within the corpus callosum that separates the 
right (intuitive) from the left (analytical) hemi- 
spheres of the brain. This makes it more difficult 
for men to access both hemispheres simulta- 
neously. Men should therefore train to rely more 
on their intuitive perceptions instead of analyz- 
ing (they must feel the energy, and not think it). 

This however, is not a problem in female 
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Qigong doctors, as the energetic field which sepa- 
rates the corpus callosum is much wider and al- 
ready active. This allows female Qigong doctors 
to easily access both sides of their brain simulta- 
neously, enabling them to draw upon the percep- 
tive, intuitive as well as cognitive, analytical think- 
ing and speaking hemispheres of their brain. 
STAGE 2 

In the second stage, there is an increase in heat 
to all four of the doctor’s extremities from the 
Lower Dantian. Through intention, the connec- 
tion to the Lower Dantian is strengthened and the 
body’s Qi feels like a rushing wind flowing 
throughout the doctor’s torso. 

While diagnosing and treating, the doctor 
experiences one or several of the patient's “eight 
manifestations of Qi” (also called the Eight Ener- 
getic Touches). These manifestations consists of 
the following physical and sensory phenomena 
of energy: shaking, rippling, heat, coldness, sink- 
ing, floating, itching, and heaviness. As the doc- 
tor focuses on extending energy, he or she will be 
able to remove internal distracting thoughts, but 
will still hear the distracting sounds from the ex- 
ternal world. 

STAGE 3 

In the third stage, all of the doctor’s sensory 
input (seeing, hearing, tasting, touching, smelling, 
and perceiving) is sealed from outside distrac- 
tions. The doctor’s Yuan Shen and Zhi Shen are 
now relaxed and in a state of mental tranquility. 
The Qigong doctor can now approach the patient 
free of chattering thoughts, judgments and all 
outside distractions. This enables the doctor to 
intuitively perceive and sense the patient's ener- 
getic traumas, stagnations, deviations, and ener- 
getic clusters. 


THE THREE PROCESSES OF THE MIND 
The mind can be divided into three separate 
but interdependent processes, which are respon- 
sible for our everyday actions, responses and 
health (Figure 17.4). Thoughts, ideas, and feelings 
are constantly being implanted, influencing and 
affecting the spiritual, emotional, mental, ener- 
getic, and physical process of healing. The heal- 
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Processes of the Mind 
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The Conscious Mind: 
Perceives reality through the 
five senses. 


The Personal Subconscious Mind: 
Records and stores our interpretations 
of reality. 


The Creative Subconscious Mind: 
Maintains reality by making us act like the 
people we see ourselves to be. 


Figure 17.4. The three interdependent processes of the Mind, which are responsible for our everyday actions. 





ing process includes reprogramming and regulat- 
ing the conscious, personal subconscious and cre- 
ative subconscious mind. 

1. The Conscious Mind perceives reality through 
the five ordinary senses. It evaluates reality 
by investigating and interpreting the data 
through the filter of the past experiences. The 
conscious mind makes decisions based on 
personal goals, and manifests conscious 
thinking patterns. It is considered to be the 
Postnatal Mind (related to the Zhi Shen). 

2. The Personal Subconscious Mind records and 
stores the conscious mind’s interpretations of 
reality. It consists of the personal, perceptual 
data that were received through our five 
senses. The personal subconscious mind 
shares responsibility for how we think, what 
we say and imagine about ourselves and our 
emotional and behavioral reactions to those 
experiences. It is also responsible for the au- 
tomatic function of the living mechanism (i.e., 
heartbeat, breathing, digestion, etc.) through 
its energetic connection to the autonomic ner- 
vous system. It is considered to be influenced 
by the spiritual aspects of the Wu Jing Shen 
(especially the Hun and Po). 

3. The Creative Subconscious Mind maintains 


our reality by making us act like the people 
we see ourselves to be. It solves problems and 
provides the drive and energy to succeed or 
fail, heal or become sick. It is the center core 
energy of our innate spirit or soul conscious- 
ness. It is considered to be influenced by the 
spiritual aspects of the Yuan Shen. 


CREATING THE BRIDGE OF LIGHT 


The Bridge of Light is an energetically pat- 


terned wave frequency which consists of three 
main components of the body’s energetic field. Its 
energetic connection to the body’s tissues func- 
tionally envelops the conscious, personal subcon- 
scious and creative subconscious mind, and is con- 
sidered to be the bridge between the three pro- 
cess of the mind. It consists of three separate but 
intertwining threads: the thread of life, the thread 
of consciousness, and the thread of creativity. 

1. The thread of life comes directly from the Eter- 


nal Soul and is rooted in the Heart during con- 
ception. It is connected to all feelings that stem 
from the divine higher energy field and is 
considered the “seat of life.” 


2. The thread of consciousness also comes di- 


rectly from the Eternal Soul and is rooted in 
the pineal gland within the brain. It embod- 
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Personal Subconscious Mind: 


Records and stores our NN 
s Mind: 


interpretations of reality 
(Related to the Zhi Shen). 


Creative Subconsciou: 





Thread of Consciousness: 
Rooted in the brain (pineal gland) 


oe 


Maintains reality by making us act . . Thread of Life: 
like the people we see ourselves to be Bridge of Light Rooted in the Heart 
(Related to the Wu — a 
Conscious Mind: 

Perceives reality Thread of Creativity: 
through the five senses Rooted in the throat 
(Related to the Yuan Shen). 


Figure 17.5. The Bridge of Light 





ies portions of the energies of consciousness 
and is considered to be the “seat of conscious- 
ness.” 

3. The thread of creativity is rooted in the throat 
and is unique in that it is created and specifi- 
cally constructed by each individual. It is also 
an extension, or synthesis, of the thread of life 
and thread of consciousness. 

The thread of creativity is in itself made up 
of three main components. These three com- 
ponents, or additional threads, intertwine as 
one unified thread of creativity and are ex- 
plained as follows. 

a. The first portion of this thread extends 
from the physical Heart to the Spleen, 
and is connected from the body to the 
first external field of Wei Qi. 

b. The second portion of this thread ex- 
tends from the solar plexus to the Heart 
and eventually extends and connects 
from the body to the second external 
field of Wei Qi. 

c. The third portion of this thread extends 
from the Yintang (Third Eye) through 
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the brain, ascending through the Baihui 
region and beyond. This energy field is 
connected from the body to the third 
external field of Wei Qi. 

After all three threads of creativity have been 
activated, energized, and developed, the next goal 
is to align and integrate the Qi of the thread of life 
and the thread of consciousness, with the frequen- 
cies of the thread of creativity. 

Because the thread of life is connected to the 
Eternal Soul, the integration of the three threads 
allows an individual the direct connection to his 
or her core self (Figure 17.5). This enables the in- 
dividual the ability to consciously access his or 
her true inner voice (the voice of his or her soul) 
and receive information and guidance from the 
divine. The goal in accessing the Bridge of Light 
is to unite these three energetic threads into one 
powerful and functional energy field. 

When all three major threads (which compose 
the Bridge of Light) are connected as one harmoni- 
ous cord of light (extending upward through the 
Taiji Pole), a spiritual gateway is opened that en- 
ables access to the Pure Heavenly Sound (also 


known as Hearing the Sounds of the Universe) (see 
the Six Transportations of Shen in Chapter 13). 


REPROGRAMMING THE MIND To HEAL 

The mind holds specific energetic patterns 
which maintain a patient’s physical, mental, emo- 
tional, and spiritual belief structures. These pat- 
tems are maintained by the dictates of the per- 
sonal subconscious mind and can only be changed 
when the creative subconscious mind is engaged. 

To change specific destructive patterns, the 
personal subconscious mind must be repro- 
grammed. There are three things that are needed 
in order to reprogram the personal subconscious 
mind: imagination, visualization, and positive af- 
firmation. Imagination combines with vivid pic- 
tures, sounds, sensations, etc., and creates a new 
reality on a creative subconscious level. It is the 
awakening to this new reality that reconnects the 
individual to the creative subconscious mind. 

If patients do not use imagery and affirmations 
to change their present personal subconscious rep- 
resentation of reality, the patient’s personal subcon- 
scious mind will automatically seek to correct any 
newly made change. The personal subconscious 
mind views any new deviation from the normal 
energetic pattern as a mistake, and will automati- 
cally resist, or sabotage, any change of pattern, re- 
turning the patient back to his or her original state 
of mind and body sickness. 

It is a simple fact that “we bring about what 
we think about,” and act in accordance with the 
truth that we have come to believe. If we act out 
of a particular new state of mind and feeling over 
a sufficient time period, it will become a perma- 
nent reality of the self. In using the mind to make 
transitions, it is important to note that words, 
images, and sensations have tremendous power, 
and the spirit behind the intent is the key to any 
permanent transformation. 

Because patients trust their doctor, it is the 
doctor’s responsibility to direct the patients into 
a healing mental state for the purpose of restor- 
ing health. The doctor must never be guilty of 
“clinical hexing.” Clinical hexing occurs when a 
patient (who completely trusts the doctor) is told 
by that doctor, that there is no hope. The patients, 
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believing the doctor, may give up their desire to 
change and heal. Thus, through accepting the in- 
evitability of death, they suppress their desire to 
live. Qigong doctors are therefore taught to always 
encourage their patients on their recovery, and to 
never destroy their hope. 

Through positive affirmation and reinforce- 
ment, it is possible for the patients to turn around 
the progression of their disease. Scientific studies 
in China have proven, for example, that through 
imagination, visualization (which include using 
all of the five senses) and positive affirmation, the 
rate of phagocytosis (the ability of the immune 
cells to engulf and destroy invading germ cells) 
greatly increases and enhances the body’s immune 
function. 


USING THE IMAGINATION 

The Yi (which consists of the imagination and 
intention) leads the Shen (composed of the 
thought, emotion and spirit) which in turn leads 
the Qi (the body’s life-force energy). The power 
of the imagination has a strong influence on 
health, and can be used to help cure diseases, or 
to further complicate the condition. If, for ex- 
ample, patients imagine that their immune cells 
are effectively destroying the cancer cells, West- 
em medical treatments such as chemotherapy or 
radiation can become more effective. Research 
from China reveals that patients with a positive 
belief structure produce certain physical transfor- 
mations, which manifest in the increased produc- 
tion and release of hormones and immune cells. 
The imagination is the inner form of all things, 
the primal inspiration from which reality later 
manifests. In a sense, patients bring about what 
they think about. While treating disease, Qigong 
doctors encourage their patients to imagine heal- 
ing energy from the divine being directed into the 
diseased area. Once the treatment is finished, the 
patients are instructed to imagine that their dis- 
ease has become completely healed. 

During the state of relaxed meditation, the foun- 
dational aspect of the patients’ disease, which is 
normally hidden from consciousness, reveals itself 
in the form of images and impressions. After a Medi- 
cal Qigong treatment, or meditation, the patients 
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may describe to the doctor any unusual thoughts, 
images, or feelings that they may have experienced 
while in the deep state of relaxation. The doctor then 
helps the patients find the origin of the image (a 
past incident, unhealthy belief structure, or trauma, 
etc.) through the doctor’s ability to trace the images 
and emotions associated with it to the patients’ in- 
ternal organ or organ systems involved in the cre- 
ation of the illness. Once the connection is made to 
the patients’ disease, and the Medical Qigong home- 
work is prescribed. 

Medical Qigong prescriptions initiate energy 
movement. This energetic movement brings about 
the release of trapped emotion and energetic feel- 
ings. As the emotions unravel, a new level of 
awareness surfaces that allows the patients to be- 
come cognizant of certain mental functions that 
were previously unconscious. This awareness in 
turn allows patients to access their creative sub- 
conscious Mind to change the conditioned pro- 
gramming of their Zhi Shen (Figure 17.6). 

Through creative imagination, the patients’ 
spirit is expressed and the patients’ body is spiritu- 
alized. The imagination is an energetic world 
founded on the interrelation of various levels of 
spiritual, imaginative and physical realities. These 
energetic dimensions lie between what the Chi- 
nese call the “realm of the unfathomable hidden 
mystery” and the “world of animated physical 
forms.” The imagination is an energetic and spiri- 
tual world that exists between the reality within 
oneself, and the reality outside of oneself. This 
energetic and spiritual world seems imaginary, 
but in fact it is very real, in that the patients live 
in it, and through it create a new belief system 
and self. 


TWELVE STAGES TO TRANSCEND AND 
TRANSFORM 

During the Ming Dynasty there began to sur- 
face twelve specific poems accompanied with 
twelve pictures, describing the twelve stages to 
enlightenment through contemplation. In this se- 
ries there are ten pictures which describe the first 
ten stages of mental, emotional, and spiritual tran- 
scendence, and two additional pictures which 
describe the last two stages of mental, emotional, 
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Medical Qigong Prescriptions 


Figure 17.6. Five stages of transition and energy 
awareness allow patients to access their creative 
subconscious energy in order to reprogram their initial 
belief structures. 


and spiritual transformation. These pictures and 
poems use the image of the ox (water buffalo) to 
describe man’s animal nature, which in the first 
stage of spiritual training is identical to man’s 
spiritual nature. The image of a young man is used 
to depict human intention and will. The interac- 
tion of the ox and young man reflects the idea that 
by coming to terms with our own animal nature, 
we can move toward transformation and arrive 
at a new way of being. 

The images of the ox changing from dark, 
Turbid Yin, to bright, white Yang, represent the 
field of consciousness transforming through the 
controlled deliberate intention of one’s Zhi (Will). 
Such metaphors as capturing and controlling the 
ox represent an explanation of the difficulties and 
dangers of transforming one’s self, as well as the 
inner changes of alchemical purification and the 
reconciliation with one’s darker side. These pic- 
tures suggest the combination of both the sacred 
and the natural within Man. 

These stages of controlling the mind are de- 
scribed as follows. 
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1. In the wild, the first stage of training is di- 
vided into three separate phases: 

a. The Searching for the Ox phase depicts 
the state in which the young man is 
unaware of his own true nature. Al- 
though he is not sure what he is seek- 
ing, he has begun searching for some- 


thing he is desperately missing within 

his life. He is in a state of omnidirec- 

tional searching, without an instinctive - 

sang BEE zs a 


Dy JAN Binding Ure ivacks Daase dene Figure 17.7. The Ox is in the Wild 
the young man undergoing the first 
traces of mental, emotional and spiri- 
tual transformation. Realizing that 
other people have walked along this 
path, the young man begins to redis- 
cover his own spiritual instincts. He is 
in the beginning phase of achieving fo- 
cus and direction. 

c. The First Glimpse of the Ox phase de- 
picts the young man experiencing his 
first “awakening.” He has the first Figure 17.8. The Initial Training Begins 
glimpse of the true union of nature and OO 
spirit in the form of a spiritual vision. 
The animal nature, however, is still un- 
controllable and in the wild state (due 
to its connection to the painful memo- 
ries of the past). The young man must 
chase after and entice the ox, which dis- 
plays its horns, bellows aloud, runs 
away, and is overshadowed by a dark 
cloud (anger, despair, grief and fear). It _ 
tramples the wheat seedlings (begin- Figure 17.9. The Ox Comes Under Control 
ning moments of spiritual insight) 
wherever it goes. In this phase the ox is 
unruly, Yin, and pure black in color (Fig- 
ure 17,7). 

2. The Initial Training Begins with this next 
stage. The ox is controlled by a rope through 
its nose, and runs swiftly under the young 
man’s whip. The young man struggles hard 
to control the ox’s willful temper. He begins 
talking and listening to the ox, matching its 
consciousness with his own. At this stage the et eee ee 
ox is still Yin, and pure black (Figure 17.8). Figure 17.10. A Time of Transition 

3. The Ox Comes Under Control through con- —_ ___—__. 
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stant training. The ox stops its dashing about, 
and begins to follow the young man. In spite 
of his fatigue, the young man tends the ox all 
day long, not daring to loosen his control of 
the whip or his grip on the rope. Gaining con- 
trol of the ox requires the young man to also 
become more vulnerable and honest, using 
less force to control the situation. In this stage 
only the ox’s head, which is under control, is 
Yang and white, the rest of his body is Yin 
and black (Figure 17.9). 


. During the Time of Transition, the young man 


feeds and takes care of the ox with respect. 
He also does not abuse it. At this stage, the 
natural strength of the ox harmonizes with the 
will of the young man. A long time has passed 
and the restless temper of the ox gradually 
has turned gentle. However, still not trusting 
the ox, the young man maintains control of 
the rope. The ox is one third Yang and white 
and two thirds Yin and black (Figure 17.10). 


. The Ox Is Now Tamed and moves in harmony 


with nature. It follows the young man, who 
no longer uses a rope to lead the ox, but still 
maintains control of the whip. The ox is half 
Yang-white and half Yin-black (Figure 17.11). 


. The Ox Is Freed of Worldly Hindrance. The 


ox no longer needs the whip for control. The 
young man can begin to experience and en- 
joy the inherent rhythm of life, because he 
now has the ox’s undivided attention. The ox 
is three quarters Yang-white and one quarter 
Yin-black (Figure 17.12). 


. The Ox Is Under Complete Control. After a 


long stage of struggling against its instincts, 
the ox is now tamed and free from worldly 
distractions. It drinks when it is thirsty and 
eats when it is hungry. The young man can 
now enter into deep sleep. If he so desires, he 
can sit atop the ox and play his flute, because 
the ox knows where its going and the young 
man does not have to direct it. The ox is now 
completely Yang-white (Figure 17.13). 


. The Young Man and the Ox Unite With 


Heaven. The white ox wanders among the 
heavenly clouds. The young man is free from 
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Figure 17.13. The Ox Is Under Complete Control 





Figure 17.14. The Young Man and the Ox Unite With 
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worldly concerns, and so is the ox. Penetrated 
by moonlight, the Heavenly clouds grow 
whiter and drift away (Figure 17.14). 


. The Ox Transcends and A Single Light Remains. 


The clouds drift away and the ox vanishes. The 
young man finally enjoys his leisure time, sing- 
ing under the moon (Figure 17.15). 

Both the Ox and Young man Transcend and 
Return to the state of Wuji. As the moon con- 
tinues to illuminate the vast void, both the 
young man and the ox vanish into Wuji and 
are nowhere to be found. Everything is form- 
less, quiet, and pure. Existence is nonexistence 
and vice versa (Figure 17.16). 

The Young Man and Ox Transform and Re- 
turn to the Source. There is a difference be- 
tween transcendence and transformation. 
Transcendence is a temporary or periodic ex- 
perience of unity within the divine, the heav- 
ens and the earthly environment. It is a state, 
or condition of consciousness. Whereas tran- 
scendence implies a unifying experience that 
informs one of a new way of being, transfor- 
mation is a process and a means to arrive ata 
new way of being. Mature transformation 
leads to an all-inclusive way of being that 
embraces the physical, mental, emotional, 
energetic, and spiritual existence of every- 
thing. In this stage man returns back to the 
original source of prenatal understanding, 
and is able to harmonize with Heaven and 
Earth (Figure 17.17). 

The Young Man and Ox Transform and Live 
in the World. This stage depicts what hap- 
pens after the transformation experience, and 
the reentry through nature into the everyday 
world. In this stage, man reenters the world 
as a transformed person with a new connec- 
tion to his center core. He is able to become a 
guiding light to others. When needed, he can 
instantly return to a deeper state of enlight- 
enment for additional instruction and per- 
sonal guidance. Living in the world he can 
be in the seductions and temptations of the 
world, without being in any way affected by 
them (Figure 17.18). 
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Figure 17.15. The Ox Transcends and A Single Light 
Remains 


Figure 17.16. Both the Ox and Young Man Transcend 
and Return to the State of Wuji 





Figure 17.17. The Young Man and Ox Transform and 
Return to the Source 





Figure 17.18. Transformation and Living in the World 
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Seven Steps 
of Awareness 


1. Respect 

2. The Interception of Karma 

3. Controlling the Mind 

4. Detachment from Worldly Affairs 

5. True Observation of Self and Others 
6. Intense Concentration 


7. Realization of the Dao 


Figure 17.19. The Seven Steps Needed to Transform the Mind 





SUMMARY 

During mental, emotional and spiritual trans- 
formations, individuals undergo stages of physi- 
cal and psychological purification, as they begin 
to experience the active, conscious introspection 
into their mind, body and soul. These individuals 
are able to eventually identify and connect their 
own personal will to that of the divine, and begin 
to lose their attachment to the ego, developing a 
new and more expansive identity. These individu- 
als will also begin to see themselves as truly spiri- 
tual beings that are merely housed in fragile, 
physical frameworks, which are subject to all the 
transformations that their spirit must transcend. 
Generally, when using Medical Qigong as a ve- 
hicle for transformation, individuals will evolve 
through seven steps to awaken the spirit and reach 
a stage of enlightenment: Respect, The Intercep- 
tion of Karma, Controlling the Mind, Detachment 
from Worldly Affairs, True Observation of Self and 
Others, Intense Concentration and Realization of 
the Dao (Figure 17.19). 

1. The first stage, Respect, encompasses the self, 
others and the divine. Through the cultiva- 
tion of respect a stronger faith develops. 

2. During the second stage, The Interception of 
Karma, individuals begin to accept account- 
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ability for all their actions, deeds, and 
thoughts. At this stage individuals receive 
instant karma for all their actions. 

3. During the third stage, Controlling the Mind, 
individuals begin to discipline their conscious 
actions (Taming the Ox). 

4. The fourth stage begins the process of Detach- 
ment from Worldly Affairs. At this stage indi- 
viduals begin to develop and maintain a spiri- 
tual priority. 

5. The fifth stage of True Observation of Self and 
Others, enables individuals to perceive them- 
selves and others clearly. At this stage they 
begin perceiving the universe and environ- 
ment from a deeper, more spiritually evolved 
understanding. 

6. The sixth stage involves the development of 
Intense Concentration. At this stage individu- 
als transform thought, through faith, into 
manifestation. They can now initiate into re- 
ality what they focus their intention on. 

7. In the final stage to transformation, Realizing 
the Dao, individuals become aware of their 
relationship with the divine, not only believ- 
ing in God, but personally knowing God or 
the Dao. 


SECTION IV 
QI DEVIATIONS IN QIGONG 
TRAINING 


CHAPTER 18 


INTRODUCTION To QI DEVIATIONS 


Energetic deviations occur naturally through 
the course of everyday life, however, the body’s 
energetic constitution quickly corrects any dishar- 
mony in energy flow. The difficulty when cultivat- 
ing Qi is not in the development of large amounts 
of energy, but in the creation of a constitutional sys- 
tem strong enough to use this energy without be- 
ing damaged by it. This is one reason why Qigong 
doctors initially spend a lot of time developing the 
safety measures and internal reservoirs necessary 
to ensure that their body will not be damaged by 
creating too much energy too fast. These alterations 
of energetic patterns can result in feelings that can 
range from simple discomfort to an abnormal sus- 
ceptibility to disease. Through proper Medical 
Qigong therapy, Qi deviations can be rectified. 

Qi deviations can be precursors to disease. In 
recent years, medical researchers in China have 
reported that some patients admitted to the Medi- 
cal Qigong clinics had developed mental as well 
as physical disorders as a result of Qi deviations. 
A deviation refers to abnormal phenomena occur- 
ring within the patient or Qigong practitioner. The 
clinical symptoms include abnormalities in per- 
ception, thinking, and behavior. 

If the Qigong doctor has not been adequately 
trained in internal purging techniques, his or her 
body's increased energetic field can act as a mag- 
net and begin to attract the toxic energy from the 
surrounding environment (including the patient’s 
pathogenic Qi). Once toxic energy enters into the 
body, it can immediately create a Qi deviation. 
Qi deviations should be treated immediately if 
possible. If Qi deviations occur during Qigong 
exercises or meditations, the practitioner should 
stop the practice immediately and guide the Tur- 
bid Qi (and bad feelings) out from the body, dis- 
charging the toxic energy out through the four 
extremities and into the ground. 


The process of Medical Qigong meditations 
and exercises is said to cause an alchemic trans- 
formation of Shi Shen (Turbid Spirit) into Yuan 
Shen (Original Spirit). This transformation occurs 
when first beginning Qigong practice, at the “lay- 
ing a foundation” stage of the workout. If the Tur- 
bid Qi is not removed at the beginning of prac- 
tice, the Qi concentrated in the Dantian areas (or 
other parts of the body) will also become Turbid. 
This may bring about internal disturbances when 
the practitioner encounters unfavorable external 
factors such as suddenly being startled or becom- 
ing angry. Too much concentration and hard fo- 
cus on the exercises and meditations can also lead 
to Qi deviations. Turbid Qi can create Turbid Shen. 

When Turbid Qi travels along the Governing 
Vessel to the head, there is a feeling of heavy pres- 
sure in the head. In severe cases, psychosis can 
occur. Turbid Qi that escapes into the body’s chan- 
nels can result in distending or numbing of the 
body. To avoid such side effects, it is extremely 
important to establish an equilibrium between the 
Five Yin Organs. No matter which Medical 
Qigong system is followed, the primary task is 
always to dredge or purge the channels of patho- 
genic Qi, to regulate the Yin and Yang organs and 
to cultivate the body’s Jing, Qi, and Shen. 


THE MAIN CAUSES OF QI DEVIATIONS 

Mental disorders and personality disorders 
may exist in some individuals prior to their study 
of Medical Qigong. Sometimes, individuals with a 
family history of psychosis and certain other men- 
tal disorders (such as bipolar disorder and depres- 
sive disorder) may be more predisposed towards 
these diseases. The practice of Medical Qigong 
meditations and exercises may trigger the onset of 
symptoms in predisposed individuals, especially if 
Qi deviations are not properly addressed. 
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1. A Week Constitution 


2. Improper Dao Yin Qigong Regulation 


3. Disbelief and Suspiciousness 


4. Too Much Mental Concentration 


From severe disease 
and weak respiration 


From forced practice, hastily 
and indiscriminately training 


From a closed mind, superficial 
mind, or preoccupied mind 


From concentrating too hard, resulting in 
Qi and Blood to stagnation 


Figure 18.1. The Main Causes of Qi Deviations 





The main causes believed to contribute to 


Qigong deviations, according to research gath- 
ered by Dr. Wei Lin Shen of Shanghai, China, in- 
clude the person’s constitution and pathological 
state, improper Dao Yin Qigong regulation, dis- 
belief in and distrust of the Qigong exercises and 
meditations, or too much mental concentration 
(Figure 18.1). 


1. 
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A week constitution can lead to a pathologi- 
cal condition. Patients with a weak constitu- 
tion should not be required to sit or stand for 
long periods of time. Patients with severe dis- 
ease and weak respiration incur Qi deviations 
if they are allowed to stand too long. 


. Improper Dao Yin Qigong regulation can re- 


sult in Qi deviations. Qigong deviations may 
also occur as a result of forced practice (when 
the state of illness does not allow relaxation), 
or when individuals hastily and indiscrimi- 
nately train in the techniques that circulate 
internal Qi. Lack of proper instruction from a 
qualified master of Medical Qigong therapy 
often results in a failure to train in the correct 
way. The failure to correctly apply the three 
Dao Yin principles and methods (proper 
regulation of the body’s Jing, breath’s Qi, and 
mind's Shen) in training practice, for example, 
leads to Qi deviations. Creating new tech- 
niques, training recklessly before mastering 
the primary techniques, or changing the tech- 
niques at random can also result in Qi devia- 


tions. For this reason the practitioners should 
be patient when practicing Dao Yin regula- 
tions. The goal is to achieve a tranquil, quiet, 
and empty state. 


. Disbelief, and suspiciousness can induce Qi 


deviations. Disbelief or an inability to adopt 
a correct attitude toward Medical Qigong ef- 
fects (such as extreme suspiciousness), results 
in mental tendencies that will become devia- 
tions over the course of time. Qi deviations 
can result from: A Closed Mind, A Superficial 
Mind, and A Preoccupied Mind. 

a. Aclosed mind, full of fear, pride or bit- 
terness may prevent the patients from 
connecting with their True Self. 

b. A superficial mind, or lack of commit- 
ment and belief in energetic healing, may 
cause the patient to fail in taking the 
Medical Qigong prescriptions seriously. 

c. A preoccupied mind may cause the 
patient’s spirit (Hun) to “wander off” 
while practicing Medical Qigong 
therapy. 


. Too much mental concentration is the most 


frequent cause of Qi deviations. The strong 
focus of mental attention on the flow of Qi 
can distort its path and lead to Qi deviations. 
It can cause too much concentrated Qi and 
Blood to flow into the brain. Concentration 
on internal objects with too intense a focus 
can actually cause a stagnation, or Excess of 


Qi in the area (e.g., concentrating too hard on 
a tumor can actually cause it to grow instead 
of dispersing it). Mild concentration is always 
preferred when practicing Medical Qigong 
exercises and meditations. A relaxed mind 
and body allows the Qi to flow freely. 


CORRECTING QI DEVIATIONS 

To correct any Qi deviation, it is important to 
understand the root cause of the deviation. The 
Medical Qigong doctor should check for the fol- 
lowing causes of Qi deviations. 

1. Postural Dao Yin deviations result from in- 
correct postural changes. 

2. Respiratory Dao Yin deviations result from 
improper breathing methods. 

3. Mental Dao Yin deviations result from im- 
proper mental activities and emotional dis- 
turbances. These emotional disturbances (due 
to the accumulation of toxic emotions within 
the internal organs) may manifest as sponta- 
neous emotional outbursts. 

4. Stressful life activities resulting from an im- 
proper balance of work and play, lack of sleep, 
or an improper diet may likewise cause Qi de- 
viations. 

5. Environmental disturbances during Medical 
Qigong practice such as the phone or door- 
bell ringing, may startle the practitioner and 
cause Qi deviations. 

To correct the Qi deviation, the Qigong doc- 
tor addresses each possible cause separately, be- 
ginning with the patient’s posture. 

POSTURAL DAO YIN DEVIATIONS 

To diagnose Qi deviations due to incorrect 
postural alignment it is important to observe 
whether: 

¢ relaxation is being achieved, 

e the posture is structurally correct to facilitate 
relaxation, and 

¢ the appropriate tonifying, purging, or regu- 
lating technique is being used. 

When a deviation occurs, the patient should 
examine it in accordance with the basic laws of 
postural alignment. A beginner is more prone to 
some disorders due to incorrect postures that 
cause headaches, dizziness, and a stiff neck. 
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MANIFESTATIONS OF POSTURAL QI 
DEVIATIONS 

If postural deviations occur, first review the 
Eighteen Rules of Proper Medical Qigong Structure 
in relationship to the sitting or standing positions, 
and then review the other Dao Yin Qigong patterns 
(respiratory and mental Dao Yin training). The fol- 
lowing are examples of specific Qi deviations re- 
lated to improper postural alignment. 

1. Eye distention results from excessively star- 
ing at external objects during the meditations 
and exercises. To prevent this type of Qi de- 
viation, encourage the patients to always use 
a soft focus. 

2. A stiff or painful neck is usually caused by 
forcefully attempting to suspend the head. To 
prevent this type of Qi deviation, have the 
patient relax the neck muscles and sink the 
shoulders. 

3. Shoulder and back pain can occur when pa- 
tients fail to relax the muscles of the shoul- 
ders and back, stretch the back excessively, 
hollow their chest too much, or hold an unfa- 
miliar posture too long. To prevent this type 
of Qi deviation, have the patients relax and 
sink their shoulders and imagine the back 
melting down into the hips and legs. 

4. Waist and hip pain (Lumbago) come from 
several factors. 

a. Tension in the hip muscles causes pain 
in the hips that extends to the waist. 

b. Twisting the waist without first relax- 
ing the hips can result in both hip and 
waist pain. 

c. Forcefully twisting the waist may also 
cause pain. 

To prevent this type of Qi deviation, have 
the patients relax their waist and hips and sink 
the energy into the Earth via the feet. 

5. Abdomen and lower extremity distention or 
flatulence results from the forceful pulling-in 
of the Stomach, or too much concentration of 
the mind on the lower extremities. To prevent 
this type of Qi deviation, have the patients 
relax their abdomen and lower extremities, 
allowing the Qi to sink naturally. 

6. Aswollen and painful anus, or dry stool, can 
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result from raising the anus too forcefully. 
Also, hemorrhoids can develope from hold- 
ing the breath too forcefully while focusing 
on the lower abdominal area during the Ab- 
dominal Breathing Holding method. To pre- 
vent this type of Qi deviation, have the pa- 
tients close their anal sphincter softly and re- 
lax their buttock muscles. 


. Sore knees are a result of crouching too low, 


over-bending the knees, or extending them 
past the toes. To prevent this type of Qi de- 
viation, have the patients keep their knees in 
proper alignment and guide the pressure of 
the body weight to flow behind the legs and 
not in front. 


. Heel pain can be caused by shifting the body’s 


weight excessively onto the heels during 
walking or standing practice. Heel-ache can 
also occur if the patients focus too much at- 
tention on their heels instead of the center of 
their feet for balance. Knocking, stomping, or 
excessively dropping the heels against the 
ground, as well as sexual Excess, or a Kidney 
Deficiency can all cause pain in the heels. To 
prevent this type of Qi deviation, have the 
patients relax their legs and waist and imag- 
ine that their feet are kneading the ground. 
This squashing and kneading action is used 
to encourage the free flow of Yin Qi from the 
Earth into the body. 


. Improper hand movements occur when pa- 


tients fail to distinguish between Yin and Yang 
energetic properties, or apply either too much 
or too little strength in the raising and lower- 
ing of the arm movements during Qigong 
practice. Both the alignment and energetic 
function of the patients’ arms, hands, and fin- 
gers should be checked. 

a. Ifthe arm movements are too dynamic, 
they will cause an abundant amount of 
energy to become either gathered or 
dispersed; this results in Qi deviations. 

b. While performing a tonification exer- 
cise, if the palms of the hands are turned 
outward, away from the body (instead 
of inside facing the body) this can eas- 
ily cause diarrhea or a Qi Deficiency. 


c. If the fingers move up to point at the 
chest, the energy released from the hands 
can cause tightness in the patients’ chest. 
If the patients’ hands point obliquely at 
their neck and face, the emitted Qi can 
cause dizziness, nausea, and edema of 
the face in those patients who are sensi- 
tive to the energy movement within their 
channels and collaterals. 


RESPIRATORY DAO YIN DEVIATION 

Deviations in breathing often result from the 
incorrect practice of the deep inhalation and ex- 
halation methods, when first starting Qigong 
meditations. Both inhaling and exhaling should 
be gentle, thin, even, and long. When practicing, 
the patient should breathe properly and naturally 
to regulate the breath and should avoid holding 
the breath. 

1. Deviations can be due to improper exhalation. 
Determine whether the exhalation is long 
enough for relaxation and quiescence when 
sinking the breath. Excessive sinking of the 
breath, however, can cause pain in the legs 
by depleting Qi flow to the upper torso, and 
by increasing the weight and gravitational 
pressure within the tissues of the lower torso. 
Exhalations that are too long or too deep can 
cause shortness of breath, headaches, tight- 
ness in the chest, discomfort in the Heart, and 
abdominal distention. 

2. Deviations can be due to improper inhalation. 
Determine whether the inhalation is long 
enough for relaxation and quiescence. For 
example, when practicing the Abdominal 
Breath Holding technique (the Two Inhaling 
and One Exhaling Method, which employs 
Reverse Breathing), the two inhalations 
should not be connected, for tightness in the 
chest will occur. Pause, therefore, between 
each breath and allow the exhalation to be fast 
and short rather than sustained and drawn 
out. Otherwise, the condition will cause gen- 
eral weakness and fatigue. 

To rectify this condition, when you inhale 
twice through the nose, simultaneously pull 
in the navel and perineum area as if to lift your 


body. When you exhale through the nose, 
guide the Qi down into the Middle Dantian. 

If this method is applied, the symptoms 

such as tightness in the chest, shortness of 
breath, and abdominal distention will disap- 
pear (The Rectifying Respiratory Qi Devia- 
tions exercise can also be used). When the 
breath is well regulated there will be no diffi- 
culty sinking the Qi down to the Lower 
Dantian. 
. Deviations can be due to improper tone reso- 
nation. Another Respiratory and Mental Dao 
Yin deviation can be created through the im- 
proper use of healing words or tone resona- 
tions. The improper use of tones (with too 
much breath or mental concentration placed 
on the rising and falling sound) may cause 
symptoms such as dizziness and slight fever, 
tightness in the chest, weakness in the legs, 
foul breath, and bloody stool. 

These symptoms cannot be relieved by West- 
em medicine. Some patients, however, have 
succeeded in rectifying such deviations by prac- 
ticing the Opening and Closing the Three 
Dantians exercise (see Chapter 15), This exer- 
cise is used to regulate the Excess Yang, and to 
restore the body’s energetic equilibrium. 

Some patients are given the prescription of 
uttering one pitch sounds (known in China 
as the first or straight tone). This straight 
sound has a steady tone, and a rising volume, 
which can easily cause the energy to ascend. 
After the patients have completed their pre- 
scription and ended the exercise, if the energy 
continues to rise, the Qi deviation will cause 
dizziness and nausea. In this particular case, 
the patients should stop the exercise immedi- 
ately. To rectify this condition, have the pa- 
tients utter the sound in the third tone (the 
descending and ascending tone), and by deep- 
ening his or her voice, then raising the pitch. 
This increasing volume and deepening tone 
relaxes the body and causes the Qi to descend. 

This example illustrates the fact that if the 
patient is allowed to select any prescription 
at random for mental concentration, without 
understanding the theory of Medical Qigong, 


CHAPTER 18: INTRODUCTION TO Qi DEVIATIONS 





Figure 18.2. Rectifying Respiratory Qi Deviations 


he or she can easily get into trouble. 


4. To rectify respiratory Qi deviations, the fol- 


lowing exercise can be used. It will amend 
respiratory deviations and balance the Yin and 
Yang Qi, as well as clear any stagnant Qi. 

When the practitioner feels uncomfortable 
after Medical Qigong exercises, practice this 
method for 20 minutes. This is an alternate 
nostril breathing exercise and requires both 
inhaling and exhaling through the nose. The 
abdomen expands upon inhalation and con- 
tracts upon exhalation. 

From a seated posture, begin by imagining 
that there are three channels that start at your 
tailbone and travel up the body. The first chan- 
nel intersects with the right nostril, the sec- 
ond channel joins the Baihui GV-20 point and 
the third channel intersects with the left nos- 
tril (Figure 18.2). 

Place your left hand on your Lower Dan- 
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tian, with the right hand resting on the nose. 
It is important to focus the mind on the ener- 
getic flow of the breath. Inhale through the 
left nostril and allow the Qi to flow down the 
Conception Vessel into the Lower Dantian and 
tailbone area. Hold the breath, pinch the nose 
and draw the Qi up the Governing Vessel into 
the Baihui area, and then circle the energy 
down to the Conception Vessel to the coccyx 
to complete the Microcosmic Orbit. Exhale 
through the right nostril. Repeat this se- 
quence, alternating the focus of the mind’s 
concentration to follow the beginning flow of 
energy from the left to right nostril and visa 
versa. 

When training in Medical Qigong prescrip- 
tions, it is equally as important to relax the 
mind as the body. Therefore, this exercise 
should be practiced in a leisurely manner, 
with a carefree attitude, and a smile. 


MENTAL DAO YIN DEVIATIONS 

Deviations in mental activities are primarily 
caused from excessive thinking and too much fo- 
cused concentration. These type of mental devia- 
tions should be rectified by controlling one’s men- 
tal activities. It is important to fully understand 
the foundational principle of the Shen controlling 
all mental activities that determine the physical, 
emotional, and energetic activities. Any mental 
deviation should be regulated and controlled 
through intention. 

It is sometimes difficult for patients who have 
just started Medical Qigong prescriptions to be- 
come absolutely tranquil; this may lead to mental 
Qi deviations. One way mental Dao Yin deviations 
can be rectified is by a mantra, or counting breaths 
(using one thought to replace many thoughts). 
After this technique is mastered the patients can 
advance to concentrating their mind on an exter- 
nal object in the surrounding area. 

1. The cerebral cortex plays an important role 
in Qi deviations of the mind. Medical Qigong 
regulates the cerebral cortex to restore balance 
to the energetically unbalanced parts of the 
brain. If the mind is agitated or depressed for 
a long time, it can cause a long term disorder 
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of the whole nervous system and, thus, cause 
various kinds of chronic diseases. A healthy 
nervous system takes the leading role in ad- 
justing, regulating, and unifying all functional 
activities. It is responsible for maintaining a 
dynamic equilibrium. 

If deviations occur during Medical Qigong 
practice, the cerebral cortex loses control of 
the nervous system. Abnormal phenomena 
may occur and mental and emotional activi- 
ties may become uncontrollable. If patients are 
not careful, they can actually develop medi- 
tation induced diseases, or meditation in- 
duced psychosis known as Tsou Huo Ru Mo, 
which translates to “the Fire becomes Exces- 
sive and the demons enter.” In other words, 
the patient’s Heart and Liver become over- 
heated, causing the Hun to leave and Po to 
take control of the body. This in turn can lead 
to chronic psychoses or demon possession. 

Because Qi deviations can have serious con- 
sequences, the Qigong doctor must have an 
extensive knowledge of Medical Qigong prin- 
ciples to prevent and correct Qi deviations, 
stagnations, and adverse Qi flow. The mind 
should, for example, always be free from over- 
concentration or “distortions of conscious- 
ness” during practice. If a beginning patient 
feels a hot sensation in certain parts of the 
spine, and tries to force its energetic move- 
ment up through the Five Passes of the Gov- 
erning Vessel (see Chapter 30), this can cause 
“distortions of consciousness” and mental 
confusion, which may result in hallucinations. 

A deviation caused by excessive focused 
mental concentration can also lead to a loss 
of self-control and produce such disorders as 
uncontrollable head-shaking, shoulder shrug- 
ging, hand and leg quivering, stumbling, stag- 
gering, uncontrolled crying or laughing, or 
even stiff and twisted extremities and opistho- 
tonosis. To avoid this loss of self-control, do 
not allow the patients to use their mental in- 
tention and focused concentration at random, 
but rather have them focus their attention on 
quiescence to tranquilize the mind and recu- 
perate their health. 


Failure to properly lead and guide energy 

during Medical Qigong practice may also 
cause adverse deviations of Qi in the patient's 
Middle Dantian. In the Middle Dantian, the 
patient’s Lung Qi rises and returns through 
the opening and closing actions of the Shan 
Zhong CV-17 point. If the Qi within the 
Middle Dantian begins to deviate, it can con- 
dense and cause stiffness, pain, and a feeling 
of suffocation in the chest region. To correct 
this condition the Qigong doctor extends en- 
ergy into the patient’s Middle Dantian to regu- 
late and tonify the patient’s Qi, and especially 
the Gathering (Zong) Qi. This treatment also 
regulates and tonifies the patient's Lungs and 
Upper Burner, as well as diffuses any Rebel- 
lious Lung Qi (see Chapter 22) as it unbur- 
dens the emotions of the Heart. 
. There are three rules for determining proper 
mental focus. The following three rules de- 
termine the focus of the patient’s mental ac- 
tivities and are implemented to help avoid Qi 
deviations while practicing Mental Dao Yin 
training: 

a. Concentrate the mind on a motionless 
object. A patient suffering from hyper- 
tension can, for example, concentrate on 
still lake water, but not ona stormy sea. 

b. Concentrate the mind on a near object. 
A patient with Liver trouble can, for 
example, concentrate on a nearby pine 
tree. If the patient is at a park, absorbed 
in concentration on a pine tree that is 
far away, the patient must mentally 
trace and locate the pine tree with 
painstaking effort. This is achieved 
through expanding and extending the 
imagination. If the patient suddenly 
becomes mentally distracted or preoc- 
cupied, the purpose of the meditation 
is defeated. Once distracted, it will be 
very difficult for the patient to recon- 
nect to the pine tree because of its dis- 
tance. As a result, the patient’s mind 
wanders and the patient may become 
discouraged. 

c. Concentrate the mind on a familiar ob- 
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ject. Concentrate on something which 
creates a peaceful, emotional connec- 
tion. The emotional connection will fa- 
cilitate the proper attitude and dimin- 
ish any likelihood of mental strain. 

When deciding on which familiar ob- 
ject to focus the attention on, patients 
must not choose a person, their own 
work or creations, or obscene things. 
Objects that have been used to do harm 
or evil should also be avoided. Patients 
are also forbidden to shift their 
thoughts from one thing to another or 
back and forth without stopping. Re- 
member that it is the individual’s Shen 
(Spirit) which guides all mental activ- 
ity and determines the body’s energetic 
actions, therefore the mental concentra- 
tion should have purpose. 

Adjust each technique according to the spe- 
cific case. When prescribing Medical Qigong 
therapy, it is important for the doctor to adjust 
each meditation and exercise according to the 
patient’s specific case. In all cases, the Yi (imagi- 
nation and intention) must lead the Shen and the 
Shen must lead the Qi. 

The following examples demonstrate how to 
adjust prescriptions for different patient’s needs. 

* Patients with hypertension should concen- 
trate on a low place instead of a high place, or 
on an object below eye level. 

* Patients with hypotension (including other 
Deficient conditions such as anemia) should 
concentrate on a high place instead of a low 
place, or on an object placed above eye level. 

* Patients with Lung problems such as tuber- 
culosis should concentrate on white and light 
objects (e.g., white clouds). 

¢ Patients with Spleen and Stomach diseases 
should concentrate on yellow objects (e.g,, yel- 
low chrysanthemum, dahlia). 

¢ Patients with Liver problems like hepatitis 
should concentrate on green objects (e.g., pine 
and cypress trees). 

¢ Patients with a Heart Deficiency should con- 
centrate on red objects. Patients with an Ex- 
cess conditions of the Heart, however, should 
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never concentrate on the color red, and should 
only choose pink objects instead. A pure red 
color is too energetic for patients with Excess 
conditions and may overexcite their Heart, 
making it difficult for the patient to become 
relaxed. 
In Medical Qigong, the color black is some- 
times assigned to the Kidneys. Focussing on 
this color can, however, easily cause the Kid- 
ney energy to sink downward, creating an 
emotional state of depression or anxiety. 
Therefore, when treating patients with Kid- 
ney diseases, it is preferable to choose things 
of purple, indigo and vibrant blue color. 
Mentally depressed patients (in a severe cases) 
should not practice any dynamic Qigong ex- 
ercises until their depression has passed. Oth- 
erwise, they may develop headaches, tight- 
ness in the chest, or in severe cases, shock. To 
rectify this condition, the Qigong doctor must 
lead the toxic and stagnant Qi downward 
along the channels and out of the body. 
Patients with uncomfortable light or heavy 
sensations should concentrate on the oppo- 
site side on their body instead of the afflicted 
area. If they feel that their lower limbs are too 
heavy to lift during the exercises, for example, 
they can correct this symptom by focusing on 
the Baihui GV-20 point at the top of the head. 
If the patients feel that their body is too light 
and unsteady, they can focus on the Yongquan 
Kd-1 point located on the soles of the feet. 
STRESSFUL LIFE ACTIVITIES 

Stressful life activities create a flood of adrena- 
line within the body. This occurs not only from 
the core of the adrenal gland in the medulla (which 
responds to stress by releasing adrenaline in to 
the blood stream), but also from the endings of 
the vertebral lumbar division at the core segment 
of the major internal organs. Adrenaline spreads 
throughout the body and activates not only the 
body’s sympathetic nervous system, but also the 
adrenal glands. The Heart rate, respiratory rate, 
blood pressure, and Blood flow to the muscles are 
all increased as they respond to the “fight or flight 
syndrome.” 


* 
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When this happens, the immune system is 
called upon to balance the whole stress mecha- 
nism and is, therefore, called away from its nor- 
mal activities which include monitoring cellular 
activity and fighting the growth of disease. A life 
of constant stress, therefore increases susceptibil- 
ity to illness. Meditation takes the patient out of 
the stress mode, thereby shutting down the adre- 
nal glands, and allowing the immune system to 
return to its normal functioning. 

Chronic stress wears down the mind and 
body, thereby producing anxiety or depression. 
Stress begins with an overexcitement of the ner- 
vous system and then slowly works its way deep 
into the body like wet cement, causing the shoul- 
ders and upper back to become tense and rigid. 
Happy occasions (such as weddings) and other 
normally pleasant events, also produce stress, 
which can be detrimental when the patient's life 
style is not properly balanced. An unstable life 
style is very stressful and can lead to depression, 
anxiety, and Qi deviations. The capacity to bear 
stress depends upon the individual's constitution, 
diet, support system (or lack thereof), the nature 
of the stress, and the congenital strength of the 
nerves. When stress levels surpass the nervous 
system’s capacity to handle them, “the nerves 
break down”, resulting in all sorts of physical, 
mental, and emotional disturbances. Certain neu- 
rotransmitters are depleted, leading to a chemi- 
cal imbalance which can be aggravated by self 
medication (e.g., alcohol or drug abuse). These dis- 
turbances, if unheeded can eventually lead to or- 
gan malfunctions, cysts, tumors, cancer, and pre- 
mature death. In order to avoid such states, a bal- 
ance between work and rest must be maintained. 

At a conference of the International Society 
for Neuro-immunomodulation {entitled The Ef- 
fects of Stress and Depression on Physical Disease) Dr. 
Philip Gold, of the National Institute of Mental 
Health, stated that stress and depression cause the 
body to secrete high levels of hormones; (for ex- 
ample, cortisol) into the bloodstream. These hor- 
mones, if unregulated, can destroy the appetite, 
cripple the immune system, shut down the pro- 
cesses that repair tissue, inhibit sleeping patterns, 
breakdown bone density, aid the onset of infec- 


tion, and even instigate cancer cell growth. 

An individual’s emotional past determines his 
or her present state of health, both physical and 
emotional. Past emotional belief structures are 
responsible for both creating and healing diseases. 
Just as thoughts drift through the mind but do 
not manifest until they reside within a belief struc- 
ture, so emotional wounding resides within the 
tissues and cells waiting to be activated by emo- 
tional upheavals. Our thoughts materialize via 
choices and manifest within the body. 

In American society, sharing traumatic 
wounds is often the first act of intimacy and bond- 
ing. It provides a common ground for relation- 
ships and supports the “pain structure” that deep- 
ens the bond. People can become addicted to em- 
powering their wounds which, in turn, support 
and empower the disease. This exchange of pain- 
ful personal traumas is reinforced by receiving 
sympathy and strong empathy, but does not fully 
release the pain from the tissues. 

Although talking about past traumas can be- 
gin the process of healing, problems can emerge 
when these past traumas manifest through the 
following belief structures. 

1. The individuals believe that they can only 
receive affection and attention when they suf- 
fer, and use their “neediness” to keep their 
significant other(s) from leaving or becoming 
more independent. 

2. The individuals become stuck in one emotion 
-- anger, grief, fear, worry, or hurt -- and are 
unable to express a healthy range of emotions. 

3. The individuals do not have an adequate sup- 
port system. 

4. The individuals do not have the incentive to 
heal themselves or the belief that they can be 
healed. 

5. The individuals bond to anyone, out of fear 
of being alone, as long as they receive the at- 
tention they crave. 

6. The individuals have low self-esteem and do 
not seek help or work out their emotional is- 
sues; they have difficulty trusting anyone to 
understand their pain. 

The desire for sharing ones pain in order to 
feel loved can lead to a habitual way of relating to 
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those closest and dearest. When such individuals 
feel taken for granted, or unappreciated, they may 
immediately resort to past traumas. If this fails to 
illicit the desired response, a new trauma or 
wounding may be unconsciously created to get 
back the attention and love and need. The indi- 
viduals may, for example, physically injure them- 
selves in an accident, or manifest a physical ill- 
ness. This in turn can become an addiction, em- 
powering old wounds and creating new ones, and 
may lead to chronic illness. The Shen becomes di- 
vided to support the new belief structure, and the 
Qi deviates from its assigned job of protecting the 
body, thus creating illness. This is not a conscious 
process, but an unconscious one, which needs to 
be brought into the patient’s awareness to be 
healed. Then, and only then, can the Yuan Shen 
and Zhi Shen act as one unit directing the body’s 
Qi towards its proper function of healing. 

Because energetic healing occurs in the 
present and not in the past, victims of past trau- 
mas will never heal if their energy continuously 
regresses to the armored traumatic belief struc- 
ture. Both the doctor’s and the patient’s Yi (In- 
tent) must therefore, focus on forgiveness (of self, 
others and the specific tragic situations) to free 
the patient from toxic wounds. The patient's de- 
sire and determination to be well must reach the 
degree that they are willing to do anything to get 
well, including giving up on the “secondary 
gains” of illness (i.e., risking abandonment, or loss 
of attention received during the illness). Patients 
must be encouraged to find new ways to fulfill 
their needs, and must be encouraged and sup- 
ported through this difficult transition. This point 
is illustrated effectively in the following traditional 
Chinese story. 

There once was a palace official named 
Cheng Guang Wei who owned a servant 
named Song Li. As the pressures of life wore 
on Director Cheng, he began to sink into a 
deep depression. Soon he began to lose all 
hope in life and desperately sought relief. Not 
content with the wine and festivities at hand, 
his attention soon turned to his servant Song 
Li, who always seemed to be happy. Song Li 
was plowing the fields, up to his ankles in 
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mud, singing and seemingly enjoying his life. 
Upon observing this, Director Cheng walked 
up to the edge of the field and called out, 
“Song Li, why are you so happy? What is the 
secret of your contentment?” To which Song 
Li responded, “Sir, come into the field with 
me, and I will tell you.” The director, not want- 
ing to get himself muddy said, “No, tell me 
from where you are.” To which Song Li re- 
plied, “I cannot explain everything to you if 
you do not come into the field.” Director 
Cheng, aggravated by this reply, answered, 
“Very well, since you refuse to tell me, tomor- 
row you will work in the stables.” Song Li 
answered, “Tf that is your wish, sir,” and went 
about his work contentedly. 

Two weeks went by, and the pressures of 
the palace were starting to take a serious toll 
on Director Cheng. All of his problems, it 
seemed, were insurmountable. Locked in tur- 
moil, he began to roam his property seeking 
peace until he heard singing coming from one 
of the stalls in the stables. Director Cheng 
went to investigate and sure enough, it was 
Song Li, now up to his knees in horse manure 
and still singing as beautifully and joyfully 
as a bird. At first Director Cheng was enraged 
at Song Li’s contentment, but then became 
perplexed, because the duties of Song Li’s new 
job were much more difficult than the previ- 
ous work. 

Director Cheng approached the edge of the 
stables and called, “Song Li, why are you so 
happy? What is the secret of this contentment 
you possess?” To which Song Li responded, 
“Sir come into the stall with me, and I will 
tell you.” Repulsed by the stench of the horse 
manure and filth, not to mention feeling pro- 
tective of his royal robe, Director Cheng an- 
swered, “Song Li, tell me the secret of this joy 
and contentment that you possess even in the 
midst of a barn full of stench and dung.” Song 
Li answered, “I will tell you sir, but first you 
must come in to where I am.” “If that is your 
answer, then tomorrow you will work in the 
hog pens!” shouted Director Cheng. To which 
Song Li answered, “If that is your wish, sir,” 
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and went about his work contentedly. 

Well, things went from bad to worse for Di- 
rector Cheng in the palace; seeing that he was 
about to lose everything, he contemplated 
taking his own life. Making one last round of 
his property, he again heard singing, this time 
from the hog pens. Realizing it was Song Li, 
Director Cheng slowly approached. Sure 
enough, there was Song Li, up to his thighs 
in pig dung, slop and filth, and still singing. 
Leaning against the fence, Director Cheng 
called out, “Song Li, why are you so happy? 
What is the secret of your contentment and 
joy?” To which Song Li responded, “Sir, come 
into the pen with me, and I will tell you.” Di- 
rector Cheng, now at the end of his rope, an- 
swered, “Very well, I will come in with you,” 
and began to climb the fence to enter the hog 
pen. “Stop!” shouted Song Li, “I will come 
over to you, it is not right that you defile your- 
self on my account, But now you will truly 
listen to what I have to share and are ready to 
hear the words I speak. For now you are will- 
ing to sacrifice all, even your physical com- 
fort, to receive spiritual knowledge and in- 
sight.” 

The moral of the story is clear: unless we are 
ready to abandon all masks (pretenses and defence 
mechanisms) of the emotional ego, it is extremely 
difficult to free ourselves from the toxic emotions 
that steal our life-force energy and direct our lives. 
If we are not intimate with our emotions, we can- 
not perceive the dynamics behind those emotions. 
After all, emotions are only energy currents which 
flow in, out, and through our bodies. Because our 
emotions reflect our intentions, any awareness of 
unprocessed emotions will lead to an awareness 
of deep-seated intentions. It is through this un- 
derstanding that Qigong doctors train their emo- 
tions and mental thinking to regulate the Shen. 


SHEN DISTURBANCES AND 
EMOTIONAL DYSFUNCTIONS 

All Shen disturbances relate to emotional en- 
ergetic dysfunctions. Generally, Shen disturbances 
can be divided into two categories: Yin distur- 
bances and Yang disturbances (Figure 18.3). These 


Yin and Yang disturbances affect the patient’s 
thoughts and emotions. 

A thought is energy that has been shaped by 
consciousness. Every experience, or change in ex- 
perience, reflects intention, desire, and will. Any 
discrepancy between intention and emotions 
leads to a splintering reaction of the energetic self, 
which can cause a breakdown of the body’s life- 
force energy and ultimately lead to disease. 

Emotional energetic currents have different 
frequencies, resonating between low (fear, anger, 
worry, etc.) and high (love, forgiveness, joy, com- 
passion, etc.). Lower frequencies deplete the 
physical body, draining it of its precious reserve 
of life-force energy. This deterioration begins to 
manifest in the spiritual fields of energy surround- 
ing the body, and percolates down to the emo- 
tional, mental, and finally the physical level. Con- 
versely, high frequency emotional energy raises 
the body’s energetic frequency and begins to ra- 
diate outside the physical body. This does not 
mean that the patient must learn to suppress feel- 
ings of anger, hurt, etc. These are natural emotions 
that serve a positive function in protecting the 
individual from harm. It is only when emotions 
are suppressed, denied, and accumulated that 
they become highly toxic to the body. When this 
happens, new anger is fueled by old anger. The 
new hurts are suddenly blown out of proportion 
(related to the event), fueled by ancient emotional 
pain, until the patient's physical structure is over- 
whelmed. 

Patients may become overactive and over- 
emotional when under stress, when their energy 
becomes disrupted. Every emotional disturbance 
alters the breathing pattern, changing from slower 
to faster respirations (each breathing pattern vary- 
ing according to the internal organs involved). 

According to The Yellow Emperor's Inner Can- 
non (Spiritual Axis), the Blood, Ying, Jing, Qi, and 
Shen are stored in the Five Yin Organs (Liver, 
Heart, Spleen, Lungs, and Kidneys). An Excess 
condition will cause any of these components to 
leave their respected organs. This will: 

¢ deplete the patient's Jing (Essence), 
* cause the patient’s Hun (Ethereal Soul) and 

Po (Corporeal Soul) to become unsettled, 
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Shen Disturbances 


Yin Yang 


Qi is compressed. 


Qi is expanded. 


Patient is manic, 
expressive, impulsive, 
volatile. 


Patient is depressed, 
withdrawn. 


Patient is too quiet. Patient is too loud. 





Patient 
inappropriately 
expresses feelings. 


Patient avoids 
feelings. 





Patient is too 
extroverted. 


Patient is too 
introverted. 








Figure 18.3. Shen Disturbances 





* cause the patient’s Zhi (Will) and Yi (Inten- 
tion) to become muddled, and 

* cause the patient’s Shen (Spirit) to leave the 
patient's body. 

When emotionally upset, energy literally rises 
upward, affecting the organs and releasing addi- 
tional emotions stored within the tissues. To be- 
come free from these emotional reactions, patients 
must be taught to relax and release the energetic 
charge of emotions. This will allow stagnant Qi 
to become energetically discharged from the body. 
By cultivating a healthy attitude, and not holding 
onto, or suppressing, the emotions, the body will 
begin to seek its energetic balance naturally. This 
is initiated by having the patient sink his or her 
Mind and breath deep into the Lower Dantian to 
rebalance the life-force energy. 


TREATMENT TECHNIQUES 
When treating patients with Shen distur- 
bances, the Qigong doctor categorizes the emo- 
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tional and thought dysfunctions into Yin and Yang 
Shen disturbances. 
1. In Yin Shen disturbances the patient’s energy 
compresses inward. These patients have a ten- 
dency to avoid feelings, becoming quiet, with- 
drawn, and depressed. They also tend to- 
wards an introverted personality and posture. 
When treating patients with a Yin Shen dis- 
turbance it is important for the Qigong doc- 
tor to redirect the patient’s Shen towards spe- 
cific actions, and encourage them to use spiri- 
tual mantras and affirmations to gain inner 
strength and confidence. 
2. In Yang Shen disturbances the patient’s en- 
ergy expands outward. These patients have a 
tendency to express their feelings, are loud, 
impulsive, volatile, and manic. They also tend 
to be extroverted in personality and posture. 
When treating patients with a Yang Shen 
disturbance it is important for the Qigong 
doctor to redirect the Shen (with a “reality 
check” towards the patient's actions) and set 
parameters for their boundaries. A sudden 
awakening to the responsibility of personal 
actions will generally send the patient into 
emotional shock. 
One treatment technique commonly used 
in the clinic to calm and restore harmony in 
the patient’s Shen (due to a Deficient condi- 
tion) is for the Qigong doctor to extend Qi into 
the patient’s Middle Dantian and Yellow 
Court areas. Once this area has been suffi- 
ciently balanced, the doctor then ends the 
treatment by rooting the patient's Qi, by draw- 
ing it into the Lower Dantian, 
PRESCRIPTIONS AND HOMEWORK 

Several of the most recommended medita- 
tions used for the purpose of calming the patient’s 
Shen are listed as follows. 

1. The Energy Melting Meditation is used to re- 
lax the body and reduce stress. Relax and 
imagine melting from the top of the head to 
the bottom of the feet, like ice melting into 
water and water flowing downward into the 
Earth. This image centers, grounds and roots 
the Mind. 


Heart Fire 


Yellow Court 


Kidnry Water 





Figure 18.4. During the exchange of Fire and Water 
meditation, the fusion of Heart Fire and Kidney Water 
creates steam. 


If the patients are lying down, have them 
feel the upper layers of their body melting 
through the lower layers and into the Earth. 
Ice melts into water and pours into the Earth. 


. The Exchange of Fire and Water Meditation 


unifies the energies of the Kidneys (Water) and 
the Heart (Fire) and is often called the Fusion 
of Kan and Li. It is used to unify opposite prin- 
ciples within the body, to balance the energies 
of the mind, body, and Prenatal and Postnatal 
Shen for creating wholeness. It also strength- 
ens the immune system and the bones, thus 
slowing or preventing osteoporosis. 

Sit and begin by breathing naturally, while 
inhaling and exhaling through the nose. Visu- 
alize the Lower Dantian as an ocean of water, 
and the Heart as a ball of fire. Imagine the wa- 
ters of the Lower Dantian beginning to flow 
up the center of the body, reversing their natu- 
ral flow. Now imagine the Fire of the Heart be- 


ginning to descend the center of the body, re- 
versing its natural flow. As the Water and the 
Fire join in the Yellow Court (located in the 
lower part of the solar plexus), the Water va- 
porizes and becomes steam (Figure 18.4). This 
hot mist travels throughout the entire body. It 
should feel warm and pleasant. 

Next allow the hot mist to enter into your 
bones and flow through the Marrow. Imag- 
ine this mist beginning to solidify and harden 
making your bones solid and radiant with 
white light. Upon completion of the medita- 
tion, relax and allow the images to disperse 
as you sink into the Wuji. 

These following exercises are a series of 
meditations used in the clinic for detoxifying 
emotional stasis. 

. The Sun and Moon Meditation is used to 
detoxify emotional stagnation and establish 
physical, emotional, and spiritual clarity. 

Begin from a sitting or Wuji posture (Fig- 
ure 18.5). Inhale and exhale through the nose. 
Imagine the sun over the left eye, and the 
moon over the right eye, appearing side by 
side over the head. Feel their presence over 
the Baihui point, at the top of the head. Imag- 
ine that the sun (on the left side of the body) 
pours golden light, and the moon (on the right 
side of the body) pours silver light. Both 
streams of light meet at the Baihui point on 
the top of the head, combining into white light 
energy. This white light energy pours into the 
body, filling the entire body from the feet to 
the top of the head (like a pitcher of water 
filling a glass). Once the body is completely 
full, the energy begins to spill out of the pores. 
At first a thick, black, sticky energy pours out 
of the pores, and flows down to the ground. 
This energy contains all the physical, mental, 
emotional, and spiritual toxins that are being 
released from the body. As more and more of 
these toxic substances leave the body, they 
start turning from black to gray, then from 
gray to white. Feel the body radiate this white 
energy in all six directions (front, back, right, 
left, up, and down) filling the entire room. 
After several minutes of purging and 
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Figure 18.5. During the Sun and Moon Meditation 
imagine that the white light energy that is pouring down 
the body, is purging toxins from the internal organs, 
releasing the Evil Qi out from the pores. 





tonifying the body, relax the mind and focus 
your attention on to the Lower Dantian, be- 
fore ending the meditation. 

4, The Releasing Emotional Blockages and En- 
ergetic Armoring Meditation is used to dis- 
solve emotional blockages from the internal 
organs. When these blockages are released, 
the emotions are restored to balance. Begin 
from a Wuji posture, and inhale through the 
nose and exhale through the mouth. 

a. Direct your attention to your Liver. Ev- 
ery time you inhale, visualize and feel 
the emotions of kindness and compas- 
sion entering into your Liver. As you 
exhale, release anger or jealousy. Re- 
peat for 18 breaths. 

b. Direct your attention to your Heart. Ev- 
ery time you inhale, visualize and feel 
the emotions of joy, contentment, and 
tranquillity entering into your Heart. As 
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you exhale, release nervousness and ex- 
citement. Repeat for 18 breaths. 

c. Direct your attention to your Spleen. 
Every time you inhale, visualize and feel 
the emotions of trust, openness, and sin- 
cerity entering into your Spleen. As you 
exhale release worry, obsessiveness, and 
self-doubt. Repeat for 18 breaths. 

d. Direct your attention to your Lungs. 
Every time you inhale, visualize and 
feel the emotions of dignity, integrity, 
and courage entering into your Lungs. 
As you exhale release grief and anxi- 
ety. Repeat for 18 breaths. 

e. Direct your attention to your Kidneys. 
Every time you inhale, visualize and 
feel the emotions of self-confidence and 
inner strength entering into your Kid- 
neys. As you exhale release fear and 
loneliness. Repeat for 18 breaths. 

f. Finally, inhale, visualize and feel the 
emotion of a full-bodied state of peace 
and bliss. As you exhale, ripple and 
resonate this feeling into the room, fill- 
ing the surrounding energetic space 
with this emotional enlightenment. Re- 
peat for 18 breaths. 


DISTURBANCES DURING QIGONG PRACTICE 

The patient should carefully choose a safe and 
quiet environment for Medical Qigong exercises 
and meditations. Most often a patient is already 
in a state of relaxation when they become startled 
by disturbances generally caused by an unex- 
pected sound or event. This sudden disturbance 
can disrupt the Heart Qi. When training, if you 
become startled, do not open your eyes. If you 
open your eyes, the disturbed energy will be 
thrown into disarray, causing a blockage of vital 
Qi (usually in the Heart). This reaction will cause 
deviations which can be difficult to rectify. 

If instead you continue exercising with your 
eyes shut as if nothing had happened, you can 
restore your mind to a normal state of quiescence, 
by guiding the Qi up the Governing Vessel and 
down the Conception Vessel (i.e., the Microcos- 
mic Orbit). Even if you were shocked by the un- 
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Figure 18.6. The doctor strikes the patient's Mingmen 
area and focuses his or her attention to lead the 
disruptive Qi downward into the Earth. This helps the 
patient stop the uncontrollable muscle deviation 
spasms. 








Figure 18.7. The doctor directs energy into the patient's 
foot, through the Lv-3 point, rooting the patient's 
Rebellious Qi into the Earth. 


expected sound or event, restore the mind to a 
normal state of calmness by immediately perform- 
ing the Opening-and-Closing the Two Dantians 
technique. The two Dantians refer to the Upper 
Dantian (Yintang point) and the Lower Dantian 
(Qihai point) areas (see Chapter 20). 

To perform this technique, raise both hands 
to the lower jaw and breathe in with a hissing 
sound as if inhaling a mouthful of cold air. After 
the inhalation, the hands will move up to the Up- 
per Dantian, and perform the opening exercise 
while exhaling slowly. Next, exhale while closing 
slowly. After four repetitions move the hands to 
the lower abdomen and perform the Opening and 
Closing of the Lower Dantian four times. 

Usually the emotions will calm down after 
performing this exercise four times. If you still feel 
uncomfortable, you can perform the exercise eight 
times or more, until you become calm. 

Note: It is good to ensure a quiet, safe environ- 
ment in which to practice, preferably a place out- 
side, with fresh air, among flowers, grass or thick, 
healthy green trees. Because the inside of the body 
matches the outside environment, when searching 
for specific directions to face while practicing Medi- 
cal Qigong, it is important to avoid training in or 
near: 

¢ extremely intense direct hot sunshine, 

¢ acold strong wind, 

* a thunder and lightning storm, 

¢ old withered trees, 

¢ old graves or tombs, 

¢ electric generators, power lines or power plants, 

¢ dump sites, 

¢ polluted sites, rivers, etc., and 

¢ do not practice shortly after earthquakes, tor- 
nadoes, hurricanes, hailstorms, etc. 


UNCONTROLLABLE MUSCLE 
DEVIATIONS 

Sometimes a patient’s body begins to auto- 
matically quiver, shake, tremble, or vibrate, reveal- 
ing an energetic re-patterning causing muscle 
movement which cannot be stopped. When this 
happens, part of the body often keeps moving for 
several hours, causing exhaustion. Sometimes Qi 
in the legs and Heart rushes into the head, com- 
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pounding the problem. 

For older patients this is considered a dan- 
gerous symptom because their lower extremities 
are generally weaker. In mild cases the patients 
feel energy rushing upward into their head. In 
severe cases the whole body trembles because the 
Qi leaves the Conception and Governing Vessels 
and empties into the body itself. In these extreme 
cases energy muscle patterning should be con- 
trolled in the following manner. 

1. Advise the patient by saying, “It is time to 
relax and calm down. You need to end your 
exercise and rest.” This method is usually 
very effective when repeated over and over, 
again. If the patient is unable to stop, perform 
the next method. 

2. Direct the patient to place their left hand on 
the Middle Dantian and the right hand on top 
of the left hand. Tell the patient that you will 
help them stop by striking their Mingmen 
area (Figure 18.6). Press their right hand with 
your left hand, to compress their Middle 
Dantian, while using your right palm to strike 
the patient’s Mingmen three times, directing 
your attention down to their feet. This can 
help them stop moving. 

3. If the above two methods do not help, direct 
the patients to turn their right foot inward 
with the big toe pointing at the heel of the 
left foot. If they cannot do it without help, 
take their left hand in your right hand and 
with your foot push the big toe of the patient’s 
right foot to point at the left heel. That should 
stop the movement. 

Next, touch the patients’ Taichong Lv-3 
point, between the big toe and second toe, 
with the “sword fingers” Qi emitting tech- 
nique. In this technique, the doctor uses the 
index and middle fingers to emit Qi into the 
patient and guide their Toxic Qi down into 
the ground (Figure 18.7). 

RECTIFYING QI DEVIATIONS USING 
TAIJ] RULER 
If patients are experiencing too much Heat, 


they are concentrating too much and need to 
change the position of their tongue and perhaps 
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Figure 18.8. The Qi regulation exercises of the Taiji Ruler system are excellent for correcting Qi deviations. 





switch meditations. The Taiji Ruler is very effec- 
tive in rectifying deviations caused by inappro- 
priate tonification or purgation, and can be used 
to dredge the channels and collaterals to promote 
the flow of Qi and Blood. 

When performing this exercise, the rotation 
of the Ruler upward and outward (away from the 
body) is generally used for leading and increas- 
ing the energetic flow of Qi and Blood in the up- 
per extremities. The downward and inward rota- 
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tion of the Ruler is generally used for leading and 
increasing the energetic flow of the Qi and Blood 
in the lower extremities. 

The purgation of energy blocks are usually 
cleared through downward movements (from 
Heaven to Earth). Tonification is implemented 
through upward movements (from Earth to 
Heaven). Using these methods, the patients can 
amend their deviations and promote the increase 
of Qi (Figure 18.8). 


CHAPTER 19 


DISORDERS AND DEVIATIONS OF THE SOUL AND 


SPIRIT 


INTRODUCTION TO SPIRITUAL 
DIMENSIONS 
An accepted reality in Medical Qigong therapy 
is the body’s relationship to both the physical and 
spiritual world. The physical world of the living is 
considered a Yang state of existence, while the su- 
pernatural-spiritual world is in a Yin state of exist- 
ence. Once the Qigong doctors’ Shen has reached a 
high state of sensitivity, they can transcend their 
normal conscious perceptions and senses, to ob- 
serve, and even communicate with the spiritual Yin 
world (see Six Transportation’s of Shen, Chapter 13). 
Within the subtle realm of the spiritual world, 
the existence of spiritual entities and ghosts are di- 
vided into two divisions of Yin and Yang (Figure 
19.1). There is a significant difference between spiri- 
tual entities and ghosts. 
1. Aspiritual entity belongs to the Yang category 
of the Subtle Realm, and comes from the for- 
mation of nature. Spirits are considered the 


Physical World 


Yang 


yer 


S 


Yang 


ethereal beings of the universe, who depend 
on the absorption of natural energy and are 
affected by the energetic cycles of the Earth. 
They are conscious beings, able to transform 
themselves into any size, shape, animal, or 
being (shape-shifting). A spiritual entity can 
affect changes in electrical current within the 
body’s energy fields, or control certain areas 
on the body’s nervous system. Spiritual enti- 
ties can be separated into two divisions: Yang 
(good) and Yin (evil) influences. 

a. Yang spiritual entities are commonly 
referred to as angels, guides, spirits of 
the light, enlightened masters, and 
similar positive beings. These spiritual 
entities assist mankind (communicating 
through the body’s Hun) in their quest 
for enlightenment. They assist indi- 
viduals to make beneficial decisions 
that promote spiritual maturity. 


Spiritual World 


Spiritual Entities 
Ya 


ai Jing 


Projection of Qi and Shen, 
Spirit Travel, Soul Travel 


Yang 
Angles, 
Guides, 
Spirits of 
the Light 


Yin g Yin 
Devils, Phantoms, Poltergeists, 
Demons, Free- — Banshees 
Spirits of Floaters 
Darkness 





Figure 19.1. The Spirit World 
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b. Yin spiritual entities are commonly re- 
ferred to as devils, demons, spirits of 
darkness, evil spirits, and other similar 
negative spiritual manifestations. Yin 
spiritual entities challenge mankind 
(communicating through the body's 
Po) by confusing the human spirit. If 
given the opportunity, these spiritual 
entities can possess an individual and 
become extremely territorial. 

2. Ghosts or Gui, as they are commonly called in 
China, belong to the Yin category of the subtle 
realm. Ghosts are developed from the subtle 
form of the combined spiritual essence of an 
individual's Eternal Soul. When the body dies, 
the energies of the Corporeal Soul (Po) enter 
into a state of rest, returning back to the Earth, 
thus allowing the Ethereal Soul’s (Hun) to re- 
turn back to Heaven. The individual's Eternal 
Soul then fuses with the energies of the Three 
Dantians (within the Taiji Pole) and is projected 
outside the body, entering the tunnel of light to 
return back to the divine. Sometimes, however, 
because of unprocessed emotional issues, trau- 
matic death, unfinished business, or extreme 
attachment to people, places, or possessions, an 
individual's Eternal Soul can begin to wander 
the Earth, becoming a Gui or ghost. Generally, 
itis believed that it takes three days for the Cor- 
poreal Soul to withdraw their energy com- 
pletely from a deceased body. Ghosts are con- 
sidered Eternal Souls that have departed from 
human life and are unable to detach from their 
life experiences; they are bound by their un- 
processed issues. Ghosts can also be separated 
into two divisions of Yang (good) and Yin (evil). 

a. Yang Ghosts are commonly referred to 
as phantoms and free floaters. These dis- 
embodied souls can either be lost, con- 
fused, delusional, or purposely return in 
order to guide and protect the living. 

b. Yin Ghost are commonly referred to as 
poltergeists, banshees, or other names 
varying by location. These disembod- 
ied souls are angry, malicious, mischie- 
vous, and destructive. 
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It is difficult, if not impossible, to be immune 
to the influence, or encroachment, of the spiritual 
world. Spiritual manifestations are usually evi- 
dent through audible sounds, unusual unexplain- 
able smells, extreme cold, and the displacement 
of objects. Other phenomena include tactile sen- 
sations, visual images, voices, and the apparent 
psychokinetic movement of objects. Spiritual en- 
tities seem to move through solid matter and can 
appear or disappear abruptly. They can also cast 
shadows and be reflected in mirrors; some seem 
corporeal, while others are luminous, transparent, 
or ill defined. Many spiritual entities have jerky 
or limited movements, while others are lifelike in 
movement and speech. Encounters with spiritual 
entities can be divided into five main categories. 

1. Spiritual manifestations of the dead generally 
occur within a short time after the death of 
the person. Visits from the departed are usu- 
ally to bring comfort, to announce their role 
as a guardian, or to complete unfinished busi- 
ness. If an individual’s life ends in an untimely 
manner, or so violently that the soul does not 
realize the body is dead, the disembodied soul 
often goes about its daily routines. Occasion- 
ally these souls will manifest as mischievous 
entities, attempting to get the attention of the 
living, but they lack the malevolence of an evil 
poltergeist manifestation. 

2. Deathbed phenomena are generally of divine 
beings, religious figures, or luminous appa- 
ritions. Visions of previously deceased loved 
ones, who come to guide the dying soul into 
the next level of existence, are common oc- 
currences. 

3. Manifestations of impending tragedy are vi- 
sual images of an entity which usually ap- 
pears in a “waking vision” or in dreams. 
When they appear, these spiritual entities ei- 
ther communicate about the death or severe 
crisis of a loved one, or to give warning of an 
impending tragedy. 

4. Reincarnating spiritual entities sometimes 
appear in a dream to a member of the family 
into which they will be born. Such dreams are 
referred to as “announcing dreams.” 
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5. Manifestations of poltergeists are generally 
mischievous and often malevolent. They may 
be either disembodied souls, or demon-like 
entities (see Chapter 18). These disembodied 
souls were often extremely dissatisfied and 
bitter while living, and may be unable to re- 
integrate into the Earth after death, or to as- 
cend into the Heavens. This may cause spiri- 
tual hauntings, either around the location of 
their death or around a person, or persons, 
that the disembodied souls blame for their 
life’s misery. They make their presence known 
by assaulting the living, either human or ani- 
mal. The most common phenomena include: 
battering with a rain of small stones or sand, 
throwing and moving of objects, loud noises 
and shrieks, strange lights and vile smells. 

6. The ghostly images of the astral body can be 
projected and manifested in distant locations 
as a disembodied apparition. Sometimes the 
astral body can travel to other locations and 
actually appear in holographic-like form to 
others. This image is not actually considered 
a ghostly apparition (although it may appear 
so), but the extension and material form of an 
individual's Eternal Soul. 

One example of this type of phenomenon 
was demonstrated in France in 1908 by 
scholar Hector Durville, who was research- 
ing “traveling clairvoyance.” In one series of 
tests, Mr. Durville and a colleague hypnotized 
a female psychic to facilitate her astral pro- 
jection to another location. An observer was 
placed in another part of the house. The 
experimenter’s instructed the female 
psychic’s to touch, hit, or pull at the observer’s 
body while in her astral body. The observer 
had no idea what to expect, but felt the 
touches, strikes and pulling on his body by 
invisible hands. The astral body was even vis- 
ible as a whitish apparitional figure to some 
of the people Durville used as witnesses. 


EVIL STATES AND MENTAL 
DELUSIONS 

Sometimes the “spirit world” itself can affect 
the physical body through a subconscious emo- 


tional connection with the individual’s Shen. 
These affected subconscious emotions can never 
be totally repressed because they will continually 
surface as dreams, visions, flashes of images, etc., 
and can only be redirected into either positive or 
negative actions. 

Seeing a spiritual entity or ghost is a normal 
part of Medical Qigong training and is accepted as 
a natural energetic phenomena; however, disorders 
such as schizophrenia and psychosis (delusions and 
hallucinations, etc.) are considered Qi deviations 
and can be caused by improper Medical Qigong 
practice. These mental states are known as “evil 
states” and are difficult to correct. Evil states also 
include: infatuation, delusions, obsessions, encoun- 
ters with seductive spirits, demon oppression or 
possession, and multiple personality disorder. This 
does not mean, however, that the individuals suf- 
fering from these disorders are themselves evil. 


INFATUATION WITH THE TREATING Doctor 

Infatuation is culturally regarded in China as 
an evil state. This generally refers to the occurrence 
of deceptions of the subconscious mind during, or 
after, Medical Qigong healing, which lead to men- 
tal derangement. While under the influence of these 
self-deceptions, patients display intensely amorous 
affection towards the doctor. As the doctor’s energy 
becomes more intensified within the patients’ ner- 
vous system, the patients experience a type of bio- 
logical euphoria which gives way to feelings of 
unexpressed emotions, suppressed fantasies, and 
symptoms of eccentric disposition, such as sluggish- 
ness, apathy, or elation. 

During treatment, patients become extremely 
open and vulnerable, as their boundary systems 
completely dissolve under the influence of the 
doctor’s emitted Qi. The Qigong doctor’s ability 
to channel divine light and compassion may eas- 
ily be mistaken for displays of personal love to- 
ward the patients. Sometimes this divine love has 
never before been experienced by these patients, 
making them infatuated with the doctor, who is 
the apparent source of this love. This is an illu- 
sion which can usually be dispelled by the 
doctor’s explanation. When the doctor is unable 
to dispel this illusion by conversing with the pa- 


395 


SECTION 4: GI DEVIATIONS IN QIGONG TRAINING 


tients, this indicates an underlying, often long 
standing, mental disorder. Such patients should 
be referred out to a mental health practitioner for 
professional counseling. 

ENCOUNTERS WITH SEDUCTIVE SPIRITS 

On rare occasions, individuals who do not have 
a strong enough connection with the divine may 
become susceptible to encounters with seductive 
spirits. These spirits are known as Incubus (male) 
or Succubus (female), and tend to manifest in 
dreams. These dreams can range from the roman- 
tic and seductive, to rape and sodomy. Although 
these encounters occur during the individual’s 
sleep, physical sensations are always a large part of 
the encounter. Often, once the victim has awakened, 
the physical sensations continue. 

DELUSIONS 

This is the occurrence of delusions of the sub- 
conscious mind during or after Medical Qigong 
treatment or training, which lead to mental derange- 
ment. A delusion is a false belief brought about with- 
out appropriate external stimulation (seen most of- 
ten in psychoses), and is inconsistent with the 
individual’s own knowledge and experience. Pa- 
tients suffering from delusions display unsociable 
and eccentric dispositions, sluggishness, apathy, 
and trance. Some patients may become very disil- 
lusioned and depressed. They may lose confidence 
in life, and think about committing suicide; others 
may have symptoms similar to those of psychosis, 
such as persistent visual or auditory hallucinations. 
These symptoms occur because of preexisting emo- 
tional problems, which the patient has not worked 
through, or has consistently avoided facing. 

Inall truth, the practice of Medical Qigong does 
not create these problems; Medical Qigong can, 
however, occasionally allow patients to become ex- 
tremely sensitive to the preexisting unresolved 
problems that continue to surface into their subcon- 
scious mind due to their overactive denial system. 


Spirit DEMONS 

Anencounter with the phenomenon known as 
demon oppression or demon possession rarely oc- 
curs during clinical practice, but never the less, it 
must be addressed. Demon oppression or posses- 
sion describes the state of mind attributed to the 
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patient who has come under the influence of the 
“spirits of the objective world.” These spirits of the 
objective world (also called “fallen angles,” “spiri- 
tually hostile forces,” or “demons”) can either in- 
fluence, or inhabit, a patient's thoughts and body. 
They can affect anyone who becomes open to their 
influence. Any practice or situation which opens the 
individual’s subconscious mind may increase the 
person's vulnerability to such states. Spirit demon 
oppression or possession can occur from: 
¢ misguided or improper use of meditations, 
* misguided or improper use of hypnosis, or 
self-hypnosis, 
* indulging in the practice of astral projection, 
* meditations that cause adverse psychological 
side-effects, 
* general anesthesia, 
* drug and alcohol abuse, 
* indulging in the practice of channeling, or 
Ouija board playing, 
* deep emotional or physical traumas, 
* indulging in the practice of deviant psycho- 
sexual encounters (Tantric sex with the wrong 
individual) 
* exposure to places that are haunted by evil 
spirits when the individual is very stressed 
out, or deeply fatigued and depleted, and 
* indulging in the practice of “black magic.” 
When the patient's connection to their Shen 
becomes extremely Deficient, to a point that they 
surrender their Hun, the patient’s Hun may leave 
their body and wonder, making them vulnerable 
to the possibility of spirit oppression or possession. 

One of the first things a demon seeks, once it 
enters a body, is to fulfill its sensual appetite (be it 
sexual pleasures, rage, or emotional addictions, etc.). 
A disembodied spirit lacks the ability to feel physi- 
cal sensations due to the disconnection with its 
bodily senses (touching, feeling , smelling, tasting, 
etc.). Thus, it can only satisfy these cravings through 
someone else's living body. Consequently, if a pa- 
tient is disassociated from the divine center core, or 
has little or no boundary system, a condition of 
oppression or spirit possession may occur. In China 
this condition is commonly described as, “the Spirit 
(Hun) leaves and the demon enters, uniting with 
the body’s Po” and must be rectified with spiritual 
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atonements and soul retrieval. 

Although such encounters in the clinic are 
rare, it is still important to recognize and treat 
these conditions when they occur. While treating 
patients in China, ! was fortunate enough to share 
my experiences with demon oppressed or pos- 
sessed patients with certain doctors at the Xi Yuan 
Hospital. It was refreshing to talk with another 
doctor about this particular subject, as in America 
it is difficult, if not impossible, to find other indi- 
viduals who can discuss such a topic in a clini- 
cally sound manner. 

In understanding the phenomenon of spirit 
demons, it is important to realize that in the clin- 
ics in China, encounters with these types of spir- 
its are divided into two categories: Projected Spirit 
Demons from the Subconscious Mind, and Actual 
Encounters with Spirit Demons. 


PROJECTED SPIRIT DEMONS FROM THE 
SUBCONSCIOUS MIND 

Sometimes through meditation, the subcon- 
scious mind will release visions into the conscious 
mind in the form of ghosts, phantoms, spirits, 
demons, etc. These energetic visions are subjec- 
tive projections of part of the self, released through 
emotional arousal. Each color image represents 
certain feelings and repressed memories within 
the organ which the subconscious mind is trying 
to communicate to the conscious mind. This also 
applies to dreams and nightmares in which the 
patient is continually being haunted by certain 
spirits, demons, or monsters. For example: 

¢ A green demon represents the deeply sup- 
pressed emotions of anger, rage, and irrita- 
tion which are connected to the Liver. 

¢ A red demon represents the deeply sup- 
pressed emotions of excitement, panic, and 
even anxiety which are connected to the 
Heart. 

¢ A yellow demon represents the deeply sup- 
pressed emotions of worry and pity which are 
connected to the Spleen. 

« A white demon represents the deeply sup- 
pressed emotions of sadness, grief, sorrow, 
guilt, anxiety, distress, and heartache which 
are connected to the Lungs. 


« A black demon represents the deeply sup- 
pressed emotions of fear, paranoia, horror, 
panic, and terror which are connected to the 
Kidneys. 

The patient’s subconscious demonic images 
may tend to be culturally influenced. Each patient 
may find himself or herself observing something 
quite different, but with the same underlying 
emotion. In modern Western culture, individuals 
are more likely to dream of thugs and assassins 
that are threatening and pursuing them, as well 
as monsters. 


ACTUAL ENCOUNTERS WITH SPIRIT 
DEMONS 

These spiritual encounters have an objective 
reality, as they are true spiritual entities which exist 
outside an individuals thoughts or feelings. For 
obvious reasons it is extremely important for Medi- 
cal Qigong doctors to have a strong spiritual foun- 
dation. Without a powerful connection to the di- 
vine, the doctor risks absorbing the patients’ patho- 
genic Qi, and may become more vulnerable to “evil 
states” that may place him, or her, at the mercy of 
spirit demons who seek to dominate, control, and 
feed off of the negative emotions of the human body. 

The spiritual state of the energetic field con- 
trols the emotional field, the emotional field in 
turn controls the mental, and the mental controls 
the physical field. This is the spiritual template 
used in the Medical Qigong clinics in China for 
initiating the energetic laws of dominance and 
control over the body’s tissues. When there is a 
spiritual interaction involved, the emotions mani- 
fest the outcome. There are two ways a spirit de- 
mon can attach itself to the body; through spirit 
oppression, or through spirit possession. 

1. Demon or spirit oppressed patients tend to 
first have had severe emotional trauma, re- 
sulting in extremely low self-esteem, depres- 
sion, fear, rage, and so on (these are the emo- 
tional energies on which the evil spirit feeds). 
The spirit demon becomes attached to the 
patient’s second field of Wei Qi, drawing en- 
ergy and sustenance from the patient's 
chronic release of negative emotions. 

These spirit demons are external energy feed- 
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ers. They are spiritual parasites which provoke 
and increase negative emotional reactions. 
Once the patient discharges these negative emo- 
tions into their second field of Wei Qi, the spirit 
demons then ingest and absorb this energy as 
food. If, for any reason, the spirit demons leave 
or abandon the patient's second field of Wei Qi, 
they will, like a predator, continue to look for 
their next feeding ground. This is why, in cer- 
tain families, oppressive dynamics are passed 
from generation to generation, due to certain 
congenital spiritual patterns. 

2. Demon or spirit possession occurs when the 
patient's Spirit / Mind (i.e., the focused power 
of their consciousness) becomes too attached 
to something; it may leave the patient (be- 
coming a wondering spirit) and not return. 
The vacuum that is left by the original con- 
sciousness leaving its residence can become 
filled by the spirit of other beings. These alien 
energies tend to enter the patient’s body, re- 
placing their original consciousness (Yuan 
Shen), which is now lost. The resulting state 
is one of demon or spirit possession. Because 
the spiritual quality and stability of the 
patient’s mind is lost, the patient will become 
increasingly dependent on the alien spiritual 
consciousness for orientation towards others, 
and the outside environment. 

When either a demon or spirit entity pos- 
sesses a patient’s body, it tends to be extremely 
territorial and protective. This is because, as 
the demonic spirit surrounds the very core of 
the patient’s energetic body, it initially has a 
strangle hold on the patient, feeding and dis- 
torting the patient's reality. This results in wild 
mood swings, and sometimes, in displays of 
extraordinary intuitions, perceptions, and in- 
credible physical powers. 

In most cases the spirits causing the pathol- 
ogy are not of a high order of intelligence; 
they are more on the level of spiritual bacte- 
ria, viruses, or parasites. In some cases, how- 
ever, spirits can be of a high order of demonic 
intelligence, such as depicted in the movie 
“The Exorcist.” 


- 
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EXAMPLES FROM PERSONAL CLINICAL 
EXPERIENCE 

Through my personal clinical practice, Ihave 
treated several patients who were actually demon 
possessed, or demon oppressed. One example oc- 
curred in 1992, when a patient came to me with a 
tumor located on her pituitary gland. The West- 
ern doctor who was treating her had suggested 
that she receive immediate surgery, so as a last 
resort she came to me. 

Knowing that she had written several books 
that were currently being used in a major univer- 
sity as a standard text, I was quite impressed and 
even intimated by her reputation as an intellec- 
tual. She, being the mentor of several of my stu- 
dents who were psychotherapists, did not ease my 
apprehension. Although she was elderly, she was 
very strong willed, and quite opinionated. She re- 
quested that I lower the treatment table to the floor 
before starting the therapy. I thought that this was 
a little strange, but complied never the less, and 
so we began the initial treatment with the patient 
lying supine on the table, placed on the floor. 

I always begin each treatment with a connec- 
tion or “hookup” to the divine After connecting with 
the divine, the energy of the treatment room 
changes, as the room’s energetic field transforms 
into a divine healing energetic field. Immediately 
upon “hookup” something in the patient shifted. 
Although her eyes were closed, the patient began 
to thrash about on the table like a wild animal, lit- 
erally snarling, and gnashing her teeth. The power 
radiating from her body was quite incredible. [knew 
and believed, that if she wanted to, this elderly, frail 
woman, could now lift my body up, and toss it 
across the room like a rag-doll. I was quite aware of 
the supernatural power and spiritual demonic form 
that I was now facing, and knew that my 27 years 
of martial arts training would not serve me in this 
situation. To my advantage, I had previous expo- 
sure to such spiritual demonic phenomena, and had 
been successful in dealing with demon possessed 
individuals. Believing that the current healing work 
was part of my ministry and life purpose, and hav- 
ing participated in several demonic exorcisms, I was 
aware of the procedure which needed to transpire. 

I began dredging and casting out the demons 


CHAPTER 19: DISORDERS AND DEVIATIONS OF THE SOUL AND SPIRIT 


Evil Essence 
Devils, Demons, 
Spirits of Darkness 


False Self 
Masks and Defense 
Mechanisms 


Personal Subconscious Mind 

(filters information in accordance 

with prior experiences and belief 
structure) 


Divine Essence 
Angels, Guides, 
Spirits or Light 


True Self 
Core Self 


Creative Subconcsious Mind 
{intregrates new knowledge, shifting 
and changing old belief structure, 
shedding new light on past 
expieriences} 


Conscious Mind 


Reacts, 
Engages the Denial 
System 


Perceives, 
Adds 
Intention and Will 





Acts, 
Analyzes new 
information and takes 
action 


Figure 19.2. All human beings are subject to divine and evil spiritual influences. These influences can affect the 
subconscious and conscious mind, as well as the sensory perceptions and physical performance. 





one by one, claiming each portion of her body for 
the glory of Christ (my divine authority). This 
procedure continued for six weeks, each treatment 
involved reclaiming certain areas of her body. Be- 
ginning at her head, I continued treatment down 
the patient’s body. On the sixth week, when I 
reached her Lower Dantian, the last spirit demon 
left her body, and she immediately curled up into 
a fetal position and began to cry. Her Hun then 
returned to her body, and for the first time in many 
years she could feel loving emotions again. 

It is important to note, that while the treatments 
were being administered, the patient was not con- 
sciously aware that anything out of the ordinary 
was happening. She had been so completely de- 
tached from her body, that she had no conscious 
recollection of her own emotional-spiritual field of 
existence, or its affect on her physical body. She had 
literally hid within the confines of her intellect, 


where she felt safe. She was also not aware of be- 
ing demon possessed, or even that her body 
thrashed about during each treatment. In effect, she 
had disassociated from her Yuan Shen during child- 
hood, and thus became dissociated from her emo- 
tions. After six weeks of treatment her brain tumor 
had completely dissolved. But, far more remark- 
able, was the change in her personality, for she be- 
came both friendly and courteous. 


OVERVIEW 

As mentioned before, once the Qigong 
doctors’ Shen has reached a high state of sensi- 
tivity, they are able to transcend their conscious 
perceptions to sense, observe, and communicate 
with the spiritual world (Figure 19.2). This abil- 
ity to see disembodied spirits or ghosts is a nor- 
mal part of Medical Qigong training and. a natu- 
ral part of energy observation. 
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These spiritual presences can be seen or felt 
for either brief moments in time (usually as a hov- 
ering image of light, or a dark shadow), or for 
extended periods of time (usually an encounter). 
Some of these spiritual entities can also take the 
form of animals. 

Some doctors view these energetic entities as 
either individuals who are astral-projecting (from 
the past, present, or future), or forms of energy 
that can either be ascended spirits of light (divine 
guides or angels), or fallen spirits of light (demons 
and hostile forces). In any case, encounters with 
such entities of the spiritual world should not 
startle or scare the Qigong doctor, but be expected 
as a part of the existence of the spiritual domain. 

A final important note to make is that, al- 
though demon possession is real, the location, or 
type of the patient’s disease, has nothing to do 
with demonic possession. Demonic possession is 
related to the disassociation from the Yuan Shen 
and the absence, or suppression, of the patient's 
Hun. It is not caused by obstructed tissue forma- 
tions or physical disease. 

After helping the patient uncover any severe 
emotional trauma, the Qigong doctor should assist 
the patient in “soul retrieval” meditations, in order 
to return the patient’s Hun back into its residence 
(the patient’s physical body) and to facilitate a strong 
reconnection to the Yuan Shen. During soul retrieval 
meditations, patients sometimes talk about view- 
ing certain traumas from different visual perspec- 
tives, such as: watching the incident from above 
their body, or watching from a different corner of 
the room. The reason for this change in visual per- 
spective is due to the displacement of the patient’s 
Hun once it leaves the body. Although the Hun are 
outside the body, they still observe, listen, and re- 
cord. This accounts also for the numerous cases of 
astral projection during surgery, as well as during 
near death experiences. Under anesthesia, many 
patients travel out-of-body and observe in fine de- 
tail what the doctors and nurses are saying and 
doing. They accurately recall the doctors’ and 
nurses’ conversations, and the experience of view- 
ing the operation from above the body. These expe- 
riences are becoming more documented in recent 
years partly due to modern techniques in resusci- 
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tation, that have made such experiences more fre- 
quent. First hand accounts of out-of-body experi- 
ences abound in “near death experience” literature. 
Similar experiences have been recounted by 
many physically and sexually abused patients, 
who, as children, learned to dissociate from the 
body, and observe the abuse from the ceiling, or 
corner of the room. In most cases, these adults, 
and children, do not suffer from multiple person- 
ality disorder. Only in the most severe cases does 
the personality fracture and become multiple. 


MULTIPLE PERSONALITY DISORDER 
(DISSOCIATIVE IDENTITY DISORDER) 

Occasionally the Qigong doctor may encoun- 
ter a patient with a multiple personality disorder. 
The condition of a multiple personality disorder 
is generally due to extreme sexual, physical, and 
emotional abuse during childhood; in some cases, 
demon possession may also occur. This is a con- 
dition in which the patient has developed a split 
in their consciousness, resulting in the develop- 
ment of two or more distinct identities or person- 
alities that recurrently take control of the patient's 
behavior and consciousness, one at a time. 

It is believed that the original personality 
splinters during childhood (usually around the 
age of 6 or 7 years, or as early as 3) creating sev- 
eral different personalties, or personality states, 
that are disassociated from the patient’s original 
whole personality. The different personalities cre- 
ated can number as few as two, or upwards of 
one hundred. They are often referred to as alter- 
nate identities or simply ‘alters.’ These alters, in 
fact, often themselves give birth to more fractured 
alters, each with its own gender, age (correspond- 
ing to the fracturing trauma) and function (or role). 
Some alters may be very aggressive and protec- 
tive, others will be more passive and submissive. 

Some alters will have different medical con- 
ditions from the others, which inhabit the same 
body. As the patient changes personalities (alters), 
the internal and external energetic fields likewise 
undergo changes. Each personality can differ in 
age and stage of development. In most cases, the 
personalities are usually unaware of the words, 
actions, and feelings of the other personalities, 
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especially at the beginning of the treatment. Each 
personality can exhibit a different set of symp- 
toms, as well as diseases. One personality may 
have chronic asthma and allergies, but when 
switching to another personality, the patient may 
suddenly display healthy lungs but display near- 
sightedness or high blood pressure. 

Usually one personality becomes a helper to 
the doctor, while another personality may be psy- 
chotic, indifferent, and so on. Some of the alters 
may have access to highly advanced transpersonal 
states of consciousness, i.e., a finely honed and 
active psychic realm which may have provided a 
haven, or sanctuary during the abuse. 

TYPES OF ALTERS 

Over time, an alter’s role in the patient’s per- 
sonality changes. There is a difference between 
an established personality which maintains both 
an internal and external role and just a fragment 
personality (e.g., washes the dishes only). Also, 
there will usually be a number of child personali- 
ties included, as well as adult personalities. The 
patient’s past history of violence is the best indi- 
cator of whether there are dangerous alters. Some 
of the most prevalent personality types of alters 
are described as follows. 

1. The first personality encountered by the doc- 
tor, or psychologist, is usually the patient’s 
host personality, not the patient’s original per- 
sonality. 

2. The demonic or spiritual personality type is 
generally found in very religiously oriented 
patients. 

3. The persecutor personality type is generally 
responsible for the patient’s attempts at self 
mutilation (a very common type syndrome 
with multiple personality disorder) or suicide. 
They tend to be children or teenagers. It is be- 
lieved that these types of personalities are ei- 
ther interjections of the patient's original abuser, 
or have evolved from “helper” personalities. 

4. The helper personality type is generally re- 
sponsible for providing the patient with the 
emotional support to counteract some of the 
self-destructive behavior of the patient's per- 
secutors. 


5. The administrator or obsessive-compulsive 
personality type is often responsible for allow- 
ing the patient to earn a living. They gener- 
ally appear cold and aloof. 

6. The imitator, or impostor, personality type 
generally mimics other personalities and is 
responsible for handling certain situations 
that are difficult for the patient to bear. 

7. The autistic or handicapped personality type 
generally emerges when the patient feels that 
he or she is under intense scrutiny, or feels 
that he or she is being controlled or confined. 
They may manifest autistic or catatonic states 
or become functionally deaf or blind. 

8. The promiscuous personality type is gener- 
ally responsible for the patient's overactive or 
uncontrollable sexual urges (e.g., nymphoma- 
nia). 

While treating patients with multiple person- 
ality disorder, the therapeutic goal is usually to 
integrate all the different personalities, merging 
them together through creative visualization (usu- 
ally using hypnosis). This is achieved by having 
the patient imagine each personality and subset 
“alters” merge into one. 

Some patients, however, opt to remain mul- 
tiple, as merging incurs the “death” of others. In 
such cases, contracts are made with the different 
alters to keep each other informed of events oc- 
curring during their “coming out,” and some of 
the more responsible personalities keep watch 
over the more self-destructive ones. Due to the 
complexity of treating multiple personality dis- 
order, and due to the high potential of suicide in 
multiple personality cases, it is recommended that 
the Qigong doctor refer these type of patients out 
to specialists who are familiar with such condi- 
tions and their recovery. 


SoOuL RETRIEVAL AND MEDICAL 
QIGONG THERAPY 

According to the Medical Qigong perspective, 
one of the major causes of illness is “soul loss” 
(the loss of parts or memories of the Eternal Soul). 
On the spiritual plain, the Eternal Soul is the mani- 
festation and sum total of our energetic associa- 
tions and the energy of the Wu Jing Shen (see 
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Chapter 2). The Eternal Soul serves as a middle 
point between the source and organization of all 
life-force energy. The Eternal Soul is considered 
the seat of all emotions, feelings, and sentiments. 
Asa crystal grows around a central matrix, so the 
body grows around the Eternal Soul. In revue, the 
Eternal Soul radiates energy in all directions, like 
the sun, and is responsible for life, health, and the 
formation and growth of the body. In the scope of 
energetic manifestations, the Eternal Soul ex- 
presses its innate qualities as energetic movement, 
functioning through the physical form (led by the 
Shen). It is connected to all parts of the body, and 
its light or energy is reflected through the eyes 
via the Hun. It is through the influence of the Eter- 
nal Soul that all of the body’s energetic processes 
(organs and organ systems) seek wholeness. It 
knows exactly what is needed in every situation 
for survival and health preservation, and takes 
action via the Po. Whole body consciousness is 
the main characteristic of the Eternal Soul. With- 
out the process of the Eternal Soul, energy would 
have no specific direction and remain in mean- 
ingless activity. 

“Soul loss” is not demon possession, but a 
spiritual illness that causes emotional, mental, and 
physical disease. When disturbed, the Hun leave 
the body and the Mind (Shen) wanders off on its 
own. When the Hun leave and the Shen wanders 
off for very short periods of time, it is sometimes 
called, “dissociating” or “spacing out.” When the 
Hun leave for extended periods of time, it is called 
soul or spirit travel, which generally happens 
when the patient is asleep. It is believed that if 
the Hun completely vacate the body, the patient 
will die. Acoma is one example of a chronic physi- 
cal state where the Hun have left, but are still at- 
tached to the body, through the Hun’s connection 
with the patient’s energetic Qi field. When a pa- 
tient is in a coma, the Hun and Shen abandon their 
residence, wandering about in the astral plane of 
existence. 

The Hun and Po create the sustaining energy 
for the Wu Jing Shen, which provides the energy 
for the Yuan Shen. If the Qigong doctor can re- 
trieve the lost parts of the patient’s Eternal Soul 


(the suppressed memories attached to the Hun 
and Po), then the individual's Shen can be restored 
back to harmony and health. 

REASONS THE ETHEREAL SOUL LEAVES THE 
Bopy 

In ancient times, disease was attributed to the 
Hun having strayed away, or having been stolen. 
It was believed that the Hun would leave the body 
through three main incidents: they could be sto- 
len (through deep infatuation), frightened away, 
or simply wander off. In addition to soul theft or 
“rape of the soul,” some Qigong doctors relate 
Hun loss to the interference of Gui (ghosts, de- 
mon spirits), as well as other human beings (i.e., 
a broken heart or severe trauma). 

Soul retrieval is an essential part of Medical 
Qigong therapy; the body and mind without the 
Hun, or the spiritual connection of the Yuan Shen, 
remain in a suspended state of spiritual and emo- 
tional shock. When the spiritual needs of the Eter- 
nal Soul are neglected, the Shen begins to disas- 
sociate, and symptoms of addiction to drugs or 
alcohol, obsessions, violence, or deep depression 
take over (see Chapter 32). 

Because we are born understanding hidden 
spiritual realities, patients will inevitably succumb 
to various mood swings; these are due to deep 
emotional pain and experiences that stay within 
their memory and touch their Heart. A spiritual 
life of some kind is absolutely essential for psy- 
chological health. Traditionally, the Hun are said 
to suspend themselves midway between the con- 
scious and the unconscious, and that their per- 
ceptual modality is neither the mind’s nor the 
body’s, but the imagination’s (i.e., the Creative 
Subconscious). 

From a clinical perspective it has been noted 
that the Hun leave the body during severe emo- 
tional traumas (i.e., surgery, the death of a loved 
one, miscarriages, abortions, incest, molestations, 
physical and emotional abuse, the end of a deep 
relationship, and the stress of combat). Whenever 
we experience trauma, our Hun, which are part 
of our vital spiritual essence, separates from us to 
survive the experience and to escape the full im- 
pact of the pain (Figure 19.3). When patients be- 
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Figure 19.3. Reasons for the Ethereal Soul Leaving the Body 





come dissociated, aspects of their personality 
separate from the mainstream of their conscious- 
ness, resulting in gaps of memory loss. An extreme 
example of personality separation occurs in mul- 
tiple personality disorder. 

When a patient has been violated or wounded 
in some way and remains in an emotionally 
present state of mind, within the body, the result 
usually encompasses feelings of anger from past 
hurts, grief from present pain, or fear of future 
harm. If an over-stimulation of the energetic or- 
gans occurs, it may wound the patient’s Shen, 
causing the patient to close off from the Yuan Shen, 
to shut off ali emotions. This action is similar to 
that of a sea-anemone, whose natural response (for 
the purpose of survival) is to immediately close 
itself after being touched. 


THE PURPOSE OF SOUL RETRIEVAL 

The purpose of Medical Qigong soul retrieval 
therapy (called age regression therapy in West- 
em psychology) is to bring the awareness of emo- 
tions back into areas of the physical body, allow- 
ing the patient to express and release the feelings 
and reactions that are the cause and symptoms of 
his or her disease. This will help the patient trans- 
form the trapped, or frozen energy (stagnated Qi), 


back into its energetic potential to be reintegrated 
with the Shen. 

A Qigong doctor will accompany and tend to 
the patient’s Eternal Soul in times of emotional 
transformation, including times of crisis, illness, 
and emotional death and rebirth. This allows the 
patient to remain in the energetic present time 
mode. This also results in the relief from symp- 
toms of illness and the return of the patient's per- 
sonal power, creating the potential for fulfillment 
in work and rewarding relationships. Some pa- 
tients may come to the realization that they must 
quit their job and find another that is more spiri- 
tually rewarding. They may also find themselves 
discarding old friendships and making new ones, 
as their energetic, emotional, and spiritual fields 
undergo growth and change. 


WOUNDING AND CLOSING THE SPIRIT 
The body’s Yuan Shen is the main expression 
of the Eternal Soul as it moves from its inactive 
state to a state of dynamic activity. The Yuan Shen 
is the medium or active environment of the Eter- 
nal Soul. The Yuan Shen also expresses its ener- 
getic influence through a continual interchange 
between the personal-self and the higher-self 
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through the act of breathing. The Eternal Soul ex- 
presses itself specifically through the Yuan Shen, 
and the Yuan Shen manifests itself through the 
physical body. 

If a person’s Yuan Shen becomes wounded 
(feels attacked, violated, taken for granted, etc.), 
it begins to close itself off from its environment. 
When the Yuan Shen “closes”, the emotions be- 
gin to shut down, and the Hun wander. Depend- 
ing upon the patient's set patterns, this entire pro- 
cess can occur within seconds. Once the Hun wan- 
der, the acquired (analytical) Zhi Shen and sur- 
viving Seven Corporeal Souls (Po) take over the 
body, and the patient responds like a machine (i.e., 
the patient can still think and function; reflexes 
remain intact, but he or she is void of interper- 
sonal feelings). Patients whose Shen have closed 
down cannot make emotional attachments, and 
live ina state of perpetual hunger. These patients 
go through three stages of isolation before their 
spirit leaves. 

1. The first stage involves anger and grief. 

Once a patient has been hurt (before his or 

her spirit begins to close), his or her natural 

survival energy immediately affects the Liver 
and Lungs, causing emotional reactions that 
are a natural response to feeling attacked. 

Hurt, sadness and anger are natural responses 

to feelings of rejection, betrayal and abandon- 

ment. These emotions reflect a spiritual, emo- 
tional and mental protest to feeling insignifi- 
cant, excluded, and dis-empowered. 

a. The patient’s congenital emotions of 
kindness and compassion, stored 
within their Liver, instantaneously shut 
down as the Liver Qi expands violently 
outward. This energetic reaction gives 
way to releasing the patient's acquired 
feelings of anger and rage, stored 
within the Liver. The energy of anger 
and rage is projected outward to pro- 
tect the patient's emotional boundaries. 
If the patient has deep seated emotional 
problems, however, the energy can also 
implode inward creating self-hate. 

b. If this protective emotional reaction is 


not effective in obtaining the needed 
results (being heard, honored, valued, 
etc.), the patient’s energetic field re- 
bounds inward affecting the Lungs. 
Once the congenital emotions of integ- 
rity and dignity stored within the 
patient’s Lungs become effected, the 
Lung Qi becomes obstructed, and the 
acquired emotions of grief and sorrow 
are released. The energy of grief and 
sorrow is encapsulated internally to en- 
case the patient’s wounded spirit. 

2. During the second stage anger and grief trans- 

form into depression and despair. 

As the patient begins to lose hope, the Shen 
begins to close, causing two reactions. 

a. The patient’s Liver Qi becomes ob- 
structed and stagnant. This in turn 
transforms the emotion of anger into 
depression; 

b. At the same time the patient's Lung Qi 
transforms grief into despair. 

The patient slowly begins to feel helpless, 
hopeless, and empty inside. Because of the 
increased depression and despair, the patient 
becomes physically, mentally, emotionally, en- 
ergetically and spiritually tired, and gives in 
to feelings of insignificance, unfulfillment and 
loss of control over his or her life. 

3. During the third stage depression and despair 
transform into indifference and detachment. 

In the final stage, the patient has lost all 
hope of resolution and gives up entirely. The 
Shen closes down, and the Hun wander. The 
patient feels emotionally detached from 
people, the surrounding environment, and his 
or herself. The patient wanders around “dead 
to the world,” isolated, internally unfilled, and 
alone. This creates what is known as a “dep- 
ersonalization disorder.” 

A depersonalization disorder involves the 
persistent, recurring episodes of depersonal- 
ization, characterized by a feeling of detach- 
ment, or estrangement from one’s self. The 
individual may feel as if he, or she, is living 
ina dream, or movie, and responds to life like 
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Three Stages of Emotional Transitions before the Spirit Closes 


Liver 
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Grief —— Despair 


Figure 19.4. There are three stages of emotional transition the patient must experience before their Shen closes 
and their denial system engages. After these stages are experienced the patient’s defense mechanisms take 


over. 





a robot. They may also have the sensation of 
being an outside observer (to their mental 
processes, body, or specific parts of the body). 
This feeling is often accompanied by sensory 
anesthesia, a lack of affective response, and a 
feeling of lack of control over their actions (in- 
cluding speech). 

Voluntary induced expressions of deperson- 
alization or derealization that are meditative, 
or cultural trance practices, should not be con- 
fused with this involuntary disorder. It is be- 
lieved that approximately 50% of the popula- 
tion may experiences a single, brief episode 
of depersonalization, usually precipitated by 
severe stress. Approximately one-third of in- 
dividuals exposed to life-threatening danger 
incur a brief episode of depersonalization. 
Depersonalization episodes may be accompa- 
nied by visual distortions, such as the shape 
or size of objects, and other people may ap- 
pear unfamiliar or mechanical. Other com- 
mon associated features include: anxiety or 
depressive symptoms, obsessions, somatic 
concerns, and time distortion. Depersonaliza- 
tion and derealization are some of the symp- 
toms of panic disorders (not due to drugs or 
medication), which are usually caused by 
long-standing anxiety and stress. Panic dis- 


order can also be brought on by emphysema 

and asthma due to the difficulty in breathing. 

When the Eternal Soul becomes wounded, the 
first two stages in closing down the Yuan Shen 
are caused by the patient trying to repress feel- 
ings of anger (stored within the Liver), and sad- 
ness and grief (stored within the Lungs). This re- 
action is incurred because the Liver stores the 
body’s Three Ethereal Souls (Hun), while the 
Lungs store the body’s Seven Corporeal Souls 
(Po). These two emotions are expressions of the 
patient’s natural protest against the lack of love 
that their Yuan Shen (which encompasses or con- 
tains both the Hun and Po) is experiencing (Fig- 
ure 19,4). 


HEALING THE SPIRIT 

The first stage of healing in soul retrieval is to 
open the patient's Yuan Shen by giving them hope 
and encouragement. Hope helps the patient's per- 
spective to be positive and restores meaning to 
life. Once the patient has closed his or her Yuan 
Shen, it cannot be opened through argument or 
logic. Instead the Qigong doctor must use a gentle, 
soft tone of voice expressing compassion and high 
regard for the patient. The patient must feel hon- 
ored and valued by the doctor to feel safe enough 
to release the hurtful and negative emotions. 
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Praise must be used carefully and gradually, since 
some patients may be as yet, unable to accept a 
higher concept of themselves. Too much praise 
may cause the patient to feel “mocked” or “lied 
to”, given his or her very low self-esteem. This 
type of healing only happens when the patient's 
spirit is engaged, stimulating the inner emotions 
and not just the intellect. 

Once the patient's Yuan Shen begins to open, 
it is important for the doctor to increase the 
patient’s hope for interpersonal relationships. This 
is initiated by using silent mental affirmation, or 
prescribing positive affirmations in conjunction 
with vivid visualizations. The patient's imagina- 
tion can reengage his or her feelings and return 
them to the body’s organs and tissues. Instilling 
hope and giving encouragement allows the 
doctor's influence on the patient to be increased. 

As the patient’s Shen begins to open, it is im- 
portant for the Qigong doctor to take the time to 
energetically and emotionally travel with the pa- 
tient back into the memories of the past, to en- 
counter the precise moment in which the patient's 
Hun left the body. The choice to return the emo- 
tional spirit back into the body must come from 
the patient's desire to retrieve his or her original 
feelings, no matter how painful the process. The 
patient must be ready to reexperience and release 
these feelings. It is important that the patient’s 
“adult observer” be present in retrieving these 
painful memories. The “adult observer” refers to 
the patient’s ability to suspend his or her judge- 
mental attitude towards his or herself, and to ob- 
serve the events that are being released with com- 
passion (i.e., as if they were happening to a friend 
to whom loving support can be given). This al- 
lows the patient to experience true healing with 
the help of a compassionate companion (his or 
herself). 

Tears often come as the memory of the origi- 
nal trauma releases from the patient’s body or 
flows back into the Mind. Many patients notice 
that after these experiences their dreams change 
significantly, becoming more vivid. Also, their life 
environment as well as their relationships tend to 
change drastically. 


EMOTIONAL REBIRTHING PATTERNS 
Often, when patients experience deep emo- 

tional and spiritual traumas, they also experience 
physical sensations which reflect the trauma of 
their biological birth. These psychophysical sen- 
sations are due to the physical, energetic, and 
spiritual connection each individual has with the 
maternal host while inside the womb. Although 
these experiences are natural, they can sometimes 
be disturbing and even frightening to patients 
unfamiliar with deep emotional and spiritual tran- 
sitions. The following are but a few examples of 
physical rebirthing patterns, and the emotional 
reactions related to these types of spiritual trans- 
formations. 

¢ In patients born with the umbilical cord 
wrapped around their neck, each time they 
experience deep emotional and spiritual 
changes it will feel as if they are being 
strangled. 
In patients born through C-section, each time 
they experience deep emotional and spiritual 
changes it will feel as if they are being torn 
asunder. 
In patients born through the natural birth can- 
nel, each time they experience deep emotional 
and spiritual changes it will feel as if they are 
falling through space with nothing to support 
them. 
In patients born breech, each time they expe- 
rience deep emotional and spiritual changes 
it will feel as if they are being crushed in by 
all sides and suffocated. 
In patients with mothers who were heavily 
sedated, each time they experience deep emo- 
tional and spiritual change they will feel men- 
tally disoriented and unstable. 


SOUL RETRIEVAL MEDITATION 

The following comes from my clinical experi- 
ences in dealing with patients who are very eager 
to heal, but reluctant, or unable to tolerate rapid 
change within themselves. The patients’ family 
dynamics, as well as the quality of traumatic and 
nourishing experiences they received while grow- 
ing up, play an important role in shaping their in- 
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dividual personalities. It is an accepted fact within 
modern psychology that an individual's present 
emotional life is shaped by the events occurring in 
the “formative” years (especially the years before 
the individual can articulate their thoughts and feel- 
ings). These experiences sink deep into the 
individual's psyche, hidden from consciousness 
through repression and denial. This repression is 
generally due to the inability to understand and 
express in words the traumas they suffered. 

This particular Shengong (which literally 
means working with spirit) technique involves 
creative visualization (in a very relaxed, quiescent 
state of mind), and is used to gain access to the 
patient's unconscious past emotional experiences. 
The goal of this meditation is to allow the patient 
to free him or herself from the repressed emotional 
material which systematically surfaces during 
daily life. These programed emotional responses 
systematically affect the patient’s behavior, caus- 
ing neurotic symptoms, slips of the tongue, asso- 
ciated dreams, and fantasies. 

Many patients believe they are ready for this 
experience, but in reality they are not yet able to 
deal with such intense pain. These patients are 
likely to unconsciously choose the least painful 
memories in order to test how the doctor will 
handie their feelings, or fail in the attempt to re- 
trieve the lost parts of the soul. Gradually, as trust 
grows, these patients will be able to access more 
painful and relevant memories (this is similar to 
peeling an onion layer by layer). Sometimes pa- 
tients try very hard to access the memories and 
obtain nothing, or very little information, leaving 
them feeling frustrated. This frustration must then 
be processed and resolved. 

The doctor must instill hope and dispel this 
frustration by explaining to the patients that they 
have made an important step forward by seeding 
the unconscious mind with the request, or con- 
cept, that past memories must be recalled. In time, 
this seed will sprout and give forth results. It just 
needs a little time to incubate. It is extremely im- 
portant that the doctor never show disappoint- 
ment or take away the patients’ hope. 

In such cases, the patient must be reassured 


that their higher-self (the observer self) senses that 
the timing is not right. There may be current is- 
sues or events, that must first be worked through 
for a successful soul retrieval to take place. To have 
done so now would have resulted in more trauma, 
or more precisely, re-traumatization. They may 
need to strengthened and develop more self-trust 
before trying again. Counseling may be recom- 
mended, and in time they will succeed. 

Some patients may need several sessions be- 
fore feeling comfortable enough with just enter- 
ing and surfacing from trance states, before un- 
dergoing soul retrieval. It may be necessary to first 
retrieve pleasant memories that build self-trust 
and self-confidence before re-attempting soul re- 
trieval (i.e., learning to fly a kite, etc.). 

The Qigong doctor should have some train- 
ing in hypnosis and hypnotic trances before giv- 
ing this type of trance inducing meditation to their 
patients. The doctor should know what to do and 
be able to identify whether or not the patient is 
able to connect with their Yuan Shen or “higher 
self.” As the doctor induces trance in the patient 
through this meditation, the following changes in 
the patient may be noted: 

* a change of color in the complexion, 

¢ a relaxation of the facial muscles, 

¢ a change in breathing patterns, and 

¢ sporadic eye movement (behind closed eyes). 

If none of the above signs are noted, the pa- 
tient may need more time to relax deeply before 
continuing with the meditation. Suggestions of 
imagining and feeling the body’s tissues melting 
into the Earth may be given, along with sugges- 
tions of taking deep relaxing breaths to calm the 
patient’s Shen. 

While performing this meditation the patient 
may experience all the sensory, emotional, and 
physical sensations of these repressed memories, 
causing specific core memories (that have been re- 
pressed from infancy and childhood) to be brought 
to the surface and relived. As the patient experi- 
ences these memories, his or her facial expressions 
and demeanor, will often change, regressing to re- 
veal the appropriate age and period of time during 
which the original trauma occurred. 
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This particular method of soul retrieval is di- 
vided into two stages. The first stage involves lo- 
cating the body’s three storage chambers of past, 
present, and future emotions. The second stage 
focuses on accessing the location of, and coming 
in contact with, the patient’s unconscious re- 
pressed emotional traumas. 

This meditation must first be understood in 
depth before it is given to the patient. It is very 
complex, and is not meant to be simply read 
through to the patient. Also, the doctor should set 
aside sufficient time to process what the patient 
experienced after ending the meditation. 

STAGE 1. ACCESSING THE ENERGETIC 
CHAMBERS 

The purpose of this meditation is to locate the 
patient's three storage chambers which access his 
or her past, present, and future emotions. This 
meditation also allows the patient to acquire a 
starting point, or outlet, for removing these pain- 
ful experiences. 

In this meditation, the patient first concen- 
trates on feeling his or her entire body. Begin by 
having the patient sit comfortably in a chair, both 
feet on the floor, hands resting on the thighs, eyes 
closed, tongue on the upper pallet, and breathing 
naturally through the Lower Dantian. It is impor- 
tant that the patient relax, feel, and experience the 
body completely. The patient should also be en- 
couraged to accept and feel everything as one unit, 
to connect with the Yuan Shen or “higher self.” 


The Storage Chamber of Past Emotional Memo- 
ries 

In order to find the chamber of past emotional 
feelings, the patient begins to focus attention on re- 
membering and feeling a painful childhood expe- 
rience. Once the patient has retrieved the memory 
and is experiencing the painful trauma, he or she 
points to the tissue area of the body where the feel- 
ings are located. This area is considered to be the 
current storage chamber, where the patient stores 
the energy of past emotional memories. 

The storage areas change over a period of 
time, given the fact that the patient continues to 
process emotions throughout life. Each emotional 
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healing causes the previous energetic holding 
pattern to die, and a new pattern is to be born 
within the patient's energetic structure. The cham- 
ber of the patient’s past usually coincides with a 
tissue area where the patient is already experienc- 
ing disease or discomfort. 


The Storage Chamber of Present Emotional 
States 

In order to find the chamber of the present 
emotional states, the patient focuses attention on 
feeling the doctor's voice within his or her body. 
As the doctor continues to speak, the patient feels 
where the sounds are resonating. Once the patient 
experiences and locates this tissue resonation, he 
or she points to that area. This area is considered 
to be the current storage chamber, where the pa- 
tient stores the energy of present emotional states. 


The Storage Chamber of Future Emotions 

To find the chamber of future emotional states, 
the patient focuses on a specific project that he, or 
she, is planning to do in the near future. Once the 
patient experiences slight physical sensations, he 
or she points to the area where the feelings are 
located. This area is considered to be the current 
storage chamber, where the patient stores the en- 
ergy for future endeavors and future expectations. 
The patient's current ambitions may change as the 
patient begins to heal from past emotional wounds 
and makes life-style changes. 


STAGE 2. RETRIEVING THE LOST MEMORIES 
The final part of this meditation explores the 
patient's unconscious feelings and reprograms the 
destructive subconscious patterning. It is used to 
access the repressed memories stored within the 
patient’s individual Personal Subconscious, which 
is hidden from through their denial or defense 
mechanisms. Sometimes after practicing this 
meditation, patients will not only gain access to 
the repressed memories of their infancy and child- 
hood, but will also connect to their life within the 
womb, as well as their birth-process. 
1. Begin by having the patient sit comfortably 
in a chair, both feet should be placed on the 
floor, hands resting on the thighs, eyes closed, 
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tongue on the upper pallet, anal sphincter 
lightly closed. The patient should breathe 
naturally, expanding the Lower Dantian with 
each inhalation, contracting the abdomen 
with each exhalation. 

. The patient focuses attention on the area of 
the body where the energy of the past emo- 
tions is stored. The doctor directs the patient 
to imagine opening the chamber of the past 
emotions, allowing the energy, like steam, to 
release itself from this area. This steam is gath- 
ered to the left side of the body. Once all of 
the energy has been released, it begins to form 
into a cocoon shaped cylinder of past emo- 
tional memories. 

. Next, the patient focuses attention on the area 
in the body that stores the energy of the 
present emotions. The patient imagines releas- 
ing this energy from out of the body like 
steam, creating a second cocoon shaped cyl- 
inder. The patient places this second cocoon 
in front of the body, next to the first cylinder. 
. The patient then focuses attention on the area 
in the body that stores the energy of future 
emotions. The patient imagines releasing this 
energy from out of the body like steam, form- 
ing a third cocoon shaped cylinder. The pa- 
tient places this third cocoon to the right side 
of the body, next to the second cylinder. 

. Next, the patient imagines that all three sepa- 
rate energetic cocoons are joined together. The 
energetic cocoons are to be connected end to 
end, in a straight line, with the past on the 
left, the present in the middle, and the future 
on the right side of the patient’s body. 

. The patient then focuses attention on his or 
her Taiji Pole, imagining the energy of the Up- 
per Dantian descending and combining with 
the energy of the Middle Dantian (where the 
Eternal Soul is stored). Next, the patient imag- 
ines the collected energies of the Upper 
Dantian, Middle Dantian, and his or her Eter- 
nal Soul, descending and combining with the 
energy of the Lower Dantian. The patient uses 
the collected energies of the Three Dantians 
to create an “energy bubble” within the Lower 
Dantian to surround the Eternal Soul. While 
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focusing on the center of the energy bubble, 
the patient imagines the Eternal Soul trans- 
forming into a small energetic form of his or 
herself. 


. Encapsulated within the energetic bubble, the 


small energetic form of the patient's self mani- 
fests within the physical body. The patient's 
Eternal Soul, now in small energetic form, 
begins slowly ascending the Taiji Pole, leav- 
ing the body through the Baihui GV-20 point. 
As the patient’s Eternal Soul leaves, it is still 
connected to the physical body through a sil- 
ver energetic cord. 


. The patient's Eternal Soul floats over the three 


energetic cocoons, hovering over the cocoon 
shaped cylinder on the left side of the body 
(to access the past emotional memories). Next, 
the patient observes the black, oval shaped 
cylinders, imbedded within the structures of 
the energetic cocoon of past emotional memo- 
ries, These dark cylinders are energetic emo- 
tional clusters. They contain the memories of 
hurtful feelings and specific times in the life 
of the patient when he or she felt humiliation, 
degradation, shame, rejection, or emotional 
deprivation. 


. The patient descends into the energetic cocoon 


of past memories and allows the Eternal Soul 
to find the particular cylinder which currently 
needs addressing. In choosing a specific area 
to work on, the patient's Yuan Shen automati- 
cally selects the most relevant material from 
the patient’s unconsciousness. 

The patient then removes his or her Eternal 
Soul from the energetic cocoon, bringing with 
it a specific dark cylinder. The cylinder is re- 
moved from its webbing within the walls of 
the energetic cocoon and placed in front of 
the hovering soul. The cylinder is still con- 
nected to the energetic cocoon through an at- 
tached energetic cord. Through vivid concen- 
tration the patient focuses on the color of the 
cylinder emitting light from the Yin Tang 
(Third Eye) point of the little energetic self. 
This projected light pulsates and changes the 
dark cylinder, from black to white. As the cyl- 
inder pulsates and changes its color, it begins 
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to open and reveal the lost memories and un- 
resolved feelings. These memories of emo- 
tional traumas are brought to the surface. 
Some of these experiences may be memories 
of events where the survival or integrity of 
the patient’s physical body was threatened. 
Next, the patient connects with the divine 
(God or “higher power”) and begins the pro- 
cess of feeling, expressing, understanding, 
forgiving, and letting go of the emotional 
charge attached to the memories. This process 
of emotional purging is connected to the emo- 
tions stored within the patient’s Five Yin Or- 
gans, and are expressed through the follow- 
ing stages: 

a. Anger, blame, and resentment are 
stored in the patient's Liver. 

b. Hurt, pain, sadness, and disappoint- 
ments are stored in the patient's Lungs. 

c. Fear and insecurity are stored in the pa- 
tient’s Kidneys. 

d. Remorse, regret, and responsibility for 
keeping the painful memories and feel- 
ings alive are stored in the patients’s 
Spleen. 

e. Love, understanding, and forgiveness 
are stored in the patient's Heart. 

As the emotions begin to release themselves 
from the energetic cylinder, the energetic de- 
bris transforms into a vaporous cloud. After 
understanding and resolving the emotions 
contained within the energetic cloud, the pa- 
tient divides the released energy into either a 
receiving or discharging cloud of energy. 

At this point, the patient focuses on the ener- 
getic cloud and begins separating the pain and 
hurtful memories from the knowledge and 
wisdom gathered from the experience. 

a. First, the patient places those memories 
gathered from the knowledge and wis- 
dom of the experience on the right side 
of the room, imagining them as sparkling 
gold, silver, and white light energy. 

b. Second, the patient places those memo- 
ries gathered from the pain and hurt of 
the experience on the left side of the 
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room, imagining them as thick, dark, 

black energy. 
The patient focuses on the right side of the 
room, imagining this energy as bright, pure, 
and illuminating. The patient then inhales, ab- 
sorbing the knowledge and wisdom gathered 
from the past experience into his or her small 
energetic body. Since this is actually the en- 
ergy of the patient’s soul, the patient’s body 
immediately feels the emotion, energy and 
spirit becoming empowered, as it can now 
review these past experiences without the 
feelings of hurt, pain, and judgment. 
Next the patient focuses on the left side of the 
room where the feelings of hurt and pain are 
stored. The patient imagines this hurt and 
painful energy as a dark, turbid cloud. Be- 
cause the cylinder has a direct life line con- 
nected to the patient's past, the energetic cord 
attached from the cylinder to the energetic 
cocoon must be severed. Once the cord con- 
necting the cylinder to the patient's past is 
severed, the patient is then truly released from 
the spiritual and energetic connection of the 
memory. This is initiated by imagining an 
angelic being, with the “sword of truth,” sev- 
ering the energetic life line connected to the 
patient's cylinder. The sword of truth repre- 
sents the patient’s decision to regain his or her 
power by deciding to no longer suppress and 
carry the painful memories. Once the ener- 
getic cord is severed, it causes the cylinder to 
vaporize, forming an energetic cloud. The 
patient then imagines severing any last con- 
nection or attachment to these toxic emotions, 
and releases this cloud of hurt and pain, vi- 
sualizing it floating up out of the room, 
through the ceiling, out into space. 
The patient then imagines that God (the 
patient's divine healing power) is seated in 
the Heavens, with ripples and pulsations of 
love and mercy emanating from the center of 
this divine presence. The patient visualizes 
one of these waves of love and mercy form 
the divine descending towards the Earth. As 
the wave of love and mercy touches the as- 
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cending dark cloud of hurt and pain, it im- 
mediately explodes and destroys the dark 
cloud. The moment that this dark cloud ex- 
plodes, the patient sees the cloud’s negative 
energy transforming into blue crystal drops 
of divine healing energy. 

17. Next, the patient visualizes these bright, fluo- 
rescent blue, drops of pure, clean energy de- 
scending from the heavens and pouring down 
like rain on his or her small energetic self, satu- 
rating it completely. This energy immediately 
transfers into the patient’s physical body. The 
patient inhales and absorbs this energy flow- 
ing into every tissue of the body, allowing the 
divine healing light to penetrate and radiate 
throughout his or her entire being. 

18. Next, the patient observes the changes created 
within the three energetic cocoons. The en- 
ergy in each cocoon will have shifted slightly, 
revealing an energetic alteration of the 
patient's present state of mind, and a change 
in the patient’s future. By transforming the 
past, the patient has altered the present and 
initiated a change in the future course of 
events. 

19. Finally, the patient returns his or her energetic 
bubble (containing the small energetic self) 
back down through the Baihui point into the 
Taiji Pole, drawing the energy back into the 
Lower Dantian. From the Lower Dantian the 
patient's soul energy will return back into the 
Middle and Upper Dantians, as well as the 
surrounding tissues. Finally, the patient reab- 
sorbs the energetic cocoons back into the body, 
and returns to a quiescent meditation. 


THE Door TO THE CHAMBER OF 
MEMORIES 

A simple visual meditation can also be used 
to access the patient’s suppressed past memories. 
This exercise is a form of guided meditation, in 
which the doctor leads the patient into the imag- 
ined hidden parts of his or her own soul. 

Begin by having the patient lie supine. Ask 
the patient to close the eyes and imagine walking 
down a flight of stairs. Lead the patient through 
three separate doors, descending three separate 


staircases (this is performed in order to arrive at 
the patient’s “chamber of memories”). 

After entering through the last door, the pa- 
tient descends one final staircase until he or she 
reaches the chamber of memories. This is where 
all of the memories of the patient’s past traumas 
have been kept, hidden deep within the subcon- 
scious mind. 

Inside the Chamber of Memories, the patient 
discovers dark cylinders of past emotional pain. 
Each cylinder represents a specific trauma expe- 
rienced and stored within the patient’s energetic 
field. The patient then makes a decision to heal 
and free the body of the enormous energetic field 
used to suppress certain memories. To heal and 
dissolve the energetic cyst, the patient follows the 
same process of eliminating past memories (re- 
peating section 8 through 15 from the previous 
meditation). 

Once this process is completed, the Qigong 
doctor guides the patient back up the flight of 
stairs, through the three doors, and back to con- 
sciousness. Because these meditations have a pro- 
found affect on the patient’s constitution (affect- 
ing their physical, mental, emotional, energetic, 
and spiritual nature) it is important for the pa- 
tient to be referred to a psychotherapist while 
undergoing this type of Qigong therapy to fur- 
ther facilitate the patient’s healing transformation. 


FINDING THE LIFE PURPOSE 

Another aspect of Soul Retrieval consists of 
an exercise that assists the patient in finding his 
or her purpose in life. Finding the purpose of the 
patient's life encourages interpersonal healing, 
and fills the empty space deep within the patient’s 
heart. This in turn increases the healing potential 
by providing the patient with hope. 

1. The first step is to ask patients to write down 
on paper what is was they wanted to be when 
they were very young. Have them list the 
people that they imagined or fantasized be- 
ing while they were still children (e.g., a su- 
per hero, doctor, fireman, etc.). This exercise 
allows patients to access their emotional past, 
and to feel and recover pleasant, lost memo- 
ries, and phantasies. 
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2. 


3. 


4. 
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Next, have the patients link all the peak ex- 
periences of each imaginary character (e.g., a 
doctor and fireman possess power to save 
lives, and can be considered heroes, as they 
are both admired for their skills, etc.). This 
knowledge informs patients regarding the 
underlying nature of each imaginary charac- 
ter and may also reveal hidden talents, pas- 
sions and ideas. 

Then, have the patients write down a list of 
their personal priorities. This list should con- 
tain the patients’ present state of active pri- 
orities, and their current value system. 
Then, have the patients write down their own 
“code of conduct,” i.e., their conscious value 
system. The patients’ code of conduct repre- 
sents the ethical standards by which they 
strive to act. This code of conduct influences 
feelings, thoughts, and beliefs. It affects the 
patients’ personal priorities and reflects the 
quality and nature of their interpersonal rela- 


tionships. It is from this personal code of con- 
duct that they accept, or condemn, themselves 
and others. By physically writing down these 
moral conducts, patients can emotionally con- 
nect with new found feelings of moral integ- 
rity, as well as a establish a stronger connec- 
tion with their True Self. 


. Finally, have the patients write down a “life 


purpose” statement, linking together the col- 
lected emotions gathered from the peak ex- 
periences of their childhood and their code 
of conduct. 

It is important that patients know and feel 
that what they are writing is a true and accu- 
rate account of their thoughts and emotions. 
The patients’ live purpose statement can al- 
ways be modified and changed, as they un- 
dergo personal transformation and spiritual 
growth through experience and expanding 
knowledge. 


SECTION V 
DIFFERENTIAL DIAGNOSIS OF 
ENERGETIC PRINCIPLES 





CHAPTER 20 


INTRODUCTION To DIFFERENTIAL DIAGNOSIS 


DIAGNOSIS IN ENERGETIC MEDICINE 

Chinese Medicine developed into a compre- 
hensive and extremely effective diagnostic sys- 
tem, over many centuries of accumulated clini- 
cal experiences. The symptomatology to identify 
disease patterns and their underlying dishar- 
mony follows the way of nature in its relation- 
ship to cause and effect. To identify the patterns 
of disharmony, the Qigong doctor combines di- 
agnosis of pathology and treatment principles 
into one continuum. The identification of the dis- 
ease pattern is not only developed through cat- 
egorizing a list of symptoms, but also through 
observing the pathogenesis of the disease. A 
symptom is a feeling, or reaction, that is a sign of 
disease, resulting from certain disorders (physi- 
cal, mental, emotional, energetic, and spiritual). 

Treatment must be aimed at finding and treat- 
ing the cause of the disease. This is one of the 
most fundamental principles of Traditional Chi- 
nese Medicine in terms of differential diagnosis 
and treatment. The fundamental purpose of di- 
agnosis is to find: 

¢ the cause of the disease, 
« the root of the disease, and 
¢ the location of the disease. 

Finding the primary cause (or root) of the dis- 
ease requires understanding its nature, and al- 
lows the doctor to focus treatment on the most 
important etiological and pathological aspects of 
the disease. When diagnosing a disease, empha- 
sis is placed on observing the energetic movement 
(or lack thereof), as well as energetic transforma- 
tion, and not on the present set structures of the 
existing tissues. The tissues’s structures are tem- 
porarily generated by the existing energetic 
changes and are therefore of secondary interest 
to the changes themselves. 


ETIOLOGY IN MEDICAL QIGONG 
THERAPY 

The etiology, or study of the causes of diseases 
in Medical Qigong therapy can be divided into what 
is commonly called in Traditional Chinese Medi- 
cine as the “three periods of life.” These three peri- 
ods encompass the developmental activities of the 
patient’s Jing, Qi, and Shen formations during the 
transitional periods of their life, ie., within the 
womb, childhood, and adulthood. Each patient’s 
constitution results from the continuous interaction 
between his or her inherited form and the environ- 
ment. 

Within each period of life Three Stars develop 
and determine some of the major characteristics and 
traits of each person. Each group of Three Stars ac- 
counts for one third of what, and who, the person 
is. They combine together to form and complete a 
Nine Star System of life evaluation. 


ETIOLOGY WITHIN THE WoMmMB 

Problems arising during the Three Star Period 
within the womb (and during birthing) encompass 
the formative time span of 40 weeks. This time pe- 
riod can be influenced by the following factors. 

1. The state of the patient's Jing prior to concep- 
tion. If the Jing of one or both parents is defi- 
cient, the sperm and/or ovum will be weak- 
ened. 

2. The mother’s mental state during pregnancy 
has a deep affect on fetal formation, and directly 
affects the developmental activities of the fetus’s 
Jing, Qi, and Shen. If the mother is malnour- 
ished, ill, emotionally disturbed, or taking, al- 
cohol or drugs during pregnancy the develop- 
ment of the fetus will be affected. 

3. If the birth is abnormal, difficult and/or pro- 
longed, it can cause an emotional shock within 
the newborn. 
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Diseases may originate from one or more of 
these factors causing the baby to be born with an 
illness or a predisposition to illness. This predis- 
position can be manifested as a particular type of 
emotional or mental imbalance, a diseases of par- 
ticular Yin and Yang organs (or organ systems), 
or a general weakness as a whole. These condi- 
tions are commonly observed as “prenatal shock,” 
and are indications of active fetal toxins. Prenatal 
shock can also be indicated when newborm ba- 
bies are restless sleepers, continually opening and 
closing their eyes, and/or having fevers. 

These problems are sometimes difficult to di- 
agnose; simple observations however, can help the 
Qigong doctor to determine if the patient has ex- 
perienced prenatal shock. A bluish color on the 
forehead of the patient, for example, is one indi- 
cation of this condition. 


ETIOLOGY DURING CHILDHOOD 

Problems arising during the Three Star Period 
of childhood encompass the formative time span 
of 18 years. These internal problems can result 
from abuse, malnutrition, trauma and excess sex 
(during the teenage years). The subconscious 
mind of a child is extremely impressionable to 
both positive and negative influences. 

If, as children, the patients experienced any 
physical, emotional, or sexual abuse, suffered a 
traumatic loss (of a relationship with either or both 
parents, siblings, peers, etc.}, then they may be- 
come predisposed to illness later in life, or develop 
a disease during this time period. These traumas 
can affect the adolescent developmental activities 
of the patient’s Jing, Qi, and Shen formations, as 
this is the child’s greatest time of physical growth 
and development. 

ETIOLOGY DURING ADULTHOOD 

Problems arising during the Three Star Period 
of adulthood (from the age of 18 onwards), en- 
compassing the time span of 60 years. These prob- 
lems are caused by the patient's internal emotions 
and reactions to surrounding environmental fac- 
tors. Environmental factors include: diet, relation- 
ships (be they social, work related, family or 
other), frequency of sex, and so on, and will affect 
the continual developmental activities of the 
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patient's Jing, Qi and Shen formations. An adult, 
although less impressionable than a child, is less 
resilient than the child to trauma and illness. 
PROGNOSIS 

If the patient's constitution has been poor 
since birth, or if a specific disease has been present 
since birth, the prognosis is generally poor. If, 
however, the specific disease is acute, or has only 
developed during the patient's adult time period, 
the prognosis is more favorable. 

There are always energetic interactions be- 
tween these Three Periods of life. If, for example, 
a young female patient has a hereditary imbal- 
ance between her Conception and Governing Ves- 
sels, and also has severe emotional strain during 
puberty, she may suffer mental problems later on 
in her life. 


THE GROWTH AND PEAK CYCLES OF 
JING, QI AND SHEN 
By studying the physical, mental, emotional, 

spiritual, and energetic qualities inherent within 
the human body, the Qigong doctor is able to ob- 
serve and predict the various changes according 
to the Nine Star System of life evaluation. It is 
believed that the body is given specific time peri- 
ods in which to flourish during the three periods 
of life. The following chart depicts the body’s natu- 
ral time frame of each physical, mental, emotional, 
spiritual, and energetic peak (Figure 20.1). 

¢ From birth to age ten represents a time of 
growth and development on each dynamic 
level. The child is in a formative stage, grow- 
ing physically, mentally, emotionally, spiri- 
tually, and energetically. 
From age ten to age twenty represents a time 
of peak physical growth. Within this time 
frame the child physically enters into puberty, 
and is able to reproduce; the growing process 
is stabilizing. 
From age twenty to age thirty represents a 
time of peak mental growth. Within this time 
frame the adult actively acquires knowledge 
for survival sake. He or she is now able to 
work, produce results and begins planning for 
the future. 
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Growth and Peak Cycle of Jing, Qi and Shen 
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Figure 20.1. Chart of Physical, Mental, Emotional, Spiritual, and Energetic Peak 





From age thirty to age forty represents a time 
of peak emotional growth. Within this time 
frame the adult actively acquires knowledge 
for emotional comprehension of his or her 
surrounding environment. The adult is now 
able to creatively express his or her emotions 
ina civil manner and deal well with emotional 
disruptions. 

From age forty to age fifty represents a time 
of peak spiritual growth. Within this time 
frame the adult actively acquires knowledge 
for spiritual growth. Now comprehending his 
or her mortality, the adult begins to actively 
seek spiritual peace. 

From age fifty to age sixty represents a time 
of peak energetic growth. Within this time 
frame the adult’s previous experiences come 
into fruition. If the adult has successfully ac- 
quired physical, mental, emotional, and spiri- 
tual harmony, the energetic peak will prepare 
the adult for the rebirth. If the physical, men- 
tal, emotional, and spiritual energy is not in 
harmony, the life-force is terminally ex- 
hausted, and the patient dies. 

It is commonly noted that when martial arts 
masters practice their training excessively or 
incorrectly, it is within this energetic time frame 
that they die. The cause of death is generally 
due to the over exertion of the master’s Liver 
and Lungs, and the weakening of the Spleen, 
Heart, and Kidneys. This energetic disharmony 
stems from an improper balance of combat 
training with little or no spiritual training. 


¢ Fromage sixty on is a time of new beginnings. 


This time frame represents new challenges of 
leadership within the family and the commu- 


nity. 


DISORDERS OF THE HUMAN Bopy 

Disorders of the human body are generally 
due to three factors: constitutional failure of the 
body’s Prenatal or Postnatal Qi, pathogenic fac- 
tors and unrestrained Evil Qi, or one or more of 
the Eight Miscellaneous Factors. 
CONSTITUTIONAL FAILURE OF PRENATAL 
AND/OR POSTNATAL QI 

Prenatal and postnatal constitutional failure 
results in a constitutional Qi Deficiency, disease, 
or stagnation of the vital energy. 

The Prenatal Constitution is determined by 
the strength of the parents when a child is being 
conceived, or during the pregnancy. If the parents 
are weak, sick, drunk, or on drugs during preg- 
nancy or conception, the parents’ Qi, Blood, and 
Body Fluids will be deranged and the child will 
be affected. 

In uterus, if the mother is sick, the energy of 
the child will be affected. Also, negative emotions, 
poor nutrition, smoking, drugs, and alcohol used 
by the mother can affect the child within the womb 
and predispose the child to illness after birth (e.g., 
prenatal alcohol syndrome and crack babies are 
born addicted and with mental and physical de- 
fects). The prenatal constitution is inherited from 
both parents and is unchangeable. 

The Postnatal Constitution is determined once 
the child is born. Proper nutrition and a nurturing 
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environment enhances his or her constitution. While 
it is not possible to entirely erase the effects of the 
patient’s prenatal constitutional patterning, it is pos- 
sible to enhance it through a balanced life-style and 
development of their postnatal constitution. 
PATHOGENIC FACTORS AND UNRESTRAINED 
EVIL QI 

Pathogenic factors and Evil Qi are derived from 
Six External Factors and Seven Internal Factors. 

The Six External Factors arise from the six cli- 
matic changes (Wind, Summer Heat, Damp, Dry- 
ness, Cold, and Fire). When the patient's energy 
system is not well balanced, or the Qi is Deficient, 
the body is unable to adapt to climatic factors. 
These climatic factors can then invade the patient’s 
Wei Qi fields and penetrate deeply into the chan- 
nels and internal organs of the body. 

The Seven Internal Factors arise from exces- 
sive internal emotions (anger, joy, worry, grief, 
sadness, fear, and shock). These feelings over- 
whelm the patient’s mental state as the individual 
responds to social, emotional, and environment 
interactions. Under normal circumstances, emo- 
tions in and of themselves do not cause problems, 
if they are allowed to be expressed and released. 
The excessive accumulation of one or more emo- 
tions can, however, cause Qi deviations, affecting 
the corresponding organ or organs of the body. 
EIGHT MISCELLANEOUS CAUSES OF DISEASE 

Sometimes a patient’s disease is caused by 
what is known in Traditional Chinese Medicine 
as the Eight Miscellaneous Factors (Diet, Overex- 
ertion, Sex, Excessive Child Bearing, Exposures 
to Poisons, Parasites, and Iatrogenic Disorders). 
The Eight Miscellaneous Factors offset the 
patient’s balance of Yin and Yang energy and are 
described as follows. 

1. Animproper diet can throw the patient's body 
and mind out of harmony. Nutritional problems 
can be divided into three main categories: 

a. The excess intake of certain particular 
foods, as well as overeating food in 
general. 

b. Unwise eating habits such as: 

¢ eating foods that are inconsistent with the 
seasons, 


¢ eating a diet of too many Cold, Damp, Dry, 
Hot, greasy, spicy or raw foods, 

¢ eating irregular meals, 

¢ oscillating from feasting to fasting, or 

¢ eating while hurrying or emotionally upset. 

c. Malnutrition, which is developed from 
a deficient intake of the basic require- 
ments needed to maintain a balanced 
diet. This condition can be caused from 
ignorance, poverty, or an impaired di- 
gestion, absorption and metabolism. 

2. Overexertion consumes the Qi and results in 
energetic deviations. This condition pertains 
to both mental / emotional and physical ex- 
haustion, and can stem from loss of sleep, in- 
adequate rest, etc. 

a. Mental and emotional overexertion can 
stem from a dissatisfaction with one’s 
work (or the lack of work), or a dissat- 
isfaction with one’s life. It can lead to 
stress, frustration, boredom, apathy, or 
depression. 

b. Physical overexertion varies according 
to the individual's occupation, as each 
job has its own characteristics hazards 
to the patient’s health. Problems aris- 
ing in this area can range from struc- 
tural damage to organs and tissues 
(caused from Qi and Blood stagnation), 
to sensory impairment. 

c. Lack of sleep and inadequate rest can 
also be either a contributing factor or 
direct cause in the development of Qi 
deviations. 


3. An unbalanced sex life can cause disease. An 


individual's sex life is innately connected to 
the personal spiritual qualities of his or her 
Hun and Po. Therefore, the majority of sexual 
problems are rarely of purely physical origin, 
and reflect the energetic balance of each 
individual’s emotional and spiritual passions. 
a. An Excessive sex life: what is excessive 
for one individual may not necessarily 

be excessive for another. The condition 

of Sexual Excessiveness should there- 

fore be based on the individual’s con- 


stitution. When an individual exceeds 
his or her body’s normal sexual func- 
tion, the excessive sexual act can burn 
up the body’s Yin, Jing, and Kidney Qi, 
causing Deficient syndromes (this con- 
dition is more prone in men then 
women). The act of sex itself is consid- 
ered a Hot and Damp state. 

b. A Deficient sex life: when an individual 
abstains from sex, his or her Jing pro- 
duction begins to increase. If this in- 
creased energy buildup is not trans- 
formed into spiritual energy, it can over- 
flow into the Sea of Marrow affecting 
the brain. The prolonged lack of sex 
sometimes creates an emotional need 
and dependency towards addictions to 
replace the need for intimacy. 

4, Excessive childbearing injures the mother’s 
Blood and weakens her Qi. Women suffer loss 
of Jing during childbirth, therefore excessive 
childbirth can cause a Deficient condition. 

5, Traumatic accidents and injuries pertain to 
physical traumas which disperse or congeal 
the body’s Qi and Blood, resulting in ener- 
getic deviations. Even after the physical 
trauma has healed, a site for potential weak- 
ness often remains. As the patient ages, the 
site becomes vulnerable to further injury due 
to old age, physical exhaustion, stress, and 
exposure to cold. All traumatic accidents and 
injuries also pertain to emotional trauma as 
they are energetically inseparable. 

6. Exposure to poisons pertains to any substance 
taken into the body by ingestion, inhalation, 
injection, or absorption that interferes with the 
patient’s normal physiological functions. 
These poisons include both chemical as well 
as environmental toxins (e.g., pesticides, car- 
bon monoxide, electromagnetic fields, and ra- 
diation). 

7. Parasites include infections and infestations, 
and pertain to the numerous organisms ca- 
pable of living within the body. 

8. Iatrogenic disorders pertain to any adverse 
mental, emotional, or physical condition in- 
duced through medical treatment. 
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THE DIFFERENTIATION OF 
SYNDROMES 

The essence of Chinese medical diagnosis is 
holistic and based on the concept that all things 
and events are interrelated. Thus the Chinese phy- 
sician takes into account not only the physical 
symptoms of the disease, but also spiritual, men- 
tal, emotional, and environmental factors or 
events, that both interrelate and interact to form 
“patterns of disharmony” within the patient. The 
doctor studies and seeks to understand these pat- 
terns of disharmony, called “syndromes,” to pro- 
vide the framework for treatment. 

Syndromes can include External or Internal 
factors, congenital or acquired disorders, and 
symptoms of stagnation, Excess, and Deficiency, 
or traumatic injuries to the organs and tissues. 
The Qigong doctor must first determine whether 
the patient's disease is primarily due to an ener- 
getic disorder (e.g., an Excess or Deficient condi- 
tion) or a physical disorder (i.e., structural dam- 
age). Once this determination has been made, the 
goal or goals of treatment can be set, and the 
means of treatment chosen. In the treatment of 
the lower back, for instance, if lumbar pain is due 
to a subluxation of the vertebra, caused by exter- 
nal injuries, the doctor should first reposition the 
vertebra through hand manipulations, by using 
Tui Na therapy, then remove the Qi stagnation. If 
the doctor is unfamiliar with such techniques, it 
is better that he or she first refer the patient out 
for spinal adjustment, and then remove the Qi 
stagnation. Only in this way can a satisfactory 
curative effect be obtained. If, on the other hand, 
the back pain is due to abdominal distention or a 
Kidney malfunction {i.e., primarily an energetic 
disorder) then treatment must proceed through 
Qi emission. 

Several methods can be used singly, or in com- 
bination, to diagnose syndromes. They are de- 
scribed as follows. 

1. Diagnosis according to the identification of 
the Eight Energetic Principles. 
2. Diagnosis according to the identification of Qi, 

Blood and body fluid distinctions. 

3. Diagnosis according to the identification of 
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the Five Elemental patterns. 

4. Diagnosis according to the identification of 
the Six Stages. 

5. Diagnosis according to the identification of 
the Four Levels. 

6. Diagnosis according to the identification of 
the Triple Burners’ System. 


THE CATEGORIZATION OF SIGNS AND 
SYMPTOMS 
In order to categorize symptoms into syn- 
dromes, the Qigong doctor must determine: The 
Onset, Location, Aggravating or Relieving Factors, 
Type of Pain or Sensation, and Course Since Onset. 
1. The Onset includes the date the symptoms 
first appeared, whether they appeared sud- 
denly, or had a gradual onset, and the order 
of their appearance. 
2. The Location specifies whether the symptoms 
remain fixed, or migrate throughout the body. 
3. The Aggravating or Relieving Factors indicate 
the specific conditions that affect the symp- 
toms in a positive or negative way. Aggravat- 
ing or Relieving Factors may include: 
¢ if the symptoms feel better or worse during 
daytime or nighttime, 
¢ if the condition is better with application of 
warmth or cold, 
¢ if the condition is better with pressure or 
worse with pressure, 
* if the condition is relieved by movement or 
aggravated by movement, and 
¢ if the condition is relieved by eating or made 
worse by it. 
4, The Type of Pain or Sensation describes the 
nature of the symptoms, such as: 
* sharp or dull 
* pounding 
¢ stiffness 
¢ burning 
¢ itching 
* intermittent (coming and going) 
* electrifying 
* pulling or shooting 
* nauseated 
* distended 
5. The Course Since Onset includes the inci- 
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dence, progress, and the effectiveness of the 

treatments received. 

The syndromes do not equal the patient's dis- 
ease, but are the patterns of the illness. In deter- 
mining the patient’s syndrome, the Qigong doc- 
tor takes into account that these patterns can oc- 
cur simultaneously, and vary in degree of sever- 
ity. The purpose for assigning the patient’s dis- 
ease a syndrome is not merely to classify the dis- 
ease, but to understand its process. Not all the 
symptoms listed for a particular illness need to 
be present in order to properly determine the 
patient’s syndrome. 


DIAGNOSIS AND TREATMENT OF THE 
PATIENT 

The assessment and evaluation of the patient 
generally proceeds in eight stages. The first seven 
of the eight stages are performed prior to the initia- 
tion of the actual treatment. The final stage is un- 
dergoing the treatment plan and the periodical re- 
evaluation of the course of the disease since the be- 
ginning of the treatment (Figure 20.2). During these 
eight stages, the Qigong doctor assess: The Whole 
Person, The Patient's Constitution, The Signs and 
Symptoms of the Disease, The Syndrome, The 
Patient's Organs, The Etiology of the Disease, The 
Treatment Goal, and the Treatment Plan. 

1. The Whole Person must first be evaluated ac- 
cording to his or her whole being. This pro- 
cess involves assessing the patient's: 

a. physical appearance (e.g., is the patient 
disheveled or appropriately groomed), 
b. energetic demeanor (is the patient very 
nervous, calm, manic, etc.), 
c. structural build: 
* according to the physical Yao formations, 
¢ introverted or extroverted features, and 
¢ Yin or Yang appearance. 

2. The Patient’s Constitution is assessed accord- 
ing to the Five Elemental Constitutions and 
their subdivisions of balance, and Yin or Yang 
predominant element. 

3. The Signs and Symptoms of the Disease are 
then classified as: 

a. Objective Signs that are apparent to the 
doctor, 
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1. Whole Person 







2. Constitution 


3. Signs and Symptoms 






4. Syndromes 






5. Organs 






6. Etiology 







7. Treatment Plan 





8. Treatment 


Figure 20.2. The Qigong doctor begins to diagnose the patient by first observing the patient as a whole. Next the 
doctor observes the patient's constitution, symptoms, syndrome, health and state of the internal organs, and the 
cause of the energetic dysfunction, before treating the disease. All the acquired knowledge is placed against the 
different diagnostic templates of the Eight Parameters, Five Element Theory, Qi, Blood and Body Fiuid Dysfunctions, 
etc. This entire process is initiated in order to assist the Qigong doctor in prescribing the correct treatment. The 
treatment focuses on the specific cause of the disease and how it affects the patient's internal organs. The 
primary goal being to relieve the patient's symptoms, strengthen the constitution, and return the patients to a 
state of wholeness. 





os ; sessing their relationship to one another. 
b. Subjective Symptoms that the patient —_5, The Patient’s Organs are then evaluated ac- 


reports to the doctor, cording to any pathological changes occurring 

c. Cardinal Symptoms and Signs that are within the internal organs. 
used for differential diagnosis of dis- 6, The Etiology (or root causes) of the syndrome 
ease, and is determined to complete the comprehensive 

d. Constitutional Symptoms and Signs that diagnosis. 

are indicative of a systemic disorder. 7. The Treatment Plan is then formulated, tak- 
4. The Syndrome (a pattern of disease) is then ing into account all the data gathered by the 
determined according to the patient’s symp- doctor. The Qigong doctor devises a treatment 
toms and signs of disordered function, by as- goal and determines a strategy of treatment 
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that addresses the patient’s syndrome or dis- 

ease, in accordance with the agreed upon goal 

and needs of the patient. 

8. The Treatment is implemented and prescrip- 
tions are assigned to initiate the healing pro- 
cess. Over time, the treatment plan is reevalu- 
ated, as the patient improves or suffers set- 
backs (for various reasons). Prescriptions, like- 
wise undergo changes in accordance with the 
patient’s changing condition. 

Once treatment begins, the process of the de- 
velopment of the disease is usually reversed, or 
the symptoms are alleviated. After the initial treat- 
ment begins, the causes of the disease are ad- 
dressed, thus affecting the organs, which in tum 
changes the syndrome and the symptoms. This 
process strengthens the constitution and estab- 
lishes a dynamic balance of health and well be- 
ing. 
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UNDERSTANDING THE THEORY OF 
ENERGETIC COUNTERACTION 

When treating patients it is important for the 
Qigong doctor to understand the theory of Ener- 
getic Counteraction. This theory describes the 
body’s natural regulation, wherein no two specific 
symptoms (affecting the patient's general constitu- 
tion) can occur at the same time, for any consider- 
able period, within the same system. 

Generally as a disease progresses, the old symp- 
toms will give way to the newer ones. Consider, for 
example, a patient who has asthma, which is 
brought about by Wind Cold invading the Lungs 
(resulting in a dyspnea, wheezing, coughing, and 
severe mucous). If this patient unexpectedly suf- 
fers from an attack of gout (a painful inflammation 
and swelling of the joints), caused from the Wind 
Damp invading the joints and channels, the sud- 
den attack of gout will cause the patient's asthmatic 
symptoms to disappear. When the gout subsides, 
the asthmatic symptoms will return. The new dis- 
ease naturally prevails over the original condition. 


CHAPTER 21 


DIAGNOSIS ACCORDING TO THE EIGHT ENERGETIC 


PRINCIPLES 


The method of diagnosis according to the 
Eight Energetic Principles was formulated by doc- 
tor Cheng Zhong Ling during the early Qing Dy- 
nasty. The Ba Gan or Eight Principles of Differen- 
tial Diagnosis is a system using four pairs of op- 
posite symptoms viewed in Traditional Chinese 
Medicine as being essential to the understanding 
and treatment of disease. In most cases, knowl- 
edge of the diagnostic systems and treatment prin- 
ciples of general Yin and Yang conditions is 
enough to give the Qigong doctor some good 
guidelines for steering the patient's training pro- 
gram. Similar principles can be found in most an- 
cient healing traditions. 

The four opposite pairs are Yin-Yang and the 
three subdivisions of Yin and Yang into: Internal- 
External, Hot-Cold, and Deficient-Excess. 

1. Internal and External Symptoms inform the 
doctor of the origin of the pathogenic condi- 
tion. 

2. Hot and Cold Symptoms inform the doctor 
of the disease’s onset (how it came on) and 
whether the patient’s temperature has been 
altered due to a viral infection or a metabolic 
change. 

3. Excess or Deficient Symptoms inform the doc- 
tor whether the condition is either to be 
tonified or purged, and the strength of the 
patient’s constitution. 

4. Yang and Yin Symptoms inform the doctor 
how to establish a physical (external), as well 
as energetic (internal) balance. 

A detailed knowledge of the Eight Energetic 
Principles is required to pinpoint more subtle pat- 
terns of disharmony. This understanding allows 
the Qigong doctor to unravel complicated patterns 
and identify the basic contradictions within them. 
The main purpose for applying these principles 
is to understand the etiology of the disease and 


the nature of the dysfunctions; not simply to cat- 
egorize the illness. Only then can a treatment pat- 
tern be initiated. 


INTERNAL AND EXTERNAL 
PATHOGENIC FACTORS 

Diagnosis according to internal and external 
pathogenic factors is not based on the etiology but 
on the basis of the disease’s location. If a disease 
is caused, for example, by an “external” patho- 
genic factor but is currently affecting the internal 
organs it is classified as an Interior condition. An 
Exterior condition affects the patient’s skin, 
muscles and channels, known as an “exterior pat- 
tern” of pathogenic factors. An Interior condition 
will affect the bones and internal organs, known 
as an “interior pattern” of pathogenic factors. 
EXTERIOR CONDITIONS: SIX EXOGENOUS 
PATHOGENIC FACTORS 

The external pathogenic factors—Wind, Cold, 
Dampness, Fire, Heat, and Dryness-~are the six 
“evil” factors that come from the environment 
outside of the body. Under normal circumstances 
they are good for the health, but can be very harm- 
ful when they become abnormal. 

Unseasonable weather (weather that is too 
cold or too hot for the body to tolerate) can make 
people ill by impeding the normal flow of inter- 
nal energy thus making the body vulnerable to 
disease. 

Each external factor, once it enters the body 
can manifest as an internal factor (i.e., External 
Wind can penetrate and become Internal Wind, 
etc.). It is also important to know that an external 
invasion once it penetrates the organ can trans- 
form into another internal factor (i-e., an External 
Cold invasion can give rise to Internal Heat). 

These external factors are seen as not only the 
cause of disease, but also as manifestations of the 
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HONOLULU-In an announcement with grave implications for the primacy of 
the species of man, marine biologists at the Hawaii Oceanographic Institute 
reported Monday that dolphins, or family Delphinidae, have evolved opposable 


thumbs on their pectoral fins. 


"I believe I speak for the entire human 
race when I say, 'Holy fuck,'" said 
Oceanographic Institute director Dr. 
James Aoki, noting that the dolphin has 
a cranial capacity 40 percent greater 
than that of humans. "That's it for us 


monkeys." 





One of the evolved dolphins, whose opposable 
thumbs have struck fear in the hearts of humankind. Aoki strongly urged humans, especially 


those living near the sea, to learn to 


communicate using a system of clicks 
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disease. A disease may be due to any one of these 
Six External Pathogenic Factors, or simply mani- 
fest as an external “evil,” even though that patho- 
genic factor was not present at the time the pa- 
tient got sick (e.g., Damp-Heat). Treatment is 
therefore based on how a disease manifests itself, 
rather then the specific cause. However, it is wise 
to have a sense of the etiology of the disease to 
determine where to intervene and what might be 
expected next. 

The Six External Pathogenic Factors are cat- 
egorized in China according to the seasons, tem- 
perature, and climate. These transitions are ex- 
plained as follows. 

1. The Heat Season is characterized by tempera- 
tures that are usually above 90 degrees Fahr- 
enheit. The Heart, Small Intestines, and blood 
vessels are the most vulnerable at this time. 
This is most evident in summer. 

Heat is a Yang pathogenic factor that rises 

and spreads excessively, consuming and di- 

minishing the Prenatal (Yuan) Qi, Body Flu- 

ids and Lung Qi. As Heat rises, the body’s Qi 
is drawn upward and dispersed, causing the 

Yin energy to descend. Symptoms can range 

from restlessness, anger, delirium, loss of con- 

sciousness to even coma. This condition is 
most evident during the summer. The Heart 
organ benefits from bitter tasting foods which 
directly stimulate and enhance the Heart's Qi. 

a. Mild Heat that has been created within 
the body, causes an ascending action of 
Qi. This ascending action causes the 
body’s Yin energy to become disturbed 
creating an energetic imbalance. 

b. Fire (Extreme Heat) is a Yang pathogenic 
factor and spreads excessively, consum- 
ing and diminishing the Yuan Qi, Body 
Fluids, and the Lung’s Qi. It produces an 
explosive reaction, causing the Qi to flow 
up into the head and disturb the Blood. 
This action causes symptoms ranging 
from nosebleeds, skin infections, swell- 
ing, and skin eruptions, to hemorrhag- 
ing and vomiting Blood. 

2. The Damp Season most often affects the 
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3. 


Spleen, Stomach and muscles that are at their 
most vulnerable time. The Spleen organ ben- 
efits from sweet tasting food. The tempera- 
ture is usually between 75 and 90 degrees 
Fahrenheit. This is evident in the late sum- 
mer, during the rainy season. 

Dampness is a Yin pathogenic factor that 

easily obstructs the body’s production of Qi 
and impairs the Yang. It is considered a Yin 
pathogenic factor because, as the invasion of 
Dampness moves downward, it manifests as 
a heavy and turbid energy, resulting in a full 
chest, nausea, vomiting, and a sticky sweet 
taste in the mouth. During the damp season, 
an invasion of Dampness may affect the uri- 
nary organs, causing stagnation of Qi. Once 
pathogenic Dampness enters the body, it be- 
comes foul in nature. If the body becomes ob- 
structed, the results will become evident in 
skin diseases with abscesses, and oozing ul- 
cers with turbid, cloudy urination. Disease 
also manifested through infections, in combi- 
nation with Heat. 
The Dry Season is characterized by tempera- 
tures that are usually between 60 and 70 de- 
grees Fahrenheit. The Lungs and skin are the 
most vulnerable at this time. This is most evi- 
dent in autumn, because of the lack of hu- 
midity. 

Dryness is a Yang pathogenic factor because 
as the Heat rises, dryness consumes the 
body’s Yin Qi, especially in the Lungs. This 
results in dry, chapped skin, cracked skin, and 
dry cough with sputum, throat pain, or 
asthma. The Lungs themselves benefit from 
pungent tasting foods, which directly stimu- 
late and enhance the Lung’s Qi. 


. The Cold Season is characterized by tempera- 


tures that are usually below 60 degrees Fahr- 
enheit. The Kidneys, Bladder, and bones are 
most vulnerable at this time. This is most evi- 
dent in the winter. 

Cold is a Yin pathogenic factor characterized 
by astringency of the tissues. During the Cold 
season the Yin pathogenic factors consume the 
Yang Qi. Cold blocks the channels and 
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collaterals, causing pain and damage to the 
Heart, as well as consuming the Kidney Yang. 
Pathogenic Cold also causes the channels and 
collaterals to contract, resulting in the slowing 
down of Qi and Blood circulation. As the Yin 
energy moves downward consuming the 
body’s Kidney Yang, the body's Yang is unable 
to generate heat causing chills, pallor, shiver- 
ing, diarrhea with undigested food, stiffness, 
pain, numbness, and clear urine. Internal Cold 
is characterized by conditions of overall stag- 
nation and contraction. The Kidneys them- 
selves benefit from salty tasting foods which 
directly stimulate and enhance the Kidney’s Qi. 
. The Wind Season affects the Liver, Gall Blad- 
der, and tendons that are at their most vul- 
nerable time. The beneficial taste is sour. The 
climate in the Wind season, depending on the 
area, is usually between 60 and 70 degrees 
Fahrenheit. This is most evident in the spring. 
Wind is Yang in nature and tends to injure the 
patient's Blood and Yin. Itis divided into both 
internal and external pathogenic Wind con- 
ditions. External Wind is called “the mother 
of one thousand pathogenic factors,” and is 
responsible for the propagation and growth 
of the pathogenic environment, because it 
combines with other pathogenic factors to cre- 
ate Wind Heat, Wind Cold, Damp Wind, Dry 
Wind, etc. 

In the Wind season the Yang pathogenic fac- 
tors are in the upper portion of the body, weak- 
ening the Wei Qi, and causing derangement of 
the opening and closing of the pores on the 
body’s surface. The pathogenic Wind tends to 
move constantly causing abnormal motion and 
rigidity in the trunk and limbs. External Wind 
affects the upper part of the body, shifting and 
moving the pain like blowing a leaf. Once Ex- 
ternal Wind invades the body, the symptoms 
are stiff neck, itchy sore throat, watery eyes, 
headache, nasal obstruction, facial puffiness, 
aversion to Wind, irritability, abnormal sweat- 
ing, migrating joint pain, tremoring, convul- 
sions, rigidity, and facial paralysis. 

Internal Wind is manifested through the 


same symptoms. Because of its serious nature, 
it can also cause tremors, convulsions, and 
paralysis throughout the body (with the ex- 
ception of the face, which is due to External 
Wind invasion). 


INTERNAL PATHOGENIC FACTORS 

An interior disharmony is diagnosed when 
the internal organs have become affected by 
pathogenic factors, creating an Interior syndrome. 
Interior syndromes are the pathological conditions 
which have resulted from one of three factors: (1) 
the invasion of the channels by external patho- 
gens, which can be transmitted to the body’s Yin 
and Yang organs; (2) the direct attack on the Yin 
and Yang organs by external pathogens; and (3) 
sudden emotional changes due to improper diet 
and stress which directly affect the body’s Yin and 
Yang organs leading to functional disturbances. 

1. A Persistent Exterior Invasion by one of the 
Six Exogenous pathogenic factors can pen- 
etrate deeper into the body creating an Inte- 
rior syndrome, if it is not purged from the 
patient’s body. 

2. A Direct Invasion of the Yin and Yang organs 
can also occur from an Exterior Invasion of 
pathogens. In such cases, the affected organ 
will manifest as an Interior Excess or Deficient 
condition depending on the syndrome. 

3. Emotional Factors can likewise cause damage 
to one of the Yin organs, which in turn can 
cause damage to the other Yin and Yang or- 
gans. People encounter emotional upheavals 
in everyday activities. Under normal circum- 
stances, the Seven Emotions are good for 
health (see Chapter 21). Appropriate anger 
helps to disperse stagnant Liver Qi, prevent- 
ing stasis of Liver energy and helps the pa- 
tient to establish a healthy boundary system. 
Rage, on the other hand, leads to the abnor- 
mal increase and ascension of Liver Qi, result- 
ing in a flushed face and dyspnea (shortness 
of breath). If the pattern continues (i.e., the 
person is a rage-aholic), the violent and un- 
controlled anger may lead to serious disor- 
ders of the Liver, including eye injury, faint- 
ing due to inadequate Blood flow to the brain, 
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Yin/Yang Organ 
Bisharmory —— 


Environmental 


Emotional 
Disharmony 


Disturbed 


Disharmony “““—"=— Behavior 


Figure 21.1. Cycle of Disharmony 


cerebral hemorrhaging, or even death. It is be- 

lieved therefore, that Internal conditions can 

arise from either an Excess emotional condi- 

tion caused by emotional suppression, or a 

Deficient emotional condition caused by ex- 

cessive emotional discharging. 

It is also believed that a person’s personal 
emotional history determines his or her biology 
(life processes). Each person creates this reality 
through his or her belief system. Hence the pa- 
tient creates the disease by embracing traumatic 
past wounds and formulating belief structures 
that support these traumas. These energetic clus- 
ters are then fed via the major viscera by the ex- 
cessive emotional energy. This pathological emo- 
tional process can result in the formation of cysts, 
tumors, cancer, etc. 

Any imbalance of the Seven Emotions leads 
to the unnecessary consumption, or blockage of, 
the internal Qi flowing through the channeis of 
the viscera. In either instance, this results in ab- 
normal Qi activity and creates a functional disor- 
der of the cerebral cortex. 

Emotional disharmony induces a vicious cycle 
which affects the mind, body and spirit. Any fac- 
tors (Yin and Yang disharmony, emotional dishar- 
mony, disturbed behavior, or environmental dis- 
harmony) can trigger the cycle (Figure 21.1). When 
caught in this cycle, emotional energy can deplete 
the physical body. 

Anger, for example, generally causes the Qi 
to rise; however, when anger turns inward it can 
transform into depression. Mental depression may 
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obstruct the functional activities of Qi and this 
stagnation may cause Fire. The Fire syndrome is 
caused by the disorders of the Seven Emotions and 
may burn up the fluid of the organ related to the 
predominant emotion. 

In Western culture, people are generally not 
encouraged to acknowledge painful emotions; 
feelings are usually disregarded and conquered 
by a strong will. The storage of emotional energy 
in the muscles and organs of the body leads to 
tension, stress, and illness. The Qi cannot circu- 
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Figure 21.2. Five Elemental Controlling Cycle 
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late with emotional blocks. Many specialists in 
Western medicine today agree that a large percent- 
age of diseases being treated are, indeed, caused 
or aggravated by stress. 

The Five Elements have a creating (generat- 
ing) and restrictive (controlling) relationship. The 
sequence of the creative relationship of the Five 
Elements is: Wood creates Fire; Fire creates Earth; 
Earth creates Metal; Metal creates Water; Water 
creates Wood. This circle is endless. 

The sequence of the controlling relationship 
of the Five Elements is: Wood controls Earth; 
Earth controls Water; Water controls Fire; Fire 
controls Metal; Metal controls Wood. This circle 
is also endless. 

The controlling relationship can be applied to 
problems with emotions. Anger, for example, be- 
longs to the rising of Excess Liver energy and can 
be counteracted by descending the Lung’s Qi (Fig- 
ure 21.2). The Lungs control sadness, and sadness 
may lead to the consumption of abnormal rising 
Liver Qi (Metal controlling Wood). 









The Seven Emotions 





L causes Qi to 
fear, extreme anxiety Kidneys daacend 
grief, affliction, sadness Lungs Gsperses: a . 
: : consumes the Qi 


Excessive sadness may lead to the extravagant 
consumption (and depletion) of Lung Qi, which 
damages the body’s Yin and the Heart. The con- 
sumption of the Lung Qi can be stopped by the 
Heart's energetic release of the emotion of joy. Joy 
causes the rapid rising of the Heart's Qi. It can be 
regulated by fright and terror, which are controlled 
by the rapid descending energy of the Kidneys. 
Terror leads to the abnormal falling of Qi, it there- 
fore counters the abnormal rapid rising of Heart’s 
Qi. Excessive fright and terror may lead to the 
abnormal sinking of Gathering Qi, which dam- 
ages the Kidney’s Qi (Figure 21.3). 

Because over-thinking can cause Qi to gather, 
it can be used as a tool to help bring back dis- 
persed energy. Over-thinking and anxiety, how- 
ever, may lead to the depression and stagnation 
of Qi, which weakens the transporting and con- 
verting ability of the Spleen’s energy, and causes 
a lack of appetite. Mild cases of this condition can 
manifest as dyspepsia (indigestion), abdominal 
distention and diarrhea. In severe cases, the Qi 





Figure 21.3. The Seven Emotions Chart 
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and Blood stagnate in the chest and abdomen, 
causing a feeling of fullness in the chest or upper 
abdomen. This stagnated, ever-sinking Spleen en- 
ergy can be smoothed and aroused by anger (the 
Liver’s energy expanding upward and outward). 
In short, the hyperactivity of Yin is treated with 
Yang to check the unnecessary consumption of 
internal energy, and to promote a mild Yin energy. 
Then the Qi and Blood can flow without interrup- 
tion and disease can be prevented. 

One effective technique to avoid an emotional 
and energetic overload or depletion of a Yin organ’s 
Qi, is to apply the Five Elemental counter-emotion 
to restore emotional balance (see Chapter 53). 
OVERVIEW OF EXTERNAL AND INTERNAL 
CONDITIONS 

The internal and external diagnostic param- 
eters locate the depth of the condition of the dis- 
harmony and are fairly easy to distinguish, rela- 
tive to the other pairs of opposites. Thus, deter- 
mining the internal or external nature is usually 
the first step in diagnosis of a disorder. 

Internal conditions are usually caused by in- 
ternal disharmonies, such as excessive emotional 
energy in the form of anger, excitement, sorrow, 
anxiety, fear, and mourning, or other imbalances 
associated with the Seven Emotions. Excessive 
thinking and stress can also lead to an imbalance 
that is characterized as internal. Internal condi- 
tions are often chronic and tend to have a gradual 
onset and a longer duration. 

Conditions of External disharmony are typi- 
cally caused by the external influences on the body, 
known in Chinese medicine as “pernicious influ- 
ences.” They are Wind, Cold, Heat, Damp, Dryness, 
and Summer Heat. Pernicious influences usually 
invade the body when the body’s Wei Qi is weak. 

Typical External diseases are colds, influenza, 
skin eruptions, or diseases caused by injury or 
shock. Excessive amounts of eating, drinking, 
working, and sexual activity can also lead to both 
Internal and External disharmony. External con- 
ditions are often acute, with sudden onset, and of 
short duration. 

Many times Internal conditions will develop 
when an External condition moves inward. This 


represents a further weakening of Wei Qi and the 
body’s natural immune system. Before the condi- 
tion has developed into a full Internal sickness, it 
will go through a stage of being half-external and 
half-internal. 

Examples of conditions which may be consid- 
ered as being half-internal and half-external are: 
alternating fever / chills, heaviness in the chest, rest- 
lessness, nausea, vomiting, no appetite, dry throat, 
irritation of the mouth, and dizziness. A bounding 
pulse is also an indication of this type of condition. 

This is one reason why treatment of an Exter- 
nal disease (colds and flu) requires sweating 
therapy to encourage the disease to remain exter- 
nal. The contractile mechanism of the skin is a 
specific external representation of the body’s Yang 
immune system at work. 

When treating extreme cases, such as inter- 
nal injuries and shock, conserve the patient’s Yang 
Qi by keeping them warm. 


HoT AND COLD 

Hot and Cold describes whether the condi- 
tion is the result of a Hot or Cold state and is de- 
termined by hot or cold sensations. The nature of 
this clinical manifestation depends on whether it 
is combined with a Full or Empty condition. 


HoT CONDITIONS 

Hot conditions usually arise when there is 
excess activity of the body’s Yang functions, or if 
there is an insufficiency of Yin Qi or Fluids in the 
body. A Hot condition can be further divided into 
either Full Heat or Empty Heat. 

1. A Full Heat conditions manifest as the fol- 
lowing physiological and mental / emotional 
symptoms. 

a. Physical symptoms include: 

* increased energy and metabolism, i.e., physi- 
ological hyperfunction 

¢ fever with thirst, and desire for cold liquids 

¢ dry stool and constipation 

¢ dark yellow and reduced urine 

¢ flushed face, red eyes, hot red skin 

* warm extremities 

* aversion to warmth 

¢ arapid, full pulse and a red tongue with yel- 
low fur 
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b. Mental and emotional symptoms in- 
clude: 
* irritability 
* restlessness 
* loud voice, talkativeness 
* extroverted and aggressive behavior 

Inflammations, ulcers, and infections are typi- 
cal of Full Heat diseases. There are many other 
symptoms depending upon which organ is affected. 

These Full Heat symptoms arise when there 
is an Excess of Yang energy in the body. Excess 
Yang energy can be caused from overconsump- 
tion of Hot foods (which cause Stomach or Liver 
Heat), or long-standing emotional problems 
(which cause Liver or Heart Heat) due to Qi stag- 
nation. Full Heat can also develop from the inva- 
sion of external pathogenic factors which have 
transformed into Heat. 

2, An Empty Heat conditions manifest as the fol- 
lowing physiological and mental / emotional 
symptoms. 

a. Physical symptoms include: 
¢ dry mouth and throat (at night) 
¢ night sweats 
¢ afternoon fever 
* a feeling of heat in the chest, palms and bot- 
toms of feet (Five Palms Hot) 
¢ dry stool 
* scanty, dark urine 
¢ a floating, empty and rapid pulse, with a red, 
peeled tongue 
b. Mental and emotional symptoms in- 
clude: 
¢ fidgeting and mental restlessness 
* vague anxiety 
¢ insomnia 

There are many other symptoms depending 
upon which organ is affected. 

These Empty Heat symptoms arise from a De- 
ficiency of Yin. If the patient’s Yin becomes Defi- 
cient (usually due to a Deficiency of Kidney Yin), 
this affects the Yin of the Liver, Heart, and Lungs 
and causes a relative Excess Yang condition. 
COLD CONDITIONS 


Cold conditions usually arise when there is 
excess activity of the body’s Yin functions, or if 


there is an insufficiency of Yang Qi in the body. A 
Cold condition can be further divided into either 
Full Cold or Empty Cold. 

1. A Full Cold conditions manifest as the fol- 
lowing physiological and mental / emotional 
symptoms. 

a. Physical symptoms include: 
¢ diminished physiological function and low- 
ered immunity 
¢ decreased energy 
* aversion to cold and craving for warmth 
¢ cold extremities 
* lack of thirst 
* clear urine, watery stool 
* desire for hot drinks 
¢ white face 
* a slow pulse and a pale, white tongue with 
moist fur 
b. Mental and emotional symptoms in- 
clude: 
* timid behavior and soft speech 
* slow movement 
* a lack of motivation 

Generally, discomfort is increased by cold and 
reduced by warmth. Cold symptoms may also 
appear at later stages of fevers and chronic peptic 
ulcers, denoting a weakening of the body’s abil- 
ity to overcome the disease. 

These Full Cold symptoms arise when there is 
an excess of Yin Qi in the body. Excess Yin Qi can be 
caused from the direct invasion of External Cold 
into the body’s interior. In this particular condition, 
the External Cold can either invade the Stomach 
causing vomiting and epigastric pain, invade the 
Intestines causing diarrhea and abdominal pain, in- 
vade the uterus causing dysmenorrhea, or it can 
invade the Liver Channels causing pain and swell- 
ing in the scrotum. One of the main manifestations 
of Interior Full Cold is abdominal pain caused from 
the Cold constricting and obstructing the circula- 
tion of Yang Qi. Full Cold can also develop from 
the invasion of external pathogenic factors which 
have transformed into Cold. 

2. AnEmpty Cold conditions manifest as the fol- 
lowing physiological and mental / emotional 


symptoms. 
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a. Physical symptoms include: 
* cold limbs and chills 
* pale face 
¢ fatigue 
* no thirst 
* loose stools 
* clear, abundant urination 
* sweating 
* pale tongue with thin, white coating and a 
deep, slow or weak pulse 
b. Mental and emotional symptoms in- 
clude: 
¢ tiredness and lack of motivation 
¢ slow movement 
An Empty Cold disharmony usually arises 
when the Yang Qi of the body is insufficient, and 
fails to warm the body. This is caused by a Defi- 
ciency of Spleen Yang, Kidney Yang, or Heart Yang 
(sometimes Lung Qi Deficiency). The most com- 
mon cause is related to the Spleen Yang Deficiency, 
which fails to warm the muscles and thereby 
causes chills. If the Spleen does not receive heat 
for its function of transforming food, the result 
will also be loose stools. 


COMBINATION OF HOT AND COLD SYMPTOMS 
While distinguishing Hot diseases from Cold 
diseases may appear to be fairly straightforward, 
the doctor may find that there are many circum- 
stances where both Hot and Cold symptoms ap- 
pear simultaneously. The use of sensory input is 
just a general indicator, however, because it pro- 
vides the doctor with only partial data; it can 
sometimes be misleading if other considerations 
are not taken into account. The doctor needs to 
consider the other symptom characteristics ac- 
cording to Yin-Yang or Deficient-Excess patterns. 
1. An External Cold with Internal Heat syn- 
drome manifests when a patient has a preex- 
isting internal Heat condition and is subse- 
quently invaded by External Wind Cold. This 
condition can also occur in attacks of latent 
Heat combined with the invasion of Wind 
Cold. Symptoms can include fever with an 
aversion to cold, body aches, irritability, and 
thirst. 
2. An External Heat with Internal Cold syn- 
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drome manifests when a patient with a pre- 

existing Cold condition is attacked by exte- 

rior Wind Heat. Symptoms can include fever 
with an aversion to cold, chills, headache, sore 
throat, and thirst. 

3. A Heat Above-Cold Below syndrome mani- 
fests when a patient’s pathogenic Heat rises 
resulting in Heat above and a Cold syndrome 
below. Symptoms can include thirst, bitter 
taste, sour regurgitation, irritability, Herpes 
Simplex I, borborygmus, loose stools, and pale 
and profuse urination. 

Qigong patients must be aware of these signs 
of Hot and Cold disharmony. If a patient's training 
routine is too Yang, this will burn the body’s Flu- 
ids, thus diminishing the Yin Qi’s ability to contain 
the Excess Yang, which in turn produces a Hot con- 
dition. An overactive metabolism can also induce a 
Hot condition, while a sluggish metabolism can pro- 
duce a Cold condition. Less extreme conditions are 
classified as warm, cool, or neutral. 


EXCESS AND DEFICIENT 

The capacity of an individual to maintain re- 
sistance to the invasion of pathogens is relative to 
the strength of the disease and the strength of the 
individual. An Excess condition is characterized 
by the presence of a pathogenic factor (interior or 
exterior) and by the fact that the body’s Qi is still 
functioning normally. The battle against the patho- 
genic factors results in the symptoms and signs 
of an Excess condition. A Deficient condition is 
characterized by a weakness of the body’s Qi and 
the absence of a pathogenic factor. If the body’s 
Qi is weak, but the pathogenic factor continues to 
attack, the condition is considered Deficient and 
is characterized by an Excess. 


Excess CONDITIONS 

An Excess condition will usually occur when 
a bodily function becomes overactive or Qi accu- 
mulates unnaturally due to a blockage. It is char- 
acterized by strength, buoyancy of spirits and of- 
ten acute symptomatic reactions, Disharmonious 
conditions which begin and end suddenly are due 
to Excess. Yang Excess can be quickly improved, 
in most cases, with a diet of predominately veg- 
etables and fruits. 
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It is not unusual for patients whose diets are 
heavy in meat proteins, to suffer from Excess dis- 
eases. Many Naturopaths advocate the predomi- 
nant use of raw fruits and vegetables and have 
experienced outstanding results due to the elimi- 
nation of Excess Yang (from meat toxins) from 
the body. 

Such a diet is not good therapy for individu- 
als who eat a relatively balanced vegetarian diet, 
because it serves to make them more Yin and 
threatens to throw them off balance. This is a good 
reason to avoid “fad” diets. A diet or method that 
works well for one person may have the oppo- 
site affect for someone else; each case must be con- 
sidered separately. 

Some indications of an Excess condition are 
as follows: flushed face, loud voice, coarse and 
full breathing, acute pain, extreme menstrual 
pains, a tender abdomen, which worsen with the 
application of heat. A strong pulse can also be a 
sign of an Excess condition. 

In cases of Excess, to expel pathogenic evils, 
the patient imagines that the Toxic Qi is being ex- 
pelled from specific channel points upon exhala- 
tion. The results are always more effective when 
Qigong prescriptions are given in conjunction 
with the treatments. 

Any interior pathogenic factor (Heat, Cold, 
Damp, Wind, Fire, and Phlegm) can give rise to 
an Excess condition, including the stagnation of 
Qi and stasis of Blood. 

DEFICIENT CONDITIONS 

Although Deficiency is characterized by insuf- 
ficient Jing, Qi, Shen, Blood, and Fluids, it does not 
generally mean a lack of some nutrient as it does in 
Western medicine. It is more a statement about the 
body’s inability to find, or produce, what is neces- 
sary for its immune function to provide a functional 
integrity in the body. Deficiency, therefore, is taken 
ina more general sense and denotes the overall con- 
dition of the patient, or of the disease. 

Conditions which linger are usually due to 
Deficiencies. The general indications are: great 
weakness, inconsistent energy, shallow and rapid 
respiration, pain characterized by soreness, weak 
or inconsistent volume of voice, moderate men- 


strual pains, withered face, low spirits, and abdomi- 
nal pain. A Deficient condition will generally re- 
spond well to heat and pressure. A weak pulse can 
also be an indication of a Deficient condition. There 
are four types of deficiencies: Deficient Qi, Defi- 
cient Blood, Deficient Yin, and Deficient Yang. 
1. Deficient Qi is the first and least severe stage 
of Deficiency. Most symptoms arise from a 
weakness of the Lungs’ Qi (which fails to con- 
trol the breathing) and a weakness of the 
Spleen’s Qi (which fails in its function of 
transforming and transporting). 
2. Deficient Blood is caused from a dysfunction 
of various internal organs. Most symptoms 
arise from a weakness of the Liver, Heart, and 
Spleen. 
3. Deficient Yin is caused by a dysfunction of 
various internal organs. Most symptoms arise 
from a deficiency of Yin within the patient's 
Liver, Heart, Stomach, Lungs, and Kidneys. 
4, Deficient Yang is caused by a dysfunction of 
various internal organs. Most symptoms arise 
from a deficiency of Yang in the patient's 
Liver, Heart, Spleen, Lungs, and Kidneys. 
In cases of Deficiency, when replenishing Qi 
is required, the best effect can be obtained when 
the patient cooperates with the doctor’s exten- 
sion of Qi through mental concentration and fo- 
cused inhalation. 
COMBINED EXCESS AND DEFICIENT 
CONDITIONS 

Sometimes Excess and Deficiency conditions 
can occur simultaneously. Although Excess is one 
of the characteristics of a Yang disease, this con- 
dition can also give rise to certain symptoms of 
Deficiency. These are mostly a result of Qi being 
blocked in the utilization of its own vital nutri- 
ents. 


YIN AND YANG THEORY 

Yin and Yang energy is usually represented 
through the image of the Taiji symbol. Yang Qi is 
represented through the color white and Yin Qi is 
represented through the color black. Through the 
image of the Taiji symbol the interrelationship of 
Yin and Yang represent the stages of waxing and 
waning of energy (Figure 21.4). In Traditional Chi- 
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Yang - hot, bright, strong, 
upward, outward, clear, 
movement. Qi (non- 
substantial matter) 
function of an organ 





Yin - cold, dark, weak, 
downward, inward, 
muddled, stillness. 
Blood (substantial 
matter) substance of an 
organ. 


Figure 21.4. In Traditional Chinese Medicine the theory of Yin and Yang represent the dynamic duality of balance 
and harmony within the body, as well as within the universe itself, and as represented through the image of the 
Taiji Symbol. There is always Yin within Yang and Yang within Yin. These two energies are always changing and 


transforming the body's life force energy. 





nese Medicine, the theory of Yin and Yang is also 
used to explain both the psychological and patho- 
logical phenomena of the body. It is considered a 
major principle for diagnosing and treating diseases. 

Generally speaking, an Excess of Yang may lead 
to a Deficiency of Yin, and vice versa. A Hot syn- 
drome can be the result of either Excess Yang or 
Deficient Yin. A Cold Syndrome can be the result of 
either Excess Yin or Deficient Yang (Figure 21.5). 

The Qi activities of these Yin and Yang aspects 
unite and regulate the body’s internal organs and 
tissues. The direction and energetic nature of Qi 
(Excess or Deficient, strong or weak, evil or vital} 
can be detected at corresponding body surfaces 
so that information for diagnosis and treatment 
can be obtained. For example: 

A strong, dense, dry, and hot sensation of Qi 
in the head area may be a symptom of Excess Yang 
in the upper portion of the body and a Yin Defi- 
ciency in the lower portion. This would require 
the Qigong doctor to guide the Yang Qi to descend 
and the Yin Qi to ascend to restore the balance of 
Yin and Yang energy. 

To treat patients with an overabundance of 
Yang Qi and hyperactivity of Fire, the Qigong pre- 
scription meditations should be practiced during 
the Yin periods (11 a.m. to 11 p.m.) while facing 
north, with emphasis placed on exhaling to purge 
the Heat. The doctor should adhere to the prin- 
ciple of replenishing the patient's Yin to regulate 
the Yang, or leading the Yang to descend to 
supplement the Yin. 
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Once the nature of Yin and Yang disequilib- 
rium is determined, the proper method of treat- 
ment can be selected to regulate the Excess or 
Deficiency. The doctor always treats Yin for Yang 
diseases and Yang for Yin diseases. A Yang syn- 
drome, for example, should be treated with Yin 
herbs, and a Yin syndrome should be treated with 
Yang herbs. The treatment should be aimed at 
purging the Excess, replenishing the Deficiency, 
and regulating the Deficient Yin or Yang to restore 
anormal balanced state of energy with in the body. 

In Medical Qigong therapy, the principle of 
“using Yin for treatment of a Yang disease and 
using Yang for treatment of a Yin disease” must 
be strictly adhered to. It is important to dredge or 
purge the Excess before replenishing and 
tonifying any Deficiencies. The intake of cold 
foods (fruit, salad, ice cream, etc.) or drinks, for 
example, may lead to an Excess of Yin, which gives 
rise to a Cold syndrome of the Spleen and Stom- 
ach. This manifests as pain, diarrhea, aversion to 
cold, and cold extremities. 

To treat this Excess, the doctor guides the Cold 
Qi out of the body by way of St-36 and Sp-9 points, 
then projects Hot Yang Qi towards specific chan- 
nel points on the patient’s body, such as CV-12 
and St-25. 


DIAGNOSING YIN AND YANG IN THE 
Bopy 

Every person has both Yin and Yang elements, 
but will tend to be predominantly one or the other 
in terms of personality, physique, life-style pref- 
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Yin Yang Yin Yang Yin Yang Yin Yang 
ixcess Yin Excess Yang Deficient Yang Deficient Yin ! 
(Full Cold) (Full Heat) (Empty Cold) (Empty Heat) Deficient Yang Deficient Yin 
In cases of Excess, In cases of Deficiency, In cases of Excess and Deficieny 
the doctor should Purae. the doctor should Tonify. combined. the doctor should Requlate. 


Figure 21.5. Yin and Yang Energetic Diagnosis 





erences, speech patterns, mannerisms, etc. Within 
a general constitution there will be more subtle 
fluctuations within the Yin/ Yang continuum as 
the body reacts to external and internal energetic 
movements. In designing the patient's exercise 
program, diet, or herbal remedies, it is necessary 
to first determine whether the patient is predomi- 
nantly Yin or Yang in constitution. 


YIN/YANG CONSTITUTION CHART 

There are general indications that will help the 
doctor diagnose a patient’s condition as predomi- 
nantly Yin or predominantly Yang. The patient's 
basic Yin/ Yang constitution, and an analysis of the 
current Yin/ Yang balance of the body will play an 
important role in determining the type of exercise 
and the time of day that it will be performed. In 
most cases, a Yang condition should be balanced 
by a Yin exercise and vice versa. 

There are varying levels of disharmony in the 
patient’s body. Yin and Yang are only relative 
terms, and they are often not enough to ad- 
equately describe the character of the body’s con- 
dition. Other factors such as Hot - Cold, Deficient 
- Excess, Internal - External must be considered 
in more detail. Yin and Yang are never in a per- 
mianent state; there is always dynamic movement. 
All relationships based on Yin/ Yang are relative, 
and their mutual interaction must be considered. 

Yin and Yang theory is valuable because it pro- 
vides a tool for understanding the patient's consti- 
tution at a given point in time. This information 
enables the doctor to determine the best course of 
treatment, including exercise, food, or herbal for- 


mulas that the patient's body needs. Consideration 
of the patient's inherited and acquired attributes 
(developed through diet and life-style, environmen- 
tal influences, natural energy cycles, and other mis- 
cellaneous influences such as sleep, work condi- 
tions, and relationships) should be based on obser- 
vation and contemplation of the patient’s physical, 
mental, emotional, and spiritual state of mind. 

Designing a program to establish balance and 
harmony requires a keen awareness of energetic and 
mental states. In evaluating the patient's condition 
the doctor takes into account the location and na- 
ture of the disharmony, the severity of the condi- 
tion and the overall physical, mental, and emotional 
condition of the patient (Figure 21.6). Furthermore, 
the doctor may notice a combination of both Yin 
and Yang symptoms or any of the other contrast- 
ing pairs be they Hot/Cold, Internal / External, Ex- 
cess/ Deficient. A combination of such symptoms 
creates a challenge when diagnosing a patient, since 
symptoms and indicators tend to be more extreme 
in a person who is ill (Figure 21.7). 
YIN CONDITIONS 

Primary Yang generates primary Yin. Every- 
thing in the universe needs support from Yin. On 
a basic level, Yin conditions in the body tend to 
be Cold, internal, Deficient, and degenerative in 
nature. If a condition becomes overly Yin, it may 
express some Hot or Yang symptoms. Extreme 
cold in the form of snow, for example, can cause 
frostbite. This is called a “false Yang” condition 
because the condition created is manifested as 
Yang instead of Yin. 
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* Cool skin temperature 


* Cold hands and feet 
* Aversion to cold 










General 


pressure 
¢ Senses dull 
¢ Curled lying posture 








¢ Prefers warm food and drinks 
* Poor appetite 






Poor sense of taste 
Indigestion 


Breathing & |* Weak, shallow breathing 
Voice « Weak voice, quiet 


* Sexually underactive 
* Scanty, pale menses 
* White leukorrhea 








Reproduction 








Deep, slow 
« Empty, weak 
* Fine 









Pale, dark, dull, or yellow complexion 


* Discomfort relieved by warmth and 


* Tired : 
Energy °- Weak : 
, * Underactive : 


; * Copious clear urine ¢ Scanty dark urine 
« Watery stool * Hard solid stool 





* Pale, fat body 7 
¢ Moist, thin white coat . 



















« Warm skin temperature 
* Red, oily, shiny complexion 
* Warm hands and feet 

¢ Aversion to heat and pressure 
* Five senses strong 

* Stretching posture in sleep 



















« Prefers cold drinks and cold food 
+ Strong appetite 
* Thirsty, dry mouth 





Forceful, restless 
Strong, stout 


Overactive 
Noisy, outgoing 











* Deep, heavy breathing 
¢ Loud, coarse voice, talkative 









* Sexually overactive 
* Profuse, red menses 
¢ Yellow leukorrhea 









Superficial, rapid 
¢ Full, strong 
« Flooding 


Red, solid, sharp body 
Dry, thick yellow coat 














Figure 21.6 Signs of Yin and Yang Conditions 





Yin conditions are typically characterized by 
the following: watery stool, clear and copious 
urine; depression; pale, dull, and yellow complex- 
ion; weak, tired, and thin constitution; cool skin, 
cold hands and feet; dulled senses; curled lying 
posture when sleeping; soft voice; silent, shallow 
breathing; preference for warm food; and a ten- 
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dency towards indigestion. A Yin condition will 
also be reflected in a deep, weak, fine, slow, or 
sluggish pulse and a fat, pale, moist, and smooth 
tongue with possibly a white coating. 
YANG CONDITIONS 

Yang conditions tend to be Hot, External and 
Excessive. A Yang disease is generative. Under cer- 
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Body Type 





Skin Cast 







almost inaudible 








White of Eye 















Feces 





Attribute Progression from Extreme Yang to Extreme Yin 


Aggressive, outgoing, joyful, sad, fearful, anxious, depressed 
(The degree of outward expression determines the yangness of the spirit, 
not so much the emotion itself.) 


Large and muscular, normal build, thin, emaciated 
Stiff, erect, relaxed, hunched over, limp 
Very animated, normally active, little movement, still 


Heavy and loud, loud sighing and stretching, breathing heavily through 
mouth, shallow light breathing, soft intermittent sighs 


Loud, rough, high pitched, regulated and moderate, soft, murmuring, 


Red, yellow, green, pink, white 


Cracked, dry, moist, overly wet 
Yellow and thick, white and thick, thin, clear 
ine [Tek elon sma in wiih nor 


Dark, strong smelling, soft, loose, light color 
























Figure 21.7. The Continuum of Yin and Yang Constitutional Signs and Symptoms 





tain conditions, an overabundance of Heat (Yang) 
may transform into Cold (Yin) to bring about a con- 
dition known as “false Yin.” Extreme heat and sun, 
for example, can cause sunstroke. This is called a 
“false Yin” condition because the condition created 
manifests as Yin instead of Yang. If an acute Yang 
condition persists, it will become Yin. 

Yang conditions are typically characterized by 
the following: hard, solid, dry stool; thick, yellow 
urine; outwardly excited appearance; strong, 
stout, muscular constitution; restless, active, irri- 
table in character; warm hands and feet and over- 





all warm skin and temperature; strong senses; ten- 
dency to stretch frequently; loud voice, talkative; 
heavy breathing; thirsty, dry mouth; and a pref- 
erence for cold drinks. A Yang condition will also 
reflect a floating, flooding, fast, or strong pulse, 
and a red or yellow, solid, dry tongue with cracks 
and little or no coating. 


SIGNS OF YIN AND YANG 

Determining true from false Yang may seem 
confusing. Yin Deficient people who are very thin 
and emaciated are often quite hypertensive, this 
can be seen in their excessive loud talking, rest- 


435 


SECTION 5S: DIFFERENTIAL DIAGNOSIS OF ENERGETIC PRINCIPLES 





Figure 21.8. The Nine Regions of Pulse Diagnosis 


lessness and insomnia. Such individuals can also 
develop erratically feverish symptoms which usu- 
ally change from Hot to Cold. 

Generally, a true Yin or Yang condition is de- 
termined by three or more symptoms that simulta- 
neously manifest either one of those conditions. 

False Yin symptoms occur when the Yang be- 
comes overly strong, causing a weakening of the 
Yin. (Again, the overall condition should be assessed 
before making a differential diagnosis.) False Yin 
symptoms include weakness, coldness, wetness, 
and other Yin symptoms in an otherwise Yang con- 
dition. One should bear in mind that there are sel- 
dom purely Yin or Yang symptoms because Yin and 
Yang are so interdependent on each other. 

Furthermore, stages of Yin and Yang may 
change during the course of the day, or over the 
course of an illness. If a Yang stage is allowed to 
progress, it can degenerate into weakness described 
as a Yin stage. Therefore, ifa Yang condition changes 
to Yin it is probably not a good sign, but if a Yin 
condition changes to an acute Yang condition it may 
be a positive sign of movement towards overall 
balance. The focus is to understand that it takes ac- 
tive energy (Yang) to manifest an acute condition, 
and the stronger the manifestation, the stronger the 
energy. 


YIN AND YANG CATEGORIZATION OF 
TRAINING 
Chinese herbs and foods are typically classified 


in terms of Yin and Yang, as are Qigong exercises 
and meditations. With exercises and meditations the 
state of mind and level of relaxation during the ex- 
ercise or meditation is critical in determining the 
Yin or Yang categorization. It is important to be 
aware of this when developing a patient’s program 
to provide the proper energy adjustments to main- 
tain a healthy balance. If a disharmonious condi- 
tion develops and the wrong prescription is given, 
the patient can be thrown further off balance, mak- 
ing it more difficult to restore good health. 


PULSE DIAGNOSIS OF THE EIGHT 
ENERGETIC PRINCIPLES 

The body’s pulse in considered another form 
of energy manifestation. The pulse is imagined as 
waves of various Fluids flowing within the body, 
originating from within the Heart, where the Shen 
resides. Pulse diagnosis can give the Qigong doc- 
tor detailed information on the state of the patient's 
internal organs, as it reflects the patient's flow of Qi 
and Blood, as well as Yin and Yang energy. The pulse 
is felt at the radial artery, which is divided into three 
areas (front, middle, and lower), and at three dif- 
ferent levels (superficial, middle, and deep), creat- 
ing “nine regions” of pulse diagnosis (Figure 21.8). 

The three areas of the wrist relate to the ener- 
getic manifestations of the Triple Burners. The front 
position corresponds to Heaven and reflects the 
diseases from the head to the chest; the middle po- 
sition corresponds to Man and reflects the diseases 
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Figure 21.9. Pulse Correspondence with the Triple Burners 


from the diaphragm to the umbilicus; the lower 
position corresponds to Earth and reflects the dis- 
eases from the umbilicus to the feet (Figure 21.9). 

The three different levels relate to the ener- 
getic manifestations of the body’s diseases. The 
superficial level corresponds to exterior diseases, 
the body’s Qi and Yang organ energy; the middle 
level corresponds to the condition of the Blood, 
as well as the energy of the Stomach and Spleen; 
the lower level corresponds to interior diseases, 
the body’s Yin energy and Yin organ energy. 

The important thing is to diagnose how the 
body’s energy is flowing, taking into consider- 
ation the relationship of the Yin and Yang on the 
pulse, i.e., whether it is superficial or deep, fast, 
or slow, Excess or Deficient. The quality of the 
pulse may also vary according to the patient's: 


1. General Constitution and Body Build, with big- 
ger frame patients generally having a stronger 
pulse then smaller frame individuals, 

2. Level of Activity, with patients who engage in 
heavy physical work having a stronger pulse 
then those who engage in mental work, and 

3. Exposure to Seasonal Weather, as a deeper pulse 
is generally felt in the winter and a more su- 
perficial pulse is felt in the summer. 


PULSE QUALITIES AND 
CLASSIFICATIONS 

In China, attention is placed primarily on the 
overall quality of the pulse. While reading the su- 
perficial pulses, it is important to note that they in- 
dicate the condition of the patient’s Qi and Yang 
Organs. The deep pulses indicate the condition of 
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the patient’s Jing, and Yin Organs. Pulses can be 
divided into three main classifications, which are 
related to either Yin and Yang qualities: The Depth, 
The Speed, and The Strength (Figure 21.10). 
1. The Depth at which the pulse can be felt is con- 
sidered first. 

a. Superficial / Floating Pulses are felt with 
a light touch, barely touching the artery. 
They indicate an Exterior syndrome (e.g, 
Wind-Cold or Wind-Heat), chronic ill- 
ness, or a general weakness. This informs 
the doctor that there is an Excess at the 
patient’s Qi level (or a Deficiency at the 
Yin level). 

¢ Superficial and Weak (Empty) pulses are felt in 
Yang Excess diseases (superficial diseases), 
when the patient’s Wei Qi is fighting the patho- 
genic factors at the superficial level. 

¢ Superficial and Forceful (Full) pulses are felt in 
interior diseases due to Yin or Jing Deficiency. 

b. Deep Pulses are felt on heavy pressure, 
near the bone. They indicate an interior 
syndrome (problems within the Yin Or- 
gans), and relate to the patient's Jing. 

* Deep and Weak (Empty) pulses are felt in dis- 
eases due to a Deficiency of Qi and Yang. 

* Deep and Forceful (Full) pulses are felt in deep 
diseases (when the disease has penetrated into 
the patient’s internal organs). They confirm an 
Excess at the Yin level, or Deficiency at the Qi 
level, and point to a stasis of Qi or Blood, and 
to a Cold or Heat condition. 

2. The Speed of the pulse is considered next. 

a. Slow Pulses are less then 4 beats per the 
patient's breath; they indicate a Cold syn- 
drome. 

* Slow and Weak (Empty) pulses indicate Empty 
Cold and Yang Deficiency. 

* Slow and Forceful (Full) pulses indicate Full 
Cold and Yin Excess. 

b. Rapid Pulses are more then 5 beats per 
patient's breath and indicate a Heat syn- 
drome. 

¢ Rapid and Weak (Empty) pulses indicate 
Empty Heat and Yin Deficiency. 

¢ Rapid and Forceful (Full) pulses indicate Full 
Heat and Yang Excess. 
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Figure 21.10. The Eight Energetic Principles are 
manifested through the body’s pulses. 
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Figure 21.11. Left and Right Hand Correspondence 





3. The Strength of the pulse is considered last. 
a. Weak (Empty) Pulses are weak and dis- 
appear on heavy pressure; they indicate 
a Deficient syndrome. 
b. Forceful (Full) Pulses are forceful and are 
felt on deep pressure; they indicate an 
Excess syndrome. 
* Forceful (Full) and rapid pulses indicate Full 
Heat. 
* Forceful (Full) and slow pulses indicate Full 
Cold. 


THE CLASSICAL PULSE DIAGNOSTIC 
POSITIONS AND DEPTH 

Traditionally the best time to take the patient’s 
pulse is when the patient is calm and relaxed. There 
are several schools of pulse diagnosis, each one with 
its own specific methods of approach to understand- 
ing the patient’s symptoms. The most important 
aspect in listening to the patient's pulse is to feel 
the strength, quality, and spirit of the pulse. Only 
then can the doctor receive accurate information 
about his patient's condition (Figure 21.11). 
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Internal Vomitting, high fever, gradual onset, chronic, long 
duration 


Changes in 
Deep texture and 
coating 


Cold, flu, skin eruptions, sudden onset, acute, short Superficial Changes in 
duration coating 


Diminished physiological function, decreased energy, 
lowered resistance, lowered immunity, white face, 
aversion to cold, cold extremities, lack of thirst, craving 
for warmth, clear urine, watery stool, desire for hot 
drinks, diarrhea, coolness of limbs, timid behavior, soft 
voice, slow movement, lack of motivation 


Physiological hyperfunction, increased energy, 
increased metabolism, acute pains, fever, thirst, desire 


for cold liquids, flushed face, red eyes, restlessness, 
irritability, dry stool, dark yellow urine, reduced urine 
secretions, aversion to warmth, hot red skin, 
constipation, warm extremities, loud voice, talkative, 
extroverted manner, aggressive behavior 


White coat, 
Slow, tight | pale body, 
moist fur 
Red tongue 
Rapid with yellow 
fur 


Great weakness, low syptomatic reactions, inconsistent 


energy, shallow and rapid respiration, less severe pain, 
Deficlency | pain characterised by soreness, weak or inconsistent 
voice, dull menstrual pain, withered face, low spirits, 


abdomina! pain 


Flushed face, loud voice, coarse and full breathing, 
sharp and acute pain, extreme menstrual pain, tender 
abdomen, condition worsens with apllication of heat 


Excess 





Little or no 
coat 


Full Thick coat 








Figure 21.12. Signs of Internal, External Cold, Hot, Deficient and Excess Conditions 





Usually, in men, the pulse on the left (Yang) side 
of the body should be slightly stronger then that of 
the pulse on the right (Yin) side, and vice versa for 
women. Also in men, the front (Yang) positions 
should be slightly stronger, while in women the 
lower (Yin) positions should be stronger. 


OVERVIEW 
In the clinic we have a saying, “Where the Qi 


goes, the Blood flows.” Although a patient’s pulse 
is produced by the movement of Blood in the ar- 
teries, the activity of that movement is initiated 
by the force of the patient’s Qi. By feeling the 
movement of Blood in the vessels, the activity of 
the patient's Qi, Blood, and Body Fluids are diag- 
nosed. This internal communication is summa- 
rized in the above chart (Figure 21.12). 
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CHAPTER 22 


DIAGNOSIS ACCORDING TO QI, BLOOD, AND BODY 


FLUID DYSFUNCTIONS 


INTRODUCTION 

This method of diagnosis identifies patterns on 
the basis of disharmonies according to Qi, Blood, 
and Body Fluids. It is used in clinical practice (es- 
pecially for internal diseases) for diagnosing accord- 
ing to the pathological changes occurring in the in- 
ternal organs. 

The essential cause of disease is due to an im- 
balance of Qi, Blood, or Body Fluids. When one or 
more of these substances are unbalanced, the body's 
normal physiological function is disrupted and sick- 
ness results. This can be caused by the effect of the 
Six Exogenous Pathogenic Factors, Seven Emotional 
Pathogenic Factors, and is influenced by the 
patient’s general constitution. Each of the patient’s 
organs and channels have sets of symptoms or syn- 
dromes of these types of imbalances, which can then 
be identified for treatment. The Qigong doctor’s 


Excess and 
Rebellious 


Excess and 
Stagnation 


Rebellious 


Figure 22.1. Pathological Manifestations of Qi, Blood, and Body Fluids 





ability to identify problems based on the pathologi- 
cal manifestations of Qi, Blood, and Body Fluids is 
founded on clinical observations of Excess, Defi- 
cient, Stagnant, and Rebellious patterns (Figure 
22.1). These patterns can be further defined as pre- 
dominantly Yin or Yang. These patterns also de- 
scribed as the various disorders of Qi, Blood, and 
Body Fluids, and sometimes overlap, for example: 
¢ Excess conditions can give rise to Rebellious 
Qi and also create stagnation, 
* Deficient conditions can give rise to Rebel- 
lious Qi and also create stagnation. 


DISORDERS OF THE QI 
Whenever energy movement is impeded, dis- 
orders in Qi functions occur. Generally, these dis- 
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Figure 22.2. Disorders caused from the obstruction of Qi flow result in either Fire or Water energetic dysfunctions. 


turbances cause either disorders of Fire, or disor- 
ders of Water (Figure 22.2). 

The cause and progression to these disorders 
can be further broken down and classified accord- 
ing to their energetic dysfunction (Figure 22.3). 
There are several types of Qi disorders observed 
in the clinic and are generally described as fol- 
lows. 


LEAKAGE AND LOSS OF QI 

During or after the training practice, the pa- 
tient may feel that Qi is continuously and uncon- 
trollably leaking out of the body from the genita- 
lia and anus or anywhere else on the body. This 
loss of Qi can lead to Qi Deficiencies, and mani- 
fest through the following symptoms: emaciation, 
weakness of the limbs, grayish and dull complex- 
ion, nervousness, mental disturbances, distract- 
ibility, failing memory, spontaneous sweating, 
night sweats, seminal emission, insomnia, lassi- 
tude, and sluggishness. 


DEFICIENT QI DiSORDERS 

Deficient Qi exists when the entire body, or 
particular organ, is not being sufficiently nour- 
ished by the Qi. This results in there being too 
little energy to maintain proper organ function. 
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This condition is usually caused by a weakness of 
the Lungs, Spleen, or Kidneys, by chronic illness, 
or a weak constitution, poor diet, or fatigue. Defi- 
cient Qi is unable to: 
* transform, resulting in symptoms such as di- 
atrhea, 
* transport, resulting in symptoms such as stag- 
nation of Qi, 
¢ hold, resulting in symptoms such as bruising, 
* warm, resulting in symptoms such as cold 
extremities, 
* protect, resulting in symptoms such as sick- 
ness, and 
* raise, resulting in symptoms such as prolapse. 
Deficient Qi is divided into three subcatego- 
ries from which the patient can suffer. These sub- 
categories are Empty Qi, Sinking Qi, and Qi Col- 
lapse. Each of these subdivisions can further be 
divided into Yin and Yang types. 

1. Empty Qi is considered the first type of Defi- 
ciency. If not treated, Deficient Qi may 
progress to a condition known as Empty Qi. 
Diseases that are classified as Empty Qi are 
characterized by a serious weakness or 
Deficiency of the body’s Qi. Empty Qi, espe- 
cially Empty Yang Qi manifests as a weakness 
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Figure 22.3, Whenever energy movement is impeded or in excess, disorders in Qi function occur, resulting in Qi 


Deviations. 
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in the function of holding, moving, and trans- 
forming Qi. 

a. Empty Qi originates primarily from the 
patient’s constitution and manifests as 
malnutrition, fatigue, premature signs 
of old age, and an excess of extreme 
emotions. 

b. Empty Yang Qi belongs to the category 
of Yang. Because Yang Qi has the func- 
tion of warming, Empty Yang manifests 
as an inability to adequately warm the 
energy, resulting in Cold symptoms. 
Empty Yang is generally caused by a 
weak constitution, poor diet (excessive 
raw, cold food and drink), overwork, 
old age, and excess sex. 

2. Qi Sinking is also a subcategory of Deficient 
Qi, and is considered the second type of 
Deficiency. If not treated, Empty Qi may 
progress to a more serious Deficient condition 
known as Qi Sinking. This condition results in 
symptoms such as tiredness, listlessness, and 
mental depression, and may eventually lead to 
the prolapse of one or more of the organs. 

3. Qi Collapse is a subcategory of Deficient Qi 
and is considered the third and most severe 
type of Deficiency. A Qi collapse exists when 
the Qi is so Deficient that it can no longer hold 
the internal organs in place. This Qi deple- 
tion not only causes a weakness of the body’s 
Righteous Qi, which leads to the prolapse of 
the organs (Stomach, uterus, intestines, rectal 
area, vagina, or Bladder), but also induces pro- 
longed diarrhea, upper abdominal distention, 
and dizziness. 

a. The Collapse of Yin results in pure Fire. 
The main manifestations are abundant 
perspiration and external tissue, which 
is hot to the touch. 

b. The Collapse of Yang results in pure 
Cold. The main manifestations are chills 
and external tissues which are cold to 
the touch. 


EXCESS QI DISORDERS 
An Excess Qi condition is caused from too 
much Qi, which overacts on an organ, affecting 
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its function, and usually produces too much trans- 
formation and Heat in a given organ. This can be 
due to over-energizing the organs and channels, 
from excessive Qigong exercises and meditations, 
or too much energy stimulation during a Qigong 
doctor’s treatment. 


@Q1 STAGNATION DISORDERS 

Qi stagnation exists when the Qi is not flow- 
ing smoothly, and becomes sluggish when mov- 
ing within the body’s channels, organs, or tissues. 
Qi stagnation can be caused by many different 
factors such as: suppressed emotions, trauma, con- 
traction of microorganisms, poor diet, and weak 
digestion. Qi stagnation, over time, results in lo- 
calized pain, distention, cysts, tumors, etc. Qi stag- 
nation disorders have two subcategories: Qi and 
Blood Stasis, and Obstructed Qi. 

1. Qi and Blood Stasis refers to the sensation of 
local pain, heaviness, soreness, distention, and 
compression, which are caused by the stag- 
nant Qi and Blood in certain areas of the body. 
These sensations do not disappear by them- 
selves. This stasis may occur during or after 
Medical Qigong training practice from Qi dis- 
orders and visceral malfunctions. 

2. Obstructed Qi is also considered a subcat- 
egory of Qi stagnation, and exists when the 
Qi becomes so stagnant that it no longer flows. 
At this stage the Qi can not move the Blood. 
This can be caused by trauma, surgery, and 
acute Qi stagnation. 

When Qi becomes obstructed inside the body, 
certain clinical manifestations result, such as: 

¢ Cold Obstruction causes Qi to become fixed 
with local numbness that improves with heat; 

* Damp Obstruction causes Qi to become fixed 
with local swelling; 

* Heat Obstruction causes Qi to become in- 
flamed, red, and swollen; 

* Damp Heat Obstruction is a combination of 
Damp and Heat. It is called “summer Damp 
Heat,” and results in poor appetite, dizziness, 
diarrhea, heaviness of the head, and sensa- 
tions of chest suffocation; 

¢ Wind Obstruction causes migrating pain that 
moves from joint to joint. 
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Figure 22.4. Chart of Rebellious Qi Flow 





REBELLIOUS QI] DISORDERS 

Rebellious Qi disorders manifest as Qi flow- 
ing in the wrong direction (a direction different 
from its normal physiological progression); this 
causes a disturbance within the harmonious flow 
of energy and affects the organs’ functions. The 
symptoms have to be analyzed according to the 
internal organ which is involved. There are two 
types of Rebellious Qi, the Excess and Deficient 
type. Rebellious Qi is categorized as follows: 


DISORDERS OF EXCESS REBELLIOUS QI 
Disorders of Excess Rebellious Qi occur when 
the vital Qi increases and forces the pathogenic 
Qi to move; leading to local sensations of pain, 
soreness, distention, heaviness, cold or heat, which 
can develop during a patient's Qigong practice 
(Figure 22.4). 
DISORDERS OF DEFICIENT REBELLIOUS QI 
Disorders of Deficient Rebellious Qi refers to 
the disorderly flow of Qi and Blood during or af- 
ter the training practice, which causes dizziness, 
fright, a heavy feeling in the chest, shortness of 
breath, shaking limbs, trembling of the hands and 
feet, or fainting. Generally, energy sensitive pa- 
tients know the location and direction of the dis- 
orderly flow of Qi in their tissues. 


TURBID QI 

While transforming and transporting energy, 
the body divides ingested and absorbed Qi into 
Clear and Turbid energy for distribution (keep- 
ing and redistributing the clean, while disposing 
of the turbid). Turbid Qi refers to any dark, murky 
energy which can originate within, or from out- 
side of the body’s organ system, and sometimes 
travels throughout the body’s channel system. 
Turbid Qi attaches to the body’s wounds (physi- 
cal, emotional, or spiritual), manifesting as dark, 
discolored clouds of energy. This energy can ad- 
versely affect the body’s physical, emotional, and 
energetic balance, especially when combined with 
any pathogenic internal or external factor. 
PATHOGENIC SENSING OF TURBID QI 

Feeling the sensations of Turbid Qi is referred 
to as “pathogenic sensing.” This skill is acquired 
by the doctor while projecting energy to his pa- 
tients. While emitting energy, the Qigong doctor 
can sense the patient’s Yuan Qi, as well as the Tur- 
bid Qi inside the patient’s body. This enables the 
doctor to diagnose and treat their patients’ dis- 
eases according to the various Qi sensations, and 
to categorize the patients’ Turbid Qi. The Turbid 
Qi is also called Evil or “pathogenic Qi.” The flow 
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of Turbid Qi within the patient’s channels is char- 
acterized as follows: 
¢ Turbidity flowing with the course of the chan- 
nel indicates transference of Turbid Qi to- 
wards the body’s interior. 
¢ Turbidity flowing against the course of the 
channel indicates the beginning production 
of Turbid Qi. 

Turbid Qi differs from the pathogenic factors 
of infectious diseases referred to in Western medi- 
cine. According to clinical experience, the patho- 
genic sense of Turbid Qi can be classified as: Dry 
or Hot Sensations, Cold or Chilly Sensations, Sore- 
ness or Numbing Sensations, Impure or Foul Sen- 
sations, The Sensations of The Seven Emotions, 
and The Sensations of The Six Climate Conditions. 

1. Dry or Hot Sensations are considered Yang 
signs or symptoms of Heat. This type of Tur- 
bid Qi feels feverish and flaccid; it can cause 
perspiration, irritation, etc. The sensations of 
dry-heat on the body or hands of the doctor 
often cause the doctor to fidget, as if being 
scorched by a fire. It may also serve as an in- 
dicator of syndromes of Excess Heat and hy- 
peractivity of Fire due to a Yin Deficiency. 

2, Cold or Chilly Sensations are considered Yin 
signs or symptoms of Cold. This type of Tur- 
bid Qi feels cold, rigid, and stagnant. It may 
be so cold that the doctor’s fingertips turn cold 
immediately. This coldness transmits from the 
doctor’s fingertips upward, causing shiver- 
ing and contractions of the sweat glands 
(“goose-bumps” ). This gives the doctor a par- 
ticular feeling of cold and discomfort. Cold 
feelings often serve as a message of Deficiency 
and Cold syndromes such as rheumatism, 
rheumatoid disease, Deficiency of the Kidney 
Yang, and certain types of cancer. 

3. Soreness or Numbing Sensation often indicate 
syndromes of hyperactivity of the Liver Yang 
and Excess of Wind, Cold, Dampness or 
Phlegm, as well as arthralgia syndrome and 
cancer. The doctor may experience an uncom- 
fortable feeling of local soreness or pain, 
heaviness, numbness, tingling and itching. 

4, Impure or Foul Sensations can be felt when 


the doctor is standing opposite the patient, or 
when extending energy towards the patient. 
It is an indescribable unpleasant feeling that 
is often felt when the open palm and fingers 
are used to detect a disease. 

5. The Seven Emotions (joy, anger, worry, anxi- 
ety, fear, shock, and grief) in excess will cause 
discomfort to the doctor. During treatment, 
the doctor may detect and feel the different 
natures of these emotional pathogenic Evils 
flowing through the doctor’s body. The doc- 
tor may, for example, have a specific feeling 
of anger if the disorder of the patient is due 
to excessive anger. Once these pathogenic 
emotions are discovered, the doctor must 
purge or disperse them, as well as determine 
their origin, and cause. 

6. The Six Climate Conditions (Wind, Cold, 
Summer Heat, Dampness, Dryness, and Fire} 
will also cause discomfort to the doctor. Dur- 
ing treatment, the doctor may detect and feel 
the different natures of these pathogenic Evils. 
The doctor may, for example, have a specific 
feeling of slippery wet ooze if the disorder of 
the patient is due to Dampness. 


RECTIFYING Q1 DISORDERS 
The primary treatment principles for rectify- 
ing Qi Disorders are as follows: 
* for Qi leakage - tonify 
* for Deficient Qi - tonify 
¢ for Empty Qi - tonify 
¢ for Qi sinking - raise and tonify 
¢ for Collapsed Qi - tonify 
* for Excess Qi - reduce 
¢ for Stagnant Qi - move 
* for Obstructed Qi - move 
* for Rebellious Qi - calm and subdue 
* for Turbid Qi - remove, dredge, and purge 
These are often found in combination with 
other patterns. Here are some examples of treat- 
ing combined patterns: 
* for Excess and Rebellious Qi, reduce Excess 
and calm Rebellious Qi; 
* for Deficient and Rebellious Qi, tonify Defi- 
cient and calm Rebellious Qi; 
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Figure 22.5. Whenever Blood movement is impeded or in excess, disorders in Blood function occur. 





* for Excess and Stagnant Qi, reduce Excess and 
move the Stagnant Qi; 

¢ for Deficient and Stagnant Qi, tonify Deficient 
and move the Stagnant Qi; 

¢ for Excess and Deficient Qi, drain Excess and 
tonify Deficient Qi; and 

* for Rebellious and Stagnant Qi, calm Rebel- 
lious and move the Stagnant Qi. 


DISORDERS OF THE BLOOD 

To understand Blood disorders it is important 
to understand the concept of Blood from the per- 
spective of Traditional Chinese Medicine. In Chi- 
nese Medicine, Blood is different in concept, char- 
acteristics and function from that of Western medi- 
cine. Blood originates from the transformation of 
food and drink by the Spleen, which then trans- 
fers the refined food energy (Gu Qi) to be further 
enhanced by the Heart, Lungs, and air energy. 
Blood is therefore considered a transformation of 
constructive energies. 

Disorders of the Blood can relate to disorders 


of the Qi. Qi and Blood flow together, Qi being 
the active force which makes the Blood circulate 
and keeps it within the blood vessels. Both Qi and 
Blood flow within the channels and blood ves- 
sels, continuously circulating throughout the body 
nourishing, maintaining, and moistening the tis- 
sues. Qi is an energetic form and is considered a 
Yang substance, while Blood is a liquid form of 
energy and considered a Yin substance. The cause 
and progression to Blood disorders can be further 
broken down and classified according to their 
energetic dysfunction (Figure 22.5). There are sev- 
eral types of Blood disorders observed in the clinic 
and are generally described as follows. 


DEFICIENCY OF BLoop 

A Deficiency of Blood exists when the entire 
body, or a particular organ, is insufficiently nour- 
ished by the Blood, or not enough Blood is present 
to nourish the organs and channels, to support 
the Qi. Blood Deficiency is usually caused from 
Blood loss, chronic illness, poor diet, or Spleen Qi 
Deficiency, which weakens the Qi. This in turn af- 
fects the Liver (causing symptoms of dizziness, 
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blurred vision, and numbness) and Heart (caus- 
ing symptoms effecting the mind, memory, and 
Shen). 
Loss oF BLoop 
Loss of Blood is considered a subcategory of 
Deficient Blood. Loss of Blood is caused by Spleen 
Qi failing to control the Blood, resulting in the 
Blood spilling out of the vessels and organs, etc. 
Loss of Blood is divided into two main types: 
¢ Deficient loss of Blood is caused by an insuf- 
ficiency of Qi to hold the Blood. 
¢ Excess loss of Blood, is caused by either Blood- 
Heat pushing the Blood out of the vessels, or 
by Blood stagnation and Yin Deficiency which 
causes the Blood to pool. 
EMPTY BLoop 
Although Empty Blood is a subcategory of 
Deficient Blood, it is considered a serious Defi- 
cient condition, mostly due to the Blood of the 
whole body becoming Deficient. Empty Blood cor- 
responds to a Deficiency of Qi, caused by: 
¢ Inadequate nutrition, 
¢ Loss of Blood through accident or disease, 
* Loss of Body Fluids through excessive sweat- 
ing, urination, vomiting, or diarrhea, 
* Extreme emotions (e.g., rage, terror and 
shock), 
* Blood stagnation, which leads to poor Blood 
circulation. 
Since the Empty Blood fails to nourish the ten- 
dons and muscles, it results in shaking in the ex- 
tremities and head, dizziness, and blurred vision. 


Empty Yin 

Blood belongs to the category of Yin. Because 
Yin Qi has the function of cooling and moisten- 
ing, when an Empty Yin condition is present, the 
symptoms manifest as Excess Heat and Dryness. 
Empty Yin is caused by a weak constitution and a 
poor diet (overcooked foods and hot liquids). The 
organs most likely to be effected by the Empty 
Yin condition are the Kidneys, Lungs, Heart, Liver, 
and Stomach. 
BLOoD STAGNATION 

Blood Stasis exists when the Blood is unable 
to flow smoothly, and becomes obstructed or con- 
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geals. Blood stasis is usually caused by an impact 
trauma, Deficient Blood, stagnant Blood, Blood 
Heat, Blood Cold, or stagnant Qi. It results in lo- 
calized pain which worsens with pressure, swell- 
ing of the internal organs, cysts, and tumors. The 
organ most often affected by Blood stasis is the 
Liver. 


BLoop HEAT 

Blood Heat is mostly due to Liver Heat and 
External Wind. When toxic Heat enters the Blood, 
the Blood may break out of the vessels and cause: 
nose bleeding, hemorrhaging, and broken blood 
vessels. Heat consumes the Blood and Yin, injur- 
ing the tendons and muscles, causing spasms and 
rigidity. The Blood Heat also injures the Govern- 
ing Vessel, Pericardium, and the Shen. 


The Four Main Treatment Principles 
* for a Deficiency of Blood, tonify 
¢ for Empty Blood, tonify 
¢ for Blood Stasis, move Stasis 
¢ for Blood Heat, cool down 


THREE DISORDERS OF BODY 


FLUIDS 

To understand disorders of the Body Fluids it 
is important to understand the concept of Body 
Fluids, from the perspective of Traditional Chi- 
nese Medicine. Body Fluids are a denser form of 
Qi, and depend on Qi for transformation and 
transportation. Qi occupies and directs the move- 
ment of Blood and Body Fluids. The function of 
the Fluids is to moisten and nourish the body’s 
tissues, as well as thin the Blood to prevent stasis. 
Body Fluids are formed from ingested food and 
drink, and are then transported by the energy of 
the Spleen to the Lungs and Small Intestines for 
distribution. 

Disorders of the Body Fluids can relate to dis- 
orders of the Blood. There is a constant inter- 
change between Fluids and Blood, such as, for 
example, a Deficiency of Fluids can be developed 
from a heavy loss of Blood. Body Fluids are di- 
vided into two categories: 
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Figure 22.6. Whenever Body Fluid movement is impeded or in excess, disorders in Body Fluid function occur. 





1. Jin refers to the light, thin, watery, clear, quick- 
moving Fluids and is considered Yang. These 
Fluids are under the control of the Lungs 
which circulate them with the Wei Qi. These 
Fluids also permeate and moisten the skin and 
have the function of warming and nourish- 
ing the muscles. The Upper Burner is respon- 
sible for controlling the Jin transformation and 
moving it towards the skin. The Jin is mani- 
fested in the body in the form of sweat, tears, 
saliva, mucus, and parotid serum. 

. Ye refers to the heavier, thicker, turbid, dense, 
slow moving Fluids and is considered Yin. 
These Fluids are under the control of the 
Middle and Lower Burners, which circulate 
the Ye with the Ying Qi. The Spleen and Kid- 
neys are responsible for controlling the Ye 
transformation. This Fluid lubricates the joint 
cavities (synovial fluid), nourishes and lubri- 
cates the brain and spinal cord (cerebrospinal 
fluid), bone marrow and the orifices of the 
sensory organs (eyes, ears, nose, and mouth). 
There are three primary disorders of Body 


body, or a particular organ, is insufficiently 
nourished by Body Fluids. This is generally 
due to insufficient Yin to create or nourish the 
body’s organs or joints. Deficient Body Flu- 
ids are usually caused by prolonged loss of 
Fluids (sweating, diarrhea, and vomiting), 
prolonged illness, a Heat condition, or a Yin 
Deficiency which leads to Dryness. A 
Deficiency of Body Fluids usually affects the 
Lungs, Kidneys, Stomach, and Large Intes- 
tines. 

2. Excess Body Fluid accumulation is usually 
caused by an Excess Yin and one of three fac- 
tors, or a combination of all of them. They are: 

¢ A Lung Qi Deficiency, which affects the top 
of the body, face and hands, 
¢ A Spleen Qi Deficiency, which affects the 
middle part of the body, and abdomen, 
¢ A Kidney Qi Deficiency, which affects the 
lower part of the body, legs and ankles. 
If there is a Deficiency within one or all three 
of these organs, and the Body Fluid is not able to 
transform properly, it will overflow the channels 


Fluids observed in the clinic, they are described _ and settle under the skin. 
as follows (Figure 22.6). 3. Retention of Phlegm is due primarily to a 
1. Deficient Body Fluids exists when the entire Deficiency of the Spleen failing to transport 


4a9 


SECTION 5: DIFFERENTIAL DIAGNOSIS OF ENERGETIC PRINCIPLES 


and transform the Body Fluids. If Phlegm is 
retained for long periods of time, disease of 
the organs (Substantial Phlegm), as well as 
channels, skin, and joints (Non-Substantial 
Phlegm), can form. 


The Three Main Treatment Principles 
* for Deficient Body Fluids, moisten; 
* for Excess Body Fluids, dry or drain; 
¢ for Retention of Phlegm, resolve. 


TYPES OF PHLEGM 

The concept of Phlegm is an important patho- 
logical and etiological factor in Traditional Chi- 
nese Medicine. If Phlegm is allowed to accumu- 
late and becomes retained within the body, it 
causes disease. 

The main cause of Phlegm formation is Spleen 
Deficiency. If the Spleen becomes weak and fails 
to transform and transport the Body Fluids, these 
will accumulate and transform into Phlegm. How- 
ever, Phlegm formation can also occur if the Lungs 
fail to disperse and lower Fluids, or if the Kid- 
neys fail to transform and excrete Fluids. 

In Traditional Chinese Medicine, there are two 
types of Phlegm: Substantial Phlegm and Non- 
Substantial Phlegm. 

1. Substantial Phlegm is described in ancient 
texts as “having a form.” It can be observed 
as the thick mucus that collects within the 
Lungs and spat out during bronchial infec- 
tions and other Lung diseases. As the Lung 
disease progresses, the patient’s mucus 
changes color, progressing from clear watery 
to yellow and thick, then to green and pussy, 
and finally brown and red. 

2. Non-Substantial Phlegm is described in an- 
cient texts as “having no form.” This type of 
Phlegm can accumulate within: 

« the body’s organs forming stones, 

¢ the joints forming arthritic bone deformations, 
¢ the skin forming lumps or cysts, and 

* the channels causing stagnation of Qi and 

Blood, resulting in numbness. 

Both Substantial and Non-Substantial Phlegm 
can assume different forms of disease, develop- 


450 


ing in accordance to its associations with Heat, 
oe Damp, Wind, Qi, and Fluids. For example: 
1. Phlegm Heat is a type of Substantial Phlegm 
that affects the Lungs, Stomach, or Heart. It 
manifests as yellow sticky phlegm, a red face 
and a red tongue with sticky yellow coating. 

2. Cold Phlegm is a type of Substantial Phlegm 
that affects the Lungs and Stomach. It mani- 
fests as white watery phlegm expectoration, 
cold feelings in the back and extremities, and 
a pale tongue with a white and wet coating. 

3. Damp Phlegm is a type of Substantial Phlegm 
that affects the Lungs. It manifests as a pro- 
fuse white sticky phlegm, feelings of stuffi- 
ness in the chest and epigastrium region, and 
a sticky tongue coating. 

4. Wind Phlegm is a type of Non-Substantial 
Phlegm and is seen in Wind Stroke. It causes 
dizziness, nausea, vomiting, coughing up of 
Phlegm, numbness of the limbs, rattling 
throat, and aphasia. 

5. Qi Phlegm is a type of Non-Substantial 
Phlegm which affects the throat. It manifests 
as a “plum pit” syndrome within the throat. 
Its formation is related to emotional problems, 
created when the Liver Qi rises and stagnates 
within the throat. Its condition manifests as a 
feeling of swelling in the throat, difficulty in 
swallowing, and stiffness in the chest and dia- 
phragm. 

6. Phlegm Fluids is a type of Substantial Phlegm 
which has a fluid or watery nature, and is 
called Yin in Chinese medicine. There are four 
types according to their location: 

Phlegm Fluids located in the Stomach and 

intestines manifest as abdominal fullness, dis- 

tension, and vomiting; 

¢ Phlegm Fluids located above the diaphragm 
manifest as coughing, asthma, edema, and 
dizziness; 

¢ Phlegm Fluids located within the hypochon- 
drium manifest as distension in the hypo- 
chondrium area, with pain and coughing; 

¢ Phlegm Fluids located in the four limbs mani- 
fest as heaviness and pain in the muscles. 


CHAPTER 23 


DIAGNOSIS ACCORDING TO THE FIVE-ELEMENT 


THEORIES 


INTRODUCTION TO THE FIVE 
ELEMENTS 

This method of diagnosis is based on the in- 
terpretation of clinical manifestations according 
to the creative, controlling, invading, and insult- 
ing sequences of the Five Elements. The Five Ele- 
ments are five phases of transition used in Chi- 
nese Medicine and are sometimes referred to as 
the Wu Xing. Wu translates to mean the number 
five, Xing translates to mean a process of move- 
ment or walking. The concept of the Five Elemen- 
tal theory began to first appear in documents in 
China during the Zhou Dynasty (from 1000 to 770 
B.C.). This theory classified tangible and intan- 
gible substances into five categories for observa- 
tion and study, as well as diagnosis and treat- 
ments. 

1. The Wood Element is associated with the ac- 
tive functions of birth in nature’s growth stage 
of development. 

2. The Fire Element is associated with maximum 
functional activity in nature’s growth stage of 
development. 

3. The Earth Element is associated with the func- 
tion of stabilization in nature’s growth stage 
of development. 

4, The Metal Element is associated with nature’s 
declining functions of the growth stage of de- 
velopment. 

5. The Water Element is associated with the 
maximum state of rest in nature’s growth 
stage of development. 

The Five Elemental theory is used to explain 
the classifications and characteristics along with 
the laws of universal cycles (creating, controlling, 
invading and insulting). These interactions are 
studied today in Traditional Chinese Medicine to 
assist the doctor’s diagnosis in comprehending the 
growth and development of the body’s energetic 





Figure 23.1 The Five Elements 


anatomy, physiology, disease processes, and 
symptom development (Figure 23.1). 


THE FivE ELEMENTS AND YIN AND 
YANG THEORY 

It is important to understand the Five Elemen- 
tal theory’s energetic origin and its interaction 
with Yin and Yang Qi to appreciate its energetic 
categorizations. 

The ancient Chinese Qigong masters believed 
that the creation, development, and declining tran- 
sitions of all things throughout the universe were 
the result of the interaction of Yin and Yang Qi. The 
Yin and Yang theory was therefore used to describe 
the opposing, interdependent, as well as waxing 
and waning transitions of all things, especially the 
interactions of the Five Elements (Wood, Fire, Earth, 
Metal, and Water). Fire and Wood are considered 
active Yang elements, while Water and Metal are 
considered quiescent Yin elements. The Earth is 
considered a balance point between Yang and Yin. 
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Qigong doctors assign the Five Elements of Tra- 
ditional Chinese Medicine to the body’s organs and 
tissues. The Five Elements are considered the Jing 
of the body’s Yin and Yang energy pools. Imagine 
each element organ as a pool of liquid energy. The 
energetic movement, much like water, flows from 
element to element. This flowing movement of liq- 
uid energy is considered to be the body‘s energetic 
pulse, moving Qi to and from these pools. 

The rivers of Qi cannot exist without the pools 
of Jing to nourish their flow and function; and the 
pools of Jing cannot act without the rivers of Qi 
stimulating their action. Therefore the principle 
action of the Five Elements is the circulation of 
the Yin and Yang Qi. 

The human body is like a living Taiji symbol 
(see Chapter 21). Its back channels are considered 
Yang; its front channels are considered Yin; and 
its center channel is contained through the ener- 
getic actions of the Taiji Pole. The Taiji Pole pro- 
duces Yang Qi by the inhalation of life-force en- 
ergy through the breath. When Yang Qi reaches 
its peak, it rests, while the Yin Qi begins to in- 
crease. When the Yin Qi reaches its peak and 
comes to rest, then the Yang Qi begins to increase 


Heavenly Qi 


Center Core Five Element 


Taiji Ploe 


Earthly Qi 


Organ Energy 





once more. This continuous interaction of Yang 
energy with Yin energy produces and enhances 
within the body, the Five Elemental organ ener- 
gies of the Liver (Wood), Heart (Fire), Spleen 
(Earth), Lungs (Metal), and Kidneys (Water). 

The first stage of Qigong exercises and medi- 
tations create an energetic transformation which 
regulate, refine, and reduce these Five Elemental 
organ energies into two primary Yin and Yang 
energies known as Fire and Water Qi. The second 
stage of transformation consists of combining the 
Water and Fire energy into one union of Three 
Human Treasures (Jing, Qi, and Shen). This ener- 
getic transformation is responsible for “bringing 
10,000 things into being” (Figure 23.2). In China, 
these meditation stages are used for exploring the 
stimulation of the energetic functions of the cen- 
tral nervous system, the peripheral nervous sys- 
tem, cardiovascular system, digestive system, re- 
productive system, etc. 

The Five Elemental theory assists the Qigong 
doctor in examining the energetic correspon- 
dences for clinical evaluation. This is only one 
phase of clinical observation however, and should 
always be applied with the Yin and Yang theory. 


Jing, Qi 10,000 Things 
and ——— Fundamental 
Shen Organ Systems 


Fire and Water 
Energy 


Figure 23.2 Stages of Energetic Transformation 
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THE CREATIVE OR GENERATIVE 
CYCLE 

Within every Qi cycle each element has two 
main aspects: it is either (1) creating or being cre- 
ated, or (2) restricting and/or being restricted. In 
the process of growth and development, both cre- 
ative and restrictive patterns are needed. With- 
out creation, growth would have no origin, and 
growth without restriction can create harm. The 
creative element is called the Mother, and the ele- 
ment created is called the Child. This is the 
“Mother and Child” relationship referred to in Tra- 
ditional Chinese Medicine. The Creative Cycle is 
generally used for tonification, as the stimulation 
of one organ enhances the function of the next 
(Figure 23.3). The Five Elemental Creative Cycle 
and its organ correspondences are as follows. 

1. The Liver’s element is Wood, which is used 
to create the Heart's element Fire. The Liver 
is the Mother of the Heart, which is the Child. 
The Liver stores the Blood and Blood houses 
the Shen. If the Mother (Liver) becomes Stag- 
nant, the Child’s Heart (Shen) will suffer. 
Clinical manifestations include indecision, ti- 
midity, lack of courage, palpitations, and early 
morning insomnia. 

2. The Heart’s element is Fire, which is used to 
create the Spleen’s element Earth. The Heart 
is the Mother of the Spleen. The Heart’s Qi 
pushes the Blood, thereby helping the Spleen 
in its function of transporting. If the Mother 
(Heart) becomes stagnant, the Child (Spleen) 
will suffer, creating a Spleen Yang Deficiency. 
This is due to failure of Heart Fire in provid- 
ing Heat to the Spleen. Clinical manifestations 
include chills, weakness in the limbs, and 
loose stools. 

3. The Spleen’s element is Earth, which is used 
to create the Lungs’ element Metal. The Spleen 
is the Mother of the Lungs. The Spleen Qi pro- 
vides Gu Qi (food energy from the Earth) to 
the Lungs where it combines with air (energy 
from Heaven) to form Gathering (Zong) Qi. 
If the Mother (Spleen) becomes Deficient, the 
Child (Lungs) will suffer, creating Phlegm 
which obstructs the Lungs. Clinical manifes- 





Figure 23.3 The Five Elemental Creative Cycle 





tations include Phlegm in the chest, cough- 
ing, and general weakness. 

4. The Lungs’ element is Metal, which is used 
to create the Kidneys’ element Water. The 
Lungs are the Mother of the Kidneys. The 
Lungs send Qi down to meet the Kidney Qi, 
as well as Fluids to nourish the Kidneys. If 
the Mother (Lungs) becomes stagnant, the 
Child (Kidneys) will suffer, due to the Kid- 
neys not receiving enough Qi. Clinical mani- 
festations include breathlessness, loss of voice, 
coughing, and asthma. 

5. The Kidneys’ element is Water, which is used 
to create the Liver’s element Wood. The Kid- 
neys are the Mother of the Liver. The Kidneys’ 
Yin nourishes the Liver Blood. If the Mother 
(Kidneys) become Deficient, the Child (Liver) 
will suffer (i.e., Liver Yin Deficiency). Clini- 
cal manifestations include headaches, blurred 
vision, dizziness, and vertigo. 


THE CONTROLLING OR RESTRICTIVE 
CYCLE 

This is a condition in Traditional Chinese 
Medicine where one element brings under con- 
trol, or restrains, a corresponding element, thus 
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ensuring that a dynamic balance is maintained 
among the Five Elements. The element that re- 
stricts is considered successful, while the element 
being controlled is in check. It is commonly re- 
ferred to as “the strong controlling the weak,” and 
is generally used for sedation, to ensure that the 
Creative Cycle does not over-create and cause im- 
balances. The element prior to the Mother is com- 
monly referred to as the Grandmother. In the Con- 
trolling Cycle, itis the Grandmother who controls 
the Child (Figure 23.4). The Five Elemental Con- 
trolling Cycle and its organ correspondences are 
explained as follows. 

1. The Wood absorbs nutrients from the Earth, 
i.e., the Liver (Grandmother) controls the 
Spleen and its paired organ the Stomach 
(Child). Two of the Liver’s energetic functions 
are to help the Stomach “rot and ripen” the 
food and the Spleen to transform and trans- 
port the Gu Qi. 

2. The Earth restricts Water, i.e., the Spleen 
(Grandmother) controls the Kidneys (Child). 
Both the Spleen and Kidneys control the trans- 
formation of Body Fluids. 

3. The Water extinguishes Fire, i.e., the Kidneys 
(Grandmother) control the Heart (Child). The 
energetic aspect of the Kidneys’ Water con- 
trols the energetic balance of the Heart's Fire. 

4, The Fire melts Metal, i.e., the Heart (Grand- 
mother) controls the Lungs (Child). The Heart 
governs the Blood, while the Lungs govern 
Qi (both Qi and Blood mutually assist and 
nourish each other). 

5. The Metal chops Wood, i.e., the Lungs (Grand- 
mother) control the Liver (Child). If the Lungs’ 
Qi is weak it will not descend thus allowing 
the Liver Qi to rise. 


THE INVADING OR OVERACTING 
CYCLE 

This is a condition in Traditional Chinese 
Medicine where an element overacts, overcontrols 
and invades, the element it is supposed to control 
(Figure 23.5). Instead of the role of checking and 
restraining, one element severely attacks another 
element, stealing Qi from its energetic pool. This 
is generally observed in cases of Excess or Defi- 
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Figure 23.4. The Five Elemental Controlling Cycle 


ciency conditions of the organs. The Five Ele- 
mental Overacting Cycle and its organ correspon- 
dences are as follows. 

1. The Wood invades the Earth, ie., the Liver 
(Grandmother) overcontrols the Spleen 
(Child) and its paired organ the Stomach. In 
the clinic, this is commonly called “Liver in- 
vading the Spleen.” Clinical manifestations 
include hypochondriac and epigastric pain 
and distension, irritability, poor appetite, 
loose stool, and a green face color. 

2. The Earth invades the Water, i.e., the Spleen 
(Grandmother) overcontrols the Kidneys 
(Child). This occurs when a Deficient Spleen 
fails to transform and transport Fluids. These 
Fluids accumulate and obstruct the Kidneys’ 
function of transforming and excreting Flu- 
ids. Clinical manifestations include edema, 
difficulty urinating, and a yellow face color. 

3. The Water invades the Fire, i.e., the Kidneys 
(Grandmother) overcontrol the Heart (Child). 
This pattern is almost never seen in clinical 
practice since the Kidneys are rarely in Ex- 
cess. 

4. The Fire invades the Metal, i.e., the Heart 
(Grandmother) overcontrols the Lungs 
(Child). This results in Full Heat in the Lungs. 
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Pulmonary disease can be caused by cardiac 
disorders, this is known as “Fire Overacting 
and Invading Metal.” Clinical manifestations 
include cough with yellow sputum, a feeling 
of Hot sensations, and a red face color. 

5. The Metal invades the Wood, i.e., the Lungs 
(Grandmother) overcontrols the Liver (Child). 
Clinical manifestations include irritability, a 
feeling of distension, fatigue, and a white face 
color. 


THE INSULTING OR COUNTERACTING 
CYCLE 

This is a condition in Traditional Chinese 
Medicine where the elements reverse their restric- 
tive cycle and the Child insults the controlling el- 
ement, the Grandmother (Figure 23.6). This is gen- 
erally observed in cases of Excess or Deficiency 
within the Five Elements. The Five Elemental 
Insulting Cycle and its organ correspondences are Figure 23.5 The Five Elemental Invading Cycle 
as follows. 

1. The Wood dulls the Metal ax, ie., the Liver 
(Child) insults the Lungs (Grandmother). If 
the Child (Liver Qi or Liver Fire) becomes 
stagnant, it can obstruct and prevent the 
Lung’s Qi (Grandmother) from descending. 
Clinical manifestations include coughing, a 
feeling of distension in the chest and hypo- 
chondrium area, and asthma. If pulmonary 
disease is due to the impairment of the Liver, 
it is explained as “Wood Insulting or Coun- 
teracting Metal.” 

2. The Metal controls the spread of Fire, i.e., the 
Lungs (Child) insult the Heart (Grand- 
mother). If the Child becomes Deficient, it can 
cause the Heart Qi (Grandmother) to become 
Deficient. Clinical manifestations include pal- 
pitations, breathlessness and insomnia. 

3. The Fire dries up the Water, i.e., the Heart 
(Child) insults the Kidneys (Grandmother). If 
the Grandmother (the Kidneys’ Yin) becomes 
Deficient, then the Heart (Child) can become 
excessive, giving rise to Heart Empty Heat. 
Clinical manifestations include dizziness, 
lower back pain, night sweating, insomnia, 
malar flushes, and dry mouth (at night). 

4, The Water erodes the Earth, i.e., the Kidneys 











Figure 23.6 The Five Elemental Insulting Cycle 
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(Child) insult the Spleen (Grandmother). In 
this case, the Child (the Kidneys’ Yang) be- 
comes Deficient causing the Grandmother 
(Spleen) to become Deficient. Clinical mani- 
festations include weak limbs, fatigue, edema, 
and loose stools. 

5. The Earth resists the Wooden plow, i.e., the 
Spleen (Child) insults the Liver (Grand- 
mother). If the Spleen (Child) fails to trans- 
form Fluids, a Damp condition can result. This 
Dampness can accumulate and begin to ob- 
struct the flow of the Liver’s Qi (Grand- 
mother). Clinical manifestations include hy- 
pochondriac pain and distension, bile obstruc- 
tion, and jaundice. 


THE FIVE ELEMENTAL TONIFICATION 
CYCLE 

The Five Elemental tonification cycle can be 
used for balancing the life-force energy of the body 
in conjunction with nature. Wood corresponds to 
spring, Fire corresponds to summer, Metal corre- 
sponds to autumn, Water corresponds to winter, 
and Earth corresponds to the late stage of each 
season (late spring, late summer, late autumn and 
late winter). The element Earth is centrally placed, 
associated with the 18 days of transformation at 
the end of each of the four seasons. The object of 
using the Five Elemental Tonification Cycle is to 
support and strengthen the next organ in the cycle 
(Figure 23.7). 


FIVE YIN ENERGETIC ORGAN 
MANIFESTATIONS 

The Five Elemental energies are manifested 
through five different directions of movement. The 
Qigong doctor studies the movements and actions 
of a patient while they are in a meditative state 
(usually a sitting or standing posture), to diagnose 
their energetic disposition. After being in a medi- 
tative state for awhile, the patient’s organs will 
overflow with Qi. When the organs overflow with 
Qi, certain physical reactions are evident, indicat- 
ing which particular element has a problem. 

1. Wood or Liver Qi is responsible for the dispers- 
ing effect of Qi, and is manifested by expan- 
sive outward movements in all directions, caus- 
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Figure 23.7 The Five Elemental Tonification Cycle 





ing the body to sway with gentle and soft mo- 
tions. When the Liver’s energy is overabundant 
the torso makes a gentle, soft movement like a 
pine tree swaying in the wind. This is caused 
by the sprouting and branching manifestation 
of the Liver Qi’s rising warm current. 

2. When Fire or Heart Qi is overabundant, it is 
evident through the physical manifestation of 
the upward ascending actions of the torso 
caused by the flaring up of Yang Heat. This 
affects the energetic body and is manifested 
by upward movements and sometimes jerky 
actions (like a flame crackling in a fire). 

3. Earth or Spleen Qi is generally manifested by 
stable movements, however, when overabun- 
dant, it is evident through movements that 
are both smooth and swift. This allows the 
body to progress in a limber, flexible, and free 
moving action (think of the body movement 
similar to a spinning ball). 

4. When Metal or Lung Qi is overabundant, it is 
evident through the twitching actions of the 
torso and is manifested by contracted, inward 
movements, causing the body to violently jerk 
from side to side (think of the body as a metal 
bell being violently struck). 

5. When Water or Kidney Qi is overabundant, it 
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is evident through the clumsy, awkward, 
heavy downward moving action of the torso 
(think of a waterfall descending onto rocks). 
When the patient's body, unintentionally or 
unconsciously, rocks or sways gently as a result 
of a meditative state, the patient does not feel tired 
upon completing the meditation. However, when 
a patient consciously tries to force relaxation or 
augment the movement of his or her body while 


meditating, he or she will be tired by the end of 
the meditative session. 

Note: While interning at the Medical Qigong 
Ward at the Xi Yuan Hospital in China, ] found it 
fascinating to observe meditating patients display- 
ing the results of both energetic organ manifesta- 
tions or consciously induced augmentation of 
movement. All the above listed energetic mani- 
festations were evident. 
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CHAPTER 24 


OTHER DIAGNOSTIC SYSTEMS AND TECHNIQUES 


DIAGNOSIS ACCORDING TO THE SIx 
STAGES 

This system of diagnosis was formulated by 
Dr. Zhang Zhong Jing in the early Han Dynasty. 
The application of the six stages of diagnosis pro- 
vides the key link in treating febrile diseases which 
are due to an attack of Cold. The six stages are 
described as Tai Yang, Shao Yang, Yang Ming, Tai 
Yin, Shao Yin, and Jue Yin. 
THE THREE YANG SYNDROMES 

The signs and symptoms of these pathological 
changes result from attacks by exogenous factors, 
especially cold weather. The first three syndromes 
describe the pathological changes occurring in the 
six Yang organs and channels (Small Intestine, Blad- 
der, Large Intestine, Stomach, Triple Burners and 
Gall Bladder), and are called the Three Yang Stages. 
In the Three Yang Stages, the pathogenic factors 
predominate, but the body’s energy is still relatively 
strong. The major symptoms are signs of Heat, and 
the treatment is directed at eliminating the patho- 
genic factors. These are the external conditions 
which can progress from the superficial Tai Yang 
Stages to the deeper Shao Yang Stages. 

1. The Tai Yang or Great Yang Stage affects Qi on 
the exterior surface of the body and all three 
Wei Qi levels, This energetic disturbance affects 
the Small Intestine and Bladder Channels and 
organs that govern the exterior of the body. 
Although they are the most superficial chan- 
nels, they are very rich in Wei Qi. 

* Clinical Manifestations of an Attack of Cold 
include: Aversion to cold, stiff neck, head- 
ache, no sweating, fever, body aches, float- 
ing-tight pulse, and shortness of breath. 

The focus of the Qigong treatment is to first 
open the pores to eliminate pathogenic fac- 
tors by purging and dispersing, followed by 
tonification of the Lungs. 


* Clinical Manifestations of an Attack of Wind 
include: Aversion to wind, stiff neck, sweat- 
ing, body aches, floating pulse, and fever. 

The focus of the Qigong treatment is to first 
open the pores to eliminate pathogenic fac- 
tors by purging and dispersing, then to relax 
the muscles for diaphoresis (profuse sweat- 
ing) in order to regulate the Ying and Wei Qi, 
and finally to prescribe herbs (or refer out for 
herbal treatment). 


2. The Shao Yang or Lesser Yang Stage affects 


the interior and exterior levels of the body 
equally. This energetic disturbance affects the 
Triple Burners and Gall Bladder organs and 
channels. The patient experiences an alter- 
ation of fever and chills with a fullness of the 
costal and hypochondriac regions, blurred vi- 
sion, loss of appetite, irritability, and wiry 
pulse with a white-slippery tongue coating. 

The focus of the Qigong treatment is on 
dispersing Heat with purging techniques and 
promoting the production of Body Fluids us- 
ing herbs. 


3. The Yang Ming or Bright Yang Stage affects 


Qi at the interior level of the body. This ener- 
getic disturbance affects the Large Intestine 
and Stomach organs and channels. The 
pathogenic factors transform into Heat. 
Clinical Manifestations of the Bright Yang 
Channel Stage include: Pure Interior Heat 
known as the Four Bigs (fever, thirst, sweat- 
ing, and pulse). In addition the patient also 
experiences an aversion to heat and has a red 
tongue with a yellow coating. 

The focus of the Qigong treatment is on 
dispersing Heat with purging techniques and 
on promoting the production of Body Fluids 
through herbs. 

* Clinical Manifestations of the Bright Yang Or- 
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gan Stage include: Interior Heat and the Four 
Bigs with constipation, profuse sweating, high 
fever which worsens in the afternoon, fullness 
and pain in the abdomen (which becomes 
worse if you press it), and a red tongue with 
a dry, yellow or black coating. 

The focus of the Qigong treatment is on 
eliminating pathogenic factors with purging 
and dispersing techniques, and relieving con- 
stipation. 


THE THREE YIN SYNDROMES 

The second three syndromes are those of the 
Three Yin Channels. They are based on the patho- 
logical changes of the Six Yin Organs and chan- 
nels (Lungs and Spleen, Heart and Kidneys, Peri- 
cardium and Liver). These syndromes are the re- 
flection of pathological changes within the Yin 
and Yang organs, channels, and collaterals. In the 
three Yin stages, the pathogenic factors are still 
present but diminishing. The body’s Qi has be- 
come weakened, and there are Deficient signs of 
Cold. The treatment is focused on strengthening 
the body’s Qi. These are internal conditions that 
progress from the Tai Yin stages deeper into the 
body until they reach the Jue Yin stage. 

1. The Tai Yin or Great Yin Stage affects the Yin 
organs, as the penetration of pathogenic fac- 
tors flow deep into the energetic layers. This 
energetic disturbance affects the Lung and 
Spleen organs and channels, resulting in a 
Deficiency and Cold syndrome. The clinical 
manifestations are: Vomiting and diarrhea, 
abdominal fullness, absence of thirst, and a 
slow, deep pulse with a pale tongue. 

The focus of the Qigong treatment is on 
heating and energizing the Middle Burner and 
dispersing the Cold using herbs. It is also im- 
portant to tonify the patient’s organ Qi. 

2. The Shao Yin or Lesser Yin Stage affects the 
Heart and Kidney organs and channels. Clini- 
cal manifestations are as follows: 

The transformation of Cold Deficiency to Kid- 
ney Yang Deficiency: Aversion to cold, chills, 
cold limbs, diarrhea, listlessness, lethargy, 
abundant-pale urine, deep-fine pulse, and 
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pale tongue. 
The focus of the Qigong treatment is on 


tonifying the patient's organ Qi, preventing 

the Yang from collapsing and treating with 

herbs. 

The transformation of Heat Deficiency to Kid- 

ney Yin Deficiency: insomnia, fever, irritabil- 

ity, dry throat and mouth, scanty-dark urine, 
fine-rapid pulse, and a red tongue without 
coating. 

The Qigong treatment should focus on 
tonifying the patient’s organ Qi, nourishing 
the Yin, and dispersing Fire using herbs. 

3. The Jue Yin or Terminal Yin Stage affects the 
Pericardium and Liver organs and channels. 
This is the final stage of pathogenic invasion 
before the life-force energy vanishes altogether. 

Clinical manifestations are as follows: cold 
limbs, diarrhea, vomiting, pain, feeling of heat 
and energy expanding in the chest, and feel- 
ing of hunger with no desire to eat. 

The focus of the Qigong treatment is on purg- 
ing, tonifying and regulating the patient’s or- 
gan Qi. Applying Cold and Hot herbal medi- 
cines simultaneously can be used to drive out 
the patient’s pathogenic factors and aid in pur- 
gation. Herbal tonics can also be used to in- 
crease the patient's resistance to pathogenic 
diseases and aid in tonification (Figure 24.1). 


DIAGNOSIS ACCORDING TO THE FOUR 
LEVELS 
This system of diagnosis was formulated by 

the famous Chinese physician, Dr. Ye Tian Shi in 
the late 1600’s. These syndromes are used to ex- 
plain the etiology and pathogenesis of febrile dis- 
eases. The differentiation of syndromes pertain- 
ing to the Four Levels of Diagnosis is concerned 
with febrile diseases caused by externally con- 
tracted Heat. Because exogenous diseases are al- 
ways developing and changing, by studying the 
transmission of pathological changes the Qigong 
doctor is able to deduce the prognosis. These four 
levels are identified by four types of energy, and 
are classified as follows: The Wei Qi Level, Qi 
Level, Ying Qi Level, and Blood (Xue) Level. 

1. At the Wei Qi Level (Protective Energy), the 
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Figure 24.1, The Six Stages of Pathogenic Invasion are illustrated here. The invasion of external pathogenic 
factors follows a systematic progression through the body's Six Levels of Qi. 

1. The Great Yang Stage (Tai Yang) 
Affects the Small Intestine and Bladder Organs and channels. At this stage the pathogens are at the superficial 
level of the body's Wei Qi, caused by an attack of Wind and/or Cold Invasion. This stage is considered an 
External Cold Invasion at the Wei Qi level. 

2. The Lessor Yang Stage (Shao Yang) 
Affects the Triple Burners and Gall Bladder Organs and channels. At this stage the pathogens are half Exterior 
and half Interior, flowing in and out of the body, causing alternating chills and fever. This stage is also considered 
an Internat condition at the Qi level. 

3. The Bright Yang Stage (Yang Ming) 


Affects the Large Intestine and Stomach Organs and channels. At this stage the pathogens absorb deeper into 
the body's tissues, transforming into Heat affecting the internal organs and/or channels. This stage is considered 
an Internal condition at the Qi level. 


* Bright Yang Organ Stage: Results in Interior Heat with constipation. 
* Bright Yang Channel Stage: Results in pure Internal Heat with “Four Bigs” (fever, thirst, sweating, and pulse). 


4. The Great Yin Stage (Tai Yin) 
Affects the Lungs and Spleen Organs and channels. At this stage the penetration of pathogenic factors flow deep 
into the energetic layers affecting the Yin organs, invading the Middle Burner (affecting the Spleen} causing a 
Deficient condition. This stage is considered an Internal condition at the Ying Qi level. 

5. The Lesser Yin Stage (Shao Yin) 


Affects the Heart and Kidney Organs and channels. At this stage the pathogenic factors transforms either into 
Coid or Heat, causing further Deficient conditions. This stage is also considered an Internal condition at the Ying 
Qi level. 


¢ Pathogens will transform into Cold due to a Deficiency of Kidney Yang. 
¢ Pathogens will transform into Heat due to a Deficiency of Kidney Yin. 


6. The Terminal Yin Stage (Jue Yin} 


Affects the Pericardium and Liver Organs and channels. At this stage the pathogenic factors continue to deplete 
the body’s life-force energy. This is the final stage of pathogenic invasion before death occurs. This stage is also 
considered an Internal condition at the Blood level. 
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pathogenic Heat invades the outer level of Wei 
Qi, causing the human body to manifest cer- 
tain disorders which are clinically observed 
as fever, aversion to wind and cold, excessive 
or absence of sweating, sore throat, coughing, 
headache, red tongue with thin coating, and 
a floating and rapid pulse. 

The Qigong treatment should focus on 
dispersing pathogenic factors and tonifying the 
exterior by utilizing pungent tastes and cool- 
ing herbs. Points are generally selected from the 
Lungs, Large Intestine, and Bladder Channels, 
as well as from the Governing Vessel. 


. At the Qi Level, the pathogenic Heat continues 


to progress deeper into the body, attacking and 
affecting the Qi system. At this stage, the body 
system is still strong, but the normal functions 
of the Yin and Yang organs are impaired. Be- 
cause of the different functions of the Yin and 
Yang organs the manifestations differ. The three 
conditions associated with this stage of patho- 
genic invasion are as follows: 

Heat in the chest and diaphragm is the first 
stage and is not considered a severe syn- 
drome. The symptoms manifest as fever, 
burning sensation in the epigastrium, thirst, 
and a yellow coated tongue. 

The Qigong treatment should focus on 

dispersing pathogenic Heat accumulated in 
the chest and diaphragm. 
Heat in the Stomach Channel is the second 
stage, and is considered a more severe Heat 
syndrome. These symptoms manifest as Heat, 
thirst, a dry tongue with yellow coating, and 
a slippery, rapid pulse. 

The Qigong treatment should focus on 

purging pathogenic Heat, and tonifying the 
body’s Fluids. 
Heat in the Lesser Yang Channel is consid- 
ered the final stage of Qi invasion. This syn- 
drome is similar to the Lesser Yang Stage of 
the Three Yang Syndromes (according to the 
Six Stages), except that there is Dampness. 

The Qigong treatment should focus on 
purging pathogenic Heat from the Lesser 
Yang Channel, dispelling Dampness and dis- 


persing Phlegm. 


3. At the Ying Qi Level (Nutritive Energy), the 
pathogenic factors have penetrated deeper to 
the level of the Ying Qi and the organs, the 
Blood, blood vessels, and the Heart are there- 
fore all affected. The symptoms in this stage 
are generally caused by the burning up the 
Yin. Clinical manifestations include: irritabil- 
ity, insomnia, mental restlessness, fever that 
worsens at night, dry mouth, absence of thirst, 
faint skin eruptions, a deep red tongue with 
little or no coating, and a fine-rapid pulse. 

Focus the Qigong treatment on purging 
pathogenic Heat from the Ying Qi level, us- 
ing dispersing techniques. As an auxiliary 
method, bleeding may be performed by prick- 
ing the Heart and Pericardium Channels, as 
well as the Governing Vessel. 

4, The Blood (Xue) Level, is the deepest and fi- 
nal level of pathogenic invasion. This stage 
contains the most serious manifestations that 
the disease can cause. Clinical manifestations 
include: high fever, skin that is hot to touch, 
Bloody stool, vomiting of Blood, Blood in 
urine, delirium, skin eruptions of purple or 
black color, a deep red tongue, a fine-rapid 
pulse, and in severe cases convulsions. 

The Qigong treatment should focus on 
purging pathogenic Heat from the Blood us- 
ing bloodletting techniques (points are mainly 
selected from the Heart, Pericardium, Liver, 
Stomach, and Large Intestine Channels, along 
with the Governing Vessel), Cool the Blood, 
relieve convulsions, calm the mind, and re- 
duce pathogenic factors with herbs. 


DIAGNOSIS ACCORDING TO THE 
TRIPLE BURNERS 

This system of diagnosis was developed by 
the famous Chinese physician, Dr. Wu Ju-Tong in 
the late 1700's. This system is concerned with fe- 
brile diseases caused by externally-contracted 
Heat, invading the body’s Triple Burners. This 
Heat syndrome generally proceeds from the Up- 
per Bummer to the Middle and ends up at the Lower 
Burner. However, in cases of diseases due to Damp 
Heat, the pathogenic invasion of Heat begins at 
the Middie Bummer in the Spleen. 


1. The Upper Burner encompasses the body 
from the top of the head to the diaphragm. 
This area includes the Heart, Lungs, Pericar- 
dium, throat and head, and is responsible for 
respiratory and cardiac functions. The Upper 
Burner moves the body’s Clean Qi, circulat- 
ing and distributing nutrients and Qi through- 
out the body like a mist. 

Clinical manifestations of diseases in the 
Upper Burner correspond to those of a patho- 
genic invasion of the Lungs and Pericardium. 

a. When Wind Heat invades the Lungs, it 
is either manifested at the Wei Qi level 
or deeper in the Lungs themselves. The 
symptoms include: fever, sweating, 
coughing, stiffness and pain in the 
chest, wheezing, thirst, a red tongue 
with a yellow coat, and a rapid pulse. 

b. When pathogenic Heat invades the Peri- 
cardium, it is manifested at the Wei Qi 
level. These symptoms include: fever, 
coldness of the limbs, delirium, aphasia, 
burning sensation in the epigastrium, 
and a deep red tongue with spots. 

The Qigong treatment should focus on purg- 

ing pathogenic Heat and dispersing Phlegm. 

. The Middie Burner encompasses the area from 
the diaphragm to the umbilicus. This area in- 
cludes the Stomach, Spleen, pancreas, and Gall 
Bladder and is responsible for digestion, fer- 
mentation, and transformation of food and 
drink into nutrients for distribution. It moves 
the body’s energy, circulating it like a swamp. 

Manifestations of diseases in the Middle 
Burner from pathogenic Heat are divided into 
two syndromes: Heat in the Bright Yang and 
Damp Heat in the Spleen. 

a. Heatin the Bright Yang include: symp- 
toms of interior Heat and the Four Bigs 
(severe excess fever, sweating, thirst, 
and pulse) with constipation, profuse 
sweating, high fever which worsens in 
the afternoon, fullness and pain in the 
abdomen (which becomes worse when 
pressure is applied), and a red tongue 
with a dry, yellow or black coating. 
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b. Damp Heat in the Spleen include: 
symptoms that are identical to the early 
stages of diseases caused by externally- 
contracted Heat. 

The clinical manifestations include: aver- 
sion to cold, fever that worsens in the after- 
noon, a heavy sensation in the head, body and 
limbs, fullness of the chest and epigastrium, 
nausea and vomiting, a white, sticky tongue, 
and floating or slippery pulse. 

The Qigong treatment should focus on 
Heating the Middle Burner, tonifying any 
Deficiency, purging Dampness, and pre- 
scribing herbs. 


. The Lower Burner encompasses the area from 


the umbilicus to the feet. This area includes the 
Liver, Kidneys, Bladder, intestines, external 
genitalia for men, and the uterus for women. 
The Lower Bumer is responsible for filtering 
and eliminating waste products and for repro- 
ductive functions. It moves the body’s Turbid 
Qi, circulating it like a drainage ditch. 
Manifestations of diseases in the Lower 
Burner are caused from pathogenic Heat at- 
tacking the Kidneys or Liver and are divided 
into two syndromes: 
a. Invasion of the Kidneys by pathogenic 
Heat dries up the Kidneys’ Yin causing 
Heat symptoms due to a Yin Deficiency. 
Clinical manifestations include: linger- 
ing fever, hot hands and feet, dryness 
of the mouth, deafness, lassitude, a red- 
peeled tongue, and a rapid, floating or 
empty pulse. 
Focus the Qigong treatment on tonifying 
Yin, and purging the Heat. 
b. Invasion of the Liver by Heat occurs af- 
ter the Kidney Yin has been exhausted. 
A condition known as Liver Wind is 
created. Clinical manifestations include: 
low-grade fever, cold limbs, dry and 
cracked lips, convulsions and trem- 
bling, a dry, reddish-purple tongue, and 
a rapid-deep pulse. 
The Qigong treatment should focus on tonify- 
ing Yin, and purging the Heat and Wind. 
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SECTION 3: DIFFERENTIAL DEAGNOSIS OF ENERGETIC PRINCIPLES 


CHAPTER 25 


CLINICAL EXAMINATION AND DIAGNOSIS 


SENSORY, INTUITIVE AND 


PERCEPTUAL DIAGNOSIS 

Clinical diagnosis can be categorized into two 
primary methods of energetic examination and 
treatment: Sensory Diagnosis and Intuitive and 
Perceptual Diagnosis. The clinical methods of Sen- 
sory Diagnosis are quite prevalent throughout 
China, especially within the acupuncture, mas- 
sage, and herbal clinics. The methods of Intuitive 
or Perceptual Diagnosis, however, have been kept 
secret for many years, and are primarily found 
only within the Medical Qigong clinics. The lat- 
ter methods (Intuitive or Perceptual Diagnosis) 
will be explained later in this chapter. 

The root of any disease can be drawn from its 
complex symptoms and signs, by using the two 
main methods of Sensory and Intuitive and Per- 
ceptual Diagnostic principles. These two main 
methods of diagnosis serve as guidelines for the 
Medical Qigong doctor in clinical evaluation. 
Once the cause and extent of the disease is known, 
a treatment plan can be developed. There are four 
main types of Qigong treatment, which are cho- 
sen according to the treatment goals: 

* a routine treatment (basic or nonspecialized), 

* aspecialized treatment (designed for the spe- 
cific patient and his or her condition), 

* a treatment aimed at etiology, or 

* a treatment focused on alleviating the symp- 
toms and signs. 

It is therefore important to determine and as- 
sess the cause (root) and the manifestations 
(branches) of the patient's disease. 


SENSORY DIAGNOSIS 

Before treatment begins, the Qigong doctor 
performs a clinical intake, examining and evalu- 
ating the patient's condition, using various meth- 


ods of sensory diagnosis. This clinical format in- 
volves taking a history of the patient’s complaints. 
Next the doctor inquires about the patient's medi- 
cal history. The doctor then conducts an exami- 
nation for diagnosis, and devises a treatment prin- 
ciple on which the treatment plan is based, before 
implementing the treatment. 


CLINICAL INTAKE, EXAMINATION AND 
EVALUATION 

It is important that the doctor clearly identify 
the patient’s problem before any treatment may 
be given. Never treat a patient without first mak- 
ing a diagnosis. The diagnosis is developed from 
the doctor’s sensory examination and is evaluated 
according to symptom observation. 

Both the root (the source and cause of the dis- 
ease) and its branches (the symptoms or manifes- 
tations of the disease) should be examined care- 
fully before treating the patient. In the case of an 
emergency, the doctor may choose to treat the ur- 
gent symptom first before treating its source. 

The diagnosis and treatment of each patient 
traditionally begins by observing the patient as a 
whole, followed by an evaluation of the patient's 
individual constitution. Next, the doctor observes 
the symptoms and syndromes of the individual's 
organs. From these observations the cause of the 
disease is determined and treatment is begun. The 
treatment usually focuses on addressing the cause 
of the disease, to return the organ or organ sys- 
tem back into harmony with the rest of the 
patient’s body. This affects changes within the 
patient's constitution and returns him or her back 
to a normal state of health. 

Sensory examination for diagnosis is divided 
into five primary methods: diagnosis by visual ob- 
servation, diagnosis by listening, diagnosis by 
smelling, diagnosis by palpation, and diagnosis 
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by questioning the patient. By looking, listening, 
smelling, touching, and asking the patient specific 
questions, a Qigong doctor is able to diagnose the 
patient’s syndrome (this includes the etiology of 
the disease). 


DIAGNOSIS BY VISUAL OBSERVATION 

1. Observe the patient’s Shen, overall appear- 
ance, spirit, emotional nature, energy field, 
and composure. Look at the Shen of the 
patient’s face; a healthy patient should have 
a brightness or vibrant shininess to his or her 
countenance. The Shen of the face should be 
checked against the state of the patient's eyes. 

2. Observe the patient's eyes, especially the spirit 
in their eyes -- the glitter or dullness, and the 
expression of a controlled or uncontrolled 
emotional state. The eyes manifest the Essence 
of all the organs, and are the messengers of 
the Heart. There are two things to look at in 
the eyes -- glitter and focus. 

a. Are the patient's eyes bright and do 
they glitter? The less the glitter, the 
more long-standing the emotional and 
mental problems. It is said that there are 
three emotions that make the eyes lack 
glitter: sadness, grief, and shock. If the 
patient’s eyes are dull, it looks as if he 
or she is seeing through a mist or film. 

b. Are the eyes focused, is the attention 
sustained and penetrating or uncon- 
trolled? Uncontrolled attention is actu- 
ally worse then having no glitter. If the 
patient has unfocused eyes it means 
that there is an obstruction of the 
patient’s Shen and mind, generally due 
to guilt, preoccupation, or anxiety. It is 
said that Excess joy makes the “eyes un- 
controlled.” 

3. Observe the color of the patient’s face, com- 
plexion, eyes, ears, nose, mouth, tongue, skin 
zones, and ask about the discharges (mucus, 
vaginal, urine, and stool). Anger manifests as 
a greenish tinge on the cheeks or forehead (if 
it is affecting the Stomach); worry manifests 
as a grayish color, pensiveness as a sallow 
complexion, fear as a white complexion (un- 


less combined with Kidney Yin which turns 
the cheeks red). Shock creates a bluish tinge 
on the forehead. A change in the complexion 
often indicates a deeper and longer-standing 
psycho-emotional problem. Also, if the eyes 
show no Shen but the face does, it indicates a 
recent problem. 


. Observe the patient’s body and any outstand- 


ing structural features. Are they thin, emaci- 
ated, obese, or paralyzed? Are there devia- 
tions or obstructions in or on the body, face, 
head, mouth, teeth-gums, eyes, nose, and 
ears? Are there blemishes on the skin? Ob- 
serve the appearance of the nails, hair and so 
on. 


. Observe the way the patient moves. Do they 


shake and tremor? Are they rigid or loose? 
Notice if the movements are fast or slow, and 
so on. When you shake hands upon meeting 
for the first time, are his or her hands clammy 
or dry; is his or her grip strong or weak? 


. Observe the patient’s tongue. Is it cracked, 


serrated, fat, thin, or thick? If you observe a 
central crack, the deeper it is, the more long- 
standing the emotional problem. A red tipped 
tongue can also indicate a Shen disturbance. 


. Observe the patient's channels and points. Are 


there darkened red blotches, blemishes, swell- 
ing, sweat, etc.? 


DIAGNOSIS BY LISTENING 


1. 
2. 


3. 
. Listen to the patient’s words. Do they make 


Listen to the patient’s speech for slurring or 
clarity. 

Listen to the patient’s tone. Is it high, low, 
loud, or quiet? 

Listen to the patient’s tempo. Is it fast or slow? 


sense? Are his or her thoughts well ordered, 
or does the patient change subjects abruptly 
and frequently (if so, the patient may be suf- 
fering from a severe mental disorder). 


. Listen to the patient's respiration. Is it loud, 


strong, weak, or wheezing? 


. Listen to the patient’s cough. Is it loud, dry, 


or wet? 


. Listen to the patient's Stomach and Intestines. 


Are they gurgling or quiet? 


DIAGNOSIS BY SMELLING 

1. Does the patient smell strong, weak, or odor- 
less? Does the patient smell of medications, 
or alcohol? 

¢ For Liver problems, the patient’s body or 
breath will smell like a goat. 

¢ For Heart problems, the patient’s body or 
breath will smell like something has been 
burnt. 

* For Spleen problems, the patient's body or 
breath will smell fragrant or sweet. 

* For Lung problems, the patient’s body or 
breath will smell like fish or a tide pool. 

¢ For Kidney problems, the patient’s body or 
breath will smell rotten. 

DIAGNOSIS BY PALPATION 

1. How does the patient's pulse feel? Is it strong 
or weak? The pulse shows more about the 
patient’s Qi than the state of his or her Shen. 
Because the pulse reflects the short-term state 
of the patient’s Qi, it should always be inte- 
grated with tongue and complexion diagno- 
sis. 

2. How do the patient’s channels and points 
feel? Are there tender areas, movable nodules 
(Qi stagnation), or fixed nodules (Blood stag- 
nation) along the patient’s channels? 

3. How does the patient’s abdomen feel? 

DIAGNOSIS BY QUESTIONING 
1. Ask about the history of the patient’s main 
complaint (illness, disorder, or injury). 

¢ When did it begin? 

¢ What other signs or symptoms accompany it? 

e Ask about the course of the illness, is it im- 
proving or getting worse? 

¢ What makes it better or worse (i.e., pressure, 
warmth, cold, and so on)? 

¢ What other treatments has he or she tried? 
2. Ask about the patient’s general medical his- 
tory. 

* Has the patient had any surgeries? 

Has the patient experienced any past or re- 
cent physical or emotional traumas? 

Ask if the patient is on any medication(s). 

* Ask about self-medication with alcohol or 
drugs. 
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® Ask about his or her current coffee, soft drink 
and sugar intake. 

¢ Ask about the patient's extremities, do they 
feel hot or cold? 

¢ Ask about his or her sweat. 

¢ Ask about his or her thirst. 

¢ Ask about his or her appetite and diet (how 
often does the patient eat, and how regular 
are the meals?), 

* Ask about his or her digestion (gas, belching, 
etc.). 

¢ Ask about his or her stool (loose, well formed, 
hot, smelly, cold, fishy, color, etc.). 

¢ Ask about his or her urine (frequency, ur- 
gency, and color). 

¢ Ask about his or her sleeping patterns (diffi- 
culty falling asleep, remaining asleep, or re- 
curring nightmares). 

¢ Ask for an energetic self-evaluation ona scale 
of 1 to 10. 

¢ Ask about current emotional and mental 
problems or concerns. 

¢ Ask about his or her current physical exer- 
cise program. 


EXAMINATION FOR DIAGNOSIS 

There are certain general principles used by 
all doctors of Traditional Chinese Medicine to be- 
come proficient in diagnostic skills. In Medical 
Qigong therapy, becoming skilled and accurate in 
clinical diagnosis requires the Qigong doctor to 
become proficient in combining perceptual and 
mental skills with spiritual understandings and 
insights. The following is a thorough and system- 
atic approach for arriving at an accurate diagno- 
sis. 

1. Record all information observed and gathered 
as meticulously and impartially as possible. 
When first encountering a patient, be open 
minded, but note all first impressions. 

2. Organize all the information according to the 
Eight Energetic Principles or Five Elemental 
Theories. 

* When diagnosing according to the Eight En- 
ergetic Principles, the doctor should first de- 
termine whether the condition is Yin or Yang 
(chronic or acute), then classify the patient's 
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symptoms according to the condition’s gen- 
eral location (External or Internal), followed 
by the disease’s symptomatic appearance 
(Hot or Cold), and finally, the physio-energetic 
nature of the disease (Excess or Deficient con- 
dition). 

Next, the Qigong doctor focuses on the Yin 
or Yang aspects of the patient's body, in terms 
of the physiological properties of the patient's 
disease, noting which is more affected, the Qi 
and Blood, Yin and Yang organs, etc. 

The Qigong doctor then determines the pre- 

cise depth and severity of the patient's dis- 
ease, observing whether it is the patient's sur- 
face channels which are being affected, or the 
patient's internal organs. If it is determined 
that the condition is an internal problem, the 
Qigong doctor then differentiates the ener- 
getic level of penetration into the patient's 
body. This level of pathogenic penetration is 
diagnosed according to either the Six Stages, 
Four Levels, or the Triple Burners method of 
diagnosis. 
If the doctor is diagnosing according to the 
Five Elemental Theory, he or she should first 
determine the condition of the patient's pulse 
to assess which organ or organs are Excess or 
Deficient. The doctor must then decide 
whether the imbalance is attributed to either 
an individual internal organ or a combination 
of internal organs. If the patient’s pulse does 
not match with the information gathered 
through the examination, the doctor must re- 
consider whether the patient’s disorder will 
in fact conform to a Five Elemental pattern. 


. Evaluate all information: The doctor should 


evaluate the gathered information according 
to the patient’s signs and symptoms, deter- 
mining what is of primary and secondary 
importance. It is in this stage of evaluation that 
the Qigong doctor determines the “root and 
branch” of the patient's disease. If the disease 
is External in origin, the doctor determines 
what pathogenic factors are involved. If the 
disease is Internal in origin, the doctor deter- 
mines whether the cause is emotional, heredi- 


tary, dietary, or an energetic charge remain- 
ing from a previous external disruption. 

Finally, the doctor should determine 
whether the cause of the disease is still active 
within the patient's life. If it still is, the doctor 
must take this factor into consideration before 
treating the patient and prescribing home- 
work. 


DEVISING A TREATMENT PRINCIPLE 

In devising a treatment principle, the Qigong 
doctor should always include the Condition of the 
disease, Location of the disease, and Possible 
Cause of the disease. 

1. The Condition of the Disease refers to the cat- 
egorization of the disease, and may be diag- 
nosed according to a combination of the Eight 
Energetic Principle’s criteria. The patient’s 
condition could, for example, be considered 
Excess or Deficient, Hot or Cold, Internal or 
Extemal, or a combination thereof, such as: 
Excess Heat, Internal Heat, Deficient Heat, etc. 

2. The Location of the Disease refers to the 
physio-energetic level of the patient’s body 
that the disease is affecting (whether it is in 
the Upper, Middle or Lower Burner, or affect- 
ing certain Yin or Yang organs, channels, or 
muscles, etc.). 

3. The Possible Cause of the Disease is either a 
result from a congenital or acquired illness. If 
congenital, consider the patient's DNA pat- 
terns, and all hereditary and ancestral traits. 
If acquired, consider environmental exposure 
to toxic poisons, diet, trauma (physical or 
emotional), electromagnetic fields, etc. 


TREATMENT STRATEGY 

Once the working diagnosis and treatment 
principle has been established, it is time to deter- 
mine a treatment strategy. A treatment strategy con- 
sist in applying the treatment principle. It is the 
foundation from which the Qigong doctor chooses 
the approach in treating the patient's disease (Fig- 
ure 25.1). The doctor will choose to treat the inter- 
nal organs, channels, collaterals, points, and tissue 
areas which are the primary cause of the patient's 
disease. These areas are specifically chosen in or- 


der to facilitate a rapid affect on the patient's dis- 
ease, to purge, tonify, or regulate the tissue area. 


TREATMENT 

The treatment usually focuses on the specific 
cause of the disease and how it affects the patient's 
internal organs. The primary goal is to relieve the 
patient’s symptoms, strengthen the constitution and 
return the patient to a state of wholeness. This pro- 
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cess may involve restructuring the patient's belief 
structure, to emotionally release old traumas. 


AFTER THE TREATMENT 

After treating the patient’s condition, the 
Qigong doctor explains to the patient in clear, com- 
prehensive terminology, what the doctor has dis- 
covered, and his or her approach in rectifying the 
condition. The more the patient understands the 






1. History of the Patient's Complaint 






2. Patient's Medical History 






3. Examination for Diagnosis 






4, Treatment Principle 








5. Treatment Plan 





6. Treatment 


Figure 25.1. Examination, Diagnosis, and Treatment: The Qigong doctor begins diagnosing the patient by taking 
a ‘history of the patient's complaint.” Next the doctor inquires about the “patient's medical history.” Then, the 
doctor begins the “examination for diagnosis,” observing the patient's constitution, symptoms and signs and 
determines the syndrome(s), health and state of the patient’s intemal organs, and the cause of the energetic 
dysfunction. Next, all the acquired knowledge is assessed in accordance with the different diagnostic templates 
of the Eight Parameters, Five Elemental Theory, Qi, Blood and Body Fluid Dysfunctions, etc. and the doctor 
“devises a treatment principle.” Before treating the disease the doctor “develops a treatment plan.” The treatment 
focuses on the specific cause of the disease and how it affects the patient's internal organs. The primary goal is 
to relieve the patient's symptoms, strengthen the constitution and retum the patient to a state of wholeness. This 
entire process is initiated to assist the Qigong doctor in prescribing the correct treatment. 
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doctor’s diagnosis and approach in addressing the 
treatment, homework prescriptions, and sugges- 
tions for life-style modifications, the greater the 
likelihood of a successful healing. 

After the initial treatment, it is important for 
the Qigong doctor to establish a treatment sched- 
ule. This establishes a realistic goal and time frame 
for the therapy. With each treatment, the doctor 
monitors the patient's progress, and may choose 
to modify the treatment approach in accord with 
the patient’s changing condition. 

As the patient’s symptoms improve, the doc- 
tor lengthens the time between treatments. This 
continues until the symptoms are completely re- 
lieved, and the doctor is satisfied that the disease 
will not return. 


ALTERNATIVE TREATMENT 
STRATEGIES 

As the human body is in a constant state of 
change, the doctor’s diagnosis and treatment ap- 
proach will sometimes have to be altered. The 
doctor may also choose to modify each treatment 
according to the patient’s changing symptoms or 
disease development. When choosing alternative 
treatment strategies, it is important that the doc- 
tor choose adjunctive therapies that enhance the 
primary goal of purging, tonifying, and regulat- 
ing the patient's condition. 


INTUITIVE AND PERCEPTUAL 
DIAGNOSIS 


THE METAPHYSICAL DIMENSIONS OF 
MEDICAL QIGONG HEALING 

The dictionary describes “metaphysical” as 
“the study of psychic phenomena beyond the lim- 
its of ordinary or orthodox psychology.” There 
are other dimensions of reality that are very tan- 
gible, and access to them is only limited by fear 
and ignorance. Since theories on the nature of the 
mind and spirit cannot be easily verified or dis- 
proved by intellectual analysis or scientific experi- 
ment, sometimes certain kinds of knowledge are 
disbelieved, ridiculed, and dismissed. The ad- 
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vanced energy theories that are presented in this 
textbook are based upon the five thousand years 
of cultivation and experience of Chinese medical 
healing. The energetic form of Qi is neither good 
nor evil, it is simply another aspect of matter. The 
ancient Chinese Qigong masters refined the abil- 
ity to analyze and diagnose these different forms 
of energy into an effective healing modality. 

The existence of energy and its multidimen- 
sional patterns is embraced and accepted by many 
other cultures and societies, with the exception of 
Western conventional thinking, which is unfamil- 
iar with this unorthodox approach to healing. 

These energetic realms, which form the real- 
ity of the Medical Qigong doctor's clinical heal- 
ings, are actually normal perceptional skills that 
the doctors have developed and trained within 
themselves. These doctors have simply rediscov- 
ered and trained their sensitivity to energies that 
they were open to during childhood. These ener- 
gies encompass more then just the physical world. 
These perceptive skills and abilities of Shen are 
actually our natural, energetic “birthright,” and 
have been with us since birth. Shen Gong skills, 
and all psychic powers, lie within the Eternal Soul 
of an individual, although in most people these 
skills are undeveloped and largely unused. Often 
we fear the most the things we understand the 
least. It has also been my observation that indi- 
viduals are taught to ignore these skills because 
of one or more of the following reasons: 

1. They have become frightened of them, because 
as children they were told that these abilities 
do not exist; 

2. They were told that such abilities were evil, or 
of the ‘devil’; 

3. Unable to understand them, they do not know 
how to integrate them into their personal lives; 

4. They may fear the emotional and spiritual re- 
sponsibility of knowing the truth about them- 
selves and others; or 

5. The known is familiar and therefore more com- 
fortable then the unknown and new. 
Sometimes even facing our own human po- 

tential alarms us so greatly (fear bordering on ter- 
ror) that we are willing to deny empirical evidence 
that these paranormal skills and abilities are real. 


We live, therefore, with a paradox. These paran- 
ormal abilities seem to be part of our nature, yet 
they can disturb us so greatly that we often vio- 
lently reject them. Medical Qigong doctors are 
healers who have learned to accept these paran- 
ormal abilities and direct their energy, spirit and 
psychic skills towards the focus of alleviating pain 
and suffering. They are “wounded healers” who 
have learned to face their fears, and have the cour- 
age to walk through and overcome them. 


THE AWAKENING 

For the Qigong doctor to understand spiritual 
insights, three phases of energetic transformation 
must first be experienced. These three phases are 
collectively known as “the awakening” and are 
described as follows. 

1. The awakening describes the beginning phase 
or “opening” of the Qigong doctors’ Mind and 
Spirit to their energetic potential. This accep- 
tance becomes rooted within the doctors’ in- 
tention, emotion, and thought, and sets into 
motion the correct vibrational field for access- 
ing their higher consciousness. 

2. Entering the inner sanctuary describes the 
phase wherein Qigong doctors begin to receive 
greater clarity of mind and an elevated con- 
sciousness. The doctors receive information on 
a multidimensional level and are now able to 
access, as well as better understand their inner 
core being. This sets into motion the Qigong 
doctors’ understanding of their interconnected- 
ness to everything in the universe. At this point, 
the doctors must accept responsibility for their 
actions and non-actions. 

3. Accessing the Wuji through the Creative Sub- 
conscious Mind describes the Qigong doctors’ 
ability to access and reprogram their Mind 
and core vibration. This sets into motion the 
doctors’ personal contact with their higher- 
self, or Eternal Soul. 


LEARNING INTUITIVE AND 
PERCEPTUAL DIAGNOSIS 

Before beginning the primary methods of In- 
tuitive and Perceptual Energy Diagnosis, it is im- 
portant to understand the initial training needed 
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to access and train these skills. Without an under- 
standing of these subtle energies, the risk of mis- 
diagnosis of the microprojections of life-force en- 
ergy is high. The subconscious mind communi- 
cates within ourselves and the outside world 
through the Three Dantians, by way of three dis- 
tinct mechanisms: 
¢ Physical or kinetic communication is estab- 
lished through the Lower Dantian. 
* Emotional or empathic communication is es- 
tablished through the Middle Dantian. 
¢ Spiritual or intuitive communication is estab- 
lished through the Upper Dantian. 

These three modalities of energetic commu- 
nication must be finely honed into effective, re- 
ceptive listening tools. 

Memories, thoughts, emotions, and knowledge 
are stored in the patient's tissues throughout the 
body at the pre-atomic and pre-cellular levels. They 
are arranged and structured similar to the way 
sounds and images are recorded on the magnetic 
molecules of a video cassette tape. Not only are 
emotions and sounds stored, but tastes, smells, and 
touch can be invoked simultaneously in vivid de- 
tail as the cells are stimulated. The patient feels that 
they are actually reliving the event from the past 
exactly as if it were occurring now. 

The Qigong doctor must be ready to recognize, 
uncover, and be able to feel his or her patient's pain 
when interceding as an empath. Sometimes the 
doctor will not only stumble upon pockets of unre- 
solved pain, but also suppressed memories hidden 
deep within the patient's tissues. When this occurs, 
the doctor diagnoses the patient's toxic emotional 
symptoms through his or her own body and spirit. 
To perform this type of diagnostic technique suc- 
cessfully, doctors must be secure in their established 
emotional boundaries. Otherwise they might project 
their own feelings onto the patient, or absorb the 
patient’s pathogenic energy into their own body, 
where it may become trapped. 

The goal is to absorb and receive the patient's 
symptoms briefly for diagnosis, and then release 
them by exhaling out the mouth (away from the 
patient). This expels the Toxic Qi into the ground, 
and allows the patient's feelings to pass through 
the doctor’s body without harm. 
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The state of consciousness in which the doc- 
tor listens and feels the patient is more impor- 
tant than the technique or modality used. This is 
why there are so many diagnostic tools available 
to assist doctors in their evaluation. The patient's 
body maintains the energetic pattern of trauma 
until it is released and dispersed. The amount of 
energy required to neutralize this traumatic 
charge and return the tissues back to their nor- 
mal state is in direct proportion to the intensity 
of the original trauma. 


RECEIVING AND INTERPRETING THE 
PATIENT’S FIELDS OF BIO- 
INFORMATION 

The human body emits several “bio-fields” 
of energy, varying in density and frequency and 
resonating within a holographic field. Like radio 
waves and other modern technological wave 
transmissions, these fields are encoded with in- 
formation. The key to what we absorb and radi- 
ate lies in the energetic qualities of the rate or fre- 
quency of vibration, amplitude, and wave length 
of these bio-fields. 

The physical world as we know it is made up 
of energetic fields. These energetic fields hold our 
universe together (Figure 25.2}. Matter is simply 
the temporary expression of these energetic fields 
as they interact. The human body consists of Shen, 
Qi, and Jing actively resonating within the cells 
and tissues. Qi, as energy, is considered both sub- 
stantial and insubstantial. Qi creates matter and 
acts as a medium between matter and spirit; it 
carries their mutual interactions in the form of 
waves, Because matter manifests as a distinctive 
type of consciousness, it operates at discreet lev- 
els of awareness, differing only in its complexity 
of structure and degree of freedom. Matter also 
manifests itself at every level of organization, from 
fundamental particles in physics, to biological 
organisms within the human body. The cells are 
governed by these bio-fields which determine 
their growth. 

Itis the conscious aspect of energy that dictates 
how, where and in what form energy is manifested. 
within the body. This energetic consciousness re- 
leases bio-information which transmits encoded 


472 





Figure 25.2. The Energetic Fields 





information about the patient both internally and 
externally. Form, force, and medium are three as- 
pects of energy held in dynamic patterns by con- 
sciousness. The bio-information released from the 
patient’s consciousness is read and diagnosed by 
the Qigong doctor before treatment begins. 

The body’s bio-information resonation Xin Xi 
or the “message” as it is called in China, is not 
limited by space or time. This Message refers to 
the energy fields that emanate to and from the 
Wuji or Void (infinite space embodied in between 
matter and energy). 

The Wujji is the state of no boundaries, of pure 
openness, of complete oneness. Its essence is emp- 
tiness (as depicted by the empty circle), which re- 
lates to the awareness aspect of our Yuan Shen. 
When it begins to manifest within the relative 
universe of Qi, Yin, and Yang (referred to as Taiji), 
its nature appears as clear light which dispels 
darkness. When it manifests as a pure and tan- 
gible physical form, it appears as an enlightened 
being (saint or immortal) or as the “divinity” in- 
herent within each one of us. 

All of these levels exist within each individual, 
on both a pure level and pathological level. These 
levels can be detected and interpreted by the 
trained Qigong doctor as bio-information resona- 


The Body’s Chemical and 
Electrical Messages Expressed 
through the Five Levels of Bio- 

information 
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1. Jing (form or tangible matter) 
2. Qi (intangible energy) 

3. Shen (spiritual energy) 

4, Wuji (infinite space of the Void) 


5. Dao (Divine Energy) 


Figure 25.3. The Five Levels of Bio-information 








nce. Bio-information resonance is subdivided into 
five levels of expression: 
1. Jing (form or tangible matter) contains the 
least amount of encoded information which 
is emitted at the lowest frequency. 
2. Qi (intangible energy) contains more encoded 
information which is emitted at a higher fre- 
quency than Jing. 
3. Shen (spiritual energy) emits an even higher 
frequency containing still more encoded in- 
formation than Qi. 
4. Wuji (the infinite space of the Void) contains 
even more encoded information than Shen 
which is emitted at a still higher frequency. 
5. Dao (Divine Energy) emits the highest, most 
complete encoded information or Message 
and is the most powerful of all the emissions. 
Medical Qigong views congenital disease as a 
form of distorted bio-informational vibration. The 
body’s cellular systems internally regulate them- 
selves via communication through these coded 
Messages. Messages are sent and received both on 
the energetic level (Shen, Qi, and Jing) and on the 
biochemical-electrical level. These two different lev- 
els interact continuously. Distortions on the ener- 
getic level interfere with the necessary transforma- 
tions of Jing into Qi, Qi into Shen, and vice versa. 
Failures in energetic transformations also affect and 
distort chemical and electrical Messages between 
the different types of cells in the body (blood cells, 
tissue cells, nerve cells, and so on). 

The maturity of the physical body depends 
on the transference of these Messages as the source 
of its evolution. Each time the egg cell divides 


(morula, embryonic, and fetal stages) the Message 
is transcribed into the newly-generated cells. Some 
encoded Messages are transformed but, due to the 
adverse evolutionary conditions or pathogenic 
factors, some become latent. Germ cell Messages, 
however, are not restricted by these evolutionary 
conditions since they multiply, evolve, and trans- 
form at an accelerated pace. 

Information of the body’s disharmonies is re- 
ceived as a distorted, biological resonation, which 
indicates the location and severity of the patient's 
condition. All diagnostic scanning techniques uti- 
lize this type of perception. The body’s cellular sys- 
tems internally regulate themselves via comumuni- 
cation through coded bio-informational signals. 
This biological information exists in energetic, elec- 
trical, and chemical forms which are constantly be- 
ing transformed from one form into another (Fig- 
ure 25.3). The function of Medical Qigong therapy 
is to provide the correct bio-informational instruc- 
tions (or Message) to the patient’s body in the form 
of Qi emission (or coded energetic bio-informational 
signals) to initiate healing. By receiving Messages 
from the patient, the Qigong doctor can project en- 
ergy while receiving and diagnosing the patient's 
energetic patterns. 


ACCESSING THE KNOWLEDGE STORED 
WITHIN THE WU4JI 

When the Qigong doctors emit healing energy 
to the patient, they are sending healing Messages 
encoded within the Qi. When these Messages are 
received by the patient's cells the healing process 
is initiated. Qigong doctors access the knowledge 
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needed to treat patients, by remaining receptive 
to the Messages stored within the patient's Jing, 
Qi, Shen, and surrounding energetic space (Wuji 
or Void). 

Within the energy of the Wuji is the knowl- 
edge stored throughout time. In Medical Qigong 
practices, accessing the knowledge of the Wuji is 
the Chinese equivalent of the Sanskrit concept of 
accessing the Akashic Records. “Akasha” is a San- 
skrit term used to describe the all-pervasive space 
of the universe. There are two kinds of Void: the 
first type of Void is internal, limited by the mate- 
rial plane (or matter) and can be associated with 
the enveloping of the internal human form. Mat- 
ter can be described as consisting of more space 
then actual physical matter and, therefore, is con- 
sidered infinite in its internal division of energetic 
properties. Within this Void forms the foundation 
for the matter or the body’s personality by way of 
physical forms, sensations, perceptions, mental 
formations, and consciousness. 

The second type of Void is external, unlim- 
ited, beyond all description, unbound by the ma- 
terial, yet contains all things material. It is the ve- 
hicle for all life, resonating through sound and 
light, permeating everything in the universe. In 
the practice of Medical Qigong the Wuji is one of 
three universal principles, along with Qi and Shen, 
which form a trinity of sources of intuitive and 
psychic power. These three universal principles 
also manifest the Eternal Soul, allowing divine 
thought to infuse matter. 

The knowledge of the Wuji records the vibra- 
tional resonance of every action (all thought and 
emotion), as well as light and sound. These ener- 
getic impressions are stored within the astral 
plane. These records exist as impressions in the 
astral / spiritual dimension, providing a sort of ac- 
cessible filing system for those who wish to re- 
ceive information about past history or past lives, 
or even for the examination of their own spiritual 
progress. Admittance to this sea of knowledge and 
wisdom can be triggered in the hypothalamic lim- 
bic system of the brain, and is accessible through 
the energetic stimulation of the third ventricle of 
the Qigong doctor’s brain. 
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The body is composed of literally billions of 
energetic molecules. Each molecule is a hologram 
of ancestral particles, knowledge, and experiences 
existing throughout time, spanning our entire his- 
tory as we know it. These molecules gather to- 
gether to form and create matter. They function 
for specific purposes of life transitions and ener- 
getic interaction, and then dissolve, and transform 
back into Qi and Shen. Each molecule stores its 
energetic experiences, to be later accessed through 
spiritual intention. 

As the molecules gather to form a fetus, en- 
ergy as well as ancestral history is stored within 
the tissues and cells of the child via the environ- 
mental, universal, mother and father’s energetic 
fields. 

Once the Qigong doctor has fused with his or 
her patient, he or she will be able to access spe- 
cific information about the patient through the 
internal connection to the energetic impressions 
of the patient’s Void. This allows the doctor to 
study and learn about the patient’s past history 
of disease formations, as well as the information 
contained within the molecular structures of the 
patient's tissues. 


UNDERSTANDING PAST-LIFE 
REGRESSION 

Although seldom talked about, and much less 
understood, the clinical significance about past- 
life regression is quite important. Psychiatrists 
Sigmund Freud and Carl G. Jung both believed 
that the patients’ worst fears, pain, and traumas 
are buried deep within their unconscious mind. 
Sometimes the patients’ emotional traumas are so 
deeply entrenched that they can only be expressed 
through the energetic presence of a different time- 
space reality. One metaphor used by patients to 
describe this other form of reality is through a 
“past-life trauma.” 

During Medical Qigong treatments, patients 
will sometimes describe traumas or situations that 
do not relate to present life experiences. These 
experiences might be explained through past life 
theories. There are six major theories used to ex- 
plain past-life recall (Figure 25.4). These theories 
are described as follows. 


Past-Life 
Regression 
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1. Projections of the wounded ego 


2. Ancestral traits, inherited skills, and memo- 
ries stored within the molecular structures, 
cells, and energetic prenatal Jing 


3. External emotional histories from other 
people that have been absorbed into the 
subconscious mind 


. The spirit of a past individual's consciousness 
that has been absorbed into the body of the 
fetus upon conception 


5. The spiritually recycled and refined Eternal 
Soul 


. Acombination of some or all of the above theo- 
ries 


Figure 25.4. The Six Major Theories of Past Life Regression 





1. Some Qigong doctors contend that these past- 
life memories are the projections of the patient’s 
wounded ego, used by the subconscious mind 
to assist the patient in dealing indirectly and 
symbolically with life’s present painful experi- 
ences. These are painful memories that are con- 
sciously avoided by the patient, but are neces- 
sary for healing to take place. 

2. Other doctors believe that these past-life phe- 
nomena are the ancestral traits, inherited skills, 
and memories stored within the molecular 
structures, cells, and energetic Prenatal Jing of 
the patient, that periodically surface from time 
to time and generation to generation. 

3. Some doctors believe that apparent memories 
of past-life regressions, as well as of past-life 
traumas, are external emotional histories from 
other people that have been absorbed into the 
patient’s subconscious mind. The patient re- 
sponds like an energetic empath to sensations 
of telepathy, registered by the patient's hypo- 
thalamic limbic system. These external memo- 
ries are triggered when the patient accesses 
the knowledge of the Wuji. 

4. Other doctors believe that the spirit of a past 
individual’s consciousness can be absorbed 


into the body of the fetus upon conception. 

This means that wherever a child is conceived, 

the environmental energy, as well as any na- 

tive hovering spiritual entity, can be im- 

planted into the forming energetic field of the 

fetus. 

5. Other doctors believe that one’s Eternal Soul 
is constantly being recycled and refined 
through generation after generation, con- 
stantly being reborn in order to evolve into a 
higher plane of consciousness. 

6. Still other doctors believe that past-life memo- 
ries can be a combination of some or all of the 
above theories. 

Some patients feel that they experience spon- 
taneous past-life recall through the treatment of 
Medical Qigong therapy. While receiving treat- 
ments or performing Medical Qigong prescrip- 
tions these patients may experience intuitive 
flashes or visions. Whether the patients’ memo- 
ries actually are of their own historical past lives, 
or are reconstructions from subconscious mate- 
rial, is a matter of controversy. The primary ob- 
jective is for the doctor to accept the patients’ re- 
ality, supporting them in this belief system to fa- 
cilitate their healing process. 
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It is the doctor’s responsibility to respect the 
patient’s reality and not impose his or her own 
interpretations on everything the patient says. By 
accessing the knowledge of the Wuji, the doctor 
can assist the patient to connect with and benefit 
from these past life recollections or “reconstruc- 
tions” to facilitate the healing process. Ultimately 
it matters not if the memories are reconstructions 
of subconscious material, true past life events, or 
even telepathic experiences. What is important, 
however, is that these memories are processed, 
learned from, and integrated to promote a better 
balance within the patient. 

PAST-LIFE HEALING THERAPY 

Clinically, past-life regression therapy has been 
effective in treating such problems as chronic fears 
and phobias, detrimental habits and cravings, sup- 
pressed hostility and guilt, depression, the fear of 
death, sexual dysfunctions, chronic pains and head- 
aches, as well as many physical disorders. It is also 
used for understanding relationship problems, since 
the theory maintains that we often meet the same 


souls in different lives (and bodies) until the prob- 


lems are worked out. 

The Qigong doctor is not qualified to perform 
past-life regression therapy. This requires a spe- 
cialist or at least supervision by an expert. The 
Qigong doctor can, however, facilitate healing by 
accepting the patient's experience and validating 
it to prepare the way for the healing process. In 
Medical Qigong therapy, the doctor accepts the 
patient's belief that the causes of his or her present 
physical or psychological problems can be traced 
to past-life traumas or death experiences. The im- 
provement attained through past-life memories 
is said to be achieved through the release of the 
energetic charge that is trapped in the patient's 
body from a former life. This energetic charge 
keeps the patient’s emotions prisoner, chained to 
the old feelings that are associated with the pain- 
ful past-life experience. It is important for the 
Qigong doctor to realize that the same therapeu- 
tic benefits as the retrieval of current-life real 
memories can be achieved by allowing the patient 
to relate any images, impressions and so on, that 
may or may not stem from his or her present life 
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experiences. The foundational base of the emo- 
tional trauma will often be rooted in feelings as- 
sociated with rejection, betrayal, and abandon- 
ment. The psychological and physiological reac- 
tions to the patient's past-life memories, whether 
they be real or contrived, will have a profound 
affect on the patient’s healing. 


LEARNING MEDICAL QIGONG 
TECHNIQUES 

According to Qigong Master Zheng Zhan 
Ding from Beijing, China, when learning Medical 
Qigong techniques, the doctors experience what 
is known as the Three-Part Wisdoms. 

1. The Upper Dantian Wisdom is achieved 
through divine calling. When the full potential 
of the Upper Dantian is tapped, the doctor sud- 
denly finds him or herself able to utilize skills 
and techniques that were previously com- 
pletely beyond his or her ability. This is a major 
energetic breakthrough for the doctor, enabling 
him or her to perform supernatural feats that 
he or she immediately recognizes and accepts 
as part of a personal spiritual calling. 

2. The Middle Dantian Wisdom is achieved 
through inspirational observation. Upon see- 
ing energetic techniques performed, the doc- 
tor immediately establishes an emotional be- 
lief that he or she possesses that same ener- 
getic ability. This is a kind of “if they can do it, 
I can do it" observation and belief structure. 

3. The Lower Dantian Wisdom is achieved 
through practice. This is a type of "practice 
makes perfect” method of transition which 
allows the doctor time to accept and integrate 
new beliefs and abilities through long hours 
of constant practice, observation, and tutelage. 
All Qigong techniques are based on the imagi- 

nation and spiritual belief. It is necessary to cre- 
ate an image (a spiritual belief) within the mind, 
to create a positive environment for healing trans- 
formations (the spirit transforms energy, and en- 
ergy transforms matter). Sometimes the Qigong 
doctor will want to utilize a certain image of his 
or her belief, but because of certain doubts, is un- 
able to bring it into existence. In order to success- 
fully cultivate this image, the doctor must use cre- 


ative thinking to focus his or her life-force energy 
on this specific objective, accept it as true and 
know it will happen. To create this image the doc- 
tor must use his or her imagination, emotional 
feelings, unwavering belief, visualization, affirma- 
tion, and acceptance. 

Energy (Qi) is the bridge between the mate- 
rial and the spiritual, and is the medium through 
which consciousness interacts with the world. 
Through intention, Qi is gathered, focused, and 
used to transform light, sound, and other 
resonations. Through intention, the Qigong doc- 
tor is able to change structural formations, and to 
transform tangible and intangible forms and vice 
versa, to dissolve tumors, cysts, and so on. Of the 
many methods of healing available in Medical 
Qigong, it is important for the Qigong doctor to 
explore the healing skills suited to his or her body 
and personality, to become most effective. Once 
the doctor has learned and mastered these heal- 
ing techniques, he or she will no longer need to 
think about the methods, or when they need to 
be employed, they will become second nature. 


PERCEPTUAL COMMUNICATION 
TRAINING 


Subconscious communications are divided 
into physical, emotional, and intuitive forms of 
interaction and perception. The internal-vision 
techniques required to utilize energetic perception 
in a clinical setting are expressed and enhanced 
through these types of communication. These 
types of communications are realms of perception 
that can be explored, wherein, the Qigong doctor 
is so present in “the moment” that his or her at- 
tention begins to dissolve the perceptual realities 
of all five senses, and begins to perceive and di- 
agnosis patients on a spiritual level. At this level, 
all feelings, sounds, colors, or any combination of 
the doctor’s senses take on new dimensions of 
reality. 

DIAGNOSIS THROUGH DANTIAN 
COMMUNICATION 

Any treatment, exercise, or meditation the 
Qigong doctor prescribes must connect with the 
energetic resonation of the patient's disease. This 
connection is established through the doctor’s 
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ability to communicate with the patient's body via 
the Three Dantians. 

1. The Upper Dantian’s perceptional awareness 
is received through a type of spiritual /intui- 
tive communication. Through this intuitive 
subconscious communication the doctor is 
able to interact and perceive the patient's 
spiritual and energetic disturbances. This al- 
lows the doctor to perceive the patient's spiri- 
tual condition without bias. 

2. The Middle Dantian’s perceptional awareness 
is received through a type of emotional /em- 
pathic communication. Through this em- 
pathic subconscious communication the doc- 
tor is able to interact and perceive the patient’s 
feelings, actively empathizing, listening, and 
hearing what patients communicate about 
their pain and problems. This allows the doc- 
tor to perceive the patient’s true emotional 
condition by bypassing the person's ego. 

3. The Lower Dantian’s perceptional awareness 
is received through a type of kinesthetic com- 
munication. Through this physical subcon- 
scious communication the doctor is able to 
interact and perceive the active condition of 
the patient's physical tissues. This allows the 
doctor to perceive (through his or her hands 
and physical body) the patient’s physical 
symptoms, such as pain, Heat, and so on. 

UTILIZING INTERNAL-YISION AS A CLINICAL 
MODALITY 

The brain has the ability of receiving and re- 
cording the vibrations of any object that the senses 
see, hear, smell, taste or feel. The vibrations of 
light, sound, smell, color, and object’s shape are 
all recorded. This also holds true for thoughts, 
words, and actions. The brain also has the ability 
of reproducing these vibrations and projecting 
them out again through the use of inner vision 
and the imagination. 

Before beginning internal Qi diagnosis it is 
important that the Qigong doctor have a thorough 
understanding of the internal energy’s function 
and flow within his or her own body. Dr. Li Shi 
Zhen pointed out during the Ming Dynasty that, 
“The internal organs and channels can be per- 
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ceived as unobstructed and free from disease only 
by those who can see internally.” 

This is achieved by performing the Nei Guan 
or Internal Viewing Meditation. The purpose for 
internal-vision is to carefully examine, through 
conscious introspection, the energetic flow and 
structure of the body and mind. Most doctors in 
the Ming Dynasty studied the Nei Guan Medita- 
tion as part of their clinical practice to develop 
the light for internal viewing. It is believed that 
light enters the body through the Baihui Point (at 
the top of the head), the Yin Tang Point (the Third 
Eye area) and through both eyes. Since internal- 
vision uses light that has a higher vibration than 
visual light, it is able to penetrate through the skin 
deep into the tissues. 

Many years ago I was truly skeptical of this 
phenomenon, although I met many Qigong mas- 
ters who possessed such skills. After acquiring this 
skill, however, I was able to demonstrate its effec- 
tiveness quite thoroughly while interning in the 
Qigong hospitals of Beijing, China. It is actually a 
simple matter of consistent practice and focused 
concentration which allows this sense of percep- 
tion to become tangible. It is important to remem- 
ber that to know something, one must first think 
it, then feel it in order to integrate the knowledge 
fully. Always watch as an observer, void of emo- 
tional attachment, noticing what is actually there. 
Nei Guan—Internal Viewing Meditation 

The best way to practice the Nei Guan Medi- 
tation is through relaxed, quiescent breathing. 
Begin from a Wuji posture. After quieting the 
mind, relax and focus the imagination. Imagine 
that the left eye is a bright radiant sun, while the 
right eye is a bright and luminous moon. Both the 
sun and moon join together at the Yin Tang (Third 
Eye point). As their energies come together, they 
form a bright white ball. This light actually gath- 
ers around the pituitary gland, illuminating the 
optic chiasm, filling the occipital lobes (for inter- 
nal perceptual vision) and the thalamus (for ocu- 
lomotor control) (Figure 25.5). 

As the light expands it stimulates the corpus 
callosum and penetrates the pineal gland (which 
acts as a projector for internal vision) (Figure 25.6). 
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Third Eye Point 


Figure 25.5. The Internal Viewing Meditation 





Next, focus your intention on directing this ball 
of white light, allowing it to shine down into the 
body, illuminating all the internal organs. This 
enables you to see directly inside your own body 
and view each organ. Observe and feel the ener- 
getic strengths and individual weaknesses of the 
bones, organs, and tissues. Allow both energy and 
information to gather and expose itself through 
the Third Eye region of the Upper Dantian. After 
a while, relax and return to Wu Wei (i.e., No Mind), 
allowing all of these images to settle. 

After a relatively short time of constant prac- 
tice Qigong doctors learn to discern the state of 
their own organs, and are able to regulate their 
own physical and energetic body. This internal 
diagnostic ability sets the foundation for doctors 
to extend their Internal-viewing capability outside 
their own body to use on patients. 


Once this occurs, doctors find it possible to 
effectively diagnose patients while scanning and 
using the Flat Palm Detection technique. The 
patient’s points and areas for diagnosis are re- 
vealed to the doctors through this modality of 
energetic extension. 

When using internal-vision, extend your in- 
tention as deep into the patient as possible, to 
slowly scan the patient's tissues, layer after layer, 
observing any cellular changes and distortions. 
Use the internal light resonating from inside the 
patient's body to identify the pathogenic factors. 
Then, look deeper into the energetic currents to 
find the root and origin of the patient's disease. 

When you use your hands to read the patient's 
internal organs through Flat Palm Detection or 
any other diagnostic modality, it is extremely im- 
portant to use internal-vision to determine the 
severity of the disease. You may observe a spe- 
cific color, texture, or feel pools of emotional en- 
ergy. According to Dr. Zheng Zhang Ding, doc- 
tors will be able to determine the condition of the 
diseased organ by its shade of color. The internal- 
vision colors most commonly observed in inter- 
nal-vision diagnosis are as follows: 

¢ Ared or yellow color represents a healthy or 
normal organ; 

* A white color signals the beginning of ener- 
getic dysfunction, but is not serious enough 
for treatment; 

¢ A gray color signifies sickness; and 

* Ablack color denotes, tumors, cancer, etc. 


APPLICATIONS OF INTUITIVE 
AND PERCEPTUAL QI 


DIAGNOSIS 

There are a variety of methods concerning the 
application of intuitive and perceptual diagnosis 
of diseases. The specific physiological methods 
such as remote sensing, hand detection and physi- 
cal body observation are very popular in the Medi- 
cal Qigong clinics in China today. Five of the most 
favorite modalities of intuitive and perceptual Qi 
diagnosis are described as follows. 
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Figure 25.6. The inner light gathers at the pituitary gland, 
illuminating the optic chiasm, filling the occipital lobes 
and thalamus, stimulating the corpus callosum and 
penetrating the pineal gland. 





DIAGNOSIS BASED ON FLAT-PALM 
DETECTION (HAND SENSING) 

Because the body’s energetic field reflects the 
state of health or dysfunctions of the physical 
body, any changes occurring in the tissues and 
organs are detectable through sensing this ener- 
getic field. Detection of these changes with the 
palm is termed Flat-Palm Detection. 

To perform this technique, the doctor begins 
by asking the patient to take a standing, sitting or 
lying posture. The patient’s whole body should 
be relaxed, the mind focused on breathing natu- 
rally. The doctor positions his or her palm several 
inches from the patient’s energy field, with the 
Laogong Pc-8 point or fingertips facing the direc- 
tion of the patient’s body. 

The doctor then emits a little energy, slowly, 
followed by Pushing, Pulling and Leading ma- 
nipulations used to detect the Qi of the patient’s 
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energetic body. The patient's surface tissue is di- 
vided into upper and lower, left and right aspects. 
The doctor focuses on the surface tissue area first, 
specifically the area corresponding to the region 
of the patient’s disease. The doctor then deter- 
mines the energetic nature of the corresponding 
regions by making comparisons between the sen- 
sations gained in different areas to find where 
energy feels abnormal. Gradually, the doctor’s 
emitted energy is extended deeper into the body 
to purge, disperse, tonify or regulate the patient’s 
organs and organ systems (Figure 25.7). 

The Qigong doctor then analyzes these ener- 
getic sensations, comparing how they feel from 
the different areas of the body (both on the super- 
ficial and deep layers). The doctor categorizes the 
pathological findings (the location, nature, and 
severity of the disease) in accordance with the 
Eight Principles of Diagnosis and the energetic 
patterns of The Five Elemental Theory. 

Feeling a great difference in energy intensity 
between the two sides of the Stomach Channels, 
for example, indicates a Yin and Yang imbalance 
of energy circulation between the left and right 
sides of the body. The Deficiency and Cold syn- 
drome of the Spleen and Stomach may be mani- 
fested by a cold and contracted sensation in the 
epigastric region. 

When an acupuncture needle is inserted into 
an obstructed point the energy grabs the needle and 
vibrates it. Once this energy block is removed, the 
needle ceases to vibrate because the channel is now 
open. This same phenomenon occurs when the 
palm is placed on an area of stagnant Qi. The palm 
vibrates until the obstructed energy is dispersed. 

Energy blocks are commonly cleared by 
dredging in a downward direction from the head 
(Heaven) to the feet (Earth). When treated this 
way, patients will experience a temporary feeling 
of fatigue as the stored toxins are released from 
the body. Tonification is facilitated by bringing the 
energy current up the patient’s body from the feet 
to the head (Earth to Heaven). This action will 
sometimes cause patients to have psychic experi- 
ences and see visions, as the energy enters the 
patient’s Upper Dantian region. 





Figure 25.7. In Flat Palm Detection, the Qigong doctor 
uses the entire palm to sense the condition of his or her 
patient’s internal organs and tissues. 


DIAGNOSIS BASED ON KINESTHETIC 
AND EMPATHIC QI ABSORPTION 

There are some individuals who tend to eas- 
ily absorb the feeling and emotions of other 
people, even without trying. Sometimes when 
treating a patient, a Qigong doctor will inadvert- 
ently ingest a small amount of their patient’s en- 
ergy. As this energy absorbs into the doctor’s body, 
it infuses throughout his or her entire energetic 
field. This energetic fusion sometimes causes the 
doctor to experience abnormal feelings in the lo- 
cations that correspond to the pathogenic areas 
of the patient's body. From these feelings, the doc- 
tor can diagnose the location and the nature of 
the patient's disease. 

To actively perform this method of Kinesthetic 
and Empathic Qi Absorption, the Qigong doctor 
stands facing the patient (Figure 25.8) and projects 
white healing light energy toward the top of the 


patient's head (Baihui GV-20 point). The patient 
is thus enveloped by the white healing light en- 
ergy, from the top of the head, to the bottom of 
the feet. Next, the doctor directs the Qi to flow 
from the bottom of the patient's feet into the bot- 
tom of his or her own feet, absorbing the patient's 
energy. This energetic action forms a complete 
cycle of energy between the doctor and the 
patient's body. The Qigong doctor then begins to 
carefully feel the sensations of the patient’s en- 
ergy in his or her own tissues and organs. The lo- 
cality of abnormal feelings, their shape, and/or 
prominent characteristics reflect the locality and 
nature of the patient's illness. 

Note: It is generally encouraged to avoid this 
type of body detection on cancer patients, because 
the risk of pulling in the patient’s excessively Hot 
pathogens into the doctor’s body is too high, espe- 
cially if the doctor’s energy has become depleted. 


HAND DIAGNOSIS BASED ON BoDY 
ASSOCIATION 

A small percentage of energy absorbed from 
the patient can suffice to diagnose the whole en- 
ergetic system. Because the law of bio-holograms 
holds that one part of the body contains informa- 
tion about the whole (including various parts of 
the body, such as the viscera, Qi, and Blood, etc.), 
information obtained from certain isolated areas 
can reflect the condition of the whole body. Such 
parts may include the hand, foot, eye, ear, nose, 
face, etc. The location on these parts that repre- 
sent different areas and organs are termed as 
“points” or “zones:” they include hand points, 
foot points, ear points, and so forth. 

Hand diagnosis (called Shou Zhen) is used to 
evaluate the physical predispositions and ailments 
of patients. This diagnostic technique first ap- 
peared in Chinese medical literature during the 
Sui Dynasty (618-581 B.C.) from the clinical writ- 
ings of Dr. Chao Yuan Fang, who authored the 
“General Treatise on the Origin and Symptoms of 
Various Diseases.” To begin diagnosis through 
hand-body association, the Qigong doctor first 
neutralizes his or her left palm (by releasing the 
energy into the Earth) to balance and stabilize its 
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Figure 25.8. In Diagnosis based on Kinesthetic or 
Empathic Absorption of the patient’s Qi, the Qigong 
doctor temporarily absorbs the patient’s energy field into 
his or her own body. 





sensitivity. The left hand is generally used for re- 
viewing energy and diagnosing diseases. 

Once the left palm has been neutralized, the 
doctor uses his or her intention to gather the 
patient's Qi into the left palm, distributing the ab- 
sorbed energy evenly throughout the hand. Focused 
concentration on any one specific area of the hand 
should be avoided. The doctor imagines the 
patient’s energy enveloping the left hand and fin- 
gers, like an energetic glove. The doctor carefully 
begins to sense the sensations of the patient’s en- 
ergy on his or her palm. The center and front of the 
doctor’s palm is considered the center and front of 
the patient's body, while the back of the hand is 
considered the back of the patient's body. The doc- 
tor feels various kinds of sensations on specific ar- 
eas of the left palm, which indicate the location of 
the patient's disorders. These different sensations, 
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Figure 25.9. Diagnosis through Hand/Body Association 





such as distention, heaviness, numbness, heat, cold, 
itching, and throbbing correspond with the features 
of the disorders (Figure 25.9). 

While in Beijing, China, I was fortunate to 
study under Qigong Master Zheng Zhan Ding. 
Master Zheng had a remarkable gift for diagno- 
sis and was compassionate enough to share his 
particular skills and training with me and two of 
my senior Medical Qigong students. 

There are many schools of teaching for hand 
diagnosis. I have used several methods with great 
success in diagnosing and treating patients in both 
China and North America. The primary require- 
ment for correct diagnosis is the use of the mind’s 
intention. The imagination sets the foundation for 
the “energetic blueprint” of the patient’s body 
(Figure 25.10). The method for employing this 
technique is described as follows. 

1. Begin to scan the left palm and feel for Hot (Ex- 
cess) or Cold (Deficient) areas. These areas will 
relate to specific locations of illness. The doctor 
begins to treat these regions of disease by us- 
ing one of the following three methods: 
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a. The doctor uses intention to tonify or 
purge the troubled areas inside his or 
her own left palm; 

b. The doctor uses his or her right hand 
(usually with the index and middle fin- 
ger) to tonify or purge the energy from 
his or her left palm; or 

c. The doctor extends and treats the 
patient’s body with his or her right 
hand while reading and diagnosing 
with the left palm. 

2. Another variation of hand diagnosis is prac- 
ticed by first having the patient breathe evenly 
into the Lower Dantian. Next, the patient fo- 
cuses on his or her entire body, while placing 
the right palm (facing outward) towards the di- 
rection of the doctor. The patient is encouraged 
to relax while keeping his or her palm steady. 

The doctor slowly moves the index or 

middle finger of his or her right hand towards 
the patient's right palm. While continuing to 
focus on the patient’s energetic field (emitted 
from the patient’s extended right palm), the 
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Figure 25.10. Front and Back View of the Hand/Body Association 





Qigong doctor gently points to where he or 
she feels a particular energetic sensation (Fig- 
ure 25.11). This special feeling or sensation 
that the doctor is receiving, represents the lo- 
cation of an energetic problem or disease. 
While scanning the patient's right palm, each 
different feeling or sensation represents a di- 
versity of energetic manifestations related to 
the patient's disorder. 


DIAGNOSIS BY OBSERVING AURA 
FIELDS 

Some Medical Qigong doctors use aura read- 
ings to determine the physical, mental, emotional, 
energetic, and spiritual health of the patient. Aura 
colors will sometimes appear in the form of waves 
or other energy patterns (for example: evenly lay- 
ered, blotchy, mixed together, etc.). Aura colors 
are in a state of constant flux, shifting their colors 
and patterns with each shift of the patient’s moods 
and emotional thoughts. These colors merge and 
blend as they fluctuate, weaving in and around 
the patient's field of Wei Qi. 








Figure 25.11. Variation of Finding the Patient's Disease 
Area by Diagnosing the Patient's Hand 
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Figure 25.12. Diagnosis by Observing the Patient's Aura Fields. 


To begin observing auras, ask the patient to 
relax his or her whole body, while sitting or stand- 
ing in front of you. The patient should breathe 
evenly, to release any distractive thoughts, and 
then concentrate on the location of the specific 
disorder. The Qigong doctor focuses his or her 
attention on the space surrounding the patient's 
body, while simultaneously concentrating on his 
or her own Upper Dantian. 

Focusing on the Upper Dantian to view the 
patient's body facilitates seeing the patient's aura 
field. The patient’s aura field may be observed in 
the form of transparent or opaque Qi flow, or 
masses of different densities and colors. This may 
be used as a basis for determining the location and 
features of diseases (Figure 25.12). Each Yin and 
Yang organ will have its own color vibration. 

When the energy of an organ is healthy, the Qi 
color is clean, clear and lucid. When an organ is dis- 
eased its Qi becomes dark gray and turbid. These 


colors reveal whether an organ is in an abnormal 
state and to what extent it has been affected. 


COLOR VIBRATIONAL CLASSIFICATIONS 

The variety of shifting colors can be inter- 
preted according to their density and tone. The 
following chart displays the color frequency cor- 
relation in nanometers. All living organisms vi- 
brate at a frequency between 300-2,000 nanom- 
eters. When analyzed, specific colors emanate 
consistent frequencies and wave forms. The 
slower frequencies register in the infrared light 
spectrum. The highest vibrational frequencies reg- 
ister in the ultraviolet light spectrum (for more 


information see Chapter 4). 
Red 700 nm Infrared 
Orange 600nm 
Yellow 550 nm 
Green 500 nm 
Blue 450 nm 
Violet 400 nm Ultraviolet 


SEEING AURAS AND EMOTIONAL ENERGY 

Seeing auras is a visual phenomenon which 
occurs after many hours of regular Qigong train- 
ing. This ability to see the external energy field is 
not limited to Medical Qigong training; many 
people are born with this special gift. The word 
“aura” literally means “breeze,” manifesting as 
shimmering layers of luminous, colored energy 
that circulate around and penetrate into the physi- 
cal body. These colors are part of the body’s 
biophoton emissions (radiant light energy that 
emanates from all living systems). These colors 
are constantly in motion, reacting to thoughts, 
feelings, emotional patterns, and environmental 
influences. 

Through the stimulation and physical dilation 
of the occipital lobe of the brain, the doctor be- 
gins to develop this unique perceptual ability. In 
the beginning stages the doctor may see energy 
coming off the patient’s body like steam. 

Later, brilliant, luminous colors become vis- 
ible. The doctor is actually observing the infrared 
and ultraviolet radiation color patterns that the 
patient's body emits. The infrared spectrum is just 
below the average body’s visual spectrum, while 
the ultraviolet is just above the average visual 
spectrum. By stimulating and dilation the occipi- 
tal lobe, the visual spectrum expands to include 
the infrared frequency, allowing the doctor to ob- 
serve from a much greater range of colors. 

It has been my personal observation that stu- 
dents who possess a large bump on the back of 
the cranium, specifically between the channel 
points GV-16 and GV- 17, begin to see auras at a 
very early stage. These points are below and just 
above the external occipital protuberance and sur- 
round the internal branches off the occipital ar- 
teries, veins and nerves. When energy fills this 
area, the stimulation and dilation of these nerves 
and arteries causes the visual receptors of the brain 
to observe certain phenomena at a faster rate, 
which causes time to seem to slow down (Figure 
25.13). 

It is very important to note that these obser- 
vations are all possible due to the occipital mem- 
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Figure 25.13, As the occipital lobe fills with Qi, the visual 
spectrum changes. 





branes being dilated. To maintain this dilation the 
doctor must remain calm and relaxed. Any ten- 
sion brought about by stress only diminishes this 
ability. Auras are generally seen through the pe- 
ripheral field of vision. 

If the doctor begins to stare at any particular 
object, focused concentration will contract the 
occipital membranes, causing tension and pres- 
sure that inhibit the dilation process. The secret 
in maintaining this altered state of observation is 
to anchor the mind deep into the ground. By fo- 
cusing the mind on a specific area, focus can be 
shifted to receiving and observing auras in addi- 
tion to extending energy without distraction. 

The following meditation can be used to 
stimulate the occipital membrane and enhance the 
perception of auras. 

Seeing Aura Meditation 

This meditation can be practiced either sitting 
or standing. The mind must be free of all distrac- 
tions and tensions in order for the energy to per- 
meate the occipital lobe. Draw an imaginary line 
from the top of the head (Baihui) down the spine, 
down the back of the legs, out the heels and deep 
into the Earth. This is your mental anchor line 
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which is used to drain your mind of all thoughts 
(Figure 25.14). 

By continuing to drain your thoughts deep 
into the Earth, you free your Yuan Shen to rely on 
intuitive perceptions that allow for this altered 
enhanced peripheral field of vision. This medita- 
tion should be practiced for a period of 15 to 30 
minutes each day to establish a pattern of relax- 
ation. 

As you scan a patient, look to the sides of the 
patient's body, observing the silhouette of the 
outer shell of the patient’s Wei Qi. It is important 
not to stare, but just observe the patient’s exter- 
nal Wei Qi field (e.g., observing where the field is 
large, full, thin, or broken). Sometimes different 
lighting will affect the dilation of the occipital lobe, 
enhancing visual receptivity. 

Next, allow the silhouette to become differ- 
ent colors. Usually, in the beginning, you can see 
only two or three different colors. With time and 
practice you will be able to differentiate more col- 
ors, with finer detail. 

BIAGNOSIS BASED ON THE BoDy‘'s EXTERNAL 
CHANNELS AND AURA COLORS 

Each of the five emotions are related to both 
the Yin and Yang organs and their Yin and Yang 
natures. These five emotions are also related to 
five major colors, both inside and outside of the 
body’s physical structure. By comprehending the 
colors and understanding their connection to the 
emotions of the body, the Qigong doctor can suc- 
cessfully analyze the abundance or depletion of 
energy in his or her patient’s major organs. Not 
only will this reveal the patient’s present psycho- 
logical state of being, but will also expose which 
internal organs are weakened. 

The color chart (Figure 25.15) is used to cor- 
relate the patient’s energetic fields. These colors 
are similar, yet have their own unique variations 
from the physical body’s tissue colors. 

Think of these colors as extensions from the 
original organ pools. The mist of the organ pools 
flows into the body’s aura fields, and can be ob- 
served in the patient’s external energy fields. They 
are generally very vibrant colors and veil them- 
selves around the first two layers of the Wei Qi. 
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Figure 25.14. Root the Mind deep into the Earth. 


Observe their location around the body, whether 
they are static or pulsing. If a particular body or- 
gan malfunctions, or if any disease is present, then 
certain parts of the aura may become dim, murky, 
or produce a dark void. 

It is important to remember that each patient 
has his or her own color schemes. When observ- 
ing the color spectrums of the patient's energy 
field the most important characteristic is the clar- 
ity of the colors. Observe if the colors are sharp, 
murky, or too concentrated. 

The Yang patient's colors will vary in tone and 
brilliance from the color spectrums of Yin patients. 
Each aura adjusts to match the patient’s mood and 
temperament. People also often choose for their 
environment colors that reflect the characteristics 


of their aura and emotional spectrum (e.g., cloth- 
ing, furniture, house, and room color, etc.). 

When using color energy for healing, the Qi- 
gong doctor chooses which specific color to emit, 
e.g., using blue to cool the Qi or red to heat the Qi 
(see Chapter 4). Generally, when treating patients, 
the Qigong doctor will either wear all white 
(which is the combination of all colors, and is used 
to naturally project energy), or all black (which is 
the absence of all colors, and is used to naturally 
absorb energy), but never the color red (the color 
red is too intense or “Hot” for Qi extension). 


DIAGNOSIS BASED ON INTENTION 

The doctor’s own developed inner vision can 
provide a diagnosis through observation of a 
mental image of the patient. The doctor begins by 
observing an image of the patient as a complete 
and whole energy system. Next, the doctor imag- 
ines the energetic form of the patient’s internal 
organs (Figure 25.16). 

If any part or organ is dark or gives a feeling 
of turbidness, this indicates the location of the 
disease. When using this type of energetic diag- 
nosis, the sense of smell, the sense of taste, direct 
perspective, and remote sensing are also helpful 
diagnostic skills to enhance detection. 


LONG DISTANCE MEDICAL QIGONG 
THERAPY 

Long Distance Medical Qigong Therapy has 
been with us for centuries. One of the ministers 
of Huang Di, the Yellow Emperor and patriarch 
of Chinese medicine, was a shaman named Zhu 
You. Zhu You was a famous doctor who advo- 
cated exorcistic prayer over the use of acupunc- 
ture needles and herbs to treat illness. Some schol- 
ars believed that Zhu You practiced Qi emission 
healing at the same time that he prayed for his 
patients. So effective was this healing approach 
that The Yellow Emperor’s Classics states that, in 
ancient times, most illnesses were treated accord- 
ing to the methods of Zhu You. In fact, at one time, 
professional “prayer healers” were once wide- 
spread throughout China. 

There are several schools of thought on the 
modalities of long distance healing. Each school 
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Figure 25.15. The internal organs are each associated 
with a specific aura color. 











Figure 25.16. The Qigong doctor can diagnose the 
patient's body through energetic observation and 
intention. 
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has its own unique, yet extremely effective appli- 
cation of this esoteric skill. 

Although I believe in the effectiveness of prayer, 
atone time I sincerely doubted the existence of long 
distance healing. I was thoroughly convinced that 
it was a matter of projected influential visual and 
auditory input, similar to hypnotherapy. l expected 
the doctor to talk to the patient and have him or her 
close the eyes to facilitate an emotional and mental 
healing over the telephone. The difficulty in this 
kind of healing is that if the patient does not trust 
you, his or her consciousness will not cooperate and 
will sabotage any healing energy extended in his 
or her direction. 

As fate would have it, one of my Medical 
Qigong instructors called me one day. As we were 
conversing, my Kidneys began to heat up. This 
heat was quite intense, and I was extremely 
startled because no prior warning of this particu- 
lar kind of treatment had been given. Yet, I could 
not dismiss the overwhelming searing heat that I 
felt in my lower back, Kidneys, and Mingmen 
area. This healing was done without my conscious 
consent or foreknowledge! My instructor laughed 
and explained that as she was talking to me, she 
was holding a pillow (which represented my 
body) and visualizing treating my Kidneys with 
her right hand. 

At that point, my beliefs surrounding long 
distance Medical Qigong healing began to change 
radically. | began to inquire as to the qualifications 
needed to treat with that modality of therapy. I 
learned from my instructor that long distance en- 
ergy transformation is similar to close range en- 
ergy transformation. The only difference is that 
in long distance healing, the doctor’s faith and 
psychic faculty has to be extremely developed and 
accurate. 

To become proficient at long distance therapy, 
the Qigong doctor must extend his or her thought 
vibration into the atmosphere, which connects 
with the thought vibration of the distant patient. 
Both vibrations collect and blend, drawing to- 
gether at a selected point on, or within, the pa- 
tient, creating and reproducing the patient's en- 
ergetic fields, organs, and tissues. 


Zhu You’s long distance healing through 
prayer may be compared to the effectiveness of 
prayer groups today. Larry Dossey, M.D., for ex- 
ample, documents one double-blind experiment 
involving nearly 400 patients admitted to the coro- 
nary care unit of San Francisco General Hospital 
for heart attacks or suspected heart attacks. These 
patients were evenly subdivided into two groups. 
Both groups received “state of the art” medical 
care; the only difference was that one group was 
prayed for by Protestant and Catholic prayer 
groups throughout the country. These prayer 
groups had only the patients’ first names and 
sketches. The patients in the experimental group 
had no idea they were being prayed for; yet when 
the study was concluded, they experienced sig- 
nificantly fewer complications and deaths than 
did the non-prayed for control group. 
SPACE/TIME AND ENERGY 

To study long distance energetic healing, we 
need to look at a three-dimensional energetic pat- 
tern which includes Positive Space /Time, Nega- 
tive Space/Time, and Energy. 

1. Positive Space/Time Energy includes com- 
monly accepted forms of energy (such as elec- 
tromagnetism, nuclear energy and gravity), 
and all vibrations ranging from extremely 
slow to the speed of light. It includes lower 
vibrations (from inanimate objects) and the 
higher vibrations of thoughts. 

2. Negative Space/Time Energy includes all vi- 
brations which travel faster then the speed of 
light (super-luminal), and accounts for such 
phenomenon as telepathy, psychokinesis, pre- 
cognition, and levitation. In negative space- 
time, particles have a negative mass and are 
known as antimatter. When activated to super- 
luminal speeds, these particles appear to de- 
materialize, and produce a levitation force 
which balances the gravitational effects of posi- 
tive space/time. This also accounts for the 
Qigong doctor’s ability to transmit energy 
through all known force shields (excluding mir- 
rors, due to their ability to reflect light-energy). 

3. Energy and matter form a continuum as does 
space/time. Energy is the medium between 


the positive and negative forms of space. It is 

the medium between which matter and spirit 

interact with the space/time continuum, 
through which heat, light, sound, and reso- 
nant vibrations travel. 

Matter is composed mostly of space with a 
minute amount of mass, bound in a particular 
pattern. This pattern is unique for every form of 
matter, including the human body. Particles of 
matter in the human body are constantly vibrat- 
ing in intermediate stages of energy interaction. 
Consciousness (the qualitative and directional 
aspect of energy), acts as a medium for the Qi- 
gong doctor’s intention to project into the time/ 
space energy field. Consciousness functions as the 
energy source for resonant vibrations which cre- 
ate the physical world. 

To perform long distance healing, the Qi in 
the Lower and Middle Dantians (the body’s Fire 
and Water energy) must overflow and transform 
into Shen. The Shen is then united with the di- 
vine Qi and extended outside the body for long 
distance healing of the patient. This allows the 
energy to cross both spatial and temporal bound- 
aries, thus enabling the Qigong doctor to heal 
patients in the absence of physical contact. 

The first priority in long distance healing, is 
to establish a connection between all three 
Dantians through the absorption of divine Qi into 
the Taiji Pole; this process is called the “empow- 
erment with divine Qi,” or simply, the “hookup.” 
This action surrounds the doctor’s Wei Qi with 
Tian Qi (Heavenly Energy), which then is trans- 
formed into Tian Shen (Heavenly Spirit). 

The doctor then visualizes a long stream of 
white light extending from the Yin Tang (Third 
Eye) point, which connects to the patient’s body 
(Figure 25.17). 

Once the doctor feels this connection, he or 
she may now begin the treatment. The physical 
manifestations of long range healing are the re- 
sult of the Shen affecting the Qi, and the Qi affect- 
ing the body’s Jing. 

LONG DISTANCE SCANNING EXERCISE 

Long distance scanning can be develop by 

practicing the following mediation exercise. 
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Figure 25.17. The Qigong doctor absorbs divine Qi 
through the Baihui area, filling the center Taiji Pole, then 
projects the divine energy out the body through the Yin 
Tang or Third Eye area. 


* The patient sits in front of the doctor. After 
connecting with the divine, close your eyes 
and start to scan the patient’s external and 
internal energetic body. Try to feel the 
patient's different shades of light and differ- 
ent color spectrums, as well as the patient’s 
temperature, projections, resonant vibrational 
essence, and varying qualities of texture in the 
patient's electromagnetic fields. 

* Next, open your eyes and scan the patient, 
comparing and contrasting any differences 
from your initial readings. Continue to prac- 
tice this modality of distant scanning until 
your reading and diagnosing abilities become 
very accurate. Perfecting your long distance 
scanning abilities may require several months 
of training. 
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LONG DISTANCE THERAPY 

To dredge the channels, tonify and regulate 
the patient’s energetic fields using long distance 
energy transformation, the Qigong doctors some- 
times practice the two following meditation exer- 
cises. 

Long Distance Dispersing Meditation 

The doctor begins by placing his or her pa- 
tient in the next room. After the doctor connects 
with the divine, he or she imagines his or her body 
surrounded by a ball of brilliant white light. The 
doctor then extends a stream of this white light 
energy out from the top of his or her head and 
onto the top of the patient’s head, enveloping the 
patient's entire body. 

As this white light energy descends down the 
patient’s body, the doctor visualizes the patient's 
diseased energy dispersing and melting away into 
the ground. The patient’s pathogenic energy is 
extended into the center core of the Earth, where 
it is transformed by the Earth’s center core fire 
and then recycled back into the patient as pure, 
refined Earth Qi. 

Next, the doctor focuses on specific areas of 
the patient’s body. The doctor visualizes any area 
which needs specific attention such as dark areas 
in the patient’s body. The doctor imagines these 
areas becoming brighter until all the dark areas 
are dispersed. After energizing the patient's dis- 
eased area, it is important for the doctor to dis- 
connect from the patient and withdraw his or her 
projected Shen (Spirit) back into his or her body. 
Long Distance Purging Meditation 

The doctor begins by sitting on the edge of a 
chair with both feet firmly on the ground. Next, 
the doctor brings both palms up in front of his or 
her body, at throat level (middle fingers pointing 
straight upwards), and imagines a ball of white 
light suspended in-between the palms. 

The doctor now pulls the Heavenly Qi to- 
wards the center of the ball via the fingers. As the 
ball fills completely, the doctor imagines the Ex- 
cess Qi beginning to overflow into the center of 
his or her palms (Laogong points), descending 
down the arms and spine, and collecting into his 
or her Kidneys and Lower Dantian area. The goal 
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is to first collect and store Heavenly Qi in the 
doctor’s Lower Dantian and Taiji Pole (Figure 
25.18). 

To facilitate long distance healing, the doctor 
imagines the patient in the center of the ball of 
light. The doctor focuses on the Excess energy no 
longer overflowing into the palms, but flowing 
into his or her patients body, cleansing, filling, and 
healing the disease (Figure 25.19). 


FAITH PROJECTION AND MEDICAL 
QIGONG THERAPY 

This technique is a combination of both psy- 
chosomatic and visceral healing. It entails speak- 
ing to the patient and establishing a curative rela- 
tionship through belief modalities, similar to those 
of “faith healing” used in the West. 

It is a form of mind projection; the stronger 
the Qigong doctor’s faith and intention, the bet- 
ter the healing will be. It is important for the pa- 
tient to have an extremely strong faith in the doc- 
tor and to feel secure in the healing environment. 
The stronger the patient’s and doctor’s faith, the 
better the healing. 

One popular example of this faith projection 
ability comes from the famous Qigong Master 
Shen Chang. Master Shen, lecturing at a confer- 
ence sponsored by the China Ministry of Broad- 
cast, Film and Television (with hundreds of wit- 
nesses present), extended Qi into a woman pa- 
tient (in her 50’s) with a three inch tumor on her 
leg. As Master Shen began his transmission he 
began to shout “Gone!” Instantly the tumor 
started to shrink. After shouting “Gone!” two 
more times, the tumor had completely disap- 
peared. To the astonishment of everyone, Master 
Shen then shouted “Grow!” and caused the tu- 
mor to reappear. After this amazing demonstra- 
tion, he then removed the tumor, and completely 
healed the patient. 

Perhaps the body manifests what the mind 
believes and the Heart feels. It then adjusts itself 
according to the belief structure and forms a new 
holding pattern (both physically and energeti- 
cally). Usually, the doctor will say an instructional 
phrase four times to the patient, intensifying his 
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Figure 25.18. The Qigong doctor imagines creating a 
ball of divine healing white light, suspended between 
his or her palms. 





or her intention and instruction each time. The 
doctor’s intention begins to reprogram the hold- 
ing patterns of the tissues by shocking the system 
into a new and healthier pattern; a kind of “Be 
Healed Now!” approach. It is important to know 
that the energetic field surrounding the patient is 
strongly affected by either positive emotions and 
support, or negative emotions, suspicion and dis- 
belief. 

To illustrate this fact, 1 would like to recall an 
incident that took place in a Santa Cruz bible col- 
lege in the late 1980's. One morning a colleague 
was lecturing in an auditorium full of 250 young 
seminary students. Suddenly, the back door of the 
auditorium swung open, and a young woman 
carrying a small baby came walking in. She was 
crying, and asked for help. She told my colleague 
that “God” had spoken to her in a dream and told 
her that if she came to this particular bible college 
and asked for help, that he would heal her child 
of a serious disease. 
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Figure 25.19. The Qigong doctor imagines that his or 
her patient is positioned in the center of the ball of divine 
healing light. 


My colleague was both startled and shocked. 
Not knowing what to do, or even how to handle 
the situation, he quickly turned the meeting over 
to a local spiritual elder who was monitoring the 
lecture. This elder, seasoned in these types of spiri- 
tual phenomena, again asked the woman what the 
problem was. After hearing her story a second 
time, he informed her that while “God” had not 
spoken to him directly about the situation, he 
would be obedient to whatever “God” wished. 

Next he looked up to the 250 young seminary 
students sitting in the auditorium and stated, “If 
anyone here does not believe that God can and will 
heal this child instantly, please leave now.” All but 
three seminary students left the auditorium. The 
elder called to the three remaining students to join 
him with my colleague in praying for the baby. The 
child was instantly healed (a follow-up visit con- 
firmed this fact), and the mother left, smiling. My 
colleague, perplexed by the whole event, turned to 
the elder and inquired as to how he knew what to 


491 


SECTION 3: DIFFERENTIAL DIAGNOSIS OF ENERGETIC PRINCIPLES 


do. The elder responded, “Even Jesus, who was the 
greatest healer of all time, couldn’t heal in his own 
home town because of everyone's disbelief. Here 
in this auditorium it would have been five of us 
who had the faith in healing, versus 247 who were 
skeptical and full of doubt. It is better to have a few 
with great unwavering faith than to have many with 
little faith at all.” 


AUXILIARY MEDICAL QIGONG 
HEALING MODALITIES 

The following are auxiliary Qigong modali- 
ties used by various Qigong doctors in hospitals 
and clinics, as well as their personal practices 
throughout China. 

One of the methods used for these Medical 
Qigong therapies is the projection of Qigong Mes- 
sages into specific material objects (i.e., a liquid, 
food, a scroll of calligraphy, a talisman, a cloth, a 
necklace, etc.). Once the object contains the Qigong 
doctor’s Message it will have a powerful effect 
on the patient’s body. This is a form of “transmis- 
sion of intention” which is a form a Qi and Shen 
projection. Qi and Shen projection transcend time 
and space, lasting an indefinite amount of time 
depending upon the belief of the Qigong doctor 
and patient. 

Certain Qigong doctors can transfer their en- 
ergy or “thought message” through works of art. 
lexperienced this technique quite accidently while 
lecturing at the Third World Conference on Medi- 
cal Qigong in Beijing, China in 1996. I was in the 
back of the lecture hall sketching while one 
speaker was sharing his dissertation. Another 
Qigong Master seated in front of me noticed my 
artwork and asked to see it. Curious as to what 
he would do, I gave him my notebook. He placed 
his hand above my drawing and began project- 
ing Qi into the picture. Immediately energy 
flooded my being from head to toe. I was literally 
vibrating all over, being filled with light and sound 
resonation (that felt similar to a strong electrical 
current). Since my original piece of art contained 
a direct connection to my physical energy, the 
Qigong doctor was able to extend energy into my 
body, by simply projecting his Qi into my artwork. 

The doctor can transmit healing energy 
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through any object which has had contact with or 
was created by the patient. This technique is pos- 
sible because creative artwork, or any object 
touched or created by hand, is imprinted with the 
person’s energy. This energy contains a unique 
blend of the individual’s encoded energy patterns. 
This information regarding the individual can be 
retrieved through psychometry (the act of sens- 
ing the thoughts, images and so on, with which 
the object has been imprinted). A connection to 
the person who created or held the object can thus 
be established through the Wuji. This object can 
then serve as a focusing point to send healing to 
that person, through the doctor’s intent. 

Energy, in the form of waves, is expressed in 
the abstract form of thoughts, accessible to the 
vibrational medium of space and time. This al- 
lows for the energetic transformation of the 
individual’s emotional patterning. 


USING MEDICAL QIGONG TO HEAL BY 
PROJECTING CHINESE CHARACTERS 
There are other Qigong doctors who draw 
specific Chinese characters in the air and send 
them encapsulated in a bright white light ball of 
energy into their patient’s body to initiate heal- 
ing (Figure 25.20). This projected energy is cre- 
ated through the doctor’s intention and is ab- 
sorbed into the patient’s body, through the pa- 
tient’s receptive attitude and desire to heal. 


USING MEDICAL QIGONG WITH 
SUPPLEMENTARY APPARATUSES 

There are certain Qigong doctors who will use 
specific objects ranging from such supplementary 
equipment as rubber acupuncture dolls to pillows, 
in order to perform long distance healing. To uti- 
lize these objects for long distance healing, these 
Qigong doctors place the object, a doll for ex- 
ample, on the table in front of them and begin to 
draw their patient’s Essence (from many miles or 
even across other countries) into the doll. The doc- 
tors then treats the patient by draining off the 
pathogenic excess from the doll (Figure 25.21). 
Once the doctors feel that the patient has been suf- 
ficiently cleansed and the disease dispersed, they 
begin to tonify the patient's weak organs. While 





CHAPTER 25: CLINICAL EXAMINATION AND DIAGNOSIS 





Figure 25.20. Another skill utilized by Qigong doctors, is to create different cotored balls of energy to encapsulate 
specific Chinese characters (or Messages) within them, which are then projected into the patient's body as a form 


of treatment. 





the Qigong doctors work on a patient, you can 
actually feel hot and cold spots emitting from the 
rubber acupuncture doll. Several of my students 
have been able to successfully implement this 
modality of training and find it fascinating. 


USING MEDICAL QIGONG To ENERGIZE 
HEALING CLOTHS 


Some Qigong doctors extend Qi into pieces of 
paper or cloth, to be placed on the patient's body to 
invoke a healing. This is similar to the “prayer 
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Figure 25.21. Some Qigong doctors use a rubber acupuncture doll (man or woman) as an energetic medium, 
while treating patients at a distance. The Qigong doctor is removing pathogenic Qi and throwing it into a glass of 


salt water (used to neutralize the Turbid Qi). 





cloths” and other techniques used today in the Pen- 
tecostal Churches. The energy stored within the 
cloth or paper, will last indefinitely, however, the 
most important component of this type of healing 
is the patient's belief structure (Figure 25.22-23). 
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USING MEDICAL QIGONG WITH CRYSTALS 

The energy in the human body produces a po- 
larity similar to that present in crystals. Because 
crystals emit a very strong white light energy, they 
can be used for energetic surgery, allowing the 
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Qigong doctor to cut into the patient’s energetic 

field like a laser beam. Crystals can additionally 

be used for scooping energetic toxins, cleansing 

and purging the patient’s body, and for cutting 

loose pathogenic Qi within the patient’s tissues 

and external fields of Qi. Crystals can also be used ti 

for tonification, by enhancing the doctor’s ener- 

getic extension and projection abilities. —— 


USING MEDICAL QIGONG TO ENERGIZE LIQUID 
COMPONENTS 

Other Qigong doctors extend their energy into =) 
herbal teas, wines, and 1.V. fluids, as well as simple 
components such as water, to energize and uti- 
lize these liquids for healing. These doctors send Figure 25.22. Emitting Qi into Cloth 
the energized liquid substance to the patient, who 
ingests the medicine to tonify deficiencies. Water 
is an excellent repository for electromagnetic en- 
ergy, and absorbs vibration better then any other 


substance (Figure 25.24). 


USING MEDICAL QIGONG To ENERGIZE Foop 
There is an ancient Chinese proverb which 
poses the question, “Is food medicine or medicine 
food?” Because a basic principle of Traditional 
Chinese Medicine states that anything ingested is 
transformed into energy (Gu Qi) by the body, 
some Qigong doctors extend their energy into the 
patient’s food before it is ingested. This belief is 
not isolated to the Orient, but is also part of the 
Wester culture, hence the practice of praying and 


blessing over food before eating it. Figure 25.23. Emitting Qi into Paper 











Figure 25.24. Emitting Qi into Liquid 
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SECTION VI 
ESTABLISHING THE MEDICAL 
QIGONG CLINIC 


CHAPTER 26 
TREATING THE PATIENT 


SETTING A SPACE/TIME FOUNDATION 

Before treating patients, and to establish a sa- 
cred healing space, the Qigong doctor must first 
bring his or her true self into what is called the 
center of space and the center of time before 
performing the divine hook-up. 

This establishes a foundation for treating pa- 
tients, and allows the doctor to fuse with the pa- 
tient, while accessing the energies of the divine, 
as well as the universal and environmental ener- 
gies. Once this is achieved the doctor can allow 
him or herself to act as an observer, viewing the 
patient from a non-judgemental position. 
FINDING THE “TRUE SELF” 

The Qigong doctor’s “true self” is defined as 
his or her pure innate spiritual existence, void of 
all ego masks and personalities. The “true self” is 
spiritually connected to, and rooted in, the energy 
of the divine. It is the part of the soul that uncon- 
ditionally accepts self and others, and is more in 
the role of a compassionate observer than a judge. 
The “true self” allows the doctor to observe the 
patient's condition (spiritual, emotional, mental, 
energetic, and physical), void of any personal 
emotional biases. The “true self” is a state where 
unconditional love and acceptance is fostered and 
supported by the divine. 

To discover the “true self", the Qigong doctor 
is trained through special Shengong (Spirit skill) 
meditations. One such meditation asks the ques- 
tion “Who are You?” This is repeated over and 
over until the doctor realizes and experiences his 
or her “true self". Who you are is not determined 
through expressing a correct answer, but by actu- 
ally experiencing the spiritual quest. It is through 
the realization of this innate truth, which is inher- 
ent within one’s own enlightenment, that the doc- 
tor is freed from the ego (known as the “Death of 


the Ego Fear”). Once the doctor realizes who he 
or she truly is, the answer is reflected from the 
light within the doctor’s eyes and not through any 
specific mental concepts. There is a saying from 
Lao Zi, written in the Dao De Jing (The Way and 
Its Power) that explains this phenomenon: “The 
Dao that can be named is not the true Dao.” 


FINDING THE CENTER OF SPACE 

Before treating a patient, the Qigong doctor 
must also place his or her body, mind, emotions, 
energy, and spiritual essence into a place of infi- 
nite existence called the center of space. The cen- 
ter of space is actually a spiritual and energetic 
concept, wherein the doctor imagines him or her- 
self as being the actual center of the universe. This 
concept and image maintains that all energy, light, 
and energetic fields extend from the middle of the 
doctor’s center core, expanding outward into in- 
finite space (Wuji). This energy continues to ex- 
tend and envelop the entire universe and all the 
energetic dimensions beyond. 

To access the center of space the doctor must 
place his or her "true self" into the Taiji Pole, con- 
necting the core self with the divine. It is from the 
orientation of the core self that the Qigong doctor 
accesses the deeper, hidden, spiritual, and ener- 
getic fields of the patient’s body. 


FINDING THE CENTER OF TIME 

The final image that the Qigong doctor visu- 
alizes before the divine hook-up is to place him- 
self or herself into the space known as the center 
of time. The center of time is the place of “Now.” 
It is a dimension where infinite future is forever 
flowing into the doctor’s center core, while the 
infinite past is forever rushing away. 

To grasp the center of time concept, think of 
time as a linear progression of light and energy. 
The concept of future time is rushing directly into 
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the front of your body. Within a split second, the 
Yang changes into Yin and the future transforms 
into the past, and continues rushing out the back 
of your body. You must find the still point, inside 
of your body, where Yang transforms into Yin, and 
the future transforms into the past - this is the cen- 
ter of time. From the center of time the Qigong 
doctor brings the patient into the present moment. 
This process enabies the doctor to access the hid- 
den past memories trapped deep within the 
patient's tissues. 


ESTABLISHING THE MEDICAL QIGONG 
TREATMENT ROOM 

Before receiving patients it is important to 
establish an environment that is conducive to heal- 
ing. The density and quality of energy in the heal- 
ing room is a very critical factor. Filling both the 
treatment room and clinic with the energy that 
flows from the Heavens to the Earth sets up an 
energetic vortex. Through the creation of this en- 
ergetic vortex the patient's pathogenic factors will 
automatically flow into the ground once they are 
dispersed from the patient’s body. The more en- 
ergy that the healing room contains, the more suc- 
cessful the treatment will be. It is important to 
cleanse the healing room before and after each 
patient. This cleaning is achieved through the 
doctor’s divine hook-up. 

When establishing a treatment room it is also 
important to have adequate lighting and clean air 
ventilation. Avoid fluorescent lighting; if this is 
impossible, then use a full spectrum light. 

It is important to also keep the patient's liv- 
ing quarters and bed energetically cleansed, as 
pathogens have a habit of collecting in areas of 
sickness and disease. The patient is encouraged 
to burn salt with a little alcohol to cleanse the treat- 
ment room (at least once a day) and fill the room 
with fresh air and light. Often neglected is the liv- 
ing space of the patient. Energetically cleaning the 
entire house or apartment often, during and after 
there has been an illness, allows the toxic energy 
to be purified from the patient's home. 

One example of how energy stagnates is ob- 
served in hospital wards. Each ward has an ener- 
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getic “feeling,” associated with the different types 
of diseases or conditions treated there. The can- 
cer ward, for example, feels entirely different from 
the maternity ward, emergency room, etc. 

The treatment room must also be kept unclut- 
tered, as energy stagnates in cluttered environ- 
ments. Also, after each treatment, always change 
the bedding and energetically clean the clinic or 
treatment room. 


WHEN TO AERATE, ILLUMINATE, OR SMUDGE 

It is important to daily cleanse the energetic 
field of the treatment room. This facilities a fresh 
uncontaminated environment, allowing the next 
patient to feel safe and protected from any previ- 
ous contaminants which may have been left from 
a prior patient. The three most common ways to 
cleanse the clinic before and after each patient (be- 
sides changing the table coverings), are: 

1. Aerate by ventilating the clinic, making sure 
that the air circulation is fresh and clean (free 
from pathogens, Toxic Qi, dust and pollens, 
foul orders, smoke, etc.). 

2. Illuminate by exposing the clinic to bright 
sunlight, or divine healing light (through 
prayer). 

3. Smudging is performed by burning fragrant 
herbs in the form of certain incense (such as, 
sandalwood, myrrh, frankincense, or sage- 
brush, etc.). Remember to aerate after smudg- 
ing. 

The Qigong doctor may wish to incorporate 
either one or several modalities of cleansing. Each 
particular technique offers its own advantages and 
disadvantages, depending on the size and loca- 
tion of the clinic and its surrounding environment. 


ESTABLISHING A RAPPORT WITH THE 
PATIENT 

It is important to establish a foundation of 
trust between the doctor and patient before the 
treatment begins. This trust is enhanced by: Talk- 
ing with the Patient to Establish Treatment Goals, 
Explaining and Reaching Agreements on the 
Treatment Modalities to be Used, Honoring the 
Patient's Spiritual Belief System, Receiving the 
Patient’s Consent Before Treating, Matching the 
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Figure 26.1. Establishing a rapport with the patient begins with trust. 





Patient’s Respiration, Maintaining the Doctor-Pa- 
tient Relationship, and The Four Major Priorities 
of Clinical Qigong Healing (Figure 26.1). 
TALKING WITH THE PATIENT To ESTABLISH 
TREATMENT GOALS 

After completing the diagnosis, establishing 
the treatment principle, and determining the treat- 
ment strategy, the Qigong doctor discusses with 
the patient the treatment goal (i.e., which internal 
organs, channels, and tissue areas are affecting the 
primary cause of the patient’s disease, and how 
to address it). The treatment areas are specifically 
chosen to facilitate a rapid affect on the function- 
ing process of the patient’s disease. The doctor 
explains the intended goal of using the purging, 
tonifying, or regulating techniques, and how they 
will affect the patient's body. 
EXPLAINING AND REACHING AGREEMENTS ON 
THE TREATMENT MODALITIES TO BE USED 

The Qigong doctor explains, in clear, compre- 
hensive terminology, what he of she has deter- 
mined as to the best way of approaching and rec- 


tifying the patient's condition (e.g., having the 
patient in a lying, sitting or standing posture), and 
what treatment modalities the doctor will be us- 
ing {i.e., through Qi Emission, Qigong Massage, 
Sound Therapy, Light Therapy, etc.). 

The more the patient understands the doctor’s 
approach in addressing the condition, the greater 
the likelihood of the patient relaxing during the 
treatment. This explanation also assists the doc- 
tor and patient in developing trust, which will 
encourage the patient when practicing the home- 
work prescriptions, or in receiving suggestions on 
life-style modifications. 

HONORING THE PATIENT’S SPIRITUAL BELIEF 
SYSTEM 

When treating patients, it is important that the 
Qigong doctor not become distracted by the illu- 
sion of solid tissue matter, remembering that we 
are spirit, and that healing begins in this fifth di- 
mension. The primary belief in Medical Qigong 
therapy is that tangible and intangible energy, 
through faith, will merge at the highest level of 
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cultivation. Prayer is an invocation that extends 
the mind, emotion, and spirit to the divine, while 
meditation is a state of mental, emotional, and 
spiritual receptivity for divine inspiration, guid- 
ance, and manifestation. Both actions (prayer and 
meditation) connect the doctor and patient to the 
divine to bring patients back into awareness of 
their body and to initiate divine healing. 

In China, Qigong doctors have a saying, “train 
your virtue and morality to increase your energy, 
allow your Spirit to lead your Qi and the Qi will 
flow pure.” Meaning, the stronger the individual's 
virtue has been developed, the more powerful his 
or her spiritual intention will flow, and Qi move. 

The healing modality choosen by the doctor 
must be congruent with the patient's spiritual 
belief structure. The patient must be connected to 
his or her own unique interpretation of universal 
consciousness (God) in order for divine healing 
to take place. 

When the patient disbelieves in a Higher Power 
— be it God or a universal consciousness — the doc- 
tor can still help the patient heal, providing the pa- 
tient has established sufficient trust and hope in the 
doctor. If the patient feels understood and listened 
to by the doctor, this can empower the patient to 
heal, regardless of his or her own conscious belief 
system. 

If the doctor, on the other hand, does not be- 
lieve that a true healing can take place unless the 
patient believes in a Higher Power or God - then 
no healing will take place, for the doctor will lack 
confidence, hope, and trust. The therapeutic bond 
between the doctor and patient will be broken and 
replaced by a battle of wills. 

For patients who lack faith, applying a hands 
on Qigong technique may be more effective. 
Gradually, over the course of time, the doctor may 
incorporate other healing modalities as greater 
trust is built. 

The Qigong doctor should always begin treat- 
ment in harmony with the patient’s spiritual be- 
lief system (that may change in time), through 
touch, verbal conversation and unconditional love 
(empathy). The doctor should also communicate 
mind to mind, for this will facilitate trust at the 
subconscious level. 


RECEIVING THE PATIENT'S CONSENT BEFORE 
TREATING 

The treatment modalities should be decided 
together by the doctor and the patient. It is im- 
portant for the Qigong doctor to provide the pa- 
tient with enough information about the type of 
therapy he or she will receive, so that informed 
consent can be given for the treatment. This em- 
powers the patient and allows relaxation and trust 
to occur. 


MATCHING THE PATIENT’S RESPIRATION 

Another technique to relax the patient is called 
“matching and pacing.” The Qigong doctor 
matches the patient’s breath and breathing pat- 
terns, and gradually shifts his or her own breath- 
ing to a slower and deeper pace. It is important to 
note that the patient’s physiology affects his or 
her energy, which in tur affects his or her emo- 
tions and respiration. This technique of matching 
the patient’s and doctor’s breath and leading it 
into a state of quiescence is very often used by 
Medical Qigong doctors to relax their patients. It 
not only connects the doctor with the patient on 
an energetic and emotional level, but also provides 
a strong spiritual connection. 

Note: Do not match an asthmatic patient's 
breathing, as this is disruptive to the flow of Qi 
within your own body. 

MAINTAINING THE DocToOR-PATIENT 
RELATIONSHIP 

Whenever the doctor begins to judge or for- 
mulate negative opinions of a patient, he or she is 
no longer operating in the divine “present” state 
of spiritual intuition, but has shifted into the 
“past” (as all judgements are based on past expe- 
riences and emotional encounters). The doctor is 
then in danger of absorbing the discharged ener- 
getic pathogens from the patient, or projecting 
subconscious biased opinions onto the patient. 
Whenever the doctor relates, relives, or orients 
from his or her own personal past (the feelings 
can be either positive or negative), the doctor is at 
high risk of absorbing the patient’s energetic 
pathogens. 

When the patients come to the doctor, they 
are giving their consent for the doctor to learn 


about personal things which the patient has often 
withheld from their mate, family, or even them- 
selves. They are further giving the doctor permis- 
sion to utilize their combined energies to affect 
changes within their physical, mental, emotional, 
energetic, and spiritual fields and body. 

Each treatment will be different for the pa- 
tient, as each experience will vary according to 
the patient’s present state of mind and emotional 
spirit. The patient’s willingness to allow the 
Qigong doctor’s emitted energy to penetrate 
deeper into his or her body with each session will 
depend upon the level of trust established, as well 
as any outside influences that may have a posi- 
tive or negative effect on the patient's ability to 
be open and vulnerable, Patients who experience 
ridicule or criticism from family and friends for 
their choice of a non-Western form of treatment, 
may temporarily shut down their receptivity in 
self-defence against others. At times, patients may 
also close-off as a result of an event that has a 
strong impact on their emotional and spiritual 
well-being, such as a death of a friend, a physical 
trauma, or other upsetting news. 

The patient always has the final control over 
the doctor’s emitted energy, and can choose to 
either absorb and utilize the energy, or disperse 
and sabotage the doctor’s treatment. It is for this 
very reason that the doctor-patient trust factor, as 
well as the goal orientation, must be securely es- 
tablished before the treatment begins. 

Be sure the patient’s arms and legs are not 
crossed, as this can impede, or “short-circuit,” any 
energetic flow, causing Qi obstructions. The pa- 
tient should close his or her eyes, but should not 
be allowed to internally guide or direct the Qi 
unless specifically instructed to do so by the doc- 
tor. A patient’s unguided imagery can cause the 
body’s energy to increase, alter, or obstruct the 
flow of the doctor’s energy, which may cause Qi 
deviations or aggravate an existing condition. 
Usually the patient is given the image of dissolv- 
ing his or her tissues into space, which encour- 
ages relaxation and freedom from distractions. If 
the patient is lying down, he or she is given cer- 
tain visualizations, such as floating on a sea of 
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warm water (or basking in the sun on the beach 
or shore of a lake). These images relax the patient 
and enable the Qigong doctor to disperse the 
patient’s armoring. Once the patient’s “street ar- 
mor” is down, the doctor will have easier access 
into the patient’s tissues. 

After the treatment, the doctor and patient 
evaluate each session, discussing any and all feel- 
ings, observations, transitions, and sensations that 
both the doctor and patient experienced. Home- 
work, in the form of Medical Qigong prescriptions 
are then generally given, in addition to follow-up 
treatments (depending on the patient’s case and 
condition). 


THE FOUR MAJOR PRIORITIES OF 
CLINICAL QIGONG HEALING 

According to China’s prominent Qigong 
Grand Master Pang Ming, clinical Qigong heal- 
ing is based on four basic priorities. In establish- 
ing a clinical environment it is important to in- 
form the patient about the structures of these four 
priorities: A Strong Faith, Group Healing, Medi- 
cal Qigong Therapy, and Medical Qigong Pre- 
scriptions and Exercises. 

1. Astrong faith that Qi or life-force energy can 
heal the patient’s specific ailment is built up 
by the patient listening to testimonials. These 
testimonials are given by other patients who 
have recovered from the same type of disease, 
as well as those patients who are experienc- 
ing improvement through Medical Qigong 
therapy. 

Qigong deals directly with the psychologi- 
cal aspects of diseases. It is well known that two 
side effects of cancer are depression and fear. A 
very popular theory maintains that depression 
(being the suppression of anger) can cause can- 
cer. Even before the cancer patients begin their 
treatment program, their confidence is bol- 
stered by the positive experiences of more ad- 
vanced students of Qigong, who at one time 
also suffered from these particular kinds of can- 
cer. In addition, as part of the Qigong exercises, 
the new patient’s mind is focused on pleasant 
images or memories. All of this creates a posi- 
tive mental attitude in the patient. 


DOLPHINS oF THE WORLD 


PACIFIC WHITE-SIDED 
DOLPHIN 


Lagenorhynchus obliquidens 


COMMERSON’S 
DOLPHIN 


Cephalorhynchus commersonii 


AMAZON RIVER 
DOLPHIN 


Inia geoffrensis 


HOURGLASS DOLPHIN 


Lagenorynechus cruciger 


SHORT-BEAKED 
COMMON DOLPHIN 


Delphinus delphis 


SPINNER DOLPHIN 


Stenella longirostris 


BOTTLENOSE 
DOLPHIN 


Tursiops truncatus 


DuSKY DOLPHIN 


Micrurus lemniscatus 


ATLANTIC-SPOTTED 
DOLPHIN 


Stenetla frontalis 
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Sometimes patients come to the doctor for 
healing, yet at a deeper level they feel that they 
need or deserve the illness. Sometimes the sec- 
ondary gain of illness (for example, to keep 
the wife or husband underfoot) outweighs the 
benefits of healing completely. If a patient is 
subconsciously unwilling to be healed, his or 
her attitude or disbelief will sabotage all clini- 
cal modalities of healing (both Western and 
Eastern). You cannot make someone better 
against his or her own will. Illness, like health, 
is often a matter of choice. 

2. Before a group of patients begin Qigong, the 
doctor verbally synchronizes the thinking of 
the group by absorbing Heavenly Qi (the di- 
vine hook-up), and bringing it down into the 
healing energy field which surrounds every- 
one including the doctor. The healing effect is 
enhanced because the group is acting as one 
unit, with one faith. 

3. The doctors initiate the actual Qigong heal- 
ing by bringing divine healing energy to each 
individual patient. 

4. The patients are taught how to easily follow 
Medical Qigong exercises and meditations, 
practicing them over and over again. 

When a patient enters a Qigong hospital in 
China, they are diagnosed by a doctor and then 
assigned a specific Qigong class for a twenty-four 
day treatment period. The patient spends eight 
hours a day practicing Qigong without television, 
newspaper, or telephone. This is required to help 
the patient avoid regression into a previously es- 
tablished belief structure or subconscious pattern. 
Those who are able, practice Qigong from a stand- 
ing posture. Other patients with limited mobility 
practice Qigong sitting or while lying in bed. Af- 
ter the twenty-four day treatment program is over, 
the patient is again diagnosed by a Qigong doc- 
tor. The diagnoses is classified into one of four 
categories for statistical purposes. 

1. The patient has been cured: symptoms have 
disappeared and appropriate instruments 
(e.g., EKG, ultrasound, etc.) register normal 
tissue. 

2. The treatment has been very effective: symp- 
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toms have almost disappeared and allopathic 
tests indicate great improvement. 
3. The treatment has been effective, in that the 
patient is now able to eat, sleep, and feel good. 
4. The treatment has been noneffective: there has 
been no change, or the condition has worsened. 


PREPARING THE SELF TO TREAT THE 
PATIENT 

This section prepares the Medical Qigong 
doctor to treat patients. The “preparation” sets the 
energetic ambiance for the clinical treatment and 
secures the foundation for dispersing pathogens. 
The preparation includes: The One through Ten 
Meditation, Creating a Sacred Healing Space, The 
Divine Hook-Up, Rooting to Prevent Energetic 
Shock, and The Energetic Circle Drawing Pattern 
(Figure 26.2). 
THE ONE THROUGH TEN MEDITATION 

The following is called the One through Ten 
Meditation and is used to prepare the Qigong 
doctor for clinical work. It allows the Qigong doc- 
tor to relax, sink, and root the mind. This medita- 
tion allows the doctor to extend his or her ener- 
getic field before connecting with the divine. This 
meditation is used to create a sacred healing space 
and is taught in a rhyming one through ten count- 
ing format, described as follows. 

1. One Is Fun, therefore take pleasure in your 
work. Imagine a smile melting down the front 
of your body like warm oil, melting all stress 
and tension into the Earth. A second smile 
melts down the back of your body, dissolv- 
ing all stress and tension down into the Earth. 
A third and final smile melts down the center 
of your head, relaxing all thoughts, judgments 
and feelings, and flows down your shoulders 
and arms and out your hands. The melting 
continues to flow down the center of your 
torso, like warm oil, melting all emotional 
blocks and tension, then flows down your legs 
and into the ground. At this point your mind 
and body should feel content, relaxed, and 
peaceful. 

2. Two Is Shoe, thus imagine your feet melting 
into the Earth, like ice melting on a hot side- 


The Qigong Doctor’s 
Energetic Preparation 
for Clinical Therapy 


CHAPTER 26: TREATING THE PATIENT 
1. The One through Ten Meditation 
2. Creating a Sacred Healing Space 
3. The Divine Hook-Up 


4. Rooting to Prevent Energetic Shock 


5. The Energetic Circle Drawing Pattern 


Figure 26.2. The Qigong Doctor's Preparation for Treating the Patient 





walk. The energy of the feet fuses with the 
Earth, melting in five directions (forward, 
backward, right, left, and down). This con- 
nects your mind and body with Earth energy. 
. Three Is Tree, therefore feel yourself extend- 
ing tree-roots twice your body’s height deep 
into the ground. The roots expand in five di- 
rections (forward, backward, right, left, and 
down), securing your rooting and connection 
with the Earth energy. 

. Four Is Core, thus imagine your roots extend- 
ing deep into the core of the planet. The Earth 
energy flows into these roots, ascending up 
the legs, spine, over your head, down the 
chest, and enters your Lower Dantian. This 
action allows you to draw Earth energy into 
your body and circulate it through the Micro- 
cosmic Orbit. A solid connection to the Earth 
roots your physical, mental, emotional, and 
spiritual energies, and fills up your Lower 
Dantian with Earth energy. 

. Five Is Alive, therefore feel the Earth energy 
building up within your Lower Dantian. The 
energy increases to the point that your Dan- 
tian can no longer contain its power. It rushes 
up the center of your chest like a mighty river, 
dividing into two streams which flow out each 
palm into the earth. This action releases and 
emits the energy stored within your Lower 
Dantian. 

. Six Is Thick, thus imagine the room or envi- 
ronment where you are standing being filled 
with energy. This energy becomes so thick, it 
is as if you are submerged under water. This 


fuses the environmental energy with your 
energy, and the Earth’s energy into one dy- 
namic field of energy. 


. Seven Is Heaven, therefore allow your Baihui 


point to open up and draw in the divine heal- 
ing white light into your Upper Dantian. Let 
the divine light fill your head and the entire 
Upper Dantian area till it floods and shines 
down from the Upper Dantian into your chest, 
filling up the entire Middle Dantian. Finally, 
the light shines down from the Middle Dan- 
tian filling up the lower abdominal area and 
the entire Lower Dantian. This light connects 
you with the Heavenly healing white light 
energy from the divine, filling up all three 
Dantians and your Taiji Pole. Thus Heavenly 
and Earthly energies fuse within your body. 


. Eight Is Open the Gates, therefore imagine 


opening every pore on your surface tissues, 
and begin to draw the environmental energy 
into your Taiji Pole upon inhalation. Upon ex- 
halation imagine your center core vibrating 
and glowing like a neon light. This visualiza- 
tion energizes your center core, harmonizes 
your energy and breath, and prepares you for 
Qi and Shen (energy and light) projection. 


. Nine Is Shine, therefore imagine that your cen- 


ter core becomes completely full of energy and 
overflows by shining (from the Taiji Pole out- 
ward) through your pores until it fills up the 
entire room, like a bright phosphorus flare. 
This visualization fuses Heaven Qi, Earth Qi, 
and Man’s Qi with the external clinical envi- 
ronment. 


SECTION 6: ESTABLISHING THE MEDICAL QIGONG CLINIC 


10. Ten Is Begin, with all things now in order, you 
are physically, mentally, emotionally, energeti- 
cally, and spiritually in harmony, with your 
body, the Heavenly energy, and Earthly en- 
ergy. You can now begin treating patients. 


CREATING A SACRED HEALING SPACE 

After completing the preparation, the Qigong 
doctor creates a sacred healing space in which to 
treat patients. Creating the sacred healing space 
allows the doctor and patients to interact in a safe 
environment without outside distractions. 

The Qigong clinic should be a place of com- 
plete sanctuary, a consecrated place of refuge, 
where the patient feels safe, warm, and cared for 
(spiritually, emotionally, mentally, energetically, 
and physically). The patient should experience the 
peaceful ambiance of the treatment room as be- 
ing enveloped in unconditional love and security. 

To create the sacred healing space, the Qigong 
doctor performs the divine hook-up. Only after 
completing the divine hook-up should the Qigong 
doctor treat his or her patients. 

THE PIvVINE HooK-UP 

Once the doctor has established energetic 
grounding, the next step in establishing a clinical 
environment is to connect with his or her spiri- 
tual center through the divine hook-up. From this 
spiritual center the Qigong doctor observes the 
patient, void of personal thoughts, feelings, and 
judgments. This spiritual state of open receptiv- 
ity allows patients to feel secure and to release 
their guarded emotions. Lacking a safe environ- 
ment, patients may feel the need to repress emo- 
tions or to be distracted from experiencing and 
letting go of the original trauma. 

The Qigong doctor, once healing has begun, 
enters into a state of “oneness” with the patient 
and the divine, in which the doctor’s will and in- 
tention envelops and fuses together with the di- 
vine will and wisdom. Both doctor and patient 
begin to communicate through deep subconscious 
interactions. The doctor’s success or effectiveness 
as a Qigong healer depends on a willingness and 
ability to connect with the patient and the divine 
healing light. Drawing from this interpersonal 
communication with the patient, and the deep 


spiritual connection with the divine, the doctor 
begins the treatment. 

According to Dr. Meng Xian Tong of the Beijing 
Chengjian Integrated Traditional Chinese Medicine 
and Wester Medicine Experts Clinic, when Qigong 
doctors perform the divine hook-up, they increase 
their own body’s Righteous Qi, which then extends 
the energetic Message encoded in their Qi into the 
patient’s body. The doctor’s Righteous Qi is then 
absorbed by the patient's body and fused together 
with his or her Qi. This fusion empowers the pa- 
tient to heal his or her disease. 

Before contact with any patient the doctor first 
connects with the divine to purify and stabilize, 
not only him or herself, but also the treatment 
toom (with a constant flow of Heavenly Qi pour- 
ing into the room). This divine hook-up enables 
the Qigong doctor to not only establish a sacred 
healing space, but also to access both spiritual in- 
sights and divine healing power. 


ROOTING THE DIVINE HEALING LIGHT 

Rooting the divine healing light is accom- 
plished by visualizing a beam of healing light (the 
doctor can also choose specific colors) streaming 
into his or her body via the Baihui and Sishencong 
points (at the top of the head), and entering into 
the Taiji Pole. The doctor holds this frequency until 
the divine healing light becomes rooted or “an- 
chored” within the Lower Dantian. 

Next, the doctor brings the healing light vibra- 
tion up the Taiji Pole to energize each Dantian until 
the healing light infuses and harmonizes all of the 
body’s tissues. As the doctor feels the healing light 
reach the Middle Dantian, he or she visualizes the 
light intertwining with the “bridge of light,” which 
connects the doctor’s Heart (Middle Dantian), 
throat and Yintang (Upper Dantian) areas together. 
This energetic connection fuses at the Upper 
Dantian, becoming one unified cord. The healing 
light is then stored within the doctor’s body and 
released during Qi emission. 

USING THREE DIVINE INVOCATIONS 

To assist the doctor in rooting the divine heal- 
ing light, I encourage my students to begin each 
treatment with a small prayer and three invoca- 
tions, for example: 
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Figure 26.3. As the divine healing Qi absorbs into his or her body, the Qigong doctor expands this field to 
envelop the entire treatment room. 





1. “Lord God, fill me with your Holy Spirit and 
divine healing power. Increase my skill, power, 
knowledge, and wisdom and use me for Your 
Glory.” The first invocation connects the doc- 
tor to the healing energy of the divine and roots 
the doctor deep into the Earth. This prevents 
the patient’s pathogenic Qi from entering into 
and contaminating the doctor’s body. 

. “Fill this room with your Holy presence and 
healing virtue, and let your Glory shine through 
me into this room.” This second invocation con- 
nects the doctor and the treatment room to the 
divine and secures a sacred healing space (or 
sanctuary) for the patient. It also establishes an 
expansive divine energetic field by causing the 
doctor’s Wei Qi field to overflow with divine 
healing light, filling the treatment room. This 
divine energetic field produces a dynamic field 
of healing energy (Figure 26.3). 

. “I lift (the doctor will mention the patient's 
name) before Your Holy Presence, and ask that 
you may heal these wounds and free him or 


her from these chains of despair, agony and 
disease. Thank you, God. Amen.” After this fi- 
nal invocation, the doctor envelops the patient 
with an energetic bubble of light and love. 
Next, the doctor roots the patient's energetic 
bubble deep into the Earth, and creates an 
energetic vortex underneath the patient. The 
energetic vortex will spiral clockwise, deep 
into the center of the Earth. This energetic 
rooting technique is practiced to purge and 
drain the patient’s Toxic Qi into the Earth, 
where it is cleansed and then recycled back 
into the patient's body. 
ROOTING TO PREVENT ENERGETIC SHOCK 
Rooting (sometimes called “energetic ground- 
ing”) is an important technique used by the 
Qigong doctors to establish and maintain a firm 
physical, mental, emotional, energetic, and spiri- 
tual connection to the Earth. Connecting to the 
Earth is essential to prevent energetic shock (a jolt 
of energy which flows from the patient into the 
doctor’s body), which can result in the doctor ab- 
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Figure 26.4. The Qigong doctor envelops the patient in an energetic bubble (or healing circle) before beginning 
the treatment. 


sorbing the patient’s energetic pathogenic disease. 
To prevent energetic shock from happening, 
Qigong doctors go through several steps to pre- 
pare themselves and the clinical environment be- 
fore treating patients. Energetic rooting is utilized 
in all phases of meditation and allows doctors to 
maintain a strong physical connection to the Earth. 
It is especially used when the doctor is absorbing 
and emitting environmental and universal energy. 

* From a Wuji posture, imagine an energetic 
cord extending from your Lower Dantian, 
down the Taiji Pole and out the Huiyin point 
(at the base of the spine) deep into the center 
of the Earth. This energetic cord will root your 
energy into the Earth. It is also affected and 
maintained by your will and intention. The 
energetic cord follows the doctor’s move- 
ments smoothly and easily. 

e If the patient is lying, sitting, or standing in 
front of you, extend your energy to envelop 
the patient within an energetic cocoon called 

- “energetic circle drawing.” 





* Imagine extending an energetic cord from the 
patient’s Lower Dantian through this energetic 
cocoon, to root the patient’s body deep into the 
Earth. This process energetically grounds the 
patient’s body, mind, emotion, and spirit. 

THE ENERGETIC CIRCLE DRAWING PATTERN 

Once the divine hook-up is completed, the 
doctor grounds the patient by drawing an ener- 
getic circle around the patient’s body. This is used 
to charge the patient's energy field. This energetic 
projection also roots the doctor’s intention around 
the patient and strengthens the doctor’s concen- 
tration. This circular field changes the patient’s 
static field to a divine dynamic field and enables 
the Qigong doctor’s energy to enter the patient's 
body with ease. 

The enveloping of the patient’s body allows 
the patient’s body and energetic fields to become 
even more accessible to the Qigong doctor, while 
keeping the patient’s pathogens isolated from the 
doctor’s body (Figure 26.4). As the doctor steps 
into the energetic bubble, he or she is able to treat 


the patient's tissues, feeling absorbed and envel- 
oped within the Messages expressed from the 
patient’s energetic fields. 

The energetic bubble is created by emitting 
Qi towards the patient, and enveloping and circle 
wrapping the patient in a clockwise energetic ro- 
tation. This energetic bubble forms a shield, main- 
taining protection for the patient and the doctor. 
Next, the doctor creates an anchoring line to root 
the patient's energetic field deep into the ground. 
Finally, the doctor creates an energetic vortex (spi- 
raling in a clockwise direction) underneath the 
patient, to pull any dispersed pathogens deep into 
the Earth (this helps when the doctor is dredging 
and purging the patient’s energetic fields). 
USING THE ENERGETIC CIRCLE DRAWING 
PATTERN TO PURGE PATHOGENS 

The energetic circle drawing pattern helps to 
facilitate energetic cleansing. Energetic purging 
facilitates the absorption of Clear Qi and also re- 
duces the risk of contamination within the body’s 
channels and collaterals by expelling energetic 
toxins and other pathogenic factors. 

After creating the energetic circle, the doctor 
begins using dredging and purging techniques to 
expel pathogens from the patient’s body. Next, the 
doctor treats the patient with tonification and 
regulating techniques, ending the treatment by 
closing the diseased area and sealing the patient's 
three energetic fields (three Wei Qi fields). This 
ending technique will securely close the energetic 
holes in the patient’s outer field of Wei Qi (see 
Chapter 13). Without this sealing, the healing pro- 
cess is hindered due to the patient’s Qi having a 
tendency to leak or disperse itself (even after 
tonification). Once the sealing is completed, any 
Excess Qi will be evenly distributed throughout 
the patient’s body, establishing a Yin and Yang 
balance within the visceral organs. 

USING THE ENERGETIC CIRCLE DRAWING 
PATTERN TO PURGE Toxic HEAT 

Before treating patients who have received ra- 
diation or chemotherapy, the Qigong doctor 
should wrap the patient with an energetic bubble 
and then purge the Toxic Heat from the patient's 
body. The Toxic Heat is dispersed into the ener- 
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getic vortex created under the patient’s body, and 
then released deep into the Earth. The Qigong 
doctor can then step into the energetic bubble and 
begin combing, dredging and purging the 
patient's tissues. 
USING THE ENERGETIC CIRCLE DRAWING 
PATTERN To PURGE Toxic CoLD 

When using the circle drawing method to 
purge pathogenic Cold, the doctor stands outside 
of the energetic bubble, and extends energy deep 
into the patient’s Taiji Pole. Once the doctor feels 
the patient's center core Qi, he or she draws the 
pathogenic Cold or Hot energy out from the 
patient's tissues (in all directions), filling the en- 
ergetic bubble. The doctor, standing outside the 
energetic bubble, observing the patient’s energetic 
field, waits for an energetic shift which is imme- 
diately followed by Toxic Cold (or Hot) Qi filling 
up the energetic bubble. Once this occurs, the 
Qigong doctor must drain the pathogenic Cold 
(or Hot) Qi down into the Earth to rid the patient 
of the Toxic Qi. 


TREATING THE PATIENT 

After the Qigong doctor has “circle wrapped” 
the patient, the treatment begins. First, the doctor 
dredges the patient’s external energetic fields, 
channels and collaterals (from head to feet). The 
doctor senses the patient's Qi with his or her 
hands, changing the depth of penetration of the 
touch by extending intention deeper into the 
patient's tissues. Once the patient's pathogenic Qi 
has been reached, the doctor feels various ener- 
getic sensations (vibration, warmth, thickness, 
etc.) and removes any pathogenic energy from 
around the patient’s body. 

The doctor continues the treatment by extend- 
ing his or her intention deep into the patient's 
body, purging and dispersing the toxic pathogens 
from out of the patient’s internal organs and chan- 
nels. It is usually during this deep internal purg- 
ing that the patient experiences profound emo- 
tional discharges, observes flashes of light, pat- 
terns of colors, see visions, or relives deep seated 
past emotional traumas. This purging releases 
toxic emotions which are generally the cause or 
contributing factor to the patient’s disease. 
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Treating the 
Patient 


1. Use Energetic Circle Drawing to Purge Hot and Cold 
Pathogens. 
2. Dredge and Purge the Patient’s Body. 


3. Perform Energetic Diagnosis. 


4. Find, Locate, Detach, andRemove Energetic Cords. 
5. Purge, Tonify and Regulate the Patient's Body. 


6. Dispose of Pathogenic Toxins. 


Figure 26.5. The Different Steps Involved in Treating a Patient 





After the patient has been sufficiently purged 
and cleansed of pathogenic energy, the Qigong 
doctor begins to tonify the patient’s internal or- 
gans, channels, collaterals, and Righteous Qi. This 
is done to help the patient build a stronger im- 
mune system, and fight or avoid any future com- 
plications caused by an Excess or Deficient inter- 
nal organ condition (Figure 26.5). 


DREDGING AND PURGING TECHNIQUES 

When treating a patient, the doctor purges an 
internal organ and dredges a channel. The tech- 
nique of dredging is a particular type of purging 
method. The energetic circle drawing techniques 
are always performed with dredging techniques 
(using the pulling and stroking methods of en- 
ergy manipulation), to drain the energy into the 
Earth. These techniques can be initiated with the 
patients either sitting, standing, or lying. 

It should also be noted that the diseased area 
of a patient’s body must be thoroughly dredged 
and prepared before any kind of tonification or 
energizing is performed. This technique is simi- 
lar to a Western doctor cleaning a wound before 
operating. 

If the Qigong doctor does not dredge and 
purge the pathogens from the patient’s body be- 
fore treating, the patient can suffer adverse reac- 
tions when the doctor’s clean energy fuses with 
the patient’s Turbid Qi. 

DREDGING AND PURGING THE PATIENT 

There are two stages of clinical purgation 

which are described as follows. 
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1. The doctor dredges and purges the surface 
pathogens from the patient’s body. The doc- 
tor moves to the right lateral side of the 
patient’s body and energetically combs the 
patient's body from head to toes using the 
Tiger Kneading and/or Extended Fan Palm 
techniques (in this particular example the pa- 
tient is lying supine on a treatment table). The 
combing technique is performed to energeti- 
cally evaluate the patient’s reaction to the 
doctor’s emitted Qi, while dredging the 
patient’s three energetic fields of Wei Qi. 

. The doctor purges from the bottom of the 
patient's feet. The Qigong doctor stands by 
the patient's feet and continues to dredge the 
patient’s body by energetically combing the 
patient from head to toes. This action further 
purges the patient’s body of pathogenic en- 
ergy. 

ENERGETIC DIAGNOSIS 

After performing the clinical purgation, the 

Qigong doctor begins the energetic diagnosis. 

Some examples of energetic diagnosis are de- 

scribed as follows. 

* The doctor can begin energetic diagnosis by 
first connecting with patient's heels (either by 
touching or not touching). This particular 
method and approach to diagnosing allows 
the Qigong doctor to energetically connect 
with the patient's inner-fascia. It is through 
this connection that the Qigong doctor feels 
the energetic flow of Qi moving through the 
patient's internal organs. By extending energy 


from the patient's heels up to the head (like a 
rippling ocean wave or sonar), the doctor can 
“listen” for obstructions or deviations of Qi 
flow. 

* Next, the doctor can use the Flat Palm diag- 
nosing technique to scan the patient’s entire 
body for any Excess or Deficient areas within 
the patient’s Wei Qi fields. This second type 
of diagnosis serves to verify the obstructions 
or deviations of Qi flow that the doctor dis- 
covered while first connecting with the 
patient’s heels. 

PURGING, TONIFYING AND REGULATING THE 
PATIENT’S BODY 

After diagnosing the patient’s body, the 
Qigong Doctor purges, tonifies, or regulates the 
energetic fields, channels, tissues, organs, and or- 
gan systems, according to the etiology and prog- 
nosis of the disease. 

While dredging and purging the patient’s 
body, the Qigong doctor may discover several en- 
ergetic cords attached to the patient's tissues 
and internal organs. These energetic cords may 
sometimes contribute to the cause of the disease. 
UNDERSTANDING THE Bopy’s ENERGETIC 
CorDS 

The human body attaches, extends, absorbs, 
and collects energetic cords. The size and shape of 
these cords can be big, small, thick, or thin, depend- 
ing on the amount of emotion invested in their at- 
tachment. These cords are located within the Three 
Dantians and Chakra Gates, and form the spiritual, 
emotional, mental, and physical connection of the 
patient to the outside world. Generally, what makes 
the patient sick is not his or her genetic predisposi- 
tion, but the negative, co-dependent bonds the pa- 
tient creates in his or her relationship with others. It 
is the spiritual, emotional, mental, and physical re- 
actions to these relationships that either promote 
health or disease. Energetic cords are also formed 
towards objects, pets and places that have special 
sentimental or emotional value (be they positive or 
negative) to the patient. Energetic cords are also 
sometimes used to feed the formation of the preex- 
isting energetic clusters and cysts, which later trans- 
form into the patients’ diseases. 
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Energetic cords are the psychophysical con- 
nection between what the patient feels, believes 
and knows to be true; they represent the connec- 
tion to the patient's personal reality. This does not 
mean that the patient's reality is valid, only that 
the patient has come to believe it to be true. By 
removing these cords an energetic shift is initi- 
ated, allowing the patient to reprogram his or her 
feelings, thinking processes, and behavior, by be- 
coming proactive instead of reactive. Energetic 
cords are full of light and energy and can be cat- 
egorized into two distinct divisions: prenatal (con- 
genital) and postnatal (acquired) energetic cords. 

¢ Prenatal Energetic Cords originate in the fe- 
tus, when the baby is still in the womb. They 
form the strong congenital attachment and 
permanent bond the child has with the mother 
and father. Because of the mother’s energetic/ 
spiritual connection with her egg, and the 
father’s energetic/ spiritual connection with 
his sperm, when the egg and sperm unite, the 
energetic cords of each parent fuse together 
with the universal and environmental energy 
creating the energetic structure of the child. It 
is through the parents’ energetic cords that in- 
herited talents and defects are passed along 
to the infant. 
Postnatal Energetic Cords are acquired after 
the baby is born through interaction with sib- 
lings, relatives, and other individuals (in some 
cases animals or places are involved). These 
cords will either form the emotional attach- 
ments which can help the child through life 
by being a means of support, or set the foun- 
dation for disease by depleting the child of 
his or her life-force energy. They represent the 
emotional bonding (positive or destructive) 
inherent within each one of us. 
In a clinical environment, the attachment of 
these cords (prenatal and postnatal) will affect the 
healing relationship of both the patient and the 
doctor. 

¢ The Patient's Energetic Cords are still con- 

nected to the patient after the pathogenic Qi 
has been removed from the patient’s body. 
These small cords are the energetic attach- 
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ments to part of the patient's old belief struc- 
ture (which created the disease or emotional 
attachment). Although there is still an ener- 
getic connection to the departed pathogenic 
Qi, these energetic cords will soon disperse 
once the patient’s Creative Subconscious is 
able to reprogram the individual's belief struc- 
tures. Only then can the physical body, as well 
as the mental, emotional and spiritual ener- 
getic Wei Qi fields maintain the new energetic 
pattern, This new belief structure creates an 
energetic transformation, allowing the patient 
to release his or her hold on to the painful past 
and begin to heal. The patient is encouraged 
to emotionally disconnect from old emotional 
belief structures through creative visualiza- 
tion, and by affirming the new belief struc- 
ture. Through affirmation and positive emo- 
tional, spiritual visualizations, the patient is 
able to “sever” any energetic cords that con- 
nect to the pain and disease. 

Energetic Cords between the doctor and patient 
are formed during healing sessions. These new 
energetic cords are passed back and forth be- 
tween the Qigong doctor and the patient. Some- 
times this occurs without either party being 
aware of this energetic connection. Usually, as 
the doctor steps away from the patient and re- 
connects with the divine, an energetic purging 
is automatically initiated, freeing the doctor 
from the attachment to the patient’s energetic 
cords. If, however, there has been an emotional 
connection between the doctor and the patient, 
these cords can remain attached even when the 
patient leaves the office. 

The doctor should make every effort to dis- 
connect from the emotional attachment of the 
patient’s cords, otherwise the increased ener- 
getic pull on the doctor’s center will affect the 
doctor on every level. Staying connected to 
the patient through an energetic cord can 
cause not only emotional, but physical and 
spiritual influences on the doctor. Any re- 
maining cord can be used by the patient to 
unconsciously project thoughts and feelings 
onto the doctor. This can result in the doctor 


being depleted of energy either through di- 
rect draining of his or her Qi, or through ob- 
sessing about the patient’s well-being, long 
after the treatment has ended. The drain of 
the energetic cord can lead to either clinical 
“burnout” from absorbing excessive negative 
emotions, or deep emotional bonding, which 
can lead to unethical sexual indiscretions. 
FINDING, DETACHING, AND REMOVING 
ENERGETIC CORDS 
Energetic cords manifest through their effects 
on behavior and emotional responses of the pa- 
tient. They are relationship based patterns, located 
within the patient's tissues. Energetic based pat- 
terns can evoke certain reoccurring emotional re- 
sponses, such as attractions, addictions, etc. 

1. To assist the patients in removing the toxic 
energetic cords, the Qigong doctor must first 
locate the cords. 

a. Through the emission of Qi, the doctor 
may elicit (from the patient) either an 
attraction or repulsion response. This 
response occurs when certain memories 
are stimulated within the patient's 
body, indicating that there is an ener- 
getic cord attached within the tissues. 

¢ The attraction response causes the patients to 
experience deep emotional release through 
laughing, crying, shouting, etc. 

¢ The repulsion response causes a physical jerk- 
ing of the patient’s muscles, anywhere within 
the patient’s body (observed by the wincing 
and grimacing of the patient's face). Often the 
patient will “Shen-out” (emotionally and 
spiritually leave their body) to avoid feeling 
the painful surfacing emotions. 

b. The doctor locates the origin and entry 
point of the energetic cord through Flat 
Palm detection. The root of an energetic 
cord acts as an open receptor to a spe- 
cific psychophysical problem that the pa- 
tient is experiencing. When stimulated, 
these cords may manifest physical symp- 
toms such as nausea, hot flashes, vertigo, 
dizziness, headache, and muscle contrac- 
tions. The patient may also experience 


emotional reactions such as momentary 
panic, fear and so on. 

2. Before detaching the energetic cords, the doc- 
tor requests the patient’s permission to do so 
either verbally, or silently through mind to 
mind communication, 

3. To remove the energetic cord, the doctor 
dredges and purges the patient’s body, while 
silently communicating through the Creative 
Subconscious mind. The doctor encourages 
the patient to let go of, and fully release, the 
toxic cords along with the memories that sus- 
tain them. To ensure against their recreation, 
the doctor discusses with the patient any im- 
ages, emotions or sensations that surfaced 
during the removal of these cords; through 
this process the doctor brings the patient's 
conscious awareness of the fears, pain and 
major unresolved issues that resulted in the 
disease. The patient thus gains a clear identi- 
fication of his or her traumas to facilitate the 
reprogramming of his or her dysfunctional 
relationships through affirmations and cre- 
ative visualizations. 

If the patient is not ready for such a transi- 
tion (feeling scared, unprepared, undeserving, 
etc.), his or her subconscious mind will sabo- 
tage any effort made in that direction, and the 
energetic cord, emotional cluster and all en- 
ergetic attachments to the disease will be rec- 
reated and reintegrated. It is important in 
cases such as these, that the Qigong doctor 
refer the patient out to a psychotherapist for 
additional support. 

In Western society, the Twelve Step Pro- 
grams (such as Alcoholics Anonymous) are 
but one example of a pattern based repro- 
gramming of energetic cord attachments. Al- 
cohol and Narcotics Anonymous groups, for 
example, help detach energetic cords toward 
illegal substances, whereas, CODA meetings 
help reprogram the energetic cord attach- 
ments to co-dependant relationships. In a co- 
dependent relationship, both parties rely too 
heavily on one another, instead of being in- 
terdependent. One person usually dominates 
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the other, as both parties base their self-esteem 
on the partner’s approval, or disapproval, 
thus avoiding the personal responsibility of 
their own actions. 

Energetic reprogramming encourages the 
participants to take responsibility for filling 
and replacing the energetic gap that the toxic 
cord has left with a connection and attachment 
to the divine, or “Higher Power.” 


DISPOSING OF PATHOGENIC TOXINS 

One problem a doctor may confront when 
dredging and purging is where to dispose of the 
patient’s toxic and noxious Qi. To maintain a clean 
treatment room it is essential for this pathogenic 
energy to be disposed of properly. This will keep 
both the doctor and other patients from contami- 
nation. If the doctor’s Oi becomes toxic or con- 
taminated during treatment, this turbid energy 
may be transmitted to other patients. 

Because the patient is in a state of energetic 
shock (after the therapy), attention must be placed 
on the patient avoiding contact with the contami- 
nated Qi. Otherwise, there is a possibility of the 
diseased Qi returning into the patient’s body via 
the energetic cords of attachment connected to the 
Toxic Qi. 

Imagination and visualization are two of the 
most powerful and widely used techniques em- 
ployed in healing today for disposing of Toxic Qi. 
Since we experience reality through creative 
imagination, pictures, words, and feelings are ex- 
tremely powerful techniques which can be used 
to restructure our physical, mental, emotional, 
energetic, and spiritual foundations. This also 
holds true for the disposing of the patients’ patho- 
genic Qi. 

There are several methods for disposing of the 
patients’ pathogenic energy in the treatment room. 
These methods include purification by either 
sound, light, or the Five Elements, in conjunction 
with disposing of the toxic energy through the 
energetic vortex. 

PURIFICATION BY SOUND AND LIGHT 
¢ Sound penetrates any substance and causes 
profound shifts in energy, quickly breaking 
up clusters of stagnant energy. Some examples 
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of sounds used for purifying the treatment 
room include: music, toning, chanting, sing- 
ing, wind chimes, gongs, singing bowls, bells, 
drumming, and clapping the hands. 

Light can be used to cleanse and purify the 
treatment room of toxic energy, due to the ra- 
diant heat emanating from the light source. 
Some examples of light being used to purify 
the clinic include: exposure to sunlight, 
candles, and imagining the divine healing 
light incinerating any energetic toxic debris. 


PURIFICATION BY THE FIVE ELEMENTS 


Some Qigong doctors utilize the energy stored 


within the Five Elements to cleanse the treatment 
room of toxic debris. This works best in conjunc- 
tion with the light and sound purification meth- 
ods. When using one or more of the elements, it is 
best to consider how much debris has accumu- 
lated from the previous treatment and choose ac- 
cordingly. 
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1. Dispose of the Toxic Qi through Fire. By 
burning fire-water (alcohol with salt), light- 
ing a candle, or releasing the Toxic Qi into the 
Earth’s molten core, Toxic Qi can be trans- 
formed and purified. 

To create fire-water, the Qigong doctor places 
a smal] amount of alcohol in a round dish and 
sprinkles a cone of salt (or camphor) in the 
center of the dish. Next, the doctor lights the 
salt and allows the smoke to purge the treat- 
ment room, making sure that the doors and 
windows are open to secure clean ventilation. 
Other Qigong doctors may imagine the cen- 
ter of the Earth as an incinerator. This image 
is used to purge the patient’s Toxic Qi by di- 
recting it to the Earth’s molten core. Once the 
patient’s Toxic Qi is incinerated (at the speed 
of thought), the transformed / purified energy 
is reabsorbed back into the patient’s body. 


. Dispose of the Toxic Qi through Water. Water 


can also be used to absorb toxic energy and 
for healing and purifying. Some examples of 
water usages include: Holy Water and salt 
water. Some doctors use a container of salt 
water as their disposal unit for the patient's 


Toxic Qi (Figure 26.6). Once the patient's toxic 
energy reaches the container of salt water 
{usually placed underneath the treatment 
table), it is immediately absorbed due to the 
molecular structure of the salt crystals. Some- 
times it is advisable for the Qigong doctor (af- 
ter a full day at the clinic, or at the end of a 
busy week) to submerge him or herself in a 
baking soda or take an Epsom salt bath in or- 
der to cleanse and purify the body. 


. Dispose of the Toxic Qi through Wind / Air. 


Wind and air can be used to purify the room 
of toxic energy. Some examples of this include 
open air ventilation along with the placement 
of indoor plants. 


. Dispose of the Toxic Qi through Divine Heal- 


ing Light. Some doctors dispose of the patient’s 
pathogens into the air, where it is immediately 
incinerated by a divine healing light. Because 
of the preestablished divine healing field of 
energy, once the patient's toxic energy leaves 
the doctor’s hand, it is immediately absorbed 
by the divine healing light and is instantly trans- 
formed into purified energy and reabsorbed. 
back into the patient’s body, 


. Dispose of the Toxic Qi through Wood. Wood. 


can also be used to purge toxic energy from 
the treatment room. Some examples of the 
Wood Element used to cleanse the room are: 
the burning of incense or herbs such as myrrh, 
frankincense, cedar, sage (an old American 
Indian method), sandalwood or camphor. 


. Dispose of the Toxic Qi through the Earth. Cer- 


tain stones can be used in the clinic because 
of their ability to absorb Toxic Qi. Strategically 
placed in the clinic, these Earth Elements can 
be used as a natural filtering device. Some 
examples of this include: amethyst, salt, clear 
and colored quartz, as well as many other 
minerals or gemstones. These crystals require 
cleaning at the end of each treatment day to 
dispose of the toxic Qi they have absorbed, 
and should be cleansed by placing them in 
salt water till they are clean, or burying them 
in the ground for three days. 
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Figure 26.6. One example of a Qigong doctor using a rubber acupuncture doll for treating and disposing of the 
patient's toxic energy into salt water. 


MEDICAL QIGONG TREATMENTS 

The following is a clinical procedure that a 
Medical Qigong doctor will use when treating a 
patient. The clinical procedure known as the 
“preparation” remains the same for all Medical 
Qigong treatments (i.e., the hook-up, dredging 
and purging the patient, as well as energetic di- 
agnosing). However, the initial treatment will 
vary depending on the patient's constitution, dis- 
ease, and personal goals. 

After scanning the patient the doctor has a 
solid understanding of which areas or organs in 
the patient's body are currently in a state of Ex- 
cess or Deficiency. The doctor then chooses which 
area to begin dredging and purging in accordance 
with the treatment plan. Only after purging all 
areas of Excess should the doctor then move to 
tonifying those areas that are Deficient. 


TONIFYING A PATIENT’S BoDyY 

After completing the diagnosis, if you have 
determined that the patient’s body is not in an 
Excess condition, but is instead constitutionally 
weak or depleted due to Kidney exhaustion, the 
treatment may be continued as follows. 

1. Begin by extending energy through the 
patient's Yongquan Kd-1 point at the bottom 
of each foot. Imagine that the Qi is ascending 
up the patient's legs, via the Yin channels, fill- 
ing the Lower Dantian, Kidneys, thorax and 
spinal column into the brain. Hold this posi- 
tion for several breaths, then proceed to the 
next area. 

2. Physically embrace the area of the patient's 
ankle with one palm, while the other palm 
embraces the Kd-1 point on the same foot. 
Start with the right ankle first and then the 
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left. Project energy into the foot and ankle, by 
holding the mind’s intention on that specific 
area for several breaths, then begin circling 
the energy up the Yin channels and down the 
Yang channels. Hold this position for several 
breaths, then proceed to the next area. 


. Energize each of the patient’s knees (back and 


sides) by holding the mind’s intention on 
those specific areas for several breaths, then 
connect each knee to the Yongquan Kd-1 point 
at the bottom of each foot (the right foot first, 
then the left). Connect and emit energy into 
the bottom of each foot to the knee, circling 
the Qi up the Yin channels and down the Yang 
channels. Hold this position for several 
breaths, then proceed to the next area. 


. Energize each of the patient’s hips, by hold- 


ing the mind’s intention on that specific area 
for several breaths, then connect each hip to 
the Yongquan Kd-1 point at the bottom of each 
foot (right first, then the left). Connect and 
project energy into the bottom of each foot to 
the hips, circling the Qi up the Yin Channels 
and down the Yang Channels. Hold for sev- 
eral breaths, then proceed to the next area. 


. Energize the patient’s Lower Dantian by hold- 


ing the mind’s intention on that specific area 
for several breaths, allowing the Qi to com- 
pletely fill up the energetic chamber. Place 
your left hand on the patient’s Mingmen GV- 
4 point. Your right hand is placed on the 
patient’s navel (CV-8) with your fingers ex- 
tending down to the patient’s Qihai CV-6 
point. Mentally connect the Lower Dantian 
with both Yongquan Kd-1 points on the bot- 
tom of the patient's feet and imagine the en- 
ergy simultaneously traveling down the out- 
side of both legs into the feet. Imagine the 
energy from the feet continuing to travel along 
the inside of both legs back into the patient’s 
Lower Dantian area. Hold this intention for 
several breaths, then proceed to the next area. 


. Energize the patient's Yellow Court by hold- 


ing the mind’s intention there for several 
breaths. Your left hand is placed on the Jizhong 
GV- point, your right hand should be placed 


8. 


9. 


10. 


on the Juiwei CV-15 point. Mentally connect the 
Yellow Court with the patient's Lower Dantian, 
allowing this energy to connect and fuse both 
areas. Hold this intention for several breaths, 
then proceed to the next area. 


. Energize the patient’s Middle Dantian by 


holding the mind’s intention there for several 
breaths. Place your left hand on the Shendao 
GV-11 point, while your right hand is placed 
on the Shanzhong CV-17 point. Mentally con- 
nect the Middle Dantian area with the 
patient's Lower Dantian. Hold this position 
for several breaths, then proceed to the next 
area. 

Energize the patient's throat area by holding 
the mind’s intention on that specific area for 
several breaths. Your left hand is placed on 
the Dazhui GV-14 point, while your right 
hand is placed on the Tiantu CV-22 point. 
Mentally connect the throat area to the Middle 
Dantian area, then to the patient’s Lower 
Dantian. Hold this intention for several 
breaths, then proceed to the next area. 
Energize the patient’s Upper Dantian area by 
holding the mind’s intention there for several 
breaths. Your left hand should be placed to 
stimulate the occipital region at the Naohu 
GV-17 point. Your right hand is simulta- 
neously stimulating the Yintang (Third Eye) 
and Baihui (GV-20) areas. Mentally connect 
the Upper Dantian area to the Middle Dantian 
first, and then to the patient's Lower Dantian. 
Hold this intention for several breaths, then 
proceed to the next area. 

Regulate the patient's Microcosmic Orbit, to 
balance the Heart Fire and Kidney Water en- 
ergy. Remove your hands from the patient's 
body, yet still remain energetically connected 
through your intention. Having stepped away 
from the treatment table, continue treating the 
patient with external Qi emission, regulating 
the patient’s Microcosmic Orbit (extending 
energy up the Governing Vessel and down the 
Conception Vessel). Hold this intention for 
several breaths, then proceed to the final step 
in the treatment. 


11. Envelop and seal the patient’s three external 
fields of Wei Qi by connecting the patient's body 
with the divine energetic field. Hold this inten- 
tion for several breaths, then proceed to the “clo- 
sure.” 

12. Disconnect yourself from the patient and close 
the healing session. Be sure to disconnect physi- 
cally, mentally, emotionally, energetically, and 
spiritually from the patient by willfully detach- 
ing all energetic connections to the patient. 

13. After disconnecting from the patient, center 
yourself, then regulate your own energetic 
fields to balance, recharge, and replenish any 
energetic depletion. 

14. Finally, after you have completed centering 
yourself, finish the cleansing by washing your 
hands to purge any of the patient's lingering 
pathogens which may still be attached to your 
body. 

GENERAL THERAPEUTIC TREATMENT 

The following is an example of a clinical rou- 
tine used in the Medical Qigong Clinic for “emo- 
tional purging.” The following purging routine is 
separate from the previous clinical modalities for 
tonifying a patient. It is important to note that 
when treating a patient, the Qigong doctor usu- 
ally purges the patient's Liver and Lungs before 
tonifying the Spleen and Kidneys. 

After completing the diagnosis, if you have 
determined that the patient has both Excess and 
Deficient conditions, you may decide to continue 
the treatment as follow. 

1. Begin by dredging, purging, and activating 
(energizing) the patient’s Upper Dantian area 
to reconnect the patient to the divine, to acti- 
vate the patient’s spiritual /emotional pres- 
ence. 

a. Start by purging the patient’s Upper 
Dantian, 

b. Thenregulate and energize the patient's 
Upper Dantian by performing a small 
Microcosmic Orbit within the patient's 
head. 

c. Finally energize the patient's Taiji Pole 
through the Baihui area. 

2. Purge and dredge the patient’s Lungs, to dis- 
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perse the emotions of grief and despair caused 
by “rejection, betrayal, and abandonment is- 
sues” which are stored in the patient’s Lungs. 

a. Start by dredging the patient’s neck 
(trapezius, clavicle, and manubrium) of 
grief and despair. Begin by standing on 
the right side of the patient’s body, and 
use the Kneading Tiger Palm and 
Dragon’s Mouth Palm hand techniques 
(see Chapter 33) to pull the Toxic Qi 
from the patient’s body. Switch from the 
right to the left side and continue purg- 
ing. 

b. Then roll the patient’s shoulders back 
to open the Lungs and to facilitate their 
purging of any deep seated grief. Start 
on the left Lung first. This area is re- 
sponsible for storing the emotions re- 
lated to the patient’s mother. 

c. Next dredge the inside Yin Channels of 
the patient’s left arm by using Qi Mas- 
sage techniques (see Chapter 37). 

d. Regulate and treat the patient’s body 
through “hand diagnosis and treat- 
ment” (based on energetic hand / body 
association, see Chapter 25) by focusing 
on the patient's left hand. 

e. Finally, begin the entire Lung purging 
procedure again, this time focusing the 
attention on the right side of the 
patient’s body. This side reflects the 
patient's issues with his or her father. 

3. Regulate and tonify the patient's Heart to 
calm the Spirit. 

a. Your left hand connects and extends 
energy deep into the patient’s Shendao 
GV-11 point, the area in-between the 
patient’s shoulder blades. Your right 
hand connects to the Shanzhong CV-17 
point above the patient’s Heart, purg- 
ing emotional toxins. 

b. Finally, regulate the Heart by circulat- 
ing Qi through the patient’s upper Mi- 
crocosmic Orbit (between patient's 
Upper and Middle Dantian). This re- 
connects the divine light emanating 
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from the Upper Dantian back with the 

spiritual emotions (unconditional love, 

devotion, etc.) stored within the upper 

chamber of the Heart (see Chapter 5). 
Purge and dredge the patient’s Yellow Court 
to rid the body of toxic emotions stored within 
the tissues of the Yellow Court. Your left hand 
remains secure on the patient’s back, at the 
Shendao point to maintain contact with the 
Heart Qi. The patient's true feelings are stored 
within the Yellow Court and expressed 
through the patient's Heart. Place your right 
hand on patient's Juiwei CV-15 point, located 
below the patient’s xiphoid process. Some- 
times you may see images of the patient's past 
as traumas are released from the tissues. 


. Your left hand remains secure on the patient’s 


back, at the Shendao point while your right 
hand purges the patient's Liver organ of an- 
ger and depression caused through the stor- 
ing of “rejection, betrayal and abandonment 
issues.” As you dredge the Liver’s Hot toxic 
emotions from out of the patient's body, purge 
the pathogens out the patient's right Gall 
Bladder Channel. 


. Keep your left hand on the patient's back, at 


the Shendao point while you tonify and regu- 
late the patient's Spleen with your right hand. 


. With your left hand on the patient's back, at 


the Shendao point, tonify and regulate the 
patient’s Kidneys with your right hand. 


. Maintain contact with the patient’s back, at 


the Shendao point, as your right hand con- 
nects with the patient’s Mingmen (GV-4) area 
to regulate all three Dantians. This is initiated 
through the Microcosmic Orbit (extending 
energy up the Governing Vessel and down the 
Conception Vessel), to balance all of the 
patient’s energetic reservoirs. 


. Then slowly remove your hands from the 


patient's body, but remain energetically con- 
nected through intention. Step away from the 
treatment table, as you continue to regulate 
the patient’s Microcosmic Orbit. Hold this in- 
tention for several breaths, then proceed to 
end the treatment. 


10. Envelop and seal the patient's three external 


11. 


12. 


13. 


fields of Wei Qi, by connecting the patient's 
body with the divine energetic field. Hold this 
intention for several breaths, then proceed to 
the “closure.” 

Disconnect physically, mentally, emotionally, 
and spiritually from the patient to close the 
healing session. It is important to shake or 
whip your palms to completely disconnect 
from the patient’s energy. The shaking or 
whipping action frees the doctor from any 
energetic attachment which may have oc- 
curred while treating the patient. 

After disconnecting from the patient, center 
yourself, then regulate your own energetic 
field. This balances, recharges, and replen- 
ishes any energetic depletion you may have 
suffered during the treatment session. If you 
are affected by any pathogenic Qi, immedi- 
ately expel it from your body. 

a. Next, focus your attention on your Taiji 
Pole, imagining both the universal and 
environmental energy collecting, ab- 
sorbing, and resonating deep within 
your Lower Dantian and center core. 
This image draws Qi into your body 
like a magnet, replenishing any ener- 
getic depletion you may have experi- 
enced. By placing the fingertips to- 
gether in front of the Lower Dantian, 
you will further facilitate the replen- 
ishment of the energy. 

b. During this time the patient is allowed 
to continue relaxing on the treatment 
table and to slowly come out of the 
trance state induced by the treatment. 
The patient should then allow the Yuan 
Qi to settle back to its origin (the Lower 
Dantian), by relaxing and calming the 
mind, breathing, and posture. Instruct 
the patient not to wash the area that was 
treated for several hours because wa- 
ter absorbs some of the Qi that was pro- 
jected into the diseased area. 

Finally, wash your hands, using tepid water 
(hot water allows turbid Qi to enter the 
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Figure 26.7. As the patients practice their own individual Medical Qigong prescriptions, the Qigong doctor extends 
energy into the patients, helping to facilitate a stronger therapeutic reaction. 


doctor’s channels, cold water closes off the 

channels) to purge any of the patient’s linger- 

ing pathogens. 
ADJUSTING AND FORTIFYING THE PATIENT’S 
ENERGETIC GRIDS 

At the end of the treatment the doctor regu- 
lates the patient’s energetic fields by adjusting and 
fortifying the patient’s energetic grids (the webbing 
within the patient's energetic fields). This keeps the 
patient’s energy in harmony, allowing both his or 
her internal and external fields to operate at their 
maximum potential for health and healing. 

The Qigong doctor adjusts and fortifies the 
patient's energetic grids, to initiate a permanent 
energetic transformation for healing within the 
patient’s energetic fields, tissues, and cells. The 
body’s energetic grids are responsible for tissue 
formation and for maintaining the production, 
growth, and development of energy. These grids 
are influenced by thoughts and emotions. 

The creative subconscious mind maintains the 





body’s energetic grid formations and causes the 
physical body to act (grow stronger or weaker) in 
accordance with the energetic “blueprint” en- 
coded within the structure or webbing. After the 
Qigong doctor has changed, or corrected, the en- 
ergetic grid, the patient is given Medical Qigong 
prescriptions (homework) in the form of visual- 
izations and affirmation meditations, as well as 
Qigong exercises. 


TREATING MULTIPLE PATIENTS 

Once an energetic field in the treatment room 
is established, the patients can begin their indi- 
vidual Qigong regulations. The doctors position 
themselves according to the number of patients 
needing treatments; for example, one doctor may 
be positioned in front of several patients and ex- 
tend Qi into the patients’ energetic fields (Figure 
26.7). The doctors’ postures and energy extension 
varies according to their individual skill and en- 
ergy projection level. It is important for Qigong 
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Figure 26.8. The Qigong doctors will position themselves back to back, in the center of a circle, in order to induce 


energetic movement within the multiple patients’ tissues. 





doctors to set the pace for treatment. The patients’ 
rhythm is based on the pulse and vibration of the 
Qigong doctors. 

In China, doctors usually rotate every fifteen 
minutes when treating patients. This prevents the 
doctors from fatiguing while allowing the patients 
to absorb new and fresh Qi every fifteen minutes. 

If only one or two Qigong doctors are avail- 
able when treating several patients, then the doc- 
tors will position themselves back to back in the 
middle of the room, with their patients surround- 
ing them ina circle (Figure 26.8). After several min- 
utes the doctors will slowly begin to rotate the 
center circle extending their energy, and treating 
each patient individually. The doctor’s emitted Qi 
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combines and synergizes with the patient's Qi to 
produce a much stronger energetic healing field. 
By establishing a treatment room that facili- 
tates the regulation of the patients’ Qi, the treat- 
ments tend to become more effective with faster 
results. In China, patients are treated in a group 
treatment room environment three times every 
day (sunrise, sunset, plus one time before bed). 


ENDING THE TREATMENT 

When the treatment is over, encourage each 
patient to relax and then return the patients’ Qi 
back to its origin (the Lower Dantian). The dura- 
tion of the treatment time, and proper recupera- 
tion after Medical Qigong treatment will be ad- 
dressed next. 


DURATION OF TREATMENT TIME 

The duration of treatment time varies accord- 
ing to each patient’s disease, condition, constitu- 
tion, and age. A long treatment is usually between 
twenty and thirty minutes and is generally per- 
formed on cancer patients, senior citizens, or for 
severe traumatic or chronic illnesses. A short treat- 
ment is generally between three to fifteen min- 
utes and is usually administered for athletic 
sprains and ligament dislocations. 
PROPER RECUPERATION AFTER MEDICAL 
QIGONG TREATMENT 

Proper recuperation is very important for the 
replenishment of strength and energy after the 
treatment session (even after the patient's own 
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prescription practice}. This may include having 
the patient change his or her life activities. The 
patient must incorporate a balance of work and 
rest, and acquire regular healthy eating habits 
{with reasonable nutritional goals). Establishing 
adequate sleeping patterns is also necessary. Of 
equal importance is an open-minded positive at- 
titude by the patient, for this reason, a supportive 
network can be invaluable. 

After the Qigong treatment the patient is also 
encouraged to avoid cold showers, the consump- 
tion of alcohol, excessive sex, and recreational 
drugs. Also prohibited is anything that will emo- 
tionally shock the patient, as remaining in a quiet 
state of mind and spirit is essential. 
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CHAPTER 27 


COMBINING MEDICAL QIGONG THERAPY WITH OTHER 


HEALING MODALITIES 


COMBINING MEDICAL QIGONG 
THERAPY WITH TCM MODALITIES 

Traditional Chinese Medical treatments in 
conjunction with clinical Qigong modalities are 
generally broken down into exclusive Medical 
Qigong Therapy, Medical Qigong and Chinese 
Massage Therapy, Medical Qigong and Acupunc- 
ture/ Moxa Therapy, and Medical Qigong and 
Herbal Medicine Therapy. 


EXCLUSIVE MEDICAL QIGONG THERAPY 
Medical Qigong therapy can be administered 

by the Qigong doctor (Figure 27.1) to tonify and 
promote energy circulation or to sedate the body’s 
energetic channels and collaterals. Qigong pre- 
scriptions can also be given for the patient to prac- 
tice alone. Medical Qigong therapy by itself is 
excellent for the treatment of ailments such as: 

* Insomnia 

¢ Neurasthenia (Chronic Fatigue) 

¢ Hypertension 

* Stroke 

¢ Acute abdominal pain 


¢ Injuries to the nerves 
¢ Hemopleura (Blood in the walls of the thorax 
and diaphragm, along the pleural space) 

* Myopia 

* Migraines 

* Muscle atrophy 

¢ Sprains 

¢ Cancer 

¢ Tumors 

* Cysts 
MEDICAL QIGONG AND CHINESE MASSAGE 
THERAPY 

Medical Qigong therapy in conjunction with 

Chinese Massage therapy is a powerful form of 
combined clinical modalities (Figure 27.2). It en- 
hances tissue response as well as the activation of 
psychophysical reactions within the body. These 
therapies can be combined to clear the joints before 
setting the bones (as in Jie Gu therapy), to purge 
and dredge the channels to adjust the Qi circula- 
tion before regulating the body’s muscular system 
(as in Tui Na and Gua Sha therapies), or to disperse 
toxins before regulating the body’s internal viscera 





Figure 27.1. Medical Qigong Therapy 


Figure 27.2. Medical Qigong Therapy with Chinese 
Tissue Regulation Therapy 
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(asin An Mo and Jing Point therapies). Qigong and 
Chinese Massage therapy are most commonly used 
in the treatments of patients with: 

¢ Deep tissue obstruction 

* Stiff muscles 

¢ Frozen shoulder 

¢ Low sensitivity to emitted energy 
MEDICAL QIGONG AND ACUPUNCTURE/MOXA 
THERAPY 

Acupuncture needles are inserted into the 
patient’s body before the doctor extends Qi into 
the patient to facilitate healing (Figure 27.3). This 
also applies in the treatment of Moxa sticks in 
which the doctor extends energy into the patient 
through the burning herb. The combined energies 
(the Moxa heat and doctor’s own Qi) initiates in- 
creased Qi flow within the patient’s channels re- 
sulting in a stronger tonification. Moxa is espe- 
cially beneficial in the treatment of arthritis. 
Qigong and Acupuncture therapy are combined 
in tonification or purgation treatment. 
MEDICAL QIGONG AND HERBAL MEDICINE 
Medical Qigong Therapy in combination with 

herbal therapies (or with pharmaceutical prescrip- 
tions) are becoming more popular. There is ample 
evidence that the combination of self-applied 
Medical Qigong therapy and drug therapy is far 


superior to that of drug therapy alone. In China, 
this data is reported in several studies of patients 
with hypertension as well as in cancer patients. 

Medical Qigong therapy relaxes the body, pro- 
motes the flow of Qi, Blood, oxygen, and nutrients 
to all cells of the body, as well as promotes the re- 
moval of waste products from the cells. Medical 
Qigong also promotes drug uptake by the cells and 
tissues by means of increased microcirculation 
within the body’s microcirculatory system. This 
increased Qi flow through the body’s microcircula- 
tion nourishes diseased or stressed tissues. 

One diagnostic herbal technique I observed 
at the Xi Yuan Hospital was performed by a Qi- 
gong doctor who absorbed into his body the ef- 
fects of a specific medicine by touching the bottle 
that contained the herbs. He then extended en- 
ergy to his patient and began absorbing the 
patient’s Qi to see if the patient’s body was af- 
fected by the herbal prescription (Figure 27.4). 

The Qigong doctor is encouraged to prescribe 
herbs along with certain of the Medical Qigong 
exercises. If the Qigong doctor is not qualified to 
prescribe Chinese medical herbs, then a referral 
can be made to an acupuncturist / herbalist. The 
herbal prescriptions will vary according to the 
patient’s condition, constitution and illness. 





Figure 27.3. Medical Qigong Therapy with Acupuncture 
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Figure 27.4. A Qigong Doctor Testing the Efficacy of a Specific Herbal Medicine for his Patient 





Qigong and herbal therapies are most commonly 
used in the treatments of: 

* Tumors 

¢ Stomach cancer 

¢ Lung cancer 

¢ Hepatitis 

« AIDS 

* Stroke 


COMBINING MEDICAL QIGONG 
THERAPY WITH WESTERN MEDICAL 
MODALITIES 

Traditional Chinese Medical Qigong serves as 
a powerful tool in aiding Western medical ap- 


proaches in alleviating patients’ suffering. Because 
of its emphasis on mental, emotional, energetic, 
and spiritual approaches to healing, Medical 
Qigong therapy has been successfully combined 
as a complementary source of medical treatment 
with the following Western professional ap- 
proaches: 

¢ Pediatrics 

* Geriatrics 

¢ Gynecology 

¢ Neurology 

¢ Psychology 

¢ Oncology 


¢ Surgery 
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CHAPTER 28 


PRECAUTIONS AND ETHICAL CONSIDERATIONS FOR 


THE QIGONG DOCTOR 


AVOIDING ENERGETIC DEPLETION 

Because Medical Qigong therapy consumes 
energy, as long as the Qigong doctor’s quantity 
of energy is higher than that of the patient's, the 
doctor can transmit energy into the patient with 
no ill effect. If, however, the doctor is very tired 
or depleted and tries to treat a patient, the energy 
that the doctor is able to produce may become 
weaker than that of the patient. 

It is important to note that energy currents 
flow from high to low (much like water). There- 
fore, the doctor may, if in a weakened state, ab- 
sorb the Turbid Qi or disease energies from the 
patient. Any imbalance in the doctor’s organ sys- 
tem can increase the doctor’s vulnerability to for- 
eign pathogens. These pathogenic sensations may 
also be transmitted into the body of healthy 
people, or other patients as well. Individuals who 
have not practiced Qigong, however, and whose 
energy circulation and channel points are not 
open, are not as prone to interference by these sen- 
sations. These individuals have a natural barrier, 
or to put it plainly, they are not sensitive to ener- 
getic fields of transmission and because of their 
denial system, cannot perceive energy sensations. 

If the Qigong doctor already has a tendency to- 
wards a particular illness, exposure to pathogens 
may instigate or intensify the disease. If the doctor 
is suffering from any energetic Deficiencies, for ex- 
ample, the end result may be that the doctor per- 
forming the treatment may experience Qi deviations 
due to absorbing the patient's Toxic Qi. This means 
that more Qi and energy have been extended out- 
side of the doctor’s body than can be replenished, 
weakening the doctor’s energetic constitution. 

When treating patients the doctors receive and 
diagnose information from their Six Openings 
(also called the Six Windows of the Body). These 
Six Openings are described as follows: 


* The eyes -- open for seeing energy patterns 
and colors, 

* The ears —- open for hearing energy patterns 
and tones, 

¢ The nose -- opens for smelling different odors, 

* The tongue -- opens for tasting or flavor sens- 

Ing, 

* The body -- opens for energetic feeling sen- 
sations, and 

* The Spirit (Heart/Mind) -- opens for ener- 
getic perceptions of emotions, thoughts, and 
spiritual insight. 

While using the Six Openings for diagnosis, 
the doctor naturally depletes some life-force en- 
ergy. Since all five organs (eyes, ears, nose, tongue, 
and body) are directed by the doctor’s Spirit 
(Shen), the expenditure of energy is considerable. 
Any imbalance due to organ depletion will cause 
the doctor to absorb Turbid Qi from the patient. 
This Turbid Qi can move within the doctor’s body 
causing Qi deviations, especially if it mixes with 
the doctor’s Clear Qi. 

1. If this happens within the doctor’s Upper 
Dantian, the symptoms may include mental 
fatigue, dizziness, headaches, etc. 

2. If this happens within the doctor’s Middle 
Dantian, the symptoms may include emo- 
tional fatigue, discomfort in the Liver (hepatic 
region), etc. 

3. If this happens within the doctor’s Lower 
Dantian, the symptoms may include physi- 
cal fatigue, cold in the extremities, discomfort 
in the lower abdomen, etc. 

This is why Qigong doctors must constantly 
be refilling and rebalancing themselves energeti- 
cally. It is important to note that if the Qigong 
doctor has indeed ingested the patient’s patho- 
gens, and Qi deviations have resulted, no West- 
ern doctor, acupuncturist, or herbalist can help 
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him or her. Only the doctor with the Qi deviation 
(or with the help of another Qigong doctor) can 
change the Turbid Qi back to Clear Qi, by using 
divine energy and purging the body’s Shen, Qi, 
and finally the Jing. This supports the doctor's 
Righteous Qi and fights the invasions of the 
patient’s pathogens. 

Emission of Qi should also be avoided if the 
doctor becomes sick, tired, hungry, overfed, deeply 
grieved, indignant, or drunk. Also, if the doctor is 
unable to stay in the present mind-frame he or she 
will inevitably fall asleep or “Shen out.” To avoid 
this state of depletion, the Qigong doctor should: 

¢ Cut back on the number of patients, 

¢ Decrease treatment time—from 25 to 20 min- 
utes maximum, 

¢ Maintain a consistently healthy diet with 
supplements, 

¢ Receive frequent exposure to fresh air and 
sunlight, and 

¢ Perform the Microcosmic or other regulating 

Qi meditations in between patients. 

Note: When treating patients with Medical 
Qigong therapy the doctor should never wear the 
color red. The color red is too hot and has a dis- 
persing affect on Qi, which tends to scatter the 
body’s energetic fields, distorting the Qigong 
doctor’s Qi emission. 


PREVENTING THE INVASION OF 
TURBID QI 
When Turbid Qi enters the doctor’s body, it 
interferes with normal Qi circulation, causing dis- 
orders in part of, or in all of the energy circula- 
tory system. In mild cases, Qi may stagnate in a 
certain areas of the body (i.e., shoulder, arm, chest, 
or back), causing physical and mental symptoms. 
¢ Physical symptoms may include: tingling, 
pain, cold, contraction, heaviness, soreness, 
and distention and stuffiness in the chest; and 
¢ Mental symptoms may include: interference 
with mental activity, causing dizziness, head- 
ache, heaviness in the head, vexation, and 
restlessness. 
In severe cases, the doctor may experience the 
same symptoms as the patient, but upon physical 
examination there is no verification of any exist- 





Figure 28.1. In order to disperse the patient's Evil Qi, 
the Qigong doctor exhales while slinging the toxic 
energy into the Earth. 





ing disease. The doctor should therefore be on the 
alert to avoid any danger of developing symptoms 
from the patient after Turbid Qi is perceived. 

It is very important for doctors who treat pa- 
tients with Medical Qigong therapy to possess the 
ability to prevent and expel Turbid Qi so that it 
will not disturb their own energetic activities. Qi 
deviations are most often seen in those individu- 
als who treat patients after they have gained some 
knowledge of Medical Qigong but have no expe- 
rience, though they can occur even to some veter- 
ans of Medical Qigong practice. The interference 
by Turbid Qi is often an important factor in the 
the doctor’s health. 

When the interference by Turbid Qi is per- 
ceived, the doctor should use proper hand ma- 
nipulations and readjust energy activities to ex- 
pel the Turbid Qi immediately. If the Turbid Qi 
invades the doctor’s fingers, or penetrates into 
certain channels or points, the doctor should guide 
the Qi to the specific points, channels, and infected 
areas and then relax and shake the hands to dis- 
charge the Turbid Qi while exhaling. 
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Figure 28.2. The Qigong doctor gathers energy into his 
or her Lower Dantian and expels any and all pathogenic 
invasions out through the hands and feet. 





The doctor should be able to stop the Turbid 
Qi before it reaches the Dazhui GV-14 point on 
the upper back, Tiantu CV-22 point at the base of 
the throat, Quepen St-12 points on the front of the 
shoulders, and the Fengfu GV-16 and Fengchi GB- 
20 points on the back of the head. It is important 
to expel the Turbid Qi when it has reached the 
fingers, wrists, elbows, and at most the shoulders. 
When this occurs the doctor should drive the 
Evil Qi out and regulate his or her Qi circulation 
as soon as possible. There are several ways to do 
this: 
¢ Exhale while swinging the arms toward the 
ground, driving the Evil Qi deep into the cen- 
ter of the Earth. When treating tumors, be 
careful to disperse the pathogens out your fin- 
gers and do not allow the toxins to stick to 
your palms (Figure 28.1). 
¢ Exhale while “blowing Qi” (extending Qi) out 
of the palms (Pc-8) and feet (Kd-1) (Figure 28.2). 
* Exhale out of the mouth (but never over the 
patient, or towards anyone else). A shift in 
breathing is a common reaction when the 


Figure 28.3. To avoid absorbing the emotions from an 
energetic discharge (released from dissolving an 
energetic cluster), the Qigong doctor turns his or her 
head and expels the patient's toxic emotions. 


emotions are discharged, or when an energetic 
cluster is reached (Figure 28.3). 


GUIDELINES FOR THE MEDICAL 
QIGONG DOCTOR 

1. The Qigong doctor must avoid practicing 
Medical Qigong in wet clothes. If the doctor 
perspires a little when training, he or she 
should avoid standing in the wind; if the doc- 
tor perspires profusely, practicing should be 
discontinued as it is liable to damage the 
doctor’s Yin Qi. 

2. The doctor should not go to the toilet within 
half an hour after practicing in order to avoid 
developing a conditioned reflex. This will help 
prevent the leakage of vital energy. 

3. Patients suffering from cancer may affect the 
doctor’s Qi circulation more seriously. Care 
should be taken when treating these patients, 
or avoid treating them completely, until suf- 
ficient energy has been cultivated, and suffi- 
cient experience has been gained. 

4. The doctor must always wash his or her hands 
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with soap after each patient's treatment to 
prevent the energetic transference of diseases. 
It is important to note that washing the hands 
in cold water immediately after Qi emission 
is harmful to the doctor’s energetic field be- 
cause of the sudden shock to the system. 
Washing with hot water immediately after 
treatment, opens the channels on the doctor’s 
hands and arms, sending the Toxic Qi deep 
into the doctor’s body. To avoid these com- 
plications, the doctor should wait several min- 
utes after completing the treatment, before 
washing his or her hands. 

While waiting, the doctor should touch his 
or her finger tips together and focus on the 
Lower Dantian, allowing the Qi to settle back 
into its origin (minimum of three minutes). The 
doctor then washes up to the elbows with wa- 
ter that is room temperature to reduce the pos- 
sibility of absorbing the patient’s Turbid Qi. 

If the doctor is not able, during treatment, 
to expel the Turbid Qi right away because of 
some distraction, or if the doctor’s internal 
energy is not substantial, the Turbid Qi may 
enter his or her body through the fingers trav- 
eling up the wrists, elbows, or entering the 
Baihui GV-20, Tanzhong CV-17, Fengchi GB- 
20, Yintang (Extra Point) and Yongqauan Kd- 
1 points. If this begins to happen, the doctor 
should not continue to extend energy, but 
should stop the treatment immediately and 
perform a “closing,” expelling the Turbid Qi 
by flicking the fingers, wrists, and shaking the 
arms until all discomfort has been eliminated. 
If any Turbid Qi still lingers, the doctor should 
practice Medical Qigong exercises to regulate 
the energetic activities. 

5. Itis important that doctors, as well as patients, 
avoid strenuous activities (such as running 
immediately after Medical Qigong exercises) 
to prevent the wrong flow of vital energy or 
pain in the legs. It is always better for the doc- 
tors and patients to be active first (running, 
swimming, forms training, etc.) and then cool 
down with the Medical Qigong Quiescent ex- 
ercises (unless otherwise prescribed). 


Wu ZANG (FIVE ORGAN) MEDITATION 
FOR ENERGETIC PROTECTION 

Even after the treatment of diseases, the doc- 
tor must perform certain Medical Qigong exer- 
cises to prevent and expel any undetected patho- 
genic Qi. Otherwise the doctor may develop the 
symptoms of the illness of the patient in corre- 
sponding locations. For instance, if the patient has 
a headache or pain in the hepatic area, the doctor 
may also acquire a feeling of discomfort, numb- 
ness, itching, and pain in the head and hepatic 
region. Therefore, in clinical practice, a deep un- 
derstanding and correct judgment of the patho- 
genic Evils is compulsory. 

Today in China, the Wu Zang meditation is 
still taught to Qigong doctors for clinical use to 
prevent invasion from the patient’s pathogenic Qi. 
This meditation requires the doctor’s Shen to 
guide the Qi of the Five Yin Organs (also known 
as the Wu Jing Shen, see Figure 28.4), to make the 
body’s Qi substantial. The ending of the medita- 
tion, which causes the doctor’s Qi to be reabsorbed 
into the Taiji Pole, allows the transformed Qi to 
flow into the appropriate organs, strengthening 
the doctor’s energetic fields. 

When a Qigong doctor enters the space of a 
diseased patient, the potential for absorbing the 
patient’s pathogenic Qi is high. Noting this poten- 
tial for harm, the ancient Chinese Qigong masters 
developed certain meditations to protect themselves 
from the patient's diseased or Turbid energy. 

The Yellow Emperor's Classics on Internal Medi- 
cine states that before treating patients of any kind, 
the doctor should first perform the Wu Zang En- 
ergy meditation. It encouraged doctors to prac- 
tice this meditation before treating patients in a 
clinical environment and before entering the treat- 
ment room, because it surrounds them with a 
strong field of protective energy (Wei Qi). 

The Wu Zang meditation focuses on six di- 
rections (north, south, east, west, Heaven and 
Earth). It is very powerful and can be used to 
gather environmental Qi at the beginning of each 
season. The focus of the meditation is to extend 
each of the five organs’ energy far into the hori- 
zon to gather the Qi. When practicing the Wu Zang 
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Figure 28.4. The Wu Jing Shen Relationship of the Wu Zang Meditation 





meditation the Qigong doctor should: 
* face east during the spring equinox; 
¢ face south on the day of the summer solstice; 
* concentration on the center of the Earth dur- 
ing late summer, before the fall equinox; 
¢ face west on the day of the fall equinox; 
* face north on the winter solstice. 

Start by focusing on the center of the body. 
Imagine opening up the Baihui point (at the top 
of the head) and begin to pull in the Qi from the 
Heavens. Imagine the divine light as a bright shin- 
ing white light, illuminating and filling your en- 
tire body through the Baihui. Feel the body radi- 
ating this divine white light energy. Next, imag- 
ine this white light energy coalescing into the 
body’s center core, forming an energetic tube of 
Heavenly energy that extends from the Baihui 
point to the Huiyin point. The center core vibrates 
and resonates with the divine white light energy. 


1. Now, imagine a golden yellow mist of Qi aris- 
ing from under the Earth and filling your 
body and connecting with the Spleen organ. 
Next, feel this golden light Earth energy en- 
velop the center core of divine white light en- 
ergy, merging together and synergizing. This 
represents the energy of your Yi (Intention), 
to root and stabilize your power. 


2. Begin to focus on your Heart and imagine a 


portal opening and the Qi flowing out of your 
Heart like a red swirling wind in front of you, 
full of power, protecting you with your Shen 
and the fire of a red phoenix. This represents 
your innate spirit, alive, graceful yet powerful. 


3. Focus your attention on your back and the 


Kidneys and Mingmen area. Imagine a por- 
tal opening and the Qi flowing out of your 
Mingmen behind you like water. Out of this 
water grows an enormous dark blue turtle, 
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Figure 28.5. The Wu Zang Meditation 





whose shell protects you like a mighty shield. 
This represents the energy of your Zhi (Will- 
power), and the Jing and Zhi of all your an- 
cestors, backing you and supporting you. 


. Place your attention on your Lungs and visu- 


alize a portal opening on your right side of 
your body, under the right ribs. Imagine the 
Lung Qi flowing out of to the right side of 
your body like steam, forming a white tiger, 
as strong as steel. This represents the Po and 
the body’s animal nature, that guards and pro- 
tects you with an animal passion for survival. 


5. Next, place your attention on your Liver and 


visualize a portal opening on your left side of 
your body, under the left ribs. Imagine the 
Liver Qi flowing out of to the left side of your 
body like steam, forming a green dragon, sin- 
ewy and resilient as bamboo. This represents 
the Hun and the body’s divine nature, guard- 
ing and protecting you with a spiritual pas- 
sion for victory. 


. Each animal begins to rotate to the left, pro- 


tecting, stalking, and defending the previous 
animal's position (Figure 28.5). Slowly begin 
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to circle these energies, then increase their 

speed (like a mighty wind) counterclockwise 

around your body, blending these colors to- 
gether, to form an energy bubble. 

After forming a protective rainbow hue 
around your body, draw the energies back in 
through the Baihui point and return the en- 
ergy of each organ color back to its origin (the 
color red retums back to the Heart, dark blue 
to the Kidneys, white to the Lungs, and green 
back to the Liver). As the colors return back 
to their organ of origin, imagine steam (white 
light) flowing out of the pores and filling up 
the energy bubble created by the animal rota- 
tion. This forms a solid connection between 
the body’s internal organs and the body’s ex- 
ternal field of energy. 

7. When the protection of the body with the Five 
Elements is done, imagine that there are many 
sparkling lights like the Big Dipper above 
your head. Then you can enter the room of 
the patient, safe and protected. 

Keep in mind that you can send the five or- 
gan energy outside of your body instantly, any 
time you need protection. Some schools teach the 
doctor to extend his or her energy like mist out 
through the eyes, enveloping the body with the 
five organ colors (green, red, yellow, white, and 
dark blue/ indigo). 


CREATING A PROTECTIVE ENERGETIC 
FORCE FIELD 

This second meditation also establishes a 
powerful energetic force field, needed to protect 
the doctor from any attack or attachment of ex- 
ternal pathogenic Qi. It consists of wrapping the 
doctor’s external fields of Wei Qi to increase the 
energetic field’s power. 

This is similar to wrapping a magnet with 
coils of wire to increase its magnetic field (Figure 
28.6). 

1. Begin from a standing Wuji posture. Focus 
on all the body’s energy collecting into the 
Lower Dantian. Concentrate the Qi in the 
Lower Dantian, condensing it into a dense 
ball of white light energy. Imagine this ball 





Figure 28.6, Creating a Protective Energetic Forcefield 


of white light energy exiting the body 
through the navel and circling the body, spin- 
ning in a counterclockwise direction nine 
times, wrapping the Belt Vessel, Mingmen 
GV-4 and Shenque CV-8 points. 

2. Move the energy ball down to the perineum 
and continue circling the lower body in a 
counterclockwise direction nine times, spin- 
ning and wrapping the Huiyin CV-1 and 
Changqiang GV-1 points. 

3. Move the energy ball down to the knees and 
continue circling in a counterclockwise direc- 
tion nine times, spinning and wrapping the 
ascending Yin channels and descending Yang 
channels of the legs. 

4. Move the energy ball down to the ankles and 
continue circling in a counterclockwise direc- 
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tion nine times, spinning and wrapping the 
ascending Yin channels and descending Yang 
channels of the legs. 


. Move the energy ball down to the bottom of 


the feet and continue circling in a counter- 
clockwise direction nine times, spinning and 
wrapping the Yongquan Kd-1 points. 


. Move the energy ball several feet into the 


ground and continue circling in a counter- 
clockwise direction nine times, spinning and 
wrapping the body’s Earth Transpersonal 
point. This energetic point (under the ground) 
is responsible for establishing the body’s 
rooted connection to the Earth and for absorb- 
ing the Earth energy into the body’s internal 
organs, channels, and collaterals. 


. Next, imagine the energy ball slowing down 


and stopping its rotation, pulsing for several 
heartbeats, then reversing its energetic rota- 
tion, and beginning to spin in a clockwise di- 
rection nine times. The direction and flow of 
the energetic ball now reverses its orbit, as- 
cending and circling the same areas and 
points nine times, until it returns back to the 
navel. 


. From the navel move the energy ball up to 


the solar plexus area and continue circling the 
body ina clockwise direction nine times, spin- 
ning and wrapping the Jiuwei CV-15 and 
Zhiyang GV-9 points. 


. Move the energy ball up to the Middle Dan- 


tian at the center of the chest, and continue 
circling in a clockwise direction nine times, 
spinning and wrapping the Heart, Shanzhong 
CV-17 and Shendao GV-11 points. 

Move the energy ball up to the throat and con- 
tinue circling in a clockwise direction nine 
times, spinning and wrapping the Tiantu CV- 
22 and Dazhui GV-14 points. 

Move the energy ball up to the Upper Dan- 
tian at the Third Eye area, and continue cir- 
cling in a clockwise direction nine times, spin- 
ning and wrapping the Yintang and Naohu 
GV-17 points. 

Move the energy ball up to the top of the head 
and continue circling in a clockwise direction 


13. 


14. 


15. 


16. 


nine times, spinning and wrapping the Baihui 
GV-20 point. 

Move the energy ball several feet above the 
head and continue circling in a clockwise di- 
rection nine times, spinning and wrapping the 
body’s Heavenly Transpersonal point. This 
energetic point (above the head) is responsible 
for establishing the body’s extended connec- 
tion to the Heavens and for absorbing the di- 
vine energy into the body’s internal organs, 
channels, and collaterals. 

Next, imagine the energy ball slowing down 
and stopping its rotation, pulsing for several 
heartbeats, then reversing its energetic rota- 
tion, and beginning to spin in a counterclock- 
wise direction nine times. The direction and 
flow of the energetic ball now reverses its or- 
bit, descending and circling the same areas 
and points nine times, until it returns back 
down to the navel. The body should now be 
encircled, above and below, with several ha- 
loes of white light energy. 

Finally, imagine the white light energy ball 
absorbing back into the body through the na- 
vel. As the energy ball descends back into the 
Lower Dantian, imagine energetic steam fill- 
ing the entire body. 

Once the body is completely full, the steam 
begins to exit the body through the pores and 
begins connecting and filling the space out- 
side the body with white light energy, form- 
ing an energetic cocoon. This cocoon creates 
an energetic force field which protects the 
Qigong doctor from pathogenic invasion. 


CLINICAL ETHICS 


The study of clinical ethics refers to the mo- 


rality of the Qigong doctor and the ability to set 
boundaries. The study of morals in the therapeu- 
tic relationship involves reflecting upon the ide- 
als the doctor assumes as a professional care giver 
and the enforcement of these professional stan- 
dards in his or her actual behavior. Both the mo- 
rality and the self reflection are engaged, both 
consciously and unconsciously, to align the 
doctor’s values with his or her actions. 
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Ethical behavior stems from the doctor’s in- 
ternal values and actions (emotionally, cognitively, 
and spiritually) and his or her sense of external 
connection (physically, existentially, and socially). 
The Qigong doctor’s behavior should be always 
congruent with high ethical standards and in har- 
mony with his or her values, intuition, knowledge, 
and feelings. 

The importance of establishing ethical stan- 
dards for the doctor-patient relationship is to 
avoid those behaviors which prove to be counter 
therapeutic, and encourage those that are most 
effective therapeutically for the patient. The pa- 
tient, as well as the doctor, rely upon each others’ 
trust and boundaries. It is the Qigong doctor’s 
responsibility to create a context for the patient, 
in which the patient can make a change in his or 
her life in safety. 

When patients are treated energetically, they 
relax into an altered state of consciousness. This 
causes the patient's boundaries to become relaxed 
or nonexistent. Because Medical Qigong therapy 
often reveals intimate knowledge of the patient's 
life and life-style, there is a danger of enmeshment, 
ie., of co-dependent relationships forming (see 
Chapter 19). 

When working with patients, doctors some- 
times encounter intense physical, mental, emo- 
tional, and spiritual reactions from the patients. 
These experiences tend to disperse the patients’ 
boundaries and can confuse the roles between the 
doctor and patients, intensifying transference and 
triggering countertransference. 

When both the doctor and patient have a per- 
sonal relationship with a divine higher power, it 
naturally brings them into a state of divine heal- 
ing and spiritual wisdom. The acknowledgment 
and honor of this divine relationship should es- 
tablish ethical boundaries. This is especially true 
as the doctor begins to see the bigger picture of 
how his or her intentions and actions (in relation- 
ship with patients) affect others in a rippling out- 
ward motion. It is important that doctors also see 
the effect on themselves when they take certain 
actions towards others, including their patients. 


CONSCIOUS AND SUBCONSCIOUS 
CLINICAL INTERACTIONS 

Clinical experiences are divided into two 
states of interactions: the body/mind and emo- 
tional / spiritual. 

* The body / mind interaction deals with ordi- 

nary states of consciousness, such as: talking, 
thinking, analyzing, working, interacting with 
the material world and other human beings. 
These different qualities of interactions help 
the doctor to define and categorize, educate, 
and establish his or her solid belief structures. 
The emotion/ spirit interaction deals with sub- 
conscious states of communication, such as: 
perceiving, sensing, intuiting, interacting with 
the spiritual / metaphysical world, as well as 
with energetic fields. Every day people go into 
states of light trance (daydreaming, spacing- 
out, etc.) allowing their focus of attention, 
thoughts, feelings, sensations, and intuitions 
to interconnect with their environment and 
that of the divine. This allows access to infor- 
tation and facilitates the healing and under- 
standing of themselves and their life experi- 
ences. 
Because most wounding involves an emo- 
tional / spiritual trauma at the time of the incident, 
the patients must relive this trauma during their 
healing process. Through the emotional / spiritual 
interaction between the Qigong doctor and his or 
her patients, ingrained habits of thought, feelings, 
and perceptual understandings begin to recede, 
diffuse and break down. This causes the patients 
to find a new understanding of certain traumas 
and allows them to reclaim disconnected parts of 
their past (soul retrieval). 

Each time patients transcend to a new level 
of understanding of their fears and belief struc- 
tures, they change, mature, and expand to adjust 
to the new mental, emotional, and spiritual 
growth. The moment that patients break out of 
their old boundary structure, feelings of emotion 
rush through their body/mind, followed by a 
sense of either expansiveness or disorientation as 
they find themselves in unfamiliar territory. 

It is not useful for patients to relive their emo- 
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tional traumas without the awareness, under- 
standing, and insight of the process they are un- 
dergoing. To relive the trauma without this aware- 
ness leads to re-traumatization. That is why the 
Qigong doctor coaxes the patients through the 
“five stages of emotional healing” (see Chapter 
19). The patients can then experience their past 
emotions in the present time, and become free of 
them through present awareness, rather then re- 
peating the past through a continuous loop of re- 
pression and denial. In the clinic, this is known as 
“emotional time traveling” and refers to the prac- 
tice of allowing the patients the experience of re- 
living past traumas through their presently in- 
creased state of awareness and knowledge. At this 
point of transition, the patients will not only ex- 
perience the emotions and sensations from their 
past, but may also experience the motivations and 
emotions of the perpetrators as well. 

The empathic knowledge of the perpetrator’s 
emotions is due to the victim’s identification pro- 
cess with the abuser. This phenomenon is well 
recognized in helpless hostage situations, and is 
a major contributor to childhood victims of physi- 
cal, sexual or emotional abuse “acting out” their 
repressed fears, angers, and pain, in similar ways 
to the manner in which they were abused. 


ESTABLISHING DOCTOR AND PATIENT 
AGREEMENTS 

For the protection and integrity of both the 
doctor as well as the patients, it is important that 
a description of the clinical procedures that are to 
be used, their physical and energetic boundaries, 
as well as their limitations, be firmly established. 
The following seven principles are used to estab- 
lish the foundation of clinical ethics. 

1. The Qigong doctor will cause no harm (physi- 
cal, mental, emotional, or spiritual). The 
Qigong doctor will maintain a high standard 
of skill, knowledge, and professional conduct, 
offering his or her services without favorit- 
ism, prejudice, or discrimination with regards 
to race, religion, nationality, gender, or sexual 
orientation. 

The Qigong doctor is committed to the 
patients’ education and personal develop- 


ment of practicing Medical Qigong methods 
that relieve pain, suffering, and other symp- 
toms of illness. The doctor will exercise his or 
her best judgement to determine if the thera- 
peutic techniques prescribed for patients are 
contraindicated, dangerous, or not in the best 
interest of the patients. 

The doctor will never make negative sug- 
gestions, criticize, or tell the patients that they 
will get worse or are in bad shape, as that de- 
stroys the patients’ hopes and is counterpro- 
ductive to healing (this is known as “clinical 
hexing”). Clinical hexing will cause patients, 
who trust the doctor, to sabotage their own 
healing potential by succumbing to the 
doctor’s particular beliefs about their condi- 
tions. 

One example of trusting a doctor’s diagno- 
sis to ruin, happened last year in 1999, when 
two patients’ lab tests were accidently 
switched. The healthy patient, whose lab test 
had been switched, was informed by the West- 
ern doctor that she had terminal cancer; and 
the patient with terminal cancer, on the other 
hand, was given a clean bill of health. The 
healthy patient died several months later as a 
result of believing the doctor’s diagnosis of 
having a terminal condition; whereas the pa- 
tient with terminal cancer (believing that there 
was nothing wrong) resumed a normal, ac- 
tive life-style, and the patient’s cancer went 
into remission. 


. The Qigong doctor will keep all sessions in 


confidence. The Qigong doctor will keep all 
patient information strictly confidential, in 
keeping with ethical and legal standards held 
by other health care professionals. This allows 
patients to experience the treatment in safety 
and give honest feedback. 

Exceptions to the rule of confidentiality are 
as follows: when the patient is a danger to self 
(intending suicide), or others (intending homi- 
cide), when the patient has a life threatening 
emergency, in cases of suspected child abuse 
(sexual, physical, or neglect), and elderly abuse 
(sexual, physical, neglect or fiduciary). 
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3. The Qigong doctor will first receive informed 
consent from the patient before starting the 
treatment, or informed consent of the patient's 
legal guardian. Before treatment, the Qigong 
doctor explains to the patient the therapeutic 
goal of the treatment, and what the patient 
may energetically and emotionally expect to 
experience. The doctor will respect the 
patient’s boundaries at all times, before, dur- 
ing, and after each treatment. At times the 
doctor may have to impose boundaries for 
patients who cannot do so for themselves, in 
order to avoid total enmeshment, which 
would endanger the professional relationship. 
. The Qigong doctor and the patient will tell 
the truth to each other. No part of the Medi- 
cal Qigong diagnosis should ever be hidden 
from the patient, yet the truth should always 
be delivered with hope, since no one can be 
certain of the future. 

The Qigong doctor should never make un- 
realistic, inaccurate, or false claims about 
Medical Qigong therapy, or give the patient 
false hope. A realistic assessment of the 
patient’s condition should always be con- 
veyed, and if need be, the patient should be 
referred for additional medical or psychologi- 
cal modalities of treatment. 

. The Qigong doctor will honor all agreements 
established with the patient. It is important 
for the patient to be able to rely on the doctor’s 
trust. Because this is a critical factor, the doc- 
tor is never allowed to borrow money, cars, 
etc. from patients. 

. The Qigong doctor and the patient will not 
act sexually or romantically with each other. 
The Qigong doctor will not instigate or toler- 
ate sexual advances while interacting with his 
or her patients. Although there are times that 
the patient, or doctor, may experience certain 
attractions towards each other, acting out on 
these feeling will cause an emotional /sexual 
entanglement which will be detrimental to the 
patient's healing. 

. The Qigong doctor and the patient will agree 
on the time, place, duration of treatment, and 


fee. The Qigong doctor must be consistent in 
maintaining an established clinical treatment 
time and location. This instills a stable secu- 
rity for the patient and doctor. If this bound- 
ary is not maintained, patients without strong 
boundaries will take advantage and hurt both 
doctor and themselves. The Qigong doctor is 
responsible for giving adequate advance no- 
tice (two weeks) to the patient of any and all 
treatment or fee changes. If, for example, the 
original agreement was for six or fewer ses- 
sions and the doctor changes fees after the first 
session, the original agreement must be up- 
held (new patients however, will be charged 
the new fee). 


POWER DYNAMICS AND ETHICAL 
BEHAVIOR 

In any clinical setting there is an active power 
dynamic at work. Generally it is the doctor who 
maintains the power over the patient, as the pur- 
pose of the patient's visit is for help or assistance 
in specific healing. As the patient has come to the 
doctor with expectations, it is important for the 
doctor to be congruent with these expectations. 
These expectations set both the standard of the 
patient’s healing and the power dynamics of the 
relationship. Through the power dynamics of the 
doctor-patient relationship there can develop three 
classical problems: Transference, Counter-transfer- 
ence, and Emotional-Sexual Entanglement. 

1. Transference is the process whereby a patient 
unconsciously transfers feelings, thoughts, 
beliefs, and patterns of behavior that had been 
previously experienced towards others onto 
the doctor. 

2. Counter-transference is the process whereby 
a doctor loses his or her objectivity and un- 
consciously transfers feelings, thoughts, be- 
liefs, and patterns of behavior to the patient. 

3. Emotional-Sexual Entanglement is the process 
whereby the doctor and patient both lose their 
objectivity and transfer emotional-sexual feel- 
ings, thoughts, beliefs, and patterns of behav- 
ior onto each other. 

In order to prevent these types of enmeshment 
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and co-dependent relationships from happening, 
it is important for the doctor to constantly main- 
tain his or her boundaries. The doctor and patient 
both must remember that it is the patient who ac- 
tually does the healing in energy work, the doc- 
tor merely creates the situation in which this en- 
ergetic transformation can transpire. 


PITFALLS 

There are certain pitfalls the Qigong doctor 
should be aware of and may experience, if a 
boundary has already been, or is beginning to be 
violated. These experiences are described as fol- 
lows. 

* The doctor begins to identify with the 
patient's problem and feels the need to dis- 
cuss his or her own similar problems with the 
patient. 

* The doctor begins to become emotionally at- 
tached or attracted to a patient sexually and 
feels the need to act on it (i.e., asks for a date, 
inappropriate touching or sexual contact). 

¢ The doctor begins to feel the need to go out of 
the way above and beyond the normal course 
of responsible treatment to meet a patient's 
needs. 

« The doctor begins to treat the patient for free. 

¢ The doctor begins to find him or herself be- 
coming overprotective, or worrying about a 
patient at inappropriate times. 

* The doctor begins to need validation from his 
or her patient (this approval can be either as 
a healer, emotionally, or sexually). 

¢ Arranging an exchange of services with a pa- 
tient can often lead to the patient feeling 
abused or hurt. 

* Allowing the patient to build up a large bill 
to be paid back later is unethical and may lead 
to legal action. 

¢ Disclosing too much personal information re- 
garding self (the doctor) in order to help the 
client can make the patient feel responsible 
for the doctor’s well-being. Self-disclosure can 
be used very sparingly when the patient can 
benefit from solutions that worked for the 
doctor. It is safer, however, to pretend that 
these situations came from someone else. 


* The doctor does not listen carefully to what 
the patient is saying, thinking that he or she 
knows what the problem is in advance. 

Itis important for the doctor to remember that 
the patient’s emotional / spiritual safety and health 
must always come first. To avoid sinking into one 
of these pitfalls, the Qigong doctor is encouraged 
to constantly monitor his or her own actions and 
motivations. This is a broad and important topic 
that is often neglected in professional training and 
education. Because it is well dealt with in Kylea 
Taylor’s book entitled, The Ethics of Caring, I en- 
courage the reader to refer to this work for in- 
depth treatment of this subject. 


CLINICAL BURNOUT AND MEDICAL 
QIGONG THERAPY 

One classic problem all healers encounter is 
clinical burnout. The condition known as clinical 
burnout results from chronic job stress, and may 
sometimes occur to the Qigong doctor. This con- 
dition is characterized by extreme frustration, dis- 
appointment, physical and emotional exhaustion, 
and sometimes physical illness. The result of this 
condition is the doctor’s loss of concern for the 
patients, or the loss of fulfillment with his or her 
performance as a healer. The Qigong doctor is sus- 
ceptible to experiencing clinical burnout, espe- 
cially if he or she feels that: 

¢ There are too many or too few patients; 

* Too little time is spent for recreation; 

* There is too much stress in his or her life; 

* Not enough attention is placed on self care 
and personal psychological growth; and 

* Not enough attention is placed on a personal 
spiritual path and practice. 

If the Qigong doctor’s life revolves primarily 
around the clinic (which is usually the case), he 
or she will disproportionately come into contact 
with the patients’ pain and emotional traumas, 
as well as be chronically bombarded with toxic 
energetic discharges released from the patients. 

Sometimes patients, in order to heal their in- 
tense emotional traumas, require an enormous 
amount of spiritual, emotional, and mental sup- 
port from the doctor. If the doctor does not care- 
fully monitor his or her own energetic reservoir, 
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this may result in Qi depletion. 

If Qigong doctors expend all their spiritual / 
emotional energy from intense personal interac- 
tion and enmeshment with their patients during 
treatment, the toxic interaction will deplete the 
doctors, resulting in complete physical and men- 
tal exhaustion. If Qigong doctors become depleted 
in the middle of a treatment, they may abandon 
their Upper Dantian (psychic) connection with pa- 
tients (spiritually, emotionally, and/or energeti- 
cally), and begin to suddenly express feelings of 
criticism, anger, disappointment, or grief. This 
reaction occurs when the Qigong doctors’ own in- 
ternal organ energy, depleted and worn, becomes 
susceptible to absorbing the patients’ powerful 
emotional discharges. The problem of clinical 
burnout usually stems from energetic boundary 
invasion. Remember, Medical Qigong healing re- 
quires that the doctor heal him or herself first. 

Often, a Qigong doctor’s clinical burnout is 
primarily related to the unresolved personal is- 
sues and not the number of patients on the case 
load, or the amount of environmental stress the 
doctor experiences. 


ENERGETIC BOUNDARY INVASION 

In understanding clinical burnout due to en- 
ergetic boundary invasion and its relationship 
between the doctor and patient interaction, it is 
important to review seven important factors 
which control and transform the body’s energetic 
fields. 

1. Energy exists on different planes. The body is 
like a complex hologram, composed of physi- 
cal, mental, emotional, and spiritual planes 
of energy. The spiritual field of energy con- 
trols the emotional and mental energetic field, 
which in turn controls the physical energetic 
field. These energetic planes affect and con- 
trol the energetic formation of the body’s cells, 
tissues, organs, and organ systems. 

2. Because the body produces heat, light, elec- 
tricity, magnetic energy, and resonate vibra- 
tions, these natural energetic releases create a 
basic Yin (negative) and Yang (positive) po- 
larity, which is found in all manifestations of 
energy. ; 


3. Everything in the body is in vibratory motion. 
Various forms of tissue develop from differ- 
ent energetic vibrations. When the body’s 
energy begins to slow down, it begins to take 
on a denser form of resonant vibration. The 
impediment of this resonant energetic vibra- 
tion can stem from trauma or shock to the 
system (physical or emotional), resulting in 
energetic stagnations and disease. 

4. The body’s internal organs collect and store 
emotional energy, both positive and negative. 
As any suppressed, or “stuffed,” emotional 
energy begins to culminate, the body will 
naturally (and quite frequently) disperse these 
internal emotional charges. They are gener- 
ally released externally through: the Respira- 
tion, the Posture, and the Mental Dialogue. 

The respiration, (which includes sighing and 

laughing), is released from the Heart, shout- 

ing released from the Liver, groaning from the 

Kidneys, crying from the Lungs, and singing 

from the Spleen. 

The posture includes the body’s physical 

structure adapting or conforming to an Ex- 

panded-Yang or Contracted-Yin energetic in- 
fluence. 

The mental dialogue includes both benign 

and malignant thought patterns. 

5. The body has three primary energy centers 

known as Dantians. Each Dantian resonates 

at its own distinct vibration and is responsible 
for specific modes of interacting with others 
in interpersonal communication. 

The Lower Dantian is considered the most 

physical energetic base. It is the most dense 

and has the slowest vibratory rate of the Three 

Dantians and communicates kinetically with 

the outside environment. 

The Middle Dantian is considered the emo- 

tional and mental base. It has moderate reso- 

nances and communicates empathetically 
with the outside environment. 

The Upper Dantian is considered the spiritual 

base and has the fastest and most delicate of 

the vibrational interactions. The Upper 

Dantian functions at an intuitive level. 


* 
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6. When communicating, the body will interact 
from all five levels: physical, mental, emo- 
tional, energetic, and spiritual. This interac- 
tive communication will sometimes energeti- 
cally fuse with the external environment, in- 
cluding people. 

7. Our external and internal thoughts and feel- 
ings, as well as tissues and cells are all by- 
products of energetic interactions, stemming 
from communication from within ourselves 
and our environment. 

After reviewing the following facts, the Qigong 
doctor can understand why every time he or she 
connects with a patient, the patient’s energetic fields 
will automatically be energetically ingested by the 
doctor. The doctor does this consciously in order to 
analyze the patient’s emotional past, as well as 
present emotional outbursts. Although the doctor 
and patient's energies fuse together, the fields of en- 
ergy around the doctor’s internal organs generally 
protect the doctor from absorbing negative emo- 
tions. These energetic boundaries also extend out 
into the doctor’s Wei Qi field. 

Both the patient’s and doctor’s Wei Qi fields 
are fused during interaction and treatment. It is 
therefore imperative that the doctor’s energetic 
boundary system maintain its structure (both in- 
ternally and externally), yet be permeable while 
treating the patient. The doctor must not lose sight 
of his or her purpose. Any criticism aimed at the 
doctor should not be taken seriously, nor should 
any inappropriate behavior by the patient. The 
doctor’s Wei Qi field should be at maximum 
strength. If not, the cords of energetic attachment 
flowing from both the doctor and the patient allow 
energetic emotional transference to happen. If the 
doctor, for example, has a preexisting Liver Heat 
condition, it will be further compounded by the in- 
flowing of the patient's released of anger and rage. 
If and once this happens, the patient may feel re- 
lieved, but the doctor will become quite agitated. 


STRENGTHENING THE DocTor’s 
ENERGETIC BOUNDARIES 

It is important for the Qigong doctors to al- 
low the patients’ emotions to constantly flow 
through their own bodies, feeling, understanding, 
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then releasing these feelings. If at any one point 
in this transition, a doctor (because of personal 
issues) suddenly stops the flow of emotions and 
begins to focus, or dwell on, a particular type of 
energetic charge, the patients’ discharging emo- 
tions will invade the doctor’s body. 

To avoid energetic boundary invasion the 
doctor should maintain a regular Qigong medita- 
tion and exercise program. This program should 
include the following exercises and meditations. 

1. Practice Qi dredging and emotional dispers- 
ing exercises and meditations to release your 
own emotional traumas. 

2. Perform Qi and organ strengthening exercises 
and meditations to strengthen both your in- 
ternal organ energies, as well as the three 
fields of Wei Qi. Since the emotions are stored 
within the body’s internal organs, strength- 
ening these organs will facilitate a stronger 
control of the body’s emotional energy. 

3. Practice Qi regulation and balancing exercises 
and meditations to balance the body’s Yin and 
Yang, as well as internal and external ener- 
getic channels, organs, and organ systems. 
This helps to control the energetic surges re- 
leased from internal emotional discharges. 

4, Maintain emphasis on the energetic ground- 
ing and the divine hook-up meditations be- 
fore treating patients. These meditations are 
important for establishing an emotional as 
well as spiritual boundary, and will assist you 
in avoiding clinical burnout and energetic 
boundary invasion. 

5. Maintain emphasis on personal time, includ- 
ing any and all spiritual, social, and recre- 
ational times away from the clinic. 


CAUSES OF SPIRITUAL DRYNESS 
Sometimes clinical burnout can result from 
“spiritual dryness.” This type of burnout can re- 
sult from experiencing a “dry period” of spiritual 
insight and perception. It can occur during clini- 
cal observations and treatments, resulting in frus- 
tration for the doctor. Spiritual dryness is com- 
monly due to one or more of the following five 
conditions. 
1. If the doctor is tired, hungry, or sick, the fo- 
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cus will tend to be on the doctor’s own par- 
ticular needs instead of the patient's. 

. Adisconnection from the divine is caused by 
guilt, lack of forgiveness (self-blame), shame, 
etc., resulting in a loss of spiritual vision. It is 
important for the Qigong doctor to have an 
open and honest connection with the divine 
to receive the more subtle spiritual insights. 
Without this type of transpersonal relation- 
ship, the Qigong doctor’s ability to dissolve 
into the Wuji surrounding the patient's tissues 
can be hindered. 

. Rushing personal meditation time is caused 
by failing to relax during the preparation 
meditation practice (the divine hook-up). This 
condition is normally caused by worries or 
preoccupations due to hidden agendas, that 
disturb the doctor’s Shen prior to meditation. 
It is important for the doctor to relax and re- 
turn to a state of quiescent peace, in order to 
truly listen to the divine. 


4. Getting into a rut is caused by the doctor per- 


forming repetitive Shengong meditations in 
a mechanical way (.e., the same way an indi- 
vidual will routinely brush his or her teeth), 
thus losing the emotional and spiritual con- 
nection with the core self. The meditation then 
becomes meaningless and powerless (just 
words and no spirit). To avoid getting into a 
rut, the doctor should try to experience each 
meditation as a time of new beginnings and 
enlightenment, and not as a mandatory rou- 
tine. 


. Itis important for the doctor to be able to share 


emotional and spiritual insights with other 
colleagues in the same field of work, and 
when appropriate, with the patient. This shar- 
ing of spiritual insights, observations, fears, 
and triumphs renews the doctor’s confidence 
in his or her spiritual gifts, and maintains a 
strong faith in the healing potential of Medi- 
cal Qigong therapy. 
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CHAPTER 29 


PRINCIPLES AND PARAMETERS OF MEDICAL QIGONG 


THERAPY 


The foundational factors of the patient's state 
of health originate from their actions, thoughts, 
and feelings. A Qigong doctor, studying a patient’s 
physical problems, understands that the origin 
and solution to these problems are to be found 
within a patient's recurring thought patterns, both 
conscious and unconscious. 

The brain processes data consistent with what 
it is familiar with; patients will generally experi- 
ence and accept information that coincides with 
their own belief system. Their consciousness then, 
creates its own reality, resulting in either health 
or disease. 

Good health is a result of bringing the patient’s 
own unique spiritual and emotional essence back 
into consciousness and increasing the awareness of 
the physical body. Both health and disease are cre- 
ated through this process which is the foundational 
base for clinical Qigong treatments. 


THE FIVE METHODS FOR TREATING 
PATIENTS 

Qigong doctors generally use five methods 
for treating their patients’ diseases (Figure 29.1). 
These methods initiate an energetic restructuring 


within the patient’s body. The five methods are 
described as follows. 

1. The doctor uses his or her own Qi to initiate 
the healing. 

2. Qi is drawn, by the doctor, from the surround- 
ing natural environment (from the energetic 
fields of the Earth) to be emitted to the patients. 

3. Qiis drawn, by the doctor, from the surround- 
ing universe (from the energetic fields of the 
Heavens) to be emitted to the patients. 

4. Divine energy is channeled through the doctor 
to treat the patients. 

5. Homework is prescribed in the form of self- 
regulation exercises and meditations to support 
the healing process. 


THE NINE STAGES OF TREATMENT 
Using these five methods of treatment, the 
Qigong doctor initiates nine stages of healing within 
the patient’s body. The healing process will always 
vary according to the belief structure of the patients, 
their acceptance and performance of the Medical 
Qigong prescriptions, and their willingness to 
change. The Qigong doctor’s nine specific stages in 
treating a patient are described as follows. 


Divine Energy 


Heavenly Energy 


Qi of Dao 


Earthly Energy 


Universal Qi a ee ee Environmental Qi 
Patient ee 


Qi Emission oe 


Doctor’s Qi 





Homework Prescriptions 
Self-Regulation Exercises 


Figure 29.1. Five Methods Used For Treating Patients 
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The Subtle Wonders 


The Mysterious Wonders 


The Incredible Wonders 


Expensive or Contracted, 

Heavy or Weightlessness, 

Cold or Hot, and 

Tingling, or Vibrating Sensations 


Flashing Light Sensations, 
Sound Sensations, 

Smell Sensations, and 
Fainting (Syncope) Sensations 


The patient will experience 
various colored lights, sounds, 
smells and other sensations 
according to the doctor’s intention. 


Figure 29.2. The Three Wonders 





1. Activate, connect, and energize the patient's 
energetic field; 

. Dredge the patient’s channels and collaterals; 

. Purge and eliminate any energetic Excess; 

. Tonify any energetic Deficiencies; 

. Regulate the Qi and Blood content of the 
patient's Yin and Yang organs (harmonize the 
organ Jing); 

6. Regulate the patient’s Prenatal and Postnatal 
Qi (harmonize the Qi of the Three Dantians 
and Taiji Pole); 

7. Balance the patient's Yin and Yang Shen (har- 
monize the Heart / Mind and Emotions); 

8. Seal the patient’s external field of energy; 

9. Give prescriptions. 


Ok & Nh 


THE THREE WONDERS OF MEDICAL 
QIGONG THERAPY 

The cultivation of Qi and Shen through Medi- 
cal Qigong therapy generates what is described 
as the Three Wonders. These Three Wonders con- 
sist of the three separate transformations of ener- 
getic abilities that the Medical Qigong doctor and, 
sometimes, the patients experience (Figure 29.2). 
The Three Wonders are explained as follows: 
THE SUBTLE WONDERS 

The Subtle Wonders consist of subtle changes 
inside and outside the body, known as the Eight 
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Energetic Touches. These interactions of tissue and 
energy form the physical sensations and manifes- 
tations of Yuan Qi. When the doctor emits Qi to treat 
diseases, involuntary phenomena can occur in- 
stantly, or gradually, in local areas of the limbs, or 
the patient's whole body. In some cases the muscles 
stir slightly, while in other cases the limbs, or the 
body, will perform extreme, harsh movements. This 
results from the patient's external energy (Wei Qi) 
inducing spontaneous movements. 

When the Qigong doctor emits energy to treat 
diseases, some patients produce, in local areas, elec- 
tromagnetic, or stimulating, sensations of Qi simi- 
lar to those felt in Qigong circulation/ cultivation 
exercises and meditations. This includes: cold or hot 
sensations, feelings of compression or tugging, im- 
pressions of creeping or tingling, experiences of 
heaviness or lightness, and of floating or sinking, 
as well as other sensations. The Subtle Wonders re- 
sult from energy in the channels circulating and 
responding to the doctor’s intention. 

Generally, the effects of Qi on the body are 
manifested in physical sensations and sensory 
phenomena during Qigong exercises. These phe- 
nomena are all manifestations of the free move- 
ment of Qi in the channels, collaterals, and inner 
body circulation. 

The doctor may also experience these same sen- 
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sations while extending energy into the patient. The 
doctor should be able to sense the patient's Qi cir- 
culation, density, direction, as well as his or her own 
energy. The sensations known as the Eight Ener- 
getic Touches of the Subtle Wonders are: Expansive, 
Contracted, Heavy, Light or Weightlessness, Cold, 
Hot, Tingling or Itching, and either Vibrating, Shak- 
ing, Rippling or Moving. 

1. When the Qi is circulating freely within the 
body, the capillaries expand as the body’s 
energetic field expands, resulting in the sen- 
sation of being very large, tall, and expanded. 

2. When the Qi enters from the outside of the 
body to gather in the Lower Dantian, the pa- 
tient experiences the sensation of feeling very 
small or contracted. 

3. When the Qi sinks down (upon exhalation), 
the body feels heavy, condensed, and solid as 
a rock. 

4, When the Qi rises upward (overflowing the 
channels), the body feels light and weightless. 

5, When the Qi circulates through the Microcos- 
mic Orbit (balancing the Qi of the Heart and 
Kidneys), the Kidney-Yang becomes sufficient 
to allow the Kidney Yin to well up; this re- 
sults in a pleasant cool sensation. 

6. When the Qi is vigorous and thermal energy 
is gathered, the parts of the body where the 
Qi passes will feel hot. 

7. Once Qi circulates vigorously and passes 
through the body’s obstructed channels, 
collaterals and minute collaterals, the result 
is itching or tingling of the skin and scalp. This 
is an energetic manifestation of the body’s 
obstructed channels, collaterals, and minute 
collaterals being cleansed. 

8. When the Qi passes through the channels, col- 
laterals, and parts of the body it has opened, 
the patient feels electrical and creeping sen- 
sations in the extremities as well as the body, 
causing the tissues to vibrate, shake, ripple, 
or move, etc. 

These are all normal phenomena of Qi cultiva- 
tion and circulation. As long as the patient remains 
calm and present, these sensations will appear and. 
disappear as spontaneously as they were formed. 


THE MYSTERIOUS WONDERS 

Patients may also experience elusive as weil 
as dynamic transitions inside and outside of the 
body, called the Mysterious Wonders. These en- 
ergetic changes are sometimes present, but are 
rare, and may be confusing to the patient. The 
sensations known as the Mysterious Wonders are: 
Flashing Light Sensations, Sound Sensations, 
Smell Sensations, and Fainting (Syncope). 

1. Flashing Light Sensations sometimes occur in 
some patients during Qigong treatment. The 
photoelectric phenomena is due to the inter- 
action of light with matter. In some cases, pa- 
tients feel electric sensations in the limbs and 
body, and in other cases light patterns may 
be seen in different forms, most of which 
present as round, sheet light, or lightning pat- 
terns. 

One of the manifestations of the Qigong 
doctor’s cultivation through Shen Gong medi- 
tations is a flashing light sensation which is 
seen and felt within the doctor’s head and 
body. This glow may sway back and forth, 
pulse like a white neon light, or pierce into 
the doctor’s brain, and illuminate the spinal 
column. It may also appear as a ball of white 
light rotating at high speed through the Mi- 
crocosmic Orbit. 

This ball or beam of light may exist continu- 
ously at the Qigong doctor’s Baihui GV-20 
point throughout the duration of the medita- 
tion and several hours afterwards. The de- 
grees of light sensations and their colors will 
vary in accordance with the doctor’s skill 
level. Also, it is this beam of light that the 
Qigong doctor will later utilize for inner vi- 
sion diagnosis. 

2. Sound Sensations are sometimes experienced 
during treatment, such as a rustling, rum- 
bling, or high-pitched sound. 

3. Specific Smell Sensations may occur, such as 
the sweet scent of sandalwood, or fragrances 
of various flowers, or incenses. 

4. Fainting (Syncope) can occur during Qigong 
treatment. A few patients may suffer from 
perspiration and accelerated heart rate, fol- 
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lowed by syncope (fainting). When this oc- 

curs, the doctor lightly presses the patient's 

channel points: Baihui (GV-20), Mingmen 

(GV-4), Jiangjing (GB-21), and Yintang (Extra 

Point). The doctor then grasps the shoulders 

and presses down on the GB-21 points with 

force. Finally, the doctor emits Qi along the 

Governing and Conceptual Vessels and leads 

the patient’s Qi to the Lower Dantian. This 

allows the patient to recover consciousness. 
THE INCREDIBLE WONDERS 

The Qigong doctor’s ability to have complete 
conscious and automatic control over the patient's 
reaction to energetic projections constitutes what is 
known as the Incredible Wonders. When the Qigong 
doctor takes control over the patient's energetic pro- 
jections, he or she can willfully initiate the patient 
to experience various colored lights, sounds, smells 
and other sensations according to the Qigong 
doctor’s will. This procedure is commonly known 
as Cultivating the Spirit to Generate Wonders. 

When the Qigong doctor emits energy towards 
patients to treat their diseases, most patients will 
either instantly or gradually feel some form of en- 
ergetic sensation from the increased life-force en- 
ergy. The degree of energetic sensation felt by pa- 
tients is in accordance with their emotional / spiri- 
tual sensitivity and degree of connection to their 
own physical body. 

The sensations of Yuan Qi are the most com- 
mon reactions felt by both the Qigong doctors and 
their patients. In rare instances some patients dis- 
play no physical effects and experience no Qi sen- 
sations during treatment. These patients can still 
achieve good therapeutic results by improving the 
degree of their emotional/ spiritual connection to 
their body. 

In some cases, patients may even feel miser- 
able or uncomfortable. When this occurs, they 
should continue training so that their Righteous Qi 
can overcome their Evil Qi. This ongoing battle will 
also affect their spiritual and emotional being. Fear 
usually arises at this point causing them to ques- 
tion their ability to continue in their practice. This 
is a normal transition and can be resolved through 
encouragement, patience and continual practice. 
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CONTRAINDICATIONS FOR MEDICAL 
QIGONG THERAPY 

There are several contraindications that the 
Qigong doctor should be aware of before treating 
patients, or even prescribing Medical Qigong ex- 
ercises. The following is a list of different person- 
ality types that may be encountered in the clini- 
cal settings that require special treatment modifi- 
cations. 

1. The very “nervous” type of patient should not 
practice Medical Qigong, or must be under 
strict supervision due to the patient’s emo- 
tional instability. 

2. The “extreme temperament” type of patient 
who has a fanatical type of personality should 
also avoid Medical Qigong training or remain 
under strict supervision. Patients of extreme 
temperament generally suffer from Excess 
disorders and compulsive overtraining. They 
are therefore prone to Qi deviations. 

3. The “extremely introverted” type should be 
careful when practicing Medical Qigong 
meditations because strong emotions may be 
set into motion, and even certain mental dis- 
orders may be violently released that the pa- 
tient may have been unaware of. 

4. The “narrow minded” type will generally 
condense Qi into smaller areas of the body 
causing stagnations. Such patients should be 
instructed to relax and let go of their stress to 
allow the condensed energy to disperse. 

5. Patients with the following conditions should 
be restricted to very specific Medical Qigong 
therapy: serious mental disorders, congestive 
Heart failure and severe organ failure, severe 
hemorrhaging, menstruation, nerve suppres- 
sion, bone fracture, pregnancy, geriatric pa- 
tients, young children, and cancer patients 
(Figure 29.3). 

Patients with mental disorders such as schizo- 
phrenia and bipolar (previously called manic 
depression) disorders (or individuals with a 
family history of such mental diseases), 
should refrain from training. The Qigong ex- 
ercises and meditations could induce symp- 
toms of these said disorders, or could enhance 
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Medical Qigong 
Prescriptions must 
be Modified 









Mental Disorders 
ongestive Heart Failure and 


Severe Organ Failure 


vere Hemorrhaging 
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Figure 29.3. Restricted Conditions for Prescribing Medical Qigong Exercises and Meditations 





the symptoms due to the patient’s mental and 
emotional instability. 
Patients with congestive Heart failure and 
severe organ failure (any internal organ that 
has experienced an energetic collapse}, require 
that the treatment be specifically oriented to- 
wards this condition. 
Patients with severe hemorrhaging require pre- 
scriptions that prevent the leakage of Blood and 
Qi, since Blood and Qi flow together. 
Women during their menstruation cycle 
should not store Qi in their Lower Dantian. 
Any Blood and Qi stored in the uterus will 
purge from the woman’s body naturally, 
drawing with it any Qi stored within the 
Lower Dantian. 
Patients suffering from nerve suppression 
(cervical spondylosis) may experience a wors- 
ening of their condition. In severe cases, the 
additional pressure on the nerve roots may 
complicate the patient’s condition, especially 
when the body’s energy field expands caus- 
ing the Marrow within the spinal column to 
ascend. 
* Patients with bone fractures must first have 
the bones set correctly and immobilized to 


e 


* 
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prevent further injury. The subtle involuntary 
movements of the limbs during Qigong treat- 
ment or practice can disturb the bone’s heal- 
ing process. 

Pregnant women must be treated by a Medi- 
cal Qigong doctor who specializes in obstet- 
rics, otherwise the risk of involuntary abor- 
tion (miscarriage) or other complications can 
arise. 

The treatment of geriatric patients prohibits 
Dynamic Qigong because of the delicate na- 
ture of their internal tissues. All exercises and 
meditations should be kept slow, quiescent, 
and tranquil. 

The treatment of young children requires that 
all exercises and meditations be age appro- 
priate, and be specifically oriented toward 
healing his or her disease. Some Qigong ex- 
ercises, meditations and treatment methods 
may interfere with the natural development 
of the child’s internal organs and tissues. 
The treatment of cancer patients requires 
modified prescriptions in accordance to the 
specific disease. With certain cancers, Dy- 
namic Qigong is contraindicated to prevent 
the cancer from further metastasizing. 
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CHAPTER 30 


BALANCING THE BopDy’s ENERGETIC SYSTEM 


PURGING, TONIFYING, AND 


REGULATING 

In Medical Qigong therapy, successful results 
can be achieved only when the doctor adheres to 
the principle of “treating Deficient syndromes with 
tonification and Excess syndromes with purgation.” 
Tonification supplements the insufficiency and 
strengthens the body’s resistance, while purgation 
reduces the Excess and expels pathogenic factors. 
The final aim is to balance Yin and Yang to regulate 
the physiological functions of the body. 

Medical Qigong Therapy adheres to the tradi- 
tional Chinese medical explanations of illnesses and. 
general principles of healing. Only the techniques 
used during treatment differ. Qigong doctors Purge 
the patient's body, then emit Hot or Cold Qi in con- 
junction with the Five Elemental energies, using 
various hand manipulations, including: pushing, 
pulling, rotating, leading, and shaking. 

Through energy extension, the doctor can re- 
inforce the patients body’s resistance to patho- 
genic factors, replenish the Yin and Yang organ 
energy and enhance mental clarity. 


Yin Yang 


Deficient Yang 
(Empty Cold) 


Yin Yang 
Excess Yang 
(Full Heat} 


Yin Yang 





In cases of Excess, 
the doctor should Purge. 


Deficient Yin 
(Empty Heat) 


in cases of Deficiency, 
the doctor should Tonify. 





THE THREE TREATMENT MODALITIES 
Medical Qigong therapy is divided into three 
treatment modalities (Figure 30.1). These treat- 
ment modalities enable the Qigong doctor to 
purge, tonify, and regulate the patients’ body. 
These techniques are described as follows. 

1. Medical Qigong Purging techniques are used 
by the doctor to treat the patient’s Excess syn- 
dromes, and to detoxify the body of pathogenic 
Qi. The “lower aspect” of classical Chinese 
medicine governs the treatment of the patient's 
illness and corresponds to Earth. It involves 
purging pathogenic influences and dispersing 
stagnations in order to cure the patient's ill- 
nesses. This allows the patient the ability to re- 
move Excess Qi from organs and tissues. 

2. Medical Qigong Tonification techniques are 
used by the doctor to treat the patient’s Defi- 
cient syndromes, as well as strengthen and 
stabilize the organs and organ systems. The 
“middle aspect” of classical Chinese medicine 
governs the nourishment of the patient's na- 
ture and corresponds to Man. It involves help- 
ing the patient prevent illness by tonifying 










Yin Yang 
Excess ‘Yang 
Deficient Yang Deficient Yin 


in cases of Excess and Deficieny 
combined, the doctor should Regulate. 


Figure 30.1. Purgation, Tonification, and Regulation 
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Heaven —— Regulation 


Man 


Earth Purgation 


Balance Qi and Blood ——— Nourish the Patient's Destiny 


Tonification — Treat Deficient Conditions — Strengthen the Body to Prevent Illness 


Treat Excess Conditions —— Detoxify the Body to Treat Illness 





Figure 30.2. Ancient Chinese Perspective on Purgation, Tonification, and Regulation 





organ energy Deficiencies. This allows the 
patient the ability to replenish organ energy 
depletions and tissue emaciation. 

3. Medical Qigong Regulation techniques are 
used by the doctor to balance the patient’s Yin 
and Yang energy, as well as organ Qi. The 
“highest aspect” of classical Chinese medicine 
governs the nourishment of the patient's des- 
tiny and corresponds to Heaven. It involves 
regulating the patient’s Three Dantians, Taiji 
Pole, Yin and Yang organs and energy fields. 
Regulation techniques promote a balance of 
Jing, Qi and Shen for the optimal development 
of all the aspects of man, i.e., body, mind, 
emotion, spirit and energy. Thus, in China, 
Medical Qigong regulation is said to “nour- 
ish the patient's destiny” (Figure 30.2). 


PURGATION TECHNIQUES 
The patient’s body can be dredged and 
purged by using two different expelling methods. 
The first method is the direct removal of patho- 
gens from the patient’s tissues and organs. The 
second method is the indirect purging of the 
patient's tissues and organs through the channels 
and points of the patient’s body. These two meth- 
ods serve two different purposes: The Direct Re- 
moval of Pathogenic Factors, and The Purgation 
of Channels and Points. 
1. The Direct Removal of Pathogenic Factors is 
achieved through extending Qi into the tis- 
sues and organs where they are lodged, and 
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dredging the Toxic Qi directly out of these 
locations. This method is used to expel pain 
due to Excess Heat or Cold. The various tech- 
niques used in this type of purging employs 
stationary Qi-guiding manipulations. The 
various hand manipulations used for the di- 
rect removal of pathogenic factors consists of 
such techniques as: The Five Thunder Fingers 
Hand Posture, Shaking and Trembling Hand 
Posture, Bellows Palm, Vibrating Palm, Drag- 
on’s Mouth Palm, Tiger Kneading Palm, and 
Spiraling Palm (see Chapter 33). 

2. The Purgation of Channels and Points tech- 
niques are used to expel External pathogenic 
Evils (such as the invasion of Wind, Fire, Heat, 
Dry, Damp, Cold, and environmental toxins, 
etc.), or Internal pathogenic Evils (such as fear, 
anger, and grief, etc.) from the organs and tis- 
sues of the body. It is also used to redirect Re- 
bellious Qi (e.g., Stomach Qi). The various 
techniques used in this type of purging em- 
ploys dynamic-linear Qi-guiding manipula- 
tions such as the Pulling, Leading, and Guid- 
ing methods (see Chapter 34). 


TONIFICATION AND PURGATION 
METHODS 

The doctor should always purge before 
tonifying the patient's body. In the clinical setting, 
these two methods are often used together in com- 
bination with other methods in treatment. These 
combined methods are as follows. 


TONIFIGATION AND PURGATION WITH 
RESPIRATION 

Tonification occurs as the doctor exhales while 
guiding and directing Qi into the channels, points, 
and the internal organs and tissues of the patient's 
body. Purgation happens when the doctor inhales 
while guiding, emitting, and leading the patient's 
Qi, or pulling the pathogenic Evils out of the 
patient's body. 

During treatment, it is important that the pa- 
tient cooperate with the doctor by matching (if 
possible), per the doctor’s instruction, his or her 
breathing rhythm to the doctor’s treatment. The 
patient should assume a proper posture (lying, 
sitting or standing), relax, and concentrate his or 
her mind on the location being worked on. When 
the doctor exhales and emits Qi toward the pa- 
tient, the patient should inhale to absorb the 
doctor’s Qi into the designated location. When the 
doctor performs purgation, the patient should 
exhale to release Toxic Qi out of his or her body. 
TONIFICATION AND PURGATION ALONG AND 
AGAINST THE CHANNEL FLOW 

With regard to acupuncture therapy, the clas- 
sics say that, “puncturing along the direction of 
the channels yields a tonifying effect, while going 
against it induces purgation.” In Medical Qigong, 
however, due to the Qigong doctor’s nature of 
emitting, leading and guiding the energetic flow 
of Qi, certain modifications are used. The follow- 
ing are a few examples of tonification and purga- 
tion techniques used along and against the ener- 
getic flow of the channels: 

* Causing Qi to flow up the Yin channels of the 
legs and into their associated organs in the 
torso is considered tonification (think of fol- 
lowing the river to the sea). One example of 
this type of treatment therapy is emitting en- 
ergy into the base of the patient's feet (at the 
Kd-1 points); this causes the energy to flow 
into the torso to strengthen the Kidneys. 

* Moving Qi from the torso down the legs 
against the flow of the leg Yin channels is con- 
sidered purgation (following the river from 
the sea). One example of this treatment 
therapy would be pulling Excess Qi from the 
Liver organ, down the right Liver channel and 
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out the feet to sedate the Liver Fire (the Gall 
Bladder Channels can be used to purge Ex- 
cess energy from the Liver organ down the 
leg Yang channels). 
Moving Qi against the flow of the arm Yin 
channels into their associated organs is con- 
sidered tonification (think of following the 
river to the sea). One example of this treat- 
ment would be emitting energy from the base 
of the thumbs, at the Lu-11 points, into the 
torso to strengthen the Lungs. 
Moving Qi against the flow of the arm Yang 
channels into their associated organs is con- 
sidered purgation (following the river from 
the sea). One example of this treatment would 
be pulling Qi against the flow of the Large 
Intestine Channels down and out the hands 
to purge Excess Qi in the head. 
TONIFICATION AND PURGATION POINT 
THERAPY WITH THE HORARY CYCLE 

When prescribing Jing Point therapy as a 
means of self-regulated homework, the Qigong 
doctor encourages the patients to follow the for- 
mula of tonification and purgation according to 
the energetic flow of the Horary cycle. According 
to ancient Chinese medical theory, the ebb and 
flow of Qi and Blood along the different channels 
is related to designated days and hours (see Chap- 
ter 11). This theory applies to two specific tissue 
manipulations: Holding the Point for Tonification, 
and Closing the Point for Purgation. 

* Holding the point for tonification requires the 
patient to use the Massage Tapping method 
(see Chapter 37) on specific points two hours 
prior to its opening or peak flourishing time 
(high-tide). 

* Closing the point for purgation of the inter- 
nal organs or channels requires that the 
Qigong doctor drain the diseased area at high- 
tide (when it is most full of Qi and Blood). 
When the patient is applying Jing Point 
therapy for homework prescriptions, how- 
ever, the application is quite different. This 
technique requires the patient to use the Mas- 
sage Tapping method on specific points two 
hours after its opening time. 
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The patients may also be instructed in self- 
massage using the Tapping method for self-heal- 
ing. If the patient has a Kidney disease, for ex- 
ample, the specific points should not be tapped 
during its peak time (5-7 p.m.), but rather two 
hours prior to its peak time (3-5 p.m.). This will 
improve the Kidneys’ function. 


TONIFICATION AND PURGATION 
GUIDELINES 

When the Qigong doctor purges and tonifies 
a patient, he or she must remember to adhere to 
the following guidelines carefully. 


GUIDELINES FOR THE DOCTOR 

When treating the patient, the doctor must 
always consciously direct and be aware of the 
movements of each hand. 

¢ Generally, the right hand is used for tonifica- 

tion, while the left hand is for purgation. Dis- 
eases that require purgation are treated by 
draining Toxic Qi with the left hand. Diseases 
that require tonification are treated by extend- 
ing Qi through the right hand. 
Turning hands towards the body is used for 
tonification, while turning the hands away 
from the body is used for purgation. 
Moving the hands away from the body and 
upward can regulate the Yang energy, caus- 
ing it to rise, and is inclined to tonify. Moving 
the hands downward pulls the Yang energy 
down, and is inclined to purge. 
Clockwise drilling (the palm or extended fin- 
gers move in a clockwise direction over an 
area) is used for tonification and increasing 
Qi; counterclockwise drilling is used for pur- 
gation and decreasing Qi. 
GUIDELINES FOR THE PATIENT 

The patient, (like the Qigong doctor), must be 
aware of hand movements when practicing 
Qigong prescriptions. In addition, the patient 
must be aware of his or her posture, respiration, 
and mental attitude. 

The eyes are open for purgation; closed eyes 
are used for tonification. The patient should 
apply these principles according to the symp- 
toms of the disease. 
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¢ Inhalation is used for tonification, exhalation 
is used for purgation. During purgation treat- 
ments, the patients assume the proper pos- 
tures, relax, and concentrate their mind on the 
disease area while exhaling the pathogenic Qi. 
This exhalation technique is used not only to 
promote the removal of the surfacing toxins, 
but is also used to enhance the doctor’s effi- 
cacy in purging the diseased area. 

The audible and silent tone resonations (see 
Chapter 40) also have the function of either 
tonification and purgation. Speaking the si- 
lent tone when inhaling can be used for 
tonification; while exhaling, the tone is used 
for purgation. 


UNDERSTANDING MEDICAL QIGONG 
REGULATION 

The Qigong doctor must master three main 
techniques of Qi regulation to facilitate clinical 
healing through Qi emission. These techniques 
include: Training the Qi, Guiding and Inducing, 
Tonifying and Purging the Qi, and Emitting the 
Qi 


1. Training the Qi exercises and meditations are 
used to gather Qi and to promote its circula- 
tion within the body. The Qigong doctor must 
have an extensive comprehension of several 
Medical Qigong techniques used to gather 
and circulate energy throughout the body. 
This includes a complete understanding of 
Postural, Respiratory, and Mental Dao Yin 
modalities, as well as the static and dynamic 
clinical modalities. These training techniques 
provide the Qigong doctor with the ability to 
regulate and balance the patients’ Qi, and set 
the foundation for the patients’ Medical 
Qigong prescriptions. 

2. Guiding and Inducing, Tonifying and Purg- 
ing the Qi are used to circulate Qi within the 
external field of energy (Wei Qi). These tech- 
niques require a complete understanding of 
guiding and inducing (leading the Qi), and 
tonifying and purgation techniques, to being 
able to rectify Qi deviations and remove en- 
ergy blocks. 


These training techniques provide the 
Qigong, doctor with the foundation for the 
patients’ Medical Qigong therapy. 

3. Emitting Qi techniques must be learned and 
perfected by the doctor. The Qigong doctor 
must have an extensive understanding of the 
multiple techniques used to extend Qi into the 
patient’s body. These include electromagnetic 
energy, light, sound, and hot and cold Qi pro- 
jections. These training techniques and abili- 
ties also set the foundation for the patients’ 
Medical Qigong therapy (see Chapter 34). 


Qi REGULATION AND GUIDING 
PRINCIPLES 

Qi regulation is considered a combination 
technique for reinforcing and reducing. It is used 
to readjust and balance the Yin and Yang energy. 
If the patient’s Qi rises adversely, the doctor 
should guide and secure it downward. The same 
principle is applicable for any Deficiency or Ex- 
cess of Qi in the left or right sides of the patient’s 
body. 

Qi regulation also includes purgation after 
tonification, and tonification after purgation. This 
method of guidance is used when Qi stagnation, 
stasis of Blood, or disorders of the channel Qi de- 
velop. Under pathogenic conditions, Qi of the vis- 
cera and channels may become weak and stag- 
nant. This is manifested by symptoms such as list- 
lessness, general weakness, and the hypofunction 
of certain organs or tissues. Stagnation of Qi and 
stasis of Blood can also obstruct the channels caus- 
ing pain. Pain may also be caused by outside 
pathogenic factors such as trauma, inflammation, 
muscular spasms, and adhesive degeneration. In 
these circumstances, the channels are dredged to 
promote Blood circulation, and to remove the sta- 
sis in order to relieve spasms, and dispel pain. 

Every organ in the body has its own Qi that 
circulates and interacts with the rest of the body. 
When the normal function of the organ is affected, 
the circulation of Qi may become disturbed. This 
disturbance of Qi in one organ may influence the 
functional balance of the whole Qi system. 

The doctor regulates the patient’s channel Qi 
by dredging the channels and collaterals. This fa- 
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cilitates Qi circulation and leads Qi back to its ori- 
gin. In the case of a weak and hypofunctional 
Lung Qi, for example, emitting Metal-Qi plus 
Pushing, Shaking and Leading manipulations (see 
Chapter 34) can be adopted to activate the Lungs’ 
Qi. The combination of these techniques causes 
the channels’ Qi to overflow freely, thus improv- 
ing the function of the Lungs. 


ENERGY BALANCING PROCEDURES 

When extending energy into the patient the 
main emphasis is placed on balancing the patient's 
energetic fields. The doctor must have both physi- 
cal and emotional releases from the patient's body, 
to detoxify and liberate the trapped Qi. 

It is important to not let the patients avoid 
facing their problems; keep them centered around 
the troubled area, focused on the awareness of 
what they are feeling. Basic energy balancing pro- 
cedures are as follows. 

1. If the treatment area is Hot, cool it down. The 
doctor must continue treating the patient un- 
til the Hot area has cooled. A strong and quick 
moving hand gesture is best used to treat a 
Heat syndrome. 

2. If the treatment area is Cold, heat it up. For a 
Cold syndrome, use a longer treatment to 
warm up the channel in the area treated, to 
eliminate the Cold. 

3. If the tissue’s energy is dark or cloudy, change 
it to light and clear. 

4, If you feel tingling on any area or organ, re- 
main there until the tingling subsides and the 
organ or area completes its energetic unwind- 
ing. Tingling in an area indicates that the 
patient’s body is releasing an energetic clus- 
ter. The patient may or may not be aware of 
any feelings or sensations when this occurs. 

5. If the area is emitting electric shocks, dampen 
or sedate it by connecting it with its associ- 
ated organ. Connecting Yang (positive) into 
Yin (negative) will ground the energy. 

6. If you sense pressure or Excess, dredge the 
area, and circulate the Qi. 

7. If you feel intense pulsation, decrease the in- 
tensity and make it rhythmical. 

8. When treating an energetic field that is De- 
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Figure 30.3. Locations of Energetic Blockages 





pressed (sinking or contracting inward), use 
an “ascending method” of Qi manipulation 
for tonification (i.e., move and emit Qi from 
the lower areas of the body upwards). Some 
examples of this type of ailment are: 

* Lower Burner Depression 

¢ Middle Burner Depression 

¢ Immune System Depression and Breakdown 


¢ Autoimmune Diseases (Lupus and 
Fibromyalgia) 
¢ Chronic Fatigue Syndrome 


° Heart Failure 

¢ Kidney Failure 

¢ Prolapse of the Stomach 

9, Assign Medical Qigong prescriptions for pa- 
tients, including meditations and exercises, as 
needed. 
10. Treat patients with severe diseases by: 

* Stopping and controlling the spread and de- 
velopment of the disease, 

* Stopping the patient’s Excess consumption of 


o 


* Treating the cause and root of the disease, after 
the patient’s condition is under control, and 
¢ Assigning homework. 

11. For chronic diseases, use the method of purg- 
ing and dredging stagnation to move any 
impacted Qi. 

12. For sprains, use Qi compression (using the Qi 
to press the tissues) around the local area. Close 
the channels surrounding the sprain first, iso- 
lating the trauma. Then pull out the stagnant 
Qi. If the doctor immediately treats the local 
area, he or she will disturb and further compli- 
cate the injury. It is important to close off the 
surrounding channels around the wound first, 
leaving only the affected channel open, before 
pulling out the stagnant Qi. This controls the 
flow of energy in to the stagnated area. 
Check the patient after seven treatments to 

determine if-the therapy has been effective. Re- 

evaluate each patient according to each indi- 
vidual’s constitution. 


CLINICAL OBSERVATIONS OF 
PATHOLOGICAL ENERGETIC 


PATTERNS 


When the Qigong doctor begins to treat pa- 
tients, certain energetic observations and phenom- 
enon will be experienced while diagnosing the 
energy inside the patient's tissues. These energetic 
experiences are quite different from the Eight En- 
ergetic Touches which focus on the feelings of the 
body after meditation practice (see Chapter 29). 
The Internal conditions of the patients’ disease, 
its energetic nature, as well as its clinical manifes- 
tation, are expressed through the following: Hot, 
Cold, Deficient, Excess, moving, stagnant, Damp, 
Dry, Clear (Clean), Turbid (Impure), open (acces- 
sible), closed (armored), and leaking. 


LOCATIONS OF ENERGETIC 
BLOCKAGES 

In clinical practice we generally observe six 
main areas in the patient’s body where energy be- 
comes trapped and blocked. Each energetic block- 


age is an expression of the patient's ability to armor 
and protect him or herself from emotional wound- 
ing. These six main areas in the patient’s body can 
be the foundational base and the root cause for the 
patient's disease (Figure 30.3). These six main areas 
are described as follows. 
THE AREA OF THE HEAD 

The area in the cranium that is most commonly 
obstructed is within the base of the occiput, at the 
back of the head. This obstruction is usually noted 
within patients who suffer from migraine headaches 
and brain tumors. This barrier is often created 
through chronic stress patterns which cause the 
Liver’s Heat to rise up the patients’ back and be- 
come trapped inside the head. This condition is 
usually caused by intense concentration. Too much 
hard focusing can also cause Qi to condense and 
stagnate. The location of Qi obstructions due to 
physical trauma vary according to each type of 
trauma, and the and the severity of the injury. 


THE AREA OF THE THROAT 

This area separates the Upper Dantian (the 
spiritual / perceptive center) from the Middle 
Dantian (the emotional /empathic center). Mes- 
sages of divine inspiration and awareness descend 
downward from the Heavens through the Baihui 
area seeking to stir the emotions of the Heart. If 
the patient is not receptive (due, for example, toa 
disconnection or even a resistance to spiritual 
growth) a barrier is sometimes formed within the 
patient's throat, dividing the Upper Dantian from 
the Middle and Lower Dantians. 

This barrier can also be created to stop emo- 
tions from flowing through the Heart and rising 
upward to be released through the windows and 
caverns of the soul (the eyes, ears, nose, tongue, 
body, and spirit). If, for example, the teeth become 
clenched and the throat tightens from feelings of 
grief or anger, these emotions can become trapped 
in the throat, forming a “plum seed” or “knot.” 
When the Lungs’ Qi congeals in the areas of the 
upper chest, shoulder blades, neck and the back 
of the occiput, this indicates chronic suppression 
of these emotions. It is also evidence of the mind 
and body struggling to reconnect and express the 
emotional and spiritual self. 
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THE AREA OF THE HEART 

The Heart is energetically divided into two 
main chambers. The upper chamber houses and 
responds to spiritual emotions, while the lower 
chamber houses and responds to sensual emo- 
tions. 

Patients will tend to suffer not only from re- 
pressing their basic biological drives (the sensual 
emotions based in the lower chamber of the 
Heart), but also by repressing their emotional con- 
nections with the divine (by failing to accept their 
higher spiritual calling or spiritual enlightenment 
associated with the upper chamber of the Heart). 
The higher self is the focal point of the 
superconscious realm; itis all-inclusive and at the 
very center of our being where individuality and 
universality blend (center core). 

Patients who have chronically armored their 
Heart tend to exist in a state of guarded suspi- 
cion. This pattern of emotional suppression tends 
to lead to Qi stagnation and the creation of dis- 
ease. When patients armor their upper chamber, 
they tend to hide in the emotions of their lower 
chamber and visa versa. Patients who armor the 
upper chambers of the Heart, for example, may 
become involved in relationships of extreme sen- 
sual passions related to the Heart’s lower cham- 
ber, to avoid painful unresolved issues hidden 
within the past. The deeper and more energeti- 
cally charged the issues, the stronger the sensual 
passions. Whereas, patients who armor the lower 
chamber of the Heart, might become involved in 
relationships of extreme spiritual, or religious pas- 
sions related to the Heart’s upper chamber to hide 
from their painful unresolved issues. The deeper 
and more energetically charged the issues, the 
stronger the spiritual or religious passion. 


THE AREA OF THE DIAPHRAGM 

The diaphragm area separates the Middle 
Dantian (the emotional center) from the Lower 
Dantian (the physical / sexual center). When a bar- 
rier in this particular area is created, it separates 
the emotional Heart from feeling the sexual pas- 
sion which rises up from the Lower Dantian and 
the Kidneys’ area. 

It is interesting to note that patients with a 
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Figure 30.4. The Body’s Energetic Complications and Stagnations 





barrier in the diaphragm sometimes enjoy the 
physical sensations of sexual intercourse, but are 
separate from their spiritual / emotional connec- 
tion to true bonding or “oneness” with their part- 
ner. Again, the connection between the emotional 
spirit and body / mind has been severed. 


THE AREA OF THE YELLOW COURT 

The Yellow Court (CV-12) is an area located in 
the center of the chest, just below the diaphragm 
and xiphoid process of the sternum. Its function is 
that of being the access area to release the body’s 
internal organs’ emotional memories. Its location 
is also attributed to the Third (solar plexus) Chakra. 

To access the patient’s stored emotional 
memories and release them from the Yellow Court, 
the Qigong doctor supports the patient’s Shendao 
GV-11 (Spirit Gate) with the left hand while ener- 
getically manipulating the patient’s Yellow Court 
area with the right hand. If the patient is not en- 
ergy sensitive, the doctor uses a slight Compres- 
sion/ Release technique (see Chapter 37) to dis- 
perse the patient’s armoring system. 

The patient should be in a supine position, 
with knees pointed upward, feet flat, arms by his 
or her sides, mouth open, inhaling deeply into the 
Lower Dantian. As the patient exhales, the doctor 
lightly compresses the patient’s Yellow Court un- 


til a deep groaning sound begins to resonate from 
the patient's thorax. The doctor circulates the en- 
ergy from the patient’s Yellow Court into the 
Shendao, filling up the patient's Heart with en- 
ergy. The doctor then moves this energy back into 
the patient’s Yellow Court. This process continues 
until the patient’s suppressed emotions surface 
and are released. 

Note: It is important to first purge and release 
the Lungs of grief before attempting to access the 
patient’s Yellow Court. 


THE AREA OF THE LOWER ABDOMEN 

This area also separates the Lower Dantian 
from the Middle Dantian, insulating the sexual 
feelings from the middle and lower torso. This 
energetic freezing of the pelvis is usually found 
in victims of rape, sexual molestation, or in 
women who have had one or more abortions. The 
Qi flowing into the lower pelvis and legs becomes 
blocked due to stored fear, shame, guilt, and sor- 
row. Sometimes the patient’s physiology in that 
particular area may become obese; the abdomen, 
thighs or hips may be heavily padded and ar- 
mored due to Qi stagnation. Often times, victims 
of childhood sexual abuse become overall obese 
to avoid attracting the opposite sex, or to block 
and pacify these hidden traumatic memories. 


TYPES OF ENERGETIC COMPLICATIONS 

Each organ and channel has the potential to 
carry or create several types of energetic compli- 
cations and stagnations. The doctor should ob- 
serve and feel the shifts in the patient’s energetic 
balance to determine the specific conditions of the 
disorder (Figure 30.4). 
COMPRESSED AND CONTRACTED ENERGY 
STAGNATION 

Compressed or Contracted energy stagna- 
tions are sometimes considered a Yin condition 
due to the type of energetic compression involved 
in its formation. 

* Compressed Stagnation is caused by the pa- 
tient’s energy pressing downward (externally 
moving inward) and will feel armored and 
hollow (Figure 30.5), When this type of ener- 
getic stagnation disperses it does not energeti- 
cally unwind, but disperses and dissolves into 
the surrounding tissue areas. Because the 
patient’s surrounded consciousness has ar- 
mored the tissue area, the energetic disper- 
sion can sometimes cause spontaneously re- 
leased emotions or behavior such as crying, 
laughing, shouting, screaming, sighing, 
coughing, etc. 

Contracted Stagnation is caused by the 
patient's energy pulling inward, and will gen- 
erally feel armored and solid (Figure 30.6). 
This type of energetic stagnation can be 
formed by an emotional core, or focused con- 
centration, that draws additional Qi into its 
center, compacting the belief structure, layer 
after layer with energy. When this type of en- 
ergetic stagnation disperses it can sometimes 
begin energetically unwinding throughout 
the entire body. This energetic unwinding 
sometimes creates involuntary muscle 
twitches and physical undulations. 

Body tissues and muscles accumulate emo- 
tional energy, becoming hard and tense in the 
adjacent areas. Denseness indicates the accumu- 
lation of pathogenic stagnant Qi. If this energy 
block remains, disease can manifest as ovarian 
cysts and tumors, or even in extreme cases as cer- 
vical cancer. Breast cysts, tumors, and cancer can 
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Figure 30.5. Compressed Stagnation 





Figure 30.6. Contracted Stagnation 





result from stagnant Qi in the Lungs, or from a 
combination of Lung and Liver Qi stagnation. This 
type of stagnant energy feels very Hot and vola- 
tile because of the accumulated anger and rage. 
Treatment Principals for Compressed and Con- 
tracted Energy Stagnation 

The Qigong doctor disperses and purges the 
patient’s stagnant Qi using the Thunder Palm 
technique, Tiger Kneading techniques, and coun- 
terclockwise Circular Spiraling (see Chapter 34). 
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BLOATED AND EXPANDED ENERGY 
STAGNATION 

Bloated and Expanded energy stagnations are 
sometimes considered a Yang conditions due to 
the type of energetic expansion involved in their 
formation. Qi stagnation, with a characteristically 
expansive or bloated appearance, can be caused 
from an accumulation of Phlegm and Body Flu- 
ids (in addition to Qi and Blood) in the adjacent 
tissue areas of the body (Figure 30.7 and 30.8). This 
type of stagnation usually occurs in the Lower 
Dantian and abdominal areas. These are examples 
of Excess syndromes of stagnant energy and mani- 
fest as: distending, turbid, leaking, tingling, and 
dense Qi. 

If this type of energy stagnation remains ob- 
structed, the resulting disease can manifest as 
edema within the tissues, colitis, or angina pecto- 
ralis due to unprocessed despair and grief (in the 
Lungs) with anxiety (in the Spleen). The energy 
of grief and despair feels thick, heavy, and slimy 
like phlegm or mucus. Often this energy is felt in 
the Lungs, as well as in the Spleen. 

Treatment Principals for Bloated and Expanded 
Energy Stagnation 

The Qigong doctor disperses or dissolves the 
patient’s stagnant Qi by using the Tiger Knead- 
ing, Vibrating Palm, and Shaking Palm techniques 
(see Chapter 34). 

ENERGETIC ARMORING 

This condition can result from the patient pro- 
tecting specific tissues, organs, or areas of the 
body. Energetic armoring is initiated when the pa- 
tient freezes certain emotional feelings to main- 
tain the denial system. Patients may be unaware 
of this armoring condition because they dissoci- 
ate from the original trauma, or minimizing its 
severity. Emotions attributed to energetic 
armoring are generally manifested as anger, fear, 
guilt, and shame. The angry patient’s denial sys- 
tem is maintained through physically or emotion- 
ally attacking others; the anxious patient, full of 
fears, guilt, and shame, copes by “Shening out.” 
Both of these reactions shield the patients in emo- 
tional situations from their own feelings, while 
reinforcing the energetic armoring. 
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Figure 30.7. Bloated Stagnation 





Figure 30.8. Expanded Stagnation 





Armoring results in tense organs and tissues. 
When patients cannot feel their body, other com- 
plications can arise, such as compressed, con- 
tracted, bloated or expanded energetic stagna- 
tions. 

Treatment Principals for Energetic Armoring 

The Qigong doctor can assist the patient 
through “soul retrieval” to unlock the feelings 
logged deep within the body’s tissues (see Chap- 
ter 19). The primary goal is to first help the pa- 
tients acquire a sense of security within their own 
body, then address the root of the disease. 


ENERGETIC DEPLETION 
Whole body depletion results from the follow- 
ing conditions: 


* Not receiving enough Postnatal Qi for resto- 
ration, resulting in improper internal organ 
functioning, 

¢ From suppressing emotions (e.g., worry or 
fear), 

* Experiencing a damaged energetic field due 
to trauma, or 

* Being born with a Deficient prenatal consti- 
tution. 

Generally, energetic depletion can result in 
physically undeveloped areas in the body. In some 
cases, emotional traumas can cause specific organs 
or tissues to become energetically depleted to the 
degree that their natural development cannot take 
place. 

Treatment Principals for Energetic Depletion 

The Qigong doctor, if qualified, can assist the 
patient by prescribing herbal tonics. The patient 
should also be encouraged to eat regular, nutritional 
meals and to balance work with relaxation time. If 
the patient's energetic field has been damaged, the 
Qigong doctor can repair it by using Flat Palm and 
Circle Spiraling techniques (see Chapter 34). 
ENERGETIC LEAKAGE 

Energetic leakage is a result of the patients re- 
leasing Qi from out of their joints, due to injury 
or unconscious sabotage. When energy drains 
from the patients’ joints, the specific areas along 
the channels become depleted, resulting in a De- 
ficient Qi which can cause an atrophy syndrome. 
Any type of energetic thinness along the Wei Qi 
field indicates an insufficiency of Qi. A Deficient 
energetic field can result in an empty, numb, or 
weak feeling of Qi within the tissue areas. 
Treatment Principals for Energetic Leakage 

The doctor envelops the patient's depleted tis- 
sue area (which is leaking) with Spiral Wrapping 
techniques to create an energetic cast that allows 
the patient’s energetic field to completely heal (see 
Chapter 34). 

MIGRATING QI DEVIATION 

Migrating Qi Deviations can result from ei- 
ther the patient’s suppressing and avoiding feel- 
ings, or from Wind invasion (either Internal or Ex- 
ternal). In Traditional Chinese Medicine this con- 
dition is known as Wind Bi (Wind Pain) or Wan- 
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dering Bi (Migrating Pain). Once patients feel cor- 
nered by a specific memory, they subconsciously 
shift the toxic energy to another part of their body; 
this energetic shifting requires the treatment to be 
restarted. When treating these patients, it is im- 
portant to first connect the original trauma to the 
Heart to prevent these energetic shifts, and to sta- 
bilize the condition. Once stabilized, disperse the 
Wind Invasion and tonify any Deficient organ. 
Treatment Principals for Migrating Oi Deviation 
The Qigong doctor first envelops the primary 
area of complaint, isolating the pain, and then 
begins to internally Spiral Circulate the patient’s 
internal Qi. Once the energy is in motion, the doc- 
tor leads the Toxic Qi out of the patient’s body. 


PSYCHOSEXKUAL QI DEVIATION 

Psychosexual Qi Deviations can result from an 
immediate energetic tissue over-stimulation. Pa- 
tients with this condition experience intense sexual 
undulations and orgasms when being treated in a 
safe clinical environment. This reaction is due to 
their avoidance issues, brought about by an ener- 
getic trigger mechanism. This psychosexual reac- 
tion usually takes place when touching any part of 
the torso or extremities. Because the energy seeks 
balance (much like water), when it flows into the 
genital area, the sexual neurons become overstimu- 
lated, activating and releasing the energetic turbu- 
lence already stored therein. This condition is mostly 
found within patients who have either been raped 
or molested as children. 
Treatment Principles for Psychosexual Qi Devia- 
tion 

The doctor is encouraged to refer the patient to 
a psychotherapist who specializes in such trauma. 
Meanwhile, the doctor continues to treat the patient 
by rooting the patient’s Heart (emotional chamber) 
to the patient's Lower Dantian (sexual chamber). 
Once this connection is established, the doctor re- 
connects the patient’s Lower Dantian to the patient's 
Upper Dantian (spiritual chamber), forming a com- 
plete body connection within the patient's Taiji Pole. 
By reconnecting the sexual chamber with the spiri- 
tual chamber, the doctor empowers the patient, al- 
lowing the patient to reclaim his or her true sexual / 
spiritual identity. 
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PATIENT’S ENERGETIC FACIAL 
DISTORTION 

Sometimes, when treating a patient, the 
Qigong doctor will notice the patient's facial fea- 
tures energetically distort, changing their facial 
pattern. These facial distortions can appear and 
disappear rapidly, or maintain their illusion for 
several seconds. The cause for the patient's ener- 
getic facial distortion can be brought on by sev- 
eral factors: The Patient Reliving A Past Trauma, 
The Ancestral Patterning of the Patient’s Jing, or 
The Energetic Manifestations of the Patient’s Ac- 
tive Spiritual Guardians. 

1. The patient reliving a past trauma can release 
an energetic distortion that expresses itself on 
the energy field of the patient's face. This pro- 
jected image reflects the age and time frame 
wherein the patient received the initial 
trauma. Often, as the doctor connects with the 
energetic root of the patient’s disease, the 
patient’s face will regress to reveal the deli- 
cate features of the patient as a young child. 
This visual facial pattern of energetic age re- 
gression reveals the exact age the patient suf- 
fered the initial trauma. 

2. The ancestral patterning of the patient's Jing 
can also be released as energetic distortions 
that express themselves on the energy field 
of the patient's face. Occasionally, these pro- 
jected images can reflect the patient’s ances- 
try, or reveal an ancestral guide. Multiple pro- 
jections of racially identifying features; images 
of men, women, and sometimes children will 
appear to shadow the patient's features, much 
as a projected image over an original form. 

3. The energetic manifestations of the patient’s 
spiritual guardians are believed to project 
their image onto the face of the patient dur- 
ing treatment. Some cultures accept that these 
guides manifest in the form of animals. The 
animal form will appear to flicker across the 
patient’s face and then dissipate. This phe- 
nomenon is the most rarely seen of all the 
energetic facial distortions. 


PATIENT RESISTANCE TO ENERGETIC 
THERAPY 

Sometimes, in order to avoid the painful 
memories, the patient will subconsciously sabo- 
tage the treatments. Resistance can manifest in one 
of four ways. 

1. Falling asleep is a form of physical escape. 

2. Excessive talking is a mental form of avoid- 
ance behavior. 

3. Irritability or sexual response is a form of emo- 
tional escape. 

4. “Shening out,” also called “spacing out,” is a 
form of spiritual escape. 

When observing these patterns, the doctor 
encourages the patient back into the body to feel 
the emotions and memories trapped in the par- 
ticular areas being treated. It is important for the 
doctor to let the patient know the cause and effect 
of the patient's chosen defense mechanism. These 
personal conversations are necessary for the 
patient’s growth and emotional healing. In cases 
of sexual response, tact and appropriate profes- 
sional boundaries are especially important. 

When emitting Qi, the doctor can encourage 
the patient’s Shen to stay in its residence by ask- 
ing, the patient to focus his or her breathing on 
the tissue areas being treated. This focused atten- 
tion causes the patient’s Po to settle and calm 
themselves within the patient’s body, allowing the 
patient’s Hun to communicate the feelings sur- 
facing within the patient’s Heart. 


UNBLOCKING THE FIVE PASSES 

The Wu Guan or Five Passes refer to the five 
important gates on the Governing Vessel. These 
gates, or passes, are sometimes called Tie Bi, which 
translates as the “iron wall,” and are the areas of 
the body where it is most difficult for the energy 
to pass through when circulating the Microcos- 
mic Orbit. Free passage through the Governing 
Vessel is important, especially when tonifying the 
patient's body or regulating the patient's Qi. To 
circulate the Qi up the Governing and down the 
Conception Vessels, these five gates must remain 
open. 


Opening these Five Passes are essential for the 
treatment of diseases in the neck and lumbar-sac- 
ral regions. In Medical Qigong therapy, disease is 
sometimes an indication that both the Governing 
and Conception Vessels have been, or are, in a state 
of disconnection. If disorders of Qi, along with Qi 
obstruction, develop along the Governing and Con- 
ception Vessels, the doctor should emit Qi into one 
of the Five Passes (depending upon the affected 
area) to facilitate the regulation of Qi (Figure 30.9). 
THE LOWER SPINAL PASS 

The Lower Spinal Pass or “Coccyx Pass” (Wei 
Lu Guan) is located on the lowest segment of the 
spine just posterior to the anus, near the Chang 
Qiang GV-1 point. If Qi becomes blocked in this 
area the patient suffers a dull persistent pain by 
the coccyx, along with feelings of heaviness. 

To treat, have the patient direct energy up the 
Lower Spinal Pass, using mild or gentle intention; 
have the patient position the tongue against the 
upper palate and inhale deeply while gently con- 
tracting the anus and abdominal muscles. These 
gentle contractions of the muscles along with the 
position of the tongue on the upper palate create 
an energetic sacral pump, which facilities the re- 
lease of the energetic block. 


THE MIDDLE SPINAL PASS 

The Middle Spinal Pass consists of the 
Mingmen (GV-4) area and two points (Jia Ji Guan) 
located on the lateral sides of the Mingmen. If Qi 
becomes blocked in these areas the patient suffers a 
dull persistent pain in the middle of the spine, or 
onone or both sides of the Mingmen. This obstruc- 
tion causes a physical sensation that feels like a spi- 
nal rupture, break, or herniated disc near the waist 
area when Qi circulates through these points. 

To treat this disorder, the doctor extends Qi 
into the patient’s Middle Spinal Pass, while lead- 
ing the patient’s energy upward along the Gov- 
erning Vessel. 


THE UPPER SPINAL PASS 

The Upper Spinal Pass is located between the 
shoulders on the Shendao point (GV-11) Spirit 
Gate. If Qi becomes blocked in this area, the pa- 
tient suffers a dull persistent pain on the midline 
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of the upper back below the fifth thoracic verte- 
bra. This obstruction causes a physical sensation 
that feels like a spinal rupture, or causes intense 
Heart pain when Qi circulates through this point. 

To treat this condition, the doctor extends Qi 
into the patient’s Upper Spinal Pass, while lead- 
ing the patient's energy upward along the Gov- 
ering Vessel. 


THE OCCIPITAL PASS 

The Occipital Pass (Yu Zhen Guan) is located 
just inferior to the occipital bone where the brain 
originates. If the Qi becomes blocked at this area, 
the patient suffers a dull persistent pain around the 
occiput, stiff neck, feelings of heaviness, as if there 
is something were stuck inside the back of the head. 

To treat this problem, the doctor should in- 
struct the patient to close the eyes, raise the head 
slightly and look upward, while gently concen- 
trating on the Baihui GV-20 point. Have the pa- 
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tient imagine the energy block as a cube of ice. 
The ice melts into water, the water dissolves into 
vapor, and travels upward along the Governing 
Vessel into (and through) the Baihui area, then 
proceeds down the Conception Vessel toward the 
Lower Dantian. 


THE CRANIAL PASS 

The Cranial Pass is located at the vertex on 
the midline of the skull. If the Qi becomes blocked 
at this area, the patient suffers a dull persistent 
pain around the eyes and the top of the head, as 
well as feelings of heaviness, as if there is some- 
thing were stuck inside the top of the head. 

To treat this condition, the doctor instructs the 
patient to close the eyes, raise the head slightly, 
while gently concentrating on the Lower Dantian. 
Have the patient imagine the energy block as a 
cube of ice. The ice melts into water, the water 
dissolves into vapor, and travels downward along 
the Conception Vessel toward the Lower Dantian. 


FURTHER COMPLICATIONS 

In balancing the patient's energetic body, the 
doctor first locates the Excess or Deficient condi- 
tion, determines if the tissues should be tonified, 
purged, or regulated, then ascertains which ener- 
getic complications have initiated the patient's 
disease. 

The doctor must also determine if the patient 
is sensitive to treatment or resistant to energetic 


therapy. Below is a summary listing several ener- 
getic complications and suggestions on how to 
rectify them. 

1. For Compressed Stagnation, break up the 
stagnation, purge the pathogens, then tonify 
and regulate the patient’s Qi. 

2. For Contracted Stagnation, break up the stag- 
nation, purge the pathogens, then tonify and 
regulate the patient's Qi. 

3. For Bloated Stagnation, break up the stagna- 
tion, purge the pathogens, then tonify and 
regulate the patient's Qi. 

4. For Expanded Stagnation, break up the stag- 
nation, purge the pathogens, then tonify and 
regulate the patient’s Qi. 

5. For Energetic Armoring, access the patient's 
Heart (through the Shendao GV-11 area), and 
induce “soul retrieval” (see Chapter 19). 

6. For Energetic Depletion, tonify and regulate 
the patient's Qi. 

7. For Energetic Leakage, envelop the patient's 
tissues creating an energetic cast to stabilize 
the energetic fields. 

8. For Migrating (Wandering) Qi Deviations, 
purge the pathogens and then isolate and sta- 
bilize before tonifying and regulating the 
patient's Qi. 

9, For Psychosexual Deviations, root the 
patient’s Heart, then regulate the patient's 
Taiji Pole with divine healing light. 


CHAPTER 31 


THE MAGIC SQUARE OF THE YELLOW RIVER 


The configuration known as the Lo Shu (Lo 
Writings) or Magic Square of the Yellow River, is 
shown below. It is said to have been derived from 
markings on the shell of a “spiritual turtle” that 
crawled out of the River Lo when the Emperor 
Yu was draining off the floods. It is considered a 
mathematical model of the universe. The relation- 
ship between the numbers presented in this chart 
may be used to diagnose the energetic relation- 
ship between universal and environmental phe- 
nomena, as well as the various pathologies within 
the occurring internal organ correspondence. 

It corresponds to the Later Heaven sequence 
of the trigrams of the Yi-Jing (I-Ching) and is ar- 
ranged in accordance with the directions of the 
compass, with the number “5” at the center of 
the compass, in an arrangement known as the 
“Magic Square.” 

The numerals 1-9 are assigned to each posi- 
tion in accordance with the Lo Scroll markings and 
represent the Acquired Essences (Postnatal Jing). 

Understanding the concept of balance is para- 
mount in Qigong medicine. When Yin and Yang 
energies in the body are balanced, health is estab- 
lished. The Chinese have given numerical relation- 
ships to Yin and Yang properties representing this 
dynamic connection. 

Yang energy is represented by all the odd 
numbers (1, 3, 5, 7, and 9). Yin energy is repre- 
sented by all the even numbers (2, 4, 6, and 8). 
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Figure 31.1. Yin and Yang Number Balance 
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Figure 31.2. The Magic Square 


The cycling of Yang (odd numbers) and Yin (even 
numbers) indicates the law of motion of Yin and 
Yang in all things. In Chinese medicine the nu- 
merical configuration is based on the sum total- 
ing ten (Figure 31.1). 

The numbers arranged together create what 
is known as the Magic Square. Investigation will 
uncover several numerological correspondences 
(Figure 31.2). The sum of any two numbers oppo- 
site each other in a row, column, or diagonal (with 
the number “5” between them) equals 10; thus the 
sum in any of these rows, columns, or diagonals 
equals 15. Fifteen is the number that represents 
“Man,” who lives between Heaven above (the 
number being 20, which equals the sum total of 
the four primary directions) and Earth below (the 
number also being 20, which equals the sum total 
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Figure 31.3. Heaven and Earth Numbers 





of the four secondary directions). The numbers in 
the four primary directions (north, south, east and 
west) are odd and represent Yang Heaven Energy, 
while the numbers on the corners are even and 
represent Yin Earthly Energy (Figure 31.3). 
EARTHLY YIN ENERGETIC FLow 

The numbers on the corners of the Magic 
Square are “terrestrial” in design. All the terres- 
trial numbers are even numbers. They represent 
the Earth’s energetic field and flow counterclock- 
wise in their circular progression. These terrestrial 
cycle phases are expressions of Earthly Yin energy 
and are designed in progressions of “times two.” 
For example, (2) Fire: 2 x 2 = (4) Metal: 4 x 2 = (8) 
Wood: 8 x 2 = (16) Water (which is reduced to 6, 
as the ten position is not counted): 16 x 2 = 32 
(which is reduced to 2). This completes one cycle 
in the terrestrial progression, which then returns 
to the element Fire and begins all over again in 
the same fashion, continuing in an endless pro- 
gression of “times two.” (Figure 31.4). 

Through understanding the Yin energetic pro- 
gression, the Qigong doctor rotates the patient's 
energy in a counterclockwise direction to purge 


Excess conditions and expel pathogenic Qi (called 
“Yin destroying Evils”). 
HEAVENLY YANG ENERGETIC FLOW 

The numbers on the sides of the Magic Square 
are “celestial.” All the celestial numbers are odd 
numbers. They represent the Heaven’s energetic 
field and flow in a clockwise circular progression. 
These celestial cycle phases are expressions of 
Heavenly Yang energy and are designed in pro- 
gression of “times three.” For example, (1) North: 
1x3 = (3) East: 3 x 3 = (9) South: 9 x 3 = (27) West 
(which is reduced to 7, as the ten position is not 
counted): 7 x 3 = 21 (which is reduced to 1). This 
completes one cycle in the celestial progression, 
which then returns to the North and begins all 
over again in the same fashion, continuing in an 
endless progression of “times three.” 

In understanding the Yang energetic progres- 
sion, the Qigong doctor will rotate the patient's 
energy ina clockwise direction to tonify. This tech- 
nique facilitates the continuous circulation of Yang 
Qi and is used in order to help the tonification of 
Qi and Blood and replenish Deficiencies (called 
“Yang promoting growth”). 
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Figure 31.4. The reason the South is positioned on the top of the page is because, in China, maps were specifically 
designed for the convenience of the Emperor, whose throne was always positioned facing South, the direction of 
Yang energy. As the magistrates of his court unrolled the maps before him, the East would be positioned on his 
left, the West to his right, and the South furthest away at the top of the map (whereas, in the Western culture 
North is at the top). 
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THE MAGIC SQUARE AND EIGHT 
TRIGRAMS 

The following Eight Trigram Hand chart rep- 
resents the terrestrial aspect of the body’s ac- 
quired structures, evolution, and exchange of 
Yin/ Yang energy. 

It should be noted that if the trigrams associ- 
ated with the numbers shown in the Magic Square 
are placed in their correct positions, the postnatal 
or “Later Heaven” trigram arrangement will form. 
The middle number “5” does not correspond to a 
trigram because it is the unifying number placed in 
the center. 

In order to use the Eight Trigrams in conjunc- 
tion with the Magic Square, the patient's palm is 
divided into nine sections. The Eight Trigrams form 
the exterior of the palm, while the heart of the palm 
(known as the Bright Hall or Ming Tang) aligns the 
Magic Square to the patient's internal organs. The 
Qigong doctor observes the color, luster, sinking or 
bulging of skin, as well as any prominent blue veins 
appearing on the surface of the patient’s skin. These 
observations are compared to the organs and func- 
tions associated with each trigram that rules that 
particular area of the patient’s palm (Figure 31.5). 

1. The Trigram Kan, located at the base of the 
palm’s heel, is associated with the patient’s Kid- 
ney and Bladder organs, as well as the func- 
tion of their urogenital and reproductive sys- 
tems. 

2. The Trigram Kun, located on the palm just be- 
low the little finger, is associated with the 
patient’s left Lung organ and the left side of 
the chest (the left breast in women). 

3. The Trigram Zhen, located on the upper part 
of the patient’s thenar eminence, is associated 
with the function of the patient’s Liver and Gall 
Bladder organs. 

4, The Trigram Sun, located on the palm, just un- 
der the index finger, is associated with the 
patient's right Lung, and the right side of the 
chest (the right breast in women). 

5. The Bright Hall (Ming Tang), located on the 
center of the palm is associated with the 
patient’s Heart, blood vessels, and mental 
health. 
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Figure 31.5. The “Magic Square” can be superimposed 
on the human body for observation, diagnosis, and 
treatment. For example: 


2 and 4 represent the location of the Lungs 

3 and 7 represent the location of the Liver and Spleen 
8 and 6 represent the location of the Kidneys 

9 represents the location of the Upper Burner 

5 represents the location of the Middle Burner 

1 represents the location of the Lower Burner 





6. The Trigram Qian, located on the lateral edge 
of the palm’s heel, just above the wrist crease, 
is associated with the patient's descending and 
sigmoid colon. 

7. The Trigram Dui, located on the lateral edge of 
the palm’s heel, midway between the little fin- 
ger and the wrist crease, is associated with the 
patient’s Spleen, pancreas, and Stomach organs. 

8. The Trigram Gen, is located on the lower half 
of the thenar eminence, is associated with 
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patient’s appendix and ascending colon. 

9. The Trigram Li, located on the palm between 
the middle and ring finger, is associated with 
the patient's blood circulation, Heart and eye- 
sight. 


THE MAGIC SQUARE AND THE EIGHT 
EXTRAORDINARY VESSELS 

In Chinese medicine, the Lo Writings and their 
correspondences form the model which is the ba- 
sis for the Ling Gui Pa Fa (The Eight Techniques 
of the Mysterious Turtle) system of acupuncture. 
In this system there are Eight Confluential Points 
that are associated with the Eight Trigrams (Fig- 
ure 31.6). These points are where the Eight Ex- 
traordinary Vessels and Twelve Primary Channels 
intersect each other. 

This method describes the theory that all the 
points on the body are dominated by the Shu 
Points, which are in turn dominated by the Eight 


Confluential Points. The confluential points and 
their trigram correspondences are Kd-6 (Kun 
Gua), Lu-7 (Li Gua), GB-41 (Sun Gua), TB-5 (Zhen 
Gua), Pc-6 (Gan Gua), Sp-4 (Qian Gua), SI-3 (Dui 
Gua), and BI-62 (Kan Gua). 


UNDERSTANDING THE METAPHYSICAL 
ASPECT OF NUMBERS 
The Chinese medical text of the Nei Jing ex- 
plains numerology and its mystical significance, 
as well as the practical utilization of the correspon- 
dences between numbers and natural phenomena. 
Man’s physical, mental, emotional, energetic, and 
spiritual form manifest as part of the microcosm 
of these nine correspondences, and are explained 
as follows. 
1. Number One corresponds to Heaven, the 
Center Taiji Pole, and represents the skin. 
2. Number Two corresponds to Earth and rep- 
resents the muscles. The number two also cor- 
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responds to the two primary forms of Yin and 
Yang. 


. Number Three corresponds to Man and rep- 


resents the blood vessels. The number three 
also corresponds to the Triple Burners, Three 
Powers, Three Treasures, Three Dantians, and 
Three External Fields of Wei Qi. 


. Number Four corresponds to the four seasons 


and represents the muscles corresponding to 
the body’s four extremities, the Four Earthly 
Quadrants and the Four Divisions of Heaven 
(N.S.E.W.), and the Four Prenatal Trigram 
Essences (Great Yang, Small Yang, Great Yin, 
and Small Yin). 


. Number Five corresponds to the Five Notes 


of the Chinese pentatonic scale and represents 
the voice. The number five also corresponds 
to the Five Elements, Five Colors, Five Tastes, 
Five Planets, and the Five Elemental Consti- 
tutions. 


. Number Six corresponds to the Six Divisions 


(Tai Yang, Shao Yang, Yang Ming, Tai Yin, Shao 
Yin, Jue Yin) and represents the union of Yin 
and Yang. The number six also corresponds 
to the Six Yao lines and their correspondence 
to the body, and the Six Accomplishments (in- 
telligence, humanity, holiness, sincerity, mod- 
eration, and benevolence). 


. Number Seven corresponds to the Seven Lu- 


minaries (sun, moon, and the five planets), 
which represent the Seven Openings of Man 
(two eyes, two ears, two nostrils, and one 
mouth). The number seven also corresponds 
to the Seven Emotions, and the Seven Stars of 
the Big Dipper. 


. Number Eight corresponds to the Eight Ex- 


traordinary Channels from which the body’s 
prenatal energy flows and represents the 
breath. The number eight also relates to the 
Eight Trigrams and their various correspon- 
dences. 


. Number Nine corresponds to the formless 


Void or Wuji, as well as the Nine Heavens (one 
is centered, and the others are in the eight 
separate divisions of the Lo Pan compass) and 
the Nine Lo River Chart (Magic Square). The 


number nine also represents the nine open- 
ings of man (two eyes, two nostrils, two ears, 
one mouth, one anus, and one urethra). 


THE Five ELEMENT ENERGETIC FLOW 
OF THE MAGIC SQUARE 

The number formations on the Magic Square 
are not only considered the energetic ebb and flow, 
evolution and exchange of Yin and Yang Qi, but 
also correspond to the energetic harmony of the 
Five Elements. The energetic harmony of the Five 
Elements are arranged as follows, 

¢ The Kidneys are positioned in the North; their 

element is Water and number is 1. 

The Liver is positioned in the East; its element 

is Wood and number is 3. 

¢ The Heart is positioned in the South; its ele- 
ment is Fire and number is 9. 
¢ The Lungs are positioned in the West; their 

element is Metal and number is 7. 

* The Spleen is positioned in the Center; its el- 

ement is Earth and number is 5. 

These five numbers are arranged in accord- 
ance to their energetic progression and are used 
as a templet for observation and diagnosis of the 
patient’s body, according to their Five-Elemental 
postnatal structure. 


CROSSOVER ENERGY PATTERNS 

According to the theory of energetic harmony, 
when one area of the body lacks Qi, there is gen- 
erally an Excess energy accumulation in another 
area. Because the body is symmetrical, one can 
naturally look on the opposite side for the mis- 
placed Qi. The Qigong doctor may dredge the full 
side in order to drain the Excess and support the 
Deficient area. 

If the imbalance is not on the opposite side, 
the doctor can scan for Excess Qi using a figure 
eight pattern (Figure 31.7). Classically, the Cross- 
over Energy Pattern is one of the most powerful 
pathways by which Qi flow in the body can be 
stimulated, and is excellent for balancing internal 
body energy. The figure “8” pattern can also be 
used in order to balance all sides of the body (top 
and bottom, as well as left and right). 


When the Qigong doctor must balance the 
energy in the left and right sides of the brain, the 
patient may be assigned homework that requires 
them moving Qi in a figure “8” pattern sideways 
(ie., drawing the infinity symbol). This exercise 
prescription stimulates, strengthens, and balances 
the right and left hemispheres of the patient’s 
brain. It is used successfully in the treatment of 
patients with dyslexia. 

When patients have internal problems that 
affect the function of the whole body, it may be 
necessary to treat two areas simultaneously. The 
Spleen and Stomach areas, for example, may be 
tonified along with the Lung areas to strengthen 
and increase the patient's resistance to External 
pathogenic factors. 

Because organ imbalances are deeper, and 
tend to be the result of years of energetic devia- 
tions, they may take longer to reverse. 
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Figure 31.7. In this Crossover Energy Pattern, area 4 is 
treated using area 6 and so on. 
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CHAPTER 32 


HEALING THE PATIENT’S EMOTIONAL TRAUMAS 


INTRODUCTION 

In my personal practice I feel the main prob- 
lem for patients is in dealing with their own 
“hurt,” which may have been inflicted upon them 
several years prior to the manifestation of their 
disease. It is a recognized truth that when people 
isolate themselves from each other, their environ- 
ment, and their spiritual life, it is because they feel 
the need to guard themselves. 

They guard and protect themselves and their 
belief structures from invasion, criticism, exploi- 
tation, or attacks, whether real or imagined, al- 
lowing interchange only if it supports their be- 
liefs. 

People build energetic walls, and when the 
walls are penetrated they often experience anger, 
self-hatred, pain, fear, and shame. Consequently, 
masks and defence mechanisms are created to 
hide and support these hidden belief structures. 

How the patients develop and maintain their 
energetic patterning will determine which clini- 
cal modality the Qigong doctor will utilize to ini- 
tiate healing. To free themselves from personal 
hurt the patients must reconnect with their anger, 
pain, fear, or worry. Eventually, with the uncon- 
ditional loving support of the doctor, patients are 
able to reintegrate the hurt and anger, and accept 
parts of themselves they had rejected for so long. 
This acceptance of painful feelings and memories 
affects the Heart and frees the patients from the 
emotional traumas of the past. 

To heal and release these pathogenic emo- 
tions, the patients go through a five-stage detoxi- 
fying process during which they feel, experience, 
and release the emotional trauma that initiated 
their disease. This is a natural progression in the 
process of Medical Qigong therapy and healing. 


THE PHYSIOLOGICAL EFFECTS OF 
BENIGN AND CHRONIC EMOTIONS 
Within the clinic it is observed that benign 
emotions (love, joy, peace, etc.) bring about a calm 
and restful condition within the patient’s physi- 
ology. Chronic emotions however, create a detri- 
mental stressful physiology, adversely affecting 
the quality of the patient's life-force energy. As 
discussed previously, emotional internal and ex- 
ternal environmental factors can and do affect the 
a of the body’s Qi. 
1. Excessive joy from the Heart slows down the 


2. Excessive worry and thinking from the Spleen 
stagnates the Qi. 
3. Excessive sadness from the Lungs obstructs the 


Qi. 
4, Fear from the Kidneys descends the Qi. 
5. Excessive anger from the Liver ascends the Qi. 


Five LEVELS OF FEELING AND THEIR 
GOVERNING ORGANS 

To complete their initial healing, the patients 
go through five stages of emotional resolution. 
These stages act as a template for the patients’ 
emotional healing, allowing them to progress 
through, and detoxify each of their Five Yin Or- 
gans. The Five Yin Organs store the patients’ emo- 
tional history in their tissues. Each of the Five Yin 
Organs also affects different functions and parts 
of the body (Figure 32.1). 

1. The Liver governs the emotions dealing with 
the past. The Liver stores the negative emo- 
tions of irritability, jealousy, anger, rage, 
blame, and resentment. These emotions and 
mental states affect the flow of Qi in the chan- 
nels, influencing the patient’s tendons, liga- 
ments, nails, small muscles, peripheral nerves, 
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Figure 32.1. Diagram of Five Elemental Emotional Transitions 





external strength, the iris of the eyes, vision, 
tears, the Gall Bladder, bile, decision making, 
the external genitalia, and the Hun (Three 
Ethereal Souls). 


. The Lungs govern the emotions dealing with 


the present. The Lungs store the negative emo- 
tions of grief, sorrow, sadness, anxiety, shame, 
guilt and disappointment. These emotions 
and mental states affect the flow of Qi in the 
channels, as well as the patient’s breath, skin, 
Large Intestine, mucous membranes, the me- 
tabolism of the Body Fluids, body hair, smell, 
and the Po (Seven Corporeal Souls). 

The Kidneys govern the emotions dealing 
with the future. The Kidneys store the nega- 
tive emotions of fear, loneliness, and insecu- 
rity. These emotions and mental states affect 


the patient’s energetic channel flow, as well 
as the Jing, bones, brain, bone marrow, inner 
ear, hearing, head hair, pubic hair, spinal cord, 
cerebrospinal fluid, ovaries, testes, anus and 
urethra, sexual fluid, reproduction, short term 
memory, and the Zhi (Will Power). 


. The Spleen governs the emotions dealing with 


resolution and responsibility. The Spleen also 
stores the negative emotions of worry, re- 
morse and regret, which can create obsessions. 
These emotions and mental states affect the 
flow of Qi within the channels, as well as the 
patient's large muscles, lymph and saliva se- 
cretions, the mouth, lips, taste, the Stomach, 
digestion, concentration, the ability to memo- 
rize, and the Yi (Intention). 


5. The Heart governs the emotions dealing with 
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shock, nervousness and excitement, as well 
as the final stages of healing {i.e., peace, love 
and forgiveness). These emotions and men- 
tal states affect the patient’s energetic chan- 
nel flow, as well as the patient’s blood vessels 
and circulation, complexion, perspiration, 
mental and emotional activity, long term 
memory, Small Intestine, and the Shen (Spirit). 
In the process of forgiveness, the anger and 
resentment are traversed to reach through to the 
levels of original hurt, sadness and grief. Only 
after reaching this level, and working through the 
pain, can the patient begin the process of letting 
go of the anger, blame, and resentments that pro- 
tect them from feeling the full impact of the origi- 
nal trauma. Forgiveness begins only after the an- 
ger and crying ends. There are three stages of for- 
giveness: forgiving oneself, accepting the situa- 
tion, and forgiving the abuser. 

1. The forgiving oneself stage deals with the en- 
ergy involved in healing oneself, and is di- 
vided into two specific stages: 

¢ Forgiving oneself for allowing the hurt to oc- 
cur in the first place (even if the patient had 
no choice in being victimized), or for not fight- 
ing back strongly enough, if at all, and 

Forgiving oneself for hanging on to all that 

anger and pain for so many years. 

2. The accepting the situation stage deals with 
releasing the energetic emotional charge 
within the environment, or the unwanted con- 
sequences connected to the original trauma 
(e.g., forgiving the accident, injury, handicap, 
illness, trauma) within the patient. 

3. The forgiving the abuser stage is the most dif- 
ficult final step. Many factors can interfere 
with this process, such as the patient's fear of 
re-abuse or continued abuse if forgiveness is 
genuinely given. Another major factor is the 
negative, toxic, external energy projected by 
the abuser upon the patient, sometimes over 
many years. This energy is absorbed by the 
patient over time and often leads to the pa- 
tient identifying with the abuser. The fear of 
being, or becoming, just like the abuser can 
be overwhelming. Anger at the abuser may 
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seem to be the only thing standing between 

them; and allowing any feelings of love, com- 

passion, or understanding may appear to be 
an acceptance of “evil,” not only within the 
abuser, but within the patient’s own self. An 
acceptance of a dark side within each of us is 
necessary to forgive the abuser. Often victims 
of abuse cannot tolerate the idea that they are 
anything like their abuser. Only the conscious 
mind, working in concert with the patient’s 
spirit, can reintegrate this essential part of the 
self that has been utterly rejected and denied. 

Children who have experienced abuse may 

be especially hard pressed to accept anger as 
a natural, integral part of themselves without 
which they cannot feel whole. They frequently 
view all and any anger as not only dangerous 
but an “evil” force. Thus, forgiveness of the 
abuser requires restructuring of belief sys- 
tems, and the acceptance of one’s own dark 
side, as well as the abuser’s. 

Through conscious intent and creative sub- 
conscious intuition, it is possible to come to an 
understanding that the “evil” experienced stems 
not from the devil, but from ignorance and pain. 
In most cases the abuser’s intent was not to harm 
and destroy, but ironically, to teach and discipline 
for the good of the patient. The abuser did the best 
that he or she could at the time, given all the un- 
resolved pain and anger within the self. 

When patients experience extreme abuse, or 
prolonged abuse, they may lose the ability to dis- 
tinguish the difference between wrong actions and 
the abuser. The abuser is not evil incarnate though 
evil deeds were done. This often leads victims to 
see the world only in terms of black and white 
with no shades or colors. The true healing requires 
acquiring the ability to see anew (as a little child), 
to reawaken to the amazing diversity of life. 

These skills sometimes require teaching the 
patient and may necessitate referring the person 
out to a professional, especially if the patient suf- 
fers from a character disorder (e.g., borderline 
personality disorder, schizo-affective disorder, 
and so on). 

Generally, after performing specific Qigong 
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exercises and meditations which release the 
patient’s pent-up, toxic emotions, the patient be- 
gins to come out of denial and awaken to genu- 
ine spontaneous emotions and feelings. This tran- 
sition can be very painful at first. I usually tell the 
patients that this transition is similar to having 
their arm frozen, and then thawed out. 

Imagine if the arm is placed into ice cold wa- 
ter, and left there. The first thing the body would 
feel is shock, followed by pain. As the feelings 
slowly begin to leave, the pain begins to dimin- 
ish, and the arm becomes numb. As the mind 
shifts its attention away from the feelings in the 
arm, it begins to establish a denial system, ignor- 
ing, minimizing, or suppressing the condition in 


which the arm has been placed. When first remov- 


ing the arm from the ice water, the tissues are still 
numb. After awhile, however, as the numbness 
begins to wear off, feelings begin to return to that 
particular area of the body, and pain is felt. The 
body is no longer in shock and is now feeling the 
pain and the memory of the past experience. 

Our lives are the same way, in regard to physi- 
cal, mental, emotional, and spiritual pain. While 
growing up, we are subject to constant trauma on 
all four levels of existence. Through an instinc- 
tive ability, we adapt and learn to become numb 
to our true feelings in order to survive. When we 
begin to awaken, we are suddenly thrust into 
shock, then pain, as we begin to face the source 
and cause of our trauma. 

From a Traditional Chinese Medical perspec- 
tive, pain is a means by which the body commu- 
nicates its needs to the mind. In cases of chronic 
pain, the patient generally learns to divert aware- 
ness away from the area of pain through distract- 
ing thoughts and emotions. This helps the patient 
to cope with the pain, but also interferes with the 
healing process. If the patient reduces conscious 
awareness of the painful area(s) in the body, the 
mind/body connection becomes blocked and 
slows or prevents healing. The initial clarification 
of the “Message” regarding the disturbance can 
cause both a sensation of increased pain and an 
activation of the healing process. 

By comprehending the five levels of feeling and 
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their progressive transitions, the patient gains un- 
derstanding and healing from these past traumas. 


STAGES OF EMOTIONAL HISTORY AND 
RESOLUTION 

After the patient understands the five levels 
of feeling and how they affect their respective or- 
gans, the Qigong doctor can assist patients in the 
cognitive restructuring of their disease-causing 
belief structures. This emotional re-patterning is 
initiated through the unveiling of several stages 
of painful emotional history, which affect the en- 
ergetic healing abilities within the patient's body. 

It is important for the Qigong doctor to re- 
member that all physical matter is conscious en- 
ergy activated and focused by consciousness. The 
patient's perceptions create the physical presence 
of the disease. Since all matter and energy is uni- 
fied, all matter down to the smallest subatomic 
particle has awareness, makes choices, and com- 
municates simultaneously with all other matter 
in the universe. Choices are initiated in the 
patient’s body through the active fields of envi- 
ronmental and universal energy. 

Understanding these subatomic communica- 
tions allows the Qigong doctor to assist the pa- 
tient in discharging toxic energy trapped and 
stored within the tissues. The experience of the 
emotional trauma, and its destructive emotional 
energetic patterning, is clinically explained and 
described in the following stages. 

1. The patient is hurt (physically, mentally, emo- 
tionally, and/or spiritually). The patient re- 
ceives the original trauma through either an 
aggressive, direct attack (i.e., being struck, 
screamed at, belittled, or shamed, etc.), or by 
a passive, indirect attack (i.e., being aban- 
doned, rejected, ignored, betrayed, etc.). In 
this stage of development, the patient's trust- 
ing connection to life is violated. 

2. The patient registers the hurt, feels the pain, 
and naturally expresses this trauma in an out- 
burst of emotion (ie., screaming, crying, 
laughing, groaning, etc.). In this stage the pa- 
tient recognizes the wounding. 

3. The patient seeks attention and looks for a 
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human emotional response, seeking valida- 
tion and self-affirmation. In this stage, if the 
patient does not seek and receive attention for 
healing the trauma or, if the individual is not 
free to express his or her real feelings, healing 
will not take place. 

4. The patient’s hurt remains unresolved and 
becomes history. At this point in the transi- 
tion it is important that the patient feel the 
hurt, understand the circumstances surround- 
ing the hurt, then discharge the pain. If the 
patient's hurt does not become completely 
discharged from the body, it becomes stored 
within the patient's tissues. Thus, the patient’s 
hurt becomes internalized; the emotions of 
unexpressed anger, fear, pain, and shame be- 
gin to accumulate in the body. The trauma 
remains as an active charge of unexpressed 
emotional energy. 

5. The patient’s whole body stores the distress- 
ful emotional memories. This distress gets 
restimulated in the present (through various 
trigger mechanisms), and alters or blocks the 
patient's flow of energy and thinking. 

6. The patient learns defense mechanisms to sur- 
vive. The patient develops strong defense 
mechanisms instead of healing from the emo- 
tional wounds (known as a pathological re- 
covery). At this point the patient’s denial sys- 
tem is reinforced, and kept active to protect 
the patient from any further hurt, in order to 
ensure survival and maintain at least the sem- 
blance of a normal, functional life. 

7. A dynamic polarity arises that seems to take 
on a life of its own. The patient swings back 
and forth between overcontrolling emotions 
and loosing control over them completely. The 
patient becomes obsessed with the painful 
feelings, either hiding from them or becom- 
ing overwhelmed by them. The patient then 
chooses either one of two options: 

To become isolated, emotionally removed and 

distant, or 

To become needy, co-dependent and attention 

hungry. 

8. The patient develops addictions to continu- 


ally hide from the pain. The patient's actions 
become based on the unhealed feelings result- 
ing in four overlapping ways to hide: 
Physically through sports, excessive exercise, 
food, sleeping, etc., 

Mentally through compulsive behavior (e.g., 
studying, being a work-a-holic, compulsive 
book reading, etc.). 

Emotionally through either chronic rage, grief, 
obsessive worrying, and chronic fear, or 
through a compulsive search for love, joy, and 
excitement (sex /love addiction), etc., and 
Spiritually through fanaticism of various 
types, or extreme spirituality. 

9, The patient begins to recover from the trauma. 
To heal and recover, the patient must cease con- 
centrating on the pain and redirect his or her 
full attention towards setting healthy bound- 
aries and positive affirmations. Some patients’ 
boundaries are too solid and immovable (i.e., 
they won't allow for any meaningful interac- 
tion with others). These patients do not really 
need to set boundaries, they need to allow their 
boundaries to become more permeable. Pa- 
tients’ boundaries need to be flexible in order 
for them to be healthy. Patients must learn when 
to open and when to close their boundary sys- 
tem, and not just constantly shut everything out 
(people, relationships, responsibilities, etc.) or 
let everyone and everything in. 

It is important for patients to understand that 
perpetrators of abuse are in a state of denial of 
their own shame and imperfection; thus they in- 
flect pain and suffering onto anyone present at 
the time. Some perpetrators single out one family 
member as a recipient for their pain. Sometimes 
the chosen victim reminds the perpetrator of his 
or her younger innocent self; thus all the accumu- 
lated self-hate is projected onto this one child 
through no fault of the victim. The resemblance 
may be real (slight physical similarities for in- 
stance) or imaginary (the child’s vulnerability, for 
example, ora singled out personality trait that trig- 
gers the abuser’s anger). The one common factor 
among abusers is their inability to see their vic- 
tims for who they really are. Abusers make no ef- 
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fort to know the victim, to really see the whole 
person; instead they see 4 distorting mirror which 
reflects their own image back to them, magnify- 
ing their own flaws and fears. Through setting 
boundaries and affirming their own self-worth, 
the patients will be able to release years of toxic 
emotions stored within their tissues. This can ini- 
tiate health and healing on every level of their 
being (physical, mental, emotional, and spiritual). 


ASSISTING THE PATIENT IN 
ESTABLISHING HEALTHY 
BOUNDARIES 

The patient is generally informed that in or- 
der to make it through the spiritual, emotional, 
and mental transitions brought about by Medical 
Qigong therapy, it is important to establish an ac- 
tive but flexible boundary system. The patients 
are then taught to divide their relationships into 
three categories: True Friends, Acquaintances, and 
Toxic Relationships (Figure 32.2). 

1. True Friends consist of people with whom the 
patient can share and expose his or her most 
intimate hidden secrets and emotional feel- 
ings, without worrying about being judged. 
In the presence of true friends, the patient feels 
emotionally accepted and loved uncondition- 
ally. The boundary system should be down, 
and the patient should feel completely open. 
It is safe to be completely vulnerable. 

2. Acquaintances consist of people with whom 
the patients should share only limited 
amounts of information regarding their per- 
sonal/ emotional life experiences. The most 
hidden secrets could be judged, misconstrued, 
and gossiped about. All conversation with 
these individuals should, and must be, kept 
on a fairly superficial level. The patient's 
boundary system should be up, and the pa- 
tient should monitor the conversation, as it is 
not safe to be totally vulnerable. 

3. Toxic Relationships consist of people with 
whom the patient cannot and should never 
share any knowledge of their personal /emo- 
tional life. These individuals chronically abuse, 
mistreat, belittle, and attack others (whether 
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Figure 32.2. Types of Relationships for Setting Flexible 
Boundaries 





they are members of the patient’s own family, 
work, or neighborhood). All conversation with 
these individuals should be kept to a minimum. 
The patient’s boundary system should be on 
full armor, and whenever possible, these indi- 
viduals should be avoided. 


REJECTION, BETRAYAL, AND 
ABANDONMENT 

From a young age, people are introduced to 
the multidimensional experience of being hurt 
(physical, mental, emotional, and spiritual). This 
affects the individual's center core and initiates a 
coping response due to feelings of rejection, be- 
trayal, and abandonment. The normal reaction to 
such emotions results in experiencing emotions 
ranging from fear to frustration. These individu- 
als begin to develop masks, that warp and scar 
their developing personality. As these individuals 
continue to grow, the illusions of these masks de- 
mand more Qi to sustain their form, which in turn 
drains vital energy from the growing body, and 
weakens the immune system. This denial system, 
fortified by the individual’s emotional patterning, 
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Figure 32.3. The True Self is contained within the Core 
Self. 


sustains him or her until they can heal and re-pat- 
tern the no longer beneficial belief system. 

To re-pattern their belief systems, patients and 
Qigong practitioners must first be made aware of 
their initial programming patterns and the rea- 
sons for which these were created in the first place. 
The following “spiritual template” is applied to 
all patients, regardless of culture, race, or religion. 

To access the patient’s center core, the Qigong 
doctor must help the patient identify the masks 
which have taken on a life of their own and cre- 
ated the false “ego self.” Next, the patient must 
address personal self-hate issues, which have 
driven the patient to develop the masks and de- 
fense mechanisms. Finally, the patient must face 
the foundational fear that has severed his or her 
connection with their “true self” contained within 
the center core (Figure 32.3). 

In the Medical Qigong clinics in China there 
is a saying, “Patients must first stop running from 
their fears, and face the “Paper Tiger” (i.e., the il- 
lusions and fantasies that have been chasing 
them); in the West, it is considered “stopping and 
facing your internal demons.” 


MASKS AND DEFENSE MECHANISMS 

To armor the ego, individuals resort to what 
Sigmund Freud labeled as “ego defense mecha- 
nisms.” There are nine strategies; and with the 
exception of the last one listed, i.e., “sublimation,” 
they serve to mask the core self. The nine defense 
mechanisms and their strategies are: Repression, 
Displacement, Projection, Intellectualization, Re- 
gression, Fixation, Denial, Reaction-Formation, 
and Sublimation. 

1. Repression is the pushing down of unwanted 
ideas and emotions into the unconscious; 

2. Displacement is the shifting of impulses 
aroused by one person, or situation on to a 
safe target; 

3. Projection is the attribution of unacceptable 
impulses within oneself to other people; 

4. Intellectualization is an elaborate rationaliza- 
tion of a naked impulse, to justify it; 

5. Regression is the return to an earlier child- 
hood stage of behavior to reduce the demands 
on the ego; 

6. Fixation has the same result as Regression, but 
the person becomes fixated at a particular 
stage of mental and emotional development; 

7. Denial is a conscious refusal of an impulse- 
evoking fact, feeling or memory; 

8. Reaction-Formation is the conversion of one 
feeling into its opposite, typically seen in love 
turning into hate; 

9. Sublimation is the channeling of unacceptable 
impulses into acceptable, refined social forms 
and is the only defense mechanism consid- 
ered to be a healthy reaction. 

The ego mediates between the “id” (i.e., the 
primordial survival drives and impulses) and the 
“super ego.” The super ego consists of the ideals 
and conscience of the individual. 


EMOTIONAL SECURITY 

Each individual has basic emotional needs 
that must be met to feel secure. Without the com- 
fort of these needs being met an individual will 
sometimes lash out and react in an antisocial be- 
havior. This reaction is generally due to the indi- 
vidual fostering feelings of rejection, betrayal, and 
abandonment. The three personal needs required 
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Figure 32.4. The Three Personal Needs That Foster Emotional Security 





to foster emotional security are as follows: Sig- 
nificance, Inclusion and Power (Figure 32.4). 

1. For an individual to feel significant, he or she 
must be given self worth, personal value and 
importance. Without personal value the indi- 
vidual will feel insignificant, unimportant, 
and worthless. 

2. For an individual to feel included, he or she 
must be given affirming social value (know- 
ing that they play an important role in the 
family, relationship, or society as a whole). 
Without personal acknowledgment the indi- 
vidual feels isolated, segregated, and sepa- 
rated. 

3. For an individual to feel powerful, he or she 
must be given the ability to control and the 
authority to speak and act. Without personal 
power the individual feels powerless, weak, 
and incapable. 

In addressing the patient's disease, it is im- 
portant to sometimes address his or her living and 
work environment, as both can contribute and 
influence the patient's healing potential. 


HEALING EMOTIONAL TRAUMAS 

There are several techniques and methods used 
to assist patients in healing through emotional trau- 
mas (Figure 32.5). Such meditations as Pulling out 
the Pain are often prescribed as homework along 
with other treatment methods of Medical Qigong 
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therapy. Some of these methods used to heal emo- 
tional trauma are described as follows. 

1. Medical Qigong Distance Therapy affects the 
body, mind and emotions. The Qigong doctor 
alters the patient's energetic tissues and fields 
to re-pattern the patient’s emotional responses. 

2. Medical Qigong Massage Therapy and Body- 
work involves lightly touching and stimulat- 
ing the patient's tissues, to release the trapped. 
emotions so that they may be appropriately 
reprocessed. 

3. Medical Qigong Respiration Therapy unites the 
body, mind, and emotions by moving the en- 
ergy through specific breathing techniques. By 
changing the breathing pattern, the Qigong 
doctor changes the patient’s energetic emo- 
tional patterns, releasing trapped memories 
deep within the patient's tissues. 

4, Medical Qigong Dynamic Postural Therapy 
expands and stretches the patient's tissues. This 
active adjustment of the patient’s body align- 
ment increases the flow of Qi and Blood 
through his or her internal organs, facilitating 
an emotional release (e.g., the Dry Crying ex- 
ercise). 

5. Medical Qigong Imagery and Meditation 
Therapy uses awareness meditations and im- 
ages to sedate the patient’s reactive mind in 
order to connect with the higher self-identity. 
The doctor interrupts the patient’s emotional 
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Figure 32.5. Six Methods Used For Healing Emotional Trauma 





thought patterns by changing the patient's se- 
quence of sensations, word pictures and feel- 
ings. This emotional reforming changes the 
meaning of the patient's interpretation and 
challenges his or her self-limiting beliefs. 

. Music and Art Therapy are sometimes pre- 
scribed to change the patient’s mood and 
awareness. Through playing a musical instru- 
ment, dancing, singing, or creative free-asso- 
ciation drawings, sculptures, pottery, and so 
on, patients can access their Creative Subcon- 
scious Mind to repattern old belief structures 
and enhance the body’s energy. Some patients 
will resist this form of therapy as they do not 
consider themselves to be good artists. It is 
vital to explain that these creative endeavors 
are not for the purpose of creating art, but for 
expressing feelings and emotions. These art 
forms need not be pretty, perfect, or shared 
with anyone if the patient does not desire to 
do so. They need not even be kept so long as 
the patient has released some feelings and 
emotions. The process itself is the healing. 
This type of therapy is used to help the pa- 
tient recreate, identify, and release trapped 
emotions deep within the subconscious mind. 


PULLING OUT THE PAIN MEDITATION 

This meditation uses part of the guided im- 
agery used in the Soul Retrieval Meditation (found 
in Chapter 19). It releases and transforms the 
patient's conscious feelings and helps to change 
or remove the Personal Subconscious toxic hold- 
ing patterns. 

After the meditation, patients should feel as 
if they have been cleansed and purified of toxic 
emotional debris. This is, however, only the first 
level. Patients can only release and transform the 
surfacing emotions one level at a time. Like peel- 
ing an onion, the patients must continue to work 
through each level until reaching their core issues. 
These core issues surround the suppressed feel- 
ings of hurt and pain. 

The doctor instructs and guides patients 
through this meditation matching the rhythm of his 
or her words to the patient’s exhalations. Patients 
draw their painful memories and traumas out of 
their body in the form of dark smoke; they then. 
separate the distilled wisdom and knowledge from 
this dark cloud, reabsorbing the healing light into 
every pore and cell of their body. The dark cloud 
must then be released with the help of an angelic 
being who severs the energetic cord(s) still attach- 
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ing the patients to their pain and suffering. When 
the patients reach this sixth step, the doctor assists 
them by clapping his or her hands as the patients 
visualize the “sword of truth”, held by this holy 
being, severing the dark energetic cord{s). The 
sword of truth represents the patients’ decision to 
regain their power by letting go of their attachment 
to their illness. This attachment creates very real en- 
ergetic cords that bind the patients to their painful 
memories and toxic emotions. Severing these cords, 
or cord, symbolizes the end of the patients’ invest- 
ment in their disease, and the beginning of true 
healing. This releases all the pain and despair, ie., 
the black cloud ascending into the Heaven into the 
hands of God or a “higher power,” in accordance 
with the belief structure of the patients. As the cloud 
reaches the first wave of love and compassion ema- 
nating from God or a “higher power,” a mighty 
explosion transmutes the black despair and pain 
into divine healing light. The doctor then assists the 
patients in accepting this healing, loving light back 
into their body to experience, perhaps for the first 
time in their lives, true forgiveness and a state of 
grace. 

1. Begin by sitting comfortably in a chair, with 
both feet on the floor, hands resting on your 
thighs, eyes closed, tongue on the upper pal- 
ette. Breathe naturally through the Lower 
Dantian. 

2. Focus your attention on the Yellow Court area 
below the diaphragm where you store pain- 
ful memories and trauma. Imagine opening 
up this area to release the toxic energy out of 
your body as a stream of dark steam releas- 
ing from a pot. 

3. As the dark steam flows out of your body you 
are releasing feelings and memories of guilt, 
anger, rage, humiliation, abandonment, deg- 
radation, rejection, insecurity, and sorrow. 
These toxic emotions have, until now, pre- 
vented your healing through creating a deep 
distrust of self and others. 

4, Focus your attention on this energetic cloud, 
and begin separating the pain and hurtful 
memories from the knowledge and wisdom 
gathered from these experiences. Visualize 
this knowledge and wisdom in the form of 
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golden, white, and silver light energy gather- 
ing on the right side of the room. Continue to 
drain the dark cloud of misery and pain, now 
occupying the left side of the room, until you 
have extracted all the new insights from it. 
As you do so, you will notice the dark cloud 
becoming heavier and darker. 

5. Focus on the right side of the room. Through 
your intention, begin to inhale and imagine 
this bright, illuminating energy flowing back 
into your body. Absorb this knowledge and 
wisdom gathered from past experiences, void 
of any feeling of hurt, pain, and judgement 
into every cell of your body. This distilled 
knowledge and wisdom empowers you to 
heal from your wounds on a physical, men- 
tal, emotional, energetic, and spiritual level. 

6. Next focus your attention on the dark black 
cloud containing all your pain and suffering. 
Imagine an angelic being, righteous and holy, 
holding a “sword of Truth,” standing by your 
side, ready to sever the dark energetic cord(s) 
still connecting your physical body to this 
dark cloud of despair. The sword descends 
and severs the cord(s) (the doctor claps his or 
her hands as the sword severs the cord(s). 

7. The cloud of darkness begins to float up, 
through the ceiling, through the sky into space. 
Far in the distance you begin to perceive God 
or a “higher power” emanating waves of com- 
passion, love, and mercy descending towards 
the Earth. One of the waves touches the dark 
cloud of hurt and pain, exploding it into a bril- 
liant light. The cloud is immediately trans- 
muted into fluorescent crystal blue drops of 
light. This pure, clean energy descends from the 
Heavens like gentle rain. Breathe in this crystal 
blue healing energy, let it penetrate deeply into 
every pore, every tissue and cell, saturating 
your body completely. Feel the light cleansing 
and radiating throughout your being. 


UNDERSTANDING WHY A PATIENT 
WON’T HEAL 

Normally, in a clinical setting, 80% of the pa- 
tients will respond favorably to Medical Qigong 
therapy. In some cases, complete remission of the 
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disease is achieved. An additional 10% will im- 
prove, but stabilize in their condition, while a fi- 
nal 10% will not respond at all to the treatments 
and will progressively get worse. When the pa- 
tient does not respond to the treatments, the rea- 
son can usually be related to the following condi- 
tions: Failing to Carry Out the Prescriptions, The 
Pathogens are Just Too Strong, and Divine Will 
Guides the Outcome. 

¢ Failing to carry out the prescriptions can be 
caused by the patient subconsciously sabotag- 
ing the healing. Refusing to practice is usu- 
ally due to deep unresolved emotional issues, 
e.g., feeling unworthy to heal, fear of aban- 
donment by spouse or others, and so on. 
The pathogens are just too strong to be healed 
by Medical Qigong therapy alone; when an 
illness is long-standing, additional comple- 
mentary treatments, i.e., herbs, Western medi- 
cine, or surgery may become necessary to 
achieve healing. 
Divine will guides the outcome in some cases. 
The patient's time in the physical realm may 
be complete, and the soul is preparing to re- 
turn back to the divine. 
Sometimes the healing process takes more 
time then expected. I explain to patients that per- 
manent transitions can sometimes be instanta- 
neous, but are more likely to be gradual. I explain 
that they are like a sea captain, standing at the 
helm of a great ocean liner. If the captain decides 
that the present course is unsafe, and destructive 
to the ship and its crew, he quickly orders an im- 
mediate change in the course of the ship’s direc- 
tion. With a flick of a switch and a hard spin of 
the steering wheel, the direction of the rudder is 
immediately changed. However, because of the 
perpetual inertia of the massive ship, it will take 
some time to observe any alteration in the course 
of the ship’s current direction. Although the eyes 
of the captain can be focused on the new direc- 
tion, the ship still requires enough time to effec- 
tively move in the new direction. It is the patient’s 
spiritual intentions and focused goals that even- 
tually direct the patient’s emotional belief system, 
which in turn, redirects their thoughts and body’s 
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physical reactions. 

Sometimes, toxic emotions and memories are 
released through diligent Qigong practice and 
treatments. With some patients, however, al- 
though major changes have already occurred in 
their conscious attitude, belief structure, and spirit, 
it may take longer for the unconscious reprogram- 
ming to take hold and stop reinforcing the old 
fears, and traumas. This impediment of uncon- 
scious reprogramming is due to the patient's con- 
scious mind not being able to fully integrate the 
new reality and belief structure. A cancer patient 
may, for example, have been diligently practicing 
the prescriptions and the disease may now be in 
remission, but, the patient still visualizes the can- 
cer as all-invasive. Rather then starting with an 
image of less cancer in the body, the patient con- 
tinues to start the meditations with the cancer con- 
dition visualized at its worst peak. This sends a 
double message to the subconscious mind (heal 
and don’t heal). 

The same thing applies to observing the 
patient's transitions of chronically programmed 
patterns. New behaviors and attitudes cannot 
become habits overnight. It simply takes time, 
endurance, and constant encouragement in order 
to make progress. It is important for the patients 
to keep their eyes focused on their intended goal 
and not give up hope. 

It is also important not to force mental imag- 
ery when feeling angry, depressed or upset. To be 
effective, creative visualization requires a quies- 
cent mind and soft focus; it should not be hard 
work, Time allotted to creative visualization can 
be brief (only a couple of minutes), several times 
a day, for it to be effective. 


FACING THE DEATH OF A PATIENT 
Because human beings are created from the 
energies of Heaven and Earth, they are subject to 
the transitions of nature, death being part of that 
transition. Sometimes, no matter who the doctor 
is, or what his or her specific training has been, 
there is nothing that can be done to physically heal 
the patient. Because patients have made attach- 
ments during their stay on Earth (physical, men- 
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Accepting Death 


1. Shock, Numbness, Disbelief, Denial 
and Isolation 


2. Anger and Rage 
3. Bargaining 
4. Depression 


5. Acceptance 


Figure 32.6. The Five Stages and Transitions of Accepting Death 





tal, emotional, and spiritual), it is important for 
the doctor to assist them in their final transitions 
of releasing and letting go. The fear of death of- 
ten causes patients to feel loss of control of their 
life, facing and conquering this fear allows them 
to regain a sense of control. 

According to Dr. Elisabeth Kubler Ross, there 
are five stages of dying that facilitate closure for 
patients, especially in the life and death transi- 
tion (denial, anger, bargaining, depression, and ac- 
ceptance). These transitions also occur when fac- 
ing the death and closure of any personal rela- 
tionship or job, as well as the termination of one’s 
life (Figure 32.6). Although these stages were origi- 
nally believed to follow each other in an orderly 
fashion, further research has indicated that these 
stages need not, and most often do not occur one 
at a time. The different “stages” can occur at any 
time going from “denial” to “acceptance,” back 
to “bargaining,” etc., (sometimes in just a few min- 
utes). Every individual reacts differently. Some 
never accept death and struggle to the very end. 
Medical Qigong therapy describes these transi- 
tions as follows: Shock, Numbness and Disbelief, 
Denial and Isolation, Anger and Rage, Bargain- 
ing, Depression, and Acceptance. 

1. Shock, numbness, and disbelief occur when 
an individual is faced with the fact that his 
or her own death is near. Because of shock, 
the mind will generalize, rationalize, delete, 
or distort information to make the informa- 
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tion acceptable to the patient's belief system. 
When these initial feelings of shock, numb- 
ness, or stoicism begin to disappear, most 
patients then experience disbelief. They can 
not believe or will not accept what is happen- 
ing to them. 

Some patients bypass this stage all together. 
They feel great relief at learning of their im- 
pending death. They look forward to the ces- 
sation of pain and rejoining those close to 
them who have passed on. 

2. Denial and isolation is the first semi-conscious 
choice the patient makes after hearing the 
news. The patients’ disbelief allows them to 
establish their own denial system. This denial 
system functions as a shield to protect them, 
as they emerge from the shock. Denial and 
isolation further allows these patients time to 
gather additional knowledge, hoping that the 
original diagnosis was incorrect. 

3. Anger and rage arise as the denial system 
breaks down. Patients experience anger, rage, 
envy, and resentment, as they view their ter- 
minal progress as an injustice. The patients’ 
discomfort and anger are usually displaced 
and projected towards anything and every- 
one (usually people and God). Patterned, fear- 
based behaviors get stored in the body and 
mind. These emotions affect the patients’ fu- 
ture perceptions, diminishing their belief sys- 
tem in personal survival. 
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4. Bargaining is the next stage in the process of 
adjusting to the verdict. Patients offer coun- 
terproposals (usually with God), hoping to 
change or alter the course of events and post- 
pone the inevitable from happening. 

5. Depression replaces hope and the patient ex- 
periences a deep sense of loss. Still resisting 
the outcome, patients sink into depression, 
sometimes lingering for quite some time be- 
fore death. Depression is divided into two dif- 
ferent categories, each one is different in na- 
ture. 
Regretful depression is caused by guilt and 
shame for not having lived life to the fullest. 
The patients regret having given in to fears 
and having held on to past hurts (both real 
and imaginary) for so long, that many dreams 
were abandoned. Opportunities for healing 
and enjoyment were missed, and old sorrows 
and conflicts never resolved. Patients with this 
type of depression often seek to voice their 
regrets. Many ask to let go of the bitterness 
and open up toa spiritual healing, rather than 
a physical healing. 
Preparatory depression is not caused by re- 
grets, but by mourning the loss of projected 
future experiences. These patients are usually 
quiet and reflective, as they face the process 
of losing everything and everyone that they 
love. 

6. Acceptance is the final stage before death. 
Having nowhere else to go, patients evaluate 
what was learned in life. They are now able 
to express their feelings of envy for the living 
and the healthy, as well as anger at those who 
do not have to face their fate so soon. They 
finally accept the inevitability of death. De- 
pression gives way toa time of rest before the 
divine journey home. The patients, having 
faced their life's work, fears, and feelings, now 
have a new outlook on life and are prepared 
for the spiritual transition of death. 

Facing death is an important transition in life 
and must be approached with a reverent respect 
for spiritual transformation. When a patient is 
dying it is extremely important for the doctor to 
accept the “higher order” or “divine will” for the 
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patient, and not harbor a win or lose attitude. No 
matter what stage of transition the patients are 
in, they will almost always maintain some glim- 
mer of hope, even though they may claim other- 
wise, to the very last moment of their life. It is the 
doctor’s responsibility to accept and support pa- 
tients to their inevitable end and not cease to treat 
them for reasons of personal fears, sorrows, or 
regrets. Listen to your patients, and allow them 
to release their fears. This continued support, ac- 
ceptance, and encouragement for the patient al- 
lows them to die in peace and with dignity. 


SUMMARY 

Death is considered merely a change of resi- 
dence for the patient’s spirit. The ailing body is 
sometimes viewed as “a house with rotting walls.” 
Once the dying body becomes unusable, it is best 
to abandon it, and look for another place to stay. 
The spirit-body is immortal and will exists for- 
ever in accordance with the will of the divine. This 
is why one is taught to be unattached to the physi- 
cal transformations of this world and accept and 
embrace death as part of the natural process of 
existence. 

Think of the transition of death as similar to 
that of a baby chick which is about to be hatched. 
Although it has lived and existed within its shell 
all its formative life, as the baby chick continues 
to develop, it has slowly begun to outgrow its 
place of existence. The baby chick is now becom- 
ing harshly compressed and crushed within the 
security of its own shell. As the little chick exhausts 
itself, trying to get free from what has now be- 
come its prison, it seemingly faces death. With its 
apparent last breaths, the little chick shatters the 
surrounding shell. Immediately, an intense light 
appears, followed by a whole new world that re- 
veals itself in new wonderment. The baby chick 
is now reborn into a fresh new realm of existence, 
with new room to grow and the ability to experi- 
ence true freedom. 

Once, while in China, I was talking to Dr. 
Wong of the Xi Yuan Hospital, in Beijing. He made 
the profound statement that everyone he had ever 
treated had gotten healed. I have never heard such 
a bold statement being made by a Qigong master, 
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or by any doctor for that matter, so I immediately 
began to inquire as to what his special techniques 
were. Dr. Wong responded, “Everyone I treat gets 
healed; some get healed spiritually, others emo- 
tionally, some mentally, and some physically. Not 
all get cured, but all do get healed. Some patients 
that come to me for therapy are supposed to die. 
It is their time of passage, and [ help them accept 
death with dignity and honor. This is achieved by 
helping the patients heal their spiritual, mental 


and emotional wounds before they pass on. Oth- 
er patients that come to me are in an active stage 
of energetic transition, and I help these patients 
to see where they’ ve become stagnant, Excessive, 
or Deficient in their bodies and release their patho- 
genic Qi.” Life is a pathway of transition and 
change, and so, in the field of energetic medicine, 
all patients are moving toward or away from heal- 
ing their relationship with themselves and oth- 
ers. 


SECTION VIII 
QI EMITTING METHODS 


CHAPTER 33 


ENERGY EXTENSION AND QI MANIPULATION 


TECHNIQUES 


ENERGY PROJECTION 

The body’s energetic constitution is a combined 
matrix of sound, light, heat, and electromagnetic 
energy. Studies on the effects of Qi projection con- 
ducted by Chinese scientists concluded that energy 
released by a Qigong doctor into a patient carries 
the properties of infrasound, electromagnetics, static 
electricity, infrared radiation, gamma rays, particle 
and wave flows, organic ion flows, and light. These 
properties produce the physiological changes in the 
patient's tissues during the Qigong treatment. 

A Qigong doctor can emit energy during a treat- 
ment with or without touching the patient. The 
treatment with the doctor’s hand moving at a dis- 
tance from the patient's body is considered Qi Emis- 
sion. If the doctor’s hand touches the patient's body, 
it is considered Qi Massage, which combines both 
tissue manipulation and energy flow. Functionally, 
it is also helpful if the Qigong doctor also has a thor- 
ough grasp of the tissue manipulation skills of Chi- 
nese massage therapy (Jie Gu for bone setting, Tui 
Na for traumatology, and An Mo for Internal dis- 
eases and visceral manipulation), as well as 
acupressure and TCM theory, to ensure a highly pro- 
ficient quality of treatment and to avoid misdiag- 
nosis and erroneous treatments. 

Qi is projected outside the body and travels in 
ripples and vibrational pulses similar to the ripples 
of an ocean wave. The frequency of this energy wave 
can be modulated into dense or dispersed resonat- 
ing patterns depending on the Qigong doctor’s 
needs. 

Shen is projected outside the body as light and 
travels in light beam particles. This particle light 
extension can change in color and intensity de- 
pending on the doctor’s intention. When Qi and 
Shen are combined, the light and wave frequen- 
cies facilitate maximum energy projection. 





Figure 33.1. Palm Qi Extension 


TYPES OF ENERGY EXTENSION 

There are nine types of energy extension and 
projection skills that are divided into three cat- 
egories based on the source of the projected en- 
ergy. The first three are projected from the extremi- 
ties: palms, fingers, and soles of feet. The next cat- 
egory of Qi projection originates from the three 
Dantians: Upper, Middle, and Lower Dantian. The 
third category includes Qi emission from the eyes, 
throat (sound resonation), and thought projection. 
ENERGETIC PROJECTION FROM THE 
EXTREMITIES 

The first three energetic projections are re- 
leased from the extremities (palms, fingers, and 
the soles of feet) in accordance with the doctor’s 
imagination and intention. 

* Palm extension is the ability to release emit- 
ted energy through the center of the doctor’s 
palm (Pc-8). It is considered the primary hand 
posture used by all Medical Qigong doctors 
for emitting Qi (Figure 33.1). 

¢ Finger extension is the ability to release emit- 
ted energy through the extended fingers (usu- 
ally through the index and middle fingers). 
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The finger extension techniques allow the 
Qigong doctors the ability to finely hone their 
energetic projections into a smaller, con- 
densed energetic beam (Figure 33.2). 
* Soles of feet extension is the ability to release 
energy through the bottom of the feet (Kd-1); 
this method is usually used to surround and 
envelop the treatment room as well as the pa- 
tient (Figure 33.3). 
ENERGETIC PROJECTION FROM THE DANTIANS 

The next three energetic projections are re- 
leased from the Upper, Middle, and Lower Dan- 
tians. These energetic projections are based upon 
the doctor’s kinesthetic, empathic and intuitive 
abilities. 
¢ Upper Dantian (Yin Tang) extension from the 
Qigong doctor’s Third Eye area can be used in 
conjunction with the eyes for intensifying the 
doctor’s Shen projection towards the patient. 
¢ Middle Dantian (CV-17) extension from the 
Qigong doctor’s Heart area can be used in con- 
junction with projection from the doctor’s 
hands or throat, for vibrational resonation. This 
technique intensifies the emotional connection 
between the doctor and the patient. 
¢ Lower Dantian (CV-6) extension from the 
Qigong doctor’s abdominal area can be used 
in conjunction with Qi emission from the feet 
for expansion or extension of Wei Qi. This 
method intensifies the projected External field 
of Qi around the patient (Figure 33.4). 
ENERGETIC THOUGHT PROJECTION OF QI AND 
SHEN 

The last three energetic projections are re- 
leased from the eyes, throat and mouth (sound 
resonation) and thought projection. These tech- 
niques are a form of long-distance thought pro- 
jections, based upon the doctor’s ability to project 
Qi and Shen. 

¢ Projection from the eyes releases energy 
through the eyes and is generally used to in- 
crease the doctor’s intention and focus of Qi 
(Figure 33.5). 

¢ Sound resonation projects the voice to tonify 
or disperse the patient’s energy through vis- 
ceral resonations (Figure 33,6). 
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Figure 33.3. Extending Energy from the Soles of the 
Feet 





Figure 33.4. Qi Extension. When treating a patient, all 
Three Dantians extend their energy into the patient. 
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¢ Thought projection is another way to release 
Qi. It is used for long distance energy therapy 
and is a form of transmuting Qi into Shen, 
which is transmuted through the Wuji into the 
patient’s Yuan Shen (Figure 33.7). 


CONTROLLING ENERGETIC 
PROJECTIONS 

The problem with energy extension lies not 
in releasing life-force energy but in controlling the 
power and flow of its projection. If the doctor is 
distracted or unstable in his or her projection of 
energy, the doctor may induce more problems in 
the patient’s body. Qi projection can be stabilized 
in two specific ways: 

¢ First, by visualizing and projecting specific 
colors (blue, red, violet, etc.) with the energy 

extension. This causes the Qi to take on a 

dense and fuller projection, which facilitates 

the rooting and stabilizing of the energy into 
the patient's tissues. 

¢ Second, by using intention to mentally focus 
the size and shape of the projected energy (like 

a laser), to intensify the Qi projection. 

When treating a patient, the diseased tissue 
must be sufficiently energized. Inadequate ener- 
gizing results in only slight improvement or a 
slower rate of healing; over-energizing may cause 
Qi congestion. 

The degree of curative effect depends on the 
competence and versatility of the doctor, as well 
as the responsiveness of the patient. If the patient 
is not responsive, repeated stimulation and regu- 
lation of Qi is needed to raise their sensitivity. 

Sometimes the patient’s emotion and spirit are 
outside and disconnected from their body and 
mind. Although this is a perfect adaptation for a 
military environment, it is not conducive for an 
energetic healing environment. The patient must 
undergo a series of Shen Gong training sessions 
to retrieve their emotional spirit. This training is 
commonly referred to as “soul retrieval” because 
the patient's soul is in a state of shock (or sus- 
pended animation) due to severe emotional 
trauma, and must be returned to its Yuan Jing 
within the patient's tissues. (See Chapter 19). 








Figure 33.5. Energy Projection from the Eyes 





Figure 33.7. Thought Projection 
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In addition to Shen Gong training, the Qigong 
doctor must make the patient's Qigong medita- 
tions and prescriptions more active so that a sat- 
isfactory effect can be achieved. However, a de- 
sirable effect can only be attained when the pa- 
tient is cooperative with the doctor and is consis- 
tent with the assigned homework. 


HAND POSTURES FOR QI 


EMISSION 

There are many hand postures used in emit- 
ting and drawing in energy. Each variation depends 
on the skill and particular background of the doc- 
tor. Generally the doctor uses the entire hand to ex- 
tend energy, constantly changing the intensity of 
the Qi being extended. By expanding and contract- 
ing the hand and fingers, the “beam of Qi” being 
emitted into the patient’s body will expand and 
contract. Presented here are six hand postures most 
preferred by myself and many other Medical 
Qigong doctors in clinics throughout China. 


THE EXTENDED FAN PALM 

This first hand posture is the most popular in 
terms of Qi emission. It releases the widest field of 
Qi emission. In the Extended Fan Palm hand pos- 
ture, all five fingers stretch naturally, separate, and 
open like a Chinese fan (Figure 33.8). There should 
be no tension, and the focus of the energy should 
be in the center of the palm (Pc-8). This Extended 
Fan Palm is the primary hand posture for extend- 
ing energy because it can be easily used for emit- 
ting either Hot or Cold energy. It can also be used 
in conjunction with other techniques as a reinforc- 
ing method to strengthen the flow of energy exten- 
sion. 

Note: Before beginning these exercises, it is 
important not to eat a heavy meal (at least one 
and a half hours before practicing). 

PALM BREATHING ENERGY EXERCISE— 
STAGE 1 
1. From a Wuji posture, bring both hands up in 
front of the body, with the palms facing the 

Lower Dantian. Breathe naturally while con- 

centrating on the Lower Dantian. Next, place 





Figure 33.8. The Extended Fan. This palm is the primary 
hand posture used for emitting Qi. 





Figure 33.9. The image of Holding a Ball of Energy 
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the left palm facing the right palm, as if hold- 

ing an imaginary ball. Allow the energy be- 

tween both hands to build and increase its 

energetic field (Figure 33.9). 

2. Press the Mingmen backwards and feel the 
energy absorbing through the arms into the 
Lower Dantian. Next, release the pressure 
from the Mingmen and feel the Qi return back 
into the center of the palms. 

3. Shift the attention to the center of the right 
palm, and begin to extend energy into the cen- 
ter of the left palm. Next, shift the attention 
from the center of the right palm, and begin 
extending energy into the center of the left 
paim. 

4. As a feeling of pressure begins to build be- 
tween the hands, perform the “Pushing” (en- 
ergy extension) and “Pulling” (energy retrac- 
tion) manipulation technique. This technique 
is practiced by pushing the Qi of the right 
palm into the center of the left palm. Hold it 
there, feeling the pressure mount, then with- 
draw the Qi back into the center of the right 
palm. Repeat for several minutes, then move 
to step five. 

5. After several minutes switch the mind’s fo- 
cus to the opposite hand and perform the ex- 
ercise again. Do this exercise twice a day for 
15-30 minutes each practice. Be careful not to 
let the hands touch when running the energy 
back and forth between the palms. After 100 
days go to Stage #2. 

When training to increase their own energetic 
field, the Qigong doctors must strive to overcome 
the Pituitary Pain Syndrome. This is a state of tran- 
sition during which the body is overcome by pain 
to the extent that the mind gives up and the doc- 
tor quits practicing (e.g., feeling fatigue when 
practicing a Holding the Ball posture). It is im- 
portant that as the doctor become stronger, the 
training posture be maintained longer, so that the 
pituitary gland is challenged to activate the hy- 
pothalamus. The hypothalamus causes the body 
to produce endorphins such as ACTH, which is a 
natural form of cortisone that helps to escalate the 
doctor’s healing potential. This physical reaction 





Figure 33.10. Posture for Palm Breathing Exercise 





is similar to a runner who must overcome physi- 
cal cramping when racing to obtain a second wind. 
PALM BREATHING ENERGY EXERCISE— 
STAGE 2 

1. Light a candle and place it ona table. From a 
Wuji posture place the center of the right palm 
several inches to the right of the tip of the 
flame (Figure 33.10). The left palm should be 
placed on the opposite side of the candle, fac- 
ing the right palm. The Laogong points and 
the tip of the candle should be in a straight 
line with each other. 

2. Breathe naturally while concentrating on the 
Lower Dantian. Shift the attention onto the 
center of the right palm, and begin extending 
energy into the center of the left palm. 

3. Once a feeling of pressure begins to build be- 
tween the palms, begin the Pushing and Pull- 
ing energy manipulation technique. Push the 
Qi of the right palm into the left palm. Hold it 
there for several minutes, feeling the pressure 
mount, then draw the Qi back into the center 
of the right palm. Practice this exercise for 
several minutes. 

4. Next place the left palm on the Lower Dan- 
tian while continuing to extend and retract en- 
ergy from the right palm. After several min- 
utes, switch hands. Notice that as the Qi is 
being extended out of the palm that the flame 
bends away, and as the Qi is retracted back 
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into the palm the flame bends towards the 

center of the palm. Practice this exercise twice 

a day for 15-30 minutes each time. 

Note that the Yin Tang area (the Upper 
Dantian’s projection point) can grasp the flame and 
hold it stationary. Since this technique (grasping and 
rooting) is used for rooting and securing the 
patient's Qi, its application can be counter produc- 
tive when trying to move the flame tip. To avoid 
this condition, the doctor should relax the mind and 
use the imagination when projecting Qi. 

THE SworD FINGERS 

In this second hand posture, the expansive 
field of Qi being released is reduced and con- 
densed into a more solid beam of light. In the 
Sword Fingers hand posture, the index and 
middle fingers of the right hand are extended and 
joined together, the ring and little fingers curl into 
the center of the palm (Figure 33.11). The thumb 
should rest on the nails of the ring and little fin- 
gers forming a circle where Qi is gathered. 

The index finger indicates Wood or Liver’s 
Qi, and the middle finger indicates Fire or the 
Heart’s Qi. Together, both fingers activate the Qi 
of Fire and Wood, which is a catalyst for the Yang 
energy needed for guiding Yang Heat with the 
intention (Yi). When extending energy, the Qi is 
gathered first in the palm and the circle between 
the thumb and last two fingers, then it is released 
through the tips of the index and middle fingers. 


SWORD FINGER QI EXTENSION—STAGE 1 

1, From a Wuji posture, extend both hands to 
form an imaginary circle of energy in front 
of the Lower Dantian. As soon as the Dantian 
is activated and full, bring the ball of energy 
in front of the body, level with the Middle 
Dantian (Heart / solar plexus level). Direct the 
Qi from the Lower Dantian into both hands 
(Figure 33.12). 

2. Point the middle and index fingers of the right 
hand towards the left palm (Pc-8) and feel the 
energy press into the tissues (Figure 33.13). 
After a while, neutralize the energy by turn- 
ing the palms towards each other, then switch 
and feel the energy of the left sword fingers 
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Figure 33.12. Imagine a ball of energy in front of the 
Lower Dantian, then raise it up to the level of the Middie 
Dantian. 








Figure 33.13. Point the Sword Fingers of the right hand 
towards the center of the left hand. 
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(index and middle finger) press into the cen- 
ter of the right palm. Practice this exercise 
twice a day for 15-30 minutes each practice. 
After 100 days go to the next stage. 


SWORD FINGER Qi EXTENSION—STAGE 2 

1. Light a stick of incense and place it in a stand- 
ing upright position on a table. From a Wuji 
posture, place the center of the left palm (Pc- 
8) several inches to the left of the incense. The 
right hand sword fingers point through the 
tip of the incense, extending Qi into the cen- 
ter of the left palm. All three points - left cen- 
ter palm (Pc-8), tip of the incense, and the right 
sword fingers - should be in a straight line 
(Figure 33.14). 

2. Breathe naturally while concentrating on the 
Lower Dantian. Shift your attention onto the 
tip of the incense and focus your concentra- 
tion there. Continue to extend Qi until you 
have a strong feeling of Qi in the center of your 
left palm. After a while switch to the right 
palm. Practice this exercise twice a day for 15- 
30 minutes each time. 


THE ONE FINGER SKILL 

In this third hand posture, the field of Qi being 
released is further condensed into an more solid 
beam of light. In the One Finger Skill hand posture, 
the hand forms a soft fist with one appendage (fin- 
ger or thumb) extended (Figure 33.15). The energy 
is projected in a straight line (like a laser beam) and 
can be used to Heat the patient's tissues, channels, 
or points, as well as to lead, extend, and tonify the 
energetic field (Figure 33.16). 

One Finger Skill can be used to extend long 
range energy into the patient's channels, or for 
tissue and channel point regulation. The former 
technique is regarded as an internal application, 
and the later technique is regarded as an external 
application. 

¢ The external application requires that the doc- 
tor make physical contact with the patient’s 
tissues, extending the mind deep into the spe- 
cific areas, channels, or points to be treated. 

The Qigong doctor physically rotates and 

shakes a specific finger (or thumb) from side 





Figure 33.14. The Sword Fingers point at the tip of the 
lit incense, 


_” 
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Figure 33.15. The use of the finger or thumb to emit Qi 
is an example of the One Finger Skill technique. 
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Figure 33.16. Energy is extended through the One 
Finger Skill technique. 
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to side while emitting Qi into the patient's tis- 
sues or energetic fields (Figure 33.17). 
¢ The internal application requires that the 
Qigong doctor extend his or her arm, point- 
ing a specific finger at a particular area on the 
patient's body. The doctor then focuses on that 
specific channel point, leading and directing 
the emitted Qi into or out of the patient's body. 
ONE FINGER SKILL ENERGY EXTENSION 
EXERCISE 

1. From a Wuji posture, focus the concentration 
on the Lower Dantian area and bring both 
arms up to chest level and form an energy 
ball. Once the Qi in the Lower Dantian be- 
comes activated, direct its energy flow to the 
tip of the right index finger. Once a feeling of 
heat and expansion of energy is felt within 
the right index finger, point the energy beam 
into the heart of the left palm (Figure 33.18). 

2. Once the energy is felt pressing into the left 
palm, begin to circle-rotate the energy beam 
in a clockwise direction for several minutes, 
then in a counterclockwise direction for sev- 
eral minutes. 

3. Next, extend and focus the Qi from the Dan- 
tian into the left index finger, and repeat the 
exercise. 


SOARING DRAGON TECHNIQUE 

The Soaring Dragon technique is a variation 
of the One Finger Skill energy extension technique. 
If the pathogens are strong and too much Heat is 
being emitted from the patient's tissues (as in cer- 
tain types of cancer), the Qigong doctor may de- 
cide to use this particular variation to avoid ab- 
sorbing the dangerous toxins being released from 
the patient’s body. The Qi is emitted out the 
doctor’s middle finger into the patient's body 
while the other four fingers disperse the patho- 
genic Heat into the ground (Figure 33.19). 

Before initiating the Soaring Dragon tech- 
nique, it is important for the Qigong doctor to 
use his or her mind’s intention to seal the wrist. 
This enables the doctor to pull the patient's Qi 
into the palm and to disperse it into the Earth via 
the other four fingers, while avoiding the absorp- 
tion of the patient’s pathogenic Qi. 





Figure 33.17. The doctor makes contact with the 
patient’s tissues, extending his or her intention along 
the patient's channels, leading the Toxic Qi out her body. 








Figure 33.18. One Finger Skili Energy Extension 
Exercise 








Figure 33.19. Soaring Dragon Hand Posture Technique 
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I have found this technique very effective in 
my personal practice. As the pathogenic Heat from 
the patient's tissues releases upward, the dispers- 
ing energy that flows from the four fingers cause 
the patient's toxic Heat to dissipate and be car- 
ried away from the doctor. 


BELLOWS PALM TECHNIQUE 

Another variation of the One Finger Skill is 
the Bellows Palms technique, which uses the Lao 
Gong Pc-8 point at the center of the palm as a 
pump, to expel Qi out the middle finger. Origi- 
nally, while treating patients, the palm is Hot {in 
a Yang state). However, when pulling Qi from the 
center of the palm and directing it out the middle 
finger, the polarity of the palm changes from Yang 
to Yin, causing the center of the palm and the 
middle finger to turn white (Figure 33.20). 

Because this technique is used to pull out Heat 
from the patient’s body, before initiating the Bel- 
lows Palm it is important for the Qigong doctor 
to use his or her mind’s intention to seal the wrist. 
The doctor then pulls the patient’s Qi into the palm 
and disperses it into the Earth via his or her middle 
finger to avoid absorbing any of the patient’s 
pathogenic Qi (Figure 33.21). 
THE BacK BRIDGE BAR TECHNIQUE 

The Bellows Palm technique is also used with 
the “back bridge bar” (where the trapezius 
muscles join both arms across the doctor’s shoul- 
ders) to aspirate toxic energy from the patient’s 
body. In this particular technique, the doctor’s left 
palm is used as a vacuum to aspirate a specific 
area inside the patient’s body. The toxic energy 
travels through the doctor’s left arm, across the 
shoulders and back (never the front), and out 
through the right palm into the Earth. The right 
palm applies the “bellows” technique used to cre- 
ate the energetic suction applied by the left palm, 
for removing Toxic Qi. This technique is contrain- 
dicated when treating cancer patients. 


THE INVISIBLE NEEDLE PALM 

In this fourth hand posture, the field of Qi be- 
ing released is further condensed into an intense 
beam of light, similar to that of a laser beam (Figure 
33.22). In. the Invisible Needle Palm hand posture, 





Figure 33.20. When using the Bellows Palm technique, 
the center of the palm and middle finger remain white 
in color, while the rest of the palm remains red. 








Figure 33.21. Absorb the patient's Toxic Qi from the 
middle of the palm and disperse the pathogens out the 
middle finger into the Earth. 


= 


Figure 33.22. The Invisible Needle Palm 
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three fingers on the right hand are curled into the 
center of the palm with the thumb resting against 
the tip of the index finger (see Chapter 35 for Invis- 
ible Needle Theory and Application). 


THE DRAGON’S MOUTH PALM 

This hand posture is sometimes also called the 
Duck’s Bill Palm, and is used to pull energy (like 
pulling a silk thread). The thumb and all four fin- 
gers perform the action of “pulling the golden 
thread” in order to lead or pull energy along and 
through the body’s channels and points. The in- 
tensity of the Qi and movement between the 
thumb and fingers is determined by the relaxed 
movements of the wrist and finger joints. This 
hand technique is often used to purge energy 
away from specific points when treating areas of 
Excess (Figure 33.23). 


THE KNEADING TIGER PALM 

In this hand posture, all five fingers naturally 
curl as if embracing a ball. The wrist action is very 
fluid and supple, allowing the fingers to expand 
open like the Extended Fan Palm, and then gen- 
tly close as if kneading a cotton ball. The entire 
action should be similar to a jellyfish moving in 
the ocean. This is an excellent technique for pull- 
ing, shaking, and rotating energy (Figure 33.24). 
KNEADING TIGER TECHNIQUE 

This hand posture is used for dispersing stag- 
nations and dissolving energy blocks. Once the 
doctor has selected the proper hand posture and 
the area to be treated, the doctor places his or her 
hands and fingers above the patient’s body, per- 
forming a circular kneading action (slightly open- 
ing and closing the palm) while simultaneously 
extending energy into the patient’s body. The spi- 
raling energetic frequency should be synchronized 
with the doctor’s hand kneading and the patient’s 
pulse and respiration. Both the pressure and the 
strength of energy extended into the patient are 
determined according to the severity of the illness. 
The Tiger Kneading technique is used for extend- 
ing energy into energetic points of the chest, ab- 
domen, and extremities to purge Qi stagnation 
and improve energetic circulation. 
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Figure 33.25. The Five Thunder Finger Palm 
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Figure 33.26. The Five Thunder Fingers. This technique is used primarly to destroy cysts, tumors and pathogens. 


THE FIVE THUNDER FINGERS 

This hand posture is one of the most popular 
techniques used for dispersing stagnations, dissolv- 
ing energy blocks and treating tumors and cysts. In 
the Five Thunder Fingers hand posture, all four fin- 
gers curl into the center of the palm with the thumb 
resting against the nail of each finger. Keep the cen- 
ter of the palm hollow. Qi is gathered and collected 
there upon inhalation (Figure 33.25). 

When emitting or extending Qi, the doctor 
exhales while suddenly stretching the palm open 
like “a tiger exposing its claws.” After extending 
the energy, the doctor inhales and resumes the 
Five Thunder Fingers posture while gathering Qi 
back into the center of the palm (Figure 33.26). 

Note: Because it builds up the doctor’s guid- 





ing and gathering skill, this is an important tech- 
nique and should be practiced consistently. 
Q1 BLAST EXERCISE 

From a Wuji posture, raise both palms upward 
to shoulder level. Both hands form the Five Thun- 
der Fingers posture. Concentrate on the Lower 
Dantian when inhaling. Imagine drawing the Qi 
up through the chest, gathering the energy into 
both palms as the arms raise upward. Upon ex- 
halation, sink the body’s weight, and suddenly 
stretch out the fingers (like a claw) at chest level, 
striking the air. This action should look like each 
hand is heaving a rubber ball. Perform this exer- 
cise once or twice a day, using 24 or 48 breaths 
each practice time. 
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CHAPTER 34 


Qi EXTENSION, GUIDANCE, AND REGULATION 


TECHNIQUES 


Qi extension is most effective in activating and 
balancing the patient’s flow of Qi, since both the 
doctor and patient are enveloped in a strong field 
of Wei Qi. In Qigong massage the patient's chan- 
nels are more easily dredged and their Yin and 
Yang energy are often adjusted much more 
quickly because of the stimulation produced by 
the doctor’s hand on the patient’s channels and 
points. 

Therefore, both modalities - Qigong massage 
and Qi extension - are usually combined to pro- 
vide the most effective and efficient means of en- 
ergetic therapy. 


QI EXTENSION TECHNIQUES 

The clinical guiding and directing of Qi is per- 
formed by extending energy outside of the doctor’s 
body. The energy follows the dictates of the doctor’s 
mind as to the pattern, amount, and direction in 
which to flow. Qi is emitted in three basic formats: 
linear, circular/spiral, and stationary flows of en- 
ergy. The combination of these three forms insures 
that the patient is receiving the maximum benefit 
from the treatments, and may be combined with 
Hot and Cold energy extension, the Five Elemental 
energy extension, as well as with Qigong massage. 
These following exercises lay a foundation for guid- 
ing and directing the patient’s Qi within the chan- 
nels, points, and Wei Qi fields. 


GUIDING THE LINEAR FLOW OF 
ENERGY 

This method refers to a straight line of energy 
being emitted either between both hands or be- 
tween one of the doctor’s hands (usually the right) 
and a certain point or area on the patient's body. 
This is the primary Qi guiding method used in 
Medical Qigong therapy to sweep over the 
patient's body in a straight line in the direction of 
the outgoing flow of energy. 





Figure 34.1. An example of a Qigong doctor using the 
Pushing Energy technique in a Straight Linear energy 
flow 


Because patients vary in their sensitivity to 
transverse energy wave flow, the doctor should be 
aware of the influence of the different wave pat- 
terns affecting the patient during treatment. Linear 
energy is relatively mild and often gives the patient 
a sensation of constriction, of heat or cold, or of 
heaviness, pressing, tugging, tingling, or pulling. 
This is the basic means of inducing the channel Qi 
to purge Excess and to supplement any Deficien- 
cies. Energy is directed within the body through ei- 
ther pushing, pulling, or leading the patient's Qi. 
PUSHING ENERGY 

Pushing energy is initiated by first extending 
energy over the surface area of the patient’s body 
(Figure 34.1). Once the doctor has selected the ap- 
propriate hand posture above the patient (be- 
tween 4 inches to 3.5 feet from the channel point 
or area), he or she will decide whether to push 
the energy in a linear or circular fashion. 

Using intention, the Qigong doctor gently 
extends energy to the desired area and begins 
treatment. Pushing energy is an essential energetic 
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Figure 34.2. An example of a Qigong doctor using the 
Pulling Energy technique in a Straight Linear energy 
flow 


manipulation used to open up the points to acti- 
vate or replenish the body’s Qi. The patient feels 
pressure from the doctor’s Qi, and may experi- 
ence heat, tingling, condensation, expansion, 
swelling, or heaviness. 

Sometimes when the doctor uses the pushing 
energy technique, the patient may spontaneously 
lift the stimulated body area towards the hand of 
the doctor. This spontaneous reaction enables the 
doctor to implement a combination of manipula- 
tion therapies such as push-pull, push-pull-rotate 
(spiral), push-pull-shake, etc. 

PULLING ENERGY 

Pulling energy is initiated first by extending 
energy over the surface area of the patient's body. 
After selecting the appropriate hand position, the 
doctor chooses to either pull the energy in a 
straight line or spiral it along the channels. 

Using intention, the Qigong doctor usually be- 
gins to pull the patient’s toxic energy along the chan- 
nels while extending clean energy to the affected 
area (Figure 34.2). Pulling energy is an essential 
energetic manipulation used for dredging and ex- 
pelling pathogenic factors from the patient’s body, 
and can also be used to open up channel points to 
activate or replenish the patient's Qi. 

During treatment the doctor actually feels the 
pathogenic factors being pulled out of the patient's 
body. This causes the patient to feel heavy, tin- 
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Figure 34.3. An example of a Qigong doctor using the 
Leading Energy technique (with the left hand) while 
Pulling Toxic Energy (with the right hand) from the 
patient's body 





gling, dryness, heat, cold, or chills. When com- 
bining multiple manipulation methods, the push- 
ing and pulling actions cause the energy inside 
and outside of the patient's body to flow into each 
other, opening up the patient's channel points. 

The combination of pulling and shaking tech- 
niques promotes the flow of the patient’s Qi, and 
induces spontaneous reactions of the tissue’s en- 
ergetic fields. 

LEADING ENERGY 

Leading energy is initiated first by extending 
energy over the surface area of the patient’s body. 
After selecting the appropriate hand posture, the 
doctor extends energy towards the affected area 
and begins to lead the patient’s channel Qi up, 
down, left, right, with, or against the flow of the 
body’s channels (Figure 34.3). 

The Qigong doctor bases the decision of 
whether or not to lead the patient’s energy (and 
which technique should be used) upon the 
patient's condition and severity of the illness. This 
manipulation technique is used for guiding the 
circulation of channel Qi, regulating any Excess 
or Deficiency of Yin and Yang energy and to trans- 
fer Qi back to its origin. Once the channel Qi and 
point Qi have been stimulated, it is important that 
the doctor immediately use the “leading energy” 
technique to guide the patient’s energy in as 
smooth a transition as possible. 
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CIRCULATING THE QI IN A CIRCLING 
PATTERN 

Emitting a flow of energy in a circling pattern 
is used to move and circulate stagnant Qi. The flow 
of energy canbe moved ina continuous pattern with 
or against the channel flow, and is used to regulate 
the patient’s channel and organ Qi (Figure 34.4). 

This method refers to techniques of rotating Qi 
in a circle pattern inside the patient’s body. When 
using circling energy, the doctor extends Qi into the 
patient's body and implements the circle technique 
with the right (Yang) hand, while rooting and dis- 
charging the patient’s toxic Qi with the left (Yin) 
hand, which points to the Earth. There are many 
variations of this technique and the doctor must be- 
come familiar with each modality of healing and 
its potential for treating the patient. 
ENERGETIC CIRCULAR PATTERNS 

The following patterns are specific templates 
used for circulating the body’s internal and exter- 
nal Qi. Each pattern has an advantage over the 
others when used for the regulation of Yin and 
Yang disharmony. The depth of energetic penetra- 
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Figure 34.4. An example of a Qigong doctor using the 
Circling Energy technique to regulate the Heart Fire 
and Kidney Water, through the Microcosmic Orbit 





tion will vary in accordance with the doctor’s in- 
tention. Each pattern’s movement will utilize the 
ring of energy that surrounds the center of each 
Dantian (Figure 34.5). 
1. The Eternity Pattern is used for balanc- 
ing the energy between the Lower Dantian 
and the Middle Dantian. The doctor moves 
the energy in a figure “8” pattern, Guiding 
and Leading the Qi from the Lower Dantian 





Microcosmic Orbit Yin and Yang 
Pattern Pattern 





Figure 34.5. A Qigong Doctor Using Circling Energy 
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(through the Yellow Court) to the Middle 
Dantian, and back again. The doctor continues 
this pattern until the patient's energy is regu- 
lated. If the patients are suffering from an 
Excess Yang condition in the upper part of the 
body, and a Deficient Yin condition in the 
lower part of the body, the doctor must regu- 
late this condition by using the Eternity Pat- 
tern of Qi regulation. 

2, The Train of Pearls Pattern is used for 
balancing the energy between all three 
Dantians. The doctor moves the energy from 
the Lower Dantian (through the Yellow Court) 
to the Middle Dantian (through the throat), 
and into the Upper Dantian, then back down 
again. The Qi is swept up and down the en- 
tire torso, combining and regulating the en- 
ergies of the patient’s Wei Qi, Channel Qi and 
Organ Qi. The doctor continues this pattern 
until the patient’s energy feels regulated. If 
the patients are energetically disconnected 
from the upper and lower parts of their body 
due to emotional congestion and energetic 
stagnation in the throat and Yellow Court ar- 
eas, the doctor reconnects these areas by us- 
ing the Train of Pearls Pattern of Qi regula- 
tion. 

3. The Microcosmic Orbit Pattern is used 
for balancing the energy between the Three 
Dantians, Taiji Pole, the Heart’s Fire and the 
Kidneys’ Water. The doctor moves the energy 
from the Lower Dantian (Mingmen area) to 





Figure 34.6. An example of a Qigong doctor moving 
the incense smoke, using the image of an energy ball 





cases of paralysis after a stroke, for example, 
the doctor regulates the Qi of the patient’s left 
and right quadrants and energetically balance 
these areas by using the Yin and Yang Pattern 
of Qi regulation. 

The Qigong doctor selects the appropriate 


energetic pattern according to the patient's con- 
dition. 

ENERGY BALL ROTATION FOR DEVELOPING 
CIRCLE ENERGY FLOW 


the Middle Dantian (Shendao Area), then back 
down again, completing the Fire Cycle of the 
Microcosmic Orbit. The doctor continues this 
pattern until the patient's energy is regulated. 


The Microcosmic Orbit Pattern is used for the 
complete regulation of the body’s Yin and 
Yang energy, naturally purging, tonifying, and 
regulating any Excess or Deficient condition 
along the Governing and Conception Vessels. 
4, The Yin and Yang Pattern is used for bal- 
ancing the energy between the right and the 
left sides of the body. The doctor moves the 
energy in a horizontal figure “8” pattern, 
Guiding and Leading the Qi through the left 
and right quadrants of the patient’s body. In 


¢ Light a stick of incense and stand it ona table. 
From a Wuji posture, place the center of both 
palms on opposite sides of the tip of the in- 
cense. All three points, the tip of the incense, 
and the heart of each palm (Pc-8), should form 
a triangle (a tree or flower can be substituted 
for the incense). 

¢ Breathe naturally while focusing on the Lower 
Dantian. Slowly shift the attention to lead the 
energy into the center of each palm to form a 
ball of energy (basketball size). Concentrate and 
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imagine the ball condensing to form a power- 
fully compacted ball of energy (about the size 
of a marble). Next, imagine a circle or rounded 
triangle between both palms and the tip of in- 
cense. Exhale lightly while extending the en- 
ergy ball toward the tip of the incense. Imagine 
the ball of energy moving counterclockwise 
from the right palm to the incense and then to 
the left palm, moving ina circle. The right hand 
pushes while the left hand pulls. The incense 
smoke should move in accordance with the Qi 
movement. After a while reverse the flow of 
the circle. Practice this exercise twice a day for 
15-30 minutes each time (Figure 34.6). 


SPIRALING ENERGY FLOW 

A spiraling flow of energy moves the energy 
in a spiral pattern (clockwise or counterclockwise) 
to drill the energy deep inside the patient's body 
(Figure 34.7). This “drilling” action, caused by the 
spiraling energy, allows for deeper penetration 
and is excellent for breaking up stagnations when 
combined with the Kneading Tiger Palm or the 
Five Thunder Fingers techniques. 

Spiraling energy can also be used in the clinic 
to regulate the patient’s Qi activities. Patients may 
feel the energy penetrating deep into their body 
and experience light, sound, and mild electric 
shock. When patients are lying supine, the doctor 
may choose to spiral the energy superior to the 
internal organs to pull toxic Qi out of the tissues 
of the organ; or the doctor may spiral the energy 
inferior to the internal organs to push the Qi back 
into the tissues of the organs (Figure 34.8). 

Spiraling energy is an essential energetic ma- 
nipulation used for activating the channel Qi, 
guiding the energy to spiral in, up, or down, much 
like a cyclone. The Qigong doctor chooses to use 
either the circle or spiral energy flow, based upon 
the patient’s condition. Most often these two en- 
ergetic flows are combined to achieve a more func- 
tional treatment. The Qigong doctor will, for ex- 
ample, use “spiraling” energy to drill deep into 
the body to access the toxic energy stored deep 
inside the patient's organs. Once the patient's toxic 
Qi has been reached, the doctor utilizes purging 
techniques to remove the energetic debris. After 











Figure 34.7. A Qigong doctor using the Spiraling Energy 
technique, to purge Toxic Qi from the patient's body 





Figure 34.8. A Qigong doctor Spiraling the Qi in order 
to penetrate the patient's tissues 


purging the doctor can circulate the patient’s en- 
ergy to move the stagnant Qi out of the organs. 
This may be followed by the Microcosmic Orbit 
to regulate the patient’s energy. 

CLOCKWISE AND COUNTERCLOCKWISE 
ENERGY FLow 

The doctor focuses on sensing and creating 
an internal energy vortex within the Lower Dan- 
tian that moves up the body in a clockwise or 
counterclockwise spiral pattern. Only then is the 
spiraling Qi projected out through the doctor’s 
right hand into the patient’s body. 

Using the appropriate hand position, the doc- 
tor slowly spirals the energy in either a clockwise 
direction to guide the patient's energy into the 
affected area, or in a counterclockwise direction 
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On Yang Channels 


As Yang Qi travels down the 
body, reinforce the patient's 
descending channel with a 
clockwise rotation along the 
flow of energy. 


Reduce the energy with a 
counterclockwise rotation 
against the flow of the 
descending Yang channel. 





On Yin Channels 


As Yin Qi travels up the 

body, reduce the energy flow 

in the patient’s ascending channel 
with a clockwise rotation 

against the flow of energy. 


Reinforce the 

energy with a 
counterclockwise 
rotation against the 
flow of the ascending 
Yin channel. 


Figure 34.9. The reinforcing and reducing techniques of moving energy along the patient's channels is determined 


by the direction of the Spiraling Energy flow. 





to remove the patient's Toxic Qi out of the dis- 
eased area. 

¢ The counterclockwise rotation is considered 
Yin and is used to reduce Heat and to cool 
the patient. It is generally used to purge con- 
ditions of Excess (think of unscrewing the 
pathogens from the diseased area when purg- 
ing). 

* The clockwise rotation is considered Yang and 
is used to increase energy and warm the pa- 
tient. Generally, it is used to tonify conditions 
of Deficiency (think of drilling and filling the 
Deficient area when tonifying). 

The clockwise spiraling energy originating in 
the Lower Dantian is emitted and synchronized 
with the doctor’s circling hand movements to re- 
inforce the patient's Qi. To reduce the flow of the 
channel's Qi, the counterclockwise spiraling tech- 
nique is used (Figure 34.9). 

The Qigong doctor must cultivate these move- 
ments into a conditioned reflex before applying 
these treatment methods ina clinical environment. 
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SPIRALING ENERGY EXERCISE 

¢ From a Wuji posture, place the left palm on 
the Lower Dantian. Slowly extend the right 
palm (keep elbow bent) in front of the chest, 
aligned with the center line at the Middle 
Dantian (CV-17), palm facing outward. 
Breathe naturally, while focusing on the 
Lower Dantian. With the mind’s intention, 
begin to spiral the Qi in the Lower Dantian in 
a clockwise circle. Lead the energy up through 
the chest and out the extended right palm. 
Make sure that the spiraling of the Lower 
Dantian is synchronized with that of the right 
palm, making the inner Lao Gong Pc-8 points 
the center of concentration (Figure 34.10). Start 
off slowly, and gradually increase speed. The 
energy circle spirals outward with increasing 
or decreasing radius, depending upon the 
doctor’s intent. 

Repeat the exercise, only this time use coun- 
terclockwise spiraling. 
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ENERGETIC CUPPING 

One popular clinical technique called “energetic 
cupping” is initiated by creating an energetic vor- 
tex which remains on the patient, pulling or draw- 
ing in energy, similar to that of an acupuncturist’s 
cupping method. These energetic vortices can be 
used to drain or purge pathogens from a specific 
point or area on the patient's body. These energetic 
vortices can also be used to fill or tonify the patient’s 
body. For example, when the patient is prone, the 
Qigong doctor can stimulate points LI-15, GV-4, and 
GV-14 (Figure 34.11). Then, using his or her inten- 
tion, the doctor can pull with one hand while the 
other hand pushes, increasing the spiraling action 
already set in motion. This initiated energetic torque 
can sometimes cause the patient’s body to turn, 
twist, bend, and sway. This modality of treatment 
simultaneously activates the patient’s channel Qi, 
regulates the Yin and Yang organs, and balances the 
patient’s Yin and Yang energies. 

The doctor is advised to rely on intuition or 
divine guidance in choosing the right method, 
after careful consideration of the patient’s condi- 
tion (age, sex, personality, illness, etc.). 

Note: If combined with the “shaking” tech- 
nique, the circle / spiraling energy becomes espe- 
cially effective for relieving pain. 


GUIDING THE STATIONARY FLOW OF 
ENERGY 

Stationary energy is emitted from a non-mo- 
bile position and can be used to stimulate the chan- 
nel Qi, points, and Dantians, while restoring and 
replenishing the patient’s Qi. After selecting the 
appropriate hand posture, the doctor positions his 
or her hand above the area being treated and emits 
energy from a fixed or stationary position. This is 
the most common energy projection technique, in 
which Qi flows like dense waves or is spaced like 
a chain of moving pearls flowing outward one 
after another (Figure 34.12). The patient often feels 
the sensation of vibration, tingling, or heat. It is 
not uncommon for the patient to develop sponta- 
neous involuntary reactions such as full body 
spasms or shaking, leg jerking, etc. 

Stationary energy is emitted from a station- 





Figure 34.10. An example of a Qigong doctor practicing 
the Spiraling Energy exercise 








igure 34.11. An example of a Qigong doctor performing 
multiple point stimulation with the Energetic Cupping 
Technique 








Figure 34.12. When a Qigong doctor extends energy 
from a stationary position, the Qi flows either like a dense 
wave, or is spaced like a chain of moving pearls. 
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Figure 34.13. An example of a Qigong doctor using the 
Shaking Energy technique along with the Kneading 
Tiger Palm 





ary palm position. There are two main energetic 
pulsations utilized in the Stationary Palm tech- 
niques: Shaking Energy technique and Vibrating 
Energy technique. 


SHAKING ENERGY TECHNIQUE 

The Shaking Energy technique is initiated by 
the doctor first extending his or her energy over the 
surface area of the patient’s body. After using the 
Tiger Kneading Palm technique to grasp the Tur- 
bid Qi, the doctor slowly begins to guide the 
patient’s Qi out of the tissue area with a stationary 
manipulation. The doctor then shakes his or her 
hand from side to side, while continuing to pull the 
Qi from the area being treated (Figure 34.13). 

To practice this particular skill, the Qigong 
doctor begins from a Wuji posture, using natural 
and slow breathing. The doctor imagines the waist 
as the axis and the abdomen as a pump and vi- 
brates the Qi inside his or her Lower Dantian. The 
doctor then allows the energy to flow upward and 
out the palm, into the patient. It is important for 
the doctor to use the mind’s intent to follow, guide, 
and direct this vibration of energy flow, instead 
of forcing the muscles and palm to shake. 


VIBRATING ENERGY TECHNIQUE 

Vibrational trembling is one way that memory 
is stored or processed in the physical body. The 
Qigong doctor’s vibration penetrates the patient's 
field of “vibrational activity” (the body’s natural 
vibrational rhythm), awakening this memory, al- 
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Figure 34.14. An example of a Qigong doctor using 
Vibrating Energy through the Extended Fan Palm 
technique 





lowing the patient to release trapped thoughts and 
emotions (Figure 34.14). 

Qi naturally oscillates and vibrates in the 
doctor’s Three Dantians, each Dantian vibrating 
at its own unique frequency pattern. The body’s 
bone structure is built with natural formations 
similar to that of “tuning forks,” positioned in both 
the arms and the legs. These tuning forks are con- 
nected together through the body’s spinal column 
and are used to vibrate and increase the body’s 
energetic resonance. Through a balanced interplay 
of stretching and releasing the body’s tendon, liga- 
ment, and muscle fibers (in a rhythmic pattern), a 
natural vibration is produced. After some time of 
training (through naturally twisting and stretch- 
ing the tendons), the Qigong doctor, using proper 
hand postures and intention, is able to direct and 
lead this vibration throughout his or her entire 
torso and extend it outwards through the hands. 

Vibration is released through three forms of 
resonation: 

1. Jing vibrational resonance is felt within the 
patient's external tissues and bones. It is related 
to the energetic release of Heat and the energy 
of the doctor’s Lower Dantian. 

2. Qi vibrational resonance is felt deep within the 
patient's internal organs. It is related to the en- 
ergetic release of the patient’s emotions and the 
energy of the doctor’s Middle Dantian. 

3. Shen vibrational resonance is felt within the 
patient’s center core. It is related to the ener- 
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getic release of the patient's spirit and the en- 

ergy of the doctor’s Upper Dantian. 

The release of energetic vibration is primarily 
used to activate the patient's channel Qi. Clini- 
cally, it is most effective when the frequency of 
the doctor’s hand vibrations matches and syn- 
chronizes with the vibrational frequency of the pa- 
tient. 

While treating the patient, the doctor’s palm 
usually gets hot and vibrates when coming in con- 
tact with Qi stagnation. [fa patient’s channel point 
becomes blocked, energy builds up causes Qi stag- 
nation. Once the Qi stagnation is removed, the 
doctor’s hands will cease to vibrate as the chan- 
nels open and flow freely. When cleared, the pa- 
tient feels fatigue as the toxins are released from 
the body and the energy seeks to balance itself. 

To apply the Vibrating Technique, the doctor 
selects the proper hand posture and the area to be 
treated, then barely touches the patient's body. 
Any firm pressure should be avoided so as not to 
hinder the extending and directing of Qi. The doc- 
tor initiates the vibrational extension of Qi from 
the Lower Dantian, slowly turning clockwise or 
counterclockwise, while directing the vibration 
out through the hands. The doctor focuses on his 
or her own breath to adjust the frequency and am- 
plitude of the vibration, the shape and nature of 
the emitted Qi (Yin or Yang, etc.), and the strength 
of the energy. 

Some examples of hand postures and tissue 
regulation techniques for emitting vibrational en- 


ergy include: 
a. The Extended Fan Palm is used for acti- 
vating and regulating Qi activities by: 


¢ Vibrating the Extended Fan Palm on the 
Baihui GV-20 point, to descend the 
patient’s Yang Qi, tranquilize the 
patient’s mind, regulate Qi in the Up- 
per Burner, and induce sleep; 

* Vibrating the Zhong Wan CV-12 point 
to replenished the patient’s Qi, to regu- 
late the Stomach’s energy and to induce 
sleep; 

* Vibrating the patient’s Lower Dantian, 
to Lead the Qi back to its origin through 
supplementing its Qi; 


* Vibrating the Mingmen GV-4 and Da 
Zhui GV-14 points, to activate Qi in the 
Governing Vessel. 

b. The Sword Finger Palm is used for di- 
recting and emitting concentrated vibra- 
tional energy into channel points, to 
stimulate the patient's energetic field. 

c. The Invisible Needle Palm is used for di- 
recting and emitting the most condensed 
form of concentrated vibrational energy 
into the channel points, to stimulate the 
patient's energetic field. 

VIBRATING PALM EXERCISE 

The training for this kind of vibrational ex- 
tension usually begins from a static Wuji posture, 
then gradually progresses into a dynamic state of 
energy projection. 

* From a Wuji posture, press both palms to- 

gether at the center of the chest forming a 
“Buddhist greeting” posture (see Chapter 15). 
Press the Baihui point upward and the 
Mingmen backward, while slightly drawing 
in the chest. Keep hips relaxed, knees bent, 
tongue on palate, and eyes closed. 
Breathe naturally while focusing the mind on 
the Lower Dantian. When the Heat and Qi be- 
gin to circulate, exhale while mentally guid- 
ing the Qi up the chest into both of the palms, 
by sending the energy through the three Yin 
channels of the hands. 

When inhaling, mentally guide the Qi along 
the three Yang channels of the hands, back 
down the back into the Lower Dantian. Main- 
tain natural breathing, and continue to focus 
attention on both the palms and the fingertips. 
The palms should heat up and the fingertips 
tingle, as they expand with Qi (Figure 34.15). 

Lead the vibrating energy in the Lower 
Dantian up into the palms and fingertips, feel- 
ing the tissues dissolve inch by inch, cell by 
cell. The Qi is always centered on the inner 
Lao Gong Pc-8 point, gathering and collect- 
ing but not dispersing. Practice this exercise 
once or twice a day for 3-10 minutes. 

Note: It is imperative that the doctor, when 
using the technique of “stationary energy pro- 
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Figure 34.15. The Vibrating Palm exercise helps to 
increase the Qigong doctor’s projected vibration. 





jection,” never hold his or her breath, or pur- 
posely make the hand vibrate by forcefully 
shaking the muscles. To do so causes Qi stag- 
nation which results in pain and stiffness in 
the chest and sharp pain in the arms that feels 
similar to having a fractured bone or a lacera- 
tion of the muscles. To ensure that there are 
no difficulties, the doctor should first master 
the Vibrating Qi method, allowing the vibrat- 
ing energy to extend and project naturally. 


GUIDING THE HOT AND COLD FLow OF 
ENERGY 

This method refers to the doctor’s release of 
energy being emitted into the patient’s body to 
either regulate Hot syndromes with Cold energy, 
or Cold syndromes with Hot energy. These two 
Yin and Yang energetic properties are used to de- 
velop the emission of both Hot and Cold ener- 
getic flows, through breathing, mental concentra- 
tion and finger placement. 
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When Yin Qi is applied, the patient will feel 
“cold as iron,” when Yang Qi is applied, the patient 
will feel “hot as fire.” The mind plays an important 
role in regulating the doctor’s and patient's Yin and 
Yang energy. When the Qigong doctor thinks of fire, 
the doctor’s body will naturally become hot; con- 
versely, when the doctor thinks of water, his or her 
body will naturally become cold. 

HAND MANIPULATION OF YIN AND YANG 
ENERGY EXTENSION 

The Yin (Cold) and Yang (Hot) energy exten- 
sion utilizes specific palm and finger arrangements. 
The index and middle fingers together are assigned 
Yang properties, whereas the ring and little fingers 
together are assigned Yin properties. The doctor's 
left thumb connects with the selected two fingers, 
to determine the release of Yin or Yang energies. 
This energy is first gathered from the doctor’s left 
hand, through the arm into the Lower Dantian, then 
emitted out through the right hand. The Qi that is 
emitted when the doctor’s thumb, index and middle 
fingers connect, for example, releases the Heart’s 
Yang Qi through the right hand. This technique is 
used to replenish the patient’s Yang and regulate 
the patient’s Heart energy. 

GATHERING AND ISSUING YANG (HOT) 
ENERGY 

Before emitting Hot energy into the patient, 
the doctor’s Qi is first gathered into his or her 
left palm by imagining a small “fiery red sun” 
radiating heat, light, and fire. This small sun is 
imagined within the circle created between the 
thumb and first two fingers on the left hand. The 
hot energy of the sun is then absorbed through 
the doctor’s left arm into the Lower Dantian. The 
Heat is then blended with the Lower Dantian’s 
Qi and released out the doctor’s right arm 
through either the tips of the index and middle 
fingers (the Yang Sword Fingers hand technique) 
for a deeper, concentrated type of penetration, or 
through the Extended Fan Palm hand technique 
for a dispersing type of penetration. 

To extend Hot energy deeper into the patient, 
the right hand Yang Sword Finger posture is used. 
The doctor’s index and middle fingers are ex- 
tended and joined together, the ring and little fin- 
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gers curl into the center of the palm. The thumb 
should rest on the nails of the ring and little fin- 
ger, forming a circle. 

The first or “index” finger indicates the Wood 
Element, ie., the Liver’s energy, and the middle fin- 
ger indicates the Fire Element or the Heart's Qi. To- 
gether, both fingers activate the Qi of Fire and Wood, 
which catalyze the Yang energy needed for guid- 
ing Heat during point concentration. 

Guiding Hot Yang Qi Exercise 

This particular meditation is used to increase 
Heat and light in specific areas of the patient’s 
body (usually for chronic, Deficient, or Cold syn- 
dromes). The following meditation, for example, 
can be used to Heat and tonify the Kidneys in 
chronic fatigue patients. 

* Sit on the edge of a chair in front of a table, 
feet flat, eyes closed, with the left hand resting 
comfortably on the left thigh. The right palm is 
extended face down suspended over the table. 
Breathe naturally while concentrating the mind 
on the Lower Dantian. Imagine the energy in 
the Lower Dantian is a hot, burning sun ex- 
panding out and enveloping the entire body. 
Gather the energy back into the Lower Dan- 
tian, transforming it into heat and light. Draw 
the heat and light up into the chest, down the 
arms, and out the right palm. Concentrate and 
imagine the heat and light burning and extend- 
ing into the table, penetrating deep into it. Af- 
ter awhile, switch palms. In China, this exer- 
cise is practiced while standing or sitting in the 
sunshine, facing south or east. Practice for 20- 
40 minutes (Figure 34.16). 

GATHERING AND ISSUING YIN (COLD) 
ENERGY 

Before extending Cold energy into the pa- 
tient, the doctor’s Qi is first gathered into his or 
her left palm by imagining a small, watery blue 
moon, radiating cool light. This small moon is 
imagined within the circle created between the 
thumb and last two fingers. The cool blue energy 
of the moon is then absorbed through the doctor’s 
left arm, into the Lower Dantian. The cool blue 
energy is then blended with the Qi of the doctor’s 
Lower Dantian and released out the doctor’s right 





Figure 34.16. Guiding Hot Yang Qi Exercise 


arm through either the tips of the ring and little 
fingers (the Yin Sword Fingers hand technique) 
for a deeper, concentrated type of penetration, or 
through the Extended Fan Palm hand technique 
for a dispersing type of penetration. 

In extending coo! blue energy into the patient, 
the right hand Yin Sword Finger posture is gener- 
ally used. The doctor’s ring and little fingers are 
extended and joined together, and the index and 
middle fingers curl into the center of the palm. 
The thumb should rest on the nails of the index 
and middle finger forming a circle. 

The ring finger indicates the Metal Element or 
the Lungs’ energy, and the little finger indicates the 
Water Element or the Kidneys’ energy. Together, 
both fingers activate the Qi of Metal and Water, 
which is a catalyst for the Yin energy needed for 
guiding cool Yin Qi during point concentration. 
Guiding Cold Yin Qi Exercise 

This meditation is used to cool specific areas in 
the patient’s body in acute, inflamed Excess or Heat 
syndromes. It can also be used, to cool down and 
dredge the Liver in cases of chronic depression. 
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¢ Sit on the edge of a chair in front of a table, feet 
flat, eyes closed, with the left hand resting com- 
fortably on the left thigh. The right palm is ex- 
tended face down suspended over a table. 
Breathe naturally while concentrating the 
mind on the Lower Dantian. Begin to gather 
energy from the heels and Bubbling Well (Kd- 
1) points, directing the energy through the 
chest (CV-17), out the arms, and into the right 
palm. Imagine the right palm turning as cold 
as ice. Focus the mind on the coldness of the 
right palm and imagine the cold energy pen- 
etrating deep into the table. In China, this ex- 
ercise is practiced at night, facing north or 
west for 20-40 minutes (Figure 34.17). 

Note: While practicing the Cold Yin Guiding 
exercise, never imagine that the whole body is 
cold, also do not direct and keep the cold energy 
into your body (only through it). Otherwise the 
Cold energy will affect the balance and energetic 
harmony of the Qi’s flow. You can, however, use 
the image of cool blue water or vapor flowing 
through your body into the right hand (which is 
freezing cold), without causing harm to your 
body’s energetic balance. 


« 


CLINICAL APPLICATION OF YIN AND 
YANG ENERGY EXTENSION 

Traditionally, the Qigong doctor would emit 
Hot Yang Qi during the Yang period of the day 
(from midnight to high noon) to warm the 
patient's Cold areas. During the Yin periods of the 
day (from high noon to midnight) the doctor 
would apply the Cold Yin Qi to cool the Hot ar- 
eas of the patient's body. 

In China today, the clinical application of issu- 
ing Hot or Cold energy is no longer limited to the 
position of the sun and moon, but is applied ac- 
cording to the doctor’s ability to regulate the Ex- 
cess or Deficient condition of the patient's disease. 


GUIDING THE ENERGETIC FLOW OF 
THE FIVE ELEMENTS 

This particular Medical Qigong healing system 
is divided into two popular methods of energy ex- 
tension: The Five Elemental Organ Energies Method 
and The Five Elemental Channel Energies Method. 
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Figure 34.17. Guiding Cold Yin Qi Exercise 





Both systems can be used for diagnosing the pa- 
tient (using palm detection) or for treating Excess 
or Deficient conditions within the patient's body 
(using energy extension techniques). Each of these 
two powerful systems of treatment has its own 
unique advantage in application. Both systems com- 
bine healing sound resonances with energy light 
extension of various colors, and are used in accor- 
dance with the theory of the Five Elements. 


THE SIX GHARACTER FORMULA 
When utilizing either the Five Elemental Or- 
gan, or Five Elemental Channel system of energy 
projection, the Qigong doctor will guide the energy 
of the Five Elements in conjunction with the Six 
Character Formula. The Six Character Formula in- 
cludes: The Five Elemental Energies, Time of Treat- 
ment, Direction of Energy, Position of the Thumb, 
Guiding Energy, and Emitting Energy and Sound. 
1. The Five Elemental Energies of Wood, Fire, 
Earth, Metal, and Water relate to either the Five 
Elemental Channel system of energy projection 
and the Blood / Heat Cycles; or the relate to Five 
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Elemental Organ system and the energy of the 

Five Yin Organs. The decision regarding which 

of the two methods to choose is determined by 

the patient's condition. 

2. The time of treatment is traditionally deter- 
mined by the doctor in accordance with the 
patient’s Blood/ Heat Cycle, the time of day 
(sunrise, noon, sunset, and midnight) and the 
season (summer, winter, autumn, or spring). 

3. The direction of energy emitted into the 
patient's body is determined by the doctor in 
accordance with his or her intention to purge, 
tonify or regulate the patient's tissues. 

4, The position of the thumb is determined in ac- 
cordance with the type and amount of energy 
the doctor wishes to absorb into his or her 
Lower Dantian. 

5. Guiding (Pushing, Pulling and Leading) the 
energy is determined by the doctor in accor- 
dance with the Excess or Deficiency of the 
patient's Five Yin Organs: Liver (Wood), Heart 
(Fire), Spleen (Earth), Lungs (Metal), and Kid- 
neys (Water). 

6. The type of energy (Qi or Shen) and the choice 
of sound to be emitted are determined by the 
doctor’s intention and the condition of the 
patient's organs and channels. Qi and sound 
are emitted like water, Shen is emitted like light. 

EMITTING THE ENERGY OF THE FIVE 
ELEMENTAL ORGANS 

The method of projecting the Five Elemental 
Organ Energies is utilized by blending a specific 
organ energy together with the Qi stored in the 
doctor’s Lower Dantian. Both of these energies 
are combined and then issued out the doctor’s 
right palm into the patient. The fusion of the 
doctor’s Lower Dantian Qi with the selected or- 
gan Qi is very powerful. This synergized Qi is 
further combined with sound resonation and col- 
ored light to treat patients with extreme condi- 
tions of Deficiency. 

The left thumb connects with either the tip of 
the index (Wood), middle (Fire), ring (Metal), little 
finger (Water) or upper pad of the palm (Neutral) 
to connect with the selected organ energy (Figure 
34.18). 








Figure 34.18. Left Palm - The Five Element Organ 
Energy Pattern: the left hand is used in order to absorb 
the organ Qi into the doctor's Lower Dantian. This 
arrangement corresponds to the Five Seasonal Pattern 
Cycle and the Five Elements. 


Five Five 
Elements Viscera 


Earth 





Spleen 





Liver 


Middle 





Figure 34.19. Hand Chart of the Five Elements 
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After choosing the appropriate thumb and fin- 
ger position on the left hand to tap into the se- 
lected organ’s energy, the doctor descends this 
energy into the Lower Dantian. This energy is then 
blended together with the energy of the Lower 
Dantian and led out of the doctor’s body, to be 
emitted into the patient using the right hand, 
along with the sound and specific organ color (Fig- 
ure 34.19). 

EMITTING THE ENERGY OF THE FIVE 
ELEMENTAL CHANNELS 

The method of projecting the Five Elemental 
Channel Energies is utilized by blending a specific 
channel energy together with the Qi stored in the 
doctor’s Lower Dantian. To tap into the selected 
channel’s energy, the thumb is positioned on the 
corresponding finger, or palm segment (Figure 
34.20). The selected channel's energy is then blended 
with the Qi stored in the doctor’s Lower Dantian. 
These combined energies are then issued out the 
doctor’s right palm into the patient. The blending 
of channel and Lower Dantian Qi is strong but not 
as powerful as the doctor’s organ energy. 

The resonant sound and light emitted from 
the combined channel and Lower Dantian energy 
is considered appropriate for patients with mod- 
erate Deficiency conditions. Healing sounds in 
combination with specific colors can be emitted 
by the Qigong doctor to stimulate the internal tis- 
sues. When healing sounds are directed into the 
patients tissues they have a tonifying action, as 
opposed to the purging affect which happens 
when the patient’s practice healing tones by them- 
selves (see Chapter 40). 

The treatment is conducted according to the 
Five Elemental Creative Cycle. First the energy of 
the “mother” element is gathered into the doctor’s 
Lower Dantian to be combined with the doctor’s 
Lower Dantian energy. After the doctor collects 
and mixes the mother’s elemental channel energy 
with the Lower Dantian’s energy, the doctor 
switches the left thumb’s position to the mother’s 
corresponding “child” element position. This en- 
ables the mother’s channel energy to support the 
strength of the child’s channel energy, which is 
emitted into the patient’s body (Figure 34.21). 


Note: The doctor first connects to the mother 
element, then to the child element. Thus the 
mother’s elemental channel energy, Lower Dantian 
energy and the child’s elemental channel Qi are 
synergized and projected into the patient’s corre- 
sponding “child” organ. The patient's organ, into 
which the Qi is emitted, has the same elemental at- 
tribute as the doctor’s “child” transmitted energy. 

1. To Emit Liver Energy and Guide Wood Qi 
proceed as follows: 

* First, from a Wuji posture, press the left thumb 
into the channel Water bands (9, 10). Inhale 
this Water energy into the Lower Dantian, 
mixing it together with your Lower Dantian 
energy. 

Second, extend the right hand facing outward 
from the chest, facing the patient. Then ex- 
hale and press the thumb onto the Wood chan- 
nel bands (1, 2) while uttering the sound 
“Shu.” Guide the Wood energy out of the right 
palm into the patient’s Liver organ or chan- 
nel. In this particular technique, the doctor is 
using Water energy to support the extension 
of Wood energy. 

2. To Emit Heart Energy and Guide Fire Qi pro- 
ceed as follows: 

First, from a Wuji posture, press the left thumb 
into the channel Wood bands (1, 2), while in- 
haling the Wood energy into the Lower 
Dantian, mixing it together with your Lower 
Dantian energy. 

Second, extend the right hand facing outward 
in front of the chest, towards the patient. 
When exhaling, press the thumb onto the Fire 
channel bands (7, 8) with the thumb while 
uttering the Heart sound “Haa.” Guide the 
Fire energy out the right palm into the treat- 
ment area. In this particular technique, the 
doctor is using Wood energy to support the 
extension of Fire energy. 

3. To Emit Spleen Energy and Guide Earth Qi 
proceed as follows: 

First, from a Wuji posture, press the left thumb 
into the channel Fire bands (7, 8) gathering 
this Fire energy into your Lower Dantian. 

* Second, extend the right hand in front of the 
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Element Channel 
1] Green | Wood Gall Bladder 
2] Green | Wood Liver 
Metal Lungs 
4] white | Metal Large Intestine 
—5.| Yellow | Earth Stomach 
6] Yellow | Earth Spleen 
7] Red | Fire Heart 
8] Red | Fire Small Intestine 
Blue Water Bladder 
Blue Water Kidney 
Red Fire Pericardium 
12.) Red | Fire Triple Burner 








Figure 34.20. The Twelve Channels are superimposed 
onto the Qigong doctor's left palm, arranged according 
to the progression of the Two Hour Qi and Blood/Heat 
Cycle. 

This Blood/Heat Cycle also corresponds to the Four 
Principte Time Periods and can be divided into quarters 
and arranged according to the Midnight, Sunrise, Noon, 
and Sunset patterns of the Sun. 


chest, facing outward towards the patient. 
When exhaling, press the thumb into the 
Earth’s channel bands (5, 6) while uttering the 
Spleen sound “Who.” Guide the Earth energy 
out of the right palm into the treatment area. 
In this particular technique the doctor is us- 
ing Fire energy to support the extension of 
Earth energy. 
4. To Emit Lung Energy and Guide Metal Qi 
proceed as follows: 
¢ First, from a Wuji posture, connect the left 
thumb onto the tip of the left index finger (i.e., 
the Earth channel bands #5, 6), thus forming 





Figure 34.21. Left Palm - The Five Elemental Channel 
Pattern: 


The left palm is used in gathering and absorbing the 
channel Qi of the doctor's Five Yin Organs. As the 
Qigong doctor’s thumb touches the specific areas on 
the fingers, the energy is gathered into the doctor's 
Lower Dantian and released out from the right patm. 


a circle. Imagine this circle full of golden light. 
When inhaling, draw this golden Earth en- 
ergy into the Lower Dantian, while also in- 
haling Heavenly Qi into the Yellow Court area 
(CV-12) below the solar plexus. Mix all three 
of these energies together. 

* Second, extend the right hand facing outward 
in front of the chest, towards the patient. When 
exhaling, press the thumb the Metal channel 

bands (3, 4) while uttering the Lungs’ sound 

“Sss.” Guide the Metal energy out of the body 

by way of the right palm into the treatment area. 

In this particular technique, the doctor is using 
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imagination to draw the Earth’s golden light 

energy into his or her Lower Dantian to sup- 

port the extension of Metal energy. 
5. To Emit Kidney Energy and Guide Water Qi 
proceed as follows: 
First, from a Wuji posture, press the left thumb 
into the Metal channel bands (3, 4). Inhale the 
Metal energy into the Kidneys, mixing it to- 
gether in the Lower Dantian. 
Second, extend the right hand facing outward 
in front of the chest. As you exhale, press the 
Water channel bands (9, 10) while uttering the 
“Chree” sound (in a very low pitch). Guide 
the Water energy out of the body by way of 
the right palm. In this particular technique, 
the doctor is using Metal energy to support 
the extension of Water Qi. 
Once skilled in these five exercises, the Qigong 
doctor should continue to practice them in com- 
bination with the Linear, Circular, or Spiral En- 
ergy Guiding Methods, creating an individual- 
ized, structured technique. 
COMBINING THE ENERGY OF THE FIVE 
ELEMENTAL TONGUE POSITIONS 

The doctor can also use the Five Elemental 

Tongue Positions to increase the power and ener- 
getic potential of the doctor’s internal organ. Each 
tongue position connects with the organ’s Orb (the 
complete organ system), thereby increasing the 
power of the doctor’s Qi projection. These tongue 
positions are described as follows. 

1. To connect with Earth (Spleen) energy—the 
tongue is placed on the bottom of the jaw at the 
base of the lower palate, beneath the teeth and 
gum line. 

2. To connect with Metal (Lungs) energy—the 
tongue is placed between the maxilla and man- 
dible bones, suspended, between the teeth. 

3. To connect with Fire (Heart) energy—the 
tongue is placed on the hard palate, at the front 
of the upper palate, behind the teeth and gum 
line 


*° 


4. To connect with Wood (Liver) energy—the 
tongue is placed on the hard palate, at the 
middle of the upper palate at the center of the 
roof of the mouth. 
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5. To connect with Water (Kidneys) energy—the 
tongue is placed on the soft palate, at the back 
of the upper palate. 

COMBINING THE ENERGY OF THE FIVE 
ELEMENTAL CoLors 
The doctor can also include the Five Elemen- 
tal Colors to increase the power of his or her in- 
ternal Qi projections (see Chapter 4). The Five EI- 
emental Colors are described as follows. 
¢ Earth (Spleen)—The organ color bright yel- 
low, the channel color is soft yellow. 
* Metal (Lungs}—The organ color bright white, 
the channel color is soft white. 
* Fire (Heart)—The organ color bright red, the 
channel color is soft red. 
© Wood (Liver)}—The organ color bright green, 
the channel color is soft green. 
* Water (Kidneys)—The organ color bright 
blue, the channel color is soft blue. 


SUMMARY OF QI EMITTING METHODS 
When the Qigong doctor emits Qi into the pa- 
tient, it effects the quality of light, sound, heat, vi- 
bration, and electromagnetic energy stored within 
the patient's tissues and cells. There are many varia- 
tions of Qi emission hand postures and techniques 
used by Qigong doctors in China. Each differs ac- 
cording to the various schools, colleges, and styles 
of Medical Qigong training. These changeable and 
diverse hand postures, as well as the various Qi 
extension, guidance, and regulation techniques can 
all be combined and grouped together to assist the 
Qigong doctor in understanding the clinical treat- 
ment potentials. The following is an outline of the 
aforementioned Hand Postures and Extension, 
Guidance, and Regulation techniques (described in 
Chapter 33 and 34), along with their applications. 
HAND POSTURES USED FOR EMITTING QI! 
1, The Extended Fan Palm Hand Posture energy 
emission has the widest beam of Qi extension. 
2. The Sword Finger Hand Posture energy emis- 
sion has the width and beam reduced into a 
more condensed form of Qi extension. 
3. The One Finger Skill Hand Posture energy 
emission is further reduced into an even more 
condensed form of Qi extension. 
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4. The Invisible Needle Hand Posture energy 


emission is condensed even further into a 
finely honed needle of light, similar to that of 
a laser beam. 


HAND TECHNIQUES USED FOR BREAKING UP 
ENERGETIC STAGNATIONS 


1. 


The Thunder Fingers Hand Technique is the 
strongest, most aggressive hand technique, 
and is used to break into the energetic bound- 
ary of the Qi stagnation. It is used as a prepa- 
ration technique before purging the stagna- 
tion. 


2. The Shaking and Trembling Hand Technique 


is the second most aggressive hand technique, 
and is used to purge stagnation and toxic Qi 
from the patient’s body. 


3. The Vibrating Hand Technique is a powerful, 


yet subtle hand technique, which can be used 
to expand, contract, vibrate, and loosen the 
patient’s Stagnant Qi. 


. The Kneading Tiger Hand Technique is used 


to separate the Toxic Qi, and to dredge and 
purge it out of the patient’s body. 


ENERGY EXTENSION AND GUIDANCE 
TECHNIQUES FOR MOVING QI 


1. 


The Pushing Technique is used to push and 
move the energy within the body’s tissues, 
channels, and energetic fields. 


. The Pulling Technique is used to pull and 


move the energy within the body’s tissues, 
channels, and energetic fields. 


. The Leading Technique is used to lead, guide, 


and move the energy within the body’s tis- 
sues, channels, and energetic fields. 


. The Circling Technique is used to lead, guide, 


and move the energy in a circling pattern 
within the body’s tissues, channels, and en- 
ergetic fields. 


. The Spiraling Technique is used to spiral or 


drill energy into or out of the body’s tissues, 
channels, and energetic fields. 


6. 


The Energetic Cupping Technique is used to 
lead, guide, and move the energy within the 
body’s tissues, channels, and energetic fields. 


HAND POSTURES USED FOR PURGING, 
DREDGING, AND REMOVING TOXIC QI 


1. 


2. 


The Bellows Palm Hand Posture is used like 
a vacuum to remove toxic Qi 

The Dragons Mouth Palm Hand Posture is 
used to grasp, pull, and lead toxic Qi from 
the body. 


. The Sword Fingers Hand Posture is used to 


circle-wrap toxic Qi (like a fork wrapping spa- 
ghetti) and remove it from the body. 


. The Kneading Tiger Hand Posture is used to 


grasp, seize, and pull toxic Qi from the body. 


. The Shaking and Trembling Hand Posture is 


used in order to grasp, seize, and pull toxic 
Qi from the body. 


. The Thunder Fingers Hand Posture is used 


to shake and release toxic Qi from the doctor’s 
body. 


. The Extended Fan Palm Hand Posture is used 


to dredge, pull, and purge toxic Qi from the 
body. 


TYPES OF ENERGY RELEASED THROUGH QI 
EMISSION 


1. 


2 


Hot Qi Emission is used to tonify or sedate a 
specific area, organ, channel, or energetic field. 
Cold Qi Emission is used to cool down or se- 
date a specific area, organ, channel, or ener- 
getic field. 


. Color Qi Emission is used to tonify or sedate 


a specific area, organ, channel, or energetic 
field. 


. Sound Emission is used to tonify or sedate a 


specific area, organ, channel, or energetic field. 


. Five Elemental Organ Qi Emission is used to 


tonify or sedate a specific area, organ, chan- 
nel, or energetic field. 


. Five Elemental Channel Qi Emission is used 


to tonify or sedate a specific area, organ, chan- 
nel, or energetic field. 
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CHAPTER 35 


THE INVISIBLE NEEDLE THEORY AND APPLICATION 


INTRODUCTION 

In China today, the use of Invisible Needles in 
Medical Qigong therapy is usually reserved for 
patients who are hypersensitive to energy flow. As 
the patient's sensitivity increases, the treatments are 
modified in order to complement their perceptive 
abilities. 

To perform the Invisible Needle technique, the 
Qigong doctor must first connect with the divine 
energy. This is performed by drawing energy from 
the Heavens through the Baihui GV-20 point at the 
top of the head and extending it out through the 
hands, enveloping the patient. Some Qigong doc- 
tors imagine that needles of light, from the Heay- 
ens, descend through their Baihui point. As this light 
fills their body, they become empowered with a 
never-ending reserve of Invisible Needles to treat 
the patient. In order to use these needles, the doc- 
tors rotate their wrist clockwise and the Invisible 
Needle flows out the Pc-8 Point at the center of their 
palm (Figure 35.1). 

Other Qigong doctors use a single needle im- 
age. The doctor imagines needles of light coming 
out of the Heavens, spiraling around the head like 
a golden halo. This golden halo is positioned above 
the head, above the Heavenly Transpersonal Point 
{located about a foot above the head). To use these 
needles, the doctors reach above their head and 
pluck the needles from the Heavens. These needles 
are then inserted into the patient’s body (Figure 
35.2). When using either visualization, the impor- 
tant factor is to focus on how deep the needles 
should penetrate. When treating an area deep in 
the major organs, a clockwise rotation reinforces and 
tonifies, while a counterclockwise rotation sedates 
the organ area. 


PREPARATION 
Before inserting an Invisible Needle into the 





igure 35.1. The Qigong doctor imagines divine healing 
light descending from the Heavens, filling the doctor's 
body with the energy to create the Invisible Needle. 





Figure 35.2. Another variation is for the Qigong doctor 
to imagine divine healing light descending from the 
Heavens and encircling the doctor’s head like a golden 
halo. Contained within this halo are the Invisible 
Needles. 
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patient, it is important for the doctor to dredge 
the diseased area first. This is similar to swabbing 
an area with alcohol (or disinfectant) before in- 
serting an acupuncture needle. As one hand ex- 
tends the Invisible Needle, the other is used to 
reinforce its energy. The doctor works the Invis- 
ible Needle into the patient’s tissues until he or 
she feels it inside the patient’s body. Sometimes 
the patient may feel a cold sensation while being 
treated by the doctor. This is a normal reaction to 
the Invisible Needle insertion. The longer that the 
doctor keeps the Invisible Needle inserted inside 
the patient's body, the better the healing effect. 


ANGLE OF INSERTION FOR 
TONIFICATION OR SEDATION 

The skill of using Invisible Needles encom- 
passes a complete system of energetics that uti- 
lizes both reinforcing (tonifying) and reducing 
(sedating) techniques. The polarity of the patient's 
channel (Yin or Yang) determines the angle at 
which the Invisible Needle is inserted. 

* When performing reducing or sedating tech- 
niques, it is important to insert the Invisible 
Needles perpendicularly into the patient's 
points or channels, forming an energetic dam 
to slow the flow of Qi (Figure 35.3). The doc- 
tor removes the needle slowly, and leaves the 
point open (this allows the point to continue 
to release Qi naturally). 

When performing any reinforcing or tonify- 
ing techniques, insert the Invisible Needle at 
an angle, pointed in the direction of the chan- 
nel’s flow (provided that the channel is flow- 
ing towards the direction of the intended or- 
gan). Then, when retracting the Invisible 
Needle, remove it quickly and seal the point. 
This quick retraction method is done to pre- 
vent the Qi from escaping the area once it is 
stimulated, and is followed by pressing the 
needle hole to seal the point (Figure 35.4). 

One favorite tonification technique used by 
certain Qigong doctors in Beijing, China is to leave 
the Invisible Needles inside the patient, while 
regulating the Conception and Governing Vessels. 
Once they have strengthened the patient's Micro- 
cosmic Orbit (Fire Cycle), they retract the Invis- 
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Figure 35.3. The doctor’s right hand extends the Invisible 
Needle perpendicularly into the patient's point or 
channel, to reduce or sedate the energy flow. The 
doctor's left hand is used to reinforce the energetic 
purging of the patient’s toxins. 








Figure 35.4. Insert the Invisible Needle at a 45 degree 
angle with the flow of the patient's channel to reinforce 
or tonify, provided the channel's flow is towards the 
organ. 


In order to prevent the Qi from escaping, when 
performing any reinforcing or tonifying techniques, the 
Qigong doctor presses the patient's channel point after 
retracting the Invisible Needle. 





ible Needles and disperse them one by one into 
the Earth. The insertion and manipulation of the 
Invisible Needles is performed with the Invisible 
Needle Palm technique. 

Another favorite technique used for tonifica- 
tion is for the Qigong doctor to first insert the In- 
visible Needle deep into the patient’s Kd-1 point 
at the bottom of the feet. Once the needle is in- 
serted, the doctor extends his or her intention, 
causing the needle to grow and extend up the 
patient's legs and into the Kidneys. Next, the doc- 
tor emits energy up the patient's legs to further 
tonify the Kidneys and Mingmen area. 

The Invisible Needles can also be transformed 
into the specific colors of the Five Elements to 
enhance tonification. A blue needle, for example, 
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can be used to intensify Kidney tonification. Each 
needle can additionally be spiraled in a clockwise 
or counterclockwise direction to generate an en- 
ergetic vortex used for either tonification or pur- 
gation (Figure 35.5). 


THE HAND POSTURES OF THE 
INVISIBLE NEEDLE 


The following is a description of the various 
hand postures used when treating patients with 
the Invisible Needle technique. 


THE DocTor’s RIGHT HAND 

The doctor’s right hand is generally used for 
controlling and projecting the energy of the In- 
visible Needle into the patient. It is not only re- 
sponsible for the formation but also the inser- 
tion of the Invisible Needle. The action and move- 
ment of the right palm projecting and stimulat- 
ing Qi is sometimes referred to as the Chicken 
Pecking technique. In this hand posture, the 
thumb connects with the index finger or index and 
middle finger to form the shape of a bird's beak 
(Figure 35.6). While these fingers are joined to- 
gether, the other fingers on the hand relax in an 
extended, straight position. The doctor’s intention 
is focused on the image of an Invisible Needle 
which is projected into the patient's body. 

The pricking, insertion, and manipulation of 
the Invisible Needle is only effective when the 
Qigong doctor connects and roots his or her in- 
tention deep within the patient's Jing, Qi, and 
Shen. This intention connects the doctor with the 
patient’s Qi and Blood, and their animated Spirit. 
THE DocTor’s LEFT HAND 

The doctor’s left hand is used to either ma- 
nipulate the patient’s tissues to enhance the 
Qigong treatment, or to collect Qi into the doctor’s 
Lower Dantian to be projected into the patient. 
This technique is similar in method to collecting 
the Yin (Cold) and Yang (Hot) energy before emit- 
ting it into the patient. Once the thumb connects 
with any of the fingers, the released energy bears 
the nature of the associated element and its Yin 
and Yang properties (Figure 35.7). The Qi that is 
collected when the thumb and middle finger con- 
nect, for example, is the Yang Qi within the Heart. 


im 


The needle can be made The needle can be made to 
to grow and extend deep grow fat inside the patient's 
inside the patient's tissues tissues or channels to 
or channels. increase Qi projection. 


Counterclockwise spiraling 
the needle is used to 
create an energetic vortex 
for purgation. 


Clockwise spiraling the 
needle is used to create 
an energetic vortex for 
tonification. 


Figure 35.5. The Invisible Needle Techniques 





0} 


Figure 35.6. The Invisible Needle Palm 


621 


SEcTION &: Qt EMITTING METHODS 


This Qi replenishes the Yang Qi and regulates the 
energy of the Heart (Figure 35.8). If the doctor’s 
hand is positioned over the Pericardium Channel 
and energy is emitted into the patient, the patient's 
Shen will become peaceful. When treating with 
the Five Elemental organ energy, the index and 
middle finger stand for Fire and Wood; this com- 
bination is considered Yang. The ring and little 
finger stand for Water and Metal; this combina- 
tion gathers and creates Yin energy. 


TIME AND DURATION OF TREATMENT 

In general, Medical Qigong Invisible Needle 
Technique and Point Therapy is applied once a 
day. A routine therapeutic course includes six to 
eighteen treatments. Patients with mild diseases 
may continue the therapy from six to twenty-four 
treatments. For chronic patients, however, treat- 
ment may last as long as one to three months de- 
pending on the patient’s condition (i.e., for 
paraplegic patients the treatment is generally from 
three to six months). 

As far as the time sequence of when to treat 
the patient, or when the patient is to treat them- 
selves, the chronometric rate is based on the high- 
tide sequence of the patient’s channels (i.e., 11 am 
to 1 pm is the Heart time, which is the best time 
period to treat patients with Heart disease). 


REMOVING THE INVISIBLE NEEDLES 
AND ENDING THE TREATMENT 

During tonifying treatment, the Qigong doc- 
tor removes the Invisible Needle quickly from its 
point of origin while the patient is inhaling. This 
allows the patient to keep the Qi and Shen within 
the body’s channels and tissues. After extracting 
the needle, the doctor presses down on the acu- 
puncture point with emitted Qi and lightly rubs 
it in a clockwise direction until the open point has 
closed. 

During a sedating treatment, the Qigong doc- 
tor has the patient exhale to expel the Evil Qi and 
Heat from the patient's tissues. After extracting 
the needle slowly, the doctor allows the acupunc- 
ture point to naturally drain and eventually close 
by itself. This aids in draining the Evil Qi and Ex- 
cess Heat from the patient's body. 








Figure 35.7. When treating patient's with the Invisible 
Needle technique for tonification, the Qigong doctor 
emits the required amount of energy into the patient, 
according to the specific Deficient organ and channel's 
condition. 


The thumb, being the Earth Element and neutral, allows 
the Qigong doctor the ability to connect and combine 
the energy of the Five Yin Organs into his or her Lower 
Dantian, before extending the Qi into the patient. 
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Figure 35.8. Hand Chart of the Five Elements 
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ENERGETIC POINT THERAPY 


The importance of Energetic Point therapy as 
a Medical Qigong modality can best be under- 
stood when exploring the amount of information 
stored within the body’s tissues. According to 
theoretical physicist Michio Kaku, the body's 
DNA contains over one hundred trillion times the 
information stored in current computers. There is 
an even greater amount of information stored 
within the three subtle energy fields outside of 
the human body. Most of this information is not 
readily translatable or decipherable, and is hid- 
den from the conscious mind. 

By stimulating certain energy points, for a spe- 
cific length of time, an energetic trigger mechanism, 
or response reflex is created. This energetic reaction 
releases memories and stored information unique 
to each patient. To facilitate the unlocking of this 
stored information, the Qigong doctor must main- 
tain a deep state of Alpha consciousness when 
stimulating the patient's energy points. 

Energetic Point therapy involves two distinct 
modalities of treatment: Channel Point treatments 
and Channel Point meditations. Either can be used 
in conjunction with the Invisible Needle therapy. 
In these particular modalities of treatment, the 
Qigong doctor can either emit Qi into specific chan- 
nel points on the patient’s body to enhance the 
Medical Qigong treatment, or have the patient 
meditate on a specific point while the doctor ad- 
ministers the therapy. Both approaches can be used 
by the Qigong doctor to gather energy, move Qi, or 
release trapped energy from the patient's tissues. 


CHANNEL POINT TREATMENTS AND 
PRESCRIPTIONS 

The following treatments are generally used 
in the clinic by the Qigong doctor for Invisible 
Needle therapy, but are not necessarily limited to 
that modality of treatment. These Energetic Point 


treatments are arranged and categorized accord- 
ing to specific diseases. The Energetic Points are 
located on the patient's front and back as depicted 
in the anatomical graphs (Figures 36.1 and 36.2). 
These points are clinically used for the following 
treatment goals: 

POINT THERAPY TO TONIFY YIN ENERGY 

1. To Tonify Yin energy and to reduce a Deficient 
type of Fire, extend Qi into the patient’s Kd-3 
point. 

2. To nourish the Yin energy and to reduce Fire, 
extend Qi into the patient's Kd-3 and Lu-10 
points. 

3. To treat a Deficiency of Yin of the Liver and 
Kidneys and to reduce the causes of Deficient 
Fire, extend Qi into the patient’s Sp-6 and Lv-3 
points. 

4. To treat a Deficiency of Yin causing a dryness 
of the Lungs, extend Qi into the patient’s Lu-1 
and BI-13 points on the front and back of the 
body. Regulate the respiratory tract, as well as 
the patient’s Lu-7 and Kd points, thereby 
tonifying the body’s Yin energy and activating 
the descending function of the Lungs. 

POINT THERAPY TO TONIFYING OR DISPERSE 
YANG ENERGY 

1. Tostrengthen the Yang of the patient's Kidneys, 
extend energy into the patient's GV-4, BI-23, and 
Kd-3 points. 

2. To warm, and tonify the Yang of the patient's 
Spleen and Kidneys, extend energy into the 
patient's BI-20 and -23 points. This treatment is 
ideal for eliminating Damp fluid caused from 
Deficient types of edema. 

3. To fortify the Yang and avert a state of Yang 
collapse, tonify the patient’s Yuan Qi by extend- 
ing energy into the patient's Lower Dantian, 
focusing specifically on the patient’s CV-4, -6, 
and -8 points. 
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Figure 36.1. Chart of Specific Channel Points 


. To treat a condition of Deficiency of Yang of the 


Spleen, strengthen the patient's Stomach and 
Spleen to eliminate Damp and Phlegm. This is 
done by extending energy and tonifying the 
patient's St-36, CV-12, and Bl-20 points. Then 
activate and warm the Qi of the patient’s Lungs 
by extending Qi into BI-13, and -43 points. 


. To strengthen the Yang of the Spleen, promote 


the Spleen’s transporting function by extend- 
ing energy into the patient’s CV-12, B]-20, Lv- 
13, and Sp-3 points. 


. To raise the patient’s Yang Qi or the Yang Qi 


flowing within the patient’s Governing Ves- 
sel, extend energy into the GV-20 point. 


. To reduce hyperactive Yang of the patient's 


Liver, first dredge and disperse the patient's 
GB-20, BI-18, and Lv-2 points to pacify the 
Yang of the Liver; then tonify by extending 
energy into the patient's Bl-23 and Kd-3 points 
to strengthen the Kidneys. 


. To reduce Excess Yang within the patient's 


Governing Vessel which has caused a hyper- 
activity of Heat, dredge and sedate the 
patient’s GB-2O point. Then purge the Heat 
from the patient’s GV-14 and LI-4 points. 


POINT THERAPY TO TONIFY OR DISPERSE Q1 


1. 


To strengthen the patient's Yuan Qi, extend Qi 
into the patient’s Lower Dantian, focusing on 
CV-4 and -6 points. 


. To fortify the patient's Qi and reestablish their 


Yang, extend energy into the patient’s GV-20, 
CV-6, and St-36 points. 


. To subdue the patient’s ascending Qi, extend 


Qi into the patient’s CV-22 and BI-17 points. 


. To disperse the patient’s stagnant Qi and 


Phlegm, extend Qi into the patient's BI-13 point. 


. To tonify the Kidneys’ Qi and Jing and to re- 


duce any Kidney Deficiency, extend Qi into the 
patient's GV-4, BI-52, and Kd-3 points. 


. To stimulate the circulation of Gi and Blood, 


extend Qi into the patient's LI4 and Lv-3 points. 


POINT THERAPY TO TONIFY AND NOURISH 
THE BLoop 


1. 


To activate the patient’s Blood circulation, 
extend energy into the patient's Sp-10 point. 


2. To stimulate the function of conducting Blood, 


4. 
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extend energy into the patient's Sp-1 point. 


. To control the production of Blood, extend 


energy into the patient's BI-20 point to con- 
trol the Blood, as well as BI-15 to increase the 
production of Blood. 

To activate Blood circulation and remove sta- 
sis, extend energy into the patient’s Sp-6 and 
BI-17. 


. To strengthen the source of Blood formation, 


extend energy into the patient's St-36 and Sp- 
6 points. 


. To remove Blood stasis of the uterus, extend 


energy into the patient’s Bl-32 and St-29 
points. 


POINT THERAPY To ELIMINATE COLD AND 
DAMP 


1. 


To warm the Spleen and Stomach to eliminate 
Cold, extend energy into the patient’s Lower 
Dantian and CV-12 and -13 area. 


. To disperse Cold, relieve pain, pacify the 


Stomach and strengthen the Spleen, extend 
energy into the patient’s Sp-4 and BI-20 points. 


. To strengthen the Spleen to disperse Damp- 


ness, extend energy into the patient’s Sp-6 and 
St-36 points. 


. To eliminate edema above the waist, extend 


energy into the patient’s BI-20 and Lv-13 
points. 


. To eliminate edema below the waist, extend 


energy into the patient's BI-28, LI-6, and Sp-9 
points. 


POINT THERAPY TO ELIMINATE HEAT 


1. 


To eliminate Heat from the patient’s body, 
extend energy into the patient’s LI-11 points, 
or dredge and disperse energy from the 
patient’s Shi Xuan points (at the tips of the 
fingers). 


. To move Heat downwards from the patient’s 


body, dredge and disperse energy from the 
patient’s Kd-1 points. 


. To disperse External Heat, dredge and dis- 


perse energy from the patient's SI-3 points. 


. To eliminate Internal Heat, dredge and dis- 


perse energy from the patient’s Pc-5 points. 


. To eliminate Damp Heat, extend energy into 


the patient’s Bl-20 and Sp-9 points. 
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Figure 36.2. Chart of Specific Channel Points 
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6. To eliminate Damp Heat from the Blood, 
dredge and disperse energy from the patient's 
BI-40 points, then extend energy into the Pc-3 
points. 

7. To reduce Fire of the Liver, dredge and dis- 
perse energy from the patient’s CV-3 and Lv- 
5 points. 

8. To reduce Liver and Gall Bladder Upward Fire 
disturbance, dredge and disperse energy from 
the patient’s GB-12, as well as BI-19 and -18 
areas. 


POINT THERAPY TO ELIMINATE WIND 

1. To eliminate Wind Cold, dredge and disperse 
energy from the patient's GV-16, BI-12, GB- 
20, Lu-7, LI-4, and Kd-7 points. 

2. To eliminate Wind Heat, dredge and disperse 
energy from the patient’s GV-14, LI-4, TB-5, 
and GB-20 points. 

3. To eliminate Wind from the upper portion of 
the patient's body, dredge and disperse en- 
ergy from the patients Bl-7, GV-20, and -16 
points. 

4, To eliminate pathogenic Wind, extend energy 
into the patient's Lu-7 points to activate the 
natural dispersing function of the Lungs. 

5. To eliminate Wind and reduce Fire, dredge 
and disperse energy from the patient's GB-20 
points. 

6. To calm the Wind of the Liver, dredge and 
disperse energy from the patient’s Lv-3 points. 

POINT THERAPY TO ELIMINATE PHLEGM 

1. To eliminate Damp Phlegm in the Interior, first 
strengthen the function of the patient's Spleen 
and Stomach to eliminate the Dampness, by 
extending energy into the patient’s Bl-20 and 
CV-12 points, then eliminate the Phlegm by 
dredging both of the St-40 points. 

2. To eliminate Phlegm Fire in the patient's 
Stomach, dredge the patient’s GB-34 and St- 
40 points. 


CONTRAINDICATIONS 

Never apply Energy Point therapy to patients 
who are in an acute stage of inflammatory dis- 
eases (especially of the abdomen). Also avoid us- 
ing Energy Point therapy on patients with hyper- 


CHAPTER 36: ENERGETIC POINT FHERAPY 


tension, heart diseases, severe cases of pulmonary 
tuberculosis, hemophilia, purpura hemorrhagic, 
purpura allergic, and severe skin diseases. 


CHANNEL POINT MEDITATION 

After applying the Invisible Needle technique 
or Energetic Point therapy, the Qigong doctor may 
decide to initiate Channel Point meditation to in- 
tensify the treatment. This is achieved by having 
the patient concentrate on specific points along the 
channels. This concentration will produce two dis- 
tinct results. First, it will get rid of any of the patient's 
distracting thoughts, and second, it will cause dif- 
ferent fluctuations of the Qi and Blood circulation 
through the patient’s Yin and Yang organs. This fo- 
cused concentration will allow the internal organs 
to supply the patient’s body with either: a more 
concentrated flow of Qi and Blood into the tissue 
area; or the focused attention will have a stronger 
dispersing effect on the patient’s tissues (depend- 
ing on the patient's focus). 

Each time a patient switches the focus of con- 
centration to a different point in a different area of 
the body, the circulation and regulation of Qi and 
Blood will alter to accommodate the mental transi- 
tions of intention. In giving the patient a specific 
point meditation as a prescription, the Qigong doc- 
tor should be careful to select the areas and points 
in accordance with the particular Qigong exercises 
that will arrest the patient’s Yin and Yang organ dis- 
ease. 

Generally speaking, when treating an Excess 
condition with Channel Point meditation, the Qi- 
gong doctor has the patient imagine draining the 
Excess Qi out through the extremities. In the case 
of a Deficiency, the doctor has the patient focus on 
tonifying the Deficient organ(s) by absorbing en- 
ergy and light into the Deficient area. Below is a list 
of channel point regulations and their applications. 
QIHAI (CV-6) SEA OF QI 

The CV-6 point, located in the Lower Dantian, 
is the most frequently selected point (Figure 36.3). 
It is chosen for normal conditions to lead the Qi 
back to its origin. It is this area from which Qi ema- 
nates and returns, hence its name, Sea of Qi. Fo- 
cusing on this point will allow the patient to tonify 
the Kidneys (Yuan) Qi, and can be used to regu- 
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late the Lower Burner, Conception Vessel, and 
Water pathways. The Qigong doctor may also 
extend energy into this area to: 

* restore collapsed Yin or Yang Qi, 

¢ raise the patient's Middle Burner Qi, 

* warm a patient's Yang Qi, 

* warm a patient's Cold condition, 

¢ treat mental disorders, 

¢ treat male sexual problems, 

¢ treat urinary problems, 

* treat local pain, 

* treat fatigue, and 

* treat Oi and Blood Deficiency. 
MINGMEN (GY-4) GATE OF LIFE 

This point is also called the Palace of Essence 

(Figure 36.4). Located between the two Kidneys, 
this point is used for patients with a Deficiency of 
the Kidney Yang and declining Fire of the 
Mingmen (this condition is manifested as lum- 
bago pain, seminal emissions, and an aversion to 
cold). Focus the patient’s concentration on the 
navel first, then gradually have the patient focus 
deeper into the Mingmen area. This area is known 
as the Sea of Blood and Essence. Focusing on this 
point will allow the patient to tonify and stabilize 
the Kidney (Yuan) Qi and Jing. A Qigong doctor 
extending energy into this area can regulate the 
patient’s water pathways, heat the body’s Yang 
Qi, and lower blood pressure. This point is also 
used to treat lower back pain, sciatica, as well as 
sexual / genital problems. 


SHAO SHANG (LU-1t)} LESSER SHANG 

This point is also called Ghost Sincerity, and. 
is considered the second of eleven ghost points 
(Figure 36.5). The sound “shang” is a musical note 
and corresponds to the Element Metal. This par- 
ticular point is used for patients with a Deficiency 
of Lung Qi (this is manifested by asthma and 
coughing). It reinforces the Qi and regulates the 
Lungs. A Qigong doctor can pull energy from this 
area to dredge and clear Lung Fire, Heat, and Sum- 
mer Heat, as well as dispel Wind Heat from the 
patient’s body. 


ZHONG CHONG (PC-S) MIDDLE RUSHING 
This point is used for patients with a 
Deficiency of Heart Qi (which manifests as palpi- 
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Figure 36.3. Lower Dantian (CV-6) 
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tations and restlessness). It reinforces the Qi and 
calms the Heart and mind. This area is good for 
regulating the Heart’s Qi, reviving consciousness, 
and restoring collapsed Yang. It can be used to 
dredge and clear the patient’s body of Heart Fire, 
Heat, and Summer Heat conditions (Figure 36.6). 


Zu SAN LI (ST-36) Foot THREE MILES 

This point is used for patients with a disor- 
der of transporting and transforming Spleen and 
Stomach Qi (which manifests as abdominal dis- 
tention and pain). This point has a strong tonifying 
effect (especially for the Spleen) and regulates the 
Stomach. It also tonifies the Ying (Nutritive) Qi, 
and regulates the Lower and Middle Burners. It 
can be used by a Qigong doctor to dredge and 
reduce digestive stagnation, to redirect Rebellious 
Qi, to drain pathogenic influences from the Stom- 
ach, and to soften hard abdominal masses or tu- 
mors (Figure 36.7). 
Da DUN (Lv-1) GREAT PILE 

This point is used for patients with hyperac- 
tive Liver Yang or overactive Liver and Heart Fire. 
It calms the Liver to treat diseases of the upper 
portion of the body (primarily the head). By fo- 
cusing on this area, the patient can regulate and 
tonify the Liver Qi and Blood. The Qigong doctor 
may dredge this area to disperse Liver Qi and 
transform Damp Heat in the Lower Burner (Fig- 
ure 36.8). 


YONG QUAN (KD-1) GUSHING SPRING 

This point is used for patients with Yin 
Deficiencies of the Liver and Kidney, hyperactiv- 
ity of Fire due to Yin Deficiencies, or Excess in the 
upper torso and Deficiency in the lower torso. 
Concentration on this area will also calm the spirit, 
clear Fire and Heat from the head area, restore 
collapsed Yang, and transform Heart Phlegm (Fig- 
ure 36.9). 
BAIHUI (GY-20) HUNDRED MEETINGS 

This point is used for patients with a 
Deficiency of Qiin the Middle Burner (manifested 
by a shortness of breath, dizziness, intractable di- 
arthea, and a prolapse of the internal organs). This 
point is known as the Sea of Marrow. Focusing on 
this area will clear the brain and calm the spirit. If 
the Qigong doctor treats this area, the patient’s 
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lower orifices can be stabilized, the Qi can be 
warmed and tonified, and Yang Qi can be warmed 
and a collapse can be prevented. This point is also 
used in order to treat hypertension, insomnia, sei- 
zures, dizziness, headaches, and the prolapse of 
internal organs (Figure 36.10). 
HUIYIN (CV-1) MEETING OF YIN 

This point is used for patients with a 
Deficiency of Lung Qi and Kidney Yin (manifested 
by asthma and coughing). Focusing the patient’s 
concentration on this area stabilizes the patient's 
Jing and lower orifices, as well as calms the spirit 
and clears the brain. It can be used by the Qigong 
doctor to tonify and regulate the patient’s Qi, to 
clear Heat from the patient's body, to treat irregu- 
lar menses, urethritis, prostatitis, and to raise the 
blood pressure (Figure 36.11). 


YIN TANG (EX. HN. 3} SEAL HALL 

This point is used for patients to calm the 
spirit, and can be used by the Qigong doctor to 
dispel Wind and clear Heat from the patient’s 
body. This point is also used to treat epilepsy, nau- 
sea and vomiting, insomnia, sinus headaches, diz- 
ziness, and vertigo (Figure 36.12). 
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CHAPTER 37 


MEDICAL QIGONG MASSAGE 


INTRODUCTION TO TISSUE FUNCTION 
To understand the energetic function of sur- 
face and deep tissue stimulation through Medi- 
cal Qigong Massage, it is important to first un- 
derstand the reflexes and spontaneous energetic 
reactions within the body’s tissues. The tissues of 
the human body are in a constant state of per- 
petual change. No matter where illness or dam- 
age has occurred, everything in the body is linked 
to the organs’ and bowels’ functions of produc- 
ing and governing energy, and their interaction 
with the body’s surface tissues (Figure 37.1-37.2). 
In Traditional Chinese Medicine, the human 
body is viewed as a conglomeration of Qi, Blood, 
channels, tendons, fascia, bones, Marrow, bowels 
(Yang organs), and viscera (Yin organs). Each part 
is interdependent, each having inseparable Yin 
and Yang relationships and all of them interact- 
ing with each other. The following describes the 
interaction of: Qi and Blood, Tendons and Fascia, 
Bones and Marrow and the Bowels and Viscera. 

1. Qi is considered the Blood’s leader: as the Qi 
leads, the Blood follows. If the Qi ceases to 
flow, the Blood stops. 

2. The tendons and fascia are used for channel 
energy movement. As the tendons and fascia 
stretch, they cause the channel Qi to increase 
its energetic movement and flow. When the 
tendons and fascia are calm, the channel Qi 
slows down. 

3. The bones are the Marrow’s residence. When 
the bones are hard, the Marrow is solid; when 
the bones are soft, the Marrow is hollow. 

4. The bowels (Yang organs) are the viscera’s 
(Yin organs’) manifestations. If the bowels are 
strong, the organs become robust; when the 
bowels become weak, the viscera begin to fail. 
Medical Qigong massage takes into consid- 

eration the function and flow of the body’s tis- 





Figure 37.1. The Human Body (Anterior) 
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sues, in conjunction with the interacting systems 
of the body’s energetic fields, striving to regulate 
both systems at the same time. 


TWO APPROACHES IN TREATMENT 

Medical Qigong massage can be divided into 
two schools of treatment modalities: Surface Tis- 
sue Massage Therapy and Visceral Tissue Mas- 
sage Therapy. 

1. Surface Tissue Massage Therapy utilizes the 
Five Elemental Qi Massage Therapy tech- 
niques in conjunction with external tissue 
stimulation, All external tissue manipulation 
techniques used in Qigong massage should 
be light as a feather and should not exceed 


the pressure one would place on an eyeball. . 


When treating with Surface Tissue Massage, 
the doctor’s focus must be centered on the dis- 
persion of pathogenic Qi and the expansion 
of the patient’s Wei Qi, while softly touching 
the patient's tissues. 

2. Visceral Tissue Massage Therapy utilizes the 
Five Elemental Qi Massage Therapy tech- 
niques in conjunction with deep tissue stimu- 
lation. By matching the patient’s pulse fre- 
quency and respiration with that of the 
doctor's, a stable, energetic resonance is se- 
cured and treatment begins. When treating 
with Visceral Tissue Massage, the doctor's fo- 
cus must be centered deep into the patient's 
internal organs without touching the patient’s 
external tissues. 

After external tissue massage is used to treat 
the patient's tissues, it is important for the doctor 
to maintain focused intention on the patient's 
channels while slowly removing his or her hands. 
If a break in contact with the mind's intention is 
made, the patient's tissues will return to their pre- 
treatment state. Once the doctor has physically 
disconnected from the patient in this manner, Dis- 
tance Qi Emission and Qi manipulation tech- 
niques can be applied. 

It is believed that the treatment of diseases 
should be carried out primarily by Qi emission as 
the main approach, and secondarily through 
Qigong massage. By combining both external and 
internal tissue manipulation skills with energy 
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Figure 37.2. The Human Anatomy (Posterior) 
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Figure 37.3. Energetic Tissue Manipulation Chart 





extension techniques, the Qigong doctor greatly 
improves the quality of treatments. In the clinical 
setting, this type of energetic tissue manipulation 
is utilized before or after energy extension. This 
facilitates the relaxation of the patient’s muscles 
and joints and the opening or closing of their 
points. It also aids in dredging the channels, guid- 
ing the flow of energy, and in regulating Yin and 
Yang energy. 


TISSUE REGULATION THROUGH 
MEDICAL QIGONG MASSAGE 
The external treatment of the patient's tissues 
encompasses a wide variety of body manipula- 
tion and alignment methods to provide a com- 
plete treatment program (Figure 37.3). Used for 
toning the organs, glands, nervous system, and 
joints, Qigong massage is applied to treat soft tis- 
sue injury. The following are the six treatment 
goals of Qigong Massage: 
¢ To relax the tendons, activate the channels, 
promote circulation of Qi and Blood, and re- 
lieve pain, 
* To disperse Blood stagnation, 
* To relieve muscle spasms, 
* To expand the tendon sheaths, 
* To treat fascia in order to move stagnations 
and separate adhesions, and 
* To correct dislocations. 


The following is a list of the five predominant 
external tissue manipulation techniques used by 
Qigong doctors in China today. 


THE FIVE ELEMENTAL Qi MASSAGE 
THERAPY 

Traditionally there are five different tech- 
niques for Medical Qigong massage therapy. 
These five techniques are very important for re- 
establishing the energetic vitality of the patient's 
body. Each of these techniques relates to a spe- 
cific action and organ associated with one of the 
Five Elements. The objective of these techniques 
is to influence the muscles, nerve fibers, and deep- 
lying tissues of the body in order to aid metabo- 
lism and stimulate energy flow (Figure 37.4). The 
applications of these five methods of energy ma- 
nipulation and their affect on the body’s tissues 
are described as follows. 


THE CIRCLE-TWISTING METHOD 

This technique relates to the Spleen, which 
rules and affects the muscles, and is implemented 
as a quick drilling motion into the body’s surface 
tissues, using the fingers, palms, knuckles, or heel 
of the palm. 

When treating a patient's tissue area, a circle- 
twisting movement will stimulate the Qi and 
Blood within the channel points. This will gener- 
ate a numbing and tingling sensation that will 
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Circle-Twisting Method 


Compression Release Method 


Thrusting Method 


Grasping and Shaking Method 


Tapping Method 


Spleen-Earth Element: affects the muscles, stimulates 
and improves Blood circulation. 


Kidneys-Water Element: affects the bones, and 
regulates the Wei and Ying Qi. 


Heart-Fire Element: affects the Blood, pulse, and 
regulates and activates the Qi. 


Liver-Wood Element: affects the tendons, ligaments 
and muscles, promotes, clears, and activates Qi flow, 
and balances the Yin and Yang energy. 


Lungs-Metal Element: affects the Qi and skin. 


Figure 37.4. The Five Elemental Qi Massage Methods 





cause the channel points to induce the energy to 
counterattack the foreign invasion of Turbid Qi 
and disease. The circle-twisting action will also 
stimulate and improve Blood circulation and is 
divided into two modalities of treatment: 

¢ Tostimulate, massage the area in a clockwise, 
spiraling, circular motion from the outside to 
the center of the point. The purpose of this 
action is to gather energy from the surround- 
ing areas of the patient’s body and collect it 
into the center point the doctor is treating. 
To sedate, massage the area in a counterclock- 
wise, spiraling circle from the center of the 
point outward. The purpose of this action is 
to disperse the energy from the area the doc- 
tor is treating. This Excess energy will later 
be either moved into other organs, or dredged 
outside the patient’s body through an adja- 
cent channel (Figure 37.5). 
THE COMPRESSION RELEASE METHOD 

This technique relates to the Kidneys, which 

tule and affect the bones, and is performed by the 
doctor extending his or her intention into the pa- 
tient, softly pressing the body’s surface tissues, us- 
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ing the whole palm, parts of the fingers, or elbows. 
The Compression Release method is commonly 
used to purge or drain the tissues of pathogenic Qi. 

The Compression Release techniques are gen- 
erally used to regulate the Ying and Wei Qi, which 
travel along the channels and collaterals. Deep 
pressure reaches the Ying Qi, while shallow pres- 
sure stimulates the Wei Qi. Once damage has oc- 
curred in the body, the damaged channel points 
and organ regions cause certain changes in the Wei 
Qi, Ying, Qi, and Blood areas of the body, result- 
ing in numbness, aches, pain, swelling, etc. Both 
Circle-Twisting and Compression Release tech- 
niques can eliminate these symptoms and create 
a more stable energy flow. 
The Compression Release Technique 

Once the proper hand posture and area to be 
treated has been selected, the doctor guides Qi into 
his or her palm and fingers using Hot, Cold, vi- 
brating, or spiraling energy. The doctor then ini- 
tiates a rhythmic compression over the patient's 
tissues stimulating the patient's energetic field. 
This action has the function of relieving stagna- 
tion or congestion and can be used to dredge the 
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To sedate, purge, or disperse, move 
the energy in a counterclockwise 
direction. 


To stimulate, tonify, or gather, 
move the energy in a clockwise 
direction. 


Figure 37.5. Circle Twisting Method of Energy Therapy 


channels and energetic points, as well as to relieve 
muscle spasms and physical pain. 

The doctor must apply the correct amount of 
pressure for the patient's physical condition: 

1. Aslow Compression Release method is applied 
to any kind of hyperactive illness, nervous sys- 
tem disorder, mental disorder, or loss of Blood. 

2. Amedium Compression Release method is ap- 
plied to illness for Spleen and Stomach disor- 
ders, 

3. A fast Compression Release method is applied 
to hypoactive or Cold illnesses. 

It is important to note that when applying the 
Compression Release method to tonify a specific 
area, the doctor should energetically press on the 
channel at a forty-five degree angle, slightly above 
where the channel flows into the injured area. This 
augments the flow of energy along the channel. 

To disperse or drain a particular area, the doc- 
tor should apply slight pressure at an angle past 
where the channel flows into the injured area. This 
downward pressure will cause the energy to flow 
away from the injury. This application is used 
when treating Excess conditions. 

THE THRUSTING METHOD 

This technique relates to the Heart, which 
rules and affects the Blood and Blood pulses. It is 
utilized to gently push the tissues, extending the 
Qi and Blood along the patient’s surface channels, 





using the thumb, ball of the thumb, or heel of the 
palm. The thrusting method can draw energy into 
a Deficient area or move Qi out of an Excess area. 
The Thrusting Technique 

Once the proper hand posture and area to be 
treated has been selected, the doctor guides Qi into 
his or her palm and fingers using Hot, Cold, vi- 
brating, or spiraling energy. The doctor then rubs 
lightly or lightly touches above the patient's tis- 
sues while simultaneously emitting Qi. 

The technique should be synchronized with 
the frequency of the patient’s pulse and respira- 
tion. The Thrusting technique has the function of 
regulating and activating the patient's Qi, allevi- 
ating pain, and dredging the channels. 

THE GRASPING AND SHAKING METHOD 

This technique relates to the Liver, which rules 
and affects the tendons. It is administered by 
lightly vibrating the skin (gently at first, then 
slowly increasing the intensity). The Grasping and 
Shaking method sends a wave of vibration 
throughout the patient’s body, and is used to in- 
crease Qi and Blood flow to the tissue area. 

The Grasping and Shaking Technique 

Once the proper hand posture and area to be 
treated has been selected, the doctor guides Qi into 
his or her palm and fingers using Hot, Cold, vi- 
brating, or spiraling energy. 

The doctor then lightly grasps and shakes the 
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energetic field within the patient’s tissues, while 
extending energy. The Grasping and Shaking tech- 
nique is used for directing Qi to flow with or 
against the natural currents in the body’s chan- 
nels. It promotes, clears, and activates the chan- 
nels and flow of Qi, relaxes the muscles and ten- 
dons, and balances the Yin and Yang energy. 


THE TAPPING METHOD 

This technique relates to the Lungs, which rule 
and affect the Qi and skin. This technique is ad- 
ministered by lightly and rhythmically tapping 
the patient's skin (with varying degrees of force), 
using the fingers, palms or fists (Figure 37.6). The 
Tapping method sends a pulsating ripple through- 
out the patient’s tissues and is used to disperse 
stagnation from a point, channel, or organ. 


YIN AND YANG ENERGETIC POINT 
MANIPULATION 

Before treating patients with Five Elemental 
Regulation therapy, the Qigong doctor should be 
aware of the principals of Yin and Yang energetic 
polarity involved within the Energetic Point Ma- 
nipulation. This method of treatment is used to 
regulate the patient’s Wei Qi, Ying Qi, and Qi and 
Blood systems (as a whole), in order to form a 
governed systemic balance. In the Energetic Point 
Manipulation methods, the treating techniques are 
directly based on Yin and Yang theory. 


THE YIN THEORY OF QI MANIPULATION 
This technique is expressed as a passive, quiet, 
or motionless action (more energy and less physi- 
cal movement). The energetically passive Yin 
movements are used to push, fill, or tonify the 
patient’s Righteous Qi, located within the patient's 
tissues. It is used for treating external tissue con- 
ditions and for internal organ conditions. 
¢ If the external tissue area is in an inactive or 
Yin state, apply a Yin technique. Treat a Cold 
area with soft, passive manipulations, while 
extending the mind superficially onto the 
patient’s surface tissues to fill or tonify anti- 
pathogenic factors, and to revitalize the Defi- 
cient area. 
¢ If the internal organ area is either in an active 
or Yang (Hot or hard) state, the doctor must 





Figure 37.6. in the Massage Tapping Method, the 
Qigong doctor will extend his or her intention deep into 
the patient's tissues in order to stimulate the channel 
point. 





apply a Yin, passive, or slow action technique, 
while extending his mind deep into the 
patient's tissues and organs. 


THE YANG THEORY OF Q!1 MANIPULATION 
This technique is expressed as an active tech- 

nique, in motion. The active energy of the Yang 
movements are generally used to pull or purge 
pathogenic factors. It is used for treating external 
tissue conditions and for internal organ condi- 
tions. 

¢ If the external tissue area is in an active or 
Yang state, apply a Yang technique (treating 
an External Hot or hard area with fast dredg- 
ing manipulations) while extending the mind 
superficially onto the patient's surface tissues. 
This is done to pull or purge pathogenic fac- 
tors, or break up the stagnation. 
If the internal organ area is either in an inac- 
tive or Yin (Cold or flaccid) state, the doctor 
must apply a Yang, quick, or active technique, 
while extending his or her mind deep into the 
patient's tissues and organs. 
This combination of movement (Yang) and 
non-movement (Yin) is embodied in both the 
Circle-Twisting and Compression Release Meth- 
ods of the Five Elemental Regulation Techniques. 


APPLICATION FOR YIN AND YANG 
TECHNIQUES 
The following text gives examples of specific 
Yin or Yang hand techniques, and when to apply 
them: 
1. The Qigong doctor uses Yin hand techniques 
for tonifying, filling and pushing Qi and 
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Blood through the patient’s organs, tissues, 
and channels. The Yin hand actions are dem- 
onstrated through slow or inactive hand 
movements. 

2. The Qigong doctor uses Yang hand techniques 
for sedating, purging, and pulling Qi and 
Blood. The Yang hand actions are demon- 
strated through fast or active hand move- 
ments, 


YIN AND YANG TREATING METHODS 

The following text gives examples of specific 
Yin or Yang hand treatment methods, and when 
to apply them: 

1. When a patient's tissues are in an Excess Yang 
state (Hard or Hot), the Qigong doctor sedates 
the area with counterclockwise rotations, 
leading the Excess energy from inside the tis- 
sue area out of the body. 

2. When a patient's tissues are in a Deficient Yin 
state (Flaccid or Cold), the Qigong doctor 
tonifies the area with a clockwise rotation, to 
bring energy into the Deficient tissue area. 


TREATING THE TISSUE AREA OR 
ENERGETIC POINT 

In treating the patient’s surface tissue area or 
specific energetic points, some Qigong schools 
teach that with a male patient, one should begin 
with points on the left side, then on the right side; 
whereas for female patients, one begins working 
on the points on the right side of the body, then 
on the left. 


DEEP AND SHALLOW PRESSURE 

Energy compression (deep or shallow) is con- 
trolled by the doctor’s release. A deep compres- 
sion relates to the Ying Qi, while a shallow com- 
pression pertains to the Wei Qi. This Compres- 
sion Release technique affects the body’s Blood 
and vital energy harmony. It seeks to balance the 
body’s energy by preventing the Qi from flowing 
in the wrong direction. This technique also leads 
the pathogenic Qi outside the patient’s body and 
is commonly called “The Dispersing Evil Qi Tech- 
nique.” 

If stagnant energy remains in the center of a 
channel point, then the doctor must employ a 


Compression Release method. The compression 
causes the channel point to contract, leading it 
toward a calm, stable state. When the doctor re- 
leases the compression on the channel point, it 
expands and becomes stimulated into an active 
state. 

THE GRADUAL ENERGETIC PENETRATION OF 
TISSUES 

When treating a patient with External Tissue 
Regulation, there should always be a gradual pen- 
etration of energy permeating the patient's tissues. 
The Qigong doctor first sinks his or her focused 
intention onto the patient's surface tissues. The 
intention is then slowly sunk deeper, first into the 
patient’s muscles and inner fascia, then into the 
bones or internal viscera. 

At no time should pressure damage the tis- 
sues or compound pain. Treatment or pressure 
time at each area or energetic point should not be 
excessive. To establish the correct amount of pres- 
sure, determine the normal energetic pulsation in 
accordance with the Five Elemental Qi Massage 
methods, then decide if the technique is to be light, 
medium, or heavy. 


ADDITIONAL GUIDELINES 

The following are specific guidelines of 
Qigong massage treatment methods, and when 
to apply them: 

1. Before beginning Qigong massage, the patient 
must be comfortable and relaxed. Otherwise 
the patient’s body will not be receptive to the 
tissue stimulation or Qi emission. 

2. When first touching the patient, the touch 
should be slow, as if the doctor is dipping his 
or her hand to test the water. The movements 
should have an established rhythm. 

3. The doctor should never hold his or her arm, 
or the patient’s arm, rigid or fully extended; 
the elbows should always be bent to some 
degree. 

4. Asymptom or damaged area occurring on 
one area or point at the extremity of a chan- 
nel may be effectively treated by stimulating 
the point at the opposite end of the channel 
(see Magic Square, Chapter 31). 

5. Points which are painful with light pressure 
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are in a state of Yang and need to be purged 
and sedated. 


. Points which are painful to deep pressure are 


in a state of Yin and need stimulation. 


. When an organ is functioning normally, it 


should receive weak, short stimuli that will 
increase the function, action, and energetic 
potential of the organ. 


8. Cool skin over a point or channel indicates a 
Deficiency in that channel and should be 
tonified. 

9. Hot skin indicates Excess Qi accumulation. It 
also indicates a current or pending illness in 
an organ, or area associated with that chan- 
nel, and should be purged immediately. 


SECTION IX 
MEDICAL QIGONG EXERCISES 
AND PRESCRIPTIONS 


CHAPTER 38 


INTRODUCTION TO MEDICAL QIGONG PRESCRIPTIONS 
AND REGULATION EXERCISES 


HISTORY OF MEDICAL QIGONG 
PRESCRIPTIONS 

Many of the earliest known Medical Qigong 
prescriptions were derived from the movements of 
animals. Dating back to the second century B.C., 
the Qigong Classic (Dao Yin Tu) illustrates, in manu- 
scripts written on silk, over 45 Qigong postures with 
descriptions of the movements as well as the names 
of the diseases which they treat. Over half of these 
illustrated postures are animal movements. 

In the ancient Chinese text called the Spring 
and Autumn Annals, it is written, “Flowing water 
never stagnates, and the hinges of an active door 
never rusts. This is due to movement. The same 
principle applies to the body’s Jing and Qi. If the 
body does not move, Jing does not flow. When 
Jing does not flow, Qi stagnates.” The soft flow- 
ing movements in the Medical Qigong prescrip- 
tion exercises enhance and increase the flow of 
the body’s Qi and Blood. 


THE FUNCTION OF MEDICAL QIGONG 
PRESCRIPTIONS 

When a disease develops, certain active points 
of the disease correspond to different organs, 
muscles and limbs of the body, and a pathological 
reflex is formed. Trigger and reflex points which 
are painful to touch are perfect examples of this phe- 
nomenon. The cerebral cortex can be inhibited in 
specific ways by regulating the Mind and entering 
a state of tranquility through Medical Qigong pre- 
scriptions, thus overriding the pathological reflex 
pattern, allowing the body time to heal. 

Although acupuncture and herbs can, in ad- 
dition to relieving pain, move Qi, Blood, and 
Phlegm (the roots of the disease), they fail to ad- 
dress the patient's life-style which is often a ma- 
jor contributing factor. Problems such as stagna- 
tion, Excess or Deficient conditions are often ex- 
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Figure 38,1. Medical Qigong Treatments 


acerbated by a patient’s sedentary life style. A re- 
sponsible doctor of Medical Qigong therapy ad- 
dresses this particular element by prescribing 
physical therapy, exercise, and meditations as part 
of the overall treatment strategy. 

The standing rule for treatment in Medical 
Qigong prescriptions is to: 

* Tonify the Deficient organs and organ systems 
with color visualization, by using the Mind's 
intention to focus on moving Qi into a Defi- 
cient organ, strengthening, thus illuminating its 
tissues; 

Purge the Excess organs and organ systems 
with sound resonation, by using the Mind’s 
intention to focus on moving the Qi out from 
an Excess organ, resonating, and draining its 
tissues; 

Regulate the body’s Yin and Yang organs and 
organ systems with Qigong massage, by using 
the Mind’s intention to balance the energetic 
fields by moving the Qi up and down, right 
and left, and inside and outside of the tissues 
(Figure 38.1). 

The therapeutic effects of Medical Qigong 
meditations and prescriptions are designed to move 
Qi and Blood stagnation, to tonify the internal or- 
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gans and organ systems, and to enhance the auto- 
nomic nervous system. These prescriptions stimu- 
late the patient's body, thereby gradually eliminat- 
ing fatigue, as the normal body functions are re- 
stored. Another important aspect of the Medical 
Qigong meditations and prescriptions is the en- 
hancement of the body’s immune system functions. 


MEDICAL QIGONG AND THE IMMUNE 
SYSTEM 

The many health benefits of Medical Qigong 
include increased white blood cell production, sta- 
bilized blood pressure, and an improved immune 
function. The immune system, unlike the vascu- 
lar circulation system, defies a clear anatomical 
description. It can only be understood through its 
functions and interrelationships with the mind 
and various other parts and systems of the body, 
such as the lymph nodes, Spleen, tonsils, appen- 
dix, Peyer’s patches (in the ilium), thymus gland 
and the bone marrow. 

The lymph nodes contain specialized com- 
partments - some contain B cells (B stands for 
Blood), some T cells (T stands for Thymus), and 
some contain macrophages. The tonsils likewise 
contain B and T cells. The appendix and Peyer’s 
patches are components of the lymphatic drain- 
age system, and serve as locations where the B 
cells mature and where antibodies are produced 
by the B cells. The body’s T cells mature in the 
thymus gland. 

Both B and T cells begin their life in the Liver, 
when the fetus is only nine weeks old. They then 
migrate to the bone marrow where they form pre- 
cursor cells. Afterwards, the T cells migrate to the 
thymus and the B cells remain in the bone marrow. 

The immune system utilizes two major strat- 
egies for protecting the body from an infectious 
disease: The Humoral Immunity and the Cell 
Mediated Immunity. 

¢ In humoral immunity the B cells play the pri- 
mary role, and the T cells as well as other re- 
lated cells play supporting roles. 

¢ Incell mediated immunity the T cells play the 
main role, while B cells and other related cells 
play auxiliary roles. 

Both T cells and B cells are called “Lympho- 
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cytes.” They are two types of white blood cells 
that originate in the body’s bone marrow and 
travel in the blood and lymph circulatory system 
(Figure 38.2}. Both T cells and B cells are concen- 
trated in the lymph nodes, which are found in 
clusters near groups of veins, and are heavily con- 
centrated under the arm pits, in the adenoids, the 
Spleen and in the groin area. 

When 5B cells encounter an antigen or foreign 
substance, they differentiate into plasma cells. 
These plasma cells secrete antibodies that fight 
and neutralize bacteria, or coat the antigen to mark 
it for destruction by other components of the im- 
mune system (such as the T cells). 

T cells specialize in destroying cells infected by 
viruses, in attacking tumors, and in rejecting trans- 
planted organs and tissues. The T cell, after leaving 
the bone marrow, travels to the thymus gland where 
it undergoes further development before returning 
to the lymph and blood circulatory systems. The T 
cells respond to an antigen by differentiating into 
several kinds of T cells, three of which are of pri- 
mary importance: Killer T cells (also called cyto- 
toxic T cells), Helper T cells and Suppressor T cells. 
Killer T cells bind to viral antigens displayed on 
the surface of infected cells and destroy them. 
Helper T cells bind to the antigens on the surface of 
a B cell that has already bound itself to the antigen. 
Each Helper T cell then releases Lymphokines (one 
well know class of lymphokines is interferon), that 
enhance the maturation of the B cells, or signal them 
to differentiate and multiply into plasma cells that 
secrete antibodies. The Suppressor T cells function 
to dampen the immune response and to signal the 
“all clear.” 

A third group of important immune cells are 
the phagocytes. These cells are the body’s natural 
scavengers. They engulf antigens and destroy them. 
Those that specialize in cleaning up the debris are 
called macrophages. The macrophages can also sig- 
nal B or T cells to the presence of foreign material. 

Another important group of cells are called Null 
cells, among which the N.K. or “natural killer” cells 
are found. These cells are able to identify tumors 
and virally infected cells, and kill them without 
having any prior encounter with such an antigen. 
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Figure 38.2. The Body’s Immune System 





A final important group consists of Mast cells. 
They contain powerful chemicals: heparin - an 
anticoagulant, serotonin - a neurotransmitter, and 
histamine - a biochemical released in overabun- 
dant quantities in allergic reactions. 

These white blood cells live in the blood and 
lymph fluid, and are commonly known as the leu- 
kocytes. There are two main varieties of white 
corpuscles: The Polymorphonuclear Leucocyte 
(Polymorphs) and Lymphocyte. 

¢ Polymorphs are found in the bone marrow 
stem cells; they destroy invading bacteria and 
remove dead or damaged tissue. 

¢ Lymphocytes are found in the lymph glands, 

Spleen and thymus gland and circulate in the 
blood along with the polymorphs. They are 
the smallest of the leucocytes, and designated 
the lymphocyte because it is identical with the 
lymphoid cell derived from the lymphatic 
glands. 

Both the white blood cells called polymorphs 
and lymphocytes move into the body’s surround- 
ing tissues as a part of the immune function. The 
purpose of these cells is to work together to de- 
fend the body from invasion of pathogenic fac- 
tors. Their function is to identify, ingest, destroy 


and eliminate disease-causing organisms, as well 
as to remove any and all dead, damaged, or ir- 
regular cells. 

Immune cells are produced in the lymphoid 
tissue and red bone marrow, and are stored in the 
lymphatic organs and blood. In order to perform 
their function of protecting and cleaning, these 
cells must circulate throughout the entire body. 
The capillaries and lymphatic vessels carry the 
lymph fluid through the lymph nodes and the 
lymphatic organs of the thymus gland, spleen, and 
tonsils, where the lymph fluid is filtered, cleansed 
of impurities, and infused with new lymph cells. 

In order for an external pathogen to affect the 
body, it must first pass through the protective lay- 
ers of cells. Generally, the macrophages (special- 
ized white blood cells) present within the tissues 
ingest the pathogens and dead tissues. This ac- 
tion of the macrophages is reinforced by the ac- 
tion and movement of the Wei Qi. When a patho- 
genic intruder invades the body, the macrophages 
are the first to attack the intruder. If the macroph- 
ages are not strong enough, more blood and fluid, 
which contain more immune cells, are brought to 
the area. The increased fluid engorges the tissue, 
and brings more cellular activity. The increased 
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The Body's 
Immune System 






Congenital Immunity Established Through: 


1. Antibodies passed from mother to fetus via the placenta 


Acquired Immunity Established Through: 






1. Antibodies passed to the infant during breast-feeding 


2. Infection (contact with pathogen) 


3. Injection of immune serum (gamma globulin) 


4. Injection of vaccine (dead or attenuated pathogens} 


Figure 38.3. Congenital and Acquired Immunity 





blood and cellular metabolism increases the local 
temperature. The immune cells try to break down 
and ingest the pathogen, creating a process which 
continues until the disease is eliminated. 

Once the battle is won, some of the Killer T 
cells and Helper T cells will remain circulating in 
the blood and lymph circulatory system as 
Memory cells that will be able to deal more effi- 
ciently with any future antigen of the same kind. 
Likewise, some of the mature B cells will also be- 
come Memory cells that hover around lymph 
nodes which they use as a base of operation. 

Because Qigong movements generate heat 
and soften the body’s connective tissues, this en- 
courages the flushing of the intercellular fluid 
throughout the body’s tissues and organs. When 
combined with Breathing, Mental, and Postural 
Qigong exercises, the entire body is affected. These 
energetic Qigong actions increase oxygenation of 
the blood and improve circulation, thereby en- 
hancing lymphocyte production and strengthen- 
ing the body’s immune system. 


CONGENITAL AND ACQUIRED IMMUNITY 
The body has two ways of establishing or 
maintaining its immune functions: Congenital Im- 
munity and Acquired Immunity (Figure 38.3). 
¢ Congenital Immunity (Prenatal) is established 
during gestation, through antibodies that are 


passed from the mother to the fetus via the 
placenta. 

¢ Acquired Immunity (Postnatal) is established 
in the following ways: immediately after birth 
during breast-feeding (through the colostrum- 
mother’s first milk), through contracting an 
infection (contact with external pathogens), 
the injection of an immune serum (gamma 
globulin), and the injection of vaccines (dead 
or attenuated pathogens). 

Due to the importance of establishing a strong 
immune system within the body’s Prenatal Jing, 
Traditional Chinese Medicine strongly endorses 
fetal education, instruction on diet and nutrition, 
maintaining emotional well-being during preg- 
nancy, and Qigong exercises specifically designed 
to enhance the child’s Prenatal Essence, Energy, and 
Spirit. 

OVERVIEW 

One specific goal of Medical Qigong treat- 
ments, exercises and meditations is to activate and 
strengthen the immune function. Qigong therapy 
can be used to not only strengthen the metabo- 
lism of the organs and cells, but also increase cel- 
lular energy, thus making the immune system 
stronger. 

In China, even though the lymphatic function 
itself was unknown and unnamed, its effects were 


CHAPTER 38: INTROOUCTION TO MEDICAL QIGONG PRESCRIPTIONS AND REGULATION EXERCISES 


Medical Qigong 
Self-Regulation Therapy 


1. The patient is taught to increase self-awareness. 


. The patient is taught to cleanse and purify 
his or her energetic field. 


3. The patient is taught to strengthen and recharge 
his or her body. 


4, The patient is taught to circulate the Qi inter- 
nally and externally throughout the body’s 
entire energetic structure. 


5. The patient is taught to dissipate any Excess 
Qi from the body. 


Figure 38.4. The Five Stages of Healing Transitions That Occur Through Self-Regulation Therapy 





generally ascribed to the proper action of the Qi 
and Body Fluids. Therefore, elaborate methods for 
generating and circulating lymph were devel- 
oped, and faithfully practiced through Qigong. 
Breath, movement and postural modification as 
well as meditations have specific effects on the 
circulation of the lymph and therefore enhance the 
overall function of the lymphatic system. 


THE FIVE STAGES OF HEALING 

When practicing Medical Qigong exercises 
and meditations, there are five basic stages of heal- 
ing transitions which occur through self-regula- 
tion therapy (Figure 38.4). 

1. The patient is taught to increase his or her 
awareness of the body (physically, mentally, 
and emotionally) and its current condition. 

2. The patient is taught to cleanse and purify the 
body’s energetic fields to rid it of Qi stagna- 
tions and toxic pathogenic factors. 

3. The patient is taught to strengthen and re- 
charge his or her body to replenish the Qi. 

4, The patient is taught to circulate the Qi inter- 
nally and externally throughout the body’s 
entire energetic structure, thus moving any 
stagnant Qi and strengthening the body. 


5, The patient is taught to dissipate any Excess 
Qi from the body by way of self-massage 
(lightly brushing the skin to release stagnant 
Qi). 

THE THREE CATEGORIES OF MEDICAL 
QIGONG PRESCRIPTIONS 

The Medical Qigong prescriptions are divided 
into the same three categories (or goals) used in 
Medical Qigong therapy: tonification, purgation 
and regulation. These three goals are achieved 
through both Dynamic and Quiescent Qigong ex- 
ercises, meditations, prayers, and mantras. These 
prescriptions enable the patient to reinforce the 
treatments performed by the Qigong doctor, and 
prevent the patient’s energy from reverting back 
to old destructive patterns. 

The Qigong doctor selects the proper Qigong 
prescription to fit the patient's illness (to Tonify, 
Purge, or to Regulate) and formulates a rational 
program that suits the patient's case. The patient 
should never be allowed to practice at random, 
otherwise pathological changes or Qi deviations 
may occur. 

The following are but a few examples of 
Qigong prescriptions, which are interchangeable, 
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as there are certain variations of purging exercises 
that can be modified and used for tonification and 
visa versa. 


QIGONG PURGING EXERCISES 
Qigong Purging exercises are practiced by the 
patient to detoxify pathogenic Qi. Some examples 
are already presented in this textbook are: 
¢ Channel Purging exercise (Chapter 15) 
¢ Cleansing the Body meditation (Chapter 12) 
¢ Dry Crying meditation (Chapter 53) 
¢ Energy Melting meditation (Chapter 18) 
¢ Internal Organ Sound Therapy exercises 
(Chapter 4 and Chapter 40) 
* Old Man and Tide Pool meditation (Chapter 
40) 
* Pulling Out The Pain meditation (Chapter 28) 
* Releasing Emotional Blockages and Energetic 
Armoring meditation (Chapter 18) 
¢ Sun and Moon meditation (Chapter 18) 
¢ Tumor and Cancer Tone Resonating exercises 
(see Chapter 40) 


QIGONG TONIFICATION EXERCISES 
Qigong Tonification exercises are practiced by 
the patient to strengthen and stabilize the inter- 
nal organs and organ systems. Some examples are 
already presented in this textbook are: 
¢ Channel Point meditations (Chapter 36) 
¢ Color Visualization meditations (Chapter 4) 
¢ Cultivating Yuan Qi meditation (Chapter 50) 
* Daoist Five Yin and Yang Organ exercises 
(Chapter 42) 
¢ External Qi Cultivation meditations (Chapter 
41) 
* Gaining Wisdom meditation (Chapter 49) 
* Gathering Energy from the Five Planets 
meditations (Chapter 11) 
* Gathering Moon Cream meditation (Chapter 
11) 
* Gathering Sun’s Essence meditation (Chap- 
ter 11) 
¢ Gathering Qi from Mountains, Valleys, and 
Deserts (Chapter 12) 
¢ Gathering Qi from The Four Directions (Chap- 
ter 12) 
¢ Gathering Qi from Trees, Bushes, and Flow- 
ers (Chapter 12) 


¢ Improving the Intellectual Facilities medita- 
tion (Chapter 49) 
* Internal Qi Cultivation meditations (Chapter 
41) 
* Nei Guan - Inner Viewing Meditation (Chap- 
ter 25) 
* One Through Ten meditation (Chapter 26) 
¢ Opening and Closing the Three Dantians exer- 
cise (Chapter 41) 
* Organ Massage exercises (Chapter 39) 
¢ Qigong Walking exercises (Chapter 15) 
* Seeing Auras meditation (Chapter 25) 
* Soul Retrieval meditations (Chapter 19) 
¢ Tian Wu Zang meditation (Chapter 11) 
QIGONG REGULATION EXERCISES 
Qigong Regulation exercises are practiced by 
the patient to balance their Yin and Yang, as well as 
their internal organ energy. Regulation exercises 
usually follow Tonification or Purgation exercises, 
because the goal is to reestablish balance. Some ex- 
amples already presented in this textbook are: 
¢ Exchange of Fire and Water meditation (Chap- 
ter 18) 
¢ Gathering Qi in the Upper and Lower 
Dantians (Chapter 41) 
* Microcosmic Orbit meditations Chapter 41) 
* Opening and Closing the Three Burners 
(Chapter 41) 
¢ Opening and Closing the Three Dantians exer- 
cise (Chapter 15) 
* Pulling Down the Heavens (Chapter 41) 
* Qigong Self-Healing massage (Chapter 41) 
¢ Taiji Ruler exercises (Chapter 18) 
¢ Wu Zang meditation (Chapter 28) 


CHOOSING PRESCRIPTIONS 
ACCORDING TO THE PATIENT’S Q1 
CIRCULATION 

When prescribing Medical Qigong prescrip- 
tions, the priority is to get the patient to move and 
circulate the Qi and Blood superficially and deeply 
within the body. According to Chinese physician, 
Professor Yan De-xin, the motion and quality of 
Blood flow in young and middle-aged patients is 
different from that in the elderly, which should 
be kept in mind when prescribing exercises. 
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* When prescribing Medical Qigong therapy for 
young patients, use mostly Dynamic and 
some Quiescent Qigong regulations. 

¢ When prescribing Medical Qigong exercises 

for both adolescent and middle aged patients, 

it is important to increase Yin Qi cultivation 
while maintaining and storing the patient's 

Yang Qi. 

When prescribing Medical Qigong for senior 

citizens, focus is placed on Quiescent Qigong, 

with a minor emphasis on Dynamic breath- 
ing exercises, depending on their age and con- 
stitution. 

When prescribing Medical Qigong therapy for 

patients with very weak health or constitu- 

tion, the doctor should prescribe mostly Qui- 
escent Qigong regulations to start with. 

When prescribing Medical Qigong therapy for 

senior citizens with a strong constitution and 

health, the doctor can prescribe Qigong regu- 
lations that increase Yin Qi cultivation while 
maintaining and storing the patient's Yang Qi. 


MEDICAL QIGONG PRESCRIPTIONS FOR 
GENERAL SYNDROMES 

The following are some examples of the 
proper application of Dynamic and Quiescent 
Qigong prescriptions as presented by Dr. He Si 
Hai of the Zhe Jiang Qigong Hospital in China: 

1. For Excess and Heat Syndromes it is recom- 
mended to prescribe static (quiescent) Medi- 
cal Qigong exercises. After the gradual decline 
of the patient’s fever or disease, the Qigong 
exercises are gradually increased in numbers 
and duration, and the purging training 
method is added (provided they have not ex- 
cessively consumed their constitution). 

2. For Deficiency and Cold Syndromes it is rec- 
ommended to prescribe Dynamic Medical 
Qigong exercises. Gradually increase the ex- 
ercises to include methods of lifting the limbs. 
If however, the pathological state is more se- 
rious, then static exercises are prescribed first. 

3. For Cerebral Hemorrhage, have the patient 
practice static exercises such as the Hiberna- 
tion Breathing exercise (quiescent lying pos- 
ture, see Chapter 15) while combining it with 


the Yongquan (Kd-1} purging exercise (once 
the patient has regained consciousness). Dy- 
namic Medical Qigong exercises that use 
methods of passing, circulating, or distribut- 
ing Qi through the head are forbidden. 

4. For Cerebral Embolism combine the training 
methods to include exercises that accelerate 
Blood flow and strengthen the function of the 
limbs as well as quiescent tonifying methods. 

5. For Malignant Tumors (in a state of non-dif- 
fusional transference, in situ), combine an ef- 
fective Dynamic exercise with a Quiescent 
exercise. Some examples of non-aggressive 
tumors / cancers are considered energetically 
warm and in a non-aggressive state of transi- 
tion are: 

Prostate cancer 

Cervical dysplasia 

Endometrial adenocarcinoma (uterine) 

Basal cell skin cancer 

Squamous cell skin cancer 

6. For Malignant Tumors (ina state of diffusion, 
ie., metastatic) prescribe Quiescent Medical 
Qigong exercises which are similar to the Hi- 
bernation Breathing exercise, in combination 
with strengthening exercises for patients with 
chronic diseases. Dynamic Medical Qigong 
exercises which accelerate the Blood flow are 
forbidden. Some examples of tumors that are 
considered energetically Hot and in an aggres- 
sive state of transition are: 

¢ Pancreatic cancer 

e Leukemia 

© Cervical cancer 

¢ Clear cell carcinoma (uterine) 
¢ Melanoma (skin cancer) 


#*ee¢ *# 


NUMBER OF BREATHS REQUIRED IN 
MEDICAL QIGONG PRESCRIPTIONS 

Each Medical Qigong treatment will gener- 
ally last up to three days. The Medical Qigong pre- 
scriptions that the doctors gives their patients will 
extend the treatment’ s effects indefinitely, provid- 
ing the patients do all their homework. 

The number of breaths required to Regulate 
the patient’s Yin and Yang energy in a Medical 
Qigong prescription is often calculated in respi- 
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ratory cycles, and on the basis of the number of 
the Yin and Yang aspects of diseases. This is often 
determined by the Yin and Yang energy numbers. 
Yang energy is represented by all the odd num- 
bers (1, 3, 5, 7, 9, etc.). Yin energy is represented 
by all the even numbers (2, 4, 6, 8, etc.). These 
numbers are related to the Five Elements (Figure 
38.5). For example: 6 is the number of the Kid- 
neys, 7 the Heart, 8 the Liver, 9 the Lungs, and 10 
the Spleen (Figure 38.6). The cycles of Yin and 
Yang numbers can be implemented through the 
utilization of the Magic Square (see Chapter 31). 
The Yang number is used to calculate the res- 
piratory cycles for Tonification and Purgation of 
the Yang channels; likewise, the Yin number is 
used for the Yin channels. This calculation should 
only be used as a general reference guide in treat- 
ment. Clinically, respiratory cycles should be de- 
termined based on the location and nature of the 
disease (if it is Yin or Yang, Exterior or Interior, 
Deficient or Excessive). The primary goal for us- 


General Moderate | Strong 
Treatment | Treatment | Treatment 





Figure 38.5. Number of Yin and Yang Respirations 


ing respiratory calculations is to ensure that suffi- 
cient Qi is administered when applying Medical 
Qigong treatments and therapeutic prescriptions. 
A disease due to a Deficiency of Yin, for example, 
should be treated with a tonification method for 
18 or 64 respiratory cycles. To treat a Deficiency 
of Yang, a tonification method is used by the pa- 
tient for 24 to 36 breaths. 


Number of 


Respirations 
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Figure 38.6. Yin and Yang Five Element Respiration 
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CHAPTER 39 


SPECIFIC ORGAN SELF-MASSAGE PRESCRIPTIONS 


INTRODUCTION 

The next few chapters of this book include some 
of China’s most popular clinical therapies. It is the 
author’s sincere desire to educate the reader as to 
the diversity, yet effectiveness of these prescriptions. 
It is important to remember that it is not necessar- 
ily the exercise or prescription’s history that mat- 
ters, what does matter is the initial goal of the pre- 
scription (whether to purge, tonify, or regulate) and 
the correct posture, breath, and mental focus. 

This section begins with energy massage tech- 
niques, which are prescriptions that require the pa- 
tient to regenerate his or her own body energy for 
self-healing, cultivation, and circulation. These ex- 
ercises are designed to purge, tonify and regulate 
the Five Yin Organ System. They are not arranged 
in any particular order, and can be singled out by 
the doctor and given to patients for specific ailments. 
Each massage prescription is named after the or- 
gan it stimulates. For clinical therapy, perform these 
exercises three to five times a day. 


HEART MASSAGE 

The doctor can chose to give the patient ei- 
ther the One Through Four meditation (1-fun, 2- 
shoe, 3-tree, 4-core; from Chapter 26), or the Stack- 
ing the Bones meditation (described below) to pre- 
pare for the following meditations. 

1, Begin in a Wuji posture to perform the Stack- 
ing of the Bones meditation. Imagine the en- 
ergy in your body sinking and melting into 
the ground; the bones vertically stack, one by 
one, on top of each other. Each of the body’s 
articulations stacks on top of the next section 
of bone, from the bottom of the feet, ankles, 
knees, etc., to the top of the head. 

The spine is kept straight but relaxed, the 
anal sphincter is closed, the tongue is touch- 
ing the top of the upper palate, the Mingmen 





Figure 39.1. The patient uses the mind’s intent to 
regulate the Qi of the Heart. 





is slightly pressing towards the back, and the 
body is completely relaxed. 

2. Perform the Heart Regulation. When prescrib- 
ing these exercises for male patients, have them 
place the left hand over the Heart with the right 
hand on top of the left hand (for women, the 
hand positions are opposite, and the beginning 
placement of the hands is below the left breast). 
Massage in twelve circular rotations clockwise 
to the left, then twelve rotations counterclock- 
wise. The hand can either lightly touch the skin 
(using Qi massage), or be slightly off the skin, 
up to several inches away from the patient's 
body (using Qi Distance therapy), depending 
on the degree of energetic sensitivity and pro- 
jection skill (Figure 39.1). Focus the mind’s in- 
tention on the Heart organ, allowing the energy 
within the Heart area to flow and circulate with 
the movement of the hands. 
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Figure 39.2. Pulling Down the Heavens allows the 
patient to sink the Qi, returning the excess energy back 
into the Lower Dantian. 
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The purpose of the rotating action of the 
Heart's Qi is for promoting Blood circulation 
and dispersing Blood Stasis, while dredging 
the channels and collaterals. 


. Perform the Point Respiration. This technique 


focuses breathing and imagination into the 
channel points for the specific treatment area. 
For this particular exercise, the patient should 
leave the hands over the Heart, while concen- 
trating the focused intention and breath deep 
into the tissue of the organ. The patient should 
then exhale while lightly squeezing and press- 
ing the area of the Heart, and imagining divine 
healing light radiating outward from the tis- 
sues, While inhaling, the patient should lift the 
hands away from the body and imagine divine 
healing light flowing into the Heart organ area. 
This action is similar to that of a bellows. This 
exercise should be performed twelve times, 
then lead the Qi down into the Lower Dantian. 


. Perform the Pulling Down the Heavens 


method. Inhale, pause, then exhale while slowly 
bringing the arms down the center line of the 





Figure 39.3. Exhaling and Opening the Lower Dantian 
allows the body to expel the Evil Qi from the internal 
organs. Expand the abdomen. 





torso, while quietly drawing the energy back 
down into the Lower Dantian, When lowering 
the arms, imagine the energy of the Heart like 
water, melting and flowing down the torso. 

Pause for a breath at the Lower Dantian, root- 
ing the energy. Then slowly raise the hands 
above the head, while inhaling. Exhale slowly 
and imagine the energy in the arms and head 
melting down the body, beginning at the top of 
the head and tips of the fingers, flowing down 
and into the Lower Dantian. 

This action is important, because if the Qi is 
not brought back into the Lower Dantian after 
each exercise, the energy will be easily dis- 
persed (Figure 39,2). 


. Perform the Opening and Closing of the Lower 


Dantian. Finally exhale and imagine the Evil 
Qi being expelled through the mouth. As you 
exhale, separate both of the hands away from 
the abdomen (as you contract the abdomen). 
This is called the Opening (Figure 39.3). 

After completing the Opening of the Lower 
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Figure 39.4. Inhaling and Closing the Lower Dantian Figure 39.5. The patient will focus their mind’s intent on 
allows the body to seal itself from outside pathogenic the Liver area while massaging, allowing their energy 
factors. Contract the abdomen. to circulate into the organ’s tissues. 


2. Perform the Liver Regulation. Place the left 


Dantian, inhale through the nose while bring- 
ing both hands back to face the Lower Dantian 
(as you expand the abdomen). This action is 
called the Closing. When Closing, imagine seal- 
ing the body in a protective energetic field, so 
that the pathogenic factors cannot get inside 
(Figure 39.4). Perform the Opening and Clos- 


hand on the Liver with the right hand on top 
(opposite for women). Massage in twelve cir- 
cular rotations to the left in a clockwise direc- 
tion, then twelve rotations in the opposite di- 
rection. When massaging, focus the mind on 
the Liver. Inhale and imagine divine healing 
light coming down from the Heavens and fill- 


ing the Liver. Exhale and purge the Liver of 
Turbid Qi through the mouth. 

The purpose of this exercise is to smooth 
and regulate the activities of the vital energy 
flowing inside the Liver, encouraging the hy- 


ing method three times. 

Note: The techniques 1 through 5 are one com- 
plete set. Perform a total of three sets. Three sets 
are necessary because the body will naturally 
progress through three stages. The first time the é : ; 
body is introduced to a new pattern it will shock peractive and Rebellious Liver Qi to flow 
the system. The second time the body begins to downward (Figure 39.5), 
understand the pattern. The third and final time 3. Perform Point Respiration with both hands 
the body recognizes and accepts the changes the still over the Liver, for twelve breaths, as de- 
patient is attempting to reprogram. scribed in the Heart Massage (3). 

4. Perform Pulling Down the Heavens by lead- 
LIVER MASSAGE ing Qi down into the Lower Dantian, as de- 
1. Begin from a Wuji posture and perform either scribed in the Heart Massage (4). 
the One Through Four or Stacking the Bones 5. End with Opening and Closing method as 
method as described in Heart Massage (1). described in the Heart Massage (5). 
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Figure 39.6. The patient focuses the mind’s intent on 
the Lung area while massaging, allowing the energy to 
circulate into the organ’s tissues. 


Note: The techniques 1 through 5 form one 
complete set. Perform two more sets for a total of 
‘three to complete the prescription. 


LUNG MASSAGE 

1. Begin from a Wuji Posture and perform either 
the One Through Four or Stacking the Bones 
method as described in the Heart Massage (1). 
2. Perform the Lung Regulation. Place both palms 
on the Lungs (specifically on an injured or dis- 
eased region, if known). Massage in twelve cir- 
cular rotations from the bottom, up the center 
to the top and then to the outside of the chest. 
Then massage twelve rotations in the opposite 
direction, from the top, down the center and to 
the outside. When massaging, concentrate on 
the Lung region. Inhale and imagine divine 
healing light coming down from the Heavens 
and filling the Lungs. Exhale and purge the 

Lungs of Turbid Qi. 
The purpose of this exercise is to bring Blood 
and Qi into the Lung area, clean and purify the 
inhaled breath and support the Lungs’ Qi flow- 
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ing downward (Figure 39.6). TB patients with 
pulmonary holes should concentrate on abun- 
dantly filling and expanding the vital energy 
in the Lungs while visualizing the Qi activat- 
ing the body’s cells to close the holes. If the pa- 
tient is unable to visualize this, or the reaction 
is too uncomfortable, have the patient mentally 
puil the Qi downward. 

3. Perform the Point Respiration with both hands 
still over the Lungs, for twelve breaths, as de- 
scribed in the Heart Massage (3). 

4, Perform Pulling Down the Heavens method, 
leading the Qi back down into the Lower Dan- 
tian as described in the Heart Massage (4). 

5. End with Opening and Closing method as de- 
scribed in the Heart Massage (5). 

Note: The techniques 1 through 5 are one com- 
plete set. Perform two more sets for a total of three 
to complete the prescription. 


SPLEEN & STOMACH MASSAGE 


SPLEEN MASSAGE 

1. Begin from a Wuji Posture and perform either 
the One Through Four or Stacking the Bones 
method as described in the Heart Massage (1). 

2. Perform the Spleen Regulation. Place the left 
hand on the Spleen with the right hand on top 
(opposite for women). Massage in twelve cir- 
cular rotations to the left in a clockwise direc- 
tion, then twelve rotations in the opposite di- 
rection. When massaging, concentrate the mind 
on the energy within the Spleen area, imagin- 
ing the Spleen Qi movement flowing with the 
movements of the hands (Figure 39.7). Inhale 
and imagine divine healing light coming down 
from the Heavens and filling the Spleen. Ex- 
hale and imagine the Spleen absorbing the di- 
vine Qi. 

The purpose of this exercise is to s en 
and increase the Spleen’s function of transport- 
ing and converting Qi. This is an excellent mas- 
sage for patients with splenomegaly (enlarge- 
ment of the spleen) and dyspepsia (painful di- 
gestion). 

3. Perform the Point Respiration with both 
hands still over the Spleen, for twelve breaths, 
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Figure 39.7. The patient focuses the mind's intent on 
the Spleen area while massaging, allowing the energy 
to circulate into the organ’s tissues. 





as described in the Heart Massage (3). Then 
move both hands to the Stomach area. 


STOMACH MASSAGE 

4. Perform the Stomach Regulation. Place the left 
hand on the Zhongwan CV-12 point at the 
middle of the Stomach with the right hand 
on top (opposite for women). Massage in 
twelve circular rotations to the left in a clock- 
wise direction, then twelve rotations in the 
opposite direction. When massaging, concen- 
trate on warming the Stomach area (Figure 
39.8). Inhale and imagine divine healing light 
coming down from the Heavens and filling 
the Stomach. Exhale and purge the Stomach 
of Turbid Qi. 

This is an excellent massage for patients 
with thoracic depression, abdominal disten- 
tion, gastritis, and gastric ulcers. 

5. Perform the Point Respiration with both 
hands still over the Stomach, for twelve 
breaths, as described in the Heart Massage (3). 

6. Perform the Pulling Down the Heavens method 
to draw the Qi down into the Lower Dantian, 





Figure 39.8. The patient will focus their mind's intent on 
the Stomach area while massaging, allowing their 
energy to circulate into the organ’s tissues. 





as described in the Heart Massage (4). 
7. End with the Opening and Closing method 
as described in the Heart Massage (5). 
Note: The techniques 1 through 7 are one com- 
plete set. Perform two more sets for a total of three 
to complete the prescription. 


KIDNEY MASSAGE 

This exercise is excellent for tonifying the Kid- 
neys, as well as healing impotence, premature 
ejaculation, lumbago, lower back problems, and 
pelvic inflammatory disease (for PID use reverse 
breathing with static Qigong training). 

This is an extremely important exercise for 
patients and for Qigong doctors to practice; it en- 
ables them to increase their Qi projection when 
treating patients. 

1. Begin from a Wuji Posture and perform ei- 
ther the One Through Four or Stacking the 
Bones method as described in the Heart Mas- 
sage (1). 

2. Perform the Kidney Regulation. Close the 
eyes and place both hands on the back (waist 
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Figure 39.9. The patient will focus the mind's intent on 
the Kidney area while massaging, allowing the energy 
to circulate into and warm the organ’s tissues. 





level), middle fingers touching the Shen Shu 

BI-23 points. Focus on the Kidneys. Begin 

massaging twenty-four times inward, then 

twenty-four times outward, until the area be- 

comes warm (Figure 39.9). 

3. Perform the Point Respiration with both 
hands still over the Shen Shu B1-23 points for 
thirty-six breaths. Exhale as you press the 
palms into the Kidneys, inhale as you raise 
the palms from the back. While inhaling, 
imagine divine healing light coming down 
from the Heavens and filling the Kidneys 
completely. While exhaling, imagine the Kid- 
neys absorbing the divine Qi. 

4. Perform the Pulling Down the Heavens 
method, drawing Qi into the Lower Dantian 
as described in the Heart Massage (4). 

5. Perform the Opening and Closing method as 
described in the Heart Massage (5). 

Note: The techniques 1 through 5 are one com- 
plete set. Perform two more sets for a total of three 
to complete the prescription, then proceed to the 
Closure. 


S34 


( 





Figure 39.10. The patient will focus the mind's intent on 
the bottom of the foot while massaging, allowing the 
energy to flow through the Kidney Channel into the 
Lower Dantian. 


6. Perform the Closure. After completing three 


sets of the Kidney exercise, place the right 
hand on the navel and the left hand on the 
Mingmen. Focus on gathering Heat and Qi in 
the Lower Dantian. Next, place the right foot 
on the left knee (opposite for women). With 
the right hand still on the Lower Dantian, 
place the left hand at the bottom of the right 
foot and gently massage the Yongquan Kd-1 
point. Massage this area 100 times in a clock- 
wise direction, then 100 times counterclock- 
wise. When massaging the Kd-1 point, work 
slowly, focusing the mind’s intention through 
the center of the palm into the center of the 
foot, imagining the Qi flowing up the leg into 
the Lower Dantian (Figure 39.10). 

Note: Some Medical Qigong Clinics in 
China perform this same exercise while slap- 
ping the bottom of the feet (instead of using 
circular massage). They begin this treatment 
with 100 strikes on each foot for the first day, 
increasing an additional 100 strikes each con- 
secutive day (not exceeding 300 strikes) until 
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the desired result is achieved. 

7. Perform the Point Respiration for twelve 
breaths, with the right hand still on the Lower 
Dantian and the left hand still on the bottom 
of the right foot, as described in the Heart 
Massage (3). 

8. Switch feet, placing the left hand on the Lower 
Dantian while the right hand gently massages 
the Kd-1 at the bottom of the left foot, 100 
times clockwise then 100 times counterclock- 
wise. 

9. Perform the Point Respiration for twelve 
breaths, with the left hand still on the Lower 
Dantian and the right hand still on the bot- 
tom of the left foot. 

10. End with the Opening and Closing method 

as described in the Heart Massage (5). 

Note: Do not use this ending method (5 and 
10) for patients who suffer from insomnia, as it 
will have an awakening effect as it invigorates the 
vital energy. When performed at bedtime it can 
be used for treating insomnia by following the 
simple prescription below. 

TREATMENT FOR INSOMNIA 

This is a very famous prescription for insom- 
nia. I have used it in my clinical practise for many 
years and have found it to be extremely effective. 
If the insomnia is due to a Deficiency of Kidneys’ 
Yin, or the patient is restless during the night due 
to the Liver’s Heat rising and causing the patient’s 
mind to wander, this prescription will help. After 
clinically treating patients for insomnia, the 
Qigong doctor can prescribe the following exer- 
cise to be performed by the patient. 

This exercise is to be practiced just before the 
patient is going to sleep. Begin by sitting at the 
edge of the bed, repeating the previous Kidney 
exercises 2, 3, and 6. 

1, Perform the Kidney Regulation. Close the 
eyes and place both hands on the back (waist 
level), middle fingers touching the Shen Shu 
BI-23 points. Focus on the Kidneys. Begin 


massaging twenty-four times inward, then 
twenty-four times outward, until the area be- 
comes warm (Figure 39.9). 

2 Perform the Point Respiration with both 
hands still over the Shen Shu B1-23 points for 
thirty-six breaths. Exhale as you press the 
palms into the Kidneys, inhale as you raise 
the palms from the back. While inhaling, 
imagine divine healing light coming down 
from the Heavens and filling the Kidneys 
completely. While exhaling, imagine the Kid- 
neys absorbing the divine Qi. 

3. Perform the Closure. After completing three 
sets of the Kidney exercise, place the right 
hand on the navel and the left hand on the 
Mingmen. Focus on gathering Heat and Qi in 
the Lower Dantian. Next, place the right foot 
on the left knee (opposite for women). With 
the right hand still on the Lower Dantian, 
place the left hand at the bottom of the right 
foot and gently massage the Yongquan Kd-1 
point. Massage this area 100 times in a clock- 
wise direction, then 100 times counterclock- 
wise. When massaging the Kd-1 point, work 
slowly, focusing the mind’s intention from the 
Lower Dantian through the leg into the cen- 
ter of the foot, imagining the Qi flowing down 
the leg into the bottom of the foot (Figure 
39.10). As the mind begins to relax, close the 
eyes and fall sleep. If you become fatigued, 
do not complete the exercise. 

An explanation for the reason for this exer- 
cises success is as follows: 

1. The Kidney exercise 1 and 2 will root the 
body’s Blood, Heat, and Heart Qi back into 
the Kidneys and Lower Dantian, where they 
will become stabilized. 

2. The Kidney exercise 3 will draw the body's 
Heat, Blood, and the Heart Qi away from the 
torso and Lower Dantian into the extremities 
of the feet, quieting the mind and causing 
sleep. 
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CHAPTER 40 


HEALING SOUND THERAPY AND PRESCRIPTIONS 


INTRODUCTION AND HISTORY 

As early as the Qin Dynasty (221-207 BC) heal- 
ing sounds have been recorded in China. For thou- 
sands of years, Qigong masters have studied oc- 
currences in nature and in the physical body to de- 
velop a holistic approach to health and longevity. 
One of the many discoveries made is that all hu- 
mans produce similar sound patterns in certain situ- 
ations. For instance, after a tense situation many 
people utter a sigh of relief. This sigh is the body’s 
way of releasing emotional stress. Specific situations 
will release different emotional sounds, because 
emotions are stored as tone resonances in the dif- 
ferent chambers of the Five Yin Organs. 

During the Sui Dynasty (590-618 AD), ancient 
Qigong Master Zhi Zhuan pointed out that there 
are six ways of expelling toxic energy from the in- 
ternal organs, using the six different sounds for- 
mula. The silently spoken six sounds are coordi- 
nated with the breathing and the movements of the 
body’s extremities to purge and cleanse the organ 
cavities and particular channels of stagnant Qi. 
These exercises are excellent for treating muscular 
injuries and for the Yin and Yang organs. The im- 
pure Qi produced by external pathogenic factors 
(from food, air, and drink) and internal pathogenic 
factors (toxic emotions and negative mental atti- 
tudes) will be expelled directly from each organ. 

The healing sound techniques can either be 
used by the patient as a form of static Medical 
Qigong prescription (for purgation), or projected 
into the patient by the doctor as a clinical form of 
energetic stimulation (for tonification or purga- 
tion). The six words are: Xu (Shu), Ke (Haa), Hu 
(Who), Si (Sss), Chui (Chree), and Xi (Shee). These 
sounds are also used in chanting (in spiritual 
Qigong). Ancient documents state that these six 
sounds denote the Five Yin Organs as well as the 
five seasons. 


It is important to note that there are several 
healing sound systems used by different Medical 
Qigong schools and other cultures. These sound 
systems all affect the body’s sympathetic and 
parasympathetic nerves to some degree. The 
main emphasis, when performing any healing 
sound, should be placed on the connection of the 
mind, breath, and imagination to the area or in- 
ternal organ focused on by the patient. This will 
reduce the potential for causing Qi deviations. The 
patient must have an internal image and actually 
hear and feel the resonating sound inside the body. 
It is also important that the patient feel enveloped 
in the sound, vibration, energy, and light of the 
therapeutic tone. 


SOUND VOLUME RESONATION 

The pronunciations of the sounds must be 
correct. The resonant effects of the sounds must 
be brought into full play to be successfully trans- 
mitted to the diseased areas of the internal organs. 
Therefore, it is extremely important that the pa- 
tient focus the mind and intention on the area 
being treated. There are three volume resonations 
commonly used in Medical Qigong sound 
therapy: soft, moderate, and loud. 

1. Soft volume is spiritual in its energetic nature 
and is related to the projection of Shen. A soft 
volume is generally used when beginning 
sound therapy treatments. With soft volume 
pronunciation, the patient can easily feel 
where the sound waves reach and acquire 
resonant effect, but the amplitude of the 
sound wave is not wide enough to produce 
the desired healing effects, and its vibrational 
force is very weak. 

2. Amoderate volume of sound is emotional and 
mental in its energetic nature and is related 
to the projection of Qi. A moderate volume is 
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considered the standard for all healing sound 

treatments. Moderate volume is decided by 

the individual's own voice. It should be lim- 

ited to the range in which the patient's voice 

does not strain and in which the voice can be 
raised or lowered effortlessly. 

3. Loud Volume is related to the projection of 
Jing. A loud volume is used to shock the pa- 
tient into feeling the diseased tissue area. This 
is due to the fact that loud volume is more 
tangible (or physical) in its energetic nature. 
With loud volume pronunciation, the patient 
can easily feel the body’s internal organs and 
tissues vibrate; however, this sound is only 
used to reintroduce a desensitized patient to 
his or her body. The problem with prolonged 
use of loud volume is that the increased vol- 
ume is liable to create tension and cause Qi 
deviations. 

The volume of sound uttered also depends 
on the patient's current state of health. People who 
are physically weak can usually practice the breath 
regulating and Qi reinforcing exercises, but should 
not practice the sound pronouncing method until 
they feel appropriately energetic. 

To practice the word pronouncing method, the 
patient should start from the soft volume and in- 
crease it gradually. Diseases of different parts of 
the body require different volumes. For example: 

* Patients with Heart or Lung trouble can com- 
fortably take the soft to moderate volume pro- 
nunciation; 

* Patients with Liver, Spleen, Stomach, Kidney 
and intestinal diseases can take the moderate 
to louder volume pronunciation. 


HIGH-, MIDDLE-, AND LOW-PITCHED 
SOUND 

The healing sounds have high, middle, and 
low pitches with different penetrating potentials. 
When correctly vocalized, they cause resonant 
vibrations in the body, producing certain states of 
consciousness that have both a psychological and 
a physiological effect on the nervous system. 

As the tones change from a high to low pitch, 
they regulate the depth of the tone penetration. 
Similar to a dimmer switch on a light bulb, the 
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tone adjusts the depth of the vibration resonance 
in the body. 

The three pitch sounds also affect the energy 
movement of the body’s Triple Burners, as well as 
the internal organs positioned within the thorax. 

1. The high-pitched sound is pronounced in a 
straight tone with the head slightly drooped. 
The high pitch focuses the energy resonation 
into the specific organs of the patient’s Upper 
Burner from the sternum to the manubrium. 
After completing the sound resonation exercise, 
return back to the Wuji position and relax; regu- 
late the body using natural breathing. 

2. The middle-pitched sound is pronounced in 
either a rising or descending tone, depend- 
ing on the patient’s specific conditions. The 
rising tone will cause the patient’s Qi to as- 
cend, while the descending tone will cause the 
Qi to drop. The middle pitch focuses the en- 
ergy resonation into the specific organs of the 
patient’s Middle Burner from the navel to the 
sternum within patient’s body. Middle- 
pitched sounds are only prescribed for spe- 
cific conditions (organ prolapse or organ en- 
ergetic overload). 

3. The low-pitched sound is pronounced in a 
dropping, then rising tone, within one breath. 
This causes the energetic resonation to satu- 
rate the diseased organ from top to bottom, 
then from bottom to top. This focuses the en- 
ergy resonation into the specific organs of the 
patient’s Lower Burner from the navel to the 
perineum. The method of pronouncing the 
low-pitched sound is usually practiced imme- 
diately after sounding the high-pitched tone. 
After pronouncing either the high-, middle- 

or low-pitched sounds, perform the Open and 
Close the Three Dantians method once, then close 
with the Pulling Down the Heavens exercise. This 
completes one set. 


BREATH AND MIND CONTROL 

Healing sounds produce an aspirating effect 
analogous to vacuuming a room. This analogy 
describes to the patient the desired intention 
needed to successfully utilize this modality of 
healing. Toning without proper focused intention, 
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breath, and mind control placed on the specific 
internal organ is like trying to vacuum a room 
while waving the hose in the air. Although the 
hose is sucking the air, it is not performing the 
desired result of purging the room of dust and 
dirt. To become proficient and establish the de- 
sired result, the individual must focus the atten- 
tion and place the vacuum hose onto the specific 
area that needs cleaning. 

Healing sound and toning therapy work the 
same way. It is not just sounding the tone which 
allows the technique to work, but the combina- 
tion of the breath and mind focused on the in- 
tended internal organ. When practicing sound 
therapy, the patient generally uses the Natural 
Breathing method, along with focused intention 
and color visualization. 

While inhaling, the patient imagines breath- 
ing in divine, white light healing energy through 
the nose and absorbing this healing Qi into the 
diseased area, vibrating it. 

When exhaling, the patient imagines breath- 
ing out the dark, diseased, Turbid Qi through the 
mouth. It is important for patients to maintain the 
healing color (i.e.: green, red, golden yellow, white, 
or blue) vibration inside the diseased organ, even 
when they exhale. 

SEPARATING THE BREATH INTO YIN AND 
YANG 

The breath can be divided into either Yin or 
Yang qualities. When breathing shallow and focus- 
ing the mind on the front of the throat, the breath 
feels cool and is therefore considered Yin; however, 
when shifting the mind’s attention towards the back 
of the throat, the breath, when released, feels hot, 
and is considered Yang. This change in tempera- 
ture is due to the front of the body being Yin in na- 
ture and the back of the body being Yang. 


AUDIBLE AND INAUDIBLE SOUND 
RESONATION 

Before projecting sound therapy in a clinical 
setting, the Qigong doctor must vibrate the three 
Dantians while focusing on his or her Taiji Pole. 
Once the sound vibration has filled the doctor’s 
body, the resonate healing sounds can be projected 
into the patient’s tissues and organs. 


Another way to produce sound is to imagine 
that the sound is appearing as a specific color and 
causing a vibration within the body. Clinical 
sound therapy is further divided into three dis- 
tinct levels of emitted energies: Obvious Sound 
Resonation, Hidden Sound Resonation and Mys- 
terious Sound Resonation. 

1. The Obvious (Ming) Sound Resonation is au- 
dible sound. This energy sound resonation is 
considered Yang and is produced through the 
vocal organs. When toning audibly, the heal- 
ing sounds fills the Qigong doctor’s energetic 
fields. These fields can then be transferred 
onto the patient to produce a very strong, 
physical affect on the patient's tissues and 
organs. The Qigong doctor connects (through 
intention) with the patient's internal organ, 
and imagines his or her voice penetrating the 
diseased organ’s tissues. The doctor then 
imagines the patient's tissues vibrating like 
rippling water with the sound exhalation, to 
purge the pathogenic Qi. 

2. The Hidden (An) Sound Resonation is slightly 
audible sound. This energy sound is consid- 
ered Yin transitioning into Yang, and is pro- 
duced by softly exhaling sound energy reso- 
nation into the patient’s body. This slightly 
audible energy sound resonation affects the 
patient's tissues and organs more on an emo- 
tional plane, enveloping and penetrating the 
patient’s tissues like a mist. 

3. The Mysterious (Hua) Sound Resonation is 
inaudible sound. This energy sound 
resonation is considered Yin and is mentally 
produced inside of the doctor’s body. The 
Qigong doctor first focuses and fills his or her 
body and energetic field with the vibrant 
sound. The doctor then focuses the mind on 
the healing sound like a mantra. This inner 
sound fills the Qigong doctor's field with reso- 
nant vibration which can be transferred into 
the patient's body. This energy sound 
resonation affects the patient's tissues and 
organs on a more spiritual dimension, envel- 
oping and purging like a gentle light. 

The Qigong doctor can also coordinate the 
projection of the healing sounds with the patient’s 
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toning to synchronize their energetic fields. All 
sound techniques have specific postures, breath- 
ing, and mind regulations to facilitate whole body 
integration. 

Patients and students are usually encouraged 
to practice the audible sound vibrations until they 
can vibrate the tissues of the organs at will, before 
they proceed to the inaudible sound resonation. 


THE SIX HEALING SOUND 
PRESCRIPTIONS 

Before starting any organ sound exercise, 
there are certain grounding and cleansing tech- 
niques that the patient should practice. These 
preparation exercises are described as follows. 

1. Always begin sound resonation from a Wuji 
standing posture. 

2. Breathe naturally from the abdomen, inhaling 
through the nose and exhaling through the 
mouth. The body should be relaxed, and respi- 
ration should be gentle, thin, even, and ex- 
tended. The mind should not concentrate on 
the expansion of the Lungs, but on the Lower 
Dantian first, and then on the treatment area. 
Also, breath through every pore of the body 
into the Lower Dantian. 

Upon exhaling, sound the healing word with 
alow volume pronunciation, feeling where the 
sound waves reach. Once the tissue area is 
stimulated, increase the volume. At the same 
time draw in the abdomen, draw up the anus, 
slightly knead the ground with the feet, sink 
the shoulders, and then shift the body weight 
to both heels. This will access the Kidneys’ 
Water Qi. When inhaling, close the mouth, raise 
the tongue against the hard palate, and shift 
the body weight to the anterior soles of the feet. 
This will access the body’s Fire energy. Exhale 
the specific sounds through the mouth while 
imagining the impurities of that specific organ 
being expelled. 

3. Pull Down the Heavens (the ending breath 
regulation). Inhale and exhale through the nose. 
When inhaling, slowly raise both arms forward 
and upward from the sides of the body, with 
both palms facing downward until reaching 
shoulder level. Then turn the palms up, and 
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Figure 40.1. Pulling Down the Heavens allows the 
patient to sink the Qi, retuming the excess energy back 
into the Lower Dantian. 





continue to circle the arms over the head. When 
exhaling, bend the elbows to make a curve in 
front of the chest, and press the abdomen. Then 
separate the arms to the sides of the legs, and 
return to the Wuji posture (Figure 40.1). 
Regulate the breath three times in the Wuji 
posture after completing the exercise. Breath- 
ing Regulation (Pulling Down the Heavens) is 
required after the exercise of each sound is com- 
pleted and before the next exercise begins. 
THE SOUND “Xu” (SHU) NOURISHES THE 
LIVER 
This sound relieves Liver stagnation, aids in 
correcting certain types of visual distortions, and 
purges the accumulation of Phlegm in the body 
(e.g., the condition of Lung Hot Phlegm, due to 
an already existing cold). 
Both hands overlap the inner Laogong Pc-8 
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points, with the left hand on the outside for men 
(opposite hand position for women). The 
Shaoshang Lu-11 point of both thumbs presses 
against the navel, with the Laogong points point- 
ing at the umbilicus. 

When inhaling, expand the abdomen and 
close the eyes, feeling the breath envelop and pen- 
etrate the Liver organ. At the same time direct the 
Qi of the Liver’s Channels to flow upward from 
the Dadun Lv-1 point on the lateral portions of 
the big toes. Visualize the Qi rising through the 
lower abdomen, linking the Gall Bladder to the 
Lungs, traveling to the throat, and eyes, to the fore- 
head, and then to the Baihui GV-20 point. 

When exhaling, contract the abdomen and re- 
lease the pathogenic factors. Focus the attention 
and imagination on the Qi flowing down the face, 
to connect with the Lungs’ Channels, flowing 
downward to the Shaoshang Lu-11 points on the 
medial portions of the thumbs. The Qi is then di- 
rected and rooted into the Lower Dantian. Open 
the eyes wide, and sound the word “Shu” (the lips 
are slightly brought together, the tongue tip 
stretches forward with the lateral sides slightly 
curling toward the middle). Exhale completely. 

In this particular exercise, the breath should 
feel lukewarm as you exhale (Figure 40.2). Per- 
form six times. 

THE SOUND “KE” (HA) REPLENISHES THE 
HEART 

This sound relieves Fire from the Heart and 
expels Heat from the body; it also improves poor 
circulation and reduces fevers. The respiration 
patterns are the same as those in the previous 
(Liver) sound prescription. 

When inhaling, raise both hands to shoulder 
level as if embracing a post. Both palms should face 
each other with the arms making a curve in front of 
the chest. Expand the abdomen and close the eyes; 
feel the breath envelop and penetrate the Heart or- 
gan. At the same time direct the Qi of the Spleen’s 
Channels to flow from the Yinbai Sp-1 point on the 
medial portion of the big toes, along the inner por- 
tions of the legs, upward to the abdomen to meet 
with the Thrusting Channels, and enter into the 
Heart. 





Figure 40.2. The sound “Xu” (Shu) is used to purge 
Liver stagnation as well as to disperse the accumulation 
of Phlegm in the body {Lung Hot Phlegm). 
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Figure 40.3. The sound “Ke” (Ha) is used to purge Heart 
Fire as well as expel Heat from the body. 





When exhaling, softly open the eyes and draw 
the Qi out from the Heart, past the Lungs, through 
the armpits, along the inner portions of the arms, 
to the Shaochong Ht-9 point on the medial por- 
tion of the little fingers. Point the fingers forward 
to release the pathogenic Qi, and sound the word 
“Ha.” The mouth is half closed with the tongue 
placed against the lower mandible. Exhale com- 
pletely. This breath should feel hot (Figure 40.3). 

Return to the beginning position and perform 
six times. 

THE SOUND “Hu” (WHO) STRENGTHENS THE 
SPLEEN 

This sound is used to correct digestive prob- 
lems, especially when the Stomach or intestines 
feel full or sluggish. 

When inhaling, raise both hands upward in 
front of the abdomen, as if embracing a ball in the 
Lower Dantian area. Both palms should face each 
other with the arms making a curve. Expand the 
abdomen and close the eyes; feel the breath en- 


Figure 40.4. The sound “Hu” (Who) is used to treat 
digestive problems, by purging Stomach and Intestinal 
stagnation. 


velop and penetrate the Spleen organ. Direct the 
Qi of the Spleen’s Channels to flow from the Yinbai 
Sp-1 points on the medial portion of the big toes, 
up to the abdomen to enter the Spleen, and to link 
up with the Stomach. 

When exhaling, the right palm turns outward, 
rolling over and pushing above the head, thus 
forming the posture of Holding the Heavens. At 
the same time, imagine the Qi ascending up to 
the throat, to the root of the tongue, and spread- 
ing under it. Imagine a secondary river of Qi flow- 
ing from the Stomach to the Heart, and ascend- 
ing along the Heart’s Channels to the Shaochong 
Ht-9 point on the medial portion of the little fin- 
gers, and exhale the sound “Who.” The lips are 
brought together as if playing a flute, the tongue 
is level and stretched forward as much as possible 
to allow the ascending energy of the Thrusting 
Channels to rush out. Exhale completely while the 
left palm turns downward and presses down to 
the outside of the left hip (Figure 40.4). 
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Figure 40.5. The sound “Si” (Sss) is used in order to Purge the Lungs. 











Next, inhale and turn the right palm over to 
face the body; slowly descend the right arm in 
front of the body, while the left arm turns towards 
the body and ascends. The two hands cross in 
front of each other (with the ascending arm on 
the inside, and the descending arm outside). Now 
the left hand pushes up and the right hand pushes 
down. At the same time, exhale and repeat the 
sound “Who.” Pressing both left and right hands 
form one set. Perform six times. At the end, cross 
both arms in front of the chest and return to the 
beginning position. 

THE SOUND “SI” (Ssss) MOISTENS THE 
LuNGS 

This sound is used to nourish the Lungs, treat 
problems such as tuberculosis, abscesses, and der- 
matitis. 

From the beginning Wuji posture, inhale and 
raise both hands as if holding a ball, moving it up- 
wards, until the hands face the Shanzhong CV-17 
point at the front of the chest. Direct the Qi of the 
Liver’s Channels to ascend from the Dadun Lv-1 


point on the lateral portions of the big toes, along 
the inner portion of the legs, through the lower ab- 
domen into the Lungs. 

When exhaling, turn over both palms to face 
downward, then separate the palms horizontally 
to the sides. Guide the Qi along the Lungs’ Chan- 
nels to the Shaoshang Lu-11 points on the inner 
portion of the thumbs, while exhaling the sound 
“Sss” The lips are slightly drawn back, the upper 
and lower teeth are slightly brought together 
forming a small slit; the tip of the tongue is placed 
against the slit in-between the teeth to articulate 
the sound. Exhale completely, then allow both 
arms to descend to the sides of the body (Figure 
40.5). Repeat six times. 

THE SOUND “CHUI” (CHREE) STRENGTHENS 
THE KIDNEYS 

This sound is used to regulate the Kidneys, 
expel chills, and to maintain the Internal Heat of 
the Lower Dantian and Mingmen Fire. 

Inhale and raise both arms to embrace an imagi- 
nary ball in front of the chest (Middle Dantian area). 
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Figure 40.6. The sound “Chui” (Chree) is used to 
regulate the Kidneys and the Mingmen Fire, as well as 
to expel chills from the body. 





The joints in between the thumb and index finger 
of both hands are stretched wide open. Lead the Qi 
to flow upward from the Yongquan Kd-1 points of 
the Kidney Channels, through the inner portions 
of the thighs, along the spinal column, and into the 
Kidneys. 

When exhaling, hold the posture and stretch 
the fingers, while leading the Qi from the Kid- 
neys into the chest and then to the Lungs. The 
channel Qi then transfers into the Pericardium 
Channels and flows down the arms to the 
Zhongchong Pc-9 points at the tips of the middle 
fingers. While exhaling, sound the word “Chree.” 
The mouth is nearly closed with the corners 
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Figure 40.7. Massage the sides of the body. 


slightly drawn back; the tongue moves forward. 
The breath should feel cold (Figure 40.6). 

Slowly straighten the body as the hands circle 
downward, from the lower back to the thighs. Rub 
the lower lumbar region (Shenshu Bl-23 points) 
and the sides of the thighs (Huantiao GB-30 
points), moving the hands upward while massag- 
ing the buttocks. Return to the holding the ball 
posture and repeat six times (Figure 40.7). 
THE SOUND “XI” (SHE) REGULATES THE 
TRIPLE BURNERS 

This sound is used to eliminate Excess Heat, 
for treating rheumatism, poor circulation, and 
problems of the Triple Burners. This exercise helps 


CHAPTER 40: HEALING SOUND THERAPY AND PRESCRIPTIONS 


to recharge the body’s Qi metabolism, regulate 
Internal Qi, and balance the eight systems of the 
body (respiratory, digestive, reproductive, circu- 
latory, lymphatic, nervous, muscular/ skeletal, 
and excretory systems). 

The “She” sound of the Triple Burners is al- 
ways prescribed for patients undergoing radia- 
tion or chemotherapy. This allows the patient to 
disperse the toxic Heat left within the tissues. 

From a beginning Wuji posture, inhale and 
raise both hands as if holding an imaginary ball 
up in front of the chest at the Middle Dantian. 
Direct the channel Qi of the Triple Burner Chan- 
nels in the arms to flow downward to the Lower 
Dantian, then down the legs via the Gallbladder 
Channels to the tips of the fourth toes of the feet 
at the Qiaoyin points (GB-44). 

Exhale the sound “She,” at the same time ro- 
tating both arms upward to form the Embracing 
the Heavens posture. The lips are slightly open and 
drawn back; the tongue suspends behind the teeth. 
When exhaling, direct the Qi to flow from the 
Qiaoyin GB-44 points on the outer portion of the 
fourth toes upward, along the Gall Bladder Chan- 
nels, through the outer portions of the legs to the 
head, and transfer the energy flow into the Triple 
Burner Channels, directing it along the outer por- 
tions of the arms to the Guanchong TB-1 points at 
the ends of the ring fingers. Exhale completely. 

Inhale, while tuning the palms over to face 
downward, and begin lowering both arms along 
the front of the chest. Imagine the Qi flowing 
down from both arms into the Lower Dantian. 
Exhale without sounding “She,” and press both 
palms down along the front of the abdomen to 
the sides of the hips, returning to the Wuji pos- 
ture (Figure 40.8). Repeat the entire sequence six 
times. 

This exercise is different from the others in 
that the energy circulates back and forth through 
the channels but does not disperse outside the 
body. Meaning you inhale Qi from fingers to toes, 
exhale Qi from toes to fingers and sound, inhale 
Qi from fingers to Lower Dantian, exhale Qi from 
Lower Dantian to toes, without sound, then be- 
gin entire sequence again. 


(4) 





Figure 40.8. The sound “Xi” (She) is used to purge 
Excess Heat from the body. 


THE PROPER NUMBER OF BREATHS 
FOR HEALING SOUND PRACTICE 

When practicing all six healing sounds, each 
sound should be practiced a minimum of three to 
six times before proceeding on to the next sound. 
If the patient wishes to practice the six healing 
sounds daily, the patient should perform each 
sound no more than twenty-four times. If the pa- 
tient is practicing one or more healing sounds for 
a specific therapy, then the number of times for 
tone resonances should be thirty-six. 

Practice the six healing sounds in the sequen- 
tial order of the Fire Cycle (i.e., Liver, Heart, Spleen, 
Lungs, Kidneys, and Triple Burners) to enhance the 
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Yang energetic field. Practice the six healing sounds 
in the sequential order of the Water Cycle (i.e., Liver, 
Kidneys, Lungs, Spleen, Heart, and Triple Burners) 
to enhance the Yin energetic field. 

It is advisable to practice the healing sounds 
at the end of a meditation practice. This is because 
the free circulation of Qi is already in motion and 
freely accessible after meditating. 


COMBINING MULTIPLE ORGAN 
SOUNDS 

The six healing organ sounds may be per- 
formed as in the prescribed series, or as individual 
therapies ranging from single to multiple organ 
sounds. Some examples are: 

1. Single organ sound regulation, like the “Haa” 
sound for the Heart, is used followed by swal- 
lowing the collected saliva (after Qi purgation) 
to relieve a fast, irregular heartbeat. 

2. Multiple organ sound regulations, like the 
sounds of “Shu” (Liver), “Haa” (Heart), and 
“Sss” (Lungs), are used in sequence to quench 
the pathogenic Fire inside the patient's body 
(for mild symptoms). 

3. All six healing sounds are used for regulation 
and balance to treat “False Cold” (a feverish 
sensation followed by a feeling of cold all over 
the body). This symptom is caused by Excess 
Fire. The Internal Fire drives the Yin to the 
body’s surface, thus producing the cold sensa- 
tion. To treat, the Qigong doctor guides the 
patient’s Yin Qi back to its original organs and 
uses all six sounds to regulate the body. 

4. Sounding according to the Five Seasons will 
also be beneficial to the patient’s Qi regula- 
tion. The five sounds are divided according 
to each season, and the vulnerability of each 
organ. They are categorized as follows: 

a. “Shu” sounding in the springtime will 


benefit the Liver. 

b. “Ha” sounding in the summer will ben- 
efit the Heart. 

c. “Ssss” sounding in the autumn will 
benefit the Lungs. 


d. “Chree” sounding in the winter, and 
during all seasons, will vitalize the Kid- 
neys and harmonize Qi and Blood. 


e. “Who” sounding in all seasons helps vi- 
talize the Spleen and regulates the func- 
tion of Postnatal Qi. 

5. Combining healing sounds according to the 
specific prescriptions is similar to taking com- 
binations of Chinese herbs. The Six Healing 
Sounds may be combined in order to target 
specific areas on the body’s energetic system. 
Generally, the doctor gives the patient specific 
healing sound combinations as prescriptions 
to purge stagnation, and to increase the ener- 
getic movement within the diseased tissues 
or organs. 

One such combination prescription used to 
treat overall Shen disturbances due to emo- 
tional depression, from suppressed anger, 
guilt or grief is called, “Old Man Searching 
for the Reflection of the Moon at the Bottom 
of the Tide Pool.” In Medical Qigong Soul Re- 
trieval, this healing sound prescription is used 
to bring the patient back in touch with his or 
her painful emotions. 


OLD MAN SEARCHING FOR THE 
REFLECTION OF THE MOON AT THE 
BOTTOM OF TIDE POOL 
This particular exercise was introduced into 
the United Stated in the early 70’s by Dr. Her Yue 
Wong. Doctor Wong believed that after the Qigong 
student has spent a sufficient amount of time prac- 
ticing the Five Elemental Daoist Qigong 
tonification exercises, his or her deep seated emo- 
tions will begin to surface and must be purged 
from the body. In order to purge the toxic emo- 
tions, this healing sound prescription was given: 
1. Begin this exercise prescription from a stand- 
ing posture. Both feet are facing forward, shoul- 
ders width apart. Inhale, and imagine divine 
healing light filling the Lungs. While inhaling, 
separate and stretch both arms to the sides of 
the body, forming the shape of a “T” (Figure 
40.9). 
2. Lean over and begin to exhale, making the “Sh- 
h-h-h-h” sound. While exhaling imagine Toxic 
Qi from both Lungs flowing down each arm 
and pouring into the ground. Both arms should 
swing from one side to the other, crisscrossing 
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Figure 40. 9. Old Man and Tide Pool (a) 








Figure 40. 11. Old Man and Tide Pooi (c) 


while making the purging sound (Figure 40.10). 
. Return to an upright position, while inhaling 
and imagining divine healing light filling the 
chest {especially the Heart, Liver and Spleen 
areas). When inhaling, look upward and raise 
the hands over the head (Figure 40.11). 


4. When exhaling, both hands should descend to 


shoulder level, making soft fists (as if embrac- 
ing two sparrows). Focus the mind’s intention 
on the center of the chest and imagine the Toxic 
Qi releasing from the Heart while making the 
“Haa-a-a-a” sound. Exhale only half of your 
breath. Next, exhale the second half of your 
breath while imagining Toxic Qi releasing from 





Figure 40. 12. Old Man and Tide Pool (d) 





the Liver and Spleen and making the “Who-o- 

0-0” sound. While exhaling, move both hands 

down to the hips while keeping the fists soft 

(Figure 40,12). Repeat the last two steps (c. and 

d.) three times. This equals one set. Practice 36 

sets to complete the exercise. It should take 

about 25 minutes. 

There is an story associated with this ancient 
healing sound prescription; it is described as fol- 
lows. 

One night, on a full moon, an old man on the 
southern coast of China, went looking for sea crus- 
taceans to feed his family. Holding his lamp up- 
ward, he gazed down and saw a large beautiful 
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pearl at the bottom of a tide pool. “Oh My!” He 
exclaimed, as he quickly placed his lamp on a rock. 
“Look at the size of that pearl! With a pearl that 
large, I’ll be able to retire! Even my family won't 
have to work, and we'll all live in the lap of luxury 
for the rest of our lives!” 

So the old man stretched his hands wide and 
began splashing his arms in the tide pool, trying 
to grasp the large pearl. Sh-h-h-h-h-h-h-h-h! went 
the water as the old man frantically grasped at 
nothing. Perplexed, the old man looked up. Reach- 
ing into the night sky, the old man’s eyes wid- 
ened as he saw the full moon. “Ha-a-a-a-a-a-al” 
exclaimed the old man, “It’s the moon!” “Whooo- 
0-0-0-0-0” cried the old man, “There’s no money!” 


CONTRAINDICATIONS FOR THE S1X 
HEALING SOUND THERAPY 

There are several counter-indications for the 
use of the Six Healing Sound Therapy: 

« The resonating sounds have a strong affect on 
the tissues, therefore patients who have bro- 
ken or fractured bones are forbidden to prac- 
tice sound therapy. Only after the bones tis- 
sues have mended are the patients allowed 
to practice the healing sounds. 

Due to the stimulating effect of the Six Heal- 
ing Sound Therapy, it is advisable for the 
Qigong doctor not to prescribe the practice of 
the six healing tones in a very acute stage of 
illness. Vibrating the patient’s internal organs 
in the beginning stages of a disease (i.e., a high 
fever) may stimulate the patient’s virus or bac- 
terial growth. 

Women are prohibited from practicing Tone 
Resonation therapy when pregnant, as the tone 
resonations have a pattern of dispersing clots 
and may lead to spontaneous miscarriages. 
Women are prohibited from practicing Tone 
Resonation therapy when menstruating, as it 
is important for the woman's body to be al- 
lowed to naturally Purge Toxic Blood from the 
body. 


SOUND RESONATION THERAPY FOR 
TUMOR AND CANCER 
Cysts, tumors, and cancer are characteristic 
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of Excess stagnation of Qi and Blood, as well as 
stagnations of Heat and Cold. Chronic diseases, 
marked by obstruction of channel Qi, disorders 
of Qi and Blood, and the breakdown of Yin and 
Yang balance, are also included as Excess stagna- 
tion syndromes. The following sound methods 
involve a special series of tone resonation exer- 
cises (similar to, but stronger then the six healing 
sounds) which are utilized to disperse stagnations. 

In order to find the correct pitch, the patient 
starts with a soft volume sound to experience the 
physical characteristics of the internal organ vi- 
brating. While pronouncing the tone with the vo- 
cal cords relaxed, the patient gradually increases 
the sound to a louder volume. 

While exhaling the sound, the patient focuses 
on an internal image of the diseased tumor dissolv- 
ing. The patient must actually hear and feel the 
sound resonating the body’s tissues, saturating the 
organ with sound vibration, energy, and light. 

The following sounds are prescribed for the 
treatment of tumor and cancer therapy: the “Guo” 
sound is used by patients with Liver diseases, the 
“Zheng” (pronounced as jang) sound is pronounced 
by patients with Heart trouble, the “Gong” sound 
by patients with Spleen diseases, the “Shang” sound 
by patients with Lung trouble, and the “Yu” sound 
by patients with Kidney diseases. The relationship 
between the five pronunciations and the five solid 
organs as well as the number of pronunciations are 
shown in Figure 40.13. 


PREPARATION FOR TUMOR AND 
CANCER SOUND THERAPY 

Have the patient begin this exercise in a Wuji 
posture, and encourage the patient through the 
One Through Four meditation (One-Fun, Two- 
Shoe, Three-Tree, and Four-Core) described in 
Chapter 26. 

Each tumor and cancer healing sound is pro- 
nounced in a straight tone, facing the left and ex- 
haling the tone while rotating the body to the right. 
This allows the patient to purge the specific dis- 
eased organ. After completing the required num- 
ber of straight tone exhalations, the patient faces 
forward and pauses. 

The patient then begins the second half of the 
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Figure 40.13. Tumor and Cancer Sound Therapy Chart 


prescription by facing the right direction and ex- 
haling a descending tone while rotating the body 
to the center of the room, then rising tone while 
rotating the body towards the left side of the room. 
This application causes the patient to purge the 
diseased organ’s channels of Toxic Qi. 

Upon completion the patient performs the 
Pulling Down the Heavens technique to cleanse 
the body of any leftover energetic residue. 


THE PROPER AMOUNT OF TONE 
REGULATIONS 

The beginning patient should not be too anx- 
ious to perform the required number of pronuncia- 
tions. By gradually reaching the required number, 
and slowly adapting themselves to the Tone Reso- 
nation method, the patients avoid getting tired. The 
sound “Shang,” for example, is pronounced nine 
times for each exercise in the case of Lung disease. 
However, a beginner may start by pronouncing the 
tone three times, and then gradually progress to six 
times in twenty days. Then, in another thirty days, 
the patient can reach the required number of times. 
The number of repetitions is always dependent 
upon the patient's age, type of constitution and the 
severity of the disease. 


In other words, the amount of times in a day 
that the patient performs the healing sounds de- 
pends upon the patient’s general condition. The 
sounds used in tumor and cancer therapy, for ex- 
ample, will be prescribed more frequently with 
less volume then that of the regular six healing 
sound therapies. For Lung cancer, for example, 
the patient should perform the “Shang” sound 
eighteen times a day, nine breaths in each direc- 
tion, right and left; for Lung congestion, perform 
the “Sss” sound three times a day, 36 breaths for 
each set. 


SPECIALIZED PRESCRIPTIONS FOR 
TUMORS AND CANCER 

The sound therapies used for treating tumors 
and cancer are quite different and much more 
powerful then the six healing sounds previously 
prescribed to purge and regulate the body’s in- 
ternal organs. Because of the dramatic difference 
in power and energetic potential between these 
two healing sound systems, the cancer patient will 
be given a lower number in tone respirations, but 
an increased number of times of practice per day. 

The healing sounds used for treating tumors 
and cancers are as follows: for Liver /Gall Blad- 
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Figure 40.15. For Heart trouble, the sound is “Zheng” 


Figure 40.14. For Liver diseases the sound is “Guo.” (Jang). 








Figure 40.16. For Spleen diseases, the soundis “Gong.” Figure 40.17. For Lung trouble, the sound is “Shang,” 
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Figure 40.18. For Kidney diseases, the sound is “Yu.” 





der tumors, use the sound “Guo” (Figure 40.14); 
for Heart/Small Intestine tumors, use the sound 
“Zheng” (Jang - Figure 40.15); for Spleen/Stom- 
ach tumors, use the sound “Gong” (Figure 40.16); 
for Lung/Large Intestine tumors, use the sound 
“Shang” (Figure 40.17); and for Kidney / Bladder 
tumors, use the sound “Yu” (Figure 40.18). The 
Triple Burners’ sound “Xi” (She) is used to purge 
Heat from the body after radiation and chemo- 
therapy (Figure 40.19). 

The choice of sound resonation must suit the 
patient's specific disease. Generally, in the begin- 
ning, patients with cancer should mainly pro- 
nounce the purgation sound “Haa” nine times to 
purge the Heart of stagnant emotions (Figure 
40.20). After pronouncing the sound “Haa” for a 
certain time period, the patient begins to become 
emotionally vulnerable. The doctor then adds the 
specific sounds for the treatment of the diseased 
internal organs. The “Shang” sound, for example, 
is prescribed for patients with Lung cancer. 

1. The tones for Radiation and Chemotherapy 
patients should include the Triple Burners’ 
sound “She.” This toning should be done 
when their blood count is low after chemo- 
therapy or radiation therapy and is used to 
purge Excess Heat from the body. The sound 
“She” is pronounced six times. Its high- 





Figure 40.19. For chemotherapy, the sound is “Xi” 
(She). 





pitched sound is in the straight tone (perform 
six times), and its low-pitched sound is in the 
dropping and rising tone (perform six times). 

After the patient has stabilized and the red 
and white blood count has reached a normal 
level, the “She” sound is dropped and replace 
by the sound “Haa.” This is done to stabilize 
the patient’s emotions. Instead of “Haa,” the 
doctor can also replaced the healing sound 
with the specific sound needed to treat the 
diseased internal organ. 


2. The tones for Stomach cancer patients should 


include the sound “Dong.” The Dong sound 
has a deeper penetrating affect than the 
“Gong” sound (which is usually prescribed 
for Stomach diseases). The “Dong” sound 
should be pronounced ten times (Figure 
40.21). Its high-pitched sound is “Dong” in 
the straight tone (perform ten times), and its 
low-pitched sound is “Dong” in the dropping 
and rising tone (perform ten times). 


3. The tones for Brain tumor patients (with ce- 


rebral carcinoma) should include the sound 
“Duo.” The “Duo” sound should be pro- 
nounced ten times (Figure 40.22). Its high- 
pitched sound is “Duo” in the straight tone 
(perform ten times), and its low-pitched 
sound is “Duo” in the dropping and rising 
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Figure 40.20. For cancer in general, the sound is Figure 40.21. For Stomach cancer, the sound is 
“Ha.” “Dong.” 











Figure 40.22. For brain cancer, the sound is “Duo.” Figure 40.23. Back View for the Cancer Prescriptions 


672 


CHAPTER 40: HEALING SOUND THERAPY AND PRESCRIPTIONS 


tone (perform ten times). In addition the pa- 
tient should also practice techniques to 
strengthen the Kidneys and Heart. 

. The tones for Lung tumor patients (with car- 
cinomas of the Lungs) should include the 
“Shang” sound. The “Shang” sound should 
be pronounced nine times. The patient should 
also use the Fast Breathing Method technique 
(2 inhalations, followed by 1 exhalation of the 
sound “Shang”), in addition to practicing 
Lung and Kidney strengthening exercises. 

. The tones for Large Intestine tumor patients 
(with carcinomas of the Large Intestine) should 
include the “Shang” sound. The “Shang” sound 
should be practiced nine times using the Fast 
Breathing Method technique, in addition to 
practicing Lung strengthening exercises. 

. The tones for Nasopharyngeal tumor patients 
should include the “Shang” sound. The 
“Shang” sound should be practiced nine times 
using the Fast Breathing Method Walking 
technique (see Chapter 15), in addition to 
practicing Lung strengthening exercises. 

. The tones for Small Intestine tumor patients 
{with carcinomas of the Small Intestine) 
should include the “Zheng” sound. The 
“Zheng” sound should be practiced seven 
times, using the Fast Breathing Method tech- 
nique, in addition to practicing Heart 
strengthening exercises. 

. The tones for Liver Cancer and Gall Bladder 
tumor patients (with carcinomas of the Liver 
and Gall Bladder) should include the “Guo” 
sound. The “Gou” sound should be practiced 
eight times, using the Fast Breathing Method 
technique, in addition to practicing Lung, 
Liver, and Spleen strengthening exercises. 


9. The tones for the Bladder and uterus tumor 
patients (with carcinomas of the Urinary Blad- 
der and uterus) should include the “Yu” 
sound. The “Yu” sound should be practiced 
six times, using the Fast Breathing technique, 
in addition to practicing Kidney strengthen- 
ing exercises. 

While in a Wuji posture, the patient places 
both hands on the Kidneys and presses the 
middle fingers at the Shenshu BI-23 point be- 
side the Mingmen before pronouncing the 
sounds (Figure 40.23). 

10. The tones for Prostate cancer patients should 
include the “Yu” sound. The “Yu” sound 
should be practiced six times, using the Fast 
Breathing Method technique, in addition to 
practicing Kidney strengthening exercises. 

11. The tones for Skin Cancer patients (with der- 
mal carcinomas) should include the “Shang” 
sound. The “Shang” sound should be practiced 
nine times, using the Fast Breathing Method 
technique, in addition to practicing Lung, Liver, 
and Spleen strengthening exercises. 


CONTRAINDICATIONS FOR TUMOR AND 
CANCER SOUND THERAPY 

As previously mentioned, the tumor and can- 
cer healing sounds are only prescribed for purg- 
ing Excess conditions within the patient's diseased 
organs, and not for treating Deficient organ con- 
ditions. If a specific internal organ is already ina 
state of Deficiency and the patient is allowed to 
focus on that organ with one of the tumor and 
cancer sounds, the patient's condition will worsen. 
This increases the potential for rapid growth of 
the disease. 
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CHAPTER 41 


MEDICAL QIGONG REGULATION EXERCISES 


INTRODUCTION 

The following chapters explore several sys- 
tems of Medical Qigong exercises used in regula- 
tion, purgation, and tonification prescriptions. 
Conceived in ancient China, these exercises origi- 
nate from the various medical, martial, and Dao- 
ist schools of energy cultivation. It is from these 
ancient energetic systems that today’s modern 
clinical Qigong prescriptions originate. 

Each Qigong system has its own unique ap- 
proach to circulating, balancing, and storing the 
body’s life-force energy. No one particular style 
of energetic healing is superior to the next, only 
different in its approach. The primary goal of each 
of these systems is removing stagnant pathogenic 
energy and replenishing and circulating clean life- 
force energy. 

The Xi Yuan Hospital in Beijing, China is fa- 
mous for its advanced Medical Qigong clinics and 
Medical Qigong prescriptions. These exercises 
utilize both Static and Dynamic Postures and are 
generally taught in both the inpatient and outpa- 
tient clinics. The static exercises are used to store 
the Qi, while Dynamic Qigong exercises are used 
to open the patient’s channels and circulate the 
Qi. 

Each prescription should be practiced for five 
to ten minutes for each organ or organ system on 
a daily basis; or if the patient is practicing only 
one set (e.g., Regulation of Spleen and Stomach 
Qi), they should practice for thirty minutes. Un- 
less otherwise indicated, all breathing should be 
“natural.” 

The goal is for patients to empty their body 
and mind, so that their emotions can be felt and 
activated. In the Medical Qigong clinic there is a 
saying, “The patient can only heal what they feel.” 


STARTING AND ENDING THE 
PRESCRIPTIONS 

Before starting any Medical Qigong prescrip- 
tion, it is important for the patient to understand 
that every Qigong exercise must start and end 
with specific preparations, 

* Before starting the Medical Qigong prescrip- 
tion, the patient must always purge his or her 
body. It does not matter if the exercise they 
are about to begin is used to purge, tonify, or 
regulate the internal energy; they must always 
purge first. This is similar to washing a dirty 
glass before filling it with clean water. 

° After ending the Medical Qigong prescrip- 
tion, the patient must always gather the gen- 
erated Internal Qi and the return to its origin. 
The term “Return to its Origin” refers to a 
three fold process: 

¢ cultivating, collecting, and accumulating 
the prenatal energy, 

¢ developing and transforming it into post- 
natal Jing, Qi, and Shen, and 

* returning it back to prenatal Jing, Qi, and 

Shen. 

This allows the Post-Heaven Kan and Li (Wa- 
ter and Fire energies) to return to their origin and 
restores them to Pre-Heaven Qi (Heaven and 
Earth energies). This fusion into one energy, often 
called the Hun-Yuan or Blended Originals, re- 
quires the patient's original substances to con- 
dense into one energetic substance and be merged 
with the patient’s Lower Dantian energy. 

In order to collect the energy, the patient is 
taught to apply the Three Natures Become One 
technique of focused concentration (all thinking, 
seeing, and listening is focused into the Lower 
Dantian). The Three Natures are as follows: the 
eyes represent the perceptive nature, the ears rep- 
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resent the spiritual nature, and the Heart repre- 
sents the courageous nature. When all three na- 
tures unite into one, the energetic refinement is 
called “collecting the body’s true nature.” The pa- 
tient can then collect the body’s power. 


MEDICAL QIGONG 


CULTIVATION EXERCISES 

The body is composed of different densities 
of energy and matter in the form of internal or- 
gans, organ systems, channels, and collaterals. 
When practicing Qi cultivation methods both stu- 
dents and patients are instructed to train in a pro- 
gressive order of Qi cultivation. 

First, the students and patients are taught how 
to purge, tonify, and regulate their internal and ex- 
ternal channels. Once the Yin and Yang energy of 
the channels are balanced, the practitioners learn 
how to balance the Yin and Yang energy of the in- 
ternal organs. This training likewise involves purg- 
ing, tonifying and cultivating methods. The directed 
focus of intention on specific points, channels, or 
areas of the body causes the Qi to gather in those 
locations and to be absorbed into the body’s tissues 
through the Mind’s intention (whole body aware- 
ness and consciousness). The final step of training 
the Yuan (Original) Qi is undertaken only after the 
first two steps have been accomplished. 

All cultivation practices of Medical Qigong 
therapy can be divided into two main categories 
of gathering and training Qi: the External Elixir 
Cultivation (Wai Dan Shu) and the Internal Elixir 
Cultivation (Nei Dan Shu). These two Qi cultiva- 
tion training methods are described as follows. 


EXTERNAL QI CULTIVATION 

The External Elixir Cultivation (Wai Dan Shu) 
involves several methods of gathering energy 
from the external environment (Heaven and 
Earth} to strengthen the body’s organs, organ sys- 
tems, channels, and collaterals. 
HERBS AND Foop 

The first method is developed through food and 
herbal soups, teas, and pills to increase the body’s 
energy. When herbs are prescribed as a tonic, they 
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stimulate the organ’s energy by increasing the flow 
of Qi in the patient’s channels. Qigong and 
herbology go hand-in-hand with respect to the en- 
ergetic regulation and balance of the body’s life- 
force energy. Herbs can be extremely important for 
maintaining the physiological balance of the me- 
tabolism and restoring any depletion of the body's 
energetic mechanism. Herbs act as a form of ener- 
getic nutrient, allowing the Earth energy to be in- 
gested into the body through a natural substance. 
MEDITATION 

The second method is developed through 
meditation. Qi is cultivated through the body’s 
extremities from energy originating outside of the 
body’s torso (i.e., both palms, both soles of the 
feet, and the top of the head). The External Elixir 
Cultivation meditation focuses the concentration 
on either the Heaven or Earth energy fields to 
draw their energy into the torso for increased Yin 
or Yang Qi regulation. The Postural Dao Yins in 
External Elixir Cultivation may be either static or 
dynamic. 

Two examples of External Elixir Cultivations 
are: the Earth Yin Qi Regulation and the Heaven 
Yang Qi Regulation. The Earth Yin and Heaven 
Yang Qi Regulations are used to balance the en- 
ergy along the body’s ascending and descending 
energetic channels. To balance along the horizon- 
tal energetic channel, perform the Turning and 
Winding the Belt Vessel exercise described later 
on in this chapter. 

* Earth Yin Qi Regulation 

The Earth Qi is considered Yin Qi or elec- 
tronegative energy. Blood also pertains to Yin 
Qi. Through Earth Regulating Qigong medi- 
tations, the body’s Blood cells can be replen- 
ished with Earth Yin energy. 

Begin the Earth Qi Regulation meditation 
from a Wuji posture, while using Natural 
Breathing. In this particular exercise, the prac- 
titioner takes advantage of the Kd-1 points at 
the bottom of the feet, and the Pc-8 points at 
the center of the palms which are sensitive to 
the magnetic pull of the Earth. 

After standing in the Wuji posture for sev- 
eral minutes, inhale and begin to absorb the 


Earth Qi up from the ground through the cen- 
ters of the palms and the bottom of the feet 
(Figure 41.1). After several more minutes of 
drawing the Earth energy into the Lower 
Dantian, begin circulating the energy through 
the Microcosmic Orbit’s Fire Cycle. The palms 
should begin to expand and feel almost swol- 
len; the red and white blotches on the palms 
and feet indicate that the exercise has been 
practiced correctly. 

Heaven Yang Qi Regulation 

Heaven energy pertains to the sun’s Yang 
Qi or electropositive energy, which is used to 
tonify the body’s Yang Qi. 

Begin from a Wuji posture, placing both 
palms above the head, facing upwards, like two 
antennas collecting the sun or Heaven’s Qi into 
the Middle Dantian. Use Natural Breathing. 
Imagine the sun’s golden light showering the 
outside of your body. Open your mouth and 
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Figure 41.1. Absorb the Earth Qi into the body through 
both hands and feet, and store the Qi in the Lower 
Dantian. 
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Figure 41.2. Absorb the sun’s energy into the body 
through both palms, moving it into the Middle Dantian, 
and store the Qi in the Lower Dantian. 





imagine swallowing the sun’s Qi, allowing it 
to mix with your saliva. As you swallow, feel 
the energy flow down into your Lower Dan- 
tian, and then out of your pores. Once the Dan- 
tian is full, the body should feel expansive. Al- 
ways end the meditation by returning the en- 
ergy to the Lower Dantian to avoid any Qi de- 
viations (Figure 41.2). 


INTERNAL QI CULTIVATION 

The Internal Elixir Cultivation (Nei Dan Shu) 
method focuses on first training the energetic sub- 
stances already gathered and existing inside the 
torso, and then extending this accumulated en- 
ergy out into the extremities. Since it first appeared 
in the Han Dynasty, the training and theory of In- 
ternal Elixir Cultivation has become the primary 
focus of many Qigong masters, working with 
postnatal energy transformations. Internal Elixir 
Cultivation focuses on transforming the body’s 
Jing, Qi, and Shen. When practicing this exercise, 
ancient Qigong masters imagined the Lower 
Dantian as a stove, the Shen as a Fire, and the 
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body’s Jing, Qi, and Shen as the internal medi- 
cine. 
At birth, the energy flows up the front of the 
body (Conception Vessel) and down the back 
(Governing Vessel). This is considered the circu- 
lation of the Yuan Qi (generated from the prena- 
tal Jing stored in the Kidneys). It is considered the 
Perceptual Yin or Water Cycle of the Microcosmic 
Orbit. This Perceptual Yin Cycle allows the new- 
born child to possess powerful psychic, empathic, 
and kinetic abilities; it enables the child to ener- 
getically connect with the environment in order 
to ensure survival. 

As the child advances in age, he or she begins 
to encounter and experience some hostile mes- 
sages in the form of physical or emotional frus- 
tration and pain from both parents, siblings, and 
the environment. For protection, the child armors 
and creates a denial system, which insulates him 
or her from the energetic and emotional wound- 
ing. The child begins to instinctively stop the en- 
ergetic flow of the perceptual Yin Water Cycle and 
begins to activate the acquired rational mind, try- 
ing to cope with his or her feelings and the stress 
of his or her surroundings. Whenever the child 
begins to experience painful emotions, he or she 
learns to avoid experiencing these hurtful feelings 
through certain mental and physical actions by 
contracting the throat and thorax. These acquired 
actions further create an energetic restriction and 
impede the flow of Qi along the Conception and 
Governing Vessels. This physical activity naturally 
causes the Yin Water Cycle to stop its perceptual 
flow of energy, and allows the child’s body to deal 
with the trapped emotional experiences by stor- 
ing them within the tissues. Although this is not a 
healthy response, it allows the child to survive and 
develop in a sometimes difficult environment. In 
cases of deep traumatic wounding (physical, emo- 
tional or sexual), the child becomes void of deep 
emotional connections, while still allowing for cer- 
tain perceptual survival instincts. 

Also, our culture emphasizes left brain think- 
ing for educational purposes, and later to enable 
young adults to rival others in the competitive job 
market. The child thus must forgo most of his or 
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her innate intuitive perceptions to succeed in 
school and to appropriately integrate society's 
values and belief structures. Very little encourage- 
ment is given to right brain activity; it is in fact 
discouraged by society at large. 


REGULATING THE Bopy’s QI 


The first stage in circulating and cultivating 
the Qi is to regulate the Yang or Fire Cycle of the 
Microcosmic Orbit. This allows the trapped emo- 
tions within the tissues to be released. This is ini- 
tiated through mental concentration, focusing the 
flow of the Qi up the back and down the front of 
the body. It is extremely important to allow the 
trapped energy to release itself naturally from the 
body through the Fire Cycle of the Microcosmic 
Orbit. Otherwise, trapped emotions deep within 
the tissues can cause Qi deviations within the 
body, which may lead to energetically induced 
psychosis. 

When regulating the Microcosmic Orbit, there 
are three primary methods of energetic cultiva- 
tion that harmonize the body’s Jing, Qi, and Shen. 
They relate to the sun (Fire and Heaven), moon 
(Water and Earth) and stars (Wind and Man). 


THE FIRE PATH OF THE MiIcROCOSMIC 
ORBIT 

The Yang or Fire Path is the most popular 
method of cultivating energy along the Small 
Heavenly Cycle or Microcosmic Orbit (Figure 
41.3). Because it joins together the body’s Yin and 
Yang rivers of Qi, which regulate the Twelve Pri- 
mary Channels, it is considered the foundational 
meditation for the Internal Elixir Cultivation 
methods. The circulation of Postnatal Qi is gener- 
ated from the Acquired Essence (food, air, and wa- 
ter). In this cycle, the Qi moves up the Governing 
Vessel and down the Conception Vessel, and is 
considered the ascension of Yang or the opening 
of the Fire Channel. The initial goal is to circulate 
the Fire energy from Yang to Yin to convert Jing 
to Qi and then to Shen. The Yang (Fire) Qi sup- 
ports awareness of the emotional side of con- 
sciousness, 








Exhale down the 
Conception 
Vessel. 


Inhale up the 
Governing 
Vessel. 


Lower Dantian 


Figure 41.3. The Fire Path of the Microcosmic Orbit 
flows up the back and down the front of the body. 


The Heart and Middle Dantian are considered 
the House of Shen; Fire and passion (Qi that mani- 
fests as emotions) and are related to the flow of 
the Conception Vessel. The Kidneys and Lower 
Dantian are considered the House of Jing, Water 
and pleasure and are related to the flow of the 
Governing Vessel. It is important to use Reverse 
Breathing while uniting the Heart’s Fire and Kid- 
neys’ Water, to cause the alchemical transforma- 
tion of Jing into Qi in the lower abdomen. 

When moving the Qi along the Governing 
Vessel, practitioners must move the energy 
through the Five Gates (see Chapter 30). The en- 
ergy first gathers at the Lower Dantian, then over- 
flows into the Governing Vessel, collecting, build- 
ing, and then passing through to the next gate, 
one gate at a time. As the energy gathers at these 
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gates, the Qi and Blood begins to Heat and vi- 
brate the tissues. This energetic reaction affects the 
patient's emotions that correspond to or are em- 
bedded in each specific gate, causing a powerful 
emotional release. As the Qi passes through to the 
next gate, a new set of emotions is experienced, 
then released. 

THE JIAJI POINTS’ EFFECT ON THE 
GOVERNING VESSEL’S ENERGETIC FLow 

Jia translates to mean “besides.” Ji translates 
as “the spinal column.” These points are located 
lateral to the lower border of each spinous pro- 
cess of the cervical, thoracic, and lumbar verte- 
brae. Each point has its own Luo pathway (ener- 
getic channel), which intersects with the spine and 
connects to the Jiaji point located on the opposite 
side of the Governing Vessel. It is believed that 
one pair of the ascending Governing Vessel’s Luo 
Channel intersects and connects to all of the Jiaji 
points along the spine. 

This being the case, when the two energetic 
flows from the Jiaji points (via the Luo pathways) 
are superimposed, the reaction causes a crisscross- 
ing and intertwining of Qi flow, which resembles 
the intertwining energies of the caduceus or 
double snakes. 

THE TWELVE EARTHLY BRANCHES’ 
RELATIONSHIP WITH THE MICROCOSMIC 
ORBIT 

Within the Fire Cycle of the Microcosmic Or- 
bit, there are twelve channel points located along 
the Governing and Conception Vessels which re- 
late to the Twelve Earthly Branches and the wax- 
ing and waning of the Yin and Yang cycles (see 
Chapter 11). The Fire phase of the Microcosmic 
Orbit starts at the Zi branch located at the Sheng 
Si Qiao area at the root of the penis in men and at 
the vagina in women. Moving up the back of the 
body, there are four phases of Qi ascent in the Gov- 
erning Vessel. The four phases are: from Zi to 
Chou, from Zi to Yin, from Zi to Chen, and from 
Zi to Si. The Mao point is one of the four cardinal 
points (along with Zi, Wu, and You) and is a point 
of purification. The path up the Governing Vessel 
cleanses the energy through this point of purifi- 
cation. 
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Ascent of Yang 
(Cleansing Phase) 





Descent of Yin 
Purification Phase) 


Figure 41.4. Twelve Earthly Branch Relation with the Microcosmic Orbit: the main channels of the back and front 
of the body correspond to the ecliptic path of the sun. These twelve special energy points are associated with the 


Twelve Chakra Gates. 





When the energy reaches the Wu point at the 
top of the head (also known as the Ascending 
point), it stays there briefly before beginning the 
descent of Yin in the Conception Vessel. The de- 
scent down the Conception Vessel purifies the 
energy (Figure 41.4). 

While at the perineum and Zi point in the or- 
bit, the Yang Qi begins to develop as the Yin Qi 
reaches its zenith. Once the energy reaches the 
Mao point at the middle of the back, the Yang en- 
ergy has developed fully and begins to prosper. 
At the Wu point at the top of the head, the Yin Qi 
begins to develop while the Yang Qi reaches its 
zenith. This point represents the turning point 
from Yang to Yin. 

If the energy is to flow properly down the 
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Conception Vessel, there must be an opening of 
the energy centers via a connection with the Shen. 
This purification of energy commences at the Wu 
point when the Yang Qi turns to Yin Qi. While the 
Earth’s daily orbit around the sun has the same 
Yin-Yang transitions, the body absorbs the Yang 
energy during the hours of Zi and Wu, and ex- 
pels Yin energy during the hours of Mao and You. 

At the Zi hour (11 p.m.—1 a.m.), the Jing natu- 
rally collects at the Sheng Si Qiao point at the root 
of the penis (prostate area) in men causes a natu- 
ral erection while the man is sleeping. This hour 
also marks the commencement of the Yang half 
of the day. This period of the day is the best for 
collecting Jing and, thus, is the best time to per- 
form Wuji standing practice. 


CONTRAINDIGATIONS 

Whenever the practitioners are weak, it is im- 
portant that they practice Natural Dantian Breath- 
ing and avoid practicing the Microcosmic Orbit. 
If patients attempt to practice Circular Breathing 
while in a depleted state, the Qi may become 
trapped in their head causing Qi Deviations, and 
initiating more problems. Circular Breathing is 
achieved by guiding the Qi in a circular pattern 
through even inhalation (e.g., up the spine) and 
exhalation (e.g., down the front of the body). 


THE WATER PATH OF THE 
MICROCOSMIC ORBIT 

The Water Path is trained only after the 
completion of the Fire Path circulation exercise. 
After the patient’s Prenatal Qi has been cultivated 
and accumulated to a substantial level, the patient 
may lead the Qi up the Conception Vessel and 
down the Governing Vessel (Figure 41.5). 

This is opposite the direction of the flow of 
the Fire Path, and is considered the ascension of 
Yin or the opening of the Water Channel. The pur- 
pose for the Water Path circulation is to change, 
regulate, and charge the body’s Yuan Shen. The 
Water cycle supports the perceptional side of con- 
sciousness, cools down the body’s overheated 
Yang Qi, and regulate the Qi circulation of the Fire 
Path to rebalance the body. 


THE WIND PATH OF THE 
MICROCOSMIC ORBIT 

The Wind Path of the Microcosmic Orbit is 
the third method of circulation and requires prac- 
titioners to lead energy up the center of their body 
through the Taiji Pole (Figure 41.6). This energy 
pathway flows up through the Marrow of the 
spine, through the brain, and washes over the falx 
cerebri into the pineal and pituitary gland. It then 
descends down along the Conception Vessel and 
back into the Lower Dantian. 

The purpose of the Wind Path is to increase 
divine perception (by accessing the energy of the 
Wu Jing Shen), and to regulate the body’s glan- 
dular and endocrine systems, to enable the prac- 
titioner to slow down the aging process. 
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Exhale down 
the Governing 
Vessel. 


Lower 
Dantian 


Inhate up the 
Conception 
Vessel. 


Figure 41.5. The Water Path of the Microcasmic Orbit 
travels up the front and down the back of the body, 
ending at the Lower Dantian. 





Exhale down 
the Conception 
Vessel. 


Inhale up 

the center of 
Lower the spine. 
Dantian 


Figure 41.6. The Wind Path of the Microcosmic Orbit 
travels up the center of the spine into the brain and 
third-eye point, down the front of the body, ending at 
the Lower Dantian. 
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MEDICAL QIGONG 


PRESCRIPTIONS 
The following exercises are taken from vari- 
ous hospitals, universities, and institutes of Medi- 


cal Qigong. These regulation prescriptions are 
used throughout China. 


DESCEND THE QI AND CLEANSE THE 
ORGANS 
This exercise was developed to utilize the 
body’s Hun-Yuan Qi (the body’s internal com- 
bined organ energy) to flush and cleanse the Triple 
Bumers and the Five Yin Organs. This is a purg- 
ing exercise, used to: 
eliminate the body’s Turbid Qi, 
* unclog the channels and collaterals, 
¢ wash the bones, 
* transform the Marrow, and 
¢ combine the remaining pure energy with the 
body’s Yuan Qi. 
It can be prescribed for patients with Excess 
conditions to descend the Liver’s or Heart's Fire. 


PULLING DOWN THE HEAVENS 

This exercise requires the focus of energy to 
flow down the body in three directions (front, cen- 
ter, and back) to complete one set. 

1. Begin in a Wuji posture, with both feet facing 
forward, a little wider than shoulders width 
apart. Both hands are at the sides of the body. 
The spine is kept straight, with the body re- 
laxed and centered (see Chapter 15 for proper 
alignment). Stand with the eyes focused on 
the horizon. Pull the Qi from the horizon into 
the eyes and down to the Lower Dantian, fill- 
ing the entire body. Hold this posture for one 
to three minutes (Figure 41.7). 

2. Inhale through the nose. With the palms fac- 
ing downward, begin to scoop the energy 
from the Earth into the body, gathering and 
absorbing the environmental energy. Focus on 
slowly filling the body with Earth Qi while 
moving the hands upwards to about waist 
level (Figure 41.8). 

3. Continue inhaling, turning the palms to face 
the Heavens and drawing both hands upwards 
at a forty-five degrees angle. As both palms 


continue to move upwards, begin pulling in 
and absorbing the Heavenly Qi while guiding 
the hands above the head. Complete the inha- 
lation with the arms above the head, palms fac- 
ing the top of the head. Pause when the hands 
are above the Baihui area (Figure 41.9). 

4. Exhale through the nose, and begin descend- 
ing the palms in front of the body. Allow the 
palms to face the body and direct the Qi flow 
through the head and throat area (Figure 41.10). 

5. Imagine the energy continuing to pour down 
through the chest and abdominal areas (Figure 
41.11). 

6. While exhaling, slowly lower the hands in front 
of the body in one continuous movement, un- 
til they reach just above the knees (Figure 41.12). 

7. Inhale and begin the sequence again. Each 
time the hands pass in front of the body, ex- 
hale and imagine the Qi being emitted 
through the hands into the tissues. Three 
passes over the front of the body equal one 
set, practice 36 sets. The energetic pathway of 
each set is explained as follows: 

a. The first pass begins by leading the Qi 
down the front of the body from the 
Baihui area. Each palm facing the body 
divides the energy into two rivers, 
which flow from the top of the head, 
over the ears, and down the throat. 
Continue guiding the two rivers down 
the front of the chest, joining again at 
the navel. From there lead the Qi down 
into the Huiyin CV-1 point at the 
perineum, then separate them again 
into two rivers which continue to flow 
down the Yin channels on the inside of 
each leg, ending at the Yongquan Kd-1 
point at the bottom of each foot. 

b. Start the next pass at the middle of the 
head above the Baihui area. Lead the 
Qi down the center of the body, and ab- 
sorb the Heavenly Qi as it passes 
through all the body’s internal organs, 
till it reaches the Lower Dantian area. 
From the Lower Dantian divide the 
energy into two rivers and descend the 
Qi down the center of the legs ending 
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Figure 41.7. Wuji Posture Figure 41.8. Pulling Down the Figure 41.9. Pulling Down the 
Heavens (A) Heavens (B} 
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Figure 41.10. Pulling Down the Figure 41.11. Pulling Down the Figure 41.12. Pulling Down the 
Heavens (C) Heavens (D) Heavens (E) 
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at the Yongquan Kd-1 point at the bot- 
tom of each foot. 

c, The final pass likewise begins at the top 
of the head, at the Baihui area. imagine 
the energy flowing like a river, down the 
midline of the back of the head and back, 
until it reaches the Mingmen GV-4 point. 
From there it divides into two rivers, de- 
scending into the Huantiao GB-30 point 
at the side of each buttock, and contin- 
ues to flow down the outside of each leg 
and ends at the Yongquan Kd-1 point at 
the bottom of each foot. As the Qi de- 
scends (on each pass), it washes the or- 
gans from the top of the head (Baihui 
point) to the bottom of the feet. 

d. Toend the exercise, relax the whole body 
and return to the Wuji posture, allowing 
the Qi to return to its origin. As the Qi 
descends through the body, imagine the 
environmental energy fusing with the 
body’s Yuan Qi, forming a mist and dew. 
Imagine this mist slowly flowing down 
(from top to bottom) and bathing, cleans- 
ing, and purifying the entire body. As the 
mist descends, if a certain organ is dis- 
eased, pause for a while to bathe the area 
with the vapor before continuing the 
flow of energy. Consciously disperse the 
pathogens out the extremities. 


GATHERING QI IN THE UPPER AND 
LOWER DANTIANS 
This exercise is designed to strengthen, tonify, 
and regulate the body’s internal organs and ener- 
getic fields. It is excellent for promoting and main- 
taining health, and can be used for tonifying the 
Kidneys, as well as to treat impotence, premature 
ejaculation, lumbago, lower back problems, and 
pelvic inflammatory disease (PID). When treat- 
ing PID, use reverse breathing with Static Qigong 
training. 
This is a tonification exercise, used to increase 
the production of Jing (sperm or ovary energy), 
‘transforming it into Qi, and to lead the Jing up 
the spinal cord to support the brain, as well as 
nurture the bone marrow. This exercise adds Fire 
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to the Mingmen, simmering the condensation of 
energy within the Kidneys. When the Kidney 
(Water) and Heart (Fire) energies are sufficient, 
their energies merge to form the True Qi which 
cultivates one’s nature, spirit, and life. This exer- 
cise also assists the Microcosmic Orbit and estab- 
lishes a base for refining and gathering energy in 
the Upper and Lower Dantians and Huiyin. 


GATHERING QI IN THE UPPER DANTIAN 

Begin from a Wuji posture. Inhale, as both 
hands gather energy while moving up the sides 
of the body and embrace the Qi into the Upper 
Dantian, Pause and exhale while separating the 
hands (Figure 41.13). 

Inhale and imagine the middle fingers of each 
hand gathering the Heaven and Earth Qi into the 
Upper Dantian. Imagine the body absorbing these 
energies through the Yin Tang point (Third Eye), 
into the pineal gland at the center of the brain. 
Imagine the light of the Upper Dantian getting 
brighter as the energy begins to increase (Figure 
41.14). Repeat this exercise nine times. 

Upon completion, focus on the Upper Dantian 
and begin to gather and fuse the body’s Yuan Shen 
along with the collected Heaven and Earth ener- 
gies into one energy. As this energy collects, imag- 
ine it forming into an energetic ball of white light 
and allow the hands to guide the light downward 
into the Lower Dantian. 

During the process of descending the Qi from 
the Upper to Lower Dantian, the focus should be 
on feeling, guiding, listening, and seeing the en- 
ergy traveling downward. As the energy of the 
Shen descends, the Jing energy naturally ascends. 
This descending and ascending action of Jing and 
Shen energies cultivates an abundant amount of 
Qi in the Lower Dantian. After the Qi has been 
gathered and stored there, pause a moment, al- 
lowing the energy to settle. Then proceed to regu- 
late the Lower Dantian. 


GATHERING QI IN THE LOWER DANTIAN 

Both hands sink down to waist level and form 
an embracing posture in front of the navel. Inhale 
while slowly drawing the palms inward towards 
the navel, gathering the Qi into the center of the 
Lower Dantian. Pause a moment and relax, allow- 
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Figure 41.13. Gathering Qi in the Upper Dantian (A) Figure 41.14, Gathering Qi in the Upper Dantian (B) 








Figure 41.15. Gathering Qi in the Lower Dantian (A) Figure 41.16. Gathering Qi in the Lower Dantian (B) 
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Figure 41.17. Gathering 
Qi in the Huiyin Area (A} 


Figure 41.18. Gathering 
Qi in the Huiyin Area (B) 


ing the energy to settle, then exhale and separate 
the hands (Figure 41,15). 

Inhale and imagine the body absorbing the 
universal and environmental energies in through 
the navel and Lower Dantian areas (Figure 41.16). 
Repeat this exercise nine times. 

Imagine the Lower Dantian as a reservoir, stor- 
ing but never overflowing. The expansion and con- 
traction of the abdominal muscles creates a “beat- 
ing and drumming” movement which improves the 
abdominal muscles’ elasticity while massaging the 
digestive system. The “beating and drumming” 
movement strengthens and increases peristalsis. 


GATHERING QI INTO THE HUIYIN AREA 

Continuing from the last posture, both hands 
begin to move downward from the Lower Dan- 
tian (Figure 41.17). 

As you inhale, bend over and imagine scoop- 
ing the Earth energy along the inside of the legs, 
directing the Qi through the three Yin channels 
into the body’s Huiyin, coccyx, and Mingmen ar- 
eas. While inhaling, it is important to pull up on 
the anal sphincter and imagine gathering the Earth 
Qi directly through the lower body’s orifices (tes- 
ticles and penis, or vagina) into the Kidneys and 
Mingmen area (Figure 41.18). 

Move both hands from the insides of the thigh, 
groin, and lower abdomen backward, along the 
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Figure 41.19. Gathering 


Figure 41.20. 
CinteunnAKaiGy Go 


Qi in the Huiyin Area (D) 


Belt Vessel, expanding the energy into the Kid- 
neys and Mingmen area. Hold this posture and 
exhale, imagining the Qi flowing into the Kidneys 
and Mingmen areas (Figure 41.19). 

Next, circle the Qi down to the Lower Dantian 
and Huiyin area. Pause for a moment to allow the 
Qi to settle and root (Figure 41,20). Repeat this ex- 
ercise nine times and end this exercise. 


ROLLING THE BALL WITH BOTH 
PALMS 

The purpose of this exercise is to regulate the 
Yin and Yang balance of energy in the body. This 
exercise also causes the capillaries along the Mi- 
crocosmic Orbit to open up, improving the Qi cir- 
culation and nerve stimulation in the extremities. 

It is excellent for purging and regulating emo- 
tions from the Heart and Yellow Court, as well as 
for descending Rebellious Lung Qi downward 
and purging Yang Qi Rising. 
SHAKING THE SUN AND MOON 

Begin from a Wuji posture. Both arms raise 
up in front of the shoulders, palms and fingertips 
pointing upward. Imagine the left palm embrac- 
ing the sun and the right palm embracing the 
moon. Vigorously shake the palms, focusing the 
mind’s intention on the center of the palms and 
fingers (Figure 41.21). 


Place both palms in front of the chest and 
Middle Dantian area, and imagine the energy of 
the sun and moon melting into each other, creat- 
ing a huge ball of energy. Make sure the eyes fo- 
cus on the center of the ball (Figure 41.22). 
ROLLING THE BALL 

Wait until you can feel the sensation of the 
energy ball before beginning the rotations. Imag- 
ine the energy ball in the hands and the energy 
ball in the Lower Dantian blending naturally into 
one energy, simultaneously rotating and rolling 
together both internally and externally. 

Begin rolling the ball, keeping the mind's in- 
tention focused on the center of each palm. Imag- 
ine the ball is slowly growing between the hands. 
Roll the ball, with the hands opposite each other, 
(one hand is up while the other is down), eigh- 
teen times in a clockwise direction, then reverse 
the direction and repeat another eighteen times 
(Figure 41.23). After the last rotation, relax the 
arms and return to Wuji posture. 


OPENING AND CLOSING THE UPPER, 
MIDDLE, AND LOWER BURNERS 

This exercise is used to regulate the body’s Yin 
and Yang energy, tonify the Yin organs, calm and 
harmonize the Yang organs, Regulate the Triple 
Burners, and help open the Conception and Gov- 
erning Vessels. This is an excellent exercise for purg- 
ing and regulating Excess conditions within the 
Triple Bumers, as well as for purging the patient’s 
Liver Fire. 

There is an ancient Chinese saying, “Open, 
close, and come and go, one hundred illnesses will 
be healed.” When opening, the Qi circulates into 
the muscles. When closing, the Qi sinks and gathers 
into the bones. The purpose of this exercise is to 
train the mind's intention, making it easier to in- 
crease the body’s external field of Wei Qi. 
OPENING AND CLOSING THE UPPER BURNER 

Begin from a Wuji posture. Both arms raise 
up to shoulder level. Vigorously shake the hands, 
palms facing down. Before opening and closing 
the Upper, Middle and Lower Burner areas, the 
awareness must settle in the Laogong area (cen- 
ter of the palms) for a few minutes. Wait until heat 
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Figure 41.21. Shaking the 
Sun and Moon (A) 


Figure 41.22. Shaking 
the Sun and Moon (B) 





Figure 41.23. Roiling the Rolling the Ball with Both 
Ball with Both Palms (A) Palms (Side View) 
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Figure 41,24. Vigorousiy Shake Figure 41.25. Open and Close the = Figure 41.26. Open and Close the 
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Figure 41.27. Open and Close the Middle Bumer (A) Figure 41.28. Open and Close the Middle Burner (B)} 











Figure 41.29. Open and Close the Lower Burner (A} Figure 41.30. Open and Close the Lower Burner (B) 


is felt in the center of the palms before beginning 
(Figure 41.24). 

After a while, bring both hands close to each 
other in front of the throat and manubrium sterni 
area (the upper segment of the sternum). Both 
palms face each other, with the fingers facing up- 
wards, Pause a moment, focusing the mind’s at- 
tention on the center of the palms, forming an en- 
ergetic ball (Figure 41.25). 

Slowly begin to open by pulling the arms 
apart, while imagining the energy between the 
center of the palms stretching like warm taffy. 
When the hands separate and open, the mind and 
body (chest and abdomen) also open. Slowly be- 
gin to close by bringing both palms together, push- 
ing and condensing the stretched energy to form 
an energetic ball. When the hands close, the mind 
and body close by removing the attention away 
from the outside world (Figure 41.26). 

When inhaling, imagine extending the fingers 
deep into the body and the Qi pouring deep into 
the tissues. When exhaling, separate the hands 
while imagining the Excess Heat and toxic energy 
being purged from the body. Repeat the exercise 
eighteen times. 


OPEN AND CLOSE THE MIDDLE BURNER 

Both hands sink down in front of the dia- 
phragm and xiphoid process (just above the na- 
vel). Pause a moment, keeping the eyes on the 
energy ball and an imaginary line which connects 
the inner Laogong Pc-8 points at the center of the 
palms (Figure 41.27). 

Slowly begin to open by pulling the arms 
apart, while imagining the energy between the 
center of the palms stretching like warm taffy. 
While exhaling, separate the hands while imag- 
ining the Excess Heat and toxic energy being 
purged from the body (Figure 41.28). 

Slowly close by bringing both palms together, 
forming an energetic ball as you push and con- 
dense the energy. While inhaling, imagine extend- 
ing the fingers deep into the body and the Qi pour- 
ing deep into the tissues. Repeat the exercise eigh- 
teen times. 


OPENING AND CLOSING THE LOWER BURNER 
Both hands sink down in front of the repro- 
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ductive organs and perineal area. Pause a mo- 
ment, keeping the eyes on an imaginary line which 
connects the inner Laogong Pc-8 points at the cen- 
ter of the palms (Figure 41.29). 

Slowly begin to open by pulling the arms 
apart, imagining the energy between the center 
of the palms stretching like warm taffy. When ex- 
haling, separate the hands while imagining the 
Excess Heat and toxic energy being purged from 
the body (Figure 41.30). 

Slowly close by bringing both palms together, 
forming an energetic ball by pushing and con- 
densing the Qi. While inhaling, imagine extend- 
ing the fingers deep into the body and the Qi pour- 
ing deep into the tissues. Repeat eighteen times. 

To end the exercise, draw the Qi back into the 
Lower Dantian, and return to a Wuji posture. 


SUN AND MOON ROTATING 
TECHNIQUE 

This exercise will massage the internal organs 
of both the Heart and the Lungs. In Medical 
Qigong, the sun is sometimes referred to as the 
energy of the Heart, which is the considered the 
master of the three Yang energies. The moon per- 
tains to the Lungs, which are the masters of the 
three Yin energies. Through the harmony of these 
dual powers the body’s Yuan (Original) Qi is born. 
This exercise increases the elasticity of the Heart 
muscles and arteries and improves Blood circula- 
tion. It also flushes the Eight Extraordinary Ves- 
sels, increases vitality, and causes the upper half 
of the body to become lighter while making the 
lower half more solid. 

This exercise can also be used in conjunction 
with the healing sound “Shang” to treat Lung dis- 
eases (i.¢., asthma and chronic bronchitis), as well 
as breast cysts and tumors by purging Toxic Qi 
from the tissues of the Lung. 

ROTATING THE PALMS 

Begin from a Wuji posture, start by vigorously 
shaking the hands and then rubbing the palms 
together (Figure 41.31). 

Place both hands on the chest, and draw the 
heat from the center of the palms into the chest, 
inhaling three times. Once the chest has absorbed 
a certain amount of heat, both palms begin to ro- 
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Figure 41.31. Vigorously Shake Figure 41.32. Sun and Moon Figure 41.33. Sun and Moon 
the Hands Rotating Technique (A} Rotating Technique (B) 
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Figure 41.34. Expanding and Figure 41.35. Expanding and Figure 41.36. Expanding and 
Contracting the Rings (Forward-A) Contracting the Rings (Forward-B) Contracting the Rings (Forward-C) 
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tate up the center line of the chest. The rotation of 
the arms forms two circles, that circulate the en- 
ergy from the inside to the outside of the breast. 
The focus of the intention should be on the “chest 
opening and the back closing” of the thorax. Re- 
peat this exercise 18 to 36 rotations, depending 
on the severity of the condition (Figure 41.32). 

Next, rotate the circles in the opposite direc- 
tion, moving from the outside towards the center 
line of the chest and then down, circulating the 
energy from the outside to the inside of the breast. 
Repeat 18 to 36 rotations, depending on the se- 
verity of the condition (Figure 41.33). 

When the rotations are completed, the middle 
fingers of both hands slightly press the Concep- 
tion Vessel downward to descend the Qi into the 
Lower Dantian. Rub the abdomen three times and 
resume a Wuji posture. 


EXPANDING AND CONTRACTING THE 
RINGS 

Expanding and contracting the rings refers to 
the expansion and contraction of the spinal verte- 
bra. This exercise reinforces the flow of the Mi- 
crocosmic Orbit, invigorates and strengthens the 
Yuan Qi, aids in transforming Jing to Qi, and 
strengthens the entire spine. The patient's coordi- 
nation and balance are also positively affected. 

While performing this exercise, the body 
should move like a “dragon playing in the ocean 
waves” by appearing and disappearing, rising and 
sinking, and twisting and coiling. The goal is to 
stretch and loosen the spinal column, rib articula- 
tions, and the back. This will cause the body’s Fire 
to descend and Water energy to ascend naturally 
through the body’s center channels. 

This exercise can be modified into a station- 
ary position for convalescing patients or patient's 
confined to a wheelchair. The patient bends for- 
ward, allowing the spine to slowly stretch, shift- 
ing the body to a forty-five degree angle. 

Begin this exercise from a right Bow Stance 
(weight is shifting 70% to the back, 30% forward) 
with both hands positioned in front of the Lower 
Dantian (Figure 41.34). 

Both hands raise upward and stretch forward, 
creating an arc and stretching the spinal column. 
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When extending and stretching the spine forward, 
imagine the Earth Qi traveling up the back leg, 
through the spine and Governing Vessel to the top 
of the head (Baihui point), and extending down 
to the Yin Tang and both Laogong points at the 
center of the palms (Figure 41.35). 

While extending the energy outward, use in- 
tention to connect with the Heavenly Qi, the en- 
ergy of the horizon, or a tree (Figure 41.36). 

As both hands withdraw, shift the weight to 
the back leg, allowing the spinal column to con- 
tract. As you shift your weight back to the start- 
ing position, imagine drawing Qi up from the 
Earth into your body. Repeat nine times. End in 
the Wuji posture. Then switch directions by 
switching the position of the feet and repeat the 
entire sequence while reversing the rotation. 

To perform the second half of the exercise, shift 
the body’s weight forward and begin moving the 
body in the reverse circular direction (Figure 41.37). 

Imagine the Heaven Qi traveling from the 
Baihui point down the Conception Vessel and out 
the front foot, extending deep into the Earth (Fig- 
ure 41,38). 

As the weight shifts back, imagine drawing 
Qi from the Heavens back into the body through 
the head and hands (Figure 41.39). 

Sink the Qi deep into the Earth allowing the 
body to be cleansed and purified (Figure 41.40). 
Repeat the exercise nine times. End in the Wuji 
posture, Then switch directions and repeat the en- 
tire sequence. 


DESCENDING THE YANG AND 
ASCENDING THE YIN TECHNIQUE 

This exercise cultivates Qi in the channels and 
collaterals of the lower body, aids the free flow of 
Qi to the Lower Dantian, strengthens the Kidneys, 
Spleen, Stomach, and the Liver Qi, while regulat- 
ing the Gall Bladder Qi. 

It is an excellent exercise for pulling the Earth 
Qi (Spleen Qi) up while sinking the Stomach Qi, 
and is good for treating problems such as irritable 
bowel syndrome and problems caused from Ex- 
cess Heat in the Middle and Lower Burners. In 
order to treat such conditions, the exercise should 
be performed for twenty minutes, twice a day. 
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Figure 41.37. Expanding 
and Contracting the 
Rings (Reverse-A) 


Figure 41.38. Expanding 
and Contracting the 
Rings (Reverse-B) 


This exercise can furthermore be used in con- 
junction with the healing sound “Yu” to treat re- 
productive organ diseases (i.e., uterine and ova- 
rian cysts, tumors, and cancer, as well as prostate 
cancer). The patient should practice a total of one 
to four hours each day, depending on the severity 
of the condition. 

Begin from a Wuji posture and embrace the 
abdomen (Figure 41,41). 

Gather Qi into the Lower Dantian and turn 
towards the left, both hands move into the 
Huantiao GB-30 point at the side of the hip (Fig- 
ure 41.42), 

Both hands slowly descend the three Yang 
channels down the outside of the left leg with a 
“pushing” action, ending on the outside of the left 
foot at the Bubbling Well point (Kd-1) at the bot- 
tom of the foot. As both hands reach downward 
to the foot, stretch the body and allow the waist 
to follow the descending Qi with a downward 
crouching movement (Figure 41.43). 

Next, shift the hands around the foot and be- 
gin ascending the three Yin channels with the 
hands inside the left leg. Continue the movement 
all the way up into the Huiyin point, pubic bone, 
and Lower Dantian area with a “pulling” and 
“drawing” action. Pull the anal sphincter upward 
while drawing the Earth Qi into the body. When 
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Figure 41.39. Expanding 
and Contracting the 
Rings (Reverse-C) 


Figure 41.40. Expanding 
and Contracting the 
Rings (Reverse-D) 


both hands raise and gather Qi upward, the body 
and waist must follow the ascending and rising 
movements (Figure 41.44). 

Pause for a few seconds and let the Qi settle 
into the Lower Dantian (Figure 41.45). 

Shift the body’s weight, and repeat the entire 
sequence on the opposite leg. The turning of the 
waist should match the movements of the thighs. 
The toes should naturally grasp the ground and 
the soles of the feet should feel full of Qi. Repeat 
nine times on each leg, and end in a Wuji posture. 

End the exercise by ascending and descend- 
ing the Earth Qi through both legs. 

From a Wuji posture, both hands embrace the 
abdomen to gather the Qi of the Lower Dantian 
and to separate the energy into two balls of en- 
ergy (Figure 41.46). 

Both hands then slowly descend the outside 
Yang channels of each thigh, all the way to the 
outside of the feet, ending at the Bubbling Well 
points (Figure 41.47). 

Move the hands along the front of the feet, 
toward the inside of the foot, slowly ascending 
the inside Yin channels of each thigh all the way 
up the body into the Huiyin and Lower Dantian 
areas (Figure 41.48) 

Pause and allow the Qi to settle in the Lower 
Dantian, then begin again (Figure 41.49). Repeat 


IN TOADS 


Figure 41.41. Figure 41.42. 
Descend the Yang Descend the Yang 
and Ascend the Yin and Ascend the Yin 

Technique (Single-A) Technique (B) 











Figure 41.46. Descend 
the Yang and Ascend the 
Yin Technique (Double-A) 


Figure 41.47, Descend 
the Yang and Ascend the 
Yin Technique (B) 


this exercise 18 times, then return to the Wuji pos- 
ture and end the exercise. 


TURNING AND WINDING THE BELT 
VESSEL TECHNIQUE 

This tonifying exercise is divided into two meth- 
ods: the Small Tuming and Winding, and the Large 
Turing and Winding techniques. Each method of 
exercise causes a different action between the rota- 
tion of the energy’s circle, the form’s circle, and the 
internal turning action of the Lower Dantian. 


Figure 41.43. 
Descend the Yang 
and Ascend the Yin 

Technique (C) 
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Figure 41.44, Figure 41.45. 
Descend the Yang Descend the Yang 
and Ascend the Yin and Ascend the Yin 

Technique (D) Technique (E) 














Figure 41.48. Descend 
the Yang and Ascend the 
Yin Technique (C) 


Figure 41.49. Descend 
the Yang and Ascend the 
Yin Technique (DB) 


Practice the Small Turning and Winding tech- 
nique first, then proceed to the Large Turning and 
Winding technique. The small method uses a 180 
degree semicircular rotation in addition to the Belt 
Vessel and Lower Dantian circle rotation. 

When practicing the Large Tuming and Wind- 
ing method, the patient’s mind must imagine a 
360 degree circle rotation of the Belt Vessel. The 
body moves externally in one direction, while the 
energy in the Lower Dantian rotates in the reverse 
direction. 
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Figure 41.50. Small Turning and Figure 41.51. Small Turning and Figure 41.52. Small Turning and 
Winding (A) Winding (B) Winding (C)} 
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Figure 41.53. Large Figure 41.54, Large Figure 41.55. Large Figure 41.56. Large 
Turning and Winding (A) = Tuming and Winding (B) = Tuming and Winding ({C) Turning and Winding (D) 
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The back and forth, side to side movements 
of the Turning and Winding action move the 
body’s Qi, and stimulate the energy moving 
within the Belt Vessel’s Qi circle. This energy circle 
fuses with the external rotation of the hands, al- 
lowing the energy from both external and inter- 
nal Qi circles to be absorbed into the Lower Dan- 
tian. Once absorbed into the Lower Dantian, the 
Qi expands into the body’s center core and blends 
with the Yuan Qi. This strengthens the waist, 
spine, and enables the Middle Burner’s Qi to per- 
vade through the upper and lower parts of the 
body. This exercise also develops strong and vig- 
orous Kidneys and thus promotes the transporta-- 
tion of the Kidney’s Jing and Qi. 

SMALL TURNING AND WINDING TECHNIQUE 

From a Wuji posture, step forward with the left 
foot to form a Leaning Horse stance. Raise both 
palms to waist level, in front of the Lower Dantian, 
with the palms facing the ground (Figure 41.50). 

Inhale and shift the body forward towards the 
right direction and begin to rotate, turning and 
twisting the body in a clockwise direction. Imag- 
ine gathering the Earth’s Qi into the Lower 
Dantian (Figure 41.51) 

Exhale, but allow the mind to focus on ab- 
sorbing the Earth Qi into the Lower Dantian. 
Pause for a minute, allowing the Qi to settle after 
filling the Lower Dantian (Figure 41.52). After nine 
circle rotations switch directions, moving in the 
opposite direction nine times. 

LARGE TURNING AND WINDING TECHNIQUE 

Bring the hands to the right side of the Ming- 
men and right Kidney area, while placing the 
mind’s intention onto the Lower Dantian and na- 
vel area (Figure 41.53). 

Inhale, as you extend both hands forward, and 
begin gathering the Earth’s Qi (Figure 41.54). 

Begin to circle rotate a 270 degree turn to- 
wards the left, while internally the energy of the 
Lower Dantian circles in the opposite direction to 
the right (Figure 41.55). Imagine the navel to be 
the center of the external circle and the Belt Vessel 
to be the internal circle. The mind’s intention leads 
the energy which guides the hands and moves the 
body and the waist. The hand movements and 
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center of weight shifting must be synchronized. 

Exhale and gather the Earth’s Qi into the left 
Kidney and Mingmen area; repeat nine times. 
Allow the Qi to fill the Mingmen and Kidneys, 
then switch directions for nine times (Figure 
41.56). End in the Wuji position. 


OPENING AND CLOSING THE HEAVEN 
AND EARTH TECHNIQUE 

The purpose of this exercise is to cultivate and 
strengthen the Lower Dantian energy by blend- 
ing it together with the Heaven and Earth Qi us- 
ing the Beating and Drumming the Qi method of 
Qi cultivation. This cultivation method roots and 
stabilizes the body, causing the Five Hearts to re- 
turn to their origin. The Five Hearts (sometimes 
called the Five Palms) are as follows: 

¢ The Heart of the Baihui area (the Crown 

Chakra) 

* The Hearts of each Laogong area (the palm 

Chakra) 

¢ The Hearts of each Yongquan area (the bot- 
tom of each foot Chakra) 

When the energy of the Lower Dantian dis- 
perses through the body, as the Mingmen pushes 
back, the Yuan Qi returns and gathers into the 
navel. This gathering and extending, back and 
forth action of energy of the Five Hearts trans- 
forms the body’s Yuan Qi, strengthens the Yin and 
Yang energy, opens the body’s channels, and en- 
courages the merging of the Heart's Fire and the 
Kidneys’ Water Qi. This method is divided into 
two techniques: Open the Heaven and Close the 
Earth, and Open the Earth and Close the Heaven 
techniques. 


OPEN THE HEAVEN AND CLOSE THE EARTH 

Begin from a Wuji posture with the left hand 
on the Lower Dantian and the right hand resting 
on top of it, both Laogong points face the navel 
(Figure 41.57). 

Keep the mind's intention focused on the na- 
vel as the center base. Inhale as both arms raise 
up the center line of the body (Figure 41.58). 

Extend the intention into the Heavens and 
begin to gather the universal Qi (Figure 41.59). 
Imagine Heavenly Qi descending and completely 
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Figure 41.57. Open the Heavens 














Figure 41.58. Open the Heavens Figure 41.59. Open the Heavens 
and Close the Earth (A) and Close the Earth (B) and Close the Earth (C) 
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Figure 41.60. Open the Heavens Figure 41.61. Open the Heavens Figure 41.62. Open the Heavens 
and Close the Earth (D) and Close the Earth (E) and Close the Earth (F) 





; 3 


iy fi 
: } | } \ 
fide RAS 
‘ is \ ‘ 
Figure 41.63. Close Figure 41.64. Close Figure 41.65. Close 
the Heavens and 


Figure 41.66. Close Figure 41.67. Close 
the Heavens and the Heavens and the Heavens and the Heavens and 
Open the Earth (A) Open the Earth(B} Openthe Earth{C) Openthe Earth(D) Open the Earth (E) 











Figure 41.68. Collect the Qi and 
Return it to the Lower Dantian (A) 





filling the body (Figure 41.60). Exhale and gather 
the Heavenly Qi deep into the body’s center core 
(Figure 41.61). 

Lead the energy from inside of the body's cen- 
ter core to the outside, imagining Heavenly Qi, 
like steam, releasing through the pores and fill- 
ing up the body’s external energy bubble like a 
mist (Figure 41.62). Repeat 18 times. 

OPEN THE EARTH AND CLOSE THE HEAVENS 

This is the exact reverse action of the Open 
the Heaven and Close the Earth technique. Begin 
from a Wuji posture with the left hand on the 
Lower Dantian and the right hand resting on top 
of it, both Laogong points face the navel (Figure 
41.63). 

Inhale and begin to separate the hands, mov- 
ing them to the outside of the body (Figure 41.64). 
Imagine gathering the Earth’s Qi into the body as 
the hands raise upwards towards the head (Fig- 
ure 41.65). Exhale and gather the Earth’s Qi deep 
into the body’s center core (Figure 41.66). 

Lead the energy from inside of the body’s cen- 
ter core to the outside, imagining the Earth’s Qi, 
like steam, releasing through the pores and fill- 
ing up the body’s external energy bubble like a 
mist (Figure 41.67). Repeat 18 times, then pause 





Figure 41.69. Collect the Qi and 
Return it to the Lower Dantian (B} 
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Figure 41.70. Collect the Qi and 
Return it to the Lower Dantian (C) 


and relax, returning to the Wuji posture. 


COLLECT THE QI AND RETURN TO THE 
LOWER DANTIAN TECHNIQUE 

The purpose of this exercise is to gather both 
universal and environmental energy and to store 
it in the navel. This exercise is used for treating 
Deficient conditions. 

COLLECT AND RETURN 

Begin from a Wuji posture and step out to the 
right, forming a Horse Stance. The left hand 
swings to embrace the navel and Lower Dantian 
as the body shifts its weight and twists toward 
the right (Figure 41.68). 

The body slowly begins to shift from side to 
side while the opposite hand gathers the univer- 
sal and environmental energy, gathering and 
packing it into the navel and Lower Dantian area 
{Figure 41.69). 

During the exchange of left and right hands 
collecting Qi, imagine that the body is swimming 
in water. Imagine the energetic consistency of the 
air, like water, following each arm as it moves, 
flowing into the center of a whirlpool located in 
the navel and Lower Dantian area (Figure 41.70). 
Repeat 18 times. End in Wuji posture. 
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QIGONG SELF-HEALING 
MASSAGE AND POINT 


THERAPY 

Qigong Massage and Point therapy is usually 
practiced after the Qigong meditations and exer- 
cise prescriptions. It involves having the patient 
lightly massage or tap the skin, while extending Qi 
into the various channels, points, and tissues. These 
self-healing massage techniques are specifically 
designed to disperse stagnations and Excess con- 
ditions, as well as to activate and regulate the ener- 
getic flow within the body's external and internal 
channels, thereby increasing the energy flow. 

These massage techniques can be practiced 
from either a lying, sitting, or standing posture. 


WASH THE FACE 

This exercise stimulates the skin and facial 
muscles. Begin from a Wuji posture. Shake the 
hands vigorously to remove any External patho- 
genic Qi. Then slap the palms and rub the hands 
together vigorously until they get hot. Gently 
place both hands over the eyes and inhale, absorb- 
ing the heat into the face and Upper Dantian. 
While inhaling, allow the Qi to enter the Taiji Pole. 

Exhale and imagine the energy gathered in 
the Upper Dantian descending down the center 
of the body, flowing into the Lower Dantian. Per- 
form this gathering and descending action three 
times. 

Next, both hands begin to wash the face, in 
an outward circular motion. Allow the hands to 
massage the face, up from the nose, eyes, and fore- 
head, down along the temples, cheeks, and across 
the chin and mouth, returning back to the nose. 
Perform this face massage technique for 9 breaths. 

Shake the hands vigorously to remove any 
External pathogenic Qi, then proceed to the next 
exercise. 


MASSAGE THE HEAD 

Guide all ten fingers over the head and down 
over the back of the neck (this is called Ten Drag- 
ons Run Through the Forest). Repeat nine times. 
This can be performed either by touching or not 
touching the head (Figure 41.71). 





Figure 41.71. Wash the Face and Massage the Head: 
After rubbing the hands to heat the palms, place both 
hands on the face and draw the heat in through the 
eyes and into the Upper Dantian (1). Next, comb the 
hair with the fingertips (2), and drain the excess Qi 
from the head and neck area (3). 





Figure 41.72. Beating the Heavenly Drum 


BEATING THE HEAVENLY DRUM 

This exercise balances the air pressure in the 
eustachian tubes and ear canals, relieves tinnitus, 
helps prevent vertigo, relaxes the mind, helps to 
improve hearing, expels stagnant Qi collected at 
the back of the head (within the Jade Pillow), and 
also stimulates the pineal gland and Kidneys’ Qi. 

Begin by interlacing the fingers and place both 
hands on the back of the head. The palm of each 
hand should cover the ears. While compressing 
the ears, close your eyes and practice the Beating 
and Drumming thumping method at the back of 
the head in the rhythmic sequence of a heart beat. 
This causes relaxation and creates an altered, in- 
utero state of consciousness. The index fingers of 
each hand should thump the Jade Pillow (BI-9) at 
the back of the occiput pass 36 times (Figure 41.72). 

After thumping the back of the head, clench 
the teeth, close the mouth, and bend the body over. 
Exhale while bending over and bring the head 
between the legs. The legs are straight, waist and 
buttocks are relaxed, and both eyes look towards 
the back from in-between the legs, while holding 
the breath (Figure 41.73). 

Next, raise the body up, inhale and again per- 
form the Beating the Heavenly Drum sequence. 
Practice this exercise 14 times. 


PRESSING THE EARS 

This exercise is used to enhance hearing, 
stimulate mental energy and also to stimulate the 
Kidneys’ Qi. Use the Laogong areas at the center 
of each palm to compress the ears (like a plunger). 
Repeat this exercise nine times (Figure 41.74). 

Next, move the right hand behind the head 
and pull the left ear (at a 45 degree angle) towards 
the back, with the left hand is placed on the Lower 
Dantian. Hold this posture for 9 breaths, then re- 
verse for 9 breaths. 


RUBBING THE EYES 


RUBBING THE EYES (SEQUENCE #1} 

This exercise is good for enhancing Qi and 
Blood circulation to the eyes for improving vision, 
treating eye diseases (especially glaucoma), reliev- 
ing fatigue (caused by eye strain), and also for 
stimulating the Liver Qi. 
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Figure 41.73. Bend the Body Over While Holding the 
Breath 








Figure 41.74. Pressing the Ears 
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With both thumbs resting on the cheekbones, 
form two soft fists and, using the edge of the index 
knuckles, begin to massage in a circle the top of the 
eyelids (from the bridge of the nose out along the 
eyebrows). Next massage just bellow the bottom of 
the eyelids from the bridge of the nose. Alternate 
from top to bottom 18 times (Figure 41.75). 


RUBBING THE EYES (SEQUENCE #2) 

With the thumbs still resting on the cheek- 
bones, use the tip of the index fingers to massage 
the points around the eyes, from the inner cor- 
ners of the skin, in a circular motion. Start rotat- 
ing in a small circle, at the BI-1 point. Circle nine 
times towards the inside, then nine times towards 
the outside, for a total of three breaths. 

Next massage the middle of the eyebrows at 
the Extra Point Yu Yao. Then proceed to the out- 
side of the eyes at the GB-1 point. (3) End at the 
base of the eyes at the St-1 point. Each area should 
be massaged 18 times (9 times towards the inside, 
then 9 times towards the outside} (Figure 41.76). 


MASSAGING THE NOSE 

This exercise is performed to treat colds, re- 
duce swelling of the sinus tissues, eliminate mu- 
cus from the airways, stimulate the sinus nerves, 
open the nasal passages, and also stimulate the 
Lungs’ Qi. 

Begin by making soft fists and use the sides 
of the thumbs to massage the sides of the nose at 
the LI-20 points in an up and down motion 9 times 
pressing inward, and then 9 times pressing out- 
ward (Figure 41.77). 

Next, use the tips of the index fingers and 
press deeply at the base of the nose at the LI-20 
points, for a period of ten seconds, then circle- 
massage for 18 rotations. Press deeply midway 
up the nose, on both sides at the Bitong points for 
a period of ten seconds, then circle-massage 18 
times. Finally, both fingers press deeply at the 
upper point at the bridge of the nose at the 
Shangen points for ten seconds, then circle-mas- 
sage 18 times. 


CLICKING THE TEETH 
This exercise is good for strengthening the 
teeth and gums, tonifying the jaw muscles, im- 
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Figure 41.75. Rubbing the Eyes (Sequence 1) 





Figure 41.76. Rubbing the Eyes (Sequence 2} 


proving the Qi and Blood circulation to the gum 
tissues, and also to enhance the Kidneys’ Qi. 
Clamp the jaws shut so that the teeth are pressing 
together and the jaw muscles flex. Click the teeth 
36 times. 


WAGGING THE TONGUE 

This exercise is good for stimulating the sali- 
vary ducts beneath the tongue, and also for stimu- 
lating the Heart’s Qi. Wag the tongue on the out- 
side gums 18 times in one direction, 18 times in 
the opposite direction, then 18 times from the 
lower to upper palate, and finally, 18 times press- 
ing the tip of the tongue against the back of the 
teeth (Figure 41.78). 


SWALLOWING THE SALIVA 

Saliva contains many kinds of enzymes which 
aid in digestion. In ancient China, this practice was 
sometimes called the Immortal’s Water or Juice 
of Jade, because the saliva is energized during the 
Qigong meditation and believed to contain spe- 
cial healing properties. 

To begin, inhale and swallow the saliva with 
a big gulp (three times), using the breath as a seal 
or bubble to enclose the air, then send it down the 
Conception Vessel to bathe the Five Yin Organs, 
ending at the Lower Dantian. It is important to 
tilt the head slightly forward (after inhaling) be- 
fore swallowing the Immortal’s Water. 


WHIRLING THE NAPE AND TURNING 
THE NECK 

The purpose of this exercise is to massage the 
thyroid and larynx as well as to stretch the muscles 
and tendons throughout the neck and cervical 
vertebrae. 

To begin, place the back of the hands on the 
Kidneys. While relaxing, allow the head to relax 
and naturally hang, slowly rotating its motion to 
the left and right nine times (Figure 41.79). 

Next, suspend the head and slowly twist the 
nape of the neck to the right and left direction nine 
times. While performing this exercise, focus the 
mind’s intention on the Lower Dantian. When fin- 
ishing, focus the mind’s attention on the Bubbling, 
Well points at the center of the feet. 
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Figure 41.77. Massaging the Nose 








Figure 41.78. Wagging the Tongue 
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MASSAGING THE CHEST AND 
ABDOMEN 

The purpose of this exercise is to disperse Ex- 
cess Qi from the chest and abdominal area. This 
allows the body to balance the energy of the up- 
per torso with that of the lower torso. 

Beginning with the mind’s attention focused 
on the Laogong areas at the center of each palm 
(Pc-8), brush the chest and abdomen downward 
nine times, starting from the collar bone and end- 
ing by the pubic bone (Figure 41.80). 


MASSAGE TAPPING THE HANDS (LI-4) 

Stimulating the Hegu or Joining of the Val- 
leys points. The purpose of this exercise is to clear 
and activate the channels and collaterals, regulate, 
tonify and promote the circulation of Qi, to dispel 
pathogenic Wind, clear Fire and Heat, and to tran- 
quilize the mind. 

Begin by extending both arms in front of the 
body and allow both hands to collide into each 
other, thus tapping the Hegu points located be- 
tween the thumb and first finger. Repeat nine 
times (Figure 41.81). 


MASSAGE TAPPING THE FOREARMS 
(Pc-6) 

Stimulating the Neiquan or Inner Border Gate 
points. The purpose of this exercise is to regulate 
and tonify the Qi and Blood of the Heart and Stom- 
ach, to clear the Heart Fire, transform the Heart 
Phlegm, and to calm the Heart. 

Begin by forming a hollow fist with the right 
hand and then lightly tap the Neiquan point lo- 
cated three fingers up from the wrist fold, on the 
lower left forearm area, nine times. Switch arms 
and repeat (Figure 41.82). 


MASSAGE TAPPING THE ELBOWS (LI- 
11) 

This exercise stimulates the Quchi or Crooked. 
Pond points. The purpose of this exercise is to help 
dispel pathogenic Wind from the body, to regu- 
late the Stomach and intestines, eliminate stasis, 
relax the muscles and tendons, lubricate the joints, 
and to cool the Heat in the Blood. 

To begin, the right hand forms a hollow fist 
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Figure 41.79. Whirling the Nape and Tuming the 
Head 








Figure 41.80. Massaging the Chest and Abdomen 








Figure 41.81. Massage Tapping LI-4 


and lightly taps the Quchi point located at the end 
of the left elbow-fold, nine times. Switch arms and 
repeat (Figure 41.83). 


MASSAGING UNDER THE ARMS (HT-1) 

This exercise stimulates the Jiquan or Supreme 
Spring points. The purpose of this exercise is to 
regulate the Qi of the Lungs and Heart, promot- 
ing the circulation of Qi and Blood, as well as to 
regulate the blood vessels. 

To begin, the right hand reaches under the left 
arm pit and circle massages nine times. Switch 
sides and repeat nine times (Figure 41.84). 


MASSAGE TAPPING THE UPPER 
SHOULDERS (GB-21) 

This exercise stimulates the Jianjing or Shoul- 
der Well points. The purpose of this exercise is to 
regulate the body’s Qi activities, disperse Liver 
Qi stagnation, extinguish Liver Wind, dispel Wind 
and Cold, redirect Rebellious Qi downward, and 
to dredge Excess Qi from all the Yang channels. 

To begin, the right hand forms a hollow fist 
or soft palm and taps the left Jianjing point lo- 
cated on the upper ridge of the neck, while the 
left hand alternately taps the right Jianjing point. 
Both left and right tapping count as one set. Per- 
form nine times (Figure 41.85). 


MASSAGING THE ARMS 

This exercise stimulates the six channels of the 
arms (the three Yang channels located on the out- 
side, three Yin channels located on the inside). 

Begin by placing the right palm on the inside 
of the left shoulder. Exhale and rub the entire arm 
from inside the shoulder and arm to the fingers. 
Next inhale and rub the entire outside of the arm 
from the fingers to the outside of the shoulder. 
Continue this movement for 18 breaths, then re- 
peat on the other side (Figure 41.86). 


MASSAGE TAPPING THE LOWER 
DANTIAN (CY-6) 

This exercise stimulates the Qihai or Sea of 
Qi points. The purpose of this exercise is to ener- 
gize and tonify the lower abdominal organs, as 
well as to stimulate the Qi of the Lower Dantian. 
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Figure 41.82. Massage Tapping Pc-6 
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Figure 41.84. Massaging Under the Arm Ht-1 








Figure 41.85. Massage Tapping GB-21 
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Begin by stroking the chest, gathering the 
body’s Qi down into the Lower Dantian. Using 
either soft fists, palms, or fingers, both hands 
lightly tap the Lower Dantian and navel area for 
three breaths (Figure 41.87). 


MASSAGE TAPPING THE BACK OF THE 
WAIST (GV-4) 

This exercise stimulates the Mingmen or Gate 
of Life point. This exercise stimulates and tonifies 
the Kidneys, adrenal glands, and the Mingmen. 
It is used to regulate the Governing Vessel, excite 
and strengthen Kidneys’ Yang Qi, to replenish the 
Kidneys, as well as to strengthen the lower back 
and bones. 

Begin by slightly leaning the body forward. 
Using the right and left soft palms or hollow fists, 
lightly tap the back of the waist, Mingmen and 
the Kidneys’ area for three breaths (Figure 41.88). 


MASSAGE TAPPING THE SIDES OF THE 
HIPS (GB-30) 

This exercise stimulates the Huantiao or 
Jumping Circle points. The purpose of this exer- 
cise is to dispel Wind and Cold, reduce pain in 
the thighs and legs, as well as to strengthen the 
lower back, and tonify the lower extremities. 

Using the right and left hollow fists or soft 
palms, lightly tap the hip bone Huantiao points 
nine times (Figure 41.89). 


MASSAGE TAPPING THE THIGHS (GB- 
31) 

This exercise stimulates the Fengshi or Wind’s 
Market points. The purpose of this exercise is to 
dispel Wind and Cold, clear Heat, tonify the legs, 
reduce flaccidity and numbness of the lower ex- 
tremities, and to transform Dampness. 

Using the right and left hollow fists or soft 
palms, lightly tap the upper thighs at the Fengshi 
Points nine times (Figure 41.90). 


MASSAGE TAPPING THE OUTSIDE OF 
THE KNEES (GB-34) 

This exercise stimulates the Yanglingquan or 
Yang Mound Spring points. The purpose of this 
exercise is to relax the muscles and tendons, acti- 
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Figure 41.86. Massaging the Arm Channets 





Figure 41.87. Massage Tapping the Lower Dantian 








Figure 41.89. Massage Tapping GB-30 


vate the flow of Qi and Blood in the channels and 
collaterals, relieve spasms and pain, clear away 
Damp-Heat, and disperse stagnant Liver and Gall 
Bladder Qi. 

Using the right and left hollow fists or soft 
palms, lightly tap the outside of the knees at the 
Yanglingquan points nine times (Figure 41.91). 


MASSAGE TAPPING THE INSIDE OF 
THE KNEES (SP-9) 

This exercise stimulates the Yinlingquan or 
Yin Mound Spring points. The purpose of this ex- 
ercise is to regulate and tonify the Spleen (Yang), 
Stomach (Yin), and Lower Burner, to resolve 
Dampness and Damp Heat, as well as to treat knee 
pain and problems with difficulty in urination. 

Using the right and left hollow fists or soft 
palms, lightly tap the inside of the knees at the 
Yinlingquan points nine times (Figure 41.92). 


MASSAGE TAPPING THE BACK OF THE 
KNEES (BL-40) 

This exercise stimulates the Weizong or En- 
trusting Middle points. The purpose of this exer- 
cise is to relax the muscles and tendons, activate 
the flow of Qi and Blood in the channels and 
collaterals, cool the Blood to stop bleeding, trans- 
form Damp Heat in the Bladder and intestines and 
to strengthen the waist and knees. 

Using the right and left hollow fists or soft 
palms, lightly tap the back of the knees at the 
Weizhong points nine times (Figure 41.93). 


MASSAGE TAPPING BELOW THE 
KNEES (ST-36) 

This exercise stimulates the Zusanli or Foot 
Three Miles points. The purpose of this exercise 
is to regulate the Stomach and intestines, facili- 
tate the flow of Qi to relieve bloating and disten- 
tion, to dissipate stagnation and obstructions, to 
promote the circulation of Ying Qi, to alleviate wa- 
ter retention and subdue swelling, and to activate 
the flow of Qi and Blood in the channels and col- 
laterals. 

Using the right and left hollow fists or soft 
palms, lightly tap the lower leg Zusanli points nine 
times (Figure 41.94). 
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Figure 41.91. Massage Tapping GB-34 














Figure 41.93. Massage Tapping BI-40 


Fos 


SECTION 9: MEDICAL QIGONG EXERCISE PRESCRIPTIONS 


MASSAGE TAPPING ABOVE THE 
MEDIAL MALLEOLUS (SP-6) 

This exercise stimulates the Sanyinjiao or 
Three Yin Crossing points. The purpose of this ex- 
ercise is to tonify and regulate the Qi and Yang of 
the Spleen, as well as regulate the Qi of the Stom- 
ach, Middle and Lower Burners, reduce digestive 
stagnation, and to facilitate Blood flow. 

Using the right and left hollow fists or soft 
palms, lightly tap the inside of the lower leg at 
the Sanyinjiao points nine times. (Figure 41.95). 


MASSAGE TAPPING THE HEELS (KD-1) 

This exercise stimulates the Yongquan or Bub- 
bling Spring points. The purpose of this exercise 
is to tonify the Kidneys’ Yin and Jing, tranquilize 
the mind, clear away Heat, purge pathogenic Fire, 
calm the Liver and to stop pathogenic Wind. 

To begin this exercise make sure that the knees 
are slightly bent. Quickly rise and fall on both 
heels to stimulate the Yongquan points and shake 
the back nine times (Figure 41.96). 


TREMBLING THE KNEES 

The purpose of this exercise is to disperse stag- 
nant Qi, as well as to relax the perineum. 

To begin this exercise, relax, then bend and 
straighten the knees quickly for nine times. Next 
shake them from side to side quickly in order to 
tremble and shake the entire body. Repeat nine 
times (Figure 41.97). 


CIRCLING THE ABDOMEN 

The purpose of this exercise is to balance the 
Lower Dantian Qi, stimulate the Stomach and 
bowels, and enhance digestive peristalsis. 

To begin, place the center of both palms on 
the Lower Dantian, embracing the navel {for men, 
the left palm is on the top, opposite for women). 
Focus the mind’s intention deep into the Lower 
Dantian. While using the navel as the center, con- 
nect the energy of the Lower Dantian with the 
center of the palms as they rotate. 

Begin to circle 36 times counterclockwise for 
men (from the patient’s point of view), whereas 
the rotation is clockwise for women. Allow the 
circle to gradually move from a smaller to a larger 
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Figure 41.94. Massage Tapping St-36 





Figure 41.95. Massage Tapping Sp-6 





Figure 41.96. Dropping the Heels to Stimulate Kd-1 


rotation (as the hands circle, imagine that they are 
dispersing the Qi). Pause and reverse the circle, 
rotating 24 times in the opposite direction, gradu- 
ally reducing the circle’s size. This will draw the 
Qi from the outer portion of the body and collect 
it into the Lower Dantian. Pause for a moment 
then return to the Wuji position (Figure 41.98). 


COMPLETING THE EXERCISE 

Upon completion of the exercise, close the 
Four Doors (the center of each palm and foot) and 
cultivate the Qi with stillness, allowing the energy 
to return to its origin. Hold a quiet Wuji postue 
for about 15 minutes. 

The purpose for the first circle rotation is to 
release the Yuan Qi which has been collected and 
gathered in the Lower Dantian. This is to avoid 
any stagnation which may cause the energy flow 
to slow down. This also disperses and releases the 
Yuan Qi, allowing it to blend with the Essential 
Qi of the Five Yin Organs. 

When performing the reverse or second circle 
rotation, allow all the dispersed energy to gather 
together and return back to the Lower Dantian. 
This accumulates and stores the organ energy, 
blending it together with the Original Qi. 
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Figure 41.98. Circling the Abdomen to Finish 
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CHAPTER 42 


DAOIST QIGONG REGULATION EXERCISES 


This particular school of Daoist Medical Qigong 
Regulation was first introduced in the West by one 
of my teachers, Dr. Her Yue Wong. These techniques 
have become increasingly popular, as they are 
simple, yet extremely effective in tonifying and 
regulating the body’s organ energy. 

The interesting thing about Western healing 
practices is that they focus on the neuromuscular 
skeletal system to the exclusion of the visceral sys- 
tem, not recognizing that the visceral system is 
necessary to supply the fuel for the neuromuscu- 
lar system. These following exercises focus on the 
visceral system and enhance the quality of life of 
the viscera. 

The system as a whole is divided into two 
sections. The first section stimulates, energizes, 
and regulates the body’s Yang organs and chan- 
nels, The second section stimulates, energizes, and 
regulates the body’s Yin organs and channels. 

The exercises can be practiced as a complete 
system, or singled out individually and practiced 
as tonification prescriptions. As with any Medi- 
cal Qigong prescription, the patient must purge 
his or her body of Toxic Qi before starting the toni- 
fication exercise and return the Qi back to the 
Lower Dantian upon completion. 


DAOIST FIVE YANG ORGAN 
REGULATION EXERCISE 

This exercise massages the five Yang diges- 
tive organs, strengthens the peristaltic action of 
the body’s digestive system, as well as increases 
the capillary circulation through the stimulation 
of the autonomic nervous system. The Yang di- 
gestive organs (Stomach, Small Intestine, Large 
Intestine, Urinary Bladder, and Gall Bladder) are 
used by the body to release waste and Turbid Qi; 
therefore, it is important to keep the Yang organs 
strong and functioning smoothly. 


The Beating and Drumming the Qi Breath 
Regulation (which is employed within this exer- 
cise) is beneficial for those patients who suffer 
from digestive problems and irregularity (ie., 
spastic colon, chronic diarrhea, irritable bowel 
syndrome, etc.). 

When the patient’s arms swing rhythmically 
throughout the exercise, the nerves and Qi chan- 
nels of the shoulder joints become stimulated. The 
swaying action of the arms increases the circula- 
tion in the energetic channels which connect the 
different internal organs and terminate at the hands. 

Although this exercise is simple, the result in 
strengthening the body's peristaltic action and 
curing digestive illnesses is very effective. The 
patient is therefore cautioned not to eat prior to 
practicing this exercise. 

SWAYING THE ARMS WHILE BEATING AND 
DRUMMING THE QI 

Assume a wide stance with the arms suspended 
by the sides of the body. While inhaling, swing the 
arms up straight out in front of the body and then 
bring the hands in by the chest (Figure 42.1). Ex- 
pand the abdomen fully focusing the mind’s inten- 





Figure 42.1. The Daoist Five Yang Organ exercise. 
Inhale and draw the Qi into the Lower Dantian while 
swinging the hands forward. 
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tion on filling the lower abdomen with Qi. 

When exhaling, swing the arms back behind 
the body while compressing the abdomen down 
and inward directing the Qi to flow from the 
lower perineum, circulate back into the sacral 
area, then to the navel and back down to the 
perineum (Figure 42.2). 

Continue to swing the arms back and forth at 
a pace that is comfortable using natural breath- 
ing. The abdomen should expand and contract 
without forcing the respiration. The patient must 
have the anal sphincter closed throughout the 
entire exercise. Continue this repetition for at least 
50 breaths. Try to work up to 250 breaths or more 
for chronic conditions of abdominal obstruction 
and Qi stagnation within the digestive system. 

The pressing and releasing action of the ab- 
domen stimulates the energetic functions of the 
autonomic nervous system. The autonomic ner- 
vous system has two divisions: 

1. The fight or flight mechanism of the sympa- 
thetic division -- which shuts down the diges- 
tive system due to the production of adrena- 
line or norepinephrine and redirects Qi and 
Blood flow to the brain and skeletal muscles, 
and 

2. The vegetative, renewal mechanism of the para- 
sympathetic division - which draws Qi and 
Blood from the brain into the digestive system. 
The centers for neuronal control of the auto- 

nomic nervous system and also control the diges- 
tion and tubal contraction are located in the cra- 
nium and in the sacrum. The accessory nerve and 
vagus nerve carries from the brain stem, its 
nucleus (or center), all of the information to sup- 
ply the digestive system with impulses to stimu- 
late peristaltic contraction. At the lower end of the 
digestive system, the sigmoid colon, rectum, Blad- 
der and uterus are controlled by nerve fibers com- 
ing from the first, second, and third sacral fo- 
ramina. The action of the cranial-sacral division 
of the parasympathetic nervous system is to 
stimulate peristaltic action (hence the movement 
of nutrients through the digestive system). 

The movement of the abdominal cavity, dia- 
phragm, and thoracic cavity changes the position 
of each organ and enhances its function. By tight- 
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Figure 42.2. Exhale and compress the abdomen, 
allowing the hands to swing behind the body. 





ening the anal sphincter and compressing and re- 
leasing the urogenital diaphragm, the reproductive 
organs are also stimulated, including the uterus, 
prostate, urethra, and testicles. Finally, the Daoist 
Five Yang Organ Regulation exercise also enhances 
the peristaltic action of the body’s lymphatic sys- 
tem, circulatory system, and tubal systems. 


DAOIST FIVE YIN ORGAN 
TONIFICATION AND REGULATION 
EXERCISES 

Each of the following exercises are designed 
to stimulate the specific internal Yin organ, as well 
as the paths of energy that flow from the chan- 
nels of each organ. Since the Yin organs have the 
responsibility of storing energy, each exercise is 
named for the organ it tonifies. 

The Yin exercises are performed in the se- 
quence shown below without pausing in-between 
transitions. Unless specifically prescribed as a 
therapeutic modality, each exercise should flow 
directly into the next. The transitions are very im- 
portant for continuity of energy flow. This par- 
ticular Five Yin Organ series begins with an open- 
ing exercise and ends with a closing exercise. 
OPENING, COLLECTING, AND MOVING THE QI 

The opening exercise is designed to stretch and 
loosen the spinal vertebrae and to facilitate the en- 
ergy flow through the patient's Governing Vessel. 
The spinal stretch also stimulates the flow of fluids 
and electrical impulses in the central nervous sys- 
tem (brain and spinal cord), which is nurtured by 


the cerebral spinal fluid. When the fluid starts to 
move, it awakens the nervous system causing more 
nutrients to enter the cellular structure of the nerves. 
The stretching, compressing, and pumping action 
of the spinal cord stimulates the movement recep- 
tors located in all of the ligaments and fascia ener- 
gizing the body’s entire proprioceptor mechanism. 

The opening exercise is also designed to stretch 
the connective tissue, warm the body’s intercellu- 
lar matrix and tissues, stimulate the somatic sys- 
tem, free adhesions, as well as enhance the elastic- 
ity and compressibility of the ligamentous structure. 

After finishing the Daoist Five Yang Organ 
Regulation exercise, return both hands to the 
Lower Dantian. Next, raise both hands above the 
head as you inhale (Figure 42.3). 

Imagine energy (like a rushing river) flowing 
up from the feet, filling the legs, hips, waist, chest, 
arms, and head. Every square inch of the body is 
absorbing and being saturated with this Earth 
energy. When the entire body is completely full, 
the hands should still be positioned above the 
head (Figure 42.4). 

Begin to exhale and feel the hands getting 
very heavy. The heaviness pulls the hands for- 
ward and then slowly starts to pull the body over. 
Slowly bend the head forward and feel the cervi- 
cal vertebrae stretch. Let the hands pull the arms, 
which in turn will pull the shoulders and torso, 
followed by bending at the waist. The purpose 
of this movement is to feel each vertebra of the 
spine stretch sequentially so that a rippling ef- 
fect descends down the spine. This will facilitate 
maximum stretch of the spine. While bending 
over, exhale and imagine the energy meiting away 
from the entire body (like ice melting into water) 
slowly dissolving and rushing down through the 
feet and out into the ground (Figure 42.5). 

Once completely bent over, imagine picking 
up a ball. Bend the knees and slowly stand up. 
While standing up, reverse the rippling of the 
spine from the coccyx, sacrum, and lower lumbar 
vertebrae to the base of the skull (Figure 42.6). Re- 
peat these movements five times. Remember to 
inhale while raising the body, bring both arms 
over your head, and exhale as the body descends. 
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Figure 42.3. The Daoist Five Yin Organ Opening 
exercise. Begin by stretching the arms above the head. 








Figure 42.4, Inhale and imagine the Earth Qi like water 
filling the entire body. 








Figure 42.5. Exhale, bend the body and imagine any 
tension melting out the body into the Earth. 
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Figure 42.6. For the transition movement to the Lung 
Tonification exercise: inhale, bend the knees and slowly 
stand up. 
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LUNG TONIFIGATION AND REGULATION 
EXERCISE 

This exercise is designed to massage the Lungs’ 
tissues and nerves, as well as tonify the entire Lung 
organs and channels. In the Lung exercise, both the 
sympathetic and parasympathetic divisions of the 
autonomic nervous system are stimulated. The com- 
pression and release action of the scapulae and tho- 
racic vertebrae stimulate the nerves, arteries, veins 
and capillary system in the thoracic region. 

Compressing and releasing of the muscles and 
blood vessels in the back and chest areas stimulates 
the transforming of the Qi and Blood and enhances 
the health of the individual tissue cells. The com- 
pression and release of the thorax also increases the 
stimulation of the nervous system in the Lung area, 
as well as stimulates the “release and return” ac- 
tion of the lymphatic system. All the major lym- 
phatic ducts are located in the posterior portion of 
the thoracic wall. 

The compression and release of the second, 
third, and fourth thoracic vertebrae stimulates the 
sympathetic preganglionic fibers from the spinal 
cord, which in turn stimulates the postganglionic 
fibers and the sympathetic outflow to the Lungs 
and bronchi. Patients practice this exercise to 
strengthen their respiratory system as well as in- 
crease the production of their Wei Qi to enhance 
their body’s immune system. 

Upon compietion of the Opening exercise, the 
patient brings the hands above the head and places 
them in front of the torso at shoulder level while 
exhaling. The patient’s palms should be facing 
downward parallel with the floor (Figure 42.7). 

Inhale and bring the arms straight out to the 
sides (both hands should not go any higher than 
the shoulders) (Figure 42.8), 

As the arms reach the sides of the body, ro- 
tate the palms until they face upward. Keep the 
shoulders stable and relaxed (Figure 42.9). 

While exhaling, bring the arms straight out 
in front of the body returning to the beginning 
posture (Figure 42.10). 

Allow the scapulas to gently push the arms for- 
ward. The sternum at this point is pushed inward 
sos to hollow the chest. Once the hands are aligned 
in the front of the shoulders, rotate the arms and 
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Figure 42.7. The Lungs Tonification exercise: Inhale as 
the hands separate. 


Figure 42.8. Separate the Hands and tum the palms 
upward. 
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Figure 42.9. Exhale as you bring the arms toward each 
other. 








Figure 42.10. Draw the hands toward each other and 
turn the palms facing the Earth. 


inhale to begin again. Repeat 20 times. 

Note: Do not let the hands touch when bring- 
ing the arms back together towards the center line 
of the body. The body will short circuit itself, re- 
sulting in a mild shock or a sick feeling inside the 
thorax by the Heart. 

KIDNEY TONIFICATION AND REGULATION 
EXERCISE 

This exercise is designed to massage the Kid- 
neys’ tissues and nerves, as well as tonify the en- 
tire Kidney organs and channels. According to 
Western physiology, the Kidneys maintain the 
chemical, pH (potential of hydrogen), and tem- 
perature balance of the Blood. The Kidneys func- 
tion like a rheostat changing the body’s ability to 
absorb, retain, or release water according to the 
environment (e.g., retaining water in hot climates). 

The twisting back and forth, pumping action 
of the exercise stimulates an opening and closing 
action within the Kidney organ. The Kidneys re- 
ceive the major Blood supply from the abdomi- 
nal aorta. In the Kidney exercise, the action of rais- 
ing the torso upwards will literally suck Qi and 
Blood into the Kidney area. 

Patients practice this exercise to strengthen 
their reproductive system, as well as increase the 
production of their Jing. It also helps balance the 
body’s general energy condition, and can be used 
to treat sexual disorders and malfunctions. 

Upon completing the Lung exercise, both 
arms are extending straight out in front of the 
body (Figure 42.11). 

Inhale and drop the elbows and bring the hands 
down in front of the Lower Dantian (Figure 42.12). 

Exhale and shift the weight to the left. As the 
left outer palm wraps around the back, resting it- 
self on the right Kidney, the right palm extends 
towards the left direction (Figure 42.13). 

The right palm, facing outward towards the left 
direction, begins to circle upwards in front of the 
face at eye level. As the palm begins to move, the 
eyes watch the back of the right palm (Figure 42.14). 

Shift the weight towards the right side of the 
body and begin leaning towards the right direction. 
The eyes continue to follow the right palm as it be- 
gins to circle downwards in front of the body. Ex- 
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Figure 42.11. After completing the Lung exercise, center 
the body to prepare for the Kidney Tonification exercise. 








Figure 42.12. Preparation for the Kidney Tonification 
Exercise 





Figure 42.13. Kidney Tonification Exercise: exhale as 
the left outer palm wraps around the right kidney, and 
the right palm extends outward in a left direction. 





Figure 42.14. Begin to inhale as the right palm circies 
upwards and turns outward at eye level and begins to 
descend. 
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hale while shifting the weight (Figure 42.15). 

Shift the weight, bend the knees and begin to 
lean over. While continuing to exhale, imagine 
scooping water with the right palm. Bend at the 
waist and scoop with the right arm. Keep the back 
relaxed and straight (Figure 42.16). 

Allowing the right arm to follow the motion 
of the body, begin rising up slightly while turn- 
ing forming an arc in front of the torso. As the 
palm raises, imagine the energy (which has been 
scooped into the arm) draining down the right 
arm across the shoulders and down the left arm 
into the right Kidney. Repeat this side for ten 
breaths (Figure 42.17). 

After completing 10 breaths switch directions 
by shifting the weight onto the right leg (Figure 
42.18 and Figure 42.19). 

The right hand wraps the torso ending at the 
left Kidney and Mingmen area while the left palm 
is positioned in front of the face. Begin to inhale 
and repeat 10 times on the opposite side. 

LIVER TONIFICATION AND REGULATION 
EXERCISE 

This exercise is designed to massage the 
Liver’s tissues and nerves, as well as tonify the 
entire Liver organ and channels. 

According to Western physiology, the Liver 
is the body’s master filter, collecting all of the nu- 
trients that are being absorbed from the digestive 
system via the hepatic portal vein. The Liver func- 
tions like a series of channels. The cells of the chan- 
nels are considered the processing factory for the 
entire body. If the body has a need for a particular 
nutrient, the Liver will create the enzymes for di- 
gestion, breaking down into components that 
which the body needs (or storing the components 
until needed). The Liver is also responsible for 
detoxifying, producing antibodies, and creating 
new cells to handle foreign substances recently 
absorbed by the body (storing substances of which 
it has no need). 

The compression and release action of the 
torso causes a physical compression within the 
Liver organ itself, flushing Qi and Blood from the 
digestive system through the Liver and into the 
Gall Bladder where bile is stored. 
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Figure 42.15. Continue inhaling as you bend over at 
the waist. Once your head sinks below your hips begin 
to exhale. Allow your right palm to circle downward to 


the left. 


Figure 42.16. Continue exhaling as your weight shifts 
to the other foot and imagine the palm scooping up water 
as the body begins to circle upward. 





Figure 42.17. As the torso begins to arch upwards, allow 
the right arm to follow the body’s movement. As the 
arm reaches the chest Jevel, turn the outer palm towards 
the face and begin inhaling. 
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Figure 42.18. Preparation to switch hand positions: Shift 
the body’s weight onto the right leg as the right arm 
begins to move to the back left Kidney and the left arm 
leaves the right Kidney to move forward. 


Figure 42.19. Kidney Regulation exercise final 
movement: begin to inhale as the left palm circles 
upwards and turns outward at eye level and begins to 
descend to the left. 





Patients practice this exercise to strengthen 
their tendons and ligaments. This exercise helps 
to regulate the patient’s emotional state. 

Upon completing the Kidney exercise, begin 
to unwind the arm from behind the back and ro- 
tate the hips so they face forward (Figure 42.20). 

Place the right arm straight out in front of the 
body, shoulder level, palm facing down. Place the 
left hand by the left hip, palm facing up (Figure 
42.21). 

Simultaneously draw the right palm back and 
extend the left palm forward while inhaling. The 
left hand moves forward passing the right hand 
which is moving backwards (Figure 42.22). 

The hands continue in this motion extending 
outward from the center line of the body. Use long, 
slow inhalation and exhalation, inhaling and exhal- 
ing every three moves. Relax and continue to re- 
peat this sequence for 20 breaths (Figure 42.23). 


HEART TONIFIGCATION AND REGULATION 

This exercise is designed to massage the 
Heart’s tissues and nerves, as well as tonify the 
entire Heart organ and channels. 

The compression and release of the skeletal 
muscles squeezing and releasing the cardiac muscle 
energetically stimulates the pericardium surround- 
ing the heart. The twisting movement and compres- 
sion of the torso also enhances the fluidity of all the 
connective tissues that are involved with the Heart. 
Every time the thoracic wall moves, expands, con- 
tracts, or twists, the tissues of the Heart are pulled, 
stretched, and released. 

Patients practice this exercise to strengthen 
their circulatory system. This exercise helps to 
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Figure 42.20. Preparation for the Liver Tonification 
Exercise: upon completing the Kidney exercise, begin 
to unwind the arm from behind the back and rotate the 
hips so they face forward. 
Figure 42.21. Liver Tonification Exercise: place the right 
arm straight out in front of the body, shoulder level, palm 
facing down. Place the left hand by the left hip, palm 
facing up. 
Figure 42.22. Simultaneously draw the right palm back 
and extend the left palm forward while inhaling. The left 


hand moves forward, passing the right hand which is 
moving backwards. 
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Figure 42.23. Use long, slow inhalation and exhalation, 
inhaling and exhaling every three moves. 
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Figure 42.24. Preparation for the Heart Regulation 
Exercise: upon completing the Liver exercise allow both 
hands to sink down in front of the lower abdomen. 





stimulate the patient's intellectual activity and 
mental acuity or clarity. 

Upon completing the Liver exercise allow both 
hands to sink down in front of the lower abdomen 
(Figure 42.24). 

Imagine the hands embracing a ball, placing 
the right hand on top, and the left hand on bottom 
(Figure 42.25). 

Exhale and twist the hips to the left, simulta- 
neously raising the left hand up over the head while 
extending the right hand towards the left (Figure 
42.26). 

Continue pressing until both hands extend to 
the furthest point (Figure 42.27). 

Inhale and turn the right palm upwards facing 
the sky as the body twists back to the center allow- 
ing the right hand to end up in front of the navel 
(Figure 42.28). 

The left hand simultaneously turns so that the 
palm faces the center of the right hand following it 
to the center line of the body (Figure 42.29). 

As the body reaches the point where it faces 
forward, twist to the right side and push in the same 
manner while exhaling. Repeat 10 times on each 
side (Figure 42.30). 
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Figure 42.25. Heart Tonification Exercise: imagine the 
hands embracing a ball, placing the right hand on top, 
and the left hand on bottom: inhale. 


/ 








Figure 42.26. Exhale and twist the hips to the left 
simultaneously raising the left hand up over the head 
while extending the right hand towards the left. 
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Figure 42.27. Continue pressing until both hands extend Figure 42.28. Inhale and turn the right palm upwards 
to the furthest point. facing the sky as the body twists back to the center 
allowing the right hand to end up in front of the navel. 











Figure 42.29. The left hand simultaneously turns so that Figure 42.30. As the body reaches the point where it 
the palm faces the center of the right hand following it faces forward, twist to the right side and push in the 
to the center line of the body. same manner while exhaling. 
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SPLEEN TONIFICATION AND REGULATION 
EXERCISE 

This exercise is designed to massage the 
Spleen’s tissues and nerves, as well as tonify the 
entire Spleen organ and channels. 

Raising the arms above the head stretches all 
of the suspensory ligaments of the Spleen mak- 
ing the Spleen energetically accessible by the 
twisting movements of the torso. The compres- 
sion and release action on the connective tissue 
and fascia that support the placement of the 
Spleen allows the internal channels to become 
dilated facilitating a greater flow of Qi and Blood 
into the organ. 

While looking up and turning to the right, 
the left brain is stimulated. Consequently, by look- 
ing up and turning to the left, the right brain is 
stimulated. According to Western physiology, 
light waves come into the eyeballs through the 
retina stimulating the optic nerve, chiasma, tract, 
lateral geniculate body (stimulating the thala- 
mus), superior colliculi (in the brain stem where 
visual reflexes are initiated), optic radiations, ce- 
rebral cortex, and occipital (visual) cortex, which 
integrates both visual and memory impulses re- 
sponsible for the perception of the image. Half of 
the information received from the right eye goes 
to the right side of the brain, while the other half 
of the information crosses over and stimulates the 
left brain. 

Patients practice this exercise to strengthen 
their digestive system, as well as to enhance their 
visual equilibrium. 

Upon completion of the Heart exercise, bring 
both hands down to the waist level, palms facing 
downward. Circle them above the head and per- 
form the Pulling Down the Heavens exercise. 
Next, move the palms towards the outside of the 
knees while twisting the thumbs to point towards 
the back of the body (this stimulates the Luo 
points of the arms and squeezes the Wei Qi of the 
hands and arms deep into the bones) (Figure 
42.31). 

The thumb and index fingers touch and form 
a triangle as the hands slowly raise above the 
head (Figure 42.32). 
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Figure 42.31. Preparation for the Spleen Regulation 
Exercise 





Figure 42.32. Spleen Regulation Exercise: the thumb 
and index fingers touch and form a triangle as the hands 
slowly raise above the head. 


The eyes look through the center of the tri- 
angle as the upper torso is turned from side to 
side. It is important that the hips remain station- 
ary and that the upper torso rotate in order to 
massage the digestive organs. Inhale in the cen- 
ter. Exhale on each side. Repeat 10 times on each 
side (Figure 42.33). 

ENDING, ROOTING, AND STABILIZING THE QI 

The purpose of the ending is to gather the Qi 
back into the patient's Lower Dantian rooting and 
stabilizing the patient’s Qi. This ending exercise is 
very important as its initial goal is to gather any 
excess Qi developed from the over stimulation of 
the Five Yin Organs and to collect the runoff en- 
ergy into the Lower Dantian (where it can be ab- 
sorbed and used by the Eight Extraordinary Ves- 
sels). Otherwise, if the individual unknowingly has 
a preexisting Excessive condition ina particular Yin 
organ, the additional tonification can exasperate the 
organ’s condition. To avoid this Excess condition, 
certain Medical Qigong schools will use external 
massage and lightly brush the energetic channels 
after practicing certain Qigong exercises and medi- 
tations to disperse any excess Qi. 

The soft compression used during the end- 
ing exercise increases the partial pressure of oxy- 
gen in the Blood as more oxygen passes into the 
cells. The action of moving oxygen into the cells 
creates a movement of carbon dioxide out of the 
cells increasing the exchange rate and establish- 
ing a greater metabolic breakdown. 

The breathing initiated for the ending exer- 
cise is known as “Turtle Breathing.” The Turtle 
Breathing method requires slow respiration and 
stimulates the center hub of the Belt Vessel. 

Upon completion of the Spleen exercise, ex- 
hale and start to separate both hands (as if em- 
bracing a ball) (Figure 42.34 and 42.35). 

Bring both hands down to waist level and 
separate the arms, moving the hands away from 
the center of the body (Figure 42.36). Inhale and 
taise the arms up over the head. Each hand is 
placed above the head as if embracing a ball (Fig- 
ure 42.37). 

Exhale and form loose fists with the hands 
(Figure 42.38). 
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Figure 42.33. The eyes look through the center of the 
triangle as the upper torso is turned from side to side. 
Inhale in the center, exhale on each side. 





Figure 42.34. Preparation for Ending the Daoist Five 
Yin Organ Exercise (a) 
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Figure 42.35. Preparation for Ending the Daoist Five Figure 42.36. Preparation for Ending the Daoist Five 
Yin Organ Exercise (b) Yin Organ Exercise (c) 





Figure 42.37. Ending the Daoist Five Yin Organ 
Exercise: each hand is placed above the head as if 


embracing a ball. Figure 42.38. Exhale and form loose fists with the hands. 
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Figure 42.39. As you bend over, slowly tum the soft 
fists so that the curled fingers face the body and begin 
squatting, forming a Turtle Posture. 





As you bend over, slowly turn the soft fists so 
that the curled fingers face the body and begin 
squatting forming a Turtle Posture (Figure 42.39). 

Inhale and slowly begin to raise the body up 
while opening the fists and allow the hands to 
return back to their original position at the sides 
of the body (Figure 42.40). Repeat five times and 
end in the Wuji posture. 

When practicing the Turtle Breathing method, 
the mind’s intention and respiration should be 
focused onto the Lower Dantian, navel, and 
Mingmen areas of the body. 

The Lower Dantian is divided into eight sec- 
tions (see Figure 42.41). Each section is numbered, 
beginning with the front of the Lower Dantian at 
the navel area (1), increasing in number as one 
continues over the left and right sides of the waist 
(4), ending at the Mingmen area (8). 

Think of the anal sphincter as a great funnel, 
attached in eight different segments (like canals) 
which progress up the torso. As you focus your 
mind on each section (begin with the navel at sec- 
tion 1), allow any excess energy to flow down- 
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Figure 42.40. Inhale and slowly begin to raise the body 
up while opening the fists, and allow the hands to return 
back to their original position at the sides of the body. 


wards from that particular section to be gathered 
into the Lower Dantian. With your imagination, 
direct the breath and Qi from your torso to flow 
into each of the eight areas. 

The breath and Qi should be slowly inhaled 
and guided into the Lower Dantian via the anal 
sphincter area for an even three counts. Then, pro- 
ceed to gather Qi from the next consecutive area 
of the body. By pulling upwards on the anal 
sphincter and perineal areas, an energetic vacuum 
is created within the pelvic diaphragm and uro- 
genital diaphragm. This energetic vacuum is used 
to gather the internal organ’s excessive Qi. 

Begin with collecting Qi from the front of the 
body, to the navel via the anal sphincter. Hold the 
Qi in the Lower Dantian area for three counts, then 
proceed to the next areas at the sides of the body 
absorbing the Qi into the Lower Dantian via the 
anal sphincter for three counts. 

Next, proceed to the sides of the body con- 
tinuing in progression until you reach the 
Mingmen area (8). Then, reverse the progression 
beginning with the Mingmen and working around 
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Heart, : 
Left Ovary, Conception Vessel, pelted 
Left Breast, Reproductive Organs, 8 ‘ 
Bladder 
(1) 
Transverse Colon, (2) Navel (2) Transverse Colon, 
Small Intestines Small Intestines 
(3) 










(3) 






(4) (4) 
Descending Ascending 
Colon Calon 
(5) (5) 
Spleen, Liver, 
Stomach Gall Bladder 
(6) (6) 
Left Right 
Lung (7) Mingmen Lung 
Left 8) Right 
Kidney Kidney 
Governing Vessel, 
Spinal Cord, 
Brain 


Figure 42.41. When practicing Turtle Breathing, inhale and slowly begin drawing the Qi from the front of the body into 
the navel area (1), absorbing the energy from the Heart, Conception Vessel, reproductive organs, and Bladder into 
the Lower Dantian. This absorbing action is created by pulling upwards on the anal sphincter in the direction of the 
intended energy. Next, proceed to the sides of the body. In women, the next area (2) will include the excess energy 
gathered from both the left and right ovaries, as well as the left and right breasts. In men, however, this area (2) is 
considered general and not specific to certain internal organs or tissues. Continue in the progression of circling the 
waist until you have reached the Mingmen area (8). Then, reverse the order of the tissue areas (8, 7, 6, etc.). 





the waist until you reach the navel (8, 7, 6, etc.). 
Make sure that you push your anal sphincter to- 
wards the direction of the area of the body from 
which you are absorbing Qi. 

After perfecting the Turtle Breathing, a prac- 


722 


titioner can create the energetic vacuum and ini- 
tiate the absorption of excess Qi into the Lower 
Dantian by moving his or her intention from the 
anal sphincter through the Lower Dantian and 
torso at an extremely fast speed. 


SECTION X 

TREATMENT OF INTERNAL 
DISEASES WITH QI EMISSION 
THERAPY 


28. Elephant seal. 





INTRODUCTION 

Clinical records from China verify that Medi- 
cal Qigong treatments are most effective on ner- 
vous system diseases, migraines, bronchial 
asthma, nocturnal enuresis, psychosomatic dis- 
eases, gastric ulcers, arthritic pains, sterility, and 
in the elimination of ovarian cysts and benign tu- 
mors, 

The following chapters are designed to assist 
the Medical Qigong doctor in his or her profes- 
sional clinical practice, by explaining the various 
techniques and prescriptions used in several 
Medical Qigong Hospitals, Institutes and Colleges 
throughout China. 

These Medical Qigong techniques are pre- 
sented as basic guidelines for the Qigong doctor 
to use, and need not be followed exactly to the 
letter. They are presented as an example to advise 
Qigong doctors in treatment and prescription pro- 
tocols. 

I have personally found these various ap- 
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proaches of Chinese energetic medicine to be ex- 
tremely effective in my own clinical practice, and 
have therefore encouraged the directors of the In- 
ternational Institute of Medical Qigong to instruct 
their students in the following techniques. 

This particular section of the book (Section X) 
deals with the treatment of Zang (Yin) and Fu 
(Yang) disharmonies in clinical practice, and dis- 
cusses general and specific diagnosis, treatments, 
and prescriptions. I will begin by exploring sev- 
eral examples of the Five Elements’ disease pat- 
terns and the various techniques used to treat 
them (Chapter 43-48). Starting with the treatment 
of Liver diseases, I will progress to the treatment 
of Heart, Spleen / Stomach, Lung and Kidney Dis- 
eases. 

In the ending chapter in this section empha- 
sis will be placed on the practical application and 
theoretical principles of “Miscellaneous” diseases 
and their treatments. 


CHAPTER 43 


Q!1 EMISSION THERAPY FOR LIVER DISEASES 


INTRODUCTION 

The Five Yin Organs’ interrelationship with 
each other, and their complex interrelationship with 
the energetic ebb and flow of Qi must constantly be 
regulated to maintain health. The constant flux of 
energetic flow within the body sometimes causes 
an Excess or Deficiency of Qi requiring specific or- 
gan therapy for restoration and balance. This 
therapy is designed to bring the specific organ or 
organ systems back into balance by using various 
meditations, visualizations and breathing exercises. 

This section focuses on specific Liver diseases 
and how to rectify them. The Liver is responsible 
for the circulation and smooth movement of the 
body’s internal Qi. 

The Liver is a solid (Zang) organ which stores 
the Blood and is attributed to the element Wood. 
The Liver is sometimes referred to as the Green 
Emperor. The Liver is in charge of strategy with- 
out hesitation. It is energetically paired with the 
Gall Bladder (a hollow organ) which carries out 
the decisions made by the Liver (Figure 43.1). 

The Liver houses the Hun. The Liver’s asso- 
ciation with the environment is through the eyes. 
Through observation, the Qigong doctor’s eyes 
can receive images that reveal the status or inten- 
tion of the patient. These images are absorbed into 
the doctor’s Shen via the Hun. There is an old 
Chinese saying, which goes, “When the Hun swim 
to the eyes, a person can see.” 

In the springtime, Liver Qi becomes more ac- 
tive in individuals with strong Liver Qi; whereas, 
it may become Deficient in those with weak Liver 
Qi. When Liver Qi is Deficient, the patient be- 
comes fearful; when the Liver Qi is in Excess, the 
patient becomes consumed by anger. The exces- 
sive eating or drinking of sour foods, and overex- 
posure to wind depletes the Liver. 





Figure 43.1. The Liver (Lv) Channel 


72s 


SECTION 10: TREATMENT OF INTERNAL DISEASES WITH Qi EMISSION THERAPY 


LIVER COMPLICATIONS AND 
SYMPTOMS 

Liver diseases often manifest with the follow- 
ing symptoms which are common to the organ’s 
energetic dysfunction: headaches, dizziness, tired- 
ness, and mental and emotional problems. When 
Liver disorders occur, the patient may experience 
Qi movement below the left side of the navel 
(which feels hard upon pressure), pain and dis- 
tention in the hypochondria, cramps, drowsiness, 
blurred vision, etc. A list of Liver syndromes and 
their symptoms are described as follows. 

1. Stagnation of Liver Qi can cause such symp- 
toms as: headaches, mental and emotional 
problems, hypochondriac pain, abdominal 
pain and masses, diarrhea, constipation, pain- 
ful urination, dysmenorrhea, and premen- 
strual tension. 

2. Stagnant Liver Qi Invading the Stomach can 
result in epigastric pain. 

3. Stagnant Liver Qi Invading the Lungs can 
cause wheezing. 

4. Liver Yang Rising can cause such complica- 
tions as: headaches, dizziness, and tiredness. 

5, Liver Fire Blazing can cause such symptoms 
as: severe headaches, dizziness, breathless- 
ness, wheezing, coughing, mental and emo- 
tional problems, insomnia, tiredness, painful 
or scanty urination, and constipation. 

6. Liver Wind can cause headaches, dizziness, 
seizures, tremors, muscle spasms and tired- 
ness. 

7. Liver Blood Deficiency can cause such symp- 
toms as headaches, mental and emotional 
problems, tiredness, hypochondriac pain, con- 
stipation, and premenstrual tension. 

8. Liver Yin Deficiency can cause such symp- 
toms as wheezing, mental and emotional 
problems, insomnia, tiredness, and hypo- 
chondria pain. 

9. Stagnation of Liver Blood can cause such 
symptoms as headaches, mental and emo- 
tional problems, hypochondriac pain, ab- 
dominal pain, and dysmenorrhea. 

10. Damp Heat in the Liver and Gall Bladder can 
cause such symptoms as jaundice, headaches, 


mental and emotional problems, hypochon- 
driac pain, and abdominal pain. 


GENERAL TREATMENT FOR 


LIVER DISEASES 


The following is a description of a general pro- 
tocol used for treating common Liver diseases. The 
goal is to introduce the Qigong doctor to the ba- 
sic hand positions and areas of the patient’s body 
towards which Qi is emitted or Turbid Qi is re- 
moved. Once the Qigong doctor becomes profi- 
cient at locating these specific points, the treat- 
ment flows more smoothly. 

The reader will notice that after comparing 
the various Liver and Gall Bladder therapies, cer- 
tain patterns repeat themselves. 

1. Generally, the Qigong doctor accesses the 
patient’s Liver through either direct energetic 
insertion into the Liver’s anatomical location, 
or through the patient's channels or external 
energetic fields. 

2. After purging, tonifying, and regulating the 
patient, the Qigong doctor stimulates the back 
gates to the patient's Liver and the Yellow 
Court. 

3. Next, the doctor roots the patient’s Middle 
Burner Qi into the Lower Dantian. 

4, Finally, the Qigong doctor leads any remain- 
ing Turbid Qi down the right Gall Bladder 
Channel and out of the patient’s body (Fig- 
ure 43.2). 

Keep in mind that these areas are general, and 
that specific treatment patterns must change as 
they apply to the patient's exact condition (Ex- 
cess, Deficient, etc.). 


MEDICAL QIGONG THERAPY FOR 
LIVER QI DYSFUNCTION 
The primary therapies used to treat Liver dis- 
eases include the Windy Breathing Method (see 
Chapter 16) to strengthen the Liver, Spleen, Lungs, 
and Kidneys, and Quiescent Qi Regulating medi- 
tations (see Chapter 14). 
1. Patients with Deficiency of Qi and Cold syn- 
dromes of the Liver may feel cold and are li- 
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Figure 43.2. Basic Treatment for Liver Stagnation 
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Figure 43.3. Purging the Child to Treat the Mother 


able to feel frightened. To treat this condition, 
the patient can practice the meditation of Tak- 
ing in the Green Qi to nourish the Liver and 
also Taking in the Blue Qi to nourish the Kid- 
neys (Formula: nourishing the mother to re- 
plenish the child). 

2. Patients with an Excess of Qi and Heat syn- 
dromes of the Liver may have dry eyes, pain 
in the hypochondria that may radiate down 
to the lower abdomen, and changing moods 
accompanied by flushed cheeks. To treat this 
condition, the patient can practice uttering 
“Xu” (pronounced Shu) for the Liver, and 
“Ha” for the Heart (Figure 43.3. Formula: 
purging the child to treat the mother). 

Note: In treating Liver diseases, exhaling the 
sound “Shu” purges and sedates, while inhal- 
ing “Shu” replenishes and tonifies (see Chap- 
ter 40). 

3, Stagnation of Liver Qi and Liver Fire Rising 
(anger or rage impairing the Liver) may cause 
an abnormal dispersing and impair the 
Liver’s function. The patient may experience 
headaches, deafness, and swelling cheeks. To 
stabilize the hyperactive Liver Yang (and 
guide the flaring up Liver Fire to descend), 
the Qigong doctor guides the patient’s Qi back 
to its origin with external energy projection. 
If treatment of Liver stagnation is not under- 
taken, there may be an organic change in the 
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Liver, resulting in hardening of the Liver or 
Liver cancer. 

4. Patients with Rebellious Liver Qi resulting in 
hypochondriac pain and stiffness with 
spasms, should be treated by guiding their Qi 
back to the origin of the Liver with external 
Wei Qi therapy. 


LIVER QIGONG PRESCRIPTIONS 

The following system of exercises can be used. 
to regulate the Qi and Blood of the Liver Chan- 
nels, soothe and regulate Qi circulation, and sup- 
press hyperactive Yang. These exercises can also 
be used to prevent and treat diseases and syn- 
dromes such as hypertension, psychoneurosis, 
chronic hepatitis, and hepatosplenomegaly (the 
enlargement of both Liver and Spleen), as well as 
bitter taste in the mouth, dry throat, dizziness, ver- 
tigo, and fullness in the chest and hypochon- 
drium. 
COLOR VISUALIZATION AND ORGAN 
CORRESPONDENCE 

In China, the clinical use of color therapy is 
prescribed according to the Five Color Correspon- 
dence Theory. Each of the five major colors are 
assigned to specific organs and their channels (see 
Chapter 4). If an organ is diseased, it will gener- 
ally appear in various shades from gray to black. 
To heal the disease, the patient imagines taking in 
the organ’s clean color, while dispersing the tur- 
bid pathogenic color. This visual meditation helps 
to return the organ’s Qi back to its origin, in order 
to achieve balance and health. 


PRESCRIPTIONS FOR TONIFYING THE LIVER 

Taking in the Green Qi can be used to tonify 
the Liver. The properties inherent within the color 
green have a persistent vibratory rate also used 
for tonifying the Liver and Gall Bladder. 

1. Assume a standing, sitting, or lying posture. 
Relax the whole body, breathe naturally, and 
get rid of any stray thoughts. Place the tongue 
against the soft palate on the roof of the 
mouth. 

2. Visualize green energy in front of you. Draw 
from a visual/emotional association with 
green trees, grass, bushes, etc. from your 
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imagination, or if possible, actually look at a 
green object. Inhale the green light energy in 
through the nose and down into the Liver 
organ. As you exhale through the mouth, the 
dark, pathogenic Qi leaves the Liver; however, 
the bright, clean color remains in the organ, 
stimulating and vitalizing it. With each breath 
the organ retains more clean energy and be- 
gins to glow. Repeat for five breaths. 
Next breathe the color green in through the 
nose, filling the entire mouth. When exhaling, 
send the Qi slowly to both costal portions at 
the sides of the Lungs, and then down to the 
Lower Dantian. Practice eight to sixteen times. 
PRESCRIPTIONS FOR PURGING THE LIVER 

Purge the Liver by having the patient rub his 
or her chest while sounding “Shu.” Have the pa- 
tient assume a sitting or standing posture, and 
place both palms flatly on both sides of the chest 
and inhale slowly. When exhaling, the patient 
should sound the word “Shu,” while gently rub- 
bing both costal regions in a clockwise circular 
motion with both palms. Practice for ten to twenty 
breaths. 
PRESCRIPTIONS FOR SOOTHING THE LIVER 
AND CONDUCTING QI 

The following exercise is used to regulate and 
soothe the Liver Qi; it is used after the purging or 
tonifying exercises. 

1. Stand relaxed with both arms naturally hang- 
ing down, palms facing downward, with the 
five fingers of each hand slightly held up. 
Press down with slight force and imagine Qi 
reaching the palms and extending to the fin- 
gertips. Press the palms down three times 
(Figure 43.4). 

2. Lift both hands up in front of the chest, with 
each palm facing forward. Focus the mind on 
both palms. Push the palms forward three 
times, first drawing them closer to the body 
and then pressing them further away from the 
chest (Figure 43.5). 

3. Stretch both hands horizontally out to the 
sides of the body (as if imitating a bird that is 
stretching out its wings) with all the fingers 
pointing upward, and the palms pushing to 
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Figure 43.6. Press the palms to the sides of the body 
three times. 








Figure 43.4. Press the palms downward three times. 








Figure 43.7. Direct the Qi to flow downward from the 
Middle to the Lower Dantian three times. 





the sides. Focus your attention on extending 
the Qi out the palms to the fingertips. Press 
the palms out to the sides three times (Figure 
43.6). 

4. Draw both palms back to the front of the chest, 
palms facing upwards, elbows down. Rotate 
the palms to face downwards, and circle them 
down to the pubic arch, while focusing the 
mind on both palms (Figure 43.7). When Qi 
flows to the Lower Dantian turn the palms to 
face upward as if embracing a ball at the 
Lower Dantian. 

Perform this exercise three times, then place 


; both hands against the sides of the body. This com- 
Figure 43.5. Press the palms forward three times. pletes one set. Do three sets. 
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- MEDICAL QIGONG THERAPY 
FOR SPECIFIC LIVER 


DISEASES 


The following are several Medical Qigong 
treatments used in China to treat specific Liver 
diseases. 


DISORDERS OF THE BILIARY TRACT 

The biliary tract includes the organs and ducts 
that participate in the secretion, storage, and de- 
livery of bile into the duodenum. 


ETIOLOGY 

Disorders of the biliary track mainly include 
cholecystitis (inflammation of the Gall Bladder), 
cholelithiasis (formation of calcium or bile stones 
in the Gall Bladder), and ascariasis of the biliary 
tract (infestation by ascaris lumbricoides para- 
sites). Traditional Chinese Medicine teaches that 
the first two diseases belong to the category of hy- 
pochondriac pain or jaundice, while the last con- 
dition is called biliary ascariasis. 

Disorders of the biliary track can be caused 
by mental depression, stagnation of Gall Bladder 
Qi, the excessive intake of fatty foods, 
exopathogenic invasion, failure of biliary drain- 
age system resulting from stagnation of Damp- 
ness and Heat, or obstruction by ascarid parasites. 
Although the causes and symptoms of these dis- 
orders are different, the Medical Qigong treat- 
ments and prescriptions are the same. 


SYMPTOMS 

The onset of biliary tract disorders are usu- 
ally acute, and the pain is felt on the right upper 
abdomen and the right hypochondrium area of 
the thorax. Other symptoms include nausea, vom- 
iting, rigor, high fever, yellow-colored skin pig- 
mentation (jaundice), yellow sclera of the eyes, 
and whitish-grey stool. 

Patients with biliary ascariasis may experi- 
ence severe colic or a tearing pain below the xi- 
phoid process. The pain is sometimes so severe 
that the patient experiences extreme perspiration 
accompanied by nausea and vomiting. If the as- 
carid parasites withdraw from the biliary tract, 
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the pain is immediately relieved, but can return 
intermittently. If the ascarid parasites move com- 
pletely into the Gall Bladder, the pain will be con- 
tinuous, causing Gall Bladder distention. Symp- 
toms such as jaundice, rigor, and high fever may 
appear, and a tenderness on the upper right quad- 
rant of the xiphoid process can be felt with deep 
pressure. 
TREATMENT 

Cholelithiasis (gall stones) and cholecystitis 
(inflammation) are often treated by guiding the 
Toxic Qi downward and out of the patient’s lower 
extremities along the Liver and Gall Bladder 
Channels, and by balancing the Qi activities be- 
tween the upper and lower quadrants of the 
patient’s body, as well as the right and left sides. 

1. To begin treating disorders of the biliary tract, 
place the patient in a sitting position on the 
table. Stimulate the BI-18, -19, -20, -21 points 
beside the patient’s lower thoracic vertebrae, 
paying particular attention to the right side 
of the patient’s body. 

2. Next, extend Qi into the Gall Bladder area for 
24 breaths (on the front of the patient’s body), 
stimulating this area with the Tiger Knead- 
ing Palm technique, using Pushing, Pulling, 
and Shaking Qi manipulations. 

3. To regulate the patient’s Qi, and relieve epi- 
gastric distension, the doctor purges the 
patient’s Toxic Qi, guiding it to flow out of 
the body downwards along the patient's Gall 
Bladder and Stomach Channels and out of the 
feet. 

4, Using the Vibrating Palm technique, stimu- 
late the patient’s BI-18, -19, -20, -21 points on 
the right side of the body once more, this time 
for 28 breaths. Then use the same Vibrating 
Palm technique on the front side of the body 
while directing the energy towards the Gall 
Bladder for 28 breaths. 

5. Finally extend energy into the patient’s BI-19 
point on the right side of the body for 12 
breaths, and using the Sword Fingers tech- 
nique, lead the Qi down the right Bladder 
Channel to the foot and out the small toe three 
times. 


TREATMENT MODIFICATIONS 

When treating the condition of ascariasis of 
the biliary tract, also include rubbing the abdo- 
men 18 times in a counterclockwise direction. 


PRESCRIPTIONS AND HOMEWORK 

In prescribing homework, place the patient 
in a standing Wuji posture, with both palms 
placed against the hypochondria. Have the patient 
slowly massage the Gall Bladder area while purg- 
ing the organ with the sound “Shu” for 24 exhala- 
tions. 

Next, have the patient sit or lie down in a com- 
fortable setting. As the patient inhales, he or she 
should meditate on the word peace; as the patient 
exhales, he or she should focus on relaxation. The 
patient should focus on releasing all tension in the 
head, chest, Liver, Gall Bladder, back, abdomen, 
and waist, for 36 breaths. 


GALLSTONES 

A gallstone is a Gall Bladder stone formed as 
a result of an excess of cholesterol in relation to 
the bile acids. The formation of calculi which re- 
sults from this skewed relationship of cholesterol 
and bile is believed in Traditional Chinese Medi- 
cine to be dependent on the Liver Qi. 


ETIOLOGY 

Stagnant Liver Qi is believed to be a prereq- 
uisite for the formation of gallstones. If the Liver 
Qi stagnates, the bile will not secrete properly, 
leading to an accumulation of Damp Heat in the 
Gall Bladder. The steaming action of Heat on 
Dampness over prolonged periods of time, leads 
to the formation of gallstones. 

It is generally believed that gallstones are re- 
lated to cholestasis, an infection of the biliary tract, 
and metabolic disturbances of cholesterol. Gall- 
stones form when the bile contains more choles- 
terol than it can keep in solution. The cholesterol 
precipitates out to form gallstones. The incidence 
of gallstones in women is approximately twice 
that in men. Any factor which increases the 
patient's cholesterol or decreases bile acids may 
lead to the formation of gallstones (i.e., obesity, 
high fat diet, Liver disease, and bile stasis increase 
the risk of developing gallstones). There are three 
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types of gallstones: Cholesterol Stones, Mixed 
Stones, and Pigment Stones. 

1. Cholesterol stones are usually single stones, 
which are composed almost entirely of cho- 
lesterol, and correspond to the pattern of 
Damp Heat in the Liver and Gall Bladder. 

2. Mixed stones are the most common type of 
stones, consisting of lamellated layers of cho- 
lesterol, bilirubin, and calcium. 

3. Pigment stones are less common and are al- 
ways numerous. They are composed of bile 
pigment. 

Gallstones are clinically manifested as pain in 
the right upper abdominal quadrant and right 
costal region, and are classified in Traditional 
Chinese Medicine as being placed in the catego- 
ries of either hypochrondriac pain or jaundice. 


SYMPTOMS 

¢ Liver Qi stagnation is manifested by pain and 
distention in the right upper abdominal quad- 
rant and right hypochondriac region. The pain 
can range from mild to severe. The patient 
may experience a distention and fullness in 
the Stomach with no obvious fever or jaun- 
dice. 
Damp Heat in the Liver and Gall Bladder is 
manifested by persistent pain in the right 
upper abdominal quadrant and right hypo- 
chondriac region. The pain manifests proxi- 
mally or radiates up to the right shoulder. The 
patient experiences abdominal distention, fe- 
ver, and jaundice. 


TREATMENT 

Have the patient sit on the edge of the table. 
Begin stimulating the patient’s middle-back area, 
focusing on the BI-21, Bl-20, BL-19, and Bi-18 
points, on the right side of the back and drain the 
Toxic Qi down the torso and out the GB-34 point 
below the knee. 

Use the Vibrating Palm hand technique and 
emit Qi into the patient’s mid-back area for 14 
breaths at each point. Then emit Qi into the pain- 
ful area of the front side of the patient’s body for 
28 breaths. 

Next, applying the Extended Fan Palm hand 
technique, emit Qi into the patient's Gall Bladder 
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for 24 breaths using the Pulling and Leading ma- 
nipulation skills to draw the Qi down through the 
Gall Bladder and Stomach Channels and out the 
patient's feet. 


TREATMENT MODIFICATIONS 

When treating a patient with a Liver Qi stag- 
nation, use the Pulling and Leading manipulations 
to draw Qi down the lower limbs of the patient's 
body. 

When treating patients with Damp Heat in 
the Liver and Gall Bladder: use the Extended Fan 
Palm hand technique and emit Qi into the 
patient’s CV-12 and St-21 points, leading the Qi 
down the right Stomach Channel to the feet. 
PRESCRIPTIONS AND HOMEWORK 

Have the patient practice Liver Massage de- 
scribed in Chapter 39, while exhaling the sound 
“Shu” for 36 breaths. 


PRESCRIPTION MODIFICATIONS 

¢ For patients with Liver Qi stagnation, have 
the patient practice rubbing the hypochon- 
drium while imagining the Toxic Qi descend- 
ing down and out the body. Instruct the pa- 
tient to practice the Descending the Yang and 
Ascending the Yin Technique (see Chapter 41). 

¢ For patients with Damp Heat in the Liver and 
Gall Bladder, have the patient practice rub- 
bing the hypochondrium while imagining the 
Toxic Qi descending down and out the body 
as he or she sounds the “Hu” sound to purge 
and regulate the Spleen. 


CIRRHOSIS 

Cirrhosis is a generalized disease marked by 
hepatic lesions. It is a chronic disease of the Liver 
characterized by the formation of dense lobular 
connective tissue, degenerative changes in the pa- 
renchymal cells, structural alterations in the 
Liver lobules, and sometimes fatty and cellular 
infiltration within the Liver. 


ETIOLOGY 

Cirrhosis refers to a series of pathological 
changes of degeneration, necrosis and regenera- 
tion of Liver cells, as well as the proliferation of 
fibrous tissue due to prolonged or recurrent dam- 
age of the Liver caused by various pathogenic fac- 
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tors. Cirrhosis is clinically manifested as a series 
of symptoms caused by a hypofunction of the 
Liver and portal hypertension. 


SYNDROMES 

1. Liver Qi stagnation and Spleen Deficiency re- 
sults in lassitude, weakness, fullness in the 
chest and abdomen, hypochrondriac disten- 
sion and pain, occasional nausea, belching, 
and vomiting. 

2. Qi and Blood stagnation results in poor ap- 
petite, hypochrondriac distention and pain, 
and enlargement of the Spleen and Liver 
marked by spider nevus and Liver spots. 

3. Water retention results in hardness and full- 
ness of the abdomen with a severe fullness in 
the Stomach, distention of the abdomen or in- 
testines (by gas), nausea, vomiting, and anor- 
exia. Patients with an insufficiency of Spleen 
and Kidney Yang suffer from symptoms of 
cold limbs, pale complexion, and an aversion 
to cold. Patients with a Deficiency of Liver and 
Kidney Yin experience sporadic fever, irrita- 
bility, and a dark complexion. 

TREATMENT 

Place the patient on the edge of the table and 
stimulate the Bl-18 and BL-20 points on the mid- 
back, as well as the Lv-13 and Lv-14 points (at the 
sides of the body), and the CV-12 point (at the cen- 
ter of the body). Use a Vibrating Palm hand tech- 
nique to emit Qi into these points for a period of 
14 to 18 breaths. 

Use the Extended Fan Palm technique and 
emit Qi into the patient’s mid-back at the BI-18 
points, as well as the sides of the torso at the Lv- 
13 and Lv-14 points. Purge and drain the Toxic Qi 
down and out the patient’s body along the Gall 
Bladder and Liver Channels. 


TREATMENT MODIFICATIONS: 

When treating patients with Liver Qi stagna- 
tion and Spleen Deficiency, use the Vibrating Palm 
to emit Qi into the Bl-20 and CV-12 points. 

When treating patients with Qi and Blood 
stagnation, use the Extended Fan Palm technique 
to emit Qi into the Lv-13 and Lv-14 points, con- 
ducting the Qi along the Gall Bladder Channel 
down the leg to GB-34, and out the body. 


When treating patients with water retention, 
use the Extended Fan Palm technique to emit Qi 
into the Sp-21 points. Lead the Qi down the Spleen 
Channels into the lower limbs. For patients with 
a Spleen and Kidney Yang Defeciency or a Liver 
and Kidney Yin Deficiency, use a Vibrating Palm 
technique to emit Qi into the Lower Dantian and 
Mingmen areas. 

PRESCRIPTIONS AND HOMEWORK 

Have the patients practice self-regulation ex- 
ercises to tonify the entire body’s energetic sys- 
tem. 

PRESCRIPTION MODIFICATIONS 

1. For patients with Liver Qi stagnation and 
Spleen Deficiency, have the patients practice 
the Old Man Searching for the Reflection of 
the Moon at the Bottom of the Tide Pool (see 
Chapter 40). 

2. For patients with Qi and Blood stagnation, 
have the patient perform the Liver Massage 
while exhaling the sound “Xu.” 

3. For patients with water retention, have them 
practice rubbing the Yellow Court area (CV- 
12) and sounding the word “Hu” to dredge 
the Spleen and Stomach. For patients with a 
Spleen and Kidney Yang Deficient, have them 
practice Gathering the Sun’s Essence (see 
Chapter 11), and for patients with a Kidney 
and Liver Yin Deficient, have them practice 
Gathering the Moon Cream. (see Chapter 11). 


CHOLECYSTITIS 

In Traditional Chinese Medicine, both sides 
of the hypochondrium are related to the Liver 
Channels. In Western medicine, however, only the 
right side reflects a possible Liver pathology. Thus, 
it is important to have a distinction between left 
and right hypochondriac pain. Cholecystitis con- 
sists of the inflammation of the Gall Bladder with 
or without gallstones. It is related to hypochon- 
driac pain on the right side of the body. It is cre- 
ated when cholesterol is maintained in the bile so- 
lution within the bile acids. Hypochondriac pain 
on the left side of the body extending to the epi- 
gastrium and left scapula is often related to acute 
pancreatitis. 
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ETIOLOGY 

Cholecystitis is mostly caused by a bacterial 
infection or an obstruction of the bile duct. Clini- 
cally it is characterized by pain in the upper right 
quadrant of the abdomen and dyspepsia, and may 
be accompanied by nausea, vomiting, and sweat- 
ing. 
SYNDROMES 

* Damp Heat manifestations are alternating at- 
tacks of chills and fever. Sometimes there is 
fever without chills, nausea, vomiting, loss of 
appetite, and pain in the right hypochon- 
drium region. 

* Qi stagnation manifestations are distending 
or moving pain in the right hypochondrium, 
belching, acid regurgitation, nausea, and an- 
orexia. 

TREATMENTS 

1. Have the patient sit at the edge of the table. 
Stimulate the patient’s mid-back, emitting Qi 
into the BI-18, BI-19, and BI-20 points as well 
as the GB-34 point below the right knee. 

2. Using the Vibrating Palm, first emit Qi into 
the patient’s mid-back for 14 breaths, then di- 
rectly into the painful area on the front side 
of the patient’s body for 28 breaths. 

3. Using the Extended Fan Palm hand technique, 
emit Qi into the patient's Gall Bladder region 
for 24 breaths, then purge the Toxic Qi down 
their right Gall Bladder Channel to the base 
of the foot and out of the body. 


TREATMENT MODIFICATIONS 
¢ For patients with Damp Heat, use the Ex- 
tended Fan Palm hand technique to emit Qi 
into the patient’s CV-12 area, then purge the 
Toxic Qi down the Stomach Channels to the 
base of the feet and out the body. 
For patients with Qi stagnation, use mostly 
purging and dredging Qi manipulations, fo- 
cusing on the patient's lower torso. 
PRESCRIPTIONS AND HOMEWORK 

It is advisable to have the patient perform the 
Six Healing Sound Regulation exercise (see Chap- 
ter 40). 
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PRESCRIPTION MODIFICATIONS 

¢ For patients with Damp Heat, it is advisable 
to have them perform the Spleen Massage (see 
Chapter 39) while exhaling the sound “Hu” 
to purge the Spleen and Stomach, allowing 
the Toxic Qi to flow down the Spleen and 
Stomach Channels into the ground. 

¢ For patients with Qi stagnation, it is advis- 
able to have them perform the Liver Massage 
(see Chapter 39) while exhaling the sound 
“Shu.” 


HYPOCHONDRIAC PAIN 

Hypochondriac pain is a syndrome charac- 
terized by pain in one or both sides of the hypo- 
chondrium. The hypochondrium is located on the 
part of the abdomen beneath the lower ribs on 
each side of the epigastrium. 

Chronic hepatitis, hepatolithiasis, cholelithi- 
asis, cholecystitis and other diseases related to the 
Liver and Gall Bladder can be differentiated and 
treated in accordance with the exercises described 
in the prescription section. 

ETIOLOGY 

Hypochondriac pain may be caused by dif- 
ferent factors such as trauma, the accumulation 
or blockage of Qi, stagnation of Phlegm and the 
Deficiency or Excess of Liver Qi (commonly seen 
in patients with Excess Liver Fire or Liver Qi stag- 
nation). The symptoms of hypochondriac pain 
may occur in one or both sides. 

SYNDROMES 

¢ An Excess syndrome occurs when a patient 
suffers from Excess Liver Fire. This condition 
manifests with symptoms such as severe pain 
in the hypochondrium area with difficulty in 
breathing. The pain may radiate from both 
sides of the body, or from one side only. 
A Deficient syndrome occurs when a patient 
suffers from a Liver Yin and Kidney Yin Defi- 
ciency (often caused by mental depression or 
hemorrhage). This condition is observed clini- 
cally with symptoms such as a dull or sharp 
pain in the hypochondrium areas. 
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TREATMENT 

1. Begin by stimulating the patient’s Middle 
Dantian and Lv-14 and Lv-13 points at the 
front of the chest in the hypochondrium area 
(on both sides or the right side only). Next, 
stimulate the patient's mid-back around the 
BI-17 and BI-18 points and the base of the out- 
side of the knees around the GB-34 areas. 

2. Using the Extended Fan Palm hand technique, 
emit Qi into the patient’s Lv-13 and Lv-14 
points and the painful region of the chest and 
hypochondrium and begin purging the Toxic 
Qi, dredging it down the body and out of the 
extremities through the patient’s Liver and 
Gall Bladder Channels. 


TREATMENT MODIFICATIONS 

¢ For patients with an Excess syndrome, extend 
energy into the patient’s mid-back at the Bl- 
18 points. Then grasp and softly rock this tis- 
sue area to free the trapped Qi. 

¢ For patients with a Liver and Kidney Yin De- 
ficiency, emit Qi into the patient’s Lower 
Dantian and Mingmen area using the Ex- 
tended Fan Palm technique for 12 to 24 
breaths. 


PRESCRIPTIONS AND HOMEWORK 

1. Have the patient perform the Liver Massage 
(see Chapter 39) and sound the healing tone 
“Shu” for 36 breaths. 

2. If the pain is on the left side of the patient's 
chest, have the patient place his or her palms 
on the painful area and begin to purge the 
Toxic Qi from the midline of the thorax, down 
the left side of the body, following the Gall 
Bladder Channel to the ground, for nine 
breaths. 

3. Finally, have the patient stand in a Wuji pos- 
ture and focus the mind’s intention on his or 
her palms. The patient then raises the arms 
sideways, like a bird stretching its wings (cre- 
ating a “T” formation). Next, both arms em- 
brace (as if holding an imaginary ball) at the 
Middle Dantian level. The patient imagines 
the Qi from the middle chest flowing down- 
ward and rooting into the Lower Dantian. 


CHAPTER 44 


QI EMISSION THERAPY FOR HEART DISEASES 


INTRODUCTION 

The Heart is a solid (Zang) organ and controls 
Blood circulation. The Heart corresponds to the el- 
ement Fire and is sometimes referred to as the Red 
Emperor. The Heart houses the Shen and is in charge 
of mental activities and long term memory. It is en- 
ergetically paired with the Small Intestine (a hol- 
low organ), which is in charge of separating the 
pure, clean energy from the impure Qi (Figure 44.1). 

The Heart’s upper external connection with 
the outside is through the tongue, hence sensa- 
tions of the tongue (from food, kissing and so on), 
as well as talking can travel directly into the spirit, 
mind, and emotion, affecting the Heart's desires 
and senses. 

In the early summer months, the Heart en- 
ergy becomes more active in individuals who al- 
ready have strong Heart Qi, but can become Defi- 
cient in those who already have weak Heart Qi. 
Excessive eating and drinking of bitter foods, and 
overexposure to heat depletes the Heart. 


HEART COMPLICATIONS AND 
SYMPTOMS 

The Heart is responsible for governing the 
flow of Blood through the body’s arteries and 
veins. Coronary artery disease (CAD) is a disease 
in which the patient's coronary arteries begin to 
harden, or impede adequate vascular flow to the 
myocardium, resulting in an insufficient supply 
of Qi and Blood throughout the body. This causes 
such diseases as hypertension, vasculitis, myo- 
carditis, congenital Heart disease, rheumatic Heart 
disease, nervous malfunctioning of the Heart, or- 
ganic pathological changes of the Heart, and ar- 
teriosclerosis of the brain. 

In general, patients with Heart disease may 
have an arterial pulse above the navel which of- 
ten disappears upon pressing, as well as a hot sen- 





Figure 44.1. The Heart (Ht} Channels 


sation in the soles of the feet and palms, dry 
mouth, stiffness of the tongue, and absentmind- 
edness. A list of Heart syndromes and their symp- 
toms are described as follows. 

1. Heart Qi Deficiency can cause such symptoms 
as: physical tiredness, palpitations, sweating, 
pallor, and shortness of breath when exerting 
oneself. 

2. Heart Yang Deficiency can cause such symp- 
toms as: tiredness, tightening in the chest, and 
edema. 

3. Heart Blood Deficiency can cause such symp- 
toms as: headaches, mental and emotional 
problems, tinnitus, and tiredness. 
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4. Heart Blood stagnation can cause such symp- 
toms as: mental and emotional problems, as 
well as tightness or pain in the chest. 

5. Heart Yin Deficiency can cause such symp- 
toms as: tiredness, insomnia, and mental and 
emotional problems. 

6. Heart Fire can cause such symptoms as: in- 
somnia, painful urination, and mental and 
emotional problems. 


GENERAL TREATMENT FOR 


HEART DISEASES 

The following is a description of a general pro- 
tocol used for treating a patient’s Heart. The goal 
is to introduce the Qigong doctor to the basic hand 
positions and areas of the patient’s body towards 
which Qi is emitted (or Turbid Qi is removed). 
Once the Qigong doctor becomes proficient at lo- 
cating these specific points, the treatment will flow 
more smoothly. 

After comparing the various Heart therapies, 
the reader will notice that certain patterns repeat 
themselves. 

1. Generally, the Qigong doctor can access the 
patient's Heart through four methods: 

¢ direct energetic insertion into the Heart's ana- 
tomical location, 
¢ the patient's channels, 
the external energetic Wei Qi fields, or 
¢ the patient’s Taiji Pole (Figure 44.2). 
To avoid energetic armoring (while access- 

ing the Qi in the front of the Heart), it is im- 

portant for the doctor to already be connected 

to the patient’s Shendao point (through the 
back of the Heart). 

2. After treating the patient (purging, tonifying, 
and regulating), the Qigong doctor stimulates 
the patient’s Heart and Shendao area, and 
roots the Upper Dantian Qi into the Lower 
Dantian. 

3. Next, the Qigong doctor leads any remaining 
Turbid Qi down the Pericardium and Heart 
Channels and out from the patient’s hands 
(Figure 44.3). 

Keep in mind that these areas are general and 







Stimulate and 
Root the Heart 
through the 
Taiji Pole. 
Access the 
patient's 
Heart 
through the 
Shendao 
{GV-11) 
point. 


Root the Heart 
in the Lower 
Dantian 


Figure 44.2. Treating Heart Conditions 








Lead Toxic 
Heat down 
the 
Pericardium 
and Heart 
Channels. 







Figure 44.3, Lead the Toxic Qi out of the body through 
the patient's Pericardium Channels. 


that specific treatment patterns must change as 
they apply to the patient’s exact condition (Ex- 
cess, Deficient, etc.), 


MEDICAL QIGONG THERAPY FOR 
HEART QI DYSFUNCTION 
The primary therapies used to treat cardio- 

vascular diseases include: the Windy Breathing 
method to strengthen the Heart and Kidneys, Toe- 
Raised Walking, Heart Massage, and Quiescent 
meditation (see Chapter 15). 

¢ Patients with an Excessive Qi syndrome of the 
Heart with extreme Heat may have a flushed 
complexion, full pulse, and excess sputum; 
they may feel pain in the chest, hypochon- 
drium, back, shoulders, and arms. This syn- 
drome can be treated by having the patient 
utter the “Ha” sound while guiding the Kid- 
ney Water Qi upwards to suppress the Heart 
Fire (Figure 44.4). Alternatively, the Qigong 
doctor may guide the Evil Qi out of the 
patient’s body along the Heart and Small In- 
testine Channels with Pulling and Leading Qi 
manipulations. 
Patients with Deficient Heart Qi may dream 
of flames and red colored objects and have a 
radiating pain in the abdomen. This condi- 
tion can be treated by having the patient per- 
form the Taking in Yellow Qi meditation (see 
Chapter 4) which replenishes the child 
(Spleen), and Taking in Pink Qi meditation to 
nourish the mother (Heart); or, by using the 
Pushing and Guiding Qi manipulations to re- 
inforce the Heart Qi and the Qi in the Lower 
Dantian. 
In this particular case (Deficient Qi syndrome 
of the Heart), the reason the patient should not 
take in the energetic color red is because the Heart 
has already established a draining pattern, and 
any energy pouring into the Heart will only con- 
tinue to drain away. 


HEART QIGONG PRESCRIPTIONS 

To tonify the Heart, tranquilize the mind, pro- 
mote Blood circulation, and remove obstructions 
in the channels, prescription exercises can be used. 
The following exercises can be used to prevent and 
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Figure 44.4. Treating Patients with an Excess Qi 
Syndrome of the Heart 








treat diseases and syndromes such as coronary 
Heart disease, hypertension, angina, arrhythmia, 
theumatic Heart disease, cardiac neurosis as well 
as palpitations (ranging from mild to severe), peri- 
cardial pain, and insomnia. 
PRESCRIPTIONS FOR TONIFYING THE HEART 
Taking in the Red Qi can be used to tonify the 
Heart. The properties inherent within the color red 
have a persistent vibratory rate used for tonifying 
the Heart and Small Intestine. 

1. Assume a standing, sitting, or lying posture. 
Relax the whole body, breathe naturally, and 
get rid of any stray thoughts. 

2. As you inhale, visualize red energy in front 
of you. Inhale the red light energy in through 
the nose and down into the Heart organ. As 
you exhale through the mouth, the dark, 
pathogenic Qi leaves the Heart; however, the 
bright, clean color remains in the organ, stimu- 
lating and vitalizing it. With each breath the 
organ retains more clean energy and begins 
to glow. Repeat for five breaths. 

3. Next breathe the red energy in through the 
nose and fill the entire mouth with it. When 
exhaling through the nose, send the Qi slowly 
to the Heart, then to the Lower Dantian, to 
connect the energy of the Heart and Kidneys 
and to remove obstructions in the whole body. 
Perform this exercise seven or fourteen times. 
Retum to the first step and close the training. 
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Figure 44.5. Hands rest in front of the Lower Dantian. 


PRESCRIPTIONS FOR PURGING THE HEART 


Purge the Heart by having the patient rub his 


or her chest while sounding “Ha.” 


1. 


2. 


The preparatory postures are the same as 
above. 

Begin by clicking the teeth, stirring the tongue, 
and swallowing the saliva, then place the 
palms on the pectoral region of the left side 
of the chest (left hand on the outside for men, 
opposite for women). Inhale slowly, then 
gradually exhale the sound “Ha,” focusing the 
mind on the Heart area. Repeat for six to 
twelve breaths altogether while rubbing with 
the palm lightly in a clockwise circle. 


PRESCRIPTIONS FOR REGULATING THE HEART 
AND CONDUCTING QI 


The following exercise is used to regulate the 


Heart after purging or tonifying. 


1. 
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Assume a standing or sitting posture. Relax 
the whole body, breathe naturally, and raise 
the tongue against the hard palate, just behind 
the teeth. Bring both palms loosely together 
(left over right for men, opposite for women) 
at the Lower Dantian; stand still for several 
minutes and concentrate the mind on the 
Lower Dantian (Figure 44.5). 


. Turn both palms outward, and push the arms 


along the sides of the body towards the back. 
Hold this posture for several minutes. 


. Turn both palms upward and lift them to the 


sides of the chest. 





Figure 44.6. Both palms simultaneously press forward. 





4. With both palms facing forward, stretch both 
hands level and forward. Focus your atten- 
tion on the ends of the middle finger of each 
hand, while the thumb and little fingers 
stretch and separate (Figure 44.6). 

5. Clench both hands into fists and pull them 
along the sides of the body towards the back, 
as if dragging heavy weights. Perform this 
movement three times (Figure 44.7). 

6. Raise the right palm, as if holding a heavy 
weight in front of the chest, and push the palm 
out vertically to the right. Then, draw the right 
hand back to the side of the body near the hip. 
Repeat on the left side, and finally return to 
the starting posture. Perform these move- 
ments three times (Figure 44.8). This com- 
pletes one set. Perform three sets. 


SPECIFIC MEDICAL QIGONG 
THERAPY FOR HEART 


DISEASES 

The following are several Medical Qigong 
Treatments used in China to treat specific Heart 
diseases. 


HYPERTENSION 

Hypertension is considered a condition in 
which the patient has higher blood pressure then 
what is determined to be normal for his or her 





Figure 44.7. Both hands simultaneously clench into fists 
and pull to the hips. 


chronological age and physique, Generally, Tra- 
ditional Chinese Medicine places it in the catego- 
ries of vertigo and headache. 


ETIOLOGY 

Hypertension is one of the most common 
problems impacting the Heart. It is the result of 
an imbalance of the Yin and Yang functional as- 
pects of Deficient Kidney Yin and Excess Liver 
Yang, and/or an overabundance of Phlegm and 
Dampness within the body. 

Hypertension can be caused by the patient 
eating too much food or salt, by too much stress, 
or not enough exercise. A renin imbalance within 
the patient’s Kidneys, increased cholesterol, a pre- 
existing genetic predisposition, a secondary illness 
(diabetes, nephritis, or hyperthyroidism), or even 
pregnancy can also lead to hypertension. These 
causes of hypertension can result in one of three 
internal factors: high cardiac output due to stress, 
reduced elasticity of the vessels, and resistance to 
Blood flow. 

1. When the body experiences emotional tension 
it releases adrenaline, which speeds up the 
Heart rate and causes the blood vessels to 
narrow, increasing the body’s blood pressure. 

2. A buildup of plaque and normal aging re- 
duces the vessel's elasticity and can lead to 
hypertension. 

3. Old age, certain hormonal imbalances or dis- 
orders, or a genetic predisposition can like- 
wise cause high blood pressure. 
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Figure 44.8. Alternate each palm as it presses towards 
the side of the body. 





The overall goals in treating hypertension pa- 
tients are to: 

1. Lower blood pressure, 

2. Stabilize blood pressure, 

3. Establish a quiescent state of mind (generally, 
meditating 20 minutes, twice a day provides 
the patient with a prolonged state of deep re- 
laxation needed to combat stress), and 

4. Encourage life-style changes (i.e., monitor 
potassium intake, decrease sodium intake, 
weight control, and stress reduction manage- 
ment). Treatment programs are established as 
described below. 


SYNDROMES 

As previously stated, there are three under- 
lying causes or syndromes relating to hyperten- 
sion: Excess Liver Yang, Deficient Yin, Excess Liver 
Fire, and Kidney Yin and Yang Deficiency. 

1. If the body’s Kidney Yin is Deficient, it fails 
to nourish the Liver Yin, which leads to a con- 
dition of hyperactivity of Liver Yang. The 
clinical manifestations are feelings of fullness 
in the head, daydreaming, headaches, dizzi- 
ness, tinnitus, insomnia, and dysphoria with 
feverish sensations in the chest. 

2. Excess Liver Fire can cause headaches, dizzi- 
ness, restlessness, irritability, flushed face, and 
constipation. 

3. If the body’s Kidney Yang is Deficient the Yin 
(Water) accumulates, if the Yang does not move, 
the blood vessels cannot relax. This results in 
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obstructed Blood flow. The clinical manifesta- 
tions are dizziness and tinnitus, daydreaming, 
palpitations, amnesia, lassitude and weakness 
in the legs, as well as insomnia. 
TREATMENT FOR PATIENTS SENSITIVE TO 
ENERGY 

1. Use Medical Qigong therapy, and have the pa- 
tient sit in a chair with his or her feet flat on 
the ground. Begin the treatment by cleaning 
the patient's Conception and Governing Ves- 
sels, using purgation methods. Focus specific 
attention on clearing the patient’s head area 
(Figure 44.9). Literally sweep with the entire 
hand, and comb the patient’s Wei Qi fields 
with the fingers. 

By scanning the occipital region of the pa- 
tient, you can verify that the Excess Qi in the 
patient's upper extremities has abated. Once Figure 44.9. The Qigong doctor begins by dredging, 
these vessels are clean, you can focus on treat- purging and cleaning the patient's Conception and 
ing the hypertension. Goveming Vessels. 

2. Stand behind the patient, using the Extended 
Fan Palm technique (with both hands) extend 
energy from the left hand into the top of the 
patient's head at the Baihui GV-20 area, while 
your right hand extends energy into the back 
of the patient's head, beginning at Yuzhen BI- 
9. The two streams of Qi flow downward to 
the Dazhui GV-14 area, where they join into 
one river, which continues to flow downward 
through the patient’s Taiji Pole. Continue to 
visualize these two streams joining and fill- 
ing the Lower Dantian, for a period of 6 to 12 
breaths (Figure 44.10). 

3. Next, move your left hand and extend energy 
into the patient’s Yellow Court, while your 
right hand is placed above the patient’s Ming- 
men area. Lead the Qi from the Yellow Court 
into the patient’s Lower Dantian, continuing 
to root the Qi, for a period of 6 to 12 breaths. 


TREATMENT MODIFICATIONS 
These modifications are additional formulas 
which are added onto the previous treatment ac- 
cording to the specific cause and condition of the 
patient’s Heart. Figure 44.10. The Qigong doctor emits Qi inte the 
1. When treating patients with Excess Liver Yang _ patient's Baihui, Yuzhen and Dazhui points, in order to 
and Deficient Yin, use the Extended Fan Palm access the Taiji Pole and fill the patient's Lower Dantian. 
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hand technique and emit Qi into the patient's 
mid-back, drawing the energy down and root- 
ing it in the patient’s Lower Dantian and Ming- 
men. 

2. When treating patients with Excess Liver Fire, 
itis important to treat the Lv-13 and -14 points, 
by dredging and purging the Excess Qi, and 
leading it down the patient's right Gall Blad- 
der Channel, through the foot and into the 
Earth 


3. When treating patients with Kidney Yin and 
Yang Deficiency, use the Extended Fan Palm 
technique to emit Qi into the patient's mid-back, 
drawing the energy down and rooting it in the 
patient's Lower Dantian and Mingmen. 
TREATMENT FOR PATIENTS NOT SENSITIVE 
TO ENERGY 

Use Jing Point therapy in conjunction with 
Medical Qigong therapy (see Chapter 36). Have 
the patient lie prone. Using the Sword Finger tech- 
nique, touch the patient’s head with the left hand 
and extend energy into the Baihui GV-20 point. 
Guide this Qi down to the Lower Dantian through 
the Taiji Pole, while your right hand embraces and 
energizes the patients’ Mingmen GV-4 point, 
thereby filling the Lower Dantian and rooting the 
patient’s Heart Qi (Figure 44.11). Next, treat the 
patient's LI-11, St-36, Lv-2, and Sp-6 points on both 
sides of the body to lower the patient's blood pres- 


sure. 


PRESCRIPTIONS AND HOMEWORK 
1. A static posture can be given to convalescing 
patients as part of a meditative homework 
prescription for treatment of high blood pres- 
sure. The prescription is as follows. 

a. Havethe patients lie supine (the patients 
may use a pillow under the head for com- 
fort) and have him or her imagine that 
they are floating in warm water. 

b. The patients should perform the toning 
sound “Zheng” (prenounced Jang), and 
imagine dispersing Qi out of his or her 
body. The patient should use natural 
breathing while toning and dispersing 
the Toxic Qi. There are ten major areas, 
from the top of the head to the bottom 
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Figure 44.11. If the patient is not sensitive to energy, 
have them lie prone, and appiy Jing Point Therapy in 
conjunction with Qi emission. 
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Figure 44.12. In this Static posture used to treat high 
blood pressure the patient lies supine and performs the 
toning sound “Zheng” (Jang}, for dispersing Qi. 


of the feet, from which the patients 
must discharge the toxins. These areas 
include: the top of the head, Upper 
Dantian, throat, Middle Dantian, Yel- 
low Court, Lower Dantian, the center 
of the thighs, knees, ankles, and bottom 
of the feet (Figure 44.12). 

c. After several minutes the patients will 
relax and focus their attention on the 
Lower Dantian or Bubbling Well points 
at the bottom of the feet. 

2. Another meditation prescription given to pa- 
tients with hypertension is to have them sit and 
imagine the feeling of warm water pouring 
down over the head, torso, extremities, and feet. 
This meditation should be practiced several 
times a day, using 36 breaths each time. 

3. The patient can also be given the prescription 
of rubbing the hypochondrium and toning the 
sound “Shu” to purge Excess Heat from the 
Liver. 
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PALPITATION 

A palpitation is an abnormally rapid throb- 
bing or fluttering of the Heart. The symptom is 
characterized by nervous feelings or restlessness 
due to strong anxitey or fright. Clinically, it mostly 
attacks paroxysmally and is caused by emotional 
stress or overexertion. Symptoms such as insom- 
nia, vertigo, tinnitus, etc. often accompany palpi- 
tations. 

Diseases with palpitation as the main mani- 
festation include arrhythmia, iron-deficiency ane- 
mia, aplastic anemia, hyperthyroidism and anxi- 
ety disorders. These diseases may all be differen- 
tiated and treated in reference to the prescriptions 
described in this section. 


ETIOLOGY 

There are several factors which contribute to 
palpitations. These factors and their symptoms are 
described as follows. 

1. In patients suffering from Deficient Qi and 
Blood, and Deficient Heart Qi, palpitations 
may occur following sudden mental irritation. 
The patient may note unduly rapid heartbeat 
accompanied, in cases of Deficient Heart Qi, 
by pallor, restless sleep at night, dizziness and 
vertigo. This condition may also be caused by 
Deficient Heart Blood that fails to nourish the 
Heart. 

2. Phlegm Fire disturbing the Heart may also 
give rise to palpitations. In cases with inter- 
nal disturbances of Phlegm Fire, symptoms 
also include fidgeting and disorientation. 

3, Another factor causing palpitations is a Defi- 
ciency of Heart Yang that leads to fluid reten- 
tion. In cases of fluid retention with epigastric 
stiffness symptoms will also include: dizziness, 
excessive salivation and mental fatigue. 

TREATMENT 

1. Begin by extending Qi into the patient’s BI- 
14, BI-18, CV-15, and CV-17 points. To open 
up these points, emit Qi into the tissue areas 
surrounding these points using the Extended 
Fan Palm technique. 

2. Next, use the Sword Fingers hand technique 
and vibrate Qi into each of these points for 
the duration of six to twelve breaths at each 
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point. Upon completion, the doctor will then 
guide the Qi back down the patient's torso 
and root it into the patient’s Lower Dantian. 
3. Finally, the doctor emits Qi into the patient's 
Yellow Court area using the Extended Fan 
Palm technique and then guide the Heart and 
Pericardium Channel Qi down the patient's 
arms using Pushing, Pulling and Leading 
techniques. This ending is performed to bal- 
ance the Qi in the upper and lower aspects of 
the patient's body. 
4. As with every treatment, end the procedure 
by regulating the patient’s Microcosmic Or- 
bit (Fire Cycle). 
TREATMENT MODIFICATIONS 

These modifications are additional formulas 
which are added onto the previous treatment ac- 
cording to the specific cause and condition of the 
patient's Heart. 

1. In cases of insufficiency of Heart Blood, add 
Bl-17 and BI-20 to the treatment points. 

2. In cases of internal disturbance of Phlegm 
Fire, purge from the CV-12 to St-40 points. 

3. In cases of Fluid retention, add BI-21 and Bl- 
22 to the treatment points, for 14 to 24 breaths. 
Then, guide the Qi to flow down the patient’s 
Gall Bladder Channels into their Bl-40 points. 

PRESCRIPTIONS AND HOMEWORK 

1. For treatment of palpitations due to Deficient 
Heart Blood, have the patient practice the 
method of Taking in the Red to nourish the 
Heart (see Chapter 4). Have the patient send 
the red Qi slowly down into the Heart and then 
to the Lower Dantian during the exhalation. 
Practice should be for several minutes, accord- 
ing to the patient's strength and constitution. 

2. For treatment of palpitations due to Phlegm 
Fire, have the patient place both hands on the 
Heart and slowly inhale. As the patient exhales, 
he or she should pronounce the sound “Ha.” 
This exercise should continue for several min- 
utes. 

3. For Heart regulation, have the patient prac- 
tice the Heart exercise from the Daoist Five 
Yin Organ prescriptions (see Chapter 42). 


RHEUMATIC HEART DISEASE 

Rheumatic valvular Heart disease is a condi- 
tion where there is chronic damage of the cardiac 
valve caused by rheumatosis. It clinically mani- 
fests with palpitations, dyspnea and edema. 


SYNDROMES 

1. Heart Blood stagnation is manifested through 
symptoms such as severe palpitations, bad 
cough with hemoptysis, lassitude and weak- 
ness, purplish-red color of the lips, nails and 
zygomatic facial regions, pain in the Heart, 
chest, or both. 

2. Deficient Qi and Blood manifests through 
such symptoms as shortness of breath, palpi- 
tations which are aggravated on exertion, per- 
spiration and pale complexion. 

3. Heart and Kidney Yang Deficiency manifest 
through such symptoms as palpitations, pale 
or darkish complexion, edema, cough, cold 
hands and feet and dyspnea. 


TREATMENT 

1. Have the patient sit at the edge of the table, 
and begin to stimulate the Shendao (GV-11) 
and Middle Dantian areas. 

2. Use the Vibrating Palm hand technique and 
emit Qi into the patient’s Yellow court and 
Shendao (GV-11) area for 6 to 12 breaths. 

3. Use the Extended Fan Palm hand technique 
and emit Qi into the patient’s Heart region, 
leading Qi down the Heart and Pericardium 
Channels to the tips of the fingers (on both 
sides of the body). 


TREATMENT MODIFICATIONS 
1. When treating patients with Heart Blood stag- 
nation, use the Extended Fan Palm hand tech- 
nique and emit Qi into the patient’s Middle 
Dantian, leading the stagnant Qi down the 
Heart and Pericardium Channels and out the 
hands (on both sides of the body). 
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2. When treating patients with Deficient Qi and 
Blood, use the Extended Fan Palm technique 
and emit Qi into the patient’s Middle Dan- 
tian (both Shendao GV-11 and CV-17 areas), 
leading the Qi down the Conception Vessel 
to the Lower Dantian to root and stabilize the 
patient's Qi. 

3. When treating patients with Heart and Kidney 
Yang Deficiency, use the Extended Fan Palm 
technique and emit Qi into the patient’s 
Shendao (GV-11) and Mingmen (GV-4) for 24 
breaths. 

PRESCRIPTIONS AND HOMEWORK 

When prescribing homework for patients 
with rheumatic Heart disease, have them begin 
with a quiescent sitting meditation, while focus- 
ing on their Lower Dantian. 

PRESCRIPTION MODIFICATIONS 

1. Have patients with Heart Blood stagnation 
perform the Heart Massage exercise (see 
Chapter 39), while toning the sound “Ha.” 

2. It is advisable for patients with Qi and Blood 
Deficiency to practice the method of Taking 
in the Yellow Qi into the Spleen and Red Qi 
into the Heart from the natural environment. 

3. Have patients with Heart and Kidney Yin De- 
ficiency practice Gathering the Moon Cream 
(see Chapter 11), as well as the method of Tak- 
ing Yellow Qi into the Spleen and Red Qi into 
the Heart from the natural environment (see 
Chapter 4). 

CONTRAINDICATIONS 

The Heart may either have functional or struc- 
tural problems. In either condition, Medical 
Qigong is contraindicated when working directly 
over a pacemaker. 

Also, when treating Heart conditions, make 
sure the patient is under a Western doctor's care, 
and inquire as to any medications the patient may 
be taking. 
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CHAPTER 45 


Q!I EMISSION THERAPY FOR SPLEEN/STOMACH 


DISEASES 


INTRODUCTION 

The Spleen is a solid (Zang) organ and it stores 
and nourishes Ying (Nourishing) Qi. The Spleen 
corresponds to the element Earth and is sometimes 
referred to as the Yellow Emperor. It houses the Yi, 
which governs the intention, thought, study, con- 
centration, and memorization. It is energetically 
paired with the Stomach (a hollow organ). The 
Spleen is in charge of transporting, distributing and 
transforming nutrients and Qi into Gu Qi, as well 
as controlling Blood circulation (Figure 45.1). 

The Spleen’s external connection with the out- 
side world is through the mouth, hence any con- 
nection with the mouth can affect the body’s ac- 
quired constitution, developing a tolerance or in- 
tolerance to specific substances (allergies), as well 
as affect concentration and thought. 

In the late summer months, Spleen Qi becomes 
more active in individuals who already possess 
strong Spleen Qi, but can become Deficient in those 
individuals who already have weak Spleen Qi. Ex- 
cessive eating and drinking of sweet foods, and 
overexposure to dampness weakens the Spleen. 


SPLEEN COMPLICATIONS AND 
SYMPTOMS 

Because of the importance of both the Spleen 
and Stomach, this chapter is divided into two 
separate sections. The first section focuses on spe- 
cific Spleen diseases and how to rectify them. The 
second section explores the energetic dysfunctions 
of the Stomach. 

The following discussion of treatment begins 
with an explanation of Spleen complications and 
symptoms. Spleen syndromes have symptoms 
which are common to the organ’s energetic dys- 
function such as: diarrhea, tiredness, and edema. 
A list of Spleen syndromes and their symptoms 
are described as follows. 





Figure 45.1. The Spleen {Sp} Channels 
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1. Spleen Qi Deficiency can cause such symp- 
toms as: wheezing, tiredness, abdominal pain, 
diarrhea, constipation, painful urination, en- 
uresis, bleeding and menorrhagia. 

a. Patients with a failure of normal trans- 
porting and transforming Qi activity in 
the Spleen may have a poor appetite, 
abdominal distention, loose stools, 
edema and retention of Phlegm. 

b. Deficient Spleen Qi may cause the Qi 
in the Middle Burner to sink. This re- 
sults in shortness of breath, unwilling- 
ness to talk, persistent diarrhea, pro- 
lapse of the anus or uterus, or gastrop- 
tosis (downward displacement of the 
Stomach). 

c. Spleen Qi Deficiency can result in fail- 
ure of the Spleen to control the Blood 
circulation and may be manifested by 
the following symptoms: bloody stool, 
bleeding from the uterus, and subcuta- 
neous hemorrhaging. 

2. Spleen Yang Deficiency can cause such symp- 

toms as: tiredness and edema. 

. Spleen Blood Deficiency can result in fatigue. 

. Spleen Yin Deficiency can result in tiredness. 

. Damp Heat in the Spleen can cause such 

symptoms as: sinusitis, edema, common cold, 
and influenza. 

6. Dampness in the Spleen can cause such symp- 
toms as: diarrhea, tiredness, edema, and Wind 
Stroke. 


CA we Go 


GENERAL TREATMENT FOR 


SPLEEN DISEASES 

The following is a description of a general pro- 
tocol used for treating the Spleen. The goal is to in- 
troduce the Qigong doctor to the basic hand posi- 
tions and areas of the patient’s body towards which 
Qi is emitted (or Turbid Qi removed). Once the 
Qigong doctor becomes proficient at locating these 
specific points, the treatment will flow more 
smoothly. 

After comparing the various Spleen therapies, 
the reader will notice that certain patterns repeat 
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Energize 
the 
Deficient 
Spleen. 











Energize 
the Lower 
Dantian. 


Purge the Toxic 
Spleen Qi down the 
Stomach Channet 
and out the St-36 
point. 


Figure 45.2. Treating Spleen Conditions 
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themselves. 

1. Generally, the Qigong doctor accesses the 
patient’s Spleen through either direct ener- 
getic insertion into the Spleen’s anatomical lo- 
cation, or through the patient’s channels and 
external energetic fields. 

2. After treating the patient (purging, tonifying, 
and regulating), the Qigong doctor stimulates 
the patient’s Spleen and Yellow Court areas, 
and roots the patient’s Middle Burner Qi into 
the Lower Dantian. 

3. Next, the Qigong doctor leads any remaining 
Turbid Qi down the Stomach Channels and 
out of the patient’s St-36 points (Figure 45.2). 
Keep in mind that these areas are general and 

that specific treatment patterns must change as 
they apply to the patient’s exact condition (Ex- 
cess, Deficient, etc.). 


MEDICAL QIGONG THERAPY FOR 
SPLEEN QI DYSFUNCTION 

The primary therapy used to treat the Spleen 
and gastric diseases include the Windy Breathing 
method (see Chapter 16) to strengthen the Liver, 
Spleen, Lungs, and the Kidneys. 

1. Spleen diseases should be treated by vocaliz- 
ing the “Hu” sound, which is effective for re- 
moving Turbid Qi accumulated in the Spleen, 
as well as for aiding digestion (Figure 45.3). 

2. To treat insufficiencies of the Middle Burner, 
the doctor emits Qi into the patient’s Zhong 
Wan CV-12 point and Lower Dantian points 
to reinforce the patient's Qi in the Middle 
Burner area. 

3. Patients with an Excess Heat syndrome of the 
Spleen should be treated by guiding the Qi 
out along the Spleen and Stomach Channels 
with Pulling and Leading Qi manipulations 
to expel the Turbid Qi from both the Spleen 
and Stomach. 


SPLEEN QIGONG PRESCRIPTIONS 

The following exercise regulates the Qi and 
Blood of the Spleen Channels, strengthens the 
Spleen and replenishes Qi. It also regulates the 
Stomach and promotes digestion. It can be used 
to prevent and treat diseases and syndromes such 





Figure 45.3. The “Hu" sound will purge the Spleen. 


as: gastritis, gastric and duodenal ulcers, colitis 
and gastrointestinal neurosis, abdominal disten- 
tion, diarrhea and constipation. 


PRESCRIPTIONS FOR TONIFYING THE SPLEEN 

The method of Taking in the Yellow Qi can be 
used to tonify the Spleen. The properties inherent 
within the yellow color have a persistent vibra- 
tory rate used for tonifying the Spleen and Stom- 
ach. 

1. Assume a standing or sitting posture. Relax 
the whole body, breathe naturally, and get rid 
of any stray thoughts. 

2. When inhaling, imagine yellow energy in 
front of you. Inhale the yellow light energy in 
through the nose and down into the Spleen 
organ. As you exhale through the mouth, the 
dark, pathogenic Qi leaves the Spleen; how- 
ever, the bright clean color remains in the or- 
gan, stimulating and vitalizing it. With each 
breath the organ retains more clean energy 
and begins to glow. Repeat for five breaths. 

3. Next breathe the color yellow in through the 
nose, filling the entire mouth. When exhaling 
through the nose, send the Qi slowly to the 
Zhongwan CV-12 point, then out to the four 
limbs, skin, and hair. Repeat five to ten times. 
Return to the beginning posture and close the 
training. 
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Figure 45.4. Twist at the waist, swing the arms, and 
look towards the opposite direction, focusing the mind’s 
intention on the heel. 


PRESCRIPTIONS FOR PURGING THE SPLEEN 

Purge the Spleen by having the patient rub 
his or her epigastrium while toning the sound 
“Hu.” 

Assume a sitting or standing posture. Gently 
place both palms (left on the outside for men, op- 
posite for women) flatly on the Zhongwan CV-12 
point on the upper abdomen. Exhale, rubbing the 
palms in a clockwise direction while sounding 
“Hu”. Perform ten to twenty breaths. 

Dredging the Spleen and Stomach 

The following exercise is used to purge Toxic 
Qi from the Spleen and Stomach. 

1. Assume a standing posture and breathe natu- 
rally. While relaxing the whole body, twist at 
the waist as you swing both arms in front of 
the body to the left, then to the right. Look in 
the opposite direction when turning the torso. 
As you tum your torso, your mind should be 
focused on your heels. Continue until you feel 
all tension has left your body (Figure 45.4). 

2. Assumea sitting posture. While sitting on a bed, 
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Figure 45.5. Turn and look over the shoulder with both 
eyes wide open. 





press the palms level on the mattress and medi- 
tate until you feel peaceful and relaxed. Turn 
the head towards the left and look over your 
left shoulder into the distance. Then turn the 
head to the right and look back over your right 
shoulder into the distance. Pause in the center, 
facing forward (Figure 45.5). When looking 
over the shoulders, both eyes should be wide 
open. Repeat five times in each direction. 
PRESCRIPTIONS FOR REGULATING THE 
SPLEEN AND CONDUCTING QI 
The following exercise is used to regulate the 
Spleen after purging or tonifying. 

1. Ina Wuji posture, begin by placing the hands 
on the Yellow Court and begin circle rotation 
in a clockwise direction for 36 rotations, end- 
ing at the Lower Dantian. Pause for 18 breaths 
to root the Spleen Qi in the Lower Dantian. 

2. Next, rotate the abdomen in a counterclock- 
wise direction for 36 rotations, ending at the 
Lower Dantian. Pause for 18 breaths and re- 
turn to Wufji posture. 
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SPECIFIC MEDICAL QIGONG 
THERAPY FOR SPLEEN 


DISEASES 

The following Medical Qigong treatment is 
used in China to treat specific types of Spleen dis- 
ease. 


DIABETES 

Diabetes refers to a syndrome characterized 
by polydipsia (excessive thirst), polyphagia (ex- 
cessive eating), and emaciation. It is a general term 
used to describe diseases characterized by insuf- 
ficient secretion of insulin and excessive urination. 

The prescriptions described in this section can 
also be used for the treatment of such disorders 
as: psychogenic polyuria, polyphagia due to hy- 
perthyroidism, hyperhidrosis (excessive sweat- 
ing), and emaciation. 

ETIOLOGY 

According to Traditional Chinese Medicine, 
diabetes is caused by disturbances in the Spleen 
and Stomach functions of transforming and trans- 
porting energy and the accumulation of toxic Heat 
in the body. These malfunctions can be due to eat- 
ing too much sweet and greasy food, or drinking 
too much alcohol. 

From the Western medical perspective, there 
are two types of diabetes, one type can be con- 
trolled through diet, the other cannot (usually he- 
reditary). Diabetes is included in metabolic dis- 
eases (the Beta cells in the pancreas do not pro- 
duce enough insulin) and caused by pathogenic 
factors relating to genetic predispositions, envi- 
ronmental stress, diet, obesity, and alcohol con- 
sumption. 

In the Medical Qigong clinic there are three 
main factors that can contribute to the origination 
of diabetes: improper diet, emotional factors, and 
congenital predisposition. 

1. The first factor is due to improper diet, includ- 
ing the excessive intake of alcohol, acrid, sour, 
pungent and greasy foods. The excessive intake 
of these types of foods can cause stagnation at 
the Middle Burner (which houses the Stomach 
and Spleen), and failure of the Stomach and 


Spleen to transport the accumulated Heat in- 

side the body. This in turn can give rise to fail- 

ure of the body’s Yin fluids to nourish the Lungs 
and Kidneys, resulting in diabetes. 

2. The second factor is due to a state of constant 
emotional upheaval. Emotional upsets can lead 
to stagnation of Qi which in turn impairs the 
body’s Fluids, causing a Yin Deficiency with a 
hyperactivity of Evil Fire, resulting in diabetes. 

3. The third factor is due to a genetic predisposi- 
tion that can eventually surface if the patient is 
negligent with his or her diet and emotional 
health. 

The Qigong doctor focuses on strengthening 
the patient’s Spleen and Stomach, regulating the 
Liver Qi, and tonifying the Lung, Stomach, and 
Kidney Yin (which has been consumed by the 
Toxic Heat). It also is helpful to monitor the 
patient’s eating habits to correct the disturbed 
metabolic rate and promote the regeneration and 
secretion by the patient’s pancreatic islet cells. 


SYMPTOMS 

1. Diabetes involving the Upper Bummer is char- 
acterized by excessive thirst, dry throat, dry 
tongue, and frequent urination. 

2. Diabetes involving the Middle Burner is char- 
acterized by consuming abnormally large 
quantities of food during meals, emaciation, 
or constipation. 

3. Diabetes involving the Lower Burner is char- 
acterized by frequent sweet smelling urina- 
tion, or chyluria (passing of fat globules in the 
urine), and weakness and softness in the waist 
and knees. 


TREATMENT 

1. Begin by stimulating the BI-23, BI-20, BI-13, 
St-36, and Sp-6 points on both sides of the 
patient’s body. 

2. Then purge and dredge the patient’s CV-12, 
CV-4, and St-21 points. 

3. Next, use the Extended Fan Palm hand ma- 
nipulation with the Vibrating Palm technique 
to emit Qi into the patient's BI-23, BI-20, Bl- 
13, CV-12, and CV-4 for six to twelve breaths. 

4. Continue emitting Qi into those points and 
into the Middle Dantian to regulate the Qi 
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activities of the Upper, Middle, and Lower 
Burners. 
5. End the treatment by softly holding on to the 
patient's LI-11, LI-4, and Ht-1 points on both 
sides of the body, and with a gentle rocking 
or shaking motion allow the Qi to flow into 
the patient’s body, settling into the patient's 
Lower Dantian. 
PRESCRIPTIONS AND HOMEWORK 

The “Inner Health” cultivation meditation is 
given to patients with diabetes, and is prescribed 
as follows. 

1. Have the patient begin in a sitting posture, 
eyes closed, body relaxed using natural ab- 
dominal breathing. 

2. While inhaling, the patient places the tongue 
against the hard palate, and begins to men- 
tally repeat the mantra “I am quietly sitting.” 

3. While holding the breath, the patient mentally 
continues by saying the words “I am healthy.” 

4. The patient then exhales, releasing the tongue 
from the palate, while thinking the last phrase. 


MEDICAL QIGONG THERAPY 


AND STOMACH DISEASES 

This second section focuses on specific Stom- 
ach diseases and how to rectify them (Figure 45.6). 
The following discussion of treatment begins with 
an explanation of Stomach syndromes and symp- 
toms. Several Stomach diseases have symptoms 
which are quite common to the organ’s energetic 
dysfunction, such as epigastric pain. 


STOMACH COMPLICATIONS AND 
SYMPTOMS 
A list of Stomach syndromes and their symp- 
toms are described as follows. 
1. Stomach Heat can cause headache, epigastric 
pain, and bleeding. 
2. Stomach Damp Heat can cause sinusitis and 
epigastric pain. 
3. Stomach Phlegm Fire can cause epigastric 
pain and mental and emotional problems. 
4. Stomach Deficiency can cause epigastric pain, 
diarrhea, atrophy syndrome, and bleeding. 
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Figure 45.6. The Stomach (St) Channels 





5. Stomach Yin Deficiency can cause tiredness, 
epigastric pain, and bleeding. 

6. Cold invading the Stomach can result in epi- 
gastric pain. 

7. Stagnant Blood in the Stomach can result in 
epigastric pain. 
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GENERAL TREATMENT FOR STOMACH 
DISEASES 

The following is a description of a general pro- 
tocol used for treating the patient's Stomach. The 
goal is to introduce the Qigong doctor to the ba- 
sic hand positions and areas of the patient’s body 
towards which Qi is emitted (or Turbid Qi re- 
moved). Once the Qigong doctor becomes profi- 
cient at locating these specific points, the treat- Stimulate the 
ment will flow more smoothly. patient's 

After comparing the various Stomach thera- | Stomach and 
pies, the reader will notice that certain patterns Yellow Court 
repeat themselves. coo 

1. Generally, the Qigong doctor accesses the 
patient's Stomach through either direct ener- 
getic insertion into the Stomach’s anatomical 
location, or through the patient’s channels and 
external energetic fields. 

2. After treating the patient (purging, tonifying, Enanucs 
and regulating), the Qigong doctor stimulates ine eae 
the patient’s Stomach, Spleen, and Yellow _pantian. 
Court areas, and then roots the patient's 
Middle Burner Qi into the Lower Dantian. 

3. Next, the Qigong doctor leads any remaining 
Turbid Qi down the Stomach Channels and 
out of the patient's St-36 points (Figure 45.7). 

Keep in mind that these areas are general and 
that specific treatment patterns must change as 
they apply to the patient's exact condition (Ex- 


cess, Deficient, etc.). ale np i 
lomach Qi down 


the Stomach 


Channels and out 
SPECIFIC MEDICAL GIGONG the St-36 points. 


THERAPY FOR STOMACH 


DISEASES 


The following are several Medical Qigong treat- 
ments used in China to treat specific Stomach dis- 
eases. 








ABDOMINAL PAIN 

Abdominal pain is an abnormal condition of 
the abdomen in which there is a sudden, abrupt 
onset of severe pain in any part of the abdomen 
below or just around the umbilicus. 

Diseases such as acute pancreatitis, gas- Figure 45.7. Treating Stomach Conditions 
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trointestinal spasm, stress induced abdominal 
pain, dyspeptic abdominal pain, and peritonitis, 
etc., in which abdominal pain symptoms appear, 
should be differentiated. Each differential diag- 
nosis can be treated according to the exercises 
taught in the prescription section. 
ETIOLOGY 

The treatment for abdominal pain that is pri- 
marily intestinal in origin is different then that of 
gynecological abdominal pain, which is related to 
the menstrual cycle (see Chapter 51). There are four 
main factors which can contribute to the intestinal 
type of abdominal pain: abdominal pain due to the 
internal accumulation of Cold in the Lower Burner, 
abdominal pain due to dysfunction of Spleen Yang, 
abdominal pain due to food stagnation, and ab- 
dominal pain due to emotional stress. 

1. Internal Cold in the Lower Burner may accu- 
mulate from eating too many cold foods and 
drinks, or can be due to the invasion of patho- 
genic Cold caused by exposure to the ele- 
ments. Women in particular are more prone 
to Cold invading the abdomen during or im- 
mediately after menstruation. When Cold 
contacts the tissues, it slows down the move- 
ment of Qi and Blood, thus causing pain. Ex- 
ternal Cold may invade the patient's intestines 
directly without causing exterior symptoms, 
resulting in a sudden onset of pain and diar- 
rhea. 

2. Patients who are usually Deficient in Yang Qi 
often have a weak digestive system and a 
dysfunction of the Spleen Yang Qi. In this con- 
dition, pain often follows a pathogenic inva- 
sion, no matter how mild it may be. The 
pathogenic invasion may be due to overeat- 
ing, overexertion, or brought on by eating af- 
ter fasting and dieting, or simply by an Exte- 
rior Cold invasion. 

3. Food stagnation is related to food intake or 
constipation, and is induced by Qi stagnation. 
The Stomach fails in digesting the food and 
the Spleen fails in separating and transporting 
the Clear and Turbid Qi. 

4. Emotional stress is related to the circulation 
of Qi and Blood in the abdomen, and thus af- 
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fects both the Liver and Spleen. Anger, frus- 
tration, and resentment can cause Liver Qi 
stagnation in the intestines, resulting in ab- 
dominal pain. Pensiveness and worry affect 
the Spleen and Lungs, impairing the trans- 
forming ability of the Spleen Qi and the down- 
ward descending ability of the Lung Qi, and 
likewise result in abdominal pain. 


SYMPTOMS 

1. Abdominal pain due to the internal accumu- 
lation of Cold, occurs abruptly, and may be 
relieved by defecation. 

2. Abdominal pain due to Spleen Yang dysfunc- 
tion, is characterized by continuous recurring 
pain, which may be relieved by pressure. 
Symptoms include loose stool, mental fatigue, 
and aversion to Cold. 

3. Abdominal pain due to food stagnation, is 
characterized by gastric and abdominal dis- 
tention, severe tenderness in the abdominal 
area, aversion to food and belching with acid 
regurgitation. 

4. Abdominal pain due to emotional stress, is 
characterized by crying and vomiting. 

TREATMENT 

1. Have the patient lay on his or her side and 
begin stimulating the BI-21, Bl-20, CV-12, St- 
36, and St-25 points on both sides of the body. 

2. Purge the patient’s Bladder Channels from the 
mid-back and waist area down to the feet 
three to five times. 

3. Using the Vibrating Palm, emit Qi into the 
patient’s CV-12, St-25, Bl-21, and B1-20 points 
on both sides of the body. Purge and guide 
the Toxic Qi through the abdomen and down 
the lower extremities along the Stomach and 
Bladder Channels and out the patient's feet. 

4. Using the Extended Fan Palm technique, ex- 
tend Qi into the patient’s CV-12 and both St- 
25 points for 14 breaths. Using Pulling and 
Leading manipulations, guide the patient's Qi 
down along the Stomach Channels and out 
both of the patient's feet. 

5. Finally, Circle Rotate the patient's abdomen 
for 81 breaths in a clockwise direction. 
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Figure 45.8. To tonify Deficient Stomach Qi, the patient 
must imagine drawing Qi into the body through the 
Baihui point at the top of the head, and the Yongquan 
points at the bottom of the feet. All three rivers of energy 
must meet to form a pool of energy within the Stomach 
area, which the body will absorb and store. 





Figure 45.9. To treat Excess Stomach Qi, begin from a 
supine posture, While inhaling, imagine the Qi flowing 
down the Stomach Channels from the Baihui point 
ending just below the sternum at the Stomach area. 
Exhale and imagine the Turbid Qi dissolving and meiting 
into the Lower Dantian, then disperse it from the body, 
out the pores, 


TREATMENT MODIFICATIONS 

1. In cases of abdominal pain due to the inter- 
nal accumulation of Cold, add the method of 
extending Hot Qi. 

2. In cases of pain due to Spleen Yang dysfunc- 
tion, extend Hot Qi into the patient's BI-21, 
B1-20, and Mingmen area. 

3. In cases of pain due to food stagnation, emit 
Qi using the Extended Fan Palm with clock- 
wise then counterclockwise Spiraling meth- 
ods into the patient’s CV-12, CV-4, and St-25 
points. 

4. In cases of pain due to emotional stress, emit 
Qi using the Extended Fan Palm hand tech- 
nique into the patient’s Ht-7 and Pc-6 points 
on both sides of the body. Purge and Circle 
Massage the Shendao (GV-11) area in a coun- 
terclockwise direction. 


PRESCRIPTIONS AND HOMEWORK 

1, Have the patient place his or her right palm 
on the CV-12 area and begin to Circle Mas- 
sage 36 times in a clockwise and then 36 times 
in a counterclockwise direction. 

2. After completing the circle rotations, the pa- 
tient pauses for a moment, and then leads the 
Qi down to the navel and continues the 36 
rotations, in both clockwise and counterclock- 
wise directions. 

3. Next, the patient inhales and presses the fin- 
gers of both hands gently below the xiphoid 
process. The patient exhales and directs the 
Qi down along the midline of the body to the 
pubic symphysis area for 36 times. 

4. Finally the patient overlaps his or her hands 
(right over the left in men and opposite in 
women) and places them on the midpoint of 
the lower abdomen to knead the tissue area 
clockwise and then counterclockwise 36 
times. 


PRESCRIPTIONS MODIFICATIONS 
¢ In cases of Stomach pain due to Deficient 
Stomach Qi, have the patient lie supine. The 
patient must imagine drawing Qi into his or 
her body through the Baihui point at the top 
of the head, and the Yongquan points at the 
bottom of the feet. All three rivers of energy 
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must meet to form a pool of energy within 
the Stomach area, which the body will absorb 
and store into the Stomach’s spacial cavity 
(Figure 45.8). 

In cases of Stomach pain due to Excess Stom- 
ach Qi and to treat Excess Stomach Qi symp- 
toms, have the patient lie supine. As the pa- 
tient inhales, he or she is to imagine the Qi 
flowing down the Stomach Channels (from 
the Baihui point) ending just below the ster- 
num at the stomach area. As the patient ex- 
hales, he or she imagines the Turbid Qi 
trapped within the Stomach dissolving and 
melting into the Lower Dantian. Next, the 
patient disperses the Toxic Qi from the body 
out through the pores (Figure 45.9). 


CHRONIC GASTRITIS 

In Traditional Chinese Medicine, this disease 
belongs to the category of epigastralgia. Gastritis 
is described as an inflammation of the Stomach. 
Inflammation of the gastric mucosa is the main 
clinical manifestation of chronic gastritis, and re- 
sults in chronic epigastralgia and dyspepsia (air 
hunger, resulting in difficult breathing, shortness 
of breath, sometimes accompanied by pain). 
ETIOLOGY 

Generally, emotional factors such as worry, 
anxiety, or anger may cause stagnation of Qi. Stag- 
nant Qi, by impeding the function and flow of the 
body’s energy, causes Qi deviations and obstruc- 
tions that result in a stomach ache. 

Gastritis can be superficial (affecting only the 
superficial layers of the Stomach) or atrophic (caus- 
ing thinning of the Stomach mucosa). Its main mani- 
festations are epigastric pain, which occurs about 
one hour after eating, followed by nausea, belch- 
ing, and vomiting with sour regurgitation. 
SYNDROMES 

1. Liver and Stomach Qi stagnation, manifests 
as a distending pain, fullness, and discomfort 

in the Stomach, which is aggravated after a 

meal. The pain is not fixed to any specific 

Stomach location and worsens under emo- 

tional stress, causing belching with acid re- 

gurgitation and nausea. 
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2. Stomach Yin Deficiency due to Stomach Heat 
manifests as a stomach ache accompanied by 
a scorching sensation. The pain is not fixed to 
any specific Stomach location and is aggra- 
vated when the Stomach is empty, and is alle- 
viated after a meal. The symptoms are ex- 
pressed as irritability, dysphoria, and excess 
appetite. 

3. Weakness of the Spleen and Stomach mani- 
fests as a dull stomachache which is relieved 
by Heat and pressure. Symptoms are ex- 
pressed as abdominal distention, dim com- 
plexion, lassitude, cold limbs, and anorexia. 
If the patient has congenital insufficiency of 
Yang in the Middle Bummer (the functional area 
of the Spleen and Stomach), Cold may origi- 
nate from the interior of the body. 

TREATMENT 

1. Have the patient lie supine and relax his or 
her whole body, focusing especially on the 
Stomach area. The patient imagines the Toxic 
Qi dispersing upon exhalation. 

2. Begin to purge and dredge the patient’s CV- 
15 point (just below the xiphoid process), lead- 
ing the Qi down to the Lower Dantian. 

3, Next, use a Vibrating Palm hand technique 
to emit Qi into the patient’s CV-12 point and 
both St-21 points for 14 to 28 breaths. 

4. Applying the Extended Fan Palm hand tech- 
nique to the patient’s CV-12 and Middle 
Dantian, begin drawing Qi downward along 
the Conception Vessel and Stomach Channels 
to the bottom of the patient's feet. 

5. Finally, have the patient lie prone and stimu- 
late the B1-20 and B1-21 points on the lumbar- 
dorsal region, directing the energy from the 
upper back down to the Mingmen area. 


TREATMENT MODIFICATIONS 

1. For Stagnant Liver and Stomach Qi, use the 
Extended Fan Palm hand technique to emit 
Qi into the patient's BI-18 points, pulling and 
conducting Qi along the Gall Bladder and 
Liver Channels down the legs and out the feet 
on both sides. 

2. For Stomach Yin Deficiency due to Stomach 
Heat, use the Vibrating Palm hand technique 
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to emit Qi into the patient’s BI-20 and Bl-23 
points, leading the Qi down the patient's Blad- 
der Channels to the feet. 

3. For Spleen and Stomach Deficiency, use the 
Extended Fan Palm hand technique to emit 
Qi into the patient’s Lower Dantian area. 


PRESCRIPTIONS AND HOMEWORK 

Have the patient practice the Descending the 
Yang and Ascending the Yin technique (see Chap- 
ter 41). 


PRESCRIPTION MODIFICATIONS 

1. For patients with Liver and Stomach Qi stag- 
nation, have the patient practice the Spleen 
and Stomach Massage (see Chapter 39). Then 
perform the healing sounds “Hu” to regulate 
the Spleen and “Shu” to regulate the Liver. 

2. For treating patients with Stomach Yin Defi- 
ciency due to Stomach Heat, have the patient 
first dredge the Spleen and Stomach and then 
perform the “Chui” (pronounced Chree) heal- 
ing sound to regulate the Kidneys. Next, have 
the patient practice the tonification method 
of Taking in the Yellow Qi (see Chapter 4). 

3. For treating patients Deficient Spleen and 
Stomach Qi, have the patient first practice the 
Daoist Five Organ Regulation exercise (see 
Chapter 42). Next, have the patient practice 
the tonification method of Taking in the Yel- 
low Qi to strengthen the Spleen and Taking 
in the Red Qi to strengthen and regulate the 
Heart. 


GASTRIC AND DUODENAL ULCERS 

An ulcer is an open sore or lesion of the skin 
or a mucus membrane, accompanied by slough- 
ing of inflamed, dead, or dying tissue, that causes 
the Stomach’s lining to become more vulnerable 
to acids. If the sore becomes infected puss is dis- 
charged. 


ETIOLOGY 

A gastric or duodenal ulcer refers to a chronic 
ulcer seen only in the regions where the gas- 
trointestinal tract contacts the patient’s gastric 
juice. Its formation and development is closely 
related to the digestive functions of the acidic gas- 
tric juices and pepsin. Clinically this type of ulcer 


is characterized by chronic recurring epigastralgia, 
lasting for a few weeks, with pain occurring from 
30 minutes to two hours after eating. 

Currently, Stomach ulcers are also being 
treated through either herbs or antibiotics (from 
Western medicine). They are caused by bacterial 
infections resulting from either Qi and Blood stag- 
nation or a Deficient Cold syndrome of the Spleen 
and Stomach. 


SYNDROMES 
* Qiand Blood stagnation results in a distended 
pain and fullness in the Stomach, tenderness, 
belching, and acid regurgitation, which be- 
comes aggravated by emotional stress. 
¢ A Deficient Cold syndrome of the Spleen and 
Stomach results in a dull pain within the 
Stomach which is relieved by heat and com- 
pression and aggravated by cold. There can 
also be vomiting with watery regurgitation, 
shallow complexion, cold extremities, lassi- 
tude, and weakness. 
TREATMENT 

1. Have the patient sit at the end of the treat- 
ment table, and begin extending energy into 
the patient's mid-back along their BI-18, Bl- 
20, and BI-21 points using the Extended Fan 
Palm technique. 

2. Next, use the Vibrating Palm to extend energy 
into the patient’s Yellow Court area. When the 
area has been sufficiently stimulated, purge 
the Toxic Qi out of the patient’s body by lead- 
ing the Qi down to the Lower Dantian for 14 
to 28 breaths. 

3. Finally, use the Extended Fan Palm hand tech- 
nique to emit Qi into the patient’s CV-12 and 
St-34 points for 14 breaths. Then lead the Qi 
down the Conception Vessel into the Lower 
Dantian to root and stabilize the patient’s en- 
ergy. 

TREATMENT MODIFICATIONS 
¢ When treating patients with Qi and Blood 
stagnation, use the Extended Fan Palm hand 
method to emit Qi into the CV-12, CV-13, and 
St-21 points. Next, direct the Qi along the 
patient’s Conception Vessel and Stomach 
Channels, leading the Toxic Qi down the 
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patient's legs and out of the body via the St- 
36 points. 

¢ When treating patients with a Deficient Cold 
syndrome of the Spleen and Stomach, use the 
Extended Fan Palm hand method to emit Qi 
into the patient’s Mingmen and Lower 
Dantian areas. 


PRESCRIPTIONS AND HOMEWORK 

In treating patients with ulcers, have them 
practice the Old Man Searching for the Reflection 
of the Moon at the Bottom of the Tide Pool exer- 
cise (see Chapter 53). 
PRESCRIPTION MODIFICATIONS 

¢ For patients with Qi and Blood stagnation, 
have them perform the Spleen and Stomach 
Massage (see Chapter 39) while sounding 
“Hu.” Next, have the patient dredge the 
Spleen and Stomach using the sound “Shu” 
to purge the Liver and regulate Liver Qi. 

* For patients with a Deficient Cold syndrome 
of the Spleen and Stomach, have them prac- 
tice the method of Taking in the Yellow Qi 
from the natural environment. 


CHRONIC CONSTIPATION 

Chronic constipation refers to the prolonged 
retention of feces in the intestinal tract and diffi- 
culty in discharging the fecal matter. This condition 
is not only painful to the patient, but also increases 
toxicity in the body. It is clinically characterized by 
decreased times of fecal discharge or small amounts 
of feces which are considered either too dry and 
hard, or too difficult to be discharged. 

Generally, the transitional time for food to 
pass through the digestive tract for humans takes 
24 to 40 hours. The postponement of defecation 
over two days is considered constipation, al- 
though some normal patients may have regular 
defecation every two to three days. 


ETIOLOGY 
The common causes of constipation are: Diet, 
Febrile Diseases, Emotional Stress, and A Seden- 
tary Life-style, 
1. Diet plays a major role in causing constipa- 
tion. Constipation can result from the exces- 
sive consumption of hot, spicy, or greasy 
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foods. This excess consumption of hot and 
greasy foods can dry up the fluids of the Stom- 
ach and intestines, thereby drying up the stool 
so that it cannot properly move through the 
intestinal walls. 

An excess consumption of Cold foods can 
block the Spleen’s function of transporting 
and thus prevent the stool from moving 
downwards. 

Finally, a lack of fiber in the food, lack of 
sufficient fluid intake or excessive alcohol 
consumption can cause constipation. 

2. Febrile diseases can be caused by External 
Wind Heat invasion, which if not rapidly ex- 
pelled from the body, can turn into an Inte- 
rior Heat condition. The Interior Heat usually 
attacks the Lungs, Stomach, and intestines 
causing the Body Fluids to dry up. A Defi- 
ciency of Body Fluids from the retention of 
Heat within the intestines (even after the fe- 
brile disease has passed) can cause dry stool 
and constipation. 

3. Liver Qi stagnation (due to mental depression, 
anger, resentment, or frustration) can cause a 
Qi obstruction in the Lower Burners that af- 
fects bowel movements and leads to consti- 
pation, abdominal distention, and pain. Ex- 
cessive studying, worrying, and thinking af- 
fects the Spleen, slowing down its transpor- 
tation of food in the intestines, this in turn can 
lead to constipation. 

4, Asedentary life-style, whether from choice or 
due to a weak constitution from a chronic or 
severe illness (or surgery), can cause consti- 
pation. Patients in convalescent homes often 
suffer from constipation due to a lack of exer- 
cise and poor diet, which can lead to Spleen 
Qi and Blood Deficiency. Lack of exercise 
weakens the Spleen Qi and can cause Liver 
Qi stagnation. When Spleen Qi becomes De- 
ficient for long periods of time, the Spleen 
energy fails to provide the Qi to move the 
stool, resulting in constipation. 

SYNDROMES 
¢ Constipation due to an Excess condition is 
caused by decreased times of fecal discharge 


* 
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(once every three to seven days), and is usu- 
ally accompanied with fever, thirst, poor ap- 
petite, and emotional anxiety. 

Constipation due to a Deficient condition is 
mostly seen in patients who have just recov- 
ered from an illness, or have just given birth 
and have become Deficient in Qi and Blood. 
It may also be observed in patients who suf- 
fer from a congenital insufficiency of Yang Qi 
in their Lower Burner and an accumulation 
of Yin Cold, which makes it difficult for the 
intestines to perform their normal transport- 
ing function. Patients with a Deficient condi- 
tion may have bowel movements every three 
to seven days. The stool may be very dry, hard, 
and difficult to pass. This condition is clini- 
cally manifested by a pale and dull complex- 
ion, listlessness, and cold pain in the abdo- 
men which is relieved by heat. The patient 
may also experience emotional fright due to 
a Kidney Qi Deficiency. 


TREATMENT 


Have the patient sit at the end of the treat- 
ment table, and begin to stimulate the 
patient's mid-back between the BI-23 and Bl- 
25 points. Then stimulate the patient’s lower 
lumbar and coccygeal areas, dredging and 
purging the Toxic Qi down the patient's thighs 
and the feet, while stimulating the BI-31 
through B1-34 points. 


. The doctor will then have the patient lie su- 


pine and begin to stimulate the patient’s Yel- 
low Court and Lower Dantian areas, using the 
Vibrating Palm hand technique for 14 breaths. 


. Next, apply the Kneading Tiger Paim with the 


Vibrating and Quivering hand manipulations 
to emit Qi into the back of the patient's head at 
the BI-10 points for 12 breaths, and then onto 
the patient's Lower Dantian for 14 breaths. 


4. After energizing the patient’s Lower Dantian, 
emit Qi, using the Extended Fan Palm tech- 
nique, into the patient's middle epigastrium 
and navel area, as well as into the Lower 
Dantian. Finally, use the Spiraling and Quiv- 
ering hand manipulation in a clockwise di- 
rection to gather the stagnant Qi and to lead 
it down the patient’s Stomach Channels and 
out the legs. 


TREATMENT MODIFICATIONS 

* When treating patients with an Excess type 
of constipation, use the Extended Fan Hand. 
Palm technique to emit Cold Qi into the 
patient’s lower abdomen. Rotate the hand in 
a counterclockwise direction, while purging 
the Toxic Qi from the patient’s body. Repeat 
for 14 breaths. 

« When treating patients with a Deficient type 
of constipation, use the Vibrating Palm tech- 
nique to emit Qi into the patient’s Lower 
Dantian and Mingmen area for 8 to 16 breaths. 


PRESCRIPTIONS AND HOMEWORK 
To treat chronic constipation, have the patient 
practice the Daoist Five Yang Organ Regulating 
exercise (see Chapter 42) for 250 breaths twice a 
day. 
PRESCRIPTION MODIFICATIONS 
¢ For patients with an Excess type of constipa- 
tion, place them in the Wuji posture with their 
hands resting on their lower abdomen. Begin 
with a clockwise rotation, imagining the Toxic 
Qi draining from the patient’s Spleen and 
Stomach areas, down into their Stomach 
Channels and out their feet. 
¢ For patients with a Deficient type of consti- 
pation, have them practice rubbing their 
Lower Dantian to strengthen the abdominal 
Qi, and have them practice the Gathering the 
Sun’s Essence meditation (see Chapter 11). 
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CHAPTER 46 





Q1 EMISSION THERAPY AND LUNG DISEASES 


INTRODUCTION 

The Lungs are solid organs that control the 
cycles of Qi circulation in the body, and are some- 
times referred to as the White Emperor. They cor- 
respond to the element Metal. The Lungs house 
the Po (Corporeal Souls) and are in charge of res- 
piration and regulating the metabolism of the 
Body’s Fluids (Figure 46.1). The Lungs are also 
responsible for keeping Qi pure and extending it 
downward. The Lungs are energetically paired 
with the Large Intestine (a hollow organ). 

The Lungs’ upper external connection with the 
outside world is through the nose, hence any fra- 
grance or odor inhaled through the nose affects the 
senses and evokes emotional responses from the Po. 

In the fall months, the Lung Qi becomes more 
active in individuals that already possess strong 
Lung Qi, but becomes Deficient in those who al- 
ready have weak Lung Qi. The excessive eating 
and drinking of pungent foods and the overex- 
posure to dryness drains the Lungs. 


LUNG COMPLICATIONS AND 
SYMPTOMS 

This section focuses on specific Lung diseases 
and how to rectify them. The following discus- 
sion of treatment begins with an explanation of 
Lung syndromes and symptoms. Several Lung 
diseases have symptoms which are quite common 
to the organ’s energetic dysfunction, such as head- 
aches, cough, the common cold and influenza. A 
list of Lung syndromes and symptoms are de- 
scribed as follows. 

1. Wind Cold invading the Lungs usually enters 
the patient through the pores of the skin and 
body hair (which are ruled by the Lungs). If 
the Lungs’ energetic field is invaded by Wind 
Cold, it may cause the Lung Qi to become 
impure, ascend, and cause obstructions in the 





Figure 46.1. The Lung (Lu) Channels 


pores, resulting in a Wind Cold syndrome. 
This can cause the following symptoms: se- 
vere aversion to cold, headache, cough, the 
common cold or influenza, breathlessness, 
asthma, and allergic rhinitis. 


. Wind Heat Invading the Lungs usually en- 


ters the body by way of the mouth and nose; 
the nose being the orifice to the Lungs. If the 
Lungs’ energetic field is invaded by Wind 
Heat, it may cause the Lung Qi to become im- 
pure, ascend, and impede the ability of the 
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pores to expel pathogenic Evils, resulting in a 
Wind Heat syndrome. This can cause the fol- 
lowing symptoms: slight aversion to cold, 
headache, cough, the common cold or influ- 
enza, asthma, allergic rhinitis and sinusitis. 


. Wind Dampness is a type of Wind Cold syn- 


drome. It consists of both Wind and Damp- 
ness together, invading either the skin (caus- 
ing itching and rashes) or the channels and 
joints (causing painful obstruction syndrome). 
If the Lungs’ energetic field is invaded by 
Wind Dampness, it causes the following 
symptoms: skin rashes, swollen joints, body 
aches, headaches, the common cold and in- 
fluenza. 


. Wind Dryness invading the Lungs causes the 


following symptoms: dry, itchy sore throat, 
dry lips, dry mouth, the common cold and 
influenza, cough and bleeding. 


. Lung Heat causes the following symptoms: 


restlessness and a feeling of heat, common 
cold and influenza, cough, sinusitis, breath- 
lessness and atrophy syndrome as the body’s 
functions begin to shut down. 


. Lung Phlegm Heat causes the following 


symptoms: common cold and influenza, 
cough with expectoration, breathlessness and 
a sensation of oppression in the chest. 
Cold-Damp Phlegm invading the Lungs 
causes the following symptoms: a feeling of 
heaviness, cough with profuse expectoration, 
wheezing, nausea, poor appetite and breath- 
lessness. 


. Lung Qi Deficiency causes the following 


symptoms: breathlessness, wheezing, slight 
cough with no phlegm, asthma, allergic rhini- 
tis, tiredness, spontaneous sweating, and en- 
uresis or incontinence. 


. Lung Yin Deficiency causes the following 


symptoms: night sweating, extreme tiredness, 
breathlessness, asthma, dry cough in short 
bursts, and Five Palms Hot (a condition also 
known as “Five Center Heat,” in which the 
patient feels a hot sensation in the palms and 
soles of the feet, accompanied by heat and 
agitation of the chest and/or head area). 


Access Lu- Access GV- 

1 and 2, to 14, BI-12 and 

purge the 13, to purge 
Lungs. the Lungs. 





Figure 46.2. Treating Lung Diseases 


Purge the Lungs 
through the 
Lung and Large 
Intestine 
Channels. 








Figure 46.3. Drain the Turbid Qi out of the Lungs, down 
the Lung Channels and out of the hands. 
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Figure 46.4. Replenish the mother (Spleen) to 
nourish the child (Lungs). 





GENERAL TREATMENT FOR 


LUNG DISEASES 

The following is a description of a general pro- 
tocol used for treating a patient’s Lungs. The goal 
is to introduce the Qigong doctor to the basic hand 
positions and areas of the patient’s body towards 
which Qi is emitted (or Turbid Qi removed). Once 
the Qigong doctor becomes proficient at locating 
these specific points, the treatment will flow more 
smoothly. 

After comparing the various Lung therapies, 
the reader will notice that certain patterns repeat 
themselves. 

1. Generally, the Qigong doctor accesses the 
patient’s Lungs through either direct ener- 
gized insertion into the Lungs’ anatomical 
location, or through the patient’s channels and 
external energetic fields (Figure 46.2). 

2. After treating the patient (purging, tonifying, 
and regulating), the Qigong doctor stimulates 
the patient’s Lungs and Upper Burner areas 
and roots the patient’s Qi into the Lower Dan- 
tian. 

3. Next, the Qigong doctor leads any remaining 
Turbid Qi down the Lung Channels and out 
the patient's hands (Figure 46.3). 

Keep in mind that these areas are general and 
that specific treatment patterns must change as 
they apply to the patient's exact condition (Ex- 
cess, Deficient, etc.). 
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MEDICAL QIGONG THERAPY FOR LUNG 
Qi DYSFUNCTION 
Patients with Lung disease may have a pale 

complexion, dry hair, dyspnea (difficult breath- 
ing), hyposmia (a deficient sense of smell), stuffy 
nose, dryness and itching of the skin, or discom- 
fort and pain in the chest and back. Patients may 
dream of the sun, moon, clouds, or of having sex. 
The primary therapies used to treat Lung diseases 
include the Breath regulation and Qi reinforcing 
meditations (see Chapter 16). 

¢ Patients with an Excess Heat syndrome of the 
Lungs may have a flushed right cheek. To treat 
this type of syndrome, have the patient utter 
the sounds “Si” (Sss) for the Lungs and 
“Chui” (Chree) for the Kidneys. Guide the 
Evil Qi out of the patient’s body along the 
Lung and Large Intestine Channels using the 
Pushing, Pulling and Guiding Qi manipula- 
tions. 
Patients with a Deficient syndrome of the 
Lungs may have shortness of breath and be 
unable to regulate their breathing. To treat this 
type of syndrome, have the patients inhale the 
sound “Hu,” as they visualize absorbing the 
color yellow to replenish the Spleen (the 
mother); this will nourish the Lungs (the 
child). Next, the patient guides the Qi back to 
the Lungs (Figure 46.4). 


LUNG QIGONG PRESCRIPTIONS 

These exercises regulate the Qi in the Lung 
Channels, tonify the Lungs, replenish Qi, venti- 
late the Lungs, and relieve asthma, coughing, and 
sputum. These exercises can be used to prevent 
and treat the following diseases and syndromes: 
bronchitis, pulmonary emphysema, and bronchial 
asthma, as well as dyspnea and abundant expec- 
toration. 


PRESCRIPTIONS FOR TONIFYING THE LUNGS 
The Taking in the White Qi meditation can be 
used to tonify the Lungs. The properties inherent 
within the color white have a persistent vibratory 
rate used for tonifying the Lungs and Large In- 
testine. 
1. Assume a standing, sitting, or lying posture. 
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Figure 46.5. Inhale 


Figure 46.6, Exhale 


Relax the whole body, breathe naturally, and 

get rid of any stray thoughts. 
2. When inhaling, imagine a white energy in 
front of you. Inhale the white light energy in 
through the nose and down into the Lungs. 
As you exhale through the mouth, the dark, 
pathogenic Qi leaves the Lungs; however, the 
bright clean color remains in the Lungs, stimu- 
lating and vitalizing them. With each breath 
the Lungs retain more clean energy and be- 
gin to glow. Repeat for five breaths. 
Next breathe the color white in through the 
nose, filling the entire mouth. When exhaling 
through the nose, send the Qi slowly into the 
Lungs, then down to the Lower Dantian, and 
then further out into the skin and hair of the 
whole body. Repeat nine to eighteen times. 
Return to the beginning posture and close. 


PRESCRIPTIONS FOR PURGING THE LUNGS 

Purge the Lungs by having the patient rub his 
or her chest while sounding “Sss.” 

The patient should assume a sitting or stand- 
ing posture. Both palms are placed flat on the sides 
of the chest as the patient inhales slowly. When 
exhaling, the patient sounds the word “Sss” while 
rubbing the chest with both palms (circling up and 
down, from the center outward). This exercise is 
performed for six to twelve breaths. 
PRESCRIPTIONS FOR REGULATING THE LUNGS 
AND CONDUCTING QI 

The following exercise is used to regulate the 


Lungs after purging or tonifying. 


» 
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Figure 46.7. Inhale Figure 46.8. Exhale 


1. Sit with the legs crossed, breathe in with the 
spine arched backwards and the hands by the 
sides pressing against the ground; extend the 
chest, and inhale until the chest is full (Figure 
465). 

Pause, then push the upper back in a poste- 
rior direction and draw in the chest while ex- 
haling through the nose (Figure 46.6). Repeat 
four to nine times. 

2. Next, still sitting with the legs crossed, place 
the palms on the knees. Inhale with the spine 
erect and turn the head allowing the torso to 
turn slightly to the left (Figure 46.7). Then bend 
forward and exhale while facing the center (Fig- 
ure 46.8). Next, inhale and turn to the right, then 
again bend forward and exhale while facing the 
center. Always inhale when turning to the sides, 
and exhale while facing the center. 


SPECIFIC MEDICAL QIGONG 
THERAPY FOR LUNG 


DISEASES 

The following are several Medical Qigong 
treatments used in China to treat specific Lung 
diseases. 


TREATING THE COMMON COLD AND 
INFLUENZA 

Upper respiratory tract infections belong to 
the category of common colds, while influenza 


belongs to the category of seasonal epidemic colds. 
Both conditions may be treated by referring to the 
prescriptions described within this section. 
ETIOLoGy 

The common cold is a generic term used to 
describe an Exterior condition caused from the 
invasion of pathogenic Wind (Wind Cold, Wind 
Heat, Wind Damp Heat or Wind Dry Heat). It is 
generally associated with coryza or inflammation 
of the respiratory mucous membranes. 

Upper respiratory tract infection is caused by 
viruses or bacteria. Influenza is known as an acute, 
contagious respiratory infection, characterized by 
sudden onset. The chief clinical manifestations are 
stuffy nose, nasal discharge, coughing, sneezing, 
sore throat, fever, headache, chills, and an aver- 
sion to wind. 

If the pathogenic Qi is on the Exterior level of 
the body, the internal organs are not affected, and 
only the patient’s Wei Qi is involved. If the patho- 
genic factor becomes Interior, the patient's inter- 
nal organs are affected, especially the Lungs and 
Spleen. If the pathogen is not cleared and purged 
from the patient’s body, it may either penetrate 
more deeply into the patient’s body and cause 
serious problems, or give rise to residual Heat 
which causes chronic post-viral fatigue syn- 
dromes. 


SYNDROMES 

¢ A Wind Cold syndrome has the following 
symptoms: chills, headache, aches and pain- 
ful joints, coughs and sore itchy throat, stuffy 
nose, low fever, and no sweating with pro- 
fuse, watery nasal discharge. 

* A Wind Heat syndrome has the following 
symptoms: fever, cough, headache, slight 
aversion to cold, swollen and sore throat, thick 
yellow sputum, slight thirst, and perspiration. 
Once the pathogenic factor penetrates into the 
patient's interior, the body’s Qi begins to fight 
against it, causing a fever and feeling of heat 
inside the body, with an aversion to cold, and 
shivering. 

TREATMENT 
1. Have the patient sit at the end of the treatment 
table. 
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2. Begin by stimulating the energy within the 
patient's head, purging and leading the Toxic 
Qi down the patient’s arm and out the LI-11 
and LI-4 points. 

3. Then stimulate the patient’s Yintang (Third 
Eye) and Taiyang (temple) points. Using Pull- 
ing and Leading Qi manipulation techniques, 
purge and guide any remaining Toxic Qi 
downward, along the Conception Vessel and 
the Stomach Channels, out the patient's feet, 
three to seven times. 

4. Next, to balance the functional activities of the 
body’s Qi, stimulate the tissue area on the 
patient’s upper back and head (GV-14 and 
GV-16, Bl-12 and BI-13) using the Extended 
Fan Palm technique, and guide the Qi down- 
ward along the Bladder Channels to the 
patient's feet. 

5. Finally, softly grasp the patient's LI-4 and LI- 
11 points and gently shake the arm, stimulat- 
ing the patient’s Lung Qi. This technique is 
performed on each of the patient's arms. 

TREATMENT MODIFICATIONS 
1. When treating patients with Wind Cold syn- 
drome, extend Hot Qi into the GV-14 and BI- 
12 points, using the Extended Fan Palm tech- 
nique, and guide the Qi downward along the 
Bladder Channels to the patient's feet and out 
the body. 
2. When treating patients with Wind Heat syn- 
drome, extend Cold Qi into the GV-14, BI-13, 
and GB-20 points, using the Extended Fan 
Palm technique, and guide the Qi downward 
along the Stomach Channels to the patients’ 
feet and out the body. 
3. When treating patients with nasal obstruction, 
extend Vibrating Qi, using the Sword Fingers 
technique, into the LI-20 points for 9 breaths. 
4. When treating patients with cough, chest 
stuffiness, and Phlegm, extend Vibrating Qi, 
using the Sword Fingers technique, into the 
CV-17, Lu-1, and Lu-2 points for 8 breaths. 
PRESCRIPTIONS AND HOMEWORK 

The patients should be given the Ten Drag- 
ons Run Through the Forest exercise (see Chap- 
ter 41} to sweep and purge the Gall bBladder 
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Channels. Most of the attention should be placed 
on feeling the Qi beneath the hands, with empha- 
sis placed on exhalation to expel the pathogenic 
Wind from the body. Perform this prescription for 
24 to 50 times. 


CHRONIC BRONCHITIS 

Chronic bronchitis is a condition caused by 
the chronic inflammation of the mucous mem- 
branes of the bronchial tubes. 


ETIOLOGY 

Chronic inflammation of the bronchial mu- 
cosa and peribronchial tissues is mostly due to lin- 
gering and recurrent acute bronchitis, or may oc- 
cur after an infection from other diseases. The chief 
clinical manifestations are chronic recurring 
cough, expectoration and dyspnea. Bronchitis can 
be divided into acute and chronic conditions. 

1. Acute bronchitis corresponds to the Qi level 
of infection within the four level identifica- 
tion patterns. It is the easiest to treat, and nor- 
mally manifests with Hot Phlegm symptoms. 

2. Chronic bronchitis takes a little longer to heal 
and the doctor should focus treatment on at- 
tending to the root and manifestation of the 
disease simultaneously (purging Phlegm and 
dispersing the Heat or Cold). 


SYNDROMES 
¢ For Phlegm Dampness attacking the Lungs, 
the main symptoms are abdominal distention, 
cough with copious white sputum, stuffiness 
in the chest and loss of appetite. 
¢ For Lung and Spleen Deficiency, the main 
symptoms are cough with sputum, shortness 
of breath, spontaneous sweating, loss of ap- 
petite and loose stool. 
TREATMENT 
1. Have the patient sit at the edge of the table. 
Begin to purge the patient’s Lungs, dredging 
the Toxic Qi down the Lung Channels and out 
of the hands. 
2. Use the Vibrating Palm technique to stimu- 
late the patient’s Middle Dantian, Lu-1, -2, Bl- 
13, GV-16, and St-40 points. Use 8 to 12 breaths 
for each point. 
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TREATMENT MODIFICATIONS 
* For Phlegm Dampness attacking the Lungs, 
use the Extended Fan Palm technique to emit 
Qi into the patient’s Lungs; purge the Spleen 
and Stomach Channels, leading the Toxic Qi 
down the channels and out of the St-40 and 
Sp-6 points on each leg. 
* For Spleen and Lung Deficiency, emit Qi us- 
ing the Vibrating Palm technique into the 
patient's BI-20, Bl-23, BI-13 and CV-12 points 
for 6 to 12 breaths. 
PRESCRIPTIONS AND HOMEWORK 

Have the patient practice the Lung exercise 
from Daoist Five Yin Organ Tonification and Regu- 
lation exercises (see Chapter 42) to strengthen and 
balance the Lungs. 


PRESCRIPTION MODIFICATIONS 

* For patients suffering from Phlegm Dampness 
attacking the Lungs, have the patient perform 
the Sun and Moon Rotating technique (see 
Chapter 41), sounding “Sss” to regulate the 
Lungs and the sound “Hu” to regulate the 
Spleen. 

¢ For patients suffering from Lung and Spleen 
Deficiency, have them perform the Taking in 
the White Qi to tonify the Lungs, and the Tak- 
ing in the Yellow Qi to tonify the Spleen. 


ASTHMA 

Asthma is a chronic disorder of the respira- 
tion organs characterized by difficulty in breath- 
ing, wheezing, and tightness in the chest. Bron- 
chial asthma, chronic bronchitis and pulmonary 
emphysema are all included in the category of this 
disease. 
ETIOLOGY 

Asthma is an Excess condition which is 
caused mainly by a retention of Wind, Cold, Heat 
or Damp Phlegm in the Lungs. When a patient is 
affected by invasion of pathogenic Dampness, dis- 
orders in Qi mobility develop. Phlegm mixes with 
Qi and obstructs the air passages, causing dysp- 
nea (shortness of breath) and wheezing. 

Asthma may also result from an obstruction 
of the Lungs due to Phlegm retention caused by a 
failure of the Spleen to transport, or from a Defi- 
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cient condition of the Kidneys. The diagnosis of throat and mouth, dry cough, inconsistent fe- 

this disease can be divided into two types of ver, night sweating, and with some patients 

asthma: early onset asthma and late onset asthma. there may be hemoptysis (the expectoration 
1. Early onset asthma (also called extrinsic or of Blood). 


atopic asthma), usually starts during childhood 
and is divided into non-allergenic and aller- 
genic asthma. Allergic asthma is associated with 
eczema and it tends to be difficult to treat be- 
cause it stems from a congenital Lung and Kid- 
ney Qi Deficiency and is often hereditary. Early 
onset asthma can be affected by diet (e.g., lac- 
tose intolerance), emotional problems, fatigue, 
chronic illness and invasion by external patho- 
genic factors. It is related to an allergic hyper- 
sensitivity of the immune system. 

. Late onset asthma (also called intrinsic 
asthma) normally starts later in life and is due 
to bronchial hyperreactivity. In late onset 
asthma there is no hereditary basis. It is gen- 
erally characterized by a Lung, Spleen, or Kid- 
ney Deficiency and a retention of Phlegm. In 
some cases, asthma can be caused by Liver 
Qi stagnation or Liver Fire obstructing the 
descending action of Lung Qi. Late onset 
asthma can be affected by overwork, exces- 
sive sexual activity, emotional stress and the 
excess consumption of sour, greasy or cold 
foods. 


SYNDROMES 
1. For Wind Cold asthma due to External Evils, 


the main symptoms are dyspnea, coughing, 
abundant, thin expectoration and clear 
Phlegm accompanied with external Wind 
Cold syndrome. 

. For asthma due to the accumulation of 
Phlegm Dampness in the Lungs, the main 
symptoms are dyspnea, cough, abundant, 
thin and sticky expectoration, stuffiness in the 
chest and in the epigastric region. 

. For asthma due to Deficient Lung and Spleen 
Qi, the main symptoms include dyspnea, 
spontaneous perspiration, aversion to Wind, 
an expectoration of clear, thin Phlegm, weak 
voice, loss of appetite and general lassitude. 
. For asthma due to Deficient Lung and Kid- 
ney Yin, the main symptoms are dyspnea, dry 


TREATMENT 

The therapeutic effect of Medical Qigong is 
better for patients who have had this disease fora 
short time period. In chronic asthma, improve- 
ment usually takes more time. 

1. Begin by stimulating the patient's CV-22, CV- 
17 and CV-4 points along with the Bl-13 
points. 

2. Using the Vibrating Palm technique and emit 
Qi with the left palm into the patient's lower 
neck and upper back area, while simulta- 
neously extending energy into the patient's 
Lower Dantian with the right hand for 14 to 
28 breaths, 

3. Purge the Toxic Qi from the patient’s CV-22 
and BI-13 areas, then lead and guide the 
patient’s Lung Qi down the Governing Ves- 
sel and Bladder Channels into the Mingmen 
GV-4 and BI-23 points. Repeat for 3 to 7 respi- 
rations. 

4. Using the Sword Fingers hand posture, vi- 
brate energy into the patient’s CV-22, -17, Lu- 
1 and Lu-2 points. Then guide the patient's 
Qi to flow downward from the chest to the 
Lower Dantian along the Stomach Channels 
and Conception Vessel to stabilize the 
patient's Qi. 

TREATMENT MODIFICATIONS 

1. To treat a case of Wind Cold syndrome due to 
exogenous Evils, purge and sweep the 
patient’s Gall Bladder Channels, concentrat- 
ing on the head area. Then extend Qi into the 
patient’s Lu-1 and Lu-2 points. Use Pulling 
and Leading manipulations to draw the Toxic 
Qi along the patient’s Lung Channels, expel- 
ling the pathogenic Qi out of the fingertips 
on both hands. 

2. In treating cases of Deficient Lung and Spleen 
Qi, use the Extended Fan Palm hand posture 
and Vibrating Palm technique to emit Qi to- 
wards the patient’s CV-12, CV-6, BI-20 and BI- 
13 points for 9 to 18 breaths. 
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3. In treating cases of Deficient Lung and Kid- 
ney Yin, use Extended Fan Palm hand pos- 
ture and Vibrating Palm hand technique to 
emit Qi towards the patient’s Lower Dantian, 
Mingmen, and BI-13 points for 6 to 12 breaths. 


PRESCRIPTIONS AND HOMEWORK 

Patients are encouraged to practice physical 
exercises to strengthen the body and enhance their 
resistance to pathogenic invasion. These exercise 
prescriptions however, must not be too strenuous. 
Two prescriptions used for relieving asthma and 
respiratory pain are described as follows. 
Exercise to Relieve Asthmatic Pain. For chronic 
conditions of asthma, patients are given the fol- 
lowing prescription: 

1. From a sitting or standing posture, slightly 
close the eyes and relax. Stimulate the energy 
of the chest by kneading the sternum from the 
sternal notch to the xiphoid process 36 times. 

2. Inhale and place the right palm on the left side 
of the chest. Exhale, and begin dredging the 
left Lung Channel using a sweeping motion 
to purge the Toxic Qi down the arm and out 
through the hand. Perform this Purging exer- 
cise 10 times, then repeat 10 times on the op- 
posite side. 

3. Finally, perform the Kidney Rub exercise (see 
Chapter 39) for 18 breaths. 

Exercise to Relieve Asthma Attacks 

For acute asthmatic attacks, patients are given 
the following prescription. 

From a sitting or standing posture, slightly 
close the eyes and relax the muscles of the chest 
and back. Take a deep breath and say “relax” si- 
lently, while simultaneously imagining the Lungs 
relaxing and descending the body’s Qi down to 
the toes along both lateral sides of the body. As 
the Qi descends from the Lungs, imagine this en- 
ergy flowing like water, down your body into the 
Earth. Repeat this procedure until the asthma at- 
tack has receded. 

PRESCRIPTION MODIFICATIONS 
¢ Patients with Deficient Lung Qi should prac- 
tice the previous exercises in combination 
with Taking in the White Qi. 
* Patients with a domination of pathogenic fac- 
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tors should practice the previous exercises in 
combination with rubbing their chest and ut- 
tering the sound “Sss.” 


BRONCHIECTASIS 

Bronchiectasis is the chronic dilation of the 
bronchi, with a secondary infection that usually 
involves the lower portion of the Lungs. Dilation 
may involve an isolated segment or can spread 
throughout the entire bronchi. 
ETIOLOGY 

This disease is characterized by hypertrophy 
of the mucus-secreting glands in the bronchial 
tree. The dilation and deformation of the bronchi 
are caused by the damage of the vessel walls due 
to chronic inflammation of the bronchi and the 
peribronchial Lung tissue. In advanced cases the 
bronchi themselves can become inflamed with in- 
fection. The clinical manifestation is a chronic 
cough with an excessive expectoration of sputum. 
If followed by infection, there may be night sweat- 
ing, fever and lassitude. 
SYNDROMES 

1. Liver Fire attacking the Lungs can manifest 
with pain and distention in the chest and 
hypochrondium, flushed face, cough, expec- 
toration of yellow, thick sputum and repeated. 
hemoptysis (Blood discharging from the lar- 
ynx, trachea, bronchi, or Lungs). 

2. Dry Heat scorching the Lungs manifests as a 
dry throat and dry cough with little sputum, 
which is bright red and bloody. 

3. Qi and Yin Deficiency manifests through 
shortness of breath, lassitude, emaciation, re- 
peated hemoptysis, cough with little sputum, 
erratic fever and flushed face (especially 
around the cheeks). 


TREATMENT 

1. Have the patient sit at the edge of the table, 
and begin to stimulate the upper chest at the 
Lu-1 and Lu-2 points and the upper back 
around the patient's Bl-13 points. 

2. Using the Extended Fan Palm hand technique, 
emit Qi into the patient’s Middle Dantian di- 
recting the energy to flow into the Lu-1 and 
Bl-13 points for 6 to 12 breaths, 


3. Using the Leading and Guiding hand tech- 
niques, purge and dredge the Toxic Qi out the 
Lung Channels (i.e., down the arms and out 
of the hands). 


TREATMENT MODIFICATIONS 
1. When treating patients with Liver Fire attack- 
ing the Lungs, include the Vibrating Palm 
technique, and emit Qi into the patient's BI- 
13 and BI-18 points for 12 breaths. Then purge 
the Liver Channels down the torso and out of 
the legs. 
2. When treating patients with Dry Heat scorch- 
ing the Lungs, apply the Vibrating Palm tech- 
nique to emit Qi into the patient’s Bl-23 and 
BI-13 points for 24 breaths. 
3. When treating patients with Qi and Yin Defi- 
ciency, apply the Vibrating Palm technique to 
emit Qi into the BI-13, BI-20, and BI-23 points 
for 12 breaths, 
PRESCRIPTIONS AND HOMEWORK 

It is advisable for patients to practice regulat- 
ing Lung exercises with Natural Breathing to 
strengthen the Lungs. 


PRESCRIPTION MODIFICATIONS 

1. For Liver Fire attacking the Lungs, have the 
patient perform the Sun and Moon Rotating 
technique (see Chapter 41), while sounding 
the word “Sss” for 36 breaths, to purge the 
Lungs in addition to performing the Lung 
tonification and regulation exercises (see 
Chapter 42). Next, have the patient rub the 
hypochrondrium area and sound the word 
“Shu” for 36 breaths. 

2. For Dry Heat scorching the Lungs, (from a 
Wuji posture) have the patient bring both 
hands up to the sternum and begin kneading 
the sternum down to the xiphoid process 36 
times. Next, the patient places both palms on 
the chest with the fingers touching the ster- 
num to allow the Qi to flow into the Lungs 
for 10 breaths. Finally, the patient rubs the 
hypechrondrium and purges the Toxic Qi 
from the body while exhaling and rubbing the 
sides of the chest, starting at the armpits, to 
direct the Qi to flow downward into the 
Lower Dantian. 
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3. For Qi and Yin Deficiency, it is advisable for 
the patient to practice Lung tonifying exer- 
cises and the Gathering the Moon Cream ex- 
ercises (see Chapter 11), as well as the meth- 
ods of Taking in the White Qi. 


SINUSITIS 

Sinusitis is described as the inflammation of 
the sinuses. Infections stemming from the com- 
mon cold or influenza frequently cause second- 
ary infections in the sinuses, these infections tend 
to become chronic. The body’s frontal and maxil- 
lary sinuses are very prone to infection and in- 
flammation. 


ETIOLOGY 

An invasion of pathogenic Wind Cold into the 
Lungs through the nose (the orifice of the Lungs) 
can bring about the accumulation of Heat and 
cause an obstruction of the Lungs’ Qi. This condi- 
tion further impairs the Lungs’ dispersing and de- 
scending function, giving rise to sinusitis. 

The excessive consumption of greasy, hot 
foods leads to a buildup of Phlegm and Heat tox- 
ins within the body and may predispose the pa- 
tient to sinusitis. Greasy, hot foods may also lead 
to the formation of Damp Heat within the Stom- 
ach and Spleen, which can be transported up- 
wards into the sinuses by way of the Stomach 
Channels. 

Excess conditions, such as Wind Heat, Lung 
Heat, Stomach and Spleen Damp Heat, and Liver 
and Gall Bladder Fire, should all be purged from 
the patient’s body, whereas chronic conditions 
caused by Spleen Deficiency should be tonified. 


SYNDROMES 

Sinusitis is characterized by consistent yellow- 
ish and foul smelling nasal discharge accompa- 
nied by cough, impairment of smell, and dull pain 
in the upper part of the cranium. The headache 
caused from sinusitis is located on the face and 
corresponds with either the frontal ethmoidal or 
the maxillary sinuses. 


TREATMENT 
1. Begin by stimulating the patient's frontal si- 
nuses, focusing specific attention on the LI- 
20, GB-20, and Yintang points. 
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2. Then emit Qi into both of the patient’s hands 
and wrist areas, focusing specific attention on 
the LI-4 and Lu-7 points. 
3. Next, using either the Sword Fingers or Ex- 
tended Fan Palm hand posture, emit Qi into 
the patient's LI-20 points. Begin using the 
Pushing, Pulling, and Leading manipulations 
to guide the patient's Toxic Qi down the Stom- 
ach Channels, purging it out through the St- 
36 point on each leg. 
PRESCRIPTIONS AND HOMEWORK 

The following prescription is used for reliev- 
ing sinusitis. 

The patient, from a seated posture, rubs his 
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or her palms until the dorsal sides of each thumb 
are very hot. Then the patient places the thumbs 
on the sides of the nose and begins to gently rub 
up and down for 10 breaths. This exercise is called 
Bathing the Nose. 

Next, the patient places the tips of the middle 
fingers on each side of the nose (LI-20), and be- 
gins kneading these points. This is followed by 
using circular rotations from the cheeks to the nose 
five times during inhalation, and then from the 
nose to the cheeks five times during exhalation. 
This part of the exercise is called Kneading the 
Apex of the Nose. This exercise is performed for 
10 breaths. 


CHAPTER 47 


QI EMISSION THERAPY FOR KIDNEY DISEASES 


INTRODUCTION 

The Kidneys are solid (Zhong) organs that store 
the body’s Jing. They correspond to the element Wa- 
ter and are sometimes referred to as the Black Em- 
peror. The Kidneys house the Zhi, which is the will 
power, and they are in charge of life and reproduc- 
tion. The Kidneys are also responsible for bone, 
brain and Marrow formation. They govern the 
Mingmen Fire and are the root of the Yin and Yang 
energies within all the organs (Figure 47.1). The Kid- 
neys are energetically paired with the Bladder (a 
hollow organ). 

The Kidneys are responsible for inhalation. 
Upon inhalation the Kidneys grasp the Lungs’ Qi 
and hold it. This “holding” action secures the 
body’s ability to maintain deep, slow inhalation. 
Therefore, when the Kidneys become weak (due 
to shock, trauma or disease), one of the clinical 
manifestations of Deficient Kidneys includes dys- 
pnea (shortness of breath and gasping for air). 

The Mingmen, or Gate of Life, is the root of the 
Yuan Qi, the residence of Water and Fire energy. 
The Yin Qi of the Five Yin Organs cannot be nour- 
ished without it, and the Yang Qi of these organs 
cannot be lifted without it. Kidney Qi flows to the 
brain. The ears (Yang orifice), anus and urethra (two 
Yin orifices) are the orifices of the Kidneys. 

The Kidneys’ upper external connection with 
the outside world is through the ears, hence any 
sound or tone resonation affects the core essence of 
the individual's spiritual and emotional will power. 

In the winter months the Kidneys become 
more active in individuals who already possess 
strong Kidney Qi, but becomes Deficient in those 
with weak Kidney Qi. The excessive eating and 
drinking of salty foods and overexposure to cold 
depletes the Kidneys. 

Kidney Yin energy flows to the Liver, Heart, 
and Lungs. It is responsible for the body’s Jing 





Figure 47.1. The Kidney (Kd) Channels 
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and produces the birth, growth, maturation, and 
reproduction cycle. Kidney Yang energy flows to 
the Spleen, Liver, Heart, and Lungs. It supports 
the Yang of all the body’s organs via the Mingmen 
(Figure 47.2). 


KIDNEY COMPLICATIONS AND 
SYMPTOMS 

This section focuses on specific Kidney dis- 
eases and how to rectify them. The following dis- 
cussion of treatment principles begins with an 
explanation of Kidney syndromes and symptoms. 
Several Kidney diseases have symptoms which 
are common to the organ’s energetic dysfunction, 
such as mental and emotional problems, lower 
back pain, tiredness, and breathlessness. A list of 
Kidney syndromes and their symptoms are de- 
scribed as follows. 

1. A Kidney Yang Deficiency syndrome mani- 
fests through such symptoms as headaches, 
breathlessness, wheezing, asthma, tiredness, 
mental and emotional problems, lower back 
pain, diarrhea, constipation, painful urination, 
enuresis, edema, menorrhagia and premen- 
strual tension. 

2. AKidney Yin Deficiency syndrome manifests 
through such symptoms as tiredness, chest 
tightness, asthma, breathlessness, mental and 
emotional problems, constipation, enuresis, 
lower back pain, bleeding, Parkinson’s dis- 
ease, menorrhagia and premenstrual tension. 

3. AKidney Jing Deficiency syndrome manifests 
through such symptoms as tinnitus, dizziness, 
and mental and emotional problems. 


GENERAL TREATMENT FOR 


KIDNEY DISEASES 

The following is a description of a general pro- 
tocol used for treating a patient’s Kidneys. The 
goal is to introduce the Qigong doctor to the ba- 
sic hand positions and areas of the patient’s body 
through which Qi is emitted (or Turbid Qi re- 
moved}. Once the Qigong doctor becomes profi- 
cient at locating these specific points, the treat- 
ment will flow more smoothly. 
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Mingmen 
Fire 


Figure 47.2. Kidney Yin flows from the Kidneys to the 
Liver, then to the Heart and Lungs. Kidney Yang flows 
from the Kidneys to the Spleen, Liver, Heart and the 
Lungs. 





After comparing the various Kidney thera- 
pies, the reader will notice that certain patterns 
repeat themselves. 

1. Generally, the Qigong doctor accesses the 
patient’s Kidneys through either direct ener- 
getic insertion into the Kidneys’ anatomical 
location on the back, through the naval and 
Mingmen access gates, or through the 
patient’s channels and external energetic 
fields (Figure 47.3). 

2. After treating the patient (purging, tonifying, 
and regulating), the Qigong doctor will stimu- 
late the patient's Kidneys, Mingmen, and 
Lower Burner areas, and roots the patient's 
Qi into the Lower Dantian. 

3. Next, the Qigong doctor stimulates the 
patient’s Kidneys and Lower Dantian through 
the Taiji Pole and Bubbling Spring (Kd-1) 
points, regulating the body’s Yin and Yang Qi 
via the Microcosmic Orbit (Fire Cycle). 

Keep in mind that these areas are general and 
that specific treatment patterns must change as 
they apply to the patient’s exact condition (Ex- 
cess, Deficient, etc.). 
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Energize the 
Kidneys through 
the patient’s Taiji 

Pole. 
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Regulate the 
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the Yongquan 
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Figure 47.3. Treating Kidney Diseases 


the Kidneys 
through the 


MEDICAL QIGONG THERAPY FOR 
KIDNEY Qi DYSFUNCTION 

Some symptoms of Kidney disease can mani- 
fest as dark circles under the eyes, decaying teeth, 
distended abdomen, dyspnea, and perspiration. 
The primary therapy used to treat Kidney diseases 
include: the Windy Breathing method to s en 
the Kidneys, Toe-Raised Walking, and Kidney mas- 
sage (see Chapter 15). 

1. An Excess Heat syndrome of the Kidneys 
should be treated by purging through utter- 
ing the “Chui” (Chree) sound, and reinforc- 
ing its effectiveness by focusing intent on the 
exhalation (Figure 47.4). This gradually re- 
lieves sluggishness and stagnation of the Kid- 
ney’s Qi. 

2. A Kidney Deficiency syndrome manifests 
mid-lower back pain at the waist level, and 
should be treated by Taking in the Blue Qi (see 
Chapter 4) into the Kidneys, Mingmen, and 
Lower Dantian. 

3. A Deficiency of Mingmen Fire should be 
treated by emitting Qi into the patient’s Lower 
Dantian and Mingmen area with the Pushing 
technique along with clockwise Qi rotation. 
This manipulation invigorates the Kidneys’ 
Qi and replenishes the Fire of the Mingmen. 





ee © 0 6 
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Figure 47.4. The Kidney sound is “Chui” (Chree). 
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KIDNEY QIGONG PRESCRIPTIONS 

These exercises promote the flow of Qi and 
Blood of the Kidney Channels, nourish the Kid- 
neys, strengthen Yang, and increase the Yuan Qi. 
These exercises can also be used to prevent and 
treat the following diseases and syndromes: ne- 
phritis, psychoneurosis, lumbago, rachialgia (spi- 
nal inflammation), tinnitus, deafness, frequent 
micturition and aversion to cold due to having a 
Cold condition. 


PRESCRIPTIONS FOR TONIFYING THE KIDNEYS 

The Taking in the Blue Qi can be used to tonify 
the Kidneys. The properties inherent within the 
color blue have a persistent vibratory rate used 
for tonifying the Kidneys and Bladder. 

1, Assume a standing, sitting, or lying posture. 
Relax the whole body, place the tongue 
against the hard palate behind the teeth, and 
get rid of any stray thoughts. 

2. When inhaling, visualize blue energy in front 
of you. Inhale the blue light energy in through 
the nose and down into the Kidney organs. 
As you exhale through the mouth, the dark, 
pathogenic Qi leaves the Kidneys; however, 
the bright clean color remains in the organ, 
stimulating and vitalizing it. With each breath 
the organ retains more clean energy and be- 
gins to glow. Repeat for five breaths. 

3. Next breathe the blue color in through the 
nose, filling the entire mouth. When exhaling 
through the nose, send the blue Qi slowly 
down to the Kidneys, then into the Lower 
Dantian. Perform six to twelve times. Return 
to the beginning posture and close. 

PRESCRIPTIONS FOR REGULATING THE 
KIDNEYS 

Remove stagnation from the Kidneys by hav- 
ing the patient rub the abdomen while sounding 
“Chree.” 

Assume a sitting or standing posture. Place 
both palms flatly on the lower abdomen (left hand 
on the outside for men, opposite for women), in- 
hale slowly, and exhale the sound “Chree” while 
rubbing the lower abdomen clockwise, gently 
with the palms. Perform ten to twenty breaths. 





Figure 47.5, Rotate the waist in a clockwise and 
counterclockwise direction. 





PRESCRIPTIONS FOR STRENGTHENING THE 
KIDNEYS AND CONDUCTING QI 

The following exercise is used to tonify the 
Kidneys. 

1. Assume a standing posture. Clench both hands 
into fists, and place them against the soft tissue 
on both sides of the Mingmen. Rotate the waist, 
turning towards the left in a clockwise direc- 
tion for six rotations. After the six rotations 
pause in the center, then rotate in the opposite 
direction for six times (Figure 47.5). 

2. Assume a standing or sitting posture. Rub the 
sides of the Mingmen with both hands, up and 
down thirty-six times, focusing the mind on 
the lumbar region (Figure 47.6). 

3. Tuck the sacrum under (to stimulate the re- 
nal capsule), placing both palms on the groin, 
under the junction of the pubic bone (left hand 
on the outside for men, right for women). 

Support and gently pull up the area around 
the perineum with both hands eighty-one 
times (Figure 47.7). Switch hands and repeat. 
Note: The Kidneys are injured by irregular 
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Figure 47.6. Rub the Kidney and Mingmen area. 





sleep patterns, fear, excessive caffeine, sex, drugs, 
alcohol, and smoking. Excess saltiness and Cold 
(climate and food) have a draining effect on the 
Kidneys. 


SPECIFIC MEDICAL QIGONG 
THERAPY FOR KIDNEY 


DISEASES 

The following are several Medical Qigong 
treatments used in China to treat specific Kidney 
diseases. 


TINNITUS AND DEAFNESS 

Tinnitus is a condition of a high-pitch or rush- 
ing-wind sound within one or both ears. The 
sound may be a consistent pitch or vary in inten- 
sity and modulation. 
ETIOLOGY 

Although the ears are the opening of the Kid- 
neys, there are other influences which must be 


Figure 47.7, Support the groin and perineal area. 





addressed when dealing with tinnitus. Tinnitus 
is most commonly caused by stagnation of the 
Triple Burner and Gall Bladder Channels. These 
channel stagnations are due to three adverse con- 
ditions: the rising of Liver Wind Fire which may 
be induced by violent rage, the obstruction of the 
orifices in the head due to External Wind inva- 
sion, or by failure of the Kidney Jing to reach the 
ears due to a Kidney Deficiency. 

This disease can be divided into Full and 
Empty Types of tinnitus: 

1. The Full Type of tinnitus is caused by the flar- 
ing up of pathogenic Wind, Yang, Fire, 
Phlegm, or Phlegm Fire. It is most noted in 
the Excess rising of Liver and Gall Bladder 
Fire, or Phlegm Fire flaring upwards. This 
type of tinnitus is experienced as a sudden 
onset with a loud sound and is aggravated 
by cupping one’s hands over one’s ears. 

2. The Empty Type of tinnitus is caused by a 
Deficiency of Kidney Qi, Kidney Jing, Lung 
Qi, or Heart Blood that is unable to extend to 
the ears. It is most noted in Kidney Jing Defi- 
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ciency, Deficient Upper Burner Qi and Heart 
Blood Deficiency. This type of tinnitus mani- 
fests clinically through a gradual onset with 
a low sound and is improved by cupping 
one’s hands over one’s ears. 


SYMPTOMS 

1. The Excess Type of tinnitus manifests as a 
sudden deafness or distending pain in the ears 
accompanied with a loud-pitched ringing 
noise. The adverse rising of Liver Wind Fire 
or Gall Bladder Wind Fire causes vexation and 
irritability, and often manifests as a flushed 
face and dry mouth. 

The Excess condition caused by an invasion 
of External Wind also includes symptoms 
such as chills, fever, and headache. 

2. The Deficient Type of tinnitus can either oc- 
cur constantly or intermittently, and may be 
aggravated by overstraining and relieved by 
hand pressure. This condition is often accom- 
panied by dizziness, soreness of the waist, 
seminal emission, or leukorrhea. 


TREATMENT 

1. Begin by stimulating the patient’s TB-3, TB- 
17, SI-19, and LI-4 points on both sides of the 
body. 

2. Emit Qi towards the patient’s Lower Dantian, 
using the right Sword Finger hand posture 
and left Extended Fan Palm hand posture. 

3. Next, extend energy into the patient's affected 
ear and focus the Qi emission around the 
patient's TB-17 and TB-21 point areas. Next, 
guide the Qi to flow down the head, neck, 
shoulders, and arms along the Triple Burner 
Channels and out of the hand 3 to 7 times. 

4, Finally, extend Qi into the patient's affected 
ear and guide the Qi down and out of the 
body along the corresponding Gall Bladder 
Channel ending at the corresponding foot. 

MODIFICATIONS 
* In cases of adverse rising of Liver Wind Fire, 
use the Vibrating Palm to emit Qi into the 
patient's BI-18 and -19 points for 14 breaths 
on both sides of the body. 
* Incases of Kidney Deficiency, emit Qi into the 
patient's BI-23 points for 14 breaths. 
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PRESCRIPTIONS AND HOMEWORK 

In the following three prescriptions make sure 
the patient heats his or her hands before begin- 
ning. 

1. Have the patient perform the Beating the 
Heavenly Drum exercise (see Chapter 16) for 
24 breaths. 

2. Have the patient press the ears with the palms 
in a compression-release fashion 10 times 
each. Be sure to warn the patient to avoid 
forceful or violent compression. The patient's 
intention should focus deep within the ori- 
fice of the ears. 

3. Have the patient pinch the top of the auricles 
of the ears gently, and massage them from the 
top downwards 24 times. 


LUMBAGO 
Lumbago is a general non-specific term for 
dull aching pain in the lumbar region of the back. 


ETIOLOGY 

Lumbago is a common symptom observed in 
many diseases, such as acute and chronic muscular 
strain of the lower back, subluxation of the discs, 
prolapse of the lumbar vertebra, etc. Patients may 
suffer from lumbago with pain radiating down to 
their lower limbs. Lumbago pain can also be ag- 
gravated by weather changes. Traditionally, there 
are three general causes of lumbago: lumbago due 
to Wind Cold and Dampness, lumbago due to Kid- 
ney Deficiency, and lumbago due to trauma. 

1. Lumbago due to Wind Cold and Dampness, 
is caused by retention of Cold and Damp 
pathogens in the channels and collaterals. This 
in turn leads to the obstruction or stagnation 
of Qi and impairs Blood circulation. 

2. Lumbago due to Kidney Deficiency is caused 
by an over consumption of the Kidney Jing 
due to an overactive sex life. This results in 
the failure of the Kidneys to nourish the Triple 
Burner Channels. 

3. Lumbago due to trauma occurs from an in- 
jury to the tissues and muscles (e.g., dislocated 
vertebra, fractures, ruptured spinal disks, 
etc.), and leads to stagnation of Qi and Blood. 
Qi and Blood stagnation leads to obstructions 
in the channels and collaterals. 
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SYMPTOMS 

1. Lumbago, due to Wind Cold and Dampness, 
is manifested by heaviness and pain at the 
waist, which may radiate to the hips and 
down the legs, or may be accompanied by 
muscular stiffness. In chronic cases, the pain 
is intermittent with various degrees of sever- 
ity. On wet and cold days the patient often 
feels cold at the waist and lumbar area. 

2. Lumbago, due to Kidney Deficiency, is mani- 
fested by continuous, dull pain, accompanied 
by soreness and weakness of the waist and 
knees, cold limbs and nocturnal emission. 

3, Lumbago due to trauma is manifested by lo- 
calized pain along with tenderness and lim- 
ited mobility. 

TREATMENT 

1. Place the patient in a sitting position on the 
table. Begin stimulating the patient’s 
Mingmen area with your left hand while the 
right hand guides the energy down to the 
patient's B1-40 points behind the knees. 

2. Using the Extended Fan Palm hand manipu- 
lation emit Qi into the patient’s Mingmen and 
BI-18 areas, guiding the Qi to flow along the 
Bladder Channels down the legs. 

3. Next, place the patient in a supine posture, 
knees pointing upwards and feet flat on the 
table. Position yourself over the patient allow- 
ing the weight of your chest to support and 
compress the physical structure of the 
patient's knees, lower legs and feet. Embrace 
the patient's hips and imagine separating the 
inner fascia and tissues. The purpose for this 
compression is to initiate a strong internal 
stretching action within the tendons and 
smaller muscles of the patient’s lower back 
and sacral area. This technique is used to dis- 
perse stagnant Qi and Blood within the 
patient’s lumbar vertebra, sacrum and femur 
articulations. At the same time, direct the Qi 
upwards along the patient's spine and Gov- 
ering Vessel. Hold this compression for sev- 
eral minutes. 

4. To avoid respiratory congestion (while your 
weight is stretching the patient’s sacrum and 


lower lumbar), the patient is instructed to 
raise the arms above the head. 

5. As the patient experiences the lower back 
compression, he or she imagines the stagnant 
energy (trapped within the lumbar area) melt- 
ing like ice into water and flowing through 
the Microcosmic Orbit (Fire Cycle). With each 
exhalation the patient relaxes to a deeper level, 
imagining him or herself sinking deeper into 
the table. 

TREATMENT MODIFICATIONS 

1. For lumbago due to Wind Cold and Damp- 
ness, purge the pathogenic Qi out of the 
patient’s body first, and then emit Heat into 
the channel points associated with the spe- 
cific location of the patient's pain. 

2. For lumbago due to Kidney Deficiency, use a 
Vibrating Palm technique to emit Qi towards 
the patient’s Mingmen, B]-23 and BI-18 points 
for 14 breaths each point on both sides of the 
body. 

3. For lumbago due to trauma, extend Qi for 28 
breaths into any Ah Shi point (painful tissue 
area). 


INSOMNIA 

Insomnia is described as a sleeping disorder 
that disrupts the patient’s normal sleeping pat- 
tern. In mild cases, the patient may have difficulty 
falling asleep or remaining asleep (waking numer- 
ous times during the night). In severe cases the 
patient may be unable to fall asleep at all. Dis- 
eases with insomnia as part of their manifestation 
include anxiety disorders and menopausal syn- 
drome. 


ETIOoLocy 

The amount and quality of sleep depends on 
the state of the patient’s Shen, which is rooted in 
the Heart (specifically, the Heart Blood and Heart 
Yin). If the Heart is agitated or Deficient, the Shen 
cannot root, and sleep will be affected. Any dis- 
harmony of the body’s internal organs due to an 
Excess or Deficient condition affects the patient's 
Jing and Blood. Since the Jing and Blood root the 
Shen, the Shen will have no residence and insom- 
nia may result. 


775 


SECTION 10: TREATMENT OF INTERNAL DISEASES WITH QI EMISSION THERAPY 


Insomnia can be caused by insufficient Blood 
due to impairment of the Spleen Qi, or from mal- 
nourishment of the Heart Qi due to a Deficiency 
of Heart Blood. This condition can also result from 
overfatigue, anxiety or irritability. This may be due 
to a disharmony between the Heart and Kidneys 
(resulting from Deficient Kidneys), irritability 
(due to mental depression) or from disharmony 
between the energetic function of the Stomach and 
Spleen (resulting from an improper diet). 

Since the Hun (rooted in the Liver Blood or 
Liver Yin) play an important role in the length and 
quality of sleep, Liver Blood Deficiency can cause 
the Hun to be deprived of their residence and to 
wander at night causing restless sleep. 


SYMPTOMS 
The main symptom is an inability to sleep, 
which based on the different conditions of this ill- 
ness can be further classified as: 
¢ An inability to get to sleep, 
* Sleepwalking, and an 
¢ inability to fall asleep after waking. 
The symptoms vary with the causes of the 
disease. 

1. Insomnia due to a Deficiency of the Heart and 
Spleen (resulting from severe worry) may 
cause shallow sleep, or dream disturbed sleep. 
It is manifested by palpitations, poor memory, 
vertigo, dizziness and spontaneous sweating. 

2. Insomnia due to Kidney Deficiency (result- 
ing from excessive sexual activity) is mani- 
fested by dizziness, tinnitus, soreness in the 
loins and back area, as well as involuntary 
seminal emission. 

3. Insomnia due to upward stirring of Liver 
Yang is manifested by pain and distention of 
the chest and epigastrium, belching, and acid 
regurgitation, as well as mental hyperirrita- 
bility, dizziness and headaches. 

TREATMENT 

1, Begin by having the patient sit at the edge of 
the table. Your right hand emits Qi into the 
patient’s CV-12 point, directing the energy to 
flow down into the patient’s Lower Dantian. 
The left hand extends energy into the patient’s 
mid-back around the area of the patient's BI- 
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18, Bl-19, B1-20 and BI-21 points, and leads the 
Qi down the Bladder Channels to the feet on 
both sides. 

2. Next, use the Vibrating Palm technique to 
extend energy into the patient's Baihui, GV- 
14, Mingmen, CV-12 and Lower Dantian ar- 
eas for 9 to 18 breaths each. 

3. Emit Qi into the patient's Baihui area and 
leads the Qi from the top of the patient's head 
down the Conception Vessel into the Lower 
Dantian. 

4, Finally, emit Qi into the patient’s GB-8 point 
by the top of the ears and guide the Qi down 
the patient’s Stomach Channels to the St-36 
points. 

TREATMENT MODIFICATIONS 
1. For treatment of insomnia due to Deficiency 
of Heart and Spleen, emit Qi into the patient’s 
BI-20 and BI-15 points, guiding the Qi down 
along the Bladder Channels to the feet. 
2. For insomnia due to Kidney Deficiency emit 
Qi into the patient’s Mingmen and BI-23 
points for 18 respirations. 
3. For insomnia due to emotional depression, emit 
Qi towards the patient’s Lv-3 and Lv-4 points 
(on both sides of the body), guiding the Qi 
down to the patient's lower extremities along 
the Liver and Gall Bladder Channels. 
4. For insomnia due to Spleen and Stomach dis- 
harmony, use the Vibrating Palm hand tech- 
nique to emit Qi into the patient’s CV-12, St- 
36, and St-21 points on both sides of the body. 
PRESCRIPTIONS AND HOMEWORK 

For the best results, have the patient practice 
Medical Qigong prescriptions one to two hours 
before going to bed. For chronically ill patients, 
the causes of the insomnia should be removed 
first, followed by Medical Qigong prescriptions 
and regular physical exercise for lasting therapeu- 
tic results. 

Have the patient perform the Kidney Massage 
for treating insomnia prescribed in Chapter 39. 


PYELONEPHRITIS 
Pyelonephritis is an infectious disease caused 
by bacteria invading the renal parenchyma and 
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renal pelvis unilaterally or bilaterally. It clinically 
manifests through the following symptoms: fever, 
lumbago and abnormal discharge of urine. 
SYNDROMES 

1. Damp Heat in the Bladder is clinically mani- 
fested through symptoms such as frequent 
and painful urination, fever, distention and 
pain in the lower abdomen, lumbago and 
aversion to cold. 

2. Stagnation of Liver and Gall Bladder Heat is 
clinically manifested through symptoms such 
as fever with or without chills, nausea, loss of 
appetite, humbago or pain in the lower abdo- 
men, frequent urination with cloudy urine 
and feeling agitated. 

3. Spleen and Kidney Deficiency with Heat sta- 
sis is clinically manifested through such 
symptoms as edema of the face, swelling of 
the feet, abdominal distention, thin stools and 
frequent urination, lassitude and weakness in 
the entire body (especially the legs), dizziness, 
tinnitus and anorexia (lack of appetite). 

TREATMENT 

1. Have the patient sit at the edge of the table 
and begin stimulating the Mingmen and 
Lower Dantian areas using a Vibrating Palm 
technique for 11 to 22 breaths. 

2. Next, have the patient lay supine on the table 
and stimulate the patient’s Sp-6 and Kd-3 ar- 
eas on both sides of the body. 

3. Use the Extended Fan Palm hand technique 
to emit Qi into the patient's Lower Dantian, 
guiding it down the Kidney Channels to the 
bottom of the feet. 


TREATMENT MODIFICATIONS 

1. When treating patients with Damp Heat in 
the Bladder, use a Sword Fingers hand pos- 
ture and apply the Vibrating technique, emit- 
ting Qi into the patient’s Mingmen and Lower 
Dantian for 14 to 28 breaths. 

2. When treating patients with stagnant Heat in 
the Liver and Gall Bladder, use the Extended 
Fan Palm hand posture to emit Qi into the 
patient’s mid-back and Liver, purging Toxic 
Qi down the Liver and Gall Bladder Chan- 
nels and out of the body via the legs. 


3. When treating patients with Deficient Spleen 
and Kidneys, use the Extended Fan Palm 
hand posture to emit Qi into the patient’s mid- 
back B1-20, and BI-23 points, CV-12 and Lower 
Dantian areas. 


PRESCRIPTIONS AND HOMEWORK 

Have the patients practice the Standing Post 
Posture with arms suspended at the Middle Dan- 
tian, and the mind’s intention focused on the 
Lower Dantian. Use natural abdominal breathing 
(see Chapter 16). 
PRESCRIPTION MODIFICATIONS 

1. For patients with Damp Heat in the Bladder, 
have them practice rubbing the costal area and 
sounding “Who.” 

2. For patients with stagnant Liver and Gall 
Bladder Heat, have them practice massaging 
the costal area and sounding the word “Shu.” 

3. For patients with Spleen and Kidney Defi- 
ciency, have them practice the method of Tak- 
ing in Yellow Qi, as well as the Gathering the 
Moon Cream exercise (see Chapter 11). 


IMPOTENCE 

Impotence is a weakness and inability of the 
male to achieve or maintain an erection. Symp- 
toms vary from premature ejaculation to partial 
penile erection (the penis is erect but not hard, 
resulting in the incapability of sexual intercourse), 
to a complete failure to achieve any erection at 
all. Impotence indicates a weakness in all Five Yin 
Organ energies. The combined energies must be 
sufficient to culminate an erection, as described 
below. : 

1. The Heart energy quality is strongly affected 
by the nature of the sexual encounter. Casual 
sex may not involve the highest spiritual en- 
ergy of the Heart’s upper chamber (see Chap- 
ter 5), only the basic instincts and drives of 
the lower chamber. The Heart may also be 
affected by the individual's moral values and 
beliefs, as well as the quantity and quality of 
emotional passion (.e., with or without guilty 
feelings) at the time of arousal. Heart energy 
also pertains to the energy of the Blood. 

2. The Spleen energy pertains to what the man 
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is thinking and his intention at the time of 
arousal. This also affects the man’s muscles. 

3. The Liver energy pertains to visual stimula- 
tion that affects a man’s sexual drive. This af- 
fects the man’s strength. Many aspects of 
man’s sexuality are relate to the Liver’s func- 
tions, i.e., visual images evoking emotions, 
Blood filling the erectile tissue, and the power 
of desire. 

4. The Kidney’s Qi pertains to the Jing energy 
stored within the Marrow, and relates to the 
man’s will power and endurance. It is associ- 
ated with audible stimulation and affects the 
man’s endurance. 

5. The Lung Qi is man’s somatic expression of 
sexual passion and is stimulated through 
touch and smell. This energy also affects the 
man’s endurance. 


ETIOLOGY 

There are two main factors ascribed to impo- 
tence: psychogenic and organic. In the first case, 
the patient’s physical, mental, emotional, and 
spiritual energies are out of harmony. This can be 
caused by fear, excitement, performance anxiety, 
etc. In the second case, impotence can be caused 
by medications, drugs, alcohol, etc. In most or- 
ganic cases, however, impotence is caused by pros- 
tate failure, cardiovascular disease or diabetes. If 
this condition persists long enough the man looses 
sexual interest and the condition becomes psycho- 
somatic. 


SYNDROMES 
¢ Insufficiency of Kidney Yang is clinically 
manifested through symptoms such as impo- 
tence, lumbago, weakness in the knees, diz- 
ziness, tinnitus, aversion to cold, cold limbs 
and a cold sensation in the external genitalia, 
listlessness and shortness of breath. 
¢ The downward flow of Damp Heat is clini- 
cally manifested through such symptoms as 
impotence, itching and pain around the ex- 
ternal genitalia and scanty, dark urine. 
TREATMENT 
1. Stimulate the patient’s Mingmen and Lower 
Dantian areas using the Vibrating Palm tech- 
nique for 12 breaths. 
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2. Next, stimulate the patient’s Sp-6 areas on 
each leg, leading the Qi up into the Lower 
Dantian for 12 breaths. 

3. Finally, return back to the Mingmen and 
Lower Dantian areas using the Extended Fan 
Palm hand technique. Emit Qi for 24 breaths, 
rotating in a clockwise direction to gather the 
Qi in the Lower Dantian. 


TREATMENT MODIFICATIONS 

¢ When treating a patient with an insufficiency 
of Kidney Yang, vibrate the energy using the 
Sword Fingers Hand technique, while emit- 
ting Qi into the Lower Dantian for 16 to 18 
breaths. 

* When treating a patient with a condition of 
Damp Heat flowing downward, purge the Qi 
along the Kidney Channels down into the 
Lower Dantian. Use the Extended Fan Palm 
hand technique and emit Qi into the patient's 
Lower Dantian, Kd-13 and Kd-14 points on 
both sides of the body, as well as the navel 
area, for 24 breaths. 


PRESCRIPTIONS AND HoMEWORK 

It is advisable to have the patient perform the 
Deer exercise, prescribed for increasing the body’s 
Jing. 

1. Have the patient sit on the edge of the chair, 
rubbing the palms to create heat. This right 
hand will cup his testicles so that the palm 
completely covers them with slight pressure. 
The left hand is placed on the area of the 
Lower Dantian just below the navel. The left 
hand moves in a circular clockwise direction 
81 times. Next, the hands are rubbed together 
again, reversing the hand positions so that the 
left hand cups the testicles and the right hand 
is on the Lower Dantian. The circle rubbing is 
repeated in the opposite direction 81 times. 
Concentrate on the heat and Qi filling up the 
Lower Dantian and genital area. 

2. The patient should tighten and draw up the 
anal muscle while inhaling, feeling the Qi 
being drawn up the rectum and prostate area, 
filling up the Lower Dantian. He should hold 
the breath as long as possible, then exhale, 
release and relax. The anal contraction exer- 


CHAPTER 47: MEDICAL QIGONG QI EMISSION THERAPY FOR KiDNEY DISEASES 


cise should be repeated beginning with 25 
breaths, and eventually working up to 250 
breaths. 


PRESCRIPTION MODIFICATIONS 
1. When treating patients with Kidney Yang 
Deficiency, it is advisable to have them prac- 
tice Beating and Drumming the Qi with lower 


abdominal breathing (see Chapter 42). 


. When treating patients with a downward flow 


of Damp Heat, it is advisable to have the pa- 
tient rub the Lower Dantian and sound the 
healing tones “Chree” for 36 breaths and 
“Shu” for 36 breaths. 
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CHAPTER 48 


QI EMISSION THERAPY FOR MISCELLANEOUS 


DISEASES 


INTRODUCTION 


This chapter deals with miscellaneous dis- 
eases that are classified as either complicated 
multiple diseases, or energetic conditions which 
have not yet been classified. This section describes 
the conditions, symptoms and treatment for these 
syndromes. The discussion of these various treat- 
ments begins with energetic dysfunctions stem- 
ming from the Qi of the Three Dantians, and ex- 
pands further to include other tissues, internal or- 
gan and energetic organ system complications. 


DEFICIENT DANTIAN QI 

One of the most common problems found in 
the body’s energetic system is Deficient Dantian 
Qi. The symptoms vary according to the location 
of the Deficiency, as well as the patient’s constitu- 
tion. 

1. If the energy is Deficient within the Lower 
Dantian, the symptoms and syndromes cover 
a large range that includes: chronic diarrhea, 
asthma due to Kidney Deficiency, hyperten- 
sion due to Yin Deficiency, Blood Deficiency, 
insomnia, spermatorrhea, collapsing syn- 
drome due to Deficiency, abandoned-type 
Wind Stroke, abandoned-type coma and all 
types of organ prolapse. 

2. If the energy is Deficient within the Middle 
Dantian, the problems may include shortness 
of breath, bronchitis, asthma, chest pain, pal- 
pitations, intercostal neuralgia, ali breast dis- 
orders including acute mastitis and breast 
abscesses. 

3. If the energy is Deficient within the Upper 
Dantian, the problems may include frontal 
headaches, dizziness, vomiting, fainting due 
to Blood loss, insomnia, eye soreness, febrile 
convulsions and insanity. 


PRESCRIPTIONS FOR REGULATING THE 
THREE DANTIANS 

The following meditations are prescriptions 
used to regulate the heat, vibration, and light in 
the Lower, Middle, and Upper Dantians. 

1. The Lower Dantian meditation solidifies the 
Qi in the Lower Dantian that allows for stable 
energy transference to take place. The purpose 
for Heat Regulation in the Lower Dantian is 
to cause the internal organs to steam; this 
transfers energy from organ to organ to nur- 
ture and regulate the body’s Qi. 

Have the patient focus on breathing into the 
center of the Lower Dantian. Upon inhaling, 
the patient imagines drawing Qi into the body 
from the nose, urethra and anus, and directs 
it into the Lower Dantian. After inhaling, the 
patient closes the lower orifices and circulates 
the Qi up through the coccyx and Mingmen 
area, then down into the navel and into the 
Lower Dantian. It is important that the pa- 
tient visualize a ball of energy rotating in the 
lower abdomen like a spinning wheel. As this 
Qi begins to collect in the Lower Dantian, heat 
and vibration begin to resonate in the lower 
abdominal area. 

2. The Middle Dantian meditation expands the 
patient’s Wei Qi, which in tum enhances the 
body’s protection against an attack of Hot or 
Cold pathogenic factors. The patient should 
draw the Toxic Qi out of the Yang Channels 
of the arms, through the center point of the 
palms. This is an excellent meditation for 
treating diseases caused from Excess Heat, 
such as insomnia, headaches, hypertension, 
and arthritis of the joints: 

To regulate the heat of the Heart Fire and 
Middle Dantian area, the patient focuses the 
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breath and mind’s intention on the center of 
the chest (CV-17) while placing the right 
thumb inside the heart of the left palm (Pc-8), 
while resting both hands on the lap. 


. The Upper Dantian meditation not only ex- 


pands the patient’s Wei Qi, but also fills the 
body with sound and light vibration. Sound 
and vibration are used in the Qigong clinic to 
purge Toxic Qi out of the patient’s body. This 
is an excellent meditation for balancing and 
energizing all Three Dantians. 

The patient begins in a standing or sitting 
Wuji posture, with the spine straight, 
Mingmen pressed back, anal sphincter closed, 
tongue on upper palate, and breathing natu- 
rally. This particular exercise follows the open- 
ing and closing pattern of Qi regulation. The 
focus is placed on each Dantian area for a pe- 
riod of 18 to 24 breaths. Each Dantian area 
needs a specific sound and light visualization 
to open, purge, close, and regulate its energy. 
The sounds and physical actions are as fol- 
lows. 

To open, energize and regulate the Upper 
Dantian, use the sound of “Om.” The arms 
separate and come together above the Baihui 
area (above the head) in order to open and 
close the Upper Dantian. The focus of the 
mind’s intention is placed on drawing in di- 
vine healing light while inhaling, to fill the 
Taiji Pole. When exhaling, imagine the energy 
rushing into the Upper Dantian while toning 
the first vowel sound “O.” Then imagine light 
shinning outside of the body while sounding 
the consonant sound “m.” On the beginning 
of the vowel sound, the tongue is placed on 
the lower palate. As the tone and breath reach 
its midpoint, the tongue rises to connect with 
the upper palate to finish the sound “Om.” 

To open, energize and regulate the Middle 
Dantian use the sound of “Ha.” The arms 
separate and come together above the chest 
at the CV-17 point while opening and closing 
the Middle Dantian. The focus of the mind’s 
intention is placed on drawing in divine heal- 
ing light while inhaling, to fill the Taiji Pole. 


When exhaling the tone “Ha”, separate the 
arms and imagine that the Qi rushes into the 
Middle Dantian and then expands to shine 
outside of the body. On the beginning of the 
tone “Ha,” the tongue should be placed on 
the lower palate. As the tone and breath reach 
its midpoint, the tongue maintains its connec- 
tion to the lower palate. 

To open, energize and regulate the Lower 
Dantian use the sound of “Hai-riem.” The 
arms separate and come together above the 
lower abdomen at the CV-8 point while open- 
ing and closing the Lower Dantian. The focus 
of mind’s intention is placed on drawing in 
divine healing light while inhaling, to fill the 
Taiji Pole. When exhaling, imagine the Qi 
rushing into the Lower Dantian with the first 
syllable “Hai,” then shines outside of the body 
when the syllable “reim” is pronounced. At 
the beginning, the tongue is placed on the 
lower palate to pronounce the sound “Hai.” 
As the tone and breath reach its midpoint, the 
tongue changes its position to behind the teeth 
to tone the sound “reim.” 

All three sounds are used to activate and en- 
ergize the body’s Three Dantians by practicing 
these sounds in the following two step progres- 
sion: 

1. Upon inhalation, focus the mind’s intention 
on drawing divine healing light into the body 
to fill the Taiji Pole. 

2. While exhaling, sound the specific tone of 
each Dantian, while both hands perform the 
opening (the expanding movements of the 
arms and hands) and closing (the contracting 
movements of the arms and hands) technique 
at each Dantian. The mind visualizes the light 
resonating and shining out from the body at 
each Dantian during the toning. 


IMPROPER YIN AND YANG ENERGY 
BALANCE 

Another common problem observed in the 
clinic is an imbalance of Yin and Yang Qi within 
the patient’s body. Converting and balancing the 
Yin and Yang energy diverts the Qi before it has a 
chance to overload the body’s system. The Qigong 
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doctor first removes any obstruction in the 
patient’s Governing Vessel and then harmonizes 
the patient’s Yin and Yang energy by extending 
Qi into the patient’s back, on the GV-13 and -14 
points. 

The following meditations are used as pre- 
scriptions to develop a strong electrical charge in 
the body, that balances the Yin and Yang currents: 

Have the patient place the thumb in the heart 
of his or her palm (Pc-8), fingers touching the back 
(dorsal) side of the hand, opposite the (Pc-8) point 
(Figure 45.1). To energize the Lower Dantian the 
patient concentrates on his or her lower abdomi- 
nal area. To energize the Middle Dantian the pa- 
tient should concentrate on the area at center of 
the chest. The only difference between the Lower 
Dantian exercise and the meditation used to heat 
the Middle Dantian is the focal point of the 
patient’s concentration. In these particular exer- 
cises, the hand postures are the same, however, 
the mind is focused on either the hands near the 
Lower Dantian, or on the middle of the chest. 

* For men to develop a stronger electropositive 
Yang energy field, the right hand should cover 
the top and center of the left hand. To develop 
a stronger electronegative Yin energy field, the 
left hand should cover the top and center of 
their right hand. 

¢ For women to develop a stronger electroposi- 
tive Yang energy field, the left hand should 
cover the top and center of the right hand. To 
develop a stronger electronegative Yin energy 
field, the right hand should cover the top and 
center of the left hand. 

Note: In generating energy within each Dan- 
tian area it is important to understand basic Yin 
and Yang polarities and their relationship to male 
and female. The female chest is considered Yang 
while the female genital area is considered Yin. 
The female Middle Dantian (or Heart area) is the 
focal point of female Yang (positive) energy; the 
genital area is the focal point of female Yin (nega- 
tive) energy. Conversely, the male chest is consid- 
ered Yin while the male genital area is considered 
Yang. The Middle Dantian (or Heart area) is the 
focal point of male Yin (negative) energy; the geni- 
tal area is the focal point of male Yang (positive) 


energy (see Chapter 5). 


DISORDERS OF THE QI 

Whenever energy movement is impeded, dis- 
orders in Qi functions occur. Generally, these dis- 
turbances cause either disorders of Fire, or disor- 
ders of Water (see Chapter 22). 

The cause and progression to these disorders 
can be further broken down and classified accord- 
ing to their energetic dysfunction. There are sev- 
eral types of Qi disorders observed in the clinic 
and they are generally described as follows. 


LEAKAGE AND Loss OF QI 

During or after training practice, the patient 
may feel that Qi is continuously and uncontrolla- 
bly leaking out of the body from the genitalia and 
anus or somewhere else on the body. This loss of 
Qi can lead to Qi Deficiencies and manifest 
through the following symptoms: emaciation, 
weakness of the limbs, grayish and dull complex- 
ion, nervousness, mental disturbances, distract- 
ibility, failing memory, spontaneous sweating, 
night sweats, seminal emission, insomnia, lassi- 
tude and sluggishness. 
To treat this condition apply the Extended Fan 
Palm technique, use the Pushing, Pulling, and 
Shaking manipulations to emit Qi into the 
Mingmen; then use Vibrating and Shaking ma- 
nipulations to emit Qi into the Lower Dantian. 
QI STAGNATION DISORDERS 

Qi stagnation exists when the Qi becomes 
sluggish when moving within the body's chan- 
nels, organs, or tissues. Qi stagnation can be 
caused by many different factors such as sup- 
pressed emotions, trauma, contraction of micro- 
organisms, poor diet, and weak digestion. Qi stag- 
nation, over time, results in localized pain, dis- 
tention, cysts, tumors, etc. Qi stagnation disorders 
have two subcategories: Qi and Blood Stasis, and 
Obstructed Qi (see Chapter 22). 

1. Qi and Blood Stasis refers to the sensation of 
local pain, heaviness, soreness, distention, and 
compression, which are caused by the stag- 
nant Qi and Blood in certain areas of the body. 
These sensations do not resolve by them- 
selves. This stasis may occur during or after 
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Medical Qigong training practice from Qi dis- 
orders and visceral malfunctions. 

2. Obstructed Qi is also considered a subcat- 
egory of Qi stagnation, and exists when the 
Qi becomes so stagnant that it no longer flows. 
At this stage the Qi can’t move the Blood. This 
can be caused by trauma, surgery, and acute 
Qi stagnation. 

Reconstructive Qi therapy, for conditions of Qi 
stagnation use the following two methods: 

1. Select corresponding channel points in the re- 
gion of the Qi and Blood stasis. Knead the 
selected channel points, then push and rub 
along the obstructed channel. 

2. Finish the treatment by applying the Extended 
Fan Palm technique; use the Pushing, Pulling 
and Shaking manipulations to emit and con- 
duct Qi along the channels to open them. 


REBELLIOUS QI DISORDERS 

Rebellious Qi disorders manifest as Qi flow- 
ing in the wrong direction (a direction different 
from its normal physiological progression); this 
causes a disturbance within the harmonious flow 
of energy and affects the organ functions. The 
symptoms have to be analyzed according to the 
internal organ which is involved. There are two 
types of Rebellious Qi, the Excess type and the 
Deficient type. Rebellious Qi is categorized as fol- 
lows. 


DISORDERS OF EXCESS REBELLIOUS QI 

Disorders of Excess Rebellious Qi occur when 
the vital Qi increases and forces the pathogenic 
Qi to move. This causes local sensations of pain, 
soreness, distention, heaviness, coldness or hot- 
ness which can develop during Qigong practice. 
To treat for conditions of Rebellious Qi, use the 
following two methods: 

1. From the head and torso, follow the routes of 
the channels and collaterals out to the extremi- 
ties. Pinch and lightly pull on the extremities 
(fingers and toes). Then press, knead, push 
and rub the location of the discomfort, guid- 
ing and leading the Qi along the channels 
away from the area of discomfort. 

2. Apply the Extended Fan Palm method; use 
the Pulling and Leading manipulation to pull 
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and guide the Qi, or open up the channel 
points to disperse the Qi. 
DISORDERS OF DEFICIENT REBELLIOUS QI 
Disorders of Deficient Rebellious Qi refer to 
the disorderly flow of Qi and Blood during or af- 
ter training practice, which can cause dizziness, 
fright, a heavy feeling in the chest, shortness of 
breath, shaking limbs, trembling of the hands and 
feet or fainting. Generally, energy sensitive prac- 
titioners know the location and direction of the 
disorderly flow of Qi in their tissues. 
To treat conditions of Deficient Rebellious Qi use 
the following two methods: 

1. Open the appropriate channel points to regu- 
late the functional activities of the Eight Ex- 
traordinary Vessels. 

2. Select appropriate regions and channel points 
and apply the Extended Fan Palm or Sword 
Fingers technique. Use Pushing, Pulling, and 
Shaking manipulations to activate the chan- 
nel Qi of that particular channel or region. 
Then, use the Leading manipulation to direct 
the Qi into specific channels or return it to the 
Lower Dantian. 


ARTHRITIS 

Arthritis is defined as inflammation of the 
joints, usually accompanied by pain, swelling and 
frequently changes in structure. This is a chronic, 
multiple arthropathy and can be divided into the 
peripheral type (pertaining to the four limbs), and 
the central type (pertaining to the spinal column, 
ie., rheumatoid arthritis or ankylosing spondyli- 
tis). 
ETIOLOGY 

Arthritis is caused by pathogenic Wind, Cold 
and Dampness attacking the body’s channels and 
hindering the Qi and Blood circulation. This in- 
vasion can give rise to pain, soreness, heaviness, 
and numbness of the tendons and muscles, as well 
as swelling and difficulty in moving the joints. 
This condition can be caused from an unstable life- 
style weakening the body’s Wei Qi, overexposure 
to a draft after sweating, wading in water, expo- 
sure to cold weather, or laying on a damp ground 
for long periods of time. 
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SYMPTOMS 

Arthritis is clinically manifested primarily as 
arthralgia and dysfunction of the joints and can 
be accompanied by muscle spasm, loss of muscle 
tone, loss of muscle mass and deformity. Symp- 
toms can be divided into early and late stages. 

¢ In the early stages of arthralgia, the local 

swelling usually starts from the small joints 
of the fingers and toes, wrists and ankles, or 
from the iliosacral joint and spreads upward 
into the body. Several weeks or months later, 
the patient may feel local tenderness and in- 
flexibility of the joints with some clicking or 
cracking sounds. In this stage the pain is 
worse at night and early in the morning, and 
may be alleviated with gentle exercise. In the 
early stages of arthritis, the patient’s condi- 
tion can be controlled and even restored back 
to normal through Medical Qigong prescrip- 
tions. 
In the later stages of arthritis, the articulation 
of the joint movement is markedly limited, 
and patients may experience deformity in the 
joints, as well as stiffness, muscular atrophy 
and paralysis. The phalangeal and carpal 
joints of the patient's hands may become rigid 
and deviate to the ulnar side of the arm. The 
fingers may also become deformed with re- 
stricted mobility, and the elbow and shoul- 
der joints may also be affected. In the late 
stages of arthritis, the treatment can only con- 
trol the progression of the disease and allevi- 
ate local symptoms. The patient's locomotive 
function can only be gradually improved. 
If the patient's lower limbs are affected, the 
ankle, knee and hip joints may become rigid, and 
he or she may experience motor impairment. If 
arthritis occurs in the patient's spinal column, it 
may cause kyphotic deformity and dyspnea, as 
well as restriction in neck movement. At this stage 
a sudden backward flexing of the neck may cause 
sudden death in patients with rigid forward bend- 
ing neck deformity. 

When treating an External invasion of patho- 
genic factors, the Qigong doctor observes three 
main symptoms of arthritis: 
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1. Wind or migratory arhtralgia is manifested by 
pain that has no particular fixed location, but 
moves throughout the body’s extremities and 
joints, and is sometimes accompanied by 
chills and fever. 

2. Cold arthralgia is manifested by localized 
pain of the joints, which may be relieved by 
heat and aggravated by cold. 

3. Damp arthralgia is manifested by fixed pain 
and swelling in the joints and extremities, or 
by numbness of the skin which may be ag- 
gravated in cloudy and rainy weather. 


TREATMENTS 

1. Place the patient in the standing posture and 
begin dredging the Governing Vessel, draw- 
ing the energy into the ground. 

2. Use the Extended Fan Palm hand technique 
and begin to emit Qi into the patient's GV-14, 
Mingmen, and Lower Dantian areas. 

3. While emitting Qi into the painful joint areas, 
purge the pathogenic energy out of the 
patient’s body, leading the Toxic Qi along the 
channels and out of the extremities. 

PRESCRIPTIONS AND HOMEWORK 

In treating arthritis it is important to prescribe 
exercises which lubricate the joint articulations to 
increase the production of Qi and Blood to the 
extremities. The Daoist Five Yin and Yang Organ 
exercises will accomplish this goal quite easily. 

The patients are required to perform Qigong 
prescriptions which improve the body’s resis- 
tance, but do not cause fatigue. Patients should 
also improve their diet and should be encouraged 
to consult a nutritionist for natural supplements 
that can help rebuild healthy cartilage and reduce 
pain. They should also make every effort to keep 
their body warm. 

For patients with osteoporosis, stretching 
techniques, as well as sudden forward flexing of 
the neck are absolutely prohibited. 
PRESCRIPTION MODIFICATIONS 

1. When treating patients who suffer from ar- 
thritic pain in the upper limbs, advise them 
to practice shoulder and arm Dynamic Medi- 
cal Qigong, moving at a slow, fluid pace. 

2. When treating patients who suffer from ar- 
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thritic pain in the lower extremities, advise 
them to practice Dynamic Walking Medical 
Qigong (see Chapter 15), moving at a slow, 
fluid pace. 

3. When treating patients who suffer from ar- 
thritic pain in the waist and lower back, ad- 
vise them to practice the Expanding and Con- 
tracting the Rings exercise (see Chapter 41). 

4. When treating patients who suffer from ar- 
thritic pain in the neck, advise them to prac- 
tice slow-moving non-forceful neck rotation 
exercises in conjunction with stationary neck 
massage. 


VERTIGO 

Vertigo is a syndrome manifested mainly by 
dizziness and dim eyesight. It is defined as a sen- 
sation of moving around in space or having ob- 
jects move about the person as a result of a dis- 
turbance of equilibrium. Vertigo is sometimes 
used as a synonym for dizziness, feeling light 
headed, or giddy. 

Patients with mild vertigo may experience 
relief from this condition after a short bed rest, 
with their eyes closed. In severe cases, patients 
may suffer from a serious rotary vertigo and will 
not be able to stand or walk straight (e.g., sea and 
air sickness), sometimes followed by nausea, vom- 
iting, perspiration, or even syncope (fainting). 

Diseases that have vertigo as their main mani- 
festation include cerebral arteriosclerosis, auditory 
vertigo, hypertension, anemia, and psychosomatic 
illnesses such as hyperventilation (which often 
accompanies anxiety disorders, especially panic 
disorders), These diseases may be diagnosed, cat- 
egorized, and treated with reference to the pre- 
scriptions described in this section. 


ETIOLOGY 
Several factors contribute to the vertigo syn- 
drome. In ancient times, Chinese physicians be- 
lieved that vertigo was caused by Yin Deficiency 
and Excess Liver Wind, or by a head trauma. In 
Excess conditions, vertigo is caused by Phlegm 
Fire or Wind Phlegm. Currently, the clinical pro- 
tocol for treating vertigo is divided into three con- 
ditions: 
1. Hyperactive Liver Yang causing an insuffi- 
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ciency of Kidney Yin, 

2. A Deficiency of Qi and Blood in the Heart and 
Spleen causing a Deficiency in the Marrow 
reservoir, and 

3. Stagnation of Phlegm Dampness caused by a 
Deficiency of Spleen and Stomach Qi (which 
fail to transport the Phlegm). 

Vertigo may be caused by a variety of factors 
affecting the ear, the eighth cranial nerve, and the 
brain stem; including middle ear disease, infec- 
tious diseases, trauma, tumors, toxemia due to 
food poisoning, hypertension, sun stroke, and 
toxic conditions such as those caused by alcohol 
and drugs. Over medication and malnutrition (es- 
pecially in the elderly who suffer from dehydra- 
tion) also cause vertigo. 

SYMPTOMS 

1. In cases where the patient has hyperactive 
Liver Yang, the syndrome of vertigo is char- 
acterized by severe dizziness, splitting head- 
ache, blurred vision, nausea, soreness and. 
weakness of the waist and legs, mental fatigue 
(caused by emotional upset and anger), 
flushed face, constipation and tinnitus. 

2. In cases of Qi and Blood Deficiency, the symp- 
toms include rotary vertigo, blurred vision or 
night blindness, listlessness, disinclination to 
talk, palpitations, insomnia and anorexia. 

3. In cases of stagnation of Phlegm Dampness, 
the symptoms include chest pain and distress, 
nausea and vomiting, poor appetite, listless- 
ness of the body and heaviness in the head. 

TREATMENT 

When treating patients with vertigo, begin 
with the upper body working downward and 
from the medial aspect of the body towards the 
lateral part of the body. 

1. Begin with the patient sitting on the edge of 
the table. Stimulate the patient’s Baihui, the 
sides of the head, (GB-4, GB-8, and Taiyang 
areas), GV-14, Shendao, Mingmen, and the 
Lower Dantian. 

2. Next, use the Vibrating Palm hand manipu- 
lation to emit Qi into the patient's Baihui, GV- 
14, Yellow Court and Lower Dantian for 12 to 
24 breaths. 
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3. Use the Extended Fan Palm hand technique 
to emit energy into the patient's St-8, St-21 and 
St-36 points on both sides of the body. 

4. With the left palm, emit Qi into the patient’s 
Baihui point while using the right hand Sword 
Fingers to guide the patient’s Qi from the Yel- 
low Court down the Conception Vessel into 
the Lower Dantian. 

5. Next, direct the Qi from the patient’s St-8 
points down to the St-36 points via the Stom- 
ach Channels. 

6. Purge the energy of the upper torso out 
through the hands via the Large Intestine 
Channels. 

7. Finally, lightly pat and knead the patient’s 
Baihui and GV-14, softly rocking their upper 
limbs to end the treatment. Softly pressing and 
kneading the patient’s tissues along their 
channels can push Qi and Blood downward 
to free the patient’s mind from Toxic Qi and 
can improve the eyesight. The soft grasping 
can relieve stasis of Qi and Blood in the 
patient's blood vessels and promote circula- 
tion, thus reducing and relieving vertigo. 

TREATMENT MODIFICATIONS 

1. In cases of hyperactive Liver Yang, use the Ex- 
tended Fan Palm hand method to emit Qi into 
the patient's BI-18, Mingmen, and Lower Dan- 
tian. Guide the Qi to flow along the channels 
(or in a clockwise direction) to nourish the 
patient’s Yin and to suppress the hyperactive 
Yang. 

2. Incases of Deficient Qi and Blood, use the Ex- 
tended Fan Palm hand method to emit Qi into 
the patient’s mid-back (BI-17, Bl-18, and BI- 
20 points) and Lower Dantian to nourish the 
patient’s Qi and to replenish the Blood. 

3. In cases of stagnation of Phlegm Dampness, 
use the Extended Fan Palm hand method to 
emit Qi into the patient’s Yellow Court. Guide 
the Toxic Qi down the Stomach Channels and 
expel the pathogens out from the patient's St- 
36 points. 

PRESCRIPTIONS AND HOMEWORK 
To treat vertigo, have the patient practice the 
Descend the Qi and Cleanse the Organs exercise 


(see Chapter 41). 
PRESCRIPTION MODIFICATIONS 

When treating patient’s who suffer from a 
Deficiency of Kidney Yin and a hyperactivity of 
Liver Yang, prescribe the following meditation. 
Have the patient take a standing or sitting pos- 
ture, breathing naturally, and relaxing. While in- 
haling through the nose, the patient imagines blue 
energy filling the mouth. When exhaling, the pa- 
tient imagines this dark blue energy slowly pour- 
ing down the throat, like warm water, filling the 
Kidneys and Lower Dantian area. The patient 
should practice this meditation for 7 breaths. 


HEADACHES 

A headache is defined as a diffused pain in 
different portions of the head which is not con- 
fined to any one nerve distribution area. It may 
be acute, chronic, frontal, temporal, occipital, con- 
fined to one side of the head, or affect the region 
immediately over one or both eyes. The character 
of the pain may vary from dull and aching, to 
acute stabbing pain that is almost unbearable. 
There may be intermittent, intense pain, a throb- 
bing pain, a pressure in the head which feels as if 
it will burst the head, or a penetrating pain driv- 
ing through the head. 


ETIOLOGY 

Transient, acute headaches may vary in their 
etiology. Disease of the perinasal sinuses, teeth, 
eyes, ears, nose or throat, acute infections, inva- 
sion of Wind Cold pathogens into the channels of 
the head, or trauma to the head are among the 
most frequent causes of headaches. 

Chronic headaches may also be caused by a 
variety of conditions including physical, emo- 
tional, psychosomatic, or psychogenic factors, in- 
cluding fevers, metabolic conditions (hyperten- 
sion, etc.), or even exposure to toxic chemicals. 


SYNDROMES 
Headache syndromes can be divided into five 
categories which are described as follows. 

1. AShaoyang headache (migraine) is clinically 
manifested through symptoms such as a se- 
vere headache (splitting pain) in the temple 
region accompanied by Excess Heat in the 
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head, conjunctive congestion, and sometimes 

intercostal fullness or pain. Nausea often ac- 

companies a severe migraine attack. 

2. A Taiyang headache (occipitocervical head- 
ache) is clinically manifested through such 
symptoms as a headache and pain in the back 
of the head which can be accompanied by fe- 
ver, aversion to cold, and rigidity at the back 
of the neck. 

3. AJueyin headache (vertical ache) is clinically 
manifested through such symptoms as a ver- 
tex headache, vertigo, insomnia, dizziness, 
and irritability with a flushed face. 

4. A Yangming headache (frontal ache) is clini- 
cally manifested through such symptoms as 
a headache in the upper part of the cranium 
accompanied by dysphoria (depression and 
anxiety) with a smothering sensation, thirst, 
bad breath and constipation. 

5. A Deficient Qi and Blood headache is clini- 
cally manifested through such symptoms as 
a lingering headache with a heavy sensation 
in the head, blurred vision, lassitude, and 
weakness. 

TREATMENT 

Begin by purging and dredging the patient's 
Upper Dantian, focusing on the Yintang, Taiyang, 
Baihui, GV-16, GV-20, and GB-4 points. Purge the 
pathogenic Qi down the patient’s arms and out 
the LI-11 and LI-4 points, as well as down the Gall 
Bladder Channel out of the GB-41 points. The 
point and channel purging is specific to the loca- 
tion (right or left side) of the headache. 

Next, using the Extended Fan Palm hand tech- 
nique, emit Qi into the patient’s headache region, 
purging it down the Conception Vessel to the 
Lower Dantian. 

TREATMENT MODIFICATIONS 

1. When treating a patient with a Shaoyang 
headache, apply the Extended Fan Palm hand 
technique to emit Qi into the GB-4, GB-8, and 
TB-20 points, leading the pathogenic Qi out 
of the Triple Burners and Gall Bladder Chan- 
nels. 

2. When treating a patient with a Taiyang head- 
ache, apply the Extended Fan Palm hand tech- 
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nique to emit Qi into the LI-11 and BI-10 
points, Purging pathogenic Qi down the Large 
Intestine and Bladder Channels and out of the 
hands and feet. 

3. When treating a patient with a Jueyin head- 
ache, start at the head using the Circle Spiral- 
ing hand technique in a counterclockwise di- 
rection, purging the Toxic Qi out the patient’s 
Gall Bladder Channels and out of the legs. 

4. When treating a patient with a Yangming 
headache, use the Extended Fan Palm hand 
technique to emit Qi into the patient’s Taiy- 
ang, Yintang, and St-8 points, purging the 
Toxic Qi down the Stomach Channels and out 
of the legs. 

5. When treating patients with Deficient Qi and 
Blood, use the Extended Fan Palm hand tech- 
nique to emit Qi into the patient’s mid-back, 
at the BI-17 and BI-20 points, and the chest at 
the CV-17 point. Then emit Qi into the 
patient’s CV-12 and Lower Dantian areas. 

PRESCRIPTIONS AND HOMEWORK 

1. It is advisable to have the patient practice the 
Ten Dragons Run Through the Forest exercise 
found in the Wash the Face and Massage sec- 
tion of Chapter 39. 

2. It is beneficial to prescribe the following medi- 
tation to prevent the advancement of an acute 
attack. The main focus of this meditation is to 
direct Blood, Heat, and Qi to the body’s up- 
per extremities (the arms and hands), away 
from the original source of pain (i.e., the head). 

a. Froma sitting, semi-reclining, or lying 
posture, the patient begins to relax and 
quiet the mind, with the eyes closed. 

b. The patient imagines that it is summer- 
time and he or she is at the beach. Next, 
the patient focuses on both arms and 
hands, imagining them growing 
warmer and warmer in the hot sun. The 
patient imagines feeling massive 
amounts of heat radiating from the 
arms and hands, redirecting the Blood 
flow away from the head. 

c. Then, the patient imagines the face be- 
coming cooler, as the pressure and pain 
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melts down the neck, shoulders, arms, 
forearms and out of the hands. 
Prescription Modifications 

1. For patients with a Shaoyang headache, fo- 
cus the prescription meditations and exercises 
on treatments that purge the bilateral sides of 
the patient’s head along the Triple Burners 
and Gall Bladder Channels, dredging the 
pathogenic Qi down and out of the patient’s 
arms and legs. 

2. For patients with a Taiyang headache, focus 
the prescription meditations and exercises on 
treatments that purge the patient’s occiput 
and cranium, the Small Intestine and Bladder 
Channels, and that dredge the pathogenic Qi 
down and out of the patient’s arms and legs. 

3. For patients with a Jueyin headache, focus the 
meditations and exercises on treatments that 
purge the patient’s vertex cranium, dredging 
the Toxic Qi down the Liver Channels and out 
of the legs. 

4. For patients with a Yangming headache, fo- 
cus the prescription meditations and exercises 
on treatments that purge and dredge the en- 
ergy from the patient's forehead down the 
Large Intestine and Stomach Channels and 
out of the legs. 

5. For patients with a Deficient Qi and Blood 
headache, focus the prescription on Lower 
Dantian Cultivation exercises and medita- 
tions. 


MIGRAINE HEADACHES 

This type of headache initially consists of a 
constriction in the head arteries, followed by va- 
sodilation of the extracerebral cranial arteries. 


ETIOLOGY 
Migraine headaches are usually brought 
about by stress, and can also be initiated by an 
allergic reaction to what the patient’s body con- 
siders to be a toxic invasion (e.g., cheese, choco- 
late, red wine, contraceptive pills, etc.). These 
types of stresses on the body’s system result in 
internal organ dysfunction, which is generally 
caused by one or more of the following three fac- 
tors. 
1. The energy of the Heart and Spleen are not 


regulated. 
2. Arising up of Liver Heat and Fire occurs. 
3. ADeficiency of Kidney Yin and rising of Heart 

Fire occurs simultaneously. 

The result of stress-related internal organ dys- 
functions causes the initial constriction of the ar- 
teries in the head, followed by vasodilatation and 
distention of the vessels. 


SYMPTOMS 

The clinical manifestations of migraine head- 
aches are hypersensitivity to light and sound, fol- 
lowed by severe, throbbing pain (most commonly 
felt on only one side of the head), nausea, dizzi- 
ness, and sometimes vomiting. Some migraine 
patients experience seeing an aura or visual dis- 
turbances (colors, shapes, lines, flashing spots, or 
temporary reduction in the field of vision) before 
the head pain begins. 
TREATMENT 

For treatment, the Qigong doctor must pull 
the pathogenic energy out of the patient's head, 
from the location of the pain; then lead the Excess 
Toxic Qi out of the patient’s extremities, and open 
up the channels so that Qi can rise and fall to the 
patient’s head unobstructed. 

1. In a severe case, combine Medical Qigong 

therapy with Jing Point therapy. 

a. Begin the treatment by pulling out 
(with strong intention) the stagnant Qi 
trapped in the patient's head. First, 
purge the patient’s Wei Qi field, then 
enter the patient’s Jade Pillow at the 
base of the head. Next, emit Qi along 
the falx cerebri and circulate it using 
your intention to create a small Micro- 
cosmic Orbit (circling from the back of 
the head to the nose and back). This en- 
courages the patient’s stagnant Qi to 
move. 

b. Next, dredge around the area of the 
patient’s eye (from the inner corner of 
the eye to the side of the eye), starting 
at the BI-1 point to the Yin Tang point 
(Third Eye), following the sphenoid 
arch across to the temple at the Taiyang 
point, then to the back of the ear at the 
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d. 


TB-17 point. Next, lead the pathogenic 
Qi down the neck and pull out the stag- 
nant Qi through the extremities (Pc-6 
and LI-4 on the hand). If the patient is 
feeling nausea, purge the Toxic Qi from 
the Yellow Court and lead the Toxic Qi 
down and out the body through the St- 
36 point on the leg and Lv-3 point on 
the foot. 

To remove sluggish Qi stagnation, 
squeeze the patient's trapezius muscles, 
draining the pathogenic Qi out of the 
axillary fold of the patient’s arm. The 
patient should breathe into the painful 
areas, and imagine any remaining Toxic 
Qi descending down the arm into the 
fingertips when exhaling. The doctor 
should squeeze the patient’s arm as the 
patient exhales, to support the descend- 
ing action of the Toxic Qi. 

The patient should be given homework, 
depending on his or her constitution. 


2. In treating chronic migraine headaches, com- 
bine Medical Qigong therapy with An Mo 
therapy, working from the branch to the root. 
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a. 


Begin the treatment by pulling out the 
stagnant Qi trapped in the patient’s 
head. This is done by first purging the 
patient’s Wei Qi field, then entering the 
patient's Jade Pillow (at the base of the 
head) to purge and remove Toxic Qi and 
stagnation. Then emit and guide the Qi 
with your intention, to flow along the 
patient's falx cerebri. This forms a small 
Microcosmic Orbit (circling from the 
back of the head to the nose and back) 
and encourages the patient’s stagnant 
Qi to move. 

Extend Qi into the patient’s Bl-1 point 
(on the inside of the eye). 

Next, focus energy into the patient’s Yin 
Tang point and begin circulating the Qi 
along the orbicularis oculi muscle of 
whichever eye is in pain (along the eye- 
brows to the ear). Work from the inside 
of the eye, out along the eyebrows (Fig- 





Figure 48.1. For treating chronic migraine conditions 
(which dominate behind the teft eye), begin by extending 
Qi into the patient’s BI-1 point and start to dredge the 
Toxic Qi from the patient's Yin Tang area, circulating 
the orbicularis oculi muscle of the eye in a clockwise 
direction. 





ure 48.1). 

d. After several rotations, follow the sphe- 
noid arch to the back of the ear at the 
TB-17 point (if the pain is bilateral, for 
men treat the left side first; for women 
treat the right side first). 

e. Next, beginning at the TB-21 point, out- 
line the outside of the ear, then massage 
the lateral aspect of the ear’s ridge (up- 
per auricle) (Figure 48.2). 

f. Hold both of the patient's ears firmly 
and begin to apply slight pressure at a 
45 degree angle towards the sides of the 
patient’s head. This allows the Qi 
trapped within the patient’s head to 
escape. Using intention, move the Qi 
from the Jade Pillow (along the tento- 
rium cerebelli) into the patient’s pitu- 
itary gland. Then divide the energy into 
two rivers of Qi that circulate through 
the middle of the cerebrum and end 
back at the Jade Pillow. 
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Yin Tang 


BI-1 


Figure 48.2. Outline the outside of the patient's ear, then massage the lateral aspect of the ear’s ridge. 








g-. From the front of the head, at the edge 
of the hair, gather the Qi and lightly 
scratch the patient’s head, as you use 
the Kneading Tiger technique. Visual- 
ize pulling the Toxic Qi down the front 
and sides of the patient’s head (down 
the Gall Bladder Channels) to the base 
of his or her neck (Figure 48.3). 

h. From the base of the neck, pull the Toxic 
Qi down and out of the arms. 

i. The patient should be given seated Qui- 
escent Qigong meditation homework, 
the length of meditation time will de- 
pend on his or her constitution. 

Note: When treating migraine headaches, the 
head should always be treated first before treat- 
ing the extremities. 








Figure 48.3. Using the Kneading Tiger technique, 
visualize pulling the pathogenic Qi out of the patient's 
head, down the side of the neck and down along the 
sides of his or her arm. 
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CHAPTER 49 


QI EMISSION THERAPY FOR PEDIATRICS 


INTRODUCTION 

Pediatrics is the branch of medicine which 
deals with the care of children and the treatment 
of childhood diseases. 

From a traditional Chinese medical perspec- 
tive, children are different than adults in several 
important ways. First, the Yin and Yang energy in 
children is fresh and pure, and their vitality usu- 
ally flourishes. Second, although the internal or- 
gans of children have begun to take shape, the 
organs are still in the process of developing Qi; 
the organs are still maturing and are not yet fully 
developed. Because children are still growing or- 
gans and tissues, stimulating the channels and 
channel points has a different effect on their body 
than on an adult. 

Specifically, the Lungs, Spleen, and Kidneys 
are especially delicate in children. The Lungs and 
Spleen are weak, and the Kidneys are particularly 
vulnerable. The Lungs control the Qi of the whole 
body. The Spleen is responsible for the transfor- 
mation of food and the transportation of Gu Qi 
(food Qi). The Lungs and Spleen are the postna- 
tal foundation of health. The Kidneys are in charge 
of the bones and Marrow and are the prenatal 
foundation of health. Children are still full of Pre- 
natal Qi; they are just beginning to use their Lungs 
and Spleen for the function of acquiring Postna- 
tal Qi. Consequently, their energetic system is 
vulnerable and unstable. 

If children are born without congenital defects 
or weakness, are nursed properly, and avoid con- 
tracting major diseases, the internal organs should 
develop normally. However, because of inherent 
weakness or immaturity of the digestive system, 
almost all pediatric diseases of children under the 
age of six usually begin with some element of in- 
digestion. A child’s tiny digestive system makes 
him or her prone to the creation of Phlegm. Since 


the Spleen is the root of Phlegm production, and 
the Lungs are the storehouse of Phlegm, then a 
congenitally weak Spleen can lead to the creation 
of Turbid Dampness within the child’s body. This 
Turbid Dampness can congeal into Phlegm and 
lodge within the child's Lungs. These symptoms 
canbe observed in young children as runny noses, 
ear infections, phlegmy coughs, and other respi- 
ratory difficulties. 


EARLY STAGES OF CHILD GROWTH 
AND DEVELOPMENT 

In childhood, growth and development occur 
rapidly. In the ancient Chinese medical classic 
entitled “Prescriptions Worth a Thousand Gold Duc- 
ats” it states, “A newborn is feeble and tender; two 
months later, its pupils begin to become well de- 
veloped, it can smile and distinguish parents from 
strangers; 150 days later, its sacral bones have been 
well developed, it can sit independently; 210 days 
later, its metacarpal bones have been well devel- 
oped, it can crawl; 300 days later, its patellae have 
been well developed, it can stand alone; at one 
full year of life, its shank and occipital bones have 
been well developed, it can walk and speak.” 

In the natural course of childhood growth and 
development, there may be fever, irregular pulse 
signs, or perspiration due to the imbalances of Yin 
and Yang. The child usually recovers spontane- 
ously within a day or two. Such episodes are called 
Changing and Steaming. Changing implies the 
transformation of the Five Yin Organs, with the 
accompanying variations of emotions, and the 
development of the child’s intelligence. Steaming 
implies the vaporous exchanges within the six 
Yang organs induced by accumulated Heat. The 
ancient Chinese discovered that there is one 
Changing every 32 days, and one Steaming every 
64 days. Thus, within 320 days, there are 10 
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Changings, and within 576 days, there are 9 
Steamings. Every Changing or Steaming is an or- 
dinary event in the course of growth and devel- 
opment, and should not be mistaken for a condi- 
tion of childhood disease. However, if children are 
not cared for properly during Changing and 
Steaming, they are more apt to fall ill. 


PATHOLOGY 

In “Detailed Analysis of Epidemic Febrile Dis- 
eases,” Dr. Wu Tang stated that children’s diseases 
are apt to change because the internal organs are 
frail and their defense mechanisms are incom- 
plete; children contract infections easily because 
the skin and muscles are still tender, and the vi- 
tality is timid and weak. Propensity to iliness, in- 
clination to Excess and Deficiency, and being 
prone to suffer from Heat and Cold syndromes 
are common features of pediatric pathology. Since 
children are full of pure Yang, the course of dis- 
ease is changeable and unpredictable. Neverthe- 
less, recovery of health is generally easy. 


DEFICIENT LUNGS 

Children are apt to suffer from internal organ 
disorders, especially of the Lungs, manifested by 
symptoms of cough, dyspnea, retention of Phlegm 
and Dampness in the Lungs, seasonal febrile dis- 
eases, allergies, asthma, and other Lung disorders. 

The Lung is a delicate organ in charge of the 
skin and hair. Therefore, particularly in children, 
junctures between the skin and muscles are not 
compact enough to resist the invasion of Exog- 
enous Cold, Heat, Dampness, Wind, and other 
pathogens. Seasonal pathogens may attack the 
Lungs through these slackened junctures and 
through the nose, thereby interfering with the 
descending and dispersing functions of the Lungs. 
This results in the accumulation of Heat, fullness 
in the chest, productive cough, or dyspnea. 


DEFICIENT SPLEEN 

Since the Spleen is not yet matured and thus 
usually Deficient, it may be harmed or damaged 
due to improper diet, irregularity of meals, or im- 
balances caused by excessively Hot or Cold diets. 
Consequently, Clear Yang fails to rise, Turbid Yin 
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fails to descend, and Stomach Qi becomes dishar- 
monious. Therefore, children frequently suffer 
from abdominal masses, abdominal pain and dis- 
tension (stomachache), belching, hiccups, vomit- 
ing and diarrhea, infantile malnutrition, and other 
digestive disorders. These conditions often lead 
to children becoming hypersensitive to the foods 
they consume. 

According to Five Elements theory, the Spleen 
(Earth) generates the Lungs (Metal) and the Lungs 
(Metal) generate the Kidneys (Water). The ele- 
ments work in coordination and influence each 
other. In children suffering from Spleen Deficiency, 
there will also be a Deficiency of Lung Qi; in chil- 
dren suffering from Lung Deficiency, there will 
also be a Kidney Deficiency. 


DEFICIENT KIDNEYS 

Kidney problems can manifest in two differ- 
ent ways: Kidney Jing Deficiency, which can cause 
retardation, or Congenital Qi Deficiency (i.e., De- 
ficiency in the Sea of Marrow), which can lead to 
Down's Syndrome, Attention Deficit Disorder 
(ADD) and learning disabilities. Since the Kidneys 
control the lower orifices, Deficient Kidney Qi can 
also lead to chronic bed wetting. 

If the child was improperly nursed when they 
were young, the Deficient Kidney Yin not only 
fails to nourish the bones and Marrow, but also 
fails to nourish tendons. During depletion of Liver 
and Kidney Yin, there can be atrophy, weakness 
of tendons, five types of developmental retarda- 
tion, as well as five kinds of flaccidity. 


LIVER YANG EXCESS 

By contrast, Liver Yang is usually Excessive, 
and Liver Wind may be brought on by Heat or 
Fire, resulting in infantile convulsions, twisting, 
and even opisthotonos. 


HEART (SHEN) IMBALANCE 

The Heart is responsible for the child’s men- 
tal stability. The Heart Fire and the Kidney Water 
must constantly be balanced to stabilize the child’s 
Wu Jing Shen. An imbalance of the Heart can lead 
to Shen disturbances which can result in mental 
instability or disability. 


According to the active energetic balance of 
the child’s Wu Jing Shen, the Hun tend to natu- 
rally be overactive, and the Shen of the Heart is 
generally unstable. The reason for this instability 
is because the Hun are very active within a child. 
The Hun are responsible for creativity, enthusiasm, 
dreaming, going in and out of the body, and see- 
ing into the Spirit world. The Shen, which is re- 
sponsible for the child’s discriminating mind, re- 
spect and conveying the appropriate behavior, is 
not fully developed. Consequently, young children 
tend to often be wild, hard to control, and get eas- 
ily bored. 

In treating a child’s overactive Hun and un- 
stable Shen, the Qigong doctor harmonizes the 
child’s Heart Fire and Kidney Water energy, and 
opens the Heart's orifices (using Qi massage on 
the child’s eyes, ears, nose, mouth and all upper 
sensory orifices) to stabilize the Wu Jing Shen. 


HOT AND COLD EXOGENOUS FACTORS 

Susceptibility to Exogenous Cold and Heat 
reflects the characteristics of puerile Yin and Yang. 
When children are invaded by Exogenous Evils, 
for example, there will be Excess Heat syndromes; 
when the child’s healthy energies are depleted, 
there will be Deficiency Cold syndromes. 

Although various defects and Deficiencies do 
exist in children, their Yang, Liver, and Heart are 
in a hyperfunctional state. Therefore, children are 
full of vitality and their anti-pathogenic responses 
are sensitive and immediate. The causes of child- 
hood diseases are usually comparatively simple, 
relative to adults, and their convalescence is easier 
and quicker provided they receive appropriate 
treatment and care. 


THERAPY 

Because the internal organs of children are still 
forming and are, therefore, still frail and tender, 
children are much more sensitive than adults, and 
cannot stand strong energetic stimulation. This is 
why the primary modality for treating young chil- 
dren is gentle pediatric Tui Na, which is usually 
on the child’s hands, feet or abdomen, or Qigong 
massage (lightly touching the child’s body). Acu- 
puncture is used only infrequently, and when it 
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is, the needles are usually not retained for long - 
the points are quickly and lightly stimulated and 
then the needles are removed. Similarly, when 
using Medical Qigong emission therapy, a milder 
stimulation is applied than would be used for 
adults when purging, tonifying, and regulating. 

Medical Qigong is useful for treating pediat- 
ric neurological disorders, and particularly for 
such conditions as epilepsy, hyperactivity, atten- 
tion deficit disorder (ADD), and mental retarda- 
tion. Effective points for tonification include 
Tianzhu (Bl-10), Sishencong (four extra points, 
located around the Baihui area at the top of the 
head), Baihui (GV-20), Yamen (GV-15) and Fengfu 
(GV-16). 

When children under the age of six practice 
self-regulation Medical Qigong exercises (such as 
Qigong to increase intelligence), they frequently 
develop special abilities. These abilities include 
ESP (e.g., telepathy and telekinesis), and special 
Qigong healing abilities. 


ENERGETIC MOVEMENT AND FLow 

The child’s Microcosmic Orbit naturally flows 
in the direction of the Water cycle, moving up the 
front (CV) and down the back (GV) in order to 
facilitate the child’s spiritual, intuitive, and psy- 
chic perceptions. This energetic movement con- 
tinues in this direction until the child reaches 
puberty, at which time the energy reverses its di- 
rection and flows up the back (GV) and down the 
front (CV), in the direction of the Fire cycle. This 
energetic switch in direction facilitates the child’s 
cognitive development and the ability to control 
emotions and impulses. The time of the Micro- 
cosmic Orbit’s energetic reversal varies depend- 
ing on the child’s physical constitution, state of 
health, and his or her environment. 


MEDICAL QIGONG EXERCISE 
PRESCRIPTIONS FOR CHILDREN 

The following Medical Qigong exercise is 
considered a basic training method for children. 
This exercise is specifically developed for children 
of all ages and physical conditions, and is used to 
improve a child’s physical and mental health, as 
weil as aid in curing some common childhood 
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diseases. This exercise can also help to cure food 
allergies, loss of appetite, malnourishment, a weak 
immune system, neurasthenia, insomnia, dreami- 
ness, and disturbances of the Spleen and Stom- 
ach. It is believed that this exercise also helps 
moderate a child’s stubbornness and impatience. 
IMPROVING INTELLECTUAL FAGILITIES 
GIGONG (DA-ZHI-GONG) 

This particular Medical Qigong exercise is 
excellent for children who range from 3 to 12 years 
old. The time and frequency of the following 
Qigong exercise is not fixed. It is important, how- 
ever, that the child be consistent with the prac- 
tice, and that the body and mind remain relaxed 
while training. 

It is important that the child practice the entire 
Qigong sequence in its proper order. The child is 
not allowed to practice only a part of the exercise. 

Prohibited from this particular exercise are 
children who have weak constitutions {i.e., have 
difficulty in standing up) or suffer from serious 
diseases. 

1. Begin by having the child assume a standing 
Wuji posture. Have him or her relax the body, 
with the eyes either open or closed. The child 
then raises both hands in front of the Upper 
Dantian. Boys will place the left hand facing 
the forehead, about three inches from the 
Yintang point. Girls will place the right hand 
facing the forehead, about three inches from 
the Yintang point. At the same time the oppo- 
site hand should be level with the other palm 
and should be facing outwards (Figure 49.1). 

2. Both hands begin to make a clockwise circle 
rotation (from the child’s point of view). The 
child keeps the Yin Tang point as the center of 
the circle, for 18 breaths. Next, the child moves 
both hands to the front of the right eye and con- 
tinues the same clockwise movement while 
keeping the right eye at the center of the circle. 
Rotate for 18 breaths. Then, the child moves 
both hands to the front of the left eye and con- 
tinue the clockwise movement for 18 breaths. 
Finally, the child returns to the front of the fore- 
head and continues the rotation, keeping the 
Yintang point as the center for 18 breaths, then 
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Figure 49.1. Improving Intellectual Facilities (1) 








Figure 49.2. Improving Intellectual Facilities (2) 
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Figure 49.3. Improving Intellectual Facilities (3) 





ends the meditation (Figure 49.2). Figure 49.4. Improving Intellectual Facilities (4) 

3. The child places both hands in front of the ears, 
with the center of the palms facing the external 
opening of the ear canals; breathing naturally, 
the child moves both hands forward and back- 
wards while emitting Qi into the ears. Make 
sure the child does not concentrate on any spe- 
cific thing, but simply relaxes (Figure 49.3). 

4. Next, the middle fingers softly touch the navel 
with the left hand, and the right hand softly 
touches the Mingmen. Have the child imagine 
that there is a big red ball of fire in his or her 
abdomen (where the child’s two middle fingers 
are pointing). The child’s fingers should remain 
is this position until warmth is felt in the abdo- 
men. If the heat becomes too hot, have the child 
exhale the sound “Ha” three times to release 
the Excess Heat (Figure 49.4). 

5. To end the exercise, have the child cover his 
or her tailbone with both hands and jump up 
and down gently for several minutes. Do not 
allow the child to become tired from jump- 
ing. Again, make sure that the child does not 
concentrate on any specific thing (Figure 49.5). 








Figure 49.5. Improving Intellectual Facilities (5) 
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Figure 49.6. Gathering Wisdom Qigong (1) 





MEDICAL QIGONG FOR GAINING WISDOM 
QIGONG (TONG-LING-GONG) 

This particular Medical Qigong exercise is 
excellent for children who range from 3 to 16 years 
of age. The time and frequency of this particular 
Qigong exercise is not fixed, and may be decided 
by the child. Also, there are no contraindications 
for this particular Qigong exercise. 

1. The child begins by standing with his or her 
feet flat, shoulders width apart. The child 
should place one hand on the Lower Dantian 
(below the navel) and the other hand at the 
back, below the Mingmen (opposite the 


Figure 49.7. Gathering Wisdom Qigong (2) 





Lower Dantian). Have the child close his or 
her eyes and relax the body and mind for 
about three minutes. The child is to imagine 
that the upper part of the body (above the 
waist) is extended into the blue sky above, and. 
that below it (around waist level) are clouds 


(Figure 49.6). 


. Next, the child imagines that he or she has 


changed into an Immortal (a Super-Hero). En- 
courage the child’s imagination to flow freely 
with this concept, allowing the child to move 
about, gently shaking the knees (Figure 49.7). 
After several minutes end the meditation. 
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Geriatrics is a branch of medicine which deals 
with the problems of the aging. Geriatric special- 
ists addresses the physiological, pathological, psy- 
chological, economic, and sociological problems 
of the elderly. The importance of geriatrics is em- 
phasized by the fact that the expected life-span of 
the average person is increasing. 

Diseases of the internal organs can spread 
throughout the body via the channels and 
collaterals, and vice versa, as channel diseases can 
be transmitted to the internal organs. If Qi and Blood 
lose their harmony due to old age, and the patient's 
internal organs, channels, and collaterals become 
obstructed, then Phlegm and Stasis will develop in- 
ternally. The accumulation of Phlegm, Qi and Blood 
stasis may lead to a chain reaction of pathological 
transformations, such as Hot, Cold, Excess or Defi- 
ciency Syndromes in the patient’s internal organs. 
The following are examples of some of the patho- 
logical transformations. 

1. If the patient’s Qi and Blood in the Liver lose 
their harmony, the patient may experience 
fatigue and depression with dry eyes or di- 
minished vision. The patient may also expe- 
rience numbness in the extremities and 
muscle spasms due to a weakening of the sin- 
ews and blood vessels. 

2. If the patient’s Qi and Blood in the Heart lose 
their harmony, the patient may experience 
poor memory, insomnia, heart palpitations, 
and shortness of breath (which may be aggra- 
vated by movement). 

3. If the patient’s Qi and Blood in the Spleen lose 
their harmony, the patient may experience 
fatigue and general weakness in all four limbs. 
The patient may also experience loose or 
bloody stools, and there will be abdominal 
distention after food consumption. 

4. If the patient’s Qi and Blood in the Lungs lose 


their harmony, the patient may experience 

coughing with Phlegm and panting, as well 

as spontaneous sweating. 

5. If the patient’s Qi and Blood in the Kidneys 
lose their harmony, the patient may experi- 
ence poor memory, anxiety, tinnitus or deaf- 
ness, as well as a sore or weak lower back, 
knees, and teeth. 

The Chinese have a saying, “When the 
Heaven (Heart Qi) connects with the Earth (Kid- 
ney Qi), all seven emotions are kept in modera- 
tion.” When Qi becomes scattered the Heart Fire 
and the Kidney Water cannot converge. This re- 
sults in an unbalanced and unstable energy flow. 

The Kidneys are extremely important for 
health maintenance and healing in all patients, 
and especially in senior citizens. As one gets older, 
the Kidneys, lower back, and legs are the first 
things to be affected. 

It is important to stabilize the Heart because 
the Heart is responsible for mental and emotional 
orientation. Traditional Chinese Medicine holds 
that, “when the Heart is moved, all the other or- 
gans will be shaken.” 

In teaching Medical Qigong to senior citizens, 
first quiet the Heart, so that the other organs can 
begin to relax. When the mind becomes disturbed, 
the body becomes disturbed. To affect one is to 
affect the other. 

The eyes are considered the seedlings of the 
Heart as they receive information, gathering it and 
feeding it to the brain. It is important for the 
Heart's Qi to descend into the Lower Dantian to 
calm the mind. When the patient is in a hurry, the 
Heart is in a hurry, thus inducing the Qi to rise to 
the head. This results in nervous tension and anxi- 
ety. It is only through rest and quiet training that 
the mind and the Heart can begin to settle. 

One method of quieting the mind is through 
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prayer and meditation. This is considered “active 
rest.” Sleep is considered “passive rest.” When fo- 
cusing inward and not using the eyes to see or 
the ears to hear, the Qi begins to converge in the 
middle of the body and the energy is drawn back 
into the organs, settling down into the Lower 
Dantian. This convergence of Qi nourishes and 
cultivates the natural energetic structure of the 
internal organs. Senior citizens are encouraged to 
sit for longer periods of energy cultivation. If they 
practice Taijiquan they are to avoid low postures 
and big motions. The arm movements should be 
kept small, soft, and slow. 


TREATING THE PATIENT’S EMOTIONAL 
STABILITY 

When treating the elderly, the Qigong doctor 
bases the regulation therapy prescriptions on two 
major priorities. The first is to achieve emotional 
stability and the second is to improve the Qi and 
Blood circulation. 

The first priority in working with healing pre- 
scriptions is to focus on the patient's psychologi- 
cal profile. When teaching Medical Qigong to se- 
nior citizens, first teach them how to quiet the 
Heart. Once the Heart is calm the other internal 
organs begin to relax. Always keep in mind that 
when the mind becomes disturbed, the body be- 
comes disturbed. To affect one is to affect the other. 

Depression and sadness can have a profound 
effect on the patient’s healing ability. Medical 
Qigong regulation can be a strong aid in releas- 
ing an elderly patient from a chronic, detrimental 
attitude that complicates the healing cycle. Take 
for example the three stages of emotional transi- 
tion the patient endures before his or her Spirit 
closes (see Chapter 18). 

If anger and grief are not allowed to be ex- 
pressed by the patient (which is the first stage of 
energetic expression and release of emotional pain), 
then anger transforms into depression, and grief 
transforms into despair. This is the second stage of 
the energetic/emotional transformation due to 
emotional pain. If the patient’s depression and de- 
spair are not alleviated, then indifference, the final 
stage of energetic / emotional transformation, is de- 


veloped. The patient becomes withdrawn, apathetic 
and either antisocial, or obsessive/ compulsive in 
his or her thinking and behavior. 

When the patient's Spirit closes, they tend to 
be extremely difficult to work with, and can eas- 
ily sabotage their own healing potential. Though 
the use of Soul Retrieval meditations (see Chap- 
ter 19), Medical Qigong prescriptions can be used 
to reconnect the patient with their disassociated 
emotions. This allows the patient the ability to feel 
and regain contact with his or her true feelings. 

Pleasant emotions bring about a calm and re- 
laxing physiology, while strong, chronic negative 
emotions cause Qi and Blood stagnation, as well as 
Excess conditions within the patient's body, effect- 
ing the quality of the body’s life force energy. 


ENERGIZING THE PATIENT’S QI 
CIRCULATION 

The second priority is to get the patient to 
move and circulate the Qi and Blood deep and 
superticially within his or her body. Static Blood 
is considered the primary mechanism of senility. 
All growth, development, decline, and debility of 
the human body, is related to the condition of the 
patient's Qi and Blood. 

Pathophysiologically, both Qi and Blood af- 
fect each other; if one becomes diseased, the other 
is affected. Due to the Kidney’s influence, as se- 
niors get older, their hearing, hair, memory, lower 
back, and legs become adversely affected. Tradi- 
tionally, all senility-combating formulas of Medi- 
cal Qigong stress treating the patient’s Spleen and 
Kidney Deficiency by supplementing the patient's 
Yin and/or Yang. Then, by applying the balanc- 
ing methods of activating the patient’s Blood and 
rectifying the Qi, the doctor can also combat the 
patient's senility. 

Senility is also frequently caused by dehydra- 
tion and malnutrition. Both conditions are fre- 
quently overlooked by Western medicine. The 
dehydration is usually due to a breakdown of the 
body’s thirst signal. The patient does not feel 
thirsty, and thus forgets to drink. Malnutrition 
may be caused by a lack of enzymes that aid in 
absorbing nutrition from foods. Overmedication 


likewise can cause senility. These issues should 
always be addressed when treating the elderly, 
along with Medical Qigong exercises and medi- 
tations. 

One example of a Medical Qigong exercise for 
aiding Qi and Blood circulation for geriatric pa- 
tients is the Microcosmic Orbit (Fire Cycle) which 
can be practiced in a sitting position. 

The elderly are more subject to musculoskel- 
etal disorders and visceral diseases, especially in 
the Kidneys and Liver. As the Kidney Yang rises, 
it begins to restrict the heat in the upper portion 
of the body, thereby affecting the Heart. Also, as 
the patient gets older the Lungs cannot sustain 
liquid retention; this affects the Wei Qi, and re- 
sults in a thinner layer of skin covering the body. 

The Qigong movements prescribed for the 
elderly should be kept slow and smooth. Qi regu- 
lation can be cultivated safely by focusing the 
patient's intention on the center of the palms while 
keeping the mind’s intention moving downward. 
The patient must not exert strain when using the 
muscles. When the patient turns his or her body, 
make sure that the center of each palm (Pc-8) faces 
the other. Slow and even breathing will calm the 
patient’s emotions and sedate the mind. 

It is important to begin Medical Qigong regu- 
lation training for senior citizens with natural 
breathing. Natural breathing allows their respi- 
ration to become soft, natural, gentle and quiet. 
The focus of the mind should be on relaxation. In 
dealing with senior citizens, if the focus of their 
mind’s intention is allowed to become too con- 
centrated, it can cause the Qi in their body to con- 
strict and develop into Qi or Blood stagnation. 
Redirect their focus of intention on their breath- 
ing by practicing the Small Heavenly Cycle medi- 
tation. The Small Heavenly Cycle meditation is 
used to regulate the body’s Yin and Yang energy 
and to strengthen the patient’s mind and spirit. 
The Large Heavenly Cycle meditation can be pre- 
scribed to increase the patient's Qi and Blood cir- 
culation, to rejuvenate the body and the sense or- 
gans, to clear the complexion, and to improve 
mobility. 
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TAPPING THE KNEES To PREVENT 
SENILITY 

One exercise prescription that the doctor can 
use to assist the patient in combating senility is to 
have the patient lightly tap above, below, and 
around his or her knees. This exercise stimulates 
the Kidneys’ energy and can also be used as an 
important adjunct to maintaining health for se- 
nior citizens, especially when combined with the 
foot tapping (Kd-1) Kidney Tonification exercise 
(see Chapter 39). Combined, both of these exer- 
cises can help to strengthen the patient’s Kidneys, 
lower back, and legs. When combining both exer- 
cise prescriptions, the Knee Tapping exercise 
should foliow after the Kidney Tonification exer- 
cises. 

To begin the Knee Tapping exercise, have the 
patient sit in a chair, with both knees lower then 
the thighs. Encourage the patient to direct the fo- 
cus of his or her attention in and around the knee 
area. As the patient taps or softly slaps the tissue 
surrounding the knees, he or she should imagine 
the energy and vibration flowing into the Lower 
Dantian. After several minutes (about 36 breaths) 
the patient can stop. 


CULTIVATING THE PATIENT’S YUAN 
Q1 BY ABSORBING ENERGY FROM 
NATURE 

Another priority of focus for older patients is 
the gathering, storing and cultivation of his or her 
Yuan Qi. In China, in order to tonify the Yuan Qi, 
elderly patients practice their Qi Tonification and 
Regulation Exercises facing a cypress tree daily 
(a cypress tree is considered very powerful and 
full of energy). If a cypress tree is not available, 
then the patient can use a pine or oak tree. This 
exercise prescription is considered a slow and 
gentle Dynamic cultivation. Any Dynamic exer- 
cise for senior citizens should always be practiced 
slowly, and gently, in order to replenish the Yuan 
Qi during the Static Qigong posture (in this case, 
standing). 

The flexion and extension of the muscles re- 
lates to the interaction of Yin and Yang within the 
body’s energetic tissues and muscles. This flex- 
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ion and extension of the muscles becomes the 
foundation of energy balance. Relaxation of the 
body results in soft, gentle movement, peaceful- 
ness and tranquillity. Muscular rigidity, on the 
other hand, results in hardness, restlessness and 
disease. 

In order to practice Medical Qigong exercises, 
senior citizens are encouraged to keep their body’s 
energy connected with the energy of the Earth. 
This connection is obtained via their energetic at- 
tachment through the bottom of their feet and the 
center of their palms. If the patients are confined 
to wheelchairs, or are bedridden, they can still fo- 
cus the mind’s intention on the Lower Dantian, 
and then extend their energy deep into the Earth. 

As with all Medical Qigong prescriptions, the 
patients must first purge and cleanse their body 
before gathering, collecting, tonifying and regu- 
lating the body’s energy. To purge the body of 
Toxic Qi, the patients imagine divine healing en- 
ergy pouring down from the Heavens, filling the 
entire body, as they inhale. This vibrant healing 
energy is absorbed into their tissues and the Toxic 
Qi stored within the patient’s body is dispersed 
into the Earth. 

As the patients exhale, they imagine the Toxic 
Qi melting out their tissues and flowing down- 
ward, deep into the ground. The patients perform 
this purging and dispersing sequence for several 
breaths until they feel cleansed. Next, the patients 
begin to fill and regulate their body. 

To fill and regulate the body, the patients imag- 
ine circulating the energy downward, deep into 
the Earth, and into the root system of a tree. 

Next, the patients imagine the Earth’s energy 
ascending up through the top of the tree, blend- 
ing with the energy of Heaven, and then de- 
scending through their head, filling their entire 
body from the feet upward like water being 
poured into a glass and filling it up (Figure 50.1). 

The inhalation and exhalation should follow 
the Natural Abdominal Breathing method, and the 
mind's intention should be focused on filling, gath- 
ering and circulating the universal and environ- 
mental Qi. 








Figure 50.1. Extend Qi and Intention deep into the root 
system of the tree and absorb its natural energy through 
the Baihui point at the top of the head. 





FURTHER OBSERVATIONS AND 
INSIGHTS ON GERIATRIC PATIENTS 

According to Mark Johnson (an expert who 
has been treating “Seniors” with Medical Qigong 
Therapy and Taijiquan since 1987), any encour- 
agement to undertake new experiences is very ca- 
thartic for older patients. Getting involved in any- 
thing creative seems to prolong the quality of their 
life. 

Understanding the physical and emotional 
transitions that geriatric patients undergo in their 
every day life helps the Qigong doctor establish 
a better awareness of the patient’s energetic dy- 
namics. These physical and emotional transitions 
can best be understood when realizing the inter- 
nal and external conflicts senior patients must 
constantly address. 

COMPANIONSHIP 

Many people tend to lose meaning in their 
life when they retire, lose a spouse, witness the 
death of countless friends, or when their children 





move away. Patients who lose their life purpose 
(or their meaning of life) usually do not live long. 
Elderly patients, who have lost their friends, usu- 
ally have an extremely strong emotional attach- 
ment to any pet they may own. If the pet dies, 
this is usually as devastating as the loss of a close 
family member. 

According to clinical observation, most older 
patients who become involved in spirituality, so- 
cial service or voluntary work tend to be the most 
fulfilled and therefore most healthy. Humor and 
laughter as a means of internal emotional medi- 
cine for older patients cannot be overemphasized. 
Socializing with an understanding yet active sup- 
port group also tends to bring healing to their 
heart. 

In addressing the issue of being lonely, it has 
been found that the healing quality of having a 
pet to love can be very helpful for seniors who 
have become solitary or isolated. 


OVERMEDICATING 

Too many older patients are overly medicated. 
Taking up to ten pills a day is not unusual for 
many seniors. In a book initiated by Ralph Nader, 
titled “Worst Pills, Best Pills” the author empha- 
sizes the fact that if an older person is taking over 
three different drugs, they are taking too many 
and should consult their doctor with the expressed 
purpose of cutting down to a maximum of only 
three types of medication. 

The drugs given to seniors are usually tested 
on 30 year old individuals who are generally much 
stronger than most 70 year olds. Therefore half 
dosages are usually considered safer. In addition, 
there is a minimum of thirty-three drugs on the 
market today that can give the symptoms of 
Parkinson’s disease. Several healers have gotten 
their patients off Parkinson’s medication after 
demonstrating the fact that one of their other 
medications initiated the patient’s symptoms. 


SEDENTARY LIFE-STYLE 

Too many older patients are sedentary, espe- 
cially men. It is generally agreed that people liv- 
ing today move only 35% as much as people liv- 
ing 100 years ago. This has got to have a major 
impact on one’s health, especially on older people 
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whose circulation is not what it once was. Our 
bodies are designed to move; to become seden- 
tary violates one of our basic needs. The studies 
conducted at Emory College confirm that the saf- 
est and most beneficial exercises for seniors is 
Medical Qigong, Taijiquan, walking, mild aero- 
bics and light weight training. Seniors are encour- 
aged to stay away from running. 


IMPROPER DIET 

Because of the patient’s age and changing 
metabolic needs, diet is as equally important for 
seniors as exercise. Proper nutrition can be used 
to augment the benefits from the patient’s pre- 
scriptions, as well as to increase the patient's heal- 
ing potential. The diet in senior housing commu- 
nities is usually atrocious. Sugar, canned veg- 
etables and too many heavy meats are the norm. 
When prescribing Medical Qigong exercises for 
seniors, the Qigong doctor must also take into 
consideration the patient's diet and fluid intake, 
making sure that it is not sabotaging the healing 
effect of the Qigong prescriptions. 

SLEEP DEPRIVATION 

As patients gets older, their Kidney Jing be- 
comes weak, their hair begins to turn grey, the 
hearing and sight becomes affected, the bone 
structure, mental comprehension and sleeping 
patterns also undergo changes. These physical 
transitions can and do affect the patient’s emo- 
tional outlook on life. This however, is all part of 
the natural course of ageing. 

Due to the weakening of the patient's Kid- 
neys, sleep deprivation is more common in seniors 
than most people realized. More training in deal- 
ing with insomnia and changing sleeping patterns 
is necessary for Western doctors, as the serious 
impact on health by sleep deprivation is poorly 
understood in Western society. 

Sleep is needed to invigorate and stabilize the 
patient’s Wu Jing Shen (Five Essence Spirits). 
Without sleep, the patient’s Hun (Spirit Soul), 
Shen (Spirit), Yi (Intention), Zhi (Willpower) be- 
come depleted and they lose control of their Po 
(Corporeal Soul). This affects the patient’s intui- 
tive perceptions, mental comprehension, drive 
and willpower, and can result in dementia. 


805 


SECTION 11: SPECIALIZED QI EMISSION THERAPY 


UNDERSTANDING DEATH AND DYING 

Classes and workshops on death and dying 
should be more available, and both patients as 
well as doctors should be encouraged to attend 
them. The doctor can benefit greatly by learning 
specific meditations being taught to facilitate this 
major transition, and also how to relate better to 
their elderly and young dying patients. The pa- 
tients can benefit greatly by increasing their 
awareness and understanding of this process, as 
well as learning the numerous meditations that 
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help resolve unprocessed emotions. Furthermore, 
patients can meet others with whom they can 
share their fears and hopes openly. 

Too often the elderly do not wish to share 
these feelings, even with those closest to them for 
fear of burdening their family and friends. Patients 
may also be very reluctant to disclose their per- 
sonal concerns for fear of being alienated, even 
with Qigong doctors, especially if the doctor’s fear 
of death becomes evident through too much en- 
couragement to get well and not lose hope. 


CHAPTER 51 


QI EMISSION THERAPY FOR GYNECOLOGY 


INTRODUCTION 

Gynecology is the study of diseases of the fe- 
male reproductive organs. The earliest records of 
Chinese gynecological medical writings date as 
far back as the Shang Dynasty (1500-1000 BC). 
From a Traditional Chinese Medical perspective, 
a woman’s physiology is characterized and diag- 
nosed in accordance with her menstrual flow and 
vaginal discharge (also included are the energetic 
formations and transitions during pregnancy and 
childbirth). A woman’s physiology is dominated 
by, and rooted in Blood. Her Lower Burner houses 
the uterus, which stores Blood, and corresponds 
to her Lower Dantian. 


MENSTRUAL FLOow 

Normally, a woman will follow the cycles of 
the moon and will menstruate every 28 days. Her 
cycles can be categorized into either new moon 
or full moon periods. The length of days between 
menstruation and the time of duration vary; four 
days of flow is considered average. 

A woman’s menstrual cycle can be catego- 
rized into four distinct time periods: Irregular 
Menstruation, Early Menstruation, Late Men- 
struation, and Prolonged Menstruation. 

1. An irregular menstrual cycle is never consis- 
tent: sometimes early, sometimes late. The 
cause of an irregular menstrual cycle can be 
due to either a stagnation of Liver Qi (from 
suppressed anger or emotional shock), Liver 
Qi invading the Spleen (emotions affecting the 
Liver invades the Spleen), or a constitutional 
weakness of the Kidneys. 

2. The cause of an early menstrual cycle can be 
due to either Heat in the patient’s Blood or Qi 
Deficiency. 

3. The cause of a late menstrual cycle can be due 
to either Cold stagnation of Blood, Blood De- 


ficiency, stagnation of Qi (caused from emo- 
tions), or Deficiency of Qi. 

4. The cause of a prolonged menstrual cycle can 
be due to either Qi Deficiency or Heat in the 
Blood (this is because Blood that is Hot wan- 
ders out of the vessels). 


QE AND BLOOD REGULATION 

Due to periodical menstruation and the com- 
plex changes that occur in the uterus and the or- 
gans (ovaries, cervix, and vagina) associated with 
reproduction, women tend to become especially 
vulnerable to Blood damage. The formation, cir- 
culation, and control of Blood depends upon the 
transformation, regulation, and production of the 
woman’s Qi. This interdependence of Qi and 
Blood is regulated through the harmony of the 
body’s Five Yin Organs. For example: 

1. The Liver stores the Blood. 

2. The Heart controls the Blood. 

3. The Spleen contains or keeps the Blood in its 
vessels. In addition, the body’s Spleen and 
Stomach are also known as the source of re- 
production and transformation of Qi and 
Blood. 

4. The Lungs store the Qi, which commands or 
moves the Blood. 

5. The Kidneys store the Jing, which transforms 
or creates the Blood. 

The woman’s Sea of Blood can only flow 
freely when the Qi and Blood of the Five Yin Or- 
gans are in harmony. When a woman’s Sea of 
Blood is full and exuberant, then her menstrua- 
tion will be healthy and normal. 

Regarding the Eight Extraordinary Vessels, a 
woman’s Governing, Conception and Thrusting 
Vessels all originate within her uterus. The Gov- 
erning Vessel governs the body's Sea of Yang and 
represents the Yang aspect of a woman's repro- 
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ductive functions. The Conception Vessel governs 
the body’s Sea of Yin and provides the Yin sub- 
stances for all physiological and hormonal transi- 
tions, including puberty, conception, pregnancy, 
childbirth, and menopause. The Thrusting Vessels 
function as the Sea of the Twelve Primary Chan- 
nels, and influence the supply and proper move- 
ment of Blood in the uterus, and control all as- 
pects of menstruation. 

The Belt Vessel encircles the Governing, Con- 
ception, and Thrusting Vessels, and governs, 
guides, and supports the energetic flow of Qi and 
Jing to the uterus. 

Regarding the Twelve Primary Channels, 
their internal network is distributed throughout 
the uterus and is connected to both the Heart and 
Kidneys. In addition, the energetic connection 
with the uterus is further strengthened by the con- 
vergence of the Liver, Spleen, and Kidney Chan- 
nels, along with the Conception Vessel, through 
the connecting vessels in the genitalia. 


ETIOLOGY AND PATHOLOGY OF 
GYNECOLOGICAL DISEASES 

In order for the Qigong doctor to make a cor- 
rect diagnosis pertaining to a woman’s menstrual 
flow and reproductive organ function, attention 
must be placed on identifying the primary etiol- 
ogy of the imbalance in the patient’s Qi and Blood. 

The Governing, Conception, Thrusting, and 
Belt Vessels are the most important vessels in 
terms of diagnosing gynecological pathophysiol- 
ogy. Consequently, any damage or disease of the 
these vessels are believed to be the main causes 
of gynecological disorders. 

Either a direct or indirect attack to the Con- 
ception and Thrusting Vessels can cause dishar- 
mony of Qi and Blood, resulting in a loss of inter- 
nal organ regulation. 

DIRECT CAUSE 

A direct cause of damage to the Conception 
and Thrusting Vessels can result from either Evil 
Toxin infections or from hygienically unclean 
sexual encounters. If the Conception and Thrust- 
ing Vessels become damaged, the result can mani- 
fest in symptoms such as profuse abnormal vagi- 
nal discharge or uterine bleeding. 


INDIRECT CAUSE 

Indirect causes of damage to the Conception 
and Thrusting Vessels can result from internal 
damage due to: The Seven Emotional Factors, In- 
vasion of the Six Exogenous Factors, and An In- 
consistent and Undisciplined Diet. 

1. The Seven Emotional Factors tend to be the 
major factors in determining the root causes 
in most gynecological diseases. 

The suppression of anger, rage, resentment, 
and jealousy often results in Liver Qi depres- 
sion, which eventually leads to Blood stagna- 
tion. This can result in such symptoms as de- 
layed, painful, or blocked menstruation. If a 
hyperactive Liver Yang condition occurs, the 
patient can develop symptoms as serious as 
pre-eclampsia or eclampsia (coma and con- 
vulsive seizures that can occur between the 
20th week of pregnancy and first week post- 
partum; symptoms include edema of the legs 
and feet, puffiness of the face, hypertension, 
severe headaches, dizziness, epigastric pain, 
nausea, sudden convulsive seizures and 
coma). The Liver’s Blood Heat can lead to pro- 
fuse uterine bleeding, leaking of Blood, he- 
moptysis (throwing up Blood) or epistaxis 
(bleeding of the nose). 

The suppression of worry and regret, or 
obsessiveness, can harm the Heart and Spleen. 
This can lead to amenorrhea (the absence or 
suppression of menstruation) or a fetal leak- 
age (after conception, if a small amount of 
bloody fluid discharges from a woman’s va- 
gina, it is known as Tai Lou or fetal leakage). 

The suppression of fright, fear, loneliness, 
and insecurity can damage the Kidneys and 
lead to miscarriages. 

2. Invasion of the Six Exogenous Factors, in par- 
ticular, Cold, Heat, and Dampness, are the 
primary causes for gynecological diseases. 

If the Blood is invaded by Cold, it congeals, 
causing delayed menstruation, painful men- 
struation, or severe contractions and thick 
conglomerations of Blood. 

If the Blood is invaded by Heat, it moves, 
causing the Blood to flow recklessly. This reck- 
less movement of Blood leads to early men- 


struation, excessive menstruation, and uter- 
ine bleeding. 

If the Blood is invaded by Dampness (Damp 
Evils invading the Spleen), it can lead to ab- 
normal vaginal discharge, uterine bleeding, 
and irregular menstruation. 

3. An Inconsistent and Undisciplined Diet can 
lead to a Spleen and Stomach disharmony. If 
the Spleen and Stomach’s ability to transform 
and transport food becomes hindered or 
weakened, the Sea of Blood becomes Empty. 
This can lead to delayed menstruation or 
scanty menstruation. 

If the Spleen loses its ability to restrain and 
contain the Blood, both Blood and Qi leak out 
of the vessels. This leaking of Qi and Blood 
can lead to excessive menstruation and uter- 
ine bleeding. 

If the Spleen’s Yang does not perform its 
transporting function, Dampness and Turbid- 
ity will descend, resulting in abnormal vagi- 
nal discharge. 


VAGINAL DISCHARGE 

In Traditional Chinese Medicine, abnormal 
vaginal discharge (Dai Xia) is considered a dis- 
ease of the Belt Vessel. If the Belt Vessel loses its 
restraint on the other vessels, then abnormal vagi- 
nal discharge is produced. This is usually caused 
by a Spleen Deficiency, Dampness, and descend- 
ing Turbid Qi. 
CONSISTENCY 

The consistency of the patient’s vaginal dis- 
charge can be divided into three categories: Tur- 
bid, Watery, and Clotting (thick and pasty). 

1. A Turbid discharge refers to Blood Heat and 
an infection in the uterus. It also refers to signs 
of Cold stagnation. 

2. A Watery discharge is considered a Cold 
Damp and /or Deficient condition. 

3. Clots (thick and pasty) are considered a Damp 
Heat and Excess condition. 


SMELL 

The smell of the patient's vaginal discharge 
can be divided into conditions of either Damp 
Heat, indicated by a leathery smell, or Cold Damp- 
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ness, indicated by a fishy smell. Also, if the 
patient's menstrual Blood has a strong, foul smell, 
it usually indicates a Heat condition. 

CoLor 

Vaginal discharge color is divided into five 
colors (Wu Se Dai): white, yellow, red, green-blue, 
and dark brown or black. The pathology of the 
discharge color is mostly caused from a Deficient 
Conception Vessel, loss of restraint from the Belt 
Vessel, Spleen Dampness, or Evil Wind invading 
the uterine vessels. These conditions create Heat, 
which descends into the uterine area causing dis- 
ease. 

Only profuse vaginal discharge, which bears 
an unnatural color and gives off a malignant odor, 
is considered pathological. The five colors of vagi- 
nal discharge are as follows. 

1. White vaginal discharge (Bai Dai) is the most 
commonly seen type of vaginal discharge. It is 
a Cold condition caused by a Spleen or Kidney 
Yang Deficiency, or from Exterior Cold Damp- 
ness. It manifests as a white, sticky, slimy fluid 
discharge from inside the patient's vagina with 
a fishy smell. Symptoms include sore lower 
back, weakness, and irregular menstruation. 

2. Red vaginal discharge (Chi Dai) is caused 
from Damp Heat in the Lower Burner or Fire 
Blazing through the Heart and Liver channels. 
The latter eventually causes a Yin Blood Defi- 
ciency. Red vaginal discharge manifests as 
thick and sticky, white with red mixed to- 
gether, pale red, or red vaginal discharge with 
a foul odor. Symptoms include thirst, bitter 
taste in the mouth, and reddish urine. Con- 
tinued red vaginal discharge may be a sign of 
cancer, and the patient should immediately 
be referred out to an oncologist. 

3. Yellow vaginal discharge (Huang Dai) is caused 
from Heat, usually Damp Heat in the Lower 
Burner produced from a Deficient Spleen not 
transporting the Dampness. This condition 
causes Water Dampness to brew and bind, 
which then transforms into Damp Heat. The 
Damp Heat invades the Conception Vessel 
which causes the Belt Vessel to lose its ability 
to restrain. It manifests as a yellow, sticky, and 
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slimy vaginal discharge with a foul odor. A 
vaginal discharge that has yellow and red with 
white pus (after menopause) is considered a 
manifestation of Toxic Damp Heat in the uterus 
and can indicate endometrium cancer. 

4, Green-blue vaginal discharge (Qing Dai) is 
caused by Damp Heat in the Liver or Gall 
Bladder Channels. A yellow-green color with 
pus accompanied by itching and soreness is 
also a sign of Damp Toxic invasion. 

5. Dark brown or black vaginal discharge (Hei 
Xia) is seen as a form of Blood stagnation. 
All gynecological disorders are closely related 

to the patient’s whole constitution, even though 
the manifestations appear in the reproductive or- 
gans. The patient's general constitution, age, di- 
etary habits, home and work environment, should 
all be taken into account when diagnosing clini- 
cal pathophysiologies. 


MENSTRUAL COMPLICATIONS 


DYSMENORRHEA 

Dysmenorrhea is one of the most frequent 
gynecologic disorders observed in the clinic to- 
day. It is described as pain associated with men- 
struation and refers to cyclic pain (before, during 
or after menstruation) felt in the lower abdomen 
or lumbosacral area of the woman's body before, 
during, or after menstruation. Serious cases of dys- 
menorrhea can be accompanied by headache, nau- 
sea, vomiting, and even syncope. 

ETIOLOGY 

From a Traditional Chinese Medical perspec- 
tive, a woman’s body is more susceptible to an 
attack of external pathogens and injury from in- 
ternal emotional disturbances during her men- 
strual period. Mental depression may injure the 
Liver and cause Qi and Blood stagnation. 

The invasion of Cold into the Thrusting and 
Conception Vessels may also cause stagnation and 
coagulation of Blood, which in turn causes Qi and 
Blood Deficiency (leading to poor nourishment of 
the uterus). Excessive exposure to Cold and Damp- 
ness can cause Cold to invade a woman's uterus, 
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causing stasis of Blood. A women is prone to Cold 
invasion when her uterus and Blood are ina weak- 
ened state, during and soon after her period. 

There are four different phases identified dur- 
ing a woman’s menstrual cycle: Before Menstrua- 
tion, During Menstruation, After Menstruation, 
and During Mid-cycle. 

1. Before menstruation, the woman’s Yang rises 
in preparation to move Blood during her 
menses; Liver Qi also moves into the lower 
abdomen in preparation to move the Blood. 
If a woman’s Liver Qi stagnates, it can cause 
the Blood stagnation in the uterus, leading to 
pain, especially before her period. This type 
of stagnation is the most important pathologi- 
cal condition causing dysmenorthea. Liver Qi 
stagnation can be caused from emotional 
strain resulting from suppressed emotions, 
such as anger, resentment, hatred, and frus- 
tration. 

2. During menstruation, the woman’s Blood is 
moving. The movement of Blood relies on 
Liver Qi and Liver Blood. If a woman’s Liver 
Blood stagnates, it will cause pain during her 
period. 

3. After menstruation, the woman's Blood and 
Yin are Empty. 

4, During mid-cycle, the woman’s Blood and Yin 
gradually fill up the Thrusting and Concep- 
tion Vessels. 

According to Western medicine, dysmenor- 
rhea is related to mental stress, emotional insta- 
bility, mental depression, and fright. Dysmenor- 
rhea can also be due to diseases of the ovaries, 
uterine, or endocrine glands. 

The menstrual pain may appear one to two 
days before the onset of the menstrual period, and 
remain until the start of the menstrual flow. It usu- 
ally lasts from just a few hours to one to two days. 


SYMPTOMS 
In Traditional Chinese Medicine, dysmenor- 
thea is classified into two types of syndromes: the 
Excess type and the Deficient type. 
¢ The Excess type of dysmenorrhea can be 
caused by either Qi and Blood stagnation, 
Cold stagnation, or Damp Heat. An Excess 
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condition manifests as distention and pain in 
a woman’s lower abdomen and / or lumbago, 
occurring before or during menstruation. 
Symptoms also include obstructed menstrua- 
tion with pale-purplish color and clots. 

The Deficient type dysmenorrhoea can be 
caused by either Qi and Blood Deficiency or 
Kidney and Liver Yin Deficiency. Symptoms 
of this condition manifest as pain in the lower 
abdomen, occurring before or during men- 
struation, which can be relieved by heat and 
compression. The patient will experience sore- 
ness and distention of the waist and legs with 
pale and scanty menses. 


TREATMENT 


To begin, have the patient sit at the edge of the 
table and begin stimulating the Yellow Court, 
Mingmen, and Lower Dantian areas, using the 
Vibrating Palm technique, for 6 to 8 breaths. 


. Emit Qi, using the Extended Fan Paim tech- 


nique, into the patient’s Lower Dantian, purg- 
ing the Qi down the Stomach Channels to her 
feet. 


TREATMENT MODIFICATIONS 


When treating patients with the Excess type 
of dysmenorrhea, emit Qi into the patient’s 
Lower Dantian, St-21, and Lv-14 points, then 
purge the Stomach and Liver Channels down 
to and out of the feet. 

When treating patients with the Deficient type 
of dysmenorrhea, emit Qi into the patient's 
Lower Dantian, then guide Qi along the Stom- 
ach and Spleen Channels to regulate the body. 


PRESCRIPTIONS AND HOMEWORK 


Have the patient practice the Descending the 
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b. The patient should imagine the navel 
as the center of a wheel. When inhal- 
ing, she should move the Qi upwards, 
rotating the energy clockwise, from the 
lower portion of the right side of the 
abdomen. The patient silently chants 
the phrase: “The white tiger hides in the 
east.” Exhaling, she rotates the Qi from 
above the navel to the left side of the 
abdomen back to the beginning point, 
while silently chanting the phrase: “The 
blue dragon shelters in the west.” The 
patient continues circulating the Qi 
around the navel, rotating it in a clock- 
wise direction for 36 breaths. In this 
particular meditation, it is important 
the patient start with small circles and 
gradually increase the circumference of 
the energy circle, in order to disperse 
the accumulated Heat in the uterus. 


2. For patient's with a Deficient type of dysmen- 


orrhea: 

a. Have the patient sit at the edge of a chair, 
relax and breath naturally, with her 
tongue placed up against the hard pal- 
ate. The patient's mind should concen- 
trate on the Lower Dantian and navel 
area. 

b. Imagine the navel as the center of a 
wheel. When inhaling, she should 
move the Oi upwards, rotating the en- 
ergy counterclockwise, from the lower 
portion of the left side of the abdomen. 
The patient silently chants the phrase: 
“The blue dragon shelters in the west.” 
Exhaling, she rotates the Qi from above 


Yang and Ascending the Yin techniques (see Chap- 
ter 41). 
PRESCRIPTION MODIFICATIONS 

1. For patients with the Excess type of dysmen- 


the navel to the right side of the abdo- 
men back to the beginning point, si- 
lently chanting the phrase: “The white 
tiger hides in the east.” She continues 


orthea: 

a. Have the patient sit at the edge of a chair, 
relax and breath naturally, with the 
tongue placed up against the hard pal- 
ate. The patient’s mind should concen- 
trate on her Lower Dantian and navel 
area. 


circulating Qi around the navel, rotat- 
ing from large to small circles in a coun- 
terclockwise direction for 36 breaths. In 
this particular meditation, it is impor- 
tant that the patient start with large 
circles and gradually decrease the en- 
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ergy circle’s circumference in order to 
gather energy into the uterus. 


MENOXENIA 

Menoxenia refers to the pathological changes 
of menstruation occurring in the cycles, such as 
the color, quantity, and quality. This includes ex- 
tended or delayed menstrual cycles, as well as 
menorthagia (excess bleeding) and scanty men- 
struation. 


SYMPTOMS 

1. Blood Heat symptoms include: prolonged 
menstrual cycle, profuse menstruation of 
bright red or purplish color, viscous in qual- 
ity, and a heavy feeling in the chest. 

2. Deficiency of Qi symptoms include: pro- 
longed menstrual cycle, profuse, pale and 
watery menstruation, listlessness, palpita- 
tions, shortness of breath, and an empty or 
dropping sensation in the lower abdomen. 

3. Blood Stasis symptoms include: delayed men- 
strual cycle, purplish and massed menstrua- 
tion with pain and distention in the lower 
abdomen. 


TREATMENT 

1. Have the patient sit at the edge of the table 
and begin to stimulate her Yellow Court, 
Lower Dantian, and Mingmen areas using the 
Vibrating Palm, for 8 to 16 breaths. 

2. Use the Extended Fan Palm hand posture to 
emit Qi into the patient’s Mingmen and Lower 
Dantian using the Spiral Rotating method of 
Qi manipulation. Rotate the energy in a coun- 
terclockwise direction for conditions of Excess 
and a clockwise direction for Deficient con- 
ditions. 

TREATMENT MODIFICATIONS 

¢ When treating a patient with Blood Heat, emit 
Qi into her Yellow Court and Lv-14 points, 
drawing the energy down her Liver Channels 
and out of her feet. 

¢ When treating patients with a Deficiency of 
Qi, use a Extended Fan Palm hand method 
while tonifying and filling her Mingmen and 
Lower Dantian areas. 

* When treating a patient with Blood Stasis, use 
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the Extended Fan Palm hand method to emit 
Qi into her Lower Dantian and rotate the Qi 
in a clockwise direction. 
PRESCRIPTIONS AND HOMEWORK 
In order to move the energy and allow Qi and 
Blood to flow smoothly in the uterus, have the 
patient practice the Microcosmic Orbit Fire Cycle 
(see Chapter 41). 
PRESCRIPTION MODIFICATIONS 
* For patients with Blood Heat, it is advisable 
to have them practice the Liver Massage 
method (see Chapter 39) and sound the word 
“Xu” (Shu). 
¢ For patients with Qi Deficiency, have the pa- 
tients perform Natural Breathing meditations, 
as well as the Daoist Five Yin and Yang Or- 
gan Exercise (see Chapter 42). 
¢ For patients with Blood Stasis, have the pa- 
tient practice Circling the Abdomen, for 36 
breaths in a clockwise direction (see Chapter 
41). 


CYSTS AND TUMORS 


BREAST CYSTS AND BENIGN TUMORS 
A breast cyst or benign tumor is a lump or 
nodule found within the breast tissue. 


ETIOLOGY 

The fibrocystic changes that can occur in a 
womans breast tissue are commonly divided into 
three levels of benign breast disorders. Beginning 
with Level-1 breast cysts (which include the de- 
velopment of benign lumps, nodules or fibroad- 
enoma), progressing onto the development of 
Level-2 breast cysts (which include the develop- 
ment of mastitis or carbuncles), and ending with 
Level-3 breast tumors. 

The Qigong doctor’s treatment will vary ac- 
cording to the type and condition of the lump 
enclosed within the patient's breast tissue. 
DIAGNOSIS ACCORDING To DIFFERENT TYPES 
oF BREAST Lumps 

The Qigong doctor differentiates among the 
types of breast lumps and initiates treatment ac- 


cordingly. Breast lumps can be divided into three 
major categories: Phlegm, Blood Stasis, and Toxic 
Heat. 

1, Phiegm lumps are soft with distinct edges, 
mobile and slippery. They are not swollen, 
and the skin surface around the area is white. 

2. Blood Stasis lumps are hard, immobile nod- 
ules. The skin surface around the surround- 
ing area is purple. 

3. Toxic Heat lumps are hard, immobile, with 
indistinct edges. The skin surface of the sur- 
rounding area is indented and red. 


LEVEL-1 BREAST CYSTS (BENIGN 
LUMPS, NODULES OR FIBROADENOMA) 

These are lumps that feel like hard nodules; 
they are usually painless, round, flat, and mobile. 
The lumps do not feel hot or cold to touch, the 
skin color is unchanged, and the size of the lump 
may vary depending on the patient’s mood 
changes. 
ETIOLOGY 

Level-1 cysts are usually caused by the 
patient's Liver and Spleen being affected by an- 
ger, worry, and depression. The Spleen Qi is weak- 
ened, thus disrupting the free-flow of the Liver 
Qi. This leads to conditions of nodules due to both 
Qi and Phlegm stagnation. Long term Qi stagna- 
tion eventually leads to the accumulation of 
Phlegm and Stasis of Blood. 
SYMPTOMS 

These type of cysts are characterized by their 
process of development; they generally start off 
small and increase in size after several months. 
TREATMENT 

Eliminate the stagnation and remove the 
Phlegm using Qi purging and dispersing tech- 
niques. 


LEVEL-2 BREAST CYSTS (MASTITIS 
OR CARBUNCLE) 

This condition is a painful inflammation of 
the breast skin and underlying tissue. 
ETIOLOGY 

Level-2 cysts are usually caused by Qi and 
Blood stagnation, resulting from the stagnation 


CHAPTER 51: GI EMISSION THERAPY FOR GYNECOLOGY 


of the Liver or Gall Bladder Qi, which is accom- 
panied by excessive stagnation of Toxic Heat in 
the Stomach Channels. Breast cysts can be inter- 
nally induced by suppressing the emotions, es- 
pecially grief. Generally mother issues relate to 
the left breast and Lung area, while father issues 
relate to the right breast and right Lung area. 


TREATMENT 

1. After clearing the diseased area of Toxic Qi, 
the Qigong doctor uses the Sword Fingers 
technique to stimulate CV-17, St-18, Lu-1, Bl- 
18, and -21 points, to open the points along 
the Liver, Lung, and Stomach Channels. 

2. Next, the Qigong doctor emits Qi, using the 
Vibrating and Shaking techniques, to disperse 
the cyst. 

3. The doctor then applies the Dragon Mouth 
manipulation to dredge the patient's body, by 
pushing, pulling, and leading the Stagnant 
and Toxic Qi down the patient’s Lung Chan- 
nels (out the arms), and Stomach Channels 
(out her legs), via the St-36 points. 

4. The patient is given homework, consisting of 
Jing Point Therapy, and of kneading the sur- 
face and surrounding tissue of the cyst at least 
once a day. This prescription should also in- 
clude the use of the “Shang” sound tone 
resonation to further dissolve the cyst, and to 
dispel the Toxic Qi out of the breasts. 


LEVEL-3 BREAST TUMORS 


This type of breast cyst corresponds to a se- 
vere condition of dysplasia. 


ETIOLOGY 
Level-3 cysts are usually caused by Liver Fire, 
accompanied by Heart and Lung Qi stagnation 
due to the accumulation of grief, sorrow, exaspera- 
tion, and being upset, or due to the derangement 
of the patient’s Thrusting and Conception Vessels. 
TREATMENT 
1. After clearing the diseased area of pathogenic 
Qi, the Qigong doctor uses the Thunder Palm 
technique to disperse the tumor. 
2. After several minutes of blasting the area, the 
Qigong doctor uses the Spiraling and Circling 
Energy techniques to circle the tissue areas 
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surrounding the tumor, drawing the patho- 
genic Qi down and out of the patient’s near- 
est arm via the Lung Channel (Figure 51.1). 

3. The Qigong doctor then uses energetic Pull- 
ing and Shaking techniques to release the 
pathogenic Qi from the patient’s body and to 
draw it out of the arm. The doctor must then 
pull and snap each of the patient's fingers and 
thumbs, to release and disperse the Excess 
Heat and pathogenic Qi. 

4. Next, circle rotate the energy within the 
patient’s Lower Dantian, pulling the Qi down 
the lower legs and out the St-36 points. 

5. Finally, fill her Lower Dantian and circle regu- 
late her Governing and Conception Vessels 
using the Microcosmic Orbit to balance the 
Yin and Yang energy. 

6. Give the patient homework consisting of Jing 
point therapy that stimulates the GB-21, St- 
36, CV-17, and Sp-6 points, once a day. If the 
patient is using magnetic therapy, she should 
place the magnets on the points for 1 hour. 
This prescription should also include herbs, 
and the use of the “Shang” sound tone 
resonation (straight tone and descending / as- 
cending tone prescriptions) to further dissolve 
the tumor. 


OVERVIEW OF TREATMENT 

The general treatment for breast diseases, de- 
pending on the severity of the condition, is di- 
vided into five main components: Medical Qigong 
therapy, Medical Qigong massage, prescriptions, 
Jing point therapy, and herbal teas. 
MEDICAL QIGONG THERAPY 

The doctor’s emitted energy can assist the pa- 
tient in dispersing stagnations, as well as dissolv- 
ing breast tumors and cysts. Generally, the 
doctor’s treatment lasts for a period of three days, 
and can be indefinitely prolonged and increased 
in effectiveness if the patient is given additional 
Medical Qigong prescriptions as homework. 
MEDICAL QIGONG MASSAGE PRESCRIPTION 

This therapy is most important as it allows the 
patient to reconnect with her tissues and further 
allows her to feel and release emotions trapped 
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Figure 51.1. After purging the Toxic Qi from the patient's 
upper body, the Qigong doctor continues to disperse 
the patient's Toxic Qi from the lower abdomen, leading 
it down the patient's teg and out of the St-36 points. 


within her body (remember, you can only heal what 
you feel). This healing process is as follows. 
1. The patient begins by rubbing her hands to- 
gether to get them hot. 
2. Placing her hands on her breast, the patient in- 
hales and draws the heat from her hands into 
the breast tissue, while imagining divine heal- 
ing light flowing from the Heavens, and pour- 
ing into her body to fill up her chest. 
3. The patient circle massages her breasts 36 times 
towards the outside of her body, concentrating 
on the breast tissue filling up with the divine 
healing energy that destroys any and all patho- 
gens stored within her breast tissues. 
4. After completing 36 times in one direction, the 
patient reverses directions but maintains the 
same visualization. 
5. Next, the patient exhales the straight healing 
sound “Shang” for 9 breaths, toning, while turn- 
ing the body from the left to the right side. The 
patient focuses on purging the pathogens out 
of her breast area through her mouth. This 
purges her Lungs and the surrounding breast 
tissues. 
6. The patient then exhales the descending /as- 
cending healing sound “Shang” for 9 breaths 
as she turns at the hips, toning from the right 
to the left side of her body, and focuses on purg- 
ing the pathogens out of her breast area. This 
purges her Lung Channels and the surround- 
ing energetic connections to the breast area. 
7. The patient then rubs 36 times in a clockwise 
direction, from her abdomen to her Lower 
Dantian, leading the Qi downwards. This is 
performed to root the energy back into her 
Lower Dantian. 
8. The patient ends the prescription in a quies- 
cent state of mind. 
MEDICAL QIGONG PRESCRIPTIONS 

This therapy allows the patient to purge the 
organs that are found to be the root cause of the 
disease. In Medical Qigong, the doctor views the 
patient’s cysts or tumors as a flower. If, through 
surgery, the top of the flower is plucked from its 
stem (and the branch, stem, and root cause of the 
disease is left still intact), the tumor or cyst will 
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return again. In order to heal the patient’s condi- 
tion, the doctor must also address the original 
cause of the disease and destroy the entire sup- 
port system. The purpose for these prescriptions 
is to destroy the disease’s entire root system. to 
kill the flower. 

1. The Dry Crying prescription is given to purge 
the emotions of grief and sorrow from the 
patient’s Lungs (see Chapter 53). 

2. The “Guo” healing sound is given to purge 
the patient's Liver Fire. 

3. The “Shang” healing sound is given to dis- 
solve the cyst or tumor. 

4. Prescribe Jing Point Therapy. Specific points 
are prescribed for the patient to enhance the 
doctor's treatments, and increase her own 
healing potential. The patient is encouraged 
to stimulate specific areas of her body, by 
emitting Qi while pressing and focusing her 
intention into the following points: 

a. The Small! Intestine 3 point affects the 
patient’s breast disease caused by Re- 
bellious Qi and Qi depression. 

b. The Stomach 18 point frees Qi flow lo- 
cally in the patient's breast. 

c. The Stomach Channel transverses the 
breast, and the Stomach 36 point regu- 
lates Qi of the patient’s entire body. 

d. The Spleen 6 point is specifically cho- 
sen for treating breast cysts. 

e. The Gall Bladder 21 point (Shoulder 
Tapping) is prescribed to assist the pa- 
tient in sinking Liver Qi Heat. 

HERBAL TEAS 

All herbal teas are administered to move the 
Qi and assist the doctor’s treatment. Dandelion 
tea, for example, is mixed with green tea to clear 
Heat from the patient’s body; or green orange peel 
is added to help move the Qi. 


OVARIAN CYSTS AND UTERINE 
TUMORS 

In an ovarian cyst, there is a closed sack or 
pouch containing fluid, semifluid, or solid mate- 
rial, usually characterized by Phlegm, Damp Heat, 
and Stasis of Blood. 


SECTION 41: SPECIALIZED Qi EMISSION THERAPY 


ETIOLOGY OF OVARIAN CYSTS 

Ovarian cysts can be caused by psychologi- 
cal upheavals which lead to enlarged follicles that 
fail to rupture, as well as by Liver Fire stagnation. 
Ovarian cysts are usually related to the anger from 
the Liver turning inward and attacking the body. 


ETIOLOGY OF UTERINE TUMOR 
Auterine tumor, or myoma, is a solid benign 
growth in the myometrium, and is often called a 
fibroid. It contains muscle tissue. Excessive uter- 
ine bleeding is a common effect of myomas. Ova- 
rian cysts and uterine tumors are generally di- 
vided into three types of myomas: 
1. The subserous type is located on the outside 
wall of the uterus; 
2. The interstitial type is located within the wall 
of the uterus; 
3. The submucous type is located on the inside 
of the uterus. 


TREATMENT 

The same treatment is used for both ovarian 
cysts and uterine tumors. To treat these conditions, 
the doctor uses Medical Qigong therapy in con- 
junction with Jing point therapy and herbs. 
1. Begin with the patient in a supine position and 
purge and clean the diseased area of patho- 
genic Qi, using the Thunder Palm technique 
in conjunction with the Vibrating Palm, to dis- 
perse the stagnation in the ovaries or uterus. 
2. Disperse pathogenic Qi out the patient’s body 
via the Gall Bladder Channels. 
3. Tonify the patient’s Lower Dantian with Qi 
and circulate the energy through the Micro- 
cosmic Orbit. 
4. Press and stimulate with Jing point therapy 
the Sp-6, Sp-9, St-36, GB-34, and GB-38 points 
(Figure 51.2). 
PRESCRIPTIONS AND HOMEWORK 

The patient should be given homework, in 
accordance with her constitution. The prescrip- 
tions should include: 

1. The “Guo” sound to disperse Liver Fire. 

2. The “Yu” sound to disperse ovarian cysts. 

3. Prescribe Lower Dantian regulation exercises 
to access and regulate the ovarian energy. 

4. Prescribe herbs for chronic conditions. 
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Figure 51,2. When treating ovarian cysts, use Jing Point 
therapy in conjunction with Qi emission, to stimulate 
Sp-6,-9, St-36, G.B.-34 and 38 points. 


UTERINE COMPLICATIONS 


MISCARRIAGE 

A miscarriage is the termination of a pregnancy, 
at any time before the fetus has attained extrauter- 
ine viability. Miscarriage occur usually between con- 
ception and the fourth month of pregnancy. 

In Traditional Chinese Medicine, a miscar- 
riage can have several stages and levels of sever- 
ity, ranging from such conditions as Fetal Leak- 
age, Restless Stirring of the Fetus, Falling Fetus, 
and Small Birth. Within each of these conditions 
there are several patterns of disharmony. 


ETIOLOGY 

There is an ancient Chinese saying which 
states “A miscarriage is more serious than child 
birth.” According to Traditional Chinese Medicine, 
there five basic mechanisms associated with the 
cause of a miscarriage: Empty Conception and 
Thrusting Vessels, Blood Deficiency, Depressed 
Liver Fire, Blood Stasis, and External Injuries. 

1. An Empty condition of the Conception and 
Thrusting Vessels causes miscarriages. The 
mother’s Kidney Qi consolidates the fetus and 
is responsible for constricting the anal and 
vaginal orifices. If the Conception and Thrust- 


ing Vessels become empty, they cannot con- 
solidate and secure the fetus within the womb. 
If any of the following three conditions occur 
singly or in concert, both the Conception and 
Thrusting Vessels may indeed become Empty: 
(1) the mother’s Yin Essence is depleted or 
consumed; (2) the Mingmen Fire is insuffi- 
cient, and (3) both the Yin and Yang Qi are 
Deficient. Any of these three conditions may 
be due to: congenital weakness and insuffi- 
ciency, chronic disease, extreme or prolonged 
stress, unrestrained sex after conception, or 
the mother’s age (over 40). 

. Blood Deficiency from an irregular diet, exces- 
sive worry and anxiety may deplete the Spleen 
and Stomach organs resulting in a miscarriage. 
Since the Spleen is the postnatal root for Blood 
generation and transformation, an Empty or 
Deficient condition of Spleen Qi may cause 
Blood Deficiency. Furthermore, as the Spleen 
Qi restrains and supports the mother’s abdo- 
men, a Spleen Qi Deficiency, or Empty Spleen 
Qi, may lead to the prolapse of the Central Qi 
and produce insufficient Blood to nourish the 
fetus. Both the Central Qi prolapse and the 
Blood Deficiency can present the Conception 
and Thrusting Vessels from consolidating the 
fetus and securing it in the womb. 

. Depressed Liver Fire due to suppressed emo- 
tional frustration (with mental agitation, an- 
ger, jealousy, and envy) may cause a miscar- 
riage. The excessive Heat generated by the 
depressed Liver Fire may in turn attack the 
mother’s Sea of Blood, scorching and injur- 
ing the Thrusting (Chong) Vessel. This injury, 
in turn, may cause the mother’s Yin Blood to 
flow recklessly downward, leaving no place 
for the fetus to rest. 

. Blood Stasis may be due to three different fac- 
tors: past internal injuries, iatrogenic disor- 
ders, and long term Qi stagnation. The exces- 
sive accumulation of Qi and Blood within the 
mother’s womb during conception can some- 
times aggravate a preexisting condition, and 
thereby cause hemorrhaging, as well as ini- 
tiate energetic patterns which fails to stop her 
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from bleeding. 

5. External Injuries from accidents (sustaining a 
sprain or strain in the abdominal region), or 
battery (being hit or struck) can lead the body 
into a state of shock. This shock to the 
mother’s body may damage either the Con- 
ception or Thrusting Vessels, preventing them 
from securing the fetus within the womb. 

TREATMENT 

In the Medical Qigong clinics in China, doc- 
tors are cautioned to be extremely careful when 
treating pregnant patients. Qi emission can cause 
a spontaneous miscarriage if done incorrectly. It 
is therefore recommended that only Medical 
Qigong doctors, who have specialized in the spe- 
cific treatment of pregnant women, be allowed to 
diagnose and treat them. The interdependencies 
of the mother’s and the fetus’ energy circulation 
is too complex and delicate for a generalized prac- 
titioner to handle. 

Treatments for miscarriage vary, based on 
pattern discriminations of Kidney Deficiency, Qi 
and Blood Deficiency, Blood Heat or physical 
trauma. An example of an ancient Chinese pre- 
scription requires the doctor to treat Yingu Kd-10 
for miscarriages with vaginal bleeding, dark urine, 
abdominal distention, and fullness with an inabil- 
ity to lie down. 

If the patient has already experienced a mis- 
carriage, and is in the state of recovery, specific 
treatments vary according to the doctor’s diag- 
nosis concerning the etiology and pathology of 
the patient’s condition. 

HOMEWORK AND PRESCRIPTIONS 

Each consecutive miscarriage causes further 
injury to the patient’s Kidneys, creating or aggra- 
vating the stagnant Blood condition in the uterus. 
Doctors of Traditional Chinese Medicine therefore 
encourage their patients to take herbal medicines, 
and to practice Medical Qigong for six months 
before attempting to conceive again. 

When they do become pregnant again, they 
are encouraged to continue to practice Medical 
Qigong meditations and exercises for strengthen- 
ing and balancing their body’s energetic fields and 
internal organs. 
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A patient recovering from a miscarriage is 
given specific prescriptions according to her emo- 
tional condition, organ dysfunction, and the eti- 
ology of the condition. 


UTERINE COMPLICATIONS DUE TO 
ABORTIONS 

Another important aspect of Medical Qigong 
and gynecology is helping a patient face the loss, 
or termination of a pregnancy. This can occur ei- 
ther intentionally (through an abortion), or unin- 
tentionally through a miscarriage, spontaneous 
abortion, or the death of a fetus by other causes. 

When a woman has undergone an elective 
abortion, the Qigong doctor must not only con- 
sider the potential for scar tissue formation and 
physical complications within her uterus, but also 
the energetic and emotional complications result- 
ing from the abortion. 

While treating the patient, the doctor may dis- 
cover within the uterus what appears to be the en- 
ergetic remains of the aborted embryo. These phan- 
tom embryos may in fact be thought forms created 
by the mother’s feelings of guilt and shame at hav- 
ing undergone an abortion. These difficult emotions 
are further compounded by deeper feelings of self- 
hate, that go unnoticed by others. 

Most people feel little compassion for women 
who suffer a miscarriage, and discourage them 
from grieving. They are frequently advised by well 
meaning friends to believe that the miscarriage 
was all to the good, preventing a possible de- 
formed or sickly baby from being born. 

If women who miscarry are discouraged from 
grieving, those who make the painful decision to 
abort often face scorn and disbelief when they 
grieve their loss. Silently they mourn as best they 
can, haunted by feelings of shame imposed upon 
them by others and their own conscience. 

Most women struggle long and hard before 
resorting to abortion. Afterwards, they often ob- 
sess about the living embryo, and what it felt like 
to be pregnant, centering all their attention on the 
uterus. Such intense, emotional concentration cre- 
ates phantom embryos that, in fact, take on the 
form of ghostly embryos. These thought forms or 
energetic imprints are clearly visible to the 
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doctor’s inner vision. The energetic imprint con- 
tains the location, exact age and size at the time of 
the embryo’s termination. The unprocessed ener- 
getic charge of the embryonic ghost’s location cre- 
ates an energetic vortex. This vortex, in turn, 
draws emotions such as rage, anger, guilt, and 
shame into itself. If this area is not purged, the 
resulting accumulation of negative emotions will 
develop into cysts, tumors, and possibly cancer. 

This energetic reaction to surgical abortions has 
been confirmed by several Western doctors (all 
wishing to remain anonymous). These doctors ob- 
served that after many years of performing abor- 
tions, within a very short time period several pa- 
tients (whose ages ranged from 16 to the mid 30's) 
developed reoccurring cysts and tumors. The loca- 
tion of the cysts or tumors in the majority of the 
patients uteri was at the exact tissue area of the 
embryo. 
HEALING THE ENERGETIC TRAUMA 

When the patient has decided to heal from 
her loss, she must not only address her physical 
condition (scar tissue formation, etc.), but also heal 
from the spiritual and emotional woundings as 
well. To assist the patient to heal emotionally and 
disperse the energetic charges, the doctor must 
help the patient transform the energy stored 
within her Wu Jing Shen, which is responsible for 
maintaining the toxic energetic pattern. Only af- 
ter experiencing and releasing the emotions stored 
within the Wu Jing Shen (see Chapter 13) is the 
patient ready to heal. The healing process is di- 
vided into three distinct steps: 

1. The patient is encouraged to completely for- 
give herself for losing the child and to recon- 
nect with her higher power. 

2. The patient is encouraged to completely for- 
give herself for being in the situation, and as- 
sume the responsibility of the pregnancy and 
the loss. 

3. The patient is encouraged to completely for- 
give the person responsible for making her 
pregnant. 

It is important for the patient to completely 
feel and experience all three stages of forgiveness 
in order to begin healing these energetic wounds. 


Withholding the smallest bit of guilt or anger will 
seek to sabotage the healing process, and will also 
allow the toxic energetic charge to remain within 
the patient’s tissues. Even the smallest bit of an- 
ger or guilt that remains will continue to recreate 
a destructive energetic cycle, storing and retain- 
ing the patient’s toxic emotions. 

RELEASING THE EMBRYO’S ETERNAL SOUL 

The purpose and goal of releasing the embry- 
onic thought form is to free the patient from the 
energetic remnants of the phantom embryo. The 
patient is encouraged to make peace with herself 
and with the energetic form of her unborn child, 
as well as the divine (God or higher spiritual force 
incorporated in the patient's own belief system). 
The patient does this through deep, meditative 
prayer, positive affirmation, and an attitude of 
honor and respect for the relationship between 
herself and the embryo’s energetic remains. Even 
though the Eternal Soul does not remain present 
during the abortion, the mother may still need to 
atone for her decision not to bring the baby to 
term. This atonement may be necessary to fully 
release all feelings of guilt in accordance with the 
patient's religious belief system. 

The patient must also make peace with the 
embryo’s Eternal Soul, by enveloping the phan- 
tom embryo in a circle of divine healing light and 
love, to return it back to the divine. In order to 
achieve this, it is helpful for the patient to visual- 
ize creating a small energetic bubble, full of love 
and healing light, to house the departed embryo’s 
energetic remains before returning it back to the 
divine. This serves to complete the emotional clo- 
sure. Once closure is established, the energy of the 
embryo’s energetic remains will leave her body, 
allowing the patient to feel a fulfilling sense of 
release, completion, calmness, and inner-peace. 


UNDERSTANDING ENERGETIC 
ABORTIONS 

The gift of life is an incredible miracle. If a 
difficult decision is made to not keep a pregnancy, 
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however, then the patient should consider con- 
tacting the embryo’s Eternal Soul. Through prayer, 
meditation, imagination, and visualization, the 
mother and father can connect to the developing 
embryo and request that the embryo’s Eternal Soul 
return back to the light of the divine. Sometimes 
called an energetic abortion, this energetic trans- 
formation can take place within the first develop- 
ing stages of the mother’s pregnancy. 

Since the Eternal Soul is ageless, it is possible 
to carry on a mind to mind conversation. When a 
baby is born, its brain must have time to develop 
before it can grasp complex information; the mind 
itself must have time to direct the brain’s growth 
and the body’s maturation. Once the Eternal Soul 
is freed from the body, however, it is not confined 
by the physical limitations of the infantile brain and 
should be spoken to as an equal. This method is 
used by psychotherapists on the leading edge to- 
day, using hypnosis to facilitate the patient's con- 
nection to the Eternal Soul through visualization. 

Patients who have undergone age regression 
psychotherapy to the state of conception and em- 
bryonic state often describe visiting the mother’s 
womb during the time of conception, then leav- 
ing and returning at various times during the 
embryonic stage of development. The Eternal 
Soul's residence does not appear to be permanent 
until the end of the first trimester (see Chapter 2). 
Until then, the Eternal Soul may come and go as 
it chooses, staying, at times, just long enough to 
insure the continued growth and development of 
its physical body. 

It may be for this reason, that talking mind to 
mind with the embryo’s Eternal Soul to request 
its departure, is often successful in precipitating 
a miscarriage. As the Eternal Soul leaves the 
embryo’s body (sometimes observed as a small 
ball of white light energy), all that remains in the 
mother’s womb is an empty, lifeless mass of tis- 
sue. Usually the mother’s body will naturally 
abort the lifeless tissue mass, either immediately, 
or by the next morning. 
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CHAPTER 52 


QI EMISSION THERAPY FOR NEUROLOGY (STROKE, 
COMA, PARALYSIS, AND MULTIPLE SCLEROSIS) 


INTRODUCTION 

Neurology is a branch of medicine that deals 
with the nervous system and its diseases, as well as 
neuropathology. Neuropathology is the study of 
diseases of the nervous system and the structural 
and functional changes occurring within them. 
Neurological diseases are divided into either con- 
genital predispositions that develop over time into 
full-blown disorders, or those in which acquired 
destructive pathogenic factors act upon the brain. 
The latter are usually caused by toxic, traumatic, 
mechanical, inflammatory factors or neoplastic 
types of diseases (abnormal tissue formation). 

The following is a description of several treat- 
ments and prescriptions used in various Qigong 
clinics and hospitals throughout China. Please be 
aware that specific treatments will vary accord- 
ing to each patient’s constitution and the nature 
of his or her diseases. 


STROKE (WIND-STROKE) 

Astroke is a sudden loss of consciousness fol- 
lowed by paralysis, and may be caused by one of 
several different factors, including a brain hem- 
orthage, the formation of an embolus or throm- 
bus in an artery, or the rupture of an extracerebral 
artery causing subarachnoid hemorrhage. 


ETIOLOGY 

Although a stroke occurs suddenly, in actual- 
ity, the causal factors build up for several years. A 
stroke can be caused from high blood pressure, 
diabetes, high cholesterol, chronic dehydration, 
overwork, emotional stress, irregular diet, exces- 
sive sexual activity and severe migraines. Strokes 
usually occur at night, or early in the morning (the 
same is true regarding heart attacks). 

There are four pathogenic factors involved in 
causing stroke. These factors are: Wind, Phiegm, 
Fire and Stasis. The Liver is dependent on the Kid- 


ney Water (Yin Qi) to moisten and soften it. If, 
however, the Kidney Yin becomes Deficient, this 
may cause the Liver Yang energy to grow, and to 
generate Fire. Excess Liver Fire may stir up Inter- 
nal Wind which causes the Qi and Blood to rebel 
upwards. Phlegm is then formed, which obstructs 
the cavities and vessels, causing the patient to lose 
consciousness. This can further develop into Pen- 
etrating Wind (i.e., stroke). Internal Wind may also 
develop from Heat and Phlegm caused by the 
patient eating too many sweet and fatty foods (ir- 
regular diet), overwork, emotional stress, exces- 
sive sexual activity, and inadequate rest. 

In the clinic, conditions referred to as stroke 
(Wind-Stroke) include cerebral hemorrhage, cere- 
bral thrombosis, cerebral embolism, and cere- 
brovascular spasm. These four conditions are 
termed in Western Medicine as “Cerebro-Vascu- 
lar Accident” (CVA), and include: Cerebral Hem- 
orrhage, Cerebral Thrombosis, Cerebral Embo- 
lism, and Cerebrovascular Spasm. 

1. Cerebral Hemorrhage consists of bleeding, 
which is caused from a rupture of a sclero- 
sed, or diseased vessel in the brain; 

2. Cerebral Thrombosis is an obstruction of a 
cerebral artery by a thrombus (blood clot); 

3. Cerebral Embolism is a condition which oc- 
curs when an embolus (bubble of air, or piece 
of a thrombus) detaches from a thrombus and. 
obstructs a cerebral artery; and 

4. Cerebrovascular Spasm (Ischemia) is a condi- 
tion which occurs when a cerebral vessel tem- 
porarily contracts, or constricts, impeding 
Blood flow. Hence, the oxygen supply is ob- 
structed sufficiently to cause symptoms. When 
reversible, or when there is no permanent dam- 
age, they are known as Transient Ischemic At- 
tacks, or TLA's. The TIA’s are pre-stroke symp- 
toms, commonly known as a mini-stroke. 


821 


SECTION 11: SPECIALIZED QI EMISSION THERAPY 


SYMPTOMS 

In dealing with stroke patients, it is impor- 
tant to differentiate between the severe type 
(which attacks the internal organs and channels), 
the mild type (which attacks only the channels), 
and the chronic type. 

Stroke manifestations can either arise inde- 
pendently from an attack on the channels, or as a 
result of an attack on the internal organs. After a 
severe type of stroke, the patient enters into the 
next stage, clinically manifesting symptoms simi- 
lar to that of the mild type. The shorter the time 
lapse before beginning treatment on a stroke pa- 
tient, the better the chances are for recovery. 

THE SEVERE TYPE OF STROKE 

Ina severe type of Wind-Stroke, the energy at- 
tacks the patient’s internal organs and channels. It 
is characterized by a loss of consciousness, apha- 
sia, numbness, paralysis and/or coma. If the right 
side of the brain is damaged, there will be paralysis 
on the left side of the patient's body with accompa- 
nying memory defects and language difficulties. Lf 
the left side of the brain is damaged, there will be 
paralysis on the right side of the patient's body, 
speech and language difficulties, slow, cautious 
movements, and memory problems. 

Clinically, severe stroke patients are further 
classified into two categories: Tense or Flaccid. The 
Tense type (also referred to as the Closed type) 
corresponds to the Collapse of Yin. The Flaccid 
type (also referred to as the Open type) corre- 
sponds to the Collapse of Yang. These conditions 
and symptoms are further described as follows. 

1. The Tense Stroke Symptoms include: clenched 
hands, open eyes, clenched jaw, red face, 
coarse breathing, and a forceful pulse. 

* Treatment for Tense Stroke conditions. Res- 
cue the patient's Yin by giving herbs, as well as 
extending Qi into the patient’s GV-20, -26, Kd- 
1, Lv-3, St-40, and the 12 Jing-Well points on 
both hands (Lu-11, LI-1, Ht-9, SI-1, Pe-9, TB-1). 
The patient should be given homework upon 
recovering, depending on his or her constitu- 
tion. 

2. The Flaccid Stroke Symptoms include: limp 
hands, closed eyes, open mouth, weak breath- 


ing, and a weak pulse. 
* Treatment for Flaccid Stroke conditions. Res- 
cue the patient's Yang by giving herbs, as well 
as extending Qi into CV-8, CV-6, and CV-4 
points, and GV-20 points (with or without the 
application of Moxa), to increase the patient's 
Yang. Patient should be given homework upon 
recovering, depending on his or her constitu- 
tion. 
THE MILD TYPE OF STROKE 

In the Mild Type of Wind-Stroke, the energy 
attacks only the patient’s channels. This is charac- 
terized by numbness, slurred speech, and unilat- 
eral paralysis. Clinically, mild stroke patients are 
further classified into two categories that are deter- 
mined by the type of channels that are attacked. 

1. An attack of the main channels causes no loss 
of consciousness or coma; however, there will 
be unilateral paralysis (hemiplegia), numbness 
of the limbs and deviation of the eye and mouth, 
Clinical manifestations vary according to the 
location of the channels and collaterals that 
have been affected. 

a. Symptoms of an attack on the channels 
include: facial paralysis, hemiplegia, 
motor impairment and numbness of the 
limbs. 

b. Symptoms of an attack on the coliater- 
als consists of a unilateral numbness of 
the face and extremities. 

2. An attack of the connecting channels is char- 
acterized by numbness. 

* Treatment for mild stroke conditions. In or- 
der to treat a Mild stroke condition combine 
Medical Qigong therapy with acupuncture 
therapy and herbs, to: 

a. Remove obstructions from the patient's 
channels, 

b. Purge Wind and transform Phlegm, 

c. Invigorate the patient’s connecting 
channels, 

d. Regulate the circulation of Qi and Blood 
in the patient’s channels, and 

e. Prescribe homework in accordance with 
the patient's constitution and condition. 

In the acute stage, stroke patients should im- 


mediately be treated in combination with West- 
ern medicine, utilizing Qigong, acupuncture and 
herbal therapy. Treatments should be given ev- 
eryday (usually every six hours) for the first 
month, and every other day for the second month. 
The general treatment is aimed at relieving the 
patient’s spasms, and lowering his or her blood 
pressure (if the condition is due to hypertension). 
The primary points treated are determined by the 
type of stroke, which internal organs were af- 
fected, and the extent of damage to the patient. 


THE CHRONIC TYPE OF STROKE 

This condition is characterized by slurred 
speech or an inability to talk or eat, and involves 
either a unilateral (hemiplegia) or bilateral 
(paraplegia) paralysis. 
* Treatment for Chronic Stroke conditions. In 
order to treat a chronic stroke condition the 
Qigong doctor must invigorate the patient's 
Blood, tonify the Spleen and open the 
patient’s channels. The specific points will 
vary according to the area and location where 
the channels are blocked, The most commonly 
used points include: St-4, St-6, St-7, TB-17, GB- 
14, LI-4, SI-18, Tai Yang (Temple), and Yin Tang 
(Third Eye Point). 
If the body is in a state of unilateral paraly- 
sis, the doctor also treats the opposite side of 
the patient’s head using Jing Point Scalp 
Therapy, in order to move stagnation, purge 
any Excess, and stimulate and fill any Deficien- 
cies. 
COMA 

A coma is an abnormal, deep stupor occur- 
ring during illness, as a result of the illness, or due 
to an injury. 
ETIOLOGY 

From a Traditional Chinese Medical perspec- 
tive, a coma results from Qi obstruction to the 
brain. More then 50% of coma cases result from 
trauma to the head, or circulatory accidents in the 
brain. Acoma can be initiated from several differ- 
ent types of conditions. 

1. A trauma induced coma is caused by an in- 
jury to the head as a result of accidents and 


CHAPTER 52: GI EMISSION THERAPY FOR NEUROLOGY 


internal hemorrhages. Electrocution can also 
induce a coma. 

2. Insufficient Blood flow to the brain can cause 
a coma. This can result from circulatory acci- 
dents within the brain caused from hyperten- 
sion, arteriosclerosis, thrombosis, and tumors. 

3. Anoverdose of drugs, alcohol or medications, 
poisoning, gases or fumes such as carbon di- 
oxide or carbon monoxide can all induce a 
coma. 

4, Temperature abnormalities, such as hypoth- 
ermia or sunstroke can cause vomiting, diar- 
thea, shock and then coma. 

5. Insulin shock, epilepsy, electrolyte abnormal- 
ities, endocrine problems, meningitis, uremia 
or renal problems, and hyperglycemia can all 
induce a coma. 

6. An infection induced coma is caused by an 
acute infection and bacterial intoxications as 
in fevers, botulism, and other infectious dis- 
eases; or as a result from abscess formations. 

7. Psychogenic comas are also known as a hys- 
terical coma. 

8. Windstroke comas are caused by tension, hy- 
peractive Liver Yang and Phlegm Fire over- 
heating the brain. This results in urine and 
stool incontinence, cerebral hemorrhaging, 
and thrombosis. This is often located at the 
union of the anterior and posterior cerebral 
arteries, called the Circle of Willis. 


SYMPTOMS 

When a patient is in a coma, the Shen is com- 
pletely out of its residence and the patient cannot 
be aroused by external stimuli. The patient’s Shen 
is inactive, yet the Hun and Po are still there. For 
death to occur, it is not enough for the patient’s 
Shen to leave, but the energy of the Hun and Po 
must also leave. 
TREATMENT 

In treating coma patients, it is mandatory to 
use methods that will activate the patient’s Qi, 
remove the Blood stasis, and return the Shen back 
into the body. In the acute stages of treatment, use 
Medical Qigong therapy in addition to the Invis- 
ible Needle technique (see Chapter 35). It is most 
important to treat the coma patient as soon as pos- 
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sible. 1 have trained with three doctors of Tradi- 
tional Chinese Medicine who were proficient in 
coma revival. Below are two accounts of coma 
revival cases from Dr. Lu Guo Hong’s clinic at the 
Hai Dan Medical Qigong College in Beijing, 
China. 

Case Study #1. Dr. Lu’s patient had been ina coma 
for four hours prior to treatment. The patient re- 
gained consciousness within fifteen minutes dur- 
ing the treatment. Dr. Lu treated his patient using 
the Vibrating Palm technique (on points GV-20, 
Yin Tang, GV-15, CV-17, BI-15, Pc- 6, TB- 5, and 
the extra points Shi Xuan at the tips of the fin- 
gers). By squeezing the Shi Xuan points, the Ex- 
cess Heat was allowed to disperse (Figure 52.1). 
Case Study #2. A female patient apparently in- 
curred a series of Transient Ischemic Attacks (TIA) 
over a period of two years prior to coming to Dr. 
Lu. As the condition progressed, she developed a 
thrombosis on the left side of the brain, which 
paralyzed the right side of her body. The patient 
then apparently incurred thrombosis of the right 
side as well. 

Because there were thrombosis on both sides 
of the brain, the patient was expected to die within 
a month. Dr. Lu, assisted by two other doctors, 
treated the patient for three days using the Ex- 
tended Fan Palm technique, Invisible Needles, 
and Vibrating Palm technique. In this particular 
case, the doctors used the same points as in the 
previously mentioned case to cultivate the 
patient’s Yuan Qi, adding points Bl-23, GV-4, CV- 
4, and CV-8. The patient was treated twice a day 
for 15 minutes, both morning and evening. 

On the fourth day, the patient regained con- 
sciousness, and the treatment was continued once 
a day for a month using the Conception and Gov- 
ering Vessel circulation points (to move the Qi 
along the Microcosmic Orbit), in addition to points 
on the arms including LI-4, LI-11, LI-15, TB-5, and 
TB-14 points. 

When treating the lower limbs, he used GB- 
30, GB-31, GB-34, Sp-6, Sp-10, and St-41 points. 
The patient was given prescriptions and home- 
work, specific to her constitution, state of con- 
sciousness, and motor control. 
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Figure 52.1. Common Points used for Coma Revival 


The patient gradually regained movement in 
her limbs. Once the patient could move her limbs, 
she was given Dynamic Qigong to increase the 
flow of energy to her extremities. This included 
meditations and exercises that used guided im- 
agery to regain muscle cellular memory. After two 
months, the treatment time was changed to every 
other month until the patient was fully restored. 


FACIAL PARALYSIS (BELLS PALSY) 
This condition is known as the sudden onset 
of unilateral facial paralysis. 


ETIOLOGY 

The patient experiences the swelling of the 
seventh facial nerve due to the External Wind and 
Cold invasion. 


SYMPTOMS 

The disease is characterized by hemiparalysis 
of the face which manifests as numbness of the 
affected area, deviation of the eye and mouth, dis- 
torted mouth with the corners tilted on the healthy 
side, and a half closed eye with dacryorrhea (ex- 
cess tear flow). 


TREATMENT 

For this type of paralysis, it is important that 
the Qigong doctor treat the patient as soon as pos- 
sible. The shorter the duration time from the ini- 


tial onset and the treatment, the more successful 
the therapy tends to be. 

1. Begin by purging the Toxic Qi out from the 
patient’s face and head area, dredging the 
Toxic Qi down the arm and out the LI-4 point. 

2. Using the Extended Fan Palm hand technique, 
emit Qi into the affected area, guiding the Qi 
to circulate in the Microcosmic Orbit from the 
anterior to the posterior of the patient’s head. 

3. Finally, initiate the Fire Cycle Microcosmic 
Orbit to regulate the patient's Qi. 

TREATMENT MODIFICATIONS 

¢ For treatment of the first stage of paralysis, the 
doctor is advised to apply gentle Pressing and 
Kneading techniques to the patient's face be- 
fore using the Extended Fan Palm hand tech- 
nique. 

¢ To treat patients whose paralysis has remained 
in a chronic state, the doctor is advised to use 
deep pressing and kneading techniques before 
using the Vibrating Palm technique. 


PRESCRIPTIONS AND HOMEWORK 

1. Have the patient massage the affected side of 
the face from the corner of the mouth to the 
ear and forehead, down over the side of the 
ear and down the side of the neck 81 times. 

2. The patient then focuses on specific areas on 
the face, circle massaging with the tips of the 
thumbs for 24 times. 

3. Finally, the patient is given the Wash the Face 
and Massage the Head exercise to perform for 
18 times (see Chapter 39). 


MULTIPLE-SCLEROSIS (MS) 

In Chinese medicine, multiple sclerosis is con- 
sidered a type of Atrophy Syndrome. It is an in- 
flammatory disease of the central nervous system 
in which infiltrating lymphocytes (predominantly 
T cells and macrophages) deteriorate the myelin 
sheath of nerves. Its pathology consists in the par- 
tial destruction of the myelin sheath around the 
spinal cord, brain and optic nerves. 


ETIOLOGY 

Multiple sclerosis is suspected to be an au- 
toimmune disease, somehow linked to a viral in- 
fection originating from an invasion of External 
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Dampness (especially in the beginning stages). As 
the External Dampness invades the body it be- 
gins to obstruct the channels, causing heaviness, 
numbness, and tingling in the limbs. 

Diet is another contributing factor. The exces- 
sive consumption of greasy fried foods, dairy 
foods, or Cold foods can impair the Spleen, lead- 
ing to the formation of Dampness. 

In the later stages of MS, excessive sexual ac- 
tivity can also be a contributing factor for weak- 
ening the body and escalating the disease’s pro- 
gression. Excessive sexual activity can weaken the 
patient’s Kidneys, contributing to such symptoms 
as dizziness, blurred vision, urgency or hesitation 
of urination, and extreme weakness of the legs. If 
excessive Liver Yang develops, symptoms will 
also include stiffness of the legs, severe vertigo, 
and vomiting. In the later stages of development, 
Liver Wind can cause tremors and severe spasms 
of the patient’s legs. 

Clinically MS is categorized as either a pas- 
sive aggressive type of disease, in which episodes 
of neurologic dysfunctions are followed by times 
of remission, or a steady progression of neurologic 
dysfunction. 

SYMPTOMS 

The symptoms of MS were once thought to 
develop gradually; however, this is not necessar- 
ily true. In about 40% of clinical cases, the onset 
may occur in less than a few hours. In about one 
half of the patients, at onset the symptoms include 
weakness, or numbness in one or more limbs; later, 
the tendon reflexes become hyperactive. 

In young patients the first obvious symptom 
is often retrobulbar neuritis (inflammation of the 
nerves behind the eyeball) causing blurred vision. 
In older patients the most common symptom is 
weakness of the legs. 

Patients may experience vertigo, retrobulbar or 
optic neuritis, double vision, unstable walking, 
vomiting, and difficulty urinating. Also included 
are numbness or tingling of the extremities, as well 
as periodical electric shocks radiating through the 
limbs. These symptoms may be due to optic nerve, 
brain stem, cerebellar and spinal cord involvement. 

Traditional Chinese Medicine divides these 
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symptoms into two categories of clinical manifes- 
tations: Damp Phlegm with Spleen Deficiency, and 
Liver and Kidney Deficiency. 

Clinical manifestations in patients with Damp 
Phlegm and Spleen Deficiency include feeling 
weak and tired, dizzy, as well as numbness, tin- 
gling and feeling of heaviness in the legs. 

Clinical manifestations of patients with Liver 
and Kidney Deficiency include progressive weak- 
ness of the back, legs and knees, blurred vision, 
dizziness, poor memory, and a hesitancy, or an 
urgency to urinate. 

TREATMENT 

There are two basic treatment patterns in 
Medical Qigong for multiple sclerosis. If the treat- 
ment is started within its early stages, the symp- 
toms can be completely eliminated, and the pro- 
gression of the disease indefinitely stopped. This, 
of course, must be done in conjunction with an 
alteration in the patient’s eating habits (no red 
meat, processed meat, sugar additives, or high fat 
diary products). The patient should reduce the 
amount of sexual activity, get plenty of rest and 
exercise, and avoid allergy causing agents. Treat- 
ments are described as follows. 

1. To treat a patient with Damp Phlegm and 
Spleen Deficiency, first resolve the Dampness 
by purging the patient’s torso and extremi- 
ties. Next Dredge the Toxic Qi down the legs 
and out the Sp-9, and Sp-6 points. After purg- 
ing, emit Qi into the Yellow Court (CV-12) to 
tonify the Spleen. Finally tonify the patient's 
Lower Dantian and regulate his or her Micro- 
cosmic Orbit (Fire Cycle). 

2. To treat a patient with Liver and Kidney De- 
ficiency, first tonify the patient’s Kidneys and 
Liver by emitting Qi into the patient’s 


Mingmen and Lower Dantian. Next emit en- 
ergy into the patient's Bubbling Spring (Kd- 
1) points and direct the Qi to flow up the 
patient’s Yin Channels into the patient's 
Lower Dantian and Kidney area. Finally, regu- 
late the patient’s Microcosmic Orbit (Fire 
Cycle). 
PRESCRIPTIONS AND HOMEWORK 
Patients often benefit from Medical Qigong 
exercises such as the Descending the Yang and 
Ascending the Yin Technique, Walking Therapy, 
Daoist Five Organ Exercises, as weil as Taijiquan 
(Tai Chi Chuan) practice. One prescription I have 
found to be very effective in treating MS patients 
is as follows. 

1. Have the patient sit in a chair, feet flat on the 
ground, hands resting on the knees, anal 
sphincter closed, tongue touching the upper 
palate while inhaling and exhaling through 
the nose. 

2. While using natural breathing, the patient fo- 
cuses on the Lower Dantian to create an en- 
ergy ball. With each inhalation, divine heal- 
ing light is absorbed into the body and stored 
in the Lower Dantian. With each exhalation, 
this healing light radiates within the Lower 
Dantian. After several minutes, the patient 
notices the Lower Dantian becoming full of 
heat and light. 

3. Next, the patient imagines the energy ball in 
the Lower Dantian leaving the body through 
the coccyx into the Earth upon exhalation. 
Upon inhalation, the patient imagines the en- 
ergy flowing up the center of both legs and 
filling the Lower Dantian. This meditation 
should continue for at least 20 to 30 minutes 
per sitting. 
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INTRODUCTION TO ENERGETIC 
PSYCHOLOGY 

The object of Chinese psychology is to study 
and understand the interplay of internal and ex- 
ternal events on physical, mental, emotional, en- 
ergetic and spiritual dimensions of human exist- 
ence. These interactions include the human quali- 
ties and characteristics, as well as the fundamen- 
tal attributes that exist and evolve within the 
changing environment and evolutionary develop- 
ment of nature. These interactions at the most fun- 
damental level can be viewed as the transforma- 
tional interactions of Yin into Yang, and Yang into 
Yin vibrational energy. 

All matter vibrates regardless of its form (gas- 
eous, liquid, solid, or in a transitional state such 
as ice melting into water). The human body re- 
ceives these vibrations through the skin, eyes, ears, 
nose, and mouth, and records them in its cells. 
The mind interprets these incoming vibrations as 
images, sounds, smells, and sensations, and or- 
ganizes these into memories. The extent to which 
the mind interprets the incoming data, depends 
upon the level of consciousness and awareness of 
the individual at the time of the recording. In times 
of danger, alertness normally increases and con- 
sciousness either expands or focuses more sharply 
until the danger is past; or if an injury occurs con- 
sciousness and awareness may be lost (e.g., a car 
crash). 

When a Qigong doctor, attunes his or her vi- 
brations to the patient’s energetic field and emits 
Qi, the body’s cells responsible for storing the vi- 
brations are stimulated. The doctor’s intention to 
heal the patient by releasing traumatic memories, 
combined with his or her projected Qi, often 
causes the patient to relive the original traumatic 
experience as the recorded vibrations are released. 
The Qigong doctor (still in tune with the patient’s 


energy) is receptive to the patient's reaction and 
is able to interpret the released energy in the form 
of images, sensations, smells, sounds, and emo- 
tions while they are being reexperienced by the 
patient. If the doctor is sufficiently attuned, he or 
she may even pick up the conscious thoughts of 
the patient during this process. 

As doctors tune in to their patients’ cell emis- 
sions they are also able to project their own thoughts 
and interpretations of these memories back to the 
patients. This creates a positive feedback system, 
wherein the doctors’ thoughts can influence the 
patients’ thoughts and emotional reactions. 
Through thought transmission, Qigong doctors are 
often able to break the vicious cycle of negative 
thinking that so often leads to disease in the body. 

In Western psychology, it is believed that a 
person’s tendency to interpret events - even nega- 
tive imaginary events (e.g., assigning malicious 
intentions to peoples’ actions), can result in a self- 
fulfilling prophecy. By assuming and expecting 
the worst behavior in people, such a person al- 
ways feels on the defensive and provokes others 
around him or herself to anger or irritation, thus 
reinforcing the negative viewpoint. 

Chinese energetic medicine adds to this 
simple behavioral understanding of self-fulfilling 
prophesies, a new level of comprehension based 
on energetic interchange between people. When 
someone observes, or imagines, a specific nega- 
tive thing happening, certain brain cells record this 
information in the form of vibrations. These vi- 
brations can be received by another person’s cor- 
responding brain cells and projected back to the 
original sender, reinforcing the negative interpre- 
tation of the event(s). If this feedback loop contin- 
ues - an imaginary wrong may become manifest, 
i.e., the negative event imagined actually occurs. 

It is believed that different cells store differ- 
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ent types of information, received in the form of 
vibrations. The silent thought communications 
between doctors and patients is believed to in- 
volve different sets of cells than those used to re- 
ceive and record emanations of divine energy. 
These cells interrelate with the patient's emotional 
changes that are stored and released from the Yin 
and Yang organs and tissues, and are expressed 
through the patient’s Wu Jing Shen. 

The patient’s ontology also includes the 
patient’s growth and self-realization in relation- 
ship to the Wu Jing Shen (Five Essence Spirits) 
and the emotions stored within the body’s Yin and 
Yang organs. Each of the Five Yin Organs has a 
Yin and a Yang aspect within its energetic sub- 
stance, as well as emotional factors, and dynamic 
interconnections. The Yin and Yang aspects give 
rise to the Creative and Controlling Cycles and 
the Five Yin organs with their associated elements 
and emotional energies (Figure 53.1 - 53.3). 


THE EMOTIONAL ENERGY STORED 
WITHIN THE FIVE YIN ORGANS 

Traditional Chinese Medicine classifies the 
etiology of diseases into Internal and External 
physical, mental, emotional, energetic, and spiri- 
tual influences. In Chinese psychology, the pri- 
mary focus is placed on the “root” of the ener- 
getic/emotional dysfunction. The root of the en- 
ergetic/emotional dysfunction is often the un- 
processed emotions which are stored in their as- 
sociated organs. Once the patients’ mental and 
emotional symptoms have been alleviated, the en- 
ergy that was being used to suppress the exces- 
sive emotions, is then freed to be focused on their 
physical healing. 

Traditional Chinese Medicine also recognizes 
the power of thoughts, images (including psy- 
chotic delusions and hallucinations), and fanta- 
sies to generate and release emotions. Qigong 
doctors study these images and emotional reac- 
tions of attraction or aversion to evaluate their 
patient's condition. When traumatic memories 
and emotions are suppressed over a long period 
of time, or are still fresh in the mind, any minor 
incident can precipitate a tidal wave of emotions. 
A rapid influx of thoughts and images sweeps 
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Summary of the Five Elements 


Anger, irritation and rage 
Joy, happiness, pleasure 
and excitement 


Worry, sympathy, 
anxiety, contemplation 
and meditation 


anes Grief, sorrow, anguish, 
g distress and heartache 
; Fear, terror, panic, horror 


Figure 53.1. The Five Elements, Organs and 
Acquired Emotions 


Wood 


Earth | Spleen 











through the mind, too fast for the conscious brain 
to register. These thoughts and images are of past 
painful experiences, and are loaded with emo- 
tional energy. Getting cut off by someone on the 
freeway, for example, may cause a momentary 
reaction of surprise, or an explosive enduring rage, 
depending upon the condition of the Five Yin 
Organs. In the latter case, the driver is over- 
whelmed by the Liver’s sudden release of rage, 
triggered by the traumatic images and emotions 
from the past. 

Clinical pathology is considered an Excess or 
Deficiency of the emotions at the level of the Five- 
Elements and their corresponding organs. The 
Excess or Deficiency of an internal organ can cause 
a release of thoughts or images that sweep through 
the patient’s mind, bringing a sudden emotional 
response. In some instances these emotions first 
affect a specific organ, and then the entire balance 
of energy, as the first organ’s energetic field dete- 
riorates or adversely expands. When emotionally 
charged Qi is trapped within the tissues of the 
patient’s internal organs, it travels through the 
channels, affecting the metabolic order of the vis- 
cera, glands and nervous system. 






Creative Cycle 


et [now [oes 
Creates Worry | Earth 
earth | Worry | Creates Grief 

is [ot [een 


Figure 53.2. The Creative Cycle 
















Emotions consist of energetic light that is ei- 
ther tempered and softened by the patient's be- 
lief structure and energetic fields. When the emo- 
tions and life purpose are in harmony, the Wu Jing, 
Shen become focused; the Hun and Po do not dis- 
perse, grief and anger do not arise, and the Five 
Yin Organs effectively combat pathogenic influ- 
ences. If this energetic light becomes unstable, i.e, 
too Excessive or Deficient, the patient’s inner 
strength and individual nature begins to undergo 
dramatic changes. 

The body’s internal organs and their relation- 
ship to the Five Elements are as follows. 


EXCESSIVE ANGER INJURES THE 
LIVER (Woop) 

The Chinese character for anger (Nu) is de- 
picted by the Heart ideograph underneath two 
characters, a woman (placed on the left) and some- 
one who has the upper hand (placed on the right). 
It expresses the feeling and frustration of an en- 
slaved woman being dominated by someone. 


PATHOLOGICAL MANIFESTATIONS OF ANGER 

Pathological anger is considered the perverse 
movement of the element Wood. Anger is a gen- 
erated force that has the potential to unleash ex- 
plosive amounts of Qi, pushing the energetic 
manifestations to the extreme. 
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Figure 53.3. The Controlling Cycle 





















THE YIN AND YANG ASPECTS OF ANGER 

The emotion of anger can be divided into Yin 
and Yang tendencies. The Yang type of anger can 
burst out due to accumulated pressure, resulting 
in the upward flow of massive amounts of Blood 
and Qi. The Yin type of anger implodes, remain- 
ing buried or held inside, thereby causing inter- 
nal agitation and dissatisfaction which generates 
blockages. 

The Liver’s negative nature is one of being 
stubborn and rude; its positive nature is one of 
being compassionate, unselfish, kind, and merci- 
ful. The rising of Heat from the Liver’s Qi corre- 
sponds to the level of anger; since the Liver stores 
the Blood and the Blood stores the Hun (Ethereal 
Soul). When the Hun leaves the body due to an- 
ger and rage, the animal nature of the Po take over. 
As the individual's Liver Fire rises, it causes the 
eyes and the face to become red. Liver Fire can 
also injure the Liver as well as the Blood, bile and 
Body Fluids associated with this organ. 

ANGER AFFECTING THE LIVER 

When Liver Qi becomes depleted it retracts, 
causing the emotion of fear to arise. When Liver 
Qi fills to Excess, the result is progressive restless- 
ness, irritability, anger, and rage. In some in- 
stances, these emotions affect the entire balance 
of energy so that the organ begins to deteriorate. 
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Anger can cause trembling of the entire body due 
to the Liver’s control of the tendons and ligaments. 

When an individual experiences any type of 
boundary invasion, the Liver Qi triggers the Heart 
(Shen) to recall from its long term memories past 
traumas (containing both anger and fear). At the 
same time, the Liver also drains the Kidney Qi to 
meet the apparent life-threatening situation; this 
prepares the body for the flight or fight response. 
The power of the emotional response causes the 
Heart to go into shock and prevents the Shen from 
directing the mind. Thus another trauma is expe- 
rienced by the patient's interpretation of the event 
(e.g., getting cut off on the road) and will auto- 
matically trigger an exaggerated emotional re- 
sponse in the future. 

Given that the Liver is the mother of the Heart 
(responsible for long term memory) and the child 
of the Kidneys (responsible for short term 
memory), the Liver can drain the Kidneys and 
flood the Heart with anger, causing one’s mind to 
go blank and the face to turn red. 

ANGER AFFECTING THE SPLEEN AND 
STOMACH 

Anger can damage the Spleen and Stomach, 
causing digestive problems, loss of appetite, and 
a sour taste in the mouth. These symptoms are 
directly related to the level of anger. 


ENERGETIC PATTERN OF ANGER 

The Qi pattern of anger has a very hot energy 
associated with it. When discharged, this hot en- 
ergy swells up like a tidal wave expanding from 
behind the person’s back over the head (Figure 
53.4). It crests over the head and rushes forward 
like a wild animal attacking. The emotion also 
travels from the groin up the back of the body and 
out through the eyes. 

Grief controls anger as metal cuts wood. At 
the root of anger is pain and sorrow. The anger 
protects the patient from feeling the initial hurt 
that festers like an infected wound. When the doc- 
tor lances the wound, allowing the toxic anger to 
drain, the uncovered original hurt can heal cleanly. 
Anger is transformed to sorrow and grief. The 
compassionate, non-judgmental attitude of the 
doctor allows the patient to grieve openly. The re- 


830 





Figure 53.4. Anger rushes from the Liver over the back 
like a tidal wave, causing the Qi to ascend. 





lease of toxic anger and pain enables the patient 
to listen to the Hun. By focusing on the patient's 
emotional hurt from past experiences, which are 
the root of his or her anger, a shift from anger to 
hurt occurs. This exchange of emotions allows the 
patient to confront the hurtful past memories and 
discharge the toxic anger. 


EXCESSIVE JOY INJURES THE HEART 
(FIRE) 

The Chinese character for joy (Le) is depicted 
by the ideograph of a large drum, framed by bells 
mounted on a wooden stand. It expresses the feel- 
ing of rhythmical ceremonies and excitation. The 
character gives the image of a hand beating a 
drum during a festival (this same character is used 
for music). 


THE YIN AND YANG ASPECTS OF JoY 

When the Heart's emotions are balanced, they 
can be experienced as love, joy, happiness, excite- 
ment, and pleasure. This warmth radiates through 
the body affecting the expansion of free and easy 
Qi circulation. Joy is communicated and felt 
throughout the body, mind and soul. 


PATHOLOGICAL MANIFESTATIONS OF JoY 

Excessive joy and laughter can injure the 
Heart and scatter the spirit; the Qi becomes con- 
gested and the Heart flutters erratically. When the 
Heart Qi becomes depleted, it can no longer con- 
trol the Lungs: the emotion of grief arises, and 
when the Qi fills to Excess, hysteria results. Water 
extinguishes Fire, therefore the emotion of fear 
controls the emotion of joy. By supporting a hys- 
terical patient to become aware of his or her un- 
derlying fears, the doctor can startle the patient 
into a sense of sobriety. 

Pathological joy and laughter are considered 
the perverse movement of the element Fire. If the 
patient’s Fire becomes uncontrollable, the Qi - 
which expands outward towards the periphery - 
will cause the patient to become hysterical. After 
Fire has exhausted the patient's life-force, it leaves 
the patient exhausted, dazed, and disenchanted. 
The Heart's negative nature is confused, doubt- 
ful, and greedy; the positive nature is open- 
minded, loving, non-judgemental, and trustful. 


ENERGETIC PATTERN OF JoY 

Joyful feelings make the body’s Qi become 
soft and relaxed. This energetic pattern is expan- 
sive, and causes a slower movement of the Qi. As 
the Heart controls the blood vessels and stores the 
Shen, a joyful spirit produces a clear, calm mind 
and a healthy body. This energy bubbles out from 
the center core of the body and ripples out in all 
directions (Figure 53.5). A light energy gently 
flows from the recipient back to the person ex- 
pressing the emotion. While in this state, the 
patient’s head is usually held erect, the face is full 
of color, and the limbs are relaxed. 


EXCESSIVE WORRY INJURES THE 
SPLEEN (EARTH) 

When the Spleen Qi becomes depleted, all 
four limbs lose their strength and the Five Yin 
Organs become unstable. When the Spleen Qi be- 
comes Excessive, the body becomes swollen and 
the flow of urine and menses loses its smoothness. 
THE YIN AND YANG ASPECTS OF WORRY 

The emotions associated with the Spleen are 
relative to the energy expended in contemplation, 
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Figure 53.5. Joy bubbles out from the center core of 
the body, rippling out in all directions, causing the Qi to 
slow its flow. 


meditation, anticipation, and worry. Too much 
worry and thought produces Qi stagnation. A 
stagnant condition causes Stomach disorders, 
such as poor appetite, indigestion, ulcers, consti- 
pation, or diarrhea. Stagnation can also block the 
Shen, which is responsible for emotional and men- 
tal balance, and thus result in a lack of common 
sense. The Spleen’s negative nature is suspicious 
and self-centered; the positive nature is truthful, 
sincere, and compromising. 
WORRY AFFECTING THE MEMORY 

The Spleen stores the Yi, and the Yi stores 
ideas. The Spleen transfers short term memory to 
the Kidneys; the Kidneys later transfers the ac- 
quired memory to the Heart, which is responsible 
for long term memory. In trauma victims, the Kid- 
neys’ role in transferring memories, can also ac- 
count for the loss of memories that are too ter- 
rible to accept, since these memories are trans- 
ferred along with great fear, or fail to get trans- 
ferred at all. 
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THe ENERGETIC PATTERN OF WORRY 

When one is worried, the energy comes up 
from the Earth and congests in the Middle Dan- 
tian area, thus weakening the Wei Qi (Figure 53.6). 
CONTROLLING THE EMOTION OF WoRRY 

Because the element Wood controls the ele- 
ment Earth, the emotion of anger controls worry. 
It is very important that any anger uncovered be 
directed at the root cause, and not at the doctor 
who is trying to help a patient end a negative pat- 
tern. The doctor will gently challenge toxic belief 
structures held by the patient, until the patient 
begins to confront whatever issue is at the root of 
the anger. 

When the patient becomes angry with the 
doctor, it is generally a condition known as “trans- 
ference.” [f and when transference arises, the 
Qigong doctor can ask the patient, “Who do I re- 
mind you of right now?” or “When was the last 
time you felt this way?” Trace the patient's feel- 
ings as far back as possible. If the doctor gets mad 
at the patient, it is called “countertransference.” 
Both transference and countertransference can in- 
volve any emotion (e.g., falling in love, feeling 
afraid, etc.). 


EXCESSIVE SADNESS AND GRIEF 
INJURES THE LUNGS (METAL) 

The Chinese character for sadness (Bei) is de- 
picted by the Heart ideograph underneath the 
character for the back (placed on the top). It por- 
trays a picture of a person who has turned his or 
her back on the true feelings of the Heart. The Chi- 
nese character for grief (Ai) is depicted by the 
mouth ideograph (wailing, groaning, and lament- 
ing) placed within the center of the character of 
someone dressed in a special garment for mourn- 
ing. Pathological grief is considered the perverse 
movement of the element Metal. 

When grief is experienced, its natural move- 
ment of condensation begins to compress the 
Heart, interfering with Blood circulation. This 
obstruction destroys both the respiratory flow of 
the Lungs, as well as the body’s liquids. The Lungs 
store the Qi, the Qi stores the Po (Corporeal Soul). 
When the Lung Qi becomes depleted, shortness 
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Figure 53.6. Worry binds the Qi, causing the Qi to 
stagnate. 





of breath develops. When the Lung Qi becomes 
excessive, the result is a feeling of discomfort in 
the chest, panting, and difficult breathing. 


THE YIN AND YANG ASPECTS OF GRIEF 

The feelings associated with the Lungs are 
sadness, melancholy, grief, sorrow, and anxiety. 
The negative nature is cunning, jealousy, and pes- 
simism; the positive nature is generosity and righ- 
teousness. In the Five Elemental Controlling 
Cycle, the Lungs (Metal) affect the Liver (Wood). 
Excessive sadness from the Lungs can cause the 
Liver Qi to stagnate the Blood (Metal Overcon- 
trolling Wood), leading to possible intercostal and 
hypochondriac pain, bloating, and depression. 
GRIEF’S AFFECT ON THE INTERNAL ORGANS 

Grief disperses the Qi, and thus injures the 
Lungs. Crying can lead to the release of toxic an- 
ger (that suppresses the feelings of sorrow) and 
grief. Depression and despair may also be mani- 
festations of abnormal Liver Qi stagnation. When 
grief from the Lungs is excessive, the Spleen may 
be affected (this almost always happens after a 
major loss, such as a death in the family). 


THE ENERGETIC PATTERN OF GRIEF 

The external energetic patterns of grief and 
sorrow have a heavy, downward moving energy 
(Figure 53.7). The internal energetic patterns and 
manifestations of grief have a very thick, sticky 
energy, and a denseness like gelatin. Long peri- 
ods of extreme grief also injure the Heart, Peri- 
cardium, and the Triple Burner Channels. 


CONTROLLING THE EMOTION OF GRIEF 

Because Fire melts Metal, the emotion of joy 
controls grief. The grieving process is a very im- 
portant part of healing; however, chronic grief can 
be extremely detrimental, and when it is extreme 
and prolonged it can lead to spiritual oppression or 
possession. If the survivor cannot accept the death, 
he or she may prevent the departure of the loved 
one’s spirit for many years on end. The patient may 
beg the Eternal Soul not to leave and cling with un- 
relenting grief to the lost one’s energy. This type of 
dependency deepens, rather than lessens over time, 
as the patient opens more to receive the loved one’s 
spiritual essence. In so doing, other Gui (spirits) are 
given power to enter as well. 

After a death of someone loved, the patient may 
consciously suppress any joy or pleasure. The pa- 
tient may believe that to allow any relief to suffer- 
ing is tantamount to a betrayal of the deceased. This 
belief structure must be addressed by the doctor 
and patient. Establishing a sense of empathy with 
the patient will provide a safe environment for the 
patient to release the emotion of grief. The doctor 
can work towards empowering the patient to be- 
gin to recognize times of joy, and learn, or remem- 
ber, how to count his or her blessings, to let go of 
sadness and grief, and reclaim lost joy. 

Grief may give way to despair and anxiety. 
Because anxiety suppresses respiration, anxiety 
lowers the body’s resistance to pathogenic factors 
by weakening the Wei Qi; anxiety also damages 
the Large Intestine, resulting in symptoms that 
range from constipation to ulcerative colitis. 

Just as too much grief can cause inappropri- 
ate laughter, or gallows humor; too much laugh- 
ter masks the accumulated and suppressed grief. 
Gallows humor is a syndrome whereby the pa- 
tient laughs instead of grieving about hurtful past, 
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Figure 53.7. Grief causes the Qi to become obstructed. 





or current experiences. Gallows humor is a de- 
fence mechanism of the patient’s denial. Grief and 
humor are examples of opposites (Yin and Yang) 
transforming into each other. 

The concern in dealing with many grieving 
people (pertaining to the death of a patient’s mate 
or close friend, etc.) is that the patient may be us- 
ing grief to suppress other unresolved emotions, 
such as: guilt, fear and loneliness. 

1. Fear of forgetting the deceased voice, appear- 
ance, etc. may be due to feelings of guilt over 
not having expressed enough love towards 
the person when it was possible to do so. 

2. Guilt over any expressed feelings of joy or 
happiness, may seem morally wrong because 
they cannot be shared by the departed. 

3. Guilt may arise from too many hurtful things 
said, or too many things left unsaid to the de- 
parted. 

4. Guilt over never having had the chance to re- 
ally say good-bye {as with victims of acci- 
dents and sudden death) may become all con- 
suming. 

5. Loneliness and isolation may result from the 
loss of friendships. 
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6. Worry that loss of income and security may 
cause financial difficulties and health prob- 
lems may cause the patient to cling to the past. 
To assist the patient to heal from these toxic 

beliefs, the doctor prescribes creative visualiza- 
tions, such as the following. 

“Imagine, see and feel yourself and your 
loved one clothed in your astral bodies. Embrace 
and express your feelings and thoughts, know- 
ing that these will be heard and received. Listen 
to your loved one’s answer. 

Ask forgiveness for any cruel remarks or fail- 
ures to be as loving as you wish you could have 
been. Visualize your loved one accepting the request 
for forgiveness; embrace with love, and release 
him/her to be with God with your blessings.” 

In cases where the patients could not attend 
the funeral, have the patient imagine the funeral 
and perform a ritual closure (e.g., lighting a candle 
at home and saying a prayer). 

Finally, encourage the patient to give him or 
herself permission to experience some joy in life 
and to go on living. 


EXCESSIVE FEAR INJURES THE 
KIDNEYS (WATER) 

The Chinese character for fear (Kong) is de- 
picted by the Heart ideograph underneath two 
characters, a structure (placed on the left) and re- 
peated strokes by the small blows of a hammer 
(placed on the right). 

THE AFFECT OF FEAR ON THE INTERNAL 
ORGANS 

The Kidneys store the Jing, the Jing stores the 
Zhi (actions that the mind expresses). Pathologi- 
cal fear is considered the perverse movement of 
the element Water. Fear is the unrestrained sink- 
ing and uncontrolled descent of Water Qi. When 
the Shen of the Heart is no longer supported by 
the Kidneys’ Jing, the Shen leaves its residence. 
This results in the emotional release of panic. If 
the Heart Fire becomes weak, the Kidney Water 
rapidly draws downward and freezes. Insecurity, 
hesitation, immobility, and paralysis ensue. If the 
Heart Fire become Deficient, it cannot radiate 
warmth, causing the patient to crouch and hide. 
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Figure 53.8. Fear causes the Qi to move inward and 
downward. 





If the Kidney Yin is Deficient, the vision de- 
teriorates, there is a ringing in the ears, dizziness, 
night sweats, and nocturnal emissions. If the Kid- 
ney Yang is Deficient, the Mingmen Fire becomes 
Deficient, and causes a counter-flow of energy 
affecting the hearing. Kidney Yang Deficiency 
also results in shortness of breath, cold limbs, and 
impotency. When the Kidney Qi becomes Exces- 
sive, swelling occurs and the Five Yin Organs 
become unstable. The feelings associated with the 
Kidneys are fear, paranoia, and panic. 

THE YIN AND YANG ASPECTS OF THE 
KIDNEYS 

The Kidneys’ negative nature is arrogant, 
troublesome, and ignorant; the positive nature is 
peaceful, soft, and tender. Fear can cause loss of 
Bladder control, weakening of the knees, renal 
failure, and permanent damage to the Kidneys. 
It can injure the Heart, affecting the speech, eyes, 
and the Shen. 

When fear injures the Kidneys, this can affect 
the Liver, causing muscle spasms, trembling, and 
disruption of the menses cycle. When the Gall Blad- 


der is affected, decision-making becomes more dif- 
ficult. 
THE ENERGETIC PATTERN OF FEAR 

The energetic pattern of fear is very cold and 
implodes into the center of the body, drawing all 
the energies inward and downward. Fear travels 
from the eyes down the front of the body into the 
groin (Figure 53.8). 

Because Earth absorbs Water, contemplation 
controls fear. Therefore, the doctor can help the 
patient control the fear through visualization and 
meditation. The purpose of the visualization is to 
resolve and reprogram the patient's thinking pat- 
terns. 

THE EMOTION OF FRIGHT 

The emotion of fright is distinguishable from 
fear by the sudden, unexpected shock to the sys- 
tem. The Chinese character for fright (Ju) is de- 
picted by the ideograph of a small bird opening 
its frightened eyes, in fear, anxiety, and dread. 
Fright startles the Shen, which then scatters the 
Qi and injures the Heart. Persistent fright causes 
damage to the Kidney Qi and results in a nega- 
tive cycle of chronic fear. 


FIVE YIN ORGAN EMOTIONAL 
RESPONSES 
The common ingredient in any emotional 
dysfunction is the power element maintaining it. 
Holding on to original traumas, whether con- 
sciously or unconsciously, requires a great deal of 
energy. It is possible to stop this negative pattern 
by releasing the toxic emotional energy, thereby 
creating the opportunity for the mind, body, and 
spirit to heal. A new pattern of harmonious bal- 
ance can be maintained, however, only after the 
old dysfunctional patterns are consciously recog- 
nized during their occurrence. Old habits die hard; 
new patterns require time and continuous effort 
before becoming as automatic as the previous 
dysfunctional habits. Every emotion is meant to 
serve a positive function, even anger, fear, and 
grief. Patients often require reminding of this fact. 
Every emotion also has its darker side when re- 
pressed for too long and when avoided at all costs. 
1, Learning how and when to express anger is 
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as important as not holding on to it for ex- 
tended periods of time. Anger serves as a 
warning sign that personal boundaries are 
being violated, threatened, wounded, or that 
injustices are being committed. Patients must 
be taught better communication skills so they 
need not resort to screaming or insulting oth- 
ers to protect themselves. Appropriate 
assertiveness skills must be learned, and may 
require either psychotherapy, or classes in 
assertiveness training. Patients must also 
learn how to ask for what they need and de- 
sire, without expecting those close to them to 
mind read. Without learning how to set ap- 
propriate boundaries, without the ability to 
say “no” to those who take advantage of them, 
they will fall into the old habit of accumulat- 
ing resentments; or they will alienate their 
employer, friends, and family through un- 
guarded candor when angry. 
On its negative side, anger can cause rage and 
destructive patterns (both internally and ex- 
ternally). 
On its positive side, anger can cause construc- 
tive boundary setting and the righting of 
wrongs. 
2. Fear, like anger, serves as a warning sign. Fear 
informs patients when they are in danger, so 
that appropriate measures can be taken to in- 
sure safety and survival. Some patients do not 
recognize the danger signals until it is too late 
to avoid falling victim to unscrupulous 
people. Some may require counseling and in- 
struction in how to establish healthy relation- 
ships, and in how to identify individuals who 
are potential abusers before it becomes too late 
to avoid the ensuing violence. 

On its negative side, fear can cause disabling 

panic. 

* On its positive side, fear can cause an aware- 
ness of the need for self-protection. 

3. Joy in excess can lead to disharmony. Nervous 
laughter, or always playing the clown to gain 
acceptance, can be extremely difficult to un- 
learn. Often professional help is needed to 
increase socialization skills and self-esteem. 
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Figure 53.9. The Five Element Cycies 





* On its negative side, joy can cause hysteria. 
¢ On its positive side, joy can be a source of 
happiness to the spirit. 

4. Sorrow is necessary at times to motivate pa- 
tients to change. The old self must periodi- 
cally die to make room for new experiences 
and learning. Risking sorrow is part of the 
process of bonding and maturing. Sadness is 
often a signal of imbalance in the patient's life, 
indicating insufficient rest or recreation, and 
far too much work. 
On its negative side, sorrow can cause self- 
pity, rather than compassion for oneself. 
On its positive side, sorrow can release dis- 
tress. 
5. Worry and anxiety are normal reactions to 
change. When these emotions become patho- 
logical in intensity of duration, patients may 
need professional help in the form of medica- 
tion (e.g., for obsessive compulsive disorders), 
and/or psychotherapy (e.g., in the case of 
generalized anxiety disorder and posttrau- 
matic stress disorder). 
On its negative side, worry can cause great 
anxiety. 
On its positive side, worry can be a motivat- 
ing source for change. 
The healing stages used in Medical Qigong 
Therapy employ these transitions in order to as- 
sist the patient’s emotional and spiritual growth. 


* 
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The picture in Figure 53.9 summarizes the 
Five Elements, their associated organs, and their 
associated emotions. 

The cycles serve a functional importance for 
emotional transitions. The elements can be ar- 
ranged in a number of ways. For clinical purposes, 
the main emphasis is on the Creative and Con- 
trolling Cycles. 


EMOTIONAL DISHARMONY 

It is becoming more common in the Western 
belief system that if a patient concentrates his or 
her mind and emotions on healing the illness, they 
can accelerate the recovery. Some Western research 
suggests that when the patient stops thinking and 
trains the mind to relax (reaching an alpha state), 
the healing is accelerated. 

Emotional disharmony can resonate and pen- 
etrate one’s entire being, thereby creating a vicious 
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Figure 53.10. The Cycle of Emotional Disharmony 


circle affecting the body, mind, emotion, energy, 
and spirit. As evidenced by the diagram (Figure 
53.10), any disharmony in one of these four fac- 
tors can trigger the cycle. 

This vicious circle can be set in motion by any 
major disharmony, be it environmental, physical, 
emotional, or behavioral. Once in motion the dis- 
ease can feed on itself. The power of emotional 
energy generated can at times overwhelm the con- 
scious mind. The mind then has three options: to 
give in to the emotional tidal wave, to become 
eventually paralyzed through the effort of con- 
trolling it, or simply to deny that anything is 
wrong. 

When emotional energy is suppressed it ac- 
cumulates within the body, causing the Qi to flow 
incorrectly or to condense. The unresolved emo- 
tions cause chronic blocks in the body, particu- 
larly in the back, neck, Stomach, and intestinal ar- 
eas. This toxic energy stored in the muscles and 
organs leads to tension, stress, and illness. The root 
cause of chronically tense shoulder muscles, for 
example, can be traced to: tensing the muscles to 
suppress the emotion(s), a strong negative belief 
system, and an accumulation of unresolved past 
traumatic memories, which continue to resurface. 

Unless the initial cause of tension is released, 
the tissue memory associated with the initial 
trauma will repeat its programmed pattern, re- 
sulting in chronic tension and pain. Painful and 
negative emotions are not the only emotions sup- 
pressed. Many people also suppress feelings of 
joy and love. Most do so out of fear, guilt, and 
sense of unworthiness. Some do so out of religious 
beliefs, believing that suffering is good for the 
soul, or that the are being punished by God for 
sins of omission and/or commission to test their 
faith. 

All emotions are triggered by sensory asso- 
ciations with pleasant and unpleasant past memo- 
ries. In many cases patients are completely un- 
aware of the triggering smell, image, sensation, 
or sound. To them it seems that the trauma, or 
memory, resurfaces from nowhere. This inability 
to pinpoint the trigger mechanism may indicate 
the progression of the patient's illness. Patients 
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suffering from panic attacks, for example, have 
no idea what stimulus may have caused the over- 
whelming terror that they feel. Quite often panic 
attacks increase in frequency, partly out of the 
anticipatory fears of having another one, and 
partly due to their fear spreading and generaliz- 
ing. 

The first panic attack may have taken place 
in a restaurant, triggered by one of the five senses 
registering similar data (a smell or image for in- 
stance) which occurred during one of their trau- 
matic memories. Henceforth they will avoid this 
restaurant, or perhaps all restaurants because new 
data has been added to the original trigger mecha- 
nism. New smells and images occurring during 
the attack may now stimulate the old memory of 
the trauma. Eventually, such patients may become 
home bound as they try to limit themselves to only 
safe places; their panic attacks have generalized 
to agoraphobia (fear of places or situations from 
which escape might be difficult or embarrassing). 
Each panic attack requires more energy to sup- 
press both the original trauma and all of the new 
traumas added to it from surfacing. 

Outgoing, successful people can thus trans- 
form themselves into anxiety ridden hermits. They 
can also develop physical symptoms, or turn to 
alcohol and drugs in attempts to cope. In less ex- 
treme mental / emotional diseases, changes in skin 
colors, tone of voice, mannerisms, and nervous 
twitches may manifest. As the mind tries to sup- 
press uncomfortable emotions, these unresolved 
feelings often manifest as physical symptoms. 

At times, however, the symptoms manifest 
more on the mental level, as in obsessive compul- 
sive disorder. The logical mind, failing to com- 
pletely suppress the emotion, may develop fran- 
tic obsessive thinking patterns, that seem to take 
on a life of their own. Some patients may obsess 
about dying, even if they seem by Western medi- 
cal standards to be physically completely healthy; 
or they may obsess about killing their own child, 
or forgetting to lock all the doors when leaving 
the house and so on. They have no control over 
their repeating thoughts, and are aware of the un- 
realistic and unreasonable nature of these obses- 
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sions. Nevertheless, they are helpless to stop them- 
selves. 

Obsessions often manifest with compulsive 
addictions such as washing the hands so often 
during the day that they are raw and bleeding, or 
pulling out the hair on their head, or folding and 
unfolding their clothing. Any ordinary daily ac- 
tivity may turn into a compulsion, requiring the 
patients to continue performing a meaningless 
action again and again. 

Another frequent disease found in trauma- 
tized patients goes by the name of posttraumatic 
stress disorder. Patients suffering from this con- 
dition have flash backs, i.e., they can not stop hav- 
ing moments of releasing the original traumas 
again and again with full intensity. 

In posttraumatic stress disorder patients’ 
symptoms are often disabling. Anxiety is chronic, 
they are in a state of hyper-alertness. They have 
become good at disassociating from their body, 
since it has become a very uncomfortable place to 
be. The Shen wanders and the patients may, or 
may not, be aware of where their spirit goes or 
what it experiences at these times. In extreme cases 
the ego fractures, usually during early childhood, 
and a full blown identity disorder (previously 
called multiple personality disorder) ensues. 

Patients suffering from obsessive compulsive 
disorders, postiraumatic stress disorder, agora- 
phobia and panic attacks, or identity disorders 
should be referred out for extra help to a mental 
health professional specializing in these disorders. 

Ideally, the doctor can teach and encourage 
the patient to get in touch with their body, and 
learn how to achieve and maintain a balance be- 
tween the physical, mental and emotional planes. 
The doctor can also teach the patients how to tran- 
sition detrimental energy into a higher level of 
consciousness, when the patients become aware 
of an unpleasant emotion. When patients learn 
how to channel their own energy ina more healthy 
way, the cycle of reliving the past can be broken. 
A negative emotion can be transmuted and ex- 
pressed as a positive emotion; emotional energy 
can be converted to positive life-force energy. 
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EMOTIONAL FREQUENCY RESONATION 

When the Qigong doctors are appropriately 
sensitive to the patients’ emotional transitions, 
they are able to detect, and recognize, recurring 
energetic patterns. These energetic patterns are in 
constant resonation throughout the body’s tissues. 
As patients shift their emotional thinking, their 
energetic frequency resonation (the body’s Hz 
rhythm) shifts. These different emotions establish 
specific patterns of energy in the body. Each indi- 
vidual has a brain wave pattern that is as unique 
as their fingerprints. According to Richard Lee, 
director of the China Healthway’s Institute, indi- 
viduals resonate at different frequencies depend- 
ing on their state of consciousness. Mr. Lee’s re- 
search reveals the following. 

1. Those motivated by fear and instinct will reso- 
nate at the delta wavelength, between 0 and 
4 Hz (hertz, i.e., cycles per second). This level 
of energetic resonation, as measured by an 
electroencephalograph (EEG), is normal in an 
awake infant and a sleeping adult. This delta 
wavelength, however, indicates brain pathol- 
ogy in adults that are awake. 

2. Those motivated by attachment and desire 
will resonate at the theta wavelength, between 
4-7 Hz. This level of energetic resonation is 
generally common in children and in adults 
in the early stages of sleep. This frequency 
range also occurs when an individual creates 
mental imagery, and often manifests when a 
person is involved in deep altered states of 
consciousness. This level of energetic 
resonation also occurs in many brain disor- 
ders. 

3. Those motivated by service and compassion 
will resonate at the alpha wavelength, be- 
tween 8 and 13 Hz. These low amplitude al- 
pha waves usually occur when the brain is in 
a calm, and the mind is relaxed (in a state of 
wakefulness). It was discovered that Qigong 
masters emit energy within this frequency 
range. 

4. Those motivated by organization and plan- 
ning will resonate at the beta wavelength, 
between 14 and 25 Hz. This level of energetic 


resonation usually occurs when the nervous 
system is active and the body is awake. It 
manifests during sensory input and mental 
activity. This frequency range is usually com- 
mon for those suffering from nervous over- 
load and excessive thinking. 

When the patients’ vibratory rate shifts to- 
wards the alpha rhythm, they begin to experience 
deep relaxation and clarity of mind. Relief from 
chronic pain and symptoms associated with low 
energy is achieved. 

According to Richard Lee, the infrasonic 
sound produced by Qigong masters is effective 
because it causes decreased resonation in the theta 
and beta ranges. This simultaneously decreases 
attachments and desires, calms the emotions, and 
reduces excess thinking, thereby freeing the 
patient’s vital sources to be redirected towards 
healing. 


DIFFERENTIATION OF PSYCHO- 
EMOTIONAL DISORDERS 

Traditional Chinese Medicine has, for centu- 
ries, recognized the fact that psycho-emotional 
states, energy, and physical health are intertwined. 
In the Huang Di Nei Jing, the emperor’s medical 
adviser, Qi Po, outlined the Internal Factors (emo- 
tions) as primary causes of disease. 

Within the context of Traditional Chinese 
Medicine, Medical Qigong therapy is useful for 
treating many types of psycho-emotional disor- 
ders. Qi emission therapy can be used to calm the 
patients’ Shen, as well as accelerate the patients’ 
recovery time. In China, psycho-emotional prob- 
lems are commonly called Jing Shen disorders and 
are differentiated as follows: Obstructed Shen, 
Unsettled Shen, and Weakened Shen. 

1. Obstructed Shen is a condition due to the Shen 
becoming obstructed with Phiegm, or in mild 
cases, becoming obstructed by Qi or Blood. 
Symptoms are characterized by confused 
thinking, clouding of the mind, and in severe 
cases, complete loss of touch with reality. De- 
grees of severity range from very mild disor- 
ders to severe schizophrenia or mania. 

2. Unsettled Shen is a condition due to the Shen 
becoming unsettled from Blood or Yin Defi- 
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ciency (in mild cases), Qi stagnation, Blood 
Stasis, Fire, Empty Heat, Phlegm Fire, or In- 
teal Wind. Symptoms are characterized by 
agitation, restlessness, and anxiety. 

3. Weakened Shen is a condition due to Defi- 
ciency of Qi, Yang, Blood, or Yin. Symptoms 
are characterized by depression, mental ex- 
haustion, and melancholy (dysthymia). 


ETIOLOGY 

The cause for psycho-emotional disorders can 
range from a variety of factors, including prena- 
tal or postnatal constitutional imbalance, diet, 
unbalanced sexual activity, overwork, alcohol or 
drug abuse, trauma, stress, emotional immaturity, 
and instability, as well as a lack of love or spiri- 
tual perspective. 

TREATMENT PRINGIPLES 

There is a considerable degree of overlap 
among Jing Shen disorder symptoms. Therefore, 
the treatment principle must be based on a clear 
distinction between Excess and Deficiency, as well 
as the cause (root) and manifestation (branch) of 
the symptoms. The main treatment principles are 
as follows: 

1. Nourish the Heart and calm the Shen to treat 
Shen weakness due to Qi, Yin, Yang, Blood, 
or Body Fluids Deficiency. 

2. Purge the Excess, move stagnation, and calm 
the Shen to treat Shen obstruction or Shen agi- 
tation (unsettled Shen) due to Excess condi- 
tions of Qi, Blood, Phlegm, and/or Fire stag- 
nation. 

3. Purge the Excess, nourish the Heart and calm 
the Shen to treat Shen obstruction due to Yin 
Deficiency with Empty Heat. 

4. Resolve the Phlegm, open the Heart's orifices, 
and calm the Shen to treat Shen obstruction 
due to Phlegm or Phlegm Fire. 

5. Sink and calm the Shen to treat unsettled Shen 
due to rising Qi. 

The term “caim the Shen” is used to describe 
the treatment principles in all psycho-emotional 
disorders. It should be understood to mean not 
only calming the mind, as in anxiety, but also lift- 
ing the patient's mood (as in depression), or clear- 
ing the mind (as in schizophrenia or mania). 
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SELF-TREATMENT PRESCRIPTIONS 
FOR PSYCHO-EMOTIONAL DISORDERS 

Most meditations are difficult for patients 
with psycho-emotional disorders due to several 
factors. One factor is the problem of maintaining 
focused attention, as well as retaining the memory 
of specific medical Qigong prescriptions. The suc- 
cess, or failure of the treatment will also depend 
on the severity of the disorder. 


POINT MEDITATION FOR EMOTIONAL TRAUMA 

In China, Channel Point meditation is used in 
conjunction with the Massage Tapping method for 
treating patients with conditions such as anxieties, 
phobias, and addictions. In acupuncture, 135 of the 
original 365 acupuncture points are used to treat 
mental, emotional, energetic, and spiritual dishar- 
monies. In fact, many of the “new” points can be 
applied for the treatment of Jing Shen disorders. 

The cause of fear and anxiety is the disrup- 
tion to the body’s energy system from emotional 
trauma. When a patient is focusing on a particu- 
lar anxiety or fear, the Shen becomes disrupted, 
and the energetic harmony of the body becomes 
unbalanced. This energetic imbalance causes cer- 
tain physical reactions within the patient (abnor- 
mal breathing, pulse, etc.), and results in patho- 
logical behaviors. 


TREATING EMOTIONAL ANXIETIES, 
PHOBIAS, AND ADDICTIONS 

To treat anxieties, phobias, and addictions, the 
doctor encourages the patient to focus attention 
on the specific fears, or cravings for the particular 
addiction, to initiate a maximum emotional charge 
of distress. When the patient reaches maximum 
emotional distress, the doctor calls out specific 
channel points for the patient to tap. 

The patient is given a specific mantra to re- 
peat while tapping, to discharge the accumulated 
emotionally charged Qi, such as; “I accept this fear 
(or other emotion or craving)” or “I am being 
healed.” The treatment continues for five to ten 
minutes, as the patient focuses on feeling the dis- 
tress as much as possible, until all the trapped emo- 
tion has been discharged. Some energetic points 
commonly chosen for treating emotional anxieties, 


840 


phobias, and addictions are GV-26, Ht-7, and Pc-6. 
These specific points are used to draw the energetic 
charge away from the Heart and into the extremi- 
ties; this action facilitates calming the patient’s Shen. 
The initial tapping method, in conjunction 
with vivid imagination and positive affirmation, 
disperses the energy away from the Heart and 
other organs and calms the Shen. The spontane- 
ous dispersing of the emotional charge, stored 
within the patient's tissues, releases all feelings 
of stress and anxiety. This type of guided Tapping 
Meditation therapy not only reduces and dis- 
perses the patient’s emotional trauma, but also 
causes an energetic reprogramming within the 
patient’s psychophysical dynamics. 
MEDICAL GIGONG TREATMENT OF THE 
PHOBIA AND ANXIETY OF DEMON POSSESSION 
These specific treatments are used in China to 
treat specific mental, and emotional disorders, that 
lead the patient to imagine that they are being 
haunted by spirit demons. in rectifying this type of 
psycho-emotional disorder, it is recommended that 
the Qigong doctor proceed as follows. 

1. Perform Channel Point therapy to open the 
energetic points of the Eight Extraordinary 
Vessels (Figure 53.11). 

2. Press and knead the Baihui GV-20, Dazhui 
GV-14, Lingtai GV-10, and Feishu BI-13 points. 
Then apply the Extended Fan Palm or Sword 
Fingers method (see Chapter 33), using the 
Pulling and Shaking manipulations (see 
Chapter 34) to emit and conduct Qi along the 
Governing Vessel. 

3. Press and knead the following channel points 
Baihui GV-20, Yintang (Ex.Pt.), Renzhong GV- 
26, Tinggong SI-19, Jiache St-6, Quchi LI-11, 
Hegu LI-4, Weizhong BI-40, and Chengshan 
BI-57 points. 

4. Apply the Sword Finger technique, using the 
Vibrating and Shaking manipulations to emit 
Qi into the Jiuwei CV-15 and Zhongwan CV- 
12 points and conduct Qi along the Concep- 
tion Vessel to return it to the Lower Dantian. 

MEDICAL QIGONG TREATMENT FOR SPECIFIC 
SPIRIT/GHOST HALLUCINATIONS 
These specific treatments are also used in 
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Figure 53.11. Medical Qigong Channel Point Therapy for the Treatment of Energetic Delusions 
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China to treat specific mental and emotional dis- 
orders that lead the patient to see spirit/ ghost 
hallucinations. The Qigong doctor may addition- 
ally treat the patient according to the following 
therapeutic point stimulation: 
¢ If the patient is disoriented, sees and hears 
floating corpse ghosts, or hears crying ghosts, 
treat the Tianfu Lu-3 points. 
¢ If the patient is manic-depressed, sees and 
hears ghosts talking, treat the Tianchuang SI- 
16 points. 
¢ If the patient is having seizures, sees and hears 
ghosts talking, treat the Tianzhu BI-10 points. 
¢ Ifthe patient is manic, suicidal with incessant 
wild talking and actions, treat the Fengfu GV- 
16 point. 
¢ If the patient experiences chronic nightmares, 
confused dreaming, and restless sleep, treat 
the Tianyou TB-16 points. 
MEDICAL QIGONG TREATMENT FOR DEMON OR 
SPIRIT POSSESSION 

Since the creation of Traditional Chinese Medi- 
cine in the People’s Republic of China, the notion 
of spirits has been down-played. However, within 
the confines of the Medical Qigong clinics, I have 
been fortunate enough to be able to discuss with 
several Qigong doctors the cause, effect, and treat- 
ment of demon and spirit possession. 

These following Thirteen Ghost Points are 
listed in the Thousand Ducat Formulas, prescribed 
by the famous physician Dr. Sun Simiao in the 7th 
century China, and were once used for the treat- 
ment of spirit possession (Figure 53.12). Today in 
China, these points are now used in the TCM clin- 
ics for the treatment of manic and depressive 
mental disorders, as well as for treating epilepsy. 
In extreme manic cases (with Heat) the doctor 
bleeds all of these points as well as all twelve Jing- 
Well points on the patient’s hands. Classically, the 
patient is treated by bleeding each of these points, 
or by inserting an acupuncture needle into each 
point and then immediately withdrawing it. These 
Ghost Points are stimulated in a sequence of pro- 
gressive point therapy, wrapping and enfolding 
the patient's body in five consecutive circles. 

1. The Guigong (Ghost Palace), also known as 
the Renzhong GV-26 (Middle of Man) point, 
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is the first point to be stimulated and is treated 

to calm the Shen and clear the brain. 

2. The Guixin (Ghost Faith), also known as the 
Shaoshang Lu-11 (Lesser Metal’s Note) points 
on both thumbs, are treated to calm the Shen 
and restore Collapsed Yang. 

3. The Gullei (Ghost Fortress), also known as the 
Yinbai Sp-1 (Hidden Clarity) points on both big 
toes, are treated to calm the Shen, clear the brain, 
in order to instill clarity of thought and mind. 
These first three points are used to complete 

the energetic pass of the first circle, covering the 
head, tips of the thumbs and tips of the big toes. 
The GV-26 point is considered the meeting point of 
Yin and Yang in the body, while the Lu-11 points on 
both hands and the Sp-1 points on both feet are lo- 
cated on the body’s Hand and Foot Tai Yin Chan- 
nels. 

Next, the following two points are used to 
complete the second circle: 

4, The Guixin (Ghost Heart), also known as the 
Daling Pc-7 (Big Mound) points on both wrists, 
are treated to calm the Shen and clear the brain. 

5. The Guilu (Ghost Path), also known as the 
Shenmai Bl-62 (Extending Vessel) points under 
both outside ankles, are treated to calm the 
Shen. 

The Ghost Heart and Ghost Path points com- 
plete the energetic pass of the second circle, cov- 
ering and wrapping the patient’s wrists and 
ankles. The Pc-7 points on the wrists are located 
on the body’s Hand Jue Yin, and the BI-62 points 
on the outside of the ankles are located on the 
body's Foot Tai Yang Channel points. 

The following set of four points are stimulated 
to complete the energetic pass of the third circle: 

6. The Guizhen (Ghost Pillow), also known as 
the Fengfu GV-16 (Wind's Palace) point just 
below the occiput, is treated to clear the brain. 

7. The Guichuang (Ghost’s Bed), also known as 
the Jiache St-6 Jaw Vehicle} points on both 
sides of the jaw, are treated to dispel Wind 
and Cold and to clear Heat. 

8. The Guishi (Ghost Market), also known as the 
Chengqiang CV-24 (Receiving Liquid) point 
under the lower lip, is stimulated to treat 
mental disorders, dispel Wind and Cold, clear 
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Heat, and to transform Dampness and 

Phlegm. 

9. The Guicu (Ghost Cave), also known as the 
Laogong Pc-8 (Palace of Labor) points at the 
center of both palms, are stimulated to treat 
mental disorders and to clear the brain. 
These four points complete the energetic pass 

of the third circle, by covering and wrapping the 

patient’s head, then drawing the energy into the 
center of the patient’s palms. The GV-16 point on 
the back of the patient’s head is located on the 
back gate of the Upper Dantian, the St-6 points 
are located on the sides of the mandible, and the 

CV-24 point is located in the depression in the 

center of the patient's mentolabial groove (jaw). 

The next two points complete the energetic 
pass of the fourth circle: 

10. The Guitang (Ghost Hall), also known as the 
Shangxing GV-23 (Upper Star) point, is 
treated to brighten the Shen and clear Heat. 

11. The Guicang (Ghost Store), also known as the 
Yumentou (Jade Gate) in women, and 
Yinxiafeng (Below the Hidden Seam) in men, 
is used to treat mental disorders. The Jade 
Gate is located at the opening of the vagina, 
the Below the Hidden Seam is located in the 
Huiyin area in men. 

These two points complete the energetic pass 
of the fourth circle, by covering and wrapping the 
patient’s body from the head to the lower 
perineum. The GV-23 point is located on the an- 
terior hairline, at the top of the patient’s forehead, 
and the Ghost Store point is located in the lower 
perineum. 

The following two points are stimulated to 
complete the fifth energetic pass: 

12. The Guitui (Ghost Leg), also known as the 
Quchi LI-11 (Crooked Pool) points, are treated 
in order to drain the pathogenic influences from 
the Lungs and to calm the Po (Corporeal Soul). 

13. The Guifeng (Ghost Seal), also known as the 
Haiquan (Sea Spring) and She Xia Zhong Feng 
(Under Tongue Middle Frenulum) are two Ex- 
tra points located below the tongue. They are 
stimulated in order to treat mental disorders. 
These final two points complete the energetic 


pass of the fifth circle, by covering and wrapping 
the patient’s body from the arms to the head. The 
LI-11 points are located in the depression on the 
lateral end of the elbow crease, and the Haiquan 
Sea Spring points are located under the tongue. 


TREATING PHOBIAS AND DEPRESSION 
USING “THE WINDOWS OF THE SKY” 
POINTS 

If we observe the body as a figure 8, with the 
head being the upper portion and the torso being 
the lower portion, the neck would represent the 
area where the two circles meet. The points and 
orifices of the head, face and neck are like great 
windows in which Qi moves. 

The trunk of the body is considered Earth and 
the realm of the physical; the head pertains to 
Heaven and the realm of the spirit. The neck is 
where all of the classic “window” points are lo- 
cated. The neck is the junction between Heaven 
and Earth, and is considered the Earth’s window 
to Heaven. With the exception of Lu-3 (upper arm) 
and Pec-1 (chest), eight of the ten Windows of the 
Sky points are located on the neck itself, and seven 
of the ten points have the word Tian (Heaven) as 
part of their name. 

Over the last quarter century, the Chinese 
have used the Windows of the Sky points in treat- 
ing such psychological disorders as depression 
and phobias. In the Qigong clinic, we look for 
three indications before prescribing the Windows 
to the Sky points. 

1. According to the Nei Jing, the Windows of the 
Sky points are used when the Yang Qi is un- 
able to ascend to the patient’s head. The re- 
sult is that the patient will have physical 
symptoms in the head or Heart (i.e., loss of 
hearing, or pain described as being behind the 
Heart. 

2. The second indication is that there is some- 
thing missing in the Heavenly aspect of the 
patient’s spiritual life. When the patient be- 
comes stuck in their own negative patterns, 
these particular points can be used to open a 
window of hope by bringing into the patient’s 
body the illuminating light from Heaven. 

In these cases, the patient's disconnection 
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from emotions and spiritual insight is due to the 
chronic negative patterns that block the descent 
of Heavenly light. 

3. The third indication is a constant attitude of 
despondency by the patient. This behavior is 
not in accordance with his or her own values 
and beliefs, but the patient cannot control this 
pattern. Some patients know that something 
is amiss but cannot discern the source of the 
problem. 

The Window points induce a hypnagogic state 
{a transitional state between sleeping and awak- 
ing) that allows some patients to experience out- 
of-body projection and past life regressions. 
TREATMENT 

When treating patients with the Windows of 
the Sky points, the Qigong doctor should use slow, 
gentle pressure on the skin to dip into the tissues, 
and then proceed with pure intention. The ten 
Windows of the Sky points are described as fol- 
lows. 

1. The Tian Fu Lu-3 (Heaven's Residence) point 
is sometimes called the Celestial Palace. The 
word Heaven represents divinity, clarity of vi- 
sion, and the sense of the spirit (Figure 53.13). 
This point has a powerful psychological ef- 
fect on all emotional problems deriving from 
Lung Qi disharmonies (e.g., depression, claus- 
trophobia, agoraphobia, mental confusion, 
and forgetfulness). 

2. The Fu Tu LI-18 (Support the Prominence) 
point is also known as Support and Rush Out. 
It is used on patients who feel out of touch 
with their own inner strength (Figure 53.14). 
This point relieves coughing, resolves Phlegm, 
and disperses masses (cysts and tumors) in 
the neck area. It is also used to treat a patient's 
inability to speak. 

3. The Tian You TB-16 (Heaven's Opening) point 
can be used to calm the patient of anxieties and 
to soothe Heart palpitations (Figure 53.15). This 
point is also used for dizziness, sudden deaf- 
ness, and diminished visual acuity. 

4. Tian Zhu BI-10 (Heaven’s Pillar) is a Sea of Qi 
point. It is used to clear the brain, open the 
orifices, brighten the patient’s eyes, and re- Figure 53.15. Heaven's Opening 
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move obstructions from the channels. The 
energy that moves and is located at these 
points has to do with the patient's will, ambi- 
tion, and inner fortitude (Figure 53.16). Ener- 
getic dysfunction located at the Heaven’s Pil- 
lar may manifest as deep sadness or anxiety, 
and be related to a lack of inner strength, or 
will. This point is also used when the patient's 
feet are unable to support the body. 


. Ren Ying St-9 (Man’s Welcome) is a Sea of Qi 


point. The ancient Chinese philosophers as- 
sociated this area of the body with Man in the 
triad of Heaven, Man, and Earth. This point 
is known as a place where energy is being wel- 
comed into the body (Figure 53.17). It is a very 
sedating point of Blood and Qi, and is used 
to reduce blood pressure. Opening up this 
point allows the patient to become receptive 
to nurturing energy (Ying Qi). The doctor 
should be gentle and only treat one side at a 
time. It is also used to disperse Lung Qi and 
Regulate Qi. 


. The Tian Tu CV-22 (Heaven’s Rushing Out) 


point is also known as the Celestial Chimney, 
and is an area where the body’s internal en- 
ergy and spirit leaves the body through sound 
(Figure 53.18). Heaven Rushing Out is related 
to emotional and spiritual expression, and is 
relevant when the patient's spiritual self (Le., 
the individual’s life purpose) is not being sup- 
ported by physical actions (his or her code of 
conduct). In other words, the patient's life pur- 
pose is not in alignment with the patient's 
behavior. This point can also be used to regu- 
late the Lungs, stimulate the descending ac- 
tion of the Lung Qi, clear Heat, and resolve 
Phlegm. 


. Feng Fu GV-16 (Wind's Palace) is a Sea of Mar- 


row point, and is also a very good point for 
strengthening the body’s Wei Qi (Figure 
53.19). This point connects directly to the 
brain, and is used to eliminate Wind, clear the 
mind, open the sensory orifices, and benefit 
the energetic function of the brain (used for 
treating convulsions, epilepsy, or palsy). 

The Tian Chuang SI-16 (Heaven’s Window) 


BI-10 











Figure 53.19. Wind's Palace 





CV-22 
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point is used to open a window to Heaven, 
especially in patients who need help in per- 
ceiving how to change a negative behavior 
pattern into a productive and harmonious one 
(Figure 53.20). This point is used for dispers- 
ing the Liver’s Qi and for eliminating buzz- 
ing, pain, or deafness of the ears. 

The Tian Rong SI-17 (Heaven's Appearance) 
point is also known as the Celestial Counte- 
nance. This point is where the Small 
Intestine’s Channel Qi is received by, and en- 
ters into, the Heaven’s Body Chamber (the 
head or skull). It can be used to produce a 
strong movement of energy from the head 
downward into the body. 

This point is used in spiritual emergencies, 
when patients have lost their connection with 
Earth energy, and remain blissed out, and 
oblivious of reality. It is often used in cases of 
addictions, once the patient is conscious of the 
addiction (Figure 53.21). This point is also 
used in order to expel Excess Fire and remove 
obstructions from the patient’s channels. 
The Tian Chi Pc-1 (Heaven’s Pond) point is 
also known as the Celestial Pool. The term 
pond represents a source, resource, or reser- 
voir of energy for the spirit. This point influ- 
ences the area where the Shen gathers or pools 
in the chest region (Figure 53.22). It is capable 
of enhancing the transition from normal con- 
sciousness to feelings of being submerged in 
a sea of energy. 

It affects the Heart and Pericardium which 
govern the Shen, and whose symbolic home 
is Heaven. The doctor uses this point to re- 
move the patient's street armor, and to begin 
the process of opening the patient’s Heart 
protector at its source. This point is also used 
to disperse the Lungs’ Qi, expand and relax 
the chest, regulate Qi, and clear Heat. 

Note: Because of the proximity of the breast 
tissue, the Heavenly Spring points (Pc-2) are 
sometimes used in women instead of the 
Heaven’s Pond points (Figure 53.23). The 
Heavenly Spring point is located halfway 
down the anterior face of the biceps muscle. 
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TREATING PSYCHO-EMOTIONAL 
DISORDERS RELATED TO STRESS 

The following prescriptions are used in order 
to assist the patient in dealing with suppressed an- 
ger and grief, for additional prescriptions used in 
order to treat emotional problems (see Chapter 19). 
TREATING EXGESS LIVER FIRE AND THE 
REPRESSION OF ANGER 

One of the most common problems observed 
in the clinic is Excess Liver Fire. One of the many 
causes of Excess Liver Fire is the repression of an- 
ger and a suppression of the spiritual components 
of the Hun. When anger is suppressed, its vola- 
tile Heat will sometimes attack and drain the Kid- 
ney Yin (Water). Therefore, Excess Liver Fire is 
generally related to a Deficiency of the Kidney Yin 
energy. When Qigong doctors reduce the Excess 
Liver Heat, they must also increase the patient's 
supply of Kidney Yin (Water) Qi (see note #2). 

If the Liver’s Yin becomes Deficient, the 
body’s Qi will not be able to keep the patient's 
Internal Fire from rising. This causes the Yang to 
rise to the patient's head, and the Blood to become 
Deficient. The patient becomes irritable as the 
Liver’s Yang begins to rise. This in turn, causes 
high blood pressure, which is associated with such 
problems as headaches, dizziness, insomnia, tin- 
nitus, hypertension, and migraine headaches. 
Deficient Liver Yin, if unchecked, turns into Liver 
Fire, which causes severe high blood pressure, and 
heats the patient's Blood. As the Blood heats, it 
becomes Deficient, and causes Liver Wind. Un- 
checked Deficient Liver Yin results in shaking and 
trembling. If the Liver Wind mixes with the 
patient’s Phlegm, it blocks the patient’s channels 
resulting in paralysis, aphasia, memory problems, 
and eventually stroke. 

The method of treatment is chosen according 
to the patient’s syndromes: 

1. For patients sensitive to energy, use Medical 
Qigong therapy while the patient is lying su- 
pine. 

¢ Purge and disperse Qi from the patient's 
Liver; 

¢ Pull pathogenic Qi out the patient’s Liver 
Channels; 


¢ Tonify the patient’s Kidneys through the 
Lower Dantian; 

* Give Liver purging and Kidney tonification 
prescriptions and homework. 

2. For patients not sensitive to energy, use Tui 
Na and An Mo in conjunction with Medical 
Qigong therapy while the patient is lying 
prone. 

* Purge and reduce the Fire in the patient’s Gov- 
erning Vessel and Bladder Channels; 

* Start at the Mingmen and dredge the patient's 
Liver Fire, ending at the sacrum, using a coun- 
terclockwise circle rotation to reduce the 
Liver’s Qi; 

¢ Give Liver purging and Kidney tonification 
prescriptions and homework. 

Note #1. If the Liver Fire attacks the Stom- 
ach, resulting in vomiting and migraine head- 
aches, have the patient lie supine. Because the 
Liver’s Fire can travel transversely along the hy- 
pochondrium area, the Qigong doctor rocks and 
gently shakes the patient from the center of the 
thorax down to the Kidneys using intention, lead 
and disperse the Heat out from the patient's torso. 
Next, pull the Stomach Qi down and out of the 
patient's feet. 

Note #2. Tonify the patient’s Kidneys by us- 
ing Jing Point therapy on the following points: St- 
36, GB-34, Sp-6, Lv-3, and Kd-1 on both sides of 
the body. 

BEATING THE BAG AND SHOUTING TO 
DETOXIFY LIVER HEAT AND RELEASE 
TRAPPED ANGER AND RAGE 

Beating the Bag and Shouting is the most com- 
mon Medical Qigong homework given to patients 
with Excessive Liver Fire. The concept of Beating 
the Bag and Shouting is best comprehended when 
the function and flow of Liver Qi Heat is under- 
stood. When striking the bag and shouting, the 
shaking movements of the body will: 

¢ facilitate an energetic discharge from the Liver 
organ, 

¢ help alleviate pressure stored within the Liver 
organ itself (detoxifying suppressed feelings), 
and 

* purge the body of Excess Liver Heat. 


It is important for the patients to understand, 
that when shouting and striking on the surface of 
the bag (while focusing their intention deep into 
the bag’s center), they are releasing deep seated 
pathogenic rage. This is why it is prohibited for 
patients to substitute such things as pillows, bed, 
etc., for the bag. If a patient takes a pillow and 
pounds it, for example, screaming and shouting 
to release the aggression, he or she is releasing 
and discharging pathogenic Qi into the pillow. If 
after releasing this Toxic Qi into the pillow, it is 
returned to the bed for a person to sleep on, the 
patient will reabsorb the discharged energy. To 
avoid this occurrence, patients are encouraged to 
set aside a space where they can safely discharge 
internal pathogenic Qi (preferably outdoors). This 
is similar to isolating and storing garbage away 
from living quarters. 

While striking the bag, in addition to feelings 
of anger and rage, sometimes the patient may start 
crying or experience overwhelming feelings of grief 
and despair. This is also a normal reaction to dis- 
persing toxic emotion. It sometimes occurs while 
discharging Stagnant Liver Qi, because the Lungs, 
which store the emotion of grief, have the function 
of keeping the Liver organ in check, in accordance 
with the Five Elemental Controlling Cycle. 

What the patient needs to perform this exer- 
cise is two wooden dowels (1-1.5 inches in diam- 
eter and three feet long), a large bag of rice from 
the grocery store, and some duct tape. Completely 
encase the bag of rice with the duct tape to pre- 
vent spilling. Place the bag on a table, or a hard 
surface, level with the Lower Dantian. Hold a 
dowel in each hand, strike the bag, and focus on 
the Liver’s Qi traveling up the back, down the 
arms, and through the wooden dowels. 

With each impact, imagine the body releas- 
ing Toxic Liver Qi into the bag. It is important for 
the patient to exhale completely and deeply from 
the lower abdomen when shouting and striking 
the bag. Sometimes the patient is encouraged to 
shout “no” or “stop.” These words will help the 
patient to facilitate complete emotional discharg- 
ing, while also reestablishing a patient’s broken 
energetic /emotional boundary system. 

Bag striking should be performed for 10-15 
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minutes to achieve maximum benefit. Afterwards 
patients may feel euphoric and exhausted due to 
the heightened endorphin activity now occurring 
within the tissues. If the patient still feels angry, 
he or she should try writing out the rest of the 
rage on paper, which is then discarded. In order 
to end the exercise, patients should sit for five 
minutes in quiet solitude. It is important for the 
patient to reflect on any emotional memories 
which have been released and brought back into 
consciousness. The patient may then begin shar- 
ing these feelings and memories with the doctor, 
and commence the process work for healing the 
unexpressed emotions. 

Some patients may become absolutely horri- 
fied at themselves for getting so angry during bag 
beating that they feel terrified afterwards; espe- 
cially if so much rage was built up that is seems 
there is no end to it. Often patients are forced to 
stop from overwhelming fatigue, aches, and pain 
caused by this purging exercise. If the patient al- 
lows the rage to build and never completely pro- 
cesses the rage, it may cause the patient to feel 
that without the anger he or she would literally 
cease to exist, or that he or she is innately evil. 
The patient may feel that he or she “is” the anger, 
and that the exercise is making it worse, and may 
strive to control the anger even more than before. 

Some patients will get so mad, they will walk 
out on the Qigong doctor without processing any- 
thing. This unprocessed rage can be extremely 
dangerous, especially if the patient is prone to 
beating his or her mate, kids, or pets. Many people 
are completely unaware of how much anger they 
have suppressed. Some patients are like bottom- 
less wells, especially patients with borderline per- 
sonality disorder. Patients with this disorder 
should never be given this exercise, as it could 
lead to self-mutilation. Refer such patients out for 
psychotherapy. 

In our culture, women are not allowed to ex- 
press anger, much less rage. If the patient has ever 
been beaten, or witnessed a loved one being 
abused, he or she may believe that he or she is 
just like the abuser, and that he or she has been 
lying to him or herself about not being bad and 
may become suicidal. 


Bag 
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The Qigong doctor should never prescribe this 
exercise unless he or she fully understands the 
complexity of the patient’s circumstances. Some 
patients require a period of time, in a safe place, 
with supervision to help them deal with such in- 
tense emotions. 

Other possible reactions might be that the 
patient goes into stronger denial of the rage, 
blames the doctor for causing him or her to beat 
their mate or children, or blames the doctor for 
causing the rage. The Qigong doctor must make 
sure there is sufficient time for the patient to pro- 
cess all the reactions aroused. The patient must 
not feel hurried. 


ANGER MANAGEMENT 

With some patients it is best to start them off 
journalizing the anger, not ina dairy, but on sheets 
of paper. They address the letters to the person, 
or persons, with whom they are angry. They con- 
tinue writing until all the anger has been dis- 
charged. They are not to mail the letters, or give 
them to the addressee, or show them to anyone 
including the Qigong doctor. In writing the letter, 
they allow themselves to fully express the anger 
without judging themselves. The patient should 
not be concerned about grammar, foul language, 
etc. No matter how trivial the upsetting incident 
was, it should be written down. The flow of con- 
sciousness is initiated and continued until the end 
of the letter. No event (no matter how silly or in- 
significant) that comes to mind should be left un- 
expressed. 

When finished, the letter is to be torn up, or 
safely burned in a ritual of healing and letting go 
(e.g., light some incense or candles, then blow 
them out after the paper has been incinerated). 
Symbolically the patient must let go of the anger 
for good, and that is why the letter is destroyed in 
a ritualistic act. 

Only later, as the patient continues to prac- 
tice this purging technique, slowly gaining con- 
trol of the emotions, can the angry letters be kept 
for a few days and reread. In rereading the letters 
the patient engages his or her discriminating, 
judging faculties (i.e., “Was I right to get upset 
over this incident? Did I over-react? What did this 


incident remind me of from my childhood?”). This 
is a safe and very powerful method of discharg- 
ing anger from the patient's body. The patient is 
encouraged and allowed to say everything he or 
she thinks of when writing, holding nothing back. 
It is nonthreatening, and allows the patient to 
come to understand him or herself better in time. 


TREATING STAGNANT LUNG QI AND 
THE REPRESSION OF GRIEF 

The Lungs dominate the Qi and respiration. 
Acommon problem observed in the clinic is stag- 
nant, or obstructed Qi within the Lungs, from the 
toxic buildup of sorrow, grief, and worry. Sadness 
and sorrow can cause a Deficiency of Lung Qi, 
while worry can cause the Qi in the chest to stag- 
nate. Stagnant Qi within the Lungs is usually di- 
rectly or indirectly related to the suppression of 
emotional issues. 

The right Lung is considered more Yang than 
the left Lung; it therefore tends to reflect, and 
sometimes manifests physically, any unresolved, 
or suppressed emotional conflicts experienced 
within the father-child relationship (or other main 
male figures in the patient’s childhood). These 
unresolved emotional issues tend to carry over 
and help shape the nature of subsequent conflicts 
experienced in other male relationships. These 
ongoing emotional reactions provide a further 
opportunity in life to express, work through, and 
resolve these emotional issues. 

The left Lung is considered more Yin and thus 
reflects emotional issues stemming from the 
mother-child relationship (or main female figure 
in childhood). The left Lung may likewise mani- 
fest these issues in subsequent female relation- 
ships. 

Generally, cysts, tumors, or cancer originat- 
ing in these corresponding regions reflect the emo- 
tional history. Because of these emotional pattern- 
ings, the method of treatment for Lung diseases 
(that are Internally induced) is chosen according 
to the patient's syndromes in relationship to the 
root of the original trauma. After determining the 
specific Lung which dominates and manifests the 
patient's pathogenic condition, the Qigong doc- 
tor proceeds as follows. 


1. For patients sensitive to energy, use Medical 

Qigong therapy while the patient is supine. 
* Disperse Qi over the patient's throat and 

Lungs; 

* Purge pathogenic Qi out the afflicted Lung 

Channel; 

* Tonify the patient's Spleen and Kidneys; 
* Prescribe Homework. 

2. For patient’s not sensitive to energy, use Medi- 
cal Qigong therapy in conjunction with An 
Mo Qi therapy while the patient is supine. 

¢ Disperse Qi over the patient's throat and Lung 
area; 
* Purge pathogenic Qi out the afflicted Lung 

Channel; 

* Dredge Fire from the patient's Liver; 

* Tonify the patient’s Spleen and Kidneys; 

¢ Prescribe Homework. 
DRY CRYING TO DETOXIFY STAGNANT LUNG 
QI AND RELEASE TRAPPED SORROW AND 
GRIEF 

The most common homework prescription 
given to patients with stagnant Lung Qi is the Dry 
Crying exercise. The concept of “dry crying” is 
best understood if we look back to when we were 
little children. When little children cry hard, they 
generally release full body resonances. They shake 
and undulate from the middle of the body, allow- 
ing the pain to resonate outwards. When children 
reach puberty, they learn (through parental or peer 
pressure) to suppress their feelings, and to restrain 
full body resonance, by tensing the muscles in the 
throat. The constant pressures from society, par- 
ents and peers, result in self-conscious feelings and 
shame regarding the loss of control over the emo- 
tions. The following exercise allows the patient to 
experience full body resonation and to release 
deeply suppressed emotions. 

Begin the exercise from a standing position. 
Stand with the feet more than shoulders width 
apart, toes pointing straight and the knees com- 
fortably bent. With each hand, touch the thumb 
to the index finger to form a circle. Relax the arms 
letting them hang naturally. Close the anal sphinc- 
ter, and breath naturally from the abdomen. Tilt 
the head backwards, opening the mouth wide, 
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Figure 53.24. Dry Crying 





and relax the jaw. Allow the upper body to lean 
and bow backwards (without straining the spine), 
but stretching the psoas muscles. Hold this pos- 
ture from 5 to 15 minutes, concentrating on relax- 
ing the body, and allowing it to resonate (Figure 
53.24). 

The psoas muscles are located in the lower 
back and Mingmen area. They articulate from the 
transverse process of the lower lumbar vertebra. 
These muscles travel near the center of the abdo- 
men down to the inner thigh. These particular 
muscles are associated with the storing and re- 
leasing of powerful emotions. As the psoas 
muscles stretch, the body begins to resonate and 
shake from the pelvic cavity upward. This action 
returns patients back to the preadolescent state of 
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energy release, allowing them to detoxify deep 
seated grief within the tissues. 

In order to complete the exercise, it is extremely 
important to ground. This prevents the uprooted 
toxic emotions from causing Qi stagnations in the 
throat and chest area. After holding the posture for 
the prescribed amount of time, slowly lean forward 
and tilt the chin down. Allow the arms to continue 
to hang naturally. Slowly lean forward until the 
hands touch the floor. Imagine Qi, flowing like 
water, from the torso out your arms, cleansing your 
body, sending the pathogenic Qi deep into the cen- 
ter of the Earth. 


CONTRAINDICATIONS 

Patients should avoid this particular exercise 
if they have previously injured their back. For pa- 
tients who have difficulty with the stretching of 
the cervical or lumbar vertebrae, it is encouraged 
that they wear a cervical collar or lumbar sup- 
port to prevent injury to the spine. Also, the ex- 
ercise can be modified to allow the patient to sit 
comfortably on the edge of a chair while stretch- 
ing the psoas muscles if the standing stretch is 
too difficult. 
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QI EMISSION THERAPY FOR ONCOLOGY 


HISTORY OF CANCER 


TREATMENTS 


The ancient doctors of Traditional Chinese 
Medicine understood about the formation of tu- 
mors. The earliest records found were inscriptions 
recorded on “Oracles of Bone,” unearthed from 
the ruins of the Yin Dynasty (16th-11th century 
B.C.). The word “ai” (cancer) first appeared in the 
Chinese Medical classic Wei Ji Bao Shu during the 
Song Dynasty, in the year 1171. 

In Traditional Chinese Medicine, cysts, tu- 
mors, and cancers are considered multifaceted dis- 
eases, originating from imbalances in one or more 
of the five following sources: environmental, 
chemical, biological, physical, and psychological. 
According to the General Treatise on the Etiology and 
Symptomatology of Diseases, a tumor is one of the 
many diseases that responds to Dao Yin (Medical 
Qigong) exercises and meditations. To prevent the 
formation of cysts, tumors, or cancer, and to in- 
crease the strength of the immune system, Qigong 
doctors encourage patients to monitor their diet, 
maintain emotional stability, increase physical 
exercises through Medical Qigong prescriptions, 
and avoid exposure to pollutants. 

From a Western Medical perspective, tumors 
and cancer are likewise considered multifaceted 
diseases. They are generally viewed as being cre- 
ated and formed through a constant bombard- 
ment, attack, and weakening of the tissues, caused 
by the following three factors: 

* Acongenital tendency towards specific types 
of tumors and cancers (inherited weakness); 

* Exposure to radiation, environmental pollut- 
ants, and chemical poisoning, and 

¢ An inability to repair weakened DNA, lead- 
ing to uncontrolled replication. 

In Traditional Chinese Medicine, cancer cells 


are considered “infant bodies” which absorb nour- 
ishment from the host (mother) body for their own 
growth; thus they are called “pathogenic or evil 
embryos.” Cancer cells are actually components 
of the “original” or “mother” body. 


CATEGORIZATION OF TUMORS 

In Chinese Medicine, tumors and cancers are 
commonly referred to as “a retention of mass.” 
Retention has the meaning of stagnation. Tumors 
and cancer originate from flowing substances 
within the body such as Qi, Blood, Phlegm, and 
food. These substances stagnate when they are at- 
tacked by pathogenic factors, and they gradually 
take on the form of a lump as a result of excessive 
accumulation. If the lump subsides spontaneously, 
it is commonly referred to as a cyst, or benign tu- 
mor. Many benign cysts and tumors, however, 
persist indefinitely. 
BENIGN TUMORS 

Abenign tumor grows slowly, and can sponta- 
neously stop growing, or disappear by itself. A be- 
nign tumor also grows in expansive ways. Its mar- 
gin is clearly defined with firm boundaries, and is 
easily manipulated through palpation. There is no 
temperature differentiation between the skin sur- 
rounding a benign tumor and normal skin tissue. 

Often, no symptoms surround the internal lo- 
cation of a benign tumor. As the tumor grows in 
certain areas of the patient’s body, however, it can 
disrupt the functional activity of an affected organ. 
Benign tumors have been known to cause bleeding 
and inflammation. If the tumor is located within 
the endocrine glands, it can cause an abnormal func- 
tion within the gland itself. A tumor located within 
an endocrine gland does not usually endanger the 
patient's life. Benign tumors can, however, become 
life threatening if the location compresses specific 
areas of the patient’s brain or vital organs. 
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3. Exophytic 
Growth 


Figure 54.1. The Three Formations of Cancer Growth 


MALIGNANT TUMORS 

A malignant tumors grow very fast (poten- 
tially doubling every two months). Degeneration, 
festering, and hemorrhaging often accompany 
malignant tumors. A malignant tumor is infiltra- 
tive in its growth, with no clearly defined bound- 
ary. Its appearance is irregular and fastened (not 
easy to move through palpation). The skin tem- 
perature surrounding the malignant tumor is con- 
sidered energetically Hot, as itis warmer than the 
normal surrounding tissue. 

Most malignant tumors either metastasize to 
nearby, or distant areas of the body. The body's 
symptoms include fever, pain, anemia, fatigue, 
and general weakness. In many cases, if left un- 
treated, they can cause death. Malignant tumors, 
and cancers can be divided into two main catego- 
ries: a Carcinoma, and a Sarcoma. 

1. A carcinoma is a malignant growth or tumor 
that occurs in the epithelial tissue (the outer 
surface or first layer of tissue that lines the 
body’s cavities, as well as the principal tubes 
and passageways leading to the exterior of the 
body). Skin cancer, esophageal squamous can- 
cer, adenocarcinoma of the Stomach, and 
breast cancer all belong to this type of carci- 
noma. A carcinoma may affect any organ, or 
part of the body, and may spread by direct 
extension, or indirectly through the lymphatic 
system and bloodstream. 


asa 


2. A sarcoma is a malignant growth, or tumor, 
that occurs within the connective or mesen- 
chymal tissue. It may affect the muscles, 
bones, fat, blood vessels, lymph system, Kid- 
neys, Bladder, Liver, Lungs, Spleen, or parotid 
glands. Rhabdomyosarcoma (sarcoma of the 
muscles), osteosarcoma (sarcoma of the 
bones), and lymphosarcoma (sarcoma of the 
lymphatic system) all belong to this type of 
sarcoma. 


THREE FORMATIONS OF CANCER 
GROWTH 

According to Dr. Pan Mingji, Director of the 
Fuzhou Cancer Institute of Integration of Traditional 
Chinese and Western Medicine, there are three 
forms of cancer growth: Expansive Growth, Infil- 
trative Growth and Exophytic Growth (Figure 54.1). 

1, Cancers of the Expansive Growth type con- 
sist of tumor cells crowded together on cer- 
tain parts of the body. These cells proliferate, 
grow constantly, and expand towards the 
outside. The cells of the surrounding tissue 
form a wall to resist the tumor’s expansion. 
The wall becomes the external membrane of 
the tumor, which has an evident boundary 
separating it from the normal tissue. Tumor 
growth begins in this way in the early stages 
of both benign tumors and malignant sarco- 
mas. 

2. Cancers of the Infiltrative Growth type con- 
sist of cells that not only group together, but, 
also separately invade the intercellular spaces, 
and tubular tissue of normal cells. They es- 
tablish their foundation within the tissues, 
and proliferate daily, expanding outward with 
no boundary system between the cancer tu- 
mor and the normal tissue. Since there is no 
surrounding wall of membrane, the growth 
spreads in mass. Malignant tumors, especially 
carcinoma growth, infiltrate in this way. 

3. Cancers of the Exophytic Growth type con- 
sist of cancer cells that occur on the skin, body 
cavity, or gastrointestinal mucosa; they often 
form on the surface of the body’s tissues 
through papillary masses, projecting out- 
wards on the skin and mucosa. Polyp, papilla- 


shaped tumors, papilloma, gingival cancer, 

esophagal cancer, Stomach cancer, and intes- 

tinal cancer all grow in this way. 

Benign tumors do not spread; they only grow 
in an expansive or exopathic way. The malignant 
tumor is different, however, as the cancer cells do 
not remain in their original location but expand 
from the mass outward. This expansion extends 
into other organs and tissues by way of the body’s 
lymphatic plexus and blood circulation. This phe- 
nomenon is known as metastasizing. 


ETIOLOGY, THE SIX PATHOGENIC 
EVILS THAT CAUSE CANCER 

The following is an analysis of the causes of 
tumor formation. Traditional Chinese Medicine 
maintains the concept that a tumor is a systemic 
disease (affecting the whole body). It can be sum- 
marized as a disorder of the internal organs caused 
by emotional strains, and an imbalance of the vis- 
cera, that has allowed the pathogenic Evils to en- 
ter the body and obstruct the channels and 
collaterals. These pathogenic Evils cause prob- 
lems, that may eventually lead to the stagnation 
of Blood and Qi and develop into tumors. The pa- 
thology of cancer is as follows: Qi stagnation, 
Blood stagnation, Retention of Toxic Dampness, 
Retention of Phlegm, Toxin Attack, and Weakness 
or Deficiency of Energy (Figure 54.2). 

1, Emotional strains, depression of Liver Qi, or 
External pathogenic Evil factors can lead toa 
stagnation of Qi. Long term Qi stagnation can 
cause stagnation of Blood, which eventually 
causes clots. It is known that pathogenic Cold 
and Heat, and the prevailing pathogenic Evil 
factors, inevitably cause Blood clots. 

2. Since Blood and Qi flow together, the obstruc- 
tion of Qi can lead to an interference in Blood 
circulation. This interference gradually leads 
to Blood stasis; Blood Stasis is always further 
complicated by stasis of Qi. Blood stasis is 
sometimes referred to as “Dead Blood,” due 
to the fact that the Blood is not moving. When 
Dead Blood accumulates in a certain area of 
the body, it eventually develops into an im- 
movable mass or lump. 

3. A weakness of the Spleen and Stomach, as 
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Cancer -Retention of Phlegm 


.Toxin Attack 


.Weakness or Deficiency of 
Energy 


Figure 54.2. The Six Pathogenic Evils That Cause 
Cancer 





well as indigestion, can cause retention of 
fluid in the body. Long term fluid retention 
will produce toxic materials that can accumu- 
late and form lumps. 

4, Functional disorders of the Lungs and Spleen 
lead to poor digestion of watery food, and 
poor distribution of Body Fluids. Fluid reten- 
tion causes Phlegm, especially when it is com- 
plicated by Excess Heat. If Phlegm is unable 
to move upward to be dispersed out of the 
body, it collects and stagnates. The stagnation 
of Phlegm in the Lung(s) leads to asthma. The 
stagnation of Phlegm in the Stomach causes 
gastric disorder and nausea. If Phlegm goes 
beneath the skin, it will take the form of a 
movable mass or lump. 

5. Toxic Evils may come from poisonous exter- 
nal environments (exposure to chemicals, as- 
bestos, ultraviolet rays, radiation, etc.) or may 
be generated by the stagnation of Excess Heat 
within the body. This Excessive Heat causes 
abnormal cell fusion and growth within the 
body, leading to cancer formation, and a sys- 
temic breakdown of normal cell growth. 

6. Deficiency of both Qi and Blood, as well as a 
weakness of Yuan Qi, make the body more 
vulnerable and susceptible to the formation 
of new growth. When pathogenic Evils enter 
the body, they damage the Blood and Qi. If 
the Yuan Qi cannot be restored, the disease 
will lead to a vicious, destructive cycle, mak- 
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ing the individual more and more debilitated. 

These six pathological changes may occur ei- 
ther alone or in combination: i.e., Qi and Blood 
stasis, Phlegm stagnation and Toxic Dampness, 
Phlegm stagnation and Blood stasis, a weakness 
of the body’s Yuan Qi and strong pathogenic Evils. 

The choice of which Medical Qigong therapy 
to use should be based on differentiation of symp- 
toms and signs. Since cancers are primarily caused 
by emotional strains, strong pathogenic Evils, and 
a weakness of the patient’s Yuan Qi, clinical therapy 
should be focused on tonifying the patient’s Yuan 
Qi, and purging the Evil pathogenic factors. 


EMOTIONAL COMPONENTS OF CANCER 
FORMATION 

From the clinical perspective, if the cancer is 
internally induced through emotional suppres- 
sion, there will be a series of emotional transitions 
the Qigong doctor will observe during its devel- 
opment. When there is an accumulation of nega- 
tive emotions, for example, the patient’s body 
begins to wall off this type of energy, and creates 
an energetic cyst, instead of dissipating and dis- 
posing of the Toxic Qi. The patient’s suppressed 
internal emotions intensify the production and 
formation of the cyst, and feed the cancer cells, 
which result in an uncontrolled, rapid growth rate 
of these cells. 

The body creates potential tumors and can- 
cer cells every day. The macrophages or mono- 
cytes (large phagocytes) in the immune system ag- 
gressively attack and dissolve the cancer cells once 
the body becomes aware of them. Areas in the 
body, however, which are armored in denial, tend 
to attract and protect these distorted cells, allow- 
ing them to cluster and mass together. 

Cancer cells can grow and accumulate wher- 
ever emotions are being repressed. The patient's 
denial maintains the constant unconscious flow 
of energy to these tissue areas. The phagocytes 
and other components of the immune system do 
not attack these toxic pockets of emotional energy, 
because of the patient’s continuous denial of their 
existence. Consciousness and awareness exists 
even at the cellular level of the body. The continu- 
ous emotional energy bombarding the cells and 


tissues causes these tissues to go into an emotional 
state of shock. Emotional shock causes a release 
of endogenous opiates and corticosteroids, that 
deplete the white blood cells, and prevent the im- 
mune system from protecting the body. Because 
of the immune system’s weakened state of resis- 
tance, infection and even the formation of cancer 
cells are now free to enter and coagulate within 
the tissue areas. 

Scientific studies based in China, and the West, 
have shown that stress can stimulate the neuroen- 
docrine system to the extent that it leads to depres- 
sion of the immune system. Furthermore, the cre- 
ation and growth of cancer can be influenced by 
stress. Removal of psychological stress alone can 
alter the neuro-immunologic functioning of the 
body to the extent that it can prevent and even 
change the course of cancer development. 

Ina patient with emotional blocks, chronic ten- 
sion begins to interrupt the flow of Qi. If the emo- 
tional block is deep and long standing, this tension 
becomes constant. The capacity to express or dis- 
charge the trapped emotion becomes very difficult. 

As the awareness dims, the natural commu- 
nication between the conscious and subconscious 
mind breaks down. The original conscious deci- 
sion to suppress certain emotions becomes a habit; 
it thus becomes an unconscious aberrant auto- 
matic function. When emotions are expressed, the 
conscious and subconscious mind are in harmony 
and synergized. When emotions are suppressed, 
the subconscious mind can no longer perform its 
job of healing the body; it diverts all its energy to 
shield the patient's denial system. Thus, the Shen 
itself, becomes misaligned with the patient's life 
purpose. The patient's posture, movements and 
lack of spiritual growth, reflect this misalignment. 
Changes also occur in skin temperature, body 
chemistry, and skin tone. The overall level of vital 
life force visibly drops. 

Dr. Xu, at the Xi Yuan Hospital in Beijing, 
China, often pointed out that emotional upheaval, 
and the restriction of the breath, could cause the 
patient’s energy to stagnate or deviate from its 
path. The deviated Qi draws more energy to its 
pathway, compounding the disease. The unstable 
emotional and mental focus of the patient further 


causes adverse effects to the body. Medical Qigong 
therapy and exercises expose the patient's deep- 
est secrets, and thus reveal the underlying causes 
of the disease, which can then be treated. The 
patient's being is energized through his or her 
personal perceptions and belief structures. There- 
fore, it is necessary to change the patient's belief 
structure to increase the level of awareness and 
perceptual accuracy. The patient must be enabled 
to let go of suppressed emotions to fully experi- 
ence deep emotional and spiritual changes. The 
Qigong doctor initiates the release of Toxic Qi to 
begin this healing process that can thereafter be 
maintained through appropriate prescriptions. 

When cysts, tumors, or cancer are internally 
induced, they are formed from long-standing sup- 
pressed emotions which have become trapped 
within the tissue itself. These emotions usually 
consist of anger, guilt, grief, shame, and disap- 
pointment. The energetically formed cyst, or tu- 
mors, will remain walled off until the emotional 
energy is dissipated. Cysts, or tumors, can lodge 
themselves anywhere, penetrating deep into the 
major viscera causing visceral dysfunction; or they 
can superficially lodge themselves beneath the 
skin. 

If the nature of the emotional energetic ma- 
trix (i.e., belief structure) is negative, the patient 
retains the energy of the injury, making it diffi- 
cult to heal the trauma. If, however, the emotional 
matrix is positive, then the energy of the injury 
can be easily dispersed. 

Once the Qigong doctor’s energy reaches the 
cyst or tumor, the patient’s energetic resonance 
supporting the tumor formation is interrupted. As 
the doctor continues to break up the cyst or 
tumor’s physical mass, the frozen energetic pat- 
tern begins to unwind. The doctor continues to 
unravel the energetic mass until all the Heat has 
been released from the tissues, and the energetic 
pattern’s unwinding is completed. 

The underlying pathophysiology of healing 
can be broken down into four components: 

1. The mind affects tissue matter through the 
emotions. 

2. The emotions cause neuropeptides to be re- 
leased. 
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3. The emotions (via the neuropeptides) influ- 
ence the direction and movement of the im- 
mune cells (¢.g., monocytes), sending them 
to various parts of the body. 

4. The immune system (e.g., monocytes and ph- 
agocytes) heal the body. 

The neuropeptide receptor sites are located 
on the immune cells, linking the body’s immune 
system with the functions of the mind, emotions, 
and spirit. Neuropeptides are produced in re- 
sponse to the individual’s state of mind and emo- 
tions; they influence the state of health of all the 
internal organs. 

Through Dynamic Medical Qigong training, 
neuropeptides, in the form of endorphins, are re- 
leased within the body’s system. This release of 
energy and endorphins helps to facilitate the 
patient's healing. 

Through the use of Medical Qigong therapy, 
exercises, and meditations, areas of denial and 
subconscious energetic patterning can be altered. 
The energetic matrix which supports the tumor(s) 
or cyst(s} thus dissolves. 

When a healing session occurs, the Qigong 
doctor’s external energy field envelops the 
patient's tissues, thus allowing the patient's cells 
to receive new information to reprogram the toxic 
energetic patterns, This reaction occurs providing 
the patient’s tissues are open to receive the infor- 
mational structures needed to either rebuild them, 
or disperse the disease‘s cell formation. 


CANCER FORMATION AND THE 
PATIENT’S MIND, EMOTIONS, AND 
SPIRIT 

Emotions strongly influence the increase or 
decrease of tumor size; therefore, it is important 
to regulate the patient’s mind, emotions, and 
spirit. When the patient’s mind, emotions and 
spirit are free from distractions and are in har- 
mony, the patient is able to manage negative emo- 
tions. Regulating the Mind (whole body aware- 
ness and consciousness) is considered the primary 
Medical Qigong technique used for teaching pa- 
tients how to avoid creating the dark abyss of 
negative emotions. 

The patient must learn to let optimism pre- 
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vail over pessimism. The practice of Medical 
Qigong not only cultivates vital energy and builds 
up the patient’s health, but promotes the devel- 
opment of optimism through creating a quiescent 
mind. Tranquility and optimism improve circula- 
tion of Qi and Blood (which strengthens the im- 
mune system) thereby inhibiting cancer cells un- 
til they gradually perish. 

While visiting in Maui, Hawaii, I came in con- 
tact with four people who had been diagnosed with 
terminal cancer, and had a life expectancy of two 
weeks according to their physicians. Each person 
had their own unique story as to how they had come 
to the Hawaiian Islands to die. What struck me as 
fascinating was the fact that each one of these indi- 
viduals had either left successful but extremely 
stressful businesses, or long term abusive relation- 
ships. Each made amends the best they could with 
relationships from their past (those who had anger 
against them or those whom they had hurt). They 
had come to paradise to live their last weeks in 
peace. That was several years ago! It seems that 
upon resolving all personal conflict, and leaving 
their stressful environment, their cancers went into 
spontaneous remission. Each individual was now 
concentrated on enjoying the pleasures of a sim- 
pler life, and on focusing on their own spiritual 
growth. 


STRESSFUL LIFE ACTIVITIES AND THE 
IMMUNE SYSTEM 

Stressful life activities create a flood of adrena- 
line within the body. This occurs not only from 
the endings of the vertebral lumbar division at the 
core segment of the major internal organs, but also 
from the core of the adrenal gland in the medulla 
(which specifically is a sympathetic ganglion, and 
responds to stress by releasing adrenaline into the 
blood stream). Adrenaline spreads throughout the 
body and activates not only the body’s sympa- 
thetic nervous system, but also the adrenal glands; 
the heart rate, respiratory rate, blood pressure, and 
Blood flow to the muscles are increased in re- 
sponse to the Fight or Flight Syndrome. 

When the release of adrenaline causes the 
mind and body to react, the immune system must 


then seek to balance the chemical imbalances cre- 
ated within the body, before it can return to its 
normal job of monitoring cellular activity, and 
defending against pathogens. If a patient is al- 
ready vulnerable to a specific disease, added stress 
causes the patient to get sick quicker. Meditation 
takes the patient out of the stress mode, deacti- 
vates the adrenal glands, and normalizes the func- 
tion of the immune system. 

An unstable life style is very stressful and can 
lead to depression and Qi deviations. Conflict 
produces stress which causes anxiety; chronic 
stress wears down the mind and body, which leads 
to anxiety, or depression. Stress begins with an 
overexcitement of the nervous system, slowly 
working its way deep into the body like wet ce- 
ment. It causes the shoulders and upper back to 
become tense and rigid. Stress can result from 
happy occasions (such as weddings) and other 
normally pleasant events. When the patient's life 
style is not properly balanced, over time Qi de- 
viations, and illness can result. The capacity to 
bear stress is related to the strength of the nerves. 
When stress levels surpass the nervous system’s 
capacity to handle them, the nerves “break down”; 
this results in all sorts of physical, mental, and 
emotional disturbances. These disturbances, if un- 
heeded, can eventually lead to organ malfunc- 
tions, cysts, tumors, cancer, and premature death. 
To avoid such states, a balance between work and 
rest must be maintained. 

At a conference of the International Society 
for Neuro-immunomodulation (The Effects of Stress 
and Depression on Physical Disease), Dr. Philip Gold, 
of the National Institute of Mental Health stated 
that stress and depression send hormones (e.g., 
cortisol) flowing into the bloodstream. An imbal- 
ance of hormones, if unregulated, can: 

¢ destroy the appetite, 
* cripple the immune system, 
¢ shut down the processes that repair tissue, 
¢ inhibit sleeping patterns, 
* break down bone density, 
¢ aid the onset of infection, and 
* instigate the growth of cancer cells. 
An individual’s emotional past determines 


his, or her, present state of health, both physical 
and emotional. Past emotional belief structures are 
responsible for both creating and healing diseases. 
Just as thoughts drift through the mind (but do 
not become active until they reside within a be- 
lief structure), so emotional wounding resides 
within the tissues and cells waiting to be activated 
by emotional upheavals. Our thoughts become 
form via choices, and manifest within the body. 

In most societies, sharing traumatic wounds 
is often the first act of intimacy and bonding. Trau- 
mas provide a common ground for relationships, 
and support the pain structure that cements the 
relationship. People become addicted to empow- 
ering wounds, which in turn supports and em- 
powers the disease. The exchange of painful per- 
sonal traumas is reinforced by receiving sympa- 
thy and strong empathy, which binds rather than 
releases the pain from the tissues. Desire for shar- 
ing one’s pain in order to receive love can lead to 
a habitual way of relating to those closest and 
dearest. When such individuals feel taken for 
granted, or unappreciated, they may immediately 
resort to sharing past traumas to illicit the desired 
response. When such techniques fail to elicit the 
desired response, anew wounding is experienced. 
Many of these individuals will continue to uncon- 
sciously create new traumas, in the hope that, this 
time, the desired outcome will be achieved. This 
in turn can become an addiction, empowering old 
wounds as it creates new ones, including illness. 
Thus, the spirit becomes divided to support the 
new belief structure (i.e., that pain and misery grin 
love and attention), and the life-force energy de- 
viates from its assigned job of protecting the body, 
which creates illness. Setting the self up for new 
wounds is not a conscious process, but an uncon- 
scious one, which needs to be brought into the 
patient’s awareness in order to be healed. Then 
and only then can the mind and spirit act as one 
unit, directing the body’s Qi towards its proper 
function of healing. 

Because energetic healing occurs in the 
present, not in the past, victims of past traumas 
will never heal if the energy continuously re- 
gresses to the armored traumatic belief structure. 
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USING MEDICAL QIGONG TO 
STRENGTHEN THE IMMUNE SYSTEM 

Medical Qigong increases leukocyte produc- 
tion, stabilizes the body’s blood pressure, and im- 
proves the immune function. The immune system 
is not so much an independent system, but is 
rather an interactive functional system through- 
out the body. Immune cells which live in the Blood 
and lymph fluid are commonly known as leuko- 
cytes (white blood cells); lymphocytes are a type 
of leukocytes that is created in the Spleen. The pur- 
pose of these cells is to work together to defend 
against pathogenic factors. The function of leu- 
kocytes and lymphocytes is to identify, ingest, de- 
stroy, and eliminate disease-causing organisms, 
as well as remove ali dead, damaged, or irregular 
celis. 

Immune cells are produced in the lymph tis- 
sue and red bone marrow, and are stored in the 
lymphatic organs and the Blood. To perform the 
function of protecting and cleaning, immune cells 
must circulate throughout the entire body through 
the capillaries and vessels that carry Blood and 
lymph fluid. Immune cells travel from the lymph 
nodes and the lymphatic organs of the thymus 
gland, Spleen, and tonsils, which are responsible 
for filtering the lymph fluid to remove impuri- 
ties, and produce more lymph cells. 

For an External pathogen to affect the body, it 
must first pass through protective layers of cells. 
Generally, the macrophages present within the tis- 
sues ingest the pathogens and dead tissues. Mac- 
rophages are reinforced by the action and move- 
ment of the body’s Wei Qi. When a pathogenic 
intruder invades the body, the macrophages are 
often the first to attack the intruder. If the mac- 
rophages are not strong enough, more Blood and 
fluid are brought to the area, which contain more 
diverse immune cells. The increased fluid en- 
gorges the tissue, which engenders more cellular 
activity. The increased Blood and cellular metabo- 
lism increases the local temperature. The immune 
cells break down and ingest the pathogens, creat- 
ing a process which continues until the disease is 
eliminated. 

The dynamic movements of Medical Qigong 
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Cancer Treating 
Prescriptions 


1.The Fast Walking Method 


2.The Deep Breathing Method 


3.The Tone Resonating Method 


Figure 54.3. Three Prescriptions Used For Treating Cancer 





exercises generate Heat, soften the body’s connec- 
tive tissues, and encourage the flushing of the in- 
tercellular fluid throughout the body’s tissues and 
organs. Energetic Qigong practices increase oxy- 
genation in the Blood and improve circulation, 
thereby enhancing leukocyte production, and 
strengthening the body’s immune system. 


CANCER TREATMENT METHODS 

Tumor and cancer cells make their own room 
within the body’s tissues by crowding the normal 
tissues. The tumor and cancer cells grab nourish- 
ing energy at the expense of the host, thus dam- 
aging the patient’s body. 

Medical Qigong cancer treatment methods are 
techniques designed to purge the energy that sup- 
ports the tumor. These techniques are based on the 
fundamental Qigong patterns mentioned previ- 
ously. The goal of these patterns focuses on treat- 
ing the patient's Excess syndrome first, by purga- 
tion. Purgation is then followed by tonification, then 
regulation. The rapid growth of healthy energy, and 
the fast expulsion of Evil factors, should lead to 
normal body function restoration, and create more 
vigorous metabolic activity. More nourishment can 
be absorbed, delivered and distributed throughout 
the body, leaving no room to feed the tumor cells. 

In Medical Qigong clinics, tumors are viewed 
as being similar in their expansion and growth to 
that of the energetic pattern of a plant’s Qi flow. 
When tracing the origin of a tumor, the Qigong 
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doctor begins at the tumor’s location (considered 
the flower or fruit of the disease) and traces its 
energetic branches to the organ of origin (the ac- 
tual root of the disease). If the disease is internally 
induced, the original source, i.e., the dysfunctional 
internal organ, feeds the tumor through sup- 
pressed emotional trauma. 

To address this problem, the doctor prescribes 
the following three cancer treatment methods as 
homework, in addition to Medical Qigong treat- 
ments and herbal therapy: the Fast Walking 
Method, Deep Breathing Method, and the Tone 
Resonation Method (Figure 54.3). 

1. The Fast Walking Method stimulates the elec- 
tromagnetic fields within the tissues and re- 
inforces the patient’s Yuan Qi. By walking fast 
and changing the normal breathing patterns, 
the cancer cells can be destroyed. This is be- 
cause the dual action of shocking the system 
with more Qi and Blood flowing through the 
body tends to stimulate the electromagnetic 
fields within the tissues, causing the tissue 
cells to become stimulated and the immune 
system to be aroused and thus enhanced. 

2. The Deep Breathing Method tranquilizes the 
patient’s mind, and enhances their Yuan Qi. 
The Deep Breathing method is used to treat 
various cancers due to mental and emotional 
factors, by changing the patient’s normal 
breathing patterns. 

By changing the normal breathing into rapid 


exhaling, slow deep exhaling, or relaxed ton- 

ing, Blood clots and tumors can be dissolved. 

This breathing technique has a special effect on 

reinforcing the patients Yuan Qi. When pre- 

scribing Medical Qigong therapy, it is impor- 

tant to match the patient's Yin disease with a 

Yang method of treatment, and a Yang disease 

with a Yin method of therapy. For example: 

rapid exhalation (a Yang method) would be 
used when treating an abdominal mass caused 
by a Cold (Yin) condition. 

3. The Tone Resonating Method is utilized to 
purge any residual Evil pathogenic factors 
from the patient's body. 

When first starting the Medical Qigong Can- 
cer Tone therapy, a patient’s practice time should 
be short. The performing time can be extended 
gradually with the increase of the patient's physi- 
cal strength. To bring the Medical Qigong exercises 
to peak efficiency, a patient should practice a mini- 
mum of four hours (including 15 minute breaks), 
and up to six hours each day. The patient can take a 
break after half an hour to avoid fatigue. 

Through various kinds of breathing and fast 
walking therapies, Qi can be energized to flow so 
vigorously through the Conception Vessel that the 
patients’ Yin and Yang is balanced and their Lung 
Channels are strengthened. In the course of treat- 
ing the tumor or cancer, True Qi (Zhen Qi) is fos- 
tered and the immunity of the body strengthened. 
Research from China proves that persistent train- 
ing, vigorous enough to increase a person’s heart- 
beat up to 70-80% of its maximum rate, helps dis- 
solve Blood clots, Other reports state that long dis- 
tance running can be effectively used to cure can- 
cers. These reports may help explain why fast 
walking, and breathing methods, are effective for 
preventing and treating cancer. 


SOCIAL ONCOLOGY—ESTABLISHING A 
CANCER SUPPORT GROUP 

In China, cancer patients join support groups 
to practice Medical Qigong. This form of treatment 
is called social oncology; it was created by the 
Cancer Recovery Society for the purpose of sup- 
porting human interaction and the recovery of 
health by cancer patients. 
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Cancer recovery groups meet daily in parks 
throughout China, practicing self-healing (in par- 
ticular, Guo Lin’s Cancer Recovery Qigong and 
Walking Qigong Therapy). After practice, the 
groups gather together for about an hour to so- 
cialize in a nearby tea house. The patients sing 
songs, tell jokes, laugh, introduce new members, 
read poems, and tell stories that highlight the pos- 
sibilities of recovery from cancer. As part of the 
social meeting, the group regularly sings “Happy 
Birthday” to each patient who has an anniversary 
after his or her cancer diagnosis. Laughter be- 
comes a top priority in social oncology, and is con- 
sidered the strongest medicine for healing. 

According to Dr. Roger Jahnke, O.M.D., the 
advantages of social oncology are three fold: stress 
reduction, positive reinforcement of hope, and the 
establishment of deep interpersonal relationships. 

1. Stress is reduced through socializing rather 
than isolating and fretting. The social healing 
aspect of the patient’s recovery program 
serves as a constant reminder that the physi- 
cal healing is enhanced when he or she be- 
comes lighthearted and free of worry. 

2. Increased hope and faith is achieved through 
the power of personal testimony. Each day 
during the social healing session, patients hear 
stories of close friends whose recovery pro- 
cess proves the benefits of healing from vari- 
ous forms of Medical Qigong. 

3. The value of love and encouragement from 
friends mitigates depression, fear, and worry. 
Isolation is like a food to cancer; social on- 
cology provides fun, encouragement and a 
deep, caring interpersonal connection within 
the recovery group. 


SOCIAL ONCOLOGY WITHIN THE 
HOSPITALS 

In several Medical Qigong hospitals in China, 
when the patients first check-in, they are assigned 
a support group. The support group consists of 
previous and current patients, who have survived 
the same type of cancer as the entering patients. 

To assist patients in healing and to give them 
every emotional advantage during recovery, visi- 
tors, phone calls, letters, TV, and newspapers are 
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forbidden for six weeks; this ensures a controlled 
environment in which neither family nor friends 
can adversely affect the healing process (through 
critical comments or attitudes). Patients are im- 
mersed in a support group full of caring, moti- 
vated individuals all working towards the same 
goal. Furthermore, patients who have been there 
the longest share their success stories, boosting 
everyone’s moral. 

The concept of clinical social oncology is 
based on the belief that the patients’ high spirits 
affect the emotional perspective, and thus mental 
thinking. These emotional and mental changes 
alter the physical body. It was recently discovered 
that the group of breast cancer patients, who par- 
‘ticipated in the Stanford Hospital Cancer Support 
Group, lived twice as long as the women who re- 
fused to join the group. This difference in longev- 
ity was attributed to the love, support, and social 
aspect of the cancer support group. This recently 
discovery has given rise to the increase of several 
support groups in the United States now being 
established for patients recovering from AIDS, 
heart attacks, and many other illnesses including 
several types of cancer. 


CANCER RESEARCH 

Noted research scientist Feng Lida pioneered 
cancer research in China by showing that emitted 
Qi from Qigong masters produced marked 
changes in cancer cell cultures from mice. Several 
studies reported the effects of emitted Qi on tu- 
mors in animals. The emission of Qi, for example, 
was reported to inhibit the growth of implanted 
malignant tumors in mice, but did not destroy the 
tumors. Encouraged by the results with animals, 
researchers carried out clinical research on the ef- 
fects of Medical Qigong on human subjects with 
cancer. 

In one study, 127 patients with medically di- 
agnosed cancer were divided into a Qigong group 
of 97 patients, and a control group of 30 patients. 
All patients received drugs, and the Qigong group 
practiced Medical Qigong for more than two 
hours a day over a period of 3 to 6 months. Both 
groups improved, but the Qigong group showed 
improvements four to nine times greater than the 


control group for strength, appetite, and weight 
gain. The Qigong group also did not experience 
bouts of diarrhea. The phagocytic rate, which is a 
measure of the immune function, increased in the 
Medical Qigong group, but decreased in the con- 
trol group. These cancer treatment results were 
gathered and compiled from clinical research by 
Dr. Kenneth M. Sancier, available in the first Ap- 
pendix of this text. 


MEDITATIONS FOR CANCER PATIENTS 

The following meditations are frequently used 
within the Medical Qigong clinic to aid healing. 
As previously discussed, it takes focused concen- 
tration to initiate an energetic transformation. 
Focused concentration is achieved through proper 
imagination, visualization and positive affirma- 
tion; it is practiced to reprogram the body’s ener- 
getic cell patterns, and initiate healing. 

DIVINE HEALING LIGHT MERITATION 

A very effective Medical Qigong meditation 
called Divine Healing Light is practiced by can- 
cer and tumor patients throughout China to dis- 
solve and disperse energetic pathogens. This 
meditation begins as follows: 

Begin in a seated posture. Relax, and feel a 
quiet comfort. Imagine yourself seated on a quiet 
mountain overlooking the ocean, resting under a 
clear, dark blue evening sky. At the rim of the 
ocean, the full moon begins to rise. It continues to 
ascend until it faces you, suspended in the sky 
above your head. Slowly the moon begins to 
shrink, becoming smaller and smaller, yet brighter 
and brighter until it becomes the size of a small 
luminous pearl. This brilliant white pearl begins 
to pulse and expand, as it grows it opens to form 
a large orb, vibrating with divine power. From the 
center of the divine power flows unconditional 
love, healing, and compassion. 

Breathe in this vibrant, healing light; allow it 
to penetrate deep into your body, permeating ev- 
ery cell, illuminating and dispersing all illness. 
Open fully to the divine healing. Feel the love and 
compassion enveloping you, and penetrating all 
the diseased areas of your body. Continue to 
breathe the healing energy in through your nose 
and exhale out through your mouth (imagining 


all the unclean energy descending into the 
ground). Continue this breathing pattern until all 
the negative energy has been expelled and re- 
placed with divine love and healing light. 


PULLING OUT THE PAIN MEDITATION 

This meditation is an effective treatment pre- 
scription for treating many illnesses, including 
cancer and tumors. The goal is to eliminate all 
toxic belief structures that stand in the way, and 
sabotage the patient’s healing. Gentle acceptance 
of the illness and emotional pain opens the path- 
way to understanding and unveiling hidden trau- 
mas. Force does not work in trying to change the 
tumor or cancer energetic patterns. Only honesty, 
respect, tenderness, and understanding will be- 
gin the healing process. As pain and suffering are 
allowed to surface into consciousness, the immune 
system is able to recognize diseased cells, and can 
mobilize an army of immune cells. These are then 
able to effectively identify, dissolve, and remove 
any tumors and disease. 

The doctor instructs and guides patients 
through this meditation matching the rhythm of 
the words, to the patients’ exhalations. Patients 
draw their painful memories and traumas out of 
their body in the form of dark smoke; they then 
separate the distilled wisdom and knowledge 
from this dark cloud, reabsorbing the healing light 
into every pore and cell in their body. The dark 
cloud then is released with the help of an angelic 
being who severs the energetic cord(s) that still 
attach the patients to their pain and suffering. The 
doctor assists the complete severance by clapping 
his or her hands as the patients visualize the 
“Sword of Truth” (held by this holy being), sever- 
ing the dark energetic cord(s). The sword of truth 
represents the patients’ intent to regain their 
power by letting go of their attachment to their 
illness. This attachment created very real energetic 
cords that bound the patients to their painful 
memories and toxic emotions. Severing these 
cords, or cord, symbolizes the end of the patients’ 
investment in their disease, and the beginning of 
true healing, All the patients’ pain and despair is 
released, as the black cloud ascends into the Heav- 
ens, and into the hands of God (or a higher power, 
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in accordance with the belief structure of the pa- 
tients). As the cloud reaches the first wave of love 
and compassion emanating from God (or a higher 
power), a mighty explosion transmutes the black 
despair and pain, into divine healing light. The 
doctor then assists the patients in accepting this 
healing, loving light back into their body, to ex- 
perience, perhaps for the first time in their lives, 
true forgiveness and a state of grace. 

1. Begin by sitting comfortably in a chair, with 
both feet on the floor, hands resting on the 
thighs, eyes closed, tongue on the upper pal- 
ette. Breathe naturally through the Lower 
Dantian. 

2. Focus your attention on the Yellow Court area 
below the diaphragm where you store pain- 
ful memories and traumas. Imagine opening 
up this area to release the toxic energy out of 
your body as a stream of dark steam releas- 
ing from a pot. 

3. As the dark steam flows out of your body you 
release feelings and memories of guilt, anger, 
rage, humiliation, abandonment, degrada- 
tion, rejection, insecurity, and sorrow. These 
toxic emotions have, until now, prevented you 
from healing through creating a deep distrust 
of yourself and others. 

4, Focus your attention on this energetic cloud, 
and begin separating the pain and hurtful 
memories from the knowledge and wisdom 
gathered from these experiences. Visualize 
this knowledge and wisdom in the form of 
golden, white, and silver light energy gather- 
ing on the right side of the room. Continue to 
drain the dark cloud of misery and pain, now 
occupying the left side of the room, until you 
have extracted all the new insights from it. 
As you do so, you notice the dark cloud be- 
coming heavier and darker. 

5. Focus on the right side of the room. Through 
you intention, begin to inhale and imagine this 
bright, illuminating energy flowing back into 
your body. Absorb this knowledge and wis- 
dom gathered from past experiences, void of 
any feelings of hurt, pain, or judgement, into 
every cell of your body. This distilled knowl- 
edge and wisdom empowers you to heal from 
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your wounds on a physical, mental, emo- 
tional, and spiritual level. 

6. Next focus your attention on the dark black 
cloud containing all your pain and suffering. 
Imagine an angelic being, righteous and holy 
holding a “Sword of Truth” standing by your 
side, ready to sever the dark energetic cords 
still connecting your physical body to this 
dark cloud of despair. The sword descends 
and severs the cords (the doctor claps his or 
her hands at this moment). 

7. The cloud of darkness begins to float up, 
through the ceiling, through the sky into 
space. Far in the distance you begin to per- 
ceive God, or a higher power, emanating 
waves of compassion, love, and mercy de- 
scending towards the Earth. One of the waves 
touches the ascending dark cloud of hurt and 
pain, exploding it into a brilliant light. The 
cloud is immediately transmuted into fluo- 
rescent crystal blue drops of light. This pure, 
clean energy descends from the Heavens like 
a gentle rain. Breathe in this crystal blue heal- 
ing energy, let it penetrate deeply into every 
pore, every tissue and cell, saturating your 
body completely. Feel the light cleansing, heal- 
ing, and radiating throughout your being. 


SUMMARY 

Cancer is defined by Traditional Chinese 
Medicine as, “an obstruction of Qi and Blood cir- 
culation resulting in stagnation.” The root cause 
for cancer is the breakdown and stagnation of the 
patient’s Yuan Qi. Once cancer becomes estab- 
lished within the patient’s body, or metastasizes, 
it is difficult to heal. 

In order for cancer to form, it must elude the 
body’s immune system, undergo many divisions, 
and produce countless generations of cells without 
resistance. By the time the cancer cells have formed 
into a cluster mass, a fixed energetic pattern has been 
established to support its existence and survival. 

Only when the patient's Yuan Qi is returned to 
its original state, can the body begin to heal itself. 
Medical Qigong Cancer treatment methods 
strengthen the True Qi which in turn strengthens 
and cultivates the Yuan Qi. In this manner, the body 
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is returned to its natural state of Yin and Yang bal- 
ance. 

Itis the author's hope that these effective meth- 
ods of treating cancer will soon be available to the 
American public. To this end, I have established a 
three-year master’s and plan to offer a five-year doc- 
torate program in Medical Qigong Science at the 
Five Branches Institute, College of Traditional Chi- 
nese Medicine, in Santa Cruz, Califomia. 


TREATING TUMORS AND 
CANCER WITH MEDICAL 


QIGONG THERAPY 


The following are several Medical Qigong 
techniques and treatment modalities, currently 
used in China, to treat different types of energeti- 
cally induced cysts, tumors, and cancers. It is ad- 
visable to accompany the prescriptions with vari- 
ous herbal prescriptions. 


BRAIN TUMORS 

Abrain tumor is a generic term used to describe 
any intracranial mass, which includes: neoplastic, 
cystic, inflammatory (abscesses), or syphilitic. 
ETIOLOGY 

There are many causes for intracranial tumors. 
The most common cause is Kidney Yin (Water) fail- 
ing to wash over the brain to disperse the patho- 
gens. This condition can be caused by Excess Liver 
Fire dissolving the body’s Kidney Water. 
SYMPTOMS 

Intracranial tumors produce symptoms prima- 
rily by two mechanisms: the infiltration and destruc- 
tion of the normal brain tissue; or the tumor mass 
affecting the surrounding tissue, which causes 
edema, thus increasing the intracranial pressure. 

General symptoms include headache (due to 
intracranial pressure), changes in the retina, and 
vomiting (without nausea). Additional symptoms 
include mental and emotional changes such as 
dullness, giddiness, or epileptiform convulsions. 
TREATMENT 

1. The doctors first step is to analyze the syn- 
drome and the patient’s emotional outlook. 


When treating brain tumors, the growth of the 
disease must first be stopped. Check the 
patient’s external living conditions, and do a 
psychological profile to determine any detri- 
mental patterns. 

2. Dredge and disperse toxic Heat out of the 
patient’s Yang channels. Remove any Excess 
Liver Fire by drawing it out the Liver organ; 
then dredge the patient’s Liver Channels, dis- 
persing toxins out through the Lv-3 points. 

3. The doctor must reverse the process of tumor 
development to dissolve the tumor. Instruct 
the patient to visualize energy from the Lower 
Dantian rising up to the tumor and transform- 
ing the mass back into Qi. The tumor growth 
must be reversed by first converting the solid 
tumor into soft tissue, then into fluid Qi that 
is then dispersed. 

In cases of cranial thrombosis, tumors must 
be dissolved slowly; otherwise other tumors 
will be created. The tumors must be softened, 
then slowly dispersed to avoid any recreation 
of the energetic channels’ dysfunctions. 

4, Extend Qi into the patient to reinforce the Kid- 
neys’ Qi by extending Qi into the patient's feet 
via the brain tumor point, Shihmein, at the 
bottom of the heels (Figure 54.4). Next, lead 
the patient’s Kidney Water up into the brain 
to rinse over and slowly dissolve the tumor. 

5. Finally, regulate and balance the patient's Yin 
and Yang energy. 

PRESCRIPTIONS AND HOMEWORK 

1. Have the patient practice the healing sound 
“Duo” (10 times in a straight and 10 times 
descending / ascending tone) five times a day. 

2. Assign tonifying exercises for the Kidneys and 
Heart. 

3. Prescribe herbal teas to enhance the patient's 
Kidney Yin. 


BREAST CANCER 

Mammary cancer is one of the most common 
types of malignant tumors in women; it is con- 
sidered a malignant neoplasm of the breast. 
ETIOLOGY 

There are multiple factors associated with breast 
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Shimian Point 


Figure 54.4. The Qigong doctor will emit Qi into the 
patient's “Brain Tumor’ point (also called the Shimian, 
meaning insomnia point) located at the bottom of the 
patient’s Heel. 





cancer. These factors can be categorized under ge- 
netic family factors, hormonal factors, dietary fac- 
tors, environmental factors, and benign breast dis- 
ease. Heredity can play an important role, especially 
if the patient’s mother (or close relative) had bilat- 
eral breast cancer diagnosed prior to menopause. 
Also, a history of chronic breast disease (especially 
epithelial hyperplasia), or obesity can predispose 
the patient to breast cancer. 
SYMPTOMS 

Symptoms consist of hard lumps which lack 
mobility, and progressively increase in size. The 
hard lumps may be concave, convex, or protrude; 
or the nipple may be inverted. Breast cancer is usu- 
ally related to stagnation of the Liver’s Qi, stasis 
of Blood, Phlegm and Toxic Heat, as well as weak 
Kidneys. The emotional components which lead 
to breast cancer are suppressed grief, worry, sor- 
row, and depression. 
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TREATMENT 

1. Purge and eliminate the stagnation from the 
breast tissue (Figure 54.5). 

2. Subdue the Rebellious Qi. 

3. Clear the Liver and tonify the Kidneys. When 
treating breast cancer, the doctor should use 
the Vibrating Palm in conjunction with pro- 
jected Tone Resonation (projecting both vibra- 
tion and the “Ni” tone resonation into the can- 
cerous area). 

4, Tonify the patient's Conception and Thrust- 
ing Vessels, and end with the Microcosmic Or- 
bit regulation (Fire Cycle). 


UTERINE CANCER 
Uterine cancer is considered a malignant neo- 
plasm of the uterus. 
ETIOLOGY 
The etiology of uterine cancer is unknown, 
Possible causes of the disease may be: 
¢ chronic stress 
* toxins 
¢ suppression of emotions 
¢ pathological changes of the endometrial hy- 
perplasia, or 
* cervical carcinoma spreading onto the uterus. 
SYMPTOMS 
A uterine carcinoma is generally more com- 
mon in women after menopause, roughly 75% of 
uterine cancers occur in postmenopausal women, 
15% peri-menopausal women and 10% of men- 
struating women. The main clinical manifesta- 
tions include pain in the lower abdomen, waist 
and thighs, abnormal uterine bleeding with a 
bloody, purulent discharge. 


TREATMENT 
One Medical Qigong therapeutic technique 
used in China to treat uterine cancer is as follows. 
1. Purge the diseased area of stagnant Qi using 
the Thunder Palm technique in conjunction 
with the Vibrating Palm technique. 
2. Project the sound “Yu” into the uterus to dis- 
perse Heat from the cancer cells. 
3. Disperse Excess Heat from the patient's Liver 
and uterus, leading the Toxic Qi out the 
patient’s body via the right Gall Bladder 
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Figure 54.5. After Purging the pathogenic Qi from the 
patient's upper body, the Qigong doctor continues to 
disperse the patient’s Toxic Qi from her lower abdomen, 
leading it down her legs and out her St-36 points. 


Channel. 

4. Fill and tonify the patient’s Lower Dantian 
and Kidneys with Qi. Circulate the energy 
through the Microcosmic Orbit to improve Qi 
and Blood circulation through the Governing 
and Conception Vessels. 


PRESCRIPTIONS AND HOMEWORK 

The Conception Vessel moves Qi in the Lower 
Burner and uterus; it is the primary Vessel used 
in treating uterine and cervical cancer. Sexual ac- 
tivities are therefore prohibited from the start of 
the treatments, until treatment is no longer 
needed. 

1. Have the patient practice the Descending the 
Yang and Ascending the Yin Technique (see 
Chapter 41), ending with the healing sound 
“Yu” for 24 breaths, 9 times a day. 

2. Prescribe the Fast Exhaling Breathing Method 
along with the Cancer Walking methods for 
treating Kidney disease (see Chapter 15). 

3. Have the patient practice the method of Tak- 
ing in the Blue Qi, three times a day for 15 
minutes each session, to strengthen the Kid- 
neys. 

4. Have the patient practice the Filth Dispelling 
meditation, while focusing on her uterus. This 
meditation is practiced as follows: 

a. From a sitting posture, with the eyes 
closed, and the body relaxed, place the 
tongue up against the upper hard pal- 
ate, behind the teeth. 

b. Breathe naturally and evenly. 

c. Imagine Qi whirling in through the 
upper portion of the uterus, circulating 
clockwise, building momentum as the 
energy flows downward to the base of 
the uterus. 

d. Once the energy has reached just above 
the cervix area, imagine the whirling Qi 
absorbing the noxious Heat and Toxic 
Qi from the uterus, transforming it into 
wind, and dispelling it out the vagina. 
Repeat this sequence 10 times. 

e. Next, gently close the vagina and anal 
sphincter, then inhale, and imagine the 
Qi flowing into the body through the 
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vagina. As this energy flows into the 
uterus and Lower Dantian area, it trans- 
forms into wind. This wind circulates 
in a counterclockwise direction, spiral- 
ing up the body, through the Thrusting 
Vessel and exits the body through the 
mouth with each exhalation. Repeat 
this visualization 10 times. 

f. Finally, focus attention on the Lower 
Dantian, imagine the Qi returning to its 
origin, and rub the abdomen 36 times 
in a clockwise direction to end the pre- 
scription. 


CERVICAL CANCER 

Cervical cancer is considered one of the most 
common malignant tumors in China. It is consid- 
ered a malignant neoplasm of the cervix of the 
uterus, and can occur at any age. 

ETIOLOGY 

Cervical cancer is suspected to be an onco- 
genic papilloma virus that is transmitted sexually. 
Risk factors include: 

* sexual intercourse at an early age, 

* multiple sexual partners and promiscuous 
male sexual partners (especially those whose 
previous partner had cervical cancer), 

* serious cervical lacerations caused from the 
penis being too long, or the insertion of for- 
eign objects, 

* unsanitary sexual relationships, 

¢ closely spaced births, and 

¢ a family history of cervical cancer. 

Excessive sexual activity predisposes young 
teenage girls to cervical cancer, because, with the 
onset of ovulation and the changes in vaginal PH, 
active squamous metaplasia is taking place in the 
cervix. During this time of cellular immaturity and 
vulnerability, a carcinogen is most likely to have 
an influence on the squamous epithelium; this can 
predispose the teenager girl to cervical cancer later 
on in life. 

THE DEVELOPMENT OF CERVICAL CANCER 

There are two main types of cancer of the cer- 
vix. The squamous cell carcinomas make up 85- 
90% of cervical cancer, the rest (a small 10-15%) 
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are developed from a malignant adenoma arising 
from a glandular organ known as a adenocarci- 
noma. 

Cervical cancer begins with the growth of 
abnormal precancerous cells and tissues called 
dysplasia. Dysplasia is first detectable in the squa- 
mous epithelium of the cervix (the muscle lining 
of the cervix), and spreads to create a tumor called 
a cervical intraepithelial neoplasm (CIN). The cer- 
vical intraepithelial neoplasm progresses through 
three levels of severity, from mild, to moderate, 
to severe. At the severe level of CIN, the precan- 
cerous growth turns malignant; it becomes a car- 
cinoma in situ (localized). If left untreated, the car- 
cinoma progresses through four more stages of 
development, each of which is subdivided into 
two grades of severity. These grades indicate the 
location and spread of the carcinoma. The four 
stages and their subdivisions are described as fol- 
lows: 

In the beginning stages of the disease, cervi- 
cal dysplasia is characterized by three stages of 
abnormality and severity (CIN-1,-2,-3), which later 
progress onto four stages of invasive carcinoma 
(Stages I through IV). 

¢ CIN-1: Corresponds to a mild condition of 
dysplasia. 

¢ CIN-2: Corresponds to a moderate condition 
of dysplasia. 

¢ CIN-3: Corresponds to a severe condition of 
dysplasia, and carcinoma (in situ). The can- 
cer, however, is found only in the layers of 
the cells lining the cervix, and has not yet ex- 
tended deeper into the tissue lining. 

¢ Stage I-A: Corresponds to a microinvasive car- 
cinoma. The cancer is beginning to spread 
from the lining of the cervix into the deeper 
connective tissue. 

¢ Stage I-B: Corresponds to an invasive carci- 
noma confined to the cervix. The cancer has 
now spread from the lining of the cervix into 
the deeper connective tissues. 

* Stage II-A: Corresponds to a tumor extend- 
ing beyond the cervix, into the upper third of 
the patient’s vagina, but is still inside the pel- 
vic area. 


¢ Stage II-B: Corresponds to a tumor extending 
beyond the cervix, into the loose connective 
tissues around the patient’s uterus 
(parametrium), but is still inside the pelvic 
area. 
* Stage III-A: Corresponds to a tumor extend- 
ing into the lower third of the patient's va- 
gina. 
* Stage III-B: Corresponds to a tumor extend- 
ing into the patient's pelvic wall. At this stage, 
the cancer may be blocking the ureters (re- 
sponsible for carrying urine from the Kidneys 
to the Bladder). 
¢ Stage IV-A: Corresponds to a tumor extend- 
ing into the patient's Bladder or rectum. 
¢ Stage IV-B: Corresponds to a tumor extend- 
ing into the patient's Liver or Lungs. 
SYMPTOMS 

Clinical symptoms include bleeding after 
sexual intercourse and between periods, abnor- 
mal bowel movements, or fatigue. Bleeding may 
also be noticed after severe exertion or straining 
during defecation. As the disease develops, the 
leukorrhea (vaginal discharge) may become filthy 
and mixed with blood, or foul and mixed with 
sloughed pieces of Body Fluid or tissue. Addi- 
tional symptoms include lumbar, sacral and ab- 
dominal pain, Bladder irritation, frequent and 
urgent urination, blood-tinged vaginal discharge, 
unilateral lymphoedema, and unilateral ureteral 
obstruction (this indicates a very advanced stage). 


TREATMENT 
When Righteous Qi is increased through 
Medical Qigong therapy and prescription home- 
work, the energy feeding the patient's cancer be- 
gins to decrease. 
One Medical Qigong therapeutic technique 
used in China to treat cervical cancer is as follows: 
1. Purge the diseased uterine area of pathogenic 
Qi using the Thunder Palm technique in con- 
junction with the Vibrating Palm to disperse 
the stagnation. 
2. Use the “Yu” sound Qi projection into the 
uterine and cervix area to disperse Heat from 
the cancer cells. 


3. Disperse the Excess Heat from the patient’s 
Liver and cervix areas, leading the Toxic Qi 
out the patient's body via the right Gall Blad- 
der Channel. 

4. Fill and tonify the patient’s Lower Dantian 
and Kidneys with Qi. Circulate the energy 
through the Microcosmic Orbit to improve Qi 
and Blood circulation through the Governing 
and Conception Vessels. 


PRESCRIPTIONS AND HOMEWORK 

The Conception Vessel moves Qi in the Lower 
Burner and uterus, and is the primary vessel used 
to treat uterine and cervical cancer; therefore, sexual 
activities are prohibited from the start of the treat- 
ments, until treatment is no longer needed. 

The prescriptions and homework required for 
cervical cancer treatment are exactly the same exer- 
cises that are used for the treatment of uterine can- 
cer. 


PROSTATE CANCER 

Prostate cancer is considered a malignant neo- 
plasm, and is usually an adenocarcinoma of the 
prostate gland. It is the major type of cancer in 
males. Prostate cancer occurs in less than 1% in 
men under 50. Men with a family history of pros- 
tate cancer are three times more likely to develop 
it then the general public. Many prostate cancers 
remain dormant, but once awakened, can become 
life-threatening. 

ETIOLOGY 

The etiology of prostate cancer is unknown. 
Speculations suggest that prostate cancer can be 
related to an imbalance between male and female 
hormones. From a Western Medical perspective, 
the carcinogenesis is a multistep accumulation of 
genetic lesions. These lesions may result in un- 
controlled cellular proliferation, a decrease in cel- 
lular death or an apoptosis, invasion, and the 
metastatic spread of the disease. 

From a Traditional Chinese Medical perspec- 
tive, prostate cancer is due to Excess Liver Fire and 
Kidney Deficiency. The suppression of anger and 
fear, as well as a diet consisting of a high alcohol 
intake, or consumption of too many hot spicy foods, 
may also cause, or contribute to prostate cancer. 
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SYMPTOMS 

In the early stages there are no symptoms; 
however, as the disease progresses the inflamed 
prostate gland impedes urination and results in 
outflow obstruction, preventing the Bladder from 
emptying completely. Dull pain is experienced 
around the external genitals and Bladder. There 
is frequent buming, unfinished and dripping af- 
ter urination with white discharge. Also, in some 
cases, there will be sexual function disorders (an 
inability to attain erection) as well as sciatica-like 
symptoms with pain radiating downward to the 
perineum and anus. 

If the prostate is hard and firm, it indicates 
cancer; if the prostate is large and swollen, it indi- 
cates an infection. Inflammation of the prostate 
can be divided into acute and chronic conditions. 

In acute prostatitis caused from Damp Heat 
in the Lower Burner, symptoms include pain and 
discomfort in the genital and Bladder areas, fe- 
ver, and chills. 

In chronic prostatitis, symptoms include dull 
pain in the urogenital area, discharge from the 
penis, discomfort during sexual intercourse, and 
frequent urination (especially during the night). 
TREATMENT 

One of the Medical Qigong therapeutic tech- 
niques used in China to treat prostate cancer is as 
follows. 

1. With the patient supine, begin to purge the 
diseased prostate area of pathogenic Qi us- 
ing the Thunder Palm technique in conjunc- 
tion with the Vibrating Palm to disperse the 
stagnation. 

2. Next, use “Yu” sound projection into the pros- 
tate area to disperse the Heat from the cancer 
cells. 

3. Disperse Excess Heat from Liver and patho- 
genic Qi from the prostate, out of the patient's 
body via the right Gall Bladder Channel. 

4. Fill and tonify the patient’s Lower Dantian 
and Kidneys with Qi, and circulate the energy 
through the patient’s Microcosmic Orbit to 
improve Qi and Blood circulation within the 
Governing and Conception Vessels. 
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PRESCRIPTIONS 

Depending on the patient's condition, one or 

more of the following prescriptions may be given: 
1. The “Guo” sound resonation is used to dis- 

perse the Liver Fire. 

2. The Kidneys’ “Yu” sound resonation is used 

to disperse Toxic Qi from the prostate. 

3. Tonification and regulation exercises are pre- 

scribed for the Lower Dantian, Spleen, and 

Kidneys. 

4, The following three exercises are used to treat 

prostate cancer, and were made popular in the 

West by Dr. Hong Liu. 
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a. 


Sit at the edge of the chair with your 
feet flat on the floor. The right leg 
crosses over your left leg. With your left 
hand grasp the bottom of the right foot. 

Then extend your right hand out in 
front of the body, palm facing upward, 
while you imagine releasing toxic en- 
ergy from your body through the 
mouth as you exhale. As you inhale, 
twist your hand as far as possible to- 
wards the right side keeping your eyes 
on the palm, while simultaneously pull- 
ing your foot towards the body and 
contracting the anus and perineum. 
This opens the Liver Channel and di- 
rects Qi into the Kidneys and prostate 
area. 

After completing the movement, hold 
your breath for a moment. Imagine 
Blood and Qi flowing into the prostate 
area and exhale while returning to the 
starting position. The exercise is re- 
peated for 18 breaths per each side. 
The next exercise begins from a Wuji 
posture. Bend over as you flex your toes 
upwards. Hold this position as long as 
you can before standing erect, focusing 
on breathing naturally from the abdo- 
men. This movement increases the flow 
of Qi and Blood into the prostate area. 
It is important to make sure this exer- 
cise is performed slowly. The exercise 
is repeated 9 times. 


c. This last exercise is done sitting on the 
floor while facing a wall. Place the balls 
of your feet against the wall while rest- 
ing your heels on the floor. Wrap your 
arms around your bent knees, while 
keeping the back straight and breath- 
ing naturally through the Lower 
Dantian. 

While inhaling, focus on breathing 
from the lower abdomen instead of the 
chest. This causes the Qi of the Thrust- 
ing Vessel to stimulate the prostate 
gland, and increases the flow of Qi and 
Blood into the prostate area. The exer- 
cise is repeated for 18 breaths. 

5. The “Filth Dispelling Meditation,” is also pre- 
scribed, with the patient focusing on his pros- 
tate area. This meditation is practiced as fol- 
lows: 

a. From a sitting posture, with the eyes 
closed, and the body relaxed, place the 
tongue up against the upper hard pal- 
ate, behind the teeth. 

b. Breathe naturally and evenly. 

c. Imagine Qi whirling in through the 
upper area of the Bladder, circulating 
clockwise, building momentum as the 
energy flows down to the prostate area. 

d. Once the energy has reached the pros- 
tate, the patient will imagine the whirl- 
ing Qi absorbing the noxious Heat and 
filthy Qi from the Bladder and prostate 
areas, transforming it into wind, which 
is dispelled out through the penis. The 
exercise is repeated 10 times. 

e. Next, gently close the anal sphincter 
while inhaling and imagine the Qi flow- 
ing into the body through the penis. 
This energy flows into the Lower 
Dantian, becoming transformed into 
wind. This wind begins circulating in a 
counterclockwise direction, spiraling 
up the body, through the Thrusting Ves- 
sel and exits through the mouth with 
each exhalation. This is also practiced 
for 10 repetitions. 


f. Finally, focus the attention on the Lower 
Dantian; imagine the vital Qi returning 
back to its origin, while rubbing the ab- 
domen in a clockwise direction to end 
the prescription. 


LUNG CANCER (PULMONARY 
CARCINOMA) 

Lung cancer, also called a “Bronchial Carci- 
noma,” is a malignant Lung tumor that originates 
in the bronchi. It can also spread to the trachea ap- 
pearing as an ulcer in the windpipe, a small flat- 
tened bump or nodule. It can extend into the body’s 
lymphatic system, as well as into the blood vessels. 

The most common type of bronchogenic tu- 
mor is the squamous cell or epidermoid (on the 
airway lining). The oat cell and adenocarcinoma 
are the next most common. 


ETIOLOGY 

Squamous cell cancer is usually associated 
with a history of cigarette smoking and second- 
hand smoke. Statistically it is the most common 
of all carcinomas and accounts for 40% of all male 
deaths. Other chemical carcinogens may cause 
Lung cancer, especially among workers in indus- 
trial and mining areas. 
SYMPTOMS 

The main clinical manifestations include: chest 
pain, coughing with scanty sputum (sometimes 
with blood), pectoralgia, fever, loss of appetite, loss 
of weight, weakness and breathlessness in the later 
stages due to a Lung Yin Deficiency. 
TREATMENT 

Purge the Excess Heat from the patient’s 
Lungs and Liver. Tonify and regulate the patient’s 
Kidneys and Mingmen area, then strengthen the 
patient's Spleen and Lungs. 


PRESCRIPTION AND HOMEWORK 

1. Have the patient practice the Dry Crying ex- 
ercise for a period of 15 minutes twice a day 
(see Chapter 53). 

2. Have the patient practice the Sun and Moon 
Rotation Technique (see Chapter 41), ending 
with the healing sound “Shang” for 24 
breaths, 9 times a day. 

3. Prescribe the Fast to Moderate Exhaling 
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Breathing Method along with the Cancer 
Stepping Method for treating Lung diseases 
(see Chapter 15). 

4. Have the patient practice the method of Tak- 
ing in the White Qi, three times a day for 15 
minutes each time to strengthen the Lungs. 

5. Have the patient practice the method of Tak- 
ing in the Blue Qi, three times a day for 15 
minutes each time in order to strengthen the 
Kidneys. 


LIVER CANCER 

The Liver is the most usual site for the meta- 
static spread of tumors that disseminate through 
the Blood system. Carcinoma of the Liver is quick 
in development, high in mortality, and is regarded 
as one of the common malignant tumors. 


ETIOLOGY 

The etiology of Liver cancer is unknown. 
There are speculations suggesting that the follow- 
ing list of items may cause, or contribute, to the 
creation of Liver cancer: 
* exposure to chronic stress and the suppres- 
sion of anger, 
* toxic poisoning (Liver cancer is usually asso- 
ciated with a long history of alcohol, drug 
abuse and chronic hepatitis), and 
* a congenital weakness, with heredity being 
the predisposing factor. 
SYMPTOMS 

The Liver may have a single nodule, or mul- 
tiple nodules. The main clinical manifestations 
include: distension and severe hypochondriac 
pain, hemorrhage of the digestive tract, and pro- 
gressive hepatomegaly (enlargement). Its surface 
feels irregular on palpation (central depression or 
umbilications can often be detected). 
TREATMENT 

Purge the Excess Heat from the patient's Liver 
and Gall Bladder Channels, then tonify and regu- 
late the patient’s Kidney and Mingmen areas. 
Strengthen the patient's Spleen and Lungs, then 
regulate the patient’s Liver. 


PRESCRIPTIONS 
1. Have the patient practice the Descend the 
Yang and Ascend the Yin Technique (see 
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Chapter 41), ending with the healing sound 
“Guo” for 24 times, 9 times a day. 

2. Prescribe the Fast to Moderate Exhaling 
Breathing Method along with the Cancer 
Walking Method for treating Liver disease 
(see Chapter 15). 

3. Have the patient face, or embrace, a tree while 
practicing the method of “Taking in the Wood 
Element Qi,” but only upon inhalation. With 
each exhalation the patient should purge the 
toxic Qi, sending it into the ground. This pre- 
scription is practiced three times a day for 15 
minutes each time. 

4. Have the patient practice the method of “Tak- 
ing in the White Qi,” three times a day for 15 
minutes for each session to strengthen the 
Lungs. 

5. Have the patient practice the method of “Tak- 
ing in the Green Qi,” three times a day for 15 
minutes for each session to strengthen the 
Liver. 

6. Have the patient practice the method of “Tak- 
ing in the Yellow Qi,” three times a day for 15 
minutes for each session to strengthen the 
Spleen. 


ESOPHAGEAL CANCER 

Carcinoma of the esophagus is one of the com- 
mon malignant tumors, caused from a carcinoma 
of the squamous epithelium of the esophagus. 
This type of carcinoma is called “Ge Shi” or dys- 
phagia in Traditional Chinese Medicine. 


ETIOLOGY 
The cause of esophageal cancer is unknown. 
There is speculation that the following list of items 
may cause or contribute to the creation of esoph- 
ageal cancer: 
* consumption of foods with a high content of 
nitrates, 
* large quantities of spicy, hot foods, or mouldy 
food, 
¢ chronically eating too fast, thus irritating the 
throat, 
¢ strong alcoholic drinks, 
* smoking, 
* poor oral hygiene, resulting in tooth decay, and 
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* chronic stress and the suppression of emotions. 
There are three types of esophageal cancer 
that invade the wall of the esophagus. 

1. An ulcerous carcinoma of the esophagus that 
grows towards the outside of the esophagus. 
Dysphagia (difficulty in swallowing) is not 
evident in this type of cancer. 

2. Atumor which grows in a circular formation. 
In this type of cancer, the lumen is narrow and 
easily obstructed. 

3. The tumor attaches itself to one side of the 
esophagus, while the other side is still healthy 
and can still dilate. In this type of cancer, 
symptoms of obstruction appear slowly. 

SYMPTOMS 
More common in men over 40, carcinoma of 

the esophagus causes pain in the epigastric and 
sternal area. Swallowing aggravates the symp- 
toms. The main clinical manifestations include the 
following, symptoms: 

* enlarged lymph nodes in the neck, 

* difficulty in swallowing (dysphagia), 

* excessive salivation, 

¢ poor digestion, 

¢ vomiting, 

¢ loss of weight, 

¢ pain in the chest and back, and 

¢ emaciation and weakness. 


TREATMENT 

Purge the Excess Heat from the patient’s 
throat, Lungs and Liver area. Tonify and regulate 
the patient’s Kidney and Mingmen area, then 
regulate the Qi of the patient’s esophagus, root- 
ing it within the Lower Dantian. 
PRESCRIPTIONS 

1. Have the patient practice the “Dry Crying” 
exercise for a period of 15 minutes twice a day 
(see Chapter 53). 

2. Have the patient practice the healing sound 
“Shang” for 24 breaths, 9 times a day (see 
Chapter 40). 

3. Prescribe the Fast to Moderate Exhaling 
Breathing Method along with the Cancer 
Walking method for treating Lung disease 
(see Chapter 15). 


4. Have the patient practice the method of “Tak- 
ing in the White Qi,” three times a day for 15 
minutes for each session to strengthen the 
Lungs. 


STOMACH CANCER 

Carcinoma of the Stomach is regarded as one 
of the common malignant tumors. It is sometimes 
categorized as a carcinoma, lymphoma or sarcoma. 


ETIOLOGY 

The etiology for Stomach cancer is unknown. 
Speculations suggest exposure to chronic stress, 
and a suppression of emotions, may cause, or con- 
tribute to this disease. There is also an association 
between the development of gastric cancer and 
previous partial gastrectomies for benign diseases. 


SYMPTOMS 

The symptoms of Stomach carcinoma often 
do not appear until they have developed to the 
middle and late stages. Most common in men over 
40, carcinoma of the Stomach causes a continual 
pain and burning sensation in the epigastric and 
sternal area, which is usually aggravated by swal- 
lowing. The main clinical manifestations include: 
shallow complexion, lack of appetite, loss of 
weight, extreme anemia, blood in the stool, debil- 
ity, vomiting of partially digested food, and some- 
times Blood that looks like coffee-grounds. The 
Liver may also be enlarged with nodules. 


TREATMENT 

Purge the Excess Heat from the patient's 
Stomach, Liver and Gall Bladder Channels, then 
tonify and regulate the patient's Heart and Spleen. 
End by regulating the patient’s Kidney and 
Mingmen areas. 
PRESCRIPTIONS 

1. Have the patient practice the Descend the Yang 
and Ascend the Yin Technique (see Chapter 41) 
ending with the healing sound “Dong” for 24 
times, 9 times a day (see Chapter 40). 

2. Have the patient practice the method of “Tak- 
ing in the Yellow Qi,” three times a day for 15 
minutes each time in order to strengthen the 
Spleen. 

3. Have the patient practice the “Taking in the 
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Red Qi,” three times a day for 15 minutes each 
session to strengthen the Heart. 


PANCREATIC CANCER 

Carcinoma of the pancreas is regarded as one 
of the common malignant tumors. Statistics state 
that 22% of deaths from gastrointestinal cancer are 
due to cancer of the pancreas. 


ETIOLOGY 

The etiology for pancreatic cancer is un- 
known. Speculations suggest cigarette smoking 
and diet (in particular, a high intake of fat and/or 
meat) may cause, or contribute to the cancer. Re- 
cent investigations have identified a number of 
factors that may also contribute to the cause of 
pancreatic cancer, including: environmental fac- 
tors, surgical or associated medical factors, genetic 
factors, and occupational exposures to toxins. 


SYMPTOMS 

This type of cancer is more common in men 
between 50 and 70. A carcinoma of the pancreas 
causes pain in the epigastric area, which starts as 
a dull ache and usually becomes aggravated by 
lying down. The main clinical manifestations in- 
clude dyspepsia, diarrhea and constipation, loss 
of weight, nausea, vomiting and fatigue. 

The symptoms of pancreatic cancer can some- 
times vary in accordance to its exact location. The 
head of the pancreas is close to the duodenum, 
while its tail reaches to, and energetically connects 
with, the Spleen. The middle of the pancreas lies 
horizontally across the upper aspect of the abdo- 
men. 

1. Carcinoma of the Pancreas’s head has as for 
its main symptom jaundice, due to the com- 
mon bile duct of the Gali Bladder becoming 
obstructed. This obstruction causes the bile to 
back flow into the Liver and thus contami- 
nates the Blood. This causes both the Gall 
Bladder and Liver to swell. As the amount of 
bile and Blood increases, it causes the skin, 
mucous membrane and sclera to become yel- 
low, and the urine to turn brown. During the 
later stages, the skin color changes from a yel- 
lowish color to orange or dark yellow. 

2. Carcinoma of the Pancrea’s body has for its 
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main symptoms sharp abdominal pain and 
swelling. The abdominal pain reacts to the 
compression of the abdominal cavity nerve. 
This type of pain can occur sporadically, ra- 
diating to the patient's shoulder and back. The 
patient will notice this type of pain becoming 
aggravated when sitting up or lying down. 
Bending forward, however, can ease the pres- 
sure on the celiac nerve plexus and reduce the 
pain. 

3. Carcinoma of the Pancrea’s tail usually does 
not have detectable, early symptoms. At 
times, it can only be discovered when the tu- 
mor has metastasized to the peritoneum, 
Lungs, bones or other organs. Once the tu- 
mor has developed to sufficient size, the mani- 
festation of symptoms include anorexia, fa- 
tigue, and loss of body weight. 


TREATMENT 

Purge the Excess Heat from the patient’s pan- 
creas, then dredge the Stomach, Liver and Gall 
Bladder Channels. Next, tonify and regulate the 
patient’s Heart and Spleen, then regulate the 
patient’s Kidney and Mingmen areas. 
PRESCRIPTIONS 

1. Have the patient practice the Descend the 
Yang and Ascend the Yin Technique (see 
Chapter 41), ending with the healing sound 
“Dong” for 24 times, 9 times a day (see Chap- 
ter 40). 

2. Have the patient practice the method of “Tak- 
ing in the Yellow Qi,” three times a day for 15 
minutes each session to strengthen the Spleen. 

3. Have the patient practice the “Taking in the 
Red Qi,” three times a day for 15 minutes each 
time in order to strengthen the Heart. 


COLON AND RECTUM CANCER 
Carcinoma of the Large Intestine or rectum is 
regarded as one of the common malignant tumors 
of the digestive tract. 
ETIOLOGY 
It has been long accepted that colorectal can- 
cer is caused, or promoted, by environmental fac- 
tors, especially diet. It is suspected that carcino- 
gens are present in the patient's feces. 
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Also, chronic ulcerative colitis is considered 
a predisposing factor for colorectal cancer. The 
following chronic diseases are believed to be re- 
lated: benign tumors of the colon and rectum (es- 
pecially frequently occurring Large Intestine pol- 
yps), and chronic colitis (especially chronic amoe- 
bic dysentery and chronic ulcerative colitis). 
SYMPTOMS 

Colorectal cancer is more common in patients 
over 50 years of age. A carcinoma of the colon 
causes pain in the lateral abdominal area, which 
also may be umbilical. The main clinical manifes- 
tations include a sudden change of bowel habit 
(constipation or diarrhea), loss of weight, fatigue 
and Blood in the stool. 

Large Intestine cancer can be divided into two 
quadrants of right and left intestinal dysfunction. 

¢ Cancer on the right half of the Large Intestine 

is measured from the cecum to the right half 
of the transverse colon. The early symptom 
of this disease is dull pain and discomfort 
within the right epigastrium, or lower ab- 
dominal area. As the disease progresses, the 
pathological changes of the tumor initiate 
poisoning symptoms which appear as: weak- 
ness of the body, poor appetite, loss of weight, 
and anemia. In the midterm, or late stages, 
the patient can sometimes feel the tumor on 
the right side of their abdomen (located where 
the right Large Intestine stores food residue 
from the Small Intestine). 
Cancer on the left half of the Large Intestine 
is measured from the center of the transverse 
colon to the junction of the sigmoid colon and 
rectum. Symptoms of cancer in the left half of 
the Large Intestine appear earlier because the 
frequency of defecation increases with mucus 
and Blood in the stool. Moreover, because the 
narrow opening of the Large Intestine is now 
occupied by the tumor, it is difficult for the 
fecal matter to pass through, causing inflam- 
mation, as well as alternating diarrhea and 
constipation. If the tumor continues to grow, 
the intestinal cavity can be clogged, causing 
abdominal distention and toxicosis of the 
whole body. 


TREATMENT 

Purge the Excess Heat from the patient's Large 
Intestine and rectum area, purging and dredging 
the toxic Qi out the body and down the Stomach, 
Liver and Gall Bladder Channels. Next, tonify and 
regulate the patient's Kidney and Mingmen ar- 
eas, emitting Qi through the soles of the patient's 
feet. End with regulating the patient’s Fire and 
Water Qi through the Fire Cycle of the Microcos- 
mic Orbit. 


PRESCRIPTION AND HOMEWORK 

Have the patient practice the “Filth Dispel- 
ling Meditation,” focusing on the Large Intestine 
and rectum area. The meditation should be prac- 
ticed as follows. 

1. Begin from a sitting posture, eyes closed, body 
relaxed, with the tongue placed up against the 
upper hard palate, behind the teeth. 

2. The breathing should be natural and even. 

3. Imagine Qi whirling in through the upper 
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orifice of the Stomach, circulating clockwise 
through the Small Intestine, building momen- 
tum as it flows to the Large Intestine. 


. Imagine the whirling Qi driving through the 


colon. As it moves through the colon, the whirl- 
ing Qi begins absorbing the noxious Heat and 
filthy Qi from the Large Intestine, transform- 
ing it into wind, and dispelling it out the anus. 
This is practiced for 10 repetitions. 


. Next, gently close the anal sphincter while in- 


haling; imagine the Qi in the lower abdomen 
again becoming transformed into wind. This 
wind begins circulating in a counterclockwise 
direction, spiraling up the body, through the 
Stomach, and is expelled out the mouth. This 
is also practiced for 10 repetitions. 


. Finally, focus the attention on the Lower 


Dantian; imagine the vital Qi returning back 
to its origin, and begin rubbing the abdomen 
clockwise to end the prescription. 
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CHAPTER 55 


QI EMISSION THERAPY FOR RADIATION AND 


CHEMOTHERAPY 


The purpose of Cytotoxic treatments (radia- 
tion and chemotherapy) is to kill the dividing cells 
responsible for the formation of the tumor mass. 
The well-known side effects of these types of 
therapy are loss of hair, loss of appetite, nausea, 
vomiting and damage to the patient’s skin and 
gastrointestinal tract. When facing radiation and 
chemotherapy, the damage to the patient’s im- 
mune system, although less obvious, is the major 
concern for the Qigong doctor. The cure of the 
cancer inevitably lies in activating and increasing 
the function of the immune response, so that it 
can recognize and eliminate the malignant tissue. 

In China, Medical Qigong Therapy is com- 
monly prescribed as an adjunct to both radiation 
and chemotherapy. The value of Medical Qigong 
Therapy is that it is very useful in reducing the 
harmful side effects caused by both radiation and 
chemotherapies, as well as enhancing the patient's 
immune system. Both radiation and chemo- 
therapy assist the body in weakening a pathogenic 
cluster, but do not completely kill all of the tumor 
or cancer cells. That function is still left to the 
patient's immune system (which has consequently 
been weakened by the radiation or chemo- 
therapy). Because Medical Qigong treatments, 
prescriptions and meditations enhance the body’s 
immune system, its utilization as a adjunctive 
therapy is paramount. 


MEDICAL QIGONG THERAPY AND 
RADIATION THERAPY 

In most cases, radiation is much safer than 
chemotherapy because it can be directed into one 
specific area of the patient’s body. However, it may 
also cause scarring that can interfere with the 
patient's internal organ function. Although radia- 
tion therapy is strong, its effect on the patient's 
body can be corrected by the Qigong doctor with 


dredging, purging, dispersing and tonifying tech- 
niques. The tissue damage left after radiation 
therapy should be rectified by dredging, purging 
and dispersing the afflicted area first. Then, after 
the toxic Heat has been purged, begin to tonify 
the patient’s supporting organs and tissues sur- 
rounding the treatment area. 

Sometimes the harmful side-effects of radia- 
tion therapy can be avoided by giving the patient 
Resonant Sound Therapy. In order to alleviate the 
patient's toxic Heat and pain, it is important for 
them to practice the “She” sound to cool the tis- 
sues after radiation treatments. After the organs 
have been sufficiently cleansed, the doctor may 
then tonify the patient's tissues, as well as the Wei 
Qi Fields, which have been damaged by the ra- 
diation therapy. 


MEDICAL QIGONG THERAPY AND 
CHEMOTHERAPY 

All forms of chemotherapy are cell-killing 
agents that damage the DNA and injure actively 
dividing cells, including those of the body’s im- 
mune system. The tissue damage after chemo- 
therapy is extremely extensive; the white blood 
cells decrease, causing secondary infections. Un- 
like radiation therapy, which is generally isolated 
to specific areas of the patient's body, chemo- 
therapy affects all of the body’s internal organs. 

When treating patients who have undergone 
chemotherapy, it is important for the Qigong doc- 
tor to dredge, purge and disperse ail the patient's 
Yin and Yang organs. As with radiation therapy, 
Sound Resonation Therapy is also mandatory in 
alleviating the patient's pain. 

It is important for the patients to practice the 
“She” sound to cool the tissues after chemo- 
therapy treatments. Specifically, cancer patients 
should pronounce the “She” Healing Sound 
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therapy several times a day when their blood 
count is low, after both chemotherapy or radia- 
tion therapy. The sound “She” is pronounced six 
times. Its high pitched sound is in the straight tone, 
and its low pitched sound is in the dropping and 
rising tone. This sound is dropped and replaced 
by the sound “Ha,” or the sound for the specific 
internal organ, as soon as the red and white blood 
count reaches a normal level. 

After pronouncing the sound “Ha” for a cer- 
tain period of time, add the sounds for the spe- 
cific internal organs that have been affected (for 
example, add “Shang” for a patient with Lung 
cancer, and “Guo” for a patient with Liver cancer, 
etc.). 

When treating the patient, after the diseased 
organs have been sufficiently cleansed, the doc- 
tor may then tonify the patient’s Blood, Jing and 
tissues, as well as their energetic fields, which have 
been damaged by the chemotherapy. 


RELIEVING SYMPTOMS ASSOCIATED 
WITH RADIATION AND 
CHEMOTHERAPY 
After receiving radiation or chemotherapy, 
patients may suffer from several internal compli- 
cations due to the severe organ and tissue trauma 
caused by these therapies. The following are six 
common problems resulting from radiation and 
chemotherapy. 
1. A gastrointestinal infection can result from 
both radiation and chemotherapy, which have 
a tendency to burn up the body's Yin. This 
frequently results in causing Rebellious Qi, 
which is accompanied by such symptoms as 
nausea, vomiting, and poor appetite. Treat by 
tonifying the patient’s Stomach Yin by pre- 
scribing herbs, and use Jing Point Therapy to 
quiet the digestion by tonifying Pc-6, St-36 
points, as well as the Ear Shenmen points. 
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2. An infection of the Large Intestine can occur 
from the accumulation of toxins in the Lower 
Burner creating Damp Heat Symptoms 
(caused from radiation and chemotherapy). 
These toxins can cause abdominal pain, con- 
stipation or diarrhea with bloody mucous. 
Treat by tonifying the patient's Yin to prevent 
loss of Body Fluids {also give astringent 
herbs), and use Jing Point Therapy to stop any 
internal bleeding, by tonifying St-25, St-36, St- 
37, St-38, LI-4 and LI-11 points. 

3. A Urinary Bladder infection can be caused by 
both radiation and chemotherapy that havea 
tendency to create Damp Heat in the Lower 
Burner. Damp Heat in the Lower Burner can 
result in cloudy, bloody and scanty urination, 
with a feeling of an urgency to urinate but an 
inability to do so. To treat, use Jing Point 
Therapy and tonify Sp-6, Sp-9, CV-2, CV-3, BI- 
23 and BI-29 points. 

4. Edema in the limbs can occur from both ra- 
diation and chemotherapy that have a ten- 
dency to create Wind Damp and Deficiency, 
which leads to an accumulation of Body Flu- 
ids in the extremities. Treat by tonifying the 
Spleen and draining the body of Dampness. 
Use Jing Point Therapy to tonify Sp-6, Sp-9, 
Lu-7, LI-4, and BI-20; also prescribe herbs. 

5. A diminished white blood cell count can be 
caused by radiation and chemotherapy and 
can lead to secondary infections. Treat by toni- 
fying the patient's Blood and Jing, and pre- 
scribe herbs. 

6. Pneumonia can be caused by radiation and 
chemotherapy that have a tendency to cause 
damage to the Lungs. When both the Lung 
Qi and Yin Qi are damaged, pneumonia can 
result. Treat by tonifying the patient's Yin and 
Lung Qi, and prescribe herbs to enhance the 
immune system. 
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QI EMISSION THERAPY FOR SURGERY 


Medical Qigong Therapy is useful for treat- 
ing patients before, during and after surgery. Qi 
emission can be used to reduce the patient's bleed- 
ing, enhance the immune system, minimize the 
risk of infection, strengthen the body, and to ac- 
celerate the recovery rate. Medical Qigong mo- 
dalities are involved in preoperative therapy, sur- 
gery, postoperative therapy, follow-up therapies 
and remedial prescriptions. 


MEDICAL QIGONG AND PREOPERATIVE 
THERAPY 

Although Medical Qigong Therapy has had 
incredible results in healing and in stopping the 
progression of certain diseases, it is not a “cure- 
all.” As with other clinical modalities, it has its 
own limitations. Currently, conventional medicine 
only utilizes three modalities for treating tumors 
and cancer; these include surgery, radiation and 
chemotherapy. In the healing process, undergo- 
ing surgery is sometimes unavoidable, and should 
never be viewed by the patient as a defeat, but 
only as a necessary step in the healing transition. 

Having to face surgery should not be viewed 
as a negative reflection of a Qigong doctor’s heal- 
ing potential, nor as a patient's inability to heal. 
Surgery should be viewed as a necessary life sav- 
ing intervention, that can firmly establish the pa- 
tient on the road towards health and recovery. It 
is a positive affirmation of the patient’s commit- 
ment to getting well and taking responsibility for 
the healing. Sometimes, surgery is a necessary step 
towards health and healing. 

Before surgery, it is important for the doctor 
to consider the emotional relationship that the 
patient has developed with his or her diseased tis- 
sues. The mental, emotional, energetic and spiri- 
tual aspects of a disease must not be ignored. 

The doctor’s involvement with the patient 


and the tissues which are about to be surgically 
removed is extremely important, since this emo- 
tional interaction affects the patient's healing po- 
tential. For healing to take place, a trusting rela- 
tionship with the patient must first be solidly es- 
tablished; this includes a compassionate attitude 
of the doctor towards the tissues that will be re- 
moved. The doctor models the correct attitude to 
facilitate an accelerated healing for the patient. It 
is believed that scar tissue formation is in direct 
proportion to the patient’s fears and negative ex- 
pectations surrounding the surgery. These fears 
and expectations form energetic and spiritual at- 
tachments to the physical body. Often the patient 
attempts to disconnect these spiritual attachments 
out of fear and survival instinct. 

A patient is spiritually, emotionally and ener- 
getically interconnected with his or her body. This 
energetic attachment includes any and all organs, 
organ systems, or areas of the body which can be 
involved in the operation. 

A patient may sometimes feel disillusioned 
about his or her own interpersonal relationship 
with the body, and try to disconnect all energetic 
attachments to the body’s tissues out of fear and 
survival instinct. It is important for the Qigong 
doctor to help the patient get in touch with the 
suppressed feelings of loss surrounding the tis- 
sues which will soon be operated on. This is be- 
cause surgery represents the death of a relation- 
ship with part of the self. Although the relation- 
ship that the patient has with the diseased organ 
is not considered a healthy one, it exists never- 
theless. Allowing the patient to deny his or her 
true feelings related to the surgery interferes with 
the healing process. Denial may lead to increased 
scar tissue formation, and can promote the return 
of certain disease formations. 

The Qigong doctor therefore encourages the 
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patient to talk to, and “brief,” each organ and tis- 
sue area regarding the surgical procedure to pre- 
vent further denial, and to promote the release of 
feelings. Otherwise, the patient may experience 
_ feelings of loss, grief and depression; this reaction 
can of course also be due to the aftereffects of the 
anesthesia. It is important that these feelings be 
experienced and expressed before the surgery. 
After the surgery, the patient may then experience 
feelings of relief and gratitude about the new 
changes in his or her body. 

To prepare for surgery, the patient is usually 
given Medical Qigong meditations and prescrip- 
tions that strengthen the Lower Dantian, Kidney 
and Mingmen areas. One, or several sessions may 
be specifically devoted to allowing the patient to 
connect with the diseased organ(s), as well as the 
regions that are to be operated on. A request for 
divine intervention can facilitate the patient’s re- 
linquishing control, and for the removal of any 
and all energetic armor surrounding the diseased 
area (and the subsequent release of emotions as- 
sociated with this armoring). The patient is then 
encouraged to disconnect any energetic attach- 
ments that the diseased tissues have formed with 
the surrounding cells, facilitating a final closure. 
This gradual process allows for an easier transi- 
tion, as the patient’s body must completely release 
any attachment to the diseased tissues during sur- 


Just before surgery, the patient is given a medi- 
tation, and encouraged to imagine a divine white 
light energy submerging and enveloping the re- 
gions of the body which are to undergo the oper- 
ation. The Lower and Middle Dantians, as well as 
the areas which will soon be operated on, should 
also be energized. In addition, the Liver should 
also be energized to make sure that the Blood co- 
agulates properly during the surgery. 


USING MEDICAL QIGONG FoR 
ANESTHESIA 

According to research on Western Surgeries 
(presented at the Second International Sympo- 
sium on Memory and Awareness in 1992), patients 
who undergo anesthesia may be aware of both 
the pain and conversations within the operating 


room. Many kinds of drugs used to supplement 
anesthesia, such as neuromuscular blocking 
agents, paralyze all the muscles in the body but 
do not affect the central nervous system and con- 
sciousness. During surgery, patients have been 
observed flinching, twitching and making other 
facial expressions. Many patients later can give 
an accurate detailed account of the surgical pro- 
cedure and conversations between the doctors and 
nurses. Even when unconscious, patients 
(whether energetically inside or outside of their 
bodies), can record, see and remember everything. 

Qigong energy emitted during surgery, can 
however, reduce pain and wound shock, as well 
as calm the patient’s Shen. Qi emission also re- 
duces postoperative complications such as respi- 
ratory tract infection, functional disorders of the 
gastrointestinal tract, retention of urine, etc. The 
energy received by the patient also speeds up the 
healing process. 

Medical Qigong therapy is found to be very 
useful in relieving pain by affecting the body’s 
neuro-chemicals. The energy stimulates the pe- 
ripheral and cutaneous nerves that carry sensory 
information, via the spinal cord, to the brain. This 
stimulation of the cutaneous nerves activates neu- 
rotransmitters which carry pain messages to the 
brain, and facilitates the closure of the body’s pain- 
relay gates. The brain produces endorphins, or 
endogenously generated morphine-like chemicals 
in response to this closure. The body's opiate re- 
ceptors are then able to dull the pain. This pro- 
cess is the basis for Qigong Anesthesia. Because 
Medical Qigong therapy safely produces an anal- 
gesic affect on the body’s cutaneous tissues, its 
use in hospitals for surgery as well as for pre and 
postoperative procedures is gradually increasing. 

The first operation in which Qigong anesthe- 
sia was applied (recorded in modern times), was 
performed successfully for the removal of a thy- 
roid tumor in the Shanghai #8 People’s Hospital, 
on May 9, 1980. Qigong Master Lin Hou-sheng 
demonstrated the ability to induce anesthesia 
during surgery by pointing his fingers at specific 
acupuncture points, using external Qi projection 
without the use of any Western anesthetic. The 
patient's blood pressure, pulse and respiration rate 


remained stable during the operation, and the 
patient’s physiological function remained normal 
after the operation. The success of the Qigong an- 
esthesia boosted the resident doctor’s confi- 
dence and laid a solid foundation for future ap- 
plications of Qigong anesthesia in surgical opera- 
tions. 

Qigong anesthesia has begun to follow in the 
wake of the widely accepted acupuncture anes- 
thesia, as a holistic alternative to conventional 
pharmaceutical methods. The number of cases 
treated in China with Qigong anesthesia is steadily 
increasing, primarily for the following six benefits. 

1. Arresting the patient's pain, 

2. Resisting the pulling reflex action or shock 
reaction of the bedy’s internal tissues and or- 
gans when the scalpel is inserted, 

3. Reducing infection, 

4. Reducing the body’s opposition or contrary 
action/ reaction to operative wounds, 

5. Preventing wound shock (response of the 
body to the tissue trauma), and 

6. Promoting the healing of wounded tissues. 
Since Qigong analgesia is effective through 

the stimulation of certain points on the body’s 
surface, both the location of the points, and the 
type of energetic application are crucial. There are 
three methods commonly used in selecting points: 
According to the Channels, According to the Seg- 
mental Innervation, and According to the Auricu- 
lar Points. 

1. The analgesic approach used according to the 
patient's channels includes two main appli- 
cations: 

* The selection of points according to the course 
of the channel which traverses the site of the 
operation, and 

¢ The selection of points according to the dif- 
ferentiation of symptoms and signs of a dis- 
ease, as well as the responses that may be elic- 
ited from the patient’s body during the op- 
erative procedure. 

2. The analgesic approach used according to the 
segmental innervation includes three main 
applications: 

* The selection of points according to the adja- 
cent segment, or an area that is supplied by 


CHAPTER 56: Q@! EMISSION THERAPY FOR SURGERY 


the same spinal nerve, or an adjacent spinal 
nerve of the operative site, 

* The selection of points according to the remote 
segment, in an area not supplied by the same 
spinal nerve, or an adjacent spinal nerve (on 
the operative site), and 

* The selection of points according to the stimu- 
lation of the nerve trunk within the same seg- 
ment, stimulating directly the peripheral 
nerve of the operative site. 

3. The analgesic approach used according to the 
Auricular Points employs the insertion and 
stimulation of acupuncture needles with 
Medical Qigong Therapy, and includes three 
main applications: 

The selection of points according to the cor- 
responding Auricular areas pertaining to the 
operative site and its involved internal organs, 
The selection of points according to the theory 
of the Yin and Yang Organs pertaining to the 
operative site and its involved internal organs, 
and 

The selection of points according to such 
things as tenderness, reduction of electro-re- 
sistance, the appearance of deformation and / 
or discoloration when a certain internal or- 
gan or area of the body is affected. 

It is important preoperatively that the patient 
have confidence in the doctor’s method of Qigong 
application. Any misgivings should be dispelled 
by explaining the procedure to gain the patient's 
full corporation and trust. In order to know the 
level of response that the patient will experience, 
it is necessary to test the patient’s response to Qi- 
gong anesthesia prior to any surgery. 

To use external Qi as an anesthetic, the Qigong 
doctor must first focus Qi into his or her Lower 
Dantian, increase its charge and density and then 
extend it out through the palms, or sword fingers, 
into the patient’s body through specific channel 
points. The goal is to numb a specific area on the 
patient's body without touching the patient. 

When Qigong anesthesia is being adminis- 
tered successfully, 96% of the nerve fibers respon- 
sible for pain sensation become anesthetized and 
the patient loses consciousness within ten min- 
utes. Ten minutes after cessation of the Qigong 
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anesthesia emission, 24% of the anesthesia has 
disappeared; while 72% of the tissue remains 
numb. The remaining tissue quickly recovers from 
the anesthetic effect and the patient quickly re- 
turns to consciousness. 

Patients suffering from pain caused by such 
conditions as cancer or dysmenorrhea also re- 
spond positively to Qigong anesthesia. 


MEDICAL QIGONG THERAPY AND 
SURGERY 

Surgery has been performed in China for 
thousands of years. In ancient times, the legend- 
ary physician Hua Tuo was noted, not only for 
his expertise in Medical Qigong, acupuncture, 
massage and herbs, but also for his surgical skills 
as well. In Western culture, surgical therapies are 
applied for the removal of tumors, cysts, and ab- 
normal tissue growth, as well as the transplanta- 
tion of organs (heart, lungs, and kidneys) and the 
replacement of dysfunctional systems (joint re- 
placement). Surgery, however, having a potential 
to both hinder and obstruct the body’s flow of life 
force energy, is generally considered a last resort 
modality. 

During surgery, the Qigong doctor assists the 
surgeon by applying External Qi Emission to the 
patient's body, energizing and strengthening spe- 
cific areas. This is done to reduce pain and allevi- 
ate or eliminate the pulling reflex action (shock 
reaction) of the body’s internal tissues and organs 
when the scalpel is inserted, prevent infection, and 
reduce bleeding. 

When assisting surgeons during an operation, 
I personally have found that it is important to 
maintain a physical connection with the patient's 
body before beginning the Qi emission, until the 
anesthesia has fully taken effect. As the anesthe- 
sia relaxes the patient’s tissues, the Qigong doc- 
tor can feel and see the patient’s spirit leave the 
body. 

Just before the scalpel begins its first incision, 
itis important for the Qigong doctor to physically 
disconnect from the patient’s body. Even though 
the Qigong doctor has physically disconnected 
from the patient’s tissues, it is extremely impor- 
tant for the Qigong doctor to increase his or her 
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energy extension deeper into the center core of 
the patient's body. This protects the Qigong doc- 
tor from experiencing the shock, and initial trauma 
from the scalpel’s first incision, which resonates 
throughout the patient's entire body. 

It is also important for the Qigong doctor to 
focus the attention on extending and circulating 
his or her energy deep into the patient's Taiji Pole 
while the surgery is being performed. As the pa- 
tient begins to lose Qi and Blood due to the op- 
eration, the Qigong doctor replenishes the 
patient's lost Qi, as well as energizes the incom- 
ing Blood from the transfusion. The Qigong doc- 
tor should also slow down the bleeding by slow- 
ing the patient's pulse. 

During surgery, the surgeon’s scalpel will 
sever several of the patient’s channels as the doc- 
tor cuts through the surface of the skin and con- 
tinues into the deeper regions of the patient's body. 
Each channel that is being disconnected will 
weaken the patient's energetic field correspond- 
ing to that specific organ or organ systems. It is 
the Qigong doctor’s responsibility to maintain 
comnection with the patient's energy field, and also 
to monitor and maintain the patient's energy level. 
The Qigong doctor maintains this connection as 
the surgeons open up the patient’s body cavity, 
move internal organs, remove the diseased tissues 
(and any associated structures), and then sutures 
and closes the patient’s body cavity. 

When the patient is being sutured, the Qigong 
doctor must facilitate the patient's circulation of 
Qi through the Microcosmic Orbit; this stimulates 
the re-connection of any of the patient's internal 
and external channels which have been severed. 
The Qigong doctor must also change and rebuild 
the Energetic Grid formations in the body’s inter- 
nal and external energetic fields. The patient's En- 
ergetic Grid is reconstructed to a pre-diseased pat- 
tern to prevent the regrowth of the disease. 


MEDICAL QIGONG AND 
POSTOPERATIVE THERAPY 

The separation and restructuring of the inner 
fasciae that occurs during surgery can cause seri- 
ous postoperative problems by either stopping the 
Qi from flowing (causing stagnations), or alter- 


ing the energy’s natural course (causing devia- 
tions). This is why after the surgery has been com- 
pleted, it is extremely important for the Qigong 
doctor to immediately dredge and disperse the 
Turbid Qi from the patient’s body. This is per- 
formed by energetically combing over the fresh 
incisions, to reconnect the patient’s energetic pre- 
operative patterns. Energetic combing also pro- 
motes the rapid healing of the patient’s wounded 
tissues, reduces the formation of scar tissue, and 
continues to alleviate the effects of the surgery. 

To facilitate an escalated healing, the Qigong 
doctor must also energize the patient’s Kidneys 
and any energetic field which may have been de- 
pleted. Also, to bring the patient’s temperature 
back to normal, and to disperse any feelings of 
nausea after the anesthesia and shock of surgery 
wear off, certain Heart, Pericardium and Stom- 
ach Channel points require stimulation. 

It is important to note that after an operation, 
the patient’s Dantians and all the body’s tissues 
have been depleted, and are in need of revital- 
ization. While the patient is healing, the color of 
the aura (located in the Wei Qi field surrounding 
the area of the surgical trauma) is usually dark to 
light gray. To increase the healing potential, the 
Qigong doctor gives the patient specific prescrip- 
tions in accordance with the internal organ(s) af- 
fected, such as white light meditation images. This 
is prescribed to energize and replenish the 
patient’s damaged tissues and energy fields. The 
Qigong doctor also continues to work on rebuild- 
ing, reconnecting and reinforcing the patient's 
channels and Energetic Grids which the surgeon 
has severed during the operation. 


MEDICAL QIGONG THERAPY AND 
RECREATING ORGAN ENERGY 

Once an organ has been removed, there re- 
mains an energetic “void” within the spatial cav- 
ity of the patient’s tissues. The energy of the or- 
gan, however, still exists within the patient's body 
as a “Phantom Organ.” This energetic phenom- 
ena is due to the creative “blue-printing” of the 
prenatal and postnatal formation of the body’s tis- 
sues, Because mass and energy are interconnected 
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Figure 56.1. Organ Color Chart 




















and interchangeable, it is therefore possible to en- 
ergetically stabilize, as well as energize, the spa- 
tial cavity wherein the surgically removed organ 
once resided. To assist the patient in recreating 
active organ energy, the Qigong doctor prescribes 
the following meditation: 


STAGE 1 - THE Hookup 

Generally several days after the surgery, while 
the patient is still recovering, the Qigong doctor 
has the patient imagine him or herself being con- 
nected to the Heavens and rooted to the Earth. 
Next, the patient uses color visualization. 
STAGE 2 - CHOOSING THE APPROPRIATE 
CoLor 

To prescribe the correct color, it is important 
for the Qigong doctor to know which organ or 
organ systems have either been removed, or seri- 
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ously affected by the surgery. The patient is then 
assigned specific color meditations to tonify and 
strengthen the energetic fields that support the 
traumatized tissues. These meditations are also 
used to reestablish a physical, mental, emotional, 
energetic and spiritual connection to the area of 
trauma. 

Figure 56.1 categorizes the general colors as- 
sociated with the body’s organs and channels. 
These colors can be viewed as extensions of en- 
ergy originating from the original organs. 
STAGE 3 - CLEANING AND ENERGIZING THE 
SPATIAL CAVITY 

After the doctor has selected the proper or- 
gan color, the patient is given specific images used 
to cleanse, purify, and energize the tissues. These 
meditations create a solid energetic transforma- 
tion that stabilizes the patient's energetic field. 

1. The Cleansing and Purifying meditation is as 
follows. The patient imagines that his or her 
fingers and toes are straws. As the patient in- 
hales, he or she will imagine divine white light 
energy flowing from the Heavens and Earth 
into the fingers and toes, filling the specific 
area which has been traumatized by the sur- 
gery (Figure 56.2), While exhaling, the patient 
imagines any pathogenic Qi leaving the tis- 
sues and body via the fingers and toes. The 
patient continues to perform this cleansing 
meditation for several minutes until he or she 
feels that the specific area has been purified. 

2. The Creating and Energizing meditation re- 
quires that the patient imagine a clean, vibrant 
color (the Five Element Color associated with 
the particular organ), flowing into the spatial 
cavity, and areas, surrounding the removed 
organ. As the patient inhales, the organ color 
fills the vacant cavity, energizing the remain- 
ing energetic structure and surrounding tis- 
sues. The patient continues with this imag- 
ery until the specific organ area is full of heat, 
light and vibration (Figure 56.3). Because the 
surgery has permanently removed the organ 
from the patient's body, it is important for the 
patient to continue with this meditation ev- 
ery day for the rest of his or her life. 





Figure 56.2. As the patient inhales, he or she will imagine 
the divine white heating light flowing into his or her body 
through the fingers and toes. This image is used to purge 
the patient's body and cleanse the tissues. 
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Figure 56.3. Once the patient is cleansed, in order to 
energize the tissues, he or she will imagine a clean 
vibrant energy color flowing into the specific spatial 
cavity associated with the removed organ. 


MEDICAL QIGONG THERAPY AND 
ORGAN TRANSPLANTATION 

Each particular organ in the human body has 
its own unique history and experience. This emo- 
tional memory and experience is active in the 
donated organ, as well as in the patient’s diseased 
organ. Before the body can, or will receive a for- 
eign organ, there must first be a time of reconcili- 
ation between the memories stored within the 
negative (as well as positive) physical cells of the 
organ soon to be replaced, and that of the donor’s 
organ. To assist the surgeon in transplanting an 
organ, the Qigong doctor must perform visceral 
cleansing, preparation and purification of the 
transplanted organ. This method is explained in 
the following three stages: 
STAGE 1 

The patient must release all attachment to the 
departing organ. This includes all negative (as 
well as positive) physical, mental, emotional, en- 
ergetic and spiritual memories and experiences. 
STAGE 2 

The history and emotional memory of the 
transplanted organ must be cleansed. This in- 
cludes all negative {as well as positive) physical, 
mental, emotional, energetic and spiritual memo- 
ries stored within the donor’s organs. 


STAGE 3 

The relationship between the patient's tissues 
and the spatial cavity wherein the initial diseased 
organ was, or is located, must be established and 
harmonized. 

The patient's body will either receive or re- 
ject the transplanted organ due to unresolved 
emotional trauma stored within the patient's tis- 
sues, or within the transplanted organ itself. Cur- 
rent research reveals that emotions trapped within 
transplanted organs can surface within the 
patient's subconscious mind, affecting his or her 
behavioral patterns. This is manifested through 
certain unnatural behavioral traits, which are 
transferred via the donated organ to the patient. 

A famous example of a lingering emotional 
connection between an organ donor, the organ, 
and the recipient is described in the following true 
story. A few years ago a young woman (vegetar- 
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ian) received a heart transplant from a young man 
who died in a motorcycle accident. Upon being 
discharged from the hospital, the woman began 
craving Chicken McNuggets, which was the 
young man’s favorite food. This was in direct op- 
position to her previous diet and eating habits. 
It is important to note here that organ rejec- 
tion is not always due to the donor or patient’s 
unresolved emotional issues. Organ rejection can 
also be caused from biological reactions compli- 
cating the acceptance of the foreign tissue. 


FOLLOW-UP AND REMEDIAL 
PRESCRIPTIONS 

The follow-up and remedial prescriptions will 
be determined according to the specific type of 
surgery the patient has undergone. The prescrip- 
tions must be designed to purge, strengthen and 
regulate any organ(s) that have been weakened 
by the surgery. Follow-up and remedial prescrip- 
tions must also circulate the patient’s energy to 
reduce any energetic stagnations which may have 
been caused by internal organ movement and fas- 
cia damage. This will assist the patient in an esca- 
lated recovery, as well as reduce postoperative de- 
pression, which often follows after major surgery. 

Sometimes, when assisting a patient who is 
healing from a severe disease (i.e., malignant tu- 
mors), additional Western therapies such as ra- 
diation or chemotherapy are required. The follow- 
ing is a testimonial by a patient of mine, Thea 
Sagen (female - age 50), illustrating the use of 
Qigong therapy in combination with radiation 
therapy. 

Here is a summary of events surrounding my 
pancreatic surgery, June 16, 1997 at Community 
Hospital of the Monterey Peninsula. 

“On June 16, 1997, emergency surgery to re- 
move a fist-sized tumor from the tail of my pan- 
creas, resulted in my former Sifu (Martial Arts 
Master), Jerry Alan Johnson, changing roles to 
become an “Energy Therapist.” Thanks to my 
admitting physician, Dr. Stephanie Taylor, who 
facilitated the arrangement, Dr. Johnson was the 
first representative of Chinese Medical Qigong 
therapy allowed to enter surgery at the Commu- 
nity Hospital of the Monterey Peninsula. 
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As my Energy Therapist, Dr. Johnson con- 
ducted a preoperative session during which he 
facilitated the energetic and emotional release of 
my tumor. He then accompanied me into the four 
hour surgery, during which he maintained my 
energy levels, while reminding my tissues of their 
preoperative energetic patterns in order to facili- 
tate rapid healing. He continued to work with me 
through the postoperative healing, and followed 
up several days after surgery. It was his vital sup- 
port and insights that helped me to undergo the 
recommended course of radiation therapy. 

The following is a synopsis of the Medical 
Qigong therapy that I experienced along with the 
traditional Western modalities used to treat my 
pancreatic islet-cell tumor. 

Phase 1. The Preoperative Stage. Consisted of a 
Medical Qigong session directed toward putting 
me in touch with the tumor, my relationship to it, 
and the emotions associated with it. This was fol- 
lowed with an atonement with the Divine and 
relinquishment of control, removal of the 
armoring around my tumor, and subsequent re- 
lease of emotions with it. ] actually “saw” the dis- 
connected energetic attachments of the tumor as 
they detached from my organs and were blowing 
like ostrich feather segments in a wind. I also saw 
a bright neon sign on the tumor that identified its 
emotional source. This entire process took only 
an hour, yet it facilitated closure with the tumor 
in order for me to easily release it during the sur- 
gery, which immediately followed the session. It 
also provided me with insights that helped my 
emotional healing over the months following sur- 
gery. 

Phase 2. Surgery. I entered surgery without any 
sedatives and was filled with a tremendous sense 
of peace and empowerment in knowing that the 
hospital was honoring my energetic, as well as 
my physical needs. The surgery lasted for four 
hours during which Dr. Johnson connected with 
my energy fields and monitored, as well as main- 
tained, my energy levels. He continued treating 
me, and working with my energetic fields, as the 
anesthesia was administered, and as the two sur- 
geons opened my cavity, moved structures, re- 
moved the tumor (along with the tail of my pan- 
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creas and the spleen), and then sutured and closed 
my abdominal cavity. 

Throughout the surgery Dr. Johnson stood at 
my head, where energy enters through the crown, 
and facilitated the running of energy into my cen- 
ter channel in the core of my body. He described 
his work as following the actions of the surgeons, 
and my body’s response to these actions: the inci- 
sion, the movement of internal organs, the resec- 
tion of the tumor, and the final suturing. He used 
this opportunity to change the energetic grid for- 
mations in the tumor bed to prevent regrowth of 
the tumor, which was malignant. 

Phase 3. The Postoperative Stage. This stage in- 
volved a continuation of the mitigation of the ef- 
fects of surgery. He worked to tonify my Kidneys, 
to bring my temperature up, and to offset the 
shock of surgery, as well as used acupressure 
points to calm my heart and stomach during the 
nausea. I was reminded upon awakening, to do 
my Microcosmic Orbit exercise. Dr. Johnson then 
proceeded to “dredge” or comb over the incision 
to reconnect my pre-energetic channel and tissue 
patterns in order to facilitate healing, and to re- 
duce scar tissue. The healing of the incision was 
fast. My doctors later remarked at how quickly I 
healed, and how little scar tissue there was com- 
pared to similar surgeries. 

Phase 4. Follow-Up and Remedial Prescriptions. 
During the days following surgery, Dr. Johnson 
taught me several meditations: The “Divine Heal- 
ing Light Meditation” for healing the tumor bed 
and incision, and the “Heaven and Earth Spleen 
Meditation” that fuses a ball of energy where the 
spleen once was — allowing me to continue to pro- 
duce the energetic pattern of the spleen within my 
body. I began doing these meditations the day 
following surgery for the week of hospitalization, 
and continued to practice them along with the 
Microcosmic Orbit exercises throughout my re- 
covery. 

Phase 5. Radiation. After several weeks of recu- 
peration, I was scheduled to received radiation 
treatments daily (Monday through Friday) for six 
weeks. Each day I would perform the Medical 
Qigong exercises (vocal and physical prescrip- 
tions) outdoors in a field overlooking the ocean. 


Then I would drive to the hospital for the 15 min- 
utes of radiation, followed by a session with Dr. 
Johnson every other day. I understood that the 
Medical Qigong exercises and sessions would off- 
set the heat in the tissues while protecting the sur- 
rounding organs from unwarranted harm. There 
was concern about the possible loss of function in 
one kidney, but blood tests during the treatments 
showed no noticeable effects on them, or on my 
liver. In addition, unexpected by-products of the 
Medical Qigong sessions involved the release of 
emotional memories and an experience of the Di- 
vine in my healing process. 

On alternate days after radiation, I had acu- 
puncture and pranic healing with Jason Gill L.Ac. 
who teaches classes in Chinese Herbs and Tradi- 
tional Chinese Medicine at Dr. Johnson's Interna- 
tional Institute of Medical Qigong. Through these 
treatments, and the use of Chinese herbs, my im- 
mune system was strengthened. These compli- 
mentary modalities, combined with my body's 
own healing abilities and visualization practice, 
enabled me to avoid the typical side-effects of 
nausea and diarrhea. Aided by the positive en- 
ergy from these two therapists, I was able to main- 
tain my energy levels in sufficient quantity to con- 
tinue driving to the radiation treatments on my 
own. 
It is hard for me to imagine what this entire 
experience might have been like without the sup- 
port of a doctor of Medical Qigong. I am truly 
grateful for Dr. Johnson’s dedication, discipline 
and expertise that enabled him to be present for 
me throughout all aspects of this illness. It was a 
gift that I would encourage other patients to uti- 
lize for themselves in combination with any tra- 
ditional allopathic program for cancer. I had the 
best of both worlds working for me in a remark- 
able manner thanks to all of my doctors.” 


PHANTOM PAINS OF AMPUTATED 
ORGANS 

Amputation may be necessary as a result of 
severe injury or massive infection, such as gan- 
grene. During surgical amputation, the soft tis- 
sues are cut in such a way that they cover the end 
of the remaining bone to heal completely. This al- 
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lows the body’s tissues to seal and protect them- 
selves from the external environment. “Ghost” or 
“phantom” pains are caused by the patient's en- 
ergetic connection with the amputated tissues, 
through the internal “energetic spacial cavity,” or 
external “energetic boundary system.” The phan- 
tom limb (usually one of the body’s extremities, 
e.g., finger, hand, arm, etc.) exists in an energetic 
state and continues to interact with the patient's 
external Wei Qi field, as well as with the patient's 
Shen. Any interaction with the space, or energetic 
field of the amputated organ, will produce a di- 
rect response in the patient, similar to that of con- 
tacting the actual physical limb. 

Rehabilitation programs generally do not pre- 
pare the patient for such reactions as phantom 
pains, which tend to leave the patient perplexed 
and frustrated. To alleviate the symptoms of phan- 
tom pains, the Qigong doctor sedates the patient’s 
Wei Qi field that surrounds the amputated limb, 
and assists the patient in re-patterning the old 
energetic field to fit the postoperative tissue for- 
mation. The Qigong doctor can also prescribe Ju- 
niper Berries, which will relieve the phantom pain 


symptoms. 


MEDICAL QIGONG THERAPY AND THE 
TREATMENT OF SCAR TISSUE 

Medical Qigong therapy may be effective for 
treating pathologies caused by scarring due to 
surgical procedures. The formation of scar tissue 
often becomes the source of other physical prob- 
lems by either obstructing, or weakening, the flow 
of Qi within the body’s channels. In most cases of 
pathological scar tissue, the scar itself transverses 
several channels within the superficial and deep 
tissues. 

The topological relationships of each scar will 
vary according to each patient. Therefore, differ- 
ent therapeutic approaches may be required for 
treatment, depending on the patient's strength, 
weakness, Elemental Constitution, and the 
patient's emotional state surrounding the surgery. 
Manifestations of scar tissue pathology include 
some of the following symptoms: 

* a feeling of discomfort, or unpleasant sensa- 
tions that originates around the scar area, 


837 


SECTION 11: SPECIALIZED Qt EMISSION THERAPY 


¢ radiating sensations that occur when the scar 
is being pressed, and 

¢ a sharp, pulling type of pain that originates 
from the scar. 

These conditions can be present, even if it has 
been several years since the surgery was per- 
formed. 

TREATMENT 

Medical Qigong treatment for scar tissue for- 
mation follows the principle of emitting Qi along 
the pathway of the channels. Before treatment, the 
doctor should take into consideration the energetic 
flow and function of the channels that have been 
affected by the surgery. If, for example, a patient's 
Yang channel (e.g., Stomach) becomes obstructed 
due to surgery, it can create an Excess condition 
within the Stomach Channel, which in tum cre- 
ates a Deficiency of the Spleen Channel. There- 
fore, the treatment of both the Stomach and Spleen 
channels should be addressed. 

After surgery, some scar tissue formation is 
inevitable, since both the body’s inner-facia and 
channels (which are responsible for the lubrica- 
tion of the tissues) have been severed. To mini- 
mize the degree of scar tissue formation, the 
Qigong doctor uses Qi extension techniques on 


the sutured area, extending his or her intention 
deep into the patient's body. The doctor’s focuses 
on dispersing stagnations and regulating the flow 
of the undercurrent of Qi through the sutured tis- 
sues. Emphasis should be placed on reconnecting 
the patient’s channels and collaterals. Next, the 
doctor focuses on regulating the external and in- 
ternal flow of energy from within and without the 
patient's tissue area. 

In treating scar tissue formation which has 
laid dormant for quite some time, tissue regula- 
tion through Tui Na therapy is required. After 
using the proper tissue regulation method (see 
Chapter 37), the Qigong doctor ends the treatment 
by using the One Finger Skill technique along the 
line of the patient’s external scar. To perform this 
method, one thumb is placed on the end of the 
scar, while the doctor’s other thumb presses into 
tissue, slowly outlining the entire scar (this heats 
and energizes the patient's tissues). The doctor 
ends the treatment with both thumbs placed at 
the beginning and ending of the scar, extending 
his or her energy through the patient's tissue in a 
circular pattern. This technique naturally induces 
an energetic emotional release of the memories 
trapped within the scar tissue. 
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INTRODUCTION TO THE APPENDICES 


There are many documents discussing the 
experimental research of Medical Qigong Therapy 
written within the past ten years. Among these 
documents, are listed a collection of abstracts from 
five national congresses on Medical Qigong re- 
searches as well as four World Conferences. The 
research has covered a variety of topics ranging 
from Medical Qigong and its relationship with: 
Physics, Chemistry, Biclogy, Western and Tradi- 
tional Chinese Medicine, Optics, Magnetism, Elec- 
tromagnetism, Acoustics and the Projection of 
Sound Resonation, Fluid Mechanics, Nuclear 
Physics, Electro-Chemistry, Organic Chemistry, 
Inorganic Chemistry, Analytical Chemistry, Physi- 
ology, Bio-Chemistry, Molecular Biology, Micro- 
Biology, Cytology, Genetics, Pathology, Pharma- 
cology, Psychology, and Sports Medicine. 

The experimental research of Medical Qigong 
is actually a study with multiple sciences. Of all 
the research reported, Biology and Medicine are 
in the forefront of the material collected. 

The following research was conducted by dis- 
tinguished scholars at various Universities, Sci- 
entific Academies, and Institutes through out the 
world (i.e.: Beijing Medical University, Qinghua 
Medical University, Nanjing Medical University, 
Tokyo Medical University, Tokyo Electro-engi- 
neering University, Higher Energy Institute, Phys- 
ics Institute, International Institute of Medical 
Qigong, China Healthways Institute, etc.). 

This research was focused on the Extension 
of Emitted Qi by various Medical Qigong Mas- 
ters / Doctors, the result being positive in it’s con- 
clusion on the effectiveness of Medical Qigong 
Therapy as a solid and effective clinical modality. 
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This section of the text is devoted to the sci- 
entific approach of analyzing and scrutinizing the 
claims made as to the actual effectiveness of Medi- 
cal Qigong Therapy as a clinical modality. 

For this purpose, I have elicited the help of 
my good friend, the renowned scientist and re- 
search investigator, Dr. Kenneth M. Sancier. Dr. 
Sancier (a Material Scientist) is the president of 
the Qigong Institute, of San Francisco, California, 
and an active Council Board Member of the World 
Academic Society of Medical Qigong (Beijing, 
China). His many years of extensive research in 
the field of Energetic Medicine has led him to help 
organize the first International Congress of 
Qigong in conjunction with the Fifth International 
Congress of Chinese Medicine (at the University 
of California, Berkeley) including maintaining an 
active annual Qigong Science Forum for scientists. 
He is also responsible for developing the first com- 
puterized Qigong Data Base, which is currently 
being sold worldwide. 

Dr. Sancier has actively collected scientific 
information on Qigong by attending international 
conferences, and meeting scientists in China, Ja- 
pan, Canada and the United States. He has pub- 
lished several reviews of clinical and experimen- 
tal studies of the medical aspects of Qigong 
therapy in many scientific journals and maga- 
zines. Although the following information in this 
appendix represents but a fraction of Dr. Sancier’s 
findings, I am confident that the reader will find 
the data fascinating. 


Dr. Jerry Alan Johnson May 2000 
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MEDICAL APPLICATIONS OF QIGONG 


Kenneth M. Sancier, Ph.D. 
Qigong Institute 
Menlo Park, California 


ABSTRACT 

This article reviews selected scientific studies 
of medical applications of Chinese Qigong. The 
intention of the review is to outline research on 
Qigong and its potential for improving health care 
in western countries. The review centers on clini- 
cal and experimental studies to show that Qigong 
exercise can beneficially affect many functions of 
the body and improve health. The studies were 
selected to illustrate the following points: medi- 
cal applications of Qigong are diverse, some stud- 
ies were conducted in depth, and many applica- 
tions hold promise to improve western health care. 

Several specific clinical and experimental 
studies are outlined. The study using 
electroacupuncture according to Voll shows that 
almost all organs and functions of the body can 
be balanced by Qigong. The research on hyper- 
tension serves as a model to illustrate the many 
ways that the effects of Qigong on the body can 
be measured. Studies on brain waves are included 
to show that the mind is involved in Qigong and 
probably in the healing process. Research on 
Qigong’s role in high altitude adaption suggests 
some practical applications for treating cardiovas- 
cular disease. A combination of Qigong and drug 
therapies is superior to drug therapy alone, as in- 
dicated in the case of two diseases, hypertension 
and cancer. In conclusion, there is a plea to medi- 
cal practitioners and scientists to collect existing 
information on medical Qigong, promote research 
if needed, and identify applications that hold 
promise for improving western health care. 


INTRODUCTION TO MEDICAL QIGONG 
Traditional Chinese Medicine (TCM) is a ho- 
listic system for promoting health and for heal- 
ing that includes several therapies such as acu- 
puncture and moxibustion, herbal medicine, 


acupressure massage, nutrition, and Medical 
Qigong. These therapies are often used in combi- 
nations. The underlying theory of TCM is based 
on balancing Qi, the vital energy in the body, ac- 
cording to the theory of “yin-yang” and the Five 
Elements, that has been used for more than three 
thousand years. In practice, the flow of Qi is regu- 
lated, and “blocks” to the flow of Qi are removed. 
Energy blocks or Qi in excess or deficiency may 
result from disease, injury or stress. Qigong (pro- 
nounced chee gong) has a history of thousands of 
years, and it is unique among TCM therapies be- 
cause almost anyone can learn and practice 
Qigong. However, it best to study Qigong with a 
qualified teacher to avoid adverse side effects. It 
is claimed that 60 million people in China prac- 
tice Qigong daily, primarily to maintain health and 
achieve long life. 

The word Qigong is a combination of two 
ideas. Qi is the vital energy of the body, and gong 
is the skill of working of the Qi. Medical Qigong 
for health and healing consists primarily of medi- 
tation, physical movements, and breathing exer- 
cises. Qigong practitioners develop an awareness 
of Qi sensations in their bodies and use their mind, 
i.e., intention, to guide the Qi in the body. It is said 
that the benefits of Qigong extend beyond health 
and healing to enhance spiritual life and even spe- 
cial abilities, such as psychic powers. Qigong is 
also used in martial arts to help develop physical 
and mental powers for self defense and healing. 

Medical Qigong is divided into two parts: in- 
ternal and external. Internal Qi is developed by 
individual practice of Qigong exercises. When 
Qigong practitioners become sufficiently skilled, 
they can use external Qi to “emit” Oi (Wai Qi in 
Chinese) for the purpose of healing another per- 
son. There are many reports of the medical effi- 
cacy of emitted Qi. This therapy has limited ap- 
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plication on a large scale because there are a lim- 
ited number of skilled Qigong masters. The 
present article will focus mainly on internal Qi 
because almost everyone can learn Qigong exer- 
cises for maintaining health and for self-healing. 

In the early 1980s, scientists in China began 
investigating the many medical benefits claimed 
for Qigong. Since then, research on hundreds of 
medical applications of Qigong has been reported 
in the literature, which, unfortunately for the West, 
is written primarily in Chinese. A wealth of mate- 
rial is published in English in the proceedings of 
international conferences of Qigong. The proceed- 
ings contain abstracts of talks given at the confer- 
ences, and since 1986 there are 837 abstracts, more 
than half in English. 


EXAMPLES OF MEDICAL 
APPLICATIONS OF QIGONG 

Some examples of the applications of medi- 
cal Qigong and emitted Qi on humans, animals, 
cell cultures, and plants were reviewed. Clinical 
and experimental evidence showing that Qigong 
exercise and external Qi affects various functions 
and organs of the body have been discussed. A 
short list of some of the functions and organs af- 
fected by Qigong, and the measurement tech- 
niques employed, include: the brain (EEG and 
magnetometer); blood flow (thermography, 
sphygmography, and rheoencephalography); 
heart functions (blood pressure, EKG, and UCG); 
kidney (urinary albumin assay); biophysical (en- 
zyme activity, immune function, sex hormone lev- 
els); eyesight; and tumor size in mice. 

In the following discussion, some clinical and 
experimental research studies will be discussed to 
illustrate the scope of research on medical applica- 
tions of Qigong. The studies have been selected 
because they contain scientific information on im- 
portant chronic medical conditions, such as hyper- 
tension and aging. Most of these studies on Qigong 
used controls and statistical analysis. This review 
focuses on the main accomplishments of selected 
research studies. Details may be omitted because 
of space limitations or because relevant informa- 
tion is not available. The critical evaluation of re- 
search studies will be left to medical specialists. 
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THERAPEUTIC BALANCING OF THE 
CHANNELS AND FUNCTIONS OF THE 
BobDy 

Electroacupuncture According to Voll (EAV) 
can monitor the effects of Qigong practice on 
therapeutic balancing of the Channel system, the 
classical TCM organs, and body functions. In EAV 
the electrical conductance of the skin above indi- 
vidual acupuncture points is measured using a 
low voltage and low current. Diagnosis depends 
on measuring the relative electrical conductance 
and its time dependence. An important diagnos- 
tic criterion of degeneration of an organ is an “in- 
dicator drop” that may occur during the measure- 
ment when the conductance reaches an apparent 
maximum value but then decreases before level- 
ing off. 

Measurements were made at 24 acupuncture 
points at the ends of the Channels of the fingers 
and toes of subjects and were made by the same 
operator and equipment. The subjects were asked 
to perform a Qigong exercise of their choosing, 
for example, sitting or standing meditation or 
moving Qigong. Two series of EAV measurements 
were made before and after healthy subjects prac- 
ticed Qigong. In the first series, four subjects were 
examined by EAV before and after they practiced 
Qigong for 10 to 15 minutes. Qigong exercise de- 
creased the average of the EAV measured values 
in the range of -19 to -31% (p<0.004) for the four 
subjects. Qigong essentially eliminated the indi- 
cator drops. In the second series, each of seven 
subjects was examined by EAV three times in a 
blind protocol so that the operator did not know 
whether a subject had practiced Qigong before the 
second or third examination. In the second series, 
Qigong exercise changed the average EAV mea- 
sured values in the range of -17% to -35% for four 
subjects and in the range of 4% to 15% for three 
subjects. Indicator drops again were decreased. 

These preliminary results show that Qigong 
can make significant changes in the therapeutic 
balancing of the Channel and organ systems, the 
goal of TCM. 
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Figure 1. A 30-year folow-up of the effect of Qigong on mortality and stroke of 242 hypertensive patients. Both 


groups received drug therapy. (Qang. Xu, et al. ref. 7) 





HYPERTENSION 

Several groups in China have investigated the 
effects of Qigong on hypertension (i.e., high blood 
pressure). Research on the short- and long-term 
effects of Qigong practice on hypertensive patients 
has been carried out at the Shanghai Institute of 
Hypertension by Wang Chongxing, Xu Dinghai 
and their colleagues. Their research is reviewed 
extensively because it serves as a model of the ef- 
fects of Qigong on many functions of the body. 
For these studies, the patients practiced “Yan Jing 
Yi Shen Gong” for 30 minutes twice a day. This 
Qigong is claimed to be especially valuable for 
therapeutic purposes and delaying senility. The 
Qigong exercise consists of a combination of sit- 
ting meditation and gentle physical movements 
that emphasizes a calm mind, relaxed body, and 
regular respiration. 


PREVENTION OF STROKE AND 
MORTALITY 

In 1991, the researchers reported a 20-year 
controlled study of the anti-aging effects of 
Qigong on 204 hypertensive patients. Recently, the 
researchers performed a 30-year follow-up on 242 
hypertensive patients who were divided ran- 
domly into a Qigong group (n = 122) and a con- 
trol group (n = 120). All patients were given drug 
therapy to control blood pressure, but only the 
experimental group practiced Qigong 30 minutes 
a day, twice a day. The results show that the accu- 
mulated mortality was 25.41% in the Qigong 
group and 40.79% in the control group (p<0.001). 
The incidence of stroke was 20.49% and 40.73% 
(p<0.01), and death rate due to stroke was 15.57% 
and 32.50% (p<0.01), respectively. These results, 
which are shown graphically in Figure 1, indicate 
that Qigong has potential for preventing strokes 
and extending life. 
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Figure 2. Serum estrdiol levels of hypertensive men (ages 40-69) and women (ages 51-57) who practice Qigong 
one year compared to healthy controls. (Ankun, Eang, et al. ref. 6} 





The researchers also reported that over the 20- 
year period, blood pressure of the Qigong group 
stabilized while that of the control group in- 
creased. Remarkably, during this period the drug 
dosage for the Qigong group could be decreased 
and for 30% of the patients could be eliminated. 
However, the drug dosage for the control group 
had to be increased. These results suggest that 
Qigong activated the natural healing process of 
the body. 


IMPROVEMENTS IN HEART FUNCTION 
AND MICROCIRCULATION 

Aged hypertensive patients usually are found 
to have a deficiency of Heart-energy, which often 
leads to a weakened function of the left ventricle 
and a disturbance of microcirculation. The re- 
searchers evaluate the effects of Qigong by using 
ultrasonic cardiography (UCG) and indices of 
microcirculation. The 120 male subjects, 55 to 75 
years of age, were divided into three groups: 46 
cases of hypertensive subjects with Heart-energy 
deficiency, 34 cases without Heart-energy defi- 
ciency, and 40 cases with normal blood pressure. 
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Patients whose blood pressure measured more 
than 160/95 mm mercury were accepted as sub- 
jects after regulation with anti-hypertensive drugs 
for 4 weeks. 

The results showed that subjects with Heart- 
energy deficiency experienced several improve- 
ments: increases in cardiac output, ejection frac- 
tion mitral valve diastolic closing velocity, and 
mean velocity of circumferential fiber shortening, 
while the total peripheral resistance decreased 
(p<0.05-0.01). Significant changes did not occur 
in the group without Heart-energy deficiency. 

Multiple quantitative evaluation of nailfold 
disturbance in microcirculation was made on the 
above three groups by observing 10 indices of 
abnormal conditions: configuration of 
micrangium, micrangium tension, condition of 
blood flow, slowdown of blood flow, thinner af- 
ferent limb, efferent limb and afferent limb ratio, 
color of blood, hemorrhage, and petechia. At the 
beginning of the study, the incidence of microcir- 
culation obstruction for the above three groups 
was 73.91%, 26.47% and 17.50%, respectively. Af- 
ter practicing qigong for one year, the group with 


Heart-energy deficiency showed a decrease in 
nailfold microcirculation obstruction from 73.91% 
to 39.31% (p<0.05). Significant changes did not 
occur in the group without Heart-energy defi- 
ciency. 

These studies show that proper TCM diag- 
nosis is essential for gigong therapy. The investi- 
gators emphasized that the kind of qigong must 
be selected according to the patient’s condition. 


IMPROVEMENT IN SEX HORMONE 
LEVELS 

One consequence of aging is that the levels of 
sex hormones change in unfavorable directions. 
For example, female hormone (estrogen) levels 
tend to increase in men and decrease in women. 
Two studies indicate that this trend can be re- 
versed by gigong exercise. The effect of gigong 
exercise on plasma sex hormone levels was deter- 
mine for hypertensive men and women. The sex 
hormones levels were measured before and after 
qigong practice for one year. 

The 70 male patients with essential hyperten- 
sion (ages 40 to 69; disease stage II) were divided 
into two groups. For the qigong group (n = 42), 
the estradiol level (E2) decreased from 70.12 to 
47.71 pg/ml, a decrease of 32% (p<0.01), while no 
significant changes occurred in the control group 
(n= 20). The testosterone levels (T) of both groups 
decreased about 7%. The value of E2 for the qigong 
group (47.71 pg/ml) approached that of healthy 
men (42.23+5.82 pg/ml) of the same age but with- 
out hypertension or cardiovascular, pulmonary, 
hepatic, renal, or endocrine diseases (p<0.05). For 
women {ages 51 to 67, the number in group not 
available), the aging process was associated with 
failure of ovarian function manifested by de- 
creased E2 and increased T levels. Qigong resulted 
in an increase of E2 from 40.9+.3.5 to 51.643.5 pg/ 
ml, a value about equal to that of normal meno- 
pausal controls without hypertension or cardio- 
vascular, pulmonary, hepatic, renal, or endocrine 
diseases. The value of T was also increased by 
qigong from 25.52.2 to 37.2+2.2 ng/ di. These fa- 
vorable changes in estradiol levels, E2, brought 
about by gigong are summarized in Figure 2 for 
both men and women. 


APPENDIX 1 


In an auxiliary study, the 24-hour urinary es- 
tradiol levels were determined in 30 men ages 50 
to 69. Qigong for one year resulted in a decrease 
of 31% in E2 and a decrease of 54% in the estra- 
diol/ testosterone ratio (E2/T). These changes 
were accompanied by improvements in symp- 
toms associated with Kidney deficiency hyperten- 
sion, such as soreness, dizziness, insomnia, hair 
loss, impotence, and incontinence. The average 
score for these symptoms was changed by qigong 
from 5.53+2.31 to 2,8341.32 (p<0.001). 

Ye Ming and co-workers reported similar fa- 
vorable changes in plasma sex hormone levels E2 
in 77 male and female gigong exercisers after 2 
months gigong compared with 27 controls. They 
did not observe significant changes in testoster- 
one. 

The above studies show that gigong exercise 
can help restore the sex hormone levels that had 
deteriorated because of aging. 


INCREASED BONE DENSITY 

Aging may result in a decrease in bone den- 
sity, especially in women. As a consequence, bones 
become more brittle and subject to fracture. 

Bone density of male subjects was found to 
increase by practicing gigong for one year. For 
subjects 50 to 59 years of age (18 cases), the bone 
density increased from 0.627+0.040 to 0.696+0.069 
g/cm3 (p<0.01). For subjects 60 to 69 years of age 
(12 cases), the bone density increase was some- 
what less, namely, from 0.621+0.039 to 0.672+0.083 
g/cem3 (p<0.05). For both age groups, the bone 
density increased to values exceeding those of 
normal men of the same age, 0.695+0.096 and 
0.657+0.102 g/cm3, respectively. The results are 
shown graphically in Figure 3. 

It is likely that qigong therapy also would help 
restore the bone density of women, especially 
menopausal women. If so, hormone replacement 
therapy and its side effects could be reduced. 
CHANGES IN BLOOD CHEMISTRY IN 
HYPERTENSIVE PATIENTS 

Auxiliary studies by Wang, Xu and co-work- 
ers on the effects of qigong exercise on blood 
chemistry of hypertensive subjects include im- 
provements in plasma coagulation firbrinolysis 
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indices, blood viscosity, erythrocyte deformation 
index, levels of plasma tissue-type plasminogen 
activator (tPA), plasminogen activator inhibitor 
(PAI), VIII factor related antigen (VIII R:AG), and 
anti-thrombin (AT-IID). In another study, they re- 
ported that qigong exercise significantly and ben- 
eficially changed the activities of two messenger 
cyclic nucleotides (CAMP and cGMP). 

These results provide further evidence that 
qigong affects many complex functions of the 
body. 


CANCER 

Feng Lida pioneered in research showing that 
emitted qi from gigong masters produced marked 
changes in cell cultures of cancer cells from mice. 
Several studies reported the effects of emitted qi 
on tumors in animals. For example, emitted qi was 
reported to inhibit the growth of implanted ma- 
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lignant tumors in mice but did not destroy the tu- 
mors. Encouraged by the results with animals, 
researchers carried out clinical research on the ef- 
fects of gigong on human subjects with cancer. 
Detailed results are not available in English for 
all these clinical studies. 

Some results are available for a clinical study 
of qigong as a therapeutic aid for patients with 
advanced cancer. In this study, 127 patients with 
medically diagnosed malignant cancer were di- 
vided into a qigong group of 97 patients and a 
control group of 30 patients. All patients received 
drugs, and the qigong group practiced qigong for 
more than 2 hours a day over a period from 3 to 6 
months. Both groups improved, but the gigong 
group showed improvements four to nine times 
greater than the control group for strength, appe- 
tite, diarrhea free, and weight gain of 3 kg. The 
phagocytic rate, which a measure of the immune 
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Figure 3. Changes in bone density of hypertensive men who practice Qigong one year compared to healthy 


males of the same age. (Xu Wang, et al. ref. 9) 
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Figure 4. Comparison of Qigong, drug and drug-alone terapies for patients with advanced cancer. (ref. 25) 





function, increased in the qigong group but de- 
creased in the control group. These results are 
shown in Figure 4. 


REVERSING SENILITY 

To study the mechanism of keeping fit by 
qigong, a controlled study was made of 100 sub- 
jects classified either as presenile or with senile 
impaired cerebral function. The subjects were di- 
vided into two groups of 50 people each with a 
mean age of 62.7 years and with a similar distri- 
bution of age and sex. The qigong group practiced 
a combination of static and moving gigong. The 
control group exercised by walking, walking fast, 


or running slow. According to TCM method of 
classifying the vital energy, more than 80% of the 
patients in each group were classified as deficient 
in vital function and vital essence of the Kidney. 
Criteria for judging outcome were based on mea- 
suring clinical signs and symptoms including ce- 
rebral function, sexual function, serum lipid lev- 
els, and function of endocrine glands. 

After six months, 8 of the 14 main clinical signs 
and symptoms in the qigong group were im- 
proved above 80%, whereas none of the symp- 
toms in the control group was improved above 
45%. These results suggest that qigong can reverse 
some symptoms of aging and senility. 
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MIND-Bopy REGULATION 

The main function of gigong is to regulate the 
mind, and according to TCM theory the mind 
leads the qi. The mind-regulating function of 
qigong mainly refers to the regulation of the func- 
tions of the brain and related body reactions. One 
tenant of gigong is that “the mind leads the qi, 
and the qi leads the blood.” This somewhat mys- 
terious statement can be interpreted to mean that 
intention (the mind) can direct the gi within the 
body. This mechanism is perhaps similar to the 
role of volition in biofeedback self-regulation. 


BRAIN WAVES 

The main focus of research has been on the 
effects of qigong on brain waves as measured by 
electroencephalography (EEG). During static, e.g., 
sitting meditation, alpha brain waves dominate 
over beta waves and spread to the frontal areas of 
the brain. Kawano and Wang have found differ- 
ences in the EEG of Zen Buddhist priests and 
qigong masters. During almost all types of gigong 
training, the frequency of the alpha waves in- 
creased in the range from +0.6 to 1.0 Hz. During 
deep Zen meditation, the frequency decreased in 
the range from -1.0 to -1.5 Hz, and sometimes theta 
waves appeared. Also, frontal and occipital alpha 
waves tended to synchronize with a phase differ- 
ence that depended on the type of meditation. This 
phase difference became smaller with qigong 
meditation (i.e., better synchronization) and larger 
for Zen meditation. According to Kawano and 
Wang these differences in brain function suggest 
that internal gigong involves a “semi-conscious” 
process, which involves some awareness and ac- 
tivity, while Zen meditation is a neutral process 
that releases the meditator from all concerns. This 
difference may relate to qigong being a healing 
art, whereas Zen is generally not considered to be 
one. 

As mentioned earlier, a qigong master can 
emit qi to heal a patient, and the literature con- 
tains many references to this subject. The interac- 
tion between the gigong master and his subject 
has been followed in double blind tests. Both 
qigong master and subject were simultaneously 
measured by EEG, polygraphs, biochemical blood 
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tests, and psychological tests. The EEG studies 
showed that brain wave patterns of the subject 
and qigong master were synchronized in type of 
brain waves and their location in the brain. Such 
synchronism may be required for healing by emit- 
ted qi. 

Machi has studied qigong masters by com- 
bining EEG measurements with simultaneous 
measurements of physiological changes. He found 
that while the qigong master was emitting qi, the 
alpha-1 waves showed extremely high potential 
on the right frontal lobe, and there were increases 
in blood pressure, heart rate, and skin surface tem- 
perature. He also detected a far infrared emission 
with 1 Hz modulation signal coming from the 
Laogong point (a major acupuncture point in the 
palm of the hand.) 


BLOOD FLOW TO THE BRAIN 

Qigong exercise has been shown by 
rheoencephalography to increase blood flow to the 
brain. For 158 subjects with cerebral arterioscle- 
rosis who practiced gigong for 1 to 6 months, im- 
provements were noted in symptoms such as 
memory, dizziness, insomnia, tinnitus, numbness 
of limbs, and vertigo headache. During these stud- 
ies, a decrease in plasma cholesterol was also 
noted. These results may offer hope to people with 
cerebral arteriosclerosis. 


EFFECT OF RAPID AND LARGE 
CHANGES IN ALTITUDE 

Studies have been made to determine whether 
qigong exercise would protect pilots from altitude 
stress when they increased altitude by going rap- 
idly from low altitudes to the Tibetan highlands. 


CARDIAC FUNCTION 

Before entering the Tibetan highland, 66 per- 
sons were divided into two groups: a qigong 
group of 32 young men who did Qiyuan Qigong 
exercise for 4 weeks, and a control group of 34 
young men who exercised to radio music. The two 
groups of men suddenly entered the highlands 
from a lower altitude. Before and after entering 
the highland, measurements were made of symp- 
toms of altitude sickness and physiological 


changes. The qigong group suffered less altitude 
stress than the control group as measured by blood 
pressure, heart rate, oxygen consumption, micro- 
circulation on epex of tongue and nail fold, and 
temperature at Laogong point (P8) of the left hand 
(p<0.01). The researchers suggest that qigong can 
prevent stresses from altitude changes. 

These results with healthy subjects suggest 
that qigong also should be effective in improving 
the health of people with cardiovascular condi- 
tions. In fact several research studies have been 
reported the beneficial effects of qigong on car- 
diovascular diseases. 


MICROCIRCULATION DISORDERS 

Air force pilots were randomly divided into 
two groups: a qigong group of 22 persons who 
had practiced Qiyuan Qigong exercise for eight 
weeks, and a control group of 18 persons who did 
physical exercise for eight weeks before entering 
the Tibetan highlands. Microcirculation was mea- 
sured at tongue apex and the nail fold, and also 
from the temperature at the Laogong point in 
palm of the left hand. When the men entered the 
high altitude, abnormal blood pressure and mi- 
crocirculation of tongue apex and nail fold oc- 
curred in both groups. However, the abnormali- 
ties were statistically less in the qigong group than 
in the control group (p<0.01). The temperature at 
Laogong kept steady in the qigong group, but was 
reduced in the control group (p<0.05). 


STUDY OF LUNG FUNCTION 

The men were divided into three groups. 
Forty young males were in the qigong group and 
practiced Qi Yuan qigong for 4 weeks prior to 
entering the highlands; 40 young men were in the 
control group and exercised to radio music for 4 
weeks prior to entering the highlands; and 40 
young males were residents living at high alti- 
tudes. The results show that the integral value of 
symptoms of acute mountain sickness was lower 
in the gigong than in control group (p<0.05—0.01). 
Pulmonary ventilation of the gigong group was 
significantly improved compared. with the con- 
trol group (p<0.05—0.01), and nearly equal to the 
resident group. 
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The favorable outcome of these studies sug- 
gests that qigong may be a valuable therapy for 
people suffering from cardiac, microcirculation 
and lung disorders. 


SUMMARY AND CONCLUSIONS 

This review deals with only a small fraction 
of a large collection of research already performed 
on medical applications of qigong, mainly in 
China. Hopefully, the information presented is 
sufficient to illustrate the potential of qigong ex- 
ercise for restoring normal body functions. The 
main conclusion from many studies is that qigong 
enables the body to heal itself. 

Medical practitioners and scientists are en- 
couraged to evaluate the potential value of medi- 
cal applications of gigong. They should collect as 
much information as possible from original 
sources, develop bibliographies, and then deter- 
mine whether additional research is required to 
validate given medical applications. They should 
then recommend those applications most likely 
to be suitable for western health care. It is recom- 
mended that TCM and qigong be considered to 
complement western medicine. 

There are several issues that should be ad- 
dressed for the successful introduction of gigong 
into western health care. It is necessary to win the 
support of scientists, medical practitioners and the 
public who know very little about TCM and 
qigong. A crucial step is to collect scientific evi- 
dence from research already performed. Regret- 
tably, there are few research reports in English, 
and original scientific reports in Chinese are of- 
ten difficult to obtain and translate. Further, some 
of the best technical research papers are incom- 
plete scientifically. Recently this has become less 
of a problem in China. Although some scientific 
reports have flaws, we must not reject all research 
on qigong. We must give credit to China for de- 
veloping the science of gigong and recognize that 
it is a science in development. 

On the positive side, qigong is emerging rap- 
idly among a public interested in improving their 
health. Qigong is a subject being addressed by the 
public press and in books and magazines. Increas- 
ing numbers of medical practitioners are becom- 


839 


SECTION 12: APPENDICES 


ing active in alternative medicine, although few 
physicians have studied TCM. At least one insur- 
ance company has paid for qigong therapy. HMOs 
and state and federally funded medical programs 
would benefit from paying for qigong therapy 
because it is effective and inexpensive. Pharma- 
ceutical companies are already exploring many 
herbs, and these companies also could benefit 
from qigong research because of the synergic ef- 
fect between qigong and drugs mentioned in this 
review. The Office of Alternative Medicine (OAM) 
of the National Institutes of Health is working to 
develop a basis for evaluating the merits of dif- 
ferent alternative therapies, and in 1994 it funded 
one grant involving qigong. Incidentally, the Japa- 
nese Ministry of International Trade and Indus- 
try (MITI) is reported to be taking a pragmatic 
approach to alternative therapies by encouraging 
the development of industrial applications of 
therapies such as acupuncture and qigong. 

There are many medical applications of 
qigong. Some of the most promising for introduc- 
ing into western health care are chronic problems 
such as hypertension, cardiovascular disease, ag- 
ing, asthma, allergies, neuromuscular problems, 
and cancer. These areas of public health deserve 
consideration by the western medical establish- 
ments. 

*The p-value is the probability that two quan- 
tities are not different: the smaller the p-value 
greater the difference. 
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ANTI-AGING BENEFITS OF 
_ Kenneth M. Sancier, Ph.D. 


INTRODUCTION 

In the early 1980s, scientists in China began 
to study the medical benefits claimed for qigong. 
Since then, research on hundreds of medical ap- 
plications of qigong have been reported in the 
Chinese literature. Of special interest for the 
present article are clinical reports of the medical 
benefits of qigong that claim to retard or reverse 
some diseases associated with aging. 

Most of the original research was reported in 
Chinese, but access in English to most of this ma- 
terial is possible by reference to the proceedings 
of international conferences of gigong. Since 1986, 
ten such proceedings contain about 840 abstracts 
of talks given at the conferences, more than half 
of which are in English. These abstracts, along 
with about 160 abstracts of articles in the scien- 
tific literature, have been organized as a comput- 
erized database. The database enables searches 
and development of bibliographies across this 
entire body of information by using any key word. 
The clinical outcomes reported in this article are 
partly based on material in the database and partly 
on the author’s person contacts with researchers. 

The word gigong is a combination of two 
ideas: qi the vital energy of the body, and gong 
the skill of working of the qi. Medical gigong for 
health and healing consists primarily of medita- 
tion, physical movements, and breathing exer- 
cises. Qigong practitioners develop an awareness 
of qi sensations in their bodies and use their mind, 
i.e., intention, to guide the gi in the body. The ben- 
efits of gigong are said to extend beyond health 
and healing to enhance spiritual life and even spe- 
cial abilities, such as psychic powers. 

Medical gigong is divided into two parts: in- 
ternal and external. Internal qi is developed by 
individual practice of qigong exercises. When 
qigong practitioners have sufficiently mastered 
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QIGONG 


the skill, they can “emit” qi (external qi or waiqi 
in Chinese) for the purpose of healing another 
person. There are many scientific reports of the 
medical existence and efficacy of emitted qi. The 
present article focuses mainly on internal qi be- 
cause almost everyone can learn gigong exercises 
for maintaining health and for self-healing, 
whereas, there are a limited number of skilled 
qigong masters available for healing. 

There are numerous reports of the effects of 
emitted qi on living systems and the functions and 
organs of the human body. The present author 
reviewed some examples of medical applications 
of qigong and emitted qi on humans, animals, cell 
cultures, and plants, and he also published some 
of his experimental research on physiological ef- 
fects of qigong. He discussed some clinical and 
experimental evidence showing that qigong ex- 
ercise and external qi affects various functions and 
organs of the body. A short list of some of the func- 
tions and organs affected by qigong, and the mea- 
surement techniques employed (in parentheses), 
include: the brain (EEG and magnetometer); blood. 
flow (thermography, sphygmography, and 
rheoencephalography); heart functions (blood 
pressure, EKG, and UCG); kidney (urinary albu- 
min assay); biophysical (enzyme activity, immune 
function, sex hormone levels (laboratory analy- 
sis); eyesight (clinical); and tumor size in mice. 


CLINICAL STUDIES INDICATING THE 
ANTI-AGING BENEFITS OF QIGONG 

Several clinical studies will be described to 
illustrate the scope of research on medical appli- 
cations of qigong to treat chronic medical condi- 
tions that may affect the aging process. Some de- 
tails may be omitted because of space limitations. 
The critical evaluation of the research studies will 
be left to medical specialists. 
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THERAPEUTIC BALANCING OF THE 
CHANNELS AND FUNCTIONS OF THE 
BopDy BY QIGONG 

The profound effect that internal qigong prac- 
tice may have on balancing the energies of the 
organs and functions of the body is illustrated by 
measurements using Electroacupuncture Accord- 
ing to Voll (EAV). In EAV the electrical conduc- 
tance of the skin above individual acupuncture 
points is measured using low voltage and low 
current. Diagnosis depends on measuring the rela- 
tive electrical conductance and its time depen- 
dence. An important diagnostic criterion of de- 
generation of an organ is an “indicator drop” that 
may occur during the measurement when the con- 
ductance reaches an apparent maximum value but 
then decreases before leveling off. 

Measurements were made at 24 acupuncture 
points at the ends of the 12 Channels in the fin- 
gers and toes of subjects and were made by the 
same operator and equipment. The subjects were 
asked to perform a qigong exercise of their choos- 
ing for 10 to 15 minutes, for example, sitting or 
standing meditation or moving qigong. Two se- 
ries of EAV measurements were made before and 
after healthy subjects practiced gigong. 

In the first series, four subjects were exam- 
ined by EAV before and after they practiced 
qigong. Qigong exercise decreased the average of 
the EAV measured values of the four subjects in 
the range of -19 to -31% (p<0.004). Qigong elimi- 
nated almost all the indicator drops. 

In the second series, each of seven subjects 
was examined by EAV three times in a blind pro- 
tocol so that the operator did not know whether a 
subject had practiced gigong before the second or 
third examination. The results showed that gigong 
exercise changed the average EAV measured val- 
ues in the range of -17 to -35% for four subjects 
and in the range of 4 to 15% for three subjects. 
Indicator drops again were markedly decreased. 

These preliminary results show that internal 
qigong practice can make significant changes in 
the therapeutic balancing of the Channel and or- 
gan systems. 
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In a similar type of study, the electric current 
at acupuncture points on 14 Channels was mea- 
sured using a single square wave voltage pulse 
technique. Both a qigong master, who emitted qi, 
and a qi-receiver were measured simultaneously 
and continuously. The results show that internal 
and external gigong produce different values in 
some measurement parameters, and also some 
synchronous behavior was observed between the 
sender and receiver. 


BLOOD PRESSURE 

The effect of gigong exercise on blood pres- 
sure is shown graphically in Fig. 1. The blood pres- 
sure (systolic and diastolic) in millimeters mer- 
cury is plotted as a function of time over 20 years 
for the group consisting of 242 patients, 122 in the 
qigong group and 120 in the control group. Dur- 
ing the first two 

Fig. 1. Effect of qigong on blood pressure of 
hypertensive patients over 20 years. Qigong group 
{n = 104) practiced 30 min/day twice/day, con- 
trol group (n = 100). 

months, the blood pressure of all patients 
dropped in response to the hypotensive drug. 
Subsequently, and over the period of 20 years, the 
blood pressures of the gigong group stabilized 
while that of the control group increased. Remark- 
ably, during this period the drug dosage for the 
qigong group could be decreased, while the dos- 
age for the control group had to be increased. 


MORTALITY AND STROKE 

The incidences of mortality and stroke for the 
30-year study are shown in Fig. 2. These results 
show that qigong exercise decreased by about 50 
percent the incidence of total mortality, mortality 
due to stroke, and morbidity due to stroke. At the 
end of 30 years, 86 patients survived in the qigong 
group and 68 in the control group. These results 
clearly show that qigong has significant potential 
for preventing strokes and extending life. 

Fig. 2. Effect of qigong on mortality and stroke 
of hypertensive patients over 30 years. Both 
groups received drug therapy; gigong group (n= 
122) practiced qigong 30 min/ day twice/ day; the 
control group (n = 120). 


IMPROVEMENTS IN HEART FUNCTION 
AND MIRCROCIRCULATION 

Aged hypertensive patients usually are found 
to have a deficiency of Heart-energy, which often 
leads to a weakened function of the left ventricle 
and a disturbance of microcirculation. The re- 
searchers evaluated the effects of qigong for120 
aged patients by using ultrasonic cardiography 
(UCG) and indices of microcirculation. 

Experiments showed that the left ventricular 
function (LVF) in the hypertensive aged group (80 
cases) was lower than that in the aged normal 
blood pressure group (40 cases}, while the LVF in 
the deficiency of Heart-energy hypertensive pa- 
tients (46 cases) was lower than in the non-defi- 
ciency Heart-energy hypertensive patients (34 
cases). 

After practicing gigong for one year, cardiac 
output was increased, the total peripheral resis- 
tance decreased, and the ejection fraction mitral 
valve diastolic closing velocity and the mean ve- 
locity of circumferential fiber shortening tended 
to be increased. Significant changes did not occur 
in the group without Heart-energy deficiency. 

Quantitative evaluation of nailfold distur- 
bances in microcirculation was made on the above 
groups by observing 10 indices of abnormal con- 
ditions: configuration of micrangium, micrangium 
tension, condition of blood flow, slowdown of 
blood flow, thinner afferent limb, efferent limb and 
afferent limb ratio, color of blood, hemorrhage, 
and petechia. The results showed that hyperten- 
sion had an accelerating effect on the disturbance 
of microcirculation. The incidence of disturbance 
of microcirculation disturbance was 73.9% in the 
deficiency of Heart-energy hypertensive patients. 
After a year of qigong practice, the incident of 
disturbance was 39.1% (p<0.01). 

The results suggest that qigong exercise has 
beneficial effects on Heart-energy and regulation 
of the blood channel, and qigong seems to have 
improved abnormal conditions of blood circula- 
tion. 
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ENHANCED ACTIVITY OF ANTI-AGING 
ENZYME SOD 

Superoxide dismutase (SOD) is produced 
naturally by the body but its activity declines with 
age. SOD is often called an anti-aging enzyme 
because it is believed to destroy free radicals that 
may cause aging. The effects of qigong exercise to 
treat disorders of retired workers were studied by 
Xu Hefen and coworkers and included determi- 
nations of plasma SOD. 

For their study, 200 retired workers,100 males 
and 100 females, ranging in age from 52 to 76 were 
divided into 2 groups: the qigong exercise group 
and the control group, and each group consisted 
of 50 males and 50 females. The main qigong ex- 
ercise was Emei Nei Gong (one kind of gigong 
exercises of the Emei School), and was practiced 
at least 30 minutes a day. 

The result showed that the mean level of SOD 
was increased by qigong exercise. For example, 
the SOD level was larger in the gigong group 
(about 2700 x / g Hb) and than in the control group 
(1700 yt / g Hb), and this difference was significant 
(p<0.001). This study shows that qigong exercise 
can stimulate physical metabolism, promote the 
circulation of Channels and regulate the flowing 
of qi and blood, thus preventing and treating dis- 
orders of aging and promoting longevity. 


CARDIOVASCULAR FUNCTION 

Several studies reveal the potential benefits 
that qigong may have for improving the cardio- 
vascular function of those with heart disease as 
well as old people. This conclusion is based on 
three studies reporting that gigong exercise can 
protect healthy pilots from altitude stress when 
they flew rapidly from a low altitude to the high 
altitude of the Tibetan highlands. 

Before entering the Tibetan highland, 66 
healthy young men were divided into two groups: 
a qigong group of 32 men who did Qiyuan Qigong 
exercise for 4 weeks, and a control group of 34 
men who exercised to radio music. The two 
groups of men rapidly entered the highlands from 
a lower altitude. Before and after entering the 
highland, measurements were made of symptoms 
of altitude sickness and physiological changes. 
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The gigong group suffered less altitude stress than 
the control group as measured by blood pressure, 
heart rate, oxygen consumption, microcirculation 
on the epex of tongue and the nail fold, and the 
temperature at the Laogong point of the left hand 
(p<0.01). The researchers suggest that gigong can 
prevent stress from altitude changes. 

In another study of changes in altitude, 
healthy young men were divided into three 
groups. Forty males were in the gigong group and 
practiced Qiyuan qigong for 4 weeks prior to en- 
tering the highlands; 40 men were in the control 
group and exercised to radio music for 4 weeks 
prior to entering the highlands; and 40 males were 
residents living at high altitudes. The results show 
that the integral value of symptoms of acute 
mountain sickness was lower in the gigong than 
in control group (p<0.01 to 0,05). Pulmonary ven- 
tilation of the gigong group was significantly im- 
proved compared with the control group (p<0.01 
to 0.05), and nearly equal to the resident group. 

In another study, air force pilots were ran- 
domly divided into two groups: a gigong group 
of 22 men who had practiced Qiyuan Qigong ex- 
ercise for eight weeks, and a control group of 18 
men who did physical exercise for eight weeks 
before entering the Tibetan highlands. Microcir- 
culation was measured at tongue apex and the nail 
fold, and also from the temperature at the Laogong 
point in palm of the left hand. When the men en- 
tered the high altitude, abnormal blood pressure 
and microcirculation of tongue apex and nail fold 
occurred in both groups. The abnormalities were 
statistically less in the qigong group than in the 
control group (p<0.01). The temperature at 
Laogong kept steady in the qigong group, but was 
reduced in the control group (p<0.05). 

The results of these three studies with healthy 
subjects lead to the conclusion that gigong also 
should be effective in improving the health of 
people with cardiovascular conditions including 
the aged. In fact several research studies have re- 
ported such beneficial effects of qigong on cardio- 
vascular diseases. The three studies also provide 
evidence that qigong exercise is superior to physi- 
cal exercise such as calisthenics. 


COMBINATION OF MEDICAL QIGONG 
AND DRUGS THERAPY 

There is ample evidence in the literature that 
therapy by a combination of qigong exercise and 
drugs is superior to that of drugs alone. The ad- 
vantages of a combination therapy of qigong and 
drugs over drugs alone were discussed earlier in 
this paper for hypertension and cancer. 

The mechanism of this apparent synergism is 
not entirely understood, but undoubtedly relates 
to the fundamental mechanism of qigong. Qigong 
is believed to remove blocks to the ready flow of 
the qi (energy), blood, oxygen and nutrients to all 
cells of the body as well as to promote removal of 
waste products from cells of the body. Blocks to 
energy (qi) flow may result from injury, disease 
or stress, 

Increases in qi flow and blood circulation help 
nourish diseased or stressed tissue, providing a 
means for the body to heal itself. This mechanism 
suggests that qigong also could promote drug 
uptake to tissue and cells via increased blood cir- 
culation, Omura’s research shows that drug up- 
take was increased by using qigongized paper {i.e., 
paper to which emitted gi was sent) applied to 
afflicted area of the body. 


CONCLUSIONS 

This review deals with a small fraction of the 
large collection of clinical research on medical ap- 
plications of qigong. The information presented 
is intended to illustrate the potential of qigong 
exercise for restoring normal body functions in 
people with chronic conditions, many of which 
accelerate the aging process. The main conclusion 
from many studies is that qigong exercise helps 
the body to heal itself. In this sense, qigong is a 
natural anti-aging medicine. Two studies indicate 
that qigong exercise is superior to some physical 
exercises. 

Qigong can complement Western medicine in 
many ways to provide better healthcare. For ex- 
ample, gigong has special value for treating 
chronic conditions and as a preventive medicine, 
whereas Western medicine has special value for 
treating acute conditions. There are many medi- 


cal applications of qigong that can complement 
Western medicine to improve health care. Some 
examples include chronic problems such as hy- 
pertension, cardiovascular disease, aging, asthma, 
allergies, neuromuscular problems, and cancer. 
These areas of public health deserve consideration 
by the Western medical establishment. 
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THE EFFECT OF QIGONG ON THERAPEUTIC 
BALANCING MEASURED BY ELEXTROACUPUNCTURE 
ACCORDING TO VOLL (EAV): A PRELIMINARY STUDY 


Kenneth M. Sancier, Ph.D. 


ABSTRACT 

Electroacupuncture According to Voll (EAV)} 
was used to monitor the effects of qigong prac- 
tice on therapeutic balancing of subjects. In EAV 
the electrical conductance of the skin above indi- 
vidual acupuncture points is measured using low 
voltage and current. Diagnosis depends on mea- 
suring the relative electrical conductance and its 
time dependence. An important diagnostic crite- 
rion of degeneration of an organ is an indicator 
drop which occurs during the measurement when 
the conductance decreases from an apparent maxi- 
mum value and then levels off. Two series of EAV 
measurements were made before and after healthy 
subjects practiced qigong. Measurements were 
made at 24 acupuncture points at the ends of the 
Channels of the fingers and toes of a subject and 
were made by the same operator and equipment. 
The subjects were asked to perform a qigong ex- 
ercise of their choosing. In the first series, four 
subjects were examined by EAV before and after 
qigong exercise. Qigong exercise decreased the 
average EAV measured values of the four subjects 
in the range of -19 to -31%. Qigong eliminated 
indicator drops for three subjects and reduced the 
indicator drop by 80% for the fourth subject. In 
the second series, each of seven subjects was ex- 
amined by EAV three times in a blind protocol so 
that the operator did not know whether a subject 
had practiced qigong before the second or third 
examination. Qigong exercise changed the aver- 
age EAV measured values in the range of -17 to - 
35% for four subjects and 4 to 15% for three sub- 
jects. Indicator drops appeared for three subjects, 
and they were eliminated for two subjects and 
reduced by 50% for the third subject. These pre- 
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liminary studies indicate that EAV can monitor 
the effects of qigong on changes in the therapeu- 
tic balancing of the Channel-organ system. Sug- 
gestions are made of how EAV can provide basic 
information about qigong and its applications. 


INTRODUCTION 

Electroacupuncture According to Voll (EAV) 
is one of several electroacupuncture techniques 
for measuring local skin electrical conductance for 
diagnostic and therapeutic purpose(1). In general, 
EAV emphasizes preventive medicine by provid- 
ing the medical practitioner with a diagnosis of a 
subject’s health and its change at every stage of 
therapy. In the present study, EAV was used to 
monitor the effects of gigong practice on thera- 
peutic balancing of subjects (2,3). The equipment 
is basically a D.C. resistance meter that measures 
relative changes in electrical conductance of the 
skin above an individual acupuncture point, Di- 
agnosis depends on measuring the relative elec- 
trical conductance and its time dependence. The 
relative conductance is measured by a meter that 
is calibrated from 0 to 100. The “normal” value of 
50 is expected when the acupuncture point and 
associated organ are in a physiologically balanced 
condition. Higher values (higher conductance) are 
associated with inflammation and lower values 
(lower conductance) with degenerative distur- 
bances. The indicator drop is an important diag- 
nostic criterion in EAV of a functionally disturbed 
organ. An indicator drop occurs during a mea- 
surement when the conductance of a given acu- 
puncture point increases to an apparent maximum 
value and then decreases to a lower equilibrium 
value. In the present study, EAV was used to moni- 


tor the effects of qigong practice on therapeutic 
balancing of healthy subjects. 

Two series of EAV measurements were made 
by the same operator and equipment. In both se- 
ries, the subjects were asked to perform a qigong 
exercise of their choosing, usually sitting or stand- 
ing meditation or moving gigong. The first series 
was performed during an international conference 
(4) at which gi and the human Channel system 
were among the main topics. About six months 
later, the second series was conducted in San Fran- 
cisco with different subjects (5). 


MATERIALS AND METHODS 

The EAV instrument, a Computronix Acupro 
II system (Synergy Health Systems, 1223 Wilshire 
Boulevard #321, Santa Monica, CA 90403} was 
designed and operated by Douglas C. Leber. The 
instrumental test parameters were: 1.25 volts D.C. 
output voltage, 12.7 microamperes current output 
at full scale, and 95,000 ohms resistance at 
midscale of 50. A schematic of the electrical cir- 
cuit is shown in Fig. 1. The instrument was cali- 
brated from 0 to 100, and the value of 50 indicates 
that an organ associated with the acupuncture 
point was free of pathological problems. The tester 
pressed the brass probe electrode (0.13 cm diam- 
eter and connected to the positive side of the cir- 
cuit) gently onto the acupuncture point as shown 
in Fig. 2. To minimized variations of skin conduc- 
tance due to perspiration, tap water was applied 
to the skin in the region of the acupuncture point 
before the measurement. The cylindrical brass 
hand electrode (1-inch diameter and connected to 
the negative side of the circuit) was held in the 
subject’s free hand, which was also moistened 
with water. Twenty four acupuncture points at the 
ends of the Channels of the fingers and toes of a 
subject were tested in about 5 minutes. The com- 
puter was programmed to provide information 
on the right and left side of the body for twenty 
organs and physiological functions of the body. 

The subjects were 30 to 65 years of age. They 
were examined by EAV before and after practic- 
ing a qigong exercise for 10 to 15 minutes. The 
subjects went to a secluded spot to practice their 
own style of gigong, which was sitting or stand- 


APPENDIX 1 


ing meditation or a form of moving gigong. The 
subjects were asked to balance their energies, and 
they were examined within 15 minutes after prac- 
ticing qigong. One subject was examined by EAV 
before and after receiving qigong therapy from a 
qigong master and was also examined by EAV 
three more times within 22 hours. 


RESULTS AND DISCUSSION 

Series 1: In Series 1, four subjects were exam- 
ined by EAV before and after qigong. Subjects A, 
B, and C, who had practiced qigong for more than 
10 years, practiced their own style of gigong for 
10 to 15 minutes. Subject D, who had studied 
qigong for about one year, was given a qigong 
balancing treatment for about 10 minutes by sub- 
ject A, a qigong master who used a combination 
of acupressure massage and emitted qi to balance 
the Channels and organs of subject D. Subject A 
was not aware of that variations in the polarity of 
qi may exist in different parts of the his hands and 
of the body of the subject (6). 

Examples of the EAV measurements before 
and after gigong are shown for subject D in Fig. 3 
and for subject C in Fig. 4. The 20 pairs of hori- 
zontal bars represent the measured values at the 
acupuncture points associated with specific or- 
gans and functions of the body as described be- 
low the pair of bars. For a given pair of bars, the 
upper bar represents the value on the left side of 
the body and the lower bar that on the right side 
of the body. For example, LUCL and LUCR repre- 
sents the lung Channel on the left. and right side 
of the body, respectively. The scale for the mea- 
sured values is shown at the bottom of each graph 
in the figure. A vertical line at the “normal” read- 
ing of 50 is a convenient reference for comparing 
changes that resulted from qigong practice. The 
two numerical values to the left of each bar are 
the actual measured values. The maximum value 
is on the left and the equilibrium value, which may 
be lower if there is an indicator drop, is on the 
right. The magnitude of the indicator drop is rep- 
resented by a “white” bar and its numerical value 
is the difference between the maximum and the 
minimum measured values. 

Visual inspection of Fig. 3 and Fig. 4 shows 
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that qigong had decreased all measured values 
and had either eliminated indicator drops or re- 
duced their numbers. However, gigong did not 
restore balance to some of the Channels and the 
corresponding organs. For example after the 
qigong balancing treatment for subject D, the 
measured values for the spleen, liver and gall 
bladder Channels on the right side of the body 
remained elevated with respect to the others at 
values of 66, 69 and 67, respectively. In the case of 
subject C, the measured values remained elevated 
for the stomach at values of 77 and 66 and for the 
urinary bladder on the right side of the body at a 
value of 68, and two of the nine indicator drops 
remained. These observations suggest that EAV 
can be used to monitor the effects of gigong 
therapy on individual organs of the body. 

The results of the EAV measurements ob- 
tained before and after gigong for each of the four 
subjects are summarized in Table 1. For each sub- 
ject, average measured values were calculated 
from the 40 values, 20 on the left and 20 on right 
side of the body (see Fig. 3). For each subject, a 
percentage change (change %) was calculated 
from the average measured values obtained be- 
fore and after qigong. The results show that 
qigong had changed the average measured val- 
ues of each practitioner in the range of -19 to - 
31%. The sum of all indicator drops (in meter di- 
visions) for a given EAV examination were either 
eliminated or reduced markedly by qigong. The 
style of gigong of each subject and the duration 
of the practice are noted in a separate column in 
Table 1. 

In Table 1, the plus and minus value that fol- 
lows an average EAV value is an apparent “stan- 
dard deviation” that indicates that individual 
Channels or body functions have measured val- 
ues greater or less than the average value. This 
standard deviation would be zero if all the Chan- 
nels and body functions were balanced and had 
the same measured AEV values. Individual Chan- 
nels and body functions may not be balanced for 
many reasons, including chronic, acute, stress, and 
emotional factors. The magnitude of the appar- 
ent standard deviation may be regarded as a 
semiquantitative indicator of imbalance in the 
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Channel system. 

In a preliminary study to determine possible 
lasting effects of qigong, subject D was examined 
by EAV a total of four times over a period of 22 
hours. The average measured value was 75.1+5.2 
before qigong, 51.5+9.9 twenty minutes after 
qigong balancing, 59.7410.4 four hours later after 
lunch, and 59.0+8.1 twenty-two hours later after 
breakfast. The increases in the standard deviations 
after the first 20 minutes were mainly due to large 
elevations in the measured EAV values of the 
Channels of the liver at a value of 85, spleen at 85, 
large intestines at 68, and kidney at 65. These 
changes are probably caused by food eaten at 
lunch. 

Series 2. A blind protocol was used in Series 2 
so that the EAV operator did not know when the 
seven subjects practiced gigong. This was accom- 
plished by measuring the EAV of each subject 
three times, and in between measurements the 
subject left the examination room. After the ini- 
tial EAV examination, the subjects were given a 
random selected card instructing them to prac- 
tice qigong after the first or after the second EAV 
examination. Later the subjects informed the ex- 
aminers when they practiced qigong. Of the seven 
subjects, E, F, G, H, I and K were experienced 
qigong practitioners, while subject J had studied 
qigong one year. Computer printouts similar to 
those in Fig. 3 and Fig. 4 were analyzed for each 
subject. The averages of the 40 measured values 
and the sum of indicator drops are tabulated in 
Table 2. The average measured values obtained 
just after qigong practice are indicated in bold- 
face. 

The results show that gigong practice changed 
the average measured readings of most subjects. 
The average measured values decreased for four 
subjects (E, FE G, H) in the range of -17% to -35%, 
increased for two subjects {J and K) in the range 
of 12% to 15%, and remained essentially un- 
changed for subject I. For subject I, a decrease in 
the average measured values was observed after 
qigong, that is, from the second to the third ex- 
amination (82.7+2.7 to 61.2+11.8, respectively). 
This decrease may be due to a delay in the effects 
of qigong exercise. Indicator drops were present 


in the EAV of only three subjects before qigong, 
and these drops were either eliminated or de- 
creased by qigong. 

In series 2, the average measured values for 
four subjects (E, F, G, H) showed similar decreases 
in magnitude as those in series 1. However, the 
average measured values for the other three sub- 
jects (LJ, K) increased. This difference in response 
of individual gigong practitioners can be ac- 
counted for in many ways, such as by differences 
in qigong style, intention of the practitioner, and 
physical and emotional states. For example, we 
had asked the subjects to balance their energies, 
but subject J later told us that she had tried to in- 
crease her qi, thus perhaps explaining the increase 
of 12%. 

Because of scheduling problems, we were 
unable to carry out control experiments. However, 
the reproducibilities of successive AEV measure- 
ments before or after qigong were satisfactory for 
five of the subjects. This can be seen in Table 2 by 
comparing the second and third measurements 
(after gigong) for subjects E, FH, and J, and by 
comparing the first and second measurements 
(before qigong) for subject G. These successive 
readings changed less than 4%. 


CONCLUSIONS 

Our preliminary studies suggest that the EAV 
technique can monitor the effects of qigong on the 
therapeutic balancing of the Channel-organ sys- 
tem. EAV also should be valuable in other appli- 
cations of qigong: 1) evaluating the effectiveness 
of different types of personal qigong exercises for 
balancing organs of the body, 2) measuring the 
receptivity of subjects to emitted qi, 3) evaluating 
the effects of different kinds of emitted qi, for ex- 
ample, positive and negative gi (8), 4) determin- 
ing the duration of the balancing effects of qigong, 
5) determining the relative healing power of 
qigong masters for certain medical problems, 6) 
comparing the relative effectiveness of energy 
balancing by gigong with other therapies, such 
as acumassage, acupuncture, healing with hands, 
Reiki, as well as conventional physical exercise, 
7) investigating the therapeutic effectiveness of gi 
energy stored on materials such as paper (7), 8} 
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investigating the therapeutic effectiveness of elec- 
trical, mechanical and laser stimulation(8), and 9) 
investigating the interaction between a qigong 
master and a subject (9). 
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Table 1. The effect of qigong exercise on the average mea- 
sured EAV values and sum of indicator drops for each of 4 
subjects before and after gigong (Series 1). 

Each subject was tested before and after practicing 
qigong. Subject D was given qigong balancing therapy by sub- 
ject A. The change (%) refers to the difference between the 
measured values before and after qigong. The indicator drop 
(ID) divisions are the sum of all such drops for a given sub- 
ject. The style and duration of qigong practice is shown in the 
right-hand columns. Average measured values for before and 
after qigong were calculated from the average of 40 readings, 
20 on the left side of the body and 20 on the right side (see Fig. 
3). 

Average measured values Sum ID Divisions Qigong 

Before After Change Before After Time 
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SubjectQigongQigong(% )QigongQigongStyle(min.} 
A69.0+3.351.4+4.4-26200Moving15 
B72.043.953.3+7.1-26220Standing10 
C67.0+6.654.645.7-1912928Sitting10 
D75.145.251.5+9.9-31530Therapy 10 

Table 2. A blind study of the effect of qigong exercise on 
the average measured EAV values and sum of indicator drops 
for each of 7 subjects before and after qigong exercise (Series 
2). 

Each subject was tested 3 times. The bold faced numbers 
indicate measured values obtained just after qigong practice. 
Secret instructions informed the subjects to practice qigong 
either after the second or third EAV test. The change (%) re- 
fers to the difference in measured values before and after 
qigong practice. Indicator drop (ID) divisions are summed for 
a given subject. The style and duration of qigong practice are 
shown in the right-hand columns. The average measured val- 
ues before or after qigong were calculated from the average of 
40 measured values, 20 on the left side of the body and 20 on 
the right side (see Fig. 4). 

Average Measured Values Sum ID Divisions Qigong 

Change Before After Time 

SubjectFirst testSecond 
(%RigongQigongStyle(min.) 

F61.3£15,439.6211.238.6+9.7-35140Moving 15 

F74.843.052.045.251.7+4.0-3000Sitting10 

G76,142.6 79.1+4.258.128.6-2700Sitting10 

H74.4£3,262.1212.758.9+10.5-1700Sitting 10 

179.244.182.742.761.2+1 .8400Sitting10 

J67.548.974.5+7.071.1+4.2122814Moving15 

K67.2+11.5 53.9£13.562,1£14.71580Sitting10 


testThird test 
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INTRODUCTION 

This second Appendix includes research in- 
formation on Medical Qigong therapy, collected 
by my good friend Richard H. Lee, Director of 
China Healthways Institute, San Clemente, Cali- 
fornia. Mr. Lee, a council board member of the 
World Academic Society of Medical Qigong, in 
Beijing, China, is a specialist in Western medical 
technology. He has worked extensively with the 
research department of the Beijing College of Tra- 
ditional Chinese Medicine, studying the relation- 
ship of infrasonic waves emitted as Qi. 

This research, focused on the Extension of 
Emitted Qi by various Medical Qigong Masters / 
Doctors, was motivated by the pioneering re- 
search of Professor Lu Yan Fang at the National 
Institute of Electro-Acoustics in Beijing, China. 
Professor Lu developed prototype devices which 
simulated the frequency output of Medical 
Qigong doctors. 
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Mr. Lee has spent many years in China and 
abroad researching and collecting scientific data 
which led to the development of several Infratonic 
Medical Qigong Therapeutic Machines (in Cha- 
otic resonances), which are currently being sold 
worldwide. 

This second Appendix is a continuation of the 
research devoted to the scientific approach of ana- 
lyzing and scrutinizing the claims made as to the 
actual effectiveness of Medical Qigong Therapy 
as a clinical modality. The result on the effective- 
ness of Medical Qigong Therapy as a solid and 
effective clinical modality being positive in con- 
clusion. 

The following information in this second ap- 
pendix represents but a fraction of Mr. Lee’s find- 
ings, however, I am confident that the reader will 
find the data fascinating. 


Dr. Jerry Alan Johnson May 2000 
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SCIENTIFIC INVESTIGATIONS INTO CHINESE 
MEDICAL QIGONG THERAPY 


Richard H. Lee 
Director China Healthways Institute 
San Clemente, California 


INTRODUCTION 

In the years since the first edition of “Scien- 
tific Investigations” was published, the debate 
over the existence of Qi, the legitimacy of healers, 
and the reality of PSI phenomena has heated up. 
While most readers embrace energetic concepts 
like Qi as a useful framework for unde*rstanding 
otherwise unexplainable phenomena, some con- 
tinue to reject Qi. Even in China, while an esti- 
mated 100 million people practice Qigong, many 
professionals remain skeptical. Scientists who ac- 
tually investigate Qigong generally conclude that 
the phenomena really do happen, but still try to 
maintain an arms-length distance from it. Many 
doctors are also reluctant to discuss Qi openly 
even though most of the general public is quick 
to identify Qi as feelings of abundant vitality, and 
the absence of Qi as fatigue. 

There appear to be three principal barriers to 
serious consideration of Qi. 

1. Inertia: “There is not enough data.” “These 
studies have not been replicated.” This seems 
to stem from an unwillingness to explore the 
studies that have been done. This book pre- 
sents enough information to satisfy the open- 
minded investigator and the Qi explorer, but 
nothing was added in this edition to satisfy 
those who demand overwhelming evidence. 

2. Hidden Bias: This is probably the biggest re- 
sistance that Qigong research faces. Many 
people simply refuse to consider the possibil- 
ity of action at a distance, as exhibited in 
Qigong and PSI research. On the basis of this 
single assumption, all empirical data which 
supports such phenomena must be rejected 
as mistakes, experimenter bias, or falsification. 
Nothing was added to this edition to try to 
overcome this hidden bias. 


3. Need for a framework: While the information 
presented in the first edition of this book an- 
swered the question, “Is the phenomenon of 
Qigong scientifically measurable?,” It left 
readers without a framework other than faith 
by which they can understand these phenom- 
ena. Without a framework of understanding, 
many are reluctant to accept these strange ex- 
perimental results. 

Others are less concerned about physical sub- 
stance and seek to understand Qi as an aspect of 
intention or consciousness. This more closely par- 
allels the approach of most Qigong masters who, 
through years of training, gradually gain mastery 
over their own mind (through focus of attention), 
emotions (through calmness and releasing de- 
sires), and physical body (through discipline). In- 
terestingly, this second viewpoint is similar to the 
view of many skeptics who insist that phenom- 
ena of Qi are simply “a product of the mind.” 
Combining the idea that Qi is strongly influenced 
by the mind, with the research in this book which 
shows that Qi is measurable in the physical world, 
we get a picture of Qi as a mind/body connection 
which is appealing to most readers. 

The Chinese do not view Qi as a scientific sub- 
stance, but rather, as the essence of life, the bridge 
of consciousness between mind and body, and the 
“eternal now” in which all activity occurs. The 
physical body supports physical fields (Qi) which 
support vibrational frequency patterns (Qi) which 
allow communication (Qi) between some kind of 
abstract consciousness (mind) and a physical body 
which is our vehicle. 


Richard H. Lee, January, 1999 
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QIGONG MASTERS AND 


ENERGETIC MEDICINE 


For thousands of years, China has been a 
major source of the world’s technology. We are 
surrounded by Chinese inventions such as paper, 
movable type, gun powder, and surgical anesthe- 
sia. And while the West has shot past China in 
many technological areas, there are still areas 
where China holds an edge. The Chinese investi- 
gations into the phenomenon of Qigong over the 
last ten years have, in some ways, placed Chinese 
researchers at the forefront of energetic medicine. 
Many findings of this research are presented on 
the following pages. 

Qigong has been practiced for thousands of 
years in China. Yet it has never before had the 
broad acceptance that it has today. This is because 
the scientific investigations into the nature of 
Qigong show clearly that something is going on 
beyond what physics might predict. Measurable 
energy is emitted from the hands of those who 
have mastered these Qigong techniques. These 
masters can influence events from a distance with 
energy (or signal) emitted from their hands. Fur- 
ther, these energy emissions and Qigong training 
exercises have scientifically measurable, benefi- 
cial effects on health and healing. 

Qigong masters have demonstrated many 
remarkable feats. Some can soften and bend steel. 
Some can light fluorescent tubes with their bare 
hands. Others can kill cancer cells in laboratory 
experiments, and many can, from another room, 
alter the brain wave patterns of test subjects in- 
cluding test animals. 

The energy they emit from their hands is mea- 
surable with scientific equipment in the forms of 
infrared, magnetic, and acoustical energy. In one 
test, a strong pulse of static electricity was mea- 
sured at a point 50 mm above the head of a Qigong 
master. In another, a strong magnetic field was 
measured just at the instant that a heavy iron bar 
hit a Qigong master’s head. The-bar bent as it 
would against Superman’s head. He was un- 
harmed with no sign of a lump or a bruise. 

In 1979 and 1980, the leaders of China decided 
to put Qigong to the test. The Western scientific 


test. High technology government organizations 
across the country, many as prestigious as the Na- 
tional Atomic Energy Lab in Shanghai, and the 
Space Science and National Electro-Acoustics In- 
stitutes in Beijing, started testing Qigong masters 
and promptly discovered that the phenomenon 
of emitted Qi was measurable. Some of these labo- 
ratories went further and actually developed 
therapy equipment such as the Infratonic QGM 
which reproduces the infrasonic component of the 
emitted Qi. This research has led me into Qigong 
and taught me many things I didn’t think I ever 
wanted to know. 

Today’s Western scientists know little about 
Qigong, but it is an important healing technology 
in the world today. It is the basis of acupuncture 
and traditional Chinese herbal medicine, yet it 
presents effective medical intervention when used 
alone. Americans have been radiating cancer with 
energy emitted from machines for the last few 
decades. The Chinese have been using energy 
emitted from the hands of Qigong doctors to treat 
cancer for thousands of years, finding that, in 
many cases, tumors can be shrunk without side 
effects. 

These scientific experiments are repeatable. 
Scientific laboratories in America will reach the 
same conclusions as those in China. The evidence 
is persuasive that systematic Qigong training pro- 
duces real benefits. And advanced practitioners 
can emit energy from their hands that is measur- 
able with scientific equipment. Further, therapeu- 
tic equipment has successfully reproduced many 
of the beneficial effects observed. The Chinese sci- 
entific investigations into medical Qigong are in- 
deed at the heart of a medical revolution that is 
improving the science of health and healing 
around the world. 


THE SCIENCE OF CHINA 

For thousands of years China has been a cen- 
ter for the advancement of civilization. The sci- 
ence of China has produced a wide variety of tech- 
nologies. Gunpowder is the central ingredient to 
modem warfare. Paper and printing with mov- 
able type have for centuries been at the center of 
education, communication, and information stor- 


age. Despite the growth of computers, this sys- 
tem will continue to be the world’s dominant in- 
formation storage method. 

Many centuries ago, a physician named Hua 
Tou invented surgical anesthesia and performed 
many kinds of surgeries like appendectomies and 
other of today’s popular surgeries. While the Chi- 
nese contributed to what has today become mo- 
dem medicine, they also created “Chinese medi- 
cine,” a system of medicine based on the Chinese 
science of “Qi” or vital energy. It is this system 
from which acupuncture and Chinese herbal 
medicine have evolved. And at the heart of this 
system lie the science and practice of Qigong. 


QIGONG’S LONG HISTORY 

Through the millennia Qigong has been an 
influential force in the molding of China. Until 
recently it has been hidden from public view. Like 
many other disciplines, the art of Qigong has been 
taught from father to son or from master to dis- 
ciple only after a strict oath of secrecy has been 
given. Knowing a science that others don’t know 
gives a practitioner a decided advantage in earn- 
ing a living. Thus, until recently, very few books 
have been written about Qigong, particularly 
about the more advanced techniques of study. The 
exception is the secret books that have been main- 
tained in religious monasteries, being copied and 
recopied by studious monks through the centu- 
ries. 

Even this activity in monasteries came to an 
abrupt halt with the Communist government in 
China when Mao put an end to most religious 
activities. Through the Cultural Revolution, mon- 
asteries and temples were shut down. Many of 
the ancient texts and artifacts were destroyed. 
Others were stored in government libraries. Many 
of the Qigong masters were killed. A few went 
into hiding or escaped from the country. 

At the end of the Cultural Revolution, Deng 
Xiao Peng set about rebuilding much of the cul- 
tural heritage of China, allowing limited freedom 
of religious expression. He also promoted the re- 
discovery and preservation of traditional Chinese 
science and medicine, which included Qigong. 

It is interesting to note that much of the will- 
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ingness to share the secret teachings of Qigong 
came from outside countries. Masters who had 
emigrated to the West had started teaching the 
techniques openly without the strict code of si- 
lence. And some of the secret Qigong texts that 
had been taken from the temples and monaster- 
ies were published for people around the world 
to read. Qigong was no longer a secret so there 
was no longer any value to secrecy in China and 
Qigong masters became much more willing to 
teach what they knew. 

The most influential factor in the Qigong re- 
vival was, perhaps, the new policy on the part of 
the China government to allow freedom of reli- 
gion, particularly religion that had a basis in 
China’s cultural heritage. Thus, Taoists and Bud- 
dhists who had preserved its teachings in secret 
for centuries were free to share their knowledge. 
This allowed Qigong practitioners to demonstrate 
their skills freely in public without fear of being 
condemned to death as witches or evil beings. 
Paranormal skills were again publicly accepted 
as a product of China’s cultural heritage. 

The big boost to Qigong came in the early 
1980’s when modern science turned to study the 
tradition of Qigong. The leaders of China reasoned 
that, if Qigong is to be accepted, it must pass the 
rigorous screening of scientific scrutiny. Studies 
were funded in the prestigious scientific institutes 
of China to determine whether the special skills 
of the Qigong masters could be scientifically veri- 
fied. The results were most impressive. Many 
forms of energy were measured coming from the 
hands or bodies of Qigong practitioners in repro- 
ducible scientific experiments. 

Scientific investigations into the effectiveness 
of medical Qigong quickly showed that, for many 
illnesses, medical Qigong was unsurpassed by any 
other medical system in the world. The discovery 
that energy emitted from the hands of Qigong 
doctors under controlled laboratory conditions 
was highly effective in killing cancer cells, gained 
extensive press coverage around the world. 

Qigong science is a very new field with valu- 
able technologies just beginning to surface. But 
given the fundamental nature of these discover- 
ies, Qigong science could easily dominate the 
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SIMULATION OF EMITTED QI 

Simulation of emitted Qi has been the goal of 
much of the Chinese Qigong research that has 
been conducted since about 1980. Many devices 
have been developed and tested, some of which 
have considerable potential. The following is a de- 
scription of the most common forms: 

Infrared devices have been developed some 
of which, through rare-earth emission surfaces, 
emit characteristic frequency bands, while others 
modulate the infrared output according to re- 
corded patterns emitted by Qigong masters. These 
devices tend to have the most effect where cold- 
ness in the body is effectively treated with heat. 

Electrical devices are often adapted to deliver 
current through the skin at frequency patterns that 
follow patterns produced by Qigong masters. 
These units have been used principally by acu- 
puncturists. 

Acoustical devices, which reproduce the sub- 
sonic output of the emitted Qi in the form of deep 
acting massage action, have been shown to be ef- 
fective in pain management, circulation of Qi, 
blood, and endocrine fluids, and relaxation. The 
Infratonic OGM was used in several of the labo- 
ratory tests described in this book to simulate the 
emitted Qi in experiments. Because this device 
offers many insights into the nature and function 
of emitted Qi, and because many of the readers of 
this book use the Infratonic QGM at home or in 
their medical practices, much of the research 
around this device is included in this book. 


SCIENTIFIC PLAUSIBILITY OF QI, THE 
HUMAN ENERGY FIELD 

Some readers might tend to reject the find- 
ings of this study based on their assumption that 
the existence of human energy fields and the al- 
tering of a person's energy field are outside the 
laws of physics, and therefore impossible. It is 
therefore appropriate here to briefly review some 
of the findings of researchers mostly within the 
last decade to show that these energy fields are 
quite measurable with existing equipment and 
that there is strong evidence that known biophysi- 
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cal mechanisms can account for the observed phe- 
nomena. 

First, the human body clearly has a vibrating 
electrical field, measurable for decades through 
such techniques as EMG, EEG, and EKG. How is 
this possible? The classical view of the human cell 
as a bag of water with a nucleus has been, for the 
most part, rejected in favor of models in which a 
highly structured collection of filaments, tubes 
and fibers connect the cell's nucleus not only to 
the surface of the cell but beyond, in a matrix 
which connects and interrelates the cells of the en- 
tire body (Oschman 1994) and (Pinta and Coffee 
1991). Second, helical molecules within the body, 
such as DNA, keratin, collagen, actin, and myo- 
sin have piezoelectric qualities. As they elongate 
and contract they produce voltages. Also, when 
voltages are applied, they expand or contract pro- 
ducing mechanical activity and acoustical energy. 

While it is well established that electrical sig- 
nals are produced and received by the body, read- 
ers are more likely to question whether a mag- 
netic field interpenetrates and surrounds the body. 
In 1963 researchers at Syracuse University re- 
ported the first measurements of the magnetic 
field of the human heart, just a millionth the 
strength of the earth's magnetic field, yet highly 
coherent and measurable throughout the body 
and beyond. Then in 1971, the SQUID, a highly 
sensitive superconducting magnetometer, was de- 
veloped which was used to measure the magnetic 
field of the brain, 100 times weaker than that of 
the heart (Cohen 1972). 

Many researchers now believe that the mag- 
netic field of the heart, which extends throughout 
the body plays a role in regulating biological func- 
tions. Then, in 1991, Seto and colleagues measured 
the magnetic field between the hands of healers 
to be as strong as 1 milligauss. This is less than 
1% the strength of Earth's magnetic field, but 1000 
times as strong as the magnetic field produced by 
the heart. If the heart regulates biological func- 
tions with it's weak field, it is certainly feasible 
that a magnetic field from the hands of healers, 
measured to be many times stronger than the heart 
field might influence biological functions. 

But, how can a magnetic field be produced 


from the hands? The Josephson junction, a super- 
conducting semiconductor which is the basis of 
the SQUID's extremely high sensitivity to weak 
magnetic fields, has been predicted in quantum 
physics calculations to be present in living tissue. 
This was verified just ten years ago. (Del Giudice 
et al 1989), DNA is one of the biochemical struc- 
tures shown to act as a superconducting magnetic 
field detector, able, through the Hall effect, not 
only to detect very weak magnetic signals, but also 
to produce magnetic signals (McCraty 1993). Thus 
DNA may act as a signal amplifier, releasing its 
energy coherently into passing magnetic waves, 
much as the ruby rod of a laser releases its light 
energy coherently with a passing photon to pro- 
duce a laser beam. This provides a mechanism by 
which healers might produce the observed rela- 
tively strong biomagnetic signals, and by whicha 
test subject or patient might be influenced by such 
signals (Oschman 1993). 

Thus, modern advances in science now pro- 
vide mechanisms by which it is possible for heal- 
ers to produce magnetic and electric signals of sig- 
nificant magnitude to influence patients. For those 
who seek a more indepth overview of this rap- 
idly advancing field of knowledge, "The Scientific 
Basis of Energy Medicine” by James L. Oschman, 
1998, is highly recommended. 
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THE FUTURE OF QIGONG 

Chinese research has found that Qigong train- 
ing, increases balance, quickness and endurance 
in athletes, and that fighter pilots trained in 
Qigong have quicker reactions and greater toler- 
ance for the G-forces of sudden turns. Qigong has 
provided revolutionary treatments for hyperten- 
sion and cancer, and has the potential for much 
more. 

If, as the Chinese claim, Qi is the fundamen- 
tal substance of the universe making up both 
matter and energy, and if we can through our bod- 
ies and our awareness, control and direct this Qi, 
not only within our own bodies, but as has been 
seen, beyond the limits of our bodies, the fantasy 
of “the Force” in Star Wars comes within the grasp 
of reality. Psychic phenomena like telekinesis and 
mental telepathy become minor extensions of the 
human manipulation of Qi. The Western ideas of 
positive thinking take on new meaning: 

“The mind is the builder” and “Your thoughts 
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create your reality.” 

The Chinese science of Qigong gives us 
proven tools to strengthen our ability to structure 
the world around us by training our minds and 
bodies to feel and understand Qi. 

Remember that Western science and technol- 
ogy gave us electric motors which, when coupled 
with man-made equipment, can do the work of a 
thousand men. This came with our understand- 
ing of the principles of electricity. Emitted Qi simu- 
lation devices such as the Infratonic OGM pro- 
vide this work-saving feature of machines. As we 
learn more about Qi, how it functions, and how it 
is directed by the human body, we will learn how 
to construct more and more powerful machines. 
We will see Qigong devices not only in hospitals 
but also in agriculture, in building air condition- 
ing systems, in chemical processing plants and in 
space flight. The scientific Qigong research that 
started just a decade ago will grow and grow, and 
perhaps dominate our world of the 21st century. 

However, the real emphasis of the Qigong 
movement and the intent of most Qigong teach- 
ers is not just to heal patients with illness, but to 
expand human potential. The research presented 
in this book shows that Qigong exercises help 
people to develop, not only the ability to heal 
themselves and others, but to do things which sci- 
entists considered impossible just a few years ago. 
Through a study of Qigong, there is strong evi- 
dence that we can become more than we ever 
thought possible. 


INFRASONIC QIGONG RESEARCH 

The discovery that specific bands of very low 
frequency sound influence healing and vitality 
was an accident. A “friend of the family” walked 
in to the National Electroacoustics Laboratory in 
Beijing and asked Prof. Lu Yan Fang, an acoustics 
scientist, if she would test his hand to see if any 
sound was coming out of it when he emitted Qi. 
She thought he was crazy but went along because 
she didn’t want to dishonor her family by turn- 
ing out a friend. 

Prof. Lu’s discovery that he did indeed emit 
a very strong signal in the infrasonic range was 
quite a surprise. This signal was 100 times stron- 
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ger than that of a healthy, normal person. Elderly 
and sick people had even lower readings. 

To verify that this infrasonic sound had a 
physiological effect, she built a device to simulate 
this output and tested it in hospitals. It worked to 
relieve pain and assist recovery in a wide variety 
of patients. 

Prof. Lu’s patent for the Infratonic OGM was 
the first ever filed in China and her device was 
awarded three awards for outstanding contribu- 
tion to science and medicine from Chinese na- 
tional science organizations. 

It is clear from the Chinese infrasonic research 
presented in this chapter that infrasonic sound is 
an important component of emitted Qi. 


INFRASONIC SIMULATION OF 
EMITTED QI FROM QIGONG 


MASTERS 

by Professor Liu Guo-long, MD, PhD 

Beijing College of Traditional Chinese Medicine 
with Richard Lee 


SUMMAY OF RESEARCH 

Emitted Qi from Qigong masters clearly has 
a strong effect on the central nervous system, not 
only in humans but also in animal subjects. 
Qigong meditation and the Infratonic QGM have 
similar effects. These findings are summarized 
below: 

Repetition of these tests with animals con- 
firmed that these changes are physiological and 
not psychological phenomena by eliminating pla- 
cebo effects. 


DOUBTS ABOUT EMITTED QL 

At the beginning of my research with Qigong, 
I was confident that a study of neurophysiology 
would prove that the “Wai-Qi” emitted by Qigong 
masters was nothing more than a psychological 
factor induced by the waving of hands and hyp- 
notic suggestion. 

Qigong is a system of physical and mental 
exercises which has been practiced in China for 
thousands of years. Up until the 1980's, most Chi- 


nese considered Qigong masters (those who have 
mastered this Qigong training) to be mythical 
story book characters with super-human powers. 
However, as the Chinese government began to 
support scientific research into Qigong, the few 
remaining true Qigong masters began to surface, 
amazing researchers with feats like killing bacte- 
ria in test tubes and causing previously paralyzed 
people to get up and walk. 

I thought that these were all tricks of one sort 
or another, perhaps magicians’ sleight-of-hand, 
hypnosis, or optical illusion. When I got the chance 
to work with people claiming to possess these 
abilities, I was fascinated. This was my chance to 
test with scientific equipment, whether there was 
any truth behind the excitement about Qigong 







EFFECTS OF EMITTED QI ON THE BRAIN 
Measured By EEG Power Spectum Analyzer 
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Emitted Qi has a pronounced and repeatable effect on 
EEG. It enhances frontal and occipital EEG power 
spectra, and often enhances the frontal so much that 
frontal becomes the dominant EEG activity whereas 
occipital dominance is more common. Emitted Qi also 
enhances and synchronizes the Alpha. 
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masters. I was confident that I could disprove the 
myths. 
BACKGROUND 

I was a specialist in Western medical technol- 
ogy assigned to the research department of the 
Beijing College of Traditional Chinese Medicine. 
The project was sponsored by the China Govern- 
ment Department of Education and the Depart- 
ment of Natural Sciences. My research group was 
assigned to study the relationship of infrasonic 
waves to emitted Qi. These research grants were 
motivated by the pioneering research of Prof. Lu 
Yan Fang at the National Institute of Electro- 
Acoustics in Beijing, who developed prototype 
devices to simulate the output of Qigong doctors. 

Research has confirmed that humans have a 
very high degree of acoustic activity in the sub- 
sonic range below 20 Hertz (infrasonic), similar 
to the alpha rhythm of EEG. Also, people with 
chronic illnesses were found to have a much lower 
level of infrasonic activity, while Qigong masters 
had a much higher level of infrasonic output when 
they were emitting Qi. 

The implication was that infrasonic sound 
might be related to human functioning, and fur- 
ther, that it might be in some way involved in the 
mechanism of brain functioning. We searched the 
available scientific literature for research papers 
for relationships between sound waves and brain 
waves but found none that had been done. 

Extensive clinical research, based on infra- 
sonic Qigong simulation, showed it to be effec- 
tive for a wide variety of hospital problems. These 
results are what motivated the National Depart- 
ments of Education and Natural Sciences to look 
further into the importance of infrasonic sound 
and what led to the research ] am about to de- 
scribe: 

THE BRAIN AS A DETECTOR OF 
EMITTED QI 

I had learned in my many years of research 

with the Electro-Encephalograph (EEG) that the 


human brain responds to even the most subtle of 
stimuli to the body, so] reasoned that, if there were 
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really any scientific basis to emitted Qi, it would 
show up in the brain waves of test subjects who 
were placed in the path of these emissions. I ex- 
pected to see no difference between the resting 
states and the Qi emission states. 

What we saw was extraordinary. Within a few 
seconds after the Qigong master began to emit Qi, 
the subject's EEG would begin to shift. The EEG 
power spectrum was enhanced on all channels 
while the most pronounced increase was in the 
frontal lobe. Also, there was an enhancement and 
synchronization of the Alpha Rhythm in all chan- 
nels. When the Qigong master stopped emitting 
Qi the EEG would gradually shift back toward 
the baseline readings. 

To determine whether infrasonic energy was 
a significant part of the emitted Qi, we used the 
infrasonic Qigong prototypes in the same experi- 
ment. It was located 18 inches away, directly be- 
hind the back of the head of the test subject. The 
EEG electrodes were attached as before. The simu- 
lator was activated for short periods of time and 
the results recorded. We found that the effects on 
the receiver's EEG were quite similar to those of 
the emitted Qi. 

Our further research involved monitoring the 
various sensory-cortical evoked potentials during 
Qigong meditation, emitted Qi, and infrasonic 
Qigong simulation. We again found very similar 
results from all three stimuli. We found that a large 
portion of the cerebral cortex was inhibited while 
other somatosensory cortex were excited. One of 
the significant findings of this study is that the 
inhibition of the cerebral cortex during Qigong 
meditation is clearly different from the excitation 
of the cerebral cortex that is measurable during 
sleep. 

Through Acoustical Brainstem Evoked Re- 
sponse (ABER) it was found that the brainstem 
structures from the medulla to the hypothalamus 
were significantly facilitated. The brainstem plays 
an important role in regulating the functions of 
the inner organs, motor function, and emotion. 

The implications of these studies were star- 
tling. Qigong masters can, without touch, voice, 
eye contact or any other traditional communica- 
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tion means, induce a clear, strong, and highly mea- 
surable change in a subject's brain functioning. A 
synchronization of alpha rhythm indicates deep 
relaxation, and is closely associated with acceler- 
ated healing. Enhanced power spectrum in the 
frontal lobe is especially significant because the 
association cortex of the frontal lobe is concerned 
with higher motor action, higher sensory function, 
emotional and motivational aspects of behavior, 
and integration of autonomic function. Facilita- 
tion of the brain stem, with its regulation of inter- 
nal organs, may be a mechanism by which physi- 
cal healing is induced or accelerated. 

Despite these highly significant changes in 
EEG and evoked potentials, the subject had felt 
nothing and had no idea of the profound changes 
taking place within them. 

The findings of these studies are solid evi- 
dence that a Qigong master can induce real physi- 
ological changes in a subject from several feet 
away, and further, may help to explain the high 
rate of recovery from chronic degenerative dis- 
eases in groups of hospital patients under the care 
of Qigong masters. These studies also show that 
the infrasonic Qigong simulator can induce simi- 
lar changes in brain function and that, through 
Qigong meditation, a Qigong master can induce 
these same changes in his own brain. 


SCIENTIFIC CONTROLS 

There is much disagreement on how emitted 
Qi affects the brain. Many doctors insist that brain 
changes are psychologically induced, and that 
verbal suggestion, impressive hand motion, and 
expectation of the subject account for the observed 
phenomena. 

To test this, we had several Qigong masters 
and people pretending to be Qigong masters treat 
the test subjects. The subjects were told that all 
were Qigong doctors, and all moved their hands 
in similar ways. We saw no significant changes in 
brain wave patterns with the fake Qigong mas- 
ters, but when the real doctors emitted their Qi, 
or when we used the infrasonic Qigong simula- 
tor, we repeatedly got the highly significant 
changes. 


Even this did not satisfy many of the doctors 
who reviewed our work, so we repeated the study 
with animals. We monitored EEG in awake rab- 
bits and ABER in anesthetized cats as Qigong mas- 
ters emitted Qi toward them. Even though there 
was no voice or eye contact between the Qigong 
masters and the animals, and the masters emitted 
Qi from several feet away, we saw shifts in EEG 
and ABER (Acoustical Brainstem Evoked Re- 
sponse) similar to those observed in the human 
subjects. This is a highly convincing result because 
all kinds of placebo effects are eliminated, yet 
modification of brain function at a distance re- 
mains. 


INFRASONIC VS. ELECTROMAGNETIC 
INTERFERENCE 

Extremely low frequency (ELF) electromag- 
netic signals can affect EEG. There is growing con- 
cern about the low frequency radiation produced 
by 60 Hz electrical power lines located close to 
people’s homes and schools because of apparent 
disruption of brain and cellular function. ELF sig- 
nals will cause the principal EEG power spectrum 
to show a spike at the frequency of the ELF sig- 
nal. This is because the EEG is easily entrained by 
ELF signals. When the signal is discontinued, the 
EEG abruptly returns to normal. Electrical power 
lines operate at 60 Hz, which corresponds to EEG 
in the high Beta range, associated with mental 
anxiety and confusion. The entrainment of EEG 
to 60 Hz around power transmission lines may 
be why researchers are finding that people who 
live close to these power lines show a higher inci- 
dence of brain tumors. 

The results using the infrasonic Qigong simu- 
lator were quite different from ELF signal entrain- 
ment. The shifts in EEG were gradual rather than 
abrupt, and while dominant EEG frequency did 
drift toward the dominant peak infrasonic fre- 
quency, it was a broad spectrum of EEG activity 
rather than a spike. The enhanced power spec- 
trum continued after simulation was stopped, 
gradually decreasing and returning to the pretest 
state. From these observations it is clear that the 
effects of infrasonic are quite different from the 
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SUMMARY 

When I started this project in 1976, I had seri- 
ous doubts about Qigong masters and emitted Qi. 
Now I am convinced that emitted Qi is very real 
and that Qigong is a very valuable art. With the 
support of the China government, an estimated 
50 million Chinese are practicing Qigong daily, 
and many Western hospitals have added Qigong 
departments for patients with chronic and degen- 
erative diseases, In addition, the China govern- 
ment has funded extensive scientific research into 
the nature of emitted Qi with the goal of advanc- 
ing science and medical technology. 

The study of emitted Qi and infrasonic sound, 
as they relate to human health and functioning, is 
a broad and exciting field. The use of Qigong in 
treating chronic degenerative diseases such as 
cancer and hypertension in China has proven very 
effective. It has been employed to accelerate heal- 
ing for thousands of patients with a wide variety 
of diseases in Chinese hospitals. I am confident 
that emitted Qi, Qigong meditation, and the in- 
frasonic Qigong simulator will play an increas- 
ing role in health care around the world. 


SECONDARY ACOUSTIC 


BIOLOGICAL RESPONSE 

(The following is from a technical paper presented 
in Beijing, China by Professor Lu Yan Fang, the 
inventor of the Infratonic Qigong Machine.) 

“People often talk about sound. Common 
sense suggests that sound is what the ear can hear, 
the frequencies between 60 Hz. and 20,000 Hz. 

Secondary sound is that sound that is outside 
of the range of the human ear, specifically low fre- 
quency sound below 60 Hz. Secondary sounds 
travel long distance with little attenuation. 

In the 20th century, in the 1930's, this second- 
ary sound was discovered, but it wasn’t until the 
1960's that it started drawing much attention. 
Since then the study, measurement, and analysis 
of the physical features of secondary sound have 
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included: 
1. Physical Features 
2. Secondary Sound Measurement 
3. Technology of Analyzing, and 
4, Protecting the Body Against Strong Second- 
ary Signals 

Initial secondary sound biological response 
studies emphasized protecting against high level 
secondary sound which can damage the human 
body. Laboratory studies showed that strong sec- 
ondary sounds beyond 150 dB are harmful to bio- 
logical bodies. The American Environmental Pro- 
tection Agency sets standards for secondary 
sound, concluding that secondary sounds below 
130 dB are not harmful. 

To this date there had been almost no studies 
investigating how secondary sounds affect bio- 
logical processes. And never before has there been 
any thought of testing of the human body as a 
secondary sound source. Since 1983, we have 
worked with more than 70 Qigong masters, and 
have discovered for the first time that the human 
body actually emits a secondary sound signal. The 
frequency distribution peak of the signal is located 
in the secondary sound region of the sound spec- 
trum, at about 10 Hz. 

Through more than 100 repeated lab experi- 
ments we found almost identical results of fre- 
quency distribution. According to the analysis of 
test results in 1984, the first infrasonic Qigong 
prototypes were constructed. These machines 
used electroacoustic technology to simulate the 
frequency distribution of the Qigong master’s low 
frequency signal, but stronger. This simulation of 
the human body life signal emission is then fed 
back to the human body. In the two years that fol- 
lowed, many clinical and animal tests proved that 
weak secondary sounds benefit the human body. 
The discovery that infrasonic sound is a basic sub- 
stance of Qigong emission opens Qigong science’s 
big door, opening an exciting new field for medi- 
cal science. 

Through hospital and clinical use, 1,134 pa- 
tients were treated by the Infratonic QGM. Ani- 
mal studies were also performed. Clinical use and 
animal use prove that this kind of secondary 
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sound signal can strengthen many functions of the 
human body. The Qigong machine can have sig- 
nificant treatment value to the human body and 
works by reproducing the acoustic waves pro- 
duced by the human body. It can promote circu- 
lation, regulate Qi and blood, open channels, and 
relieve pain. 

The Qigong master is not alone in this ability 
to emit the secondary acoustical signal. Most ev- 
erybody generates a similar signal. Young people 
with good health can emit the signal to a degree 
similar to that of a Qigong master. People with a 
weak body and elderly people have similar sig- 
nals but much lower in power. People having 
Qigong training have a signal that is strong all 
the time, but especially strong during Qi emission. 
However, in normal people, as age increases or 
health condition worsens, the signal decreases. 
This explains why the human body is only some- 
times a source of secondary sound. In the mean- 
time, the body is also a receptor of secondary 
acoustical signals, and can be benefited by receiv- 
ing the weak secondary acoustic signals. 

Very early in the development of traditional 
Chinese medicine, this effect had been shown to 
exist. Anmo, and tuina, Chinese therapeutic mas- 
sage techniques, give the human body this kind 
of low frequency stimulation. This stimulation 
through acupuncture points follows the cell as the 
basic pathway, and then goes to the meridian, and 
reaches the problem area. Then the problem can 
improve. Just like an old Chinese saying: “If you 
can get enough energy into the problem area, you 
can use that energy to treat the problem.” 

The human body’s secondary acoustical bio- 
logical effect is a scientific reality. The human body 
produces, delivers, emits, receives and controls 
this low frequency energy. This weak secondary 
acoustic effect has beneficial biological effect on 
the human body. It and its relationship with tra- 
ditional Chinese medicine are of great value to 
the medical world. It is hoped that all scientists 
do research in this area. 


MEASUREMENT AND 
ANALYSIS OF INFRASONIC 


WAVES FROM EMITTED QI 

Niu Xin, Liu Guolong and Yu Zhiming 

Beijing College of Traditional Chinese Medicine, 
Beijing, China 

The theory of traditional Chinese medicine 
suggests that Qi is one of the fundamental sub- 
stances in human bodies. Modem scientific re- 
search of the essence of the emitted Qi has yielded 
some positive results. In order to find out the re- 
lation between the emitted Qi and infrasonic 
waves, to explore the mechanism of the emitted 
Qi, to find out how a person generates and re- 
ceives the emitted Qi, and to provide a quantita- 
tive physical scale for indicating the strength of 
the emitted Qi for experimental studies of the ef- 
fect of it, we measured and analyzed the infra- 
sonic waves from the Qi emitted by Qigong mas- 
ters. 

The test, which was done by an infrasonic test- 
ing system made in Denmark, was conducted in 
a noise-proof room in the Institute of Sound and 
Electronics under the Ministry of Electronic In- 
dustry. The background noise in the room was 
lower than 30 dB (decibel). The microphone was 
hung in the air over Laogong (P-8, acupuncture 
designation for a point in the center of the palm), 
the distance being 2 cm with no contact. 

The experiment tested the release of emitted 
Qi at Laogong (P-8) in the palm, Mingmen (Du- 
4), Baihui (Du-20), Dantian, and Jianzhi. Special 
attention was paid to the test of Laogong (P-8). 

1. The peak frequency of the infrasonic waves 
from the tested Qigong and non-Qigong mas- 
ters ranged from 8 to 12.5 Hz. In one case the 
frequency reached 16 Hz. In another two, it 
reached 6 Hz. 

2. The infrasonic waves from the Qigong mas- 
ters ranged from 45 to 76 dB and those from 
the non-masters, 45-50 dB. Comparison of the 
intensity of infrasonic waves during the 
Qigong state and the non-Qigong state before 
and after the emission of Qi showed a statis- 
tically significant increase (P<0.01).* The in- 
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crease of wave intensity of the Qigong mas- 

ters compared with that of the non-Qigong 

masters was also obviously significant 

(P<0.01).* The energy of the Qigong masters 

was over 100 times higher than that of ordi- 

naty persons. 

3. The masters who had practiced Qigong for 
many years and often emitted Qi to treat pa- 
tients had a higher intensity of infrasonic 
waves, reaching over 70 dB. Those who 
started to practice Qigong a short time before 
and mainly practiced Nei Yang Gong had a 
lower intensity of the infrasonic waves (lower 
than 60 dB.) 

Infrasonic and ultrasonic waves are all sound 
waves which cannot be detected by human ears. 
The frequency of infrasonic waves is below 20 Hz. 
Many natural phenomena and artificial actions 
may generate infrasonic waves. Human bodies 
may act as a source or a receptor of infrasonic 
waves giving rise to a biological effect. The infra- 
sonic information we acquire a from the measure- 
ment of the Qi makes it possible to study the ef- 
fect of the emitted Qi. 

The Valsalva state in which a Qigong master 
emits his Qi, is the breath regulating state of 
Qigong and also the state of emitted Qi in the 
breath holding exercise. Non-Qigong masters who 
simulate the Valsalva state also send out more in- 
tense infrasonic waves. It shows that every per- 
son has infrasonic characteristics. A long period 
of practicing Qigong helps increase the radiative 
intensity of infrasonic waves. Entering the Val- 
salva state helps in the emission of Qi. The Qi 
emitted by masters who adopted Song Jing Gong 
(relaxed Quiescent pattern) had more intense in- 
frasonic waves (reaching 72 dB). Thus, the mecha- 
nism of the emitted Qi released by different exer- 
cise patterns is different. 

We have found by a series of tests that very 
able Qigong masters can keep the energy of infra- 
sonic waves at a relatively high level (over 70 dB). 
So tests on infrasonic waves can be used to screen 
Qigong masters. 

The human body can generate and emit in- 
frasonic waves. As far as acoustics is concerned, 
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the most suitable resonant frequency of human 
tissues is within the range of infrasonic waves. It 
shows that the human body easily receives infra- 
sonic waves. Infrasonic waves are a strong, effec- 
tive part of the emitted Qi because of their quick, 
long distance transmission, strong penetration, 
and non-decreasing vibration. It is possible that 
infrasonic waves themselves transmit the mes- 
sages between the Qigong masters and the sub- 
jects, or serve as a carrier. 

{* (P<0.01) means that the probability that these 
test results would occur by chance is less than 1%. 
This measure of “statistical significance” tells us that 
the sample size was large enough and causative factors 
strong enough that the results of this study are reli- 
able] 


NEURO SCIENCE—NERVE 


IMPINGEMENT AND EMITTED QI 
China Healthways Newsletter’s Interview with 
Liu Guo Long, MD, PhD 

Beijing College of Traditional Chinese Medicine 
by Richard H. Lee in Palos Verdes, CA, August, 
1991 

(This interview came about as a result of requests 
by readers of China Healthways Newsletter for 
an explanation of neuroscience as it relates to vi- 
tal energy and healing.) 

Dr. Liu provides a fresh view into the role of 
vital energy in the nervous system and how ver- 
tebral nerve impingement affects Qi.] 

China Healthways Newsletter: How has 
your research changed your views on Qi? 

Dr. Liu: I started my research with the inten- 
tion of proving that there was no physiological 
basis for Qigong, that it was nothing more than a 
circus trick. As my research progressed, I became 
more and more convinced that emitted Qi is both 
measurable and effective for healing. This was not 
before I eliminated all possible psychological ef- 
fects by replacing human subjects in my experi- 
ments with laboratory animals and got similar re- 
sults. In my view, emitted Qi is quite real because 
it is easily measurable using the human brain asa 
detector. 
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CHN: How does Qigong affect the function 
of the nervous system? 

Dr. Liu: This is a very complex question be- 
cause emitted Qi affects different organs quite dif- 
ferently. First, it clearly increases Electro-Encepha- 
lograph (EEG) activity throughout the brain and 
nervous system, principally in the frontal cortex 
and in the range of alpha, 8 to 14 Hz. This greater 
mental activity in the alpha range is associated 
with clear relaxed state of deep thought, which 
many agree is effective to relieve tensions and 
clear the mind. The frontal cortex of the cerebrum 
is at the top of the hierarchy. It is the center of 
awareness within the body, directing the cerebel- 
lum and brain stem. Increased EEG activity in the 
frontal cortex would indicate expanded aware- 
ness. 
Secondly, emitted Qi inhibits the sensitivity 
of the cerebrum to outside stimulation while fa- 
cilitating the sensitivity of the hypothalamus and 
medulla of the brainstem. The cerebrum performs 
high level conscious activities. When inhibited it 
receives less visual, auditory, and sensory input, 
and presumably sends fewer and clearer signals 
to the brain stem, which, in turn, is responsible 
for automatic functions such as respiration, va- 
sodilation, and the complex functioning of inter- 
nal organs. Because the brainstem is facilitated, it 
is more able to “tune-in” to the needs and illnesses 
of the body and to activate the needed repairs to 
restore health. I believe that this enhanced aware- 
ness of internal stimuli in the brain stem, com- 
bined with reduced sensitivity to outside stimuli, 
is the primary product of emitted Qi that brings 
about accelerated healing throughout the body. 

CHN: Then, would you say that emitted Qi 
directed only to the central nervous system can 
enhance healing in all parts of the body? 

Dr. Liu: That’s right. 

CHN: How can Qi applied to the local injury 
accelerate healing? 

Dr. Liu: Neurons in all parts of the body are 
in constant oscillation, producing measurable out- 
put in the range of 8 to 14 Hz, the frequency of the 
alpha pattern. Neurons can both emit and receive 
energy in this frequency band. Therefore nerves 
throughout the body can be facilitated by the 


emitted Qi. The application of emitted Qi to the 
site of an injury facilitates the signals to the brain 
stem. Stronger and more accurate signals to the 
brain means a more effective healing response 
directed to the area of injury, including greater va- 
sodilation, increased lymph flow, and an increased 
supply of nutrients for cell regeneration. 

CHN: Is there any direct effect of emitted Qi 
on the injured tissue. 

Dr. Liu: Yes, of course. Qi is the vital energy 
that drives the regeneration of tissue. Supplement- 
ing the available Qi can directly increase the meta- 
bolic activity of the injured tissue just as it in- 
creases the EEG activity of the brain. 

CHN: How can emitted Qi strengthen the 
immune system against bacteria and viruses? 

Dr. Liu: The mechanisms are the same. A fa- 
cilitated brainstem and nervous system are able 
to identify the invader more quickly and accu- 
rately and to direct the immune system response 
more precisely to the area of infection. And, as 
before, the added supply of Qi fuels a more furi- 
ous response from the immune system. Chinese 
herbs such as Huang Qi (Astragalus) are also 
highly effective at enhancing Qi to accelerate the 
immune response. 

CHN: Can mis-position of spinal vertebrae 
disrupt this healing process? 

Dr. Liu: Most definitely. There are basically 
three types of nerves, the sensory, the motor, and 
autonomic. Vertebral pressure on any type of 
nerve cell can inhibit sensitivity or create false sig- 
nals. If sensory nerves are affected, important in- 
formation may never reach the brain, or may ar- 
rive confused, misdirecting the healing effort. Af- 
fected motor nerves can result in spasm or dropsy, 
and most importantly, impingement of autonomic 
nerves affects the function of internal organs and 
if it continues over a long period, can result in 
serious degeneration or dysfunction. 

Often, impingement of motor nerves can per- 
petuate the problem. As muscles spasm from false 
motor nerve signals, they may tend to pull the 
vertebrae further out of alignment, increasing the 
impingement. In this case, the problem tends to 
get worse with time as greater impingement fur- 
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ther increases the muscle spasm. 

The best way to deal with this sort of nerve 
impingement is through adjusting the position of 
spinal vertebrae. Often just the vertebral adjust- 
ment is sufficient to release pressure on the motor 
nerve and release the muscle spasm, allowing 
complete recovery. However, in many cases the 
impinged nerve is slow to recover, showing some 
immediate release of spasm but not complete re- 
lease. The remaining muscle spasm is sufficient 
to pull the vertebra out of adjustment again and 
re-establish the motor nerve impingement. 

In these cases of muscle spasm aggravating 
the nerve impingement, better results are achieved 
ifa nerve facilitation technique is used in conjunc- 
tion with the adjustment. Emitted Qi or the 
Infratonic QGM applied a few minutes before or 
after the adjustment facilitates the nerve to pro- 
vide greater muscle relaxation and quicker regen- 
eration of the nerve. In upper back disturbances 
the Chinese herbal formula, Hsiao Yao Pien is also 
excellent to accelerate progress by promoting im- 
proved Qi circulation through the motor nerves 
and through the muscle itself. 


INFRASONIC TREATMENT OF 


ASTHMA 

by Su Cheng Wu, 

Department of Pediatrics, 

The First Affiliated Hospital Guangxi Medical 

University, 

Nanning, Guangxi, China. 

(This clinical study finds that infrasonic sound is 

effective in treating symptoms of childhood bron- 

chial asthma, and in strengthening immune func- 

tion as measured by T-lymphocyte population.) 
Fifty cases of child bronchial asthma were 

treated with the Infratonic OGM and routine 

drugs. T lymphocyte subpopulation (CD2 , CD4, 

CD8, and CD4/CD8) of peripheral blood was 

measured to evaluate this treatment’s clinical ef- 

fectiveness on raising immunity. The control 

group of 15 cases was treated with routine drugs 

only. 
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TREATMENT METHOD 

Based on the features of child bronchial 
asthma and a dialectical therapeutics of traditional 
Chinese medicine, the following four points were 
treated for 5-10 minutes each morning for 5 days: 

Dingchuan (located on the back, 0.5 cun lat- 
eral to the lower border of the spinous process of 
the 7th cervical vertebra). Indications: Facilitating 
the flow of the lung-qi to relieve asthma. Feishu 
(Located on 1.5 cun lateral to the lower border of 
the spinous process of the 3rd thoracic vertebra). 
Indications: Facilitating the flow of the lung-qi to 
resolve cough. Tiantu (located on the neck, on the 
anterior midline, in the center of the suprasternal 
fossa). Indications: Cough, asthma, chest pain and 
so on. Danzhong (located on the chest, on the an- 
terior midline, on the level of the 4th intercostal 
space, on the midpoint of the line connecting the 
two nipples). Indications: Checking upward ad- 
verse flow of the lung or the stomach-qi). 


OBSERVATION CRITERIA—FOUR 
GRADES 
1, Clinically controlled: Remission from symp-~- 
toms, Occasional mild asthma attacks are re- 
mitted without taking any medicine. 
2. Obviously curative effect: Asthma attack is 
relieved within a short time. 
3. Improvement: Some abatement. 
4. Inefficacy: Symptoms, signs and reproduction 
rate of T lymphocyte subpopulation are un- 
improved or exacerbated. 


1 Asthma 
meds only 
[[] Meds plus 10.5 
10 Infratonic 


CD," 


930 











Obviously 
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Improvement 
18% 9 cases 






Clinically 
controlled 
54% 27 cases 





T- lymphocytes in Control vs Experimental Groups 


THERAPEUTIC RESULTS 

94% of the experimental group showed im- 
provement (as shown to the right). In the control 
group 80% showed improvement as follows: 
Clinically controlled - 6 cases; obviously curative 
- 3 cases, improvement - 3 cases, inefficacy - 3 
cases. X? determination indicates that there is a 
more obvious therapeutic effect in the treatment 
group than that in the control group (P<0.01). 


LABORATORY RESULTS 

T Lymphocyte subpopulation showed a sig- 
nificantly greater increase in the experimental 
group than in the control group treated by rou- 
tine drugs alone as shown below: 


10.8 
D,” 
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Notes: Comparison before/after treatment P<0.01 
unless noted: * = P>0.05 

In this study, clinical symptoms of wheezing, 
coughing and asthma caused by infection of the 
upper respiratory tract are obviously relieved us- 
ing the Infratonic device. Testing of peripheral 
blood showed that the reproduction rate of T lym- 
phocytes subpopulation in treatment group is 
greater than those receiving routine treatment, in- 
dicating increased level of immunologic function 
of human cells. The Infratonic OGM reduces the 
course of treatment without discomfort or side- 
effect. Its biological mechanism of action should 
be explored in the future. 


THE INFRASONIC SIGNAL 
FROM THE QIGONG 


PERSPECTIVE 

Sun Hua Ling, MD, Beijing Military Qigong Re- 
search Institute 

(Dr. Sun, a physician and gifted Qigong doctor 
presents her analysis of the mechanism of emit- 
ted Qi and infrasonic signal.) 

With the development of human society, 
health care has become an important part of daily 
life. Qigong training and techniques and devices 
like the Infratonic QGM can provide valuable in- 
fluence. This instrument simulates the low fre- 
quency sound of Qigong doctors, which pen- 
etrates tissues and organs of the human body, in- 
fluencing the function of cells, providing clinical 
results. This study reflects clinical treatment with 
the OGM of more than 1000 patients. 

Cells are units of the human body. Biological 
electric waves transfer information between cells, 
forming a biological field of consciousness. The 
aim of Qigong training is the unification of this 
field, making the human body more in tune with 
nature and able to affect nature. 

Some “hard Qigong” masters can break stones 
but can’t treat disease because their emitted Qi’s 
amplitude and frequency can not be absorbed by 
the human body. To be effective, emitted Qi or 
simulated emitted Qi must be close to the biologi- 
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cal waveform of the patient. Then it is easily ab- 
sorbed and treatment is more likely to be success- 
ful. Effective treatment protocols for 30 disease 
conditions were developed. 


MECHANISMS OF THE QGM 
1. Relieves pain and edema. 
2. Strengthens immune function and reduces 
inflammation. 
3. Normalizes autonomic nervous system. 
4. Relieves some symptoms of heart disease. 


RELIEVES PAIN AND EDEMA 

When applied to sprain of joints, fracture, and 
arthritis, the OGM has the obvious result of re- 
ducing pain distention and edema. It also relieves 
pain due to sciatic neuralgia, cancer, lumbago, 
periarthritis of shoulder and stiffness of neck and 
shoulder muscles. Thus the OGM can effectively 
treat disease caused by disturbance of blood cir- 
culation and can improve local blood circulation. 

Patients may feel a sensation of heat, relax- 
ation of muscles, and gradual reduction of pain. 
This phenomenon may be due to excitation of 
cells, nerves, and blood vessels around the dis- 
eased area. This excitation may contribute to the 
reduction in pain. 


STRENGTHENS IMMUNE FUNCTION 
AND REDUCES INFLAMMATION 

The QGM has a function similar to short wave 
and ultrashort wave diathermy which strength- 
ens immune function and reduces inflammation. 
It strengthens metabolism of organs and cells, in- 
creasing cellular energy, thus making the immune 
system stronger. 

Diseases such as nephritis, inflammation of 
intestines and gall bladder, pancreatitis, gas, 
duodenal ulcer, and infantile dyspepsia, all re- 
spond favorably to treatment with the OGM, prob- 
ably because of this factor of increased cellular en- 
ergy. 

NORMALIZES AUTONOMIC NERVOUS 
SYSTEM 

Where the autonomic nervous system is dis- 

turbed, the OGM is often useful. This includes 


SECTION 12: APPENDICES 


neurasthenia, tenseness of the cerebral cortex, and 
fatigue. Research shows that the low frequency 
signals emitted by the QGM penetrate the tissues 
and organs, altering the internal environment of 
cells, improving cellular metabolism, and relax- 
ing nerves and muscles, thus regulating the bal- 
ance between internal and external environment 
of nerve cells. 

Some scholars suggest that emitted Qi may 
increase cerebral bioelectricity, balancing cell en- 
vironment, resulting in disappearance of disease. 
In traditional Chinese medicine, this corresponds 
to “regulating the meridians and collaterals”, “im- 
proving blood circulation”, and “nourishing in- 
ternal organs”. 


RELIEVES SOME SYMPTOMS OF HEART 
DISEASE 

The QGM can relieve symptoms such as lack 
of blood in the heart muscle, arrhythmia, pressure 
on the chest, palpitation, and shortness of breath 
for pulmonary heart disease. This result may be 
due to improved metabolism of cells and im- 
proved local blood circulation. 


EMITTED QI TRAINING 
INCREASES INFRASONIC 
SOUND EMISSION OF 


HEALERS 
Prof. Lu Yan Fang, National Institute of TV and 
Electroacoustics, Beijing 
Richard H. Lee, Director, China Healthways In- 
stitute, USA 
(This study supports the premise, proposed by 
researchers earlier in this chapter, that infrasonic 
sound can be used as a measure of Qigong ability 
and indicates that Qigong skills, in this case, the 
ability to emit infrasonic sound from the palms, 
can be increased through intensive training.) 
Can students in an intensive Qigong training 
increase the output of infrasonic sound from their 
hands after one week of training? 
To answer this question (and others), 29 
Americans traveled to China. The strength of their 
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infrasonic emission was measured before and af- 
ter the training at the Institute of TV and Elec- 
troacoustics, a national institute of technology and 
standards. Prof. Lu Yan Fang, who conducted the 
seminal research on infrasonic sound emission 
two decades ago, conducted the testing. In her re- 
search she had found that Qigong masters, pow- 
erful healers in China, were able to emit high in- 
tensity low frequency sound, 100 to 1000 times 
stronger than average individuals. Before the ex- 
periment she expressed strong doubts as to the 
possibility of increasing energy emission within 
one week because Qigong masters require many 
years to cultivate powerful Qi emission. 

Prof. Lu had seen that strong young adoles- 
cent males could produce sound as high as 60 dB 
while average individuals emitted in the 40’s and 
50s. She was not surprised when in the initial test- 
ing 21 of 25 produced scores in the 40's. She felt 
that an improvement to 60 dB (only one partici- 
pant had scored in the 60's in the pretest) would 
suggest improvement to supemmormal ability, and 
that scores above 70 dB would be in the range of 
the powerful and well known Qigong healers. 

A powerful Qigong healer who had scored 
well in this test before was invited to demonstrate. 
After several tries, the best he could do was 67 
dB, which was 100 times what an average adult 
could produce, and still in the range of powerful 
healers, but not nearly as good as he had done 
previously. He was rather embarrassed and the 
translator explained that he had worked late the 
night before and had exhausted his Qi. An hour 
later he returned covered with perspiration. Ap- 
parently, in an effort to redeem himself, he had 
been building up power doing Qigong exercises 
for the past hour. This time his score was 78 dB, 
10 times the power he had generated just an hour 
earlier. Participants applauded as he came out of 
the testing chamber. He had redeemed himself. 
Interestingly, he was massaging his shoulder as if 
he had strained it during the Qi emission. 

This was a most interesting scenario. First the 
failure of an experienced Qigong doctor to pro- 
duce high power, then his performing Qigong 
exercises to build up his Qi, and finally, his pow- 


erful sound emission, offered a persuasive picture 
that some sort of energy can be stored in the body 
during Qigong exercises and discharged rapidly 
through the shoulders to the hands to create in- 
tense sound, and possibly straining muscles. 

Supporting this finding, one participant was 
experimenting with the equipment afterwards, 
emitting Qi into the microphone. At first he could 
produce high levels of infrasonic sound in front 
of the microphone, but after five minutes of emit- 
ting he could produce only 10% of the power he 
had produced earlier. He did not feel tired, but as 
he tried to emit sound, he found that his hand 
would no longer tremble as it had before. He had 
apparently exhausted his supply of this form of 
Qi! 

Test Scores: The average score for the group 
before the training was 47 dB with only four par- 
ticipants scoring above 50. Under the guidance of 
Master Wan Sujian, a well known Qigong teacher 
and physician, the group began a 10-day inten- 
sive which included climbing mountains and the 
Great Wall, practicing emitted Qi, and receiving 
extensive emitted Qi. The group also received 
physical therapy treatments to open meridians 
and remove potential blockages in the arms and 
shoulders which would otherwise restrict the flow 
of Qi to the hands. The results of both tests are 
shown below. 
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After the emitted Qi intensive, the number 
scoring above 50 dB tripled from four to 13. Five 
scored above 60 and two above 70. An average 
increase of 7 dB (to 54 dB) means that students 
were producing five times the infrasonic energy 
they had produced before the training. (Statisti- 
cal significance t < 0.0005) Professor Lu was quite 
impressed. She felt that five of the participants had 
both the amplitude and spectral distribution as- 
sociated with powerful Qigong healers. 

An interesting technique: While four of the 
five participants who scored above 60 were men 
with strong musculature, one petite woman 
scored 64 dB, which is 10 times the power that 
anyone else of similar build had scored. When 
asked her secret, she answered, “Well, to be hon- 
est, as I was waiting to emit Qi I silently asked 
our teacher for help. As soon as I did, I felt a surge 
of energy flowing through my arm and my hand 
started trembling powerfully. When I was done, 
my arm was sore clear up to the shoulder.” She 
had massaged her shoulder after emitting her Qi 
much as the Qigong master who first demon- 
strated had done. 


SCIENTIFIC QIGONG RESEARCH 
Measuring the emitted Qi from Qigong mas- 

ters has been the purpose of scientific research in 

many major scientific research institutes in China, 


15 
MM Before 
10 
5 
0 
Above 50 dB Above 60 dB Above 70 dB 
(0.1 Watt/km?) (1 Watt/km?) (10 Watt/km?) 


Participants were able to emit substantially higher levels of infrasonic sound after a week-long Qigong training. 
On the average, scores increased from 47 dB to 54 dB, a five-fold increase in infrasonic energy. 
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including the following: 
¢ China Immunology Research Center, Beijing 
* Institute of Space Medico-Engineering, Beijing 
* National Research Institute of Sports Science, 
Beijing 
* Institute of Psychology, Academia Sinica, 
Beijing 
¢ China Academy of Traditional Chinese Medi- 
cine, Beijing 
¢ Institute of Traditional Chinese Medicine, 
Beijing 
* Beijing College of Traditional Chinese Medi- 
cine, Beijing 
¢ Tangshan Health Institute for Women and 
Children, Hebei 
« Zhejiang Research Institute of Traditional Chi- 
nese Medicine, Hangzhou 
* Guiyang College of Traditional Chinese Medi- 
cine, Guizhou 
¢ Shanghai Academy of Traditional Chinese 
Medicine, Shanghai 
¢ The Second Military Medical College, Shang- 
hai 
* Shanghai Qigong Institute, Shanghai 
¢ Xing Cheng Air Force Sanitarium 
¢ Zhao Baofeng Beidaihe Qigong Rehabilitation 
Hospital, Hebei 
* Shanghai Institute of Hypertension, Shanghai 
* Shenyang Institute of Traditional Chinese 
Medicine, Shenyang 
® Institute for Industrial Health, Xian 
¢ Shandong Medical University, Shandong 
* Anti Epidemic Centers of Henan Province, 
Xin Xiang 
* Institute of High Energy Physics, Beijing 
* Jiangxi Chinese Medicine and Pharmacy In- 
stitute, Jiangxi 
¢ Nanjing Aeronautical Institute, Nanjing 
¢ Institute of Space Medical Engineering, 
Sichuan 
* Chinese Academy of Sciences, Chengdu 
While thousands of investigations have been 
done, just a few have been described here, princi- 
pally those that are reproducible either with 
Qigong masters or with Qigong simulation equip- 
ment. These studies show that emitted Qi is effec- 
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tive in treating digestive problems, infectious dis- 
eases, and bone fractures; that measurable changes 
in blood chemistry occurs a result of Qigong ex- 
ercises; and that emitted Qi affects electricity and 
light in physics experiments. 


EFFECTS OF THE EMITTED 
QI ON HEALING OF 


EXPERIMENTAL FRACTURE 

Jia Lin and fia Jinding 

National Research Institute of Sports Science, 
Beijing, China. 

(This study offers laboratory evidence that Qigong 
masters can accelerate recovery from fractures. 
From 1988 FWCAEMQG Proceedings) 

The emitted Qi has been found to have a good 
curative effect on soft tissue injuries such as 
muscle soreness, scleroma in muscles, acute 
muscle sprain, muscle contusion and pains. Frac- 
ture is also a common injury in sports medicine. 
We have cured some cases of fracture with the 
emitted Qi. The purpose of this experiment was 
to investigate the biological effect of the emitted 
Qi on healing of fracture. 

Sixteen healthy male rabbits, weighing be- 
tween 1.9 and 2.5 kg, were divided into two 
groups: the control group and the emitted Qi 
group. A fracture with a gap of 3 mm was made 
in the left radius. The rabbits in the emitted Qi 
group were given the emitted Qi treatment for 
three minutes per day after fracture. X-ray films 
were taken every week. Each week specimens for 
light microscopy from two rabbits were cut into 
slices of 8um thickness along vertical axis of ra- 
dius, stained with H.E., and studied by a light mi- 
croscope. The morphological observations are as 
follows: 

1. Based on some radiographic indexes, such as 
reaction of fracture section, periosteal reaction 
and amount of callus formation and callus 
density, we found that the amount and den- 
sity of callus formation were better in the 
emitted Qi group than in the control group. 
The difference was significant in the 2nd week 


(n=16. P<0.01) and 3rd week (n=12. P<0.05). 
2. Ultrathin sections were produced with LKB- 

I ultrotome, stained with uranyl acetate and 

lead citrate, and studied with a DXB electron 

microscope (EM). The changes in myofibrils 
were observed and photographed (x13000). 

Injured myofibril volume density in the pic- 

tures were calculated by means of point-count 

method. 

The ultrastructural examination revealed that 
overstrain caused pathological changes such as 
muscle fiber edema, shortening or lengthening of 
sarcomeres, disorganization, breaking and disap- 
pearance of myofibrils as well as Z lines, accom- 
panied by edema and damage of mitochondria. 
These changes could be seen less frequently in the 
emitted Qi group than in the control group. The 
result of quantitative analysis showed that the vol- 
ume density of myofibrils of the injured muscle 
in the emitted Qi group was 2.47%, and that in 
the control group, 20.41 %. 


MEASURING QI IN THE 


BLOoD 
A Preliminary Study of the Relationship Between 
Qigong and Energy Metabolism—The Changes of 
the Blood ATP Content in Qigong Masters in the 
Qigong State 
by Wang Zhenchang, Huang Jian, and Wu Zijuan 
Shanghai Qigong Institute, Shanghai, China 
[This revealing study quantifies a physiological 
change in the blood during Qigong exercise and 
Qi emission. When Qigong masters do Qigong 
exercises, blood ATP level increases, indicating a 
storing of energy. When they emit Qi, blood ATP 
level drops, indicating a depletion of energy. This 
is measurable evidence that physiological 
changes are occurring when a healer says he is 
collecting energy or emitting energy. It is also evi- 
dence that healers may be exhausted after treat- 
ing patients and need rest and energy building 
activities to remain in good health themselves. 
From the 1988 FWCAEMQG Proceedings. ] 
Recently it has been reported that the emit- 
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ted Qi by Qigong masters may have material foun- 
dation and the internal Qi cultivation can promote 
health. In this paper, the relationship between 
Qigong and energy metabolism was studied. The 
ATP content was measured with 20ul of blood 
drawn from the ring finger of the Qigong masters 
before and after the Qigong exercise, and, at rest, 
by the method of bioluminescence assay. 

The instrument (FG-30 Type Luminescence 
Meter) and the chief reagent (luciferase-luciferin) 
were produced by Shanghai Plant Physiology In- 
stitute. The experiments were conducted in three 
groups: 

1. The experimental group: The blood was 
drawn from each Qigong master’s ring fin- 
ger after he had taken a short rest, and before 
he exercised Qigong and entered the Qigong 
state. If he could emit Qi, he would do it for 
5-10 minutes. If he exercised internal Qi culti- 
vation, he would do it for half an hour, After 
the Qigong exercise the blood was drawn 
again. After rest for half an hour the blood 
was drawn once more. 

2. The control group: The above procedure was 
repeated on the second day but the Qigong 
masters did not exercise Qigong. 

3. The healthy group: Healthy persons did as the 
Qigong masters did at the same time. The re- 
sults are as follows: 

In 10 healthy persons the blood ATP contents 
were constant during the experiment. For nine 
Qigong masters in the control group the blood 
ATP contents did not change markedly. The blood 
ATP contents in 11 Qigong masters after emitting 


Effect of Qi-Gong on Blood Energy 
Metabolism 


Increase in 
blood ATP 
after Qi-Gong 
exercises 


Decrease in 
blood ATP after 
emitting Ql 





935 


SECTION 12: APPENDICES 


their Qi decreased markedly (the mean decrease 
was .000131 M compared with that of the healthy 
group (P<0.01). The blood ATP contents in 16 
Qigong masters after cultivating the internal Qi 
increased markedly (the mean increase was 
.000054 M) compared with that of the healthy and 
the control group (P<0.05). The duration of 
Qigong practice influenced the changes of the 
blood ATP content. 

The blood ATP contents in both groups of 
Qigong masters recovered after rest. Qigong mas- 
ters were observed continually. First they exer- 
cised Qigong, cultivating the internal Qi. Then 
they emitted their Qi. The blood ATP contents 
changed as above. Conclusions were discussed. 
The emitted Qi may have a material foundation 
because the blood ATP contents decreased after 
the Qi was emitted. The internal Qi cultivation 
process promotes anabolism and increases CAMP 
level so that health may be improved. 


EFFECTS OF QIGONG ON 


NEUROTRANSMITTERS 

Liu Binghuai, Jiao Jie and Chen Quanzhu 

Anhui College of Traditional Chinese Medicine, 
Anhui Province, China 

Li Yefu, Shang Lili (Affiliated Hospital) 

[This study shows that you don’t need to be a 
Qigong master to gain healing benefits from 
Qigong exercises. New Qigong practitioners with 
chronic illnesses showed significant normalization 
of neurotransmitter concentration after Qigong 
practice. From the 1988 First World Conference 
for Academic Exchange of Medical Qigong 
(FWCAEMQG)] 

It is well accepted that Qigong contributes to 
preventing and curing of diseases and prolong- 
ing life. To study its mechanisms, the authors ob- 
served by means of fluorescence spectrophotom- 
etry in 68 subjects the variations in blood content 
of the following monoamine neurotransmitters 
before and after the Qigong exercises. (5- 
hydroxytamine: 5-HT, norepinephrine: NE, and 
dopamine: DA) Forty-four of the subjects were 
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male, 24 females. Their age ranging from 25 to 68 
years old, with an average of 48. They all had prac- 
ticed the Qigong exercise for one month, All were 
patients of common chronic diseases such as hy- 
pertension, coronary heart disease, gastric ulcer, 
gastritis, pulmonary emphysema, chronic bron- 
chitis, joint system diseases, neurasthenia and 
neurosis. Results are as follows: 

1. Acomparison of monoamine neurotransmit- 
ter contents in the blood of the subjects pre- 
and post-exercise showed a general reduction 
in 5-HT, averaging from 0.42 to 0.21 ug/ml, 
close to the normal value of 0.15 ug/ml. The 
difference was notable (P<0.001) Variations in 
NE and DA tended to go up. The average NE 
was from 0.27 to 0.35 ug /ml, and DA in- 
creased from an average of 0.86 to 1.19 ug / 
ml. The above description showed that the 
effect of the Qigong exercise is closely related 
to the monoamine neurotransmitters in the 
body fluid. 

2. Effects of the Qigong exercise on the blood 
monoamine neurotransmitters of patients of 
different diseases: The subjects were divided 
into five groups according to the nature of 
their disease. Subjects in each group showed 
reduction in blood 5-HT content after they had 
practiced the Qigong exercise. In all the 
groups, the content of vasoconstrictor sub- 
stance 5-HT dropped to the normal concen- 
tration level, resulting in sufficient blood sup- 
ply for the local tissues and organs. It also im- 
proved blood flow, promoted metabolism and 
strengthened the physiological function of the 
celis in the tissues thus helping to restore 
health, adding to the efficacy of Qigong. 

3. The Qigong exercise helps regulate the neuro- 
body fluid inner environment. Through regu- 
lating the 5-HT blood concentration in the 
neurotransmitters of parasympathetic nerve, 
it causes the extra high blood 5-HT of the car- 
diovascular patients to drop to the normal 
level. It also dilates the coronary artery and 
improves the physiological functions, result- 
ing in the relief of symptoms. 

4. The Qigong exercise helps build or strengthen 


the physiological function of the digestive sys- 

tem. The exercise exerts an influence on the 

control of nerves that govern the activities of 
the internal organs. It is shown by variation 
in the blood content of neurotransmitters NE, 

DA and 5-HT, with 5-HT getting lower and 

DA getting higher, facilitating local blood flow 

and metabolism in the tissues. 

5, Through regulating the concentration of pain 
producer 5-HT in the peripheral blood, the 
Qigong exercise achieves an analgesic effect. 
The drop of 5-HT content is relative to the re- 
sult of analgesia. This fact shows that the drop 
of 5-HT is good for invigorating blood circu- 
lation and reducing extravasation, which is a 
proof of the TCM principle: “pain is removed 
when block is eliminated.” 

The Qigong exercise results in preventing and 
curing of diseases. It helps regulate the neuro- 
body fluid inner environment, promotes activi- 
ties of organs and maintains dynamic equilibrium 
of the organism through self stabilization. 


PHYSICAL 
CHARACTERISTICS OF 


EMITTED QI 
Gui Yongfan, Chen Qi, Li Yinfa, and Jiang Shen 
Nanjing Aeronautical Institute, Nanjing, China 
[Emitted Qi can alter the results of common phys- 
ics experiments shown in this study from 1988 
FWCAEMQG Proceedings. ] 
In this paper, three functions of the emitted 
Qi which were discovered with the aid of some 
physical instruments, such as the Van de Graaff 
generator and light sensitive plate are discussed. 
1, The emitted Qi can restrain the discharge pro- 
cess. The discharge between the two balls in 
the Van de Graaff generator will be stopped 
or the period of discharge will become longer 
when the emitted Qi is exerted on the instru- 
ment. The Van de Graaff generator was used 
for testing. The two discharge balls in the gen- 
erator were pulled apart until the critical state 
was reached. Then the Qigong master aimed 
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his emitted Qi at the discharge space. The dis- 
tance between the fingers or palm of the 
Qigong master and the discharge space was 
10 cm to 3 M. We have discovered the follow- 
ing phenomena: 

a. The emitted Qi stopped the discharge 
or made the period of discharge longer. 

b. The Qigong master had no sensation of 
getting an electric shock when he emit- 
ted his Qi near the discharge space. 
Nevertheless, when he stopped emit- 
ting his Oi, he had the sensation of an 
electric shock if his hand was still near 
the discharge space. 

c. In the restraining process, a series of 
restraint and discharge, such as re- 
straint—intermittent bursts of dis- 
charge—testraint, sometimes appeared. 

2. The emitted Qi can cause the exposure of light 
sensitive plates wrapped in a piece of black 
paper. By false color image processing with a 
picture processing instrument, we obtained a 
color photograph, in which the image of fin- 
gers and the Laogong (P-8, center of palm) 
can be seen clearly. The Qigong master emit- 
ted his Qi at the emulsion layer of a light sen- 
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The concentration of the monoamine neurotransmitter 
§-hydroxytamine decreased toward the normal value 
of 0.15 ug/ml in the above groups of patients after one 
month of Qigong exercises. 
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sitive plate from about 10 cm away for about 
10 minutes. 


RESULTS 

a) The color of the controls was darker than 
that of the affected plates. b) After development, 
white speckles, various patterns or orderly stripes 
appeared on the affected plates. 


SUPERCONDUCTING 
MAGNETOMETER MEASURES 


CHANGES DURING QIGONG 
Wu Benjie, Dept. of Biophysics, Beijing Medical 
University 

Wang Xiubi, Institute of Somatic Sciences, Beijing, 
Wang Zijun, Nanjing University 

Liu Jianben, Institute of Geophysics, Beijing 
(Here we see that Qigong masters can produce 
magnetic fields from their palms, and that these 
fields have characteristic frequency bands. From 
1988 FWCAEMOG Proceedings. ] 

A dynamic study of Qigong (QG) magnetic 
signals (MS) by a flux-gate magnetometer was 
conducted in a magnetically shielded room. Un- 
der the QG state, MS was <2Hz in frequency and 
several nT (T = Tesla, the unit of magnetic flux 
density, InT = 10° T) in amplitude. For deeper 
understanding of the MS dynamic properties, hu- 
man weak MS were investigated by a supercon- 
ducting biomagnetometer which is wider in fre- 
quency response (DC to 10 kHz instead of DC to 
10 Hz) and higher in sensitivity. Through a fre- 
quency-power spectrum analysis by a computer, 
the MS changes under QG state were analyzed 
quantitatively. 

Twenty persons (38 tests} were selected as 
subjects, and divided into two groups. (1) The 
control group consisting of three persons did not 
practise Qigong, 46.3 years old in average; (2) The 
Qigong group (practising for 1-20 years) consisted 
of 17 persons (31 tests), 48.3 years old in average. 

The subjects took off all magnetic things; then 
came into a magnetically shielded room, with the 
acupoint to be measured aiming at the probe. The 


distance between the probe and Laogong (P 8) was 
about 6 cm, and that between the probe and head 
acupoints was about 4.5 cm. The MS dynamic 
changes were recorded continuously, before, dur- 
ing, and after OG state (3 minutes each). 

MS was measured by a superconducting 
biomagnetometer, Model M-601. The frequency 
power spectra were analyzed by a signal proces- 
sor, Model 7T17-S. In this paper the power changes 
were all of relative values. 

The experimental results indicate that under 
the QG state three kinds of MS (1Hz, 3 Hz and <2 
kHz) are measured from different acupoints 
Laogong (P 8), Baihui (Du 20), Yintang (Extra); 
there are three kinds of MS changes in intensity: 
increasing, decreasing and no change; and there 
is a good repetition of the change patterns and 
signal frequency of MS. Two novel phenomena 
were found, i.e. decrease of power and the change 
of frequency spectrum in MS during QG. 


QIGONG AND CANCER 


Cancer is one area where western science can 
use some help. Our government has pumped bil- 
lions into cancer research, yet the problem con- 
tinues to grow. Chemotherapy and radiation have 
such negative side effects that the time has come 
to look beyond therapies of killing “bad” cells, 
toward therapies with which the individual pa- 
tient brings his own body into order. 

In China, the obvious answer is Qigong. Can- 
cer occurs when the cells of the body follow the 
will of an outside influence, perhaps a bacteria or 
a virus or a genetic predisposition. If Qi is strong 
and flowing smoothly within the individual, 
many Chinese believe that the cells will do the 
will of the organism, not of an outside influence. 

A very interesting experiment that illustrates 
the will of an individual influencing cell growth 
is presented in a study by Dr. Feng Lida, MD, 
Ph.D., a famous Beijing researcher. She had 
Qigong masters treat vials of E-coli bacteria. The 
first vial was held but not treated. The Qigong 
master emitted Qi to the second one to try to “kill” 
the bacteria. He directed “health-promoting” Qi 


to the third one. Dr. Feng reported that, with over 
40 repetitions, the health promoting dose resulted 
ina seven- to tenfold increase in the number of E. 
coli. The health destroying dose lowered the num- 
ber of bacteria by one half or more. This experi- 
ment illustrates the power of the Qigong master 
in influencing cell growth. Every one of us has 
the latent ability to do the same, directing Qi to 
control disease within our own bodies. This can 
be seen from the success of programs emphasiz- 
ing visualization and meditation. 

If Qi is weak in an area of the body, abnormal 
growth will appear. Qi is weakened by poor nu- 
trition and lack of exercise. It is also weakened by 
mental and environmental stress. Chemotherapy 
and radiation put heavy additional loads on the 
body, draining it of Qi. This is why methods to 
strengthen Qi are so valuable. 

This chapter is devoted to Qigong as it is ap- 
plied to cancer. It is clear from these studies that 
Qigong is an option that every person trying to 
beat cancer should consider, regardless of whether 
western techniques are also pursued. Chemo- 
therapy and radiation in many cases have been 
shown to be of little value improving quality or 
length of life. They are not the only option. The 
following evidence shows that Qigong is an im- 
portant therapeutic modality for treatment of can- 
cer. 


THE EFFECT OF THE 
EMITTED QI ON CARCINOMA 


CELLS 
Feng Lida, Qian Ju Qing, Chen SuQing, et.al. 
China Immunology Research Center, Beijing, 
China 
[This influential paper is the first presented in the 
1998 FWCAEMQG Proceedings, and shows that 
emitted Qi can kill cancer cells and alter chromo- 
somes in vitro, providing clinical evidence that 
cancer patients would do well to learn Qigong.] 
We used the techniques of tissue culture, 
cytogenics and electron microscopy to study the 
Hale cells and SCG-7901 human gastric adenocar- 
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cinoma cells, the change of the cellular ultrastruc- 
ture and abnormal structure of the chromosomes 
of the cells. The results showed: 

1. The effect of the emitted Qigong on the Hale 
Cells: 

We repeated the experiment 20 times under 
identical conditions. After the Hale cells received 
the emitted Qi for 20 minutes, the survival rate of 
the cells in the experimental group was 69.28% of 
that in the control group, i.e. 30.72% of the cells in 
the experimental group were killed. At the same 
time we observed the Hale cells with a transla- 
tion electron microscope, and found that degen- 
eration and swelling took place in some of the cells 
which received the emitted Qi. The endoplasmic 
reticula were dilated obviously, and the nuclei of 
the cells were destroyed. 


THE EFFECT OF EMITTED Qi ON THE 
GASTRIC ADENOCARCINOMA CELLS: 

After the gastric adenocarcinoma cells re- 
ceived the emitted Qi for one hour, the survival 
rate of the cells was 74.98% of that in the control 
group. i.e. the average destruction rate of the cells 
was 25.02%. We repeated the experiment 41 times 
under identical conditions, and through statisti- 
cal analysis, found a difference between the two 
groups (P<0.01). Inthe meantime, a scanning elec- 
tron microscope was used to study the cells. The 
results showed that the microvilli of the cells 
which received the emitted Qi had remarkably 
dwindled or disappeared and tiny holes could be 
seen on the surface of the cells. 

3. The effect of the emitted Qi on the chro- 
mosomes of the gastric adenocarcinoma cells: We 
repeated the experiment 10 times under identical 
conditions. 1420 tumor cells in the control group 
and 1,428 tumor cells which received the emitted 
Qi for 60 minutes were analyzed. The subdiploid 
in the control group was 2.11%, the superdiploid 
was 0.14%, whereas the subdiploid in the experi- 
mental group was 3.29% and supertriploid was 
0.56%. The statistical significance in these findings 
(P<0.05). 

The structure of the chromosomes of the gas- 
tric adenocarcinoma cells also varied. In the ex- 
perimental group, the total abnormality rate was 
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5.39%. The total abnormality rate in the control 
group was 1.40%. (P<0.01). 


SUMMARY: 

Tumor is a common disease which endangers 
man’s life and health. The study on the effects of 
the emitted Qi on carcinoma cells, especially on 
the study of the structure and the chromosomes 
of tumor cells, has not been reported in the world 
before. The human chromosome is a material base 
of human heredity and a carrier of the genetic ma- 
terial. The results of our studies showed that the 
abnormality of the chromosomes of the gastric ad- 
enocarcinoma cells was significant after they re- 
ceived emitted Qi. The rate of exchange, break- 
ing, and the dicentromere in the structure of the 
chromosomes of the gastric adenocarcinoma cells 
is increased. The results suggested that the emit- 
ted Qi could kill the chromosomes of the gastric 
adenocarcinoma cells. The study may start anew 
way to cure carcinoma. 


QIGONG AS A THERAPEUTIC 
AID FOR ADVANCED CANCER 


PATIENTS 

by Sun Quizhi and Zhao Li, Kuangan Men Hospital 
China Academy of Traditional Chinese Medicine, 
Beijing, China 

[This article shows that, in clinical trials, cancer 
patients were far better off when they combined 


Qigong exercises and chemotherapy as compared 
to chemotherapy alone.] 

One hundred and twenty three cases of ad- 
vanced cancer treated simultaneously with drugs 
and Qigong has been reported in this paper. These 
were inpatients of our department during the past 
five years. Among them there were 60 males and 
63 females. The youngest was 20 years old. The 
average age was 47 years old. These patients were 
diagnosed pathologically as malignant cancer, 70 
cases were in the III stage, 53 were in the IV stage, 
of which, cancer of the stomach accounted for 
42.23%, cancer of the large intestine 31.70%, 
mastocarcinoma 11.29%, and cancer of the esopha- 
gus and cardinal carcinoma, 8.1% each. 

The 123 patients were divided into two 
groups. The experimental group included 93 cases 
treated with drugs and Qigong exercises. The con- 
trol group, which consisted of 30 cases, was treated 
by drugs alone. Similar drugs were given to the 
two groups. Each patient who received the 
therapy of drugs and Qigong did the Qigong ex- 
ercises for over two hours a day, three months as 
a course. Symptoms, signs, body weight, and im- 
munological indices, etc. were recorded before 
and after treatment. The results were as follows: 

1. Amelioration of general symptoms: In the 
experimental group, 81.7% of the patients re- 
gained strength, 63% improved appetite, 

33.3% were free from diarrhea or irregular def- 

ecation in the experimental group, while in 

the control group the rates of patients were 





Cells of lung cancer before irradiation with 
emitted Qi 


Villus exfoliation of lung cancer celis after 
irradiation with emitted Qi. 


10%, 10% and 6%, respectively. The difference 
between the two groups is significant. 
(P<0.01) 

2. Body weight: In the experimental group, 
50.54% of the patients’ body weight increased 
more than 3 kg, and 5.4% of the patients’ body 
weight decreased more than 3 kg. In the con- 
trol group, the rates were 13.3% and 30.0%, 
respectively. The difference between the two 
groups is, again, quite significant. 

3. Phagocytosis of macrophages: In the experi- 
mental group, the phagocytic rate of macroph- 
ages increased by 12.31 % and the index of 
macrophages increased from 0.45 before the 
combined therapy to 0.63 after. In the control 
group, the phagocytic rate did not elevate, but 
decreased by 7.87% while the phagocytic in- 
dex also dropped from 0.63 to 0.50. 

4. In addition, it has been observed that, in the 
experimental group, the erythrocyte sedimen- 
tation of 23, and hepatic function of 20 of the 
93 patients returned to normal, while in the 
control group, there were only three patients 
with normalized erythrocytic sedimentation, 
and two patients with normalized hepatic 
function, out of the 30 control cases. 

To sum up, these studies suggest that the 
Qigong therapy is helpful to some extent to ame- 
liorating the symptoms, improving appetite, 
strengthening constitution, and increasing the 
ability of self-cure. Qigong can regulate the mind, 
heart, Qi, and blood so as to get rid of pessimism 
and eliminate evil factors. Therefore, it is really 
an effective, simple supplementary treatment with 
no side effects. 


THE EFFECT OF EMITTED QI 


ON LEUKEMIA IN MICE 

Feng Lida and Zhao Xiuzhen 

China Immunology Research Center, Beijing, 
China 

[This study by Feng Lida, MD, PhD shows that 
emitted Qi can decrease the reproduction rate of 
leukemia cells in mice and that infrasonic Qi simu- 
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lators can play a similar role. From the 1988 
FWCAEMQG proceedings. ] 

With the rapid development of modern sci- 
ence and technology and the enhancement of 
people’s living standard, the constitutive propor- 
tion of diseases has changed and most infectious 
and parasitic diseases have been brought under 
control or eliminated, whereas, tumors are becom- 
ing a common problem and are endangering 
man’s life and health. In our country, the number 
of patients suffering from tumor diseases is over 
1,000,000 a year, and the number of patients who 
died from tumors has exceeded 800,000. There- 
fore, it is important for us to explore a new route 
to cure tumors, 

Leukemia is a malignancy, which has a high 
incidence and is difficult to cure. As there are some 
similarities between leukemia in mice and human 
leukemia, we chose DBA mice as a research model 
to study the effect of the emitted Qi on L,,,, cells 
of leukemia in mice. 

The experiment chose DBA mice with a 
weight of 20+2 gm, and both male and female mice 
were used. In the experiment we killed the mice, 
which had been injected with the L,,,, cells 7 to 9 
days before we collected the celiac liquid and ad- 
justed the concentration of cells to 4.70-31.00 mil- 
lion/ ml (avg. concentration was 1.20 million / ml). 
0.2 ml L,,,, cells was injected i.p. into the abdomi- 
nal cavity of mice. And after one day we randomly 
divided the mice into groups. 

One Group Treated With Emitted Qi 

Among these groups, the mice of the experi- 
mental group received the emitted Qi once per 
day, for between 10 and 40 minutes for 10 days, 
while in the control group, no treatment was 
given. After 10 days the mice were killed and the 
number of L,,,, cells were counted with a light mi- 
croscope, The average value in the control group 
was 200.435x0.5 million per mouse, while in the 
experimental group 66.458x0.5 million per mouse 
and there is significant meaning between the two 
groups. (P<0.01). 

Second Group Treated With Infrasonic Qi 
Simulator 

At the same time, we used an infrasonic qi 
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Senefits of Qi-Gong fo Cancer Patients 


Control Group 
"aiee “I Drugs Alone 

= Experimental Group 
80% Qi-Gong and Drugs 





123 advanced cancer patients were treated for 6 
months. The control group with drugs, the experiemental 
with drugs and Qigong exercises. The results show the 
value of Qigong exercises in cancer treatment. 





Can Qi-Gong Fight Leukemia? 


MM contret Group ME Control Group 
240 Infragonic 





iLsukemia Cell Concentrations 


Concentration of leukemia cells in mice after 10 days’ 
treatment with emitted Qi and the infratonic Qi 
stimulators 


simulator to stimulate the mice injected with the 
Lito Cells, once per day, two hours at a time for 10 
days, after which the number of L,,,, cells was ob- 
served. The number in the control group was 
160.826x0.5 miilion per mouse, while in the ex- 
perimental group 70.870x0.5 million per mouse. 
This difference is of statistical significance (P<0.1). 
The results showed that the number of L,,,, cells 
which were injected into mice could be remark- 
ably reduced after the mice received emitted Qi, 
and the fact suggested that the emitted Qi could 
kill or inhibit the L,,,, cells in mice. 

Qigong is a part of traditional Chinese medi- 
cine, which is a therapy with Chinese characteris- 
tics. In recent years, Qigong has been used to cure 
a lot of diseases, especially difficult diseases and 
tumor diseases. It is an important issue whether 
Qigong can kill or inhibit malignant tumor cells 
or not. The result of this experiment shows that 
the emitted Qi could kill or inhibit the L,,,, cells 
of leukemia in mice. After a body received it many 
times, the emitted Qi could significantly reduce 
the number of L,,,, cells in mice. The experimen- 
tal study laid a theoretical basis for the treatment 
of tumors with Qigong. Qigong therapy will be a 
new way to cure carcinoma. However, the mecha- 
nism and way that the emitted Qi kills or inhibits 
L319 Cells of malignant tumor cells in mice needs 


to be further investigated. 


EFFECTS OF QIGONG ON 


MALIGNANT TUMOR 

Luo Sen, Tong Tianmin, et al. 

Zhejing Institute of Traditional Chinese Medicine 
Hangzhou Qigong Hospital, Hangzhou, China. 
[This study, also from the 1988 FWCAEMQG pro- 
ceedings shows the benefits of combining tradi- 
tional and modem cancer therapies in maintain- 
ing healthy blood cells.] 

Under observation in this experiment were 80 
patients with 17 kinds of malignant tumors includ- 
ing nasopharyngeal carcinoma, breast cancer, lung 
cancer, and gastric carcinoma. Their diagnosis was 
confirmed by cytological and radiological exami- 


nations. Within this group, 48 were male and 32 
female. Most of them had been operated on be- 
fore hospitalization. They were at their I or II stage 
of the disease and had received radiation or che- 
motherapy before. These patients were randomly 
divided into three groups. 30 of them, as the first 
group, received Qigong treatment. 

The second group, composed of 25 cases, were 
treated with routine chemotherapy. And the third 
group, another 25, received chemotherapy com- 
bined with Qigong exercises. The parameters 
adopted included WBC and RBC count, serum he- 
moglobin and platelet count in blood before and 
after treatment, T-lymphocyte conversion test 
(H3TdRLT) and urine excretion of 17-hydroxy ste- 
roids within 24 hours before and after the last 
week of Qigong therapy in some patients. The to- 
tal period of observation lasted 60 days. Results 
are reported as follows: 

1. Group |, the Qigong group, developed a sig- 
nificant rise in their WBC, RBC count and se- 
rum hemoglobin after treatment (P<0.01). 
Group II, treated with chemotherapy, pre- 
sented a significant lowering in these mea- 
sures (P<0.01). Group IIL, which both prac- 
ticed Qigong and received chemotherapy, 
showed an obvious elevation of serum hemo- 
globin, RBC and platelet count (P<0.005-0.01). 
Their WBC remained at the same level as be- 
fore the treatment (P>0.05) 

2. T-lymphocyte conversion test in Group I also 
showed a significant rise (P<0.05). It was seen 
to be maintained at the original level in Group 
III (P>0.05). 

This experiment proves that this kind of 
Qigong exercise, by exciting the circulation of Qi 
along meridians and modulating the functions of 
blood circulation, immune response and endo- 
crine tissues, can minimize the toxic side-effects 
of chemotherapy and enhance energy supply to 
the body. This practice is effective in treatment of 
cancer and supported by confirmed scientific ex- 
periment. 
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EFFECTS OF PATIENT 
TUMORS ON KIRLIAN 
IMAGES OF HEALTHCARE 


PROVIDERS 

Su Cheng Wu, Guangxi Tumor Hospital, Guangxi, 
China 

Richard H. Lee, China Healthways Institute, USA 

The process of emitting Qi during a Qigong 
treatment, while valuable at jump-starting a 
patient's recovery, is exhausting and requires ex- 
tensive Qigong exercises to replenish the depleted 
Qi. However, as Qigong practitioners become 
more skilled, they can treat more patients with less 
depletion, probably through a combination of be- 
coming more proficient at collecting Qi and more 
efficient at utilizing the Qi that they do have. This 
is an important field of study because of the preva- 
lence of “burnout” which affects many practitio- 
ners in all the medical professions. Perhaps doc- 
tors and nurses can be taught the principles of ef- 
ficient use of their Qi. The following is offered to 
illustrate this point: 

The top two Kirlian photographs on this page 
show images of fingertips of healthy individuals 
and healers. The light recorded by the photos is 
created as electrons moving between the fingers 
and the film ionize air. In the first photo, the balls 
are created as electrons leaving the finger create 
pools of light. And the streamers are created as 
electrons stream back from the film to the finger. 
A balance between balls and streamers indicates 
that electrons move both to and from the fingers. 
The second photo shows that, around the fingers 
of healers, the electrons travel more as waves than 
particles, creating a smooth glow instead of balls 
and streamers. 

In cancer patients, research has shown that 
balls appear around the cancer (not illustrated, 
reference Dumitrescu and Kenyon in 
“Electrographic Imaging in Medicine and Biol- 
ogy”, 1983) and streamers appear around all other 
parts of the body, as shown in the fourth picture. 
(reference “Bioelectrography” by Konikewicz and 
Griff 1984 and Dumitrescu, 1983). This strongly 
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suggests that the rapid growth of cancer cells is 
fueled by high electrical vitality at the cancer site, 
and that the rest of the body is devitalized as the 
high energy electrons are somehow attracted by 
the cancer. 

The lower three Kirlian photos were taken in 
a tumor hospital. A typical cancer patient (the 
third photograph) shows virtually no Kirlian im- 
age. This indicates a very low flow of electrons, 
either in or out of the finger, and thus, low vital- 
ity. After increasing the patient's electrical conduc- 
tivity using an Infratonic OGM on the foot (K-1), 
the patient's image brightened, but showed only 
streamers but no balls, as electrons shot to the fin- 
gers but did not return from the fingers to the film. 
Had high energy electrons returned to the film, 
we would have seen balls in addition to stream- 
ers in the photographs. This suggests that the en- 
tire patient, not just the photographed finger, is 
depleted in electrical vitality, and may be draw- 
ing electrical vitality from the Kirlian camera as 
high voltage electrons stream into the patient's 
body, but do not return to the film. This supports 
the common belief that cancer draws vitality from 
everything in the surrounding area while fueling 
the very rapid growth of the cancer cells. 

Several doctors in the tumor hospital were 
photographed and those with patient contact 
showed a similar image dominated by streamers 
with almost no balls. This suggests that the doc- 
tors were in some way devitalized by the patients’ 
low energy condition, and were, themselves, 
drawing electrical vitality from the camera. It ap- 
pears that cancer drains the vitality of everyone, 
the patient, health care providers, family, and even 
those who visit to show their support. 

Why does vitality flow to the cancer site? 
Qigong practitioners believe that intentionality 
moves Qi, which suggest that intentionality might 
be acting. We might suspect the intentionality of 
the patient, the family or the doctor. All seem to 
be convinced that the cancer will win. It seems 
that we should also look at the possibility that the 
cancer, itself, has intentionality, and is causing the 
patient to give up hope and the doctor to say 
things like, “You have no more than 3 to 6 months 





Kirlian image of typical 
healthy person shows 
balance between balls 
and streamers. 
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Cancer patient shows low Cancer patient shows 
conductivity. increased streamers after 
QGM treatment. 





Doctor with patient contact also shows streamer 
dominance. 
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to live.” Perhaps the fight against cancer is a battle 
of wills over the flow of vitality more than simply 
the biologically understood multiplication of ig- 
norant cancer cells. 

Can we reverse this flow of vitality, and will 
this reverse the growth of cancer? The preceding 
research in this chapter shows that Qigong prac- 
tice and emitted Qi can kill and decrease the 
growth rate of cancer. Perhaps intentionality is a 
new weapon against cancer. And maybe the 
Kirlian camera will be the biofeedback technique 
which shows patients and researchers when their 
intentionality is properly applied and when they 
are winning the battle. 

As is concluded in most research studies, 
“More research is necessary.” 


CHAOS AND 


CONSCIOUSNESS 

The study of Qi as the relationship between 
the physical world and consciousness is often 
avoided by scientists because this violates a basic 
tenet of science, the experimental method, that the 
experimenter is not to interfere with the experi- 
ment. However, this appears to be exactly what 
Qigong masters are doing. Whereas religious 
groups have long held that our thoughts, wishes, 
desires, and prayers can influence our own lives 
and the lives of those around us, the scientific 
world has, for the most part, denied this possibil- 
ity. 

If, in our study of Qigong, we discount the 
conscious intent of the practitioner, we are ignor- 
ing what Qigong practitioners claim is the vital 
ingredient, intentionality. Thus, we are led to 
study the physics of the phenomenon, the inter- 
action of electric, magnetic, and acoustical fields. 
However, if we allow intentionality to enter the 
equation, a very different view of Qigong emerges 
with enormous implications. 

To accept that consciousness can influence the 
physical world, science needs some sort of field 
or substance which can be shaped by conscious- 
ness such as the rhythmic movement of electrical 
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charges in the body as measured by EEG, which 
is shown to be influenced by Qigong masters. 

From a broader perspective, this field is chaos, 
which might be described as uncertainty regard- 
ing the future, or instability such that subtle in- 
fluences can guide the field’s reorganization. In 
the case of EEG, the chaos is the available insta- 
bility of free electrons, molecular ions, and neu- 
rochemicals, There are probably many other forms 
of chaos within the body including magnetic, 
acoustical, and electromagnetic. It is chaos, or un- 
certainty in these fields, which allows conscious- 
ness to enter and shape reality. 

Qigong therapy is often broken into three 
phases. First, the practitioner “adds Qi” increas- 
ing the available energy, or chaos of the patient. 
Then he “sweeps the bad Qi out the feet” to re- 
move crystallized structures which are interfer- 
ing with the patient's health. Finally, he “smooths 
the Qi” to help bring order out of the chaotic state 
which results from the adding of chaos and re- 
moving of “bad Qi.” 

Thus, a Qigong treatment might be viewed 
as adding chaos to liquefy a crystallized structure, 
removing undesired, loosened crystals, then 
smoothing and harmonizing the field to “bring a 
higher order out of the chaos.” Softening and 
bending metal, altering EEG in anesthetized ani- 
mals, and accelerating recovery from cancer might 
all be explainable by “consciousness creating and 
guiding chaos.” 


Low DIMENSIONAL CHAOS 


IN PRACTICING QIGONG 

Yagu Lin, Jijun Gao, and Huo Lu 

Shanghai Qigong Research 

[In our research at CHI, we have found that chaos 
is a key ingredient in the effectiveness of a thera- 
peutic signal, allowing greater penetration into the 
body. This Chinese chaos research shows that 
Qigong exercises result in reduced complexity of 
the EEG in the brain, providing calmness and 
mental clarity (bringing order out of chaos). From 
the FWCAEMQ.] 
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Recently, researchers such as Kaczmark, IK. 
(1977), Nicolis, G. (1985), Skarda, C.A. and Free- 
man, WJ. (1987), and Xu Jinghua and Xu Nan 
(1987) have reported the systematic complexity 
and chaos of the brain electroencephalographic 
techniques (EEG) by the analysis of dimensional- 
ity in studies of chaotic dynamics of biological 
systems. However, there are few reports analyz- 
ing the Qigong functional state using this method. 

In this paper, we analyze change in attractor 
dimensionality d values of the occipital EEG be- 
fore, during, and after Qigong exercises, The re- 
sults show that before exercises, d=1.8, during 
exercises d increases to 2.1, and after Qigong ex- 
ercise, it remains at the increased value of 2.1. 
These results show that Qigong exercises can 
lower the complexity under conscious conditions, 
increase the orderliness, and decrease the random- 
ness. This may explain Qigong's effect of “ward- 
ing off distraction, thoughts, or evils,” and may 
be a principal mechanism of Qigong's effective- 
ness, 


QIGONG TRAINING AND 


COHERENCE OF EEG 

Yang Sihuan, Yang Qinfei, Shi Jiming, Cao Yi 
Institute of Qigong Science, 

Beijing College of Traditional Chinese Medicine, 
100029, Beijing, China 

[This study shows that Qigong training increases 
coherence between the right and left sides of the 
brain. From the perspective of chaos theory, this 
means that Qigong helps to bring “order out of 
chaos” in the brains of practitioners. From Sec- 
ond World Conference on Academic Exchange of 
Medical Qigong.] 

In this study, we analysed the coherence of 
EEG to observe the trainees’ EEG regularly. The 
young students, who were 17 to 20 years old, had 
been practicing “Zhanzhuang Gong” for one year. 
We try to find out the effects of the Qigong train- 
ing period on coherence of EEG. Thirty two per- 
sons in the Qigong group and 35 persons in the 
control group were involved in this experiment. 


During one year period of observation the sub- 
jects of the Qigong group practiced Qigong for 40 
minutes every day. The EEGs of the Qigong group 
were analysed every half year in meditation, and 
the EEGs were also recorded before learning 
Qigong. The students in the control group did not 
take part in the Qigong training and their EEGs 
were investigated at rest twice with an interval of 
one year. In the test, eight channels of EEGs were 
simultaneously processed by a computer on line 
for 20 minutes. The program, “computer evalua- 
tion system for the Qigong state” was provided 
by the “Laboratory of Bio-Control, Department of 
Electrical Engineering, Zhejiang University”. 

After one year of Qigong training, total co- 
herence between the left and right frontal regions 
increased from 0.84+0.07 to 0.8740.06 (p<0.05). 
Before Qigong training, the total coherence be- 
tween the left and right occipital areas was 
0.68+0.14. After half year’s training, it increased 
to 0.79+0.10, and after a year's training, it was 
0.76+0.10. Self comparison showed the probabil- 
ity p<0.001. The total coherence between the left 
and right temporal areas before Qigong training 
was 0.48+0.17. Half year after Qigong training it 
was 0.55+0.13, compared with that before Qigong 
training (p<0.05). One year after Qigong training 
it was 0.64+0.12. Comparing before and a half year 
after Oigong training p<0.001. 

Total coherence did not change significantly 
in the control group 


VIBRATIONAL TREMBLING, 


CHAOS, AND EEG 
Dale M. Patterson, MS, CACB, BCIA Certified 
Richard H. Lee, China Healthways Institute, USA 
[This article, published in China Healthways 
Newsletter, provides data collected from biofeed- 
back research conducted by Dale Patterson which 
shows that chaos increases alpha EEG induction.] 
Vibrational trembling appears to be a way 
memory is stored or processed in the physical 
body. Chaotic sound penetrates this field of vi- 
brational activity, softening this memory and al- 


lowing us to more easily let go of fixated thoughts, 
addictive desires, and compulsive actions. 

When someone is full of anger at being 
blocked from acquiring the object of desire, he 
may tremble extensively in the theta range of EEG. 
And when someone is overloaded with the stress 
of excess thinking (worry) and approaching a ner- 
vous breakdown, he will also tremble, but this 
time in the beta range. This excess vibrational ac- 
tivity consumes the body’s Qi and causes the per- 
son to become emotionally, mentally, and physi- 
cally rigid. 

Applying chaotic sound breaks up these re- 
peating patterns, often freeing the patient from 
frustration and worry. As the patient relaxes, ca- 
pacity to process thoughts and emotions increases, 
new answers are found, and the increased free- 
dom and flexibility are experienced as increased 
vitality. Thus, where physical memory inhibits 
healing, adding a chaotic alpha signal can accel- 
erate recovery. 


LABORATORY TESTING 

Dale Patterson, a board certified EEG techni- 
cian trained in biofeedback became intrigued with 
the QGM when one of his patients brought one 
in. He recorded EEG brain maps first with an early 
model of the QGM which produced a clinically 
sig- 
nifi- 
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cant 18% increase in Alpha. He then used the Q4 
with chaos which provided eight times the in- 
crease in alpha activity, showing that chaos in- 
creases induction of alpha rhythm in the EEG. 


CHAOS AND THE COLLEGE 


ENTRANCE EXAM 

Su Cheng Wu, Guangxi Medical Hospital 

[From China Healthways Newsletter: A medical 
researcher applied the Infratonic QGM to high 
school students preparing for the college entrance 
examination. | 

There was little chance that Li Wen Chao 
could ever attend college. As a high school senior, 
he had achieved only moderate grades in his 
courses and had done poorly on previous national 
examinations. Without very high scores in the 
China College Entrance Examination, Li would 
almost certainly spend his life in a menial factory 
or farming job, The College Entrance Examina- 
tion is terrifying, because everyone who faces it 
knows that only half of high school graduates will 
enter the nation's college system. Failure in this ex- 
amination is a common cause of suicide in China. 

Enter Su Cheng Wu, a medical researcher and 
Li's uncle. He had just completed a successful 
study involving infrasonic treatment of bronchial 
asthma (see page 28) and was searching for other 
subjects to study. He felt that stress, nervousness, 
and mental overload were the principal reasons 
that high school seniors failed the examination, 
and believed that the Infratonic OGM would in- 
duce the deep calmness and mental clarity of Al- 
pha into the students’ minds and bodies, helping 
them to relax and overcome the mental overload 
that causes brains to lock up during tests. 

For three days before the examination, Dr. Su 
went to visit his nephew's class and treated each 
patient by holding the machine on the upper back 
for five minutes and encouraging the student to 
talk about fears and tensions regarding the up- 
coming test. For students suffering from symp- 
toms such as headaches, dizziness, poor appetite, 
insomnia, and menstrual pain, he instead selected 
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and treated an appropriate point, usually along 
the front midline of the body. 

The results of this small test drew much at- 

tention. Li's class was average among the seven 
senior classes, yet performed the best by far. 
Whereas the average pass rate for the other six 
senior classes was 50%, 86% of the students in this 
class passed the examination and were placed in 
five year colleges! The other 14% got high enough 
scores that they were accepted to three year trade 
schools. Thus, 100% made it to some sort of col- 
lege. Li Wen Chao enrolled the next year at 
Guangxi Medical University to become a physi- 
cian. 
While it sounds unreasonable that a little cha- 
otic infrasonic sound can cause such a large in- 
crease in scores, the opposing view makes more 
sense. Stress and worry can shut down the thinking 
process. 


SEARCHING FOR JING, QI, 
AND SHEN IN WESTERN 


SCIENCE 

Traditional Chinese medicine (TCM) holds 
that three “vital treasures”, Jing, Qi, and Shen, are 
real substances which envelop the human body 
and are essential to life and healing. These are the 
fields through which Qigong masters work. Jing 
provides the genetic structure or the physical 
strength of the body. Qi is the life or vitality of the 
body, our energy level. And Shen provides the 
mind, or conscious aspect. TCM goes further, in- 
troducing three seeds of consciousness, the lower, 
middle and upper Dan Tians located in the lower 
abdomen, chest, and above the head respectively, 
which are born and mature through cultivation, 
providing awareness of the physical world 
through Jing, Qi, and Shen. 

This parallels the writings of Alice Bailey 
which present a three fold personality: the etheric 
body (Jing) is shaped by the emotional body (Qi) 
which, in turn, is shaped by the mental body 
(Shen). The substance of each body is produced 
by the physical body whereas the function of each 


body is to support a mode of consciousness. 

In “A New Science of Life” by Rupert 
Sheldrake a “morphogenetic field” is described 
as a vibrational field which surrounds and shapes 
living things as they organize. He argues that our 
genetic structure doesn’t contain, but rather tunes 
into the blueprint of the physical body through 
this morphogenetic field. He supports this with 
laboratory findings that as more and more ani- 
mals and humans are taught a new behavior, oth- 
ers of similar genetic makeup but physically sepa- 
rated from the first, learn the new behavior more 
and more quickly. Jing appears to be the TCM 
equivalent to the morphogenetic field of the physi- 
cal body. Qi and Shen might also support mor- 
phogenetic fields of their own. According to 
Sheldrake, these morphogenetic fields are pro- 
grammable, obtaining their initial programming 
from genetic structure, and being reprogrammed 
through experience and learning. 

Jing, from the standpoint of physics, might 
be a field of electrons in constant flux suspended 
in salt water throughout our bodies. The rhyth- 
mic movement of this electric field is measurable 
by EEG, EMG, and EKG. Electrostatic forces are 
very strong and it is conceivable that such a field 
can shape a physical body by catalyzing certain 
chemical reactions and moving certain molecules 
to the right place at the right time, causing, for 
example, differentiation between liver cells and 
brain cells in the embryo. 

If Jing is to vibrate freely it requires sufficient 
energy to have free flowing electrical charges both 
to resonate with the morphogenetic field and to 
fuel biochemical reactions. Ilya Prigogine, in “Or- 
der Out of Chaos”, proposes that life requires 
chaos, that higher forms of organization emerge 
out of chaos, and that raising the energy of a sys- 
tem allows it to reconfigure into a higher order of 
organization. From the standpoint of Jing, when 
biochemical activity exhausts the available elec- 
trochemical potential, chaos in the field of elec- 
trons has been exhausted. Then the physical body 
may become unresponsive, and illness may result. 
Research during long airline flights shows that, 
where crowding and recirculated cabin air reduce 


the availability of electrical energy in the air, 
people become depleted and develop exhaustion 
and succeptibility to illness and infection. When 
passengers wear portable air ionizers, which add 
electrical instability (chaos) to the air by ionizing 
it, they do not suffer from exhaustion and avoid 
illnesses from airborne bacteria. From the stand- 
point of physics, Jing might be the available elec- 
trical instability or chaos in the sea of electrons in 
the body. 

Qi might be a field of magnetic substance 
which can be measured because it makes the body 
more electrically conductive. Such diagnostic 
equipment as Ryodoraku and EAV are claimed to 
measure the Qi by measuring the electrical con- 
ductivity of meridians. High and balanced con- 
ductivity are associated with good health and vi- 
tality, and low or imbalanced conductivity is as- 
sociated with illness and debility. While the Qi 
may have little direct influence on the physical 
body, its ability to increase local electrical conduc- 
tivity gives it the ability to provide selective path- 
ways of decreased resistance which allows it to 
influence the flow of electrons, and thus, shape 
the Jing. Electrically conductive needles may give 
acupunceturists a similar ability. 

Analysis with Kirlian photography shows 
that washing the hands with tap water causes the 
electrical conductivity of the hand to decrease 
considerably. However, when the hands are 
washed with the same water which is first passed 
through a strong magnetic field, the electrical con- 
ductivity of the hands increases. (ref: Bioelectric 
Vitality — The Science of Human Energy by Lee) 
This tells us, first, that water can store and trans- 
port some sort of magnetic substance, and second, 
that this substance can be removed from or added 
to the human body. To illustrate this, Kirlian re- 
search on long jet flights reveals that reduced 
magnetic fields on airliners often cause those who 
have a TCM condition called Yin deficiency to 
have severe exacerbations of symptoms such as 
anxiety, nausea, headaches, dizziness, and rising 
heat. Placing a magnet on the body during the 
flight provides a source for magnetic substance 
and reduces the symptoms considerably. Qi might 
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be describable by physics as available magnetic 
activity within the body, though there appears to 
be much about magnetism that physics doesn’t 
yet know. 

Shen is described in traditional literature as 
mind or awareness, and often as light. If it is light, 
why can’t we see it? Modern physics tells us that 
an electron is really an electromagnetic wave, an 
x-ray, high energy light which has been somehow 
captured by the nucleus of an atom. Thus, it is 
conceivable that a field of light or electromagnetic 
energy could resonate around our physical bod- 
ies and remain unmeasurable, just as electrons 
orbit around a nucleus undetected. 

Shen may become visible when excited by 
electricity. Most people have Kirlian images which 
show smail balls of light surrounding the finger 
during the negative pulse and streamers, lines of 
light perpendicular to the finger surface, during 
the positive pulse. However, healers and artists 
who use their hands with enhanced awareness, 
often have a smooth glow around their fingers. 
(Kirlian photos of the balls and streamers and 
smooth glow are shown on page 58.) Some even 
have certain fingers with a smooth glow while oth- 
ers show the balls and streamers. It appears that 
only those fingers used intelligently have the glow. 
For instance, a person who principally uses three 
fingers for massage will find that those three will 
have the glow while the others have the balls and 
streamers. The fact that electrons act differently 
around a healer’s fingers is a big opportunity for 
physicists to investigate the nature of Shen, and 
to give us a better understanding of the special 
function abilities of Qigong masters and other 
healers. 


CONCLUSION 

Jing, Qi, and Shen are measurable with physi- 
cal equipment, and thus are subject to scientific 
study. These measurements correlate with states 
of health and rates of healing. Thus monitoring 
the strength of these fields in hospitalized patients 
and supplementing them when low may prove 
of value in reducing recovery time and saving 
lives. In addition to studying, monitoring and 
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supplementing these fields, it might also be pro- 
ductive to study how to increase a patient's reso- 
nance with his own morphogenetic field while de- 
creasing his resonance with that of a disease pro- 
cess. This may be a principal area where Qigong 
masters and other healers excel, while western 
medicine has little knowledge. Jing, Qi, and Shen, 
long considered nothing more than useful meta- 
phors by western scientists, may be very real sub- 
stances which unlock the door for western scien- 
tists to understand human vitality. 


THE ROLE OF CHAOS IN 


DISEASE AND HEALING 
Richard H. Lee, China Healthways Institute 

In the book, “Order Out of Chaos,” Ilya 
Prigogine offers that, when a structured system 
is energized, its chaos increases, allowing it to 
reconfigure spontaneously into a higher order of 
organization. This may explain the evolutionary 
progression on Earth from the simple structures 
to the highly organized life forms, from the help- 
less child to the capable adult who chooses to 
serve a yet higher organization, humanity. 

How can chaos be healing? Chaos is often 
thought of as unpredictable and destabilizing. It 
is the enemy of structure and overturns the law 
of the land. How is it possible that chaos can be 
harnessed to serve us? As an example: When 
someone's life is not working, when the basic or- 
der upon which they depend is failing them, and 
when they just want to run away, it may be time 
to “let go of life” in a way that nurtures the cre- 
ation of a new order within which the world again 
makes sense. 

Chaos is opportunity. Where there is rigid 
organization, there is little opportunity for restruc- 
turing. The best solutions often go ignored be- 
cause their implementation would require de- 
struction of some of the structure which holds an 
organization together. An organization which is 
flexible, receptive to new ideas, and free to adjust 
to changing circumstances, is willing to break 
down old structures for the sake of growth and 
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efficiency. Structure provides for certainty. Chaos 
injects uncertainty. With a high degree of chaos, 
an organization can quickly adapt to strange and 
unfamiliar circumstances without being held back 
by the inertia of structure. 

Within the human body, there is a great deal 
of structure. Physically we can have unnecessary 
chronic muscle tension, purposeless lumps, and 
other structures which don’t serve us. Emotion- 
ally, we can hold onto desires which repeatedly 
carry us down pathways of misery. Mentally, we 
can so fill ourselves with conflicting thoughts that 
we are unable to sleep and on the edge of ner- 
vous breakdown. Whenever a structure within us 
becomes inflexible, we experience pain. Blocked 
desire provides emotional pain, and conflicting 
world views cause mental pain. Flexibility allows 
us to face the unexpected with capability and en- 
thusiasm. We can run from the path of an ap- 
proaching car, or stop to pick up a dime. We can 
eat a bowl of bean sprouts and tofu as comfort- 
ably as a hamburger, attend a religious service of 
any denomination without concern for the cloth- 
ing of our creator, and be comfortable consider- 
ing philosophies of strict child rearing alongside 
newsletters promoting chaos. 

Random, unexpected events provide the 
chaos which exposes our rigidity, our unyielding 
habits, our crystallized beliefs. Sometimes these 
crystallized structures within us yield to the pres- 
sure but often they resist, sustaining the old ways 
despite conflicting forces and pain. And some- 
times the strain even becomes so great that a 
person’s entire world view shatters. This can be a 
hugely transformative event: 

The initial stress is experienced as pain, un- 
certainty, or fear of the unknown. We become des- 
perate to avoid further stressing of the crystallized 
structure so we hang on even tighter. Then the 
order governing our emotions and thoughts 
snaps, pops, or shatters. We burst into tears and 
watch as our life falls to shambles before our eyes, 
with seemingly nothing left for us to hang onto. 
We may feel an abrupt shift. Perhaps we experi- 
ence an immediate release or an exhilarating feel- 
ing of freedom and relaxation. At other times, we 


find ourselves drowning in the unknown, trying 
to hang onto the structure which just crumbled, 
unwilling to relax and trust that a new better struc- 
ture will form in its place. Sometimes we spend 
years trying to hang onto a crumbled, useless, and 
painful structure. 

Chaos is an opportunity to restructure our 
beliefs, habits, and physical bodies into a more 
flexible arrangement, more suitable to the un- 
known but anticipated future. Whenever we face 
a new situation, we have this opportunity. Every 
time we make a new choice or break an old habit, 
we increase our flexibility and expand our oppor- 
tunities. 

How do we nurture chaos? We start by look- 
ing for patterns which restrict our choices, con- 
sume our resources, and limit our beliefs. Watch- 
ing TV, smoking, recounting past experiences or 
gossip, consuming countless grams of animal fats 
and alcohol, spending endless hours or repetition 
in a job or relationship. Changing these patterns 
may be quite painful because of deep and exten- 
sive crystallization, but the result will almost cer- 
tainly be free time, vitality, new experiences, and 
an opportunity to make less restricted new 
choices. While choices made in anger are easiest, 
and often create more chaos, choices made with 
love usually provide a greater opportunity for 
growth. If shattering and reorganization occur 
within the emotion of anger, the new order will 
embody anger. If we immediately forgive and 
“love our enemy”, the new order within us will 
embody love and harmony. 


THERAPEUTIC CHAOS 

Richard H. Lee, China Healthways Institute 
[This article describes how chaotic infrasonic 
sound might work to penetrate the body, break 
up stagnation and accelerate healing. ] 

Over the past ten years CHI has been study- 
ing the Infratonic QGM, trying to determine why 
itis effective at accelerating recovery and decreas- 
ing pain. Until recently, our focus has been on the 
broad spectrum frequency band of infrasonic 
sound produced by the QGM which infuses the 
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local area, facilitating nerves and inducing Alpha 
brainwave activity, facilitating nerve transmission 
between the brain and the local site of pain. This 
is a plausible mechanism, but there appears to be 
more to if. 

As we experimented chaos surfaced as an 
“active ingredient.” We built prototypes with ad- 
vanced microprocessor technology which pro- 
duced an almost purely chaotic signal. In testing 
we found that these new units penetrated more 
deeply and stimulated resistant areas of the body 
which other therapies could not penetrate. 

It appears that our thoughts and emotions are 
strongly affected by sound, and that the body de- 
fends itself against outside vibrational signals by 
anticipating and setting up signals which cancel 
them out. This may be why someone speaks 
loudly when he wants to persuade us of an idea, 
and why we may shout back to defend our own 
position, and why it is difficult to read or think 
clearly while sitting in a noisy park in a big city, 
or ina windstorm, or with loud music playing. It 
seems that it is difficult to sustain one’s own com- 
plex thoughts when noise is jumbling them. 

Many of the emotions and thoughts we hold 
within us can be the cause of chronic illness, pain, 
and slow healing. We might even be carrying some 
of these patterns from childhood, or pick them up 
from chance encounters or spooky movies. Like a 
computer virus, they are lurking among thoughts 
and beliefs which make up our personality. Those 
emotions and thoughts which are causing health 
problems are part of what Qigong therapists call 
"ha d Qi.” 

Our ability to filter out recognizable sounds, 
while allowing us to maintain our own thoughts 
and emotions, is a major barrier to the effective- 
ness of therapy devices like TENS, ultrasound, 
and massagers. If we receive a therapeutic treat- 
ment from such a device, it may provide some 
relief but will only affect those surface vibrational 
patterns which are ready to let go. Thus many 
therapy devices relax muscles to some degree. But 
as soon as the therapy begins to intrude on domi- 
nant beliefs or emotions we automatically iden- 
tify the invading signal and filter it out. Thus, pre- 
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dictable therapeutic signals can only do so much. 

While we can defend against rhythmic sig- 
nals, our old attitudes and emotions are defense- 
less against the random sound of a chaos therapy 
device because it is unpredictable. It simply goes 
past our vibrational defenses and softens all 
thoughts and emotions in the target frequency 
range. This may be why, after a treatment, people 
feel calm, clear thinking, and liberated from the 
problems and worries of life. A big part of what 
they are feeling may be the abundance of energy 
which is released when old unnecessary thought 
and emotion patterns dissolve, releasing the Qi, 
the substance that was vibrating to maintain them. 

It is not just “bad Qi” that is softened by cha- 
otic infrasonic sound. All structures, thoughts and 
emotions, may be softened as acoustical chaos 
increases in the body. Since accelerated healing of 
broken bones and sprained tendons is often re- 
ported, chaotic sound may soften these solid 
physical structures as well. This parallels the first 
step in Qigong therapy, emitting Qi to soften and 
liquefy the stagnant Qi. 

The second step is to sweep “bad Qi” down- 
ward and out the feet. This may be a process of 
removing old vibrational structures which have 
been freed to move but have not entirely dis- 
solved. Therapists have found that using chaotic 
infrasonic sound to sweep from the area of pain 
down the body and out the feet after treating the 
pain is often more effective than treating the point 
of pain alone. 

The third step in Qigong therapy is to create 
a nurturing Qi field to allow the remaining Qi to 
harmonize, nurturing the emergence of a new 
order out of the chaos. The Infratonic OGM helps 
to do this by infusing the body with alpha EEG 
activity. Whereas the theta rhythm is associated 
with our individual identity and our relationship 
with the physical world (and our sense of ego and 
self importance), and the beta rhythm is associ- 
ated with planning and thinking (stress and 
worry), alpha is all about relationships, putting 
the group before the individual. This may be why, 
after a OGM treatment, patients become more 
“compliant” in a doctor’s office and people find 
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that interpersonal conflicts are easier to resolve. 
This process may also occur on the cellular level 
toward healing and disease resolution as “bad Qi” 
is removed and the body’s cells and organs can 
reorganize along the lines of teamwork and har- 
mony. 

Qigong therapy can be understood in terms 
of chaos theory. As we let go of old structure, we 
have an increase of chaotic or undefined energy, 
which then can transform into a higher order of 
organization which handles all previous require- 
ments in a new way and has left over capacity for 
new endeavors. 


IMPLICATIONS OF 
SCIENTIFIC QIGONG 


RESEARCH 

The findings of the scientific research into 
human vitality have implications in broad areas 
of science and medicine. 

1. Emitted Qi has strong measurable effects in 
health, healing, physiology and mental func- 
tioning. The presented research will encour- 
age scientists around the world to seek deeper 
understanding of this phenomenon. 

2. As human vitality becomes better understood, 
both in terms of measurable fields which sur- 
round the body, and chaos and consciousness, 
it will be integrated into the American health 
care system. Monitoring and treating patients 
accordingly will significantly improve recov- 
ery rates and shorten hospital stays. 

3. Qigong exercises are effective tools for the in- 
dividual to cultivate rapid healing and vital- 
ity. In addition, many who overcome chronic 
illness through Qigong practice will develop 
the ability to help treat others through the 
emitted Qi. 

4, For those who are caught in the frenzied 
thinking of busy city life, practice of Qigong 
and other forms of concentration and medi- 
tation exercises is an answer. Qigong simula- 
tors help to get people started in their relax- 


ation and Qigong exercises by relieving pain, 
promoting deep relaxation and mental clar- 
ity, and providing evidence that the phenom- 
enon is real. 

. As the principles of human vitality are ac- 
cepted in families, children will learn that 
their feelings of energy flowing through their 
bodies are normal, and that their awareness 
of these feelings is valuable. Just as children 
quickly learn the language that their parents 
speak, these children will learn to understand 
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and use Qi if their parents accept and discuss 

it. 

The Chinese scientific investigations into 
Qigong establish the phenomenon of emitted Qi 
as a real and fertile area of scientific study. Qigong 
teaching centers and Qigong simulation devices 
are already making a difference. Further studies 
into the nature of human vitality and inventions 
coming out of this ongoing research will do much 
to shape the 21st century. 
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INTRODUCTION 

This third Appendix includes research infor- 
mation on the physiological and energetic mecha- 
nisms triggered within the body, when stimulated 
through Medical Qigong therapy, Taijiquan or 
Yoga. This information was collected by my good 
friend Roger Jahnke, OMD, Director of the Qigong 
Department at the Santa Barbara College of Ori- 
ental Medicine, Santa Barbara, California. Mr. 
Jahnke is a doctor of Acupuncture and Oriental 
Medicine, and has studied extensively in China 
and abroad, learning Traditional Chinese Medi- 
cine and refining his clinical ability since 1967. 

Doctor Jahnke is also the Director of the 
Health Action Clinic in Santa Barbara, California, 
and was one of the founding Board members of 
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the National Qigong Association. He has written 
a Medical Qigong book entitled, “The Healer 
Within: Using Traditional Chinese Techniques to 
Release Your Body’s Own Medicine.” 

This third Appendix is a continuation of the 
research devoted to the scientific approach of ana- 
lyzing and scrutinizing the claims made as to the 
actual effectiveness of Medical Qigong Therapy 
as a clinical modality. The result on the effective- 
ness of Medical Qigong Therapy as a solid and 
effective clinical modality being positive in con- 
clusion. 

The following information in this third appen- 
dix represents but a fraction of Dr. Jahnke’s find- 
ings, however, I am confident that the reader will 
find the data fascinating. 


Dr. Jerry Alan Johnson May 2000 
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THE PSYCHOLOGICAL AND ENERGETIC MECHANISMS 
TRIGGERED IN THE HUMAN SYSTEM BY THE SELF- 
APPLIED HEALTH ENHANCEMENT METHODS QIGONG, 


TAIJI, AND YOGA 


Roger Jahnke, OMD 
Director of the Qigong Department 
Santa Barbara College of Oriental Medicine 


Western science has very clearly delineated 
numerous physiological systems: the digestive 
system, the nervous system, the cardiac system, 
etc. However, what might be called the “healing 
system” has not been discussed or clearly defined 
until recently. Medicine has uncovered many of 
the pathological processes that occur within the 
recognized systems and defined clinical strategies 
for their resolution. Strategies for enhancing the 
“healing system,” however, have not been ad- 
dressed by conventional science or medicine. 

Numerous cultures, typically considered to be 
scientifically unsophisticated, actually noted and 
described the “healing system” long ago. The 
Chinese in traditional Chinese medicine, and the 
Asian Indians in Ayurvedic medicine, simulta- 
neously developed elaborate theories of the func- 
tion of the “healing system,” and over thousands 
of years refined strategies for enhancing its func- 
tion to produce a remarkable endogenous re- 
source for self-repair. This internally generated 
healing resource is called an “inner elixir,” liter- 
ally a medicine produced within the human sys- 
tem. 

In addition to specific clinical methods such 
as acupuncture, herbal therapies and tissue ma- 
nipulation (massage and articular adjustment), 
these ancient cultures also created comprehensive 
health enhancement and self-healing systems to 
assist people in improving their own capacity to 
heal. Collectively such methods have been called 
the self-applied health enhancement methods 
(SAHEM). 1 Typically SAHEM includes breath 
practice, relaxation and regulation of the mind and 
nervous system through meditation, purposeful 
adjustment of the body posture with gentle move- 


ments and self-applied massage. 

Qigong (also Chi Kung) from China and Yoga 
from India are ancient methodologies developed 
and refined over thousands of years specifically 
for sustaining and enhancing the “healing sys- 
tem.” Qigong and Yoga, while they are histori- 
cally based on the cultivation of factors unknown. 
to the West (China—Qi and India—Prana), actu- 
ally have specific effects on well known physi- 
ological mechanisms that are fully understood by 
Western science. 

While there are many subtle aspects of hu- 
man physiology that are triggered or accelerated 
by the practice of the SAHEM (including an 
emerging new understanding of “energetics,” 
“bio-energetics” or “the electro-physiological sys- 
tem) the following three areas of conventional 
physiology make up a major portion of the physi- 
ological function of the “healing system” and are 
enhanced by the practice of the SAHEM. 

1. Oxygen Delivery 
2. Lymph Generation and Propulsion 
3. Brain and Neurological Activity 

The following sections will address each of 
these aspects. Other important mechanisms ef- 
fected by the SAHEM including co-enzymes, an- 
tioxidants, connective tissue, precursor hierar- 
chies, stem cell morphology , etc. do not fall into 
the scope of this paper and their discussion must 
be held for the future. The domain of subtle en- 
ergy based mechanisms for the SAHEM effect will 
be explored briefly in conclusion. 


OXYGEN 
The Chinese knew about the circulation of the 
blood approximately 2000 years before William 
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Harvey described it in 1616 (Temple and 
Needham, 1986; Veith, 1972)). They knew about 
the energy generating relationship of food and air 
2300 years before the elaboration of the oxidation 
feature of the Krebs cycle. The simplicity of the 
ancient Chinese formula for metabolic activity, 
understandable even by children, encourages wise 
use breath and food as health enhancing factors 
This is how Chinese grandmothers have passed 
health wisdom to children. Note that such simple 
wisdom is uncommon in the grandmothers of sci- 
entific cultures today. 

It is often asked what difference there is be- 
tween Qigong, Yoga (or other mild SAHEM) and 
the more vigorous conventional fitness methods 
like running, lifting weights, power biking and 
aerobic exercise. One way to discuss this is to trace 
the oxidation and energy cycle. In both aggres- 
sive, vigorous exercise and mild exercise the body 
naturally produces a powerful mix of metabolic 
resources. In vigorous exercise this is typically 
called a fuel. In the mild fitness systems of an- 
cient cultures this inner resource has historically 
been called a medicine, or an elixir. 

In vigorous exercise this oxygen induced re- 
source is spent as fuel for hungry muscles. In the 
milder forms of SAHEM this resource is not com- 
pietely spent, instead it is circulated internally and 
utilized as an internal reserve of self-repair fac- 
tors to sustain and heal the tissues, organs and 
glands. At the advanced levels of Qigong this en- 
dogenous medicine is believed to be transformed 
into an elixir of longevity and wisdom. 

Increased oxygen availability from practice of 
SAHEM has three potential effects, it: 

1. supports energy (ATP, AMP, ADP) generation. 

2. generates water as a by product of energy 
metabolism. 

3. enhances immune function. 


ENERGY GENERATION 

The energy necessary for cellular processes 
and body heat regulation is supplied through the 
reaction of oxygen and glucose, in the presence of 
adenosine triphosphate (ATP). The combination 
of oxygen from air and sugar from food is cata- 
lyzed by ATP releasing chemical energy (ergs) 


which accomplishes all cellular processes. ATP is 
the basic energy storage and energy transfer mol- 
ecule in the body. 

The oxygen carrying capacity of the blood and 
the energy catalyzing ability of ATP are critical 
factors in the ability of the human organism to 
sustain a high level of vitality. This suggests that 
oxygen and ATP may be related to what the Chi- 
nese call “Qi” and what the Asian Indians call 
“Prana,” the vital force or life energy. Chinese 
medicine distinguishes several aspects of Qi. Zhen 
Qi (Genuine, True or Normal Energy) is the basic 
dynamic force of all vital function. Ying Qi (Nu- 
trient Energy) is the dynamic force which fuels 
cellular work (Kaptchuk, 1983). The interaction of 
oxygen, nutrients and ATP is apparently a physi- 
ological process that is a direct correlate of one 
particular aspect (there are many) of the activity 
of the Qi. 

In Chinese research it was observed that blood 
levels of ATP increase with practices which culti- 
vate Qi (Wang, 1988). When the mysterious prac- 
tice of Qi emission (projecting Qi) was performed, 
the practitioner’s ATP levels decreased signifi- 
cantly. Emission of Qi results in a decrease in 
stored ATP (or potential energy) as recognized by 
Western physiological science. 

The SAHEM activate the body’s energy me- 
tabolism cycle. The Chinese call this the “cycle of 
the transformation of energy” (Jahnke, 1989). In 
the West it is called the Krebs cycle, and has been 
nicknamed the “bioenergetic cycle.” 

In the West, ancient medicine is generally 
characterized as unscientific, superstitious or even 
primitive. Therefore, the Chinese “formula” for 
the transformation of energy (Qi) seems overly 
simplified: 

Gu Qi + Kong (Qing) Qi = Zhen Qi 
or energy of food + energy of air = essential body 
ene 

Gu Qi (grain Qi, or food Qi) is the essence or 
life force of food. It mixes with Kong Qi 
(Kaptchuck, 1983) or Qing Qi (Kendall, 1989) 
(natural air Qi), the essence or life force of air to 
form Zhen Qi (Genuine, True or Normal Qi)} 
which is the life force of the body (Veith, 1972; 


Kaptchuck, 1983; Kendall, 1989). 

However, it is this same basic formula, hid- 
den in the complex vocabulary of Western science, 
that is used in modern physiology: 

60, + C,H,,O, = ATP = ergs + 6CO, + 6H,O 
air + glucose = catalyst = energy + carbon dioxide 
+ water 

It seems that the Chinese knew, without a 
particularly refined scientific method, that only a 
portion of the air and food, the Qi or essence, was 
employed in the process. In fact only 21% of air is 
oxygen and glucose is approximately 60% of food. 
(Guyton, 1992) 

Science has been exploring energies, beyond 
metabolic energy (ergs), within the human sys- 
tem including the migration of ions, the ionic gates 
in cell membranes, the ionic discharge along neu- 
rological pathways and the electrical discharge 
that causes the beating of the heart. The overall 
understanding of body energetics will increase 
significantly as science explores the extent to 
which Qi is linked to these known physio-ener- 
getic mechanisms. The interaction of oxygen, glu- 
cose and ATP is likely only one energetic aspect 
of the beneficial effects of Qigong and other 
SAHEM. 


WATER PRODUCTION 

A second critical benefit of increased oxygen 
metabolism is linked to the cellular production of 
water as a by-product of the energy production 
cycle noted above. (Shields, 1989) This water is 
incorporated in interstitial fluid, lymph, blood 
serum, cerebrospinal fluid, synovial fluid, tears, 
sweat, etc, 

Coincidentally, the energy which fuels the 
work of the cells as well as much of the water 
which contributes to the lymphatic fluid and other 
body fluids have the same source: metabolism. 
Metabolism is gently increased by all of the 
SAHEM. In addition, while the metabolic produc- 
tion of ergs also produces water, it is also intersti- 
tial water that has been found to conduct the 
physiologic flow of ions internally. 

The benefits of the practice of health enhance- 
ment and self-healing methods upon the water 
component of the endogenous self-repair resource 
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will be further explored in the section below on 
the lymphatic system. The bionic conductance will 
be explored briefly under energetic mechanisms. 


IMMUNE FUNCTION 

ATP drives the activity of every cell. Immune 
function as well as the production of immune re- 
sources (white blood cells, lymphocytes, T-cells, 
killer cells, etc.) are dependent on oxygen avail- 
ability. It has been shown that exercise can mobi- 
lize the effect of natural killer (NK) cells. 
(Pedersen, 1988) However, in individuals who 
exercise so vigorously that they exceed the aero- 
bic level and cross the anaerobic threshold, im- 
mune function is actually decreased (Brahmi, 
1985; Fehr, 1989). 

The scientific evidence is strong on two points: 
1) oxygen deficiency leads to decreased immune 
function and 2) moderate amounts of mild exer- 
cise increase immune function. 

In his research, Nobel Prize recipient Otto 
Warburg found that oxygen deficiency was typi- 
cally supportive of cancer cell proliferation 
(Warburg, 1966). There are numerous studies that 
associate reduced lung volume and oxygen ex- 
change capacity with increased mortality and re- 
duced resistance to disease (Gordon, 1970; Cullen, 
1983). In studies with elders, immunodeficiency 
was found to be one consequence of reduced oxy- 
gen metabolism. (Saltzman, 1987). 

Oxygen’s effect on immune function was 
demonstrated in a German study. It was found 
that in elderly injured, stressed and hospitalized 
individuals the arterial oxygen content is often 
reduced from normal levels. Administration of 
oxygen was found to elevate the arterial oxygen 
content and increase recovery rates. Interestingly, 
the experimental addition of germanium to the 
treatment protocol in the study further accelerated 
the healing process (Liem, 1985). Germanium is 
known to accelerate oxygen metabolism. 

These mechanisms associated with oxygen’s 
role in the endogenous “healing system,” are natu- 
rally occurring and optimal in healthy individu- 
als. One or several of these mechanisms may be 
deficient in individuals who are ill or at risk for 
disease. These mechanisms are all enhanced by 
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the gentle movement, focused breath practice and 
relaxation that occur in the practice of Qigong, 
Yoga and other SAHEM. 


LYMPH SYSTEM FUNCTION 

The lymphatic system has been largely ne- 
glected in the conventional Western scientific tra- 
dition. Contrasted with cardiac function, for ex- 
ample, the lymph function is relatively unex- 
plored. Perhaps, because lymph and lymph ves- 
sels are generally translucent, they drew little at- 
tention in early anatomical study compared to 
organs, blood vessels, muscles and bones. 

Hippocrates and Aristotle referred to “white 
blood” and “colorless fluid.” In the Middle Ages 
medical knowledge declined and the lymph was 
temporarily forgotten. Not until 1627 did Asellius, 
in Milan, recover the knowledge of the lymph 
(Rusznyak, 1976). The structure and action of the 
lymph system was still undefined by 1900 (Yoffey, 
1970) and both the immunological function of the 
lymph and the actual lymphogenic process are still 
not clearly understood even as we enter the 21st 
century. 

However, in Asia, medical practice is based 
on meticulous observation of whole organisms— 
the whole person and the totality of integrated 
functions. Even though the discrete lymphatic 
function itself was unknown and unnamed, its 
effects were generally ascribed to the proper ac- 
tion of the Qi and fluids in China or the Prana 
and fluids in India. Even though the lymph, as 
such, was unnamed by Asian physicians, elabo- 
rate methods for generating and circulating lymph 
were developed, and faithfully practiced through 
Qigong, Yoga and other self-care practices. 

When these practices are viewed in relation 
to what is now known about lymphatic function 
and its healing role, it appears that much of 
Qigong, Tai Chi, Yoga and Pranayama were de- 
veloped specifically with the enhancement of lym- 
phatic function in mind. Breath, movement and 
postural modification as well as meditation have 
specific effects on the circulation of the lymph and 
therefore enhance the overall function of the lym- 
phatic system. 


In the West science has divided the body flu- 
ids into specific categories: blood, lymph, cere- 
brospinal fluid, synovial fluid, extracellular fluid, 
intracellular fluid. From the paradigm of the West 
it seems that the unsophisticated Chinese may 
have overlooked important information with their 
broad, non-specific view of “Qi, blood and body 
fluids.” However, the lymph fluid is largely in- 
terstitial biological water. This becomes an aspect 
of blood plasma (Rusznyak, 1976). Plasma and 
lymph both contribute water to the cerebrospinal 
fluid, part of which migrates back into the lym- 
phatic system (Bradbury, 1985). This cycling of 
fluid (essentially water) from one system into an- 
other validates the Chinese approach of thinking 
of the all various fluids in a single continuum: sim- 
ply as “body fluids.” 

Recent discoveries have demonstrated that 
electrical energy in the form of ion streams mi- 
grate throughout the body (Nordenstrom, 1983). 
The conductance medium for this energy flow 
system (which will be discussed in the energetic 
section of this article) is biological water in its 
numerous contexts including lymph, blood se- 
rum, interstitial fluid, etc. 

The practice of SAHEM activates a number 
of remarkable self-healing mechanisms associated 
with the lymphatic system: 

1. Lymph generation 

2. Lymph propulsion 

3. Immune function 

4, Cerebrospinal fluid circulation 
5. Nutritive function 


LYMPH GENERATION 

The actual generation of the lymph has long 
been attributed to the filtration of blood plasma 
from the capillaries (Adair and Guyton, 1985). As 
recently as 1985 this was recognized as the pri- 
mary source of the lymph. This idea overlooks a 
significant detail that is at the crux of the tremen- 
dous health benefits of Qigong and Yoga: a sig- 
nificant portion of the water in the body's fluids 
is produced by the identical physiological process 
that generates the body’s biological energy as dis- 
cussed in the previous section on oxygen (Shields, 
1989). Just as an individual respires to sustain life, 


each cell is also respiring. For each gram of glu- 
cose metabolized, in excess of a gram of water is 
produced. 

Ina moderately active 70 Kg human, between 
2100cc and 2800cc of lymph enters the blood 
stream daily at the sub-clavian vein through the 
thoracic duct. In a resting individual the calcula- 
tions of the Krebs cycle show that the cells pro- 
duce approximately 950cc (Shields, 1989) of this 
daily water flow. In a person engaging in moder- 
ate exercises, such as Qigong or Yoga (or walk- 
ing), up to 1400cc of aerobically generated water 
can be produced daily. When an individual is prac- 
ticing some sort of moderate body activity, as 
much as one half of the water that is produced 
and propelled through the lymph system is a by- 
product of cellular metabolism. Increased lymph 
flow improves the elimination of the by-products 
of metabolism and pathogenic factors (both con- 
sidered toxins) and increases the circulation of 
immune factors. 


LYMPH PROPULSION 

The blood’s circulatory system has the pow- 
erful heart muscle to propel its fluid. The lymph, 
however has no distinct heart in humans. It was 
understood that the movement of lymph against 
gravity is accomplished by the contractions of the 
skeletal musculature through vessels with one 
way valves in a uni-directional system. Nothing 
new emerged until the mid 1900’s when studies 
revealed that birds and reptiles have specific 
lymph hearts (Shields, 1980). Even as late as 1941 
important aspects of lymph propulsion mecha- 
nism remained obscure (Drinker and Yoffey, 1941). 

By 1949 “spontaneous, intrinsic pulsatory 
contraction of the peripheral lymphatic vessels” 
was demonstrated in humans with a rhythm 
unassociated with either the heart or the breath 
(Smith, 1949; Olszewski, 1979). 

The current literature is crowded with a wide 
range of questions raised by research specifically 
on lymph propulsion: What factors might stimu- 
late the intrinsic contractile mechanism? Is it con- 
sistent throughout or differentiated, by what re- 
gional factors? By what autonomic and neuro- 
endocrine factors is intrinsic contractility modi- 
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fied? These are just a few of the questions. The 
study of SAHEM will accelerate our ability to an- 
swer these and other more general questions on 
the lymph system such as: What regulates lymph 
protein concentration? What effect does passage 
through the lymph nodes have on the prolifera- 
tion of immune cells from within the nodes 
(Olszewski, 1985)? And what is the nutritive role 
of the lymph (Shields, 1972)? 

The breath, through two mechanisms, has a 
significant effect on the propulsion of the lymph: 
1). aerobic production of water and 2). mechani- 
cal pumping of the breath apparatus, lungs and 
diaphragm. Several additional propulsive mecha- 
nisms are initiated by body movement and body 
posture. 

Tentative agreement now exists on at least five 
mechanisms which comprise the “lymph heart” 
and are activated by the SAHEM, including: 

. aerobic production 
intrinsic smooth muscle contraction 
contraction of striated skeletal muscles 
. gravity 
. breath apparatus: lungs, rib cage and dia- 
phragm 
Aerobic Propulsion. The aerobic production of 
water contributes to lymph propulsion mechani- 
cally. The cellular production of water, as a by- 
product of oxygen metabolism, is increased by 
dynamic Qigong and Yoga practice. The liquid 
holding capacity of the tissue spaces is naturally 
limited. As the limit is reached, the presence of 
additional lymph drives the excess into the ter- 
minal lymphatic vessels, the initial vascular open- 
ings of the lymphatic system (Yoffey, 1970: Adair, 
1985; Shields, 1980, Olszewski, 1985). Like a cup 
that is running over, the interstitial space fills, 
building volume and pressure, and then flows 
over into the lymph vessels. 
Intrinsic Smooth Muscle Contraction. The auto- 
matic response of the smooth muscle tissue of the 
lymphatic vessels and the peripheral lymphatic 
capillaries is to contract when filled and stretched 
to a certain tolerance (Olszewski, 1985), This con- 
traction moves the lymph forward, with the as- 
sistance of the one way valves, in much the same 
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way as the contraction of the heart moves the 
blood (Bradbury, 1985). In Qigong and Yoga this 
mechanism is accelerated by the increase in me- 
tabolism from gentle movement which contrib- 
utes to lymph volume. 

A number of studies have demonstrated that 
the intrinsic mechanism is also triggered when the 
overall sympathetic aspect of the autonomic ner- 
vous system is modified by the parasympathetic. 
Therefore, he intrinsic contractility mechanism is 
accelerated or enhanced by the shifting into the 
deeply relaxed state that is a primary feature of 
SAHEM practice. 

Striated Skeletal Muscle Contraction. Even 

slight contraction of skeletal muscles in mild 
health enhancement practices propels the lymph 
in the one way vessels. In the more dynamic prac- 
tices the pumping of the skeletal muscles and com- 
pression of the body parts increases interstitial. 
The effect of muscle contraction on lymph is one 
of the classic explanations for lymph motion 
(Adair, 1985, Bradbury, 1985). In Qigong and Yoga 
this mechanism is triggered by the mechanical 
action of the musculature and the action of the 
skeleton through the relaxation and contraction 
of the striated muscles in the movement forms of 
the practice. 
Gravitational Propulsion. Because gravity exerts 
such a substantial force and because lymph has 
so far to climb to get to the thoracic duct’s entry 
into the sub-clavian vein (at the base of the neck), 
any inversion of the limbs or even the prone body 
position allows for a more free flow of lymph. In 
keeping with this, elevation of the limbs is often 
prescribed for health problems characterized by 
a pooling of interstitial fluids, edema. 

In SAHEM, many postures and movements 
create this mechanical dynamic where the lymph 
is actually propelled by gravity. In certain walk- 
ing forms, Tai Chi and Guo Lin Qigong are the 
most renowned, the practitioner is constantly but 
slowly moving all of the limbs in beautiful circu- 
lar motions that recurrently activate this mecha- 
nism. In Yoga many of the asanas (postures) in- 
vert the limbs. In the head and shoulder stands 
the whole body is inverted. 


Breath Apparatus: Mechanical Propulsion. The 
most powerful of the array of mechanisms that 
work together to form the “lymph heart” is the 
mechanical action of the breathing apparatus it- 
self (Sheilds, 1980). The concentration of lymphoid 
tissue above and below the diaphragm is many 
times more dense, and contains greater fluid vol- 
ume, than any of the lymphoid tissue at the pe- 
riphery, or even in the moderately prolific lym- 
phoid areas of the axilla or groin (Adair, 1985). 
Lymph that has been carried from all over the 
body, accumulates centrally and is then propelled 
by the breath/ diaphragm in a final rush through 
the thoracic lymph duct into the blood at the sub- 
clavian vein where it leaves behind its identity as 
lymph and is transformed into blood serum 
(Shields, 1981). 

Above the diaphragm the thoracic duct of the 
lymphatic system is a central collecting vessel. Its 
size is many times that of the peripheral lymph 
vessels. Below the diaphragm a substantial dila- 
tion of the thoracic duct forms a collecting cap- 
sule for lymph, called the cisterna chyli. Chyle is 
amilky fluid of nutrients absorbed from the smail 
intestine, which is passed into the circulating 
blood through the thoracic duct. 

When full inspiration of the breath occurs, the 
diaphragm drops downward. A tremendous pres- 
sure is exerted on the cisterna chyli and a great 
negative pressure is generated in the thoracic cav- 
ity. The compressed cisterna chyli shoots lymph 
upward through the thoracic cavity. As air rushes 
in to balance the negative thoracic pressure, the 
lungs are fully expanded. This creates a powerful 
positive pressure which compresses the thoracic 
duct. Due to the one way lymphatic valvular sys- 
tem, lymph is forced upward where it enters into 
the sub-clavian vein with a rush. 

Simultaneously, when the diaphragm drops 
downward on full inspiration it also compresses 
the abdominal and pelvic organs. The contents of 
the lymphoid reservoirs and vessels are forced by 
the same arrangement of one way valves forward 
in the system. In research with moving X-ray film, 
study subjects explored various actions and breath 
patterns. It was demonstrated that deep inspira- 


tion pumps the lymph at a rate that is dramati- 
cally greater than resting inspiration and other 
activities, including massage and walking 
(Shields, 1981). 

It is fascinating to note that in Traditional 
Chinese Medical theory it has been taught for sev- 
eral millennia that the “lungs regulate the water 
passages” (Xie Zhu Fan, 1988). To Westerners this 
seems quite strange. The kidneys are considered 
to be responsible for water regulation. How could 
the Chinese have known that the activity of the 
lungs and diaphragm were linked to moving the 
body’s internal water supply? Even now as we 
enter the 21st century Western science, and espe- 
cially average Western citizens, have little idea that 
the simple act of regulating the breath is such a 
profound healing tool. However, here we can see 
that the Chinese somehow arrived at a kind of 
remarkable wisdom about how the lungs, the 
breath and the oxygen literally cooperate to pro- 
duce and circulate the healing resource of water 
in the body. 

IMMUNE FUNCTION 

The immunoactive aspect of the lymphatic 
system is well represented in the conventional lit- 
erature of Western physiology (Drinker, 1941; 
Bradbury, 1985; Olszewski, 1985; Van Rooiijen, 
1987). The bone marrow, thymus, spleen and 
lymph nodes participate in the interaction of the 
lymph and immunity. The composition of the 
lymph fluid itself includes a number of immune 
active agents such as lymphocytes and macroph- 
ages (Olszewski, 1985). 

Lymphocytes that exit with the lymph fluid 
from the nodes come from three sources: 1) 
inflowing with lymph from the tissues in the pe- 
ripheral vessels, 2) exchanged from the blood that 
enters the node’s own vascular system and 3) 
formed by local proliferation in the node itself 
(Bradbury, 1985). Lymphocytes naturally collect 
within the node, especially when lymph flow is 
sluggish. Greater numbers of cells proliferate 
when lymph flow is greater and the numbers cir- 
culated out of the node increase with flow vol- 
ume as well (Adair, 1985). Both the numbers 
immunoactive cells and their circulation rate are 
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increased by the deepening of the breath, relax- 
ation and the alternating contraction and releas- 
ing of the musculature in the gentle practices of 
Qigong and Yoga. 

Excellent recent research has clearly delin- 
eated, localized and quantified the development 
of specific antibody forming cells in lymph nodes 
(Van Rooijen, 1987). In addition, it has been found 
that there are neurotransmitter receptor sites on 
lymphocytes where they actually interface with 
the neuropeptides that drive immune function 
(Smith, 1985). This is one of the important links 
between neurochemistry and immunity that is 
mediated through the lymph system and opti- 
mized by the practice of the SAHEM which also 
increases the numbers of circulating immune cells 
and accelerates their rate of delivery. 


CEREBROSPINAL FLUID (CSF) 

The cerebrospinal fluid (CSF) system was clas- 
sically perceived as a closed system, though an- 
other view, unconventional for many years, held 
that CSF was actually circulating in an open sys- 
tem that allowed the fluid to flow through the 
aracnoid villi and into the venous blood. By the 
1970's it was generally acknowledged that the CSF 
travels along the cranial and spinal nerves and 
into the perineural lymphatics (Kimber, 1977). 

Research using the microinjection of tracers 
has suggested several possible pathways for the 
passage of both the CSF and the cerebral intersti- 
tial fluid (CIF) to exit the aracnoid space 
(Bradbury, 1985). By 1985 the flow of CSF and CIF 
into the lymphatics was well documented 
(Bradbury, 1985). Consideration has even been 
given to the effects of pressure and posture on this 
flow (Bradbury, 1985), both of which are primary 
effects that are enhanced in the practice of Qigong, 
Taiji and Yoga. 

The presence of CSF in the lymphatic system 
and the presence of neurotransmitter receptors on 
immune cells (Covelli, 1988) suggests a powerful 
benefit of the SAHEM on the interaction between 
neurotransmitters and immune function in the 
reticulo-endothelial system. 


NUTRITIVE (TROPHIC) FUNCTION 
The importance of a broad availability of nu- 
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speech, irrational or catatonic behavior, such 
as stupor, rigidity, or flaccid movement of the 
limbs. The ability to interact with others is 
greatly impaired. 

Selera - a tough white fibrous tissue that covers 
the white of the eyes. 


Sea of Blood (Sea of the Twelve Channels) - 
pertaining to the Energy located in the Thrust- 
ing Vessel. 


Sea of Energy - Energy located in the Lower 
Dantian, or Qi Hai area. 


Sea of Grain and Water (Sea of Nourishment) 
- pertaining to the Energy located in the Stom- 
ach. 


Sea of Marrow - pertaining to the Energy flow- 
ing in the spinal column and brain, originat- 
ing from the Kidneys. 

Sea of Qi - the chest center. Some Medical 
Qigong schools maintain that there are two 
reservoirs of Qi: the Middle Dantian, being, 
the Sea of Postnatal Qi, and the Lower 
Dantian, being the Sea of Prenatal Qi (which 
is regulated by the Qihai CV-6 point). 

Sea of Yang Channels - pertaining to the Gov- 
erning Vessel. 


Sea of Yin Channels - pertaining to the Con- 
ception Vessel. 


Self Regulation Therapy - pertaining to the 
patient’s Qigong prescriptions (meditations 
and / or exercises). 

Seven Emotions - see Seven Internal Factors. 


Seven Essential Stars - the Sun, Moon, Mars, 
Venus, Mercury, Saturn and Jupiter, associated 
with the body’s seven orifices. 


Seven Internal Factors - pertaining to the seven 
emotional pathogenic factors that cause dis- 
ease, when in an Excess condition (Joy, Sor- 
row, Worry, Grief, Fear, Fright, and Anger). 


Seven Material Souls - pertaining to the seven 
Earthly spirits that reside in the body as the 
Po. 


Seven Orifices - ears, eyes, nostrils, mouth, anus 


and urethra, which are considered the gates 
and windows of Essence, Energy and Spirit. 


Seven Turbid Demon Natures - see Po. 


Shaman - an ancient Tungus term meaning “be- 
tween the worlds.” A Shaman is a tribal priest 
or priestess who heals the physical, mental, 
emotional, energetic and spiritual aspects of 
the patient. 


Shao Yang - Small Yang, also called Lesser Yang, 
Minor Yang, or Young Yang, is affiliated with 
the sunrise and the waxing-moon phase. 
Modern physicists associate the Lesser Yang 
with a light force and electromagnetism. 


Shao Yin - Small Yin, also called Lesser Yin, Mi- 
nor Yin, or Young Yin, is affiliated with the 
sunset and the waning-moon phase. Modern 
physicists associate the Lesser Yin with a 
heavy force, and gravity. 

Shen - meaning Spirit; when speaking about 
physical development, it is derived from Qi, 
and can be divided into both Prenatal and 
Postnatal Shen. 


Shen Deviations - mental and emotional dis- 
orders which have caused the Three Ethereal 
Souls (Hun) to leave the patient's body. 

Shengong - training of the spirit through medi- 
tation and visualization. 

Shening Out - terminology used to describe the 
Ethereal Soul (Hun) wandering away from the 
body. 

Shi Qi (Turbid Qi) - also known as Evil Qi, Toxic 
Qi, and Pathogenic Qi, it is coarse, unrefined, 
polluted or dirty energy. 


Sishencong (Four Alert Spirit) Points - four 
points at the top of the head (that surround 
the Baihui Point) used to absorb Heavenly Qi 
into the body. 


Shou Zhen (Hand Diagnosis) - a form of diag- 
nosis, wherein, the doctor assess the “ener- 
getic blueprint” of the patient’s body trans- 
formed onto the doctor's left hand. 


Shu Points - five specific points below the el- 
bows and knees identified as the Well, Spring, 


Stream, River and Sea points. Each point has 
an affect on the quantity of the energy of an 
organ. 

Sishencong (Four Spirit Hearings) Points - a 
group of four points located at the top of the 
head (surrounding the Baihui point), used for 
absorbing Heavenly Qi into the body’s Taiji 
Pole. 


Six External Factors - also known as the Six 
Pernicious Influences, these factors pertain to 
the six climatic changes (Wind, Summer Heat, 
Heat, Damp, Dryness, Cold, and Fire). 


Six Storage Areas- body’s Yang organs con- 
stantly fill and empty, and include the Blad- 
der, Gall Bladder, Stomach, Large Intestine, 
Small Intestine, and Triple Burners. 


Skin Zones - twelve dermal-zones, based upon 
the surface location of the body’s Twelve Pri- 
mary Channels. 


Soaring Dragon Technique - hand technique 
for Qi emission, where the energy is emitted 
through the middle finger bent and pointing 
downward, while the other fingers are ex- 
tended straight outwards. 

Solid Organs - the body’s Yin organs, which in- 
clude the Liver, Heart, Spleen, Lungs, and 
Kidneys (also included in this list is the Peri- 
cardium). 

Soul - immaterial Spiritual Essence of an indi- 
vidual’s life, stored within the Heart and 
Middle Dantian. 


Soul Body- see Astral Body. 


Soul Extensions - the Shen develops and con- 
tains Twelve Soul Extensions. These Twelve 
Soul Extensions contain the body’s different 
personality characteristics. 

Soul Loss - the loss of parts of the Eternal Soul. 

Soul Retrieval - to spiritually search for and 
bring back one’s forgotten memories (soul), 
which have been isolated from consciousness 
due to trauma and shock. 

Soul Travel - see Astral Travel. 


Sound Energy Therapy - sound projected as 
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audible and inaudible tone resonation, used 
for healing. 

Sound Resonation - healing tones used for toni- 
fying or dispersing the patient’s Energy. 

Spider Nevus - a branched growth of dilated 
capillaries on the skin, that resemble a spider. 

Spinal Pass (Jia Ji Guan) - two points located 
on the lateral sides of the Mingmen (GV-4), 
where energy has a potential to stagnate. 

Spinous Process - the single midline posterior 
projection arising at the junction of each ver- 
tebra. 

Spiraling Energy Technique - hand manipula- 
tion, that extends and spirals the doctor’s pro- 
jected energy. 

Spirit - the energetic manifestation of the Eter- 
nal Soul. 

Spirit Body - the energetic vehicle inwhich the 
body’s Shen can travel throughout the Astral 
Plane. The Spirit Body can manifest through 
many forms (Body of Light, animal forms, 
etc.). 

Spirtt Demons - see Demon Possession and 
Oppression. 

Spirit Soul - the Three Ethereal Souls, accom- 
panied by the individual's consciousness, act- 
ing as one unit for spirit travel. 

Spirit Travel - the spirit (Hun) journeying out- 
side of the physical body. 

Splenomegaly - the enlargement of the Spleen. 

Squamous Metaplasia - the conversion of tis- 
sue into a form of scalelike cells, that is ab- 
normal for that tissue. 

Stacking the Bones - allowing the bones to stack 
upon each other from the bottom of the feet 
to the top of the head. 

Stagnation - not moving, inactive; pertaining 
to Qi, Blood, or thought patterns. 

Static Qigong - the process of stationary, quies- 
cent Energy gathering. 

Stroke (Wind Stroke) - caused by the buildup 
of Excess Liver Fire creating Internal Wind. 
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This Internal Wind causes Qi and Blood to 
rebel upwards causing Phlegm to form and 
obstruct the cavities and vessels, creating Pen- 
etrating Wind or Stroke. 


Subarachnoid Hemorrhage - bleeding inter- 
nally, within the spaces at the base of the brain, 
between the pia proper and arachnoid con- 
tain the cerebrospinal fluid. 


Subconscious Mind - part of the mind associ- 
ated with the recording and storing of per- 
sonal interpretations of reality (not readily 
accessible to the conscious mind). 


Sublimation - the channeling of unacceptable 
impulses into acceptable, refined social forms 
and is the only defence mechanism consid- 
ered to be a healthy reaction. 


Substances - pertaining to the body’s essential 
parts of physical and energetic material. 


Sui - Marrow. 


Super Ego - Dr. Sigmund Freud’s terminology 
for the division of the psyche in psychoana- 
lytic theory, responsible for the psychic re- 
ward and punishment system. 

Sun’s Essence - energy gathered from the sun, 
ingested as warm light. 


Sword Fingers Technique - hand manipulation 
that emits Qi through the extended index and 
middle fingers. 

Symptoms - a subjective manifestation of a 
pathological condition, reported by the pa- 
tient. 

Syndromes - a grouping of signs and symp- 
toms, based on their frequent reoccurrence, 
that may suggest a common underlying 
pathogenesis. 

Systemic - affecting the entire body. 

T 

Taiji Pole - the Center Core of light which joins 
the body’s three Dantians and the Eternal Soul 
together. 

Tai Yang - Great Yang, also called Strong Yang, 
Major Yang, or Old Yang, is affiliated with 


high noon and the full-moon phase. Modern 
physicists associate the Strong Yang with a 
strong nuclear force. 


Tai Yi - meaning Great Divinity or God. 


Tai Yin - Great Yin, also called Strong Yin, Ma- 
jor Yin, or Old Yin, is affiliated with midnight 
and the new-moon phase. Modern physicists 
associate the Great Yin with a weak nuclear 
force. 


Ten Heavenly Stems - the ten energies of 
Heaven that rule the changes of the Five El- 
emental seasonal transitions, and are repre- 
sented in the human body as the Yin and Yang 
aspect of the Five Elements (represented in 
the human body as the ten major internal or- 
gans). 

Ten Thousand Voices - pertaining to the state 
of open receptivity of the Qigong doctor’s 
Heart, after rooting the mind. 

Ten Wings - consisting of ten commentaries 
from Confucius and his disciples, pertaining 
to the study of the eight trigrams, sixty-four 
hexagrams, and the Yi-Jing. 


Third Eye Point (Yin Tang) - located in the cen- 
ter of the forehead, responsible for spiritual 
intuition and communication. 


Thought-forms - images of concentrated 
thought patterns that manifest on the vibra- 
tional resonance of the Astral Plane. 


Three Ethereal Souls (Hun) - pertaining to the 
three heavenly spirits that reside in the body. 


Three Fires - the heat in the body, generated 
from the energy radiating from the Heart Fire, 
Kidney Fire, and Bladder Fire. 


Three Outer Forces - pertaining to the three 
natural powers of Heaven, Earth and Man. 


Three Parts Wisdom - knowledge obtained 
through the doctor’s connection and commu- 
nication with his or her Upper, Middle, and 
Lower Dantians. 

Three Periods of Life - the developmental 
stages of the patient's Jing, Qi and Shen di- 
vided into the womb, childhood and adult- 


hood. 


Three Stars - pertaining to the three periods of 
life, each period is divided into three stages 
of development, known as the three stars. 


Three Treasures of Earth - pertaining to the en- 
ergy of Soil, Water and Wind, and the study 
of Feng Shui (Wind and Water). 


Three Treasures of Heaven - pertaining to the 
energy of the sun, moon and stars, and the 
study of Chinese astrology. 


Three Treasures of Man - pertaining to the en- 
ergetic interaction of the body’s Essence, En- 
ergy and Spirit, and the study of the Yi-Jing 
(I-Ching or Book of Changes). 

Three Wonders - Clinical manifestations of Qi, 
categorized as Subtle, Mysterious and Incred- 
ible Wonders. 


Thrombosis - the formation and development 
or existence of a Blood clot (thrombus) within 
the walls of the vascular system. 


Thrusting Channels - the Five Energy Chan- 
nels which surround and penetrate the body’s 
center core via the Taiji Pole. 


Thrusting Vessels - also called the Chong Ves- 
sels, they are the Five Energy Vessels which 
originate from the center of the body and in- 
ternally transverse the legs and torso. 


Ti - referred to as the Divine Center. 


Tian Qi (Heavenly Energy) - the transformed 
energy of the Yuan Qi and the divine. 


Tian Shen (Heavenly Spirit) - the transformed 
energy of the Yuan Shen and the divine. 


Tie Bi (Lron Wall) - the areas of the body where 
it is most difficult for the energy to pass 
through when circulating the Microcosmic 
Orbit. 

Tinnitus - a ringing, tinkling, or buzzing sound 
in the ear. 

Toe Raised Stepping - pertaining to energetic 
walking therapy, wherein the toes are 
stretched when stepping in order to facilitate 
the increase of Qi flowing into the body via 


GLOSSARY OF TERMS 


the leg channels. 


Tonification (Tonify) - to supplement the insuf- 
ficiency and strengthen the body’s resistance. 


Traditional Chinese Medicine - Chinese Ener- 
getic Medicine, divided into four branches of 
healing modalities (Acupuncture, Herbal 
Therapy, Medical Qigong Therapy, and Tis- 
sue Regulation Therapy (Chinese Massage). 


Transference - the process whereby a patient 
unconsciously transfers feelings, thoughts, 
beliefs and patterns of behavior that had been 
previously experienced with others onto the 
doctor. 


Transient Ischemic Attacks (TIA) - temporary 
interference with the Blood supply to the 
brain. 


Treatment - the medical care given to a specific 
condition. 


Trigger Points (Ashi Points) - places on the 
body which are tender spots, or painful areas 
near diseased or injured tissue. 


Trigram - pertains to three Yao lines stacked 
upon one another forming a specific symbol, 
which represents certain characteristics. 


Triple Burners (San Jiao) - also known as the 
Triple Heaters and Triple Warmers, they cor- 
respond to three main body cavities 
(perineum to navel, navel to base of solar 
plexus, solar plexus to throat), and are respon- 
sible for heating the body and transporting 
Body Fluids. 


True Fire - the original Heat or Fire Energy that 
regulates the body’s Yin and Yang Qi, created 
from the radiating energy of the Heart's Fire, 
Kidneys’ Fire and Bladder’s Fire. 

True Nature - one’s innate nature in harmony 
with life. 

True Qi - the energy that circulates in the body’s 
channels and collaterals which nourishes the 
Yin and Yang organs and fights disease. 


True Self - one’s true nature, connected to the 
subconscious mind. 


True Spirit - pertains to the spiritual nature of 
the True Self. The Hun and Po are expressions 
of the body’s True Spirit. 


Tsou Hou Ru Mo (“the Spirit leaves and the 
Demon enters”) - describes self induced psy- 
chosis, pertaining to improper Qigong train- 
ing, wherein the patient’s Hun leave the body 
and the Po take over. 


Tui Na Therapy - a tissue manipulation therapy 
that focuses on the adjustment and / or stimu- 
lation of the muscles and tendons. 


Tumor - an abnormal growth, either benign or 
malignant, caused by a retention of mass due 
to the cultivation and stasis of Qi, Blood, 
Phlegm, etc. 


Turbid Qi - also called Evil Qi, is coarse, unre- 
fined, polluted, and dirty energy. 


Twelve Pi Hexagrams - the twelve symbols per- 
taining to the twelve time periods of the day 
and year. 


Twelve Primary Channels - the body’s twelve 
main energetic rivers (Liver, Lungs, Large In- 
testine, Stomach, Spleen, Heart, Small Intes- 
tine, Bladder, Kidneys, Pericardium, Triple 
Burners, and Gall Bladder). 

Twelve Earthly Branches - twelve energies of 
the Earth that determine the six Qi factors of 
the seasonal transitions (represented in the 
human body as the Twelve Primary Chan- 
nels), 

Two Breathings - pertaining to the abdominal 
breathing method of holding the breath. 

U 


Umbilications - a depression resembling a na- 
vel. 

Universal Qi - energy pertaining to the Heav- 
ens, the divine and the celestial influences. 
Upper Burner - pertaining to the body’s com- 
plex system of Fluid distribution via the 
Lungs and located within the upper chest cav- 


ity. 


Upper Dantian - area within the center of the 
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head, attributed as the body’s chamber of light 
and door to psychic and intuitive powers. The 
Upper Dantian is also known as Seal Palace, 
Ancestral Opening, Calm Fountain, Heaven’s 
Valley, Inner Source, and Clay Pill Palace. 

Vv 

Vasculitis - the inflammation of a blood or 
lymph vessel. 

Vertigo - the sensation of moving in space, re- 
sulting in such symptoms as dizziness and 
light-headedness. 

Virtue (De) - pertaining to the function of the 
divine in man. 

Virtue of Dao - pertaining to the commendable 
quality of the divine. 

Viscera - the body’s internal organs. 

Void - also called Wuji, it pertains to the infinite 
space between matter and energy. 

Ww 

Wai Dan Shu - external elixir cultivation, that 
focuses on cultivating Qi from outside the 
individual's body. 

Wai Qi - external, extended energy. 

Walking Therapy - Postoral Dao Yin walking 
exercises and dynamic “moving” meditations 
used for the treatment of organ Deficiencies. 

Wandering Bi - migrating pain within the 
body’s cavities. 

Waning - to grow smaller. 

Water Element - one of the Five Elements, per- 
taining to Kidneys and Bladder. 

Water Jing - energy that controls the genetic 
development phase of the fourth fetal month. 

Waxing - to grow larger. 

Wei Lu Guan (Coccyx Pass) - located on the 
lowest segment of the spine just posterior to 
the anus, near the Chang Qiang (GV-1) point. 

Wei Qi - the body’s external field of Defensive 
and Protective energy (divided into three 
fields of Qi). 

Wen Huo - pertaining to the gentle breathing 


method of Respiratory Dao Yin training. 


White Blood Cell - any of a group of Blood cells 
that have no hemoglobin and migrate into tis- 
sues to fight infection and digest cell debris. 


Wind Bi - pain in the body created by toxic Wind 
invasion. 

Wind Stroke - Stroke caused by the buildup of 
Excess Liver Fire creating Internal Wind. This 
Internal Wind causes Qi and Blood to rebel 
upwards causing Phlegm to form and ob- 
struct the cavities and vessels, thus creating 
Penetrating Wind or Stroke. 


Windy Breathing Method - pertaining to the 
method of breathing through the nose. 


Wood Element - one of the Five Elements, per- 
taining to the Liver and Gall Bladder. 


Wood Jing - energy that controls the develop- 
ment phase of the direction of the fetus’s emo- 
tional and spiritual aspects during the seventh 
month of pregnancy. 

Wu Guan (Five Passes) - five important gates 
on the Governing Vessel located at the coc- 
cyx, Mingmen, Shendao, occiput, and Baihui 
areas where energy tends to stagnate. 


Wu Huo - pertaining to the vigorous breathing 
method of Respiratory Dao Yin training. 

Wuji - pertaining to infinite space or the form- 
less Void. 

Wuji Posture - a quiet standing posture used in 
meditation to allow the practitioner to return 
to a state of tranquility. 


Wu Jing Shen (Five Essence Spirits) - the spiri- 
tual energy radiating from the core of the Five 
Yin Organs. Combined, these energies create 
the foundation of the body’s Shen (Spirit). 


Wau Se Dai - pertaining to the five colors of vagi- 
nal discharge - white, yellow, red, green-blue, 
and dark brown or black. 

Wu Wei - a state of “no mind,” i.e., no thoughts. 

Wu Zang - the Five Yin Organs. Wu translates 
to mean “five,” Zang translates to mean “to 
store or hold.” 
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X 


Xie Qi (Evil Qi) - energy that causes disease or 
harmful effects to the body. 


Xin Xi (The Message) - knowledge stored 
within the Wuji or the Void. 


Xiphoid Process - the lowest part of the ster- 
‘ num bone (sometimes referred to as the Doves 
Tail). 
Xue - Blood. 


Y 

Yang - the positive charged energetic polarity, 
opposite of its companion Yin, pertaining to 
man, hard, light, hot, ete. 


Yang Channels - the body's Yang energetic riv- 
ers, consisting of the Governing Vessel, Belt 
Vessel, Yang Linking Vessels, Yang Heel Ves- 
sels, Large Intestine Channels, Triple Burner 
Channels, Small Intestine Channels, Stomach 
Channels, Gall Bladder Channels, and Biad- 
der Channels. 


Yang Fire - also called Emperor's Fire, energy 
of the Heart Fire. 


Yang (Fu) Organs - also known as Hollow Or- 
gans, that consist of the Gall Bladder, Small 
Intestine, Stomach, Large Intestine, Bladder. 
Also included is this category are the Triple 
Burners. 


Yang Shen Disturbances - an emotional Yang 
state of energetic dysfunction. 

Yang Ming (Yang Brightness) - indicates Yang 
Qi developing its final stage and then revert- 
ing into Yin. 

Yao - a solid or broken line which is representa- 
tive of either Yang or Yin energy, used in com- 
bination of three as Trigrams or six as 
Hexagrams. 


Yao Cycles - the progression of twelve 
hexagrams (six Yang and six Yin) flowing ina 
waxing and waning cycle. 


Ye (humor) - thick, turbid Body Fluids. 


1001 


Yellow Court - located in the center of the dia- 
phragm, just below the xiphoid process of the 
sternum. Its function is that of being the ac- 
cess point to releasing the body’s internal or- 
gan emotional memories. Its location is also 
attributed to the 3rd Chakra. 


Yi - the intention or thought (the cognitive 
mind). 

Yi Jing - Chinese “Book of Changes,” pertain- 
ing to the natural transitions of life. 

Yin - the negative charged energetic polarity, 
opposite of its companion Yang, pertaining to 
woman, soft, dark, cold, etc. 

Yin Channels - Yin energetic rivers, consisting 
of the Conception Vessel, Thrusting Vessel, 
Yin Linking Vessels, Yin Heel Vessels, Lung 
Channels, Pericardium Channels, Heart 
Channels, Spleen Channels, Liver Channels, 
and Kidney Channels. 


Yin (Zang) Organs - also known as the Solid 
Organs, that consist of the Liver, Heart, 
Spleen, Lungs and Kidneys. Also included in 
this category is the Pericardium. 

Yin Shen Disturbances - an emotional Yin state 
of energetic dysfunction. 

Yin Tang (Third Eye Point) - located in the cen- 
ter of the forehead, responsible for projecting 
the Spirit for psychic intuition and commu- 
nication. 

Ying Qi (Nutritive Qi) - the body’s nourishing 
energy. 

Yu (Surplus) Vessels - secondary vessels that 
branch away from the energetic flow of the 
major Linking Vessels (at the chest and back), 
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connecting the Linking Vessels energetic flow 
to the hands. 

Yuan Jing (Original Essence) - the Original Kid- 
ney or Prenatal Essence. 

Yuan Shen (Original Spirit) - the Original Pre- 
natal Spirit. 

Yuan Qi (Original Energy) - the Original Kid- 
ney or Prenatal Qi. 

Yun - the Yin method of dynamic postural Dao 
Yin training. 

Yu Zhen Guan (Occipital Pass) - the area lo- 
cated just inferior to the occipital bone where 
the brain originates, known as a specific point 
where Qi often stagnates. 


Z 
Zang Organs - Yin or solid organs (Liver, Heart, 
Spleen, Lungs, Kidneys and Pericardium). 


Zang/Fu Organs - the body’s Yin and Yang or- 
gans. 


Zhang Xiang Xue Shou - in Chinese medical 
science, the study of energetic physiology. 


Zhen Qi - see True Qi 

Zheng Qi - Righteous Qi, pathogenic fighting 
Energy. 

Zhi - the Will power, mental drive and deter- 
mination. 

Zhong Qi - Center Qi, Energy of the chest. 

Zhou Qi - Turbid Qi, Evil Qi, Impure Qi 

Zong Qi - Gathering Qi, and/or Respiratory Qi. 

Zygomatic Facial Regions - pertaining to the 
sides of the cheeks below the eyes. 


Teleportation Wingmakers Manual 


Introduction 

Teleportation is the ability of moving matter from one point in time and space to another point in time and space 
instantaneously. There are different types of teleportation available at this time both visual and physical 
teleportation are possible and we use visual teleportation as our starting point. The different types of visual 
teleportation are. visual body or astral body teleportation, or visual object teleportation but before we can master 
teleportation we must first learn the art of Telekinesis/ Psychokinesis and Clairsentience and the higher state of 
consciousness the seventh sense. Other abilities useful in teleportation are Tele-Visualization and ESP 
(Extrasensory Perception). The ability of teleportation is used in Time travel, Interstellar travel, and Dimensional 
travel. Teleportation is the near instantaneous transport of the Psychic from one location to another and there is 
no other form of travel faster then teleportation 

Teleporting An Visual Object 


Visual Technique 
Step One 
Charge your physical body with energy. 


Step Two 
Then place an object in front of you. 


Step Three 
Next close your eyes and visualize the object in front of you. 


Step Four 
Then visualize the energy around the object and see your energy blending with the objects energy. This will look 


like the two energies will be knitting together 


Step Five 
Then focus and feel the object feel the object leaving and if you need to visualize that the object is disappearing 


Step Six 
Then focus your mind on the new destination six feet in front of you. 


Step Seven 
At the new destination six feet way in front of you and feel the object reappearing at the new position in front of 


you and if you need to visualize that the object is reappearing at the new destination. Then open yout eyes. 


Remember 
This is a visual exercise so you are only teleporting the object visually. 


Teleportation Portal 
The image above is what a energy portal should look like 


Introduction 


A Portal is a wormhole of energy made within the light matrix of the physical plain. We can make Portal from the 
chakra energy, prana energy, and kundalini energy found at the base of the spine and merkaba energy found in the 
light matrix of the physical body and auric field. Portals can be used in Time travel, Interstellar travel, 
Dimensional travel and Blank Slate Technology. 


Visual Technique 
Step One 
Charge your physical body with energy. 


Step Two 
Then close your eyes and see your visual body standing in front of you. 


Step Three 


Then construct a Portholes like you learnt in the section on Portal in front of your visual body. 


Step Four 
Then visualize that your energy is blending with your visual body. 


Step Five 
Next focus your mind on traveling a distance of one kilometre from where you are. 


Step Six 
Then see your visual body walking into the Portal. 


Step Seven 
Next see the Portal opening one kilometre away from where you started and see your visual body walking out of 
the Portal 


Step Eight 
Then walk back into the Portal and back out to your starting point. 


Remember 
Practice this exercise by expanding the distance but always make sure you can do this one before moving on. 


Teleportation Portal 

Visual Technique 

Step One 

Charge your physical body with energy. 


Step Two 
Then close your eyes and see your visual body standing in front of you. 


Step Three 


Then construct a Portholes like you learnt in the section on Portal in front of your visual body. 


Step Four 
Then visualize that your energy is blending with your visual body. 


Step Five 
Next focus your mind on traveling to the USA the destination is The white house, washington DC 


Step Six 
Then see your visual body walking into the Portal. 


Step Seven 
Next see the Portalopening in front of the white house and see your visual body walking out of the porthole 


Step Eight 
Then walk back into the Portal and back out to your starting point. 


Teleportation Porthole 

Visual Technique 

Step One 

Charge your physical body with energy. 


Step Two 
Then close your eyes and see your visual body standing in front of you. 


Step Three 
Then construct Portholes like you learnt in the section of Portal in front of your visual body. 


Step Four 
Then visualize that your energy is blending with your visual body. 


Step Five 
Next focus your mind on traveling to italy the destination is the coliseum in rome 


Step Six 
Then see your visual body walking into the Portal. 


Step Seven 
Next see the porthole opening in front of the coliseum and see your visual body walking out of the Portal 


Step Eight 
Then walk back into the Portal and back out to your starting point. 


Teleportation Porthole 

Visual Technique 

Step One 

Charge your physical body with energy. 


Step Two 
Then close your eyes and see your visual body standing in front of you. 


Step Three 
Then construct a Portholes like you learnt in the section on Portal in front of your visual body. 


Step Four 
Then visualize that your energy is blending with your visual body. 
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Step Five 
Next focus your mind on traveling to egypt the destination is the great pyramids. 


Step Six 
Then see your visual body walking into the Portal. 


Step Seven 
Next see the Portal opening in front of the great pyramids and see your visual body walking out of the Portal 


Step Eight 
Then walk back into the Portal and back out to your starting point. 


Teleporting The Visual Body 
Beginners Technique 


Visual Technique 
Step One 
Get comfortable and relax. 


Step Two 
Now close your eyes then charge your physical body with energy. Then see your visual body standing in front of 
you. 


Step Three 
Then visualize that your energy is blending with your visual body. 


Step Four 
Now focus your mind on teleporting to a destination of your choice. 


Step Five 
Then see your visual body teleporting to that destination and when you arrive look around and take note of your 
observation and check them when you come back. 


Step Six 
Then see your visual body teleporting back to the point in front of your physical body and in your own time open 
your eyes. 


Remember 
Then check with books or other information on that destination to see if your observations are correct. If they are 
then well done now try another destination. 


Added 16/04/2005 
Teleporting Your Visual Body 
Advanced Technique 


Visual Technique 
Step One 


I want you to get comfortable and relax. 


Step two 


Now close your eyes then charge your physical body with energy. Then see your visual body standing in front of 
you. 


Step Three 
Then visualize that your energy is blending with your visual body. 


Step Four 

Now here's were things change in the past i would have told you to spin the core star and become the light being 
this time I want you to focus on the hara line see it running through your visual body from the higher point above 
your head down through the crown chakra passing through the sixth and fifth chakra's into the soul seat down 
through the lower chakra's and the ten tien and out through the base chakra and down into the earth. Feel and see 
the visual body grounding with the earth see the tan tien changing from a reddish brown colour to a reddish 
colour like the earths core and feel this connection with the earth. 


Step Five 
Now focus your mind on teleporting to a destination of your choice. 


Step Six 
Now as we spin the core star i want you to stay focused on the hara line and this connection with the earth and in 
your own time spin the core star as you've done a thousand times before and this time pay attention 


Step Seven 
Then see your visual body teleporting to that destination and when you arrive at the destination return the visual 
body to normal and as you do focus on the hara line once again. 


Step Eight 
Then see your visual body and spin the core star once again and teleporting back to the point just in front of your 
physical body and return the visual body back to normal once again. And in your own time open your eyes. 


Note 

Now if you've done this technique you'll see what was missing when I tried teleporting in 1986. Write down every 
little detail of your observations during this technique and if you wish post your finding under the section Hara 
line Tech on the message board and we will Develop this technology together as a group. Because this technology 
benefits each and every one of us as a whole. 


Remember 
Master the visual technique before moving on to the physical technique it is important that you know the visual 
technique inside out before moving on. 


Teleporting A Psi Ball 

Beginners Technique 

Introduction 

Creating psi balls is the act of shaping energy with the mind. Energy is much easier to manipulate than physical 
objects, so this is a great beginners exercise. 


Two Person Technique 

Step One 

Work out who will teleport for this exercise and who will be the receiver for this exercise. 

Step Two 

(Teleporter) Hold your hands out in front of you, with both palms facing. Close your eyes and relax. Concentrate 
on the space between your hands feel the energy ball between your hands. Try to strengthen this energy field by 


visualizing the ball growing stronger. If you cannot feel the ball, move your hands away from each other, then 
closer and closer, trying to feel the point of energy. To me, this feels like a tingling sensation between my hands 
and in my third eye. 


Step Three 


(Teleporter) Now i want you to open your eyes But stay focused on the energy between your hands feel the psi 
ball. 


Step Four 
(Receiver) Now i what you to hold your hands out in front of you, with both palms facing. 


Step Five 

(Teleporter) Focus your mind on the point between the hands of the recetver and when you are ready feel the psi 

ball teleport to the new destination between the hands of the receiver and if you have done this right the receiver 

should be able to feel the psi ball between their hands. If you need to use visualization for this technique then you 
can but remember to feel the energy movement. 


Physical Teleportation 


Introduction 
Physical teleportation is the near instantaneous transport of the Psychic from one location to another. 


Because Teleportation is an extension of Clairsentient ability, there are two categories of Teleportation: Extensive 
Teleportation and Projective Teleportation. As the names imply, each is based on the type of Clairsentience 
which must be used to target the correct location. 


Although Teleportation is nearly instantaneous, the Psychic may be disoriented upon arrival at the new location. 
During this period of disorientation, the Psychic suffers a penalty to all Perception/Awareness/Observation 
Trials, and may take no action other than Perception/Awareness/Observation Trials until the disorientation 
passes, or until the Psychic achieves a Superior Success or better on an Intellect (Perception) Trial. However, 
disorientation may continue even after a successful Perception Trial, and the penalty to Perception then applies to 
any action taken until the period of disorientation passes. Increasing degrees of success on the Teleportation Trial 
can reduce or eliminate disorientation. 


Extensive Teleportation 

is the ability to teleport one's body a short distance, overcoming intervening barriers to normal travel. In order to 
use Extensive Teleportation, the targeted location must be sensed via Sense Extension, or must be in physical 
sight of the Psychic. Teleportation is nearly instantaneous once activated, and can generally be accomplished in 
the same OP during which Clairsentience was used to locate the target. The Psychic remains subject to possible 
disorientation at the new location. 


It is possible to use Extensive Teleportation to dodge an attack, so long as the teleportation trial is successful, and 
the new location is not in the path of an attack. However, the possibility of disorientation makes this a potentially 
dangerous technique that is normally attempted only as a last resort. 


Using Extensive Teleportation requires the psychic to make a Fatigue Trial with a difficulty equal to the difficulty 
of the Extensive Teleportation Trial. 


Projective Teleportation 


Is the ability to teleport to any location the Psychic can see clearly via Sense Projection. Seeing clearly means the 
Psychic must have achieved a Superior Success or better on the Sense Projection Trial. The Psychic may apply a 
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-1 modifier to the difficulty of the Projective Teleportation Trial for each degree of success above Superior on the 
Sense Projection Trial. 


Projective Teleportation requires a minimum of one OP to perform, in addition to whatever time and effort was 
required to sense the target location using Sense Projection. 


Teleporting Physical Objects 


Introduction 

When it comes to teleporting physical object there are two types of teleportation the first is by blending your 
energy with the atoms of the object and the other form of teleportation is by using an electromagnet light 
chamber to teleport the object because light particles penetrate the atoms of the object and once the light particles 
Blend with the object then you can move the object but before you can move the object you build a 
electromagnet light energy generator 


Added 05/11/2002 

Teleporting Physical Objects 

Physical Technique 

Step One 

Find a small object of your choice. (I used a teaspoon) 


Step Two 
Then hold the object in between your hands and hold your arms so that they are comfortable. 


Step Three 
Then i want you to sit quietly breathe deeply and get comfortable and relax. 


Step Four 
Empty your mind of all extra thoughts and remain clear minded and focused on the task at hand. 


Step Five 

With your eyes closed feel the energy of the spoon and blend your energy with the objects energy Feel around the 
object and knit your energy with the energy of the object remember feel it don't think about it. ( Your hand may 
feel hot as your energy blends this is normal) 


Step Six 
Get into the flow of the object and feel the energy around the object and within the object. Once your energy has 
kintted with the object feel the force of the energy and stabalize it before you move to the next step. 


Step Seven 

Then visualize or feel the object leaving your hands in a word disappearing from between your hands and 
reappearing at the desired destination and as it leaves your hands open your eyes and see the object appearing at 
the destination before you 


Remember 

Remember NEVER apply force! You aren't there to physically force the object to move through the fabric of 
time and space. That's not point of the exercise. 

(The thoughts and comments expressed in this exercise are from personal experience it was first done by Donna 
on the 05/11/2002 the object was a teaspoon) 

You may experience problems with your destination don't worry it takes practice to learn to control it. 


Meta-Physical Teleportation 
Etheric Body : Lesson One 


Visual Technique 
Step One 
Get comfortable and relax. 


Step Two 
Now close your eyes then charge your physical body with energy. 
Then visualize the etheric layer of your auric body (the First Layer of the auric field). 


Step Three 
Then visualize that your energy is blending with the etheric layer of your auric field. 


Step Four 
Now focus your mind on teleporting the etheric body across the room. visualize the destination point. 


Step Five 

Then see your Etheric body teleporting to that destination and as you do this stretch out your feelings and feel the 
etheric body leaving the auric field when you arrive at the destination look back at your physical body and take 
note of your observation and feelings and when you are ready teleport your etheric body back into your auric 
field. 


Step Six 
Then in your own time open you eyes but be careful you may feel a little disoriented at first this is normal. 


Step Seven 
Then write down your findings on how you felt during this exercise and of what you seen during this exercise 


Remember 
Master this technique before trying to teleport the other layers of the auric field or Physical objects or the physical 
body. 


A Method On Physical Teleportation 
Teleportation 'the practice’ 


The first order of things that you must understand is that teleportation is a natural way of travel for all beings of 
light. Whether it be on the third dimensional or fourth, fifth, and higher dimensional existence. It is natural and 

very easy for any light being because it all deals with "light ". Different colors of light give you different level of 
awareness. Thus your experience will be varied. Also throughout each level of light expression. 


Physical Teleportation 
Abilities Used In Teleportation 


Tele-visualization 

Tele-visualization is the ability of 3 dimensional visualization with its dimensions being sound, shape, and form 
just like the picture that we can view with our own eyes in the physical reality and is the channel by which we can 
travel through interstellar space and time in the visual and physical forms. 


Psychokinesis 


Psychokinesis or PK is The ability of movement of an object or the physical body of a term coined by the famous 
researcher J. B. Rhine. It can be defined as the direct action of the mind on a physical object without the 
mediation of any known physical energy. Phenomenon of this kind have been reported from as far back as St Ben 
edict up to the modern day spoon bending of Uri Geller! There are various forms including Macro-PK where the 
influence is upon large objects and Micro-PK where the target is from the quantum world. 


Clairsentience 

Sometimes called "psychic feeling". There are two forms of clairsentience: empathy and psychic knowing. 
Clairsentience is the ability to "know" about someone or something without the use of the five senses for input. 
Clairsentience is probably the most common type of intuitive ability. (Often we refer to it as a Hunch, a Gut 
Reaction, or Instinct.) 


Hara Line Development 
Hara line development is designed to bring your awareness to the grounding and ungrounding process of the hara 
line in the visual techniques of time travel, dimensional travel, levitation, teleportation, and interstellar travel. 


Added 16/04/2005 

Energies Used In Teleportation 

In teleportation we use two main energy systems. The first being the hara line and the second being Kundalini 
energy from the base of the spine. All our hidden Siddhi powers come from an awakened Kundalini. Examples 
of the Siddhi powers are supernatural abilities of strength, sight, hearing, levitation, bi-location, teleportation, and 
instant manifestations, etc... Basically anything you can imagine beyond the everyday world is possible when your 
Kundalini is awakened. The Siddhi powers are our natural abilities, yet through social conditioning they have 
been suppressed and we have been programmed to believe they are malicious or wrong. They ate as natural as 
the warmth from the sun above. Rising Kundalini along the spinal column and moving it out through the chakra 
and blending it with the atoms of the physical body is what make teleportation possible. The hara line on the 
second hand is the anchor that grounds us to the physical and earth plains of existence it is here that we must first 
start with hara line development because teleportation will not work if we stay grounded to the earth all you will 
feel is the body shunting as it tries to jump through the fabric of time and space so we must learn the technique of 
grounding and ungrounding thoroughly before trying teleportation remember safety comes first and if you are not 
well trained in the grounding and ungrounding technique before trying the this teleportation technique because it 
could be fatal upon arrival at your new destination if you are not well trained. 


Warning 
This Technique is not for beginners and I would suggest you try this technique with your visual body first it is 


dangerous and could be fatal if not studied properly. 


Added 16/04/2005 
Physical Body Teleportation 


Physical Technique 
For preparation find a quiet place and a soft surface and lay down. 


Step One 
Now in your own time close your eyes and take a couple of deep breaths feel the chest rise and fall and relax. 


Step two 
Then visualize the base chakra. At the base of the chakra there is a well of energy, this well is know as the jewel of 
the lotus within the jewel there is a light golden energy. Visualize that this golden energy is trickling out of the 


jewel and spreading out into the chakra. As the chakra spins see the chakra becoming golden in colour with its 
light radiant energy. Feel that energy. 


Step Three 
Now focus on the second chakra and do the same, see the jewel at the centre and see this radiant energy trickling 
out into the 2nd chakra fill it with its radiant energy. 


Step Four 
Then move on to the 3rd chakra and do the same for this chakra and the other chakras till all twelve chakras are 
filled with the radiant Golden wheels of Kundalini energy and feel how light this energy feels in your body. 


Step Five 

Now once you have reached the twelveth chakra see the twelven chakras and feel this light golden energy 
continually flowing into the chakras till it starts to over flow into the physical body do this for around about ten 
minutes. 


Step six 
Now as the golden energy begins to flow out into the physical body see the energy spreading through your entire 
body feel how light your body feels as the golden energy blends with your body and relax. 


Step Seven 
Then in your own time I want you to visualize the hara line and feel your connection with the earth and the 
physical plain and in your own time draw the hara line out of the earth and into the base chakra and hold it there. 


Step Eight 
Now as you do this you may feel your body becoming unstable this is normal because you are no longer linked 
with the earth and the physical plain 


Step Nine 

After a couple of minutes when your physical body is feeling more stable in this new plain beyond time and space 
see the three tan tiens and expand the energy of the tan tiens thought your being one by one starting with the 
lower tan tien and moving through the middle tan tien and through to the top tan tien and hold it there for a 
moment. 


Step Ten 
Now at this point you are ready for physical teleportation but before you can teleport you need a destination for 
this technique choose a destination close by like in the same room or a room close by see that destination. 


Step Eleven 

And in your own time feel your body leaving it's current position and teleporting to the new destination and as 
you artive at the new destination drop the hara line back down into the earth. feel this connection with the earth 
and the physical plain and allow your physical body to stabilize in the physical plain. Focus on this for a couple of 
minutes 


Take Note 
You may feel disoriented at this point don't freak out this is normal after teleporting in time this will pass and as 


you get better at teleporting this disorientation will pass. 


Step Twelve 
Now relax and feel at one with all things and in your own time open your eyes and well done. 
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Warning 

Practice this technique with your visual body first this technique is very dangerous and cloud be fatal if not done 
right. Remember this is not a race safety comes first so be careful. You can also do this technique in the lotus or 
half lotus position as well and if it makes it easier put this technique on a audio tape so you can play it back while 
your doing this technique but if you do this make sure you remember step eleven for when you arrive at the new 
destination. 


Copyright © Wingmakers.co.nz - All rights reserved. 
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Title Quote 


Put bluntly, medicine’s successes at vaccination and antibiotics treatment are 
trivial accomplishments relative to natural selection’s success at generating 
the immune system. Recognizing this fact has important repercussions 

for the long-term control of infectious diseases. We will probably obtain 
better disease control by figuring out how to further tweak the immune 
system and capitalize on its vastly superior abilities than by relying on some 
human intervention such as new antimicrobials (antibiotics, antivirals, or 
antoprotozoal agents). 


Paul W. Ewald Plague Time 
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Disclaimer 


All content within this digital book is commentary or opinion and is protected 
under Free Speech laws in all the civilized world. The information herein is 
provided for educational and entertainment purposes only. It is not intended 
as a Substitute for professional advice of any kind. 


In no event shall Professor Scott-Mumby be liable for any consequential 
damages arising out of any use of, or reliance on any content or materials 
contained herein, neither shall Professor Scott-Mumby be liable for any 
content of any external internet sites listed and services listed. 


Always consult your own licensed medical practitioner if you are in any way 
concerned about your health. You must satisfy yourself of the validity of the 
professional qualifications of any health care provider you contact as a result 
of this publication. 


Quotes And Facts 


The mass of a single cell of the E coli bacterium is 665 femtograms. A 
femtogram is one-thousandth of a picogram, which is one-thousandth of a 
nanogram, which is a billionth of a gram. 


Journal of Applied Physics. 


Not only does the Earth contain more bacterial organisms than all others 
combined (scarcely surprising, given their minimal size and mass); not only 
do bacteria live in more places and work in a greater variety of metabolic 
ways; not only did bacteria alone constitute the first half of life’s history, with 
no slackening in diversity thereafter; but also, and most surprisingly, total 
bacterial biomass (even at such minimal weight per cell) may exceed all the 
rest of life combined, even forest trees, once we include the subterranean 
populations as well. 


Stephen Jay Gould, “Planet of the Bacteria,” Washington Post Horizon, 1996, 
119 (344): H1; Reprinted here with permission; This essay was adapted 
from Full House, New York: Harmony Books, 1996, pp. 175-192. 
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Bacteria inhabit effectively every place suitable for the existence of life. 
Mother told you, after all, that bacterial “germs” require constant vigilance 
to combat their ubiquity in every breath and every mouthful, and the vast 
majority of bacteria are benign or irrelevant to us, not harmful agents of 
disease. One fact will suffice: during the course of life, the number of E. coli 
in the gut of each human being far exceeds the total number of people that 
now live and have ever lived. 


Stephen Jay Gould, “Planet of the Bacteria,” Washington Post Horizon, 1996, 
119 (344): H1; Reprinted here with permission; This essay was adapted 
from Full House, New York: Harmony Books, 1996, pp. 175-192. 


Numerical estimates, admittedly imprecise, are a stock in trade of all popular 
writing on bacteria. The Encyclopaedia Britannica tells us that bacteria live 
by “billions in a gram of rich garden soil and millions in one drop of saliva.” 
Human skin harbors some 100,000 microbes per square centimeter (note: 


“microbes” in-cludes nonbacterial unicells, but the overwhelming majority of 
“microbes” are bacteria). 


Writer Dorion Sagan and biologist Lynn Margulis, Garden of Microbial 
Delights 


Fully 10 percent of our own dry body weight consists of bacteria, some of 
which, although they are not a congenital part of our bodies, we can’t live 
without. 


Writer Dorion Sagan and biologist Lynn Margulis, Garden of Microbial 
Delights 
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We could not digest and absorb food properly without our gut “flora.” Grazing 
animals, cattle and their relatives, depend upon bacteria in their stomachs to 
digest grasses in the process of rumination. About 30 percent of atmospheric 
methane can be traced to the action of methanogenic bacteria in the guts 

of ruminants, largely released into the atmosphere—how else to say it—by 
belches and farts. 


Stephen Jay Gould, “Planet of the Bacteria,” Washington Post Horizon, 1996, 
119 (344): H1; Reprinted here with permission; This essay was adapted 
from Full House, New York: Harmony Books, 1996, pp. 175-192. 
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In another symbiosis essential to human agriculture, plants need nitrogen 
as an essential soil nutrient but cannot use the ubiquitous free nitrogen of 
our atmosphere. This nitrogen is “fixed,” or chemically converted into usable 
form, by the action of bacteria like Rhizobium, living symbiotically in bulbous 
growths on the roots of leguminous plants. 


Stephen Jay Gould, “Planet of the Bacteria,” Washington Post Horizon, 1996, 
119 (344): H1; Reprinted here with permission; This essay was adapted 
from Full House, New York: Harmony Books, 1996, pp. 175-192. 


A group, led by microbiologist William. B. Whitman, estimates the total 
number of bacteria on Earth to be five million trillion trillion -- that’s a five 
with 30 zeroes after it. Look at it this way. If each bacterium were a penny, 
the stack would reach a trillion light years. These almost incomprehensible 
numbers give only a sketch of the vast pervasiveness of bacteria in the 
natural world. “There simply hadn’t been any estimates of the number 

of bacteria on Earth,” said Whitman. “Because they are so diverse and 
important, we thought it made sense to get a picture of their magnitude.” 


The study was published in the June 1998 Proceedings of the National 
Academy of Sciences. 
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For the first half of geological time our ancestors were bacteria. Most 
creatures still are bacteria, and each one of our trillions of cells is a colony of 
bacteria. 


Richard Dawkins 


“Love: Before I heard the doctors tell The dangers of a kiss; I had considered 
kissing you. The nearest thing to bliss. But now I know biology and sit and 
sigh and moan; six million mad bacteria and I thought we were alone!” 


Song lyrics 


A probe sent two miles underground in a South American gold mine found 
bacteria living there. Their dinner? Radioactive emissions from the rocks 
around them. Above ground, the aptly named Deinococcus radiodurans can 
handle radiation exposure nearly 10,000 times the fatal dose for humans. 


Somewhere in cyberspace... 


Everything we do with food is an attempt to keep from being poisoned by our 
microbial competitors. 


Professor Paul Sherman, Cornell University. 
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Terminology 


Let’s just go over a few terms so that when you meet them you will be clear 
about the meaning. 


Antibiotic means a substance which will KILL bacteria and similar organisms 
(but not viruses). 


Viricidal. A substance which will kill viruses (but not bacteria). 
Bacteriostatic means a substance which will handicap bacteria, by 
preventing them growing and multiplying. It means does not actually kill 
bacteria but holds them in check, while the person’s immune system gets to 
work, mopping up the invader. 

Antiseptic. A substance (or process, like UV light) which kills all living 
organisms on a Surface. In reality most antiseptics will kill 95% or more. But 
nothing is ever 100%. 

Hygienic. Germs reduced to a level where the body is not at risk. 


Sterile. No surviving viable germs on any kind. 





MRSA... What’s all the fuss? 





MRSA (pronounced “mersa”) is 
an abbreviation for “methicillin- 
resistant Staphylococcus aureus”, 
the hospital superbug. Staph. 
aureus iS a common bacteria 

but certain strains have become 
resistant to almost all known 
antibiotics, including powerful 
modern penicillins (Such as 
methicillin). Today, methicillin is 
no longer made and has been 
replaced by newer variants, such 
as oxacillin, flucloxacillin and 
dicloxacillin. 





It has raised extreme 


concern, not because of its own (this began as a kick to his ankle, 
damaging powers (which are not while playing indoor soccer; on the 
inconsiderable), but because it is second day he was rushed to ER and 
seen as the flagship of worse to almost died) 


come. As you will read, antibiotic- 

resistant bacteria have been around almost from the beginning of the 
“antibiotic era”. But something about the MRSA problem makes it clear that 
we have to the end of a golden age of healthcare, where infectious disease 
were seen to be only an occasional or trivial problem. Those who chanced to 
die of an infection were seen as just “unlucky”. 


We no longer fear pneumonia, bacterial endocarditis, brain abcesses, and 
other terrible conditions that swept away our loved ones in a matter of days. 
We have become complacent. It’s been a great period in which to live. I was 
born in 1945, just as antibiotics hit the market. We lost nobody in my family 
due to infections in the years since! 


But we will soon return to the days when antibiotics are of little help. 

People will die in huge numbers, unless they take the trouble to learn the 
alternatives. The irony is, as I keep saying, that there are hundreds of 
alternatives. But arrogant colleagues sneer at these, as if they were just old 
wives’ tales and superstitions. 


In fact the real folly and superstition has been mainstream medicine, which 
has continued to believe in the silly fairy tale of endless life with antibiotics. I 


repeat: the threat of resistance has been there right from the start. They just 
ignored it. 


Now you are lucky, you can re-learn about the old remedies, which really 
worked. But I’m going to give you the science too, lots of science and 
studies, which show this is no folklore but perfectly genuine and humble 
remedies, which are easy to self-administer and cost very little to obtain or 
make. 


I’m sorry to do this, in a way, but I need to raise your concern level so that 
you understand how critical this is. Take a look at this picture, which is a 
man’s leg after surgery to clean up an infection of “flesh eating bacteria”. You 
can see how it got that name. Cutting away his infected skin and tissues was 
the only way to save his life, when antibiotics no longer work. 


There’s worse still at the end of section 28. Please! I urge you, take the end 
of antibiotics as something very serious. 





F:4 The Fear Erupts 


MRSA “fever” struck the country with 
the publication of a telling article in 

the Journal of the American Medical 
Association (JAMA 17th Oct 2007). That 
morning I was invited on a radio show 
to discuss the problem and get it into 
perspective. I had recently published 
an article likening the community active 
form of MRSA (as opposed to the hospital 
“superbug” version) to the Black Death 
from ages past. 








One of the other guests, who I . 

suppose I should not name, was being Illustration of the Black 
interviewed by several radio stations, Death from the Toggenburg 
including the one I was on. He blamed Bible (1411) 

illegal immigrants, claiming it was 

their dirty habits and lack of personal 

responsibility that had caused the problem; he also blamed foreigners for 

tape worms, TB, Chagas’ disease and a whole host of other dangerous health 
conditions. 


I followed him and declared his opinion “fascist, unscientific, irrational and 
inciting prejudice and hatred”. Fortunately, he had left to spread his poison 
somewhere else by the time I said this, otherwise a war of bitter words 
would have broken out. 


No matter, I stand by my condemnation of this foolish and ignorant tirade. 
It’s akin to hysteria. The studio presenter, normally a very mild and civilized 
man, ended up raising his voice in shock at what “these people are doing to 
our country”. 


This is how mob violence gets started. 


The presenter only calmed down when I pointed out the stupidity of blaming 
foreigners, when Americans travel overseas and are just as capable of 
bringing back pathogens as newcomers! And what about legal immigrants? 
Does he suppose that bacteria have a way of knowing who's legal and who 
isn’t? 





I myself contracted Cholera while working on my 2004 Tsunami rescue 
mission to Sri Lanka and brought that to Pasadena (much to the shock of the 
public health officials): 


http://www.scott-mumby.com/mission1i.html 
I was not an illegal alien. 


As to the tapeworm, that was just pig ignorance (slight pun intended!) 
Parasites have been endemic in the US, especially the Deep South, for 
centuries. Transmission is by food and from pets, rarely by direct human 
contact. There are some bad beasties here, as you will Know if you have 
visited my parasite page: http://www.alternative-doctor.com/allergies/ 
parasites.htm 


For example, 25- 30% of the population of the south-eastern USA, mainly 
children, have whip worm (Trichuris species) and my textbook sources are 
impeccable: (Schmidt GD, Roberts LS, Foundations of Parasitology, Times 
Mirror/Mosby College Publishing, St. Louis, 1989, p. 418). 


Ironically, I might be warning healthy Europeans to take care when they 
come to the USA! 


So with the political frenzy disposed of, 
what do we know? 


MRSA was actually caused by doctors, not immigrants. It’s an inevitable 
result of overuse of antibiotics, followed by tougher strains of penicillin (like 
methicillin), used to try and clean up the stubborn bugs, and the eventual 
emergence of resistance even to methicillin. 


It’s uncertain what the true incidence is because it is not at this time a 
notifiable disease. But the 2008 JAMA article worked by extrapolating from 
earlier 2005 figures and is, in effect, a mere guess. There were 5,287 
invasive infections reported that year in the regions studied, which would 
translate to an estimated 94,360 cases nationally. There were 988 reported 
deaths among infected people in the study; around 20% and this was simply 
extrapolated up to 18,650. 


IF THE STUDY FIGURES ARE CORRECT — and I emphasize they are only an 
intelligent guess, which I accept as such — then MRSA is killing more people 


than AIDS. 988 out of 94,360 cases gives a rate of 6.3 per 100,000. That 
would translate to 18,650 deaths annually (the researchers admit they don’t 
even know if MRSA was the cause in all cases). AIDS killed an estimated 
17,011 Americans in 2005. 


Scare Talk? I don’t think so 


You might think this is scare talk’ “Of course this thing will never get out 

of control”. You are wrong. It is already out of control. The unanswered 
question is will it spread like wildfire, or just continue as a grumbling danger 
lurking below the surface? 


Let’s just hope that the pandemic model won’t happen. As I said there are 
strong parallels with the Medieval “Black Death” but microbial disease is 
just not predictable. The important point to keep in mind is that pandemic 
infections, like any other infection, are NOT caused just by pathogenic 
microbes. 


Infectious disease is caused by a lowered immune system. Period. 


Healthy individuals, with a vibrant immune system and a positive mental 
attitude will not succumb to pathogens, no matter how vicious they are. I 
lived in a malarious country for years, with no prophylaxis, got bitten a dozen 
times a day by mosquitoes and caught nothing (there was even dengue fever 
present in our city). 


We are in balance with Nature. She has invented NOTHING we cannot 
handle, if our defence mechanisms are working properly. Always remember 
that; it’s important. But disease gets started because individuals are 
weakened by negative factors, such as overload, malnutrition, shock and 
stress. If we avoid these factors, or correct them quickly, there is no reason 
to fear disease. 


Be healthy, that’s your best protection. Remember my #1 motto in this: any 
good health measure is an anti-infection measure (same with cancer). 


If you are struck down in a pandemic of any kind, you can forget the idea 
that the doctor will come along and help you. Even if the medical profession 
knew how to deal with such a problem, which it doesn’t, there would simply 
not be enough doctors to go around. You will be on your own. 


You need to read this report carefully and NEVER throw it away. 


How many valiant men, how many fair ladies, breakfast with their 
kinfolk and the same night supped with their ancestors in the next 
world! The condition of the people was pitiable to behold. They 
sickened by the thousands daily, and died unattended and without 
help. Many died in the open street, others dying in their houses, made 
it known by the stench of their rotting bodies. Consecrated churchyards 
did not suffice for the burial of the vast multitude of bodies, which were 
heaped by the hundreds in vast trenches, like goods in a ships hold 
and covered with a little earth. 


Giovanni Boccaccio 
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Bacteria are single-celled organisms. 
They come in a variety of shapes: 

round spheres (called a coccus, plural 
cocci), rod-shaped (called a bacillus, 
plural bacilli), spiral- shaped (called a 
spirochete, plural spirochetes) and a few 
odd-balls (no plural!) 


Bacteria are the oldest living organisms 
on planet Earth. Since they don’t produce 
“babies” (offspring), but reproduce by 
just splitting in two, you could say that 
bacteria represent an original founding 
organism which is now billions of years 
old! 





rod forms 


Estimates of how many cells make up a 
human being vary—between 1 trillion and 
100 trillion. I’ve seen both. 


But what is clear is that there are 10 TIMES more bacteria in you and on you 
than the actual number of cells that go to make up YOU! 


You are about 10% dry weight of bacteria: that’s you, your body and your 
cells, minus the water in your tissues. 


If you took away all the connective tisues of a human being, just leaving the 
cells, you’d have the equivalent of 9 human beings in your gut, so far as cell 
numbers were concerned; THAT’S how big a deal bacteria are for us. 


Bacteria have only one single strand of DNA that encodes their nature. We 
humans have about 25,000- 30,000 genes that make up our humanness. 


But there are over 100 times more bacterial genes, on you and in you, which 
all that matters. That’s 3 million genes, set against your measly 1%. What 
happens to your bacteria, happens to you. Trust me. 


We need lots of respect for those single-cell organisms that are all-but part 
of us. In fact bacteria keep us alive. The friendly ones act like body armour 
and prevent pathogenic invaders from destroying us. They keep the outer 
environment under control, so we stay healthy. They digest our food. They 
make certain vitamins for us. 


Remember, the vast majority of bacteria are friendly or at least harmless. 
There are just a few troublemakers that create disease and death. 


However, there is a real mystery. How do they do anything at all? I mean, 
there is no brain or nervous system. They don’t have any obvious means 
of communicating or interacting. How do bacteria get organized to make 
somebody sick or healthy? They are so tiny and inconsequential, it seems 
unreasonable they could affect us at all, while acting individually. 


Well, according to Professor Bonnie Bassler at Princeton there has been 

a breakthrough discovery. Bacteria, it seems, have a secret chemical 
conversation system. It’s called “quorum sensing.” As it turns out, every type 
of bacteria makes and secretes small molecules (a bit like hormones). When 
a bacterium is alone, these molecules have no effect (no receptors). 


But when there’s a large enough group of bacteria, these secreted molecules 
reach a critical level and suddenly all the bacteria begin to act as a 
synchronized group, based on the characteristic behavior programmed into 
the genes. 


This was first discovered by Bassler, observing a marine bacterium called 
Vibrio fischeri. This little organism emits light. But when a suspension of 
bacteria is so dilute they are, in effect, isolated, nothing happens. Only when 
the bacterial concentration—and hence the level of quorum sensing signals— 
reaches a certain level, then all the bacteria “switch on” at once and begin 
to glow in the dark. It seems remarkable that tiny organelles, without any 
apparent sense organs, can suddenly tell who is in the neighborhood and 
how many neighbors there are! 


Incidentally, they can talk inter-species too. A second quorum sensing 
mechanism, possessed of all bacteria and working interspecies, is what 
Bassler calls a “bacterial Esperanto”. 


The implications of this are devastating. Consider a pathogenic organism 
inside your body. If a few bacteria released their virulence, it would have no 
effect. You are at least a trillion times bigger than they are. 


But they grow and multiply and when their quorum sensing tells them there 
are enough cronies present, they all launch their virulence attack at the 
same time. This way they are able to suddenly overwhelm an enormous host 
and bring it down. 


Neat huh? But not good if you are the victim. 


However this remarkable discovery by Bassler has two important 
consequences, both with enormous medical implications. 


A whole new type of antibiotics can be looked for, which will effectively block 
the quorum sensing molecules (like jamming the enemy radar). 


Health can be built, helping to block out bad bacteria, by supporting and 
provoking the chemical sensing of the good, friendly bacteria that support 
us! 


Watch out, this is the way it’s going to go. 


Meantime, we have to worry about protecting ourselves. 


What about viruses? 


Viruses, are dangerous and can cause many infectious diseases, some of 
which can be fatal to humans. Smallpox, for example. However, viruses are 
not the same as bacteria. While a bacterium is a single celled organism, 

a virus is not even a single cell; technically it’s the equivalent of part of a 
nucleus—just a package of DNA, wrapped up in a protein envelope. 


The virus cannot live and cannot reproduce, unless it breaks into a cell 

and hijacks the cell’s reproductive mechanism. It does this by taking over 
the DNA of the cell and forcing the cell to replicate its own viral DNA. This 
results in making lots of new viruses, but the cell will usually die in this 
process, releasing the new viruses to go and infect more cells. So the disease 
spreads. 


The trouble is, viruses are not killed by antibiotics so, although they may be 
very dangerous, they don’t come under the material covered by this report. 

Only a few anti-viral substances are available, and none which are fully safe. 
But that’s a different story. 
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What about parasites? 


Parasites are different again. They may cause disease and can be either 
single celled or multicellular animals. A worm, for example is multi-celled; as 
well as mechanisms for digestion, it has muscular fibers for movement. 


Segmented worms, like tapeworms, are certainly multicellular, but each 
segment is more or less identical to the segment above and segment below. 
So parasites of this type work a bit like a duplicating or photocopying 
machine, breaking off new pieces of identical infected tissue and eggs. It’s 
more like a colony than an animal, really. 


But we also have single cell parasites such as Giardia lamblia and malaria. 


Yes, malaria is a parasitic disease; the killer organism of the species 
Falciparum invades the blood and reproduces itself destroying blood cells in 
the process. The patient will sometimes die of too much blood loss as much 
as the severe fever which can ensue. 


Note that the infamous mosquito is only the spreader of the malaria parasite. 
It does not otherwise cause malaria and you may be bitten by a mosquito 
and not get malaria. Conversely, you cannot get malaria unless you are 
bitten by an infected mosquito. The mosquito is an essential intermediate we 
call a “vector”. 


There are many treatments for parasites depending on the nature of the 
organism concerned. None of these fall within the definition of antibiotic, and 
so will not be considered in this report. 


Where there is a clear vector, such as in the case of malaria, wiping out the 
vector is an obvious way to block transmission of the disease. However trying 
to eliminate mosquitoes has met with only very limited success. That doesn’t 
seem to be the way to go. 


Historic antibacterials 

Many cures for infectious diseases existed prior to the beginning of the 
twentieth century which were based on medicinal folklore. That didn’t mean 
they did not work; just that doctors weren’t interested in them! 


Cures for infection in ancient Chinese medicine, using plants with antibiotic- 
like properties, began to be described over 2,500 years ago. Many other 


ancient cultures, including the ancient Egyptians, ancient Greeks and 
medieval Arabs already used molds and plants to treat infections. 


Cinchona bark (quinine) was a widely effective treatment of malaria in 
the 17th century, the disease caused by protozoan parasites of the genus 
Plasmodium. 


According to legend, the first European ever to be cured from malaria fever 
was the wife of the Spanish Viceroy, the countess of Chinchon (hence the 
name). 


The court physician was summoned and urged to save the countess from 
the waves of fever and chill that were threatening her life, but every effort 
failed to relieve her. At last the physician administered some medicine 

which he had obtained from the local Indians, who had been using it for 
similar syndromes. The countess survived the malarial attack and reportedly 
brought the cinchona bark back with her when she returned to Europe in the 
1640s. 


The birth of homeopathy (see section #41) was based on quinine testing. 
The founder of homeopathy, Dr. Samuel Hahnemann, when translating the 
Cullen’s Materia medica, noticed that Dr. Cullen wrote that quinine cures 
malaria and can also produce malaria. Dr. Hahnemann took daily a large non- 
homeopathic dose of quinine bark. After two weeks, he said he felt malaria- 
like symptoms. This idea of “like cures like” was the starting point of his 
writings on “Homeopathy”. 


The Love Triangle 


Gonorrhea, together with syphilis and HIV, make a “love triangle” of the 
most famous sexually transmitted diseases. Indeed, gonorrhea, caused by 
the Neisseria gonorrhoeae bacterium, affects 62 million people, aged mainly 
15 to 29, and represents world’s second most widespread STDs after the 
infection with Chlamydia trachomatis (930,000 cases of Chlamydial infection 
and 360,000 of gonorrhea were assessed in the United States in 2004). 


But the power of gonorrhea is what really have shocked the scientists (as 
revealed in a new research published in PLoS Biology): relative to its weight, 
the Neisseria bacterium is the strongest organism on Earth: it can pull up to 
100,000 times its body weight (could you drag 7,000 tons?). 





Many bacteria move around using up to 10 contractile filaments named pili. 
The pili can be 10 times longer than the bacterium itself. Neisseria bacteria 
employ pili, but no one has seen before that these bacteria can join the force 
of their pili for achieving long, strong pulls. 


The team led by Michael Sheetz at Columbia University in New York 





Staphylococcus and Co. 





Now let’s get back to bacterial disease and 
the problems we face trying to eliminate 
them. 


I want to emphasize that Staphylococcus 
infections have been with humankind since 
forever. Most infections affect the skin and 
are mild. S. aureus was first identified in 
Aberdeen, Scotland, in 1880 by the surgeon 
Sir Alexander Ogston in pus from surgical 
abscesses [Classics In Infectious Diseases. 
“On Abscesses”. Alexander Ogston (1844- 
1929)]. 





The name Staphylococcus aureus (abbreviated to S. aureus or Staph aureus 
in medical literature), literally means the “golden cluster seed” or “seed gold” 
. It is named on account of its golden appearance when it grows in colonies. 
You have probably seen the color too, in the golden-yellow crusts that form 
on the face, around the mouth, called impetigo. 


About 20% of the population are long-term carriers of S. aureus. It can 
cause a range of illnesses from minor skin infections, such as pimples, 
impetigo, boils, cellulitis, folliculitis, carbuncles and abscesses, to life- 
threatening diseases such as pneumonia, meningitis, osteomyelitis, 
endocarditis, Toxic shock syndrome (TSS), and septicemia. 


The new antibiotic resistant MRSA monster has been created by doctors, not 
by Nature. For years it has been the feared hospital bug that no-one talks 
about, because it’s something given to you by doctors and nurses when you 
enter their environment. A survey earlier this year suggested that MRSA 
infections, including noninvasive mild forms, affect as many as 5 percent of 
hospital patients. Nobody wants suing; hence the secrecy. 


Nobody likes to be a bringer of bad news but it is clearly going to get worse. 
More deaths. Hospitals are becoming a horribly unsafe place to be. 





Beware of the hospitals! 


Hospitals are just about the most UN-healthy 
places a person can find themselves. The 
very people who are looking after you, may 
be giving you a very unpleasant disease. 
One in every 20 healthcare workers carries 
methicillin-resistant Staphylococcus aureus 
(MRSA), researchers in Switzerland said. 


But the vast majority is without symptoms 
and only 5% have full-blown clinical 
infections, according to Stephan Harbarth, 
M.D., of the University Hospitals of Geneva, 
and Werner Albrich, M.D., of University hospital contracted MRSA 
Hospital Bern. 





One implication is that screening efforts 

aimed at symptomatic infections are likely 

to miss a large proportion of colonized 

healthcare workers who might transmit the bacteria, according to a review in 
the May 2008 issue of Lancet Infectious Diseases. 


Instead, the study authors said, “aggressive screening and eradication 
policies” should be used in an outbreak and in situations where MRSA has 
not reached highly endemic levels. The researchers looked at 127 studies 
published from January 1980 through March 2006, to see how likely 
healthcare workers are to be infected or colonized by MRSA and to assess 
their role in MRSA transmission. 


On the basis of the published evidence, the study said, healthcare workers 
are usually vectors, rather than the main sources of MRSA transmission, 
implying that “good hand hygiene practices remain essential to control the 
spread of MRSA.” 


Among 33,318 workers screened in the studies, 4.6% on average were 
carrying MRSA, the researchers found -- usually in the nose, although other 
sites were found. Most (94.9%) had no symptoms. 


Risk factors included chronic skin diseases, poor hygiene practices, and 
having worked in countries with endemic MRSA. 





Research revealed 18 studies with proven, and 26 studies with likely, 
transmission to patients from healthcare workers who were not clinically 
infected with MRSA. 


“Staphylococcal dispersal is mainly dependent on whether the person is a 
nasal carrier,” researchers said, so that “screening of infected healthcare 
workers only will likely miss a large number of asymptomatic personnel 
capable of transmitting MRSA to patients.” 


So beware! 


Source reference: Albrich WC, Harbarth S “Health-care workers: Source, 
vector, or victim of MRSA?” Lancet Infect Dis 2008; 8: 289-301. 


Pets Can Give You MRSA Too 


Pet owners are blithely unaware that life-threatening pathogens can be 
picked up from their beloved pooch or pussycat. 


According to Dr. Richard Oehler, of the University of South Florida College 
of Medicine in Tampa, and colleagues writing in the July 2009 issue of The 
Lancet Infectious Diseases. 


Dog and cat bites account for about 1% of emergency department visits 
each year in the United States and Europe. Severe infections occur in about 
20% of all cases and are caused by bacteria from the animal’s mouth, plus 
possibly other bacteria from the human patient’s skin. 


About one in every 10 dogs or cats carries S. aureus. About a third (35%) of 
those were found to carry the MRSA strain, according to a study done at the 
University of Pennsylvania Veterinary School. 


Of course infections travel both ways. More human cases of community- 
acquired MRSA leads to more MRSA colonization in domestic animals. 


In fact, the study found that in some cases, pets may be picking the 
pathogen up from humans. “A growing body of clinical evidence has 
documented MRSA colonization in domestic animals, often implying direct 
acquisition of S. aureus infection from their human owners,” the team noted. 
MRSA-related skin infections in pets can then easily spread back to humans, 
so your pet may pose considerable danger. 


Sepsis, a potentially fatal bloodstream infection, can be a complication 
following bite wounds from a pet infected with MRSA or other types of 
bacteria. 


Animals bites are a major cause of injury in the USA and Europe each year, 
particularly in children. Bites to the hands, forearms, neck and head are 
usually the worst. 


Treatment of MRSA infections in pets is similar to that used in humans and 
for the most part, the danger to pet owners -- even those most vulnerable to 
MRSA -- remains low. 


SOURCE: The Lancet Infectious Diseases, news release, June 21, 2009 The 
worry now is that MRSA has spread beyond hospitals into the community. 
It’s fancy name is CA-MRSA (community-associated methicillin-resistant 
staphylococcus aureus). In recent years, the resistant germ has been 
spreading through prisons, gyms and school locker rooms, mostly in poor 
urban neighborhoods. 


An especially dangerous form is brought about by inhalation; the bacteria 
goes straight to the lungs, produces a sudden and violent pneumonia and 
the victim can die WITHIN HOURS, coughing up frothy blood and unable to 
breathe. 


This is why I likened it to the Black Death (Bubonic Plague or just “The 
Plague”). The so-called respiratory form of Plague in olden times was also 
very sudden; it often killed the same day as it was inhaled. Remember the 
kid’s nursery rhyme “Tissue, aTissue, We all Fall down” (dead)? That was said 
to commemorate respiratory Bubonic plague. 


Suddenly, queues and public gatherings are potentially dangerous 

places. You are just as likely to catch this modern killer in a queue at the 
supermarket, from some young all-American sports youth or cheerleader, 
as you are from a foreigner, so please do not start or join any aversion 
campaign against “dirty immigrants”. It’s ignorant and could cost YOU your 
life by having you focus on the wrong thing. 





Community Active MRSA 


The worry now is that MRSA has spread beyond hospitals into the 
community. It’s fancy name is CA-MRSA (community-associated methicillin- 
resistant staphylococcus aureus). In recent years, the resistant germ has 
been spreading through prisons, gyms and school locker rooms, mostly in 
poor urban neighborhoods. 


An especially dangerous form is brought about by inhalation; the bacteria 
goes straight to the lungs, produces a sudden and violent pneumonia and 
the victim can die WITHIN HOURS, coughing up frothy blood and unable to 
breathe. 


This is why I likened it to the Black Death (Bubonic Plague or just “The 
Plague”). The so-called respiratory form of Plague in olden times was also 
very sudden; it often killed the same day as it was inhaled. Remember the 
kid’s nursery rhyme “Tissue, aTissue, We all Fall down” (dead)? That was said 
to commemorate respiratory Bubonic plague. 


Suddenly, queues and public gatherings are potentially dangerous 

places. You are just as likely to catch this modern killer in a queue at the 
supermarket, from some young all-American sports youth or cheerleader, 
as you are from a foreigner, so please do not start or join any aversion 
Campaign against “dirty immigrants”. It’s ignorant and could cost YOU your 
life by having you focus on the wrong thing. 








42 The Danger Is Increasing 
— 


Exactly as I predicted in the first edition of this book, things are falling apart 
rapidly. We are just a few years from total meltdown. 


In 2009 a new strain of MRSA arose which is more deadly than anything we 
have seen previously. According to a report (November ist 2009) this new 
strain of MRSA is five times more lethal than what has gone before. The 
mortality is 50%, compared to 11% for the “normal” MRSA 


[Henry Ford Hospital study presented at the 47th annual meeting of the 
Infectious Diseases Society of America Oct. 29-Nov.1 in Philadelphia]. 


Why aren’t the newspapers and TV programs screaming about this? 


Bear in mind, the problem here is not just MRSA. Now we have Vancomycin 
resistant enterococcus (VRE). That’s much more to be feared: if it reaches 
the septicemia stage it is 100% fatal. Nothing can stop it (Vancomycin is 
known as the “last defence” antibiotic). 


Our old killer enemy TB has now morphed into a new strain which is resistant 
to ALL KNOWN ANTIBIOTIC DRUGS. 


Also we now have PRSP (penicillin-resistant Streptococcus pneumoniae). It 
is reported that out of 100,000 hospitalizations for pneumonia, 40% are now 
due to this organism. 


Then there is GISA. Never heard of that one? 


In December 2002 the microbiology department at Monklands Hospital, 
Scotland isolated only the third Glycopeptide Intermediate Staph Aureus 
(GISA) in the United Kingdom. 


The press were involved due to the rarity of this organism and the fact that 
this infection had a fatal outcome for the patient (the first fatal case in the 
UK). 


After a press conference, Dr Alistair Leanord, consultant microbiologist, 
invited TV crews into the microbiology department to film biomedical 
scientist staff using the Vitek Autoanalyser, which was used to initially detect 
the GISA organism. 


The problem is, GISA is not susceptible to vancomycin or teicoplanin. 
Vancomycin and teicoplanin are considered the last line of defence against 


MRSA. However, fortunately, all GISA isolates to date have been susceptible 
to other antimicrobial drugs that have been effective in treating cases. 


But what happens when that lucky state of affairs runs out? 


C. difficile and membranous ulcerative 
colitis 


You may have heard of C. difficile (or C. dif and various other appelations). 
Its real name is Clostridium difficile and that says it all. Most of the Clostridia 
species are nasty and cause diseases like botulism and gas gangrene. 

Diff causes membranous ulcerative colitis, a severe and often fatal bowel 
inflammation. 


Dif comes about from overuse and abuse of antibiotics. It’s just another 
example of where good turns bad; the wonders of antibiotics become a 
deadly liability. 


In recent years, C. difficile infections have become more frequent, more 
severe and more difficult to treat. he European Center for Disease Prevention 
and Control recommend that fluoroquinolones and the antibiotic clindamycin 
be avoided in clinical practice due to their high association with subsequent 
Clostridium difficile infections. 


The emergence of a new, highly toxic strain of C. difficile, resistant to 
fluoroquinolone antibiotics, such as ciprofloxacin (Cipro) and levofloxacin 
(Levaquin), said to be causing geographically dispersed outbreaks in North 
America was reported in 2005. The Centers for Disease Control in Atlanta has 
also warned of the emergence of an epidemic strain with increased virulence, 
antibiotic resistance, or both [McDonald L (2005). “Clostridium difficile: 
responding to a new threat from an old enemy” (PDF). Infect Control Hosp 
Epidemiol 26 (8): 672-5. doi:10.1086/502600. PMID 16156321]. 


When severe, symptoms include watery diarrhea 10 to 15 times a day, 
abdominal cramping and pain, fever, blood or pus in the stool, nausea, 
dehydration and loss of weight. 


Some people may be symptom free carriers (as with amebic dysentry). 
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Treatment is difficult, wouldn’t you know! 


Antidiarrheals are strictly contraindicated because a life-threatening dilation 
of the bowel called toxic megacolon may result. 


Different antibiotics may be called for. Treatment with oral vancomycin or 
parenteral metronidazole usually will result in abatement of symptoms within 
3 to 5 days. 


This is certainly one puppy that isn’t going to yield to yoghourt and 
roughage! 


But unless the patient needs hospitalizing for support, chlorine dioxide 
therapy (section #18) should be tried; hydrogen peroxide (section #19); or 
colloidal silver (section #21). 


Probiotics are essential. The orthodox treatment of choice is rapidly 
becoming a human faecal transplant (see section 40b). 


A SCENAR (section #44) and homeopathics (section #41), would bring in 
useful energetic support. Try Cantharis, Colchicum, Colocynthis, Arg.Nit., 
Brom., Lach. 


Aloe vera is the best herb to try (section #35). 








The Golden Age Is Over! 





In an article which appeared in Medscape, 2/3/2010, Dr Paul 
Auwaerter, MD, MBA, Clinical Director, Division of Infectious 
Diseases at Johns Hopkins University School of Medicine, was 
quoted as saying that, “The patients are sicker than ever before, 
SO we are using antibiotics more intensively, and the bacteria 
are changing in response. At the same time we have really lost 
ground in incentive mechanisms for creation and production of 
new antimicrobial compounds. 





Emerging Antibiotics: Will We Have What We Need? Laura A. 
Stokowski, RN, MS 


Unfortunately, the general public are still not getting this problem of 
antibiotic resistance or the absence of effective new antibiotics. People 
generally have faith or have been lulled into believing that medical scientists 
can develop effective new antibiotics whenever needed because they have 
always done so in the past. 


By the time most people wake up to the realities of the situation, it will be 
too late. Antibiotic-resistant infections are becoming the next great equalizer, 
and this is not just a problem for the elderly or the immune-suppressed. 
Friends and family, rich and poor alike, will succumb to infections that should 
be curable but aren’t, and everyone will be looking around for someone to 
blame. 


The many factors that have contributed to the current crisis have already 
been debated, but these sobering facts remain: 


e More US patients die of MRSA infections than HIV/AIDS and tuberculosis 
combined. 


e Only 2 new antibiotics -- doripenem and telavancin -- have been approved 
in the past 3 years. 


e We have no drugs to treat infections with some strains of multi-drug- 
resistant gram-negative bacilli, like Pseudomonas aeruginosa and 
Actinobacter baumannii. 





We may finally have arrived at the era of the untreatable bacterial infection. 


Livermore DM. Has the era of untreatable infections arrived? J Antimicrob 
Chemother. 2009;64(Supp! 1):29-36. 


Mechanisms are varied 

Resistance can be either inherent -- as exemplified by the inability of 
vancomycin to penetrate the cell wall of gram-negative bacteria -- or 
acquired. Acquired resistance is a change in the bacterium’s genetic 
composition that permits clinical resistance to drugs that were once active 
against it. Acquired resistance can reduce the effectiveness of an antibiotic or 
render the antibiotic completely ineffective against the bacterium. 

Bacteria can also become resistant to other classes of antibiotics (cross- 
resistance) or transfer their resistance genes to other microbes and species 
(co-resistance). The strategies used by bacteria to resist the actions of 
antibiotics include: 

e Reduced outer membrane permeability; 

e Reduced cytoplasmic membrane transport; 

e Increased efflux/decreased influx of antibiotic; 

e Neutralization of antibiotic by enzymes; 

e Target modification; and 


e Target elimination 


SOURCE: Chen LF, Chopra T, Kaye KS. Pathogens resistant to antibacterial 
agents. Infect Dis Clin N Am. 2009;23:817-845 





Escape Pathogens 
(usually labeled ESKAPE) 
These are pathogens of highest concern; the most serious, life-threatening 


infections as classified by the Infectious Diseases Society of America (IDSA), 
so-called because they effectively escape the effects of antibacterial drugs. 


These include: 


e E Enterococcus faecium Third most common cause of health-care 
associated blood stream infections. Increasing resistance to vancomycin 


e S Staphylococcus aureus (MRSA) Emerging resistance to current drugs 
and significant 


e drug toxicities. Lack of oral agents for step-down therapy 

e K Klebsiella 

e Escherichia coli 

e K pneumoniae Extended beta-lactamase producing organisms increasing 
in frequency and severity; associated with increasing mortality. K 
pneumoniae carbapenemases causing severe infections in LTCF. Few 


active agents; nothing in development 


e A Acinetobacter baumannii Increasing worldwide, recent surge reported in 
hospitals. Very high mortality. Carbapenem-resistant 


e P Pseudomonas aeruginosa Increasing P. aeruginosa infections in US and 
worldwide. Resistant to carbapenems, quinolones, aminoglycosides 


e E Enterobacter species MDR HCA infections increasing; resistance via 
ESBLs, carbapenemases, and cephalosporinases 


(key: HCA = healthcare associated; BSI = bloodstream infection; MRSA = 
methicillin resistant S aureus; ESBL = extended-spectrum beta-lactamase; 
LTCF = long-term care facility; MDR = multiple drug-resistant) 





No New Antiobiotics On The Way 


The trouble is, according to Brad Spellberg, MD, Associate Professor of 
Medicine, Geffen School of Medicine at UCLA, “The economic and regulatory 
climates have changed so that the drug companies aren’t making new 
antibiotics. We’ve been talking about antibiotic stewardship since the 1950s. 
It used to be ‘new bug, new drug,’ but not anymore. We are already seeing 
infections resistant to all of the antibiotics that we have now, and the number 
will increase at a geometric rate over the next 5 years.” 


It’s not that there aren’t any antibiotics in development. There are, but 

they won’t solve our real problems. The antibiotics aimed at gram-negative 
infections that are currently in development have mechanisms of action 
similar to the drugs we already have available. Ceftobiprole and ceftaroline, 
for example, have both completed phase 3 trials, but they are essentially the 
same as cefepime, a drug already on the market. A gram-negative organism 
resistant to cefepime, then, will also be resistant to both ceftobiprole and 
ceftaroline. So, explains Dr. Spellberg, the real problem is that there are 

no gram-negative antibiotics in the pipeline that will work against bacteria 
already resistant to the drugs we have. The number of drugs that have 
made it through the developmental process and received FDA approval has 
plummeted in recent years. From 1983 through 2007, systemic antibacterial 
approvals declined by 75%. [Boucher HW, Talbot GH, Bradley JS, et al. Bad 
bugs, no drugs, no ESKAPE! An update from the Infectious Diseases Society 
of America. Clin Infect Dis. 2009;48:1-12. Abstract]. 


What the Rest of Us Can Do 


Dr. Paul Auwaerter has 2 suggestions: First, education and awareness of this 
issue must increase among the medical community. Second, political, and 
scientific forces must work together to recognize the scope of the problem 
and develop solutions. “We learned a lesson from the HiN1 pandemic: 

the importance of being prepared. Right now, we are not close to being 
adequately prepared.” 


We need to realize that it isn’t just our patients who are at risk, it’s all of us. 
But nothing will change if we sit back and think this problem is too big, too 
complex, that it’s someone else’s problem, or that there is nothing we can 
do. There is something we must do, according to Dr. Spellberg. “Only when 
constituents start putting pressure on elected officials will things change.” 


“We need [physicians’ and nurses’] voices because right now the FDA is 
dominated by statisticians and the clinicians are being shouted down. We 
have lost our voices. They are making drug approval decisions based on 
statistical results and have lost all sight of clinical reality.” 


Dr. Spellberg recommends writing letters to the editors of professional 
journals or other media, expressing concern -- and yes, outrage -- about 
the current situation. People can also inform regulatory officials and 
politicians that the current approach to approving drugs is unacceptable; 
that physicians are being excluded from these conversations, and that 
statisticians should not have the sole voice. Demand that the FDA stop 
insisting on perfection and demand that clinicians have a say in the approval 
process. DO YOUR PART: read this important information manual and raise 
your voice. Only by wide public action will anything change. The dangers 
are real; they are here NOW and are not (ever) going to go away. So take 
immediate action. 


The Bottom Line 


“As the Medscape article concluded: We are literally inches away from a 
crisis in public health that will severely hamper our ability to transplant 
organs, replace hips, provide cancer chemotherapy, perform dialysis, or 
keep premature babies alive. Then, it will only be a matter of time before 
otherwise healthy individuals will die because they contracted infections 
after routine surgery or were infected by pathogens that are common in 
the community but for which we no longer have a cure.” Death is stalking 
everybody. Get wise; get educated and take effective action. 


My Advice 


I can tell you that the usual trite advice: using chlorox or Lysol and washing 
your hands is a waste of time against the pneumonic form. Shocked? You 
shouldn’t be. Count on “official” recommendations to be stupid, inadequate 
and/or worthless. 


They don’t even listen to their own science. 
The question remains: if there is a pandemic of this organism, what should 


you do? Please note that my answers amount to good health advice for the 
present, when and while you remain fit and well. This is not just “disaster 


talk”. Any good health measure is a good protection measure in the event of 
an epidemic or pandemic. Those who survive will do so because they have 
strong physiology and a vibrant immune system. 


You can forget the idea that the doctor will come along and help you. Even 

if the medical profession knew how to deal with such a problem (which it 
doesn’t), there would simply not be enough doctors to go around. You will be 
on your own. 


But don’t panic. Contact does not mean inevitably going down with the 
disease. Millions did not die in the Plague years. Those who worked the carts 
to carry off the dead bodies generally survived: it was NOT a Suicide job! 
Doctors don’t all fall over with the diseases they treat, even though they are 
in intimate contact with infected patients. 


What is important is to build good health; 
overall health. 


In addition, you need to know some very handy treatments that will kill 
pathogens as effectively as prescription drugs. You have not been told 
about these—and you are not likely to be, with the establishment taking its 
orders from the trans-national pharmaceutical cartels (trans-national really 
translates as they don’t obey any country’s laws). 


The fact is these humble remedies I shall list are mostly cheap and there is 
not much profit in them. Not enough for greedy directors and stockholders of 
the drug companies. 


This eReport will introduce you to DOZENS of modalities for treating 

and eliminating infectious bacterial pathogens. Many of the treatments, 
incidentally, will also work against viruses AND parasites, which is more than 
can be said for antibiotics. 


But first, we have some study to do! As the sun begins to set on the magic 
of antibiotics and the (apparent) safety they brought, you need to learn what 
we are up against for the future. 
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Ti eee 
Understanding The Enemy 





Our fight with bacteria 





There are approximately ten times as many bacterial cells as human cells 
in the human body, with large numbers of bacteria on the skin and in the 
digestive tract. The vast majority of the bacteria in the body are rendered 
harmless by the protective effects of the immune system, and a few are 
beneficial. 


However, a few species of bacteria are pathogenic and cause infectious 
diseases, including cholera, syphilis, anthrax, leprosy and bubonic plague. 
The most common fatal bacterial diseases are respiratory infections, with 
tuberculosis alone killing about 2 million people a year, mostly in sub- 
Saharan Africa. 


For a time we got ahead in the war against infectious diseases. Better 
nutrition and public hygiene have been the main reason for the 
improvements. Vaccinations seem to be mainly a waste of time and have 
made no real impact on the gradual disappearance of infectious diseases. 


There is no question that antibiotics, too, made a huge impact in this war. 
For a time we had better weapons and ammunition than the enemy; it was 
only natural we would win. But even as antibiotics triumphed, within just a 
few years of their birth, resistant germs began to appear. 


The implications of this were being discussed even in my time as a med. 
student in the 1960s. But nobody really paid much attention. The relentless 
advertizing and heavy pushes of the antibiotic manufacturers, coupled with 
the natural human tendency to laziness on the part of doctors, meant that 
the drug industry went on making huge profits. And all the while, the time 
bomb was ticking. 


Back then we were just too naive to understand or care about the possible 
long-term consequences of excessive prescriptions. Today, with 20/20 
hindsight, we can say the path to where we are has been marked by reckless 
folly and greed. 


We have arrived at a place where the short-comings of drug-based medicine 
are all too plain. 


Antibiotics are gradually ceasing to work; most drugs have little real benefit 
and lots of side effects; the costs of prescriptions has risen to the point 
where drugs are now a huge proportion of the gross national product and 
deaths due to medicines has soared to the point where, in the US alone, 
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iatrogenic deaths—deaths caused by doctors—are now over 100,000 per 
year. 


That’s more citizens than were killed by the entire 10 years of the Vietnam 
war! 


And when I say drug deaths, I mean where the CORRECT drug, was 
CORRECTLY PRESCRIBED. Mistakes and blunders account for a further 
7,000 deaths per year. And that’s from a study carried out by a professor 
of medicine at Johns Hopkins School of Hygiene and Public Health, not 
“statistics” from left wing agitators or Ralph Nader. 


[By the way, since it is germaine to the topic in question, you can throw 
in another 80,000 deaths a year from infections acquired in hospital and 
despite the very best of antibiotic therapy]. 


Not a pretty picture. 


But the othere way that other way our world has been SERIOUSLY DAMAGED 
is by the obsession with finding the pharmaceutical “holy grail” is that basic 
medicine and health care has been lost. 


Doctors don’t even consider hygiene these days. They just fall back on 
antibiotics. 


A study published in the Annals of Internal Medicine (2004), brought to 
light the fact that doctors, even surgeons, who thought they were not being 
watched, didn’t bother to wash their hands much. They were caught on a 
hidden video camera. 


This is despite the proof from Dr. Ignaz Semmelweiss, going back over a 
century, that surgeons washing their hands before an operation saved the 
lives of countless women in childbed (puerperal sepsis or “childbed fever” 
had over 50- 100% mortality and it was mainly caused by poor hygiene 
technique). 


In this study, under an infection control expert with the University of Geneva 
Hospitals, researchers sought to better understand doctors’ attitudes. They 
secretly tracked 163 doctors to monitor their hand washing during the day. 
Each doctor also completed a survey about their attitudes on hand hygiene. 


They observed just 57% of doctors washing their hands between patients. 


Internists and medical students were the most diligent about washing their 
hands. Surgeons and anesthesiologists washed their hands least often. 


On days when doctors had a busy workload, they were less likely to wash, 
the report shows. If they thought they were being watched, they were more 
likely to wash. 


If doctors carried hand-wipe packets with them, or if hand-rub solutions were 
at the patient’s bedside, they were more likely to use them. These solutions 
don’t require water and a sink. 


In fact, an expert infection-control panel recently issued a national 
recommendation promoting the use of these hand-rub solutions for 
disinfecting hands that are not grossly soiled, writes Robert A. Weinstein, 
MD, with Chicago’s Cook County Hospital, in an accompanying editorial. 


It’s “excellent advice,” he writes. Doctors “must use these products as a 
matter of ritual on entering and leaving every patient’s room.” Also, doctors 
must act as role models for medical students to ensure that each generation 
of doctors follows good hand hygiene -- and infection control -- practices. 


It’s not just hygiene 


It’s worse. Doctors no longer think of healthy nutrition. Yet that’s the whole 
reason we beat TB. This disease was nearly gone before the first antibiotics 
arrived in the 1950s. TB is a disease of under-nutrition. Good food is the 
cure, not drugs and certainly not the vaccine (BCG). 


Rest, calm, good food and love are the main ingredients of any good medical 
practice. Yet these are ignored, in the stupid belief they are unimportant and 
that drugs are the “real” medicine. Hell, people recovered all over the place 
before these drugs were ever invented. 


There are some truths that will never go away, no matter what scientific 
advances may come about. Doctors who lose sight of these healing elements 
are a danger to the community. 


Finally, as you know, countless safe and effective remedies from popular 
culture were summarily dropped as if they had no place in modern medicine. 
Herbs and other remedies have been around for centuries: they are not 
here because people are gullible and believe in folk myth and snake oil—but 
because these herbs really do work! 


Homeopathy too has proven itself time and again. Now it is virtually banned 
and doctors who practice it treated as outlaws. 


The result? 


We are going downhill rapidly to a dangerous new time, when drugs may not 
be able to dig us out of the mess caused by doctor folly. I am concerned. 





Killing Bacteria Has A 


Downside 





Even killing pathogens can wreak havoc. Consider this cautionary tale: it 
shows we have a lot more to learn. 


When scientists discovered that a bacterium Helicobacter pylori, not stress, 
caused most stomach ulcers, two researchers were awarded a 2005 Nobel 
Prize and medical practice changed significantly. Now antibiotics are used 
to treat ulcers. It is satisfying to note that ulcers and even stomach cancers 
have declined dramatically in numbers. 


However microbiologist Martin Blaser and his colleagues at New York 
University began to document an odd medical trend. As Helicobacter pylori, 
virtually disappeared among children, cases of asthma tripled. So did rates of 
hay fever and allergies, such as eczema. 


After analyzing health records of 7,412 people collected by the National 
Center for Health Statistics, Dr Blaser and NYU epidemiologist Yu Chen 
reported this summer (2009) in the Journal of Infectious Diseases that 
children between three and 13 years old who tested positive for H. pylori 
bacteria were 59% less likely to have asthma. They also were 40% to 60% 
less likely to have hay fever or rashes. 


Among adults, gastro-esophageal reflux disease (GERD) became more 
common, as did some forms of esophageal cancer. 


Dr. Blaser soon reasoned that eliminating the harm these bacteria cause is at 
the expense of the protection they provide us. He may be right. The jury is 
still out. 


One thing is for sure: we are landlords to an immense host of bacteria and 
most of these species, and what effects they may have, are still unknown to 
science. But we must now suspect that they interact with us in diverse ways 
and can influence obesity, heart disease and cancer, as well as many other 
conditions. 


As many as 500 species of bacteria may inhabit our guts, like H.pylori. 
Maybe 500 or so other species make themselves at home in our mouth, 
where each tooth has its own unique bacterial colony. No one knows how 
many species we contain in all. This past August, researchers at Kings 


College London identified yet another new species of oral bacteria between 
the tongue and cheek. 


We are the equivalent of an Amazonian rain forest, where they discover new 
species every week! 


Until recently, half of humanity carried Herlicobacter pylori stomach bacteria, 
according to a 2002 study in the New England Journal of Medicine. Indeed, 
we appear to have evolved together. Among those born in the U.S. under 
the age of 25 or so, only 5% or so still carry Helicobacter, largely due to the 
indiscriminate use of antibiotics. 


The connection to allergies is just one of the pressing public health puzzles 
posed by our complex relationship with the trillions of microbes that call us 
home. “Recent studies have shown that changes in bacteria can be correlated 
with some pretty serious diseases,” says Jane Peterson, head of the National 
Human Genome Research Institute’s comparative sequencing program. 


Childhood diabetes also is on the rise in developed countries, for instance. 
Last week, University of Chicago immunologist Alexander Chervonsky and 
his collaborators at Yale University reported that doses of beneficial stomach 
bacteria can stop the development of Type 1 diabetes in lab mice. 


Common stomach bacteria also can stop the development of Type 1 diabetes 
in lab mice, researchers have reported. The researchers believe their findings 
could one day be used to develop bacteria-based treatments for patients. 


Other bacteria are just as crucial to our well-being, feeding us the calories 
from food we can’t digest on our own, bolstering our immune systems, 
tending our skin and dosing us with vitamins, such as B6 and B12, which we 
are unable to synthesize unaided. 


So indiscriminate use of antibiotics may carry a whole host of complications 
that cannot be foreseen. For sure, we will disturb the natural balance and for 
that we have a term: dysbiosis. It is particularly important in the gut, where 
dysbiosis can lead to multiple health problems, including food allergies and 
overgrowth of less friendly yeasts and bacteria. 





Metagenomics May Give Us The Edge 


Now scientists are trying to sequence bacterial genes (like plotting the 
human genome). No-one knows what will emerge from an investigation 
like this. But it’s being taken very seriously. In 2008 the National Institutes 
of Health launched a 5-year, $125 million Human Micro-biome Project to 
analyze hundreds of microbial species that make your body their home. 


Making the project possible is a new gene-mapping technique called 
metagenomics. 


To start, researchers at the Baylor College of Medicine in Houston, the 
Washington University School of Medicine in St. Louis, the Broad Institute in 
Cambridge, Mass., and the J. Craig Venter Institute in Rockville, Md., have 
been sequencing the genomes of 200 microbe species isolated from 250 
healthy volunteers. They are sampling bacteria from the skin, gut, vagina, 
mouth and nose, then attempting to identify them by cataloging variations in 
a single gene sequence that all bacteria share. 


Working with similar metagenomics projects in Europe, Japan, China and 
Canada, they hope to assemble a reference collection of genomic information 
covering 1,000 microbial species that infest us. If all goes as planned, they 
may soon find themselves trying to analyze 200,000 genes, compared to a 
feeble 20,000 for the human genome. 


These data sets are so huge, and we don’t have the tools yet to analyze 
them. But the diversity is more than anyone expected. Dr. Segre, who 
specializes in the study of the skin, found one set of microbial communities 
thriving in the bend of the typical elbow and an entirely different set of 
colonies on the average forearm. 


In all, she identified 113 different kinds of bacteria living in concentrations 
of about 10,000 per square centimeter on the surface and, just beneath the 
skin, in densities of one million microbes per square centimeter, she reported 
last May. 


In a real sense, the history of all these many microbes is the history of 
humanity itself. “We are living beings that co-evolved with micro-organisms,” 
Dr. Segre says. Evidence suggests that strains of helicobacter bacteria 
evolved along with humankind from its beginnings in primitive organisms a 
billion years ago. Every mammalian species appears to have its own unique 
variety of these microbes. Human-strain Helicobacter pylori accompanied 
our anatomically modern ancestors on their great walk out of Africa about 
58,000 years ago. Molecular epidemiologists at the Max Planck Institute for 


Infection Biology in Berlin have so far identified 370 strains of the bacteria 
that seemed to reflect the migrations and settlements of their human hosts. 


It is vital that we understand bacteria better, like this, rather than just 
thinking in crude terms of antiseptics and antibiotic drugs. 





r3: The rise of the superbugs 





The greatest old-time “superbug” was the one that brought the ravages of 
the “Black Death”. That’s the dread plague that swept the world in waves, 
over the 13th - 17th century. At its peak, it wiped out one third of the known 
population of the world. Imagine that today. Two billion people; where would 
we put all those bodies? We’d need machinery to dig graves fast enough. 
Decayed people would ooze into our water table. 


However today, I don’t think we wouldn’t lose such a big proportion of folks, 
because of antibiotics. But what would happen if antibiotics began to fail 

us, as they are beginning to do? It’s hard for younger people born today to 
imagine what such a world would be like. 


You’d have to be over 70 years to remember back to a time like that. I’m in 
my sixties and, as a baby boomer, was born right at the start of the penicillin 
era. 


But there were still cases walking the streets that you just wouldn’t see 
today. Like the kid in our village who had his right arm amputated at 

the shoulder. I was puzzled and upset by his deformity. Then the adults 
explained he’d nicked his finger on a tin can, got gangrene and had to lose 
his arm to save his life. 


Later in life, while I was at med school, there were still cases showing the 
era of the “old medicine”. Congenital syphilis, for example. It shows with a 
collapsed nose bridge and punched out holes, like extra nostrils , sucking air 
right through the sides. You could see that on a public ‘bus quite regularly 
(though of course the syphilis had eventually been eradicated in that 
person's body, by the judicious use of antibiotics). 


The late stages of syphilis were in evidence right up to the 1970s. General 
paresis of the insane (GPI, so-called) was the outrageous one, almost funny, 
characterized by megalomania. One patient when I was a medical school 
declared he was God, escaped the hospital and tried to buy a building for a 
million (he had no money), swept up to a minor radio celebrity and proposed 
to her and was finally picked up by the police “shooting the rapids” ina 
sewage facility. 


It has been speculated that Nietsche, a megalomaniac philosopher if ever 
there was one, suffered with GPI. Following a psychotic breakdown in 1889, 
at the age of 44 years, he was admitted to the Basel mental asylum and on 
18 January 1889 was transferred to the Jena mental asylum. He remained in 


demented darkness until his death on 25 August 1900. In Basel, a diagnosis 
of general paralysis of the insane (GPI; tertiary cerebral syphilis) was made. 


This diagnosis was confirmed in Jena and is still widely accepted. 


But easier to see, walking down the street, was Tabes dorsalis. This 
wretched condition is characterized by a stamping gait, due to loss of leg 
co-ordination. But the worst aspect, from the patient’s point of view, are 
the stabbing agonizing pains in the back and down the leg. Poor Delius, the 
composer, had this. 


Ironically, normal nerve signals didn’t get through. The patient would smash 
up their own knee joints, etc. because the protective mechanisms were not 
in place. It’s a moral lesson in the fact that pain is really there to protect us 
from harm, not make us miserable. 


Why am I wasting my time on this despicable disease, some may ask? 
Because syphilis was one of the most feared of all diseases for centuries and 
kept young men and women in terror of the act of union. It cast its dark 
shadow over saints and sinners alike and many a creative genius was snuffed 
out by its chill wind. 


Trust me, you would not want this monster to break loose again. Yet 
antibiotic-resistant syphilis has been with us for decades, certainly since the 
Vietnam war. GIs on furlough, young tarts who want to make cash giving 
them sex and bad prescribing by military MDs made it almost inevitable. 


All those romantic Victorian novels 


Who hasn’t read Dickens and Jane Austen and all those great old-time 
stories? Often one of the characters takes ill and dies, almost immediately. 
You wonder why? 


The dreaded diseases were TB (a very slow death, due to consumption) and 
lobar pneumonia. The latter was once nicknamed “Captain Of The White 
Horsemen Of Death”, due to its terrifying swiftness. A person would get 
wet on Friday and take a chill, develop a fever on Saturday and be dead 

by bedtime on Sunday. There was no treatment as such, all the doctor and 
family could do was wait for the “crisis”. 


This is the moment you have seen often in movies and on TV; the patient’s 
fever rages higher and higher and they rave in delirium. The loving wife sits 


there helplessly mopping the sweat from the patient’s brow (and her own, I 
imagine). Over the space of a critical couple of hours, with the mother of all 
battles raging in the victim’s body, fate was settled. Either he or she expired, 
or the immune system suddenly got the upper hand (like an arm wrestling 
contest, where the loser suddenly gives in). 


In which case the fever peaks, the patient stirs, opens their eyes in confusion 
and draws their first free breath for what seems like a month (actually less 
than 12 hours, usually). 


Those were the days when you simply had few resources. The important 
thing was not to get the infections in the first place. 


Well, I‘m telling you all this, not to make you feel gloomy and afraid, but to 
really celebrate antibiotics. They really have been one of the most, if not THE 
most, telling medical discovery of all time. Antibiotics have saved inestimable 
billions of lives. 


In fact it’s my firm opinion that the wonder of antibiotics is what really led 
us into the gullible belief that drugs were great and that there must be a 
chemical cure for everything. Antibiotics (and a couple of other amazing 
substances, like ACTH as it was prescribed then, or steroids as we prescribe 
them today) did seem to usher in a new era of amazing pharmaceutical 
cures. 


Most of us are well aware that the rest of the promises of the drug industry 
also have not been, and will not be, fulfilled. Diseases cannot be treated as 
a “drug deficiency”, as many doctors seem to think. It has taken decades 
to realize that antibiotics do not come without a price and that they will 
eventually fail. 


The problem of this legacy today is NOT the antibiotics. It’s resistance to 
them. 


Resistance and the fact that antibiotics have made us careless; we are 

not nearly cautious and guarded enough of pathogens (being careful does 
not require being fearful, just levelheaded). Doctors and public alike have 
learned to be cavalier and have grown up with the attitude that antibiotics 
will save the day. To use antibiotics is a kind of failure; it means the 
important preventative basics were not being applied. Trouble is as inevitable 
as night follows day. 


You saw the movie “Jurassic Park”. You will remember Jeff Goldblum’s 
character repeating, over and over, the warning that “Life will find a way”. 
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Life is incredibly ingenious and tough when it comes to surviving; it will get 
round almost any barrier, just as the dinosaurs engineered their way round 
an amino acid deficiency that was supposed to keep them infertile [OK, I 
don’t normally use fictional sources—but this movie made a very important 
and valid scientific point]. 


Well—here’s the thing—bacteria (and viruses and parasites, for that matter) 
are also life forms! They too are tough, very ingenious and swift to adapt 
their abilities to their needs. So in the course of time they have developed 
new metabolic tricks, so that antibiotics cease to work. 


Man then developed newer and deadlier antibiotics. But pretty soon 
organisms started to adapt to those too. It’s been a war of attrition. 
Unfortunately, Man is showing every sign of eventually losing this war We 
are running out of ideas for new drugs to kill pathogens, without killing the 
patient. 


Pathogens, it seems, will never run out of ideas to counter our efforts. 


So the outcome was never in doubt. It’s just that armies of irresponsible 
doctors have hastened the whole end by assiduously prescribing antibiotics 
when they are not necessary. Add to that the fact that antibiotics are used in 
various agricultural processes, treating livestock to enhance their growth, so 
the food chain is also a risk in creating antibiotic resistance. 


See, the more times pathogens are exposed to toxic antibiotics, the more 
likely it is—just on the law of averages—that sooner or later one of them 
would figure out a way round the antibiotic. 


As soon as a resistant strain emerges, obviously that bacterium can multiply 
unchallenged by therapy. Bacteria are capable of dividing every 20 minutes 
or so. That means in just 10 hours a single bacterium could become 
268,000,000—enough to fill a bucket (at 10 hours and 20 minutes, they 
would divide and fill 2 buckets! ) 


Of course this won’t happen in real life, because the food supply wouldn’t 
keep up with demand. But you get the idea? What was once just a few 

lucky cells, pretty soon becomes a torrent of billions, then gazillions of cells. 
MRSA, the hospital resistant staphylococcus, was once just such a handful of 
cells. Now this dreaded organism is in almost every ward in every hospital; 
on people’s skin; in their nostrils; on their towels and clothing... just about 
EVERYWHERE. 


That’s why there is a problem. 


w Agribusiness is to blame 





It’s true that doctors have abused antibiotics for decades. But the really 
guilty party and the truly reckless fools are those in the agribusiness (big 
shot farmers, livestock merchants, food manufacturers and all their hangers 
on). 


Did you know that 70% of all antibiotic consumption goes, not to hospitals 
for administration to humans, but the farmers, to feed their livestock? That’s 
according to a careful study by the Union of Concerned Scientists — and that 
is the main reason we’re seeing the rise of pathogens that defy antibiotics. 


While doctors are being urged not to use prophylactic antibiotics, even to 
protect human babies, farmers use them in huge quantities to protect baby 
calves, pigs and poultry. It’s worse than criminal. It’s INSANE. 


It inevitably gives rise to resistant strains of bacteria, as you have learned. 
But these resistant, dangerous bugs don’t just hang out in the farmyard! 
They turn up in our food supply! We swallow them! 


According to Pultizer prize winning New York Times writer Nicholas Kristof , 
“Five out of 90 samples of retail pork in Louisiana tested positive for MRSA — 
an antibiotic-resistant staph infection — according to a peer-reviewed study 
published in Applied and Environmental Microbiology last year. 


“Another recent study of retail meats in the Washington, D.C., area found 
MRSA in one pork sample, out of 300, according to Jianghong Meng, the 
University of Maryland scholar who conducted the study. 


“Regardless of whether the bacteria came from the pigs or from humans who 
handled the meat, the results should sound an alarm bell, for MRSA already 
kills more than 18,000 Americans annually, more than AIDS does. A new 
strain called ST398 is emerging and seems to find a reservoir in modern hog 
farms. Research by Peter Davies of the University of Minnesota suggests 
that 25 percent to 39 percent of American hogs carry MRSA.” Public health 
experts worry that pigs could pass on the infection by direct contact with 
their handlers, through their wastes leaking into ground water (one study 
has already found antibiotic-resistant bacteria entering ground water from 
hog farms), or through their meat, though there has been no proven case of 
someone getting it from eating pork. 


Thorough cooking will kill the bacteria, but people often use the same knife 


to cut raw meat and then to chop vegetables. Or they plop a pork chop ona 
plate, cook it and then contaminate it by putting it back on the original plate. 


Yet the central problem here isn’t pigs, it’s humans. Unlike Europe and 
even South Korea, the United States still bows to agribusiness interests 
by permitting the non-therapeutic use of antibiotics in animal feed. That’s 
unconscionable. 


The peer-reviewed Medical Clinics of North America ran an article last year 
that concluded that antibiotics in livestock feed were “a major component” 

in the rise in antibiotic resistance. The article said that more antibiotics were 
fed to animals in North Carolina alone than were administered to the nation’s 
entire human population. 


“We don’t give antibiotics to healthy humans,” said Robert Martin, who led 
a Pew Commission on industrial farming that examined antibiotic use. “So 
why give them to healthy animals just so we can keep them in crowded and 
unsanitary conditions?” 


The answer is simple: greed. 


Legislation to ban the non-therapeutic use of antibiotics in agriculture has 
always been blocked by agribusiness interests, a rich and very powerful 
lobby. 


Louise Slaughter of New York, who is the sole microbiologist in the House of 
Representatives, said she planned to reintroduce the legislation this coming 

week. “We're losing the ability to treat humans,” she said. “We have misused 
one of the best scientific products we’ve had.” 


That’s an almost universal view in the public health world. The Infectious 
Diseases Society of America has declared antibiotic resistance a “public 
health crisis” and recounts the story of Rebecca Lohsen, a 7-year-old New 
Jersey girl who died from MRSA in 2006. She came down with what she 
thought was a sore throat, endured months in the hospital, and finally died 
because the microbes were too virulent for the drugs. 


Again, let Nicholas Kristof speak: “This will be an important test for 
President Obama and his agriculture secretary, Tom Vilsack. Traditionally, the 
Agriculture Department has functioned mostly as a protector of agribusiness 
interests, but Mr. Obama and Mr. Vilsack have both said all the right things 
about looking after eaters as well as producers. 


“So Mr. Obama and Mr. Vilsack, will you line up to curb the use of 

antibiotics in raising American livestock? That is evidence of an industrial 
farming system that is broken: for the sake of faster-growing hogs, we’re 
empowering microbes that endanger our food supply and threaten our lives”. 


Turning Back 
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Surgeons had a whole different attitude to infections in days past. They 
talked of healing by first intention and second intention. They knew how to 
nurse an abscess into discharging safely. These were MAJOR skills because if 
you got it wrong and it went to septicemia, you were likely dead. 





But there were many bad problems. You wouldn’t want to go back to those 
days. For example, cavernous sinus thrombosis. What that means is an 
abscess forming in the veins of the base of the brain (the cavernous sinus) 
and this can happen because of wounds or infected sores or spots on the 
head and face. Typically, the infection would travel backwards through into 
the skull, because there are no valves in these veins. 


The cavernous sinus would sludge up and clot and the whole mass become a 
seething mass of infection. As a result, the brain could also become infected, 
a brain abscess form and death was the usual result. 


That’s why concerned parents of old would urge their children not to pick 
spots on the face and I had many a slap from my mother for trying to do so. 
I thought it was silly—till I went to med school years later and learned where 
this ancient injunction came from. 


Country people didn’t know much medicine but they had learned, over the 
centuries, that a spot around your face could kill you if it went wrong. 


Teeth Infections 


One of the biggest dangers of death by infection was a tooth abscess, as 

I wrote about in my book Virtual Medicine. At the beginning of the 20th 
century, the single biggest predictor of whether you are likely to die of 
heart disease, was teeth. You could die of a coronary, but you could die of a 
disastrous heart disease caused by bacteria getting loose in your blood and 
settling on the valves in your heart. 


And of course it is not confined to the heart; bacteria that are thrown off 
from the teeth can travel to the brain, the kidneys and other organs. 


According to one informed dentist, if we were to spread tooth infections all 
together on to our skin, we would have a huge infected ulcer as large as the 


back of our hand. Yet because this is all hidden around the roots of teeth, we 
ignore it and don’t take the danger seriously enough. 


We make light of a visit to the dentist these days, we’ve got used to not 
living with these dangers, but believe me these were very serious matters 
and a lot of people found themselves sick unto death quite unexpectedly, and 
there were many, many tragedies. 


If we lose the control of microbes that antibiotics promised, we will be back 
in a primitive era when even the simplest health problem COULD turn out to 
be a fatal event. 


One day, everything changed. 


Along came sulphonamides. They were pretty toxic substances but the 
benefits far outweighed their harm. 


Then penicillin arrived. It is probably the most wonderful medical 
breakthrough ever discovered. It has saved billions of lives. Yet penicillin 
remains one of the most non-toxic drugs in the entire medical armoury. It’s 
virtually harmless (allergy is the only real problem). 


Penicillin was literally a miracle. It transformed the medical landscape. For a 
time it looked like medical science was actually going to conquer the world. 


Nobody ever considered this idea that we could go backwards; that we might 
lose this wonder therapy; that it could be misused and start messing up our 
bodies. Nobody saw that far. 


Today we know that so-called “broad spectrum” antibiotics, which kill just 
about everything, can lead to disastrous upset of the whole bacterial colony 
which lives on and in our bodies. The fact that we so much depend for our 
health on this entire set of organisms (as described in section #2) means 
that antibiotics, as often as not, end up causing chronic disease; not fixing it. 
We call this condition dysbiosis (dys- means “bad” as in dyslexia, bad words; 
dysentery, bad guts; dyspepsia, bad digestion). 


But of course, if you’ve got pneumonia, and you might die within two to 
three days without treatment, you are not going to care much about whether 
it upsets the fine balance your intestinal flora. 





The real crime was the abuse of antibiotics for trivial conditions, that would 
self-resolve anyway. Patients became demanding and doctors became lazy 
and inattentive of medical basics. But there were other serious mistakes 
made... 


One of the worst abuses was the way the STDs are treated (sexually 
transmitted diseases; formerly called venereal disease). It has traditionally 
been very difficult to treat and monitor STD cases. The shame and 
embarrassment mean that patients will often not re-attend for further 
treatment and follow up, even when strongly urged to do so, in their own 
interests. 


Knowing this, STD clinics eventually took to trying to eradicate the infections 
with one-off huge doses of antibiotic. 


Trouble was inevitable. 


We now have antibiotic resistant 
gonorrhea. 


Then there is resistant syphilis. This started out in the far east, with the 
Vietnam war. It isn’t yet widespread. But it’s ominous. Because if syphilis 
comes back as it once was, it was among the most feared diseases in 
civilization. Not a nice way to die. Many famous people have died of syphilis, 
including King Henry VIII, Schubert the composer, Lenin, Christopher 
Columbus and quite a few Popes by all accounts. But that’s another story. 


Serves them right, some people might say. That would be unkind but what 
about children born with this infection? It’s not their fault. 


Chlamydia is an organism recognized as mainly sexually transmitted and is 
the commonest infection in your women here in the US. So it’s not a time to 
get supercilious or puritanical. It’s just the way things are. 


Now in my medical school days there was a saying about syphilis. Among the 
many damaging effects is the fact that it attacks the main vessel from the 
heart and leads to deadly aneurisms. So the saying was that “The chickens of 
an intemperate youth come home to roost in a middle-age aorta”. 


Ironically, Chlamydia also attacks blood vessels, causing coronary artery 
inflammation and thrombosis. So we might, perhaps, modernize the saying 


to: The chickens of an intemperate youth come home to roost in middle-aged 
coronary arteries! 


I’m not just being flippant. These jokey-type sayings often help memorize 
aspects of the data. 


It was not always mistaken usage. To a certain extent, antibiotic resistance 
was inevitable, even given proper usage. It was just a matter of time. In fact 
it came very early 1950s. A hospital in Japan had an outbreak of Shigella, 
the bacterial form of dysentery. The organism was found to be multiple drug- 
resistant (MDR that’s another term you'll hear more about) and could not be 
controlled by sulfonamides, chloramphenicol, tetracyclines or streptomycin. 


It sent shock waves through the scientific community. 


But of course it isn’t just the fault of doctors. Worldwide very many 
antibiotics have been freely available over the counter and been taken by 
people who have no idea of the correct use of these powerful medicines. 
This is all to support sales and profits of the pharmaceutical industry and has 
nothing to do with medical best-practise. 


Drug resistant TB is also on the rise, especially in inner cities. It’s often a 
disease of poor people because they don’t eat properly and TB is mainly a 
disease of malnutrition. 


The overall number of tuberculosis (TB) cases in Texas has declined during 
the past few years, but the rate of multidrug-resistant (MDR) cases has 
increased, making treatment more difficult. These findings were presented at 
the 135th annual meeting of the American Public Health Association. 


The most recent national data (2005) showed 124 of 10,662 tuberculosis 
cases as being MDR-TB; resistant to both the main treatment drugs. The rate 
is higher in immigrants. 


Texas ranks second in the United States in terms of number of TB cases, 
after California, while New York has slipped to third, and Florida is fourth. 


Even if treatment is successful it takes a LONG time. The average time to 
complete therapy for a drug-resistant case is a year; it doubles to 2 years for 
MDR-TB, while some individuals can take up to 3 years to rid themselves of 
the disease. Most treatment is conducted as directly observed therapy (DOT). 
The patient is watched, to ENSURE that he or she swallows it! 





Part2 0 


What Can You Do 
To Kill Bacteria? 








4 4 Plain water 


Let’s start with simple remedies first. What’s cheap, 
plentiful, non-patented and very effective for eliminating 
bacteria? Chlorhexidine? Dettol? Give up? 


It’s water. Plain water, not saline. Plain water, not antiseptic scrub even! 
That’s according to a study published in January 2008. 


Don’t forget, water is very cleansing. It can dilute toxins and wash away 
toxins and organisms. That will help the body fight infection. Doctors, 
pharmacies and hospitals use saline, which is a salt solution at the same 
concentration as the body tissues. This is gentler. But at a pinch, water will 
do fine. In fact just as well and is much cheaper, of course. If it’s healthy 
enough to drink, it’s healthy enough to use on an open wound is the basic 
message from a recent extensive study, published in the Cochrane Database 
of Systematic Reviews, January 24, 2008. 


The results might seem surprising: compared with hospital saline, tap 

water was more effective in reducing the infection rate in adults with acute 
wounds but not in children. To me that evens out at about the same. No real 
difference in other words. 


There were lots of easy criticisms of the methodology used in this study. 
Some of the comparisons were based on a single trial. But I don’t think the 
little details detract from the main overall finding: water works just fine. 
Besides, drugs get into the market place at huge profits with far less credible 
science than this. 


Although wound care has changed significantly in the last decade, there 
has been limited focus on the types of solutions used for wound cleansing. 
Antiseptic preparations have been traditionally used, but animal models 
suggest that antiseptics may actually hinder healing. 


Saline irrigation has been the natural alternative for doctors. But plain water 
is just fine for the rest of us. 


No getting away from it: washing your hands is a good protection against the 
transmission of germs. I have already pointed out to you that it won’t protect 
you against the pneumonic form of MRSA. But the likelihood of transmitting 
almost any other bacteria, including the regular MRSA, is proven to be 
reduced. 





Heck, this was the story told over a century ago 
by Ignaz Semmelweiss. He pointed out that 

if surgeons would just wash their hands after 
dissecting dead bodies and BEFORE they put 
their fingers into the intimate parts of women 

in labor, that dreaded childbed fever (puerperal 
sepsis) was virtually eliminated. 


Since this fever had almost 100% mortality, 
you would think doctors would rejoice in 

the discovery. But in fact they attacked 
Semmelweiss with such a fury and vengeance 
that the poor man eventually committed 
suicide. Thus passed one of my great heroes 
and a medical giant, brought down by ignorant 


pygmies. 





But his message remains clear and bright. Hand washing is good; dirty hands 
and fingers, bad. 


Antibiotic Soap? 


Contrary to what you may think, antibiotic soaps are a BAD idea. They are 
not only not necessary, they may contribute to the development of antibiotic- 
resistant strains, which is definitely a bad thing. 


Despite the proven health benefits of hand washing, many people don’t 
practice this habit as often as they should — even after using the toilet. If 
you don’t wash your hands frequently enough, you can infect yourself with 
these germs by touching your eyes, nose or mouth. And you can spread 
these germs to others by touching them or by touching surfaces that they 
also touch, such as doorknobs. 


Infectious diseases that are commonly spread through hand-to-hand contact 
include the common cold, flu and several gastrointestinal disorders, such 

as infectious diarrhea. While most people will get over a cold, the flu can 

be much more serious. Some people with the flu, particularly older adults 
and people with chronic medical problems, can develop pneumonia. The 
combination of the flu and pneumonia, in fact, is the eighth-leading cause of 
death among Americans. 








Inadequate hand hygiene also contributes to food-related illnesses, such as 
salmonella and E. coli infection. According to the Centers for Disease Control 
and Prevention (CDC), as many as 76 million Americans get a food-borne 
illness each year. Of these, about 5,000 die as a result of their illness. Others 
experience the annoying signs and symptoms of nausea, vomiting and 
diarrhea. 

The moral is clear: wash ‘em. And often. Sanitizers are merely an option. 

As I said, we don’t need these. But if you must, the US Center For Disease 


Control (CDC) recommends choosing products that contain at least 60 
percent alcohol. 


To use an alcohol-based hand sanitizer: 
e Apply about 1/2 teaspoon of the product to the palm of your hand. 


e Rub your hands together, covering all surfaces of your hands, until they’re 
dry. 


If your hands are visibly dirty, however, wash with soap and water, if 
available, rather than a sanitizer. 


When should you wash your hands? 

e After using the toilet 

e After changing a diaper — wash the diaper-wearer’s hands, too 
e After touching animals or animal waste 


e Before and after preparing food, especially after handling raw meat or 
poultry 


e Before eating 
e After blowing your nose 
e After coughing or sneezing into your hands 


e Before and after treating wounds or cuts 


e Before and after touching a sick or injured person 
e After handling garbage 
e Before inserting or removing contact lenses 


e When using public restrooms, such as those in airports, train stations, etc. 


Kids need clean hands, too 


You can help your children avoid getting sick by insisting that they wash their 
hands properly and frequently. To get kids into the habit, teach by example. 
Wash your hands with your children and supervise their hand washing. 

Place hand-washing reminders at children’s eye level, such as a chart by the 
bathroom sink for children to mark every time they wash their hands. 


Make sure the sink is low enough for children to use, or that it has a stool 
underneath so that children can reach it. Tell your children to wash their 
hands for as long as it takes them to sing their ABCs, “Row, Row, Row Your 
Boat” or the “Happy Birthday” song. This works especially well with younger 
children, who may rush when washing their hands. 


Hand washing doesn’t take much time or effort, but it offers great rewards in 
terms of preventing illness. Adopting this simple habit can play a major role 
in protecting your health. 





Drawing Salve 


and Ointments 





Here’s another “golden oldy”. 


“Drawing” is a very ancient technique that needs to be kept in view. 
Sometimes it works instead of antibiotics; sometimes it needs to be used in 
conjunction. 


It simply means to draw the fluid out of a swollen infected sore, boil, wound 
or abscess. A highly concentrated substances, such as icthammol or zinc 
oxide paste is smeared over the infected site and kept in contact with a 
bandage or poultice. It sucks out the moisture by the scientific principle of 
osmosis. 


The dehydration effect has two benefits: bacteria don’t like it, it sucks 
moisture from them and they die (that’s the principle of using a strong sugar 
density in jelly, jam and conserves). But it also draws moisture from the 
inflammation site, which lessens the pressure and so makes it less painful. 


What was red, swollen and tense tissue turns soft, crinkly and less painful. 
It’s a sort of halfway house to lancing a boil or abscess; reducing the 
pressure without needing to actually make a cut. 


Very often the use of a drawing salve alone will eradicate an unpleasant boil 
or infection resulting from a splinter or small wound. But beware: it does not 
remove diseases which make skin infections a hazard, such as diabetes or 
compromised immunity. 


One of the simplest is 25% zinc oxide paste, from the regular pharmacopeia. 
It is readily available in small tubes or tins. 


Close favorite is 20% icthammol ointment or “black drawing salve”. It 

stinks and looks unpleasant—but it does the job. Herbs such as Calendula, 
Echinacea and others in a base of beeswax and Vitamin E or olive oil may be 
added to the icthammol salve. Cover with a bandage since it stains clothing. 


Hylands Homeopathic Drawing Salve: An oldie but a goodie, Hylands (also 
called PRID Drawing Salve) includes components of both a drawing salve 
and homeopathic remedy. Eight physicians invented this salve in 1903. PRID 
contains the homeopathic ingredient acidum carbolicum along with herbs 
such as calendula and Echinacea. Other ingredients include ichthammol, 
sulphur and silicea. 


At a pinch you can make your own drawing salve, using the strongest 
solution you can make of table salt or Epsom salts in hot water. Soak a 
bandage or compress in the mixture and then apply. Unfortunately, this 
remedy needs frequent repeat applications over many hours. 


You could also try a lavender and tea tree oil compress: Both lavender and 
tea tree oil contain antibacterial agents particularly useful against boils (see 
section #39). 


Drop tea tree oil directly onto the boil for one to two days during the first 
phases to bring it quickly to a head. Lavender, however, is too irritant for 
direct application. 


Margosa or Neem is a very effective natural antibiotic. You can make an 
ointment for boils by boiling some neem seeds in water till they are soft. 
Then take some neem leaves and smash them to make a pulp. Mix these 
boiled neem seeds and neem leaves and you get a natural ointment for 
boils which can be directly applied to the area. More over this poultice even 
prevents the infection from spreading as well. 


You can even use castor ointment for boils. All you need to do is to make a 
powder out of the castor bark and add some water to turn it into a paste. 
You can even add grind the root of the herb biskhapra for additional effect. 


Another effective ointment for boils can be made by grinding onion and garlic 
paste. This can aid in healing the boil quickly. 


Always wash your hands thoroughly after treating boils. The bacteria spread 
easily from person to person, and can spread from one area of the body to 
another. 
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Next comes a pretty simple method of sterilization from the world of physics. 
Light. 


One of the miracles of the amazing electromagnetic spectrum, which I 
explain to people is the fact that although most of the electromagnetic 
spectrum is very hostile to life (such as microwaves, ultraviolet light, and 
gamma rays), the fact is that a very narrow band of the electromagnetic 
spectrum, that we call “light” is not only friendly, but is actually essential to 
life. 


However, here is a useful reminder that even light is part of that dangerous 
spectrum, and can have destructive effects on living organisms, blue light 
especially (red light, which spills over into the infrared range is warmth, and 
therefore also somewhat supportive of life). 


Blue light, being close to the ultraviolet range, can itself be quite harmful, 
and we can cash in on this property and make it useful. We find the bluelight 
is great for killing resistant bacteria, as a study published in Photomedicine 
and Laser Surgery, April 2009, shows. 


Specifically, blue light NOT including dangerous UV frequencies, kills MRSA 
(see section 45 for news about the safe use of UV light as an antibiotic). 


The finding comes from Chukuka S. Enwemeka, PhD, and colleagues at New 
York Institute of Technology. Their study was funded by Dynatronics Corp., 
which makes the blue-light device used in the study. 


In earlier studies, Enwemeka’s team found that MRSA died when exposed to 
blue light that included part of the ultraviolet (UV) spectrum. Even though 
the total UV dose was less than that of a few minutes of sunlight, it would be 
safer not to expose humans to any more UV light than necessary. 


So the researchers used a LED device that emits only blue light, not UV, and 
found it worked nearly as well! 


“Irradiation with [blue] light energy may be a practical, inexpensive 
alternative to treatment with pharmacologic agents, particularly in cases 
involving cutaneous and subcutaneous MRSA infections,” Enwemeka and 
colleagues conclude. The researchers tested two MRSA strains: one typical of 
the strains that bedevil hospitals, and one typical of the strains found in the 
community. Both strains were susceptible to the blue light. 





Relatively low doses of blue light, less than 2 minutes, killed off about 30% 
of MRSA in laboratory cultures. Obviously, longer exposure was better, but 
100% death of organisms did not come about, even through very long 
exposures. 


Exactly how blue light kills MRSA, or whether the bacteria can become blue- 
light resistant, isn’t known. 


Tell your doctor about this study if you get any resistant surface infection. 
But remember also, light penetrates well below the skin layer (shine a torch 
through your hand on a dark night and you will see what I mean). 


See just how valuable light is by viewing this YouTube video by Dr. John 
Ott, one of the pioneers in light and health (I featured his work in Virtual 
Medicine, first published 1999). 


http://www.youtube.com/watch?v=bw6hcTGND3c 


And let me close by commenting that fresh air and sunlight have traditionally 
been recognized for their healing powers. Moms always knew it! To expose 
an infected wound to bright sunlight would do far more good than covering 

it with bandages, most especially if the organism is one of these resistant 
toughies anyway. 


I always do away with the band aid at the earliest available moment, for this 
reason. 


Get a UV Light Nano To Protect Yourself 
Against Dangerous Bacteria 


Note: You can always get a Nano UV germ zapper. It’s a handy electronic 
gardget that looks like a cell phone and is about the same size. But it 
delivers a powerful light punch; a mixture of UV-A, UV-B and UV-C. 


Read more in section #47. 





Soon, we are going to do some nutrition stuff. But 
this next few are different. It’s from the larder but 
not quite nutrition! 


Let’s start with a surprising contender: HONEY! 
What’s surprising is not that it works as an 
antibtioic but that conventional doctors and 
hospitals openly admit its efficacy! 
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Honey has been known for its healing 
properties for thousands of years - the 
Ancient Greeks used it, and so have many 
other peoples through the ages. Even up to 
the Second World War, honey was being used 
for its antibacterial properties in treating 
wounds. Then along came antibiotics, as I 
explained, and it was promptly forgotten. 


But in recent times there has been a 
renaissance of the use of honey in the 
medical profession: an editorial in the Journal 
of the Royal Society of Medicine (Zumla 

and Lulat 1989) discussing this expressed 
the opinion “The therapeutic potential of 
uncontaminated, pure honey is grossly 
underutilized”. 





I know for example that bandages soaked in manuka honey were given 

to patients at the Christie Cancer Hospital in Manchester to reduce their 
chances of contracting the MRSA superbug and to lessen wound inflammation 
following surgery. 


Honey is used routinely at the Manchester Royal Infirmary for dressing 
wounds, and other research has found it can fight gum disease, ease 
digestive problems and soothe sore throats (I got my bachelor of medicine 
and bachelor of surgery at Manchester University and so I know the Christie 
and the Royal Infirmary very well). 


The way honey works is that it is very rich, it is like jam or preserves you 
know; adding the sugar to the fruit is what makes it impossible for the 
bacteria to grow, it just sucks the water out of them so they can’t grow and 
honey does the same thing. So remember diluted honey does not work and 
will cause bacteria to flourish! 


A British team from the famous University of Oxford and the Radcliffe 
Hospital in Woodstock Road, Oxford (I added that for you Morse fans out 
there), have done a systematic review of the use of honey as a wound 
dressing, compared to other dressings and treatments [BMC Complement 
Altern Med. 2001; 1: 2. Published online 2001 June 4. doi: 10.1186/1472- 
68821-2]. 


Time for healing was significantly shorter for honey than all other treatments 
but, the researchers complained, the quality of studies was low. However the 
results were pretty clear, taken over the number of studies. Honey won every 
time. 


There was one study in which the healing of infected postoperative wounds 
compared honey with antiseptics in addition to systemic antibiotics after 
culture and sensitivity. For all outcomes honey was significantly better, with 
much shorter times for healing, eradication of infection, use of antibiotics and 
hospital stay. 


[Al-Waili NS, Saloom KY. Effects of topical honey on post-operative wound 
infections due to Gram positive and Gram negative bacteria following 
Caesarean sections and hysterectomies. Eur J Med Res. 1999;4:126-30] 


Another study I found in the British Journal Of Surgery (which was not 
included in the Oxford group review) showed dramatic benefits from honey in 
treating infected wounds and ulcers. 


Fifty-nine patients with wounds and ulcers most of which (80 per cent) had 
failed to heal with conventional treatment were treated with unprocessed 
honey. Fifty-eight cases showed remarkable improvement following topical 
application of honey. Only one case, later diagnosed as Buruli ulcer, failed to 
respond (Buruli ulcer is caused by Mycobacterium ulcerans, a relative of TB). 
[Br J Surg. 1988 Jul; 75(7):679-81]. 


What’s especially interesting is that honey allows wound healing with little or 
no scarring. It seems that honey is able to restrain the excessive growth of 
collagen which takes place during wound healing. The less collagen, the less 
scarring. 


[Topham J. Why do some cavity wounds treated with honey or sugar paste 
heal without scarring? J Wound Care. 2002 Feb;11(2):53-5]. 


Propolis 


Propolis is the resinous substance collected by bees from the leaf buds and 
bark of trees, especially poplar and conifer trees. Bees use the propolis along 
with beeswax to construct their hives. Because of antimicrobial properties of 
propolis, it helps keep hives free of germs. 





The great violin makers Stradivarius and Guaneri used unique blends of oils, 
resins, beeswax, and propolis, to varnish their instruments and no doubt 
protect them against mold and microorganisms. 

Propolis has a long history of use in folk medicine and was even used as 

a conventional doctor’s drug in London in the 1600s. It appears to have 
antimicrobial and anti-inflammatory 

activities. In the past, propolis has been taken by mouth to fight bacterial 
infection including tuberculosis, fungal infection such as Candidiasis, parasitic 
infections such as malaria, and viral infections such as colds. 


A study published in the November 2001 of the journal Mycoses investigated 
the effect of propolis on 80 strains of Candida yeasts, including: 


e 20 strains of Candida albicans 

e 20 strains of Candida tropicalis 

e 20 strains of Candida krusei and 

e 15 strains of Candida guilliermondii 


The yeasts showed propolis had a clear antifungal activity and was especially 
useful against Candida albicans. 


While not conclusive evidence has yet been produced, propolis may offer a 
number of other health/medicinal benefits including the following: 


Popolis contains a special compound which may interfere with inflammatory 
messengers in the body. This potential effect may help to relieve 
inflammatory conditions such as arthritis. 

Propolis may enhance the function of the immune system. 


A few studies have shown some activity against cancer cells. 


Several other laboratory studies found that propolis may protect the liver 
from damage by alcohol or environmental toxins. 


A recent study of individuals with second-degree burns, compared propolis 


cream and a prescription burn cream and showed the two were about 
comparable in preventing infection. But propolis cream promoted earlier 





healing and seemed to decrease inflammation more than the prescription 
cream. (I would use homeopathic calendula cream, for burns). 


Other studies have also shown that an alcohol-based mouth rinse of propolis 
may help eliminate oral bacteria: those that can cause dental cavities, 
gingivitis, and periodontal disease. 


For instance, a 1996 study tested the antibacterial properties of propolis 
and honey against oral bacteria. The antibacterial effects of propolis and 
honey on oral streptococci were determined using bacterial culture plates. 
The researchers also clinically checked the short-term antibacterial effect 
of propolis solution and honey on salivary total bacteria and Streptococcus 
mutans was tested in 10 volunteers. 


Propolis demonstrated an antibacterial effect both in vitro on isolated oral 
streptococci and in the clinical study on salivary bacterial counts. Honey 
induced bacteria growth at low concentrations, while at high concentrations 
honey had an inhibitory effect on bacterial growth in vitro. 


Salivary counts of total bacteria and Streptococcus mutans were lower for 1 
hour after application of honey. 


[Steinberg D; Kaine G; Gedalia I, Antibacterial effect of propolis and honey 
on oral bacteria. American Journal Of Dentistry 1996;9(6):236-9]. 








This is something that’s really 
useful to know, when antibiotics 
have run out. Talking about 
cheap! 


Suppose there existed a cheap, safe, 
widely available effective oral “vaccine” 
that was: 


100% safe for all who use it; 


can be taken orally and tastes good; 





can be manufactured in virtually every 

country in the world, with the humble Moo! 
technology available to many third- 

world nations; 


so cheap that virtually everyone in the 
world can afford it; 


able to protect against a wide variety of organisms, including viruses, 
rickettsia, parasites, protozoan, bacteria, mycoplasm, yeast/fungus, 
amoeba; 


capable of reducing or eliminating allergic reactions to vast numbers of 
exogenous and endogenous substances; 


boosts the immune system, accelerates healing of injuries, helps repair 
nervous system damage, burns fat and builds lean muscle, increases 
vitality and stamina, and elevates mood; 


and might — just might - deal a deadly blow against a number of cancers? 


Suppose, moreover, there were over 4,000 clinical studies worldwide which 
describe the efficacy of this oral vaccine in the treatment of hundreds of 
different infectious diseases. 


Would you be interested to know what it was? 


I'll bet you would. 





It’s milk protein concentrate. Why do I call it an oral vaccine? Well, that’s the 
really interesting part. Let Anthony di Fabio take up the story: 


66 Bessie, our former pet milk cow, lived in a small pasture of not more 
than three acres. She munched on uncooked grasses during the 
summer and uncooked dry hay during the winter, licked mineral block, 
and drank from a rain-filled, surface-drained pond whose waters were 
loaded with a wide variety of microorganisms. The pond also held frogs, 
snakes, bugs, worms, snails, and so on. She often drank and urinated 
at the same time, recycling fluids from the pond even as she drank. 


When she was ready to drop her calf, we led her to an old barn that 
had held forty head of cattle. One’s nose almost stifled from sediments 
of dust, mold, fungi, and dried manure layered fifty years deep. When 
Bessie’s calf, Nina (pronounced “Neenya”), was born, she lacked 
effective defensive mechanisms against the blizzard of microorganisms 
that assailed her in every cubic inch of the air she breathed, the 
ground she stood on, or on the inexperienced tongue she extended 

to various surfaces. Almost by magic, thousands of potentially deadly 
microorganisms invaded her immature body. 


Nina, as with all calves, was also born with a leaky gut! Now pay 
attention here, because I know that many readers have a leaky gut, 

a condition where the stomach lining is so thin that whole, undigested 
protein molecules pass directly from the stomach into the blood stream. 
Once inside the bloodstream these protein molecules are identified as 
foreign invaders, and we create antibodies to counteract them. This 
situation brings about food allergies. 


Patients and their doctors both work very, very hard to get rid of the 
patient’s leaky gut. Their leaky gut is considered the source of many 
degenerative diseases —- or at least a major component of them. But 
Bessie and Nina had found a way to make the leaky gut 


a beneficial survival mechanism! When Nina wobbled to her feet and 
gently nudged at Bessie’s milk sac, the very first milk to come was 
colostrum. As Nina prodded the milk sac with her nose and sucked 

as saliva dripped, she also injected her blizzard of rapidly multiplying 
microorganisms into Bessie’s teat, and up into Bessie’s milk sac into a 
portion called the “cistern.” 


Inside Bessie’s cistern specialized cells that had been lying dormant 
came alive, and they started manufacturing -— guess what? — “disease- 


specific antibodies,” and immune-boosting “complement,” and also 
flooding her cistern with “immunoglobulins” and “growth factors”! 


Very shortly after Nina introduced her stream of potentially dangerous 
microorganisms into Bessie’s teat — then into Bessie’s cistern — her 
mammary biochemical factory stimulated specialized cells that became 
active and began to create disease-specific antibodies and activated 
complement that mingled with Nina’s first fluids, the colostrum, which 
Nina sucked back into her leaky gut from Bessie’s teats. Bessie was 
generating vaccines for her calf! 


The immunoglobulins, growth factors and these disease-specific 
antibodies and their helpers, the complement, passed directly into 
Nina’s stomach, and there they attached themselves to whatever 
corresponding organisms were present inside the gut, killing many. 
Because of Bessie’s leaky gut many of these specially prepared 
biological agents also passed directly into Nina’s bloodstream, and 
within her blood plasma they attached themselves to whatever 
microorganisms they’d been designed to destroy and killed them. 
Never once was Nina placed in danger from the surrounding hostile 
environment whose every biological niche was filled with a wide variety 
of deadly microorganisms. 


Milk is thus the ideal vaccine! At least dedicated and immune-competent milk 
is. 


According to Herbert Struss, PhD, former Senior Chemist, Food Chemistry 
Laboratory, Minnesota Department of Agriculture Laboratory Services 
Division — and also a scientist who was involved in much of the early clinical 
work testing this wondrously universal vaccine — those interested in “immune 
milk” (as it is called) during the ‘60s, made their astounding oral vaccine 
discoveries when they were trying to answer the question: “What’s the 
survival advantage to being a mammal?” 


All animals evolve traits that persist because they have a survival advantage. 
So what is the advantage to being a mammal? (a mammal, remember, 
defines a creature with teats or “mammary glands”, hence the name) Clearly, 
Nina’s suckling at Bessie’s teat, drawing a blood-like liquid called “colostrum” 
from Bessie’s cistern was a possible answer to their question. The survival 
advantage was simply that an “acquired” or “adaptive” immunity could be 
transferred from mother to offspring and that this adaptive immunity would 
extend for some period of time, thus providing the offspring with a distinct 
survival advantage. 





Human milk may not have quite the same importance for survival, as it 

is with multilayered placentas such as horse, goats, and cattle. But some 
immunity does pass from the mother to the human child. It is obvious that a 
breast-fed human baby usually has an advantage over bottle fed. Breast-fed 
infants have a far lower incidence of early disease and also allergies. 


They have been vaccinated by Nature, through nurture. Colostrum is a very 
special form of milk immune concentrate. See the next section. 


But we will continue with our discussion of milk protein concentrate or 
“hyper-immune milk”, as it is known. Thousands of good scientific papers 
have been published on its power immune properties. We can start the story 
with Drs. Wlliam “Pete” Peterson, Barry Campbell, and other colleagues 
working at the University of Minnesota from 1950 to 1958. They used killed 
bacterial antigens injected into the teat of a cow (ouch!!) and collected the 
first ten days’ colostrum. Peterson’s interest was in treating rheumatoid 
arthritis and allergies, which he did successfully. 


In the late 1950s a wealthy businessman called Ralph Stolle, owner-operator 
of the San-MarGale Farm in Lebanon (Ohio), stepped into the picture. Stolle 
took an interest in hyper-immune milk, simply as a hobby. He developed 

a better way of using the cow to provoke a beneficial antigen response, 

by injecting pathogens into the cow’s bloodstream and then harvesting 

the milk. Using his personal fortune he gave out thousands of portions of 
hyper-immune milk and asked the users to report back its benefits. Over a 
total of some 35 years a total of 8000 people reported a variety of benefits, 
from joint pain relief (85%) to improvement in fatigue (74%) and lowering 
cholesterol (71%). This series probably constitutes one of the largest open 
clinical trials ever carried out. 


Stolle went into partnership with the New Zealand Dairy Board to make very 
pure hyperimmune milk concentrate or “Stolle milk” as it was known. In 
1988 it went on sale in Asia for the first time. It is freeze dried and shipped 
to third world countries, where it is a very valuable vaccination and therapy 
resource. It can also be rendered homeopathically, so that the cost is even 
less. In 1999 Spencer Trask purchased Stolle Milk Biologics Inc (SMBI). 


It seems to me there is an important dimension that has been missed for 
decades. The family cow was the manufacturer of home-grown vaccines 
for humans. Folks lived mainly in a rural environment and milked their own 
beasts. Not just landowners; even farm workers had access to a Bessie- 
type vaccine factory. The cow would be infected with all present human 
pathogens, make antibodies and give these back in the milk. 


That’s why most of those country folks were so darned healthy, I believe. 
They had a constant supply of free and effective personalized vaccines down 
on the farm. Far better than modern vaccine attempts manufactured in a test 


tube and under the pretense that everyone is in the same circumstance and 
health status. 
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Milk brings me to colostrum, the thin yellowish fluid secreted by the 
mammary glands at the time of parturition that is rich in antibodies and 
minerals, and precedes the production of true milk. It is also called foremilk. 


Mother’s colostrum, incidentally, is vitally important to human babies. It 
transfers mother’s immunity to infection to the child and protects it for the 
first few weeks of life. There are no antibodies, of course, in milk formulas. 


Commercial colostrum is produced by cows that were previously vaccinated 
with certain kind of pathogens. These cows will then produce antibodies 

in their blood and then transferred them to milk they produced, just like 
hyperimmune milk. But the highest concentration of antibodies is transferred 
in Colostrum, the first drops expressed from the teat. 


According to research data, there are around 90 known immunologically- 
active substances in colostrum, including growth factors, lipids, lactoferrin 
(iron-binding protein with antimicrobial qualities), cytokines [released from 
T cells, they inhibit replication of viruses and chemicals (cytotoxins) that kill 
the infected cell], etc. 


Immune Factors in colostrum have been shown to help the body fight 
off harmful invaders such as viruses, bacteria, yeast and fungus. 

Each factor plays a specific role in our body’s defense against these 
attackers. In addition, colostrum contains over 20 antibodies to specific 
pathogens including E coli, salmonella, rotavirus, candida, streptococcus, 
staphylococcus, H pylori, and cryptosporidia. 


In addition to immunoglobulins, medical studies show that PRP in colostrum 
also supports an under active immune system. Some workers say it has 
great benefit in treating cancer immunologically. PRP also helps balance an 
overactive immune system present in autoimmune diseases. 


A 2003 study by the Health Sciences Department of the University of South 
Australia suggests that taking concentrated bovine colostrum supplements 
could reduce the incidence of respiratory tract infections. The study involved 
subjects being randomly allocated to consume 60g/day of Colostrum for 
eight weeks, then examining their occurrence of symptoms. Results from the 
first week were kept separate from those from the last seven weeks. 


The results showed that during the first week of supplementation, there was 
no measurable difference in symptoms in the proportion of subjects taking 


the supplement as opposed to those who didn’t. During the subsequent 
seven weeks, however, a much lower percentage of the subjects taking 
Colostrum reported upper respiratory infection related symptoms. 


Symptom duration, however, did not differ. This suggests that the immune 
benefits achieved by Colostrum can be very good in terms of being a 
preventative, but that it does not have any measurable effect on an infection 
once it has already taken hold. That is why it is important to use Colostrum 
properly, as a preventative, and not depend on it to cure illness. 


Another study by Susanna Rokka of MTT Agrifood Research Finland, 
showed the same thing, testing the ability of Bovine Colostrum to help fight 
Helicobacter Pylori infections. Helicobacter is a kind of bacteria that is often 
responsible for Gastritis, Gastric ulcer, and Stomach Cancer. 


The research also showed that immune milk combined with lactobacilli 
that’s extracted from fermented cabbage can effectively help in preventing 
Streptococcus and Helicobacter Pylori. Streptococcus is the most responsible 
bacteria in causing dental caries from adhering to tooth surface. 


So, logically, it makes sense to take colostrum (60 gr daily) alongside 
whatever alternative antibiotic treatment you are engaged in. What we 
English call “belt and braces” (I suppose for Americans it would be belt and 
suspenders). 








f 
a 4 Marine Quinton 


Shockingly, I only got to know of Quinton recently, while staying at Dr. Garry 
Gordon’s home. He’d only just found it too. My ignorance was despite years 
of practice in Europe, where Quinton has been big business in the healing 
arts for over a century. A well kept secret, you might say. 


What is Quinton? Sea water! 


Well, not just any old sea water. It’s special vortex water from certain blooms 
in the oceans, that are very rich in nutrients. It seems to have energetic 
properties too, above and beyond the mere presence of rare minerals etc. 


Let me back up a tad, before we come to the product. The floor of our 
oceans is indescribably rich in minerals. Think about this: EVERYTHING 

that ever lived and died goes into the water system, down the rivers and 
ultimately finds its way to the ocean. Added to that is all the ocean life which 
lives, dies and is recycled, all the plankton, corals, fish, feces, EVERYTHING, 
which falls to the ocean floor as organic debris. 


There is thick mud at the bottom of the ocean that contains dense nutrients 
and some minerals that are otherwise incredibly rare, like iridium, osmium, 
yttrium and so on. 


But it doesn’t just stay on the ocean bed, lost to the biosystem. Quite the 
contrary. This nourishing mud is carried around the ocean floor by submarine 
currents which have only recently begun to be understood. There are certain 
places where this nutrient deposit wells up to the surface. Giant surges of 
ocean currents that we call convergences stir up the seas and bring the 
nutrients back to the bio system. 


The polar oceans are classic sites for this. The huge bloom of algae that 
takes place in the Arctic and Antarctic every year yields a staggering 
abundance of life where the ocean, literally, changes color due to the density 
of life it carries. Waters turn red with krill and other plankton. 


This bloom is so rich it feeds the greatest animals of all: the whales. So 
much nutrition is absorbed into the biosystem at these sites in the summer 
time that whales can double their weight and deposit enough fat or blubber 
to live on it through the winter months. 


But there are the birds, fishes and other animals too, so that the polar 
oceans literally burst with life every spring when the returning sun ignites 





the nutrition chain. Given the right wind and currents, then these blooms can 
be carried far and wide. Scientists report this year there has been a huge 
upsurge in nutrients and an explosion of sea life off Monterrey, California, 
from currents brought all the way down from the Arctic. 


The polar regions are not the only upsurges, however. In fact they can take 
place anywhere, if the wind blows the water out to sea; then underwater 
currents draw up deeper water to fill the gap. 


That’s what I mean by ocean nutrients, OK? 


Enter Messieur Rene Quinton... 


Rene Quinton (pronounced cahn-ton) was a Frenchman, a 
doctor, biologist, biochemist and physiologist. He discovered 
the healing merits of marine plankton plasma, drawn 

from deep ocean water upsurges, right at the end of the 
nineteenth century. It is a little known fact that by 1907 
Quinton had established 69 Marine Dispensaries and the 
product was already saving countless lives throughout the 
deadly pandemics of the early 20th century (tuberculosis, 
typhoid, cholera, syphilis, influenza). 


When Quinton was finally buried in 1925, his fame had 
reached such proportions that tens of thousands of men, 
women and children, not to mention generals, dignitaries 
and statesmen, attended the funeral. Yet we have never 
heard of him. How can that be? 





Think “Pharma” and think “eliminating the competition”, no matter how good 
the product. The stark truth is I never heard of this cure, all through my 
medical training. No libraries have editions of his work; no pharmacy has 
heard of it; no learning institutions teach it. He’s been deleted! Especially in 
his native France. 


Quinton’s marine plasma (or QMP) was considered so effective for a wide 
range of common afflictions that is was reimbursed under two French laws, 
including Social Security. It was, of course, absurdly cheap. But that didn’t 
suit the drug barons, who wanted to peddle their costly and dangerous 
garbage for huge profits. Through their bribes and malign abuse they got a 
law passed, requiring QMP to be heat treated. That would effectively ruin its 
properties and so put Quinton out of business. 
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However, Quinton manufacture did not fold up. The operation was moved to 
Spain instead. 


Thanks to the more liberal scientific climate in Spain it has survived until 
today. 


Now QMP has arrived in the US and is being sold by Original Quinton of 
Buena Park, CA. 


Properties of QMP 


As I write this I have in front of me a translation of the entry for Quinton 
Marine Plasma in the French Medical Dictionary of 1975 (a kind of PDR). It 
describes the product as a sterile apyrogenic solution (pH 7.2) of seawater, 
prepared under aseptic conditions by special processes without rise in 
temperature or exposure to electric potential or field, in order to preserve its 
molecular balance and its character as an “alive medium”. 


The seawater is extracted from a 30-metre depth (zone of solar penetration) 
under special conditions and from special locations. 


It contains 92 elements of the periodic table (all primary and trace minerals). 


The entry goes on to add “Rene Quinton showed, in 1904, that QUINTON 
MARINE PLASMA is identical physically, chemically, and physiologically, to our 
interior milieu (extracellular fluid) and provides optimum conditions for red 
blood corpuscles and leucocytes and other blood fractions. It is possible to 
replace the entire blood volume of an animal with QUINTON MARINE PLASMA 
without any disorders for the organism.” Sacrebleu! Shades of Ringer’s 
solution! 


Without any intellectual prowess, one can therefore deduce that QMP is very 
safe, helps stabilize the internal milieu, provides every conceivable nutrient 
mineral and provides low concentration homeopathic-type mechanisms for 
healing. It’s a miracle! 


Well, it isn’t really. It’s just Nature at her best. But you can see why 

Rene Quinton was adored by millions and hated by Big Pharma. Here is a 
substance that’s cheap to manufacture, no patents, is readily available and 
works wonders as a natural “antibiotic”. 





The “indications” (reasons to use it) are manifold and include: childhood 
gastroenteritis, poisoning, malnutrition and eczema; anemia, asthma, 
exhaustion, anti-aging, dysentery, tuberculosis and atherosclerosis; uterine 
and vaginal infections; rhinitis, sinusitis, respiratory allergies; skin allergies, 
dermal infections, histaminic reactions and psoriasis; energy restoration; 
bioterrain restoration and burns. 


The official French pharmacopeia (1975) even lists it as an “antibiotic 
solvent and carrier”. 


I have even found that dentists can use it to save teeth, by injecting this 
healing balm into the surrounding gums. The abcesses and periodontal 
disease simply disappear. 


There are DOZENS more uses. 


How To Take It 


QMP is taken by injections or orally. When injected, there is an isotonic form, 
which does not sting. Orally, the full-strength version is fine. 


Sprays work well for skin conditions. 


It can even be taken by nebulizer, —— = Bi i, —~ MutT 
just breathed in. Or I find it very ———_ ae 
soothing for tired eyes. 


Just the whiff of “sea air” is very 
restorative to me! 


It’s so safe there are no real limits on the number of ampoules. It’s only body 
fluid, after all! 


You can’t OD on it like water (too much water will kill you). 


QMP comes in 10 ml ampoules. 2, 3, 5, 10 ampoules are fine, depending on 
the seriousness of the complaint. It’s so cheap, cost is not an issue (around 
$3 an ampoule) Note that Quinton is not FDA approved for injection in the 
USA. 
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Next we come to a modern surprise. The story of how it was discovered is 
interesting. One of those serendipity things! 





The idea of using chlorine dioxide was developed by Jim Humble, a gold 
miner and metallurgist, on an expedition into the jungles of Central America, 
looking for gold. It was a response to a need to help a member of his 
expedition who came down with malaria, more than two days away, through 
heavy jungle, from the next mine. 


After many years of experience, Humble always carried “stabilized oxygen” 
(sodium chlorite) with him on such expeditions, to make local water safe to 
drink. Facing the possibility of a quick loss of life, he gave it to the stricken 
man. To everyone’s amazement, the patient was well within a few hours. 
That seemed like a miracle, but Humble wanted to better understand what 
had just happened. 


Over the course of several years, Jim Humble figured out that what made 
stabilized oxygen so effective in some malaria cases, was not the oxygen at 
all, but the trace amounts of chlorine dioxide it contained. Further research 
led him to come up with a way to produce hundreds, if not thousands more 
units of chlorine dioxide than what is found in stabilized oxygen. This is done 
by using a higher concentration of sodium chlorite (28% vs. 3% for stabilized 
oxygen), in conjunction with an activator. 


Humble went on the have great success using his new formula which, 
unscientifically, has been named “Magic Minerals Solution” (there are no 
minerals in it). But MMS (for short) does seem to work, though I doubt some 
of the claims. It is said to been successful in helping over 75,000 people 

in several African nations — including Uganda and Malawi - rid themselves, 
primarily of malaria, but also hepatitis, cancer, and AIDS. 


Anyone can be overloaded with toxins. Most people probably are but won’t 
admit it or, more likely, don’t know it. Others would prefer to think they’re 
not. If your health is not perfect, you’re habitually low on energy, have 
trouble keeping your weight down or your blood pressure in the normal 
range, or constantly dealing with inflammation or pain, or indeed have any 
medical condition that is adversely affecting your health, then there’s likely 
to be a toxin, heavy metal, virus, bacteria, fungus, or parasite playing a part. 
Mainstream medicine will typically respond by loading you up with additional 
pollutants, many of which indiscriminately kill healthy tissue while going after 


“the bad guys” to deal with the symptoms. Not so with chlorine dioxide. It 
only acts on anything harmful. Miracle or not, the effects can be amazing! 


Over the next few s, the MMS protocol will be described. When followed, it 
will produce and distribute chlorine dioxide to your red blood cells, which are 
the most effective and intelligent pathogen killers known to Nature, although 
your white blood cells are assumed to do all the work. 


But first, a little background on the chemistry. Chlorine dioxide and chlorine 
are not the same. Chlorine is a chemical element. In ionic form, chlorine 

is part of common salt and other compounds, and is necessary to most 
forms of life, including human. A powerful oxidizing agent, it is the most 
abundant dissolved ion in ocean water, and readily combines with nearly 
every other element, including sodium to form salt crystals, and magnesium, 
as magnesium chloride. Chlorine dioxide is a chemical compound that 
consists of one chlorine ion bound to two ions of oxygen. Oxidizing agents 
are chemical compounds that readily accept electrons from “electron donors.” 
They gain electrons via chemical reaction. This is important because relative 
to chlorine dioxide, all pathogens are electron donors. 


Chlorine dioxide is extremely volatile. You might call it “hot tempered,” but 
in a very beneficial way. This volatility is a key factor in chlorine dioxide’s 
effectiveness as a pathogen destroyer. The compound is literally explosive, 
so explosive, it’s not safe to transport in any quantity. Therefore, it is 
common practice to generate chlorine dioxide “on site” at the point of use. 
Most chlorine dioxide production is done on a scale that would prove deadly 
for individuals, for example, in municipal water treatment systems, where 
it is beginning to replace chlorine because it produces no carcinogenic by- 
products. 


Chlorine dioxide is approved by the Environmental Protection Agency in 
safely removing pathogens and contaminates like anthrax. So you know it 
must be effective. However, the concentrations used in such applications can 
vary from 500 to over 6,000 parts per million (ppm), which would clearly 

be deadly to an individual. Using the MMS protocol you will produce chlorine 
dioxide around 1 ppm. You will use the MMS solution, which is safe to 
transport, to make nature’s harmless pathogen destroyer. 


The MMS solution is 25% sodium chlorite in distilled water. You can produce 
chlorine dioxide with a single drop, when an “activator” of vinegar, lemon 
juice, or a 10% solution of citric acid is added. Citric acid is recommended 
because of its simplicity. The natural pH of sodium chlorite is 13. Adding 
vinegar, lemon juice, or citric acid creates about 3 mg of unstable but still 
harmless chlorine dioxide. 


The Process 


Let’s talk a bit more about how and why chlorine dioxide works by giving 

the immune system a new lease of life. Volatility is what makes chlorine 
dioxide so effective when it contacts pathogens. As we've already mentioned, 
chlorine dioxide is a safe and effective disinfectant in many municipal water 
delivery systems, hospitals, and even in bio-terrorism response. It stands to 
reason that chlorine dioxide would be just as effective working in the waters 
of the human body at the appropriate dose. 


Chlorine dioxide’s extreme volatility prevents pathogens from developing a 
resistance, mainly because when they “clash,” the pathogens no longer exist. 
Yet, healthy cells and beneficial bacteria remain unaffected. While normal 
levels of oxygen in the blood cannot destroy all of the pathogens present 
under disease conditions, delivery of chlorine dioxide changes everything. 
“Halt! Surrender Your Electrons, Now!” When a chlorine dioxide ion contacts 
a harmful pathogen, it instantly rips up to five electrons from the pathogen, 
in what can be likened to a microscopic explosion... harmless to us, but 
terminal for pathogens. The pathogen - an electron donor - is rendered 
harmless due to the involuntary surrendering of its electrons to the chlorine 
dioxide - an electron acceptor —- and the resulting release of energy. Oxidized 
by the chlorine ion, the former pathogen becomes a harmless salt. 


This process benefits a body that has become toxic. Throughout the body, 
anywhere chlorine dioxide ions - transported via red blood cells - come into 
contact with pathogens, the pathogens give up their electrons and cease to 
exist. 


The chlorine dioxide-armed cells only “detonate” on contact with pathogens, 
which include harmful bacteria, viruses, funguses, toxins, heavy metals, and 
parasites. All of these will have pH values that are out of the body’s range of 
good health. They will also have a positive ionic charge. The chlorine dioxide 
equipped cells do not oxidize beneficial bacteria, or healthy cells, as their pH 
levels are 7 or above, and hold a negative ionic charge. Chlorine dioxide ions 
will oxidize - meaning vaporize — diseased cells... anything that is acidic, with 
a positive ionic charge. If the chlorine dioxide ions encounter no pathogens 
or other poisons, they deteriorate into table salt and in some instances, 
hypochlorous acid, which the body can also use. 





A Pathogen Terminator 


Research has proven chlorine dioxide to be much safer than chlorine, as it is 
selective for pathogens when used in water. Furthermore, it does not create 
harmful compounds from other constituents in the water as chlorine does. 
Numerous scientific studies have demonstrated that chlorine — part of the 
halogen family of elements - creates as least three carcinogenic compounds 
when it enters the body, principally Trihalomethanes (THMs). There has 

been no such evidence of harmful compounds being produced from chlorine 
dioxide. This is why, in 1999, the American Society of Analytical Chemists 
proclaimed chlorine dioxide to be the most powerful pathogen killer known to 
man. It has even been used to clean up after anthrax attacks. 


A Journey into Chemical Alchemy 


Once it is introduced into the bloodstream, chlorine dioxide performs a highly 
energetic acceptance of up to five electrons when it comes across any cell 
that is below a pH value of 7. 


This means that diseased cells are essentially vaporized (i.e., “oxidized”) 
while healthy cells are unaffected. 


This is how it happens. Red blood cells that are normal carriers of oxygen 
throughout the body do not differentiate between chlorine dioxide and 
oxygen. Therefore, after you have swallowed the MMS/chlorine dioxide-rich 
solution, red blood cells pick up chlorine dioxide ions as they pass through 
the stomach wall. When the red blood cells, armed with chlorine dioxide, 
encounter parasites, fungi, diseased cells or anything that has a pH below 7 
and a positive ionic charge, the “aliens” are destroyed along with the chlorine 
dioxide ion. 


If the chlorine dioxide doesn’t hit anything that can set it off, it will eventually 
deteriorate, by losing an electron or two. This will allow it to be converted 
into hypochlorous acid. This compound kills pathogens and even cancerous 
cells. Hypochlorous acid is so important that its diminished presence in the 
body is described medically by the term ‘myeloperoxidase deficiency’. Many 
people are afflicted by this condition. The immune system needs a great 

deal more hypochlorous acid when disease is present. Facilitated by the MMS 
solution, chlorine dioxide delivers it in quantity. 


The most salient point to know is that chlorine dioxide has 100 times more 
energy to do what oxygen normally does, and yet, will not harm healthy 


cells. By the way, if you are totally healthy and have nothing in your body 
that is at an acidic level below 7, there are no ill effects from taking chlorine 
dioxide at the appropriate dose. However, your stores of hypochlorous acid 
will be increased. 


MMS works best to destroy pathogens that may be present in the body, 
when 2 or 3 mg of free chlorine dioxide are in the solution at the time it is 
swallowed. However, the body is supplied with chlorine dioxide in a “timed 
release” manner lasting about 12 hours. Be aware, that before you feel 
better, it is likely you will feel ill in one way or another. 


Nausea 


The nauseating feeling that you may possibly experience, especially if 
you take too big a dose, is the result of chlorine dioxide encountering and 
destroying a large number of pathogens. We are generally oblivious to 
the pathogens that are present in our bodies, but there is an increasing 
awareness in the medical and scientific literature of their importance to 
our health, or more to the point our ill health. Since they build up over 
time in various organs of the body, they generally affect our health slowly 
and cumulatively. If chlorine dioxide takes them out too suddenly, the 
result will be a dramatic reaction. However, the time it takes to clear the 
pathogens and toxins is much less than it took for them to accumulate. It 
has probably taken many years, possibly almost a lifetime, for some of them 
to accumulate. 


As a person always feels unwell when they contract a case of, say, acute 
hepatitis, dengue fever or Lyme disease, they may continue to feel unwell 
for a while, in which case it will be difficult to tell whether it is the condition 
or the chlorine dioxide that is causing the unwell feeling. However, if the 
condition is treated with chlorine dioxide in its early stages, the pathogens 
will be killed off quickly as they are still in the blood stream and therefore 
available to be attacked easily by the circulating chlorine dioxide-rich red 
blood cells. Under these circumstances, the symptoms should be over very 
quickly. 


In chronic conditions, especially Lyme disease and dengue fever, nearly 
every organ of the body can be affected to a greater or lesser extent, which 
is why the symptoms can be so variable, and the person can feel so ill. This 
variability is almost diagnostic of such conditions, especially as there are 

no satisfactory blood tests to prove the diagnosis. The reason for this is 
that there may be a number of different organisms involved, each having 


a different life cycle. In these cases it will take a little longer to achieve a 
resolution of the condition, as each organism is destroyed in its own time. 


Years of “leeching” from dental amalgams can “innocently” deposit enough 
mercury in one’s system to steal innocence, rob vitality, and erase precious 
memories. Lead can accumulate over the years from atmospheric exposure. 
Dislodging and vaporizing either or both of them may feel uncomfortable for 
a short time compared to the time it took for them to accumulate. 


If there is nothing for chlorine dioxide to encounter, it deteriorates into 
constituents that are totally non-toxic. Nothing poisonous is left behind to 
build up, as is the case with many medical protocols. Medical treatments 
currently provide you no way of removing the poisons when they don’t work. 
Chlorine dioxide, on the other hand, lasts long enough to do its job, and 
then the amount that does not furnish the immune system with needed ions 
becomes nothing more than micro amounts of salt and water. The chlorine 
dioxide has just a few minutes to do its job, and then it no longer exists, 
leaving nothing behind that can build up, or do additional harm. 


The Procedure 


The procedure for taking MMS is simple. All you need is your bottle of MMS, a 
clean, empty, dry glass, an eyedropper and the activator citric acid. 


Note: When following the instructions below, keep this paragraph in mind. 
Always activate the MMS drops with one of the food acids, either lemon juice 
drops, or limejuice drops, or citric acid solution drops, the citric acid drops 
being the simplest. 


Always add 5 drops of citric acid to each 1 drop of MMS, mix in an empty dry 
glass and wait at least 3 minutes, then add 1/3 to 2/3 glass of water and 
drink it. (You can expand the 3 minutes to 10 before drinking. ) 


Repeat this dose in between one and two hours, ideally doing all of this after 
your evening meal, possibly starting about % hour after you have eaten, as it 
can sometimes make some people sleepy, apart from which your body does 
most of its detoxifying during the night. 


Start modestly with as little as 1 drop of MMS plus 5 drops of citric acid on 
your first day (never forget to wait at least 3 minutes for the mixture to react 
to create chlorine dioxide, which will turn yellow and smell of chlorine, and 
repeat the dose in one to two hours). Take your time and do not rush. You 


could stay on this low dose for a few days, and then increase the number (2 
and 10, 3 and 15, etc) on subsequent days, but I repeat - TAKE YOUR TIME. 
There is no point in going higher than 15 and 75 respectively, but it is rare 
for anyone to reach this level. 


Your body will tell you when you've reached the optimum dosage for you, 
and, if in doubt, drop the next dose. Clearing may be a bit uncomfortable, 
but it need not be intolerable. You may feel like you’ve been through a 
battle, and, in a sense, you have. However I suggest that, if you develop any 
symptoms of any sort, assume you have taken too high a dose, so put up 
with the effect, take the antidote, and drop the next dose, possibly even not 
taking any for a day. 


Before you can be healthy again, you need to destroy toxins, pathogens, 
parasites and anything harmful to you. In order to do so, they have to be 
uprooted and released from their “strongholds” in your body tissue. You have 
no idea what they are or where they are. Remember they may be buried 
deep in your organs. 


You don’t have to reach your maximum tolerated dose. Whatever dose you 
use will have its value, but the higher you can comfortably reach the better. 
It is just that the whole process will take that much longer. 


This gentle approach applies to any chronic condition, and especially if 

you want to clean up your body. However, if you develop an acute medical 
condition such as dengue fever or malaria, for example, start straight in at at 
least 5 drops of MMS to 25 drops of citric acid, although you could possibly 
start at 8 drops of MMS to 40 drops of citric acid, and don’t forget to repeat 
the dose in between one and two hours. 


With any luck you will feel remarkably better by the next day. If you are not 
quite symptom free, repeat the same the next day, increasing the dose by 
about one third. In an acute situation, you can take three doses a day, each 
one repeated one to two hours later. 


Antidote. If you develop any symptoms you don’t like, assume it is the 
chlorine dioxide working too hard within you. To clear these symptoms, 
either take a few doses of 2 teaspoonful of sodium bicarbonate in a glass of 
water or a few grammes of vitamin C in water. Don’t take both. Then either 
don’t take a dose of MMS for 24 hours or drop the next dose and gradually 
work back up again. 


IMPORTANT. Please be aware that, as I have already said, chlorine dioxide is 
a very potent chemical and literally destroys anything potentially harmful it 


comes across. Whatever dose you take, it will do its job. It is understandable 
that you want to reach as high a dose as possible as soon as possible, but I 
would encourage you not to think like that. As most of us have accumulated 
a lot of undesirable things within our bodies over the years, some of which 
may now be causing a major illness, it is not unreasonable to suggest that it 
may take some time to get rid of it all, possibly six months or more. 


A number of people have reported to me that they did not feel any nausea, 
nor did they vomit, but started to feel generally unwell, or some of their 

old symptoms started to come back a bit, when they had reached a certain 
dose of chlorine dioxide. Fortunately they rang me. My advice was that they 
should go back to a lower dose, possible even not taking any chlorine dioxide 
for 24 hours before restarting at the lower dose. This approach has worked in 
every case. Unlike an antibiotic, nothing can develop a resistance to chlorine 
dioxide, as has already been said. 


So what I am really trying to say is that, if you have ANY undesirable effects, 
even if you become a bit more tired than before, ASSUME that the chlorine 
dioxide is being too active for your body’s current ability to eliminate the 
toxins. Take a lower dose next time, and be prepared to stay low for a while. 
Please don’t overdose. It will only make you feel unnecessarily ill. 


Overall you may feel the effects, but this is a good thing. You will also feel 
healthy again. Any sick feeling will be TEMPORARY, a small price to pay for 
the longer-term possibility of lasting restored health, no matter what stage 
of life you happen to be currently experiencing. When the clearing is done, 
you won’t need to take the maximum dose. You can go on a maintenance 
application (1 or 2 drops of MMS) to keep your insides pathogen free and 
your immune system strong or take a dose every so often. I hope you have 
found this information helpful. In summary, when MMS is combined with 
citric acid it produces chlorine dioxide, which, at the appropriate dose is a 
safe and effective way to boost your immune system and eliminate a full 
range of harmful organisms, toxic metals and chemicals which may well be 
making you ill. 


Dr. Patrick Kingsley. February 2008. 








Next, while we are on the topic of simple chemical 
substances, let’s look at two others: first, hydrogen 
peroxide... 
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The bleach story continues! 
Hydrogen Peroxide: A Powerful Antibiotic 


Hydrogen peroxide is like water (H2O) with an extra oxygen atom added 
(H202). It’s the extra oxygen and the power to release it right in the tissues 
that makes this substance a powerful medicine. Oxygen is good for us and 
bad for a great many pathogens, notably anaerobic bacteria, yeasts and 
viruses. It also cripples cancer cells and renders them vulnerable to the 
immune system. 


Nature supplies us with abundant hydrogen peroxide. Every time it rains, 
falling drops of water bring down ozone from higher in the atmosphere in 
the form of hydrogen peroxide. The extra life-giving oxygen is undoubtedly 
one of the reasons plants do better when watered from the sky than from a 
watering can. It is also why rain is so refreshing. Don’t hide indoors! Go out 
and get the extra oxygen: it’s Nature’s gift of energy! 


In fact hydrogen peroxide from the sky is so good that farmers are known 
to mimic it by spraying their crops with diluted hydrogen peroxide. Feed it to 
your plants, using one ounce of 3% hydrogen peroxide solution to a quart of 
water. They'll love it! 


Unfortunately, because of current atmospheric pollution, much of the 
peroxide never reaches the ground. It gets used up interacting with 
chemicals in the atmosphere and in urban areas this has lowered oxygen 
levels from the 20% you were taught in school, down to as little as 10%. 


Despite its health-giving properties, our oxygen needs are not being met. 
The oxygen-generating rain forests are being destroyed worldwide, which 
further reduces available oxygen. Chlorination of drinking water removes 
oxygen. Cooking and over-processing of our foods lowers their oxygen 
content. Unrestrained antibiotic use destroys beneficial oxygen-creating 
bacteria in the intestinal tract. 


Dr. Johanna Budwig of Germany has shown that for proper cellular utilization 
of oxygen to take place, our diets must contain adequate amounts of 
unsaturated fatty acids, rich in pi electrons. Unfortunately, the oils rich in 
these fatty acids have become less and less popular with the food industry. 
Their very reactive nature means they require more careful processing and 
it gives them a shorter shelf-life. The food industry, which has no apparent 





interest in human health, has therefore turned to the use of synthetic fats 
and dangerous processes like hydrogenation. 


A Bit Of Biochemistry 


Ozone is an unstable coupling of 3 oxygen atoms and it easily gives up the 
third oxygen atom which, once alone, becomes a violent reactor and can 
cause damage. That’s why ozone is potentially hazardous. Hydrogen peroxide 
also has an extra oxygen atom, which is gives up easily, reverting to water. 

It too is potentially dangerous—but only if you misuse and abuse it, which of 
course is true of any medicine! 


The fiery “singlet oxygen”, as it’s called, that is given up in the tissues is 

what creates the powerful medicinal properties of hydrogen peroxide. It’s 
deadly to pathogens and deadly to cancer cells, yet does our bodies little 
harm. 


The bubbling you see when hydrogen peroxide comes in contact with a 
bacteria-laden cut or wound is the oxygen being released and bacteria being 
destroyed. 


You've probably understood the anti-oxidant story and you no doubt take 
antioxidants to protect yourself. However the missing half of the story, 
which rarely gets told by half-educated health “experts”, is that we need 
oxygenation in our bodies. Hydrogen peroxide is the exact substance by 
which our own white blood cells kill bacteria, molds (yeasts) and viruses. 
Cells release it on the spot and then rapidly re-absorb and neutralize it when 
it has killed the pathogen. 


If this ability was totally swamped by excessive anti-oxidants, then we 
wouldn’t be able to fight off infections. Please remember this point. The 
ability of our cells to produce hydrogen peroxide is essential for life. H,O, is 
not some undesirable by-product or toxin as orthodox medicine would have 
you believe, but instead a basic requirement for good health. 


Hydrogen peroxide is involved in many other important processes in 

the body. For example, vitamin C helps fight infections by enhancing 
hydrogen peroxide production, which in turn stimulates the production of 
prostaglandins. Also lactobacillus found in the colon and vagina produce 
hydrogen peroxide. This destroys harmful bacteria and viruses, preventing 
colon disease, vaginitis, bladder infections and a host of other common 
ailments (Infect Dis News Aug.8,91:5). It is required for the production of 


thyroid hormone and sexual hormones. (Mol Cell Endocrinol 86;46(2): 149- 
154) (Steroids 82;40(5):5690579). It stimulates the production of interferon 
(J Immunol 85;134(4):24492455). It dilates blood vessels in the heart and 
brain (Am J Physiol 86;250 (5 pt 2): H815-821 and (2 pt 2):H157-162). 

It may improve glucose utilization in diabetics (Proceedings of the IBOM 
Conference 1989, 1990, 1991). 


The good thing is that hydrogen peroxide is dirt cheap and readily available. 
BUT YOU MUST TAKE CARE TO USE ONLY THE CORRECT FOOD GRADE FORM. 
More about that later. 


We don’t yet fully understand the complete workings of hydrogen peroxide 
but we do know that it is a prolific source of free oxygen. 1 pint of food- 
grade (35% solution) contains the equivalent of 130 pints of oxygen. 1 pint 
of 3% hydrogen peroxide found at the local drugstore contains 10 pints of 
oxygen. And 1 pint of the 6% solution (the kind used to bleach hair) contains 
20 pints of oxygen. 


We also know that when H,0O, is taken into the body (orally or intravenously) 
the oxygen content of the blood and body tissues increases dramatically. 
Early researchers felt these increases were simply due to the extra oxygen 
molecule being released. This is unlikely. Only very diluted amounts of H202 
are ever introduced into the body. The small amount of oxygen present 
couldn’t be solely responsible for the dramatic changes that take place. 


Dr. Charles Farr, a strong proponent of intravenous use, has suggested 
another possible answer. He believes that hydrogen peroxide stimulates 
enzyme systems throughout the body. This triggers an increase in the 
metabolic rate, causes small arteries to dilate and increase blood flow, 
enhances the body’s distribution and consumption of oxygen and raises body 
temperature (Proceedings of the International Conference on Bio-Oxidative 
Medicine 1989, 1990, 1991). 


A Little History 


The therapeutic benefits of hydrogen peroxide were reported as far back as 
1920. The prestigious English medical journal, The Lancet, carried the story 
that IV hydrogen peroxide was used to successfully treat pneumonia in the 
flu epidemic following World War I. 


In the 1940's Father Richard Willhelm, a pioneer in promoting peroxide 
use, reported its extensive use in treating everything from bacterial- 


related mental illness to skin disease and polio. Father Willhelm founded of 
“Educational Concern for Hydrogen Peroxide” (ECHO, a nonprofit organization 
dedicated to educating the public on the safe use and therapeutic benefits of 
hydrogen peroxide). 


Much of the interest in hydrogen peroxide waned in the 1940’s when 
prescription medications came on the scene. Since that time there has 

been little economic interest in funding peroxide research. After all, it is 
inexpensive and non-patentable, so worthless to drug companies, who 
pursue profits above patient care. Yet despite this lack of apparent interest 
of orthodox medicine, over 7,700 articles relating to hydrogen peroxide have 
been written in the standard medical journals. 


Thousands more, involving its therapeutic use, have appeared in alternative 
health publications. The number of conditions helped by hydrogen peroxide 
is astounding. The reported dangers and side effects are few and often 
conflicting. 


Again, I repeat, that it is quite safe if handled properly. But deadly if not. 


Only 35% Food Grade hydrogen peroxide is recommended for internal use. 
See overleaf for notes about grades of hydrogen peroxide. 


Even at this concentration, however, hydrogen peroxide is a very strong 
oxidizer and if not diluted, it can be extremely dangerous or even fatal. Any 
concentrations over 10% can cause neurological reactions and damage to the 
upper gastrointestinal tract. There have been two known fatalities in children 
who ingested 27% and 40% concentrations of H202. 


Recently, a 26 month old female swallowed one mouthful of 35% H202. She 
immediately began vomiting, followed by fainting and respiratory arrest. 
Fortunately, she was soon under emergency room care and although she 
experienced erosion and bleeding of the stomach and esophagus, she 
survived the incident. When she was re-examined 12 days later, the areas 
involved had healed (J Toxicol Clin Toxicol 90;28(1):95-100). 





What Diseases Can Be Treated With 
Hydrogen Peroxide? 


All infections will benefit, whether viral, bacterial, fungal (yeasts and molds) 
or parasitic. The list would be long but would include colds, influenza, 
Herpes, sore throats, gum (periodontal) disease, infected wounds and burns, 
MRSA certainly, pneumonia, hepatitis, infectious mononeucleosis, Lyme, 
vaginal Thrush, bowel disorders (proctitis, colitis, Crohn’s etc), prostatitis, 
trichomoniasis, systemic Candiasis and cystitis. 


Veterinary parasitology also suggests it is effective against toxoplamosis, 
which is otherwise almost impossible to treat [Veterinary Parasitology, 
Volume 153, Issues 3-4, 31 May 2008, s 209-213]. 


Even claims have been made for the successful treatment of AIDS (these are 
never investigated for their worth; the doctors are just treated as liars and 
quacks). 


How Is Peroxide Used? 


In serious situations and if local political matters permit, there is no question 
that hydrogen peroxide (and ozone) therapies are best administered by a 
qualified health professional, who know what he or she is doing. 


But you can do it for yourself, if you can get the correct grade of hydrogen 
peroxide. For the avoidance of confusion, here is information about all the 
common forms of hydrogen peroxide. Be sure you understand what you are 
buying, if you want to use it for self-therapy. 





Grades of Hydrogen Peroxide 


Hydrogen peroxide is available in various strengths and grades. 


1, 


Zz 


90%: This is used as an oxygen source for rocket fuel! 


3.5% Pharmaceutical Grade: This is the grade sold at your local drugstore 
or supermarket. This product is not recommended for internal use. It 
contains an assortment of stabilizers which shouldn’t be ingested. Various 
stabilizers include: acetanilide, phenol, sodium stanate and tertrasodium 
phosphate. 


. 6% Beautician Grade: This is used in beauty shops to color hair and is not 


recommended for internal use. 


. 30% Reagent Grade: This is used for various scientific experimentation 


and also contains stabilizers. It is also not for internal use. 


. 30% to 32% Electronic Grade: This is used to clean electronic parts and 


not for internal use. 


. 35% Technical Grade: This is a more concentrated product than the 


Reagent Grade and differs slightly in that phosphorus is added to help 
neutralize any chlorine from the water used to dilute it. 


. 35% Food Grade: This is used in the production of foods like cheese, 


eggs, and whey-containing products. It is also sprayed on the foil lining 

of aseptic packages containing fruit juices and milk products. Only 35% 
Food Grade hydrogen peroxide is recommended for internal use. At this 
concentration, however, hydrogen peroxide is a very strong oxidizer and if 
not diluted, it can be extremely dangerous or even fatal. 


You must handle it without getting it on your skin. Direct contact will burn 
the skin. Rubber gloves from Home Depot or similar are recommended. If 
you do get any on your skin, wash it off immediately with copious water. 


It needs to be diluted down to 3%. Diluting 10 times would result in 3.5%, 
so if we dilute it 1 in 12, that’s close to 3%. You can do this easily by pouring 
1 ounce of H202 into a pint jug or jar, then adding 11 ounces of distilled 
water. This will make 12 ounces of 3%. 





I recommend that you transfer the H,O, as you need it to a small glass 
eyedropper bottle, which you can get from your local drugstore. Leave the 
rest in the tightly sealed bottle it came in and store it at the back of the 
refrigerator, where it will be quite stable chemically, for long periods (make 
sure children cannot access it). 


Suggested Dose Regime 


Based on years of experience and thousands of cases reports, the following 
dose regime is known to work well and should be right for you. 


Drops can be added to 6- 8 ounces of liquid in a glass, either more distilled 
water, fruit juice, milk or aloe vera (juice or gel). DO NOT USE TAP WATER: 
the chlorine in tapwater would deactivate the hydrogen peroxide. 


Hydrogen peroxide must be taken only on an empty stomach. If there is 
food in the stomach, the reaction on any bacteria present may cause excess 
foaming, indigestion, and possibly even vomiting. Additionally, some animal 
research indicates that when it is given orally, peroxide combines with iron 
and small amounts of vitamin C in the stomach, hydroxyl radicals are created 
(J Inorg Biochem 89;35(1):55-69). 
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Please don’t go above 25 drops. It may be counter-productive. 


Transplant patients should not take hydrogen peroxide. It strongly stimulates 
the immune system and could, theoretically, cause a rejection of the organ. 
If you feel nauseated and sick, this could be a healing crisis. As you detox 
and kill off lots of pathogens in your system, your body may not be able to 
remove the breakdown products fast enough. The answer is just to persist 
until the toxins are cleared. 


Try to keep going at the dose you are on; just don’t increase it until the 
reaction wears off. Then resume the climbing dose (maximum, 25 drops, 3 
times a day). 


You should also take vitamin E (alpha and gamma mixed forms, not 
synthetic alpha-tocopherol). It enhances oxygen metabolism and is quite 
safe, whatever the current scientific frenzy to discredit it. 


You should also actively engage in pre- and probiotics (section #40a), to 
start repopulating your body with good friendly bacteria. 


You can get food grade 35% hydrogen peroxide online at this website: 


http://www.dfwx.com/h2o02.htm 


Other Administration Routes For 
Hydrogen Peroxide 


1. Three tablespoons mixed with a quart of distilled (or any non-chlorinated) 
water makes a good vaginal douche, for those stricken with bacterial or 
yeast (Candida) vaginitis. 


Remember the need to re-populate with good flora. The pH of the vagina 
is important. 


It is normally kept slightly low by malic acid. This deters bacteria and 
yeasts. I have heard (but don’t recommend) women douching with 
yoghurt to increase friendly flora. 


One case was found with a raspberry seed stuck in her cervix: she’d used 
supermarket sweetened fruit yoghurt, which was very silly! 


Enemas. The above formula can also be used effectively for colon infection 
(Candida, Giardia and other). 


2. It makes an effective full strength mouthwash or can be mixed with 
baking soda for toothpaste. 


3. It can be used full strength as a foot bath for athlete’s foot. (Diabetics 
have found relief from circulation problems by soaking their feet in 1 pint 
of 3% peroxide mixed with 1 gallon of warm, non-chlorinated water for 30 
minutes nightly.) 


4. A tablespoon added to 1 cup of non-chlorinated water can be used as 
a nasal spray. Depending on the degree of sinus involvement, one will 
have to adjust the amount of peroxide used. If it causes excess catarrhal 
discharge, reduce the proportions. 
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Hydrochloric acid 


Injections 





What? That’s right. Only 1:1,000 strength! It’s more barefoot doctoring 
from the days before fancy antibiotics. Burr Ferguson M.D. of Birmingham 
AL first wrote about it around 1925. Dr. Ferguson had been a battle surgeon 
during World War 1 and he had seen the wounded die by the hundreds from 
infections. He quickly found that when 10 mls of 1:1,000 hydrochloric acid 
is given IV, there is a rapid and significant increase in the white cell count. 
Infections melted away and fever subsided. 


You can treat virtually any infection with this simple protocol. It’s quite safe! 


Begin as soon as there are signs of fever. Shots are given daily. Usually after 
a week the fever is cleared and the patient feeling well. 


The doctor was William Howell M.D. of Lexington, Tennessee told of the 
following case in a 1930s journal Medical World: 


The patient was age 15 and she was delivered of a very large baby that lived 
only for two hours. She lived in a log cabin in the woods. The delivery was 
done with the best aseptic condition that could be had in a log cabin. The 
patient weighed only 90 pounds. There were some small lacerations. On day 
three after delivery there was a message that the patient had a chill and 
high fever. She lived in a river bottom and I was in hope that it was malaria 
and I sent quinine. On the fifth day there was another message telling of 
the grave condition of the patient. In going into the sick room I saw at once 
that the message had been urgent. The girl was delirious, temperature was 
106, pulse was 140, respiration was 40 and there was a discharge from the 
vagina with a fetid odor. Every other case I had seen like her had died of the 
infection. 


I had some one in 1,500 hydrochloric acid with me but had feared to use 
it. I injected 10 cc of 1 in 1,500 hydrochloric acid into a vein with much 
trepidation. The following minutes were anxious ones for me as I hardly 
knew what to expect. I had never heard of hydrochloric acid being used to 
treat puerperal sepsis. I was thinking of the warnings of the fatal results of 
an injection of acid in the vein. I was holding the radial pulse when all of a 
sudden there was sweat on the patient’s neck and forehead and a slowing 
of the pulse. In a few more minutes the patient was bathed in a profuse 
perspiration and there was a stop to the chatter of her delirium. Thirty 


minutes after the injection she was conscious and I asked her how she felt. 
She said that she felt much better. She wanted to go to sleep. 


Within an hour of the injection, her temperature had dropped to 103, her 
pulse had dropped to 100 and respiration had decreased to 22. On the next 
four days I repeated the injections. On day six, temperature was 99, pulse 
was 72 and respiration was 19. Two days later I was called and told that her 
fever had returned. Her temperature was 101 and there was a free discharge 
from the vagina. I gave her one more injection of 10 cc of acid. 


All signs of the infection she had had completely disappeared. 


The story was later retold by Barry Groves in Townsend Letter for Doctors, 
December 2001 issue. 


Obviously this is one remedy that should probably only be done by an MD or 
RN. But in an emergency, in the jungle, anywhere, just do it! 


I’ve administered hydrochloric acid to myself IV on two occasions. It worked 
and was entirely without side effects. If you end up with MRSA or any other 
dangerous or intractable infection, don’t trust to antibiotics to save you: get 
some holistic practitioner to do this protocol for you. 


I need hardly say that I believe it would be wise for decent MDs to re-learn 
these older techniques which certainly worked. Moreover they were cheap 
and safe (that was partly the problem, of course: no major drug company 
would ever promote such profit-less remedies). 


One more case from Dr. William Howell, then we’re done: 


The acid gives the same happy results in nephritis. Give an injection every 
day---in five or six days the albumin diminishes until there is none. I saw 
a case of acute nephritis September, 1933, following scarlet fever. A boy, 
nine years of age, swollen till he looked as though he would burst. I tried 
everything I could get at; salt-free diet, potassium citrate in large doses, 
milk diet. The hospital authorities said his urine showed four plus albumin. 
After six weeks he showed no improvement. 


I decided to try the acid. I gave him 3 c.c. of a 1:500 solution in the gluteal 
muscle every day, alternating hips each day. In seven days the albumin 
began to decrease. After twenty-one injections he was entirely well. I have 
reports from him almost weekly; no albumin. 





I saw him May 6th, 1934. He was out on the road with other children, was 
just as busy in their games as they were, showed no signs of his former 
trouble, looked well, ruddy like the others. Since that time I saw another 
case of acute prostatitis, urine loaded with albumin. After six injections his 
urine was entirely cleared up. I have given him about twenty-five injections. 
He sleeps well at night; no more bladder trouble. 


I have a man under my care who had tuberculosis of the lungs. The bladder 
became involved. I gave him an injection every day for thirty days. He 
missed his fever, all bladder symptoms are gone, eats plenty, sleeps well, has 
had no fever in ten months. His weight has gone up from 140 to 180 Ibs. I 
am still giving him an injection once a week. He is doing light work, coughs 
very little. He has taken more than one hundred injections with never the 
slightest harm. 
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If you’ve been into alternative and holistic medicine for any length of time. 
You must have heard of colloidal silver is an anti-septic. You’ve probably 
heard that Alexander the Great’s troops kept their water supply in silver 
vessels and how wagon train pioneers, travelling through the Wild West, used 
to put a silver dollar in the water barrel, to keep the water pure. 


There is really no argument that it is effective. In fact, silver has even 
reached the mainstream in the form of silver-soaked bandage line from 
Curad. According to the bandage company: “Laboratory testing showed that 
silver reduced bacterial growth like Staph. aureaus, E. coli, E. hirae and 
Pseudomonas aeruginosa -- a powerful germ that does not respond to many 
antibacterials -- in the dressing for 24 hours.” 


Even washing machines are now, for better or worse, using silver ions to kill 
bacteria. 


Meanwhile, silver-coated urinary catheters are used to help reduce urinary 
tract infections (UTIs) -- studies showed they reduced the incidence of UTI 
by 47 percent. 


Silver inhibits the growth of bacteria by deactivating the bacteria’s oxygen 
metabolism enzymes. In turn, this destroys the bacteria’s cell membranes, 
stopping the replication of the bacteria’s DNA. [Source- Acupoll Precision 
Research, April 2003 Beiersdorf, Inc. ] 


The real problem is not credibility with colloidal silver antisepsis. The problem 
is that there’s an awful lot of junk products, manufactured in garage and 
kitchen top businesses, with small and inadequate electrolysis machines. 
These are really not potent enough to have any noticeable effect. Yet the 
people who peddle these goods like to quote science to give them credibility. 


Don’t be fooled, make sure you get a good product. It’s not just a matter 
of the particle count but particle size also (surface area)—and ionic silver 
content. 


Silver ions are silver atoms which have an electron missing in the outer shell. 
Silver particles are metallic silver consisting of clusters of silver atoms and 
can range in size from less than a nanometer up to 1,000 nanometers (1 
micron). Silver ions will combine with chloride ions readily where they are 
present. The human stomach contains a strong solution of hydrochloric acid. 
Silver chloride forms immediately in the stomach when silver ions enter it. 
The same thing happens to silver ions in the bloodstream by virtue of the 


high chloride content due to the presence of sodium and potassium chloride. 
Silver ions, therefore are of little value inside the body as they are quickly 
combined with the available chloride ions to form worthless silver chloride. 


Let me suggest a product called Advanced Colloidal Silver. It has 
approximately 20% ionic silver and 80% silver particles with a mean average 
of about 2 nanometers. This small particle size, combined with small particles 
results in a vastly larger surface area of silver for a given concentration. 
Because of this, ACS is potentially more effective than those products with 
much larger particles and much higher ppms. 


The difference between good and bad products is illustrated by a study 
carried out by Dr. Ron Leavitt of BYU University, and reported by Deseret 
News, Tuesday, May 16, 2000. 


According to Leavitt “The data suggests that with the low toxicity associated 
with colloidal silver, in general, and the broad spectrum of antimicrobial 
activity of this colloidal silver preparation, this preparation may be effectively 
used as an alternative to antibiotics.” 


The original study compared a good quality colloidal silver against 
tetracyclines, fluorinated quinolones (Ofloxacin), the penicillins, the 
cephalosporins (Cefaperazone) and the macrolides (Erythromycin). Among 
the microbes tested were streptococcuses, pneumonia, E. coli, salmonella, 
and shigella. 


There has since been considerable dispute about Leavitt’s right to publish this 
data publicly, with BYU has been sending intimidating cease and desist orders 
out to individuals and organizations referencing the study. These letters go 
beyond reasonable demand that copyrights be respected and further demand 
that BYU not be mentioned in conjunction with the study at all, despite the 
fact this information now exists in the public domain. 


Safety Of Colloidal Silver 


Up until the advent of chemical antibiotics which came about in the 1940's, 
some very strong silver products were being used as antibiotics. Of the 
millions of people who used these concentrated silver products, there were 
no reported deaths and only 239 reported cases of generalized Argyria (EPA 
Report ECAO-CIN-026 Jan “91” Pg. VI-3). In that same EPA report on VI-4 it 
states that Gaul and Staud (1935) suggested 8 grams of silver arsphenamine 
(used by injection at 145,000 ppm strength) as a safe total (lifetime) dose. 


They also noted that other authors suggest safe total doses of 12-15 grams, 
based on clinical experience. The work of Furchner et al (1968) as stated 
above showed that small amounts of silver did not build up in the system of 
primates. 


According to the EPA IRIS Report on silver (Integrated Risk Information 
Systems) (5th , 1st paragraph) it states that a number of tests were 
completed to investigate the absorption and retention of ingested silver 

in a number of animals (including primates). In conclusion, the test work 
indicated that between 90-99% of ingested silver was excreted on the 
second day after ingestion and greater than 99% was excreted in less than a 
week. 


In other words, almost all the ingested silver was out of the body in only 
two days, which indicates that silver does not build up in the system when 
consumed in small amounts. 


Overdose (Argyria) 


However, it is possible to overdose with silver, 
and this may lead to a rare cosmetic condition 
of blue skin. Its scientific name is argyria 

or silverism and is an irreversible blue-gray 
discoloration of the skin, nails and gums 
that’s linked to colloidal silver. It can happen 
gradually and sneak up on you unawares, 
after a number of years. 


You have to be pretty excessive (in fact 
really daft) to get it. It would require an 
intake of 1,000 mgm or more from the use 
of any silver compound, including its salts. 
Once established, the condition is usually 
permanent and is a kind of disfigurement. 





The US Federal Register listed the silver products that cause argyria as 
silver salts, including; silver nitrate, silver arsphenamine, silver chloride 
and possibly silver iodide. These products were sold until about 1975 under 
various labels consisting of silver solutions ranging from 5-30% silver 
[50,000-300,000 ppm (parts per million) of silver] (Federal Register, FDA- 
21CFR Part 310, pg. 53685). 





In comparison American Biotech Labs silver supplement products are only 
10 ppm and 22 ppm. American Biotech Labs’ EPA approved hospital/home 
surface disinfectant is only 32 ppm. 


Other potential side effects of the liquid include: seizures and other 
neurological problems Kidney damage Indigestion Headaches and fatigue 
Skin irritation 





Nutritional factors 
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Now let’s look at nutritional factors against infections. It’s CRITICAL! 


I have already explained that the main reason TB was conquered had 
nothing to do with vaccines or antibiotics; it was just improvement in 
nutrition for the population. It’s the same story for most infectious diseases. 
The usually touted nonsense that we’ve conquered disease with antibiotics 
and vaccinations is completely wrong but it’s believed with all the passion of 
religious fervor, directly against all evidence to the contrary. 


Here’s the proof: 
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These figures are from Britain but the trend is the same the whole world 
over. 


And TB (overleaf): 


Note the sudden surge during the Second World War. This was due to 
temporary malnutrition and further re-inforces the point I am trying to make. 
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If the Americans want to ignore facts from elsewhere in the world (they 
usually do!), here is proof you’re covered too: 
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The depiction of Diphtheria vaccine introduced in 1822 is completely 
misleading: it was an anti-serum to the toxin, not the bacterium. Only one of 
these featured diseases is viral in nature (measles) but the principle applies 


just fine to immunity against all pathogenic organisms. General standards 
of hygiene and wellbeing, good housing, plus adequate nutrition make a big 
difference in general immunity in the population. 


Nutrition bullets 


This is not a book on nutrition but here, in a nutshell, is what you should do. 


Avoid sugar at all costs. You probably know that in the US the average per 
capita is 150 Ibs. That’s 3 Ibs a week! Over 150 years ago Native American 
Indians warned against sugar: they said it weakened the body. It makes the 
immune system sluggish for up to 6 hours afterwards and the last thing you 
would want is tardy white blood cells that show up late for the action! Also it 
removes zinc which is very important for immunity. 


Eat well. By that I mean a natural diet of natural foods with enough calories. 
Infectious diseases prosper only where there is malnutrition. Almost all 
endemic diseases (diseases which run permanently in society, not just in 
epidemic fashion), such as measles, TB and cholera, all declined significantly 
in the decades BEFORE antibiotics. The cause was better nutrition. 


Remember being overweight does not mean you have “extra” nutrition: 
it means you have mal- or dys-nutrition. You are eating badly, eating the 
wrong things and ruining your body defences. 


Alcohol, caffeine and tobacco are also known to lower immunity. 


Instead of junk you must eat more foods containing anti-oxidants. These 
are contained in colored fruits, especially berries, blue, red and black. 
Manufactured foods which contain none of these essential life-giving food 
properties. It’s astonishing how little infectious disease you will ever get, if 
you eat like this. 








Vitamin A 


You will hear talk from some people who do not do their research properly 
that vitamin D is the “antibiotic vitamin”. It is not. Vitamin A is the clear 
winner. For my subscribers to the Wholesome Living Letter (now ceased 
publication) I cited important clinical trials in the years before antibiotics that 
vitamin A in very large doses (50- 100,000 IU) killed virulent bacteria as 
well as antibiotics. Mortality rates moved from 100% fatal to 100% survival. 
That’s BETTER than antibiotics! 


In 1929 a milestone study was conducted by Sir Edward Mellanby, Professor 
of Pharmacology in Sheffield, England, for the Medical Research Council of 
the UK. Up to that time, puerperal sepsis was a highly fatal and untreatable 
condition (for instance in 1928, just one year earlier, there were 16 cases 
on Mellanby’s pitch and all the women died). Mellanby administered high 
doses vitamin A to 5 women in his study—one of the first controlled clinical 
trials ever—and all 5 women survived! It was a triumph for science but also 
nutrition. 


Unfortunately, antibiotics lay just around the corner and that soon put paid to 
the idea of a humble vitamin being remarkably effective against a killer fever. 
Well, please remember, just 80 years on, the clock has turned completely 
and we are now almost post-antibiotics. [Mellanby E, Green HE (1929). 
Vitamin A as an anti-infective agent. Its use in the treatment of puerperal 
septicaemia. BMJ 1:984-6 ] 


In 1931, Mellanby published another keynote paper with the title ‘Diet as a 
prophylactic agent against puerperal sepsis’. In it he measured the incidence 
of ‘sepsis’ in a group of 550 post-natal women. Yet the list included cystitis (9 
cases), mastitis (7 cases), influenza (1 case), gonorrhea (1 case), cervicitis 
(1 case) and septic perineum (2 cases), endometritis (7 cases) and 1 case of 
streptococcal septicaemia. 


Again the response to Vitamin A was remarkable. [Green HN, Pindar D, Davis 
G, Mellanby E (1931). Diet as a prophylactic agent against puerperal sepsis, 
with special reference to Vitamin A as an anti-infective agent. BMJ 2:595- 
598]. 


What is meant by high doses of vitamin A? 25,000 — 50,000 units. “But 
that’s toxic”, say the pundits, aghast. Well, which would you choose: vitamin 
overdose or death? The fact is that vitamin A is not toxic at these levels in 
the short term. Your fate is decided in 48- 72 hours! Not long enough to 
worry about liver toxicity, surely? 








 . 
Now come to what is probably the most powerful of all antibiotic substances 
known to man. Incredibly, it’s also one of the safest pharmaceuticals we 


have. If you are caught in a vicious pandemic, yet you can gain access to this 
therapy, you should do fine! 


I’m talking about humble vitamin C (ascorbic acid). Actually not so humble— 
it has brought people out of septicemic coma when nothing else worked and 
regular antibiotics were powerless to save the patient. 


But only when administered IV in huge doses, hundreds of times greater 
than doctors today would even consider. 


The full story of its power is told in an important book, entitled Vitamin 
C Infectious Diseases And Toxins (Curing The Incurable) by Thomas E. 
Levy MD, JD. The author cites over 12,000 medical and scientific journal 
references, which is far more than I can do here. 


Levy’s book leans a great deal on the work of an earlier doctor called 
Frederick R. Klenner MD, chief of staff at the Memorial Hospital in Reidsville, 
North Carolina, who worked in the 30s and 40s, when vitamin C first became 
readily available as an affordable pharmaceutical. 


Klenner pioneered his treatment on hundreds of cases and had outstanding 
results against many infectious diseases, using intravenous vitamin C. 


Klenner maintained hospital records and fever charts that told of case after 
case of recovery from meningitis, encephalitis, pneumonia and serious 
complications following scarlet fever (Streptococcus). Many fevers from 100- 
105 degrees F began to diminish within minutes of intravenous vitamin C. 
Both viral and bacterial diseases responded. The only requirement seemed to 
be that the dose was large enough and treatment continued for long enough. 


Polio Teasers 


Adelle Davies, famous authoress of the classic text Let’s Eat Right to Keep 
Fit, was fortunate enough to meet Dr Klenner, and she tells us one of his 
stories; of an 18-month-old girl suffering from polio. The mother reported 
that the child had become paralysed following a convulsion, after which she 
soon lost consciousness. When Dr Klenner first saw the child her little body 
was blue, stiff, and cold to the touch; he could neither hear heart sounds 


nor feel a pulse; her rectal temperature was 100°F. The only sign of life, he 
could detect was a suggestion of moisture condensed on a mirror held to 
her mouth. The distraught mother was convinced that the child was already 
dead. 


Klenner injected 6000 mg of vitamin C into the child’s blood; four hours later 
she was cheerful and alert, holding a bottle with her right hand, though her 
left hand was still paralysed. 


A second injection was given; soon the child was laughing and holding her 
bottle with both hands, all signs of paralysis gone. She recovered fully. 


To show just how far this can be pushed, Levy cites an adult case, a woman, 
also a polio victim. She had considerable pain in the hamstring area, pain in 

neck and pain in the lower back. She had a natural desire to keep her entire 

body static to avoid painful moments. Her fever reached 104.6°F, along with 
a sore throat that had relapsed after initial treatment with antibiotics, aspirin 
and fruit juice two weeks earlier. 


Although the patient weighed less than 120 Ibs. Klenner nevertheless 
immediately administered 22,000 mg (22 g) of vitamin C. by slow 
intravenous injection, using a large 100 cc syringe. Plus he prescribed 1500 
mg of vitamin C with juice every two hours by mouth. 


Twelve hours later, the woman was free of her headache, and her fever was 
down to 101.4°F. Klenner gave her another 22,000 mg injection; this caused 
nausea and vomiting which lasted for around 30 minutes. Then, 24 hours 
later, her temperature had further dropped to 100.8°F, with a definite clinical 
improvement. 


She was continued on 18,000 mg injections given every 12 hours (equivalent 
to 36 g a day). After a few days, the IV vitamin C. was discontinued, but the 
patient was asked to continue by mouth for an additional week taking 1500 
mg every three to four hour. 


Klenner noted that the patient had an almost complete elimination of pain, 
except at the knees, after the first 48 hours. The temperature normalised in 
84 hours. The patient finally made a complete recovery. 


Although these are viral cases, similar outstanding results are to be obtained 
with potentially fatal bacterial infections, such as tetanus, diphtheria, 
pneumococcal pneumonia, TB, leprosy and typhoid fever. Klenner came to 
speak of vitamin C as “the antibiotic par excellence”. 


Blood Levels 


Significantly, Klenner found that vitamin C levels vanished completely from 
the blood when the patient was under the stress of an acute infection. Nor 
could any vitamin C be found in the urine. This severe deficiency might be 
why patients respond so dramatically to massive doses of the vitamin. We 
now know that this lack is caused by vitamin C being used up by neutralizing 
toxins and blasting viruses and bacteria; it effectively eliminates the danger, 
but is lost in doing so. 


The rational basis of the high dose technique is therefore to administer 
vitamin C intravenously until it began to spill over into the urine and could 
be detected once again. Monitoring blood levels is obviously even more 
accurate but not always possible and not necessarily desirable when urgency 
can save a life; after all, vitamin C is pretty harmless. In any case, it is the 
intracellular levels that count, which may be much depleted, even when 
blood plasma levels appear reasonable. 


Hence Klenner’s urgency and the need to administer the doses as rapidly as 
possible, to be sure the plasma was overloaded and thus that the vitamin C 
would be sure to flood into the cells. Modern research, by the way, shows us 
that white blood cells may carry up to 80 times the residual blood levels of 
vitamin C, thus being sure to bring plenty of it to the site of an infection. So 
Nature knows how good this stuff is! 


Klenner published at least 20 significant papers and in 1949 addressed the 
American Medical Association, to tell colleagues what he’d achieved. Yet 

his work is now virtually lost and any mention of it is dismissed a myth and 
nonsense. The truth is now known only to a few physicians and practitioners 
[it was my “drug of choice’ to take with me to the danger zone rescue 
mission after the 2004 tsunami and kindly donated by friend of Deseret 
Biologicals, Sandy, Utah]. 


Klenner achieved outstanding recoveries in diseases which at that time were 
considered to be virtually untreatable. 





Bacterial Diseases 

Thomas Levy also quotes extensive research by other scientists and doctors, 
using large doses of vitamin C to overcome severe and sometimes fatal 
bacterial infections, including the following: 

e Rocky Mountain spotted fever. 

e Pseudomonas, a notoriously difficult to treat bacteria. 

e Bacillary dysentery and even amoebic dysentery. 


e Brucellosis. 


e Malaria (not a bacterial disease, but transmissible parasite called 
Plasmodium). 


e Typhoid fever (not to be confused with typhus, which also responds but is 
viral in origin) 


e Leprosy 

e Staphylococcus 

e Streptococcus (leads to rheumatic fever). 
e Tuberculosis 

e Tetanus, 

e Whooping Cough (Pertussis) 


e Diphtheria 


Note also: studies have proven that large doses of vitamin C helps to prevent 
allergies of varying kinds. I’ve given IV gallons of the stuff over the years. It 
even counters the effects of poison oak, poison ivy, snakebite, black widow 
spider bite and carbon monoxide poisoning. 


So if treatment with intravenous vitamin C is so effective in such a wide 


variety of conditions, how is it that most doctors have never even heard of it, 
much less use it in their office? 


Klienner Protocol 


The trouble is that the scientific literature is dogged with studies which 
purport to investigate the effects of vitamin C but which used such tiny 
doses as to be worthless. It is an almost universal mistake among doctors 

to believe that ascorbic acid has only vitamin like properties and these 
manifested only a few hundred milligrams at most. It is even cited in the 
literature that the body will block blood levels above about 300 mgms. What 
Thomas Levy turns to calling “Klenner-sized doses” of vitamin C are very 
large—around 500- 700 mgms per kg of body weight, repeated several times 
a day. That would range from 20 grams daily for an infant; 40 grams fora 
child; to 25 grams for a slight-built woman; to 50 grams for a hefty man. 


Clearly this is beyond the vitamin nature of ascorbic acid and indicates that it 
has a very important detoxing and antimicrobial property. 


This is critically important because most bacteria exert their deadly effect 
by means of a toxin. So a substance which both destroys the pathogens and 
their toxins is indeed a godsend. 


Take diphtheria, which once had a dreadful mortality rate of 80% (now down 
to 5- 10%). This disease kills by the secretion of a sticky dense membrane, 
which forms in the throat and suffocates the child. But there is also a deadly 
toxin, Diphtheria A, which itself is rapid fatal once present in sufficient 
quantity. 


To treat this condition, Klenner recommended huge dose, as described, 
of 500- 700 mgm per kilogram of bodyweight, run into a vein through a 
wide bore needle “as fast as the cardiovascular system would allow”. This 
is several thousand times what most doctors (in their ignorance) would 
consider safe. Yet even in these very high doses, ascorbic acid shows no 
ill effects on the patient, making vitamin C one of the most remarkable 
substances in human physiology. 


There have been many published studies on this topic but in one report 
Klenner describes the fate of three children living in the same neighborhood, 
each with diphtheria. All three children had different doctors. The little girl 
under Klenner’s scare was given 10 g of vitamin C in an intravenous push 
with a 50 cc syringe, every eight hours for the first 24 hours and then every 
12 hours. She was also given 40,000 units of diphtheria antitoxin, injected 
into her abdomen. The other two children received the antitoxin as well, 

but they did not receive any vitamin C. They both died but Klenner’s patient 
survived, later becoming a nurse. 


[Klenner F. Observations of the dose and administration of ascorbic acid, 
when employed there are in the range of the vitamin in human pathology 
Journal Of Applied Nutrition, 23 (3&4); 61-88. ] 


It should be noted that Klenner’s work with diphtheria is ably supported 

by other studies of the time. Harde and Philippe, demonstrated that lethal 
doses of diphtheria toxin premixed with vitamin C were no longer lethal when 
injected into guinea pigs. Without the vitamin C, the toxin killed the guinea 
pigs in just a few days. [Harde E and Phillippe M. Observations sur le pouvoir 
antigene mélange toxine diphtherique et vitamin C. Compt rende Acad d sc 
9:738-739] 


Levy cites several other studies from different countries, also showing 
vitamin C protected guinea pigs from the fatal effects of diphtheria toxin. 


Streptococci and Staphylococci 


What about these common human pathogens, which can produce infections 
varying from minor suffering to a fatal outcome? After all, we are very 
interested in Staph, because of MRSA. 


Same great story. Vitamin C triumphs. 


One study looked at two children with defective abilities of their white 

blood cells to kill bacteria. They are especially susceptible to repeated skin 
infections with staphylococcus. The study reported that vitamin C. was 
effective in delaying and eventually suppressing infectious episodes. [Rebora 
A. and Crovato F. F Dallegri, and F. Patrone (1980) Repeated staphylococcal 
pyoderma in two siblings with defective neutraphil bacteria killing. 
Dermatologica 160(2):106-112]. 


A much earlier study (1941) was able to demonstrate an inhibition of the 
growth of Staphylococcus aureus, even at relatively low doses. [Gupta G. 
and B. Guha (1941) The effect of vitamin C and certain other substances 
on the growth of microorganisms. Annals of Biochemistry and Experimental 
Medicine 1(1):14-26] 


Kodama and Kojima were able to demonstrate the ability of vitamin C. to 
render staphylococcus related toxin, harmless. (Remember, I explained that 
the main deadly effect of virulent bacteria is the toxins that they produce). 
[Kodama T. and T. Kojima (1939) Studies of the staphylococcal toxin, 


toxoid and antitoxin; effect of ascorbic acid and staphylococcal lysins and 
organsisms. Kitasato Archives of Experimental Medicine 16:36-55]. 


Yet another case report described an elderly woman with an ulcer on her 
left cheek infected with the presence of staphylococcus aureus. She had had 
the condition over three years, but it rapidly healed with vitamin C therapy. 
[Lederman E. (1962) Vitamin C deficiency and ulceration of the face. The 
Lancet 2:1382]. 


Nakashini reported that the direct (topical) application of vitamin C to 

a bedsore was able to remarkably enhance the bacteria killing effect of 
antibiotics. He also noted that MRSA subsequently disappeared from the 
wound. [Nakanishi T. (1992) [A report on a clinical experience of which has 
successfully made several antibiotic-resistant bacteria (MRSA etc) negative 
on a bedsore] Article in Japanese. Igaku Kenkyu. Acta Medica. 62(1):31-37. 


It even works in animals, test-tube experiments showed that the presence 
of vitamin C. significantly increase the ability of white blood cells to kill 
staphylococcus aureus. 


[Andreason C. and Frank D. (1999) The effects of ascorbic acid on in vitro 
heterophil function. Avian Diseases 43(4):656-663. ] 


Remember the work I already alluded to, by Kelly (1944), showing that 
pathogens are almost universal in the mouths and on the tonsils of healthy 
hosts. It is only when immunity is compromised by nutritional deficiency— 
in this case lack of vitamin C—that infections can become established and 
overcome the host. 


So in a way we are going round in circles and saying that good nutrition is 
your best protection against pathogens. If you do it right you may never 
even contract a disease, never mind succumb to it, even during a worldwide 
pandemic in which others are dying by the million! 


But if you get MRSA, epidemic or not, make sure you call this section to 
the attention of a competent practitioner who is licensed to carry out this 
procedure. You will survive. 





Administration 


You will gather from reading this far that intravenous vitamin C can be a 
lifesaver, even for a patient afflicted with the most deadly infection and 
almost at the point of death. 


But obviously not everyone will be able to find the help of a physician to 
administer IV vitamin C, especially in the event of a worldwide pandemic. 
To administer therapeutic doses to yourself, you only need to take vitamin 
C powder using the “fill and flush” method; that means to take doses by 
mouth, increasing by a teaspoonful at a time, until it causes diarrhea. We 
believe this happens only when the tissues have become saturated with the 
vitamin. 


For a child, Adelle Davis suggests putting one cup of hot water in a liquifier, 
adding 50 tablets of vitamin C (500 mg each), blending well, sweeten to 
taste with honey, pour into a glass jar, and keep refrigerated. Doses can be 
administered mouthful at a time, or teaspoonful at that time. 


If one does not have a liquifier, Davis suggest crushing 50 tablets and 
dissolving these in a cup of hot water. Each teaspoon of such a solution 
contains 500 mg. If 100 tablets (500 mg each) are dissolved in a cup of 
water, each teaspoon a solution would supply 1 g (1000 mg). 


For any infectious disease in a sick child, mild or severe, administering 

a teaspoon more of vitamin C solution, sweetened in this way, can be a 
godsend when a physician cannot be reached, as for example, during the 
night. 


Note that synthetic vitamin C does not contain enzymes found in natural 
foods; therefore it is quite stable to heat and storage. But once stirred into 
foods, such as fruit juice, enzymes will begin to activate and readily destroy 
it. 


[ Davies without any and L. let’s eat right to keep fit, Harcourt Brace 
Jankovich, New York, 1954, 1970, 132 to 134] 


There are no right and wrong doses of vitamin C as such. All these 
treatments are based on empirical experience (basically trial and error). But 
this wonderful natural substance is very tolerant of error, and it’s almost 
impossible to overdose a person on it. 





Important note: 


Vitamin C vs. Ascorbic Acid 


Don’t listen to the ignorant nonsense widespread on the Web that vitamin 
C is “good” and “natural”, while ascorbic acid is “bad” and synthetic. They 
are both IDENTICAL in physiological properties; just different names for the 
same thing. 


All the good recovery stories I have just cited were all with synthetic vitamin 
C. It simply isn’t possible to find the therapeutic high doses I have described 
from natural sources. So there is no question that synthetic vitamin C does 
the same job, or better. 


What I did find, though, was that the manufactured source of vitamin C could 
cause unpleasant allergic reactions. The most common starting point is corn, 
so a sensitive corn-allergic individual could react to it. 


But other plant sources are available, such as palm. These would be safer. 
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Throughout this section, I'll be referring to the D3 form (cholecalciferol or 
calciol), which has powerful immune booster properties. Without doubt D is 
the most powerful immune booster vitamin we know. It is highly effective at 
reducing mortality from all causes (recent 2007 studies). It lowers the cancer 
risk by over 60%. You want to be taking adequate amounts as of now. Don’t 
wait for an emergency. 


In April 2005, a virulent strain of influenza hit a maximum-security forensic 
psychiatric hospital for men that’s midway between San Francisco and Los 
Angeles. John J. Cannell, a psychiatrist there, observed with increasing 
curiosity as one infected ward after another was quarantined to limit the 
outbreak. Although 10 percent of the facility’s 1,200 patients ultimately 
developed the flu’s fever and debilitating muscle aches, none did in the 
ward that he supervised. Even though they had mingled with patients from 
infected wards before their quarantine, none developed the illness. 


A few months later, Cannell ran across a possible answer in the scientific 
literature. In the July 2005 FASEB Journal (Federation of American Societies 
for Experimental Biology), an article reported that vitamin D boosts 
production in white blood cells of one of the antimicrobial compounds that 
defends the body against germs. 


Immediately, Cannell realized, the high doses of vitamin D that he had been 
prescribing to virtually all the men on his ward were the reason for the mass 
immunity. 


Vitamin D stimulates cathelicidin production. The cathelicidins are an 
important group of antimicrobial proteins. They work by punching holes in 
the external membrane of a microbe, permitting its innards to leak out. They 
also trigger the congregation of white cells when we get an infection. 


You can think of these as “on-board” antibiotics; part of our innate immunity. 


The FASEB Journal article also triggered Cannell’s recollection that children 
with rickets, a hallmark of vitamin D deficiency, tend to experience more 
infections than do kids without the bone disease. He shared his flu data with 
some well-known vitamin D researchers, and they urged him to investigate 
further. 


On the basis of more than 100 articles that he collected, Cannell and seven 
other researchers now propose that vitamin D deficiency may underlie a 





vulnerability to infections by the microbes that cathelicidin targets. These 
include bacteria, viruses, and fungi, the group notes in a report available 
online for the December 2006 Epidemiology and Infection. 


This is only a hypothesis, “but a very credible one” My take on this too is that 
the population malnutrition I was referring to in the previous sections, which 
was the main reason the infectious diseases declined, could be as much due 
to improved vitamin D status as other factors. 


Scientists are beginning to suspect that would hold true for the decline in TB, 
also. A study published in 2006 investigated the relationship between vitamin 
D and susceptibility to tuberculosis and showed dramatically better recovery 
in patients supplemented with 10,000 IU daily. 100% of patients survived, 
while normally 40 - 50% will die, despite treatment [Acta Med Indones. 2006 
Jan-Mar; 38(1):3-5] 


Maybe vitamin D status is the MAIN reason we fight infections better when 
we are properly nourished. In any case, the moral is clear: don’t let yourself 
be deficient. 


This article in the prestigious New England Journal Of Medicine made it 
clear that cathelicidn defiency was associated with increases susceptibility 
to Staph. infections (hence MRSA) [Ong, P. Y., Ohtake, T., Brandt, C., 
Strickland, I., Boguniewicz, M., Ganz, T., Gallo, R. L. & Leung, D. Y. (2002) 
N. Engl. J. Med. 347, 1151-1160. ] 


Ignored stupid and criminal government advice here in the USA and take at 
least 1,000 units a day. 2,000- 5,000 units would make more sense in an 
epidemic or if you are battling MRSA. 


Vitamin D Cream 


Vitamin D as a cream may have important potential for those with MRSA of 
the skin. 


Independently, dermatologist Mona Stahle of the Karolinska Institute in 
Stockholm reached a similar conclusion. Her team administered an ointment 
containing a drug mimic of 1,25-D to the skin of four healthy people. The 
salve hit “the jackpot, right away,” Stahle says. In the May 2005 Journal of 
Investigative Dermatology, her team reported that where the ointment had 
been applied, cathelicidin-gene activity skyrocketed as much as 100-fold. 


The team also found evidence of a localized increase in the concentration of 
cathelicidin. 


Scientists found that vitamin D was also effective against TB. The sunlight/ 
vitamin D effect might explain why blacks are racially more prone to TB. It 
would also tell us one reason why the sanitoriums, with their keen emphasis 
on fresh air and sunshine, had some measurable therapeutic results, even 
before the days of hospitalization. 


120 or so reports over the past 70 years have pointed to a link between 
vitamin D and resistance to infections. Five studies since the 1930s that have 
linked reduced risks of infectious disease to dietary supplementation with cod 
liver oil, a rich source of vitamin D. 


Just think about what you do know for a moment--- in winter, colds, flu, and 
other respiratory diseases are more common and more likely to be deadly 
than they are in summer. During winter, ultraviolet-light exposure tends to be 
low because people spend more time indoors and the atmosphere filters out 
more of the sun’s rays, especially at mid and high latitudes. 


Sun exposure—in moderation—might also prove therapeutic, Stahle’s team 
suggested in the November 2005 Journal of Investigative Dermatology. 
The scientists showed that in eight fair-skinned people, a single dose of 
ultraviolet-B radiation—just enough to evoke some skin reddening the 
next day—activated the vitamin D receptor and the cathelicidin gene in the 
exposed skin. 


This reminds me that in preantibiotic days, tuberculosis patients were put on 
a fresh-air-andsunshine regimen. Could the vitamin D so acquired account 
for the cures this system sometimes produced? 


Take a minimum of 2,000 IU a day, double or treble that in an epidemic. 
Ignore official advice that you don’t need more than 200 IU a day. It will kill 
you. A tablespoon has around 1400- 1500 IU. 





Keres 





Here’s a much neglected mineral deficiency that has profound effects of the 
performance of the immune system. 


According to the WHO, 2.2 billion people worldwide are at risk for Iodine 
Deficiency Disease. Iodine deficiency impairs immune function. The myth 
that it only affects people in areas remote from the sea is made nonsense by 
these figures. Deficiency is everywhere. According to Dr David Brownstein 
iodine intake in the USA has fallen by 50% during the last 30 years. 


We had iodized table salt but any intelligent doctor can see the clear 
evidence that iodine is not absorbed from salt. It was iodine in bread that 
actually helped the problem. But 30 years ago manufacturers ceased adding 
iodine to bread and instead used bromine, which counteracts iodine! Any 
wonder then? 


Test For lodine Deficiency 


Dip a cotton bud in iodone solution, such as Lugol’s or tincture of iodine and 
make a patch on your skin. If the yellowish stain disappears in less than an 
hour; it means your body is lacking crucial iodine and has soaked it up. If the 
stain remains for more than four hours, you iodine levels are fine. 


Iodine levels are not just important for immunity. Low levels of iodine will 
impair thyroid function. Since the thyroid too is involved in the immune 
response, it’s a double-whammy for your immune system if you are low. 


If there is an epidemic pending or occurring, get yourself plenty of iodine 
fast. When times are safer, be more concerned about regulating the dose 


Remember, women are naturally prone to iodine deficiencies. That’s because 
the thyroid gland in women is twice as large as in men -- so under normal 
circumstances, women need more iodine. However, when there is increased 
stress (and when is a woman ’s life not stressful?), the need for iodine can 
double or triple. 


Take 5 mg a day minimum, start now, don’t wait for infections to strike. 
Ignore claims that iodine is toxic. So is anything if you take too much. The 
necessary doses are 10- 50 times higher than fashions claim. One of the best 
ways to boost your iodine levels is to add seaweed sea vegetables to your 


diet. Just one teaspoon of sea vegetables a day can help you regain normal 
iodine levels. Incorporating seafood and fish into your diet can also help. 
Other foods that contain iodine are eggs and dairy products, including milk, 
cheese and yogurt, onions, radishes, and watercress. Some foods, called 
goitrogens, should be omitted for a while as they hinder iodine utilization. 


These included kale, cabbage, peanuts, soy flour, Brussels sprouts, 
cauliflower, broccoli, kohlrabi and turnips. 


Tincture of iodine is often found in emergency survival kits, used both to 
disinfect wounds and to sanitize surface water for drinking. 


When an alcohol solution is not desirable, Lugol’s iodine, an aqueous solution 
of iodine in potassium iodide solution, or povidone iodine (Betadine), a PVPI 
solution, can be used. 


When using free iodine to sanitize surface water, it should be left to sit for 

30 minutes before drinking, allowing time for all viruses and bacteria to be 
killed. If the water temperature is less than 20 °C (68 °F), sitting time should 
be extended to several hours. To purify 1 L (34 oz) of water, 0.3 mL (0.01 
0z) of 2% tincture should be used. Cold or cloudy water should be given 2.4 
mL (0.08 oz) of 2% iodine, and should be left to sit for several hours. 


Following disinfection, the iodine odor and taste can be removed by adding 
powdered vitamin C, which converts the iodine to iodide. A similar reaction 
also removes chlorine from chlorinated water. 


Iodine used to sanitize water is also available in tablet or crystal form. One 
form or another should be available at health stores, and trip outfitters. 
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Who doesn’t know that zinc helps fight infection? It also helps with wound 
repair and a number of other key healing functions. 


Zinc is an essential mineral that is naturally present in some foods, added 
to others, and available as a dietary supplement. Zinc is also found in many 
cold lozenges and some overthe-counter drugs sold as cold remedies. 


Zinc is involved in numerous aspects of cellular metabolism. It is required for 
the proper functioning of approximately 100 enzymes and it plays a role in 
immune function, protein synthesis, wound healing, DNA synthesis and cell 
division. 


The critical point to note is that a daily intake of zinc is required to maintain 
a steady state because the body has no specialized zinc storage system. Yet 
our diets are notoriously lacking in zinc. Studies show that an average diet 
does not meet the recommended requirements (15 mg daily). 


Partly it is removed in the processing of food, especially in refining grains. 
Phytate inhibition further reduces the bio-availability of zinc. To make 
matters worse, crops grown in Europe and the US may be short of zinc 
because the soil has become exhausted. 


Signs of a lack of zinc are said to be white flecks in the finger nails and an 
impaired sense of taste. Professor Bryce-Smith’s zinc status test rests on the 
fact that zinc-deficient individuals cannot taste the metal in solution as zinc 
sulphate. After adequate supplementation, taste appears to return. 


Zinc works in concert with other vitamins and co-enzymes. For example, 
vitamin A metabolism needs zinc. B6, so helpful in many conditions, is 
far more effective in the presence of zinc and magnesium. Zinc appears 
to counteract copper and an imbalance of the ratio of these two metals is 
associated with an increased tendency to allergies. 


Zinc supplements reduce the average duration of the common cold. Other 
clues suggest the importance of zinc in immunity. 





Supplements 


Zinc is available in a large number of proprietary preparations such as in the 
gluconate or orotate form. Doses of around 15 mg are required, but beware: 
quoted weights usually include the whole formula. A tablet with 100 mg of 
zinc as gluconate may have only 2 mg of elemental zinc! 


Research has not determined whether differences exist among forms of 

zinc in absorption, bioavailability, or tolerability. However I recall a paper 
suggesting that the citrate form is best absorbed. For cheapness and 
convenience I often give zinc sulfate as a powder, 7 g dissolved in a pint of 
water. The patient takes a teaspoon per day of this liquid, providing about 15 
mg daily. 


In addition to standard tablets and capsules, some zinc-containing cold 
lozenges are labeled as dietary supplements. 


Ironically, after what I said about the returning sense of smell, there have 
been several case reports of anosmia (permanent loss of smell) from the use 
of zinc-containing nasal gels or sprays, and so this raises questions about the 
safety of intranasal zinc. 


Health Risks from Excessive Zinc 


Zinc toxicity can occur in both acute and chronic forms. Acute adverse effects 
of high zinc intake include nausea, vomiting, loss of appetite, abdominal 
cramps, diarrhea, and headaches. Intakes of 150 - 450 mg of zinc per 

day have been associated with such chronic effects as low copper status, 
altered iron function, reduced immune function, and reduced levels of high- 
density lipoproteins. Reductions in a copper-containing enzyme, a marker of 
copper status, have been reported with even moderately high zinc intakes of 
approximately 60 mg/day for up to 10 weeks. 


Therefore I do not recommend that you exceed 15- 20 mg a day of 
elemental zinc. 


However- it may not be that simple. 
Although zinc is clearly needed for competent T-cell mediated immunity, it 


has the opposite effect on neutrophils and macrophages, causing a reduction 
in their motility and ability to ingest invaders. That could explain a recent 


cautionary finding: that zinc may favor the growth and activity of bacteria 
over the cells of the host (rather like excess iron, see next section). 


In an article appearing in the Dec. 1 2008 online edition of Proceedings 
of the National Academy of Sciences, researchers in UC’s department of 
molecular genetics, biochemistry and microbiology detailed findings that the 
presence of zinc is crucial to the formation of infection-causing biofilms. 


Staphylococci can grow as biofilms, which are specialized communities of 
bacteria that are highly resistant to antibiotics and immune responses. 

They are remarkably adhesive and can grow on many surfaces, including 
implanted medical devices such as pacemakers, heart valve replacements 
and artificial joints. Preventing or inhibiting the growth of such biofilms would 
dramatically reduce the incidence of staph infections. 


UC researchers in the lab of Andrew Herr, PhD, found that zinc causes a 
protein on the bacterial surface to act like molecular Velcro, allowing the 
bacterial cells in the biofilm to stick to one another. Zinc chelation, or 
removal, prevented biofilm formation by Staphylococcus epidermidis and 
Staphylococcus aureus. 


So zinc is a definite immune booster but has the surprising effect of favoring 
staphylococci and other invaders. Stay tuned for updates. 
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Here’s where nutrition gets tricky, even dangerous. Excess iron in the human 
body causes fulminating fatalities, whenever there are serious bacterial 
infections. Iron favours the invader far more than the immune system. 


The public has it so hammered into them that virtually everyone is iron 
deficient and “Better take some extra, just to be safe”. This is the grossest 
nutritional mistake that is made by ignorant or foolish MDs today. Iron 
EXCESS is far from rare and is very dangerous indeed. If you have it and 
land in an epidemic or pandemic, you are for it! 


Did you know that patients with iron overload disease are told not to walk on 
beaches barefoot? This is on account of a bacterium common in all sea water 
called Vibrio vulnificus. This bacterium, when it encounters stored iron in our 
bodies, becomes catastrophically toxic in the presence of excess iron. But 
how common is iron overload disease? 


About 20% of the population is in danger. There are 42 million people at risk 
for iron overload in the U. S. population alone. Some population segments 
such as the Scott/Irish and the African Americans have twice the double 
gene frequency and an amazing 20% carrier rate in the U.S. 


You may be risking your health if you take otc multi vitamins or minerals 
with iron or vitamin C without knowing your iron storage status. Vitamin 

C has been found to mobilize stored iron into the heart muscle where it 
sets up arrhythmia or heart rhythm disturbances. It can also cause people 
to over absorb iron even from their ordinary diets. Do not take vitamin C 
supplements if you have, or might have this condition, until you have found 
out for sure. 


Meanwhile stupid or ignorant doctors go on prescribing iron pills (huge doses 
around 250 mgm) as if they were sweeties and not a compound which is 
more lethal than arsenic to millions of people! 


Never mind iron deficiency; it is much more important to know if someone is 
in iron overload. 


Maybe you are? Two lab tests will settle it: Transferrin saturation. Serum Iron 
(SI) divided by Total Iron Binding Capacity (TIBC) and Serum Iron (SI) gives 
Transferrin Saturation TS. It should be 12-45%. 


Serum Ferritin. Normal range is: 5 to 150. 


Without being in possession of this important 
laboratory information, remember you have a 


1:5 risk of iron overload and you will die very 
swiftly if a plague of any organism does occur. 
Get it fixed before the problem occurs (the cure 
is chelation or, in an emergency, blood letting). 


Overleaf there’s a picture of what vibrio 
vulnificus did to one man’s leg, just before 
the amputation. I DON’T RECOMMEND YOU 
LOOK AT THIS, UNLESS YOU HAVE A GOOD 
STOMACH. 


This is a man who went fishing one day, got a 
tiny scratch on his leg and just wiped the blood 
off. This bacteria moves fast. He complained 
next morning about tightness in the leg and 
was running a fever that evening and he all 
but died that night in agonizing pain that no 
meds could relieve. 





An above-knee amputation 
saved his life and after 10 
days in a coma in intensive 
boat. care he pulled through. 


The irony is he never even got out of the 


I urge you to take all care, get your iron levels checked now and learn 
EVERYTHING you can about antibiotic substitutes. Get rid of any MD who 
scoffs. Find a good one. 


Doctor’s do not give warnings about vulvificus to immune compromised 
patients (Kidney, Liver, Hepatitis C, Cancer, Leukemia, immune suppressant 
drugs, the list is long). If that applies to you, stay out of the water on the 
Gulf Coast between April and October. 


Remember: vulnificus can enter the body through a tiny cut or bite. If you 
must go fishing, take with you a bucket filled with bleach water or hydrogen 
peroxide and dip your hands in it several times an hour. 


If you suspect you (or a loved one) got unlucky, use the MMS protocol 
immediately, while en route to the hospital. 
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What About Herbs? 





We hear about tropical rainforests and the medicinal wonders they produce. 
Actually the ordinary garden also contains many such substances, as some of 
you may know. 


Even conventional medicine is getting on to this; 20 years ago kids with 
leukemia were in trouble; 4 out of 5 died. Now it’s 4 out of 5 survive, thanks 
to the periwinkle plant (Vinca major). This humble little ground cover plant 
has given us vinblastine and vincristine, two very powerful chemo agents. 


But really, when we say “herbs”, we usually mean gentler phytotherapies 
than this! 


Probably the most famous herb for beating infections is Echinacea 
(Coneflower). It’s not the best, in my opinion, but certainly deserves a 
favorable mention. It fortifies the immune system. 


But I find the results of using just this herb disappointing. Moreover 
numerous Clinical trials have failed to show much positive effect. Not all 
studies are corrupt and bent only on rubbishing natural therapies! I would 
not ask anyone to rely much on Echincea as protection in an epidemic or real 
pandemic. 


The best way to take Echinacea is as a homeopathic compound. I have 
in mind one product in particular, which is Echinacea compositum, by the 
German manufacturer HEEL. It’s best taken as liquid vials: if no doctor 
is available to administer it IV, a patient can still take the ampoules, one 
dissolved in water every third day (one day ON, two days OFF). 


There are other immune fortifying herbs, such as Astragalus, Boneset, 
Calendula, Lady’s Mantle (Alchemilla) and yarrow. Ginger has powerful anti- 
infective, anti-parasitic, and anti-inflammatory properties. 


Compare these also with the benefits of fungi and mushrooms, described in 
another section (#38). 


Thing is, herbs have a place but I wouldn’t really rely on them if an infection 
was raging in my body. I’d want something that killed bacteria (bactericidal) 
or at least held them down while the immune system got to work beating 
them to death (bacteriostatic)! 


There are some plant sources which are definitely powerful antibiotics. They 
hold in check, and even kill, bacteria. 


Best-known by far, of course, is common garlic. Some others are probably 
better. 


We can use herbs in a variety of ways, apart from just eat them. For 
example, herbal infusions, herbal baths and herbal wraps, as well as dried 
leaf powders and capsules. 


Then there is essential oil therapy. This, as you will see in a later section, is 
very different from recreational “aromatherapy”. Essential oils were in fact 
the first serious antibiotics that we had in the 20th century. These oils are 
still there and still work. Doctors ignore them but that doesn’t mean they are 
not to be preferred to synthetic manufactured compounds with complicated 
side effects! 


Herbs can also be smoked! I found this study on PubMed from the 
Department of Pharmacy and Pharmacology, Faculty of Health Sciences, 
University of the Witwatersrand in South Africa (Abstract): “Validation Of 
Smoke Inhalation Therapy To Treat Microbial Infections.” 


Aim Of The Study: In traditional healing, the burning of selected 
indigenous medicinal plants and the inhalation of the liberated smoke 

are widely accepted and a practiced route of administration. This study 
elucidated the rationale behind this commonly practiced treatment by 
examining the antimicrobial activity for five indigenous South African 
medicinal plants commonly administered through inhalation (Artemisia afra, 
Heteropyxis natalensis, Myrothamnus flabellifolius, Pellaea calomelanos and 
Tarchonanthus camphoratus). 


Material And Methods: An apparatus was designed to simulate the burning 
process that occurs in a traditional setting and the smoke fraction was 
captured for analysis and bioassay. Methanol and acetone extracts as well 

as the essential oil (for the aromatic species) were prepared and assayed in 
parallel with the smoke fraction. 


Results: Antimicrobial data revealed that in most cases, the ‘smoke-extract’ 
obtained after burning had a better effect than the corresponding solvent 
extracts and essential oils. So the “smidging” tradition of the North American 
indians was validated. 


The report concluded that “These results suggest that the combustion 
process produces an ‘extract’ with superior antimicrobial activity and 


provides in vitro evidence for inhalation of medicinal smoke as an efficient 
mode of administration in traditional healing.” 


[J Ethnopharmacol. 2008 Oct 28;119(3):501-6. Epub 2008 Aug 19. ] 
Homeopathy: Section #41 


Finally, don’t forget that many homeopathic remedies (section 41) are also 
derived from herbs and have similar or related properties. 
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PY Calendula 





This plant sits halfway between the immune 
fortifiers and actual antibiotic herbs. It has a 
definite antispectic action and a measurable 
antibiotic action. It’s great for minor skin 
infections, such as wounds and abcesses. 


Calendula officinalis (pot marigold) comes 
from Latin and means “the first day of the 
month”. This wonderful annual, which grows 
up to 28 inches tall, produces cheerful 
flowers that have a faint but distinctive 
scent. Its leaves can be added to salads 
while the flowers add a colorful garnish to 
many dishes (some people even eat the garnish! ) 





Medicinal Calendula preparations are usually made from either the whole 
flower heads or just the petals. The flower head contains an essential oil that 
has an antibiotic effect and lends the flower its characteristic scent. Other 
components include calendon, which also has a strong odor, and a carotene- 
like dye calendulin. 


Calendula works well as a fairly strong antiseptic properties both topically 
and internally. Applied externally to the skin, the plant’s antibiotic 

action helps promote the painless healing of minor wounds by reducing 
inflammation and pus formation. 


I’ve prescribed calendula ointment for decades as a burn remedy. It helps 
keep the wound antiseptic and promotes healing without scarring. 


Calendula can also be used as a gargle to relieve sore throats. 





Making Calendula tea: 


Pour 1 cup of boiling water over 1-2 tsp. of dried calendula petals. Steep for 
10 min, then strain. Drink 2-3 cups of warm tea daily. Use as a gargle for 
sore throats. 


For immediate dressing of wounds pluck (or buy) fresh flowers and squeeze 
to extract the juice, which you can apply directly to wounds. 


Calendula ointment can be bought in stores or prepared at home by mixing 

a few drops of calendula oil with skin lotion. Apply it to minor burns, bruises, 
cuts and scrapes. The homeopathic form of Calendula is best taken as 30C 
tablets. So-called homeopathic Calendula ointment is also available but at 1X 
(ten times diluted) it’s hardly homeopathic. It cost just a few dollars. 
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It was used by the ancient Egyptians, Chinese, the Greeks and Romans. In 
1858, Louis Pasteur demonstrated the powerful antibacterial properties of 
garlic. It was used in both World Wars. When no other antiseptic or antibiotic 
was available wounds were smeared with crushed garlic juice and then 
bandaged. In WW2 the Russians used it when antibiotic supplies ran out. It 
was called “Russian Penicillin”. 


Modern research has shown that garlic juice can slow the growth of (and 
even kill) more than 60 species of mould, and more than 20 species of 
bacteria, including some that are very virulent. It is also currently attracting 
attention because of its ability to lower blood pressure, cholesterol, and for 
its possible anti-cancer properties. 


The active ingredients are ajoene and allicin. Ajoene breaks down via sulfenic 
acid to allicin when it is crushed. Allicin is the chief antibiotic compound. 
Allicin gives rise to the characteristic garlic smell. Don’t be fooled by sales 
talk that garlic oil and capsules have the same effect as raw, stinky garlic! 


1 mgm of allicin is said to be equivalent to 15 standard units of penicillin. 
The standard dose of penicillin is around 1500 Units, so 100 mgms of allicin 
could be equivalent to a penicillin dose! 


There are over 2,000 studies on the antibiotic efficacy of garlic. 


Microbiologist Dr Ron Cutler, based at the University of East London, claims 
that the garlic compound allicin not only kills established varieties of MRSA, 
but also destroys the new generation of ‘super-superbugs’ that have evolved 
resistance to Vancomycin and Glycopeptides, the powerful antibiotics widely 
considered to be the last line of defence against MRSA. 


Allicin can cure patients with MRSA-infected wounds within weeks, according 
to in vitro research presented at the Institute of Biomedical Scientists 
congress in Birmingham during October 2003 and was published in the 
Journal of Biomedical Science 2004. 


[Cutler, RR; P Wilson (2004). “Antibacterial activity of a new, stable, 
aqueous extract of allicin against methicillan-resistant Staphylococcus aureus 
(PDF file)”. British Journal of Biomedical Science 61 (2): 71-4. http://www. 
allimax.us/Cutler.pdf. Retrieved on 20 Feb 2009. ] 


After showing that allicin destroys the MRSA microbe in laboratory trials, 
Cutler has now teamed up with the firm Allicin International to develop 
topical treatments including a nasal cream, oral capsules and soaps that 
have proved effective against both MRSA and GISA. 


Another study published in 2002 found that raw garlic consumption could 
help limit the dam-age done to the heart after surgery because of its natural 
antioxidant properties. Supplements of allicin have also been shown to 
reduce risk of colds, prevent high blood pressure and kill cancer cells. So eat 
it! 

Garlic may be one of the reasons the so-called Mediterranean diet prolongs 
life; it includes lots of garlic, fresh and cooked. If you are not used to using 
this amazing plant flavor, it’s time you got it into your diet. 


Just make sure some of it is raw, chopped up or blended in sauces and salsas 
etc. Cooked garlic has little of the properties it is famous for. 


Kyolic is aged garlic and rather different but a powerful medicinal in its own 
right. 


Note: garlic can interfere with the action of some anticoagulant drugs. 


Use Garlic Tea as an Antibiotic 


Here’s how to make it: Place a few cloves of garlic, pre-crushed, into a 
saucepan of water and bring it to a boil. 


Remove the pan from the heat. Stir in the honey and lemon juice or a little of 
some other suitable sweetener, such as maple syrup. 


Strain into a warmed teapot and sip about half a cup. 

Repeat 3 times a day, either hot or cold. Refrigerate the remaining tea. 
Surface Application: In an emergency it can be crushed and the juice applied 
to the site of an open wound to kill bacteria such as staph and strep. These 


strains of bacteria cannot become immune to garlic’s effect as it has modern 
synthesized antibiotics because garlic kills in a different way. 
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Better Than Garlic? I Think So! 


Artemisia is a large, diverse genus of plants with between 200 to 400 species 
belonging to the daisy family Asteraceae. It comprises hardy herbs and 
shrubs known for their volatile oils. They grow in temperate climates of the 
Northern Hemisphere and Southern Hemisphere, usually in dry or semi-dry 
habitats. The fern-like leaves of many species are covered with white hairs. 


It is said that the genus Artemisia (which includes over 400 plants) may 

be named after an ancient botanist. Artemisia was the wife and sister of 

the Greek/Persian King Mauseolus (from whose name we get the word 
mausoleum). Artemisia, who ruled for three years after the king’s death, was 
a botanist and medical researcher, and died in 350 B.C. (Wikipedia). 


The two best known plants are Artemisia annua (Sweet Wormwood, Sweet 
Annie, Sweet Sagewort or Annual Wormwood. Chinese : pinyin) and 
Artemisia absinthum. The latter has no significant medicinal properties and is 
the basis of the drink absinthe. It has been banned in many countries, for its 
brain-rotting effects. 


Vermouth (from the German Wermut) was originally made with wormwood 
but now uses more innocent herbs for flavor. 


Other members of this family include the cooking herb Tarragon. 


Most members of the genus are bitter. This led to the plant being used 
by wet-nurses for weaning infants from the breast, as in this speech by 
Shakespeare from Romeo and Juliet Act I, Scene 3: 


Nurse: .... And she [Juliet] was wean’d, — I never shall forget it, - Of all 
the days of the year, upon that day: For I had then laid wormwood to my 
dug, ... 





Scientific Interest 


There is a lot of interest in the medical properties of Artemisia annua, which I 
shall call simply Artemisia from this point. Its chief ingredient, artemisinin, is 
a potent anti-malarial, anti-fungal and even anti-cancer substance. A search 
of PubMed with the term artemsinin yields hundreds of papers. 


Artemisinin is a terpene which contains peroxide bridges. Taken along with 
section #19 on hydrogen peroxide this can be seen why it would benefit 
infections, even including the very difficult case of toxoplasma cysts. 


Two other important active ingredients which are widely being studied 

are artesunate and artemether. They seem to have pretty good anti- 
infective properties too. To quote a study carried out at the Centre for 
Infection, Division of Cellular and Molecular Medicine, University of London, 
and published in the journal Trends in Pharmacological Science [Trends 
Pharmacol Sci. 2008 Oct;29(10):520-7]: 


“Artemisinins are derived from extracts of sweet wormwood (Artemisia 
annua) and are well established for the treatment of malaria, including 
highly drug-resistant strains. Their efficacy also extends to phylogenetically 
unrelated parasitic infections such as schistosomiasis. More recently, they 
have also shown potent and broad anticancer properties in cell lines and 
animal models. In this review, we discuss recent advances in defining the 
role of artemisinins in medicine, with particular focus on their controversial 
mechanisms of action. This safe and cheap drug class that saves lives at risk 
from malaria can also have important potential in oncology.” 


Malaria 


Artemisinin has become well-known for its powerful anti-malarial effect. 
At a time when the world is steadily losing control of the disease, due to 
widespread drug resistance of the malaria parasite Plasmodium falciparum. 


Systematic reviews on Artemisinin show that it is as effective as quinine in 
treating both uncomplicated and severe malaria. Unfortunately, the relapse 
rate was still high when used alone. 


But artemisinin in conjunction with a suitable anti-biotic, a protocol 
called “Artemisia combination therapy” (ACT), has been found to be 
highly effective. Coartem, from artemisinin combined with an antibiotic 
lumefantrine, wipes out malaria in more than 96 percent of patients in 


regions where malaria has become resistant to older drugs. Traditional meds 
such as chloroquine work in only 50 percent of patients where the parasite 
is drug-resistant. There were an estimated 247 million malaria cases in 
2006, and nearly 881,000 patients died, according to the World Health 
Organization. 


Coartem was approved by the Swiss in the late 1990s and put on the World 
Health Organization (WHO) essential drug list in 2002. The USA was typically 
way behind world progress, with the FDA holding it back till early 2009 (the 
USA mistakenly believes only their doctors and scientists are competent to 
make these decision). 


Other Pathogens 


To be included in this report Artemisia would have to affect more than just 
malaria, though this disease is actually the world’s number one killer. 


I found a paper which showed artemisinin in combination with ampicillin or 
unasyn (a complex of ampicillin and sulbactam) decreased mortality in mice 
subjected to a lethal live E. coli challenge from 100 to 66.7% or 33.3%, 
respectively [Antimicrob Agents Chemother. 2006 July; 50(7): 2420-2427]. 


It seems clear it has widespread anti-biotic applications. Studies published on 
the Sloan-Kettering website show anti-parasitic properties. In vitro studies 
indicate that artemisinin may be an effective treatment for other protozoal 
infections such as leishmaniasis, Chagas’ disease, and African sleeping 
sickness. [http://www.mskcc.org/mskcc/html/69126.cfm, accessed June 
27th 2009, 10.40 am PST] 


Another study from the University of Nizwa, Oman, showed in vitro 
antimycoplasmal activity of six Jordanian medicinal plants, including a 
related Artemisia, against three Mycoplasma species. Trop Anim Health Prod. 
2007 Oct;39(7):515-9.Links All Mycoplasma species showed susceptibility to 
Artemisia herba-alba and Artemisia arborescens with MIC ranges from 3.125- 
12.5 mg/ml. 


Incidentally, this study compared garlic and pomegranate with Artemisia 
arborescens and showed they had only limited activity against some 
Mycoplasma isolates. 


Another Artemisia was helpful with Helicobacter pylori, the scourge of 
stomach ulcers (and stomach cancer). Increasing drug resistance means we 





are now losing ground in this “breakthrough” treatment of ulcers. Artemisia 
may be the answer. 


A study in Mexico published in the Journal of Ethhopharmacology showed 
Artemisia ludoviciana (also Persea americana, Annona cherimola, Guaiacum 
coulteri, and Moussonia deppeana) had high antHelicobacter pylori. /J 
Ethnopharmacol. 2009 Mar 18;122(2):402-5]. 


How To Take It 


The good news is that it is free. Artemisia annua flourishes in almost any 
garden, worldwide. 


A 2004 test reported that Artemisinin is absorbed faster from the tea 
preparations than from capsules. The maximum plasma concentrations 

were observed after 30 minutes. Artesunate is rapidly absorbed and reaches 
maximum plasma level within 45-90 minutes [Rath K, et al. Pharmacokinetic 
study of artemisinin after oral intake of a traditional preparation of Artemisia 
annua L. (annual wormwood). Am J Trop.Med Hyg. 2004; 70:128-32]. 


Making The Tea: One litre (2 pints) of boiling water is poured onto 5 g dried 
leaves (large tablespoonful, loose, or teaspoon if crushed to a powder) of 
Artemisia annua. It is allowed to brew for 10 to 15 minutes, and then poured 
through a sieve. This tea is then drunk in four portions in the course of the 
day. The period of treatment is between 5 and 7 days. 


Patients with gastrointestinal disorders or those taking antacids should not 
take Artemisia because it increases the production of stomach acid [Skyles 
AJ, Sweet BV. Alternative therapies. Wormwood. Am J Health Syst.Pharm. 
2004;61:239-42]. 


It is also unwise to use this remedy if you are taking antiseizure medications; 
Artemisia can induce seizures resulting in decreased efficacy of antiseizure 
medications [previous reference]. 





Samento 





(Uncaria tomentosa) 


You may not have heard of this powerful antibacterial and anti-inflammatory. 
It’s in the Cats Claw family but reputedly 1,000 times stronger in its immune 
enhancing effect than ordinary Cats Claw. 


Samento is the name given to the plant by the Ashaninka Indians in the 
Peruvian rainforest. They have ancient knowledge of the plant and use it for 
a wide variety of complaints. 


The Indians are a crucial source of the plant materials because they can 
recognize the correct strain, without the need to elaborate tests. Let me 
explain why this is important: 


Ordinary Cats Claw contains important oxidole alkaloids, one of the many 
important groups of phyto-nutrients found in the plant. One strain of plants 
contains pentacyclic oxindole alkaloids (POAs); the other contains both POAs 
and tetracyclic oxindole alkaloids (TOAs). 


POAs act on the cellular immune system and TOAs act on the central nervous 
system. TOAs are not good because they interfere with the benefits of the 
POAs. This is confirmed by studies. 


Uncaria tomentosa plants may contain as much as 80% TOAs. According 
to studies in Austria, as little as 1% TOAs can cause a 30% reduction in 
the acquired immune benefits that POAs provide. So even a little TOAs, if 
present, can go a long way to neutralizing the benefits of Cats Claw. 


This explains why lots of the common herb were needed by Western 
herbalists, to produce any real effect. But the amazing strain found by the 
Ashaninka Indians does not have the destructive TOAs. Make sure when you 
buy Samento, that the packet specifically states no TOAs. Otherwise it isn’t 
Samento anyway! 


Samento has shown dramatic benefits in virtually every kind of inflammation, 
such as asthma and arthritis. 


It can also fight infections from AIDS to hepatitis’ flu to salmonella. Its broad 
spectrum effect helps to increase T-lymphocyte and microphage production. 
It also helps repair the lipid matrix in the cell walls and is particularity good 
for stopping the expansion of virus laden cells. 


The 2 active ingredients are berberine and hydrastine. These are good for 
killing many of the bacteria that cause diarrhea, such as E. Coli, Salmonella, 
Shigella, Klebsiella and the cholera bacterium. Also parasites like ameba, 
giardia and trachoma. It also has antifungal properties, so would suit 
Candida patients. It’s even effective to some degree against TB. 


Samento may even have anti-cancer action. Renato Rizzi, at the University 
of Milan, led an experiment with Samento as it relates to cancer causing 
(mutagenic) substances in smokers. It is well known that the urine of 
smokers contains mutagenic substances. When given Samento for two 
weeks, the smoker’s urine returned to normal. This is important because it 
shows Samento may help lessen the risk of developing cancers and other 
degenerative diseases. 


Dose: all these benefits can be had on a dose of just 3 to 6 capsules a day 
(good for people who hate swallowing lots of tablets and capsules). 





Tea Tree 


(Melaleuca alternifolia) 





I put this plant substance here, though it could just as easily slot into the 
aromatherapy section coming up. 


The plant was named tea tree after Captain James Cook set foot on the 
shores of Australia back in 1770. The story goes that Cook brewed up a 
tea from the leaves of the Melaleuca tree and liked it. It has been used for 
centuries as an antiseptic by the aborigines. 


In 1933, the world-class British Medical Journal described Tea Tree Oil as a 
powerful disinfectant, non-poisonous and non-irritant. In 1930 the Australian 
Medical Journal reported extremely good results when using tea tree oil 

to treat everything from septic wounds to scar regeneration. The report 
stated that the oil dissolved pus, leaving wounds clean without any apparent 
damage to the tissues. 


In 1937 the same journal noted that blood, pus or other organic matter 
actually increased the antiseptic properties of tea tree oil by about 10-12%. 
The Australian Government issued little bottles of Tree Oil in the first aid kits 
of soldiers serving in the tropical regions during the Second World War. In 
1955 by the way the United States dispensaries still had Tea tree oil listed 
as an active germicidal, with an antiseptic action 11 to 30 times more strong 
than carbolic acid (phenol). 


Tea tree oil is very complex, containing over 100 complex chemical 
components called terpenes (these are what give it its powerful pine-odor). 
These terpenes make up 80 to 90 percent of the oil. 


Tea tree oil is Known to be active against many bacteria, including 
streptococci, staph, E. coli, and various fungi, such as Candida. In a study of 
30 patients who had infections that were resistant to a common antibiotic, 
one-third were completely cured by tea tree oil compared to just 13 percent 
who received conventional treatment. 


Although tea tree oil is seen by the scientific establishment as very much 

a quaint folk remedy, science is forcing a reexamination of these outdated 
attitudes towards folk remedies and alternative medicine. Treatments that 
were once dismissed as nonsense or even quackery, are now been justified 
through rigorous scientific testing (in facts drugs are often the real quackery 
and nonsense). 





Now I’m going to shock you all and incense thousands of rabid dogmatists in 
favor of Tea Tree oil, and point out that it may not be what you want at all. 


Beware: Tea tree oil may lead to antibiotic resistance 


Repeated exposure to low doses of Tea Tree Oil - a common ingredient 
in many beauty products - can increase the chances of suffering from 
“superbug” infections, University of Ulster scientists have revealed. 


They discovered that exposure to low doses of Tea Tree Oil make pathogens 
such as MRSA, E. coli and Salmonella more resistant to antibiotics, and 
capable of causing more serious infections. 


Dr Ann McMahon and Professor David McDowell, members of the University’s 
Food Microbiology Research Group, said: “We have been growing pathogens 
such as MRSA, E-coli and Salmonella in low concentrations of tea tree oil. 
These concentrations are not sufficient to kill the bacteria, but can switch on 
their defense mechanisms. Unfortunately, these defense mechanisms have 
the added effect of making bacteria more resistant to antibiotics, and able to 
cause “harder to treat” infections.” 


Tea Tree Oil is used commercially in many products including shampoos, 
body lotions and toiletries, but there is no legislation requiring manufacturers 
to state the concentration of tea tree oil in these products. 


This increases the risks that people will use low concentrations of tea tree oil, 
which fail to kill bacteria, but increase their resistance to antibiotics. So, if a 
person uses tea tree oil products on their skin repeatedly, any MRSA on their 
skin could develop increased resistance to the antibiotics which are used to 
control MRSA infections. 


“The bottom line is that tea tree oil should not be used at low concentrations 
- less than 4% - to make sure that bacteria are killed, not just stressed. 
Otherwise we are just arming the bacteria against treatment by antibiotics.” 


Publishing their findings in the Journal of Antimicrobial Chemotherapy, the 
scientists said: “Although tea tree oil may be an effective antimicrobial agent 
when appropriately used at high (bactericidal) concentrations, its application 
at low (sub-lethal) concentrations may contribute to the development of 
antibiotic resistance in human pathogens”. 


http://www.ulster.ac.uk 





The best advice therefore seems to be: if you want to use it, use plenty and 
make sure you wipe out the bacteria population all at once. Otherwise it’s 
counter productive. 


There is one other word of caution too: several cases of gynaecomastia, male 
breasts in young boys, came about through topical applications of tea tree oil 
(a shampoo, actually); not many but enough to cause concern. 


I pointed this out in one of my publications and was venomously attacked by 
numerous supposed guardians of “truth”. How dare I attack a near sacred old 
and venerable cure? The mere fact it was hurting young boys was seen as 
irrelevant. All sorts of arguments were brought forth, including even Robert 
Tisserand (see Aromatherapy section #39) writing to me and telling me it 
was probably an estrogenic substance in the plastic shampoo bottles. He 
didn’t even accept that the condition cleared up when the use of the tea tree 
shampoo was discontinued. It must all be faked propaganda science was his 
attitude. 


Denial is a silly attitude and yet it seems to be almost a requirement to 

be a card-carrying “holistic therapist”. Me? I’d rather stick with at least 

a semblance of science. All I was asking them was to avoid repeated 
applications of tea tree in young boys. You’d think I was attacking a sacred 
cow or even trying to butcher one! 





TFS! Aloe Vera 


The virtues of Aloe vera have been well known since ancient times. The 
name was derived from the Arabic alloeh meaning ‘bitter’ because of the 
bitter liquid found in the leaves. It is also Known as ‘lily of the desert’, the 
‘plant of immortality’, and the ‘medicine plant’. 


The fresh gel was said to have been used by Cleopatra to keep her skin soft 
and young. Aloe vera is truly one of Nature’s absolute miracle plants. It 
seems to be able to cure almost anything. Always think if it with infections, 
including Candida and yeast. 


The outstanding property of Aloe seems to be its gentleness. It is non- 
irritating and soothes any and all inflammations, whether infective or 
not. This makes it ideal to take internally and it is also great for vaginal 
overgrowths, from Candida, to Trich. 


If it does seem to be irritating, that is almost certainly due to additives from 
the manufacturer. If you suspect that, switch to pure Aloe, direct from the 
plant. 


The chief grower and manufacturer of Aloe, worldwide, is an operation called 
Univera and their flagship product, “Aloe Gold” I highly recommend. I can tell 
you how to get it, without joining an MLM (admin@informed-wellness.com) 


Think of Aloe in situations like dysbiosis, due to excessive use of antibiotics. 
It also works as an anthelminthic [an agent that destroys or expels intestinal 
worms and/or parasites; vermicide; vermifuge]; an antibacterial; an 
antifungal/yeast; an antiviral and as a parasite treatment. 

It may even prevent cancer: that’s from the Mayo Clinic website, no 

less! [http://www. mayo-clinic.com/health/aloe-vera/NS_patient-aloe/ 
DSECTION=evidence] 


That’s pretty versatile. 








Dosage 
Adults (18 years and older) 


Pure Aloe Vera gel is often used liberally on the skin three to four times per 
day for the treatment of sunburn and other minor burns. Creams and lotions 
are also available. There are no reports that using aloe on the skin causes 
absorption of chemicals into the body that may cause significant side effects. 
Skin products are available that contain aloe alone or aloe combined with 
other active ingredients. 


For internal use, take 1 - 3 ounces daily. 


Children (younger than 18 years) 


Topical (skin) use of aloe gel in children is common and appears to be well 
tolerated. Oral dosing is NOT recommended for kids. 





> 


Green Tea 





I could, I suppose, have put this with the helpful foods and nutrition section; 
but I have chosen to feature it in herbs, right after the tea tree! 


It may be that green tea can help antibiotics be three times more effective 

in fighting drug-resistant bacteria, even superbugs. This is according to 
research at Alexandria University in Egypt, in a paper presented in April 2008 
at the Society for General Microbiology in Edinburgh, Scotland. 


Green tea is a common drink in Egypt, and that means that many people 
will drink it while taking antibiotics. The researchers wanted to determine if 
green tea would help or interfere with the effectiveness of antibiotics. That’s 
reasonable. 


“We tested green tea in combination with antibiotics against 28 disease- 
causing microorganisms belonging to two different classes,” Dr Mervat 
Kaseem, of the university’s pharmacy faculty, said in a prepared statement. 
“In every single case, green tea enhanced the bacteria-killing activity of 
the antibiotics. For example, the killing effect of chloramphenicol was 99.99 
percent better when taken with green tea than when taken on its own in 
some circumstances.” 


Kaseem and colleagues also found that green tea made 20 percent of drug- 
resistant bacteria susceptible to cephalosporin antibiotics, an important type 
of antibiotics to which new drug-resistant strains of bacteria have evolved 
resistance. 


In almost every case and for all types of antibiotics they tested, the 
researchers found that drinking green tea at the same time as taking the 
antibiotics appeared to increase the action of the antibiotics and reduce drug 
resistance in bacteria. In certain cases, even low concentrations of green tea 
were effective. 


Dr. Kassem has a good point to make: “Our results show that we should 
consider more seriously the natural products we consume in our everyday 
life,” he said. “In the future, we will be looking at other natural herb products 
such as majoram and thyme to see whether they also contain active 
compounds which can help in the battle against drug resistant bacteria.” 


But wait a minute: I found another study that said we could dispense 


with the antibiotics altogether! It was carried out for USDA and published 
in a peer reviewed journal, the Journal of Food Protection. Researchers 


investigated the antibiotic activity of 11 catechins from green tea and 
compared these to the strength of 5 medicinal antibiotics. 


Their findings and conclusion was startling: three of the catechins beat 
tetracycline and vancomycin (effective at lower dilutions). I quote: “The 
results show that three of the catechins exhibited exceptional bactericidal 
activities at very low levels in the nanomolar range. They were more active 
than medicinal antibiotics such as tetracycline and vancomycin.” 


You may remember vancomycin as the “last ditch antibiotic”, 30? 


So farmers and food suppliers are getting the story, even if your doctor is 
not! 


[Journal of Food Protection. 69:100-107. ] 


White Tea 


But white tea extract seems to be even more powerful, according to a 2004 
study conducted at Pace University. Researchers found that White Tea Extract 
(WTE) may have prophylactic applications in retarding growth of bacteria, 
viruses and fungi. Their findings were presented at the 104th General 
Meeting of the American Society for Microbiology. 


The anti-viral and anti-bacterial effect of white tea (Stash and Templar 
brands) is greater than that of green tea. Moreover, the anti-viral and anti- 
bacterial effect of several toothpastes including Aim, Aquafresh, Colgate, 
Crest and Orajel was enhanced by the addition of white tea extract. 


White tea was more effective than green tea at inactivating bacterial viruses. 
Results obtained with the bacterial virus, a model system; suggest that WTE 
may have an anti-viral effect on human pathogenic viruses. 


Studies have also indicated that WTE has an anti-fungal effect on Penicillium 
chrysogenum and Saccharomyces cerevisiae. In the presence of WTE, 
Penicillium spores and Saccharomyces cerevisiae yeast cells were totally 
inactivated. It is suggested that WTE may have an anti-fungal effect on 
pathogenic fungi. 
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Professor Paul W. Sherman and undergraduate student Jennifer Billing 
prepared a great report on the antibiotic qualities of spices, published in the 
March 1998 issue of the journal Quarterly Review of Biology. 


Sherman credits Billing, a Cornell undergraduate student of biology at 

the time of the research, with compiling many of the data required to 

make the microbe-spice connection: More than 4,570 recipes from 93 
cookbooks representing traditional, meat-based cuisines of 36 countries; the 
temperature and precipitation levels of each country; the horticultural ranges 
of 43 spice plants; and the antibacterial properties of each spice. 


Garlic, onion, allspice and oregano were found to be the best all-around 
bacteria killers (they kill everything), followed by thyme, cinnamon, tarragon 
and cumin (any of which kill up to 80 percent of bacteria). Capsicums, 
including chilies and other hot peppers (killed or inhibited up to 75 percent 
of bacteria), while pepper of the white or black variety inhibits 25 percent of 
bacteria, as do ginger, anise seed, celery seed and the juices of lemons and 
limes. 


So even mild spices has some measurable effect it seems. 


The Cornell researchers noted that in hot countries nearly every meat-based 
recipe calls for at least one spice, and most include many spices, especially 
the potent spices, whereas in cooler counties substantial fractions of dishes 
are prepared without spices, or with just a few.” They theorize that spices 
were a development chiefly intended to inhibit the bacteria of food spoilage. 


If that’s correct then it is only natural that spices would have a potent 
antibiotic capacity— and that’s what they found. 


As decent scientists, they did consider several alternative explanations for 
spice use and discounted all but one. The problem with the “eat-to-sweat” 
hypothesis -- that people in steamy places eat spicy food to cool down with 
perspiration -- is that not all spices make people sweat, Sherman says, “and 
there are better ways to cool down -- like moving into the shade.” The idea 
that people use spices to disguise the taste of spoiled food, he says, “ignores 
the health dangers of ingesting spoiled food.” However the micronutrient 
hypothesis -- that spices provide trace amounts of anti-oxidants or 

other chemicals to aid digestion -- could be true and still not exclude the 
antimicrobial explanation, Sherman says. However, this hypothesis does not 


explain why people in hot climates need more micro-nutrients, he adds. The 
antimicrobial hypothesis does explain this. 


“T believe that recipes are a record of the history of the coevolutionary 

race between us and our parasites. The microbes are competing with us 

for the same food,” Sherman says. “Everything we do with food -- drying, 
cooking, smoking, salting or adding spices -- is an attempt to keep from 
being poisoned by our microscopic competitors. They’re constantly mutating 
and evolving to stay ahead of us. One way we reduce food-borne illnesses 

is to add another spice to the recipe. Of course that makes the food taste 
different, and the people who learn to like the new taste are healthier for it.” 


The following are their Top 30 Spices with Antimicrobial Properties (best to 
least): 


1. Garlic 16. Caraway 
2.Onion 17. Mint 
3.Allspice 18. Sage 

4. Oregano 19. Fennel 

5. Thyme 20. Coriander 
6. Cinnamon 21. Dill 

7. Tarragon 22. Nutmeg 

8. Cumin 23. Basil 

9. Cloves 24. Parsley 

10. Lemon grass 25. Cardamom 
11. Bay leaf 26. Pepper (white/black) 
12. Capsicums 27. Ginger 

13. Rosemary 28. Anise seed 
14. Marjoram 29. Celery seed 
15. Mustard 30. Lemon/lime 


Source: “Antimicrobial Functions of Spices: Why Some Like It Hot,” Jennifer 
Billing and Paul W. Sherman, The Quarterly Review of Biology, Vol. 73, No.1, 
March 1998 





Ext: Mushrooms and Fungi 


Fungi and mushrooms are related to herbal medicines but not quite the 
same. Remember most antibiotics come from molds, which are related 
directly to fungi. According to mycologist expert Paul Stamets, fungi are 
closer to human life than to bacteria. In fact, they too HATE bacteria, which 
is why they produce powerful antibiotics (bacteria would attack fungi). 


The fungi are a remarkable group of organisms that don’t need light to 
synthesize their own food. What we call mushrooms and toadstools are 
simply the visible fruiting bodies on what is a much larger organism, covering 
sometimes up to hundreds of square feet, called the mycelium. 


The medicinal properties of fungi have been known since ancient times. In 
fact Oetzi, the “Ice Man” found in the Tyrolean Alps knew about fungi. His 
body was frozen 5,200 years ago and found to be remarkably preserved 
when he thawed out after being discovered intact above the 10,000 line in 
1991. 


His gear was preserved too and that included a medicine pouch, containing 
a few walnut-sized dried fungi of the species Piptoporus betulinus, known to 
have antibiotic properties. It shows that Europe was in there with medicinal 
mushrooms, though not perhaps to the vast extent of Chinese herbal lore. 


Now modern science backs up virtually all that has been claimed for 
mushrooms and fungi. They are immune modulators, anti-viral, antibacterial 
and anti-cancerous. 


Broadly speaking the edible fungi can be divided into those with culinary 
merits and those which are purely medicinal. There is some overlap; for 
example, the shiitake mushroom is a well-known Japanese delicacy and has 
now spread to the West. 


Shiitake stimulates the immune system about a hundred times more than 
the common white button mushroom. Maitake does much more to aid the 
immune system than morels, portobellos and chanterelles etc. The very tasty 
oyster mushroom (Pleurotus ostreatus) is an exception and is enjoyed for its 
antibacterial, anti-viral, blood pressure moderating and cholesterol reducing 
qualities. 


The key to the effectiveness of mushrooms is a substance called beta glucan, 
a large and complex polysaccharide (sugar chain), which stimulates the 


immune system to fight pathogens and malignant cells. Maitake is known to 
be an effective antitumor agent. 


Note that yeast beta glucan, commonly sold via MLM networks, is largely 
ineffective. They love to quote the science but this, if you look closely, is 
always experiments on the mushroom beta glucan and is NOT applicable to 
the products they sell (I have a saying: there is science, damned science and 
then MLM science! ) 


Mushrooms contain more than just beta glucan, of course: amino acids such 
as lysine and tryptophan and vitamins such as C, K, nicotinic acid (vitamin 
B3), riboflavin (B2) pantothenic acid (B5). There are also other complex 
substances, such as terpenes and steroids. 


Let’s start with the Reishi mushroom (Ganoderma lucidum). To the ancient 
Chinese this mushroom was called Lingzhi meaning “spirit plant”. According 
to legend, Taoist priests in the first century were supposed to have included 
the mushroom in magic potions that granted those who consumed them 
longevity eternal youth and immortality. In Chinese art the Reishi mushroom 
is a symbol of good health and long life; symbols of it abound everywhere. 


Clinical studies have confirmed Reishi has properties as an anti-inflammatory, 
antioxidant, BP and blood sugar moderator and cholesterol reduce. Reishi 
contains over 100 bioactive immunomodulatory substances, including beta 
glucan. 


More importantly, studies have shown that Reishi significantly increases 
three immune signalers known to help the immune system destroy invaders. 
Japanese researchers say that a hardy system may be able to resist 
invasions and microbes that weaker host systems may not. 


It should also be mentioned that Reishi does not produce some of the 
negative effects associated with the use of antibiotics, which can often stop 
the invasion of microbes, but will further weaken the immune response 
after continued use and are also ineffectual in cases of viruses, pollens and 
malignant cells. 





Maitake 


Next let’s look at Maitake (Grifola frondosa). Maitake means “dancing 
mushroom”. In Europe it is known as “Hen Of The Woods “ and is sometimes 
called the King Of Mushrooms because of its size. 


Maitake is a delicious culinary mushroom but also valued for its medicinal 
properties. It has known antibiotic activity, although I could only find one 
really meaningful study to support this. In combination with vancomycin, 
one of the few remaining antibiotics with some activity against methicillin- 
resistant Staphylococcus aureus (MRSA), Maitake led to very enhanced 
survival against Listeria bacteria injected into the abdominal cavity of mice 
(an often fatal form of food poisoning). 


[Kodama N, Yamada M, Nanba H. Jpn J Pharmacol 2001;87:327-332]. 


Suggested doses: For general protection, 300 mg to 2 grams extract daily, 
between meals. For therapeutic use against an active infection: 25 to 35 
grams extract or more daily until results evident, then taper back to 15 to 30 
grams daily, or as recommended by a health care practitioner. 


Next, the most famous of all. 


Shiitake 


It produces a growth inhibiting beta glucan called Lentinan (from shiitake’s 
scientific name Lentinula edodes). Scientists now believe that lentinan and 
virus-like particles found in shiitake trigger the increased production of 
various serum factors associated with immunity and inflammation. These so- 
called lymphokines, such as interferon and interleukin, stimulate the defense 
system through the proliferation of phagocytes, including macrophages and 
other immune fighters that attack cancer cells, bacteria, and viruses. 


A substance called cortinelin, a broad-spectrum antibacterial agent, which 
has been isolated from shiitake, kills a wide range of pathogenic bacteria. A 
sulfide compound extracted from shiitake has been found to have an effect 
against the fungus that causes ringworm and other skin diseases. 





Inonotus obliquus (Chaga) 


Stimulates the production of macrophage and NK cells, essential to healthy 
immune system function. It is rich in immuno-modulating polysaccharides 
and has been found to be an effective natural anti-inflammatory, anti-tumor, 
anti-oxidant, anti-viral, and antibiotic. 


Pleurotus species 


This includes Pleurotus ostreatus (Oyster mushroom). It is enjoyed for its 
interesting taste, plus anti-bacterial, anti-viral, blood pressure moderating, 
and cholesterol reducing qualities. It is actually easy to grow at home and is 
cheap; it should be eaten more widely than it is. 


A polycyclic aromatic compound pleurotin has been isolated from P. griseus 
which possesses antibiotic properties. 


Trametes versicolor (Turkey — 


Turkey tail mushroom is one of the most 
widespread mushrooms in the world. Turkey tail 
can be found on dead trees in just about any 
hardwood or deciduous forest in North America, 
Europe, China, Japan and Siberia. As its name 
indicates, the mushroom looks exactly like a 
turkey’s tail and can be very colorful. 


Turkey Tail produces a very powerful immune 
stimulant polysaccharide, called PSK. 


PSK has also been proven as a potent antibiotic, 
in particular against strains of Staphylococcus 
aureus, PSeudomonas aeruginosa, Candida 
albicans, Cryptococcus neoformans, Escherichia 
coli and Listeria monocytogenes. 





[Sakagami, H. & M. Takeda, 1993. “Diverse biological activity of PSK 
(Krestin): a protein bound polysaccharide from Coriolus versicolor (Fr.) 
Quel.” In Mushroom Biology & Mushroom Products, eds. S.T. Chang J.A. 
Buswell & Siu-wai Chiu, The Chinese University Press, Hong Kong. pp. 237- 


245. Mayer, J. & J. Drews, 1980. “The effect of protein-bound polysaccharide 
from Coriolus versicolor on immunological parameters and experimental 
infections in mice.” Infection 8: 13-21. 


Ng, T.B., J.M. Ling, Z.T. Wang, J.N. Cai & G.J. Xu, 1996. “Examination of 
courmarins, flavonoids and polysaccharopeptides for antibacterial activity.” 
General Pharmacology Oct; 27(7): 1237-40. ] 


Turkey tail is a little tough to eat so it is usually found in teas, tinctures, 
capsules and pills. 


It just remains to enter a few words of 
caution: 


Firstly, on no account go out and start harvesting mushrooms yourself and 
trying to make home-brew extracts. You'll likely kill yourself. The Fungi are 
an enormously large range of organisms and the difference between safe 
ones and those which kill can be very subtle. It takes an expert to safely 
identify edible mushrooms. Of course if you live in France or anywhere 
civilized which really KNOWS food, you can go into any pharmacy and 
they will identify any mushrooms you gather. But really, you are safer not 
collecting your own, unless you are a botanist or better still a mycologist 
(fungologist). 


There is an additional problem, which may not be obvious to you, which is 
getting a predictable dose. It’s something which bugs even commercial fungi 
extracts which you may find for sale on the Net. Let me warn you that the 
vast majority of products offered are totally worthless, no matter even if 
the vendor is sincere and well-meaning. It is very difficult to get a regular, 
effective dose and keep it consistent. 


See, part of the difficulty is that fungi are protected by a membrane coat of 
chitin. That’s same stuff insect cases and your fingernails are made of. Just 
grinding up mushrooms isn’t going to get at the best of the content. It needs 
a heat process to get at the good stuff, by breaking down the chitin. This, of 
course, is counter-intuitive to most alternative healers and practitioners, who 
know that heat normally destroys nutrients. 


Let me assure you that in this case it’s a waste of money, if not extracted 


properly, and 99% or manufacturers don’t even know this, never mind 
practice it! 


To get you over this problem I have identified a range of mushroom products 
that meet all the necessary requirements for health and effectiveness. 

They are organically grown, under strict natural conditions, in a special 
facility Oregon State (which also, incidentally, supplies the WHO with fungal 
medicines, for treating the populations of Third World Countries). These are 
the most potent full-spectrum myoceutical products ever produced. 


You can get purchase details at: 


http://www.powershroom.com 





Essential oils 


(aromatherapy ) 





Well, let’s move on. Can you see now there is SO MUCH you can do to fight 
active infections, without the use of antibiotics. 


For instance, did you know that essential oils (aromatherapy oils) have 
powerful antibiotic properties? That was one of their main uses, when first 
developed. Remember, this was long ago, in the days before antibiotics or 
any other significant drugs had emerged. 


Aromatherapy oils were once not merely for relaxing and getting in touch 
with the inner self! They were the best pharmaceuticals of the day! 


The story goes back a long way, beginning with a man called Chamberla in 
1887. He studied a mixture of oregano, cinnamon, angelica and geranium, 
and he found that each of these inhibited bacteria growth in a petri dish 
(special culture dish for microbes). 


This is exactly the same test that led to the discovery of penicillin. Yet you 
never hear that these things do essentially the same! Chamberla found the 
oils very effective against meningococcus (the cause of meningitis), typhus 
and Staphylococcus (MRSA is a Staphylococcus, remember). But they were 
not so good against diphtheria and didn’t work at all for anthrax—but then, 
hardly anything ever does. 


Another man called Clavell in 1918 showed that clove bud (Syzygium, also a 
good homeopathic remedy) kills the TB bacillus at 1 part in 6,000. That was 
an important stepping stone. 


In 1928 a famous case was that of Rene-Maurice Gattefosse, who burned his 
hand. It became infected and smelled very bad. Gattefosse put it in lavender 
(to ease the smell, presumably) but was surprised when the lavender clearly 
had a very beneficial effect. He recovered. Gattefosse went on to learn more 
about plants and their oils and he was the person who invented the term 
aromatherapy. 


In WW2, a French surgeon called Jean Valnet used essential oils to treat 
injuries and infections and psychiatric disorders. He was able to use these 
things to treat gangrene successfully. You never get to hear of this today! 
Nobody ever says that simple herbal oils could be effective against gangrene. 


Whoever has been told “You don’t need an amputation yet, let’s try lavender 
oil”? 


Valnet did a lot of studies and published a book in 1960 called The Practice of 
Aromatherapy: A Classic Compendium of Plant Medicines and Their Healing 
Properties. 


If you write down Valnet and Aromatherapy and Google that, you will find it. 
I saw a second-user copy on sale on Amazon for just 5 bucks. 


Scientific Testing or Aromatherapy Oils 


What astonishes most people (including me, when I first learned it) is that 
aromatherapy has a good tradition of scientific testing and screening. In the 
USA it may be looked on askance but in France aromatherapy is quite the 
thing! 


Valnet, in fact, was dedicatedly scientific. He tested numerous plant oils 
against bacterial culture in petri dishes, exactly the way that led to the 
discovery of penicillin and other antibiotics. Some were astonishingly good. 


1960: Maruzella demonstrated antibacterial and antifungal effects of 
hundreds of aromatic compounds. 


1987: Deininger and Lembke demonstrated antiviral activity of essential oils 
and their isolated components. 


1973: Wagner and Sprinkmeyer did research on a 170 year old blend of 
distilled oils still available in Germany. The effects of melissa and the other 
oils in Kosterfrau Melissengeist had been empirically known since Paracelsus 
(about 1500). They concluded that, with varying degrees of intensity, there 
was an inhibiting influence on all the bacteria tested, (Pneumococcus, 
Klebsiella pneumoniae, Staphlococcus aureus haemolyticus, Neisseria 
catarrhalis, Streptococcus haemolyticus, Proteus vulgaris, Hemophilus 
influenza, Haemophilus pertussis, Candida albicans, Escherichia coli- 
Aerobacter group, various Corynnebacteria, and Listeria) and stated the large 
spectrum of this inhibitory action is as broad as or even greater than that of 
wide-spectrum antibiotics. 


One of the most interesting experiments I came across in my research was 


carried out in the 1960s by Professor Griffon, Director of the French Police 
Toxicology Laboratory. He researched the use of aromatherapy or essential 





oils in cleansing the air. Bottom line... dispersing essential oils into the 
atmosphere dramatically cut down airborne pathogens. After only 30 minutes 
of airborne spray cultures were down to zero. 


He used a mixture of cinnamon, clove, peppermint, lavender, pine, rosemary 
and thyme.You probably think these are just sissy smells. But actually these 
are very very powerful substances, I think I will have time to explain these to 
you before I open for questions. 


(This has enormous implications for CA-MRSA ...the respiratory form. If Iam 
not careful, I may run out of time, so let’s just do a couple of quick specific... 


Drs. Jean-Claude Lapraz and Christian Duraffourd, two Paris-based 
physicians, organized the world’s first phytotherapy conference in Tunisia in 
May 1993. 


Durrafourd and Lapraz have suggested that dosing with essential oils 

may not be linear in the same way as antibiotics. They found a very small 
quantity of essential oil had a far greater effect when used in the body than 
effects measured in vitro (in glass dishes). They also somewhat abandoned 
the quest for finding one oil for each pathogen. That’s something of an 
allopathic nonsense. 


Instead, they see the need for matching the oil to the constitution and make 
up of the patient in question. 


Oregano 


Origanum vulgare, also known as Greek or Mediterranean oregano, has good 
claim to be a natural antibiotic. This is not the cooking oregano however 

but a rather rare wild herb which grown in the mountainous regions of the 
eastern Mediterranean. Its scent and flavor are due to the essential oil which 
has been renowned for its potent antiseptic properties. 


When oregano oil was first tested in 1910 it was described as “the most 
powerful plant-derived antiseptic known” (H. Marindale). It has been found 
effective both in killing multiple bacteria and preventing their growth. It was 
shown to be many times more potent than phenol (carbolic acid). 


Carvacrol activity crucial. Carvacrol or isopropyl-o-cresol is the active 


ingredient with powerful antimicrobial properties; it is more potent than 
carbolic acid. 


Oregano has been found to contain several powerful antioxidants such as 
phenolic acids and flavonoids which protect your tissues against harmful 
toxins like cancer-causing free radicals [Tian H, Lai DM. Zhong Yao Cai. 
2006; 29(9):920-1; Hazzit M, et al. J Agric Food Chem. 2006;54(17):6314- 
21]. 


Oregano oil may be the ‘best of the best’ among essential oils in killing 
microbial pathogens, killing bacteria, fungus, yeasts and molds. It was shown 
to be very effective against Candida (1.5 times more potent than the drug 
Nystatin). 
Specifically, it has activity against: 

e Escherichia coli (E. Coli) 

e Candida albicans 

e Bacillus cereus 

e Proteus 

e Cryptococcus neoformans 

e Staphylococcus aureus (Hence MRSA) 

e Streptococcus pneumoniae 

e Pseudomonas aerugiosa 

e Salmonella 
Researchers from the Agricultural Faculty, Selcuk University in Turkey 
studied essential oils from several different plants, including oregano, laurel, 
marjoram and mint. They tested these oils on certain bacteria (including 
Bacillus, which can cause bowel infections and diarrhoea) in the laboratory. 
All of the herbs, including oregano, were found to successfully block the 
growth of the bacteria studied [Ozcan MM, Sagdic O, Ozkan G. J Med Food. 
2006 Fall;9(3):418-21]. 
In an animal study, performed by scientists at the National Agricultural 
Research Foundation in Greece, oregano was found to be just as effective as 


the prescription-only antibiotic neomycin for curing diarrhoea caused by the 
E.coli bug, which is notorious for causing bowel infections. 


Commenting on the findings the scientists said: This study indicates that 
dried oregano leaves may be as effective in the treatment of coli infection 
as neomycin [Bampidis VA, et al. J Vet Med A Physiol Pathol Clin Med. 
2006; 53(3):154-6]. 


Dose: Oregano oil for products intended for internal use can be used by 
adding four drops to a small amount of water and take up to three times a 
day. For external use it can be applied liberally up to three times a day. 


Cinnamon 


There are two kinds of cinnamon oil, Cinnamomum zeylanicum and Cassia 
(next section). 


Zeylanicum stands for Sri Lanka. I know that because I lived in Sri Lanka for 
a couple of years. I was professor at a university there. And it’s very effective 
and wonderful to smell. I love it. But it must be said the other cinnamon 
(Cassia) is more powerful. 


A nice idea I found is to make a special flavored honey with this oil: 


To 2 oz. of maple syrup or 2 oz. of honey add: 3 drops of Ginger Essential 
Oil 1 drop Cardamom 1 drop Cinnamon bark oil 3 drops Vanilla Essential 
Oil, pure 8 drops of certified organic Orange or Mandarin Orange oil. 


Cassia 


Cassia (Cinnamomum cassia, or “hot cinnamon”) is native to the south- 
eastern parts of China and to a lesser extent in Vietnam, Burma and India. 
It is cheaper and more abundant than the Sri Lanka variety. Its value 
dependant mainly on the percentage of cinnamic aldehyde which it contains. 
It is heavier, less liquid, and congeals more quickly than the Ceylonese 
variety. 


Cassia has recognized antimicrobial properties and is often used for diarrhea. 
The essential oil is a powerful germicide, but being very irritant is rarely used 
in medicine for this purpose. 


One study carried out at the Department of Agricultural Biology and the 
Research Center for New Bio-Materials in Agriculture, College of Agriculture 


and Life Sciences, Seoul National University (Koera) showed Cassia had 1/5th 
- 1/10th the power of tetracycline and chloramphenicol against intestinal 
bacteria. 


Not a problem, since we could always take more Cassia than antibiotic 
capsules. Interestingly, Cassia had no effect on Lactobacillus, a prime 
probiotic organism. So there would not be the disastrous after effects of 
the two antibiotics used in the trial. /J. Agric. Food Chem., 1998, 46 (1), pp 
8-12]. 


An interesting analysis from the University of Hong Kong showed that 
typical Cassia preps. have around 98% cinnamaldehyde and were effective 
against a wide range of pathogens, including Staphylococcus aureus, E. 
coli, Enterobacter aerogenes, Proteus vulgaris, Pseudomonas aeruginosa, 
Vibrio cholerae, Vibrio parahaemolyticus and Samonella. [Am J Chin Med. 
2006; 34(3):511-22]. 


Thyme 


Thyme was used medicinally by the Egyptians, Greeks, and Romans. Most 
present day research has centered on thyme’s ability as an antibacterial and 
anti-infectious agent, even when diffused in the air. 


Thyme oil is composed of several different components that show 
antimicrobial activity (at least: carvacrol, thymol and linalool). 


In vitro studies have shown that thyme oil has valuable broad spectrum 
activity against Salmonella typhimurium, Staphylococcus aureus, Escherichia 
coli, and a number of other bacterial species. 


Thyme essential oils showed some of the strongest killing power against 
MRSA and VRE antibiotic-resistant bacteria, according to studies at the 
Western Infirmary, Glasgow, UK. According to Jean Valnet, M.D., thyme 
oil kills the anthrax bacillus, the typhoid bacillus, meningococcus, and the 
agent responsible for tuberculosis and is active against salmonella and 
staphylococcus bacteria. 


The College of Pharmacy study at Oregon State University, also confirmed 
thyme is substantially more effective than most others in killing MRSA, 
including the virulent strain USA300. Oregano and thyme together are 
consistently the most effective in inhibiting the growth of all three bacteria; 
MRSA, Escherichia coli, and Acinetobacter calcoaceticus. Dr. Ihsan Edan 


AlSaimary, of the Univ. of Basrah, has also confirmed these other research 
results. 


Thyme is also a broad spectrum disinfectant that helps to kill germs 
(including E.coli) on surfaces all around your home. [Marino M, Bersani C, 
Comi, G. Antimicrobial Activity of the Essential Oils of Thymus vulgaris L. 
Measured Using a Bioimpedometric Method. Journal of Food Protection, 
Volume 62, Number 9, September 1999, pp. 1017-1023(7)]. 


In another study, published in Bionews online, it was found that Escherichia 
coli and Salmonella typhimurium were susceptible to thymol and carvacrol 
(both found in thyme oil) and eugenol (found in clove oil). 


Activity of natural antimicrobial compounds against Escherichia coli and 
Salmonella enterica serovar Typhimurium Letters in Applied Microbiology 
[N.A. Olasupo, D.J. Fitzgerald, M.J. Gas-son and A. Narbad] Volume 37 Issue 
6 448 - December 2003. 


Thyme oil is very strong stuff by the way, don’t go rubbing it on your skin 
without diluting it. Something like a massage oil. 


Black Seed Oil 


Black seed oil is not often included in Western reviews of essential oils. 
Maybe there is a certain amount of prejudice in this. But I think black seed 
oil could stand as high as Oregano oil and does not taste as repelling. 


Black seed oil (Nigella sativa) has been known for centuries in Middle East 
countries. The black seed is known in Arabic as the habbutual barakah (the 
seed of blessing). It is sometimes called the Black Cumin Seed, however this 
is not the same as Black Cumin which the Indians refer to as Jeera/Zeera. 


The Prophet Mohammad stated in his “Hadith” that black seed oil cures every 
illness except death. A small phial of it was apparently found in the tomb of 
Tutankhamen. 


Now modern science has come to its support. Researchers around the world 
have confirmed the anti-bacterial and anti-mycotic effects of black seed 

oil. Health practitioners in various countries around the world are using the 
oil against inflamation of all sorts as well as fungi infections. Black Seed 
extracts have been found to stimulate bone marrow and immune cells, raise 
interferon production and increase B cells (which produce antibodies). 


The active ingredients of black seed are nigellone, thymoquinone, and 
fixed oils. Beta si-tosterol has also been identified as a key marker in 
black seed oil. Beta sitosterol has been shown to exert protective effects 
and reduce symptoms of BPH (benign prostatic hyperplasia). [Lancet 
1995;345(8964):1529-32] 


Black seed also contains significant proportions of protein, carbohydrates 
and essential fatty acids. Other ingredients include linoleic acid, oleic acid, 
calcium, potassium, iron, zinc, magnesium, selenium, vitamin A, vitamin B, 
vitamin B2, niacin, and vitamin C. 


Dose: a teaspoonful 3 times a day of the oil. It’s bitter and irritating but 

can be mixed with tea, coffee, carrot juice, yoghurt or other carriers. For 
respiratory infections it can be rubbed in the chest; for sinusitis and catarrh, 
3- 4 drops in each nostril. 


General use: Ibn Senna known in the West as Avicenna (980-1037 AD) the 
Persian-born Islamic philosopher and physician who wrote the great medieval 
medical text, described the power of the black seed to stimulate the body’s 
energy and banish fatigue. 


A teaspoon of black seed oil mixed in a glass of orange juice with breakfast 
keeps you active all through the day. A teaspoon of black seed oil mixed ina 
hot drink after supper gives you a quiet sleep all through the night. 


Mountain Savory 


Long established as an antibiotic substitute, mountain savory (Satureja 
montana) was in third place, behind lemongrass oil and lemon mytle oil, 
according to a 2008 study [Inhibition of methicillin-resistant Stapphulococcus 
aureus (MRSA) by essential oils; Sue Chao, Gary Young, Craig Oberg, and 
Karen Nakaoka; Flavour and Fragrance Journal, 2008; 23: 444-449]. 


One important study examined in vitro antimicrobial activity of the essential 
oils of the aerial parts of Satureja montana L. and Satureja cuneifolia. The 
major compound of S. montana oil was the phenolic monoterpene carvacrol 
(45.7%). 


The antimicrobial effects of S. montana and S. cuneifolia oils were found 


to have a broad spectrum activity against multidrug-resistant pathogens. 
These oils were active against all the test strains, with the exception of 


Pseudomonas aeruginosa. Compared with S. cuneifolia, savory oil exhibited 
greater antimicrobial activity. 


The maximum activity of savory oil was observed against Escherichia 
coli, MRSA and against the yeast (Candida albicans). The essential oil of 
S. cuneifolia was also found to inhibit the growth of medically important 
pathogens such as S. aureus and E. coli. Fungicidal activity for both oils 
against C. albicans and S. cerevisiae (food yeast) was also observed. 
[Volume 18 Issue 12, s 967 - 970]. 


Useful antibiotic formula: 


Mix together the following: 10 drops lemon; 8 drops mountain savory; 3 
drops oregano; 1 tablespoon of V6 food grade oil. 2 ounces of grape juice. 


Take 2 tablespoons a day of this mix. (based on a suggestion by Dr. Gary 
Young). 


V6 is an essential oil carrier, consisting of fractionated Cocos Nucifera 
(Coconut) Oil, Sesamum Indicum (Sesame) Seed Oil, Vitis Vinifera (Grape) 
Seed Oil, Prunus Amygdalus Dulcis (Sweet Almond) Oil, Triticum Vulgare 
(Wheat) Germ Oil, Helianthus Annuus (Sunflower) Seed Oil, and Olea 
Europaea (Olive) Fruit Oil. 


If you want, put it in a Double O gelatin or vegetable capsule instead of the 
V6. In which case use these proportions: 5 drops Lemon Essential oil 3 drops 
Oregeno Essential oil 5 drops Mountain Savory Essential oil. 


Take one capsule 3 times daily. 





Pregnancy and Strep B 


For pregnant women, Strep B can be a hazard (and to the neonate too). 
Signs, Symptoms of Neonatal GBS Infection Unaffected by Intrapartum 
Antibiotics [Medscape Summary ] 


“Antibiotic exposure also does not delay the onset of clinical signs of infection 


[The Influence of Intrapartum Antibiotics on the Clinical Spectrum of Early- 
Onset Group B Streptococcal Infection in Term Infants. Bromberger P, 
Lawrence JM, Braun D, Saunders B, Contreras R, Petitti DB, Pediatrics 2000 
Aug; 106(2):244-250] 


In fact it probably causes it! [Potential consequences of widespread 
antepartal use of ampicillin. Towers CV, Carr MH, Padilla G, Asrat , Am J 
Obstet Gynecol 1998 Oct;179(4):879-83] 


“The increased administration of antenatal ampicillin to pregnant women 
may be responsible for the increased incidence of early-onset neonatal sepsis 
with non-group B streptococcal organisms that are resistant to ampicillin. 

At this time penicillin G, rather than ampicillin, is therefore recommended 

for prophylaxis against group B streptococci. In addition, future studies are 
needed to determine whether alternate approaches, such as immunotherapy 
or vaginal washing, could be of benefit.” 


So, do the following: 


Soak an ORGANIC tampon in 15 drops Lemon Essential oil 9 drops Oregeno 
Essential oil 15 drops Mountain Savory Essential oil 1 tsp carrier (V-6 food 
grade) oil Leave soaked tampon in overnight. 


The Journal of the Science of Food and Agriculture Sep 2006 did a nice piece 
on growing savory (Satureja hortensis) in Scotland!) [ref: S.G. Deans and 
K.P. Svoboda, Antibacterial activity of summer savory (Satureja hortensis L.) 
essential oil and its constituents. J. Hort. Sci., 64, 205-210 (1989) ]. 





Lavender 
If you Google 101 essential oil uses, the first 23 are lavender! 


Long prized for its healing properties, written records of the use of lavender 
for medicinal purposes date back as far as 60 AD and the writings of 
Dioscorides. In ancient Rome lavender was recognized for its healing and 
antiseptic qualities, its ability to deter insects, and for washing. In fact, 

its name stems from the Latin “lavare”, meaning to wash. During the First 
World War, when modern antibiotics were sparse, lavender was used to dress 
wounds and helped to heal scar tissue and burns. 


Lavender’s Antibiotic Properties 


Lavender is renowned for its antibiotic properties. Studies have shown that 
the essential oil of lavender, particularly when combined with Geranium 

oil, is capable of killing some Staph infections. Other studies have reported 
that lavender is good for treating ear infections, and is mild enough to treat 
such symptoms in children. Recently, four new chemicals have been isolated 
from lavender plants, and are believed to be beneficial for the treatment of 
Candida. Lavender tea (infusion) may be made from the dried flowers, 1 1/2 
tsp. flowers to 80z.water. 


This can be drunk up to 4 times a day. 


Lavender reduces fever and is a strong antiseptic and has been used to fight 
diphtheria, strep throat and pneumonia. 


Lavender tea, or a few drops of oil in a glass of water, used as a gargle eases 
sore throats and laryngitis, can also soothe toothache. 


Wounds and topical application 

Lavender oil is an exception to all the other essential oils, in that it does not 
need to be diluted in a carrier oil because it is so gentle. It is also safe to use 
on infants and children. 


Lavender is often used to treat scalds, minor burns, cuts, grazes, 
inflammation, eczema and dermatitis. 


Geranium 


This is Pelargonium sidoides, or South 
African Geranium NOT P. graveolens, 
the garden variety geranium. It’s 
excellent for bronchitis. This is a big 
problem in primary care. 


One study followed 476 adults with 
a clinical diagnosis of bronchitis 
from primary care medical centers in 
Germany. It excluded patients who had wag 
antibiotic therapy in the previous 4 
weeks or asthma, severe heart, renal, 
or liver disease; immunosuppression; 
drug or alcohol abuse; and pregnancy 
or lactation. 





This was a randomized, double-blind, 


placebo-controlled prospective study. South African geranium, 
Treatment consisted of 1.5 mL of Pelargonium sidoides 
aqueous ethanolic extract (11%) of (NOT the familiar pot plant) 


Geranium root 3 times daily for 7 days. 

Placebo was matched for color, taste, 

smell, and viscosity. The breathlessness severity scale scores (BSS) improved 
in the geranium group over the placebo group. This was a well-structured 
trial. 


[Matthys H, Eisebitt R, Seith B, Heger M. Efficacy and safety of an extract 
of Pelargonium sidoides (Eps 7630) in adults with acute bronchitis. A 
randomized, double-blind, placebo controlled trial. Phytomedicine 2003; 
10(Supp! 4): S7-S17.] 


Pelargonium is also an effective treatment for throat infections. Severe sore 
throat in children is often due to Streptococcus. In a double-blind clinical 
trial carried out in the Ukraine, children aged 6 to 10 with acute Strep 
throat infections were treated with pelargonium root extract or a placebo. 
Pelargonium resulted in much greater improvements than placebo, reduced 
the severity of symptoms and shortened the duration of illness by two days 
on average [Altern Health Med 2003; 9(5): 68-79]. 


Another study showed it was great for acute sinusitis, which is usually due 


to a bacterial or fungal infection after a cold. A recent study in Germany, 
involving 361 people with acute sinusitis who were treated with pelargonium 
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root extract, found that at the end of the four week treatment period 80 
per cent of patients recovered or experienced a clear improvement in their 
symptoms [Z Phytother 2007; 28: 58-65]. 


One in vitro study showed killing drug-resistant Staph, so it may have a 
place in therapy for MRSA [Phytomedicine 2003; 10 (Suppl 4): 18-24]. The 
recommended dosage is 20mg of the root extract, three times a day, or 
800mg of dried, powdered root, taken twice a day, for 10 days. 


General Warning: All I have written applies ONLY to therapeutic 
grade essential oils and not to recreational products, so please do 
not try some of its recommendation unless the oils you are using 
are at least AFNOR or ISO certified. Merely the word “pure” is not 
enough. 





Competitive 


Inhibition 





In this section I'll be explaining another good strategy for controlling 
pathogenic bacteria. That’s to encourage competition, so that safe, friendly 
organisms proliferate and occupy so much of the available territory (our 
bodies) that there is no room for wild forms to get started. 


If the friendly horde that we carry should be replaced by nasty disease- 
causing renegade bacteria from the wild, our health can be compromised, 
even up to the point of death. All that really stops this happening is the 
massive presence of largely friendly—or at least nonhostile—forms. They are 
our main allies in fighting disease. Yet doctors ignore them and, indeed, even 
ravage and kill them in massive numbers, by the careless and unnecessary 
use of antibiotics. 


Don’t be smug. You do your part in hurting our friends too. Antiseptic soaps, 
sprays and body washes, that the TV ads convince you are really necessary, 
will kill off good forms as well as the ones you're scared of. 


1. It’s been said that we are landlords to the host of bacteria that live on us. 
As such, we should be responsible and caring owners and look after our 
guests! We can tend our crop of healthy organisms in several ways. We 
can feed the good bacteria. 


2. We can import more good bacteria and add to them. 


3. We can get other non-bacterial life forms to attack bacteria, much as 
introducing a new predator into the eco-landscape can result in wiping out 
the species on which it preys. 


It may surprise you that the scientific study of these three strategies is well 
under way. 


Adding to bacterial colonies is called “probiotics” and nurturing what’s 
already present, with helpful nutrition, is called “pre-biotics”. 


Eubiotics, which covers both, means simply “good life”; in other words eating 
and drinking well and behaving sensibly. Synbiotics is another term you may 
encounter. I'll explain it further along. 





The third approach we do using bacteria-hostile viruses which we call 
bacterio-phages; that means “bacteria eaters”. We usually say phages for 
short. You can probably guess how that one works. 


Next I'll cover each of these processes in more detail. 


Probiotics 


Probiotics, as I just remarked, means adding to the quantity of friendly 
organisms we carry. It is rather like artificially re-stocking lakes and rivers 
with fish. If you do it well—and actually ban fishing—you can build up stocks 
rapidly, because the fish will naturally reproduce and multiply. It’s the same 
with helpful bacteria. 


The first ever recognition of this process of probiotics was the use of 
yoghourt. 


Russian scientist and Nobel laureate Eli Metchnikoff was the first to suggest 
that it would be possible to modify gut flora by adding friendly microbes to 
squeeze out the damaging ones. 


At the beginning of the 20th century Metchnikoff, at that time a professor at 
the Pasteur Institute in Paris, introduced the theory that the aging process 
results from the activity of putrefactive (or proteolytic, meaning “breaks 
down protein”) microbes producing toxic substances in the large bowel. 
According to Metchnikoff these compounds—including phenols, indols and 
ammonia—were responsible for what he called “intestinal auto-intoxication”, 
which caused the physical changes associated with old age. 


Metchnikoff knew that milk fermented with lactic-acid bacteria inhibits the 
growth of proteolytic bacteria because of the low pH (acidity) produced 
by the fermentation of lactose. He had also observed that certain rural 
populations in Europe, for example in Bulgaria and the Russian Steppes 
who lived largely on milk fermented by lactic-acid bacteria (yoghurt) were 
exceptionally long lived. 


Based on these facts, Metchnikoff proposed that consumption of fermented 
milk would provide the intestine with harmless lactic-acid bacteria and 
decrease the intestinal pH and that this would suppress the growth of 
proteolytic bacteria (something else for the fans of alkali foods to think 
about). 





Metchnikoff himself introduced in his diet sour milk fermented with the 
bacteria he called “Bulgarian Bacillus” and found his health benefited. 


In 1900 Henry Tissier, also from the Pasteur Institute, isolated a 
Bifidobacterium. Tissier showed that bifidobacteria are predominant in 
the gut flora of breast-fed babies, and he recommended administration of 
bifidobacteria to infants suffering from diarrhea. 


The stage then switched to Japan. In the 1920s Japan was not the wealthy 
nation it is today. Many children lost their lives to infectious diseases and 
other maladies brought on by malnutrition. In 1930. Dr Minoru Shirota, 
working in a microbiology lab at Kyoto Imperial University’s School of 
Medicine, succeeded in developing a stronger strain of lactic acid bacteria 
which would work to destroy the harmful gut bacteria. This bacterium was 
named Lactobacillus casei shirota after Shirota. It produced a yoghurt-like 
drink called Yakult, which was introduced to the market in 1935. 


Subsequently, other species have been introduced to conventional medicine, 
including Lactobacillus rhamnosus, Lactobacillus casei, and Lactobacillus 
johnsonii, because they are normal intestinal species with beneficial 
properties. 


Symbiotics 


The old days of just “Lactobacillus acidophilus”, basically a bovine form, are 
gone. As I said in my 1993 book, we need human strain Lactobacillus. The 
rest just don’t thrive and soon die. Lactobacillus bulgaricus had the same 
problem. 


But more importantly we need lots of Bifodobacteria, which is our main 
friendly passenger down there in the gut. 


My more recent caution has been to get properly prepared organisms. The 
general technique of just crushing them into a tablet just kills the organisms, 
as you would expect, making a joke of the supposed population values given 
on the label. 

Look instead for non-compacted preparations. 


The other new trend is feeding your bowel flora the right stuff. No question 
that lots of yeasty foods to support the invaders, plus all the sugary and 


starchy foods that they can ferment for food, is a recipe for disaster. You 
need sugar-free healthy foods. 


Keeping off ALL sugary and starch foods is tough. But you can take 
prebiotics, including galactooligosaccharides from human breast milk. Not for 
everybody but at least the conventional doctors have access to it. Mixing pre- 
biotics and probiotics like this is called synbiotics (syn- just means coming 
together, as in synthesize). 


If you are not in a doctor’s program for synbiotics, you need to consider rice 
bran and Inuflora, from the jerusalem artichoke. These are fiber products 
and provide a matrix in which the probiotics can establish themselves. One is 
soluble and one insoluble and the balance between the two makes an ideal, 
relatively inexpensive and natural substitute for fancy oligosaccharides. 
There is the additional benefit of binding heavy metal complexes, when these 
are excreted into the gut via the hepato-biliary axis (liver and gallbladder 
excretion route). 

Of course you probably know that holding yeasts, ferments and fungals 

in check is also a matter of avoiding dietary sugar, which feeds these 
organisms. Also the avoidance of all dietary fermented products will help, 
notably cheese, mushrooms, bread and so on. 

So, you see, we’ve gone way beyond just adding yoghourt to our diets! 

To summarize: 

Bad foods (avoid): 

e Yeasty, starchy, sugary, all artificial foods 

e Limit fruits (sugar and fructose) 


e Yoghourt preparations that have been sweetened for taste (rather defeats 
the purpose) 


Good foods (eat plenty): 


° Rice bran 
° Inuflora. Jerusalem artichoke 
e Any and all fiber vegetables, legumes and salad foods 


If you Google “Inuflora” you will find scores of references and places where 
you can buy online. 


This Is So Good The Veterinarians Are Onto 
its 


Presenting his work at a Society for General Microbiology meeting in the 

UK on 2 April, 2009, Colin Hill of University College Cork described how his 
team had used three animal models of disease that had human counterparts 
— bovine mastitis, porcine salmonellosis (a gastrointestinal disease) and 
listeriosis in mice (an often fatal form of food poisoning) — to demonstrate 
the protective effects of probiotics. 


The researchers used their own probiotic preparations containing safe 
bacteria such as Lactobacillus species newly isolated from human volunteers. 
Hill said that in all three animal diseases, the research group observed a 
positive effect, in that the animals were “significantly protected” against 
infection. 


The team also used probiotics to control disease in animals that were already 
infected. The results of these tests, said Hill, showed that administering 
these safe bacteria to an infected animal was as effective as the best 
available antibiotic therapies in eliminating the infectious agent and resolving 
the symptoms. 


In each instance the protection was linked to a particular bacterial species, 
and the mechanism of action varied from direct antagonism, where the 
probiotic directly kills the pathogenic bacteria, to effects mediated by the 
host immune system. 


For example, Lactobacillus salivarius UCC118 protected mice against 
listeriosis (a disease which can affect pregnant women) by producing an 
antimicrobial peptide that eliminates Listeria monocytogenes, the causative 
organism of Listeria. 





Probiotics directly help the effects of 
antibiotics! 


It gets better! 


Helicobacter pylori is present in about 25% of patients treated for gastritis 
or peptic ulcer disease (many now consider this microbe to be the “cause” 
of peptic ulcers). Standard treatment with two antibiotics (clarithromycin 
plus amoxicillin) and a fancy drug called a “proton pump inhibitor” 
(esomeprazole) failed to eradicate the troublesome microbe. 


But when a team from the University of Pisa in Italy added supplementation 
with probiotics (lactobacillus etc.), the cure rate was boosted and side effects 
reduced (less nausea, diarrhea, metallic taste in the mouth, inflamed tongue, 
and abdominal pain). 


So now scientists think all 5 together are great. 


You know what the joke is? If they just gave the probiotics they would work 
as well as or better than all the other drugs put together. And without any 
side effects. Duh! 


[Am J Gastroenterol. 2007; 102:951-956] 


How To Take Probiotics 


Forget the cheery TV ads with celebrity backing. Most commercial gut flora 
yoghurt products are of little value. They come with sugar! The bacteria are 
usually dead. 


You need a good source of HUMAN strain lactobacillus. But also 
Bifidobacteria, which is normally the most common friendly organism in our 
gut, should be in the supplement as well. 


Even then, the probiotic is not bound to establish itself successfully in our 
gut, so be very selective about what product you choose. 


Beware of the tablet delivery. Most of those contain only crushed (dead) 
bacilli, no matter what claims of bacteria count! Capsules or liquid 
presentation are the safest. 





Human Probiotic Therapy 


(Faecal Transplants) 


Are you ready for this? One of the ultimate ways to enhance bowel flora is to 
transplant faecal matter form healthy people into those who are sick and in 
danger. 


Thye Yuck! factor is high but it does work and is practiced in many orthodox 
medical facilities around the world. In Sweden, human faecal transplants are 
the treatment of choice of life-threatening membranous ulcertaive colitis, 

a diosease typically caused by overuse and abuse of antibiotics, leading to 
overgrowth of Clostridium difficile. It is often fatal. 


In fact the faeces are administered either via a nasogastric tube, straight into 
the stomach, or via an enema. The latter is surely to be preferred, since the 
colon is where these probiotic bacteria belong. 


Of course there are precautions, like testing the “donor” for other pathogens 
and parasites, HIV and hepatitis. 


Family members are preferred as donors, since we share about 80% of the 
bacteria colonists in the gut with our mother and siblings. But anyone can be 
a donor, provided he or she is healthy. Donors usually provide faecal material 
for free (well, you could hardly charge for it, come now!) 


So what has all this to do with Clostridium difficile? This is a pretty toxic 
organism, as are most Clostridia species. But it’s not native to our gut. It 
only takes hold when overuse of antibiotics have displaced the good guys. So 
it’S a man-made complaint. 


When healthy human gut flora is ploughed back, so to speak, C. difficile is 
squeezed out, exactly as we explain probiotics working. And before you ask: 
yoghourt won’t work. This is a killer bug. 


But faecal transplants seem to work very well indeed: close on 100% success 
in fact. People stretchered into hospital at death’s door make a remarkable 
recovery, often in as little as 48 hours! That’s amazing. It does suggest that 
the mechanism is specific toxins produced by friendly bacteria from a healthy 
gut being able to kill the C. difficile pretty quickly. 


One study even resorted to my jokey approach and was titled: 


Bacteriotherapy using gut flora: toying with human motions” [Journal of 
Clinical Gastroenterology, vol. 38, p. 475]. 


However some 200 or so other studies were more serious. 


One by Borody and colleagues details 6 cases of severe chronic ulcerative 
colitis treated using faecal bacteriotherapy. Complete reversal of symptoms 
was achieved in all patients in just 4 months, by which time all colitis 
medications had been discontinued as unnecessary /[Borody T, Warren E, Leis 
S, Surace R, Ashman O (2003). “Treatment of ulcerative colitis using fecal 
bacteriotherapy.”. J Clin Gastroenterol 37 (1): 42-7]. 


Bacteriophages 


Phage - means eating in science. Esophag(e)us, the gullet, is the same 
word in a different form and phagocytes (“cell eaters”) are immune cells that 
gobble up bacteria and viruses. 


A bacteriophage is any one of a number of viruses that infect bacteria. 
Bacteriophages, or “phages” for short are viruses that invade only bacterial 
cells where they take over the genetic code and release more phages. When 
the bacterium dies, it releases these new phages and so they grow on and 
on. They can wipe out bacteria in no time. 


Phages are estimated to be the most widely distributed and diverse entities 
in the biosphere. These ubiquitous organelles can be found in all reservoirs 
populated by bacterial hosts, such as soil or the intestines of animals. One of 
the densest natural sources for phages and other viruses is sea water and up 
to 70% of marine bacteria may be infected by phages. 


You can find out more by visiting http://www.phage.org, which defaults to 
the Mansfield Ohio State University website. 


A Historical Note 


Following the discovery of bacteriophages by Frederick Twort and Felix 
d’Hérelle early in the 20th C, phage therapy was immediately recognized by 
many to be a key way forward for the eradication of bacterial infections. 


Phages have since been used for over 60 years as an alternative to 
antibiotics in the former Soviet Union and Eastern Europe. In the USA during 
the 1940s, commercialization of phage therapy was undertaken by the large 
pharmaceutical company, Eli Lilly. 


Whilst knowledge was being accumulated regarding the biology of phages 
and how to use phage cocktails correctly, early uses of phage therapy were 
often unreliable. 

Unfortunately, when antibiotics were discovered and marketed widely in the 
USA and Europe, Western scientists mostly lost interest in further use and 
study of phage therapy for some time. But research continued in Russia and 
the Eastern Bloc. 


I was taught about phages in med school in the early 1960s; then they 
seemed to disappear from view. 


Phages are now making a comeback. They are seen as a possible therapy 
against multi drug resistant strains of many bacteria. 


Pros and Cons Of Phage Therapy 


There are some very important benefits with phage therapy. There are also 
some drawbacks. 


Important benefits of phage therapy: 

e Specific to the bacteria so it doesn’t wipe out gut flora 
e Harmless to the host 

e Few side effects and do not stress the liver 


e Only needs one dose because they replicate 


Disadvantage: 


e Will only kill the exact bacterium so needs a cocktail approach for multiple 
infections. 
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Biofilm, no not a Bond movie 


Pseudomonas aeruginosa—which can cause a number of unpleasant and 
highly intractable infections, notably of the genito-urinary tract, but also ear 
infections—is particularly hard to treat because it typically wraps itself in a 
biofilm - a layer of sugars and proteins that make it up to 1000 times more 
resistant to antibiotics as a non-biofilm from the same species. 


Now it has been found that a single dose of a phage called Biophage-PA, 
selectively attacks P. aeruginosa, breaks down the biofilm, and destroys 
the bacteria. It has been used successfully to treat long-term sufferers of 
antibiotic-resistant ear infections. Andrew Wright from University College 
London Ear Institute and colleagues studied 24 people with severe ear 
infections (Clinical Otolaryngology, accepted for publication). Half the 
volunteers were given Biophage-PA and the rest received a placebo. 


Pain, pus secretion and inflammation were reduced in both groups, but 
the relief was double in the group on the treatment. The number of target 
bacteria in the ear was significantly reduced in the phage-treated group, 
while there was no significant reduction in the placebo group. 


By the end of the six-week trial, three patients on the phage were clear of 
infection. Big promise there! 


One of the important advantages of phage treatment is that it only takes one 
dose; this gets round the problem that patients often forget to complete their 
course of antibiotics, thus inviting resistance. 


Of course it is entirely possible that bacteria might evolve resistance to 
phages too. It might almost be predicted. But so far it isn’t documented. 





4 Homeopathy 


Now a New Science Altogether 


Now, pay close attention, because this section will probably save more lives 
than any other in this report. I’m going to briefly describe homoeopathy, and 
explain why it is a wonderful, effective and safe approach to dealing with 
infections of all kinds (not just bacterial). 


Homoeopathy has been around over two centuries, predates the vaccination 
and has demonstrated its effectiveness against countless infectious diseases 
and epidemics. In epidemics of the past, people who took homeopathy often 
survived unscathed, while others died in significant numbers. Yet, you will 
still hear it maligned and most conventional doctors and a pseudo-scientists 
claimed that it’s been “proven not to work”. 


This is nonsensical logic. You cannot, logically and scientifically, prove 
something doesn’t work! You can only fail to prove that it does work! 


In fact detractors and bigots simply ignore the volumes of scientific evidence 
that homoeopathy works. Criticisms come from ignorant, mis-informed 
critics. 


For example I always quote a major study reported in the prestigious journal 
The Lancet, [Lancet Dec 10, 1994:344, p 1585]. It caused a great deal of 
controversy and the then editor took the unusual step of mocking it in an 
editorial. But he did have the decency to admit the trials were done to a very 
vigorous standard (most drugs trials find their way to publications with far 
inferior standards). 


Because he had to admit that using a double-blind randomized trial clearly 
showed that homeopathy worked, he wrote in his editorial: 


“,.. we must ask if the technique of randomized controlled trials is 
fundamentally flawed, and capable of producing evidence for effects that do 
not exist, by, for example, the effects of clinicians’ expectations of outcome 
transmitting by subtle effects that circumvent double blinding?” (Lancet 
1994; 344;1601- 06) I regard this as the worst kind of bigotry. Instead of 
drawing the conclusion that homeopathy is indeed highly effective, he dared 
to suggest that randomized double-blind studies, the benchmark of medical 
science, maybe didn’t really work! 








Well, in reading this I know you are not too swayed by conventional rhetoric. 
Nevertheless, I urge that you do not permit this crass ignorance to enter 
your thinking. To go along with it could some day save your life. 


If you trust your author, let me assure you that homeopathy works and 

it will save innumerable lives in a pandemic. As I indicated in an earlier 
section, I relied on it entirely when I lived in a malarious zone for 2 years. I 
took no prophylactic. I simply took a few doses of homeopathic anti-malaria 
preparation and then after a few weeks didn’t even continue. I was bitten 
many times a day by mosquitoes but remained quite healthy. 


Dana Ullman has done a great job of compiling lots of science papers 
showing uncontrovertibly that homeopathy does work. You can read her 
findings here: 


http://www.homeopathic.com/articles/view,132 [DANA ULLMAN, MPH, is one 
of America’s leading advocates for homeopathy. He has authored 10 books, 
including The Homeopathic Revolution: Why Famous People and Cultural 
Heroes Choose Homeopathy, Homeopathy A-Z, The Consumer’s Guide to 
Homeopathy, Homeopathic Medicines for Children and Infants, Discovering 
Homeopathy, and (the best-selling) Everybody’s Guide to Homeopathic 
Medicines, with co-author Stephen Cummings, MD]. 


Background 


Homeopathy is a discipline developed during the 1790s entirely by one 

man: Samuel Hahnemann, a German physician. Experimenting on himself 
with the anti-malarial drug quinine, Hahnemann noticed that large doses 

of the medicine actually caused malaria-like symptoms, while smaller 

doses cured the symptoms. From this, he advanced his concept of Similia 
similibus curentur, or “let like be cured with like.” Hahnemann then 
developed an extensive system of medicine based on this concept. He named 
it homeopathy, from the Greek words homoios (the same) and pathos 
(suffering). 


As the homeopathic healing system grew in popularity during the 1800s, 

it quickly attracted vehement opposition from the medical and apothecary 
professions. Since the early 1900s, when the American Medical Association 
and pharmacists waged a battle against it, homeopathy has been neglected 
and sometimes ridiculed by mainstream medicine. 





Proponents of homeopathy over the years have included Louisa May Alcott, 
Charles Dickens, Benjamin Disraeli, Johann Wolfgang Goethe, Nathaniel 
Hawthorne, William James, Henry Wadsworth Longfellow, Pope Pius X, 

John D. Rockefeller, Harriet Beecher Stowe, William Thackeray, Daniel 
Webster, and W. B. Yeats. England’s royal family has employed homeopathic 
practitioners since the 1830s /Source: About.com]. 


The only problem with this wonderful, gentle therapy, is that it takes some 
skill to administer. I hope, if there is a pandemic scare, or if you developed a 
drug-resistant strain of bacteria, you can get advice from someone properly 
trained. 


Before you ask, Homeopathic Medicines are generally regarded as safe by 
the FDA (GRAS). 


Homeopathy in 3 bullet points 


Homeopathic remedies are almost always made from natural materials— 
plant, animal, or mineral substances or even venom from snakes or stinging 
insects. Some remedies may be given in a spray, ointment, or cream, but the 
most common forms of administration are liquid dilutions or dropped onto 
tablets or tiny pillules. 


Here are the key points in how the preparations are made. 


1. The key principle is “like treats like”. A remedy which mimics the disease 
is chosen = similimum. This is the origin of the name “homo-“ means: 
same as. It’s completely different to the conventional idea of fighting and 
suppressing the symptoms. 


2. The remedy diluted many times: 10x10x10 (the X series, for example, 
10X) or 100x100x100x100 etc (the C series eg. C30). Note that in Europe 
the X series is usually named D (for decimal), such as D8. Because this 
process makes the remedy work more effectively, it’s called potentization. 


3. After each dilution, the bottle is shaken or succussed as it’s called. 


The part that drives conventional thinkers crazy is the idea that diluting 
something makes it more effective. They “know” that diluting only makes it 
weaker. In fact they get very angry about the fact that most dilutions are so 
high that there cannot be even one single molecule of the original substance 
left in the remedy bottle. 


But that’s because they are bound by ridiculously constraints to their ideas 
and beliefs, which is that the only valid model is biochemical. In other words 
it needs “stuff” present to make it work. 


The real nature of homeopathy seems to be acting as a signal to transfer a 
“message”. This message can be passed onto the next solution and the next, 
no matter how many times the dilution process takes place. 


I haven’t time here to go into the whole science of homeopathy but let 
me offer you an illustration (overleaf), showing a spectrographic study of 
increasing dilutions of a remedy called belladonna. It should be a kind of 
“proof” to encourage you. 


Read from the bottom up. The first solution is what we call the mother 
tincture (1:250). Each 
step in dilution, D1, 
D6, D12 and so on are 
progressive dilutions of 
this tincture, in the 10X D2 Airopa Belladonna 
sequence (decimal, hence 
D). 


In this chart, any spikes 
above the horizontal line 
means that the belladonna 
solution is actually 
transmitting electro- 
magnetic energies (like D 12 Atrona Betiadonna 
radio or light waves). 

You will see that by D200 
(diluting one drop to 

ten drops, repeated 200 
times) the spikes are at D 6 Atropa Betiadonna 
their strongest. 
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Need I say more? 








Homoepathy In Acute Infections 


Much homeopathy is directed towards lifting chronic or inherited disease 
traits. It requires what is called constitutional prescribing, meaning taking 
the person whole physical make up and psychological character into the 
equation. Treatment is NEVER directed towards symptoms but towards 
changing the individual’s make up or “constitution” and driving out disease 
tendency. 


Prescribing for acute illnesses is rather different. Symptoms may be 
considered in their own right. 


Homeopaths classify symptoms according to a hierarchy of four categories 
for purposes of acute prescribing: 


° Peculiar symptoms. These are symptoms unique to the individual that 
do not occur in most persons with the acute disease. Homeopaths make note 
of peculiar symptoms because they often help to determine the remedy. 


° Mental and emotional symptoms. These are important general 
symptoms that inform the homeopath about the patient’s total experience of 
the disorder. 


e Other general symptoms. These are physical symptoms felt throughout 
the patient’s body, such as tiredness, changes in appetite, or restlessness. 


° Particular symptoms. Particular symptoms are localized in the body; 
they include such symptoms as nausea, skin rashes, headache, etc. 


During homeopathic case-taking, the practitioner will evaluate the intensity 
of the patient’s symptoms, assess their depth within the patient’s body, note 
any peculiar symptoms, evaluate the modalities of each symptom, and make 
a list of key symptoms to guide the selection of the proper medicine. 


Medicines (called “remedies”) can be general (against any infection) or 
specific for that disease. 





General Remedies To Look Out For 


Aconitum napellus: This remedy is often indicated when fever and 
inflammation come on suddenly, sometimes after exposure to wind and cold, 
or after a traumatic experience. The person may be very thirsty and often 
feels fearful or anxious. 


Belladonna: Intense heat, redness, swelling, throbbing, and pulsation 
indicate a need for this remedy. The person’s face may be flushed and hot 
(though hands and feet may be cold) and the eyes are often sensitive to 
light. Thirst may be lower than expected during fever. Discomfort is worse 
from motion or jarring, and relieved by cold applications. This was the classic 
remedy for scarlet fever. 


Ferrum phosphoricum: This remedy is indicated in the early stages of 
many inflammations. Taken at the very first sign of a cold or sore throat, 

it often helps a person throw the infection off and not get ill. Fever, pink- 
flushed cheeks, a general weariness, thirst, and moderate pain and swelling 
are typical symptoms suggesting Ferrum phos in illness or infection. 


Bryonia: Feeling worse from even the slightest motion is a strong indication 
for this remedy. When ill, the person wants to stay completely still—to be left 
alone and not interfered with in any way. Fever with chills, a very dry mouth, 
and thirst are also likely. Tearing pains that feel worse from any motion, but 

improve from pressure if it adds stability, may accompany local infections. 


Calcarea carbonica: People who need this remedy tire easily and have low 
stamina. They tend to feel chilly and sluggish, with clammy hands and feet 
(though their feet may heat up in bed at night, and their heads may perspire 
during sleep). Swollen lymph nodes, frequent colds, sore throats, ear 
infections, and skin eruptions are common. Children who need this remedy 
are often slow to walk and may have teething problems, frequent colds, and 
ear infections. 


Hepar sulphuris calcareum: A person who needs this remedy feels 
extremely sensitive and vulnerable when ill, especially if exposed to cold or 
drafts. Ear infections, sore throats, sinusitis, bronchitis, and skin eruptions 
are often seen, and cheesy-smelling discharge or offensive pus may be 
produced. Areas of inflammation can be very sore and sensitive, and splinter- 
like pains are often felt (in the tonsils when swallowing, in a boil when the 
skin is touched, etc.). 


Silica: A person who needs this remedy can be sensitive and nervous, with 
low stamina and poor resistance to infection—leading to swollen lymph 


nodes, frequent colds, sore throats, tonsillitis, sinusitis, bronchitis, and other 
illnesses. Boils, easy infection of wounds, and abscessed teeth are often 
seen. Although very chilly in general, the person often perspires during 
sleep. Offensive foot sweat with an inclination toward fungal infections is also 
common. 


Mercurius solubilis: This remedy is needed when a person has swollen 
lymph nodes, offensive breath, and is extremely sensitive to any change in 
temperature. A tendency toward night sweats and profuse salivation during 
sleep are other indications. Infections of the gums, ears, sinuses, throat, and 
skin often respond to this remedy when the other symptoms fit. 


Sulphur: This remedy is useful in many kinds of infection characterized by 
irritation, burning pain, redness of mucous membranes, and offensive odors 
and discharges. Skin problems are very common—eczema, acne, boils, 
lymphangitis, and inflammations on or around the genitals. Symptoms are 
often worse from warmth and worse after bathing. Colds, bronchitis, and 
other illnesses that have been neglected, or infections that drag on for a very 
long time, may be helped with this remedy. 


Specific Remedies Or Nosodes 


Another approach entirely is to use disease pathogen of diseased tissues as a 
remedy. Remember, it will be diluted many times and so quite harmless. So 
hoemopathically-potentized malaria can be used as an anti-malaria remedy 
and that’s what I referred to earlier. I took it in Sri Lanka. 


The use of actual disease substances we call a “nosode”. Nosodes exist for 
TB, cancer, rubella, ‘flu, Streptococcus and Staphylococcus, to name just a 
few. 


A nosode can act like a vaccine and be used as a preventative. In fact 
Samuel Hahnemann should be credited with the development of vaccination, 
not Edward Jenner (but try telling that to orthodox doctors!) 


Nosodes are really only available through a homeopathic prescriber. In the 
event of an epidemic or pandemic, I expect supplies will be limited. 


But if you are OK ordering online, you can get ANYTHING homeopathic 


from India, where homeopathy is huge. That’s thanks to the former ruler 
of Punjab, Maharaja Ranjit SinghMaharaja, who espoused it in 1830. It 


worked for him and he spent some of his fabulous fortune disseminating it 
throughout India (which included Pakistan at that time). 


Every major city in India has pharmacies dispensing homeopathy medicine. 
Many states in India also have homeopathy colleges teaching this type 

of alternative medicine to prospective students. Currently there are 186 
homeopathic medical colleges in India. 


The Indian government created the Central Council Of Homeopathy which 
requires uniform education at the graduate level and diploma level in 
homeopathy. This has lead to standardized practice in India preventing 
unqualified homeopaths to prescribe medicine and treatments. Currently, 
there are over 300,000 homeopathic doctors practicing medicine in India. 


Just to finish, if you have not heard the term “allopathic”, it means 
conventional medicine. It comes from the Latin alli- meaning “other” (same 
word as AL-ternative). So it’s the direct opposite of treating like with like. 
Allopathic medicine fights against a condition, trying to suppress it, rather 
than working along with it, to bring it to a close. 
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4 Homotoxicology 
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Also know as comlex homeopathy and 

German homeopathy. 


A similar and closely related discipline is that of homotoxicology, sometimes 
called “complex homeopathy”. It’s also sometimes called “German 
homeopathy”, since around 40% of German MDs use it regularly. But I think 
that’s confusing, because Hahnemann was German so both methods are 
really “German homeopathy”. 


Complex doesn’t really mean convoluted and difficult; it seems means by the 
use of mixtures and formuals, instead of single pure substances. 


In fact complex homeopathy, as it is practiced today, was largely developed 
by another German doctor Hans-Heinrich Reckweg. He sold out his company 
in Baden-Baden and re-started in Albuqueque, New Mexico, so you have it in 
the US too. It’s called HEEL (short for herba est ex luce, or plants are from 
light). 


Complex homeopathy, as its name suggests, uses compound solutions; 
mixes of different remedies. This is anathema to classic homeopaths, who 
insist that Hahnemann described a science based on one remedy, one 
disease, at one time (they just ignore the fact that even Hahnemann later 
experimented with mixes. 


Different formulations 


Because of the very nature of homeopathy, mixtures can take two forms: 
mixtures of different substances or mixtures of the same substance only but 
at different potencies or dilutions. The latter we call a chord (like in music, 
several notes sounding at once). 


But there are other, more subtle differences too. In complex homeopathy we 
tend to use lower (not so extreme) dilutions. Thus D4, D6 and D10 are often 
encountered; D30, D60 and D200 are also encountered a lot. Whereas a 
classic homeopath works more in dilutions (potencies) of C12 and upwards to 
1M and 2M. M means a 1:100 dilution, repeated 1,000 times. 
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Can Humans Breathe Liquid? 





In classical homeopathy, the teaching is that as soon as you get a result, 
you stop the medication and leave the recovery process to run un-aided. 

A complex homeopathy prescriber would tend to smile with satisfaction 

and write the patient up for another week or two! Then, as well as the 
scandal of using more than one substance at a time in a mixture, a complex 
homeopathy prescriber might also use more than one mixture at a time! 


This is typical where we would add what’s called a “drainage remedy”. This 
is to increase removal of toxins which accrue in an illness, especially when 
being treated effectively. As the pathogens are destroyed, the body may 
reach an overload state, due to its inability to remove resulting toxins fast 
enough. Drainage remedies stimulate that process and so make sense. 


Here an example of a complex homeopathic remedy (Lymphomyosot) and 
what it contains and simplified notes on what each is for: 


Geranium robertianum 4X, diarrhea, painful urination, ulcerations 
Nasturtium aquaticum (watercress) 4X, liver and gall bladder, mouth 
ulcers Ferrum iodatum 12X, scrofula (TB), glandular swelling Myosotis 
arvensis 3X, chronic bronchitis 

Scrophularia nodosa (knotted figwort) 3X, inflammation and swelling 
of lymph glands and breast, eczema Teucrium scorodonia (germander) 
3X, chronic rhinitis, bronchitis, tuberculosis 


Veronica officinalis (speedwell) 3X, chronic bronchitis, cystitis, 
dermatosis 


Equisetum hyemale (horsetail) 4X, cystitis, kidney stones 
Fumaria officinalis (fumitory) 4X, blood purifier, excess toxin levels 


Natrium sulphuricum 4X, liver problems, gastroenteritis, asthma Pinus 
sylvestris (Scots pine) 4X, rickets, bronchitis, scrofula 


Gentiana lutea (yellow gentian) 5X, chronic gastritis, flatulence and 
diarrhea. 


Aranea diadema (spider orchid) 6X, exudations, worse in wet and cold 


Sarsaparilla 6X, herpes, painful urination, cystitis and kidney 
inflammation 


Calcarea phosphorica 12X, gastroenteritis, rickets 


Note some similarities with herbal preparations. 


What To Take 


Complex homoepathy prescribing is a complex art in itself. I cannot do 
more than give an outline here. However it’s definitely the one for home 
prescribing. There are four main reason why it is good for the layman to use: 


1. It’s safe, you can’t mess up. 
2. Reactions are milder, it’s hard to overdo it! 
3. The very nature of a mixture means something should hit the target! 


4. The names often help with knowing what to choose (no such help in 
classic homeopathy). 


Here are some suggestions what to do for a severe 
infection. 


Engystol N (HEEL). Great for boosting defence mechanisms and increasing 
resistance to infections of all kinds, especially viral infections. Good 

for pneumonia, bronchitis, rhinitis and hepatitis. It’s also good after 
vaccinations, to prevent adverse after effects. 


Echinacea compositum 


I have already remarked I wouldn’t put much faith in just Echincaea for my 
family. But this Echinacea compositum (complex) is brilliant! 


Euphorbium Compositum Spray 
Great for nasal, sinus and pharygeal infections. 


Galium-Heel is a non-specific drainage remedy, perhaps more suitable for 
chronic conditions. 


Gripp-Heel. This is the one you want in a swine flu or bird flu pandemic. 
Grippe is the French word for influenza. It contains Aconite (shock and chills, 
which is the onset of most infectious diseases); Bryonia (inflammation of 
mucus membranes and cough); Lachesis (bushmaster snake), worsening 
condition and congestive bronchitis; Eupatorium, influenza with excruciating 
pains; and Phosphorus, bronchopneumonia and laryngitis, with hoarseness. 


Lymphomyosot. Chronic and repeated tonsillitis and lymph gland swellings. 


Tonsilla compositum. This is one of my favorites for stimulating the 
immune system. It has no less than 29 logical ingredients and increases 
body defences in all ways, but especially the lymphatic system. It goes to 
chills, bronchitis, emphysema, abcesses, suppurating wounds, gingivitis, as 
well as the obvious sore throats and tonsillitis. 


There are many other compounds which can be called into action by the 
experienced and knowledgeable prescriber. It takes years to learn the full 
repertoire of this kind of prescribing. 


But here is information enough to get you started on searching and, 
hopefully, to give you confidence that here is a wonderful, safe and 
gentle approach to healing. No matter how it is mocked and despised by 


conventional colleagues who only prescribe poisonous drugs as a “cure”, trust 
me, complex homeopathy works! 


Where To Buy 


HEEL have distributors and outlets in many parts for the world, from 
Colombia to Bielorus! For the UK and several other centers, contact my 
good friend Roger Wilson via his website, http://www. biopathica.co.uk (or 
biopathica.com). 


HEEL’s headquarters are in Germany: Dr.-Reckeweg-Str. 2-4 D-76532 Baden- 
Baden or: 


P.O. Box 100349 D-76484 Baden-Baden Phone: +49 72 21 50 10 O E-Mail: 
info@heel.de Web: http://www.heel.de 


HEEL USA (www.heelusa.com) is related by the Reckeweg range of products 
but is a separate corporate entity to the original HEEL. 


There are several other very good complex homeopathic pharmacy suppliers: 
Deseret Biologicals in Sandy, Utah. 


Deseret Biologicals are now working with Bruce Shelton MD, former US 
advisor to HEEL. 469 West Parkland Drive Sandy, UT 84070-6403 


phone: 801-563-7448 fax: 801-563-7455 orders: 800-827-9529 


Pascoe. Not so much for otc remedies or direct mail but you will recognize 
these products from certain prescribers. [http://www.pascoe-global.com/ 
sites/content/e7639/e16201/index_ eng.html] 
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Tissue Salts 





Also known as Schussler Salts 


Biochemic tissue salts were developed as homeopathic remedies by Samuel 
Hahnemann, and further investigated by Dr Wilhelm Heinrich Schuessler in 
the late nineteenth century. They are remedies based on the inorganic salts 
and are intended to increase the body’s ability to absorb and use the mineral 
salts found in a person’s everyday diet in order to maintain or restore good 
health. 


According to Schuessler, illnesses arise when there is an imbalance or 
deficiency of these minerals in the body - when they are not in the right 
place at the right time, in other words. Schuessler salts, which he called 
‘means of functioning,’ are meant to redress the imbalance. Schuessler 
himself worked with 12 salts. His successors added 12 more. 


Modern Tablet Form 


Biochemic tissue salts are available in tablet form similar to that of 

most homeopathic remedies. They are made up of the salt ground with 
lactose powder (a process called trituration) in a ratio of 1:9, and then 
further diluted six times at a 1:9 ratio so the final product is a 1,000,000 

to 1 dilution. These tablets then dissolve on the tongue. They are both 
individually available as one kind of salt, or come in combinations to address 
particular illnesses or ailments. There are no known side-effects, and taking 
them in excess will not result in overdose as biochemic tissue salts occur 
naturally in the body. Waste will be excreted. 


We don’t need all the Schuessler salts here but two are useful for infections: 


Ferrum Phosphate (ferrum phos) D1i2 or 12X: great for acute infections, the 
quicker you nip them in the bud, the better. 


Kali Muriaticum/ Potassium Chloride (kali mur) D6 or 6X: the second good 
infection remedy, can be taken alternately with Ferr Phos. 





The Russian 


SCENAR 


I strongly recommend every home have 

a SCENAR in the medicine cabinet. I have 
seen this amazing device blow away serious 
infections in a day or less. 





Actually, the SCENAR is a whole family of 
machines developed in Russia and I predict 
they will completely change the face of 
medicine in the next 20 years. They are fast, 
portable, cheap and effective against almost 
any condition, from treating sports injuries, 
strokes, angina, acute infections, back pains 
and irritable bowel disease (as well as pre-menstrual tension and post- 
surgical complications) and even defibrillating hearts! 





The promise of a small hand-held device that is capable of curing most 
illness, such as was portrayed in the cult 1970s TV series “STAR TREK”, 

has become a reality. The device weighs around 300 gm, resembles a TV 
remote control and is powered by an ordinary 9v. battery. It is placed on 

the skin of the chest, head, abdomen or any diseased part, where it collects 
electromagnetic signals. These are then modulated according to the on-board 
software programme and played back to the tissues. 


Essentially, SCENAR is using the patient’s own endogenous signals on a 
cybernetic feedback basis, scanning and re-transmitting many times a 
second. As described to me, the device ‘evolves’ a new signal pattern for the 
disordered tissues, the machine literally entering into an information dialogue 
with the body. New frequencies and energy patterns are established, which in 
turn become fresh input signals, to be further modified, and so on. 


This output-equals-new- input is much the way that fractals are generated 
and thus, biologically-speaking, we seem to be on good ground here. On 
the premise that disease signals are generally fixed and unnatural, anything 
which breaks up the existing order has the capability of disease-busting. 


SCENAR casebook from Dr Keith MD (quoted in my book “Virtual 
Medicine”). 


Male, 69 years old. This man who was a gardener by profession had chronic 
suppurating osteomyelitis of the foot (deep bone infection) which could not 


be controlled. He was scheduled for an amputation of the lower leg in four 
days time, largely due to intractable pain. Someone decided to try a SCENAR 
device on him. It was run over the affected limb for about 30 minutes. Next 
day, the pain had vanished for the first time in 8 months. Later that day 
another 30-minute treatment was given. 


By next morning the recovery was so dramatic the amputation was called off. 
A third treatment was given and seven days after the first SCENAR this man 
was back at work, digging in the garden. His leg has completely recovered. 


Clinical Aspects 


The device is very safe; the impulse times are very short. No pain is felt 
but the patient is usually aware of a tingling sensation while it works. 

The practitioner seeks for what the Russians term asymmetry, meaning 
something different about the tissue characteristics in the vicinity. There are 
five main criteria: discolouration (reddening or pallor) sensation (numbness 
or hyper-aesthesia) stickiness’ in which the machine drags with a magnet- 
like quality as it is drawn over certain tracts of the skin sound changes (the 
machine begins to chatter electronically as it hits certain zones) change in 
numerical output display. 


Even though it may not coincide with the obvious area of symptoms or 
pathology, the important point is to treat the asymmetry. For reasons we do 
not fully understand, when this is eliminated, recovery will rapidly follow. 


Couldn’t resist reporting just a simple application... My lovely wife Vivien 

was working in Los Angeles (she’s a fashion designer). She had a respiratory 
infection and felt rough enough for antibiotics. However she was still 
suffering when she came home Friday night. I broke out the SCENAR and ran 
it over her chest and back. Within 5 minutes there was what the Russians 
called an “asymmetry”: on the left side there was pain under the tip of the 
scapula and over the pecs at the front. We worked this for about 10 minutes. 


That’s all! She reported feeling tons better. All night she didn’t cough 
and woke feeling much better. Who needs antibiotics or even herbs and 
homeopathy when you have a SCENAR! 


You can find out more about this device in my book “Virtual Medicine”. Get it 
here: 


http://www.alternative-doctor.com/scenar/ 


UV Light As An 


PoVebaleliebare 


Back when (in the days before antibiotics) there were many treatments 
which worked for infections. One almost lost technique was the use of Ultra 
Violet Light irradiation of the blood to kill pathogens and even cancer cells. 





This is a version of what we technically call plasmapheresis or, in Europe 
“auto sanguis” therapy (meaning “own blood” therapy). 


You can do a number of things to blood while it is outside the body that you 
could not do while it is inside... For example, you can expose it to ozone and 
so enrich it with oxygen. A high local concentration of oxygen is known to 
provide a hostile environment for cancer cells. Some deadly organisms, too, 
like the gas gangrene bacteria (Clostridium welchii), are killed by a high- 
oxygen environment. Even viruses succumb. 


But here I am describing the use of ultra-violet light to treat infections. UV is 
accepted as a sterilizing agent; city water supply is treated with it; indeed, 
you may have a UV unit fitted to your spa or pool. There is no scientific 
argument over its cleansing capabilities. It zaps pathogens! 


It’s toxic to humans too (sunburn!) but that problem is solved by 
focusing the UV on blood which is OUTSIDE the body. We call this ultra- 
violet blood irradiation or UVBI for short. It’s also sometimes known as 
photoluminescence. 


The treated blood is returned to the body, where it spreads its good message 
throughout the tissues. Surprisingly, only about 5% of the total blood volume 
needs to be treated in this way. This small proportion spreads through the 
entire body and works its magic, in much the same way a therapeutic drug 
gets everywhere. 


UVBI kills viruses, parasites and bacteria and was popular in the 1930s for 
polio and other viral infections. The reason is simple enough: it works! But 
then it became unpopular, as it was gradually sidelined by mass vaccination 
programs, which were believed to work, despite evidence to the contrary. 
Finally, UV blood therapy fell into disrepute, except among dedicated holistic 
physicians. 


That’s a great pity because it is very safe (no side effects ever recorded, 
when used properly), highly effective and cheap to do. It’s so easy, as a 





matter of fact, that it’s something a lay persons, with the right equipment 
and clear instructions, can administer it to themselves. 


History 


Research into the use of UV light for therapy goes back as far as the 1870's. 
Niels Ryberg Finsen won the Nobel Peace Prize for “Physiology of Medicine” in 
1903 for his UV treatments of 300 people suffering from Lupus in Denmark. 


One of the early pioneers of UVBI was Kurt Naswitis, who directly irradiated 
the blood with UV light through a shunt in 1922. 


Another pioneer of this treatment was Emmett K. Knott, who started up in 
1928. Dr. Virgil K. 


Hancock and Mr. Knott published the first article on the therapeutic efficacy 
of phototherapy in June of 1934. By June of 1942 they had treated 6,520 
patients with ultraviolet therapy. Their work was reported in the most 
prestigious medical journals. One respected physician of the time, Dr. 
Rebbeck, wrote in the early 1940s that Hancock and Knott “had in the 
irradiation of blood with ultraviolet spectral energy, a therapy of more 
pronounced value than any other method known to date.” During a 50-year 
period, doctors performed more than 300,000 clinical tests that repeatedly 
showed photoluminescence works and not a single patient was harmed. 


Factually, there are very few contraindications for UVBI and unsuitable 
patients are easily screened out: porphyria, hereditary metabolic disorders 
such as phenylketonuria, exeroderma pigmentosum, acute photodermatitis, 
and a hypersensitivity to sunlight or other forms of ultraviolet light are not 
suitable for UVBI. 


On September 11, 1928 Emmet K. Knott patented his device as a “Means 
for Treating Bloodstream Infections” and later he received another patent, in 
1943, which was slightly different. 


This is very fortunate for us today because the machine received an FDA 
“grandfather” status as a device that was sold and distributed in interstate 
commerce prior to 1976. 





Procedure 


If you are lucky enough to locate a practitioner who will do this for you, you 
will find it’s very quick and virtually painless. It takes about 20 minutes in 
total. 


A catheter is placed into one of the veins around the elbow (usually with 

a butterfly needle -- a small plastic catheter attached to a short needle). 
Drawn blood travels through a small glass chamber, called a cuvette, where 
it is exposed twice to ultraviolet light before getting re-introduced to the 
patient’s blood stream. 


Many patients feel significant improvements after just a few treatments. In 
severe cases, patients may require 10 or more treatments. But usually, 3 
to 5 treatments are sufficient. Even chronic, intractable problems will likely 
recover. 


What Conditions Can Be Benefited? 


Actually, a knowledgeable practitioner would probably say almost any non- 
optimum condition might respond, even cancer. Bear in mind my rubric that 
“Any good health measure is an anti-cancer measure.” 


Other conditions which may be significantly improved include: 
e Viral Infections 

e Candidiasis (fungal infections) 
e Bacterial Infections 

e Chronic Fatigue 

e Poor Oxygen 

e Blood Poisoning 

e Chronic infections (skin, etc.) 
e Colitis 

e Leg ulcers 

e Diabetes Complications 

e Poor Immune Function 





Animal familiarized itself with its new surroundings and started to 
breathe 


However, Deputy Prime Minister Dmitry Rogozin is planning to change the fact of being able to breathe 
underwater through his project on liquid breathing. The first test run has been quite a success: a 
Daschund was placed inside and special liquid-filled tank. While anyone with a brain would expect it to 
drown and die a slow and painful death, the animal familiarized itself with its new surroundings and 
started to breathe as if nothing had happened. 
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When the dog was removed from the liquid, the laboratory staff wiped it with a towel, and the head of 
the Serbian delegation saw that the dog was in a perfectly fine condition. To further prove his point, he 
stroked the dog and noted that he was very impressed with the experiment. 


DPrniact mananar Fadnar Arcaniaw an hohalf af tha Eniindatiann far adviancad ctiidiac hae hraiiaht iin tha 


UVBI or photoluminescence seems poised to make a come back. It is free 
of (legal) molestation by the FDA, though the FDA has scant regard for the 
niceties of law! 


But with the obvious dangers and lack of efficacy of vaccination; the 
development of dangerous antibiotic resistant species of bacteria; and with 
the difficulty eradicating many viruses, such as hepatitis and AIDS, it is 
good to know we have a PROVEN, safe, fast, cheap and effective alternative 
therapy. It won’t suit the mindless pill-pushers, who seem to have lost the 
true art of the healer. 
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The local application of low-level laser (cold 
laser) energy has been found to be effective 
in a variety of inflammatory conditions, 
including infections. Lasers produce coherent 
light, which is critical. Color light therapy is 
a different topic altogether. LED light sources 
are non-coherent. 


The 630- 640 nanometre wavelength (red) 
has considerable effect on the tissues, 
stimulating cell metabolism, decreasing 
inflammation and increasing endorphin 
release, which reduces pain. 





One other important consideration is the optimum power necessary for bio- 
stimulation. The Arndt-Schulz Law of photo-biological activity, essentially 
states that “less is more” when it comes to energy for improved cellular 
physiology. A good cold laser, such as the Erchonia cold laser provides the 
best wavelength (635 nm) for cellular physiology at very low energy (2-5 
mill Watts) to stimulate cells to function better. If the stimulation is too 
intense, there may actually be an inhibitory effect, or possibly degeneration 
or destruction of cells. 


The advantage of lasers, like the SCENAR is that they can be focused on 

the area of concern. There is no local thermal effect and no recovery time. 
Normal healing requires certain mediators to be released at the wound site. 
These cell mediators call inflammatory cells to the wound which clean up 
damaged tissues, fight bacteria, and stimulate specialized cells to grow to try 
to heal the zone of injury. The physiologic concept is that cold laser improves 
cellular metabolism and accelerates the process of healing to a more rapid 
and efficient state. 


Now it happens that 405 nm (violet) laser light works differently. It is 
soothing and calming. 


It helps the body fight infections at a deeper level and even seems to bring 
in an emotional response to healing. 


Stress, overwork, improper diet and the environment can all contribute to 
a toxic overload in the body which reduces the body's ability to maintain a 
healthy immune system. The immune system is the body’s defense against 
viruses, bacteria, molds, fungus and other opportunistic infections which 


would like to set up a “home” in your body. The laser can help detoxification 
protocols work faster and on a deeper cellular level. 


There are over 1500 published studies and not one of them mentions any 
negative side effects of semi-conductor diode lasers at the 5mW range, such 
as the Erchonia lasers. Cold lasers are safe, non-toxic and non-invasive - 
there have not been any recorded side effects in over 1500 publications. 
There are some necessary common sense precautions that need to be 
considered, such as avoiding pointing the laser beam directly into the eye 
and maintaining it there, which could prove to be damaging to the eye. 


Note: If you hear the term “scalar wave laser” run a mile. There is no such 
thing in the universe and it’s science baloney. Find a real science-grounded 
practitioner, not someone who speaks pseudo-quantum psychobabble. 








This is another device which should be in every 
home. Manufacturers claim it is the “world’s first 
compact disinfection light” and say the technology 
could be used for germ-busting in homes, schools 
and hospitals. 


The Nano-UV Portable Disinfection Light looks 
like a mobile phone but flips open to reveal an 
ultraviolet lamp. 


Those behind the product say it is certified to kill 
99.99 per cent of the potentially deadly HS5N1 
strain of avian flu in five seconds, and harmful 
bacteria, such as MRSA, E.coli and salmonella, in 
10 seconds. 





By using “multi-wavelength” UV technology, 
combining UVA, UVB and UVC rays, manufacturers say the light is more 
effective than standard UV disinfection products at killing the DNA of viruses, 
bacteria and fungi. 


The light has a sterilising effect when passed over objects like baby’s 
dummies, nappy changing tables, cutlery, toilet seats and towels. 


The Nano UV zapper has a built-in safety device to ensure each use only 
lasts 10 seconds, which is all it takes to kill 99% plus of all germs. 


The beauty of this product is that it’s small enough to carry everywhere and 
powerful enough to give you peace of mind in any situation. 


The Nano zapper can be used to sterilize any surface except the skin. 


Microbiologist Professor Hugh Pennington, the emeritus professor of 
bacteriology at Aberdeen University, said UV technology is well known for 
its germ-killing properties and has a place alongside other good hygiene 
practices, such as hand-washing. 





What Goes In The 


Medicine Cupboard? 





Let’s finish up by considering what should every home have in the medicine 
cupboard. Having got this far, you may have your own opinions about what 
would be good to include, to be ready in the event of an infection, whether 
mild or severe. 

These are the items I suggest: 

e 1oz. or 25 grams of icthammol ointment (20%) 


e Drawing salve for acute, small inflammed infections 


e 40z. spray of colloidal silver; 100 ml. bottle Grazes, skin abrasions, dental 
hygiene, sore throat, puncture wounds 


e A bottle of MMS (chlorine dixiode) Severe systemic infections, viral and 
bacterial, bronchitis, wounds, abcesses 


e Engystol (if you can’t get it, use propolis) General defence for any 
infectious disease, especially viral. 


e 30 ml. bottle of Samento (TOA-free) Chronic infections and “stealth 
pathogens” (eg. Lyme’s) 


e 30 ml. Oregano Oil Acute infections of all kinds 

e 30 ml. Black seed oil Acute infections of all kinds 

e 30 mi. Lavender Oil Mainly skin conditions but could be used for 
abscesses, acne, athlete’s foot, fungal infections, boils, bruises, cuts, 
insect bites and stings, lice, sunburns, wounds, bronchitis, coughs, colds, 
congestion, flu, laryngitis, throat infections, whooping cough, and sinus 
infections. 

e Also You Need One Of Two Electrical Healing Devices. 


A SCENAR 


Learn to use it first; don’t wait till somebody gets sick! 





A low-level laser 
Also learn to use it first! 
e High Dose Vit C and Vit A for acute viral infections. Have vitamin C 
powder on hand and vitamin A capsules. There are 25,000 IU capsules 
coming in from China. Buy them only if you trust the source (I don’t). 


e Vitamin D capsules, 5,000 IU, improve your immunity whenever an 
epidemic threatens. 





Appendix 





The official FDA version 





I thought you might like to supplement what I am telling 
you with the “official” story. This section is from the FDA 
Consumer magazine (September 1995). I think it’s worth 
reading it over again in a different way. It re-inforces what 
I have been saying. 


You can also listen to some useful recordings and download PDF files here 
too: 


When penicillin became widely available during the Second World War, it was 
a medical miracle, rapidly vanquishing the biggest wartime killer--infected 
wounds. 


Discovered initially by a French medical student, Ernest Duchesne, in 1896, 
and then rediscovered by Scottish physician Alexander Fleming in 1928, the 
product of the soil mold Penicillium crippled many types of disease-causing 
bacteria. But just four years after drug companies began mass-producing 
penicillin in 1943, microbes began appearing that could resist it. 


The first bug to battle penicillin was Staphylococcus aureus. This bacterium 
is often a harmless passenger in the human body, but it can cause illness, 
such as pneumonia or toxic shock syndrome, when it overgrows or produces 
a toxin. 


In 1967, another type of penicillin-resistant pneumonia, caused by 
Streptococcus pneumoniae and called pneumococcus, surfaced in a remote 
village in Papua New Guinea. At about the same time, American military 
personnel in Southeast Asia were acquiring penicillin-resistant gonorrhea 
from prostitutes. 


By 1976, when the soldiers had come home, they brought the new strain 
of gonorrhea with them, and physicians had to find new drugs to treat it. 
In 1983, a hospital-acquired intestinal infection caused by the bacterium 
Enterococcus faecium joined the list of bugs that outwit penicillin. 


Antibiotic resistance spreads fast. Between 1979 and 1987, for example, only 
0.02 percent of pneumococcus strains infecting a large number of patients 
surveyed by the national Centers for Disease Control and Prevention were 
penicillin-resistant. CDC’s survey included 13 hospitals in 12 states. Today, 
6.6 percent of pneumococcus strains are resistant, according to a re-port in 
the June 15, 1994, Journal of the American Medical Association by Robert F. 


Breiman, M.D., and colleagues at CDC. The agency also reports that in 1992, 
13,300 hospital patients died of bacterial infections that were resistant to 
antibiotic treatment. 


Why has this happened? 


“There was complacency in the 1980s. The perception was that we had 
licked the bacterial infection problem. Drug companies weren’t working 

on new agents. They were concentrating on other areas, such as viral 
infections,” says Michael Blum, M.D., medical officer in the Food and Drug 
Administration’s division of anti-infective drug products. “In the meantime, 
resistance increased to a number of commonly used antibiotics, possibly 
related to overuse of antibiotics. In the 1990s, we’ve come to a point for 
certain infections that we don’t have [antibiotics] agents available.” 


According to a report in the April 28, 1994, New England Journal of Medicine, 
researchers have identified bacteria in patient samples that resist all 
currently available antibiotic drugs. 


Survival of the Fittest 


The increased prevalence of antibiotic resistance is an outcome of evolution. 
Any population of organisms, bacteria included, naturally includes variants 
with unusual traits--in this case, the ability to withstand an antibiotic’s 
attack on a microbe. When a person takes an antibiotic, the drug kills 

the defenseless bacteria, leaving behind--or “selecting,” in biological 
terms--those that can resist it. These renegade bacteria then multi-ply, 
increasing their numbers a millionfold in a day, becoming the predominant 
microorganism. 


The antibiotic does not technically cause the resistance, but allows it to 
happen by creating a situation where an already existing variant can flourish. 
“Whenever antibiotics are used, there is selective pressure for resistance to 
occur. It builds upon itself. More and more organisms develop resistance to 
more and more drugs,” says Joe Cranston, Ph.D., director of the department 
of drug policy and standards at the American Medical Association in Chicago. 


A patient can develop a drug-resistant infection either by contracting a 


resistant bug to begin with, or by having a resistant microbe emerge in the 
body once antibiotic treatment begins. Drug-resistant infections increase 


risk of death, and are often associated with prolonged hospital stays, and 
sometimes complications. These might necessitate removing part of a 
ravaged lung, or replacing a damaged heart valve. 


Bacterial Weaponry 


Disease-causing microbes thwart antibiotics by interfering with their 
mechanism of action. For example, penicillin kills bacteria by attaching to 
their cell walls, then destroying a key part of the wall. The wall falls apart, 
and the bacterium dies. Resistant microbes, however, either alter their 
cell walls so penicillin can’t bind or produce enzymes that dismantle the 
antibiotic. 


In another scenario, erythromycin attacks ribosomes, structures within a 
cell that enable it to make proteins. Resistant bacteria have slightly altered 
ribosomes to which the drug cannot bind. The ribosomal route is also how 
bacteria become resistant to the antibiotics tetracycline, streptomycin and 
gentamicin. 


How Antibiotic Resistance Happens 


Antibiotic resistance results from gene action. Bacteria acquire genes 
conferring resistance in any of three ways. 





In spontaneous DNA mutation, bacterial DNA (genetic material) may mutate 
(change) spontaneously (indicated by starburst). Drug-resistant tuberculosis 
arises this way. 





breathe 500 metres under the water for up to 30 minutes. The 
technology will be specially used for submarine crew rescues. 


Scientists in Russia have begun testing a liquid breathing technology on dogs, said Vitaly Davydov, deputy 
managing director of the Advanced Research Foundation, the organization funding the project. 


Liquid breathing makes it possible to fill the lungs with a special oxygen-rich liquid, which then 
maintains oxygen levels in the blood. This technology is expected to be particularly useful in rescuing 
submarine crews from underwater depths. With the liquid in their lungs supplying the body with oxygen, 
submariners should be able to quickly rise to the surface and avoid the often deadly decompression 
sickness (divers’ “occupational hazard” resulting from a rapid ascent and of a sharp drop in pressure). 
Also, the technology could be used by pilots and astronauts. 


“We saw a red dachshund being put into a large water-filled vessel, face down. We were outraged at how 
the dog was being treated for surely it was about to drown. Or was it? The dog spent some 15 minutes 
underwater”, said Rossiyskaya Gazeta correspondent Igor Chernyak, who was present at the experiment. 
“It turned out that the dog’s lungs were filled with an oxygen-rich liquid, which allowed it to breathe 
underwater. When released, the dog did seem a bit listless. They said it was because of the cold (while I 
say, it was probably fed up sitting there stuck in a jar for everyone to see). However, several minutes later 
it was its normal self again.” 


The technology is being developed by the Russian Research Institute of Occupational Health. Researchers 
first tested it on mice and other small animals and have now moved to dogs. 


Special water chambers with higher pressure were created for the dogs. Davydov said the dogs are 
already capable of remaining underwater for half an hour at a depth of up to 500 metres by now. All the 
animals are fine and are coping well with being underwater. 





In a form of microbial sex called transformation, one bacterium may take 
up DNA from another bacterium. Pencillin-resistant gonorrhea results from 
transformation. 





Most frightening, however, is resistance acquired from a small circle of DNA 
called a plasmid, that can flit from one type of bacterium to another. A single 
plasmid can provide a slew of different resistances. In 1968, 12,500 people 
in Guatemala died in an epidemic of Shigella diarrhea. The microbe harbored 
a plasmid carrying resistances to four antibiotics! 


A Vicious Cycle: More Infections and 
Antibiotic Overuse 


Though bacterial antibiotic resistance is a natural phenomenon, societal 
factors also contribute to the problem. These factors include increased 
infection transmission, coupled with inappropriate antibiotic use. 


More people are contracting infections. Sinusitis among adults is on the 
rise, aS are ear infections in children. A report by CDC’s Linda F. McCaig 
and James M. Hughes, M.D., in the Jan. 18, 1995, Journal of the American 
Medical Association, tracks antibiotic use in treating common illnesses. The 


report cites nearly 6 million antibiotic prescriptions for sinusitis in 1985, and 
nearly 13 million in 1992. Similarly, for middle ear infections, the numbers 
are 15 million prescriptions in 1985, and 23.6 million in 1992. 


Causes for the increase in reported infections are diverse. Some studies 
correlate the doubling in doctor’s office visits for ear infections for 
preschoolers between 1975 and 1990 to increased use of day-care facilities. 
Homelessness contributes to the spread of infection. Ironically, advances in 
modern medicine have made more people predisposed to infection. People 
on chemotherapy and transplant recipients taking drugs to suppress their 
immune function are at greater risk of infection. 


“There are the number of immunocompromised patients, who wouldn’t 

have survived in earlier times,” says Cranston. “Radical procedures 

produce patients who are in difficult shape in the hospital, and are prone to 
nosocomial [hospital-acquired] infections. Also, the general aging of patients 
who live longer, get sicker, and die slower contributes to the problem,” he 
adds. 


Though some people clearly need to be treated with antibiotics, many 
experts are concerned about the inappropriate use of these powerful drugs. 
“Many consumers have an expectation that when they’re ill, antibiotics are 
the answer. They put pressure on the physician to prescribe them. Most of 
the time the illness is viral, and antibiotics are not the answer. This large 
burden of antibiotics is certainly selecting resistant bacteria,” says Blum. 


Another much-publicized concern is use of antibiotics in livestock, where 
the drugs are used in well animals to prevent disease, and the animals 
are later slaughtered for food. “If an animal gets a bacterial infection, 
growth is slowed and it doesn’t put on weight as fast,” says Joe Madden, 
Ph.D., strategic manager of microbiology at FDA’s Center for Food Safety 
and Applied Nutrition. In addition, antibiotics are sometimes administered 
at low levels in feed for long durations to increase the rate of weight gain 
and improve the efficiency of converting animal feed to units of animal 
production. 


FDA’s Center for Veterinary Medicine limits the amount of antibiotic residue 
in poultry and other meats, and the U.S. Department of Agriculture monitors 
meats for drug residues. According to Margaret Miller, Ph.D., deputy 

division director at the Center for Veterinary Medicine, the residue limits for 
antimicrobial animal drugs are set low enough to ensure that the residues 
themselves do not select resistant bacteria in (human) gut flora. 





FDA is investigating whether bacteria resistant to quinolone antibiotics can 
emerge in food animals and cause disease in humans. Although thorough 
cooking sharply reduces the likelihood of antibiotic-resistant bacteria 
surviving in a meat meal to infect a human, it could happen. 


Pathogens resistant to drugs other than fluoroquinolones have sporadically 
been reported to survive in a meat meal to infect a human. In 1983, for 
example, 18 people in four midwestern states developed multi-drug-resistant 
Salmonella food poisoning after eating beef from cows fed antibiotics. Eleven 
of the people were hospitalized, and one died. A study conducted by Alain 
Cometta, M.D., and his colleagues at the Centre Hospitalier Universitaire 
Vaudois in Lausanne, Switzerland, and reported in the April 28, 1994, New 
England Journal of Medicine, showed that increase in antibiotic resistance 
parallels increase in antibiotic use in humans. They examined a large group 
of cancer patients given antibiotics called fluoroquinolones to prevent 
infection. The patients’ white blood cell counts were very low as a result of 
their cancer treatment, leaving them open to infection. 


Between 1983 and 1993, the percentage of such patients receiving 
antibiotics rose from 1.4 to 45. During those years, the researchers isolated 
Escherichia coli bacteria annually from the patients, and tested the microbes 
for resistance to five types of fluoroquinolones. Between 1983 and 1990, all 
92 E. coli strains tested were easily killed by the antibiotics. But from 1991 to 
1993, 11 of 40 tested strains (28 percent) were resistant to all five drugs. 


Towards Solving the Problem 


Antibiotic resistance is inevitable, say scientists, but there are measures 
we can take to slow it. Efforts are under way on several fronts--improving 
infection control, developing new antibiotics, and using drugs more 
appropriately. 


Barbara E. Murray, M.D., of the University of Texas Medical School at 
Houston writes in the April 28, 1994, New England Journal of Medicine that 
simple improvements in public health measures can go a long way towards 
preventing infection. Such approaches include more frequent hand washing 
by health-care workers, quick identification and isolation of patients with 
drug-resistant infections, and improving sewage systems and water purity in 
developing nations. 


Drug manufacturers are once again becoming interested in developing new 
antibiotics. These efforts have been spurred both by the appearance of new 


bacterial illnesses, such as Lyme disease and Legionnaire’s disease, and 
resurgences of old foes, such as tuberculosis, due to drug resistance. 


FDA is doing all it can to speed development and availability of new antibiotic 
drugs. “We can’t identify new agents--that’s the job of the pharmaceutical 
industry. But once they have identified a promising new drug for resistant 
infections, what we can do is to meet with the company very early and help 
design the development plan and clinical trials,” says Blum. In addition, 
drugs in development can be used for patients with multi-drug-resistant 
infections on an “emergency IND (compassionate use)” basis, if the physician 
requests this of FDA, Blum adds. This is done for people with AIDS or cancer, 
for example. 


No one really has a good idea of the extent of antibiotic resistance, because 
it hasn’t been monitored in a coordinated fashion. “Each hospital monitors 
its own resistance, but there is no good national system to test for antibiotic 
resistance,” says Blum. 


This may soon change. CDC is encouraging local health officials to track 
resistance data, and the World Health Organization has initiated a global 
computer database for physicians to report outbreaks of drug-resistant 

bacterial infections. 


Experts agree that antibiotics should be restricted to patients who can truly 
benefit from them--that is, people with bacterial infections. Already this is 
being done in the hospital setting, where the routine use of antibiotics to 
prevent infection in certain surgical patients is being reexamined. 


“We have known since way back in the antibiotic era that these drugs have 
been used inappropriately in surgical prophylaxis [preventing infections in 
surgical patients]. But there is more success [in limiting antibiotic use] in 
hospital settings, where guidelines are established, than in the more typical 
outpatient settings,” says Cranston. 


Murray points out an example of antibiotic prophylaxis in the outpatient 
setting--children with recurrent ear infections given extended antibiotic 
prescriptions to prevent future infections. (See “Protecting Little Pitchers’ 
Ears” in the December 1994 FDA Consumer.) 


Another problem with antibiotic use is that patients often stop taking the 
drug too soon, because symptoms improve. However, this merely encourages 
resistant microbes to proliferate. The infection returns a few weeks later, and 
this time a different drug must be used to treat it. 


Targeting TB 


Stephen Weis and colleagues at the University of North Texas Health Science 
Center in Fort Worth reported in the April 28, 1994, New England Journal of 
Medicine on research they conducted in Tarrant County, Texas, that vividly 
illustrates how helping patients to take the full course of their medication can 
actually lower resistance rates. The subject--tuberculosis. 


TB is an infection that has experienced spectacular ups and downs. Drugs 
were developed to treat it, complacency set in that it was beaten, and the 
disease resurged because patients stopped their medication too soon and 
infected others. Today, one in seven new TB cases is resistant to the two 
drugs most commonly used to treat it (isoniazid and rifampin), and 5 percent 
of these patients die. 


In the Texas study, 407 patients from 1980 to 1986 were allowed to take 
their medication on their own. From 1986 until the end of 1992, 581 patients 
were closely followed, with nurses observing them take their pills. By the 
end of the study, the relapse rate--which reflects antibiotic resistance--fell 
from 20.9 to 5.5 percent. This trend is especially significant, the researchers 
note, because it occurred as risk factors for spreading TB--including AIDS, 
intravenous drug use, and homelessness--were increasing. 


The conclusion: Resistance can be slowed if patients take medications 
correctly. 


Narrowing the Spectrum 


Appropriate prescribing also means that physicians use “narrow spectrum” 
antibiotics--those that target only a few bacterial types--whenever possible, 
so that resistances can be restricted. The only national survey of antibiotic 
prescribing practices of office physicians, conducted by the National Center 
for Health Statistics, finds that the number of prescriptions has not risen 
appreciably from 1980 to 1992, but there has been a shift to using costlier, 
broader spectrum agents. This prescribing trend heightens the resistance 
problem, write McCaig and Hughes, because more diverse bacteria are being 
exposed to antibiotics. 


One way FDA can help physicians choose narrower spectrum antibiotics is to 


ensure that labeling keeps up with evolving bacterial resistances. Blum hopes 
that the surveillance information on emerging antibiotic resistances from 


CDC will enable FDA to require that product labels be updated with the most 
current surveillance information. 


Many of us have come to take antibiotics for granted. A child develops 
strep throat or an ear infection, and soon a bottle of “pink medicine” makes 
everything better. An adult suffers a sinus headache, and antibiotic pills 
quickly control it. 


But infections can and do still kill. Because of a complex combination of 
factors, serious infections may be on the rise. While awaiting the next 
“wonder drug,” we must appreciate, and use correctly, the ones that we 
already have. 


Big Difference 





If this bacterium could be shown four times bigger, it —— 
would be the right relative size to the virus beneath (ie ghia 
it. (Both are microscopic and are shown many times (Rec = 


larger than life.) 


Although bacteria are single-celled organisms, viruses 
are far simpler, consisting of one type of biochemical 
(a nucleic acid, such as DNA or RNA) wrapped in 
another (protein). Most bi-ologists do not consider 
viruses to be living things, but instead, infectious 
particles. Antibiotic drugs attack bacteria, not viruses. 


Vancomycin Resistance Crisis 


When microbes began resisting penicillin, medical researchers fought 

back with chemical cousins, such as methicillin and oxacillin. By 1953, the 
antibiotic armamentarium included chloramphenicol, neomycin, terramycin, 
tetracycline, and cephalosporins. But today, researchers fear that we may be 
nearing an end to the seemingly endless flow of antimicrobial drugs. 


At the center of current concern is the antibiotic vancomycin, which for 
many infections is literally the drug of “last resort,” says Michael Blum, 
M.D., medical officer in FDA’s division of anti-infective drug products. Some 
hospital-acquired staph infections are resistant to all antibiotics except 
vancomycin. 


Now vancomycin resistance has turned up in another common hospital 

bug, enterococcus. And since bacteria swap resistance genes like teenagers 
swap T-shirts, it is only a matter of time, many microbiologists believe, 

until vancomycin-resistant staph infections appear. “Staph aureus may pick 
up vancomycin resistance from enterococci, which are found in the normal 
human gut,” says Madden. And the speed with which vancomycin resistance 
has spread through enterococci has prompted researchers to use the word 
“crisis” when discussing the possibility of vancomycin-resistant staph. 


Vancomycin-resistant enterococci were first reported in England and France 
in 1987, and appeared in one New York City hospital in 1989. By 1991, 38 
hospitals in the United States reported the bug. By 1993, 14 percent of 
patients with enterococcus in intensive-care units in some hospitals had 
vancomycin-resistant strains, a 20-fold increase from 1987. A frightening 
report came in 1992, when a British researcher observed a transfer of 

a vancomycin-resistant gene from enterococcus to Staph aureus in the 
laboratory. Alarmed, the researcher immediately destroyed the bacteria. 


Writer Ricki Lewis is a geneticist and textbook author. 
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Abstract 


A wide range of technologies is available for the extraction of active components and 
essential oils from medicinal and aromatic plants. The choice depends on the eco- 
nomic feasibility and suitability of the process to the particular situation. The various 
processes of production of medicinal plant extracts and essential oils are reviewed in 
this paper. 


1.1 Introduction 


Asia is the largest continent and has 60% of the world’s popu- 
lation. It has abundant medicinal and aromatic plant species, well docu- 
mented traditional knowledge, a long-standing practice of traditional medi- 
cine, and the potential for social and economic development of medicinal 
and aromatic plants (MAPs). Asia is one of the largest biodiversity regions 
in the world, containing some of the richest countries in plant resources. 
The continent has diverse plant flora but species richness is concentrated 
mainly in tropical and subtropical regions. Six of the world’s 18 biodiversity 
hot spots, namely eastern Himalaya, North Borneo, Peninsular Malaysia, 
Sri Lanka, Philippines and the Western Ghats of South India, lie in Asia. 
The countries of the region have large flora: China has 30,000 species of 
higher plants; Indonesia, 20,000; India, 17,000; Myanmar, 14,000; Malay- 
sia, 12,000; and Thailand, 12,000. The total numbers of plant species and 
the endemics in the region are given below: 








Region Species Endemics 
South East Asia 42-50,000 40,000 
China and East Asia 45,000 18,650 
Indian Subcontinent 25,000 12,000 
South West Asia 23,000 7,100 





Sustainable industrial exploitation of such a valuable biore- 
source, through use of appropriate technologies, can substantially contrib- 
ute to the socio-economic growth of Asian countries. The International Cen- 
tre for Science and High Technology (ICS-UNIDO) has thus organized this 
regional workshop on “extraction technologies for medicinal and aromatic 
plants” for South East Asian countries. 
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1.2 Medicinal Plant Extracts 


Extraction, as the term is used pharmaceutically, involves the 
separation of medicinally active portions of plant or animal tissues from 
the inactive or inert components by using selective solvents in standard 
extraction procedures. The products so obtained from plants are relatively 
impure liquids, semisolids or powders intended only for oral or external use. 
These include classes of preparations known as decoctions, infusions, fluid 
extracts, tinctures, pilular (semisolid) extracts and powdered extracts. Such 
preparations popularly have been called galenicals, named after Galen, the 
second century Greek physician. 


The purposes of standardized extraction procedures for crude 
drugs are to attain the therapeutically desired portion and to eliminate the 
inert material by treatment with a selective solvent known as menstruum. 
The extract thus obtained may be ready for use as a medicinal agent in the 
form of tinctures and fluid extracts, it may be further processed to be incor- 
porated in any dosage form such as tablets or capsules, or it may be frac- 
tionated to isolate individual chemical entities such as ajmalicine, hyoscine 
and vincristine, which are modem drugs. Thus, standardization of extraction 
procedures contributes significantly to the final quality of the herbal drug. 


1.2.14 General Methods of Extraction of Medicinal Plants 


1.2.1.1 Maceration 


In this process, the whole or coarsely powdered crude drug is 
placed in a stoppered container with the solvent and allowed to stand at 
room temperature for a period of at least 3 days with frequent agitation until 
the soluble matter has dissolved. The mixture then is strained, the marc 
(the damp solid material) is pressed, and the combined liquids are clarified 
by filtration or decantation after standing. 


1.2.1.2 Infusion 


Fresh infusions are prepared by macerating the crude drug for 
a short period of time with cold or boiling water. These are dilute solutions 
of the readily soluble constituents of crude drugs. 


1.2.1.3 Digestion 


This is a form of maceration in which gentle heat is used during 
the process of extraction. It is used when moderately elevated temperature 
is not objectionable. The solvent efficiency of the menstruum is thereby 
increased. 
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1.2.1.4 Decoction 


In this process, the crude drug is boiled in a specified volume 
of water for a defined time; it is then cooled and strained or filtered. This 
procedure is suitable for extracting water-soluble, heat-stable constituents. 
This process is typically used in preparation of Ayurvedic extracts called 
“quath” or “kawath”. The starting ratio of crude drug to water is fixed, e.g. 
1:4 or 1:16; the volume is then brought down to one-fourth its original vol- 
ume by boiling during the extraction procedure. Then, the concentrated ex- 
tract is filtered and used as such or processed further. 


1.2.1.5 Percolation 


This is the procedure used most frequently to extract active 
ingredients in the preparation of tinctures and fluid extracts. A percolator 
(a narrow, cone-shaped vessel open at both ends) is generally used (Figure 
1). The solid ingredients are moistened with an appropriate amount of the 
specified menstruum and allowed to stand for approximately 4 h in a well- 
closed container, after which the mass is packed and the top of the percola- 
tor is closed. Additional menstruum is added to form a shallow layer above 
the mass, and the mixture is allowed to macerate in the closed percolator 
for 24 h. The outlet of the percolator then is opened and the liquid contained 
therein is allowed to drip slowly. Additional menstruum is added as required, 
until the percolate measures about three-quarters of the required volume 
of the finished product. The marc is then pressed and the expressed liquid 
is added to the percolate. Sufficient menstruum is added to produce the 
required volume, and the mixed liquid is clarified by filtration or by standing 
followed by decanting. 


ae 
Figure 1: Percolator 
1.2.1.6 Hot Continuous Extraction (Soxhlet) 
In this method, the finely ground crude drug is placed in a porous 


bag or “thimble” made of strong filter paper, which is placed in chamber E of 
the Soxhlet apparatus (Figure 2). The extracting solvent in flask A is heated, 
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and its vapors condense in condenser D. The condensed extractant drips 
into the thimble containing the crude drug, and extracts it by contact. When 
the level of liquid in chamber E rises to the top of siphon tube C, the liquid 
contents of chamber E siphon into flask A. This process is continuous and is 
carried out until a drop of solvent from the siphon tube does not leave residue 
when evaporated. The advantage of this method, compared to previously de- 
scribed methods, is that large amounts of drug can be extracted with a much 
smaller quantity of solvent. This effects tremendous economy in terms of 
time, energy and consequently financial inputs. At small scale, it is employed 
as a batch process only, but it becomes much more economical and viable 
when converted into a continuous extraction procedure on medium or large 
scale. 





Figure 2: Soxhlet apparatus 
1.2.1.7 Aqueous Alcoholic Extraction by Fermentation 


Some medicinal preparations of Ayurveda (like asava and arista) 
adopt the technique of fermentation for extracting the active principles. The 
extraction procedure involves soaking the crude drug, in the form of either a 
powder or a decoction (kasaya), for a specified period of time, during which 
it undergoes fermentation and generates alcohol in situ; this facilitates the 
extraction of the active constituents contained in the plant material. The al- 
cohol thus generated also serves as a preservative. If the fermentation is to 
be carried out in an earthen vessel, it should not be new: water should first 
be boiled in the vessel. In large-scale manufacture, wooden vats, porcelain 
jars or metal vessels are used in place of earthen vessels. Some examples 
of such preparations are karpurasava, kanakasava, dasmularista. In Ayurveda, 
this method is not yet standardized but, with the extraordinarily high degree of 
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advancement in fermentation technology, it should not be difficult to standard- 
ize this technique of extraction for the production of herbal drug extracts. 


1.2.1.8 Counter-current Extraction 


In counter-current extraction (CCE), wet raw material is pulverized 
using toothed disc disintegrators to produce a fine slurry. In this process, the 
material to be extracted is moved in one direction (generally in the form of a 
fine slurry) within a cylindrical extractor where it comes in contact with extrac- 
tion solvent. The further the starting material moves, the more concentrated the 
extract becomes. Complete extraction is thus possible when the quantities of 
solvent and material and their flow rates are optimized. The process is highly 
efficient, requiring little time and posing no risk from high temperature. Finally, 
sufficiently concentrated extract comes out at one end of the extractor while the 
marc (practically free of visible solvent) falls out from the other end. 


This extraction process has significant advantages: 


i) A unit quantity of the plant material can be extracted with 
much smaller volume of solvent as compared to other meth- 
ods like maceration, decoction, percolation. 

ii) CCE is commonly done at room temperature, which spares 
the thermolabile constituents from exposure to heat which 
is employed in most other techniques. 

iii) AS the pulverization of the drug is done under wet condi- 
tions, the heat generated during comminution is neutralized 
by water. This again spares the thermolabile constituents 
from exposure to heat. 

iv) The extraction procedure has been rated to be more effi- 
cient and effective than continuous hot extraction. 


1.2.1.9 Ultrasound Extraction (Sonication) 


The procedure involves the use of ultrasound with frequencies 
ranging from 20 kHz to 2000 kHz; this increases the permeability of cell 
walls and produces cavitation. Although the process is useful in some cas- 
es, like extraction of rauwolfia root, its large-scale application is limited due 
to the higher costs. One disadvantage of the procedure is the occasional but 
known deleterious effect of ultrasound energy (more than 20 kHz) on the ac- 
tive constituents of medicinal plants through formation of free radicals and 
consequently undesirable changes in the drug molecules. 


1.2.1.10 Supercritical Fluid Extraction 


Supercritical fluid extraction (SFE) is an alternative sample prep- 
aration method with general goals of reduced use of organic solvents and 
increased sample throughput. The factors to consider include temperature, 
pressure, sample volume, analyte collection, modifier (cosolvent) addition, 
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flow and pressure control, and restrictors. Generally, cylindrical extraction 
vessels are used for SFE and their performance is good beyond any doubt. 
The collection of the extracted analyte following SFE is another important 
step: significant analyte loss can occur during this step, leading the analyst 
to believe that the actual efficiency was poor. 


There are many advantages to the use of CO, as the extract- 
ing fluid. In addition to its favorable physical properties, carbon dioxide is 
inexpensive, safe and abundant. But while carbon dioxide is the preferred 
fluid for SFE, it possesses several polarity limitations. Solvent polarity is 
important when extracting polar solutes and when strong analyte-matrix in- 
teractions are present. Organic solvents are frequently added to the carbon 
dioxide extracting fluid to alleviate the polarity limitations. Of late, instead 
of carbon dioxide, argon is being used because it is inexpensive and more 
inert. The component recovery rates generally increase with increasing pres- 
sure or temperature: the highest recovery rates in case of argon are ob- 
tained at 500 atm and 150° C. 


The extraction procedure possesses distinct advantages: 


i) The extraction of constituents at low temperature, which 
strictly avoids damage from heat and some organic sol- 
vents. 

ii) No solvent residues. 

iii) Environmentally friendly extraction procedure. 


The largest area of growth in the development of SFE has been 
the rapid expansion of its applications. SFE finds extensive application in 
the extraction of pesticides, environmental samples, foods and fragrances, 
essential oils, polymers and natural products. The major deterrent in the 
commercial application of the extraction process is its prohibitive capital 
investment. 


1.2.1.141 Phytonics Process 


A new solvent based on hydrofluorocarbon-134a and a new 
technology to optimize its remarkable properties in the extraction of plant 
materials offer significant environmental advantages and health and safety 
benefits over traditional processes for the production of high quality natural 
fragrant oils, flavors and biological extracts. 


Advanced Phytonics Limited (Manchester, UK) has developed 
this patented technology termed “phytonics process”. The products mostly 
extracted by this process are fragrant components of essential oils and bio- 
logical or phytopharmacological extracts which can be used directly without 
further physical or chemical treatment. 
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The properties of the new generation of fluorocarbon solvents 
have been applied to the extraction of plant materials. The core of the sol- 
vent is 1,1,2,2-tetrafluoroethane, better known as hydrofluorocarbon-134a 
(HFC-134a). This product was developed as a replacement for chlorofluoro- 
carbons. The boiling point of this solvent is -25° C. It is not flammable or 
toxic. Unlike chlorofluorocarbons, it does not deplete the ozone layer. It has 
a vapor pressure of 5.6 bar at ambient temperature. By most standards this 
is a poor solvent. For example, it does not mix with mineral oils or triglycer- 
ides and it does not dissolve plant wastes. 


The process is advantageous in that the solvents can be cus- 
tomized: by using modified solvents with HFC-134a, the process can be 
made highly selective in extracting a specific class of phytoconstituents. 
Similarly, other modified solvents can be used to extract a broader spectrum 
of components. The biological products made by this process have extreme- 
ly low residual solvent. The residuals are invariably less than 20 parts per 
billion and are frequently below levels of detection. These solvents are nei- 
ther acidic nor alkaline and, therefore, have only minimal potential reaction 
effects on the botanical materials. The processing plant is totally sealed 
so that the solvents are continually recycled and fully recovered at the end 
of each production cycle. The only utility needed to operate these systems 
is electricity and, even then, they do no consume much energy. There is no 
scope for the escape of the solvents. Even if some solvents do escape, they 
contain no chlorine and therefore pose no threat to the ozone layer. The 
waste biomass from these plants is dry and “ecofriendly” to handle. 


1.2.1.11.1 Advantages of the Process 


e Unlike other processes that employ high temperatures, the 
phytonics process is cool and gentle and its products are 
never damaged by exposure to temperatures in excess of 
ambient. 

e No vacuum stripping is needed which, in other processes, 
leads to the loss of precious volatiles. 

e The process is carried out entirely at neutral pH and, in the 
absence of oxygen, the products never suffer acid hydrolysis 
damage or oxidation. 

e The technique is highly selective, offering a choice of operat- 
ing conditions and hence a choice of end products. 

e Itis less threatening to the environment. 

e It requires a minimum amount of electrical energy. 

e It releases no harmful emissions into the atmosphere and 
the resultant waste products (spent biomass) are innocuous 
and pose no effluent disposal problems. 

e The solvents used in the technique are not flammable, toxic 
or ozone depleting. 

e The solvents are completely recycled within the system. 
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1.2.1.11.2 Applications 


The phytonics process can be used for extraction in biotechnol- 
ogy (e.g for the production of antibiotics), in the herbal drug industry, in the 
food, essential oil and flavor industries, and in the production of other phar- 
macologically active products. In particular, it is used in the production of top- 
quality pharmaceutical-grade extracts, pharmacologically active intermediates, 
antibiotic extracts and phytopharmaceuticals. However, the fact that it is used 
in all these areas in no way prevents its use in other areas. The technique is 
being used in the extraction of high-quality essential oils, oleoresins, natural 
food colors, flavors and aromatic oils from all manner of plant materials. The 
technique is also used in refining crude products obtained from other extrac- 
tion processes. It provides extraction without waxes or other contaminants. It 
helps remove many biocides from contaminated biomass. 


1.2.1.12 Parameters for Selecting an Appropriate Extraction Method 


i) Authentication of plant material should be done before per- 
forming extraction. Any foreign matter should be completely 
eliminated. 

ii) Use the right plant part and, for quality control purposes, record 
the age of plant and the time, season and place of collection. 

iii) Conditions used for drying the plant material largely depend 
on the nature of its chemical constituents. Hot or cold blow- 
ing air flow for drying is generally preferred. If a crude drug 
with high moisture content is to be used for extraction, suit- 
able weight corrections should be incorporated. 

iv) Grinding methods should be specified and techniques that 
generate heat should be avoided as much as possible. 

v) Powdered plant material should be passed through suitable 
sieves to get the required particles of uniform size. 

vi) Nature of constituents: 

a) If the therapeutic value lies in non-polar constituents, a 
non-polar solvent may be used. For example, lupeol is the 
active constituent of Crataeva nurvala and, for its extrac- 
tion, hexane is generally used. Likewise, for plants like 
Bacopa monnieri and Centella asiatica, the active con- 
stituents are glycosides and hence a polar solvent like 
aqueous methanol may be used. 

b) If the constituents are thermolabile, extraction methods 
like cold maceration, percolation and CCE are preferred. 
For thermostable constituents, Soxhlet extraction (if non- 
aqueous solvents are used) and decoction (if water is the 
menstruum) are useful. 

c) Suitable precautions should be taken when dealing with 
constituents that degrade while being kept in organic sol- 
vents, e.g. flavonoids and phenyl propanoids. 
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d) In case of hot extraction, higher than required tempera- 
ture should be avoided. Some glycosides are likely to 
break upon continuous exposure to higher temperature. 

e) Standardization of time of extraction is important, as: 

e Insufficient time means incomplete extraction. 

e If the extraction time is longer, unwanted constituents 
may also be extracted. For example, if tea is boiled 
for too long, tannins are extracted which impart astrin- 
gency to the final preparation. 

f) The number of extractions required for complete extrac- 
tion is as important as the duration of each extraction. 

vii) The quality of water or menstruum used should be specified 
and controlled. 

vili) Concentration and drying procedures should ensure the safety 
and stability of the active constituents. Drying under reduced 
pressure (e.g. using a Rotavapor) is widely used. Lyophiliza- 
tion, although expensive, is increasingly employed. 

ix) The design and material of fabrication of the extractor are 
also to be taken into consideration. 

x) Analytical parameters of the final extract, such as TLC and 
HPLC fingerprints, should be documented to monitor the 
quality of different batches of the extracts. 


1.2.2 Steps Involved in the Extraction of Medicinal Plants 


In order to extract medicinal ingredients from plant material, 
the following sequential steps are involved: 


Size reduction 
Extraction 
Filtration 
Concentration 
Drying 


OE GNP 


1.2.2.1 Size Reduction 


The dried plant material is disintegrated by feeding it into a 
hammer mill or a disc pulverizer which has built-in sieves. The particle size 
is controlled by varying the speed of the rotor clearance between the ham- 
mers and the lining of the grinder and also by varying the opening of the 
discharge of the mill. Usually, the plant material is reduced to a size be- 
tween 30 and 40 mesh, but this can be changed if the need arises. The 
objective for powdering the plant material is to rupture its organ, tissue and 
cell structures so that its medicinal ingredients are exposed to the extrac- 
tion solvent. Furthermore, size reduction maximizes the surface area, which 
in turn enhances the mass transfer of active principle from plant material 
to the solvent. The 30-40 mesh size is optimal, while smaller particles may 
become slimy during extraction and create difficulty during filtration. 
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1.2.2.2 Extraction 


Extraction of the plant material is carried out in three ways: 


i) Cold aqueous percolation 
ii) Hot aqueous extraction (decoction) 
iii) Solvent extraction (cold or hot) 


1.2.2.2.1 Cold Aqueous Percolation 


The powdered material is macerated with water and then 
poured into a tall column. Cold water is added until the powdered material 
is completely immersed. It is allowed to stand for 24 h so that water-soluble 
ingredients attain equilibrium in the water. The enriched aqueous extract is 
concentrated in multiple-effect evaporators to a particular concentration. 
Some diluents and excipients are added to this concentrated extract, which 
is then ready for medicinal use. 


1.2.2.2.2 Hot Aqueous Extraction (Decoction) 


This is done in an open-type extractor. The extractor is a cylin- 
drical vessel made from type 316 stainless steel and has a diameter (D) 
greater than the height (H), i.e. the H/D ratio is approximately 0.5. The bot- 
tom of the vessel is welded to the dished end and is provided with an inside 
false bottom with a filter cloth. The outside vessel has a steam jacket and a 
discharge valve at the bottom. 


One part powdered plant material and sixteen parts deminer- 
alized water are fed into the extractor. Heating is done by injecting steam 
into the jacket. The material is allowed to boil until the volume of water is 
reduced to one-fourth its original volume. By this time the medicinal ingredi- 
ents present in the plant material have been extracted out. 


1.2.2.2.3 Filtration 


The extract so obtained is separated out from the marc (ex- 
hausted plant material) by allowing it to trickle into a holding tank through 
the built-in false bottom of the extractor, which is covered with a filter cloth. 
The marc is retained at the false bottom, and the extract is received in the 
holding tank. From the holding tank, the extract is pumped into a sparkler 
filter to remove fine or colloidal particles from the extract. 


1.2.2.2.4 Spray Drying 
The filtered extract is subjected to spray drying with a high 


pressure pump at a controlled feed rate and temperature, to get dry powder. 
The desired particle size of the product is obtained by controlling the inside 
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temperature of the chamber and by varying the pressure of the pump. The 
dry powder is mixed with suitable diluents or excipients and blended in a 
double cone mixer to obtain a homogeneous powder that can be straighta- 
way used, for example, for filling in capsules or making tablets. 


1.2.2.3 Solvent Extraction 


The principle of solid-liquid extraction is that when a solid material 
comes in contact with a solvent, the soluble components in the solid material 
move to the solvent. Thus, solvent extraction of plant material results in the 
mass transfer of soluble active principle (medicinal ingredient) to the solvent, 
and this takes place in a concentration gradient. The rate of mass transfer de- 
creases as the concentration of active principle in the solvent increases, until 
equilibrium is reached, i.e. the concentrations of active principle in the solid ma- 
terial and the solvent are the same. Thereafter, there will no longer be a mass 
transfer of the active principle from plant material to the solvent. 


Since mass transfer of the active principle also depends on its 
solubility in the solvent, heating the solvent can enhances the mass transfer. 
Moreover, if the solvent in equilibrium with the plant material is replaced with 
fresh solvent, the concentration gradient is changed. This gives rise to differ- 
ent types of extractions: cold percolation, hot percolation and concentration. 


1.2.2.3.1 Cold Percolation 


The extraction of plant material is carried out in a percolator 
which is a tall cylindrical vessel with a conical bottom and a built-in false 
bottom with a filter cloth. The percolator is connected to a condenser and a 
receiver for stripping solvent from the marc. 


The powdered material is fed into the percolator along with a 
suitable solvent (ethyl alcohol or another non-polar solvent). The material 
is left in contact with the solvent until equilibrium of the active principle is 
achieved. The solvent extract, known as miscella, is taken out from the bot- 
tom discharge valve of the percolator. Fresh solvent is added into the per- 
colator and the miscella is drained out after acquiring equilibrium. Overall, 
the plant material is washed four to five times until it gets exhausted. All 
washes from the percolator are pooled and concentrated. 


The solvent in the marc is stripped out by passing steam from 
the bottom of the percolator. The solvent and steam vapors rise and are con- 
densed in a tubular condenser. The condensate, which is a mixture of alcohol 
and water, is collected in a receiver and then subjected to fractional distillation 
to get 95% pure ethyl alcohol which is again used as a fresh solvent. 


This type of percolation is not efficient as it takes a long time 
to reach equilibrium due to the slow mass transfer rate. The mass transfer 
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rate can be enhanced if some sort of movement is created between the 
particles and the solvent. 


This can be achieved either by providing inside agitation with a 
mechanical stirrer or by repeated circulation of the extract back to the per- 
colator. The first method is cumbersome and power intensive whereas the 
latter has been successful. A circulation pump that continuously circulates 
the miscella back to the top of the percolator gives a better mass transfer 
rate and reduces the equilibrium time considerably. Still, this type of percola- 
tion is energy-consuming as large amounts of miscella from multiple washes 
must be concentrated to remove the solvent. 


To overcome this problem, a battery of percolators can be con- 
nected in series. If three washes are required for completion of the extrac- 
tion, four percolators are connected in series with their respective miscella 
storage tanks. 


At a particular time, one percolator is out of circuit, for charging 
and discharging the material and also for stripping solvent from the marc, 
whereas the other three percolators are in operation. Material is fed into 
all the percolators and the solvent is fed into the first percolator. When the 
equilibrium in the first percolator is reached, the extract from the first perco- 
lator is sent to the second percolator. The first percolator is again filled with 
fresh solvent. The extract of second percolator is transferred to the third, 
the extract of first is transferred to second, and fresh solvent is added to the 
first. The extract of the third percolator is transfered to the fourth percolator. 
After attaining equilibrium, the extract from the fourth percolator is drained 
off. The extract of the third percolator goes to fourth, the extract of second 
goes to third, and the extract of first goes to second percolator. The mate- 
rial of the first percolator, which has received three washes, is completely 
exhausted. This percolator is taken out of the system for stripping the sol- 
vent and discharging the extracted marc. This is again filled with fresh plant 
material and the sequence is repeated with other percolators. In this way, 
solvent of each percolator comes in contact three times with solid material 
and gets fully enriched with active principle. The enriched extract is sent for 
solvent recovery and concentration. Thus, instead of concentrating three vol- 
umes of solvent, only one volume has to be concentrated; this saves energy 
and the process is efficient. 


1.2.2.3.2 Hot Percolation 


Increasing the temperature of the solvent increases the solu- 
bility of the active principle, which increases the concentration gradient and 
therefore enhances the mass transfer of active principle from solid material 
to the solvent, provided the active principle is not heat sensitive. This is 
achieved by incorporating a heat exchanger between the circulation pump 
and the feed inlet of the percolator. The extract is continuously pumped into 
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a tubular heat exchanger which is heated by steam. The temperature of the 
extract in the percolator is controlled by a steam solenoid valve through a 
temperature indicator controller. This sort of arrangement can be incorpo- 
rated in single percolators or in a battery of percolators as needed. 


The percolators that are tall cylindrical towers must be housed 
in sheds of relatively great height. Tall towers are difficult to operate, espe- 
cially when charging material and discharging the marc from the top and bot- 
tom manholes, which are time-consuming and labor-intensive procedures. 
Tall towers have been replaced by extractors of smaller height for which the 
H/D ratio is not more than 1.5. 


These extractors have perforated baskets in which the material to 
be extracted is charged. These perforated baskets, when loaded outside, can 
be inserted into the extractor with a chain pulley block and, after the extraction, 
they can be lifted out from the extractor for discharging the marc. Some extrac- 
tors have an electrical hoist for the charging the material and discharging the 
marc, which makes the operation less labor-intensive, quick and efficient. 


The other type of instrument for extraction of medicinal ingre- 
dients from plant material is the Soxhlet apparatus, which consists of an 
extractor, a distillation still, a tubular condenser for the distillation still, a tu- 
bular condenser for the recovery of solvent from the marc, a receiver for col- 
lecting the condensate from the condenser, and a solvent storage tank. The 
plant material is fed into the extractor, and solvent is added until it reaches 
the siphon point of the extractor. Then, the extract is siphoned out into the 
distillation still, which is heated with steam. The solvent vapors go to the 
distillation condenser, get condensed and return to the extractor. The level 
of the solvent in the extractor again rises to the siphon point and the extract 
is siphoned out into the distillation still. In this way, fresh solvent comes in 
contact with the plant material a number of times, until the plant material is 
completely extracted. The final extract in the distillation still, which is rich in 
active principle, is concentrated and the solvent is recovered. 


1.2.2.3.3 Concentration 


The enriched extract from percolators or extractors, known as 
miscella, is fed into a wiped film evaporator where it is concentrated under 
vacuum to produce a thick concentrated extract. The concentrated extract is 
further fed into a vacuum chamber dryer to produce a solid mass free from 
solvent. The solvent recovered from the wiped film evaporator and vacuum 
chamber dryer is recycled back to the percolator or extractor for the next 
batch of plant material. The solid mass thus obtained is pulverized and used 
directly for the desired pharmaceutical formulations or further processed for 
isolation of its phytoconstituents. 
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1.3 Aromatic Plant Extracts 


The types of volatile isolates that are obtained commercially 
from aromatic plants are essential oils, concretes, absolutes, pomades 
and resinoids. Essential oils are isolated from plant material by distillation 
whereas other volatile isolates are obtained by solvent extraction. 


1.3.1 Concrete 


This is an extract of fresh flowers, herbs, leaves and the flower- 
ing tops of plants obtained by the use of a hydrocarbon solvent such as bu- 
tane, pentane, hexane and petroleum ether. Concrete is rich in hydrocarbon- 
soluble material and devoid of water-soluble components. It is generally a 
waxy, semisolid, dark-colored material free from the original solvent. 


In practice, concretes are produced in static extractors. These 
extractors are fitted with numerous perforated trays so that the flowers do 
not get compressed by their own weight. Each perforated tray has a spacer 
so the number and distance between them are predetermined. 


The set of perforated trays can be within a removable cylindri- 
cal basket. In the centre of the lower tray, there is a rod on which the spac- 
ers and the perforated trays are fitted while at the top there is a ring or a 
hook so that the entire contents of the extractor can be readily removed by 
a chain pulley block. 


While stacking the flowers on these trays, care should be taken 
to minimize bruising and damage of the flowers, because such damage can 
result in the release of enzymes in the flower juice which deteriorates the 
quality of concrete. The basket stacked with flowers is inserted into the 
extractor and the solvent of choice is introduced from the bottom into the ex- 
tractor until the material on the perforated disc assembly is completely im- 
mersed. Four to five such washes are given until the material is exhausted. 


The enriched solvent from the extractor is pumped into an 
evaporator for solvent recovery and the solvent content is reduced to about 
one-tenth the original volume. The recovered solvent is pumped to the sol- 
vent tanks to be used again. The concentrated material from the evaporator 
is pumped into a vacuum evaporator where the solvent is removed more 
carefully under high vacuum and the recovered solvent is returned to the 
solvent tanks for repeated use. The resultant concrete has an odor similar 
to but stronger than the material from which it was extracted. 


In concrete manufacturing, it is a normal practice to circulate 


fresh solvent through a battery of extractors. At each cycle, the solvent be- 
comes more enriched with the flower volatiles until extraction is complete. 
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The number of extractors has to be synchronized with the number of solvent 
washes. 


1.3.2 Absolutes 


Concretes are not widely used in perfumery in their native 
form but are generally converted into an alcohol-soluble volatile concentrate 
known as an absolute, i.e. they have to be extracted with alcohol. 


To make an absolute, the concrete is mixed with absolute al- 
cohol and agitated thoroughly in a vessel with an agitator. During agitation, 
the temperature is kept at 40°-G0° C and the concrete is immersed in the 
solution. The solution is cooled down to -5° to -10° C to precipitate out the 
wax, since waxes are normally insoluble in alcohol below -1° C. The pre- 
cipitated wax is removed by passing the solution through a rotary filter. The 
filtrate from the rotary filter is pumped into a primary evaporator, where it is 
concentrated to about 10% alcohol content. Finally, the concentrated extract 
is pumped into an agitating-type evaporator, where the alcohol is carefully 
removed under high vacuum. 


1.3.3 Resinoids 


Resinoid is an extract of naturally resinous material, made with 
a hydrocarbon solvent. Resinoids are usually obtained from dry materials. 
The extraction process is same as that of concrete production, except that 
perforated discs are not used for stacking the material; instead powder from 
dry plant material is fed into the extractor. 


1.3.4 Pomades 


Pomades are obtained by a process known as enfleurage, 
which is a cold fat extraction method. The fat is spread out on glass plates 
contained in wooden frames, leaving a clear margin near the edges. The 
absorptive surface of the fat is increased by surface grooves made with a 
wooden spatula. 


Fresh flowers are spread out on the surface of the fat and the 
frames are stacked in piles. After the perfume oils have been absorbed from 
the flowers, the spent flowers are removed by hand. Fresh flowers are again 
spread on the fat surface. This is repeated until the fat surface is completely 
enriched with perfume oils. The pomade so obtained is ready for cold alco- 
holic extraction. 


1.3.5 Essential Oils 


Essential oils are used in a wide variety of consumer goods such 
as detergents, soaps, toilet products, cosmetics, pharmaceuticals, perfumes, 


35 


41 AN OVERVIEW OF EXTRACTION TECHNIQUES FOR MEDICINAL AND AROMATIC PLANTS 


confectionery food products, soft drinks, distilled alcoholic beverages (hard 
drinks) and insecticides. The world production and consumption of essential 
oils and perfumes are increasing very fast. Production technology is an es- 
sential element to improve the overall yield and quality of essential oil. The 
traditional technologies pertaining to essential oil processing are of great sig- 
nificance and are still being used in many parts of the globe. Water distillation, 
water and steam distillation, steam distillation, cohobation, maceration and 
enfleurage are the most traditional and commonly used methods. Maceration 
is adaptable when oil yield from distillation is poor. Distillation methods are 
good for powdered almonds, rose petals and rose blossoms, whereas solvent 
extraction is suitable for expensive, delicate and thermally unstable materials 
like jasmine, tuberose, and hyacinth. Water distillation is the most favored 
method of production of citronella oil from plant material. 


1.3.5.1 Sources of Natural Essential Oils 


Plant organs containing natural essential oils are illustrated in 
Figure 3. Essential oils are generally derived from one or more plant parts, 
such as flowers (e.g. rose, jasmine, carnation, clove, mimosa, rosemary, 
lavander), leaves (e.g. mint, Ocimum spp., lemongrass, jamrosa), leaves and 
stems (e.g. geranium, patchouli, petitgrain, verbena, cinnamon), bark (e.g. 
cinnamon, cassia, canella), wood (e.g. cedar, sandal, pine), roots (e.g. an- 
gelica, sassafras, vetiver, Saussurea, valerian), seeds (e.g fennel, coriander, 
caraway, dill, nutmeg), fruits (bergamot, orange, lemon, juniper), rhizomes 
(e.g. ginger, calamus, curcuma, orris) and gums or oleoresin exudations 
(e.g. balsam of Peru, balsam of Tolu, storax, myrrh, benzoin). 


Specialized plant structures that produce and store essen- 
tial oils are shown in Figure 4. Depending upon the plant family, essential 
oils may occur in specialized secretary structures such as glandular hairs 
(Labiatae, Verbenaceace, Geraniaceae), modified parenchymal cells (Piper- 
aceae), resin canals (conifers), oil tubes called vittae (Umbelliferae), lysig- 
enous cavities (Rutaceae), schizogenous passages (Myrtaceae, Graminae, 
Compositae) or gum canals (Cistacae, Burseraceae). It is well known that 
when a geranium leaf is lightly touched, an odor is emitted because the long 
stalked oil glands are fragile. Similarly, the application of slight pressure 
on a peppermint leaf will rupture the oil gland and release oil. In contrast, 
pine needles and eucalyptus leaves do not release their oils until the epi- 
dermis of the leaf is broken. Hence, the types of structures in which oil is 
contained differ depending on the plant type and are plant-family specific. 
Unfortunately, not enough is known even today about these oil secretary 
structures to carefully categorize them. From the practical standpoint, they 
can be categorized into superficial and subcutaneous oils. Based on the 
currently available information, it may be inferred that oils of the Labiatae, 
Verbenaceae and Geraniaceae families are the only superficial oils known; 
consequently, the others are considered subcutaneous oils. 
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During handling, some flowers continue to produce aroma while 
other quickly loose their odor. Flowers collected at different times may also give 
different perfumery values. Regarding the rose, halfopen flowers with plump 
anthers give higher oil yield than fully opened flowers with shrivelled anthers. 
Humidity, wind, rain and surface temperature also affect the oil yield consider- 
ably. Harvesting schedule affects both quantity and quality of the oil. 


1.3.5.2 Essential Oil Constituents 


Major constituents of essential oils are shown in Figure 5, from 
which it is clear that most essential oils consist of hydrocarbons, esters, terpe- 
nes, lactones, phenols, aldehydes, acids, alcohols, ketones, and esters. Among 
these, the oxygenated compounds (alcohols, esters, aldehydes, ketones, lac- 
tones, phenols) are the principal odor source. They are more stable against 
oxidizing and resinifying influences than other constituents. On the other hand, 
unsaturated constituents like monoterpenes and sesquiterpenes have the ten- 
dency to oxidize or resinify in the presence of air and light. The knowledge of 
individual constituents and their physical characteristics, such as boiling point, 
thermal stability and vapor-pressure-temperature relationship, is of paramount 
importance in technology development of oxygenated compounds. 


1.3.5.3 Methods of Producing Essential Oils 


Methods for producing essential oils from plant materials are 
summarized in Figure 6. Regarding hydrodistillation, the essential oils indus- 
try has developed terminology to distinguish three types: water distillation; 
water and steam distillation; and direct steam distillation. 


Originally introduced by Von Rechenberg, these terms have be- 
come established in the essential oil industry. All three methods are subject to 
the same theoretical considerations which deal with distillation of two-phase 
systems. The differences lie mainly in the methods of handling the material. 


Some volatile oils cannot be distilled without decomposition 
and thus are usually obtained by expression (lemon oil, orange oil) or by oth- 
er mechanical means. In certain countries, the general method for obtaining 
citrus oil involves puncturing the oil glands by rolling the fruit over a trough 
lined with sharp projections that are long enough to penetrate the epidermis 
and pierce the oil glands located within outer portion of the peel (ecuelle 
method). A pressing action on the fruit removes the oil from the glands, and 
a fine spray of water washes the oil from the mashed peel while the juice is 
extracted through a central tube that cores the fruit. The resulting oil-water 
emulsion is separated by centrifugation. A variation of this process is to 
remove the peel from the fruit before the oil is extracted. 


Often, the volatile oil content of fresh plant parts (flower petals) 
iS SO Small that oil removal is not commercially feasible by the aforementioned 
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methods. In such instances, an odorless, bland, fixed oil or fat is spread in 
a thin layer on glass plates. The flower petals are placed on the fat for a few 
hours; then repeatedly, the oil petals are removed, and a new layer of petals is 
introduced. After the fat has absorbed as much fragrance as possible, the oil 
may be removed by extraction with alcohol. This process, known as enfleurage, 
was formerly used extensively in the production of perfumes and pomades. 
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Figure 3: Plant organs containing essential oils 
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Figure 4: Family-specific plant tissues responsible for producing or storing essential oil 
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Figure 6: Methods of producing essential oils from plant materials 


In the perfume industry, most modern essential oil production is 
accomplished by extraction, using volatile solvents such as petroleum ether 
and hexane. The chief advantages of extraction over distillation is that uniform 


39 


1 AN OVERVIEW OF EXTRACTION TECHNIQUES FOR MEDICINAL AND AROMATIC PLANTS 


temperature (usually 50° C) can be maintained during the process, As a result, 
extracted oils have a more natural odor that is unmatched by distilled oils, which 
may have undergone chemical alteration by the high temperature. This feature 
is of considerable importance to the perfume industry; however, the established 
distillation method is of lower cost than the extraction process. 


Destructive distillation means distilling volatile oil in the ab- 
sence of air. When wood or resin of members of the Pinaceae or Cupressace- 
ae is heated without air, decomposition takes place and a number of volatile 
compounds are driven off. The residual mass is charcoal. The condensed 
volatile matter usually separates into 2 layers: an aqueous layer containing 
wood naptha (methyl alcohol) and pyroligneous acid (crude acetic), and a 
tarry liquid in the form of pine tar, juniper tar, or other tars, depending on the 
wood used. This dry distillation is usually conducted in retorts and, if the 
wood is chipped or coarsely ground and the heat is applied rapidly, the yield 
often represents about 10% of the wood weight used. 


1.3.5.3.1 Hydrodistillation 


In order to isolate essential oils by hydrodistillation, the aro- 
matic plant material is packed in a still and a sufficient quantity of water 
is added and brought to a boil; alternatively, live steam is injected into the 
plant charge. Due to the influence of hot water and steam, the essential oil 
is freed from the oil glands in the plant tissue. The vapor mixture of water 
and oil is condensed by indirect cooling with water. From the condenser, 
distillate flows into a separator, where oil separates automatically from the 
distillate water. 


1.3.5.3.1.1 Mechanism of Distillation 


Hydrodistillation of plant material involves the following main 
physicochemical processes: 


i) Hydrodiffusion 
ii) Hydrolysis 
iii) Decomposition by heat 


1.3.5.3.1.1.1 Hydrodiffusion 


Diffusion of essential oils and hot water through plant mem- 
branes is known as hydrodiffusion. In steam distillation, the steam does not 
actually penetrate the dry cell membranes. Therefore, dry plant material can 
be exhausted with dry steam only when all the volatile oil has been freed 
from the oil-bearing cells by first thorough comminution of the plant material. 
But, when the plant material is soaked with water, exchange of vapors within 
the tissue is based on their permeability while in swollen condition. Mem- 
branes of plant cells are almost impermeable to volatile oils. Therefore, in 
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the actual process, at the temperature of boiling water, a part of volatile oil 
dissolves in the water present within the glands, and this oil-water solution 
permeates, by osmosis, the swollen membranes and finally reaches the 
outer surface, where the oil is vaporized by passing steam. 


Another aspect of hydrodiffusion is that the speed of oil vapori- 
zation is not influenced by the volatility of the oil components, but by their 
degree of solubility in water. Therefore, the high-boiling but more water-sol- 
uble constituents of oil in plant tissue distill before the low-boiling but less 
water-soluble constituents. Since hydrodiffusion rates are slow, distillation 
of uncomminuted material takes longer time than comminuted material. 


1.3.5.3.1.1.2 Hydrolysis 


Hydrolysis in the present context is defined as a chemical re- 
action between water and certain constituents of essential oils. Esters are 
constituents of essential oils and, in the presence of water, especially at 
high temperatures, they tend to react with water to form acids and alcohols. 
However, the reactions are not complete in either direction and the relation- 
ship between the molal concentrations of various constituents at equilib- 
rium is written as: 


_ (alcohol) x (acid) 


(ester) x (water) 
where K is the equilibrium constant. 


Therefore, if the amount of water is large, the amounts of alcohol and acid 
will also be large, resulting in a decreased yield of essential oil. Further- 
more, since this is a time-dependent reaction, the extent to which hydrolysis 
proceeds depends on the time of contact between oil and water. This is one 
of the disadvantages of water distillation. 


1.3.5.3.1.1.3 Effect of Heat 


Almost all constituents of essential oils are unstable at high 
temperature. To obtain the best quality oil, distillation must be done at low 
temperatures. The temperature in steam distillation is determined entirely 
by the operating pressure, whereas in water distillation and in water and 
steam distillation the operating pressure is usually atmospheric. 


All the previously described three effects, i.e. hydrodiffusion, 
hydrolysis and thermal decomposition, occur simultaneously and affect one 
another. The rate of diffusion usually increases with temperatures as does 
the solubility of essential oils in water. The same is true for the rate and 
extent of hydrolysis. However, it is possible to obtain better yield and quality 
of oils by: (1) maintaining the temperature as low as possible, (2) using as 
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little water as possible, in the case of steam distillation, and (3) thoroughly 
comminuting the plant material and packing it uniformly before distillation. 


1.3.5.3.2 Three Types of Hydrodistillation 


Three are three types of hydrodistillation for isolating essential 
oils from plant materials: 


1. Water distillation 
2. Water and steam distillation 
3. Direct steam distillation 


1.3.5.3.2.1 Water Distillation 


In this method, the material is completely immersed in water, 
which is boiled by applying heat by direct fire, steam jacket, closed steam 
jacket, closed steam coil or open steam coil. The main characteristic of 
this process is that there is direct contact between boiling water and plant 
material. 


When the still is heated by direct fire, adequate precautions 
are necessary to prevent the charge from overheating. When a steam jacket 
or closed steam coil is used, there is less danger of overheating; with open 
steam coils this danger is avoided. But with open steam, care must be taken 
to prevent accumulation of condensed water within the still. Therefore, the 
still should be well insulated. The plant material in the still must be agitated 
as the water boils, otherwise agglomerations of dense material will settle 
on the bottom and become thermally degraded. Certain plant materials like 
cinnamon bark, which are rich in mucilage, must be powdered so that the 
charge can readily disperse in the water; as the temperature of the water 
increases, the mucilage will be leached from the ground cinnamon. This 
greatly increases the viscosity of the water-charge mixture, thereby allowing 
it to char. Consequently, before any field distillation is done, a small-scale 
water distillation in glassware should be performed to observe whether any 
changes take place during the distillation process. From this laboratory trial, 
the yield of oil from a known weight of the plant material can be determined. 
The laboratory apparatus recommended for trial distillations is the Clev- 
enger system (Figure 7). 


During water distillation, all parts of the plant charge must be 
kept in motion by boiling water; this is possible when the distillation material 
is charged loosely and remains loose in the boiling water. For this reason 
only, water distillation possesses one distinct advantage, i.e. that it permits 
processing of finely powdered material or plant parts that, by contact with 
live steam, would otherwise form lumps through which the steam cannot 
penetrate. Other practical advantages of water distillation are that the stills 
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are inexpensive, easy to construct and suitable for field operation. These 
are still widely used with portable equipment in many countries. 


The main disadvantage of water distillation is that complete 
extraction is not possible. Besides, certain esters are partly hydrolyzed and 
sensitive substances like aldehydes tend to polymerize. Water distillation 
requires a greater number of stills, more space and more fuel. It demands 
considerable experience and familiarity with the method. The high-boiling 
and somewhat water-soluble oil constituents cannot be completely vapor- 
ized or they require large quantities of steam. Thus, the process becomes 
uneconomical. For these reasons, water distillation is used only in cases in 
which the plant material by its very nature cannot be processed by water and 
steam distillation or by direct steam distillation. 





Figure 7: Clevenger-type laboratory-scale hydrodistillation apparatus 
1.3.5.3.2.1.1 Traditional Method of Producing Attar Using Hydrodistillation 


Floral attars are defined as the distillates obtained by hydrodis- 
tillation of flowers (Such as saffron, marigold, rose, jasmine, pandanus) in 
sandal wood oil or other base materials like paraffin. 


Attar manufacturing takes place in remote places because 
the flowers must be processed quickly after collection. The apparatus and 
equipment used to manufacture attar are light, flexible, easy to repair, and 
have a fair degree of efficiency. Keeping in view these facts, the traditional 
“deg and bhapka” process has been used for centuries and is used even 
now with the following traditional equipment (Figure 8). 


e Deg (still) 
e Bhapka (receiver) 
e Chonga (bamboo condenser) 
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e Traditional bhatti (furnace) 
e Gachchi (cooling water tank) 
e Kuppi (leather bottle) 


BAMBOO CONDESSER 


RUPP TI 


(leatherconhimner) 


t DEG (STILL) 


—+ RECIEVER 





Figure 8: Traditional process of water distillation for making attar 
1.3.5.3.2.1.2 Disadvantages of Water Distillation 


e Oil components like esters are sensitive to hydrolysis while 
others like acyclic monoterpene hydrocarbons and aldehydes 
are susceptible to polymerization (since the pH of water is 
often reduced during distillation, hydrolytic reactions are fa- 
cilitated). 

e Oxygenated components such as phenols have a tendency 
to dissolve in the still water, so their complete removal by 
distillation is not possible. 

e As water distillation tends to be a small operation (operated 
by one or two persons), it takes a long time to accumulate 
much oil, So good quality oil is often mixed with bad quality 
oil. 

e The distillation process is treated as an art by local distill- 
ers, who rarely try to optimize both oil yield or quality. 

e Water distillation is a slower process than either water and 
steam distillation or direct steam distillation. 


1.3.5.3.2.2 Water and Steam Distillation 


In water and steam distillation, the steam can be generated 
either in a satellite boiler or within the still, although separated from the 
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plant material. Like water distillation, water and steam distillation is widely 
used in rural areas. Moreover, it does not require a great deal more capital 
expenditure than water distillation. Also, the equipment used is generally 
similar to that used in water distillation, but the plant material is supported 
above the boiling water on a perforated grid. In fact, it is common that per- 
sons performing water distillation eventually progress to water and steam 
distillation. 


It follows that once rural distillers have produced a few batches 
of oil by water distillation, they realize that the quality of oil is not very good 
because of its still notes (subdued aroma). As a result, some modifications 
are made. Using the same still, a perforated grid or plate is fashioned so 
that the plant material is raised above the water. This reduces the capacity 
of the still but affords a better quality of oil. If the amount of water is not suf- 
ficient to allow the completion of distillation, a cohobation tube is attached 
and condensate water is added back to the still manually, thereby ensuring 
that the water, which is being used as the steam source, will never run out. 
It is also believed that this will, to some extent, control the loss of dissolved 
oxygenated constituents in the condensate water because the re-used con- 
densate water will allow it to become saturated with dissolved constituents, 
after which more oil will dissolve in it. 


1.3.5.3.2.2.1 Cohobation 


Cohobation is a procedure that can only be used during water 
distillation or water and steam distillation. It uses the practice of returning 
the distillate water to the still after the oil has been separated from it so 
that it can be re-boiled. The principal behind it is to minimize the losses of 
oxygenated components, particularly phenols which dissolve to some extent 
in the distillate water. For most oils, this level of oil loss through solution 
in water is less than 0.2%, whereas for phenol-rich oils the amount of oil 
dissolved in the distillate water is 0.2%-0.7%. As this material is being con- 
stantly re-vaporized, condensed and re-vaporized again, any dissolved oxy- 
genated constituents will promote hydrolysis and degradation of themselves 
or other oil constituents. Similarly, if an oxygenated component is constantly 
brought in contact with a direct heat source or side of a still, which is consid- 
erably hotter than 100° C, then the chances of degradation are enhanced. 
As a result, the practice of cohobation is not recommended unless the tem- 
perature to which oxygenated constituents in the distillate are exposed is 
no higher than 100° C. 


In steam and water distillation, the plant material cannot be 
in direct contact with the fire source beneath the still; however, the walls of 
the still are good conductors of heat so that still notes can also be obtained 
from the thermal degradation reactions of plant material that is touching the 
sides of the still. As the steam in the steam and water distillation process is 
wet, a major drawback of this type of distillation is that it will make the plant 
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material quite wet. This slows down distillation as the steam has to vaporize 
the water to allow it to condense further up the still. One way to prevent the 
lower plant material resting on the grid from becoming waterlogged is to use 
a baffle to prevent the water from boiling too vigorously and coming in direct 
contact with the plant material. 


1.3.5.3.2.2.2 Advantages of Water and Steam Distillation over Water Distillation 


e Higher oil yield. 

e Components of the volatile oil are less susceptible to hy- 
drolysis and polymerization (the control of wetness on the 
bottom of the still affects hydrolysis, whereas the thermal 
conductivity of the still walls affects polymerization). 

e If refluxing is controlled, then the loss of polar compounds 
is minimized. 

e Oil quality produced by steam and water distillation is more 
reproducible. 

e Steam and water distillation is faster than water distillation, 
so it is more energy efficient. 


Many oils are currently produced by steam and water distilla- 
tion, for example lemongrass is produced in Bhutan with a rural steam and 
water distillation system. 


1.3.5.3.2.2.3 Disadvantages of Water and Steam Distillation 


e Due to the low pressure of rising steam, oils of high-boiling 
range require a greater quantity of steam for vaporization - 
hence longer hours of distillation. 

e The plant material becomes wet, which slows down distil- 
lation as the steam has to vaporize the water to allow it to 
condense further up the still. 

e To avoid that the lower plant material resting on the grid 
becomes waterlogged, a baffle is used to prevent the water 
from boiling too vigorously and coming in direct contact with 
the plant material. 


1.3.5.3.2.3 Direct Steam Distillation 


As the name suggests, direct steam distillation is the proc- 
ess of distilling plant material with steam generated outside the still in a 
satellite steam generator generally referred to as a boiler. As in water and 
steam distillation, the plant material is supported on a perforated grid above 
the steam inlet. A real advantage of satellite steam generation is that the 
amount of steam can be readily controlled. Because steam is generated in 
a satellite boiler, the plant material is heated no higher than 100° C and, 
consequently, it should not undergo thermal degradation. Steam distillation 
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is the most widely accepted process for the production of essential oils on 
large scale. Throughout the flavor and fragrance supply business, it is a 
standard practice. 


An obvious drawback to steam distillation is the much higher 
capital expenditure needed to build such a facility. In some situations, such 
as the large-scale production of low-cost oils (e.g. rosemary, Chinese ce- 
darwood, lemongrass, litsea cubeba, spike lavender, eucalyptus, citronella, 
cornmint), the world market prices of the oils are barely high enough to 
justify their production by steam distillation without amortizing the capital 
expenditure required to build the facility over a period of 10 years or more. 


1.3.5.3.2.3.1 Advantages of Direct Steam Distillation 


e Amount of steam can be readily controlled. 

e No thermal decomposition of oil constituents. 

e Most widely accepted process for large-scale oil production, 
superior to the other two processes. 


1.3.5.3.2.3.2 Disadvantage of Direct Steam Distillation 


e Much higher capital expenditure needed to establish this 
activity than for the other two processes. 


1.3.5.3.3 Essential Oil Extraction by Hydrolytic Maceration 
Distillation 


Certain plant materials require maceration in warm water be- 
fore they release their essential oils, as their volatile components are gly- 
cosidically bound. For example, leaves of wintergreen (Gaultheria procum- 
bens) contain the precursor gaultherin and the enzyme primeverosidase; 
when the leaves are macerated in warm water, the enzyme acts on the 
gaultherin and liberates free methyl salicylate and primeverose. Other sim- 
ilar examples include brown mustard (sinigrin), bitter almonds (amygdalin) 
and garlic (alliin). 


1.3.5.3.4 Essential Oil Extraction by Expression 


Expression or cold pressing, as it is also known, is only used 
in the production of citrus oils. The term expression refers to any physical 
process in which the essential oil glands in the peel are crushed or broken 
to release the oil. One method that was practiced many years ago, par- 
ticularly in Sicily (spugna method), commenced with halving the citrus fruit 
followed by pulp removal with the aid of sharpened spoon-knife (known as 
a rastrello). The oil was removed from the peel either by pressing the peel 
against a hard object of baked clay (concolina) which was placed under 
a large natural sponge or by bending the peel into the sponge. The oil 
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emulsion absorbed by the sponge was removed by squeezing it into the 
concolina or some other container. It is reported that oil produced this way 
contains more of the fruit odor character than oil produced by any other 
method. 


A second method known as equaling (or the scodella method), 
uses a Shallow bowl of copper (or sometimes brass) with a hollow central 
tube; the equaling tool is similar in shape to a shallow funnel. The bowl is 
equipped with brass points with blunt ends across which the whole citrus 
fruit is rolled by hand with some pressure until all of the oil glands have 
burst. The oil and aqueous cell contents are allowed to dribble down the 
hollow tube into a container from which the oil is separated by decantation. 
Obviously, hand pressing is impractical because it is an extremely slow proc- 
ess, e.g. on average only 2-4 Ibs oil per day can be produced by a single per- 
son using one of these hand methods. As a result, over the years a number 
of machines have been designed to either crush the peel of a citrus fruit or 
crush the whole fruit and then separate the oil from the juice. 


1.3.5.3.4.1 Pelatrice Process 


In the pelatrice process, citrus fruits are fed from a hopper into 
the abrasive shell of the machine. The fruits are rotated against the abra- 
sive shell by a slow-moving Archimedian screw whose surface rasps the fruit 
surfaces causing some of the essential oil cavities on the peel to burst and 
release their oil-water emulsion. This screw further transports the fruit into 
a hopper in which rollers covered with abrasive spikes burst the remaining 
oil cavities. The oil and water emulsion is washed away from the fruit by a 
fine spray of water. The emulsion next passes through a separator where any 
solids are removed, after which it passes through two centrifugal separators 
working in series to yield the pure oil. Most bergamot oil and some lemon 
oil are produced this way in Italy. 


1.3.5.3.4.2 Sfumatrice Process 


The sfumatrice equipment consists of a metallic chain that is 
drawn by two horizontal ribbed rollers. The peels are conveyed through these 
rollers during which time they are pressed and bent to release their oil. As 
in pelatrice, the oil is washed away from the sfumatrice rollers by fine sprays 
of water. Again, the oil is initially passed through a separator prior to being 
sent to two centrifuges in series, so that purified oil can be produced. At one 
time, sfumatrice was the most popular process for citrus oil isolation in Italy; 
however, today the pelatrice method appears more popular. 


1.3.5.3.5 Essential Oil Extraction with Cold Fat (Enfleurage) 
Despite the introduction of the modern process of extraction 


with volatile solvents, the old fashioned method of enfleurage, as passed on 


48 


EXTRACTION TECHNOLOGIES FOR MEDICINAL AND AROMATIC PLANTS 


from father to son and perfected in the course of generations, still plays an 
important role. Enfleurage on a large scale is today carried out only in the 
Grasse region of France, with the possible exception of isolated instances 
in India where the process has remained primitive. 


The principles of enfleurage are simple. Certain flowers (e.g. 
tuberose and jasmine) continue the physiological activities of developing 
and giving off perfume even after picking. Every jasmine and tuberose flower 
resembles, so to speak, a tiny factory continually emitting minute quantities 
of perfume. Fat possesses a high power of absorption and, when brought 
in contact with fragrant flowers, readily absorbs the perfume emitted. This 
principle, methodically applied on a large scale, constitutes enfleurage. Dur- 
ing the entire period of harvest, which lasts for eight to ten weeks, batches 
of freshly picked flowers are strewn over the surface of a specially prepared 
fat base (corps), let there (for 24 h in the case of jasmine and longer in the 
case of tuberose), and then replaced by fresh flowers. At the end of the 
harvest, the fat, which is not renewed during the process, is saturated with 
flower oil. Thereafter, the oil is extracted from the fat with alcohol and then 
isolated. 


The success of enfleurage depends to a great extent upon the 
quality of the fat base employed. Utmost care must be exercised when pre- 
paring the corps. It must be practically odorless and of proper consistency. 
If the corps is too hard, the blossoms will not have sufficient contact with 
the fat, curtailing its power of absorption and resulting in a Subnormal yield 
of flower oil. On the other, if it is too soft, it will tend to engulf the flowers 
and the exhausted ones will adhere; when removed, the flowers will retain 
adhering fat, resulting in considerable shrinkage and loss of corps. The 
consistency of the corps must, therefore, be such that it offers a semihard 
surface from which the exhausted flowers can easily be removed. The proc- 
ess of enfleurage is carried out in cool cellars, and every manufacturer must 
prepare the corps according to the prevailing temperature in the cellars dur- 
ing the months of the flower harvest. 


Many years of experience have proved that a mixture of one 
part of highly purified tallow and two parts of lard is eminently suitable 
for enfleurage. This mixture assures a suitable consistency of the corps in 
conjunction with high power of absorption. The fat corps thus prepared is 
white, smooth, absolutely of uniform consistency, free of water and practi- 
cally odorless. Some manufacturers also add small quantities of orange 
flower or rose water when preparing the corps. This seems to be done for 
the sake of convention. Such additions somewhat shade the odor of the 
finished product by imparting a slight orange blossom or rose note. 
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1.3.5.3.5.1 Enfleurage and Defleurage 


Every enfleurage building is equipped with thousands of so- 
called chassis, which serve as vehicles for holding the fat corps during 
the process. A chassis consists of a rectangular wooden frame. The frame 
holds a glass plate upon both sides of which the fat corps is applied with a 
spatula at the beginning of the enfleurage process. When piled one above 
the other, the chassis form airtight compartments, with a layer of fat on the 
upper and lower side of each glass plate. 


Every morning during the harvest the freshly picked flowers ar- 
rive, and after being cleaned of impurities, such as leaves and stalks, are 
strewn by hand on top of the fat layer of each glass plate. Blossoms wet 
from dew or rain must never be employed, as any trace of moisture will turn 
the corps rancid. The chassis are then piled up and left in the cellars for 
24 h or longer, depending upon the type of flowers. The latter rest in direct 
contact with one fat layer (the lower one), which acts as a direct solvent 
whereas the other fat layer (beneath the glass plate of the chassis above) 
absorbs only the volatile perfume given off by the flowers. 


After 24 h, the flowers have emitted most of their oil and start 
to wither, developing an objectionable odor. They must then be removed 
from the corps, which process, despite all efforts to introduce labor-saving 
devices, is still done by hand. Careful removal of the flower (defleurage) is 
almost more important than charging the corps on the chassis with fresh 
flowers (enfleurage) and, therefore, the persons doing this work must be 
experienced and skilled. Most of the exhausted flowers will fall from the fat 
layer on the chassis glass plate when the chassis is struck lightly against 
the working table, but since it is necessary to remove every single flower and 
every particle of the flower, tweezers are used for this delicate operation. 
Immediately following defleurage, that is, every 24 h, the chassis are re- 
charged with fresh flowers. For this purpose the chassis are turned over and 
the fat layer, which in the previous operation formed the top (ceiling) of the 
small chamber, is now directly charged with flowers. In the case of jasmine, 
the entire enfleurage process lasts about 70 days: daily the exhausted flow- 
ers are removed and the chassis are recharged with fresh ones. At the 
beginning of, and several times during, the harvest, the fat on the chassis is 
scratched over with metal combs and tiny furrows are drawn in order change 
and increase the surface of absorption. 


At the end of the harvest, the fat is relatively saturated with 
flower oil and possesses the typical fragrance. The perfumed fat must then 
be removed from the glass plates between the chassis. For this purpose, 
it is scraped off with a spatula and then carefully melted and bulked in 
closed containers. The final product is called pomade (pomade de jasmine, 
pomade de tuberous, pomade de violet, etc.). The most highly saturated 
pomade is pomade no. 36, because the corps on the chassis have been 
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treated with fresh flowers 36 times during the whole process of enfleurage. 
At the beginning of the harvest, every chassis is charged with about 360 
g fat corps on each side of the glass plate, in other words, with 720 g per 
chassis. Every kilogram of fat corps should be in contact with about 2.5 kg 
(preferably with 3.0 kg) of jasmine flowers for the entire period of enfleurage, 
which lasts from 8 to 10 weeks. The quantities differ somewhat for different 
flowers. At the end of enfleurage, the fat corps has lost about 10% of its 
weight because of the various manipulations. 


1.3.5.3.5.2 Hot Maceration Process 


In this process, the long enfleurage time is reduced by the im- 
mersion of petals in molten fat heated at 45°-60° C for 1 to 2 h, depending 
upon the plant species. After each immersion, the fat is filtered and sepa- 
rated from the petals. After 10 to 20 immersions, the fat is separated from 
waste flowers and water. Absolute of maceration is then produced from fat 
containing oil through the process of extraction and concentration under 
reduced pressure. It is mainly used for highly delicate flowers whose physi- 
ological activities are lost rapidly after their harvest, such as lily of valley. 


1.3.6 Modern (Non-traditional) Methods of Extraction 
of Essential Oils 


Traditional methods of extraction of essential oils have been 
discussed and these are the methods most widely used on commercial 
scale. However, with technological advancement, new techniques have been 
developed which may not necessarily be widely used for commercial pro- 
duction of essential oils but are considered valuable in certain situations, 
such as the production of costly essential oils in a natural state without any 
alteration of their thermosensitive components or the extraction of essential 
oils for micro-analysis. These techniques are as follows: 


e Headspace trapping techniques 

- Static headspace technique 

- Vacuum headspace technique 

- Dynamic headspace technique 

Solid phase micro-extraction (SPME) 
Supercritical fluid extraction (SFE) 
Phytosol (phytol) extraction 

Protoplast technique 

Simultaneous distillation extraction (SDE) 
Microwave distillation 

Controlled instantaneous decomposition (CID) 
Thermomicrodistillation 

Microdistillation 

Molecular spinning band distillation 
Membrane extraction 
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Some of these techniques are discussed in other chapters. 
Here, a few important, relevant references are provided. 


1.4 Conclusions 


Some of the major constraints in sustainable industrial exploi- 
tation of medicinal and aromatic plants (MAPs) are due to the fact that 
the countries of South East Asia have poor agricultural practices for MAPs, 
unscientific and indiscriminate gathering practices from the wild, poor post- 
harvest and post-gathering practices leading to poor quality raw material, 
lack of research for the development of high-yielding varieties of MAPs, poor 
propagation methods, inefficient processing techniques, poor quality control 
procedures, lack of research on process and product development, diffi- 
culty in marketing, non-availability of trained personnel, lack of facilities and 
tools to fabricate equipment locally, and finally lack of access to the latest 
technologies and market information. This calls for co-operation and co- 
ordination among various institutes and organizations of the region, in order 
to develop MAPs for sustainable commercial exploitation. 


The process of extracting MAPs determines how efficiently we 
add value to MAP bioresources. In the case of essential oils, the extraction 
process affects the physical as well as internal composition. External ap- 
pearance, at times, can result in rejection of the batch even if the analytical 
results are within acceptable limits. Furthermore, essential oils are evalu- 
ated internationally for their olfactory properties by experienced perfumers 
and these olfactory qualities supersede analytical results. Variations in the 
chemical constituents of the extracts of medicinal plants may result by us- 
ing non-standardized procedures of extraction. Efforts should be made to 
produce batches with quality as consistent as possible (within the narrowest 
possible range). 
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2 Role of Process Simulation in 
Extraction Technologies for Medicinal 
and Aromatic Plants 


M. Fermeglia 


Abstract 


This paper illustrates the role of process simulation in the field of extraction technolo- 
gies for medicinal and aromatic plants. The paper starts with a brief introduction to 
process simulation fundamentals and the role of process simulation in the industry 
today. It describes procedures to follow in simulating a process and the benefits of 
process simulation. In the second part of the paper, phytochemical processes that 
have been simulated at ICS-UNIDO are listed, followed by two case studies to illustrate 
the applicability of the methodology proposed: (i) turpentine oil batch distillation and 
(ii) menthol recovery by crystallization of mentha oil. At the end, recommendations are 
given advocating the importance of process simulation for developing countries. 


2.1 Introduction 


Developing countries are rich in medicinal and aromatic plants 
(MAPs) but, due to difficulty in accessing efficient extraction technologies, 
value addition to this rich bioresource is difficult. In most cases, and par- 
ticularly in very poor countries, the technologies used are inappropriate and 
not economical. The crucial problem is related to the quality of the product: 
primitive extraction technologies do not guarantee a stable and high-quality 
product and, in some cases, inappropriate technologies and procedures re- 
sult in producing contaminated product which has low market value. 


In order to assist developing countries to achieve the objective 
of using rich MAP resource for producing value-added products, dissemina- 
tion of knowledge of existing extraction technologies and of the latest devel- 
opments in these technologies is essential. 


Commercial process simulation software can be used to predict, 
on a computer, the real plant and consequently is a useful tool for optimizing 
the process conditions and enhancing the capacity of managing the phyto- 
chemical processes. In particular, process simulation can assist developing 
and emerging countries in optimizing an advanced process rather than man- 
aging a primitive process, which should be substituted by more efficient and 
standardized procedures. The focus in this case is more related to practical 
problems such as the quality of the materials and of the water to be used for 
the extraction. In most cases, developing countries face problems in the type 
of vessel, quality of water and stability of the product during the processing. 
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This paper describes the use of process simulation software 
in the extraction and purification of essential oils at both pilot and industrial 
scales. Such processes have been developed and are in operation in devel- 
oping and emerging countries. The goal of this paper is to illustrate a proce- 
dure for obtaining better knowledge of the extraction process and, therefore, 
for optimizing the process in terms of energy use, raw material consumption 
and environmental impact. 


2.2 Process Simulation Goals and Definitions 


Simulation is the act of representing some aspects of the real 
world by numbers or symbols which may be manipulated to facilitate their study. 
A process simulator is an engineering tool that performs several tasks, includ- 
ing automated calculations, material and energy balances, physical property 
estimations, design or rating calculations, and process optimization. A process 
simulator is not a process engineer, and a process engineer is always needed to 
analyze the problem and the output of a process simulator. A process simulator 
solves material and energy balances by means of computer code. 


In principle, a process simulator for the study of a chemical proc- 
ess goes through the procedure outlined in Figure 1. One starts from the 
definition of the problem (problem analysis) and then develops the process 
model, i.e. the system of equations (algebraic or differential). Furthermore, 
one collects the necessary additional data and solves the model with a suit- 
able method, depending on the system of equations. Finally, the process en- 
gineer analyzes the results and perhaps starts over again to develop a more 
realistic model. 


The same picture applies to steady-state simulation, dynam- 
ic simulation and optimization problems; only the process model and the 
method of solution change. Solution of the system of material and energy 
balance equations is not an easy task because it must be solved consider- 
ing many components, complex thermophysical models for phase equilibri- 
um calculations, a large number of subsystems (equipment), rather complex 
equipment (e.g. distillation columns), recycle streams and control loops. 


Develop 
process 
model 


Collect 


additional 






Analyze 
results CHEMICAL PLANT 


4 
w= (Solve model ae 4 
equations 


Figure 1: Fundamental steps in running process simulation software 
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A typical process simulation scheme, with the most important 
elements and their connections, is shown in Figure 2. Clearly, a process 
simulator includes cost estimation as well as economic evaluation. The im- 
portance of the database is shown in the figure as a necessary source of 
information for different objects in the structure. 


Numerical 
Subroutines 











Reports 


SG 





ita Base 
(physical 
properties, 





Figure 2: General scheme of a steady-state process simulator 


The following approaches are available in process simulation: 


e Steady state simulation, which considers a snapshot in time 
of the process. 

e Dynamic simulation, which considers the evolution in the 
time domain of the equations describing the process. 

e Integrated steady-state-dynamic simulation, which com- 
bines the previous two approaches. 


These three approaches may be used in different ways when deal- 
ing with process simulation. One possibility is to perform process analysis, in 
which an existing process is studied and alternative conditions as well as dy- 
namic behavior are investigated in the appraisal of effectiveness of the design. 
The second is process synthesis, in which different process configurations are 
compared in order to identify the best choice of units and the connections be- 
tween them. The third possibility is process design and simulation, which aims 
at establishing the optimal operating conditions of a given process. 


In all these possibilities, impact on industry is pervasive rath- 
er than restricted to a single moment in the development of the process. 
Process simulation has strongly affected the way engineering knowledge 
is used in processes. The traditional way of using process simulation was 
mainly focused on designing flowsheets and on defining critical equipment 
parameters, Such as distillation column stages and column diameter. Today, 
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engineers are oriented to a more comprehensive use of process simulation 
in the entire “life” of the plant, as in designing control strategies, optimiz- 
ing process parameters, studying process time evolution for understanding 
startup and shutdown procedures, performing risk analysis, training opera- 
tors, and defining procedures to reduce non-steady-state operations. 


The main benefits gained from such a comprehensive use of 
process simulation are the partial or total replacement of pilot plants (reduc- 
tion of the number of runs and planning), the reduction of time to market for 
the development of new processes, and the fast screening of process alter- 
natives to select the best solution in terms of economics, environmental as- 
pects, energy consumption and flexibility. Due to the high complexity of chemi- 
cal processes, to get these benefits one must critically simplify the process 
and apply process simulation techniques in the entire life cycle of a process. 


Steady-state simulators are considered the core products 
of process simulation and are used for designing processes, evaluating 
process changes and analyzing what-if scenarios. Steady-state simulation is 
normally performed before all other kinds of simulation: dynamic simulation, 
process synthesis with pinch technology, detailed equipment design, off-line 
and on-line equation-based optimization, and application technologies for 
vertical markets (e.g. polymers). 


The problems involved in a process simulation run are the defi- 
nition of an accurate thermodynamic model (equations of state or excess 
Gibbs energy model), the necessity of defining dummy operations (not al- 
ways easy to identify), and the tear streams identification to achieve rapid 
convergence. 


The logical procedure for performing a simulation is as follows. 
First, one defines all the components to be used in the simulation, including 
conventional and non-conventional components. Next, the most important 
step in the definition of the simulation is the selection of physicochemical 
properties to be used in the calculations. Having done this, one proceeds to 
flowsheet connectivity and to the definition of the feed conditions. The next 
step is the unit operation internal definitions. At this stage, it is possible to 
run a base case and check that the system is converging. 


Process specification definition, control parameters, and 
equipment hold-up definition are added later to refine the simulation and 
to obtain results similar to the reality. Various different results are obtained 
from a simulation run. The most important are the validation of phase equi- 
libria models for the real system to be used in similar conditions, the veri- 
fication of the process operating conditions, information on intermediate 
streams and enthalpy balance, verification of plant specifications, and influ- 
ence of the operative parameters on the process specifications. 
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All this information is useful for de-bottlenecking the entire 
process, or part of it, for identifying process control strategies, and for tun- 
ing the instrumentation. This is important since it allows one to verify the 
behavior of security systems when process conditions are varied. 


As far as dynamic simulation is concerned, applications can 
be found in continuous processes, concurrent process and control design, 
evaluation of alternative control strategies, troubleshooting process oper- 
ability, and verification of process safety. 


The most important benefits of dynamic modeling are: the 
capital avoidance and lower operating costs through better engineering de- 
cisions; the throughput, product quality, safety and environmental improve- 
ments through improved process understanding; and the increased produc- 
tivity through enhanced integration of engineering work processes. 


2.3 Biotechnological and Phytochemical 
Processes Studied at ICS-UNIDO 


This section summarizes ongoing work involving the simulation 
of important biotechnological and phytochemical processes. 


2.3.1 Brief of Biotechnological Processes 
2.3.1.1 Alcohol Production from Biomass 


The goal of the process is the steady-state simulation of the 
production of ethanol from biomass fermentation. The process is divided 
into two parts: (i) biomass fermentation that produces a mixture of ethanol, 
water and other components, and (ii) separation using a distillation column 
that concentrates the ethanol. The modelled reactors are continuous stirred 
tank reactors in series or parallel. 


2.3.1.2 Soybean Oil Refining and Treatment of the Waste 


The goal of this work is to simulate the soybean oil refining 
process. This is a complex biotechnological process that involves many re- 
actions and the treatment of solids. The process is divided into three sec- 
tions: (i) degumming and neutralization, (ii) bleaching, and (iii) deodorization. 
The main objective of the simulation is to reduce the consumption of steam 
by applying the pinch technology concept. Steam is consumed in the heat 
exchangers to heat the oil, in the bleacher equipment, and in the deodorizer. 
The difficulty of this simulation lies in the large number of undefined com- 
ponents that must be characterized in order to obtain a reliable simulation. 
In addition, an alternative way of reducing the free acids, by using extraction 
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with ethanol, is being examined. Key features are the achievements of the 
required product quality by minimizing the capital and operating costs. 


2.3.1.3 Production of Synthetic Hydrocarbon Fuels from Biomass 


Starting from natural gas, coal, or wood, a syngas of suitable 
composition can be produced by gasification. Then, water-gas shift reaction, 
Fischer-tropsch synthesis and hydrocracking can be applied to the syngas to 
obtain a mixture of liquid hydrocarbons that can be used as synthetic fuel. 
This is a complex process that can be simplified by neglecting the kinetics 
of the chemical reactions involved. The purpose of this project is to quan- 
tify the mass and energy consumption and the emission of carbon dioxide. 
Key features are: the selection of the thermodynamic model to achieve a 
realistic simulation; the heat integration among different process sections 
to minimize the environmental impact during recovery and recycling of the 
entrainer; and the reduction of energy duties. 


2.3.1.4 Production of Bio-ethanol from Corn 


By fermentation of sugar cane, corn or wheat, ethanol (bio-eth- 
anol) can be easily produced. This process includes the steps of liquefac- 
tion, cooking, fermentation, distillation, dehydration, evaporation and drying 
of the solid by-product. By a careful simulation of the operations involved, 
the needs for water and energy can be minimized, and the use of fossil fu- 
els can be avoided. Key features are the energy balance starting from the 
content in the feedstock biomass, and the water saving. 


A second problem can be addressed by accurately simulating 
the distillation and dehydration aspects, which have the highest energy de- 
mand of this process. Key feature is the use of pressure as an operating 
variable. 


2.3.2 Brief of Phytochemical Processes 
2.3.2.1 Citral Recovery by Distillation of Lemon Peel Oil 


The goal of this process is the production of citral. Lemon peel 
oil is fractioned by a traditional method of separation to get an oxygenated 
substance (citral). A simulation model of the distillation helps identify the 
optimal operating conditions. The objective of this simulation is to separate 
the oxygenated compounds from terpenes. 


2.3.2.2 Menthol Recovery by Crystallization of Mentha Oil 


Mentha oil contains menthol, a commercially important prod- 
uct. Menthol is separated from the other components on the basis of differ- 
ences in melting temperatures. Crystallization from solution is an industrially 
important unit operation due to its ability to provide high purity separations. 


60 


EXTRACTION TECHNOLOGIES FOR MEDICINAL AND AROMATIC PLANTS 


The crystal growth and nucleation kinetic parameters must be determined 
experimentally before systematically designing a crystallizer and computing 
optimal operations and control procedures. 


2.3.2.3 Carvone Recovery from Spearmint Oil 


Spearmint oil contains the major component carvone that must 
be separated from other components. The separation of carvone is done by 
continuous distillation and the process is optimized after identification of 
the relevant parameters worked out by sensitivity analysis. The objective of 
this simulation is to obtain carvone at 95% purity or more. 


2.3.2.4 Peppermint Oil Extraction by Steam Distillation 


For the steam distillation of peppermint, the peppermint 
leaves are placed at the bottom of a distillation flask and steam is perco- 
lated through. The peppermint oil evaporates, and the emerging mixture of 
vaporized water and oil moves through a coil, usually cooled with running 
water, where the steam condenses. The mixture of condensed water and 
essential oil is collected and separated by decantation or, in rare cases, 
by centrifugation. 


2.3.2.5 Multiple-effect Evaporation of Milk Serum 


Evaporation is a widely used operation for the recovery of valu- 
able products from dilute aqueous mixtures, such as milk serum. In this 
case, a four-effect process helps minimize the energy consumption and 
makes this process economically attractive. Key features are the effects of 
both pressure and heat transfer coefficients on the overall performance of 
the apparatus. 


2.3.0 Case Study: Turpentine Oil Batch Distillation 


Turpentine oil obtained from species of Pinus (family Pinaceae) 
is mainly used in paint and soap manufacturing industries, and in the phar- 
maceutical industry its use is limited to balms and oil bases. Semi-fluid 
mixtures of resins remain dissolved in the volatile oil, thus it is produced 
by fractional distillation. The objectives of the process simulation are to: (i) 
develop the process simulation base case, (ii) understand how to obtain 
complete fractionation of the oil, (iii) optimize the composition of pinene, 
carene and longifolene in the product streams, and (iii) optimize the time 
and energy consumption of the process. 


Figure 3a shows the fractional composition profiles of pinene, 
carene and longifolene versus time obtained in the top of the distillation col- 
umn. Figure 3b shows the instantaneous energy consumption of a constant 
reflux operation. 
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Figure 3: a) Fractional composition versus time, and 
b) Energy consumption versus time for the base case 


Figure 4 shows the same process in which the reflux ratio is 


varied in order to obtain a constant composition at the top of the column. It 
is interesting to note that the distillation time as well as energy consump- 
tion are greatly reduced. 
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Figure 4: a) Fractional composition versus time, and 
b) Energy consumption versus time for the constant composition case 


Figure 5 shows that a total separation of the oil constituents 


is achievable. 
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Figure 5: a) Fractional composition versus time, and 
b) Energy consumption versus time for the total fractionation case 


These simulations show that, in the base case with a reflux 


ratio of 15 and a high consumption of energy (Figure 4), the distillate ac- 
cumulator collects a high percentage of pinene (93%). If a PID controller 
is introduced to maintain the concentration constant, the composition of 
pinene is around 90% and it takes only 12 h and a reflux ratio of 5 to achieve 
the desired value, thus saving time and energy. In the case of complete frac- 
tionation, we can collect 93% of pinene, 88% of carene and 5.7% of dump 
products at the end of the process. 
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2.3.4 Case Study: Menthol Recovery by Crystallization 
of Mentha Oil 


Crystallization from solution is an industrially important opera- 
tion due to its ability to provide high-purity separations. The menthol crystal- 
lization process using menthe oil is rather simple, and consists of a cascade 
crystallization as shown in Figure 6. 


The objective of the simulation is to optimize the menthol crystalli- 
zation process. The oil, composed of 75% menthol and also containing menthyl 
acetate, limonene and menthone (Table 1), is fed into the first crystallizer where 
the temperature is 35° F. The menthol crystals produced here are separated by 
decantation. The decanted liquid is passed to the second crystallizer and the 
crystals obtained in this second stage are also separated from the liquid by 
decantation. Thus, the assumptions made are: (i) limonene is present in all the 
fractions, and (ii) the separation of solid material from the liquid portion is com- 
plete. Furthermore, the thermophysical properties of menthone and menthyl 
acetate are included in the software’s database. The feed stream conditions 
are: temperature, 80° F; pressure, 1 atm; and flow rate, 50 Ib - mol/h. 


Table 1: Major constituents of mentha oil 








Constituent Concentration 
Menthol 75% 

Menthyl acetate 11% 
Limonene 8% 

Menthone 6% 








Figure 6: Flowsheet for the menthol crystallization process 
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Figure 7: Variation of menthol flow rate (Y axis, lb mol/hr) as product of both crystallizers 
(S6 + S7) versus T (X axis, °F). a) Crystallizer 1. b) Crystallizer 2 


Figures 7a and b show on the Y axes the total flow rate (lb mol/ 
hr) of menthol crystal produced in both crystallizers (the combination of S6+S7 
of Figure 6). It is evident from the sensitivity analysis that the temperature of 
the crystallizers has an effect on the total amount of pure product obtained, 
and consequently on the product yield. In fact, the base case (Table 2) reports 
a figure of 28.469 Ib mol/hr and this amount can be raised linearly if the tem- 
perature of the crystallizers is lowered. The sensitivity analysis helps the engi- 
neer to select the right temperatures of the crystallizers for a given production. 


The material and energy balance of the menthol extraction plant 
for the base case is listed in Table 2. This is an example of the simulator’s 
output and these values may change if the process conditions are changed. In 
the first crystallizer, the menthol produced is equal to 5.633 |b mol/hr (purity 
one) and in the second crystallizer the amount is 22.836 Ib mol/hr (purity 
one). If we compare the total amount of menthol produced by the two crystal- 
lizers (22.836 + 5.633 = 28.469 lb mol/hr) with the total amount of menthol 
fed to the process (37.5 lb mol/hr), we obtain a recovery (amount of pure 
menthol produced/total amount of menthol fed to the process) of 75.91%, 
which is rather satisfactory. Table 2 also reports the temperature, pressure, 
total flow and composition of each single stream considered in the process. 


Table 2: Material and energy balance for the menthol crystallization process. 
The stream names refer to Figure 6 











Stream name Si $2 S5 S6 S7 ss sg 
Phase Liquid S/L S/L Solid Solid Liquid Liquid 
Temperature F 80 35 18 18 35 35 18 
Pressure PSIA 14696 14696 14696 14696 14696 14696 14.696 
Molecular weight 159.170 159.170 161.608 156.270 156.270 161.608 163.004 
Total Ib mol/hr 50.000 =50.000 27.164 5.633 22.836 27.164 21.531 
Component mole fractions 

D-limene 0.0800 0.0800 0.1472 0.1473 0.1858 
Menthol 0.7500 0.7500 0.5399 1.000 1.0000 0.5398 0.4195 
Menthyl acetate 0.1100 0.14100 0.2025 0.2025 0.2554 


Menthone 0.0600 0.0600 0.1104 0.1104 0.1393 
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2.4 Conclusions 


There are two important benefits of the application of process 
simulation to phytochemical processes of industrial interest. 


The first is to improve process knowledge. This is achieved by 
verifying “in silico” the operating conditions and the estimates of data for 
intermediate streams, which are difficult to measure. Process knowledge 
also includes: (i) enthalpy balance information, (ii) verification of plant speci- 
fications, (iii) influence of operative parameters on process specifications, 
(iv) validation of phase equilibrium models for the real system to be used in 
similar conditions, and finally (v) process de-bottlenecking for each section. 


The second important benefit is process optimization, in terms 
of: (i) consumption of energy and raw materials, (ii) identification of process 
control strategies, and (iii) clarification of security system behavior when 
process conditions are varied. 


Running process simulation software requires: (i) availability of 
thermodynamic properties for all components involved, (ii) definition of an 
accurate thermodynamic model (equations of state or excess Gibbs energy 
model) for binary and multi-component mixtures, (iii) availability of all neces- 
sary interaction parameters, (iv) availability of all necessary unit operation 
modules, and (v) identification of tear streams to achieve rapid convergence 
in case of recycles. Furthermore, sometimes it is necessary to define and 
develop user models and user thermodynamic models. 


It is necessary to stress some important principles. First, the 
program is an aid in making calculations and decisions: the process en- 
gineer must ensure that it is “fit for purpose” and is responsible for the 
results generated and for any use which is made of the results. Second, it is 
the professional, ethical and legal responsibility of the process engineer to 
take care and to exercise good judgment. Process simulation is, in essence, 
a program. 


Nonetheless, process simulation is important since it: (i) has 
high accuracy, (ii) allows one to focus on the interpretation of the results 
rather than on the methods for obtaining the results, (iii) allows a global vi- 
sion of the process by assembling theories and models, (iv) is essential in 
the design of new and existing processes, (v) is essential in the analysis of 
existing plants in terms of environmental impact, and (vi) is a simple tool for 
treating real cases. 


Process simulation is a well established tool in the chemical 


industry and has been used for a decade in the petrochemical industry. 
Process simulation is now applicable in many different fields besides the 
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petrochemical and fine chemical industries, and is particularly interesting 
for biotechnological and phytochemical processes. 


In summary, process simulation may play an important role in 
the optimization of phytochemical processes and, therefore, application of 
process simulation can assist in the development of advanced processes. 
This paper showed that it is possible to achieve energy reduction and maxi- 
mization of product yield. 


Process simulation perhaps is not a good tool for countries 
that are using primitive techniques, since they should aim at reaching a 
stable quality of the product rather than an optimization of energy consump- 
tion and environmental issues. Moreover, they should focus on practical 
problems such as the quality of the materials and the water to be used for 
extraction. 
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3 Maceration, Percolation and Infusion 
Techniques for the Extraction of 
Medicinal and Aromatic Plants 


J. Singh 


Abstract 


Techniques of maceration, percolation and infusion have been traditionally used for 
making galenicals and tinctures from medicinal and aromatic plants (MAPs). This ar- 
ticle describes the underlying principals and mechanisms of these extraction tech- 
niques, and discusses the various modifications made for the small- and large-scale 
extraction of MAPs, the factors affecting the extraction process, and the quality of the 
extracts produced. 


3.1 Introduction 


Before the nineteenth century, there was no real progress in 
methods of extraction of plant materials for industrial use. Nonetheless, the 
various classes of preparations involving simple expression and extraction 
techniques were in vogue for a long time for the preparation of medicines 
used in traditional medicine and in complimentary and alternative medicine, 
practiced throughout the world. The techniques available were limited to ex- 
pression, aqueous extraction and evaporation; later on, the use of extraction 
processes was extended by using alcohol as a solvent. Such techniques 
were highly successful in the phytochemical field and, consequently, single 
pure molecules were isolated for industrial and medicinal uses. After the 
nineteenth century, rapid progress was made in extraction processes which 
led to the isolation and characterization of many groups of plant metabo- 
lites of therapeutic importance, including both single chemical constituents 
as well as standardized extracts of crude drugs. In manufacturing various 
classes of medicinal plant preparations, such as decoctions, infusions, fluid 
extracts, tinctures, semisolid extracts (pilular) and powdered extracts, popu- 
larly known as galenicals, both simple traditional methods and advanced 
technologies are used, conforming to the official procedures and specifica- 
tions as laid down in various pharmacopoeias and codices of the world. 


Maceration, percolation and infusion are the general tech- 
niques used for the extraction of medicinal plants and are mostly applied 
for galenical preparations. The sole purpose of such basic extraction pro- 
cedures is to obtain the therapeutically desirable portion and eliminate the 
inert material by treatment with a selective solvent known as menstruum. 
These techniques also play a decisive role in the qualitative and quantita- 
tive evaluation of the extracts. The standardized extracts thus obtained are 
further processed for inclusion in other solid and semisolid herbal dosage 
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forms. These extracts are also used as sources of therapeutically active 
chemical constituents for various dosage forms of modern medicines. 


Historically, galenical preparations were much more extensively 
used than they are at the present time. Nonetheless, due to resurgence in 
interest of herbal drugs throughout the world, these extraction procedures 
are still relevant and are mentioned in official and unofficial monographs 
about drug preparations. The preparations involving these procedures are 
primarily intended for extemporaneous dispensing and must be freshly pre- 
pared, due to the fact that they rapidly produce a deposit because of coagu- 
lation of inert colloidal material and readily support microbial growth due to 
absence of preservatives. 


This article describes the principal methods of extraction by 
maceration, percolation and infusion as well as the modifications in these 
procedures for small-scale, official and large-scale extraction. In addition, 
the paper discusses the choice of extraction method, quality assurance, and 
factors affecting the extraction procedures. 


3.2 General Principles and Mechanisms Involved 
in Crude Drug Extraction by Maceration, 
Percolation and Infusion 


The general principles and mechanisms involved in macera- 
tion, percolation and infusion for the extraction of the crude drugs are same 
as to those for the extraction of soluble constituents from solid materials 
using solvent, which is generally referred to as leaching. The processes of 
leaching may involve simple physical solution or dissolution. The extraction 
procedures are affected by various factors, namely the rate of transport of 
solvent into the mass, the rate of solubilization of the soluble constituents 
by the solvent, the rate of transport of solution out of the insoluble material. 
The extraction of crude drugs is mostly favored by increasing the surface 
area of the material to be extracted and decreasing the radial distances 
traversed between the solids (crude drug particle). Mass transfer theory 
states that the maximum surface area is obtained by size reductions which 
entail reduction of material into individual cells. However, this is not possible 
or desirable in many cases of vegetable material. It has been demonstrated 
that even 200 mesh particles contain hundred of unbroken cells with intact 
cell wall. Therefore, it is pertinent to carry out extraction with unbroken cells 
to obtain an extract with a high degree of purity and to allow enough time for 
the diffusion of solvent through the cell wall for dissolution of the desired 
solute (groups of constituents) and for diffusion of the solution (extract) to 
the surface of the cell wall. 
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3.3 Factors Affecting the Choice of Extraction 
Process 


The choice of the process to be used for the extraction of a 
drug depends on a number of factors. 


be ee ea Ml Nature of the Crude Drug 


The choice to use maceration or percolation primarily depends 
upon the nature and characteristics of the crude drugs to be extracted. 
Therefore, knowledge of the type of organs and tissues of the plant matter 
is essential for achieving the best result. 


3.3.2 Stability of the Crude Drug 


Continuous hot extraction procedures should be avoided when 
constituents of the drug are thermolabile. 


3.3.0 Cost of the Crude Drug 


When the crude drug is expensive (e.g. ginger), it is desirable 
to obtain complete extraction. Therefore, from the economic point of view, 
percolation should be used. For inexpensive drugs, maceration, despite its 
lower efficiency, is acceptable in view of its lower cost. 


3.3.4 Solvent 


Selection of the solvent depends on the solubility of the de- 
sired components of the material. If the constituents demand a solvent 
other than a pure boiling solvent or an azeotrope, continuous extraction 
should be used. 


B.a0 Concentration of the Product 

Dilute products such as tinctures can be made by maceration 
or percolation. For semi-concentrated preparations, the more efficient per- 
colation process is used. Concentrated preparations, such as liquid or dry 
extracts, are made by percolation. 


3.3.6 Recovery of Solvent 


Solvent is preferably recovered under reduced pressure to save 
thermolabile constituents. 
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3.4 


Quality Assurance: the Extraction Process 
and Solvent 


The type of extraction procedure also plays a decisive role in 


determining the qualitative and quantitative composition of the extract. Some 
important points regarding the quality of the extracts need to be considered: 


3.5 


3.5.1 


i) The more exhaustive the extraction, the better is the yield of 


the constituents from the herbal drugs. 


ii) If maceration is facilitated by stirring and by use of commi- 


nuted material, the additional stirring and shearing forces 
may lead to better extraction. 


iii) Other factors determining the quality of the extracts are ex- 


traction time, temperature and solvent volume. 


iv) Some drugs (e.g. Hypericum spp.) are extracted very slowly 


so that exhaustive extraction can only be achieved by per- 
colation or multistage motion extraction. In many cases, 
the transfer of quality-relevant constituents from the herbal 
drugs to the extract (i.e. extraction rate) can be considerably 
improved by raising the temperature. Hypericin, pSeudohy- 
pericin and biapigenin are extracted better at higher tem- 
perature and with longer extraction times. 


v) The quality of the extracts and the spectrum of constituents 


obtained by maceration or digestion (i.e. maceration at higher 
temperature) are also influenced by the ratio of herbal drug 
to solvent. The quantity of extracted matter increases with 
the volume of extraction solvent. For example, maceration of 
Salvia officinalis flowers achieves almost exhaustive extrac- 
tion and thus the full spectrum of constituents obtained with 
percolation can be achieved with a drug:solvent ratio of 1:20. 


vi) The composition of an herbal extract depends on the type, 


concentration and elution strength of the solvent. The spec- 
trum of constituents may vary considerably depending on 
the hydrophilic or lipophilic nature of the solvent. 


Maceration Processes (Steady-state 
Extraction) 


General Procedure 


The general process of maceration on a small scale consists 


of placing the suitably crushed plant material, or a moderately coarse pow- 
der made from it, in a closed vessel and adding the selected solvent called 
menstruum. The system is allowed to stand for seven days, with occasional 
shaking. The liquid is then strained off and the solid residue, called marc, 
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is pressed to recover as much occluded solution as possible. The strained 
and expressed liquid thus obtained is mixed and clarified by filtration. Plant 
material in fine powder form is never used, as it makes subsequent clarifica- 
tion of the extract difficult. In the case of vegetable drugs, sufficient time 
is allowed for the menstruum to diffuse through the cell wall to solubilize 
the constituents within the cells and for the resulting solution to diffuse 
out. As the system is static, except for occasional shaking, the process of 
extraction works by molecular diffusion, which is very slow. Occasional shak- 
ing assists diffusion and also ensures dispersal of the concentrated solu- 
tion accumulating around the surface of the particles, thereby bringing fresh 
menstruum to the particle surface for further extraction. A closed vessel is 
used to prevent evaporation of the menstruum during the extraction period 
and thus avoids batch to batch variation. 


At the end of the maceration process, when equilibrium has 
been reached, the solution is filtered through a cloth; the marc may be 
strained through a special press. The concentrations of active constitu- 
ents in the strained and expressed liquids, sometimes called miscella, are 
the same and hence they can be combined. The expressed liquid may be 
cloudy with colloidal and small particles, and sufficient time (perhaps sev- 
eral weeks) is necessary for coagulation and settling. The settled matter is 
filtered through a filter press or any other suitable equipment. 


3.5.2 Maceration Process for Organized and Unorganized 
Crude Drugs 


Organized drugs have a defined cellular structure whereas un- 
organized drugs are non-cellular. Bark and roots are examples of organized 
crude drugs, while gum and resin are unorganized crude drugs. The proc- 
esses of maceration for organized and unorganized drugs are slightly differ- 
ent, as shown in Table 1. 


Table 1: Four differentiating steps of the maceration process, for organized and 
unorganized crude drugs 








Organized drugs Unorganized drugs 

(i) Drug + entire volume of menstruum (i) Drug + four-fifths of 
menstruum (in most cases) 

(ii) Shake occasionally for 7 days (ii) Shake occasionally on days 2 
to 7, as specified 

(iii) Strain liquid, press the marc (iii) Decant the liquid. Marc is 
not pressed 

(iv) Mix the liquids, clarify by subsidence for (iv) Filter the liquid and add 

filtration. Filtrate is not adjusted for volume remaining menstruum through 


the filter 
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During maceration of organized drugs, the marc is pressed be- 
cause a considerable proportion of liquid adheres to it and cannot other- 
wise be separated. Moreover, the volume is not adjusted because a variable 
amount of liquid containing soluble matter is left in the marc. If the volume 
is adjusted, a weak product will result. Omitting adjustment, the volume of 
liquid expressed influences the product yield and the percentage of soluble 
matter, regardless of the efficiency with which the marc is pressed in a hand 
press, screw press or hydraulic press; the strength of the product is not 
affected. Preparations made by this processes include vinegar of squill (Brit- 
ish Pharmaceutical Codex, BPC), oxymel of squill (BPC), tincture of orange 
(Indian Pharmacopoeia, IP), tincture of capsicum (BPC), compound tincture 
of gentian, tincture of lemon, and tincture of squill (BPC). 


In maceration of unorganized drugs, the marc is not pressed 
because the desirable material is mostly dissolved and the remaining marc 
is gummy and slimy. Thus, it is neither practicable nor necessary to press 
it. Moreover, the volume is adjusted because the clear upper layer is easily 
separated by filtration from the lower layer. The solution contains practically 
all the soluble matter of the drug; the small amount adherent to the gummy 
matter is recovered when the marc is washed by menstruum in the filter. 
Therefore, adjustment of volume leads to uniformity. Preparations made by 
this process include compound tincture of benzoin, tincture of myrrh (BPC), 
and tincture of tolu (BPC). 


3.5.3 Modifications to the General Processes of 
Maceration 


Repeated maceration may be more efficient than a single mac- 
eration process, as described earlier, because an appreciable amount of 
active principle may be left behind in the first pressing of the marc. Double 
maceration is used when the active constituents are particularly valuable 
and also when the concentrated infusions contain volatile oil. Where the 
marc cannot be pressed, a process of triple maceration is sometimes em- 
ployed. The total volume of solvent used is, however, large and the second 
and third macerates are usually mixed and evaporated before being added 
to the first macerate. 


3.5.4 Large-scale Extraction Procedures 


For large-scale, industrial extraction, certain modifications are 
warranted. When the extraction vessel contains a small amount of solvent 
(500-1000 ml), occasional shaking is no problem. But, for industrial work 
where a large amount of solvent and huge vessels are involved, shaking the 
vessels is difficult. Obviously, there are alternative methods of agitation that 
are just as effective and much simpler to put into practice. In addition, eco- 
nomics become increasingly important and one of the most important objec- 
tives is to improve the efficiency of extraction so that less solvent is needed 
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and evaporation requirements for concentrated products are reduced. Reduc- 
ing the cost of evaporation has the further advantage of minimizing the heat 
damage to thermolabile constituents. Some of the modified maceration pro- 
cedures used for large-scale extraction are described in the next paragraphs. 


3.5.4.1 Circulatory Extraction 


The efficiency of extraction in a maceration process can be 
improved by arranging the solvent to be continuously circulated through the 
drug, as indicated in the Figure 1. Solvent is pumped from the bottom of the 
vessel (through an outlet) and is distributed by spray nozzles over the sur- 
face of the drug. The movement of the solvent reduces boundary layers and 
the uniform distribution minimizes local concentration in a shorter time. 


Spray 
normed 





Drug 





lo 


’ Product 
Figure 1: Circulatory extraction 
3.5.4.2 Multistage Extraction 


In the normal maceration process, extraction is incomplete, 
since mass transfer ceases when equilibrium is reached. This problem can 
be overcome using a multistage process. The equipment needed for this 
method is a vessel for the crude drug, a circulating pump, spray distributors 
and a number of tanks to receive the extracted solution. The extractor and 
tanks are connected with piping and valves as shown in Figure 2, so that any 
of the tanks may be connected to the extractor for transfer of the solution. 
Each batch of drug is treated several times with solvent and, once a cycle 
is in process, the receivers contain solution with the strongest in receiver 1 
and the weakest in receiver 3. 
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3.5.4.2.1 Advantages 


The crude drug is extracted as many times as there are receiv- 
ers (in Figure 2 there are three receivers). If more extraction stages are 
required, it is only necessary to have more receivers. The last treatment of 
the drug — before it is discharged — is with fresh solvent, giving maximum 
extraction. The solution is in contact with fresh drug before removal for 
evaporation, giving the highest possible concentration. 


3.5.4.2.2 Procedure 


Fill the extractor with crude drug, add solvent and circulate. 
Run off to receiver 1. Refill the extractor with solvent and circulate. Run off 
to receiver 2. Refill the extractor with solvent and circulate. Run off to re- 
ceiver 3. Remove drug from the extractor and recharge. Return solution from 
receiver 1 to the extractor. Remove for evaporation. Return solution from 
receiver 2 to the extractor and circulate. Run off to receiver 1. Return solu- 
tion from receiver 3 to the extractor and circulate. Run off to receiver 2. Add 
fresh solvent to the extractor and circulate. Run off to receiver 3. Remove 
drug from the extractor and recharge. Repeat cycle. 


| ! i 
} i | 

! | 
on | 
———EEEE——————s aes 





Figure 2: Multistage extraction 


3.5.4.2.3 Extraction Battery 


In the normal percolation process, the percolate is a very dilute 
solution, while the ideal situation is to obtain the maximum concentration 
possible. Continuous extraction devices of battery type are used when large 
amounts of a single material are handled. Such devices can be achieved by 
treating percolation as a multistage process. In an extraction battery proc- 
ess, a series of vessels is used and extraction is semicontinuous. 


3.5.4.2.4 Equipment 
An extraction battery consists of a number of vessels with in- 


terconnecting piping. Vessels are so arranged that solvent can be added 
to and the product taken from any vessel. These vessels can, therefore, be 


74 


) 


| ‘a Ox . | 
se ¥ | 
ck y \ es 
a» ® > 


= ees == 


‘ 


y 


> Ppl tO 1:37/2:35 
RAS BOS ACN! 





EXTRACTION TECHNOLOGIES FOR MEDICINAL AND AROMATIC PLANTS 


made into a series with any of vessels as the first of the series. The use 
of an extraction battery is illustrated in Figure 3, which shows the simplest 
arrangement of three vessels. 


s@ @. OF@ 1. Charge fresh drug to C. 
cr & ; +e * 2. Transfer solution from B to C. 
1. 7 | - - ® 3, Transfer solution from A to B. 
A Big LC 4. Add fresh solvent to A. 


1, Remove product solution from C. 
2. Transfer solution from B to C. 

3. Transfer solution from A to B. 

4. Dump exhausted drug from A. 


1. Charge fresh drug to A. 
2. Transfer solution from C to A. 
3. Transfer solution from B to C. 
4. Add fresh solvent to B. 


1. Remove product solution from A. 
2. Transfer solution from C to A. 

3. Transfer solution from B to C. 

4. Dump exhausted drug from B. 


1. Charge fresh drug to B. 
2. Transfer solution from A to B. 
3. Transfer solution from C to A. 
4. Add fresh solvent to C. 


1, Remove product solution from B. 
2. Transfer solution from A to B. 

3. Transfer solution from C to A. 

4. Dump exhausted drug from C. 





Arrows indicate transfer of material to or from the vessels. An asterisk(.) is added after 
each contact stage. Key: F = fresh drug. S = solvent. P = product. E = exhausted drug. 
A, B, C, extraction vessels. Start with C empty and units A and B containing drug, with 

A more nearly exhausted. 


Figure 3: Extraction battery 


3.6 Percolation (Exhaustive Extraction) 


3.6.1 General Process of Percolation 


In this process, an organized vegetable drug, in a suitably pow- 
dered form, is packed in a percolator and the solvent is allowed to percolate 
through it. Although some materials (e.g. ginger) may be packed directly into 
the percolator in a dry state, this may cause difficulties with other drugs. With 
the addition of solvent, the dry material swells and this swelling increases 
with increasing aqueous nature of the solvent. This swelling reduces or blocks 
the flow of the solvent, thus seriously affecting the extraction process. Fur- 
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thermore, if the dry powder is packed, fine particles may be washed down the 
column and settle at the lower levels, reducing the porosity drastically, blocking 
the column and making the column nonuniform. The finer particles may even 
be washed out of the column. These difficulties can be prevented by a prelimi- 
nary uniform moistening of the raw material with the menstruum for a period 
of 4 h in a separate closed vessel; this process is called imbibition. During 
this period, the crude drug is allowed to swell to the maximum extent. Hence, 
when aqueous solvents are used for extraction, more menstruum is needed 
during imbibition. Also, the occluded air in the drug powder is replaced by the 
vapor of the solvent, thereby enabling the material to be more evenly packed 
and allowing the menstruum to flow more uniformly. Uneven packing permits 
more solvent to pass through channels offering less resistance to the flow of 
the solvent, thus resulting in inefficient extraction. After imbibition, the drug is 
packed evenly into the percolator. The imbibed drug is packed over a loose plug 
of tow or other suitable material previously moistened with the solvent. Even 
packing can be achieved by introducing the material layer by layer and pressing 
it with a suitable implement to give even compression; the pressure exerted on 
the material depends on the nature of the material and its permeability. After 
packing is over, a piece of filter paper is placed on the surface followed by a 
layer of clean sand such that the top layer of the drug is not disturbed when 
solvent is added for extraction. Sufficient menstruum is now poured over the 
drug slowly and evenly to saturate it, keeping the tap at the bottom open to 
allow the occluded gases between particles to pass out. Menstruum should 
never be poured with the tap closed since the occluded air will escape from 
the top, disturbing the bed. When the menstruum begins to drip through the 
tap, the tap is closed; sufficient menstruum is added to maintain a small layer 
above the drug and allowed to stand for 24 h. The layer of menstruum above 
the surface of the bed prevents drying of the top layer, which may result in the 
development of cracks on the top surface of the bed. The 24-h maceration pe- 
riod allows the solvent to diffuse through the drug, solubilize the constituents 
and leach out the soluble material. In this way, the extraction is more efficient 
than carrying out percolation without the maceration period. 


After the maceration, the outlet is opened and the solvent is 
percolated at a controlled rate with continuous addition of fresh solvent. The 
volume of percolate collected depends on the nature of the final product. In 
general, about 75% of the volume of the finished product is collected, the 
marc is pressed and the expressed liquid is added to the percolate, giving 
about 80%-90% of the final volume. After assay, the volume is adjusted with 
calculated quantities of fresh menstruum. If no assay is available, the volume 
is adjusted after adding the other constituents, if any. In percolation, the ex- 
pressed liquid is devoid of active constituents as they are already extracted 
during the percolation period; pressing the marc is only to recover the valuable 
solvent. This is in contrast with maceration in which the marc is pressed. 
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3.6.2 Modifications to the General Process of Percolation 


In the general process of percolation, particularly in the manu- 
facture of concentrated preparations like liquid extracts, the following prob- 
lems may arise: 


e If the active substances are thermolabile, evaporation of 
large volumes of dilute percolate may result in partial loss 
of the active constituents. 

e In the case of alcohol-water mixtures, evaporation results 
in preferential vaporization of alcohol, leaving behind an al- 
most aqueous concentrate. This may not be able to retain 
the extracted matter in solution and hence the substances 
may precipitate. 


In such cases, the general process of percolation is modified, 
as described in the next paragraphs. 


3.6.2.1 Reserved Percolation 


In this case, extraction is done through the general percolation 
procedure. At the end, the evaporation is done under reduced pressure in 
equipment like a climbing evaporator to the consistency of a soft extract 
(semisolid) such that all the water is removed. This is then dissolved in the 
reserved portion, which is strongly alcoholic and easily dissolves the evapo- 
rated portion with any risk of precipitation. 


3.6.2.2 Cover and Run Down Method 


This is a process that combines the maceration and percola- 
tion techniques. This process cannot be used for materials that contain 
volatile principles or for those which undergo change during the evaporation 
stage. This procedure is advantageous because industrial methylated spirit 
may be used for extraction instead of the costly rectified spirit. 


The detailed procedure is as follows. After the imbibition stage, 
the material is packed in a percolator and macerated for a few hours with a 
suitable diluted industrial methylated spirit. Then, the liquid is run off and the 
bed is covered with more menstruum. Maceration is done as before and the 
second volume of the extract is collected. This process is repeated several 
times with the later weaker extracts used for extraction of a fresh batch of the 
drug. More concentrated fractions are evaporated under reduced pressure to 
eliminate the toxic methanol. After the concentrate is assayed for the active 
principle or for total solids content, it is diluted with water and ethanol to ob- 
tain the correct concentration of alcohol and active principle. 
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3.6.3 Percolators 


Different types of percolators are used for small- and large- 
scale extraction. 


3.6.3.1 Small-scale or Laboratory-scale Extraction 


The processes for the manufacture of concentrated preparations, 
maceration and percolations, are involved in extraction followed by the evapore- 
tion of solvents. The two operations are combined in a continuous extraction 
process. 


The general procedures and apparatus used for small- or labo- 
ratory-scale extraction are described in the following paragraphs. 


3.6.3.1.1 Soxhlet Apparatus 


On the laboratory scale, the Soxhlet apparatus is used. It con- 
sists of a flask, a Soxhlet extractor and a reflux condenser. The raw material 
is uSually placed in a thimble made of filter paper and inserted into the wide 
central tube of the extractor. Alternatively, the drug, after imbibition with men- 
struum, may be packed in the extractor taking care that the bottom outlet 
for the extract is not blocked. Solvent is placed in the flask and brought to 
its boiling point. Its vapors pass through the larger right hand tube into the 
upper part of the extractor and then to the condenser where they condense 
and drop back onto the drug. During this period, the soluble constituents 
are extracted. When the level of the extract reaches the top of the syphon 
tube, the entire volume of extract syphons over into the flask. The process 
is continued until the drug is completely extracted. The extract in the flask is 
then processed. This procedure is thus a series of short macerations. 





Figure 4: Soxhlet apparatus for hot extraction 
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3.6.3.1.2 Official Extractor 


An official extractor, as described in the official monographs 
(e.g. IP British Pharmacopoeia), is illustrated in Figure 5. In this case, the 
extraction is a continuous percolation procedure. In this apparatus, vapors 
rise through the extraction chamber passing the drug container; the vapor 
condenses in the reflux condenser and returns through the drug, taking the 
soluble constituents to the flask. 


T conmenser 


Saher 





Figure 5: Apparatus for the continuous extraction of drugs 
3.6.3.2 Limitations of the Official Extractor 


It is not useful when the raw material contains thermolabile 
active constituents, because the extraction is carried out at an elevated 
temperature and the extract in the flask is also maintained in the hot condi- 
tion until the process is complete. It can be used only with pure solvents 
or with solvent mixtures forming azeotropes. If an ordinary binary mixture is 
used as the menstruum, the composition of the vapor will be different from 
the liquid composition. 


Similar methods can be used in large-scale production. 
A typical industrial setup for continuous extraction is shown in 


Figure 6. The principle of operation resembles that of the laboratory equip- 
ment. 
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Figure 6: Continuous extraction: large-scale plant 


3.6.3.3 Large-scale Extractor 


The drug is supported on a perforated metal plate covered with 
a layer of sacking or straw. The percolator has a removable lid which contains 
portholes for running the solvent in and for observing the flow of solvent. 
The outlet from the percolator is fitted with a tap and pipeline. This outlet 
permits removal of the percolate for subsequent processing or for use as a 
menstruum in a second percolator in series, resulting in more efficient use 
of the menstruum by carrying out the extraction in a counter-current man- 
ner. On the small scale, copper percolators were originally used but these 
are now largely replaced with percolators made of glass or stainless steel. 
A slightly conical percolator is better than a cylindrical one since the sloping 
sides permit the eventual expansion of the bed and also allow the solvent 
to permeate the material present near the sides at the bottom, which is a 
problem with a cylindrical percolator. 
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Figure 7: Commercial scale percolator 


80 


EXTRACTION TECHNOLOGIES FOR MEDICINAL AND AROMATIC PLANTS 


3.7 Infusion 


3.7.1 General Considerations 


Infusions are dilute solutions containing the readily soluble 
constituents of crude drugs. Formerly, fresh infusions, prepared by macerat- 
ing the drug for a short period in cold or boiling water, were used and diluted 
to eight volumes but, now, infusions are usually prepared by diluting one 
volume of a concentrated infusion to ten volumes with water. Concentrated 
infusions are prepared by a modified percolation or maceration process. 
After dilution with water, concentrated infusions resemble in potency and 
aroma the corresponding fresh infusion. Infusions are liable to fungal and 
bacterial growth, and it is necessary to dispense them within 12 h of their 
preparation. 


S.i.2 General Method for Preparing Fresh Infusions 


The coarsely powdered crude drug (50 g) is moistened, in a 
suitable vessel with a cover, with 50 ml cold water and is allowed to stand 
for 15 min. Then, 900 ml boiling water is added, and the vessel is covered 
tightly and allowed to stand for 30 min. The mixture is strained and enough 
water is passed to make the infusion measure 1000 ml. Some drugs are 
supplied (accurately weighed) in muslin bags for preparing specific amounts 
of infusion and as such are used for infusion preparation. If the activity of 
the infusion is affected by the heat of the boiling water, cold water should be 
used. As fresh infusions do not keep well, they should be made extempora- 
neously and in small quantities at the time of use. 


3.7.3 Preparation of Concentrated Infusions 


The official monographs also recognize certain “concentrated 
infusions” in which 25% alcohol is added during or after the infusion process 
and then diluted as per pharmacopoeial (official) requirement. Concentrated 
infusions are especially prepared in cases in which the active and desirable 
principles of drug are equally soluble in water and in the menstruum used 
for both concentrates and infusions. 


3.8 Evaporation 


One quality-relevant parameter is the evaporation of the eluate 
from the soft extract. The state of art is cautious vacuum evaporation, in 
which evaporation temperatures do not exceed 55° C. The temperature in 
relation to the evaporation time is of special importance for quality of this 
step, especially if the extract contains volatile or thermolabile constituents. 
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3.9 Conclusions 


The spectrum of constituents obtained by steady-state extrac- 
tion (simple maceration) differs from that obtained by exhaustive extraction 
(percolation). With maceration, one can achieve a spectrum of constituents 
similar to that of percolation. Different extraction procedures may be con- 
sidered to be equivalent if they respect critical quality parameters and if the 
analysis of numerous production batches confirms their compliance with 
standards. 
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4 Hydrolytic Maceration, Expression 
and Cold Fat Extraction 


A. K. Singh 


Abstract 


The incorporation of bioactive ingredients without loss of activity into foods, flavors, 
pharmaceuticals, pesticides and cosmaceutical products is very important. Extraction 
of active constituents from raw materials is an important and critical step in main- 
taining bioactivity. A number of methods are available for extraction, and these are 
selected in such a way that the activity of the phytoconstituents is retained. This paper 
discusses the processes of hydrolytic maceration, expression and cold fat extraction. 


4.1 Introduction 


The extraction of active constituents from plants is one of the 
most critical steps in the development of natural products for commercial 
use. The simplest example of extraction may be brewing a cup of coffee, 
wherein caffeine and tannins are extracted from coffee beans in hot water. 
All living organisms contain complex mixtures of chemicals, usually held 
within cellular structural material (protein, lipid, polysaccharides etc.) of 
which some are desired while others are not. Thus, taking out the desired 
part from the whole crude drug is referred to as extraction and it is done in 
solvents where ingredients move from one phase to another. 


A number of methods are available for extraction and the choice 
among them is dictated by the physicochemical properties and stability of 
the phytoconstituents to be obtained. For the extraction of essential oils, 
the simplest methods are hydrodistillation and steam distillation while other 
methods also employed are cold fat extraction, expression, maceration and 
solvent extraction. Nowadays, more advanced technologies are used, such 
as supercritical fluid extraction, solid phase micro-extraction and phytonic 
extraction. The present article deals with extraction by hydrolytic macera- 
tion, expression and cold fat extraction. 


4.2 Hydrolytic Maceration 


The word maceration is derived from the Latin word macera- 
tus, which means to soften. In reference to medicinal and aromatic plants, 
maceration refers to the preparation of a solution by soaking plant material 
in vegetable oil or water. Maceration methods are based on the immersion 
of crude drug in bulk solvent, while percolation methods depend on the flow 
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of solvent through the powdered drug. The rate of extraction depends upon 
the following: 


e The rate of transport of solvent into the mass to be leached. 

e The rate of solubilization of soluble constituents into solvent. 

e The rate of transport of solute out of the insoluble material 
and from the surface of the insoluble material into the solu- 
tion. 


In the process of maceration, the powered solid material is 
placed in a closed vessel (to prevent evaporation) and the chosen solvent 
(menstruum) is added. It is allowed to stand for a long time (varying from 
hours to days) with occasional shaking. Sufficient time is allowed for the 
menstruum to diffuse through the cell wall to solubilize the constituent 
present in the cells and for the resulting solution to diffuse out. The proc- 
ess takes place only by molecular diffusion. After the desired time, the 
liquid is strained off; the solid residue (marc) is pressed to recover as 
much solvent as possible. When the menstruum is water and the period 
of maceration is long, a small quantity of alcohol may be added to prevent 
microbial growth. 


Cold maceration of crushed grapes is done at room tempera- 
ture before the onset of fermentation. In this process, the skin and seeds 
are permitted to soak for one to two days prior to the initiation of fermenta- 
tion to get more aqueous extraction without the effect of ethanol on grape 
cells. In certain cases, hydrolysis is done with a suitable agent (enzyme) 
prior to maceration, e.g. maceration of wine. The quality of wine is judged 
by its appearance, color, aroma, taste (mouth feel) and flavor. Grape-derived 
aroma and flavor precursors exist partially as non-volatile, Sugar-bound gly- 
cosides. Hydrolysis modifies sensory attributes and potentially enhances 
wine quality. Flavored aglycones potentially affect the wine quality after hy- 
drolysis. Cell wall-degrading enzymes help in the release of grape aroma, 
when cold maceration prior to fermentation has been carried out. 


4.3 Expression Extraction of Essential Oils 


Most essential oils are isolated from the respective plant parts 
by the process of hydrodistillation or steam distillation. A few essential oils 
such as those present in the citrus fruit peel can be, and in large part are, 
obtained by pressing, which yields a product of Superior quality. The long 
action of heat with boiling water affects some thermolabile constituents 
which may decompose due to hydrolysis, polymerization and resinification. 
Therefore, the essential oil obtained by distillation does not represent the 
natural oil as it originally occurred in the plant material. In such plant ma- 
terials, essential oil is extracted by the process of expression or solvent 
extraction. 
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Before dealing with the process of expression in citrus oil, it is 
important to review the structure of a citrus peel. The citrus peel contains 
numerous oval, balloon-shaped oil sacs and glands or vesicles (0.4-0.6 mm 
diameter). These are ductless glands which are irregularly distributed in the 
outer colored (flavedo) portion of the peel of maturing and matured fruit, 
in the outer mesocarp beneath the epicarp and hypoderm and above the 
inner mesocarp (albedo), respectively. Albedo is made of cellulose, hemicel- 
lulose, lignin, pectin, sugars, glycosides, etc. On maturation, cells of albedo 
become elongated and branched, with large intracellular spaces which give 
the ripe peel its spongy texture. The spongy layer plays an important role 
in the expression of oil, but it easily absorbs the oil ejected from the sacs 
and causes some mechanical difficulties in oil extraction. The freshness 
and stage of maturity affect the oil ejection from the peel. The total weight 
of the peel is about half that of the fruit and the oil content is 0.5%-0.7%. 
The cells surrounding the oil sac contain salt (colloids) in aqueous solution. 
In contact with water, the higher osmotic pressure of the cell results in diffu- 
sion of water into them, increasing turgor pressure and causing the oil sac 
to stress from every side. If the spongy tissue is not filled with water, it will 
absorb the oil as the sacs are broken and hold it with great tenacity. So the 
pressure exerted yields first aqueous fluid and later oil. 


In Sicily, peels are immersed in water for several hours before 
being subjected to a “sponge” process. A dilute aqueous solution of salt 
acts as a carrier to prevent loss by spurting. The product of expression is 
not a simple mixture of oil and water but a thin emulsion which is left to 
stand; gradually a supernatant layer forms. Filtration through a sponge ab- 
sorbs the colloidal material and leaves the mixture of oil and water. 


4.3.1 Process of Expression 


4.3.4.1 Hand Process 


In this process, the freshly harvested fruits are cut transversely 
into two halves. The pulp is removed with a sharp-edged spoon called rastrel- 
lo. The peel is then immersed in water for several hours and finally pressed 
by hand. The worker holds, with the left hand, either one large or two smaller 
flat sponges on top of a wooden crossbar and, with the right hand, presses 
the peel against the upper sponge. Thinner peels can be pressed from in- 
side. The emulsion ejected from the oil sacs is soaked by the sponge, which 
retains solid matter and absorbs colloidal substances. Squeezing the con- 
tent of the sponge from time to time, oil is finally decanted and drawn off. 
This process requires much labor and the yield of this method is 50%-70% of 
the total oil present in the peel. The quality of oil obtained from hand press- 
ing is near to the quality present in fruit peel. A large number of small units 
in Sicily and Calabria were formerly responsible for the entire Italian produc- 
tion of lemon and orange oil, but the process is not in use now. 
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4.3.1.2 Ecuelle Process 


This process was common in the south of France. Ecuelle con- 
sists of a shallow bowl of copper with a hollow central tube with which it 
forms a sort of funnel. The bowl is equipped with large brass nails with blunt 
ends, on which the fruit is rolled by hand with some pressure until the entire 
surface of fruit yields its oil. The oil and aqueous cell contents drain into the 
central tube where they are separated by decantation. The yield is only 20% 
of the total oil present in the peel. 


These methods were quite laborious and, with the advance of 
technology, machines have been invented to do them. Nowadays, rinds are 
extracted for oil using centrifugal force. 


4.3.1.3 Hand Machine 


For expression, the peel is placed in a hollow sponge attached 
with other sponges to a plate actuated by the lever and fixed below with 
additional sponges to the base. The sponge is fitted with a funnel through 
which oil and aqueous material pass to the receiving vessel. The part that 
comes in contact with oil is made of brass or bronze. 


4.3.1.4 Sfumatrici and Pelatrici 


The machines that treat only the peel after removal of juice 
and pulp are called sfumatrici, while those that process the whole fruit are 
known as pelatrici. 


4.3.1.4.1 Special Sfumatrice 


This is a specially designed roller type machine in which each 
peel is bent to expel the maximum quantity of oil. Not much pressure is ex- 
erted to expel other contents of the cells. The emulsion is collected and fil- 
tered through wool or sponges to yield oil and water. A number of sfumatrici 
have been developed and were in use in many countries. 


In expression using sfumatrici, two approaches are used. In 
the first approach (used by Ramino Sfumatrice), only the peel is treated, so 
halving the fruit, removing the pulp and expressing the peel are the steps 
involved. In the second approach, the oil is extracted by either puncturing 
the peel glands or cutting a superficial layer of peel to expose the oil glands; 
this is followed by washing away the oil with a spray of water. 


In whole fruit extraction with a rasping machine, the whole fruit 
is crushed and oil is subsequently separated from the aqueous phase (juice 
and cell liquid). As citrus peel oil is a byproduct of the citrus juice industry, 
both the oil and juice are extracted subsequently, e.g. in a rotatory juice 
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extractor or Pipkin peel oil press. Here, the fruit is washed automatically, 
sorted according to size and then cut in two halves. The halved fruit is 
passed between two cylinders which remove only the juice by gentle press- 
ing without affecting the oil glands on the surface. The residual halved peels 
are extracted for essential oil. In the Pipkin peel oil press, for example, oil is 
expressed by two close stainless steel cylinders with capillary grooves run- 
ning around the circumference. The expressed oil automatically comes out 
of the grooves and there is no need to spray water.. 


4.3.1.5 Modern Machines 


Nowadays, complete mechanization has been achieved and 
whole fruit processing machines have been developed. These machines ei- 
ther crush whole fruit and then separate the oil from the aqueous phases 
by distillation or centrifugation, or they express the oil in such a way that it 
does not come in contact with the juice during the process. The oil extractor 
developed by Brown International, California, liberates the essential oil from 
whole citrus fruit. Oil removal is achieved by lightly puncturing the entire 
surface of the fruit with over three million sharp stainless steel points con- 
figured in the form of rotating rolls. An adjustable speed differential between 
adjacent rolls controls the amount of pressure applied to the fruit. Whole 
fruits roll across the brown oil extractor (BOE, Figure 1), which is made of 
toothed rollers partially set in a flowing bed of water which propels the fruit 
across the machine and simultaneously punctures the peel to release the 
oil from the glands. The fruit proceeds to the extractor and the oil-water mix- 
ture goes to centrifugation and to the oil recovery chamber. 





Figure 1: Brown oil extractor 


4.3.1.6 FMC Whole Fruit Extractor 


Food Machinery Corporation (FMC) of San José, California, has 
developed many designs and improved extractors in which both the juice 
and the volatile oil are extracted without getting mixed with each other. Fur- 
ther details are available at: http://files.asme.org/ASMEORG/Communi- 
ties/History/Landmarks/5549.pdf. 
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Figure 2: FMC whole fruit extractor 


The FMC juice extractor has two inter-meshing jaws which encom- 
pass the fruit, crushing it between them. The juice exits through a mesh screen 
which penetrates the center of the fruit and the juice is separated from the 
peel, pith and seeds. This crushing action is sufficient to force the oil out of the 
glands on the surface of the flavado. The FMC machine sprays water onto the 
surface of the fruit, and the oil-water emulsion is subjected to centrifugation. 
Traces of water and waxy material are separated by keeping low temperature. 
About 75% of citrus oil production utilizes this technology. The odor of cold 
pressed oil is true in nature and similar to that of the oil present in fruit. 


4.4 Cold Fat Extraction (Enfleurage) 


Certain high-quality odor-producing flowers such as jasmine, 
tuberose and gardenia yield small quantities of oil and cannot be distilled 
by hydrodistillation. Furthermore, the oil components are thermolabile and 
such flowers, even after plucking, continue to emit small quantities of per- 
fume. The oil from these types of flowers is extracted by cold fat extraction, 
i.e. enfleurage. 





Figure 3: Chassis for holding the fat crops 
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Fat possesses a high power of absorption of volatile oil and, if 
brought in contact with fragrant flowers, it absorbs the perfume. This princi- 
ple methodically applied on large scale constitutes enfleurage. The quality 
of the fat base is important for the quality of the flower oil. It must be odor- 
less and of proper consistency. If the crops (fat) is too hard, the blossoms 
will not have sufficient contact with it, the absorption will be insufficient, 
and the quality and yield will be poor. If the crops is loose, it may engulf the 
flowers so that exhausted ones are difficult to remove and retain adhering 
fat when removed. The crops must have a consistency suitable to produce 
a semihard surface from which exhausted flowers can be removed easily. 
Saturated fragrant fat extract is known as pomade. Enfleurage process of 
cold extraction is carried out in Bulgaria, Egypt, Algeria, Sicily (Italy), and 
Grasse (France). France remains the main centre of production of highly 
prized so-called natural flower oil. Natural flower oil does not include the 
distilled essential oil but applies only to flower oils obtained by enfleurage, 
maceration or solvent extraction. The whole process is carried out in cold 
atmosphere cellars (cold rooms). The mixture of one part highly purified tal- 
low and two parts lard is best suited for enfleurage. 


Different bases have been used in the preparation of crops. 
For example, vegetable fat, mineral oil, esters of polyhydric aliphatic alcohol 
(ester of glycol, glycerol, mannitol, hexitol), and fatty acids of high molecular 
weight have been tried, but the best results were from the old-fashioned 
mixture of lard and tallow. To purify tallow, it is melted after cleaning, wash- 
ing and removing blood and muscles; the skin is beaten and cleaned, and 
benzoin (0.6%) and alum (0.15%-0.30%) are added. Benzoin is a preserva- 
tive while alum causes impurities to coagulate during heating. Warm melted 
fat is filtered through cloth and left to cool. 


The vehicle for holding the fat crops during the process is a 
specially designed “chassis”. These are rectangular wooden frames (2 in. 
high, 20 in. long and 16 in. wide) that hold a glass plate (Figure 3). The fat 
crops is applied to both sides of the glass with a spatula at the beginning of 
enfleurage: 360 g crops on each side is required. When piled one above the 
other, the chassis form an air-tight compartment with a layer of fat on the 
upper and lower sides of each glass (Figure 4). Every morning, freshly picked 
flowers are cleaned by removing the leaves and stalks and eliminating the 
moisture from dew or rain. The flowers are strewn (Figure 3) by hand on top 
of the fat layer of each glass plate. Traces of moisture will cause the crops 
to go rancid, so precaution must be taken. 
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Figure 4: Pile of chassis 


When chassis are piled one above the other, flowers remain in 
contact with the lower fat crops which acts as direct solvent, whereas the 
upper fat layer (beneath the glass plate of the chassis) absorbs only the 
volatile perfume given off by the flowers. After 24 h, the flowers are removed 
from the chassis. The time of removal, however, depends on type of the flow- 
ers. Removal of the flowers from the crops is known as defleurage. Immedi- 
ately following defleurage, the chassis are recharged with fresh flowers. For 
this purpose, the chassis are turned over, thus the fat layer which in the pre- 
vious operation formed on top (ceiling) of the small chamber is now directly 
charged with fresh flowers. When the fat crops becomes saturated with 
fragrance (pomade), the crops is removed from the chassis with a spatula. 
The pomades are extracted with absolute alcohol in a process called extrait. 
At the beginning and several times during the harvest, the fat on the chas- 
sis is scratched over with a metal comb and tiny furrows are drawn in order 
to change and increase the surface area available for maximum absorption. 
The most highly saturated pomade is pomade no. 36, meaning the crops 
on the chassis has been treated with fresh flowers 36 times during the 
whole process of enfleurage. In the case of jasmine, every kilogram of fat is 
charged with 3 kg flowers during the entire period. The alcohol washing of 
pomade no. 36 are called extrait no. 36, which reproduces the natural flower 
oil to a remarkable degree. Sometimes a fatty note is present in the extrait, 
which can be removed by freezing and filtering the alcoholic washes. 
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Figure 5: Batteuses 


Pomades are processed during winter in cool cellars called 
batteuses (Figure 5) made of copper and equipped with stirrers. Several 
batteuses are arranged serially. The alcohol driven from one batteuse is 
poured in second, third and first washings of successive batteuses. For the 
last washing, fresh alcohol is used. Extrait no. 36 is cooled in a refrigerator 
to separate the fat. The exhausted fat is odorless and used for the manu- 
facture of soap. Complete concentration of extrait is done under vacuum at 
low temperature to remove alcohol, producing absolute of enfleurage which 
is semisolid in nature. The flowers removed from the chassis are extracted 
with solvents (petroleum ether) and the concentrated residue is dissolved in 
absolute alcohol. The fat is removed by freezing. This preparation is known 
as absolute of chassis. Absolute of enfleurage and absolute of chassis 
logically supplement one another because each represents only part of the 
total oil present in the flowers but, due to cost difference, they are kept 
separately. 


4.5 Conclusions 


In spite of recent technological development in the field of 
extraction, hydrolytic maceration, expression and cold fat extraction tech- 
niques are inevitable for certain types of raw material. For these materials, 
no substitutes are available at present, although hydrodistillation or solvent 
extraction can be used for essential oils of citrus and flower oils or other 
perfumery materials. Nonetheless, the real replication of essential oil or 
the true natural fragrances present in these materials can only be produced 
by expression and cold fat extraction. Only technological improvements for 
easy extraction can be made without affecting the basic principles of these 
processes. 
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5 Decoction and Hot Continuous 
Extraction Techniques 


S. Tandon and S. Rane 


Abstract 


The chapter describes the techniques, parameters and equipment used for the extrac- 
tion of plants by decoction and hot continuous extraction. Principles, mechanisms, 
merits and demerits of conventional solvent extraction and accelerated solvent extrac- 
tion are also discussed. 


5.1 Introduction 


Of the traditional methods of extraction of medicinal plant ma- 
terial for making an aqueous extract, decoction is one of the most described. 
Decoction is a water-based preparation to extract active compounds from 
medicinal plant materials. In this process, the liquid preparation is made 
by boiling the plant material with water. Decoction differs from infusion in 
that the latter is not actively boiled. Decoction is the method of choice 
when working with tough and fibrous plants, barks and roots and with plants 
that have water-soluble chemicals. The plant material is generally broken 
into small pieces or powdered. Different methods have been described for 
the preparation of decoctions. In the Ayurvedic method, traditionally known 
as kwatha, the crude drug in form of yavakuta (small pieces) is placed in 
earthen pots or tinned copper vessels with clay on the outside. Water is 
added and the pot is heated on a fire. If the material is soft, four times water 
is used per 1 part drug; if the drug is moderately hard, eight times water is 
used and if the drug is very hard, sixteen times water is recommended. The 
mixture is then boiled on low flame until it is reduced to one-fourth starting 
volume, in case of soft drugs, and one-eighth in case of moderately or very 
hard drugs. The extract is then cooled and strained, and the filtrate is col- 
lected in clean vessels. 


5.2 Solid-liquid Extraction Process 


Solid-liquid extraction is one of the most widely used unit 
operations in the medicinal and aromatic plant industry. One example of 
solid-liquid extraction is the solvent extraction of herbs. This process, also 
referred to as leaching, is a separation technique that is often employed 
to remove a solute from a solid mixture with the help of a solvent. The in- 
soluble solid may be colossal and permeable; more often it is particulate 
and the particles may be openly porous, cellular with selectively permeable 
cell walls, or surface-activated. The stream of solids being leached and the 
accompanying liquid are known as the underflow. The solid content of the 
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stream is called marc. The stream of liquid containing the leached solute is 
known as the overflow. 


5.3 Process Parameters Affecting Solid-liquid 
Extraction 


The following parameters generally affect the rate of solid-liq- 
uid extraction (leaching): 


Post-harvest processing 

Matrix characteristics 

Choice of solvent 

Method of contact 

Temperature of extraction 

Number of washes 

Condition for extraction (e.g. agitation) 


5.3.1 Post-harvest Processing 


After harvesting, most herbs have a moisture content of 
60%-80% and cannot be stored without drying. Otherwise, important com- 
pounds can breakdown or micro-organisms may contaminate the material. 
Drying of the herbs in shade in a thin layer is generally preferred. Some 
medicinal plants, like pyrethrum, lose their active constituents if exposed to 
direct sun light for a long period. For drying large quantities of plant mate- 
rial, a hot air drying oven is used where material can be placed on a large 
number of trays stacked over each other. Oven temperature must be kept 
at a safe level so as not to damage the active constituents of the medicinal 
plant. 


5.3.2 Matrix Characteristics 


Knowledge of the matrix characteristics of the carrier solid is 
important to determine whether it needs prior treatment to make the solute 
more associable to the solvent. Grinding of plant material means mechani- 
cally breaking down leaves, roots, seeds, or other parts of a plant into small 
units, ranging from large course fragments to fine powder. 


Solute may exist in the inert solids in a variety of ways: 


1. On the surface of the solid, 
2. Surrounded by a matrix of inert material, Chemically com- 
bined, or inside the cells. 


Solute adhering to the solid surface is readily removable by 


solvent. When the solute exists in pores surrounded by a matrix of inert 
material, the solvent has to diffuse to the interior of the solid to capture the 
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solute. In the medicinal plant industry, generally ball mills and fluid mills are 
employed for powdering, and the optimum particle size is established prior 
to the large-scale extraction. 


5.3.3 Choice of Solvent 


The following factors should be considered when selecting a 
solvent for commercial use: 


e Solvent power (selectivity). Only the active, desired constit- 
uents should be extracted from the plant material, which 
means that a high selectivity is required. 

e Boiling temperature. The boiling point of the solvent is as 
low as possible in order to facilitate removal of the solvent 
from the product. 

e Reactivity. The solvent should not react chemically with the 
extract, nor should it readily decompose. 

e Viscosity. A low viscosity of the solvent leads to low pressure 
drop and good heat and mass transfer. 

e Safety. The solvent should be non-flammable and non-cor- 
rosive, and should not present a toxic hazard; its disposal 
should not imperil the environment. 

e Cost. The solvent should be readily available at low cost. 

e Vapor pressure. To prevent loss of solvent by evaporation, a 
low vapor pressure at operating temperature is required. 

e Recovery. The solvent has to be separated easily from the 
extract to produce a solvent-free extract. 


5.3.4 Conditions for Extraction 


Too fine particle size may result in problems with packing of 
solids for extraction, preventing free flow of solvent through the solid bed. In 
such a case, extraction is more difficult, especially when finely divided sol- 
ids are treated in an un-agitated state. Dispersion of the particles in liquid 
solvent by agitation facilitates contact of the solid with the solvent. Agita- 
tion, while giving good extraction, may cause suspension of fine particles in 
overflowing solution. 


5.4 Method of Solid-liquid Extraction 


The three principle types of flow used in leaching systems 
are: 


1. Single-stage system 
2. Multistage counter-current system 
3. Multistage co-current system 
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Figure 1: Single-stage solid-liquid extraction 


The single-stage system represents the complete operation 
of contacting the solid feed and fresh solvent. This is rarely encountered 
in industrial practice because of the low recovery of solute obtained and 
relatively dilute solution produced. Efficiency of extraction is somewhat im- 
proved by dividing the solvent into a number of smaller portions and then 
carrying out multiple successive extractions instead of only one contact of 
the entire amount of solvent with the solid. 
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Figure 2: Multistage counter-current solid-liquid extraction 


In the continuous counter-current multistage system shown in 
Figure 2, the underflow and overflow streams flow counter-current to each 
other. This system allows high recovery of solute with a highly concentrated 
product because the concentrated solution leaves the system after contact 
with fresh solid. 
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Figure 3: Multistage co-current solid-liquid extraction 


In the multistage co-current (parallel) system shown in Figure 
3, fresh solvent and solid feeds are contacted in the first stage. Underflow 
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from the first stage is sent to the second stage, where it comes in contact 
with more fresh solvent. This scheme is repeated in all succeeding stages. 


5.5 Solid-liquid Extraction Equipment 


Equipment for solid-liquid extraction is of two types: 


a) Batch solid-liquid extractor 
b) Continuous solid liquid extractor 


The most common batch extractors employed for solid-liquid 
extraction of medicinal plants are: 


e Pot extractor. The extractor has a volume of 2-10 m° and a 
mixer is necessary to guarantee good mixing for treatment 
of fine materials. For structured materials, the mixer is only 
used for evaporation of the solvent and for emptying the 
extractor. 

e Rotating extractor. The extractor is filled with extraction ma- 
terial and solvent and starts then to rotate. The installation 
of heating coils and the use of a double jacket make it pos- 
sible to evaporate the solvent at the end of the extraction 
cycle. A special form of heating coil can act as mixer during 
the extraction period. 


The advantage of batch extractors is that they are simple to 
operate and are robustly constructed. Disadvantages of batch extractors are 
the limited capacity and the discontinuous output of the product. 





Figure 4: Pot extractor and rotating extractor 
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5.5.1 Continuous Extraction 


For continuously operating extraction, percolation and immer- 
sion are used. 


5.5.1.1 Percolation 


The solvent passes through the non-moving solid material and 
extracts the soluble active constituents. One advantage of this method is 
that the solid material requires little mechanical treatment because it does 
not need to move in the percolator while the product passes in the solution. 
Moreover, since self-filtration takes place, there is minimum content of fine 
solid particles in the extract. 


5.5.1.2 Immersion 

In this process, the solid material dips completely into the sol- 
vent and is mixed with it. Therefore, no special percolation properties of the 
solid material are necessary. The disadvantage is that no self-filtration of the 
extract solution takes place. Therefore, a filtration step has to be added. 
5.5.2 Continuous Extraction Equipment 
5.5.2.1 Continuous Horizontal Extractor 

The solid material is placed in baskets and comes in contact 


with the solvent by percolation. The flow of solvent through the extractor is 
counter-current to the flow of solid material. 
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Figure 5: Continuous horizontal extractor 
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5.5.2.2 Hildebrandt Extractor 


The solid material is extracted according to the immersion 
method. Screw conveyors are installed in the extractor for transporting the 
solid material. Again, the solvent flows counter-current to the solid materials 
through the extractor. 
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Figure 6: Hildebrandt extractor 
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5.5.2.3 Bonotto Extractor 


The Bonotto extractor is used for counter-current extraction ac- 
cording to the immersion method. The solid material is transported by the 
mixer on a tray until it reaches the open sector where it falls onto the next 
tray. The screw conveyor at the outlet withdraws the extracted solid material 
(underflow) and prevents the solution from flowing out of the extractor. 
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Figure 7: Bonotto extractor 
5.5.2.4 Bollmann Extractor 


The fresh solvent is added during the upward movement of the 
baskets so that this part operates in counter current. The already preload- 
ed solution is withdrawn from the bottom of the extractor and enters the 
downward-moving baskets so that this part of the extractor operates in a 
co-current way. The full miscella is withdrawn at the bottom of the extractor. 
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In the baskets, self-filtration takes place, so that no further treatment of the 
miscella before distillation is necessary. 





Full misceiia 


Figure 8: Bollmann extractor 
5.5.2.5 Kennedy Extractor 


The solid material is transported by paddles from one chamber 
to the next, in counter-current way to the solvent. The chamber where the 
miscella is withdrawn is used as a filtration unit where fine particles are 
separated from the extract solution. 
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Figure 9: Kennedy extractor 
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5.6 Conventional Solvent Extraction 


5.6.1 Principles and Mechanisms 


Classic techniques for the solvent extraction of active constitu- 
ents from medicinal plant matrices are based on the choice of solvent cou- 
pled with the use of heat or agitation. Existing classic techniques used to 
obtain active constituents from plants include: Soxhlet, hydrodistillation and 
maceration with an alcohol-water mixture or other organic solvents. Soxhlet 
extraction is a general and well-established technique, which surpasses in 
performance other conventional extraction techniques except for, in limited 
fields of application, the extraction of thermolabile compounds. 


Condenser 


Extraction 
chamber 


~ Thimble 


Siphon arm 


Extraction 
Solvent 


Boiling 
flask 





Figure 10: Soxhlet extractor 


In a conventional Soxhlet system, as shown in Figure 10, plant 
material is placed in a thimble-holder, which is filled with condensed fresh 
solvent from a distillation flask. When the liquid reaches the overflow level, a 
siphon aspirates the solution of the thimble-holder and unloads it back into 
the distillation flask, carrying extracted solutes into the bulk liquid. Solute is 
left in the flask and fresh solvent passes back into the plant solid bed. The 
operation is repeated until complete extraction is achieved. 
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Advantages: 


Advantages and Disadvantages of Soxhlet Extraction 


1. The displacement of transfer equilibrium by repeatedly bringing 


fresh solvent into contact with the solid matrix. 


2. Maintaining a relatively high extraction temperature with heat 


from the distillation flask. 


3. No filtration of the extract is required. 


Disadvantages: 


1. Agitation is not possible in the Soxhlet device. 

2. The possibility of thermal decomposition of the target com- 
pounds cannot be ignored as the extraction usually occurs 
at the boiling point of the solvent for a long time. 


Worldwide, most of the solvent extraction units are based on the 
Soxhlet principle with recycling of solvents. Basic equipment for a solvent extrac- 
tion unit consists of a drug holder-extractor, a solvent storage vessel, a reboiler 
kettle, a condenser, a breather system (to minimize solvent loss) and support- 
ing structures like a boiler, a refrigerated chilling unit and a vacuum unit. 


Table 1: Some common solvents used for the extraction of medicinal and aromatic plants 





Threshold limit 





Solvent Boiling point, °C Miscibility with H,O values, ppm 
Acetone 56 co 1000 
Acetic acid 116-117 co 10 
Ethyl acetate 77 80% 400 
Benzene 80 <0.01% 25 
2-Butanol 79.5 19% 2200 
Cyclohexane 80.7 <0.01% 300 
Dichloromethane 39.7 1.3% 2200 
Chloroform 61 8% 50 
Carbon tetrachloride 76.77 0.8% 10 
Hexane 69 <0.01% - 
Ethanol 78 oo 1000 
Ethyl ether 34.6 1.2% 400 
Petrol ether 30-50 - 500 
Propanetriole 290* oo - 
Methanol 64.7 oo 200 
1-Propanol 91 M 400 
2-Propanol 82.4 M? 400 
Toluene 110.6 0.06 100 





t= < 0.01%; * with decomposition; M miscible; co completely miscible 
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5.7 Accelerated Solvent Extraction 


5.7.1 Principles and Mechanisms 


Accelerated solvent extraction (ASE) is a solid-liquid extraction 
process performed at elevated temperatures, usually between 50° and 200° 
C, and at pressures between 10 and 15 MPa. Therefore, accelerated solvent 
extraction is a form of pressurized solvent extraction. Increased tempera- 
ture accelerates the extraction kinetics and elevated pressure keeps the 
solvent in the liquid state, thus achieving safe and rapid extraction. Also, 
high pressure allows the extraction cell to be filled faster and helps to force 
liquid into the solid matrix. A typical accelerated solvent extraction system is 
illustrated in Figure 11. Although the solvent used in ASE is usually organic, 
pressurized hot water can also be used. In these cases, one refers to pres- 
surized hot water extraction or sub-critical water extraction. 
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Figure 11: Accelerated solvent extraction 


5.7.2 Advantages and Disadvantages of Accelerated 
Solvent Extraction 


Compared with traditional Soxhlet extraction, ASE presents a 
dramatic reduction in the amount of solvent and extraction time. Particular 
attention should be paid to ASE performed at high temperature, which may 
lead to degradation of thermolabile compounds. 


5.8 Important Factors for Designing a Solvent 
Extraction Plant for Medicinal Plants 


High efficiency of extraction 

Minimal solvent loss 

Facilities for cold and hot extractions 
Extraction with agitation 
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Multiple solvent extraction systems 

Multiple fraction collection systems 

On-line filtration unit 

Solvent recycling and condensing unit 

Vent lines with breather for minimizing solvent loss and max- 

imizing safety 

e Brine circulation unit 

e Fractionating column for separation of solvent mixtures 

e Efficient evaporating systems like falling film, wiped film or 
rotary evaporators to work under low pressures 

e Vacuum manifold system with cold traps 

e GMP compatible 

e Automation 





Figure 12: Solvent extraction plant at CIMAP India 


5.9 Conclusions 


Decoction, a water-based preparation, is one of the most used 
traditional methodologies for the extraction of active constituents of a me- 
dicinal plant. It is generally carried out by boiling the plant part for a fixed 
period. Hot continuous extraction or solvent extraction technique is one of 
the most widely used extraction techniques for the processing of medicinal 
plants. The solvent extraction method is simple, well established and eco- 
nomical. Important factors that can affect the efficiency of extraction, such 
as post-harvest processing, solid characteristics, choice of solvent, method 
of contact, and temperature, should be optimized for best yield. The choice 
of solvent especially for commercial plants and high efficiency usually de- 
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pends on many factors such as selectivity, polarity, boiling point, chemical 
and thermal stability, safety, flammability, and costs. Despite the economic 
advantages of solvent extraction, the use of volatile organic solvents such 
as hexane, acetone and methanol for processing medicinal plants has been 
limited due to environmental considerations. Hot continuous extraction 
technology shall always remain the method of choice for high efficiency, 
economical extraction and with less capital investment. 
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6 Aqueous Alcoholic Extraction of Medicinal 
and Aromatic Plants by Fermentation 


C. K. Katiyar 


Abstract 


The history of the development of pharmaceutical dosage forms can be traced back to 
the Vedic era. It provides insight into the innovations made during ancient times when 
the crude herbs were initially used in powder form and later on they were used as de- 
coctions, self-fermented products, paste, pills and other advanced dosage forms. New 
drug development involves the search for novel and new pharmacophores. Combinato- 
rial chemistry cannot solve the problem in a satisfactory manner nor can the reduc- 
tionist approach be applied to medicinal plants. Asava arishta, a fermented Ayurvedic 
product, is a good source of novel pharmacophores for new drug discovery. 


6.1 Introduction 


The history of development of pharmaceutical dosage forms 
can be traced back to Charak Samhita, the first systematic documentation 
of Ayurveda. Ayurveda has recommended a comprehensive Materia Medica 
including medicinal plants, minerals, metals, and products of marine and 
animal origin. However, the use of herbs has been given priority. 


Medicinal plants have been used for therapeutic purposes for 
centuries. Initially, these were used in fresh or dried powder form, which 
caused the problems of high dose, high volume and low shelf life. This led 
to the development of extraction processes. Extracts were found to be more 
useful as the necessary dose was less, the volume was low and shelf life was 
higher. Initially the solvents used for extraction were either water or alcohol, or 
their mixture. This evolutionary phase is continuing even today where solvents 
of all kinds of polarity are tried and extraction technologies have evolved from 
simple water decoction centuries ago to supercritical extraction. While this is 
true for some streams of products, Ayurveda did not exactly follow the same 
route but adopted a sui generis system of innovation. 


6.2 Ayurvedic Dosage Forms 


During ancient times, various dosage forms were developed. 
The number of dosage forms that developed over time is given below: 





Charak Samhita (12‘ century BC) 128 dosage forms 
Sushruta Samhita (10 century BC) 129 dosage forms 


Ashtanga Hridaya (6" century AD) 90 dosage forms 
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Chakradutta (9 century AD) 90 dosage forms 
Sarngadhara (14 century AD) 75 dosage forms 
Bhaishajya Ratnavali (18 century AD) 98 dosage forms 





The evolutionary phases of dosage forms followed by Ayurveda 
starting from crude plant material are mentioned in the following paragraphs. 


6.2.1 Swarasa (Fresh Juice) 


The evolution of liquid orals started from the administration of 
freshly obtained juices of plant material. To obtain fresh juices, green herbs 
are crushed and the juice is expressed by squeezing the crushed material. 
The product is referred to as swarasa. 


6.2.2 Kalka (Wet Bolus) 


In this method, the crushed fresh plant material is adminis- 
tered as such, without expressing the juices. 


6.2.3 Kwatha (Decoction) 


One part of coarsely powdered herb is boiled with 16 times its 
weight of water in an earthen pot over a mild fire until the liquid is reduced to 
one-fourth or one-eighth of the original quantity, depending upon the nature 
of the plant material. 


6.2.4 Hima (Cold Infusion) 


The plant material is dried and coarsely powdered. As and when 
required, the powder is soaked in plain water for a defined period. Then it is 
filtered, the marc is squeezed, and the combined filtrate is used. 


6.2.5 Phanta (Hot Infusion) 


As a further advancement of hima, the phanta method was 
adopted. This method uses boiled water for obtaining a hot infusion. 


6.2.6 Solids 


Anjana, Churna, Mansa potli, Utkarika, Kshara, Gutika, Guda, 
Dhumravarti, Puplika, Prithuka, Mandura, Modaka, Rasakriya, Vati, Varti, 
Shashkuli, Saktu, Bhasmas, Rasaushadhis. 
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6.2.7 Semisolids 
Oral: odana (rice preparation), kalka, krishara, avaleha. 


Topical: lepa, upnaha (poultice), tilapishta, patrasveda, madhuc- 
chishta (beeswax). 


6.2.8 Liquids 


Oral: taila, ghrita, asava/arishta, arka, kwatha, kshirapaka, takra, 
phanta, him, swarasa, peya, phanita, manda, manasa rasa, yusha, vesavara, 
vilepi, madya 


Topical: ashchyotana, karna purana. 
6.2.9 Fumes 


Dhumrapana, dhupana. 
6.3 Shelf Life of Dosage Forms 


Sarngadhara Samhita gave the shelf life of various dosage 
forms. In ancient times, Ayurvedic physicians themselves prepared the 
recipes for patients. In ancient times, Ayurvedic physicians themselves 
prepared the recipes for patients; during the fourteenth century AD, they 
became aware of the problem of poor shelf life of the botanicals in some 
dosage forms, such as powder and decoction. This led to the discovery of 
novel dosage forms termed asava and arishtas, which are self-fermented 
preparations having approximately 10%-12% alcohol. These are similar to 
medicated wines. In the preparation of asava cold infusion of unprocessed 
plant material is used, whereas for the preparation of arishta decoction of 
the plant material is used for fermentation. 


6.4 Asava and Arishta: Self-fermented Products 


This unique dosage form discovered by Ayurveda is supposed 
to have indefinite shelf life and it was said that the “older the better it 
is”. In terms of current understanding, this phrase assumes more impor- 
tance because this dosage form has an inherent attribute of continuous 
hydro-alcoholic extraction and probably formation of natural analogues of 
the chemical compounds present in the medicinal plants. Some of the major 
self-fermented Ayurvedic preparations are given in Table 1. 
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Table 1: Major self-fermented Ayurvedic preparations 











No. of =. ys 

Product ingredients Indication 

Aravindasava 27 Pediatric tonic 

Arjunarishta 5 Cardiotonic 

Ashokarishta 14 Menstrual cycle regulator, especially to control 
excessive bleeding for prolonged periods 
during menstrual cycle 

Ashwagandharishta 24 General tonic 

Dashamularishta 67 Normalization of physiological processes after 
childbirth in women; also anti-inflammatory 

Drakshasava 17 General tonic 

Jeerakadyarishta 13 Galactogogue 

Kumaryasava 46 Liver disorders 

Kutajarishta 6 Diarrhea and dysentery 

Lohasava 14 Anemia 

6.4.1 Self-fermentation Process for Preparing Asava 

Arishta 


Preparation of asava arishtas involves complicated processes 
where the following factors play important roles: 


Ingredients and their ratios 
Process 

Pot 

Season 

Place 


The method of preparing asava arishtas is known as sandhana 
kalpana in Ayurveda. Briefly, a decoction or cold infusion of several herbs is 
taken and a defined amount of jaggery (dried juice of sugarcane) is added 
along with flowers of Woodfordia fruticosa as inoculum to initiate fermenta- 
tion. It is kept for about four weeks for fermentation by anaerobic method 
to obtain a particular level of self-generated alcohol. The product is then 
kept for some time for maturation. Spices like cardamom and cinnamon are 
added as flavoring agents. A brief outline of the process of preparing asava 
arishta is given in Figure 1. 
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Ground herbs 


Extraction: 
infusion/decoction 


Preparation of fermentation 
medium 
jaggery and/or honey 










Powdered spices 





Figure 1: The traditional process of preparing asava-arishtas 


A crude match-box method is applied to check whether fer- 
mentation has occurred. This method depends upon the release of carbon 
dioxide during the process. The major role in this dosage form is played by 
Woodfordia fruticosa, which is used as inoculum for fermentation but ap- 
pears to play a role beyond that. 


6.4.2 Merits of the Process 


Prahst has mentioned some of the benefits of fermented herb- 
al products which are reproduced below: 


Fermentation removes most of the undesirable sugars from 
plant material, makes the product more bio-available and 
eliminates side effects such as gas and bloating. 
Fermentation extracts a wider range of active ingredients 
from the herb than any extraction method since the men- 
struum undergoes a gradient of rising alcohol levels. 

Yeast cell walls naturally bind heavy metals and pesticide 
residues and, therefore, act as a natural cleansing system. 
Not only does fermentation remove contaminants, it can 
also lower the toxicity of some of the toxic components in 
plants. 

Fermentation actively ruptures the cells of the herb, expos- 
ing it openly to the menstruum and bacteria have enzymes 
that break down cell walls to further assist in the leaching 
process. Fermentation also creates an active transport sys- 
tem that moves the dissolved constituents from the herbal 
material to the menstruum. 
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6.5 Application of Asava Arishta Technology in 
New Drug Discovery 


The Ayurvedic dictum with regard to asava arishtas that “older 
is better” needs to be scientifically evaluated. The process of preparing 
asava arishtas appears to involve: 


1. Slow hydro-alcoholic extraction at room temperature of 
crude plant material particles floating in the liquid. Since the particle size of 
the plant material floating in the liquid is small, the effectiveness of extrac- 
tion may be higher because of the larger surface area. 

2. During the process, if the product is kept for a prolonged 
period, the probability of development of analogues of some of the pure 
chemical compounds of the plant material is high. 


With a view to enhance the success rate of isolation of pure 
“druggable” compounds from medicinal plants, it is advised to start from 
2- to 3-year-old self-fermented preparations than from solvent extracts. The 
chances of successful isolation of effective therapeutic compounds using 
this approach may be high and need to be evaluated. 


6.6 Conclusions 


Fermentation was applied hundreds of years ago in Ayurveda 
to develop asava arishtas, a multiherbal product, with a view to increase the 
shelf life and also to enhance the efficacy profile. The race for discovery of 
new molecules is getting increasingly competitive; at the same time, lack of 
new and novel pharmacophores is a big impediment which slows down drug 
discovery. Nature continues to be a source of pharmacophores, although the 
compounds isolated may not be “druggable” as such. They need to be de- 
rived, mostly to enhance their potency. In asava arishtas, the self-fermented 
products can undergo continuous chemical transformation which goes on 
beyond hydro-alcoholic extraction of the suspended material. This may re- 
sult in novel natural molecules with enhanced therapeutic activity. 
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7 Distillation Technology for Essential Oils 
S. Tandon 


Abstract 


In many developing countries, the technology employed for extraction of essential oils 
from aromatic plants is primitive and obsolete. This results in low yield and poor quality 
of essential oils. Thus, there is great need for attaining adequate technological capabil- 
ity in the area of processing essential oil plants. This article deals with the different 
techniques of distillation, the principles of distillation, and important processing and 
design aspects which affect the yield and quality of the essential oils. 


7.1 Introduction 


Distillation is the most popular, widely used and cost-effective 
method for producing essential oils throughout the world. 


Distillation of aromatic plants simply implies vaporizing or lib- 
erating the oils from the plant cellular membranes in the presence of mois- 
ture, by applying high temperature and then cooling the vapor mixture to 
separate the oil from the water on the basis of the immiscibility and density 
of the essential oil with respect to water. 


7.2 Principles of Distillation 


The choice of a particular process for the extraction of essen- 
tial oil is generally dictated by the following considerations: 


a) Sensitivity of the essential oil to the action of heat and water 
b) Volatility of the essential oil 
c) Water solubility of the essential oil 


Essential oils with high solubility in water and those that are sus- 
ceptible to damage by heat cannot be steam distilled. Also, the oil must be 
steam volatile for steam distillation to be feasible. Most of the essential oils 
in commerce are steam volatile, reasonably stable to heat and practically in- 
soluble in water; hence they are suitable for processing by steam distillation. 


Essential oils are a mixture of various aroma chemicals, basi- 
cally monoterpenes, sesquiterpenes and their oxygenated derivatives, hav- 
ing a boiling point ranging from 150° to 300° C. When the plant material is 
subjected to heat in the presence of moisture from the steam, these oils are 
liberated from the plant. For the oil to change from the liquid to the vapor 
phase, it must receive latent heat that, within the tank, can only come from 
condensing steam. Consequently, the temperature of the steam within the 
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still must be higher than the temperature at which the oil boils in the pres- 
ence of water on the surface of the plant material, otherwise there would 
not be a temperature gradient to take the latent heat from the condensing 
steam to vaporize the oil droplet. Thus, the energy from the steam in form 
of heat as latent heat of vaporization converts the oil into a vapor. But, as 
the boiling point of the oil is higher than that of water, the vaporization takes 
place with steam on the basis of their relative vapor pressures. 


It is imperative to note that a liquid always boils at the tem- 
perature at which its vapor pressure equals the atmospheric or surround- 
ing pressure. For any two immiscible liquids, the total vapor pressure of 
the mixture is always equal to the sum of their partial pressures. The 
composition of the mixture in the vapor phase (in this case, oil and water) 
is determined by the concentration of the individual components multi- 
plied by their respective partial pressures. For example, if a sample of 
an essential oil comprised of component A (boiling point, 190° C) and 
water (boiling point, 100° C) is boiled, after some time, once their vapors 
reach saturation, the temperature will immediately drop to 99.5° C, which 
is the temperature at which the sum of the two vapor pressures equals 
760 mmHg. In other words, the oil forms an azeotropic mixture with water. 
Thus, any essential oil having high boiling point can be evaporated with 
steam in a ratio such that their combined vapor pressures equal the at- 
mospheric pressure; the essential oil can be recovered from the plant by 
the wet distillation process. 


7.3 Methods for Distillation 


The following four techniques for the distillation of essential 
oils from aromatic plants are employed: 


1. Water distillation (or hydrodistillation) 
2. Water and steam distillation 

3. Direct steam distillation 

4. Distillation with cohobation 


7.3.1 Hydrodistillation 


Hydrodistillation is the simplest and oldest process available 
for obtaining essential oils from plants. Hydrodistillation differs from steam 
distillation mainly in that the plant material is almost entirely covered with 
water in the still which is placed on a furnace. An important factor to consid- 
er in water distillation is that the water present in the tank must always be 
enough to last throughout the distillation process, otherwise the plant mate- 
rial may overheat and char. In this method, water is made to boil and the 
essential oil is carried over to condenser with the steam which is formed. 
Water-distilled oil is slightly darker in color and has much stronger still notes 
than oils produced by other methods. The stills based on this principle are 


116 


EXTRACTION TECHNOLOGIES FOR MEDICINAL AND AROMATIC PLANTS 


simple in design and are extensively used by small-scale producers of es- 
sential oils. Care should be taken during distillation of powdered herbs, as 
they tend to settle on the bottom of the still and get thermally degraded. 
Also, for plant material that tends to form mucilage and increase the viscos- 
ity of the water, the chances of charring are greater. For plant material that 
has a tendency to agglomerate or to agglutinate into an impenetrable mass 
when steam is passed through (like rose petals), water distillation is the 
preferred method of oil isolation. 


The primitive, traditional Indian system of essential oil distilla- 
tion, bhapka method, is also based on water distillation (Figure 1). In this 
process, the plant material is entirely covered with water in a distillation still, 
which is made of copper and is known as deg. This deg is placed in a brick 
furnace. Another copper vessel with a long neck is placed in a water tank or 
natural pond to serve as a condenser. A bamboo pipe is used as the vapor 
connection and mud is used to seal the various joints. The water is boiled, 
the oil vapors along with steam are condensed in the copper vessel, and oil 
is separated. The capacity of one deg is around 40 kg/batch. These types of 
units are still being used in Kannauj in Uttar Pradesh and in the Ganjam dis- 
trict of Orissa, India for the preparation of rooh and attars of gulab, kewda, 
khus, rajnigandha, and bela. These units can easily be transported from one 
place to another, but are not suitable for large-scale distillation of aromatic 
crops like grasses and mints. 





Figure 1: Traditional Indian deg bhapka method 


Although hydrodistillation (water distillation) is still being used, 
the process suffers from the following serious drawbacks: 
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a) As the plant material near the bottom of the still comes in 
direct contact with the fire from the furnace, it may char and 
thus impart an objectionable odor to the essential oil. 

b) The prolonged action of hot water can cause hydrolysis of 
some constituents of the essential oil, such as esters. 

c) Heat control is difficult, which may lead to variable rates of 
distillation. 

d) The process is slow and distillation times are much longer 
than those of steam distillation. 


7.3.2 Water and Steam Distillation 


To eliminate some of the drawbacks of water distillation, some 
modifications were made to the distillation units. A perforated grid was intro- 
duced in the still, to support the plant material and to avoid its direct contact 
with the hot furnace bottom. When the water level is kept below the grid, the 
essential oil is distilled by the rising steam from the boiling water. This mode 
of distillation is generally termed water and steam distillation. 


The field distillation unit (FDU), also known as a directly fired- 
type distillation unit, is designed according to the principle of water and 
steam distillation. The FDU consists of a still or tank made of mild stainless 
steel with a perforated grid and is fitted directly to a brick furnace. A chimney 
is connected to the furnace to minimize the pollution at the workplace and 
also to induce proper firing and draft. The plant material is loaded on the 
perforated grid of the tank and water is filled below it. The tank is connected 
to the condenser through a vapor line. The water is boiled and the steam 
vapors pass through the herb, vaporize the oil and get condensed, mostly in 
a coil condenser by cooling water. The condensate (oil-vapor mixture) is then 
separated in the oil separator. 


These units are simple to fabricate and can be installed in the 
farmer’s field. Due to their simple construction, low cost and easy opera- 
tion, FDUs are extremely popular with essential oil producers in developing 
countries. The furnace is always fueled by locally available firewood or straw. 
This makes the unit suited for use in remote areas where the raw material 
is available. This also helps in reducing transportation costs in the produc- 
tion of essential oils. FDUs are currently finding application in distillation of 
patchouli oil in Indonesia, aromatic grass and mint oil in India, citronella oil 
in Taiwan and many more all over the world. A local FDU currently being used 
by rural farmers in India for the distillation of mint oils is shown in Figure 2. 
Such field units generally can hold 100-2000 kg plant material. Total time 
for distillation with these units is about 6-8 h. 
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Figure 2: Local type field distillation unit in India 
7.3.2.1 Improved Field Distillation Units 


Due to the limited heating surface available, the rate of steam 
production in the FDU is always insufficient. This results in prolonged distil- 
lation periods and sometimes lower oil yields. Refluxing of oil back into the 
still due to inadequate steam rate may lead to decomposition reactions and 
poorer oil quality. Experimental measurements made at the Central Institute 
of Medicinal and Aromatic Plants (CIMAP), India, have shown that firewood 
consumption in a conventional field still may be up to 2.5-times greater than 
that of a modern steam distillation unit operated by an external boiler. This 
factor may not be critical where fuel supplies are cheap and abundant but, in 
many developing countries, fuel supplies are getting scarce and costly and 
low thermal efficiency can directly affect the cost of production. 





Figure 3: CIMAP’s improved field distillation unit 
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Considering the previously mentioned demerits of FDUs, de- 
signs of economical and improved units with capacities 500-2000 kg per 
batch are now being preferred (Figure 3). The units are fabricated with high 
quality mild stainless steel, keeping in view the plant materials to be dis- 
tilled. The improved distillation unit consists of a cylindrical distillation tank 
fitted on a square inbuilt boiler (calandria) having smoke pipes which reduc- 
es the heating time of the water, resulting in a high rate of steam generation 
and lower fuel consumption (20%-30%). Hot flue gasses of the furnace are 
led through the smoke tubes where they impart heat to the water, thus rais- 
ing additional steam. The tank is fitted on a specially designed furnace hav- 
ing fire grate, flue ducts and fire door for proper controlling of the firing and 
draft. The furnace is connected to a chimney of optimum height to maximize 
the air draft and control the pollution by smoke in the workplace. A similarly 
designed stainless steel shell and tube-type condenser having higher con- 
densation capacity are used for cooling the vapors. It prevents loss of oil 
due to improper condensation. The condensed oil-water mixture is then al- 
lowed to pass through a specially designed stainless steel oil separator. The 
separator has an inbuilt baffle to maximize the retention time of the mixture, 
thereby resulting in no loss of oil with the outgoing water from the separator. 
The unit also has a chain pulley hoist system with a support structure that 
makes work easier and saves time during discharge of the distillation waste 
material from the tank. CIMAP has designed, fabricated and supplied these 
improved units to entrepreneurs and farmers in different parts of India. 


7.3.3 Direct Steam Distillation 


In direct steam distillation, plant material is distilled with steam 
generated outside the tank in a steam generator or boiler. As in water and 
steam distillation, the plant material is supported on a perforated grid above 
the steam inlet. As already noted, the steam in an FDU is at atmospheric 
pressure and hence its maximum temperature is 100° C. But, steam in a 
modern pressure boiler operating at, for example, 50 psi pressure will have 
a temperature correspondingly higher. Moreover, there is no limitation to the 
steam generation when an external boiler is used as a source of steam. The 
use of high-pressure steam in modern steam distillation units permits much 
more rapid and complete distillation of essential oils. 


Steam distillation is preferred when a lot of area is under cultiva- 
tion and more than one unit is to be installed. Also, for distillation of high boiling 
oils and hardy materials such as roots and woods like sandalwood, cedar wood 
and nagarmotha, steam distillation is more efficient. Steam distillation also 
reduces the time required for the extraction of oils. A charge of Java citronella, 
which takes up to 5 h in an FDU, is processed within two to 3 h in a steam 
distillation still. In this method of distillation, steam is generated separately in 
a steam boiler and is passed through the distillation tank through a steam coil 
(Figure 4). The plant material is tightly packed above the perforated grid. Steam, 
containing the oil vapor, is condensed in a tube condenser and is separated in 
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the oil receiver. Fuel costs are generally lower in modern steam distillation units 
due to higher thermal efficiency at which most of the boilers operate. Capital 
cost is higher, thus only bigger producers can afford to own such units. Still 
capacities range from 1 to 3 tonne plant material per batch. 
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Figure 4: Boiler-operated steam distillation unit 


7.3.3.1 Comparison of Boiler-operated Unit with Directly 
Fired Type 


a) It is possible to run a large number of distillation units by a 
single steam boiler. Hence a boiler system is ideal for large- 
scale production of essential oils. An FDU is more suited for 
small and medium-sized farmers. 

b) The efficiency of extraction of essential oil in a well-designed 
FDU can equal that obtained by a boiler unit. But in a poorly 
designed FDU, oil recovery may be low and fuel wastage may 
be heavy accompanied by smoke pollution. 

c) Steam injection rate in a boiler-operated unit can be adjust- 
ed with ease but steam generation rate in an FDU is limited 
by the heat transfer area provided in the unit. Insufficient 
steam generation in an FDU can result in low oil yield. 

d) Boiler-operated units require a skilled boiler man for oper- 
ation but an FDU can be operated by relatively low-skilled 
workers. 


7.3.4 Distillation with Cohobation 
Cohobation is a technique that can be used for water distillation 
or for water and steam distillation. It uses the process of returning the distil- 


late water to the still after the oil has been separated from it so that it can be 
re-boiled. This is basically an improvised methodology of the directly fired type 
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steam and water distillation units for oils which have partial solubility in water. 
Although most of the essential oils have finite solubility in water, some oils 
like those of rose, lavender and geranium have comparatively higher solubility. 
In such extractions, the loss of oil with the outgoing water of distillation can 
become alarmingly high. This problem can be solved by returning the conden- 
sate water from the separator back to the still; this is known as cohobation. It 
is evident that this cannot be done with steam distillation as the water level in 
the still will keep building up due to continuous steam injection. 


In a further improved version, a packed column is placed on top 
of the column for providing mass transfer to the oil-water vapors, so as to 
increase the concentration of the outgoing condensate and to coalesce the 
oil droplets in the oil separator (Figure 5). The condenser is placed above the 
column so that the condensate water from the separator can be recycled back 
to the still by means of gravity. Additional heat, if required, can be provided by 
a closed steam coil immersed in the tank bottom. The condenser is moved 
above the distillation still so that condensed water from the separator can flow 
by means of gravity to the still. By limiting the total quantity of water in this 
closed cycle operation, it is possible to obtain increased yields of essential 
oils that are more water soluble. It is relevant to point out here that prolonged 
recirculation of the distillation water allows the various impurities and plant 
decomposition products to build up in the system. This may sometimes affect 
the quality of the oil. One must always keep this in mind when considering a 
cohobation distillation system for any application. 





Figure 5: Distillation unit with cohobation 
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7.4 Hydrodiffusion 


This system was first described in 1983. Unlike traditional 
steam distillation, hydrodiffusion works on the diffusion principle of allowing 
steam to enter the top of the plant charge and diffuse through the charge 
by gravity. The process uses the principle of osmotic pressure to diffuse oil 
from the oil glands. The system is connected to a steam source, and low 
pressure steam is passed into the plant material from a boiler. The condens- 
er, which is directly under the basket within the still, is of the tube type. The 
oil and water are collected below the condenser in a typical oil separator. 
Hydrodiffusion is an efficient process that is easy to use, especially regard- 
ing the processes of loading and unloading the plant material. The yield of 
oil is higher and the process is advantageous because of the reduced steam 
consumption, shorter distillation time and absence of hydrolysis, as the raw 
material does not come in contact with boiling water. However, because of 
the downward flow of steam and condensate, co-extraction of other non- 
volatile compounds (such as lipids, chlorophyll and fatty acids) and polar 
components makes the process complicated. Although it may seem that 
hydrodiffusion is a better alternative to conventional distillation processes, 
the fact remains that commercial ventures based on hydrodiffusion have not 
been able to take off successfully. 


t5 Parameters Affecting Yield and Quality 
of Essential Oils 


The yield and quality of essential oil from steam distillation is 
affected by the various process parameters. It is advisable to keep them in 
mind while designing such systems. Some of the important parameters are 
being listed below. 


7.5.1 Mode of Distillation 


The technique for distillation should be chosen considering the 
boiling point of the essential oil and the nature of the herb, as the heat 
content and temperature of steam can alter the distillation characteristics. 
For high boiling oils such as woody oils (e.g. Sandalwood, cedar wood) and 
roots (e.g. Cyperus), the oil should be extracted using boiler-operated steam 
distillation. Since the heat content and temperature of steam depend upon 
its pressure, a change in steam pressure can alter the distillation charac- 
teristics. High-boiling constituents of essential oils normally require high- 
pressure steam to distill over. For oil of rose and other florals, the material 
is generally immersed in water, i.e. hydrodistillation, as flowers tend to ag- 
gregate and form lumps which cannot be distilled using water and steam 
distillation or direct steam distillation. 
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7.5.2 Proper Design of Equipment 


Improper designing of tank, condenser or separators can lead 
to loss of oil and high capital investments. The design of the furnace and 
chimney affects the firing and heat control of the distillation rates. Tank 
height:diameter ratio is important. Similarly the use of a condenser with an 
improper design and without calculating the heat transfer areas based on 
the steam generation areas will lead to improper condensation and loss of 
oil. 


7.5.3 Material of Fabrication of Equipment 


Essential oils which are corrosive in nature should be prefer- 
ably distilled in stills made of resistant materials like aluminum, copper or 
stainless steel. The tank still can be made from a cheaper metal like mild 
steel or galvanized iron, and the condenser and separator can be made 
from a resistant material like stainless steel. As only vapor is present in the 
tank still, the rust and other products of corrosion may not be carried over 
into the oil. This can result in considerable savings in the capital cost of the 
equipment. Expensive, high-value essential oils like rose, agarwood, kewda, 
sandalwood and lavender should be distilled in stainless steel systems. 
Although copper was the most common material of fabrication of distillation 
stills since ancient times, its availability is getting reduced and with the ar- 
rival of superior alloys like stainless steel, it is slowly disappearing from the 
scene. 


7.5.4 Condition of Raw Material 


The condition of the raw material is important because some 
materials like roots and seeds will not yield essential oil easily if distilled in 
their natural state. These materials have to be crushed, powdered or soaked 
in water to expose their oil cells. Chopping of plants will also change the 
packing density of the material when placed in the distillation still. One can 
pack up to 50% more plant material in the same still after chopping of some 
aromatic herbs like mint. Air drying and wilting the herb prior to distillation 
also has considerable effect on distillation. If required, drying of the herbs 
prior to distillation should be done in shaded areas and the dried material 
should not be kept in heaps. 


7.5.5 Time for Distillation 


Different constituents of the essential oil get distilled in the 
order of their boiling points. Thus, the highest boiling fractions will be last 
to come over when, generally, very little oil is distilling. If the distillation is 
terminated too soon, the high-boiling constituents will be lost. In many aro- 
matic plants, like vetiver, patchouli, chamomile, sandalwood and agarwood, 
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these high-boiling fractions are valuable due to the quality of their aromas. 
Thus, the time of distillation must be chosen with due care. 


7.5.6 Loading of Raw Material and Steam Distribution 


Improper loading of the herb may result in steam channeling, 
causing incomplete distillation. The herb should be evenly and uniformly 
loaded in the tank without leaving any voids. Excessive filling of plant ma- 
terial may also lead to formation of “rat holes” which may allow steam to 
escape without vaporizing the oil. For powdered herbs, a proper stainless 
steel wire mesh or muslin cloth should be put at the false bottom to prevent 
plant material from falling into the tank base. 


7.5.7 Operating Parameters 


Proper control of injection rates and pressure in boiler-operat- 
ed units is necessary to optimize the temperature of extraction for maximal 
yield. Generally, high-pressure steam is not advisable for the distillation of 
essential oils. The temperature of the condensate should not be high, as it 
can result in oil loss due to evaporation. In directly fired-type FDUs, the firing 
of the furnace should be well controlled as it can result in high flow rates 
and high condensate temperatures. 


7.5.8 Condition of Tank and Equipment 


The tank and other equipment should not be rusted. If rusted, 
the tank should be cleaned with dilute caustic solutions. The perforated 
grids should not be corroded or have large gaps permitting the plant mate- 
rial to settle to the bottom of the tank and emit a burnt odor. The distillation 
tanks should be well steamed prior to distillation for multiple crop distilla- 
tion. 


7.6 Purification of Crude Essential Oils 


Essential oil as obtained from the oil separator is in crude 
form. It may have suspended impurities and appreciable moisture content. 
It might even contain some objectionable constituents which degrade its 
flavor quality. The presence of moisture and impurities adversely affects the 
keeping quality of oil and accelerates polymerization and other undesirable 
reactions. Addition of a drying agent like anhydrous sodium sulphate to the 
oil, standing overnight followed by filtration will remove the moisture and free 
the oil of suspended impurities. Use of high-speed centrifugation to clarify 
the essential oils is common. 


Essential oils are frequently rectified or re-distilled to remove 
objectionable constituents. In order to keep the temperature of re-distillation 
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within permissible limits, the process is carried out under vacuum or with 
the help of steam distillation. 


7.6.1 Continuous Steam Distillation 


Steam distillation units involve manual charging and discharg- 
ing of plant material from the tank still. These operations are labor inten- 
sive and time consuming. To overcome these problems, continuous steam 
distillation plants have been developed in the Soviet Union and have been 
in operation since the last couple of decades. These units are being used 
for distillation of lavender and require negligible manual handing. Capaci- 
ties of 2 tonnes per hour are quite common. Incoming plant material is first 
chopped with special ensilage cutters and then conveyed to the top of a tall 
distillation column by means of a belt conveyor. The movement of material 
inside the column is by gravity or by special helical screw conveyors. Some- 
times two columns in series are used for complete removal of oil. Steam 
is injected at multiple points in the column. Spent material is continuously 
ejected out of the bottom of the distillation column by special screw convey- 
ors with a vapor lock which does not allow steam to escape. 


Fabrication and operation of continuous distillation columns is 
rather complicated and these have not yet gained acceptance and popular- 
ity outside the former Soviet Union. In another development, containerized 
distillation is also being used for the distillation of Mentha piperita and 
lavender in some parts of the United States. In this method, large capacity 
containers mounted on wheels are attached to a harvester which directly 
loads the plant material into the containers from the fields (these contain- 
ers have inbuilt steam coils); these are then taken to the distillation area 
where steam is directly connected to the coils and the top is closed and 
connected through a vapor line to the condenser and subsequently to the 
oil separator. 


7.7 Conclusions 


Distillation is the most widely used method for the extraction 
of essential oils. Proper selection of the distillation technique, design and 
material of fabrication of the equipment, and processing parameters all play 
vital roles in determining the quality and yield of an essential oil. 
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8 Microdistillation, Thermomicrodistillation 
and Molecular Distillation Techniques 


V. G. Pangarkar 


Abstract 


Medicinal and aromatic plants (MAPs) have assumed considerable significance in view 
of their special attributes. There are many compounds of great therapeutic value which 
can be obtained only from the plant kingdom. Most of the ingredients in such extracts 
and oils are large bulky molecules highly sensitive to processing conditions. The proc- 
esses for such extractions have been mostly based on “recipes”. In the recent past, 
significant advances have been made in the unit operations which are part of the rec- 
ipe-based processes. It is imperative that these advances, which are essentially aimed 
at achieving better yields at lower costs and are termed “process intensification”, are 
incorporated into the processing of MAPs. This paper introduces the theme of proc- 
ess intensification as applied to the processing of MAPs and presents an overview of 
several new technologies which allow rapid, cost-effective extraction. The application of 
such innovative technologies can yield significant benefits in terms of the quality of the 
product and its yield per unit weight of the plant material processed. Recovery of dis- 
solved essential oil components from steam distillation condensates is also addressed 
and the two available techniques are discussed in detail. 


8.1 Introduction 


Phytochemicals derived from medicinal and aromatic plants 
(MAPs) have been important to humans for centuries. Before the advent 
of modern synthetic chemistry, many aroma and flavor chemicals were de- 
rived from sources of natural origin such as flowers, roots and stems. The 
contemporary system of allopathic medicine, which has gained tremendous 
importance in the treatment of various diseases, is mainly based on active 
pharmaceutical compounds made synthetically. However, in recent years in- 
creasing attention has been paid to the traditional systems of treatments 
followed in Asia and Africa. The variety of medicinal plants and their con- 
stituents are being discovered only recently. There are many compounds of 
great therapeutic value which can be obtained only from the plant kingdom. 
Thus, vincristine, perhaps better known as the chemotherapy agent Oncovin, 
is only synthesized in the periwinkle plant Catharanthus roseus, and the 
sole source of the compound is this plant species. There are many other 
compounds which are equally valuable in other sectors such as food flavors, 
fragrances and cosmetics. 


The processing of MAPs for obtaining the required extracts and 
oils has been based on traditionally established “recipes”. Most of the in- 
gredients in such extracts and oils are large bulky molecules highly sensi- 
tive to processing conditions. Generally, relatively mild conditions are used 
in such processes to protect the integrity of the valuable components. The 
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recipe-based methods are time-tested but arguably not the most efficient in 
terms of yield, energy consumption per unit of product, etc. With the advent 
of modern processing techniques, there is an urgent need to revisit the rec- 
ipe-based processing, understand the science underlying them and develop 
modern, cost-effective processes. This article deals with some important 
advances made in the extraction of MAPs and the post-extraction treatment 
of the products and their byproducts. 


8.2 Process Intensification 


The modern chemical industry is undergoing drastic changes 
driven mainly by economic considerations. There is an upsurge of interest 
in clean, energy-efficient and material-conserving processes. An entirely new 
discipline, “process intensification” (Pl), has become the focus of a large 
and sustained effort all over the world. Stankiewicz and Moulijn have given a 
precise definition of Pl as “Any chemical engineering development that leads 
to a substantially smaller, cleaner and more energy efficient technology”. 
India has not been lagging behind in developing innovative PI concepts. 


PI can be broadly divided into two categories, with specific 
reference to processing of MAPs as per the definition of Stankiewicz and 
Moulijn. These are processes that employ multifunctional equipment (MF) 
and those that use process-intensifying equipment. 


8.2.1 Multifunctional Equipment 


This category of Pl employs equipment that can perform multiple 
functions simultaneously. Thus, earlier process plants that required a number 
of different instruments devoted to individual tasks are being replaced by such 
MF equipment. A brilliant example of the use of MF equipment is the conver- 
sion of a slow and polluting process for the enzymatic hydrolysis of penicillin G 
to G6-amino penicillanic acid (important intermediate for semisynthetic antibi- 
otics) into an intensified and sustainable process. Since MF equipment-based 
plants are smaller and consume less energy, they have become popular for 
globally competitive and sustainable processes. 


8.2.2 Process-intensifying Equipment 


This category of P! employs equipment that specifically focuses 
on intensifying the rates of the various steps. In the case of MAP process- 
ing, the main resistance in the overall extraction process is the diffusion of 
the active molecules through the plant cell membrane to the surface before 
extraction by the fluid. Microwave-assisted extraction (MAE) is highly use- 
ful in obtaining rapid and complete extraction without significant damage 
to the active molecules; this technique is discussed in some detail later. 
Ultrasound-assisted extraction is also an alternative. However, considering 
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that ultrasound waves can produce free radicals and that many active mol- 
ecules are susceptible to such highly reactive species, this approach does 
not seem feasible. 


8.3 Solvent Extraction of MAPs 


This process entails the extraction of solid MAPs by liquid sol- 
vents. This is a typical solid-liquid extraction process. Two factors that affect 
the extent and rate of extraction are the thermodynamics and kinetics (rate 
of mass transfer) of the process. 


8.3.1 Thermodynamics of Solvent Extraction and Choice 
of Solvent 


Relative sorption of solutes in the solvent depends on the in- 
teractions between the solutes and the solvent. Solubility or miscibility of a 
component with the solvent depends on their relative solubility parameters. 
For mutual solubility of two components, their free energy of mixing, AG, 
should be negative. AG, is defined as 


AGm = AH, — T ASm (3.1) 


Enthalpy of mixing, AH,, can be correlated to cohesive energy 
density, i.e. solubility parameter (5) as: 


AHm = Ny Nz V4 (8; — 82)? (3.2) 


In equation (3.2), the solubility parameter is that due to only 
dispersive forces between structural units of the concerned solute and sol- 
vent, since the original regular solution theory of Scatchard and Hildebrand 
was restricted to non-polar, non-hydrogen bonding solute-solvent systems. 
However, for many liquids and solutes, contributions from polar and hydro- 
gen bonding forces need to be considered. Accordingly, equation (3.2) be- 
comes: 


AHm = M1 M2 Va [(A8a)? + (AS,)? + (ASp)?] (3.3) 





From equations (3.2) and (3.3), it is clear that to make AG, 
negative, the difference between 6, (solvent) and 6, (Solute), i.e. (Ad) for 
all the three forces of interactions, should be as small as possible. It im- 
plies that the solvent and the desired solute to be extracted should have 
comparable polarity and hydrogen bonding capabilities to achieve similar 
solubility parameter values. Grulke has given an exhaustive tabulation of 
solubility parameters for the most common chemical compounds. The in- 
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dividual 5,, 5g and 6, values for compounds not listed in the tabulation can 
be obtained using the group contributions due to various different groups 
given by Grulke. When the individual 6, (solvent) and 6; (Solute) values are 
very close, a high solubility of the solute in the solvent is obtained. For 
instance, it is well known that non-polar solvents dissolve terpene frac- 
tions more than oxygenated compounds because both are non-polar. On 
the other hand, mixed solvents of polar and non-polar compounds can yield 
better results for oxygenated compounds. Bio-ethanol is a good solvent for 
such oxygenated compounds on two accounts: (i) it is natural, and (ii) it is 
“green” (renewable). However, most MAPs contain water and the complete 
miscibility of ethanol with water implies dilution of the solvent after each 
use. This is further complicated by the fact that ethanol forms an azeotrope 
at high concentration (~95 wt%). As a result, ingress of small quantities of 
water is sufficient to reach the azeotropic composition. Implementation of 
the Montreal Protocol, the Clean Air Act, and the Pollution Prevention Act of 
1990 has resulted in increased awareness of organic solvent use in chemi- 
cal processing. 


8.3.2 Solid-liquid Mass Transfer 


The MAPs to be processed are in solid form. Solid-liquid extrac- 
tion is a typical heterogeneous mass transfer process. In such processes, 
the rate of extraction depends upon: (i) the interface area, and (ii) the mass 
transfer coefficient. Both should be high. High effective interface area can 
be obtained by comminuting the solid material to be processed. During com- 
minution, the ensuing friction can increase the temperature of the solid 
and thereby possibly lead to degradation of thermally labile components. To 
avoid this, special water-cooled roll crushers are used. 


The mass transfer coefficient depends on the diffusivity of the 
solute in the solid matrix (main resistance) and the level of turbulence in 
the extractor. Traditional extraction has relied upon percolation or extraction 
in stirred vessels. In the case of percolation, the solid is packed in a vessel 
which is filled with solvent. The latter is allowed to percolate in the solid ma- 
trix under stagnant conditions. In the case of extraction in stirred vessels, 
different types of agitators are used to suspend the solid in the solvent and 
accelerate the mass transfer process. In both percolation and extraction in 
stirred vessels, the solvent is first sorbed by the matrix of the solid. This 
sorption, which causes swelling of the matrix, is a relatively slow process. 
However, once the matrix is swollen, the diffusion coefficient increases sev- 
eral fold or even by an order of magnitude as compared to the dry matrix. 
Evidently the controlling step is the diffusion of the solute through the 
solid matrix to the surface of the solid. Once the solute is available at the 
surface, the solvent can dissolve it depending upon the rate of transport 
from the solid surface into the bulk of the solvent. In percolation vessels, 
this latter transport is predominantly by molecular diffusion and hence is 
slow, although not as slow as the transport through the solid matrix. The 
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stirred vessels, on the other hand, provide a high level of turbulence and 
hence facilitate transport into the bulk solvent phase. In both percolation 
and stirred vessels, the dominant resistance is diffusion through the solid 
matrix. It is then clear that even stirred vessels with high power inputs may 
not intensify the mass transfer process. Therefore, instead of focusing on 
the transport at the solid surface, it is desirable to increase the rate of 
transport through the solid matrix by rupturing the cells which contain the 
solute or oil and consequently bring the same in direct contact with the 
solvent. 


8.3.3 Microwave-assisted Extraction 
8.3.3.1 Principle of Microwave Heating 


Microwave radiation interacts with dipoles of polar and polariz- 
able materials. The coupled forces of electric and magnetic components 
change direction rapidly (2450 MHz). Polar molecules try to orient in the 
changing field direction and hence get heated. In non-polar solvents without 
polarizable groups, the heating is poor (dielectric absorption only because 
of atomic and electronic polarizations). This thermal effect is practically in- 
stantaneous at the molecular level but limited to a small area and depth 
near the surface of the material. The rest of the material is heated by con- 
duction. Thus, large particles or agglomerates of small particles cannot be 
heated uniformly, which is a major drawback of microwave heating. It may 
be possible to use high power sources to increase the depth of penetration. 
However, microwave radiation exhibits an exponential decay once inside a 
microwave-absorbing solid. 


The various industrial techniques used for heating are listed 
in Table 1, which shows that microwaves have the highest efficiency when 
compared with the other competitive techniques. 


8.3.3.2 Mechanism of MAE 


In microwave-assisted extraction (MAE): 1) the heat of the mi- 
crowave irradiation is directly transferred to the solid without absorption by 
the microwave-transparent solvent; 2) the intense heating of step 1 causes 
instantaneous heating of the residual microwave-absorbing moisture in the 
solid; 3) the heated moisture evaporates, creating a high vapor pressure; 4) 
the vapor pressure generated by the moisture breaks the cell; and 5) break- 
age of cell walls releases the oil trapped within it (Figure 1). 
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Table 1: Relative efficiencies of common heating devices 








: Temperature, ‘ : Energy used, Energy cost, 

Appliance °C Rating, W ‘Time kWh US$ 
Electric oven 177 2000 th 2 0.17 
Conechon: aes 1853 45 min 1.39 0.12 
oven 

Gas oven 177 36 th 3.57 0.07 
MCrOWaNEY ida 1440 15 min 0.36 0.03 
oven 








A 


Figure 1: Mint gland: (A) before and (B) after microwave irradiation 
(Microphotographs courtesy of Radient Technologies Inc.) 


It is evident then that the main resistance to solid-liquid mass 
transfer, the transport of the solute through cell membrane, is eliminated 
because of the rupture of the cells. Besides cell breakage, the other advan- 
tages of microwave heating are: 


1. Improved “existing” products 

Increased marker recovery 

Increased purity of the extract 

Reduced heat degradation 

Reduced processing costs 

Significantly faster extraction 

Much lower energy usage 

Much lower (order of magnitude) solvent usage 
Potential for “new” products 
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8.3.3.3 Literature on MAE 


Some interesting results on MAE have recently been published. 
For example, the extraction of vanillin from V. planifolia pods using MAE and 
ultrasound-assisted extraction has been described. Using absolute ethanol 
as the solvent at room temperature, the yield of vanillin was 1.25 wt% at each 
of 3 conventional extractions performed over 24 h. Using ultrasound-assisted 
extraction, the yield was 0.99 wt%, while it was 1.86 wt% using MAE. These in- 
vestigations clearly showed that vanillin extraction by MAE is superior to other 
techniques in terms of yield, purity of vanillin, and the time taken to extract 
the same percentage of the vanillin from the pods. The extraction of vanillin 
and p-hydroxy benzaldehyde (PHB) from vanilla beans using MAE has also 
been studied: MAE was superior to the conventional, official method of extrac- 
tion in Mexico, which involves maceration of the beans with ethanol for 12 h. 
Specifically, extraction time decreased 62-fold and vanillin and PHB concentra- 
tions increased between 40% and 50% with respect to the Mexican extraction 
method. This study also showed that extraction of commercial samples was 
superior to extraction of dried and lyophilized beans. This observation illus- 
trates the role played by moisture in aiding extraction, as discussed in Sec- 
tion 8.3.3.2. Several other investigations have shown that MAE has gained 
acceptance as a mild and controllable processing tool. MAE is a simple, rapid 
and low-solvent-consuming process. 


8.3.3.4 Industrial-scale MAE 


As mentioned earlier, microwave radiation decays exponentially 
inside a solid matrix. This aspect must be carefully weighed while designing 
industrial-scale MAE. The major requirements that must be met are: 


1. Free distribution of particles allows uniform heating of all the 
particles in the solid bed. This criterion also enhances the 
extent and probability of proximity of the substrate to the wall 
of the sample holder where the microwave exposure is high- 
est. Most comminuted samples of MAPs which are used for 
commercial extraction are not of the same shape and size. 
Therefore, there is a strong tendency to “segregate”, which 
must be curbed by regular renewal of the layer. 

2. Thin and uniform spreading of the substrate layers. This per- 
mits complete and uniform penetration of microwave radia- 
tion even at large water contents. 

3. Low depth of the layers. Since microwaves have low penetra- 
tion depth (~1.5 cm in H20 at 2.45 GHz), the layers should be 
<1.5 cm thick. 


Large-scale commercial (3 tonne/hour) MAE is available for in- 
dustrial use (www.radientinc.com). In view of the advantages of MAE and the 
development of equipment for large-scale commercial operation, MAE has a 
bright future. Figure 2 shows a flowsheet for industrial-scale MAE. 
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Figure 2: Flowsheet of microwave-assisted extraction (courtesy, Radient Technologies Inc). 
8.4 Microwave-assisted Hydrodistillation 


The ability of microwave radiation to heat solid material effec- 
tively can also be used for obtaining essential oils. Thus, the herb is placed 
in a microwave cavity and irradiated with microwaves. This process yields 
essential oils consisting of relatively low volatile fractions as compared to 
hydrodistillation. For instance, in coriander oil, the percentage of tetradeca- 
noic and hexadecanoic acid increased whereas that of linalool decreased. 
This is possibly due to the poor stability of linalool, a tertiary alcohol. 


Dill seed oil obtained by microwave-assisted hydrodistillation 
(MWAHD) contained greater quantities of compounds with higher boiling 
points and lesser quantities of compounds of lower stability. These and 
other findings indicate that MWAHD is better for extracting stable, high-boil- 
ing point components, whereas it is not suitable for recovering chemically 
unstable compounds. 
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8.5 Molecular Distillation or Short Path 
Distillation 


Molecular distillation (MD), also known as short path distilla- 
tion, is a fairly well established technique. In view of this, the discussion of 
MD is restricted to its principle, advantages and applications in the process- 
ing of MAPs. 


8.5.1 Principle of MD 


The term MD refers to a non-equilibrium process. The still used 
has an evaporating surface very close to a condensing surface. Under very 
low pressures, this results in a situation where the distance traveled by 
the evaporating molecules is comparable to the mean free path of the mol- 
ecules. The nomenclature MD is derived from this particular condition under 
which the so-called distillation is carried out. 


8.5.2 Advantages of MD 


1. Operating pressures as low as 0.001 mbar can yield rela- 
tively low processing temperatures, thereby reducing ther- 
mal degradation. 

2. Agitated film MD units can process high viscosity feeds with 
very good turndown. 

3. Combination of low pressures and high temperatures (up to 
300° C) allows processing of extremely high-boiling materials 
without degradation. 

4. Short exposure to high temperature (low residence time) 
prevents degradation. 

5. Very low liquid hold-up allowing use in applications involving 
low volume, high value materials. 

6. Available in low (laboratory scale) to high heat transfer areas 
to suit the requirements. 


8.5.3 Separation Efficiency of MD 


For high viscosity liquid films falling under gravity, agitated film 
MD units perform far better than those without agitation of the film. This is 
due to the fact that, particularly for high viscosity liquids, the agitation of the 
film renews the surface more frequently than when there is no agitation. The 
surface renewal model is useful for predicting the efficiency n of MD stills 
without mechanical control. 
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8.5.4 Parameters that Affect the MD Process 


The amount of low-boiling volatiles as well as dissolved air, 
moisture, or other gasses in the feed material has a deleterious effect on 
the efficiency of MD. This is due to the fact that the non-condensable com- 
ponents cover the condensing surface. 


Higher temperature difference between the condensing and 
evaporating surfaces yields higher efficiency. High viscosity liquids (without 
mechanical agitation) yield high liquid film thicknesses and hence lower effi- 
ciency. As a rule, the relative volatility of organics increases with decreasing 
pressure, particularly in the very low pressure range common to MD. There- 
fore, low operating pressure generally yields higher efficiency. 


8.5.5 Typical Applications of MD 


1. Concretes obtained by solid-liquid extraction are convention- 
ally converted to the absolutes by dissolving in aqueous al- 
cohol solvents and then precipitating the waxes by chilling to 
sub-zero temperatures. This process is highly energy inten- 
sive due to the electrical energy required for refrigeration. 

2. Red palm oil (high vitamin E content). 

3. Separation of tocopherols from vegetable oil deodorization 
residues. 

4. Natural vitamins A, E, K-1 and K-2 (replacing synthetics in 
the pharmaceutical industry). 

5. Purification and separation of natural extracts into crude 
fractions. 

6. Recovery of lanolin from wool grease, the soft wax from hair 
of sheep (cosmetic industry). 

7. Fragrances derived from fatty acids. 


8.6 Recovery of Dissolved Essential Oils from 
Steam Distillation Condensates 


The major prerequisite of the process used for production of 
essential oils is that the product obtained must resemble the natural aroma 
and flavor of the original source, which is a combination of different com- 
pounds of varying organoleptic characteristics. Oxygenated organic com- 
pounds like aldehydes, ketones, alcohols and esters are the dominant con- 
tributors to the overall aroma and flavor. The essential oil produced should 
ideally have all these components in the same proportions as in the original 
natural product in order to match the natural aroma and flavor. For example, 
steam-distilled rose oil contains less than 1 wt% phenyl ethyl alcohol (PEA) 
whereas the solvent-extracted rose oil contains greater than 60 wt% PEA. 
It is a common experience that the steam distillation condensate has an 
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odor similar to that of the oil. Thus, this condensate has some value. The 
sale of rose water (otto of rose) for use in weddings in the sub-continent is 
probably the only way by which the distiller realizes the value of the conden- 
sate. In practically all other cases, the condensate is wasted. Table 2 gives 
estimates of the values of wasted oil in the condensate in India for some 
essential oils. The estimate is conservative because it does not include oil 
physically carried with the condensate. Even this conservative estimate is a 
mind-boggling number and is particularly important in the social context of 
developing countries like India where marginal farmers are main contributors 
to the overall produce. The value of the recovered oil from central distilla- 
tion facilities and pro rata distribution of the value will be a big bonus to the 
small farmer and can certainly stop the downslide. Table 2 shows a major 
contribution from Mentha arvensis. If the relatively high value flavor sector is 
included, for India alone the value of wasted oil can easily reach US$ 100 
million. On a rough estimate, the combined number for the South East Asian 
countries can be upwards of US$ 160 million. It must be noted that these 
numbers are simple statistics. They do not reflect in any way the high value 
that can be gained when the recovered oil is blended with the main distilled 
oil fraction to obtain a premium grade of the respective essential oil. 


Table 2: Loss of essential oils in distillation condensate water. Production figures 
are for India only 








‘ ; Production, Unit price, Volume, Oil lost in Value oF oll 

Essential oil 2006, 2006 2007 water, kg* lost in water, 
million tonnes $/yr 

Arvensis 28,000 $14/kg 35,000 MT 5.6-7x10° 46-58x10° 
Basil 100 $ 8/kg 100 MT 1x10* 8.2x10* 
Citrodora 100 $ 8/kg 100 MT 1x10* 7.4x104 
Citronella 300 $ 8/kg 300 MT 3x10* 2.52x10° 
Peppermint 450 $ 23/kg 450 MT 4.5x10* 1.3x10® 
Spearmint 250 $ 23/kg 300 MT 2.5x104 7.2x104 
Total 29,200 36,200 MT 5.72-7.72x10° 47-59x10° 





* Data refer to 100 kg water per kilogram oil. Solubility of oil in water is 1000 ppm. 
8.6.1 Polymeric Adsorption Process 


Various techniques, such as cohobation, poroplast extraction 
and adsorption, which can be used to recover the dissolved substances, 
have been discussed in the literature. Polymeric adsorbents can be advan- 
tageously used to recover dissolved essential oil components. Several in- 
vestigators have established the utility of adsorption in this context beyond 
doubt. One study showed that although cis-rose oxide could not be detected 
in the condensate, this valuable component was found in the recovered oil 
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in significant proportions. These investigations show that more than 95% of 
the oil in the condensate can be recovered. The polymeric adsorbents used 
are hard cross-linked macroreticular beads which can be used in adsorption- 
regeneration cycles practically indefinitely. The technique is simple to use 
and does not require sophisticated instrumentation as the breakthrough 
can be judged from the smell of the water coming out of the adsorbent bed. 
The regeneration of the spent bed can be done using low-boiling alcohols 
or ketones, and the eluate can be distilled in a relatively short distillation 
column to obtain a relatively high boiling oil fraction. 


8.6.2 Pervaporation Process 


Membrane separation processes have been receiving increas- 
ing attention particularly for situations involving recovery from relatively dilute 
(~L000 ppm) aqueous solutions. Pervaporation is one such process which 
yields very high (~1000 ppm or more) selectivity in the very dilute solution 
range. Essential oil components which have high affinity for organophilic 
polymers can be recovered at very high selectivities. One study showed that 
silicone rubber membranes yielded bold menthol crystals when the Mentha 
condensate water was studied under the pervaporation mode. Similar re- 
sults were also obtained for basil water. Subsequent studies showed that 
the high selectivity of properly selected membranes results in a permeate 
concentration far exceeding the solubility limit of the organics, resulting in 
phase separation. 
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Figure 3: Recovery of dissolved organics using pervaporation 


The separate oil layer can be directly recovered to blend with 
the main oil fraction to obtain premium grade oil. Figure 3 shows a sche- 
matic of pervaporation-based recovery of dissolved essential oils in the con- 
densate. It is evident that this technique consists of a closed-loop operation 
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with only treated water going out of the battery limits. This treated water has 
very low biochemical oxygen demand (BOD) and chemical oxygen demand 
(COD), which is another bonus for the processor. 


8.7 Conclusions 


Various new technologies for efficient and cost-effective extrac- 
tion of medicinal and aromatic plants have been discussed. Microwave-as- 
sisted extraction (MAE) is highly efficient for obtaining extracts under mild 
conditions. MAE is particularly important since the active components which 
are thermally labile can be recovered without any damage. The loss of valu- 
able aroma components in steam distillation condensates is estimated to 
be of the order of US$ 50 million per year from aroma oils for India alone. 
Two types of separation processes — adsorptive and membrane-based per- 
vaporation — are useful in recovering practically all the oil that is lost with the 
condensate water. The recovered oil can be sold as such or blended with the 
main oil fraction to yield a much more natural aroma and hence a high value. 
This recovered oil will be a big bonus even for the marginal farmer and hence 
this approach needs to be seriously considered. 
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9 Solid Phase Micro-extraction and 
Headspace Trapping Extraction 


R. Harlalka 


Abstract 


Solid phase micro-extraction (SPME) is a technique used in the quantitative analysis of 
analytes in aqueous and gaseous phases. This novel technology captures aroma mol- 
ecules surrounding flower petals without touching the flower or other part of the plant. 
SPME has gained widespread acceptance as the technique of choice in many fields 
of application, including forensics, toxicology, and the analysis of flavors, fragrances, 
and environmental and biological matrices. SPME is ideal for field monitoring. SPME 
sampling can be performed in three basic modes: direct extraction, headspace trap- 
ping and extraction with membrane protection. Headspace trapping is essentially a 
gas extraction technique permitting the direct analysis of volatile compounds present 
in a non-volatile matrix. This technique is needed because the aromas of living plant 
materials are different from those of the extracted oil. Headspace trapping permits 
getting closer to the natural aroma of the living plant, and gives a clearer view of the 
differences in volatile constituents between the living plant and the extracted phase. 
There are two types of headspace trapping: static and dynamic, which is also called 
the purge-and-trap method. A few examples of headspace trapping of well known aro- 
matic flowers, fruits and leaves, in comparison to the analyses of the extracted oil, are 
presented in this paper. Some classical perfumes are also discussed. 


9.1 Introduction 


Solid phase micro-extraction (SPME) was developed in the 
1990s by Professor J. Pawliszyn to provide a quick and solventless tech- 
nique for the isolation of analytes from a sample matrix. The traditional 
methods by which the analytes of interest were isolated are typically time- 
and labor-intensive and involve multistep procedures, which could reduce 
sensitivity. Also, the use of solvents can be hazardous to the operators’ 
health and can damage the environment. 


SPME was developed from the technique of solid phase extrac- 
tion, but the sorbing material is permanently attached to the fiber, allowing 
reuse of the extracting phase. SPME uses a small volume of sorbent, typi- 
cally dispersed on the surface of small fibers, to isolate and concentrate 
analytes from the sample matrix. After contact with the sample, analytes are 
absorbed or adsorbed by the fiber phase (depending on the nature of the 
coating). After the extraction step, the fibers are transferred, with a syringe- 
like handling device, to the analytical instrument, for separation and quanti- 
fication of the analytes. This technique integrates sampling, extraction and 
sample introduction, and is a simple way of performing on-site monitoring. 
Applications of this technique include environmental monitoring, fragrance 
drug analysis, and in-laboratory and on-site analyses. 
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SPME was introduced in 1990 as a solvent-free sample prepa- 
ration technique. The basic principal of this approach is to use a small 
amount of the extracting phase, usually less than 1 microliter. Sample vol- 
ume can be large when the investigated material is sampled directly, e.g. 
the air in a room. The extracting phase can be either a high molecular weight 
polymeric liquid, similar in nature to stationary phases in chromatography, 
or a solid sorbent, typically of a high porosity, to increase the surface area 
available for adsorption. 


The configuration of SPME is a small, fused silica fiber, usually 
coated with a polymeric phase. The fiber is mounted for protection in syringe- 
like device. The analytes are absorbed or adsorbed by the fiber phase until 
equilibrium is reached in the system. The amount of an analyte extracted by 
the coating at equilibrium is determined by the magnitude of the partition co- 
efficient of the analyte between the sample matrix and the coating material. 


In SPME, analytes typically are not extracted quantitatively from 
the matrix. Equilibrium methods are more selective because they take full 
advantage of the difference between extracting phase and matrix distribu- 
tion constants to separate target analytes from interferences. Exhaustive 
extraction can be achieved in SPME, and this can be accomplished for most 
compounds by the application of an internally cooled fiber. In exhaustive 
extraction, selectivity is sacrificed to obtain quantitative transfer of target 
analytes to the extracting phase. 


SPME is ideal for field monitoring. It is unnecessary to measure 
the volume of the extracted sample, and therefore the SPME device can be 
exposed directly to the investigated material for quantification of analytes of 
interest. In addition, extracted analytes are introduced into the instrument by 
simply placing the fiber in the desorbtion unit. This convenient, solvent-free 
process results in sharp injection bands and rapid separations. 


9.2 The SPME Device 


The commercial SPME device manufactured by Supelco (Belle- 
fonte, USA) is presented in Figure 1. The fiber glued into a piece of stainless 
steel tubing is mounted on a special holder. The holder is equipped with an 
adjustable depth gauge, which makes it possible to control repeatedly, how 
far the needle of the device penetrates the sample container or the injector. 
This is important, as the fiber can break if it hits an obstacle. The movement 
of the plunger is limited by a small screw that moves in the z-shaped slot of 
the device. For protection during storage or septum piercing, the fiber is with- 
drawn into the needle of the device, with the screw in the uppermost posi- 
tion. During extraction or desorption, the fiber is exposed by depressing the 
plunger. The plunger is moved to its lowermost position only for replacement 
of the fiber assembly. Each type of fiber has a hub of a different color. 
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Figure 1: The SPME device 


If the sample is in a vial, the septum of the vial is first pierced 
with the needle (with the fiber in the retracted position), and the plunger is 
lowered, which exposes the fiber to sample. The analytes are allowed to 
partition into the coating for a pre-determined time, and the fiber is then 
retracted back to the needle. The device is then transferred to the SPME 
instrument. When gas chromatography is used for analyte separation and 
quantification, the fiber is inserted into a hot injector, where thermal desorp- 
tion of the trapped analyte takes place. 


For spot sampling, the fiber is exposed to a sample matrix until 
partitioning equilibrium is reached between sample matrix and the coating 
material. In the time average approach, on the other hand, the fiber remains 
in the needle during exposure of the SPME device to the sample. The coat- 
ing works as a trap for the analytes that diffuse into the needle, resulting in 
integral concentration over time measurements. 


SPME sampling can be performed in three basic modes: direct 
extraction, headspace trapping, and extraction with membrane protection. 
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Figure 2: Modes of SPME operation: direct extraction (a), headspace trapping (b) and 
membrane-protected SPME (c) 


In direct extraction, the coated fiber is inserted into the sam- 
ple and the analytes are transported directly from the sample matrix to the 
extracting phase. To facilitate rapid extraction, some agitation is required 
to transport the analytes from the bulk of the sample to the vicinity of the 
fiber. For gaseous samples, natural flow of air (e.g. convection) is usually 
sufficient to facilitate rapid equilibrium for volatile analytes. 


In headspace mode, the analytes are extracted from the gas 
phase equilibrated with the sample. The primary reason for this modifica- 
tion is to protect the fiber from the adverse effects caused by non-volatile, 
high molecular weight substances present in the sample matrix (e.g. human 
acids or proteins). Here, the amount of an analyte extracted by the fiber 
coating does not depend on the location of the fiber, in the liquid or gas 
phase; therefore, the sensitivity of headspace trapping is the same as that 
of direct sampling as long as the volumes of the two phases are the same 
in both sampling modes. When no headspace is used in direct extraction, a 
significant sensitivity difference between direct and headspace trapping can 
occur only for very volatile analytes. However, the choice of sampling mode 
has a significant impact on the extraction kinetics. When the fiber is in the 
headspace, the analytes are removed from the headspace first, followed by 
indirect extraction from the matrix. 


In general, the equilibration times for volatile compounds are 
shorter for headspace SPME than for direct extraction under similar agita- 
tion conditions, because of the following reasons: a substantial portion of 
the analytes is present in the headspace prior to the beginning of the ex- 
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traction process; there is typically a large interface between sample matrix 
and headspace; and the diffusion coefficients in the gas phase are typi- 
cally higher by four orders of magnitude than in liquids. The concentration 
of semivolatile compounds in the gaseous phase at room temperature is 
small, and headspace extraction rates for these compounds are substan- 
tially lower. They can be improved by using efficient agitation or by increasing 
the extraction temperature. 


In the third mode (SPME extraction with membrane protection), 
the fiber is separated from the sample with a selective membrane, which 
lets the analytes through while blocking the interferences. The main purpose 
for the use of the membrane barrier is to protect the fiber against adverse 
effects caused by high molecular weight compounds when dirty samples 
are analyzed. While headspace trapping serves the same purpose, mem- 
brane protection enables the analysis of less volatile compounds. Use of 
thin membranes and an increase in extraction temperature result in shorter 
extraction times. 


9.3 Calibration, Optimization, Precision and 
Suitability of SPME 


9.3.4 Selection of Fiber Coating 


The chemical nature of the analyte of interest determines the 
type of coating used. A simple general rule, “like dissolves like”, applies 
very well for liquid coatings. Selection of the coating is based primarily on 
the polarity and volatility of the analyte. Poly(dimethylsiloxane) (PDMS) is the 
most useful coating and should be considered first. It is rugged and able to 
withstand high injector temperatures, up to about 300° C. PDMS is a non- 
polar liquid, thus it extracts non-polar analytes very well with a wide linear 
dynamic range. However, it can also be applied successfully to more polar 
compounds, particularly after optimizing extraction conditions. 


Both the coating thickness and the distribution constant deter- 
mine the sensitivity of the method and the extraction time. Thick coatings 
offer increased sensitivity, but require much longer equilibration times. As a 
general rule, to speed up the sampling process, the thinnest coating offering 
the sensitivity required should be used. 


9.3.2 Selection of the Extraction Mode 


Extraction mode selection is based on the sample matrix com- 
position, analyte volatility, and its affinity to the matrix. For dirty samples, the 
headspace or fiber-protection mode should be selected. For clean matrices, 
both direct and headspace trapping can be used. The latter is applicable for 
analytes of medium to high volatility. Headspace trapping is always preferen- 
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tial for volatile analytes because the equilibration times are shorter in this 
mode than in direct extraction. Fiber protection should be used only for dirty 
samples in cases where neither of the first two modes can be applied. 


9.3.3 Selection of the Agitation Technique 


Equilibration times in the gaseous samples are short and fre- 
quently limited only by the rate of diffusion of the analytes in the coating. 
When the aqueous and gaseous phases are at equilibrium prior to the begin- 
ning of the sampling process, most of the analytes are in the headspace. As 
a result, the extraction times are short even when no agitation is used. How- 
ever, for aqueous samples, agitation is required in most cases to facilitate 
mass transport between the bulk of the aqueous sample and the fiber. 


Magnetic stirring is most commonly used in manual SPME ex- 
periments. Care must be taken when using this technique to ensure that 
the rotational speed of the stirring bar is constant and that the base plate 
does not change temperature during stirring. This usually implies the use 
of high quality digital stirrers. Alternatively, with cheaper stirrers, the base 
plate should be thermally insulated from the vial containing the sample to 
eliminate variations in sample temperature during extraction. Magnetic stir- 
ring is efficient when fast rotational speeds are applied. 


9.3.4 Selection of Separation or Detection Technique 


Most SPME applications have been developed for gas chroma- 
tography (GC), but other separation techniques, including high performance 
liquid chromatography, capillary electrophoresis (CE) and supercritical fluid 
chromatography, can be used in conjunction with this technique. The complex- 
ity of the extraction mixture determines the proper quantitative device. Regular 
chromatographic and CE detectors can normally be used for all but the most 
complex samples, for which mass spectrometry (MS) should be applied. 


9.3.5 Optimization of Desorption Conditions 


Standard gas chromatographic injectors, such as the popular 
split-splitless types, are equipped with large volume inserts to accommodate 
the vapors of the solvent introduced during liquid injections. As a result, the 
linear flow rates of the carrier gas in those injectors are very low in splitless 
mode, and the transfer of the volatilized analytes onto the front of the GC col- 
umn is also slow. No solvent is introduced during SPME injection; therefore, 
the large insert volume is unnecessary. Opening the split line during SPME in- 
jection is not practical, since it results in reduced sensitivity. Efficient desorp- 
tion and rapid transfer of the analytes from the injector to the column require 
high linear flow rates of the carrier gas around the coating. This can be ac- 
complished by reducing the internal diameter of the injector insert, matching 
it as closely as possible to the outside diameter of the coated fiber. 


150 


EXTRACTION TECHNOLOGIES FOR MEDICINAL AND AROMATIC PLANTS 


9.3.6 Optimization of Sample Volume 


The volume of the sample should be selected based on the es- 
timated distribution constant. The distribution constant can be estimated by 
using published values for the analyte or a related compound, with the coat- 
ing selected. The distribution constant can also be calculated or determined 
experimentally by equilibrating the sample with the fiber and measuring the 
amount of analyte extracted by the coating. 


9.3.7 Determination of the Extraction Time 


The equilibration time is defined as the time after which the 
amount of analyte extracted remains constant and corresponds within the 
limits of experimental error to the amount extracted after infinite time. Care 
should be taken when determining the equilibration time, since in some cas- 
es a substantial reduction of the slope of the curve might be wrongly taken 
as the point at which equilibrium is reached. Determination of the amount 
extracted at equilibrium allows calculation of the distribution constants. 


When equilibrium times are excessively long, shorter extraction 
times can be used. However, in such cases the extraction time and mass 
transfer conditions have to be strictly controlled to assure good precision. At 
equilibrium, small variations in the extraction time do not affect the amount 
of the analyte extracted by the fiber. 


On the other hand, at the steep part of the curve, even small 
variations in extraction time may result in significant variations of the 
amount extracted. Shorter is the extraction time, larger is the relative error. 
Autosamplers can measure the time precisely, and the precision of analyte 
determination can be good, even when equilibrium is not reached in the 
system. However, this requires that the mass transfer conditions and the 
temperature remain constant during all experiments. 


9.3.8 Optimization of Extraction Conditions 


An increase in extraction temperature increases the extraction 
rate but simultaneously decreases the distribution constants. In general, 
if the extraction rate is of major concern, the highest temperature that still 
provides satisfactory sensitivity should be used. 


Adjustment of the pH of the sample can improve the sensitiv- 
ity of the method for basic and acidic analytes. This is related to the fact 
that unless ion exchange coatings are used, SPME can extract only neutral 
(non-ionic) species from water. By properly adjusting the pH, weak acids and 
bases can be converted to their neutral forms, so that they can be extracted 
by the SPME fiber. 
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9.3.9 Determination of the Linear Dynamic Range of the 
Method 


Modification of the extraction conditions affects both the sen- 
sitivity and the equilibration time. It is advisable, therefore, to check the pre- 
viously determined extraction time before proceeding to the determination 
of the linear dynamic range. This step is required if substantial changes in 
sensitivity occur during the optimization process. 


SPME coating includes polymeric liquids, such as PDMS, which 
by definition have a broad linear range. For solid sorbents, such as Carbow- 
ax/DVB or PDMS/DVB, the linear range is narrower because of the limited 
number of sorption sites on the surface, but it still can span over several or- 
ders of magnitude for typical analytes in pure matrices. In some rare cases 
when the analyte has extremely high affinity to the surface, saturation can 
occur at low analyte concentrations. In such cases, the linear range can be 
expanded by shortening the extraction time. 


9.3.10 Selection of the Calibration Method 


Standard calibration procedures such as external calibration 
can be used with SPME. The fiber blank should first be checked to ensure 
that neither the fiber nor the instrument causes interference with the deter- 
mination. The fiber should be conditioned prior to the first use by desorption 
in a GC injector or in a specially designed conditioning device. This process 
ensures that the fiber coating itself does not introduce interference. Fiber 
conditioning may have to be repeated after analysis of samples containing 
large amounts of high molecular weight compounds, since such compounds 
may require longer desorption times than the analytes of interest. 


A special calibration procedure, such as isotopic dilution or 
standard addition, should be used for more complex samples. In these 
methods, it is assumed that the target analytes behave similarly to spikes 
during the extraction. This is usually a valid assumption when analyzing 
homogeneous samples. 


9.3.11 Precision of the Method 


The most important factors affecting precision in SPME are: 


Agitation conditions 

Sampling time (if non-equilibrium conditions are used) 
Temperature 

Condition of the fiber coating (cracks, adsorption of high mo- 
lecular weight species) 

e Geometry of the fiber (thickness and length of the coating) 
e Sample matrix components (salt, organic material, humidity, 
etc.) 
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e Time between extraction and analysis 
e Analyte loss (adsorption on the walls, permeation of Teflon, 
absorption by septa) 


9.3.12 Suitability 


SPME is well suited to the analysis of flavor and fragrance com- 
pounds. The typically small, volatile compounds are easily extracted by the 
fibers, and the simplicity of the method allows easy coupling to analytical 
instruments. Headspace trapping can reduce the potential for interference 
peaks and prevent contamination of both the needle and the instrument. 
Loss of these volatile compounds during sample preparation steps is mini- 
mized or eliminated compared to conventional methods, and the method is 
amenable to field sampling and analysis. 


SPME has been shown to be useful for semivolatile com- 
pounds, even though these appeared more challenging in the early years. 
With appropriate matrix modification, one can take advantage of headspace 
trapping for these as well. SPME provides significant convenience for field 
and air analysis. Quantification is relatively straightforward, even in the pres- 
ence of varying air temperature. Finally, the use of SPME for time-weighted 
average sampling provides simplicity in monitoring flavor and fragrance con- 
centrations over time. 


9.4 Headspace Trapping Extraction and GC-FID/ 
MS Analysis 


Orange juice volatiles were extracted from the juice headspace 
using a syringe-like SPME device equipped with a 75 um Carboxen-PDMS 
fiber (Supelco). Aliquots (25 ml) of juice were placed in 40-ml glass vials 
with plastic screw caps and Teflon-coated septa, warmed to 40° C, and gen- 
tly swirled to coat the walls of the vial. Juices were allowed to equilibrate 
for at least 15 min prior to fiber insertion and were maintained at 40° C 
throughout the 35-min extraction period. The fiber was then removed from 
the headspace and inserted into the heated GC injector, where the volatile 
compounds were thermally desorbed. Flavor extract was separated using an 
HP 5890 GC instrument equipped with a 30 m x 0.32 mm i.d. DB5 capillary 
column. Column temperature was initially 32° C, with a 3-min hold, and was 
then increased at 6° C/min to 200° C. Helium carrier gas linear velocity 
was 29 cm/s. A special narrow boar (0.75 mm) injector liner was used to 
improve peak shape and chromatographic efficiency; the entire separation 
was conducted in the splitless mode. 
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9.4.1 History of Headspace 


In November 1986, at the 10th International Congress on Es- 
sential Oils, in Washington DC, USA, Dr. B. D. Mookherjee presented a paper 
on the impact of “live vs. dead” on headspace trapping extraction, using as 
example jasmine flowers. 


The SPME needle which is 2- to 3-mm solid glass fiber coated 
with a high-boiling liquid adsorbent, is placed in close proximity to a flower 
without touching it and is kept there for a period of 30-60 min depending 
on the odor strength of the blossom. The aroma molecules around the pet- 
als are absorbed onto the fiber. Then with GC/MS, the fiber is analyzed to 
determine the aroma profile of that particular flower. The aroma of the living 
flower was brought into space by NASA in 1998. 


9.4.2 The Aura 


When the Sun is totally eclipsed by the moon, the surrounding 
glow is called an aura. Similarly, if we consider a drop of fragrance, the mol- 
ecules surrounding the drop form an aura of that particular fragrance. 


It is acommon belief that one smells a fragrance, layer by layer, 
from the top note of the volatile components, to the middle note of compo- 
nents with boiling points in the middle range, and finally to the bottom note 
of components with the highest boiling point. 


In reality, when a drop of fragrance is placed on the skin, sev- 
eral different molecules, from the lowest to the highest boiling types, irre- 
spective of their molecular weights, boiling points and vapor pressures, form 
an aura, which eventually reaches our nose and gives us our first impression 
of the particular fragrance. The composition of this aura depends on a char- 
acteristic property of each fragrance molecule, knows as its diffusivity. 


9.4.3 What is Diffusivity? 

Diffusivity is the inherent property of a compound to emit its 
molecules into the air. One compound is said to be more diffusive than an- 
other if its molecules tend to pass into the air to a greater extent than those 
of other compounds. Diffusivity is independent of boiling point, molecular 
weight, odor threshold or odor value. 


9.4.4 Application of Headspace Trapping 


Some examples of headspace trapping are discussed here. 
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9.4.4.1 Jasmine 


The headspace constituents of living and picked Jasminum 
grandiflorum flowers are: 








Compound Living flowers, % Picked flowers, % 
Benzyl acetate 60.0 40.0 

Linalool 3.0 30.0 

Indole 11.0 2.0 

Cis-jasmone 3.0 - 
3,5-Dimethyl-2-ethyl pyrazine - 0.5 

Epi-methy! jasmonate 0.5 - 

Methyl jasmonate 0.3 - 





Differences in the volatile compounds of living flowers from 
Jasminum grandiflorum and Jasminum sambac are: 








Compound J. Srandiflorum, % J. sambac, % 
Methyl benzoate - 5.0 

Benzyl acetate 60.0 37.0 

Indole 11.0 5.0 

Linalool 3.0 9.0 
Epi-methyl jasmonate 0.5 - 

Methyl jasmonate 0.3 - 





9.4.4.2 Yellow Tea Rose 


The differences in headspace constituents between living and 
picked yellow tea rose flowers are: 








Compound Living flowers, % Picked flowers, % 
Cis-3-hexeny! acetate 20.67 5.39 

Hexyl acetate 8.40 4.26 

Phenylethy! alcohol 5S 3.30 
3,5-Dimethoxy toluene 9.96 18.58 
Alpha-elemene - 4.07 

Geranyl acetone 2.17 - 
Dihydro-beta-ionol - 2.62 
Isocaryophyllene 0.30 2.12 


Alpha-farnesene 5.83 2.96 
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9.4.4.3 Passion Flower 


Volatile constituents of living passion flower (Passiflora spp.) are: 








Compound Living flowers, % 
Methyl! benzoate 90.3 

Methyl salicylate <4. 

Methyl cinnamate 1.6 





9.4.4.4 Lotus 


The major differences in headspace constituents of living and 
picked lotus (Nelumbo nucifera) are: 








Compound Living flowers, % Picked flowers, % 
Sabinene 6.0 12.0 
p-Dimethoxy benzene 18.0 8.0 

4-Terpineol 3.0 d5 

Alpha terpineol 9.0 1.0 

Cis-jasmone 0.1 - 

C15 hydrocarbons 20.0 30.0 





9.4.4.5 Lavender 


The volatile constituents of living French lavender (Lavandula 
dentata) and English lavender (Lavandula angustifolia) are: 








Compound French lavender, % English lavender, % 
Limonene 18 6 

1-Octen-3-ol - 7 

Hexyl acetate 14 2 

Eucalyptol 9 3 

Linalool 7 - 

Cis-3-hexenyl acetate 17 13 

Borneol - 


Cryptone - 6 
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9.4.4.6 Chamomile 


The volatile constituents of living Roman and German chamomile are: 








Compound Roman chamomile, % German chamomile, % 
Ethyl 2-methyl butyrate - 12 

Cis-3-hexeny! acetate 3 22 

Isobutyl methacrylate 7 - 

Isobutyl angelate 18 - 

Ocimene - 1 

Iso-amyl angelate 10 - 

Isohexyl angelate 10 - 





9.4.4.7 Shefali 


The volatile constituents of living shefali (Nycanthus arbortristis) are: 








Compound Living flower, % 
Benzyl alcohol 11:2 

Phenyl acetaldehyde 9.4 

Phenyl ethyl alcohol 6.3 

Methyl! anthranilate 10.7 





9.4.4.8 Spearmint 


The major differences between living and picked spearmint are: 








Compound Living plant, % Picked plant, % 
Hexanal 0.5 - 
Hexanol - - 
Beta-pinene 0.8 2.0 
Sabinene 0.5 - 
Myrcene 8.8 4.0 
Alpha-phellandrene 0.7 - 
Limonene 18.0 2.0 
Cis- and trans-ocimene 1.0 - 
Dihydrocarvone 0.6 2.6 
Carvone 24.0 70.0 
Alpha- and beta-elemene 5.0 0.1 


Beta-caryophyllene 4.0 0.1 
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9.4.4.9 Cinnamon Bark 


Comparative analysis of fresh cinnamon bark headspace and 
commercial oil has revealed: 








Compound Fresh cinnamon bark, % Commercial oil, % 
Cis- and trans-cinnamic aldehyde 80.3 CL 
Eugenol - L237 


Ortho-methoxy cinnamaldehyde 0.3 - 


Eugenyl acetate - 0.5 





9.4.4.10 Ginger 


Comparative analysis of the headspace of fresh ginger root 
and commercial oil has revealed: 








Compound Fresh ginger root, % Commercial oil, % 
Citral 15.3 1.2 
Beta-bisabolene 3.3 6.2 

Alpha zingiberene 15.2 34.4 

Cis- and trans-alpha-farnesene 13.7 6.0 
ar-Curcumene La33 4.8 
Beta-sesquiphellandrene 8.0 11.8 





9.4.4.11 Peach 


Volatile constituents of living and picked peach (Prunus persica) are: 








Compound Living peach, % Picked peach, % 
Ethyl acetate 6.2 - 

Dimethyl disulfide 0.6 - 

Cis-3-hexeny! acetate 9.7 - 

Methyl octanoate 34.2 Tel 

Ethyl octanoate 7.4 11.0 

6-Pentyl alpha pyrone Trace 10.6 


Gamma decalactone 2:5 39.2 
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9.4.4.12 Pineapple 


Volatile constituents of the interior and exterior of living pineapple are: 








Compound Exterior, % Interior, % 
Methyl hexanoate 13.3 24.6 
Ethyl hexanoate 25.6 4.7 
Methyl 3-methylthiopropionate 0.9 0.5 


Ethyl 3-methylthiopropionate cd - 





9.4.5 Classical Perfumes 


Almost all successful classical perfumes are based on floral 
aromas. Perfumers created them using natural flower oil such as rose and 
jasmine. Few persons are aware of the fact that fruit and flower oils that are 
made by extraction of picked material exhibit different aromas from those of 
the living entities. Examples of classical perfumes based on floral aromas 
are Amarige (Givenchy), Joy (Jean Patou), White Linen (Estée Lauder), Aura 
(Hugo Boss), Anais Anais (Cacharel) and Beautiful (Estee Lauder). The differ- 
ence in composition between the oil and the aura of Amarige is as follows: 








Compound Oil, % Aura on skin after 60 min, % 
Linalool Leg 179) 
Benzyl acetate 4.9 22.7 
Styrallyl acetate 1.2 9.7 
Cashmeran - 0.5 
Bacdanol 0.2 0.5 
Hedione 29.9 4.9 
Cedramber 1.5 4.9 
Iso E super youll 421 
Ambrox 0.2 0.1 
Benzyl salicylate 32.5 1.1 
Muskalactone 0.9 0.4 





The examples include Joy by Jean Patou; White Linen by Estée 
Lauder; Aura of Hugo BOSS; Anais Anais by Cacharel; and Beautiful by Estee 
Lauder. 


159 


°o 
N 
Ni 
1 ae 
ay 
oO 
Ph 
ro 


rl 


> 





9 SOLID PHASE MICRO-EXTRACTION AND HEADSPACE TRAPPING EXTRACTION 


9.4.6 Need for Headspace 


When we go to a rose-field full of bloomed roses, we detect a 
pleasant smell in the atmosphere and expect the same fragrance when we 
use the bottled perfume or 100% genuine essential oil extracted from the 
same roses. However, this is not true. The fragrance we detect in the field 
is completely different from the bottled perfume or essential oil, for the fol- 
lowing reasons: 


a) When a flower or herb is processed to obtain the essential 
oils, the low volatile compounds cannot always be recovered 
and often evaporate. These low volatiles are important for 
aroma. 

b) During the processing of an herb, many chemical reactions 
take place, such as saponification, trans-esterification, po- 
lymerization and condensation. These reactions actually 
change the character of the oil, so that its aroma no longer 
resembles that of the actual plant and the product is differ- 
ent in composition. Many stereoterpenes, which are highly 
volatile in nature, cannot be extracted and remain in the 
herbs. These stereoterpenes do not contribute directly to 
the odor but, in combination with other ingredients, impart a 
synergic effect to the overall odor quality. 


9.5 Types of Headspace Trapping 


Headspace trapping can be static or dynamic, which is gener- 
ally called the purge-and-trap method. In static headspace trapping, gas ex- 
traction is carried out in a single step or in a limited number of steps. On the 
other hand, the purge-and-trap technique consists of two or three separate 
steps, the first of which is continuous gas extraction. 


9.5.1 Static Headspace Trapping 


This is a single-step gas extraction procedure (Figure 3). By 
thermosetting the sample for a certain time at a preselected temperature, 
equilibrium is reached between the sample phase and the gas phase of the 
sample vial. Subsequently, a single aliquot of the headspace is introduced 
into the carrier gas flow, which then carries it to the column where the vola- 
tile compounds are separated in the usual way. 


The equilibrium of the two phases in the sample vial is charac- 


terized by a partition coefficient (Ki) representing the ratio of the analyte’s 
concentration in the sample phase and in the gas phase. 
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Figure 3: Static headspace trapping technique 


9.5.2 Dynamic Headspace Trapping 


In this technique (Figure 4), the sample is continuously purged 
with an inert gas (the purge gas), until all volatile compounds are removed. 
During this step, the gas effluent leaving the sample vessel is conducted 
through a trap, either cooled to low temperature or containing an adsorbent. 
This trap retards the volatile analytes purged from the sample. When gas 
extraction is complete, the condensed or adsorbed analytes by rapid heating 
of the trap now get purged with the carrier gas. 


In Figure 4, the desorbed analytes are conducted directly into 
the gas chromatograph. Thermal desorption from an adsorbent is not instan- 
taneous: thus, the sample “slug” might be too long, creating broad peaks, 
with tailing. This is particularly the case when a capillary column is used in 
the gas chromatograph. For this reason, usually a second, small trap, cooled 
to low temperature, is placed in the carrier gas line between the primary trap 
and the column. When desorption is finished, this small trap is then heated 
very rapidly: in this way, a sharp band of the analytes enters the column. 
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Figure 4: Dynamic headspace trapping technique 


This technique is being used more generally after the introduc- 
tion of Tenax (poly(2,6-diphenyl-p-phenylene oxide)) as a universal adsorbent 
for dynamic headspace GC by Zlatkis and his group, at the University of 
Houston, in 1973. They used the technique for the investigation of biological 
fluids and demonstrated the reproducibility of the purge-and-trap method. 


9.6 Principles of Static Headspace-GC Systems 


Gas from the headspace of a closed vessel can be sampled 
simply with a gas-tight syringe. However, with such a manual method, it is 
difficult to reproduce all the conditions necessary for reliable quantitative 
analysis. Therefore, today, headspace-gas chromatography (HS-GC) is car- 
ried out almost exclusively with automated instruments, in which thermoset- 
ting, aliquoting the headspace and introducing it into the gas chromatograph 
are fully automated. In this way and using the proper calibration methods, 
the required precision, accuracy and reliability are assured. 


Present-day HS-GC instruments are of two types. In the first, 
the headspace aliquot is taken by an automated syringe which then is 
moved above the injection port of the gas chromatograph and the sample 
is injected. In essence, such systems are similar to the autosamplers used 
in GC. In the second case, the aliquot from the vial’s headspace is not with- 
drawn by suction as in the case of a syringe: instead, after equilibrium is 
reached, the vial is pressurized by the carrier gas. After pressurization there 
are two possibilities. The carrier gas flow can be temporary interrupted while 
the pressurized gas in the vial is allowed to expand onto the column; the 
transferred volume of headspace can be accurately controlled by controlling 
the time of transfer and the pressure. The second possibility is to have a 
gas introduced between the sample vial and the column, and fill the sample 
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loop of the valve by the pressurized headspace gas. Today, automated in- 
struments based on these principles are commercially available. 


9.6.1 Trace Analysis by HS-GC 


HS-GC in both its dynamic and static versions permits the de- 
termination of analytes at low concentrations. Usually the dynamic tech- 
nique is considered to be more sensitive; however, this is not necessarily 
true. For example, trace impurities in a water sample, at the parts-per-billion 
level, can be determined relatively easily by static HS-GC. 


9.7 Headspace Trapping Techniques 


9.7.1 Static Headspace Trapping 


Using the static method (Figure 5), a food sample is normally 
placed in a heated vessel, which is sealed gas-tight by a septum. The food 
sample stays inside the vessel for a certain period of time, so that the vola- 
tile compounds evaporate to a certain concentration in the air or to certain 
equilibrium. In order to determine the best conditions for the experiment, the 
odor of the headspace can be checked by sniffing the vessel. Subsequently, 
a distinct volume is taken out of the vessel by a gas-tight syringe and directly 
injected into a gas chromatographic column, with or sometimes without prior 
concentration (e.g. cryofocussing). The advantage of this method is that it 
accurately assesses the composition of the odorants. An application of this 
technique, called GC olfactometry of static headspace samples, has been 
widely used to identify the highly volatile compounds causing the first odor 
impression of foods. 
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Figure 5: Static headspace trapping technique 
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However, static headspace samples are normally too small to 
quantify odorants that are present only at low concentrations in the vapor 
phase. In other words, one can smell them, but in many cases it is not pos- 
sible to obtain a signal in a mass spectrometer. 


9.7.2 Dynamic Headspace Trapping 


To overcome the disadvantages of headspace trapping method, 
dynamic headspace trapping can be used (Figure 6). Again, the food sample 
is placed in a heated vessel but the evaporating compounds are continu- 
ously swept by a stream of inert gas into a trap containing a porous polymer, 
which adsorbs more or less the organic constituents. This method yields a 
much higher amount of trapped volatiles so that, after desorption, it is no 
longer problematic to obtain an MS signal. 
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Figure 6: Dynamic headspace trapping technique 


However, the disadvantage of this procedure is the strong de- 
pendence on the yield of the odorants, on the velocity of the carrier gas and 
on the selectivity of the adsorption and desorption process for different 
compounds. It is very difficult to control these parameters precisely and 
therefore, the results of such quantitative measurements might be inac- 
curate. 


3.7.3 Recovering the Adsorbed Volatiles by Thermal or 
Liquid Solvent Desorption 


Several studies have reported methods of desorption using or- 
ganic solvents. Drawbacks of the use of solvent desorption include the loss 
of volatile compounds during removal of excess solvent before GC analysis, 
solvent selectivity and solvent impurities. We recently developed a sensi- 
tive and highly reproducible dynamic headspace (DHS) protocol with thermal 
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desorption (using injector glass liners packed with Tenax-TA as adsorbent 
traps for aroma collection at ambient room temperature) and desorption at 
the interior of a GC injector. This DHS-type protocol was used to characterize 
fresh tomato flavor compounds; the results were compared with published 
data from a static headspace method (Table 1). 


Table 1: Concentration of selected tomato aromas from heat-processed tomato 
juice by static headspace trapping (SHT) and dynamic headspace trapping (DHT), 


expressed in parts per billion (ppb) 








Compound SHT, ppb DHT, ppb 
(E)-2-hexanal 5 340 
1-Penten-3-one 61 100 
2-lsobutylthiazole 2 450 
2-Methylfuran 97 1,060 
2-Pentylfuran 26 700 
3-Methybutanal 17 750 
3-Methylfuran 717 3,200 
6-Methyl-5-hepten-2-one 21 1,330 
Acetone 325 - 
Benzaldehyde 3 30 
Dimethyl disulfide 16 630 
Dimethyl sulfide 5,205 2,974 
Ethanol 311 - 
Geranial 2 130 
Hexanal 188 6,210 
Pentanal 48 470 





In the present study, this DHT-type protocol was used to charac- 
terize fresh tomato flavour compounds for comparison with related literature 
methods. 


9.7.4 Some Practical Examples of Headspace Technique 
Use 


9.7.4.1 Tomato Juice 
Fresh tomato juice was made from vine-ripe fruit by Campbell 


Soup Company’s R&D centre in Davis, USA. Chemicals were reagent grade, 
supplied from reliable sources. 
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9.7.4.1.1 Preparation of Traps 


Traps were prepared using silane-treated glass tubing (79 mm 
x 6 mm) packed with 13 mg 60/80 mesh Tenax-TA (2,6-diphenyl-p-phenylene 
oxide) polymers held in place by silanized glass wool. The traps were initially 
conditioned at 330° C for 2 h under nitrogen gas at a 20 ml/min flow rate. 
The traps were regenerated at 250° C for 1 h immediately before each 
purge-and-trap experiment. 


9.7.4.1.2 Thermal Desorption 


Adsorbed volatile compounds were recovered from the trap di- 
rectly inside the GC injector. The desorption time and temperature were pre- 
viously determined. The injector temperature was 200° C and a loop of the 
analytical column at the injector end was immersed in a liquid nitrogen-filled 
Dewar flask to cryogenically trap the desorbed volatiles. Subsequently, the 
injector glass liner (insert) was replaced with the trap to desorb volatiles. 
Thermal desorption was carried out for 5 min with the split vent and septum 
purge closed. 


9.7.4.2 Headspace of Hedychium coronium 


Hedychium coronium flower has a delicate, pleasant fragrance, 
but the essential oil and concrete extracted by traditional methods usually 
lose this fragrance. Thus, the headspace of the H. coronium flower was ana- 
lyzed. The essential oil of H. coronium flowers, which was absorbed by XAD-4 
resin, eluted by organic solvent and concentrated, had a fragrance similar to 
the natural fragrance of H. coronarium flowers. 


9.7.4.3 Volatiles of White Hyacinths Isolated by Dynamic 
Headspace Trapping 


More than 70 constituents of white hyacinths can be identi- 
fied by GC and GC-MS. The principal constituents are benzyl acetate and 
(E,E)-o-farnesene. Beside these, sensorily important substances like indole, 
oct-1-en-3-0l and phenylacetaldehyde were identified. Minor traces of three 
substituted pyrazines were detected by GC-sniffing. The advantages of the si- 
multaneous closed-loop stripping technique using various adsorbing agents 
at the same time were demonstrated. By this method, artifact formation and 
discrimination of individual components can be determined 


9.7.4.4 Medical Materials Testing by Headspace Trapping-GC-MS 


The new technology provided by the HS-40 Trap coupled with 
a sensitive detection method such as GC-MS allows volatile organic com- 
pounds in medical sutures to be analyzed easily at trace levels. Individual 
compounds present in the sutures can be analyzed by GC-MS and identified 
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by a NIST library search of the acquired mass spectral data. The innovative, 
patent-pending, headspace trapping technology used in this application pro- 
vides sensitivity beyond the capability of traditional static headspace. This 
presents a new level of detection capability for the evaluation of materials 
used in medical applications, as well as in other types of material testing, 
including pharmaceutical formulations and food-packaging film. 


9.8 Conclusions 


Advanced technologies such as SPME and headspace trapping 
extraction are well suited for the analysis of flavor and fragrance compounds. 
The typically small, volatile compounds are easily extracted. The simplicity 
of the method allows easy coupling to analytical instruments. Loss of vola- 
tile compounds during sample preparation steps is minimized or eliminated, 
compared to conventional methods. 


These techniques are useful for semivolatile compounds, even 
though these were more challenging in the early years. With appropriate 
matrix modification, one can take advantage of this analytical method, which 
provides significant convenience for field and air analyses. 
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10 Supercritical Fluid Extraction of 
Medicinal and Aromatic Plants: 
Fundamentals and Applications 


A. Bertucco and G. Franceschin 


Abstract 


The main issues related to supercritical fluid extraction of medicinal and aromatic 
plants are discussed in view of the development of this separation technique at indus- 
trial scale. After an introduction to supercritical fluid extraction, the roles of thermo- 
dynamics and mass transfer properties are emphasized, and the effects of the main 
operating variables on product recovery are briefly examined. Fundamental concepts 
about the equipment needed and basic technology are presented, including economi- 
cal evaluation. Finally, a short literature survey of successful supercritical extraction 
processes of medicinal and aromatic plants is reported and a future outlook is given. 


10.1 Introduction 


In the second half of last century, an increasing interest has 
been paid to supercritical fluids as alternate solvents for the extraction of 
natural bioactive molecules from plants. The main reason for the interest 
in supercritical fluid extraction (SFE) was the possibility of carrying out ex- 
tractions at temperature near to ambient, thus preventing the substance of 
interest from incurring in thermal denaturation. 


A thorough review of the results achieved up to the early 1980s 
is presented in a book by Stahl et al., published in 1986. Clearly, by that 
time, the fundamentals of this new extraction process were already under- 
stood, even though the technical-economical assessment and the design 
criteria for large-scale application of SFE were still missing. After twenty 
years of research and development, it is now possible to say that such 
achievements are at hand, so SFE is currently a well-established unit opera- 
tion for extraction and separation. Moreover, its design and operating crite- 
ria are fully understood, so that it can profitably be applied in the extraction 
of medicinal and aromatic plants (MAPs). 


10.2 Supercritical Fluids 


A fluid at supercritical condition, also referred to as a dense 
gas, is a fluid above its critical temperature (T;) and critical pressure (Pc) to 
a certain extent: to be supercritical, the reduced temperature T, (i.e. T/Tc) 
must not exceed 1.2 or 1.3, whereas the reduced pressure P, (i.e. P/Pc) may 
be as high as allowed by technological limits. 
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At suitable conditions, any fluid can reach its supercritical 
state. However, only those having a critical temperature not far from ambi- 
ent temperature can be used as alternative solvents for the extraction of 
MAPs. Carbon dioxide (COz), with Tp==31.06° C and P,=73.81 bar, is the 
most attractive solvent, because of its proprieties regarding toxicity, flam- 
mability and cost. 


The possibility of using supercritical fluids (SFs) as extraction 
solvents is directly linked to their density. In fact, according to an empirical 
correlation proposed by Chrastil in 1982, 


s=ptexp (2 +c) (1) 


where s is the solute solubility, p is the solvent density and T is the absolute 
temperature; a, b and c are correlation parameters to be adjusted to experi- 
mental solubility data in supercritical CO>. 


When a fluid approaches the critical conditions, its density gets 
closer and closer to that of the liquid state. This can be seen, for COs, in 
Figure 1, where density isotherms are plotted against the reduced pressure. 
For example, at T = 35° C and P = 200 bar, p = 866 kg/m? 


It is also clear from Figure 1 that, close to the critical point, 
both the compressibility and expansion coefficient of the fluid are high, so 
slight changes in the operating conditions can significantly modify the den- 
sity, i.e. the supercritical fluid solvent power. The importance of the Chrastil 
equation (Eq. 1) lies in the fact that solvent density is identified as the key 
factor in a successful SFE process. 





0.1 1.0 10.0 


Figure 1: Density vs. pressure diagram for carbon dioxide 


When plotted against solvent density, solubility data for super- 
critical CO2 always display a regular trend such as that in Figure 2a, whereas 
a more complex behavior is seen when pressure is improperly used as the 
independent process variable (Figure 2b). 
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Figure 2: Solubility of 1,4-bis-(n-propylamino)-9,10-anthraquinone in supercritical COz: as a 
function of solvent density (2a) and of pressure (2b) 


Coming back to Eq. 1, is important to point out that it is not theo- 
retically correct and must be applied within restricted temperature ranges only. 


More importantly, the exponential form of Eq. 1 does not guar- 
antee that the solubility of a solute in SF is high. The solubility depends on 
parameters a, b and c; in fact, in the case of COs, the solubility of a solute 
of interest for MAP applications is at best in the range of 1 to 1000 by 
weight or often 1 to 10,000 (Figure 2a illustrates this). This is because CO, 
is a poor solvent, even at supercritical conditions. In addition, this holds 
for non-polar substances only, as supercritical CO. does not dissolve polar 
molecules at all. Actually, CO2 is a good solvent only for low molecular weight 
solutes. 


The limit on solubility is dictated by thermodynamics. Accord- 
ing to the iso-fugacity criterion applied to the substance to be extracted, 
between the two phases at equilibrium (the condensed one — either solid or 
liquid — and the supercritical one), we have: 


Psat 
y= > E (2) 








0,V P — Psat 
Ej, = oi exp (vr ) 
cy 


(3) 
where y; is the mole fraction of / in the supercritical phase, @°" and @ are 
the fugacity coefficients of j in the standard state and in the mixture, respec- 
tively, at the process conditions, Ps* is the solute saturation (or sublimation) 
partial pressure (i.e. the component volatility), and v‘/" is the molar volume 
of the condensed phase (either solid or liquid). T is the absolute tempera- 
ture and R is the universal gas constant. E; is the so-called enhancement 
factor, which accounts for the increasing solubility due to system nonideali- 
ties with respect of the ideal behavior (given by Eq. 2). 
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According to Eq. 2, the solubility of i in the SF can be calculated 
at the process condition, provided that the fugacity coefficients @; can be 
evaluated accurately by means of an equation of state. However, the sub- 
stance vapor pressure directly influences the solubility when Ps is as usual 
for MAPs, very low. Only an equally low value of the fugacity coefficient, i.e. 
a high system nonideality, can partially counteract the lack of volatility of the 
pure component. 


Regardless of the way its value has been obtained, i.e. from 
Eq. 1 or Eqs. 2-3, the solubility is only one of two fundamental pieces of 
information that must be known in order to assess the feasibility of an SFE 
process for MAPs. The second one is selectivity, which is defined as the ra- 
tio of the solubility of the substance i of interest with respect to a reference 
substance j: 


Si 


QO; = 
lJ Ss 


(4) 

If on one hand high solubility is desirable, to reduce the solvent 
consumption per unit product extracted, on the other hand selectivity must 
be as far as possible from 1, to ensure that the substance of interest is ex- 
tracted as pure rather than in mixture with other components. In summary, 
to develop a successful SFE process for MAPs, both solubility and selectivity 
issues must be fulfilled properly. 


Coming back to COs, it must be kept in mind that this solvent 
is rather non-selective: when it is able to dissolve a group of similar sub- 
stances (for example, in terms of carbon atoms), all of them are extracted 
to a similar extent, provided they have similar polarities. 


Therefore, it can be stated that CO2 alone is not as selective as 
a good and pure solvent. It is also noteworthy that CO. capacity and selectiv- 
ity may be improved by using an organic solvent as the entrainer, also called 
the co-solvent, with the function of modifying chemical interactions between 
CO, and the substance to be dissolved in it. 


But by doing this, the SFE process becomes more complicated, 
as an extra chemical component needs to be introduced into the process. 
However, the co-solvent can be easily separated from the product down- 
stream, due to the high selectivity displayed by supercritical CO. in this 
respect. 


10.3 SFE Processes 


An SFE process for extracting MAPs is basically composed of two 
main sections (Figure 3a). The feed, containing the substance of interest, in- 
dicated by A, comes in contact with supercritical CO2, at suitable temperature 
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and pressure, in an extraction device. In this simple scheme, component A is 
selectively extracted and must be recovered from the supercritical solution, 
which is usually a dilute one for the reason explained in the previous section. 
Product recovery occurs in the separation section, whose temperature and 
pressure can be adjusted in order to optimize the amount of A produced. 


Note that, due to the low solubility in supercritical CO, after 
recovery of the product of interest the solvent must be recycled and pumped 
back to the extractor, in order to minimize operating costs. It is also note- 
worthy that the separator can be operated either at the same temperature 
or at the same pressure of the extractor, the best condition resulting from 
an economical analysis of the overall production costs. 


If the temperature is kept constant, product separation is 
achieved by depressurization (Figure 3a), and mechanical energy has to be 
provided to the system to raise the CO. pressure from the separator to the 
extractor conditions. On the other hand, extracted products can be sepa- 
rated from CO, by increasing the temperature, and thermal energy must be 
supplied in this case (Figure 3b), where the circulation of the solvent can 
be done at nearly isobaric conditions. Of course, the way the separation 
of products from COz is achieved can be more complex: for instance, both 
temperature and pressure can be varied when passing from the extractor 
to the separator sectors, or a solid can be used to promote separation by 
adsorption. 
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Figure 3: Block flow diagrams of simple SFE processes: with separation obtained by 
pressure change (a) and by temperature change (b) 


If, as it often occurs, many substances are extracted by CO2 at 
the extraction conditions because of lower CO, selectivity, their fractionation 
can also be achieved in the separation section, by simply using more than one 
separator, operated at different conditions. As shown in Figure 4, multiple frac- 
tions with different properties can be recovered from the same extraction. 
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extractor separator 


aa 







fraction 1 fraction 2 fraction 3 





Figure 4: Single extractor, multiple separator scheme 


Finally, a multiple extractor scheme can also be envisaged, as 
represented in Figure 5 with only one separation step, for sake of clarity. This 
configuration is particularly useful when, as in the case of SFE of MAPs, the sub- 
stances to be extracted are embedded in a solid matrix, which is initially loaded 
in the extraction vessel as a fixed bed. In this case, the extractors can be con- 
nected either in parallel or in series, depending on specific requirements. 


More details on the development of SFE processes are pro- 
vided in a book by Brunner listed in the bibliography. SFE of solids is a 
semibatch operation, which can also be operated in a simulated moving bed 
configuration to obtain a continuous production. 


extract 











Figure 5: Multiple extractor, single separator scheme 


Typical extraction profiles from solid materials (single vessel) 
are shown in Figure 6 where the extractor yield, i.e. the amount of substance 
of interest extracted with respect to the total amount initially contained in 
the solid, is plotted against extraction time. The profiles, which are steeper 
if the temperature is higher, have two parts: a straight line corresponding 
to the extraction of the substance “readily available” to supercritical COz, 
and an asymptotic curve representing the extraction of the part attached to 
the solid matrix. In the first case, the extraction is limited by solubility; in 
the second, mass transport (diffusion) properties are important and can be 
limiting and crucial for the success of SFE. 
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The effects of operating temperature are also clear in Figure 6. 
Other important operating variables are pressure, CO> flow rate and humidity 
of the material to be extracted. 





Diffusion 


Extraction yield, % 


Solubility 














Extraction time [h] 


Figure 6: Extraction yield versus time at different temperatures 


10.4 The SFE Process and Equipment 
Development 


In order to design and develop an SFE process for MAPs with 
CO, (possibly assisted by ethanol or water as entrainers), we need to know 
and optimize: 


1. The solubility of the substance of interest 

2. The selectivity of this substance with respect to others that 
are extracted simultaneously 

3. The extraction profiles (Such as those in Figure 6) 

4. The way to separate the substance of interest from the total 
extract 


All this information can be obtained by simple measurements 
performed in a laboratory-scale apparatus of minimum volume such as that 
illustrated in Figure 7. 





Figure 7: Laboratory-scale apparatus for SFE process design 
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To measure extraction profiles, a small pilot-scale apparatus can 
be used. Extractor and separator volumes do not need to exceed 11 liter each. 
The analytical system must be suitable to measure the concentration and purity 
of the products of interest. Basic requirements in terms of equipment are: 


1. A liquid CO, storage tank 

2. A pump for liquid CO, 

3.A cooler to prevent CO, from evaporating in the pump 

4. A heat exchanger to control the temperature of CO, entering 
the extractor 

5. An extraction vessel 

6. A heat exchanger to control the CO, plus solute mixture en- 
tering the separator 

7. A separation vessel 


Note that condensing and recycling of CO. after separation is 
not needed at the laboratory-scale developmental level, whereas these are 
essential requirements at the industrial production level. 


All parts of the SFE laboratory-scale plant must be designed 
in order to resist the maximum operating pressure. If this does not exceed 
300-350 bar, the entire equipment (e.g. vessels, valves, fittings) is pretty 
much of standard type and relatively inexpensive. If, as usual, stainless 
steel is used, the thickness of any part of the plant can be easily calculated 
by applying the Von-Mises equation: 


k2 a 
Pj R-1 3 < Oam (5) 
with: a 
aa = —s 6 
0. S. (6) 


where P, is the internal pressure, k is the external to internal diameter ratio, 
o; is the yield stress, and S; is a suitable safety factor (usually S=1.5). 


From Eq. 5, it can be seen that the thickness of a cylindrical 
vessel depends on its diameter. Examples are given in Table 1 for a vessel 
of 0.2 m internal diameter, with both stainless steel and carbon steel con- 
struction materials. 


Table 1: Thickness (s) of a thick-wall cylindrical vessel of 200 mm internal diameter 
as a function of pressure (SS=stainless steel, CS=carbon steel) 





P [atm] 50 100 150 200 250 300 





SS 3.8 8.1 12.9 18.5 25.0 32.7 
CS 2.2 4.6 7.2 10.0 13.0 16.2 


s [mm] 
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Special care must be paid to closures and seals. SFE of MAPs 
is mostly an extraction operation from solid materials, which is carried out in 
batch or semibatch mode. Therefore, extraction vessels need to be pressu- 
rized, depressurized, opened, filled, and closed again several times per day. 
In order to ensure fast and safe operation procedures and reliable seals, 
gaskets like O-rings are useful and closure devices have been specifically 
designed. Again, the technology needed is already fully developed. We refer 
to chapter 4 of the book by Bertucco and Vetter for details. The book also 
describes the machinery for moving fluids under pressure, i.e. pumps and 
compressors. We conclude that setting up a laboratory-scale apparatus with 
which to perform feasibility studies concerning the possibility of applying 
SFE to MAPs is not really an issue, and can be done with a relatively small 
capital cost. 


However, this does not mean that SFE of MAPs is in itself an 
economically convenient operation. An accurate evaluation of production 
costs, including both capital and utility costs, must be performed before 
scaling up a process whose technical feasibility has been demonstrated at 
the laboratory level. Costs are also discussed in the book by Bertucco and 
Vetter (chapter 8), but are only indicative. The reader should remember that 
capital costs have been steadily decreasing in the last years must be taken 
into account. 


10.5 SFE Applied to Medicinal and Aromatic 
Plants 


A large number of MAPs has been considered for possible 
extraction by supercritical CO2. The most recent developments suitable to 
have industrial relevance are listed in Table 2. These examples illustrate the 
great potential of SFE in this field. 


Table 2: Medicinal and aromatic plants extracted by SFE 








Plant rams Product(s) extracted Reference 

(part used) 

Calendula Oleoresin Campos et al., 2005, Experimental 
officinalis data and modeling the supercritical 
(flowers) fluid extraction of marigold (Calendula 


officinalis) oleoresin, J Supercritical 
Fluids, 34: 163-170 

Danielski et al., 2007, Marigold 
(Calendula officinalis L.) oleoresin: 
solubility in SC-CO2 and composition 
profile, Chem Eng Proc, 46: 99-106 
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Plant name 
(part used) 


Product(s) extracted 


Reference 





Echinacea 
purpurea 


Alkamides, polyphenolics 
including chichoric acid, 


Catchpole et al., 2002, Supercritical 
extraction of herbs |: saw palmetto, 





(whole herb) carbohydrates St John's wort, kava root, and 
Echinacea, J Supercritical Fluids, 22: 
129-138 

Eucalyptus spp. Essential oil Della Porta, et al., 1999, Isolation 


(leaves) 


of eucalyptus oil by supercritical 
fluid extraction, Flavour Fragr J, 14: 
214-218 





Ginkgo biloba 


Flavonol glycosides 


Chun Yang et al., 2002, Extraction 

















(leaves) (flavonoids) and of pharmaceutical components 
terpenoids from Ginkgo biloba leaves using 

supercritical carbon dioxide, J Agric 
Food Chem, 50: 846-849 

Hypericum Naphthodianthones, Catchpole et al., 2002 

perforatum hypericin and 

(herb) pseudohypericin 

Levisticum Essential oil DaukSas et al., 1999, Supercritical CO2 

officinale extraction of the main constituents 

(dry rhyzomes, of lovage (Levisticum officinale Koch.) 

roots) essential oil in model systems and 
overground botanical parts of the 
plant, J Supercritical Fluids, 15: 51-62 

Matricaria Oleoresin Kotnik et al., 2007, Supercritical 

chamomilla fluid extraction of chamomile flower 

(flowers) heads: comparison with conventional 
extraction, kinetics and scale-up, 
J Supercritical Fluids, Available online 
13 February 2007 (in print) 

Mentha spp. Essential oil Marongiu et al., 2001, Extraction 

(leaves) and isolation of Salvia desoleana 
and Mentha spicata subsp. insularis 
essential oils by supercritical COz, 
Flavour Fragr J, 16: 384-388 

Origanum spp. Essential oil Leeke et al., 2002, Eng Chem Res, 


(herb) 


41: 2033-2039 





Piper 
methysticum 
(roots, 
rhizomes) 


Kava lactones 


Catchpole et al., 2002 





Piper nigrum 
(fruit) 


Oleoresin 


Ferreira et al., 1999, Supercritical 
fluid extraction of black pepper (Piper 
nigrum L.) essential oil, J Supercritical 
Fluids, 14: 235-245. 
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Pisnename Product(s) extracted Reference 

(part used) 

Saccharum spp. Long chain n-alcohols De Lucas et al., 2005, Supercritical 
(crude wax) extraction of long chain n-alcohols 


from sugar cane crude wax, 
J Supercritical Fluids, 34: 163-170 








Salvia desoleana Essential oil Marongiu et al., 2001 
(leaves) 

Serenoa repens Free fatty acids, Catchpole et al., 2002 
(fruit) phytosterols (low 


concentrations), fatty 
alcohols and triglycerides 





Solanum Carotenoids, tocopherols Vagi et al., 2007, Supercritical carbon 
lycopersicum and sitosterols dioxide extraction of carotenoids, 
(fruit) tocopherols and sitosterols from 


industrial tomato by-products, 
J Supercritical Fluids, 40: 218-226 





Taxus brevifolia Taxol Jennings et al., 1992, Supercritical 
(bark) extraction of taxol from the bark of 
Taxus, J Supercritical Fluids, 5: 1-6 





Taxus cuspidate Paclitaxel and baccatin IIl_ Moon-Kyoon Chun et al., 1996, 
(needles) Supercritical fluid extraction of 
paclitaxel and baccatin III from 
needles of Taxus cuspidate, 
J Supercritical Fluids, 9: 192-198 





Vitis vinifera Procyanidins Cao et al., 2003, Supercritical fluid 

(seeds) extraction of grape seed oil and 
subsequent separation of free fatty 
acids by high-speed counter-current 
chromatography, J Chromatogr A 
1021: 117-124 





Zingiber Oleoresin Badalyan et al., 1998, Extraction of 
officinale Australian ginger root with carbon 
(rhizome) dioxide and ethanol entrainer, 


J Supercritical Fluids, 13: 319-324 





10.6 Conclusions 


SFE with CO, is a technically and possibly economically valid 
technique to extract bioactive components from MAPs. Organic solvent-free 
products can be obtained and the low operating temperature makes it pos- 
sible to preserve all their natural properties. The feasibility study on specific 
products can be performed rather easily at laboratory scale. However, ac- 
curate evaluation of production costs, including both capital and operating 
ones, must be done in order to exploit SFE at the industrial level. 
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11 Process-scale High Performance Liquid 
Chromatography for Medicinal and 
Aromatic Plants 


M. M. Gupta and K. Shanker 


Abstract 


High performance liquid chromatography (HPLC) is widely used by chromatographers 
and by the pharmaceutical industry for the accurate and precise analysis of chemicals 
and drugs of diverse nature. The systematic scale-up from analytical to preparative 
and process scale and further scale-up to industrial scale can be used in the medici- 
nal and aromatic plant industry for the isolation and purification of phytomolecules of 
therapeutic and commercial interest. Due to the gradual increase in the demand for 
phytomolecules, the importance of process-scale HPLC as a purification tool has been 
increasing. In this article, we discuss the practical aspects of process-scale HPLC and 
focus on terminology, operational problems, advantages and applications of this tech- 
nology to medicinal and aromatic plants. 


11.1 Introduction 


The term liquid chromatography (LC) refers to a range of chro- 
matographic systems, indicating liquid-solid, liquid-liquid, ion-exchange and 
size exclusion chromatography. Glass column chromatography is an exam- 
ple of classic liquid column chromatography in which the mobile phase per- 
colates under gravity through a glass column filled with a finely divided sta- 
tionary phase. Liquid chromatography has overtaken gas chromatography, 
as high performance liquid chromatography (HPLC) systems now provide 
features such as: 


i) High resolving power 

ii) Fast separation 

iii) Continuous monitoring of column effluent 

iv) Qualitative and quantitative measurements and isolation 
v) Automation of analytical procedures and data handling 


There has been tremendous growth in this technique since 
1964 when the first HPLC instrument was constructed by Csaba Horvath 
at Yale University. For the isolation of compounds, preparative mode HPLC 
(prep-HPLC) can be used in pharmaceutical development for trouble-shoot- 
ing purposes or as part of a systematic scale-up process. The importance 
of prep-HPLC in pharmaceutical production as a purification tool has been 
increasing. Chromatographic separation can remove impurities of different 
polarity and can reduce the content of an enantiomer in a racemic mixture. 
In both of these instances, crystallization may be used to prepare the pure 
product. Bench to pilot scale production of natural products needs some 
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form of automation: thus, developing well-automated preparative chromato- 
graphic methods is a necessary but demanding task. 


Innovations in micro-analytical to preparative HPLC played an 
important role in the progress of natural product chemistry. HPLC is used 
routinely in phytochemistry to pilot the preparative-scale isolation of natu- 
ral products and to control the final purity of the isolated compounds. The 
development of hyphenated techniques related to this efficient separation 
technique in the past 20 years has provided powerful new tools such as 
LC/UV-photodiode array detection, LC/mass spectrometry (LC/MS) and LC/ 
NMR. The combination of high separation efficiency of HPLC with these dif- 
ferent detectors has made possible the acquisition of data on an LC peak 
of interest within a complex mixture. 


11.2 Theoretical Aspects of HPLC 


Separation of chemical compounds is carried out by passing 
the mobile phase, containing the mixture of the components, through the 
stationary phase, which consists of a column packed with solid particles. 
The cause for retention is physical and chemical forces acting between the 
solute and the two phases, on the chromatographic column. The reason 
for retention is the difference in the magnitude of forces; this results in the 
resolution and hence separation of the individual solutes. The separation of 
compounds occurs by distribution of solutes between the two phases. 


11.2.1 Chromatography Classification 


Chromatography can be classified according to mechanism of 
separation as: adsorption chromatography, partition chromatography, ion ex- 
change chromatography, size exclusion chromatography and affinity chroma- 
tography. In HPLC, separation is mainly governed by adsorption and partition 
chromatography. In adsorption chromatography, separation is based on the 
difference between the adsorption affinities of the sample components on 
the surface of an active site, whereas in partition chromatography separa- 
tion is mainly based on the difference between the solubility of sample 
components in the stationary phase and the mobile phase. 


There are two modes of analysis depending on the operation 
techniques viz. isocratic and gradient. Isocratic analysis is the procedure 
in which the composition of the mobile phase remains constant during the 
elution process. In gradient elution, the composition of the mobile phase 
changes continuously or stepwise during the elution process. HPLC can also 
be classified according to special techniques, such as reverse phase (RP) 
and normal phase chromatography. Reverse phase is an elution procedure 
used in liquid chromatography where the mobile phase is significantly more 
polar than the stationary phase. On the other hand, in the normal phase 


EXTRACTION TECHNOLOGIES FOR MEDICINAL AND AROMATIC PLANTS 


procedure, the stationary phase is more polar than the mobile phase. Li- 
pophilic substances like oils, fats and lipids are separated by normal phase 
chromatography. Commonly used mobile solvents are n-hexane, heptane, 
chloroform, and alcohols. Most biomedical substances are separated by 
reverse phase chromatography using aqueous mixture with methanol, ac- 
etonitrile and additives (buffers, ion-pairs). 


11.2.2 Important Factors that Influence HPLC Separation 


HPLC separation is influenced by dead volume, capacity factor, 
theoretical plate count and selectivity: 


e Dead volume (V,) is the volume at which an un-retained com- 
ponent elutes. 


e Capacity factor (K’) is a measurement of the retention time 
of a sample molecule, relative to column dead volume. It 
changes with variations in mobile phase composition, col- 
umn surface chemistry or operating temperature. Capacity 
factor is calculated as follows: 


pce Mar Vee 
Sa Ej 


V, = Retention volume of peak 1 


e Theoretical plate count (N) is a measure of column efficiency 
in terms of band-spreading of a peak. The smaller the band- 
spread, the higher the number of theoretical plates, which 
indicates good column and system performances. 


e Resolution (R,) is the distance between the peak centres of 
two component peaks divided by the average base of the 
peaks, as follows: 


Vo —- V4 
VW, + W> 


W, = width of peak 1 
W>2 = width of peak 2 


Rs = 


e Selectivity (a) is the relative retention of two peaks in a chro- 





matogram. 
_ Ky _ V2-Vo 
Ue, ee 


K, and K, = capacity factors for retention volume of peak 1 
and peak 2 respectively. 
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Capacity factor (K’), selectivity («) and column efficiency (N) are 


three fundamental parameters that influence the resolution of a chromato- 
graphic separation, as follows: 


Rs = 4 (++) VN (45%) 


11.2.3 Main Components of HPLC 


An HPLC system contains the following components: 


Reservoir. This is meant for the mobile solvents. Acetonitrile, methanol, 
heptane, isopropanol and cyclohexane are the organic modifiers most 
commonly used. Trifluoroacetic acid, heptafluorobutyric acid, phosphor- 
ic acid and triethylamine phosphate are ion-pairing reagents for better 
chromatographic results. All tubing and fittings should be chemically 
inert. Solvent must be filtered through a 0.45-um filter unit. 

Degasser. In analytical operations, the mobile phase should be free of 
air bubbles. For this purpose, a degasser is used. 

Pumps. These are devices that deliver the mobile solvent at a controlled 
flow rate to the separation system. HPLC uses reciprocating pumps: a 
pump with a single or multiple chambers, from which the mobile phase is 
displaced by reciprocating pistons or diaphragms. Binary gradients are cre- 
ated by the selected mixing of two solvents, on a single-headed two-pump 
system. Accurate gradient is maintained by microprocessor control. 
Injector/autosampler. This device introduces a liquid sample into the 
mobile phase or onto the chromatographic bed. An autosampler can 
perform repeated functions without operator attendance, and thus is a 
labor-saving device. 

Column. Silica and modified silica columns are available for various ap- 
plications. Examples are octyl (Cg), octadecyl (Cis), phenyl (CgHs), and 
cyno (CN) columns. 

Guard column. This is used to protect the main column. 

Detectors. No universal detector is available for all molecules. However, 
according to the characteristic of the molecules investigated, various 
detectors are used (Table 1). 

Fraction collector. This device collects the fractions containing the mol- 
ecules of interest during the chromatographic run. 

Records. A computer is used for chromatographic data acquisition. 


Table 1: Characteristics of various HPLC detectors 





Detector Application Advantages and limitations 





Electrochemical Responds to substances that Commercially available. 


are oxidizable or reducible Non-specific. High LOD 
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Detector Application Advantages and limitations 





Fluorescence Detects trace-level analytes such Very specific. Low LOD. 
as aflatoxins, carbamates and Not everything fluoresces 
polycyclic aromatic hydrocarbons 





Infrared Works for all molecules Many solvents are infrared-active 
Mass Analyte identification Ability to ionize analyte. Low LOD 
spectrometry 

Photodiode Works for wavelengths High LOD 

array 190-800 nm 


Refractive index Works for nearly all molecules Temperature sensitive. High LOD 


Scattering Uniform response Non-specific. LOD, 5 ng per 25 
mL. Interference from solvent 

Ultraviolet Works for molecules with chromo- Non-specific. All molecules that 

and visible phores and for complex samples absorb UV and visible light can 


be detected. 
LOD, level of detection 


11.2.4 HPLC Classification 


HPLC may be characterized depending on column diameter, 
which is the governing factor for flow rate from microscale to industrial scale 
chromatography. Column internal diameter (i.d.) defines the sample load 
and flow rates (Figure 1). 


Micro LC (0.3 -1 mm ID) 
a 
Semi - micro LC (1-3 mm ID) 
Convention al LC (4 -8 mm ID) 
Semi - preparative LC (10 - 20 mm ID) 
i Preparative LC (20- 50 mm ID) 
Let 


Process Scale LC >50 mm ID) 


ne ae Se (a a | | 
10Ug  5O0UZ 200Hg 4omg 200mg >1g (sample load) 
0.001 0.1 0.4 2 10 30 =>150(mL/min) 


Figure 1: Classification of HPLC according to column diameter 
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11.2.5 Advantages of HPLC 


The use of HPLC in the isolation and purification of complex 
compounds is increasing tremendously due to its flexibility and efficiency. It 
has several advantages over traditional methods of isolation and purifica- 
tion: 


i) Variety of separating techniques. 

ii) Variety of column packings for different techniques. 

iii) Separation optimized by alteration of the mobile phase. 

iv) Mobile phase easily manipulated in gradient systems. 

v) RP technique separates very similar and very different com- 
pounds simultaneously. 

vi) HPLC can be used as a preparative method. 

vii) HPCL can be used as a purification technique. More than 
one detector can be connected in series (e.g. UV and evap- 
orative light scattering detector). 

viii) Most sample analysis is carried out at room temperature. 

ix) Short analysis runs. More than 70% of HPLC separations 
are performed on UV detectors and 15% rely on fluores- 
cence without any derivatization. 


11.3 Preparative HPLC 


Preparative chromatography is the most powerful and versatile 
method for isolation as well as purification of complex compounds used in 
drug development studies. Prior to performing preparative HPLC, the fol- 
lowing points must be taken into account to optimize the separation and 
maximize the sample load on a small column: 


e Prior to pilot-plant scale, a systematic method for develop- 
ment is required 

e Validated robust analytical methods are required 

e Scale-up of parameters from analytical method to prep- 
HPLC 

e In prep-HPLC, buffer is not used 

e Stationary phase with large particle sizes to decrease costs 
for prep-HPLC 


11.3.1 Strategy for Preparative Separation 


Selection of the appropriate mode of chromatography is fol- 
lowed by the optimization of the separation, i.e. stationary phase, mobile 
phase, temperature, additives. The next step is optimization of the through- 
put, i.e. Sample amount and column overloading. In the final step, stepwise 
scale-up of separation is performed to obtain the desired compound. 
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It is always important to optimize the small-scale separation 
(which will significantly impact on throughput), the size of packing material 
and the column needed to obtain the desired throughput, the mobile solvent 
and the instrument capability. Normal-phase methods are the first choice 
because: direct transfer from normal-phase thin-layer LC or HPLC to prep-LC 
is possible; costs of RP packing materials are still high; cleaning normal- 
phase silica is easier because the material is more robust; removing organic 
solvents typically used in normal-phase chromatography from the final prod- 
uct solution is easier than removing water from an RP chromatographic frac- 
tion and can be achieved at lower temperatures and provides higher product 
quality and lower energy costs. Particle size of the stationary phase material 
also plays an important role in the isolation of the desired compounds. The 
choice of 5-um particle size in a preparative column is not practical because 
it not only increases the column pressure but also is extremely expensive. 
Moreover, when the sample amount is increased, resolution performances 
of 5-um and 15-um particles are not different. 


11.4 Practical Consideration in Preparative HPLC 
Scale-up 


11.4.1 Sample Loading 


If the tests on analytical columns with analytical loadings show 
good separations, a scale-up to a larger column diameter can be performed 
on prep-HPLC. Instead of jumping directly to the largest column diameter, 
stepwise scale-up should be done. The first step in the scale-up process is 
the transfer of the analytical separation procedure to a 5 cm i.d. preparative 
LC column. Optimization in a preparative column is required. The sample 
injected onto the column usually starts at 1 g and increases to as much as 
20 g, depending upon the quality (resolution) of the separation achieved, 
the quality of the initial material, and the specifications for the pure product. 
Start with the 1-g injection, collect fractions and re-analyze them for purity 
using the analytical method, because with an increase in sample loading 
there is a decrease in resolution. 


(Diameter pre)? X Length prep 
(Diameterana)* X Lengthanar 





(A) Scale up factor for column size = 


(Diameter prep)” 


(B) Flow rate (prep) = Flow rate (analytical) x (FF meter...) 


LengtNanai 


(C) Gradient duration (prep) = Gradient duration (anal) x = Length, 
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11.4.2 Separation Time 


In preparative separations, the stationary phase is usually re- 
covered and used again to purify the next batch of the same substance. Of- 
ten the major operating cost in preparative LC is the solvent rather than the 
packing material. Therefore, the choice of solvent is important in method 
development and scale-up. As per the need for separation, isocratic mixture 
or gradient elution of water with organic solvent (methanol or acetonitrile) 
is used. Gradient elution has a shorter run time than isocratic elution, but 
sometimes purity of the isolates is compromised. 


11.4.3 Solvent Composition 


Methanol is often used in preparative separations. It is an inex- 
pensive and strongly polar solvent commonly used in combination with water 
as a mobile phase in RP separations. Methanol can be used for flushing 
normal-phase silica columns to remove adsorbed polar contaminants. It can 
also be recovered easily from many mixtures. In RP applications, acetonitrile 
yields better peaks but is too expensive in most situations for process-scale 
separations. 


An initial goal of the scale-up process is to find an accept- 
able separation. If analysts find more than one set of valid conditions, then 
the cost of solvents becomes a major criterion. Solvent selection is usu- 
ally determined during the initial method development with the 4-mm i.d. 
analytical-scale columns. Sometimes, when the overall costs of the goods is 
important to a final product, one can perform a systematic solvent selection 
even at later stages of development. 


11.4.4 Washing Steps 


The accumulation of impurities on the column can decrease 
the resolution of the subsequent separation, and late-eluted impurities can 
spoil the collected fractions of the subsequent separation. Therefore, wash- 
ing steps are often implemented between chromatographic runs. Solvent 
gradients and recycling steps are sometimes necessary to increase the 
resolution for difficult separation problems. Sometimes temperature pro- 
gramming is used to remove strongly held impurities. 


11.4.5 Recycling 


Sometimes gradients and recycling steps are required for bet- 
ter preparative separation of complex mixture of compounds. 
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41.5 Stepwise Operations in Process-scale HPLC 


Various aspects should be taken into consideration for operat- 
ing process-scale HPLC and stepwise scale-up, as follows. 


e Develop a robust analytical method and scale up the method 
for process scale using the same stationary phase. 

e The main objective of method development is a simple, well- 
automated and robust separation process able to run 24 h 
per day. 

e Optimize sample loading, flow rate and column pressure. 

e Select the best solvent for both sample preparation and elu- 
tion. 

e The injection solvent should be optimized because sharp 
peaks and high loadability are important goals. 

e In process-scale separations, control the first two runs man- 
ually and observe the process. If no technical problems oc- 
cur, Subsequent runs can be performed automatically. 

e Collect fractions and re-analyze them for purity using the 
analytical method. 

e Peak purity at three points (i.e. up slope, apex and down 
slope) should be confirmed. 


11.6 Problems Encountered in Preparative Scale-up 


11.6.1 Purity of Crude Extract 


A typical problem encountered in process scale-up is that the 
plant material or enriched fraction used during method development had 
been produced in analytical scale and differs in solubility and impurity from 
the material that is being processed in pilot scale. The process-scale plant 
material can be either of a different quality or show larger amounts of the 
same impurities, and, in some instances, even new impurities can arise. 
If an impurity profile shows larger amounts of the same impurities or new 
impurities, the chromatographer must retest the separation method at ana- 
lytical scale before starting the process-scale separation. 


If during a process scale up, a compound shows higher purity, 
the solubility in the weak solvent chosen during optimization may not be 
good enough. In this instance, productivity can be lower than expected be- 
cause the amount separated in each run will be less. Because scale-up is 
linear, the chromatographic run takes the same time in preparative scale as 
in analytical scale, and the substance is not stressed longer in the separa- 
tion equipment. 
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11.6.2 Removal of Chromatographic Solvent 


The final work-up after the separation step is removal of the 
chromatographic solvent. The desired fraction collected is a solution which 
contains the substance of interest in the range of a small percent by weight 
and, therefore, large amounts of solvent must be removed. The evaporation 
of solvents, especially water, takes time, so the purified drug substance 
can be changed or even destroyed during the concentration process. This 
step should be performed with care considering the thermal stability of the 
compound of interest. 


11.6.3 Temperature Variation from Laboratory to Pilot Scale 


It is useful to test the temperature stability of the substance 
during analytical method development. Temperature also influences the sepa- 
ration performance. For example, the mixing of organic solvents before they 
enter the column can result in a strong increase or decrease in solvent tem- 
perature and can influence the operating temperatures of the mixing unit and 
column. Temperature effects at the centre of the column caused by heat dissi- 
pation can also influence the separation and ultimately the purity of isolates. 


11.6.4 Increase in Pump Pressure Due to Accumulation of 
Impurities on the Column 


Another problem that often occurs during the first separation 
in process scale is that some impurities accumulate on the column during 
a series of sequential runs. The quality of the separation deteriorates dur- 
ing the sequence. Because the fraction collection is commonly controlled 
by peak height, a UV detector does not detect this problem and the purity 
of the fractions decreases. When impurities accumulate on the column, the 
peak shapes or the retention times of the components of interest might 
change, so the chromatographer can see quality problems. Unfortunately, 
sometimes peak shapes and retention times show no changes. An addition- 
al indicator that impurities have accumulated on the column is a pressure 
increase; therefore, it is helpful to monitor column pressure. The increase in 
pressure is commonly related to instrument failure. 


11.7 Summary: Scale-up Strategy 


Define the problem 

Find the chromatographic mode 

Develop and optimize the separation 

Maximize throughput 

Increase sample mass and volume to the maximum while 
meeting purity objectives 

e Determine recovery 
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e Scale up to desired column size to meet throughput and 
load objectives 

e Pool fractions of comparable purity and rerun if necessary 

e Check fraction purity using an analytical column 


11.8 Applications: Natural Products Isolation 


A few examples of prep-HPLC for the isolation of natural prod- 
ucts are summarized herein. First, tannins from Guiera seregalensis can be 
isolated using the following conditions: 





Column RP-18e (250 x 10 mm i.d.) 

Mobile phase Water:methanol:THF (90:10:0.25) and (80:20:0.25) 
Flow rate 2.5 ml/min 

Detection 280 nm 





Compounds isolated Galloylquinic acids, namely, 3-O-, 5-O-, 1,3-di-O-, 3,4-di-O-, 
3,5-di-O-, 4,5-di-O-, 1,3,4-tri-O-, 3,4,5-tri-O- and 
1,3,4,5-tetra-O-galloylquinic acid 


Flavonoids from Lychnophora ericoides require the following conditions: 














Columns Silica (250 x 10 mm i.d.) and ODS (250 x 10 mm i.d.) 
Mobile phase Water:methanol: THF 

Flow rate 2.5 ml/min 

Detection 280/225 nm 





Compounds isolated 7,4’-dihydroxy-flavonol; 5,7-dihydroxy-3-methoxy-flavonol; 
galangine, 7,4’-dihydroxy-dihydroflavono |,5,7,4’-trinydroxy- 
dihydroflavonol, 7-hydroxy-4’-methoxy-dihydroflavonol; 
pinobanksin, 5,7’-dihydroxy-4’-hydroxy-flavanone; 7-hydroxy- 
4’-methoxy-flavanone; 5, 7-dihydroxy-flavone; acacetin; 
7-hydroxy-3’ ,4’-dihydroxy-isoflavone; 15-desoxigoiazensolide, 
2’ ,3’-dihydro-15-desoxygoyazensolide; eremantholides A and 
C; 4,5-dihydroeremantholide A and lychnopholide 


For the isolation of peptide components of bacitracin, use: 











Column Cg (250 x 16 mm i.d.) 

Mobile phase Gradient acetonitrile, methanol and phosphate buffer 
Flow rate 9.0 ml/min 

Detection 254 nm 





Compounds isolated Peptides 
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The isolation and purification of B-carotene from carrot in- 


volves: 

Column Shim-pack PREP-ODS (H) kit (250 x 20 mm i.d.) 
Mobile phase Ethanol (99.5%) 

Flow rate 10 ml /min 

Detection 480 nm monitor with photodiode array (PDA) 


Compound isolated B-carotene 


The isolation of anti-HIV compounds from Gleditsia japonica 
and Gymnocladus chinensis requires the following conditions: 











Column C18-uBondpak (300 x 24.4 mm i.d.) 
Mobile phase Methanol-water (varying percentages) 
Detection Refractive index detector 





Compound isolated Saponins 





Isolation of procyanidins from Vicia faba requires these condi- 








tions: 

Column Sephadex LH-20 column (580 x 25 mm i.d.) 

Mobile phase Sequential elution with ethanol, ethanol:methanol, methanol 
and finally methanol:acetone 

Flow rate Varying 

Detection 280 nm 





Compounds isolated (+)-gallocatechin-4-phloroglucinol; (—)-epigallocatechin- 
4-phloroglucinol; (+)-gallocatechin; (—)-epicatechin-4- 
phloroglucinol; (+)-catechin-4-phloroglucinol; (+)-catechin and 
(-—)-epicatechin 





Isolation of the anticancer compound taxol from Taxus yunnan- 
ensis is done with: 


Column D1 (4000 x 200 mm i.d.) packed with 956 polymeric resin 
Mobile phase Acetone:water (58:42) 

Flow rate 79 ml/min 

Detection 228 nm 


Compound isolated Taxol 
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11.9 Conclusions 


Stepwise scale-up starting with analytical scale to process 
scale is an important issue that needs to be considered. Optimization of 
operating conditions is always useful for getting high purity phytomolecules. 
Thus, process-scale HPLC is the choice for isolating valuable molecules with 
desired purity for commercialization. Its significance will continue to grow 
because of the increasing requirements for high-purity molecules. 
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12 Flash Chromatography and Low 
Pressure Chromatographic Techniques 
for Separation of Phytomolecules 


S. K. Chattopadhyay 


Abstract 


Flash chromatography is a rapid form of preparative column chromatography that 
employs prepacked columns through which a solvent is pumped at high flow rate. Two 
types of solvent systems are used in flash chromatography: isocratic and gradient. In 
the isocratic system, a single-strength mobile phase brings about the desired separa- 
tion. The gradient system, in which the solvent composition changes during the course 
of elution, is suited for complex samples containing compounds that differ greatly in 
column retention times. The optimum flow rate for a flash separation is related to the 
particle size and dimensions of the column. Typical sorbents for normal phase flash 
chromatography are polar (e.g. silica, NH2) and elution solvents are non-polar. In re- 
verse phase chromatography, the stationary phase is non-polar (such as C18) and the 
mobile phase is polar. Compounds are retained by the interaction of their non-polar 
functional groups with the non-polar groups on the packing surface. Therefore, the 
most polar compounds elute first followed by other compounds in decreasing order 
of polarity. To achieve a desired separation, one must select a sorbent that effectively 
retains the compounds of interest under solvent conditions that are appropriate for the 
sample's solubility. Sample loading onto a flash column can be done with wet loading 
(the liquid sample is loaded directly and allowed to percolate into the sorbent bed) or 
dry loading (when samples are pre-absorbed to a small amount of sorbent which is 
then loaded onto the column). 


12.1 Introduction 


Mikhail Semyonovich Tsvet of Russia invented the first chro- 
matographic technique in 1901 during his research on chlorophyll. He used 
a liquid adsorption column containing calcium carbonate to separate plant 
pigments. The method was described on 30 December 1901 at the XIth 
Congress of Naturalists and Doctors in St. Petersburg. The first printed de- 
scription was published in 1903 in the Proceedings of the Warsaw Society of 
Naturalists, section of biology. He first used the term chromatography in print 
in 1906 in his two papers about chlorophyll in the German botanical journal, 
Berichte der Deutschen Botanischen Gesellschaft. 


In 1952, Archer John Portor Martin and Richard Laurence Mil- 
lington Synge were awarded the Nobel Prize in Chemistry for their invention 
of partition chromatography. Since then, the technique has advanced rap- 
idly. Researchers have found that the principles underlying Tsvet’s chroma- 
tography can be applied in many ways, giving rise to the different varieties of 
chromatography and allowing increasing similar molecules to be resolved. 
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12.2 Flash Chromatography 


Flash chromatography, also known as medium pressure chro- 
matography, is a rapid form of preparative column chromatography that uses 
optimized, prepacked columns through which a solvent is pumped at a high 
flow rate. Initially developed in 1978 by W. C. Stills of Columbia University, 
New York, USA, flash chromatography is now a method of purification and 
separation using normal phases. Use of reverse phase packing materials is 
opening up the technique to a wider range of preparative separations. Cur- 
rently, it is considered to be a simple and economical approach to prepara- 
tive liquid chromatography (LC). 


Flash chromatography differs from conventional techniques 
in two ways. First, slightly smaller silica gel particles (250-400 mesh) are 
used. Second, due to the limited flow of solvents caused by the small gel 
particles, pressurized gas (10-15 psi) is used to drive the solvent through 
the column of stationary phase. The net result is rapid (“over in a flash”) and 
high resolution chromatography. 


12.2.1 Theory of Flash Chromatography 


Chromatography is a separation method that exploits the dif- 
ferences in partitioning behavior between a mobile phase and a stationary 
phase to separate the components in a mixture. Compounds of a mixture 
may interact with the stationary phase based on charge, relative solubility 
or adsorption. Retention is a measure of the speed at which a substance 
moves in a chromatographic system. In continuous development systems 
like high performance LC (HPLC) and gas chromatography (GC), where the 
compounds are eluted with the eluents, retention is usually measured as 
the retention time (Rt or tg), i.e. the time between injection and detection. 
In uninterrupted development systems like thin layer chromatography (TLC), 
retention is measured as the retention factor (R;), i.e. the run length of the 
compound divided by the run length of the eluent front: 


= Distance travelled by the analyte 
Distance travelled by the solvent front 





f 


12.2.2 Converting TLC to Flash Chromatography 

TLC separations can be used to help determine effective sol- 
vent compositions for flash chromatography. R; is a common TLC unit and 
AR; is the distance between the compounds: 


AR; = Ra — Ria 


The ideal solvent system for TLC is one that moves the com- 
pound of interest in the mixture to an R; of 0.15-0.35 and that separates 
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this component from the others nearest to it by a AR; value of at least 0.15. 
In contrast to TLC, flash chromatography separations are governed by col- 
umn volumes. 


A column volume (CV) is defined as the volume of solvent re- 
quired to fill all the adsorbent pores and interstitial soaces between adsorb- 
ent particles in a given column. The volume required to elute a compound 
of interest from a column is expressed in terms of the number of CV. The 
volume that separates the elution of two substances from the same volume 
is called column volume difference (ACV). The ideal flash chromatography 
solvent system is one that elutes the desired compound of interest in 3-6 
CV and that separates this component from others nearest to it by a ACV 
greater than 1. 


The relationship between numbers of CV to R; for a given com- 
pound is 1/ R; ; therefore, for two compounds ACV = 1/ Ry- 1/ Re For a 
particular set of separation conditions, a weakly retained, fast-eluting com- 
ponent with an R=0.9 can be eluted in just over 1 CV, whereas a strongly re- 
tained, slow-eluting component with an R;=0.1 requires 10 CV for complete 
elution (Table 1). 


Table 1: Relationship between R;and CV 








R; CV 

0.90 1.10 
0.70 1.40 
0.50 2.00 
0.30 3.33 
0.10 10.0 





Due to factors such as change in the TLC solvent flow rate with 
respect to time and interference from adhesives used to bind TLC sorbents, 
solvent conditions that provide an acceptable TLC separation will not neces- 
sarily work effectively for flash chromatography without modification. 


Although some empirical experimentation may be required, the 
steps below help streamline the process of converting a TLC solvent system 
into a flash chromatography mobile phase: 


1. Use matching sorbent chemistries on the TLC plate and in the 
flash chromatography column. Stationary phase sorbent chemistries 
(including silica) can differ from one manufacturer to another. It is 
important to match these sorbent chemistries if the solvent sys- 
tems are expected to provide equivalent results. 
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a) 


2. Optimize the TLC solvent mixture so that the compound of interest 
has an R; = 0.15-0.35 and AR;>+0.20. These conditions will provide 
the most reliable starting point for a successful flash chromatography 
separation. 


Adjust the solvent selectivity to provide an AR;>0.20. Solvent selectivity is 
defined as the ability to affect the retention of one compound in the mix- 
ture relative to the others, therefore affecting AR; and number of CV. Ex- 
perimenting with different solvent combinations to obtain the desired TLC 
separation usually reveals appropriate conditions for effective flash chro- 
matography separation. Different solvent mixtures such as hexane:ethyl 
acetate (1:1) and hexane:dichloromethane (1:2) may provide different 
solvent selectivities while providing similar solvent strengths. Different 
solvent mixtures can even reverse the elution order of some of the com- 
ponents in the sample. It is interesting to note that AR; and ACV may vary 
greatly relative to one another for a given separation. ACV predicts column 
capacity, i.e. the amount of material that can be effectively separated in a 
single column loading (Table 2). Greater the ACV, the better the effective 
capacity of the column. 

Adjust the solvent strength to obtain an R; between 0.15 and 0.35 (CV, 3-6). 
Solvent strength refers to the solvent’s simultaneous effect on the reten- 
tion of all compounds in the mixture; therefore, solvent strength affects R; 
and CV. Once the optimum separation has been established by modifying 
solvent selectivity, it may be useful to move some or all of the compounds 
off the flash column as quickly as possible by increasing solvent strength. 
Often, slight changes in solvent strength can make large differences in re- 
tention. In some cases, a lower-strength mobile phase provides improved 
separations. It is important to remember that the sample loading solvent 
should have equal or lower elution strength than the starting strength of 
the mobile phase. Additional adjustments to the selectivity and strength 
of the flash solvent system may be necessary to optimize the separation 
and to achieve a CV~3-6 and a ACV>1. This can often be achieved by us- 
ing a less polar solvent system or by decreasing the proportion of polar 
modifier. 


Table 2: Approximate capacity of a 20 g/70 ml ISOLUTE Flash Si column (Biotage) 








ACV Sample load, g 
6 1.0 
2 0.5 


al. 0.25 
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12.3 Isocratic versus Gradient Chromatography 


Two types of solvent systems are used in flash chromatog- 
raphy: isocratic and gradient. The most common is an isocratic (meaning 
“same solvent strength”) system where a single-strength mobile phase mix- 
ture brings about the desired separation. 


If the mixture is complex and contains compounds that differ 
greatly in column retention times, chemists may use a gradient solvent sys- 
tem that changes solvent composition during the course of elution. For ex- 
ample, in a normal phase system equipped with a silica column, a non-polar 
solvent such as hexane is applied to elute non-polar compounds. Then, a 
more polar solvent such as ethyl acetate is added to the hexane to elute the 
more polar compounds. The percentage of the polar solvent in the mixture 
is increased until all components of the mixture have eluted. 


In a step-gradient system, the various solvent concentrations 
are typically changed in large increments (or steps). Alternatively, a linear 
gradient can be employed whereby a continuous linear change in the con- 
centrations of the solvent (and thus mobile phase strength) is achieved. 
Chemists can often achieve effective separations more rapidly by using gra- 
dient solvent systems. Chemists must select miscible solvents for use in 
gradient solvent systems. A common solvent system for flash separations 
using polar sorbents such as silica is hexane and ethyl acetate, where ethyl 
acetate is the more polar solvent. 


Relative Solvent Strength 
Hexane 
Toluene 
Diethyl ether 
Dichloromethane 
Increasing elution meetene Increasing elution 
strength in normal Tetrahydrofuran strength in reversed 
phase mode Ethyl acetate phase mode 
Acetonitrile 
Isopropanol 
Ethanol 
Methanol 


Water 


Figure 1: Step-gradient system 
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12.4 Adsorbent Selection and Mode of Separation 


Typical sorbents for normal phase flash chromatography are 
polar (e.g. silica, NH2) and elution solvents are non-polar (e.g. hexane, hep- 
tane, dichloromethane, sometimes modified with small amounts of more 
polar solvents such as isopropanol). The sample is usually applied in a weak 
(very non-polar) solvent, and separation occurs when the elution solvent is 
applied. In normal phase flash chromatography, the most non-polar sample 
component elutes first, followed by successively more polar compounds. 


12.4.1 Isolute Flash Columns 


Isolute flash columns (Biotage) are polypropylene columns pre- 
packed with Isolute flash sorbents. These columns are appropriate for use 
in both off-line and on-line flash chromatography. In off-line flash chroma- 
tography, chemists apply the sample and elution solvent volumes to the 
top of an Isolute column fixed in a FlashVac Sample Processing Station. In 
off-line flash chromatography, chemists perform isocratic or step gradient 
separations. In on-line flash chromatography, an Isolute column is mounted 
on a system that connects the column to an external liquid pump system to 
produce a continuous flow of solvent through the column. Depending on the 
capability of the pump, the solvent composition can be isocratic (a single 
solvent or solvent mixture) or a gradient with an increasing proportion of 
stronger solvent (either in a step gradient or a linear gradient). 


12.4.2 Method Development Using Isolute Flash Columns 
12.4.2.1 Column Equilibration 
Prior to sample loading, the column should be prepared for the 


separation by equilibration (prewetting) with a suitable solvent: 


e Off-line. Apply the equilibration solvent to the top of the col- 
umn and allow it to flow through the column under gravity. 


e On-line. Equilibrate the flash column for on-line mode separa- 
tion in the off-line mode using a vacuum manifold such as the 
FlashVac system or by mounting the column on the on-line 
apparatus and pumping a suitable volume of equilibration sol- 
vent through the column. 


12.4.2.2 Typical Equilibration Solvents 
Suitable solvents are non-polar, e.g. hexane or pentane. For 


best results, prewet the silica and NH2 columns prior to use. A suitable vol- 
ume for column equilibration is approximately two bed volumes (Table 3). 
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Table 3: Typical column solvent volumes for column equilibration 








Column size, Approximate column Typical solvent 
g volume, ml volume, ml 
2 2.5 5 

5 6.5 13 

10 12.5 25 

20 25 50 

25 31.3 62.5 

50 62.5 125 

70 88 176 

100 125 250 

150 188 376 





Normal phase flash columns can be used without prewetting, 


but some column-to-column variation may be experienced. 


12.5 


Sample Application 


There are two popular approaches to flash chromatography 


sample loading: wet loading and dry loading. 


12.5.1 


Wet Loading 


Load the liquid sample directly onto the top frit of the column, 


and allow it to percolate through the top of the sorbent bed. For best results, 
load the sample onto a prewetted column in a non-polar solvent. 


12.5.1.1 


Practical Tips for Wet Loading 


Dissolve the sample in as non-polar as solvent as possible. 
If compounds are not easily soluble in a non-polar solvent, 
either dissolve them in a small volume of polar solvent and 
then dilute with a non-polar solvent to reduce the elution 
strength, or consider dry loading of the sample (discussed 
in next section). 

Position column on a FlashVac vacuum manifold equipped 
with PTFE stopcock needles. 

Apply the sample evenly over the entire area of the top frit. 
To do so, seal the column by closing the stopcock. 
Alternatively, load samples onto the column in on-line mode using 
a Flash Master system equipped with a 3-way injection valve. 
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12.5.2 Dry Loading 


Dry loading is the method of choice for loading reaction mix- 
tures consisting of polar solvents onto silica or other normal phase col- 
umns. Pre-absorb the reaction mixture onto a small amount of bulk material 
of the chosen sorbent. Evaporate off the majority of the solvent leaving the 
compounds bound to the surface of the sorbent. 


Add this blend to the top of the prepacked (and prewetted) 
flash column; allow settling and add a top frit to secure the blend in place. 
The top frit can be placed using a suitably sized frit inserter. 


A popular alternative sorbent for dry loading using the flash 
sorbent is a diatomaceous earth such as Isolute HM-N. This can be used 
in the same way as the flash sorbent, but has several advantages including 
more efficient desorption of the compounds into the mobile phase. 


12.5.2.1 Practical Tips for Dry Loading 


e Dissolve the sample initially in a suitable solvent, ensuring com- 
plete dissolution if possible. Use the smallest volume possible. 

e Add the bulk material of choice. The ideal proportion of sam- 
ple to bulk material ranges from 1:1 to 1:3 by volume. 

e Evaporate off the residual solvent using a rotary evaporator to 
ensure even adsorption of the sample on the bulk material. 

e Pack the dry blend on top of the flash column (above the top 
frit) and add another frit. Push down the new surface to pre- 
vent movement of the new blend. When loading with Isolute 
HM-N, ensure that the material is not crushed at this stage. 

e When dry loading using bulk silica, ensure that it is identical 
to the material in the flash column. If this is not possible, use 
a lower surface area material, ensuring that the surface pH 
and moisture content are as similar as possible to the column 
packing. All Isolute sorbents are available as bulk material. 


Table 4: Capacity guidelines 








Reaction scale, g Column size, g 
Ow 1-2 

0.25 2-5 

0.50 5-10 

1.0 10-20 

2.5 25-20 

5.0 50-70 


10.0 70-100 
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As a general guideline, the amount of sample loaded onto the 
normal phase flash column should be 5%-10% of the column size. Factors 
affecting the capacity of the column include compounds, sample matrix, 
concentration of reaction products and elution solvent used. 


12.6 Elution 


12.6.1 Step Gradient Elution 


Step gradients provide controlled elution with discrete changes 
in eluent strength. Each step is optimized to elute only those components 
that are soluble in that eluent. This technique can be applied to both off-line 
and on-line flash chromatography. 


1. Use TLC to determine a suitable solvent strength to elute 
the components at discrete intervals, choosing different sol- 
vent mixtures that elute each component separately with an 
R; of 0.2-0.5. 

2. Calculate the volume of solvent required to elute each com- 
ponent using CV=1/R;. Values of CV for different column sizes 
are listed in Table 3. 

3. Apply between 2 and 5 CV of solvent for each step, starting 
with the solvent with weakest strength. 

4. Collect the eluent from each step in a separate vessel. 


12.6.2 Linear Gradient Elution 


Liner gradients are a quick way of separating complex mixture, 
reducing the complexity of the subsequent purification of the fractions col- 
lected. This technique is suitable for on-line flash chromatography. 


1. Use TLC to find both the weakest and strongest elution 
solvent. The weak solvent (solvent A) should give retention 
of the majority of components (R;<0.1). The strong solvent 
(solvent B) should allow elution of all of the components of 
interest (R>O.5). 

2. Run a gradient starting with 100% solvent A and ending with 
100% solvent B. 

3. Collect the eluent at regular intervals. 


Automated flash chromatography instrumentation such as the 


FlashMaster II and Solo systems can monitor the signal from a UV detector, 
and collect only the fractions of eluent carrying the compounds of interest. 
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12.6.3 Method Development Using Gradient Elution 


Method development can be performed without TLC. Gradient 
elution analysis offers a useful approach to method development, particu- 
larly for non-silica-based flash chromatography (e.g. reverse phase) where 
suitable TLC plates are not available. 


1.Load the sample onto a prewetted (equilibrated) flash col- 
umn in as weak a solvent as possible (or use dry loading); 
for example, for normal phase work use hexane for loading. 

2. Elute the column with aliquots (2 CV each) of successively 
increasing solvent strength. A typical scheme for mixing the 
two solvents is given in Table 5. 

3. Collect each fraction and analyze for the presence of the 
components of interest. 

4. Using these data, identify the solvent mixture that elutes 
the components of interest separately, and set up a step or 
continuous gradient as described. 


Table 5: Typical scheme of mixing solvents for method development. 
Solvent A is a weak solvent (e.g. hexane) while solvent B is a strong solvent 
(polar modifier, e.g. isopropanol) 








Aliquot number Solvent A, % Solvent B, % 
1 100 0) 
2 99 1 
3 98 2 
4 97 3 
5 06 4 
6 95 5 
7 94 6 
8 93 7 
9 92 8 
10 91 9 





12.6.4 Practical Tips for Gradient Elution 


1. The use of a gradient does not improve the selectivity of a 
separation if isocratic elution using the same solvent sys- 
tem does not effectively separate the sample components. 
However, a gradient can be used to decrease the time re- 
quired to achieve a separation. 
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2. The gradient starting conditions must not cause chromatog- 


raphy separation. Start the gradient with a weak solvent that 
matches the sample loading conditions. 


. The flow rate at the beginning of a gradient can be high but, 


for best results, it should be reduced to the optimum flow 
rate at the separation area. 


. TO speed up a gradient separation, use either a higher flow 


rate (most suited to samples with many components, high 
sample load) or a steeper gradient (most suited to samples 
with few components, low sample load). 


12.6.5 Optimizing Flow Rate 


The optimum flow rate for a flash separation is related to the 
particle size and dimensions of the column. Theoretical optimum flow rate 
for flash columns of different dimensions can be predicted. However, in prac- 
tice, increasing the flow rate has not had a significant effect on separation 
and offers important productivity advantages (Table 6). Other factors, such 
as mobile phase composition and back pressure, also affect the range of 
effective flow rates. For recommended flow rates, see Table 6. 


Table 6: Recommended flow rates 








Column diameter Flow rate range 
(configuration) ml/min 

16 mm (D) 5-25 

20 mm (E) 5-25 

27 mm (F) 10-30 

37 mm (J) 20-50 

40 mm (V, W, X) 20-50 





12.7 Fraction Collection 


12.7.1 Off-line Flash Chromatography 


When performing flash chromatography on a vacuum manifold such 
as the FlashVac system, successive fractions can be collected as follows: 


Load collection rack with vials of a suitable volume in each 
position. 

Place a single flash column in position 1 of the collection 
rack and apply the first solvent aliquot. 

Collect the aliquot in the vial in position 1 of the collection rack. 
Move the column to position 2 and apply the second solvent 
aliquot. 
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e Collect the aliquot in the vial in position 2 of the collection 
rack. 

e Continue until all the components of interest have been col- 
lected. 


Alternatively, multiple columns can be processed by replacing 
collection vials at each elution step. A typical volume for each fraction is 
two CV. 


12.7.2 On-line Flash Chromatography 


Using an automated system equipped with a fraction collector, 
fractions can be collected in a variety of ways, for example: 


e Fixed volume fraction collection. 
e Individual peak fraction collection under microprocessor 
control with UV detector input. 


12.8 Low Pressure Liquid Chromatography 


In low pressure column chromatography, a column of particu- 
late material such as silica or alumina has a solvent passed through it at 
atmospheric or low pressure. There are different kinds of low pressure chro- 
matographic techniques: 

i) Gel filtration chromatography (Separation on the basis of 

size) 

ii) lon exchange chromatography (Separation of the basis of 

charge) 

iii) Affinity chromatography (separation on the basis of specific 

binding sites on the proteins) 


12.8.1 Gel Filtration Chromatography 


Proteins of different sizes are separated on a column in which 
the stationary phase consists of polymerized agarose or acrylamide beads 
with pores of particular sizes. A small protein in the mobile phase (aqueous 
buffered solution) can enter the pores in the beads while a large protein 
cannot due to size restriction. The result is that a smaller fraction of the 
overall volume of the column is available to the large protein than to the 
small protein, which thus spends a longer time on the column and is eluted 
by the mobile solvent after the large protein. 


12.8.2 lon Exchange Chromatography 
The material used for this type of chromatography consists of 


an agarose, acryl amide or cellulose resin or bead which is derivatized to 
contain covalently linked positively or negatively charged groups. Proteins 
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in the mobile phase bind through electrostatic interactions to the charged 
groups on the column. 


In a mixture of proteins, positively charged proteins bind to a 
resin containing negatively charged groups like carboxymethyl (-OCH2COO) 
or sulfopropyl (-OCH2CH2CH2SO3), while the negatively charged proteins 
pass through the column. The positively charged proteins are eluted from 
the column with a mobile phase containing either a gradient of increasing 
salt concentration or a single higher salt concentration. The most positively 
charged proteins are eluted last, at the highest salt concentration. 


Likewise, negatively charged proteins bind to a resin containing 
positively charged groups, like diethylaminoethyl (-CH2CH2NHEt.*) or a quater- 
nary ethyl amino group. These proteins are separated in an analogous way. 


12.8.3 Affinity Chromatography 


In this technique, the chromatography resin is derivatized with 
a group that binds to a specific site on a protein of interest. It may be a 
group that binds to the active site of an enzyme (Such as benzamidine- 
agarose used for the purification of trypsin) or an antibody that recognizes a 
specific amino acid sequence on a protein. 


This method exploits the specific binding of antibody to antigen 
held on a solid matrix. Antigen is bound covalently to small, chemically reac- 
tive beads which are loaded in the column and the antiserum is allowed to 
pass over the beads. The specific antibodies bind while all other proteins in 
the serum including antibodies to other substances are washed away. 


Affinity chromatography can also be used to purify antigens 
from complex mixtures by using beads coated with the specific antibody. 


12.9 Conclusions 


Flash chromatographic systems have been developed for the 
separation and purification of organic molecules from natural sources and 
from reaction mixtures. Method development for separations can be optimized 
with proper selection of adsorbents, solvent systems and flow rate of solvents 
used for the separation. Scale-up of flash chromatographic methods can eas- 
ily be achieved with minimum optimization. Therefore, they are considered to 
be efficient and cost-effective methods to purify compounds in little time. 
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13 Counter-current Chromatography 
S. K. Srivastava 


Abstract 


Counter-current Chromatography (CCC) is based on liquid-liquid partitioning and is an 
excellent alternative to circumvent the problems associated with solid phase adsorb- 
ents and to preserve the chemical integrity of mixtures subjected to fractionation. The 
uniqueness of this technique is that it does not use a stationary phase and separation 
is achieved between two immiscible liquid phases. One phase is used as a stationary 
phase while the other one is used as mobile phase. The separation takes place on 
the basis of partition of a sample between the two phases. In contrast to other chro- 
matographic techniques, since there is no irreversible adsorption of sample on the 
stationary phase, recovery is up to 100%. Centrifugal Partition Chromatography (CPC) 
and High Speed Counter-current Chromatography (HSCCC) are the two variants of CCC 
being used today. Separation of compounds with a wide range of polarities is possible 
with the use of aqueous and non-aqueous solvent systems. Separation of crude plant 
extracts, semipurified fractions and synthetic mixtures can be carried out, with sample 
loads ranging from milligrams to grams. 


13.1 Introduction 


Natural products have been a key source for the discovery of 
new drugs. Isolation of the active components from a natural product has 
always been associated with complex separation problems due to the enor- 
mous chemical complexity of the extracts, but recent advances in separa- 
tion sciences have facilitated the isolation of these active components from 
natural products. 


Crude extracts of natural products which show desirable bio- 
logical activity are subjected to activity-guided fractionation until an active 
component is isolated and identified. This exploratory process of fractiona- 
tion typically involves suboptimal chromatographic conditions; hence, in or- 
der to avoid destruction of potentially labile components, utmost care must 
be taken throughout the entire process of isolation. 


At present, most of the chromatographic separations of natural 
products are being carried out on solid supports. However, SiOz, Al,O3 and 
reverse phase adsorbents are not chemically inert. Separation of a natu- 
ral product on alumina or silica gel sometimes results in recovery of only 
70%-90%. Sometimes severe losses of valuable materials result because 
of irreversible adsorption on a solid support. In addition, isolation of arti- 
facts has also been reported due to chemical reactions of the substrates 
with solid phase adsorbents. 


209 


13 COUNTER-CURRENT CHROMATOGRAPHY 


Counter-current Chromatography (CCC) is a unique form of liquid 
partition chromatography which utilizes a separation column free of solid support 
matrix. Because of this support-free system, the method provides an important 
advantage over other chromatographic methods by eliminating various compli- 
cations such as adsorptive loss and deactivation of samples and contamina- 
tion. During the 1970s, the method was steadily improved by accelerating the 
separation speed and efficiency. In the early 1980s, an epoch-making advance 
was achieved by the advent of high-speed CCC (HSCCC) which can yield highly 
efficient separation in a short period of time. Because of its high performance, 
the recent research and development of the CCC technology have been almost 
entirely focused on HSCCC, high performance centrifugal partition chromatogra- 
phy (HPCPC), and fast centrifugal partition chromatography (FCPC). 


Recent developments in CCC instruments, explaining the use 
of CCC for better separation and their applications in the separation of bio- 
active natural products from plants, are discussed in this paper. 


13.2 Principles and Development of Counter- 
current Chromatography 


Anyone conversant with the technique of liquid-liquid extraction 
(using a separatory funnel) can readily understand the principles of Counter- 
current Chromatography (CCC), where separation is based on the partition of 
solutes between two immiscible liquid phases. In CCC, one of the two phases 
is retained in the column and is called the stationary phase. The second phase, 
which is called the mobile phase, percolates through the stationary one. 


13.2.1 Liquid-liquid Extraction 


Liquid-liquid extraction is a simple means of separating large 
quantities of materials, using a minimum of solvent. After dissolving the 
sample in a two-phase solvent system (in a separatory funnel), the steps in 
performing liquid-liquid extractions are as follows: 


e Shake vigorously to thoroughly mix the two phases. 
e Allow the mixture to settle into two phases. 
e Separate the phases from each other. 


These steps are crucial to achieve the separation of sample compo- 
nents. 


The chief disadvantage of liquid-liquid extraction is that it pro- 
vides only one plate of separation in the original sense. 


Accordingly, either this single-step separation must be de- 
signed to suit one’s needs, or multiple liquid-liquid extractions must be used 
to increase the separation. 


EXTRACTION TECHNOLOGIES FOR MEDICINAL AND AROMATIC PLANTS 


CCC has its origin in the work of Archer John Porter Martin and 
Richard Laurence Millington Synge (Martin and Synge, 1941; Synge, 1946) 
carried out in Britain during World War II. For their pioneering work, Martin 
and Synge shared the 1952 Nobel Prize in Chemistry. Soon after their work 
appeared, Lyman Creighton Craig and Otto Post developed an apparatus 
that essentially consisted of a series of separatory funnels (“tubes”) (Craig 
and Post, 1949). The sample was “automatically” transferred through the 
Craig-post apparatus (Figure 1). Over 1000 mixing and separation steps 
could be accomplished in one day. 


Tie eer a a ee eee 
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Figure 1: Craig-post apparatus 


Individual components were separated based on their partition- 
ing behavior. Craig and Post continuously improved their apparatus and were 
commercially quite successful. Over 1000 publications on “counter-current 
distribution” appeared during the period 1950-1970 citing the use of the 
Craig-post apparatus. 


13.2.2 Partition Coefficient 


For a given substance A, the partition coefficient KA is defined 
the concentration of A in the upper phase divided by that in the lower phase 
(Figure 2). 





Figure 2: KA= [A] upper phase/[A] lower phase 
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KA is a constant at any given temperature, and it is unaffected 
by the presence of other substances or by the concentration of the solute. 
Usually it is expressed as the amount of solute in the stationary phase di- 
vided by that of the mobile phase as in conventional liquid chromatography. 
For a better CCC separation, the K values of the target compounds should 
be in the range of 0.5 < K< 1.0. A smaller K value elutes the solute closer 
to the solvent front with lower resolution while a larger K value tends to give 
better resolution but broader, more dilute peaks due to a longer elution time. 
In CCC, one can choose either the upper or lower phase as the stationary 
phase, but before deciding which phase is to be used as the stationary 
phase, one should temporarily express the partition coefficient as Ku. = Cu/ 
C., where Cy is the solute concentration in the upper phase and C, is that of 
the lower phase. If Ku. = 2, the lower phase should be used as the station- 
ary phase, which gives K = 0.5. It is important that this preliminary Ky,. be 
clearly distinguished from K using the subscripts to avoid confusion. The 
measurement of Ku,, values may be performed by the shake-flask method. 


Add a small amount (a few milligrams) of each target com- 
pound (one at a time) to the two mutually equilibrated solvent phases 
(1-2 ml each) in a stoppered test tube (13 mm x 100 mm). Thoroughly mix 
to equilibrate the contents. After settling, pipette and deliver an equal vol- 
ume of the upper and the lower phases (100-200 ul) each into a separate 
test tube, dilute each with an equal volume (2 ml) of a Suitable solvent such 
as methanol, and measure the absorbance with a spectrophotometer at a 
suitable wavelength to obtain the Ku, value. If the pure sample is not avail- 
able, one can subject each phase to HPLC analysis to compare the peak 
heights (or areas under the peaks). If the sample does not absorb in the UV 
or visible wavelengths, the Ky,. value may be determined by other ways such 
as thin layer chromatography (color reaction) or evaporative light scattering 
detection (ELSD). Thin layer chromatography combined with densitometry is 
effectively used for simultaneous determination of Ku,. of multiple compo- 
nents from a sample mixture. 


13.2.3 Droplet Counter-current Chromatography 


In the early 1970s, Ito and colleagues at the US National Insti- 
tutes of Health introduced Droplet Counter-current Chromatography (DCCC). 
In DCCC, as with the Craig-post apparatus, the stationary phase is held in 
place only with unit gravity. 


The apparatus consists of a set of vertical straight tubes seri- 
ally connected with narrow transfer tubing (Figure 3). The original CCC ap- 
paratus was equipped with 300 glass tubes, each 60 cm x 1.8 mm i.d. 
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Figure 3: Droplet counter-current chromatography 


The total capacity is about 600 ml including the volume in the 
transfer tubing (about 15% of total capacity). The operation of DCCC is initi- 
ated by filling the entire column with the stationary phase of an equilibrated 
two-phase solvent system followed by injection of sample solution. Then, the 
other phase is introduced into the first unit in such a way that the mobile 
phase travels through the column of the stationary phase by the effect of 
gravity, i.e. the mobile phase is introduced from the bottom if it is the lighter 
phase, and from the top if it is heavier. Consequently, the solutes are sepa- 
rated according to their partition coefficients. As with all types of chroma- 
tography, compounds more soluble in the mobile phase move more quickly, 
while those more soluble in the stationary phase lag behind. Under optimum 
flow rate, the mobile phase forms multiple droplets in the stationary phase 
to divide the column space into numerous partition units; this process is 
repeated in each partition unit. 


DCCC necessitates a proper choice of solvent systems for pro- 
ducing a droplet flow of the mobile phase in the column. The most popularly 
used solvent system is composed of chloroform, methanol and water at vari- 
ous volume ratios, although a sizable separation usually takes a few days. 
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Path of Oxygen into the Bloodstream 


13. Oxygen enters the alveolar 
ducts 


14. Passes into the alveolar 
sacs 


i5. Enters the alveoli 


e Once oxygen enters the 
alveoli, it diffuses through 
the alveolar walls and enters 
the blood through nearby 
capillaries 

e Oxygen reacts with 
hemoglobin in a red blood 
cell to form oxyhemoglobin 

e Carried in the form of 
oxyhemoglobin to cells of 
the body 


(sacculi alveolares) 
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13.2.4 


13.2.5 


13.2.6 


Applications of Droplet Counter-current 
Chromatography 


This simple DCCC instrument has been used to perform ef- 
ficient preparative separations such as: 


Separation of non-polar compounds. 

Isolation of virginiamycin-M1 and parthenolide. 

Isolation of vitamin B12. 

Pharmacognostical studies of Tabernaemontana species: 
ion-pair DCCC of indole alkaloids from suspension cultures. 
Chiral resolution of a carboxylic acid. 

Separation of natural polar substances by reverse phase 
HPLC, centrifugal thin layer chromatography and DCCC. 
Efficient isolation of ecdysteroids from the silkworm, Bombyx 
mori. 

Analytical DCCC isolation of 20-hydroxyecdysone from Vitex 
thyrsiflora (Verbenaceae). 

Increasing the speed of DCCC separations. 

Complete resolution of isoleucine. 

DCCC of anthocyanins. 

Efficient isolation of phytoecdysones from Ajuga plants by 
high-performance liquid chromatography and DCCC. 

DCCC with non-aqueous solvent systems. 

Use of DCCC in log P determinations. 

Purification of Stevia rebaudiana sweet constituents (poten- 
tial sweetening agent of plant origin). 

Water-free solvent system for DCCC and its suitability for the 
separation of non-polar substances. 

Isolation of phorbol, 4a-phorbol and croton oil. 

Purification of antibiotics such as gramicidins, tyrocidines 
and tetracyclines. 


Limitations of DCCC 


Extremely low flow rates (Sometimes solute retention is 
measured in days). 

Only biphasic solvents systems that form stable droplets 
can be used. 

Poor mixing of phases, which results in relatively low effi- 
ciency. 


Modern Counter-current Chromatography 


Modern CCC has split into two basic directions. The first, which 
is called High-speed Counter-current Chromatography (HSCCC), uses an ap- 
paratus with a variable gravity field produced by a double axis gyratory mo- 
tion (Figure 4). The second, termed Centrifugal Partition Chromatography 
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(CPC), employs a constant gravity field produced by a single axis rotation, 
together with rotatory seals for supply of solvent. Separation takes place in 
cartridges or disks. CPC with cartridges or disks is a hydrostatic equilibrium 
system. If the coil is filled with the stationary phase of a biphasic solvent 
system and then the other phase is pumped through the coil at a suitable 
speed, a point is reached at which no further displacement of the stationary 
phase occurs and the apparatus contains approximately 50% of each of the 
two phases. Steady pumping-in of mobile phase results in elution of mobile 
phase alone. This basic system uses only 50% of the efficient column space 
for actual mixing of the two phases. 


Amore effective way of using the column space is to rotate the 
coil around its central axis while eluting the mobile phase. A hydrodynamic 
equilibrium is rapidly established between the two phases and almost 100% 
of the column space can be used for their mixing. CCC with rotating coil 
instruments is an example of this latter mechanism. 


e The planetary motion is produced by engaging a planetary 
gear mounted on the column holder axis to an identical sta- 
tionary sun gear rigidly fixed to the centrifuge framework. 

e This 1:1 gear coupling produces a particular type of planetary 
motion of the column holder, i.e. the holder rotates about 
its own axis while revolving around the centrifuge axis at the 
same angular velocity (synchronous) in the same direction. 

e This planetary motion provides two major functions for per- 
forming CCC separation. The first is a rotary-seal-free elu- 
tion system so that the mobile phase is continuously eluted 
through the rotating separation column. 

e The second and more important function is that it produces 
a unique hydrodynamic motion of two solvent phases with- 
in the rotating multilayer coiled column mainly due to the 
Archimedean screw effect. 


13.3 HSCCC Instrument and Mechanism 





Figure 4: High speed counter-current chromatography instrument 


When two immiscible solvent phases are introduced in an end- 
closed coiled column, the rotation separates the two phases completely 


13 COUNTER-CURRENT CHROMATOGRAPHY 


along the length of the tube where the lighter phase occupies one end (called 
the head) and the heavier phase occupies the other end (called the tail). 
Although the cause of this bilateral hydrodynamic phase distribution of two 
immiscible solvents is still unknown, it can be efficiently used for performing 
CCC. In Figure 5A the coil at the top shows bilateral hydrodynamic distribu- 
tion of the two phases in the coil where the white phase (head phase) oc- 
cupies the head half and the black phase (tail phase) the tail half. 


This condition clearly indicates that the white phase introduced 
at the tail end will move toward the head and similarly the black phase in- 
troduced at the head will move toward the tail. This hydrodynamic trend is 
effectively used for performing CCC (Figure 5B). The coil is first entirely filled 
with the white phase followed by pumping the black phase from the head 
end (Figure 5B, top). Similarly, the coil is filled with the black phase followed 
by pumping the white phase from the tail (Figure 5B, bottom). In either case, 
the mobile phase quickly moves through the coil, leaving a large volume of 
the other phase stationary in the coil. 


Bilateral Hydrodynamic Equilibrium 
in a Closed Coil 


Head (i Tail 


B 
One-Way Elution Modes 


Flow 
=> 


Head <_ =| Tail 





Figure 5: Mechanism of HSCCC. (A) Bilateral hydrodynamic distribution of two phases 
in the coiled column. (B) Elution mode of both lighter and heavier phases through the 
rotating coiled column. 


e The motion and distribution of the two phases in the rotating 
coil were observed under stroboscopic illumination, and are 
illustrated in Figure 6A. 

e A Spiral column undergoes type-J planetary motion. The area 
in the spiral column is divided into two zones: the mixing zone 
occupying about one-quarter of the area near the center of 
revolution and the settling zone in the rest of the area. 

e In Figure 6B, the spiral column is stretched and arranged 
according to the positions I-IV to visualize the motion of the 
mixing zones along the tubing. 

e Each mixing zone travels through the spiral column at a rate 
of one round per revolution. 
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e The solute in the spiral column is subjected to the repetitive 
partition process of mixing and settling at an enormously 
high rate of over 13 times per second (at 800 rpm). 

e HSCC is highly efficient. 





Figure 6: (A) Motion and distribution of two phases in the rotating coil under stroboscopic 
illumination. (B) Column in stretched position to visualize the motion of the mixing zones 
along the tubing. 


There are numerous potential variants of this instrument de- 
sign. The most significant of these is represented by the third instrument in 
the Pharma-tech product line: TCC-1000-toroidal CCC (Figure 7). In some re- 
spects it is like CPC, but retains the advantage of not needing rotary seals. 
In addition, it employs a capillary tube, instead of the larger-diameter tubes 
employed in the helices of the other CCC models. This capillary passage 


makes the mixing of two phases very thorough, despite lack of any shaking 
or other mixing forces. 








[Motion of coll] 
"Planetary Motion | [Simple Mation | 
: Seooc 
iwaee | Soheme! | | Setvenve Iv’ | Soe. 







Ecoanbrhs 
ais ie 


D - ' i 7 [re oidal el ‘ 


asia 





+) 


Figure 7: The TCC-1000-toroidal CCC 
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13.4 CPC Instrument and Setup 


=. 




















Figure 9: Centrifugal partition chromatography setup 
13.4.1 Various Kinds of CPC Instruments 


CPC instruments are available in various sizes depending upon 
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the rotor volume. As per the sample size and the purpose, one can choose 
on the basis of the following: 








Rotor volume Scale Sample amount 
100 ml Analytical screening Milligrams 

200 ml Analytical preparative <5¢g 

1000 ml Pilot scale <40 g 

5000 ml Production scale 100-200 g 
10000 ml Production scale 200-400 g 

Other volumes On request Up to one kilogram 





13.5 How to Achieve Good Separation of Various 
Kinds of Natural Products Using HSCCC and CPC 


In order to achieve the best separation of a desired natural 
product, one must systematically follow the guidelines presented in this 
section on choice of a solvent system. 


13.5.1 Search for a Suitable Solvent System 


In Table 1, sets of two-phase solvent systems are arranged from 
top to bottom in decreasing order of hydrophobicity in the organic phase. 


Table 1: Solvent systems arranged in decreasing order of hydrophobicity in the 
organic phase 








n-Hexane EtOAc MeOH n-BuOH Water 

10 0 5 0 5 

9 1 5 0 5 

8 2 5 0 5 

7 3 5 0 5 Oo 

6 4 5 0 5 3 

5 5 5 0 5 ot 

4 5 4 0 5 a 
START 3 5 3 0 5 = 
HERE 2 5 2 0 5 

1 5 al 0 5 

O 5 10) 0 5 be 

fe) 4 0 1 5 a 

0 3 10) 2 5 & 

0 2 0 3 5 

0 1 10) 4 5 

0 0 0 5 5 
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When the polarity of the target compounds is unknown, the 
search may start with the two-phase solvent system composed of hexane— 
ethyl acetate—methanol-water at a volume ratio of 3:5:3:5, which has a 
moderate degree of polarity. If the partition coefficient is slightly off from the 
proper range, it can be adjusted by modifying the volume ratio. For example, 
if Ku. is slightly over 2, the volume ratio may be modified toward more hydro- 
phobic such as 3.2:5:3.2:5, and if Ky, is slightly less than 0.5, the volume 
ratio may be modified in the opposite direction to 2.8:5:2.8:5. 


If the target compound is mostly distributed in the upper or- 
ganic phase, the search is directed upward along the arrow. If it is mostly 
distributed in the lower aqueous phase, the search is directed downward 
along the arrow. If the sample is an extract of plant material, the search 
may start at any point according to the polarity of the solvent used for the 
extraction. 


If the sample is an ethyl acetate extract (relatively hydropho- 
bic solvent), the search may start at hexane-ethyl acetate—methanol-water 
(1:1:1:1), whereas if the sample is a methanol extract (polar solvent), the 
search may start at 1-butanol—water. The search should be continued until 
a suitable range of Ky,. values for all of the compounds of interest is ob- 
tained. 


13.5.1.1 Solvent Systems for the Separation of a Large Variety of 
Natural Products 


Table 2 presents different kinds of solvent systems that have 
been used for the separation of a large variety of natural products, which 
may be of immense importance for the researcher to find a suitable solvent 
system for the desired separation of natural products. 


Table 2: Solvent systems used for the separation of natural products 














Solvent system Mobile 
Sample hace 
Solvents Ratio p 

Aryl ketones 

Phenylethanone n-Heptane—EtOAc-MeOH-H20 4:2:2:1 Lower 

derivatives 
Styrylpyrones 

Kava lactones n-Hexane-acetone-MeOH-H20 = 4:1.::3:41. Upper 
Benzofurans 

Dibenzofurans n-Heptane—CH2Cl2—-CH3CN 10:3:7 Lower, 


upper 
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Solvent system 















































Sample Mobile 
Solvents Ratio pias 

Phenolic glycosides 

Gastrodin EtOAc-1-BuOQH-H20 3:2:5 Lower 
Phenylpropanoids 

Honokiol, magnolol n-Hexane-EtOAc-MeOQH-—H20 527512 Lower 
Phenylpropanoid glycosides 

Verbascoside EtOAc-CH3CN-H20 13:13:24 Lower 

Acteoside EtOAc—H20 4:1 Lower 
Hydrolyzable tannins 

Ellagic acid and corilagin 1-BuOH—HOAc—H20 4:1:5 Lower 
Catechins 

Epigallocatechin n-Hexane-EtOAc—H20 1:9:10 Lower 

Tea catechins n-Hexane-—EtOAc-MeOH-H20 3:10:3:10 Lower 
Proanthocyanidins 

Tea proanthocyanidins = n-Hexane—EtOAc-MeOQH-H20 1: 521:5 Lower 

Anthocyanins MTBE-1-BuOH-CH;CN-H20 2:2:1:5 Lower 





Bilberry anthocyanins MTBE-1-BuOQH-CH3CN-H20-TFA 1:4:1:5:0.01 Lower 


Flavonoids 
Flavones and chalcones CHCls—CH2Clz-MeOH-H20 2:2:3:2 Lower 
CH2Clp--MeOH-CH3CN-H20 40:11:25:20 Lower 
EtOAc—1-PrOH—H20 140:8:80 Upper 
Flavonoid glycosides n-Hexane—-EtOAc-MeOH-H20 1:8:1:8 Lower 
n-Hexane-EtOAc-MeOQH-H,0 2:12:3:15 Lower 
CHCI;-MeOH-H20 8:7:4 Lower 
C-Glycosyl flavones CHCI;-MeOH-H.20 6:25:29 Lower 
EtOAc-1-BuOH—MeOH-H20 35:10:11:44 Lower 
Icariin n-Hexane-1-BuOH-MeOH-H20 = 1:4:2:6 Lower 
Isoflavone glycosides EtOAc—1-BuQH-—EtOH-H20 30:10:6:50 Lower 
EtOAc-EtOH—HOAc-H20 16:4:1:20 Lower 
Flavonol glycosides 1-BuOH—H20 41:1 Lower 


Flavonolignans 
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Solvent system 

















Mobile 
Sample hase 
Solvents Ratio p 

Silymarin n-Hexane-EtOAc-—MeOH-H20 1:4:3:4 Lower 
Lignans 

Arctiin EtOAc—1-BuOQH—EtOH-H20 10:1:2:10 Lower 

Lignan diglucoside MTBE-1-BuOH—CH3CN-H20 1:3:1-5 Upper 
Coumarins 





Psoralen and isopsoralen n-Hexane-EtOAc-MeOH-H;0 10:7:10:8 Lower 

















Inflacoumarin A n-Hexane—CHCl;-MeOH-H20 5:6:3:2 Lower 
Chalcones 

Licochalcone A n-Hexane-—CHCl;-MeOH-H20 3:12:6:4 Lower 
Quinones 

Tanshinones n-Hexane—-EtOH—H20 (a) 20:11:9 Lower 

(b) 10:7:3 

Shikonin n-Hexane—EtOAc—EtOH—H.O 16:14:14:5 Lower 

Diterpene quinone n-Hexane—CCl,-MeOH-H.O 1333372. Lower 
Monoterpenes 

Monoterpenes and CHCI;-MeOH-H20 7:13:8 Upper 


monoterpene glycosides 





lridoid glycosides CHCls—MeOH-1-PrOH—H20 5:6:1:4 Lower 





Sesquiterpenes 

















Artemisinine, artemisitene n-Hexane-EtOAc-EtOH—-H20 6:4:5:4 Lower 
arteannuin B 
Diterpenes 

10-Deacetylbaccatin Ill | n-Hexane-EtOAc-EtOH—-H20 2:5:2:5 Lower 

n-hexane-—CHCl;-MeOH-H.O 5:25:34:20 Lower 

Trachylobanes and n-Heptane-—CH3CN-CH,Cl., 10:7:3 Lower 
isopimaranes 
Triterpenes 

Celastrol n-Hexane-EtOAc-—CCl,-MeOH-H201:1:8:6:1 Lower 
Saponins 

Ginsenosides CHCls-MeOQH-2-BuOH-H20 5:6:1:4 Lower 





EtOAc-1-BUuOQH-H20 a alee Upper 
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Solvent system 





























Sample Mobile 
Solvents Ratio piaee 
n-Hexane-1-BuOH-H20 3:4:7 Lower 

Phytolacca saponins CHCI;-—MeOH—2-ProOH—-H20 5:6:1:4 Lower 

Glycyrrhizin EtOAc-MeOH-H20 52:5 Lower 
Carotenoids 

Zeaxanthin n-Hexane-EtOAc—EtOH—-H,0 8:2:7:3 Lower 

Lycopene n-Hexane-—CH3CN-CH;2Clo 20:13:7 Upper 
Alkaloids 

Aporphine alkaloids CH2Clo-MeOH-5% HOAc 5:5:3 Lower 

Naphthylisoquinoline CHCls—-EtOAc-MeOH-0.1 M HCI 5:3:5:3 Lower 

alkaloids 

Diterpene alkaloids n-Hexane—CH.Cl,-MeOQH—H,0 15:15:24:8 Lower 

C.gHe-CHCls-MeOQH-H20 55:72 Lower 

Tetramethylpyrazines 

Chuanxiongzine n-Hexane-EtOAc—EtOH—H,O 5:5:3:7 Lower 


Glucosinolates 


Cyclodepsipeptides 


13.5.1.2 


PrOH—CH3CN-(NH.)2SO.—H20 10:5:12:10 Upper 


n-Heptane-EtOAc-MeOH-H20 2:8:2:8 Lower 


Retention of the Stationary Phase 


Successful separation in HSCCC-CPC largely depends on 
the amount of the stationary phase retained in the column. 
In general, higher the retention of stationary phase, better 
the peak resolution. 

The amount of stationary phase retained in the column is highly 
correlated with the settling time of the two phases in a test tube. 
Measure the settling time of the two-phase solvent system 
to be used for the separation. 

The procedure is as follows: the two phases are first equili- 
brated in a separatory funnel. Deliver 2 ml of each phase, a 
total volume of 4 ml, into a test tube or graduated cylinder, 
which is then capped. Gently invert the container for several 
times and then immediately place it in an upright position to 
measure the time required for the two phases to form clear 
layers with a distinct interface. 

If the settling time is less than 20 seconds, the solvent system will 
provide satisfactory retention of the stationary phase, usually over 
50% of the total column capacity, in a proper range of flow rates. 
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13.5.1.3 


13.5.1.4 


13.5.1.5 


13.5.1.6 


Preparation of Sample Solution 


The sample for HSCCC-CPC may be dissolved directly in the 
stationary phase or in a mixture of the two phases. 

The recommended sample volume is less than 5% of the 
total column capacity. 

Introduction of a larger sample volume into the column will 
reduce peak resolution of the analytes, especially for those 
having small K values. 

Ideally the analyte is injected in a small volume of the stationary 
phase to preserve the sharpness of the early elution peak. 


Separation Column 


We must understand the head-tail orientation of the separa- 
tion column. 

A lower (heavier) mobile phase should be introduced through 
the head toward the tail, and an upper (lighter) mobile phase 
in the opposite direction. 

This is extremely important because the elution of either 
phase in the wrong direction results in an almost complete 
loss of the stationary phase from the column. 


Choice of the Mobile Phase 


In HSCCC-CPC, either phase can be used as the mobile phase 
provided that the K value of the analyte is in a proper range. 
If one has a choice, the lower phase may be used as the 
mobile phase, because the system provides more stable re- 
tention of the stationary phase and one can avoid trapping 
air bubbles in the flow cell of the detector by introducing the 
effluent from the lower end of the cell. 

On the other hand, when the upper organic mobile phase (exclud- 
ing the chloroform system) is used as the mobile phase, it will 
facilitate the evaporation of solvent from the collected fractions. 


Flow Rate of the Mobile Phase 


The flow rate of the mobile phase determines the separation 

time, the amount of stationary phase retained in the column, 

and therefore the peak resolution. 

A lower flow rate usually gives higher retention level of the 

stationary phase and improves the peak resolution, although 

it requires a longer separation time. 

The typical flow rates for the commercial multilayer coil are 

as follows: 

i) 5-6 ml/min for a preparative column with 2.6 mm i.d. PTFE 
tubing (600-800 rpm) (up to 1 g sample load); 
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ii) 2-3 ml/min for a semi preparative column with 1.6 mm i.d. 

PTFE tubing (800-1000 rpm) (up to 500 mg sample load); 

iii) 1 ml/min for an analytical column with 0.85-1.0 mm i.d. 

PTFE tubing (LOOO-1200 rpm) (up to 50 mg sample load). 

e These flow rates should be modified according to the settling 

time of the two-phase solvent system as well as other fac- 

tors. When the settling time is around 20 s and the K value 
of the analyte is small, a lower flow rate is recommended. 


13.5.1.7 Revolution Speed 


The optimum revolution speed (revolution and planetary rota- 
tion speeds are always same) for the commercial HSCCC-CPC instrument for 
preparative separation ranges between GOO and 1400 rpm. 


e Use of a lower speed will reduce the volume of the stationary 
phase retained in the column, leading to lower peak resolution. 

e On the other hand, the higher speeds may produce exces- 
sive sample band broadening by violent pulsation of the col- 
umn because of elevated pressure. 


13.5.1.8 — Filling the Column with the Stationary Phase 


e In each separation, the column is first entirely filled with the 
stationary phase. 

e Before introducing the stationary phase, the column may be 
flushed with a column volume of a solvent miscible with the 
two phases used in the previous run (e.g. ethanol or metha- 
nol) to wash out materials remaining in the column. 

e This will also ensure a stable, clean baseline before the sol- 
vent front emerges. 

e Avoid trapping the air in the column, especially in a prepara- 
tive column. This can be easily tested as: 

i) Ifno airis present in the column, the flow from the column 

outlet is ceased shortly after stopping the pumping. 
If the solvent keeps flowing from the outlet for more than 
several seconds, the air trapped in the column should 
be eliminated by resuming the pumping of the stationary 
phase under low speed column rotation (100-200 rpm) 
in a tail to head elution mode to accelerate air movement 
toward the outlet of the column. 


= 


13.5.1.9 Sample Loading 


There are two ways to load samples; both are satisfactory for 
HSCCC-CPC separations: 


e Inthe first method, the column is entirely filled with stationary 
phase and this is immediately followed by sample injection. 
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The mobile phase is then eluted through the column while 
the column is rotated at the optimum rate. 

In the second method, after the column is filled with station- 
ary phase, the mobile phase is eluted through the column at 
a desired rate until the solvent front emerges and hydrody- 
namic equilibrium is established throughout the column as 
evidenced by diminished carryover of the stationary phase. 

The sample is then injected into the column through the 
sample port. 


Each method has advantages. The second method gives a 
clear tracing of the elution curve because of the minimum carryover of the 
stationary phase from the column. 


The first method produces a distinct solvent front and saves sepa- 
ration time by eliminating the waiting period to reach hydrodynamic equilibrium. 


One can conveniently use an injection valve with a sample loop 


as in HPLC. 


13.5.1.10 On-line Monitoring of Effluent 


The effluent from the outlet of the HSCCC-CPC columns may 
be continuously monitored by a UV-VIS detector as in con- 
ventional liquid chromatography. 

An important difference between these two methods is that HSC- 
CC-CPC uses the liquid stationary phase which, if carried over from 
the column, tends to disturb the tracing of the elution curve. 
Avoid trapping the stationary phase in the vertical flow cell 
by eluting the lower mobile phase upward from the bottom; 
do the reverse if the upper is used as the mobile phase. 
When the upper mobile phase is eluted from the top of the 
flow cell downward, it is important to prevent the formation 
of air bubbles which may become trapped in the flow cell and 
disturb the tracing of the elution curve. 

Bubble formation can be largely avoided by degassing the 
two phases in the separatory funnel before use, and also by 
connecting fine PTFE tubing (typically 30 cm x 0.4-0.5 mm 
i.d.) to the outlet of the monitor so that the pressure within 
the flow cell is substantially increased. 


13.5.1.141 Measurement of Stationary Phase Retention 


When the separation is completed, rotation is stopped and 
the column contents are collected into a graduated cylinder 
by connecting the column inlet to a nitrogen cylinder (ca. 
50 psi; 1 psi = 6894.76 Pa). 


13.5.2 
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After nitrogen appears at the outlet, the column is slowly rotat- 
ed (100 rpm) in the tail to head elution mode so that solvent 
remaining inside the column is pumped out by an Archime- 
dean screw force assisted by the nitrogen flow. Measure the 
retained stationary phase in a graduated cylinder. 
Measurement of the retained stationary phase is useful in 
efforts to improve the separation: when the peak resolution 
is unsatisfactory, a measure of stationary phase retention 
will serve as a guide for the next trial. 

If it is less than 30%, the separation may be improved by 
increasing retention, by applying a lower flow rate of the mo- 
bile phase, increasing the revolution speed, or modifying the 
solvent system to shorten the settling time. 

If instead the stationary phase retention is over 50%, efforts 
should be directed to search for a new two-phase solvent 
system, which provides an improved separation factor (cq) 
between the analytes. 


Applications of HSCCC-CPC Technologies in Natural 
Products Isolation 


HSCCC-CPC technologies have applications in the following in- 


dustries: nutraceuticals, fine chemicals, pharmaceuticals, biomedical, bio- 
technology, fats and oils, and fermentation. 


Compounds that can be isolated in high purity by HSCCC-CPC tech- 


nologies include: saponins, alkaloids, chlorophylls, tannins, carotenoids, phos- 
pholipids, fat-soluble vitamins, mono- and oligosaccharides, anthocyanins, lign- 
ans, phenolic compounds, synthetic compounds, other active compounds present 
in medicinal and aromatic plants (e.g. herbs and spices) and much more. The 
numerous applications of CCC have resulted in a growth in the annual number of 
publications in which this separation technology has been cited (Figure 10). 
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Figure 10: Increasing number of publications on separation by CCC 
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Examples of some important natural products that have been 
separated using HSCCC-CPC in the recent past are summarized herein. 


13.5.2.1 Purification of Coenzyme Q,, from Fermentation Extract: 
HSCCC versus Silica Gel Column Chromatography 


HSCCC was applied to the purification of coenzyme Qio (COQ40) 
for the first time. CoQi, was obtained from a fermentation broth extract. 
Anon-aqueous two-phase solvent system composed of heptane—acetonitrile— 
dichloromethane (12:7:3.5, v/v/v) was selected by analytical HSCCC and 
used for purification of CoQ;. from 500 mg crude extract. The separation 
yielded 130 mg CoQ, at an HPLC purity of over 99%. The results showed 
the advantages of HSCCC over an alternative of silica gel chromatography 
followed by recrystallization. These advantages regard purity, recovery and 
yield (Table 3). 


Table 3: Purification of coenzyme Q:o from fermentation extract: HSCCC vs. silica gel 
column chromatography with subsequent crystallization 





Crude extract CoQio purified by silica gel CoQ:o purified 





chromatography by HSCCC 
HPLC purity, % 89.2 96.0 99.2 
Absolute purity, % 29.4 93.3 97.8 
Recovery, %* - 74.3 88.0 
Yield, %* - 23.4 26.4 





* Recovery, amount of CoQ:o in purified product/amount of CoQio in crude extract. Yield,amount 
of purified product/amount of crude extract (Journal of Chromatography A 1127 (1-2), 15 Sep- 
tember 2006, 92-96) 


13.5.2.2 Preparative Separation of Gambogic Acid and its C-2 
Epimer by HPCCC 


For the preparative separation of epimers, gambogic acid and 
epigambogic acid, from Garcinia hanburyi, a two-phase solvent system com- 
posed of n-hexane—methanol-water (5:4:1, v/v/v) was used. From 50 mg mix- 
ture, 28.2 mg gambogic acid and 18.4 mg epigambogic acid were separated. 
The purities of both were above 97% as determined by HPLC. The chemical 
structures were then identified by their 1H NMR and *8C NMR spectra. 


13.5.2.3. Separation and Purification of 10-deacetylbaccatin III by 
HSCCC 


At present, the most promising approach is the semisynthesis of 
paclitaxel or its analogs from 10-deacetylbaccatin Ill, a compound available in 
a relatively high quantity from the foliage of several yew species. HSCCC was 
used for the separation and purification of 10-deacetylbaccatin III (Figure 11). 
A crude needle extract (500 mg/5 ml) from Chinese yew (Taxus chinensis) was 
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first separated with a two-phase solvent system composed of n-hexane—ethyl 
acetate—ethanol-water (2:5:2:5, v/v). The partially purified fraction was again 
purified with a different solvent system composed of n-hexane-chloroform— 
methanol-water (5:25:34:20, v/v). HPLC analysis of the final fraction showed 
that the purity of 10-deacetylbaccatin (20 mg) was over 98%. 
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Figure 11: Separation and purification of 10-deacetylbaccatin II! (DAB) by HSCCC 
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13.5.2.4 Large-scale Separation of Resveratrol and 
Anthraglycoside A and B from Polygonum cuspidatum by 
HSCCC 


HSCCC was successfully applied to the large-scale (5 g) sepa- 
ration of resveratrol, anthraglycoside A and anthraglycoside B from a crude 
extract of Polygonum cuspidatum Sieb. et Zucc (Figure 12). A two-phase 
solvent system composed of chloroform, methanol and water (4:3:2, v/v) 
was used. The separation yielded 200 mg to 1 g of these three compounds, 
each at over 98% purity as determined by HPLC. Resveratrol is important as 
it has a cancer chemopreventive activity. 
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Figure 12: Separation of resveratrol, anthraglycoside A and anthraglycoside B from a 
crude extract of Polygonum cuspidatum Sieb. et Zucc 


13.5.2.5 Separation of Andrographolide and Neoandrographolide 
from the Leaves of Andrographis paniculata using HSCCC 


The bioactive diterpenes andrographolide and neoandrographolide 
from the leaves of Andrographis paniculata NEES (Acanthaceae) were success- 
fully separated by CCC (Figure 13). A single 280-min separation yielded 189 mg 
of 99.9% andrographolide and 9.5 mg of 98.5% neoandrographolide. Water— 
methanol-ethyl acetate—n-hexane (2.5:2.5:4:1) solvent system was used. 
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Figure 13: Separation of Andrographolide and Neoandrographolide 
from the leaves of Andrographis paniculata using HSCCC 


13.5.2.6 Separation of WAP-8294A Components, a Novel Anti- 
methicillin-resistant Staphylococcus aureus Antibiotic, 
using HSCCC 


The WAP-8294A complex was isolated from the fermentation 
broth of Lysobacter sp. WAP-8294 (Figure 14). The major component, WAP- 
8294A2, shows strong activity against gram-positive bacteria including me- 
thicillin-resistant Staphylococcus aureus (MRSA) and vancomycin-resistant 
Enterococci in vitro, and also exhibited a potent activity against MRSA in 
vivo. 


The previous separations were unsatisfactory. Hence HSCCC 
was applied. n-Butanol—ethyl acetate—aqueous 0.005 M trifluoroacetic acid 
(1.25:3.75:5, v/v/v) was used as biphasic solvent. A sample size of 25 mg 
yielded pure fractions of three components (1-6 mg). The method will con- 
tribute to the clinical development of WAP-8294A2 as an anti-MRSA agent. 
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Figure 14: Separation of WAP-8294A components using HSCCC 


13.5.2.7 Other Examples of Separation of Phytoconstituents by 
ccc 


Apart from the previously mentioned examples, isolation and 
purification of polymethoxylated flavones from tangerine peel, catechin con- 
stituents from five tea cultivars, rupestonic acid from the Chinese medicinal 
plant Artemisia rupestris L., lycopene from tomato paste, spiramycin, gal- 
lic acid from Cornus officinalis, lutein from the microalga Chlorella vulgaris, 
naphthopyranone glycosides, salvianolic acid B from the Chinese medicinal 
plant Salvia miltiorrhiza, dammarane saponins from Panax notoginseng, iso- 
flavan and pterocarpan glycosides from Astragalus membranaceus Bge. var. 
mongholicus (Bge.), glycyrrhizin from the root of liquorice and active princi- 
ples from the roots of Sophora flavescens have been carried out successfully 
using HSCCC. 


13.6 Advantages of CCC 


e Quick (high throughput in preparative separation). 

e Inexpensive (only solvent costs, which are 5 times less than 
for other LC techniques). 

e Gentle and versatile, for separation of varied compounds, 
with less chance of decomposition. 

e Able to resolve from milligrams to tens of grams on the 
same instrument. 

e Able to switch between normal and reverse phase at will. 

e A CCC machine, which is a chromatographic column with a 
liquid stationary phase, can be used as a liquid-liquid reac- 
tor for chemical reactions involving a liquid catalyst. 
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e No irreversible adsorption to a solid support (100% recovery 
of sample). 

e Increased capacity for the same volume of stationary phase; 
a CPC column gives a higher capacity than the HPLC one. 

e Quantity of sample depends on two factors: solubility of the 
sample and properties of the solvent system. 

e No sample loss as a simple rinsing of the instrument allows 
a full recovery of the noneluted fractions. 

e Easy maintenance, no costly solid phase to change. 

e No degradation or denaturation of compounds and no inter- 
action with silica. 

e No polarity restriction; all biphasic mixtures can be used. 

e Dual mode (off-line and on-line) exchange of stationary and 
mobile phase (CPC). 








13.6.1 Advantages of HSCCC-CPC Technologies over HPLC 
HSCCC-CPC HPLC 
No column Expensive columns 
High recovery Irreversible adsorption 
High throughput Poor loadability 
Retention of fragile compounds Loss of biological activity 
(molecular integrity) (denaturation) 
Volume ratio of stationary/ Ratio is low 


mobile very high (better resolution) 





13.7 


13.7.1 


13.7.2 


Manufacturers of CCC Instruments 


Manufacturers of HSCCC Machines 


e AECS (http://www.ccc4labprep.com/) 

e Conway Centri Chrom (http://www.centrichrom.com/) 

e Dynamic Extractions (http://www.dynamicextractions.com/) 
e Pharma-tech Research Corporation (http://www.pharma-tech.com/) 


Manufacturers of CPC Machines 
e EverSeiko Corporation (http://www.everseiko.co.jp) 


e Kromaton Technologies (http://www.kromaton.com/) 
e Partus Technologies (http://www.partus-technologies.com) 


Steps in cord blood banking 





Collected cord blood is safely 





cord is clamped and cut umbilical cord vein by experts kits and within 24 hours reach 
our labs 
Cord blood is processed by The sample quality is evaluated and 
The end product is stored at -196 deg. C patented technologies to yield all the required tests are conducted 


for 21 years maximum number of stem cells for maximum safety 


www. Cryo hanksindia.com 
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13.8 Selected Reviews on CCC 


e Marston and Hostettmann, K., 1994, Counter-current Chro- 
matography as a Preparative Tool, and Perspectives, J. Chro- 
matog. A; 658: 315-341 

e Jarvis, 1992, Macrocyclic Trichothecenes from Brazilian Bac- 
carin Species: From Microanalysis to Large-scale Isolation, 
Phytochemical Analysis; 3: 241-249 

e Foucault, 1991, Counter-current Chromatography, Analytical 
Chemistry; 63(10): 569-579 

e Marston, I., Slacanin and Hostettmann, K., 1990, Centrifu- 
gal Partition Chromatography in the Separation of Natural 
Products, Phytochemical Analysis; 1: 3-17 

e Sutherland, 1987, Counter-current Chromatography, Labora- 
tory Practice 

e Martin, D. G., Biles, C. and Peltonen, R. E., 1986, Counter- 
current Chromatography in the Fractionation of Natural Prod- 
ucts, American Laboratory 

e Ito, Y., 1985, High-speed Counter-current Chromatography, 
Critical Reviews in Analytical Chemistry; 17(1): 65-143 

e Conway, W. D. and Ito, Y., 1984, Recent Applications of Coun- 
ter-current Chromatography, LC; 2(5) 


13.9 Conclusions 


Counter-current Chromatography is an excellent alternative to 
circumvent the problems associated with solid-phase adsorbents and to 
preserve the chemical integrity of mixtures subjected to fractionation. It pro- 
vides efficient resolution of samples by a mechanism which relies solely on 
partition. Separation of compounds with a wide range of polarities can be 
achieved with the use of aqueous and non-aqueous solvent systems. CCC 
is very flexible: solvent gradients are possible; flow rates can be varied dur- 
ing a chromatographic run; lower and upper phases can be interchanged as 
mobile phases during a separation, provided that the flow direction is also 
changed accordingly; and instruments can be stopped during chromatogra- 
phy and re-started hours later without affecting separation efficiency. A wide 
range of pH is tolerated in CCC, with implications in the separation of acidic 
and basic samples, notably in the technique of pH-zone-refining. Separation 
of crude plant extracts, semipurified fractions or synthetic mixtures can be 
carried out, with samples of any quantity ranging from 100 mg to 1500 g 
(for the largest model). With these advantages, CCC is gaining popularity as 
a separation method for natural products, and especially in the bioassay- 
guided fractionation of natural products. 
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14 Quality Control of Medicinal 
and Aromatic Plants and 
their Extracted Products by 
HPLC and High Performance 
Thin Layer Chromatography 


K. Vasisht 


Abstract 


The interest in medicinal plants and their products has increased manifold in recent 
years. The increasing public demand for natural medicines has resulted in increased 
commercial activity and production of these medicines. There is also increasing con- 
cern for ensuring quality and safety of plant medicines. Plant drugs, unlike active phar- 
maceutical ingredients, possess some inherent limitations which deter the process 
of laying standards for these drugs. This aspect has received considerable attention 
from different quarters including policy planners, scientists and manufacturers. This 
paper describes briefly the roles of high performance thin layer chromatography and 
high performance liquid chromatography in quality assurance of plant products. Some 
practical aspects of these techniques are also discussed. 


14.1 Introduction 


The use of medicinal plants products has increased several 
fold during the last decades. Individual countries are also giving increasing 
emphasis to promote their use under the direction of the World Health Or- 
ganization (WHO). Besides this, one finds enormous interest in natural prod- 
ucts from the public, which is attributable to several factors. These medi- 
cines are affordable, safer and better tolerated by the biological system. 
This has led to an increased consumption and cross-country movement of 
raw materials of medicinal plants. 


In some parts of the world, e.g. several places in Africa and Asia, 
traditional medicines are the only affordable option. On the other hand, the 
same medicines are the option of choice in developed nations like Japan and 
the United States and in the European States. Despite being the more com- 
mon medical option in Africa, use of traditional medicines has not matured to 
the expected level. But, some countries in Asia, especially India and China, 
have developed them to a level that has benefited all countries of the world. 


Europe did not inherit a well-developed traditional system of 
medicine but it has put in place the strongest evidence-based and scientifi- 
cally supported system of plant medicines. North America is the most prolific 
and flamboyant market for plant products, but government regulations are such 
that except for select plant drugs most are used as dietary supplements or 
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nutraceuticals. South America, which has given the world some of the all-time 
great plant medicines like quinine and pilocarpine, follows the medical system 
of North America. Australia has a strong impact from Chinese medicines on the 
continent which is otherwise dominated by the modern system of medicine. 


14.2 Quality Control of Medicinal Plants and their 
Products 


The quality control of consumer products has become more chal- 
lenging and demanding. The quality considerations of drugs are the most 
stringent among all consumer products. The purity of active pharmaceutical 
ingredients has been stretched to an all-time high with more and more restric- 
tions on the level of the impurities. The situation is opposingly different in 
the case of plant-derived medicine, where we are still striving to define speci- 
fications to ensure consistency and safety. Therefore, the standards of plant 
drugs are more relaxed and are in the process of development. The inherent 
problems of plant drugs are obvious; unlike single chemical entities of mod- 
ern drugs, they are combinations of infinite chemical molecules, known and 
unknown; the knowledge of the active components is incomplete; the natural 
variations in content and quantity of the chemical constituents are large and 
exercising a precise control is impractical; and the complete chemical profiling 
of plant drugs is beyond scope. Therefore, laying standards for such drugs is 
not an easy task and a comprehensive system of standards cannot be laid 
down for such drugs. As our knowledge of plant drugs will advance, the stand- 
ards for them will become more meaningful and complete. 


The quality issue of plant drugs was irrelevant in ancient times 
when these medicines were dispensed by the medical men for their pa- 
tients. However, the issue has taken front seat with the commercialization of 
plant drugs. The matter has been further complicated by the vested interest 
of manufacturers who are out to exploit the loopholes in the standards and 
laws governing the production and distribution of plant drugs. 


Several national and international agencies have prioritized the 
issue of assuring the quality of plant drugs. The effort of the World Health 
Organization is outstanding: over 20 years ago it first published Quality con- 
trol methods for medicinal plant materials, which has been regularly updated 
and followed by a series of monographs on globally important medicinal 
plants. 


The quality of a plant product cannot be assured without assur- 
ing the quality of the raw material. Also required to ensure quality products 
are in-process control, quality control of the finished product, good manu- 
facturing practice (GMP) controls and process validation. In this regard, it is 
imperative to define specifications of raw materials to minimize variations 
in the quality of finished products and to achieve consistency. The specifica- 


240 


EXTRACTION TECHNOLOGIES FOR MEDICINAL AND AROMATIC PLANTS 


tions of plant materials include macro- and microscopic descriptions, tests 
of identity, and analytical and physicochemical determinations. The expected 
results of these tests and measurements are presented as numerical limits 
or as a range or discretely observable result. 


While fixing the limits of specifications, naturally met variations 
in plant drugs need to be accommodated. A plant material conforming to the 
prescribed specifications should be considered acceptable for intended use. 
Several factors contribute to variation in the content and composition of raw 
materials. These factors can broadly be grouped in four categories of climatic, 
nutritional, collection and post-harvest factors. Climatic factors include prevail- 
ing temperature, rainfall, humidity, daylight and altitude of the growing region. 
The nutritional factors are those which affect the health of a growing plant and 
are reflected in the production of biomass and its composition; several soil fac- 
tors such as availability of micro- and macronutrients, pH and cation exchange 
Capacity are important for optimal growth of plants. Collection factors control 
the content of active components by giving due attention to the age, season, 
collection time and part of the plant collected. Post-harvest factors are impor- 
tant as the collected material is still live and carries out metabolic processes 
and respires; the enzymatic processes continue after collection until they are 
deactivated by drying or other suitable treatment; the crushing and cutting of 
material leads to de-compartmentalization of reactive chemical constituents of 
plants which were naturally located in intact cells; and the collected material 
faces direct impact of oxidation by air and light besides physical loss of some 
components. 


The World Health Organization, in its volume Quality contro! meth- 
ods for medicinal plant materials, has listed several parameters which are valua- 
ble in assuring quality of plant drugs. These include identification, visual inspec- 
tion, sensory characters, macro- and microscopic characteristics, moisture con- 
tent, foreign matter, fingerprint by thin layer chromatography (TLC), ash values, 
extractive values, volatile matter, microbial load, heavy metals and pesticide 
residues, radioactive contaminants and, according to the nature of the drug, 
one or more determinations for bitter value, tanning test, foaming, hemolytic 
and swelling indices. The European Medicines Agency’s “Guideline on quality of 
herbal medicinal products” and “Guideline on specifications” more precisely de- 
scribe the quality-related issues of medicinal plants. These documents define 
and differentiate herbal substances (equivalent to herbal drugs), herbal prepa- 
rations (equivalent to herbal drug preparations) and herbal medicinal products 
(equivalent to traditional herbal medicinal products). The guidelines emphasize 
the quantification of active or analytical markers and describe procedures to 
ensure quality of raw material, semifinished and finished products. 
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14.3 Biological and Chemical Standardization 
of Drugs 


All test procedures ultimately aim to determine the intrinsic po- 
tency of a drug, which is attributable to the chemical constituents present. 
Evaluating the biological potency of a drug provides a direct assessment 
of its quality. But, the complexity of the procedures and methods forbids 
implying this assessment. Moreover, it is not the practical option when one 
handles large numbers of samples. The other option, besides biological 
testing, is chemical testing, which uses assay procedures to determine the 
quantity of chemical compounds, preferably the active ones, to assess the 
quality of a product. This is complementary to recording other specifications 
like macro- and microscopic characteristics. 


14.3.1 Chemical Standardization and Markers 


Chemical standardization requires first to identify and select a 
chemical constituent of a drug and then to elaborate the assay procedure 
for quantification of the chosen compound. Selection of the constituent, 
called marker, is a difficult task based on several considerations: the chemi- 
cal profile of the drug, biological activity of the chemical constituents, suc- 
cessful development of the assay procedure, ease of procuring or isolating 
the marker, and stability of the marker. 


The European Union Guidelines define markers as “Chemically 
defined constituents or groups of constituents of a herbal substance, a 
herbal preparation or a herbal medicinal product which are of interest for 
control purposes independent of whether they have any therapeutic activity.” 
The WHO defines markers as “constituents of a medicinal plant material 
which are chemically defined and of interest for control purposes.” 


Markers serve to calculate the quantity of herbal substances or 
herbal preparations in the herbal medicinal product if the marker has been 
quantitatively determined in the herbal substance or herbal preparations. The 
European Medicines Agency differentiates an active marker from an analytical 
marker: an active marker contributes to the therapeutic activity of the drug, 
whereas an analytical marker serves only the analytical purposes. 


The choice of a marker, in first place, should be for a chemical 
constituent of the drug responsible for the activity. More than one marker can 
be employed for control purposes, separately or in combination. A second 
choice of marker is for a defined chemical constituent that is uniquely as- 
sociated with the drug. This is true when active constituents of the drug are 
not known or active constituents are unobtainable or unstable for assay pur- 
poses. As a last choice, a marker can be selected among more commonly or 
ubiquitously present phytoconstituents. In rare cases, a chemical compound 
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not associated with the plant or its activity can also be used as a marker. 
Such chemical compounds allow the estimation of an active constituent of 
the plant, which itself is unstable and unfit for the purpose of analysis. For 
example, dantron is recommended by the European Pharmacopoeia for the 
estimation of valerenic and acetoxyvalerenic acids in valerian root. Valerenic 
and acetoxyvalerenic acids, which are active constituents of drugs, are highly 
unstable and difficult to isolate and to use as markers. The test response 
measured for these acids in the drug is interpreted from the standard plot of 
dantron to calculate the concentration of valerenic and acetoxyvalerenic acids 
in the test solutions. It has been experimentally shown that the standard 
curves of dantron and these two acids, in the range of estimation, are linear 
and parallel. 


Identification of a marker requires knowledge of the chemical 
and active constituents of the plant drug. Markers are usually generated 
in-house and a limited number of markers are commercially available from 
different sources. Sigma Chemicals, Chromadex, Regional Research Labo- 
ratory (Jammu) and Natural Remedies (Bangalore) are some commercial 
sources of markers. 


14.3.2 Analytical Techniques for Quantifying a Marker 


After a marker has been identified, it needs to be quantified or 
assayed in the test material for the purpose of quality control. Any of the ma- 
jor analytical techniques, including high performance liquid chromatography 
(HPLC), high performance thin layer chromatography (HPTLC), gas chroma- 
tography (GC), radioimmunoassay, ultraviolet or infrared spectrometry, and 
mass spectrometry, can be used to determine the quantities of marker in 
the test samples. These techniques possess some advantages and dis- 
advantages. Some are more commonly used while the others have limited 
applications. The assay method requires the procedure and technique to 
be simple, quick, specific, economical and robust. The ideal method can be 
used in different laboratories across the world without compromising on the 
accuracy and precision, which is possible if the procedure has a minimum 
number of critical variables. Whenever possible, the assay procedure should 
use simple, inexpensive equipment which is affordable in most places. The 
assay methods are developed through experimentation and from the exist- 
ing knowledge of the drug and of techniques. 


14.3.3 Validation of Analytical Procedures 


Development of the assay method is followed by its validation. 
The validation procedure considers issues of specificity, linearity, range, ac- 
curacy, precision, detection limit, quantitation limit, robustness and system 
suitability. The International Conference on Harmonisation (ICH) has issued 
guidelines on validating analytical procedures, which are widely accepted 
and commonly used. Besides validation of a procedure, the instruments 
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used are also validated from time to time. Practically all manufacturers of 
modern equipment supply detailed instructions and methods of equipment 
validation. The validation record is maintained and, in case a deviation is 
observed, a service engineer is called. 


The ICH guidelines on validation are available from the internet 
for comprehensive understanding of the subject. A brief explanation to the 
validation procedure is provided here. 


14.3.3.1 Specificity 


Specificity indicates the extent to which an assay procedure 
specifically measures the analyte of interest. It is not always possible to 
demonstrate that an analytical procedure is specific for a particular analyte 
(complete discrimination). It may require two or more assay procedures to 
demonstrate the necessary level of discrimination. Spiking the sample with 
the analyte or related compounds and observing the effect on the estima- 
tions demonstrates assay specificity. If spiking with compounds related to 
the analyte produces no effect on the result, the procedure is considered 
specific. Specificity is particularly valuable when analyzing an analyte among 
several similar compounds present in the sample. 


The issue of specificity with respect to herbal materials has 
lesser relevance as in several instances; we tend to determine the content 
of total active compounds rather than one active constituent, e.g. total sen- 
nosides in senna and not a particular sennoside. In such cases, a procedure 
that is able to assay all sennosides together is preferred than a specific pro- 
cedure which discriminates and estimates only one sennoside. 


14.3.3.2 Linearity 


The linearity of an analytical procedure is its ability (within a 
given range) to obtain test results which are directly proportional to the con- 
centration (amount) of the analyte in the sample. A linear relationship (be- 
tween amount of analyte and response) should be demonstrated across the 
range used in the assay procedure. A minimum of 5 concentrations is rec- 
ommended. A regression line, using appropriate statistical methods, should 
be drawn to calculate correlation coefficient, y-intercept and slope. A plot of 
the data should be included in the test report. Another important feature, 
which estimates the degree of linearity, is calculation of the deviation of the 
actual data points from the regression line. In some cases, mathematical 
transformation of data, prior to the regression analysis, may be required. 


14.3.3.3. Range 


The range is the interval between the lower and upper analyte 
concentrations for which it has been demonstrated that the analytical pro- 
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cedure has a Suitable level of accuracy, precision and linearity. It is normally 
derived from linearity studies. 


14.3.3.4 Accuracy 


The accuracy of an analytical procedure is the closeness of 
agreement between the conventional true value (or an accepted reference 
value) and the value calculated. It tells how closely the analyte amount is 
determined to its true amount present in the test sample. Accuracy should 
be specified across the range of analytical procedure and inferred from 9 
measurements (triplicates of three concentrations in the range). 


Accuracy can be demonstrated by application of the proposed 
procedure to an analyte of known purity or by comparing the results of the 
proposed analytical procedure with those of a second well-characterized pro- 
cedure, whose accuracy is already known. Application of the procedure to 
test samples after spiking at three different levels of 50%, 100% and 150% 
of expected analyte concentration helps to determine the accuracy of the 
procedure. 


A sample containing 1.0 mg analyte may, in different analyses, 
be found to contain 1.2, 0.9 and 0.8 mg. The assay procedure determining 
0.9 mg is more accurate than the two other procedures. 


14.3.3.5 Precision 


The precision of an analytical method is closeness of results 
for a series of measurements of multiple samples from the same homo- 
geneous material. The precision may suffer upon varying the experimental 
conditions, which are therefore assumed to be kept constant. System preci- 
sion demonstrates error in recording the response and can be determined 
by repeatedly analyzing a sample within a short period of time. 


It is possible that the results are precise but not accurate or 
vice versa. Triplicate measurements of 1.0 mg true quantity as 0.6, 1.0 and 
1.4 result in an average value of 1.0 mg which is accurate but the three 
measurements themselves are not precise. Similarly, triplicate measure- 
ments of the same quantity as 0.6, 0.7 and 0.6 are precise but not ac- 
curate. Triplicate measurements of 1.0, 0.9 and 1.0 are precise as well as 
accurate. 


Precision is expressed at three levels of short, medium and 


long intervals, which are respectively referred to as repeatability, intermedi- 
ate precision and reproducibility. 
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14.3.3.5.1 Repeatability 


Repeatability is precision under the same operating conditions 
over a short interval of time (intra-day precision). It is demonstrated by a 
minimum of 9 determinations covering the specified range for the procedure 
(e.g. 3 concentrations/3 replicates each) or a minimum of 6 determinations 
at 100% of the test concentration. 


14.3.3.5.2 Intermediate Precision 


Intermediate precision expresses intra-laboratory variations: 
different days, different analysts, different equipment, etc. 


14.3.3.5.3 Reproducibility 


Reproducibility is precision at the inter-laboratory level. It is 
especially important if the analytical procedure is to be used in different 
laboratories, for instance, a pharmacopoeial procedure. 


14.3.3.6 Detection Limit 


Detection limit (DL) is the lowest amount of analyte ina sample 
which can be detected, but not necessarily quantitated as an exact value. 
It is determined by analyzing samples containing known concentrations of 
analyte and by establishing the minimum level at which the analyte can 
be reliably detected. Other methods of determining DL are based on the 
signal-to-noise ratio and on the standard deviation of the response and the 
slope. A signal-to-noise ratio of 3:1 or 2:1 is a fair estimate of DL. Using the 
standard deviation of the response (o) and slope of the calibration curve 
(S), DL=3.30/5S. 


14.3.3.7 Quantitation Limit 


Quantitation limit (QL) is the lowest concentration of the ana- 
lyte that can be determined with acceptable precision and accuracy under 
the stated experimental conditions. It is generally determined by the analy- 
sis of samples with known concentrations of analyte and by establishing 
the minimum level at which the analyte can be quantified with acceptable 
accuracy and precision. QL can also be defined from the signal-to-noise ratio 
(a typical signal-to-noise ratio is 10:1), or from the standard deviation of the 
response (o) and the slope (S) of the calibration curve (QL=100/S). 


14.3.3.8 Robustness 
Robustness of an analytical method ensures that it performs 


well and has few variables affecting its performance. For example, a robust 
HPLC analytical procedure does not show variation when columns of differ- 
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ent lots or from different manufacturers are used, when there is a slight vari- 
ation in pH or composition of the mobile phase, or when temperature and 
flow rate vary. Steps of extraction, purification or enrichment of an analyte 
in herbal material should be simple and time effective. Solutions used in 
the analysis should be stable over a reasonable period of time. Lastly, the 
procedure should be feasible in most laboratories. 


If measurements are prone to variations with small changes in 
the test conditions then such conditions should be suitably controlled or a 
precautionary statement should be included in the procedure. 


14.4 Thin Layer Chromatography in Quality 
Control of Plant Products 


Thin layer chromatography (TLC), also called planar chromatog- 
raphy, is a widely accepted and extensively used separation technique that 
is over 65 years old. The technique is simple, cost effective, versatile, and 
useable in all laboratories around the globe. It can be easily adapted to any 
given situation of qualitative, quantitative or preparative separation. Despite 
the great variety and complete automation of the technique, it still lags be- 
hind other chromatographic techniques when it comes to its use as analytical 
technique. However, there is no substitute for this technique for situations 
requiring qualitative analyses of plant extracts. TLC has nearly become in- 
dispensable for the standardization of plant materials, be it the fingerprint 
profiling or analysis of a marker. The advantages of the technique over other 
analytical techniques are many when handling plant materials. The samples 
can be applied without undertaking tedious, time-consuming processes of 
sample preparation. The loss in sensitivity is far compensated by the gain on 
several fronts, including ease of assays, multiple sample analyses and low 
cost per sample. 


The two prominent uses of TLC in the standardization of plant 
materials include fingerprint profiling for the assessment of chemical con- 
stituents of a drug and quantitative analysis of markers in plant drugs. A 
typical TLC procedure involves sample preparation, selection of the chro- 
matographic layer and the mobile phase, sample application, development 
and drying of the plate, derivatization (if required) and chromatogram evalu- 
ation. 


14.4.1 Sample Preparation 


Methods of sample preparation for fingerprinting and estima- 
tion of marker differ significantly. Whereas in fingerprinting, only proportion- 
ate quantities of components must be extracted, in assaying the marker 
complete and exhaustive extraction has to be ensured. Correspondingly, 
particle size of the crude drug, the solute-solvent ratio, extraction period and 
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number of extractions assume greater significance in marker estimations. 
Normally 1-2 g of moderately fine powder (unless specified) of plant material 
is extracted with 25-50 ml solvent at room temperature, in a Soxhlet appa- 
ratus or under reflux on a water-bath. The extraction is repeated a number 
of times to ensure complete and exhaustive extraction of the marker from 
the drug matrix. The extract is filtered and solvent is removed from the com- 
bined filtrate. The residue is dissolved in the solvent, filtered again, and the 
volume is adjusted. The concentration of the marker is determined in the 
solution. 


On the other hand, in comparing fingerprint profiles, the proce- 
dure requires a shorter extraction scheme. A powdered specimen of pharma- 
copoeial quality may be required as the reference material for comparison 
of the fingerprint profiles. The test and sample solutions are prepared under 
identical conditions of extraction and concentration. Usually 0.1-1.0 g mate- 
rial is extracted with 1-10 ml solvent for 5-30 min, by shaking at room tem- 
perature or heating to boiling. The extract is filtered, concentrated and used. 
Sometimes the solvent is completely evaporated and the residue is dissolved 
in a small volume of solvent (typically less than 1 ml) and filtered to sepa- 
rate the insoluble particles. The solution of a marker, of preferably known 
strength, is required if marker presence is to be ascertained. Using known 
strength of marker additionally provides semiquantitative information. 


In certain cases, the extracts require further purification using 
extraction of the residue with another solvent at different pH or using distil- 
lation, sublimation or other appropriate method. 


14.4.2 Selection of Chromatographic Layer 


A wide variety of options is available for the adsorbent layer. 
Laboratory-made plates have given way to precoated plates marketed by 
several manufacturers. The precoated plates are machine-made of glass, 
aluminium or plastic base coated with different adsorbents. The different 
adsorbents include normal phase silica gel (most commonly used), reverse 
phase silica gel (RP2, RPs, RPis, cyano, diol and amino plates), aluminium 
oxide, cellulose, kieselguhr, hybrid (capable of being used as normal and re- 
verse phase) and derivatized adsorbent layers. They come in different sizes, 
from small strips to continuous rolls (20 x 20 cm? is most common). 


The nature of the compounds defines the choice of adsorbent 
layer; a stronger adsorbent (aluminium oxide) is used for weakly adsorbed 
compounds and a weak adsorbent (cellulose) is used for strongly adsorbed 
compounds. Normal phase silica gel is more suited for non-polar components 
and reverse phase silica gel is more suited for polar constituents, which are 
eluted first on reverse phase TLC. The silica gel plates containing fluorescent 
dye (Fos) of aluminium base are most widely used; about 80% of the analyses 
are done using these plates as they are optimally efficient and cost-effective. 
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14.4.3 TLC versus HPTLC Layers 


High performance TLC (HPTLC) plates use thin layers of adsorb- 
ent (100 um instead of 200-250 um) and smaller particles (5-6 um versus 
10-12 um) of more homogeneous size (4-8 um versus 5-20 um). Moreover, 
they give better resolution (5- to 10-fold more) over shorter runs (3-6 cm ver- 
sus 8-15 cm), reduce separation time (3-20 min versus 20-200 min), accom- 
modate more samples per plate (more than double), use smaller sample 
volumes (0.1-0.5 ul versus 1-5 ul) with improved detection limits (100-500 
pg), and significantly improve the precision, accuracy and sensitivity. HPTLC 
plates are substantially more expensive (4- to 6-times more) than normal 
plates but are an efficient alternative when high sensitivity, accuracy and 
precision are required in situations demanding high performance. More im- 
provements in adsorbent layers include use of spherical particles of narrow 
size distribution (reducing resolution time and size of spots while improving 
the detection limit) and ultrathin layers (LO um) that improve the resolution 
and sensitivity and drastically reduce the development time. 


14.4.4 Selection of the Mobile Phase 


Infinite combinations and a wide choice of solvents are avail- 
able for TLC developments. Unlike HPLC, where choice is limited, TLC pro- 
vides no or few restrictions. A mobile phase with 1-3 components is pre- 
ferred over a multicomponent mobile phase. The polarity of the compounds 
of interest is the key to selection of a mobile phase. Personal experience ap- 
plied to existing knowledge and a trial and error method is used to select the 
composition of the mobile phase. The mobile phase is freshly prepared for 
each run and the constituting solvents are mixed outside before transferring 
to the developing chambers. It is advised to allow the developing chamber to 
saturate unless otherwise specified. Saturation of the chamber is quickened 
by lining half or more of the total area of the inside walls with filter paper 
and pouring the mobile phase over it. Closing the chamber and allowing it 
to stand at room temperature saturates the chambers. It is possible to use 
another solvent alongside the mobile phase for chamber saturation in twin 
troughs, e.g. ammonia placed in one trough and mobile phase in another. 


The TLC results are sensitive to temperature and humidity vari- 
ations. All operations during which the plate is exposed to the air should be 
carried out at a relative humidity of 50%-60% under controlled temperature 
of 20°-30° C. 


14.4.5 Application of Sample 


Three typical options of delivering the sample solution onto the 
plate are manual, semi-automatic and automatic application. Manual applica- 
tion is done using a capillary, which can have a specific volume of 1, 2 or 5 ul 
for quantitative purposes. The solution is applied by the technique of touch 
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and deliver. The precision and accuracy, as known to the author from personal 
experience, is fairly high after a short experience. The semi-automatic applica- 
tion uses devices such as Linomat 5 from Camag and Applicator AS 30 from 
Desaga, which use a syringe that has to be manually cleaned and filled. The 
remaining part of the application is automated through computer commands. 
The solution is applied as a spot or band of predetermined size at predeter- 
mined points by touch and delivery or spray-on technique. The needle touches 
the surface of the adsorbent layer and delivers, whereas in spray-on technique 
the predetermined volumes are sprayed onto the plate. In the fully automated 
application, all steps are controlled through a computer including washing of 
the delivery line. 


The typical concentration of the applied samples ranges from 
0.1 to 1 mg/ml for qualitative analysis but is usually much lower for quantita- 
tive purposes, which further depends on the molar absorption of the marker. 
The typical volume for spot application is 1-5 ul, and 10 ul for band applica- 
tion. These volumes are drastically reduced in HPTLC plates or ultrathin TLC 
plates. Bands are known to give better resolution and results than spots, as 
a narrow band is better suited to the optics of the TLC scanner. 


14.4.6 Developing the Chromatogram 


Development of plates is carried out in chambers which are spe- 
cial purpose jars or simple containers good enough to hold the solvent in an 
air-tight environment. There is no doubt that special purpose chambers pro- 
duce better chromatograms. Twin-trough chambers allow use of another mobile 
phase in the chamber for the purpose of saturation, besides consuming smaller 
quantities of solvent. The cost of the chamber, which seems high in the begin- 
ning, is recovered by way of savings on the quantity of expensive solvents. Pre- 
saturation of the chambers decreases R; values and corrects side distortions 
of the solvent front. The plate is placed as nearly vertical as possible in the 
chamber, ensuring that the points of application are above the surface of the 
mobile phase and the sides of the plate do not touch the container walls. 


The developing chamber should always be kept out of direct 
sunlight. It should be protected from light during development, if the com- 
ponents being investigated are suspected to be unstable. If sun rays fall di- 
rectly on the developing chamber, they may be refracted to different degrees 
through the glass walls, producing areas of high temperature on the plate 
and resulting in erratic flow of the mobile phase. 


The technique of development has been largely improved in 
horizontal developing chambers and completely automated in automated 
development chambers or automated multiple development chambers. 
However, the cost of this equipment (except for the horizontal development 
chamber) is excessively high. 
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14.4.7 Drying the Plate 


After development, the plate is dried. This is an automatic pro- 
cedure in automated development chambers, but it has to be accomplished 
in air at room temperature, in a vacuum desiccator or by heating or blow- 
ing hot-air over the surface of the plate. In all instances, the mobile phase 
should be as completely removed as possible before proceeding to derivati- 
zation or scanning the plate. 


14.4.8 Derivatization 


Derivatization involves treatment of developed chromatograms 
with suitable spray reagents for locating the position of the constituents for 
qualitative evaluation and for quantifying ultraviolet-insensitive markers. Two 
methods are employed for derivatization of plates: spraying with a fine mist 
of a reagent (a traditional method) and dip-in technique, which of late has 
become more popular. The spray method does not allow the uniform wetting 
of the plate, producing areas of high wetting and deficient spray. This affects 
the precision and accuracy in case of quantitative determinations. The dip-in 
technique produces more uniform wetting; special equipment is available for 
this purpose. In most cases of derivatization, heating is required after spray- 
ing the plate. Heating the plate uniformly in the open air produces better re- 
sults than heating in an oven. The fumes from heating are strongly reactive 
and damage the inner walls of the oven. The plate is heated at about 110° 
C for about 10 min or until the spots are best seen. Special purpose heating 
plates are available from the manufacturers of TLC equipment. 


14.4.9 Evaluation of the Chromatograms 


The TLC plate is observed in daylight, under short-wave and 
long-wave ultraviolet light, for comparing the chromatograms of standard and 
test samples or for observing the presence of a marker or compounds of 
interest in the test chromatogram. The centre of each spot is marked with 
a needle. The distance from the centre of each spot to the point of applica- 
tion is measured to record the R; value (the ratio of the distance travelled 
by a given compound to that travelled by the solvent front) or the R, value 
(the ratio of the distances moved by a compound and a stated reference 
substance). R; values may vary depending on the temperature, degree of 
saturation, the activity of the adsorbent layer and the composition of the 
mobile phase. 


Quantitative evaluation is done by scanning the plate in a TLC 
densitometer or scanner. The densitometer uses two modes of transmit- 
tance and reflectance depending upon the available optics. It uses fluores- 
cence mode, ultraviolet absorption or visible light for quantitation of the 
marker depending upon the option exercised. Ultraviolet and visible light 
absorption modes come as a standard option on a scanner and the fluores- 
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cence mode is optional. Data acquisition and analysis is through standard 
PC-based software. Multi-wavelength scanning, recording and comparing ul- 
traviolet spectra, and generating and acquiring spectra libraries are among 
several options available on the software provided with the TLC scanner. 


The determination of analyte concentration is through a stand- 
ard plot or single or double point calibrations. 


14.4.10 Improving the Efficiency of TLC 


Several precautions can be taken to improve the efficiency of 
TLC analysis. These include carefully selecting the range of concentrations 
for analysis; using correct instrument parameters like slit dimensions, wave- 
length selection, scanning speed, base line correction; using HPTLC plates 
for high sensitivity and resolution; use of appropriate sorbent from a wide 
range of sorption properties to optimize selectivity; use of automated sam- 
ple application, development and detection; use of precise in situ recording 
and quantitation of chromatograms; and avoiding derivatization in assay pro- 
cedures and, if necessary, using dip-in technique of derivatization. 


The following example, of one of the Ayurvedic drugs, illustrates 
the use of TLC in quality control of plant material. The drug was analyzed for 
one of the active compounds and the TLC fingerprint profile was used for the 
purpose of positively identifying the plant material. 


To prepare the fingerprint profile, about 5 g plant material was 
extracted with 50 ml methanol for 30 min at 50° C in a conical flask. The 
extract was filtered and the filtrate was concentrated to about 5 ml under 
vacuum. One of the active constituents isolated from this plant (code name 
DPH-1) was used as a reference. The solution of the reference substance 
was prepared by dissolving about 5 mg in 1 ml chloroform. About 10 ul of 
each test and reference solution was manually applied in band form on alu- 
minium base, silica gel 60 F254, O.2-mm thick TLC plates (Merck). The plate 
was developed using mobile phase containing 95 volumes toluene and 5 
volumes ethyl acetate. The plate after development was dried and visual- 
ized under 254 nm ultraviolet light (Figure 1A). The same plate was sprayed 
with anisaldehyde-sulphuric acid reagent and heated for about 10 min to 
visualize the spots (Figure 1B). These profiles can be used to confirm the 
identity of the plant material and to obtain semiquantitative information on 
the amount of DPH-1 present in the drug. 
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A B 


Figure 1: TLC chromatograms as visualized (A) under 254 nm UV and (B) after being 
sprayed with anisaldehyde-sulphuric acid reagent 


Besides developing the fingerprint profile of the drug, the quan- 
tity of DPH-1 was also estimated in different samples of the plant material. 
For the purposes of analysis, 5 g moderately fine powder of drug material 
was extracted with methanol in a Soxhlet apparatus for 4 h. The extract was 
filtered and the volume was adjusted with methanol to 50 ml in a volumetric 
flask. One milliliter of this solution was diluted to 10 ml in a volumetric flask 
and used for analysis. A standard solution of DPH-1 was prepared by dissolv- 
ing 4.95 mg DPH-1 in 10 ml methanol and diluting 0.5 ml of this solution to 
10 ml in a volumetric flask. Six different concentrations of this solution were 
applied in triplicate on a precoated TLC plate, which was developed using 
mobile phase containing 90 volumes toluene and 10 volumes ethyl acetate. 
The developed and dried plate was scanned at 305 nm in a TLC scanner and 
the standard plot was constructed (Figure 2). One microliter of test solution 
was similarly analyzed using the same conditions as used for DPH-1, and 
the amount of DPH-1 in the test sample was calculated from the response 
obtained in a TLC scanner. The analyzed drug samples showed large varia- 
tions in the content of DPH-1, ranging from below 0.3% to over 1.4%. The 
method was validated according to ICH guidelines. 
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Figure 2: Calibration curve of DPH-1 


The TLC-based method of analysis and fingerprint development 
is quick and reliable, and can be used conveniently in different laborato- 
ries. Similarly, it is possible to apply this technique to other plant drugs to 
develop fingerprint profiles and also to estimate the percentage of marker 
substances in the crude drugs or in finished products. 


14.5 High Performance Liquid Chromatography 


In a period of less than 50 years, HPLC has become the most 
widely used analytical tool in most laboratories of the world. The technique 
has received great attention for innovations leading to its overall develop- 
ment, regarding both consumables and equipment. HPLC separations are 
achieved using any of the five basic chromatographic modes: liquid-solid 
(adsorption), liquid-liquid (partition), bonded-phase (partition), ion exchange, 
and size exclusion chromatography. The selected mode depends on the na- 
ture and properties of the analyte. Bonded-phase chromatography, in which 
a stationary phase of organosilanes of varying carbon lengths is chemi- 
cally bonded to silanol groups, is the most commonly used mode of sepa- 
ration. In liquid-liquid chromatography, the solid Support (usually silica or 
kieselguhr) is mechanically coated with a film of high boiling point organic 
liquid, unlike bonded-phase chromatography where non-polar hydrocarbon 
chains are chemically bonded to hydroxyls of the silica support. Liquid-liquid 
chromatography, by virtue of its mechanism, is more susceptible to changes 
by interaction with mobile phase than bonded-phase chromatography. 


A typical HPLC operation includes pumping of mobile phase at 
moderately high pressure through a narrow-bore column containing adsorb- 
ent. The separation of the mixture takes place in the column and separated 
components are detected by employing a suitable detector. As the mobile 
phase is being pumped at high pressures, a system is required to inject the 
mixture into the system without dropping the pressure and disturbing the 
flow characteristics, i.e. rate and pressure. To accomplish these require- 
ments, an HPLC system requires a pump to push the mobile phase against 
high pressure, an injector to insert a solution of standard substance or test 
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mixture, a column to effect separation, a detector to reveal the presence of 
analyte in the eluate, and a suitable data processing unit. 


14.5.1 Pumps 


The pump is considered a heart of the HPLC system, as all 
depends on the composition of the mobile phase and its flow rate accuracy. 
The pump gives a pulse-free flow of mobile phase; the expected variations 
in flow rate are less than 1.0%. Online mixing of solvents is preferred to 
manual mixing. However, compositions containing less than 10% of a par- 
ticular solvent are better prepared by manual mixing. The composition of the 
mobile phase is either constant during the analysis (isocratic mode) or it is 
changed (gradient mode). The type and design of modern pumps allow low 
pressure mixing of up to four solvents; else, different pumps, one for each 
solvent, are required for gradient operation and the solvents are mixed at 
high pressure. A typical analytical procedure uses a flow rate of about 1 ml/ 
min and operating pressure between 1000 and 2000 psi. Higher flow rates 
generating higher pressure should always be used with justification, as they 
decrease column life besides requiring frequent servicing of the pump. 


The flow accuracy of the pumps is critical for analysis. The con- 
stancy of retention time of the last eluted peak is a measure of long-term 
flow accuracy of the pumps, whereas short-term flow accuracy is checked 
from the average peak areas of each component and their standard devia- 
tions. The mobile phase must be free of dissolved gases to ensure an accu- 
rate flow and to minimize noise due to bubbles. Vacuum filtration, sonication 
and helium gas purging are methods for degassing. 


14.5.2 Injector 


The injector allows a predetermined volume of test solution to 
be introduced into the flow channel of the system, without disturbing the 
flow kinetics. Typically, fixed volume injections are preferred over variable 
volume injections. When using fixed volume loops, it is advisable to flush 
higher volumes of the sample through the loop to ensure complete filling of 
the loop with the sample solution. The mobile phase close to the inner walls 
of the loop can only be assured to have pushed out after injecting volumes 
larger than the loop volume, e.g. injecting 20 ul test solution into a 20-ul 
loop cannot assure accurate injection; if the quantity of the test material 
is not a problem, flush the loop with over 100 ul test solution. Only the ap- 
propriate needle (compatible with the injection port) should be employed 
for the purpose of making an injection. It is important to select a syringe of 
appropriate size when giving variable injections; a thumb rule for any analyti- 
cal technique is not to use the volumetric apparatus if less than 20% of its 
total volume is being used. Thus, a syringe of 25 ul should not be used to 
measure or inject volumes less than 5 ul. 
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14.5.3 Columns 


Columns come in varied sizes, structural architecture and 
chemistry. The chromatographic material is usually packed in stainless steel 
casing. The material is composed of porous particles which vary in nature 
(inorganic ceramic, organic polymer, or hybrid), shape (irregular or spheri- 
cal), size (ranging from 2 to 20 um; normally around 5 um) and surface 
modifications (silanes of different carbon lengths, aminopropyl, diol, cyano, 
sulphonic acid and ammonium ions). The choice of column is based on the 
type of analysis. Comprehensive information is available on the websites of 
the leading manufacturers of HPLC columns, which serves as good guides 
in choosing columns for analysis. Most analyses are reported on reverse 
phase columns, usually Cig, with increasing emphasis on reducing the col- 
umn length, diameter and analysis time. Most HPLC separations are suc- 
cessful on columns maintained at ambient temperature, but thermostatted 
column maintained to +0.2° C is necessary for reproducible results. This is 
because all mechanisms of separation are temperature-dependent and any 
shift in temperature has remarkable bearings on the result. 


14.5.4 Detectors 


A wide variety of detectors is available to cater to diverse needs 
of the analysts. Ultraviolet detectors of fixed wavelength, dual wavelength or 
variable wavelength (photodiode array detector) are most frequently used. 
Other options are refractive index detector, fluorescent detector, electro- 
chemical detector, evaporative light scattering detector and chemilumines- 
cence detector. 


14.5.5 Data Processing 


The electrical response from the detector is digitalized and fed 
to a data processing module, which in present days is invariably a computer, 
and computations are made using special software. Several software pro- 
grams are available for data processing, from both manufacturers and third 
parties. Besides computing the data, they also control the entire operation 
of the machine. 


14.5.6 Factors Affecting HPLC Analysis 


Numerous variables affect an HPLC analysis. This topic is be- 
yond the scope of this paper, but some critical variables are discussed briefly. 
Increased emphasis is now paid to control the temperature of the column 
within a narrow range to ensure precision of the result. This is desirable, as 
factors such as solubility, solute diffusion, viscosity of the mobile phase, and 
column plate number all are affected by temperature. Mobile phase compo- 
sition is another vital parameter that affects the resolution, retention time 
and peak area. Pumps contribute the most towards variations of results, as 
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precise composition of mobile phase and flow rate can only be assured by ac- 
curate pumps. Gases dissolved in the mobile phase are a source of flow-rate 
inaccuracies and errors in detector response. 


Retention time variations are often discussed to know the toler- 
able limits. The retention time is affected by flow rate, column temperature, mo- 
bile phase composition and integration. An error in flow rate leads to changes in 
the retention time to the same extent. Small variations in column temperature 
have more significant effects on retention time. Ideally, a column is thermostat- 
ted to +0.2° C. However, a high precision of 0.1% in retention time requires the 
column to be thermostatted to +0.04° C. Changes in mobile phase composition 
leave a stronger impact on the retention time. It is estimated that in a typical 
isocratic elution, a variation of +1% in mobile phase composition occurs, which 
introduces an error of 0.4%-0.7% in retention times. The observed variations in 
composition of the mobile phase are more in the gradient elution. Recording 
devices also introduce variations in the retention time through faulty recording, 
but the effect is much smaller (in the range of 0.1% to 0.04%). 


Peak area is affected by all the factors that affect retention 
time. Additionally, the recorder response in marking the start and end of the 
peak is crucial; this has been seen to be the main source of error in record- 
ing peak areas. 


Several more factors, like injection volume, connecting tubing, 
end fittings and detector volume, also have bearings on the final results. 
Large injection volume and quantity of analyte result in broadening of the 
peak. Preparing the sample in the mobile phase produces the best result 
and should be taken as the first choice. 


14.5.7 HPLC in Quality Control of Plant Products 


HPLC is the most popular technique among all the analytical 
techniques used today. It is therefore understandable that most happenings 
are taking place in the modernization of this technique. As discussed in the 
section on TLC, HPLC can be used for similar purposes. There are two ap- 
plications of HPLC: one to generate the profile, for which TLC is preferred, 
and one to estimate the quantity of markers, where HPLC is preferred. The 
initial steps of sample preparation are similar to those for TLC with the ex- 
ception that the samples for HPLC are filtered through a filter of 0.45 um 
or less. Furthermore, it is assured that the test sample does not contain 
substances which are permanently retained on the HPLC column, which 
means in most cases purification procedures are applied to extracts before 
injecting them onto the column. 


After the sample has been prepared, it is injected onto the 


column and the response is recorded preferably using a variable wavelength 
ultraviolet detector. As the nature of all the compounds of the extract cannot 
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be known beforehand, the photodiode array detector is useful, especially 
when constructing profiles of plant extracts. The fingerprint profile of plant 
extracts can be used for identification purposes and also for obtaining semi- 
quantitative information if the sample preparation was not done for quantita- 
tive analysis. Similarly, the profile can be generated for the finished product 
and used to record batch to batch variations. The fingerprint profile can be 
used to study changes in the composition of the finished product or, in other 
terms, to indicate the stability of the product. 


The most important use of HPLC is in estimation of markers in 
plant drugs. The steps in HPLC analysis are fundamentally the same as used 
for any other analytical technique. The response of the test sample is com- 
pared to that of a known quantity of the marker to quantify the marker in the 
test substance. The HPLC method is developed from knowledge of the tech- 
nique and chemistry of the marker. In chemical analysis, HPLC has no parallel 
and can be customized to produce the most precise and accurate results. The 
HPLC analysis is vital in the analysis of a finished product and the expected 
results are superior to those from TLC, as the separations in HPLC are better. 
However, run time of HPLC analyses usually varies from 15 to 30 min, which 
restricts its use if large numbers of samples are to be analyzed. 


14.6 TLC versus HPLC 


TLC has emerged as a major tool in standardization of plant 
materials. The advancement and automation of the technique has made it a 
first choice for plant drugs. Its use has become more popular in developing 
countries where advancements of HPLC are not cost efficient. TLC offers 
several advantages over HPLC. Sample and mobile phase preparation do 
not require elaborated steps of purification, degassing, and filtration, which 
are essential to protect expensive columns from deterioration. Several sam- 
ples (up to 18) can be accommodated on a single 20 x 20 cm? plate. The 
test samples and standards are analyzed simultaneously under the same 
conditions. Several analysts can work simultaneously as each step in analy- 
sis is carried out independently using separate equipment. The choice of 
solvent systems is unlimited, unlike for HPLC where column chemistry disal- 
lows the use of extremes of pH in mobile phase. The technique allows enor- 
mous flexibility of derivatization with chromogenic spray reagents, making 
possible the detection of an analyte that is transparent to ultraviolet light. 
It also allows multiple evaluations of the developed chromatogram, which 
is not possible in HPLC. There is no leftover from the previous analysis to 
interfere in the next, as each time a fresh plate is employed. Lastly, it saves 
tremendously on the time and cost of the analysis. 


TLC offers many advantages but also has some disadvantag- 


es. It fails to match the sensitivity of HPLC and has not kept with the pace 
of developments and advancements happening in the area of HPLC. TLC is 
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an open system and hastens the degradation of compounds sensitive to 
light and air, which in the case of HPLC pass through an enclosed environ- 
ment. Detection of the analyte in HPLC occurs in solution, permitting high 
sensitivity, whereas in TLC the solid phase interaction makes detection less 
sensitive. Finally, recent advances and efficient flow kinetics of HPLC allow 
more complex separations than TLC. 


14.7 Conclusions 


Both TLC and HPLC are vital in the analysis and quality control 
of plant material and the extracted products. Each of these techniques has 
its own limitations and advantages. TLC is fast, adaptable and economical, 
whereas HPLC is more precise and accurate. Based on the preferences and 
demand of the situation, one can opt to use one or the other for quality as- 
surance of plant products. 
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On the Horizon 


Laboratory testing is an essential component of effec- 
tive patient care. The results obtained from labora- 
tory testing provide valuable information that assists 
physicians and other primary health providers with 
the diagnosis and monitoring of disease. 


Relevance for the Medical Assistant 
(Health-Care Provider) 


Medical assistants and other health-care support 
personnel are frequently involved in the collection of 
samples for laboratory testing. In many settings, 


It is the first week of your student practicum at Maple Grove 
Clinic. You have been assigned to work for Dr. Pueblo 
under the direction of your clinical instructor, Doris. The sec- 
ond patient of the day is Mr. Hershey. You observe Doris 
interact with Mr. Hershey and perform the preliminary ap- 
propriate tasks associated with Mr. Hershey’s appointment. 
After examining the patient, Dr. Pueblo emerges and in- 
forms Doris that he will be ordering laboratory tests. Doris 
takes this opportunity to introduce you to the laboratory. 


Questions for Consideration: 


¢ Compare and contrast the three phases of laboratory 
testing: preanalytical, analytical, and postanalytical. 





these individuals perform select laboratory tests 
that are typically considered basic and uncompli- 
cated. Laboratorians who have completed exten- 
sive education and training are able to perform 
complex laboratory testing. Medical assistants and 
other health-care support personnel may be respon- 
sible for the collection of samples and, in many 
cases, performance of the tasks associated with 
the processing and transport of samples to the lab- 
oratory for complex testing. On occasion, these 
individuals may have the opportunity to examine 
laboratory test results as part of their encounters 
with patients. 





© Government regulations allow medical assistants and 
other health-care support staff to perform what cate- 
gory of laboratory tests? 

e What is the purpose of practicing universal precau- 
tions when dealing with laboratory specimens? 

¢ True or False. Laboratory test results can be reported 
only if the quality control samples are tested and found 
to be in range. 

e What is the name of the federal act that regulates 
laboratory-testing personnel? 
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Chapter 1: The Clinical Laboratory provides the reader with basic definitions of 
terms such as laboratory test and normal range; identification of the areas of a typ- 
ical laboratory; and an introduction to preanalytical, analytical, and postanalytical 
testing. A discussion of the importance of the laboratory and role of the medical as- 
sistant and other health-care support personnel as they relate to laboratory testing 
is presented. The difference between the regulations governing clinical laboratories 
and laboratories housed in a physician office is introduced in terms of the testing 
that can be performed in each setting. 





Chapter 2: Regulations Governing Laboratory Personnel identifies the individuals 
who perform testing in clinical laboratories, including the Medical Laboratory 
Technician (MILT) and the Medical Laboratory Scientist (MLS), along with the range 
of tasks that each level of practitioner can perform. A detailed description and jus- 
tification for the role that medical assistants and other health-care support personnel 
may assume in the laboratory under federal regulations, specifically in a physician 
office setting, is presented. 





Chapter 3: Laboratory Safety and Preventing the Spread of Disease covers associ- 
ated key concepts and documentation procedures, including those for Material 
Safety Data Sheets (MSDS); the handling of fire and chemical spills; and biological 
and electrical considerations. Personal protective equipment (PPE) and hand- 
washing concepts are addressed. This chapter contains sections dedicated to blood- 
borne pathogen standards, universal precautions, handling of needles and sharps, 
and preventing the spread of disease. 





Chapter 4: Assuring Quality covers the essential aspects and importance of quality 
assurance and quality control. The performance and documentation of quality con- 
trol procedures, as well as the recognition and resolution of quality control results 
that are not in range, are detailed. The concepts, considerations, and reasoning 
behind proficiency/competency testing are explored. 





Chapter 5: Legal and Ethical Issues explores a number of legal and ethical issues as- 
sociated with laboratory testing. Topics include the Clinical Laboratory Improvement 
Act of 1988 (CLIA ‘88), fraud and abuse, informed consent, “the right to know,” 
and the Health Insurance Portability and Accountability Act (HIPAA). 
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4 Section! Overview of the Laboratory 


Chapter 6: Laboratory Equipment introduces the reader to key pieces of equipment 
used in a typical physician office laboratory, including centrifuges, microscopes, 
and point-of-care instruments. A brief overview of the principles behind these and 
other key hematology and chemistry analyzers are introduced and described. 
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Chapter 1 








The Clinical Laboratory 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 





CHAPTER OUTLINE 


The Clinical Laboratory 
Physician Office Laboratories (POLs) 
Hospital Laboratories 
Reference Laboratories 
Laboratory Departments 
Why Is Laboratory Testing Performed? 
The Role of the Medical Assistant in the Clinical 
Laboratory 
Information Flow in the Clinical Laboratory 
Laboratory Requisitions 
Advance Beneficiary Notice of Noncoverage 


Learning Outcomes 


Laboratory Directory 
Laboratory Reports 


Three Phases of Laboratory Testing 
Summary 

Time to Review 

Case Study 

Resources and Suggested Readings 


After reading this chapter, the successful student will be able to: 





1-1 Define the key terms for this chapter. 


1-2 Describe the different types of laboratories pre- 
sented in the text and the common tests available 
in each. 

1-3 Identify the different departments in a hospital 
or reference laboratory and list some of the tests 
performed in these departments. 

1-4 Provide several reasons that laboratory testing 
might be performed. 

1-5 Explain the roles a medical assistant might play 
in a laboratory setting. 

1-6 — List and justify the various pieces of information 
that must be included on a laboratory requisition. 

1-7 Explain the concept of Advance Beneficiary No- 


tice of Noncoverage (ABN) and how it affects 
laboratory reimbursement. 


Explain the purpose of a laboratory directory, as 
well as how a laboratory directory may be used 
when preparing to collect a specimen. 


Compare and contrast the function of a labora- 
tory requisition and a laboratory report. 


Identify the different phases of laboratory test- 
ing, and explain the flow of the laboratory testing 
process. 

Provide examples of preanalytical, analytical, and 
postanalytical procedures and how they affect the 
quality of laboratory testing. 
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CAAHEP/ABHES STANDARDS 





CAAHEP 2008 Standards 


I.A.2: Distinguish between normal and abnormal test 
results 


b= J ABHES Standards 


e None 





KEY TERMS 
Advance Beneficiary Notice of ICD-9 code Point-of-care testing (POCT) 
Noncoverage (ABN) Laboratory Profiles 
Ambulatory Laboratory directory Quality control (QC) 
Asymptomatic Laboratory report Reference laboratories 
CLIA-waived Laboratory requisition Reference ranges 
Complexity Normal ranges Serum 
CPT code Panels Specimens 
Efficacy Physician office laboratories (POLs) STAT 


Hospital laboratories Plasma 


he clinical laboratory plays a vital role in patient 

care. Diagnostic puzzles are solved each day by us- 
ing results obtained from testing procedures performed 
on blood, tissue, and other body fluids. Quality patient 
care depends on excellent laboratory practices, so it is 
important to build a solid understanding of the structure 
and function of the clinical laboratory before performing 
testing procedures. This chapter explains the reasons that 
laboratory testing may be ordered and identifies the 
types of laboratories where testing is performed. The role 
of the medical assistant in the clinical laboratory as well 
as the roles played by other laboratory personnel are also 
introduced. To expand understanding of how the clini- 
cal laboratory operates, the flow of information in the 
laboratory setting is also explained. 


THE CLINICAL LABORATORY 





A clinical laboratory is any place where specimens from 
the human body may be collected, processed, examined, 
or analyzed. With this broad definition in mind, then, a 
laboratory might be someone’s home, a long-term care 
facility, the office of a health-care provider, a free clinic, 
a hospital, a small facility used strictly for specimen col- 
lection and processing, or a large and complex reference 


laboratory. As of January 2010, the Centers for Medicare 
& Medicaid Services identified more than 216,000 clin- 
ical laboratories in the United States.! To simplify our 
discussion of the various types of laboratories, we will 
classify them into three basic groups as described below 


(Table 1-1). 


Physician Office Laboratories 


Physician office laboratories (POLs) are clinical laborato- 
ries within physician offices where laboratory testing is 
carried out on specimens obtained from the practices’ own 
patients. More than half of all the laboratories in the United 
States are POLs. This type of laboratory can be advanta- 
geous because the results for tests performed on site are 
available quickly and patient treatment can begin immedi- 
ately if necessary. Testing and specimen collection in these 
office laboratories may be accomplished by various mem- 
bers of the health-care team, such as medical assistants, 


!Data From CLIA Update—January 2010 
Division of Laboratory Services 

Centers for Medicare & Medicaid Services 
Laboratories by Type of Facility 
https://www.cms.gov/CLIA/downloads/factype.pdf 
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TABLE 1-1 


Types of Laboratories and Sample of Testing 
Performed 


Type of Laboratory Testing Performed 


CLIA-waived tests 

Moderate complexity testing 
(with appropriate training, 
staffing, and supervision) 

Microscopic examinations 
(performed by health-care 
provider or qualified staff) 


CLIA-waived tests 

CLIA moderate- and 
high-complexity tests (based 
on the needs of the patients 
served in the facility) 

Point-of-care testing 

Microscopic examinations 


CLIA-waived tests 

Moderate- and high-complexity 
tests 

Microscopic examinations 


Physician office 
laboratory 





Hospital laboratory 





Reference laboratory 











clinical or medical laboratory technicians who have been 
trained in laboratory testing, or phlebotomists who are 
trained to draw blood and perform some simple laboratory 
procedures. These ambulatory (outpatient) laboratories 
generally perform low complexity tests that are designated 
as Clinical Laboratory Improvement Amendment—waived 
(CLIA-waived) tests by the U.S. Food and Drug Adminis- 
tration (FDA). CLIA-waived tests are laboratory examina- 
tions and procedures that use simple and accurate methods 
requiring very little interpretation to report correct results. 
These tests may include the following: 


Rapid microbiology testing for the presence of group 
A Streptococcus and influenza 

Urine analysis 

Pregnancy testing 

Tests such as those for mononucleosis, Helicobacter 
pylori, and HIV 

Coagulation testing to monitor patients who are 
taking anticoagulants 

Glucose levels and other tests used to monitor diabetic 
patients 

Fecal occult blood tests for the presence of blood in 
the stool 

Cholesterol testing 


Physician office laboratories may also provide testing 
that is more complex if staff members are properly 
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trained to perform such procedures. More details about 
the Clinical Laboratory Improvement Amendment and 
the classification of laboratory tests are provided in 
Chapter 2. 


Hospital Laboratories 


Hospital laboratories generally offer laboratory test- 
ing that meets the needs of their respective institution. 
For instance, if a hospital specializes in a certain type 
of surgical procedure or treatment, the hospital labora- 
tory will offer extensive testing in that specialty area, 
in addition to the standard tests required to monitor 
the health of the other patients in the hospital. In most 
situations, hospital laboratories perform high volumes 
of routine test procedures. Hospital laboratories may 
also serve as a reference laboratory for the local com- 
munity, especially for STAT testing needs. (STAT tests 
are those that require immediate results.) Tests 
performed at a hospital laboratory may include the 
following: 


¢ Electrolytes 

¢ Kidney function tests 

e Liver function analysis 

Blood typing and crossmatches for transfusions 
Identification of microorganisms and antibiotic 
sensitivity testing 

Urine analysis 

Coagulation testing 

Cardiac enzyme assays 

Complete blood counts (CBCs) and other hematology 
testing 


Hospital laboratories may also offer another method 
for testing samples, called point-of-care testing 
(POCT). Point-of-care tests are actually performed at 
the patient’s bedside rather than in the laboratory, using 
a portable instrument that gives immediate results. 
These tests may be performed by laboratory personnel 
or in some situations by other hospital employees 
who have been trained to perform the testing. 


Reference Laboratories 


Reference laboratories perform more tests annually 
than either POLs or the hospital laboratories, processing 
perhaps thousands of specimens per day. These tests in- 
clude those that are performed at hospital laboratories, 
but reference laboratories may offer specialized testing 
that is not performed at either hospital laboratories or 
POLs. Specimens may be sent to a reference laboratory 
from all over the country. 
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Test Your Knowledge 1-1 


Which type of laboratory offers the widest variety of 
tests? (Outcome 1-2) 





LABORATORY DEPARTMENTS 





Testing in hospital and reference laboratories is usually de- 
partmentalized for efficiency, as presented in Table 1-2. 
This allows all testing that uses similar instrumentation or 
methods to be performed in the same area of the labora- 
tory. These departments may include the following: 


e Specimen Processing: The area of the laboratory 
where all incoming specimens are sorted, accessioned 
into the computer system of the laboratory, and 
appropriately labeled for transport to their respective 


departments for testing. The specimen processing de- 
partment may also prepare specimens for transport to 
reference laboratories. 

Hematology: Whole blood testing, which focuses 
on the formed elements (the blood cells) in the blood. 
Coagulation testing is also performed in this 
department. 

Clinical Chemistry: Testing performed on plasma or 
serum (the liquid portion of the blood) and includes 
analysis of the substances dissolved in the blood- 
stream. Most testing is automated, and many of the 
tests are performed as panels or groups of tests. 
Serology/Immunohematology: Testing that focuses 
primarily on the presence of antigens or antibodies 
on cells or in the liquid portion of the blood. Blood 
typing and antibody screens and crossmatches for 
transfusions may also be performed in this department. 


TABLE 1-2 


Summary of Laboratory Departments, Common Tests Performed, and Specimen Types 





Coagulation studies 


Platelet counts 


Erythrocyte sedimentation rate 
Differential white blood cell count 


Laboratory Department Common Tests Performed Specimen Types 
Specimen Processing Incoming specimens sorted All types 
Specimens accessioned into computer system 
Specimens labeled and prepared for testing in separate 
department 
Hematology Complete blood count Whole blood 


Hemoglobin and hematocrit measurements 





Electrolytes 

Glucose 

Blood urea nitrogen 
Creatinine 

Thyroid testing 

Cardiac enzyme testing 


Clinical Chemistry 


Cholesterol/lipid testing 


Comprehensive metabolic panel 


Many automated chemistry tests and panels 


Serum, plasma, 
urine, cerebrospinal 
fluid, amniotic fluid 





Serology and 
Immunohematology RPR 
Mononucleosis testing 
HIV tests 


Chlamydia testing 
Antistreptolysin O test 
Pregnancy testing 
C-reactive protein 
ABO/Rh blood typing 


Newborn testing 
Prenatal testing 





Various tests looking for antigens and/or antibodies such as: 


Antibody screens and crossmatches for transfusions 


Serum, plasma, 


whole blood 
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TABLE 1-2-cont’d 


Summary of Laboratory Departments, Common Tests Performed, and Specimen Types 





Laboratory Department Common Tests Performed Specimen Types 
Urinalysis Physical appearance of urine Urine 

Urine chemical analysis 

Microscopic urine analysis 
Microbiology/Parasitology Identification of pathogenic microorganisms Blood, urine, wound 


Streptococcal screens 
Antibiotic sensitivity testing 


specimens, tissue, 
stool, cerebrospinal 
fluid, sputum, ure- 
thral and vaginal 
discharge, nails, 
skin scrapings 














Cytology Examination of various specimens for abnormal cells Urine, skin, tissue 
Chromosomal studies specimens, sputum 
Pap smears 

Coagulation Testing for presence or absence of adequate clotting factors Whole blood 

Histology/Pathology Examination for abnormal form and structure in tissues Tissue/organs, 


biopsy specimens 
from various parts 
of the body, pre- 
served and fresh 
specimens examined 








Urinalysis: The physical appearance of urine is assessed, 
and urine chemical and microscopic analysis is per- 
formed. 

Microbiology/Parasitology: Identification of patho- 


body are essential for the health-care provider to gain 
information that is not available through the patient 
history or physical examination. Health-care providers 
generally order laboratory tests for at least one of these 
reasons: 


genic microorganisms and antibiotic sensitivity testing. 

¢ Cytology: Examination of various specimens for ab- 
normal cells, chromosomal studies, Pap smears. 

¢ Coagulation: Specimens testing for the presence of 
various clotting factors. 

¢ Histology/Pathology: Tissue samples examined for 
abnormal function and form. 





Test Your Knowledge 1-2 

Which laboratory department would perform a test to 
see if someone had a pathogenic microorganism in a 
wound? (Outcome 1-3) 





WHY IS LABORATORY TESTING 
PERFORMED? 





Laboratory testing is critical for appropriate patient 
treatment. The results obtained from a blood test or 
evaluation of other types of specimens from the human 


1. To assign a diagnosis. Laboratory testing may be used 


to help with a differential diagnosis when the pa- 
tient’s symptoms are vague or similar to those of 
other disease states. Diagnostic testing can also con- 
firm a clinical diagnosis (such as diabetes or a my- 
ocardial infarction) when that confirmation could 
lead to more effective treatment for the patient. 
Microbiological testing may also fall into this cate- 
gory, as the identification of the bacteria and/or virus 
involved in the infection will be essential to establish 
an appropriate plan of action. 


. Prevention or early detection of disease through screen- 


ing tests. Many chronic health conditions are asymp- 
tomatic in the early disease stages. If these conditions 
are identified with routine screening tests (such as 
cholesterol measurements and routine prostate cancer 
screening) early in the disease process, treatment may 
be much more effective in keeping the patient 
healthy. These screening tests are being ordered with 
more frequency in the general population as more 
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information becomes available about the advantages 
of early diagnosis and treatment. 

3. Ongoing assessment of the patients progress and treat- 
ment. Once a diagnosis has been established and treat- 
ment has begun, it is very important that the patient 
is monitored closely. This often requires frequent 
blood tests to determine therapeutic drug levels, 
hepatic profiles when a particular medication may 
cause liver damage, or hemoglobin tests to see how 
effective the treatment might be for someone who is 
anemic. Patients may need to have their blood drawn 
daily, monthly, or quarterly. The frequency is depen- 
dent on the pathological condition. It may be neces- 
sary to use specimens other than blood to monitor the 
treatment for a patient. Sometimes repeat cultures are 
also necessary to verify the efficacy (effectiveness) of 
the antibiotic used to fight an infection. 





Test Your Knowledge 1-3 


When a pregnant young woman sees her nurse-midwife 
for a routine checkup, the practitioner requests a test to 
see if the patient is developing diabetes during the preg- 
nancy. Why is the test being performed? 

a. To assign a diagnosis 

b. To screen for prevention or early disease detection 

c. To assess the ongoing status of treatment 

d. None of the above (Outcome 1-4) 











THE ROLE OF THE MEDICAL ASSISTANT IN 
THE CLINICAL LABORATORY 





A medical assistant can contribute in the clinical labora- 
tory in various ways. The comprehensive training 
received by medical assistants allows them to perform 
clinical duties with direct patient contact, as well as 
offering employment opportunities in an administrative 
capacity. A clinical medical assistant working in a physi- 
cian office laboratory may be called on to perform phle- 
botomy or supervise urine drug screen collections for 
routine employment purposes, educate patients concern- 
ing collection protocols, collect and process microbiol- 
ogy specimens, and perform various test procedures. 
Medical assistants performing clinical duties may also be 
asked to prepare microscopic specimens for examination, 
and focus the microscope for providers to evaluate the 
specimen. In addition, the medical assistant with appro- 
priate training may also perform microscopic examina- 
tions such as white blood cell differential counts and 
urine microscopy examinations. 


A clinical medical assistant working in a hospital or 
reference laboratory may function as a phlebotomist or 
may work as a laboratory assistant. A laboratory assistant 
may be responsible for setting up microbiology cultures, 
answering phones and responding to requests for labora- 
tory results, assisting with bone marrow aspiration or 
other collection procedures, processing specimens and 
delivering them to the various laboratory departments, 
performing CLIA-waived or moderate-complexity tests 
available in that laboratory setting, or assisting with 
preparation of tissue and cellular samples for examina- 
tion. Medical assistants may also perform point-of care 
testing and assist with quality assurance in the laboratory. 

An administrative medical assistant in a laboratory set- 
ting might help with inventory and ordering of supplies, 
data input, answering telephone calls, scheduling, billing 
and coding, production and transmission of laboratory 
reports, creation of other laboratory forms, and various 
nonclinical patient interactions. These duties are neces- 
sary in every laboratory, regardless of size or location. 





( Test Your Knowledge 1-4 


True or False: A medical assistant can work only in an 
administrative capacity in a hospital or reference 


laboratory. (Outcome 1-4) 
—S SS E~=—_———_—L___AD=[_—_ 





( Test Your Knowledge 1-5 


Are medical assistants able to perform laboratory 
testing? (Outcome 1-5) 


S y 











INFORMATION FLOW IN THE CLINICAL 
LABORATORY 





In addition to understanding the organization of the clini- 
cal laboratory setting and identifying the reason laboratory 
testing might be performed, it is important to know how 
information is exchanged within the laboratory. To ensure 
that laboratory test results are as meaningful as possible to 
the health-care provider, all those involved with specimen 
collection, processing, and testing must use the required 
paperwork and database correctly. This information ex- 
change will involve a laboratory requisition, a laboratory 
directory, a computer database, and a laboratory report. 


Laboratory Requisitions 


A laboratory requisition (Fig. 1-1) is the form used by a 
physician (or other qualified health-care professional) to 
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Patient (Last, First, Ml) 


L_ |__| 774911 
Sex Date of Birth (required) 


«CB LABORATORY, (8°. 1. cremate (beers 


Patient Num 

















CLIENT ACCOUNT NO. 
TI0383'8 





Shore Physicians 
13 Waterview Dr. 
Seattle, WA 98103 
OCALL RESULTS TO: 425-377-8571 
CFAX RESULTSTO: 425-792-1608 INSURANCE INFO (PLEASE ATTACH COPY OF CARD, W/GROUP # & ADDRESS) 













































































ORDERING PRACTITIONER - FULL NAME(S) REQUIRED 
DRS NAME (Last, First, Ml): 
ADDL. COPY TO: 

ADDRESS: 














PATIENT RELATIONSHIP TO SUBSCRIBER: [] SPOUSE CI CHILD [1 OTHER 





PHONE: : TESTS HIGHLIGHTED IN RED OR MARKED 
WITH A A MAY REQUIRE 
ADDITIONAL TESTS/COMMENTS - DIAGNOSIS CODES REQUIRED FOR EACH TEST ORDERED A SIGNED ADVANCE BENEFICIARY 
Collection Code: B=LIGHT BLUE FS=FROZENSERUM L=LAVENDER R=RED TOP (PLAIN) MOTUS (END) lie ELUM INS MSC Arle, 


ADDITIONAL LCD TESTS NOT LISTED MAY 
S=SERUM (GOLD TOP ORTIGERTOP)  U=URINE REQUIRE AN ABN. 


Specimen Information 
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Other Tests 


Only tests or Medicare Approved Panels that are medically necessary for the diagnosis or treatment of a Medicare or Medicaid patient will be reimbursed. 
Screening tests will not be reimbursed and should not be submitted for payment. The OIG states that a physician who orders medically unnecessary tests for which 
Medicare or Medicaid reimbursement is claimed may be subject to civil penalties under the False Claims Act. 
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Figure 1-1 Sample laboratory requisition. Current Procedural Terminology © 2011 American Medical Association, All 
Rights Reserved. 
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document the tests that are to be performed for a pa- 
tient. The form is filled out by the health-care provider 
who orders the test or by the provider's office staff. This 
requisition must be complete with various data linking 
the patient to the tests ordered, and must provide billing 
information for that patient. The laboratory staff will use 
this requisition to enter the orders into their database for 
the patient, and the form is often used for reimburse- 
ment procedures as well. Although all laboratories may 
use unique formats, standardized information should be 
present on all requisitions for testing and reimbursement 
purposes: 


e Patient demographic information, including name, 
address, phone number, and birth date. 

e Patient gender. 

¢ Complete patient insurance and billing information. 

e Date and time of collection, and identification of the 
person who performed the collection. 

¢ Documentation of how the results are to be relayed to 
the health-care provider who ordered the tests, and 
documentation of any other practitioner who is to 
receive a copy of the results. 

e Appropriate diagnostic information in the form of an 
ICD-9 code to allow for reimbursement for the test 
ordered. An ICD-9 code is the numeric indicator for 
the diagnosis or symptom associated with the labora- 
tory test ordered. 

e Test selection, clearly marked with a check, circle, or X 

in the appropriate area on the requisition. Tests may 

also be written in if they are not preprinted on the 
requisition used. 

Any additional comments that may assist with the or- 

dering or interpretation of the test. 





Test Your Knowledge 1-6 

Why is it important to have the name of the ordering 
physician/practitioner on a requisition when ordering 
laboratory testing? (Outcome 1-6) 





Laboratory tests may be ordered as panels or profiles, 
which consist of a group of tests that are designed to in- 
dicate a problem with a specific organ system or disease 
process. Tests may also be ordered individually, or the 
requisition may contain orders for a combination of 
both. Often the requisitions are organized according to 
the general types of tests, such as hematology, serology, 
or chemistry. On the requisition, each test will have a 
five-digit procedure code (known as a CPT code), which 
is necessary for reimbursement purposes. There may also 
be a code or symbol included on the requisition, indicat- 
ing the type of tube or specimen container that is neces- 
sary for that specific test. This information is valuable as 
a quick reference for the phlebotomist when collecting 
the specimen. 

Most requisitions also include some sort of label that 
can be peeled off and applied to the specimen container. 
This label may have numbers, bar-code symbols, or both. 
These labels link the patient information provided on 
the requisition with that specific sample once it has been 
entered into the database for the laboratory. 


Advance Beneficiary Notice of 
Noncoverage 


An Advance Beneficiary Notice of Noncoverage 
(ABN) is a document that may be necessary to receive 


Procedure 1-1: Completing a Laboratory Requisition 





TASK 


Correctly fill out a laboratory requisition, including all 
necessary information for reimbursement. Include an 


ABN if necessary. 


CAAHEP/ABHES Standards 


None 





CONDITIONS 


¢ Laboratory requisition 

¢ Patient demographic information 

¢ Patient insurance information 

¢ Laboratory order from qualified health-care professional 
¢ ICD-9 code for diagnosis or symptoms 

e Advance Beneficiary Notice of Noncoverage 
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10. 


Procedure 


. Greet and identify patient using at least two 


unique identifiers. 


. Verify test ordered. 


Fill in the requisition with the patient’s demographic 
information by printing it clearly, or by using a data 
entry program if available at your location. 


Ask patient for an insurance card if he or she is 
insured. 


. Copy both sides of the insurance card, and add the 


information to the requisition in the appropriate 
site. 


Establish the relationship of the patient to the 
insured. Document that on the requisition. 


If the patient has a medication level ordered (such 
as digoxin), ask when the patient took the last 
dose. Use the laboratory directory if necessary to 
verify whether it is the correct time to draw the 
specimen. Note the time of the last dose on the 
requisition. 


If the patient has Medicare Part B as his or her pri- 
mary insurance coverage, verify whether an Advance 
Beneficiary Notice of Noncoverage is necessary. This 
must be completed and signed before the specimen 
collection begins. 


Clarify which physician ordered the test and doc- 
ument that on the requisition. If additional copies 
are to be sent to other health-care providers, add 
this information to the requisition as well. 


Document whether the test was ordered as STAT 
or routine. 


Rationale 


All patients must be identified properly before collect- 
ing samples or performing laboratory testing. 


All laboratory test orders should be verified by check- 
ing the chart and/or requisition more than once. 


The patient's demographic information (including age 
and gender) is used for reimbursement as well as 
establishing reference ranges for the tests ordered. 


The insurance card should be used for the information 
added to the requisition; do not rely on information 
that the patient provides from memory. 


Be sure to include the insurance identification number 
as well as the group number for appropriate reim- 
bursement. The back of the card is important to 
copy, as it provides the insurance company’s contact 
information in case of claim questions. 


Sometimes the patient is not listed on the insurance card; 
it may be a spouse or a child or other dependent. 


Some medication levels are clinically significant only 
when drawn at a specific interval after the last dose. 


The laboratory may have a database established in which 
the employee can type in the name of the test ordered 
and the diagnosis code provided, and the software will 
be able to determine whether an ABN is necessary. If 
there is no automated system in place, the employee 
may need to use an alternative reference. Many labo- 
ratories provide their clients with a book of covered 
diagnosis codes for the tests with limited coverage. 


Many times the requisitions will be preprinted with the 
name of the physician office or practice group. It is 
still necessary to document which physician within 
the practice actually ordered the laboratory test to 
be performed. 


If the test was ordered as STAT, it needs to be drawn 
and processed immediately. It may be necessary to 
contact a laboratory courier to pick up the sample 
immediately, or to notify the technician that there is 
a STAT order. 





Continued 
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Procedure 1-1: Completing a Laboratory Requisition—cont’d 





Procedure 


11. Check the requisition for an ICD-9 code for each 
test to be performed. If a code is not present, con- 
tact the health-care provider or check the chart to 
obtain a code. 


12. Have the patient wait in a comfortable environ- 
ment until the sample can be collected. Place the 
requisition in an appropriate location to alert other 
staff members that a specimen collection is waiting. 





Rationale 


An ICD-9 code is necessary for every test for success- 
ful reimbursement. 


Sometimes the employee who fills out the requisition is 
not the same person who will collect the sample. 








reimbursement for laboratory services. It is specifically 
used for patients who have Medicare Part B as their 
primary insurance coverage. The purpose of an ABN is 
to inform Medicare-covered patients that payment 
may be denied for a specific laboratory test and that 
the patient will be billed for the full cost of that test if 
he or she chooses to have it performed. The ABN al- 
lows the patients to make an informed decision about 
whether they wish to have the tests performed, with 
the realization that they may be responsible for the 
total cost. 

The ABN must be verbally reviewed with the pa- 
tient, and any questions about potential reimburse- 
ment must be answered before it is signed, whether or 
not the patient wishes to have the laboratory work per- 
formed. This process must occur before the specimen 
is collected from the patient. The person collecting the 
specimen must ensure that the test ordered has been 
identified on the ABN form and that there is docu- 
mentation of the anticipated reason for noncoverage. 
Figure 1-1 shows an example of an ABN. The em- 
ployee filling out the form also must provide an esti- 
mated cost in writing so that the patient knows what 
the financial responsibility may be if he or she decides 
to have the laboratory test performed. The patient’s 
decision about having the test performed must be doc- 
umented on the form, along with the patient’s signa- 
ture and that day’s date. The patient must receive a 
copy of the form after it is signed, and a copy must 
also be kept on file with the laboratory. 

Medicare coverage for laboratory tests may be denied 
for various reasons, including frequency of testing, the 
diagnosis provided by the health-care provider for a spe- 
cific test, or because the test ordered is considered exper- 
imental. Whenever a patient with Medicare coverage has 


a specimen collected, the laboratory employee responsible 
for the specimen collection must verify whether the test 
ordered will be covered by Medicare for the reason that 
the test is ordered. The regulations affecting coverage are 
different for geographical regions across the country, and 
change frequently. Most laboratories now have a way to 
verify coverage by using a computer database, but it can 
be difficult to keep abreast of changes. It is unlawful to 
have every Medicare patient fill out an ABN “just in 
case”; it is the responsibility of those collecting the speci- 
men to make their best effort to verify coverage before an 
ABN is signed. 

The format for this Advance Beneficiary Notice of 
Noncoverage document is defined by the Centers for 
Medicare & Medicaid Services (CMS), and is updated 
periodically (CMS document number CMS-R-131). 
Medicare bases its decision for coverage on “medical 
necessity” rules, which define those tests that the 
agency deems medically necessary for specific health 
conditions, and how frequently these tests should be 
performed. It is important to remember that just be- 
cause Medicare has limited coverage on specific tests, 
the patient should never be told that the health-care 
provider gave a “bad code” or that the test was ordered 
for the “wrong reason.” 





Test Your Knowledge 1-7 


What is the purpose of an ABN? (Outcome 1-7) 





Laboratory Directory 


As discussed, laboratory requisitions often provide in- 
formation about what type of tube to use for a blood 
draw for a specific test by using a code or symbol, but 
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425-353-8778 


Patient’s Name: John Smith 





Identification Number: 23995500 





Apovance Benericiary Notice oF Noncoverace (ABN) 
NOTE: lf Medicare doesn’t pay for the Laboratory Test(s) Below you may have to pay. 


Medicare does not pay for everything, even some care that you or your health-care provider have good reason to think you 
need. We expect Medicare may not pay for the Laboratory Test(s) below. 


Laboratory Test(s): Reason Medicare May Not Pay: Estimated Cost: 
PROSTATIC SPECIFIC AG Denied as too frequent $50.10 
TSH Denied for your condition $41.34 


WHAT YOU NEEDTO DO NOW: 


¢ Read this notice, so you can make an informed decision about your care. 
e Ask us any questions that you may have after you finish reading. 
¢ Choose an option below about whether to receive the Laboratory Test(s) listed above. 
Note: If you choose Option 1 or 2, we may help you use any other insurance that 
you may have, but Medicare cannot require us to do this. 


OPTIONS: Check only one box. We cannot choose a box for you. 


1) OPTION 1. | want the Laboratory Test(s) listed above. You may ask to be paid now, but | also want Medicare billed 
for an official decision on payment, which is sent to me on a Medicare Summary Notice (MSN). | understand that if 
Medicare doesn’t pay, | am responsible for payment, but | can appeal to Medicare by following the directions on the 
MSN. If Medicare does pay, you will refund any payments | made to you, less co-pays or deductibles. 


1 OPTION 2. | want the Laboratory Test(s) listed above, but do not bill Medicare. You may ask to be paid now as | am 
responsible for payment. | cannot appeal if Medicare is not billed. 


1 OPTION 3. | do not want the Laboratory Test(s) listed above. | understand with this choice | am not responsible for 
payment, and I cannot appeal to see if Medicare would pay. 


Additional Information: 


This notice gives our opinion, not an official Medicare decision. If you have any other questions on this notice or 
Medicare Billing, call 1-800-MEDICARE (1-800-633-4227/TTY: 1-877-486-2048). 
Signing below means you have received and understand this notice. You also receive a copy. 


According to the Paperwork Reduction Act of 1995, no persons are required to respond to a collection of information unless 
it displays a valid OMB control number. The valid OMB control number for this information collection is 0938-0566. The time 
required to complete this information collection is estimated to average 7 minutes per response, including the time to review 
instructions, search existing data resources, gather the data needed, and complete and review the information collection. If 

you have comments concerning the accuracy of the time estimate or suggestions for improving this form, please write to: 


CMS, 7500 Security Boulevard, Attn: PRA reports Clearance Officer, Baltimore, Maryland 21244-1850. 


Form CMS-R-131 (03/08) 





Form Approved OMB No. 0938-0566 


HNL-18 (03/09) WHITE: LAB COPY CANARY: PATIENT COPY ADVANCE BENEFICIARY NOTICE (ABN) 


Figure 1-2 Example of an Advance Beneficiary Notice of Noncoverage (ABN). 


the information provided on the requisition is limited 
at best. The requisition does not include information 
about how to process and store the specimen, or what 
the minimum volume may be for the test ordered. It 
also does not include information about how often 


the laboratory performs that specific analysis if 
the physician needs to know this information. This 
additional information about specimen collection 
and handling may be found in a laboratory directory 


(Fig. 1-3). 





1899_Ch01_001-024 23/12/11 12:51 PM Page 16 


16 Section! Overview of the Laboratory 





ww rn OF INTEREST 1-1 
Advance beneficiary notice 
of noncoverage 


If a laboratory accepts Medicare assignment, it is not 
legal to bill Medicare beneficiaries for laboratory tests 
that are covered by Medicare Part B. However, 
Medicare does not cover all laboratory tests, so there 
are many situations in which the health-care 
providers may order tests that are not covered by 
Medicare but that provide valuable information for 
patient treatment. The only way that the laboratory 
can be reimbursed for these tests is to have the patient 
complete a valid Advance Beneficiary Notice of Non- 
coverage, also known as an ABN. This form must be 
completed and signed prior to the specimen collec- 
tion. The ABN form informs the Medicare benefici- 
ary of the test that has been ordered, and specifies the 
reason that Medicare may not pay for the tests, as 
well as providing the estimated cost for the test. 

The ABN is necessary in these situations: 


¢ When the test ordered is not medically necessary in 
Medicare’s opinion for the ICD-9 code (diagnosis) 
that is provided. This situation is also present if 
there is no ICD-9 code given for the test ordered. 

e Many screening tests are not covered by Medicare; 
these are often not covered if there is no evidence 
of disease. 

¢ Tests that are ordered more frequently than what is 
recommended by Medicare. 

e Any test that is still considered to be investigational 
or experimental in nature. These tests have not yet 
been approved by the FDA. 


Often those who work with Medicare patients will 
use the term /imited coverage to refer to the rules that 
govern laboratory reimbursement. This means that 
Medicare will pay for laboratory tests only when they 
meet certain criteria. These may be national coverage 
decisions or local coverage decisions. Nationally, there 
are several tests established that have limited coverage 
(based on the ICD-9 codes, frequency of testing, or the 
investigational status) and regional restrictions may 
add to the list that is established on a national basis. 

By signing the ABN, the Medicare patient is giving 
the laboratory permission to bill him or her directly for 
the test to be performed. If the employee who draws the 
blood does not get an ABN signed when appropriate, 
the laboratory will be performing the test for free, as 
it cannot have the ABN signed after the process is 








completed. If the specimen was collected by an 
employee at a physician office and transported to the 
laboratory for testing, the physician office will often 
receive a bill for the service from the laboratory, because 
that laboratory cannot be reimbursed in any other way. 

It is illegal to have every Medicare patient fill out 
an ABN; these forms are to be used only when neces- 
sary for noncovered tests. In addition, the laboratory 
must retain a copy of the ABN and the patient must 
also be given a copy. Advanced Beneficiary Notices of 
Noncoverage are also used for other medical services; 
it is necessary to have a specific one for each type of 
noncovered service. 








Commonly, a laboratory directory is a computer 


database of specific information about tests that are per- 
formed by that laboratory. The directory may also be 
provided in a book format, which can be consulted by 
facilities that do not have Internet access. The laboratory 
directory (also known as a directory of services) provides 
the following types of information: 


The internal test number used to enter the test order 
into the database 

CPT five-digit code used for reimbursement for that test 
Related information if there is more than one place 
within the directory where the test is addressed 
Acronyms or abbreviations that may be listed on the 
requisition for that test, or perhaps used to order 
the test in the computer system for that laboratory 
The type of specimen required, and in some cases the 
type or color of tubes to use for the blood draw or 
identification of the additives that must be present in 
the tubes 

The requested specimen volume and the minimum 
acceptable specimen volume 

Collection notes and/or specific requirements neces- 
sary for some tests 

Storage instructions for the specimen after collection 
and during transportation (room temperature, frozen, 
refrigerated, etc.) 

Reference ranges (also known as normal ranges) for 
the test ordered 

Clinical significance and interpretation of the test 
results 

Testing intervals/frequency and testing locations 


Once the specimen requirements have been established, 


the collection process can continue. The employee who is 
performing the collection must document two unique 


1899_Ch01_001-024 23/12/11 12:51 PM Page 17 —e 


Chapter 1 The Clinical Laboratory 17 


2692 Millenium Rd - Seattle, WA 98103 


«CB LABORATORY, 425-353-8778 


GLYCOHEMOGLOBIN 


Order Test 
GLYCO GLYCO 
Represents average glucose concentration over a 6-8 week period. 


[[seecinentipe =n mice 
[fiinmimvoune sm 
[| Seecinen Processing | store and tranasont refrigerate 
[sanity RoomTemp 24 hours Ratigerated 7 Gaye Frozen (APO) 7 weeks 
[ [atest Spacers | soaisn flouride/potassion oxalate whole blood (Grey vop Tbe) 


HbAlc 4.0-6.0 Non-diabetic % 
The American Diabetes Association 
considers a result of less than 7% to be 
the goal of diabetic therapy. 





Figure 1-3 Sample of information found in a laboratory directory. 


Procedure 1-2: Use a Laboratory Directory 





TASK CONDITIONS 

Use a laboratory directory to clarify the collection require-  * Laboratory requisition 

ments and processing procedures for a laboratory order. e Laboratory order from qualified health-care 
professional 

CAAHEP/ABHES Standards ¢ Laboratory directory book or database including 


laboratory service information 
None 





Continued 
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Procedure 1-2: Use a Laboratory Directory—cont’d 





Procedure 


1. Obtain the laboratory requisition or the laboratory 
order from the health-care provider. Verify the test 
ordered, especially if it is a test that may be per- 
formed on more than one body fluid. 


2. Look up the test alphabetically using the computer 
database or the laboratory directory reference book. 


3. Identify the type of specimen to be collected. 


4. Verify any restrictions on specimen type, or nota- 
tions of unacceptable specimens. 


5. Verify the acceptable minimum volume, if listed. 


6. Identify the specimen processing instructions. 


7. Identify the schedule for performance of the test 
ordered. 


8. Prepare the necessary supplies to perform the speci- 
men collection. 





Rationale 


Some tests, such as creatinine or total protein, are com- 
monly ordered on blood but may also be ordered 
using a urine specimen. 


This can sometimes be difficult if the test is ordered 
under an acronym or abbreviation or if there are two 
names used for the test, such as Tegretol, which may 
also be known as carbamazepine. Many laboratory 
directories will include a cross-reference that may 
help the user to find the correct entry. 


The information may be very straightforward, specify- 
ing the color of tube to be used. (For example, 
lavender-top or green-top tube.) However, some- 
times the specimen requirements are described as 
“heparinized plasma” or “EDTA plasma.” The 
employee needs to know which type of tube to use 
for this type of specimen. 


For instance, many tests cannot use hemolyzed sam- 
ples, or sometimes samples that are over 2 hours old 
cannot be used. 


There may be a requested volume (e.g., 1 mL) as well 
as a minimum volume listed. The minimum vol- 
ume may be important if drawing the specimen 
from a child or other patient with difficult-to- 
access veins. 


Is the specimen supposed to be spun within a certain 
time after the blood draw? Is the plasma or serum to 
be frozen? The processing instructions are very im- 
portant for the specimen to be acceptable when it 
arrives at the testing laboratory. 


The reference laboratory may list the testing schedule 
so that the health-care provider will be aware of how 
long it will take before he or she can expect the 
results for the test. 


If a specimen must be frozen immediately or kept at 
a certain temperature, it is necessary to have the 
supplies at hand immediately after the specimen 
is collected. These should be prepared before 
proceeding. 
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identifiers for the patient, the employee ID (or initials), the 
date of collection, and the time of collection on the requi- 
sition and on the tube or alternative collection container. 
This same employee may also be responsible for entering 
the patient information into the computer database, 
whereas in other laboratories the specimen and paperwork 
may be prepared for transport to another location where 
the information will be added to the database upon arrival. 





Test Your Knowledge 1-8 


Why would a medical assistant use a laboratory directory 
before performing a blood draw? (Outcome 1-8) 





Laboratory Reports 


Once the specimen has been processed, delivered to the 
correct department, and tested within the laboratory, a 
laboratory report is generated to transmit the test results 
back to the health-care provider. An example of a labo- 
ratory report is presented in Figure 1-4. The laboratory 
report document will list the results for the tests 
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performed, as well as the reference ranges (also known as 
normal ranges) that have been established by the labora- 
tory for that test. Reference ranges are the results that are 
expected in the general healthy population 95% of the 
time for a particular laboratory test. A range is necessary 
(instead of a specific value) because of differences in the 
population due to age, race, and gender. Geographical 
locations may also affect the reference range, as will the 
testing methods used by that laboratory. A notation will 
be present on the laboratory report for all results that are 
outside the expected reference range for that patient, 
based on demographics, the testing method, and the test 
ordered. The gender and age of the patient may affect 
the reference ranges used for interpretation of the results, 
so it is critical that this information is provided whenever 
a sample is collected. 

The laboratory report will also include the date and 
time of the specimen collection, the name and identifi- 
cation number for the patient, and the name and address 
of the laboratory where the test was performed. The 
specimen source is identified, as well as the date and time 
the report was generated. 


< £8 LABORATORY» 


Patient: Sally Seashore 
DOB: 08/07/1957 


ID# 774909 
PROCEDURE 


Rapid strep screen 
Rapid strep screen 


Dipstick UA only 
Appearance-UA 


Color-UA 
Glucose-UA 
Ketone-UA 


UA spec gravity 
Occult-blood-UA 


pH-UA 
Protein-UA 
Nitrite 


Leukocyte esterase 


Electrolytes 
Sodium 
Potassium 
Chloride 
CO2 


Date/Time: 7/20/2012 16:50 


Sex: Fe Report Status: Final 


RESULT 
VALUES 


ABN REFERENCE 
RANGES 


UNITS 


Positive 


Clear 
Yellow 
Neg 
Neg 
1.010 
Neg 
6.0 5= 7,8) 
Neg 

Neg 

Neg 


1.002 — 1.030 


141 136 — 145 
4.8 3.5 — 5.0 

100 96 — 106 
25 22 — 30 


mEq/L 
mEq/L 
mEq/L 
mEq/L 


Hemoglobin + Hematocrit 


Hgb 
HCT 


10.9 12-16 
33 37 — 48 


g/dL 
g/dL 


Flags: H=High L=Low A=Abnormal Crit = Critical 





Figure 1-4 Sample laboratory report. 





Tests performed at: CB Laboratory, 2692 Millenium Rd., Seattle, WA 98103 
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Procedure 1-3: Distinguish Between Normal and Abnormal Test Results 





TASK 


Use a laboratory report to identify normal and abnor- 
mal test results for a patient. 


CAAHEP/ABHES Standards 





4 CAAHEP 2008 Standards 


I].A.2: Distinguish between normal and abnormal test 
results 


@ 
@ ABHES Standards 


None 


Conditions 


¢ Laboratory report 
¢ Pen, pencil, or highlighter 





Procedure 


1. Examine the laboratory report for all necessary 
information. 


2. Identify the column on the laboratory report where 
the reference ranges are noted for each of the test 
results. 


3. Compare the patient results to the reference range 
column. 


4, Circle or highlight the results that are not within the 
reference ranges. Document High or Low next to 
the values in the provided area. 





Rationale 


All laboratory reports must include the following: 

1. The name of the patient 

2. The patient ID 

3. The gender and age of the patient 

4, Laboratory results with documented reference 
ranges 

. The name of the ordering health-care provider 

. The date and time of specimen collection 

. The date and time that the specimen was tested 

. The name of the laboratory where the test was 
performed 


ONAW 


This column is usually near the patient results, and the 
data are often listed as a range, except in the case of 
tests that provide a positive and negative test result, 
or in the case of microbiology testing, antibiotic 
sensitivity testing, or immunology testing. 


Remember that the reference ranges may take the age 
and gender of the patient into consideration; the 
ranges will not necessarily be the same for all patients 
tested. 


Highlighting or circling these results may bring them to 
the attention of the provider. When a laboratory 
report is printed in the office (rather than one used 
in the classroom) the High or Low results are noted 
on the laboratory report when it is printed. However, 
the office protocol may also include highlighting or 
circling the results when the report arrives in the 
office to make certain that they are not overlooked. 
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Laboratory reports may be hand-delivered to the or- 
dering health-care provider by a medical assistant within 
an office or via a courier service from a reference labo- 
ratory. They may also be faxed, mailed, or in some cases 
transmitted via e-mail. In some situations, the labora- 
tory reports may also be available online through a ded- 
icated laboratory link so that the provider can view the 
results on site. These results must be reviewed as soon as 
possible so that appropriate action can be taken for 
those outside of the normal reference range. Laboratory 
reports are a legal document that becomes part of the 
patient’s health record. 





Test Your Knowledge 1-9 





In which ways are laboratory requisitions and labora- 
tory reports similar? (Outcome 1-9) 





THREE PHASES OF LABORATORY TESTING 





As we begin to understand the way that a laboratory is 
organized and how information is transferred through 
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the testing process, it is important to realize that there 
are three components, known in laboratory jargon as 
phases, associated with laboratory testing: preanalytical, 
analytical, and postanalytical. A description of each 


phase of testing is detailed below and summarized in 
Table 1-3. 


¢ Preanalytical Phase: The preanalytical phase of labo- 
ratory testing refers to the situations and actions that 
take place prior to the collection, during the collection, 
and during the processing/storage/transportation of the 
specimen. Phlebotomists and medical assistants often 
participate in this phase of laboratory testing. The im- 
portance of this phase cannot be emphasized enough. 
Generally speaking, the majority of problems associated 
with laboratory tests result from inadequate or inappro- 
priate specimen collection, processing, storage, and 
transportation (i.e., the preanalytical phase of testing). 

e Analytical Phase: The analytical phase of laboratory 
testing refers to the performance of the tests that have 
been ordered. This phase also includes maintenance 
and calibration of laboratory equipment and instru- 
ments associated with the testing and performing 


AN) 


Identification of, Definition of, and the Personnel Responsible for the Three Phases of Laboratory Testing 





Phase Definition Personnel Responsible 

Preanalytical All procedures/processes that occur before the speci- Medical assistant, phlebotomist, CLT 
men is actually tested. Includes patient preparation, or MLT, other laboratory profession- 
accurate paperwork and data entry, appropriate als involved in this process 
specimen collection, processing, storage and 
transportation. 

Analytical All procedures/processes involved in the testing of the Medical assistant, medical laboratory 


specimen. This includes the way the testing instrument 
was prepared and maintained, how the testing sup- 
plies were stored, appropriate training of the person- 
nel performing the test, and quality control to ensure 
that the testing methods are working properly. 


professional performing the test, 
supervisor responsible for training 
and overseeing the process, person- 
nel performing maintenance on 
instruments 





Postanalytical 


patient if necessary for follow-up. 





All procedures/processes that affect how the test results 
are handled when the analysis has been completed. 
These may include review and analysis of the results 
by the person performing the test, appropriate follow- 
through on extremely high or low results, how the 
results are recorded (in a computer or on paper, etc.) 
phone calls, report printing, report sorting, appropri- 
ate fax procedures, charting procedures within an 
office, physician review procedures, contact with 


Various laboratory professionals that 
perform the test, administrative 
laboratory support personnel that 
process the results, medical assis- 
tants or other physician office 
personnel who perform charting 
procedures, physicians and other 
health-care professionals who 
interact directly with the patients. 
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quality control (QC) measures, which are in place to 
validate the test reagents/kits, the testing process, and 
training of the laboratory personnel performing the test. 
Postanalytical Phase: The postanalytical phase of 
laboratory testing includes the processes associated 
with the recording and reporting of laboratory results, 
storage and/or disposal of specimens after testing, and 
provider and patient notification of test results. Even 
if the other two phases of testing occur without any 
exceptions, if this phase isn’t handled appropriately, 
then the overall experience will not be a positive one, 
and may negatively affect patient treatment. 





a 


Test Your Knowledge 1-10 


List the three phases of laboratory testing. 
(Outcome 1-10) 


4 








rc 





S 


Test Your Knowledge 1-11 

If a specimen is collected into a tube with the wrong type 
of anticoagulant for the test ordered, which phase of 
laboratory testing has gone wrong? (Outcome 1-11) 





4 














SUMMARY 


Laboratory testing is vital to the diagnosis of patient 
disease and implementation of proper patient treat- 
ment, as it provides critical information that cannot be 
gathered with a physical examination alone. Testing 
may occur in physician office laboratories, in hospital 
laboratories, or in large reference laboratories. The 
larger laboratories may be organized by departments as 
needed for efficient specimen handling. Various person- 
nel perform the testing procedures, and their education 
and titles will vary depending on their responsibilities 
and the type of testing performed in the respective 
laboratory. Medical assistants play an important role in 
the laboratory by providing direct patient interaction, 
specimen collection, and processing or performance of 
laboratory tests. 

Laboratory information, such as that provided on 
a requisition, is vital for proper testing procedures, 
result interpretation, and reimbursement for services 
provided. The exchange of information begins with a 
requisition and may involve the use of a laboratory di- 
rectory for specimen requirements and other specifics. 
The process ends with the laboratory reports that 





provide the ordering practitioner with the final test 
results and reference ranges. Reimbursement procedures 
may involve laboratory personnel, so it is important 
that these individuals understand the processes 
involved with the necessary documentation on a req- 
uisition and the use of an ABN. 

There are three phases of laboratory testing, includ- 
ing the procedures surrounding specimen collection 
and handling, the actual testing process, and the man- 
ner in which the results are reported back to the physi- 
cian. These are the preanalytical phase, the analytical 
phase, and the postanalytical phase. All three phases 
must be handled correctly for laboratory results to be as 
meaningful as possible as part of quality patient care. 





. Ifa patient is asymptomatic, it means 


. True or False: A specimen may be 


. Which laboratory department is 


. Mr. Earl has a laboratory test performed 


TIME TO REVIEW 


Outcome 1-1 
that he or she: 


a. Demonstrates specific symptoms of a disease state 
b. Complains of multiple symptoms 

c. Does not exhibit symptoms 

d. Is not ill 


Outcome 1-1 
defined as a part of something that demonstrates the 
characteristics of the whole. 


. What do hospital and reference Outcome 1-2 
laboratories have in common? 

. Is urine analyzed only in physician Outcome 1-2 
office laboratories? 

. A medical assisting student needs to Outcome 1-3 


have a blood test performed to see if she has antibodies 
to hepatitis B in her bloodstream. This test would most 
likely be performed in this laboratory department: 


a. Blood Banking 
b. Hematology 
c. Serology 

d. Microbiology 


Outcome 1-3 
responsible for accessioning specimens into the labo- 
ratory information system when they arrive at the 
laboratory? 


Outcome 1-4 
to see if the diet and exercise changes suggested by 
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10. 


11. 


12. 


13. 


14. 


. Which of these duties might a medical 


. True or False: A diagnosis code does 


his health-care provider have helped to lower his 
cholesterol levels. Which of these reasons explains 
why this test is being ordered? 


a. Assignment of a diagnosis 

b. Ongoing assessment of the patient’s progress and 
treatment 

c. Prevention or possible early detection through 
screening tests 


d. None of the above 


Outcome 1-5 
assistant perform in a laboratory setting? 


a. Urine drug screen collections 

b. Phlebotomy 

c. Urinalysis testing 

d. Preparation of microbiology specimens for testing 
and/or analysis 


e. All of the above 


Outcome 1-6 
not need to be included on a requisition at the time 
the laboratory test is ordered. 


True or False: A requisition is used Outcome 1-6 
only for ordering the laboratory tests. 
The abbreviation ABN stands for: Outcome 1-7 


a. Advance Beneficiary Notice of Noncoverage 
b. Advance Beneficiary Notification 

c. Action Bulletin of Noncoverage 

d. Advance Bulletin of Noncoverage 


The laboratory directory will includeOutcome 1-8 
instructions for a specimen after 
collection and during transportation. 


True or False: The terms /aboratory Outcome 1-9 
requisition and laboratory report may be used 
interchangeably. 


Which phases of laboratory testing Outcome 1-11 
might be affected by the actions of a medical 
assistant in his or her various laboratory roles? 
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Case Study 1-1: Potential for growth 


Cindy Lee, a certified medical assistant (CMA) working 
in a gynecology office, leaves early one Friday before 
her office closes. When she returns on Monday morn- 
ing, she finds a box containing agar plates for microbi- 
ology specimen growth on the counter in the laboratory 
area. Cindy notices that the box has KEEP REFRIGER- 
ATED printed on the outside, but it appears that the box 
has been left out all night, and the cold packs within the 
box are at room temperature. 


e Should Cindy be concerned about this situation? 
e Which phase of laboratory testing may be affected 
by this oversight? 





RESOURCES AND SUGGESTED READINGS 


American Society for Clinical Laboratory Science Consumer 
Lab Testing Information 
http://www.ascls.org/labtesting/index.asp 
Numerous questions and answers on general laboratory 
testing. 

American Society for Clinical Laboratory Science Introduction 
to Laboratory Testing 
http://www.ascls.org/labtesting/labintro.asp 
Introduction to the three phases of laboratory testing; also 
basic terms referring to analytical aspects of quality control. 

Centers for Medicare & Medicaid Services Overview of 
Beneficiary Notices Initiative 
http://www.cms.hhs.gov/bni 
Links to various ABN information, including the new and old 
forms in use and answers to various commonly asked questions. 

Good Laboratory Practices for Waived Sites 
http://www.cdc.gov/mmwr/preview/mmwrhtml/ 
15413al.html 
An overview of some problems that have occurred in 
waived test sites and an introduction to the three phases of 
laboratory testing. Recommendations for good practices 
overall. 

CLIA Update—January 2010. Division of Laboratory Services, 
Centers for Medicare & Medicaid Services; Laboratories by 
Type of Facility (Exempt/Nonexempt combined) 
http://www.cms.gov/CLIA/downloads/factype.pdf 
Lists the number of different types of laboratories registered 
with CMS as of January 2010. 
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Chapter 2 





Regulations Governing Laboratory Personnel 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 





CHAPTER OUTLINE 


Laboratory Professionals 


Personnel in the Laboratory Setting 
Medical Assistants in the Laboratory 


Clinical Laboratory Improvement Amendment 
of 1988 


History of the Regulation 
Levels of Laboratory Testing Defined by CLIA 


Employee Qualifications for Performance of CLIA 
Testing 
Oversight of CLIA Laboratories 

Summary 

Time to Review 

Case Study 

Resources and Suggested Readings 





Learning Outcomes 


After reading this chapter, the successful student will be able to: 








2-1 Define the key terms. 2-6 Explain the focus of CLIA ’88, and why it was 
2-2 List the laboratory professionals present in a developed. 
typical hospital, reference, or physician office 2-7 Demonstrate understanding of the levels of 
laboratory. laboratory testing designated by CLIA ’88. 
2-3 Describe the personnel structure of the labora- | 2-8 Identify the laboratory professionals qualified to 
tory settings presented in the text. perform the various levels of laboratory testing as 
2-4 ~— Explain how the duties of laboratory professionals allowed by CLIA °88. 
may vary, depending on their education and 2-9 Identify the agencies responsible for overseeing 
credentials. CLIA ’88 compliance. 
2-5 Describe the role of a medical assistant in the 
clinical laboratory. 
CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 


IX.C.5: Discuss licensure and certification as it applies to 
healthcare providers. 

IX.C.8: Compare criminal and civil law as it applies to 
the practicing medical assistant. 


@. 

So ABHES Standards 

A.b: Medical Law and Ethics: Federal and State Guidelines 
4.f: Medical Law and Ethics: Health laws and regulations 
Graduates. f: Comply with federal, state and local health 
laws and regulations. 


2S) 
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KEY TERMS 





Ambulatory care Credentialed 
CLIA ’88 
CLIA-waived 


Centers for Medicare & 
Medicaid Services (CMS) 


COLA 


Labile 


Phlebotomist 


edical assistants are in a unique situation, as the 

diverse training they receive allows them to 
assume numerous roles in an ambulatory setting. A 
medical assistant may have an opportunity to interact 
with various health-care agencies and related entities, 
such as radiology clinics, insurance companies, physical 
therapy offices, specialty physician offices, or pharma- 
cies. In addition, the duties of the medical assistant 
will most likely include communication with the 
laboratory, and many medical assistants also perform 
laboratory testing in physician office laboratories. It is 
important to understand who makes up the workforce 
of the medical laboratory so that effective communica- 
tion may be established. It is also vital that medical 
assistants understand the regulations controlling labo- 
ratory testing as they apply to the scope of practice in 
the physician office laboratory to remain compliant. 
This chapter provides an understanding of how 
to keep the physician office laboratory operating 
within the boundaries of the regulations. It will also 
provide insight into the clinical laboratory by identify- 
ing which career paths are available to a medical 
assistant. 


LABORATORY PROFESSIONALS 


Laboratory professionals pay a critical role in quality 
health care. The test results they generate improve 
patient care by providing information to the physician 
that cannot be discovered in any other way. Even 
though many processes in the laboratory have become 
automated, it is important for those performing the 
testing procedures to have adequate background knowl- 
edge for appropriate interpretation of the test results. 
It is also imperative that laboratory employees are 
knowledgeable about the procedures necessary to ensure 
quality testing methods in the laboratory, laws and 


High-complexity tests 
Moderate-complexity tests 


Proficiency testing 


Provider-performed microscopy 
procedures (PPMPs) 


U.S. Department of Health and 
Human Services (HHS) 


U.S. Food and Drug 
Administration (FDA) 


regulations governing laboratory processes, and how all 
the laboratory departments work together. 


Personnel in the Laboratory Setting 


The personnel involved in laboratory testing are classified 
according to their education and credentials. Table 2-1 
provides a list of the laboratory professionals that may 
play a role in laboratory testing, including their creden- 
tials and education. The basic classifications include the 
following: 


Pathologists: These are board-certified physicians 
who have specialized training in disease and laboratory 
interpretation. A pathologist may function as the 
laboratory director for sites that perform all levels of 
laboratory testing, and is generally affiliated with 
hospital and reference laboratories. 

Physicians: A physician without any laboratory spe- 
cialty training may function as the laboratory director 
of a physician office laboratory. Dentists may also 
serve as laboratory directors if they perform laboratory 
testing in their clinics. Physicians may not serve as 
directors for hospital or reference laboratories unless 
they have additional credentials specifically qualifying 
them for this setting. 

Nurse-practitioners or physician assistants: These 
are known as midlevel health-care providers, and 
they may function as directors of physician office 
laboratories. Nurse-practitioners have at least 6 years 
of education; physician assistants generally possess 
at least a 4-year degree, as well as additional focused 
medical education. These midlevel providers are 
not usually employed in a reference or hospital lab- 
oratory. 

Medical laboratory scientists: Personnel with this 
title often work in a reference or hospital laboratory as 
testing personnel or as supervisors. They must have at 
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Laboratory Professional Title 
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TABLE 2-1 


Education 


Laboratory professional title, education, and credentials 


Credentials 











Pathologist Doctorate with at least MD or DO, board certified as pathologist 
8 years of education 

Physician Doctorate with at least MD or DO 
6 years of education 

Physician assistant Bachelor’s degree PA 

Nurse-practitioner Master's degree NP or ARNP 





Clinical laboratory scientist 


Bachelor's or 
master’s degree 


CLS, certified by National Certification Agency for 
Medical Laboratory Personnel (NCA) 





Medical laboratory 


Bachelor's degree 


scientist 


MLS, certified by the American Society for Clinical 
Pathology (ASCP) or MT if certified by the American 
Medical Technologists (AMT), or International Society 
for Clinical Laboratory Technology (ISCLT) 





Medical laboratory technician Associate degree 


MLT, certified by the American Society for Clinical 
Pathology (ASCP) or American Medical 
Technologists (AMT) 





Clinical or registered Associate degree 


laboratory technician 


International Society for Clinical Laboratory Technology 
(ISCLT) 





1-year certificate or 
associate degree 


Medical assistant 


May be certified by the American Association of 
Medical Assistants (CMA) or registered by the 
American Medical Technologists (RMA) 





Phlebotomist Varies by state 


May be nationally certified by various agencies; 
not always required; some states may allow training 
on-the-job with no formal education 





education are not necessarily required to have formal certification. 





Note: Those with an associate degree or higher are generally required to have certification (credentials) to work in the laboratory. Those below this level of 








least a 4-year degree in laboratory medicine, and are 
credentialed by the American Society for Clinical 
Pathology. Those qualified with a 4-year degree may 
also be known as medical technologists if they received 
their certification through the American Medical 
Technologists. 

¢ Medical laboratory technicians: These employees 
usually perform testing procedures in a hospital or 
reference laboratory. They may also be employed 
in physician office laboratories. Medical laboratory 
technicians must have completed at least an associate 
degree in laboratory medicine, and are nationally 
certified through the American Society of Clini- 
cal Pathology or through the American Medical 
Technologists. 

¢ Medical assistants: Medical assistants may work in 
a physician office laboratory, but they can also be 
employed in a reference or hospital laboratory if the 


tasks they perform are within their lawful scope of 
practice. Medical assistants have completed a medical 
assisting program that included at least an introduc- 
tion to laboratory procedures. Medical assistants are 
not required to be certified to work in a laboratory, 
but if they choose to pursue a certification, they 
may test through the American Association of 
Medical Assistants to become a certified medical 
assistant (CMA), or through the American Medical 
Technologists to become a registered medical assis- 
tant (RMA). 

Phlebotomists: A phlebotomist may be a medical 
assistant, but there are also phlebotomists trained in 
short-term programs, either at technical colleges or on 
the job, specifically to draw blood and process labora- 
tory specimens. Phlebotomists are primarily employed 
in physician office laboratories and hospital laborato- 
ries. Phlebotomists must have at least a high school 
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diploma (or general equivalency diploma [GED]) and 
have documented training to draw blood. They may 
become certified nationally, and some states require 
additional state certification as well. 





Test Your Knowledge 2-1 


May a physician assistant serve as a laboratory director? 
(Outcome 2-2) 





Those laboratory professionals that are credentialed 
have completed the required education for their specific 
classification, and they have also successfully passed a 
comprehensive assessment examination as required by 
their credentialing agency. To keep their credentials cur- 
rent, these professionals must participate in continuous 
education every year. Some states also require that labo- 
ratory personnel pass an additional state examination in 
order to work in a laboratory setting. 

When entering a clinical laboratory, it may be diffi- 
cult to tell by observation which employees have which 
type of credential, as they are all wearing lab coats 
and all performing what appear to be similar tasks. 
Figures 2-1 and 2-2 are representative of the personnel 
structure in a reference laboratory, a hospital labora- 
tory, and an ambulatory care setting (such as a physi- 
cian office laboratory). Laboratory testing may be 
performed by a variety of classifications, such as med- 
ical laboratory scientists, medical or clinical laboratory 
technicians, medical assistants, or phlebotomists. 





( Test Your Knowledge 2-2 


May a medical technologist serve as a supervisor in a 


reference laboratory? (Outcome 2-3) 
S y 








( Test Your Knowledge 2-3 


What type of credentials must a phlebotomist possess to 


work in a laboratory setting? (Outcome 2-4) 
S _4 


Laboratory Director: Physician, Nurse 
Practitioner, or Physician Assistant 
Medical Laboratory Phlebotomist Medical 
Technician Assistant 


Figure 2-1 The personnel structure of the laboratory profes- 
sionals working in a CLIA-waived physician office laboratory. 


















Laboratory Director: 
Board-Certified Pathologist 
Department or Shift Supervisors: Medical 
Technologists or Medical Laboratory Scientists 

Medical Laboratory Phlebotomists Medical 
Technicians Assistants 


Figure 2-2 The personnel structure of the laboratory 
professionals working in a hospital or reference laboratory. 
















POINT OF INTEREST 2-1 
Name changes 


4 


When working in a large laboratory (such as a refer- 
ence or hospital laboratory), it is possible that you 
may encounter various credentials for individuals 
who are performing the same tasks. This is not 
unusual, but a recent merger of credentialing agencies 
may make this even more confusing! 

Prior to 2009 there were three widely recognized 
credentialing agencies for laboratory personnel. They 
were the Board of Registry for the American Society 
of Clinical Pathology (ASCP), the National Creden- 
tialing Agency for Laboratory Personnel (NCA), and 
the American Medical Technologists (AMT). In Oc- 
tober 2009, the NCA and the ASCP credentialing 
agencies decided to merge. Those who were previously 
credentialed by the NCA are now part of the ASCP 
organization, and those who were already part of the 
ASCP have not seen very many changes in their cre- 
dential renewal processes. The certifying agency for 
the ASCP is now called the Board of Certification. 

What has changed, however, are the terms used 
by these organizations for the various personnel 
classifications. 





¢ Baccalaureate degree—level personnel: The ASCP 
previously used the designation medical technologists 
to describe this classification, and the NCA used 
clinical laboratory scientist. Now, the new title for 
those with a 4-year degree in medical technology 
that have successfully passed the examination is that 
of medical laboratory scientist, with the abbrevia- 
tion MLS (ASCP). 

e Associate degree—level personnel: The ASCP 





previously used the designation medical laboratory 
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technician to describe this classification, and the NCA 
used clinical laboratory technician. When the two 
agencies merged, they retained the designation med- 
ical laboratory technician for those with a 2-year degree 


who successfully pass the examination, and the 
abbreviation used for their credential is MUT (ASCP). 








Medical Assistants in the Laboratory 


As introduced in Chapter 1, medical assistants may play 
numerous roles in the clinical laboratory environment. 
Their education enables them to draw blood, assist with 
collection of other types of specimens, process specimens 
for testing, and perform simple or moderately complex 
test procedures. They may perform these tasks in the 
physician office laboratory, in a hospital laboratory, or in 
a reference laboratory. Medical assistants may also work 
in the microbiology or pathology department within a 
hospital or reference laboratory assisting with specimen 
preparation, answering phones, or entering specimens 
into the computer. 

Some laboratory settings, especially a specialist or 
hospital laboratory, need their medical assistants to do 
more than draw blood or process specimens. In these set- 
tings they may be taught how to perform arterial blood 
draws, and also may learn how to assist with bone mar- 
row aspirations or bronchoscopy specimen collection. 
In some situations, medical assistants may be running 
tests on automated instruments and performing urine 
microscopy examinations and manual differential proce- 
dures on normal blood smears. These specialized tasks 
require additional documented training beyond that 
offered in a traditional medical assisting education pro- 
gram, and the qualifications of the personnel performing 
these tasks may be regulated by state or local laws. 





Test Your Knowledge 2-4 


Are medical assistants only allowed to draw blood in a 
laboratory setting, or can they perform other duties? 
(Outcome 2-5) 





CLINICAL LABORATORY IMPROVEMENT 
AMENDMENTS OF 1988 





CLIA ’88 is an acronym for the Clinical Laboratory 
Improvement Amendment of 1988. This regulation 
establishes quality standards for all aspects of human 


medical laboratory testing, with the exception of those 
tests performed for research only. It was designed to 
ensure that all laboratory tests, regardless of where they 
are performed, would produce accurate reliable results 
and be performed in a timely manner. 


History of the Regulation 


The original Clinical Laboratory Improvement Act was 
enacted in 1967. It affected only private laboratories 
(federal and state laboratories were exempt) that 
received specimens via interstate commerce. This means 
that the only laboratories affected by the original act 
were those that provided services across state borders. 
These laboratories had to be licensed if they processed 
more than 100 interstate specimens per year. This act 
also improved laboratory quality standards overall by 
adding a requirement for proficiency testing to these 
licensed laboratories. Proficiency testing is used to ver- 
ify that the results reported for a certain test are accu- 
rate. Because this Clinical Laboratory Improvement Act 
had such a small focus, there were many laboratories 
that were not affected by these requirements, especially 
physician office laboratories. It was estimated that of 
200,000 laboratories in business in the United States, 
only about 12,000 were regulated. 

In 1987, the Wall Street Journal published two arti- 
cles expanding on the poor quality of laboratory testing 
in the United States. At that time, there was very little 
structured supervision of the quality of testing per- 
formed in laboratories that were not affected by the 
Clinical Laboratory Improvement Act of 1967. Specif- 
ically, the articles expanded on several situations in 
which Papanicolaou (Pap) smear tests showed false- 
negative results, allowing cases of cervical cancer to 
become advanced before a correct diagnosis was made. 
The cytology laboratories that were reporting these 
results were poorly staffed, and the technicians were 
overworked. Both the U.S. House of Representatives 
and the U.S. Senate held hearings to investigate the 
inaccurate Pap smear reports and other laboratory 
errors. As a result of these hearings, questions began to 
form about how laboratories functioned and about 
what kind of quality assurance was in place for the 
results reported. Therefore, it was decided that more 
federal oversight was necessary, and on October 31, 1988, 
the Clinical Laboratory Improvement Amendment of 
1988 (CLIA ’88) was enacted. Since that time, there 
have been several revisions, allowing more tests to be 
included in the CLIA-waived category, and giving the 
U.S. Food and Drug Administration (FDA) the 
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responsibility to determine the level of complexity for 
laboratory tests. 





Test Your Knowledge 2-5 
What was CLIA ‘88 designed to ensure? (Outcome 2-6) 





Levels of Laboratory Testing Defined by 
CLIA ‘88 


CLIA ’88 requires that all laboratories performing tests 
on human specimens must register with the Centers for 
Medicare & Medicaid Services (CMS). The registration 
process, and title of the certificate granted to the labora- 
tory, is based on the type of testing performed. The clas- 
sification of the testing is based on the complexity of the 
testing procedure and the clinical significance of the 
results from the test, among other factors. This amend- 
ment classifies all tests into one of three categories: 


¢ CLIA-waived tests: These are tests that are so simple 
and accurate that the likelihood of misinterpretation is 
minimal. This classification also requires that the tests 
will pose no reasonable risk of harm to the patient 
if the test were accidentally performed incorrectly. 
CLIA-waived tests also include procedures that have 
been cleared for home use, such as glucose testing per- 
formed by diabetics at home. Examples of CLIA- 
waived tests are streptococcal screens, urine pregnancy 


tests, and mononucleosis testing. Many CLIA-waived 
tests are performed in physician office laboratories, 
but they may also be done in hospital or reference lab- 
oratories. Table 2-2 lists the types of tests that are 
CLIA-waived at this time. This list has grown signifi- 
cantly since CLIA ‘88 first went into effect, and will 
continue to change. 

° Moderate-complexity tests: These tests are more 
complex than CLIA-waived tests. The complexity 
designation is based on a grading scale that takes into 
account the difficulty of test performance, the mainte- 
nance and troubleshooting required for the instru- 
ment used for the test, the amount of knowledge 
necessary to correctly interpret the results, and other 
specific aspects of the testing process. Some physician 
office laboratories perform moderate-complexity 
testing, but there are restrictions on the personnel 
performing the tests. Employees must be properly 
trained in these more advanced concepts in order to 
meet the requirements of the regulation. These tests 
also have more requirements for quality control and 
quality assurance documentation, and laboratories are 
required to participate in proficiency-testing programs 
to validate their test results. Provider-performed 
microscopy procedures (PPMPs) are also included 
in this classification, which concern the microscopic 
examination of labile specimens in the office 
performed by licensed health-care providers. Labile 
specimens are those that must be examined shortly 


AN ty 


CLIA-waived tests 


Test Type Test Name 


Chemistry 


Blood glucose by glucose monitoring devices 
cleared by the FDA for home use 


CPT Code 
82962 





Urine and stool testing Fecal occult blood 


82270 GO 107 




















Dipstick or tablet reagent urinalysis—nonautomated; for bilirubin, 81002 
glucose, hemoglobin, ketone, leukocytes, nitrite, pH, protein, 
specific gravity, and urobilinogen 
Urine pregnancy tests by visual color comparison 81025 
Ovulation tests by visual color comparison for human 84830 
luteinizing hormone 
Hematology Hemoglobin by copper sulfate—nonautomated 83026 
Erythrocyte sedimentation rate—nonautomated 85651 
Blood count; spun microhematocrit 85013 








Note: This chart recognizes only the original CPT codes and test names listed as waived tests in 1988. There are numerous tests and testing methods that 
have been added to this list, which can be accessed at hitp://www.fda.gov/edrh/clia/cliawaived.html 
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after collection because the appearance of the speci- 
men will change rapidly after collection. Provider- 
performed microscopy procedures may include urine 
microscopic examinations, semen analysis for the pres- 
ence or absence of sperm, nasal smear examinations, 
and other types of analysis that need to be performed 
on fresh specimens. 

High-complexity tests: This category of testing is 
performed almost exclusively in hospital and reference 
laboratories by highly trained laboratory professionals. 
These tests require substantial knowledge of the signif 
icance of the test results, complex testing procedures, 
and stringent requirements for calibration of instru- 
ments and quality control procedures to ensure the 
accuracy of the results. 


Laboratories may perform multiple levels of testing; 
some may perform only CLIA-waived tests, whereas others 
may perform high-complexity tests as well as waived tests. 
All laboratories must register and pay a fee to CMS that is 
based on the complexity of the tests that they perform. 
Failure to register or follow all the regulations associated 
with the specified level of testing may result in significant 
fines (thousands of dollars per day of noncompliance) and 
potential closure of the laboratory. 





Test Your Knowledge 2-6 


Describe the minimum level of education required to 
perform the following types of laboratory testing: 

a. CLIA-waived tests 

b. Moderate-complexity tests 

c. High-complexity tests (Outcome 2-7) 


SS LL{[_[_[___-__--[———-H[>H——---- 





“ 


( Test Your Knowledge 2-7 
What factors are taken into account when assigning the 
different levels of complexity to the various laboratory 
tests? (Outcome 2-7) 











Employee Qualifications for Performance 
of CLIA Testing 


The CLIA ’88 regulations are very specific about the 
training necessary to perform the different levels of 
testing that are identified in the amendment: 


¢ CLIA-waived testing: Minimum personnel require- 
ments include a high school diploma or a GED, and 
thorough, documented training for the processes 
performed by the individual in the laboratory. Those 
performing CLIA-waived testing must follow the 


manufacturer’s directions provided with the kit used 
exactly as they are written, and appropriate training 
for all individuals performing the laboratory test 
must be documented. These tests may be performed 
by phlebotomists, medical assistants, or those with 
more laboratory education. 

Moderate-complexity testing: The minimum educa- 
tion requirements are very similar to those of the 
CLIA-waived category. Moderate-complexity tests are 
more complicated to perform, and they may have 
much more clinical significance if they are performed 
or interpreted incorrectly, so the training must be 
comprehensive if the individual performing the test 
has limited formal laboratory education. This addi- 
tional documented training must include numerous 
areas of the laboratory, such as quality control testing 
procedures, maintenance of the testing instruments, 
clinical significance of the tests, and validity of the test 
results. In most circumstances, this level of testing is 
performed by a medical laboratory technician or med- 
ical technologist, but it is possible to appropriately 
train a medical assistant to perform at this level as well. 
High-complexity testing: In order to perform tests in 
the clinical laboratory that have been established as 
high complexity by the CLIA standards, the laboratory 
professional must possess at least an associate degree 
in laboratory science. He or she must also have docu- 
mented training on site for quality control procedures, 
maintenance and troubleshooting of the instruments 
used for the procedures, and more in-depth knowledge 
of the test parameters. These high-complexity tests 
usually comprise numerous performance steps, and 
the results have a high level of clinical significance. 
High-complexity tests are performed only in larger 
laboratories such as hospital and reference laboratories, 
and generally are performed by clinical or medical 
laboratory technicians, clinical laboratory scientists, or 
medical technologists. 





Test Your Knowledge 2-8 


What levels of laboratory testing may a clinical 
laboratory scientist with 4 years of education perform? 
(Outcome 2-8) 





Oversight of CLIA Laboratories 


Various agencies are involved with the enforcement of 
the CLIA ’88 regulations. These include the FDA, the 
CMS, and the U.S. Department of Health and 
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Human Services (HHS). The HHS has the overall 
responsibility for laboratory quality assurance as desig- 
nated in CLIA ’88, but it has delegated various parts 
of the process to other agencies. The FDA is responsi- 
ble for determination of the levels of complexity for 
the various laboratory tests. After the level of complex- 
ity has been determined, laboratories that perform 
these tests must apply for the appropriate certificate 
that allows them to perform these tests. The laboratory 
may qualify only for certain testing procedures based 
on the qualifications of their personnel. They apply to 
CMS for this certificate, whether it is a Certificate 
of Waiver (allowing them to perform CLIA-waived 
testing only) or another type of certificate that allows 
them to perform tests of higher complexity. A labora- 
tory can only begin testing after receiving CMS certi- 
fication. Compliance is monitored by the CMS or, in 
some situations, by state or private agencies that have 
regulations that are at least as stringent as those of the 
CMS, and have an agreement with CMS to monitor 
compliance. Some laboratories are affiliated with 
COLA, an independent company that accredits labo- 
ratories. COLA uses various educational methods to 
help laboratories meet the requirements for CLIA 
compliance, and CMS recognizes COLA as an accred- 
iting agency. If a laboratory retains its accreditation 
with COLA, it will be assumed that that laboratory is 
meeting the CLIA requirements and will be granted 
the certificate that is appropriate for the level of com- 
plexity tested without site inspection requirements 
from the CMS. COLA is most commonly associated 
with physician office laboratories, but the organization 
is recognized by larger laboratories for accreditation 
purposes as well. 

The CLIA certificate types are based on the complex- 
ity of the tests performed. Here is a summary of the 
available certificates for laboratories: 


° Certificate of Waiver: Allows laboratories to perform 
only CLIA-waived tests. 

° Certificate of PPM: Allows the licensed health-care 
providers in an organization to perform designated 
microscopic examinations. 

° Certificate of Compliance or Certificate of 
Accreditation: Allows the laboratory to perform 
CLIA-waived tests, PPMPs, moderate-complexity 
tests, and high-complexity tests. These certificates are 
granted after the laboratory has been inspected. If the 
inspection was performed by a governmental agency, 
the laboratory receives a Certificate of Compliance. If 
the inspection was performed by a private accreditation 


company, the laboratory receives a Certificate of 
Accreditation. 





( Test Your Knowledge 2-9 


Which federal agency assigns the CLIA categories to 


laboratory tests? (Outcome 2-9) 
S 








SUMMARY 


Within a typical laboratory setting you will find 
professionals with various credentials and educational 
levels. Those who work in a hospital or reference lab- 
oratory may have different qualifications than those 
who work in a smaller physician office laboratory. 
There are regulations that dictate who can perform 
which type of testing, and what training and supervi- 
sion must be involved for each test. CLIA ’88, applies 
to all laboratories in the United States that perform 
testing on human specimens, except for federal labo- 
ratories and those that perform only research testing. 
Every testing site must register and pay a fee to com- 
ply. This regulation has established three levels of 
testing: CLIA-waived tests, moderate-complexity 
tests, and high-complexity tests. The levels have differ- 
ent requirements for testing personnel, quality control 
procedures, instrument maintenance, and laboratory 
supervision. The FDA makes the decision about 
which complexity level each test will have. Medical 
assistants with appropriate additional training may 
perform CLIA-waived or moderate-complexity tests, 
but those who perform high-complexity testing must 
have more specialized laboratory training in order to 
be compliant. All laboratories must register with CMS 
to legally perform laboratory testing at any level. 











TIME TO REVIEW 


1. A labile substance is one that: Outcome 2-1 


a. Is not fixed and is easily destroyed 

b. Is not fixed but can be stored for an extended 
period of time 

c. Is fixed with some sort of preservative 

d. Can easily be transferred to a reference laboratory 


2. True or False: Ambulatory care Outcome 2-1 
refers to the care provided to those transported to 
the hospital as an emergency transport. 
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Which laboratory settings may Outcome 2-2 


employ a medical assistant? 


POL 

Hospital laboratory 
Reference laboratory 
None of the above 
a, b, and c 


(i oll SS 


True or False: Pathologists serve as Outcome 2-3 


directors in reference laboratory settings. 


A laboratory professional with an Outcome 2-4 
associate degree in laboratory science may work in 
which laboratory setting? 


Reference laboratory 
Hospital laboratory 
Physician office laboratory 
None of the above 

a, b, and c 


eho op 


List three duties that may be Outcome 2-5 
performed by a medical assistant in a hospital or 
reference laboratory. 


CLIA ’88 stands for: 


a. Clinical Laboratory Incident Act #88 

b. Clinical Laboratory Improvement Amendment 
of 1988 

c. Consistent Laboratory Improvement Amendment 
of 1988 

d. Continual Linear Improvement Act of 1988 


Outcome 2-6 


Choose the types of laboratory testing Outcome 2-7 
that may be performed by a medical assistant. 


a. CLIA-waived testing 

b. Moderate-complexity testing 

c. Provider-performed microscopy procedures 
d. High-complexity testing 


True or False: Those performing Outcome 2-8 
CLIA-waived testing do not need to follow the 
manufacturer's directions; they may write their own 
procedures as needed. 


What role does the Centers for Outcome 2-9 
Medicare & Medicaid Services play in CLIA ’88 


enforcement? 


a. It is not involved 

b. It inspects each laboratory 

c. It handles all the laboratory registration 
procedures 

d. It determines the level of complexity for all 
laboratory tests 





Case Study 2-1: CLIA quiz 


Rose is starting at a new job in a physician office 
laboratory today. As part of her orientation, the physi- 
cian who is in charge of the laboratory asks her a few 
questions to test her understanding of the laboratory 
organization. He asks her to answer the following ques- 
tions about CLIA ’88. How should she answer these? 


1. Was CLIA ’88 created to protect employees or 
patients? 

2. |s it still necessary to be trained in the performance 
of CllIAwaived test procedures, or can these be 
performed without documented training? 

. Do laboratories have to be formally registered in 
order to legally perform testing on human specimens? 





RESOURCES AND SUGGESTED READINGS 


American Medical Technologists 
Certifying agency for laboratory professionals 
http://www.amt1.com 

American Society for Clinical Pathology 
Membership and certification information for laboratory 
professionals, as well as continuing education information 
http://www.ascp.org 

Centers for Disease Control and Prevention CLIA-related 
publications from the Federal Register and the Code of 
Federal Regulations 

Excellent reference for the actual CLIA regulations presented 
in a time line that is easy to follow 
http://wwwn.cdc.gov/clia/chronol.aspx 

Centers for Disease Control and Prevention CLIA Subpart 
A General Provisions 
Provides various details about CLIA ’88, including compli- 
ance requirements 
http://wwwn.cdc.gov/clia/regs/subpart_a.asp#493.1 

Tests waived by the FDA from January 2000 to present 
List of all CLIA-waived tests. Updated regularly. 
http://www.accessdata.fda.gov/scripts/cdrh/cfdocs/cfClia/ 
testswaived.cfm 

Information about the COLA accreditation services and 
education products. Also includes online education 
programs that may be used to fulfill continuing education 
requirements. 
http://www.cola.org 
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Chapter 3 





Laboratory Safety and Preventing 
the Spread of Disease 


Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 








CHAPTER OUTLINE 


Infection Control and Laboratory Safety 
Core Concepts of Infection Control 


Microorganisms 


Types of Microorganisms 
Microorganism Growth Requirements 
Medical Asepsis 


Chain of Infection 
Standard Precautions 


Centers for Disease Control and Prevention 
Hand-Washing Recommendations 

Acceptable Medical Hand-Washing Procedures 
Proper Use of Personal Protective Equipment 


Laboratory Safety 


Chemical Safety 


Physical Safety 
Fire Safety 


Electrical Safety 
Body Mechanics 


Bloodborne Pathogen Safety 


Universal Precautions 
Bloodborne Pathogens Standard 


Diseases Caused by Bloodborne Pathogens in the 
Laboratory Setting 
Hepatitis 
Human Immunodeficiency Virus 
Postexposure Follow-Up Procedure 
Summary 
Time to Review 


Case 


Study 


Resources and Suggested Readings 





Learning Outcomes 


Afier reading this chapter, the successful student will be able to: 





3-1 
3-2 
3-3 


3-4 


Define the key terms. 
List the major types of infectious agents. 


Restate the difference between pathogenic and 
nonpathogenic microorganisms 


Describe the various shapes of bacteria presented 
in the text. 


Compare and contrast bacteria and viruses. 
Describe medical asepsis. 


Explain what the chain of infection concept 
refers to, and describe how the chain may be 
broken. 


Explain how the CDC Standard Precautions are 
used in a laboratory setting. 


3-9 


3-10 


3-11 


3-12 


Analyze the importance of proper hand-washing 
procedures and appropriate use of personal pro- 
tective equipment. 

Explain appropriate procedures for hand saniti- 
zation for health-care workers. 

Examine the fundamental concepts included in 
the OSHA Hazard Communications Standard. 
List the required components on a Material 
Safety Data Sheet. 

Explain how a chemical label provides safety 
information. 


Describe how a laboratory employee may protect 
themselves from other physical dangers in the 
laboratory. 


35) 
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3-15 Identify who is protected by the OSHA Blood- 3-20 Compare and contrast the major bloodborne 
borne Pathogens Standard. pathogens that are considered to be a threat in 
3-16 Interpret the key terms included in the OSHA the laboratory environment. 
Bloodborne Pathogens Standard. 3-21 Detail the appropriate follow-up procedure 
3-17 List the essential components of an exposure in case of an accidental bloodborne pathogens 
control plan. exposure. 
3-18 Discuss the appropriate use and disposal of 
sharps in the laboratory environment. 
3-19 Define biohazardous waste and explain proper 
disposal methods for this type of laboratory 
waste. 
CAAHEP/ABHES STANDARDS 
e>. 


CMA 
24 CAAHEP 2008 Standards 
lIL.P.4. Perform Handwashing 


I.C.1I.3. Discuss Infection Control Procedures 
lIL.C.I.5. List major types of infectious agents 


“SS” ABHES 2010 Standards 
¢ Clinical: Apply principles of aseptic techniques and 


infection control 
¢ Clinical: Use standard precautions 


HL.P.IN.2. Practice Standard Precautions 
X.C.XI.1; Describe Personal Protective Equipment 


X.C.XI.3: Describe the importance of MSDS in a health- 


care setting 


X.C.XI.4. Identify safety signs, symbols and labels 
X.C.X1.8. Discuss Fire safety issues in a healthcare 





environment 
KEY TERMS 
Aerobic Carriers Fecal-oral route 
Acquired immune deficiency CDA cells Fomites 
syndrome (AIDS) Centers for Disease Control and Fungi 
Anaerobic Prevention (CDC) Hazard Communication Standard 
Asepsis Cirrhosis Health care—-associated infection 
Asymptomatic Cocci Hepatitis 
Bacilli Contagious Hepatitis A (HAV) 
Bacteria Contaminated sharps 


Biohazard symbol 
Biohazardous waste 
Bloodborne pathogen (BBP) 


Bloodborne Pathogens Standard 
(1910.1030] 


Carcinogenic 


Diplococci 
Disinfection 

Electron microscope 
Engineering controls 
Epidemiology 


Exposure control plan 


Hepatitis B (HBV) 
Hepatitis C (HCV) 
Hepatitis D 


Human immunodeficiency virus 


(HIV) 
Infection 


Infection control 
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Material Safety Data Sheets 
(MSDS) 


Medical asepsis 
Microorganisms 
Mucous membranes 
Mycotic 


National Fire Protection 
Association (NFPA) 


Nonintact skin 

Normal flora 
Nosocomial infection 
Occupational exposure 


Occupational Safety and Health 
Administration (OSHA) 
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Opportunistic pathogen 


INFECTION CONTROL AND LABORATORY 
SAFETY 





Pathogens, infection, and contamination are words that 
most of us have heard at home or in our communities. 
What do they really refer to? What impact may they have 
on our laboratory environment, our health, and the 
health of our patients? The laboratory setting has strin- 
gent safety precautions that must be observed in order to 
keep our health-care workers safe as they perform their 
daily routines. Laboratory professionals use various 
chemicals and equipment that put them at risk for injury. 
In addition, specimens taken from the human body pres- 
ent a unique challenge as they are naturally infectious, or 
capable of transmitting disease to others. Infection con- 
trol is the term used to describe the process of protecting 
health-care workers and the patients they serve from the 
infectious agents in our facilities. In addition, because all 
the hazards faced in the laboratory are not from infec- 
tious agents, further safety methods must be employed to 
protect our laboratory professionals. It is imperative that 
as a medical assistant working in a laboratory environ- 
ment you understand the hazards you may encounter, the 
laws that are designed to protect you and the patients you 
serve, and the appropriate use of the safety equipment 
that is available to you. 


CORE CONCEPTS OF INFECTION CONTROL 





In recent years, we all have become more aware of 
the infections that may be transmitted through the 
water, through the air, or with casual contact in our 
communities. Severe acute respiratory syndrome 
(SARS), the Asian flu, Escherichia coli outbreaks, and 
other pathogens such as the monkeypox virus remind 
us that we are very vulnerable. The presence of AIDS 
and hepatitis C is further proof of how our world has 
changed in the past 35 years. Be very mindful of the 
fact that almost any transmissible infection could find 
its way into your laboratory at any moment, as it may 
be present in your community, and you won't be aware 
of it. An ill patient may come into the office for med- 
ical services with an infectious condition, a specimen 
may be dropped off that is capable of transmission, or 
a salesperson may arrive and offer her hand, which is 
covered with bacteria, for a greeting. 


Microorganisms 


Diseases that may be encountered in your medical office 
or laboratory (even without any blood exposure) in- 
clude varicella (chickenpox), tuberculosis, viral respira- 
tory infections, conjunctivitis (pinkeye), gastrointestinal 
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infections, and measles. Sometimes these infections 
affect the personnel, and sometimes they affect other 
patients within the facility. They are all caused by 
microorganisms, living organisms that are too small to 
be seen without a microscope. Most microorganisms are 
harmless to humans. However, a small percentage of 
bacteria, viruses, fungi, protozoa, and parasites are 
capable of causing disease in the human body. These 
disease-causing organisms are known as pathogens. An 
infection is the invasion of the body by pathogens that 
then cause disease symptoms. Not all microorganisms 
are pathogenic, and some are only capable of causing 
disease when they enter a part of the body where they 
don’t normally reside. A disease is contagious or trans- 
missible if it can be spread to other people directly or 
indirectly. 





. 
Test Your Knowledge 3-1 
Staphylococcus aureus is a type of bacteria that sometimes 
functions as a pathogen. What other types of microor- 


ganisms may cause disease in humans? — (Outcome 3-2) 
ee EEEEEEEEEEEE———————————@«<— 


Test Your Knowledge 3-2 


Do all microorganisms cause disease? (Outcome 3-3) 
Nooo 








Types of Microorganisms 


Bacteria. Bacteria are single-celled organisms that 
have a cell wall in addition to the cell membrane that our 
human cells possess. (This is an important property 
when identifying different types of bacteria with special 
stains, as is discussed in Chapter 10.) Of all the bacteria 
known to exist, approximately 4% are known to cause 
disease in humans. Bacterial infections are treated with 
medication that will kill the microorganisms or keep 
them from multiplying, (antibiotics), but for effective 


Bacillus 


Streptococci 





Spirillum 


treatment, identification of the causative agent is often 
necessary. 

An initial step of the identification process is to exam- 
ine a sample under the microscope so that the bacteria 
can be classified according to one of three basic shapes, 
as seen in Figure 3-1. Cocci are round bacteria, which 
can then be classified further by their appearance when 
examined microscopically. Cocci that grow in grape-like 
clusters are staphylococci, those that grow in chains are 
streptococci, and those that grow in pairs are diplo- 
cocci. Diseases caused by cocci include streptococcal 
sore throat, pneumonia, abscesses, food poisoning, gon- 
orrhea, and meningitis. 

Long, slender, rod-shaped (oval) bacteria are called 
bacilli. These are especially prevalent in the soil and the 
air. Many types of bacilli are able to form spores, which 
is a dormant form of the bacteria that is resistant to 
changes in heat, moisture, and disinfectants. Bacilli 
cause diseases such as botulism, tetanus, diphtheria, 
tuberculosis, and salmonella food poisoning. E. coli is a 
normal bacilli that is present on our skin and in our in- 
testines, but if we come in contact with a specific strain, 
E. coli O157:H7, it may lead to serious food poisoning, 
and may even be fatal. 

Spirilla are curve-shaped or spiral bacteria. This type 
of bacterium is less frequently isolated in specimens from 
the human body, but the infections may be quite serious 
when they occur. Treponema pallidum is a spirillum that 
causes syphilis, and cholera is caused by another type of 
spirillum. This category may also be described as curved 
rods and microbiologists may subdivide it further into 
those bacteria that only have a slight curve and those that 
are tightly wound like a spring. 





Test Your Knowledge 3-3 


How are staphylococci and diplococci different? 
(Outcome 3-4) 





Staphylococci 


Figure 3-1 Types of bacteria, including 
cocci, staphylococci, streptococci, diplo- 


Diplococci cocci, bacilli, and streptococci. 


1899_Ch03_035-062 26/12/11 3:05 PM Page 39 


Chapter 3. Laboratory Safety and Preventing the Spread of Disease 39 





Test Your Knowledge 3-4 


Describe the appearance of bacilli viewed under the 
microscope. (Outcome 3-4) 





Viruses. Viruses are another common type of patho- 
genic microorganism. They are the smallest infectious 
agent, and are not really cells. Viruses are either made 
up of RNA or DNA surrounded by a protein capsule, 
and require a host cell to survive and replicate. Viruses 
cannot be observed using a simple microscope such as 
is found in most laboratories; they require use of an 
electron microscope for visualization. They invade the 
cells of our body, and use our own structures to make 
more virus particles. Viruses cause many of the diseases 
for which we are vaccinated, including measles, 
mumps, and chickenpox. The human immunodefi- 
ciency virus (HIV) is the causative agent of AIDS, and 
is an example of a retrovirus. Antiviral medications are 
available for some viral infections, but because of the 
way virus particles use human cells, the treatment may 
be quite damaging to the host as well as to the virus. 
Antibiotics are not effective against viruses. 





Test Your Knowledge 3-5 


List two ways that viruses are different from bacteria. 
(Outcome 3-5) 





Fungi. Fungi are plant-like organisms that flourish in 
an environment that is dark and damp. Yeast is a type of 
fungus, and fungal infections on the body are called 
mycotic infections. Athlete’s foot and ringworm are 
examples of fungal infections. 


Parasites. Parasites are similar to viruses because they 
require a living host to survive. A genus of bacteria known 
as Rickettsia is parasitic. Parasites take their nourishment 
from the host and require their host cells to reproduce, but 
they do not utilize the human cell in the same way that a 
virus does. Malaria is an example of a parasitic disease; the 
malaria parasite actually works into the red blood cells of 
the host and causes the patient to become ill. The word 
parasite may also be used to refer to larger, multicellular 
organisms such as tapeworms, which live inside the 
human host and use the body to survive. 


Protozoa. Protozoa are complex single-cell microor- 
ganisms, most of which are nonpathogenic. However, 
there are a few species that can cause very serious infec- 
tions in humans. Protozoa live in the soil and water. 


Microorganism Growth Requirements 


Because we have so many microorganisms present in 
our environment, we must find ways to eliminate as 
many as possible, with an emphasis on the removal of 
pathogens that could cause harm. However, it is impos- 
sible and impractical to sterilize our environment in the 
laboratory, which would involve the elimination of all 
microorganisms. Sanitization reduces the number of 
microorganisms on a surface with cleaning. Heat or 
chemicals are often used for sanitization in the health- 
care environment. Disinfection is the process by which 
a medical assistant applies a chemical to a surface to kill 
the pathogenic microorganisms that may be present. 
Sanitization is often performed before an item is disin- 
fected, so that the majority of the microorganisms are 
already removed before the pathogens are targeted. 
Items such as examination tables, countertops, and 
equipment are disinfected on a regular basis. Skin may 
also be disinfected, as it is impossible to sterilize the skin 
by eliminating all the microorganisms. Seventy percent 
isopropyl alcohol or povidone-iodine solutions are used 
for skin disinfection. Work surfaces and equipment are 
often disinfected in the laboratory with a freshly 
prepared 10% bleach solution. 

Asepsis means that a surface is without infection. In 
the medical environment, there are two types of asepsis. 
Surgical asepsis means that all the pathogenic organ- 
isms have been destroyed before they enter the body. 
Invasive procedures such as venipuncture, injections, 
and urinary catheterization require surgical asepsis to be 
in place so that pathogenic microorganisms aren't intro- 
duced into the body of the patient. Equipment used for 
these types of procedures must be sterilized, and special 
care is used to avoid infection. Medical asepsis is a term 
used to describe a procedure or an environment that al- 
lows a patient to be treated without exposure to patho- 
genic microorganisms. For noninvasive procedures and 
the majority of care provided in the medical office, 
medical asepsis is adequate to protect the patients from 
potential infection. The items that are used for this type 
of care are clean and have been disinfected, but sterility 
is not necessary. To disinfect the environment appropri- 
ately and achieve medical asepsis, we must understand 
what elements microorganisms need for survival. These 
include the following: 


¢ Temperature: The optimum temperature for each 
microorganism will vary. Human pathogens tend to 
prefer our body temperature, so they grow best at 
approximately 98.6°F. 

¢ pH: A neutral pH is best suited for most microorgan- 
isms. This is why many disinfectants and cleaning 


1899_Ch03_035-062 26/12/11 3:05 PM Page 40 


AO Section! Overview of the Laboratory 


agents are basic or acidic, as they will kill the microor- 
ganisms by making their environment inhospitable. 
Darkness and moisture: Most microorganisms like 
darkness or dim light, and they all need moisture to 
survive. 

Nutrition: The type of nutrition varies depending on 
the type of microorganism, but they all need some- 
thing in their environment to use as a food source. 
Oxygen: Aerobic microorganisms need oxygen pres- 
ent for survival. Anaerobic microorganisms are best 
suited for environments that have an absence or low 
levels of oxygen. 


Good aseptic practices for the medical setting will at- 


tempt to eliminate the elements necessary for pathogenic 
microorganisms to survive. These practices may include 
the following: 





Disinfect work areas (using an appropriate disinfecting 
agent for the health-care environment) between 
patients. 

Take appropriate respiratory precautions while work- 
ing with patients with potentially infectious respira- 
tory conditions. Provide masks and tissues to the 
patients, and enforce their use by employees as well. 
Close the door of the treatment or blood-draw area if 
possible when an infectious disease is suspected. 
Limit access of nonessential personnel and visitors to 
patient care areas. 

Keep the laboratory and waiting room area well lit, 
well ventilated, and free of dirt and dust. 


Test Your Knowledge 3-6 

Brittany, a phlebotomist working in the laboratory, is 
cleaning up at the end of her shift. She uses the disin- 
fectant provided by her employer and some paper 
towels to thoroughly clean the area where she has 
been drawing blood from patients. Is this work area 
now sterile? (Outcome 3-6) 





4 





Chain of Infection 


Figure 3-2 is a representation of the way pathogens are 
transmitted from person to person. This is represented as 
a chain, because all the parts of the circle are sequential 
and linked to one another. To stop the transmission of 
disease, the chain must be broken. A medical assistant 
working in a laboratory environment must practice good 
infection control techniques to achieve medical asepsis 
and break the chain. The potential infection needs to be 







i 


Susceptible Reservoir 


host 


Mode of 


transmission 


Figure 3-2 Chain of infection. 


stopped at the source before it can be transmitted. The 
essential parts of the chain include the following: 


¢ Infectious agent: A pathogenic microorganism. This 
may be a virus, bacteria in the environment, or 
pathogens that are carried in the bloodstream. There 
may also be microorganisms that are only pathogenic 
in specific situations. For instance, if an individual 
is taking antibiotics for an extended period of time, 
she may develop a yeast infection, because the yeast is 
taking advantage of the body’s imbalance created with 
the antibiotic use. The yeast would be an opportunis- 
tic pathogen. 

¢ Reservoir host: Someone who is infected or “carry- 
ing” the infectious agent. This may be a person or an 
animal that may or may not have symptoms of the 
infection. A reservoir host provides the necessary envi- 
ronment for the pathogen to grow. 

¢ Portal of exit: The means by which the pathogen 
leaves the host body, either through the eyes, mouth, 
ears, intestinal tract, urinary tract, respiratory tract, 
reproductive tract, or broken skin. Another portal of 
exit may be through the blood or other body fluids 
capable of transmitting pathogens. 

¢ Mode of transmission: This describes how the 
pathogen moves from one person to another. It may 
be transmission through the air as moisture droplets 
after a sneeze or a cough, other direct transmission 
occurs as one person touches another or via an insect 
or other vector. Vectors are living organisms that 
take in the pathogen, allow it to live and multiply in 
or on their bodies, then transmit it to another host 
without becoming ill with the pathogen during the 
transport. Dirty hands are a very common mode of 
transmission. 
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Pathogens may also be transmitted by inanimate 
objects, known as fomites. Doorknobs, telephones, 
countertops, and writing instruments are common 
fomites in the laboratory environment. Contami- 
nated food or water may also function as a mode of 
transmission. 

° Portal of entry: The pathogens enter the body in the 
same ways that they leave the body. The mucous 
membranes that line the external openings of our 
bodies are a common portal of entry and exit for path- 
ogenic microorganisms. 

¢ Susceptible host: A susceptible host is not protected 
from the pathogen as it enters his or her body. The 
pathogen to grow and multiply within the susceptible 
host. Age and illness can affect the susceptibility of a 
patient or an employee. A potential host will protect 
him- or herself (become less susceptible) in various 
ways. Protection may include vaccinations against cer- 
tain viruses or bacteria, appropriate nutrition, or 
proper use of personal protective equipment. 


In addition to understanding the chain of infection, it 
is important to realize how the chain may be broken by 
health-care staff members. Appropriate infection control 
practices and patient education are effective means of 
breaking the chain. Specifics include the following: 


¢ Infectious agent: Although health-care professionals 
may not always be able to break the chain at this link, 
it is important to remember that an infectious agent 
may be eradicated if a patient takes all of his or her an- 
tibiotics as directed. Patient education in this area is 
critical. 

¢ Reservoir host: Health-care personnel are sometimes 
tempted to go to work when they are ill. They are 
essentially a reservoir host at this time, and if they are 
not in the facility when they are ill, the chain is bro- 
ken. In addition, if there is a patient in the waiting 
room with a suspected illness that is highly conta- 
gious, removing the patient from the vicinity of other 
patients may break the chain at this point. 

¢ Portal of exit: Providing respiratory protection and 
tissues to patients may contain the infectious agent as 
it leaves the body. Keeping infected wounds covered 
may also affect this link of the chain. 

¢ Mode of transmission: The simplest and most impor- 
tant action that health-care personnel can take to break 
the chain of infection is washing their hands. In addi- 
tion, contaminated surfaces should be cleaned 
immediately after care is provided, and often throughout 
the workday. Patients should be educated about how to 
protect themselves if they live in the same household 


with another family member who is ill. Hand sanitiza- 
tion is also critical for family members and patients to 
eliminate an opportunity for the pathogens to be trans- 
ported to another susceptible host. 

Portal of entry: Those who are working with patient 
specimens must wear appropriate protective equip- 
ment (such as a face shield to provide mucous 
membrane protection, gloves, and a laboratory coat) 
to protect the common portals of entry. Health-care 
personnel working with patients who have respira- 
tory symptoms should protect their own respiratory 
passages with a mask. All broken skin should be cov- 
ered when working with patients, and there should 
be no eating, drinking, chewing gum, or applying 
makeup in the area where specimens are collected or 
processed. 

Susceptible host: Health-care personnel should al- 
ways keep their vaccinations up to date to keep them 
from being susceptible to vaccine-preventable diseases. 
In addition, a balanced lifestyle with good nutrition 
and adequate rest will reduce susceptibility. Patients 
should be encouraged to keep vaccinations up to date, 
and those who have impaired immune systems should 
be cautioned about protecting themselves while in the 
community. 





a 


Se ——— ee 


Test Your Knowledge 3-7 


How might a medical assistant break the chain of infec- 
tion at the mode of transmission link? (Outcome 3-7) 





r 





Ss 


Test Your Knowledge 3-8 

Cally Jones just completed a set of vaccinations to 
protect her from hepatitis A. Where has she broken the 
chain of infection for this disease? (Outcome 3-7) 





4 





Standard Precautions 


We have discovered that there are numerous microorgan- 
isms in our environment that have specific requirements 
they need to survive. Some of these microorganisms are 
pathogens, meaning that they can cause infection in the 
human body. A health care—associated infection is one 
that is acquired in a health-care facility, such as a hospi- 
tal, long-term care facility, physician office, or laboratory. 
If a patient in an inpatient facility enters without any ev- 
idence of infection, and develops signs of one more than 
48 hours after being admitted, the infection is then inves- 
tigated as a health care—associated infection. This type of 
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infection may also be known as a nosocomial 
infection. Health care—associated infections are more 
common in inpatient facilities in which patients are in 
close proximity to one another, but it is also possible to 
acquire an infection in an ambulatory care setting. For 
example, chickenpox is highly contagious and can be 
spread from one person to another via droplets in the air 
after an infected individual coughs or sneezes. If a suscep- 
tible patient is in the same waiting area for an extended 
period of time with someone who is infected, the patient 
may develop chickenpox as a health care—associated 
infection. 

Health care—associated infections have become more 
prevalent, more dangerous, and more expensive to treat 
in the past few decades. In response, the Centers for 
Disease Control and Prevention (CDC) has devel- 
oped a set of Standard Precautions to assist health-care 
facilities with their infection control efforts. This stan- 
dard is based on the premise that every person is poten- 
tially infectious with a microorganism that could be 
transferred to someone else in the health-care setting. 
Appropriate hand-washing techniques are stressed in 
the standard, as it has been found that this is the most 
effective action taken by medical staff to stop the spread 
of infection. Appropriate use of personal protective 
equipment, equipment disinfection, good respiratory 
hygiene, appropriate use of sharps, correct disposal of 
linen, and environmental cleaning practices are also 
addressed in the standard. For those working in inpa- 
tient facilities, the standard includes information about 
different types of precautions to be taken in isolation 
situations. The Standard Precautions expand and 
enhance the Universal Precautions developed in the 
1980s, which specifically addressed infections transmit- 
ted through contact with blood and other potentially 
infectious materials. The premise of the Universal Pre- 
cautions was that everyone was potentially infectious for 
bloodborne pathogens and that the same care should be 
used to treat every specimen. 





e 
Test Your Knowledge 3-9 


According to the CDC recommendations for Standard 
Precautions, who is to be considered infectious? 
(Outcome 3-8) 


= 4 








( Test Your Knowledge 3-10 


What is the most effective action a health-care worker 


can take to stop the chain of infection? (Outcome 3-8) 
= _f 











Centers for Disease Control and Prevention 
Hand-Washing Recommendations 


Even though research has shown that the hands of health- 
care personnel are one of the most common modes of 
transmission for pathogens, there are still issues with 
hand-washing compliance. The CDC recognized that 
this issue needed to be addressed, and the guidelines re- 
cently released now recommend the use of alcohol-based 
hand rub for routine decontamination of the hands in 
many situations, which may be quicker and easier for 
health-care professionals to use than washing the hands 
with soap and water. Either hand washing and deconta- 
mination using alcohol-based hand rubs remove or kill 
transient bacteria, viruses, or other types of microorgan- 
isms that may be present on the hands. Transient mi- 
croorganisms, which attach themselves to our hands dur- 
ing our day-to-day activities, are responsible for most of 
the contamination and potential infection as health-care 
workers move from patient to patient. Resident bacteria, 
or normal flora, are bacteria living on and in between the 
deeper layer of our skin cells, and are not removed during 
routine hand cleaning. Here are some of the specific 
recommendations for hand hygiene: 


1. Avoid any unnecessary touching of surfaces sur- 
rounding the patient. 

2. If your hands are visibly dirty or contaminated with 
blood or other materials, wash them with soap and 
water. (It is not important at this point whether it is 
an antimicrobial soap that is used.) 

3. Hands should be washed before eating and after 
using the restroom. 

4. If hands are not visibly soiled, or if they were washed 
with a soap that was not antimicrobial, it is recom- 
mended that an alcohol-based hand rub be used. It 
may be used instead of the soap and water wash, or 
in addition to hand washing after a nonantimicrobial 
soap is used. 

5. Hands should be decontaminated (washed or 
cleansed using the alcohol-based hand rub) in these 
situations: 

a. Before and after direct contact with patients, even 
if the patient has intact skin 

b. After contact with blood, body fluids or excretions, 
mucous membranes, nonintact skin, or dressings 
used for open wounds 

c. If the health-care provider will be going from a 
contaminated body site to a clean body site on the 
same patient 

d. After contact with any objects, such as equipment, 
in the immediate area of the patient 

e. After removing gloves 
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5. It is also recommended that artificial nails be avoided 
if the duties of the health-care provider include direct 
contact with patients at high risk for infection. Keep 
natural nails less than one-fourth-inch long. 

6. Minimize jewelry on the hands, as bacteria may be 
present underneath or in jewelry and is not removed 
during normal hand-washing techniques. 

7. Refilling of soap pump dispensers is discouraged. If a 
refill is necessary, the dispenser should be rinsed thor- 
oughly before more soap is added. Bacterial contam- 
ination may be present in the small amount of soap 
at the bottom of the container. 





Test Your Knowledge 3-11 


What is an acceptable alternative to hand washing in 
the laboratory in most situations? (Outcome 3-9) 








Test Your Knowledge 3-12 


Describe three situations in which a health-care worker 
should decontaminate their hands. (Outcome 3-10) 





Acceptable Medical Hand-Washing Procedures 


The CDC recommendations outline specific practices to 
be employed when washing or disinfecting hands be- 
cause this is such an important part of infection control 
practices. These procedures are explained in detail in 
Procedures 3-1 and 3-2. 





Test Your Knowledge 3-13 


Why would a clean, dry paper towel be used to turn off 
the water faucets after hand washing? (Outcome 3-10) 





Procedure 3-1: Perform Hand Washing 


TASK 


Perform hand washing appropriately, using the recom- 
mended technique for medical personnel. 


CAAHEP/ABHES STANDARDS 


ey CAAHEP 2008 Standards 
lI1.P.4. Perform Handwashing 


Ee. 
© ABHES 2010 Clinical 


¢ Apply principles of aseptic techniques and infection 
control 
e Use standard precautions 


CONDITIONS 


e Antibacterial soap 

¢ Running water 

¢ Paper towels 

e Manicure brush and stick 





Procedure 


1. Remove all rings, and make certain that lab coats, 
watches, and bracelets are pushed up above the 
wrist area. 


2. Adjust the water temperature until it is warm but 
not hot. 


3. Wet the hands and wrists. 


4, If using a soap dispenser, use a clean paper towel to 
dispense the amount of soap recommended by the 
manufacturer. This is usually 3-5 mL or 1-2 
pumps. If an automatic soap dispenser is used, the 
paper towel is not necessary. 





Rationale 


It is not possible to clean appropriately under rings, so 
they should be removed. Watches and bracelets need 
to be moved above the wrists so that the wrists can 
be cleaned. 


Hot water leads to skin breakdown, and should be 
avoided. 


To provide the best sudsing action with the soap, the 
hands should be wet before applying the soap. 


A push-top soap dispenser or an automatic dispenser is 
recommended. If bar soap must be used, the bar of 
soap must be kept in the hands until they are thor- 
oughly covered with suds, and a drainable soap dish 
must be in use to avoid pooling of dirty water 
around the bar of soap. 





Continued 
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Procedure 3-1: Perform Hand Washing—cont’d 








Procedure 


5. Rub the hands together vigorously for at least 
10-15 seconds. All surfaces of the hands should 
be covered with soapsuds, as well as between the 
fingers and up over the wrist area. Keep the hands 
lower than the elbows. 


6. Avoid touching the lab coat or scrubs on the front 
of the sink, and avoid touching the hands to the in- 
side of the sink while scrubbing. 


7. Clean the top of the fingernails with the brush and 
clean under the fingernails with the manicure stick. 


8. Rinse the hands under the warm water, keeping the 
hands lower than the elbows. 





Rationale 


The friction created helps to minimize the amount of 
bacteria on the hands. The hands must remain 
lower than the elbows to avoid having the water run 
up to the elbows, causing contamination farther up 
on the arm. 


REN 





Hand washing with all surfaces covered with suds, including wrists 


If the lab coat or scrubs touches the front of the sink, it 
will become contaminated with dirty water. The in- 
side of the sink is considered to be “dirty,” so should 
not be touched during the hand-washing procedure. 


The cuticle area and the skin surrounding the finger- 
nails harbor bacteria, so special care needs to be 
taken to clean this area thoroughly. The manicure 
stick should be used under the fingernails to remove 
as much contamination as possible. 


The hands need to remain below the elbows to avoid 
contamination. All soap must be rinsed from the 


hands. 
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Procedure 


9. Dry the hands thoroughly with paper towels. 
Dispose of the paper towels in an appropriate 
receptacle. 


10. Using another clean, dry paper towel, turn off the 
water faucets. Dispose of the paper towel in the 
appropriate receptacle. 


45 


Rationale 


Hands should be dried thoroughly before continuing. 
Special care should be given to the area between 
fingers. 


A clean, dry paper towel must be used rather than using 
the damp one that was used to dry the hands. The 
moisture on the paper towel may draw the bacteria 
present on the faucets back onto the clean hands. 





Procedure 3-2: Sanitize Hands With an Alcohol-Based Hand Sanitizer 





TASK 


Sanitize hands using an alcohol-based hand sanitizer. 


CAAHEP/ABHES STANDARDS 





Uy CAAHEP 2008 


IN.P.IL2. Practice Standard Precautions 


ae 
© ABHES 2010 Clinical 


e Apply principles of aseptic techniques and infection 
control 
e Use standard precautions 


CONDITIONS 


Alcohol-based hand sanitizer containing 60% to 95% 
alcohol 








Procedure 


1. Remove all rings, and make certain that laboratory 
coats, watches, and bracelets are pushed up above 
the wrist area. 


2. Verify that the sanitizer to be used is alcohol based. 


3. Dispense the manufacturer’s recommended amount 


of the product in the palm of the hand. 


4, Cover all surfaces of the hands and fingers with the 
sanitizer solution, and continue to rub these sur- 
faces until the product is completely dry. Don't 
forget the areas around and under the fingernails, 
as well as between the fingers and the wrist area. 


5. Allow the hands to air-dry. Do not use a paper towel 
to dry hands. 


Rationale 


It is not possible to clean appropriately under rings, so 
they should be removed. Rings contain microorgan- 
isms that can cause infection. Watches and bracelets 
need to be moved above the wrists so that the wrists 
can be cleaned. 


The CDC recommendations sanction only the use of 
alcohol-based sanitizers. 


Do not dispense less than is recommended or the hand 
sanitization will be incomplete. Do not apply more 
than is recommended or the dry time will be in- 
creased. 


The skin around the fingernails and cuticles harbors a 
lot of microorganisms, so pay close attention to 
this area. 


If the hands are not allowed to air-dry, the sanitization 
process is incomplete. The microorganisms will 
continue to be destroyed while the solution dries on 


the hands. 
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Proper Use of Personal Protective Equipment 


Later in this chapter you will learn about the Occupa- 
tional Safety and Health Administration (OSHA) 
Bloodborne Pathogens Standard, which is a compre- 
hensive policy addressing bloodborne pathogen 
(BBP) exposure in health-care settings. A key compo- 
nent of this standard, as well as the Standard Precau- 
tions, is proper use of personal protective equipment 
(PPE). Personal protective equipment helps to protect 
the employee from bloodborne pathogens (those 
pathogens that are transmitted via direct contact with 
blood and other infectious body fluids), and in addi- 
tion it helps to protect them from the pathogens in 
their environment that are not bloodborne. In order to 
be effective, personal protective equipment must be 
worn at appropriate times, removed when not needed, 
and disposed of properly. When considering PPE for a 
task, the employee must decide what type of exposure 
is reasonably anticipated while performing that task. 
Policies must be in effect by the employer to guide 
these decisions for PPE use. 

The most important personal protective equipment 
in the medical laboratory is properly fitting gloves (see 
Fig. 3-3). Employers are responsible for providing PPE 
to employees, and gloves are no exception. Most facili- 
ties no longer use latex gloves; latex allergies have be- 
come too widespread to continue with this practice. 
Latex alternatives (such as nitrile gloves) are readily 
available. Gloves should be worn when contact with 
blood, mucous membranes, or nonintact skin could be 
anticipated when performing a certain task. Gloves 
should also be worn when contact with other poten- 
tially infectious materials (OPIMs) is anticipated. 
OPIMs are those that are capable of transmitting 
bloodborne pathogens. 

It is not necessary to wear gloves when touching a 
patient with intact (unbroken) skin for routine care, 
such as taking vital signs and helping a patient into the 
procedure chair. Hands should be washed before and 
after each glove use, and gloves should always be re- 
moved after caring for a patient. The same pair of 
gloves should never be used for the care of more than 
one patient. Do not wash gloves. Gloves should not be 
worn after patient care when leaving that immediate 
area, as they may be contaminated with unseen mi- 
croorganisms that will be deposited on door handles, 
telephones, and the like. Also, do not touch your face 
or hair while caring for a patient and wearing gloves. 
Do not wear the same pair of gloves for a patient if 
you are going from a dirty body site to a clean body 
site; remove the gloves, wash your hands, and put on 


a clean pair. Remember, gloves cannot prevent a 
needlestick injury, but they can prevent a pathogen 
from entering your body through a small break in your 
skin under the glove, and they can protect you from 
transient microorganisms that you may be exposed to 
while working in the health-care environment. 





Test Your Knowledge 3-14 


Marni is working hard to successfully draw blood from 
a patient who has very fragile veins. As she works, the 
phone keeps ringing. She finally obtains a sample, and 
just as she completes the draw and has the patient put 
pressure on the site, she reaches out with her gloved 
hand and answers the phone. What has she done 
wrong in this scenario? (Outcome 3-9) 

y 











Gloves should be removed promptly after use. The 
method of removal is critical, as the gloves may be con- 
taminated with unseen microorganisms that must not be 
spread to the surrounding area. Procedure 3-3 explains 
the steps involved in aseptic glove removal. 

Personal protective equipment also may also include 
masks, goggles, face shields, or respirators (Fig. 3-3). A 
mask may be worn to protect others from droplets that 
may be generated when coughing or sneezing. Masks 
may be given to patients to wear while they are in the 
facility, or health-care professionals who have an upper 
respiratory infection or allergies may wear masks. 
Remember to keep the mask tight to the face so that it 
is effective. Masks with goggles or face shields may be 
worn to protect the employee’s eyes, mouth, and nasal 
passages from moisture droplets or aerosols in the lab- 
oratory environment. 

Respirators are required when working with patients 
with pulmonary tuberculosis or when dealing with cer- 
tain types of specimens considered potentially infectious 
for airborne transmission. Respirators must also be worn 
when working with certain chemicals used as preserva- 
tives in the laboratory. Respirators must be fit properly 
to the face of the employee to be effective, and the filters 
must be maintained as directed. 

Gowns may be used when additional protection is re- 
quired during patient care (Fig. 3-3). These are especially 
important when entering isolation areas of the hospital 
or when working in a nursery environment with new- 
borns. Care must be taken to keep the interior side of the 
gown free of contamination to protect the employee. 
Gowns are usually made of light, disposable material, 
and must be disposed of immediately after use. Generally 
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Procedure 3-3: Removal of Contaminated Gloves 


TASK 


Properly remove and dispose of contaminated gloves. 


CAAHEP/ABHES STANDARDS 


ey CAAHEP 2008 


H.P.II.2. Practice Standard Precautions 





ES. 
© ABHES 2010 Clinical 


¢ Apply principles of aseptic techniques and infection 
control 
e Use standard precautions 


CONDITIONS 


¢ Nonlatex gloves 
¢ Biohazard waste container 





Procedure 


1. Grasp the palm of the glove on the nondominant 
hand. Keep the gloves away from the body and the 
hands pointed toward the floor. 


2. Pulling on the palm of the glove, turn it inside out 
as it is removed from the nondominant hand. 


3. Crumple up the contaminated glove into the other 


gloved hand. 


4, Insert two of the ungloved fingers under the cuff, 
against the wrist of the gloved hand. 


5. Pulling down with these fingers, turn the second 
glove inside out over the other glove while slipping 
it off the fingers. 


6. Dispose of the gloves in a biohazard waste container. 


7. Wash hands. 





Rationale 


Grasping the palm will allow a firm hold as this glove 
is removed. Keeping the hands away from the body 
pointed toward the floor will minimize the risk of 
splatter in the eyes or mucous membranes. 


If the glove is inside out, it will not be able to contam- 
inate the bare skin, as the soiled area will be on the 
inside of the glove. 


This allows the contaminated glove to be held safely 
while the other glove is removed. 


Be careful not to touch the contaminated side of the 
glove with the bare hand. 


This method will allow the contaminated surfaces to 
remain inside the glove bundle. 


Visible contamination on the gloves means that they 
need to be disposed of as biohazardous waste. 


Hands must always be washed after removing gloves 
because gloves are not foolproof and hand contami- 
nation is still possible. It also helps to remove any 
powder residue that may be left behind on the 
hands. 








there is a disposal area just inside or outside the room 
where the gowns were worn. 

Laboratory coats are also used when there is a potential 
for splashing or soiling of the clothing worn by laboratory 
professionals. These should be OSHA approved as fluid 
resistant to offer the best protection. The coats must have 
tight cuffs, and should button or snap up to the neckline 
when worn. Clean laboratory coats should not be stored 


with dirty coats, and employees must not wear their con- 
taminated laboratory coats into eating areas or the rest- 
room. Laboratory employees are also not to take their 
coats home to be laundered, as this could contaminate 
their home environment. If laboratory coats are required 
at the facility where an employee works, OSHA regula- 
tions dictate that the facility is responsible for providing 
the coats and cleaning them commercially after use. 
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Figure 3-3 Medical assistant wearing OSHA-approved 
laboratory coat, appropriate face protection, and gloves. 


Laboratory professionals should never apply makeup, 
chew gum, eat, or drink when working with blood or 
OPIMs. Also, food must never be stored in the same 
refrigerator with specimens or medications, regardless of 
how it is packaged. 





= 
Test Your Knowledge 3-15 


What type of personal protective equipment should be 
worn when a medical assistant is performing a routine 


blood draw? (Outcome 3-9) 








ww sent OF INTEREST 3-1 

Bloodborne facts 
The U.S. Department of Labor, Occupational Safety, 
and Health Administration (OSHA) has published a 
series of fact sheets that cover various aspects of the 
Bloodborne Pathogens Standard. This standard may be 
difficult to understand and therefore compliance may 
be complicated. These fact sheets are excellent tools 








for offices that are struggling to develop their plans 
appropriately or for anyone who is trying to update 
knowledge of the subject. They cover many subjects, in- 
cluding the hepatitis B virus, vaccine, and postexposure 
follow-up, and proper use of personal protective equip- 
ment. Single copies may be obtained by contacting 
the OSHA Publications Office, Room N-3101, 200 
Constitution Avenue, NW, Washington, DC 20210. 











LABORATORY SAFETY 


The laboratory environment is unique because of the types 
of hazards present. As we have already discussed in this 
chapter, laboratory professionals are surrounded by poten- 
tial pathogens as they perform patient care and work with 
specimens. In addition, employees are using or are in the 
vicinity of chemicals of various types, as well as electrical 
testing equipment. Laboratory professionals are also ex- 
posed to bloodborne pathogens, as needle use and han- 
dling fluids from the human body are part of the daily 
duties in this environment. All of these potential risks 
make safety in the laboratory workplace somewhat compli- 
cated. This chapter has already provided information about 
protection from exposure to pathogenic microorganisms in 
the environment and basic infection control practices. 
Now we will emphasize chemical safety, physical safety, and 
bloodborne pathogen safety in the laboratory. 


Chemical Safety 


Numerous chemicals are present in the clinical laboratory. 
Some of these are used as cleaning agents or disinfectants, 
whereas others may function as preservatives for labora- 
tory specimens. Hydrochloric acid (HCI), for example, is 
often used as a preservative for 24-hour urine specimens, 
and bleach is used as a recommended method for cleaning 
surfaces exposed to blood and other potentially infectious 
materials. Both acidic and alkaline substances can cause 
severe burns, and mixing various chemicals may have dis- 
astrous effects. To protect the employees using these 
chemicals, OSHA created the Hazard Communication 
Standard. This standard gives all employees the right to 
know about the potential hazards associated with the 
chemicals in their workplace. The required components 
addressed in this standard include the following: 


e A hazard communication program to be developed 
and used within the facility 

¢ Current inventory of all hazardous chemicals used in 
the workplace 
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¢ Appropriate labeling of those chemicals designated as 
hazardous 

e Material Safety Data Sheets 

¢ Documented training for employees 


Test Your Knowledge 3-16 


Who is the OSHA Hazard Communication Standard 
(Outcome 3-11) 


designed to protect? 








The Hazard Communication Standard establishes 
comprehensive guidelines for labeling chemicals. These 
guidelines include the name of the chemical; contact 
information for the manufacturer; physical and health 
hazards of the chemical; safety precautions; and infor- 
mation pertaining to the storage, handling, and dis- 
posal of the chemical. The original container, as well as 
any transfer containers for the same chemical must be 
labeled in this manner. 





i 
Test Your Knowledge 3-17 


The laboratory assistant who is working the evening 
shift notices that the laboratory is almost out of a dis- 
infectant that staff members use to clean some of the 
instruments. He wants to be sure that the supervisor 
orders the same product that is now in use. Where can 
he look to find the name of the manufacturer to tell his 
supervisor? (Outcome 3-13) 
4 











A Material Safety Data Sheet (MSDS) must also be 
available for every hazardous chemical in use. This is a 
document provided by the manufacturer that provide 
even more details about the chemical than those printed 
on the label. A current MSDS must be kept on file for any 
chemical in use that is considered potentially hazardous, 
and these sheets must be accessible to employees at all 
times (Fig. 3-4). The standard requires that the following 
information be provided on all Material Safety Data 
Sheets: 


Identification: Must include the generic and brand 
name, as well as the name, address, and emergency 
phone number for the manufacturer, and the date the 
MSDS was prepared. 

Composition of ingredients: List of the ingredients, 
and how much of the chemical is considered to be safe 
for exposure. 

Physical and chemical properties: Includes items 
such as appearance, odor, boiling point, specific grav- 
ity, pH, etc. 


¢ Fire and explosion data: Will this chemical catch fire 
or explode if used incorrectly? If so, how should you 
extinguish the fire? 

Reactivity data: How does this chemical react with 
other chemicals? What types of interactions should be 
avoided? 

Health hazards: Includes information such as the route 
of entry, signs and symptoms to be aware of in case of 
overexposure, medical conditions that might be wors- 
ened when this chemical is used, and acute or chronic 
health hazards that may develop with regular exposure 
to the chemical. This section of the MSDS is very im- 
portant to the health-care professional who uses this 
chemical as part of his or her daily tasks. There is also 
information presented about the carcinogenic (cancer- 
causing potential) classification of the chemical. 
Emergency first-aid procedures: What should you 
do if overexposure occurs as a first aid measure while 
help is on the way? 

Precautions for safe handling and use of the chem- 
ical: Includes instructions for handling a chemical 
spill, how to store the chemical, and how to dispose of 
the chemical and or container. 

Control measures: Includes the personal protective 
equipment and safety apparatus that should be used 
when dealing with the chemical. 





Test Your Knowledge 3-18 


How many required components must be present on a 
Material Safety Data Sheet? (Outcome 3-12) 





The last required component of the Hazard Commu- 
nication Standard is employee training. All employees 
who might be exposed to hazardous chemicals at work 
must be provided information about the chemicals and 
their potential hazards prior to the beginning of their 
employment in the area where the chemicals are used, 
and again whenever the hazard may change with the ad- 
dition of new chemicals or new duties. There must be 
documentation of each training session, and the educa- 
tion must be continuous; not only offered at the time of 
initial employment. There must also be assurance that 
the employee understood the information presented. 
The required training elements include the following: 


¢ A general overview of the right to know standard, 
explaining all the components involved, where to 
find the inventory of hazardous chemicals in use, 
and where the written hazard communication pro- 
gram is kept for that facility 
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The Clorox Company 
1221 Broadway 


Oakland, CA 94612 
Tel. (510) 271-7000 


Material Safety 
Data Sheet 









| Product: CLOROX REGULAR-BLEACH 
Description: CLEAR, LIGHT YELLOW LIQUID WITH A CHARACTERISTIC CHLORINE ODOR 
Other Designations Distributor Emergency Telephone Nos. 
Clorox Sales Company For Medical E 
Clorox Bleach 1221 Broadway (800) 446-1014 
EPA Reg. No. 5813-50 Oakland, CA 94612 For Transportation E i 
800) 424-9300 

ll Health Hazard Data lll Hazardous Ingredients 


DANGER: CORROSIVE. May cause severe irritation or damage to eyes and 
skin. Vapor or mist may irritate. Harmful if swallowed, Keep out of reach of 
children. 


CAS# 7681-52-9 
‘Some clinical reports suggest a low ial for . 
exposure to sodium hypochlorite if skin damage (e.g., irritation) occurs during Sodium 
. Under normal consumer use jib any adverse CAS# 1310-73-2 
health effects are low. 
Medical conditions that may be aggravated by exposure to high concentrations 
of vapor or mist: heart conditions or chronic respiratory problems such as 


asthma, emphysema, chronic bronchitis or obstructive lung disease. 


EIRST AID: 

Eye Contact Hold eye open and rinse with water for 15-20 minutes. Remove 
contact lenses, after first 5 minutes. Continue rinsing eye. Call a physician. 
Skin Contact: Wash skin with water for 15-20 minutes. if irritation develops, call 
@ physician. 

Ingestion: Do not induce vomiting. Drink a glassful of water. If irritation 
See Do not give anything by mouth to an unconscious 


G , E ia 

5-10% Not established 
<1% 2mgim 
2mgim 


‘ACGIH Threshold Limit Value (TLV) - Ceiling 
7OHSA Permissible Exposure Limit (PEL) — Time Weighted Average (TWA) 


None of the ingredients in this product are on the IARC, NTP or OSHA 


carcinogen lists. 
V Transpo 


ell Remove to fresh air, If breathing is affected, call a physician, 

IV Special Protection and Precautions 

Re spertal ence oy rmcuucre Lane boon Koeneeed (x. uaeg bie pret 
under directed consumer use conditions. The following recommendations are 
given for production facies and for other conditions and stuatons where there =! 
is increased potential for accidental, large-scale or prolonged exposure. 


Hygienic Practices: Avoid contact with eyes, skin and clothing. Wash hands 
after direct contact. Do not wear product-contaminated clothing for prolonged 
periods. 


ISCADSL STATUS: 
Excicrerioa Genlss Use generat veriefon  wicieize exposure to vas oF we eS. 
Personal Protective Equipment Wear safety goggles. Use rubber or nitrile 
gloves if in contact liquid, especially for prolonged periods. 
KEEP OUT OF REACH OF CHILDREN 


VI Spill Procedures/Waste Disposal 
: Control spill. Containerize liquid and use absorbents on 


Vise Danosat Dispose of in accordance with all applicable federal, state, and 


vin Fire and Explosion Data IX Physical Data 


Flash Point: None 


Special Firefighting Procedures: None Specific Gravity (H,0=1) 
Unusual Fie/Explosion Hazards: None. Not ammable or explosive. Product | Salvin Waler 
does not ignite when exposed to open flame. 


©1963, 1991 THE CLOROX COMPANY 


ROTIMRGIATA - Not restricted. 


Vil Reactivity Data 


ation and Regulatory Data 


EPA - SARA TITLE IWCERCLA: Bottled product is not reportable under 
Sections 311/312 and contains no chemicals 

does contain chemicals (sodium hydroxide <0.2% and sodium 
hypochlorite <7.35% ) that are regulated under Section 304/CERCLA. 


All components of this product are on the U.S. TSCA 


under Section 313. 





approx. 212°F/100°C 
1.1 at 70°F 


rm ALS 





DATA SUPPLIED IS FOR USE ONLY IN CONNECTION WITH OCCUPATIONAL SAFETY AND HEALTH DATE PREPARED 


Figure 3-4 MSDS information sheet for Clorox Bleach. Courtesy of Clorox. 


An explanation of what an MSDS is, where it may be 

found in the workplace, and how to use one 

e Identification of the specific chemicals used in the 
work area for that employee, with instructions for the 
protective measures to be employed, including the per- 
sonal protective equipment that is appropriate for that 
specific chemical 

e The meaning of the labels and symbols used on 
hazardous chemicals 

e Emergency measures to be taken in case of a spill or 

exposure 


To ensure the safe use of chemicals, remember always 
to wear the appropriate personal protective equipment 
and safety equipment for the task at hand. Also, never 


use a chemical in a fashion other than that for which you 
were trained to use it. Do not transfer chemicals to un- 
labeled containers, and do not reuse containers that have 
been used previously. Remember that mixing chemicals 
may have disastrous effects; adding even water to some 
chemicals can be very dangerous. Finally, every employee 
should know the location of the eye wash station and 
emergency shower in the vicinity of their work area. 


Physical Safety 


As is the case with any business, there is always the 
chance that things will go wrong in the laboratory. This 
could include a chemical exposure, but it could also be a 
fire, an electrical emergency, or other personal injuries. 
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A laboratory professional needs to be aware of all hazards 
in the workplace, and also needs to be ready to respond 
to emergencies appropriately. 

It is always essential for any business to have a plan of 
action in case of an emergency, but it is even more criti- 
cal for a health-care facility such as a laboratory. Employ- 
ees are not only responsible for themselves, but also for 
the patients in their presence at the time of the incident. 
Appropriate training and careful planning may dictate 
the difference between a positive or negative outcome of 
an emergency situation. This includes posting of emer- 
gency numbers (such as 911 or another internal number 
in a large facility for emergency response), maps showing 
the closest exit from various places within the building, 
employee training on use of fire extinguishers, and haz- 
ard identification. 

The National Fire Protection Association (NFPA) 
has developed a labeling system that provides general 
information to employees and rescuers about the health, 
flammability, or reactivity hazard of chemicals. These 
categories are represented by blue, red, yellow, and white 
diamonds, each containing a number. The colors of the 
diamonds represent the different types of hazards, 
and the number contained within each diamond indi- 
cates the severity of the hazard. The blue diamond rep- 
resents the respective health danger with exposure to the 
chemical. The red diamond indicates flammability haz- 
ard, and the yellow diamond indicates the reactivity 
potential for the chemical if exposed to increased heat or 
other conditions. There is also a white diamond, which 


HEALTH HAZARD 
4 - Deadly 


3 - Extreme danger 


2 - Hazardous 


1 - Slightly hazardous 


0 - Normal material 


“Se 


SPECIFIC HAZAR 


D 


51 


may include a special symbol, indicating whether a 
chemical is radioactive or reacts with water (Fig. 3-5). 





Test Your Knowledge 3-19 


How do the NFPA fire labels protect employees? 
(Outcome 3-14) 





Fire Safety 


In order to keep themselves and those around them as 
safe as possible, all employees should know the proce- 
dures to follow in case of fire in their facility. Fire safety 
basics such as Stop, Drop, and Roll (in the case of 
clothing that has caught on fire) are likely familiar con- 
cepts. However, when in the workplace, there are more 
aspects to consider: Where are the fire extinguishers? 
How do I use them? What can I do if there is not one 
nearby? Where is the nearest exit? How do I call for 
help? These are all questions that should be answered in 
initial training, and the procedures should be reviewed 
on a regular basis. 

According to the National Fire Protection Associa- 
tion, there are four classifications used to describe fires, 
each of which has its own type of fire extinguisher to be 


used. Multipurpose extinguishers are also available to use 
for Class A, B, or C fires. 


¢ Class A: Class A fires involve common household ma- 
terials such as wood and paper. Water or a water-based 


FIRE HAZARD 

Flash Points: 

4 - Below 73°F 

3 - Below 100°F 

2 - Above 100°F, not 
exceeding 200°F 

1 - Above 200°F 

0 - Will not burn 











~ 


REACTIVITY 


Oxidizer OX 4 - May detonate 

Acid ACID 3 - Shock and heat may 
Alkali ALK detonate 

Corrosive CORR 2 - Violent chemical change 


Use NOWATER W 


Figure 3-5 NFPA chemical fire symbol. Radioactive 





1 - Unstable if heated 
0 - Stable 
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solution is needed to put out this type of fire, and 
these are contained in a Class A extinguisher. 

Class B: Class B fires generally involve flammable lig- 
uids and/or vapors, and they need to be smothered to 
be put out. The Class B extinguishers contain chemi- 
cals, carbon dioxide or foam. 

Class C: Class C fires are related to electrical equip- 
ment, so special care must be used to extinguish them. 
If the solution used to extinguish the fire conducts 
electricity, the fire will not be extinguished. The Class 
C extinguishers use chemicals or other types of sub- 
stances that do not conduct electricity. 

Class D: Class D fires frequently lead to explosions, as 
they occur with reactive metals such as sodium or 
potassium. They are very difficult to control, and there 
is not a fire extinguisher available in most sites to 
extinguish this type of fire. Sand or other dry powder 
agents work best for this type of fire. 


Fast action is critical when a fire is discovered to keep 
those in the workplace as safe as possible. A common 
acronym recommended to help those facing a fire remem- 
ber what to do is RACE: Rescue, Alarm, Confinement, 
Extinguish. Table 3-1 lists the letters and expands on the 
meaning. 








Test Your Knowledge 3-20 


What is designated by the different letters assigned to 
fire extinguishers? (Outcome 3-14) 






Electrical Safety 


We are surrounded by electrical equipment in the labo- 
ratory environment, so that fire and electrical shock 
are definitely potential hazards. Most hazards can be 
minimized by appropriate maintenance and service of 
the equipment and the electrical outlets. The use of 
extension cords and overloading of electrical outlets 
should be avoided. Also, only qualified personnel 
should service electrical equipment. In case of electrical 


TABLE 3-1 


RACE: The steps to take in the event of a fire 


R Rescue individuals in danger 





Activate the alarm system 








A 
C Confine the fire by closing windows and doors 
E 


Extinguish the fire using an appropriate fire 
extinguisher 











shock, remember that you must stay safe in order to 
help those who have been injured. Shut off the source of 
the electricity immediately, if possible. Do not touch 
the victim if you are unable to shut off the source of the 
electricity. Call for emergency assistance immediately. If 
the source of electricity has been eliminated, evaluate 
the victim and begin cardiopulmonary resuscitation 
(CPR) if necessary. 


Body Mechanics 


As a medical assistant working in a laboratory environ- 
ment, you may be performing numerous venipunctures 
each shift. These procedures often require bending over 
the patient sitting in the phlebotomy chair, or perhaps in 
a hospital setting, bending over the bed of a patient. This 
bending can cause a great deal of stress to the muscles of 
the back and neck, resulting in pain. There are addi- 
tional duties in the laboratory that may require lifting or 
carrying equipment trays or supplies. A laboratory pro- 
fessional may need to assist a patient with transfer from 
a wheelchair to an examination table or other chair. In all 
these situations, it is important to keep your back as 
healthy as possible. Stretches and regular exercise help, as 
well as staying close to an ideal body weight. Remember 
to use the muscles in your legs when lifting heavy 
objects, and when carrying heavy objects keep them 
close to your body and avoid twisting motions. Change 
your position as often as possible; avoid sitting or stand- 
ing for prolonged periods without a break. If patient 
transfer is part of the duties for a medical assistant in 
your work environment, appropriate techniques should 
be part of the initial training for employees. 


Bloodborne Pathogen Safety 


Many of you who are reading this textbook have never 
lived in a world without the presence of HIV and 
acquired immune deficiency syndrome (AIDS). How- 
ever, it was not that long ago that these diseases were not 
yet known. Prior to 1980, there was not a lot of informa- 
tion available about potential bloodborne pathogen ex- 
posure in health care. Hepatitis B (HBV) was discovered 
in 1967, but research on the methods of transmission 
were still in progress for many years. With the discovery 
of the HIV in 1983, change came quickly. It became 
evident that health-care workers needed to be protected 
from the hazards of working with blood and other 
potentially infectious materials. Studies performed 
in the 1970s showed that the rate of hepatitis B infec- 
tion for health-care workers was ten times that of 
the general population. A reliable vaccination was 


1899_Ch03_035-062 26/12/11 3:05 PM Page 53 


Chapter 3. Laboratory Safety and Preventing the Spread of Disease 53 


created and released to the general public in 1982, 
but compliance was voluntary, and many health-care 
workers had already been exposed to the virus. After 
HIV was identified, data were gathered to see how 
many health-care workers were potentially infected as 
a result of occupational exposure, and although the 
numbers related directly to exposure on the job were 
low, they were too high to be ignored. 

Bloodborne pathogen is a term used to describe any 
pathogenic microorganism found in human blood that 
can cause disease in humans. These diseases are spread 
through direct contact with the bloodstream of another 
individual. This means that there must be a piercing of 
the skin (parenteral exposure), direct blood-to-blood 
contact as might occur when nonintact skin touches 
the blood of another individual, or mucous membrane 
exposure, as occurs with sexual activity or accidental 
splashes into the eyes or mouth. These diseases are not 
carried only in the bloodstream of the infected individ- 
ual. Other potentially infectious materials include 
semen, vaginal secretions, cerebrospinal fluid, synovial 
fluid, pleural fluid, pericardial fluid, peritoneal fluid, 
amniotic fluid, saliva when dental procedures are being 
performed, and all body fluids that are visibly contami- 
nated with blood. If it is impossible to tell which type of 
fluid you may be working with, it is also to be assumed 
that it is a potentially infectious material. Tears, feces, 
urine, sputum, nasal secretions, sweat, and saliva (spit) 
are not considered to be infectious unless they are grossly 
contaminated with blood. 


Universal Precautions 


Bloodborne pathogen exposure in health care was first 
addressed by recommendations from the CDC in 
1982, specifically referring to the information about 
the newly identified HIV. In 1985, the CDC published 
a recommendation to adopt Universal Precautions 
when dealing with blood or other potentially infectious 
materials. The concept of universal precautions recog- 
nized the fact that it was impossible to identify all 
patients who may be infected with HIV or other blood- 
borne pathogens by taking a health history and per- 
forming an examination. The recommendation was 
that all patients (and all specimens of an infectious 
nature) were to be considered infectious for HIV and 
other bloodborne pathogens, and the same precautions 
were to be taken in all situations. Prior to this, gloves 
were not mandatory in health-care settings, mouth 
pipetting was still performed in the laboratory, and lab- 
oratory coats were not required. Special precautions 
were taken only if a specimen or patient was labeled as 


infectious. Currently, the CDC standard precautions 
have expanded universal precautions to include all 
means of infection. 





Test Your Knowledge 3-21 


What are some examples of OPIMs? (Outcome 3-16) 





Bloodborne Pathogens Standard 


In 1988, OSHA strengthened this recommendation of 
Universal Precautions with the publication of the 
Bloodborne Pathogens Standard (1910.1030). This 
standard provided a rigorous policy to protect health- 
care workers who had occupational exposure to blood 
or other potentially infectious materials in the work- 
place. This standard had special significance for those 
who worked in a laboratory environment, because the 
amount of potential exposure was quite high for this 
population. This regulation required that all employers 
with potential occupational exposure to bloodborne 
pathogens in their workplace develop an exposure con- 
trol plan. An exposure control plan must include the 
following components: 


e Exposure determination: The plan requires that all 
employers determine which classifications of employ- 
ees have risk of exposure, and during what types of 
duties that the risk exists. 

¢ Methods of exposure control compliance: Exposure 
control compliance means that all employees are to be 
taught how to practice universal precautions by imple- 
menting appropriate personal protective equipment. It 
also required that the employer use and train the em- 
ployees to use engineering controls and work practice 
controls to minimize their risk of exposure. Engineer- 
ing controls are physical devices (such as needle safety 
devices or stationary safety shields) that are used by the 
employees to make their environment safer as they 
perform their duties. Work practice controls are ways 
that employees might alter the manner in which they 
perform a task to minimize the risk of bloodborne 
pathogen exposure. These include rules banning eat- 
ing or drinking in an area where there is potential 
exposure, bandaging cuts before application of gloves, 
wearing gloves and other PPE appropriately, wearing 
close-toed shoes, and disposing of biohazardous waste 
and contaminated sharps correctly. Biohazardous 
waste is a classification used to describe substances 
contaminated with liquid or semiliquid blood or other 
potentially infectious materials. Contaminated sharps 
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are needles or other materials capable of piercing the 
skin that have been used with blood or other poten- 
tially infectious materials. 

Hepatitis B vaccination (or documented declination 
of the vaccine by the employee) must be made avail- 
able for all employees with occupational risk of blood- 
borne pathogen exposure. 

¢ Communication of hazards to all at-risk employees, 
which must occur initially upon assignment, and at 
least annually. (Retraining must also occur if there 
are changes to the procedures or hazards in a specific 
area of the facility.) Records for this training must 
be kept for at least 3 years. Initial training must 
include: 

Information about the epidemiology, signs, symp- 
toms, and methods of transmission of bloodborne 
pathogens. 

Instruction about the specific methods employed by 
that facility (their exposure control plan) to protect their 
employees, as well as general preventative procedures. 
Information about the hepatitis B vaccine 

An explanation of the procedure to follow for an 
exposure incident 





( Test Your Knowledge 3-22 
True or False: The OSHA Bloodborne Pathogens Stan- 
dard was created to protect patients. | (Outcome 3-15) 
4 








( Test Your Knowledge 3-23 


List two key components required in an exposure control 
plan. (Outcome 3-17) 


S y 











Appropriate Sharps Use and Disposal. Unfor- 
tunately, more health-care professionals are exposed to 
bloodborne pathogens by contaminated needles or other 
sharp devices than through any other route. This means 
that safety must be considered at all times when using 
and disposing of contaminated needles, glassware, or any 
other instruments that have come into contact with 
infectious materials. In 1999, there was an update to the 
Bloodborne Pathogens Standard requiring that employ- 
ers constantly evaluate new safety equipment for invasive 
procedures to be certain that they are using the safest 
methods and products. The addendum also requires that 
employees who actually use the products on a daily basis 
have input as to which product is most efficient and eas- 
iest to use before the choices are made for which item to 
purchase. There are many choices available for needle 


safety devices, and no excuse not to use them. Keep in 
mind the following when considering sharps safety: 


1. Always make sure that employees are trained on the 
appropriate use of the needle safety device in use. 
Many of these devices are designed to be “one 
handed,” and if the employee tries to use two hands, 
he or she is at great risk for a puncture with a contam- 
inated needle. 

2. Contaminated needles are never to be recapped with 
the original needle cover, bent, or broken off. They 
must be disposed of immediately after use. 

3. A biohazard sharps container should always be within 
reach when drawing blood or giving injections so 
that the needle can be disposed of immediately. These 
containers must be rigid and puncture-proof, and 
should be snapped closed and disposed of when they 
are three quarters full. 

4, If contaminated glassware is broken, use mechanical 
means to clean up the mess, and then dispose of the 
glassware in a biohazard sharps container. A small dis- 
posable broom and dustpan may be designated 
for this type of situation, or tweezers may be used to 
pick up the pieces of glass. Thicker industrial gloves 
that are puncture resistant may also be used. Clean the 
area with an appropriate disinfectant (10% bleach 
solution allowed to sit for 20 minutes) to eliminate 
potential bloodborne pathogen exposure. 

5. When performing capillary blood draws from the 
finger or foot of a patient, always use a capillary 
puncture device that recoils into the original holder. 
Do not try to reuse these devices. 

6. Use plastic tubes and other containers instead of glass 
whenever possible. 


Test Your Knowledge 3-24 


Are all needle safety devices operated in the same way? 
(Outcome 3-18) 








Regulated Waste and Housekeeping. In a 
health-care setting, there is a need to sort the waste 
generated by the facility. Some of the waste may be dis- 
posed of in the same way as household trash. Other 
waste is regulated, and requires special attention for 
disposal. The OSHA definition of regulated waste is 
quite long. Essentially, the term refers to any liquid 
blood or other potentially infectious materials. It also 
refers to contaminated items that are soaked with blood 
to the extent that the blood could be released if the 
item were compressed, or items caked with blood so 
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that the blood could be released if the item were han- 
dled. Regulated waste also refers to contaminated 
sharps and any other microbiological wastes that may 
contain blood or OPIM. 

Regulated waste must be disposed of in containers that 
are clearly identifiable as biohazardous. The containers (or 
bags) must either be red or must be marked with a bio- 
hazard symbol (Fig. 3-6). When using bags to collect reg- 
ulated waste other than sharps, care should be taken to 
avoid adding items to the bag that are not biohazardous in 
nature. All bags must be closed securely when full, to be 
enclosed in larger containers for disposal by a regulated 
waste facility. All sharps containers will also be picked up 
by regulated waste facilities for disposal. Only companies 
that are licensed to carry biohazardous waste are allowed 
to transport and incinerate this type of refuse. 

Other housekeeping guidelines in the laboratory 
include disinfection of counters at the beginning and end 
of each shift (at a minimum) with a fresh 10% bleach 
solution or an OSHA-approved disinfectant that is 
designed to kill the hepatitis B virus and HIV. Also, 
remember all biohazardous spills must be cleaned up 
using a spill kit that is designed for this purpose. 





Test Your Knowledge 3-25 


Is all laboratory waste considered to be biohazardous? 
(Outcome 3-19) 





DISEASES CAUSED BY BLOODBORNE 
PATHOGENS IN THE LABORATORY SETTING 





The OSHA Bloodborne Pathogens Standard is very 
comprehensive, and is designed to protect employees 
who work with blood and other potentially infective 
body fluids. But what exactly are the employees being 
protected from, and how serious are the diseases? 





Figure 3-6 Biohazard symbol. 


Hepatitis 


Any discussion of bloodborne pathogens usually in- 
cludes the topic of hepatitis. Essentially, hepatitis 
means “inflammation of the liver.” When we discuss 
hepatitis in relation to bloodborne pathogens, we are 
referring to hepatitis that is caused by a viral infection. 
There are numerous types of the hepatitis virus that 
have been isolated, and not all of them are bloodborne. 
The ones that we are most concerned with are hepati- 
tis B and hepatitis C, as these viruses are bloodborne 
pathogens, and they can cause serious illness. Table 3-2 
lists details about the different types of hepatitis and 
other bloodborne pathogens. 


Hepatitis B Virus (HBV) 


Hepatitis B was first identified as a unique virus in 1967. 
It was formerly known as serum hepatitis, because there 
was a high prevalence of infection with the hemophiliac 
population who had received blood products as part of 
their treatment. The hepatitis B virus targets the liver, 
and it is the most serious hazard facing those in the 
health-care industry. HBV may be present in the blood 
and other potentially infective fluids of the body. Unfor- 
tunately, it may survive on surfaces in dried blood for up 
to 1 week. Hepatitis B may be transmitted in a health- 
care setting through needlesticks or other contaminated 
sharps, by contact with contaminated surfaces, or 
through mucous membrane exposure with aerosols or 
splatters created while handling infectious specimens. 
For those not employed in health care, transmission usu- 
ally is the result of sharing contaminated needles, or 
through sexual contact. 

Hepatitis B causes flu-like symptoms, and the affected 
patient may appear jaundiced. The symptoms of infection 
often do not appear until months after the virus has 
entered the body. Most of those who are infected recover, 
but approximately 2% of those infected will develop 
chronic infection, which causes cirrhosis of the liver or 
cancer. There are also patients that may be carriers of the 
hepatitis B virus who do not know it. These patients often 
have had no definitive symptoms of the infection, but 
they are capable of passing it on to others. Fortunately, a 
series of vaccinations may prevent hepatitis B infection. 
OSHA requires that these vaccinations be offered free of 
charge to all employees who have bloodborne pathogen 
exposure in the workplace. 

There is also a newly discovered form of hepatitis 
virus that affects only those who are already hepatitis B 
positive. This appears to be a mutant or variant form of 
HBYV, but it is unique enough to be identified as its own 
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virus. This is known as hepatitis D. There currently is 
no vaccination available for hepatitis D. 


Hepatitis C Virus (HCV) 


You may have heard of hepatitis C (H'CV) as the new 
“epidemic” disease of the world. This statement is mis- 
leading. Although there are millions of cases of hepatitis 
C infection that have been diagnosed over the past 
decade, these patients did not necessarily have a recent 
infection. Hepatitis C infection is usually asymptomatic, 
so most of those who are now being diagnosed with the 
disease were actually infected more than a decade ago. 
For many years researchers knew that there was another 
form of hepatitis virus that was different from both HBV 
and HAV. They just couldn’t isolate it as a unique strain 
of the virus. In 1989, technology finally allowed the 
hepatitis C virus to be identified as another cause of post- 
transfusion hepatitis. The hepatitis C virus is a blood- 
borne pathogen, and many of those who are diagnosed 
today shared dirty needles for drug use, received blood 
transfusions or other blood products, or had tattoos 
applied prior to the mid-1980s. If there are any symp- 
toms of the HCV infection, they are usually milder than 
those of hepatitis B, so are often misread as being symp- 
toms of the flu. Unlike hepatitis B, in which it is uncom- 
mon to advance to the chronic form of the disease, those 
with hepatitis C infection usually progress to the chronic 
stage (approximately 80% to 85% of patients). Of these, 
a small percentage develop permanent liver damage 
and/or liver failure. Transmission of the hepatitis C virus 
in a health-care setting usually requires a larger accidental 
exposure than would be necessary to transmit HBV. 
There is no vaccination for HCV. 


Hepatitis A Virus (HAV) 


Although the hepatitis A (HAV) virus is not a blood- 
borne pathogen, it is important to understand how it is 
transmitted. HAV attacks the liver of infected patients 
and causes inflammation just like the other forms of 
viral infections that we have discussed. The hepatitis A 
virus is very contagious, and is transmitted by the fecal- 
oral route. The virus is shed in the feces of infected 
individuals, often before they even know they are in- 
fected. The fecal material containing the virus can then 
be passed on to others through direct contact (such as 
touching another individual) or indirect contact 
through food, water, or inanimate objects. Patients with 
HAV usually show symptoms sooner than those with 
HBV or HCV, and are often initially more severely ill. 
However, the hepatitis A virus rarely progresses to cause 
chronic infection or permanent liver damage. There is a 


series of vaccinations available to protect against hepati- 
tis A infection. 





Test Your Knowledge 3-26 


Are all forms of hepatitis considered to be bloodborne 
pathogens? (Outcome 3-20) 





a OF INTEREST 3-2 
Pathogenic microorganisms 
In most situations, the discussion of bloodborne 
pathogens focuses on hepatitis B, HIV, and hepati- 
tis C. However, the OSHA Bloodborne Pathogens 
Standard is not only designed to protect employees 
from infection with these viruses. The standard 
actually includes any pathogenic microorganisms 
that may be present in blood or other potentially 
infectious materials. Examples of other diseases that 
may be transmitted by direct contact with blood of 
infected individuals include malaria, syphilis, 
babesiosis, brucellosis, leptosporosis, Creutzfeldt- 

Jakob disease, and viral hemorrhagic fever. 











Human Immunodeficiency Virus 


The human immunodeficiency virus (HIV) attacks the 
immune system of our bodies. The HIV infection may 
eventually lead to AIDS. Viruses need the genetic in- 
formation in our cells to survive and replicate, and 
HIV is no different. It attacks a type of white blood 
cells in our body known as CD4 cells. This type of 
blood cell fights infection in our bodies. Those infected 
with HIV are susceptible to opportunistic infections. 
These infections are caused by microorganisms that 
would not normally infect individuals who have 
healthy immune systems. HIV infection also makes the 
infected patients more prone to develop certain types 
of cancer. 

When patients are infected with HIV, they undergo 
several stages. Initially, they may have swollen glands, or 
they might have slight flu-like symptoms. This generally 
lasts from weeks to months. Also, initially, because the 
amount of virus particles in the infected patient’s body is 
still low, an HIV test result would be negative. HIV tests 
are designed to detect antibodies to the virus, and in the 
early stages of infection, the level of antibodies in an in- 
dividual are not high enough for detection. The patient 
is still capable of passing on HIV during this time 
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through blood-to-blood contact or sexual activity. This is 
known as the window period of infection, and may last 
up to 6 months. 

The second stage of infection is generally asympto- 
matic. The infected patient may still not know that he or 
she is HIV positive. This stage can last for months or 
even years. 

When patients reach the third stage, they often con- 
tract one or more opportunistic infections. This can be 
the first time many patients find out that they are HIV 
positive. Their symptoms will vary, depending on the 
infection that they are experiencing. 

The final stage of HIV infection is what we know as 
AIDS. At this stage, the HIV-positive patient has been 
diagnosed with an opportunistic infection or disease 
that has been classified by the CDC as an AIDS indi- 
cator. These diseases include esophageal thrush, 
cytomegalovirus infection, a type of cancer known as 
Kaposi’s sarcoma, and invasive cervical cancer in the 
HIV-positive patient. An AIDS diagnosis may be made 
based on the number of CD4 cells present in a blood 
sample as well. Remember, HIV infection causes AIDS, 
but an infected patient does not have AIDS until he 
or she reaches this final stage and contracts one of the 
indicator diseases, or is diagnosed with AIDS because 
of the blood count. 

For many infected individuals worldwide, HIV in- 
fection is fatal. The treatment regime has changed sig- 
nificantly in the past 25 years, and more HIV-positive 
patients than ever before are able to live long lives with- 
out acquiring AIDS. Fortunately, HIV is not a very 
hearty virus; it dies immediately when it comes into 
contact with air, and the amount of virus necessary for 
an infection to occur from an accidental exposure has to 
be quite high. Hepatitis B infection is a much more se- 
rious risk from accidental health-care worker occupa- 
tional exposure than HIV infection. Phlebotomy proce- 
dures are most often responsible for HIV exposure that 
occurs in a health-care setting. As of 2000, the CDC 
had processed 56 claims in which it appeared that a 
health-care professional had contracted HIV from an 
accidental exposure. At this time, there is no vaccination 
for the human immunodeficiency virus, and accidental 
infection is battled with rapid administration of antivi- 
ral medications. 





Test Your Knowledge 3-27 


What are two characteristics that hepatitis B and HIV 
have in common? (Outcome 3-20) 





POSTEXPOSURE FOLLOW-UP PROCEDURE 





You have taken all the appropriate precautions, read all 
the training manuals, worn all the right personal protec- 
tive equipment . . . but your patient jerks his arm right 
at the end of the phlebotomy procedure, and you are 
punctured by a contaminated needle. Now what? The 
Bloodborne Pathogens Standard carefully spells out what 
type of follow-up care employers must offer to their 
employees (free of charge) if there is an accidental expo- 
sure to blood or other potentially infectious materials in 
the workplace. Remember, an exposure can be percuta- 
neous (through the skin) as in the scenario above, but it 
may also be a mucous membrane exposure through a 
splash in the eyes or in the mouth. Here are the steps to 
follow if there is an accidental exposure: 


1. Wash the site thoroughly with soap and water. If it is 
a mucous membrane exposure, thoroughly flush the 
exposed area with water. 

2. The incident must be reported immediately to the ap- 
propriate manager or other contact person within your 
health-care facility. Many of the antiviral medications 
used for treatment after an exposure should be started 
within a few hours, so an immediate report is critical. 

3. Fill out an incident report form. The route of expo- 
sure and the circumstances surrounding the incident 
are very important and are required by law. 

4. Identification of the source individual needs to be 
determined as soon as possible. Consent should be 
obtained for the source individual to be tested for 
HBV, HCV, and HIV, unless his or her status is 
already known for these diseases. If the individual 
refuses to consent for the test, the employer must 
document that a refusal was made. If allowed by 
local law, the test will be performed regardless, so 
that the employee can be treated effectively. The 
results of these tests will be made available to the 
exposed employee. A blood sample will also need to 
be obtained from the exposed employee to test for a 
baseline level for HBV, HCV, and HIV. 

5. The exposed employee will have the opportunity to 
seek medical attention as soon as possible after the 
initial report has been completed. Postexposure pro- 
phylaxis is most effective if initiated rapidly after the 
exposure. This means that preventive medication 
(such as antiviral medicine) should be administered 
within hours of exposure. The health-care profes- 
sional providing the follow-up care will be provided 
with information about how the accident happened, 
any laboratory testing results that might be available, 
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and all medical records for the employee that might 
be relevant (such as vaccination records). The health- 
care professional also must be provided a copy of the 
Bloodborne Pathogens Standard. 


. The health-care professional performing the follow-up 


care will determine whether postexposure prophylaxis is 

necessary for HBV, HCV, or HIV, depending on the 

risk evaluation. The route and amount of exposure, the 
vaccination status of the employee, and the circum- 
stances of the exposure will be taken into consideration. 

The treatment for the employee often consists of a 

combination of drugs for an extended period of time. 

. Follow-up blood tests are generally performed on the 
exposed employee, at a minimum interval of 6 weeks, 
12 weeks, and 6 months. It is possible that this series 
may be extended up to 12 months. 

. The exposed employee also must be offered counsel- 

ing and reminded that confidentiality must be 

retained in reference to the source individual. All 
medical follow-up for the employee is also retained 
confidentially. 














from chemicals in the workplace, and the Blood- 
borne Pathogens Standard educates health-care 
employees about the risks they face from blood- 
borne pathogens as they perform their duties. Med- 
ical assistants must be familiar with the details 
contained in these documents to use safety materials 
in their workplace and to be prepared for accidents 
when they happen. 














' Test Your Knowledge 3-28 | 
What should happen immediately if an employee 
splashes blood in her eyes? (Outcome 3-21) 

X y 

—z = 
Test Your Knowledge 3-29 
True or False: All employees who are victims of a blood- 
borne pathogen exposure will be sent to see a health- 
care provider for follow-up care. (Outcome 3-21) 

XX 4 











SUMMARY 


The world we live in is a complex place, with new 
health hazards constantly emerging. As health- 
care workers, we must protect ourselves from poten- 
tial pathogens in our environment, our patients, and 
our workplace. There are several government regula- 
tions that have been designed to protect employees 
in a health-care or laboratory environment. Educa- 
tion concerning these regulations, and careful adher- 
ence to their principles, are essential steps to working 
safely in this unique environment. Standard Precau- 
tions have been developed to assist with infection 
control efforts. The Hazard Communications Stan- 
dard establishes guidelines to protect employees 


TIME TO REVIEW 


1. A bacteria that is aerobic needs Outcome 3-1 


to survive and replicate: 


a. Nitrogen 

b. Oxygen 

c. Carbon dioxide 
d. Water 


. True or False: A substance that Outcome 3-1 


produces or causes cancer is carcinogenic. 


. The types of microorganisms listed Outcome 3-2 


in this chapter that may be human pathogens 
include: 


a. Protons, neutrons, and electrons 

b. Bacteria, viruses, and parasites 

c. Bacteria, viruses, fungi, and parasites 
d. None of the above 


. True or False: Most of the types of Outcome 3-3 


bacteria present in our environment are pathogenic. 


. True or False: The presence of Outcome 3-3 


bacteria anywhere in our bodies is always an 
infection. 


. A round-shaped bacteria that appears Outcome 3-4 


in pairs when viewed under the microscope is known 
as a: 


a. Cocci 
b. Spirilla 
c. Bacilli 
d. Diplococci 


. Which type of infection is best treated Outcome 3-5 


by antibiotic use? 


. Viral 

. Bacterial 

. Viral and bacterial 
. None of the above 


aan op 


1899_Ch03_035-062 26/12/11 3:05 PM Page 60 


60 


8. 


10. 


11. 


12. 


13. 


14. 


. How does the “chain of infection” 


Section | Overview of the Laboratory 

True or False: In a medically aseptic Outcome 3-6 
environment, bacteria may still be present on 
surfaces. 


Outcome 3-7 
have to be broken to keep a pathogen from causing 
disease? 


a. It must be broken at multiple points to keep the 
pathogen from causing disease 

b. Only vaccinations will break the chain of 
infection 

c. The chain of infection must only be broken at 
one point to discontinue the spread of infection 

d. The pathogen must be killed before the chain 
will be broken 


What are the elements addressed in Outcome 3-8 


CDC Standard Precautions document? 


a. Appropriate use of personal protective equipment 
b. Equipment disinfection procedures 

c. Respiratory hygiene 

d. Sharps use 

e. All of the above 


True or False: Hand washing is Outcome 3-9 
designed to remove the normal (resident) flora from 
our skin. 


When using an alcohol-based hand Outcome 3-10 
rub to disinfect the hands, it is important to: 


a. Put on gloves while hands are still damp 

b. Rub the solution thoroughly on all parts of the 
hands and wrists 

c. Use only a drop of the solution 

d. Always wash the hands first before using 


The OSHA Hazard Communications 
Standard addresses: 


Outcome 3-11 


a. The use of personal protective equipment 

b. The formal education required by everyone in 
the laboratory before they can be hired to per- 
form certain tests 

c. What type of fire extinguisher to use for various 
types of fires 

d. The brand of hand sanitizer endorsed by the fed- 


eral government 
Which of the following components — Outcome 3-12 
are required for any Material Safety Data Sheet? 


a. Identification of the chemical 


b. Color of the chemical 


15. 


16. 


17. 


18. 


19. 


20. 


c. Health hazards 
d. aandc 
e. All of the above 


True or False: Laboratory employees Outcome 3-14 
may protect themselves from occupational back 
injuries by using appropriate bending techniques 
when lifting heavy objects. 


Why was the OSHA Bloodborne 
Pathogens Standard created? 


Outcome 3-15 


a. To protect employers from lawsuits 

b. To create a revenue source for OSHA 

c. To educate and protect employees from the 
hazards of bloodborne pathogens 

d. To protect patients from bloodborne pathogens 


What is an example of parenteral Outcome 3-16 
or percutaneous bloodborne pathogen exposure? 


a. A respiratory infection contracted when working 
with a patient with pneumonia 

b. Touching a patient’s blood with a bare hand with 
unbroken skin 

c. An accidental needlestick with a needle contam- 
inated with the blood of a patient 

d. Splashing urine on the arm while pouring a 
specimen 


True or False: The OSHA Blood- Outcome 3-17 
borne Pathogens Standard requires the development 
of an exposure control plan. Part of this plan 
requires that all employees who have occupational 
exposure to blood or other potentially infectious 
materials are offered an opportunity to receive a 
series of hepatitis C vaccinations at no charge. 


True or False: When using a needle Outcome 3-18 
to draw blood, it is okay to lay it down on the table 
next to the drawing chair right after the blood draw, 
and come back later to activate the safety device and 
dispose of it correctly. 


Who must transport biohazardous Outcome 3-19 


waste? 


a. Employees of the laboratory that have been 
appropriately trained 

b. The local municipal garbage disposal company 

c. A certified, licensed biohazardous waste disposal 
company 

d. None of the above 
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21. What do hepatitis A, hepatitis B, 
hepatitis C, and HIV all have in common? 

a. They are all caused by viruses 

b. They are all caused by bacteria 

c. They all have vaccinations to prevent infection 
d. 


None of them have vaccinations to prevent 


infection. 


22. Are blood tests part of the follow-up — Outcome 3-21 


procedure for health-care workers who are are 


percutaneously exposed to blood in the workplace? 


Case Study 3-1: Too tired to think 


Jackie was really tired. She had been up all night with 
her 3-year-old daughter who had an ear infection. 
When she reported to her job at the Gl clinic the next 
morning, she was relieved to find out that she would be 
working in the laboratory, as this meant that she would 
be on her feet a bit less than if she were working as the 
MA for one of the physicians. It was Friday, which was 
usually a slow day in the laboratory. 

In the middle of the morning, Jackie had drawn 
three glass red-top blood tubes from Mr. Sifton. She 
was fighting back a yawn, and when she turned 
around fo put the blood in the rack on the counter, she 
accidentally tapped one of the tubes against the edge 
of the counter with a great deal of force. The tube flew 
from her hand and broke against the refrigerator a few 
feet away. 

Jackie was flustered. Mr. Sifton had already left, and 
she knew that she would have to call him and ask him 
to return for another blood draw. In addition, she had 
quite a mess to clean up, as the blood had splattered a 
great deal. She knew that the bloody mess had to take 
precedence, because other patients would be entering 
the laboratory at any time. 

Jackie was already wearing her nitrile gloves, so 
she bent down and started to pick up the pieces of the 
tube that had broken. Suddenly she felt a sharp pain in 
her finger, and realized that she had punctured her 
glove and her finger with a slice of glass. 


1. What are two things that could have been done to 
avoid the parenteral exposure to the patient's 
blood? 

. What is the first thing that Jackie should do now? 
What else needs to happen as soon as possible? 





Outcome 3-20 


RESOURCES AND SUGGESTED READINGS 


OSHA Hazard Communication Standard 
OSHA regulation for chemical safety in the workplace 
http://www.osha.gov/SLT'C/hazardcommunications/ 
standards.html 

Small Business Handbook 
General reference tool to verify that the OSHA Standards 
are in place properly at your worksite http://www.osha.gov/ 
Publications/smallbusiness/small-business.html#hazsub/ 

National Fire Protection Association 
National Fire Protection Association website that includes 
information about fire, electrical, and building safety 
http://www.nfpa.org 

Updated directives for OSHA Bloodborne Pathogens Standards, 
1991 
Additional information added to the OSHA Bloodborne 
Pathogens Standards in 1991 1910.1030- 29CFR http:// 
www.osha.gov/pls/oshaweb/owadisp.show_document?p_tab 
le=standards&p_id=10051 

“Viral Hepatitis” 
Excellent information about the different forms of viral hepati- 
tis presented by the Centers for Disease Control and Prevention 
http://www.cdc.gov/hepatitis/index.htm 

Hepatitis B Foundation, “Meet Dr. Blumberg” 
Facts concerning the discovery of hepatitis B, and 
Dr. Blumberg who was awarded a Nobel Prize in 1976 for 
this discovery 


http://www. hepb.org/about/blumberg.htm 
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Chapter 4 





Assuring Quality 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 





CHAPTER OUTLINE 


Assuring Quality in the Laboratory Other Methods of Assuring Laboratory Quality 
Quality Control and Quality Assurance Summary 
What Is Quality? Time to Review 

The Medical Assistant’s Role in Assuring Case Study 


Quality Results 
Types of Quality Control Specimens 
What Happens When Things Are “Out of Control’? 
Documentation of Quality Control Results 
Accuracy and Precision 


Resources and Suggested Readings 








® Lea rning Outcomes After reading this chapter, the successful student will be able to: * 
4-1 Define each of the key terms. 4-6 Explain the concept of troubleshooting and list 
4-2 Compare and contrast quality assurance and various actions that may be taken when quality 
quality control. control samples are not in range. 
4-3 Explain why quality is essential for laboratory  4°7 Demonstrate the ability to correctly log quality 
testing. control results with appropriate documentation 


: P : : techniques. 
4-4 Describe circumstances when a medical assistant ol 


may need to perform quality control testing in 4°8 — Provide examples of the ways that quality may be 
the laboratory. assured with laboratory testing procedures. 


4-5 Classify the types of quality control specimens 
used in the laboratory. 





CAAHEP/ABHES STANDARDS 
my é 
CAAHEP 2008 Standards ‘S” ABHES Standards 
I.P.1.11. Perform quality control procedures Medical Laboratory Procedures 10.a: Quality Control, 
I.A.1.2. Distinguish between normal and abnormal test and Graduates: a. Practice Quality Control 
results 


I.C.I.7. Analyze charts, graphs and/or tables in the 
interpretation of healthcare results 
.P.11.2. Maintain laboratory test results using flow sheets 


63 
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KEY TERMS 
Accuracy External quality control specimens Quality assurance (QA) 
Analyte Internal quality control indicators Quality control (QC) 
Calibration Mean Quantitative results 
Calibration verification Oncologist Reference ranges 


Clinical significance Panic results 


Competency testing Precision 
Critical results 


Electronic quality control devices 


ASSURING QUALITY IN THE LABORATORY 





Laboratory results are extremely important to patient 
diagnosis and treatment. However, the results reported 
back to the physician are only as good as the testing 
methods themselves. This chapter explains various ways 
that the quality of the testing process can be monitored, 
so that the patient results reported will be correct. 
Quality control (QC) and quality assurance (QA) will be 
covered in detail, as well as documentation techniques 
and troubleshooting. Other procedures that are part of 
overall test quality assessment will be explored, such as 
proficiency testing and competency assessments, and the 
rules for quality performance of CLIA-waived tests will 
be reviewed. 


QUALITY CONTROL AND QUALITY 
ASSURANCE 


The terms quality assurance and quality control seem so 
similar; you may be wondering why it is important to 
know the difference. Essentially, they are both part of a 
plan to provide excellent quality care to the patients we 
serve. Quality control is part of the quality assurance 
process, but with a more specific focus. 

Try to remember the last time you visited a health- 
care provider or laboratory to have your blood drawn 
and tested. How was your experience? Did you receive 
the information you needed to prepare for the blood 
draw appropriately? Did you feel that the person who 
drew your blood was trained adequately? How confident 
were you that the testing process was done in a way that 
accurate and valid results were obtained and reported 


Proficiency testing 


Qualitative results 


Shift 
Trends 
Troubleshooting 


Valid 


back to your physician? Did your physician contact you 
in a timely manner with your results? These impressions, 
even though they were very personal to you, are all part 
of a quality assurance program at that facility. 

Quality assurance (QA) includes all the policies 
and procedures necessary to provide excellent quality in 
laboratory testing. Chapter 1, introduced the three 
parts of laboratory testing: preanalytical, analytical, and 
postanalytical processes. A good quality assurance 
program acknowledges every part of the testing process 
to ensure that the laboratory staff members are doing 
all they can to contribute positively to the welfare 
of the patient in a timely manner. Quality assurance 
may be thought of as the big picture and it may include 
policies and procedures for collection, patient educa- 
tion, training for those performing the testing, mainte- 
nance and record keeping of instruments, monitoring 
of ordering and storage procedures for testing kits 
or reagents, and monitoring of turnaround times 
for results to be available to the health-care provider. 
Box 4-1 shows more detailed components of a quality 
assurance plan. 

Quality control (QC) practices are used in the labo- 
ratory to ensure the quality of the testing process and the 
accuracy and precision of the results. Although the focus 
of quality control is specifically on the testing process, 
these practices are not limited to the details of how the 
test was performed. A good quality control program in- 
cludes appropriate employee training, documentation of 
storage and shipping of reagents or testing kits used for 
testing, adherence to the manufacturer's instructions, 
correct interpretation and documentation of results, and 
verification that the results being reported are accurate 
and reliable. Quality control focuses on the second part 
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ie), @: SI QA processes 


Preanalytical Phase 





Requisition appropriately filled out 

Patient preparation 

Patient identification 

Sample identification; three identifiers must be used 


Correct sample collection techniques; venipuncture 
performe correctly, etc. 


Correct storage and transportation of sample 


Correct storage of testing kits and quality control 
materials 


Appropriate training of personnel 


Preparation of standard operating procedures and policy 
manuals for reference 


Retention of current package inserts for correct 
instructions 


Analytical Phase 





Valid test kit; not expired and stored correctly 
Instrument properly maintained and calibrated 
Proper mixing/preparation of quality control samples 
Proper mixing/preparation of patient samples 


Following manufacturer instructions exactly as written for 
CLIA-waived tests 

Proper documentation of quality control results; verifica- 
tion of acceptable QC values before patient sample is 
analyzed 


Order/perform confirmatory tests as recommended by 
manufacturer 


Postanalytical Phase 





Appropriate documentation of patient results 
Appropriate units reported with test results 


Results transmitted to health-care provider in timely 
manner 


All critical results called immediately 

Include correct reference ranges with laboratory results 
Report all test results to authorities as required by law 
Properly dispose of used testing materials 











of the laboratory testing process: the analytical phase. 
Anything that relates directly to the testing process may 
be part of quality control. Table 4-1 shows how quality 
assurance and quality control compare to one another. 





Test Your Knowledge 4-1 


List two ways that quality assurance and quality control 
are alike. (Outcome 4-2) 
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TABLE 4-1 


Quality Assurance 


Addresses procedures 
in all phases of 
laboratory process; 
includes quality 
control 


Quality assurance versus quality control 


Quality Control 


Focuses specifically on the 
testing process, or analyti- 
cal phase of the laboratory 
process 





Comprehensive plan 
including patients, 
employees, and 
employers 


Includes processes performed 
by employees and 
influenced by policies of 
employers 





Plan developed by the 
employer and the 
quality assurance 
officer 


Policies often established by 
the manufacturer; also 
may be developed by the 
employer 





Requires comprehensive 
and detailed 


documentation 


Requires detailed 
documentation 





Requires critical thinking 
and analysis to design 
the plan and keep it 
current 





Requires critical thinking 
and analysis to decide if 
the patient sample can be 
reported based on the 
quality control results 








WHAT IS QUALITY? 





The laboratory environment is no different from that 
of any other business. Customers are essential to the 
survival of the laboratory, and the testing provided is a 
service that the customers need. Who are the cus- 
tomers? This is not quite as easy to answer as it might 
seem at first. The laboratory serves patients; that is 
pretty clear. The patients may be varied in age, socioe- 
conomic class, race, and gender, but laboratory results 
are a critical part of their care. However, the laboratory 
can serve the patients only if the quality of the labora- 
tory performance meets the expectations of the health- 
care provider who sends the patient (or the specimens 
from the patient) to a specific laboratory for testing. 
Therefore, the health-care providers are also laboratory 
customers. 

The performance of the laboratory must be of very 
high quality to serve both of these types of customers 
efficiently. Consider this scenario: 


A new oncologist opens a practice in your commu- 
nity. He specializes in providing care to patients with 
cancer, and is very concerned that the laboratory 
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testing available will be sufficient to meet his needs. 
Within the first week, he orders several screening tests 
for ovarian cancer to be performed on his patients. 
The analyzer used to perform these tests breaks down 
on Monday, and no one in the laboratory contacts the 
physician to let him know of the delay, He finally re- 
ceives his screening tests on Friday, and one of the results 
is positive. He is very upset about the time that it took 
for him to receive this result in his office, and decides to 
send all his testing requests to another laboratory. 


This is an example of a breakdown in quality assur- 
ance. If the physician had been notified of the expected 
delay for his results, he may still have been upset, but at 
least the lines of communication would have been open. 
Another alternative would have been sending the sam- 
ples to another laboratory while the machine was ser- 
viced; the delay would most likely have been minimized, 
and the physician would have received his results in a 
timely manner. 

Other examples of poor quality performance are in- 
correct results, improper patient preparation, reporting 
the wrong reference ranges (a range of expected values 
for a healthy individual for a specific test) for a specific 
patient’s gender and age, or even improper billing prac- 
tices. All aspects of the customer experience in the labo- 
ratory must be of high quality, as the test results may 
have significant impact on the treatment for the patient. 
A patient may be put on antibiotics when they are not 
needed because a streptococcal screen was incorrectly in- 
terpreted as positive. Another patient result may show a 
false elevation in potassium levels when a specimen is 
mishandled, and the physician may change their medica- 
tion based on these results. This could be a life threaten- 
ing situation. 

It may be helpful to consider laboratory quality as a 
series of “Rights”: 


¢ Right result 

¢ Right time (both specimen collection and reporting of 
results) 

¢ Right specimen 

¢ Right patient 

e Right reference range for result interpretation 

¢ Right price for the services provided 


Test Your Knowledge 4-2 


How do incorrect laboratory results affect patient care? 
(Outcome 4-3) 








The Medical Assistant's Role in Assuring 
Quality Results 


Most medical assistants working in a laboratory environ- 
ment will be performing Clinical Laboratory Improve- 
ment Act—waived (CLIA—waived) tests. These are tests 
that are very simple to perform with results that are easy 
to interpret. As introduced in Chapter 3 of this text, lab- 
oratory tests are categorized under CLIA regulations 
based on the complexity of the process. Some of the tests 
are categorized as “waived” tests because they are exempt 
(or waived) from many of the regulatory procedures of 
the laboratory tests that are more complex in nature. 
This does not mean, however, that they are exempt from 
quality control procedures. Even before the testing 
process begins, the medical assistant can be checking the 
sample collection devices (such as swabs or blood tubes) 
for outdates, and participating in necessary training to 
be ready for the procedure. 

The first opportunity that a medical assistant might 
have to be involved in quality control is when the testing 
kit or reagents arrive in the laboratory. Storage instruc- 
tions are printed on the outside of the box, and these 
need to be followed precisely to provide accurate test 
results. Reading the package insert is critical, as the pro- 
cedure specified by the manufacturer must be followed 
carefully. When the box is opened, this package insert 
should be stored in a safe place. Many laboratories have 
a binder for these sheets, and it is the medical assistant’s 
responsibility to verify that the insert has not changed 
since the last one was placed in the binder. 
Laboratories may also keep multiple copies that have the 
date of receipt documented for reference. 


Types of Quality Control Specimens 


When the kit (or the reagent) is opened for use, it will be 
necessary to test a quality control specimen as recom- 
mended on the package insert. Some testing procedures 
may call for two types of quality control specimens to be 
analyzed. There are three general categories used to 
describe quality control specimens: 


1. External quality control specimens: This may be a 
reference solution that comes with the kit, or a swab 
that has been treated with material that will cause the 
test to read positive or negative. External quality con- 
trol materials may also need to be purchased sepa- 
rately from the testing materials. Regardless of how 
the materials are provided, the most important con- 
cept to follow is that of the analysis of the quality 
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control specimens exactly as directed by the test man- 
ufacturer, and the comparison of the results from the 
specimen to the data provided to be sure that the test 
performance is as expected. These may be qualitative 
results for tests that provide a positive or negative re- 
sult, or they may be quantitative results with a range 
of expected results. Quantitative tests provide results 
as numbers indicating the concentration of certain 
substances. If the results of the external quality con- 
trol specimen are not as expected, the kit or reagent 
cannot be used to test patient samples until the prob- 
lem has been identified and solved. 

2. Internal quality control indicators: These are qual- 
ity control indicators that are part of the individual 
testing kits. They show that the test process was 
valid, but they do not provide a test result. An inter- 
nal quality control measurement is usually a color 
indicator, and in the package insert there will be an 
explanation of acceptable performance before a test 
result can be reported. Internal quality control speci- 
mens are most common in qualitative testing proce- 
dures. Remember, if the test is not valid (the indicator 
does not develop properly), you may not report the 
patient test result. Figure 4-1 shows how an indicator 
might appear. 

3. Electronic quality control devices: Electronic qual- 
ity control devices are reusable, and are used to verify 
the function of an instrument used for analysis. The 
electronic quality control devices are commonly test 
strips or cuvettes. The devices come with an expected 
numerical range of results, and it is imperative that 
the results fall within this range when tested, or no 
patient results may be reported until the problem has 
been identified and solved. 





( Test Your Knowledge 4-3 


Do electronic QC devices let you know whether a test is 


valid? (Outcome 4-3) 
g = 








Test Your Knowledge 4-4 


If a medical assistant is using a machine to analyze a 
blood sample for a test result, what type of QC may she 
be required to use? 

a. External 

b. Internal 

c. Electronic 

d. aandc (Outcome 4-4) 
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Results 7 Control 


indicator 









Positive 
results 

Results Ps Control 

zone indicator 
Negative 
result 
Invalid 
results 
~ Control 
indicator 
Figure 4-1 Valid and invalid test results. 


Medical assistants may also perform tests that have 
been classified as CLIA moderate-complexity proce- 
dures. These procedures may require quality control pro- 
cedures to be performed with more frequency than the 
CLIA-waived tests, and there is more training and docu- 
mentation required for the employee who is performing 
the tests. Laboratories that perform these moderately 
complex tests are required either to follow the recom- 
mendations for quality control included in the package 
insert from the manufacturer, or process at least two lev- 
els of quality control materials with each analytical run. 
The CLIA regulations state that the laboratory must use 
the more stringent option of the two. Tests of moderate 
complexity utilizing instruments also require calibration, 
calibration verification, and proficiency testing. These 
concepts are discussed later in this chapter. 


What Happens When Things Are “Out of 
Control”? 
It is very important to recognize the importance of qual- 


ity control specimens as an indicator of the reliability 
and accuracy of the testing method to be utilized for 
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Procedure 4-1: Documentation of Qualitative Quality Control Values 





TASK 


Properly perform quality control testing and document 
qualitative QC values on a chart. 


CAAHEP/ABHES STANDARDS 





By CAAHEP 2008 


I.P.1.11. Perform quality control procedures 

1.A.1.2. Distinguish between normal and abnormal test 
results 

IL.C.I.7. Analyze charts, graphs and/or tables in the 
interpretation of healthcare results 

I.P.II.2, Maintain laboratory test results using flow sheets 


@ 
—] ABHES Standards 


Medical Laboratory Procedures 10.a: Quality Control, 
and Graduates: a. Practice Quality Control 


CONDITIONS 


¢ CLIA-waived test kit 

e External quality control material 
© Quality control chart 

° Pen 





Procedure 


1. Open the CLIA-waived test kit and secure the 
package insert. 


2. Verify which type of quality control specimen your 
laboratory uses for this testing procedure. Find the 
directions in the package insert for that type of 
specimen. 


3. Wash hands and apply gloves. 


4, Following the directions in the package insert, per- 
form the testing procedure using the positive quality 
control specimen. Repeat with the negative quality 
control specimen. 


5. Verify that the positive and negative quality control 
specimens provide the appropriate results. 


6. Remove gloves, dispose of them appropriately, and 
wash hands. 


7. Record the results on the log sheet. Include these 
factors: 
a. Date and time of test and employee ID 
b. Analyte tested (what type of test was performed?) 
c. Type of quality control (external); brand name if 
a commercial control was purchased separately 





Rationale 


It will be necessary to have the package insert available for 
reference as the quality control specimen is analyzed. 


The quality control specimen may be one that is pro- 
vided with the kit or it may be a commercial one 
that is purchased separately. It is important that the 
correct procedure be used for the testing process. 


Appropriate personal protective equipment should be 
used when testing quality control materials just as it 
would be used for testing samples. 


The performance of the testing procedure should be 
verified with both a positive and negative control 
specimen as recommended by the manufacturer. 


Tests must be valid and the results must be as expected 
for the test kit to be considered “in control.” 


Gloves should be removed before documenting results. 


All these factors are very important documentation, 
and any form should allow for the recording of com- 
plete information. 
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Procedure 


from the kit, and lot number of quality control 
material. 

d. Result (positive or negative) 

e. Was result acceptable? 

f. Corrective action taken, if necessary 


8. Put away testing supplies and disinfect work area. 
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Rationale 











Procedure 4-2: Documentation of Quantitative Quality Control Values 


TASK 


Properly perform and document quantitative quality 
control values on a chart. Determine whether the 
values are acceptable according to laboratory protocol. 


CAAHEP/ABHES STANDARDS 





a CAAHEP 2008 


L.P.1.11. Perform quality control procedures 

1.A.1.2. Distinguish between normal and abnormal test 
results 

IL.C.I.7. Analyze charts, graphs and/or tables in the 
interpretation of healthcare results 

IL.P.II.2.. Maintain laboratory test results using flow sheets 


ee. 
J ABHES Standards 


Medical Laboratory Procedures 10.a: Quality Control, 
and Graduates: a. Practice Quality Control 


CONDITIONS 


* Quantitative testing method 

¢ External quality control material 

* Quality control chart with established acceptable 
ranges provided 

° Pen 








Procedure 


1. Consult the instructions for the testing method if 
necessary before continuing with the process. 


2. Verify which type of quality control specimen your 
laboratory uses for this testing procedure. 


3. Wash hands and apply gloves. 


4, Following the directions in the package insert or the 
laboratory procedure manual, perform the testing 
procedure using the quality control specimen. Repeat 
with a second quality control level if recommended 
by the manufacturer. 


Rationale 


With automated testing procedures, the manufacturet’s 
recommendations usually do not change as often as 
they might with the CLIA-waived test kits. However, 
consulting the instructions is always appropriate. 


The quality control specimen may be one that is 
provided with the testing method, or it may be a 
commercial product that is purchased separately. 


Appropriate personal protective equipment should be 
used when testing quality control materials just as it 
would be utilized for testing samples. 


The performance of the testing procedure should be 
verified with both a high and low level quality con- 
trol specimen as recommended by the manufacturer. 





Continued 
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Procedure 4-2: Documentation of Quantitative Quality Control 


Values—cont’d 








Procedure 


5. Put away quality control material. 


6. Remove gloves, dispose of them appropriately, and 
wash hands. 


7. Record the results on the log sheet by placing a dot 
at the line at which the date and specimen result 
intersect. In addition, document the time of the test 
and your identification. Verify that the correct con- 
trol level brand and lot number are on the log sheet. 


8. Verify whether the quality control is within the 
established ranges and whether there is a pattern 
developing that needs attention, such as a trend or 
a shift in the results. If there is a problem or if the 
quality control is out of range, do not process 
patient samples. 


9. Repeat the test if results are out of range. If the 
condition persists, begin troubleshooting the 
problem. Document the repeat and also if there 
are troubleshooting steps taken. 


10. If the troubleshooting is not successful, do not al- 
low the instrument to be used for patient samples, 
and contact a supervisor or the manufacturer for 
further action. 





Rationale 


Many quality control specimens must remain refriger- 
ated, so this should occur immediately after use. 


Gloves should be removed before documenting results. 


All these factors are very important documentation, 
and any form should allow for the recording of com- 
plete information. 


Careful documentation of the results and observation 
of any quality control patterns are absolutely neces- 
sary. Patient samples cannot be processed if the 
sample is out of range or if there is an undesirable 
pattern forming in the results. 


Troubleshooting may include opening a new bottle of 
quality control material, cleaning the instrument, 
verifying the instructions for performing the test, 
verifying that the quality control chart is for the 
correct lot number, etc. 


It is essential that the problem be resolved as soon as 
possible to continue with quality patient care. 








patients. When the QC results are not as expected, the 
person running the test or operating the instrument 
must not report any patient results until the problem has 
been solved. The systematic process of identifying the 
problem with the testing procedure is called trou- 
bleshooting. There are times when the quality control 
specimen does not provide a positive result as expected, 
or when the test results appear invalid when running a 
pregnancy test QC specimen. The medical assistant per- 
forming the test must immediately try to identify the 
problem with the testing procedure before the process 
can continue. Here are some actions to take when trou- 
bleshooting a testing process: 


1. Check the expiration dates of the reagents, kit, and 
quality control reagents in use. If any of these 


supplies are outdated, document the discrepancy, 
discard the expired item, and perform the test again 
using materials that are not past their expiration date. 

2. Verify how the specimen, kit, reagent, or quality con- 
trol material has been stored. Were the manufacturer's 
recommendations followed? If there is evidence that 
the storage instructions were not followed, the results 
provided by this testing method may be inaccurate. 
The testing component that was mishandled must 
be discarded, with appropriate documentation of the 
issue. 

3. Verify the specimen type required for the testing pro- 
cedure. Sometimes a kit is designed to work only with 
certain types of body fluids. The acceptable specimen 
type will be provided as part of the package insert. 
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Tests performed on body fluids not indicated as 
acceptable may provide inaccurate or invalid results. 

4. Was the control material well mixed and at the cor- 
rect temperature for the test? The quality control 
material may require warming to room temperature 
before use or vigorous mixing prior to testing. These 
instructions must be followed carefully. 

5. Refer to the current package insert. Are you aware of 
skipping a step, or doing the procedure incorrectly? 
Has the package insert or instructions changed since 
you last performed the test? 

6. Ifan instrument was used for the test, is it clean? Check 
the maintenance documentation, and see if the recom- 
mended schedule has been followed for routine instru- 
ment care. If needed, perform the recommended main- 
tenance, after which the QC can be analyzed again. 

7. Read the troubleshooting portion of the manufac- 
turer’s instructions. There is valuable information 
here that may help to solve the problem. 


Usually the problem may be identified by following 
these suggestions. If the problem is still not apparent, a 
new quality control specimen should be obtained for a 
retest. If it is an internal control and the quality control 
specimen comes with the kit, open a new kit and try the 
test again. Finally, documentation of the details and 
troubleshooting process is critical. If there seems to be a 
pattern emerging, it is imperative that everyone knows 
what has occurred, and the steps that have been taken to 
solve the problem. Details also help while communicat- 
ing with a manager or supervisor about the problem. 
Sometimes the medical assistant may need to contact the 
manufacturer for advice, and these details will be neces- 
sary to continue the troubleshooting process. 


Date and time of test/ | Analyte 
Employee tested 
identification 


Type of quality 
control specimen 
used; external 

or internal? 


Figure 4-2 


For external quality | Quality 
control; brand and 
quality control lot 
numbers 





Chapter 4 Assuring Quality 7] 





( Test Your Knowledge 4-5 

Cindy Lou has recently been trained to perform pregnancy 
testing in the physician office laboratory (POL) where 
she is employed. She receives a blood specimen from 
the physician who asks her to test it to see if a young 
patient is pregnant. Cindy follows the pregnancy testing 
procedure exactly as she was taught, but the test results 
show that it is an invalid test. What are two possible 
explanations? (Outcome 4-6) 

y 











Documentation of Quality Control Results 


Quality control requirements are different for CLIA- 
waived tests than they are for those of moderate or high 
complexity. Many of the waived tests are qualitative in 
nature, which means that the result provided is either 
positive or negative, rather than a measurement reported 
as a number or percentage. The quality control assess- 
ment for these qualitative tests may be built in to the in- 
dividual testing devices or the laboratory may purchase 
other quality control specimens to verify the perfor- 
mance quality for the analyte (substance being tested). 
Whether the QC is internal or external, it must be doc- 
umented, and this record must be kept for at least two 
years. As with any document in the laboratory or in a 
patient’s chart, the results on the quality control chart 
must be documented in pen, not pencil. This provides a 
permanent record that is not easily changed. One of the 
most common sources of laboratory error is that of tran- 
scription; it is very important to carefully document all 
laboratory data. Figure 4-2 is an example of a quality 
control log sheet to be used for a qualitative test. At a 


Results Corrective 


control result 


acceptable? | action taken 
(yes or no) 


Log used to record quality control results for a qualitative test. 
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minimum, the documentation should include the 
following: 


e The date and time of the quality control test. Re- 
member, the frequency that the QC is tested must be 
at least as often as the manufacturer recommends. 

¢ The quality control material lot number and level. 
If it is internal control, this would be documented as 
additional information. If the testing device has a 
color change that occurs to verify the validity of the 
test, this needs to be recorded as well. 

¢ The lot number for the testing kit in use. If this test 
kit was just opened, the kit should also have the date 
and the initials of the person who opened it written on 
the test kit box. 

° Results of the quality control test. This is often just 
positive or negative for qualitative CLIA-waived tests. 

¢ Documentation of whether the kit or test can be 
used to test patient samples. Remember, this deci- 
sion is based on whether the quality control results 
were within the established acceptable ranges. 

¢ Documentation of troubleshooting or corrective 
action, if required. 

° Initials or signature of employee performing test. 





Test Your Knowledge 4-6 


Why is it important to document the date of a quality 
control test? (Outcome 4-7) 





Various moderate-complexity tests, as well as some 
that are CLIA-waived, will provide quantitative results. 
This means that the quality control results for these 
testing methods will also be reported as a number, 
rather than merely a negative or positive result indicat- 
ing the presence or absence of a substance. Because the 
results reported for these tests are to fall within an es- 
tablished range, it is very important that the quality 
control results are monitored closely to verify the 
method’s performance. A common tool used to record 
these quantitative results is a Levey-Jennings chart, 
used to monitor the quality control performance over a 
set time interval. The acceptable quality control ranges 
are either established by the laboratory before patient 
samples are analyzed with the kit or instrument, or they 
are established by the manufacturer and adopted by the 
laboratory. The values obtained each time the quality 
control is processed are charted (in pen) according to 
the date and the value obtained. The chart also has 
spaces to document the analyte being tested, the QC 
level, the lot numbers of the kit and the quality 


controls, and other information that may be necessary 
for that particular laboratory. Levey-Jennings charts 
will also include the mean (average) expected value, as 
well as limits for acceptable QC testing results. If an in- 
dividual quality control test falls outside of these 
ranges, patient testing cannot continue until the prob- 
lem has been addressed. This type of graph can also be 
monitored for trends in the data, which show a pro- 
gressive change in the results from day to day that con- 
tinue to move gradually in one direction. Shifts will 
also be evident, and can be identified on the graph as a 
set of results that suddenly move significantly, but still 
remain within an acceptable range. Sometimes a shift 
will be evident when the results move from one side of 
the mean to the other, but a shift may also be evident 
even if the results remain on the same side of the mean. 
Both of these situations must be addressed, because 
they are indicative of a problem with the quality con- 
trol procedure, the testing method, the operator, or a 
combination of these factors. Figure 4-3 is an example 
of a quantitative Levey-Jennings quality control chart. 





Test Your Knowledge 4-7 


Is a Levey-Jennings chart used to document qualitative 
QC test results? Why or why not? (Outcome 4-7) 





Accuracy and Precision 


The Levey-Jennings chart can be a useful tool to verify 
whether a testing method is demonstrating accuracy and 
precision. These are very important concepts to keep in 
mind in the laboratory environment. Accuracy is a word 
used to define how close the result produced for that test 
is to the real value. This can be visualized by thinking of 
a bull’s-eye target. The true value for a test procedure is 
at the center of the target. If the test is accurate, then 
each time the test is performed the results will be near 
the center of the target. 

Precision describes the reproducibility of results. 
This can also be thought of as a measurement of 
whether the results are close together if the test is run 
multiple times on the same specimen. Visualizing the 
bull’s-eye target again, a test shows good precision if the 
results are all clustered closely together when the test is 
run multiple times. 

A test can be precise but not accurate. This means 
that the results for a certain test may all be close to the 
same value, but not near the true value for that test. The 
goal for laboratory testing is to have results that are both 
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Figure 4-3 Levey-Jennings chart used to record quantitative qu 


accurate and precise, and quality control measures help 
to identify problems in these areas before they affect the 
quality of the patient results for that test. 


OTHER METHODS OF ASSURING 
LABORATORY QUALITY 





All laboratory results have clinical significance, mean- 
ing that a health-care provider may change the treatment 
or assign a diagnosis for a patient based on the laboratory 
results. In addition, there are established reference 
ranges for all laboratory tests. These are the expected 
values for patients in a normal population for a certain 
analyte. In order to feel confident that the laboratory 
results reported are accurate and reliable, all facets of 
quality assurance must be taken into consideration. The 
best way to understand how these all fit into patient care 
is to consider a patient scenario with a negative outcome: 


Mr. Butler has developed an atrial arrhythmia and is 
being treated with the drug digoxin to help increase 
the efficiency of his heart muscle and correct problems 
with the electrical impulses that pass through his 
heart. Mr. Butler visits the laboratory monthly to 
have his drug level checked, as digoxin has serious side 
effects if the concentration is too high in the blood- 
stream. When the laboratory tests the digoxin level, a 
higher-than-normal level is discovered for someone 


ality control results. 


being treated for his condition, and the result is well 
outside the reference range. When Mr. Butler’s physi- 
cian receives the report, he calls his patient, verifies his 
health status, and tells him that he needs to decrease 
his digoxin dose for a few days. The physician asks 
Mr. Butler to go to the laboratory to have another 
specimen drawn at the end of the week. On day three 
afier decreasing his dose, Mr. Butler has his drug level 
rechecked. This second draw is extremely low, well 
below the reference range. The result is drastically 
different from what it was a few days earlier, and is 
much lower than it should be with the minor medica- 
tion adjustment based on the previous high result. 


Of course, Mr. Butler’s health-care provider is eager to 
find out how the results for the digoxin could be so dif- 
ferent in just a few days. He contacts Mr. Butler and 
confirms that he followed the dosage changes as directed. 
The physician then contacts the laboratory that per- 
formed the testing on the first sample. The laboratory 
staff rechecks the sample, and finds the result is close to 
the first reading: still high above the reference range. 
However, when their quality assurance officer steps in to 
resolve the issue, she finds that the quality control results 
for the digoxin test have been slowly reading higher and 
higher for a few days prior to the test date. This trend has 
gone unnoticed by the personnel performing the tests, 
because the results were all within the acceptable range. 
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, danin* OF INTEREST 4-1 
Statistics used for quality 
control assessment 


Statistics is a specific branch of mathematics that deals 
with the collection, analysis, and interpretation of nu- 
merical data. We use statistics in the laboratory to analyze 
the quantitative data derived from quality control testing. 
The entire process is quite complicated, but developing 
an understanding of a few key terms can benefit the 
medical assistant as he or she works with these data. 

To establish acceptable ranges for qualitative QC 
testing procedures, the mean, standard deviation, and 
variance must be established. 


¢ Mean: The mean is the numerical average of a set of 


numbers. To calculate the mean, find the sum (total) 
of a set of values (numbers), then divide that sum by 
the number of values in the set. For instance, if you 
were to analyze a specimen ten times for a potassium 
level, you might generate these numbers: 4.5, 4.4, 
4.2, 4.6, 4.5, 4.1, 4.3, 4.6, 4.5, and 4.7 mmol/L. The 
mean of these values would be calculated by adding 
them all together, then dividing by 10, because there 
were ten results used for the calculation. The mean 
result for these numbers would be 4.4 mmol/L. 

Variance: The variance is a bit more complicated to 
calculate. It gives a numeric indication of how much 
the values in the set vary or deviate from the mean. 


The variance is calculated after the mean for the set of 


numbers has been established. Each number is sub- 
tracted from the mean, and this difference is squared, 
which means to multiply it by itself one time. The sum 
of the squares is then established, and this sum is 
divided by the total number of values minus one. (The 
term used for this calculation is 7 — 1.) Therefore, for 
our scenario presented above, we would follow these 
steps from the calculate mean of 4.4 mmol/L: 


The sum of the deviations squared is 0.34, and 
this number divided by 2 — 1 (9 in our example) is 
0.036. The variance for this set of numbers is 0.036. 




















Potassium Deviation; How Far _ Deviation Squared; 
Value ——_ from the Mean of 4.4? Multiplied by Itself 

4.6 0.2 0.04 

4.5 0.1 0.01 

4.1 0.3 0.09 

4.3 0.1 0.01 

4.6 0.2 0.04 

45 0.1 0.01 

4.7 0.3 0.09 











Potassium Deviation; How Far _ Deviation Squared; 
Value —_—_ from the Mean of 4.4? Multiplied by Itself 











A.5 0.1 0.01 
4A 0.0 0.00 
4.2 0.2 0.04 














Standard deviation: The standard deviation pro- 
vides a measurement of how the values we are 
working with are placed or scattered around the 
calculated mean for the values. The standard devia- 
tion uses the variance that was calculated in the pre- 
vious step, and is calculated by taking the square 
root of the variance. For the potassium scenario 
that we are working with, the standard deviation 
would be calculated by calculating the square root 
of 0.036. The standard deviation would be 0.061 
mmol/L for this set of potassium results. 





-35 —25 -15 X 


15 25 35 


The previous calculations are used to establish accept- 
able values or allowable standard deviation for their 
qualitative laboratory results. If the potassium values 
were analyzed for 100 people who were considered to 
be of normal health, we would find that their values 
could be plotted on a graph to form a Gaussian curve 
(see above), which is sometimes known as a bell curve 
or normal distribution curve. In a normal curve, half 
of the values are greater than the mean and half of 
the values are less than the mean for that test result. 
Statistically, it has been shown that 68% of the results 
in a normal population will be within one standard 
deviation above or below the mean, and 95% will be 





Winning Moment 
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within two standard deviations above and below the 
mean. Ninety-nine percent of the results will fall 
within three standard deviations of the mean. 

Normally, when establishing acceptable ranges 
(also known as confidence limits) for a laboratory 
procedure, the quality control results must fall 
within a range of two standard deviations above or 
below the mean in order to be an acceptable result. 
For our potassium scenario, if this was a quality 
control material that was tested ten times, the 
results would need to fall within two standard devi- 
ations of the mean. The mean was 4.4, and the qual- 
ity control results would need to be 4.4 plus or mi- 
nus 0.122 to be within range. This means that the 
acceptable ranges for this quality control sample 
would be 4.28 to 4.52 mmol/L. 











She also checks the maintenance logs for the instrument 
used for digoxin testing, and finds that the machine has 
not been serviced as recommended by the manufacturer. 
This is a very serious situation, especially because 
Mr. Butler may not have been the only patient affected 
by the instrument’s performance. 

The QA officer begins to make a plan to correct the 
issues. The first part of her plan is to have the overdue 
maintenance performed on the instrument. This in- 
cludes cleaning the internal components of the machine 
and changing some tubing and reagents. After the main- 
tenance has been performed, the machine has to be cali- 
brated. Calibration is a standardization of the instru- 
ment for a specific analyte, meaning that a calibration 
sample (generally ordered from the manufacturer) is 
processed using the instrument. If the reading does not 
come out exactly as it should, the instrument is adjusted 
(according to manufacturer's instructions) until it does 
measure the calibration sample at precisely the predeter- 
mined level. 

Once the calibration is complete, quality control as- 
sessment must be performed again. This is called cali- 
bration verification. The calibration and subsequent 
verification show that the testing instrument has been 
reading the digoxin specimen results several increments 
higher than they really were. This caused Mr. Butler's 
reading to appear falsely elevated; his specimen was 
tested once again after the calibration and verification 
and found to be at the high end of the expected reference 
range. His dosage should not have been altered. This 
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change in medication may have put his health at risk 
unnecessarily. 

To follow up on this incident, the QA officer docu- 
ments all that has occurred. Her follow-up includes reed- 
ucation of the personnel responsible for the quality con- 
trol and maintenance for the testing instrument. She 
develops a plan to follow up with these employees to see 
if the intervention and retraining were successful. The 
QA officer also notifies the laboratory director and any 
other required personnel in the organization who need 
to be notified of a testing system problem leading to a 
bad patient outcome. 

If the patient's health had been negatively affected by 
the medication change in response to the first digoxin 
test result, the laboratory would be at risk for legal 
action. As a result of this situation, it is likely that the 
physician may decide to send his specimens to a differ- 
ent laboratory for analysis. 

As this scenario draws to a close, the QA officer feels 
confident that the digoxin levels reported from that in- 
strument are now accurate and reliable. She also has to 
go back and follow up on reported results for other 
patients tested close to the time that Mr. Butler had his 
test performed. 

However, another question still exists: How well do 
the digoxin results from this laboratory compare to oth- 
ers that are performing the same test with the same in- 
strument? This is the final step of assuring quality for the 
laboratory. It is like taking a standardized assessment to 
see if the results produced in a certain laboratory compare 
well to those of others across the country. Proficiency 
testing is a means to measure the performance of a lab- 
oratory externally. For laboratories performing moderate- 
or high-complexity testing, federal regulations require 
that proficiency testing is performed at least three times 
yearly. The laboratories are sent specimens from a 
provider that has been approved by their licensing agency, 
and these specimens must be tested exactly as a patient 
sample would be tested. The laboratories then report 
their results back to the approved provider, and they are 
compared to other laboratories that perform the same 
test using the same method. If a laboratory’s results are 
too different from the others used for the comparison, 
that laboratory may be told that it can no longer offer 
that specific test until the problem is identified and 
solved. In addition, if a laboratory is not successful with 
its proficiency testing, there will usually be a site visit per- 
formed by those who certify or license this laboratory for 
operation. 
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For proficiency testing to be valid, it is important to 
stress that the samples provided are to be run precisely 
the same as patient samples. Laboratories are not allowed 
to run the samples in duplicate unless the patient sam- 
ples would be treated in this way. Proficiency testing is a 
powerful tool, providing verification for a laboratory 
that their results are comparable to others performing 
the same test across the region or country. 

By law, laboratories that perform only CLIA-waived 
tests are not required to participate in proficiency test- 
ing. However, they may choose to voluntarily partici- 
pate. The Centers for Medicare & Medicaid Services 
(CMS) still recommends that some sort of external qual- 
ity verification is performed periodically, whether it is 
through a commercial agency or informally. Informal 
verification of quality may include splitting a patient 
sample and sending some of it to another laboratory to 
see what its result is, or asking for another laboratory to 
share its patient’s samples for the same reason. Many lab- 
oratories also perform internal proficiency testing in 
which they pool patient samples, run them numerous 
times to get an acceptable range for the results, and then 
use these to supplement their commercial quality control 
materials throughout the day. These patient pool speci- 
mens are usually separated into small samples and frozen 
until they can be tested. The internal patient quality 
control samples are a nice way to supplement the com- 
mercial quality control in the laboratory, but they do not 
help with comparisons to other laboratories unless they 
are shared. 

There is one more recommended method to assure 
quality in the laboratory. This process is known as 
competency testing. Competency testing actually 
evaluates the personnel who perform the laboratory 
tests, by direct observation, or by introducing mock 
specimens with known values into the patient load and 
evaluating the results and documentation after the test 
is complete. This evaluation process can be especially 
critical with the CLIA-waived tests, as often the person 
who performs the test has little or no formal laboratory 
training, and he or she may not realize the significance 
of cutting corners by not following the procedure 
exactly as the manufacturer recommends it to be per- 
formed. Many laboratories have designed a program in 
which competency testing of some sort is performed 
annually for each employee, in which a supervisor pro- 
vides samples of known results for personnel to test. If 
the documented results do not fall within the estab- 
lished ranges, then additional training needs to be inte- 
grated into the laboratory environment. 





( Test Your Knowledge 4-8 


How is the process of calibration different from running 


a quality control specimen? (Outcome 4-8) 
ee | 





( Test Your Knowledge 4-9 


Is proficiency testing required for all laboratories? 
(Outcome 4-8) 


XR 4 











The CMS has performed site visits at CLIA-waived 
laboratories across the United States over the course of 
the past few years and the results have been very infor- 
mative. Because the regulatory requirements for labora- 
tories that perform only CLIA-waived tests are minimal, 
there is concern for the quality of the services provided 
by these laboratories. The following is a summary of the 
issues identified in the site visits: 


e The employees performing the tests were inadequately 
trained, Training must be provided by a qualified per- 
son who has knowledge of the test performance, and 
the actual performance of the test should be evaluated 
as the trainer observes. 

¢ There were high turnover rates for testing personnel, 
especially medical assistants. 

e CLIA-waived testing sites were performing tests that 
were not CLIA waived, using personnel who were not 
adequately educated or trained to perform the proce- 
dures. This could be a potentially dangerous situation 
for patients, as the procedures may not be performed 
correctly and the testing personnel may not be able to 
identify significant issues with the testing process due 
to lack of training. 

e Many of the sites did not have the most recent manu- 
facturer’s procedural instructions for the tests they 
were performing. Approximately 20% of the sites re- 
ported that they did not routinely check the manufac- 
turer’s package inserts to see if there were recom- 
mended changes in the procedure. There were also 
cost-cutting measures in effect in some laboratories, in 
which urinalysis testing strips or fecal occult blood 
slides were being cut in half to increase the number of 
specimens tested per kit. This destroys the integrity of 
the testing process, and means that the laboratory is 
noncompliant with the CLIA regulations. 

® Quality control testing was not performed as specified 
by the manufacturer by many of the sites, and units of 
measure were incorrectly reported with patient results. 
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e Problems were identified with expiration dates and 
storage methods for the testing kits, as well as docu- 
mentation of the lot numbers and control results for 
the kits once they were opened. There were also issues 
with inadequate performance of instrument mainte- 
nance and calibration. 

e Approximately 6% of the laboratories visited did not 
perform follow-up confirmatory tests as recom- 
mended by the manufacturer. 

¢ Some of the sites were testing specimens that were not 
acceptable for that waived method. For instance, some 
tests are designed to be performed on urine, but the 
laboratory was testing plasma instead. 


In 2005, the Centers for Disease Control and Pre- 
vention (CDC) published a report summarizing the 
results of site visits mentioned above. (You can find the 
link to the report in the Resources and Suggested 
Readings section at the end of this chapter.) In addi- 
tion to the summary, the report also includes recom- 
mendations for good laboratory practices for waived 
testing sites. The majority of these recommendations 
have been included in this chapter. They include spe- 
cific considerations for all three parts of the laboratory 
testing procedure: preanalytical, analytical and postan- 
alytical phases. 


1. Be certain that there is a written request or requisi- 
tion for all tests performed. 

2. Follow the written instructions for collection meth- 
ods carefully, and verify what type of specimen is 
needed for the test ordered before collection. 

3. Properly identify the patient and specimen, and store 
the specimen properly until the testing process begins. 

4. Check the kit expiration date. 

. Know the product insert; be sure that copies 
are kept current at all times, and refer to them 
often. A sample package insert is reproduced in 
Figure 4-4. 

6. Follow the procedure provided by the manufacturer 

exactly as written. 

7. Run controls often, at least as often as is recom- 
mended by the manufacturer. 

8. Repeat the test if there is a problem, and trou- 
bleshoot if the problem continues. Always verify 
that the test result is valid if there is an indicator 
present on the testing device. 

9. Accurately record the results; use the correct units 
and be sure that the reference ranges reflect the pop- 
ulation and sample type that you are reporting. 


an 
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10. Sign and date your results wherever they are 


recorded in your laboratory setting. 


11. Notify the health-care provider that ordered the 


tests in a timely manner. Be aware of panic or crit- 
ical results. These are test results that are far 
enough outside of the reference ranges that they 
may be considered to be life threatening, and must 
be reported immediately to the ordering physician 
or another appropriate responsible party. When 
notifying the physician’s office of these results, 
document who was notified, what was reported, 
and when it was reported, and sign and date this 
documentation. 





Test Your Knowledge 4-10 


What is the most important step that a medical assistant 
can take fo ensure that he or she is performing a CLIA- 
waived test for mononucleosis correctly? 

(Outcome 4-8) 











SUMMARY 


Quality assurance in the clinical laboratory is like a big 
umbrella covering numerous aspects of the process. A 
good QA plan should address issues such as education 
of the providers and patients concerning appropriate 
patient preparation before testing, initial and ongoing 
education of all personnel, written procedures, thor- 
ough documentation of all testing, quality control and 
maintenance procedures, and plans for how to follow 
up on problems that may develop. Quality control 
focuses more on the testing process itself, and includes 
specimen and testing kit or reagent storage, following 
directions, and reporting results appropriately. Other 
means of assuring quality in the laboratory may include 
calibration, external proficiency testing, and compe- 
tency testing. The most important aspect of all these 
measures is to assure quality results for the patients we 
serve so that they can be cared for appropriately. 
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CLIA Complexity: Waived for Whole Blood 
Non-Waived for Serum or Plasma 





FOR LABORATORY AND PROFESSIONAL IN VITRO DIAGNOSTIC USE ONLY. 


INTENDED USE 
The OSOM® Mono Test is intended for the qualitative detection of infectious mononucleosis heterophile antibodies in serum, plasma or whole 
blood as an aid in the diagnosis of infectious mononucleosis. 


SUMMARY AND EXPLANATION OF TEST 

The diagnosis of infectious mononucleosis (IM) is suggested on the basis of the clinical symptoms of fever, sore throat and swollen lymph glands. 
The highest incidence of symptomatic IM occurs during late adolescence (15-24 years of age). Infectious mononucleosis is caused by the Epstein- 
Barr Virus (EBV).(1:2) The laboratory diagnosis of IM is based on the detection of IM heterophile antibodies. These heterophile antibodies are 
directed against antigens found in bovine, sheep and horse erythrocytes. The OSOM Mono Test utilizes an extract of bovine erythrocytes to give 
the required sensitivity and specificity. 


KIT CONTENTS AND STORAGE 

25 Test Sticks in a container 

25 Test Tubes 

25 Transfer Pipettes 

25 Capillary Tubes with 1 Capillary Bulb 

1 Diluent (contains buffer with 0.2% sodium azide) 

1 Mono Positive Control (contains rabbit anti-beef stroma in tris buffer with 0.2% sodium azide and 0.05% gentamycin sulfate preservatives) 
1 Mono Negative Control (contains goat albumin in tris buffer with 0.2% sodium azide) 

1 Work Station 

1 Directional Insert 

2 Additional test sticks have been included in the kit for external QC testing 

Note: Extra components (tubes, pipettes, capillary tubes and capillary bulb) have been provided for your convenience. 
Store the Test Sticks and reagents tightly capped at 15°-30°C (59°-86°F). 

Do not use the Test Sticks or reagents after their expiration dates. 


MATERIALS REQUIRED BUT NOT PROVIDED 
Specimen collection containers. 
A timer or watch. 


PRECAUTIONS 

¢ For in-vitro diagnostic use only. 

¢ Follow your laboratory safety guidelines in the collection, handling, storage and disposal of patient specimens and all items exposed to patient 
specimens. 

¢ The Diluent and Controls contain sodium azide which may react with lead or copper plumbing to form potentially explosive metal azide. Large 
quantities of water must be used to flush discarded Diluent or Controls down a sink. 

¢ The Capillary Bulb contains dry natural rubber. 

* Do not interchange or mix components from different kit lots. 


SPECIMEN COLLECTION AND PREPARATION 

Serum, Plasma, or Whole Blood Sample 

Obtain specimens by acceptable medical technique. Collect whole blood samples using a tube containing EDTA or heparin as an anticoagulant. 
Other anticoagulants have not been tested. Serum and plasma specimens may be refrigerated (2°-8°C; 36°-46°F) and tested within 48 hours; 
serum and plasma specimens held for longer times should be frozen (below —10°C; 14°F) and tested within 3 months. Test whole blood specimens 
within 24 hours. Specimens must be at room temperature (15°-30°C; 59°-86°F) when tested. 


Fingertip Whole Blood 

Hold the capillary tube horizontally while collecting the sample. Touch the end of the capillary tube to the drop of blood on the patient’s finger. Fill 
the capillary tube completely. Place the small end of the black bulb onto the capillary tube. Place your fingertip over the opening in the bulb. 
Squeeze the bulb to dispense the whole blood sample into the test tube. 


QUALITY CONTROL 

External Quality Control 

For external QC testing, use the controls provided in the kit. Add one free falling drop of control to the Test Tube and then proceed in the same 
manner as with a patient sample. Quality Control requirements should be established in accordance with local, state and federal regulations or 
accreditation requirements. Minimally, Genzyme Diagnostics recommends that positive and negative external controls be run with each new lot 
and with each new untrained operator. Some commercial controls may contain interfering additives. The use of these controls is not 
recommended. 


Figure 4-4 Package insert. Courtesy of Genzyme Diagnostics. 
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Internal Quality Controls 
The OSOM Mono Test provides two levels of internal procedural controls with each test procedure. 


¢ The red Control Line is an internal positive procedural control. The Test Stick must absorb the proper amount of test material and be working 
properly for the red Control Line to appear. 

e A clear background is an internal negative procedural control. If the test has been performed correctly and the Test Stick is working properly, the 
background will clear to give a discernible result. 


If the red Control Line does not appear, the test may be invalid. If the background does not clear and interferes with the test result, the test may be 
invalid. Call Genzyme Diagnostics Technical Assistance if you experience either of these problems. 


LIMITATIONS 

¢ As with all diagnostic assays, the results obtained by this test yield data that must be used as an adjunct to other information available to the 
physician. 

¢ The OSOM Mono Test is a qualitative test for the detection of IM heterophile antibody. 

¢ A negative result may be obtained from patients at the onset of the disease due to heterophile antibody levels below the sensitivity of this test kit. 
If symptoms persist or intensify, the test should be repeated. 

¢ Some segments of the population with acute IM are heterophile antibody negative.(") 


EXPECTED VALUES 

A heterophile antibody response is observed in approximately 80-90% of adults and children with EBV-caused IM. This percentage drops to 
approximately 50% for children under four years of age. 

While the incidence of IM reflects wide seasonal, ethnic and geographical variation, a large epidemiological study noted that the highest incidence 
of symptomatic IM occurred during late adolescence (15-24 years of age)(2). 


PERFORMANCE CHARACTERISTICS 

A total of 439 specimens (183 serum, 176 plasma and 80 whole blood) were evaluated by two clinical labs in a clinical study. Test results of the 
OSOM Mono Test were compared to results obtained with a commercially available latex particle agglutination test for the qualitative 
determination of infectious mononucleosis heterophile antibodies. Discrepancies between the results given by the OSOM Mono Test and the latex 
particle agglutination test were resolved by Epstein-Barr Virus (EBV) specific serological assays. In these assays, the specific antibodies to the 
EBV capsid antigen (IgM) and EBV nuclear antigen-1 (IgM and IgG) were determined. 

Serum Specimens: Comparative Test 


Comparative Test Whole Blood Specimens: 














+ - + - 
74 8* + 30 3* 

MM Test MM Test 
Oso ono Tes 0 101 Oso ono Tes _ 0 7 


























*6 out of 8 tested postitive by EBV testing *1 out of 3 tested postitive by EBV testing 


Plasma Specimens: Comparative Test All Specimens: Comparative Test 














+ - + - 
67 15* + 171 26* 
OSOM Mono Test 0 94 OSOM Mono Test i: 0 AD 























*8 out of 15 tested postitive by EBV testing *15 out of 26 tested postitive by EBV testing 


When compared to a commercially available latex particle agglutination test for infectious mono-nucleosis heterophile antibodies, the OSOM 
Mono Test showed a sensitivity of 100% and a specificity of 90.3%. The overall agreement was 94.1%. 


Fifteen of the 26 discrepant samples were determined to be recent or acute EBV infections by EBV serological testing, in which case the sample 
was considered positive. Including the samples confirmed positive by EBV serological testing, the overall clinical study specificity of the OSOM 
Mono Test is 95.9% and the overall sensitivity is 100%. 


POL Studies 

An evaluation of the OSOM Mono Test was conducted at three physicians’ offices or clinical laboratories where testing was performed by personnel 
with diverse educational backgrounds. Each site tested the randomly coded panel consisting of negative (5), low positive (3) and moderate positive 
(4) specimens for three days. The results obtained had 99.1% agreement (107/108) with the expected results. 


Figure 4-4 Cont'd 
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TIME TO REVIEW 


1. Analyte means: Outcome 4-1 


a. A similarity between two things 

b. A substance being tested 

c. A method used for testing samples 
d. A type of proficiency testing 


2. True or False: The mean of a set of Outcome 4-1 


results is the average of the results. 


3. A quantitative testing procedure Outcome 4-1 


provides results as: 


a. Numbers or measurements 
b. Positive or negative 
c. Descriptive analysis by a pathologist 


4. Which concept focuses specifically Outcome 4-2 
on the analytical phase of laboratory testing? 


a. Quality control 
b. Quality assurance 
c. Documentation 
d. Personnel training 


5. Which of these statements Outcome 4-3 
describes how the details of the postanalytical phase 
of laboratory testing affects quality assurance? 


a. The postanalytical phase of laboratory testing is 
not considered to be part of quality assurance 

b. When results are reported promptly to the physi- 
cian as part of the postanalytical process, patient 
care is positively affected 

c. Postanalytical processes such as appropriate pa- 
tient education are critical for quality patient care 

d. Postanalytical processes such as performing the 
test procedures using the manufacturer's inserts 
are critical for quality patient care 


6. True or False: If a medical assistant Outcome 4-4 
performs only CLIA-waived testing, will it be neces- 
sary for her to perform quality control? 


7. When is troubleshooting performed? Outcome 4-5 


a. Daily 

b. Quarterly 

c. As needed 

d. When directed by the package insert for the 
test kit 


8. Please provide three examples of Outcome 4-6 
data that must be documented when logging quality 
control for a qualitative test. 


9. What is the purpose of Outcome 4-8 


calibration verification? 


a.Calibration verification is performed to see if the 
internal quality control is working correctly 

b. Calibration verification is performed to see if 
calibration is necessary for an instrument 

c. Calibration verification is performed when a new 
reagent lot number is put into use for the first 
time 

d. Calibration verification is performed after a 
calibration has been completed on an instru- 
ment to verify that the calibration was success- 
ful and that the instrument is ready for patient 


testing 
10. True or False: Competency testing Outcome 4-7 
addresses only test results. 
11. Where do laboratories obtain Outcome 4-7 


samples for proficiency testing? 


a. From the test kit manufacturer 
b. From approved providers 

c. From the CMS 

d. From the CDC 








Case Study 4-1: An unexpected delay 


A 3-year-old child is brought into the office with a po- 
tential urinary tract infection. The mother of the child 
goes into the restroom and helps with the collection of 
a very small amount of urine to run a urinalysis test. The 
physician wants the test run as soon as possible so that 
the child can be started on antibiotics, as she is very un- 
comfortable and cries whenever she has to urinate. 

The medical assistant turns on the urinalysis instru- 
ment, and takes out the quality control material from the 
refrigerator. While the instrument is performing an inter- 
nal electronic check, she notices that the quality control 
material has a printed expiration date that has already 
passed, but only by a couple of weeks. 


1. Would it be acceptable to use this quality control 
material? What are potential outcomes of this 
decision? 

2. What is one step that could be taken before inform- 
ing the physician of the situation? 
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RESOURCES AND SUGGESTED READINGS 


“CDC Report Assesses the State of Proficiency Testing” 
A summary of a recent report released by the CDC address- 
ing laboratory quality 
http://www.aacc.org/publications/cln/2008/June/Pages/ 
cover1_0608.aspx 

“Clinical Laboratory Improvement Amendments Overview” 
A written overview of CLIA policies and procedures, and 
numerous links for more specific information http://www. 
cms.hhs.gov/CLIA/ 

“CDC Report on Good Laboratory Practices for Waived 
Testing Sites” 
Summary of site visits to CLIA-waived testing sites, as well 
as recommendations for quality practices. Also available as a 
printed document. http://www.cdc.gov/mmwr/preview/ 
mmwrhtml/1r5413al.htm 

“Tests Waived by the FDA From January 2000 to Present” 
List of all CLIA-waived tests. Updated regularly. http:// 
www.accessdata.fda.gov/scripts/cdrh/cfdocs/cfClia/ 
testswaived.cfm 

“Laboratory Quality Control” 
Good information about basic quality control standards 
http://www.virology-online.com/presentations/ 
index.htm 
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“Good Laboratory Practice With Waived Systems” 
Great information from the WA State Department of 
Health about laboratories that perform only waived tests 
http://www.doh.wa.gov/hsqa/fsl/LQA_Home.htm 

“Recommended Elements of a Laboratory Quality Assurance 
Plan” 
Recommendations based on Environmental Protection 
Agency (EPA) procedures for development of a QA plan 
http://www.umass.edu/tei/mwwp/files 

“Abbott Diagnostics Practical Application Quality Control 
Guide” 
Summary of the practical application of quality control 
principles http://www.abbottdiagnostics.com/Your_Health/ 
Thyroid/ Testing/quality.cfm 

“Westgard Rules: What Are They?” 
Summary of the Westgard Rules interpretation of Levey- 
Jennings QC charts; the Westgard system for defining 
quality control limits http://www.westgard.com/ 
mltirule.htm 
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Chapter 5 





Legal and Ethical Issues 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 








CHAPTER OUTLINE 
Legal and Ethical Issues in the Laboratory Health Information Portability and Accountability 
Environment Act 
Law and Ethics The Impact of the Health Insurance Portability and 
Legal Concepts Affecting Patient Interactions Accountability Act on the Medical Assistant 
Consent Ethics 
Release of Information and Patient Rights and Professional Behaviors 
Responsibilities Risk Management and the Medical Assistant 
Tort Law Summary 
Liability Time to Review 


Scope of Practice Resources and Suggested Readings 


Lea rning Outcomes After reading this chapter, the successful student will be able to: 





5-1 Define the chapter key terms. 5-8 Explain what is meant by scope of practice, and 


5-2 Explain the difference between law and ethics. how these limitations are established for medical 


hie ; : : : assistants. 
5-3 Distinguish between informed and implied con- 


sent, and describe when consent may be refused. 5-9 — Explain the acronym HIPAA, and explain how it 


ae : affects the daily activities of a medical assistant in 
5-4 — Express the principles presented in the Consumer Y 


Bill of Rights and Responsibilities. nance 2 CORTON 
5-10 Define ethics and explain the difference between 


5-5 Explain who has a right to a patient’s medical in- personal andapte (sional 


formation, and in what circumstances that right ; ; ; 
may be waived. 5-11 Describe several ways that a medical assistant 


working in the laboratory may be part of risk 


5-6 Compare and contrast intentional and uninten- ; 
management for his or her workplace. 


tional torts. 

5-7 Describe the liability assumed by a medical assis- 
tant in the laboratory, and why personal malprac- 
tice insurance is recommended. 


83 


1899_Ch05_083-094 21/12/11 2:20 PM Page 84 


84 Section! Overview of the Laboratory 


CAAHEP/ABHES STANDARDS 


\ yaa 
24 CAAHEP Standards 


IX.C.1: Discuss legal scope of practice for medical assistants 
IX.C.5: Discuss licensure and certification as it applies to 
healthcare providers 


fa ~ 


\S¥ ABHES Standards 


#4: Medical Law and Ethics, b: Federal and State Guide- 
lines, f: Health Laws and Regulations 

Graduates: f: Comply with federal, state and local health 
laws and regulations 





KEY TERMS 
Assault Implied consent Patient identifier 
Battery Informed consent Privacy Rule 
Department of Health and Intentional tort Protected health information (PHI) 
Human Services (HHS) Laws Reportable condition 
Disclosure Liability Risk management 
Duress Libel Scope of practice 


Emancipated Malfeasance 


Ethics Malpractice 
Expressed consent iisteceance 
Fraud Negligence 
Health Insurance Portability and Noriaecance 


Accountability Act (HIPAA) 


LEGAL AND ETHICAL ISSUES IN THE 
LABORATORY ENVIRONMENT 


Most of us understand that it is important to obey the 
law and that there may be consequences if we make the 
wrong choices. However, in our daily lives, we realize 
that there are factors other than laws that affect our ac- 
tions. These factors may include our personal values and 
ethics. In addition, as health-care employees, medical as- 
sistants must adhere to a set of professional laws and 
ethics to perform our duties as we should. In this chap- 
ter, you will learn the difference between law and ethics, 
and examine how these concepts define the professional 
actions of those employed in a health-care environment. 


LAWS AND ETHICS 





Laws are essentially rules of conduct that have been 
created by government at the local, state or national 
level. An established rule or law may also be known as 


Slander 
Standard of care 
Statutes 

Tort 


Unintentional tort 


a statute. Laws are enforced by appointed authorities. 
For instance, the Occupational Safety and Health 
Administration has created rules to uphold the federal 
laws developed to safeguard employees. Generally, laws 
protect the public by prohibiting activities that may be 
harmful, and establishing some form of consequences 
that would discourage those that continue to pursue 
these activities. Health-care laws are designed to pro- 
tect the rights of the patients, the employees, or the 
employers. 

Ethics are like laws because they dictate or deter- 
mine appropriate behavior for individuals. They are 
different from laws because they are not created by 
governmental agencies. Personal ethics are behavioral 
guidelines that an individual develops throughout a 
lifetime, guided by personal values and morals, and 
influenced by upbringing. Professional ethics are 
developed by a well-recognized professional organiza- 
tion, with the anticipation that those working in that 
profession will use them as a guide for appropriate 
conduct. 


5-6 days old — 


———————— eee 
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Test Your Knowledge 5-1 


Name one difference between laws and ethics. 
(Outcome 5-2) 






LEGAL CONCEPTS AFFECTING PATIENT 
INTERACTIONS 





There are numerous laws and statutes that play a role 
in a health-care setting. In addition to federal laws, 
each state has a medical practice act that dictates the 
delivery of health-care services in that state. Medical 
assistants act as agents of the physician office or labo- 
ratory where they are employed, which means they 
have a responsibility to abide by the laws that dictate 
their actions as they perform health-care procedures 
and deal with patient information. In order to follow 
the established rules, it is vital to learn some general 
legal concepts. 


Consent 


The law requires that there is consent, or permission, 
given before any treatment occurs. The consent may be 
given verbally, in writing, or nonverbally by behavior. 
Implied consent means that the patient’s actions send 
a message of agreement to the treatment offered. For 
instance, when a patient offers his or her arm for a blood 
draw, the consent for the procedure is implied by this 
action. Implied consent also dictates care that occurs in 
an emergency situation. If the patient is not able to 
refuse consent, or if there is no legal document stating 
that emergency care should not be offered, emergency 
medical assistance may be rendered. It is assumed 
(implied) that the patient would want to be saved. 

Informed consent is necessary whenever the treat- 
ment involved includes an invasive surgical procedure, 
experimental drugs, or any treatment that could be a 
significant risk to the health of the patient. This may 
also be known as expressed consent. Informed consent 
requires that the patient is advised of the following 
details: 


e The name of the procedure to be performed and the 
health-care provider that will perform the procedure 

¢ Risks of the procedure 

¢ Risks involved if the procedure is not performed 

e Alternatives to the treatment offered 


It is essential that the patient understand the compo- 
nents printed on the consent form, as it is a legal docu- 
ment. The patient must sign and date the consent form, 
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and this must be witnessed. As in all situations concern- 
ing consent, the responsibility for explaining the proce- 
dure and the risks belongs to the health-care provider 
(such as a physician or nurse-practitioner) but the med- 
ical assistant may be asked to verify that the form is 
filled out correctly, as well as witness the signature of the 
patient. 

Minors generally are not allowed to sign an informed 
consent. There are exceptions to this rule, which may 
vary from state to state. The exceptions generally involve 
requests for birth control or treatment of sexually trans- 
mitted infections. There are also exceptions for emanci- 
pated minors, and those in the armed forces who are still 
under the legal age of consent. Emancipated minors have 
been declared by the court to be independent and capa- 
ble of making their own medical decisions. All other mi- 
nors must have a parent or legal guardian sign the con- 
sent form for them. 

A patient has the right to refuse consent at any time. 
Patients may decline treatment for any reason, based 
on personal beliefs, cultural differences, or financial 
considerations. If consent is refused, the patient should 
fill out and sign a form declining the procedure. This 
documentation can be very important if there is a neg- 
ative outcome based on the patient’s decision to refuse 
treatment. 





a 
Test Your Knowledge 5-2 


When a patient offers an arm for a blood draw, what 
kind of consent is he or she offering? 
a. Informed consent 
b. Implied consent 
c. Deferred consent 
d 


. None of the above (Outcome 5-3) 
= — | 











Release of Information and Patient Rights 
and Responsibilities 


Every patient who seeks medical care has certain rights 
and responsibilities. Medical personnel should always be 
conscious of these principles when dealing with patients, 
so that they can stay within appropriate boundaries in 
their interactions. Patient responsibilities include provid- 
ing the physician with accurate information about his or 
her medical history and current condition, following the 
physician’s instructions for treatment and follow-up care, 
and providing appropriate compensation to the health- 
care provider for services provided. 

Patient rights have been addressed numerous times 
through the years. In 1998, the President’s Advisory 
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Commission on Consumer Protection and Quality in 
the Health Care Industry issued a Consumer Bill of 
Rights and Responsibilities. This document addresses 
seven distinct areas of patient care: 


1. Information disclosure: Patients have the right to know 
the details of their health-care plan, their health-care 
professionals, and the facilities they may use for care. 
This means that an interpreter must be provided if 
needed for understanding. 

2. Choice of providers and plans: Patients have the right 
to evaluate different providers and/or health coverage 
plans to make the best choices for their needs. 

3. Access to emergency services: If an emergency need 
arises, a patient has the right to receive services wher- 
ever needed without prior authorization. (However, 
this does not mean that the patient will not have to 
pay for these services if they are not covered specifi- 
cally by their health-care plan.) 

4. Participation in treatment decisions: All patients need 
to know about their treatment options and have the 
right to participate in decisions about their medical 
care. This also means that they have the right to 
refuse care if they choose. 

5. Respect and nondiscrimination: All patients have the 
right to receive respectful treatment from their 
health-care providers that is considerate of their feel- 
ings and without discrimination. 

6. Confidentiality: Patients have the right to expect their 
health-care information to remain confidential. 

7. Complaints and appeals: All patients have the right to 
an objective review of any complaints they have 
about their health-care provider or health-care plan. 
This can include any part of their experience, includ- 
ing billing, accessibility of the building for those with 
special needs, operating hours, and so on. Of course, 
the right to review and appeal also pertains to the 
quality of care experienced. 


Even though patients have the right to expect their 
health-care information to remain confidential, there are 
limitations. The physical medical record (where the 
information is documented; also known as “the chart”) 
belongs to the health-care provider, but the information in 
the record belongs to the patient. Patients have the right to 
request their medical information, and they also have the 
right to control who has access to their medical records in 
most situations. The information contained in the medical 
record may be requested by numerous parties, such as insur- 
ance companies, family members, and legal representatives. 
Later in this chapter we will learn more about the law 
which details how personal information may be protected. 


There are some situations where the disclosure 
(sharing) of the patient’s information is required, even 
without consent. For instance, if a patient is diagnosed 
with a reportable condition, state and federal laws re- 
quire that the laboratory or the health-care provider 
contact the local health department or the Centers 
for Disease Control and Prevention (CDC). Reportable 
conditions are diseases or conditions that have been 
deemed to be dangerous to the general public health. 
The statistics accumulated by the state or federal agen- 
cies allow the prevalence of the disease in the population 
to be tracked. Examples of reportable conditions include 
HIV infection, Lyme disease, cholera, hepatitis, measles, 
and gonorrhea infection. If a laboratory test is positive 
for these conditions, the result must be passed on to the 
appropriate authorities as soon as possible. The patient 
does not have the right to stop this report process, 
although in some situations he or she may have the right 
to request anonymity to protect his or her identity. 





(aa ae) 


Test Your Knowledge 5-3 


Lily Lee is moving to another city to attend college. She 
would like to get a copy of her medical records to take 
with her as she establishes a new physician relationship 
in her new home. Does she have the right to a copy of 
her medical record? Is it appropriate for her to take the 
entire original record from the office? 

(Outcome 5-4 and Outcome 5-5) 


pe 











( Test Your Knowledge 5-4 


If someone is assaulted, was he or she touched or 
physically injured? (Outcome 5-1) 








_4 





Tort Law 


Torts are wrongful acts that are committed against a 
person or property that result in harm. The harm 
caused by the tort may be physical or emotional. This 
type of act does not include those that involve violation 
of a contract. Torts may be classified as intentional or 
unintentional. In the case of an intentional tort, it 
must be apparent that the action was deliberate and 
intended to cause harm. Intentional torts include the 
following: 


¢ Assault: An assault involves threatening an individual, 
or making a person fear harm. 
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¢ Battery: Battery is the act of touching another with- 
out that person’s permission. A person may be com- 
mitting battery even if the touch does not cause harm. 

¢ Duress: If a patient is forced or coerced into an act 
(such as signing a consent form or undergoing a 
procedure against his or her will), that person may 
claim duress. 

¢ Libel: If a health-care professional makes a false writ- 
ten statement about a patient (or someone else), he or 
she may be accused of libel. This is especially a prob- 
lem when the false statement causes a problem with 
the victim’s reputation or employment. 

¢ Slander: Slander is false statement made about some- 
one else orally. 

e Fraud: Fraud is a dishonest or deceitful act that is 
performed with the intent to hide the truth. 


Unintentional torts are situations in which the harm 
was the result of an accident. The accuser must believe 
that the employee was performing his or her job in good 
faith when the patient was harmed, and the incident was 
not deliberate. Negligence is often involved in uninten- 
tional torts, as it means that a professional did not take 
reasonable care to prevent harm. The term malpractice 
is used if a health-care professional is shown to be negli- 
gent in his or her duties. Malpractice accusations are the 
most common reason for claims against health-care 
professionals, and the legal decisions are based on the 
standard of care (minimum safe professional conduct) 
for a reasonable professional with the same training who 
might be facing a similar situation. Malpractice may be 
classified in one of three ways: 


1. Malfeasance: In this situation, the treatment pro- 
vided was wrong and unlawful. 

2. Misfeasance: If treatment was provided, but it was 
performed in an improper manner, it is known as 
misfeasance. 

3. Nonfeasance: When the health-care professional fails 
to perform a necessary act or delays treatment exces- 
sively, the act is known as nonfeasance. 





Test Your Knowledge 5-5 


What is the difference between an intentional and 
unintentional tort? (Outcome 5-6) 





e eye 
Liability 
Health-care professionals assume a certain amount of 


liability in everything that they do, meaning that they 
are legally obligated to perform their duties to the best of 
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their ability. Liability exists in all areas of our lives: driv- 
ing a car or while walking the dog, for example. We are 
responsible for our actions, and obligated to drive the car 
to the best of our ability, as well as keep our dog on a 
leash and under control while on the walk. For health- 
care professionals, their liability insurance is actually 
malpractice insurance, as they may be held responsible 
for an intentional or unintentional tort if they make a 
mistake or they don’t perform their jobs to the best of 
their ability. Anyone who works in a medical office is 
liable for all interactions with the public, whether per- 
forming an invasive procedure, taking a blood pressure 
reading, or participating in a phone call with a patient. 
A malpractice suit may be filed against any or all of the 
employees in an office or laboratory. 

In most health-care facilities, the malpractice insurance 
coverage for the physician or health-care provider gener- 
ally includes coverage for the medical assistant working for 
them. Many medical assistants don’t pursue their own 
malpractice insurance coverage. This may be a mistake. If 
a patient sues the practice (specifically naming each indi- 
vidual involved), for malfeasance, for example, the best 
outcome for the physician may be to settle out of court. 
This means that the incident will still be on the record for 
the medical assistant, who was not part of the decision to 
settle in this way. For medical assistants (or other allied 
health-care professionals) who work in the laboratory 
setting, it is especially important to have appropriate 
personal coverage. Even though the physician may have 
malpractice insurance that appears to be adequate, it is 
possible that when drawing blood or performing labora- 
tory tests outside of the direct supervision of the physi- 
cian, the medical assistant may be found to be solely 
responsible for malpractice. In addition, if a physician is 
sued for malpractice because of a venipuncture or other 
procedure performed by his or her medical assistant, the 
physician can even file suit against the medical assistant 
for financial damages incurred as a result of the incident. 


Test Your Knowledge 5-6 


Is a medical assistant working in a laboratory liable for 

his or her actions while working with patients? Is it pos- 

sible for him or her to be sued for malpractice? 
(Outcome 5-7) 


Scope of Practice 


Scope of practice is a term used to describe the activities 
that an employee in a specific profession can and cannot 
perform. These limitations are different for each of the 
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health-care professionals present in a physician office or 
laboratory environment. The scope of practice is dictated 
by licensure and training, and may vary according to the 
state in which a professional offers his or her services. 

Medical assistants are not licensed, meaning that 
they are required to work under the license of another 
qualified health-care professional, such as a physician, 
nurse-practitioner, or physician's assistant. These health- 
care professionals have a responsibility to train the 
medical assistant and to establish his or her duties 
and limitations within the practice. Many states have 
statutes in place that limit the duties that a medical 
assistant may perform. Although certification is not 
mandatory, medical assistants may take a comprehen- 
sive examination to become nationally certified by the 
American Association of Medical Assistants or regis- 
tered through the American Medical Technologists. In 
addition, some states require very specific certification 
or registration for allied health professionals who per- 
form invasive procedures. 

Educational programs for medical assistants vary. 
Some may be just a few months in length, whereas other 
programs offer a 2-year associate degree. In addition, 
each state may have different laws that dictate the tasks 
that may be legally performed by medical assistants. This 
means that the scope of practice for a medical assistant is 
based on his or her education and training, as well as the 
limitations that may be in effect by the state in which he 
or she practices. 

In general, the scope of practice for medical assistants 
includes the following limitations: 


¢ Medical assistants are not able to make independent 
medical assessments or diagnose, or give advice 
independently. 

e It is the physician's responsibility to be aware of the 
medical assistant’s scope of practice, whether based on 
state laws or the medical assistant’s training. 

¢ Medical assistants are not able independently to write 
prescriptions or give out medication samples without 
specific documented orders from a qualified health- 
care professional. 

¢ Medical assistants cannot independently interpret test 
results or treat patients. 


In most states, the following are tasks that medical 
assistants are allowed to perform: 


e Assisting with various clinical and patient care 
procedures 

e Carrying out administrative procedures such as 
answering phones, working with charts, and perform- 
ing billing and coding 


Obtaining medical histories 

Explaining treatment procedures to patients (within 
the guidelines established by the facility) 

Preparing and assisting with various routine and spe- 
cialty examinations 

Collecting specimens, including venipuncture and 
capillary puncture 

Performing electrocardiograms (ECGs) 
Administering medication 

Assisting with prescription refills 

Performing Clinical Laboratory Improvement Act— 
waived laboratory tests or those of moderate complexity 
Assisting with various disease management programs, 
such as tracking laboratory results for a patient on 
medication 

Administering injections 





Test Your Knowledge 5-7 


Is the scope of practice the same for medical assistants 
anywhere in the United States? (Outcome 5-8) 





HEALTH INSURANCE PORTABILITY 
AND ACCOUNTABILITY ACT 





Earlier in this chapter, we discussed the Consumer Bill 
of Rights and Responsibilities. One component ad- 
dressed the confidentiality of a patient’s health record. 
This is a very complex issue, and it has been addressed 
in various ways, as the protection of personal health 
information is one of the most important duties of 
a health-care professional. It is impossible to establish 
a good working relationship with a patient if there is 
no trust in the professional’s ability to keep private 
information secure. Patients share information with 
those in health care that they do not divulge to anyone 
else, and the expectation is that this information will 
only be shared if it is absolutely necessary for patient 
treatment. 

In the early 1990s, it became evident that there were 
areas of health care that needed reform. Congress passed 
the Health Insurance Portability and Accountability 
Act (HIPAA) to provide guidelines for this reform. This 
act was originally designed to improve the efficiency and 
effectiveness of the health-care system by focusing on the 
following areas: 


¢ Improvement of the health benefit options for covered 
workers who leave or change jobs 
e Standardization of electronic health data 
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¢ Creation of unique health identifiers for the various 
entities involved in health-care services 

¢ Development of security standards for handling 
protected health information (PHI), which includes 
anything in the patient’s health record that could be 
used to identify the patient 


One of the standardization methods for handling 
health data was to increase the use of computers for 
transmission of health information. This created more 
concerns about the unauthorized access to personal 
information that may occur with electronic transmis- 
sion. To address these confidentiality issues, the 
Department of Health and Human Services (HHS) 
developed the Privacy Rule, which is an expansion of 
the original HIPAA mandate that applies to confiden- 
tiality of health information, and the rights of patients 
to control access to their own records. This rule went 
into effect April 2003, and it carries significant mone- 
tary consequences for noncompliance. This is the first 
federally mandated set of rules for the protection of 
health information. 





Test Your Knowledge 5-8 


Does HIPAA impact only confidentiality of medical 
information? (Outcome 5-9) 





The Privacy Rule outlines very specific precautions 
that are to be practiced in every health-care facility. 
There are several standard provisions that all medical as- 
sistants should keep in mind, regardless of their specialty 
of practice: 


1. Any document that includes a patient identifier 
must be treated as protected health information. 
These identifiers include demographic information 
such as name, address, and phone number, but also 
include photos, Social Security numbers, birth dates, 
and other types of unique information that may be 
linked back to that specific patient. Documents must 
have all patient identifiers removed before they can 
be discarded, or they must be destroyed in such a way 
that this information is not available after disposal. 

2. Patients have a right to know how their PHI has been 
shared, even if it was necessary for treatment. 

3. Patients have a right to review and/or to request 
copies of their medical records. This law does not 
state that they have the right to walk out of an office 
with their physical chart, nor does the office have to 
allow review or copies to be available at any time. A 
patient can submit a request for the records, with the 
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understanding that it may take some time to process 
the request and copy the records. 

4. Health information cannot be shared with others 
without the patient’s consent. This does not apply to 
reporting that may be required by law. 

5. When any patient information is shared, it is impor- 
tant that it is limited to data that are essential for that 
situation. This is especially important when dealing 
with labor and industry claims for injured employees 
or insurance claims, as the health-care professional 
should include only records about a specific treat- 
ment if it is in question, but not the entire chart. 

6. The Privacy Rule also requires every office to have a 
privacy notice and to train all employees about 
HIPAA and the Privacy Rule. All patients must 
receive a copy of the office’s privacy notice, and 
patients must give written consent or permission to 
disclose their health-care information. A privacy or 
HIPAA compliance officer must be assigned for every 
institution to oversee the process within that office. 


The HIPAA regulations still allow health-care 
providers to share information with family members 
who are directly responsible for the care of a patient, or 
to other providers or members of the health-care team 
(such as radiology services, laboratory professionals, etc.) 
when it is necessary for patient care. Also, the regulations 
recognize that sometimes it is impossible for oral privacy 
to be assured in all areas of a practice; there has to be 
evidence that this has been addressed to the full extent of 
the facility. 


The Impact of the Health Insurance 
Portability and Accountability Act on 
the Medical Assistant 


The privacy section of the HIPAA regulations may affect 
phone conversations with or about patients, discussion of 
patient issues within earshot of the waiting area in a 
clinic, or the visibility of patient information to visitors in 
an office. Laboratory requisitions that contain PHI can- 
not be left where patients may have access to them, com- 
puter screens should not be visible to patients as they 
walk to and from the treatment area, and patient sched- 
ules that contain names should not be posted where they 
are visible by those who are being treated. Fax numbers 
used to transmit laboratory results must be carefully 
monitored, as these results need to end up in a secure 
location once received. Complications arise when pro- 
tected health information is shared via e-mail, although 
this method of transmitting information may be more 
efficient for patient care within a large organization or 


1899_Ch05_083-094 21/12/11 2:20 PM Page 90 


90 Section! Overview of the Laboratory 
between providers. The need for electronic security mea- 
sures is great. Also, many clinics have changed the way 
they call patients from the waiting room for treatment; 
they now call the patients by the first or the last name, 
but not both. It is the responsibility of the designated 
HIPAA compliance officer to decide the specific methods 
used by an office for compliance with the regulations, 
and to ensure that appropriate training is provided for all 
employees. 

It is also illegal to gossip about patients, even if it is 
in a private area where other patients cannot hear. Dis- 
cussions about patient care are to be limited to those 
that are necessary for providing quality health care. As 
health-care professionals, medical assistants are not 
allowed to share any protected health information with 
family or friends. Sometimes this is difficult, as health- 
care professionals may have knowledge about a family 
friend or relative that others would want to know. It is 
illegal to share this information, so care must be taken 
to keep it private. 

Another example of illegal action is idle searching of 
the database within a health-care facility to see who 
might have had services provided. There were recent 
reports in the news of employees who lost their jobs and 
of facilities that were fined significantly when an em- 
ployee searched for the records of a celebrity rumored to 
be in a certain facility. Even if this information is not 
shared with anyone else, it is a HIPAA violation to per- 
form the search. It can (and will) be tracked back to the 
responsible individual. 


ETHICS 





Most of the information in this chapter is based on laws 
and legal terms that dictate the actions of health-care 
professionals. But there are also ethical decisions that 
must be made every day in order to interact appropri- 
ately with patients, coworkers, and other members of the 
health-care team. Ethics are standards that define our 
actions, but they are not created or enforced by govern- 
mental agencies. As was explained at the beginning of 
this chapter, there are two types of ethics that define our 
actions while at work. We must adhere to a set of per- 
sonal ethics that are defined by our own sense of what 
is right and wrong. Professional ethics also define our 
actions. These are based on the standards of our profes- 
sions, and although they are not laws, there are conse- 
quences to unethical behaviors. 

Personal ethics begin to develop in childhood. We 
generally understand what our parents and community 
define as acceptable behavior by the time we enter 


grade school. These are based on our morals and values, 
and become refined as we approach adulthood. Per- 
sonal values such as the desire to help others will make 
a health-care professional much better at performing 
his or her job. Empathy, honesty, responsibility, and 
respect for others are also part of our personal ethics; 
this is often known as our work ethic. Remember, if 
there is something that you are doing at work that you 
are not proud of, it is probably unethical at the per- 
sonal level for you. 


Professional Behaviors 


Professional ethics are standards established by the pro- 
fession, and usually sponsored by a_ professional 
organization that represents the profession. Physicians 
have several codes of ethics that define their actions, such 
as the Hippocratic Oath and the Code of Medical Ethics 
defined by the American Medical Association. One eth- 
ical theme present in both codes is the show of respect 
for patients and to show compassion for those served, 
while staying within legal limits of practice. By utilizing 
these standards, physicians may remind themselves why 
they chose this profession, and also remember what their 
patients may expect from them. 

The American Association of Medical Assistants 
also has a code of ethics (Box 5-1). These guidelines 
also include respect for patients and the laws that 
guide the medical assisting profession, as well as ser- 
vice to the community and lifelong learning. At a min- 
imum, professional ethics for medical assistants must 
put patients first by honoring their right to confiden- 
tiality and by being honest in all professional situa- 
tions. If this code is supported by a strong set of per- 
sonal ethics, a medical assistant will be a valuable asset 
to the profession. 

Remember that there are ethical dilemmas that de- 
velop. Many times there may be a situation that arises 
that is not illegal, but it is unethical. This may include sit- 
uations in which the medical assistant does not agree with 
the actions of the employer, even though these actions are 
not illegal. Usually these issues involve disrespect for pa- 
tients or a poor quality of care due to the attitude of the 
physician. The medical assistant will need to make 
choices about whether she can continue employment 
with this practice. 





Test Your Knowledge 5-9 


List two professional standards included in the AAMA 
Code of Ethics. (Outcome 5-10) 
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;{e),@ea i ~American Association of Medical Assistants code of ethics 


American Association of Medical Assistants (AAMA) Code of Ethics 





Members of AAMA dedicated to the conscientious pursuit 
of their profession, and thus desiring to merit the high 
regard of the entire medical profession and the respect of 
the general public which they serve, do pledge themselves 
to strive always to: 


A. Render service with full respect for the dignity of 
humanity; 


B. Respect confidential information obtained through 
employment unless legally authorized or required 


€. 


D. 


E 


by responsible performance of duty to divulge such 
information; 

Uphold the honor and high principles of the profes- 
sion and accept its feasts 

Seek to continually improve the knowledge and skills 
of medical assistants for the benefit of patients and 
professional colleagues; 

Participate in additional service activities aimed toward 
improving the health and well-being of the community. 








 _émninier OF INTEREST 5-1 
Medical assisting scope of 
practice 


There is a lot of confusion among medical assistants 
as well as physicians, nurse-practitioners, physician 
assistants, and other health-care providers about the 
scope of practice for the medical assistant. The con- 
fusion is well earned; the scope of practice for each 
state differs widely. For those medical assistants who 
move from one state to another, it can become even 
more difficult to know what they are allowed to do in 
any given state. 


Governing Agencies 


Just finding the regulations for each state can be diffi- 
cult. A good resource may be the program director for 
the local CAAHEP or ABHES accredited medical as- 
sisting programs. These program directors should have 
up-to-date information about the scope of practice for 
the medical assistants in their area, and should be able 
to provide information about which governing body 
oversees medical assistants in their state. In many states 
the department of health oversees the unlicensed 
members of the health-care teams. In other areas, med- 
ical assistants may be part of the state nursing board. 


Registration or certification 


Medical assistants are nonlicensed members of the 
health-care team. There is no license available in any 
state for medical assistants. However, most states do re- 
quire some sort of registration process for the medical 
assistants in their jurisdiction. This may include a test- 
ing process by which they are registered and certified to 
perform in that state, or the state may require only that 
the medical assistant fill out certain paperwork and 
submit a fee to become registered. Some states require 











the medical assistant to bear the burden of registration 
fees, whereas other states require that the medical assis- 
tant be registered each time she or he changes employ- 
ers and the employer is responsible for the fee. 

Many medical assistants are under the impression 
that if they become Certified Medical Assistants 
through the AAMA or Registered Medical Assistants 
through the American Medical Technologists that 
this will cover them regardless of their state of resi- 
dence and that these credentials somehow expand 
their scope of practice. This is not true. Many states 
will grant registration (or certification) if the medical 
assistant is nationally certified, or they may require 
those who are not nationally certified complete a 
state certification process. However, this varies from 
state to state, so it is very important to find out what 
the regulations are in your state of residence. Usually 
the office manager or physician you are working for 
knows the rules, but occasionally they have decided 
not to work with the state to register their medical 
assistants. This is not a safe environment to work 
in, as the medical assistant may be operating out- 
side of his or her scope of practice and unlawfully 
performing tasks, which place him or her at risk for 
legal actions. 


Allowable tasks 


Every state has limitations for the tasks that can be 
performed by the medical assistants. The following 
are some of the tasks that may be limited: 


¢ Invasive procedures: Some states allow medical 
assistants to draw blood, but this task is still limited 
in a few areas. Many states (e.g., New York) do not 
allow medical assistants to administer medication 
through any route, including by injection. It is 
important to clarify this before performing injec- 


tions or venipuncture. 
Continued 
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¢ IV access: Most states limit the IV access of nonli- 
censed health-care personnel. In some areas, the 
medical assistant is allowed to stop the IV or 
remove the catheter when it is no longer needed, 
but most areas prohibit much more than this. 

¢ Placement of urinary catheters: This is an area 
where many medical assistants are currently operat- 
ing outside of their scope of practice. Most states 
prohibit the placement of a urinary catheter by a 
nonlicensed health-care professional. 

e Administering oral medications: Although medical 
assistants are allowed to give injections in most states, 
the administration of oral medication may still be 
limited. Washington State, for example, has a list of 
oral medications that can be administered by health- 
care assistants, which include medical assistants. 

¢ Working in a hospital setting: Some states prohibit 
medical assistants from working in a hospital or 
inpatient setting if they are performing clinical pro- 
cedures. This decision is based on the presence (or 
absence) of health-care providers in the vicinity 
while invasive procedures are performed. 

¢ Suture removal: Most states allow medical assis- 
tants to remove sutures, but there are limitations in 
a few areas. 

¢ Botox administration or assisting with other 
cosmetic procedures: Medical assistants generally 
cannot operate laser equipment or administer 
Botox or other injections that are not considered to 
be medications. 








RISK MANAGEMENT AND THE MEDICAL 
ASSISTANT 





After reading through this chapter, it may appear that 
the legal aspects of the medical profession are over- 
whelming. There is a lot of information to remember, 
but as a medical assistant, there are many things that 
you can do to avoid risk of harm to yourself, your 
patients, and your practice. This concept is called risk 
management. These risks may be legal in nature, as in 
a case in which a malpractice suit is filed for poor qual- 
ity of care; financial in nature, as in a case in which a 
laboratory or physician office chooses not to accept pa- 
tients with specific insurance coverage because of the 
potential for low levels of reimbursement; or physical in 
nature, as in a case in which a medical assistant might 
not use the appropriate technique to perform a capillary 
blood draw, or when an office staff doesn’t notice the 


puddle inside the front entrance to the clinic and a pa- 
tient slips and falls. 


Because a medical assistant may be the member of 


the health-care team in an office or a laboratory who 
spends the most time with a patient, it is important 
that he or she keep the following risk management 
techniques in mind to avoid potential harm or legal 
action: 


Act within the defined scope of practice 

Use all available training to be certain that techniques 
are performed with the highest level of skill possible 
Use current, up-to-date equipment as available 
Perform regular performance checks on any testing 
equipment used for patient samples 

Follow the manufacturer’s instructions exactly for all 
laboratory testing performed 

Consult resources (other employees or reference mate- 
rials) if you have questions 

Verify the identity of every patient before you begin 
interactions 

Chart when patients call to inquire for test results, and 
when they are notified of the results 

Be certain that all laboratory results are handled in a 
timely manner 

Practice confidentiality at all times 

Always practice universal precautions and keep your 
environment medically aseptic 

Treat all patients with respect and overcome personal 
biases to treat them all equally 

Act as a chaperone when needed for procedures 
Obtain informed consent when necessary 

Be vigilant for potential safety hazards in the clinic 
environment 

Document promptly and thoroughly 

Log all phone call correspondence 

Remember not to criticize other members of the 
health-care team or other health-care providers 

Do not give advice that has not been approved by the 
office policy 

Do not be afraid to ask for help if you are feeling over- 
whelmed by the number of patients you are assisting 
or by the tasks at hand. 








[ Test Your Knowledge 5-10 


After drawing the blood from a patient, medical assis- 
tant Krissy Clark takes the time to document the blood 
draw site, the date, and the time of the draw on the 
laboratory requisition. Is this an example of risk 
management? (Outcome 5-11) 





y 
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6. Which of these principles are not Outcome 5-4 
addressed in the Consumer Bill of Rights? 


a. The right to insurance coverage 

b. The right to emergency services when needed 
c. The right to be treated without discrimination 
d. The right to an interpreter if needed 


SUMMARY 


The majority of the time, the relationship between 
a patient and the health-care team is an amicable 
one in which both parties are satisfied with the care 
provided. However, there are unfortunate situations 
that may arise as a patient is treated that damage 
this relationship. Sometimes these result in charges 
of malpractice, and sometimes they may require 
legal actions because a member of the health-care 
team ignored the legal guidelines that define their 
scope of practice. In order to protect ourselves from 
these situations, it is important to stay insured as a 
means of protecting our financial security. It is also 


7. What is a reportable condition? Outcome 5-5 


8. True or False: It is not necessary fora Outcome 5-7 
medical assistant to carry her own malpractice 
insurance. 


9. Referring to the medical assisting Outcome 5-8 
scope of practice explained in this chapter, which of 


important to be aware of the legal boundaries for 
each profession. Ethics play a role as well, as not all 
inappropriate actions in a medical office or labora- 
tory are illegal. Risk management is a way to pro- 


these duties would be outside the guidelines? 


a. Offering medical advice based on personal 
experiences 
b. Documentation of procedures performed 


vide care defensively; avoid problems before they 
start! 


c. Assisting with a Pap smear specimen collection 
d. Scheduling appointments 








10. True or False: It is a HIPAA violation Outcome 5-9 
to fax medical information to a health-care special- 
ist who is functioning as a consultant for a patient’s 
complicated medical condition. 





TIME TO REVIEW 


11. Personal ethics are defined by: Outcome 5-10 


1. What is a statute? Outcome 5-1 


a. Professional standards of the profession 

b. Local statutes 

c. Experiences and guidance beginning in child- 
hood 

d. HIPAA 


a. A personal set of rules dependent on an individ- 
ual’s sense of right and wrong 

b. A law established by the legislative branch of a 
government entity 

c. Behavioral standards established by a professional 


organization Outcome 5-11 


12. True or False: Risk management 


should be a part of the routine for everyone working 
in the health-care environment. 


2. Ifa newspaper article prints Outcome 5-1 
information about a local physician that is untrue, 
what legal term might be used to describe this 





action? 
3. What is the meaning of the acronym Outcome 5-1 Case Study 5-1: Too much talk 
HIPAA? 
Amy Conner is the receptionist who greets patients 
4, Who establishes laws that affect Outcome 5-2 at the front desk for a family practice physician. A 
health-care organizations? 17-year-old young man comes in to have his blood 
a. Professional organizations drawn a few days after seeing the physician. He enters 
b. Governmental agencies the reception area by himself, and gives Amy his requi- 
@. Tocsleeoups-of prcudeners sition. She notices that in addition to several routine 
, chemistry tests, the physician has ordered an HIV 
d, Local health departments screen to be performed. Amy puts the laboratory orders 
The Outcome £:3 into the computer system, and hands the labels to the 


is responsible for explaining 
the details of a procedure to the patient before the 
informed consent paperwork is signed. 


medical assistant to perform the blood draw. 
After the young man leaves the facility, Amy steps 
into the hallway behind the reception area and starts 


Continued 
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a conversation with the medical assistant. She tells the 
medical assistant how sad it is that an HIV test has to 
be done on someone so young, and expands 

her conversation to include all the potential ways that 
he could have contracted HIV. After a few minutes she 
hears someone at the front desk and steps back to her 
work area. 

The 17-year-old patient is now at the front desk 
again, with his mother standing next to him. He 
appears to be uncomfortable, and the mother starts 
to ask questions about the conversation that Amy was 
having in the hallway. 


a. Are Amy’s actions in violation of the law? 

b. Should Amy assume that the mother knows alll 
about the blood tests that were ordered for her 
sone 

c. How should this situation have been handled? 





RESOURCES AND SUGGESTED READINGS 


“Office for Civil Rights—HIPAA” 
Detailed reference for the HHS Privacy Rule 
http://www.hhs.gov/octr/Health InformationPrivacy 

“What Is Ethics?” 
Article published by Santa Clara University about the 
meaning of ethics, and how personal and professional ethics 
differ http://www.scu.edu/ethics/practicing/decision/ 
whatisethics.html 

“Quidel Rapid Diagnostic Products” 
Links to the Quidel point-of-care test kits, including CLIA- 
waived tests. http://www.quidel.com/products/product_ 
list. php?cat=1 &by=brand&group=1 

“Reportable Diseases” 
Information about reportable diseases that must be reported 
to the local authorities or the Centers for Disease Control 
and Prevention http://www.nlm.nih.gov/medlineplus/ency/ 
article/001929.htm 
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CHAPTER OUTLINE 


Laboratory Equipment 
Microscopes 
Compound Microscopes 
Other Types of Microscopes 
How Do Medical Assistants Use Microscopes? 
Centrifuges 
Centrifuge Maintenance 


Instruments Used for Coagulation Testing 
Instruments Used for Chemistry Testing 
Instruments Used for Hemoglobin Measurements 
Other Hematology Instruments 
Glassware and Other Miscellaneous Laboratory 
Equipment 

Summary 


Centrifuge Safety Time to Review 
Laboratory Refrigeration Resources and Suggested Readings 
Incubators 


Equipment Used for Automated CLIA-Waived Testing 
Testing Methodology 
Instruments Used for Chemical Testing of Urine Specimens 





Learning Outcomes 


After reading this chapter, the successful student will be able to: 


6-1 Define the key terms. 6-10 List several advantages of providing CLIA-waived 
6-2 Describe the different types of microscopes testing in a physician office laboratory. 

introduced in this chapter. 6-11 Demonstrate understanding of the basic principles 
6-3 Identify the different parts of a compound used for measurement in laboratory instruments. 

microscope. 6-12 Explain why automated urine analyzers are used. 
6-4 Describe maintenance procedures foracompound 6-13 Describe similarities between the different types 

microscope. of coagulation testing instruments available for 
6-5 Explain how to correctly focus a microscope to CLIA-waived testing. 

examine a specimen on a slide. 6-14 List several types of instruments used for CLIA— 
6-6 — Explain the role of a medical assistant in a physi- waived chemistry testing. 

cian office laboratory that performs microscopic | 6-15 Describe the operation of an instrument used to 

examinations of specimens. measure hemoglobin in a whole blood specimen. 
6-7 Explain how to operate and maintain a centrifuge. 6-16 List the types of hematology instruments 
6-8 Describe how temperature must be monitored presented in this chapter. 

for a laboratory refrigerator. 6-17 Describe some of the types of glassware found in 
6-9 — Explain why an incubator is sometimes used in a the laboratory, and how to correctly measure the 


laboratory environment. 


liquid level in glassware. 
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CAAHEP/ABHES STANDARDS 

None 

KEY TERMS 
Agglutination Electrolyte Meniscus 
Anemia Electron microscope Monocular 
Aperture Eyepiece Objective lenses 
Arm Fecal occult blood Ocular lens 
Balanced Fine adjustment knob Oil immersion lens 
Base Flask Pipette 
Beaker Glass slides Plasma 
Binocular Glucose Prothrombin time test 


Centrifugal force 


Glycosylated hemoglobin 


Protime 


Centrifuge premiioring Reagent strips 
Cholesterol Graduated cylinder Revolving nosepiece 
Coarse adjustment knob Hemoglobin Rotations per minute (rpm) 
Compound microscope Incubator Serum 
one International normalized ratio pecchedholemeter 
| (INR) : 
Cover slips eis tage 
‘a Fe Iris diaphragm : 
Cylinder Stereo microscope 
i Laboratory thermometer , P 
Diluent : Tachometer 
Light source 
Dissecting microscope Water baths 


Lysed 
Electrical impedance 


LABORATORY EQUIPMENT 





Laboratories use many types of instruments to process, 
store, and analyze specimens. As the complexity and 
variety of tests offered by a laboratory expand, so do the 
number of instruments in use. Because medical assistants 
are generally working in laboratory environments 
performing Clinical Laboratory Improvement Act 
(CLIA)—waived tests, they don’t usually use a wide vari- 
ety of instruments. This chapter focuses on equipment 
commonly used for specimen processing and storage, as 
well as performance of CLIA-waived testing procedures. 


Selected instruments used for laboratory tests of moder- 
ate complexity are also presented. 


Microscopes 


There are several types of microscopes available. These 
vary by the amount of magnification, the manner by 
which the image is viewed, and the light (energy) source 
used. A typical laboratory setting will use a compound 
microscope, and some laboratories may also use a 
dissecting microscope, especially if the laboratory 
performs blood bank procedures. Specialty laboratories 
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may also have personnel trained to operate an electron 
microscope to create three-dimensional images of the 
specimens. All microscopes provide magnification so 
that microscopic structures or organisms that are too 
small to be seen with the naked eye can be identified or 
quantified in a specimen. Sometimes it is necessary to 
apply stain to a specimen before viewing, and sometimes 
the specimen is viewed in its natural state. 


Compound Microscopes 


The compound microscope is the most common type 
used in a general laboratory setting. The magnification 
for this type of microscope is compounded, or increased 
by two different sets of lenses. The energy source is a 
replaceable bulb that sits in the base of the microscope 
and shines very brightly. Adjustments may be made for 
the amount of light used for viewing, as well as the 
strength of the magnification, which makes this micro- 
scope very versatile. Compound microscopes are often 
used to visualize stained blood smears, urine sediment, 
and various microbiology specimens. 


Oculars 
(eyepieces) 


Rotating 
nosepiece 


Arm 


Coarse 
adjustment 
knob 


Fine 


adjustment 
knob 


Condenser 
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Test Your Knowledge 6-1 


What is the most common type of microscope used in 
the clinical laboratory? 

a. Dissecting microscope 

b. Electron microscope 

c. Fluorescent microscope 


d. Compound microscope (Outcome 6-2) 
i ———— 











Figure 6-1 shows a compound microscope with its 
component parts identified. It is important that medical 
assistants working in the laboratory know how to set up 
a microscope properly, focus a slide for viewing, and 
maintain the microscope appropriately after the proce- 
dure. To perform these procedures correctly, the medical 
assistant must be able to identify the parts of the micro- 
scope. Although at first glance the microscope itself may 
appear complex, its parts may be broken into categories 
to help you to remember their names and understand 
their function. 


Objectives 


Stage clips 


Stage 


Stage 
adjustment 
knobs 


Light source 


Base 


Figure 6-1 Parts of a compound 


microscope. 
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Supportive Structures. The more delicate parts of the 
microscope are supported by a base and an arm. The 
base sits on the surface (tabletop or laboratory bench) to 
keep the microscope secure. The microscope arm is a 
curved metal support, and is to be gripped when it is 
being carried. It is important to remember to use two 
hands whenever moving the unit; one should grip the 
arm, and one should be placed under the base. 

Another supportive structure is the stage, which is 
the surface on which the slide sits for viewing. Most 
compound microscopes have metal clips that hold the 
slide securely in place on the stage and allow the slide to 
be moved around for viewing by turning a mechanical 
control knob, located under the stage. 





Test Your Knowledge 6-2 


On a compound microscope, what is the name of the 
surface where the slide is placed for observation? 
(Outcome 6-3) 





Structures Used for Specimen Viewing. To view a 
specimen with the microscope, there are two types of 
structures used. Some of the structures are designed to 
provide the necessary light to see the specimen, whereas 
others are necessary to provide various amounts of 
magnification. To visualize the specimen as clearly as 
possible, it is very important that the light and the 
magnification are both at the correct setting. 


Light Sources The light source is located in the base of 
the microscope. The bulb can be turned on and off with 
a switch or knob, which is usually located on the base 
toward the back of the microscope. The bulb should not 
be touched with the bare hands when changing the light 
source, as the natural oils present on the skin may be 
transferred to the bulb, and these will overheat when the 
bulb is turned on, causing the bulb to shatter. The light 
will come up from the bulb at the base of the micro- 
scope, through the condenser, then up through the 
specimen on the stage and finally through the optical 
magnification components to be viewed. 

The condenser is designed to focus the rays of light 
on the specimen for a clearer image. It may be raised or 
lowered, depending on the density of the specimen 
viewed. The knob to adjust the condenser height is on 
the side under the stage. An iris diaphragm is located on 
the front or just underneath the condenser. The iris 
diaphragm may be adjusted to increase or decrease the 
amount of light reaching the slide. The amount of light 
needed to view a specimen depends on its density; 


generally, the denser the specimen, the more light will be 
needed. In addition, as the magnification increases, there 
is more need for light, so the condenser and _ iris 
diaphragm need to be adjusted for better viewing. 





Test Your Knowledge 6-3 


What is the purpose of the condenser on the compound 
microscope? (Outcome 6-3) 





Magnification The compound microscope has two dif- 
ferent points of magnification. The first magnification is 
encountered as the light passes through the specimen 
from below the stage, and flows into one of the objective 
lenses. These lenses are located on a revolving nosepiece 
and are identified with their respective power of magnifi- 
cation: 4X, 10X, 40X, and 100X. The different objectives 
also vary by rings of different colors on each, and by the 
length of each objective tube. When using the micro- 
scope, the operator starts with the objective marked with 
the lowest magnification, and proceeds through the vari- 
ous levels as needed to view the specimen. If the 100X 
objective is used, a thin layer of oil is placed between the 
objective and the specimen on the slide to further focus 
the light and make the image as sharp as possible. This 
objective is known as the oil immersion lens. 

The second point of magnification available in a com- 
pound microscope is located within the eyepiece at the 
very top of the microscope. An internal mirror actually 
reflects the image from the slide through this ocular 
lens (eyepiece) where an additional 10X magnification is 
accomplished. This means that if the 100X oil immersion 
lens is used to examine a specimen, the object is actually 
viewed as 1,000 times larger than it would be without 
magnification. A binocular microscope is one that 
has two ocular lenses (or eyepieces), and a monocular 
microscope is one that has only one ocular lens used to 
view the specimen. 

Focus on the specimen is achieved by using the 
coarse adjustment knob and the fine adjustment 
knob. These knobs project out from the side of the 
microscope arm. The larger of the two knobs is the 
coarse adjustment, and is used when the specimen is first 
being brought into focus at a low magnification. The 
fine adjustment is the smaller knob, and is used to 
fine-tune the focus. The fine adjustment knob is used 
with the higher magnification levels. 


Microscope Maintenance Procedures. A microscope 
must be handled and maintained properly in order to 
keep it functioning as it should. The following are a few 
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guidelines for handling and maintaining a compound 
microscope that a medical assistant should adhere to: 


1. Keep the microscope covered with a plastic cover 
when not in use. This protects the delicate microscope 
and lenses from excess dust and potential damage. 

2. Always use two hands (as described earlier) to carry a 
microscope. 

3. Do not touch the light source or the lenses with your 
fingers. The light source may overheat and burst be- 
cause of the transferred oils, and fingerprints on the 
lenses can be very difficult to remove. 

4. The optical lenses and eyepieces should be kept clean 
at all times. These may be cleaned only using lens 
paper, as the glass surfaces are very delicate and will 
be scratched if Kimwipes or other tissues are used. 
Xylene may be used to assist with removal of oil or 
other buildup. A small amount should be placed on 
the lens paper before gently rubbing the lens. 

5. When cleaning the objectives, remember always to clean 
the 100X optical lens last. This one is used with oil 
immersion, and if cleaned first, the lens paper used may 
contaminate the other lenses with oil as they are cleaned. 
Do not apply pressure to the lenses when cleaning. 

. Keep the stage clean between uses. 

7. When moving from one objective to another during 

use or cleaning procedures, always use the nosepiece 


nN 


Procedure 6-1: Microscope Use 


TASK 


Correctly use a compound microscope to obtain speci- 
men focus with all objectives. 
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to change the powers. Do not push against the tubes 
directly to move them. 

8. Slides should be removed or added to the stage only 
when the lowest power objective is turned down 
toward the light source. Do not attempt to remove or 
add slides when the higher power objectives are in 
place (pointed down toward the specimen), as the 
objective lenses may be damaged during the process, 
and/or the slide may be broken. 





( Test Your Knowledge 6-4 
True or False: The 100X objective (oil immersion objective) 
should be cleaned first when performing maintenance on 


the compound microscope. (Outcome 6-4) 
= 4 








Test Your Knowledge 6-5 


What should be used to clean the eyepieces on 
a microscope? 

a. Kleenex or a similar facial tissue 

b. Laboratory tissues such as Kimwipes 

c. Lens paper 

d. None of the above 








(Outcome 6-4) 





CONDITIONS 

¢ Compound microscope 
¢ Lens paper 

e Specimen slide 





1. Wash hands and gather necessary supplies. Apply 
gloves if the specimen is infectious and unfixed 
(without preservative). 


2. Remove the microscope from storage, if necessary. 
Be sure to use one hand on the arm and one 
under the base of the microscope. 





CAAHEP/ABHES STANDARDS ¢ Immersion oil 

N ¢ Laboratory tissue such as Kimwipes 
rae e Gloves (if needed) 

Procedure Rationale 


Gloves are not necessary if the specimen is fixed with 
chemicals that will kill the microorganisms on the 
slide. If dealing with unfixed specimens (such as vaginal 
smears or unstained urine) gloves must be applied. 


The microscope may be kept on the countertop, or it may 
be stored in a drawer or on a shelf. Always support the 
microscope with two hands to avoid hitting it against 
surfaces that could damage the instrument. 





Continued 
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Procedure 6-1: Microscope Use—cont’d 








3. 


10. 


Procedure 


Plug in the microscope to the electrical outlet. 
Verify that the excess cord does not hang over the 
edge of the counter. 


. Use lens paper to clean the eyepieces and the ob- 


jectives. Start with the eyepieces, after which each 
objective should be cleaned starting with the low- 
est power and finishing with the 100X objective. 
Only the optical surface should be cleaned with 
the lens paper. 


. Turn on the light source and adjust the light to a 


low level. 


. Adjust the eyepieces to be the same width as 


your eyes. With some models, it may be possible 
to adjust the eyepieces individually for a sharper 
focus. 


. Rotate the nosepiece to bring the lowest power 


objective straight down where it is pointing at the 
slide. There should be an audible click when this 
objective is in the proper position. Watch the stage 
and objective closely to avoid touching the stage 
with the objective. The lowest power objective 
may have a 4X or a 10X printed on it. 


. Using the coarse adjustment knob, move the stage 


until it is at the lowest point possible. 


. Place the slide on the stage with the specimen side 


up. If the compound microscope used has stage 
clips, use these to secure the slide in place. Using the 
stage adjustment knob, position the slide so that the 
area on the slide to be viewed is directly over the hole 
where the light will shine through the specimen. 


If the microscope has a condenser, adjust the con- 
denser all the way up, using the adjustment knob 
to the side of the condenser. Using the adjustment 
lever on the diaphragm, open the iris diaphragm 
to allow the maximum amount of light to be 
utilized for viewing the specimen. This will be 
adjusted to a lower level as you work through the 
focusing process. 


Rationale 


The cord needs to be behind the microscope to avoid 
catching the cord and accidentally pulling the 


microscope from the counter. 


The eyepieces should be cleaned before the objectives 
to avoid possible transfer of oil to the eyepieces from 
the objectives. It is also important to remember that 
the 100X objective should be cleaned last because it 
is used with oil that could be transferred to the other 
objectives. 


The light should be at a low level as you begin to focus 
the specimen. More light will be required later as the 
objectives are changed to higher levels. 


Both eyes should be used at the same time when look- 
ing through a binocular microscope. This will be 
best accomplished when the width of the eyepieces 
matches that of your eyes. 


Focus always starts with the lowest power objective. 
Some microscope models may have a 4X objective, 
but most will have 10X as the lowest possible 
magnification. 


The coarse adjustment knob is the larger knob at the 
back of the microscope. Moving the stage down will 
allow space to put the slide in place without poten- 
tially touching the objective with the slide. 


If the slide is not faceup, it will be very difficult to reach 
optimum clarity when viewing the specimen. It is 
especially important to center the slide where the 
specimen viewing area is focused over the hole 
where the light comes through when the specimen 
covers only a small area on the slide. 


As the specimen focus process begins, it is essential to 
have as much light as possible available. The con- 
denser may be moved farther from the specimen, 
and the diaphragm may be adjusted as the specimen 
is brought into closer focus. 
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Procedure 


11. While looking through the eyepieces, slowly turn 
the coarse adjustment knob until the specimen 
comes into approximate focus. It may not be 
possible to bring the specimen into complete focus 
using only the coarse adjustment knob. 


12. Without moving the slide or the objective, use the 
fine adjustment knob to bring the specimen into 
complete focus. 


13. Adjust the amount of light entering the specimen 
by moving the condenser down and by adjusting 
the diaphragm until the specimen appears in crisp, 
clear focus. 


14. Use the stage adjustment knob to move the object 
viewed directly into the center of the field of vision 
while looking in the microscope. 


15. Use the nosepiece to swing the next objective so 
that it is pointing directly down at the slide. As 
before, the objective should click into place. 


16. Use the fine adjustment knob to bring the object 
into focus. It may be necessary to adjust the 
amount of light entering the specimen to see the 
object clearly. 


17. If desired for the type of specimen viewed, 
continue this process, using the fine focus and 
adjusting the available light as the objectives are 
changed to higher levels of magnification. 


18. If the oil immersion lens (the lens marked with 
the 100X and a o symbol) is to be used, it will be 
necessary to place one or two drops of immersion 
oil on the slide before rotating the objective into 
place. 

a. Use the nosepiece to move the current objective 
out of the way, but do not lower the 100X 
objective until the oil has been added. 

b. Keep the slide as it was with the previous objec- 
tive and place the drop(s) of oil on the slide 
right over the light source. 

c. Then, use the nosepiece to lower the 100X lens 
into place and adjust the focus as needed with 
the fine adjustment knob. 


Rationale 


The coarse adjustment knob allows for an approximate 
focus. 


The fine adjustment knob is to be used only after 
approximate focus has been accomplished with the 
coarse adjustment knob. 


Too much light at a low magnification may cause the 
specimen to appear washed out, and some of the 
formed elements may be overlooked. Too little light 
does not allow for enough contrast to identify some 
of the structures. 


If this step is not performed, you may not be able to 
find the object again after changing to the next level 
of magnification, especially if the specimen only 
covers a small portion of the slide. 


Always watch the objective as you move it into place to 
avoid touching anything with the objective lens. 


With the objectives above 10X, do not use the coarse 
adjustment knob for focus. 


Some specimens do not require higher levels of magni- 
fication if the structures can be identified at the 
lower levels. 


Resist the urge to make more room for this objective 
before moving it into place. This objective will be 
very close to the slide; it will appear that it is going 
to touch the slide, but if the proceeding steps were 
performed correctly, it will not touch the slide. The 
oil will seal the objective with the slide to keep the 
light focused on the specimen with clarity. 


Continued 
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Procedure 6-1: Microscope Use—cont’d 





Procedure 


19. After the specimen has been analyzed as needed, 
lower the stage to the lowest possible point, and 
remove the slide from the stage clips. 


20. Using the nosepiece, adjust the objectives so that 
the lowest power is pointing down toward the 
stage. 


21. Turn off the light source, and clean the eyepieces 
and objectives using lens paper. Remember to 
clean the 100X objective last, if applicable. Xylene 
can be used on the lens paper if needed for exces- 
sive soiling of the lenses. 


22. Wipe off the stage and the rest of the microscope 
using a laboratory tissue such as Kimwipes. Mois- 
ten the tissue if necessary to remove dust. The 
stage should be disinfected periodically by using 
an alcohol wipe. 


23. Unplug and secure the electrical cord, and put the 
plastic cover back on the microscope. Be certain to 
move the microscope to the appropriate storage 
area as directed by office policy. 


24. Discard the slide or place it in the appropriate 
storage area as dictated by office policy. 


25. Remove gloves (if used for the procedure) and 
wash hands. 


Rationale 


The stage should always be at the lowest point during 
storage to avoid potentially damaging the objectives. 


This allows the focusing to start appropriately when a 
new slide is put on the microscope, and also helps to 
avoid potential damage to the objectives. 


Only lens paper should be used for this, as any other 
type of tissue will scratch the sensitive lenses. If the 
100X objective is cleaned first, the rest of the lenses 
may be contaminated with oil. 

If xylene is used, be sure to follow appropriate protec- 
tive measures as described by the manufacturer and 
the workplace. 


The slides, specimens, and oil can easily soil the stage. 


Be sure to use two hands when transporting the 
microscope. 


Stained specimens are often stored for a period of time 
for future study. Slides should be treated as a “sharp” 
and disposed of in a puncture-resistant biohazard 
container. 


Hands should be washed before and after each proce- 
dure in the laboratory setting. 











Test Your Knowledge 6-6 


Which adjustment knob should be used first when the 
specimen on the microscope is initially brought into focus? 
(Outcome 6-5) 








Test Your Knowledge 6-7 


Is the microscope stage moved when objectives are 
changed for higher magnification of a specimen? 
(Outcome 6-5) 





Other Types of Microscopes 


A dissecting microscope may also be utilized in the 
laboratory to view specimens that need to be seen in 
their natural state without compression or those that are 
too thick to be viewed effectively with the compound 
microscope. This type of microscope may also be known 
as a stereo microscope because the microscope is 
designed to allow a slightly different view from each 
of the eyepieces, providing an image with depth and 
dimension. The light source for this type of microscope 
is not focused in the same way that the compound 
microscope is focused; it is diffused or reflected onto the 
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image rather than shone directly through it. The magni- 
fication ability of the dissecting microscope is not as 
extensive as that of the compound microscope, as it is 
usually only capable of enlarging the specimen by 40 or 
100 times its normal size. Dissecting microscopes are 
often used for blood bank procedures when the technol- 
ogist is examining different serum and cell combinations 
to look for agglutination of the specimen. Dissecting 
microscopes may be used for a variety of other purposes 
in the clinical laboratory when fine, detailed work needs 
to be performed with some magnification. 

An electron microscope allows for much greater mag- 
nification of specimens, and also provides a three dimen- 
sional image. Electrons are utilized to “excite” the speci- 
men, and the resulting interaction with the atoms present 
in the specimen will produce an image to be recorded and 
studied. This image is more of a picture that is defined by 
the properties of the specimen, rather than a true image 
seen by the eyes while viewing the specimen. The image 
created by the excitation of the sample is stored and 
viewed on a computer. Electron microscopes may be used 
to visualize specimens that are far too small to be seen 
with a compound microscope, such as viruses and the 
interior structures of cells. This type of microscope is 
not routinely found in clinical laboratories, as the user 
requires specialized training to operate it and interpret 
the images created with examination. 





- 
Test Your Knowledge 6-8 


What type of microscope may be used to see viruses? 
. Compound microscope 
b. Electron microscope 

c. Dissecting microscope 
d 


. Fluorescent microscope (Outcome 6-2) 
Xx 4 


Q 











How Do Medical Assistants Use Microscopes? 


The majority of the time, a medical assistant will not 
perform microscopic examinations for diagnostic pur- 
poses. There are a few microscopic procedures that have 
been classified as CLIA moderately complex procedures, 
and these can be performed by medical assistants with 
appropriate documented training. These include urine 
microscopic analysis (see Chapter 22) and normal blood 
cell differential counts (see Chapter 12). These are the 
exceptional cases in specialized offices such as urology 
offices or physician office laboratories with minimal 
staffing. Most commonly, a medical assistant’s use of a 
microscope is limited to focusing the specimen for the 
health-care provider, as well as performing maintenance 
procedures. It is of great benefit for a medical assistant to 
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be capable of focusing the microscope, as this allows the 
health-care provider's valuable time to be spent examin- 
ing the specimen rather than performing the original 
setup process. Medical assistants may be focusing stained 
blood smears, urinalysis sediment specimens, vaginal 
smears, nasal smears, Gram-stained microbiological 
specimens, and microscopic examinations for the pres- 
ence of fungal elements on the microscope for examina- 
tion. Remember, if the health-care provider does per- 
form microscopy examinations, the laboratory must 
register as a CLIA site that provides this type of service. 





Test Your Knowledge 6-9 


Is a medical assistant properly trained to perform 
microscopic identification procedures? (Outcome 6-6) 





Centrifuges 


A centrifuge is an instrument used to prepare blood (or 
other liquid specimens) for transport or testing. Blood is 
made up of cells that are suspended in a liquid substance 
called plasma. Chemical analysis is often performed on 
the plasma, and in order for the results to be accurate, 
the cells must be removed from the liquid portion of the 
blood as soon as possible after the specimen is obtained. 
A centrifuge is used to force the separation of the cells 
from the fluid portion of the blood (plasma). 

If a blood specimen is allowed to sit for an extended 
period of time in a tube, gravity causes the cells to settle 
to the bottom of the tube, as they are denser (heavier) 
than the surrounding fluid. A centrifuge creates a pow- 
erful “artificial” gravity source, called centrifugal force. 
The force is formed as the specimen spins around an axis 
hundreds to thousands of times per minute. When a 
specimen is processed by a centrifuge, the separation of 
the different components of the blood is accelerated; 
the cells are pushed to the bottom of the tube within 
minutes. This allows the plasma to be removed from the 
cells in a timely manner so that chemical analysis can 
be performed. Urine specimens may also be centrifuged 
to bring the suspended elements (such as blood cells, 
bacteria, etc.) to the bottom of the tube so that they can 
be examined under a microscope. 

There are various types of centrifuges available for 
use in a laboratory. Some of the benchtop models are 
designed to spin 8 to 10 samples at a time for a maxi- 
mum of 10 minutes each cycle. Others are units the size 
of a dishwasher, capable of processing hundreds of tubes 
in each cycle for extended periods of time. The decision 
about which type of centrifuge to use is based on several 
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factors, including the volume of samples to be processed, 
the requirements for the liquid portion of the blood 
after separation, and the amount of separation required. 
The decision may also be based on the recommended 
maintenance procedures for the centrifuge model of 
choice, as well as cost. Some centrifuges generate a lot 
of excess heat as they operate, due to the rapid turning of 
the unit around the axis. These models require built-in 
refrigeration to decrease the temperature to keep the 
specimens from becoming overheated. 


Centrifuge Maintenance 


Maintenance of all centrifuge models is similar. It is 
important that the interior and exterior of the machine 
stay clean and that there is nothing impeding the rotation 
of the unit around the axis. The rotations per minute 
(rpms) must also be checked at least quarterly using a 
tachometer. If the rotations have changed significantly 
since the last check, the instrument should be serviced, as 
there may be a problem that needs to be addressed. Many 
centrifuge models have a brushed drive motor, and these 
brushes must be changed at intervals recommended by the 
manufacturer. All metal components of the centrifuge 
should be checked for cracks at least once a month. As 
with all electrical equipment, the electrical cord should 
also be checked for wear periodically. 





Test Your Knowledge 6-10 


List wo maintenance procedures to be performed on a 
centrifuge. (Outcome 6-7) 





Centrifuge Safety 


e All medical centrifuges should have a cover that must 
be locked in place when in operation. Figure 6-2 
shows an example of a centrifuge. The cover keeps the 
operator safe from potential aerosol formation or 
splashing that may occur if a specimen breaks or if a 
tube becomes uncovered during the cycle. 

e It is also important that the centrifuge is balanced 
before starting. This means that for every tube inserted 
into the centrifuge, a tube with the same weight of 
fluid must be placed directly across from it in the unit. 
This additional tube may be filled with the same fluid 
as the specimen (another blood tube filled to the same 
level, for example), or it may be a balance tube that 
is filled with the same amount of water. This is a crit- 
ical step, no matter what type of specimen is to be 
centrifuged. If the unit is not balanced, it is possible 
that the centrifuge will rock while operating (like an 


off-balanced washing machine), fall off the counter- 
top, and break the specimens as they are spinning. 

e Be certain that all specimens are capped securely 
before starting the centrifuge. 

e It is very important to follow the manufacturer's 
recommendations concerning length of cycles and 
specific maintenance. 

¢ Remember never to open the centrifuge before it stops 
spinning completely. Never use your hand to try and 
slow down the final spin; this can be very dangerous. 





Test Your Knowledge 6-11 





What does it mean to balance a centrifuge? 
(Outcome 6-7) 





Figure 6-2 The inside (A) and outside (B) of a typical 
benchtop centrifuge. 


Brain starts to develop 
in f£ne human embfyo 
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Procedure 6-2: Operating the Centrifuge 


TASK 


Use a benchtop centrifuge to successfully separate 
plasma from cells in a blood specimen. 


CONDITIONS 


¢ Gloves 
Benchtop centrifuge 
Blood specimen in tube 





1. Wash hands and gather necessary supplies. Apply 
gloves. 


2. Verify that the centrifuge is plugged into an elec- 
trical outlet. Open the lid and verify that all the 


slots in the centrifuge are empty. 


3. Pick up the blood specimen and hold the tube at 
eye level. Fill the balance tube with water until the 
two tubes have an equal volume of fluid. 


4, Verify that the original rubber cap is on the blood 
tube securely. The balance tube should also be 
capped with the original rubber cap. 


5. For some centrifuge models, it may be necessary 
to place a rubber spacer or adapter in the cen- 
trifuge slot to accommodate the size of tube spun. 
Consult the manufacturer’s recommendations. 


6. Place the two tubes in slots within the centrifuge 
that are across from each other. The centrifuge can 
be operated if the other slots are empty, as long as 
the two tubes are across from each other. 


7. Close the lid securely. Turn on the timer on the 
centrifuge to the appropriate time for spinning a 
blood specimen. This will be indicated on the front 
of the centrifuge or in the manufacturer’s insert. 





CAAHEP/ABHES STANDARDS ¢ Balance tube 

¢ Spacers to go inside slots in centrifuge if necessary 
None ; 

e Water and transfer pipette 

¢ Test tube rack 

¢ Disinfectant wipe 
Procedure Rationale 


Hands should be washed before and after performing 
any procedures in the laboratory, and gloves must be 
worn whenever handling blood specimens. 


Occasionally the previous user will have left a tube or 
a spacer in one of the slots within the centrifuge, 
which can cause it to become unbalanced while 
processing the specimen. Care should also be taken 
to verify that there is no liquid in the bottom of the 
receptacles in the centrifuge, as this could also cause 
the centrifuge to become unbalanced. 


The tubes must have the same fluid volume for the 
centrifuge to be balanced. This can also be accom- 
plished with two tubes of blood that are the same 
and are filled to the same level. 


To avoid aerosol formation, all specimens processed in 
the centrifuge should be securely capped. 


The spacer or adapter will allow the blood tube to 
remain high enough in the centrifuge to be removed 
after spinning, and it may also allow for a tighter fit 
within the slot to avoid the breakage from vibration 
that is possible when the tube does not fit securely. 


Balance is essential to keep the centrifuge from vibrat- 
ing excessively while operating. An unbalanced cen- 
trifuge can cause the tubes to break, and it also can 
cause the centrifuge to fall off the countertop due to 
the excessive motion. 


Larger tubes may require a higher rate of centrifugation 
or a longer time in the centrifuge to achieve the 
desired separation of cells and plasma. 





Continued 
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Procedure 6-2: Operating the Centrifuge—cont’d 





Procedure 


8. Monitor the centrifuge for at least 20 to 30 seconds 
after it has been turned on to see if the instrument 
is vibrating excessively. If so, turn off or unplug the 
centrifuge immediately. 


9. Do not attempt to open the centrifuge until it has 
come to a full stop. 


10. When the centrifuge has come to a complete stop, 
open the lid and carefully remove the tube of blood. 
Place the blood in a rack for further processing. 


11. Remove the balance tube and the spacers and 
adapters if used. The balance tube may be discarded 
or reused for another specimen. The spacers and 
adapters are to be stored for use with the next 
centrifuge load. 


12. Use a disinfectant wipe to wipe down the exterior 
and interior of the unit. 


13. Remove gloves and wash hands. 





Rationale 


An unbalanced centrifuge can be dangerous if it 
vibrates on the countertop and moves from its 
original position. 


Opening the centrifuge prematurely or placing a hand 
into the unit while it is still spinning can be very 
dangerous. 


Care needs to be taken when removing the tube of 
blood so that the plasma and cells do not become 
mixed. 


Some laboratories keep a set of balance tubes close at 
hand to be used for additional centrifugation. Be 
sure that the tube cap is securely fastened if using 
the balance tube again. 


If excessive contamination is evident, it may be neces- 
sary to clean the unit to a greater extent. In many 
units, the slots in which the tubes are placed are 
removable so that they can be washed if necessary. 


Hands should be washed before and after performing 
any procedures in the laboratory. 








WV POINT OF INTEREST 6-1 
“Sally Centrifuge” 

In many areas of the world health-care providers do 
not have access to electricity or funds for purchasing 
traditional instruments used for diagnosis. The pres- 
ence of anemia contributes significantly to the diag- 
nosis and subsequent treatment of disorders such as 
malnutrition, HIV/AIDS, tuberculosis, and malaria. 
Blood specimens collected from the patients in these 
areas must be shipped to larger health-care facilities 
for testing, which is expensive and time consuming. 
In 2010, two Rice University college students cre- 
ated an inexpensive centrifuge that allows the cells to 
be separated from the plasma in microhematocrit 
tubes in 10 to 20 minutes without the use of electric- 
ity. Lauren Theis and Lila Kerr created the centrifuge 
as a class project, using materials that included combs, 
yogurt containers, and a salad spinner. The centrifuge 





cost approximately $30 to build, and it can process 
30 samples of 15 microliters each at one time. The cen- 
trifuge must be pumped by hand for 10 to 20 minutes, 
at which point it reaches speeds of approximately 
950 rotations per minute and successfully separates the 
blood cells from the plasma in the tubes. The tubes 
then can be compared to a reference chart to obtain 
the hematocrit result, used to diagnosis the presence 
of anemia. 

These students are part of a Rice University pro- 
gram, Beyond Traditional Borders. As part of this 
program, the students used the centrifuges in several 
remote locations during the summer of 2010 to test 
their ability to withstand traditional use in a health- 
care setting. If successful, “Sally Centrifuge” could 
have a profound impact on the ability to deliver 
affordable, timely health care in many locations 
across the globe. 
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Laboratory Refrigeration 


Many specimens must be maintained at reduced temper- 
atures to provide reliable test results when analyzed. The 
instructions for specimen collection and processing for a 
particular test may include refrigeration of the specimen, 
or possibly freezing of the plasma or serum. To ensure 
that the specimens are at the correct temperature, the re- 
frigerators or freezers in the clinical laboratory should be 
monitored each day; in large laboratories with multiple 
shifts, they may be monitored more than once a day. 

A laboratory thermometer is used to obtain accurate, 
reliable temperature readings. Laboratory thermometers 
are usually made of a measurement device that has the end 
designed to register the temperature while submersed in a 
container filled with liquid. The employee who is monitor- 
ing the temperature will open the door of the refrigerator 
or freezer, read the temperature on the thermometer, and 
record the result on a log sheet nearby. To keep the temper- 
ature as stable as possible, the door for the refrigerator or 
freezer should be opened only long enough to read the 
thermometer. Some thermometers are designed with sys- 
tems that allow them to be monitored by a device that is 
outside of the refrigerator. This is advantageous because it 
is not necessary to open the door of the unit to take the 
temperature. In either case, a range of acceptable readings 
for each refrigerator or freezer must be established, and if 
the results fall outside this range, corrective action must be 
taken immediately. The specimens in the unit must be 
transferred elsewhere until the temperature reading is 
within the acceptable range again. 

In laboratory situations in which refrigeration tem- 
perature is especially critical, an alarm system may be 
installed that sounds whenever there is a fluctuation in 
the temperature readings. Blood bank facilities have a 
very small range of acceptable storage temperatures for 
units of blood, and must have processes in place for 
critical monitoring of all their refrigeration units. These 
special refrigerators often have battery backups that 
activate a cooling system in case of power failure, as 
well as remote monitoring systems and audible alarms. 
The temperature for these units must be monitored 
more frequently than other refrigerators; often there is a 
continuous recording of temperatures. 

Some refrigerators and freezers in physician office 
laboratories may be used to store specimens as well as vac- 
cines or other medications. These products will have very 
specific storage requirements, so monitoring of the tem- 
perature used for storage will be especially critical. If the 
unit falls outside the acceptable storage ranges, the med- 
ication and vaccines may need to be discarded. Quality 


Chapter 6 Laboratory Equipment 107 


control materials may also be stored in refrigerators or 
freezers with specimens, and these materials will also have 
specific storage requirements that must be followed. 

It is imperative that all refrigeration or freezer units in 
a laboratory setting are properly maintained to avoid 
excessive moisture or ice buildup. The refrigeration coils 
at the back of the unit should be kept free of dust 
buildup, and the interior and exterior of the unit should 
be kept as clean as possible. No food or drink is to be 
stored in laboratory refrigerators where specimens are kept. 
This is a safety precaution designed to protect employees 
from potential contamination of their food, as well as an 
Occupational Safety and Health Administration 
(OSHA) regulation that must be followed. 





Test Your Knowledge 6-12 


If specimens are to be kept at a certain reduced 
temperature, how often should the refrigerator 
temperature be monitored? What other precautions 
should be in place? (Outcome 6-8) 





Incubators 


When microbiology specimens are collected from a 
human for analysis, the pathogens that may be present 
are reproducing at body temperature. This temperature 
is approximately 25° to 27° Celsius or 95° to 99° 
Fahrenheit. To keep these pathogens alive until they can 
be identified, it is necessary to keep them at this temper- 
ature for a few days. A laboratory incubator is used 
for this purpose. The temperature for an incubator must 
be monitored at least daily, and the results must be 
documented on a log sheet. Much like a laboratory 
refrigeration unit, there is a limited acceptable range for 
these temperature readings, and if the incubator falls 
outside of that range, the unit must be serviced. 

In addition, water baths or other types of heating 
units may be used in a laboratory. Water baths may be 
used to heat specimens as part of specific testing proce- 
dures. Other heating units may be used to “fix” a speci- 
men to a slide, or to sterilize inoculation devices in the 
microbiology laboratory. 


EQUIPMENT USED FOR AUTOMATED 
CLIA-WAIVED LABORATORY TESTING 


Many medical offices choose to perform automated 
CLIA-waived tests in their own laboratory on site. 
Performance of these tests in the office environment 
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rather than in a reference laboratory may benefit the 
patient in various ways: 


¢ On-site testing may assist the health-care provider to 
assign a definitive diagnosis quickly. This allows a plan 
of treatment to be established before the patient leaves 
the office. The patient and health-care provider can 
discuss the plan, and an opportunity is provided for 
face-to-face communication. This can be especially 
critical for patients who are acutely ill and those with 
chronic health conditions requiring frequent labora- 
tory testing to monitor the progress of their treatment. 

e CLIA-waived tests performed in the physician’s office 
may be less expensive for the patient. Many times 
insurance coverage is limited for laboratory testing, so 
a reduced charge is definitely a benefit. 

e Performance of testing on site may allow patients to 
minimize visits; they can have their specimen collected 
and tested at the same location that they see their 
health-care provider, without going to a separate 
destination for collection and/or testing. This helps 
improve patient compliance rates. 


CLIA-waived automated testing may also be per- 
formed in larger laboratories for tests that do not require 
more advanced methods of analysis. These laboratories 
may employ medical assistants or phlebotomists to per- 
form these testing procedures with appropriate oversight 
by other laboratory professionals. Automated methods 
for CLIA-waived tests include chemical urinalysis, chem- 
istry testing, and hematology testing. 





Test Your Knowledge 6-13 


List one advantage of performing automated CLIA-waived 
tests in a physician office laboratory. (Outcome 6-10) 









Testing Methodology 


Chemistry analyzers may test the liquid portion of the 
blood (plasma) or the whole blood specimen. Hematology 
instruments are designed to perform various measure- 
ments on the cells present in the specimen. Automated 
analyzers used for CLIA-waived hematology, coagulation, 
urinalysis, and chemistry testing (as well as advanced 
instruments used in more complex testing procedures) are 
often used to provide quantitative results of substances or 
cells present in the specimens. Other testing instruments 
may provide qualitative results, such as those used for 
fecal occult blood testing or urine drug screening. In this 
case, the presence or absence of a specific analyte provides 


the necessary information for the health-care provider to 
develop a plan of action. 

Most of the CLIA-waived chemistry testing methods 
explained in this textbook use reagents that change color 
when they are exposed to the chemicals present in the 
specimen. This color change is measured by a spec- 
trophotometer, an instrument that measures light inten- 
sity. A specific wavelength of light enters a sample, and 
depending on the amount of color change, a certain 
amount will continue through the sample to be measured 
on the other side. The measurement of the intensity of 
the light at the end of the process is directly related to the 
concentration of the chemical substances present in the 
solution. The light intensity measurement may be 
changed by absorption of the light by the specimen, or by 
reflecting or scattering the light so that it is not measured 
directly at the end of the reaction. 

Hematology testing often uses electrical imped- 
ance, a process for counting cells in the whole blood 
specimen and differentiating them by size. For this type 
of test, whole blood specimens are added to a diluent 
(a liquid used for dilution of a specimen) that is capa- 
ble of conducting electricity. An electrical current is 
applied to the mixture of specimen and diluent as it 
passes through a small opening, called an aperture. 
Because the blood cells do not conduct electricity, they 
break the current between the electrodes on either side 
of the aperture. The amount of impedance (interfer- 
ence of the electrical signal) caused by a certain cell will 
allow the instrument to count the cell and approximate 
the size and other physical properties. A similar type of 
measurement uses the amount of light scattered by a 
specimen to measure the cell numbers and cell sizes in 
a hematology specimen. 

Hematology instruments (such as those that test only 
hemoglobin) may also use spectrophotometers to 
measure a specific substance. In this case, the cells must 
be broken, or lysed prior to the testing procedure, so 
that the hemoglobin present inside the cells may be 
measured. 

When using an instrument to perform any of these 
tests, it is imperative that the manufacturer’s instructions 
are followed concerning frequency and extent of quality 
control testing and calibration of the instrument. These 
procedures must be performed as directed to verify that 
the instrument is operating as it should before patient 
samples are analyzed. The reagents used with the analyzers 
often have storage requirements and expiration dates 
that must be monitored as well, and quality control 
samples must be prepared and processed as directed to 
produce meaningful results. 
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Test Your Knowledge 6-14 


Electrical impedance is a common term used to describe 
how the number of cells in a specimen are measured. 

What process occurs to allow the cells to be counted by 
the instrument? (Outcome 6-11) 





Instruments Used for Chemical Testing 
of Urine Specimens 


Urine specimens are analyzed in various ways. One of 
the methods used to evaluate the specimen is a chemi- 
cal analysis to detect and/or quantify the presence of 
substances in the urine specimen that may indicate 
disease. Quite often, this analysis will be performed 
manually in a physician office laboratory, but this 
analysis may also be performed using an instrument 
and reagent strips that are imbedded with small 
squares designed to change color when exposed to 
specific chemicals present in the urine specimen. 
Although the exact number and types of chemicals 
analyzed in the specimen may vary according to the 
manufacturer of the unit, common chemical substances 
detected include the following: 


° pH levels 

* protein 

° glucose 

° blood 

¢ leukocytes 

° specific gravity 
¢ bilirubin 

° glucose 

e ketone 

° urobilinogen 
° nitrite 


The process of reading the reagent strips is time and 
color sensitive. The chemical measurements are based 
on changes in color that develop in response to the 
presence of certain chemicals. These changes do not 
all occur at the same rate, which means that the 
reagent pads on the strips must be read at specific time 
intervals after the strip has been exposed to the urine 
specimen. Automated urine analyzers are designed 
to move the strip through the measuring device with 
the appropriate speed to read these reagent pads at the 
correct time. 

A similar procedure is used for testing urine using 
any of these machines. Essentially, the reagent strip is 
immersed in the urine specimen, blotted to remove 
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excess specimen, then applied to a tray that feeds the 
reagent strip into the instrument for analysis. The instru- 
ment times the advance of the strip appropriately for the 
different reagent pads to be analyzed for color changes. 
The amount of color change is directly related to the 
concentration of the chemical substances in the urine, 
and once analyzed, the results are printed on a strip that 
may be kept as a permanent record. Some of the instru- 
ments are also capable of transmitting the results directly 
to a computer so that they may be stored electronically. 
Urine analyzers are quick and easy to use, and eliminate 
the need for the employee to monitor the reaction of the 
different areas of the reagent strip for the full time 
needed for color development. 

Common urine analyzers include the Clinitek 
Urine Analyzer, manufactured by the Bayer Corpora- 
tion, and the Urisys 1100 Analyzer, manufactured 
by Roche. Henry Schein also manufactures the 
One Step Plus Analyzer (Fig. 6-3). The automated 
chemical analysis testing that is performed with these 
instruments is CLIA-waived, as long as the manufac- 
turer’s directions are followed exactly as printed. 
Quality control and maintenance for this type of 
equipment may include the use of commercial quality 
control specimens of different levels, calibration of 
the instrument, and cleaning of the instrument at reg- 
ular intervals. Some general aspects to keep in mind 





Figure 6-3 One Step Plus Urine Analyzer. Courtesy of 
Henry Schein, Inc. 
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when performing urine testing with an automated 
instrument include the following: 


e Reagent strips do outdate. Always check the expiration 
date before using the strips. 

e Reagent strips must be protected from moisture, so 
the bottle must be closed immediately after removing 
the necessary strips for testing. 

e Automated urinalysis instruments may produce erro- 
neous results in situations in which the urine is discol- 
ored by medications or dyes used for diagnostic pur- 
poses. The employee performing these tests must keep 
this in mind and follow the manufacturer’s recommen- 
dations and the office policy for confirmatory testing 
before reporting results on discolored specimens. 

e As with all testing procedures, documentation of the 
quality control and maintenance procedures is critical, 
as well as the appropriate documentation of all patient 
results. 


Instruments Used for Coagulation Testing 


Coagulation testing is used to screen patients for blood 
clotting issues. It may also be used to monitor patients 
who have been placed on anticoagulant therapy, such as 
warfarin (Coumadin). As presented in more detail in 
Chapter 15, coagulation testing is commonly performed 
as a CLIA-waived test in the physician office laboratory 
environment. The most common test used for screening 
or monitoring is the prothrombin time test. This test is 
more commonly known as a protime, and it measures 
the length of time necessary for a blood specimen to 
form a clot when reagents are added. The result is 
reported in seconds. Protimes may also be performed in 
larger laboratories using testing methods that are not 
CLIA-waived. When the protime test is performed, 
an international normalized ratio (INR) is usually 
reported in addition to the test result. The INR is a 
calculation provided by dividing the protime result for 
the patient by the normal control value for the lot of 
reagents currently in use for that system. 

Protime testing on the CLIA-waived instruments is 
accomplished by inserting a reagent strip or cartridge 
into the instrument, then adding one or more drops of 
blood to the designated area of the strip. The blood 
specimen is usually obtained from a capillary punc- 
ture, and a drop is placed directly onto the testing 
device or transferred from the finger using a capillary 
transfer device. There are specific timing and quantity 
requirements, and if the operator does not follow these 
guidelines, an error code will result and the test must 
be repeated with a fresh specimen. Some of these 


coagulation analyzers provide a printout, others can be 
connected to an external printer for result documenta- 
tion, and still other instruments may be interfaced to 
the computer for the results to be stored electronically. 
The units do have a display screen where the operator 
can read the result. 

Various CLIA-waived methods and instruments may 
be used to perform the protime test. These include 
the ITC ProTime-3 as well as Roche Diagnostic’s 
CoaguChek S, XS, and XS Plus. Other CLIA-waived 
protime systems include the Hemosense Inratio system, 
and several products produced by the Lifescan Corpora- 
tion. Figure 6-4 shows a Roche CoaguChek S with 
reagents and necessary to perform a protime test. Each 
type of instrument has instructions that are a little bit 
different, but all the testing systems share some of the 
following characteristics: 


e All CLIA-waived or home use systems have test strips 
that are packaged individually so that one test is 
performed at a time. 

¢ Each lot of test strips has a unique product code that 
must be entered into the machine to perform the test. 
Some products have a computer chip with the product 
code, and this must be inserted into the analyzer prior 
to the sample testing process. 

e All instruments have quality control procedures; some 
are built-in internal controls that run automatically 
during the testing process, while other instruments 
use liquid commercial control materials that are run as 





Figure 6-4 Roche CoaguChek S Plus with reagents and 
quality control materials. 
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patient samples. As always, the quality control (QC) 
values must be documented and interpreted as recom- 
mended by the manufacturer. 

The reagents all have specific storage requirements, 
although these vary from brand to brand. 

All CLIA-waived methods require whole blood 
samples for testing, and the test is designed to be run 
on capillary blood. A lancet is used to pierce the skin 
for the sample. 

Many of the testing methods recommend use of a 
microcapillary tube with a bulb or a collection cup to 
assist with obtaining adequate sample volume. 

The blood sample is applied directly to the reagent 
strip for all methods; generally there is a window or 
circle that must be covered completely with blood. 
The instruments require very little maintenance. Most 
have batteries and some also have A/C adapters. The 
batteries must be changed periodically, and should be 
removed from the device if it will not be used for an 
extended period of time. The analyzers should also 
be kept clean. The instrument (especially the sample 
application area) may be cleaned with a cotton-tipped 
applicator moistened with isopropyl alcohol or a 
5% bleach solution. 

None of the instruments should be immersed in water 
or any other liquid. 

All manufacturer's instructions for the testing process 
must be followed exactly as written. 





Test Your Knowledge 6-15 


What type of specimen is needed for handheld coagulation 
instruments? 

a. Plasma 

b. Serum 

c. Urine 

d. Whole blood (Outcome 6-13) 


. J 














~ 


( Test Your Knowledge 6-16 
Are results for CLIA-waived coagulation testing available 
at the completion of the test? (Outcome 6-13) 
4 











Instruments Used for Chemistry Testing 


CLIA-waived automated chemistry testing procedures are 
now available for a variety of analytes. Some of the most 
common tests performed in the physician office laboratory 
are glucose measurements and glycosylated hemoglobin 
monitoring for diabetes screening and treatment. Choles- 
terol studies and electrolyte measurements are also quite 
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common. Many instruments now have the capability of 
performing chemistry panels that include three or more 
tests, providing the health-care provider a more compre- 
hensive set of information to work with as they develop a 
treatment plan. The test results are usually available within 
an hour of the test onset, and many of the instruments are 
capable of transmitting these results directly to a computer 
for documentation. Calibration of these analyzers may be 
performed internally or with an external cartridge, and 
many methods include an internal method of quality con- 
trol that eliminates the need to purchase separate liquid 
controls. Also, because the CLIA-waived status for these 
instruments applies to whole blood specimen testing, most 
of the instruments require only a few drops of blood, 
which can be accomplished with a capillary blood draw. 

There are more CLIA-waived glucose testing methods 
than any other type of chemistry analyzers. Many of the 
glucose instruments used in the physicians’ office labora- 
tory are also in use as home testing devices. These instru- 
ments have become more technologically advanced, and 
use even less blood for analysis than in the past. It is no 
longer required to use fingertips for all samples; innova- 
tive lancets and reduced specimen volume requirements 
have allowed the sites for specimen collection to vary. 
Devices used at home and in the office allow for test 
results to be stored, and some also may interface directly 
with a computer system to allow for closer monitoring 
and better communication with the health-care provider. 

Glucose analyzers utilize reagent strips or cassettes 
that are inserted into the instrument. A capillary blood 
specimen is obtained and a few drops are placed directly 
onto the appropriate area of the reagent strip. The strip 
may be advanced into the instrument, or the specimen 
may be analyzed through the application area at the 
front of the instrument. The analyzer includes a display 
screen on which the operator may view the results, and 
(as is the case for the other instruments already covered 
in this chapter) the analyzer may be capable of printing 
results or transmitting them directly to a computer for 
electronic storage. Some instruments are even capable of 
charting or graphing patient data to provide a historical 
overview of results over a period of time. 

Glucose analyzers found in the physician office lab- 
oratory may include the Roche Diagnostics Accu- 
Chek, the Abbott iStat, and the Hemocue Glucose 201 
Microcuvette. There are many CLIA-waived glucose 
analyzer methods, and more information may be found 
for any specific type by visiting the website for that 
manufacturer. It is important to remember that each 
brand of analyzer has unique reagent strips and quality 
control materials; these are not interchangeable. 
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Other chemistry tests may be performed using CLIA- 
waived automated testing procedures in a physician office 
setting or other small laboratory. These include measure- 
ments for electrolytes, blood urea nitrogen (BUN), 
triglycerides, cholesterol, and calcium. Instruments used 
for testing these analytes use individual testing cartridges, 
which are self-contained. A capillary blood sample may 
be obtained in some situations, or in others the entire 
tube of blood collected by venipuncture may be placed in 
the instrument to be sampled. Because each testing car- 
tridge is self-contained, the blood sample is added to 
every cartridge individually. The addition of the sample 
may be performed within the instrument using an auto- 
mated method, or the person performing the test may 
add the sample to each cartridge by hand. Results are usu- 
ally available within 30 minutes, even if the patient has 
several tests performed at once. The results are printed 
out on a slip that may be added to the patient record, and 
many models are also capable of transmitting the infor- 
mation electronically to a computer system. 

The CLIA-waived automated chemistry instruments 
that use individual cartridges are more expensive to 
operate per test than the large chemistry analyzers found 
in reference and hospital laboratories, because of the 
high cost of the individual cartridges. Larger instruments 
have reagents that cost less per assay, but they are not 
CLIA waived for operation. The low sample volume and 
limited variety of testing procedures ordered in a physi- 
cian office laboratory are served well by the instruments 
that use the self-contained individual cartridges. 

The Abbott iStat Chem 8+ Cartridge analyzer is a 
common CLIA-waived chemistry instrument that may 
be used for point-of-care testing in an emergency room, 
at the bedside of a patient in the hospital, or in a physi- 
cian office laboratory. It uses whole blood, and can be 
used to produce results for a variety of tests. Cholesterol 
testing may be performed using the Cholestech LDX, 
but this instrument may not be used for very many other 
types of tests. The Abixis Piccolo Xpress blood chemistry 
analyzer has a good deal of flexibility, uses tubes of whole 
blood, and doesn’t take up very much space on a coun- 
tertop. A comprehensive list of the CLIA-waived auto- 
mated chemistry testing instruments may be found on 
the U.S. Food and Drug Administration (FDA) website 
listed in the Resources and Suggested Readings section at 
the end of this chapter. 





Test Your Knowledge 6-17 


What is a common chemistry analyzer used in small 
laboratories to test cholesterol levels? (Outcome 6-14) 





Instruments Used for Hemoglobin 
Measurements 


Hemoglobin is the molecule within the red blood cells that 
carries oxygen to the tissues of the body. Iron is necessary 
to build this molecule, so the hemoglobin level of the 
blood is directly related to the oxygen-carrying capacity of 
the cells, as well as the iron levels of the individual. Hemo- 
globin (Hgb) is commonly performed as a screening test 
for anemia, and it may also be ordered as a test to monitor 
progress when a patient is being treated for anemia. 

Because hemoglobin is part of the red blood cell 
structure, the cells must be broken or lysed before the 
hemoglobin level can be measured. In CLIA-waived 
automated hemoglobin testing instruments, the cells are 
lysed within the individual cuvette when the blood is 
added. For instance, in the HemoCue hemoglobin test- 
ing method, the inside of the individual cuvette used for 
the test is coated with a chemical (sodium deoxycholate) 
that destroys the red blood cell membranes, allowing the 
hemoglobin to be measured. 


Test Your Knowledge 6-18 


Is hemoglobin measured from intact red blood cells? 
(Outcome 6-15) 








Regardless of the type of instrument used, hemoglo- 
bin testing is always performed using whole blood. 
CLIA-waived systems use capillary samples, and the 
blood is usually applied directly to the cuvette (or testing 
device such as a strip) from the capillary puncture site. 
Proper capillary technique must be used to provide an 
appropriate specimen. One test is performed at a time, 
and the individual testing device may be placed in the 
instrument after the blood has been added, or it may be 
necessary to place it in the machine prior to the addition 
of the sample. (Check the manufacturer’s recommenda- 
tions for details.) The instruments will have a display 
screen on which the progress of the test may be moni- 
tored once the blood has been added; generally the re- 
sults are available within one minute. Some of the instru- 
ments may be capable of printing the results, whereas 
others may also be able to send the results electronically 
to a computer system for documentation. 

The CLIA-waived hemoglobin systems are equipped 
with electronic calibration methods. The HemoCue 
system has a standardized cuvette with known values that 
should be checked at regular intervals to be certain that the 
instrument is operating correctly. The ITC Hgb Pro has an 
internal calibration that is performed every time a test is 
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performed. If the internal calibration process does not 
show that the instrument is working correctly, an error will 
result and the instrument cannot be used for patient test- 
ing until the calibration is successful. Liquid commercial 
quality control specimens may also be utilized to verify that 
any hemoglobin instrument is operating appropriately. 


Other Hematology Instruments 


Many physician office laboratories use hematology 
instruments that have been classified as moderately 
complex according to CLIA regulations. Common 
manufacturers are Beckman Coulter and Abbott. 
Remember, when performing tests of moderate com- 
plexity, it is necessary to perform quality control and 
calibration procedures more frequently, and there are 
more regulations for personnel training. 





Test Your Knowledge 6-19 


Is a glucometer an example of an instrument used for 
hematology testing? (Outcome 6-14) 





Glassware and Other Miscellaneous 
Laboratory Equipment 


Physician office laboratories don't have as much glassware 
as larger laboratories, and in many cases, glassware is now 
replaced by plastic disposable containers. However, there 
are a few standard items that may be found in the labora- 
tory setting, regardless of the size of the facility: 


e Pipettes: Pipettes are used to move liquid from one 
place to another. It is similar to the turkey baster that 
you may find in your kitchen. Some pipettes are 
designed to measure small amounts of liquid very accu- 
rately. Others are used just to transfer liquids from one 
place to another, without measurement. Pipettes come 
in varied sizes, and are often plastic and disposable. 

¢ Beakers and flasks: Beakers and flasks are both contain- 
ers that may be used to store, transfer, or heat liquids. 
Beakers generally are wide at the top and have a flat base, 
whereas flasks have a narrow opening at the top and a 
rounded bottom that is much larger than the top. 

¢ Glass slides and cover slips: Glass slides are still used 
in the laboratory, even though many items are now 
made of plastic. Slides made of glass are still the best 
item to use when viewing items under the microscope, 
as they do not distort the view in the manner that some 
plastic slides may. Slides may be completely clear, or 
they may be frosted partially or completely for special- 
ized uses. Some slides may have a depression in the 
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center for certain types of specimens. Cover slips are 
small panes of glass or plastic placed on top of liquid 
specimens on the glass slides before viewing. Cover 
slips are often used when the specimen is viewed in a 
natural state without any preservative or staining. 

¢ Cylinder: A cylinder is a slim, round container that is 
used to measure liquids. A graduated cylinder is marked 
with specific units to allow for accurate measurement. 


Because glassware is often used to accurately measure 
liquid in the laboratory setting, it is important to know 
the correct way to read the amount of liquid present. 
Liquid in a glass container is not completely flat at the 
top, because liquid is “attracted” or pulled up or down 
the sides of the container to form a curve. This curved 
surface of the liquid is known as the meniscus. In a nar- 
row container, the meniscus will be more curved than it 
will be in a wide container. When measuring liquid in 
glassware, always perform the measurement at the lowest 
or highest point of the meniscus; this principle applies 
whether removing liquid to obtain a certain volume, or 
adding liquid to a container. Figure 6-5 shows how to 
measure liquid correctly in glassware using the meniscus. 


Test Your Knowledge 6-20 


The curved area at the top of a column of liquid in a 
glass cylinder is called the: 
a. Photometer 
b. Diaphragm 
c. Flask 
d. Meniscus 





(Outcome 6-17) 
4 











SUMMARY 


Various types of automated instruments may be found 
in the clinical laboratory. These instruments may be 
used to process samples for analysis, examine specimens 
under the microscope, or analyze body fluids utilizing 
CLIA-waived automated testing techniques. Medical 
assistants need to know the correct way to use and 
maintain equipment for specimen processing, focus 
microscopes, and perform automated testing appropri- 
ate to their level of training. It is also important that 
medical assistants familiarize themselves with the other 
equipment used in the laboratory setting, such as refrig- 
erators, incubators, and various types of glassware. 
Care should be taken to maintain all equipment appro- 
priately, and follow the manufacturer’s directions to 
perform testing procedures exactly as directed. 
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Figure 6-5 Reading the liquid volume using the meniscus. 
Many liquids curve at the edges of glass containers 
because of the attraction of the molecules to the glass. 

This curvature at the top of the liquid is called the meniscus. 
The level is to be measured at the horizontal center of the 
curvature. Some liquids curve upward instead of downward 
from the edges of the container, in which case the liquid 
level is to be read at the top of the curvature. Always hold 
the container at eye level when measuring. 





TIME TO REVIEW 


1. What disorder might be monitored Outcome 6-1 
by performing periodic glycosylated hemoglobin tests? 


a. Diabetes 

b. Hypertension 
c. Hyperlipidemia 
d. Hypokalemia 


2. A device used to transfer small Outcome 6-1 
quantities of liquids is a: 


a. Pipette 
b. Cuvette 
c. Cylinder 
d. Beaker 


3. True or False: A tachometer is a Outcome 6-1 
type of thermometer used to measure temperatures 
in the laboratory environment. 


. True or False: The objective is a Outcome 6-1 


device that can be adjusted to control the amount of 
light that enters a specimen on a microscope. 


. How many eyepieces does a Outcome 6-1 


binocular microscope have? 


a. One 
b. Two 
c. Three 
d. Four 


. True or False: Centrifuges are Outcome 6-7 


used to process all laboratory specimens before testing. 


. What are two tasks that a Outcome 6-6 


medical assistant may be asked to perform with a 
microscope? 


a. Maintenance and cleaning of the microscope 

b. Prepare and focus specimens on the microscope 
for examination by the health-care provider 

c. With appropriate training, examination of urine 
sediment 


d. All of the above 


. True or False: Automated urine Outcome 6-12 


analyzers are used to test for bacteria and other 
suspended objects in urine specimens. 


. What are two types of Outcome 6-14 


CLIA-waived chemistry instruments presented in 
this chapter? 


10. Which company is mentioned Outcome 6-16 


in the text as a common manufacturer of hematology 
instruments? 


a. Bayer 

b. Dimension 

c. Beckman Coulter 
d. Piccolo 


11. Why is a cover slip used? Outcome 6-17 


a. To view specimens that have been preserved 
with an additive 

b. To view specimens in their natural state 

c. To view large specimens without the use of a slide 

d. To view chemical reactions 





ye oP WV Me)al-ciaalelaisanel(em-jsalelate 
has no skeleton,There is only 
a heart that starts beating on 


the 18th day 








> pl  1:43/3:16 
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Case Study 6-1: This test won’t work! 


The manager for the internal medicine office where Cindy 
Lou is employed as a medical assistant is on vacation. In 
her absence, the lead medical assistant has placed a few 
orders for laboratory supplies, including some test strips 
for the glucometer used for glucose testing. 

On Tuesday morning, Cindy knows that a patient is 
scheduled for diabetes monitoring. This usually involves 
a blood glucose level to be performed during his visit. 
Cindy decides to process the quality control specimens 
for the glucometer first thing in the morning so that she 
can be ready for the patient's arrival. 

Cindy turns on the instrument, allows it to perform 
the internal verification that it always goes through, 
and inserts a test strip to process the quality control 
specimen. The test strip seems to fit in the instrument a 
bit differently from the way it has before, but she con- 
tinues with the process. After inserting the strip and 
adding the QC material, the display screen flashes an 
ERROR code, and no result is displayed for the test. 
Cindy removes this strip and inserts another one, but 
receives the same result. She checks the QC material 
to see if it might be expired, and finds that it is not. 
Once more Cindy attempts to process a QC specimen 
of a different level (high glucose level) but receives the 
same code. 


1. What is the most probable explanation for the 
ERROR code? 

2. Can Cindy Lou process a patient specimen despite 
the ERROR codes? 





Case Study 6-2: Lack of focus 


Lucille has been working in the laboratory at the local 
obstetrics and gynecology office for several years. 
She routinely performs blood draws and _ several 
different CLIA-waived laboratory tests. The providers 
in the office have decided that they want to start 
performing microscopy procedures in the office to 
better serve their patients. 

To perform the microscopy procedures, the providers 
in the office ask Lucille to demonstrate how well she 
can focus the microscope. Lucille has not worked with a 
microscope since she was in medical assisting school, 
but she does her best to remember the steps involved. 
She is successful with the initial focus using the 10X 
objective, but can’t seem to bring the specimen into 
focus when she switches to the 40X objective. 


1. What are two possible explanations for the lack of 
focus with the 40X objective? 
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RESOURCES AND SUGGESTED READINGS 


“US Centrifuge Systems: Frequently Asked Questions” 
Frequently asked questions about how a centrifuge works, 
and types to choose from http://www.uscentrifuge.com/ 
faq.htm 

“The Clinical Laboratory Improvement Act and the Physician's 
Office Laboratory” 

Various educational modules and mini quizzes for CLIA 
waived hematology and chemistry tests http://www. 
medicine.uiowa.edu/CME/clia/default.asp 

“Tests Waived by the FDA From January 2000 to Present” 
List of all CLIA waived tests; updated regularly http://www. 
accessdata.fda.gov/scripts/cdrh/cfdocs/cfClia/testswaived.cfm 

“Principles of Spectrophotometry” 

Great explanations about how spectrophotometry works 
http://www.ruf.rice.edu/~bioslabs/methods/protein/ 
spectrophotometer.html 

“Welcome to HemoCue” 

Information about the various products manufactured by 
HemoCue http://www.hemocue.com 

“Glossary of Microscope Terms” 

Explanations for many of the terms used with microscope 
use http://www.microscope-microscope.org/basic/ 
microscope-glossary.htm 
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Section | 


Overview of the Laboratory 


What Does It All Mean? 





The purpose of this section is to introduce you to 
global aspects associated with the clinical labora- 
tory and laboratory testing. As this section clearly in- 
dicates, laboratory testing is crucial to the diagnosis 
and monitoring of patient diseases and conditions, 
as well as to rule out any diseases and conditions. 
This being said, an alert medical assistant will have 
a comprehensive understanding of these aspects. 
Further, the medical assistant will use appropriate 
corresponding techniques and procedures to ensure 
proper laboratory sample collection for testing by 
appropriately trained and educated individuals. 
Our Case in Point for this section explores some of 
these important concepts and serves as a review of 
the section content. 


Case in Point 


As noted in this case, during the first week of your 
student practicum you are introduced to the clinical 
laboratory by your clinical instructor, Doris. Your 
patient, Mr. Hershey, presents to Maple Grove 
Clinic for evaluation. After examining Mr. Hershey, 
Dr. Pueblo determines that he requires laboratory 
testing to determine his condition. This situation 
gives you and Doris a wonderful opportunity to dis- 
cuss important concepts associated with both the 
clinical laboratory and laboratory testing. High- 
lights of this discussion follow for your review and 
consideration. 

There are numerous ways in which laboratories are 
structured and organized based on a number of fac- 
tors, including the environment in which the laboratory 
exists (it may be a small rural hospital or large commer- 
cial reference laboratory). Each laboratory determines 
what tests it will run, what instrument it will use for the 
tests, and the values considered as normal for the 
typical patient population the laboratory serves. There 
are three phases of laboratory testing: preanalytical, 


analytical, and postanalytical. Every laboratory test 
passes through all three phases. An error in any of 
the three phases may adversely affect the laboratory 
results generated. Most of the problems encountered in 
laboratory testing occur during the preanalytical testing 
phase because of a variety of issues, for example, 
collecting the sample on an individual other than the 
targeted patient. 

Laboratory tests are categorized based in part 
on the difficulty of the procedure required to obtain the 
results. Health-care support individuals, including med- 
ical assistants, are allowed under government regula- 
tions to perform select testing under strict guidelines. 
Handling every sample using universal precautions is 
an important point to emphasize, as doing this con- 
tributes to the validity of the test results obtained. In ad- 
dition to running the laboratory tests, quality control 
samples must also be tested on a regular basis to 
ensure that the test is working properly. Laboratory test 
results can only be released (in laboratory jargon this 
is called “turned out”) to the patient's chart if the qual- 
ity control samples test properly. In the event that qual- 
ity control results are not in range, investigation and 
resolution of the problem must occur before patient 
results can be considered valid. Individuals vary in 
many ways. Variations in laboratory test values (as 
well as quality control samples) are no exception. 
Because of this, laboratory test results considered as 
being normal fall within a range of values. 

In conclusion, laboratory tests provide physicians 
and other primary care providers with valuable infor- 
mation. In fact, many sources have reported that 
some 70% to 80% of diagnosis and treatment deci- 
sions are based on laboratory results. As this section 
clearly suggests, there are many important aspects to 
laboratory structure and testing, all of which con- 
tribute to the bottom line: accurate laboratory tests 
performed in a timely manner. 
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On the Horizon 


It has been widely documented that as many as 70% 
to 80% of all patient treatment decisions are based on 
laboratory test results. Similarly, there is strong evi- 
dence to support the fact that laboratory test results 
are only as good as the sample from which the test- 
ing occurs. Specimen collection and processing, also 
known as the preanalytical phase (meaning the steps 
before actual analysis occurs) of testing, is thus a very 
important factor that contributes to the reliability of the 
laboratory test results obtained. Results from such 
samples collected and/or processed improperly can- 
not be considered valid and thus are of no benefit to 


After a relatively smooth morning, your first patient after 
lunch is Wilma F., a 70-year-old woman. After reviewing 
Wilma’s file, you notice that she was seen and treated 
3 weeks ago, on what just happened to be on your day 
off, for a urinary tract infection. As you help Wilma get 
onto the scale to weigh her and then again when you 
place the blood pressure cuff on her arm, you notice that 
she is very hot to the touch. Your suspicions are confirmed 
when you take her temperature and it is 101.5°F! You 
ask Wilma to identify all symptoms she has been experi- 
encing. She tells you that in addition to feeling hot all the 
time, she has a burning sensation and pain during urina- 
tion. You document these details and tell Wilma that the 
doctor will be in to see her shortly and you leave the 
examining room. After the doctor examines Wilma, he 
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the patient. There is widespread evidence that most 
laboratory testing errors occur in during the collection 
and processing of specimens. 


Relevance for the Medical Assistant 
(Health-Care Provider) 


Medical assistants and other health-care support per- 
sonnel are often called upon to assist in the collection 
of, perform the collection of, instruct patients on the 
collection of and process samples for laboratory test- 
ing. To ensure the most reliable results for the patient, 
an in-depth understanding of specimen collection 
and processing is of paramount importance. 











asks you to collect her blood and assist Wilma in collect 
ing urine for urinalysis and culture. 


Questions for Consideration: 
¢ What special considerations must be addressed to col- 
lect the blood in an appropriate manner in this case? 


¢ What special equipment do you need to collect this 
blood sample? 


¢ What type of urine sample should you assist Wilma to 
collect? 


¢ How is this type of urine sample collected? 


¢ Why are the blood and urine collection processes so 
important to implement in this case? 
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As one might imagine, there are many things that must be considered in this situa- 
tion to ensure that laboratory specimens are properly collected and processed. That 
being said, this section is divided into four chapters, each with a targeted focus. 





Chapter 7: Overview of Specimen Collection and Processing consists of an in-depth dis- 
cussion of the proper ordering and documentation associated with specimen collection. 
The name of the laboratory test(s) being ordered, methods of collection, patient prepa- 
ration, and proper information for specimen labeling are all addressed. Specimen 
collections that involve a process known as the chain of custody are identified and 


described. 





Chapter 8: Collection and Processing of Blood Samples explores the anatomy and 
physiology of the cardiovascular system as well as body sites both suitable and 
unsuitable for the collection of blood. The equipment and procedures for successful 
venipuncture and capillary puncture specimens and the process of creating periph- 
eral blood smears is detailed. 





Chapter 9: Collection and Processing of Urine Samples introduces the reader to the 
most common types of urine samples, including but not limited to catheterized, 
midstream-clean catch, first morning collection, and timed collection. The purpose 
of each specimen type is identified. 





Chapter 10: Collection and Processing of Samples for Microbial Studies covers the 
general requirements for proper collection of samples for microbial studies. Samples 
described include throat swabs for strep screen and culture, sputum, urine, blood 
(using aseptic technique), wounds, and stool. Samples for saline wet preps and 
KOH preps are also described. Processing supplies, particularly media and tech- 
niques used to support growth of microorganisms, are covered. 





We 


1899_Ch07_118-132 21/12/11 2:22 PM Page 120 


1899_Ch07_118-132 21/12/11 2:22 PM Page 121 i 


Chapter 7 





Overview of Specimen Collection and Processing 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 





CHAPTER OUTLINE 
Specimen Ordering 


Required Items for All Laboratory Tests 
Test Specifics 


Medicare-Approved Panels 
Standing Orders 
Reflexive Testing 


Patient Identification 


Verification of Patient Identity 


Acceptable Patient Identifiers 
Electronic Bar Codes 


Patient Preparation 

Specimen Collection at Home 

Items That Must Be Documented With Specimen 
Collection 

Labeling Information 

Chain of Custody 

Summary 

Time to Review 

Resources and Suggested Readings 





Learning Outcomes 


After reading this chapter, the successful student will be able to: 





7-1 
7-2 


7-3 


7-4 


Define each of the key terms. 


List the required items necessary for ordering any 
laboratory test. 


Compare and contrast organ- or disease-specific 
panels that are approved by the Centers for 
Medicare & Medicaid services (CMS) to custom 
panels created by some laboratories. 

Explain how standing orders are used in the 
laboratory. 

Describe reflexive testing and explain how it may 
benefit patients. 

Describe acceptable methods used to verify 
patient identity. 

Demonstrate understanding of the importance 
of proper patient preparation prior to specimen 
collection. 


7-8 


7-9 


7-10 


7-11 


7-12 


7-13 


Instruct patients in how to fast for a laboratory 
test. 

Explain the importance of timing for peak and 
trough medication levels. 

Explain why thorough documentation of speci- 
men sources is so important. 

Describe what to include when documenting 
specimen collection. 

Describe appropriate labeling procedures for 
laboratory specimens. 

Describe the critical aspects involved in a speci- 
men collection that requires a chain of custody. 





zal 
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CAAHEP/ABHES STANDARDS 


LU VA 
CAAHEP Standards Met 


IV.P. Psychomotor Skills, Concepts of Effective Commu- 
nication, #6: Prepare a patient for procedures and/or 
treatments. 


KEY TERMS 


1 or 2 hr postprandial (1 or 
2 hr pp) 


Chain of custody 
Fasting 


pr specimen collection and processing are critical 
components of laboratory testing as part of the pre- 
analytical phase. As introduced in Chapter 1, certain fac- 
tors in the collection and processing of specimens are 
universal: clear, concise patient preparation instructions, 
verification of patient identification, labeling proce- 
dures, and source documentation are all utilized for 
specimen collection procedures, regardless of the speci- 
men source. To have a positive impact on patient treat- 
ment and outcomes, health-care employees who collect 
specimens or instruct patients to prepare for specimen 
collection must be knowledgeable about the techniques 
required for quality procedures. 


SPECIMEN ORDERING 





Laboratory testing begins with orders for specimens to be 
collected. Sometimes this step may ambiguous. Commu- 
nication from the health-care provider may be unclear for 
various reasons. Examples of potential problems include 
verbal orders that are misunderstood, the use of nonstan- 
dardized abbreviations, and handwritten orders that are 
difficult to read. It is imperative that everyone involved 
with the process understand how critical the initial data 
used to order a test may be. 


Required Items for All Laboratory Tests 


A laboratory requisition form is used to order specific 
laboratory testing procedures, but the requisition is also 
used to provide information needed for reimbursement 


First morning void 
Glucose challenge 
Glucose tolerance test 


Peak collection level 


fa ™~ 


\S¥ ABHES Standards 


10. Medical Laboratory Procedures, Specimens 


Random specimen 
Reflexive testing 
Standing orders 


Trough collection level 


for these procedures. In addition, the test ordered must 
always be documented in the patient’s chart. 

Laboratory requisition forms may vary; some are or- 
ganized with the tests listed in alphabetical order, whereas 
others may be organized with the tests listed in categories. 
Regardless of the organization of the laboratory requisi- 
tion form, there are certain items that are essential for the 
collection process to be carried out appropriately. Many 
of these items are introduced in earlier chapters in the 
textbook. At a minimum the requisition form should 
include the following: 


1. Complete demographic information for the patient. 
This includes the full name and birth date, the 
patient’s gender, and the billing information. 

2. Name of ordering health-care professional and docu- 
mentation of any other additional agencies or health- 
care professionals that should receive copies of the 
laboratory report. 

3. Date for the test collection. A specific date may be a 
critical factor, or there may be a bit more flexibility 
for the collection date. For instance, sometimes a lab- 
oratory test will be ordered to be checked for a med- 
ication blood level after the patient has been on that 
particular medication for several days; this date 
should be noted on the requisition form so that the 
patient knows when to have his or her blood drawn. 

4, Specific documentation for the tests ordered. Each 
test must be marked carefully and completely with an 
X or a circle around the test. Each test will be accom- 
panied by a current procedural terminology (CPT) 
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code (printed on the requisition form next to the 
test), which may help with definitive choices when a 
provider is unsure of which test to order. 

5. Diagnosis codes (in the form of an ICD-9 code) 
must be included with all laboratory tests ordered. 
Each test must have a diagnosis code specifically 
assigned to it, rather than one or two codes written 
randomly on the requisition form, as they may not 
apply to all the tests ordered. A diagnosis code is 
required for reimbursement. 

6. Ifa test may be performed on more than one type of 
body fluid, it is very important to specify which fluid is 
to be used for the analysis. For instance, cortisol levels 
may frequently be performed using serum or urine; if 
the source is not documented correctly, then the patient 
may be required to return to resubmit the specimen. 

7. When a medication level is ordered, the time of the 
last medication dose should be included on the req- 
uisition form, or the time of the requested blood 
draw should be specified. This may be critical for 
appropriate interpretation of the results. 

8. If a wound culture is required, the source must 
be documented carefully. Specimen processing for 
microbiological specimens will vary depending on 
the site of the collection and the type of sample. 








>: (Test Your Knowledge 7-1 
List three items that must be present on a laboratory 
requisition form when ordering a specimen 
collection. (Outcome 7-2) 
Test Specifics 


Laboratory tests may be ordered in several ways. If a 
health-care provider feels that only one analyte needs to 
be tested to assist with diagnosis and treatment, he or she 
will order a single test, such as a glucose level for a patient 
who is being screened for diabetes, a potassium level for 
someone who is taking diuretics, or a hematocrit test for 
someone who is being treated for anemia. However, it is 
often beneficial for the health-care provider to order a 
group of tests that have been designed to enable providers 
to make more accurate diagnoses. These groups of tests 
may be custom panels that have been designed by a spe- 
cific laboratory or specialty. A thyroid panel, for instance, 
may include three different tests that measure different 
aspects of thyroid function. These custom panels are 
not universal in nature; what is included in a custom 
panel by one laboratory will not necessarily be the same 
as those included in a panel by the same name with 
another laboratory. 


Medicare-Approved Panels 


Health-care providers must be careful when ordering 
panels, especially for those patients who have Medicare 
coverage for their payment source. The Centers for 
Medicare & Medicaid Services (CMS) has adopted sev- 
eral organ- or disease-specific panels that were designed 
by the American Medical Association (AMA). These 
panels will be the same no matter which laboratory uses 
them. These are the oly panels that are always covered 
by Medicare without the need of an Advanced Benefici- 
ary Notice of Noncoverage (ABN), even though some of 
the tests included in the panel have limited Medicare 
coverage. Care must be taken, however, to ensure that all 
the tests in the panel are really necessary for the treat- 
ment of the patient. If there is no documentation in the 
patient’s chart to show necessity for the entire panel, the 
health-care provider may be held responsible for fraudu- 
lent ordering practices. The Medicare-approved organ- 
or disease-specific panels are the following: 


e Basic Metabolic Panel(s); with or without ionized 
Calcium 

Electrolyte Panel 

Hepatic Panel 

Hepatitis Panel 

Comprehensive Metabolic Panel 

Renal Function Panel 

Lipid Panel 


Laboratories must follow strict reimbursement rules for 
tests that are included in panels. The total cost of the panel 
may not exceed the totals of the separate tests included in 
the panel. Table 7-1 itemizes the tests included in the 
CMS-approved panels. 
































Medicare-approved panels 
Test Name CPT Code 
Comprehensive Metabolic Panel (CPT 80053) 
Albumin 82040 
Bilirubin, total 82247 
Calcium 82310 
Carbon dioxide 82374 
Chloride 82435 
Creatinine 82565 
Glucose 82974 
Alkaline phosphatase 84075 
Continued 
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TABLE 7-1-cont’d Blood urea nitrogen 84520 

Medicare-approved panels Caleivn 82310 

Test Name CPT Code Carbon dioxide 82374 

Potassium 84132 Chloride 82435 

Total protein 84155 Creatinine 82565 

Sodium 84295 Phosphorus 84100 

Transferase, alanine amino (ALT, SGPT) 84460 Lipid Panel (CPT 80061) 

Transferase, aspartate amino (AST, SGOT) 84450 Cholesterol, total 82565 

Blood urea $$ 84520 Triglycerides 84478 

Hepatic Function Panel (CPT 80076) Electrolytes (CPT 80051) 

Total protein 84155 Potassium 84132 

Albumin 82040 Sodium 84295 

Alkaline phosphatase 84075 Carbon dioxide 82374 

Transferase, aspartate amino (AST, SGOT) 84450 Chloride 82435 

Transferase, alanine amino (ALT, SGPT) 84460 Current Procedural Terminology © 2011 American Medical Association, 

All Rights Reserved. 
Bilirubin, total 82247 
Total protein 84155 - " 
: Test Your Knowledge 7-2 
Basic Metabolic Panel With lonized Calcium (CPT 80047) me : 
jp How are custom panels similar to the Medicare- 

Glucose 82974 approved panels? (Outcome 7-3) 

Potassium 84132 

Sodium 84295 Standing Orders 

Blood urea nitrogen 84520 Frequently health-care professionals will establish a set 

Calcium, ionized 82330 of standing orders for a patient, meaning that the 

Carbon dioxide 82374 patient is to have a specific test performed at a certain 

Chloride 82435 time interval for a period of time. For instance, a 
patient may need to have a potassium level checked 

Creatinine 82565 





Basic Metabolic Panel With Calcium (CPT 80048) 



































Glucose 82974 
Potassium 84132 
Sodium 84295 
Blood urea nitrogen 84520 
Calcium 82310 
Carbon dioxide 82374 
Chloride 82435 
Creatinine 82565 
Renal Function Panel (CPT 80069} 
Glucose 82974 
Potassium 84132 
Sodium 84295 








every 3 months to monitor progress while on a certain 
medication. To set up the standing order, the physician 
will submit a requisition form to the laboratory with 
the initial potassium level ordered, but the requisition 
form may also include additional orders to repeat this 
test every 3 months. Some laboratories may also have a 
separate form used to transmit information about 
standing orders, rather than using the initial requisition 
form. Standing orders may not be continued for more 
than a year without a new order being written by the 
health-care provider. Recently, the practice of using 
standing orders has been questioned. In 2007, there 
was a change to the Physician Fee Schedule update, 
which specified a need for a separate order for every 
blood glucose test performed for patients in certain set- 
tings; the rule emphasized that a standing order was 
not sufficient for documentation of necessity for these 
patients. Even though this ruling addressed only blood 
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glucose, it does serve as a warning for future policy 
changes in reference to standing orders. 





Test Your Knowledge 7-3 

A standing order for a theophylline drug level is written 
so that the patient is to have her medication level tested 
monthly for 18 months. Is this order acceptable? Why 
or why not? (Outcome 7-4) 





Reflexive Testing 


Another practice that may be used in a clinical labora- 
tory is reflexive testing. In this situation, additional test- 
ing is automatically performed in response to certain ab- 
normal results. An example of reflexive testing is the 
antibiotic sensitivity testing performed on culture sam- 
ples. Ifa culture specimen has a positive result, an antibi- 
Otic sensitivity is automatically performed to provide the 
physician with additional knowledge about the best way 
to treat the infection. Without this reflexive option, it 
would be necessary to contact the physician and request 
a separate order for this sensitivity to be performed, 
which would delay patient treatment. 

The addition of reflexive tests allows the ordering 
physician to receive additional information in a timely 
manner rather than waiting until the initial sample result 
is transmitted back to the physician and another order is 
placed for a new sample to be collected. In order for 
reflexive testing to be performed within the guidelines 
necessary for reimbursement, it is essential that the 
ordering physician is made aware of the tests included in 
the reflexive testing panel, and it is also necessary that 
the physician be offered the opportunity to order these 
secondary tests separately without the reflexive option if 
needed. These reflexive tests are to be documented 
clearly on the requisition form. 


Test Your Knowledge 7-4 


List one way that reflexive testing benefits patients. 
(Outcome 7-5) 








PATIENT IDENTIFICATION 





As presented in Chapter 1, the medical assistant or 
phlebotomist responsible for collecting samples for 
analysis plays a critical role. Appropriate patient identi- 
fication and documentation of the collection proce- 
dures used are very important components of this 
preanalytical process. 


Verification of Patient Identity 


Whenever a patient presents for specimen collection, it 
is imperative that the person performing the collection 
verify the identity of the patient. This is the most impor- 
tant procedure in the specimen collection process. 
A minimum of two unique identifiers must be used to 
verify patient identification. Incorrect identification of 
the patient may result in specimen collection on the 
wrong patient, and misdiagnosis of the patient because 
of incorrect laboratory values. Drawing the wrong 
patient may even have fatal consequences if the treat- 
ment plan developed is incorrect. 


Acceptable Patient Identifiers 


¢ Name: It is always best to ask the patient to state his 
or her name; do not ask, “Are you Mrs. Smith?” as 
many patients may say “Yes” without actually hearing 
or understanding what was asked. Ask the patient to 
state his or her name, and spell the last name. 

¢ Birth date: The patient must also state his or her birth 
date. It is possible to have two patients with the same 
first and last name, but improbable that they will also 
share the same birthday. 

¢ Social Security number or patient ID: The use of the 
Social Security number is no longer recommended in 
most cases, with the exception of those who are receiv- 
ing care in a government facility. A patient ID may 
have been assigned to the patient (especially in the case 
of managed care clients or hospital settings) and this 
may serve as a unique identifier. 

¢ Driver's license or other picture identification: For 
legal specimens or those that are associated with 
employment, a picture ID is necessary for definitive 
identification. It is an acceptable means of identifica- 
tion in all situations, but not always necessary. In 
many office settings, the picture ID is part of the 
patient’s permanent health record. 


In hospitals or other settings in which the patient 
may not be able to converse with the collector, it is 
especially important that the identity of the patient is 
established before the specimen is collected. Never 
use the name written or printed above the bed as that 
of the patient. If the patient has an armband that has 
been placed on the wrist, this may be used if the patient 
is not capable of verifying his or her identity verbally. 
Never use an armband for identification if it is not 
securely placed on the patient’s arm. If the patient is 
not wearing appropriate identification, it will be neces- 
sary to locate the health-care professional responsible 
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for this patient (usually one of the nursing staff) and 
ask him or her to reband the patient and provide defin- 
itive ID before collecting the specimen. In this situa- 
tion, be sure to document the name of the person who 


provided the identification. 





Test Your Knowledge 7-5 


Should an armband taped on the side of a hospital bed 
not be used for patient identification? (Outcome 7-6) 





Electronic Bar Codes 


Most likely, not many of us remember a time when we 
didn't have bar codes on our groceries and other items 
that we purchase in retail stores. Bar codes allow for more 
specific identification of the product purchased, and pro- 
vide an efficient way to update prices and product inven- 
tory. The health-care industry has also found that the use 
of electronic bar codes helps to streamline the process of 
ordering laboratory tests. Using labels with electronic bar 
codes on the individual tubes and specimen containers 
helps to assure specimen identification and patient confi- 
dentiality, and allows for automated sorting and distribu- 
tion of the specimens in large laboratory settings. It is 
especially important to verify identification in situations 
in which bar codes are used, because the individual spec- 
imen containers do not necessarily include the patient’s 
name. The individual specimens may only be identified 
with the bar code or specimen ID label that represents 
that patient in the electronic system. 


PATIENT PREPARATION 





In addition to the verification of patient identity and de- 
mographic information, the medical assistant responsi- 
ble for specimen collection must also verify whether the 
patient prepared appropriately for the test ordered prior 
to collection of the specimen. The reference ranges for 
laboratory tests are based on specific parameters, and if 
these were not in place for the patient being tested, their 
results may appear to be abnormal. Examples of specific 
preparation procedures include the following: 


¢ Fasting: A fasting specimen may be required for tests 
such as blood glucose levels or lipid testing. Fasting 
means that the individual must go without food and 
any liquid other than water for 12 hours prior to the 
blood draw. The patient usually can take medication 
that has been prescribed if it poses a health risk to skip 
or postpone a dose until after the period of fasting. If 


the patient did take medication during this fasting pe- 
riod, it must be documented on the requisition form. 
1 or 2 hr postprandial: A 1 hr pp or 2 hr postprandial 
(1 or 2 hr pp) blood draw means that the specimen is 
collected 1 or 2 hours (respectively) after the individ- 
ual eats a meal. These pp samples are usually used for 
blood glucose testing. 

Glucose challenge: When patients are screened for 
diabetes (especially for pregnant women) a glucose 
challenge may be ordered. In this situation the 
patient is given a drink that contains 50 g of glucose 
to ingest. One hour after the sweetened drink is con- 
sumed, the patient has his or her blood drawn again 
for a glucose test. 

Glucose tolerance test: A glucose tolerance test has 
several steps, and is usually only ordered if the fasting 
blood sugar, postprandial blood sugar, or glucose chal- 
lenge results are abnormal. In this situation, a blood 
sample is drawn from the fasting patient. (The patient 
usually provides a urine specimen as well.) The patient 
is then asked to drink a solution that contains 100 g 
of glucose. Subsequent blood draws are performed 
every half hour for a period of 3 to 6 hours. (This 
process is presented in more detail in Chapter 17.) 
Timed drug levels: Reference ranges for blood medica- 
tion levels are based on the rate at which different 
drugs are metabolized. Some types of medication peak 
in the bloodstream relatively quickly after ingestion, 
while others are slow acting. The medical assistant or 
phlebotomist needs to verify (and document) when 
the patient last took their medication before perform- 
ing the collection. Some drugs may have therapeutic 
ranges that are very close to the levels where the drug 
may harm the body, and the timing of the draw is 
essential to determine whether the dosage should be 
changed. Drugs may also be ordered as peak or trough 
collection levels. These terms mean that the specimen 
is to be drawn when that particular drug is at the high- 
est level (peak) and/or the lowest level (trough) in the 
bloodstream. Because each medication is absorbed and 
cleared from the body differently, the time after the 
last dose of the medication for the peak and trough 
draw will vary. The peak levels are generally obtained 
1 to 2 hours after a drug is given; the trough levels are 
usually just before the next dose is due. With peak and 
trough levels, if the medical assistant does not verify 
the time of the last dose, the result may appear to be 
abnormal when in actuality the specimen was just 
drawn at the wrong time. 

Restricted diets for specimen collection: Some labora- 
tory tests performed on blood, stool, and urine 
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require that the patient restrict his or her diet before 
and/or during collection. Examples may be avoidance 
of rare meat for a few days before the collection of a 
stool specimen for fecal occult blood testing, or 
avoidance of certain foods during the collection time 
for a 24-hour urine specimen. 

e Random specimens: Random specimens do not re- 
quire special preparation before collection. The con- 
centration of many chemical substances and cellular 
components present in the bloodstream does not 
change throughout the day, and can be collected at 
any time. This term is also used to describe urine spec- 
imens used for basic urinalysis testing, as well as many 
microbiology specimens. 

e First morning void: During sleep, the body continues 
to create urine as the blood circulates through the 
kidneys. The first morning void specimen may be 
requested for specific urine chemistry tests, as the 
concentration of the analyte will be elevated in this 
specimen because it has been in the bladder all night. 
A microalbumin test is an example of a test that is 
often ordered as a first morning void specimen. 


Test Your Knowledge 7-6 


Mr. Rider comes in for a blood draw as part of his annual 
physical. The physician has ordered a fasting blood glu- 
cose level. Just as the medical assistant begins to prepare 
for the blood draw, she notices that the patient has a cof- 
fee mug in his hand. What should she ask him before she 
begins the draw? (Outcome 7-8) 











SPECIMEN COLLECTION AT HOME 





Urine, stool, and microbiology specimens are often col- 
lected by patients in the privacy of their homes and 
delivered to the laboratory soon after. With this type of 
collection, special care must be taken to educate the 
patient properly in reference to specimen collection and 
storage. Information for patient use should be offered 
verbally and in writing to ensure understanding and 
compliance. Collection and storage techniques should 
be verified again before accepting the specimen at the 
laboratory. For instance, a urine specimen collected at 
home should be collected using a sterile container, and 
the specimen must be refrigerated and transported to 
the laboratory as soon as possible after collection. In 
contrast, stool specimens collected for culture are not to 
be refrigerated, but should arrive at the laboratory 
within 2 hours of collection. Some specimens must 


remain protected from light, whereas other specimens 
need to be added to containers with preservatives imme- 
diately after collection. It is the responsibility of the 
medical assistant who accepts these specimens from the 
patient to verify that the collection and processing have 
been performed correctly. Prior patient education is 
critical for quality specimens. 


ITEMS THAT MUST BE DOCUMENTED WITH 
SPECIMEN COLLECTION 





Documentation does not end with the collection of the 
specimen. It is essential that details about the collection 
are recorded on the requisition form, as these details 
help to provide critical information that may affect the 
test results. 


¢ Who? The initials (or other unique identification, 
such as an employee ID) for the person who collected 
the specimen must be documented on the requisition 
form. This information may be critical if there are any 
problems with the specimen. This information is also 
placed on the blood tube after collection while in the 
presence of the patient. 

e What? What type of specimen was collected? For blood 
specimens, there should be documentation of the type 
of specimen collected because venous, arterial, and cap- 
illary samples may have different reference ranges for a 
specific analyte. Reimbursement for the collection may 
also vary with the type of blood specimen. For urine 
specimens, there should be documentation as to 
whether the sample is a random or timed urine collec- 
tion, and the method used for the collection process. 
(This is further clarified in Chapter 9.) Body fluids 
(such as amniotic fluid or synovial fluid) are especially 
difficult to identify by sight, so clarification of the spec- 
imen type is essential at the time of collection; reference 
ranges are very different for each type of body fluid. 

¢ When? Documentation of the date and time of collec- 
tion is critical. The time must include a.m. or p.m., or 
military time may be used. Many chemical analytes 
change drastically with time once the blood has left 
the body, and these natural postcollection changes 
may be misidentified as part of a disease process if the 
specimen is not processed in a timely fashion. For 
timed collections, it is essential. The date and time of 
collection are added to the requisition form as well as 
the tube after a blood draw is complete. 

¢ Where? The site of collection must also be docu- 
mented. For blood draws, this does not need to be 
absolutely specific; a general location such as right 
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hand or left arm will do. This documentation can be 
very helpful if there are complications at the draw site. 
For culture specimens, documentation of the collec- 
tion site should be as specific as possible, because the 
normal florae present in different areas of the body are 
not the same. The physical location of the culture 
collection site needs must be specified (right arm, left 
leg, opening of fistula, etc.) as well as the type of 
wound or collection procedure used. A superficial 
wound sample is different from that collected from a 
deep puncture wound, and a specimen collected by 
aspiration is different from a specimen collected by 
squeezing a pustule. For instance, bacteria that are 
common on the surface of the skin are mot part of the 
normal florae in a deep wound, even if the specimens 
are both taken from the right great toe. 





Test Your Knowledge 7-7 


Why is it important to document that a blood specimen 


was obtained from a capillary puncture rather than a 
vein? (Outcome 7-10) 





LABELING INFORMATION 





All collection containers must be labeled immediately 
after collection, meaning that the specimen must be 
labeled in an outpatient setting while in the presence of 
the patient and before another outpatient requisition 
form is accepted. In an inpatient setting, the specimen 
labeling process must be complete before the phle- 
botomist leaves the patient’s room. Labeling may in- 
volve writing with an indelible pen directly on the 
preaffixed label on the tube after collection, or by apply- 
ing a label that has been generated by a computer and 
adding a few items. Computer-generated labels often 
include bar codes that may be read by the instruments 
used for testing. Tubes should never be prelabeled 
before specimen collection, as this can lead to incorrect 
patient identification if the collection is unsuccessful 
and the tubes are not discarded, or if there is more than 
one patient present in a blood drawing area at the same 
time. Specimens that are mislabeled can potentially 
cause serious harm to patients when inaccurate patient 
results are generated. 

The specimen label must include the following 
information: 


e The name of the patient and a unique identifier num- 
ber. The ID number is generated by the computer 


at the time of the blood draw, or it may be part of 
the requisition form available as a small peel-off 
label. If the patient number is not available, the date 
of birth may be used instead. Two patient identifiers 
are required. 

¢ Date and time of collection 

e Initials (or other unique ID) for the person who per- 
formed the specimen collection 

¢ Other required information may include documen- 
tation of a peak or trough draw, or at what time a 
specimen is taken for a glucose tolerance test. Even 
though the time of the draw should indicate which 
specimen is in the tube, it is a good idea to docu- 
ment this in more than one way to avoid any 
confusion. 


For patients who collect their specimens at home, 
the person who accepts the specimen at the laboratory 
must verify that the specimen is labeled appropriately 
while in the presence of the patient. If a patient 
drops off a specimen that is not labeled and no one 
is present to accept the specimen, it will need to be 
recollected. 


Test Your Knowledge 7-8 


List two items that must be included on the label after a 
blood specimen is collected. (Outcome 7-12) 








CHAIN OF CUSTODY 





Sometimes blood or urine is collected in situations in 
which the test results may be used as legal evidence. 
Blood may be collected for DNA analysis or blood 
alcohol level readings, whereas urine may be tested for 
drugs of abuse. The tests may be ordered in preemploy- 
ment situations, in the case of on-the-job accidents or 
suspected drunk driving, or for some athletes. In these 
situations, it is imperative that medical assistants follow 
their facility’s guidelines very carefully as they perform 
their duties. The specimens that are collected must 
have written documentation for their processing and 
storage from the point of collection through the testing 
and reporting process. It must be evident that a respon- 
sible individual had possession of the specimen, or 
had secured the specimen at every step of the process. 
The record of the individuals who have access to the 
specimen is called the chain of custody. A chain of cus- 
tody is a physical object: a form that is filled out and 
signed each time that the specimen changes hands. An 
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example of a chain of custody form may be found in 
Figure 7-1. Critical components of the process include 
the following: 


1. Identification of the patient: This is the most impor- 
tant part of the process. Sometimes patients are not 
willing participants in the process, as they may have 
been placed under arrest, or may have been involved 
in some sort of incident at their place of work. If the 
patient is not able (or willing) to show appropriate 
identification, the arresting officer or supervisor must 
identify the patient and it must be documented on 
the form. 

2. Explanation of the process and witnessed signed con- 
sent form. 

3. Secure collection area and standardized process: 
Especially in the case of urine specimens, there are 
very specific procedures that must be followed to 
eliminate the opportunity for patients to add water 
or other substances to the specimen, or to substitute 
a specimen that they may have brought from out- 
side the premises. For instance, the patient is not 
allowed to take any coats or purses into the rest- 
room during the collection. The handles of the 
faucet in the collection area may be secured with 
tamper-evident tape, or the water supply may be 
shut off from outside the room. In addition, the toi- 
let water always has a bluing agent added to avoid 
an opportunity to take water from the toilet unno- 
ticed. The specimen temperature is documented 
immediately when the collection is complete as a 
means of quality assurance. 

4, Assignment of a sample number: Legal specimens 
should not be identified by name after the initial col- 
lection process. This helps to protect the patient's 
confidentiality, and also limits the opportunities for 
someone to tamper with a specific specimen. 

5. Securing the specimen and protecting against tam- 
pering: The specimen has a tamper-evident seal that 
is affixed at the time of collection. The patient and 
the collector initial this seal and the specimen is 
sealed in the presence of the patient. If this seal is bro- 
ken when the sample is accessed for testing, the chain 
of custody is invalidated. 

6. Documentation of processing: The specimen must 
remain in a secure location at all times. The chain 
of custody form provides an opportunity to docu- 
ment where the specimen was stored, and who 
placed it in that location at each step of transfer. 
Legal specimens must be kept in a locked location 
with limited authorized access until they are tested. 


The documentation continues until the time that 
the specimen is disposed of. 


There may be times when the medical assistant is 
called to testify about the collection process of a legal 
specimen. If the chain of custody process is followed 
carefully, there should be no problem with testifying 
regarding the specimen processing. Poor documentation 
may be reason for dismissal of a legal case, and could 
have serious repercussions. 





( Test Your Knowledge 7-9 


What are two methods used to protect a legal specimen 
from potential tampering? (Outcome 7-13) 





POINT OF INTEREST 7-1 
yo DOT drug screening 
Urine may be tested for drugs of abuse for many rea- 
sons. The test is a common part of preemployment 
screening for many corporations. Most of the large 
retail store chains now require drug screening as a 
preemployment procedure, and some of them also 
use random drug screens as well. 

There are also times when the federal government 
requires drug screen testing. The Omnibus Trans- 
portation Employee Testing Act of 1991 set a stan- 
dard that requires drug and alcohol testing for 
employees who are employed in professions that the 
government has designated as “safety-sensitive.” This 
regulation potentially affects more than 10 million 
individuals. These employees may be working in the 
following areas: 


Those in the trucking industry 

Railroad workers 

Bus drivers or other mass-transit employees 

Pilots and other aviation employees 

Employees in other types of public transportation 
Those who work on public pipelines 


The U.S. Department of Transportation (DOT) 
has set standards concerning who will be tested, as 
well as the policies and procedures to be followed for 
these individuals. The collection process is even more 
critical in these situations, and the laboratory testing 
may be performed only at laboratories that have been 
approved by the DOT. Special chain of custody forms 
are used for the collection process, and the procedures 
for processing of the paperwork are very specific. 
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NON FEDERAL DRUG TESTING CUSTODY AND CONTROL FORM 
18290 
SPECIMEN ID No. 
STEP 1: COMPLETED BY COLLECTOR OR EMPLOYER REPRESENTATIVE 


A. Employer Name, Address, |.D. No. 


B. MRO Name, Address, Phone and Fax No. 


C.Donor Name__John A. Smith, dr. Donor SSN or Employee !.D. No. | e3eee | 


D. Reason for Test: O Pre-employment kl Random O Reasonable Suspicion/Cause O Post Accident 
0) Return to Duty O Follow-up O Other (specify) 


E. Drug Tests to be Performed: &I Hair 5 Drug Panel O Urine 5 Drug Pane! 1 Other (specify) 
G. Collection Site Address: 1 Main Street Hollywood, NY 11111 


STEP 2: COMPLETED BY COLLECTOR 


Read specimen temperature within 4 minutes. Is temperature | Specimen Collection: x) HE 
between 90° and 100°F? LI Yes (1 No, Enter Remark O Split O Single LJ Non Provided (Enter Remark) - z 
PREMARKS OE 


STEP 3: Collector affixes bottle seal(s) to bottle(s). Collector dates seal(s). Donor initials seal(s). Donor completes STEP 5 on Copy 2 (MRO Copy) 
STEP 4: CHAIN OF CUSTODY - INITIATED BY COLLECTOR AND COMPLETED BY LABORATORY 


| certify that the specimen given to me by the donor identified in the certification section on Copy Z of this form was collected, labeled, sealed and 
released to the Delivery Service noted in accordance with applicable Federal requirements. 


AM 
X_John Doe 200 PM OPM SPECIMEN BOTTLE(S) RELEASED TO: 


Signature of Collector Time of Collection 








(PRINT) Collectors Name (First, MI, Last) Date (Mo, Day, Yr) Name of Delivery Service Transferring Specimen to Lab 


RECEIVED AT LAB: Primary Specimen SPECIMEN BOTTLE(S) RELEASED TO: 
2 Bottle Seal Intact 





Signature of Accessioner OO Yes 
01 No, Enter Remark Below 





(PRINT) Accessioner’s Name (First, MI, Last) Date (Mo, Day, Yr) 


STEP 5a: PRIMARY SPECIMEN TEST RESULTS - COMPLETED BY PRIMARY LABORATORY 
OO NEGATIVE DO POSITIVE for: [1 MARIJUANA METABOLITE MO CODEINE [) AMPHETAMINE 0 ADULTERATED 
0 DILUTE OD COCAINE METABOLITE 1 MORPHINE [ METHAMPHETAMINE [1 SUBSTITUTED 
CO REJECTED FOR TESTING OO PCP OD 6-ACETYLMORPHINE 0 INVALID RESULT 


REMARKS 


TEST LAB (if different from above) 
| certify that the specimen identified on this form was examined upon receipt, handled using chain of custody procedures, analyzed, and reported 
in accordance with applicable Federal requirements. 








X 





Signature of Certifying Scientist (PRINT) Certifying Scientist (First, MI, Last) Date (Mo, Day, Yr) 


STEP 5b: SPLIT SPECIMEN TEST RESULTS - (IF TESTED) COMPLETED BY SECONDARY LABORATORY 
1) RECONFIRMED [LJ FAILED TO RECONFIRM - REASON 


| certify that the split specimen identified on this form was examined upon receipt, handled using chain 
Laboratory Name of custody procedures, analyzed, and reported in accordance with applicable Federal requirements. 





x 
Laboratory Address Signature of Certifying Scientist | (PRINT) Certifying Scientist (First, MI, Last) Date (Mo, Day, Yr) 








Figure 7-1 An example of a chain of custody form. The top copy contains the name of the patient, but this copy does not 
follow the specimen as it progresses fo the testing phase. The copies that are used with the specimen after it is input into the 
computer are designated only by the specimen ID number. 
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5. True or False: All medication is Outcome 7-9) 
SUMMARY absorbed and used by the body at the same rate. 
Speci Llecti d i itical - 
ENA! FEES SENN CEA TE OHO en 6. List three items that must be Outcome 7-11 


ponents of the laboratory testing. Care must be taken 
to fill out the request for testing in the proper man- 
ner, educate the patient appropriately for necessary 
preparation, and thoroughly document the collec- 7. 
tion procedure. It is also necessary to label the speci- 
men using recommended procedures so that there 
are no potential problems with identification as the 
testing process continues. The type of collection, the 
type of specimen, and the date and time of collection 
are critical components that must be logged on the 
requisition form after collection. In legal situations, 
care must be taken to follow established procedures 
to ensure that specimens are kept safe from tamper- 
ing until they are tested and the results are reported. 
This process uses a chain of custody form, which 
must be filled out by anyone who has access to the 
specimen during and after collection. 


documented on the requisition form after a specimen 
is collected. 


True or False: It is acceptable to use Outcome 7-12 
a computer-generated label on a tube after collection 
as long as it includes the basic required information. 


Case Study 7-1: Standing orders 


Mr. Johnson comes into the laboratory to have his 
potassium level checked. He has a standing order to 
have this test performed every 3 months because of a 
medication that he takes for a heart disorder. When 
he arrives at the laboratory, the phlebotomist checks 
the records for Mr. Johnson in the computer system. 
He informs Mr. Johnson that he cannot draw his blood 
today because his standing order has expired. 











1. What does the phlebotomist mean by stating that 
the standing order has expired? 

2. What needs to occur before Mr. Johnson can have 
his blood drawn for the potassium test? 


TIME TO REVIEW 


1. When is a trough blood level drawn? Outcome 7-1 


2. Which of these items does not need to — Outcome 7-2 
be included on a complete laboratory requisition 
form? 

a. ICD-9 code(s) 
b. Ordering physician’s name 
c. Cost of tests 


Case Study 7-2: Labeling 


d. Demographic information for the patient 


. How are CMS panels different from Outcome 7-3 
custom panels created by independent laboratories? 


a. The custom panels include fewer tests 

b. The CMS panels have been approved by the 
AMA 

c. The reimbursement rates are better for the cus- 
tom panels 

d. They are essentially the same 


. True or False: Reflexive testing causes Outcome 7-5 
excessive time to be spent before results are available 
to the ordering health-care provider. 


Cassy Jones is a medical assisting student who is 
training in the laboratory. She is trying very hard to 
get all the information correct for every situation, and 
she tells her trainer that she is working on anticipating 
the needs of the practice so that she can be better 
organized. When her trainer returns from lunch one 
afternoon, she finds that Cassy has labeled blood 
tubes for the expected blood draws for the afternoon. 
Cassy’s trainer tells her that although she can see that 
her intentions were good, this is an unacceptable 
practice. 


1. Why is the prelabeling of the tubes an unacceptable 
practice? 
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RESOURCES AND SUGGESTED READINGS 


“University of Washington Laboratory Testing Policies” 
Very specific information about testing and collection 
processes designed for use by practitioners http://depts 
.washington.edu/labweb/PatientCare/Policies/index.htm 
“Errors in Laboratory Medicine” 
Information about common laboratory errors including all 
phases of the testing process http://www.clinchem.org/cgi/ 
content/abstract/48/5/691 


“Laboratory Test Ordering and Documentation; List of Do's 
and Dont’s http://www.cap.org/apps/docs/pt_checkup/ 
pol_library/laboratory_test_ordering.pdf 
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After Reading this Chapter, the Successful Student will be able to: 








8-1 Define the key terms. 8-12 Analyze techniques to be used with different age 

8-2 Explain the route used as blood moves through groups when performing venipuncture or capil- 
the heart. lary puncture. 

8-3 Compare and contrast the qualities of veins and 8-13 Explain why capillary punctures may be pre- 
acetic, ferred as a blood draw technique in some circum- 

8-4 Examine the ways that capillaries differ from Sancti alle Provide ceamples 
veins and atteries. 8-14 Summarize appropriate preparation techniques 

8-5 Locate the most commonly used veins for draw- founised Saw.P Rees: 
ing blood specimens, and explain why they are 8-15 Successfully perform venipuncture and capillary 
the best choice for this procedure. eardines oo using the process outlined 

8-6 Describe where capillary blood draws may be ene 
safely performed. 8-16 Demonstrate the ability to create a blood smear 

8-7 List the major contraindications for blood draws, pee sce sia ies ne be suitable for staining, c ag 
sequal nonin Gbacvaidet explain why staining is important for examina- 

ee. a Wea eecthect. ir tion of blood samples. 

- ist and describe the supplies necessary to per- ‘ : 
eats i neat ae ole . ae 8-17 Explain how to process samples for various labo- 
ees Y ratory tests ordered. 

8-9 Differentiate when the different methods of ee ea Ene MRCEEn GES, Peewee Serale cane 
venipuncture (evacuated tube system, syringe P ae 
system, or butterfly system) might be used. 8-19 Provide examples of AAP PEO DRAKE SPeCunens, 

8-10 Describe the significance of the tube stopper col- ant) cesenibe how jnese ieslesmnal be aya 
ors when drawing blood. 8-20 Describe how negative outcomes may be avoided 

8-11 Explain the order of draw for specimen collec- when crawing blood. 
tion, and describe how it may be different with 
the various collection techniques. 

CAAHEP/ABHES STANDARDS 

S- 


CMA 
CAAHEP Standards: 


1.C.1.4: 


List major organs in each body system 


1.C.1.5: Describe the normal function of each body system 
I.P.1.2: Perform Venipuncture 
I.P.1.3: Perform Capillary Puncture 


LAL: 


Apply critical thinking skills in performing 


patient assessment and care 
IIL.P.I.3; Select appropriate barrier/personal protective 
equipment (PPE) for potentially infectious situations 


“SS” ABHES Standards 
¢ Medical Office Laboratory Procedures: Collect, label 


and process specimens: Perform venipuncture 

¢ Medical Office Clinical Procedures: Apply principles 
of aseptic techniques and infection control 

e Medical Office Clinical Procedures: Use Standard 
Precautions 


4 Weeks 


ee ee Ea 
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Antecubital area 
Anticoagulants 
Arteries 
Arterioles 

Basilic vein 
Bevel 

Butterfly system 
Capillaries 
Capillary action 
Capillary puncture 
Capillary tubes 
Cardiovascular 
Cephalic vein 


Clot activators 


Evacuated tube system 
Flanges 

Gauge 

Hematoma 
Hemoconcentration 
Hemolysis 

Interstitial 

Lipemia 

Lumen 

Mastectomy 

Median cubital vein 
Microcollection containers 
Morphology 


Multi-sample needle 


Plasma separator tubes (PST) 
Quality not sufficient (QNS) 
Serum 

Serum separator tubes (SST) 
Sharp 

Short draw 

Syringe system 

Tourniquet 

Vacuum 

Vasodilation 

Vasovagal syncope 

Veins 

Venules 


Winged infusion set 


Contraindications Palpation 


Edema Plasma 


he majority of laboratory testing is performed on 

blood specimens. As part of the preanalytical process, 
medical assistants and phlebotomists are responsible for 
greeting and identifying patients, verifying patient identi- 
fication, making appropriate site selections for collection, 
using correct collection procedures, and processing speci- 
mens prior to the testing stage. It is essential that the 
health-care professional who performs these duties under- 
stands how to execute them correctly, as the potential 
impact of these processes is profound if they are per- 
formed improperly. This chapter provides details about 
how to collect and process various blood specimens, 
including necessary knowledge of the anatomy and phys- 
iology of the cardiovascular system, an introduction to the 
various tools used for obtaining blood, and information 
about how to avoid negative outcomes during the collec- 
tion process. Procedures for processing specimens after 
collection are also presented. 


ANATOMY AND PHYSIOLOGY OF THE 
CARDIOVASCULAR SYSTEM 





In order to consider the various methods used to obtain 
blood specimens, it is important to understand the 
anatomy and physiology of the cardiovascular system. 
Essentially, all the body systems are connected, or 
linked, by the cardiovascular system, because it offers a 
means of transportation to and from all the cells of the 
body. Homeostasis is a state in which the body is healthy 
and in balance. For homeostasis to be maintained in our 
bodies, the cardiovascular system must transport water, 
nutrients, waste products, chemicals, and hormones 
everywhere within the body. The immune system is also 
dependent on the function of the cardiovascular system. 
In addition, circulation of the blood helps to keep the 
body’s temperature within normal limits, contributing 
to homeostasis. 
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The Heart 


The heart is the beginning and the end of the cardiovas- 
cular system, and is approximately the size of a closed 
fist. It is made of very strong cardiac muscular tissue. 
Within the structure of the heart are four chambers. The 
upper two chambers of the heart are the atria and the 
lower two chambers of the heart are the ventricles. 
The two sides of the heart are separated by a wall (called 
the septum) and the atria and the ventricles on each side 
of the heart are separated by valves, which keep the blood 
from flowing backward within the structure. Figure 8-1 
allows us to follow the path of the blood flow through 
the heart and lungs. 


1. Oxygen-poor blood flows into the right atrium 
through two large veins known as the superior vena 
cava and inferior vena cava. 

2. As the heart contracts, the blood flows through the 
tricuspid valve (which separates the chambers) into 
the right ventricle. 


Superior 
vena cava 


Pulmonary 


Tricuspid 
valve 


Right 
Figure 8-1 The pathway followed by ventricle 
the blood as it circulates through the 
heart, lungs, and vessels. Reprinted with 
permission from Eagle S, Brassington C, 
Dailey C, and Goretti C: The Professional 
Medical Assistant: An Integrative, 
Teamwork-Based Approach. Philadelphia: 
FA Davis, 2009. 


Inferior 


vena cava 


. From the right ventricle, the blood passes the pul- 


monary semilunar valve and enters the right and left 
pulmonary arteries. These arteries take the blood into 
the lungs for oxygenation. (These are the only arter- 
ies in the body that do not carry oxygenated blood.) 


. Once the blood has passed through the lungs, where 


it exchanges oxygen for carbon dioxide, the blood 
flows back onto the left atria through the right and 
left pulmonary veins. (These veins are the only veins 
in the body that carry freshly oxygenated blood.) 


. From the left atria, the blood passes through the 


bicuspid valve and enters the left ventricle. The left 
ventricle is the part of the heart where the muscular 
walls are the thickest, as the left ventricle is responsi- 
ble for pumping the blood out of the heart into the 
arterial system to circulate through the body. 


. The blood passes through the aortic semilunar valve, 


finally exiting the heart through a very large artery, 
known as the aorta. 
















Aorta 


Pulmonary 
artery 


a \ 


Pulmonary 


Pulmonary 
valve 


Left 
atrium 


Left 


Interventricular 
septum 
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7. In a single heartbeat, the heart goes through two 
stages: systole (the contraction of the heart muscle) and 
diastole (the relaxation of the heart muscle). During 
ventricular systole, the blood pressure increases, push- 
ing the blood through the arterial system and adding 
pressure to the walls of the arterial vessels, causing 
them to expand. The diastolic (relaxation) phase 
allows the blood pressure to decrease and the arterial 
walls to adjust back to their normal size. We feel 
this increase and decrease in the blood pressure as a 
patient’s pulse in the arteries of the body. 


Blood Vessels 


There are three types of blood vessels that make up the 
cardiovascular system: arteries, veins, and capillaries. 
Each type of vessel has unique characteristics that enable 
it to perform specific tasks. Blood specimens may be col- 
lected from any of these vessels. Figure 8-2 shows the re- 
lationship between the types of blood vessels that make 
up the cardiovascular system. 





Test Your Knowledge 8-1 


What organs and/or body systems make up the cardio- 
vascular system? (Outcome 8-1) 





Arteries 


Arteries are the vessels that carry oxygenated blood away 
from the heart. Arterial walls are quite muscular and have 
more elasticity than do venous walls, and as the blood 
flows through the arteries (expanding and relaxing the 
vessels) it is felt as a pulse. There are three layers that 
make up the walls of both arteries and veins, but the walls 
of the arteries are thicker and stronger than those of the 
veins, and the arterial walls have more flexibility. Arteries 
get smaller and smaller as they branch through the body 
away from the heart. Smaller arterial vessels branch into 
arterioles, which then lead into capillaries. The blood 
that travels through arteries is brighter red than that 
which travels through the veins or capillaries due to the 
high level of oxygen present in the arterial red blood cells. 


Veins 


Veins carry blood back to the heart from the systemic 
circulation. Because this is not a process that actually 
follows the laws of gravity, the venous vessels have one- 
way valves that help to keep the blood from pooling in 
the extremities. The walls of the veins are made up of 







To head 
and arms 


Pulmonary 


Pulmonary , 
vein 


artery 


Aorta 
Superior 


vena cava 


Left atrium 
Right atrium 


Left 


Right ventricle 


ventricle 


To trunk 
and legs 


Figure 8-2 The relationships between the arteries, veins, 
and capillaries. Reprinted with permission from Eagle S, 
Brassington C, Dailey C, and Goretti C: The Professional 
Medical Assistant; An Integrative, Teamwork-Based 
Approach. Philadelphia: FA Davis, 2009. 
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three layers, but the layers are thinner and less muscular 
than are those of the arterial system. Veins require skele- 
tal muscle movement to propel the blood back to the 
heart. Veins are smallest where they are attached to the 
capillaries; these tiny vessels are called venules. The veins 
become larger and larger as they approach the heart. The 
blood that travels through the veins has less oxygen than 
that in the arterial or capillary system, and is darker red 
in color. Veins do not have a pulse, and when palpated, 
veins feel less rigid than arteries. 


Capillaries 

Capillaries are so small that they can be seen only with a 
microscope. The walls of capillary vessels are made up of 
a single layer of epithelial cells. They are designed to link 
the arterial vessels to the venous vessels, and the blood 
that flows through the capillaries is a mixture of venous 
and arterial blood. As blood travels through the arteries to 
the arterioles, there is less and less room for the entire 
volume of blood to make it through the vessels. As the 
vessels get smaller, more fluids are pushed out of the 
vessel and into the interstitial spaces between the cells 
surrounding the blood vessels. By the time that the blood 
makes it to the capillaries, the size of the blood vessel has 
often reduced to the point that there is room for only one 
red blood cell at a time to make it through. The capillary 
beds are the only place in the body where exchange of 
nutrients, gases, and other molecules may occur, because 
the liquid portion of the blood is in direct contact with 
the cells around the vessels. As the capillaries join back 
with the venous system, they begin to get larger in diam- 
eter, and the vessels become venules, which gradually 
increase in diameter to become veins. Due to their small 
size, capillaries do not cause a pulse that can be felt. 





( Test Your Knowledge 8-2 


What is one way that veins are different from arteries? 
(Outcome 8-3) 
4 


XS 








™ 


( Test Your Knowledge 8-3 


Are capillaries approximately the same size as arteries 
and veins? (Outcome 8-4) 
4 








S 





SITE SELECTION 





Appropriate site selection for venipuncture procedures is 
essential to obtain a blood sample that is acceptable for 
testing, and to avoid negative outcomes for the patient. 


The most common area for venipunctures to be performed 
is the antecubital area of the arm, which is the area imme- 
diately in front of (the anterior side of) the elbow. 


Most Commonly Used Veins 


There are several veins in the antecubital area that may be 
successfully used for withdrawing blood. The median 
cubital vein (Fig. 8-3) is best for venipuncture because it 
is usually large and well anchored. This means that the 
median cubital vein doesn’t usually move when the needle 
is inserted. The cephalic vein, which is located on the 
thumb (lateral side) of the antecubital area, and the basilic 
vein, on the little finger (medial side) of the antecubital 
area, may also be acceptable for venipuncture. If it is nec- 
essary to consider these two alternative venipuncture sites, 
the median cubital vein is the first choice; if this vein can- 
not be felt, the second choice would be the cephalic vein. 
The basilic vein is the last choice in the antecubital area 
because of its close proximity to the brachial artery and 
median nerve. The basilic vein is also not anchored as well 
as the other antecubital veins, so it has more of a tendency 
to move, or roll away, during the puncture. 

When performing phlebotomy, finding a vein is one 
step that requires practice and experience. Applying a 
tourniquet may allow the vein to be more prominent. 
Palpation, which uses touch to feel for a vein, may be 
used with or without the tourniquet application to de- 
termine whether a vein is suitable for a blood draw. Sight 
may be helpful initially, but if'a vein cannot be felt, that 
vein should not be used for a blood draw. Palpation is 
performed by using the tips of the gloved fingers (never 
the thumb) in a pushing manner as the fingers are 
moved across the arm. An acceptable vein should have 
some “bounce,” like a soft rubber tube, when palpated. 
A tendon will feel flatter and harder than a vein, without 


Basilic vein 


Cephalic vein 


Median 
cubital 
vein 


Basilic vein 





Figure 8-3 Antecubital area with vein selection; identifi- 
cation of the median cubital, cephalic, and basilic veins. 
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any elasticity, and an artery will feel like a taut rubber 
band. Veins may be differentiated from arteries because 
of the pulse that is felt in an arterial vessel. While feeling 
for the vein, it is important to establish the depth and 
size of the vessel, as well the direction of the vein. When 
the needle is inserted into the arm, it must follow the di- 
rection of the vein, and be inserted to the correct depth 
at which it will be in the vein rather than resting above 
or piercing through the vein. The angle of insertion is 
also very important to allow for the blood to enter the 
vein when it is pierced. 

Venous patterns vary from person to person, as the 
anatomy of each patient is unique. In addition, some 
patients have vessels that are much more prominent in 
one arm than in the other. A venipuncture should not 
be attempted if the health-care professional is not sure 
whether the vein is suitable for the procedure or until 
the other arm has been checked for potential sites. If 
there is no suitable vein identified in the antecubital 
area of either arm, the back of the hand may also 
be considered for obtaining a sample. It is especially 
important to anchor the blood vessels of the hand 
before inserting the needle, as these vessels are located 
close to the surface of the skin and often roll away 
when the needle is inserted. The hand veins are also 
more prone to bruising and hematoma formation. 
Venipunctures should not be performed on the inside 
(or underside) of the wrist because of the presence of 
various nerves, tendons and ligaments, the close prox- 
imity of the radial artery, and the small size of the 
veins present in this area. 

If an acceptable vein cannot be located, it may be nec- 
essary to encourage the vessels to become more promi- 
nent before venipuncture is attempted. To encourage 
vasodilation, a warm compress may be applied to the 
area, or the desired site may be massaged. Slapping, 
thumping, or flicking the draw site is not recommended. 
Lowering the arm down below the level of the heart may 
also allow the veins to become more evident. Tourniquet 
application is definitely beneficial, but it is important to 
remember that a tourniquet may stay on for a maximum 
of only 1 minute before it should be removed. A blood 
pressure cuff (stand-alone type) set at 40 mm Hg of pres- 
sure may also be useful in coaxing the veins to become 
more prominent. 





Test Your Knowledge 8-4 


What area of the arm should be the first choice for 
venipuncture? (Outcome 8-5) 





Appropriate Capillary Puncture Sites 


Capillary blood draws (also known as dermal or skin 
punctures) may be used for blood collection when the 
required volume of blood needed for testing is small. 
The capillary beds in the fingers and heel are the sites 
generally used in the laboratory. The fingers are often 
used as sites for capillary punctures for adults and chil- 
dren over the age of 1 year. The puncture should be 
made on the fleshy central surface on the palmar side of 
the finger. Capillary draws should never be performed 
right on the tip of the finger, or on the extreme lateral 
side(s) near the fingernail, because of the close proximity 
to the bone. The capillary device should be oriented so 
that the puncture into the skin is perpendicular to the 
fingerprints; doing so means that the blood won't pool 
into the lines of the fingerprint during the collection 
process. Figure 8-4 shows where it is safe to perform a 
capillary puncture on a fingertip. 

For infants (children below the age of 1 year) capillary 
blood draws are performed on the heel of the foot. The 
fingers on infants should not be used for capillary punc- 
tures, as there is not enough tissue to make this a safe 
choice while avoiding potential damage to the bone. The 
central area of the infant’s heel, the arch of the foot, the 
ball of the foot, and the toes should never be used for 
blood draws. The capillary draw should be done only on 
the most medial and lateral section of the bottom of the 
heel. Figure 8-5 shows the safe areas for capillary punc- 
tures on an infant’s heel. The bone of the foot may be 
damaged if the procedure is performed incorrectly and 
osteomyelitis (inflammation and/or infection of the bone 
and bone marrow) may result. 

In all capillary draw situations, it is imperative that 
the site is warmed thoroughly before the process begins. 
It is also helpful if the hand or foot is held below the level 


of the heart. Massage may also benefit the process, as it 





Locations for capillary draws for fingers. 


Figure 8-4 
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POINT OF INTEREST 8-1 
Newborn screening 


4 


Each state provides newborn screening to detect dis- 
orders that would cause irreversible damage or death 
if undetected for an extended period of time. These 
disorders (for the most part) are not visible at birth; 
the babies appear to be healthy until the damage has 
already occurred. Irreversible neurological or muscu- 
loskeletal damage will result if these diseases are not 
detected. Most states require that the babies be tested 
prior to discharge from the hospital, with a recom- 
mendation for a second screening 7 to 14 days later. 
Examples of disorders that may be detected with 
screening include the following: 





¢ Phenylketonuria 

¢ Maple syrup urine disease 

¢ Carnitine uptake deficiency 
¢ Congenital hypothyroidism 
* Cystic fibrosis 

¢ Various hemoglobinopathies 
¢ Galactosemia 


The specimen collection usually includes a capil- 
lary sample taken from a heel stick. Blood may also 
be drawn from the veins on the back of the hand and 
applied to the collection paper. Special filter paper is 
used for the collection process, and the sample must 
be handled appropriately to avoid erroneous results 
or rejection of the specimen. 











Test Your Knowledge 8-5 


Are capillary draws always performed on the fingers? 











Figure 8-5 Locations for capillary draws in the heel of an 


infant. 





(Outcome 8-6) 
J 


will help to increase the blood supply to the area. When 
a capillary specimen is submitted for testing, it is impor- 
tant to document that the specimen came from a capil- 
lary draw rather than a venipuncture because the refer- 
ence ranges for capillary blood samples are not the same 
as those for venous blood. 

Blood used for capillary samples should be free flow- 
ing. It is important that the area immediately adjacent to 
the puncture site is not squeezed to increase the blood 
flow, as this will contaminate the sample with interstitial 
fluid. This fluid from between the cells has a different 
concentration of many chemical substances and will dilute 
the cell counts for hematology specimens. Massaging the 
finger well above the puncture site will help increase the 
blood flow. Specimens drawn from the heel may benefit 
from gentle pressure applied to the calf and ankle area. 


CONTRAINDICATIONS AND AREAS 
TO AVOID 





When considering an appropriate site for venipuncture, 
it is the responsibility of the health-care professional to 
use best judgment to avoid harming the patient unnec- 
essarily. Also, as part of the preanalytical process, it is 
important to remember that any substances that may 
contaminate the specimen during the blood draw must 
be avoided. To accomplish these goals, there are certain 
contraindications and precautions for venipuncture to 
keep in mind. 


Scars and Tattoos 


Excessively scarred skin (as in the case of a burn) should 
not be used for venipuncture. Scarred areas are more sus- 
ceptible to infection and often have reduced circulation; 
further, the veins underneath the scarred skin may be 
difficult to palpate and anchor. Skin that has been 
tattooed is also more prone to infection, and the dyes 
used in coloring the tattoo may cause test interference if 
they make their way into the specimen. 


Mastectomy Considerations 


If a patient has had a mastectomy, venipuncture should 
not be performed on the arm on the same side of the 
body as the procedure. Mastectomy procedures involve 
the removal of breast tissue. In addition, the lymph 
nodes surrounding the breast and under the arm also 
may be removed. The absence of these nodes can cause a 
decrease in the flow of the lymph fluid in the area, which 
puts the patient at an increased risk of lymphedema 
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(accumulation of lymph in the tissues) and infection, 
even if the blood draw is not performed and only a 
tourniquet is applied. The opposite arm should be used 
for the blood draw. Ifa patient has a double mastectomy, 
the health-care professional who ordered the blood draw 
should be consulted to see what alternative sites may be 
used for blood collection. 


Intravenous Fluids 


Intravenous fluids are a potential source of contamina- 
tion when drawing blood. In situations in which the 
patient is receiving IV fluids, it is preferable to use the 
opposite arm for venipuncture. If it is not possible to 
draw from the other arm, the IV flow must be discontin- 
ued (turned off) for at least 2 minutes (depending on the 
substance being infused) by a physician or other quali- 
fied health-care provider before the blood draw is 
attempted. After the IV fluid drip has been turned off, 
the tourniquet may be applied below the IV insertion 
site, and the blood draw may be drawn from below the 
IV site. Even with these precautions, the first 5 to 10 mL 
of blood withdrawn must be discarded to avoid potential 
contamination with IV fluid. If a coagulation test is part 
of the blood draw order, an additional 5 mL of blood 
should be drawn and discarded before this tube used for 
the coagulation testing is collected. 

Veins that have been used for IV therapy are often 
irritated and damaged, even after the IV has been dis- 
continued. Ideally, these sites should be avoided for 
venipunctures for at least 1 or 2 days after the catheter 
has been removed to allow for the vein to recover. 
Phlebitis (inflammation of the vein) may result if the area 
is not allowed to heal before venipuncture procedures are 
performed. 





Test Your Knowledge 8-6 


Is IV therapy always a contraindication for venipuncture? 
Why or why not? (Outcome 8-7) 





Bruising and Hematomas 


Bruises and hematomas may occur as complications of 
venipuncture or IV therapy, and these sites should be 
avoided for subsequent blood draws. A bruise and a 
hematoma are similar in that each is a visible sign of 
damage to a vessel in which blood has escaped and 
entered the surrounding tissues. Hematomas result from 
damage to larger vessels such as veins and arteries, 
whereas a bruise may be the result of injury to a capillary 


or a small blood vessel. A hematoma is often hard and 
swollen, and may be quite painful for the patient. If a 
blood draw is attempted in a bruised area or a hematoma 
site, it may cause additional discomfort for the patient 
and the integrity of the sample may be affected because 
of the pooling of old, dead cells in the area. Drawing 
from this area may also include the risk of infection 
due to inflammation of the tissues. If it is absolutely 
necessary to draw from an area with excessive bruising 
or a hematoma, the venipuncture should be performed 
below the injured site. 


Varicose Veins 


A varicose vein is one that is twisted and enlarged and 
very visible near the surface of the skin. These veins 
have lost their natural elasticity and integrity, and 
are prone to inflammation and blood clot formation. 
Varicose veins should not be used for venipuncture, as 
the blood flow through these areas has been adversely 
affected, increasing the chance for infection and bruis- 
ing. These veins are also not very stable and will often 
roll away during the venipuncture. 


Central Lines and Fistulas 


Intravenous lines are used commonly to administer 
medication, fluids, or blood products, especially when 
there is a need for continued access for an extended 
period of time. There are times when a phlebotomist or 
medical assistant may be asked to withdraw blood from 
a central venous catheter or a peripherally inserted central 
catheter (PICC line). The central venous catheters are 
inserted into one of the major veins of the body, such as 
the subclavian, superior vena cava, or jugular vein. 
There is a piece of tubing extending out of the vein 
through the skin that is covered with a dressing. The 
central venous catheter is often left in place for an 
extended period of time to be used for administration of 
medication directly into the bloodstream. 

A PICC is inserted into the cephalic or basilic vein of 
the arm or hand. These peripherally inserted catheters 
are fragile, as they are not inserted into a large vessel. 
Blood withdrawal from either of these devices generally 
requires injection of saline and/or a heparin solution 
into the catheter to clear the line before and 
after the blood is taken. It is essential to remember that 
anyone who withdraws blood from these types of lines 
must have specialized training, and in some states it is 
unlawful for a nonlicensed person to perform this 
function. In states where this is allowed, each facility 
must establish its own policy and training procedures. 
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Medical assistants and phlebotomists in most states are The health-care provider should have his or her 
not allowed to perform this type of draw. 


Another type of venous access device that may be in 
use is a cannula. This is a flexible tube that is used to gain 
access to the veins for dialysis treatment for those who 
have advanced kidney disease. The cannula is placed 
under the skin, and has a special port that is designed 
for insertion of a needle to withdraw blood for dialysis or 
for testing. A fistula is similar to a cannula, except that 
the device has been implanted in a way that it joins the 
arterial and venous system for hemodialysis procedures. 
The fistula is also under the surface of the skin, so it re- 
quires the skin to be punctured for access. It is recom- 
mended to use the other arm, rather than one contain- 
ing the fistula. Blood draws should never be attempted 
from these implanted devices unless the practitioner has 
received specialized training. In many states, only li- 
censed health-care providers may perform this proce- 
dure. In addition, a tourniquet should not be applied to 
the arm that contains a fistula or cannula. 


index finger on the pulse of the artery. The needle is 
inserted at an angle of approximately 45 degrees. The 
skin is pierced right next to the index finger. When 
the artery is entered, the blood will pump out 
through the lumen of the needle because of the pulse 
pressure. A flash is apparent immediately at the end 
of the needle attached to the syringe as the artery is 
pierced, and the blood will continue to fill the syringe 
without pulling on the plunger. (The plunger is 
pulled back before the needle is inserted to allow 
room for the blood in the syringe.) When the syringe 
is full, the safety device must be activated immedi- 
ately on the needle. The needle will be removed and 
the end of the syringe will be plugged with a rubber 
stopper. The sample must be placed on ice immedi- 
ately after labeling of the specimen. Firm pressure 
must be applied to the puncture site for a minimum 
of 5 minutes after the blood draw, or until the blood 
stops flowing from the site. 

Due to the potential for arterial damage or nerve 
damage with arterial blood draws, intensive training 














~ 4 POINT OF INTEREST 8-2 is required for health-care professionals who perform 
Arterial blood draws this as part of their job. Training includes careful 
Respiratory emergencies (such as advanced chronic observation and supervised performance, as well as 
obstructive pulmonary disease [COPD] or pul- identification of risk factors associated with the 
monary edema) may require an arterial blood gas process. Some states restrict this procedure to licensed 
analysis for appropriate treatment to be started. In personnel such as respiratory therapists or RNs. 





these situations the oxygen and carbon dioxide levels 
may be far outside the reference ranges, and the 
arterial blood pH may be increased or decreased to a 
life-threatening level. Arterial blood draws are similar Edematous Areas 
to venipuncture procedures in that the site must be 


stabilized and cleansed properly before the needle is In some clinical situations, patients may accumulate 
inserted. The angle of insertion, site selection fluid in the intercellular spaces of the tissues. This accu- 
options, and the way the blood enters the syringe are mulation of fluid is called edema. The presence of excess 
different from those of a venipuncture. fluid may be widespread as a result of heart and/or renal 

Arterial blood gases are commonly drawn from the failure, or it can be more localized from trauma or fluid 
radial artery; as a second choice, the brachial artery leakage from an IV site. It will be very difficult to palpate 
may be used as long as the patient is not being treated a vein in edematous areas, because of the additional fluid 
with anticoagulant drugs. The radial artery is easy to in the USstlcs. If possible, these areas of the body should 
identify and secure because it is so near the surface of be avoided for NSAP URERUEG, because of the increased 
the body. To choose a site for an arterial blood draw, opportunity for infection and potential for contamina- 
the health-care professional must palpate until the tion of the specimen with the additional fluids. If the 
pulse is felt strongly. The site needs to be cleansed edema is widespread, the medical aeplstant ae? need 
thoroughly, and the specimen needs to be drawn into *0 apply gentle pressure to the site until the edema Is 
a special heparinized syringe designed for this type of displaced, then perform the venipuncture as quickly as 
collection. A cup of wet ice also needs to be on hand, possible. If this is not successful and alternative sites are 
as the sample needs to be placed on ice immediately not obvious, the phlebotomist or medical assistant who 
after the draw is complete. is drawing the specimen should notify the physician. 








Capillary collection procedures are often not an option 
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when edema is present because of the excessive amount 
of fluid contamination. 





Test Your Knowledge 8-7 


Why is it important to avoid edematous areas when 
performing venipunctures? (Outcome 8-7) 





Obese Patients 


Excessive body fat can make venipuncture very challeng- 
ing. It may be very difficult to palpate veins in obese 
patients, and sometimes it is even necessary to use longer 
than normal needles to successfully reach the veins 
under the surface of the skin. Obese patients may be 
quite apprehensive about the blood draw process because 
of past experiences with unsuccessful venipunctures. The 
anxious attitude may make it even more difficult to carry 
out a successful blood draw. If the patient suggests a site 
where others have had success, it is best to attempt this 
site if there are no other prominent veins. Adipose tissue 
may also be displaced in some situations by applying 
gentle pressure with the fingers to “move” the tissue out 
of the way until the draw site has been established. 


VENIPUNCTURE EQUIPMENT 





There are various methods used to obtain blood from a 
vein. Each type of blood draw requires unique supplies 
and procedures. Blood may be withdrawn from a vein 
using the evacuated tube system, the syringe system, or 
the butterfly method. Regardless of the method chosen, 
tourniquets, gloves, sharps containers, alcohol and gauze 
pads, needles, and adhesive materials to be applied after 
the blood draw are necessary for the process. 


Tourniquets 


A tourniquet is a flexible band that is placed around 
the arm of the patient to make the veins more promi- 
nent. Most tourniquets found on the market today are 
stretchy and made of a nonlatex material. They are 
approximately 1 in. wide, and approximately 15 in. in 
length. Tourniquets are designed to apply pressure, 
which causes distention of the veins. The tourniquet 
must be placed approximately 3 in. above the site to be 
used for venipuncture. If it is placed closer, the ends 
of the tourniquet may interfere with the procedure. 
Remember, tourniquets are only a tool to help the vein 
to become more visible; there are times when it is not 
necessary to use a tourniquet, and some laboratory 





tests prohibit the use of a tourniquet for the specimen 
collection. 

Tourniquets should not be applied too tightly; this can 
cause pain for the patient, and may cause hemoconcen- 
tration in the veins because of the restricted blood flow. 
Hemoconcentration occurs when excessive pressure builds 
up in the veins below the tourniquet application site. The 
increased pressure in the veins will force water and small 
molecules out of the vessels into the surrounding tissues. 
Larger formed elements and molecules will remain in the 
venous blood, and become more concentrated. White 
blood cells, red blood cells, platelets, calcium, cholesterol, 
triglycerides, and bilirubin levels may all be affected by 
this venous concentration. Tourniquets that are left on for 
more than a minute may also cause hemoconcentration; 
therefore, the phlebotomist needs to remain aware of this 
as the venipuncture site is prepared. Extended tourniquet 
application time may also cause pain for the patient. 

When applying a tourniquet, keep in mind that it 
should be applied in a way that it can easily be released 
with one hand. Tourniquets do not need to be applied to 
bare skin; they can be applied over the sleeve. Open 
wounds, scars, and bruises should be avoided when 
applying the tourniquet. Some tourniquets are dispos- 
able, and these should be discarded after each use. 
Others are designed to be used for multiple patients, and 
should be disinfected at least daily, and discarded if they 
are visibly soiled or lose elasticity. 


Gloves 


The Occupational Safety and Health Administration 
(OSHA) regulations designed to protect health-care em- 
ployees specify that gloves are to be worn when collect- 
ing blood. After a blood draw, the gloves are removed, 
and the employee must sanitize his or her hands. For 
effective palpation and dexterity during the collection 
process, gloves should fit snugly. Except in very specific 
circumstances, it is not necessary for the gloves used for 
phlebotomy to be sterile. Most health-care settings no 
longer use latex gloves, due to the increase in latex 
sensitivity issues. A common substitute for latex gloves, 
nitrile gloves work well for phlebotomy. Vinyl gloves 
may also be worn, but they are not advised in all situa- 
tions because of their tendency to break down when 
exposed to certain chemicals. 


Sharps Biohazardous Waste Containers 


A sharp is anything that has been exposed to blood (or 
other potentially infectious materials) that has corners, 
edges, or sharp projections that are capable of cutting or 
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piercing the skin. In venipuncture, sharps include 
needles and capillary puncture devices. Glass slides may 
also be classified as sharps because they have sharp cor- 
ners that may be hazardous. Sharps must be disposed of 
in a waste container that is specifically designed to be 
puncture resistant, leakproof on the sides and bottom, 
and labeled as biohazardous waste. These containers 
should be placed close to the site where the venipuncture 
is performed so that contaminated sharps may be dis- 
posed of immediately. Sharps waste containers come in 
various sizes, and should never be overfilled. If a sharps 
container is filled past the marked fill line, it is possible 
for injury to occur when an employee adds contami- 
nated sharps to the container. 


Alcohol and Gauze Pads 


Seventy percent isopropyl alcohol is generally used for 
cleaning the venipuncture site. It may be applied by 
using a presoaked commercial square that is individually 
wrapped and packaged. Alcohol may also be applied by 
using a gauze pad that has been saturated just prior to 
use. Isopropyl alcohol is an effective antiseptic that can 
help to eliminate most transient and surface resident 
bacteria from the venipuncture site. The alcohol used to 
cleanse the site must be allowed to dry completely before 
the procedure is performed. If liquid alcohol is still pres- 
ent when the needle is inserted, it can cause a stinging 
sensation and irritation to the skin and/or the vein. 
Alcohol may also cause hemolysis of the red blood cells 
if it is introduced into the specimen. 

When additional cleanliness is essential during 
the collection process (such as when blood cultures or 
arterial punctures are ordered), iodine or chlorhexidine 
gluconate may be used. Chlorhexidine gluconate is 
ideal for those who are allergic to iodine. Procedures 
used for drawing blood cultures are presented in more 
detail in Chapter 10. 

Clean 2 x 2 gauze squares are recommended for 
venipuncture procedures. The gauze is applied after the 
needle has been removed from the arm and the collec- 
tion is completed. Cotton balls should not be used 
because their excess fibers tend to stick to the wound and 
can cause bleeding to recur when the cotton ball is 
removed later. 





Test Your Knowledge! 8-8 


List three items that are needed for all venipuncture 
procedures, regardless of which technique used. 
(Outcome 8-8) 





Needles 


Needles used to withdraw blood are always disposable 
and used only once. They are generally 1 to 1.5 in. in 
length. Figure 8-6 describes the different parts of a 
needle. The slanted part of the needle that creates the 
sharp tip is called the bevel. This slant helps the needle 
to enter the skin with a minimum amount of trauma and 
pain. There is a hole in the bevel where the blood enters 
the interior hollow portion of the needle, called the 
lumen. The gauge of the needle refers to the diameter of 
the lumen: the larger the needle, the smaller the number 
used to describe the gauge. Needles used for venipunc- 
ture are generally 20 to 23 gauge. Needles that are 
smaller than 23 gauge will cause hemolysis (breaking of 
the red blood cells with release of hemoglobin) as the 
blood cells are broken when they enter the small hollow 
cylinder that forms the lumen. Conversely, if the needle 
used is too large, hemolysis may also result because of the 
force at which the blood enters the tube or syringe 
through the large opening. 

When removing the cap from a needle to prepare for 
venipuncture, it is important to inspect the needle for any 
defects such as burrs or a blunt tip. If there are problems 
present, the needle must be discarded immediately into a 
sharps container and a new one used for the procedure. 

Needles used for the evacuated tube system are also 
known as multi-sample needles. They have sharp tips 
at both ends; the end with the beveled tip is designed 
to be inserted into the vein; the shorter, blunt tip at the 
opposite end is covered with a rubberized sleeve. The 
needle is designed to be screwed into a hard plastic 


holder that holds the tube and the needle. The needle 


Hub Shaft 


Point 





Bevel 


Figure 8-6 Identification of the different parts of a needle. 
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or the holder must be equipped with a safety device to 
protect the employee upon completion of the blood 
draw. A multi-sample needle and holder are shown in 
Figure 8-7. 

When performing venipuncture utilizing the sy- 
ringe system, a needle of similar length and gauge as 
that for the evacuated tube method is used (Fig. 8-8). 
These needles are designed to screw directly onto the 
syringe, so the needle only has one pointed end; the 
other end has a hub that attaches directly to the sy- 
ringe. The needles or the syringe must be equipped 
with a safety device to protect the employee after the 
blood draw is completed. Examples of safety mecha- 
nisms include a cover that is pushed over the needle 
and locked in place after the draw, or a retractable 
needle that moves back into the syringe once the 
specimen is obtained. 

The butterfly system, or winged infusion system, 
consists of a short needle with “wings” (Fig. 8-9). When 
used for venipuncture, the needle is generally 23 gauge, 
and is attached to a piece of plastic tubing that is approx- 
imately 12 in. long. The wings are held by the fingers 
while the needle is inserted into the vein. Butterfly nee- 
dles are used for fragile veins (such as those in the hand) 
or pediatric draws. The butterfly tubing may be attached 
directly to a syringe, or an adapter may be used to attach 
the butterfly setup to a plastic evacuated tube holder. 
Proper activation of the safety devices included with the 
butterfly system is critical, as there are more accidental 
needlesticks attributed to the use of butterflies than there 
are in either of the other two systems. 


Safety device 





Tube advancement Evacuated 
mark tube holder 


Figure 8-7 Multi-sample needle and holder with identifi- 
cation of parts. 





Barrel Needle hub Shaft 


Plunger 





Luer lock tip Bevel 


Figure 8-8 Syringe with identification of the various parts. 


Test Your Knowledge 8-9 


Are the needles used for all venipuncture techniques 
the same? (Outcome 8-8) 





Safety needles are required for all methods of 
venipuncture. The various safety devices are designed to 
be easily activated, using either a needle that withdraws 
into the device while still in the skin, or one hand acti- 
vation of the safety device. Figure 8-10 shows various 
safety devices for evacuated tube systems, syringe nee- 
dles, and butterfly needles. It is essential that the medical 
assistant performing venipuncture become comfortable 





Butterfly assembly. 


Figure 8-9 
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Figure 8-10 Safety devices for use with the evacuated 
tube system and syringe draws. 


with the safety devices available to him or her so that the 
device can be activated quickly and safely for protection. 


Additional Supplies 


Blood spill cleanup supplies should be available near 
every phlebotomy station, and staff should be trained 
regularly on their use. In addition, because every tube 
should be identified while in the presence of the patient, 
it is important to have at least one functional pen avail- 
able to identify the tube and document the blood draw 
information on the requisition. It is also necessary to 
have backup tubes and needles within reach for use 
when the procedure does not go as planned. 


METHODS USED FOR VENIPUNCTURE 





Evacuated Tube System 


The most common and most efficient method of 
performing venipuncture is the use of the evacuated tube 
system. As described earlier in the chapter, blood is col- 
lected directly into an evacuated tube through a needle 
that has two pointed ends. This method is advantageous 
because there is no need to transfer the blood from one 
container to another after the draw, and also because 
multiple tubes of blood may easily and quickly be drawn 
with one skin puncture. The needle to be used with the 
evacuated tube system is screwed into an evacuated tube 
holder that is made of semirigid plastic. These tube hold- 
ers are designed to be used only once; if the medical 
assistant tries to use them more than once, the needle 
may not screw in securely. The rubber cover covering the 
shorter, posterior end of the needle is pushed back to 
expose the sharp needle as the evacuated tube is pushed 
on during the blood draw. Evacuated tubes have the air 


removed to create a vacuum, so as soon as the tube cap 
is pierced with the needle, the blood is pulled into the 
tube. When the blood draw is complete, the safety 
device for the needle must be activated, and the evacu- 
ated tube holder with the needle attached must be dis- 
posed of directly into a biohazardous sharps container. 
The plastic evacuated tube holder has flared sections at 
the bottom, which are known as flanges. These are de- 
signed to be pushed against as the medical assistant 
changes tubes during the blood draw process. The flanges 
help to keep the venipuncture setup stable during the 
process of drawing blood. There is also a line marked on 
the tube holder; this is a “safe” mark that shows how far 
the tubes can be advanced into the holder before the vac- 
uum will be affected. Some health-care personnel prefer to 
advance the tube to this mark before they begin the blood 
draw process, whereas others do not. If the tube is ad- 
vanced past this mark, the vacuum will be affected and the 
tube may not fill as desired once the needle is in the vein. 


Syringe Method 


Health-care personnel may prefer to use the syringe 
method for venipuncture in patients having small or frag- 
ile veins. Use of a syringe to withdraw blood allows for 
more control of the vacuum used to withdraw blood from 
the vein, as the individual performing the venipuncture 
can control the speed and force used to pull on the 
plunger of the syringe. Syringe draws also allow the person 
performing the venipuncture to see the blood in the hub 
of the needle as the vein is entered, which can be reassur- 
ing when attempting a blood draw on a vein that is diffi- 
cult to palpate or locate. This return of blood into the hub 
of the needle is called a “flash” of blood. 

Syringes are made of a hollow plastic barrel with 
graduated measurements in cubic centimeters (cc) or 
milliliters (mL) printed on the side. Inside the barrel of 
the syringe is a plunger that is designed to fit tightly 
enough to create suction when the plunger is pulled 
backward. The sizes of syringes used for venipuncture 
may vary from 3 mL to 20 mL, with 5-mL or 10-mL 
syringes most commonly used. Any size needle may be 
attached to the syringe, but 20- to 23-gauge, 1-in. 
needles are most commonly utilized for venipuncture. 
Safety devices for the blood draw may be attached to the 
needle, or the syringe may be safety enabled. 

One disadvantage of using syringes for venipuncture 
is that the blood must be transferred into tubes for 
further processing and testing after the blood draw. This 
must occur quickly so that the blood does not clot in the 
syringe. Transfer devices should be used to add the blood 
from the syringe to the necessary tubes (Fig. 8-11). 
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Transfer device. 


Figure 8-11 


Because the amount of blood obtained with one 
venipuncture is limited to the size of the syringe used, 
this must be taken into consideration before choosing 
the syringe method for blood collection. It may not be 
advantageous to use a syringe when there is an order that 
requires more than 10 mL of blood, as the sample may 
clot in the syringe before it can be successfully trans- 
ferred to the correct blood tubes. 


Winged Infusion or Butterfly Method 


Winged infusion sets (also known as butterfly systems) 
are made up of a beveled needle that is attached to a length 
of tubing with a luer adapter on the opposite end. Just 
below the needle on the butterfly system are two “wings” 
that are made of hard plastic. The medical assistant will 
grasp these wings and use them to guide the insertion of 
the needle into the vein. Butterfly systems are often used 
for venipuncture in patients having very fragile veins, such 
as those in the hands. They are also used for many pediatric 
blood draws, small fragile veins in areas other than the 
hand, and sometimes for uncooperative patients. Butterfly 
sets are preferred in these situations because the needle can 
be maneuvered easily to gain venous access because of its 
decreased length. The angle used to enter the vein is 
smaller when using a butterfly setup. This can be especially 
important when attempting a blood draw from a superfi- 
cial small vein, such as those in children. The attached 
flexible tubing allows for multiple tubes to be collected 
without danger of moving the needle in the vein. Butterfly 
systems may be used directly with evacuated tubes 
(utilizing a Luer adapter for this purpose), or they may be 
attached to a syringe when there is a desire to use very 
gentle pressure during the blood draw. 

Venipuncture with a butterfly system has a higher risk 
of an accidental needlestick if the safety device is not 
activated properly before the medical assistant attempts 





POINT OF INTEREST 8-3 


» 4a Minimizing risks for employees 


and patients while collecting samples 





The collection of blood samples is a very important 
part of the laboratory testing process. It is important 
to remember that safety precautions must be followed 
at all times to protect both the employee and the 
patient. The appropriate personal protective equip- 
ment will offer a layer of protection for the employee, 
but safety does not stop there. It is very important to 
follow instructions for the use and activation of all 
safety devices in order for them to provide protection. 
It is also important to focus your full attention on the 
task at hand when performing invasive procedures; it 
only takes a moment of inattention to provide an 
opportunity for bloodborne pathogen exposure. 

Patient safety is also very important. Invasive 
procedures can be very traumatic for some patients 
because of prior experiences or fear of the unknown. 
Use of phlebotomy chairs with padded support on 
the arms and across the chest will help to keep the 
patient comfortable and safe during the process. 
Careful observation of the patient’s response to the 
invasive procedure will help the employee anticipate 
fainting or other adverse reactions. All patients 
should be treated with compassion and care, and the 
collection process should be completed as quickly 
and efficiently as possible. 











to process the specimen after the blood draw. Becton, 
Dickinson has a product with a push-button activation 
that withdraws the needle into a plastic reservoir before 
it is removed from the skin. Other products require acti- 
vation of the safety device after the needle is removed 
from the patient, and it is imperative that the health-care 
professional performing the venipuncture follow direc- 
tions for activation to avoid potential bloodborne 
pathogen exposure. 


BLOOD COLLECTION TUBES 





Evacuated tubes used for blood collection are available in 
several sizes, and are made of plastic with rubberized 
stoppers. (Glass collection tubes may still be available, 
but they are not recommended due to the potential for 
breakage and blood exposure for health-care personnel.) 
Evacuated tubes vary by diameter, length, and the addi- 
tives present in the tubes. They are each designed to hold 
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a specific amount of blood and vary from 2-mL tubes 
that may be used for pediatric or geriatric blood draws, 
to 15-mL tubes that are used when a high volume of 
blood is necessary for a particular assay. The medical 
assistant or phlebotomist drawing the blood will choose 
the tube size according to the age of the patient, the 
integrity of the vein, and the amount of blood needed 
for the test ordered. The different colors used for the 
stoppers are coded according to the additive contained 
within the tube. 

These tubes are evacuated because the air within the 
tube has been removed to create a vacuum. This vacuum 
has been artificially created and calibrated by the manu- 
facturer so that a very specific amount of blood will be 
drawn into the tube. The tube will never fill completely 
to the top, as they are not calibrated to hold that volume 
of blood. As long as the vacuum is still present within the 
tube, blood will continue to flow. If there has been a loss 
of vacuum in the evacuated tube, blood will not enter 
the tube, or it will fill incompletely. This is known as a 
short draw and often will require the specimen to be 
redrawn. Short draws are sometimes caused by dropping 
a tube prior to the venipuncture, pushing the tube too 
far onto the double-ended needle used for evacuated 
tube draws prior to the blood collection, or by acciden- 
tally pulling the needle out of the vein during the 
venipuncture process. 

All blood tubes have an expiration printed on the 
label. There is an expectation that the vacuum 
and additives in the tube will function as expected 
until this date. The health-care worker who performs 
the blood draw is responsible for checking the expira- 
tion date on all tubes before they are used, and at the 
same time examining the tube for any obvious defects 
or breaks. Any tubes that are near expiration should 
be removed from the shelves before the printed date 
has passed. 





Test Your Knowledge 8-10 


Why are tubes used for blood collection called vacuum 
tubes? (Outcome 8-8) 





Color Coding of Tubes 


Evacuated tubes are all sealed with a colored stopper. 
These closures are made of rubber and/or plastic and are 
designed to ensure the vacuum within the tube and pro- 
vide a barrier to the blood once the tube is filled. Some 
tubes available on the market have a rubber stopper with 
an outside plastic cap of the same color. The plastic cap 


provides protection for the employee when opening the 
tube, because the additional plastic cap hangs over the 
outside of the tube and forms a barrier to any aerosol 
formation from the blood in the tube. An example of 
this type of tube is the Hemogard tube, manufactured by 
Becton, Dickinson. See Figure 8-12 for an example of 
the Hemogard tube. 

The stopper colors on evacuated tubes are color coded 
and used to indicate whether additives are present in the 
tubes, and if so, what types are present. Additives may 
function as anticoagulants, or clot activators. The addi- 
tives may sometimes serve as preservatives of the integrity 
of the specimen. Anticoagulants will keep the blood from 
clotting in the tube so that the cells remain suspended in 
the plasma. Without the addition of anticoagulants, the 
blood will begin to clot in the tube immediately, and a 
visible solid clot will form within an hour. Clot activators, 
such as glass beads or silicone, are designed to speed up 
the clotting process so that the blood can be spun in the 
centrifuge within a shorter period of time after collection. 
Tubes may also contain a thixotropic separating gel that 
is designed to form a barrier between the blood cells and 
the liquid portion of the blood after it is centrifuged. The 
gel in these serum separator tubes (SST) or plasma sep- 
arator tubes (PST) is in the bottom of the tube when the 
blood is collected, but as the tube is centrifuged, the cells 
move to the bottom of the tube and the gel travels up in 
the tube to form a barrier between the cells and 
the liquid. Figure 8-13 shows how the gel separates the 
sample after centrifugation. 

The colors used for tube stoppers are similar from 
brand to brand, providing a uniform reference for the 
different types of additives. The type of anticoagulant 
present in the tube is printed on the label, along with 
the expiration date and the blood volume for the 





Figure 8-12 Vacuum tubes with Hemogard caps presented 
in the appropriate order of draw. 
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Figure 8-13 The tube on the left shows whole blood before 
centrifugation. The tube in the middle shows plasma sitting on 
top of clotted blood cells. The tube on the right is a tube with 
serum separator gel that has been spun in a centrifuge and 
shows serum sitting on top of clotted blood cells. Reprinted 
with permission from Eagle S, Brassington C, Dailey C, and 
Goretti C: The Professional Medical Assistant: An Integrative, 
Teamwork-Based Approach. Philadelphia: FA Davis, 2009. 


tube. When using reference materials (such as laboratory 
requisition forms or laboratory directories) the specimen 
collection instructions will reference the stopper color 
needed for the test ordered or the additive present in the 
tubes. Each laboratory may have different tube require- 
ments for a given test based on its testing methodology, 
so it is always best to verify the necessary tube before 
drawing the blood. 





Test Your Knowledge 8-11 


What is the significance of the different stopper colors 
used for the vacuum tubes? (Outcome 8-10) 





Types of Additives 


Types of anticoagulants and/or additives present in the 
most common evacuated tubes are listed here with their 
respective color stoppers and summarized in Table 8-1. 


¢ Yellow: Sterile tubes used for blood cultures. There are 
also specific yellow top tubes that contain a red blood 
cell preservative called acid citrate dextrose (ACD), 
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and these are used for special blood bank procedures. 
The sterile yellow tubes for blood cultures are by far 
more common. 

Light blue: Contains sodium citrate as an anticoagu- 
lant. Light blue top tubes are primarily used for coag- 
ulation studies. The ratio of blood to anticoagulant 
is critical for these tubes and they must always be 
filled completely to prevent potential dilution and 
erroneous results. 

Red: Glass red top tubes are sterile and contain no 
additives. Plastic red top tubes contain a clot activator. 
Red top tubes are used for a variety of tests in which 
serum is the preferred specimen. 

Red/gray (tiger top) or gold: Contains a silica clot 
activator that increases platelet activity and decreases 
the time necessary for a clot to form in the tube. Also 
contains thixotropic gel that separates the cells from 
the serum when the specimen is centrifuged. Used 
for chemistry and immunology testing in which serum 
is the preferred specimen. 

Black: Special tubes used only for Westergren 
sedimentation rates. Contain sodium citrate, but in a 
different concentration (blood to anticoagulant liquid 
4:1) than the light blue top tubes. These tubes are not 
to be used for coagulation studies. 

Green: Contains heparin combined with sodium, 
lithium, or ammonium as an anticoagulant. These 
tubes are preferred for chemistry tests in which plasma 
is suitable for testing and the results must be obtained 
quickly, as the specimen does not need to clot before 
the sample may be spun in the centrifuge. Light green 
Hemogard tubes and those with green and black 
mottled stoppers contain thixotropic gel in addition to 
the anticoagulant, which separates the plasma from the 
cells after centrifugation. 

Gray: Contains sodium fluoride, which acts as a 
glucose preservative (called an antiglycolytic agent) 
keeping the glucose levels stable in the specimen for a 
period of time after collection. Also contains an 
anticoagulant; either potassium oxalate or sodium 
EDTA. Gray top tubes are not appropriate for general 
chemistry testing, but are used for glucose testing, as 
well as blood alcohol determinations. 

Lavender: Contains potassium EDTA (dipotassium 
ethylenediaminetetraacetic acid) as the anticoagulant. 
Prevents the use of calcium in the clotting process to 
prevent blood clotting and keep the blood cells 
suspended in plasma. Lavender top tubes are used for 
hematology testing because this preservative preserves 
the integrity and shape of the individual cells better 
than any of the other anticoagulants. 
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TABLE 8-1 


Table of common tube colors and additives 








Tube Stopper Color Additives 

Red top None 

Tiger top/ Clot activators/thixotropic gel 
speckled top/ 
gold top 

Green top Heparin 





Mint green top Heparin and thixotropic gel 





Sodium citrate 
Potassium EDTA 


Sodium fluoride 
and potassium oxalate 


Light blue top 





Lavender top 





Gray top 








ORDER OF DRAW FOR VENIPUNCTURE 





The Clinical and Laboratory Standards Institute (formerly 
known as NCCLS) has recommended a specific order of 
draw for venipuncture specimens using the evacuated tube 
system, syringe collection method, or butterfly draws. 
There is a different recommended order of draw for capil- 
lary specimens. These recommendations were developed 
because of potential problems with additive carryover 
from one evacuated tube to another. Reports showed 
significant increases in potassium and some other analytes 
when a lavender top tube (containing potassium EDTA 
for an anticoagulant) was drawn just prior to the tube used 
for chemistry testing. Other potential carryover issues 
were also identified. 





Test Your Knowledge 8-12 


Why is the order of draw so important? 
(Outcome 8-11) 





The recommended order of draw for the six most 
commonly used tubes: 


1. Blood culture specimens: These may be yellow top 
tubes or a set of bottles used for blood cultures. They 
must be drawn first to avoid potential for contamina- 
tion of the draw site. 

2. Light blue top citrate tube: This tube is primarily 
used for coagulation studies, so it is important that ad- 
ditive crossover is avoided because of potential interac- 
tions. Previous recommendations always called for a 
red top tube to be drawn before the light blue top 
tube, but with the current CLSI recommendations, 


this is no longer necessary. An exception is when a but- 
terfly system is used to draw a light blue top tube; in 
this case, a red top tube is used as a “clear” tube because 
of the excessive air present in the tubing of the butter- 
fly. The blue top tubes must be filled as far as the vac- 
uum allows, and if the excess air from the tubing is in- 
troduced into the light blue top tube, the tube will not 
fill adequately. 

3. Red top, tiger top, or gold top tubes with or with- 
out clot activator: These tubes are used when serum 
is the specimen of choice. 

4, Green top tubes: These are both tubes that have gel 
separator and tubes that do not. They may be mint 
green or dark green. These are to be drawn before the 
EDTA tubes to reduce the risk of crossover that may 
increase the potassium levels when analyzed. 

5. Lavender top tubes: These have potassium EDTA as 
the anticoagulant, and are primarily used for whole 
blood testing. 

6. Gray top tubes: Gray top tubes are used for glucose 
testing, as well as a few other tests. They need to be 
drawn after the EDTA tubes because the additives 
present in the gray top tube could cause abnormal 
changes in the red blood cells to be analyzed if there 
is crossover. The gray top tube must be drawn after 
the tubes used for other chemistry testing, because 
the potassium oxalate present in the gray top tube 
could cause falsely elevated potassium results if the 
specimens were contaminated by the anticoagulant 
and this test was to be performed on the sample. 


CAPILLARY PUNCTURES 





Most blood collections are performed by puncturing a 
vein. However, there are times when a capillary punc- 
ture is a more appropriate method. During a capillary 
puncture, an incision is made in through the skin, which 
passes through the epidermis into the dermal layer. It is 
critical that the puncture reaches the dermal layer, as this 
is where the blood supply exists. Remember, the blood 
present in the capillary beds of the body is a mixture of 
venous and arterial blood. There is actually more arterial 
blood represented because of the increased arterial pres- 
sure forcing this blood into the capillary vessels. Because 
of the way that the skin layers are punctured, capillary 
samples may also include additional fluid from the space 
between the tissues and cells surrounding the capillary 
vessels. This is why it is very important to document the 
source of the blood specimen when collecting a capillary 
sample, as the reference ranges will be different from 
those used for venous blood. 
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Test Your Knowledge 8-13 


Why is it important to document that a sample was 
capillary rather than venous? (Outcome 8-13) 





Capillary samples are never appropriate when the 
test ordered requires a large amount of blood, or if 
there are problems with the circulation for the patient. 
This technique should also be avoided if the patient has 
edema, as the excessive fluid may dilute the sample and 
cause erroneous results. CLIA-waived tests require very 
little blood, so capillary punctures are often performed 
for these tests. Some patients who are undergoing can- 
cer treatment or dialysis may be better suited for capil- 
lary blood draws to allow their blood levels to remain 
stable. Capillary punctures are also appropriate for 
most children, some geriatric patients with fragile 
veins, and infants. 

Capillary punctures should always be performed us- 
ing retractable nonreusable lancets for the safety of the 
patient and the employee performing the puncture. 
These devices are calibrated to provide a uniform depth 
for the puncture, and they lock in place once the punc- 
ture has occurred so that they cannot be reactivated. 
The devices used for capillary punctures are color coded 
according to the depth of the blade. They vary from 
those used for infants, which must be less than 2.0 mm 
(to avoid potentially touching bone), to adult depths up 
to 3 mm, primarily used for finger punctures. Lancet 
devices that may be used for home testing or perhaps for 
an individual CLIA-waived test procedure usually will 
not provide a puncture that is feasible for collecting 
enough blood to fill a microtube for analysis. All punc- 
ture devices must be disposed of in a biohazardous 
sharps container. 

During a venipuncture, a tourniquet is used to aid 
in the palpation and visualization of an appropriate 
draw site. Capillary draws do not require the use of 
a tourniquet, but it is very important that the site to 
be used is as warm as possible to help increase the 
blood circulation. This may be accomplished by 
soaking the appendage in warm (not hot) water; by 
using a warm, wet compress; or with use of a commer- 
cial hand warmer held on the skin until it is warm to 
the touch. 

The capillary puncture also requires the use of clean 
gauze (usually at least two sets), 70% isopropyl alcohol 
to clean the site, and a bandage to be used after the 
puncture. The employee who is performing the capillary 
puncture should also prepare the site under the patients 


hand or foot by draping the area with an absorbent cloth 
or sheet to absorb any excess blood. 

Capillary samples may be collected in various ways. 
Microcollection tubes may be utilized, which are 
smaller versions of the evacuated tubes used for 
venipuncture. These tubes are color coded in a way 
similar to the evacuated tubes, and many contain anti- 
coagulants or other additives. Capillary tubes may 
also be used, especially for hematocrit testing. Capil- 
lary tubes are long, thin, hollow tubes designed to 
hold blood. The tubes are held horizontally with one 
end touching the drop of blood created by the capil- 
lary puncture. The tube fills with blood via capillary 
action. These tubes may be made of glass or plastic. 
They may be coated internally with heparin to keep 
the blood from clotting as it is collected, in which case 
the tube will have a red ring around it. Other capillary 
tubes do not include anticoagulant, and these plain 
tubes will have a blue ring around their diameter. 
Capillary tubes may also be part of a microcollection 
container setup, where the capillary action pulls the 
blood into the container. Figure 8-14 includes exam- 
ples of devices used for capillary punctures. 


Order of Draw for Capillary Puncture 


The order of draw for the various microcollection con- 
tainers using a capillary technique is different from the 
order used for venipuncture. The order is not the same 
because the capillary blood clots faster than the blood 
taken from a vein and because the potential for carryover 





Figure 8-14 Devices used for capillary punctures. 
Reprinted with permission from Eagle S, Brassington C, 
Dailey C, and Goretti C: The Professional Medical 
Assistant: An Integrative, Teamwork-Based Approach. 
Philadelphia: FA Davis, 2009. 
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is not as high. For capillary draws, the order of draw is as 
follows: 


1 


. Lavender (EDTA) tubes are filled first. It is impera- 


tive that these are well mixed during the process to 
avoid blood clot formation. 

. Other additive tubes, such as green top tubes or 
those with heparin and thixotropic gel, are collected 
next. Microcollection tubes are not used for coagula- 
tion studies, so there are no sodium citrate tubes to 
be filled. 

. Nonadditive tubes are drawn last, and will usually 
clot within 6 or 7 minutes. 





rc 


+ 


Test Your Knowledge 8-14 


Is the order of draw the same for capillary draws as it is 


for venipuncture specimens? (Outcome 8-11) 
4 











. 4a POINT OF INTEREST 8-4 

Waste reduction considerations 
Unfortunately, specimen collection generates a lot of 
waste. Current practice prohibits reusing most items 
that are exposed to bloodborne pathogens because of 
the danger of exposure for subsequent patients. The 
contaminated waste must be disposed of and 
processed appropriately by a licensed biohazardous 
waste handler. The waste is packaged according to 
federal specifications, transported in a standardized 
manner, and finally incinerated. 

However, not all the waste in the laboratory 
setting is contaminated. Lids from needles, plastic 
and paper packaging, and alcohol prep pad packages 
need to be added to the regular trash, not treated as 
biohazardous materials. Some of the packaging may 
be recyclable; this option should be employed when- 
ever possible. Any paper may include protected 
personal information and so needs to be shredded 
before disposal to protect patients’ privacy. Some 
recycling programs will process shredded paper. 

To minimize waste, do not open sterile packaging 
until you are certain that you will be using a specific 
device for specimen collection. Many phlebotomists 
will set up all the sterile supplies before they palpate 
the vein of the patient. This may be a mistake, as it 
may become apparent that a different device is 
needed for the blood draw. The sterility has been 


compromised for the devices that were set out, so 





they will all need to be discarded, in addition to the 
devices actually used for the blood draw. Become 
aware of recycling options in the laboratory setting, 
and make use of this service whenever possible. 





PREPARATION FOR BLOOD COLLECTION 





Several steps are required in the blood collection process 
prior to the actual puncture of the skin. Specific proce- 
dures are utilized regardless of the method used to collect 
the sample. These critical aspects include the following: 


¢ A professional atmosphere: A collection site where 
phlebotomy is performed should be clean, organized, 
well lit, and tidy. Many times this collection site is the 
only contact that the patient will actually have with 
the laboratory where the testing will be performed, 
and if they feel as if this is a professional environment, 
the patient will have more confidence with the testing 
process to follow. 

¢ Appropriate introductions: When first approaching 
a patient, the health-care employee must identify him- 
or herself. Proper identification should also be worn, 
such as a name tag and/or uniform so that the patient 
feels in the presence of a qualified professional for the 
procedure. 

¢ Patient identification: This is the most critical aspect 
of the collection procedure. The health-care employee 
should ask for the patient to give his or her entire 
name and birth date for verification of identification. 
This information should be checked against the requi- 
sition form for accuracy. It is important that the pa- 
tient actually says, “I am Sally Smith,” rather than the 
health-care employee asking, “Are you Sally Smith?” 
Many times patients will answer yes to such a ques- 
tion, even though they did not hear or understand the 
name given. If drawing blood from a patient in an in- 
patient setting, armbands may be used for identifica- 
tion, but in addition, the patient identity also needs to 
be verified in another way. The phlebotomist must 
document who provided the verification of the patient 
identity if it is not the patient. 

° Verification of orders and patient preparation: The 
medical assistant or phlebotomist needs to verify what 
tests were ordered before continuing with the collec- 
tion procedure. This can be accomplished by looking 
carefully at the requisition form or labels provided for 
the blood draw. The medical assistant is also responsi- 
ble to see if patients are prepared properly for the test 
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ordered; for instance, if the test is a fasting blood 
sugar, the medical assistant must ask patients if they 
have been without food and drink (except water and 
necessary medications) for 12 hours. If the preparation 
was not followed appropriately, the specimen is not to 
be drawn. When drawing blood to test for a therapeu- 
tic drug level, the medical assistant needs to ask when 
the medication was last taken, and verify if that is an 
appropriate time interval for this particular test. 
Hand sanitization: The medical assistant must wash 
his or her hands (if they are visibly soiled from a 
previous procedure) or use hand sanitizer appropri- 
ately before touching the patient. Gloves must be 
worn during the venipuncture process and should not 
be applied until the hands are totally dry. 

Site selection: The medical assistant should always 
start in the antecubital area when looking for an 
appropriate venipuncture site. The first choice is the 
median cubital vein, the second choice is the cephalic 
vein, and the last choice in this area is the basilic vein. 
The medical assistant should always check the veins 
in both arms to make the best choice. The back of 
the hand may also be used for venipuncture if there 
are no suitable sites in the antecubital area. For a 
capillary draw on an adult, the middle finger or ring 
finger is used, and part of the preparation may be 
warming the site. 

Preparation of necessary supplies: It is not possible 
to prepare fully for the venipuncture before the site se- 
lection has been performed, because the choice of 
which method to use for the blood draw will be de- 
pendent on the integrity and size of the veins to be 
used for the blood draw. Once the site selection is 
complete, the medical assistant can prepare an evacu- 
ated tube setup, a syringe for the blood draw, or a but- 
terfly setup. The tubes to be used should also be 
checked for expiration and/or defects, and laid out in 
order of draw close to the patient so that they can be 
easily reached during the procedure. Gauze and alco- 
hol should be within reach as well. 

Supplies may vary depending on the age and gen- 
eral health of the patient. An infant usually does not 
have venipuncture performed for most laboratory 
tests. Small children may need venipuncture, but a 
smaller volume of blood may be drawn using a but- 
terfly and a 2- or 3-mL tube. Those patients who are 
over the age of 60 often present veins that collapse or 
roll easily, and due to complex health issues, it may be 
necessary to withdraw smaller volumes of blood for 
these populations. A syringe draw or butterfly setup 
will often be necessary. 
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¢ Cleansing and support of the site: Once the site has 


been selected, it must be cleaned. Seventy percent iso- 
propyl alcohol is usually used to clean the site, and it 
is applied in a circular motion with the draw site at the 
center of the circle. The alcohol must be allowed to 
dry completely before the blood draw is performed. 
The site should not be repalpated after the alcohol has 
been used. If repalpation is absolutely necessary, the 
site should be cleaned again after being touched. 

The venipuncture site should be well supported by 
using a chair that has arms or a cross support 
designed for blood-drawing procedures. It may be 
helpful to have the patient make a fist with the oppo- 
site hand and place this under the elbow, which helps 
to expose the antecubital area fully for inspection and 
offers additional support. For inpatients, the patient's 
arm should be settled on a pillow or rolled-up towel to 
help make the veins more accessible. 

Support of the site may be complicated for small 
children. It may be necessary to ask the adult who ac- 
companied the child to assist with the process by hold- 
ing the child and securing the child’s upper body for 
safety. A staff member may also be asked to assist in 
the process. The medical assistant should be ready for 
the blood draw as quickly as possible in this situation, 
and should not allow the child to see the needle for an 
excessive period of time before the venipuncture. 
Patient communication: Whenever the skin is to be 
punctured, remember to be honest with the patient 
about what will occur. Never tell a patient that the pro- 
cedure won't hurt, or chastise the patient for express- 
ing fear or discomfort with the procedure. Assure the 
patient that the procedure is necessary, and that it will 
be completed in as little time as possible. Try to adapt 
to the age of the patient by making appropriate small 
talk. Allowing the child to “blow away the pain” may 
be beneficial; the act of saying “ow” and blowing out 
may help to distract him or her from the process. 





Test Your Knowledge 8-15 


What is the most important aspect of patient preparation 
for blood collection procedures? (Outcome 8-14) 





SPECIMEN PROCESSING 





Once the blood specimen is collected, it may require fur- 
ther processing before it can be used for testing. The 
analysis may call for serum, plasma, or whole blood for 


(Text continues on page 180) 
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Procedure 8-1: Venipuncture Using the Evacuated Tube System 


The evacuated tube system is the method used most 
commonly for obtaining blood. It is fast and relatively 
safe, and allows for multiple tubes to be filled with one 
invasive procedure. 


TASK 


Successfully perform a venipuncture using the evacu- 
ated tube system. The process must be completed 
within 5 minutes. 


CONDITIONS 
Hand-washing supplies and/or alcohol-based hand 


sanitizer 

Disposable gloves 

Tourniquet 

70% isopropyl alcohol 

Double-pointed multi-sample needle 

Evacuated tube holder 

Laboratory requisition form or labels with specified 
test 

Evacuated tubes 

2 x 2 gauze pads 


e Adhesive bandage or wrap 

¢ Test tube rack 

¢ Biohazardous sharps container 
¢ Biohazardous disposal bag 


CAAHEP/ABHES STANDARDS 





ay CAAHEP Standards 


I.P.I.2; Perform Venipuncture 1.A..1: Apply critical 
thinking skills in performing patient assessment 
and care IILP.lII.3: Select appropriate barrier/personal 
protective equipment (PPE) for potentially infectious 
situations 


@®. 
@ ABHES Standards 
¢ Medical Office Laboratory Procedures: Collect, label 


and process specimens: Perform venipuncture 
Medical Office Clinical Procedures: Apply principles 
of aseptic techniques and infection control 

Medical Office Clinical Procedures: Use Standard 
Precautions 





Procedure 


1. Gather the requisition form and/or labels for the 
blood draw, and greet the patient. Identify your- 
self appropriately. 


2. Wash hands (if they are visibly soiled) or apply 
hand sanitizer. Allow hands to dry completely. 


3. Verify the identity of the patient by asking for his 
or her name and at least one other unique identi- 
fier (such as the patient’s birth date). Compare this 
information to the requisition form or labels. 


4, Verify whether dietary restrictions were followed, 
and time of last medication dose, if needed. 


5. Have the patient sit in the phlebotomy chair with 
appropriate arm support, and extend his or her 
arm to expose the antecubital area. 





Rationale 


The requisition or labels are necessary to collect the 
correct type of specimen. It is always correct 
practice to identify yourself to the patient. 


Clean hands stop the spread of infection. Hands 
should be completely dry before attempting to 
apply gloves, or it will be difficult to put the gloves 
on the wet hands. 


Patient identification must always be verified using at 
least two unique factors. 


Many laboratory tests require fasting specimens or 
other dietary restrictions. Drug dosage times are es- 
pecially important for appropriate interpretation of 
the laboratory results. 


The arm should be supported for the venipuncture 
process, and the antecubital area will be the first area 
that is considered for the blood draw. 





40 days.Embryonic cells 
form the placenta. 
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Procedure Rationale 





6. Apply gloves. 


7. Apply the tourniquet approximately 3 in. above 
the antecubital area (or above the wrist if a hand 
draw is necessary) and select an appropriate draw 
site using palpation. Use the tips of the ring finger 
and middle finger in a gentle probing motion as 
the antecubital area is examined. An appropriate 
vein will feel flexible and firm. Do not allow the 
tourniquet to remain on the arm for more than 
1 minute. 


8. While palpating, have the patient make a fist, but 
do not allow the patient to pump his or her hand. 


9. If an appropriate site is not identified on the first 
arm, examine the other arm. If the antecubital area 
is not appropriate on either arm, examine the back 
of the hands for other opportunities. 


10. Once an appropriate site is selected, determine the 
direction of the vein; is it running straight up and 
down or at an angle across the arm? Establish a 
visible landmark (a mole or dimple in the skin, 
etc.) for reference. 


11. Have the patient open the hand to relax the fist 
until the tourniquet is reapplied. 


12. Remove the tourniquet. 


Gloves are required for procedures in which there is 
reasonable anticipation of exposure to blood or 
other potentially infectious materials. 


The tourniquet needs to be placed high enough that it 
will not block the venipuncture site. Only blood 
vessels that can be palpated should be used for 
venipuncture; just looking at them is not sufficient. 
The thumb should never be used to feel for a vein, 
as there may be a pulse felt from the thumb that can 
be misleading. The thumb is also not as sensitive as 
the fingers. 





Pumping the hand can cause erroneous test results due 
to hemoconcentration. 


It is important to choose the best site before inserting 
the needle. If the first arm examined doesn’t 
provide a vein that is appropriate, check the other 
arm. If necessary, the back of the hands may be con- 
sidered as a blood draw site. 


The needle must be inserted in such a way that it 
follows the direction of the vein for the best chance 
of success. A landmark is helpful so that the 
chosen venipuncture site can be identified after 
cleaning the area. 


Relaxing the hand will help the blood to flow 


normally as the site is prepared. 


A tourniquet may not stay on the arm for more than 
1 minute, or hemoconcentration may result. 





Continued 
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Procedure 8-1: Venipuncture Using the Evacuated Tube System—cont’d 











Procedure 


13. Apply 70% isopropyl alcohol to the area in a 
circular motion with the draw site at the center of 
the circle. Allow the site to air-dry. 


14. As the alcohol is drying, assemble the necessary 
supplies. 

a. Choose a needle of appropriate size and attach 
it to the evacuated tube holder. Do not remove 
the cap that covers the long end of the needle 
until right before the skin is to be punctured. 


b. Arrange the necessary tubes for the tests 
ordered within easy reach of your nondomi- 
nant hand, and have them set up in the correct 
order of draw. 

c. Verify that the tubes are not expired and that 
the anticoagulant is placed away from the rub- 
ber stopper within the tube. (You may need to 
shake the tube lightly to get the anticoagulant 
to move away from the stopper.) Check for any 
obvious defects in the tubes. 


15. Verify that gauze pads and an adhesive bandage are 
within reach. Extra tubes should also be close by so 
that they can be used if necessary. 


16. Once the alcohol is dry, reapply the tourniquet. 
Do not repalpate the venipuncture site, or if 
absolutely necessary, clean the end of the gloved 
finger with alcohol before touching the site. 


17. Have the patient make a fist. 


18. Remove the cap to expose the end of the needle to 
be inserted into the arm. Do not allow this needle 
to touch anything before piercing the skin. 


Rationale 


70% isopropyl alcohol will kill most of the bacterial 
contaminants on the surface of the skin. Never blow 
or fan the site to speed up the drying process, as this 
recontaminates the clean area. 


Supplies need to be close by for ease of use and 
patient safety. 

This should always occur in the presence of the 
patient so that he or she is assured that the needle is 
sterile. The cap should not be removed until it is 
ready to be used to minimize the risk of contamina- 
tion or possible injury. Needle sizes may vary 
according to the needs of the patient and the 
policy of the facility. 

The tubes may be laid out on the counter near the pa- 
tient, or a small tube rack may work well for this 
purpose. 


Use of an expired tube may result in a loss of vacuum 
and an unsuccessful blood draw. Potential crossover 
of anticoagulant from one tube to another should be 
minimized as much as possible. Defective (such as 
cracked or chipped tubes) should be discarded im- 
mediately. 


The gauze pads and adhesive bandages need to 
be ready for use immediately when the needle is 
removed from the skin. If the phlebotomist feels 
that there may be a chance that the vacuum is 
exhausted in the first tube, using a second one 
that is nearby may allow the venipuncture to be 
successful. 


If the site is touched after cleansing, it will need to be 
cleaned again before the venipuncture can begin. 


Forming a fist may help with the visualization of the 
veins once the tourniquet is reapplied. 


Touching this needle to any surface before it pierces the 
skin will cause contamination and_ possible 
introduction of bacteria into the vein. 
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Procedure 


Rationale 


19. Stabilize the chosen vein by anchoring it with the 


It is important to stabilize the vein, but if the thumb is 





21 


thumb of the nondominant hand about 2 in. 
below the draw site, and/or off to the side. Make 
sure that the skin is pulled taut over the vein. 


20. As you prepare to pierce the skin with the needle, 


it is good practice to warn the patient by saying 
something like, “Here we go; you will feel a stick.” 


Insert the needle at an angle of approximately 
15 degrees, with the bevel up. The actual inser- 
tion site is approximately '/, to !/, inch below the 
identified draw site so that the needle is actually 
inserted into the vein at the chosen site. 


22. The needle needs to be inserted quickly, with one 


smooth gentle motion. As the insertion is accom- 
plished, follow the direction of the vein that was 
previously identified; if the vein is running at an 
angle across the arm or hand, this is how the needle 
should be directed into the vein. Approximately a 
third of the needle is usually below the surface of the 
skin when the insertion is complete. 





If the patient is not expecting the skin to be pierced, he 


If the angle is significantly less or more than 15 degrees, 


Smooth insertion minimizes the trauma to the patient. 





placed too close to the draw site, it will be in the way 
of the needle insertion and could cause interference 
with the angle used for the process and result in an 
unsuccessful blood draw. 


or she may be startled and move the arm or hand, 
causing an unsuccessful venipuncture. 


it may slide just above the vein or puncture through 
both sides of the vein rather than just entering the 
vein. The bevel facing upward allows the blood to 
enter the needle with minimal trauma. 


It is important to follow the direction of the vein as 
the needle is inserted; this allows a better opportu- 
nity for the blood to enter the needle without 
obstruction. The needle needs to be inserted far 
enough to enter the vein, but not so far that it 
punctures both sides of the vein. 





Continued 
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Procedure 8-1: Venipuncture Using the Evacuated Tube System —cont’d 











Procedure 


23. While keeping the needle firmly seated in the vein, 
push the first tube into the needle holder, with the 
label facing downward. Use the index and middle 
fingers of the nondominant hand by placing them 
on either side of the flared edge at the bottom of 
the evacuated tube holder. Place the thumb of the 
nondominant hand on the bottom of the tube, 
and squeeze or pull the thumb toward the fingers, 
pushing the tube into the holder. If the needle is 
placed appropriately in the vein, blood should 
start to enter the tube as soon as the needle has 
pierced the stopper. 


24. If only one tube is necessary for the tests ordered, 
release the tourniquet once the blood has started 
to enter the tube. If there is more than one tube 
necessary, the tourniquet may stay in place until 
the last tube has been inserted, as long as the 
length of time has not exceeded 1 minute since the 
tourniquet was applied. 


25. If it is necessary to use more than one tube for the 
blood draw, push against the flanges to remove the 
tube from the holder. Be careful not to disturb 
the needle placement as the tube is removed. Insert 
the next tube needed for the tests ordered, follow- 
ing the appropriate order of draw. 


26. As each tube with additive is removed from the 
holder, invert the tube gently at least one or two 
times. This may be accomplished while the next 
tube is filling. 


27. As the last tube is filling, ask the patient to relax 
the fist. Verify that the tourniquet has been re- 
leased, and remove the last tube from the holder. 


Rationale 


The hand used to hold the evacuated tube holder should 
rest firmly against the arm to keep the needle in place. 
If the label on the tube is facing upward, it is difficult 
to see the blood as it enters the tube. 





The tourniquet must not stay on longer than 1 minute. 
It is always necessary to release the tourniquet before 
the needle is removed from the arm to avoid bleed- 
ing from the venipuncture site and introduction of 
air into the last vacuum tube used. 


It is important to keep applying gentle pressure on the 
arm of the patient with the back of the fingers that 
are supporting the evacuated tube holder while 
removing and inserting tubes to keep the needle in 
place within the vein. It may be necessary to change 
tubes more than once when there are multiple tubes 
necessary for the tests ordered. 


Tubes with anticoagulant added must be inverted suf- 
ficiently to mix the sample with the additive or the 
blood will clot and the specimen will need to be 
redrawn. 


This is important to avoid a potential bruise or 
hematoma at the draw site, and also to avoid intro- 
duction of excess air into this last tube. 
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Procedure 


28. As the needle is removed from the skin, place 
gauze over the site without applying initial 
pressure. The needle is to be removed quickly, and 
at the same angle as the insertion. Do not apply 
pressure to the site with the gauze until the needle 
has been removed completely from the skin, as this 
will cause pain for the patient. 


29. Ask the patient to apply pressure to the site for 
3 to 5 minutes. Do not allow the patient to bend 
his or her arm. 


30. Once the needle has been removed from the arm, 
immediately activate the needle safety device and 
discard the entire setup in the biohazardous sharps 
container. Do not remove the needle from the 
evacuated tube holder before disposal. Never recap 
contaminated needles. 


Rationale 


The gauze placed over the site will minimize bleeding 
as the needle is removed. 





The pressure should be adequate to stop any bleeding 
before the patient leaves the drawing area. Bending 
the arm increases the risk for bleeding and bruise 
formation. 


The evacuated tube setup is designed to be used one 
time and discarded without removing the needle 
before disposal. Recapping contaminated needles 
increases the risk of needlestick accidents and 
potential exposure to bloodborne pathogens. 








Continued 
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Procedure 8-1: Venipuncture Using the Evacuated Tube System—cont’d 








Procedure 


31. As the patient is applying pressure to the draw 
site, gently invert the blood specimens containing 
anticoagulant 5 to 10 times. 


32. Label the tubes, including the full name of the 
patient, birth date (or other unique identifier 
assigned by the health-care provider), the date and 
time of collection, and the initials of the person 
who drew the sample. 


33. Use the requisition form or the labels to verify that 
all the necessary tubes were drawn for the speci- 
mens ordered. 





Rationale 





Insufficient mixing of the anticoagulant with the 
specimen will result in clotted blood and a sample 
that must be discarded. 


All samples must be labeled using at least two unique 
identifiers. The date and time provide additional 
information that may be necessary for interpretation 
of the results. 





Identification of the phlebotomist may be helpful if 
there are questions about the procedure or the spec- 
imens collected. 


Verifying the details of the blood draw once more in 
the presence of the patient allows for a redraw to be 
performed immediately if something is missing. 
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Procedure Rationale 

34, Observe any special handling instructions for the | Some types of specimens must remain at room temper- 
specimens. ature, whereas others may need to be put on ice 

immediately. This should be information that is 
ascertained before the procedure starts. 

35. Monitor the patient for any signs of distress from | These may include pallor, perspiration (especially on 
the procedure. the upper lip or forehead), increased anxiety, or 

light-headedness. If the patient is exhibiting any of 
these symptoms, it is best to have him or her lie 
down if possible. This may be easily accomplished if 
the patient is in a chair that can recline. If not, a 
cold compress on the forehead and/or the back of 
the neck may help. Continue to converse with the 
patient and move the blood out of sight. Ask for 
assistance if you feel that your patient is feeling 
faint. If the patient loses consciousness, it may be 
necessary to lower him or her to the floor from the 
phlebotomy chair. 

36. Once the tubes have been labeled, check the draw _It is important to look under the gauze for 2 or 3 seconds 
site for bleeding. If it has not stopped bleeding, before applying the adhesive bandage to be certain 
apply pressure for another few minutes, and if the that the site has actually stopped bleeding. 
bleeding is still present, contact a physician. 

37. If the bleeding has subsided, apply an adhesive — Self-adhesive bandages (such as Coban) may be wrapped 
bandage, but leave the gauze in place to allow for around the site rather than applying an adhesive 
additional pressure. to the skin directly. Self-adhesive bandages may be 

especially effective for those patients who are on 
anticoagulant therapy. 

38. Advise the patient to avoid heavy lifting or exces- — Heavy lifting or exercise could cause the site to resume 
sive exercise of the arm used for venipuncture for bleeding. 
at least 1 hour. 

39. Assist the patient to stand (if necessary) and thank Patients may be a bit light-headed, and assistance may 
him or her for being cooperative. be needed when he or she first stands up. 

40. Discard all trash, and place the tubes in an appro- Touching the tubes of blood without wearing gloves 
priate vessel for processing. Never touch full tubes offers potential opportunities for exposure to 
of blood without wearing gloves. bloodborne pathogens. 

41. Remove gloves and sanitize hands. Hands must always be sanitized after removing gloves. 


Continued 
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Procedure 8-1: Venipuncture Using the Evacuated Tube System—cont’d 








Procedure 


42. Document the procedure in the patient’s chart as 
well as on the requisition form. Include the date 
and time of collection, what was collected, and 
if there were any circumstances that were out of 
the ordinary. Also document where the vein was 
accessed (such as right arm, left hand, etc.), The 
documentation should include the type (color) of 
tubes drawn, as well as the identity of the person 
who collected the sample. 


Rationale 


All patient interactions must be carefully documented. 
The site used for vein access should always be writ- 
ten in the chart or on the requisition form so that if 
there are any negative outcomes associated with the 
procedure, the site has been noted. 














Date 
1118/2020: Phlebotomy performed in right antecubital area for CMP and CBC. Tiger top and lavender top tube drawn. 
1100 a.m. Connie Lieseke, CMA (AAMA) 





Procedure 8-2: Venipuncture Using a Syringe 


A syringe and needle may be used for venipuncture in 
situations in which the available veins are prone to 
move during the blood draw, or when the vein may not 
be capable of supporting the vacuum exerted from an 
evacuated tube. This may be the case if the vein is 
small, or if it lacks “bounce” when palpated. Syringe 
draws are an excellent choice in the antecubital area 
when the veins are not quite suitable for a blood draw 
using an evacuated tube system setup. 


TASK 


Successfully perform a venipuncture using a syringe. 
After the blood has been obtained, transfer it success- 
fully into the necessary tubes for analysis. The process 
must be completed within 5 minutes. 


CONDITIONS 
¢ Hand-washing supplies and/or alcohol-based hand 


sanitizer 

Disposable gloves 

Tourniquet 

70% isopropyl alcohol 

Syringe (5- to 15-mL capacity) 

21- to 23-gauge safety enabled needle 
Transfer device 





¢ Laboratory requisition form or labels with specified 
test 

e Evacuated tubes 

° 2x2 gauze pads 

e Adhesive bandage or wrap 

¢ Test tube rack 

¢ Biohazardous sharps container 

¢ Biohazardous disposal bag 


CAAHEP/ABHES STANDARDS 


CAAHEP Standards 


I.P.1.2: Perform Venipuncture LAI.1: Apply critical 
thinking skills in performing patient assessment and care 
IILP.II.3: Select appropriate barrier/personal protective 
equipment (PPE) for potentially infectious situations 


@ 
@ ABHES Standards 


¢ Medical Office Laboratory Procedures: Collect, label 
and process specimens: Perform venipuncture 

° Medical Office Clinical Procedures: Apply principles 
of aseptic techniques and infection control 

¢ Medical Office Clinical Procedures: Use Standard 
Precautions 
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Procedure 


1. Gather the requisition form and/or labels for the 
blood draw, and greet the patient. Identify yourself 
appropriately. 


2. Wash hands (if they are visibly soiled) or apply 
hand sanitizer. Allow hands to dry completely. 


3. Verify the identification of the patient by asking for 
his or her name and at least one other unique iden- 
tifier (such as the patient’s birth date). Compare 
this information to the requisition form or labels. 


4, Verify whether diet restrictions were followed, and 
time of last medication dose, if needed. 


5. Have the patient sit in the phlebotomy chair with 
appropriate arm support, and extend his or her 
arm to expose the antecubital area. 


6. Apply gloves. 


7. Apply the tourniquet approximately 3 in. above the 
antecubital area (or above the wrist if a hand draw 
is necessary) and select an appropriate draw site 
using palpation. Use the tips of the ring finger and 
middle finger in a gentle probing motion as the 
antecubital area is examined. An appropriate vein 
will feel flexible and firm. Do not allow the tourni- 
quet to remain on the arm for more than 1 minute. 


8. While palpating, have the patient make a fist, but 
do not allow the patient to pump his or her hand. 


9. If an appropriate site is not identified on the first 
arm, examine the other arm. If the antecubital area 
is not appropriate on either arm, examine the back 
of the hands for other opportunities. 


10. Once an appropriate site is selected, determine the 
direction of the vein; is it running straight up and 
down or at an angle across the arm? Establish a 
visible landmark (a mole or dimple in the skin, etc.). 
for reference. 


Rationale 


The requisition or labels are necessary to collect the 
correct type of specimen. It is always correct practice 
to identify yourself to the patient. 


Clean hands stop the spread of infection. Hands 
should be completely dry before attempting to ap- 
ply gloves, or it will be difficult to put the gloves on 
the wet hands. 


Patient identification must always be verified using at 
least two unique factors. 


Many laboratory tests require fasting specimens or 
other dietary restrictions. Drug dosage times are es- 
pecially important for appropriate interpretation of 
the laboratory results. 


The arm should be supported for the venipuncture 
process, and the antecubital area will be the first area 
that is considered for the blood draw. 


Gloves are required for procedures in which there is 
reasonable anticipation of exposure to blood or 
other potentially infectious materials. 


The tourniquet needs to be placed high enough that it 
will not block the venipuncture site. Only blood 
vessels that can be palpated should be used for 
venipuncture; just looking at them is not sufficient. 
The thumb should never be used to feel for a vein, 
as there may be a pulse felt from the thumb that can 
be misleading. The thumb is also not as sensitive as 
the fingers. 


Pumping the hand can cause erroneous results because 
of hemoconcentration. 


It is important to choose the best site before inserting 
the needle. If the first arm examined doesn't provide 
a vein that is appropriate, check the other arm. If 
necessary, the back of the hands may be considered 
as a blood draw site. 


The needle must be inserted in such a way that it fol- 
lows the direction of the vein for the best chance of 
success. A landmark is helpful so that the chosen 
venipuncture site can be identified after cleaning the 
area. 





Continued 
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Procedure 8-2: Venipuncture Using a Syringe—cont’d 








Procedure 


11. Have the patient open the hand to relax the fist 
until the tourniquet is reapplied. 


12. Remove the tourniquet. 


13. Apply 70% isopropyl alcohol to the area in a cir- 
cular motion with the draw site at the center of the 
circle. Allow the site to air-dry. 


14. As the alcohol is drying, assemble the necessary 
supplies. 

a. Open the sterile package holding the syringe 

b. Pull back and push forward the plunger of the 
syringe several times to verify whether it moves 
smoothly. Be certain that the plunger is pushed 
forward as far as it goes before continuing with 
the process. 

c. Remove the needle from the sterile wrapper. 
Do not take off the cap covering the end of 
the needle until just before insertion into the 
patient’s arm. 


d. Attach the needle to the syringe tip. 


e. Place gauze pads and adhesive bandage within 
reach of the nondominant hand for use at the 
end of the venipuncture. 


f. Organize tubes needed for analysis and unwrap 
transfer device. Place within easy reach. 


g. Verify that the tubes are not expired and that 
the anticoagulant is placed away from the rub- 
ber stopper within the tube. (You may need to 
shake the tube lightly to get the anticoagulant 
to move away from the stopper.) Check for any 
obvious defects in the tubes. 


15. Once the alcohol is dry and the supplies are assem- 
bled, reapply the tourniquet. Do not repalpate the 
venipuncture site, or if absolutely necessary, clean 
the end of the gloved finger with alcohol before 
touching the site. 





Rationale 


Relaxing the hand will help the blood to flow normally 
as the site is prepared. 


A tourniquet may not stay on the arm for more than 
1 minute, or hemoconcentration may result. 


70% isopropyl alcohol will kill most of the bacterial 
contaminants on the surface of the skin. Never blow 
or fan the site to speed up the drying process, as this 
recontaminates the clean area. 


Supplies need to be close by for ease of use and patient 
safety. 

Syringes should remain sterile until the time of use. 

“Exercising” the plunger in this way allows for smooth 
movement when pulling back the plunger to allow 
blood to enter the syringe. If the plunger does not 
move smoothly or is too loose within the barrel of 
the syringe, it should be discarded. 

The needle must remain sterile until just prior to inser- 
tion. It cannot touch other surfaces before piercing 
the skin of the patient. 


Verify that this is a secure connection so that blood will 
not leak out around the needle during the venipunc- 
ture process. 

Supplies to be used during the venipuncture process 
should be within easy reach of the nondominant 
hand to avoid reaching over the site where the nee- 
dle is inserted in the arm. 

When the venipuncture procedure is finished, it is nec- 
essary to transfer the blood into the tubes quickly to 
avoid clot formation in the sample. Organization of 
supplies before the process is critical. 

Use of an expired tube may result in a loss of vacuum 
and an unsuccessful blood draw. Potential crossover 
of anticoagulant from one tube to another should be 
minimized as much as possible. Defective (such as 
cracked or chipped tubes) should be discarded 


immediately. 


If the site is touched after cleansing, it will need to be 
cleaned again before the venipuncture can begin. 
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16. 


17. 


18. 


19. 


20. 


21. 


Procedure 


Have the patient make a fist. 


Remove the cap to expose the end of the needle to 
be inserted into the arm. Do not allow this needle 
to touch anything before piercing the skin. 


Stabilize the chosen vein by anchoring it with the 
thumb of the nondominant hand about 2 in. 
below the draw site, and/or off to the side. Make 
sure that the skin is pulled taut over the vein. 


As you prepare to pierce the skin with the needle, 
it is good practice to warn the patient by saying 
something like, “Here we go; you will feel a stick.” 


Insert the needle at an angle of approximately 
15 degrees, with the bevel up. The actual insertion 
site is approximately '/, to '/, inch below the 
identified draw site so that the needle is actually 
inserted into the vein at the chosen site. 


The needle needs to be inserted quickly, with one 
smooth gentle motion. As the insertion is accom- 
plished, follow the direction of the vein that was 
previously identified; if the vein is running at an 
angle across the arm or hand, this is how the 
needle should be directed into the vein. Approx- 
imately a third of the needle is usually below 
the surface of the skin when the insertion is 
complete. 


Rationale 


Forming a fist may help with the visualization of the 
veins once the tourniquet is reapplied. 


Touching this needle to any surface before it pierces the 
skin will cause contamination and possible intro- 
duction of bacteria into the vein. 


It is important to stabilize the vein, but if the thumb is 
placed too close to the draw site, it will be in the way 
of the needle insertion and could cause interference 
with the angle used for the process and result in an 
unsuccessful blood draw. 


If the patient is not expecting the skin to be pierced, he 
or she may be startled and move the arm or hand, 
causing an unsuccessful venipuncture. 


If the angle is significantly less or more than 15 degrees, 
it may slide just above the vein or puncture through 
both sides of the vein rather than just entering the 
vein. The bevel facing upward allows the blood to 
enter the needle with minimal trauma. 


Smooth insertion minimizes the trauma to the patient. 
It is important to follow the direction of the vein 
as the needle is inserted; this allows a better opportu- 
nity for the blood to enter the needle without 
obstruction. The needle needs to be inserted far 
enough to enter the vein, but not so far that it punc- 
tures both sides of the vein. 





Continued 
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Procedure 8-2: Venipuncture Using a Syringe—cont’d 








Procedure 


22. When using the syringe technique, there may be a 
“flash” of blood visible in the hub of the needle as 
soon as it is inserted in the vein. Gently pull back 
on the plunger of the syringe to create a vacuum 
and pull the blood into the syringe. 


23. Continue to pull back slowly on the plunger and 
monitor the volume of blood entering the syringe. 
Keep gentle pressure on the arm of the patient 
with the back of the fingers holding the syringe. 


24. When the required amount of blood has almost 
been obtained, release the tourniquet and have the 
patient open his or her fist. 


25. As the needle is removed from the skin, place 
gauze over the site, without applying initial pres- 
sure. The needle is to be removed quickly, and at 
the same angle as the insertion. Do not apply pres- 
sure to the site with the gauze until the needle has 
been removed completely from the skin, as this 
will cause pain for the patient. 


26. Ask the patient to apply pressure to the site for 3 
to 5 minutes. Do not allow the patient to bend his 
or her arm. 





Rationale 


It is important to pull back relatively slowly because 
if the plunger is pulled back too fast, it can cause 
hemolysis. It is also possible that if the vein is small, 
it will collapse with the pressure applied by pulling 
the plunger back too quickly. 


The medical assistant must continue to pull back on 
the plunger so that the blood will continue to 
enter the syringe. To keep the needle from moving 
during the process, pressure should be applied with 
the back of the fingers holding the syringe. 





The tourniquet must not stay on longer than | minute. 
It is always necessary to release the tourniquet and 
have the patient open the fist before the needle is 
removed from the arm to avoid bleeding from the 
venipuncture site. 


The gauze placed over the site will minimize bleeding 
as the needle is removed. 


The pressure should be adequate to stop any bleeding 
before the patient leaves the drawing area. Bending 
the arm increases the risk for bleeding and bruise 
formation. 
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Procedure 


27. Once the needle has been removed from the arm, 
immediately activate the needle safety device. 
Grasp the needle at its base, and remove it from 
the syringe. Discard the needle in the biohaz- 
ardous sharps container. Never recap contaminated 
needles. 


28. Screw the transfer device onto the end of the 
syringe filled with blood. 


29. While holding the syringe upright, insert each 
evacuated tube into the open end of the transfer 
device. Follow the recommended order of draw. 


30. Dispose of the transfer device and syringe in a 
biohazardous sharps container. 


31. Gently invert the blood specimens containing 
anticoagulant 5 to 10 times. 


32. Label the tubes, including the full name of the 
patient, birth date (or other unique identifier 
assigned by the health-care provider), the date and 
time of collection, and the initials of the collector. 





Rationale 


The needle must be removed from the syringe so that 
the transfer device can be applied. Recapping con- 
taminated needles increases the risk of needlestick 
accidents and potential exposure to bloodborne 
pathogens. 


Make sure this is a secure seal so that the blood will 
flow adequately. 


Holding the syringe upright will minimize the oppor- 
tunity for anticoagulant crossover as the transfer 
device is used. 





There is a needle within the transfer device, so this 
must go into a sharps container. 


Insufficient mixing of the anticoagulant with the spec- 
imen will result in clotted blood and a sample that 
must be discarded. 


All samples must be labeled using at least two unique 
identifiers. The date and time provide additional 
information that may be necessary for interpretation 
of the results. Identification of the phlebotomist 
may be helpful if there are questions about the 
procedure or the specimens collected. 





Continued 
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Procedure 8-2: Venipuncture Using a Syringe—cont’d 








Procedure 


33. Use the requisition form or the labels to verify that 
all the necessary tubes were drawn for the speci- 
mens ordered. 


34. Observe any special handling instructions for the 
specimens. 


35. Monitor the patient for any signs of distress from 
the procedure. 


36. Once the tubes have been labeled, check the draw 
site for bleeding. If it has not stopped bleeding, 
apply pressure for another few minutes, and if the 
bleeding is still present, contact a physician. 


37. If the bleeding has subsided, apply an adhesive 
bandage, but leave the gauze in place to allow for 
additional pressure. 


38. Advise the patient to avoid heavy lifting or exces- 
sive exercise of the arm used for venipuncture for 
at least 1 hour. 


39. Assist the patient to stand (if necessary) and thank 
them for their cooperation. 


40. Discard all trash, and place the tubes in an appro- 
priate vessel for processing. Never touch full tubes 
of blood without wearing gloves. 





41. Remove gloves and sanitize hands. 


Rationale 


Verifying the details of the blood draw once more in 
the presence of the patient allows for a redraw to be 
performed immediately if something is missing. 


Some types of specimens must remain at room temper- 
ature, whereas others may need to be put on ice 
immediately. This should be information that is 
ascertained before the procedure starts. 


These may include pallor, perspiration (especially on 
the upper lip or forehead), increased anxiety, or 
light-headedness. If the patient is exhibiting any of 
these symptoms, it is best to have him or her lie 
down if possible. This may be easily accomplished if 
the patient is in a chair that can recline. If not, a 
cold compress on the forehead and/or the back of 
the neck may help. Continue to converse with the 
patient and move the blood out of sight. Ask for 
assistance if you feel that your patient is feeling 
faint. If the patient loses consciousness, it may be 
necessary to lower him or her to the floor from the 
phlebotomy chair. 


It is important to look under the gauze for 2 or 3 seconds 
before applying the adhesive bandage to be certain 
that the site has actually stopped bleeding. 


Self-adhesive bandages (such as Coban) may be 
wrapped around the site rather than applying an 
adhesive to the skin directly. Self-adhesive bandages 
may be especially effective for those patients who are 
on anticoagulant therapy. 


Heavy lifting or exercise could cause the site to resume 


bleeding. 


Patients may be a bit light-headed and assistance may 
be needed when he or she first stands up. 


Touching the tubes of blood without wearing gloves 
offers potential opportunities for exposure to blood- 
borne pathogens. 


Hands must always be sanitized after removing gloves. 
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Procedure 


42. Document the procedure in the patient’s chart as 
well as on the requisition form. Include the date 
and time of collection, what was collected, and if 
there were any circumstances that were out of the 
ordinary. Also document where the vein was 
accessed (such as right arm, left hand, etc.). The 
documentation should include the type (color) of 
tubes drawn, as well as the identity of the person 
who collected the sample. 


Date 


Rationale 


All patient interactions must be carefully documented. 
The site used for vein access should always be writ- 
ten in the chart or on the requisition form so that if 
there are any negative outcomes associated with the 
procedure, the site has been noted. 





1/18/2020: 


Phlebotomy performed in loft antecubital area for H&M. Lavender top tube drawn. 








7100 a.m. 





Connie Lieseke, CMA (AAMA) 














Procedure 8-3: Venipuncture Using the Butterfly (Winged Infusion) System 


The butterfly system is often used for obtaining blood 
from patients with small, fragile veins. It is the system 
of choice when performing blood draws from the hand 
of patients. When utilized for venipuncture, 23-gauge 
needles are usually used. 


TASK 


Successfully perform a venipuncture using a butterfly 
(winged infusion) system. The process must be com- 
pleted within 5 minutes. 


CONDITIONS 
Hand-washing supplies and/or alcohol-based hand 


sanitizer 

Disposable gloves 

Tourniquet 

70% isopropyl alcohol 

Butterfly needle (winged infusion set) 

Evacuated tube holder and luer adapter, or syringe 
and transfer device 

Laboratory requisition or labels with specified test 
Evacuated tubes 


° 2x2 gauze pads 

e Adhesive bandage or wrap 

¢ Test tube rack 

¢ Biohazardous sharps container 
¢ Biohazardous disposal bag 


CAAHEP/ABHES STANDARDS 





CAAHEP Standards 


I.P.1.2: Perform Venipuncture LAI.1: Apply critical 
thinking skills in performing patient assessment and care 
II.P.II.3: Select appropriate barrier/personal protective 
equipment (PPE) for potentially infectious situations 


fe>. 
@ ABHES Standards 


¢ Medical Office Laboratory Procedures: Collect, label 
and process specimens: Perform venipuncture 

¢ Medical Office Clinical Procedures: Apply principles 
of aseptic techniques and infection control 

¢ Medical Office Clinical Procedures: Use Standard 
Precautions 





Continued 
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Procedure 8-3: Venipuncture Using the Butterfly (Winged Infusion) 


System—cont’d 








Procedure 


1. Gather the requisition and/or labels for the blood 
draw, and greet the patient. Identify yourself 
appropriately. 


2. Wash hands (if they are visibly soiled) or apply 
hand sanitizer. Allow hands to dry completely. 


3. Verify the identification of the patient by asking 
for his or her name and at least one other unique 
identifier (such as the patient’s birth date). Com- 
pare this information to the requisition or labels. 


4, Verify whether dietary restrictions were followed, 
and time of last medication dose, if needed. 


5. Have the patient sit in the phlebotomy chair with 
appropriate arm support, and extend his or her 
arm to expose the antecubital area. 


6. Apply gloves. 


7. Apply the tourniquet approximately 3 in. above 
the antecubital area (or above the wrist if a hand 
draw is necessary) and select an appropriate draw 
site using palpation. Use the tips of the ring finger 
and middle finger in a gentle probing motion as 
the antecubital area is examined. An appropriate 
vein will feel flexible and firm. Do not allow the 
tourniquet to remain on the arm for more than 
1 minute. 


8. While palpating, have the patient make a fist, but 
do not allow them to pump his or her hand. 


9. If an appropriate site is not identified on the first 
arm, examine the other arm. If the antecubital area 
is not appropriate on either arm, examine the back 
of the hands for other opportunities. 


Rationale 


The requisition or labels are necessary to collect the 
correct type of specimen. It is always correct practice 
to identify yourself to the patient. 


Clean hands stop the spread of infection. Hands 
should be completely dry before attempting to 
apply gloves, or it will be difficult to put the gloves 
on the wet hands. 


Patient identification must always be verified using at 
least two unique factors. 


Many laboratory tests require fasting specimens or 
other dietary restrictions. Drug dosage times are 
especially important for appropriate interpretation 
of the laboratory results. 


The arm should be supported for the venipuncture 
process, and the antecubital area will be the first area 
that is considered for the blood draw. 


Gloves are required for procedures in which there is 
reasonable anticipation of exposure to blood or 
other potentially infectious materials. 


The tourniquet needs to be placed high enough that it 
will not block the venipuncture site. Only blood 
vessels that can be palpated should be used for 
venipuncture; just looking at them is not sufficient. 
The thumb should never be used to feel for a vein, 
as there may be a pulse felt from the thumb that can 
be misleading. The thumb is also not as sensitive as 
the fingers. 


Pumping the hand can cause erroneous results because 
of hemoconcentration. 


It is important to choose the best site before inserting 
the needle. If the first arm examined doesn’t provide 
a vein that is appropriate, check the other arm. If 
necessary, the back of the hands may be considered. 
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Procedure 


10. Once an appropriate site is selected, determine the 
direction of the vein; is it running straight up and 
down or at an angle across the arm? Establish a 
visible landmark (a mole or dimple in the skin, 
etc.) for reference. 


11. Have the patient open the hand to relax the fist 
until the tourniquet is reapplied. 


12. Remove the tourniquet. 


13. Apply 70% isopropyl alcohol to the area in a circu- 
lar motion with the draw site at the center of the 
circle. Allow the site to air-dry. 


14. As the alcohol is drying, assemble the necessary 
supplies. Start by opening the sterile package hold- 
ing the butterfly setup and uncurling the tubing 
by gently stretching it. 


Option 1. Butterfly System With a Syringe 
a. Open the sterile package holding the syringe 
b. Pull back and push forward the plunger of the 
syringe several times to verify whether it moves 
smoothly. 


c. Attach the end of the butterfly tubing to the 
syringe. 
d. Open a transfer device and place within reach. 


Option 2. Butterfly System With Evacuated Tube Holder 


a. Verify that the butterfly system has a luer 
adapter to be used with the evacuated tube 
holder. 

b. Screw the butterfly tubing with the adapter 
attached into the evacuated tube holder. 


Rationale 


The needle must be inserted in such a way that it fol- 
lows the direction of the vein for the best chance of 
success. A landmark is helpful so that the chosen 
venipuncture site can be identified after cleaning the 
area. 


Relaxing the hand will help the blood to flow normally 
as the site is prepared. 


A tourniquet may not stay on the arm for more than 1 
minute, or hemoconcentration may result. 


70% isopropyl alcohol will kill most of the bacterial 
contaminants on the surface of the skin. Never blow 
or fan the site to speed up the drying process, as this 
recontaminates the clean area. 


Supplies need to be close by for ease of use and patient 
safety. The butterfly system should remain sterile 
until just before use. If the tubing stays tightly 
curled, it is difficult to use it effectively. 


Syringes should remain sterile until the time of use. 

“Exercising” the plunger in this way allows for smooth 
movement when pulling back the plunger to allow 
blood to enter the syringe. If the plunger does not 
move smoothly or is too loose within the syringe, it 
should be discarded. 

This tubing needs to be attached securely to allow the 
blood to enter the syringe. 

There is a limited amount of time allowed to transfer the 
blood from the syringe to the tubes before it clots, so 
it is important to have the transfer device ready. 


The luer adapter has a needle covered with a rubber 
sleeve that pierces the tubes when using the evacu- 
ated tube holder. 

The tubing and the holder must be securely attached to 
one another to allow the blood to flow appropriately 
into the tubes. 


Continued 
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Procedure 8-3: Venipuncture Using the Butterfly (Winged Infusion) 


System—cont’d 








Procedure 


15. Place gauze pads and adhesive bandage within 
reach of the nondominant hand for use at the end 
of the venipuncture. 


16. Organize tubes needed for analysis and place 
within easy reach. 


17. Verify that the tubes are not expired and that the 
anticoagulant is placed away from the rubber 
stopper within the tube. (You may need to shake 
the tube lightly to get the anticoagulant to move 
away from the stopper.) Check for any obvious 
defects in the tubes. 


18. Once the alcohol is dry and the supplies are assem- 
bled, reapply the tourniquet. Do not repalpate the 
venipuncture site, or if absolutely necessary, clean 
the end of the gloved finger with alcohol before 
touching the site. 


19. Have the patient make a fist. 


20. Remove the cap to expose the end of the needle to 
be inserted into the arm. Do not allow this needle 
to touch anything before piercing the skin. 


21. Stabilize the chosen vein by anchoring it with the 
thumb of the nondominant hand about 2 in. 
below the draw site, and/or off to the side. Make 
sure that the skin is pulled taut over the vein. 


22. As you prepare to pierce the skin with the needle, 
it is good practice to warn the patient by saying 
something like, “Here we go; you will feel a stick.” 


23. Grasp the butterfly needle with the wings on either 
side. The textured area of the plastic wings is 
designed to be against the fingers; this allows the 
bevel of the needle to face upward. 





Rationale 


Supplies to be used during the venipuncture process 
should be within easy reach of the nondominant 
hand to avoid reaching over the site where the nee- 
dle is inserted in the arm. 


To allow for the blood collection process to proceed 
smoothly, it is necessary organize the supplies before 
getting started. 


Use of an expired tube may result in a loss of vacuum 
and an unsuccessful blood draw. Potential crossover 
of anticoagulant from one tube to another should be 
minimized as much as possible. Defective (such 
as cracked or chipped tubes) should be discarded 


immediately. 


If the site is touched after cleansing, it will need to be 
cleaned again before the venipuncture can begin. 


Forming a fist may help with the visualization of the 
veins once the tourniquet is reapplied. 


Touching this needle to any surface before it pierces the 
skin will cause contamination and possible intro- 
duction of bacteria into the vein. 


It is important to stabilize the vein, but if the thumb is 
placed too close to the draw site, it will be in the way 
of the needle insertion and could cause interference 
with the angle used for the process and result in an 
unsuccessful blood draw. 


If the patient is not expecting the skin to be pierced, he 
or she may be startled and move the arm or hand, 
causing an unsuccessful venipuncture. 


If the needle is not grasped appropriately, the bevel will 
point downward and could affect the success of the 


blood draw. 
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Procedure 


24. Insert the needle at an angle of 5 to 10 degrees, 
with the bevel up. The actual insertion site is 
approximately '/, to !/, inch below the identified 
draw site so that the needle is actually inserted into 
the vein at the chosen site. 


25. The needle needs to be inserted quickly, with one 
smooth gentle motion. As the insertion is accom- 
plished, follow the direction of the vein that was 
previously identified; if the vein is running at an 
angle across the arm or hand, this is how the needle 
should be directed into the vein. Approximately a 
third of the needle is usually below the surface of the 
skin when the insertion is complete. 


26. When the needle pierces the vein, the blood will 
immediately be present in the tubing. As soon as 
there is blood present, begin to pull the plunger of 
the syringe back slowly, if using a syringe. If the 
evacuated tube holder is used, push on the first 
tube to be drawn so that the vacuum pulls the 


blood through the tubing. 


27. If using the syringe system, continue to pull back 
slowly on the plunger and monitor the volume of 
blood entering the syringe. Change the evacuated 
tubes as needed if using these directly to draw the 
blood. Keep gentle pressure on the arm of 
the patient with the back of the fingers holding the 
butterfly setup. 


28. When the required amount of blood has almost 
been obtained, release the tourniquet and have the 
patient open the fist. 





Rationale 


If the angle is significantly less or more than 5 to 10 de- 
grees, it may slide just above the vein or puncture 
through both sides of the vein rather than just enter- 
ing the vein. The bevel facing upward allows the 
blood to enter the needle with minimal trauma. 


- 


Smooth insertion minimizes the trauma to the patient. 
It is important to follow the direction of the vein as 
the needle is inserted; this allows a better opportu- 
nity for the blood to enter the needle without 
obstruction. The needle needs to be inserted far 
enough to enter the vein, but not so far that it punc- 
tures both sides of the vein. 


The blood will not flow into the tubing adequately 
without the vacuum of the plunger or the evacuated 
tube. Do not pull back quickly, or it may cause 
hemolysis or collapse the vein. 


The medical assistant must continue to pull back on 
the plunger so that the blood will continue to 
enter the syringe. To keep the needle from moving 
during the process, pressure should be applied with 
the back of the fingers holding the syringe. 


The tourniquet must not stay on longer than 1 minute. 
It is always necessary to release the tourniquet and 
have the patient open the fist before the needle is 
removed from the arm to avoid bleeding from the 
venipuncture site. 





Continued 
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Procedure 8-3: Venipuncture Using the Butterfly (Winged Infusion) 


System—cont’d 








Procedure 


29. As the needle is removed from the skin, place 
gauze over the site, without applying initial pres- 
sure. The needle is to be removed quickly, and at 
the same angle as the insertion. Do not apply pres- 
sure to the site with the gauze until the needle has 
been removed completely from the skin, as this 
will cause pain for the patient. 


30. Ask the patient to apply pressure to the site for 
3 to 5 minutes. Do not allow the patient to bend 
his or her arm if the draw was performed in the 
antecubital space. 


31. Once the needle has been removed from the arm, 
immediately activate the needle safety device. 


32. Ifa syringe was used for the procedure, remove the 
tubing from the end of the syringe and discard the 
butterfly unit into a biohazardous sharps container. 
If an evacuated tube system was used, discard the 
evacuated tube holder with the butterfly setup. 


33. Screw the transfer device onto the end of the 
syringe filled with blood. 


34. While holding the syringe upright, insert each 
evacuated tube into the open end of the transfer 
device. Follow the recommended order of draw. 


35. Dispose of the transfer device and syringe in a 
biohazardous sharps container. 





Rationale 


The gauze placed over the site will minimize bleeding 
as the needle is removed. 


The pressure should be adequate to stop any bleeding 
before the patient leaves the drawing area. Bending 
the arm increases the risk for bleeding and bruise 
formation. 


The safety device may be a push-button device that is 
activated while the needle is still in the skin, or it 
may be activated right after removal. It is imperative 
that the medical assistant keeps his or her fingers be- 
hind the needle while activating the safety device. 





The tubing must be removed so that the transfer device 
can be applied to put the blood into the tubes. 


Make sure this is a secure seal so that the blood will 
flow adequately. 


Holding the syringe upright will minimize the oppor- 
tunity for anticoagulant crossover as the transfer 
device is used. 


There is a needle within the transfer device, so this 
must go into a sharps container. 
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36. 


37. 


38. 


39. 


40. 


41, 


42. 


43, 


Procedure 


Gently invert the blood specimens containing 
anticoagulant 5 to 10 times. 


Label the tubes, including the full name of the 
patient, birth date (or other unique identifier 
assigned by the health-care provider), the date and 
time of collection, and the initials of the collector. 


Use the requisition form or the labels to verify that 
all the necessary tubes were drawn for the speci- 
mens ordered. 


Observe any special handling instructions for the 
specimens. 


Monitor the patient for any signs of distress from 
the procedure. 


Once the tubes have been labeled, check the draw 
site for bleeding. If it has not stopped bleeding, 
apply pressure for another few minutes, and if the 
bleeding is still present, contact a physician. 


If the bleeding has subsided, apply an adhesive 
bandage, but leave the gauze in place to allow for 
additional pressure. 


Advise the patient to avoid heavy lifting or exces- 
sive exercise of the arm used for venipuncture for 
at least 1 hour. 


Rationale 


Insufficient mixing of the anticoagulant with the spec- 
imen will result in clotted blood and a sample that 
must be discarded. 


All samples must be labeled using at least two unique 
identifiers. The date and time provides additional 
information that may be necessary for interpretation 
of the results. Identification of the phlebotomist 
may be helpful if there are questions about the pro- 
cedure or the specimens collected. 


Verifying the details of the blood draw once more in 
the presence of the patient allows for a redraw to be 
performed immediately if something is missing. 


Some types of specimens must remain at room temper- 
ature, whereas others may need to be put on ice im- 
mediately. This should be information that is ascer- 
tained before the procedure starts. 


These may include pallor, perspiration (especially on 
the upper lip or forehead), increased anxiety, or 
light-headedness. If the patient is exhibiting any of 
these symptoms, it is best to have him or her lie 
down if possible. This may be easily accomplished if 
the patient is in a chair that can recline. If not, a 
cold compress on the forehead and/or the back of 
the neck may help. Continue to converse with the 
patient and move the blood out of sight. Ask for 
assistance if you feel that your patient is feeling 
faint. If the patient loses consciousness, it may be 
necessary to lower him or her to the floor from the 
phlebotomy chair. 


It is important to look under the gauze for 2 or 3 seconds 
before applying the adhesive bandage to be certain 
that the site has actually stopped bleeding. 


Self-adhesive bandages (such as Coban) may be wrapped 
around the site rather than applying an adhesive 
to the skin directly. Self-adhesive bandages may be 
especially effective for those patients who are on anti- 
coagulant therapy. 


Heavy lifting or exercise could cause the site to resume 


bleeding. 





Continued 
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Procedure 8-3: Venipuncture Using the Butterfly (Winged Infusion) 


System—cont’d 








Procedure 


44, Assist the patient to stand (if necessary) and thank 
him or her for being cooperative. 


45. Discard all trash, and place the tubes in an appro- 
priate vessel for processing. Never touch full tubes 
of blood without wearing gloves. 


46. Remove gloves and sanitize hands. 


47. Document the procedure in the patient’s chart as 
well as on the requisition form. Include the date 
and time of collection, what was collected, and if 
there were any circumstances that were out of 
the ordinary. Also document where the vein was 
accessed (such as right arm, left hand, etc.). The 
documentation should include the type (color) of 
tubes drawn, as well as the identity of the person 
who collected the sample. 


Rationale 


Patients may be a bit light-headed and assistance may 
be needed when he or she first stands up. 


Touching the tubes of blood without wearing gloves of- 
fers potential opportunities for exposure to blood- 
borne pathogens. 


Hands must always be sanitized after removing gloves. 


All patient interactions must be carefully documented. 
The site used for vein access should always be writ- 
ten in the chart or on the requisition form so that if 
there are any negative outcomes associated with the 
procedure, the site has been noted. 











Date 
1/18/2O2O: Phhebotomy performed in rigft hand for BME and Hematocrit bevel. Lavender top tube drawn. 
1100 a.m. Connie Liesebe, CMA (AAMA) 





Procedure 8-4: Blood Collection From a Capillary Puncture 





Capillary punctures are performed frequently to 
obtain blood for CLIA-waived tests, as well as to draw 
blood for testing on children and infants. Blood 
obtained by capillary puncture is the preferred speci- 
men type in these situations. In some situations in 
which it has been difficult to perform a successful 
venipuncture for adults, a capillary puncture specimen 
may also be obtained for testing. 


TASK 


Successfully perform a capillary puncture and obtain 
blood necessary for the tests ordered. The process must 
be completed within 5 minutes. 


CONDITIONS 
Hand-washing supplies and/or alcohol-based hand 


sanitizer 

Disposable gloves 

¢ 70% isopropyl alcohol 

¢ Disposable safety equipped lancet 
Laboratory requisition form or labels with specified test 
Microcollection tubes 

e 2x2 gauze pads 

¢ Hand warmer (if necessary) 
Adhesive bandage or wrap 
Biohazardous sharps container 

¢ Biohazardous disposal bag 





1899_Ch08_133-194 21/12/11 2:23 PM Page 177 


Chapter 8 Collection and Processing of Blood Samples 


CAAHEP/ABHES STANDARDS 





CAAHEP Standards 


1.P.1.3: Perform Capillary Puncture 1A.I.1: Apply critical 
thinking skills in performing patient assessment and care 
IIL.P.1.3: Select appropriate barrier/personal protective 
equipment (PPE) for potentially infectious situations 


177 


cE 
@ ABHES Standards 


Medical Office Laboratory Procedures: Collect, label 
and process specimens: Perform capillary puncture 
Medical Office Clinical Procedures: Apply principles 
of aseptic techniques and infection control 

Medical Office Clinical Procedures: Use Standard 
Precautions 








Procedure 


1. Gather the requisition form and/or labels for the 
blood draw, and greet the patient. Identify yourself 
appropriately. 


2. Wash hands (if they are visibly soiled) or apply 
hand sanitizer. Allow hands to dry completely. 


3. Verify the identification of the patient by asking 
for his or her name and at least one other unique 
identifier (such as the patient’s birth date). Com- 
pare this information to the requisition or labels. 


4, Verify whether dietary restrictions were followed, 
and time of last medication dose, if needed. 


5. Have the patient sit in the phlebotomy chair with 
appropriate arm support, and extend his or her arm 
so that the hand may be accessed easily. Massage 
the fingertips if necessary for warmth, or apply a 
commercial warming device, hand warmer, or 
warm towel. 


6. Assemble necessary equipment within reach. This 
includes the necessary tubes for the tests ordered, 
gauze, alcohol, and an adhesive bandage. 


7. Apply gloves. 


Rationale 


The requisition or labels are necessary to collect the 
correct type of specimen. It is always correct practice 
to identify yourself to the patient. 


Clean hands stop the spread of infection. Hands 
should be completely dry before attempting to 
apply gloves, or it will be difficult to put the gloves 
on the wet hands. 


Patient identification must always be verified using at 
least two unique factors. 


Many laboratory tests require fasting specimens or 
other dietary restrictions. Drug dosage times are 
especially important for appropriate interpretation 
of the laboratory results. 


The patient should be secure and comfortable for the 
capillary puncture process. The fingers must be 
warm for a successful capillary blood draw; warming 
the site and massaging will allow much better blood 
flow. A commercial warming device works well, or 
immersing the finger or heel in warm water will also 
help. The temperature of the warming device or 
water should not exceed 42°C (108°F). Three to five 
minutes is generally sufficient to warm the site. 


Once the incision is made, the process will go quickly, 
so it is important to have all supplies within reach. 


Gloves are required for procedures in which there is 
reasonable anticipation of exposure to blood or 
other potentially infectious materials. 


Continued 
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Procedure 8-4: Blood Collection From a Capillary Puncture—cont’d 








8. 


10. 


11. 


12. 


13. 


14. 


Procedure 


Choose the appropriate finger for the blood draw, 
and disinfect the fingertip with an alcohol swab. 
Allow the alcohol to dry completely before 
performing the skin puncture. Do not fan or blow 
on the site to dry the alcohol. 


. Choose the correct lancet for the age of the patient 


and the site selected. The number of tubes to be 
drawn must also be taken into consideration when 
choosing a device to use for the incision. 


Remove the cap from the lancet device. Do not 
allow the surface to be placed against the patient’s 
skin or to touch anything else before it is utilized. 


Perform the dermal puncture by holding the 
lancet device firmly against the skin and activating 
the device. Use the lateral side of the ring or mid- 
dle fingertip, perpendicular (opposite) to the lines 
of the fingerprint. Immediately discard the lancet 
into a biohazardous sharps container. 


Wipe away the first drop of blood, then gently 
massage the finger to achieve blood flow. 


Fill the required tubes in the correct order of draw. 
If anticoagulant is used in the tubes, tap them 
against the countertop to mix the specimen as the 
tube is filled. Do not touch the collection device 
against the incision while collecting the specimen. 
Instead, touch it to the drop of blood as it forms 
at the collection site. 


If a microhematocrit tube is to be filled, hold it 
horizontal to the site to avoid introduction of air 
bubbles to the specimen. 


Rationale 


For both adults and children, the ring finger or middle 
finger should be used. The index finger is more 
sensitive and more callused, and the little finger does 
not have enough flesh to protect the bone from 
puncture. The thumb should never be used as a 
capillary puncture site. The alcohol may contami- 
nate the specimen if not allowed to dry completely 
before performing the puncture. Blowing or fanning 
the site may recontaminate the skin after cleansing. 


Lancets come with different depths and widths. There 
are recommendations for ages and uses provided by 
the manufacturers. Lancet devices designed for home 
use that produce only a drop of blood do not provide 
enough blood to be used for microcollection tubes. 


This part of the device must remain sterile until use. 


The lateral sides of the fingers need to be used to avoid 
potential damage to the bone. The incision needs to 
be perpendicular to the lines of the fingerprint to 
keep the blood from following the fingerprint and 
flowing away from the incision site. 


The first drop of blood is contaminated with tissue 
fluid, and must be discarded. The finger should be 
continuously massaged from the proximal to the 
distal end of the fingertip. Do not squeeze right at 
the collection site as this can contaminate the speci- 
men with tissue fluid and cause erroneous results. 


The capillary order of draw must be followed to avoid 
cross-contamination. The tubes must be mixed well 
during the collection process to avoid clotting. The 
collection device is to be used only to collect blood 
that is free flowing; scraping or touching the inci- 
sion site can cause infection and/or irritation. 


Capillary tubes that are held at a slant allow air to 
enter the microhematocrit tube. The capillary tube 
will fill with capillary action if held horizontal to the 
incision site. Plug the end of the capillary tube when 
filled appropriately. 
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Procedure 


15. When the desired tubes have been collected, apply 
gauze to the puncture site and instruct the patient 
to apply direct pressure, if he or she is capable. 


16. Tightly cap and invert any microcollection tubes 
containing anticoagulant 8 to 10 times. 


17. Label the tubes with the patient’s name, birth 
date (or other unique identification number), your 
initials, the date and the time of the blood draw. 


18. Use the requisition form or the labels to verify that 
all the necessary tubes were drawn for the speci- 
mens ordered. 


19. Observe any special handling instructions for the 
specimens. 


20. Monitor the patient for any signs of distress from 
the procedure. 


21. Once the tubes have been labeled, check the draw 
site for bleeding. If it has not stopped bleeding, 
apply pressure for another few minutes, and if the 
bleeding is still present after 5 minutes, contact a 
physician. 


22. If the bleeding has subsided, apply an adhesive 
bandage, but leave the gauze in place to allow for 
additional pressure. 


Rationale 


Direct pressure helps the bleeding to stop. 


Tubes must be thoroughly mixed to avoid clotting. 


For microcollection tubes, it may be necessary to write 
this information on a label to be attached to the tube. 
The microcollection tubes may also be placed inside 
larger tubes that are labeled appropriately. Capillary 
tubes may also be labeled in this way, as it is very dif- 
ficult to label the actual collection container. 


Verifying the details of the blood draw once more in 
the presence of the patient allows for a redraw to be 
performed immediately if something is missing. 


Some types of specimens must remain at room temper- 
ature, whereas others may need to be put on ice 
immediately. This should be information that is 
ascertained before the procedure starts. 


These may include pallor, perspiration (especially on the 
upper lip or forehead), increased anxiety, or light- 
headedness. If the patient is exhibiting any of these 
symptoms, it is best to have him or her lie down if 
possible. This may be easily accomplished if the 
patient is in a chair that can recline. If not, a cold 
compress on the forehead and/or the back of the neck 
may help. Continue to converse with the patient and 
move the blood out of sight. Ask for assistance if you 
feel that your patient is feeling faint. If the patient 
loses consciousness, it may be necessary to lower him 
or her to the floor from the phlebotomy chair. 


It is important to look under the gauze for 2 or 3 seconds 
before applying the adhesive bandage to be certain 
that the site has actually stopped bleeding. 


Adhesive bandages should not be applied for capillary 
punctures on small children as they may pose a 
choking hazard. Newborns may have adhesive 
bandages applied if they are not able to remove 
them. Self-adhesive bandages (such as Coban) may 
be wrapped around the site rather than applying an 
adhesive directly to the skin. Self-adhesive bandages 
may be especially effective for those patients who 
are on anticoagulant therapy. 


Continued 
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Procedure 8-4: Blood Collection From a Capillary Puncture—cont’d 





Procedure 


23. Assist the patient to stand (if necessary) and thank 
them for their cooperation. 


24. Discard all trash, and place the tubes in an appro- 
priate vessel for processing. Never touch full tubes 
of blood without wearing gloves. 


25. Remove gloves and sanitize hands. 


26. Document the procedure in the patient’s chart as 
well as on the requisition form. Include the date 
and time of collection, what was collected, and if 
there were any circumstances that were out of the 
ordinary. Also document where the specimen was 
obtained (such as right middle finger, left hand, 
etc.). The documentation should include the type 
(color) of tubes drawn, as well as the identity of 
the person who collected the sample. 


Rationale 


Patients may be a bit light-headed, and assistance may 
be needed when they first stand up. 


Touching the tubes of blood without wearing gloves 
offers potential opportunities for exposure to 
bloodborne pathogens. 


Hands must always be sanitized after removing gloves. 


All patient interactions must be carefully documented. 
The site where the specimen was obtained should 
always be written in the chart or on the requisition 
form so that if there are any negative outcomes asso- 
ciated with the procedure, the site has been noted. 














the analysis. It is the job of the medical assistant to 
process the specimen properly so that it can be tested. 


Obtaining Serum for Testing 


When blood is allowed to clot and is then spun down in 
a centrifuge, the liquid portion is called serum. Serum is 
plasma that no longer has the clotting factors included, as 
they have been used up in the blood clot that formed 
in the tube. Analytes such as glucose, lipids, cholesterol, 
electrolytes, hormones, enzymes, and antibodies may be 
dissolved in serum. To isolate this liquid so that the tests 
can be performed, it is necessary to separate it from the 
rest of the blood specimen. Whenever drawing blood for 
serum or plasma, it is necessary to collect approximately 
2.5 times as much blood as the volume needed for the 
testing procedure. For instance, if there is 1 mL of serum 
required for an electrolyte test, the medical assistant draw- 
ing the blood should obtain at least 2.5 mL of blood. 
Tubes without anticoagulants are used to collect 
samples for serum testing. These include red top tubes, 
as well as those that contain thixotropic gel and clot 


Date 
118/2O2O: Capillary puncture performed in right ring finger for CBC. Lavender top microcoblection tube drawn. 
1100 a.m. Connie Lieseke, CMA (AAMA) 





activators. The blood must be allowed to stand for at 
least 30 to 45 minutes at room temperature to clot 
thoroughly before the specimen can be further 
processed. If the specimen is spun in the centrifuge be- 
fore there is a chance for a solid clot to form, the clot- 
ting factors will not be mixed in with the cells at the 
bottom of the tube when centrifuged; instead, they will 
form a large fibrin clot in the serum layer. A fibrin 
clot is a soft, sticky mass that makes it very difficult to 
separate out serum for testing. Although the tube must 
be allowed to clot completely before centrifuging, it 
should not be more than an hour after the blood draw 
is performed before the tube is spun, as prolonged con- 
tact with the cells in the tube may allow chemical 
changes to take place in the serum, which will affect the 
test results. Potential changes may include a decreased 
serum glucose level, an increased serum iron level, and 
elevated serum potassium levels, among others. 

To fully separate the serum from the cells, the speci- 
men should be centrifuged for at least 10 minutes. The 
serum may then be removed from the specimen and 
placed in a transfer tube. There are various methods that 
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may be used to remove the liquid portion of the blood; 
remember that regardless of the method used for separa- 
tion, adequate personal protective equipment should be 
worn at all times, including a face shield or plastic- 
mounted barrier shield, gloves and a laboratory coat. 
(See Fig. 8-15.) The methods that may be used for sepa- 
ration include the following: 


¢ SST or PST tubes: These tubes contain a thixotropic 
gel that forms a barrier between the cells and the 
serum (or plasma with PST tubes) so that the liquid 
can remain in the tube, but be separated from the 
cells. If it is necessary to remove the serum and put it 
in a transfer tube, it can be poured out because the 
gel forms a solid barrier to the cells in the bottom of 
the tube. 
e Transfer pipette: A pipette may be used to aspirate the 
liquid out of the tube and transfer it into another tube. 
Care must be taken not to aspirate out any of the cells 
that are present in the bottom of the tube; if the serum 
appears a hazy red color while aspiration is taking place, 
it should be spun again to remove any cells that may 
have been accidentally aspirated into the specimen. If 
the serum still appears to be red after recentrifugation, 
it is hemolyzed and the specimen will, in most circum- 
stances, have to be redrawn. If the serum is no longer 
red, separate the serum again from the cells that have 
settled to the bottom of the tube. 
Plunger-type separators: These are devices that have 
a filter on one end of a plastic tube, with an opening 





at the other end. After the specimen has been cen- 
trifuged, the rubber stopper is removed from the top 
of the tube and the filter end of the separator is care- 
fully inserted into the specimen tube and pushed 
down through the serum or plasma. Proper protective 
equipment must be used when performing this proce- 
dure to keep from potentially splashing the liquid 
into the eyes or mucous membranes. Also, once the 
separator has been place in the tube, it is important to 
pull it back up a bit to provide an air barrier between 
the serum and the cells. This keeps the blood cells in 
the bottom of the tube from being in contact with the 
serum, causing chemical changes as they metabolize 
nutrients in the liquid. 





Test Your Knowledge 8-16 


How are specimens processed if serum is to be 
separated from the cells? (Outcome 8-17) 





Specimen storage instructions for most chemistry 
tests will advise that the serum and/or plasma be refrig- 
erated within a few hours after processing to protect the 
various analytes from changing in concentration. Follow 
the directions provided in the laboratory directory for 
handling the serum specimen after it has been separated. 
Also, if a transfer tube is used, the labeling on the tube is 
critical. Not only does the patient information need to 
be included, but there also has to be a notation of the 


Figure 8-15. Aand B. (A) Serum tube after 
centrifugation and (B) various devices used for 
separation of serum. 
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type of specimen (serum or plasma) and the type of 
anticoagulant present in the tube, because many body 
fluids are similar in appearance. Transfer tubes are avail- 
able that are color coded to match the color tube origi- 
nally used for the specimen collection, which may help 
eliminate confusion. 


Obtaining Plasma for Testing 


The liquid portion of the blood in our bodies is plasma. 
Plasma is made up of approximately 90% water, with 
dissolved substances making up the remaining portion. 
Plasma may be analyzed for levels of chemicals involved 
in the clotting process such as fibrinogen and prothrom- 
bin. Other common tests performed on plasma speci- 
mens include levels of electrolytes, calcium, glucose, and 
creatinine. 

Because plasma is the liquid portion of the blood that 
contains factors that contribute to clotting, a specimen 
that is to be used for plasma testing must not be allowed 
to clot. A tube that contains an anticoagulant (such as 
heparin) must be used for the collection. The medical as- 
sistant should consult the laboratory directory to see 
what type of anticoagulant is to be used for specimen 
collection before the venipuncture is performed. It may 
be possible to use a PST tube, which contains anticoag- 
ulant and a thixotropic gel that will separate the plasma 
from the blood cells in the specimen after centrifugation. 
As in the case of serum, it is necessary to collect a blood 
specimen that is approximately 2.5 times the required 
volume for the test ordered. Appropriate labeling of the 
transfer tube is essential; remember to include a notation 
that the fluid is plasma in addition to the patient’s name 
and other necessary information. 

Unlike the process for obtaining a serum sample, 
plasma samples should be well mixed, then centrifuged as 
soon as possible. There is no need to allow the specimen 
to sit for an extended period of time before centrifuging, 
as the blood is not going to clot in the tube. This makes 
plasma samples the specimen of choice for most STAT 
chemistry tests, because the samples can be processed and 
the test performed quickly after collection. 

After centrifugation, a sample that has had anticoag- 
ulant added will separate into three layers. This will 
include a layer containing the red blood cells, topped 
by a very small layer that contains the white cells 
and platelets (sometimes called the buffy coat), with 
the liquid plasma present as the top layer in the tube. 
The tube in Figure 8-16 is an example of the appear- 
ance of a tube to be used for plasma separation after 
centrifugation. 


Plasma 


Buffy coat 


Cells 





ce 


V4: Dak ah 


Figure 8-16 The tube on the left shows plasma after 
centrifugation. Note the cells, buffy coat, and plasma. 

The tube on the right shows serum separated from the 
clotted cell by gel. Reprinted with permission from Eagle S, 
Brassington C, Dailey C, and Goretti C: The Professional 
Medical Assistant: An Integrative, Teamwork-Based 
Approach. Philadelphia: FA Davis, 2009. 


The actual separation methods for plasma are the same 
as those used for serum, including the use of a PST tube, 
the transfer pipette, or the plunger-type separators. Remem- 
ber, whenever separating the liquid portion of the blood 
from the cells, it is imperative that the appropriate personal 
protective equipment is used to protect the employee from 
potential exposure. Removal of the rubberized stoppers may 
create an aerosol that could get into the mouth or eyes, so 
face shields must be worn in addition to gloves and a pro- 
tective laboratory coat. Also, all supplies must be disposed 
of appropriately; the stoppers and any other specimen con- 
tainers must be disposed of as biohazardous materials. 





Test Your Knowledge 8-17 


Describe one way that serum and plasma are different. 
(Outcome 8-18) 





Whole Blood Specimens 


Tests that count or examine the cells present in the blood 
require a whole blood specimen. These tests are often 
performed in the hematology department, and include 
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complete blood counts, platelet counts, and hemoglobin 
and hematocrit tests. For tests requiring whole blood 
specimens, the blood is drawn into tubes that contain 
anticoagulants so that the cells are not involved in clot 
formation, which would make it very difficult to count 
the cells or examine their appearance. Potassium EDTA 
is the anticoagulant that is usually preferred; this is pres- 
ent in the lavender top evacuated tubes. 

Whole blood specimens are to be well mixed at the time 
of the initial blood draw, and again just prior to analysis. 
The specimens used for whole blood testing are not to be 
centrifuged, as the analysis is performed on the formed 
elements within the sample. In some small physician office 
laboratories, the medical assistant may place the whole 
blood specimens directly on a “rocker” that keeps the 
specimen mixed until the analysis can be performed. 
Remember that the mixing and inversion of these samples 
must be a gentle motion to avoid damaging the cells. Eight 
inversions of the tube immediately after drawing the blood 
should provide appropriate mixing of the specimen. 





Test Your Knowledge 8-18 


True or False: Tests that utilize whole blood specimens 
require that the specimen be centrifuged before testing. 
(Outcome 8-17) 





Unacceptable Specimen Types 


In certain situations, the specimen collected and 
processed will be rejected for the test ordered. There are 
numerous reasons for specimen rejection, including the 
following: 


¢ Hemolyzed specimens: Hemolysis means that the red 
blood cells in the specimen have been damaged and 
broken. It may be a result of a traumatic venipuncture in 
which the cells were damaged as they entered the needle, 
or hemolysis may be the result of mishandling the tube 
after the blood draw. Hemolysis is evident in the speci- 
men after centrifuging by the presence of a pink to red 
tint in the plasma or serum. (Fig. 8-17 is an example of a 
hemolyzed specimen.) Potassium, magnesium, and iron 
levels are examples of tests for which a hemolyzed speci- 
men is unacceptable. To avoid hemolysis, be sure that the 
tubes used for the blood draw are kept at room tempera- 
ture, and be sure to use the appropriate sized needle for 
the draw. Also, if using a syringe, do not pull back on the 
plunger with a great deal of force, as this may damage the 
cells. Use good technique when performing venipunc- 
tures, and gently invert all tubes when mixing. 


e Lipemic specimens: Lipemia is the presence of excess 
lipids (fatty molecules) in the blood. Plasma or serum 
in a lipemic specimen will appear cloudy or milk-like 
after centrifugation. These lipid molecules interfere 
with the testing methods for many analytes. Some lab- 
oratories are capable of clearing the specimen with a 
special type of centrifuge, whereas others will reject 
the lipemic specimens (Fig. 8-17). 

Quantity not sufficient: When the medical assistant 
does not draw enough blood to perform the tests or- 
dered, the specimen may be rejected as quality not suf- 
ficient (QNS) because the amount drawn is not enough 
for the tests to be performed on it. In almost all situa- 
tions, these samples will need to be redrawn so that there 
is enough specimen to complete the tests ordered. 
Clotted specimens: When a whole blood specimen is 
necessary for the test ordered, a clotted specimen is 
unacceptable. The clotting process draws in the cells in 
the specimen to be involved in the clot. This means 
that even if the clot is small, the cell count in the tube 
will be inaccurate, because it is impossible to know 
how many cells are involved in the clot and how many 
are floating freely in the specimen. To avoid clotted 
specimens, be sure to invert the specimens thoroughly 
during the collection process. 

Incorrect anticoagulant use: Each anticoagulant uses 
a different principle to keep the blood from clotting. 
Some bind up the calcium in the specimen, as it is 
necessary for the clotting process to proceed. Others 
make the platelets in the specimen nonadhesive so that 
they cannot cling to one another. Tests are designed to 
be performed using a specific anticoagulant, and if the 
incorrect one is used, it may alter the test results. For 
instance, potassium EDTA may cause false elevation 
of the potassium levels if a lavender top tube was used 





Figure 8-17 Hemolysis and lipemia present in plasma 
tubes on left and right. 
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for the plasma sample. Sodium citrate is an anticoag- 
ulant that binds up the calcium in the specimen so 
that it cannot participate in the clotting process. This 
means that calcium levels performed on plasma from 
these light blue top tubes would be very low, as the cal- 
cium is not in solution in a way that it can be tested. 
Fibrin clots: Tubes without added anticoagulant must 
be allowed to clot properly before centrifugation, or it 
may be impossible to obtain enough serum from the 
specimen to perform the tests ordered. This may result 
in a request for a specimen to be recollected. It may be 
possible to physically remove the fibrin clot and recen- 
trifuge the specimen, but this may lead to damaged 
red cells and hemolysis. 





— 
Test Your Knowledge 8-19 


Examples of inappropriate specimens may include: 
a. Hemolyzed and lipemic specimens 
b. Partially filled specimen tubes for multiple tests 
c. Blood collected in tubes with the wrong 
anticoagulant 


d. All of the above (Outcome 8-19) 











POTENTIAL NEGATIVE OUTCOMES OF 
VENIPUNCTURE AND CAPILLARY PUNCTURE 





Regardless of the skill level exhibited by the medical as- 
sistant, sometimes the person who is attempting a 
venipuncture may be unsuccessful. In addition, even 
when the person drawing the blood is successful, there 
may be physical patient complications resulting from 
the blood draw. It is important to realize that these neg- 
ative outcomes are sometimes unavoidable, and to know 
what action should be taken if they occur. 


Inability to Draw Blood 


Veins are not solid objects that are incapable of move- 
ment. Sometimes even when the vein is anchored tightly, 
it will move just a bit as the needle is inserted. Or, the 
health-care worker who is drawing the blood may not in- 
sert the needle far enough or go in just a bit too far so that 
the blood does not enter the needle. It is never acceptable 
to “probe” when drawing blood. However, recommenda- 
tions from the Clinical and Laboratory Standards Insti- 
tute do allow the phlebotomist to move the needle a bit 
further into the vein or a bit further out of the vein to see 
if the blood will start to flow. Sometimes a slight change 
in the location or angle of the needle is all that is neces- 
sary for the blood to enter the needle. The needle should 


never be moved from side to side after insertion into the 
arm, as this will cause damage to the tissues and pain for 
the patient. If the slight movements (small increments in 
or out) are not enough to allow blood to enter the needle, 
discontinue the draw, and try again. Be sure to check for 
alternative sites before using the same area for a second 
attempt. If the person drawing the blood is still unsuc- 
cessful after two attempts, he or she should seek assistance 
from another qualified employee. 


Fainting Patients 


Some patients experience light-headedness, dizziness, or 
fainting during or immediately after a blood draw. This 
may be due to vasovagal syncope, which is the body’s 
exaggerated reaction to the sight of blood. Some of these 
patients may have had negative experiences in the past, 
whereas others cannot identify a specific reason for their 
reaction. Each person who experiences vasovagal syncope 
has his or her own triggers, which may include emotional 
distress, the sight of blood, and/or pain. The trigger 
causes a response in the body that includes a drop in 
blood pressure and a decreased heart rate. Young patients, 
thin patients, nervous individuals, and those who are very 
quiet (or sometimes very talkative) are more prone to 
fainting. Also, hunger, fatigue, and environmental factors 
such as excessive heat or strong smells may make the sit- 
uation worse. There are usually some symptoms that 
occur prior to the actual fainting episode such as nausea, 
yawning, dizziness, weakness, perspiring, pallor, and a 
flushed feeling of warmth. If the patient communicates 
any of these symptoms, the blood draw should be discon- 
tinued. The medical assistant should help the patient to 
put the head down between the legs if he or she is still 
conscious. This may help to keep the patient from faint- 
ing. If the patient shares a history of fainting, he or she 
should be drawn in the supine position, and the medical 
assistant should make additional efforts to talk to the 
patient during the procedure to monitor the level of con- 
sciousness. If a patient does faint when sitting up in a 
phlebotomy chair, the primary focus should be safety for 
the patient and the medical assistant. Discontinue the 
draw, remove the tourniquet and the needle, activate the 
safety device on the needle, and bandage the draw site. 
Call for assistance from a coworker. If the patient is still 
unconscious, it may be necessary to lower him or her to 
the floor from the chair, with special care taken to protect 
the head from hitting anything during the process. The 
patient’s legs should be elevated to help the blood flow 
return to the heart and brain, and a health-care provider 
should be notified of the situation. 
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Rolling Veins 


The median cubital vein is usually quite stable, which 
makes it an excellent choice for venipuncture. If this vein 
cannot be used for phlebotomy procedures, the other 
veins in the antecubital area may be considered. 
However, these are not as well anchored, and have a 
tendency to “roll” or move away when the venipuncture 
is attempted. Special care must be taken to anchor these 
veins very well to avoid this problem. 


Hematoma Formation 


A hematoma is the result of blood leaking into the tis- 
sues from a vein. It can occur in routine venipunc- 
tures, but is more common when the process did not 
go smoothly. If the initial insertion of the needle is too 
deep, the needle may puncture and go through the 
vein, which allows excessive blood to leak from the 





Skin 





Vein 


A Bevel on upper wall of vein 
(does not allow blood to flow) 


Skin Hematoma_ Vein 





c Needle partially inserted 
(causes blood to leak into tissue) 


punctures in the vein. Conversely, if the needle does 
not go far enough into the vein, the bevel may not be 
totally within the vessel, and blood may leak 
out around the slant at the end of the needle. (See 
Fig. 8-18 for examples.) Hematomas can also be the 
result of too little pressure applied after the venipunc- 
ture procedure, with subsequent bleeding around the 
puncture site. When a hematoma forms, there is a sud- 
den swelling (and sometimes a discoloration) around 
the site where the needle is inserted. If this occurs, the 
tourniquet and then the needle need to be removed 
and pressure should be applied immediately. The med- 
ical assistant should be sure to keep pressure on the 
site for at least 5 minutes, and also should be sure to 
document the situation. The patient may experience 
pain and more swelling in the area. The health- 
care provider may suggest ice application and anti- 
inflammatories to help with the discomfort. 


Skin Vein 





Needle inserted too far 


Figure 8-18 Problems with the way in which the needle is entering the vessel. (A) The first drawing shows what occurs if 
the angle of insertion is too shallow and the needle goes above the vein. (B) The second drawing shows what occurs if the 
angle of insertion is too high, and the needle goes through the vein. (C) The third shows what can happen if the needle 

is not inserted far enough into the vein. Reprinted with permission from Strasinger S, and Di Lorenzo M: Phlebotomy 


Textbook, ed. 3. Philadelphia: FA Davis, 2011. 
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Collapsing Veins 


Fragile veins may collapse with the amount of pressure 
used to withdraw blood during a venipuncture proce- 
dure. Small veins or veins that have been damaged with 
IV therapy or medication treatment are more prone to 
collapse. If the medical assistant recognizes that the vein 
is small or appears fragile, the evacuated tube system 
should not be used for the venipuncture, as this will in- 
crease the likelihood of venous collapse. A syringe and 
needle or a butterfly system should be used instead. 


Nerve Damage 


Venipuncture procedures performed in the median 
cubital vein rarely cause irritation to the nerves in the 
arm, as this vein is not usually in close proximity to the 
medial nerve. When drawing from the antecubital area, 
blood draws performed from the basilic vein are the 
most likely to cause nerve irritation or damage due to the 
close proximity to the nerve. If a patient complains of 
excessive pain during a blood draw (especially if he or she 
describes it as shooting pain that goes up or down the 
arm), the procedure should be discontinued immedi- 
ately. Never attempt a venipuncture from the underside 
of the wrist, as there are numerous opportunities to 
cause nerve irritation or damage in this area. 


Infection 


Infection or excessive irritation at the site of a venipunc- 
ture is not common, but can occur. To minimize the risk, 
the medical assistant should always clean the site thor- 
oughly before the procedure, and also allow the alcohol 


used to disinfect the site to dry completely before the nee- 
dle is inserted. If the alcohol has not been allowed to dry, 
it can cause irritation to the skin in the area, which makes 
the site more prone to infection. Using good judgment 
when choosing a site for venipuncture will also help to 
minimize the chances of inflammation and infection. 





Test Your Knowledge 8-20 

True or False: The angle at which the needle is inserted 
for venipuncture has no impact on whether the procedure 
has a negative outcome. (Outcome 8-20) 





OTHER PROCESSING PROCEDURES 





Processing a blood specimen may include centrifugation, 
separation of plasma or serum from the cells, and appropri- 
ate storage of the specimen until testing occurs. In addi- 
tion, the medical assistant may be asked to create and stain 
a smear from a whole blood specimen so that the health- 
care provider or other qualified professional may view it. 


PREPARATION OF A PERIPHERAL BLOOD 
SMEAR FOR STAINING 





When it is necessary to view the red blood cell morphol- 
ogy (appearance and size), identify the types and percent- 
ages of various types of white blood cells, and quantitate 
the number of platelets present in the circulation, a 
peripheral blood smear may be utilized. Automation has 
replaced the need to perform a manual examination of 
the slide for most hematology testing procedures, but 
there is still a need to examine the slide manually in many 


Procedure 8-5: Creation of Peripheral Blood Smear 


A peripheral blood smear may be requested at the time 
of the initial blood draw, or it can be created using 
blood from a lavender top tube containing EDTA 
anticoagulant. This procedure will explain how to 
create a smear using the lavender top tube. If creating 
a smear at the time of the blood draw, the procedure 
only differs with the initial application of the sample 
to the slide. 


TASK 


Successfully create a peripheral blood smear to be 
stained and used for a manual differential count or 





pathologist examination. The process must be com- 
pleted within 5 minutes. 


CONDITIONS 
e Hand-washing supplies and/or alcohol-based hand 


sanitizer 

Disposable gloves 

Clean glass slides 

DIFF-SAFE device 

Lavender top (EDTA) tube filled with blood 
Biohazardous sharps container 

Biohazardous disposal bag 
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CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 


II.P.2: Practice Standard Precautions 


S ABHES Standards 


None 








Procedure 


1. Sanitize hands (allow them to dry) and apply 
gloves. 


2. Invert the blood tube 8 to 10 times to mix the 
sample. 


3. Insert DIFF-SAFE device into the top of the 
lavender top tube. 


4. Turn the tube upside down and push the DIFF- 
SAFE device to the slide until a drop of blood is 
released. 





Rationale 


Gloves must be worn for any procedures in which 
exposure to blood or other potentially infectious 
materials is anticipated. 


The specimen must be well mixed or it will provide 
erroneous results when the blood smear is examined. 


The device has a blunt metal cannula that is inserted 
through the rubber stopper on top of the tube. This 
is performed while the tube is in an upright position. 





Pushing down on the tube with the DIFF-SAFE device 
against the slide will release a drop of blood onto the 


slide. 








Continued 
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Procedure 8-5: Creation of Peripheral Blood Smear—cont’d 


Procedure 





Rationale 


5. Pull the second slide back into the drop of blood 
at an approximate 30-degree angle, allowing the 
blood to flow along the edge of the slide. 


This process must occur quickly. The angle allows for 
correct application of the blood across the slide. 





6. Once the blood has flowed to cover approximately Push the spreader slide forward smoothly with a rapid 





three-quarters of the width of the slide, push the 
second slide forward to spread the blood across the 
original slide. 





motion. Do not apply weight or additional pressure 
during this step, or the slide will not move smoothly 
across the surface. The entire process must occur in 
less than 15 seconds or the drop of blood will begin 
to dry and the distribution of the cells will be 
uneven across the slide. Smears should have a “feath- 
ered” edge, with visible edges on the heaviest part of 
the smear. Ideally there will be no holes or ridges in 
the blood pattern. If the cell distribution is too 
thick, it will be difficult to see the morphology of 
the red blood cells clearly, and it may be difficult 
to visualize the white blood cells as well. The 
completed smear should have an appearance that is 
similar to a thumbprint, with a heavy distribution at 
the beginning of the smear and a gradual decrease in 
the thickness across the slide. 
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Procedure 


7. Allow the slide to air-dry. 


8. Remove the DIFF-SAFE device from the top of 
the tube and discard the device in a biohazardous 
sharps container. Also discard the second slide 
used for spreading in the biohazardous sharps con- 
tainer. Store the tube as directed by the laboratory. 


9. Label the slide with a pencil or a grease pen with 
the name of the patient and other identification as 
required by the laboratory. 


10. Transfer the slide to the appropriate area of the 
laboratory for drying and staining. 


11. Remove gloves and sanitize the hands. 


12. Document the procedure in the patient’s chart if it 
is available. 


Date 


Rationale 


The slide must be completely dry before it is stained or 
the appearance of the cells will be altered during the 
staining process. 


The device and the slide are contaminated with blood 
and are considered to be a sharp. 


All slides need to be properly labeled before staining. 


The medical assistant should not touch the slide with- 
out gloves on, so the transport should occur before 
the gloves are removed. 


Hands must always be sanitized after removing gloves. 


In a physician office laboratory, this procedure should 
be documented in the patient’s chart. If the medical 
assistant is working in a laboratory setting where the 
chart is not available, this step is not necessary. 





U18/2OLO: Blood smear prepared from avender top tube. 











7100 a.m. 





Connie Lieseke, CMA (AAMA) 





instances. A lavender top EDTA tube may be used or, in 
some cases, a drop of blood may be taken directly from a 
capillary puncture and applied to the slide. The safest 
method of applying the drop of blood to the slide from 
the tube is to use a DIFF-SAFE device (Alpha Scientific 
Corporation, Malvern, Pennsylvania), which eliminates 
the need to open the tube to gain access to the blood. 


WRIGHT'S STAIN PROCEDURE 





Once the peripheral blood smear has been prepared, it 
must be stained so that it can be examined. There are 
various products available for this staining process, 


including Diff-Quik stain by Dade Behring. Wright’s 
stain is another common stain often used in the physi- 
cian office laboratory as well as in larger laboratories. It 
is a hematology stain that is used for staining smears 
made from blood and bone marrow samples. Wright's 
stain allows for visualization of the red blood cells and 
platelets in the sample, as well as differentiation of the 
various types of white cells that are present. The stain 
contains methanol, which acts as a fixative for the cells, 
as well as an acidic red dye and a blue dye that is alkaline 
in pH. These stains are absorbed differently by the 
formed elements in the blood to allow for them to be ex- 
amined and counted. 
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Procedure 8-6: Quick Stain of Peripheral Smear Using Camco Quik Stain Il 





The Camco Quik Stain procedure allows for the cells to 
be stained appropriately so that they can be identified 
by an individual who is qualified to perform this micro- 
scopic evaluation. This may be performed for a differ- 
ential examination, in which a technician or technolo- 
gist will count the various types of white cells present 
and report a percentage of each type. The stain solution 
may be poured into small vessels for dipping the slides, 
or it may be applied with a pipette to a slide on a rack 
that is suspended over a sink or other receptacle. 


TASK 
Stain a peripheral blood smear using Camco Quik 
Stain I. 


Procedure 


1. Sanitize hands, and allow them to dry completely. 
Apply gloves. 


2. Dip the blood smear in the stain solution for 
10 seconds. Alternatively, the smear may be placed 
ona rack and stain may be added until the slide is 
covered with the stain for 10 seconds. 


3. Allow excess stain to drain from the slide. Apply or 
dip in distilled water for 20 seconds. 


4. Wipe away any excess stain that may be present on 
the back of the slide with a laboratory wipe. 


5. Allow the slide to air-dry. Make sure that there is no 
excess water standing on the slide. 


6. Dispose of the laboratory wipe in the trash and put 
away supplies. 


7. Remove gloves and sanitize hands. 





CONDITIONS 


e Air-dried blood smear 

¢ Camco Quik Stain II solution 

¢ Distilled water with a pH of 6 or 7 

¢ Laboratory wipes 

¢ Sink or other receptacle for excess stain 


CAAHEP/ABHES STANDARDS 


None 


Rationale 


Gloves must be worn for any procedures in which 
exposure to blood or other potentially infectious 
materials is anticipated. In addition, the stain will 
discolor the fingers if gloves are not utilized. 


The 10 seconds is a minimum staining time. If the smear 
is thick, additional staining time may be necessary. 


It is necessary to allow at least 20 seconds for the 
process to be complete. 


Excess stain on the back of the slide will obscure the view 
when examining the smear under the microscope. 


This type of smear does not need to be heat fixed. 
Excess water may change the staining characteristics 
or increase the time necessary for the slide to dry. 


All work areas should remain clean and organized. 


Gloves should be removed before proceeding to the 
next task. Hands must always be sanitized after 
removing gloves. 
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SUMMARY 


Blood collection is the most common and most im- 
portant part of the preanalytical process for labora- 
tory testing. To perform quality venipuncture and 
capillary puncture, it is imperative that the medical 
assistant or phlebotomist understands the basics of 
the anatomy and physiology of the cardiovascular 
system as well as areas and situations to avoid when 
collecting blood. Following recommended proce- 
dures during the collection process is critical, which 
includes knowledge of how to safely use the various 
collection devices. 

Patient identification and appropriate preparation 
are of utmost importance. Knowledge of the various 
tube types to be used is very important in collecting the 
sample correctly. Order of draw is critical to avoid 
crossover contamination. Finally, processing the sam- 
ples appropriately is the final preparatory step before 
testing the sample. This may include centrifugation and 
separation of the plasma or serum, or it may include 
preparation and staining of slides. 








TIME TO REVIEW 


1. 


The bevel of a needle is: 


a. The interior hollow space of the needle 
b. The slanted tip at the end of the needle 
c. The diameter of the needle 

d. None of the above 


Outcome 8-1 


. The flanges of an evacuated tube holder: Outcome 8-1 


a. Allow for the needle to be screwed on the holder 
b. Provide a space for the tube to be inserted 


c. May be used to provide leverage when inserting 


and/or removing tubes 
d. Are decorative only 


. True or False: Interstitial fluid Outcome 8-1 
is the fluid located between the cells of the tissues. 

. True or False: Venules are larger Outcome 8-1 
in diameter than are veins. 

. Identify all the ways that veins Outcome 8-3 


and arteries are the same: 

a. Transport blood 

b. Connect to capillaries 

c. May be punctured to withdraw blood for testing 


10. 


11. 


12: 


13. 


. True or False: Capillary punctures 


. An example of an area to avoid 


. How is a butterfly (or winged 


Collection and Processing of Blood Samples 19] 

d. Have multiple layers of cells in the walls of the 
vessels 

e. Have a distinct pulse that can be felt with palpation 

f. Have valves that prevent backflow 

g. Are varied in size throughout the body 


Mark the veins below in Outcome 8-5 
order of preference for venipuncture procedures by 
numbering them 1, 2, and 3: 


____ Cephalic vein 
Basilic vein 
Median cubital vein 


Outcome 8-6 
on infants may be performed on the great toe. 


Outcome 8-7 
when choosing a site for venipuncture is: 


a. Scarred skin 

. Varicose veins 

. Veins on the back of the hand 
. None of the above 

e. aandb 


an et 


Outcome 8-8 
infusion set) different from the needle used for evac- 
uated tube draws or syringe draws? 


Using the following order of Outcome 8-9 
draw, create a mnemonic that will help you to 
remember the order the tubes are to be drawn with 
an evacuated tube system or a syringe draw. 


Yellow, light blue, red, green, lavender, gray 


Describe one way that a medical Outcome 8-12 
assistant might put a child at ease before a blood col- 
lection is to be performed. 


Why is it important to verify Outcome 8-14 
whether a patient has properly prepared for a test 
before the medical assistant performs the blood 
draw? 


Why would a peripheral smear be used? Outcome 8-16 


a. To test for certain hormones 

b. To scan for bacteria 

c. To identify various types of white blood cells 
d. To perform ABO blood typing 
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14. What is one practice that can Outcome 8-15 


help to protect patients and employees during inva- 
sive procedures? 


15. Capillary specimens may be preferred: Outcome 8-13 
a. When performing CLIA-waived tests that use 


whole blood 


b. When the patient’s medical condition warrants it 


c. For infants 


d. All of the above 
16. Which part of the hand is used 


assistant performs a venipuncture? 


17. Do all capillary puncture devices 
provide incisions that are the same depth? 


Case Study 8-1: How long was this sitting here? 


A blood specimen for a glucose level and electrolyte 
analysis was drawn on Mr. Dee at 9:30 a.m. Shortly 
after the blood draw, Shannon, the medical assistant 
who was covering the laboratory area of the office, 
was asked to fill in for another employee who became 
ill at work. At 2 p.m., after lunch, Shannon went back 
into the laboratory and processed the specimens that 
she had drawn that morning so that they were ready to 
be picked up by the laboratory courier at 2:30. 

Just before closing, Shannon received a call from 
the laboratory alerting the health-care provider that 
the potassium was elevated above the reference 
range for Mr. Dee, and the glucose levels were well 
below the reference range. The laboratory suggested 
that the specimen needed to be redrawn before the 
health-care provider acted on these results. 


1. What event of the day may have affected these 
blood levels? 

2. Do you agree that the specimen should be redrawn 
before the physician acts on the results obtained 
from the original specimen? 





Outcome 8-15 
to hold the evacuated tube holder when the medical 


Outcome 8-15 


Case Study 8-2: Clumps 


John George is performing a blood draw for a CBC, 
differential, and platelet count on Mrs. Charrone. As he 
completes the blood draw, he notices that she is look- 
ing really pale and is no longer conversing with him. 
He removes the tourniquet and the needle with the 
evacuated tube holder and lavender top tube from her 
arm just as she loses consciousness. He gently lowers 
her to the floor as she slides out of the phlebotomy 
chair, and elevates her feet as he calls for help. Within 
a few minutes she regains consciousness and after mon- 
itoring her for a few minutes, the health-care provider 
states that she is ready to leave the office. John helps 
her out to the waiting room to meet her husband, after 
which he returns to the blood draw area to process the 
specimen. He labels the specimen appropriately and 
places it on the blood rocker for the laboratory techni- 
cian working in the testing area to access it for the 
CBC, differential, and platelet count. 

In about an hour, the laboratory technician comes to 
find John and asks him if he remembers anything 
unusual about this blood draw. The laboratory techni- 
cian said that the platelet count is extremely low with 
the initial analysis and that the hematology instrument 
flagged the sample with an error. The laboratory tech- 
nician is going to recheck the specimen and create a 
blood smear to look at the sample more thoroughly. 


1. How do you think the events of this blood draw may 
have affected the platelet count? 

2. What do you think the technician may find when 
she looks at the blood smear? 





RESOURCES AND SUGGESTED READINGS 


“DIFF-SAFE Blood Dispenser: Directions for Use” 
Provides step-by-step instructions on how to use a DIFF- 


SAFE Blood Dispenser http://www.alpha-scientific.com/ 
Diff-safe2.html 
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“NCCLS simplifies the order of draw.” 
by Ernst D, Calam R. Medical Laboratory Observer, 
May 2004 
National Committee for Clinical Laboratory Standards. 
Procedures for the Collection of Diagnostic Blood 
Specimens by Venipuncture. Approved Standard, H3-A5, 
‘Wayne, PA; 2003. 
“Preanalytical Errors in the Emergency Department.” 
from BD Company, LabNotes. 17, no. 1, 2007 http:// 
www.bd.com/vacutainer/labnotes/Volume17Number1/ 
“Preparation of Peripheral Blood Smear Staining With Wright’s 
Stain 
Directions on how to stain a peripheral blood smear using 
Wright's Stain http://www.scribd.com/doc/8801750/ 
Preparation-of-Peripheral-Blood-Smear-Staining- 
With-Wrights-Stain 


“Staining the Cells.” 
How to stain a blood smear; instructions on how to stain a 
peripheral blood smear http://www.tpub.com/content/ 
medical/14295/css/14295_286.htm 

“Venipuncture Technique Using the Multisample Vacutainer 
System” 
Description of the use of the Vacutainer© system with details 
http://www.phlebotomycert.com/multi_vtainer_systm.htm 

“Newborn Screening” 
Washington State Department of Health. In-depth infor- 
mation about the various disorders that may be detected 
by newborn screening. Includes links to more detailed 
information about the collection process and specimen 
handling. http://www.doh.wa.gov/ehsphl/phl/newborn/ 


disorders.htm#msud 
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Collection and Processing of Urine Samples 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 








CHAPTER OUTLINE 

Types of Urine Specimens Urine Specimen Processing 
Clean-Catch Midstream Urine Specimen Collection Refrigeration and Preservation 
Catheterized Specimens Proper Disposal of Urine and Supplies 
Suprapubic Aspiration Summary 
Prostatitis Specimen Collection Time to Review 
Timed Urine Specimen Collections Resources and Suggested Readings 


Glucose Testing Specimens 
Urine Collection Procedures for Infants and 
Pediatric Patients 





* Lea rning Outcomes After reading this chapter, the successful student will be able to: * 
9-1 Define the key terms. 9-6 Analyze the details for proper labeling of the 
9-2 Explain the necessity of obtaining different types eee types of urine specimens presented in 
the text. 


of urine samples for laboratory testing. 
9-3 Compare and contrast various urine specimen a7 Examine the necessary patient education for col- 
types. lection of samples to be used for specialized urine 


§ : . testing procedures. 
9-4 Describe how urine specimens are to be 8P 


processed after collection. 9-8 Instruct a patient on the proper collection proce- 


: ‘eee : dure for a clean-catch midstream urine specimen. 
9-5 Describe changes that may occur in urine speci- 


mens if they are left at room temperature after 9-9 Instruct a patient on the proper collection proce- 





collecniout dure for a 24-hour urine specimen. 

CAAHEP/ABHES STANDARDS 
my e 

CAAHEP Standards ‘S” ABHES Standards 
.P.1.6: Anatomy and Physiology: Perform patient screen- | * Medical Laboratory Procedures: e. Patient Instruc- 
ing using established protocols tions (collection of urine and feces); Instruct patients 
I.A.1.2:; Anatomy and Physiology: Use language/verbal in the collection of a clean-catch mid-stream urine 
skills that enable patients’ understanding specimen. 


195 
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KEY TERMS 
Aliquot Indwelling catheter 24-hour urine collection 


Distal urethra 


Diurnal variation Prostatitis 


Fasting urine specimen 


First morning void ieee 


Formed elements Random 


Glucose tolerance urine specimen 


TYPES OF URINE SPECIMENS 





Urine analysis is one of the most common tests per- 
formed in the clinical laboratory. The collection process 
for urine specimens is noninvasive, and is relatively easy 
to accomplish because the production of urine by the 
body is an ongoing process. It is important to remember, 
however, that proper collection and processing proce- 
dures are essential for the urine laboratory results to be 


Intermittent (straight) catheter 


Prostatitis specimen collection 


2-hour postprandial specimen 
Urinalysis 
Urinary meatus 


Urine culture 


Suprapubic aspiration 


accurate and meaningful. (Table 9-1 summarizes the 
various types of urine specimens.) 

Specimen collection procedures may vary based on 
the length of time for the collection, dietary limitations, 
specimen volume requirements, and the method of col- 
lection. Many urine specimens are collected to diagnose 
potential urinary tract infections, in which case they are 
usually random collections; they could be collected at 
any time of the day, as long as the collection procedures 


TABLE 9-1 


Types of Urine Specimens 





specimen 


Specimen Type Time of Collection Uses 

Clean-catch midstream Random Urinalysis, culture, random chemistry 
urine specimen testing, urine pregnancy testing 

Intermittent (straight) catheter Random Urinalysis, culture, random chemistry 


testing, urine pregnancy testing 





Indwelling catheter specimen 


Not appropriate for urinalysis, 
culture, or chemistry testing 


Not appropriate for urinalysis, 
culture, or chemistry testing 





Suprapubic aspiration specimen Random 


Urinalysis, culture, random chemistry 
testing, urine pregnancy testing, urine cytology 





Prostatitis specimen 


Random as part of procedure 


To check for bacterial prostatitis 





First morning void specimen Upon rising 


Urine pregnancy testing, specific 
chemistry tests; urinalysis, culture 





24-hour urine specimen 


24 hours of collection 


Chemistry testing 





2-hour postprandial specimen 
carbohydrate meal 


2 hours after a 100-g 


Glucose and ketones 





Glucose tolerance testing 
testing procedure 


As part of a glucose tolerance 


Glucose and ketones 





Random 





Infant urine specimens 





Urinalysis 
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are followed appropriately. Other urine specimens are 
collected for chemical analysis to aid in the diagnosis of 
specific problems with the kidneys or other organ sys- 
tems. These chemicals often change in concentration 
throughout the day, which is known as diurnal varia- 
tion. To provide accurate results, specimen collection in 
these circumstances is carried out over a specific period 
of time at a certain time of the day. Procedures for col- 
lection may also include dietary restrictions for some 
tests to limit potential erroneous results because of a diet 
rich in a particular substance. 

The guidelines that should be followed whenever a 
urine specimen is to be collected include the following: 


e All specimen containers must be correctly labeled. In 
the case of urine collection, this should occur immedi- 
ately after the patient returns the specimen container 
to the laboratory or health-care facility. All labels 
should include the patient’s name, birth date or other 
unique identifier, and the date and time of the collec- 
tion. Labels must be placed on the container itself, not 
just on the lid. It is also a good idea to document the 
type of specimen (e.g., urine) in the container; many 
body fluids have a similar appearance when received in 
the laboratory. 

e The required specimen volume must be verified before 
instructing the patient on collection requirements. 

e Any medication the patient is taking that may poten- 
tially interfere with the test results needs to be docu- 
mented on the requisition form. 

e For timed specimens, the start and finish time (and 
dates if appropriate) must be documented on the con- 
tainer. 

e Dietary restrictions must be communicated to the 
patient before collection, both verbally and in writing. 

¢ Collection of urine for analysis during the menstrual 
cycle should be avoided if possible; the presence of red 
blood cells may interfere with the testing procedures 
for some analytes. If it is not possible to delay the col- 
lection, care must be taken to instruct the patient on 
proper cleaning techniques to avoid gross contamina- 
tion, and a notation should be placed on the labora- 
tory requisition form (and/or in the patient chart if 
available) that the patient is menstruating. 

e Specimen containers that have preservatives added need 
to be clearly marked, and in these situations, there 
should be an additional container provided for the pa- 
tient to use during collection to avoid urinating directly 
into the specimen container with the preservative. 

e Patients should always be provided with a specimen 
container, so that they are not using a jar or other con- 
tainer from home. Although these may appear “clean,” 


SS 


they may contain chemicals or other substances that 
can affect the urine test results. 

Any instructions for collection must be given to the 
patient verbally and in writing. These include storage 
instructions for the specimen until it is returned for 
analysis. 


Test Your Knowledge 9-1 


Please provide two reasons that a urine specimen may 
be ordered for testing. (Outcome 9-2) 





rr 


. 


Test Your Knowledge 9-2 


List one item that is the same for all urine collection 
procedures. (Outcome 9-2) 














POINT OF INTEREST 9-1 
Urine drug screens 


Many health-care providers and laboratories are now 
involved in preemployment physicals. These may 
include urine drug screens for drugs of abuse. This 
type of urine collection has very specific procedural 
parameters designed to prove that the specimen col- 
lected was not tampered with prior to the completion 
of testing. There are guidelines that dictate the steps 
involved in the collection procedures, as well as 
guidelines that outline the security of the specimen 
during transportation and processing. A series of doc- 
umentation on a standardized form is necessary; this 
process establishes the chain of custody for the speci- 
men. Federal regulations require preemployment, 
postaccident, and random drug screening for some 
jobs, whereas other large nonfederal employers 
choose to ensure a drug-free environment by requir- 
ing their employees to undergo testing. The following 
is a summary of the steps involved in a urine drug 
specimen collection procedure: 


1. Collectors must be appropriately trained for the 
process. 

2. The collector verifies that there is a bluing agent 
(some sort of dye) added to the toilet before the 
donor process begins. 

3. The donor is greeted and must provide photo 
identification. In some situations, alternative 
forms of identification are acceptable from an 
employer representative. 





Continued 
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4, The collector fills out the first step of the chain 
of custody form, and the donor signs to verify 
the accuracy of this information. 

5. The donor leaves all purses, coats, and so on out- 

side of the restroom to eliminate the possibility 

of smuggling in concealed substances to contam- 
inate the urine. 

The donor washes and dries his or her hands. 

7. The collector must tape the toilet lid and the 
faucet handles with tamper-proof tape so that 
there is no access to other water sources. 

8. The collector remains in the restroom (if there is 
a private stall) or outside the restroom door if 
there is no private stall during the collection 
process. Sometimes a witnessed collection is re- 
quested, in which case the donor must be 
watched by the collector during the collection. 

9. The donor is not allowed to wash his or her 
hands until the specimen is handed to the collec- 
tor and the follow-up quality control measures 
and documentation have been completed. The 
urine specimen must remain within the site of 
the donor and the collector during this process. 

10. The collector verifies the volume received, the 
appearance of the urine, and records the temper- 
ature of the specimen. If there is a problem with 
the temperature or the appearance of the urine 
specimen, the collection process is void. 

11. As the donor observes, tamper-proof collection 
labels are placed over the top of the collection 
container and the donor initials these labels. The 
date and time are also added to these labels. 

12. These steps are documented on the chain of cus- 
tody form. 

13. From this point forward, every individual in- 
volved in transportation, processing, or testing of 
the specimen must document their actions and 
the purpose of their actions on the chain of cus- 
tody form. 


aN 








situations, it is imperative that the specimen received for 
testing is representative of the urine in the urinary blad- 
der and urethra, rather than contaminants that might be 
present on the outside of the body. A clean-catch mid- 
stream urine specimen collection technique is the best 
noninvasive method to obtain a urine specimen for 
these tests. This procedure involves cleaning the exter- 
nal opening of the urinary tract and obtaining a mid- 
stream urine specimen. 

The clean-catch midstream urine collection technique 
offers an opportunity to obtain a specimen that has less 
contamination with epithelial cells and bacteria from the 
distal urethra and urinary meatus than a specimen 
obtained without proper cleansing and technique. The 
distal urethra is the area of the urethra that is closest to 
the outside of the body. The urinary meatus is the exte- 
rior opening of the urinary tract. Because these are both 
near the outside of the body, they are naturally potential 
sources of exterior contamination. Even though all urine 
specimens must pass through this area of the urinary tract 
as they exit the body, the goal is to obtain a specimen that 
contains the bacteria and other microscopic structures 
that are clinically significant, (those that are present in the 
bladder) and minimize those that are essentially contam- 
inants. This is critical for patients to be properly diag- 
nosed and treated for urinary tract infections. 





Test Your Knowledge 9-3 


Why is the cleansing process for a clean-catch mid- 
stream urine specimen so important? 


(Outcome 9-2) 











Test Your Knowledge 9-4 


Should a urine collection container be labeled before 
or after it is given to the patient for collection? 
(Outcome 9-6) 





Clean-Catch Midstream Urine Specimen 
Collection 


When a urinalysis or urine culture is ordered for a 
patient, it is important the specimen be as contaminant 
free as possible. A urinalysis includes physical observa- 
tions and chemical analysis of the urine specimen, and 
may also include a microscopic examination of the 
urine sediment. A urine culture is designed to test for 
bacterial growth in the urine specimen. In both these 


Catheterized Specimens 


Another way to avoid potential specimen contamination 
is to use a catheter to obtain the specimen. Only a 
licensed health-care professional may insert a catheter. 
This process may also be used when the patient is not 
capable of following the directions or performing the 
procedures necessary for a clean-catch urine collection 
procedure, such as those who are very young or those 


who may have physical limitations. Catheters may be 
(Text continues on page 203) 
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Procedure 9-1: Instructing a Patient for Collection of a Clean-Catch 


Midstream Urine Specimen for Urinalysis and/or Culture 





Clean-catch midstream urine specimens are required 
by most laboratories for performance of urinalysis and 
cultures. By cleansing appropriately and providing a 
midstream specimen that comes from the bladder and 
upper urethra, most extraneous microorganisms will be 
eliminated from the specimen. 


TASK 


The student will demonstrate the ability to properly in- 
struct a male or female patient how to collect a clean- 
catch midstream urine specimen. 


CONDITIONS 


¢ Appropriately labeled sterile urine collection container 
¢ Three moist antiseptic towelettes 

¢ Hand-washing facilities 

¢ Paper towels 


CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 


I.P..6: Anatomy and Physiology: Perform patient 
screening using established protocols 

1.A.1.2: Anatomy and Physiology: Use language/verbal 
skills that enable patients’ understanding 


Ge. 
a ABHES Standards 


Medical Laboratory Procedures: e. Patient Instructions 
(collection of urine and feces); Instruct patients in 
the collection of a clean-catch mid-stream urine 
specimen. 








Procedure 
1. Wash hands and gather necessary supplies for the 
patient. 


2. Greet and identify the patient. Verify the test 
orders and the labeling on the container. 


3. Provide the patient with a sterile container and 
three antiseptic towelettes. 





Rationale 


Hand washing breaks the chain of infection. 


The patient identity should always be verified for every 
procedure. Verification of test orders and labeling 
reduces the potential for error. 


The patient will need to refer to these items as the 
procedure is explained. The towelettes will be used 
for cleansing around the urinary opening area. 
Strong antiseptics should not be used because of 
the potential irritation to the external urinary 
structures. 





Continued 
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Procedure 9-1: Instructing a Patient for Collection of a Clean-Catch Midstream 





Urine Specimen for Urinalysis and/or Culture—cont’d 





Procedure 


Instructions for Male Patients 


a. Instruct the patient to wash and dry his hands, 
and once in the restroom, remove his underwear. 


b. The patient should carefully remove the lid of 
the specimen container and place it with the 
inside up on the counter near the toilet where 
the container can easily be accessed for the 
collection process. Emphasize the importance of 
keeping the interior of the container sterile. 

c. Male patients who are uncircumcised must pull 
back the foreskin, and keep it withdrawn during 
the cleaning and collection process. 

d. The tip of the penis must be cleansed three 
times: 


¢ Wipe with the first wipe from front to back on 
one side of the tip of the penis. 

¢ Wipe with the second wipe from front to back 
on the other side of the tip of the penis. 

e Use the third wipe over the urinary opening 
(the meatus) from front to back. Note: A new 
antiseptic towelette must be used to clean each 
side of the penis and an additional towelette 
used to clean the tip of the penis. (A total of 
three towelettes are to be used for the cleans- 
ing process.) 

¢ Some laboratories may provide a fourth 
towelette to clean the outside of the container 
after the collection. 





Rationale 


Hand washing breaks the cycle of infection, and 
removing the undergarments allows for better access 
during the cleaning process. 

Placing the lid with the inside up prevents contamina- 
tion from microorganisms that may be present on 
the countertop. 


Pathogenic microorganisms may be present under the 
foreskin. 


Thorough cleansing eliminates potential contaminat- 
ing substances. Once the cleaning process has 
started, the patient should keep holding the penis 
until the specimen has been obtained to eliminate 
the possibility of recontamination. 
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Procedure 


e. Instruct the patient to pick up the specimen con- 
tainer so that he is ready when for the collection. 
Begin to urinate into the toilet. Stop the urine 
stream, move the specimen container into a posi- 
tion where it will intersect the urine stream, and 
urinate into the container until it is at least half 
full. Stop the urine stream again and move the 
container out of the way. Remind the patient not 
to touch the inside of the container. 

f. Instruct the patient to finish urinating into the 
toilet. 


g. The patient must carefully replace the lid on the 
container without contaminating the interior of 
the cup or lid. If urine is present on the outside 
of the cup, dry it off with toilet tissue or a paper 
towel, and discard the waste. 

h. Instruct the patient to wash and dry his hands. 

i. Instruct the patient to place the urine in the des- 
ignated area of the laboratory if the specimen is 
collected in the office. If it is a home collection, 
instruct the patient to refrigerate the specimen 
until it can be transported to the testing location. 


Instructions for Female Patients 


a. Instruct the patient to wash and dry her hands, 
and once in the restroom, remove her underwear. 


b. The patient should carefully remove the lid of 
the specimen container and place it with the in- 
side up on the counter near the toilet where the 
container can easily be accessed for the collection 
process. Emphasize the importance of keeping 
the interior of the container sterile. 

c. Instruct the patient to move her knees apart until 
she can easily reach her labia. (These are the struc- 
tures that cover the urinary opening in females.) 


Rationale 


This process flushes out microorganisms that may be 
present near the opening of the urethra and allows 
collection of a specimen that represents the urine 
that was present in the bladder and upper urethra. 


The specimen must be midstream; the first and last part 
of the urine void should not be included in the spec- 
imen submitted to the laboratory. 

Contamination must be avoided on the inside of the 
container so that the specimen represents the urine 
as it is inside the body. 


Clean hands prevent the spread of microorganisms. 

The specimen will need to be refrigerated or tested in a 
timely manner to preserve the integrity of the test 
results. 


Hand washing breaks the cycle of infection, and 
removing the undergarments allows for better access 
during the cleaning process. 

Placing the lid facing up prevents contamination 
with microorganisms that may be present on the 
countertop. 


It is important that the patient has full access to the 
labia to clean the area properly. 


Continued 
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Procedure 9-1: Instructing a Patient for Collection of a Clean-Catch Midstream 


Urine Specimen for Urinalysis and/or Culture—cont’d 








Procedure Rationale 


d. Instruct the patient to spread apart the labia with = The labia must remain apart after the area is cleaned to 
one hand to expose the urinary opening (the uri- eliminate the potential for recontamination of the 
nary meatus). The labia will need to remain site. 
spread apart until the cleaning and collection 
process is complete. 





e. The patient needs to clean the area three times, | Cleansing in this manner avoids potential contamina- 


using a clean antiseptic towelette each time. tion from the anal area (front to back) and provides 

e The first towelette should be used to clean an opportunity to thoroughly clean away potential 
from front to back on one side of the urinary pathogenic microorganisms that could enter the 
opening. specimen while urinating. 


¢ Use the second towelette to wipe front to back 
on the other side of the urinary opening. 

¢ The third towelette is to be used to wipe front 
to back across the urinary opening for the final 
cleansing step. 

¢ Some laboratories may provide a fourth tow- 
elette to clean the outside of the container after 
the collection. 


f. Instruct the patient to pick up the urine speci- | The specimen container must be in hand before the 
men container in the hand that is not holding patient starts to urinate. 
the labia apart. 

g. The patient should begin to urinate into the toi- — This initial urine stream flushes out potential contami- 
let. After a small amount has entered the toilet, nants that may have been around the urinary meatus. 


stop the urinary stream and place the specimen 
container under the urinary opening. 
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Procedure 


h. Instruct the patient to urinate directly into the 
specimen container, filling it at least half full. Tell 
the patient to stop urinating and move the spec- 
imen container out of the way. Remind the pa- 
tient to avoid contamination of the interior of 
the specimen container. 

i. Instruct the patient to finish urinating into the 
toilet. 

j. The patient must carefully replace the lid on the 
container without contaminating the interior of 
the cup or lid. If urine is present on the outside 
of the cup, dry it off with toilet tissue or a paper 
towel. 

k. Instruct the patient to wash and dry her hands. 

I. Instruct the patient to place the urine in the des- 
ignated area of the laboratory if the specimen is 
collected in the office. If it is a home collection, 
instruct the patient to refrigerate the specimen 
until it can be transported to the testing location. 


4, Verify whether the patient understood the instruc- 
tions as given, and check if he or she has any addi- 
tional questions. Supply contact information for fu- 
ture questions. 


5. Provide the patient with a written copy of the 


Rationale 


This is a midstream specimen that includes urine from 
the bladder and the upper part of the urethra. 


The first and last part of the urine specimen should not 
be submitted to the laboratory. 

Contamination must be avoided on the inside of the 
container so that the urine is representative of the 
conditions on the inside of the body. 


Hand washing stops the spread of microorganisms. 

The specimen will need to be refrigerated or tested in a 
timely manner to preserve the integrity of the test 
results. 


This is a critical step for the appropriate collection of 
the specimen. 


A written copy will allow patients to refresh their 








instructions. memory when the collection is performed. 
Date 
10/24/2016: Patient provided supplies and written and verbal instructions fora clean-catch midstream urine collection procedure. 
71:58 a.m. Connie Lieseke, CMA (AAMA) 














used in various ways (listed below), and it is imperative 
that the requisition form and the patient chart include 
documentation of the type of collection performed. 


¢ Intermittent (straight) catheter: There may be 
times that it is necessary to empty the bladder for 
a patient who is unable to do so. If this is a tempo- 
rary situation, an intermittent (straight) catheter 
may be used for the process. This catheterization 
procedure involves a small, stiff, plastic tube that is 
placed through the urethra into the bladder to allow 
the bladder to be drained. This procedure may also 
be used to obtain a specimen for urinalysis and 
culture, as the potential for contamination is greatly 
reduced. Catheterization, however, does include risks 


of bacterial infection because the lining of the 
urethra may be damaged as the catheter is inserted or 
removed. 

¢ Indwelling catheter: Indwelling catheters are de- 
signed for long-term use. They may be inserted in sur- 
gery patients for a few days after surgery, or they may 
be inserted in patients who have permanently lost the 
ability to control urination. These catheters are larger 
in diameter than the straight catheters, and have a 
small “balloon” that is pumped up to keep them in 
place within the bladder once they have been inserted. 
Indwelling catheters continuously drain the urine from 
the bladder into a collection bag. This bag is emptied 
periodically. Indwelling catheters are not recommended 
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as a source of urine for urinalysis or urine cultures, as 
the catheters are kept in place for extended periods of 
time and become contaminated with bacteria. If a 
patient with an indwelling catheter needs to have a 
urinalysis, it is best for the catheter to be removed and 
for the health-care professional to use a straight 
catheter to obtain the specimen for analysis. 





Test Your Knowledge 9-5 


Which type of catheterization procedure is used to 
obtain a urine specimen for a routine culture? 


(Outcome 6-3) 





Suprapubic Aspiration 


There are times, especially with young children, when it 
is imperative that a urine specimen be collected quickly, 
without contamination. Skilled health-care professionals 
(such as physicians or nurse practitioners) may choose to 
perform a suprapubic aspiration to obtain a specimen 
for urinalysis and culture. A needle is placed externally 
through the abdomen directly into the bladder, and a 
urine specimen is withdrawn. This procedure may also be 
used to collect urine for cytology examination, a procedure 
in which the cells present in the specimen are examined 
by a pathologist or cytologist for abnormalities in their 
appearance. 


Prostatitis Specimen Collection 


Prostatitis (inflammation of the prostate) may be caused 
by various factors. Prostate enlargement and/or use of 
urinary catheters are often linked to this condition. The 
tissue of the prostate may be inflamed, or there may be 
an infection with pathogenic microorganisms. In order 
to plan the correct course of action, it may be necessary 
to collect a urine specimen utilizing a special procedure. 
In a prostatitis specimen collection process, there are 
three specimens collected in close progression. The pa- 
tient is provided with three antiseptic towelettes and 
three sterile specimen collection containers, numbered 
sequentially 1, 2, and 3. The patient cleansing process is 
the same as that required for the clean-catch midstream 
collection procedure. However, rather than urinating 
into the toilet at the beginning of the process, the first 
small amount of urine passed goes into collection cup 1. 
Next, the midstream specimen goes collected in cup 
2. After this collection is completed into cup 2, the 
health-care provider will massage the patient’s prostate to 


allow prostatic secretions to enter the urethra for collec- 
tion. After the prostate has been massaged, the patient 
will immediately urinate into the third cup. Cultures are 
performed on all three specimens. If the second speci- 
men has a high concentration of bacteria present, the 
third specimen is considered to be invalid, because of 
contamination by the bacteria already present in the ure- 
thra. Generally, if there is an infection of the prostate, 
the bacterial count of the third specimen will be much 
higher than that of the first two specimens. 


Timed Urine Specimen Collections 


Most urine specimens collected in the office setting are ran- 
dom collections, because the time of day is not significant 
for the desired results. The clean-catch midstream urine col- 
lections used for urinalysis and culture are usually random 
specimens. Remember, however, that the time of collection 
still must be recorded accurately. A random collection is not 
always desirable for all urine specimens. There are situations 
in which the time of collection is critical: 


¢ First morning void specimen: A specimen that is 
collected when the patient first rises from sleep 
is known as a first morning void specimen. This 
specimen is concentrated (ideally it should be 
approximately 8 hours since the patient last voided) 





POINT OF INTEREST 9-2 
Proper documentation for 
urine collection procedure 

education 


4 





This chapter includes a lot of information about dif 
ferent types of urine collection procedures. The key 
component in all these processes is patient education. 
The patient should be provided with the appropriate 
collection supplies in all situations, as well as verbal 
and written instructions for the collection process. 
Every laboratory should develop its own literature to 
distribute to patients so that there is standardization 
of information provided for collection and storage of 
the specimens. Government regulations require that 
the instructions for patients are to be provided in 
their native language whenever possible. In addition, 
it is very important to remember that whenever in- 
structions are provided for the patient, doing so must 
be documented properly in the patient chart. 











18 weeks. fetus 
perceive sounds from 


dal-meleimylel-mielale 
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because it has been in the bladder during the night 

while the patient slept. The first morning void spec- 

imen is recommended for urine pregnancy tests 

(especially if it is very early in the potential preg- 

nancy) and for detection of the presence of protein 

or albumin in the urine. It may also be used for rou- 

tine urinalysis and culture, but the clean-catch mid- 

stream collection procedure should still be followed. 

There will be more dissolved substances present in 

this specimen than in those found later in the day, 

and it may also contain more microscopic structures. 
24-hour urine collection: Routine urinalysis testing 
reports the presence or absence of numerous chemi- 
cals in the urine specimen and provides a rough 
quantitative estimate of the amount present for that 
chemical. For some chemical components, however, 
it is necessary to have an exact measurement of the 
amount of that chemical present in the urine. These 
analytes are not present in the same concentration at 
all times; they may vary with the time of the day 

(diurnal variation), or their concentration may be 

changed with exertion or the hydration status of the 

individual. To account for these variables, it is often 
desirable to collect all the urine produced by a patient 

over the period of an entire day. This is called a 

24-hour urine collection. This collection process is 

used to test for various substances; among the most 
common are the following: 

e Urea nitrogen: Urea nitrogen is a by-product of 
protein metabolism, and is used as an indicator of 
kidney function. 

e Urine electrolytes: Urine electrolyte tests include 
those that check for the level of calcium, chloride, 
potassium, and sodium in the urine. These tests 
may be ordered together or individually. They are 
often part of a clinical workup for suspected en- 
docrine disorders or hormonal imbalances or kidney 
dysfunction. Urine calcium levels are sometimes or- 
dered for patients with recurring kidney stone for- 
mation. Situations that cause electrolyte imbalances 
in the bloodstream may also result in abnormal 
urine electrolyte levels. 

¢ Catecholamines: Catecholamines are substances 
that are created by nerve tissue and by the adrenal 
glands of the body. They include norepinephrine, 
dopamine, and epinephrine. Urine specimens 
do not contain the intact catecholamine molecules; 
instead, we test for the breakdown products 
of these compounds. The breakdown products 
include homovanillic acid (HVA), vanillymandelic 
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acid (VMA), normetanephrine, and metanephrine. 
Urine catecholamines may be ordered as a group or 
individually. This test may be used when an adrenal 
gland tumor is suspected (pheochromocytoma), 
and it may also be ordered for patients with symp- 
tomatic hypertension. 

e 17-Hydroxysteroids: This test is often performed 
when there is suspicion of Addison’s disease, which 
is a type of adrenal insufficiency. 

¢ Urine total protein: The level of total protein in the 
urine may be an indicator of kidney damage. 

e 5-Hydroxyindoleacetic acid: More commonly 
known as 5-HIAA, this test may be performed to 
detect a specific type of tumor, the carcinoid tumor, 
of the digestive tract. 5-HIAA is a metabolite of 
serotonin in the urine, and these intestinal tumors 
secrete unusually high amounts of serotonin. 

e Urine creatinine: Creatinine is a breakdown product 
of creatine, present in muscle tissue throughout the 
body. Creatinine is cleared from the body exclu- 
sively by the kidneys, and the test is ordered to 
screen for possible kidney dysfunction. 


In some situations, blood is also drawn and tested for 
the same analyte as the urine specimen at the end of the 
24-hour interval. For example, when urine creatinine is 
ordered, there is often a blood draw performed for crea- 
tinine as well, so that both results can be used to reach a 
diagnosis. 

Urine specimens collected over a 24-hour period may 
have dietary or fluid restrictions; this is to limit potential 
erroneous results because of a diet rich in a particular 
substance. Patient education concerning these restric- 
tions is critical for a meaningful urine test result. The 
patient must be given the instructions verbally and in 
writing, and documentation of the education should be 
added to the patient’s chart. 

It may also be necessary to deliver (or even ship) 
these urine specimens directly to a laboratory for pro- 
cessing, rather than returning them to the health-care 
provider's office. These instructions should be ex- 
plained clearly before the collection process is started. 
The patient should be provided with all shipping 
materials and written instructions so that the specimen 
is delivered successfully. 

When refrigeration is not possible (especially when 
the specimen must be transported over long distances) 
chemical preservatives may be utilized to keep the 
24-hour urine specimen from undergoing changes upon 
standing. Chemical preservatives (such as boric acid or 
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dilute hydrochloric acid) are often added to 24-hour 
urine specimen containers to keep chemical changes 
from occurring before the specimen is tested. These ad- 
ditives for 24-hour urine specimen collection are listed 


in Table 9-2. 





Test Your Knowledge 9-6 


When providing instructions to a patient for a 24-hour 
specimen collection, what should the patient be told 
about urinating directly into the container that contains 


hydrochloric acid as a preservative? 


(Outcome 9-7) 





There are additional handling procedures that are 
required by 24-hour urine specimens once they arrive 
at the laboratory. These procedures include proper 


TABLE 9-2 


Additives used for 24-hour urine specimens 





Test Ordered Preservative Added 
Aldosterone 1 g boric acid per 100 mL urine 
Amylase Add NaOH; adjust pH to 6 or 


above 





Urine calcium 


Add HCl to adjust pH 1.5-2.0 





Catecholamines 


Add HCl to adjust pH to 2-3 or 
add 25 mL 6N HCl 








corticosteroids 


Cyclic AMP 10 mL 6M HCl 
(adenosine 
monophosphate) 
17-Hydroxy- Boric acid to adjust pH 5-7 





Urine phosphorus 


HCl to adjust pH to 1.5-2 

















Testosterone 1 g Boric acid per 100 mL 
Uric acid NaOH to adjust pH to 8 or 
above 
Dopamine Glass container with 25 mL HCl 
Homovanillic Glass container with 25 mL HCl 
acid (HVA) 
lodine Glass container with 25 mL 


acetic acid 





Vanillymandelic 
acid (VMA) 


Glass container with 25 mL 
6N HCl 





Urea nitrogen 


25 mL 6N HCl 





5-Hydroxy- 
indoleacetic acid 
(5-HIAA) 





25 mL 6N HCl 








documentation of the total specimen volume upon ar- 
rival at the laboratory, and verification of the times in- 
cluded in the collection. The specimen must also be 
well mixed and an aliquot, which is a small sample, 
must be poured off for further chemical testing. Figure 
9-1 shows a 24-hour urine collection container. 

Procedure 9-2 details the instructions for collection of 
a 24-hour urine specimen. 


Glucose Testing Specimens 


Glucose is not usually present in the urine at levels high 
enough to be measured. However, in patients with dia- 
betes mellitus, blood glucose concentrations may reach 
levels that are high enough to cause glucose to “spill” 
into the urine. There are several urine collection proce- 
dures that may assist with the diagnosis or monitoring of 
those with diabetes mellitus or gestational diabetes. 
These include the following: 


e 2-hour postprandial specimen: For a 2-hour post- 
prandial specimen, the patient is instructed to empty 
the bladder before a meal that contains approximately 
100 g of carbohydrates. Two hours after meal comple- 
tion, the patient is to collect a urine specimen. Ideally, 
the patient will also have a blood sample drawn 
2 hours after eating so that both results can be used to 
evaluate the patient’s condition. Because there will 
not be a culture or complete urinalysis performed on 
the specimen, 2-hour postprandial urine specimens 
do not need to be collected using the clean-catch 
midstream urine collection procedures, The specimen 
is tested only for the presence of glucose. (Additional 


| a 





Figure 9-1 A 24-hour urine collection container. Notice 
the large-volume capacity, the measurements along the side 
of the container, and the amber color, which blocks light 
exposure, as some chemical concentrations are decreased 
with exposure to light. This 24-hour urine collection con- 
tainer includes a special closure adaptation to make it easy 
to pour the specimen when it arrives at the laboratory. 
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information about this procedure is included in 
Chapter 17.) 

Glucose tolerance urine specimen: Glucose toler- 
ance urine specimen tests are used for diagnosis of 
gestational diabetes or diabetes mellitus. Urine and 
blood specimens are collected at specific intervals af- 
ter a fasting patient is given a high glucose substance 
to drink. The first urine specimen collected should 
ideally be a “fasting” specimen, meaning that it is the 
second morning void, not the first. The first morning 
void contains the breakdown products from the food 


Procedure 9-2: Instructing a Patient 


207 


ingested the night before the test; the second morn- 
ing void should be representative of the body in a 
state of fasting. After the patient has been given the 
high glucose substance to drink, a blood and urine 
collection is performed at least three more times at 
hourly intervals for 3 more hours. Additional samples 
may be collected depending on the policy for that 
particular laboratory. It is not necessary to use the 
clean-catch midstream collection procedures for this 
test, as the specimens collected are not used for cul- 
tures or complete urinalysis procedures. 


for Collection of a 24-Hour Urine 





Specimen 


This process collects all urine that is produced by the 
body over a 24-hour period. It is noninvasive, and pro- 
vides a great deal of information about the patient’s re- 
nal function. Remember, urine contains many chemi- 
cal substances such as sodium, potassium, and 
creatinine that are dissolved in water. Because the con- 
centration of these chemicals may vary throughout the 
day, it is important to collect all the urine produced 
over a 24-hour period for an accurate assessment. 


TASK 


Provide the necessary supplies and education for a 
patient to successfully complete a 24-hour urine 
specimen collection. 


CONDITIONS 
e An appropriately labeled 24-hour urine collection 





e Warning sticker if preservative is added to the speci- 
men container 

e An additional smaller container (such as a urinal de- 
vice) for urine collection 

e Written patient instructions, including any dietary 
restrictions for the collection period 


CAAHEP/ABHES STANDARDS 


CAAHEP Standards 


I.P.1.6: Anatomy and Physiology: Perform patient 
screening using established protocols 

1.A.1.2: Anatomy and Physiology: Use language/verbal 
skills that enable patients’ understanding 


a 
@ ABHES Standards 








container (or more than one container if a high = None 
volume of urine is anticipated) 
Procedure Rationale 


1. Wash hands and gather necessary supplies for the 
patient. Verify any dietary restrictions and/or pre- 
servative requirements for the test ordered by check- 
ing the laboratory reference guide. Check to see if 
the instructions for the analyte ordered include a 


blood draw. 


Hand washing breaks the chain of infection. It is im- 
perative that the medical assistant verify all restric- 
tions and special instructions before meeting with 
the patient. There should be a written copy of all in- 
structions (including dietary restrictions) available 
so that they can be provided to the patient. 





Continued 
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Procedure 9-2: Instructing a Patient for Collection of a 24-Hour Urine 





Specimen—cont’d 





Procedure 


2. Add preservative to the collection container if 
necessary, using appropriate safety precautions. 
Apply warning label if acid was added to the 


container. 


3. Greet and identify the patient. Verify the test order 


once more. 


4, Provide the patient with the 24-hour urine collec- 
tion container and an additional smaller, wide- 
mouth container for urine collection. 


5. Instruct the patient that the 24-hour specimen must 
remain refrigerated during the collection process. 
Also emphasize that a// urine collected during the 
24-hour period must be collected in the container 
provided. 


6. Instruct the patient that upon arising on the first day 
of the 24-hour period he or she is to empty the blad- 
der by urinating into the toilet. This is the start time 
of the collection period, so the patient is to note this 
time on the collection container and on any paper- 
work that may have been provided for the process. 





Rationale 


Warning labels must be added to the container if there 
has been preservative added (e.g., hydrochloric acid) 
that could harm the patient. If there is a harmful pre- 
servative added to the container, the patient must be 
told that he or she cannot urinate directly into the 
container or splash the specimen on bare skin. 





The patient identity must always be verified for every 
procedure. Verification of test orders and labeling 
reduces the potential for error. Some laboratories 
have labels that include the dietary restrictions that 
are also attached to the container. 


The 24-hour urine collection container will be amber 
or dark in color. It will hold approximately 3 liters 
of urine. The dark color protects some of the urine 
chemicals from decomposing with exposure to light. 
The smaller container is used to collect the speci- 
men during urination, after which it will be added 
to the large container. 


For accurate results the patient must understand that 
all the urine in the 24-hour period must be collected 
and preserved appropriately. For convenience, the 
patient may want to choose a day for collection 
when he or she will be home most of the time. 


For accurate results, this part of the process should be 
emphasized; it is a bit difficult to understand with- 
out a thorough explanation. 
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Procedure 


7. Explain to the patient that all the urine for the next 
24 hours (after that initial void) must be saved in 
the large container. Instruct the patient that he or 
she may use the smaller collection container during 
the urination process, but this urine must all be 
added immediately to the larger container. 


8. Explain to the patient that if for any reason all the 
urine is not put in the container, the collection 
process must be started over. 


9. Explain to the patient that the 24-hour collection 
period ends the following day at the same time 
that the process was started. This urine (from the 
following morning at the same time) is to be 
added to the collection container to complete the 
process. Document this time on the collection 
container and on any additional paperwork as 
required. 


10. Tell the patient to transport the filled container to 
the laboratory as directed. It may be necessary to 
collect blood when the specimen is returned to the 
laboratory. 


11. Verify whether the patient understood the instruc- 
tions as given, and check if there are any additional 
questions. Supply contact information for future 
questions. 


12. Provide the patient with a written copy of the 


Rationale 


It must be stressed that all the urine must be collected 
during the 24-hour period for the test results to be 
valid. 


The reference ranges for the tests are dependent on 
24-hour specimens; any urine not added to the spec- 
imen container may potentially affect the results. 


Emphasize that the 24-hour period starts and ends 
with an empty bladder. 


The patient should be notified before the collection 
process begins if there is a blood draw necessary so 
that he or she is anticipating this. 


This is a critical step for the appropriate collection of 
the specimen. 


A written copy will allow the patient to refresh his or 














instructions. her memory when the collection is performed. 
Date 
10/24/2012: Patient provided supplies and written and verbal instructions fora 24-hour urine collection procedure. 
7:58 a.m. Connie Liesebe, CMA (AAMA) 











Test Your Knowledge 9-7 


How is a first morning void specimen different from a 
24-hour urine specimen? (Outcome 9-3) 





Urine Collection Procedures for Infants 
and Pediatric Patients 
It can be very difficult to collect a urine specimen from 


an infant or young child using noninvasive procedures. 
A routine specimen may be obtained by using a special 


type of collection bag designed to be attached to the 
skin surrounding the urinary opening of a young child 
or infant. The area around the urinary meatus must be 
carefully cleaned to reduce contamination, and care 
must be used to attach the device securely so that the 
urine does not leak out around the adhesive. It is also 
important to inform the parents of the patient (if the 
collection is to be completed at home) to check for the 
presence of urine in the bag often so that it can be trans- 
ferred to an appropriate sterile collection cup and refrig- 
erated. Figure 9-2 shows a pediatric urine collection 
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Figure 9-2 Pediatric urine collection device. Note the 
adhesive surrounding the opening of the bag. The adhesive 
surface will be applied to the child’s cleansed skin sur- 
rounding the urinary opening. Courtesy of Zask, Inc. 


bag. A suprapubic aspiration or straight catheterization 
procedure may be performed by the physician (or other 
qualified health-care professional) for young children 
and infants if a sterile specimen is necessary for proper 
diagnosis. 





Test Your Knowledge 9-8 


Why is a special collection device necessary to collect a 
urine specimen from an infant? (Outcome 9-3) 





URINE SPECIMEN PROCESSING 





Because urine can be collected relatively easily without 
invasive procedures, it is often taken for granted. A urine 
specimen may have drastic changes occur while standing 
at room temperature, so care must be taken to handle the 
specimen correctly after collection until the testing 
process is complete. Urine that is not processed correctly 
can lead to misdiagnosis and incorrect treatment for the 
patient. 

Although urine is not considered to be capable of 
transmitting HIV, hepatitis B, or hepatitis C, it is im- 
portant that the processor uses gloves and a protective 
laboratory coat when handling urine samples. Other 
pathogenic microorganisms may be present in the 
urine specimen, and employees need to be certain to 
protect themselves appropriately. Protective eyewear 
may also be considered if there is a potential for 
splashing the specimen. This may be particularly criti- 
cal when handling specimens that have acid added as 


POINT OF INTEREST 9-3 
What now? 





4 


Once the specimen has been collected and returned 
to the laboratory or physician’s office, it is up to the 
medical assistant to process and store it correctly. 
Here are a few basic guidelines: 





e While still in the presence of the patient, verify that 
the specimen is correctly labeled with name, birth 
date, and other identifying information. 

¢ Verify and, if necessary, document the date and 
time of collection on the appropriate paperwork. 

¢ Review the collection process with the patient; ask 
specifically whether there were any problems with 
the specimen collection or storage. If the collection 
or storage of the specimen was incorrect, the spec- 
imen should be discarded at this time, and 
the patient should be provided with materials to 
perform a recollection. 

¢ Some facilities will have the medical assistant 
immediately document the color, appearance, and 
specific gravity of the specimen before it is refriger- 
ated, as these can change once the specimen 
temperature decreases. 

¢ Specimens for urinalysis, culture, and most other 
procedures are to be tested or refrigerated as soon 
as possible, and always within 1 hour of arrival at 
the laboratory. 

¢ Twenty-four-hour urine collections may need to be 
mixed well and an aliquot may need to be poured 
off. This aliquot would then be forwarded to the 
main laboratory for analysis. (This step will be 
dependent on the policy of the laboratory perform- 
ing the 24-hour urine collection container.) 











preservative, or those that may have a lot of blood 
present in the urine. 





Test Your Knowledge 9-9 


Why are gloves worn when handling urine specimens in 
the laboratory? (Outcome 9-4) 





Refrigeration and Preservation 


Urine specimens should be refrigerated (at 2° to 8°Celsius) 
immediately after collection if they cannot be analyzed 
within 1 hour of collection. If the specimen is collected in 
a patient’s home, instructions about refrigeration are espe- 
cially critical. The sample should stay cool until delivered 
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to the laboratory; if a patient has numerous errands to run, 
or if the patient is going to work, it is important that the 
patient use a cooler to keep the urine refrigerated until it is 
delivered to the laboratory. 

There are numerous changes that may occur as the 
urine is left standing at room temperature, but the most 
dramatic is the change in the bacterial count. The bacteria 
present in urine specimens are capable of multiplying very 
rapidly; the bacterial count of the specimen may double 
within 2 hours at room temperature. This means that the 
patient may initially be treated for a urinary tract infection 
based on a high bacterial count reported as part of the uri- 
nalysis, when there were actually very few bacteria present 
in the specimen at the time of collection. Refrigeration 
halts most of the changes that may occur in the urine spec- 
imen, and reduced temperatures are especially effective at 
limiting the replication process of bacteria. The potential 
changes to a urine specimen with extended room temper- 
ature storage are listed in Table 9-3. 





Test Your Knowledge! 9-10 


What change in the urine specimen is most dramatic if 
the specimen is left out at room temperature for more 
than an hour? (Outcome 9-5) 





AN 


Changes in urine specimen when left at room 
temperature for more than 1 hour 


Changes in 
Urine Specimen 


Decreased clarity 
and slight color 
change 


Details and/or 
Clinical Significance 


Crystallization of solutes; 
may also cause color inter- 
pretation to change as these form 





pH increases 


Bacteria in specimen convert urea 
to ammonia and CO, is lost 





Ketones decrease 


Ketones decrease with time at 
room temperature 





Bilirubin and 
urobilinogen 
decrease 


Exposure fo light causes 
these chemicals to degrade 
in the specimen 





Cells and casts 
dissolve 


Microscopic examination is 
inconclusive as identification of 
microscopic features is inaccurate 





Bacterial count 
increases 


Bacteria continue to multiply 
exponentially 





Glucose decreases 





Glucose is used by bacteria and 
other cellular components as an 
energy source 








Although it is necessary to preserve urine specimens at 
reduced temperatures to stabilize some of the analytes, it 
is important to remember that these reduced tempera- 
tures may also affect the specimen. Refrigeration may 
increase the specific gravity of the specimen, and cause 
some diffuse microscopic crystallization within the urine 
specimen as well. The specific gravity is a measurement of 
the amount of dissolved substances in the urine speci- 
men. (More information about specific gravity is covered 
in Chapter 20.) Urine that has been refrigerated may also 
change in color and appearance, and these parameters are 
recorded as part of a routine urinalysis in many situa- 
tions. In order to counteract the effects of refrigeration on 
these testing parameters, the urine specimens should be 
allowed to return to room temperature before routine uri- 
nalysis testing is performed. This reverses most of the 
changes. Also remember the urine specimens must be 
well mixed with gentle inversion or swirling of the speci- 
men container before testing. 

Additives (preservatives) may also be used for speci- 
mens that are to be tested for common urinalysis tests 
and/or set up for urine cultures. Many manufacturers 
produce tubes with additives for this purpose. An exam- 
ple is BD Vacutainer Plus Plastic Conical urinalysis pre- 
servative tubes, which contain chlorhexidine, ethyl 
paraben, and sodium propionate for preservation of 
urine specimens for urinalysis. Some of these additive 
tubes cannot be used for certain types of test procedures; 
it is imperative that the medical assistant check the pack- 
age insert to verify whether a specific type of collection 
container with an additive may be used for the proce- 
dure ordered. These special additive tubes are not usually 
given to the patient for transfer at home; the urine spec- 
imen is added to the tube once it arrives at the laboratory 
or physician office. Because microscopic examinations of 
the specimens are performed, it is also important that 
the formed elements (substances in the urine specimen 
such as cells and microorganisms) are preserved so that 
they can be documented as part of the examination. Ad- 
ditives may assist with the preservation of these sub- 
stances as well as the chemical components present in 
the specimen. 


Proper Disposal of Urine and Supplies 


After testing, laboratories may immediately discard 
urine samples, or keep them refrigerated for a few days 
for potential follow-up testing and troubleshooting of 
test results. When the urine is no longer needed, it may 
be flushed down the sink, and the specimen containers 
may be disposed of as regular (nonbiohazardous) trash. 
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Urine is not considered a biohazard in the same way 
that blood and other body fluids are. Sinks used for dis- 
posal of urine should be disinfected daily with a concen- 
tration of 10% bleach or another approved laboratory 
disinfectant. 








SUMMARY 


Urine testing is a common method of screening for 
disorders of metabolism, pregnancy, and potential 
infection within the body. Proper patient preparation 
and education are essential to ensure a quality speci- 
men that will yield meaningful results. Collection 
methods, required volume, and the need for preser- 
vatives will vary, depending on the test ordered. Also, 
once the urine specimen arrives at the laboratory, it 
is imperative that the specimen is appropriately 
processed and preserved in a timely manner to pre- 
vent overgrowth of microorganisms and_ potential 
erroneous results. 











TIME TO REVIEW 


1. How is a suprapubic aspiration Outcome 9-3 
different from a catheterization? 


a. The urine is collected from a different part of the 
urinary system 

b. The collection device used is different for each 
procedure 

c. The amount of urine collected is not the same for 


the two types of procedures 
d. All of the above 


2. True or False: The urine collected Outcome 9-3 
using the clean-catch midstream collection procedure 
may be collected at any time of the day. 


3. Which of these statements is not Outcome 9-4 
true of indwelling catheters? 


a. Indwelling catheters are inserted and used contin- 
uously for an extended period of time 

b. Indwelling catheters are often colonized with 
bacteria 

c. Indwelling catheters may be used to collect a 
urine specimen after they have been in place for a 
few days 

d. Indwelling catheters may be used for patients who 
have problems with incontinence 


4. Which of these measurements Outcome 9-5 


9. 


10. 


11. 


may change when urine is left at room temperature 
for longer than 1 hour? (Circle all that apply.) 


a. Color 

b. Glucose concentration 

Bacterial count 

Appearance of microscopic elements 
pH 

Specific gravity 


mo Bo 


. True or False: It is not necessary to Outcome 9-6 


provide two unique identifiers (such as patient name 
and birth date) on a urine specimen container. 


. True or False: Labels for urine Outcome 9-6 


specimen containers may be placed on the lid only; 
it is not necessary to label the container. 


. Which of these urine specimen types Outcome 9-3 


may be collected at random times? (Circle all that 

apply.) 

a. Clean-catch midstream urine specimens 

b. Specimens to check for prostatitis 

c. Specimens used to check for the presence of 
glucose as part of a glucose tolerance test 

d. Suprapubic aspiration specimens 

e. Urine pregnancy test specimens 

f. Culture specimens 


. The urinary meatus is: Outcome 9-1 


a. Part of the bladder 

b. The excess skin removed during the process of 
circumcision 

c. The external opening of the urethra 

d. Part of the prostate gland 


True or False: Different collection Outcome 9-2 
techniques for urine specimens are necessary be- 
cause chemicals are not present in urine in the same 
concentration at the same time each day. 


Diurnal variation means: Outcome 9-1 


a. Fluctuations in the value of an analyte that occur 
during each day. 

b. Concentration of urine in the morning void 
specimen. 

c. Changes in urinary pH when urine is left at 
room temperature 


d. None of the above 


True or False: An aliquot of a urine Outcome 9-1 
specimen refers to a small portion (or fraction) of 
the whole. 
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Case Study 9-1: Postoperative pain 


Mr. Johnson has had pain in his perineal area for more 
than a week, and he has noticed that he is urinating 
quite frequently. Mr. Johnson decides that he should call 
the physician for an appointment, because he now has 
a fever and doesn’t feel as if he can go to work. He re- 
cently had abdominal surgery, and was catheterized 
with an indwelling catheter for several days before he 
was mobile. 


1. What are two possible explanations for his discom- 
fort and frequent urination? 

2. How could the physician decide on the correct diag- 
nosis? What procedures might be utilized? 


Case Study 9-2: Specimen dropoff 


Mrs. Brown brings her 24-hour urine specimen con- 
tainer to the office. The medical assistant who is work- 
ing at the front desk receives the specimen from 
Mrs. Brown. 


1. What does the medical assistant need to do before 
Mrs. Brown leaves the office? 





RESOURCES AND SUGGESTED READINGS 


“Prostatitis” 


Neal Chamberlain, computerized teaching materials for the 


Infectious Disease Course at Kirksville College of Osteo- 


pathic Medicine http://www.atsu.edu/faculty/chamberlain/ 


Website/lectures/lecture/prostate.htm 
“Acute Bacterial Prostatitis” 


“Care Gram 24-Hour Urine and Food Drug Restrictions” 
Information about dietary and medication restrictions for 
24-hour urine collections from Licking Memorial Health 
Systems http://www.|mhealth.org/pdf/CareGrams/Lab%20 
Tests/24%20Hour%20Urine%20&%20Food%20Drug%2 
ORestrictions%201616-0550.pdf 

“CAP Today: Cloudy or Clear? Best Forecasts for Urine Cul- 
tures,” CAP today online newsletter, November 2006 
Details for a study about preanalytical errors with urine 
specimen collection for cultures http://www.cap.org/apps/ 
portlets/contentViewer/show.do?printFriendly=true& 
contentReference=cap_today%2Ffeature_stories%2F1106U 
rine.html 

“24-Hour Urine Collection” 

Southwestern University Health Library selection about 
24-hour urine collection; includes clinical significance and 
details about the collection process http://www. 
utsouthwestern.edu/patientcare/healthlibrary/ 
healthtopics/0,,P08955,00.html 

“Best Practice: Tips for Urinalysis” 

Becton, Dickinson online newsletter, LabNotes, 13, no. 2, 
2003 

Details about urine processing for urinalysis and urine cul- 
tures, including information about preservative tubes that 
are available http://www.bd.com/vacutainer/labnotes/2003 
spring/best_practice.asp 

“Sample Meal for a 2-Hour Postprandial Glucose Test” 
Patient instructions for 2-hour postprandial glucose testing 
procedure from the Delaware Valley Institute of Fertility 
and Genetics http://www.startfertility.com/patient_fld/ 
form_pdfs/Sample_Meal-2-hr_PP_glucose_test.pdf 

“Laws, Regulations, Standards and Guidelines” 

A publication of the New Jersey Hospital Association with 
a summary of laws, regulations, standards, and guidelines 
that pertain to language assistance for diverse populations 
in the health-care setting that may not have English as their 
native language http://www.njha.com/publications/pdf/ 
Laws_Regulations_Standards_and_Guidelines.pdf 


Overview of prostatitis, with specific information about di- 
agnosis and treatment http://www.drrajmd.com/conditions/ 
prostate/prostatitis/acute_bacterial_prostatitis.htm 
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Collection and Processing of Samples 
for Microbial Studies 


Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 








CHAPTER OUTLINE 

Microbiology Sample Collection Guidelines Wet Mount Procedure 
Types of Media Sample Collection Procedures for Detection 
Microbiology Terms of Parasites 

Detailed Microbiology Sample Collection Procedures Ova and Parasite Examination 
Throat Swab Collections for Culture or Strep Screens Pinworm Collection Procedures 
Sputum Samples Processing Microbiology Samples 
Urine Samples for Culture Slide Preparation and Gram-Staining Procedure 
Blood Culture Collection Plating and Inoculation of Media 
Cerebrospinal Fluid Samples Antibiotic Sensitivity Testing 

* Genital Samples Microbiology Test Results * 

Wound Cultures Summary 
Stool Specimens Time to Review 
Nasopharyngeal Specimens Cosa Siidies 


Eye Cultures 
Ear Cultures 
Special Sample Collection and Processing 
Procedures 
Fungal Sample and Culture Collection Procedures 
Potassium Hydroxide Preparation 


Resources and Suggested Readings 





Lea rning Outcomes After reading this chapter, the successful student will be able to: 





10-1 Define the key terms. 10-5 Compare and contrast sample collection of throat 

10-2 Demonstrate understanding of the general swabs for streptococcal screens and cultures. 
guidelines to be followed when collecting for 10-6 Explain the collection procedure for sputum 
microbiology testing. samples. 

10-3 List various types of media used for bacterialand 10-7 Differentiate the types of urine specimens that 
viral specimen setup. may be used for cultures. 

10-4 Describe how the collection processes and sup- 10-8 += Describe the procedure for collecting a specimen 
plies for bacterial, viral, and fungal specimens for a blood culture. 
may differ. 


Pals 
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10-9 — Describe how a cerebrospinal fluid (CSF) sam- 
ple is collected, and explain how the sample 
should be processed after collection. 


10-10 Explain how genital screening samples are 





processed. 

10-11 Demonstrate an understanding of the various 
types of wound cultures and how their process- 
ing differs. 

10-12 Compare and contrast collection and process- 
ing of stool samples as compared to other com- 
mon microbiology specimen types. 

10-13 State when a nasopharyngeal specimen may be 
necessary, and describe the collection technique 
used. 

10-14 Describe the technique used for eye and ear cul- 
ture sample collection procedures. 

10-15 Classify the various types of fungal infections, 
and describe the techniques used to collect fun- 
gal culture samples. 

CAAHEP/ABHES STANDARDS 

CAAHEP Standards 

I.A.1.2. Use language/verbal skills that enable patients’ 

understanding 


IIL.C.I.3. Discuss infection control procedures 

lI1.C.1.5 List major types of infectious agents 

IIL.C.I.7. Match types and uses of personal protective 
equipment (PPE) 

IIL.C.IN.9. Discuss quality control issues related to han- 
dling microbiological specimens 

II1.P.III.2. Practice Standard Precautions 

IIL.P.II.3. Select appropriate barrier/personal protective 
equipment (PPE) for potentially infectious situations 
IIL.P.1.7. Obtain specimens for microbiological testing 
IIL.A.IIl.1. Display sensitivity to patient rights and feelings 
in collecting specimens 

IILA.III.2. Explain the rationale for performance of a pro- 
cedure to a patient 

II1.A.1.3. Show awareness of patients’ concerns regard- 
ing their perceptions related to the procedure being 
performed 


10-16 Differentiate the requirements and use of a KOH 


prep and a wet mount specimen preparation. 


10-17 Explain how a stool sample is collected and pre- 
served for an examination for the presence of 
ova and parasites. 


10-18 Summarize the sample collection process used 


for detecting a pinworm infection. 

10-19 Explain the steps involved in performance of a 
Gram stain, as well as the differential appear- 
ance of the stained organisms. 


10-20 Explain how a microbiological sample is plated 


for growth. 

10-21 Describe how sensitivity testing is performed 
and explain the clinical significance of the 
process. 

10-22 Translate a microbiology laboratory report, and 
explain the clinical significance of the values. 

eS. 


‘SS? ABHES Standards 


e Apply principles of aseptic techniques and infection 
control 

Use standard precautions 

Practice quality control 

Perform selected CLIA-waived tests that assist with 
diagnosis and treatment, #5: Microbiology testing 
Dispose of biohazardous materials 

Collect, label and process specimens, #3: Perform 
wound collection procedures, #4: Obtain throat spec- 
imen for microbiology testing 

Instruct patients in the collection of a fecal specimen 
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KEY TERMS 
Aerobes Hanging drop slide Ova and parasite examination 
Agar Hemolytic uremic syndrome (O08?) 
Anaerobes Inoculation Parasites 
Antibiotic sensitivity testing Kirby-Bauer method Pathogen 
Broth KOH (potassium hydroxide) Petri dish 
Candle jar Lumbar puncture avon 
Cerebrospinal fluid (CSF) Medium (pl., media) Resistant 
samples Methicillin-resistant Staphylococ- Scabies 
Colonies cus aureus (MRSA) Sensitive 
Cover slip Minimum inhibitory concentra- Septicemia 
Culture tion (MIC) method Sequela 
Culture and sensitivity (C&S) Motility Slant 
report Mycoses Sputum 
Disk-diffusion method Nasopharyngeal collection Qgeo saEsIE 
Ectoparasites Eechnique Trichomoniasis 
Endoparasites Nasopharynx rer acuat 
Eustachian tube Normal flora Piecds larap 
Exudate ae Zone of inhibition 
eramiciain Otitis externa 
Otitis media 


icrobiology is the study of organisms that require 

magnification to be seen by the human eye. As 
introduced in Chapter 3, microorganisms are every- 
where! These tiny creatures have been the objects of 
study since the early 1700s, when Antony Leeuwen- 
hoek first recorded observations of bacteria he watched 
with his homemade microscopes. These “animalcules” 
(as Leeuwenhoek called them) were described in great 
detail, and Leeuwenhoek hired an illustrator to provide 
pictures of the living creatures that he observed. How- 
ever, the idea that microorganisms were capable of 
spreading disease was understood much later. In 1847, 
Ignaz Semmelweis was working in a maternity hospital 
in Siena, Italy, when he realized that some sort of 
“invisible agent” seemed to spread from the mothers 
who died of puerperal fever after childbirth to the other 
mothers in the ward. He insisted that the physicians 
working in the ward begin to wash their hands between 


patients, and also had the practitioners change their 
laboratory coats after performing autopsies before they 
worked with expectant mothers. These small changes 
resulted in a dramatic drop in the mortality rates in 
the maternity ward of the hospital. Unfortunately, 
Semmelweis was ridiculed for his strict enforcement of 
the rules, and was subsequently fired. 

It would still be almost 100 years before observa- 
tions such as the ones made by Semmelweis began to 
change the way that the world viewed microorganisms 
and their relationship to disease. Louis Pasteur and 
Robert Koch were responsible for many of the theories 
that we use in microbiology today. In the late 1800s, 
they conducted a series of experiments to suggest that 
bacteria cause disease, and these scientists went even 
further to prove that bacteria did not spontaneously 
generate, but instead replicated at a very fast pace when 
introduced to an environment that supported their 
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growth. It was also proved during this time that bacteria 
could be kept from contaminating a certain area if the 
appropriate precautions were taken. These were revolu- 
tionary ideas that continue to shape the way we view 
microorganisms today. 

When working with microbiological samples, it is im- 
portant to keep these core concepts in mind, as our goal 
is to avoid extraneous contamination of the specimens, to 
provide appropriate samples for testing to allow for 
proper patient diagnosis and treatment, and to nurture 
the growth of microscopic organisms so that they can be 
identified. We now know that the microscopic “animal- 
cules” that can cause harm do not include only bacteria. 
Microbiology testing may also focus on viruses, fungi, 
and parasites. Because of this variety, collection methods 
and testing procedures vary, depending on the type of 
specimen collected and the organism that is thought to be 
present. The laboratory may process these samples in the 
general microbiology department, or there may be subdi- 
visions for bacteriology, virology, mycology, and/or para- 
sitology. This chapter presents collection and handling 
procedures for the most common types of microbiologi- 
cal tests ordered. 


MICROBIOLOGY SAMPLE COLLECTION 
GUIDELINES 





In order to provide appropriate treatment, health-care 
providers need to know which type of pathogen is 
causing the symptoms exhibited by the patient. A 
pathogen is a microorganism that is capable of causing 
disease in the body. Most infectious diseases are caused 
by viruses or bacteria. Treatment choices vary dramati- 
cally based on the causative organism present in the 
specimen collected for testing. Variables for treatment 
may be based on the type of pathogen present (such as 
viruses, bacteria, fungi, or parasites), the amount of the 
microscopic organism isolated, as well as sensitivity 
testing for antimicrobials suitable for treatment. The 
microorganism that causes a disease is a pathogen, 
so health-care providers must always remember which 
organisms may be present as part of the normal 
flora (resident bacteria present in certain areas of the 
body) as these may contaminate the specimen, and 
their presence may be misleading. 





Test Your Knowledge 10-1 


What is the term used to describe a microorganism that 
causes disease?. (Outcome 10-1) 





To assure quality processes and valid results, specific 
guidelines should be followed whenever collecting or 
processing samples for microbiology testing. These 
include the following: 


Specimen collection 


e Collect the sample from the area of infection, and 
avoid contamination from surrounding areas if at all 
possible. This is especially critical when collecting 
samples for wound cultures. 

° Ideally, bacterial culture specimens should be collected 
before antibiotics are introduced. If the antibiotics 
have already been administered, the causative organ- 
ism may not be present in high enough numbers to 
identify it appropriately. 

¢ Use the correct collection and transportation methods. 
Research what type of swab or container is to be used, 
and how the sample is to be handled after collection 
until it reaches the laboratory. Package inserts should 
be consulted for specific collection techniques. Some 
samples are to be refrigerated immediately, whereas 
others are to remain at room temperature until they are 
transported to the laboratory for processing. 

e Always collect a sufficient quantity of sample for testing. 

e Be certain that the sample is appropriately labeled, 
including the source (be as specific as possible), the 
patients name, the identification of the individual 
performing the specimen collection, and the date and 
time of the collection. Document this information on 
the requisition form appropriately as well. 

e Verify and adhere to any sample restrictions for trans- 
port time. Also verify whether the sample needs to be 
protected from light after collection. 

e Use sterile supplies, and be careful to maintain steril- 
ity while performing sample collection procedures. 

° Store all laboratory specimens in a refrigerator or other 
container dedicated for that use. 


Personnel 


e All personnel participating in the collection, process- 
ing, or testing of microbiological specimens must be 
appropriately trained in all procedures. 

¢ Personnel should participate regularly in competency 
testing to assure quality of collection, processing and 
testing of specimens. 

e Wear appropriate personal protective equipment 
(PPE) when performing specimen collection or speci- 
men processing. This may include items such as 
gloves, a laboratory coat, face shield, or special respira- 
tory equipment such as that needed for processing 
samples that may contain tuberculosis. 
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Media 


e A medium provides nutrition for microorganisms when 
grown in the laboratory environment. There is an expira- 
tion date associated with all media to ensure appropriate 
performance. Media should be discarded when outdated. 

e For a medium to function as designed, it cannot 
be allowed to dry out or become contaminated. In ad- 
dition, there are specific storage requirements for each 
type of medium, and these must be followed carefully. 

¢ Verify that the correct medium is used for each type of 
specimen collection, as this can have a profound effect 
on the results. 

¢ Medium performance should be verified on a regular 
basis by inoculating the medium with a known 
microorganism to observe growth. 


Stains 


e All products used for staining microorganisms have 
expiration dates provided by the manufacturer, after 
which the stains must be discarded. Stain performance 
should be verified on a regular basis by staining 
microorganisms with predictable staining characteris- 
tics to observe staining patterns. 





Test Your Knowledge 10-2 


What must be documented on the sample after the col- 
lection of a microbiology specimen? (Outcome 10-2) 





Test Your Knowledge 10-3 


Should bacterial culture specimens be collected before 


or after antibiotic therapy has been started? 
(Outcome 10-2) 








Types of Media 


The growth of any microorganism in the laboratory is 
dependent on the presence of an appropriate nutrition 
source and other chemicals necessary for survival. These 
are provided in a culture medium (plural, media). The 
medium may be in the form of a liquid nutrient broth, 
a semi-solid gel, or a solid gel. Agar is a thickening 
agent added to the medium that allows the gel to solid- 
ify so that the microorganisms will grow on the surface. 
A medium may be provided in tubes, or it may be 
provided in a small shallow container, known as a 
Petri dish. Figure 10-1 shows various types of media 
used in a microbiology setting. Some laboratories create 
their own media, but most purchase commercially 
prepared media, which provide a longer shelf life, fewer 
impurities, and more consistent appearance and 
performance. All types of media contain nutrients and 
additives that support the growth of microorganisms. 
Ingredients may include blood, vitamins, dyes, sugar 
mixtures, and organic sources of nutrition such as 
vegetable extracts. 





Figure 10-1 


Types of media. Note the presence of the agar plate, the slant, and the broth. 
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Culture media is classified into categories based on 
whether the medium enriches the growth of all bacteria 
or selectively inhibits growth of certain bacteria. 


° Selective media have additives that prevent the growth 
of certain types of bacteria while promoting the 
growth of other select species. One example is Thayer 
Martin agar, used for specimens when a gonorrhea in- 
fection is suspected. It has lysed red blood cells, which 
provide an easy source of hemoglobin to promote the 
growth of the Neisseria gonorrhoeae organism, but the 
medium also contains vancomycin, colistin, and nys- 
tatin. These are antibiotics that prohibit the growth of 
other common nonpathogenic microorganisms often 
found concurrently with gonorrhea. 

° Differential media allow for different types of bacteria to 
be identified based on an indicator. A common differ- 
ential medium used in the laboratory is MacConkey 
agar, which has a special dye additive. If the organisms 
growing on the agar ferment lactose (the indicator), 
their growth will appear pink on the medium plate. 
This colored growth allows the microbiologists to make 
a preliminary identification of the pathogenic microor- 
ganisms based on their ability to ferment lactose. 

° Enriched media include nutrients that allow for a wide 
variety of organisms to grow. Blood agar is an example 
of an enriched medium that is designed to support 
growth of microorganisms that flourish in the human 
body, including both pathogens and nonpathogens. 


Solid gel is provided in a tube (called a slant) or in a 
Petri dish. Liquid medium (usually called nutrient 
broth) comes in a tightly sealed tube. It is important to 
keep all forms of media from drying out or becoming 
contaminated after receipt at the laboratory or physician 
office. The media should be refrigerated for storage, but 
must be brought to room temperature before use. All 
forms of media have a limited shelf life, so it is impor- 
tant to be aware of their expiration date. 





Test Your Knowledge 10-4 


What are two ways that culture media may differ? 
(Outcome 10-3) 





Microbiology Terms 


A culture is a group of microorganisms grown in a labora- 
tory environment using prepared media. The word culture 
is used whether the sample is bacterial, viral, or fungal. A 
culture is created when a medium source has a specimen 
added for potential growth. The culture is the most 


common test performed in the microbiology laboratory. 
The process of adding the specimen to a medium source is 
known as inoculation. Inoculation may occur in the 
physician office immediately after specimen collection, or 
it may be performed once the specimen arrives at the 
laboratory. The visible growth that occurs once the speci- 
men has been added to the medium may be seen as 
colonies (or clumps) of growth, especially with bacterial 
cultures. The unique appearance of the colonies present on 
the culture may allow for preliminary identification of the 
microorganism. To accelerate bacterial growth, the speci- 
men is usually placed in an incubator that is kept near body 
temperature (37°Celsius) for 24 to 48 hours. Some organ- 
isms must be placed in an environment with little to no 
oxygen present for growth (anaerobes), whereas others like 
an oxygen-rich environment (aerobes). There are incuba- 
tors or other devices that are specifically designed to pro- 
vide these parameters for culture growth. 

Preliminary laboratory results for bacterial cultures 
are often available within 24 to 48 hours after the speci- 
men has been submitted to the laboratory. Each labora- 
tory establishes a definitive time frame before which they 
will not report a negative result for a bacterial culture. 
This means that the laboratory gives the sample a chance 
to grow for at least a few days before posting a negative 
result. Most pathogenic bacteria are relatively easy to 
grow in the laboratory, and identification techniques 
have been established for most of these microorganisms. 

Viral cultures require a longer time for growth and 
identification, and require use of different types of me- 
dia than those required for bacterial cultures. Because 
viruses are parasitic intracellular organisms, viral cultures 
require living tissue and cells to support growth and 
replication. It is imperative that the person collecting a 
viral specimen for culture pay scrupulous attention to 
specimen collection protocol, the technique of collec- 
tion, and transportation requirements. Viral culture 
specimens should be collected, in general, within 
72 hours of symptom onset. Collection swabs made of 
calcium alginate should not be used for collection of 
viral culture specimens, and cotton-tipped swabs with 
wooden shafts must also be avoided. Generally, viral 
specimens are refrigerated to preserve their integrity if 
there will be a delay in transportation. Because it is a 
complicated process, viral culture processing is usually 
performed only in large reference laboratories. It may be 
7 to 10 days before a viral culture result is confirmed. For 
this reason, if a viral infection is suspected and the 
patient’s symptoms warrant it, the health-care provider 
may administer antiviral medication to the patient with- 
out a culture result or identification of the organism. 
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Fungal cultures are even slower to grow than viral cul- 
tures. The fungal elements in a specimen may be difficult 
to isolate because of the faster-growing organisms present 
in or on the specimen, such as bacteria. A selective media 
is used, including nutrition sources such as brain and/or 
heart extract, blood, dextrose, and natural nutrition 
sources such as potatoes. Antibiotics may be added to re- 
tard the growth of the bacteria in the specimen so that 
the fungal elements can be identified. The exact type of 
media used will be dictated by the specific source of the 
specimen within the body, as, for example, the types of 
fungus growing on the skin may be very different from 
those growing in the lungs. A fungal culture may take up 
to 4 weeks to report results; it is generally a minimum of 
21 days before a negative result can be released. 





( Test Your Knowledge 10-5 


Which type of culture (viral, bacterial, or fungal) is 











quickest to grow? (Outcome 10-4) 
WV POINT OF INTEREST 10-1 
Bioterrorism 


Prior to September 11, 2001, the threat of widespread 
bioterrorism was a rare topic in most casual conversa- 
tions. However, the climate changed with the events 
of that day and the weeks that followed. The Centers 
for Disease Control and Prevention (CDC) strongly 
recommends that all laboratories (even those in physi- 
cian offices) continue to monitor their procedures and 
remain aware of those that could create aerosols. An 
aerosol is a suspension of fine particles (such as bacte- 
ria or viruses) in the air. For those facilities in which 
the risk of aerosol formation is heightened because of 
the types of procedures performed and the patient 
population served, a biosafety hood is recommended. 
The procedures would be performed within the hood 
workspace, and any microorganisms released into the 
air would be vented out of the room. 

Health-care facilities also must remain educated 
about what to do in case of an exposure within their 
facility; fast, appropriate action can save lives. The 
agents may be bacterial or viral in nature. Most, but 
not all, agents that could be used for bioterrorism 
would be spread through the aerosol form. It is 
difficult to predict which agents may be used for a 
biological attack, but the following are some that are 
considered to be most probable: 


e Anthrax: In the 1800s, Louis Pasteur documented 
work that he performed with this bacterium, and 
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there are reports of soldiers using anthrax in World 
War I to deliberately infect animals that were to be 
eaten by the enemy. In October and November 
2001, there were 22 cases of deliberate infection with 
the anthrax bacterium in the United States. Anthrax 
is caused by Bacillus anthracis and is a gram-positive, 
spore-forming bacillus. In nature, the spores may be 
present in the soil, and they are either ingested or 
picked up on the skin and hair of animals when they 
are feeding. Humans usually become infected only 
when they come in contact with animals or products 
that are contaminated, and infection is rare. There 
are three routes of infection for anthrax: 


* Cutaneous: The most common natural route is 
cutaneous, or via the skin; humans may be 
infected when handling contaminated wool, or 
occasionally from the spores in the soil. The 
cutaneous infection causes a papule that pro- 
gresses with time into a necrotic ulcer. If the 
ulcer penetrates deep enough into the skin, the 
patient's bloodstream may become infected, 
which can lead to more serious consequences. 

¢ Inhalation: The route that is used most often for 
deliberate infection is via inhalation. The ex- 
posed patient has flu-like symptoms. Within 
days, the patient suffers from hypoxia and has 
difficulty breathing, as pulmonary edema and 
further damages within the lungs progress. Ap- 
proximately 50% of those who are infected via 
the inhalation develop meningitis, and the mor- 
bidity rate is quite high. Prior to 2001, there 
had been only 20 cases of anthrax infection via 
inhalation reported in the United States. 

© Gastrointestinal: The ingestion of poorly cooked, 
contaminated meat allows anthrax entrance via 
the gastrointestinal route. The patient may have 
abdominal discomfort, bloody diarrhea, and 
vomiting, and may have visible ulcerations in the 
oropharynx when examined. Essentially, the 
necrotic lesions that are visible with cutaneous 
exposure form within the GI tract and impair 
the patient’s ability to digest food properly. 


All forms of anthrax exposure can be treated with 
antibiotics if caught early. Once the more serious 
symptoms have developed, it may be difficult treat 
successfully. Ciprofloxacin or doxycycline is often 
used successfully for early treatment. Anthrax is not 
passed from person to person. 


¢ Brucellosis: Brucellosis is a disease that is common 
in cattle, sheep, goats, and pigs in many areas of the 
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world. It may also affect domestic animals such as 
dogs. Humans may be infected by direct exposure to 
an animal host. There are very few human infections 
in the United States because of a rigid vaccination 
program, but the disease is much more frequent in 
other areas of the world. Infection causes flu-like 
symptoms in most humans, but can lead to much 
more serious CNS problems, as well as heart damage. 
Brucellosis forms an aerosol very easily, so to avoid 
potential inhalation in the workplace, it is important 
to remember not to “sniff” cultures in the microbiol- 
ogy area. This practice may be very dangerous. 
Botulism: The symptoms associated with botulism 
are related to the toxin produced by the spore- 
forming bacterium Clostridium botulinum. This 
toxin is one of the most lethal natural substances 
known to humans. The toxin paralyzes the muscles 
of those infected, which eventually leads to paraly- 
sis of the lungs, and death. The toxin is not used as 
an aerosol as much as some of the other microor- 
ganisms considered as threats for bioterrorism use, 
but the bacteria could be very lethal if added to 
a common food source or used in a contained area. 
C. botulinum may also be introduced into the body 
through a wound; there is evidence that armies in 
the past added it to their swords to enhance the 
damage done during hand-to-hand combat. For 
those infected, the most important consideration is 
the treatment of symptoms, as the damage caused 
by the toxin spreads quickly throughout the body. 
Plague: Everyone who has studied world history 
has heard of the plague in medieval Europe. The 
plague is caused by the bacteria Yersinia pestis and 
may infect humans through two different routes. 
One is the bubonic plague, which is usually caused 
by the bite of a flea or tick carried on a host rodent. 
The other is through inhalation. This is the 
method that causes concern for potential use of 
this bacterium as a bioterrorist weapon. The pneu- 
monic plague may be spread from person to person 
via droplets in the air after the initial infection, and 
is relatively easy to isolate and grow in large 
amounts. Thus, initial infection could lead to 
wider and wider mortality. Infection may easily 
cause respiratory failure and death. The bacterium 
is treatable with tetracycline and/or fluoro- 
quinolone for at least 7 days if given orally, or IV 
streptomycin or gentamycin, but the infection 
must be caught early. 

Smallpox: Smallpox is different from the other 
microorganisms that are considered bioterrorist 








threats because it is a virus instead of a type of 
bacterium. The last natural case of smallpox in the 
United States occurred in 1949, and the causative 
agent (the variola virus) is considered to have been 
eradicated by a long-term, aggressive, and world- 
wide vaccination campaign that has been carried 
out since 1980. There is no specific treatment for 
the smallpox virus infection except for supportive 
care of the symptoms. The variola virus appears 
to infect only humans, and it may be passed from 
person to person through infected body fluids and 
contaminated bedding. It is very rarely passed 
through the aerosol route, and is not naturally pres- 
ent in nature, so use of the virus as a bioterrorist 
tool would require more effort than some of the 
other agents discussed here. 

Hemorrhagic fever viruses: These viruses are car- 
ried by a host or vector, usually a rodent (such as a 
rat or mouse) or a tick, flea, or mosquito. For some 
of the viruses (Ebola and Marburg, for instance) 
the host is still unknown. Once a human has been 
infected, it is possible to spread the virus from 
person to person through contaminated body 
fluids. Outbreaks are sporadic around the world, 
and usually remain limited to the area where the 
vector or host is located, but this has the potential 
to change. Because of the ease of travel today, cou- 
pled with the fact that rats and mice can “stow 
away” on ships and planes, it is possible for these 
diseases to become widespread within a relatively 
short period of time. Those who are infected have 
flu-like symptoms early in the disease process. 
Then as the disease progresses, there may be 
evidence of hemorrhaging under the skin, and 
bleeding from all orifices of the body. Multiple 
organs are affected by the virus, and it usually is the 
organ failure that causes fatalities, not the loss 
of blood. There are no vaccines or cures for these 
infections at this time; infected individuals are 
quarantined and treated symptomatically. 
Tularemia: Tularemia is caused by the bacterium 
Francisella tularensis and is carried often by 
rodents, rabbits, or wild hares. It is very infectious; 
only a small number of the bacteria entering the 
body will cause disease. It is easy to spread this 
bacterium as an airborne weapon, so it would be a 
likely choice for bioterrorist activities. It causes a 
severe respiratory illness and life-threatening 
pneumonia, and is not difficult to find in nature. 
It is treatable with early intervention and aggres- 
sive antibiotic treatment. 
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DETAILED MICROBIOLOGY SAMPLE 
COLLECTION PROCEDURES 





Procedures and supplies may vary for the different mi- 
crobiology collection processes, but there are common 
techniques shared by all the systems. Specimens may be 
collected in a sterile cup or tube or, more commonly, 
on a swab to be transported to the laboratory. These 
collection swabs are commercially prepared and sup- 
plied in a sterile pull-apart package. The package in- 
cludes a sterile swab (often made of Dacron) and a 
transport medium designed to keep the swab from 
drying out before it reaches the laboratory. Culturette 
(manufactured by Becton, Dickinson) is an example of 
a system used for transport. Figure 10-2 includes some 
of the common sample collection devices available. The 
following are some techniques to be used for all culture 
collections: 


Be certain that a laboratory request form has been 
completed for the patient. The specific source of the 
specimen must be documented. 

Verify the collection technique necessary for the test 
ordered, as well as how the specimen is to be handled 
after collection: refrigeration, room temperature stor- 
age, frozen. Most bacterial culture specimens are to be 
kept at room temperature until transported. 

Always sanitize your hands, and wear appropriate 
personal protective equipment (PPE). In some situa- 
tions, this may be a face shield or a disposable gown 
that covers your scrubs. In patients who have a 
wound that is positive for methicillin-resistant 
Staphylococcus aureus (MRSA), for example, it is 
often necessary to take extra precautions and to dis- 
pose of all the PPE used in collection before leaving 
the presence of the patient. 

If using a swab, check the package for signs of poten- 
tial contamination (e.g., water stains, torn outer pack- 
aging) and verify that the expiration date has not 
passed. If using a different type of collection container, 
ensure that the package is sterile by examining the 
outer wrapper or safety seal. 

For swab packages, carefully peel apart the plastic 
outer envelope, using aseptic technique. Put this 





Figure 10-2 Swab collection devices. Courtesy of BD, Inc. 


down on a flat surface. Pick up the swab by the lid 
that is attached to the end of the “stick” end of the 
swab. (The lid is permanently attached to the swab in 
most cases.) It is very important that the swab does 
not touch any other surfaces before the specimen is 
collected, or extraneous organisms may be added to 
the culture specimen. 

Collect the specimen appropriately, avoiding any 
other areas of the body except those needed for the 
collection. 

Without setting down the inoculated swab, remove 
the cap from the collection tube (still sitting inside the 
sterile plastic package) and insert the inoculated swab 
fully into the collection tube until the lid clicks closed. 
It may be necessary to activate the transport medium 
present in the tube by breaking an ampule at the 
bottom of the tube; this will depend on the type of 
collection device used. 

Remove gloves and other PPE that was used in the 
collection process, and sanitize the hands. 

Label the specimen carefully, documenting the speci- 
men source, patient’s name, the date, the time, the 
source (be specific), and your initials or identification. 
Chart the procedure in the patient’s chart if it is avail- 
able to you. 

If the specimen is to be transported via courier to a 
laboratory for workup, place it in a biohazardous 
specimen bag. The requisition form goes into the 
outer pocket of the bag. If the bag has an area for 
documentation for handling and storing the speci- 
men, mark this appropriately (e.g., room tempera- 
ture, refrigerated). 

Place the specimen in the pickup area for the courier 
to transport to the laboratory. 





Test Your Knowledge 10-6 


When using a swab to collect a culture specimen, is it 

acceptable to set it down on a countertop while getting 

the patient situated for the collection procedure? 
(Outcome 10-2) 





Throat Sample Collections for Culture or 
Strep Screens 


Samples may be taken from the throat of patients for 
group A strep screens for general cultures, or sometimes 
both types of specimens at the same time. For both a 
strep screen sample and a culture sample the collection 
procedure is identical, but the materials used for the col- 
lection may differ. Before beginning the collection, it is 
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important to verify whether the physician wants a cul- 
ture to be performed, a strep screen, or both. Once the 
strep screen is performed, it is not possible to use the 
sample for the culture setup. If both a culture and a strep 
screen are ordered, the culture plate may be inoculated 
before the strep screen is performed, but not afterward. 
It is also possible to use two swabs (these are packaged as 
a double swab) at the same time to collect the sample so 
that one can be used for each procedure. Be careful 
about the type of collection swab used; strep screens rec- 
ommend the use of rayon collection swabs. Cotton 
swabs or wooden tipped swabs are not to be used for 
strep screens. Some of the CLIA-waived procedures don't 
recommend the use of liquid or gel transport 
media after collection. 

Throat samples are used most commonly to test for 
streptococcal infections with a group A strep screen 
rapid test completed in the physician office. Group A 
streptococcus (a subtype of Streptococcus pyogenes) is the 
most common cause of streptococcal throat infection. 
Those who are positive for streptococcal infection of the 
throat should be treated immediately to avoid sequela 
that can develop as a result of the initial strep infection. 
A sequela is a serious secondary complication or infec- 
tion that follows as a result of the primary bacterial 
infection. For a group A streptococcal infection, these 
complications may include heart damage and kidney 
damage from glomerulonephritis. Throat specimen col- 
lections are performed using a sterile swab, often made 
of Dacron, rayon, or a cotton mixture. For a throat 
culture, the sterile swab is part of a packaged culture 
collection kit, with transport media usually present in 
the transport tube. The throat culture specimen is trans- 
ported to the laboratory for processing, whereas a strep 
screen sample is usually processed immediately after 
collection by performing a CLIA-waived strep screen 
test. A sterile swab provided with the strep screen kit 
is used for the collection, and there is no transport 
medium present. Remember to verify whether the physi- 
cian wants both a strep screen and a culture to be 
performed, as the medical assistant needs to know this 
information before performing the strep screen. 





Test Your Knowledge 10-7 


What is one way that a collection for a throat culture 
and a rapid strep screen are similar? (Outcome 10-5) 





Strep screens are one of the most common CLIA- 
waived tests performed in all types of laboratories. The 
test is simple to perform, and requires only a sample 


taken from the back of the throat, a tongue depressor, 
personal protective equipment, and the supplies in the 
kit. The entire process takes approximately 10 minutes 
from the time the order is received to the time the result 
may be reported. This fast turnaround time and the ease 
with which the test can be performed allow the patient 
to be treated immediately if the screen is positive for the 
streptococcus A antigen. The CLIA-waived group A 
strep screen procedure is presented in Chapter 24. 





( Test Your Knowledge 10-8 


Is it acceptable to collect only one swab if a strep screen 


and a throat culture are ordered? (Outcome 10-5) 
S 4 








[ Test Your Knowledge 10-9 


Are the samples for a strep screen and for a throat cul- 
ture collected from different areas of the throat? 
(Outcome 10-5) 


ee 








Sputum Samples 


When patients are diagnosed with a lower respiratory 
infection, such as pneumonia, it is important to identify 
the causative organism if possible. This allows the 
health-care provider to plan the best course of action for 
treatment. Sputum samples are necessary for culture and 
organism identification in these situations. Sputum is 
the substance produced from a deep cough or from aspi- 
ration caused by inserting a tube down the patient’s 
throat. Aspiration of sputum is primarily performed on 
patients who are intubated in an inpatient setting, but 
sputum cultures may be collected by patients at home 
without aspiration. 

The medical assistant is not usually involved with the 
actual collection process for a sputum sample if 
employed in a physician office, but it is important that 
the procedure is explained thoroughly to the patient so 
that he or she may produce a quality sample. Sputum 
samples are collected into a sterile container (such as a 
urine cup or a centrifuge tube) and transported imme- 
diately to the laboratory for processing. Ideally, a spu- 
tum collection system will protect the sample from UV 
light. The system should also prevent the health-care 
employees processing the specimen from being exposed 
to the sputum. Becton, Dickinson offers a sputum col- 
lection system that does both, composed of a large cen- 
trifuge tube enclosed in an amber “funnel” tube with a 
lid on the top (Fig. 10-3). The amber outer container is 
important, as Mycobacterium tuberculosis, the causative 





1899_Ch10_215-255 21/12/11 2:26 PM Page 225 


Chapter 10 Collection and Processing of Samples for Microbial Studies 


225 


Procedure 10-1: Collection of a Throat Specimen for Culture or 





Strep Screen 


Throat culture collections are very common procedures 
in physician offices. It is important to perform the col- 
lection process correctly to ensure meaningful results. 
Remember to communicate appropriately with the 
patient to assist with the collection process. 


TASK 


Collect an appropriate specimen from the throat for a 
culture or strep screen. Complete the procedure within 
5 minutes. 


CONDITIONS 


e Hand sanitization equipment 

Gloves 

Tongue depressor 

Safety shield 

Sterile culture swab or swab provided with strep 
screen kit 

Label 

Laboratory requisition form 

Biohazardous waste container 

Biohazardous transport bag 


CAAHEP/ABHES STANDARDS 





3Y CAAHEP Standards 


1.A.1.2. Use language/verbal skills that enable patients’ 
understanding, IILC.III.3; Discuss infection control 


procedures, II.C.IIL9: Discuss quality control issues 
related to handling microbiological specimens. 
ILP.I.2: Practice Standard Precautions, — IIN.P.III.3: Select 
appropriate barrier/personal protective equipment (PPE) 
for potentially infectious situations, IILP.lI.7; Obtain 
specimens for microbiological testing, IILA.II.1: Dis- 
play sensitivity to patient rights and feelings in collecting 
specimens, IIA.II.2: Explain the rationale for per- 
formance of a procedure to the patient. 


ae 
@ ABHES Standards 


Apply principles of aseptic techniques and infection 
control 

Use standard precautions 

Practice quality control 

Perform selected CLIA-waived tests that assist with 
diagnosis and treatment, #5: Microbiology testing 
Dispose of biohazardous materials 

Collect, label and process specimens, #3: Perform 
wound collection procedures, #4: Obtain throat 
specimen for microbiology testing 








Procedure 


1. Greet and properly identify the patient, using at 
least two unique identifiers. Introduce yourself. 


2. Explain the procedure to the patient. Answer 
any questions that the patient may have about the 
collection process. 


3. Sanitize hands (allow them to dry) and apply 
gloves. 


Rationale 


It is imperative that the identity of the patient is veri- 
fied before the specimen is collected. The medical 
assistant should always identify him- or herself with 
any patient interaction. 


Explaining the procedure will help the patient know 
what to expect and will facilitate cooperation. 
Answering questions allows the medical assistant to 
display sensitivity to patient rights and feelings in 
collecting specimens. 


Gloves must be worn for any procedures in which 
exposure to blood or other potentially infectious 
materials is anticipated. 


Continued 





1899_Ch10_215-255 21/12/11 2:26 PM Page 226 


226 


Procedure 10-1: 


Section Il Specimen Collection and Processing 


Strep Screen—cont’d 


Collection of a Throat Specimen for Culture or 











10. 


11. 


12. 


13. 


Procedure 


4, 


Gather necessary supplies within reach. If a strep 
screen is ordered, be certain to use the swab supplied 
with the kit. If a throat culture is requested, use a 
sterile swab packaged with the transport media. 


. Position the patient in an upright position. If nec- 


essary, adjust available lighting so that the back of 
the throat is well lit. 


Put on face safety shield. 


While holding the tongue depressor in one hand 
and the collection swab in the other, instruct the 
patient to open his or her mouth wide. 


. Push down on the tongue lightly with the tongue 


depressor, and insert the swab into mouth. Be cer- 
tain to avoid touching the tongue, cheeks, gums, 
or teeth with the collection swab. 


Gently brush the swab against the tonsillar area 
and the back of the throat. A gentle rotating 
motion works best. Be sure to touch any white 
or inflamed patches present with the collection 
swab. 


After removing the swab from the mouth, place it 
in the sterile container. If only a throat culture is 
requested, slide the swab into the container and 
activate the preservative or coat the swab. If a strep 
screen was ordered, only rayon swabs may be used 
for the collection, and liquid preservative is not 
recommended in the swab container. 


Dispose of the tongue depressor in the biohazard 
garbage. 


Label the specimen appropriately and place the 
labeled specimen in a biohazardous transport bag 
to go the laboratory. 


Remove gloves and safety shield. 


Rationale 


Organization of supplies is important so that the collec- 
tion procedure may continue without interruption. 


The back of the throat must be well lit and accessible 
for the collection to be successful. 


Because this procedure may initiate coughing or gag- 
ging in some individuals, it is important that the 
medical assistant protect against potential exposure. 


The mouth must be opened wide to gain full access to 
the collection area. 


Introduction of extraneous microorganisms may result 
in inaccurate culture results. 


Adequate sample must be obtained for the accuracy of 
the culture results. White areas may represent clus- 
ters of bacteria, so it is important that these are 
included in the sample. 


It is important that the swab be processed appropri- 
ately so that the results are representative of the 
bacteria present in the throat. CLIA-waived strep 
screen package inserts will specify whether liquid 
preservatives (such as Amies or Stuart media) can 
be used. Rayon swabs with dry transport are 
recommended for strep screen specimen collection 
and transport. 


Proper disposal is necessary for quality control purposes. 


The specimen should always be labeled in the presence 
of the patient. 


Gloves should be removed when no longer necessary. 
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Procedure 


14. Wash hands, and thank the patient for being coop- 
erative. Add documentation to the laboratory req- 
uisition form if needed. 


15. Chart the procedure appropriately. 


Date 


Rationale 


Hands must be washed whenever gloves are removed. 
The requisition form must be completed with the 
date and time of collection as well as the source of 
the culture. 


All patient interactions should be recorded on the 
chart. 





18/2014. 
71:10 a.m. 


Throat culture specimen collected. 








Connie Lieseee, CMA (AAMA) 











Figure 10-3 BD sputum collection container. The inner 
tube may be removed from the bottom of the container 
with minimum exposure potential for the employee. 
Courtesy of BD, Inc. 


agent of tuberculosis infection, does not live long when 
exposed to light. The specimen must remain protected 
from light until it is processed in the laboratory, or this 
pathogenic microorganism may not be isolated from the 
culture even though it is present. Once the specimen 
arrives at the laboratory, the technician will remove the 


inner “tube” that contains the sputum and process the 
specimen according to protocol to set up the culture. 

Patients collecting sputum samples must be instructed 
that a deep cough is absolutely necessary to produce an 
acceptable specimen. If saliva rather than sputum is sub- 
mitted for testing, the specimen will most likely contain 
only normal flora for upper respiratory system, and the 
culture results will be inconclusive. It is recommended 
that the sample be obtained first thing in the morning, 
after the patient brushes his or her teeth and rinses the 
mouth, but before ingesting food or drink. Because the 
pathogenic microorganisms responsible for many lower 
respiratory infections are spread by droplets in the air, 
it is necessary that the patient perform collection in a 
private area, preferably at home. Do not allow a patient 
to attempt to produce a sputum culture specimen in 
the waiting room of the physician office, as this will 
potentially expose the other patients to the pathogenic 
microorganisms distributed as aerosol when the patient 
coughs. The sample must be delivered to the laboratory 
as soon as possible after collection, preferably within 
2 hours. The specimen should not be refrigerated, nor 
exposed to extreme heat. 


Test Your Knowledge 10-10 


Why should a sputum specimen not be collected in the 
waiting room of a physician office? (Outcome 10-6) 








Once the specimen arrives at the laboratory, the 
technician (or sometimes, in an inpatient setting, a res- 
piratory specialist) will decide whether the specimen is 
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acceptable for culture. The technician also documents 
the volume and appearance of the specimen. A sputum 
sample that has too many epithelial cells present and is 
too “watery” in appearance is often a saliva sample; it 
was not the result of a deep cough and is not suitable 
for culture setup. Sputum color and thickness are not 
indicators of any specific illness, and this information 
should never be interpreted in this way. 


Urine Samples for Culture 


Urine specimens used for culture must be collected in a 
manner that reduces potential contamination by non- 
pathogenic microorganisms. This may be accomplished 
by utilizing the clean-catch midstream collection 
method (see Chapter 9), or alternatively, urine may be 
collected for culture with a straight catheter or suprapu- 
bic aspirate taken directly from the bladder. Urine 
samples for culture should never be taken from an 
indwelling catheter, as the potential for extraneous con- 
tamination is very high. The medical assistant must be 
sure to document on the requisition form whether the 
specimen was obtained from a catheter or via the clean- 
catch midstream urine method, as the amount of urine 
applied to the agar plate and the interpretation of the re- 
sults are different for each type of specimen. Figure 10-4 
shows an example of the different sizes of inoculation 
loops used for urine specimens. 

Patients must be provided with a sterile cup for the 
urine collection, and given instructions in how to perform 





Figure 10-4 Urine loops for culture. The larger loop is 
used to apply urine collected via catheterization and the 
smaller loop is used for inoculation of urine collected via 
the clean-catch method. Courtesy of Fisher HealthCare, Inc. 


the collection to provide a satisfactory culture sample. It 
is also imperative that within 1 hour of collection the 
specimen is set up for culture, refrigerated, or preserved 
in some way to keep the bacterial count stable. Urine 
tubes with preservative are available for this purpose. 
The bacteria present in the culture specimen will multi- 
ply at a very high rate if the urine is left at room temper- 
ature for more than an hour, so the culture results may 
appear to be erroneously abnormal. 





( Test Your Knowledge 10-11 


Which of these urine specimen types may not be used 
for cultures? 
a. Specimens taken from indwelling catheters 
b. Specimens obtained using a straight catheter 
c. Specimens collected via the clean-catch 
midstream collection technique 
d. None of the above (Outcome 10-7) 


XS y 











Blood Culture Collection 


Health-care providers order blood culture collections 
when they suspect that the patient may have pathogenic 
bacteria in the bloodstream, a condition known as sep- 
ticemia. The National Center for Injury Prevention and 
Control is part of the Centers for Disease Control and 
Prevention (CDC) and is responsible for compiling sta- 
tistics about injuries and reducing their consequences. 
According to its statistics, septicemia was the 10th lead- 
ing cause of death in the United States in 2006, respon- 
sible for more than 30,000 deaths. Septicemia is often a 
complication of urinary tract infections, pneumonia, 
and infected wounds. Blood cultures assist the health- 
care provider by providing information about the 
causative agent of the infection, as well as determining 
which antibiotics will be best to use for treatment. It is 
common for blood cultures to be ordered just before or 
just after a fever has spiked, and they are often ordered as 
STAT blood draws. Ideally, blood cultures will be drawn 
before antibiotics have been administered. 

Special bottles that contain nutrients capable of sup- 
porting all bacterial growth are used for blood cultures, 
one that includes special nutrition and a unique atmos- 
phere to encourage growth of microorganisms that 
need oxygen to grow (aerobes) and one that is specially 
designed to support growth of microorganisms that do 
not do well in the presence of oxygen (anaerobes). 
There may be special instructions with the order for the 
timing of the blood draws; some practitioners ask that 
they are drawn 30 minutes apart, whereas others will 
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have them done serially, which means that they are 
drawn at regular intervals over a set period of time. The 
order may also be to draw two blood cultures, which 
means that they are to be drawn one after the other in 
two different sites. 


Test Your Knowledge 10-12 


Why are multiple bottles inoculated when collecting 


blood cultures? (Outcome 10-8) 








Because bacteria are not usually present in the blood- 
stream, the presence of any growth in the blood culture is 
considered to be abnormal. It is imperative that a detailed, 
controlled aseptic process is followed to clean and disinfect 
the skin as thoroughly as possible before the specimens are 
drawn to avoid contamination with normal skin flora. 
Contamination of the specimen may lead to thousands of 
dollars worth of treatment that otherwise would have been 
unnecessary and additional hospitalization days. 

Each laboratory will have established protocol for the 
blood cultures drawn and processed within its facility. 
The majority of methods will include the use of a 
combination of 1% to 2% tincture of iodine provided in 
applicator sticks or cleaning pads, or 10% povidone pro- 
vided in cleaning packets. Alcohol pads may also be used 
for a two-step cleaning process. The blood culture collec- 
tion supplies may be purchased as a kit; Figure 10-5 
shows an example. Surgical asepsis must be followed 
carefully to keep from contaminating the sample, so the 
site must not be repalpated after cleaning unless sterile 
gloves have been applied. 





Figure 10-5 Blood culture collection kit containing two 
bottles, an iodine-based scrub and brush, and alcohol pads. 
Courtesy of BD, Inc. 


A syringe with a safety needle may be used to obtain 
the specimen for the blood cultures (at least a 20-mL 
syringe for adults; at least a 10-mL syringe for children) 
or a butterfly setup may be used. The firm bioMérieux 
has created BacT/ALERT, a blood culture system that 
includes a butterfly adapter that can be used to fill the 
blood culture bottles directly during the venipuncture, 
eliminating the need to transfer the blood from 
the syringe to the bottles. The BacIT/ALERT setup also 
includes an adapter that allows blood to be drawn 
directly into other blood tubes if there are additional 
samples ordered at the same time as the blood culture 
specimens. This helps to minimize the invasive proce- 
dures performed for that patient. 

Adult specimens should have approximately 10 mL of 
blood added to each bottle. The vacuum will automati- 
cally pull the blood into the bottle from the syringe or 
from the vein if a butterfly setup and adapter are used. 
Monitor the flow carefully, as the vacuum does not 
always stop when the correct amount of blood has been 
added, and it is possible to overfill the blood culture bot- 
tles. Depending on the manufacturer’s recommenda- 
tions, pediatric draws will most likely call for 2 to 5 mL 
of blood per bottle. 

There are special blood culture bottles available for 
patients who have already started on antibiotic therapy. 
These include substances that neutralize or remove the 
antibiotics from the blood so that they cannot interfere 
with the growth of the microorganisms. Examples are 
the Antimicrobial Removal Device (ARD), produced by 
Becton, Dickinson, or a Fastidious Antimicrobial Neu- 
tralization bottle, made by bioMérieux. 





( Test Your Knowledge 10-13 


How many times is the draw site cleaned/disinfected 
prior to blood culture collections? 
a. One time 
b. Two times 
c. Three times 
d. Four times 








(Outcome 10-8) 





Cerebrospinal Fluid Samples 


Cerebrospinal fluid (CSF) samples are used to help 
diagnose various diseases of the central nervous system. 
These diseases include meningitis and encephalitis 
caused by bacterial, viral, fungal, or parasitic infections. 
CSF samples are collected only by a qualified health-care 
provider by means of a lumbar puncture, in which a 
needle is placed between the lower lumbar vertebrae into 

(Text continues on page 234) 
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Procedure 10-2: Blood Culture Collection Procedure 


Blood cultures are ordered when the health-care 
provider suspects an infection of the bloodstream with 
a pathogenic microorganism. The collection process is 
similar to that of a typical blood draw, but there are 
specific procedures for disinfection of the puncture site 
and inoculation of the blood culture media that must 
be followed carefully. Blood cultures that are contami- 
nated with normal skin flora may result in improper 
treatment and prolonged hospital stays. 


TASK 


Perform a venous blood culture collection. 


CONDITIONS 


¢ Laboratory requisition form 

Hand sanitization equipment 

Gloves 

Blood culture bottles 

10% Povidone iodine swab stick or other antiseptic 
scrub kit 

Alcohol prep pads 

22- or 23-gauge, 1-in. needle and 20-mL syringe or 
22- or 23-gauge butterfly setup with luer adapter and 
special bottle cap for inoculation of blood culture 
bottles 

Biohazardous sharps container 

Biohazardous waste container 


CAAHEP/ABHES STANDARDS 





CAAHEP Standards 


1.A.1.2: Use language/verbal skills that enable patients’ un- 
derstanding, III.C.III.3; Discuss infection control proce- 
dures, IILC.II.5: List major types of infectious agents, 
II.C.II.8; Differentiate between medical and surgical asep- 
sis used in ambulatory care settings, identifying when 
each is appropriate, II.CIIL9; Discuss quality control 
issues related to handling microbiological specimens. 
HI.P.II.2: Practice Standard Precautions, IIL.P.III.3: Select 
appropriate barrier/personal protective equipment (PPE) 
for potentially infectious situations, IIL.PIII.7: Obtain spec- 
imens for microbiological testing, IIl.A.IIl.1: Display sensi- 
tivity to patient rights and feelings in collecting speci- 
mens, IILA.II2: Explain the rationale for performance of a 
procedure to the patient. 


E> 
@ ABHES Standards 


¢ Apply principles of aseptic techniques and infection 
control 

e Use standard precautions 

e Practice quality control 

¢ Dispose of biohazardous materials 

¢ Collect, label and process specimens 





Procedure 


1. Verify the test ordered on the requisition form. Pay 
special attention to the time and/or frequency of 
the blood culture specimen collection. Note the 
age of the patient. 


2. Gather necessary supplies. Verify the expiration date 
on the blood culture bottles and antiseptic solution. 


3. Wash hands (if they are visibly soiled) or apply 
hand sanitizer. Allow hands to dry completely. 





Rationale 


The test and identification on the specimen label 
should be verified every time to avoid erroneous re- 
sults. Blood cultures may be ordered as STAT draws, 
which must be performed immediately, or they may 
be ordered at specific frequencies, such as 1 hour 
apart. The patient’s age may be significant, as there 
are often special blood culture bottles or differences 
in the required blood volume for pediatric patients. 


Expired bottles and antiseptics may not be used. 


Clean hands stop the spread of infection. Hands 
should be completely dry before attempting to 
apply gloves, or it will be difficult to put the gloves 
on the wet hands. 
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Procedure 


4, Apply tourniquet to the desired site and select an 
appropriate venipuncture site. Release tourniquet. 


5. Cleanse the venipuncture site. 


6. Prepare the setup for the blood draw. This may be 
a needle and syringe (at least 20 mL) or a butterfly 
setup with a luer adapter attached to a special cap 
that goes over the blood culture bottles and allows 
the blood to be introduced directly into the bottles. 


7. Mark the blood culture bottles on the side with 
the minimum and maximum volumes. 


8. Prepare the blood culture bottles. Flip off the re- 
movable bottle cap and clean the rubber stopper 
with an alcohol prep pad. Discard this pad and 
cover the rubber stopper with a clean alcohol prep 
pad. Leave this pad in place until the blood is 
added to the bottle. 





Rationale 


It is important to establish a visual landmark for the 
venipuncture site chosen, as it will not be possible to 
repalpate the site before insertion of the needle. The 
tourniquet must be removed because appropriate 
skin cleansing techniques for blood culture collec- 
tion take more than 1 minute. 


The cleansing process will vary with laboratory poli- 
cies. Some sites prefer a two-step process, in which 
the site is vigorously cleansed with alcohol for 
30 seconds, followed by use of a povidone or iodine 
swab stick. If a povidone/iodine swab stick or clean- 
ing pad is used, the solution must be applied using 
a concentric circle motion, beginning at the chosen 
venipuncture site and moving outward without 
going over any area more than once. 


If an alcohol/chlorhexidine cleansing kit is used, the 
site must be scrubbed vigorously for at least 30 to 
60 seconds. This is the recommended method for 
cleaning the site for infants older than 2 months of 
age or for those with iodine sensitivity. 


Regardless of the cleansing method, the site must be 
allowed to dry completely before insertion of the 
needle into the skin. 


The choice of needle setup is based on the size and 
condition of the veins. The ideal ratio of blood to 
the medium in the bottles is 1:10. This means that 
each bottle should have 10 mL of blood added for 


optimal results. 


Blood culture bottles do have a vacuum that functions 
to pull in the blood specimen from a syringe or 
butterfly. However, the vacuum in these bottles is 
not controlled as carefully as that in the evacuated 
tubes, so care must be used to monitor the amount 
of blood added to the bottle. It is possible to overfill 
the blood culture bottles. It is important to make a 
mark on the bottle so that the phlebotomist can 
estimate when the appropriate amount of blood has 


been added. 


Asepsis is critical for blood culture collections. Every 
precaution must be followed to eliminate an oppor- 
tunity for bacterial contamination of the specimen. 


Continued 
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Procedure 10-2: Blood Culture Collection Procedure—cont’d 





Procedure 


9. Reapply the tourniquet and withdraw the necessary 
volume of blood; 20 mL is the desirable volume for 
most blood culture procedures. Draw the blood using 
a butterfly setup or a syringe with a needle attached. 


Option 1: Blood Collection Using a Butterfly Setup 


a. Assemble the butterfly setup with a luer 
adapter attached to the end of the tubing. 
Screw the other end of the luer adapter into the 
special adapter cap designed for the blood cul- 
ture bottles to be used, or an evacuated tube 
holder if this works for the bottles. 


b. Using appropriate venipuncture technique, in- 
sert the butterfly needle into the vein. Continue 
to hold the butterfly device or tape in place. 

c. Remove the alcohol pad from the top of the 
bottle and push down the adapter to pierce the 
septum of the blood culture bottle. Blood 
should be added to the aerobic bottle first. 

d. Monitor the bottle volume and pull up the 
adapter to remove the needle from the stopper 
when the desired amount of blood has been 
added to the bottle. 

e. Follow the same procedure to add blood to the 
anaerobic bottle. Monitor the volume as neces- 
sary and pull up the adapter when the desired 
volume has been reached. 





Rationale 


20 mL of blood will provide 10 mL per bottle, which 
is the desired volume for best detection and identi- 
fication of infective microorganisms. 


By using the luer adapter and the special cap, the blood 
can be added directly into the blood culture bottles 
without need of additional transfer procedures. 





It is important to secure the needle to avoid damage to 
the vein and to ensure a successful blood draw. 


The vacuum in the blood culture bottle will pull the 


blood from the vein. 


It is possible to overfill the bottles, so this is an impor- 
tant step to follow. 


Anaerobic bottles should be filled after the aerobic 
bottles. 
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Procedure 


Option 2: Blood Collection Using a Syringe and Needle 


a. Open the sterile package holding the syringe. 

b. Pull back and push forward the plunger of the 
syringe several times to verify whether it moves 
smoothly. 


c. Remove the needle from the sterile wrapper. 
Do not take off the cap covering the end of the 
needle until just before insertion into the 
patient’s arm. 

d. Attach the needle to the syringe tip. 


e. Reapply the tourniquet, taking care not to 
touch the venipuncture site. Using appropriate 
technique, withdraw 20 mL of blood into the 
syringe, and have the patient place pressure 
over the venipuncture site. 

. If the bottle is designed to fit a transfer device, 
activate the safety device on the needle, remove 
it from the syringe, and discard it in a biohaz- 
ardous sharps container. Attach the transfer de- 
vice to the syringe. Remove the alcohol pad 
from the top of the bottle and push down the 
transfer device to pierce the septum of the 
blood culture bottle. Blood should be added to 
the aerobic bottle first. 

g. Ifthe bottle is not designed for a transfer device 
to fit over the top of the bottle, it will be nec- 
essary to add the blood to the bottle with the 
needle on the syringe. Verify that the blood cul- 
ture bottle is on a stable, flat surface. Remove 
the alcohol prep pad from the top of the bottle, 
and puncture the septum with the needle on 
the syringe, puncturing the aerobic bottle first. 

h. Monitor the volume in the blood culture bot- 
tle as the blood is introduced and remove the 
needle when 10 mL have been added. 

i. Repeat the process to add 10 mL to the anaer- 
obic bottle. Discard the syringe/needle setup in 
a biohazardous sharps container. 


art 


Rationale 


Syringes should remain sterile until the time of use. 

“Exercising” the plunger in this manner allows for 
smooth movement when pulling back the plunger 
to allow blood to enter the syringe. If the plunger 
does not move smoothly or is too loose within the 
syringe, it should be discarded. 

The needle must remain sterile until just prior to inser- 
tion. It cannot touch other surfaces before piercing 
the skin of the patient. 


Verify that this is a secure connection so that blood will 
not leak out around the needle during the venipunc- 
ture process. 

Special care must be utilized to keep the disinfected site 
without contamination; 20 mL of blood is optimal 
for the blood culture procedures. 


The blood culture bottles may come with a very small 
neck that is designed for use with a standard trans- 
fer device such as that in an evacuated tube system. 


Do not hold the blood culture bottle with your hand 
while puncturing the septum, as this will increase 
the chance of an accidental needlestick. Place the 
bottle on the counter or tabletop. 


Do not overfill the blood culture bottle. 


Avoid contamination of the septum on the anaerobic 
bottle. 





Continued 
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Procedure 10-2: Blood Culture Collection Procedure—cont’d 


Procedure 


10. Label both bottles and the requisition form with 
the date, time and site of the blood draw, as well as 
the birth date or other patient ID and the initials 
of the collector. Transport to the laboratory as 
soon as possible for processing. 


11. Clean the iodine solution off the patient’s arm us- 
ing an alcohol swab. Clean up the work area and 
chart the procedure. 


Date 


Rationale 


Accurate labeling and documentation are always 
necessary. 


The iodine solution may become irritating to the skin 
if left on the patient’s arm after the procedure. 





3/12/2014: 


Blood culture collection X from right and loft arm. 


Connie Lieseke, CMA (AAMA) 

















the subarachnoid space, and a sample of cerebrospinal 
fluid is withdrawn for analysis. This procedure may also 
be known as a spinal tap. Generally, four tubes are used 
for the collection, with 1 to 8 mL of fluid placed in each 
tube. The tubes are numbered in order of collection, 
which is a very important part of the procedure. In most 
situations, the first tube collected during the lumbar 
puncture is used for chemical analysis, including protein 
and glucose levels. The second tube is used for culture 
and other microbiology testing, and the last tube col- 
lected is used to perform a cell count to look for presence 
of red and/or white blood cells. 

Medical assistants may aid in the collection procedure 
for CSF samples, and they may also process the samples 
to be delivered to the laboratory. All CSF analysis must 
be conducted on a STAT basis, as the integrity of the 
cells present in the specimen may deteriorate rapidly 
once the spinal fluid leaves the body. Some tubes used 
for CSF collection are already labeled with numerals that 
are raised on the side of the tube, but if not, the num- 
bering of the tubes as the fluid is added is critical, as is 
the assurance that sterile technique is maintained when 
handling the specimen. The tubes must be closed 
securely after the fluid is added and labeled appropriately 
with all patient demographic information and the date 
and time of the collection. Ideally, if the medical assis- 
tant knows that a lumbar puncture is to be performed in 
the office, he or she may contact the laboratory to 
request a STAT courier pickup before the procedure is 


started, so that the courier will arrive very shortly after 
the process has been completed. Do not refrigerate or 
freeze CSF samples after collection before the routine 
testing can be performed. 


Test Your Knowledge 10-14 
What is the additional information required on the CSF 


collection tubes that is not required for other types of 


microbiology samples? (Outcome 10-9) 








Genital Samples 


Genital cultures use several types of media to identify 
microorganisms that cause common genital infections 
such as cervicitis (inflammation of the cervix), urethritis 
(inflammation of the urethra), or pelvic inflammatory 
disease. Not all organisms that cause genital infections 
can be easily cultured, but common infective agents 
isolated and identified with culture procedures include 
yeast infections caused by Candida albicans, and bacterial 
infections (vaginosis) caused by Gardnerella vaginalis, 
Neisseria meningitides, or Haemophilus ducreyi. Another 
common infection of the genitals is trichomoniasis, 
which is a sexually transmitted disease caused by the 
parasite Trichomonas vaginalis. This parasite is identified 
through microscopic examination of vaginal smears and 
other testing methods, but not cultures. 
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Many sexually transmitted diseases, such as chlamy- 
dia, herpes, human papillomavirus infection, and 
syphilis, are not typically identified through culture, 
because the causative microorganisms are difficult to 
grow in the laboratory. More often, these diseases are 
identified through serological tests that check for the 
presence of antigens or antibodies. If a culture order is 
received for these microorganisms, the order should be 
verified before proceeding with collection. If the health- 
care provider really wants a culture to be performed, the 
medical assistant should carefully investigate the collec- 
tion and processing procedures so that the culture is 
viable and the results are meaningful. 

Cultures from the genitals of patients are usually 
ordered if the patient complains of itching, discharge, or 
burning, or if the patient has visible lesions on or near 
the external genitalia. Remember to use standard precau- 
tions at all times when assisting with the collection or 
processing of these specimens. The specimens may be 
collected via aspiration (as in the case of abscesses), or 
more commonly swabs are used to obtain a specimen 
from open lesions or discharge. When collecting a ure- 
thral swab from a male patient, a small swab on a wire 
may be inserted into urethra to obtain the culture speci- 
men. It may also be necessary to collect specimens from 
the rectum if the sexual history of the patient makes this 
a probable site for infection. 

Vaginal and rectal culture specimens may also be col- 
lected from pregnant women to test for the presence of 
group B streptococci. This is an important procedure to 
avoid newborn infection with these bacteria, which can 
cause pneumonia or sepsis. Women infected with group 
B streptococci are usually asymptomatic, so this screening 
process is necessary as part of a routine prenatal checkup. 
A swab is used for the collection, and the specimen is 
handled following general bacterial culture guidelines. 

If a cervical culture is requested (as in the case of sus- 
pected gonorrhea), the specimen collection will require 
the use of a speculum to widen the vaginal opening and 
provide access to the cervix. Excess mucus and drainage 
are to be wiped away from the opening of the cervix, af- 
ter which a collection swab is inserted into the opening 
of the cervix and rotated several times to obtain the spec- 
imen. Cervical specimens are often collected at the same 
time that a specimen is collected for a Pap procedure. 
Specimens collected for gonococci cultures may be trans- 
ported in a tube that contains charcoal mixed in the 
transport medium. The charcoal is designed to absorb 
any interfering substances in the specimen that might 
decrease the growth rate of the gonococci bacteria. 





~ 


P 
Test Your Knowledge 10-15 


What type of collection device is used for most genital 
sample collections? 

a. An aspirate using a needle and syringe 

b. Skin scrapings 

c. Swabs 

d. Urine samples (Outcome 10-10) 


—EEEEeEE———————————EEE~—_—E————————— 








A medical assistant may be asked to inoculate the agar 
plates used to support bacterial growth from genital culture 
specimens in the physician office at the time of collection. 
It may be necessary to inoculate more than one type of agar 
to isolate the causative organism. Chocolate agar, which 
contains lysed (broken) red blood cells, is commonly inoc- 
ulated with the specimen, as it supports the growth of most 
pathogenic bacteria that may be present in the genital area. 
Chocolate agar is shown in Figure 10-6. Pathogens com- 
monly present in the genital area need growth factors that 
are present inside the red cells, so the red blood cells 
are lysed when preparing the nutrient agar. However, if 
the health-care provider wants to determine whether the 
patient may be infected with Neisseria gonorrhoeae (the 
causative agent of gonorrhea), he or she will also want to 
inoculate a Petri dish that contains Thayer Martin agar. 
Thayer Martin agar contains lysed red cells just as the 
chocolate agar. In addition, Thayer Martin agar contains 





Figure 10-6 Chocolate agar. Courtesy of Fisher 
HealthCare, Inc. 
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antibiotics (vancomycin, colistin, and nystatin), which 
inhibit the growth of other bacteria on the agar plate. This 
allows for the gonococci to grow without competing with 
other normal flora from the vaginal area. The gonococci 
also like to grow in an environment with a low oxygen con- 
centration. A special CO, tablet may be added to the bag 
that contains the agar plate after it has been inoculated to 
enhance the growing environment, or the inoculated agar 
plate may be placed in a candle jar, a special enclosed con- 
tainer in which the medical assistant places the specimen. 
After the specimen is added, the medical assistant lights 
a candle and inserts it into the container until the flame 





Gardasil vaccinations are available for women. If neces- 
sary, these vaccinations may begin at 9 years of age, but 
the recommended age range is 11 to 26 years. Gardasil 
protects against the strains of HPV linked to cervical 
cancer, and also protects against most genital warts. 
Cervarix is specific for the HPV strains that cause 
cervical cancer. Males may also be vaccinated with 
Gardasil for protection. These vaccinations are recom- 
mended for boys and young men ages 9 to 26 years. 








goes out. This process removes oxygen from the environ- 
ment inside the container and enhances the growth of 


N. gonorrhoeae if present. 





WV POINT OF INTEREST 10-2 
Pap smears and human 
papillomavirus 





A Pap smear, or Pap test, is performed on a sample of 
cells collected from a woman's cervix during a pelvic 
examination. The Pap test does not detect the pres- 
ence of infection with sexually transmitted patho- 
genic microorganisms, but it does detect changes in 
the cells of the cervix that may develop into cancer. It 
also detects malignant cervical cells that may already 
be present. A genital culture may be obtained at the 
same time that a Pap sample is collected, and this 
may be tested for the presence of the genital human 
papillomavirus (HPV), or other suspected infectious 
agents. A special kit is used for collection of the sam- 
ple for the Pap smear, which may include a brush-like 
device, a swab, and/or a wooden spatula. Once the 
sample has been collected by the health-care provider, 
it is placed into a solution for preservation and trans- 
port to the laboratory. Medical assistants may be 
responsible for processing the sample appropriately 
after collection. Once the specimen arrives at the 
laboratory, a cytotechnologist examines the sample 
under a microscope to look for evidence of abnormal 
cervical cells. 

Certain strains of the genital HPV may cause geni- 
tal warts in males and females. Other strains of HPV 
may cause changes in the cells of the cervix that lead 
to cervical cancer. The cellular changes are detected 
with the Pap smear, but the presence of HPV and 
verification of the type of HPV infection must be 
accomplished with a separate sample collection. 
Vaccines are available for protection against many of 
the most common strains of HPV. Cervarix and 








Wound Cultures 


A wound is any break in the skin. A wound may be a 
deep break, an abrasion on the surface of the skin, a sur- 
gical incision, or a scratch. Even an ingrown toenail with 
signs of infection may be processed as a wound. Wound 
cultures may be ordered when a patient has redness, 
swelling, drainage, or heat in or around a wound. Cul- 
tures collected from breaks in the skin are the most var- 
ied in collection techniques, processing procedures, and 
results. The most important aspects of wound culture 
collection to remember are the following: 


¢ Only culture the wound; not the area around it. Con- 
tamination from extraneous bacteria will complicate 
the culture process, and may cause inaccurate results 
and incorrect treatment. 

¢ It is best to collect a culture from a clean wound; the 
process washes away transient bacteria present in the 
area that are not involved in the actual infection. 

¢ Deep wounds and aspirates are usually collected and 
processed as anaerobic culture specimens, as the 
bacteria growing in this environment do not prefer 
exposure to environmental oxygen because they are 
growing well in the deep tissues of the body. Anaerobic 
culture specimens are collected using special culture kits 
that protect the specimen from oxygen exposure while 
providing moisture to keep the specimen viable. 

e It is very important that the source is documented 
thoroughly when working with wound cultures. De- 
tails of the culture source will dictate how the culture 
is set up and which types of pathogens the microbiol- 
ogist is expecting to identify from the wound. Nor- 
mal flora may be pathogenic if present as an over- 
growth (very high in numbers) within a certain area 
of the body, or if present in an area that is usually 
considered to be sterile, such as the eye. Documenta- 
tion of the patients name, the date and time of 
collection, and the source of the sample should be 
affixed to the collection container as well as added to 
the requisition form and the patient chart. The source 
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information includes details about the side of the 
body (for instance, wound left hand thumb) for the 
wound. 

e If exudate (fluid from the blood vessels in the area of 
the infection) or pus is present, the health-care 
provider may culture this drainage. However, in the 
case of abscesses, sometimes the culture is not per- 
formed, as the most important aspect is to clear the 
area of all the abscess material, not find out what 
caused the abscess. 

¢ Results obtained from someone with a chronic wound 
may be very different from those of a patient with a 
wound that has just become infected. Sometimes the 
quantitative results (number of colonies or bacteria 
present in the culture specimen) may indicate whether 
current treatment is working for a specific wound. 

e A Gram stain is often performed from the original 
collection swab at the same time the culture is set up. 
Gram stains provide information about the shape and 
staining characteristics of the pathogen. Observation 
of the slide after performing a Gram stain can provide 
preliminary information to guide how the culture is to 
be started, based on the types of bacteria present. For 
instance, gram-positive cocci often grow better on cer- 
tain media than do gram-negative rods. 

¢ Swabs are usually used to collect wound culture speci- 
mens. Be sure to keep the swab sterile until the speci- 
men is collected. If an aspirate is taken using a needle 
and syringe, the needle must be removed from the sy- 
ringe before transporting the specimen. In this situa- 
tion the aspirate is often transferred into a sterile tube 
for transport. Identification of the transfer tube is es- 
sential; the laboratory will not know what type of fluid 
is submitted without the documentation, as many 
body fluids are very similar in appearance. Wound cul- 
ture specimens should be delivered to the laboratory as 
soon as possible, and should not be refrigerated or 
frozen before the culture medium is inoculated. 





Test Your Knowledge 10-16 


True or False: It is not advisable to wash a wound be- 
fore collecting a culture specimen. (Outcome 10-11) 





Stool Specimens 


Cultures for stool specimens differ from many of the 
other cultures that we have discussed because of 
the copious amount of normal flora that is present in 
the digestive tract. The culture medium used to 
process stool samples is very selective; it has been 


designed to encourage the growth of known gastroin- 
testinal pathogens, while discouraging the growth of 
the normal flora of the area. Only pathogenic microor- 
ganisms are processed further for identification and 
treatment. Sometimes the physician may also ask for a 
specimen to be collected to check for the presence of 
parasites in the gastrointestinal (GI) tract. This is 
known as an ova and parasite examination (O&P), 
during which the microbiologist will be looking for 
the presence of parasites or their ova (eggs). Stool cul- 
tures may be ordered when a patient has diarrhea that 
lasts more than a few days, or when there is mucus or 
blood visible in the stool. A patient may be exposed to 
pathogenic bacteria from eating food or drinking wa- 
ter that has been contaminated. Common sources in- 
clude water from a contaminated well, lake, or stream, 
or undercooked eggs, poultry, or beef. Unpasteurized 
milk is another potential source. When patients travel 
outside the country, there may be exposure to bacteria 
that have become part of the normal flora for the oc- 
cupants of that area, but that will make visitors sick 
who are not habituated to them. 

Stool specimens for bacterial cultures are collected in 
a sterile cup. The stool specimen must be fresh for cul- 
ture setup. The specimen should be delivered to the lab- 
oratory within 2 hours of collection, and the specimen 
must be protected from extremes in heat during trans- 
port. The sample cannot be taken from the water in the 
toilet bowl, and the sample cannot contain urine. Toilet 
tissue also should not be mixed in with the sample. To 
successfully collect a stool culture specimen, it is recom- 
mended that the patient spread plastic wrap across the 
back half of the toilet seat so that the stool can be col- 
lected on this plastic wrap when eliminated. It is impor- 
tant that urine is not introduced to the plastic wrap. For 
patients who are wearing diapers, it may be necessary to 
line the diaper with plastic wrap for successful collection. 





Test Your Knowledge 10-17 


Why is it important for the medium used for stool cul- 
tures to be so selective? (Outcome 10-12) 





Common pathogens isolated from stool specimens 
include the following: 


° Clostridium difficile: Infection with this bacteria often 
follows use of broad-spectrum antibiotics, which dis- 
rupt the balance of normal flora in the body and allow 
this opportunistic bacteria to flourish. C. difficile is a 
spore-forming bacterium that may live on surfaces 
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(hospital beds, walls, etc.) for extended periods of time. 
The bacteria are shed in the stool of infected individ- 
uals, and the infection may be life threatening if 
not treated appropriately. Patients may form a 
pseudomembrane, or artificial lining in the intestinal 
tract that impairs absorption of nutrients from the 
food they ingest. C. difficile is difficult to grow as a cul- 
ture (hence the name difficile, “difficult”), but a toxin 
is secreted by the bacteria that may be detected in the 
stool specimen or in blood from an infected individual. 
Salmonella: This name actually describes a group of bac- 
teria of the Salmonella genus. Salmonella species live in 
the intestines of many animals, such as baby chickens, 
cattle, or pigs. They may also be present in the feces of 
turtles and domestic animals. Food that has been con- 
taminated with animal feces is the most common means 
of transmission. The bacteria are transmitted via the 
fecal-oral route, and usually cause abdominal cramping 
and severe diarrhea within 1 to 2 days of infection. Most 
of the time the infection is resolved without antibiotic 
treatment within a week, but occasionally the Salmonella 
bacteria may enter the bloodstream and cause more seri- 
ous illness. To avoid infection with this organism, pa- 
tients should always wash and cook food thoroughly, 
keep eggs refrigerated, and wash their hands using soap 
and clean water after working with or petting animals. 
Shigella: This name describes a genus of bacteria that 
causes diarrhea, including Shigella sonnei and Shigella 
flexneri. These two types cause almost all cases of 
Shigella infection in the United States. Shigella dysen- 
teride type 1 can cause deadly epidemics, but is very 
rarely seen in the United States. Shigella is transmitted 
through fecal material from one person to another. 
Common methods for transmission include food han- 
dlers who do not wash their hands after using the rest- 
room, and small children who share wading pools. In- 
fected patients will continue to shed the bacteria in 
their stools, which often appear bloody, for several 
weeks after the symptoms have subsided. 
Campylobacter: This spiral-shaped organism causes diar- 
thea, abdominal cramps, nausea, and fever in infected 
patients. The most common species of the Campylobac- 
ter genus to cause disease is Campylobacter jejuni. Most 
cases are spread by the feces of birds or the ingestion of 
birds, as they are able to carry the bacteria without be- 
ing ill with it themselves. Infection may occur from ex- 
posure to raw or undercooked poultry, but occasionally 
a dog or cat may be infected and the owner may become 
infected from them. Campylobacter can cause disease 
with very little exposure, so cross-contamination can 
occur between, for example, cutting boards in a food 


preparation area and a preparer’s unwashed hands, lead- 
ing to illness. Campylobacter infection is the most com- 
mon bacterial infection causing diarrhea in the United 
States. Usually it resolves without antibiotic treatment, 
but there are many documented cases of infected 
patients who developed the neurological disorder 
Guillain-Barré syndrome. The Campylobacter infection 
acts as a “trigger” to cause an autoimmune response in 
which the body attacks the nervous system, causing 
paralysis. 

Escherichia coli: This family of bacteria is present in our 
environment, and is part of our normal flora. However, 
there are certain strains of £. col/i that can cause illness, 
especially when they are introduced into areas of our 
body where E. coli is not normally found. Some of the 
E. coli families, also known as enterohemorrhagic or 
verocytotoxic types of E. coli, produce the Shiga toxin. 
The most common one to cause disease in the United 
States is E. coliO157:H7. When a patient has become 
infected with this type of E. coli, the toxins produced 
by the bacteria cause the illness. Those who are infected 
usually start to feel ill within a few days of ingesting the 
bacteria. Symptoms include severe abdominal cramps, 
vomiting, and diarrhea, which may be bloody. In most 
patients the infection resolves within a week. However, 
approximately 5% to 10% of those who are infected 
with E£. coli O157:H7 develop hemolytic uremic syn- 
drome, which can be life threatening. Hemolytic ure- 
mic syndrome occurs when the toxins produced by the 
bacteria begin to destroy the red blood cells and 
platelets of the infected patient. The torn or broken red 
cells begin to block the small capillaries in the kidneys, 
which can lead to total renal failure. 


Nasopharyngeal Specimens 


When an upper respiratory infection is suspected, it may 
be necessary to collect a specimen using a nasopharyn- 
geal collection technique, commonly used when col- 
lecting samples to test for presence of viral microorgan- 
isms. The nasopharynx is the area of the pharynx 
(throat) that runs from the back of the nasal cavity down 
to the back of the throat that is visible through the 
mouth. Nasopharyngeal specimens are usually collected 
by entering the pharynx through the nose, but they may 
also be collected by going through the mouth and 
“sweeping” the area of the pharynx that is above the 
uvula. Some key points are the following: 


¢ Generally, nasopharyngeal swab specimens will be col- 
lected 3 to 7 days after the symptoms have started, and 
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before antibiotics or antiviral medications have been 
administered. 

e Always verify the order before collecting the sample. 
Verify whether a viral culture or a bacterial culture is 
requested, and have the correct supplies on hand to 
handle the specimen appropriately after collection. 
Copan Diagnostics makes several types of “flocked” 
swabs designed for maximum specimen collection po- 
tential. Nasopharyngeal swabs traditionally have a 
flexible shaft, which may be made of wire or flexible 
thin plastic. Only Dacron or rayon swabs should be 
used for viral samples. 

° To collect the sample on the nasopharyngeal swab, it 
is necessary first to measure how far the swab needs to 
be inserted for the collection. The depth of insertion 
is approximately half the length from the earlobe to 
the base of the nose (nostril) of the patient. This 
should be measured and marked on the nasopharyn- 
geal swab shaft so that it is visible during the collec- 
tion. The swab is inserted into the nose parallel to the 
roof of the mouth. Continue to insert the swab until 
the depth of insertion has been reached and slight 
resistance is felt, indicating that the nasopharynx has 
been reached. The swab should be rotated several 
times, and left in place for a few seconds to absorb 
any mucus that is present. Remove the swab in the 
same way that it was inserted. It may be necessary to 
insert the swab in the other nostril and repeat the 
process. The swab is then placed immediately into the 
viral transport media (or bacterial transport media if 
ordered) and processed according to the directions 
provided by the testing laboratory. 


Eye Cultures 


Samples from the eye may be taken from the conjunctiva, 
the mucous membrane that covers the inner area of the 
eyelid and extends to cover the exposed surface of the 
eye. The conjunctiva can be accessed just under the up- 
per and lower eyelids. Eye cultures less commonly are 
obtained as corneal scrapings or an aspirate from the eye- 
ball. In the outpatient setting, conjunctival samples will 
be the most commonly collected. When assisting with 
this procedure, it is important to remember that the mi- 
crobiology laboratory will prefer a sample from each eye, 
even if the infection is suspected in only one eye. This al- 
lows the laboratory to compare any normal flora that 
may be present, and assists with identification of poten- 
tial pathogens. Also, the collection swabs should be 
moistened with sterile saline or nutrient broth before use 
to minimize discomfort when the collection swab is 
rubbed across the delicate surfaces of the eye. 


Common pathogens present in the eye may be iso- 
lated by inoculation of the specimens on 5% sheep's 
blood agar, chocolate agar, and mannitol salt agar. The 
pathogens often include Streptococcus genus, as well as 
Haemophilus genus, and occasionally Gonorrhoeae bacte- 
ria may be evident, especially in a newborn infant whose 
mother had minimal prenatal care. 





Test Your Knowledge 10-18 


Why is the swab used for eye culture samples usually 
moistened prior to use? (Outcome 10-13) 





Ear Cultures 


The human ear is separated into three sections: the outer 
ear, the middle ear (located right behind the tympanic 
membrane), and the inner ear. The middle ear is con- 
nected to the back of the throat by a small structure 
known as the eustachian tube. Inflammation (with or 
without infection) of the ear is called otitis and is further 
specified by adding the location to the name. Otitis me- 
dia describes inflammation or infection of the middle 
ear, and otitis externa describes inflammation and/or 
infection of the outer ear canal. 

Otitis media is the most common type of ear infec- 
tion, and usually develops as a result of blockage of the 
eustachian tube. When this tube is blocked, fluid builds 
up in the middle ear, and if there are bacteria or viruses 
present (such as those causing a sore throat or the com- 
mon cold), these may be introduced to the fluid within 
the ear by the eustachian tube. (The middle ear is usu- 
ally a sterile environment.) This is a common disorder in 
children, as their eustachian tubes are shorter and 
straighter than those of adults. If the pressure builds up 
too much within the middle ear, the tympanic mem- 
brane may rupture, and the health-care provider will 
take a culture specimen of the drainage with a sterile 
swab. Sometimes it may be necessary to take a culture 
specimen of the fluid behind the tympanic membrane 
when it has not ruptured. A procedure called tympa- 
nocentesis may be performed, in which the health-care 
provider inserts a needle through the tympanic mem- 
brane and aspirates a sample of the fluid that is built up 
in the middle ear. Another procedure that may allow ac- 
cess to the fluid is a myringotomy, in which a tiny incision 
is made into the eardrum to allow for drainage of the in- 
fected fluid. In this situation, a sterile syringe may be 
used to aspirate some of the sample for a culture, or a 
sterile swab can be used to obtain the sample as it drains 
out of the eardrum. 
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Otitis externa is a condition that is often known as 
swimmer’s ear. When moisture is introduced into the ex- 
ternal ear canal, it can create a perfect environment for 
bacterial or fungal growth to occur. Otitis externa may 
also be caused by excess moisture or a break in or irrita- 
tion to the skin of this area. The introduction of foreign 
objects (such as cotton-tipped swabs) or chemicals (such 
as those present in hair-care products or dyes) may con- 
tribute to the development of otitis externa. The outer 
ear usually itches, and there is often discharge and pain 
in the area as well. If a culture is needed to identify the 
infective microorganism, a sterile swab is used to swipe 
the lesions and/or obtain a sample of the discharge. The 
outer ear canal does contain normal flora, such as 
Staphylococcus epidermis, Staphylococcus aureus, and 
Corynebacterium genus. 





Test Your Knowledge 10-19 


Which type of otitis is often linked to excessive moisture 
in the ear? 
a. Otitis externa 


b. Otitis media (Outcome 10-14) 





SPECIAL SAMPLE COLLECTION AND 
PROCESSING PROCEDURES 





The role of a medical assistant does not end with the col- 
lection and labeling of the specimens. Sometimes there 
are special procedures that must be completed after the 
collection so that specimens can be examined, or unique 
collection requirements for certain specimens that 
require prior setup. 


Fungal Sample and Culture Collection 
Procedures 


As was presented earlier in this chapter, specimen collec- 
tion procedures performed to detect the presence of fun- 
gal elements may be different from those procedures 
used for bacterial or viral organisms. Successful isolation 
and identification of fungal elements are dependent on 
very specific collection methods, rapid transport, and use 
of the correct growth medium once the sample arrives at 
the laboratory. Fungi may be isolated from wounds, ab- 
scesses, hair follicles, or lesions on the skin. Tinea pedis 
(athlete's foot) and Tinea unguium (a fungal infection of 
the nails) are frequently seen in the physician office. 
Fungal infections are referred to as mycoses and are fur- 
ther identified by the area of infection and/or the 


causative organisms. Common classifications of fungal 
infections include the following: 


¢ Superficial or cutaneous mycoses: These infect the 
outermost (dead) layers of the skin and hair, as well as 
the epidermis, hair follicles and deeper layers of the 
visible skin. Tinea corporis (ringworm) is an example 
of this type of infection. 

¢ Subcutaneous mycoses: These fungal infections oc- 
cur in the dermis and subcutaneous layers of the skin, 
and may affect the muscles and tissue layers beneath 
the skin. Often these are chronic infections that 
resulted from an initial wound when the fungus was 
introduced into the body. 

e Systemic mycoses: Systemic fungal infections may be 
present in multiple organs and/or areas of the body. 
They are often introduced to the body through the 
respiratory tract. Systemic fungal infections may be 
caused by opportunistic fungal organisms in patients 
who have suppressed or inactive immune systems 
(such as HIV-positive patients), or they may be caused 
by a pathogen that is introduced to the body. 


Sample collection procedures will differ according to 
the site of infection. It is important that the medical as- 
sistant and health-care provider verify which type of 
specimen is necessary for the infection before the collec- 
tion process begins. Sometimes the health-care provider 
will utilize a Wood’s lamp, which shines a fluorescent 
light over the infected area. Certain types of fungi will 
fluoresce when exposed to this light, and the physician 
may use this information without the need of an actual 
specimen collection to prescribe treatment. Table 10-1 
summarizes the type of specimen needed and the collec- 
tion method used to identify the fungal elements in var- 
ious areas of the body. Sample types include scrapings of 
skin lesions for superficial infections, nailbed samples, 
aspirates from abscesses, or swabs used to sample vaginal 
drainage. 





Test Your Knowledge 10-20 


Are all fungal infections superficial? (Outcome 10-15) 





Potassium Hydroxide Preparation 


Many times it is not necessary to identify the specific type 
of fungus responsible for an infection; the most important 
information is whether a fungal element is the causative 
agent. Patient treatment is based on the presence of the 
fungi without further identification. An examination of 
the sample under the microscope with a drop or two of 
10% to 20% potassium hydroxide (KOH) solution is 
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TABLE 10-1 


Information needed for collection of samples for fungal cultures* 


Specimen Required 
Skin scrapings 


Collection Method 


Use the dull edge of a scalpel or a glass 
slide; scrape across the lesion. If there are not 
enough loose pieces created with this action, 
adhesive tape may be used to pick up a 
sample. Transport dry in sterile container. 





Fungal infection of the hair 


Pieces of hair with roots 
attached 


Pluck out the hair (including root material) with 
sterile forceps. Transport dry in sterile container. 





Nail infection 


Pieces of nail and debris 
from underneath the nail 


Samples from discolored or misshapen parts of 
the nail preferable; may use microdrill method 
to provide samples from the more proximal 
parts of the nail for better capture of the fungi. 
Samples scraped from underneath the nail may 
also provide fungal elements. Transport dry in 
sterile container. 





Abscesses and other 
subcutaneous infections 


Aspirate taken with a needle 
and syringe, or a sterile 
swab moistened with saline 
brushed over the surface 


from deepest area of 
infection possible 


Sample only the actively infected areas for best 
results. Be certain that the sample amounts are 
adequate for culture. 





Deep tissue infections Samples of tissue 


Tissue to be excised; will be minced, then cultured 
for fungal elements. 








*For all cultures, specimen ideally will be processed within 2 hours of collections. 








performed immediately after collection to search for the 
presence of fungi. The KOH dissolves other organic ele- 
ments in the specimen such as hair, mucus, skin cells, and 
bacteria, but it does not dissolve the fungus that may be 
present. This allows the health-care provider to visualize 
the fungus and decide on a plan of treatment without 
waiting for a culture result. Some fungal species do not 
show up with the KOH treatment, so the health-care 
provider may order a culture in addition to the micro- 
scopic examination if a fungal infection is suspected upon 
examination. It is important to remember that results 
from a fungal culture may not be available until weeks 
after the sample is submitted, so alternative methods of 
detection are very important to avoid delay in treatment. 


Wet Mount Procedure 


A wet mount is a means by which living organisms may 
be observed under the microscope. Trichomonas vaginalis 
is a common sexually transmitted parasitic microorgan- 
ism that needs to be visualized as it is alive and active via 
a wet mount examination. A wet mount is prepared by 
adding a few drops of saline to a sample (usually a swab 


with secretions on it) then placing a drop of saline/ 
sample mixture onto a microscopic slide. A cover slip 
(a small piece of plastic or glass) is applied over the solu- 
tion on the slide, and the health-care provider examines 
the sample. Diagnosis is made by examining the struc- 
tural characteristics and movement of the microorganism. 
Wet mount examinations (as well as KOH preps) are 
performed in physician offices only by health-care 
providers or trained laboratory professionals, but not by 
medical assistants. The medical assistant may set up the 
sample appropriately and bring it into focus on the 
microscope for examination, but the health-care 
provider or other appropriately trained personnel will be 
responsible for performance of the examination. 

A hanging drop slide is another way that a sample, 
especially those exhibiting a lot of movement, may be 
examined for live microorganisms. In this case, a special 
depression slide is used. These slides have a “scoop” out 
of the center of the slide, which forms a depression. A 
cover slip is also used and petroleum jelly is applied with 
an applicator to the four corners of the cover slip. A drop 
of the sample (often an inoculated swab that has been ag- 
itated in saline) is placed on the center of the cover slip. 
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Seas 


Topview 
Figure 10-7 A depression slide. Note how the "scoop" is 
taken from the middle of the slide. This is covered with a 
cover slip. The sample is actually placed on the cover slip 
with the depression set over this area and the slide flipped 
for viewing under the microscope. 


The depression slide is placed over the cover slip, where the 
petroleum jelly seals the edges. The setup is inverted so that 
the specimen drop is “hanging” from the cover slip over the 
depression. This allows an excellent opportunity to exam- 
ine the sample for anatomy and motility (movement) of 
the microorganisms that are present. An example of a 
hanging drop slide can be seen in Figure 10-7. 





Test Your Knowledge 10-21 


How are KOH preps and wet mounts similar? How are 
they different? (Outcome 10-16) 





Sample Collection Procedures for 
Detection of Parasites 


Organisms that live on or in a host and use their host for 
nourishment are known as parasites. Pathogenic mi- 
croorganisms that use the human body for nourishment 
include ectoparasites, which live on the outside of the 
body, and endoparasites, which live within the human 
body. These parasites feed off the human host, at the 
expense of the health of the human that they occupy. 
Common ectoparasites that use humans as _ hosts 
include lice, mites, fleas, and ticks. Diagnosis of these 
infections usually occurs with the visual examination of 
the site. For instance, the health-care professional may 
take a scraping from the skin of the infected individual 
and examine it under the microscope to see if there are 
mites present. Scabies is a parasitic infection with 
Sarcoptes scabiei, and this may be diagnosed with a skin 
scraping. The Burrow ink test is another method some- 
times used for verification of scabies infections, per- 
formed by rubbing the site with an ink pen, then wiping 
away the ink with an alcohol pad. If there is a parasitic 
scabies infection then the burrow holes left from where 


the microorganisms entered the skin will be evident. 
When a lice infection is suspected, the diagnosis is usu- 
ally made with careful examination of the hair for the 
adult lice or the nits that are present near the scalp. Most 
infections with ectoparasites do not cause the host to be- 
come ill; however, secondary infections from the scratch- 
ing and breaks in the skin may be problematic. 

The most common internal parasitic infection in the 
United States is caused by Giardia lamblia. This single- 
cell parasitic microorganism is passed in the feces 
of animals. Untreated water in ponds and mountain 
streams are contaminated with feces from indigenous an- 
imals in the area such as beaver, muskrat, elk, and deer. 
The human host then ingests the parasite by drinking 
this contaminated water. The presence of the Giardia in 
the water cannot be detected without the use of a micro- 
scope, as it does not change the water's color, smell, or 
taste. Infection by other internal parasites such as round- 
worms, tapeworms, and hookworms may also occur, but 
this is not as common in the United States as it is in 
other areas of the world. Endoparasites can damage their 
hosts by causing cellular destruction, chewing damage to 
the gastrointestinal tract, anemia, blood vessel damage, 
bloody diarrhea, and failure to absorb nutrients. 


Ova and Parasite Examination 


For most endoparasites, the ova and parasite examination 
(O&P) is used to make a visual identification of the pres- 
ence of adult parasites or eggs in the stool. Most parasites 
have adult forms and produce ova (eggs) or cysts with 
sexual or asexual reproduction. When the gastrointestinal 
tract is infected with parasites, the adult parasites or their 
eggs are shed into the stool of the infected host. The 
O&P test is performed by placing thin smears of stool 
(fresh or preserved) onto slides and examining and/or 
staining them for examination. The sample may need to 
be spun in a centrifuge for concentration before the slide 
is prepared to allow for easier detection of any parasites or 
ova present. The microbiologist will be able to detect the 
presence or absence of adult parasites or the eggs (ovum), 
and based on the anatomical structures observed, an 
identification of the species may also be performed. 
When a patient is to be tested for the presence of ova 
and parasites, he or she is provided with a collection 
kit that includes a container for the stool specimen, as 
well as one or two small bottles of preservative solution 
(Fig. 10-8). The bottles must be appropriately labeled to 
warn the patient that they contain strong chemicals that 
could be harmful if swallowed or allowed to remain on 
bare skin for extended periods of time. The bottles may 
have a “scoop” built into the cap for the patient to add 
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Figure 10-8 Ova and parasite collection kit. There are 
two different types of preservatives provided, and each 
bottle has a scoop in the lid that is used to add the stool 
specimen to the preservative. 


the stool specimen to the preservative in the bottle. 
Common preservatives are 10% buffered formalin and 
polyvinyl alcohol (PVA). The formalin allows for ex- 
tended preservation of the parasites and eggs, but the 
stool sample may be used only for wet mount observa- 
tion; it cannot be stained for a more permanent record 
of the examination. PVA does preserve the sample for a 
reasonable amount of time, but it also allows for staining 
of the slide for further study. Some laboratories will pro- 
vide two bottles with different fixatives. The patient 
should be advised to collect the stool sample into the 
larger container (provided) or use some other method to 
collect the sample without contamination of urine or 
water. Then, the patient should use the scoop or a pro- 
vided applicator to put a small part of the sample into 
the provided preservative bottles and return it to the lab- 
oratory or physician office. 

Sometimes a stool culture is ordered at the same time 
as the sample for the ova and parasite examination, so it is 
important that the medical assistant give appropriate in- 
structions for the time intervals before the specimen ar- 
rives back at the office. Some laboratories will also prefer 
a fresh stool sample, in which case it needs to be delivered 
to the laboratory within 1 hour of collection to preserve 
the anatomical features of the parasitic microorganisms 
for identification. It is also common for health-care 
providers to order multiple sample collections, as the par- 
asites and/or eggs may be shed at random times in the 
stool. Identification of the specimen collection date and 
time is very important. 





Test Your Knowledge 10-22 


How does a collection procedure for an ova and para- 
site examination differ from a stool culture collection 
procedure? 

a. The O&P collection procedures include containers 
with preservative solution, but stool culture sample 
procedures do not 

b. Stool specimens for cultures can be kept at room 
temperature for extended periods of time, 
whereas specimens for O&P cannot be stored at 
room temperature 

c. The procedures are exactly the same for both 
types of collections 

d. None of the above (Outcome 10-17) 


S 4 











Pinworm Collection Procedures 


Pinworm infections, caused by the parasite Enterobius 
vermicularis, are the most common type of worm infec- 
tions in the United States. The pinworm is a small white 
worm that can infect the colon and rectum of humans. 
School-age children and those who are institutionalized 
are at highest risk for this type of infection, as well as 
those who care for this population. The adult pinworms 
are large enough that they can sometimes be seen 
around the rectum without magnification. The adult 
female pinworm leaves the rectum at night and lays her 
eggs around the opening. Within a couple of hours 
these eggs are infectious, and may be shed into the 
underwear and bedclothes. This infection often causes 
intensive anal itching. 

Testing for pinworm infection must occur first thing 
in the morning, before the individual has had a bowel 
movement or bathed, as these actions may remove the 
eggs from the rectal area. A piece of clear adhesive tape 
(sticky side down) may be pressed against the perianal 
area, and any eggs in the area will stick to the tape. This 
process may need to be repeated for several days before 
eggs are identified. The eggs can then be viewed under 
the microscope when placed on a slide. A “pinworm 
paddle” may also be used for the collection. Becton, 
Dickinson produces a tool called the FALCON SWUBE 
Pinworm Paddle, which is a clear plastic paddle with one 
adhesive side at the wide end. This sticky side is placed 
against the perianal area, and then the paddle is placed 
within a tube to keep it secure until it is examined. 
The actual paddle can be used as a slide under the 
microscope, as it is transparent. Figure 10-9 shows the 
FALCON SWUBE Pinworm Paddle. 
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Figure 10-9 The FALCON SWUBE Pinworm Paddle for 
pinworm collection. The end of the collection device is 
pressed against the anus fo collect the sample. The sample 
is transported in the outer tube to the laboratory where the 
actual collection device may be placed on the microscope 
for examination. Courtesy of BD, Inc. 





Test Your Knowledge 10-23 


What role does adhesive tape play in the collection of 
the samples for pinworm detection? (Outcome 10-18) 





PROCESSING MICROBIOLOGY SAMPLES 





This chapter has explained the collection process and 
immediate handling for many different types of microbi- 
ology samples. In a physician office, the medical assistant 
is often responsible for one more step; the processing of 
the sample to prepare it for growth of the culture. This 
may include inoculation of the growth medium, slide 
preparation, and Gram staining, or even initiating the 
process for antibiotic sensitivity testing. 


Slide Preparation and Gram-Staining 
Procedure 


Developed in 1884, the Gram stain is a technique that 
quickly and inexpensively provides information about 
the bacteria that are present in a sample. Identification of 
the microorganisms is based on the fact that almost all 
bacteria will preferentially absorb different colors of 
stains, based on characteristics of their cell walls. 





When the slide is viewed using the microscope, those 
bacteria that retain the crystal violet dye will appear pur- 
ple and be identified as gram positive. Gram-negative or- 
ganisms will have retained the safranin counterstain, and 
will appear pink when examined. Figure 10-10 shows 
gram-positive and gram-negative bacteria after staining. 
Gram-stained slides also allow the appearance and shape 
(e.g., cocci, bacilli) microorganisms to be viewed. Com- 
plete identification (such as genus and species) cannot be 
ascertained with a Gram stain, but the microorganism’s 
characteristics that can be determined will assist the 
physician in making appropriate initial treatment deci- 
sions. If the Gram stain is performed at a laboratory out- 
side of the physician office, the preliminary results are 
often called in to the physician office. The medical assis- 
tant must be very careful to document all information 
and report it to the physician in a timely manner. 


Test Your Knowledge 10-24 


Why are two different types of stains used for the 
Gram-staining procedure? 


(Outcome 10-19) 


/ — 
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Figure 10-10 Gram-negative and gram-positive bacteria. 
The purple bacteria (top) are gram positive, and the pink 
bacteria (bottom) are gram negative. 
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Procedure 10-3: Gram-Staining Procedure 


The Gram stain is one of the most common procedures 
performed in the microbiology department. It is a dif 
ferential stain that allows bacteria to be classified into 
one of two groups depending on the way that the cell 
wall reacts with the dyes used in the staining process. 
The cell walls of the gram-positive bacteria have a 
greater affinity for the crystal violet stain than the bac- 
teria classified as gram negative. When viewed under 
the microscope, the gram-positive bacteria will appear 
purple in color as a result of the crystal violet stain, and 
the gram-negative bacteria will appear pink in color as 
a result of the safranin counterstain. 


TASK 


Perform a Gram stain on a bacterial smear. 


CONDITIONS 


¢ Heat-fixed glass slide with bacterial smear 

e Gram stain supplies (crystal violet, Gram’s iodine, 
95% ethyl alcohol, and safranin) 

¢ Gloves 

¢ Forceps 

° Water 

¢ Laboratory wipes 


CAAHEP/ABHES STANDARDS 


CAAHEP Standards 


lIL.C.1.9: Discuss quality control issues related to han- 
dling microbiological specimens. IILP.IIl.2: Practice 
Standard Precautions,  II.P.III.3: Select appropriate 
barrier/personal protective equipment (PPE) for poten- 
tially infectious situations,  IILA.IIl. Applied Microbiology/ 
Infection Control 


fe>. 
@ ABHES Standards 


° Apply principles of aseptic techniques and infection 
control 

e Use standard precautions 

° Practice quality control 

° Perform selected CLIA-waived tests that assist with 
diagnosis and treatment, #5: Microbiology testing 





Procedure 


1. Sanitize hands and apply gloves. 


2. Grasp the slide in the forceps. Hold it over the sink 
or other waste container. Flood the slide with the 
crystal violet stain and allow it to be covered for 
1 minute. 


3. Pour off stain from slide and flush gently with water. 
Blot against laboratory wipes to remove excess water. 


4, Apply Gram’s iodine to the slide for one minute. 





Rationale 


The gloves will protect the hands from becoming 
stained by the materials used in this procedure. 


The slide should be held over the sink to allow excess 
stain to drain. It is important to keep the stain in 
contact with the slide for 1 full minute. 


The slide should be flushed until the liquid stain is 
removed from the slide. It may be necessary to rub 
the underside of the slide with a laboratory wipe to 
remove excess stain if it drips onto the back of 


the slide. 


The Gram’s iodine forms a complex to keep the crystal 
violet attached to the gram-positive bacteria. 





Continued 
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Procedure 10-3: Gram-Staining Procedure—cont’d 








Procedure 


5. Pour off the Gram’s iodine and flush the slide with 
alcohol. Allow the alcohol to run over the slide until 
the alcohol runs clear. This may take 20 to 30 seconds, 
and depends on the thickness of the smear. 


6. Rinse the alcohol from the slide with gentle running 
water. Blot off any excess water by tapping the slide 
against a laboratory wipe. Clean the underside 
of the slide with a laboratory wipe if necessary to 
remove excess stain. 


7. Cover the slide with safranin stain. Allow the slide 
to be covered for 20 seconds. 


8. Rinse the slide once more with water. If necessary, 
use alcohol on the underside of the slide to remove 
any residual stain. Blot the stained slide with a lab- 
oratory wipe to absorb excess water. 





9. Put away supplies and clean the work area. 


Rationale 


The alcohol is a decolorizing agent, and it is imperative 
that the slide is flushed with this until it runs clear. 


Rinsing the water stops the decolorization process. 


The safranin is the counterstain, which gives color to the 
gram-negative organisms that did not absorb the crys- 
tal violet stain. Without it, they would appear color- 
less on the slide when viewed under the microscope. 


This is the final stage of the process. It is important to 
make sure that the residual stain is removed so that 
the light will not be obscured when the slide is 
viewed under the microscope. 


The laboratory area must remain clean and tidy. 








POINT OF INTEREST 10-3 
Tuberculosis and other 
acid-fast bacilli 


wy 


Certain types of bacteria resist colorization during 
the Gram-staining procedure. These bacteria have a 
higher concentration of lipids in their cell walls, so 
they do not retain the crystal violet or the safranin 
stain. At the end of the Gram-staining procedure 
they remain essentially colorless. In order to iden- 
tify these bacteria, the Ziehl Neelsen stain is often 
used to identify these bacteria, known as acid-fast 
bacilli. The most common group of bacteria that 
reacts in this way is from the genus Mycobacterium. 
Many species are harmless to humans, but there 
are a few notable exceptions. Mycobacterium tuber- 
culosis is the causative agent of tuberculosis, 
Mycobacterium avium is a bacterium that is capable 
of causing lung disease, and Mycobacterium leprae 
causes leprosy. 

Tuberculosis (TB) is a disease that has been 
around for a very long time. Active infection is on 
the rise, and it is imperative that the health-care 











community remain aware and educated about how 
to identify and treat this infection. M. tuberculosis is 
most often thought of causing a lung infection, but 
the bacterium may infect any area of the body. Other 
common infection sites include the kidneys and the 
central nervous system. The bacteria are spread 
through the air when an infective individual coughs, 
speaks, sneezes, or sings. There are two types of 
tuberculosis infection: 


1. Latent infection: A patient has latent tuberculosis 
infection when he or she has become infected with 
the bacteria, but does not become actively ill. In 
the case of latent infection, the patient’s immune 
system has “walled off” or isolated the bacterium 
to the extent that it does not cause immediate 
harm. The TB infection may spread at a later date, 
especially if the patient develops other conditions 
that lower natural immunity, such as HIV infec- 
tion. The patients with latent infection will show a 
positive reaction on the tuberculosis skin test, and 
they need to be treated to kill the bacteria in their 
bodies before they cause active infection. 
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2. Tuberculosis disease: A patient with tuberculo- of several antibiotic resistant strains. Treatment with 
sis disease has the M. tuberculosis bacteria in the more than one medication at once seems to reduce the 
body, but the immune system has not rendered chance of developing resistance. Common medications 
it inactive. The bacterium has caused active ill- include isoniazid, rifampin, ethambutol, and pyrazi- 
ness. Symptoms may include severe coughing namide. Patients with active infection are required to 
for an extended period of time, spitting or take their medication; if there is a high risk of noncom- 
coughing up blood, fatigue, anorexia, chills, pliance, they may even be placed in a directly observed 
fever, and night sweats. Patients with tuberculo- therapy program in which a local health nurse will 
sis disease are infectious, and may infect those monitor their dosages daily. Incarceration is also an 
around them in their home or workplace. They option; if the local health authority feels that a patient 
may also infect the health-care professionals poses a high risk to other individuals and if that patient 
who care for them. is noncompliant, jail time may be required. 











To aid in controlling tuberculosis disease, certain 
high-risk groups should be tested for latent infec- 
tion, as well those who show symptoms of the 
active disease. These groups include those who have Plating and Inoculation of Media 
been exposed to a TB-positive person, patients who 
have a compromised immune system, those who 
have lived in or traveled to a country where TB is 
widespread in the population, those who are incar- 
cerated, and those who are health-care profession- 
als. The tuberculin skin test is the most common 
way to screen for latent infection, and this test is 
offered at local health departments as well as many 
physician offices. Those who immigrated to the 
United States from another country may have re- 


In some situations, laboratories may request that the 
physician office laboratory inoculate the media at the 
time of collection. A nutrient broth or slant may 
sometimes be innoculated. These types of media 
encourage growth of microorganisms but do not allow 
for isolation of specific colonies for further growth and 
identification. To accomplish separation of the growth 
into definitive colonies, an agar plate is used with a 
specific pattern of inoculation to create isolated 


: ; : colonies of the organism to be further identified and 
ceived the bacille Calmette-Guerin (BCG) vaccine 8 : : : 

: Se oe . tested. The pattern of inoculation may be different 
against tuberculosis, which is given in countries 


outside of the United States. However, the BCG depending onthe (ype OF dea plate ob G/pe'eh spect 
men. A common method used to add a sample to an 
agar plate is the quadrant method, in which the agar 
plate is divided into four parts, either mentally or with 
a grease pencil if necessary. The sample is applied to 
one quadrant of the plate fairly heavily with a swab 
that is twirled for full exposure. Successive quadrants 
are “streaked” with the sample by passing through 
the previous quadrant one time to pick up specimen, 
then continuing with numerous streaks that are 
close together. The goal is to provide an opportunity 
for growth of isolated colonies so that these can 
be further tested for identification and possibly sensi- 
tivity tested. Figure 10-11 illustrates the quadrant 


vaccine is not considered to offer lifetime immu- 
nity. Individuals who have received the BCG vac- 
cine should still receive the tuberculosis skin test. 
They may show a false-positive result; if that is the 
case, patients will require follow-up chest x-rays 
and a physical examination to determine TB status. 
There is also a blood test now available for tubercu- 
losis infection, called an interferon-gamma release 
assay. It does not check for the presence of the TB 
bacilli; rather, it tests for the body’s immune 
response to the bacteria. It is relatively expensive to 
perform, and not yet in widespread use. An exam- 
ple of this test is the Quantiferon-GOLD test. 


Those who have had the BCG vaccine have less of streaking method. 
a chance of a false positive with the blood test than 




















they do the skin test. ( Test Your Knowledge 10-25 i 
Fortunately, tuberculosis infection, whether the Which of these may be used for inoculation? 

infection is latent or active, is treatable. Those who test a. Agar plates 

positive with the skin test or the blood test are treated be slants 

with a regime that may last 6 to 12 months, and c. Liquid nutrient broth 

includes several medications at once. M. tuberculosis has di Alliofthe-above (Outcome 10-20) 

become problematic in recent years, with development N y 
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Procedure 10-4: Quadrant Streaking Inoculation Procedure 





To isolate microorganisms from pure culture or to iso- 
late specific colonies from agar plates that contain 
mixed flora, it is necessary to set up a streak plate. The 
most common method used for this procedure is the 
quadrant streaking method. The plate is divided into 
four sections, and the sample is streaked across each 
area, with every quarter slightly overlapping the previ- 
ous area. 


TASK 


Prepare a streak plate using the quadrant streaking 
method. 


CONDITIONS 
¢ Agar plate 


¢ Inoculation loops or sterilization equipment 
¢ Gloves 
¢ Culture specimen on swab 


CAAHEP/ABHES STANDARDS 





CAAHEP Standards 


H.C.II.3: Discuss infection control procedures, 
III.C.1.9: Discuss quality control issues related to 
handling microbiological specimens. III.P.II.2: Prac- 
tice Standard Precautions, III.P.III.3:; Select appropri- 
ate barrier/personal protective equipment (PPE) for 
potentially infectious situations, 


ee 
@ ABHES Standards 


e Apply principles of aseptic techniques and infection 
control 

e Use standard precautions 

¢ Practice quality control 

¢ Dispose of biohazardous materials 

¢ Collect, label and process specimens 





Procedure 


1. Remove the lid of the agar plate and place face 
down on the countertop. 


2. Sanitize hands and apply gloves. 


3. Mentally divide the agar plate into four quadrants. 
This may also be accomplished physically by drawing 
a four-part diagram on the bottom of the agar plate. 


4. Use the culture swab to inoculate the first quadrant 
on the agar plate. Gently roll the swab across this 
area for complete coverage. 


5. Turn the agar plate so that the second quadrant is at 
the top. Use the inoculation loop to apply sample 
into the next quadrant by passing it into the origi- 
nal application two times, then spreading it across 
the second quadrant without entering the first 
quadrant again. 


6. Using a new sterile inoculation loop (or sterilize and 
cool a reusable loop) repeat the procedure with the 
subsequent quadrants. 


7. Label the plate and incubate as directed. 


8. Put away supplies and clean the work area. 





Rationale 


The lid should be placed so that it does not become 
contaminated. 


Gloves protect the hands from the microorganisms in 
the culture. 


The quadrant method requires that the plate be di- 
vided into four sections. 


The first quadrant must have an adequate amount of 
specimen present for the rest of the procedure to 
proceed correctly. 


The sample becomes less concentrated as it is spread 
across the second quadrant. 


Each quadrant will be inoculated in the same way with 
a very small amount pulled from the previous quad- 
rant and spread out. 


Appropriate incubation will be necessary to allow for 
specimen growth. 


The laboratory area must remain clean and tidy. 
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Figure 10-11 The quadrant streaking method of inocula- 
tion. The culture swab or a loop of a liquid sample is 
placed across quadrant 1. A sterile inoculating loop is used 
for the second quadrant; the streaks overlap quadrant 1 
three times, then the swipes continue to fill the quadrant. 
Another sterile inoculating loop is used for the third quad- 
rant, and the same procedure is used. This process is 
repeated once more for the fourth quadrant. 


Antibiotic Sensitivity Testing 


Antibiotic sensitivity testing is performed to determine 
how effective antimicrobial therapy is against a certain 
type of bacteria. There are numerous methods available 
for this procedure; instruments such as the VITEK 2 
(produced by the firm bioMérieux) are capable of 
performing antibiotic sensitivities in a fully automated 
fashion. These automated methods use the minimum 
inhibitory concentration (MIC) method to determine 
which antimicrobial agent is best to use for a specific 
pathogenic bacteria. However, many laboratories use an 
older, more laborious method of testing known as the 
disk-diffusion method (also known as the Kirby-Bauer 
method) for antibiotic sensitivity testing. 

To set up the disk-diffusion (Kirby-Bauer) procedure, 
a solution of the diluted specimen is applied to cover an 
entire Mueller Hinton agar plate. Absorbent paper discs 
that have been impregnated with various antibiotics are 
applied directly to the specimen on the plate (Fig. 10-12). 
The antibiotics are absorbed into the specimen and 
the agar as the plate is incubated for a period of 18 to 
24 hours. If an organism is sensitive to a specific antibi- 
otic, it will have a zone of inhibition around the disc for 
that specific medication, meaning that the antibiotic is 
able to stop the growth of that particular microorganism 
so that no growth occurs near the disc on the agar plate. 
If bacterial growth is present right up to the disc and 
there is no visible zone of inhibition, this bacteria is 





Figure 10-12 Antibiotic sensitivity plate showing the disk- 
diffusion method. Note the zones of inhibition around some 
of the antibiotic disks. From CDC/Gilda L. Jones. 


resistant. A resistant bacteria is not susceptible to the 
action of a particular antibiotic, so a patient should not 
be treated with this medication. The zone of inhibition is 
measured for each type of bacteria, and reported in the 
laboratory report so that the health-care provider will 
have the knowledge needed to treat the patient appropri- 
ately using antibiotics that will inhibit the growth of the 
specific pathogen. The Clinical and Laboratory Standards 
Institute (CLS]) outlines the reporting methods for disk- 
diffusion antibiotic testing. The technician reading the 
results in the microbiology laboratory will measure each 
zone of inhibition for the antibiotics used. He or she will 
then use the NCCLS to report the antibiotic susceptibil- 
ity as sensitive, moderately susceptible, or resistant. 

The minimum inhibitory concentration testing proce- 
dure is usually performed using an automated instrument. 
A plastic panel with rows of small wells that are filled with 
a specific concentration of antibiotic is used. The micro- 
biology technician will inoculate each well with a dilution 
of the culture specimen. (This may also be performed au- 
tomatically.) After incubating for approximately 24 hours, 
the wells are checked for evidence of bacterial growth, 
which presents as a cloudy appearance. The well that has 
the lowest concentration of a specific antibiotic that does 
not show evidence of growth is reported as the minimum 
inhibitory concentration of that specific antibiotic. The 
laboratory report will include the list of antibiotics tested 
and the MIC for each of them. It will also interpret these 
data further to state whether that bacteria is susceptible, 
moderately susceptible, or resistant to the antibiotic. 
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Test Your Knowledge 10-26 


Why are antibiotic discs used when performing 
sensitivities? (Outcome 10-21) 


Specimen Collection and Processing 


a) 


4 








POINT OF INTEREST 10-4 
Se _snnanmnianniai Antibiotic resistance 
The discovery and further development of antibiotics 
has been an incredible asset to public health. Millions 
of lives have been saved, and our life expectancy has in- 
creased as a result of the positive steps we have taken to 
battle infectious diseases. Unfortunately, these steps are 
not without complications. As we develop more and 
more complex drugs, the microorganisms in our envi- 
ronment are beginning to develop resistance to our an- 
tibiotics. This is especially evident in the drug classifica- 
tions that are considered first line of defense: the drugs 
that are cheapest and easiest to use. This resistance is 
most recognizable in the types of infections that are 
most prevalent: those that cause diarrhea, sexually 
transmitted diseases, diseases of the upper and lower 
respiratory tract, and especially those that are nosoco- 
mial (acquired as a result of hospitalization). Some of 
the most serious problems include the following: 


e Vancomycin-resistant Enterococcus (VRE): Entero- 
coccus is a genus of bacteria that normally is found 
in the gastrointestinal system. However, when the 
bacteria are introduced into other areas of the body 
(the urinary tract, for instance) they are considered 
to be pathogenic, and cause serious infections. 
Many strains have developed a resistance to van- 
comycin, which was commonly used to treat this 
type of infection. 

¢ Methicillin-resistant Staphylococcus aureus 
(MRSA): Staph is a common bacterium found as 
normal flora in various areas of our bodies. How- 
ever, when introduced into a wound or into the 
bloodstream, it can be a virulent pathogen. Methi- 
cillin is a classification of antibiotic that has histor- 
ically worked well against staph infections, but the 
levels of resistance are rising dramatically to this 
drug. MRSA is an aggressive pathogen, and may be 
difficult to treat effectively because of its virulence. 
It is estimated that up to 20% of our population 
may be colonized with MRSA at this point. 

¢ Multiresistant Mycobacterium tuberculosis: As the 
number of cases of TB rises around the world, 
more and more show resistance to one or more of 
the drugs used for treatment. The regime used for 











those who have active or latent TB infection now 
includes more than one drug, as this seems to slow 
the development of resistant strains, and accelerate 
the elimination of the pathogen. 


Scientists believe that there are multiple factors that 
contribute to antibiotic resistance: the widespread use 
of antibiotics in our food sources, historical prescrib- 
ing patterns of health-care providers worldwide, and 
patient compliance issues. Whenever an antibiotic is 
prescribed as treatment for a bacterial infection, the 
microorganisms either will be eliminated from the pa- 
tient or they will not. Those bacteria that are not elim- 
inated have now been exposed to the antibiotic, and 
many have developed a way to “resist” the effects of 
that particular medication. As these bacteria multiply, 
their offspring will also have this natural resistance. 

Medical assistants can help with educating patients 
about the importance of this issue. Encourage patients 
to keep the following issues in mind with antibiotic use: 

Always take antibiotics as prescribed. This in- 
cludes the frequency of the prescription (e.g., take 
one pill two times per day) as well as the length of 
time for the dosage. Many patients are tempted to 
stop taking the medication as soon as they feel better; 
this allows the bacteria that are still present in their 
bodies to survive and develop resistance to the antibi- 
otic that they were taking. Patients need to take the 
prescription as it was written. 

Do not take prescriptions that belong to other peo- 
ple. These medications were not prescribed for the 
specific type of infection that the patient may be ex- 
hibiting. Even if two people have the same infection, 
the required dosage for a medication may be different 
for each. Self-medicating in this way is a dangerous 
practice, and contributes to antimicrobial resistance. 

Do not insist on antibiotics when the health-care 
provider feels that the infection is viral in nature. An- 
tibiotics are not effective against viral infections, and 
taking them when they are not necessary only exposes 
the body to these medications when they are not 
needed. 

Do not insist on a “higher grade” antibiotic when 
the more common drug may be just as effective. 
Many patients feel that penicillin, tetracycline, and 
similar first-line drugs could not be the best thing for 
them, as they are convinced that the newest drug de- 
veloped must be better. Follow the guidance of your 
health-care provider and your pharmacist; they are 
more familiar with the specific dosage recommenda- 
tions for these drugs. 
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data provided for bacterial cultures so that the health-care 
provider will be able to suggest treatment with the best 
medication available. This may be reported in several ways, 
so it is important for the medical assistant to gain an un- 
derstanding of the report format used by his or her labora- 
tory in order recognize abnormal values and bring them 
to the attention of the health-care provider. Figure 10-13 
provides an example of a microbiology laboratory report. 


MICROBIOLOGY TEST RESULTS 





It can be difficult to interpret the results for microbiology 
testing by identifying the information that is clinically sig- 
nificant. Both the culture report and the sensitivity result 
may be present on the same document. This may be or- 
dered or reported as a culture and sensitivity (C&S) 
report. Each laboratory has a unique system that it uses for 
reporting, but there are a few similarities common to all 
reports. The report will provide information about the mi- 
croorganisms that are isolated from the culture, as well as 
relative amounts of these different microorganisms. When 
the report is final, there may also be antibiotic sensitivity 


Test Your Knowledge 10-27 
What is a C&S report used to document? 


(Outcome 10-22) 








Laboratory Services 
P.O. Box 44444 
LZ labs Seattle, WA 98124-1944 


Patient: Thompson, Casandra (MR#: 123456) Status: FINAL 

DOB: 01/25/1930, (81Y) Sex: F Collected: 02/02/2012 15:20 

PCP: Grant, D. Resulted: 02/06/2012 09:12 
Printed: 02/09/2012 10:33 
LabID: 18081424 


Culture, Urine 


SPECIMEN DESCRIPTION 


SPECIAL REQUESTS 
RESULT 
REPORT STATUS 


SUSCEPTIBILITY 
ORGANISM 
METHOD 
Ampicillin 
Amoxicillin/Clavulanic Acid 


Cefazolin 

Ceftriaxone 

Gentamicin 

Nitrofurantoin 
Trimeth-sulfamethoxazole 
Aztreonam 

**SUSCEPTIBILITY COMMENT 


Cefepime 
Ciprofloxacin 
Amikacin 
Imipenem 
Meropenem 
Pip/tazobactam 
Tobramycin 


Performing Laboratory 
LZ Laboratory, 


Lincoln George, M.D. 
42600 1st Ave, Seattle, WA 98168 206-983-4456 


Urine 

81yo female with catheter related UTI. 
Report principal pathogen only. 
Providencia rettgeri 

Final 02/08/2012 


Providencia rettgeri 
MIC 
16 Intermediate 


32 Resistant 

Resistant 

<=8 Susceptible 

<=4 Susceptible 

>128 Resistant 

>4 Resistant 

<=2 Susceptible 

See below: 

Enterobacter, Citrobacter and Serratia 
species may develop resistance 
during prolonged therapy with third- 
generation cephalosporons. Repeat 
testing of these organisms is 
recommended after 4 days of therapy. 

<=2 Susceptible 

1 Susceptible 

<=4 Susceptible 

<=1 Susceptible 

<=1 Susceptible 

<=8 Susceptible 

Resistant 





Figure 10-13. Microbiology 
laboratory report. 
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SUMMARY 


One of the most diverse areas of the laboratory is 
the microbiology department. Specimen require- 
ments, processing procedures, and culture tech- 
niques are very specific and varied. Basic aseptic 
procedures and labeling techniques are common for 
all specimen types. As part of their role in quality 
microbiology testing, medical assistants need to 
remain knowledgeable about the type of test 
ordered, the specimen required for each kind of 
test, and the processing requirements. It is also very 
important that medical assistants know how to read 
the microbiology reports used by the laboratory so 
that clinically significant results are recognized and 
handled appropriately. 











TIME TO REVIEW 


1. Inoculation is the: Outcome 10-1 


a. Addition of a specimen to a culture medium for 
growth 

b. Addition of antibiotics to a culture medium 

c. Separation of colonies on a culture plate 

d. Gram staining of a specimen 


2. True or False: Mycoses are the Outcome 10-1 
various types of fungal infections that may be present 
on or in humans. 


3. Hemolytic uremic syndrome Outcome 10-1 
is a severe consequence of which type of infection? 
a. Shigella 


b. Salmonella 
c. E. coli O157:H7 
d. Yersenia 


4, A nasopharyngeal culture Outcome 10-13 
specimen is obtained by access through the: 


a. Mouth 
b. Nose 
c. Eye 
d. Pharynx 


5. Which of these is not a type Outcome 10-3 
of culture media? 
a. Slant 
b. Broth 
c. Agar 
d. Aerobe 


6. 


10. 


11. 


12. 


True or False: Sample collection Outcome 10-4 
supplies and transport media for bacterial, viral, and 
fungal cultures are all different. 


Why should sputum samples Outcome 10-6 
be protected from light? 


Which of these statements is Outcome 10-8 
false concerning the collection procedures for blood 
cultures? 


a. Blood cultures are rarely collected 

b. Aseptic technique is essential to avoid contami- 
nation of the specimen and misdiagnosis of the 
patient 

c. Blood is usually added to more than one bottle 
after collection 

d. Physicians may order blood cultures to be drawn 
serially at set time intervals 


Genital samples may be used Outcome 10-10 
to detect infections with: 


a. Candida albicans 
b. Trichomonas vaginalis 
c. Neisseria meningitides 


d. All of the above 


Preservatives are used for Outcome 10-17 
transport of specimens to be examined for presence 
of ova and parasites because: 


a. The preservatives provide nutrition for the para- 
sites in the sample 

b. The appearance of the parasites and their eggs 
are kept near those of their natural state in the 
body 

c. The preservatives keep the parasites alive so that 
they can grow in the laboratory 


d. All of the above 


What time of day should a Outcome 10-18 
pinworm sample collection occur? 


a. Just before bedtime 

b. Randomly; the time of day is not important 
c. First thing in the morning 

d. Right after bathing in the morning 


Gram-positive microorganisms Outcome 10-19 
will appear after the Gram- 
staining procedure is complete. 

a. pink 

b. purple 

c. blue 


d. black 
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Outcome 10-20 


a. A technique used to inoculate an agar plate 

b. A technique used for Gram stains 

c. A technique used for collection of wound cul- 
ture specimens 

d. A calculation used for antibiotic sensitivity 
reporting 


13. The quadrant method describes: 


14. When reading a microbiology Outcome 10-22 
laboratory report, why is it important for the health- 
care provider to be familiar with the normal flora 
commonly present in the area of the body where the 
specimen was collected? 


Case Study 10-1: How long is too long? 


Marti is a certified medical assistant working in a busy 
internal medicine practice. There is a new receptionist 
who is working at the front counter this week, and 
Marti has found that the receptionist is a bit over- 
whelmed by the volume of patients the practice is see- 
ing today. The morning appears to be uneventtul, but at 
2 p.m., the new receptionist brings a urine specimen 
back to Marti. The receptionist tells Marti that it was 
dropped off that morning before lunch, but that she for- 
got to do anything with it until now. Marti sees that the 
physician has ordered a culture on the urine specimen, 
and that the urine is in a specimen cup without preser- 
vative. 


1. What should Marti do? 


Case Study 10-2: A sticky situation 


Mrs. Oliver brings in her 3-year-old who is complaining 
of intense anal itching. Lanette, the medical assistant, is 
asked to collect a sample for examination of potential 
pinworm infection. This is a procedure she has not per- 
formed often, and Lanette is a bit nervous. She decides 
that the best approach is fo speak very little to Mrs. 
Oliver and the child so that process goes quickly. 


1. For this procedure, is this the best approach? 
2. If you were Lanette, how would you explain the 
process to Mrs. Oliver and her child? 





RESOURCES 


“Antimicrobial Resistance” 

World Health Organization 

Excellent overview about the progressing issues with antibiotic 
resistance around the world http://www.who.int/ 
mediacentre/factsheets/fs194/en/ 

“Antony van Leeuwenhoek (1632-1723)” 
History of Leeuwenhoek and the early discoveries of 
bacteriology http://www.ucmp.berkeley.edu/history/ 
leeuwenhoek.html 

BacT/ALERT blood culture collection procedure 
An overview of the supplies provided with the culture 
collection kit and their use. http://www.biomerieux- 
usa.com/upload/Worksafe-Blood-Culture-Collection- 
Procedure-1.pdf 

“Lumbar Puncture and Spinal Fluid” by John E. Greenlee, 
MD. 
Information about how a spinal fluid specimen is obtained, 
and how it is processed umed.med.utah.edu/neuronet/pda/ 
2002/HO%20LP%20Spinal%20Fluid%20Greenlee% 
202002.doc 

“Cerebrospinal Fluid Analysis,” in Encyclopedia of Surgery: A 
Guide for Patients and Caregivers 
Great article on the clinical indications of a need for 
CSF collection, the laboratory test results, and potential 
poor outcomes of the procedure. http://www.surgery- 
encyclopedia.com/Ce-Fi/Cerebrospinal-Fluid-CSF- 
Analysis.html 

“Disease Listing: Campylobacter General Information” 
CDC Division of Foodborne, Bacterial and Mycotic Dis- 
ease. http://www.cdc.gov/nczved/dfbmd/disease_listing/ 
campylobacter_gi.html 

“Disease Listing: Salmonella General Information” 
CDC Division of Foodborne, Bacterial and Mycotic Dis- 
ease, http://www.cdc.gov/nczved/dfbmd/disease_listing/ 
salmonellosis_gi.html 

“Disease Listing: Shigella General Information” 
CDC Division of Foodborne, Bacterial and Mycotic Dis- 
ease, http://www.cdc.gov/nczved/dfbmd/disease_listing/ 
shigellosis_gi-html 

“Pinworm Fact Sheet” 

CDC Division of Parasitic Diseases 
Great information about pinworm infestation 
http://www.cdc.gov/ncidod/dpd/parasites/pinworm/ 
factsht_pinworm.htm 
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“Educational Commentary on the Preservation of Fecal Speci- 
mens for Ova and Parasite Examination” 
Excellent information about pros and cons of different 
preservatives used for O&P examinations; sponsored by 
the American Society of Clinical Pathology http:// 
www.api-pt.com/pdfs/2002Amicro.pdf 

“Training Material Facilitates Proper Nasopharyngeal Swab 
Collection” 
Training module for nasopharyngeal swab collection http:// 
www.rapidmicrobiology.com/news/2023h4.php 


“UV Light Cuts Spread of Tuberculosis,” Science Daily, March 
19, 2009 
Information about studies performed for new methods of 
controlling the spread of tuberculosis within healthcare 
facilities http://www.sciencedaily.com/releases/2009/03/ 
090316201505.htm 
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Section II 


Specimen Collection and Processing 


What Does it All Mean? 





As this section clearly points out, proper specimen 
collection and processing is paramount to obtain ac- 
curate and reliable laboratory results. Our Case in 
Point for this section demonstrates the importance of 
proper specimen collection and processing. 


Case in Point 


As you may recall, Wilma F. is a 70-year-old female 
who presented to the doctor's office where you work 
complaining of burning and painful urination. She 
felt hot to the touch as confirmed by her temperature 
that was 101.5°F. The doctor asked you to collect 
blood and urine samples for laboratory testing. 
Based on the patient’s symptoms and the fact that 
Wilma has a history of urinary tract infections (UTIs), 
it is likely that she once again has an infection. If she 
only has a UTI, the urine collected for culture will 
reveal significant microorganism growth but the 
bloodstream will be free of microorganisms and the 
corresponding blood culture results will be reported 
as “negative.” If however, microorganisms establish 


residence in Wilma’s bloodstream, her blood culture 
results will be considered “positive.” It is common for 
patients to start out with a UTI and then progress into 
a bloodstream infection. In these cases, the same 
microorganisms often are found in both the blood 
and urine culture specimens. 

In Wilma’s case, she has symptoms of both a blood 
and urine infection. Wilma’s high temperature sug- 
gests a possible blood infection whereas her problems 
with urination indicate a urine infection. The question 
now is: What microorganisms are causing these prob- 
lems for Wilma? With the appropriate collection and 
handling of Wilma’s urine and blood samples, the 
chances of getting reliable and accurate laboratory 
results is excellent. While the doctor is waiting for the 
results to come back, he will likely begin Wilma on a 
suitable treatment known to treat a variety of microor- 
ganisms, often referred to a broad-spectrum treatment. 
He will then adjust treatment if necessary after the 
microorganisms have been identified and the labora- 
tory results are obtained. 
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On the Horizon 


The study of blood and blood-forming tissues is 
known as hematology. Coagulation refers to the 
clotting of blood. Because these two concepts in- 
terconnect, corresponding testing is often con- 
ducted in the same area of the clinical laboratory. 
The results generated by performing hematology 
and coagulation testing are of monumental impor- 
tance in the diagnosis and monitoring of a number 
of diseases and conditions. 


256 





Relevance for the Medical Assistant 


Medical assistants may be called upon to collect sam- 
ples and in some instances perform CLIA-waived tests 
that fall into the hematology and coagulation category. 
An understanding of this area of laboratory testing is 
essential to recognize the clinical significance of test re- 
sults and to anticipate the needs of the healthcare 
provider when dealing with the patients. In addition, 
medical assistants need to have a full understanding of 
their role in the preanalytical process while preparing 
patients and specimens for testing 

Continued on page 258. 
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The fundamental concepts associated with hematology and coagulation are 
covered in six chapters that make up this section of the text, as outlined below. 





Chapter 11: Overview of Hematology introduces the reader to the formation, 
description, and analysis of the three key types of cells in the circulating blood: red 
blood cells (RBCs), white blood cells (WWBCs), and platelets. 





Chapter 12: Complete Blood Count With Differential explores the key components 
of the most commonly ordered battery of hematology tests, known as a complete 
blood count (CBC). 





Chapter 13: Hemoglobin and Hematocrit examines the description, theory, and test- 
ing (with emphasis on CLIA-waived procedures) of these two important hematology 
tests: hemoglobin (Hgb) and Hematocrit (Hct). An independent examination of each 
test as well as an investigation of the relationship between them are made, because 
of their importance in the diagnosis and monitoring of hemoglobinopathies, ane- 
mia, and polycythemia. 





Chapter 14: Erythrocyte Sedimentation Rate covers the description, theory, and test- 
ing (with emphasis on CLIA-waived tests) of the erythrocyte sedimentation rate (ESR) 
test. This test, often in combination with other laboratory tests, is of importance in 
instances of inflammation changes and in monitoring pregnancies. 





Chapter 15: Coagulation Studies introduces the reader to the purpose of coagula- 
tion studies, the mechanism of blood clotting, disorders associated with abnormal 
coagulation test results, and commonly performed coagulation tests. Select coagu- 
lation laboratory tests that are useful in the diagnosis of disorders and monitoring 
of anticoagulant therapy as well as specimen requirements for testing are covered. 
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Continued from page 256. 


You are the primary medical assistant working at Mid- 
town Medical. In the midst of a very busy Monday, 
Margie, the receptionist, informs you that a new pa- 
tient, M.J., has been worked into the schedule and is 
here now to be evaluated. After greeting MJ. and 
recording his weight and height, you take him into the 
examination room. While preparing to take his blood 
pressure and pulse, you ask M.J. what brings him in to 
see the doctor today. You find out that up until a few 
weeks ago, this 38-year-old male had been in the best 











of health. The symptoms he has been experiencing con- 
sist of an overall feeling of being tired and weak, and 
every time he brushes his teeth his gums bleed. After 
questioning MJ. further, you find out that he was re- 
cently hospitalized after a tractor accident and had re- 
ceived a blood transfusion at that time. You notice while 
talking to him that he looks very pale. The doctor orders 
blood to be drawn for a complete blood count (CBC), 
and coagulation studies (PT and APTT). The following 
results are obtained: 








LABORATORY REPORT 























PATIENT: M.J. 

Complete Blood Count (CBC) 

Patient Reference Range 
Test Result for Adult Males 
WBC count 10.0 4,000-11,000/mm3 
RBC count 3.0 5.5-6.5 X 106/mm 
Hgb 9.0 14-18 g/dl 
Hct 30 A2%-5A% 
RBC Indices >>>>>>>>> >>>>>>>>> 
MCV 86 80-96 femoliters 
MCH 31 27-33 picograms 
MCHC 35 33-38 g/dL 





Platelet count 28 140-400 x 103/mm3 
































Differential >>>>>>>>> >>> >>> >>> 
Neutrophils 65 50%-70% 
Bands S 3%-5% 
Lymphocytes 23 23%-30% 
Monocytes 6 3%-7% 
Eosinophils ] 1%-3% 
Basophils 0 0%-1% 
Cell Few 
morphology schistocytes 
present 
258 





Coagulation Studies 


Test Patient Result Reference Range 





Prothrombin 18 seconds 10-14 seconds 
time (PT) 
Activated partial 47 seconds 20-35 seconds 


thromboplastin 
time (APTT) 











Questions for Consideration: 


¢ What type and color of blood-drawing tube should be 
used for this patient so that the laboratory can perform 
the complete blood count (CBC) test? 

¢ What type/color of blood-drawing tube should be used 
for this patient so that the laboratory can perform the 
coagulation studies? 

e Examine the patient's laboratory results. Which of these 
results is/are considered as “abnormal” (that is, out of 
the reference range)? 

e What laboratory results obtained most likely account for 
the patient's being pale? 

e What is the purpose of the coagulation studies tests 
(PT & APTT)2 


1899_Ch11_256-268 21/12/11 2:28 PM Page 259 ) 


Chapter 11 





Overview of Hematology 
Nikki A. Marhefka, EdM, MT(ASCP), CMA (AAMA) 








CHAPTER OUTLINE 


Hematopoiesis —Blood Cell Formation 
Types of Blood Cells in the Circulating Blood 
Erythrocytes—Red Blood Cells 
Leukocytes—White Blood Cells 
Granular White Blood Cells 
Agranular White Blood Cells 
Thrombocytes—Platelets 


Analysis of the Formed Elements 
Summary 

Time to Review 

Case Studies 

Resources and Suggested Readings 





Lea rning Outcomes After reading this chapter, the successful student will be able to: 





11-1 Define the key terms. 11-5 Differentiate the appearance and function of the * 
11-2 Summarize the process of blood cell formation. five pS of leukocytes normally present in the 
11-3 State the three types of formed elements in the aroulng Dea 
circulating blood and the function of each cellu- 11-6 Describe the appearance of a band cell, and ex- 
lar clement. plain when there may be an increased number of 
11-4 Describe the appearance of a reticulocyte and band celle ne ee 


provide examples of situations in which there are 
increased numbers of reticulocytes in the circu- 
lating blood. 


11-7 
11-8 


Describe the appearance and function of platelets. 


List three CLIA—waived hematology testing proce- 
dures that may be performed in a physician office. 





CAAHEP AND ABHES STANDARDS 


ey CAAHEP Standards met: 


1.C.1.2. Identify Body Systems 

1.C.1.4. List major organs in each body system 

.C.1.5. Describe the normal function of each body system 
1.C.1.6. Identify normal pathology related to each body 


system 


@. 
@ ABHES Standards met: 


None 
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260 Section Ill Hematology and Coagulation 
KEY TERMS 

Agranular Granulocyte-macrophage Monocyte 
colony-stimulating factor yarn 

- i (GM-CSF] ‘a oi . 

sear; 
a Hematocrit a oak (oh 
ilobe agocytosis (phagocytic, 

Hematology oh = ‘ Bee as 

Blast cells a 
Hematopoiesis Platelet 

Complete blood count 4 lobi 

(CBC) ee oa Pluripotent 

Diapedesis memesicsis Polychromatic stain 

Eosinophil Beparin Polymorphonuclear 

Erythrocyte Histamine Red blood cell (RBC) 

Erythrocyte sedimentation Interleukin Reticulocyte 

rate (ESR) Intrinsic factor Restyayy Wen 

Erythroid Leukocyte Bera: 

Erythropoietin Lobulated fifremboayie 

Formed element Lymphocyte iifrembeneretn 

Granular Lymphoid Tibsscelore 

Granulocyte Megakaryocyte 


lood is a specialized connective tissue that consists of 

formed elements suspended in liquid plasma. Ap- 
proximately 38% to 48% of the total blood volume is 
made up of these formed elements, including red blood 
cells (RBCs; erythrocytes), white blood cells (WBCs; 
leukocytes), and platelets (thrombocytes). The cells 
function in important ways to keep the human body 
healthy and safe. The primary function of the erythrocytes 
is to carry oxygen to the tissues of the body, whereas the 
leukocytes help to fight off infection within the body. The 
thrombocytes are present to assist with blood clotting 
and repair of blood vessel damage. Each of the cell types 
may be identified by characteristics of its nucleus and 
cytoplasm. 

Hematology is defined as the study of blood and 
blood-forming tissues. However, more specifically, it is 
the word used to describe the study of the formed ele- 
ments in the blood. This chapter explores the process in- 
volved with the formation of cellular elements in the 
bone marrow, and discusses identification and functions 
of erythrocytes, leukocytes, and thrombocytes. 


White blood cell (WBC) 





Test Your Knowledge 11-1 






List the three formed elements present in the circulating 
blood. (Outcome 11-3) 


HEMATOPOIESIS—BLOOD CELL FORMATION 


Blood cell formation, a process known as hematopoiesis 
(Fig. 11-1), occurs primarily in the red bone marrow. In 
children, most bones contain red marrow. In the adult (in- 
dividuals greater than age 20), red marrow is found in the 
flat bones (vertebrae, ribs, iliac crest, and sternum). Stem 
cells are the precursors of all blood cells and are present in 
the bone marrow. They are pluripotent, which means that 
they have the ability to differentiate into several types of 
specialized cells. These stem cells may divide into precursor 
stem cells classified as myeloid or lymphoid. Erythrocytes 
and most of the white blood cells are capable of arising 
from myeloid precursor cells. Specialty white blood cells 
responsible for the majority of the body’s immune protection, 
known as lymphocytes, arise from the lymphoid precursor 
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Proerythroblast Promyelocyte Lymphoid stem cell 
Basophilic © © 4 al ore 
ed Basophilic Neutrophilic Monocyte/ Megakaryocyte Eosinophilic 
myelocyte myelocyte granulocyte myelocyte 
progenitor 
Polychromatophilic 
ae 
Basophilic Neutrophilic Eosinophilic 
metamyelocyte metamyelocyte metamyelocyte 
Normoblast 
Basophilic band 
Polychromatophilic 
erythrocyte 
* .# 
Erythrocyte Basophil Neutrophil Monocyte Platelets Eosinophil Lymphocyte 
Figure 11-1 Hematopoiesis. The production and maturation of the blood cells and fragments. 


stem cells. It is important to note that lymphocytes are also 
produced and processed in the thymus gland and second- 
ary lymph organs, in addition to their production in the 
bone marrow. Descriptions of the formed elements in the 
blood are summarized in Table 11-1. 

Myeloid and lymphoid stem cells, once developed, 
differentiate to produce blast cells, which are the first 
identifiable immature cell stages of what eventually 
become erythrocytes (RBCs), leukocytes (WBCs), and 
thrombocytes. Blast cells mature and go through a num- 
ber of stages before they are transformed into mature 
cells. Numerous functions of the spleen are associated 


with the development, storage, breakdown, and removal 
of specific blood cells, as noted in Box 11-1. 

Under normal circumstances, only the mature blood 
cells will enter the circulating blood. Immature forms of 
the blood cells may be present in the circulating blood in 
disease states. For example, immature red blood cells may 
be evident in the circulating blood with anemia, and im- 
mature white blood cells may be present with leukemia. The 
cellular components of the bone marrow can be studied by 
making slides of the marrow, staining it, and studying it 
under the microscope. The sample for evaluation is 
obtained from the marrow cavity of the flat bones. 
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Hematology and Coagulation 


TABLE 11-1 


























Formed Elements of the Circulating Blood 
Blood Cell Size Description Function 
Leukocytes 
Neutrophil 9-15 microns —_ Multilobed nucleus, grayish purple granules Phagocytic, increases in bacterial 
infection 
Band cell 9-15 microns C-shaped nucleus, grayish purple granules = An immature neutrophil, increases in 
bacterial infection 
Eosinophil 10-16 microns _Bilobed nucleus, large red-orange granules — Phagocytic, detoxifying 
Basophil 10-14 microns _Bilobed nucleus, large blue-black granules Release histamine and heparin 
Lymphocyte 7-18 microns Large dark nucleus, little light blue Produce antibodies, involved in 
cytoplasm (There are larger ones cell-mediated immunity 
with larger less dense nuclei and 
more cytoplasm.) 
Monocyte 12-20 microns —_ Large foamy convoluted nucleus, little or Travel to tissue to become 
no granules in cytoplasm macrophage, phagocytic 
Erythrocytes 6-8 microns No nucleus, biconcave discs Carry oxygen in blood 
to the tissues 
Thrombocytes 0.5-3 microns — Small cytoplasmic fragments Blood clotting 











Functions of the spleen associated 
EE with blood cells 


* Site of red blood cell formation in the fetus 

Site of worn out red blood cell and platelet removal 

Site of old red blood cell breakdown 

Site of hemoglobin (from the worn-out red cells) decom- 

position 

Stores some iron from hemoglobin decomposition 

Contains red blood cell and platelet pools for use when 

needed 

¢ Areas of lymphocyte proliferation and immune surveil- 
lance and response 











A number of factors are produced by the body to stim- 
ulate the production of blood cells. Intrinsic factor helps 
with B,, absorption in the digestive tract, and By, is critical 
for red blood cell formation. Thrombopoietin from the 
liver stimulates production of platelets, and granulocyte- 
macrophage colony-stimulating factor (GM-CSF) in- 
creases the formation of leukocytes. Interleukins influence 
the growth and activation of the lymphocytes. Erythro- 
poietin stimulates the bone marrow to produce more red 
blood cells when needed in the body. When the oxygen 
level is low in the tissues, the kidneys produce more 
erythropoietin to stimulate the differentiation and growth 
of the erythroid (pertaining to erythrocyte) cells in the 


bone marrow to increase the number of circulating red 
blood cells. Blood loss, such as from a bleeding ulcer, ane- 
mia, or low oxygen levels in the lungs due to high altitude 
or lung disease cause an increase in erythropoietin. 


Ww 


In some clinical situations, medical practitioners need 
to visualize what is occurring in the bone marrow to 
make an accurate diagnosis. A bone marrow biopsy is 
not a procedure that is performed casually because 
the process may be painful and is very invasive. A 
sample of the red marrow may be obtained to look 
for the cell distribution, iron stores, or cell maturity. 
The information gained from the sample may pro- 
vide valuable clues needed for a differential diagnosis, 
and therefore, may be very valuable. 

Red bone marrow is found in the ribs, sternum, 
ilium, vertebrae, and the epiphyses of the long bones of 
adults. In children, it is found in the shafts of the long 
bones as well. The red marrow is generally the same in 
each of these areas, so a sample may be taken from any 
location. The site for the biopsy and aspiration is 
usually the posterior iliac crest. The sternum and the 
broad end of the tibia are other sites that may be 
utilized, although not as frequently as the iliac crest. 





POINT OF INTEREST 11-1 
Bone marrow aspiration 
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A sample of the bone marrow can be obtained 
using a special hollow needle with a stylus insert. 
The aspiration is completed using sterile technique to 
prevent infection and/or inflammation of the bone, 
which is called osteomyelitis. The patient is usually in 
a prone position so that the iliac crest is fully exposed 
and supported. The skin, subcutaneous tissues, and the 
periosteum are anesthetized with a local anesthetic to 
reduce discomfort to the patient. A special hollow 
aspirate, needle is used to penetrate through the layers 
of tissue and into the bone. A twisting motion is nec- 
essary for the needle to reach the destination. Once the 
marrow cavity has been entered, the stylus part of the 
needle device is removed, and a syringe is attached to 
the end of the hollow needle that is exposed. Fluid is 
aspirated, and some of the marrow material is obtained. 
The medical assistant or laboratory technologist that is 
assisting with the procedure must verify whether the 
sample is valid by observing its appearance. 

The aspirated sample is placed on a clean glass 
slide. The liquid sample from the marrow may be 
spread across the slide using a similar procedure as 
that used when preparing a blood smear. There will 
also be solid components of the bone marrow 
obtained; these are called spicules, and they are slowly 
rotated across a slide to make impressions for exami- 
nation. These solid components are then placed in 
preservative for further studies if necessary. The slides 
are stained and the preparations are assessed under 
the microscope by a pathologist or hematologist. 

After the procedure has been completed, the med- 
ical assistant will prepare the slides, clean up the sup- 
plies and assist with the application of a pressure 
bandage to the puncture site. 
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( Test Your Knowledge 11-2 








Define hematopoiesis. (Outcome 11-2) 
= 


& 





Test Your Knowledge 11-3 


Stem cells are described as pluripotent. What does this 


mean? (Outcome 11-2) 
S 4 


TYPES OF BLOOD CELLS IN THE 
CIRCULATING BLOOD 














As was introduced earlier in this chapter, there are three 
categories of cells circulating in blood: erythrocytes, 
leukocytes, and thrombocytes. A description and function 
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of the primary members in each category are detailed in 
the following sections. 


Erythrocytes—Red Blood Cells 
Erythrocytes, also known as red blood cells (RBCs), are the 


most numerous formed element in the blood. The number 
of red blood cells in the body varies with the gender and age 
of the patient, but there are approximately 4.2 to 6.5 million 
in a milliliter of blood. Normal red blood cells measure 
6 to 8 microns in diameter. The red blood cells are smaller 
than the white blood cells in the body, but larger than the 
platelets. Red blood cells perform their duties within the 
blood vessels and do not enter the tissues normally. 

The primary function of red blood cells is to carry oxy- 
gen to all tissues of the body. Each red blood cell contains 
an iron pigment responsible for oxygen transport known as 
hemoglobin. Oxygen enters the capillaries that surround 
the alveoli of the lungs and moves to each red blood cell, 
where it attaches to the hemoglobin. Hemoglobin is a 
protein composed of an iron-containing pigment and 
globulin (a type of protein). Hemoglobin gives red blood 
cells their characteristic reddish color. Blood is a brighter 
red color in the arteries as more oxygen is attached and is 
darker red in the venous blood because of less oxygenation. 
It is interesting to note that some carbon dioxide is carried 
through the blood via hemoglobin in the red blood cells to 
be released in the lungs. 

Circulating red blood cells have no nuclei and are 
biconcave (the center is thinner than the thicker edges) in 
shape. Their unique shape and the lack of a nucleus allow 
red blood cells to increase their surface area for gas diffu- 
sion (oxygen transport) and allow the cells to contain 
more hemoglobin than a cell with a nucleus. The bicon- 
cave shape of the erythrocyte also eases the cells’ passage 
through the capillaries to bring oxygen to the tissues. 

Each red blood cell has a life span of approximately 
120 days. Mature red blood cells have no organelles and 
therefore a limited metabolism. Erythrocytes are not capa- 
ble of producing proteins or enzymes. Red cells undergo 
much stress as they traverse the blood vessels in the body 
and they have no repair mechanisms. The red cells are 
continuously monitored and the old, worn-out ones are 
recognized and engulfed by the macrophages or the reticu- 
loendothelial system of the liver, spleen, and bone marrow. 
The functions of the spleen are presented in Box 11-1. 

Immature red blood cells, called reticulocytes, may also 
be found in the circulating blood. Reticulocytes exhibit a 
blue network when stained with a special stain because the 
cells have not fully matured and still have residual struc- 
tures present in the cell cytoplasm. The reticulocytes will 
also appear as large bluish red blood cells when viewed with 
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the standard stains used for peripheral blood smears. The 
blue network is remnant RNA (ribonucleic acid) left in the 
cell when the nucleus is expelled near the end of the red 
blood cell maturation. With use of special staining proce- 
dures, the remnant RNA is visualized as fine, thread-like 
strands known as reticulum. These immature reticulocytes 
should remain in the bone marrow until maturity. How- 
ever, when the demands of the body are increased for red 
blood cells (as in the event of hemorrhage or massive blood 
cell destruction), reticulocytes enter the circulating blood. 
Normally, less than 5% of the circulating red blood cells 
are reticulocytes. Both erythrocytes and reticulocytes are 
pictured for comparison in Figure 11-2. 





( Test Your Knowledge 11-4 


Do mature erythrocytes contain a nucleus? 
(Outcome 11-3) 


Q 4 








~ 


( Test Your Knowledge 11-5 


What type of immature red blood cell may increase if a 
patient has hemorrhaged due to an injury? 
(Outcome 11-4) 











Leukocytes—White Blood Cells 


Leukocytes are specialized cells that play an essential role in 
the immune response of the body. White blood cells are the 
largest blood cells and vary in size from 7 to 20 microns. 
The total number of white blood cells is 4,300 to 10,800 
per cubic millimeter in normal circulating blood. The 
white blood cells spend most of their life span in the tissues 
of the body, but the vascular circulation allows white blood 
cells a mode of transportation throughout the body so that 
they can respond where necessary. Some WBCs only live a 
few hours, whereas others live for months or years. Many 
of them die when they have completed destroying foreign 
invaders. There are five mature types of white blood cells 
that are generally found in circulating blood: neutrophils, 
lymphocytes, monocytes, eosinophils, and basophils (Fig. 11-3). 
These cells may be categorized in various ways based on 
their appearance. One such method is to define them as 
granular or agranular. 


Granular White Blood Cells 


White blood cells that have names ending in —phil 
(neutrophil, eosinophil, and basophil) have distinct granules 
visible in their cytoplasm and are known as granulocytes. 
These granules contain digestive enzymes that are designed 
to destroy or damage foreign cells or microorganisms, or 





Figure 11-2 Top: Erythrocytes in the circulating 

blood. Bottom: Reticulocytes The endoplasmic reticulum 
is visible with new methylene blue stain. From 
Harmening, DM: Clinical Hematology and Fundamentals 
of Hemostasis, ed 5. FA Davis, Philadelphia, 2009, 


with permission. 





Leukocytes and thrombocytes in the circulat- 
ing blood. A. neutrophil. B. lymphocyte. C. monocyte. 
D. eosinophil. E. basophil. F. platelet. 


Figure 11-3 


3:10 / 3:16 
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chemicals that assist with the process of destroying 
invaders. The nuclei of granular cells are arranged in lobes 
or sections. This appearance of the nucleus is described as 
lobulated. White cells are distinguished by the staining of 
their nucleus and granules when using a polychromatic 
stain (a stain having many colors, such as Wright’s stain). 
The granular cells live only a few days and dissolve as 
they age, or are destroyed when they have participated in 
bacterial destruction. 

Neutrophils make up the majority of circulating 
granular cells, and provide much of the body’s protection 
against infection. A typical neutrophil measures 9 to 
15 microns in diameter, has a nucleus with 3 to 5 lobes, 
and has gray/pale purple granules in its cytoplasm. A 
neutrophil may also be called a polymorphonuclear 
(PMN) leukocyte, or “poly,” because of the multiple 
lobes of its nucleus. Some laboratories may also describe 
a neutrophil as a “seg,” referring to the segmented 
appearance of the nucleus in these cells. 

The primary function of neutrophils is phagocytosis, 
which is the act of engulfing and destroying foreign invaders. 
The majority of the circulating white blood cells of adults 
are usually neutrophils. The number of neutrophils often 
increases when a bacterial infection is present in the body. 
A mature neutrophil lives for 10 to 24 hours in the circu- 
lating blood. Typically, it takes about 30 minutes for the 
neutrophil to engulf bacteria. This process destroys the cell, 
and we often see these dead white cells accumulated as pus. 

A band cell, as seen in Figure 11-4, is an immature 
form of the neutrophil that may appear in the circulating 
blood when there is a high demand for neutrophils by the 
body. Neutrophils are the first to respond to infection or 
injury, so the need is increased for an acute infection. The 
nucleus of a band cell is C shaped as the nucleus has not 





A Sa 
or 
P © oO. 


na 11-4 Aband cell has a ee nucleus and the 
same granules as the neutrophil. 
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had a chance to mature into lobes or sections. The cyto- 
plasm of a band cell is the same as that of a mature cell. 
Normal circulating blood may have some band cells, but 
they usually make up less than 10% of the total. Band 
cells may also appear in the circulating blood of patients 
suffering from disease states that result in overproduction 
of neutrophils in the bone marrow. 

Eosinophils are 10 to 16 microns in diameter, have 
bilobed nuclei (that is, each nucleus has two lobes or 
sections), and have large orange/red granules in the 
cytoplasm. These cells phagocytize invaders attached to 
antibodies (antigen-antibody complexes) and detoxify 
foreign substances. (Additional information on these 
concepts is located in Chapter 24.) An increase in the 
number of eosinophils is often seen in allergic reactions, 
myocardial disease, or with parasitic infection. Eosinophils 
enter the tissues from the blood capillaries and live there 
for about 6 days. 





( Test Your Knowledge 11-6 
What is the type of white blood cell that will increase in 


production when a patient has a bacterial infection? 
(Outcome 11-5) 


ee 





> 


Test Your Knowledge 11-7 
What is the name of the white blood cell that may be 
increased in number in an allergic reaction? How can 
this cell be differentiated from the other types of white 
blood cells? (Outcome 11-5) 


X y 











Basophils are 10 to 14 micron in diameter, have bilobed 
nuclei, and large dark blue granules in the cytoplasm. The 
nucleus is often hard to see, as the granules are so large 
and dark that they obscure it from view. The granules 
found in the cytoplasm of basophils contain heparin and 
histamine. Heparin helps to prevent blood from clotting, 
whereas histamine makes blood vessel walls more perme- 
able so that white cells can get into tissues to phagocytize 
foreign cells and invaders. An increase in basophils is often 
seen in the presence of chronic infection, when there is 
healing of infection, in allergic asthma, or in contact 
allergies. Basophils have a life span of about 6 days. 


Agranular White Blood Cells 


Lymphocytes and monocytes are considered agranular, as 
they have few visible cytoplasmic granules. Monocytes are 
the largest of the white blood cells with a diameter of 12 to 
20 microns and have a large, convoluted, less densely 
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stained nucleus. The cytoplasm often has a “ground-glass” 
appearance and a pale blue or light gray color. In addition, 
the cytoplasm of monocytes often contains vacuoles (holes) 
when viewed under the microscope. Monocytes travel 
through the vessel walls and out of the circulatory system 
into the tissues as needed in a process called diapedesis. 
Monocytes are phagocytic in function as they destroy and 
remove dead cells from tissue. They defend the body 
against microorganisms and malignant cells. Monocytes 
live in the circulating blood for 8 to 24 hours and then as 
macrophages in the tissue for several months. The 
macrophages assist with removal of all types of old, dam- 
aged, or nonfunctional blood cells. 

Lymphocytes are the smallest of the white blood cells, 
with dark, dense nuclei that often take up most of the 
cell. Lymphocytes traditionally have a small amount of 
light blue cytoplasm. Lymphocytes may vary in size from 
7 to 19 microns in diameter. Lymphocytes appear slightly 
larger than red blood cells when viewed on a stained 
slide. Lymphocytes mature into B cells, T cells, and nat- 
ural killer cells. B lymphocytes become plasma cells and 
form antibodies. T cells and natural killer cells are active 
in cell-mediated immunity. (More information about 
the body’s defense system may be found in Chapter 24.) 
Lymphocytes are usually the most predominant white 
blood cell in the circulating blood of children until 
about age 10 years, but they are the second most preva- 
lent type of white blood cell in adults. An increase in 
number may be seen in viral infections at all ages. The 
life span of the T cells is months to years and the B cells 
live only a few days. 





Test Your Knowledge 11-8 


What type of white blood cell has forms that make 
antibodies and are active in cell-mediated immunity? 
(Outcome 11-5) 





Thrombocytes—Platelets 


Thrombocytes, or platelets, are spherical or ovoid 
cell fragments which are 0.5 to 3 microns in diameter 
(Fig. 11-3). There are normally 150,000 to 450,000 
platelets per millimeter of blood. Platelets are cytoplasmic 
fragments of large bone marrow cells called megakary- 
ocytes. Two-thirds of the platelets are in the circulat- 
ing blood at any given time, whereas the other third is 
stored in a pool in the spleen. The typical platelet life 
span is 8 to 10 days. 

Platelets actively participate in hemostasis (the 
stoppage of bleeding or of circulation). Platelets pre- 
vent blood loss and have three functions that begin the 


clotting process (for more information on hemostasis 
see Chapter 15). When a capillary is damaged, 
platelets stick together and adhere to the sides of the 
cut to form a plug that fills the opening. While form- 
ing the plug, platelets secrete a chemical known as 
serotonin designed to help constrict the blood vessels. 
Platelets also activate the complex chemical process of 
coagulation to enhance the platelet plug. Younger 
platelets are larger and more metabolically active and 
are more effective in hemostasis. 

Platelets sometimes clot within the blood vessels 
when there is no vessel wall damage. This may result in 
a thrombus (blood clot), which adheres to the wall of a 
vessel or organ. These clots can occlude (block) the ves- 
sels and potentially stop the flow of blood. When the 
body’s tissue does not receive oxygen from the blood, 
body cells will die. A thrombus may be the cause of a 
heart attack or a stroke. 





Test Your Knowledge 11-9 


What are the three hemostatic functions of platelets that 
prevent blood loss? (Outcome 11-7) 





ANALYSIS OF THE FORMED ELEMENTS 





In reference and hospital laboratories erythrocytes, leuko- 
cytes, and platelets may be identified and counted by au- 
tomated analyzers capable of processing large volumes of 
specimens. The cells that make up the formed elements in 
the blood are typically identified by size, appearance, and 
other specific characteristics. A complete blood count 
(CBC) is the most commonly ordered hematology test. As 
the test name implies, this comprehensive test provides 
practitioners with important information about all three 
formed elements in the circulating blood. The process 
of cell formation (hematopoiesis) may be studied by 
collecting and microscopically examining bone marrow 
samples in large laboratories. Types of hemoglobin can be 
identified by the technique of hemoglobin electrophoresis. 
(More information about these tests is presented in 
Chapters 12 and 13.) 

In the physician office and at the bedside in hospitals, 
CLIA-waived hematology testing is often performed. 
The hemoglobin concentration of the blood cells is often 
measured using a CLIA-waived procedure. The erythro- 
cyte sedimentation rate and the hematocrit value are 
other common CLIA-waived tests performed in physi- 
cian office laboratories. The hematocrit is the percent- 
age of red blood cells in a given volume of blood, and the 
erythrocyte sedimentation rate is a screening test 
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for inflammation that measures the speed at which 
erythrocytes settle out of anticoagulated blood. Medical 
assistants or phlebotomists often perform these tests in 


TIME TO REVIEW 


the physician office laboratory. 


1. What is the difference between 





( Test Your Knowledge 11-10 


Name three CLIA-waived hematology tests. 
(Outcome 11-8) 


= 











SUMMARY 


Hematology is the study of the cellular (or formed) 
elements in the blood. The cells of the circulating 
blood are predominantly formed in the bone marrow 
by the process of hematopoiesis. Each type of cell ma- 
tures from the same pluripotent stem cell. The stem 
cell differentiates into blast cells for each kind of 
blood cell and then continues to mature into the 
functioning cells that are released into the circulating 
blood. These functioning cells include erythrocytes, 
leukocytes, and thrombocytes. Erythrocytes carry 
oxygen, leukocytes are part of the immune system, 
and platelets participate in blood clotting. 

Erythrocytes contain hemoglobin, which enables 
them to transport oxygen throughout the body. An 
increase of a more immature form of the erythrocyte, 
the reticulocyte, in the circulating blood can show 
that the bone marrow is trying to provide sufficient 
red blood cells at times of crisis. This may mean that 
the body has increased its demands for oxygen, or 
that there is a need to replace lost blood cells. 

There are five types of leukocytes normally seen in 
the circulating blood. These white blood cells are neu- 
trophils, eosinophils, basophils, lymphocytes, and 
monocytes. Each cell is identified by the properties of 
its nucleus and cytoplasm and has a specific function in 
the immune process. Thrombocytes are small round 
cell fragments that are involved in the clotting process. 

Blood cells and platelets can be counted and tested 
for their ability to function. Large analyzers in the ref- 
erence and hospital laboratories can perform many 
tests on a large number of specimens or highly spe- 
cialized testing. The medical assistant can perform 
the CLIA—waived testing of hemoglobin, hematocrit, 
and the erythrocyte sedimentation rate. An abnormal 
number of the formed elements or an abnormal test 
result can be indicative of a disease process. Testing 
procedures and clinical significance of the formed 
elements in the blood are discussed in the following 
chapters. 





. True or False: During hematopoiesis 


. Which of these statements does not 


. What is the substance in the 


. Immature red blood cells that still 


. The number of white blood cells in 


Outcome 11-1 
erythropoietin and thrombopoietin? 


a. Erythropoietin stimulates red blood cell forma- 
tion and thrombopoietin stimulates white blood 
cell formation 

b. Erythropoietin stimulates platelet production and 
thrombopoietin stimulates white blood cell pro- 
duction 

c. Erythropoietin stimulates red blood cell forma- 
tion and thrombopoietin stimulates platelet 
production 

d. Erythropoietin stimulates platelet production 
and thrombopoietin stimulates red blood cell 
production 


Outcome 11-2 
all blood cells are derived from stem cells. 


Outcome 11-3 
describe the appearance or function of erythrocytes? 


a. Erythrocytes are biconcave in shape 

b. Erythrocytes assist in blood clot formation 

c. Erythrocytes carry oxygen throughout the body 

d. Erythrocytes are the most numerous found ele- 
ments in the bloodstream 


Outcome 11-1 
red blood cells to which oxygen attaches? 


a. Nuclei 

b. Vacuoles 

c. Reticulum 
d. Hemoglobin 


Outcome 11-5 
contain some endoplasmic reticulum which may be 
visualized in the circulating blood in periods of high 


demand are called: 


a. Granulocytes 
b. Reticulocytes 
c. Band cells 

d. Lymphocytes 


Outcome 11-3 
the circulating blood is 4,300 to 10,800 per milliliter 


and their main function is in: 


a. Participation in the immune response of the body 
b. Carrying oxygen to the cells of the body 

c. Blood clotting 

d. Liver function 
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10. 


11. 


. The type of white blood cells that 


. The function of these cells is 
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The cytoplasm of these cells Outcome 11-6 
have large dark granules that contain heparin and 
histamine: 


a. Neutrophils 
b. Eosinophils 
c. Basophils 

d. Monocytes 


Outcome 11-6 
are most prevalent in adults and that phagocytize 
foreign invaders are called: 


a. Neutrophils 
b. Eosinophils 
c. Basophils 

d. Monocytes 


Outcome 11-6 
to remove dead cells from tissue. They are called 
macrophages when they have traveled into the tissues: 


a. Neutrophils 
b. Eosinophils 
c. Basophils 

d. Monocytes 


An immature neutrophil that may be — Outcome 11-7 
visualized in the circulating blood in a severe infec- 
tion is called a: 


a. Granulocyte 
b. Reticulocyte 
c. Band cell 

d. Lymphocyte 


Which of the formed Outcome 11-3, Outcome 11-8 
elements are involved in hemostasis and prevent 


blood loss? 


. Reticulocytes 
. Thrombocytes 
. Erythrocytes 
Leukocytes 


aa Tp 


Case Study 11-1: Meaning of abnormal results 


Dr. Stewart has ordered a CBC to be collected on 
Mr. Marcus. Lily, the medical assistant, draws the blood 
sample and sends it to the local reference laboratory 
with the courier that afternoon. The next day, the results 


are available and Lily reviews them before placing 
them on the chart for Dr. Stewart to read. The leukocyte 
count and the neutrophil count are both flagged as 
elevated above the normal range. 


1. What do you think these two elevated results may 
mean? 





RESOURCES AND SUGGESTED READINGS 


“Fun Science Gallery: Let’s Observe the Blood Cells” Contains 
pictures and descriptions of the various blood cells. http:// 
www.funsci.com/fun3_en/blood/blood.htm 
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Complete Blood Count With Differential 
Nikki A. Marhefka, EdM, MT(ASCP), CMA (AAMA) 





CHAPTER OUTLINE 
Complete Blood Count Automated Analyzers for Complete Blood Count 
Complete Blood Count Specimen Requirements Testing 
White Blood Cell Count Summary 
Red Blood Cell Count Time to Review 
Hemoglobin and Hematocrit Case Study 


Red Blood Cell (Erythrocyte) Indices 
Platelet Count 
Leukocyte Differential Count 
Peripheral Blood Smear 
Manual Leukocyte Differential 
Red Blood Cell Morphology 


Platelet Morphology and Estimated Count 
Manual Blood Cell Counts 


Resources and Suggested Readings 





Lea rning Outcomes After reading this chapter, the successful student will be able to: 








12-1 Define the key terms. 12-7 For the five types of normal white blood cells 

12-2 Identify the component tests of a complete blood identified on a differential, state the normal 
count (CBC). reference range in the form of percentages. 

12-3 Recognize the normal reference ranges for each 12-8 Identify examples of diseases characterized by 
CBC component. an abnormal white blood cell differential. 

12-4 Identify examples of disorders that are character- 12-9 Differentiate terms used to describe normal and 
ized by an increased red blood cell, white blood abnormal red blood cell morphology using 
cell, or platelet count. appropriate medical terminology. 

12-5 Identify situations where the white blood cell 12-10 Describe the appearance of platelets when 
count may be decreased. viewed under the microscope. 

12-6 State the clinical significance of the erythrocyte 12-11 Summarize the general principle of electrical 
indices included in a CBC. impedance as it relates to automated CBC testing. 

269 
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CAAHEP AND ABHES STANDARDS 


CMA eS. 
CAAHEP 2008 Standards “SS” ABHES 2010 Standards 
1.C.1.6. Identify common pathology related to each body — None 


system 
LA.I.1. Apply critical thinking skills in performing 


patient assessment and care 





KEY TERMS 
Anemia Leukocytosis Ovalocyte 
Anisocytosis Leukopenia Poikilocytosis 
Blast Lysed Polychromatic stain 
Complete blood count (CBC) Macrocyte Polycythemia 
Differential Mean corpuscular hemoglobin Red blood cell index 


Electrical impedance 
Hematocrit (Hct) 


(MCH) 


Mean corpuscular hemoglobin 
concentration (MCHC) 


Sickle cell 


Spectrophotometrically 


Hemoglobin (Hgb) Mean corpuscular volume (MCV) Spherocyte 

Hemocytometer Microeyte Target cell 

Histogram Thrombocythemia 
Morphology 

Hyperchromic Re Thrombocytopenia 

Hypochromic Nemec ric Thrombocytosis 

Leukemia 


Yara blood count (CBC) provides physicians 
and other health-care professionals with an overview 
of cells and cell fragments in the circulating blood. The 
amounts of different types of cells in the specimen as well 
as physical characteristics of these cells are included in the 
CBC results. Used alone or along with other diagnostic 
and laboratory tests, the CBC helps the physician diag- 
nose disorders, follow the course of treatment, and deter- 
mine prognoses. This chapter introduces the reader to 
each of the major CBC components as well as presents an 
overview of automated analyzers used in CBC testing. 


COMPLETE BLOOD COUNT 





The complete blood count (CBC) comprises a series 
of tests, each with its own reference range, as listed in 
Table 12-1. The tests are usually performed using an 
automated hematology analyzer, but some of them may 


also be performed using manual methods. Components 
of a CBC include the following: 


° A white blood cell (WBC) count, providing the number 
of white blood cells present in the sample. 

A red blood cell (RBC) count, which provides the total 
number of red blood cells present in the specimen. 
Hemoglobin concentration, which is the concentra- 
tion of the iron-containing pigment in red blood cells 
which binds to oxygen. 

Hematocrit, which is the percentage of red blood cells 
in a given volume of blood. 

Three red blood cell indices, defined as numerical 
descriptions of the RBCs present. 

A platelet count, which provides a quantitative measure- 
ment of the platelets present in the specimen 

The white blood cell differential, which provides quan- 
titative information about the types of white blood 
cells present in the specimen. 
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TABLE 12-1 


Suggested Reference Ranges for Component Tests of the 


271 


Complete Blood Count 
White blood cell count 


4,300 to 10,800/mm3 





Red blood cell count 


Adult female: 4.2-5.9 x 10¢/mm3 
Adult male: 4.6- 6.2 x 106/mm 





Hemoglobin concentration 


Adult female: 12 to 16 g/dL 
Adult male: 13 to 18 g/dL 





Hematocrit 


Adult female: 37%-48% 
Adult male: 45%-52% 





Red blood cell indices 


MCV 80-100 femtoliters 
MCH 27-31 picograms/cell 
MCHC 32-36 g/dL 





Platelet count 


150 to 450 x 103/mm3 




















Differential 
Neutrophils 54%-65% 
Lymphocyte 25%-A0% 
Monocyte 2%-8% 
Eosinophil 1%-A% 
Basophil 0%-1% 








The hemoglobin and hematocrit tests included in 
the CBC are CLIA-waived test procedures. However, the 
other tests included in the complete blood count are 
categorized as moderately or highly complex by CLIA. 
Medical assistants may perform moderately complex 
automated hematology testing with appropriate docu- 
mented training and supervision. Medical assistants can 
also perform a normal manual differential from a stained 
blood smear if they are specially trained and appropri- 
ately supervised for this moderately complex procedure. 

For the CLIA moderately complex tests, the following 
additional steps must be taken for appropriate documen- 
tation, training, and quality control: 


1. All laboratories that perform tests of moderate com- 
plexity must be registered with the Centers for 
Medicare & Medicaid Services (CMS) as a moder- 
ately complex laboratory. The Certificate of Waiver 
that is used for CLIA-waived testing procedures will 
not be valid if the tests of higher complexity are also 
performed in the laboratory. 

2. The requirements for quality control increase with 
the higher level of test complexity. This includes the 
documentation of daily calibration and maintenance, 


the testing of two levels of quality control performed 
routinely, and participation in a proficiency testing 
program. 

3. Those employees who perform these tests must also 
have documentation of all training, and regular doc- 
umented updates when the process changes. 





Test Your Knowledge 12-1 


What tests are components of the CBC? (Outcome 12-2) 





Complete Blood Count Specimen 
Requirements 


Blood samples for the complete blood count can be col- 
lected by venipuncture or capillary collection. The CBC 
requires a well-mixed lavender top tube containing 
EDTA as an anticoagulant. There is an emphasis on the 
mixing of the sample for CBC analysis because the 
whole blood tested must represent the circulating blood 
in the body. If the sample is not inverted five to ten times 
immediately after collection, small clots may form, lead- 
ing to inaccurate results. 
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A lavender Microtainer tube will be used in the cap- 
illary collection process for a CBC. As in the case of the 
tube used for venipuncture, the specimen in the Micro- 
tainer tube must be mixed during and immediately 
following the collection process. A steady, consistent 
blood flow is necessary so that small clots do not form 
during the blood collection. CLIA-waived analyzers 
have special collection chambers that can be filled 
directly with blood from a capillary puncture, eliminat- 
ing the need for a Microtainer tube. These collection 
chambers are placed in the instrument for testing. 


White Blood Cell Count 


The total number of WBCs in the circulating blood 
(known as a white blood cell count) is another component 
of a CBC. There is no distinction between types of white 
blood cells in this total white blood cell count. Since there 
are so many blood cells, a method known as scientific 
notation is used to express the values for the white blood 
cell count and the red blood cell count. Scientific notation 
is used when numbers are too large to be written in the 
common decimal format, in which the numbers are re- 
ported as a number X 10°. The normal reference range for 
the WBC count is approximately 4.3 to 10.8 X 103/mm3 
(4,300 to 10,800 cells per cubic mm). 

Leukocytosis is the term used when the white blood 
cell count exceeds the normal range. The most frequent 
cause for an elevation of leukocytes is infection. Increased 
WBC counts may also be associated with stress, intense 
exercise, trauma, inflammation, and pain. Smoking may 
also cause slight leukocytosis. 

In addition, white blood cell counts are usually 
elevated well above the normal range in the presence of 


leukemia. In cases of leukemia, white blood cell counts 
may range from 30,000 to 200,000 per cubic millimeter 
of blood. Leukemia is a cancer of the bone marrow in 
which a large number of immature white blood cells are 
being produced or disease states in which mature forms 
live an exceptionally long time. These white blood cell 
clones are not capable of performing their roles as part of 
the immune system. Leukemias are classified according 
to the predominant cell type present, and whether the 
disease is acute or chronic in nature. Table 12-2 provides 
more information about the various types of leukemia. 

Leukopenia refers to a WBC count that is below the 
normal range (values below 4,000 per cubic millimeter). 
The number of white blood cells may be decreased in a 
chronic viral infection. Exposure to lead, mercury, some 
chemotherapy agents, and radiation may also cause the 
white blood cell count to be diminished. 





Test Your Knowledge 12-2 


What is the reference (normal) range of the red blood cell 
count for an adult? (Outcome 12-3) 





Red Blood Cell Count 


Red blood cells are the most prevalent formed element in 
circulating blood. Because there are so many red blood 
cells, scientific notation is used as it is for the white blood 
cell count to express these values. There are millions of 
red blood cells present in each specimen, so these are 
reported as 10°. The reference (normal) ranges for red 
blood cell measurements will vary based on the age and 
gender of the patient. For instance, adult males normally 


TABLE 12-2 


Types of leukemias 





(granulocytic) leukemia 


Type Abbreviation _ Description 

Chronic myelogenous CML A large number of all types of white blood cells and platelets; 
(granulocytic) leukemia subtyped according to the type of predominant cell 

Acute myelogenous AML The bone marrow produces a large number of granulocytic blast 


cells; predominantly an adult leukemia 





Chronic lymphocytic leukemia — CLL 


Accumulation of lymphocytes that live a long time; predominately 
identified in older adults 





Acute lymphocytic ALL 
(lymphoblastic) leukemia 


Abnormal growth and development of lymphocytes; diagnosed 
most frequently in children 





Hairy cell leukemia HC or HCL 





Excess B lymphocytes are produced; these lymph have projections that 
make them look “hairy”; generally affects middle-aged and older adults 
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have more red blood cells present in their bodies than do 
adult females. Red blood cell counts are performed using 
an automated hematology analyzer. The reference ranges 
will vary from 4.2 to 6.2 X 10° cells per microliter. 

Red blood cell counts that exceed the normal range 
may be present in various diseases, including poly- 
cythemia (a condition that results in an excess of 
RBCs). Those results below the normal range suggest a 
reduction in the oxygen-carrying capacity of the blood 
known as anemia. The various types of anemia are 
further described in Chapter 13. 





Test Your Knowledge 12-3 


List two disorders that are characterized by an increased 
white blood cell count. (Outcome 12-4) 





Hemoglobin and Hematocrit 


Hemoglobin (Hgb) is an iron-containing pigment pres- 
ent in all red blood cells and is responsible for oxygen 
transport. The Hgb concentration is typically measured 
in grams per deciliter (g/dL). For this test, RBCs are 
lysed (broken open) and the free hemoglobin enclosed 
in the cell is then measured spectrophotometrically. 
Spectrophotometric measurements measure color 
changes produced by the hemoglobin present in a sam- 
ple using a specific wavelength of light. The reference 
ranges for hemoglobin also vary by gender and age. The 
hemoglobin normal range for adults is 12 to 18 g/dL. 
The hematocrit (Hct) is the amount of space occu- 
pied by the red blood cells in a whole blood sample as 
compared to the total sample volume. A hematocrit can 
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be measured directly utilizing hematocrit tubes after 
centrifugation, or the hematocrit result may be calcu- 
lated using the hemoglobin and one of the red blood 
cell indices, called the mean corpuscular volume 
(MCV). This red blood cell index represents the average 
volume of the individual red blood cells in a sample. 
The hematocrit is always reported as a percentage, and 
the reference ranges vary with gender and age of the 
patient. Adult normal ranges include values from 38% 
to 52%. More details of hemoglobin and hematocrit 
testing and further evaluation of their clinical signifi- 
cance are provided in Chapter 13. 


Red Blood Cell (Erythrocyte) Indices 


A typical CBC includes three calculated values that help 
classify RBCs in terms of size and hemoglobin concen- 
tration. The calculations use the word corpuscular in 
referring to the red blood cells. These calculations are 
known as red blood cell indices: 


1. Mean corpuscular volume (MCV), defined as the 
average volume of a red blood cell in a sample 

2. The average weight of hemoglobin in the red blood 
cells in a sample, known as mean corpuscular 
hemoglobin (MCH) 

3. Mean corpuscular hemoglobin concentration 
(MCHC), the average weight of hemoglobin in a 
given volume of packed blood cells 


These values are calculated from the hemoglobin con- 
centration, the hematocrit value, and the red blood cell 
count. The indices are most often used to classify various 
types of anemias. Table 12-3 includes more information 
about each of the indices, including a brief description, the 


TABLE 12-3 


Red Blood Cell (Erythrocyte) Indices 
Red Blood Cell Index 


Suggested Reference 














hemoglobin concentration 


g/dL of packed cells 


Units Description Formula (normal range) 
MCV: Mean corpuscular volume The average volume Hematocrit (%) x 10 80-100 fL 
Femtoliters of red blood cells RBC count (millions) 
in the specimen 
MCH: Mean corpuscular Content or weight of Hemoglobin (g/dL) x 100 27-31 pg/cell 
hemoglobin hemoglobin in the red blood cell count (million) 
Picograms per cell average red blood cell 
MCHC: Mean corpuscular The average concentration Hemoglobin (g/dL) x 100 32-26 g/dL 


of hemoglobin in a volume 





hematocrit (%) 








fL is the abbreviation for femtoliters, and pg is the abbreviation for picograms. 
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formula used for calculation, and a suggested reference 
range. These indices provide clinicians with valuable infor- 
mation about the size and condition of the red blood cells 
in the sample as well as more details about the amount of 
hemoglobin present. The calculated indices may be com- 
pared with the appearance of the corresponding red blood 
cells as noted on a stained blood smear to verify their 
clinical significance and the accuracy of the values. 










Test Your Knowledge 12-4 


What information is provided by the red blood cell 
indices? 


(Outcome 12-6) 








Platelet Count 


As was introduced in Chapter 11, platelets are small cell 
fragments that interact with chemicals in the blood- 
stream to assist in the clotting process. The reference 
ranges for platelet counts may vary with the blood sam- 
ple collection technique employed. Capillary collection 
values are lower than those in venous blood because 
some of the platelets in the area are immediately 
involved with the formation of the plug for the injury of 
the skin puncture. The venous reference range for the 
platelet count is 150 xX 103 to 450 x 103/mm$ (150,000 
to 450,000 per cubic millimeter). 

Thrombocytopenia means a decreased platelet 
count. Platelets may be decreased with some types of 
infection and in situations where the individual has been 
exposed to certain medications or toxic substances. 
Thrombocytosis refers to an increased platelet count in 
the circulation, and may be associated with a variety of 
diseases. If the platelet count is increased in response to 
a specific “trigger,” it is known as reactive thrombocytosis. 
When the elevated platelet count becomes pronounced 
over an extended period of time and the bone marrow 
begins to produce excessive amounts of abnormally 
functioning platelets, the condition is known as throm- 
bocythemia. Thrombocythemia is considered to be a 
serious condition, as these excess platelets can cause 
small clots to form intravascularly, or the platelets may 
not function properly to stop bleeding when needed. 


Leukocyte Differential Count 


A differential is a process by which the percentage of the 
five normal types of white blood cells in the circulating 
blood is calculated. These cell types include the following: 


1. Neutrophils: First responders to foreign invasion of 


the body 


2. Eosinophils: Assist with allergic reactions, parasitic 
infections, and chronic inflammation 

3. Basophils: Play a key role in the inflammatory 
process 

4, Lymphocytes: Ingest and kill microorganisms and 
play a key role in the immune response with antibody 
formation 

5. Monocytes: Attack and eliminate foreign substances; 
monocytes function as macrophages in the tissues of 


the body 


As introduced in Chapter 11, immature neutrophils, 
known as band cells, are also identified and reported 
separately when a leukocyte differential is performed. 
The band cells may be increased in number during a 
bacterial infection because the bone marrow is attempt- 
ing to produce an increased amount of white blood 
cells (especially neutrophils) to meet the body’s need. 
Immature cells that are earlier in the developmental 
stage than band cells are not normally present in the 
bloodstream, and their presence indicates a serious 
infection or other blood disorder. The immature forms 
of other white blood cell types may occasionally be 
present and must be identified, as their presence may 
assist with a diagnosis or prognoses. 

When reporting the leukocyte differential, each type 
of white blood cell is reported as a percentage (%). This 
procedure is completed utilizing automated methods 
or performed manually with visualization of a stained 
blood smear by a properly trained clinical laboratory 
professional. In blood samples for most adults, neu- 
trophils are typically seen in the greatest numbers 
(between 54% and 65%). Lymphocytes are next in 
frequency; 24% to 40% would be the normal range. 
Monocytes make up approximately 2% to 8% of the 
white blood cell count. The rest of the white blood cells 
are made up of eosinophils, which total 1% to 4%, and 
the basophils, which make up 1% or less of the circulat- 
ing white blood cells. The immature neutrophils (band 
cells) may total up to 5% of the normal differential as 
well. The cells are identified on a stained slide by their 
size, shape, color, and the structures within the cell. 
Automated instruments may also report these parame- 
ters. Table 12-4 provides a summary of information 
about the various types of white blood cells. 

The results of the differential can be used for initial 
diagnosis or to monitor treatment. An increase in neu- 
trophils often indicates a bacterial infection. With acute 
infections, there usually will be an increase in the number 
of the immature band cells as well as an overall increase 
in neutrophils. Eosinophils may increase in number with 
allergies and parasitic infections. Lymphocytes often 
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POINT OF INTEREST 12-1 
Bananas in the blood? 


> 4 


The order of frequency for the presence of the five 
types of white blood cells may be remembered by 
using this simple sentence: Never Let Monkeys Eat 
Bananas! Starting with the most prevalent to the least, 
the five types of white blood cells identified in the 
circulating blood are Neutrophils, Lymphocytes, 
Monocytes, Eosinophils, and Basophils. 














exceed the normal range in viral infections. In immediate 
hypersensitivity reactions (such as asthma) basophils are 
often increased. An increase of monocytes may suggest a 
chronic infection (tuberculosis is an example) or the pres- 
ence of a malignancy. 

Lymphocytes may be elevated with infectious 
mononucleosis. In addition to the increase in the per- 
centage of lymphocytes, many of the lymphocytes may 
be larger than normal. “Reactive” lymphocytes are also 
identified with mononucleosis; these are larger than the 
typical lymphocyte, and when visualized under the 
microscope, they have a nucleus that is less dense than a 
typical lymphocyte. An increase of regular, larger, and 
reactive lymphocytes accompanied by other physical 
signs and symptoms and a positive mono screening test 
will be used to diagnose infectious mononucleosis. 

The white blood cell differential is significant 
for patients with leukemia because the various types of 
leukemia are categorized by the type of predominant 
white blood cell present in the bone marrow and 
bloodstream. Leukemia classification is also based on 
whether the disease process is acute or chronic in 
nature. The acute leukemias primarily present with 
immature white blood cells in the form of blasts 
(the earliest form of the white blood cell that is iden- 
tifiable), while the chronic types of leukemia are 
characterized by dramatically increased numbers of 
dysfunctional mature cells. In acute lymphoblastic 
leukemia, the differential would have many immature 
lymphocytes, referred to as lymphoblasts. The blood 
smear of a patient with chronic myelogenous leukemia 
typically has an increased number of the granulocytic 
white blood cells, (neutrophils, eosinophils and 
basophils). The granulocytic white blood cells have 
granules present in their cytoplasm. 





Test Your Knowledge 12-5 


Describe the appearance of a normal red blood cell on 
a stained blood smear. (Outcome 12-9) 








POINT OF INTEREST 12-2 
Infectious mononucleosis 


wy 


Clinical Facts 





¢ Viral infection caused by the Epstein-Barr virus 

¢ Virus enters through the oropharynx, transmitted 
in saliva; called “the kissing disease” 

¢ Most prevalent in adolescents and young adults 

¢ Virus infects the B-cell lymphocytes 


Clinical Symptoms 


° Fatigue 

e Fever 

¢ Sore throat 

¢ Swollen lymph glands 


Hematological Features 


¢ Slight elevation in the white blood cell count 
(12,000 to 25,000) 
¢ Increased percentage of lymphocytes (60% to 90%) 
¢ Presence of reactive (atypical) lymphocytes 
e Larger T cells than normally visualized 
e Larger; nuclei with more open chromatin and 
deep indentations 
¢ Cytoplasm with basophilia, azurophilic granules, 
and vacuoles 


Immunology Features 

° Positive rapid-screen mono test 

¢ Increased heterophile antibody titer 
Treatment 


° Rest 
e NSAIDs, such as ibuprofen 
¢ No lifting or contact sports if the spleen is enlarged 











Peripheral Blood Smear 


A peripheral blood smear may be used for a manual 
white blood cell differential as well as visualization of 
other formed elements in the blood. A blood smear con- 
sists of a slide with a drop of blood spread across it. The 
blood sample may be created directly from a capillary 
puncture or from an EDTA-anticoagulated venous 
blood sample that is less than 2 hours old. The smear is 
then dried, stained, and viewed under the microscope. 
White blood cells, red blood cells, and platelets are 


observed. Examination of cell morphology (appearance 
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TABLE 12-4 


White Blood Cell Types in the Circulating Blood and Reference Ranges for the Leukocyte Differential 


Percentage Normally Present 
White Blood Cell = of Cell Description of Morphology _ (suggested reference range) 


Neutrophil ov oO oO Multilobed nucleus; 54%-65% 


lavender gray granules 
> 90. in cytoplasm 


Pack eee 

DM: Clinical Hematology 
and Fundamentals of 
Hemostasis, ed. 5. FA Davis, 
Philadelphia, 2009, with 
















permission.) 
Lymphocyte Large, dense, 25%-40% 
dark blue nucleus; 
small amount of 
pale blue cytoplasm 
(From Harmening, 
DM: Clinical Hematology 
and Fundamentals of 
Hemostasis, ed. 5. FA Davis, 
Philadelphia, 2009, with 
permission.) 
Monocyte e v Foamy, convoluted nucleus; = 2%-8% 
; ground glass—looking 


cytoplasm 


= Cm 


(From Harmening, 

DM: Clinical Hematology 
and Fundamentals of 
Hemostasis, ed. 5. FA Davis, 
Philadelphia, 2009, with 


permission.) 


Eosinophil y oO WJ Bilobed nucleus; 1%-4% 
a large orange-red 
granules in cytoplasm 


» 


(From Harmening, 

DM: Clinical Hematology 
and Fundamentals of 
Hemostasis, ed. 5. FA Davis, 
Philadelphia, 2009, with 


permission.) 


~~ & 
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White Blood Cell Types in the Circulating Blood and Reference Ranges for the Leukocyte Differential 


Percentage Normally Present 





(immature neutrophil) 


& 


(From Harmening, 

DM: Clinical Hematology 
and Fundamentals of 
Hemostasis, ed. 5. FA Davis, 
Philadelphia, 2009, with 


permission.) 





White Blood Cell Image of Cell Description of Morphology _ (suggested reference range) 
Basophil o = w Bilobed nucleus 0%-1% 
(difficult to see clearly); 
large dark blue granules 
in cytoplasm 
Dp 
(From Harmening, 
DM: Clinical Hematology 
and Fundamentals of 
Hemostasis, ed. 5. FA Davis, 
Philadelphia, 2009, with 
permission.) 
Band cell C-shaped nucleus; 0%-5% 


lavender-gray granules 
in cytoplasm 








of the red blood cells including their size, color, and 
shape) and determination of size are used to identify 
each type of blood cell. The leukocyte differential, the 
red blood cell morphology, and a platelet estimate are re- 
ported as part of the results. Examination of the blood 
smear is necessary when the automated results indicate 
that there is a need to double-check the differential 
count or cell morphology of the specimen, or when the 
method used for the CBC does not allow for an auto- 
mated white blood cell differential. 





Test Your Knowledge 12-6 


What characteristics of the white blood cells are used to 
differentiate the different types? (Outcome 12-7) 





Blood smears are stained with a polychromatic stain, 
which consists of a combination of an alkaline and acidic 
component that allows for cells to appear in a variety of 
colors. Wright’s stain is a popular polychromatic stain 


used for blood smears. Different structures will absorb 
more of one color or the other, as they will naturally 
be attracted to the alkaline or acidic components of the 
stain. The resulting colors and cell structural appearance 
are used to differentiate the cells. Nuclei are stained blue 
by the basophilic (alkaline) part of the stain; other struc- 
tures are stained red orange by the eosinophilic (acid) 
stain component. Some structures pick up both stain 
components. 


Manual Leukocyte Differential 


For performance of a manual differential, the stained 
blood smear is placed on the stage of microscope and 
the immersion oil objective (100X) is used to magnify 
the blood smear. An area where cells appear in a single 
layer and are not overlapped is located while looking 
at the slide. The viewing field is moved from side 
to side across the width of the smear. Typically 100 
consecutive white blood cells are observed and 
accounted for by type. The size of the cell and the 
structures of the nucleus and the cytoplasm are used to 
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identify each white blood cell type. An electronic or 
a manual tabulator keeps count. When 100 cells are 
counted, the percentage of each type is the total number 
observed. 





Test Your Knowledge 12-7 


List the five white blood cell types in order from those of 
the greatest number to those of the least. 
(Outcome 12-7) 





Red Blood Cell Morphology 


As well as counting the different types of WBCs on a dif- 
ferential, it is important to observe the RBCs and pay 
careful attention to their size and shape. As introduced 
in Chapter 11, normal red blood cells are circular bicon- 
cave disks with pale centers. They are 6 to 8 microns in 
diameter. They are a soft red color and have no nuclei. 
Red blood cells are smaller than white blood cells and 
larger than platelets. The red blood cells on the stained 
slide should all be similar in size, with natural slight dif- 
ferences in the sizes and shapes. These normal red blood 
cells are called normocytic and normochromic. The 
suffix —cytic refers to the size and shape of the red blood 
cells and the suffix —chromic refers to the color of the 
cells when viewed under the microscope. 

Normocytic red blood cells are the normal size of 6 to 
8 microns. Normochromic red blood cells have a center 
that is paler than the surrounding cell, which means that 
they contain a sufficient concentration of hemoglobin. 
In hematological disorders, the red blood cells may vary 
in the amount of hemoglobin, the size and shape of the 
cells, the staining characteristics (pale or dark red) and 
the structures present within the cells. 





Test Your Knowledge 12-8 

What is the term used to describe a red blood cell visual- 
ized on a stained smear that is paler or lighter in color 
than a normal erythrocyte? (Outcome 12-9) 





Red blood cells that have too little hemoglobin will 
have larger, paler central areas than normal cells. These 
cells are described as hypochromic. Spherocytes are 
RBCs that assume a spherical shape and are said to be 
hyperchromic, because they have excess hemoglobin 
concentration and thus no central pallor. Polychromatic 
(a multicolored appearance achieved using a mixture of 
varied colored stains) red blood cells appear a little more 
bluish in hue as they contain RNA that attracts the alka- 
line component of the stain. Anisocytosis is a condition 


in which there is a variety of sizes of red blood cells pres- 
ent. Cells larger than normal size are considered macro- 
cytes and those smaller than normal are microcytes. 





Test Your Knowledge 12-9 


What is the term used when the red blood cells on a 
smear are varied in shape more than usual? 
(Outcome 12-9) 





Poikilocytosis describes red blood cells that are pres- 
ent on the slide in a variety of different shapes. Some 
types of cells are named for their descriptive shape. Exam- 
ples of these include teardrops, helmet cells, sickle cells 
(arch-shaped cells that result from low oxygen tension 
and that contain an abnormal substance known as hemo- 
globin S, and elliptical-shaped cells known as ovalocytes. 
Cells that have a reduced hemoglobin concentration 
(known as target cells) have so little hemoglobin that 
there is only a slight ring of color at the edges. These tar- 
get cells have a spot of trapped hemoglobin in the center 
(the bull’s eye of the target). Figure 12-1 includes exam- 
ples of normal and abnormal red blood cell morphology. 

Immature nucleated red blood cells may be present 
on the slide when there has been an event that puts an 
extreme demand on the bone marrow for production 
of new blood cells. These nucleated red blood cells 
(NRBCs) will have a blue staining nucleus. NRBCs are 
not normally present in the circulating blood of an adult 
but they may be seen in fetal blood or that of young 
infants. If NRBCs are present, it is important to report 
this as part of the CBC result, as their presence may be 
clinically significant. 


Platelet Morphology and Estimated Count 


Platelets are small, oval-shaped, and purple cellular 
fragments when visualized on the stained blood smear. 
A platelet estimate may be calculated by counting the 
number of platelets on a stained blood smear in fields 
viewed under the microscope where cells are not over- 
lapped and red blood cell morphology is easily visual- 
ized. Ten fields are counted, and the average number of 
platelets per field is multiplied by 20,000 to achieve a 
platelet estimate. In a normal platelet count, there are 
8 to 20 platelets on an oil immersion field. 


Manual Blood Cell Counts 


Red blood cells, white blood cells, and platelets 
may be counted manually by a qualified laboratory 
professional. This is not a CLIA-waived procedure, so in 
most circumstances it is not a procedure that will be 
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RED BLOOD CELL MORPHOLOGY 
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Figure 12-1 


‘ Acanthocyte 


we 


Helmet cell 
(fragmented cell) 


Schistocyte 
(fragmented cell) 


9 » 


Tear drop 


Burr cell 


i 


Normal and abnormal red blood cell morphology. From Harmening, DM: Clinical Hematology and 





Pappenheimer bodies | Agglutination 
(siderotic granules) 


Cabot’s ring 


O 


Basophilic stippling 


(coarse) 


Howell-Jolly 


Rouleaux 


7| O 


Crystal formation 


Fundamentals of Hemostasis, ed. 5. FA Davis, Philadelphia, 2009, with permission. 


performed by a medical assistant. A manual cell count 
may be necessary when the automated system is non- 
functional or in situations in which the cell counts are 
too low to be measured by the instrument commonly 
used. For a manual count, blood samples are mixed with 
a specified amount of diluent (Fig. 12-2A) and added to 
a hemocytometer. The hemocytometer is a chamber of 
specific dimension and depth that has a grid marked for 
counting the cells under the microscope (Fig. 12-2B). 
The cells are counted using the magnification of the 
microscope. Because of the standardized dilution ratio 
and dimensions of the hemocytometer, a mathematical 
calculation is used to determine the number of cells in a 
milliliter of blood. 


AUTOMATED ANALYZERS FOR COMPLETE 
BLOOD COUNT TESTING 


Blood cell analyzers have come into use with advances in 
technology. In hospitals and reference laboratories, these 
analyzers allow for large volumes of tests to be performed 
in a short period of time. Automated instruments in the 
physician office laboratory have added greater accuracy 
and precision to the results. Most of these test procedures 


use electrical impedance (a process for counting blood 
cells that depends on their resistance to the flow of an 
electrical current) and light-scattering principles to count 
and differentiate blood cells. Beckman-Coulter, Abbott, 
ABX, and Bayer-Technicon are companies that produce 
these automated analyzers for large-scale, time-efficient 
hematology testing. 

In electrical impedance analyzers, the cells pass 
through an opening with an electrical current flowing 
through it. The changes of electrical resistance due to the 
formed elements in the sample are monitored and they 
are counted as voltage pulses. These pulses are propor- 
tional in height to the volume of the cells, which allows 
them to be identified as white blood cells, red blood 
cells, or platelets. 

Some instruments may also use a beam of light to 
measure the number and size of the cells in the sample, 
a process called light scattering. A light-sensitive 
detector measures the light scattered as the sample is 
introduced into a chamber and the beam of light is 
interrupted. The size of the pulse detected is propor- 
tional to the size of the cellular element. Many of the 
analyzers use a combination of these two techniques to 
count the formed elements in the blood sample. A 
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Figure 12-2 


(A) Steps involved in using the Unopette system. From Wedding, ME, and Toenjes, SA: Medical Laboratory 


Procedures. FA Davis, Philadelphia, 1998, with permission. (B) Hemocytometer counting chamber. From Ciesla, B: Hematology 


in Practice, ed. 2, FA Davis, Philadelphia, 2012, with permission. 


graph of the distribution of cell sizes made during 
cell counting on an automated analyzer, known as a 
histogram, may also be reported. An example of the 
results of an automated CBC is shown in Figure 12-3. 

The automated white blood cell differential is 
performed by a combination of techniques. The infor- 
mation gathered using these techniques is combined to 
classify the type of white blood cell. The cell volume can 
be determined by electrical impedance, electromagnetic 
procedures define nuclear characteristics and granular 
composition, and light-scattering techniques can analyze 
cell surface and morphological and granular qualities to 
determine the type of white blood cell. The automated 
analyzers work well for the vast majority of specimens, 
but they do have their limitations. Certain samples 
with abnormal results must have a manual differential 
performed for accurate results. 

The QBC STAR Centrifugal Hematology System 
(QBC Diagnostics) is an example of an automated 
instrument that tests one sample at a time (Fig. 12-4). It 


may be used in the physician office laboratory where 
automation is desired, but specimen-testing volumes are 
not high. The QBC STAR system is a CLIA test of 
moderate complexity, so those performing the testing will 
participate in proper training of specified quality assur- 
ance procedures. The analysis tube used for testing within 
the instrument may be filled with EDTA-anticoagulated 
blood or directly from a capillary puncture. The analysis 
tube contains a dye and a special “float” that is used for 
the testing process. The tube is filled with blood and 
placed directly into the analyzer. The testing process 
involves centrifugation within the instrument and use of 
the “float” to measure different parameters of the speci- 
men. This instrument is desirable for some office settings 
because there are no liquid reagents to work with, and 
the calibration of the instrument is done internally. The 
analysis tubes contain all the reagents necessary for the 
procedure. The QBC Star is capable of measuring most 
of the components of a typical CBC, with the exception 
of a red blood cell count and some of the indices. 
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ID Number: 


Patient ID: 


Name: 
Address: 
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4291 Type: 3YR to 4YR 
Mode: BLOOD 
Date: 02-17-2012 
Time: 04:15:00PM 
Sex: 


Age: 





PARAMETERS 


+ WBC 

H LYM# 
MID# 
GRA# 
LYM% 
MIDS 
GRAS 





PLT Histogram 


WBC Histogram 








RESULT NORMAL RANGE ALARMS DIFFERENTIAL 


K/ul 6 14. 
K/ul 
K/ul 
K/ul 











RBC Histogram 


Comments: 


Signature: 





Figure 12-3. CBC result from an automated hematology analyzer, including histograms. 
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c. Hemoglobin, hematocrit, red blood cell count, 
platelet count, erythrocyte sedimentation rate, 
WBC differential 

d. Hemoglobin, hematocrit, red blood cell count, 
white blood cell count, hemoglobin electrophore- 
sis, WBC differential, platelet count 











2. The reference range for an adult Outcome 12-3 
white blood cell count is: 
a. 4,300 to 10,800/mm3 
b. 140,000 to 400,000/mm3 
c. 5.0 to 6.5 million/mm? 
d. 12 to 14 g/dL 
3. A white blood cell count may be Outcome 12-5 
Figure 12-4 QBC STAR hematology analyzer. Courtesy of decreased because of: 
GRE Dicgnostics. a. A chronic viral infection 
b. Exposure to toxins 
. c. Chemotherapy use 
SUMMARY d. All of the above 
The complete blood count (CBC) is a comprehensive 4, The reference or normal range for Outcome 12-3 
hematology test consisting of a white and red blood cell the platelet count is: 
count, hemoglobin and hematocrit determinations, red a. 4,300 to 10,800/mm?3 
blood cell indices, a platelet count, and a white blood b. 150,000 to 450,000/mm3 
cell differential. These tests may be performed manually 6 5.0.10 65 willion/mund 
or by use of automated instrumentation. The three red d. 12 to 14 g/dL 
blood cell indices (MCV, MCH, MCHC) are calcula- ; ; ; 
tions that numerically describe the size of the red blood 5. This type of white blood cell is the Outcome 12-7 


most numerous in a healthy adult and makes up 
about 60% of the white blood cells: 


a. Eosinophil 


cells and the amount of hemoglobin that they contain. 
There may be times in which examination of a 
blood smear is necessary to clarify the differential 


results or view morphology for other cellular elements 
in a sample. A stained blood smear is viewed with the 
microscope for a manual white blood cell differential, 


b. Monocyte 
c. Neutrophil 
d. Lymphocyte 


red blood cell morphology, and platelet estimation. 
The complete blood count can be used as a tool to 
diagnose and monitor disease and to follow the course 
of treatments. 


6. This is the term used to describe Outcome 12-9 
a variety of sizes of red blood cells on the stained 
smear: 





a. Anisocytosis 
b. Poikilocytosis 
c. Spherocytosis 
d. Hemolysis 








TIME TO REVIEW 


7. This type of cell appears as small, Outcome 12-10 
purple, circular, or ovoid fragments on the stained 
blood smear. 


a. White blood cell 
b. Red blood cell 
c. Platelet 

d. Band cell 


1. Choose the correct list of Outcome 12-2 


components of a complete blood count. 


a. Hemoglobin, hematocrit, red blood cell count, 
white blood cell count, erythrocyte sedimentation 
rate, WBC differential 

b. Hemoglobin, hematocrit, red blood cell count, 
white blood cell count, red blood cell indices, 
platelet count, WBC differential 
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8. An increased white blood cell Outcome 12-4 c. Small red blood cells 

count may be evident with which disease? d. Small platelets 

a. Thrombocythemia 10. A hemocytometer is used to: Outcome 12-1 

b. Anemia : 

Licukeonenila a. Measure a hematocrit level 
= ; b. Perform manual white blood cell counts 
d. Leukemia ae : 
c. Perform staining of peripheral blood smears 

9. Microcytosis is a word used to Outcome 12-9 d. Measure hemoglobin concentrations 

describe: 


a. Large red blood cells 
b. Large white blood cells 





Case Study 12-1: Clinical significance 


Mr. Smith, a 67-year-old patient, presented to the office with symptoms of a cough, a little tightness in his chest, and 
complaints of a slight fever. The medical assistant took Mr. Smith’s vital signs and wrote his results and chief complaint 
in his chart. When the physician examined the patient, he believed that Mr. Smith was suffering from a respiratory 
infection. His plan was to prescribe an antibiotic if the infection turned out to be caused by bacteria, so he asked the 
medical assistant to draw blood for a CBC. 

The medical assistant performed a venipuncture on Mr. Smith and processed the sample for pickup by the reference 
laboratory for testing later that day. She explained to Mr. Smith that the results should be back in the office in the mor- 
ning and if the CBC results indicate the presence of a bacterial infection, the physician will call in a prescription for 
an antibiotic to his pharmacy. She told the patient that she would call him in the morning. 

The next morning these results were faxed to the office: 


<08 LABORATORY» 


ID Number: 09123 Seq#: 43210 

Blood 
10-14-2012 
10:45 AM 
Name: James Smith Male 


Patient ID: 98789 


Address: 3456 Waterview Terrace : 67 
Seattle, WA 98103 


CBC RESULTS 


TEST PATIENT REFERENCE RANGE 
RESULTS 


Hemoglobin 14.2 g/dL male 
female 
Hematocrit 43% male 
female 
Red blood cell count 57 = 10° name : : male 
female 


White blood cell count 12,000/mm?3 
Neutrophils 48% 
Lymphocytes 48% 
Monocytes 2% 
Eosinophils 1% 

Basophils 1% 

Platelet count 320 








Continued 
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The medical assistant highlighted the abnormal results, retrieved James Smith’s chart, and took the laboratory report 
and chart to the physician. The doctor reviewed the results and asked the medical assistant to contact Mr. Smith to let 
him know that he would not be prescribing antibiotics at this time. 

The medical assistant called Mr. Smith and explained that the results were not consistent with a bacterial infection. 
She told Mr. Smith that no antibiotics would be prescribed at this time, but to check back in a week if the symptoms 
had not gotten better or if things appeared to be worse. 


1. What color tube was used for the blood sample? 
2. What out-ofrange laboratory results should the medical assistant have highlighted for the physician? 
3. Are the abnormal laboratory results consistent with a bacterial infection? 





RESOURCES AND SUGGESTED READINGS 


“QBS Star” 
Provides an overview of the function of the QBC Star hema- 
tology analyzer http://www.qbcdiagnostics.com 
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Hemoglobin and Hematocrit 
Nikki A. Marhefka, EdM, MT(ASCP), CMA (AAMA) 








CHAPTER OUTLINE 


Hemoglobin 
Hemoglobinopathies 
Hemoglobin Testing 
CLIA-Waived Hemoglobin Testing 
Potential Errors in Hemoglobin Testing 
Hematocrit 
CLIA-Waived Hematocrit Testing 
Potential Errors in Hematocrit Testing 


Learning Outcomes 


The Relationship of Hemoglobin and 
Hematocrit Values 


Anemia 


Summary 

Time to Review 

Case Study 

Resources and Suggested Readings 


After reading this chapter, the successful student will be able to: 





13-1 
13-2 


13-3 


13-4 


13-5 
13-6 


Define the key terms. 

Describe the structure and function of a hemo- 
globin molecule. 

State the type of normal adult hemoglobin and 
list other types present with various hemoglo- 
binopathies. 

Analyze the general principle of and sources of 
error associated with CLIA-waived testing of 
hemoglobin. 

Evaluate the concept of the hematocrit. 
Identify the layers into which the blood sample 
has separated in a spun hematocrit specimen. 


13-7 


13-8 


13-9 


13-10 


Examine the general principle of and sources of 
error associated with CLIA-waived hematocrit 
procedures. 


Recognize the normal reference ranges for 
hemoglobin and hematocrit. 

Define anemia and examine its clinical signifi- 
cance. 

List the various types of anemia and explain 
how they are classified. 





CAAHEP AND ABHES STANDARDS 


ey CAAHEP 2008 Standards 


I.C.l. Anatomy and Physiology #6: Identify common 
pathology as it relates to the interaction of body systems. 
I.C.l. Anatomy and Physiology #7: Analyze pathology as 
it relates to the interaction of body systems. 

IPI. Anatomy and Physiology #12: Perform hematology 


testing. 


es. 
@ ABHES 2010 Standards 


10. Medical Laboratory Procedures, b. CLIA-waived 
tests, Graduates: 2. Hematology Testing. 


285 
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KEY TERMS 
Anemia Hemoglobinopathy Pernicious anemia 
Anisocytosis Hemolysis Poikilocytosis 
Aplastic anemia Heterozygous Protoporphyrin 
Bilirubin Homozygous Sickle cell anemia 
Cyanmethemoglobin Hypochromic Sickle cell disease 


Erythropoiesis Interstitial fluid Sickle cell trait 
Hematocrit (hct) Intrinsic factor Splenomegaly 
Hb A lron-deficiency anemia Target cell 
Hemoglobin (hgb) Macrocytic Thalassemia 
Hemoglobin and hematocrit Microcytic Urobilinogen 


(H&H) 


Hemoglobin electrophoresis 


wo of the most important hematology test proce- 

dures are for hemoglobin (hgb), a protein respon- 
sible for oxygen transport, and the percentage of the 
space occupied by red blood cells compared to the en- 
tire blood volume known as the hematocrit (hct). 
Measurement of the hemoglobin and hematocrit 
(abbreviated as H&¢H) is commonly performed in all 
laboratories and physician offices. The results of these 
two tests may be used to help diagnose or monitor the 
progress of treatment for anemia, a condition in which 
the oxygen-carrying capacity of the blood is reduced. 
This chapter presents additional information about 
the clinical significance of the hemoglobin and hematocrit 
measurements, and provides details of testing methods 
for these parameters. 


HEMOGLOBIN 





As was established in previous chapters, mature red 
blood cells are filled with fluid as they are released from 
the bone marrow. The intracellular fluid is primarily 
made up of hemoglobin. Oxygen attaches to this protein 
complex for subsequent transport to the tissues of the 
body, where it is needed for the production of energy. 
The primary function of hemoglobin (and thus, the red 
blood cells) is to transport oxygen to the tissues of the 
body. Hemoglobin is composed of four molecules of 
heme within a globin protein chain. Each of these heme 
molecules has one atom of iron, and one molecule of 


Packed cell volume 


oxygen can attach to each of these iron atoms. Thus, one 
red blood cell can transport four molecules of oxygen. 

Hemoglobin production begins in the erythroid pre- 
cursor cells of the bone marrow. The heme is synthesized 
by the mitochondria of the bone marrow cells, and the 
globin chains are constructed by the ribosomes of the 
cells as they mature in the bone marrow. Most of the he- 
moglobin is formed by the early precursor cells, which 
are nucleated, but the production continues even after 
these cells have lost their nucleus until they are released 
into the general circulation (Fig. 13-1). 





Test Your Knowledge 13-1 


Hemoglobin is made up of one molecule of 


and four molecules of (Outcome 13-2) 
a 4 








~ 


( Test Your Knowledge 13-2 


What is the function of hemoglobin? 
= 








(Outcome 13-2) 
_4 





The hemoglobin molecule becomes oxygenated in 
the lungs where the oxygen concentration is very high. 
As the red blood cells leave the pulmonary circulation, 
the affinity of tissues for the oxygen carried by the 
hemoglobin molecule will cause the oxygen to diffuse 
through the red blood cell membrane and across cap- 
illary walls to enter the tissues. After the oxygen has 
left the red blood cells, the cells are capable of trans- 
porting carbon dioxide back to the lungs to be 
expelled. With the delivery of oxygen and transport of 
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HEMOGLOBIN 


By chain 







Qp chain 
a, chain 
Figure 13-1 A hemoglobin molecule. Note the polypep- 
tide changes with the heme molecules in the center of the 
complex. 


carbon dioxide, the hemoglobin molecules of the red 
blood cells help the body control the acid-base balance 
that is necessary for survival. 

Mature red blood cells have a life span of approxi- 
mately 120 days. During their lifetime, they must travel 
constantly through the cardiovascular system, remaining 
flexible enough to pass through capillary beds to perform 
their duties. Eventually, worn-out red blood cells are re- 
moved by the tissue macrophage system in the spleen and 
the hemoglobin is degraded into iron, protoporphyrin, 
and globulin. Protoporphyrin is included in the heme 
portion of the hemoglobin molecule, and is necessary to 
make the iron functional and available to attach to the 
oxygen. The iron released by the breakdown of old red 
blood cells is removed from the heme, and transported to 
the bone marrow to be used again. The globulin is 
degraded into amino acids to be used by the body for 
creation of protein. Protoporphyrin is converted into 
bilirubin, which combines with albumin for transport to 
the liver. The liver cells further process the bilirubin and it 
is excreted as bile, which enters the intestines where bacte- 
ria convert it to urobilinogen to be excreted in the feces. 


HEMOGLOBINOPATHIES 


The normal adult hemoglobin is denoted as Hb A. 
Hemoglobin in red blood cells of the fetus and the 
newborn is Hb E There are genetic hemoglobin variants 
present in the population, in which the structure of the 
globin part of the molecule is altered. The presence of an 
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abnormal hemoglobin is known as a hemoglobinopathy. 
The hemoglobinopathies are a result of genetic changes 
that may be inherited or caused by mutations. Both the 
homozygous form in which the patient has two identi- 
cal genes for the same characteristic or the heterozygous 
form that contains two genes for abnormal hemoglobin 
variants can lead to a mild or severe anemia. If Hb A is 
present in the cells as well as the abnormal hemoglobin, 
the abnormality may be masked and no symptoms will 
be evident. Sickle cell disease and sickle cell trait are 
a result of the presence of Hb S. Other hemoglo- 
binopathies may be asymptomatic, whereas others can 
lead to severe anemia. 


Ww 


The hemoglobin molecule must have a very specific 
structure in order to function optimally. Any change 
in the structure of the globin chains in the hemoglo- 
bin molecule may be classified as a hemoglobinopa- 
thy. Many of these abnormalities remain undetected 
because they are not clinically significant. Others, 
however, will have a significant effect on the body's 
ability to transport oxygen. 





POINT OF INTEREST 13-1 
Hemoglobinopathies 





¢ Methemoglobinemia: For the hemoglobin mole- 
cule to function appropriately, it is necessary for 
the iron molecule to be ferrous. This means that 
the iron molecule is positively charged with two 
more protons than electrons present in the mole- 
cule. If the iron is present in a state other than this, 
the hemoglobin molecule has a poor affinity for 
oxygen. This results in a state of cyanosis for the 
body, because the red blood cells cannot deliver the 
oxygen appropriately if they do not pick it up as 
they should in the lung tissues. 
Hemoglobinopathies with decreased oxygen 
affinity: Certain abnormalities of the hemoglobin 
molecule may create a situation in which there is a 
pronounced decrease in the affinity for oxygen. 
This means that the molecules do not pick up the 
oxygen as they should in the lungs. This type of 
hemoglobinopathy is characterized by cyanosis. 
Hb Seattle and Hb Vancouver are examples of this 
type of hemoglobinopathy. 

Increased oxygen affinity: Erythrocytosis is a com- 
mon symptom of hemoglobinopathies with in- 
creased oxygen affinity. In this situation, the mole- 
cule holds on so tightly to the oxygen molecules 
that they cannot be deposited throughout the 








Continued 
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body. The kidneys will increase their secretion of 
erythropoetin because of the reduced oxygen in the 
tissues of the body. Hb Chesapeake is an example 
of this type of hemoglobinopathy. 

¢ Hemolytic hemoglobinopathies: Hb S and Hb C 
are abnormalities of the hemoglobin molecule 
structure that affect the integrity of the red blood 
cell molecule as well as the hemoglobin molecule. 
These abnormalities occur because of the way that 
the globin chains are interconnected. The red 
blood cell membranes have increased hemolysis be- 
cause the hemoglobin molecule formation is unsta- 
ble. This has a profound effect on the life span of 
the red blood cell. The high levels of hemolysis lead 
to a constant state of anemia, jaundice, and 
cholelithiasis. 


Hb S (sickle cell) also may cause the vessels of the 
body to become occluded due to the distinct shape of 
the red blood cells. The abnormal crescent shape 
becomes lodged in the small capillaries of the body, 
with multiorgan effects. 











Thalassemias are a group of inherited disorders in 
which abnormal hemoglobin is present in the red blood 
cells. In thalassemia, anemia results either from a defec- 
tive production rate of the alpha or beta globin chains 
that make up the globin portion of the normal hemo- 
globin molecule. Without these chains, it is not possible 
for the red blood cell precursors to build Hb A, the nor- 
mal hemoglobin present in the adult red blood cell. 
Those who are homozygous for the defective gene have 
severe hypochromic, microcytic anemia, and a variety of 
other issues related to the severe anemia (Table 13-1). 








Test Your Knowledge 13-3 
List two abnormal types of hemoglobin. (Outcome 13-3) 





When a hemoglobinopathy is suspected, identifica- 
tion of the hemoglobin variant present in the red blood 
cells can be accomplished through hemoglobin elec- 
trophoresis. In this technique, blood for examination is 
placed on a cellulose acetate gel support medium that is 
capable of transmitting an electrical current. An alkaline 
electrolyte solution is added, and an electrical current is 
applied to the support medium. Each hemoglobin sub- 
type moves across the support medium at a different 
rate and creates a distinctive pattern. The bands of 
hemoglobin are detected by staining and identified by 
their placement on the medium as they have moved. 


TABLE 13-1 


Thalassemias 


Alpha Thalassemias Beta Thalassemias 


Insufficient beta globin 
protein 


Insufficient alpha 
globin protein 
produced 





Clinical defect: A gene _Clinical defect: Gene defects 


or genes related to 
the alpha globin 
protein of hemoglobin 


affect the production of the 
beta globin protein of 
hemoglobin 


is/are missing or 
changed 





Frequency: Found in persons 
of Mediterranean descent, 
and to a lesser extent in 
Chinese, other Asians, and 
African Americans 


Subtypes 

© Major Cooley’s anemia— 
severe anemia 

e Intermediate, moderate 
anemia 

¢ Minor: Called beta 
thalassemia trait 


Frequency: Found in 
persons of Southeast 
Asian, Middle Eastern, 
Chinese, and African 
descent 


Subtypes 

¢ Major Hydrops 
fetalis—babies die 
before or shortly 
after birth 

* Hemoglobin H 
disease, moderate 
to severe anemia 

¢ Minor: Called alpha 
thalassemia trait, 
mild anemia. 

¢ Alpha thalassemia 
silent carrier has the 
abnormal gene, but 
it is not evident 
because these genes 
are heterozygous. 








“Thalassemia is a genetic defect in the protein portion of the hemoglo- 
bin molecule and affects alpha or beta globin protein production. Both 
globin proteins are necessary to create healthy hemoglobin.Thalassemia 
causes the body to make fewer healthy red blood cells because they are 
hemoglobin deficient and are not as well equipped to transport oxygen 
as normal hemoglobin. 











This is a sophisticated test that is performed in reference 
or hospital laboratories. 


HEMOGLOBIN TESTING 





Hemoglobin testing is one of the most frequently per- 
formed laboratory procedures. The results can be used 
to detect anemia and provide information to deter- 
mine its severity. Hemoglobin testing may also be used 
to monitor the treatment for anemia. Hemoglobin 
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TABLE 13-2 














Hemoglobin Reference Ranges (Normal Values) 
Age/Gender Hgb (g/dl) 

Adult male 14-18 

Adult female 12-16 

Newborn 17-23 

Two-month-olds 9-14 

Child, 1-14 years 11.3-14.4 








reference ranges vary by age and gender of the patient 
(Table 13-2). The normal reference ranges for the 
adult male are 13 to 18 g/dL, and the reference ranges 
for the adult female are 12 to 16 g/dL. Women of 
child-bearing age have a lower normal reference range 
than do men due to the blood loss experienced as a 
result of the monthly menstrual cycle. Infant hemoglo- 
bin values are significantly lower than those of adults, 
with an average of 11 to 14 g/dL. Children’s hemoglo- 
bin values gradually increase from infancy levels to 
adulthood. 

Hemoglobin is usually converted to another com- 
pound, called cyanmethemoglobin, for measurement. 
Cyanmethemoglobin is a colored pigment, so the change 
in color once this conversion has been accomplished can 
be measured as absorbance by a spectrophotometer, us- 
ing a wavelength of 540 nm. To release the hemoglobin 
from the cells to be converted and measured, the red 
blood cell membranes must be broken or dissolved, a 
process called hemolysis. The cyanmethemoglobin 
reagents used for hemoglobin testing contain a surfac- 
tant that promotes rapid hemolysis and formation of the 
cyanmethemoglobin moledule. Large complex analyzers 
used in reference and hospital laboratories as well as 
CLIA-waived point of care testing methods use this 
basic procedure. 


CLIA-Waived Hemoglobin Testing 


The CLIA-waived hemoglobin procedures are per- 
formed by handheld, point-of-care instruments. These 
analyzers have been approved by the U.S. Food and 
Drug Administration (FDA) for performance of hemo- 
globin testing. Each instrument determines the hemo- 
globin values with minimal steps involved in the testing 
process. The HemoCue Hb instrument (manufactured 
by HemoCue Inc.), and iSTAT (manufactured by 
Abbott) are examples of common CLIA-waived hemo- 
globin analyzers used in physician offices (Fig. 13-2). 
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There are similarities in the testing methods for all the 
CLIA-waived hemoglobin testing procedures. These 
include the following: 


1. For most of these instruments, blood is collected 
by capillary puncture and placed on a reaction 
chamber. The reaction chamber includes the neces- 
sary chemicals to lyse the red blood cells and 
allow the conversion of the hemoglobin to cyan- 
methemoglobin. For many of these procedures, 
blood may also be taken from a tube containing 
anticoagulant. 

2. The reaction chamber is placed into the analyzer, and 
the color intensity is read by a spectrophotometer to 
determine hemoglobin content. 

3. The handheld instruments require very little mainte- 
nance or calibration procedures to produce reliable 
results. However, it is imperative that the operator 
follow all manufacturer recommendations for calibra- 
tion and quality control procedures. These results 
must be logged appropriately, and must all be within 
an acceptable range before patient testing is per- 
formed on the instrument. 

4, Test results are available as a digital readout on the in- 
strument. In addition, some of the instruments may 
be connected to a computer for result storage and 
printout. 


wn 


Potential Errors in Hemoglobin Testing 


Even though the hemoglobin testing procedure is 
straightforward, it is still possible to make errors that 
may have significant impacts on the results. Potential 





Figure 13-2 A hemoglobinometer. 
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Procedure 13-1: CLIA-Waived Hemoglobin Testing Using the HemoCue 


Hemoglobin Analyzer 





Hemoglobin analysis is one of the most common 
CLIA-waived tests performed in physician office labora- 
tories and larger, more complex laboratories. For the 
HemoCue method, capillary, venous, or arterial blood 
may be used. Hemoglobin results may be used to screen 
or monitor the progress of the treatment for anemia. 


TASK 


Accurately perform hemoglobin testing using a Hemo- 
Cue hemoglobin analyzer. 


CONDITIONS 
e Hand-washing supplies and/or alcohol-based hand 


sanitizer 
¢ Disposable gloves 
¢ Lancet for capillary punctures 


e Alcohol prep pad 


¢ Gauze pads 

¢ Biohazardous sharps container 

¢ HemoCue hemoglobin analyzer 

¢ HemoCue microcuvettes 

HemoCue calibration cuvette 

¢ HemoCue control solution 

¢ Disinfectant wipes for cleaning work area 


CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 
L.P.1.12. Perform Hematology Testing 


ae 
@ ABHES Standards 


¢ Perform selected CLIA-waived tests that assist with 
diagnosis and treatment: 2. Hematology testing 





Procedure 


1. Sanitize hands, allow them to dry completely, and 
apply gloves. 


2. Turn on the HemoCue instrument, and wait until 
the digital printout on the screen indicates that the 
instrument is ready for testing. 


3. Verify the expiration printed on the microcuvette 
container. 


4, Open the microcuvette bottle, and remove a 
microcuvette. Close the bottle securely as soon as 
the desired microcuvette is removed. 


5. Using the quality control material that is designed 
for this instrument, verify that the instrument is 
working correctly. Follow the manufacturer's 
instructions for use and frequency of testing these 
materials. Fill the microcuvette with the control 
material, then insert the cuvette into the holder 
and push into the instrument for analysis. Note 
the digital readout when ready, and compare the 
results to those designated as acceptable for this 
control material. 





Rationale 


Gloves must be worn for any procedures in which 
exposure to blood or other potentially infectious 
materials is anticipated. 


The HemoCue instrument will complete a set of inter- 
nal verification procedures. Once this has been suc- 
cessfully completed, the digital readout on the 
screen will indicate that the instrument is ready. 


Expired supplies are never to be used for control or 
patient testing. 


The microcuvette container must stay closed securely. 
These microcuvettes are very sensitive to moisture 
exposure. 


The quality control material comes with a set of accept- 
able result ranges. There are materials available to 
test at low, medium, and high levels of hemoglobin 
concentration. Verify that the readout on the digital 
display indicates a result within the acceptable range 
for that level of control before performing patient 
testing. Document the result for this quality control 
material. 
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Procedure 


6. Perform a capillary puncture, using appropriate 
technique. Wipe away the first drop of blood. 


7. Touch the open end of the HemoCue microcu- 
vette to the drop of blood. The microcuvette will 
fill by capillary action to the appropriate level. 


8. Wipe off any excess blood from the bottom and 
sides of the microcuvette with a gauze pad, then 
place the microcuvette in the cuvette holder and 
push the holder into the instrument for analysis. 


Rationale 


Appropriate capillary puncture procedure includes 
disinfection of the draw site, allowing the alcohol to 
dry, using an appropriate site, performing the punc- 
ture perpendicular to the fingerprints on the finger, 
and wiping away the first drop of blood that forms. 
This drop of blood is contaminated with interstitial 
fluid and if used for the analysis, can produce erro- 
neous results. 


Don't touch the capillary puncture site with the 
microcuvette; it should be placed into the drop of 
blood. The microcuvette will not overfill. 





It is important to wipe away excess blood. However, do 
not allow the gauze to absorb blood from the inte- 
rior of the cuvette. 





The interior of the microcuvette is coated with a chem- 


ical that lyses the red blood cells, and converts the 
hemoglobin present to cyanmethemoglobin to be 
measured in the instrument. 


Continued 
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Procedure 13-1: CLIA-Waived Hemoglobin Testing Using the HemoCue 


Hemoglobin Analyzer—cont’d 








Procedure 


9. The digital display will present a result within 10 to 
20 seconds. Document this hemoglobin result. 


10. After recording the hemoglobin result, pull out the 
cuvette holder and remove the cuvette. The used 
cuvette must be discarded as a biohazardous 
material. 


11. Clean and disinfect the work area, then remove 
gloves and sanitize your hands. 


12. Document the procedure in the patient’s chart if it 
is available. 


Date 





Rationale 


The result will continue to be displayed until the 
cuvette holder is pulled out of the instrument. 


=Sal-lastelel(elelin 


HemoCue 


The blood contained in the microcuvette is still consid- 
ered to be infectious, so it must be disposed of 
appropriately. 


The work area should always be cleaned after use to 
prepare it for the next user, and hands must always 
be sanitized afte removing gloves. 


In a physician office laboratory, this procedure 
should be documented in the patient’s chart. If the 
medical assistant is working in a laboratory setting 
where the chart is not available, this step is not 
necessary. 





4/2/2012: 
09:30 a.m. 








Hemoglobin test performed. QC within range. H96 13.3 gla 





Connie Lieseke, CMA (AAMA) 





sources of error to take into consideration include the 
following: 


e Adequate blood flow during the capillary collection is 
necessary to get a homogeneous (well mixed) sample 
without clots. 

¢ To avoid diluting the blood sample with interstitial 
fluid (the fluid between cells), there should be no 


squeezing during capillary sample collection and the 
first drop or two of blood present after the puncture 
must be wiped away before the blood is applied to the 
testing chamber or device. If the sample is diluted 
by interstitial fluid, the hemoglobin value will be 
erroneously lowered. 

e There should be no air bubbles or spaces in the 
collecting device. 
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As is the case with all automated instruments, the 
reagents and supplies must not be expired when used, 
and storage requirements for all reagents and samples 
must be followed as directed. 

The test should be performed within the appropriate 
time limits after specimen collection as indicated on 
the instructions for the analyzer. 

All instructions for use of the analyzer must be fol- 
lowed exactly as described. 

Internal and external quality control must be per- 
formed at the intervals recommended by the manufac- 
turer, and the results must be within the desired ranges 
before patient results are reported. 


Test Your Knowledge 13-4 


Are hemoglobin tests performed on intact red blood 
cells? (Outcome 13-4) 
4 


XR 








> 


( Test Your Knowledge 13-5 


List two potential errors in performing hemoglobin 
testing. (Outcome 13-4) 
S y 











HEMATOCRIT 





The hematocrit is the percentage of space occupied by 
red blood cells as compared to the entire blood volume 
in a sample of whole blood. It may also be called the 
packed cell volume. The hematocrit is an indirect test 
that provides important information about the concen- 
tration of red blood cells in the circulating blood. The 
space occupied by the red blood cells depends on the size 
of the cells and the total number of cells present. If there 
is an appropriate amount of red blood cells with a nor- 
mal hemoglobin concentration in a specimen, the hema- 
tocrit will be in the normal reference range. If the red 
blood cells are small with insufficient hemoglobin or the 
number of red blood cells is decreased, the hematocrit 
value will be below the normal reference range. 

The normal reference ranges for hematocrit vary with 
gender and age of the patient (Table 13-3). Newborns 
have a very high hematocrit value, but it decreases 
quickly after birth. The reference range for a child is less 
than that of an adult, but it continues to increase as they 
approach adulthood. Adult men have a normal range of 
45% to 52%, and adult women have a normal range of 
37% to 48%. Hematocrit values are decreased with the 
various forms of anemia, and may be elevated in situa- 
tions with an overproduction of red blood cells, such as 
in polycythemia. 
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Hematocrit reference ranges (normal values) 
Age/Gender hct Value (%) 

Adult male 45-52 

Adult female 37-48 

Newborn 50-62 

Two-month-olds 31-39 

Child, 1-6 years 30-40 








CLIA-waived procedures for hematocrit testing are 
manual methods requiring centrifugation of the speci- 
men. Hematocrit values may also be derived by using 
moderately or highly complex automated instruments. 
These analyzers will use the hemoglobin concentration 
and the mean corpuscular volume (MCV) to calculate a 
hematocrit result. 





Test Your Knowledge 13-6 


Define hematocrit. 


(Outcome 13-5) | 





CLIA-Waived Hematocrit Testing 


In typical hematocrit testing, the red blood cells are 
forced to the bottom of the tube by centrifugation 
(Fig. 13-3). This tube may be known as a capillary tube 
or a microhematocrit tube because the tube is very small 
and designed to be spun in a small centrifuge. After cen- 
trifugation, the tube is compared to a reading device to 
measure the hematocrit value. The hematocrit is always 
reported as a percentage, indicating the volume of red 
blood cells in the sample as compared to the total blood 
volume. 

There are some variables in the testing process, but 
the following common components are present in all the 
CLIA-waived manual hematocrit procedures: 


e Two hematocrit tubes are always filled from each 
patient. Both tubes are centrifuged and results are 
measured from both tubes. The final result reported 
will be an average of the two tubes, as long as they are 
within 2% of each other. If the results from the two 
tubes are more than 2% apart, the sample will need to 
be recollected and respun. 

The hematocrit tubes must contain anticoagulant (the 
tube interior is coated with heparin) if they are to be 
used for capillary samples drawn directly from the 
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Figure 13-3 


Section Ill Hematology and Coagulation 


HEMATOCRIT = % OF RBCs 


~<— Plasma 






~<— White blood cells and 
platelets, “buffy coat” 


—~—Red blood cells 


Layers of the hematocrit tube. The bottom 


layer is made up of red blood cells covered with a very thin 
layer of buffy coat, which represents the white blood cells 
in the specimen. The uppermost layer is made up of 
plasma. There is air at the very top of the tube. 


patient. If anticoagulant is not used, the blood will 
clot in the hematocrit tube and the results will be er- 
roneous. It is also possible to use plain tubes (without 
anticoagulant) if the hematocrit sample is taken from 
an EDTA lavender top tube. 

Glass tubes should not be used for this process in 
consideration of employee safety. Safety coated glass 
tubes are available, which have a glass interior and are 
covered with a Mylar coating to keep them from 
breaking. Plastic tubes are also available. 

The sample must be well mixed prior to filling the 
hematocrit tube (if utilizing an EDTA anticoagulated 
sample). If a capillary sample is to be used, the site 
must not be squeezed, as this will add too much inter- 
stitial fluid to the sample. The additional fluid may 
result in a falsely decreased hematocrit result. 

As the tube is filled, air bubbles should be avoided. 
The addition of bubbles in the specimen can cause the 
tube to fill insufficiently, in which case it may not be 
possible to measure the results after centrifugation. 
The end of the hematocrit tube will be plugged with 
sealing clay to keep the sample from leaving the tube 
during the centrifugation process. 


Follow the manufacturer’s recommendations for the 
centrifugation times necessary, which may vary with 
each type of centrifuge. 

Read the results immediately after centrifugation us- 
ing a built-in reader, or another device designed for 
hematocrit results. Following centrifugation, the 
blood in the tube will have been divided into three lay- 
ers. The hematocrit result is read at the top of the red 
blood cell column, which is the bottom layer in the 
tube. There is a thin area called a buffy coat (lighter in 
color and made of the white blood cells and platelets 
in the sample) that is visible at the top of the red blood 
cells, and the plasma makes up the rest of the volume 
of the sample in the tube (see Fig. 13-3). 

The moderately complex automated procedures avail- 
able for hematocrit testing are often used in the physi- 
cian office laboratory. An example of a common 
instrument is the i-cSTAT analyzer, made by Abbott 
Laboratories. The process requires only a few drops of 
blood. This instrument uses individual cartridges to 
which the blood sample is added. The hematocrit level 
is determined by use of an electrical current. As is 
the case with all CLIA-waived testing procedures, all 
instructions and quality control procedures recom- 
mended by the manufacturer must be followed. 


Potential Errors in Hematocrit Testing 


The hematocrit testing process may be considered 
simplistic. However, it is possible to negatively affect the 
results if not paying close attention to detail. The follow- 
ing are some of the most common errors encountered 
when using the manual hematocrit procedure: 


If a capillary specimen is used for the procedure, the 
sample must be collected from free-flowing blood 
from a skin puncture. If the area is squeezed, intersti- 
tial fluid (tissue fluid) may contaminate the sample or 
the red blood cells can be broken open (hemolysis). 
The first drop of blood from the skin puncture must 
be wiped away, as this contains some interstitial fluid 
as the lancet cut through tissue. 

If the plasma appears pink or reddish, cells may have 
been hemolyzed during collection. Excessive hemolysis 
can decrease the value of the hematocrit. Hemolysis 
may occur during the collection process or as a result of 
intravascular hemolysis in severe disease states. 

The hematocrit tube must be filled appropriately. If 
too little blood is added to the tube, it will not be pos- 
sible to read the result using a reading device after cen- 
trifugation. Conversely, the result for a tube that is 
overfilled cannot be measured using a reading device. 





Vestigial Tail 
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Procedure 13-2: CLIA-Waived Hematocrit Testing Using 


the StatSpin CritSpin Microhematocrit Centrifuge 
and Digital Reader 





Hematocrit testing isa common CLIA-waived test that 
is performed in physician office laboratories and larger, 
more complex laboratories. Spun hematocrit analysis is 
relatively inexpensive, requires a small amount of 
blood, and takes only a few minutes. Although capil- 
lary spun microhematocrit testing is the most common 
method, venous blood may also be used for testing. 
Hematocrit results may be used to screen for or moni- 
tor the progress of the treatment for anemia. 


TASK 


Accurately perform microhematocrit analysis utilizing 
the StatSpin CritSpin microhematocrit centrifuge and 
digital reader. The process must be completed within 
15 minutes. 


CONDITIONS 
e Hand-washing supplies and/or alcohol-based hand 


sanitizer 


¢ Disposable gloves 


Lancet for capillary punctures 

Alcohol prep pad 

Gauze pads 

Biohazardous sharps container 

StatSpin CritSpin microhematocrit centrifuge and 
digital reader 

Plastic heparinized microhematocrit tubes 

Sealing clay 

HemoCue control solution 

Disinfectant wipes for cleaning work area 


CAAHEP/ABHES STANDARDS 


CAAHEP Standards 
L.P.1.12. Perform Hematology Testing 


ae. 
a ABHES Standards 


¢ Perform selected CLIA-waived tests that assist with 
diagnosis and treatment: 2. Hematology testing 





Procedure 


1. Sanitize hands, allow them to dry completely, and 
apply gloves. 


2. Use the quality control material that is designed 
for this procedure and this instrument, and verify 
that the instrument is working correctly. Follow 
the manufacturer’s instructions for use and fre- 
quency of testing these quality control materials. 


3. Remove two heparinized microhematocrit tubes 
from the container, and set them on a piece of 
gauze in the work area. 


Rationale 


Gloves must be worn for any procedures in which 
exposure to blood or other potentially infectious 
materials is anticipated. 


The quality control material comes with a set of 
acceptable result ranges. There are materials avail- 
able to test at low, medium, and high levels of hema- 
tocrit results. Verify that the result is within the 
acceptable range for that level of control before 
performing patient testing. Document the result for 
this quality control material. 


The tubes need to be within easy reach for the next step 
of the process. Heparinized tubes must be used for 
capillary samples because the blood must be 
anticoagulated to avoid clotting within the tube. 





Continued 
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Procedure 13-2: CLIA-Waived Hematocrit Testing Using 


the StatSpin CritSpin Microhematocrit Centrifuge 
and Digital Reader—cont’d 








Procedure 


4, Perform a capillary puncture, using appropriate 
technique. Wipe away the first drop of blood. 


5. Hold the microhematocrit tube by the end with 
the color-coded band. Touch the opposite end of 
the tube to the drop of blood. The blood will 
enter the tube via capillary action. Fill the tube 
until the blood reaches the colored band at the 
opposite end. 


6. Remove the tube from the blood source, and tilt 
the tube until the blood is halfway between the 
colored band and the end of the tube. 





Rationale 


Appropriate capillary puncture procedure includes 
disinfection of the draw site, allowing the alcohol to 
dry, using an appropriate site, performing the punc- 
ture perpendicular to the fingerprints on the finger, 
and wiping away the first drop of blood that forms. 
This drop of blood is contaminated with interstitial 
fluid and if used for the analysis, can produce 
erroneous results. 


For best results, do not allow air bubbles to form in the 
tube. The tube should be filled to the colored band 


to allow for accurate reading of the results. 





This step is important to allow for room for the sealing 
compound at the end of the tube. 
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Procedure Rationale 


7. Hold the microhematocrit tube horizontally and __ If the microhematocrit tubes are not sealed in this way, 





10. 


push the end of the tube with the color-coded 
band into the sealing clay. Twist the tube and re- 
move from the sealing clay. Wipe away any excess 
blood that may have leaked from the opposite end 
of the tube. 


. Place the tube with the sealed end toward the 


outer rim of the rotor. 


. Repeat steps 5 through 8 with another microhe- 


matocrit tube. After it is placed in the rotor, screw 
the rotor cover in place securely. 


Holding the black knob in the center of the rotor, 
place it in the rotor holder in the centrifuge. 


bottom of the cells in the microhematocrit tube and 
press the “zero” on the reader. Then line up the 
pointer with the top of the plasma column and set 
the “100” status on the reader. The final reading is 
accomplished at the top of the red blood cell 
column. The result is displayed on the digital reader. 


the blood will leak out of the tubes during the spin- 


ning process. 





If the sealed end of the tube is not placed to the outer 


edge of the rotor, all the blood will leak out of the 


tube when it is spinning. 


There should always be two tubes spun for each result 


to verify the accuracy of the result. 


The rotor must be seated securely in place to avoid 


malfunction of the centrifuge. 


11. Close the cover on the centrifuge and start the cen- The time allowed for the centrifugation will vary by 
trifuge. The StatSpin CritSpin centrifuge requires method used. 
2 minutes to fully pack the cells in the microhema- 
tocrit tubes. 

12. When the rotor stops spinning, remove the rotor _—‘ The digital reader is an optional device. A circular or 
and place it in the digital reader. card reader may also be used to read the results. 

13. Line up the pointer on the digital reader with the — All three steps must be followed to allow for accurate 


reading of the hematocrit results. Note: If a digital 
reader is not available, line up the tube with the bot- 
tom of the red blood cell column at the “zero” line 
on a hematocrit reader card, after which the top of 
the plasma column is to be aligned at the “100” on 
the card. Read the hematocrit result at the top of the 
red blood cell column. 
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Procedure 13-2: CLIA-Waived Hematocrit Testing Using 


the StatSpin CritSpin Microhematocrit Centrifuge 
and Digital Reader—cont’d 








Procedure 


14. Record this result. 


15. Following the same procedure, read the hemat- 
ocrit result on the second tube. 


16. Remove the microhematocrit tubes from the rotor 
and dispose of them as biohazardous sharps. 


17. Clean and disinfect the work area, then remove 
gloves and sanitize your hands. 


18. Document the procedure in the patient’s chart if it 
is available. 


Date 


Rationale 


The result must be recorded before removing the 
rotor from the system, or going on to read the 
second tube. 


The results must be within 2% of each other for this to 
be a valid result. If they are not, the process must be 
repeated. Report the mean (average) of the two 
tubes read. 


Although these are plastic tubes, they should still be 
disposed of in a puncture-resistant container. 


The work area should always be cleaned after use to 
prepare it for the next user, and hands must always 
be sanitized after removing gloves. 


In a physician office laboratory, this procedure should 
be documented in the patient’ chart. If the 
medical assistant is working in a laboratory setting 
where the chart is not available, this step is not 
necessary. 








4/2/2012: 
09:50 aM. 





Hematocrit test performed. QC within range. Het 41% 


Connie Lieseke, CMA (AAMA) 





The required volume of blood for the hematocrit 
analysis is determined by following the procedure as 
written. 

The test may be affected if the timing or the speed of 
the centrifuge is insufficient. The cells will not pack at 
the bottom of the tube fully, which may cause the 
results to be falsely elevated. 

Inaccurate alignment when reading the result will 
cause errors. The employee must be careful to read 
only the red blood cell column, and to have the tube 
placed appropriately against the reading device for 
accurate results. 

If the sealing clay has not adequately filled the end of 
the tube, some of the blood will leak out during 
centrifugation and will affect the result. The end of the 


tube that is filled with clay is placed to the outside of 
the centrifuge so that the clay keeps the blood in the 
tube as the specimen is spun. 


e The hematocrit value may be inaccurate immediately 


after excessive blood loss or following transfusion. 
Excess plasma may be trapped between the red blood 
cells in macrocytic, hypochromic, or sickle cell ane- 
mias. The cells will not pack as well because of the area 
occupied by the trapped plasma. 





Test Your Knowledge 13-7 


What is used to create the layers in the blood sample in 
manual CLIA-waived hematocrit procedures? 
(Outcome 13-6) 
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THE RELATIONSHIP OF HEMOGLOBIN 
AND HEMATOCRIT VALUES 





Hemoglobin and hematocrit testing is often ordered 
together as H&H. To verify the validity of the results, 
it is important to compare the hematocrit and hemo- 
globin value of the patient’s sample. The hematocrit 
value is approximately three times that of the hemo- 
globin value in a normal specimen. The hemoglobin 
value multiplied times three should be within two of 
the hematocrit results. In addition, the hemoglobin 
value is about three times that of the red blood cell 
count. By checking these relationships each time these 
tests are performed, the medical assistant can verify 
that the samples are all from the same patient and that 
the test procedures were performed correctly. Lipemia, 
hemolysis, and other clinical conditions can make 
these comparisons inaccurate. If the sample results 
don’t fall within these parameters, the tests should be 
repeated. 


ANEMIA 





Anemia is a disorder characterized by the decreased 
oxygen-carrying capacity of the blood. The following 


three clinical scenarios may be evident with anemia: 


1. A decreased total red blood cell count 

2. A decrease in the hemoglobin content of each cell 

3. A dysfunctional abnormal hemoglobin content 
that is not capable of transporting oxygen as it 


should 


To treat anemia, practitioners will attempt to identify 
the cause. The problem may be chronic inadequate red 
blood cell production, red blood cell destruction or loss, 
or the inability of the bone marrow to react to blood loss 
adequately. Patients with anemia may exhibit signs of 
fatigue, pallor (pale skin), tachycardia (rapid heartbeats), 
or dyspnea (difficult breathing). Difficulty with concen- 
tration and memory issues may also be common symp- 
toms. These symptoms are all related to the decreased 
oxygen-carrying capacity of the blood, which starves the 
cells of the body. 





Test Your Knowledge 13-8 


Name the disorder where the oxygen-carrying capacity 
of the blood is reduced. (Outcome 13-9) 
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Diagnosis and classification of the type of anemia 
may be accomplished with physical examination results, 
patient history, and laboratory tests. Patients with ane- 
mia may have decreased red blood cell counts, hemoglo- 
bin concentrations, or hematocrit values. Some types of 
anemia exhibit low values in more than one of these 
parameters, whereas others may demonstrate only one 
abnormal result. Anemia is often characterized by red 
blood cell indices that are outside of the normal range as 
well as specific red blood cell morphology changes. 

Red blood cell morphology is observed on the stained 
blood smear utilized for the white blood cell differential 
by a trained laboratory technologist. Anisocytosis (red 
blood cells which appear in various sizes) and poikilocy- 
tosis (red blood cells which appear in various shapes) 
may be present. The red blood cells of anemic patients 
will appear abnormal, and may be microcytic, (small) 
macrocytic (large), or hypochromic (pale in color). 

Impaired red blood cell production may be idiopathic 
(cause unknown) or due to toxins or infection. Anemia 
may also occur when there is defective synthesis of the 
heme of the hemoglobin molecule. Acute or chronic hem- 
orrhage may cause anemia when the body is incapable of 
making enough cells to make up for the loss. Hemolytic 
anemia occurs with excessive lysis of the red blood cells in- 
travascularly. This can be the result of red blood cell mem- 
brane disorders, hemoglobin disorders, metabolic disease, 
chemical toxins, extensive burns, malaria, or autoimmune 
destruction of the erythrocytes. A few specific types of 
anemia are presented below: 


¢ Iron-deficiency anemia occurs when there is insuffi- 
cient iron available for adequate hemoglobin forma- 
tion. This is a hypochromic, microcytic anemia, as 
each cell has a reduced amount of hemoglobin. Iron 
deficiency may be caused by many situations: the 
body’s supply of iron may be low, the absorption of the 
iron may be impaired, or the demand may be high. As 
our body breaks down old red blood cells, most of the 
available iron present in the system is in the tissue 
macrophage/reticuloendothelial tissue of the spleen. 
Dietary iron is absorbed in the small intestines. 
Clinical features of iron deficiency anemia may in- 
clude sores on or a burning sensation of the tongue, 
ulcers at the corner of the mouth, “pica” (craving for 
dirt or ice), or chronic gastritis. “Milk anemia” is often 
a cause in 6- to 24-month-old children, as their diet 
may not contain sufficient iron. Other causes may in- 
clude gastrectomy (total or partial) or prolonged treat- 
ment of peptic ulcers or acid reflux. Rapid growth 
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during childhood and increased red blood cell produc- 
tion during pregnancy may be causes as well. 
Aplastic anemias result from decreased hematopoiesis 
in the bone marrow that leads to decreased red blood 
cell production. Only the red blood cells can be af- 
fected (erythropoiesis) or all blood cell production 
can be decreased. Radiation, medications, chemicals, 
or viral infections may be the cause. Chemotherapy 
agents and radiation treatment for cancer are exam- 
ples. In most cases, no specific reason for the decreased 
production of red blood cells is determined. The red 
blood cell count will be low, and the red blood cell 
morphology may show anisocytosis and poikilocyto- 
sis. If platelet formation is decreased in addition to the 
low number of red blood cells, bleeding gums and 
nosebleeds may also be apparent. 

Pernicious anemia results from inadequate secretion 
of intrinsic factor by the parietal cells of the stomach 
lining. Intrinsic factor is necessary for absorption of 
vitamin B,,, which is necessary for red blood cell for- 
mation in the bone marrow. The symptoms of perni- 
cious anemia may include pallor, slight jaundice (pale 
yellow skin), tongue sores, and tingling feelings in the 
extremities. The red blood cells of the circulating 
blood are often macrocytic. Autoantibodies to intrin- 
sic factor may be present. The defective absorption of 
B,, may also be associated with celiac disease, malnu- 
trition, or inflammatory disease of the small intestines. 
Patients with pernicious anemia who lack the intrinsic 
factor will need to receive B,, injections regularly to 
meet the body’s needs. 

Sickle cell anemia is caused by a hemoglobinopathy. 
These patients are homozygous for Hb S; the majority 
of their hemoglobin is the S variant. The red blood 
cells of patients with sickle cell anemia are misshapen; 
they appear crescent or sickle shaped. The red blood 
cells are destroyed because of their abnormal shape 
during changes in oxygen tension, The Hb S also 
causes the cells to be more rigid, which increases their 
rate of destruction as they try to squeeze through 
capillaries. 

Sickle cell disease causes splenomegaly (an enlarged 
spleen), as blood pools in the spleen. Patients’ hands 
and feet are sometimes swollen, and patients have in- 
creased chance of infection and exhibit joint pain. The 
abnormally shaped red blood cells become stuck in the 
blood vessels, causing pain and poor delivery of 
oxygen to tissues. The red blood cell morphology will 
include sickle and target cells if examined under the 
microscope. 





“a 
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Test Your Knowledge 13-9 

What laboratory tests may be ordered by a physician 
to verify whether a symptomatic patient may be 
anemic? (Outcome 13-8) 








cr 








Test Your Knowledge 13-10 


List four examples of specific anemias. (Outcome 13-10) 





—————— 











SUMMARY 


Hemoglobin in the erythrocytes is the molecule to 
which oxygen attaches and travels in the blood to 
every cell in the body to be available for energy pro- 
duction. The normal hemoglobin of adults is desig- 
nated as Hb A. The hemoglobin concentration can be 
measured by analyzers spectrophotometrically, by 
measuring color change accomplished as the hemo- 
globin in the red blood cells is changed to cyanmethe- 
moglobin. The type of hemoglobin present in cells 
can be identified by hemoglobin electrophoresis per- 
formed in reference or hospital laboratories. 

The hematocrit is the amount of space occupied 
by red blood cells as compared to the whole sample, 
expressed as a percentage. Hematocrit values can be 
calculated by automated analyzers or directly read 
from a hematocrit tube after spinning in a centrifuge. 
The hemoglobin and hematocrit tests are the most 
frequently ordered procedures used to monitor the 
oxygen-carrying capacities of the body. If these values 
are below the normal reference range, anemia is sus- 
pected, and health-care professionals will use addition 
information to plan a course of treatment. Anemia is 
diagnosed by the history and physical examination 
of the patient, as well as laboratory test results. The 
results of laboratory tests that describe the volume 
and other characteristics of erythrocytes are used to 
classify the type of anemia present and establish a 
course of treatment. 








TIME TO REVIEW 


1. A degradation product of hemoglobin is: Outcome 13-1 


. Anisocytosis 

. Intrinsic factor 
. Bilirubin 

. Polycythemia 


an op 
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from the tissues can Outcome 13-1 
contaminate hemoglobin or hematocrit specimens 
and decrease the result. 


a. Anemia 
b. Interstitial fluid 
c. Intrinsic factor 


d. Erythropoiesis 


. Hemoglobin is made of chains Outcome 13-2 


of globin and four molecules of: 


a. Heme 

b. Sodium 

c. Cyanmethemoglobin 
d. Urobilinogen 


: attaches to the Outcome 13-2 

hemoglobin and travels from higher oxygen concen- 
tration levels in the lungs to the cells of the body 
with increased oxygen need. 
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10. Anemia may be the result of: Outcome 13-9 


a. Excessive blood loss 

b. Inadequate red blood cell production in the 
bone marrow 

c. Abnormal hemoglobin molecule structures 


d. All of the above 


11. Name the anemia caused by Outcome 13-10 


an insufficient iron supply in the body. 


a. Hemolytic anemia 
b. Iron-deficiency anemia 
c. Pernicious anemia 
d. Sickle cell anemia 


12. A substantial decrease in red blood 
cell production may lead to a(n) 


Outcome 13-10 


a. Iron-deficiency 
b. Aplastic 


c. Pernicious 


anemia. 


d. Sickle cell 





a. Iron 
b. Vitamin B,, 
c. Glucose 

5. The type of hemoglobin normally Outcome 13-3 ss ' Realilecn isha 
seen in adults is : A 35-year-old male patient came to the medical office 
es HbA with complaints of being weak, lethargic, and unable 
b. HbC to focus on tasks. The health-care provider assessed the 

: symptoms and ordered a hemoglobin and hematocrit 

c. Hb F test to be performed. The results were Hgb 12.3 g/dL 
d. Hb S and Hct 38%. 

6. Hemoglobin analyzers determine Cucae tas Based on the result, the physician ordered another 
hemoglobin concentration by using: blood draw for iron studies. 
a. Electrophoresis 1. What disorder was indicated by the results? 
b. Spectrophotometry 2. Why did the physician order the iron studies? 
c. Centrifugation 
d. Visual examination of the cells 

7. Restate the adult reference ranges Outcome 13-8 RESOURCES AND SUGGESTED READINGS 
for hemoglobin and hematocrit testing. Hemoglobal organization; details about thalassemia http:// 

& Packed <All valameies Pileean tae www.hemoglobal.org/whatisthalassemia.html 

Mayo Clinic information about anemia http://www. 

synonym for mayoclinic.com/health/anemia/DS00321 
a. Hemoglobin Information about the various HemoCue testing instruments 
b. Hematocrit http://www. HemoCue.com 
c. Sickle cell trait 
d. Polycythemia 

9. List the layers of the blood sample Outcome 13-6 


of a spun hematocrit. 
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Chapter 14 





Erythrocyte Sedimentation Rate 
Nikki A. Marhefka, EdM, MT(ASCP), CMA (AAMA) 





CHAPTER OUTLINE 

Erythrocyte Sedimentation Rate Potential Sources of Error for the Erythrocyte 
Plasma Proteins Affecting the Erythrocyte Sedimentation Rate Procedure 
Sedimentation Rate Summary 

The Influence of Red Blood Cells on the Erythrocyte Time to Review 

Sedimentation Rate Case Study 

Reference Ranges Resources and Suggested Readings 


Clinical Significance of Erythrocyte Sedimentation 

Rate Testing 

Erythrocyte Sedimentation Rate Determination 
CLIA-Waived Erythrocyte Sedimentation Rate Methods 
Automated Erythrocyte Sedimentation Rate Methods 





Lea rning Outcomes After reading this chapter, the successful student will be able to: 





14-1 Define the key terms. 14-5 List the pathological and nonpathological states 
14-2 Analyze the effect of plasma proteins on erythro- that may exhibit an increased sedimentation rate. 
cyte sedimentation rates. 14-6 Describe the CLIA-waived testing methods for 
14-3 Describe the effects of abnormally shaped red the erythrocyte sedimentation rate. 
blood cells in normal and abnormal erythrocyte = 14-7 Correctly perform an erythrocyte sedimentation 
sedimentation rates. rate. 
14-4 Recognize normal reference ranges for erythro- 14-8 Highlight procedural errors that can cause 
cyte sedimentation rates for males and females. erroneous erythrocyte sedimentation rate results. 





CAAHEP AND ABHES STANDARDS 


Ms. 
ay CAAHEP 2008 Standards @ ABHES 2010 Standards 
1.P.1.12: Anatomy and Physiology: Perform Hematology Medical Laboratory Procedures; Perform selected CLIA- 
Testing waived tests that assist with diagnosis and treatment; 
1.C.1.6: Identify common pathology related to each body #2: Hematology Testing 
system 


303 
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KEY TERMS 
Albumin Fibrinogen Rouleaux 
Aliquot Globulin Wintrobe 
Erythrocyte sedimentation rate Inflammation Westergren 
(ESR, sed rate) Pipette 


he erythrocyte sedimentation rate is one of the 

oldest laboratory tests still performed today. The test 
provides a measurement indicating how far the red blood 
cells settle in a specimen over a given period of time. The 
proteins present in the plasma and the specific conditions 
of the red blood cells in the specimen influence this 
rate. The erythrocyte sedimentation rate test may be 
performed using automated methods in hospital and ref- 
erence laboratories or using CLIA-waived manual meth- 
ods, which may be performed in any laboratory. The 
presence of inflammation (the protective reaction of the 
body’s tissues to injury or irritation), acute or chronic 
infection, or neoplasms may be characterized by elevated 
ESR results. However, normal physiology may also cause 
the erythrocyte sedimentation rate to be elevated. 


ERYTHROCYTE SEDIMENTATION RATE 





The erythrocyte sedimentation rate (also known as the 
ESR or sed rate) is used (in addition to other more spe- 
cific laboratory tests and patient history) to screen for in- 
flammatory processes in the body. The results of an ESR 
are nonspecific; an abnormal result does not provide in- 
formation about the type or cause of the inflammation, 
but only that it is present. In most situations, an EDTA 
(lavender top) anticoagulated venous blood sample is 
used for the test. (Some test methods require a different 
type of tube, specified later in the chapter.) A long, hol- 
low, plastic tube (pipette) is filled with blood (an 
aliquot) which has been diluted with a citrate or saline 
solution, and the tube is placed upright on a stable, 
vibration-free, level surface. Gravity causes the red blood 
cells to settle out of solution and fall to the bottom of the 
pipette. After 1 hour, the amount that the red blood cells 
settled is measured in millimeters. The results of the ESR 
are reported in millimeters per hour (mm/hr). 





Test Your Knowledge 14-1 


What is measured by the erythrocyte sedimentation rate? 
(Outcome 14-1) 





PLASMA PROTEINS AFFECTING THE 
ERYTHROCYTE SEDIMENTATION RATE 





Blood plasma normally contains the proteins known 
as albumin, globulin, and fibrinogen. Inflammatory 
processes or infection may cause an increase in the levels 
of globulin and fibrinogen in the body. When these pro- 
tein levels are elevated, this will increase the value of the 
erythrocyte sedimentation rate. Elevated amounts of 
globulin and fibrinogen decrease the negative charge on 
the surface of the red blood cells, which means that the 
cells are not as repelled from one another as they would 
be normally. This causes the cells to become somewhat 
“sticky,” allowing the red blood cells to stack on top of 
one another like coins (Fig. 14-1). This configuration is 
known as rouleaux formation. Rouleaux are not uncom- 
mon occurrences, but the increase in plasma protein 
concentrations will cause it to become more pro- 
nounced. The increased rouleaux will cause the ESR 
result to be elevated because these stacked cell forma- 
tions fall faster than single cells. The plasma proteins 
influence the settling most when the patient’s hematocrit 
is between 30% and 40%. 





Rouleaux formation. Note how the red blood 
cells “stack” on top of one another, resembling stacks of coins. 
From the College of American Pathologists, with permission. 


Figure 14-1 


Pl om) 2:1872:32 
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( Test Your Knowledge 14-2 


What happens to the red blood cells in the rouleaux 


formation? (Outcome 14-1) 
= 4 








~ 


( Test Your Knowledge 14-3 


What plasma proteins contribute to the formation of 
rouleaux when increased in concentration? 
(Outcome 14-2) 
y 


y 








~ 


Test Your Knowledge 14-4 


Why do red blood cells in rouleaux formation settle 
faster than single red blood cells? (Outcome 14-3) 
_4 








3 





THE INFLUENCE OF THE RED BLOOD 
CELLS ON THE ERYTHROCYTE 
SEDIMENTATION RATE 





When the ratio of red blood cells to plasma is lower than 
normal, the potential for rouleaux formation increases 
and will increase the speed that the red blood cells settle. 
For example, someone with anemia may have an ele- 
vated erythrocyte sedimentation rate, because his sample 
has fewer red blood cells as compared to the total sample 
volume than would be present normally. The presence of 
macrocytes (large cells) in the specimen will also cause 
the ESR to be greater than normal. 

Erythrocyte sedimentation rates below the normal 
range may be present when the sample has a lot of 
microcytes (small red blood cells) or spherocytes (small, 
dense red blood cells) present. Sickle cells will also cause 
a decrease in the ESR, as the cells do not stack together 
as they would normally, so they will not settle out as 
expected. Patients with polycythemia will demonstrate a 
decreased erythrocyte sedimentation rate because of the 
excess number of red blood cells. Excessive leukocytosis 
(as in the case of chronic myelogenous leukemia) will 
also cause a decreased ESR result. 
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When the ESR values are out of the normal range 
because of the sizes or shapes of the red blood cells, the 
results may not change rapidly with treatment. Red 
blood cells live for approximately 120 days in the circu- 
lation, and the ESR result will not be significantly 
changed until the red blood cells present in the body 
have been replaced by healthy cells. It also takes time for 
the protein levels in the blood to change significantly 
with treatment. This means that the erythrocyte sedi- 
mentation rate is used more often for initial screening 
for inflammation or infection than it is to monitor the 
immediate effects of treatment. 


REFERENCE RANGES 





The normal reference ranges for the ESR vary by gender 
and by age. This is partly caused by the difference in the 
normal number of circulating red blood cells for men 
and women. The reference ranges are also elevated in 
adults over the age of 50. The normal reference ranges 
are listed in Table 14-1. 





Test Your Knowledge 14-5 


List normal ESR values for men and women younger than 
the age of 50. (Outcome 14-4) 





CLINICAL SIGNIFICANCE OF ERYTHROCYTE 
SEDIMENTATION RATE TESTING 





Inflammatory processes and acute infection with tissue 
breakdown increase the amount of fibrinogen and 
globulins present in the bloodstream. These proteins will 
interact with the red blood cells and cause the erythro- 
cyte sedimentation rate to be elevated. The ESR can be 
used to diagnose a disease or condition, monitor an 
ongoing disease process or treatment, or assist with a dif- 
ferential diagnosis in certain disorders. For instance, the 
ESR will be elevated when a patient has recently experi- 
enced a myocardial infarction, but will not be elevated 
with angina pectoris. The ESR is not as sensitive to 


TABLE 14-1 


Male 


Younger than 50 years of age 


Reference ranges for the Westergren erythrocyte sedimentation rate 


Less than 15 mm/hr 


Female 


Less than 20 mm/hr 





Older than 50 years of age 


Less than 20 mm/hr 


Less than 30 mm/hr 








Older than 85 years of age 


Less than 30 mm/hr 





Less then 40 mm/hr 
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changes in treatment as some other laboratory tests may 
be, but it still may be used to monitor treatment over an 
extended period of time. 

It is important to remember that nonpathological 
issues may also cause the ESR to appear elevated. Preg- 
nancy is a normal physiological process that will exhibit 
an elevated ESR. By the 12th week of pregnancy, the 
ESR result will have increased above the normal range, 
and will remain so through the first month postpartum. 
Women who are menstruating may also have an elevated 
erythrocyte sedimentation rate. 

The disorders of polymyalgia rheumatica (an inflam- 
matory condition of the muscles) and temporal arteritis 
(inflammation and damage to the blood vessels that 
supply the head) are the only two disease conditions 
for which an elevated ESR is the primary means of diag- 
nosis. The test may also be used (in addition to other clin- 
ical information and laboratory tests) to evaluate septic 
arthritis, pelvic inflammatory disease, and appendicitis. 
Rheumatoid arthritis, chronic infection, collagen disease 
(systemic lupus erythematosus [SLE]), and certain neo- 
plasms (especially prostate or kidney cancer) are character- 
ized by increased ESR results. Erythrocyte sedimentation 
rates may be used to the monitor the efficacy of therapy in 
osteomyelitis. The ESR results may be misleading in 
patients with osteoarthritis, as these patients may have 
ESR results within normal range even with the presence of 
inflammation in the joints. The ESR results may also 
offer valuable information to help determine the risk asso- 
ciated with coronary artery disease. 


Test Your Knowledge 14-6 


If an ESR is elevated, what process is occurring in the 
body? (Outcome 14-5) 
S 4 








POINT OF INTEREST 14-1 

w Seditainer procedure 
Becton, Dickinson has created the Seditainer system, 
a unique setup for the erythrocyte sedimentation pro- 
cedure. It is designed to measure the erythrocyte sed- 
imentation rate without transferring the blood to a 
separate tube. This eliminates the potential for expo- 
sure to blood products while transferring the speci- 
men, as well as the possibility of adding bubbles to 
the specimen during the ESR setup. In the Seditainer 
system, the evacuated tubes used for drawing blood 
during the venipuncture have a black top, and they 
contain 1.25 mL of a sodium citrate solution. The 








tube needs to be filled to the point at which the 
vacuum is exhausted, and the specimen needs to be 
well mixed. The tube is placed in a special Seditainer 
stand, and the knob on the stand is used to adjust the 
top of the blood column to the “0” level. Each spot 
in the Seditainer stand is marked with a scale used to 
read the ESR level at the end of 1 hour. The tubes are 
then discarded without ever being opened. 











ERYTHROCYTE SEDIMENTATION 
RATE DETERMINATION 





There are two methods used for performing the ESR. 
The oldest method is the Wintrobe method. To perform 
the Wintrobe ESR, well-mixed blood from a tube con- 
taining EDTA anticoagulant is transferred directly to a 
Wintrobe tube using a pipette with a long, slim end. The 
Wintrobe tube is short, with graduated markings up to 
100 mm. The ESR result is read after the sample has 
been allowed to sit undisturbed for 1 hour. It is impor- 
tant that the ESR is not vibrated or disturbed during the 
time that the test is performed. 

The Wintrobe method is not used as widely as is the 
Westergren method. The Westergren method involves 
the dilution of the EDTA-anticoagulated blood with a 
sodium citrate solution or saline before the blood is 
added to the pipette. The Westergren pipette is also 
smaller in diameter and taller than the Wintrobe tube. 

Most offices use a CLIA-waived modified Westergren 
method that uses a “closed system,” allowing the blood 
to be added to the pipette with a minimal amount of 
exposure to the specimen for the employee. The test is 
performed on an EDTA-anticoagulated venous blood 
sample. A specified amount of room-temperature, well- 
mixed blood is diluted with a premeasured citrate solu- 
tion and introduced into a hollow column. The column 
is marked off into millimeters for ease of reading the 
results. The top of the sample must be at the “0” mark 
when the timing is started as a point of reference. The 
column is placed in a rack so that it is exactly level, and 
timing begins immediately. The column must not be dis- 
turbed during the timing process, and the specimens 
must be kept out of direct sunlight. At exactly 1 hour, the 
top of the red blood cell column is noted. The ESR result 
is documented as the millimeters per hour that the cells 
have settled. The result is compared to the reference 
ranges for the patient, based on gender and age. 

During the 60 minutes of the testing process, the set- 
tling of the red blood cells occurs in three stages. The first 
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stage takes place within the first 10 minutes of the testing 
period. Rouleaux formation (the stacking of red blood 
cells) is beginning to occur so there is little sedimenta- 
tion, even in abnormal samples. The second stage occurs 
in the next 40 minutes, during which there is a constant 
rate of settling as the rouleaux are set up (if present). The 
“stacks” of cells fall rapidly during this time because of the 
increased volume to surface area. The final stage occurs in 
the last 10 minutes of the testing process. At this time the 
settling is slowing as the cells are forming the packed cell 
volume at the bottom of the column. 


CLIA-Waived Erythrocyte 
Sedimentation Rate Methods 


There are various modified Westergren ESR systems 
available for use in the laboratory. Sediplast (manufac- 
tured by Polymedco) is one of the most common kits. 
An EDTA-anticoagulated venous blood sample of 0.8 
mL is pipetted into a vial containing 0.2 mL of 3.8% 
sodium citrate diluting solution. The vial is then gently 
inverted to mix and placed into the accompanying rack. 
A 100-mm marked tube is gently pushed into the vial 
until it sits on the bottom of the small vial containing 
the blood. The tube is designed for autozeroing, as the 
blood mixture will reach the “O” mark and any extra 
will enter into an overflow area. The timing must begin 
immediately and continue for exactly 60 minutes. The 
sedimentation rate in mm/hr is read at the top of the red 
blood cell column. This closed system minimizes poten- 
tial exposure to the sample while setting up the proce- 
dure and also prevents the potential for splashing when 
disposing of the setup after testing. This process is 
expanded and detailed in Procedure 14-1. 


wy 


The erythrocyte sedimentation rate is elevated when 
inflammation occurs within the body. However, the 
ESR does not react quickly when inflammation first 
starts, and the result does not change immediately 
when treatment begins. The C-reactive protein 
(CRP) is also elevated with systemic inflammation 
processes in the body. The CRP is also known as an 
acute phase protein. The level of the CRP is elevated 
with infection, cardiovascular disease, and the forma- 
tion of atherosclerosis. Because the level of CRP is 
affected immediately with treatment that reduces 
inflamation, this test may be a better choice than the 
ESR with which to monitor a course of treatment. 





POINT OF INTEREST 14-2 
The C-reactive protein 
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Although the Wintrobe method is not used as often 
as is the modified Westergren method, the Wintrobe 
method is still a CLIA-waived procedure carried out 
some laboratories. The Wintrobe method requires a 
special pipette to add the specimen to the tube used for 
the test, and the method is not considered as safe for the 
employee because it provides an opportunity for more 
potential exposure to bloodborne pathogens as the blood 


is added to the tube. 





Test Your Knowledge 14-7 


List two CLIA-waived ESR procedures. (Outcome 14-6) 





Automated Erythrocyte 
Sedimentation Rate Methods 


For laboratories that perform high volumes of testing, 
there are automated ESR analyzers available. These in- 
struments automatically perform the dilutions (if neces- 
sary), set up the ESR tubes, and have internal readers 
that detect the color change present at the top of the red 
blood cell column when the designated time has passed. 
Some determine the ESR in less than the 60 minutes 
required for the manual methods. Polymedco makes the 
Sedimat and the Sedten analyzers. The Ves-matic, man- 
ufactured by Diesse, uses the EDTA lavender top tube 
directly to perform the ESR measurement. Many of 
these analyzers are capable of processing multiple ESR 
tests at one time. 


POTENTIAL SOURCES OF ERROR FOR 
THE ERYTHROCYTE SEDIMENTATION 
RATE PROCEDURE 





The ESR test must be performed very carefully; proce- 
dural errors will directly affect the results. The first 
consideration is the collection of the blood sample to 
be used. If the blood is allowed to clot, the ESR will be 
falsely decreased because the fibrinogen in the sample 
will be used forming the blood clot. Samples will 
ideally be used for the ESR within a few hours of the 
blood draw. Most laboratories state that the sample 
may be used for the test if it is kept at room tempera- 
ture (20° to 25°C) for up to 24 hours. Refrigeration 
may cause irreversible changes in the way the cells 
interact in the sample, so the process must occur 
within 12 hours if the sample is refrigerated. The 
blood must be at room temperature at the time the test 
is performed. 
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Procedure 14-1: Perform CLIA-Waived Sediplast Westergren Erythrocyte 


KTellsahieliclaM ce hic 





Erythrocyte sedimentation rates are one of the oldest, 
easiest, and least expensive testing procedures per- 
formed in laboratories. The Westergren method is the 
most common CLIA-waived manual system employed. 


TASK 


Perform an erythrocyte sedimentation rate using the 
Sediplast system, and read and record the results 
correctly. 


CONDITIONS 
e Hand-washing supplies and/or alcohol-based hand 


sanitizer 

* Disposable gloves 

* Sediplast Modified Westergren ESR reservoir tube, 
pipette, and rack 

e Lavender top (EDTA) tube filled with blood 


¢ Biohazardous disposal bag 

¢ Face shield and laboratory coat 
¢ Transfer pipette 

¢ Test tube rack 


CAAHEP/ABHES STANDARDS 


ey CAAHEP 2008 Standards 


1.P.1.12 Anatomy and Physiology; Perform Hematology 
Testing 


@®. 
@ ABHES 2010 Standards 


¢ Medical Laboratory Procedures, b. Perform selected 
CLIA-waived tests that assist with diagnosis and 
treatment; 

e #2: Perform Hematology Testing 





Procedure 


1. Sanitize hands (allow them to dry), then apply 
gloves, laboratory coat, and face shield. 


2. Gather testing supplies. Check the expiration of 
the ESR kit components. Verify that the necessary 
quality control has been performed prior to testing 
the patient sample. 


3. Verify the test ordered and that the sample is 
appropriately identified. 


4, Verify that the EDTA tube is at room temperature. 


5. Invert the EDTA tube 8 to 10 times to mix the 
sample. 


6. Carefully remove the rubber stopper on the top of 
the EDTA blood tube. Avoid aerosol formation by 
removing the top slowly. Place the stopper top 
down on the tabletop, and place the blood tube in 
a test tube rack. 





Rationale 


Gloves must be worn for any procedures during which 
exposure to blood or other potentially infectious 
materials is anticipated. This procedure has an 
increased risk for exposure to blood products, so a 
laboratory coat and face shield should also be worn. 


Expired products must never be used for testing. 
If the required quality control has not been 
performed, this needs to be accomplished (and the 
results verified) before the patient test results are 
reported. 


The test and patient identity should always be verified 
before any testing procedure is started. 


The blood must always be at room temperature for the 
ESR test result to be valid. 


The specimen must be well mixed or it will provide 
erroneous test results. 


If the stopper is removed too quickly, a fine “mist” of 
blood may be released, increasing the potential for 
exposure. 
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Procedure 


7. Remove the pink cap from the prefilled reservoir 
vial provided with the test kit. Be careful not to 
spill any of the solution. 


8. Using the transfer pipette, add blood to the reser- 
voir vial until it reaches the fill line. Avoid bubbles 
or air spaces in the reservoir vial. Recap the EDTA 


blood tube. 


9. Replace the pink cap on the reservoir vial and 
invert fully at least 8 times. 


10. Place the vial in the rack on a level surface. Insert 
the marked ESR pipette through the pink cap and 
push down until it comes to the bottom of the 
vial. The blood will rise to the “O” mark within 
the ESR pipette, and any excess blood will enter 
the overflow reservoir. 


11. Make certain that the rack is in a place where it 
will not be disturbed and where it is not in direct 
sunlight. Set a timer for 1 hour. 


Rationale 


The proper amount of diluent in the tube is vital for 
the dilution factor to be correct and the results to be 


valid. 


It is important to add the necessary volume of blood to 
the diluent to allow for the correct dilution 
ratio and to provide enough specimen for an 
accurate ESR reading. 


The specimen must be mixed thoroughly with the dilu- 
ent for the results to be accurate. 


The blood must reach the “O” mark or the test will not 
be valid. This process should be accomplished fairly 
slowly to make certain that the blood reaches the 
top of the ESR pipette. 


Vibrations, movement or direct sunlight may affect the 
ESR results. A timer is necessary for appropriate 
timing of the procedure. 








Courtesy of Fisher HealthCare, Inc. 


Continued 
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Procedure 14-1: Perform CLIA-Waived Sediplast Westergren Erythrocyte 


Sedimentation Rate—cont’d 








Procedure 


12. After 1 hour, note the number at the top of the red 
blood cell column. This will be in mm marked on 
the side of the ESR tube. Note this number as the 
result in mm/hr, and document the result on the 
log sheet or the patient’s chart. 


13. Dispose of the ESR setup and the transfer pipette 
in the biohazardous garbage. Disinfect the work 
area. 


14. Remove gloves and sanitize hands. Remove face 


shield. 








Rationale 


The marks should be relatively easy to read, and are 
read from the top of the pipette down. 









—~<— Stopper and 
absorbent material 


~<— Plasma/saline solution 
—~—-Read result 
at this point 


~<— Blood cells 


100 





There is blood in the transfer pipette and the ESR 
setup, so both must be disposed of in the biohaz- 
ardous garbage. 


Hands must always be sanitized after removing gloves. 
The face shield is not necessary for all procedures, so 
should be removed until needed again. 
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Procedure 


15. Document the ESR results in the patient’s chart if 
not completed previously. If necessary, also log the 
lot number and expiration of the kit components 
on the log sheet. 


Date 


Rationale 


All procedures must be appropriately documented in 
the patient’s chart. 





1/18/2020: ESR 22 mmlfhr. 











7100 a.m. 





Connie Lieseke, CMA (AAMA) 





The tube of venous blood must be well mixed so that 
the aliquot removed for the test is representative of the 
sample. Before removing the blood for the test, the tube 
is gently inverted at least eight times. After the blood 
is added to the diluent, adequate mixing is again imper- 
ative. When reading the results, if there is not clear 
definition at the top of the red blood cells in the plasma, 
the result is to be read at the point when there is a 
definitive border to the red blood cells in the column. 

There can be no bubbles in the column of blood or 
diluted blood. The tube (column) must be exactly verti- 
cal during the testing process, so the holding rack into 
which it is placed must be level as well. Many of the 
racks come with leveling devices at the corners so that 
this can be verified. Movement (such as vibrations) can 
alter the results, so it is important that this test is not 
performed on a counter next to a centrifuge or a printer. 
The timing must be exact for accurate readings, so a 
timer is usually employed rather than a watch or a clock. 





Test Your Knowledge 14-8 


List two testing procedure errors that can affect the value 
of the ESR. (Outcome 14-7) 


S 














SUMMARY 


The erythrocyte sedimentation rate is a test that 
screens for the presence of inflammation. The ESR 
results can be altered as a result of infection, autoim- 
mune disease, or growth of neoplasms in the body. 
With inflammation, there is a change in the levels of 
plasma proteins with an increase in fibrinogen and 
some globulins. This protein change can cause the red 
blood cells to form excessive rouleaux, which settle 
out of solution faster than do single red blood cells. 
The observance of this sedimentation of red blood 





cells in 60 minutes constitutes the test procedure. The 
CLIA-waived procedures include manual Westergren 
and Wintrobe methods. There are also automated 
testing systems available for laboratories that perform 
a high volume of testing or desire the results in less 
than 1 hour. The erythrocyte sedimentation rate is 
used as a tool to aid in diagnosis, monitor disease 
process, follow treatment, and assess prognosis of 
certain disorders. 











TIME TO REVIEW 


1. Rouleaux formation is: Outcome 14-1 


a. An abnormal collection of proteins in the circulat- 
ing blood 

b. The test for inflammation 

c. A group of red blood cells stacking together like 
coins 


d. None of the above 


2. Examples of proteins that Outcome 14-2 
are increased in the plasma when the sedimentation 
rate is elevated include: 


a. Albumin and fibrinogen 
b. Fibrinogen and globulins 
c. Globulins and albumin 
d. Globulin and tyrosine 


3. A 30-year-old male patient Outcome 14-4 
has an ESR of 38 mm/hr. The result of this test for 
this patient is 





a. Within the reference range for the patient’s 
gender and age 

b. Elevated for the patient’s gender and age 

. Within range for his age, but not his gender 

d. Below the reference range 


fo) 
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4, An 87-year-old woman has a Outcome 14-4 


sedimentation rate of 38 mm/hr. The result for this 
patient is because of this patient’s gender 
and age. 

a. Normal 

b. Elevated 

c. Elevated 

d. Decreased 


. An elevated ESR indicates the 
presence of: 


Outcome 14-5 


a. Inflammation 
b. Erythropoiesis 
c. Albumin 

d. Renal disease 


. A/an anticoagulated Outcome 14-6 
venous blood sample is used for the erythrocyte 
sedimentation rate. 


a. Citrate 
b. Heparin 
c. EDTA 
d. Fluoride 


. True or False: Westergren and Outcome 14-6 
Wintrobe are CLIA-waived erythrocyte sedimentation 
procedures. 


is measured to determine the — Outcome 14-7 


ESR value. 


a. The ratio of proteins in the blood 

b. The rouleax formation of red blood cells 

c. The settling of the red blood cells 

d. The presence of red blood cells in the bone 
marrow 


. Examples of potential errors when Outcome 14-8 


performing an ESR include: 


a. Insufficient sample added to diluent 

b. Insufficient mixing of sample and diluents 
c. Reading result at 50 minutes 

d. All of the above 


Case Study 14-1: Cutting corners 


Margaret Lindon is a new employee, and she was 
nervous on her first day alone in the laboratory. One 
of the first orders she received was to collect a specimen 
and perform an ESR test. She had been trained on this 
procedure the week before, and remembered that it was 
not very difficult. The requisition indicated that a laven- 
der top tube was to be drawn, and Margaret knew 
where the ESR supplies were kept. As Margaret was col- 
lecting the blood sample, the blood flow stopped, and 
she could not get it to continue. She discontinued the 
blood draw with a partial lavender top tube filled. 

After the patient left, Margaret began to set up the 
ESR test. She added the blood to the reservoir tube con- 
taining the citrate solution, but realized that she did not 
have quite enough specimen to fill it to the required 
line. She inserted the ESR pipette, and the blood-citrate 
solution came almost to the top of the pipette, but 
was shy by a few millimeters. After 1 hour, Margaret 


read the results of the ESR, and reported out that it was 
28 mm/hr. 


1. Was the correct specimen drawn for the ESR order? 
2. What were the potential sources of error for this 
scenario? Was this result of 28 mm/hr a valid result@ 





RESOURCES AND SUGGESTED READINGS 


“Polymedco Products” 
Information about the various clinical diagnostic test kits 
and educational materials provided by Polymedco. http:// 
www.polymedco.com/products-pages-7.php 

“Diesse USA Product Line” 
Products from Diesse USA including an ESR system. 
http://www.diesse-usa.com/products. html 
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Chapter 15 





Coagulation Studies 





Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 


CHAPTER OUTLINE 


Purpose of Coagulation Studies 
Mechanisms of Blood Clotting 
Disorders Diagnosed or Monitored With 
Laboratory Coagulation Tests 
Thrombosis 
Atrial Fibrillation 
Postsurgical Prophylaxis 
Disseminated Intravascular Coagulation 
Thrombocytopenia 
Antiphospholipid Syndrome 
Hemophilia 
Laboratory Tests Used to Diagnose Coagulation 
Disorders or Monitor Anticoagulant Therapy 
Prothrombin and International Normalized Ratio 
Activated Partial Thromboplastin Time/Partial 
Thromboplastin Time 


Platelet Count 

Fibrinogen 

Fibrin Degradation Products 

D-dimer 

Bleeding Time Test 

Other Tests Used to Assess Platelet Function 
Specimen Requirements for Coagulation Testing 
Summary 
Time to Review 
Case Study 
Resources and Suggested Readings 





Learning Outcomes 


After reading this chapter, the successful student will be able to: 





15-1 
15-2 
15-3 
15-4 


15-5 


15-6 


15-7 


Define the key terms. 

Explain the purpose of coagulation studies. 
Describe the process of coagulation. 

Compare the formation of a thrombus to that 
of an embolus. 


Compare and contrast the disorders diagnosed 
or monitored with laboratory coagulation 
testing. 

Examine how the prothrombin test and INR 
calculation are used together to monitor coag- 
ulation status for a patient. 


Successfully perform a CLIA-waived PT/INR 
test. 


15-8 


15-9 


15-10 


15-11 
15-12 


15-13 


Explain appropriate use of a PTT test for 
monitoring coagulation. 


Evaluate the use of platelet counts in coagula- 
tion testing. 

Explain why bleeding time tests are not 
performed as frequently as PT and PTT tests. 
Describe other tests of platelet function. 


List other coagulation tests that may be 
ordered. 


List the requirements for coagulation specimen 


collection and potential sources of error for the 
various tests. 
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CAAHEP/ABHES STANDARDS 

CAA 

24 CAAHEP Standards 


None 


KEY TERMS 


=>. 
“SS” ABHES Standards 


None 





Afibrogenemia 


Aggregate 


Extrinsic pathway 


Fibrin degradation products 


Pathological thrombosis 


Plasmin 


Antiphospholipid syndrome PRLS, Platelet count 

Atrial fibrillation Fibrinogen Prophylactic 

Clotting cascade Fibrinolysis Prothrombin time (PT) 
Clotting factor Fibrinolytic drugs Stroke 

Coagulation Hemophilia Thrombin 

Coumadin Elemosiaels Thrombocytes 
D-dimer AgeLaln Thrombocytopenia 
Deep vein thrombosis (DVT) Hypofibrinogenemia Thrombosis 
Disseminated intravascular International normalized Viscous 

coagulation (DIC) ratio (INR) Wartaan 


Dysfibrinogenemia 


Embolus Occlude 


Endothelial cell lining 


hen most of us receive a paper cut or other minor 

injury, we take for granted that this minor 
blood vessel injury will stop bleeding and heal within 
a short period of time. The process of blood clotting, 
known as coagulation, and the breakdown of these 
clots within the body are monitored by use of various 
coagulation testing procedures. Platelets, fibrinogen, 
thrombin, and 13 other clotting factors are all 
involved in the process of clot formation, which is 
necessary for repair of blood vessel damage. The blood 
vessels also play a role. In addition, chemicals are pro- 
duced by the body to break down the clots when they 
are no longer needed. This process is known as fibri- 
nolysis. Coagulation studies include quantitative and 
qualitative analysis of the various components, as well 
as their function. 


Intrinsic pathway 


von Willebrand’s factor 


Partial thromboplastin time (PTT) 


PURPOSE OF COAGULATION STUDIES 





Coagulation studies are performed in the laboratory 
when the various elements in the clotting process ap- 
pear to be imbalanced or malfunctioning. These defects 
can cause excessive bleeding, bruising, or unwanted 
blood vessel occlusion (blocking of the vessel) with for- 
mation of blood clots in the bloodstream. Anticoagu- 
lant medication use is also closely monitored with lab- 
oratory coagulation testing. Laboratory tests may 
include quantitative analysis of certain plasma proteins 
involved in the clotting process, as well as analysis of 
platelet count and function. Coagulation studies are of- 
ten performed prior to surgical procedures to verify 
that the balance between bleeding and clotting in the 
body is at a desirable level. Hemostasis is the word 
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used to describe the processes needed to balance clot 
formation and fibrinolysis in the body. 





Test Your Knowledge 15-1 


What is one reason that coagulation studies may be 
performed? (Outcome 15-2) 





MECHANISMS OF BLOOD CLOTTING 





The balance between blood clotting and excessive bleed- 
ing involves numerous factors. These include the blood 
vessels of the body (including the cells that line those 
vessels); the platelets (thrombocytes) circulating in the 
bloodstream; and numerous coagulation factors present 
in the circulation as enzymes, substrates, inhibitors, and 
plasma proteins. The study of coagulation and hemosta- 
sis focuses on two major systems. The primary coagula- 
tion system includes the action of the platelets and the 
vascular response to vessel injury. The actions of the 
plasma proteins and other chemicals in the circulation 
make up the secondary coagulation system, and com- 
plete the coagulation process. 





Test Your Knowledge 15-2 


Are platelets solely responsible for coagulation when a 
vessel is damaged? (Outcome 15-3) 





When damage occurs to a blood vessel, the endothe- 
lial cell lining of that artery, vein, or capillary is dis- 
rupted. The first response of the body is to constrict the 
damaged blood vessel and other vessels in the vicinity, lim- 
iting the blood flow to the area so that platelet aggregation 
can begin. In small arterioles, venules, and capillaries, this 
may stop the bleeding without moving to the next step. In 
larger vessels, however, this will not be enough. 

When intact, the blood vessel lining does not attract 
platelets; in fact, the two repel each other. However, when 
the endothelial cell lining is damaged, the exposed colla- 
gen layer underneath the endothelial cells attracts the 
platelets to aggregate and begin the process of coagula- 
tion. Fibrinogen and von Willebrand’ factor assist in the 
adhesion of the platelets to one another. The following are 
some of the next steps involved in primary coagulation: 


1. The platelets in the area of the damaged vessel change 
shape and begin to adhere tightly to one another. 

2. Platelets are filled with granules in their cytoplasm. 
As they aggregate and change shape, they release the 
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content of these granules into the plasma. This chem- 
ical causes the platelet plug to become more stable 
and the connections between the platelets to be very 
tight. 

3. The platelets release a compound known as proac- 
celerin, or labile factor, that works with vitamin K to 
start the rest of the changes necessary for a permanent 
fibrin clot to form. 





Test Your Knowledge 15-3 


What is the body’s first response to vessel injury? 
(Outcome 15-3) 





Secondary coagulation includes a series of events 
described as the clotting cascade. This cascade involves 
continuous feedback and interaction in which each 
clotting factor affects other clotting factors to achieve 
the formation of a solid fibrin clot over the area of the 
damaged vessel. All of the clotting factors are produced 
in the liver and introduced into the bloodstream. Some 
of the clotting factors are also produced by endothelial 
cells in the vessel lining and megakaryocytes in the 
bone marrow. There are at least 10 clotting factors, and 
they are designated by Roman numerals. They work in 
two different pathways, the intrinsic pathway and the 
extrinsic pathway, to accomplish the same goal. The 
intrinsic pathway involves chemicals that are all present 
in the bloodstream naturally, whereas the extrinsic 
pathway is initiated by release of chemicals into the 
bloodstream by the subendothelial cells exposed during 
the vessel injury. Table 15-1 lists the clotting factors 
with their Roman numeral numbers, alternative names, 
and the laboratory tests used to monitor their activity 
in the body. 





Test Your Knowledge 15-4 


What does the term clotting cascade refer to? 
(Outcome 15-3) 





It is important to keep in mind that the balance of 
bleeding and clotting in the body must be regulated nat- 
urally by clotting processes, as well as by fibrinolysis (the 
breakdown of the formed clots when they are no longer 
needed) and inhibitors that keep the system from over- 
reacting to damages to the vessel walls. Any natural or 
acquired interference in this balance will negatively af- 
fect hemostasis. 
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TABLE 15-1 









































Clotting factors with alternative names and common tests used to monitor levels or detect deficiencies* 
Clotting Factor Alternative Name Laboratory Test 

| Fibrinogen Fibrinogen level 

ll Prothrombin Prothrombin time (PT) 
Ill Thromboplastin PTT 

IV lonized calcium lonized calcium levels 
V Proaccelerin or labile factor PT and PTT 

Vil Proconvertin or stable factor PT 

VIII Antihemophilic (also linked to von Willebrand's factor) PTT 

IX Plasma thromboplastin component PTT 

X Stuart-Prower PT and PTT 

Xl Plasma thromboplastin antecedent PTT 

XIl Hageman factor PTT 

Xlll Fibrin stabilizing factor PT and PTT 

*There is no factor VI. 








DISORDERS DIAGNOSED OR MONITORED 
WITH LABORATORY COAGULATION TESTS 





Coagulation testing is used to diagnose or monitor a 
variety of diseases or disorders. Some of the results pro- 
vide information that will help the health-care provider 
to anticipate problems (such as those performed prior to 
surgical procedures), whereas other laboratory values are 
used to achieve a diagnosis or monitor the progress of a 
disease. 


Thrombosis 


Thrombosis is the clot formation that occurs naturally 
in the body. However, there may also be times when 
pathological thrombosis occurs. Clots may form in any 
vessel of the body related to different risk factors and 
exhibiting different symptoms dependent on the loca- 
tion of clot formation. Arterial thrombosis can be caused 
by hypertension, atherosclerosis, blood that is too vis- 
cous, or thick, and by functional platelet abnormalities. 
Clots in the arteries usually include a small amount of 
fibrin and more white cells than thromboses formed in 
the other vessels. 

Pathological thrombosis in the venous system is usu- 
ally made up of red blood cells and large amounts of 
fibrin. Deep vein thrombosis (DVT) may be caused by 
impaired (slow) blood flow, especially in those patients 
who are recovering from surgery and are therefore 


inactive. Other factors that may contribute to formation 
of venous thrombi include impaired breakdown of clots 
(fibrinolytic deficiency) and inadequate levels of clotting 
inhibitors that keep the body from excessive thrombosis 
formation. A very serious complication of deep vein 
thrombosis occurs when pieces of the blood clot dislodge 
from the vessel of formation and enter the bloodstream. 
This is called an embolus, and if it becomes lodged in 
the pulmonary tissues, it may be fatal. 





Test Your Knowledge 15-5 


How is an embolus different from a thrombus? 
(Outcome 15-4) 





Atrial Fibrillation 


Atrial fibrillation is a condition in which there are 
erratic electrical signals sent through the atria, which are 
the upper chambers of the heart. Because of these erratic 
signals, the heart does not beat with the correct rhythm 
or at the correct speed. This causes turbulence, or a dis- 
rupted blood flow through the heart, and an increased 
risk of blood clot (thrombus) formation within the atria. 
This is especially common in the left atria. If a thrombus 
is present, the patient is at a very high risk of embolus for- 
mation as well, as the blood travels through the heart and 
may pick up pieces of the clot. The emboli often travel to 
the brain, where they occlude (block) the small vessels 
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and cause a stroke. A stroke (also known as a cerebrovas- 
cular accident) is the result of a blockage of blood flow to 
an area of the brain. Patients who have chronic atrial fib- 
rillation are often prescribed warfarin as a lifelong treat- 
ment option, as warfarin is a drug that interferes with the 
extrinsic clotting factor system of the body, and decreases 
the risk of blood clots forming in the atria. 


Postsurgical Prophylaxis 


Because the opportunity for thrombosis formation is 
heightened when the blood flow to a specific area of the 
body is slowed, those who are immobile or recovering 
from surgery are at high risk of blood clot development 
in their legs, especially. This is called a deep vein throm- 
bosis, or DVT. Increased passive exercise (when possi- 
ble) helps to reduce this risk, and is often started the 
same day or one day postsurgery with the assistance of a 
member of the physical therapy team. However, this may 
not always be enough to keep clots from forming in the 
deep veins of the legs. Many patients who anticipate 
extended hospitalization after surgery will be placed on 
heparin during or immediately after the procedure as 
a prophylactic measure, treatment in anticipation of a 
potential problem, as opposed to treatment after the 
blood clot has occurred. Heparin is fast acting, is given 
via IV or injection, and affects the intrinsic clotting sys- 
tem of the body. Heparin is a very good choice for inpa- 
tient treatment, but as patients near discharge, they are 
usually started on oral warfarin treatment, as this is eas- 
ier to maintain in the home environment. 


Disseminated Intravascular Coagulation 


Disseminated intravascular coagulation (DIC) occurs 
when the blood clotting system is activated throughout 
the body, rather than just at a site with injury to a blood 
vessel. Small thrombi form everywhere, including within 
organs and capillary beds. That patient’s coagulation 
factors are used up after a time, as well as the substances 
that break down blood clots. This often results in uncon- 
trolled bleeding. DIC can be a process that is slow to 
develop, and in this situation the individual usually has 
systemic thrombi develop, but no uncontrolled bleeding. 
In acute (or rapid-acting) DIC, the patient develops the 
multiple thrombi, but they also may hemorrhage be- 
cause of the rapid use of the coagulation factors within 
their body. 

There is a/ways an underlying cause for patients who 
exhibit disseminated intravascular coagulation. Many 
times (especially in acute cases) if the underlying situa- 
tion is addressed and resolved, the DIC will also resolve. 
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Potential causes of disseminated intravascular coagula- 
tion include the following: 


Systemic infection with bacteria or fungi 

Severe trauma 

Solid tumors or hematological cancers 

Obstetrical complications such as placental abruption 
or amniotic fluid emboli 

Aortic aneurysms or other vascular disorders 

Systemic inflammatory responses, such as those that 
occur with transfusion reactions 


The first course of treatment for DIC is to resolve the 
underlying problem, if possible. However, in situations 
in which the initial disease process cannot easily be re- 
solved, or cannot be resolved quickly enough, the symp- 
toms of disseminated intravascular coagulation may be 
treated with transfusions of platelets, coagulation factors 
contained in fresh frozen plasma, and fibrinogen as pro- 
vided in cryofibrinogen precipitate. 





Test Your Knowledge 15-6 
How are DIC and DVT similar? 


(Outcome 15-5) 





Thrombocytopenia 


In thrombocytopenia, the patient does not have 
enough platelets circulating to coagulate effectively when 
necessary. Certain medications or other underlying 
hematology disease states may cause this condition. Be- 
cause of the low numbers of platelets, the clots that form 
in response to vascular damage will not be adequate. In 
addition to thrombocytopenia, patients may exhibit 
disorders of platelet adhesion, where the platelet count is 
normal for the patient, but their platelets lack the ability 
to stick to other platelets and form the aggregate 
plug that is necessary to stop the bleeding with vascular 
injuries. 


Test Your Knowledge 15-7 


How is thrombocytopenia different from the other 


disorders presented thus far in this chapter? 
(Outcome 15-5) 





Antiphospholipid Syndrome 


Antiphospholipid syndrome is a condition in which 
small systemic blood clots form, presenting potential risk 
for embolism or organ failure. Because the blood clots 
can form anywhere, the patient is at a high risk for 
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stroke, or total occlusion of blood vessels providing cir- 
culation to internal organs. 


Hemophilia 


Hemophilia is a sex-linked inherited disorder that affects 
approximately 1 in 5,000 males. There are two types 
of hemophilia: type A and type B. Those affected with 
type A hemophilia lack the clotting factor VII. Those 
with type B lack the clotting factor IX. Both groups of 
patients may bleed excessively and experience vascular 
damage, in addition to internal bleeding in the elbows, 
knees, and other joints. Not all patients with hemophilia 
are affected to the same extent; the disorder may express 
itself with mild to moderate symptoms. It is also possible 
to develop hemophilia in response to chemotherapy 
treatment or other disease states. In those situations, the 
patients actually develop antibodies to the clotting fac- 
tors, which render them useless when needed within the 
body. Patients with all types of hemophilia will need to be 
treated with the missing clotting factors to avoid exces- 
sive bleeding. The clotting factors may be derived from 
human donated plasma, or they may be created in a lab- 
oratory without human elements. 


LABORATORY TESTS USED TO DIAGNOSE 
COAGULATION DISORDERS OR MONITOR 
ANTICOAGULANT THERAPY 





As we have learned, certain disease states may cause a 
patient to be more prone to thrombosis formation, 
whereas other pathologies may cause excessive bleeding. 
For those who have disorders causing excessive bleeding, 
the coagulation tests associated with diagnosis and 
monitoring of the conditions are usually performed at a 
hospital or reference laboratory. These tests may include 
the prothrombin time (PT), the activated partial pro- 
thrombin time (PTT), fibrinogen levels, fibrin degrada- 
tion products (FDPs), and D-dimer. Health-care 
providers may also request levels of specific clotting fac- 
tors. Table 15-2 contains information about the tests 
covered in this chapter, why they are commonly ordered, 
and the specimen types required. Medical assistants may 
perform PT/INR tests, and will be involved in the spec- 
imen collection process for the tests performed outside 
the physician office, so they will benefit from the basic 
knowledge about the specimen requirements and clinical 
significance of the various test results. 


TABLE 15-2 























Common coagulation tests, clinical indication or significance, and specimen requirements 
Test Name Abbreviation Test Use Specimen Type 
Activated partial PTT or PIT Screening for coagulation dys- Light blue top tube with citrate anti- 
prothrombin time function; intrinsic system of blood coagulant; must be filled completely. 
coagulation. Also used to moni- 
tor heparin anticoagulant use. 
Fibrin degradation FDP Monitoring of breakdown products Special FDP tube for plasma levels; 
products from blood clot dissolution may also use red top tubes for 
serum levels. 
D-dimers D-dimers Fibrin breakdown products from Citrated plasma from full light blue 
blood clot dissolution top tube. Plasma should be frozen 
if the test cannot be performed 
immediately. 
Fibrinogen level Fib Measures amount of circulating Plasma from full light blue top 
fibrinogen in bloodstream citrate tube. 
Bleeding time BT Platelet function Test performed on patient 
Platelet count Plt Ct Assessment of number of platelets Lavender top tube with EDTA antico- 
available for blood coagulation agulant. Test performed on whole 
blood. 
Platelet function PFA 100 Assessment of platelet function; Full light blue top citrated tube; 
assay 100 clotting ability of platelets whole blood is used for the assay. 
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TABLE 15-2 


Common coagulation tests, clinical indication or significance, and specimen requirements—cont’d 





Test Name Abbreviation Test Use Specimen Type 
Prothrombin time Prothrombin Screening for coagulation dysfunc- Full light blue top citrate tube or 
time or PT tion; specifically extrinsic blood capillary sample if performed with 

clotting cascade. Also used for point-of-care testing. 
monitoring oral anticoagulant use. 

International INR Factor used for monitoring oral Full light blue top citrate tube or 

normalized ratio anticoagulant use; standardizes capillary sample if test is performed 

results using various reagents with point-of-care testing instrument 


and testing methods 











Prothrombin and International wheat and grasses native to the region), it was neces- 


Normalized Ratio sary to research other crops that might suffice to feed 
the animals. Sweet clover was introduced, as the 
protein content and digestibility was similar to that 
of alfalfa. However, sweet clover was more prone to 
spoilage than the other food sources had been 
because of issues related to its high moisture content. 

Soon, there were reports of unexplained hemorrhage 
and sickness in cattle that had been fed from the sweet 
clover after harvest. Through analysis, it was found 
that the spoilage of the clover created dicoumarol. 
Dicoumarol attached itself to the vitamin K present in 
the intestines of the cattle. Vitamin K is essential for 
several blood clotting mechanisms, so these cattle 
would bleed excessively, as the necessary vitamin was no 
longer usable. 

In 1948, warfarin was created as a derivative of 
dicoumarol, and in 1952 it was introduced to the world 
as a type of rat poison. A young navy recruit decided 
that he wanted to end his life, and ingested a large dose 
of this warfarin rat poison. Remarkably, he did not die, 
although his blood clotting processes were definitely 
affected. This situation prompted more research into 
how warfarin could be used to treat humans, and in 
1954, it was first authorized for human use as an oral 
anticoagulant. In 1955, President Eisenhower was 
treated with warfarin after a heart attack. 


The prothrombin time (PT) is a test that measures the 
efficacy of the extrinsic coagulation process. Prothrom- 
bin is a clotting factor that is manufactured by the liver, 
and the change of prothrombin to thrombin is one of 
the last steps to forming a clot when a vessel is damaged. 
The action of clotting factors I, H, V, VH, and IX may 
be monitored with the prothrombin time test result. The 
prothrombin time may be elevated in patients who have 
insufficient amounts of these clotting factors, as well as 
those who are deficient in vitamin K. Patients suffering 
from liver disease may also have an increased prothrom- 
bin time result because of the inability of the liver to cre- 
ate the clotting factors as needed. 

The PT is reported in seconds, as it is a measurement 
of the amount of time needed for a clot to form in the 
specimen after the addition of thromboplastin and cal- 
cium to a sample of platelet-poor plasma. PT tests are 
often performed as part of a coagulation screen before 
surgical procedures or when a patient shows signs of 
excessive bleeding or bruising. Prothrombin times may 
be used to screen for initial coagulation disorders. The 
PT is also used to help monitor oral anticoagulant use, 
as the result is elevated when a patient is being treated 
with these oral anticoagulants. 








POINT OF INTEREST 15-1 Warfarin (brand name Coumadin) is the most 

~ 4 History of warfarin common drug prescribed worldwide. It is taken by 

those who have a prior history of blood clots or 

As the population in the United States grew dramat- heart disorders such as atrial fibrillation and heart 

ically in the early 1900s, so did the demands for valve deformities, as well as given to surgical 

farming. The Midwest was farmed extensively, grow- patients. The efficacy of warfarin can be affected by 

ing crops to feed the U.S. population as well as the ingestion of foods that are high in vitamin K, such 

food to feed dairy and beef cattle. Once the “natural” as cabbage, cauliflower, spinach, soybeans, and 
feed products of the area were exhausted (such as broccoli. 
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A CLIA-waived PT test procedure is used to monitor 
the anticoagulant effects of medications such as warfarin 
(Coumadin) in the physician office laboratory. These 
drugs are used by patients who are at a high risk for blood 
clot formation. Close monitoring of the effects of oral an- 
ticoagulants is necessary, as patients who have too much 
in their bloodstream run the risk of excessive bleeding, 
whereas those with too little could develop thrombosis. 

A calculation called the international normalized 
ratio (INR) is reported with the PT result. The INR is a 
factor that allows for standardization of prothrombin tests 
performed with different methodologies and/or reagents. 
Prothrombin tests performed with different lot numbers 
of reagents or different methodologies may differ by 10% 
to 20% from one laboratory to another. This can be prob- 
lematic when adjusting oral anticoagulant dosages based 
on PT test results. In 1983 the World Health Organiza- 
tion proposed a calculation (the INR) to standardize the 
variables that are present when performing prothrombin 
testing with various instruments and lot numbers for 
reagents. For an individual who is not on oral anticoagu- 
lants, the INR would be approximately 1, and for those 
who are being treated with warfarin or Coumadin, the 
INR should be 2 to 3. Decisions to change medication 
levels are based on the INR result, not the PT result that 


may be reported with the INR. Reference ranges for the 
prothrombin time may vary between laboratories, but 
they are approximately 11 to 13 seconds. 





Test Your Knowledge 15-8 


True or False: Is the INR used when screening for poten- 
tial coagulation defects? (Outcome 15-6) 





The Coaguchek S, manufactured by Roche Diagnos- 
tics, is a CLIA-waived PT/INR testing method often 
used in the physician office laboratory. This type of 
analyzer is a point-of-care test (POCT) that allows for 
immediate results. Performance of this test in the office 
can benefit the patient by allowing the results to be avail- 
able to the health-care provider within minutes. This al- 
lows the patient to receive any necessary instruction 
about medication changes warranted by the results while 
still in the office. The test requires only 10 microliters of 
blood (approximately one drop), and the sample may be 
obtained through a capillary puncture or a venipuncture. 

In situations in which the PT and INR are ordered as 
part of a coagulation screen or when the testing is per- 
formed at a reference laboratory, a full, well-mixed, light 
blue top sodium citrate tube is required for the test. 


Procedure 15-1: CLIA-Waived Prothrombin Time/INR Testing 





Using the CoaguChek S Instrument 


TASK 


Perform PT/INR testing utilizing the CoaguChek S 
instrument and document the results appropriately. 
Complete all steps within 10 minutes. 


CONDITIONS 


e Hand sanitization supplies 

¢ Gloves 

¢ Completed patient requisition form and patient chart 
CoaguChek S instrument 

Test strips 

Quality control material 

Test strip code chip 

Bulb and capillary provided with instrument for 
application of sample 

¢ Gauze or cotton balls 

¢ Alcohol pad for sanitization 





e Lancet device or venipuncture supplies 
¢ Biohazardous disposal container 
¢ Biohazardous sharps container 


Note: This test may be performed on a capillary blood 
sample or a sample obtained through venipuncture. Be 
certain to have the necessary supplies available for the 
method used for sample collection, as well as a biohaz- 
ardous sharps disposal container and gloves. 


CAAHEP/ABHES STANDARDS 





4 CAAHEP 2008 Standards 


None 


@® 
@ ABHES 2010 Standards 


None 
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Procedure Rationale 


1. Verify test ordered on requisition form. Greet and 
identify patient. 


The requisition should always be examined to be cer- 
tain which test is ordered, and the patient identity 
must always be verified before proceeding. 


2. Sanitize hands, allow them to dry, and apply gloves. | Gloves protect the hands from exposure to potential 
bloodborne pathogens. Gloves should always be 


applied in the presence of the patient. 


3. Gather necessary supplies. Test strips must be Supplies must be within reach before starting the 


at room temperature for at least 5 minutes prior 
to use. Compare the number on the code chip 
(located in a small compartment at the top of the 


process so that the timing of the testing is accurate. 
The code chip must be the correct number for the 
reagent strip for the test result to be accurate. 


box of test strips) to the last three numbers after 
the lot symbol on the test strip pouch. If these 
numbers do not match, this code chip may not be 
used with these strips. 


4. Verify whether quality control (QC) testing needs 
to be performed on the instrument. If so, perform 
QC testing and verify validity of results before 


proceeding with patient testing. 


The frequency of the QC testing is based on 
the manufacturer’s and individual laboratory 
recommendations. 


The capillary sample is the most common method of 
testing used in the physician office laboratory. 


5. Determine the method to be used for specimen 
collection. 

a. Ifa capillary sample is to be used, prepare the 
lancet. Roche manufactures a capillary tube 
and bulb to aid with specimen collection, as 
well as a lancet specifically designed to be used 
with the CoaguChek system. Assemble the 
capillary tube and bulb if desired. The blood 
may also be applied directly to the test strip 
without the aid of the capillary tube. 





b. Blood obtained through venipuncture is 
acceptable, as long as it is collected into a 
preservative-free plastic syringe using a 21- to 
23-gauge needle. The specimen would need 
to be applied to the strip immediately after 
the collection has been completed. 


Preservatives and/or anticoagulants are not acceptable 
for this testing method. The blood cannot be 
allowed to clot before application on the test strip, 
or the results will be inaccurate. 





Continued 
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Procedure 15-1: CLIA-Waived Prothrombin Time/INR Testing 





Using the CoaguChek S Instrument—cont’d 








Procedure 


6. Insert the code chip into the machine, and place 


the instrument on a flat, vibration-free surface. 
Turn on the power, and make certain that the code 
displayed on the screen matches the numbers 
printed on the foil wrapper enclosing the test strip. 


. The test strip icon will flash on the CoaguChek S 


display screen. Open the foil pouch and insert a 
test strip into the instrument by sliding it (printed 
side up) into the tray on the front of the instru- 
ment in the direction of the arrows. Continue to 
push the test strip into the instrument until it 
stops. Test strips must be used within 4 minutes of 
removal from the foil package. 


8. Prepare the appropriate site for the capillary punc- 


ture, or obtain the blood sample via venipuncture. 


. Monitor the display screen; at this point, a test 


strip icon should be visible as well as a flashing 
clock icon. Do not apply the sample until the icon 
for a blood drop appears on the screen. 


Rationale 


If the codes do not match, the instrument will not pro- 
vide a test result. 


For most of the testing process, the CoaguChek S 
display screen will guide your next steps. 





Courtesy of Roche Diagnostics. 


Once the test strip is placed into the instrument, the 
time will be limited for the specimen to be collected 
and applied for the testing process. 


If the sample is applied too soon, the instrument will 
not process the sample and the screen will display an 
error. 
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Procedure 


10. Once the flashing blood icon appears on the 
screen, a countdown for 180 seconds begins. The 
instrument will beep every 30 seconds until an ad- 
equate sample has been applied to the test strip. 
The sample must be applied before the count- 
down reaches 0. 


11. Utilizing appropriate capillary or venipuncture 
procedure, obtain the blood sample. Apply a drop 
of blood to the test strip directly over the flashing 
yellow light. This flashing light indicates where the 
sample is to be applied. 


12. After specimen application, the screen will display 
a clock icon. Do not touch the instrument or the 
test strip during this time. The result will be avail- 
able on the screen (and stored in the memory of 
the instrument) within 1 minute. 


13. Document the result on the instrument log sheet. 


14. Discard the test strip by pulling it out of the 
instrument and discarding it into a biohazardous 
waste container. 


15. Sanitize the work area and put away supplies. 
16. Remove gloves and sanitize hands. 


17. Document the test results in patient chart. 


Date 


Rationale 


A countdown of 180 seconds should be adequate time 
to obtain the capillary sample, or to prepare to 
apply the venipuncture specimen. 


For this procedure, the first drop of blood obtained 
from a capillary sample is to be used; do not wipe 
away the first drop of blood as you would custom- 
arily do for other types of collections. For samples 
obtained through venipuncture, the first four drops 
of blood are to be discarded from the end 
of the needle, after which the next drop is to be 
applied to the sample area. Do not allow bubbles to 
form when applying the sample. 


The clock icon is displayed during the entire testing 
procedure. 


Once the test strip is removed from the machine, the 
result is no longer displayed on the screen, so it is 
best to record it immediately. 


The test strip is contaminated with blood and must be 
disposed of accordingly. 


Be sure to refrigerate the test strips right after use. 
Hands must always be sanitized after removing gloves. 


All results must be documented in the patient’s chart. 





04/18/2012: 


PT/INR test pertormed from capillary puncture. PT result 23.2 seconds, (NR 21 














Connie Lieseke, CMA (AAMA) 





Activated Partial Thromboplastin Time/ 
Partial Thromboplastin Time 

Activated partial thromboplastin time is abbreviated 
PTT. The PTT is a measurement of the efficacy of the 
intrinsic coagulation pathway. This pathway includes the 
actions of clotting factors VII, IX, XJ, and XI. The PTT 
is measured in seconds, just as the PT is. Technically it is 


the amount of time that the blood sample takes to clot 
when phospholipid and calcium are added to the speci- 
men. The PTT test may be ordered (with the PT) as part 
of a presurgical screen, when a patient has excessive bleed- 
ing or bruising, or to monitor the use of heparin therapy. 
Heparin is a fast-acting anticoagulant that affects the 
factors in the intrinsic blood-clotting pathway. Heparin is 
used to treat patients who are at high risk for thrombosis 
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and to treat those who have already developed blood 
clots, especially in postsurgical settings. Heparin is not a 
medication commonly used in the home setting, because 
it must be administered IV or by subcutaneous injection 
multiple times per day. Reference ranges for the PTT are 
25 to 31 seconds, and the specimen must be a full light 
blue top sodium citrate tube. 





( Test Your Knowledge 15-9 


Which medication is monitored by using the PTT? 
a. Coumadin 
b. warfarin 
c. heparin 
d. aspirin (Outcome 15-8) 


_——————— 








Platelet Count 


One of the first steps in the coagulation process is the ag- 
gregation of platelets at the site of the vessel injury. For 
this reason, it is imperative that platelets are present in 
sufficient numbers and also that they function appropri- 
ately in order for the body to repair vessel damage as it 
should. Platelets are produced by the bone marrow, and 
when the blood vessels are injured, they adhere to the 
site of the injury and to other platelets. This primary 
“plug” helps to protect the body from excess blood loss, 
and also starts the clotting cascade, which ends with a 
more permanent fibrin mesh at the site to allow for the 
damage to heal. 

Insufficient platelet amounts (thrombocytopenia) 
will put the patient at risk for excessive bleeding with 
vessel injury. A platelet count is performed to monitor 
the number of platelets present in the general circula- 
tion. Platelet counts are routinely performed as part of a 
complete blood count, and may also be ordered as part 
of a coagulation screen. The specimen required is a 
lavender top EDTA tube, and the reference range is 
150,000 to 450,000 mm3. 


Fibrinogen 


Fibrinogen is a “sticky” substance manufactured by the 
liver that is an essential part of the blood-clotting 
process. It is naturally dissolved in plasma, and is the 
precursor to fibrin. Fibrin is necessary for effective 
blood clot formation. Fibrinogen is also known as clot- 
ting factor I. The presence of adequate levels of fibrino- 
gen is essential to platelet aggregation. Levels of fibrino- 
gen may be decreased in the presence of genetic 
disorders, resulting in a diagnosis of afibrinogenemia 
or hypofibrinogenemia. Dysfibrinogenemia is a rare 


genetic disease that causes abnormal fibrinogen activity; 
the fibrinogen created in the liver is not able to convert 
to fibrin correctly to complete blood clot formation. 
Low levels of fibrinogen may contribute to excessive 
bleeding, and conversely, levels that are above the 
normal range may contribute to formation of small in- 
travascular blood clots. Fibrinogen levels may be ele- 
vated in any condition that causes inflammation includ- 
ing pregnancy, acute infection, cancer, coronary heart 
disease, myocardial infarction (MI), and stroke. These 
increased levels of circulating fibrinogen will make the 
patient more prone to pathological blood clot forma- 
tion, so the fibrinogen level test is often performed with 
the PT, PTT, and platelet count assays to screen for 
coagulation dysfunction. Reference ranges for fibrino- 
gen are approximately 20 to 400 mg/dL, but may vary 
with the method used for testing by any individual lab- 
oratory. Fibrinogen requires a full light blue top sodium 
citrate tube. 





Test Your Knowledge 15-10 


If fibrinogen levels are decreased, what might a poten- 
tial outcome be for the patient? (Outcome 15-11) 





Fibrin Degradation Products 


Clot creation and subsequent breakdown must remain 
in balance for the body to maintain a healthy coagula- 
tion response. Once a damaged vessel has healed, plas- 
min (an enzyme designed to dissolve blood clots) and 
other chemicals in the plasma immediately begin to 
dissolve the fibrin mesh forming the clot so that it does 
not become too large. The by-products of fibrinolysis 
may be measured in the laboratory with an assay that 
measures fibrin degradation products (FDPs). FDPs 
are essentially fragments that are released as blood clots 
are dissolved. These fragments are released when fib- 
rinogen (the precursor of fibrin) or fibrin is broken 
down by plasmin. The amount of fibrin degradation 
products increase in disseminated intravascular coagu- 
lation, pulmonary embolism, and with some obstetrical 
complications. In most laboratories, the FDP test is 
performed on plasma collected in a light blue top tube 
with sodium citrate anticoagulant. If the test is to be 
performed within 4 hours, the tube is to remain at 
room temperature. If the sample must be transported 
elsewhere for testing and the processing takes more 
than 4 hours, the tube should be spun down and 
the plasma must be frozen. Serum FDP assays may also 
be performed, which may require specific tubes that 


What is 
Double Uterus? 


It is a very rare condition where a women is 
born with two separate uterus instead of one. 


Uterus 1 


Cervix 2 / Cervix 1 


For More Information: 
Visit: www.epainassist. com 
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contain thrombin to clot the blood and chemicals to 
prevent fibrinolysis within the tube. Normal reference 
ranges for FDP are based on the testing procedure, and 
may vary. 


D-Dimer 


The FDP test measures all the breakdown products cre- 
ated as blood clots dissolve. One of these by-products 
is very specific for certain cross-linked components of 
the fibrin clot, and that can be measured by perform- 
ing a D-dimer test. D-dimers are a specific type of 
breakdown product that indicates the dissolution of 
fibrin, rather than just fibrinogen. The D-dimer test is 
currently replacing the FDP analysis in many laborato- 
ries. D-dimers are always present in small amounts in 
the blood, but elevated levels may be indicative of 
disseminated intravascular coagulation, pulmonary 
embolism, or deep vein thrombosis. The body increases 
the amount of D-dimers produced as soon as a clot be- 
gins to form because the clot dissolution process starts 
almost simultaneously to keep the blood clot from 
growing larger than necessary. Surgical procedures may 
elevate D-dimer levels, as well as pregnancy, inflamma- 
tion, some types of cancer, and liver disease. Use of 
fibrinolytic drugs (also called clot busters) will also 
increase the amount of FDP and D-dimers in the 
bloodstream, so these tests may be used to monitor fib- 
rinolytic medication therapy as well. The reference 
ranges for D-dimers are based on the testing method 
used for the assay. The D-dimer analysis requires 
platelet-poor citrated plasma, drawn in a light blue top 
tube. The specimen must be spun in a typical benchtop 
centrifuge for at least 10 minutes before separation of 
the plasma from the cells. In addition, there are specialized 
centrifuges that are specially equipped to create 
platelet-poor plasma in less than 10 minutes for tests 
that require this type of specimen. 


Bleeding Time Test 


A bleeding time test is performed to evaluate how well 
platelets function to form a plug in the capillary beds 
with induced damage. It is not a test performed from 
a blood sample, but is a measurement performed di- 
rectly on the patient. Because there are other tests used 
to monitor the different parts of the coagulation cas- 
cade, the bleeding time is generally used to identify 
platelet function abnormalities, and it may also detect 
deficiencies of von Willebrand’s factor, which is part 
of the factor VIII used for blood clotting. The platelet 
count and all other clotting factors may be within the 
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normal reference ranges, but if the platelets do not 
perform as they should, the patient may still have 
issues with prolonged bleeding. In the past, the bleed- 
ing time test was a common presurgical laboratory or- 
der, but the true ability of the bleeding time to detect 
potential surgical hemorrhage has been called into 
question in recent years. 

Bleeding times have been performed using various 
methods since they were first developed approximately 
85 years ago. Many of these procedures were not stan- 
dardized, so it was difficult to reproduce the results or 
to establish reliable normal reference ranges. Histori- 
cally, the procedures all included a “stab” into soft tis- 
sues of the body (usually the earlobe) and monitoring 
the wound until bleeding had stopped. A lancet or 
surgical blade was used, but there was a lack of unifor- 
mity concerning the depth or length of the incisions 
created. 





Test Your Knowledge 15-11 

List two reasons that the bleeding time test is not consid- 

ered fo be the test of choice for platelet function analysis 
as it once was. (Outcome 15-10) 





Most modern facilities that perform bleeding times 
today use a modified Ivy method. This method includes 
the use of the Surgicutt, a spring-loaded lancet device 
manufactured by the International Technidyne Corpora- 
tion. The blade in the lancet device has a depth of 1 mm 
and a width of 0.5 mm. The device is easy to use, and 
the blade retracts after use so that there is minimal 
opportunity for accidental employee exposure to patient 
fluid. The standardized depth and width of the incision 
has assisted in the determination of reliable reference 
ranges and safety for the patients. There are also special 
lancet devices available for use on infants. 

Bleeding times are used to determine how long it will 
take for a patient to stop bleeding after a superficial 
puncture or incision is made into the skin. The bleeding 
time procedure requires an incision device (such as the 
Surgicutt), a sphygmomanometer (blood pressure cuff), 
an antiseptic wipe, sterile filter paper provided in circles, 
and an adhesive bandage. Figure 15-1 shows the sup- 
plies necessary to perform a bleeding time test. The per- 
formance of a bleeding time is a unique procedure and 
includes the following concepts: 


1. It is essential to ask the patient about aspirin use 
within the past week. Even one aspirin, or other 
products that include aspirin, can profoundly affect 
the results obtained with the bleeding time. 
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Bleeding time supplies including Surgicutt 
lancet and filter paper. 


Figure 15-1 


The patient should be asked whether he or she is 
under therapy with heparin or oral blood thinners 
such as warfarin. If the patient has taken any of 
these medications, you must check with the physi- 
cian before performing the test, as the validity of the 
results may be affected. Long-term use of other 
NSAIDs (such as ibuprofen) may also increase the 
bleeding time. 

2. The bleeding time is to be performed 2 to 3 inches 
below the bend of the elbow on the skin of the fore- 
arm. Visible veins, moles, tattoos, scars, bruises, 
shunts, or fistulas and edematous areas should be 
avoided, as well as areas with excessive hair growth. 
Clean the site thoroughly with an alcohol antiseptic 
wipe and allow the alcohol to dry completely before 
continuing with the procedure. 

3. Apply a blood pressure cuff above the elbow to the 
arm to be used, and inflate the cuff to 40 mm Hg. 

4, The bleeding time device (a Surgicutt lancet) is to be 
applied to the arm in a horizontal manner, and pres- 
sure must not be used when making the incision. 
Start the stopwatch as soon as the incision is made. At 
30-second intervals, wick away excess blood with 
filter paper, taking care not to disturb the actual inci- 
sion site. Rotate the filter paper as the blood is blot- 
ted away each time so that each wicking session is 
definitive. 

5. When no more blood can be blotted away, stop tim- 
ing the process and release the blood pressure cuff. 
The time that has elapsed since the incision was made 
is the bleeding time. Normal results are usually 1 to 
9 minutes. If the results are less than 1 minute or 


more than 9 minutes, some laboratories will require 
that the test be repeated, as there may be procedural 
errors that contributed to the result. 


Bleeding times are not used as frequently as they 
once were, and many laboratories no longer offer this 
test as an option. It has been shown that the correla- 
tion of an elevated bleeding time to the risk of exces- 
sive surgical bleeding is not always conclusive, and 
the results for bleeding times are not reproducible. The 
procedure often causes a scar at the site of the incision, 
which can be a significant consequence to some patients. 
In addition, the use of NSAIDs (such as ibuprofen 
or Advil) may affect the bleeding time, in addition to 
aspirin or aspirin-containing products. The effect of the 
drugs on the bleeding time result is not predictable; the 
bleeding time may be extended, but it is difficult to 
predict the amount that it will be affected. Other vari- 
ables may be the result of incorrect technique; if the 
incision is too deep or too shallow, the results will not 
be accurate. Also, when blotting away excess blood, if 
the incision is touched, the bleeding time may be 
falsely elevated. 

It is important to realize that the PTT and PT tests 
are ordered much more commonly than the bleeding 
time test. These tests have fewer variables that could 
cause erroneous results than the bleeding time does, 
and abnormal results are mapped more specifically to 
the various coagulation factors. The bleeding time 
technique also requires specific training, whereas the 
PT and PTT tests require a more common capillary 
or venipuncture procedure. In addition, the bleeding 
time requires 10 to 20 minutes to complete, which 
may be too time intensive for busy practice or labora- 
tory settings. 


Other Tests Used to Assess 
Platelet Function 


Platelet function cannot be measured just by counting 
the number of cells, and screening for platelet dysfunc- 
tion is not as precise or easily performed as is a platelet 
count. The bleeding time test may help to identify gross 
platelet function abnormalities, but it is not sensitive or 
specific enough to identify all issues. Many reference 
and hospital laboratories are now using the Platelet 
Function Analyzer 100 (PFA-100), manufactured by 
Siemens Corporation. This machine tries to simulate 
the bleeding process that occurs in the body by using a 
tube of blood obtained through a venipuncture. The 
testing process involves the addition of whole blood 
into a tube that is coated with additives that promote 
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platelet adherence and aggregation in order to mimic 
these actions within the human body. The machine 
measures the amount of time that is necessary for a 
blood clot to form within this treated tube, and this is 
reported as a closure time (CT). 

There are other types of automated platelet function 
tests available, but they are not used as widely as is the 
PFA-100. Controversy still exists about whether these 
new automated tests are as useful for predicting overall 
platelet function assessment as the bleeding time once 
was, even though the bleeding time test is no longer 
performed in many institutions. 


SPECIMEN REQUIREMENTS 
FOR COAGULATION TESTING 





With the exception of CLIA-waived point-of-care PT 
testing, when collecting samples for coagulation testing, 
a light blue top tube with sodium citrate is used for most 
coagulation tests ordered. This includes the fibrinogen 
test, PTT, PT, and sometimes the FDP test. Some labo- 
ratories use a special FDP tube that only requires 2 mL 
of blood in a 5-mL tube. 


e Evacuated light blue top vacuum tubes may include 
different concentrations of citrate (with the same 
volume of fluid anticoagulant in the tube), so it is 
important to clarify which type should be drawn for 
the testing method used in the laboratory where the 
testing will occur. The light blue top tubes may be 
available with 3.2% citrate or 3.5% citrate. In all sit- 
uations, a ratio of one part anticoagulant to nine parts 
blood must be maintained, or the result will be erro- 
neous because of specimen dilution. 

¢ The citrate tube must be filled until the vacuum has 
been exhausted; no short samples can be tested. If 
the evacuated tube is not filled until the vacuum is 
exhausted, the clotting time (and subsequently the 
testing results) will be falsely elevated because of the 
dilution factor with the anticoagulant in the tube. 

e Tubes are spun in the centrifuge before the test is 
performed, and the plasma is tested immediately or 
separated from the cells. Ideally, the sample will be 
tested within 1 hour of collection, or within 4 hours if 
the specimen has been refrigerated. 

¢ For patients who have a hematocrit measuring above 
55%, it is necessary to reduce the amount of anticoag- 
ulant used in the tube to avoid prolonged clotting 
times because of the change in the ratio of plasma to 
anticoagulant. Laboratories will have an established 
procedure for the performance of this process. 
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e It is critical that samples used for coagulation testing 
remain free of IV fluid or other contaminating sub- 
stances. Many times the samples are drawn as part of the 
dialysis process, so it is especially critical to clear the line 
of all other fluids before the specimen is obtained. 

¢ Clotted or hemolyzed samples will also not be accept- 
able for coagulation testing, as the results will be inac- 
curate. To avoid microclot formation in the tube, it is 
very important that the tubes used for coagulation 
studies are inverted at least eight times as soon as pos- 
sible after collection. 





Test Your Knowledge 15-12 


True or False: Light blue top tubes collected for coagula- 
tion studies may be partially filled with no negative 
effects. (Outcome 15-13) 





A lavender top tube with EDTA anticoagulant is used 
for platelet counts. Platelet counts may be performed as 
part of a complete blood count, or they may be ordered 
separately when needed. As in the case with the light 
blue top citrate tube, it is very important that the laven- 
der top tube be mixed thoroughly right after the blood 
draw to avoid microclot formation. Platelet counts are 
performed on whole blood, so the specimen is not cen- 
trifuged after collection. 





SUMMARY 


Coagulation and clot dissolution are vital processes to 
maintain homeostasis in the human body. The repair 
of damaged blood vessels within the body is a com- 
plex process that includes platelets and a variety of 
chemical reactions to work efficiently. Coagulation 
studies determine whether there are enough platelets 
and other chemicals present for the process to be 
successful, as well as evaluating the efficiency of 
the clotting process to predict excessive bleeding or 
unnecessary blood clot formation. Other disease 
processes may be complicated by formation of small 
blood clots, so patients may be medicated with anti- 
coagulant drugs to avoid potential problems. This 
medication use must be monitored closely with the 
use of coagulation tests on a regular basis. The antico- 
agulant medications target the various aspects of the 
clotting cascade and require different testing mecha- 
nisms to monitor their levels. Common tests used to 
monitor coagulation processes in the body and med- 
ications that affect the clotting mechanisms include 
the PT/INR test, platelet counts and platelet function 
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tests, and the activated partial thromboplastin time. 
Other tests may be performed to evaluate the amount 
of clot dissolution or fibrinolysis occurring in the 
body. Coagulation testing may be performed in the 
physician office laboratory as well as in hospital and 
reference laboratories. 


. What are two potential sources of 


c. Extremely high numbers of platelets can con- 


tribute to excessive clot formation 
d. All of the above 


Outcome 15-7 
error for the CLIA-waived PT/INR test procedure? 





. How are D-dimers and fibrin 





TIME TO REVIEW 


. Aggregate is a word used to describe: Outcome 15-1 


a. Platelet adhesion and clumping 
b. Consolidation of clotting factors 
c. Deep vein emboli 

d. Fibrinolysis 


. Which of these terms might be used 
to define FDP? 


a. The factors necessary to form a clot 
b. Products produced as a clot dissolves 
c. Platelet count 

d. Clotting time 


. A substance that is viscous may also Outcome 15-1 


be described as: 


a. Runny 
b. Thin 
c. Syrupy 
d. Dry 
. Fibrinolysis is an important part of 
hemostasis because: 


a. Fibrinolysis helps to control the number of 


unwanted blood clots in the body 
b. Fibrinolysis is the first step in coagulation 
c. Fibrinolysis helps to keep the blood viscous 
d. None of the above 


. True or False: A diagnosis of atrial 


formation. 


. True or False: Postsurgical prophylactic Outcome 15-5 


treatment is provided only to patients with hemophilia. 


. Platelet counts may be ordered as part 
of a coagulation workup because: 


a. Adequate numbers of platelets are necessary for 


hemostasis 


b. Platelets play a very important role in the repair 


process for damaged vessels 


Outcome 15-12 
degradation products similar? 





Outcome 15-1 


Outcome 15-3 


Outcome 15-5 
fibrillation increases the risk of unwanted blood clot 


Outcome 15-8 


Case Study 15-1: Presurgical puzzle 


Mr. Hammond will be having a total hip replacement 
next week. His physician orders a coagulation screen, 
including a PT, PTT, platelet count, fibrinogen level, and 
a bleeding time. All results are within the normal range 
except for the bleeding time, which at 12 minutes is 
elevated slightly. 


1. What may be an explanation for this situation? 


Case Study 15-2: Relative values? 


Cindy Lou is a new medical assistant who has just 
started to work in the laboratory. She has experience a 
high volume of patients this morning, and she feels a bit 
overwhelmed. Later in the day, the physician office re- 
ceives a call from the laboratory with abnormal PT and 
PTT results for one of the patients that Cindy drew that 
morning. The results for both tests are elevated, but the 
patient has no signs of excessive bruising or bleeding. 
These tests were ordered as a screen prior to an elec- 
tive surgery that the patient was to have done next 
week. 

The physician asks Cindy to contact the laboratory 
and see if the results for the platelet count are available. 
Cindy talks to the technician performing the hematol- 
ogy testing, and she is told that the specimen for 
the platelet count needs to be redrawn because it was 
clotted. 


1. How do you think the specimen condition for the 
platelet count and the other tube used for the PT/PTT 
testing might be related? 

2. How does this situation with the clotted tube relate 
to the elevated results for the PT and PTT? 
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RESOURCES AND SUGGESTED READINGS 


“Atrial Fibrillation and Warfarin” 
Excellent explanation of the risks involved with atrial fibril- 
lation as related to blood clots, and the use of warfarin for 
treatment http://www.patient.co.uk/showdoc/23068883 

“D-dimers and Fibrin Degradation Products” 
Information about coagulation studies performed at Massa- 
chusetts General Hospital; great information about the differ- 
ences between FDP and D-dimers http://www2.massgeneral. 
org/pathology/coagbook/CO002700.htm 

“Disseminated Intravascular Coagulation (DIC); Consumption 
Coagulopathy; Defibrination Syndrome” 
Details about disseminated intravascular coagulation disease. 
http://www.merck.com/mmpe/sec! 1/ch136/ch136c.html 
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“Hemophilia, Factor VIII Deficiency” 
Facts about bleeding and clotting disorders http://www. 
hemophilia.org/ NHF Web/MainPgs/MainNHEaspx? 
menuid=179&contentid=45 &rptname=bleeding, 

“Warfarin and Chinese Medicine” 
Details about the development of warfarin, plus lots of infor- 
mation related to herbs and Chinese medications that affect 
bleeding tendencies. http://www.itmonline.org/arts/ 
warfarin.htm 

“TTC, The Point of Care, Surgicutt Bleeding Time Device” 
Detailed information about the Surgicutt device and proce- 
dure for bleeding time testing. http://www.itcmed.com/ 
Products/Surgicutt 
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Section Ill 


Hematology and Coagulation 


What Does It All Mean? 





As you can see, hematology and coagulation testing 
provides invaluable information to physicians and 
other primary health-care providers. Now, let us re- 
visit our Case in Point for this section and see what it 
all means. 


Case in Point 


At the beginning of this section we met MJ., a 38-year- 
old male patient who was worked into the doctor's 
schedule because he felt tired and weak and experi- 
enced bleeding gums after brushing his teeth. Patient 
history revealed that MJ. received a blood transfusion 
following a tractor accident several weeks prior to this 
appointment. Upon your encounter with M.J., you 
noted that he seemed very pale. The doctor ordered 
a CBC, PT, and PTT to help assess the situation. Upon 
examination of the results obtained (located on 
page 258), no wonder MJ. felt so poorly. 

M.J. is suffering from a condition known as dis- 
seminated intravascular coagulation (DIC). Dissemi- 
nated, in this case, means “widespread over the 
body.” Intravascular refers to taking place within 
blood vessels, and coagulation means “the clotting 
of blood.” Under normal conditions, the human body 
has built-in mechanisms to clot blood when injury 
occurs and to dissolve clots when appropriate. This 
balance between clotting and bleeding is known as 


hemostasis. However, when the clotting and bleed- 
ing balance is disrupted, individuals experience ab- 
normal bleeding, as noted when M.J. bled while 
brushing his teeth, and clotting. This imbalance 
can cause serious injury to the organs of the body. In- 
dividuals become anemic, as evidenced by M.J.’s 
complaints of being tired and weak, as well as the 
observation of the patient being pale. This anemia 
results because of the incredible loss of blood, which 
in turn results in an inability of red blood cells to 
transport oxygen to the tissues. If the condition is left 
untreated, death may result. Fortunately, in MJ.’s 
case, he recognized the abnormal situation taking 
place in his body and sought help. 

Although laboratory results are important in con- 
firming the diagnosis and monitoring of DIC, physi- 
cians often make the initial diagnosis based prima- 
rily on clinical symptoms. Unfortunately there is no 
single laboratory test that is diagnostic for DIC; a 
battery of tests must be performed and the results ex- 
amined in concert with each other rather than inde- 
pendently. In addition to the tests presented in this 
case study there are additional laboratory tests that 
may be performed to provide more information 
about the clinical situation when DIC is suspected. A 
further discussion of these additional tests is beyond 
the scope of this text. 
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On the Horizon 


A wide variety of substances, often referred to as 
analytes, make up the test menu available in the 
chemistry section of the clinical laboratory. Likewise, 
the test methodologies that may be used to determine 
these analytes are many. Some tests are performed 
on complex instruments, whereas others are con- 
ducted using relatively simple-to-operate equipment. 
The results obtained from such tests provide health- 
care team members with a wealth of knowledge in 
the diagnosis and monitoring of numerous diseases 
and conditions. 


You are working at a health fair being conducted at 
Acme Innovations, Inc. Part of the health fair consists of 
collecting blood for a fasting blood glucose level. The 
following result was obtained on Carrie W., a 34-year-old 
female Acme employee: 

















Relevance for the Medical Assistant 


Medical assistants (MAs) typically assume one or both 
of these roles associated with chemistry laboratory 
tests: (1) specimen collection and processing and 
(2) performance of select chemistry tests. In addition to 
performing CLIA-waived tests, MAs may also perform 
moderate-complexity tests with appropriate training. 
Further, MAs may also review patient charts while 
performing their other duties and in the process may 
examine laboratory results (from this area as well 
as all areas of the laboratory). Familiarity of common 
laboratory tests and their significance allows MAs to 
take the information obtained from such reviews into 
account as they work with their patients. 





Questions for Consideration: 
¢ What does the word fasting refer to in this case? 
¢ What is the purpose of the fasting blood glucose test? 


¢ What laboratory test could be ordered to help assess 
this patient and to monitor Carrie’s condition? 








Patient Reference ¢ Suppose that Carrie is pregnant and her doctor wishes 
Test Result Range to assess her for gestational diabetes. What labora- 
g 
Fasting blood 215 mg/dL 70-100 mg/dL tory test could be ordered in this situation? 
glucose 
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The content in this section is limited to three chapters and serves as an overview of 
the chemistry section of the clinical laboratory: 





Chapter 16: Overview of Clinical Chemistry introduces the reader to the scope of 
the chemistry section of the clinical laboratory, including the identification and brief 
description of specimens upon which this testing is performed. A brief overview 
of some of the more common individual chemical analytes, including glucose and 
cholesterol as well as groups of tests known as profiles, are covered. 





Chapter 17: Glucose Testing covers the physiology and pathophysiology associated 
with blood glucose. The various glucose tests available, including venous blood 
samples, hemoglobin Alc, glucose tolerance tests, and capillary puncture glucose 
testing, are described. Suggested procedures and quality control considerations are 
also covered. 





Chapter 18: Other Select Chemistry Tests covers the physiology and pathophysiol- 
ogy associated with the following representative chemistry tests: cholesterol, lipids, 
and electrolytes. Proper collection and testing technique, reference ranges, quality 
control issues, sources of error, and test interpretation are included. 
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Chapter 16 





Overview of Clinical Chemistry 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 








CHAPTER OUTLINE 
Clinical Chemistry Thyroid Panels 
Specimen Types Used for Clinical Chemistry Analysis Comprehensive Metabolic Panel and Basic 
Plasma Metabolic Panel 
Serum Cardiac Enzymes 
Other Specimen Types Used for Clinical Chemistry Hepatic or Liver Profile 
Testing Reference Ranges 
CLIA-Waived Clinical Chemistry Tests Potential Sources of Error 
Glucose Testing Summary 
Cholesterol and Lipid Testing Time to Review 
Cholesterol Case Study 
Triglycerides Resources and Suggested Readings 


Lipid Panels 
Electrolytes 
Other Common Clinical Chemistry Tests 


Blood Urea Nitrogen 
Creatinine 





Lea rning Outcomes After reading this chapter, the successful student will be able to: 





16-1 Define the key terms. 16-9 Describe the tests commonly ordered as cardiac 
16-2 Relate how serum differs from plasma. CNZy MCs. 
16-3 Describe common substances dissolved in plasma. 16-10 Explain the rationale for serial cardiac enzyme 


: eae blood specimen collections. 
16-4 Examine the reasons that glucose testing is P 


performed in the physician office laboratory. 16-11 Restate the liver profile tests most commonly 


16-5 Cite the tests included in a lipid panel. ordeted by Daas 


16-12 Outline the parameters that must be taken into 
account when considering reference ranges for 
clinical chemistry tests. 


16-6 List common analytes included in an electrolyte 
panel. 


16-7 Differentiate which organ system is evaluated using 


: ee 16-13 Examine potential sources of error for chemistry 
a blood urea nitrogen test and creatinine test. 


; ‘ testing procedures. 
16-8 Evaluate the purpose of ordering tests in a panel 


format rather than individually. 





335) 


1899_Ch16_332-348 21/12/11 5:05 PM Page 336 





336 Section IV Clinical Chemistry 
CAAHEP/ABHES STANDARDS 
ty ~CAAHEP Standards “SS” ABHES Standards 
None None 
KEY TERMS 
Analytes High-density lipoprotein (HDL) Occlude 
Atherosclerosis Hemolysis Physiology 
Basic metabolic panel (BMP) Hepatic function panel Plaque 
Blood urea nitrogen (BUN) Homeostasis Plasma 
Brain natriuretic peptide (BNP) Hyperlipidemia Quality not sufficient (QNS) 
Cholesterol Hyperthyroidism Ariat 
Clinical chemistry Hypothyroidism Qualitative 
Comprehensive metabolic panel Icteric Evantitciive 
(CMP) ee Serially 
Creatine kinase (CK) eaaclicé Serum 
Creatinine yeearite Thyroid-stimulating hormone 
Diabetes mellitus Lipid (TSH) 
Uf Thyroxine (TA) 
“akg pleoeroteins Triiodothyronine (T3) 
Endogenous cholesterol Low-density lipoprotein (LDL) : 
Troponin 


Exogenous cholesterol bites 


Gestational diabetes 


Glycosylated hemoglobin 


(Hb Alc) Myoglobin 


CLINICAL CHEMISTRY 





When scientists first began to study the human body, 
their focus was on anatomy. Science was not able to 
analyze what could not be seen with the naked eye, so 
much of the physiology (or function) of the body was 
unknown. Many hypotheses were formed, but it took a 
very long time before they could be proved or disproved. 
It was obvious that the human body functioned best 
when in a state of homeostasis (internal balance), and 
the scientists could recognize some of the more visible 
means by which this balance was achieved. It was easy to 
see how the iris in the eye constricted when exposed to 


Myocardial infarction 


Very low-density lipoprotein 
(VLDL) 


bright light or when perspiration was formed on the 
forehead in hot weather. However, many of the small 
changes within the human body were not so obvious; 
they are based on adjustments to the levels of chemicals 
needed to keep our body functioning appropriately. It 
was not until the 19th century that scientists began to 
realize how closely the appropriate balance of these 
chemicals in the body was linked to overall health. 
Clinical chemistry includes the quantitative analysis 
of the various analytes (substances being analyzed; in 
this case, chemicals) dissolved in the fluids of our bodies. 
Quantitative tests provide an actual number that repre- 
sents the amount of a substance present in the body. 
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Qualitative testing, which indicates the presence or 
absence of specific chemicals, may also be performed in 
the clinical chemistry department in the laboratory. 
Chemical elements are present in our bodies at all times, 
but increases or decreases in the levels of certain analytes 
may be indicative of a disease process. Clinical chemistry 
testing allows the health-care provider to evaluate these 
changes and use them to diagnose and prescribe treat- 
ment. Procedures used to monitor drug levels for some 
prescription drugs or to identify substances that may be 
present in the body in the case of environmental or drug 
poisoning are also performed in the clinical chemistry 
area of the laboratory. 





Test Your Knowledge 16-1 


How are qualitative tests different from quantitative 
tests? (Outcome 16-1) 





Reference laboratories may offer hundreds of clinical 
chemistry tests on various types of specimens. Although 
all these tests are clinically significant, many of them are 
only used in the presence of specific disease states. In 
this chapter, we concentrate on the most commonly 
performed clinical chemistry tests using blood, urine, 
and stool specimens. 


SPECIMEN TYPES USED FOR CLINICAL 
CHEMISTRY ANALYSIS 





Common specimens in clinical chemistry testing include 
urine, serum, and plasma. Many other fluid specimens, 
including cerebrospinal fluid, synovial fluid taken from 
the joints of the body, semen, amniotic fluid, and peri- 
toneal fluid from the abdominal cavity, are analyzed for 
quantitative chemistry. Occasionally chemistry testing 
may be performed using whole blood. This is usually 
done in physician office laboratories using CLIA-waived 
testing methods. In larger laboratories, most clinical 
chemistry testing is performed on plasma or serum spec- 
imens separated from the sample after centrifugation. 
Serum is obtained from clotted blood and plasma comes 
from whole blood. 


Plasma 


As presented in Chapter 8, plasma is the liquid portion 
of the blood in our body in which the blood cells are 
suspended. This liquid makes up more than 50% of the 
total blood volume. We also use the word plasma to 
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describe the liquid portion of the blood when collected 
in a tube containing anticoagulant. Plasma is made up of 
at least 90% water, in which there are many dissolved 
substances and gases. There are too many chemical 
compounds present in plasma to list them all separately, 
but general categories include the following: 


Plasma proteins: Plasma proteins are large mole- 
cules that are not excreted as waste products and 
which are designed to remain in the blood. These 
include antibodies (immunoglobulins), as well as 
blood-clotting proteins (fibrinogen and prothrombin) 
and albumin. 

Medications: If an individual must take medication, 
it is transported throughout the body in the plasma. 
Electrolytes: Electrolytes are compounds that have a 
positive or negative charge when dissolved in water, 
and are capable of transmitting an electrical impulse 
within the body. 

Hormones: Endocrine glands throughout the body 
secrete hormones directly into the bloodstream. 
Hormone tests are commonly ordered to verify the 
function of the various endocrine glands, such as the 
pituitary gland and thyroid gland. 

Lipids: Fat molecules such as cholesterol are trans- 
ported through the bloodstream. 

Enzymes: Protein-based molecules that catalyze 
(speed up) chemical reactions are known as enzymes. 
Food: When digestion is complete, the food we eat 
has been broken into components that can be easily 
used by our body for energy or building blocks for 
other molecules. These breakdown products are ab- 
sorbed into our bloodstream and dissolve in the 
plasma for transportation. Fatty acids, proteins, and 
simple sugars are carried as food in the plasma. In ad- 
dition, essential trace elements such as minerals and 
vitamins are also present. 

Dissolved gases: CO, is present in plasma as a 
by-product of metabolism. Other dissolved gases 
include oxygen (even though it is attached to the red 
blood cells) and nitrogen. 

e Waste: Cell metabolism creates waste products that 
are processed in the liver and removed from the body 
through the urinary system. 


Serum 


Serum is the liquid portion of blood that has been col- 
lected into a tube that does not contain anticoagulant. 
Plasma and serum are very similar; however, when a 
specimen is drawn in a tube without an anticoagulant, 
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the proteins and other blood clotting factors are utilized 
as the blood clot forms. The lack of coagulation factors 
dissolved in the liquid limits some of the tests that may 
be performed on a serum specimen. 





( Test Your Knowledge 16-2 


Which of these are present from a centrifuged tube con- 
taining no anticoagulant? 

a. Serum 

b. Plasma 

c. Whole blood 

d. None of the above (Outcome 16-2) 


XX 4 











Other Specimen Types Used for Clinical 
Chemistry Testing 


As mentioned previously in this chapter, clinical chem- 
istry testing may be performed on numerous specimen 
types. In the physician office laboratory, whole blood 
may be used for CLIA-waived procedures such as glucose 
or cholesterol testing, providing a quantitative result. 

Urine chemical testing is performed as part of a routine 
random urinalysis with semiquantitative results reported 
that indicate a range for the analyte values. In some disease 
states, it is necessary to obtain results that are more specific, 
with a specific number reported for the chemical concen- 
tration rather than a range. This type of quantitative urine 
chemistry testing is performed at reference or large hospi- 
tal laboratories, but not in physician office laboratories. 
These quantitative urine tests may be used to screen for 
kidney damage caused by diabetes, hypertension, or other 
disease processes. Urine may also be analyzed to research 
the cause of renal calculi (kidney stone) formation. 
Common quantitative tests performed on urine specimens 
include microalbumin, total protein, and creatinine. A 
timed urine specimen (such as a 24-hour urine specimen) 
is generally used for these tests. 

For all clinical chemistry testing, it is important to 
keep in mind that reference ranges are based on certain 
specimen types. For instance, serum and plasma look 
identical once the liquid has been removed from the 
blood specimen, but the reference ranges for some 
chemicals are very different in the two specimen types. 
It is essential to collect the correct type of tube for the 
analysis when performing a blood collection, and also to 
label the specimen type if the liquid is removed from the 
original collection container to avoid any potential prob- 
lems. Other types of specimens may have a similar ap- 
pearance if they are transported in an unlabeled specimen 
container. 


CLIA-WAIVED CLINICAL CHEMISTRY TESTS 





Glucose Testing 


The most common type of CLIA-waived clinical chem- 
istry test performed in the clinic setting is glucose testing. 
This test may be used to screen for diabetes mellitus 
(type 2 diabetes) or to monitor the glucose levels of 
patients who have already been diagnosed and are under 
treatment. Gestational diabetes in pregnant women may 
also be diagnosed with tests performed in the physician 
office laboratory. It is beneficial to the patient to have 
these tests performed on site, as the results are available 
within minutes. Abnormal glucose levels may be reported 
to the health-care provider immediately, allowing for 
additional tests to be ordered or for further patient inter- 
action to be initiated if necessary. CLIA-waived glucose 
testing methods use whole blood specimens, usually 
obtained from a capillary puncture. The glucose levels 
may be ordered as fasting, random, or timed specimens. 





Test Your Knowledge 16-3 


List two reasons that glucose testing might be performed 
in a physician office laboratory. (Outcome 16-4) 





Diabetic patients may also be monitored with a glyco- 
sylated hemoglobin, or Hb Alc, test. Hemoglobin is 
present in all the red blood cells of the body, and one 
subunit of this hemoglobin molecule is hemoglobin 
A. When hemoglobin A is exposed to excessive levels of 
glucose, it becomes glycosylated, which means that the 
glucose molecules bind to the hemoglobin A irreversibly. 
The Hb Alc test can measure the amount of glycosylated 
hemoglobin present, and because red blood cells live for 
approximately 3 months in the body, Hb Alc results may 
be used indirectly as an indication of the overall blood 
sugar levels for the past few months. Hb Alc may be 
performed as a CLIA-waived test in the physician office 
laboratory or automated testing may be performed in a 
reference laboratory. Whole blood is used for this analy- 
sis; capillary samples are used for the CLIA-waived meth- 
ods, and an EDTA lavender top tube is used for the 
reference laboratory methods. 


Cholesterol and Lipid Testing 


Lipids are substances including oils and fats that are 
insoluble in water and soluble in organic solvents. 
Cholesterol is an example of a lipid, but there are other 
types of fats in our bodies as well. Our digestive system 
breaks down ingested fats into fatty acids, which are 
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transported through the bloodstream to the liver, where 
they are used to manufacture lipids. Because lipids do 
not dissolve in water, the body attaches lipids to a pro- 
tein molecule for transport to the cells of the body to be 
used. These complexes are called lipoproteins. Lipids 
are used as an alternative source of energy when glucose 
is not readily available, and they are also necessary for 
hormone production, cell wall integrity, utilization of 
fat-soluble vitamins, hunger satiation, maintenance of 
appropriate body temperature, and skin health. 

In the laboratory, the two types of lipids most com- 
monly analyzed are cholesterol and triglycerides. Total 
blood cholesterol and total triglyceride counts provide 
valuable information to health-care providers about cardio- 
vascular health and potential risk factors for the future. 
However, more information can be gained by breaking 
down the relative amounts of lipids according to subtype. 
These categories are HDL (high-density lipoproteins), 
LDL (low-density lipoproteins), and VLDL (very 
low-density lipoproteins). Elevated total cholesterol, 
triglyceride, and LDL levels may are considered to be risk 
factors for coronary heart disease. Chapter 18 provides 
more in-depth information about lipid testing. 





( Test Your Knowledge 16-4 
Which of these tests is included in a lipid panel? 
a. LDH 

b. LDL 
c. VLDL 

d. ALT 








(Outcome 16-5) 
y 





Cholesterol 


Cholesterol is essential for the human body to function 
properly. Cholesterol is used for hormone production, 
absorption of vitamin D, bile production, and cellular 
membrane structure, and is also used as part of the 
covering (the myelin sheath) on some of the nerves in the 
body. The liver creates all the cholesterol that we need 
to function normally. This is called endogenous choles- 
terol because it is manufactured within the body. Exoge- 
nous cholesterol comes from our diets. When choles- 
terol builds up in the body it can lead to plaque 
formation within the blood vessels, a condition known as 
atherosclerosis. Plaque buildup may eventually occlude 
(block) blood vessels, or pieces of plaque may break away 
from the vessel lining and travel as an embolus, lodging 
elsewhere in the body and causing a blood clot. 
Cholesterol levels ordered individually do not require 
fasting samples. However, cholesterol levels are often 
ordered as part of a lipid panel with the triglyceride, 
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HDL, LDL, and VLDL levels. These additional tests do 
require a fasting sample, so patients should be advised to 
abstain from eating for 12 hours prior to the blood draw. 


Triglycerides 

Patients who have a diet that is high in carbohydrates 
may have elevated triglyceride levels. Most of the fat in 
our bodies is made up of triglycerides. When a person 
takes in more calories than are needed for energy, the 
excess calories are converted into triglycerides and 
stored as fat for use later as an energy source. Those who 
have diabetes, hypertension, or excess alcohol intake are 
especially prone to high triglyceride levels. Hyperlipi- 
demia is the word used to describe high levels of lipids 
(cholesterol and triglycerides) in the plasma. Patients 
who have elevated triglyceride levels may have plasma 
or serum that appears “milky” because of all the fat 
molecules present. The presence of the fat molecules 
suspended in the blood is called lipemia. Because 
triglyceride levels do rise after ingestion of food, triglyc- 
eride testing usually requires a fasting blood draw. 


Lipid Panels 


A lipid panel commonly includes a total cholesterol 
level, a triglyceride level, HDL, LDL, VLDL, and a total 
cholesterol : HDL ratio. These values will provide the 
health-care provider with valuable information concern- 
ing the risk factors for coronary artery disease. 


Cholesterol testing is performed to assist the health- 
care provider in evaluating the patient for potential 
heart disease. The total cholesterol level consists of 
high-density lipoproteins (HDL) and low-density 
lipoproteins (LDL). The HDL is considered to be 
“good cholesterol” because it actually cleans excess 
cholesterol from the blood vessels in the body and car- 
ries it away in the bloodstream. Ideally, the patient will 
have a higher concentration of HDL in the blood- 
stream than LDL. Elevated levels of LDL may lead 
to heart disease, as the low-density lipoproteins will 
deposit cholesterol on the walls of the blood vessels. 

There is a direct correlation of elevated cholesterol 
results and/or an imbalance of HDL and LDL results 
and atherosclerosis. The following individuals are at 
higher risk than others: 





POINT OF INTEREST 16-1 
Cholesterol testing 





¢ Smokers 
¢ Those diagnosed with diabetes mellitus 








Continued 
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¢ Patients with hypertension 

¢ Men over 45 and women over 55 
¢ Family history of heart disease 

° Obesity 


Laboratory tests usually place the patient in one of 
three categories: 


High risk: Having a total cholesterol level of 
240 mg/dL or above 

Borderline high: Having a cholesterol result of 200 
to 239 mg/dL. Often the health-care provider will 
order additional testing to see if the elevated level is 
the result of the presence of the LDL (bad choles- 
terol) or HDL (good cholesterol). 

Desirable or normal: Having a total cholesterol level 
less than 200 mg/dL is considered normal, and 
places the patient at a low risk of heart disease. 


Triglyceride testing is often performed with the 
cholesterol assay in the laboratory as part of a lipid 
panel. Triglycerides are a form of fat, and are often 
carried by another lipoprotein, very low-density 
lipoprotein (VLDL). Elevated levels of triglycerides 
in the bloodstream may also lead to heart disease. 
Poor diet and low levels of exercise may lead to ele- 
vated triglyceride levels. 











Electrolytes 


Routine blood screening often includes an order for 
electrolytes. Electrolytes (often abbreviated as lytes) 
include several minerals that are essential for normal 
body function. They carry an electrical charge (positive 
or negative charge) when dissolved in water. Sodium, 
potassium, chloride, and CO, are usually included in 
an electrolyte assay. Additional tests may also be 
included by some laboratories, such those for as magne- 
sium and calcium. Electrolyte assays may provide 
information to the health-care provider about the acid- 
base balance of the body, causes for edema, or additional 
information about the status of kidney dysfunction. 
Electrolyte levels may also be altered by certain drugs, 
dehydration, and overhydration. The tests within the 
electrolyte panel may be ordered individually, or as a 
group. CLIA-waived automated procedures are available 
for electrolyte testing, but these tests may also be per- 
formed at hospital laboratories and reference laborato- 
ries. More information is available about the specific 
testing methods for electrolytes and the clinical signifi- 
cance of the analytes in Chapter 18. 





( Test Your Knowledge 16-5 


Which of these analytes is not included in an electrolyte 
panel? 
a. Sodium 
b. Potassium 
c. Chloride 
d. Cadmium 


— 








(Outcome 16-6) 








OTHER COMMON CLINICAL CHEMISTRY 
TESTS 





So far, we have focused on clinical chemistry tests that 
may be performed in the physician office laboratory as 
well as reference laboratories. In this section of the 
chapter, we focus on some of the most commonly 
ordered clinical chemistry tests that are not usually 
performed in the physician office laboratory. These 
tests would all be performed on serum or plasma in a 
hospital or reference laboratory. Many of these com- 
monly performed tests are ordered as profiles or panels 
rather than individual tests. The panels are beneficial to 
the health-care provider because the tests included in a 
panel may evaluate various aspects of a specific organ 
system; in the case of the basic metabolic panel 
(BMP) and comprehensive metabolic panel (CMP), 
they evaluate parameters of several organ systems. Ob- 
taining all the results at once can allow for a differen- 
tial diagnosis, and also may save the patient time and 
money by not having to return to the laboratory for 
separate blood draws. Charges for the tests included in 
a Medicare-approved panel may not legally surpass the 
costs of ordering the tests individually, so it is cost 
effective to perform multiple tests at one time. 





Test Your Knowledge 16-6 


List two advantages of ordering tests as a panel rather 
than individually. (Outcome 16-8) 





Blood Urea Nitrogen 


As protein is broken down by the body, it produces urea 
as a by-product. Nitrogen is part of this urea molecule. 
Urea should be cleared from the blood by the kidneys, so 
if the level blood urea nitrogen is elevated, it may be an 
indication that the patient has impaired renal function. 
Blood urea nitrogen (BUN) is a measurement of the 
amount of urea in the bloodstream. This test is often 
ordered in conjunction with a creatinine test. 
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Creatinine 


Creatinine is a by-product of muscle metabolism. As in 
the case with the blood urea nitrogen, creatinine should 
be cleared from the blood by the kidneys. Elevated 
creatinine levels may indicate impaired kidney function. 
Creatinine levels may be performed on urine samples to 
correlate the levels with those obtained from testing the 
serum or plasma. This provides more in-depth informa- 
tion about potential kidney dysfunction. 


Test Your Knowledge 16-7 


True or False: BUN and creatinine tests are routinely 
ordered to evaluate kidney function. | (Outcome 16-7) 





Thyroid Panels 


The thyroid gland secretes several very important hor- 
mones directly into the bloodstream. These hormones, 
thyroxine (T4) and triiodothyronine (T3) are essential 
for regulation of cellular metabolism. The thyroid gland 
also secretes thyrocalcitonin, which helps to stimulate 
calcium storage in the bones of the body. Many labora- 
tories offer thyroid panels that include the T3 and T4. 
Another hormone that affects thyroid function is the 
TSH (thyroid-stimulating hormone), which is secreted 
by the pituitary gland. Thyroid-stimulating hormone is 
necessary for the thyroid to be “stimulated” to produce 
the T3 and T4. For the thyroid gland to function nor- 
mally, there must be a source of iodine in the diet. Iodine 
can be ingested with iodized salt, seafood, or vegetables 
that were grown in soil with supplementary iodine. 
Hypothyroidism is a condition in which the thyroid 
gland does not produce enough of the hormones neces- 
sary to stimulate cell metabolism at a normal level. 
Patients may also suffer from hyperthyroidism, in 
which case the thyroid gland is producing hormones at a 
level that is above normal, resulting in overstimulation of 
cell metabolism. TSH levels outside of the normal range 
may cause under- or overstimulation of the thyroid 
gland, resulting in an imbalance; for this reason, the 
TSH may also be included in some thyroid panels. 


Comprehensive Metabolic Panel and Basic 
Metabolic Panel 


The CMP is a set of 14 tests that screen for problems 
with the kidneys, glucose metabolism, liver, and acid- 
base balance of the body. The CMP may be used as a 
general screening test during a routine office visit, or the 
panel may be ordered to monitor medication use or 
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changes in a disease process. The tests included in this 
panel are BUN, creatinine, sodium, potassium, chlo- 
ride, carbon dioxide, calcium, albumin, total protein, 
bilirubin, alkaline phosphatase (often abbreviated as 
ALP), alanine aminotransferase (also called SGPT or 
ALT), aspartate aminotransferase (which may also be 
known as SGOT or AST), and glucose. The CMP is a 
panel that has been approved for payment by the 
Center for Medicare & Medicaid Services (CMS), so it 
is acceptable for it to be ordered as a diagnostic test for 
patients with Medicare coverage. 

The BMP includes eight tests that will help to iden- 
tify problems with electrolytes, kidney function, glucose 
metabolism, and acid-base balance. The basic metabolic 
panel may be used as a diagnostic tool, or used to mon- 
itor medication use or patient progress with ongoing 
treatment. The BMP includes glucose, calcium, sodium, 
potassium, carbon dioxide, BUN, and creatinine levels. 
The BMP has also been approved for payment as a panel 
by the CMS, so patients who have Medicare as their pri- 
mary insurance may have this test ordered knowing that 
its cost is reimbursable. 


Cardiac Enzymes 


Cardiac enzymes are ordered in situations in which the 
health-care provider suspects damage to the heart, as in 
the case of ischemia (a temporary decrease of blood flow 
to the heart muscle) or in the case of trauma to the heart 
muscle from a myocardial infarction (heart attack). The 
profile usually includes a total creatine kinase (CK) and 
a CK-MB, in addition to other tests such as troponin or 
myoglobin. Creatine kinase is found in muscles other 
than the heart muscle; therefore, if the total CK level is 
elevated, additional testing must be performed to iden- 
tify the source of the abnormal result. CK isoenzymes are 
subtypes of the creatine kinase analyte. The CK-MB 
(creatine kinase myocardial band) isoenzyme is a specific 
marker for heart muscle damage. The CK-MB levels will 
start to rise in the bloodstream approximately 4 hours af- 
ter a myocardial infarction, and will peak approximately 
18 hours after the event. Troponin levels will be elevated 
with heart muscle damage, but not with other types of 
muscle trauma. Troponin I levels are especially sensitive 
to myocardial damage. Troponin testing may be per- 
formed on a STAT basis when a myocardial infarction is 
suspected because these levels become elevated sooner 
and remain elevated longer than the CK-MB after a 
heart attack. This allows for earlier diagnosis and appro- 
priate treatment. It is recommended that the troponin 
levels are tested every 2 to 4 hours for the first 24 hours 
after a cardiac event. Myoglobin may also be used as an 
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indicator for a myocardial infarction, because it will be 
elevated in the bloodstream sooner after a cardiac event 
than troponin will be. Myoglobin is found in cardiac and 
skeletal muscles, so the levels may be elevated in the 
bloodstream in situations other than myocardial infarc- 
tion because it is not specific to the heart muscle. 

When a patient has chest pain and a myocardial 
infarction is suspected, the cardiac enzymes are ordered 
serially, because the levels of the various components 
will change with time if there was damage to the heart 
muscle. Specimens are usually collected every few hours, 
and the health-care provider looks for a pattern in the 
elevation of the different components to rule out or 
differentially diagnose damage to the heart muscle as a 
result of a heart attack. If the specimens are not drawn 
several times within the first 24 hours, it is not possible 
to establish whether a heart attack really occurred. The 
myoglobin is usually the first test to be elevated, but 
most health-care providers like to have more informa- 
tion before proceeding with a differential diagnosis. It is 
important to remember that other diagnostic procedures 
(such as an electrocardiogram) will also assist with the 
diagnosis as well. 

Another common cardiac analysis is the brain natri- 
uretic peptide (BNP) test. BNP is synthesized in the ven- 
tricles of the heart. The BNP secretion rate is increased 
under conditions of additional myocardial stretch and 
abnormal wall tension. The test is used to differentiate 
whether dyspnea (difficulty breathing) is the result of 
pulmonary conditions or cardiac dysfunction. An exces- 
sively elevated BNP level is indicative of heart failure. 





Test Your Knowledge 16-8 


Why are cardiac enzymes ordered as a series of blood 
draws rather than just once? (Outcome 16-10) 





Hepatic or Liver Profile 


Disorders of hepatic (liver) function may be diagnosed 
using a hepatic function panel. Many of the hepatic 
enzymes are also found in other tissues of the body. The 
use of a panel may be helpful to the provider for a differ- 
ential diagnosis. Patients with elevated liver enzymes often 
exhibit jaundice (yellowing of the skin and eyes), nausea 
and vomiting, or urine that is dark in color. Specimens ob- 
tained from patients with liver disease or damage may have 
plasma or serum that appears icteric. Icteric samples have 
a dark yellow or greenish tint to the fluid portion of the 
blood, which often correlates to an elevated total bilirubin 
level. Hepatic function panels may also be used to moni- 
tor liver function when patients are taking medication 


that is known to cause hepatic damage. This panel usually 
includes at least seven tests that may be elevated with liver 
dysfunction: ALT (alanine aminotransferase), alkaline 
phosphatase, AST (aspartate aminotransferase), bilirubin, 
total protein, and albumin. 

Hepatic function panels may include additional tests 
in some laboratory settings. However, if there are addi- 
tional tests added to those listed above, Medicare may 
not pay for the tests performed. 





(Ga SaaS \ 
Test Your Knowledge 16-9 


Which of these tests are included in a hepatic function 
panel? 
a. AST 
b. Total protein 
c. ALT 
d. None of the above 
e. All of the above 








(Outcome 16-11) 





REFERENCE RANGES 





It is important to realize that the reference ranges for 
clinical chemistry tests are based on the technique used 
by the laboratory performing the test, the age and 
gender of the patient, the test preparation, and some- 
times even by the time of the day that the specimen was 
drawn. Occasionally there may be a difference in refer- 
ence ranges for the plasma versus serum samples as well. 
It is important always to document the details of the 
blood draw and patient preparation carefully when col- 
lecting the blood sample so that the reference ranges will 
be accurate. It is also essential that the medical assistant 
learn how to read the laboratory report so that abnormal 
results are recognized immediately. The reference ranges 
for the laboratory tests listed in this chapter are included 
in Table 16-1 and Table 16-2. 


POTENTIAL SOURCES OF ERROR 





The most common sources of error for clinical chemistry 
tests occur in the preanalytical area. These include improper 
patient preparation, inappropriate specimen collection 
techniques, and errors in specimen processing. Specific 
sources of specimen processing errors include the following: 


¢ Hemolysis: A sample can be hemolyzed (the red blood 
cells broken open) during specimen collection or after- 
ward during processing. Examples of procedures that 
may cause hemolysis include a traumatic blood draw, 
using a needle that is too small for the collection process, 
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TABLE 16-1 


Normal 70-100 mg/dL 


Reference ranges for glucose testing 
Fasting Plasma Glucose 


2-Hour Postprandial Glucose 


Less than 140 mg/dL 





Prediabetes 101-125 mg/dL 


141-199 mg/dL 





Diabetes 126 mg/dl or above 


200 mg/dL or above 





Data from American Diabetes Association. 



































TABLE 16-2 

Reference ranges for common chemical analytes (listed alphabetically) 
Analyte Normal Range (Adults) 
Albumin (Alb) 3.5-5 g/dL 

Alkaline phosphatase (ALP) A2-136 U/L 

Alanine aminotransferase (ALT) 10-35 U/L 

Aspartate aminotransferase (AST) 0-35 U/L 

Bilirubin, total (TBili) 0.3-1 mg/dl 

Blood urea nitrogen (BUN) 10-20 mg/dL 

Brain natriuretic peptide (BNP) 0-100 ng/L 

Calcium (Ca) 8.2-10.5 mg/dL 
Carbon dioxide (CO,) 22-30 mEq/L 





Chloride (Cl) 


96-106 mEq/L 





Cholesterol, total (Chol) 


Less than 200 mg/dL 





Creatinine (Creat) 


0.6-1.2 mg/dL 





Creatine kinase (CK) 
aka Creatine Phosphokinase (CPK) 


55-170 U/L 





High-density lipoprotein (HDL) 


Greater than 50 mg/dL 





Lactate dehydrogenase (LD, LDH) 


100-190 U/L 





Low-density lipoprotein (LDL) 


Less than 100 mg/dL 














Myoglobin Less than 90 pg/L 
Potassium (K) 3.5-5.0 mEq/L 
Sodium (Na) 136-145 mEq/L 
Thyroid-stimulating hormone (TSH) 0.4-4.2 pU/mL 





Thyroxine (TA) 


4.5-11.2 pg/db 





Triglyceride (Trig) 


Less than 150 mg/dL 





Triiodothyronine (T3) 





75-220 ng/dl 








shaking a tube after collection rather than using gentle 
inversion, or subjecting the whole blood sample to 
extreme heat or cold temperatures. Hemolysis may also 
result if a tube without anticoagulant is centrifuged 
before the specimen is allowed to clot adequately. Any 


activity that causes the red blood cells in the specimen to 
be agitated unnecessarily may potentially cause the red 
blood cells to be broken. Hemolysis causes the serum or 
plasma to take on a red color, which interferes with 
many testing methods. Figure 16-1 shows a specimen 
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Figure 16-2 A centrifuged blood specimen with lipemia 
evident in the serum. 


Figure 16-1 A centrifuged blood specimen with hemolysis 
evident in the serum. 


with visible hemolysis. Hemolysis may also increase 
levels of certain analytes in the plasma (potassium or 
iron, for instance) that are not normally present in high 
concentrations. The reference ranges for these chemicals 
are based on nonhemolyzed specimens, so it may appear 
that the patient needs treatment for an imbalance when 
the result is erroneous due to hemolysis. 

Lipemic specimens: Lipemia is present in a specimen 
when there are too many lipoproteins in the blood 
circulation. The excessively high levels of lipoproteins 
may be caused by hereditary hyperlipidemia or chronic 
liver disease. Malabsorption disorders may also cause 
lipemia to be evident. More often, lipemia results when 
a patient has not followed the instructions for speci- 
men preparation by not fasting as directed before the 
blood draw. Lipemic specimens have a “milky” appear- 
ance that may be visible immediately after collection or 
after centrifugation. These fatty particles suspended in 
the specimen will interfere with many clinical chem- 
istry assays. Some testing may be possible if the speci- 
men is “cleared” using a special centrifugation process, 
but often the laboratory will ask that the specimen be 
redrawn if the lipemia is severe. Lipemia is evident in 
the specimen included in Figure 16-2. 

Specimen collection errors: The medical assistant 
who is performing specimen collection needs to keep 
the difference between plasma and serum samples in 
mind. Ifa test calls for a serum sample, a tube with- 
out anticoagulant must be used for the collection. In 


addition, certain test results may also be affected if a 
tube with serum/plasma separator gel is used for the 
collection. Specifics about the type of specimens that 
are acceptable and unacceptable for a particular test 
would be listed in the laboratory directory, which pro- 
vides collection specifics for the tests offered by that 
laboratory. This SST restriction is most common when 
collecting specimens for medication levels. 

Another potential source of error when collecting 
clinical chemistry specimens is the incorrect timing of 
the collection. Tests may be ordered as a series of blood 
draws, as in the case of the cardiac enzymes. Medica- 
tion levels may also be ordered at specific times as peak 
and trough draws. It is important to understand the 
process involved in these timed collections so that the 
specimens are properly labeled and the reference 
ranges are matched to the specimen type. In the case 
of medication levels, it is important to find out if there 
are restrictions concerning the length of time between 
the last dose and the specimen collection so that the 
health-care provider will receive results that allow for 
proper treatment of the patient. 

In addition to the incorrect type of specimen collec- 
tion and the incorrect timing, another potential source 
of error is the order in which the tubes are collected. 
Carryover of anticoagulant from one tube to another 
may cause changes in the levels of certain analytes when 
the testing procedures are performed. Potassium levels, 
for example, may be elevated if the lavender top tube is 
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collected before the green top tube and a carryover of 
anticoagulant results. 

Quantity not sufficient: Laboratory directories provide 
information about the volume needed for testing proce- 
dures, and they may also provide a minimum volume 
accepted for the test. A QNS specimen (one that does 
not have the quantity necessary for testing) will require a 
re-collection, which delays potential treatment for the 
patient. These volume requirements must be taken into 
consideration before the sample is collected; they can 
affect the choices made concerning which type of collec- 
tion setup to use and how many tubes to draw. The stated 
minimum volumes usually allow the test to be performed 
only once; this means that if there are any errors during the 
analysis or an extremely high or low result, retesting the 
sample will not be possible. Sometimes it is necessary to 
retest the sample using dilutions to obtain a true value, 
but this would also not be possible if only the minimum 
volume is submitted to the laboratory. 

Exposure to light: Some analytes (bilirubin and ferritin, 
for example) will deteriorate when exposed to light after 
collection. These samples need to be covered immedi- 
ately (usually wrapping foil around the tube will suffice) 
and centrifuged as soon as possible. The plasma or serum 
to be analyzed should be separated into a tube designed 
to protect the specimen from light exposure. Figure 16-3 
shows an amber plastic transfer tube that is designed to 
minimize the light exposure for a specimen. 

Exposure to air: Once a specimen has been cen- 
trifuged, it may be necessary to remove the rubber top 
of the tube and separate out the plasma or serum. The 
exposure to air should be minimized, as the concentra- 
tion for some analytes will change with the exposure. 
Alcohol analysis is an excellent example of this; the 
longer the tube is open, the lower the alcohol concen- 
tration may become in the specimen. Carbon dioxide 
is another common analyte that may decrease with 
continued exposure to air. 

Specimen processing: Careful adherence to specimen 
processing is essential for clinical chemistry tests. Many of 
the chemical concentrations will change when left at 
room temperature for extended periods of time, so re- 
searching the specimen requirements prior to processing 
is important. If there is a question about how to handle a 
specimen, the laboratory directory should be consulted, 
and if necessary, the testing laboratory should be con- 
tacted for clarification before the specimen is collected. 
Plasma or serum may require freezing or refrigeration 
within a certain amount of time after collection to main- 
tain the integrity of the sample. It is also necessary to 
prechill specimen collection tubes for some analytes. 
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Figure 16-3 Amber transfer tubes designed to minimize 
specimen exposure to light. 


¢ Delayed processing: Blood specimens to be used for 


clinical chemistry should be centrifuged as soon as possi- 
ble so that the plasma or serum can be removed from the 
cells in a timely manner. Serum tubes must be allowed to 
clot completely before centrifuging. Delayed separation 
of cells from plasma or serum will allow analytes that are 
in a higher concentration within the cells than outside 
the cells to “leak” out of the cells and cause erroneous test 
results. This can result in an inaccurate diagnosis and/or 
unnecessary treatment for the patient. Conversely, glu- 
cose that is present in the plasma or serum will continue 
to be used by the cells in the specimen as an energy source 
if the serum or plasma is not removed from the cells in a 
timely manner. Therefore, the longer that the cells re- 
main in contact with the fluid portion of the blood, the 
lower the glucose levels will become in the plasma or 
serum. This can make it appear that the patient has a very 
low plasma glucose level when the specimen is tested in 
the laboratory. 








la >) 
Test Your Knowledge16-10 
Which of these potential sources of error are related to 
high levels of lipids in the bloodstream? 
a. Lipemia 
b. Hemolysis 
c. Erroneous low glucose levels 
d. QNS specimens (Outcome 16-13) 
= y 
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5. True or False: Hemoglobin is a Outcome 16-3 
SUMMARY substance that is dissolved in blood plasma. 
Clinical chemistry is a complex component of labora- & Aviliclicok heeshenand ne Sianaies 
tory testing. There are hundreds of tests that may fall . . pera 
: : . . included in a typical lipid panel? 
into this category, and the specimen collection and 
processing requirements will vary depending on the a. Total cholesterol 
testing method and laboratory policies. Some clinical b. Total triglyceride 
chemistry tests may be performed in physician office ec. VLDL 
laboratories; most of these will use whole blood spec- d. Creatinine 
imens for analysis. Common clinical chemistry tests 7. An electrolyte panel typically Oulton 186 
performed in the physician office laboratory include so Auideawaicls at diese Cae 
glucose and cholesterol testing. Clinical chemistry BUN 
tests performed at reference laboratories are usually . CPK 
performed on plasma or serum specimens rather than , AIT 
whole blood specimens. Many of these tests may be a Potassi 
ordered as panels or profiles. There are numerous BR Sarteeee ye 
sources of error in specimen collection and processing 8. True or False: A panel of laboratory Outcome 16-8 
for clinical chemistry tests, so the medical assistant tests costs more for the patient than ordering all the 
has to remain diligent about specific specimen re- tests in the panel individually. 
quirements to provide appropriate specimens for eet meee ee ccesn wee 
meaningful laboratory results. i ueuallyineluded 3 di P 

y included in a cardiac panel? 








a. ALT 

b. CK-MB 
c. CK 

d. Myoglobin 


10. Which of these factors may be Outcome 16-12 
taken into consideration when evaluating reference 
ranges for a test? 





TIME TO REVIEW 


1. Atherosclerosis is: Outcome 16-1 


a. Hardening of the arteries due to age 

b. A buildup of waxy plaque on the lining of blood 
vessels 

c. A condition related to high glucose levels 

d. The presence of occult blood in the stool 


a. Age and gender of the patient 

b. Testing methodology 

c. Time of day for specimen collection 

d. All of the above 

2. Creatinine is present in the blood 
as a by-product of: 


Outcome 16-1 11. True or False: Hemolysis is avoidable Outcome 16-13 


when collecting a blood sample. 


Case Study 16-1: What order? 


Mr. Oliver arrived early for his blood draw one Monday 
morning. The medical assistant was running late that 
day, and seemed to be a bit distracted as she prepared 
for the blood draw. Mr. Oliver’s physician had ordered 





a. Protein metabolism 
b. Heart damage 

c. Muscle metabolism 
d. Glucose metabolism 





3. Myoglobin and troponin are Outcome 16-1 
examples of: 


a. Tests included in a typical hepatic function panel 


b. Tests included in a typical renal function panel 
c. Tests included in the BMP 
d. Tests included in an order for cardiac enzymes 


. True or False: Plasma is the liquid Outcome 16-2 
portion of the blood separated after centrifugation 
from a tube that does not contain anticoagulant. 


a CBC (to be collected in a potassium EDTA tube) and 
a potassium level (to be collected in a green top 
heparinized tube). The MA completed the blood draw, 
and thanked Mr. Oliver for his time. 

The next day, the physician’s office called Mr. Oliver 
and asked him to come in to have his potassium level 
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rechecked, as it was elevated on the test from the day 
before. This was not an expected result, as usually 
Mr. Oliver's potassium level was decreased below the 
reference range. The specimen was drawn and checked 
ona STAT basis, and the result was in the low end of the 
reference range. The physician told Mr. Oliver that the pre- 
vious result was elevated because of a laboratory error. 


1. What are two sources of error that could cause the 
potassium result to be erroneously elevated in this 
scenario? 





RESOURCES AND SUGGESTED READINGS 


“Modern Technology Helps Shed Light on Illness in Artists of 
the Past” 
A summary of an article by Paul L. Wolf, MD, which ap- 
peared in the November 2005 edition of the Archives of 
Pathology and Laboratory Medicine, a publication of the 
College of American Pathologists. Very interesting information 
concerning the way that illnesses and drugs have influenced 
the work of many famous artists and composers. 
http://www.newswise.com/articles/view/516145/ 
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“Cholesterol” 
Excellent presentation on cholesterol and the effects that it 
may have on the cardiovascular system; also includes infor- 
mation about lifestyle changes and symptoms of myocardial 
infarction and stroke http://www.americanheart.org 

“Diseases and Conditions Index, Coronary Artery Disease” 

National Heart, Lung and Blood Institute; National Institutes 
of Health 
Excellent information about coronary artery disease includ- 
ing illustrations. http://www.nhlbi.nih.gov/health/dci/ 
Diseases/Cad/CAD_Whatls. html 

“Third Report of the Expert Panel on Detection, Evaluation, 
and Treatment of High Blood Cholesterol in Adults 
(Adult Treatment Panel III)” 

National Heart, Lung and Blood Institute: National Institutes 
of Health 
Includes recommendations for lipid testing and desirable 
ranges and treatment options. http://www.nhlbi.nih.gov/ 
guidelines/cholesterol/index.htm 
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Chapter 17 





Glucose Testing 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 





CHAPTER OUTLINE 
Glucose Utilization and Control Mechanisms Blood Ketone Testing 
Pathophysiology of Glucose Metabolism Capillary Sample Testing and Correlation to Plasma 
Prediabetes Glucose Levels 
Diabetes Urine Testing for Diabetics 
Type 1 Diabetes Glucose Testing Methods 
Type 2 Diabetes Home Glucose Testing Instruments 
Gestational Diabetes Quality Control and Common Errors 
Types of Glucose Tests Performed Laboratory Glucose Testing and Potential Sources of 
Fasting Blood Glucose Test Error 
Random Glucose Test Summary 
Postprandial Glucose Test Time to Review 
Oral Glucose Tolerance Testing Procedures Case Study 
Glycosylated Hemoglobin Resources and Suggested Readings 


Lea rning Outcomes After reading this chapter, the successful student will be able to: 





17-1 Define the key terms. 17-9 — Explain the procedure for postprandial glucose 
17-2 Explain how insulin and glucagon work together testing. 
to maintain healthy blood sugar levels. 17-10 Describe the steps involved in a glucose toler- 
17-3 List three ways that insulin secretion affects the atlases 
body. 17-11 Identify the clinical significance of the Hb Alc 
17-4 Compare and contrast type 1 and type 2 diabetes. — 
17-5 Describe how gestational diabetes is different 17-12 Explain how the results for capillary whole 
from type 1 and type 2 diabetes. blood glucose testing may compare to those 


17-6 List potential problems that may develop with tested on aplasia ea 


uncontralledidinbeccss 17-13 Describe common maintenance and quality 
control issues that may need to be addressed in 


17-7 Explain why it is important to diagnose and treat home and laboratory eltestaes neemen nem 


gestational diabetes. 


17-8 Examine the differences between the random 17-14 Perform CLIA-waived! glncove testins, 


and fasting glucose testing. 17-15 Perform a CLIA-waived Hb Alc test. 





349 
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CAAHEP/ABHES STANDARDS 


CM 
CAAHEP Standards 


1.P.13. Perform chemistry testing 


KEY TERMS 


wae 


“SS” ABHES Standards 
e 10. Medical Laboratory Procedures, b. CLIA-waived 


tests 


¢ Graduates: b. Perform selected CLIA-waived tests that 
assist with diagnosis and treatment, #3 Chemistry 


Testing 





Albumin 

Autoantibodies 
Autoimmune response 
Body mass index (BMI) 
Carbohydrates 

Diabetes 

Diabetes insipidus 
Diabetes mellitus 

Diabetic ketoacidosis 
Diabetic neuropathy 
Etiology 

Fasting blood sugar (FBS) 
Fasting plasma glucose (FPG) 
Gestational diabetes 
Glucagon 


Glucose 


Glucose challenge test 
Glucosuria 

Glycated hemoglobin 
Glycemic control 

Glycogen 

Glycogenolysis 

Glycolysis 

Glycosylated hemoglobin 

Hb Alc 

Hyperglycemia 

Hypoglycemia 

Impaired fasting glucose (IFG) 
Impaired glucose tolerance (IGT) 
Insulin 

Insulin dependent 


Insulin resistance 


Islets of Langerhans 
Ketones 

Ketonuria 
Macrosomia 
Metabolic syndrome 
Microalbumin 
Microalbuminuria 


Oral glucose tolerance test 
(OGTT) 


Polydipsia 
Polyphagia 
Polyuria 
Postprandial 
Prediabetes 
Type 1 diabetes 
Type 2 diabetes 


HH“ has provided us with many detailed observa- 
tions of patients with diabetes. The ancient physi- 
cians documented the symptoms related to diabetes, 
such as frequent excessive urination and weight loss; 
however, they were not able to effectively treat the con- 
dition. In the first century AD, a physician in ancient 
Greece named this malady diabetes, based on the Greek 
word for “siphon,” as it seemed to him that the liquid 
taken in by the body was just “siphoned” through and 
came directly out as urine. Other ancient civilizations 


provide examples of urine from ill patients that attracted 
ants because of the sweetness of the fluid. In the 1700s, 
physicians discovered that the urine and blood from 
patients exhibiting diabetic symptoms tasted sweet, like 
sugar, and this became an accepted means of diagnosing 
diabetes in symptomatic patients. 

The treatment of diabetes remained ineffective be- 
cause physicians could not determine the cause or source 
of the dysfunction responsible for the symptoms. Some 
thought there was a problem with digestion in these 
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patients, whereas others thought it must be a disease of 
the kidneys because there was so much urine produced. 
It was not until the late 19th century that scientists dis- 
covered evidence that the pancreas was involved in the 
process. In 1889, two physicians who were studying fat 
digestion and utilization discovered that the removal of 
the pancreas caused the animals in the experiment to 
exhibit the symptoms of diabetes. In 1922, Frederick 
Banting and Charles Best experimented with extracts 
from the pancreas to isolate insulin, an enzyme that is 
necessary for the proper utilization of glucose by the cells 
of the body. Insulin became available in the 1920s as 
injected medication to treat diabetes, with immediate 
lifesaving results for those afflicted. 

In 1935, scientist Roger Himsworth presented evi- 
dence that diabetes was actually two separate diseases: 
“insulin sensitive” (today’s type 1 diabetes) and “insulin 
insensitive” (now known as type 2 diabetes). This discov- 
ery provided the opportunity for a deeper understanding 
of the disease and its treatment, as well as the develop- 
ment of an oral medication for “insulin-insensitive” type 
of diabetes, which became available in the 1950s. 

Even though the cause and types of diabetes are now 
understood and more treatment options are available, 
diabetes is still a very serious, widespread, and expensive 
health problem. According to statistics from the Centers 
for Disease Control and Prevention (CDC), approxi- 
mately 8% of the population of the United States has 
diabetes, and in 2007 it was the sixth leading cause of 
death. Common complications of diabetes include car- 
diovascular disease, increased stroke risk, poor healing, 
hypertension, blindness, kidney disease, nervous system 
dysfunction, amputations, and dental disease. Diabetes 
can also contribute to complications of pregnancy and 
causes increased susceptibility to other illnesses. Because 
of the severity of this disease and the number of those 
afflicted, glucose testing has become a very common 
procedure performed in physician office laboratories and 
reference laboratories. Health-care providers and pa- 
tients must work closely together to manage the disease 
and provide appropriate treatment to avoid the onset of 
life-threatening complications. 


GLUCOSE UTILIZATION AND CONTROL 
MECHANISMS 





Glucose is a type of simple sugar that is needed as an en- 
ergy source by all living things. When carbohydrates are 
digested, glucose enters into the bloodstream as a by- 
product. As the blood glucose levels rise, the body reacts 
in several ways: 
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Some of the glucose goes directly to the brain tissues, 
where it is needed for normal function. Cells of the brain 
do not require insulin to take in glucose for energy. 
The increased levels of glucose in the blood trigger the 
pancreas to release insulin, which is produced by clus- 
ters of specialized beta cells in the pancreatic islets of 
Langerhans. Insulin is required for glucose to enter 
most of the cells of the body so that it can be used 
as an energy source. The cells of the body have a 
receptor that interacts with the insulin molecule. This 
interaction allows glucose to pass through the cell 
membrane. Insulin may be considered as a “key” to 
open the doors on the cells to allow the glucose to 
enter. The cells accept as much glucose as needed for 
normal function. 

Because a meal may provide more glucose than is 
needed immediately, insulin triggers the body to store 
the excess glucose in the muscles and liver as glycogen, 
which is essentially a long string of glucose molecules. 
When the demand for glucose increases past what is in 
the bloodstream, this glycogen is broken down and re- 
leased for use as glucose. The increased glucose demand 
may also result in the transmission of a message to the 
brain encouraging the body to take in food. Additional 
unneeded glucose may be stored as fat. 





Test Your Knowledge 17-1 


What is glycogen? (Outcome 17-1) 





Once the glucose has entered the cells of the body, 
the blood glucose levels begin to return to normal. The 
goal of the body is to keep a consistent level of glucose 
in the bloodstream at all times while providing the 
necessary energy to the cells. Glucose continues to be 
used by the cells constantly, and with increased activity 
the glucose demands are heightened. The increased 
demand causes the glucose levels in the bloodstream to 
decrease below the normal range as the glucose mole- 
cules move into the cells. When this occurs, another cell 
type (alpha cells) in the pancreatic islets of Langerhans 
secrete a hormone called glucagon, which counteracts 
the effects of insulin. (See Fig. 17-1 for more details 
about the pancreas and the islets of Langerhans.) 
Glucagon causes the pancreas to reduce insulin produc- 
tion, and signals the liver, muscles, and adipose tissues 
of the body to release some of the glucose that is stored 
there into the bloodstream to increase blood glucose 
levels. This process of glycogen breakdown is called 
glycogenolysis. Figure 17-2 demonstrates the balance 
between glucose, insulin, and glucagon. 
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The intricate balance of the blood sugar levels, insulin 
secretion, and glucagon secretion is essential for the body 
to function normally. Insulin is required for most of the 
cells in the body to take in glucose to be used for energy, 
and insulin also triggers the formation of glycogen and 
triglycerides from the excess blood glucose so that the 
body has a backup source of energy between meals or 
during times of increased need. In addition, the secretion 
of insulin stimulates the liver and muscle cells to absorb 
amino acids introduced into the bloodstream during di- 
gestion and use these to create proteins. Insulin also stim- 
ulates the cells to take in fatty acids from the bloodstream 
so that there is not an excessive buildup. 





Test Your Knowledge 17-2 


Which of these processes is triggered by the secretion of 
insulin? 

a. Formation of glycogen 

b. Increase of blood glucose 

c. Formation of glucose 


d. Secretion of glucose (Outcome 17-3) 











(secrete somatostatin) 


Red blood 


Figure 17-1 Pancreas and islets of 
Langerhans; note the alpha and beta cells. 


PATHOPHYSIOLOGY OF GLUCOSE 
METABOLISM 





Prediabetes 


According to the American Diabetes Association, there 
are approximately 57 million Americans that have pre- 
diabetes, which is defined as a condition in which the 
blood glucose level is elevated, but not high enough to 
be indicative of a diagnosis for type 1 or type 2 diabetes. 
Those who have prediabetes may already be experiencing 
some of the adverse effects of hyperglycemia (elevated 
blood glucose) and are at a greatly increased risk of de- 
veloping diabetes within the next few years. 

Those with prediabetes have some degree of insulin 
resistance, usually associated with obesity, a sedentary 
lifestyle, and poor eating habits. Patients with increased 
abdominal fat and an elevated body mass index (BMI) 
(a measurement of weight in relationship to height) are at 
an increased risk, as well as those with a history of type 2 
diabetes in their immediate family. In addition, dia- 
betes is more common in certain ethnic groups. Latinos, 
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REGULATION OF BLOOD GLUCOSE LEVELS 
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Figure 17-2 Representation of the balance between blood glucose, insulin, and glucagon. When blood glucose is 
increased, the body produces insulin to allow the glucose to enter the cells. This decreases the blood glucose levels, which 
triggers glucagon to be released if the level drops too low. The glucagon then decreases the absorption of glucose into the 
cells, and increases the breakdown of glycogen, if necessary. 


African Americans, Native Americans, Asian Americans, 
and Pacific Islanders have an increased presence of dia- 
betes in their populations. The elderly also have a dispro- 
portionate amount of diabetes present. Because these 
groups have more diabetes in their midst, prediabetes is 
also more likely. 

Prediabetes is detected by testing the blood glucose 
level. The desirable fasting plasma glucose (FPG) re- 
sult tested after approximately 12 hours of fasting is 
below 100 mg/dL. Prediabetes is indicated by an FPG 
of 100 to 125 mg/dL, and patients with diabetes usu- 
ally demonstrate an FPG of 126 mg/dL or above. 
Prediabetics with an FPG of 100 to 125 mg/dL are 


said to have impaired fasting glucose (IFG). The pre- 
diabetes diagnosis may also be based on an abnormal 
oral glucose tolerance test (OGTT) result. The result 
at 2 hours during this procedure for prediabetics will 
be between 140 and 200 mg/dL, and for diabetics it 
will be over 200 mg/dL. (The OGTT procedure is de- 
tailed later in this chapter.) Prediabetics with glucose 
levels at 2 hours between 140 and 200 mg/dL are said 
to have impaired glucose tolerance (IGT). 

Those diagnosed with prediabetes do not always pro- 
ceed to develop diabetes. Studies have shown that if 
patients with prediabetes make a concentrated effort to 
increase physical activity and reduce their weight by 5% 
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to 10%, they may not develop diabetes, or at the very 
least, they may delay the onset of diabetes for a few years. 
These lifestyle changes will also stop any undesirable ef- 
fects of the hyperglycemia on the cells of the body. The 
American Diabetes Association strongly recommends 
counseling and follow-up for this group to assist with 


lifestyle changes. 


Diabetes 


The word diabetes is used to refer to a group of disor- 
ders that all exhibit hyperglycemia, or elevated blood 
glucose. These may also be known as different types of 
diabetes mellitus, or “sweet” diabetes, because of the 
glucose content in the urine of those diagnosed. There 
are actually three different types of diabetes associated 
with hyperglycemia, which differ by their etiology 
(cause) and by their treatment. These include type 1 
diabetes, which previously was known as insulin- 
dependent diabetes or juvenile-onset diabetes. Type 2 
diabetes was previously known as non-insulin- 
dependent diabetes. Gestational diabetes is a disorder 
of glucose metabolism that only affects those who are 
pregnant. A diagnosis of type 1 or type 2 diabetes is 
usually only assigned to a patient after confirmation of 
the abnormal blood levels. 


Type 1 Diabetes 


Patients with type 1 diabetes have a lack of insulin. 
The beta cells of the islets of Langerhans in the pan- 
creas have been destroyed and are not capable of creat- 
ing enough insulin to keep the body healthy. Type 1 
diabetes is present in approximately 5% to 10% of all 
diabetic patients, and presents most often in children 
or adolescents. Adults may also be afflicted, although 
this is not as common as it is in those under the age of 
20. The destruction of the beta cells responsible for in- 
sulin production is most commonly associated with an 
autoimmune response, in which the patient’s body 
develops autoantibodies that attack the cells in the 
islets of Langerhans. There seems to be a genetic pre- 
disposition to this condition, although it appears that 
there is usually some sort of “trigger” that brings on 
the autoantibody production. Viral infections and en- 
vironmental factors have been linked to the progres- 
sion of the disease. 

Type 1 diabetes may develop over a few weeks; the 
onset of the disease is often quite rapid as compared to 
type 2 diabetes, which has a gradual progression. Type 
1 diabetes patients commonly exhibit fatigue, increased 
urination and increased thirst, nausea and vomiting, 


and weight loss in spite of an increased appetite. Dur- 
ing the initial onset of symptoms, the patient may have 
periods of hyperglycemia as well as hypoglycemia (low 
blood sugar). If the diagnosis and treatment are not 
established early in the disease process, the body will 
react to the shortage of insulin by using fatty acids as 
an energy source instead of depending on glucose. The 
use of fatty acids may cause a buildup of ketones in the 
bloodstream. Ketones are a by-product of fat metabo- 
lism, and because they are acidic in nature, they will 
change the pH of the body over a period of time. 
Initial symptoms of diabetic ketoacidosis include 
abdominal pain, nausea, and vomiting. As the condi- 
tion progresses, the patient may have increased shallow 
respirations, which is the body’s way of attempting to 
change the acidic blood pH. The patient may have dif- 
ficulty thinking and communicating clearly, and may 
eventually become comatose. It is at this point that the 
diagnosis of type 1 diabetes is often assigned, as the 
patient is admitted to the emergency room or hospital 
once he or she becomes critically ill. 

Treatment of type 1 diabetes requires frequent 
insulin injections. Insulin cannot be administered 
orally, as it is not effective once it has been digested. 
There are many different types of insulin; some act 
quickly and stay in the circulation for a short period 
of time, and others are designed to be longer lasting. 
Patients who are insulin dependent monitor their 
blood glucose level several times daily and adjust their 
insulin intake accordingly. 


Type 2 Diabetes 


Type 2 diabetes is characterized by a lack of insulin 
activity on the cells of the body. This may be due to 
insulin resistance, in which the cells have a dimin- 
ished ability to interact with insulin as they should. Be- 
cause the insulin no longer acts on the cells of the body 
to allow the glucose to pass through into the cells, the 
blood glucose levels remain elevated. Type 2 diabetes 
may also be the result of a decreased production of in- 
sulin by the beta cells of the pancreas. In situations in 
which the patient exhibits insulin resistance, the body 
will try to produce more insulin to overcome the resist- 
ance, but after a period of time the demand is excessive 
and the production cannot keep up with the needs of 
the body. Those who have type 2 diabetes often have 
high levels of insulin in the bloodstream as well as high 
levels of glucose. In addition to the high levels of blood 
glucose that result because of ineffective cellular trans- 
port, the body also tries to accommodate the imbalance 
by breaking down additional glycogen in the liver, 
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which adds additional glucose to the bloodstream and 
complicates the situation further. 

Type 2 diabetes is the most common form of the dis- 
ease, affecting approximately 95% of all diabetics. The 
CDC has declared type 2 diabetes to be at an epidemic 
level, as the numbers of those diagnosed increase every 
year. The etiology (cause) of type 2 diabetes is compli- 
cated. There is a direct correlation with obesity and in- 
dividuals who have been diagnosed with metabolic 
syndrome (a group of risk factors that occur together 
and increase the risk of coronary heart disease, stroke, 
and type 2 diabetes), as well as a family history of type 
2 diabetes and a sedentary lifestyle. Women with a his- 
tory of polycystic ovary syndrome or gestational dia- 
betes also have an increased chance of developing type 2 
diabetes. Those older than age 40 are at a higher risk 
than those who are younger, although there has been 
a sharp increase in the number of obese children 
diagnosed with type 2 diabetes in the past few years. 
Certain ethnic groups are at a higher risk, such as 
Native Americans and those of Asian or African descent. 

Diagnosis of type 2 diabetes may be delayed for years 
after the first onset of symptoms as this type of diabetes 
develops slowly. As with type 1 diabetes, many patients 
diagnosed with type 2 diabetes demonstrate increased 
urination and increased thirst. Some other common 
symptoms include unexplained weight loss or weight 
gain, flu-like symptoms with fatigue and nausea accom- 
panied by a loss of appetite, changes in vision, and 
poor healing. Patients may also find that they are more 
susceptible to other illnesses, such as the common cold. 
Having frequent urinary or yeast infections may also be 
an indicator of type 2 diabetes. Another clinical indica- 
tor may be a change in oral health, because diabetes may 
cause inflammation that leads to infection in the gums. 
In addition, some patients experience tingling or loss of 
sensation in the fingertips or toes, which is caused by 
damaged nerve endings from the high levels of glucose 
in the body. 

Type 2 diabetes is first treated with lifestyle changes. 
Most patients diagnosed with this type of diabetes are 
overweight, so the first goal is to lose approximately 8% 
to 10% of the total weight. Diabetics are also encour- 
aged to exercise for at least 150 minutes per week to im- 
prove their health. Oral medications that enhance the 
ability of the body to react to insulin or stimulate the 
beta cells of the pancreas to produce more insulin may 
also be used. If these measures are ineffective in accom- 
plishing glycemic control (appropriate blood glucose 
levels), the patient with type 2 diabetes may be treated 
with insulin injections. 
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Untreated or uncontrolled type 1 or type 2 diabetes 
may lead to hypertension and other serious cardiovascu- 
lar diseases, as well as diabetic neuropathy; nervous 
system damage; eye and kidney tissue damage; poor 
healing; foot and skin complications; and gastroparesis, 
a disorder in which the stomach takes too long to empty 
after eating. Those with diabetes are at an increased risk 
of developing depression. Patients with type 1 diabetes 
may also have an increased risk of developing celiac dis- 
ease (a chronic digestive disorder caused by the inability 
to metabolize gluten) or a painful musculoskeletal con- 
dition known as “frozen shoulder,” in which the indi- 
vidual loses movement of the shoulder for a period of 
time. 





( Test Your Knowledge 17-3 


List one way that type 1 and type 2 diabetes are similar. 
(Outcome 17-4) 


eee 





i 
Test Your Knowledge 17-4 


List two potential consequences of uncontrolled or 
untreated diabetes. (Outcome 17-6) 
4 








& 





Gestational Diabetes 


Gestational diabetes (sometimes abbreviated as GDM) 
is similar to type 2 diabetes because it is a form of 
glucose intolerance rather than a reduction in insulin 
production. Approximately 4% of all pregnant women 
develop gestational diabetes. It is more frequent 
among Hispanic Americans, African Americans, Native 
Americans, Asian Americans, indigenous Australians, 
and Pacific Islanders. Obesity, previous delivery of an 
infant weighing more than 9 pounds, and a positive 
family history of diabetes also increase the risk of devel- 
oping gestational diabetes. Women who have gesta- 
tional diabetes will usually demonstrate it in subse- 
quent pregnancies, and are at an increased risk of 
developing type 2 diabetes later in life. 

Although the exact cause of gestational diabetes is not 
clear, it is thought that the insulin resistance present in 
gestational diabetes is demonstrated as a result of the ad- 
ditional hormones present in the body during preg- 
nancy. The placenta produces high levels of hormones 
(such as cortisol and estrogen) to support and sustain the 
pregnancy. These hormones block or reduce the action 
of insulin on the cells of the mother’s body, which causes 
her blood glucose levels to become elevated. 
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The high levels of hormones are not usually a prob- 
lem until late in the pregnancy, as the mother’s pancreas 
normally responds to the additional insulin demands 
early in the pregnancy. As the pregnancy continues, the 
additional maternal insulin production cannot overcome 
the effects of the hormones produced by the placenta, 
and the mother will exhibit sustained elevated blood 
glucose levels. 

Gestational diabetes is a serious health risk because 
of the additional glucose in the mother’s bloodstream. 
Glucose passes through the placenta to the fetus, 
causing a condition known as macrosomia. Macroso- 
mia means “fat baby.” In this condition, the addi- 
tional glucose passed on to the baby from the mother 
causes the baby’s body to produce excessive fat cells in 
response to the additional unneeded glucose. The 
baby may become excessively large, which can cause 
complications during delivery. Many babies born to 
mothers with gestational diabetes must be delivered 
using a cesarean delivery, as their excessive size does 
not allow a vaginal birth. If a vaginal birth is at- 
tempted, these babies are at a high risk of shoulder 
damage during the delivery. Studies have shown that 
babies born to mothers with gestational diabetes have 
increased risk of becoming obese as children, as well 
as an increased risk of developing type 2 diabetes later 
in life. 

In addition to the risks from excessive size, infants 
born to mothers with gestational diabetes have an in- 
creased risk of breathing problems, as well as extreme hy- 
poglycemia (low blood glucose levels) after birth. During 
the pregnancy, the infant has been producing enough in- 
sulin to process the glucose created by his or her own 
body, as well as the additional glucose supplied by the 
circulation of the mother. When the additional maternal 
glucose supply is discontinued at birth, there is too 
much insulin in the infant’s bloodstream, resulting in 
low levels of blood glucose. Without careful monitoring, 
this situation can become life threatening. These babies 
may also be at an increased risk for other chemical im- 
balances in the first few days of life. 


Test Your Knowledge 17-5 


Is gestational diabetes more like type 1 or type 2 
diabetes? Why? (Outcome 17-5) 
y 
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( Test Your Knowledge 17-6 


How is macrosomia related to gestational diabetes? 
(Outcome 17-7) 
eg 








= 





POINT OF INTEREST 17-1 
Another type of diabetes 


Ww 


There is another disease that shares the name dia- 
betes, but it is not associated with hyperglycemia. 
Diabetes insipidus is an endocrine disease character- 
ized by a lack of the hormone vasopressin, which acts 
on the kidneys to reduce urinary output and allow for 
concentration of the urine. Vasopressin is produced 
by the pituitary gland, and those with this disease ei- 
ther do not produce enough vasopressin, or they have 
developed a resistance to the actions of vasopressin to 
concentrate urine. A patient with diabetes insipidus 
produces excessive amounts of urine each day, and of- 
ten sees the physician because of symptoms associated 
with bed-wetting, dehydration, and/or electrolyte 
imbalances. Diabetes insipidus has very little in com- 
mon with the other forms of diabetes discussed in 
this text, except for the initial common symptoms of 
increased urination and increased thirst. 














TYPES OF GLUCOSE TESTS PERFORMED 


The role of the laboratory in diabetes care is to assist the 
health-care provider in the initial diagnosis, differentia- 
tion about the type of diabetes present, and monitoring 
the progress of the treatment once it has started for the 
patient. There are several types of glucose test procedures 
performed that provide necessary information to the 
health-care provider. 


Fasting Blood Glucose Test 


The glucose level performed in a laboratory on a fasting 
blood specimen is known as a fasting plasma glucose 
(FPG). The term fasting blood sugar (FBS) may also be 
used. Most laboratories perform blood glucose levels on 
plasma or serum, rather than on whole blood. To prepare 
for this test, the patient needs to fast for 12 hours and 
should not smoke, drink anything but water, or take 
medication before the test. (Sometimes the medication 
is a must; this should be cleared with the physician 
before the specimen is drawn.) The World Health Or- 
ganization recommends the use of plasma obtained from 
a venipuncture for this test. If the test cannot be per- 
formed within an hour of the blood draw, a gray top 
tube should be used for the specimen. The additives in 
the gray top tube reduce glycolysis (utilization of the 
glucose in the specimen by the living cells present) for up 
to 24 hours at room temperature. The desirable fasting 
plasma or serum glucose level is 70 to 100 mg/dL 
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Patients with FPG of 100 to 125 mg/dL have impaired 
fasting glucose, and are prediabetic. A result equal to or 
above 125 mg/dL is indicative of diabetes. 


Random Glucose Test 


A random blood glucose test is one that is taken at any 
time of the day without regard for the time of the last 
meal. A patient who is symptomatic for diabetes, perhaps 
exhibiting polyuria, (excessive urination) polyphagia, 
(excessive hunger), or polydipsia (excessive thirst) and 
unexplained weight loss may have a random glucose test 
ordered. According to the criteria established by the 
American Diabetes Association, if the random glucose re- 
sult for a symptomatic patient is equal to or greater than 
200 mg/dL, then the patient is classified as a diabetic. 





( Test Your Knowledge 17-7 


Which of these best describes a random glucose? 
a. A glucose level drawn 1 hour after eating 
b. A glucose level drawn after 12 hours of fasting 
c. A glucose level drawn at any time of the day 
without any previous preparation 
d. A glucose level drawn just before eating 
(Outcome 17-8) 
_4 











Postprandial Glucose Test 


Postprandial refers to something done after eating or af- 
ter mealtime. Glucose testing that is performed. post- 
prandial may mean that the blood specimen was col- 
lected a specific amount of time after a meal, or it may 
mean that the specimen was drawn at a certain interval 
after ingestion of a glucose-rich beverage. Diabetics who 
are striving to achieve close glycemic control will test 
their blood glucose levels at home 1 or 2 hours postpran- 
dial to see how their body has handled the meal. Most 
diabetic educational materials provide target ranges for 
2-hour postprandial blood glucose levels. Ideally, the 
blood glucose should not go above 140 mg/dL for non- 
diabetic patients; for diabetics the level should remain 
below 180 mg/dL 2 hours after eating. 

Initial screening procedures for gestational diabetes 
may also use postprandial glucose testing. This may be 
called a glucose challenge test. Patients do not need to 
fast before this procedure. When they arrive at the labo- 
ratory or physician office, they are given a drink that con- 
tains 50 g of glucose. This drink must be ingested within 
5 minutes for the test to be valid. A blood specimen 
is drawn exactly 1 hour after ingestion of the glucose 
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solution. Patients with gestational diabetes will demon- 
strate a postprandial blood glucose level at 1 hour that is 
greater than or equal to 140 mg/dL. If this glucose chal- 
lenge result is elevated, then the health-care provider will 
usually order a 3-hour oral glucose tolerance test. 





Test Your Knowledge 17-8 


True or False: A laboratory postprandial glucose test is 
drawn at a specific time interval after ingestion of a 
drink high in glucose or ingestion of a meal. 

(Outcome 17-9) 





Oral Glucose Tolerance Testing Procedures 


According to the National Institutes of Health, the oral 
glucose tolerance test is more sensitive to the detection of 
prediabetes than the fasting glucose test level. The 
OGTT is used primarily for the diagnosis of diabetes 
mellitus. This test may be performed on a patient with an 
abnormal FPG, assuming that the result of the FPG was 
less than 200 mg/dL. If the fasting result was equal to or 
more than 200 mg/dL, an oral glucose tolerance test is 
not indicated because the high FPG level is indicative of 
diabetes. This test may also be ordered for patients who 
are being evaluated for gestational diabetes, or those who 
had an abnormal 1-hour postprandial glucose result. 


e A patient preparing for an oral glucose tolerance test 
should have a carbohydrate-rich diet for at least 3 days 
prior to the scheduled test. Diets that restrict carbohy- 
drate intake may produce erroneous results. The pa- 
tient must fast for 12 hours prior to the test. During 
this time, no food or liquid other than water is to be 
consumed. The patient should also avoid smoking and 
strenuous exercise. 

¢ Upon arrival at the laboratory or the clinic, the patient 

will have a fasting plasma glucose specimen drawn. 

This specimen should be analyzed for glucose content 

before continuing with the process; if the fasting 

plasma glucose results are elevated above 126 mg/dL, 
the test will not continue. Also, some laboratories will 
collect a urine specimen with each blood draw; this 
helps to provide more information about the glucose 
that may be “spilled” into the urine specimen. Usually 

a blood glucose of 170 mg/dL or greater will cause 

glucose to be present in the urine specimen, as the 

body cannot handle these high levels. 

After the fasting specimen has been drawn, the patient 

will be given a solution with 75 or 100 g of glucose 

dissolved in water. (For a patient who is not pregnant, 
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75 g are used; when testing for gestational diabetes, 
100 g are used.) 

Blood specimens (and urine if that is the policy of the 
laboratory) will be collected at least three more times 
during the procedure: 1 hour, 2 hours, and 3 hours after 
the initial dose of glucose drink has been ingested. Some 
laboratories will also collect a blood specimen half an 
hour after ingestion to provide more information about 
how the body is utilizing the glucose in the specimen. 
Occasionally, patients will feel nauseous, tired, cold, 
and perspire while undergoing this test. It is important 
that patients are kept calm, and that they stay in an area 
where they can be monitored while waiting. Sometimes 
a patient will vomit shortly after ingestion of the glucose 
solution; if this occurs early in the process (prior to 
1 hour after drinking the sweetened drink), then the 
procedure should be discontinued and rescheduled, as 
the results may be inaccurate. Also, if a patient loses 
consciousness or exhibits symptoms of slurred speech 
and impaired thought processes, the test should be dis- 
continued and the physician or emergency personnel 
should be notified immediately. These could be signs of 
hypoglycemia that require immediate treatment. 


The interpretation of the test results is different when 
screening for diabetes mellitus than it is for gestational 
diabetes. For gestational diabetes screening with a 100-g 
glucose solution, if there are two abnormal results in the 
various timed blood draws, the patient is diagnosed with 
gestational diabetes, whether or not she is symptomatic. 
According to the American Diabetes Association, these 
results are considered abnormal for a pregnant woman: 


Fasting plasma glucose: greater than or equal to 
95 mg/dL 

l-hour plasma glucose: greater than or equal to 
180 mg/dL 

2-hour plasma glucose: greater than or equal to 
155 mg/dL 

3-hour plasma glucose: greater than or equal to 
140 mg/dL 


For suspected diabetes mellitus in patients who are not 
pregnant, a 75-g glucose solution is used. The American 
Diabetes Association has established these parameters for 
a diagnosis of diabetes in nonpregnant individuals: 


e Fasting plasma glucose: greater than or equal to 
126 mg/dL 

e l-hour plasma glucose: greater than or equal to 
200 mg/dL 

e 2-hour plasma glucose: greater than or equal to 
200 mg/dL 


e 3-hour plasma glucose: greater than or equal to 200 
mg/dL (the 3-hour sample is not always included in 
the procedure for non-gestational-diabetes patients) 





Test Your Knowledge 17-9 


How many times (at a minimum) is the blood drawn for 
a patient completing a 3-hour glucose tolerance test? 
(Outcome 17-10) 





Glycosylated Hemoglobin 


As presented in Chapter 16, elevated blood glucose lev- 
els will eventually change the hemoglobin molecule 
present in the red cells of the body by irreversibly 
binding glucose to the hemoglobin A subunit. This 
compound is known as glycosylated or glycated hemo- 
globin, and is abbreviated as Hb Alc. The typical red 
blood cell survives in the body for 90 to 120 days. 
Because the changes to the hemoglobin molecule are 
constantly occurring whenever the blood glucose level 
becomes elevated (whether the patient is aware of the 
elevation or not) the Hb Alc level is an excellent way to 
measure glycemic control over a 2- to 3-month period. 
The Hb Alc test is not recommended as a diagnostic 
tool for diabetes, but is an excellent tool for monitoring 
the management of the disease. 

The American Diabetes Association has provided 
guidance regarding the frequency of this test and the 
interpretation of the results. A nondiabetic patient will 
have Hb Alc levels below 6%. For diabetic patients, the 
goal is to remain below 7%, as it is understood that there 
may be spikes in the blood glucose that are unavoidable. 
As part of the management of diabetes, those who have 
unstable blood sugars should have their Hb Alc tested 
quarterly; those who appear to have good glycemic con- 
trol should be checked at least two times per year. In 
addition, the recommendation includes performance of 
an annual lipid profile and urine microalbumin testing 
to screen for renal damage. Microalbumin testing is dis- 
cussed in more detail later in this chapter. 





[ Test Your Knowledge 17-10 


The Hb Alc test may be used to monitor the overall 
glycemic control for a patient for which of these time 
intervals? 

a. 1 month 

b. 6 weeks 

c. 3 months 

d. 6 months (Outcome 17-11) 


X 4 
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TABLE 17-1 


Type of 
Diabetes 


Diabetes 
insipidus 


Symptoms 


Excessive amount of 
urine production; 
dehydration and 
electrolyte imbal- 
ance as a result of 
fluid loss 


Types of diabetes, diagnostic test procedures, and treatment methods 


Clinical Presentation 


Lack of vasopressin 
production by pitu- 
itary gland or kid- 
ney resistance to 
vasopressin 


Diagnostic Test Procedures Treatment 


Vasopressin (usually a 
nasal spray) and fluid 
replacement if neces- 
sary 


Medical history, physical 
examination, urinalysis, 
magnetic resonance 
imaging and/or CAT 
scan of the brain, fluid 
deprivation testing 





Type | 
diabetes 


Hyperglycemia, 
fatigue, dehydration, 
nausea, vomiting, 
weight loss 


Autoantibodies 
destroy pancreatic 
cells that produce 
insulin, resulting in 
reduced or absence 
of insulin 


Medical history, physical Insulin injections 
examination, abnormal 

blood glucose levels 

with verification of fast- 

ing plasma glucose 

above 126 mg/dl or 

random plasma glu- 

cose above 200 mg/dL 





Type 2 
diabetes 


May be asympto- 
matic for years; 
usually develops 
slowly. Hyper- 
glycemia, fatigue, 
dehydration, nau- 
sea, vomiting, 
weight loss 


Cells of the body 
develop resistance 
to insulin; keeps glu- 
cose from entering 
cells so the plasma 
glucose levels 
become elevated 


Lifestyle changes, oral 
medication; insulin 
injections may 
become necessary if 
oral medications don’t 
accomplish desired 
glycemic control 


Medical history, physical 
examination, abnormal 
blood glucose levels 
with fasting plasma 
glucose or glucose tol- 
erance test 





Gestational 
diabetes 





Often asymptomatic; 
may develop symp- 
toms like those of 
diabetes mellitus 


Increased levels of 
hormones from 
pregnancy increase 
cellular resistance to 
insulin 


Lifestyle changes, oral 
medications, or insulin 
injections (if needed 
for glycemic control) 
until birth of infant 


Abnormal glucose chal- 
lenge test and/or 
abnormal glucose 
tolerance test 














POINT OF INTEREST 17-2 
wv New Testing procedures for 
monitoring diabetes 


There is a new procedure available for monitoring 
the glycemic control of diabetes patients. The Gly- 
coMark blood test measures the level of a substance 
naturally present at a consistent level in the blood- 
stream. This molecule is known as 1,5-anhydro- 
D-glucitol (1,5 AG), which is a monosaccharide 
that is very close in chemical structure to glucose. 
When the glucose level of a diabetic patient rises 
above 180 mg/dL, the kidneys are not able to reab- 
sorb the 1,5 AG molecule because the glucose 
blocks the sites for this molecule to be reabsorbed. 
Thus, when the glucose level rises (with poor 
glycemic control) the 1,5 AG concentration de- 
creases below the reference range. 





This procedure provides an opportunity to moni- 
tor the glycemic control for diabetic patients for the 
past 1 to 2 weeks. As a comparison, the Hb Alc test 
provides a measurement of the glycemic control over 
the past 3 months. Many physicians feel that this new 
testing method may allow them to treat their newly 
diagnosed diabetics more efficiently, because the re- 
sults will be affected by poor glycemic control very 
quickly. 











Blood Ketone Testing 


Many home glucose meters are now capable of testing 
ketones as well as glucose levels in the bloodstream. Elvated 
levels of ketones in the blood are indicative of fluctuations 
in the blood glucose levels. Although close attention to diet, 
exercise, and medication will help to ensure that a diabetic 
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patient maintains appropriate glycemic control, there may 
be situations that stress the body and allow the diabetes to 
become out of control, such as the following: 


Patients with preexisting diabetes who become pregnant 
Patients who are ill for several days, especially if they 
are vomiting or have diarrhea 

Situations of unusually high stress 

Blood glucose levels equal to or greater than 
300 mg/dL 

Symptoms of hyperglycemia such as nausea, fatigue, 
and vomiting that are not associated with another dis- 
ease process 


Some ketone testing procedures will provide qualitative 
results indicating the presence or absence of ketones in the 
blood. Other testing methods provide quantitative results, 
indicating the level of ketones present. Patients should dis- 
cuss their situation with a health-care provider before test- 
ing for the presence of blood ketones. 


Capillary Sample Testing and Correlation 
to Plasma Glucose Levels 


The World Health Organization recommends that the 
plasma glucose level (rather than whole blood testing) 
is used for diagnosis and monitoring of diabetic 
patients. However, this is not always possible, even in a 
laboratory or clinic setting. Some rural areas in the 
United States do not have laboratory facilities that 
meet these standards. Outside of the United States it 
can become even more problematic. These rural or 
underserved areas often have a glucose meter available, 
which is designed to perform whole blood glucose 
testing rather than plasma glucose testing. 

Plasma glucose levels are 10% to 15% higher than 
those of whole blood obtained via a capillary procedure. 
Because the glucose levels for diagnosis of prediabetes 
and diabetes are very specific, it may be necessary to cal- 
culate the plasma glucose level using a whole blood cap- 
illary result. Many of the new glucose meters include this 
calculation in their results when reported; for instance, 
instead of the number on the screen indicating the glu- 
cose level in the whole blood specimen that was just 
tested, a calculation will have already been included and 
the number is actually indicative of the plasma glucose 
level. If the meter in use does not use this calculation, 
many of the glucose meter manufacturers’ websites will 
provide more information to correlate whole blood glu- 
cose to plasma glucose levels. 

This discrepancy between plasma and whole blood 
glucose is not often explained to patients who are 


self-monitoring their levels at home. It is important 
to mention that their results may not compare to the 
laboratory results because the reference ranges and test- 
ing methods are different. The health-care provider 
and any diabetes educators who are working with the 
patients need to help them develop parameters to use 
for self-monitoring from the testing instrument that 
they are using at home. 

Glucose may also be tested using serum samples. 
This is not recommended for diabetes screening 
because the glucose level in the specimen can change 
slightly during the time period required for the blood 
to clot. If the specimen is centrifuged immediately 
after clotting, with immediate separation of the serum 
from the cells, then the glucose result will be very 
similar to that of a plasma specimen. However, if there 
is a delay in the processing of the specimen, the serum 
glucose result will be much lower than a plasma result 
would have been for that patient. 





Test Your Knowledge 17-11 


If a whole blood glucose and a plasma glucose were 
collected on the same patient at the same time, which of 
the results would be expected to be higher? 

(Outcome 17-12) 





Urine Testing for Diabetics 


Urine testing is not used as a diagnosis tool for diabetes 
or prediabetes. The threshold for each individual for the 
amount of glucose tolerated in the bloodstream may be 
different. Usually anyone who has a blood glucose level 
above 170 mg/dL will have glucose present in the urine 
as well, a condition known as glucosuria. 

The urine of diabetic patients may also be monitored 
for other chemical substances. The presence of ketones 
in the urine (ketonuria) may be an indicator of poor 
glycemic control. When the glucose in the bloodstream 
cannot enter the cells of the body to be used for energy, 
the body will break down fatty acids as an alternative en- 
ergy source. This process is natural, and occurs in our 
body during fasting periods and times when our energy 
needs are accelerated. Ketones are a by-product of fatty 
acid metabolism, and if they are present in the urine, it 
may indicate excessive use of fatty acids for energy. This 
means that there is not enough insulin (or the cells are 
resisting the insulin that is present) to allow the glucose 
to be metabolized as it should by the cells of the body. 

Glucose molecules are large, and are not designed to 
be passed into the urine in measurable amounts. When 
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a patient has high levels of blood glucose over an ex- 
tended period of time, these large molecules are forced 
through the filtration system of the nephron, causing 
damage because of their large size. The damaged 
glomerulus will now allow other large molecules pres- 
ent in the blood to enter the urine. The presence of 
these substances in the urine is considered to be abnor- 
mal and indicative of damage to the kidney. One of 
these large molecules is a plasma protein called albu- 
min. Approximately 20% to 40% of all diabetics de- 
velop renal disease, and the first sign that the kidneys 
have been damaged may be the presence of microalbu- 
minuria. This means that there are small amounts of 
albumin present in the urine; the levels are just above 
normal ranges. When the albumin levels in the urine 
are still low, it may be possible to eliminate further kid- 
ney damage by increasing efforts for glycemic control. 
If the levels increase to macroalbuminuria (large 
amounts of albumin in the urine), it is a sign that the 
renal disease has progressed with more severe damage 
to the filtration system of the kidneys. It is recom- 
mended that all diabetics be tested for urine microalbu- 
min levels at least annually. 


GLUCOSE TESTING METHODS 





There are many different types of instruments used to 
perform glucose testing. The equipment varies from 
machines that analyze hundreds of specimens per hour 
to those that test one specimen at a time as a CLIA- 
waived test. 


Home Glucose Testing Instruments 


Blood glucose monitors are the most common self-testing 
products sold in the world. They are an essential part of 
diabetes education and monitoring, and allow diabetic 
patients a degree of freedom and control of their disease 
that previously was not possible. Blood glucose meters are 
all similar in function; a small testing strip is inserted into 
the instrument, a drop of blood is applied, and a result 
appears on the screen on the front of the instrument 
within seconds. However, these instruments may vary in 
size, complexity, cost of operation, and necessary quality 
control measures. These are some considerations to take 
into account when choosing an instrument for home 
glucose monitoring, including the following: 


1. What type of diabetes is being monitored? For 
those who have type 1 diabetes and use an insulin 
pump, a continuous glucose monitor may be the 
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most appropriate choice of device. These monitors 
have a sensor that is placed just under the surface 
of the skin that samples the blood glucose level 
24 hours per day. These results are transmitted to a 
recording device with a memory, or to an insulin 
pump. If the continuous glucose monitor is paired 
with an insulin pump, the amount of insulin in- 
jected will be automatically matched to the glucose 
readings. A health-care provider and/or diabetes 
educator would be able to help the patient decide if 
this is the best method for a particular patient. 

2. A patient should not take the first testing instru- 
ment that is offered and assume that they are all 
alike. Some instruments require a larger specimen 
volume than do others, and other machines have a 
code that must be verified whenever a new bottle of 
test strips are opened. Some patients prefer instru- 
ments that don’t need a code to be entered, and 
some are most interested in a small instrument that 
can take samples from different areas of the body in 
addition to the fingertips. If possible, patients 
should sample several types of instruments when 
they meet with their health-care provider to discuss 
the need for blood glucose testing. Diabetes educa- 
tors are another good resource. 

3. Instruments may vary by cost of operation. The blood 
glucose meters themselves are often quite inexpensive; 
sometimes they are even free. However, the testing 
strips can be quite expensive. A typical diabetic 
patient who is self-monitoring will use at least two or 
three strips per day. Some insurance plans will help to 
pay only for specific brands of instruments and strips, 
so it is best to investigate this early in the process. 

4. Patients should be certain that they can read the 
results displayed on the instrument used. For those 
with impaired vision, meters are available that dis- 
play the result in larger numbers. Also, the lighting 
on the screen may vary, which might make certain 
models less appealing for some patients with specific 
vision needs, 


Quality Control and Common Errors 


Many diabetic patients have been self-monitoring 
for more than a decade. Unfortunately, they may not 
have been offered the resources that are now available 
when they started the process, and their home testing 
methods may not be providing accurate results. It is 
important to remember that the glucose meters used by 
patients at home are an essential tool for their health 
maintenance. Education about quality control methods 
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for the instrument, storage and use of strips, and record- 
keeping options should be offered. 


° Periodically, patients should bring in their home glu- 


cose meter and compare plasma glucose levels from 
the laboratory to those that they obtain at the same 
time using their own instrument. Although these 
results may vary as much as 10% to 15% from one 
another, this process can identify meters that are not 
testing accurately, or help the clinic staff to identify 
problems with the way the patient is performing the 
test on his or her meter while observing the patient. 
Quality control solution may be purchased and tested 
periodically to assure that the results obtained by the 
meter are accurate. Desirable ranges for the quality 
control solution are usually printed on the box or 
bottle containing the solution, and the patient can 
immediately verify the accuracy of the result. Explain 
to patients that if the machine is not testing within 
these ranges, they need to correct the situation before 
continuing use of the meter. 

Cleaning and proper storage of the instrument is 
essential, but often overlooked. 

Reagent strips must be stored as directed by the man- 
ufacturer, and need to be discarded if they are discol- 
ored or expired. Many patients leave the bottle open 
between tests, which causes the strips to absorb mois- 
ture and provide erroneous results. 

Reviewing the troubleshooting section of the meter 
instructions with patients can help them to under- 
stand error codes and possible courses of action when 
the instrument is not performing as expected. Much 
of this information is available online as well. 

Patients who are self-monitoring blood glucose levels 
must keep careful records in order for their efforts to 
be meaningful to their care. Educating the patients 
about different ways to accomplish this goal can be 
beneficial. Some of the meters available on the market 
have the capacity to store a great deal of information 
that may be downloaded to a computer to be printed 
or transmitted to a health-care provider. Patients may 
prefer to keep a handwritten log; if so, they should be 
provided with blank copies for their use. 

e Ask patients about the type of lancet they are using, 
and how they are disposing of the used devices. Many 
of the newer automatic lancets may be adjusted 
according to the depth of the puncture, which is ben- 
eficial to those who test often. Lancets should never be 
used more than once, and should not be disposed of 
in the regular home trash. Some offices allow the 
patients to bring in their lancets in an appropriate 
biohazardous sharps container for disposal; others do 


not. To assist patients with proper disposal methods, 
find out what the recommendations are in your area 
for disposal of this type of waste, and provide that 
information to your diabetic patients. 





Test Your Knowledge 17-12 


What is one area in which a medical assistant may need 

to offer education and assistance for diabetics who are 

performing home monitoring of their glucose levels? 
(Outcome 17-13) 





Laboratory Glucose Testing and Potential 
Sources of Error 


When glucose testing is performed in a large laboratory 
on an automated instrument, plasma or serum is tested. 
There are several different enzymatic methods available 
for glucose testing with similar reference ranges based on 
the type of specimen. Fasting samples will have different 
results from random specimens or those that were drawn 
as part of a glucose tolerance test. 

Glucose testing may also be ordered on cerebrospinal 
fluid (CSF). The reference range for this test is approxi- 
mately two-thirds of the blood glucose level for the same 
patient collected at the same time as the cerebral spinal 
fluid sample. When the CSF glucose levels are low as 
compared to the plasma glucose, it may be indicative of 
meningitis. 

Because a specimen drawn for plasma or serum glu- 
cose testing in a laboratory must be processed before it is 
analyzed, there exists opportunities for error in the pre- 
analytical phase. The following are some considerations 
that must be addressed to avoid potential problems: 


¢ The timing of the blood draw is critical. For instance, 
if the specimen is to be drawn fasting, it is imperative 
that the patient is informed and the preparation is ver- 
ified before the collection occurs. 

¢ Glucose continues to be metabolized by the cells pres- 
ent in the blood specimen after it is added to the 
collection tube. If the specimen is not processed by 
centrifugation and tested within 1 hour of collection, 
the plasma or serum glucose level may not indicate the 
actual amount of glucose present in the bloodstream 
of the patient; instead, it will be indicative of the 
amount left in the tube after the glucose has been uti- 
lized by the cells. If there will be more than a 1-hour 
delay in testing after collection, a tube with sodium 
fluoride or potassium oxalate additives should be used 
for the specimen collection. This slows down the 
utilization of glucose by the cells, and allows the 
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plasma glucose to remain stable for approximately 
24 hours at room temperature. 

Reference ranges for glucose levels are generally 
stated as plasma levels. However, serum may also be 
drawn for glucose testing, as long as the serum is 
separated from the cells within 1 hour. The reference 
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ranges are usually the same for plasma and serum 
glucose. 

¢ CLIA-waived testing for blood glucose is not designed 
to be performed with plasma samples. It is important 
to read the directions for the CLIA-waived methods to 
ensure that the results will be accurate. 


Procedure 17-1: Performance of Hb Alc Test Using Bayer’s 


Alc Now+ System 





TASK 


Correctly perform an Hb Alc test using Bayer’s Alc 
Now+ testing system. 


CONDITIONS 


¢ Gloves 

¢ Laboratory coat 

¢ Hand sanitization supplies 

e Alc Now p/us monitor 

¢ Sample dilution kit pouch 

¢ Test cartridge pouch 

¢ Whole blood from capillary puncture or well-mixed 
heparinized blood sample 

¢ Gauze pad 

¢ Biohazardous waste container 

® Quality control materials 


CAAHEP/ABHES STANDARDS 


HS CAAHEP Standards 


I.P Anatomy and Physiology, #13 Perform chemistry 
testing 


@®. 
@ ABHES Standards 


¢ 10. Medical Laboratory Procedures, b. CLIA-waived 
tests 

¢ Graduates: b. Perform selected CLIA-waived tests 
that assist with diagnosis and treatment, #3 Chem- 
istry Testing 








Procedure 


1. Greet and then identify patient using at least two 
unique identifiers. 


2. Verify test ordered, and explain procedure to patient. 


3. Verify that all samples, reagents, and monitor are 
at room temperature. 


4, Wash hands and apply gloves. 


5. Assemble necessary equipment. 


Rationale 


All patients must be identified properly before collect- 
ing samples or performing laboratory testing. 


All laboratory test orders should be verified by check- 
ing the chart and/or requisition form more than 
once. A quick explanation of the procedure for the 
patient will ensure more cooperation. 


Test results may not be valid if the sample and/or 
reagents are not at room temperature. 


Hands should always be washed between patients 
and before starting any procedures. Gloves are 
appropriate personal protective equipment (PPE) 
for this procedure. 


Various steps in this procedure require careful adher- 
ence to limits in time. Materials that are organized 
will assist in the process of following the directions 


properly. 





Continued 
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Procedure 17-1: Performance of Hb Alc Test Using Bayer’s 





Alc Now+ System—cont’d 





Procedure 


6. Prior to performance of test, verify whether a qual- 
ity control (QC) specimen needs to be tested, and 
if so, complete that test before the patient's test is 
performed. 


7. Verify that all lot numbers match on the monitor, 
the sample dilution kit pouch, and the test car- 
tridge pouch. 


8. Verify that the kit has not expired. 


9. Open the sample dilution pouch and remove the 
dilution device. 


10. Perform the capillary puncture following appro- 
priate procedure, or mix the whole blood sample 
to prepare for next step. 


11. Add a 5-pL blood sample to blood collection 
device. 


12. Plug blood collection device into the sampler 
body. Push firmly so that there is no gap on 


insertion. 





Rationale 


Liquid QC should be used to verify the test results at 

these times: 

a. With a new shipment 

b. Whenever a new lot number of reagents or QC 
is put into use 

c. New operator; someone who is being trained on 
the procedure 

d. Problems with storage, instrument, reagents, etc. 

e. To ensure that storage conditions are fine, QC 
should be performed at least once monthly. 


If the lot numbers do not match, the monitor will 
not provide a valid test result upon completion of 
the test. 


The Bayer’s Alc Now+ kit may be kept at room tem- 
perature for 4 months, but then any unused materi- 
als must be discarded. If kept refrigerated, the sup- 
plies may all be used until the printed date of 
expiration. 


The dilution device should not be removed until just 
before the test is performed. 


Whole blood specimen may be obtained from finger- 
stick capillary puncture, or a green top heparinized 
sample may be used as long as it has not been at 
room temperature for more than 8 hours, or refrig- 
erated for more than 14 days. Lithium heparin or 
sodium heparin are acceptable sample types. 


I 


ot 


is not necessary to measure the blood added to the 
collection device; however, take care that the sample 
area on the collection device is filled, but not over- 
filled. If it appears to be underfilled, add more sam- 
ple; if overfilled, wipe away excess. Do not allow 
excess blood to remain on the outside of the collec- 
tion device. 


If a gap is present, the sample will not combine with 
the dilution solution inside the sampler body, and 
the results will be invalid. 
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Procedure 


13. Shake the device six to eight times to mix the 
dilution solution with the sample thoroughly. 


14. Set sample assembly on the tabletop as the test 
cartridge is prepared. 


15. Tear open the test cartridge pouch and ensure that 
the code number on the cartridge matches the 
code number printed on the instrument. 


16. Insert the test cartridge into the monitor until it is 
seated firmly and an audible click is heard. 


17. Verify that the instrument screen display reads 
WAIT. 


18. When the instrument screen displays SMPL, pick 
up the sampler device and remove the base piece, 
exposing the plunger. 


19. Deliver the sample by pressing the plunger gently 
and firmly into the corresponding sample applica- 
tion area on the cartridge. Remove after 1 second. 


20. The instrument screen will display a countdown 
from 5 minutes to 0. Do not move the monitor 
during this time. 


21. The results will display as a percentage on the 
screen. Record results appropriately in computer, 
on log sheet, and/or in chart if available. 


22. Following office protocol, allow the patient to 
leave the testing area, or consult with the health- 
care provider. 


23. Dispose of sample dilution cartridge and test 
cartridge as biohazardous trash, and disinfect work 
area. 


24. Remove gloves and sanitize hands. 


25. Document the test results in patient chart. 


Date 


S/30/2014:| Hb Ate 69% 


Rationale 


Solution must be well mixed to break down the blood 
sample for appropriate testing. 


This system is set up so that the monitor has a defini- 
tive number of uses available; all the supplies need 
to be from the same serial number and cartridge 
code numbers for the results to be valid. 


If the test cartridge is not seated firmly, no test proce- 
dure will occur. 


The instrument undergoes a series of internal self- 
checks before the testing process proceeds. 


The base piece must be removed so that the sample can 
be added to the testing device. The sample must be 
added within 2 minutes. 


The sample application must occur all at once, but ex- 
cessive force is not necessary. The application device 
must be removed for the testing process to proceed. 


The testing process takes 5 minutes to complete. Mov- 
ing the monitor may cause inaccurate or invalid test 
results. 


Results must be recorded immediately so that they are 
reported correctly. 


If results are far outside of the normal range, it may be 
office policy that the health-care provider speaks 
with the patient before he or she leaves the office. 


The work area must always be clean and disinfected 
after each procedure. 
Hands must always be sanitized after removing gloves. 


All results must be documented in the patient’s chart. 


Connie Lieseke, CMA (AAMA) 
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Procedure 17-2: Performance of Whole Blood Glucose Testing 


TASK 


Correctly perform a blood glucose test using the 
HemoCue Glucose 201 Analyzer. 


CONDITIONS 


¢ Gloves 

Laboratory coat 

Hand sanitization supplies 
HemoCue Glucose 201 Analyzer 
HemoCue Glucose microcuvettes 
HemoCue Glucose Control Cuvette 
Capillary puncture supplies 
Biohazard sharps container 
Gauze or laboratory wipes 
Biohazardous waste container 

© Quality control materials 


CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 


LP. Anatomy and Physiology, #13 Perform chemistry 
testing 


ae 
@ ABHES Standards 


¢ 10. Medical Laboratory Procedures, b. CLIA-waived 
tests 

¢ Graduates: b. Perform selected CLIA-waived tests that 
assist with diagnosis and treatment, #3 Chemistry 
Testing 





Procedure 


1. Greet and then identify patient using at least two 
unique identifiers. 


2. Verify test ordered, and explain procedure to patient. 


3. Wash hands and apply gloves. 


4. Assemble necessary equipment, and verify that all 
reagents are within the posted expiration dates. 


5. Turn on the HemoCue instrument. When the 
LCD display reads READY, the instrument is 
ready to be used. 


6. Place the HemoCue Control Cuvette on the cuvette 
holder and push the holder into the instrument. 





Rationale 


All patients must be identified properly before collect- 
ing samples or performing laboratory testing. 


All laboratory test orders should be verified by check- 
ing the chart and/or requisition form more than 
once. A quick explanation of the procedure for the 
patient will ensure more cooperation. 


Hands should always be washed between patients and 
before starting any procedures. Gloves are appropri- 
ate personal protective equipment (PPE) for this 
procedure. 


Glucose microcuvettes must be stored refrigerated, as 
well as the glucose control solution, but they must 
be removed from the refrigerator and placed within 
reach before the process begins. Materials that are 
organized will assist in the process of following the 
directions properly. 


The HemoCue instrument undergoes a series of self 
checks when it is turned on. 


The control cuvette is designed to check the function 
of the instrument and detect any interference with 
the testing method. It should be used at least once 
per day. 
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Procedure 


7. Verify that the values displayed on the instrument 
screen are within the acceptable ranges provided 
with the Control Cuvette. 


8. Prior to performance of test, verify whether a qual- 
ity control (QC) specimen needs to be tested, and 
if so, complete that test before the patient's test is 
performed. 


9. Perform a capillary puncture, using appropriate 
technique. Wipe away the first drop of blood. 


10. Remove a microcuvette from the container. 
Hold the open end of the microcuvette to the 
drop of blood obtained from the capillary punc- 
ture. Approximately 5 pL of blood will enter the 
microcuvette. 


11. Wipe away any excess blood on the outside of the 
microcuvette. 


12. Place the filled microcuvette on the holder and 
push it into the instrument for processing. 


13. Within a few seconds, the glucose result will 
appear on the display screen in mg/dL. Record this 
result appropriately, in the computer, the patient 
log sheet, and/or the patient’s chart. 


14. Following office protocol, allow the patient to 
leave the testing area, or consult with the health- 
care provider. 


15. Pull the microcuvette holder back out, remove the 
microcuvette, and discard in the biohazardous 
trash. 
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Rationale 


The ranges are specific per cuvette and are designed 
specifically for each instrument. If the results are out 
of range, try cleaning the cuvette and testing again. 
If they continue to be out of range, the instrument 
cannot be used for patient testing and the manufac- 
turer must be notified. 


Liquid QC should be tested following laboratory pro- 
tocol and manufacturer’s recommendations. Exam- 
ples of when QC should be used to verify the test 
results include the following: 

a. With a new shipment 

b. Whenever a new lot number of reagents or QC 
is put into use 

c. New operator; someone who is being trained on 
the procedure 
Problems with storage, instrument, reagents, etc. 

e. To ensure that storage conditions are fine, QC 
should be performed at least once monthly 


The first drop of blood should be discarded, as it may 
be contaminated with interstitial fluids resulting in 
an erroneous result. 


The blood will enter the microcuvette by capillary 
action. It is not possible to overfill the microcuvette. 
Avoid air bubbles as the microvuvette is filled. 


If excess blood is present on the outside of the microcu- 
vette, it may interfere with the testing process and 
cause erroneous results or an instrument error while 
processing the specimen. 


The microcuvette will fit only when placed on the 
holder in a certain direction. 


The result will stay on the screen until the microcuvette 
holder is pulled from the instrument for the next 
sample to be added. It is important to record it as 
soon as it is evident on the screen. 


If results are far outside of the normal range, it may be of 
fice policy that the health-care provider speak with the 
patient before he or she leaves the office. 


The microcuvette contains blood, so it must be dis- 
carded as a biohazardous substance. 





Continued 
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Procedure 17-2: Performance of Whole Blood Glucose Testing—cont’d 





Procedure 


16. Turn off the instrument, and disinfect the mic- 
rocuvette holder. 


17. Be sure to dispose of the capillary puncture device 
in a sharps container and any other equipment 
that may be contaminated with blood in a biohaz- 
ardous container. 


18. Disinfect the work area. 


19. Remove gloves and sanitize hands. 


20. Document the test results in the patient’s chart. 


Rationale 


The microcuvette holder can be completely removed 
from the instrument for cleaning with alcohol or 
soap and water. 


It is vital to always properly dispose of biohazards. 


It is important to keep the work area clean and 
organized. 


Hands must always be sanitized after removing gloves. 


All results must be documented in the patient’s chart. 























Date 
8/17/2014: Fasting blood glucose 85 mold. Connie Lieseke, CMA (AAMA) 
rf 0:50 a.m. 
. lucose tests allow an opportunity to identify and 
SUMMARY 7 anariaed fy 


Diabetes is disease that has reached epidemic propor- 
tions. It requires early diagnosis and consistent mon- 
itoring for successful treatment. Consequences of 
untreated diabetes include cardiovascular disease, 
loss of vision, poor healing, diabetic neuropathy, and 
permanent renal damage. Prediabetes can now be 
identified, and early intervention has helped to stop 
the progression of the disease for those who make 
appropriate changes to their diet and exercise habits. 
There are various testing procedures that may be 
used to diagnose prediabetes and diabetes, and to 
monitor treatment once it is under way. Type 1 dia- 
betes must be treated with insulin injections, and the 
dosage is directly related to the amount of glucose 
present in the body at the time. Type 2 diabetes is 
managed with lifestyle changes and oral medication. 
Frequent blood glucose monitoring assists with treat- 
ment for this type of diabetes as well. Gestational 
diabetes is developed by pregnant women and may 
be identified toward the end of the pregnancy. 
Gestational diabetes that is untreated may lead to 
pregnancy complications as well as serious health 
issues for the unborn child. Several different timed 


classify the diabetic patient, including fasting plasma 
glucose, and postprandial glucose testing. Hb Alc 
testing is also useful to monitor the progress of the 
disease. Self-management testing performed at home 
by diabetic patients helps to achieve glycemic control 
between visits to the health-care provider. 











TIME TO REVIEW 


1. Glycogenolysis is: Outcome 17-1 

a. The breakdown of glycogen to be used for energy 

b. The formation of glycogen as a means of storing 
energy for later use 

c. The breakdown of glucose 


d. The breakdown of glucagon 


2. What does a BMI tell us about a Outcome 17-1 
patient? 
a. A calculation comparing the height and weight of 
a patient 
b. A calculation used to compare glucose and body 
weight 
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an 


10. 


. When is the term impaired 


. Does the release of glucagon 


. True or False: Type 1 diabetes 


. True or False: A patient who is 


. Which of these body systems may 


. How long should a patient go 


. True or False: A postprandial 


c. A calculation of Hb Alc 
d. None of the above 


Outcome 17-1 
fasting glucose used? 


a. When the fasting glucose level is over 200 mg/dL 

b. When the fasting glucose level is between 100 to 
125 mg/dL 

c. When the fasting glucose level is below 100 mg/dL 

d. When the fasting glucose level is between 100 to 
124 mg/dL 


Outcome 17-2 
raise or lower blood glucose levels? 


a. Glucagon raises blood glucose levels 
b. Glucagon decreases blood glucose levels 


Outcome 17-4 
is treated with insulin injections whereas type 2 dia- 
betes is treated with oral medications and lifestyle 
changes. 


Outcome 17-5 
diagnosed with gestational diabetes had diabetes 
before she became pregnant. 


Outcome 17-6 
be affected by diabetes? 


a. Cardiovascular 
. Integumentary 
. Nervous 

Eye 

e. All of the above 


aan et 


Outcome 17-8 
without food and drink before a fasting plasma 
glucose is drawn? 


a. 8 hours 

b. 16 hours 
c. 12 hours 
d. 10 hours 


Outcome 17-9 
glucose sample is always drawn after drinking a 
glucose-rich beverage. 


What is the correct number of Outcome 17-10 
times that a patient drinks the glucose solution while 
completing a 3-hour glucose tolerance test procedure? 


a. One 
b. Two 
c. Three 
d. Four 


11. True or False: The Hb Alc 


12. How may the serum glucose 
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Outcome 17-11 
test is used to establish a diagnosis of diabetes. 


Outcome 17-13 
level be affected if the sample is drawn into a tube 
with no additive and the tube is allowed to sit for 
3 hours before centrifugation and processing? 


a. The glucose level may increase 

b. The glucose level may decrease 

c. There will be no effect on the glucose level 
d. It will be impossible to test the glucose level 


Case Study 17-1: Use of the Hb Alc 


Rose Grace is a patient who has been treated success- 
fully for type 2 diabetes for many years with oral med- 
ication and lifestyle changes. The past few months have 
been especially stressful for her, and she has not been 
monitoring her diet, exercise, or blood glucose levels 
consistently during this time. A week before her quar- 
terly appointment with her physician she starts fo watch 
her diet carefully and catch up with some of her glucose 
monitoring to prepare for the visit. When she sees the 


physician, she is pleased to have her random glucose at 
145 mg/dL, and she does not share all the activities of 
the past few months with her health-care provider, as it 
appears that her blood glucose is fine. However, when 
the Hb Alc result is available, Rose’s physician calls her 
and tells her that she needs to come in for another visit 
to discuss additional treatment options. 


1. What did the Hb Alc result tell the health-care 
provider that was not apparent with the blood test 
performed at the initial visit? 





RESOURCES AND SUGGESTED READINGS 


“National Diabetes Information Clearinghouse” 
Provides in-depth information about the various types of 
diabetes, diagnosis, and management http://www.diabetes. 


niddk.nih.gov/ 


“American Diabetes Association website” 


Information about risk factors, managing diabetes, and 
support for those who have diabetes; website provides 
information for providers, patients, and family members 
http://www. diabetes.org 


“Executive Summary: Standards of Medical Care in Diabetes— 


2009” 
Diabetes Care 32, no. 1 (January 2009): S6-S12, doi: 
10.2337/dc09-S006. 
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Standards of diabetic medical care developed by world- “2007 Diabetes Fact Sheet” 

wide consensus and adopted by the World Health Organi- National Center for Chronic Disease Prevention and 
zation, National Institutes of Health, and the American Health Promotion; 

Diabetes Association. Includes parameters for diagnosis Provides statistics for diabetes morbidity and mortality in 2007 
and treatment. http://www.cdc.gov/diabetes 
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Chapter 18 





Other Select Chemistry Tests 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 





CHAPTER OUTLINE 
Lipid Testing Electrolytes 
Cholesterol Function of Electrolytes and Consequences of 

Cholesterol Metabolism Within Electrolyte Imbalances 
the Body Testing Preparation and Common Testing Methods 
Types of Cholesterol Reference Ranges 
Risk Factors, Desired Ranges, and Clinical Summary 
Interpretation of Abnormal Lipid Results Tiine:to: Review 
Triglycerides Case Study 


Metabolic Syndrome 
Reference Ranges and Clinical Interpretation of 
Abnormal Results 


® Lipid Panels ® 


Lea rning Outcomes After reading this chapter, the successful student will be able to: 


Resources and Suggested Readings 








18-1 Define the key terms. 18-9 List the components of common lipid panels. 
18-2 Identify dietary sources of cholesterol. 18-10 Explain the patient preparation necessary be- 
18-3 Compare and contrast the different types of fore a specimen is collected for a lipid analysis. 
lipoproteins tested in a lipid panel. 18-11 Perform a CLIA-waived cholesterol test. 
18-4 Provide the desired range for cholesterol levels. 18-12 Describe how electrolytes are used by the body. 
18-5 Describe the effects of elevated cholesterol levels | 18-13 Summarize the consequences of untreated 
on the body. electrolyte imbalances. 
18-6 Explain how the body uses triglycerides. 18-14 List the common analytes included in an 
18-7 Describe the appearance of lipemia in a blood electrolyte panel. 
specimen. 18-15 Perform a CLIA-waived electrolyte test. 


18-8 Evaluate the potential health issues that are 
caused by high levels of triglycerides. 





CAAHEP/ABHES STANDARDS 

GS. 
ay CAAHEP 2008 Standards So ABHES Standards 
.P.1.13. Perform Chemistry Testing ¢ 10. Medical Laboratory Procedures, b. CLIA-waived tests 
I.A.1.2. Use language/verbal skills that enable patients | *° 10. Medical Laboratory Procedures, b. 3) Chemistry 
understanding Testing 


371 
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KEY TERMS 
Acidosis Fibrates Lipemia 
Alkalosis Hyperkalemia Lipoproteins 
Anions Hypernatremia Malabsorption 
Apolipoproteins Hypokalemia Metabolic syndrome 
Buffer Hyponatremia Niacin 
Cations Intracellular Statins 
Extracellular lons 


linical chemistry includes the quantitative chemical 

analysis of various body fluids, as introduced in 
Chapters 16 and 17 in this text. Because this area of the 
laboratory performs so many different testing proce- 
dures, it is not possible to cover them all in detail in this 
book. This chapter provides more details about lipid 
testing and provides additional information about the 
role of electrolytes in the body. Cholesterol analysis and 
some electrolyte testing are commonly performed in 
physician office laboratories, as well as hospital and ref- 
erence laboratories. 


LIPID TESTING 





Lipid testing includes the quantitative analysis of choles- 
terol levels, differentiation of the different types of 
lipoproteins that transport cholesterol in the body, and 
analysis of total triglyceride levels. Heart disease is the 
most common cause of death in the United States, and 
because the presence of elevated cholesterol (hypercho- 
lesterolemia) or hyperlipidemia is a risk factor for many 
serious cardiovascular complications, frequent monitor- 
ing of lipid levels is very important. 


Cholesterol 


Cholesterol is a white, soft, waxy substance that is pres- 
ent in all the cells of humans. Although humans use 
cholesterol to form cell membranes, create hormones, 
and perform other vital body functions, too much 
cholesterol is very damaging to the blood vessels within 
our body. It is recommended by the National Choles- 
terol Education Program that all adults have their 
cholesterol levels checked at least once every 5 years. 
The cholesterol level for any individual is dependent on 


many factors, including genetics, sex, diet, level of 
physical activity, social habits, and age. 


Cholesterol Metabolism Within the Body 


The cholesterol that is needed by our body is manufac- 
tured in the liver, but cholesterol is also ingested with 
animal products, dairy products, and hidden in 
processed foods. This excess cholesterol is deposited 
within the blood vessels, causing plaque buildup. The 
plaque on the interior of the arteries causes them to 
harden and lose elasticity, a condition known as ather- 
osclerosis. The vessels may eventually fill with sticky, 
hard cholesterol and become occluded (blocked ) so 
that the blood flow is disrupted. The blood that is 
trapped by the plaque buildup may become clotted. 
Pieces of the plaque may also break away from the 
vessel walls and travel to other areas of the body as 
emboli. 





Test Your Knowledge 18-1 

The human body produces adequate cholesterol to meet 
its needs. Additional cholesterol is added as part of 

our diets. What is one primary source of ingested 
cholesterol? (Outcome 18-2) 





Types of Cholesterol 


Cholesterol is a type of lipid that does not dissolve in 
blood plasma. It must be attached to another molecule 
for transport throughout the body. The molecules used 
for cholesterol transport are also created in the liver, and 
are called apolipoproteins. These are special types of 
protein that are designed to attach to a lipid molecule, 
becoming a lipoprotein. As introduced in Chapter 16, 
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there are three types of lipoproteins present to transport 
cholesterol in the bloodstream: 


¢ High-density lipoprotein (HDL): A carrier molecule 
that is known as the “good cholesterol” because it 
transports cholesterol through the vascular system 
without contributing to the buildup on the vessel 
walls. In fact, HDL has been shown to help remove 
some of the cholesterol that has accumulated in the 
vascular system. A high level of HDL appears to 
protect the body from heart disease, and a low level 
(below 40 mg/dL for men and 50 mg/dL for women) 
increases the risk for heart disease and stroke. 
Low-density lipoprotein (LDL): The major lipopro- 
tein cholesterol transport molecule present in the 
bloodstream. This is often referred to as the “bad 
cholesterol” because the lipoprotein has a higher fat 
content than does the HDL and actually sticks to the 
blood vessel walls and adheres to the waxy buildup, 
leading to vessel occlusion. This waxy buildup (plaque) 
creates a unique environment in which blood cells may 
bind to one another and form a blood clot. When 
a blood clot or an occlusion occurs in one of the 
coronary vessels that supplies blood to the heart, a 
heart attack may result. Blocked blood flow to the 
brain results in a stroke (also known as a cerebrovascu- 
lar accident [CVA]). According to the American Heart 
Association, LDL cholesterol levels above 160 mg/dL 
greatly increase the chance of heart disease. 
¢ Very Low-Density Lipoprotein (VLDL): Present in 
smaller amounts than the other transport molecules. 
Elevated VLDL levels are directly related to the forma- 
tion of plaque from sticky cholesterol deposits, which 
increases the risk of heart disease and stroke. 





Test Your Knowledge 18-2 


Which classifications of lipoproteins are considered as 
contributors to plaque buildup? (Outcome 18-3) 





Risk Factors, Desired Ranges, and Clinical 
Interpretation of Abnormal Lipid Results 


Total cholesterol screening assists with identification of 
those who are at high risk for cardiovascular disease. 
According to the Centers for Disease Control and Pre- 
vention (CDC), approximately 17% of the adults in the 
United States have total cholesterol levels above the de- 
sired range. Cholesterol levels may be elevated in certain 
diseases, such as diabetes, hypothyroidism, and kidney 
or renal disease. However, more commonly the elevation 
of total cholesterol is the result of risk factors such as a 
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sedentary lifestyle, poor diet, cigarette smoking, heredity, 
and obesity. The presence of two or more risk factors for 
a specific patient may double the risk of a heart attack. 
Native Americans and African Americans are at an ex- 
ceptionally high risk because of genetic factors. 

HDL levels may be increased in women because of the 
natural presence of estrogen in their bodies. Testosterone 
has been shown to lower HDL levels. Cigarette smoking, 
sedentary lifestyles, and obesity all contribute to lower 
HDL levels. It is possible to change the relative levels of 
LDL and HDL in the body through diet and exercise. The 
goal of treatment is to decrease total cholesterol, increase 
HDL levels and decrease LDL levels. Increased exercise, 
smoking cessation, and weight loss can elevate HDL levels 
and decrease LDL levels. Early detection, immediate 
lifestyle changes, and oral medications may have a pro- 
found effect on these analytes. LDL levels may be decreased 
with the use of a class of medications called statins. 





Test Your Knowledge 18-3 


True or False: Elevated HDL levels are desirable in a 
healthy adult. (Outcome 18-4) 





Cholesterol reference ranges are based on fasting 
specimens. According to the CDC, the recommended 
cholesterol levels are the following: 


¢ Total cholesterol levels below 200 mg/dL 
e LDL cholesterol level below 100 mg/dL 
¢ HDL cholesterol at 40 mg/dL or above 
° Triglycerides below 150 mg/dL 





Test Your Knowledge 18-4 

Sally Seashore has her fasting cholesterol test performed 
as a part of her yearly physical. Her total cholesterol 
level was 205 mg/dL. Is this within the desirable 

range? (Outcome 18-4) 







It is not only adults who have elevated cholesterol 
levels. Children who have parents or grandparents who 
developed heart disease before they were age 55, or those 
who have other risk factors such as race and obesity 
should have their cholesterol levels monitored closely, as 
it is now clear that the development of plaque buildup in 
the blood vessels may begin very early in life. 





Test Your Knowledge 18-5 


Why are elevated LDL levels considered to be a health 
risk? (Outcome 18-5) 
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Procedure 18-1: Cholesterol Testing Using the Cholestech LDX 





System 


TASK 


Perform CLIA-waived cholesterol testing using the 
Cholestech LDX System 


CONDITIONS 


Gloves 

Laboratory coat 

Hand sanitization supplies 

Cholestech LDX analyzer 

Cholestech thermal label printer 

Liquid controls (level 1 and level 2) 

Test cassettes in foil wrap 

Optics test cassette and holder 

Capillary puncture supplies 

Cholestech capillary tubes and black plungers for 
collection and application of blood samples 
Biohazardous sharps container 

Gauze or laboratory wipes 

Biohazardous waste container 


¢ Liquid quality control materials (two levels) 

e Acrylic safety shield (if using lithium heparin 
vacuum tubes rather than capillary samples for the 
testing process) 


CAAHEP/ABHES STANDARDS 





i ~CAAHEP Standards 


LPI. Anatomy and Physiology, #13. Perform Chemistry 
Testing 1A. Anatomy and Physiology, #2. Use language/ 
verbal skills that enable patients’ understanding 


@& 
@ ABHES Standards 


° 10. Medical Laboratory Procedures, b. CLIA-waived 
tests 

e 10. Medical Laboratory Procedures, b. 3) Chemistry 
Testing 





Procedure 


1. Greet and then identify patient using at least two 
unique identifiers. 


2. Verify test ordered, and explain procedure to pa- 
tient. Verify whether patient has prepared properly. 


3. Wash hands and apply gloves. 


4. Assemble necessary equipment, and verify that all 
reagents are within the posted expiration dates. 
Allow all reagents to come to room temperature. 





Rationale 


All patients must be identified properly before collect- 
ing samples or performing laboratory testing. 


All laboratory test orders should be verified by check- 
ing the chart and/or requisition form more than 
once. A quick explanation of the procedure for the 
patient will ensure more cooperation. Cholesterol 
testing requires the patient to fast for at least 
12 hours prior to the blood draw. It is important 
that the patient understands the meaning of a 
12-hour fast to verify whether he or she has followed 
the necessary preparation instructions. 


Hands should always be washed between patients and 
before starting any procedures. Gloves are appropri- 
ate personal protection equipment (PPE) for this 
procedure, as well as a laboratory coat. 


The Cholestech LDX cassettes are stored in the refriger- 
ator, but must come to room temperature before use. 
It is recommended that they be removed from the 
refrigerator for at least 10 minutes prior to use. Orga- 
nization of materials will make it easier to follow the 
procedure specified by the manufacturer properly. 








Cyclopia (also cyclocephaly or synophthalmia) is a rare form of holoprosencephaly and is a congenital disorder (birth defect) characterized by the failure 
of the embryonic prosencephalon to properly divide the orbits of the eye into two cavities. Its incidence is 1 in 16,000 in born animals and 1 in 200 in 


miscarried fetuses, | 1Il2] 


The US National Library of Medicine National Institutes of Health has published an article regarding Cyclopia.!°l 


Contents [hide] 
1 Presentation 
2 Causes 

3 Notable cases 
4 See also 

5 References 

6 External links 








Presentation [edit] 








Typically, the nose is either missing or replaced with a non-functional nose. This deformity (called proboscis) usually forms above the center eye or on the 
back, and is characteristic of a form of cyclopia called rhinencephaly or rhinocephaly.!4] Most such embryos are either naturally aborted or are stillborn upon 
delivery. 

Although cyclopia is rare, several cyclopic human babies are preserved in medical museums (e.g. The Vrolik Museum, Amsterdam, Trivandrum Medical 
College).[5] 

Some extreme cases of cyclopia have been documented in farm animals (horses, sheep, pigs, and sometimes chickens). In such cases, the nose and 
mouth fail to form, or the nose grows from the roof of the mouth obstructing airflow, resulting in suffocation shortly after birth. [8 


Causes [edit] 





Genetic defects or toxins can misdirect the embryonic forebrain-dividing process.!”! One highly teratogenic alkaloid toxin that can cause cyclopia is 





Cyclopia 





Specialty Medical genetics @ 
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Procedure 


5. Plug in the analyzer and allow it to initialize. 
Verify that the printer has paper attached to the 


testing instrument correctly. 


6. Perform an optics check using an optics check 
cassette. When testing the optics test cassette, the 
following procedures are followed: 

a. Press RUN. The analyzer will then perform a 
self-test, and display a Self-Test OK message on 
the screen. The drawer will then automatically 
open, and a message of Load Cassette and Press 
Run will appear on the screen. 

b. Use the optics check cassette by inserting the 
cassette into the open drawer of the instrument. 
Be careful not to touch the dark areas of the cas- 
sette; it should be handled only by the edges 
and by touching the clear parts of the cassette. 

c. Press RUN again. The drawer will shut and the 
testing process for the optics check will begin. 

d. A series of numbers will be displayed on the 
screen. These are the results of the optics check. 
The results must all fall between 80 and 105, 
and they must also be within the ranges pro- 
vided with purchase of the optics check to be a 
valid test. 

e. Verify that the results are as desired before con- 
tinuing with the testing process. If the results 
are not within range, the instrument will dis- 
play an error code (Optics Test Fail), and it will 
not be possible to process patient samples until 
a valid optics check is performed. 


7. Remove the optics check cuvette from the instru- 
ment and place it back in the designated container. 


8. Prior to patient testing, verify whether a quality 
control (QC) specimen needs to be tested, and if 
so, complete that process before the patient's test 
is performed. Patient testing cannot be performed 
unless the quality control values are within the 
established ranges. 


9. Tear open the foil package and set the testing cas- 
sette on a level nonabsorbent surface. 


Rationale 


The analyzer must be allowed to initialize before use. 


The optics check cassette is to be used as directed by 
the manufacturer and laboratory policy to verify 
that the four optic channels of the instrument are 
working correctly. This should be used at least 
once daily before patient samples or quality control 
samples are tested. An optics test should also be 
completed after the machine is moved or cleaned. 


Acceptable ranges will be provided with the cuvette 
upon purchase. If the results do not fall within the 
acceptable range, the instrument may not be used 
for specimen testing until the cause has been identi- 
fied and the problem has been identified and solved. 


Troubleshooting tips will be available in the user man- 
ual and/or manufacturer insert. 


The cuvette must be stored in the designated container 
to keep it from being damaged. Exposure to moisture 
or damaging the cuvette may affect the performance. 


Liquid QC should be tested following laboratory pro- 
tocol and manufacturer’s recommendations. Exam- 
ples of when QC may be utilized to verify the test 
results include the following: 

a. With a new shipment 

b. Whenever a new lot number of reagents or QC 
is put into use 

c. New operator; someone who is being trained on 
the procedure 

d. Problems with storage, instrument, reagents, etc. 


The cassette needs to be ready for the application of the 
sample as soon as the blood collection is complete. 





Continued 
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Procedure 18-1: Cholesterol Testing Using the Cholestech LDX 





System—cont’d 





Procedure 


10. Perform a capillary puncture, using appropriate 
technique. Wipe away the first drop of blood. 


11. Remove a capillary tube and a black plunger from 
the container. Insert the black plunger into the 
capillary tube, and then hold the open end of the 
capillary tube to the drop of blood obtained from 
the capillary puncture. The capillary tube will fill 
with sample, and this should be completed within 
approximately 10 seconds. 


12. Introduce the blood into the sample well on the 
cassette. Be careful not to touch the dark areas of 
the cassette. Use the black plunger to empty the 
capillary tube into the testing well. 


13. Place the filled cassette into the drawer as soon as 
the sample has been added. If the drawer has 
closed, press the RUN button again and the 
drawer will open. 


14. Within a few seconds, the cholesterol result will 
appear on the display screen in mg/dL. Record this 
result on the patient log sheet. 


15. Following office protocol, allow the patient to 
leave the testing area, or consult with the health- 
care provider about the test results. 


16. Discard the capillary tube and plunger and con- 
taminated cassette in the biohazardous garbage. 


17. Turn off the instrument if there are no further tests 
needed and disinfect the work area. Discard any 
other waste appropriately. 


18. Remove gloves and sanitize hands. 


19. Document the test results in patient chart. 


Date 


Rationale 


The first drop of blood should be discarded, as it may 
be contaminated with interstitial fluids resulting in 
an erroneous result. 


The blood will enter the capillary tube without further 
action if the capillary tube is kept level while the end 
is immersed in a drop of blood. Avoid air bubbles as 
the capillary tube is filled. 


Blood on other areas of the cassette apart from the sam- 
ple well may interfere with the testing process. 


The cassette needs to be processed immediately for 
accurate results. Do not allow the filled cassette to 
be moved excessively. It should be kept horizontal as 
it is placed in the drawer. 


The result will stay on the screen until the RUN button 
is pushed to open the drawer for the next test sample 
to be added. It is important to record the result as 
soon as it is evident on the screen. The result will 
print if the instrument is attached to a printer. 


If results are far outside of the normal range, the office 
policy may be that the health-care provider speaks 
with the patient before he or she leaves the office. 


The capillary tube, plunger, and cassette contain 
blood, so they must be discarded as a biohazardous 
substance. 


The work area should always be disinfected after use. 


Hands must always be sanitized after removing gloves. 


All results must be documented in the patient’s chart. 





S/t7/2014: 


Fasting cholesterol 195 mgfdl. 





Connie Lieseke, CMA (AANA) 
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Triglycerides 


Triglyceride levels are usually included in lipid panels 
as an additional indicator for evaluating the risk of 
cardiovascular disease. Triglycerides are the end prod- 
uct of the fats that we ingest. When a person takes in 
more calories than are needed for energy, some of the 
excess calories are also turned into triglycerides and 
stored as fat for use later as an energy source. These 
are then stored in the liver and the adipose cells of 
our body, and may also sometimes be stored in the 
muscle tissue. A patient who often eats more calories 
than those used by the body may develop elevated 
blood triglyceride levels. 





( Test Your Knowledge 18-6 
What leads to a buildup of triglycerides in the adipose 
tissue of the body? 

a. Consumption of excess calories 
b. Pancreatitis 

c. Elevated LDL levels 

d. Plaque buildup 








(Outcome 18-6) 
4 





Metabolic Syndrome 


Elevated triglyceride levels unaccompanied by other risk 
factors are not linked as closely to cardiovascular disease 
as are high cholesterol levels. However, the high triglyc- 
eride levels may be part of a group of conditions that are 
known as metabolic syndrome. Metabolic syndrome 
includes hypertension, hyperglycemia, excessive fat de- 
posits around the waistline, low HDL levels, and high 
triglyceride levels. Patients who simultaneously exhibit 
most of these conditions in the metabolic syndrome have 
an increased risk for cardiovascular disease, as well as a 
greater potential for developing diabetes. Oral medica- 
tions may be prescribed to lower triglyceride levels. 
Niacin is commonly used, as is a classification of drugs 
called fibrates. If the triglyceride levels are elevated as 
well as total cholesterol and LDL levels, a combination 
of drugs may be used to lower the various lipid levels. 


Reference Ranges and Clinical Interpretation 
of Abnormal Results 


Hyperlipidemia is the word used to describe elevated levels 
of cholesterol and triglycerides in the bloodstream, and as 
introduced in Chapter 16, patients with hyperlipidemia 
may have cloudy or “milky” plasma and/or serum appar- 
ent after a sample of their blood is spun in a centrifuge. 


Chapter 18 Other Select Chemistry Tests 377 


This appearance is known as lipemia, and it is caused by 
suspended fat particles, which can cause interference for 
many testing procedures. Large reference laboratories may 
have specialized centrifuges designed to clear the excess 
fats from the plasma or serum so that testing can continue 
on these specimens. 





= 
Test Your Knowledge 18-7 


Lipemia is a suspension of , visualized 
in the liquid portion of the blood after centrifugation: 
a. Hemolyzed red blood cells 
b. Excess fat particles 
c. Plaque 


d. Milk 








(Outcome 18-7) 





According to the CDC, triglyceride levels should be 
drawn as fasting samples, because the blood levels be- 
come elevated with the ingestion of food. Triglyceride 
levels may be categorized as the following: 


¢ Normal: below 150 mg/dL 

° Borderline high: 150 to 199 mg/dL 

¢ High: 200 to 499 mg/dL 

° Very high: equal to or greater than 500 mg/dL 


Lipid Panels 


A lipid panel commonly includes a total cholesterol 
level; a triglyceride level; the HDL, LDL, VLDL; and 
a total cholesterol/HDL ratio. These values provide 
the health-care provider with valuable information to 
determine whether the cholesterol levels for a patient 
indicate a risk factor for coronary artery disease. The 
lipid panel also provides information that is useful for 
monitoring patients who are taking medication to 
treat high cholesterol or triglycerides. Current recom- 
mendations from the National Institutes of Health’s 
National Cholesterol Education Program include the 
performance of a screening fasting (at least 12 hours) 
lipid panel at least once every 5 years. For patients 
with elevated LDL levels and/or triglyceride or total 
cholesterol levels that are too high, lifestyle changes 
and possible drug treatment should be started imme- 
diately. The fasting lipid panel should be rechecked 
once every 6 weeks until the established goals have 
been met for a patient, and a fasting lipid panel should 
continue to be performed every 4 to 6 months while 
completing treatment. 
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Types of fats 





Fats are essential to homeostasis, but ingestion of too 
much can be quite harmful. Most Americans take in 
an excess of fat on a daily basis. According to the 
Centers for Disease Control and Prevention (CDC), 
fats should not make up more than 35% of our 
caloric intake each day. In addition to controlling the 
amount of fat ingested, we can benefit from moni- 
toring the types of fats we eat, because certain types 
of fats cause much more harm to our cardiovascular 
systems than others. Polyunsaturated and monoun- 
saturated fats are healthier for the body than trans 
fats, saturated fats, and cholesterol. The unhealthy 
fats are “hidden” in many of the processed foods that 
we eat. To avoid an unhealthy diet, it is important to 
be educated about the types of fats in our diets: 


¢ Trans fats: It is required that all products contain- 
ing trans fats have them listed on their nutrition 
labels. This type of fat actually starts as a 
liquid; a process called hydrogenation changes the 
oils into a solid fat. Trans fat helps processed foods 
last longer without spoilage, but the presence of 
trans fats increases LDL cholesterol levels and de- 
creases HDL cholesterol levels. Many processed 
baked goods (such as pies, cookies, crackers, and 
cakes) include trans fats to extend their shelf life. 
Trans fats may also be present in solid margarine 
products. Nutritionists recommend soft margarine 
over solid margarine whenever possible. 

¢ Saturated fats: The current recommendation is to 
restrict our daily caloric intake from saturated fats 
to less than 10%. This type of fat comes from meat 
and high-fat dairy products. It is also present in 
palm and coconut oils, which can be included in a 
many processed foods. Choosing low-fat products, 
fat-free milk, and lean meats can help to control 
the amount of saturated fats ingested. Check labels 
to reduce the amount of saturated fats (and trans 
fats) whenever possible. Removing the skin from 
meats before cooking, and skimming off visible fat 
from soups and stews can also help to reduce 
dietary intake. Diets that are high in saturated fat 
are believed to contribute to cardiovascular disease. 

¢ Cholesterol: Cholesterol is usually found in the 
same type of products as those having high levels 
of saturated fat. Meat, eggs, and dairy products 
contain high levels of cholesterol. Steps that lower 





A POINT OF INTEREST 18-1 





the intake of saturated fat will also help to control 
cholesterol in the diet because they appear in simi- 
lar foods. Remember, genetics also plays a role in 
total blood cholesterol content; many patients will 
have high levels of cholesterol even with excellent 
diets and active lifestyles. In this case, patients will 
usually need to be treated with oral medications to 
keep their cholesterol level at a reasonable level. 

¢ Monounsaturated and polyunsaturated fats: 
These fats are considered the most “healthy” fats. 
They come from ingestion of fish, vegetable oils, 
and nuts. All sources of fat are high in calories, but 
polyunsaturated and monounsaturated fats do not 
pose as high a cardiovascular threat as do the other 


types. 











ELECTROLYTES 





In Chapter 16, electrolytes are defined as substances that 
are capable of conducting an electrical charge when dis- 
solved in water. Particles that are positively or negatively 
charged because of the loss or gain of electrons are called 
ions, and all electrolytes fall within this description. 
Positively charged ions are called cations, and those ions 
with a negative charge are called anions. The most com- 
mon cations in the body are sodium and potassium. 
Sodium has a high extracellular concentration, which 
means that it has a higher concentration outside the 
body’s cells, in the plasma. Potassium is higher in con- 
centration inside the cells, in the intracellular environ- 
ment. The most common anions present in the body are 
chloride and bicarbonate. Bicarbonate (HCO;~) is an 
ion created when carbon dioxide reacts with water. Most 
electrolyte panels measure Nat, K*, Cl~ and bicarbonate. 
Figure 18-1 illustrates the distribution of the most 
common electrolytes inside and outside red blood cells. 
Bicarbonate may be measured directly or by analysis of 
total CO,, as most of the carbon dioxide present in the 
blood is found as bicarbonate molecules. Additional 
electrolytes present in the body include magnesium, 
calcium, phosphate, and sulfate; however, these are not 
included in most electrolyte panels. 





Test Your Knowledge 18-8 


True or False: Electrolytes are neutral; they neither exhibit 
a positive nor negative charge when dissolved in water. 
(Outcome 18-1) 
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Figure 18-1 Major intracellular and extracellular 
electrolytes. 


Function of Electrolytes and Consequences 
of Electrolyte Imbalances 


Appropriate amounts of the various electrolytes in 
the body are essential to maintain homeostasis and 
acid-base balance. The electrolytes are also responsible 
for transmission of nervous impulses, and they play 
a major role in contraction and relaxation of the mus- 
cle fibers present throughout the body. The presence 
of the various intracellular and extracellular elec- 
trolytes in appropriate concentrations also allows for 
cells to keep their shape so that they can function 
properly. More specific electrolyte functions include 
the following: 


e Sodium (Na*): Sodium is the electrolyte found in 
highest concentration outside the cells of the body. 
We take in sodium through our diets, and the 
amount retained by the body is controlled by the 
kidneys. Sodium loss also occurs through perspira- 
tion. Sodium is essential for controlling the amount 
of fluid retained in the cells of the body. When the 
sodium levels are too low (a condition known as 
hyponatremia) in relation to the amount of fluid 
present in the body, the patient may exhibit drowsi- 
ness and confusion. If the condition worsens, it can 
lead to muscle twitches, seizures, coma, and even 
death. Hyponatremia can occur with various renal 
disorders, endocrine imbalances that the amount of 
antidiuretic hormone (ADH) produced, excessive 
water intake, or retention of fluids from various dis- 
ease processes. Certain prescription drugs may also 
contribute to low sodium levels. Hypernatremia 
(elevated sodium levels) results when the concentration 
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of sodium is elevated as compared to the amount of 
fluid in the body. Essentially, a patient with hyperna- 
tremia has too little water in the body for the amount 
of sodium that is present. This can be the result of 
severe vomiting and/or diarrhea with fluid loss, or 
excessive sweating without fluid replacement. Hyper- 
natremia may also occur with severe burns, and is a 
risk for those with disease states that cause excessive 
urine to be produced. Sodium levels that are outside 
the reference range may lead to lethargy, confusion, 
muscle twitches, seizures, coma, and death if not 
treated promptly. 

Potassium (Kt): Potassium is present in high con- 
centrations within the cells of the body, but normally 
is quite low in the blood plasma. The kidneys control 
the amount of potassium excreted from the body, 
and dietary intake helps to keep the necessary bal- 
ance for healthy function. The presence of potassium 
is essential for cardiac function, as well as the trans- 
mission of nervous impulses to other muscles of the 
body. Hyperkalemia is the word used to describe 
elevated levels of potassium in the blood, and 
hypokalemia is the word used to describe dimin- 
ished levels of potassium. Both conditions may be 
caused by renal dysfunction or certain hormonal 
imbalances. Reduced dietary intake may also con- 
tribute to hypokalemia, as well as use of prescription 
medications that contribute to increased urination. 
Diseases that cause gastrointestinal malabsorption 
(problems with the absorption of nutrients from 
food ingested) will also cause hypokalemia. Potas- 
sium imbalances are not tolerated well by the body, 
and may result in cardiac arrhythmias or other symp- 
toms of muscle weakness. 

Chloride (C1-): Chloride is an anion, which means 
that it has a negative charge when dissolved in water. 
It is a very important extracellular presence, as chlo- 
ride contributes to homeostasis by participation in 
acid-base balance. Chloride moves into and out of 
the cells of the body in response to the transfer of 
hydrogen and carbon dioxide through the cellular 
membrane. When chloride levels become imbal- 
anced, the acid-base neutrality of the body’s tissues 
may be affected, and acidosis (increase in acidity of 
the blood) or alkalosis (increase in alkalinity of the 
blood) may result. 

Bicarbonate (HCO, ): Bicarbonate is formed when 
carbon dioxide combines with water present in blood 
plasma. As is the case with chloride, bicarbonate plays 
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an essential role in acid-base balance of the body. It 
acts as a buffer, which means that the presence of 
bicarbonate helps to keep the body’s pH at a neutral 
level by interacting with substances capable of chang- 
ing the pH. Most of the bicarbonate in the body is 
found outside the cells, but there is a small amount 
present intracellularly. Bicarbonate may be indirectly 
measured in the laboratory by analyzing the amount 
of total CO, present in the blood. Abnormal amounts 
of bicarbonate (directly tested or analyzed by measur- 
ing total carbon dioxide levels) may contribute to aci- 
dosis or alkalosis. 


Test Your Knowledge 18-9 


A patient who has been treated with diuretics for the 
past few months develops an arrhythmia and is seen in 
the ER. When the patient has his blood tested, which 
electrolyte level may be outside of the reference range? 
(Outcome 18-13) 








Testing Preparation and Common 
Testing Methods 


Specimen collection for electrolyte testing does not 
require any specific preparation, but it is important to 
collect the sample using appropriate phlebotomy 
technique to avoid erroneous results. Electrolyte test- 
ing performed in hospital and reference laboratories 
usually requires plasma or serum samples, which need 
to be separated from the blood cells in the specimen 
within an hour of collection. Electrolyte results can 
easily be affected by poor preanalytical procedures. 
Because potassium is at such a high concentration 
within blood cells and exhibits such a low extracellu- 
lar concentration, any specimen collection or process- 
ing errors that contribute to hemolysis will cause the 
plasma potassium values to be falsely elevated. Exces- 
sive hemolysis may also cause the plasma sodium and 
chloride results to be decreased because of a dilution 
effect from all the intracellular contents released when 
the cells are broken. Contamination of the specimen 
with IV fluids will also alter the plasma electrolyte 
results; the effects will vary depending on the type 
of fluids being administered. CLIA-waived electrolyte 
procedures use whole blood for testing. The samples 
may be obtained by capillary puncture or by venipunc- 
ture, using a lithium heparin (light green top tube) 
or sodium heparin (dark green top tube). It is not 


possible to determine whether a sample is hemolyzed 
at the time of the blood draw by looking at the whole 
blood specimen; hemolysis does not become apparent 
until the sample has been spun in a centrifuge or un- 
til it has sat long enough for the plasma and/or serum 
to begin to separate visibly from the cells. This means 
that it is especially critical to avoid damage to the 
specimen when it will be used for whole blood test- 
ing, because it will not be evident that the cells have 
been hemolyzed, which could cause erroneous test 
results for potassium and possibly for the other elec- 
trolytes. The phlebotomist must implement appropri- 
ate venipuncture technique, including the use of the 
correct needle size, with complete insertion of the 
bevel into the interior of the vein. The tourniquet 
should not be applied for longer than 1 minute, and 
pumping of the fist should not be encouraged. Also, 
the blood sample should be gently inverted (not 
shaken). 

There are many instruments that have been approved 
for CLIA-waived electrolyte testing. These instruments 
are capable of performing all the tests included in most 
electrolyte panels, including sodium, potassium, chloride, 
and bicarbonate. The testing instruments are present in 
physician office laboratories, but may also be used as a 
STAT testing method in other environments. These in- 
clude the Abaxis Piccolo Blood Chemistry Analyzer and 
the Abbott i-cSTAT System. (See Fig. 18-2.) 





Figure 18-2 Abbott i-STAT analyzer. Courtesy of Abbott 
Point of Care, Princeton, NJ. 
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( Test Your Knowledge 18-10 


Which of these tests is not part of a typical electrolyte 
panel? 

a. Sodium 

b. Potassium 

c. Nitrogen 


d. Chloride 








(Outcome 18-14) 
4 
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Reference Ranges 


It is important to realize that the reference ranges for any 
analyte may vary according to the method used for test- 
ing. The following are approximate ranges established 
for adults for plasma samples: 


¢ Sodium: 135 to 145 mmol/L 
¢ Potassium: 3.5 to 5.0 mmol/L 
e Chloride: 98 to 108 mmol/L 
e Bicarbonate: 22 to 30 mmol/L 


Procedure 18-2: Electrolyte Testing Using an Abbott i-STAT Chemistry 


Analyzer 





TASK 


Perform CLIA-waived whole blood electrolyte testing 
using an i-STAT analyzer. 


CONDITIONS 


Gloves 

Laboratory coat 

Hand sanitization supplies 

I-STAT chemistry analyzer 

L-STAT analyzer electrolyte (panel or individual test) 
cartridges 

Capillary puncture supplies or venipuncture supplies 
and green top tubes 

Biohazardous sharps container 

Gauze or laboratory wipes 

Biohazardous waste container 

¢ Quality control materials 


CAAHEP/ABHES STANDARDS 





4 CAAHEP Standards 


I.P.l. Anatomy and Physiology, #13. Perform Chem- 
istry Testing 1.A.I. Anatomy and Physiology, #2. Use 
language/verbal skills that enable patients’ under- 
standing 


ae 
@ ABHES Standards 


¢ 10. Medical Laboratory Procedures, b. CLIA-waived 
tests 

¢ 10. Medical Laboratory Procedures, b. 3) Chemistry 
Testing 





Procedure 
1. Greet and then identify patient using at least two 
unique identifiers. 


2. Verify test ordered, and explain the testing proce- 
dure to the patient. 





Rationale 


All patients must be identified properly before collect- 
ing samples or performing laboratory testing. 


All laboratory test orders should be verified by check- 
ing the chart and/or requisition form more than 
once. A quick explanation of the procedure for the 
patient will ensure more cooperation. 





Continued 
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Procedure 18-2: Electrolyte Testing Using an Abbott i-STAT Chemistry 





Analyzer—cont’d 








Procedure 


3. Assemble necessary equipment, and verify that all 


reagents are within their expiration dates. For an 
electrolyte panel to be performed, it may be neces- 
sary to use a cartridge that tests for other analytes 
in addition to those in the electrolyte panel, due to 
the cartridge packaging. 


. Wash hands and apply gloves. 


. Turn on the analyzer. If necessary, use the elec- 


tronic simulator cartridge to verify that the instru- 
ment is operating correctly. 


. Prior to performance of test, verify whether a qual- 


ity control (QC) specimen needs to be tested, and 
if so, complete that test before the patient’s test is 
performed. It is recommended that two levels of 
quality control be tested every time QC is run. 


. Remove the cartridge from the foil pouch. Be care- 


ful to handle the cartridge only by the edges, and 
place it on a level, clean surface until use. 


. Perform a capillary puncture, using appropriate 


technique. Wipe away the first drop of blood. Use a 
heparinized capillary tube to collect a blood sample, 
avoiding the formation of air bubbles in the tube. 


Rationale 


i-STAT cartridges are to be stored at 2° to 8°C until their 
printed expiration. Cartridges must be removed from 
the refrigerator and allowed to be at room temperature 
for at least 5 minutes before use. A cartridge expires 
2 weeks after it is removed from the refrigerator, and it is 
not to be put back in the refrigerator once it has reached 
room temperature. Materials that are organized will as- 
sist in the process of following the directions properly. 


Hands should always be washed between patients and 
before starting any procedures. Gloves are appropri- 
ate personal protective equipment (PPE) for this 
procedure. 


An internal electronic simulation occurs after every 
8 hours that the instrument is in use. It may also be 
necessary to use an external electronic simulator car- 
tridge if the internal test is not successful or if the 
laboratory policy dictates the use of this additional 
step. This cartridge is stored at room temperature. 
To use, insert the cartridge into the instrument with 
the I facing upward. If the test is successful, the 
LED screen will display a PASS message. 


Liquid QC should be tested following laboratory 
protocol and manufacturer's recommendations. 
Examples of when QC should be used to verify the 
test results include the following: 

a. With a new shipment 

b. Whenever a new lot number of reagents or QC 
is put into use 

c. New operator; someone who is being trained on 
the procedure 

d. Problems with storage, instrument, reagents, etc. 

e. To ensure that storage conditions are fine, QC 
should be performed at least once monthly 


If the contact points of the cartridge are scratched or 
damaged before the test is performed, it may have 
an adverse effect on the test results. The cartridge 
should be removed from the pouch before the sam- 
ple is collected just to save time. 


The first drop of blood should be discarded, as it may 
be contaminated with interstitial fluids, resulting in 
an erroneous result. 
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Procedure 


9. Hold the end of the filled capillary tube to the 
sample well. The well will fill with blood through 
capillary action. Fill the well to the indicated fill 
mark. 


The sample may also be taken from a sodium 
heparin— or lithium heparin—evacuated blood 
tube, or from a sterile syringe without additives. 


10. The analyzer will request an operator ID and a 
specimen/patient identification number. Enter 
these according to laboratory policy. 


11. After the analysis has completed, the result will be 
displayed on the LED screen for 45 seconds. It 
may be recorded directly on the patient log sheet 
and transferred to the patient chart when ready. 


12. Following office protocol, allow the patient to 
leave testing area, or consult with the health-care 
provider. 


13. Remove the used cartridge from the instrument, 
and discard it as biohazardous trash. 


14. Turn off the instrument or prepare to run the next 
specimen. 


15. Dispose of the capillary puncture device or used 
venipuncture supplies in a sharps container imme- 
diately after use. Any other equipment that may be 
contaminated with blood must be disposed of as a 


biohazard. 


16. Disinfect the work area. 


17. Remove gloves and sanitize hands. 


18. Document the test results in patient chart. 


Date 


S/t7/2O14: 


Rationale 


The blood will enter the cartridge well by capillary 
action. It is acceptable to slightly overfill the well, but 
if the well is grossly overfilled or if blood is smeared 
on the cartridge outside of the well, the instrument 
will give an ERROR code when the assay is per- 
formed. Avoid air bubbles as the sample well is filled. 

If an evacuated blood tube is used, a plain plastic capil- 
lary tube can be used to transfer the specimen to the 
cartridge. Ifa sterile syringe is used for the venipunc- 
ture, it is important to apply the sample immediately 
to the cartridge to avoid clots in the specimen. 


These identification methods allow for better docu- 
mentation and tracking. 


The result may be recalled before running the next 
specimen by pushing DIS (display) on the instru- 
ment. Sample results are also kept in the analyzer 
memory, and some laboratories will have the instru- 
ment interfaced with their patient data system for 
direct documentation in the patient record. 


If results are far outside of the normal range, office pol- 
icy may be that the health-care provider speaks with 
the patient before he or she leaves the office. 


The cartridge contains blood, so it must be discarded 
as a biohazardous substance. 


If numerous specimens are waiting to be assayed, leave 
the instrument turned on between samples. 


It is vital to always properly dispose of biohazards. 


It is important to keep the work area clean and organ- 
ized. Prompt disinfection helps to stop the cycle of 
infection. 


Hands must always be sanitized after removing gloves. 


All results must be documented in the patient’s chart. 





Electrolyte test performed: Sodium 120 mmoY/L, Potassium 3.7 mmol, Chloride 100 mnoYL, TCO2 25 mnolfl. 








11:29 a.m. | 





Connie Lieseke, CMA (AAMA) 
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SUMMARY 


Clinical chemistry is a complex laboratory department 
where a wide variety of tests may be performed. This 
chapter focused on some of the clinical chemistry tests 
that might be performed in a physician office labora- 
tory as well as in larger reference laboratories. These 
include lipid panels, electrolyte analysis, and fecal 
occult blood testing. Lipid testing is very important, as 
elevated levels of total cholesterol, LDL, and triglyc- 
erides may be indicative of potential damage to the 
cardiovascular system and subsequent myocardial 
infarction or stroke. Electrolytes are responsible for 
conduction of nerve impulses and maintenance of 
homeostasis with acid-base balance. Imbalances of 
sodium, potassium, chloride, and bicarbonate can be 
life threatening, and may indicate an ongoing disease 
process elsewhere in the body. 








TIME TO REVIEW 


L., 


Hypernatremia is: Outcome 18-1 


a. Elevated sodium concentration in the blood 

b. Elevated potassium concentration in the blood 
c. Decreased sodium concentration in the blood 
d. Decreased potassium concentration in the blood 


. Statins are used to treat: Outcome 18-1 


a. Electrolyte imbalances 

b. Anemia 

c. Elevated triglyceride levels 
d. Elevated cholesterol levels 


. True or False: Cholesterol levels are Outcome 18-2 
increased by excessive ingestion of carbohydrates. 
. True or False: When evaluating Outcome 18-9 


cholesterol levels, the total cholesterol is not the only 
level considered by the practitioner. 


. Which type of lipoprotein is Outcome 18-3 
considered to be the “good cholesterol”? 


a. HDL 

b. VLDL 

c. Triglyceride 
d. LDL 


10. 


. Elevated lipid levels in the Outcome 18-8 


bloodstream increase the chance of: 


a. Plaque formation on the blood vessel walls 
b. Myocardial infarction 

c. Liver damage 

d. Electrolyte imbalances 


. Which of these are included in the Outcome 18-1 


metabolic syndrome? 


. Elevated triglyceride levels 

. Hypertension 

. Hyperglycemia 

. Excessive fat deposits around the waistline 


. All of the above 


aon op 


. Which tests are included in a lipid Outcome 18-9 


panel? 


a. Total cholesterol, HDL, LDL, VLDL, triglyceride 
b. HDL, GLDL, LDL, BUN 

c. Total cholesterol, triglyceride, HDL, anion gap 
d. None of the above 


. How should a patient prepare for a Outcome 18-10 


lipid panel specimen collection? 


a. No preparation is necessary 

b. The patient must fast for 12 hours 

c. The patient should follow a carbohydrate- 
restrictive diet for a week prior 

d. The patient should follow a protein-rich diet for 
a week prior 


What is a consequence of elevated Outcome 18-13 
or decreased bicarbonate levels? 


a. Loss of cellular membrane shape 
b. Cardiac arrhythmia 

c. Acidosis or alkalosis 

d. Muscle tremors 


™@ §0:07/ 0:31 
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Case Study 18-1: Difficult draw 


Kim Babado, CMA (AAMA), is working in the labora- 
tory area of an internal medicine clinic. She has the re- 
sponsibility of drawing blood on most of the patients in 
the practice, performing some point-of-care testing, and 
processing blood and other samples to prepare them 
for transport to a large reference laboratory across 
town. The second patient of the morning has an order 
for an electrolyte panel. When Kim examines the pa- 
tient’s arm, she has a difficult time finding a suitable site 
for the blood draw. The patient has very small veins 
that seem to roll away every time Kim touches them. 
Kim’s first attempt is unsuccessful. On her second try, 
Kim does successfully puncture the vein, but obtains a 
slow blood flow that fills the tube approximately half 
full. After the blood specimen is spun in the centrifuge, 
Kim notes a light pink shade to the plasma. 


1. Do you think that the specimen is appropriate for 
electrolyte testing? 





Case Study 18-2: Dietary effects 


A patient has a lipid panel drawn on Monday after- 
noon, and his results include an elevated triglyceride 
level. The ordering physician asks for the specimen to 
be redrawn to verify the results before meeting again 
with the patient. 


1. What is a possible explanation for the elevated 
triglyceride level for this patient? 

2. What might be important information to give the 
patient before the next blood draw? 
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RESOURCES AND SUGGESTED READINGS 


“Colorectal Cancer Screening” 
Colorectal cancer screening information and recommenda- 
tions from the Centers for Disease Control and Prevention 
http://www.cdc.gov/cancer/colorectal/basic_info/screening/ 

“Hemoccult’s Newest Gold Standard in FOBTs-Hemoccult 
KGW 

Beckman Coulter Hemoccult ICT test information http:// 
www.hemocultfobt.com/sales/sales_Hemo_ICT. htm 

“Hemoccult Fecal Occult Blood Tests” 
Provides links to overview for all of Beckman Coulter Hemo- 
ccult products http://www.hemoccultfobt.com/ 

“Tests Granted Waived Status Under CLIA” 
List of all CLIA-waived tests, including CPT code for 
reimbursement http://www.cms.hhs.gov/CLIA/downloads/ 
waivetbl. pdf 

“Cholestech” 
Detailed information about the Cholestech analyzers avail- 
able for lipid testing. http://cholestech.com 

“Abbott Point of Care” 
Detailed information about the Abbott i-STAT analyzer 
and other point-of-care testing instruments manufactured 
by Abbott http://abbottpointofcare.com 
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Section IV 
Clinical Chemistry 
What Does It All Mean? 





As the chapters in this section clearly point out, there 
is a plethora of tests that are typically performed in 
the clinical chemistry area of the laboratory. These 
tests may be ordered and performed on an individ- 
ual basis or may be ordered and tested in groups 
known as profiles. Physicians and other primary care 
providers such as nurse practitioners and physician 
assistants make these important ordering decisions. 


Case in Point 


At the beginning of this section we met 34-year-old 
Carrie W. A fasting blood glucose test was per- 
formed on her as part of a health fair sponsored by 
Carrie’s employer, Acme Innovations, Inc. Her value 
was significantly higher than the highest number in 
the normal range for this test. The fact that this test 
was done after a period of fasting indicates that her 
ability to process glucose is likely impaired. 
Glucose serves as the body's main source of 
energy. Under normal circumstances, glucose is 
metabolized and the resulting products are used by 
the body for the many functions it performs on a 
daily basis. An unusually high glucose level suggests 
that the body is unable to metabolize glucose 


properly. The most likely condition associated with 
this scenario is diabetes mellitus. Individuals with 
diabetes mellitus typically either do not produce the 
substance insulin that is necessary for glucose 
metabolism or they produce insulin but its function is 
impaired. In either event, glucose is not being prop- 
erly used and eventually builds up in the body, thus 
causing increased blood glucose levels. Because the 
body can count on glucose for energy, it resorts to 
fat. Incomplete fat metabolism ensues. A by-product 
of incomplete fat metabolism is a substance known 
as ketone. 

Once the body has reached its saturation point of 
glucose and ketones, excess amounts of both sub- 
stances are deposited into the urine for disposal from 
the body. Thus, along with high blood glucose levels, 
individuals with diabetes mellitus typically also have 
high levels of glucose and ketones in the urine (urine 
testing is covered in detail in Chapter 21). 

In some instances a change in diet stabilizes the 
blood glucose levels to the point that the diabetes 
mellitus can be manageable without taking other 
steps. However, there are instances when treatment 
with insulin is indicated. 


387 


1899_Ch19_388-400 26/12/11 2:27 PM Page 388 





On the Horizon 


Perhaps the easiest, most noninvasive specimen type 
for analysis from humans is urine. In fact, the concept 
of analyzing urine has been noted in drawings on 
ancient history walls. Early analyzers determined 
that if urine from a diabetic individual is spread on 
the ground, then because of its sweet smell, ants 
would gravitate to it. At one point, a group of so- 
called self-taught urine analyzers, known as the 
“pisse prophets,” marketed their services to individu- 
als. Patients who submitted their urine and paid a fee 
received an analysis of their urine without ever being 
examined by a physician. 

There have been many advances in urine analysis 
over the years, one of the more notable being the ad- 
vent of plastic strips impregnated with chemical pads, 
known as a dipstick. Today, a test that incorporates the 
dipstick technology, known as a urinalysis, screens for 
a number of abnormalities. In many instances, such 
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abnormalities may be detected through urinalysis testing, 
often before the patient experiences any symptoms. This 
section focuses on the urinalysis test, as it is crucial in 
the diagnosis and monitoring of disease as well as in 
the monitoring of select treatment regimens. The occult 
blood test is also covered in this section. 


Relevance for the Medical Assistant 
(Health-Care Provider) 


As with so many other aspects of laboratory testing, 
medical assistants and other health-care support per- 
sonnel are often involved in the collection of samples 
for urinalysis testing by assisting the patient in the 
process or providing the patient with collection in- 
structions. Furthermore, medical assistants often per- 
form urinalysis and occult blood testing along with 
appropriate quality control. Medical assistants are 
also responsible for completing the documentation 
associated with this testing. 

Continued on page 390. 
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On the Horizon 


Chapter 19: Urinalysis introduces the reader to key anatomical parts associated 
with the urinary system. A brief overview of the formation of urine detailing the func- 
tions of the anatomical parts of the urinary system is presented. An overview of the 
routine urinalysis test including quality control is described. 





Chapter 20: Physical Characteristics of Urine covers the color, clarity, volume, and 
odor of urine samples. The measurement of specific gravity and testing for it using 
a urinometer and refractometer are introduced. Proper technique, normal test refer- 
ence range, sources of error and interference, and test interpretation are described. 





Chapter 21: Chemical Examination of Urine and Feces identifies and describes 
10 chemical tests that comprise a typical urine dipstick. The occult blood test is in- 
troduced and described. Proper technique, normal test reference range, sources of 
error and interference, and test interpretation are covered. 





Chapter 22: Microscopic Examination of Urine introduces the reader to the most 
commonly seen microscopic “formed elements” found in urine. Proper technique, 
normal test reference range, sources of error and interference, and test interpreta- 
tion are covered. 
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Continued from page 388. 


Three-year-old Johnny is rushed to the doctor’s office after 
he drank antifreeze in the family garage. As the medical 
assistant on duty at the time, you are asked to give in- 
structions to Johnny’s mother so she can help the young 


boy collect a urine sample. Once the sample is collected, 
you are asked to conduct the physical and chemical ex- 
amination portions of a urinalysis test on it. You obtain 
the following results: 

















Urinalysis Physical Examination 





Component Result Reference Range 
Color Amber Yellow 
Clarity Cloudy Clear 





Urinalysis Chemical Examination (Dipstick) 
































Component Result Reference Range 
Glucose Negative Negative 
Bilirubin Negative Negative 
Ketone Negative Negative 
Specific gravity 1.005 1.005-1.030 
Blood Trace Negative 

pH 6.0 4.5-8.0 
Protein 100 mg/dL Negative-trace 
Urobilinogen 0.2 mg/dL 0.2-1 mg/dL 
Nitrite Negative Negative 
Leukocyte esterase Negative Negative 
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Questions for Consideration: 


What key points would you make when giving direc- 
tions to Johnny's mother when she helps Johnny collect 
a urine sample? 

What is the purpose of the physical examination of 
urine? 

What is the purpose of the chemical examination of 
urine? 

What is the third portion of the urinalysis test that has 
not yet been done? 

What is the purpose of the chemical examination por- 
tion of the urinalysis test? 
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Urinalysis 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 





CHAPTER OUTLINE 


Historical Perspective of Urinalysis Quality Assurance for Urine Testing Procedures 
Anatomy and Physiology of the Urinary System Standard Precautions Used When Analyzing Urine 
The Kidneys Specimens 
Ureters Types of Urine Specimens 
Bladder Summary 
Urethra Time to Review 
Sequence of Urine Production and Excretion Case Study 


Clinical Significance of Urine Testing Results 
Physical Examination 
Chemical Examination 
Microscopic Examination 


Resources and Suggested Readings 





Lea rning Outcomes After reading this chapter, the successful student will be able to: 





19-1 Define the key terms. 19-7 Compare and contrast the different types of testing 
19-2 Describe the function of the urinary system. involved in routine urinalysis. 
19-3 Differentiate the parts of the urinary system. 19-8 Describe common quality assurance procedures 


19-4 Explain how urine is formed in the kidneys. used for the 04) oo 


19-9 Describe the personal protective equipment 


19-5 Describe the route followed as urine is excreted : 
necessary to process urine samples. 





from the body. 
19-6 Discuss the clinical significance of urinalysis 
results. 
CAAHEP/ABHES STANDARDS 
6 
FR CAAHEP Standards “SS” ABHES Standards 
.C.1.5: Describe the normal function of each body system. None 
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KEY TERMS 





Afferent arteriole 
Aliquot 

Anterior 

Bladder 

Bowman’s capsule 
Calyx 

Distal convoluted tubule 
Efferent arteriole 
Filtration 
Glomerular filtration 
Glomerulus 

Hilum 


Kidneys 


Loop of Henle 
Macroscopic 
Microscopic 
Micturition 
Nephrons 
Peritoneum 
Pisse prophets 
Proximal convoluted tubule 
Reabsorption 
Reagent dipstick 
Renal cortex 
Renal medulla 


Renal pelvis 


Renal tubule 
Retroperitoneal 
Rugae 

Secretion 

Specific gravity 
Ureters 

Urethra 
Urinalysis 
Urinary meatus 
Urine microscopic 


Uroscopy 


HISTORICAL PERSPECTIVE OF URINALYSIS 





Urine has been used as a primary diagnostic tool by 
those who practice medicine for thousands of years. The 
first recorded observation of the characteristics of urine 
was written over 6,000 years ago. Ancient physicians 
could only make assumptions utilizing the color, appear- 
ance, smell, and sometimes taste of urine because their 
knowledge of human anatomy and physiology was very 
limited. Urine observation and analysis was known as 
uroscopy. Some of these early diagnostic theories result- 
ing from uroscopy proved to be quite accurate, whereas 
others were later shown to be complete fallacies. 

Unfortunately, the type and amount of information 
that could be derived from urine became exaggerated, 
and examination of urine without the presence of the 
patient or any other clinical information became popular. 
The analysis of urine lost medical credibility for a time, as 
the examination of urine became a tool used by unedu- 
cated individuals who pretended to diagnose disease and 
predict the future using urine specimens. This type of 
uroscopy was a profitable venture until 1637, when 
Thomas Brian published a book that labeled these prac- 
titioners as pisse prophets. The book discredited their 
practices and led to the demise of this profession. 

Today, the analysis of urine is a valuable tool used 
by health-care practitioners to screen for potential 


abnormalities or monitor disease processes and the 
efficacy of treatment. A urinalysis may provide impor- 
tant information to assist with the diagnosis of diabetes 
or kidney damage, or detect a potential urinary tract 
infection. Urinalysis is a relatively inexpensive, nonin- 
vasive CLIA-waived procedure that is commonly per- 
formed in physician offices by medical assistants. The 
analysis of urine includes observation of the physical 
characteristics of the urine specimen that may be seen 
or measured with the naked eye. The physical character- 
istics of the urine include documentation of the color 
and appearance of the urine specimen. Urinalysis proce- 
dures also include procedures such as the measurement 
of urine specific gravity (a measurement of the density 
or concentration of the urine specimen), or measure- 
ment of the specimen volume when needed for refer- 
ence. Additional analysis for the presence of various 
chemical components is another part of the testing 
process. Analysis of urine may also include a micro- 
scopic component, which uses a microscope to look for 
formed elements in the urine specimen. Urine micro- 
scopic analysis is not a CLIA-waived test, but medical 
assistants often prepare and set up the specimen on the 
microscope for examination by a practitioner or other 
qualified professional. Additional training may allow 
for medical assistants to perform microscopic examina- 
tion of urine specimens as well. 
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Test Your Knowledge 19-1 

How are procedures used to document the physical char- 
acteristics of the urine different from the microscopic 
procedures? (Outcome 19-7) 





It is important to adhere to the proper collection 
procedure for urinalysis specimens. Ideally, urinalysis is 
performed on clean-catch midstream urine specimen 
samples, and if the procedures for this collection are not 
followed carefully, erroneous results may be reported to 
the physician. Inadequate cleansing before collection 
will introduce contaminants into the specimen that can 
alter the results. In addition, if a culture is added to the 
specimen after initial testing, it is important that the 
specimen be collected using the clean-catch midstream 
method. Ideally, approximately 50 mL of urine will be 
submitted for urinalysis testing, but according to the 
Clinical Laboratory and Standards Institute, the mini- 
mum volume for accurate results is 12 mL. 


ANATOMY AND PHYSIOLOGY 
OF THE URINARY SYSTEM 


The urinary system includes two kidneys, two ureters, 
the bladder, and the urethra. (These structures can be 
seen in Fig. 19-1.) The functions of the urinary system 
include filtration of the blood, excretion of excess waste, 
and the regulation of fluid and acid-base balance within 
the body. The kidneys also help to regulate blood pres- 
sure, and they produce erythropoietin, a hormone that 
stimulates production of red blood cells. 





Test Your Knowledge 19-2 


What is the function of the urinary system? 
(Outcome 19-2) 





The Kidneys 


The kidneys are considered the most important organs 
of the urinary system because they are responsible for 
the formation of urine. They are bean-shaped structures 
located to the back of the abdominal cavity on either 
side of the vertebral column. The peritoneum, or mem- 
brane that lines the abdominal cavity, covers only the 
anterior (front) side of the kidneys, which means that 
they are retroperitoneal, or behind the peritoneum. 
The left kidney is located a bit higher than the right kid- 


ney. A thick renal capsule consisting of connective tissue 
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Renal artery 
Inferior and vein 


vena cava Aorta 


Sphincter 





Figure 19-1 The parts of the urinary system, including the 
kidneys, ureters, urinary bladder, and the urethra. 


and fat surrounds and protects each kidney. The in- 
dented (concave) portion of the kidney is known as the 
hilum, the region where the renal artery enters the kid- 
ney and the renal vein and ureter leave the kidney. 





( Test Your Knowledge 19-3 


Which of these best describes the kidneys? 
a. Located in front of the peritoneum 
b. Pear-shaped organs 
c. Located on either side of the vertebral column 
with one slightly lower than the other 
d. Covered with hilum (Outcome 19-3) 
4 











The kidneys are made up of an outer renal cortex 
and an inner renal medulla. The renal medulla may be 
visualized as a series of structures known as pyramids, as 
is evident in Figure 19-2. Each pyramid drains into a 
calyx, which serves as a collection tubule for the urine as 
it is created. The area of the kidney where the calyces 
join is called the renal pelvis, which is connected to the 
ureter leaving the kidney. 

Each kidney contains approximately 1 million neph- 
rons. Nephrons are known as the functional unit of the 
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Calyces 
Renal pelvis 


Renal artery Renal 


medulla 


Renal vein 


Ureter 


Renal 
cortex 
Pyramid 
Figure 19-2 A cross section of a kidney, showing the 
renal vein and artery, ureter, renal pelvis, renal medulla, 
renal pyramids, and renal cortex. 


kidneys, because these microscopic structures filter the 
blood and create urine utilizing filtration, reabsorption, 
and secretion, as described later in this chapter. The vast 
majority of the nephrons in the kidneys are cortical 
nephrons, located in the outer cortex layer of the kidney. 
All nephrons function to filter blood and create urine, 
but the cortical nephrons are responsible primarily for 
removal of waste products and reabsorption of nutrients. 
Juxtamedullary nephrons are longer, and extend deep into 
the medulla. These nephrons specialize in concentration 
of the urine. 





Test Your Knowledge 19-4 


Why are the nephrons called the functional units of the 
kidneys? (Outcome 19-3) 





Almost one-quarter of the body’s blood supply is in 
the kidneys at any given time. The kidneys are incredi- 
bly vascular to allow for adequate processing of the blood 
supply and production of at least 1 liter of urine each 
day. To understand how this process occurs, it is impor- 
tant to look closely at the anatomy and physiology of 
the nephrons, as they perform filtration, reabsorption, 
and secretion to create urine. A nephron is shown in 
Figure 19-3. 

Blood enters the nephrons through a small vessel 
called the afferent arteriole. The blood continues to 


flow through a complex tangled tuft of capillaries that 
makes up the glomerulus. The capillaries rejoin, and 
the blood passes through the efferent arteriole as it 
leaves the glomerulus. The efferent arteriole is much 
smaller than the afferent arteriole, which causes a great 
deal of pressure to build up within the glomerulus. 
This hydrostatic pressure pushes out fluid from the 
blood as it travels through the tuft of capillaries. The 
cell lining of these capillaries is different from those in 
other places in the body, as it contains pores that allow 
small molecules to pass through and facilitates the pas- 
sage of fluid at a high rate. This process is called 
glomerular filtration. 

The fluid that is forced from the capillaries during 
glomerular filtration is collected by a tubule that 
surrounds the tuft of capillaries. This is called the 
Bowman’s capsule. The Bowman's capsule is the 
beginning of the renal tubule, a hollow structure that 
contains the blood filtrate. Not all the fluid forced 
from the capillaries is excreted from the body as urine; 
if it were, the body would be depleted of vital elec- 
trolytes and fluid very quickly. Approximately 99% of 
the fluid and electrolytes are reabsorbed by capillaries 
that surround the renal tubules. Additional substances 
are also secreted into the filtrate before it leaves the 
kidneys as urine. 

The renal tubules form a V-shaped complex, includ- 
ing the proximal convoluted tubule, the loop of 
Henle, and finally the distal convoluted tubule on the 
other side of the V. (See Fig. 19-3.) This complex of 
tubules is surrounded by capillaries, which allows for 
essential exchanges to occur between the blood and the 
filtrate within the tubules. The primary reabsorption of 
fluid and electrolytes occurs in the proximal convoluted 
tubule. More water, sodium, and chloride are reabsorbed 
into the blood from the filtrate in the loop of Henle 
at the bottom of the V-shaped complex. Most of the fi- 
nal adjustments are accomplished in the distal convo- 
luted tubule to create urine from the glomerular filtrate. 
Urine that has passed through the renal tubules flows 
into the collecting duct, which then drains into the calyx 
area of the kidney. The calyces open up to form 
the renal pelvis, and the urine leaves the kidneys through 
the ureter. 





Test Your Knowledge 19-5 


What processes occur in the renal tubules? 
(Outcome 19-4) 
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Figure 19-3 The components of the nephron, including the glomerulus, Bowman's capsule, proximal convoluted 


tubule, loop of Henle, and distal convoluted tubule. 


Ureters 


The ureters are flexible hollow tubes that connect the 
kidneys to the bladder. Urine flows from each renal 
pelvis through the ureter by peristaltic waves created by 
the muscular ureter walls. Each ureter is approximately 
12 in. long, which allows enough length for them to 
pass behind the abdominal cavity before entering the 


bladder. 





Test Your Knowledge 19-6 


Are the ureters involved in the production of urine? 
(Outcome 19-4) 





Bladder 


The bladder is a hollow muscular sac that is designed 
to store urine. The size and shape of the bladder differ 
according to the amount of urine being stored at any 
time. The interior lining of the empty bladder forms 
rugae, which are folds that allow for the bladder to 
expand when filled with urine. Typically, the adult 
bladder can hold about 500 mL of urine, but the urge 
to urinate can be felt when the bladder contains ap- 
proximately 150 mL of urine. The release of urine from 
the bladder (micturition) involves the interaction of 
the micturition reflex center in the sacral region of the 
spinal cord and the voluntary muscles that surround 
the urethra. 
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Urethra 


When the urine leaves the bladder, it travels through a 
hollow tube called the urethra as it leaves the body. The 
urethra varies in length according to the patient’s gender. 
The male urethra is approximately 21 cm in length, 
whereas the female urethra averages only 4 cm. In males 
the urethra also is used by the reproductive system to 
transport semen. The opening at the distal (far) end of 
the urethra where it leaves the body is called the urinary 
meatus. 


SEQUENCE OF URINE PRODUCTION 
AND EXCRETION 





Each part of the urinary system plays an important role 
in the formation and excretion of urine. The process be- 
gins as the blood is filtered in the glomerular capillaries 
and ends as the urine passes through the urinary meatus. 


Blood is forced through the glomerular capillaries with 
sufficient pressure to force most of the liquid portion 
of the blood out through the pores in the capillaries to 
form the glomerular filtrate. 

The glomerular filtrate is collected in the Bowman's 
capsule that surrounds the glomerulus. 

The glomerular filtrate continues to pass through the 
renal tubules, including the proximal convoluted 
tubule, the loop of Henle, and the distal convoluted 
tubule. 

The refined filtrate (now known as urine) enters the 
collecting ducts. 

The collecting ducts join to drain into the calyces, 
which are part of the renal pelvis. 

The urine leaves the renal pelvis through the hilum 
into the ureter. 

The ureter transports the urine into the urinary bladder. 
Urine leaves the body through the urethra. 

The distal end of the urethra where the urine leaves 
the body is known as the urinary meatus. 


CLINICAL SIGNIFICANCE 
OF URINE TESTING RESULTS 





Urinalysis is one of the most common tests performed 
in physician offices and laboratories. The test is fast, 
simple, and relatively inexpensive to perform. Urine 
testing is considered reliable to detect or monitor the 
progress of numerous disease states. Disorders of carbo- 
hydrate metabolism, urinary tract infections, and ab- 
normal pH changes in the body may all be detected 


through analysis of urine. The malfunction of the kid- 
neys or liver may also be evident in a urine specimen. 
Urinalysis is also commonly performed as a screening 
procedure for asymptomatic disease. The analysis of 
urine has several parts: physical examination, chemical 
testing, and a microscopic examination of the urine sed- 
iment for detection of formed elements present in the 
specimen. 





Test Your Knowledge 19-7 


True or False: Urinalysis is performed only to confirm a 











clinical diagnosis. (Outcome 19-6) 
wy POINT OF INTEREST 19-1 
Bladder cancer testing 


Bladder cancer is one of the most prevalent cancers in 
the United States. It is most common in men over the 
age of 60. The risk of developing bladder cancer is 
greatly elevated in those who smoke, and patients 
who have experienced chemical exposure (such as dry 
cleaning chemicals) are also at a high risk for bladder 
cancer. One of the first symptoms of bladder cancer 
may be the presence of blood in the urine (hema- 
turia), as well as increased urinary frequency, irritabil- 
ity, and pelvic pain. If detected early, bladder cancer 
is highly treatable. 

As of June 2004 the Department of Health and 
Human Services U.S. Preventive Services Task Force 
recommends against routine screening for bladder 
cancer for asymptomatic patients without the pres- 
ence of risk factors. However, there are various tests 
for patients who show symptoms of bladder cancer, 
or for those who have multiple risk factors. One of 
these is cystoscopy, which is a visual examination 
of the bladder using a scope. Biopsies that are ob- 
tained during a cystoscopy may also provide valu- 
able information. 

In addition to these screening procedures, the 
health-care provider may choose to test the patient’s 
urine specimen for the presence of the nuclear matrix 
protein, which is often elevated in the presence of 
bladder cancer. The NMP22 Bladder Chek test 
(manufactured by Matritech Corporation) is the 
only U.S. Food and Drug Administration—approved, 
CLIA-waived test for the screening of urine for 
potential bladder cancer. For patients who have been 
previously diagnosed with bladder cancer, the BTA 
Stat test (manufactured by Polymedco) may be used 
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to detect bladder cancer cells. The BTA Stat test has 
not been approved for use as a screening mechanism. 
A positive result with either of these tests will lead to 
further investigative procedures to establish the pres- 
ence of cancer cells and define the severity of the 
condition. 











Physical Examination 


The first step taken when analyzing a urine specimen is 
to perform a direct observation of the urine specimen. 
The color and appearance of the urine specimen may be 
noted, depending on the policies and procedures of the 
laboratory. Some laboratories will also allow for docu- 
mentation of any unusual specimen odor, because an 
ammonia-like odor may indicate an old urine specimen 
that has not been properly preserved. In addition, the 
physical examination may include the documentation of 
the urine specific gravity, using a refractometer. The spe- 
cific gravity measurement provides information about 
the amount of dissolved substances present in the urine 
specimen. The physical examination, as well as the rest 
of the procedures included in a urinalysis, should be per- 
formed on fresh urine specimens within 1 hour of collec- 
tion. If there will be a delay in the testing, the specimen 
needs to be refrigerated at 4° to 6°C or added to a pre- 
servative tube as directed by laboratory policy. If refrig- 
erated, the specimen needs to be brought back to room 
temperature before testing. 








Test Your Knowledge 19-8 


What is observed and recorded during the physical 
examination of a urine specimen? (Outcome 19-7) 






Chemical Examination 


After the initial physical examination has been per- 
formed and recorded, the urine specimen will be tested 
with a reagent dipstick, a thin piece of plastic covered 
with reagent pads that will change color depending on 
the concentration of specific chemicals in the urine spec- 
imen. Reagent dipsticks are commonly used to test for 
glucose, ketones, pH, bilirubin, urobilinogen, red blood 
cells, white blood cells, nitrites, albumin, and protein. 
Specific gravity may also be measured using this method. 
Chemical testing may be performed manually with visu- 
alization of the color changes on the reagent pads, or an 
instrument may be used to evaluate the changes in color 
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and assign values. More details about the chemical test- 
ing of urine are presented in Chapter 21. 


Microscopic Examination 


The final test performed as part of a urinalysis is the 
urine microscopic examination. An aliquot (small sam- 
ple) of the urine specimen is centrifuged. At least 12 mL 
of urine are required to obtain an appropriate specimen 
for microscopic examination. The sediment formed at 
the bottom of the tube during centrifugation is placed 
on a slide and viewed under the microscope. The labora- 
tory professional will document the formed elements 
present when the specimen is examined. Cells com- 
monly present in the urine specimen include squamous 
epithelial cells as well as red and white blood cells. Bac- 
teria and fungi may be observed along with many other 
microscopic structures. Chapter 22 focuses more specif- 
ically on the microscopic urine examination and the sig- 
nificance of the results. 


Test Your Knowledge 19-9 


Which part of the urinalysis procedure uses reagent test 
strips? 

a. Observation of color and clarity 

b. Microscopic examination 

c. Chemical analysis 


d. Culture (Outcome 19-7) 














POINT OF INTEREST 19-2 
HIV urine testing 


Vv 


According to the Centers for Disease Control and 
Prevention, every year there are more than 16 million 
people in the United States who are tested for poten- 
tial HIV infection. Many of these patients will have a 
rapid test performed in the physician office, using an 
oral sample (from the mucosal surface of the mouth) 
or a capillary blood sample. Most patients are not 
aware that urine may also be tested for HIV antibod- 
ies. Urine HIV testing has not been approved as a 
rapid test method, but Calypte Biomedical Corpora- 
tion manufactures a urine screening test that has been 
approved by the U.S. Food and Drug Administration 
for HIV testing. It is important to remember that 
urine is not considered to be an infectious material 
for HIV; however, antibodies may be present in 
urine. Urine testing for HIV has been shown to be a 
little less sensitive and specific for HIV antibodies 











Continued 
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than the testing performed on blood or oral samples. 
Any positive results should be rechecked two times, 
and if the result is positive, the specimen must be sent 
out for confirmation with a western blot confirma- 
tory test before the patient is to be considered HIV 
positive. 











QUALITY ASSURANCE FOR URINE 
TESTING PROCEDURES 





Urine analysis involves several different processes, some 
of which may be performed manually or by means of in- 
strumentation. Quality assurance methods for handling 
and testing urine specimens include the following: 


Appropriate explanation of collection techniques 
should be provided to patients. A clean-catch mid- 
stream urine collection technique is best for urinaly- 
sis testing to provide a sample that is contaminant 
free. 

A sterile collection container with appropriate labeling 
should be provided to the patient. This allows the 
specimen to remain contaminant free in case there is a 
culture added to the specimen after the urinalysis is 
performed. 

Testing should occur within 1 hour of collection 
whenever possible. If this is not feasible, refrigeration 
or preservation of the sample at 4° to 6°C must occur 
within 1 hour. 

Calibration of and use of quality control specimens on 
the refractometer if used for specific gravity testing 
must be implemented. 

Staff training must be ongoing for standardization of 
terms used to report the physical examination and 
other results. 

Use of external quality control specimens must occur; 
a positive and negative quality control specimen should 
be processed for all parameters reported on patient 
specimens. The frequency of testing is dependent on 
the number of urinalysis tests performed, the manufac- 
turer's recommendations, and the adopted laboratory 
policies. 

Reagent strips must be stored properly; they are to re- 
main in the original container with the dessicant as 
packaged, and they should remain out of direct light 
and be protected from humid environments. The cap 
must stay on the container to keep moisture from 
affecting the strips, which would result in erroneous 
results. 


Centrifuges used to spin urine specimens should be 
calibrated regularly. 
¢ Commercial quality control specimens should be 
processed by all who perform urine microscopic exam- 
ination. Slides and pictures used for proficiency testing 
may also be useful. 


STANDARD PRECAUTIONS USED WHEN 
ANALYZING URINE SPECIMENS 





As introduced in Chapte 3, Standard Precautions com- 
bine the principles of Universal Precautions with those 
of Body Substance Isolation. Universal Precautions state 
that all blood and other potential infectious body fluid 
specimens should be treated as if they are infectious for 
HIV, hepatitis B, and other bloodborne pathogens. 
Body Substance Isolation procedures specify how em- 
ployees are to be protected from other pathogens that 
may be present in a specimen. Essentially, when testing 
urine using the Standard Precautions, it is important 
for the employee to be shielded from potential exposure 
to the pathogens that may be present in the urine spec- 
imen. This protection may be accomplished by use of 
gloves when handling the urine specimens and by wear- 
ing a laboratory coat to protect against potential 
splashes or spills. Eye protection should be worn when 
removing the cover from the tube to protect against 
aerosols or splashing. 





[ Test Your Knowledge 19-10 


Which of these is a type of personal protective equipment 
(PPE) that should be worn while a medical assistant per- 
forms a urinalysis test? 

a. Laboratory coat 

b. Gloves 

c. Respiratory protection 


d. aandb 


e. a,b, andc 








(Outcome 19-9) 





TYPES OF URINE SPECIMENS 





This chapter and the others in this section focus on the 
collection, processing, and testing of urinalysis samples. 
A urinalysis should be performed using a clean-catch 
midstream urine specimen, preferably collected with the 
first morning void. However, as presented in Chapter 9, 
urine specimens may be used for other types of testing as 
well. These samples differ in their collection require- 
ments, analysis procedures, and the clinical significance 
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c. Enter and exit the ureters 
d. Enter and exit the glomerulus 


of the results. Examples of alternative urine specimens 
include the following: 


e Timed specimens, such as postprandial specimens or 4. True or False: The urinary system Outcome 19-2 
those collected during a glucose tolerance testing is very important for maintenance of the body's 
procedure normal pH. 

e 24-hour urine specimens used for specific chemical é- Thewena binder Senetia 


analysis 
° Postprostatic massage specimens 
¢ Urine collected for Chlamydia testing 
¢ Urine collected for drug testing 


a. Helps to concentrate the urine 

b. Serves as a storage receptacle 

c. Can stretch to hold more than 1 L of fluid 
d. Is superior to the kidneys in the body 


6. The initial filtration of the blood: Outcome 19-4 


a. Occurs in the distal convoluted tubule 

b. Occurs as the blood enters the kidney 

c. Occurs as the blood passes through the 
glomerulus 

d. Occurs in the ureters 








SUMMARY 


For many years analysis of urine specimens has been 
an invaluable tool for providing important clinical 
information. The urinary system is complex, and is 
responsible for the filtration of toxins from the 
body, as well as the acid-base and overall fluid bal- 
ance that is necessary for homeostasis. The techno- 7. True or False: Microscopic 
logical advances in testing methods are dramatic, 
and urine may now be used to identify and/or mon- 
itor the progress of many disease states. Urinalysis is 
commonly performed in physician offices as well 
as large reference laboratories. A typical urinalysis 
test includes macroscopic, physical, chemical, and 


Outcome 19-7 
examination of urine specimens is an automated 
procedure. 


8. What is the recommendation for Outcome 19-8 
the use of quality control materials for the reagent 
strip testing portion of the urinalysis? 








microscopic components. Quality control plays a a. Test positive controls only 
very important role in every part of urine testing b. Test negative controls only 
procedures. c. Test positive and negative controls 
d. No quality control materials need to be used for 


this part of the analysis 





9. Why should a laboratory coat be Outcome 19-9 
worn when performing urinalysis testing? 


10. True or False: Because blood is Outcome 19-9 
not usually present in urine specimens, it is not 
necessary to wear gloves when processing urine 
samples. 


TIME TO REVIEW 


1. The renal calyx is: Outcome 19-1 


a. A cup-like extension of the renal pelvis 
b. Part of the nephron 

c. The membrane that covers the kidney 
d. A vessel in the Bowman's capsule 


2. Specific gravity is a ratio that Outcome 19-1 


compares: 


Case Study 19-1: Reagent storage requirements 


a. The weight of the urine specimen to a “normal When John arrives at work in the office laboratory on 


urine specimen 
b. The weight of the urine specimen to the patient’s 
blood 
c. The weight of the urine specimen to distilled water 
d. None of the above 


The afferent and efferent arterioles: Outcome 19-2 


a. Enter and exit the bladder 
b. Enter and exit the kidney 


Monday morning, he finds that the lid for the urine 
reagent strips is not on the container. There was no one 
in the office over the weekend, and John was not the 
last person in the laboratory at the end of the day on 
Friday. 


1. Should John use these strips for urine testing? Why 
or why not? 
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RESOURCES AND SUGGESTED READINGS Online newsletter from Becton, Dickinson and Company. 
Includes details about urine processing for urinalysis and 
Clinical and Laboratory Standards Institute, Urinalysis: urine cultures, including information about preservative 
Approved Guideline, ed. 3. CLSI document G16-A3. tubes http://www.bd.com/vacutainer/labnotes/2003 
Wayne, PA, 2009 spring/best_practice.asp 


Approved laboratory standards for collecting, processing, 
and testing urinalysis samples 

Becton, Dickinson, “Best Practice: Tips for Urinalysis.” Lab- 
Notes, 13, no. 2, 2003 
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Physical Characteristics of Urine 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 


CHAPTER OUTLINE 


Physical Characteristics of Urine 
Urine Color 
Urine Clarity 
Specimen Volume 
Urine Odor 
Specific Gravity 


Refractometer Measurement Technique 
Urinometer Measurement Technique 
Reagent Strip Methodology 





Procedure for Recording Physical Characteristics of a 
Urine Specimen 

Potential Sources of Error 

Summary 

Time to Review 

Case Study 

Resources and Suggested Readings 





Learning Outcomes 


After reading this chapter, the successful student will be able to: 








20-1 Define the key terms. 20-6 Compare and contrast the different methods 
20-2 Describe the clinical significance of abnormal used to perform urine specific gravity testing. 

urine color. 20-7 Provide the units used to report specific gravity 
20-3 Explain how urine clarity is interpreted and results. 

reported. 20-8 List potential sources of error for urine physical 
20-4 Discuss the clinical significance of urine volume examination procedures. 

and odor. 20-9 Analyze and document the physical characteristics 
20-5 Describe the clinical significance of specific gravity of a urine specimen. 

results. 
CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 
1.P.1.13. Perform Urinalysis 


@. 
@ ABHES Standards 


¢ 10. Medical Laboratory Procedures, b. Perform selected 
CLIA-waived tests that assist with diagnosis and treat- 
ment, #1: Urinalysis 


401 
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KEY TERMS 
Anuria Meniscus Refractometer 
Amorphous phosphates Myoglobin Specific gravity 
Amorphous urates Nocturia Urinary frequency 
Clarity Oliguria Urinary incontinence 
Enuresis Polyuria Urinometer 
Glycosuria Pyuria Urochrome 
Hematuria Refractive index 


PHYSICAL CHARACTERISTICS OF URINE 





There are several steps involved in analyzing a urine 
specimen. Analysis and documentation of the physical 
properties of urine make up the first procedural step. 
This analysis includes observation and documentation of 
the color, appearance, and specific gravity of the urine 
specimen. Urine odor may also be noted in some cases, 
but is not part of the standardized reporting procedure. 
The physical characteristics of urine may provide infor- 
mation for the health-care provider about kidney func- 
tion and the status of other body systems. Many times 
the abnormal color or appearance of a urine specimen is 
the first sign of a serious disorder. 


Urine Color 


Normally, urine specimens may appear pale yellow 
(also known as straw) to amber in color. Urochrome is 
the substance that provides the traditional yellow color 
observed in urine. Urochrome is a pigment that is released 
continuously as a product of hemoglobin breakdown and 
normal metabolism. Because the amount of urochrome 
is consistent, the intensity of the yellow color in the 
specimen will vary with the patient’s hydration status. 
Urine specimens that are more concentrated (such as the 
first morning void specimen) will have a darker yellow 
color than those that are obtained later in the day, as the 
patient becomes more hydrated. 





Test Your Knowledge 20-1 


How is urochrome related to urine color? 
(Outcome 20-1) 





The terms used to describe the color of urine may 
vary slightly among laboratories, but it is important 
that they are standardized within each facility. Simple 
descriptive terms are best, such as straw, yellow, dark 
yellow, and amber. Employees should be trained to rec- 
ognize these colors so that the reporting methods are 
consistent. It is also important to evaluate urine color on 
a well-mixed specimen in a clear container, so that the 
true color can be evaluated. Figure 20-1 shows various 
colors of urine specimens. 

A noticeable change in urine color may be caused by 
a pathological condition. However, certain foods, vita- 
mins, or medications may also cause an abnormal color. 
Table 20-1 lists potential causes for various urine colors. 
The most commonly encountered abnormal colors and 
their significance are listed here: 


¢ Dark yellow to amber: Although these colors are tech- 
nically within the normal range, sometimes urine will 





Figure 20-1 
yellow; amber. 


Urine color: left to right, straw; yellow; dark 
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TABLE 20-1 


Urine Colors and Possible Causes 














Urine Color Possible Causes More Information 

Colorless to pale yellow Recent fluid intake, Pale yellow and/or colorless urine are not 
diabetes mellitus, polyuria necessarily abnormal, but may be present in 

some disease states 

Dark yellow First morning specimen, Usually normal; fluorescent, dark yellow urine 
recent strenuous exercise may be due to ingestion of multivitamins 

Yellow/brown/amber Hepatitis, dehydration 

Green Presence of Pseudomonas bacterial The culture reports will confirm the presence 
species in urine specimen of this bacterium type. 

Blue or green Certain types of drugs or dyes 


used for contrast studies; ingestion 
of Clorets breath mints 





Pink or red Red blood cells, myoglobin, 
ingestion of fresh beets or 
fresh blackberries 


Brown or black Hemoglobin in urine that has Melanin may be present in patients with 
been standing or melanin melanoma 














appear dark yellow or amber when bilirubin is present ° Blue or green: Urinary tract infections caused by 


in the specimen. This may indicate liver dysfunction, Pseudomonas bacterial genus may cause the patient's 
such as in hepatitis, or other conditions that lead to in- urine to appear green in color. Various medications 
creased red blood cell destruction. Recent strenuous may also cause a green or blue hue. 

exercise may also cause urine to appear dark yellow. ¢ Fluorescence: Multivitamins may cause the urine to 

° Orange: Urine may also appear orange when biliru- “fluoresce,” although the urine color may be normal. 

bin levels are elevated in the specimen. However, a = * Brown or black: Hemoglobin may turn brown in 
more common cause of bright orange urine is the acidic urine that has been left standing for an 
presence of Pyridium (phenazopyridine), a medica- extended period of time. Brown or black urine may 
tion used to treat recurrent urinary tract infections. be evident for patients that have melanoma. This is 
This medication produces a potent orange pigment caused by the presence of melanin and melanogen 
that will interfere with many of the testing proce- in the specimen. 


dures included in a urinalysis. 

¢ Red to brown: The presence of red blood cells (hema- 
turia) in the urine specimen may cause it to appear Test Your Knowledge 20-2 
pink, red, or even brown. Urinary tract infections or 
renal dysfunction may allow red blood cells to enter 
the urinary tract. The presence of hemoglobin from 
increased red blood cell lysis elsewhere in the body 
also leads to red urine specimens, although the urine 
is clearer than it is when intact red blood cells are 
present. Myoglobin is a by-product of muscle 
destruction, and elevated levels may also cause the problem? 
urine to appear reddish in color. Many medications, What is the probable cause of the abnormal color in 
fresh beets, and fresh blackberries may also contribute Rerunne? (Outcome 20-2) 
to a red urine specimen. J 





Ms. Jones has had recurrent urinary tract infections for 
most of the past year. Her physician has prescribed a med- 
ication to treat these infections. On Monday morning, 
Ms. Jones takes her first dose of the medication. Later that 
afternoon, Ms. Jones goes to the restroom and is alarmed 
to see that her urine is bright orange. 

Is the bright orange color indicative of a serious 
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Urine Clarity 


The word clarity is used to describe the transparency of the 
urine specimen. A normal urine specimen will be clear 
when examined in a clear container. The color and the clar- 
ity of the specimen are usually evaluated at the same time. 
As was explained in the section Urine Color, the terms used 
to describe urine clarity need to be standardized within a 
laboratory. Common descriptive terms used include clear, 
hazy, cloudy, or turbid. Figure 20-2 shows the difference in 
specimen urine clarity. When evaluating urine clarity, it can 
be helpful to use an object or print behind the specimen; 
the visibility of the object or print when viewed through the 
urine specimen will help to determine the clarity that 
should be reported. Common terms used to describe urine 
clarity and their clinical significance are listed here: 


Clear: A clear specimen has no visible particles and is 
transparent. Most normal urine specimens appear clear. 
Hazy: Hazy specimens may have a few particles float- 
ing in the specimen and are not completely transpar- 
ent. However, it is still relatively easy to see through a 
hazy specimen. Mucus and other cellular elements 
may cause the urine to appear hazy. 

Cloudy: A cloudy specimen will be difficult to see 
through because of the particles that are suspended in 
the specimen. Recently voided specimens may appear 
cloudy because of pyuria (the presence of white blood 
cells or pus), bacteria, mucus, red blood cells, sperm, 
yeast, or casts in the specimen. Fat particles suspended 
in the urine specimen will cause it to be excessively 
cloudy. Contamination caused by vaginal creams may 
also cause the urine specimen to appear cloudy. In addi- 
tion, specimens that have been allowed to stand at room 
temperature for extended periods of time may develop 
a cloudy appearance because of the increase in the num- 
ber of bacteria present in the specimen. 


Refrigerated specimens may also become cloudy; this is 
due to the presence of urates and phosphates in the urine 
specimen. When the specimen is allowed to cool, these 
waste products become visible as diffuse (amorphous) par- 
ticles throughout the specimen, known as amorphous 
urates or amorphous phosphates. Amorphous urates are 
present in acidic urine, and may cause the cloudy urine to 
appear slightly pink. If there are so many amorphous urates 
present that the specimen cannot be viewed under the 
microscope, the urine can be warmed to 60°C to clear the 
urine. Alkaline urine will result in the formation of amor- 
phous phosphates, with a white, cloudy appearance. The 
amorphous phosphates can be cleared from the specimen 
if needed for microscopic examination by adding a drop of 
acetic acid to the specimen. 








Figure 20-2 Urine clarity: left to right, clear; hazy; cloudy. 


Urine clarity provides clues concerning the type and 
number of formed elements present in the specimen. A 
cloudy specimen has a high concentration of formed 
elements, whereas a clear specimen usually has a low 
concentration. The chemical analysis and microscopic 
examination provide additional information about any 
chemicals or structures present in the specimen. A clear 
urine specimen is not always normal, as there may be 
abnormal chemical constituents present that don’t cause 
the urine to appear abnormally cloudy. 





Test Your Knowledge 20-3 

Why is it important to place print or something similar 
behind the urine specimen when evaluating the urine 
clarity? (Outcome 20-3) 





Specimen Volume 


The volume of urine produced in a 24-hour period will 
vary depending on factors such as the hydration status, 
general renal health, and dietary habits of a patient. The 
normal adult urine volume for a 24-hour period is 


© Visit [] Add to ere) | (=e 
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between 750 and 2,000 mL per day. Terms used to 
describe abnormalities in urine volume or urinary 
frequency are listed below: 


e Anuria: The absence of urine production 

¢ Urinary frequency: An increase in the urge to urinate 

¢ Oliguria: Diminished urinary output of less than 
400 mL per day 

¢ Polyuria: Excessive urination 

e Enuresis: The inability to control the flow of urine. 
This term is used for patients who have involuntary 
urination after the age at which bladder control should 
have been established. 

¢ Nocturia: Excessive or frequent urination at night 

¢ Urinary incontinence: Involuntary urination 


To perform a complete urinalysis, most laboratories 
prefer a specimen of approximately 50 mL; the minimum 
acceptable volume is usually 12 mL. Those performing 
the testing procedures on urine specimens with a volume 
less than 12 mL will need to be mindful of the limited 
availability for rechecking the results of the analysis if 


needed. 





Test Your Knowledge 20-4 


A patient has been ill with vomiting and diarrhea for sev- 
eral days. His urine volume over 24 hours is likely to be: 
a. Increased 


b. Decreased (Outcome 20-4) 





Urine Odor 


Routine urinalysis procedures do not include the docu- 
mentation of urine odor. A normal, recently voided 
urine specimen has an aromatic odor that is not unpleas- 
ant. Abnormal urine odors are generally not considered 
to be clinically significant, but they may still be associ- 
ated with certain conditions or characteristics of the 
urine specimen. Urine specimens that are left at room 
temperature for an extended period of time will develop 
an ammonia odor as the urea present in the specimen de- 
grades. Bacterial infections of the urinary tract will result 
in a urine specimen with a strong foul-smelling odor. A 
urine specimen with a fruity, sweet odor may indicate 
the presence of ketones in the urine in a diabetic patient. 
Other metabolic disorders may give the urine a charac- 
teristic odor. For example, patients with phenylketonuria 
will excrete urine with a characteristic mousy or musty 
odor. Ingestion of certain foods (such as asparagus, gar- 
lic, or onions) can also cause the urine specimen to have 
an unusual smell. 
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Test Your Knowledge 20-5 


True or False: A urine specimen with a strong odor is 
always indicative of a urinary tract infection. 
(Outcome 20-4) 
of 


WV POINT OF INTEREST 20-1 

The odoriferous asparagus 
The odor associated with a urine specimen may be 
attributed to its volume and the concentration of the 
chemicals present in the urine specimen. For exam- 
ple, within a short period of time after ingesting 
asparagus, many people have reported that their urine 
has a “sulfur” smell. It is thought that this distinctive 
odor is caused by the breakdown of amino acid com- 
pounds in the asparagus as it is digested. 

However, there is a continuing debate over the 
production of odoriferous urine because it does not 
appear to be universal. Some studies have shown that 
less than half of the population actually excretes 
sulfurous-smelling urine after asparagus ingestion. It 
was thought that genetically the two groups differed, 
and they were labeled as “excretors” and “nonexcre- 
tors,” based on whether they smelled the sulfur in 
their urine after asparagus ingestion. This belief is 
still held by many. However, other scientists believe 
that all individuals actually excrete the sulfurous 
odor, but only some individuals are able to detect the 
odor. Those who cannot detect the smell are not 
aware of its presence, and may have been misclassi- 
fied as “nonexcretors” in the original studies. There is 
not enough scientific evidence available to prove or 
disprove either hypothesis. 

















Specific Gravity 


Specific gravity measurements are one of the physical 
examinations performed during a routine urinalysis. 
Urine specific gravity is defined as the density (or 
weight) of the urine specimen as compared to the den- 
sity (weight) of distilled water at the same temperature. 
The density of the urine specimen is dependent on the 
amount and size of the dissolved substances present 
in the urine specimen. These include such substances 
as glucose, proteins, and electrolytes. The kidneys are 
responsible for selective reabsorption of essential chem- 
icals and fluid after the blood is filtered. Abnormal spe- 
cific gravity values may be an early indication of renal 
dysfunction. Low specific gravity urine is considered to 
be dilute with very few dissolved substances, whereas 
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urine with a high specific gravity indicates that the urine 
is concentrated with increased amounts of dissolved 
substances. 





Test Your Knowledge 20-6 


True or False: Urine specimens with high specific gravity 
results are always cloudy. (Outcome 20-5) 





Because urine specific gravity is measured against dis- 
tilled water, the results are reported using units that reflect 
this comparison. Urine specific gravity is reported in 
units beginning with 1.000 (for distilled water) to 
amounts above 1.030 (for highly concentrated urine 
specimens). Urine concentration (as measured by the 
specific gravity of the urine specimen) may be elevated 
with congestive heart failure, dehydration, adrenal 
gland dysfunction, glycosuria (the presence of glucose 
in the urine), high levels of urine protein, or recent use 
of high molecular weight IV fluids. The urine specific 
gravity may also be elevated in situations in which the 
patient has become dehydrated as a result of excessive 
vomiting or diarrhea. Decreased urine specific gravity 
may be present in diabetes insipidus, excessive fluid 
intake, or renal failure. The normal urine specific gravity 
is 1.005 to 1.030. 





Test Your Knowledge 20-7 


A urine specific gravity is documented on the patient's 
chart as 1.25. Is this correct? (Outcome 20-7) 





Specific gravity may be measured in several ways, but 
there are three methods used most often in physician of- 
fice laboratories. These include the use of a refractome- 
ter, a urinometer, or a reagent dipstick. 


Refractometer Measurement Technique 


An instrument called a refractometer measures the 
refractive index of a solution. This is a measurement of 
the velocity of light in air as compared to the velocity of 
light in a solution. The number of dissolved particles 
present in the solution affect the velocity and the angle 
at which the light passes through a urine specimen. 
Clinical refractometers (see Fig. 20-3) used for urine 
analysis use a prism to direct one distinct wavelength of 
light for comparison to a special scale. The concentra- 
tion of the urine specimen has a direct effect on the 
angle of the light as it passes through to the prism. The 
refractive index is not identical to the specific gravity 
of urine, but refractometers are calibrated to provide 
specific gravity readings. 





Close the daylight plate gently. 





Look at the scale through the eyepiece. 









1.000 —— 


U.G. 20°C nD 





Read the scale where the boundary 

line intercepts it. 
Figure 20-3 Steps to be taken when determining urine 
specific gravity with a refractometer. Courtesy of NSG 
Precision Cells. www.precisioncells.com 


Refractometers are portable, relatively inexpensive, 
and easily calibrated. This method of measurement uses 
only a drop of urine, which can be beneficial as compared 
to other methods. Refractometers must be calibrated 
regularly with distilled water to achieve a result of 1.000. 
Five percent NaCl may also be used to check the calibra- 
tion, and it should read 1.022. Urine quality control sam- 
ples should also be used to verify that the refractometer is 
working correctly and that the operator knows how to 
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read the results appropriately. Procedure 20-1 provides 
detailed instructions for the use of a refractometer to 
measure urine specific gravity. 


Urinometer Measurement Technique 


A urinometer is a device that uses a weighted float 
attached to a scale. This weighted float will displace a 
volume of liquid relative to its weight. When used with 
distilled water, the weight will sink until the calibrated 
scale reads exactly 1.000. Because urine has more dis- 
solved substances present than does distilled water, the 
urinometer float will displace less fluid. This will result 
in a higher reading on the urinometer scale. Figure 20-4 
includes an example of a urinometer. 

Urinometers are rarely used for specific gravity test- 
ing. The Clinical and Laboratory Standards Institute 
does not recommend their use for urine specific gravity, 
but they may still be used in small physician office 
laboratories. There are several disadvantages to the 
urinometer method, including the large volume of urine 
required for the procedure (10 to 15 mL), the fragility 





Figure 20-4 A urinometer. The result is read at the top of 
the urine column (at the meniscus) on the measurement 
scale printed on the urinometer. 
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of the weighted float/scale, and the need for a specific 
container that allows for the displacement of the fluid 
during the process. In addition, the specific gravity is 
measured at the meniscus (the bottom of the curve at 
the top of the urine column) of the fluid after the float 
is added to the urine specimen; the reported results may 
sometimes be inaccurate because of problems with read- 
ing the meniscus properly. 


Reagent Strip Methodology 


Specific gravity measurements performed by using 
reagent strips are another indirect measurement of the 
amount of dissolved substances in the urine specimen. 
Reagent strip reactions are based on the release of ionic 
solutes in the specimen. These ions are released for 
measurement when exposed to the reagent pad on the 
strip as it is dipped into the urine specimen. A color 
change occurs on the reagent pads, which can be measured 
in 0.005 intervals from 1.000 to 1.030. Many facilities 
have adopted this method of measuring specific gravity 
because it does not involve an additional instrument for 
the procedure, as the results are read for specific gravity 
while reading those for other chemical analytes on the 
reagent strip. 





Test Your Knowledge 20-8 


What are three advantages of using the refractometer 
method for specific gravity testing? (Outcome 20-6) 





POTENTIAL SOURCES OF ERROR 





Numerous preanalytical variables may affect the physical 
characteristics of urine specimens. The assessment proce- 
dures for color, clarity, and specific gravity may also be 
performed incorrectly. The following are some of the 
most common sources of error: 


° Incorrect or missing identification on the specimen: Urine 
specimens must be labeled with the patient’s name, 
birth date, and specimen number or other unique 
identifier. The date and time of collection must also be 
noted on the requisition form and on the specimen. 

° Inappropriate specimen storage: Urine specimens are to 
be analyzed within 2 hours of collection. If this is not 
possible, the specimen must be refrigerated or appro- 
priately preserved within 2 hours of collection. 
Ideally, the color and clarity of the specimen should 
be determined, but if they were not, the specimen 
must be allowed to reach room temperature again 
before assessment. 
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Procedure 20-1: Observation and Documentation of Urine Physical 





Properties 


TASK 


The student will perform an assessment of the phys- 
ical properties of a urine specimen, including the 
color, appearance, and specific gravity. A handheld 
refractometer will be used for the specific gravity 
measurement. 


CONDITIONS 


¢ Gloves, laboratory coat, and protective eyewear 
Freshly voided urine specimen 

Transfer tube 

Refractometer 

Graph paper to be used as “print” for urine clarity 
comparison 

Distilled water 

Transfer pipettes 

Kimwipes 


¢ Permanent fine-tip pen for marking identification on 
the transfer tube 

¢ Black pen for documentation on the patient’s chart 

e Patient’s chart 

¢ Biohazardous waste container 


CAAHEP/ABHES STANDARDS 





4 CAAHEP Standards 
LP. Anatomy and Physiology, #13. Perform Urinalysis 


@® 
@ ABHES Standards 


¢ 10. Medical Laboratory Procedures, b. Perform 
selected CLIA-waived tests that assist with 
diagnosis and treatment, #1: Urinalysis 





Procedure 


1. Wash hands 


2. Put on gloves. 


3. Verify test order and assemble necessary equipment 
and specimen. 


4, Verify specimen labeling and identification. 


5. Verify that specimen collection was less than 
1 hour before testing or that it was refrigerated 
and/or preserved appropriately after collection. 


6. Allow any refrigerated specimens to come to room 
temperature before proceeding. 





Rationale 


Hand washing breaks the cycle of infection. 


Wearing proper personal protective equipment (PPE) 
protects employees from potential exposure to 
pathogens present in the specimen. 


Verification of test order eliminates potential errors, 
and organization of supplies saves time. 


Urine specimens need to be labeled with the name of 
the patient, the birth date, and the account or spec- 
imen number. The date and time of the collection 
must also be documented. 


Specimens that are allowed to stay at room temperature 
for more than 1 hour after collection without the 
addition of preservative may yield inaccurate results 
because of changes in pH, bilirubin or urobilinogen 
concentration, glucose levels, and bacterial contam- 
ination. 


Specimens that are colder than room temperature may 
exhibit crystallization of amorphous urates or phos- 
phates, which can interfere with measurement of all 
the physical characteristics of the urine specimen. 
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7. 


10. 


11. 


Procedure 


Mix specimen well. 


Observe the color of the specimen by visual obser- 
vation. Report as straw, light yellow, yellow, dark 
yellow, or amber. 


. Place a printed piece of paper behind the specimen 


to measure the clarity. Report as clear, hazy, 
cloudy, or turbid. 


Pour a small amount of the urine specimen (less 
than 50 mL) into a transfer tube that has been 
labeled with the patient’s name and/or ID number. 


Using distilled water, verify the function of the 

refractometer: 

a. Open the refractometer cover and place one 
drop of distilled water on the prism under the 
cover using a clean transfer pipette. 

b. Close the cover, and verify that the sample has 
spread over the entire prism surface. 

c. Look at the scale through the eyepiece; bright 
light in the vicinity helps with visualization. 

d. Read the scale where the line intercepts it. This 
is where the colors change with a sharp line of 
division. 

e. Wipe the sample away from the face of the prism 
with a Kimwipe laboratory tissue and water. 


Rationale 


Urine specimens must be mixed well to judge their 
color and appearance accurately, as well as the spe- 
cific gravity reading. Without mixing, the formed 
elements in the specimen will settle to the bottom 
of the container and may not be considered when 
determining whether a specimen has an abnormal 
color or clarity. These substances will also not be 
reflected in the specific gravity reading. 


The terms used to describe specimen color need to be 
standardized throughout the laboratory. 


Abnormal urine appearance may be linked to a 
pathological condition. Use of standardized terms 
is important throughout the laboratory. 


The urine specimen may need to have a culture 
performed on it; this decision is often not made 
until the routine urinalysis has been completed. By 
pouring off specimen into a transfer tube rather 
than inserting the pipette directly into the urine 
container, contamination is avoided. 


The refractometer should read 1.000 when the specific 
gravity of distilled water is tested. If this is not the 
reading achieved, follow the manufacturer's direc- 
tions for calibration of the refractometer before test- 
ing the urine specimen. 
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Read the scale where the boundary 
line intercepts it. 





Continued 
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Procedure 20-1: Observation and Documentation of Urine Physical 


Properties—cont’d 





Procedure 


12. Following laboratory protocol, test a quality 
control specimen using the refractometer. Use the 
same procedure outlined in step 10. Chart the 
results on the quality control log. 


13. Using a clean transfer pipette, place one to two 
drops of the urine specimen (from the transfer 
tube) on the face of the prism. Following the pro- 
cedure outlined in step 10 above, read the specific 
gravity of the specimen. 


14. Dispose of the urine left in the transfer tube by 
pouring it down the sink and flushing it with 
plenty of water. Dispose of the tube and transfer 
pipette used for the urine in a biohazard disposal 
bag. If the urine is not to undergo additional 
testing immediately, refrigerate it or preserve it 
accordingly. 


15. Clean the instrument using distilled water and a 
Kimwipe. 


16. Remove gloves and sanitize hands. 


17. Document results for patient specimen on the 
chart (if available) and testing log sheet. Be certain 
to use the correct digits for the documentation. 


Date 


Rationale 


The frequency of the quality control measurement 
will be dependent on the number of tests 
performed in most laboratories. Be certain that 
the quality control material reading falls within 
the acceptable range; if the results are outside the 
acceptable range, do not use the refractometer 
for testing the specific gravity of the urine speci- 
men until the accuracy of the instrument has been 
verified. 


Reference ranges for urine specific gravity are approxi- 
mately 1.005 to 1.030. 


Do not allow the urine specimen to dry on the prism. 
Do not use harsh cleaners or abrasives to clean the 
prism or it will become scratched and unusable. 
Refer to the manufacturer’s instructions for more 
cleaning procedures. 


Gloves should always be removed immediately after a 
procedure is performed. Hand sanitization is appro- 
priate before and after gloves are worn. 


Documentation needs to occur immediately after the 
specimen testing is complete. 





10/24/2013 


Urine color: yellow, Clarity: clear, Specific gravity: 1015 





1:58 a.m. 








Connie Lieseke, CMA (AAMA) 
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° Insufficient specimen volume: There must be a mini- 


mum of 12 to 15 mL of urine submitted for a routine 
urinalysis to be performed. 

Use of nonstandardized terms for reporting: Although 
there may be various terms used to describe the 
color and/or clarity of the urine specimen, all labo- 
ratory personnel must use the same standard terms 
within their institution. This allows for normal 
ranges to be established, and is important when 
reporting results. 

Lack of personnel training: Although the assessment of 
the urine physical properties is a relatively simple 
process, there must be documented training for those 
who perform this task. 

Use of noncalibrated equipment: Refractometers must 
be calibrated regularly using distilled water, and qual- 
ity control materials should be tested to verify that 
they are working appropriately. 





Aa 





S 


Test Your Knowledge 20-9 


A medical assistant performing urinalysis reported the 
urine clarity for a specimen as partly hazy. If the labo- 
ratory where she works uses the same criteria as that 
noted in this textbook for specimen clarity, is this the 
correct way to report this test result? 


. Which of the following may cause 





(Outcome 20-8) 











SUMMARY 


The physical examination of urine will provide infor- 
mation about the color, clarity, and specific gravity 
of the specimen. Occasionally, an unusual odor may 
also be noted during this part of the urine analysis. 
Results that are outside the reference range for these 
physical characteristics may be the result of pathological 
conditions, or they may be caused by medication use or 
ingestion of certain foods. Accurate results must begin 
with a specimen that has been collected properly, iden- 
tified appropriately, and preserved or refrigerated within 
2 hours of collection. When reporting the color and 
clarity of a specimen, it is important to use terms that 
have been approved by the facility so that the reporting 
methods are standardized. Instruments used for specific 
gravity readings must be calibrated and quality control 
material must be tested at regular intervals to verify the 
accuracy of the measurement. Medical assistants must 
also be aware of potential sources of error when per- 
forming an assessment of the physical properties of a 
urine specimen to avoid inaccurate results. 


. Which of the following is used to 


. A urine specimen with an 


. A urine specimen with a specific 
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TIME TO REVIEW 


1. Which of the following words is 


used to describe blood in the urine? 


Outcome 20-1 


a. Glycosuria 
b. Hematuria 
c. Pyuria 


d. Oliguria 


2. Which of the following words is Outcome 20-1 
used to describe a slightly cloudy urine specimen? 


a. Hazy 
b. Clear 
c. Turbid 
d. Amber 


3. Which of the following is an Outcome 20-1 
instrument used to measure the specific gravity of a 
urine specimen? 


a. Hemoglobinometer 
b. Urochrome meter 

c. Refractometer 

d. None of the above 


Outcome 20-2 
urine specimens to exhibit an abnormal color? 


a. Ingestion of rare meat 
b. Ingestion of broccoli 
c. Aspirin use 

d. Ingestion of fresh beets 


Outcome 20-3 
describe urine clarity when the specimen has particu- 
late matter suspended in it? 


a. Hazy 

b. Cloudy 

c. Turbid 

d. All of the above 


Outcome 20-4 
ammonia-like odor may be caused by: 


a. Bacteria in the specimen 
b. Asparagus ingestion 
c. Multivitamin use 


d. Dye studies 


Outcome 20-5 
gravity reading of 1.035 will demonstrate: 


a. High levels of dissolved substances 
b. Low levels of dissolved substances 
c. An amber color 

d. A foul odor 
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8. Which of the following is not a 
potential source of error for urine testing? 


a. A urine specimen received without a patient name 
b. Observation and documentation of urine color 


and clarity upon specimen receipt 


c. Observation and documentation of urine color 
and clarity immediately after taking the specimen 


from the refrigerator 


d. Use of a container that was not provided by the 


laboratory for the urine collection 


Outcome 20-8 





Case Study 20-1: Too much to do 


Cindy Collier, CMA (AAMA), is working in the office 
laboratory for a busy internal medicine clinic. She is 
about to perform a urinalysis on a specimen that was 
collected from a patient who is in to see the physician 
because of blood in her urine. Cindy verifies the identi- 
fication on the specimen and places it on the counter in 
the laboratory area. Before she has a chance to do any- 
thing else, she is called away to perform a venipuncture 
and PT/INR on another patient. Approximately 1 hour 
later, Cindy hurries into the laboratory so that she can 
start fo analyze the urine specimen. She picks up the 
cup, and documents that the specimen is clear and 
appears yellow in color. She also notes that there is a 
red “ring” around the bottom interior of the cup. 


1. What did Cindy forget to do before assessing the 
color and clarity of the specimen? 

2. Is her assessment of the specimen’s being yellow 
and clear a correct result for this specimen? 





RESOURCES AND SUGGESTED READINGS 


Clinical and Laboratory Standards Institute, Urinalysis: 
Approved Guideline, ed. 3. CLSI document G16-A3. 
‘Wayne, PA, 2009 
Approved laboratory standards for collecting, processing, 
and testing urinalysis samples 
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Chemical Examination of Urine and Feces 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 





CHAPTER OUTLINE 


Urine Analytes and Their Clinical Significance 
Bilirubin 
Blood 
Glucose 
Ketones 
Leukocytes 
Nitrite 
pH 
Protein 
Urobilinogen 
Specific Gravity 


Potential Sources of Error 

Safety Precautions 

Quality Control Procedures 

Urine Testing Methods 
Confirmatory Urine Testing 

Fecal Occult Blood Testing 
Summary 

Time to Review 

Case Study 

Resources and Suggested Readings 


Lea rning Outcomes After reading this chapter, the successful student will be able to: 





21-1 Define the key terms. 

21-2 Differentiate various disease states related to 
abnormal urine chemistry results. 

21-3 Identify abnormal values for the analytes tested 
with urine chemistry analysis. 


21-4 List potential sources of error for urine chem- 
istry testing, and describe how these errors may 


be avoided. 

21-5 Describe appropriate safety precautions imple- 
mented when testing urine. 

21-6 Compare the testing methods available for urine 
chemistry analysis. 


21-7 


21-10 


21-11 


Perform CLIA-waived urine chemistry analysis 
using a manual and an automated testing 
method. 

Provide examples of confirmatory tests performed 
on urine specimens. 

Explain the importance of fecal occult blood 
testing. 

Detail the necessary patient preparation for 
fecal occult blood specimen collection. 


Perform a CLIA-waived fecal occult blood test. 





A13 
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CAAHEP/ABHES STANDARDS 


CA 
#4 ~CAAHEP Standards 


W.P.II.2. Practice Standard Precautions 
I.P.1.14. Perform Urinalysis 


wa 


“SS” ABHES Standards 


¢ Apply principles of aseptic techniques and infection 
control. 

e Use standard precautions. 

¢ Perform CLIA-waived tests that assist with diagnosis 
and treatment, Urinalysis. 

¢ Instruct patients in the collection of a fecal specimen. 





KEY TERMS 
Acidosis Hematuria Microalbuminuria 
Alkalosis Hemoglobinuria Multiple myeloma 
Bence Jones protein iFOB Myoglobin 
Bilirubin Intravascular lysis Myoglobinuria 
Conjugated bilirubin Jaundice Nitrite 
Fecal occult blood testing (FOBT) Ketones Proteinuria 
Glucosuria Ketonuria Semiquantitative 
Glycosuria Leukocyte esterase Sulfosalicylic acid precipitation test 


Guaiac method Leukocytes 


he chemical testing of urine specimens is the sec- 

ond component included in a complete urinalysis. 
There have been numerous changes to chemical urine 
testing procedures through the years, and the most sig- 
nificant changes occurred with the development of 
reagent test strips. Since the 1950s it has been possible 
to test numerous chemical analytes at once with dispos- 
able reagent test strips. These strips are made of a plas- 
tic with absorbent pads attached. (An example is shown 
in Fig. 21-1.) The pads are impregnated with various 
chemicals, and each pad is designed to change color as 
it reacts with a specific analyte present in the urine spec- 
imen. The resulting colors on the pads are interpreted 
by comparing the individual pad to a chart supplied 
with the reagent strips. An example of a chart used for 
comparison is shown in Figure 21-1. By comparing the 
color changes with the reference chart it is possible to 
perform a semiquantitative measurement, providing an 
approximate value for each of the chemicals being 


Urobilinogen 


tested. The results may be reported as the milligrams 
per deciliter present, or by using a semiquantitative re- 
porting method of trace, 1+, 2+, 3+, or 4+. Some of the 
results may also be reported as positive or negative, 
which is an example of a qualitative test result. 


URINE ANALYTES AND THEIR CLINICAL 
SIGNIFICANCE 





A routine urinalysis usually includes testing for biliru- 
bin, blood, glucose, ketones, leukocytes, nitrites, pH, 
protein, and urobilinogen. The reagent strips most 
commonly used include testing for specific gravity as 
well. Many of these chemical substances are normally 
present in the urine specimen, but the amount of the 
individual analyte present may change with certain 
disease states. Other chemicals are not present in 
the urine specimen normally, and their detection may 


> Ppl mm  3:25/5:04 
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Figure 21-1 Urine chemical reagent testing strip and 
chart used for comparison when reading urine chemical 
reagent strip results. 


be clinically significant. Chemical analysis of urine spec- 
imens may detect dysfunction of carbohydrate metabo- 
lism, pH imbalances, red blood cell hemolysis, and liver 
or kidney problems. The performance of urine chemical 
testing in the physician office laboratory is beneficial for 
the patient because abnormalities are quickly detected 
and appropriate treatment or follow-up testing can be 
taken care of immediately while the patient is still in the 
presence of the health-care provider. 

There are two primary manufacturers for urine 
reagent strips. Multistix is manufactured by Siemens 
Medical Solutions Diagnostics, and Chemstrip is man- 
ufactured by Roche Diagnostics. The strips are avail- 
able with various types of reagent pads, depending on 
the needs of the health-care provider ordering the urine 
tests. If testing is performed with an automated system, 
there may be a recommendation for one brand rather 
than the other. The manufacturer’s insert will include 
instructions for use and will also include interfering 
substances for each analyte. 
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Test Your Knowledge 21-1 

True or False: All analytes tested by the urine reagent 
strips are present in measurable quantities in a normal 
urine specimen. (Outcome 21-3) 





Bilirubin 

Normally, bilirubin is not present in the urine. The 
presence of bilirubin in the urine specimen may be an 
early indication of liver disease or bile obstruction. 
Bilirubin is a by-product of red blood cell destruction. 
As red blood cells are broken down at the end of their 
120-day life cycle, hemoglobin is released. This 
decomposition of red blood cells occurs in the spleen 
and liver. As the hemoglobin molecules released from 
the red blood cells degrade further, they are split into 
smaller components. Bilirubin is created from hemo- 
globin as part of this degradation process. To travel 
through the bloodstream, bilirubin must be carried by 
molecules of albumin (a type of protein) because the 
bilirubin is not water soluble. The bilirubin-albumin 
molecule is too large to enter the urine within the 
kidneys. Instead, the bilirubin-albumin complex is re- 
turned for processing in the liver, where the bilirubin 
becomes water soluble and is separated from the albu- 
min. This water-soluble bilirubin is called conjugated 
bilirubin. Conjugated bilirubin is not usually detected 
in the urine because it is passed from the liver directly 
into the bile duct to be secreted into the intestines. 
The intestinal bacteria further alter the bilirubin, 
changing it into a compound known as urobilinogen. 
Bile obstruction may lead to the presence of conju- 
gated bilirubin in the urine, and liver dysfunction 
may also cause bilirubin to be detected in the urine 
specimen. 

Bilirubin is has a strong yellow-orange color. When 
it becomes elevated in the bloodstream, the patient’s 
skin, sclera of the eye, and plasma reflect this intense 
yellow color, known as jaundice. Excessive hemolysis, 
liver dysfunction, or bile obstruction may cause jaun- 
dice. Just as the bilirubin is elevated in the bloodstream 
with bile obstruction or liver dysfunction, the levels 
may also be elevated in the urine specimen, allowing for 
detection with a chemical analysis. 


Test Your Knowledge 21-2 


What clinical dysfunction will cause a urine specimen to 
test positive for bilirubin? (Outcome 21-2) 
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Blood 


There are three reasons that a urine sample may show a 
positive result for blood. The presence of intact 
red blood cells, known as hematuria, will cause a pos- 
itive reaction. Hematuria will often present with a 
cloudy, red urine specimen with large amounts of red 
blood cells present. Microscopic examination of the 
urine specimen will detect red blood cells in the urine 
sediment. 

The presence of hemoglobin without the presence of 
intact red blood cells (hemoglobinuria) will also cause a 
positive result for blood in a urine sample. Hemoglobin- 
uria may be the result of red blood cell lysis that occurs 
in the urinary tract, or it can be caused by intravascular 
lysis, which is the breakdown of red blood cells within 
the vessels. Intravascular lysis occurs in hemolytic trans- 
fusion reactions. Hemoglobinuria may also be present 
with severe burns, malaria, hemolytic anemias, or with 
some spider or snake bites that cause hemolysis within 
the blood vessels. The presence of blood in the urine 
specimen is not normal, except in the case of specimen 
contamination with menstrual blood or trauma caused 
by catheter insertion. 

Finally, the presence of myoglobin in the urine, 
known as myoglobinuria, will result in a positive 
result for blood. Myoglobin is present in muscle tis- 
sues, where it serves as an oxygen-storing molecule. 
When present in urine, it may cause the urine to 
appear red-brown in color, but the specimen clarity 
will remain clear. Myoglobin may be present in the 
urine when there is trauma to the muscles, convul- 
sions, alcoholism, electrocution, or excessive exercise. 
Myoglobin is actually toxic to the kidneys; therefore, 
high amounts present in the urine may be an indicator 
of concurrent kidney damage. There are many testing 
methods and comparisons between urine and plasma 
that may differentiate a positive urine blood result due 
to hemoglobin from one that is due to myoglobin, be- 
cause there are very few intact red blood cells present 
in the urine in both cases. 





( Test Your Knowledge 21-3 


Which of the following will result in a positive test for 
blood in the urine specimen? 

a. Intact red blood cells 

b. Elevated levels of iron in the blood 

c. Pus in the urine 

d. None of the above (Outcome 21-3) 


X _4 








Glucose 


The presence of glucose in the urine is not a normal 
result. Blood glucose is normally regulated through 
hormonal changes and kidney function, including 
the reabsorption of almost all the glucose filtered out 
by the glomeruli. However, when the blood glucose 
concentration becomes excessively elevated (at levels 
between 160 and 180 mg/dL) the glucose concentra- 
tion is too high for most of it to be reabsorbed by 
the tubules, and the glucose “spills” into the urine. 
Glycosuria is a word used to describe the presence of 
sugar in the urine; glucosuria is used when the sugar 
in the urine is identified as glucose. Glucose is the 
most common cause of glycosuria, and most reagent 
strip methods test positive only in the presence of 
glucose; they do not react with other sugars. How- 
ever, galactose, lactose, fructose, and pentose are 
other sugars that may be present in the urine. Point 
of Interest 21-1 provides more information about 
additional test procedures that may be performed on 
the urine specimen to allow for detection of sugars 
other than glucose. Elevated levels of galactose in the 
urine of infants may be indicative of a serious condi- 
tion that needs immediate intervention; therefore, 
alternative testing methods are often used for urine 
testing on infants to provide an opportunity to detect 
galactosuria. 

Urine glucose testing can be an invaluable part of 
diabetes screening. Because the symptoms of diabetes 
are not clearly defined and do not present themselves 
in the same way for each individual, there are many 
patients who are unaware that they are diabetic. For 
this reason, glucose testing is one of the most common 
tests performed on urine specimens. Because the blood 
glucose concentration can fluctuate throughout the 
day, urine glucose testing done for the purpose of dia- 
betes screening should be performed on fasting speci- 
mens. Diabetic patients may also use urine glucose 
testing to monitor their disease progress; this testing is 
usually performed on postprandial specimens. Gluco- 
suria may also be present when the reabsorption of the 
kidney tubules has been compromised, as in the case of 
renal failure. 





Test Your Knowledge 21-4 


True or False: All diabetic patients will have a positive 
urine glucose result at all times. (Outcome 21-2) 
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POINT OF INTEREST 21-1 Care should be taken when performing the Clin- 
ne Galactosemia itest procedure. Gloves, eye protection, and skin pro- 
. ; tection need to be worn, as the reaction that occurs 
The glucose test pad on the urine chemical reagent bas 7 ‘ ee 
vf. i within the tube involves boiling the mixture and it is 
strip is specific for glucose only; other types of sugars ‘bl a he ski 
that may be present in the urine are not detected by P a ae on ik. wee f = nae < sae ehais 
the enzymatic chemical reaction that occurs when ee 
; : : : properly as well, as it contains sodium hydroxide and 
this pad is exposed to the urine specimen. However, ittic acid. Th, 4 d E lined 
for infants, this reagent pad test does not provide ee ee ee 
h inf, dom, Uti en et AS in the package insert should be followed carefully. 
enough informatio e specimens that test nega 
tive for an infant should have an additional test per- 
formed that will detect other types of sugars that may Ketones 
be present in the urine. When an infant ingests lac- 
tose (a type of sugar commonly found both in breast Ketones are a product of fat metabolism, and their 
milk and formula), the lactose interacts with a natu- presence in urine is not considered a normal result. 
rally occurring enzyme, lactase. Lactase splits the lac- When fat is metabolized, the process usually continues 
tose molecule into two smaller sugar molecules, glu- to the point at which the ketones are fully broken down 
cose and galactose. Glucose is easily used by the body and undetectable. However, if the glucose in the body 
for energy, but galactose must be metabolized further cannot be readily used for energy, then fat metabolism 
before the body can make use of it. Hereditary galac- is increased, and ketones may be present in the blood 
tosemia is a condition in which the infant is not ca- and in the urine. Uncontrolled diabetes mellitus, mal- 
pable of metabolizing the galactose. The galactose absorption syndromes, excessive reduction in carbohy- 
levels in the bloodstream begin to climb, causing ini- drate intake, and vomiting may all lead to the presence 
tial symptoms of convulsions, irritability, lethargy, of ketones in the urine (ketonuria) because these con- 
poor weight gain, jaundice, and vomiting. If the ele- ditions don’t allow glucose to be used efficiently as a 
vated levels of galactose continue to increase, the source of energy. 
liver, brain, kidneys, and eyes may be affected irre- The word &etones is used to describe three different 
versibly. Detection of galactosemia within the first products released into the bloodstream as fat is metabo- 
few days of life is critical, as the treatment involves lized: acetone, acetoacetic acid, and beta-hydroxybutyric 
the complete removal of this sugar type from the diet, acid. Reagent strips test specifically for acetoacetic acid. 
and these changes must begin immediately. The other two ketone types are actually created by ace- 
To ensure that elevated levels of other sugars such toacetic acid, so detection of this compound will provide 
as galactose (also known as reducing substances) are a clinically significant result, indicating the presence of 
detected in urine specimens for infants, an alternate any type of ketone product. 
form of testing is used. The Clinitest test manufac- Urine ketones are often monitored in patients with 
tured by Bayer Corporation uses a copper reduction type 1 diabetes mellitus. When the body does not have 
testing method, in contrast to the enzymatic method enough insulin, the glucose present in the bloodstream 
used on test strip reagent pads. The copper reduction cannot be used, and the body will begin to metabolize 
test method will detect the presence of all types of increasing amounts of fat for energy. If the ketones can 
sugar, not just glucose. In this test, a few drops of the be detected early (in the blood and in the urine), the pa- 
urine specimen are mixed with a few drops of water, tient may be aware of an impending crisis and the dosage 
and a reagent tablet is dropped into the tube. A vio- of insulin can be regulated to allow for more efficient 
lent reaction ensues, and the resulting color of the glucose metabolism. 
mixture in the tube is compared to a chart (provided 
with the tablets) to interpret the amount of reducing Leukocytes 
substances present in the specimen. If the test result 
for the Clinitest is positive, it is assumed that the Leukocytes are white blood cells. Their presence in the 
sugar present is not glucose, as this would have also urine in small amounts is not an abnormal result, but 
caused a positive result on the reagent pad reaction. when the number of leukocytes becomes elevated, it is 
indicative of inflammation or infection of the urinary 
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tract. Reagent strips test for the presence of leukocyte 
esterase, a substance present in granulocytic white blood 
cells (those that have granules in their cytoplasm), such 
as neutrophils, basophils, and eosinophils. Leukocyte es- 
terase is also present in monocytes. Neutrophils are the 
white blood cell type that is most commonly elevated in 
urinary tract infections. Leukocytes may be visualized 
with microscopic examination of the urine, but because 
leukocyte esterase is present even with lysed white blood 
cells, the presence of leukocytes in the urine specimen 
may be overlooked if only the microscopic results are 
considered in the patient assessment. 





Test Your Knowledge 21-5 

True or False: The leukocyte esterase result will always 
be positive when white blood cells are present in the 
urine specimen. (Outcome 21-3) 





Nitrite 


Some types of bacteria are capable of converting ni- 
trate, which is normally present in urine, to nitrite, 
which is not usually detectable. Escherichia coli, which 
is the most common cause of bacterial urinary tract in- 
fection, is capable of producing nitrites. Many other 
gram-negative organisms are also capable of this con- 
version, such as those of the Klebsiella, Proteus, and Ser- 
ratia genera. A positive nitrite result is indicative of the 
presence of bacteria in the urine. However, there are 
two factors that must be considered when interpreting 
this result. First of all, not all bacteria are capable of 
converting nitrate to nitrite, so a negative result does 
not necessarily mean that the specimen is bacteria free. 
Second, the bacteria must be present in the urine spec- 
imen long enough to accomplish the conversion, and 
this usually takes 4 to 6 hours. If a nitrite test is to be 
used as a screening tool for a potential urinary tract 
infection, a first morning void specimen should be used 
for the test, because the urine collected with this type 
of specimen has been in the bladder all night with the 
bacteria, allowing for an opportunity for the conver- 
sion to occur. Specimens collected at other times of the 
day may or may not have been in the bladder for a long 
enough period of time for this result to be a positive 
one, even if the bacteria present are capable of convert- 
ing nitrate to nitrite. 


pH 


The pH of normal freshly voided urine may vary from 4.6 
to 8.0. The abbreviation pH stands for “parts hydrogen,” 


and the pH of a substance is the measurement of how 
acidic or alkaline that substance is, based on the concen- 
tration of hydrogen ions present. The lungs and the 
exchange of ions in the urinary tubules of the kidneys pri- 
marily control the pH of the human body. The pH of the 
blood must be maintained between 7.35 and 7.45. 

Urinary pH may be abnormal when the body is in a 
state of acidosis (a blood pH of 7.35 or below) or when 
the blood pH is elevated above 7.45 (known as alkalo- 
sis). Metabolic issues not related to kidney function may 
cause an abnormal urine pH. Kidney dysfunction may 
also lead to alkaline or acidic urine because the exchange 
of ions occurs in the renal tubules. Medications or nutri- 
tive supplements may be used for patients with chronic 
urinary tract infections to keep the urine slightly acidic, 
as this environment is not supportive of bacterial 
growth. This may cause urine pH results that are outside 
of the normal range, but will not necessarily be inter- 
preted as abnormal for the patient who is undergoing 
treatment. 


Protein 


The presence of protein in the urine (proteinuria) is 
most commonly associated with renal disease. A posi- 
tive result for protein does not always indicate kidney 
damage, but there should always be additional testing 
performed to determine whether the proteinuria is 
indicative of a pathological condition. Normal urine 
has very little protein present, as most protein mole- 
cules are not allowed to enter the urine through the 
glomerulus because the molecules are too large to leave 
the plasma. Any that are filtered out are usually reab- 
sorbed by the renal tubules and are not present in the 
urine specimen. 

Protein may be present in the urine when there is no 
renal disease or damage. This occurs when the total 
protein level of the plasma is elevated. This elevation is 
the result of the increased presence of small protein 
molecules in the plasma that are capable of passing 
through the pores in the glomerulus. The kidneys will 
filter out the excess protein, but when they have 
reached their capacity for protein reabsorption in the 
renal tubules, protein will be present in the urine spec- 
imen. Muscle trauma, fever, or excessive intravascular 
hemolysis will elevate the blood protein levels. This is 
usually a transient result that will not continue once 
the underlying condition has been resolved. 

Patients with multiple myeloma (a cancer of the 
bone marrow) may present elevated amounts of Bence 
Jones protein in their plasma. This specific type of 
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protein will be filtered out of the blood, and when 
the tubular reabsorption capacity has been surpassed, 
Bence Jones protein will be present in the urine speci- 
men. It is possible to differentiate Bence Jones protein 
from other types of protein by taking advantage of 
the different reaction of this specific type of protein 
when exposed to heat. The Bence Jones protein will 
coagulate (clump up) when exposed to temperatures 
between 40°C and 60°C, but it will dissolve back 
into the solution when exposed to temperatures of 
100°C. Other proteins will coagulate at a similar tem- 
perature, but will not dissolve at the higher tempera- 
tures. The absence of Bence Jones protein in the urine 
is not a valid means of ruling out multiple myeloma, 
as many patients with this disease do not excrete levels 
high enough to be detected in the urine specimen. 
Protein electrophoresis is a more specific test used 
for diagnosis. 

The most common type of protein present in the 
urine as a result of damage to the kidneys is albumin. 
It may be indicative of damage to the glomeruli or to 
the renal tubules. The presence of albumin may be a 
transient condition, as in the case of strenuous exercise 
or dehydration. Patients with hypertension may also 
present with proteinuria. Positive protein tests in preg- 
nant women (especially in the last trimester of preg- 
nancy) may be indicative of preeclampsia, a serious 
condition that must be treated immediately. Microal- 
buminuria, or the chronic presence of small amounts 
of albumin in the urine, is a common occurrence in di- 
abetic patients. It is an indication that the glucose lev- 
els in the blood are not stabilized, and the increased 
workload required of the kidneys to filter out these 
large molecules has caused the glomeruli to become 
damaged. The damaged glomerulus allows protein 
molecules to leak into the urine specimen, presenting 
as microalbuminuria. 

Most reagent strips detect only the presence of 
albumin. If other types of protein are suspected, it may 
be necessary to use other testing methods to detect 
their presence. The sulfosalicylic acid precipitation 
test (SSA test) is a test that will detect all forms of 
protein in the urine specimen. In this procedure, 3 mL 
of 3% sulfosalicylic acid is added to an equal volume 
of centrifuged urine. The specimen is mixed well with 
the acid, and the degree of turbidity (cloudiness) is 
measured. The grade or degree of turbidity is corre- 
lated to the probable amount of protein present in the 
specimen. This test may be useful when there is color 
interference in the urine specimen and a protein test is 
desired, or when the urine specimen has a very alkaline 
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pH, as this can interfere with the reagent strip results 
for protein. 


Test Your Knowledge 21-6 


Which of these are nonpathogenic causes of proteinuria? 











a. Fatigue 

b. Fever 

c. Vomiting 

d. Ingestion of red meat (Outcome 21-3) 
X 4 
Urobilinogen 


The presence of a small amount of urobilinogen in the 
urine is normal. However, increased levels may be 
indicative of liver disease (such as hepatitis or cirrhosis) 
or hemolytic disorders. Urobilinogen is produced in the 
intestines by the intestinal bacteria as bilirubin is broken 
down. Once formed, either it will be reabsorbed into the 
bloodstream (where it will eventually pass through the 
kidneys) or it may be excreted in the feces. Some of 
the urobilinogen in the intestines is further broken down 
by intestinal bacteria to form urobilin, a pigmented 
substance that adds color to feces. Urine urobilinogen 
levels may be elevated because the liver is incapable of 
processing the urobilinogen in the blood or because 
there are elevated levels of bilirubin present. In the case 
of bile duct obstruction, the urine will be positive for 
bilirubin, but the urobilinogen levels will be normal. 
Hemolytic diseases may produce a negative bilirubin 
result with a positive urobilinogen reaction. 


Specific Gravity 


The clinical significance of the specific gravity test is 
presented in Chapter 20, as well as several testing meth- 
ods that are used for specific gravity measurements. Spe- 
cific gravity tests may be useful in monitoring the hy- 
dration status of patients or to measure the ability of the 
renal tubules to concentrate the urine specimen as 
needed. The specific gravity pad on the reagent strip 
takes advantage of the increased amount of ions present 
in urine specimens having higher concentrations. The 
greater the number of ions that are present in the urine, 
the more the color changes when exposed to the speci- 
men. The specific gravity reagent pads are usually sensi- 
tive from 1.000 to 1.030 and are semiquantitative. The 
results may be inaccurate with alkaline urine specimens 
(falsely decreased results) or when high concentrations 
of protein are present in the urine specimen (falsely ele- 
vated results). 
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POINT OF INTEREST 21-2 
» A CLIA-waived drug screening tests 
Many employers now require their potential employ- 
ees to have a urine drug screening test performed 
prior to an offer of employment. These drug screen- 
ing collections are becoming a common part of the 
duties for medical assistants and phlebotomists in 
many offices. In some cases, the drug screenings may 
be federally mandated. Other employers have devel- 
oped a drug screening policy to keep the workplace 
safer. If a drug screening collection is ordered by an 
employer, the medical assistant will be involved in 
the collection process, and a chain of custody will be 
started to document the transportation of the speci- 
men until it is tested in a reference laboratory that 
specializes in this type of testing. This process 
requires specific training and a great deal of attention 
to detail. The employment status of the client 
depends on these results. 

Urine drug screenings may also be ordered to 
check for illegal drug use in patients for whom this 
is suspected as part of their clinical diagnosis. These 
tests may be performed in the office, using CLIA- 
waived urine drug screening kits. They are available 
to test for many different drugs of abuse, such as 
marijuana, cocaine, amphetamines, opiates, oxy- 
codone, and PCP. These tests are generally per- 
formed by applying the urine specimen to a reagent 
stick that will change color if the metabolite of that 
specific drug is present. In addition, employers who 
would like to have immediate results may ask for a 
quick screening test to be performed in the office 
using these CLIA-waived kits. This is not always 
conclusive; sometimes the patient may be taking pre- 
scription drugs that will cause the screening tests to 
be positive, because the urine tests are designed to 
identify the metabolites (breakdown products) of the 
drug that was ingested, not the drug itself. If a 
patient has a positive result, it is imperative to follow 
the office protocol for sending out the specimen for 
confirmatory testing. 

A urine drug screening test may not always detect 
the presence of the drugs in the system even if the 
patient has been exposed recently. Each drug has a 
different time interval for which it can be detected. 
This can vary depending on the amount of exposure, 
the size of the individual, his or her unique meta- 
bolic rate, the pH of the urine specimen, and the 
type of drug. Drugs that are lipid soluble (such as 
marijuana) are detectable for longer periods of time 





than are many other drugs that are considered to be 
more dangerous. The product literature for the 
CLIA-waived testing kit used in the office should be 
consulted for more information about the sensitivity 
of the test. Some facilities now request testing of hair 
samples, as the retention time for the drug in the 
hair follicles is much longer than its presence in the 
urine. There are currently no CLIA-waived proce- 
dures for hair testing. 

In addition, if the urine specimen is very dilute, it 
is possible that the test may be falsely negative. Most 
offices that perform drug screening collections and/or 
testing will have established policies in which speci- 
mens that are too dilute will need to be recollected. 
This decision is based on the specific gravity value of 
the specimen. 

Another CLIA-waived test that may be requested 
by employers and/or health-care providers tests for 
the presence of alcohol by testing a saliva sample. 
Orasure Technologies manufactures a CLIA-waived 
quantitative saliva alcohol test. If an employer sus- 
pects that an employee has been ingesting alcohol 
while at work, that employer may request this test be 
performed as a screening tool. A blood alcohol test 
would be more sensitive, and may also be requested. 
This would require testing at a reference or hospital 
laboratory, as there are no CLIA-waived tests avail- 
able to screen blood for alcohol. 








POTENTIAL SOURCES OF ERROR 





Some of the most common errors encountered while 
performing urine chemical testing are the following: 


° Incorrect specimen labeling: Urine specimens must have 
the labels affixed to the specimen container, not to the 
lid of the container. Lids may be removed from multi- 
ple specimen containers at once, allowing for confu- 
sion when attempting to identify the correct patient 
name for each specimen. Labeling errors also include 
specimens that are mislabeled or not labeled at the 
time of collection. 

° Improper storage: The reagent strips must be protected 
from direct light, moisture, and excessive heat. They 
should also not be stored in an area near volatile liq- 
uids, as the pads on the strip may absorb some of the 
chemicals present in the environment. Strips should 
not be removed from the bottle until just before use, 
and the desiccant provided needs to remain in the bot- 
tle of strips until they are all used. If the reagent strips 
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are exposed to moisture, they will become discolored 
and must be discarded. The lid for the bottle must be 
replaced immediately after removing reagent strips. 
The bottles are to be stored at room temperature, and 
care should be taken not to use the strips after the 
expiration date printed on the bottle. Reagent strips 
should never be cut in half or altered in any way. 
Improper technique: The manufacturer's instructions 
state that the urine reagent strip is to be dipped com- 
pletely into a well-mixed specimen and removed 
immediately. Excess urine is to be removed from the 
strip by sliding the edge of the strip along the side of 
the container as it is withdrawn from the specimen. 
Inaccurate results are produced when the reagent strip 
is allowed to remain in the urine for an extended 
period of time, as the chemicals in the reagent pads 
will erode, contaminating the urine specimen to pro- 
duce inaccurate color changes. Once the strip is 
removed from the urine, it is recommended that any 
excess urine still present be blotted away with an 
absorbent pad. Also, many formed elements in the 
urine specimen will settle to the bottom of the con- 
tainer if the specimen is not well mixed, allowing for 
potential false-negative results when the strip is 
inserted into the specimen. 

Incorrect timing of reactions: Incorrect timing of reac- 
tions is probably the most common error in reagent 
strip analysis. Each brand of test strips will specify 
how long the urine should remain in contact with the 
testing strip before the result is to be read by observ- 
ing the color change on the pad. This time varies 
among tests, but all test pads should usually be read 
within 120 seconds. Unfortunately, the person per- 
forming the test commonly dips the reagent strip into 
the urine specimen, but doesn’t follow the timing rec- 
ommendations when reading the results. This results 
in an inconsistency within the laboratory and may 
lead to false-positive test results because of increased 
reaction times, or false-negative test results because of 
inadequate reaction times. 

Incorrect result interpretation: The reagent strips and color 
charts used to read the reactions are not interchangeable 
among manufacturers. For manual procedures, it is 
important to line up the reagent strip appropriately to 
the color chart used for comparison, and to report the 
analyte using the units and reporting methods suggested 
by each manufacturer. Some tests are reported as quali- 
tative results in which the result is either positive or 
negative, whereas other tests are reported using a scale of 
1+, 2+, and so on. Other analytes are reported using 
units of measurement, such as 20 mg/dL. 
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° Test interference: Because every reagent pad on the 
test strip is impregnated with a different chemical, 
each pad may be affected by different types of inter- 
fering substances. Urines that are very alkaline may 
interfere with several of the pads, as will strong col- 
ors (such as those with Pyridium [phenazopyridine] 
use), the presence of detergents or antiseptics, or 
high specific gravity. High levels of ascorbic acid 
(vitamin C) may cause false-negative results for 
blood, glucose, bilirubin, nitrite and leukocyte 
esterase. The presence of menstrual blood may cause 
false-positive results for blood that are not clinically 
significant. Many diagnostic dyes and medications 
also can cause interference for some of the testing 
methods. The manufacturer’s insert will provide 
more detailed information about interfering sub- 
stances for the various tests. 

° Incorrect urine storage or preparation: Although this is 
not technically a potential source of error only for 
reagent strip testing, it is a common problem that can 
affect all the urinalysis results. Urine samples should 
be refrigerated, tested, or properly preserved within 
1 hour of collection. Urine that is allowed to remain at 
room temperature for extended periods of time can 
undergo chemical changes that were not present at the 
time of collection. 

° Failure to perform maintenance, calibration, or quality 
control: Whether the method used in the laboratory is 
manual or automated, quality control testing should 
at least be performed at the frequency specified by the 
manufacturer. In addition, automated instruments 
have requirements for calibration and maintenance, 
and these recommendations must be followed and 
documented appropriately. 








Test Your Knowledge 21-7 


What are three ways that reagent strips can be handled 
incorrectly? (Outcome 21-4) 









( Test Your Knowledge 21-8 


Which of these is an example of an improper urine 
chemistry testing technique that may affect results? 
a. Performing the test without wearing gloves 
b. Allowing the reagent strip to remain in the urine 
for 60 seconds before removal 
c. Mixing the specimen just prior to testing 
d. Allowing the urine specimen to reach room tem- 
perature before testing (Outcome 21- 4) 
4 
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SAFETY PRECAUTIONS 





Urine is not considered to be an infectious agent for 
HIV and other bloodborne pathogens unless it is visi- 
bly contaminated with blood. However, it may still be 
infectious because it is contaminated with other mi- 
croorganisms, such as bacteria. Mucous membrane ex- 
posure is the route of infection most reasonably antici- 
pated for urine specimens being tested for chemical 
analytes, because of the potential for splashing the 
urine into the eyes or mouth as the specimen is han- 
dled. Standard precautions should be used when han- 
dling urine specimens, and appropriate actions should 
be taken to avoid splashing, spilling, or formation 
of aerosols when handling the urine specimen. Applica- 
tion of standard precautions for urine specimens 
include the following: 


e Appropriate hand hygiene procedures before and after 
application of gloves. Also, if accidental exposure to 
bare skin does occur, this site should be disinfected as 
soon as possible. 

e Glove use when performing testing procedures. 
Gloves should be removed when leaving the testing 
area and approaching a clean area of the laboratory or 
physician office. 

e Wearing of long-sleeved, fluid-resistant laboratory 
coats that are completely buttoned or snapped. 

° Occlusive dressings or bandages used over broken skin. 

e Use of eye protection and/or face shield when expo- 
sure is anticipated. 

e Nail biting, smoking, eating, drinking, or manipulat- 
ing contact lenses is prohibited when handling urine 
specimens. 

° Covering urine specimens before centrifuging. 





Test Your Knowledge 21-9 


What is the most common route of accidental exposure 
to urine specimens? (Outcome 21-5) 





QUALITY CONTROL PROCEDURES 


The chemical analysis of urine is a CLIA-waived testing 
procedure. This does not mean, however, that quality con- 
trol is not an important part of the process. For 
instance, the package insert for the Bayer Multistix urinal- 
ysis test strips suggests that a positive and negative quality 
control should be tested whenever a new bottle of strips is 
put into use. This is a minimum frequency suggestion; 
individual laboratories may require that quality control 


samples be checked each day or each shift, depending on 
workload and/or laboratory policy. Most laboratories will 
require quality control testing daily. The frequency recom- 
mendation for automated urine chemistry testing may be 
different from the advice given for manual urine testing. 
There may also be unexpected situations (such as the 
exposure of the strips to extreme heat and/or cold) that 
will warrant quality control testing before patient speci- 
mens can be analyzed. 

Commercial quality control materials are available 
for purchase. Examples of these include Lyphochek 
Quantitative Urine Control by Bio Rad, and KOVA- 
Trol (manufactured by Hycor Biomedical, Inc.). It 
is suggested that the positive control used for urinaly- 
sis procedures be a weakly positive specimen, so that 
the sensitivity of the testing process can be challenged. 
(Alternatively, three levels of control can be imple- 
mented to verify the sensitivity of the testing process.) 
It is important to note that water should never be used 
as a negative control because it does not really resem- 
ble urine enough to test the procedure. Some laborato- 
ries will freeze aliquots of positive and negative urine 
specimens to be used as quality control specimens; 
this is appropriate as long as the desired results 
are verified with multiple testing procedures and 
acceptable ranges are established for each test. Ideally, 
each laboratory will also participate in an external 
quality assessment survey to evaluate its performance 
as compared to other laboratories utilizing the same 
testing procedures. This is not a required component 
for CLIA-waived tests, but the comparison with 
other laboratories will allow for more confidence in 
the test results. 

It is important to remember that patient testing 
should be performed only if the urine quality control 
results are within the acceptable range. If the results are 
not as expected, then patient results cannot be analyzed 
until the reason for the discrepancy has been identified. 
Troubleshooting steps may include using a new bottle of 
control material or using a new testing strip from a dif- 
ferent bottle or lot number. 


URINE TESTING METHODS 





Urine reagent strip testing is considered one of the 
easiest laboratory tests performed. However, it is im- 
portant to follow the instructions provided by the 
manufacturer precisely the way that they are written to 
ensure that the patient results are valid. The strips 
must be stored properly, and must not be exposed to 
moisture. Reagent strips must be discarded after their 
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expiration date, and must be used only once. In addi- 
tion, it is important to adhere to the instructions 
for timing the reactions and interpreting the results. 
The color changes for each test pad must be read indi- 
vidually at different time intervals, ranging from 30 to 
120 seconds. 

The manufacturer's insert for the reagent strips also 
provides information about potential causes of interfer- 
ence. An example is ascorbic acid (vitamin C), which can 
cause false-negative results for glucose, blood, and other 
substances on some reagent strips. Staff who perform 
chemical urine analysis need to be familiar with the 
package insert provided for the reagent strips used by 
their facility, and a copy should be available for reference 
at all times. 

Reagent strips are also available to test for one or two 
chemical analytes, rather than the entire spectrum that is 
usually included in a routine urinalysis. Ketones and glu- 
cose are some of the most common analytes included on 
these limited test strips. These can be beneficial for those 
with type 1 diabetes or for monitoring pregnant women 
for potential gestational diabetes. Other test strips may 
be used to monitor protein and creatinine levels in the 
urine, which can help to detect kidney dysfunction in 
high-risk patients, or can be used to monitor the 
progress of kidney disease for patients who have already 
been diagnosed. Microalbuminuria may be detected by 
strips designed to pick up very low levels of protein in 
the urine. The presence of microalbuminuria is a signif- 
icant factor in the progression of diabetes. 





Test Your Knowledge 21-10 

True or False: Urine reagent strips manufactured by 
different companies may be available with different 
test capabilities. 






The reference values for urine chemical strips are the 
same whether the test is performed manually or by au- 
tomation. These results are summarized on Table 21-1. 
It is important to remember that these reference values 
are obtained by following the manufacturer’s instruc- 
tions precisely; special attention should be given to the 
timing intervals for reading the results. 

Automated urinalysis instruments are designed to read 
reagent strip reactions at the appropriate intervals. The 
results are usually printed out and can also be sent auto- 
matically through a computer interface for many instru- 
ments. The use of automated urinalysis instruments may 
help reduce errors by eliminating potential sources of er- 
ror with the timing of reactions and the interpretation of 
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TABLE 21-1 





























Reference ranges for urine chemistry results 
Chemical Analyte Normal Finding 

pH 4.6-8.0 

Protein 2-8 mg/dl (negative to trace) 
Specific gravity 1.005-1.030 
Leukocyte esterase Negative 

Nitrite Negative 

Glucose Negative 

Ketones Negative 

Leukocytes Negative 

Blood Negative 

Urobilinogen 0.1-1.0 mg/dL 











color changes on the reagent pads. Some of the auto- 
mated instruments are designed to read one strip at a 
time, whereas others are capable of processing numerous 
reagent strips at once. Bayer and Roche Diagnostics 
both manufacture automated urinalysis instruments, 
including the Bayer Clinitek models and the Roche 
Urisys instruments (Fig. 21-2). Various models are avail- 
able from both of these manufacturers. Calibration and 





Figure 21-2 Bayer Clinitek urine analyzer with printed 
results. From Eagle, S, Brassington, C, Dailey, C, and 
Goretti, C: The Professional Medical Assistant: An Integra- 
tive, Teamwork-Based Approach. FA Davis, Philadelphia, 
2009, with permission 
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maintenance are necessary for both of these machines, in 
addition to the testing of quality control specimens at 
specified intervals. Results are then recorded on a urinal- 
ysis report form (Fig. 21-3). 





Test Your Knowledge 21-11 


What is an advantage of automated urine chemistry 
testing procedures over manual testing procedures? 
(Outcome 21-6) 





CONFIRMATORY URINE TESTING 





Sometimes the color of a urine specimen may cause color 
interference with the reagent strip test pads, producing 
invalid results. It may then be necessary to perform other 


types of confirmatory tests to provide some reliable 
information to the practitioner. The following are the 
most common confirmatory tests performed: 


¢ Acetest (Bayer Corporation): The Acetest is used to test 
for the presence of ketones in the urine specimen. 
These reagents may be used to test other body fluids if 
necessary. The Acetest tablet reaction is less affected by 
the inherent color of the urine specimen, and the color 
changes are less subtle than they are on the reagent 
pads on the urine dipsticks. The testing process re- 
quires a tablet and an absorbent pad. 

 Ictotest (Ames Corporation): The Ictotest is used to de- 
tect the presence of bilirubin in the urine specimen. 
This procedure is more sensitive to the presence of 
bilirubin than the reagent pad test, and is affected less 
by the strong colors present in some urine specimens. 
The test involves a tablet and an absorbent pad. 


«CB LABORATORY,, 


Urinalysis Report Form 


Patient Name: 


Date: 





Patient ID: 


Time: 





Analyte 


Result Observed 


Reference Value 


Glucose Negative 
Bilirubin Negative 
Ketones Negative 


Comments: 





Signature/Initial of Operator: 





Figure 21-3 Urinalysis report form. 
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Procedure 21-1: CLIA-Waived Chemical Examination of Urine Using 





Manual Reagent Strip Method 


TASK 


Performance of a CLIA-waived chemical examination 
of a urine specimen utilizing the manual reagent strip 
method. 


CONDITIONS 


Gloves, laboratory coat, and protective eyewear 
Urine specimen freshly voided or appropriately pre- 
served 

Clear conical plastic transfer tube 

Reagent strips with color comparison chart for read- 
ing results 

Normal and abnormal quality control specimens 
Test tube rack 

Kimwipes or paper towels 

Permanent fine-tip pen for marking identification on 
the transfer tube 

Urinalysis report form 

Black pen for documentation on the patient’s chart 
Patient's chart 

Biohazardous waste container 


CAAHEP/ABHES STANDARDS 





Sy) CAAHEP Standards 


IIl.P. Psychomotor Skills, III. Applied Microbiology/ 
Infection Control, #2. Practice Standard Precautions 
IP. Psychomotor Skills, I. Anatomy and Physiology, 
#14. Perform Urinalysis 


@®. 
@ ABHES Standards 


¢ Apply principles of aseptic techniques and infection 
control. 

e Use standard precautions. 

¢ Perform CLIA-waived tests that assist with diagnosis 
and treatment, Urinalysis. 








Procedure 


1. Assemble necessary equipment. Put on eye protec- 
tion, or position plastic shield in a way that the 
procedure may be performed behind the shield. 


2. Wash hands. 


3. Verify test order and specimen labeling and identi- 
fication. 


4. Verify that specimen collection was less than 1 hour 
before testing or that it was refrigerated and/or pre- 
served appropriately after collection. 


5. Allow any refrigerated specimens to come to room 
temperature before proceeding. 


Rationale 


Organization of supplies saves time and helps to avoid 
errors. Eye protection shields employees from po- 
tential biohazard exposure. 


Hand washing breaks the cycle of infection. 


Verification of test order and specimen identification 
eliminates potential errors. 


Specimens that are allowed to stay at room tempera- 
ture for more than 1 hour after collection without 
the addition of preservative may yield inaccurate 
results because of changes in pH, bilirubin or uro- 
bilinogen concentration, glucose levels, and bacter- 
ial contamination. 


Specimens that are colder than room temperature may 
exhibit crystallization of amorphous urates or phos- 
phates, which can interfere with measurement of all 
the physical characteristics of the urine specimen, as 
well as cause potential interference with the chemi- 
cal analysis. 


Continued 
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Procedure 21-1: CLIA-Waived Chemical Examination of Urine Using 


Manual Reagent Strip Method—cont’d 











Procedure 


6. Mix specimen well with a gentle swirling motion. 


7. Pour some of the urine specimen into a labeled 


clear conical transfer tube. The transfer tube 
should be at least half full. Place the transfer tube 
in the tube rack. 


. Prior to performance of patient testing, verify 


whether a quality control (QC) specimen needs to 
be tested, and if so, complete that process before 
the patient's test is performed. Patient testing can- 
not be performed unless the quality control values 
are within the established ranges. 


. Perform the reagent strip test following these pro- 


cedures: 

a. Dip the reagent strip into the well-mixed urine 
in the transfer tube. Make certain that all the 
reagent pads are moistened. 

b. Remove the reagent strip from the urine imme- 
diately, running the straight edge of the reagent 
strip along the top of the tube to remove excess 
urine. 

c. Immediately blot the edge of the reagent strip 
on a paper towel or laboratory wipes. 

d. Begin the timing for the pad development as 
the reagent strip is removed from the tube. 

e. Observe the color changes on the reagent pad 
at the appropriate time intervals as directed by 
the manufacturer. Compare the colors to the 
provided chart for observation, or to the chart 
provided on the reagent strip bottle. 

f. Record the results on the urinalysis report form. 

g. Discard the used reagent strip into a biohazard 
waste container. 


Rationale 


Urine specimens must be mixed well to provide accu- 
rate chemistry results. 


Using a transfer tube for the urine to be chemically an- 
alyzed eliminates potential contamination of the 
original specimen by dipping in the reagent strip. If 
a urine culture is necessary, the original urine speci- 
men will not be contaminated. 


Liquid QC should be tested following laboratory pro- 
tocol and manufacturer’s recommendations. Exam- 
ples of when QC may be used to verify the test 
results include the following: 

a. With a new shipment of reagent strips 

b. Whenever a new lot number of reagents or QC 
is put into use 

c. New operator; someone who is being trained on 
the procedure 

d. Problems with storage, instrument, reagents, etc. 


Careful adherence to the procedure will allow for accu- 
racy of results. 
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Procedure Rationale 


10. Dispose of the urine left in the transfer tube by 
pouring it down the sink and flushing it with plenty 
of water. Dispose of the tube and transfer pipette 
used for the urine in a biohazardous disposal bag. If 
the urine is not to undergo additional testing imme- 
diately, refrigerate it or preserve it accordingly. 


11. Sanitize the work area, remove gloves, and sanitize | Gloves should always be removed immediately after a 
hands. procedure is performed. Hand sanitization is appro- 
priate before and after gloves are worn. 


12. Document results for patient specimen on the — Results must be recorded immediately after the testing 
chart (if available) and testing log sheet. Be certain process is complete. 
to use the correct digits for the documentation. 


Date 
10/24/2014: | Chemical Urinalysis: Glucose: negative, Bilirubin: negative, Ketones: negative, Blood: negative, pH: 6.0, Protein: 


negative, Urobitinogen: O.1 mgd, Nitrite: negative, Leukocyte esterase: negative, Specific gravity: LOZO 
71:58 a.m. Connie Lieseke, CMA (AAMA) 




















Procedure 21-2: Chemical Examination of Urine Using Automated 





Reagent Strip Method 


TASK ¢ Patient’s chart 


; oe ; : ¢ Biohazardous waste container 
Perform a chemical examination of a urine specimen 


utilizing an automated urinalysis instrument. CAAHEP/ABHES STANDARDS 
CONDITIONS 


¢ Gloves, laboratory coat, and protective eyewear 
Urine specimen freshly voided or appropriately pre- 
served 

Clear conical plastic transfer tube 

Reagent strips and automated testing instrument 
with paper for result recording S 

Normal and abnormal quality control specimens “SS” ABHES Standards 
Test tube rack 

Kimwipes or paper towels 

Permanent fine-tip pen for marking identification on 
the transfer tube 

Urinalysis report form 

Black pen for documentation on the patient's chart 





4 CAAHEP Standards 


IIl.P. Psychomotor Skills, III. Applied Microbiology/ 
Infection Control, #2. Practice Standard Precautions 
IP. Psychomotor Skills, I. Anatomy and Physiology, 
#14. Perform Urinalysis 


e Apply principles of aseptic techniques and infection 
control. 

e Use standard precautions 

¢ Perform CLIA-waived tests that assist with diagnosis 
and treatment, Urinalysis. 








Continued 
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Procedure 21-2: Chemical Examination of Urine Using Automated 





Reagent Strip Method—cont’d 





Procedure 


1. Assemble necessary equipment. Put on eye protec- 
tion or position plastic shield in a way that the 
procedure may be performed behind the shield. 


2. Wash hands. 


3. Verify test order and specimen labeling and identi- 
fication. 


4. Verify that specimen collection was less than 1 hour 
before testing or that it was refrigerated and/or 
preserved appropriately after collection. 


5. Allow any refrigerated specimens to come to room 
temperature before proceeding. 


6. Mix specimen well with a gentle swirling motion. 


7. Pour some of the urine specimen into a labeled 
clear conical transfer tube. The transfer tube 
should be at least !/, full. Place the transfer tube in 
the tube rack. 


8. Prior to performance of patient testing, verify 
whether a quality control (QC) specimen needs to 
be tested, and if so, complete that process before 
the patient’s test is performed. Patient testing can- 
not be performed unless the quality control values 
are within the established ranges. 





Rationale 


Organization of supplies saves time and helps to avoid 
errors. Eye protection protects employees from 
potential biohazard exposure. 


Hand washing breaks the cycle of infection. 


Verification of test order and specimen identification 
eliminates potential errors. 


Specimens that are allowed to stay at room tempera- 
ture for more than 1 hour after collection without 
the addition of preservative may yield inaccurate 
results because of changes in pH, bilirubin or 
urobilinogen concentration, glucose levels, and 
bacterial contamination. 


Specimens that are colder than room temperature may 
exhibit crystallization of amorphous urates or phos- 
phates, which can interfere with measurement of all 
the physical characteristics of the urine specimen, as 
well as cause potential interference with the chemi- 
cal analysis. 


Urine specimens must be mixed well to provide accurate 
chemistry results. 


Use of a transfer tube for the urine to be chemically 
analyzed eliminates potential contamination of the 
original specimen by dipping in the reagent strip. If 
a urine culture is necessary, the original urine spec- 
imen will not be contaminated. 


Liquid QC should be tested following laboratory 
protocol and manufacturer recommendations. 
Examples of when QC may be used to verify the 
test results include the following: 

a. With a new shipment of reagent strips 

b. Whenever a new lot number of reagents or QC 
is put into use 

c. New operator; someone who is being trained on 
the procedure 

d. Problems with storage, instrument, reagents, etc. 
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cedures: 

a. Dip the reagent strip into the well-mixed urine 
in the transfer tube. Make certain that all the 
reagent pads are moistened. 

b. Remove the reagent strip from the urine imme- 
diately, running the straight edge of the reagent 
strip along the top of the tube to remove excess 
urine. 

c. Immediately blot the edge of the reagent strip 
on paper towel or laboratory wipes. 

d. Place the reagent test strip onto the appropriate 
area to be fed into the urinalysis instrument. 
Input any specimen ID necessary into the in- 
strument, if possible. 

e. Monitor the instrument as the test is com- 
pleted, watching for possible errors. 

f. Record the results on the urinalysis report form 
after they are printed. Some models display the 
results on a screen; if so, it will be necessary for 
them to be transposed onto the report form. 

g. Discard the used reagent strip into a biohaz- 
ardous waste container. 


Dispose of the urine left in the transfer tube by 
pouring it down the sink and flushing it with plenty 
of water. Dispose of the tube and transfer pipette 
used for the urine in a biohazardous disposal bag. If 
the urine is not to undergo additional testing imme- 
diately, refrigerate it or preserve it accordingly. 


Sanitize the work area, remove gloves, and sanitize 


hands. 


Document results for patient specimen on the 
chart (if available) and testing log sheet. Be certain 
to use the correct digits for the documentation. 


Chapter 21 Chemical Examination of Urine and Feces A29 
Procedure Rationale 
9. Perform the reagent strip test following these pro- Careful adherence to the procedure will allow for accuracy 


of results. 


Urine does not need to be disposed of in the biohaz- 
ardous garbage, but it is important to flush the sink 
well after disposal. 


Gloves should always be removed immediately after a 
procedure is performed. Hand sanitization is appro- 
priate before and after gloves are worn. 


Results must be recorded immediately after the testing 
process is complete. 











Date 
10/24/2009.| Chemical urinalysis using Bayer Cliniteh 500; Quabity control results within range: Glucose: negative, Bilirubin: 
negative, Ketones: negative, Blood: negative, pH: 6.0, Protein: negative, Urobitinogen: O.1 mgldl, Nitrite: negative, 
Leukocyte esterase: negative, Specific gravity: LO2O 
71:58 a.m. Connie Liesebe, CMA (AAMA) 
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° Sulfosalicylic acid precipitation test: This test involves 
the addition of an acid to the urine specimen and an 
observation for the amount of turbidity caused when 
the acid is added. A semiquantitative assessment of the 
amount of protein present in the urine specimen may 
result by measuring the turbidity present. The SSA 
precipitation test is not affected by the color of the 
specimen, as the measurement involves the turbidity 
present, not a color change reaction. 

¢ Clinitest (Bayer Corporation): This test is used as a 
confirmatory test for the presence of glucose and other 
sugars in the urine specimen. It is not affected as much 
by the original color of the specimen, although some 
substances (such as ampicillin and vitamin C) can 
cause inaccurate results. 

° Microscopic examination: Chapter 22 details the 
process used for urine microscopic examinations. In 
situations in which the color of the specimen prohibits 
valid results for blood, leukocyte esterase, or nitrites, 
the examination of the urine sediment for these 
formed elements may provide additional information 
for the practitioner. 


FECAL OCCULT BLOOD TESTING 





Fecal occult blood testing (FOBT) detects blood that is “hid- 
den” in or on feces. Blood in the stool may be clinically sig- 
nificant even though there are only small amounts present. It 
is not unusual for adults to shed a few milliliters each day in 
their feces as a result of the natural processes occurring in the 
stomach and intestines. However, increased blood loss may be 
due to a pathological condition that needs medical attention. 
Blood may be present in the stool in the following situations: 


¢ Bleeding hemorrhoids 

e Ulcers and/or inflammation of the stomach or duode- 
num 

¢ Presence of polyps, lesions, or tumors in the intestines 

¢ Nosebleeds 

¢ Bleeding gums 

¢ Diverticulitis, colitis, and/or Crohn's disease 

e Parasitic infection 

¢ Colorectal cancer 


Stool testing for the presence of occult blood is a sim- 
ple, noninvasive, and relatively inexpensive screening test. 
The fecal occult blood test is not specific for any disease 
process, but a positive result will indicate a need for further 
investigation with a colonoscopy, proctosigmoidoscopy, or 
a lower gastrointestinal x-ray that uses barium to visualize 
the digestive tract. Most commonly this test is ordered as 


a screen for asymptomatic patients, but it may also be 
used when there is anemia present with no identifiable 
cause or when the patient exhibits symptoms of other dis- 
orders that may result in a positive screen. 

According to the Centers for Disease Control and 
Prevention (CDC), colorectal cancer is the second lead- 
ing cancer killer in the United States. Early stages of this 
disease are usually asymptomatic; therefore, colorectal 
cancer is often overlooked until it has progressed to a 
point at which treatment options are limited. The CDC 
and the American Cancer Society recommend that all 
adults who are 50 to 75 years of age have a yearly fecal 
occult blood screening test performed. Those past the 
age of 75 should discuss the necessity of further testing 
with their physician. Earlier (before the age of 50) or 
more frequent screening tests may be necessary if a 
patient has a family history of colorectal cancer or if the 
patient has inflammatory bowel disease. For patients 
who are covered by Medicare, yearly fecal occult blood 
screening is a service that is covered for payment. 





Test Your Knowledge 21-12 


Why does the American Cancer Society recommend a 
yearly fecal occult blood screening? (Outcome 21-9) 





There are two types of fecal occult blood screening 
kits available. The guaiac method, usually referred to as 
the FOBT (for fecal occult blood test), uses a cardboard 
specimen holder containing a special guaiac paper inside. 
This paper is used for application of the specimen and 
the developer. If there is blood present in the stool, it ox- 
idizes the guaiac, and when the developer (hydrogen per- 
oxide solution) is added, the surrounding test paper 
turns blue where blood is present (Fig. 21-4). The gua- 
iac reacts with heme present in the blood cells. This 
method has been available for many years, and is consid- 
ered reliable if the patient follows the dietary restrictions 
and collection procedures as instructed. The guaiac 
method is not as sensitive or specific as the newer meth- 
ods, but it is inexpensive, so many facilities still use it for 
their screening. Hemoccult (manufactured by Beckman 
Coulter) is most commonly used. Seracult (manufac- 
tured by Propper) is another screening kit that is avail- 
able. To perform the collection process properly using 
guaiac-based kits, keep the following key points in mind: 


1. Seven days prior to and during the collection, all 
NSAIDs (such as naproxen or ibuprofen) must be 
discontinued. One adult aspirin per day is allowed. 
Tylenol is also allowed. 
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. Three days before and then during the collection, all 
vitamin C supplements must be discontinued, as well 
as citrus fruits or juices. For some test kits, turnips, 
broccoli, melons, radishes, and fresh fruit should also 
be discontinued. During this time, ingestion of red 
meat (beef, lamb, or liver) must be discontinued as 
well. Anticoagulant use may also cause false-positive 
test results, but patients must consult their health- 
care provider before discontinuing these drugs. 

. The stool specimens should be collected from three 
consecutive bowel movements, preferably on three 
consecutive days. Follow directions provided con- 
cerning the volume of stool to apply, and to which 
side of the slide to apply it. 





( Test Your Knowledge 21-13 


Which of these substances should be avoided for 

7 days prior to and then during the collection period 

for a FOBT? 
a. Red meat 
b. Caffeine 
c. Sodium 
d. NSAIDs 








(Outcome 21-10) 





US. Patents 4.329.317, 4.365.970, ©Beckman Coulter. inc . 1988 
4,382,064; 5.310.680 and 5.391.498 June 2013 
Printed in USA Made in USA 
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BECKMAN Beckman Coulter, Inc. 
Ossett Fullerton, CA 92834-3100 B.462681 
Figure 21-4 Positive fecal occult blood test result 


using guaiac method. Note the blue area around the 
specimens, which indicates a positive result and the 
presence of occult blood in the stool. In addition, there 
is a positive result on the control area of the slide. 
Courtesy of Beckman Coulter. 
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The other fecal occult blood testing method, the 
iFOB, which stands for immunochemical fecal occult 
blood, uses an immunochemical test to detect the pres- 
ence of globin, part of the hemoglobin molecule. This 
test reacts only with human blood, and is more sensi- 
tive and specific than is the guaiac testing method. The 
iFOB has been shown to detect a positive result with 
less blood present in the stool, and to have fewer false- 
positives due to interfering substances. There are fewer 
dietary restrictions associated with this testing method; 
therefore, patient compliance may increase. The iFOB 
test may be available as a kit containing individual test- 
ing cartridges or as slides similar to the other type of fe- 
cal occult blood tests. It is still recommended that the 
sample be collected over three consecutive bowel move- 
ments over three days, as polyps and lesions in the GI 
tract may bleed intermittently, and this method of col- 
lection increases the opportunity to detect bleeding if 
present. Hemoccult ICT (manufactured by Beckman 
Coulter) is one example of this immunochemical test- 
ing method. Other manufacturers, such as Quidel, also 
produce a CLIA-waived rapid test that provides a qual- 
itative result for the presence of fecal occult blood. The 
immunochemical tests for occult blood are much more 
expensive than are the guaiac tests, and are not com- 
monly found in the physician office laboratory. 

Regardless of the type of test used, the desired result 
is a negative one, indicating that no measurable occult 
blood is present in the stool. However, a positive result 
does not necessarily indicate colorectal cancer, or even 
a precancerous condition. The fecal occult blood test 
procedure is to be used as a screening tool only, and 
further testing is always necessary to identify the cause 
of any positive results. The test results for the FOBT 
and the iFOB are reported as a positive or negative re- 
sult, indicating the presence or absence of occult blood 
in the specimen. 
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Procedure 21-3: Fecal Occult Blood Testing Using Guaiac Method 





TASK 


Provide patient instruction for the collection of the 
sample necessary and perform a test to detect the pres- 
ence of fecal occult blood using the Hemoccult Sensa 
test cards and developer. 


CONDITIONS 


¢ Gloves 

¢ Laboratory coat 

¢ Hemoccult Sensa test cards 

¢ Hemoccult Sensa developer 

¢ Stool specimens 

¢ Biohazardous waste container 


CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 


Il.P. Psychomotor Skills, III. Applied Microbiology/ 
Infection Control, #2. Practice Standard Precautions 


@® 
@ ABHES Standards 


¢ Apply principles of aseptic techniques and infection 
control. 

¢ Use standard precautions 

¢ Instruct patients in the collection of a fecal specimen 





Procedure 


1. Greet and then identify patient using at least two 
unique identifiers. 


2. Verify test ordered, and explain the specimen 
collection requirements to the patient. 





Rationale 


All patients must be identified properly before collecting 
samples or performing laboratory testing. 


All laboratory test orders should be verified by checking 
the chart and/or requisition form more than once. A 
thorough explanation of the collection procedure for 
the patient will ensure more cooperation. Written 
literature should also be provided so that the patient 
knows how to prepare appropriately and collect 
the specimens correctly. Preparation and collection 
instructions include the following: 

Collect and apply samples from bowel movements 

from three different days to the slide. This in- 

creases the opportunity to detect blood that may 
be intermittently present from polyps or cancer 
present in the GI system. 

Do not collect a sample if frank (obvious) blood is 

present in the stool. 

For best results, collect the sample before the stool 

makes contact with the water present in the toilet. 

Stool specimens that are retrieved from toilet 

water with chemical additives are unacceptable. 

Protect slides from heat, bright lights, and exposure 

to strong household chemicals such as ammonia. 

For 7 days before and during the stool collection 

period, avoid NSAIDs such as aspirin and ibupro- 

fen. One adult aspirin per day is acceptable. 

For 3 days before and during the stool collection 

period, avoid vitamin C in excess of 250 mg/day 

and red meats. 

Eat a well-balanced diet. 
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Procedure 


3. Provide the patient with a set of three slides, an ap- 
plicator, collection tissues, and written instruc- 
tions for collection. Let the patient know how and 
when to bring the specimens back to the labora- 
tory. Make certain that the slides are correctly 
identified with the patient's name and account 
number. 


4. When the slides arrive back at the laboratory, wash 
hands and apply gloves before touching the slides. 


5. Assemble the developer, and verify that all 
reagents are within the posted expiration dates. 


6. Verify the patient identification on the cards. 


7. Open the back of the slide. Place two drops of 
Hemoccult developer directly over the specimens 
in box A and box B. Results are to be read at 
60 seconds after application of the developer. Any 
blue on or at the edges of the slide is considered to 
be a positive result for the presence of occult blood. 


8. Make a note of the result at 60 seconds. 


9. Before the results are considered to be valid, the 
quality control area of the slide must be developed. 


10. Repeat the testing process and quality control 
assessment on the other slides. 


Rationale 


Slides must be returned for testing within 14 days of 
collection. It is important that the date of each col- 
lection is recorded on the outside front of the slide. 


To apply the specimen to the slide, follow these steps: 

1. Open the front of the slide. Using the applicator 
provided, place a small amount of stool specimen 
as a thin smear covering box A. 
Using the same applicator, choose a different part 
of the stool specimen and take another small 
amount to smear on box B. 

2. Dispose of the applicator and close the front of the 
slide. 

3. Patients must not open the back of the slide. This 
is for laboratory use only. 


Hands should always be washed between patients and 
before starting any procedures. Gloves are appropri- 
ate personal protective equipment (PPE) for this 
procedure. 


The developer should be stored at room temperature 
and must be used before the expiration date. 


Always verify that the correct specimen is in hand 
before completing the testing process. 


Guaiac occult blood test results should not be read 
by those who have color blindness, as they may not 
recognize the development of the blue color with a 
positive result. 


The result must not be read before allowing 60 seconds 
for development or after 60 seconds has elapsed. 


Apply one drop of developer between the positive and 
negative designation of the QC testing area. Read 
the results at 10 seconds. 
¢ The positive area will turn blue, and no blue will 

develop in the negative area. 
¢ If results are not as expected when performing qual- 
ity control, the patient results cannot be reported. 


The procedure is the same for each slide. 





Continued 
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Procedure 21-3: Fecal Occult Blood Testing Using Guaiac Method—cont’d 








Procedure 


11. Dispose of the slide in the biohazardous disposal 


container. 


12. Put away developer, remove gloves, wash hands, 
and record specimen results. 


Date 


Rationale 


Biohazardous specimens must be disposed of properly. 


Hands must always be washed after removing gloves. 





S/H9/2O14: 
71:50 am. 








Hemoceult slides tested: negative X3 


Connie Lieseee, CMA (AAMA) 





Procedure 21-4: Fecal Occult Blood Testing Using iFOB Quickvue 


Method 





TASK 


Perform a fecal occult blood test using the Quickvue 
immunoassay method. 


CONDITIONS 


¢ Gloves 
¢ Laboratory coat 
e Hand sanitization supplies 
¢ Specimen pouch containing 
® QuickVue collection tube (covered with identifica- 
tion label) contained in absorbent sleeve 
¢ Collection paper with adhesive 
¢ Patient instructions 
e Return mailer 
* QuickVue test cassette 
¢ Absorbent laboratory wipes or gauze pads 


¢ Timer 
© Quality control material (if necessary) 
¢ Biohazardous waste container 


CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 


ll.P. Psychomotor Skills, III. Applied Microbiology/ 
Infection Control, #2. Practice Standard Precautions 


@® 
a ABHES Standards 


¢ Apply principles of aseptic techniques and infection 
control. 

e Use standard precautions. 

e Instruct patients in the collection of a fecal specimen. 





Procedure 


1. Greet and then identify patient using at least two 
unique identifiers. 


2. Verify the test ordered, and explain the collection 
procedure to the patient. Enter the patient identi- 
fication information on the collection tube label. 





Rationale 


All patients must be identified properly before collect- 
ing samples or performing laboratory testing. 


All laboratory test orders should be verified by check- 
ing the chart and/or requisition form more than 
once. The collection process for this procedure is 
very specific, and must be followed carefully. Patient 
instructions include the following: 
¢ During the collection process, do not allow the 

fecal specimen to contact the toilet water. The 
specimen must also be protected from urine. 
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Procedure 


3. Explain to the patient how to return the specimen 
to the laboratory for testing. 


4, When the specimen is returned to the laboratory, 
verify that the identification is appropriate and 
that the patient followed the correct collection 
procedure. 


5. Sanitize hands and apply gloves. 


6. Assemble necessary equipment, and verify that all 
reagents are within the posted expiration dates. 


7. Remove the test cassette from the foil wrapper and 
place it on a level surface. 


8. Remove the absorbent sleeve from the specimen 
pouch, and remove the collection tube from the 
absorbent sleeve. 


9. Shake the collection tube well to mix the sample 
and the buffer solution. 


Rationale 


e When ready to begin the collection, attach the col- 
lection paper to the toilet seat by removing the tape 
cover from the ends of the collection paper and at- 
taching the adhesive material to the toilet seat 
across the back of the toilet. Attach the paper in 
such a way that it sags in the middle of the toilet. 
Defecate on the collection paper. Do not remove 
the fecal specimen or the collection paper from the 
toilet seat at this point. 

Unscrew the sampler from the collection tube. 
Pierce the fecal specimen (while still on the col- 
lection paper) with the grooved end of the sam- 
pler device at least five times in different areas of 
the specimen. 

Insert the sampler into the collection tube and 
close the cap securely. 

Shake the tube to mix the buffer provided in the 
tube with the sample just added to the tube. 
Flush the remaining collection paper and the fecal 
sample down the toilet. 


The specimens may be mailed using the provided 
mailer, or they may be delivered back to the labora- 
tory. Specimens may be kept at room temperature 
for up to 8 days after collection. 


The specimen is invalid if the collection procedure is 
not followed. 


Hands should always be washed between patients and 
before starting any procedures. Gloves are appropri- 
ate personal protective equipment (PPE) for this 
procedure. 


The only additional equipment for this test would be 
the timer and the test cassette. 


The test cassette should not be removed until right 
before use. 


The absorbent sleeve is provided in case of specimen 
leakage during transport. 


The specimen and buffer must be well mixed for valid 
test results. 





Continued 
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Procedure 21-4: Fecal Occult Blood Testing Using iFOB Quickvue 


Method—cont’d 








Procedure 


10. Prior to performance of test, verify whether a qual- 
ity control (QC) specimen needs to be tested, and 
if so, complete that test before the patient's test is 
performed. 


11. Hold the collection tube upright and remove the 
light blue cap at the top of the tube. 


12. Completely cover the exposed tip of the collection 
tube with the absorbent pad. 


13. Without twisting, quickly snap off the tip of the 


collection container. 


14. Turn the collection tube upside down into a verti- 
cal position. Dispense six drops into the well of the 
testing cassette. 


15. Read the results in 5 to 10 minutes. 


16. Dispose of the testing cassette and sample tube in 
the biohazardous disposal container. 





Rationale 


External QC material should be tested following labora- 
tory protocol and manufacturer’s recommendations. 
Examples of when QC should be used to verify the 
test results include the following: 

a. With a new shipment of the testing materials 

b. Whenever a new lot number of reagents or QC 
is put into use 

c. New operator; someone who is being trained on 
the procedure 

d. Problems with storage, instrument, reagents, etc. 

e. To ensure that storage conditions are fine, QC 
should be performed at least once monthly 


It is important to hold the tube upright for this step. 


It is important to completely cover the exposed tip to 
avoid potential exposure to the specimen during the 
next step. 


The tip will not snap off if a twisting motion is used. 


The tube should be held vertically to dispense the cor- 
rect size of drop into the well. 


Some positive results will be evident at 5 minutes, 
whereas others may take up to 10 minutes to 
develop as a positive. Negative results should be 
reported within 10 minutes. Do not read the results 
after 10 minutes. Results are interpreted as follows: 
¢ Maroon lines will appear at the C and T area of the 
test cassette when the result is positive for the pres- 
ence of occult blood. 

¢ Negative results will only exhibit a line at the 
C area. 

e If a line appears only at the T area of the test 
cassette or if no lines appear, the test results are 
invalid. 


These should all be disposed of as biohazardous mate- 
rials because of the potential for the presence of 
blood or other biological hazards in the specimen. 
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Procedure 


17. Disinfect the work area. 


18. Remove gloves and sanitize hands. 


19. Document the test results in patient chart and/or 


log sheet. 


Date 


Rationale 


The work area should always be disinfected after 
potential exposure to biological substances. 


Hands must always be sanitized after removing gloves. 


All results must be documented in the patient’s chart. 





S/17/2014: [FOB test negatwe for occult blood 














Connie Lieseke, CMA (AAMA) 














SUMMARY 


The comprehensive chemical analysis of urine is a fre- 
quently performed procedure as part of a routine uri- 
nalysis. Chemical analyses may also be limited to a few 
analytes, testing for the presence of substances such as 
glucose, ketones, and microalbumin. Urine reagent 
test strips contain pads that change color in the pres- 
ence of various chemicals present in the urine speci- 
men. The amount of color change is observed and 
recorded, either manually or automatically using an 
instrument. These color changes provide qualitative or 
semiquantitative results for the chemical analytes on 
the strip. Valuable information for the diagnosis and 
management of various renal diseases and other body 
system dysfunctions may be obtained by performing 
chemical urine testing. Fecal occult blood testing is 
performed as a screening test for the presence of col- 
orectal cancer, allowing for early identification and 
treatment of that disease. 








TIME TO REVIEW 


. What is the difference between Outcome 21-1 
glucosuria and glycosuria? 


. Jaundice may include : Outcome 21-1 


a. Yellow sclera of the eye 
b. Red, bloody urine 

c. Light-colored feces 

d. Pus in the urine 


3. The sulfosalicylic acid precipitation Outcome 21-8 
test is used to detect which of these in the urine? 


a. Glucose 
b. Ketones 
c. Bilirubin 
d. Protein 


4. True or False: A positive blood Outcome 21-2 
test on a urine specimen is always indicative of intact 
red blood cells in the urine. 


5. The presence of ketones in the Outcome 21-2 
urine specimen is indicative of: 


a. High blood sugar 

b. Bile obstruction 

c. Increased fat metabolism 
d. Urinary tract infection 


6. A positive nitrite result in the Outcome 21-2 
urine specimen may be indicative of: 


. Hematuria 

. White blood cells in the urine specimen 
. Elevated specific gravity results 

. Bacteria in the specimen 


aan op 


7. True or False: A urine specimen Outcome 21-3 
with a pH of 4.0 is considered to be outside of the 
reference range. 


8. True or False: Medication that Outcome 21-4 
causes the urine to appear bright orange is likely to 
cause interference on a urine chemistry test. 
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9. Which of the following may Outcome 21-4 
cause test interference on the urine chemistry tests? RESOURCES AND SUGGESTED READINGS 
a. Vitamin C ingestion Clinical and Laboratory Standards Institute, Urinalysis: 
b. Dairy products Approved Guideline, ed. 3. CLSI document G16-A3. 
c. Cold medication Wayne, PA, 2009 
d. Excessive caffeine intake Approved laboratory standards for collecting, processing, 
and testing urinalysis samples 
10. List three safety precautions Outcome 21-5 “Galactosemia” 
applicable to urine chemistry testing procedures. The U.S. Library of Medicine, Genetic Home Reference, 
, explains how galactosemia is passed genetically and the ef- 
11. True or False: A positive fecal Outcome 21-9 fect that it may have on the body http://ghr.nlm.nih.gov/ 
occult blood test is always indicative of colorectal condition=galactosemia 
cancer. “Urinalysis, a Comprehensive Review” 


In-depth article from the American Association of Family 
Practitioners about the causes of urinalysis results, as well as 
information about false-positives and false-negatives http:// 


Case Study 21-1: Exceptions to the rule? www.aafp.org/afp/2005/0315/p1153.html 


Sally Steiner is at the physician's office because symp- 
toms that may be indicative of a urinary tract infection. 
She has been urinating frequently and experiences 
pain when voiding. When the medical assistant in the 


laboratory performs the chemical analysis on her urine 
specimen, the nitrite test is negative. 


1. Does this result eliminate the possibility that there 
may be bacteria present in the urine specimen? 
Why or why not? 
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Microscopic Examination of Urine 
Constance L. Lieseke, CMA (AAMA), MLT, PBT(ASCP) 








CHAPTER OUTLINE 
Reasons for Performing Urine Microscopic Methods Used for Urine Microscopic Examinations 
Examinations Reporting Urine Microscopic Results 
Common Formed Elements in the Urine and Their Role of Medical Assistants in Microscopic Urine 
Clinical Significance Examination Procedures 
Epithelial Cells Quality Control and Quality Assurance Procedures 
Mucus for Urine Microscopic Examinations 
Blood Cells Summary 
jada Time to Review 
oh ul = Study ie er 
Crystals esources and Suggested Readings 





4 Microorganisms 4 


Lea rning Outcomes After reading this chapter, the successful student will be able to: 





22-1 Define the key terms. 22-7 Summarize the procedures for reporting 


22-2 Explain why urine microscopic examination pro- formed elements in urine specimens. 


cedures are performed. 22-8 Describe how a medical assistant may be 
involved in the performance of a urine micro- 
scopic analysis. 


22-3 List the various formed elements identified in 
urine specimens. 

22-4 Describe the clinical significance of the formed 22-9 Detail what type of quality assurance and qual- 
elements in a urine specimen. ity control procedures are necessary to perform 


with urine microscopic analysis. 
22-5 Contrast the standard methods used to prepare a P ¥ 


urine specimen for microscopic analysis. 22-10 Prepare a urine specimen for microscopic 





22-6 Describe how to focus the urine sediment speci- Bree. 
men appropriately on the microscope for viewing. 
CAAHEP/ABHES STANDARDS 
my @ 
CAAHEP 2008 Standards SS” ABHES Standards 
1.P.1.14. Perform Urinalysis ¢ Medical Office Clinical Procedures: b. Apply princi- 
I,P.1.2. Practice Standard Precautions ples of aseptic techniques and infection control, i. Use 


standard precautions 
¢ Perform Urinalysis 


439 
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KEY TERMS 
Artifacts Hematuria Reflexive 
Casts Mucus Sediment 
Crystals Provider performed microscopy Spermatozoa 
Epithelial cell [PPM Supernatant 
Fungus Pie 


he final step in a complete urinalysis is the micro- 

scopic examination of the urine sediment. This 
procedure is performed to visualize and identify the 
formed elements that may be present. These micro- 
scopic structures may enter the urine while it is in the 
kidneys or as the urine passes through the lower 
urinary tract. The microscopic examination can detect 
infection, trauma, or damage to the urinary system, or 
provide information used to monitor certain disease 
states. In addition, some metabolic disorders may 
be detected because of the presence of pathological 
crystals in the urine specimen. Because the presence of 
the formed elements is not always clinically significant 
when they are present in small amounts, the micro- 
scopic examination provides quantitative information 
about the elements present in addition to the identifi- 
cation of the structures. 


REASONS FOR PERFORMING URINE 
MICROSCOPIC EXAMINATIONS 





The Clinical and Laboratory Standards Institute 
recommends the performance of a urine microscopic ex- 
amination whenever the chemical or physical testing is 
abnormal on the urine specimen. Because of this recom- 
mendation, some laboratories always perform urine mi- 
croscopic examinations when the chemical analysis or 
physical examination of the urine specimen is abnormal. 
This is known as reflexive testing. The decision for 
adding a urine microscopic examination may also be 
based on the appearance of the specimen; for example, if 
the specimen appears cloudy or bloody, then a micro- 
scopic examination may be added. In addition, the urine 
microscopic examination may be ordered by a health- 
care practitioner to screen for a disease process or to 
monitor the progress of treatment. For example, the 


practitioner may need quantitative information about 
the amount of bacteria present in a sample in order to 
prescribe appropriate medication, or it may be necessary 
to determine if certain types of crystals are present in the 
specimen for a definitive diagnosis. 





Test Your Knowledge 22-1 


Provide one reason that a urine microscopic examina- 
tion may be performed. (Outcome 22-2) 





COMMON FORMED ELEMENTS IN THE 
URINE AND THEIR CLINICAL SIGNIFICANCE 


The formed elements that may be present in a urine 
specimen include epithelial cells, mucus, blood cells, sper- 
matozoa, artifacts, casts, crystals, and various microorgan- 
isms. These structures are identified and the approximate 
amount present in the urine sediment is estimated and 
reported. Some of the structures are identified using 
the low-power objective on the microscope (10X), 
whereas others require the high-power objective (40X) for 
visualization. 

Many normal urine specimens contain a few formed 
elements. It is important to appropriately report the 
quantity observed, because the presence of very small 
amounts of some structures may have clinical signifi- 
cance. The reference ranges and clinical significance of 
each formed element vary, as explained in the following 
sections. 


Epithelial Cells 


A common cell identified in the urine specimen is an 
epithelial cell. These cells are constantly added to the 
urine as they are shed from the lining of the urinary 
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tract. There are three types of epithelial cells that may be 
present, and they are named according to the area where 
they originate within the urinary tract: 


° Squamous epithelial cells: These are the most common 
epithelial cells present in the urine. Their presence is 
not considered to be clinically significant, as the cells 
naturally slough off from the lining of the lower uri- 
nary tract in both males and females, and from the 
vagina in females. Squamous epithelial cells are large, 
flat, and irregular in shape, with a large nucleus and 
abundant cytoplasm. Their shape may be described as 
having a “fried egg” appearance. Squamous epithelial 
cells are often the first formed element that is visible 
when focusing the microscope. They are reported us- 
ing the low-power objective as rare, few, moderate, or 
many per low-power field. Usually there are at least 
a few squamous epithelial cells present in any urine 
sediment (Fig. 22-1). 

Transitional epithelial cells: These cells originate from 
the structures of the kidneys and the ureters, bladder, 
and upper urethra in males. They line the urinary tract 
in these locations, and their presence in small numbers 
in the urine is not considered abnormal. However, if 
the number of transitional epithelial cells is elevated, it 
may be indicative of a pathological condition such as 
a malignancy. Transitional epithelial cells may also ap- 
pear in increased numbers after urinary catheterization 
or other invasive urological procedures. These cells are 
identified using the high-power objective and reported 
as rare, few, moderate, or many per high-power field. 





Figure 22-1 Squamous epithelial cells in urine sediment. 
From Strasinger, SK, and Di Lorenzo, MS: Urinalysis and 
Body Fluids, ed. 5. FA Davis, Philadelphia, 2008, with 


permission. 
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A normal urine sample should not exhibit more than 
the rare transitional epithelial cell. 

Renal tubular epithelial cells: As the name implies, the 
renal tubular epithelial cells come from the renal 
tubules in the kidneys. The size and shape of the renal 
tubular epithelial cells differ, depending on the area 
of the tubules from which they originate. They 
are smaller than the other epithelial cells, and their 
appearance can vary from round to columnar. The 
presence of renal tubular epithelial cells in the urine 
specimen is clinically significant, as it may indicate 
conditions in which damage is occurring to the renal 
tubules. Examples include glomerulonephritis, viral 
infections, chronic or acute kidney disease, and other 
disease states that cause necrosis of the kidney tubules. 
Renal tubular epithelial cells are identified using the 
high-power objective, and reported as a number per 
high-power field. The presence of renal tubular epithe- 
lial cells in the urine sediment is always considered to 
be an abnormal result. 


Test Your Knowledge 22-2 


Is the presence of epithelial cells in a urine specimen 
always clinically significant? (Outcome 22-4) 








Mucus 


The presence of mucus in the urine specimen is very 
common. Mucus appears as thread-like strands made of 
protein. Figure 22-2 shows an example of mucus. The 
mucous membranes that line the lower urinary tract 
and the renal epithelial cells normally produce mucus. 
The strands may be difficult to visualize when the mi- 
croscopic light source is at its brightest; it is often nec- 
essary to reduce light intensity to see mucus clearly. 
Mucus is not indicative of a pathological condition in 
the body, and has no clinical significance. Large 
amounts of mucus in the specimen may produce a pos- 
itive protein result on the chemical urine analysis. Mu- 
cus is identified using the low-power objective, and is 
reported as rare, few, moderate, or many per low-power 
field. Normal urine specimens may include a moderate 
amount of mucus. 


Blood Cells 


Red blood cells and white blood cells are often identified 
as part of the urine microscopic examination. Their clin- 
ical significance varies with the number present and the 


type of blood cell visualized. 
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Figure 22-2 Threads of mucus; note the stringy appear- 
ance. From Strasinger, SK, and Di Lorenzo, MS: Urinalysis 
and Body Fluids, ed. 5. FA Davis, Philadelphia, 2008, with 


permission. 


Red blood cells: It is not uncommon to see one or two 
red blood cells when examining urine sediment with a 
high-power magnification. When the number of red 
blood cells is elevated, it is indicative of damage to the 
glomeruli of the kidney or trauma to the vessels sur- 
rounding the urinary tract. The presence of red blood 
cells in the urine is a called hematuria. The number 
of red blood cells present in the specimen is relative to 
the severity of the damage to the glomerulus or the 
vessels. Red blood cells may also be present in the 
urine specimen after strenuous exercise. 


Red blood cells may be difficult to identify when 
viewed in the urine specimen. They are colorless, 
smooth, and have no nucleus. Red blood cells appear as 
round biconcave disks that are difficult to distinguish 
from air bubbles, budding yeast, oil droplets, or artifacts 
in the specimen. The addition of stain to the specimen 
may aid in the identification and counting of the red 
blood cells. Figure 22-3 shows how red blood cells ap- 
pear in the urine. Red blood cells are identified using the 
high-power objective, and are reported as the number 


seen per high-power field. 
¢ White blood cells: A few white blood cells may be ev- 


ident in a normal clean-catch midstream urine speci- 
men when viewed under the microscope. Elevated 
numbers of white blood cells in the urine is called 
pyuria, which indicates infection or inflammation of 
the urinary tract. Prostatitis, pyelonephritis, and cysti- 
tis may cause elevated white blood cell counts in the 
urine specimen. Pyuria may also be present when 
there are tumors in the urinary tract, and other sys- 
temic inflammatory conditions. 





Figure 22-3 Red blood cells (erythrocytes) as they 
appear in urine sediment. From Strasinger, SK, and 
Di Lorenzo, MS: Urinalysis and Body Fluids, ed. 5. 
FA Davis, Philadelphia, 2008, with permission. 


It is easier to identify white blood cells in the urine spec- 
imen than it is to identify red blood cells. The white blood 
cells are larger, have a granular appearance, and contain a 
nucleus (Fig. 22-4). Most of those present in the urine spec- 
imen are neutrophils, although eosinophils or mononuclear 
cells may be elevated in certain situations. White blood cells 
are identified using the high-power objective and reported 
as the number visualized per high-power field. 


Spermatozoa 


Occasionally, spermatozoa may be present in urine 
specimens from both males and females after sexual 
intercourse. The spermatozoa will be identified by 
their distinctive shape, as they have an oval head that is 





Figure 22-4 White blood cells. Note the presence of the 
nucleus and the cytoplasmic granules. From Strasinger, 

SK, and Di Lorenzo, MS: Urinalysis and Body Fluids, ed. 5. 
FA Davis, Philadelphia, 2008, with permission. 
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POINT OF INTEREST 22-1 
Clue cells 


Ww 


Occasionally the urine microscopic report for a 
female patient may include the presence of clue cells. 
This term is used to describe vaginal epithelial cells 
that are coated with the Gardnerella vaginalis bac- 
terium. The clue cells are similar in appearance to the 
squamous epithelial cells, except that the clue cell 
borders are ill defined or completely obliterated with 
a coating of bacteria. The presence of these cells in 
the urine specimen may be indicative of an infection 
known as bacterial vaginosis, and they must be noted 
if viewed in the urine specimen. 

There are numerous types of bacteria present as 
normal flora in the vagina at all times. Bacterial vagi- 
nosis is the result of an overgrowth of G. vaginalis 
when the balance of normal flora is disrupted. The 
use of broad-spectrum antibiotics may destroy 
healthy bacteria and allow the G. vaginalis to increase 
in number. Douching, retained tampons, use of in- 
trauterine devices for contraception, and use of prod- 
ucts that contain nonoxynol-9 may also cause the 
bacterial balance to shift in the vaginal tissues. 

Bacterial vaginosis is the cause of 60% of vulvo- 
vaginal infections. It is important to diagnose and 
treat this condition promptly because it has been 
linked to an increased risk of pelvic inflammatory dis- 
ease (PID). Pelvic inflammatory disease is a serious 
condition that may lead to infertility as well as being 
a component of many other disease processes. 














somewhat teardrop shaped, and a long tail. Urine is toxic 
to spermatozoa, so it is unusual for these cells to exhibit 
the same amount of motility as they would in a semen 
specimen. The clinical significance of spermatozoa in a 
urine specimen is limited to situations of male infertility 
and retrograde ejaculation in which the sperm is released 
into the bladder instead of into the urethra. The pres- 
ence of spermatozoa should be reported in any situation, 
whether or not the clinical significance is clear. Elevated 
amounts of spermatozoa in the urine specimen may 
cause the urine dipstick to test positive for protein. The 
presence of spermatozoa is noted with the rest of the mi- 
croscopic examination results, but the manner in which 
is it reported is laboratory specific. 


Test Your Knowledge 22-3 


Is it possible to see spermatozoa in the urine of a female 
patient? (Outcome 22-3) 
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Artifacts 


Artifacts are contaminants that are visualized in the urine 
specimen. These may include fecal material, toilet paper, 
air bubbles, starch or powder, and clothing fibers. Artifacts 
are not usually reported as part of the urine microscopic 
examination, because they are not clinically significant. 
These structures are difficult to identify and may be con- 
fused with other formed elements in the urine specimen 
because of similarities in their shape and size. 


Casts 


The kidney tubules normally secrete a substance called 
the Tamm-Horsfall protein. This protein is not clini- 
cally significant unless certain conditions exist within 
the tubules that allow the Tamm-Horsfall protein to 
“gel” and form a protein-based mold of the tubule. 
Reduced urine flow, increased amounts of dissolved 
substances in the glomerular filtrate, and acidic urine 
conditions contribute to the formation of these casts. 
The casts assume the shape of the tubule or collecting 
duct in which they were formed. Any structures or sub- 
stances that were present within the tubule or collect- 
ing duct when the cast was formed are trapped within 
the cast. These trapped substances may include bacte- 
ria, cells, or diffuse granules. Eventually, the protein 
making up the cast breaks away from the lumen of the 
tubules and flushes out with the urine. These casts can 
then be identified in the urine sediment when viewed 
under the microscope. 

Casts are cylindrical because of the shape of the struc- 
ture in which they were originally formed in the 
nephron tubules. They are classified using the names of 
the trapped substances within the protein structures. To 
visualize casts, the intensity of the light source on the mi- 
croscope must be decreased, and the urine must be ex- 
amined with the low-power objective. The presence of a 
few hyaline casts in a urine specimen is not considered 
abnormal, but the presence of any other type of cast may 
indicate damage to the kidney tubules. Some common 
types of casts identified in the urine sediment include the 
following: 


¢ Hyaline casts: Clear, colorless, transparent. Hyaline 
casts may be difficult to see and to differentiate from 
threads of mucus. Figure 22-5 shows a hyaline cast. 
Strenuous exercise, heat exposure, or dehydration may 
cause an increased number of hyaline casts. Elevated 
numbers of hyaline casts may also be indicative of 
pyelonephritis, glomerulonephritis, or chronic renal 
disease. It is normal to see a few hyaline casts when 
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Figure 22-5 Hyaline cast. These casts are “hollow” and 
have no structures filling their core. From Strasinger, SK, 
and Di Lorenzo, MS: Urinalysis and Body Fluids, ed. 5. 
FA Davis, Philadelphia, 2008, with permission. 


examining the urine under low magnification. Hya- 
line casts are reported as the number visualized per 
low-power field. 

© Granular casts: Granular casts contain fine or coarse 
granules. These granules are disintegrated structures 
that were trapped in the renal tubule at the time that 
the cast was formed. Granular casts may be present in 
the urine sediment with stress or strenuous exercise, 
but they may also be evident with glomerulonephritis 
or pyelonephritis. Granular casts are identified using 
the low-power objective and reported as the number 
visualized per low-power field. 

° Cellular casts: Cellular casts contain renal epithelial 
cells, red blood cells, or white blood cells. Renal ep- 
ithelial cell casts are indicative of damage to the re- 
nal tubules and are not present in a normal urine 
specimen. Red blood cell casts may be seen after 
strenuous exercise, but their presence may also be 
indicative of bleeding within the nephron structure 
as in the case of glomerulonephritis. The red blood 
cell casts have a distinct orange-red color. White 
blood cell casts are present when there is inflamma- 
tion or infection within the nephron. There may 
also be bacteria present in a white blood cell cast. 
Pyelonephritis is often characterized by the presence 
of white blood cell casts in the urine sediment. Cel- 
lular casts are identified using the low-power objec- 
tive and are reported as the number visualized per 
low-power field. 

° Waxy casts: Waxy casts appear smooth with an irregu- 
lar outline. They are very refractive when examined 
with decreased light under low-power magnification. 
There are no trapped substances within the cast, but 


the outline is easier to see than that of a hyaline cast. 
Waxy casts are indicative of an extreme decrease in the 
urine flow through the tubules that accompanies re- 
nal failure, and are not present in a normal urine 
specimen. They are identified using the low-power 
objective and reported as the number visualized per 
low-power field. 


Crystals 


The presence of crystals in normal urine sediment is 
common. Although many types of crystals are consid- 
ered normal, it is important to report them when iden- 
tified because their presence in increased numbers may 
be clinically significant. Crystals are formed from the 
dissolved substances (especially salts) in the urine. The 
precipitation of these dissolved substances into crystals 
is affected by the pH of the urine, as well as reduced 
temperature and increased specific gravity. Urine that 
has been at room temperature or refrigerated for a pe- 
riod of time will often contain abundant crystals in the 
urine sediment. In addition, highly concentrated urine 
(urine with a high specific gravity) with many dissolved 
substances will crystallize readily. The pH of the urine 
specimen plays a valuable role when attempting to iden- 
tify crystals under the microscope, as certain types of 
crystals are evident in acidic urine, whereas others are 
present in alkaline urine. Various crystals can be seen 
in Figure 22-6. 

Normal crystals may be present in acidic or alkaline 
urine specimens. These include the following: 


e Amorphous (without a distinct shape) urates are pres- 
ent in acidic urine. The refrigeration of the specimen 
significantly contributes to the formation of amor- 
phous urates in the specimen. The urine sediment may 
appear pink, and the amorphous crystals will appear as 
yellow-brown diffuse granules throughout the speci- 
men when viewed under the microscope. Amorphous 
urate crystals may return to solution with the applica- 
tion of heat or addition of sodium hydroxide to the 
specimen. 

e Uric acid crystals are evident in acidic urine, and ap- 
pear with numerous shapes and a yellow-brown color. 
They may be present in increased numbers with 
leukemia when the patient is receiving chemotherapy, 
and occasionally in patients with gout. 

¢ Calcium oxalate crystals are occasionally found in 
acidic urine or, more commonly, in urine with a neu- 
tral pH. They are seldom found in alkaline urine. 
These crystals appear as “envelopes” and are very re- 
fractive when viewed under the microscope. 


Black Mother gives Birth to ] 


© Visit [1] Add to Collections «<’ Sha 
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Figure 22-6 Various crystals. A. Amorphous urates. B. Amorphous phosphates. C. Triple phosphate crystals. D. Calcium 
oxalate crystals. From Strasinger, SK, and Di Lorenzo, MS: Urinalysis and Body Fluids, ed. 5. FA Davis, Philadelphia, 2008, 


with permission. 


¢ Amorphous phosphates are present in alkaline urine. 


This crystallization is especially evident after refrigera- 
tion of the specimen. The amorphous phosphate 
crystals appear as diffuse granular particles that may 


obscure the other structures present in the sediment 
when viewed under the microscope. The urine speci- 
men may take on a white color if amorphous phos- 
phates are present. Amorphous phosphates dissolve 
with the addition of 10% acetic acid. 

¢ Triple phosphate crystals are present in neutral or 
alkaline urine. They are colorless, and very refractive 
when viewed under the microscope. They are often 
described as a “coffin lid,” shaped like a six-sided 


prism. Their presence is not clinically significant. 


The presence of other crystals considered abnormal in 
the urine sediment may be indicative of metabolic dis- 
eases. Use of certain drugs (such as sulfonamides or 
ampicillin) may also result in crystal formation. Urine 
specimens with alkaline or neutral pH values rarely con- 
tain abnormal crystals. Fortunately, the abnormal urine 





crystals all have very characteristic shapes that are easily 


recognizable. Crystals that are considered abnormal 
include the following: 


° Cystine crystals are present in patients with cystinuria, 
a metabolic disorder in which individuals are not able 
to reabsorb cystine in the renal tubules as a normal 
individual would. Cystine crystals are hexagonal. 
Cholesterol crystals are not usually visualized unless 
the urine specimen has been refrigerated. When they 
are present, they appear as flat rectangles with notches 
out of the corners of the structure. Their presence in- 
dicates a disorder that includes lipiduria (the presence 
of lipids in the urine), such as nephrotic syndrome. 
Tyrosine, leucine, and bilirubin crystals may be pres- 
ent in the urine of patients with liver disorders. Tyro- 
sine needles look like clumps of needles, whereas 
leucine crystals look like yellow-brown, oily spheres. 
Bilirubin crystals are also described as lumps of nee- 


dle structures, but they are yellow (like the color of 
bilirubin). 
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e Sulfonamide crystals have historically been present in 
urine sediment in patients undergoing sulfa drug 
treatment. However, the newer sulfonamide drugs are 
designed to be more soluble, which means that these 
crystals are rarely present now. If there are sulfonamide 
crystals present in the urine specimen, it may mean 
that the patient is not adequately hydrated. These 
crystals appear as bundles of needles or designs that 
resemble sheaves of wheat. 

e Ampicillin crystals may also be present in urine when 
patients receive very large doses of the medication 
without adequate hydration. They also appear as col- 
orless bundles of needles. 

¢ Hippuric acid is increased in the urine when xylene Figure 22-7 Bacteria as they appear in the urine sediment. 
and toluene are metabolized. Xylene and toluene From Strasinger, SK, and Di Lorenzo, MS: Urinalysis and 
are common industrial chemicals. Hippuric acid crys- Body Fluids, ed. 5. FA Davis, Philadelphia, 2008, with 





tals may be an indication of increased exposure to —— Permission. 


these chemicals, as in workplace exposure or in those 
who abuse chemicals, such as sniffing glue products. 


Microorganisms 


When viewed with a compound microscope, various mi- 
croorganisms may be visualized in the urine sediment. 
These include bacteria, fungi, and parasites. Smaller mi- 
croorganisms such as viruses are not visible in the urine 
sediment with this type of magnification. 


° Bacteria: \t is not uncommon to see a few bacteria in 
urine specimens that are collected using the clean-catch 
midstream method. (See Fig. 22-7.) The presence of 
bacteria is usually the result of external contamination, 
especially in women. These bacterial contaminants 
multiply quickly after the urine is collected, and may 
cause the nitrite on the reagent stick to test positive if 
the urine is allowed to sit for more than an hour. When 
present in elevated numbers, the presence of bacteria 
will cause the urine pH to become more alkaline. 
(A pH above 8 may indicate the presence of excess bac- 
terial contamination.) Bacteria must be visualized by 
using the high-power microscope objective because of 
their small size. The methods of reporting bacteria may 
vary among labs. Most commonly, bacteria is reported 
as few, moderate, or many, but a quantitative system 
of 1+, 2+, or 3+ may be used. Urinary tract infections 
may be caused by bacilli or cocci. When bacteria are 
present in the urine specimen in high numbers and 
white blood cells are evident, the urinalysis is generally 
followed up with a culture for positive identification of 
the bacteria and an antibiotic sensitivity. 

° Fungi: Candida albicans is the most common type 
of fungi (yeast) present in urine. Yeast is commonly 





present in the urine of diabetic patients or those who 
are immunocompromised. Women who have the vagi- 
nal infection candidiasis may also have yeast present in 
their urine specimen. Yeast may be difficult to differ- 
entiate microscopically from red blood cells, as their 
size and shape are similar. Advanced yeast infections 
may present with yeast that is “budding” from stocks 
or branches as it multiplies and matures. The presence 
of yeast is reported in the same way that the presence 
of bacteria is reported. 

Parasites: The most common parasite present in the 
urine specimen is Trichomonas vaginalis. This is a sex- 
ually transmitted pathogenic microorganism that 
causes vaginal inflammation in females. Infection in 
males is often asymptomatic. 7) vaginalis is often 
motile when viewed under the microscope in the urine 
sediment, and it may be recognized by the flagella that 
provides its movement. The motility of the organism 
is necessary for positive identification of the parasite. 
The presence of 7’ vaginalis is determined using the 
high-power objective and is reported as rare, few, 
moderate, or many per high-power field. 


Test Your Knowledge 22-4 


Which of the following microorganisms is not visualized 
in a urine sediment specimen using a compound 
microscope? 

a. Viruses 

b. Bacteria 

c. Fungi 

d. Parasites (Outcome 22-4) 





4 
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METHODS USED FOR URINE MICROSCOPIC 
EXAMINATION 





The urine microscopic examination is the part of the 
routine urinalysis that is the least standardized from 
one laboratory to another. Each site may vary in the 
way that the specimen is prepared, in how much urine 
is used for preparation of the sediment, or by the way 
that the specimen is visualized during the examina- 
tion. All procedures include the centrifugation of a 
specified volume of urine, separation of the super- 
natant (the fluid from the top of the specimen) from 
the sediment (the formed elements that have been 
compacted to the bottom of the tube), and examina- 
tion of the urine sediment under a microscope. The 
formed elements are then examined using the low- 
power and/or high-power outcomes, and the results 
are reported. 

The results of the microscopic examination may be 
affected by several factors. The age of the specimen and 
the conditions under which the specimen was stored can 
affect the integrity of the structures to be visualized. The 
volume of specimen centrifuged, the time of centrifuga- 
tion, and the force of the centrifugation will determine 
the amount of sediment produced for the microscopic 
examination. The results may also be affected by the 
amount of supernatant discarded and the amount of sed- 
iment added to the slide for examination. The manner in 
which the results are reported may also differ according 
to laboratory protocol. Because of these variables, the 
Clinical and Laboratory Standards Institute has recom- 
mended that the process for preparing and performing 
urine microscopic examinations be standardized with 
use of commercial systems that minimize the variables in 
the process. 

The KOVA system (manufactured by Hycor Bio- 
medical, Inc.) is an example of a commercial urinalysis 
microscopic kit that uses a special pipette to standard- 
ize the amount of sediment prepared, has specific in- 
structions concerning the rotations per minute and 
length of centrifugation to be used, and contains a spe- 
cial slide well used for examination of the sediment that 
dictates the amount of sediment used for the examina- 
tion. The KOVA system also includes a stain that en- 
hances the contrast of the formed elements to assist 
with identification. Procedure 22-1 details the use of 
the KOVA method for a microscopic examination. 
There are other commercial systems available, includ- 
ing the Urisystem manufactured by ThermoFisher 
Scientific and the Count-10 system manufactured by 
V-Tech, Incorporated. 
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Test Your Knowledge 22-5 


Why might the KOVA system be used to prepare a urine 
microscopic specimen for examination? 


(Outcome 22-5) 





Regardless of the system used to process the urine and 
set up the microscopic examination, it is imperative that 
a fresh or properly stored urine specimen is used. If the 
urine specimen is allowed to remain at room temperature 
for an extended period of time (more than an hour), it 
may affect the results of the urine microscopic examina- 
tion, in addition to the chemical analysis of the speicmen. 
The formed elements present in the specimen will 
disintegrate and become distorted in specimens that are 
stored at room temperature for an extended period. The 
red blood cells, white blood cells, and hyaline casts are 
most affected. Specimens that are not analyzed within 
an hour may also exhibit an increase in bacterial growth, 
accompanied by an increase in pH. 

Urine that is refrigerated prior to the performance of a 
microscopic examination will need to reach room tem- 
perature before the procedure is performed. If the urine is 
still very cold at the time of the examination, the precip- 
itation of crystals will be visualized when viewed under 
the microscope. The presence of amorphous phosphates 
and amorphous urates in the refrigerated urine may 
obscure other clinically significant structures present in 
the specimen. 

Medical assistants are often involved in the prepara- 
tion of the urine sediment for the microscopic examina- 
tion. In addition, the medical assistant may be asked to 
place the slide on the microscope stage and focus it ap- 
propriately so that the health-care provider (or another 
qualified laboratory professional) may perform the ex- 
amination. To accomplish this, it is important that the 
medical assistant learn how to focus the microscope so 
that the formed elements are visible. Procedure 22-2 
outlines the important concepts necessary to accom- 


plish this task. 


REPORTING URINE MICROSCOPIC RESULTS 


As the various formed elements have been presented in 
this chapter, the reference ranges have been presented as 
well. It is important to remember that many normal 
urine specimens will include very few formed elements. 
If there are structures present in the urine sediment, 
it is important to report them in a way that is easy to 
interpret. The exact ranges and terminology used for 
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Procedure 22-1: Preparation of Urine Sediment for Microscopic 
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TASK 


Prepare a slide for urine microscopic examination using 


the KOVA system. Complete all steps within 15 minutes. 
CONDITIONS 


¢ Hand sanitization supplies 

¢ Gloves 

Laboratory coat 

Face Shield 

Conical tube 

Freshly voided urine specimen 

KOVA System supplies, including tube cap, KOVA 
pipette, slide, and stain 

Centrifuge 

Test tube rack 


¢ Microscope 
¢ Biohazardous disposal container 


CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 


I.P.1.14. Perform Urinalysis 
Precautions 


IN,P.II.2. Practice Standard 


eS 
@ ABHES Standards 


¢ Medical Office Clinical Procedures: b. Apply princi- 
ples of aseptic techniques and infection control, 
i. Use standard precautions 

¢ Perform Urinalysis 





Procedure 


1. Sanitize hands, allow them to dry, and apply gloves. 


2. Gather necessary supplies. Urine must be at room 
temperature prior to use. 


3. Apply face shield and mix urine well by gently 
rotating the specimen cup or inverting the cup if 
necessary. Pour 12 mL of the specimen into the 
KOVA conical tube. 


4, Apply the supplied cap to the tube, and centrifuge 
the specimen at 1,500 revolutions per minute for 
5 minutes. 


5. When the centrifuge has come to a complete stop, 
remove the conical tube carefully. 


6. Remove the cap and carefully insert the “petter” 
pipette included with the system into the urine 
specimen. Make sure the hook at the top of the 
pipette is settled into place over the edge of the 
conical tube. 





Rationale 


Gloves protect the hands from exposure to potential 
bloodborne pathogens. Gloves should always be 
applied in the presence of the patient. 


All supplies must be within reach so that the process 
can be completed in a timely manner. The urine 
must be at room temperature to avoid excess crystal- 
lization of the specimen. 


The application of the face shield protects the eyes and 
mucous membranes from potential splash and aerosol 
of the specimen. The urine must be well mixed for the 
results to be accurate, and the KOVA system instruc- 
tions require 12 mL of urine to be added to the tube. 


Centrifugation is necessary for the solid substances in the 
specimen to settle to the bottom of the tube so that 
they can be separated from the liquid at the top of the 
tube. The protective face shield can be removed at this 
time until the specimen is taken from the centrifuge, 
at which point it should be put on again. 


Take care not to disturb the sediment in the bottom of 
the tube when handling the specimen. 


The KOVA pipette is designed with a special hook 
device at the top of the apparatus. When the 
“petter” pipette is inserted correctly into the speci- 
men, the hook will be firmly seated over the side of 
the conical tube. 
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Procedure 


7. With the pipette in place, carefully pour off the 
supernatant by inverting the tube over the sink to 
allow the liquid to pour out of the tube. 


8. Remove the pipette from the tube, but do not dis- 
card it at this time. Insert one drop of KOVA stain 
into the conical urine tube. 


9. Reinsert the pipette into the tube and mix the 
stain with the sediment by application of gentle 
pressure on the bulb at the top of the pipette. 
Squeeze and release the bulb until the specimen is 
uniformly mixed. 





Rationale 


The KOVA pipette is specially designed with a bulb at 
the bottom of the pipette that holds the urine sedi- 
ment in place as the supernatant is poured out of the 
tube. Approximately 1 mL of sediment is left in the 
bottom of the tube. 





Courtesy of Fisher HealthCare, Inc. 


Only one drop of stain should be added so that the sed- 
iment is not diluted. 


The stain and the sediment must be thoroughly mixed, 
but excessive formation of air bubbles should be 
avoided. 





Continued 
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Procedure 22-1: Preparation of Urine Sediment for Microscopic 
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Procedure 


10. Use the pipette to add a drop of the stained sed- 
iment to the KOVA slide. The slide is created 
with an opening at the top where the sediment 
can be added. The slide must not be overfilled or 
underfilled. At this point in the procedure, the 
protective face shield can be removed. Discard 
the pipette into the biohazardous disposal 
container. 


11. Allow the specimen in the slide to settle for at least 
1 minute before proceeding to the microscopic 
examination. 


12. Complete the procedure necessary to focus the 


slide under the microscope. 


Procedure 22-2: Focusing the Urine 





Rationale 


If the slide is overfilled or underfilled, the results of the 
microscopic examination may be erroneous. When 
filling the slide, avoid the formation of air bubbles 
as much as possible. 





Courtesy of Fisher HealthCare, Inc. 


Focusing on the specimen too soon will make it diffi- 
cult to identify or quantitate the formed elements 
correctly. 


The medical assistant may be involved in the focusing 
of the specimen, although he or she will not be per- 
forming the actual microscopic examination. 


Sediment Under the Microscope 





TASK 


Focus the urine sediment under the microscope to pre- 
pare it for identification and quantitation of formed 
elements. The process should be completed in less than 
5 minutes. 





CONDITIONS 


¢ Hand sanitization supplies 
¢ Gloves 
¢ Laboratory coat 


KOVA slide with stained sediment added 
¢ Biohazardous disposal container 
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CAAHEP/ABHES STANDARDS 


CM 
CAAHEP Standards 


I.P.1.14. Perform Urinalysis IIP.IIl.2. Practice Standard 
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a 
Me. 


‘“S” ABHES Standards 
° Medical Office Clinical Procedures: b. Apply princi- 








Precautions ples of aseptic techniques and infection control, 
i. Use standard precautions 
¢ Perform Urinalysis 
Procedure Rationale 


1. Sanitize hands, allow them to dry, and apply gloves. 


2. Move the mechanical stage all the way down, away 
from the microscope outcomes. Place the filled 
KOVA slide on the mechanical stage of the micro- 
scope. Use the clips on the stage to stabilize 


the slide. 


3. Move the 10X outcome into place for viewing. Min- 
imize the light by using the adjustment knob at the 
base of the microscope and/or by closing the aperture 
opening where the light comes through to the slide. 


4, Use the coarse adjustment knob to bring the stage 
as close as possible to the outcomes. 


5. Look through the eyepieces, and use the coarse and 
fine adjustment knobs as needed to bring the spec- 
imen into focus. If necessary, move the slide across 
the stage to find a formed element to use as refer- 
ence while focusing. Squamous epithelial cells are 
often present and easily identifiable. 


6. Inform the health-care practitioner or technologist 
that the slide is ready to be viewed. The microscopic 
examination should be completed within 5 minutes 
of the initial focus so that the specimen does not 
become dried out on the slide. 


7. When the procedure is completed, discard the slide 
in the biohazardous disposal container, discard the 
tube with the rest of the stained sediment in the 
biohazardous waste container, disinfect the work 
site and microscope as needed, and remove gloves. 
Sanitize hands. 


Gloves protect the hands from exposure to potential 
bloodborne pathogens. Gloves should always be 
applied in the presence of the patient. 


The stage is moved away from the outcomes so that 
there is room to place the slide on the stage. All 
microscopic specimens are placed on the stage for 
examination. The clips allow the slides to be moved 
as needed for examination. 


Reduction of the light using the low-power outcome 
allows for better focus on the formed elements in 
the specimen. 


This will bring the slide into approximate focus when 
viewed through the eyepieces. 


Some specimens have very few formed elements; there- 
fore, it may be necessary to scan several fields before 
a point of reference may be identified. 


If the specimen dries out, it could lead to erroneous 
results because the concentration of formed ele- 
ments on the slide can change with evaporation, and 
the appearance of the elements may change. 


It is important to disinfect work areas and appropri- 
ately dispose of all laboratory specimens for 
infection control. 
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reporting may vary among laboratories. The differences 
in reporting methods may be the result of the system 
used for the examination (for instance, the commercial 
systems may have a grid that is used for counting and 
reporting the elements), or the differences may be the 
result of laboratory preference. Certain structures are 
reported as the number present per low-power field, 
whereas others report the number per high-power field. 
In addition, some of the formed elements are quantita- 
tively reported as rare, few, moderate, and many, whereas 
others are reported using real numbers, such as 0 to 5, 5 
to 10, and so on. Table 22-1 lists common formed 
elements and the units used for reporting. 





Test Your Knowledge 22-6 


True or False: All normal urine specimens contain a high 
number of formed elements. (Outcome 22-7) 





ROLE OF THE MEDICAL ASSISTANT IN 
MICROSCOPIC URINE PROCEDURES 





The examination of urine sediment is not a CLIA- 
waived procedure. Medical assistants who perform this 
procedure in a physician office or other laboratory set- 
ting must possess the appropriate training and education 
to perform this moderately complex procedure. Urine 
microscopy examination may also be performed by the 
health-care provider in a physician office laboratory, as 
long as that laboratory has been registered appropriately 
with the Centers for Medicare & Medicaid Services as a 
site that is performing provider performed microscopy 


(PPM). As part of the PPM process, the medical assis- 
tant will centrifuge the urine sample with added stain if 
necessary, place the sediment on the slide, and focus the 
specimen to prepare for the provider’s microscopic exam- 
ination. The medical assistant may also perform routine 
maintenance on the microscope. 





Test Your Knowledge 22-7 


List one duty that a medical assistant might perform 
in reference to the urine microscopic examination. 


(Outcome 22-8) 





QUALITY CONTROL AND QUALITY 
ASSURANCE PROCEDURES FOR URINE 
MICROSCOPIC EXAMINATIONS 





Quality assurance is a broad term used to describe the 
policies and procedures that ensure quality laboratory 
processes and patient care. For urine microscopic exam- 
inations, these parameters include the following compo- 
nents of the preanalytical phase of laboratory testing: 


Providing appropriate patient instructions for the 
collection of the specimen 

Ensuring adequate specimen volume 

Storing specimens correctly 

Using clean supplies 

Calibrating the centrifuge used to spin the specimen 
Separating the urine supernatant correctly 

Setting up the urine sediment correctly on the slide 
with the appropriate volume 

Focusing the specimen correctly in preparation for 
examination by a qualified laboratory professional 


TABLE 22-1 


Common formed elements and method of reporting 
Common Formed Elements Units Used for Reporting 


Squamous epithelial cells 


Rare, few, moderate, or many report per low-power field (Ipf) 





Mucus 
low-power field (Ipf) 


Not reported by all laboratories; if reported, use rare, few, moderate, or many per 





Red blood cells 


Average number visualized after counting 10 high-power fields (hpf). Reported as # per hpf 





White blood cells 


Average number visualized after counting 10 high-power fields. Reported as # per hpf 




















Spermatozoa May or may not be reported according to laboratory protocol 

Casts Average number visualized after counting 10 low-power fields (Ipf). Reported as # per Ipf 
Crystals Reporting methods vary; usually rare, few, moderate, or many per high-power field 
Bacteria Rare, few, moderate, or many per high-power field 

Yeast Rare, few, moderate, or many per high-power field 
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Quality control refers more specifically to policies and 
procedures directly relating to the testing process. For 
urine microscopy, most medical assistants will not di- 
rectly perform the microscopic quality control proce- 
dures because they are not qualified to perform examina- 
tion of urine sediment under the microscope. However, 
it is important for medical assistants to know that they 
are still part of the quality control process. The medical 
assistant needs to verify that all reagents (such as stains) 
to be used are not expired. The instructions for use of 
commercial systems must be followed carefully to 
achieve desired results. Appropriate maintenance of the 
microscope is also part of quality control, because it is 
used directly in the testing process. 

Medical assistants who have been properly trained to 
perform the urine microscopic examination may be re- 
sponsible for quality control procedures that verify 
their ability to identify and quantitate the formed ele- 
ments in the urine specimen correctly. These quality 
control procedures may include examination of com- 
mercially prepared specimens that contain known 
quantities of various formed elements. The laboratory 
will also participate in proficiency testing procedures in 
which results from standardized specimens are com- 
pared to those of other laboratories across the country 
to test for competency. 








SUMMARY 


The microscopic examination of urine specimens 
provides valuable information to health-care profes- 
sionals. As the third part of a complete urinalysis, 
the knowledge gained from urine microscopy en- 
hances the results obtained from the macroscopic 
and chemical examination of the specimen. The 
presence of formed elements in the urine such as 
blood cells, epithelial cells, crystals, and microor- 
ganisms provides valuable information to assist in a 
diagnosis of urinary tract infections, kidney disease 
or trauma, or metabolic disorders. The standardiza- 
tion of the specimen processing and microscopic 
examination procedure allows for more reliability in 
the results. To perform a urine microscopic exami- 
nation, medical assistants would need appropriate 
education and training to meet the requirements 
for performance of a CLIA moderately complex 
procedure. However, medical assistants who have 
not received this additional training may still be 
responsible for preparing a specimen and focusing 
it under the microscope for reading by a qualified 
individual. 
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TIME TO REVIEW 


1. The presence of white blood cells Outcome 22-1 


in a urine specimen is called: 


a. Pyuria 

b. Hematuria 

c. Hemoglobinuria 
d. Cysturia 


2. List two types of formed elements that Outcome 22-3 
may be identified in a urine microscopic examination. 


3. Which of the following may be Outcome 22-4 
clinically significant if reported as part of a urine 
microscopic examination? 


a. The presence of a rare white blood cell 

b. Many bacteria 

c. The presence of a rare hyaline cast 

d. The presence of a rare squamous epithelial cell 


4. Provide the name of one commercial Outcome 22-5 
system used to prepare urine specimens for microscopic 
examinations. 


5. When focusing the urine sediment Outcome 22-6 
under the microscope, which microscope objective is 
used initially to bring the speciment into approximate 
focus? 


a. 10X 
b. 40X 
c. 100X 


d. None of the above 


6. True or False: The presence of red Outcome 22-7 
blood cells is reported as few, moderate, or many 
per Ipf. 


7. Which of the following represents Outcome 22-8 
a typical task performed by a medical assistant in 
preparing for a urine microscopic examination? 


a. Counting the number of white blood cells present 
in 10 fields using the high-power objective 

b. Identifying the types of crystals present in the 
specimen 

c. Centrifuging the urine specimen 

d. Processing quality control specimens to verify 
competency with the procedure 


8. True or False: Medical assistants are Outcome 22-9 
not responsible for any quality control procedures 
pertaining to the urine microscopic examination. 
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9. How much supernatant is usually left Outcome 22-10 
in the tube with the sediment when preparing the Case Study 22-2: Normal results? 


sediment to be placed on a slide for viewing? ; : : 
P eee A patient drops off a urine specimen that was collected 


a. 5 mL at home to the laboratory. The time of collection noted 
b. 3 mL on the requisition form was several hours before the 
c. OmL specimen was delivered to the laboratory. The medical 
d. 1 mL or less assistant who is working in the laboratory performed a 


chemical analysis of the specimen, and notes that the 


pH of the specimen is 8, and that the nitrite result test 
produces a positive result. 


Case Study 22-1: When is a specimen too cold? 


1. In this scenario, what are the three details that 
provide a possible explanation for the test results 
obtained? 

. Should this specimen be used for a complete 
urinalysis? 


Cassie Mason is a medical assistant working in a physi- 

cian office laboratory at which urinalysis tests are per- 

formed. Cassie completed all the initial urinalysis test 

procedures before leaving for lunch. This included no- 

tation of the color and appearance of each specimen, 

as well as the chemical dipstick testing. She cleaned 

her work area, put all the specimens in the refrigerator, RESOURCES AND SUGGESTED READING 

and left the results for the health-care practitioner to 

review before lunchtime. University of lowa Carver College of Medicine, practice tests 
When she returned from lunch an hour later, there for the Urine Microscopic Examination 

was a note from the practitioner asking her to set up Presentation with questions and answers about the urine 

urine microscopic slides for two of the urine specimens microscopic examination process http://www.medicine. 

for the practitioner to examine later that afternoon uiowa.edu/cme/clia/modules.asp?testID=20 

between appointments. About an hour later, Cassie “Origin and composition of renal casts” 

removed the urine specimens from the refrigerator, cen- Explains the origin and composition of the various types 

trifuged them, and immediately set up the slides and of renal casts http://www.agora.crosemont.gqc.ca/ 

focused them on the microscope. Immediately thereafter, urinesediments/doceng/doc_016.html 

the practitioner came into the laboratory area and 

looked at the slide of the first specimen. After a cursory 

glance, she asked Cassie whether this specimen had 

been refrigerated. When Cassie acknowledged that it 

had, she told Cassie that she needed to pour another 

specimen, allow it fo sit for at least a half an hour, then 

recentrifuge, and set up the slide again for viewing. 





1. What did the practitioner see in the specimen that 
made her ask about the refrigeration? 

2. How will it help to have the specimen sit at room 
temperature for a period of time before setting up 
another slide to be viewed? 





SUBSCRIBE 


 ) Ee ; cc ie <n ll 
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Section V 
Urinalysis 
What Does It All Mean? 





The typical urinalysis test consists of three compo- 
nents: physical examination, chemical examination, 
and microscopic examination. In many settings only 
the physical examination and chemical examination 
are routinely performed. A microscopic examination 
is only performed when the physical and/or chemi- 
cal examination results suggest the presence of 
formed elements. Some situations in which a micro- 
scopic examination is typically indicated include the 
following: 


¢ A sample that is cloudy or turbid 

¢ A sample that is red in color 

e A sample that has a large top layer of white or 
yellow foam 

e A sample that has more than trace amounts of 
protein 


It is important to correlate the results obtained in 
each of the urinalysis components performed. For ex- 
ample, one would expect to detect red blood cells on 
the dipstick test of a sample noted as being red dur- 
ing physical examination. 


Case in Point 


Recall Johnny, whom we met at the beginning of this 
section. He is an active 3-year-old who loves to play 


in the garage. He was rushed to his doctor's office 
after drinking antifreeze. 

Examination of his urinalysis physical examination 
results reveals that both the color and clarity of 
Johnny's sample are abnormal. The fact that his urine 
is cloudy suggests that formed elements are present 
and indicate that a microscopic examination should 
be performed. The most important chemical exami- 
nation result in this case is protein. Any amount more 
than a trace is considered abnormal and indicates 
the need to perform a microscopic examination. 

These results are most likely the result of Johnny's 
ingestion of antifreeze, which is toxic to the kidneys. 
The kidneys typically respond to such substances by 
ceasing to produce urine. This stagnate state pro- 
vides a perfect environment for the development of 
formed elements known as casts. Casts are cigar- 
shaped structures that contain a core matrix of a 
protein known as Tamm-Horsfall. Although this is a 
different protein from that which the corresponding 
dipstick test is designed to detect, presence of 
abnormal amounts of protein suggest that casts 
may be present. The best next course of action 
in this case is to perform a microscopic examina- 
tion on Johnny’s urine looking for formed elements, 
particularly casts. 


455 


1899_Ch23_456-472 22/12/11 12:28 PM Page 456 





On the Horizon 


Advances in our understanding of how the body’s im- 
mune system works have exploded in recent years. 
From this work, important discoveries have emerged. 
One such example is the fact that we now know that 
diabetes mellitus is associated with the immune sys- 
tem! No one would have even suspected this just a few 
short years ago. As a result of discoveries such as this, 
immunology has truly become a laboratory discipline 
within itself. Likewise, laboratory testing in this area, 
also known as immunology, has improved and ex- 
panded. In fact, there is much crossover of laboratory 
disciplines associated with immunology tests. Some 
laboratories have a section dedicated to performing 


Four-year-old PJ. presented to the pediatrician’s 
office where you work accompanied by his very 
worried father. In your initial conversation with P.J.’s 
father you learn that little PJ. had been battling a 
fever and sore throat for more than a week and was 
not showing any signs of improvement. Upon exam- 
ination of the patient, the physician noted that the 
child had numerous yellow “spots” on the tonsillar 
area of his throat. “No wonder this little guy is so 
uncomfortable,” you thought to yourself. The doctor 
ordered a strep screen test and requested that you 
perform the test. You obtain the following results: 
Rapid strip screen—Negative. 





immunology tests. In other settings, immunologic test- 
ing is performed throughout the laboratory. 


Relevance for the Medical Assistant 
(Health-Care Provider) 


As with so many other aspects of laboratory testing, 
medical assistants and other health-care support per- 
sonnel often participate in immunologic testing by 
being involved in corresponding sample collection 
and processing. Furthermore, medical assistants of- 
ten perform select CLIA-waived immunologic tests 
along with appropriate quality control. Medical 
assistants are also responsible for completing the 
documentation associated with this testing. 





Questions for Consideration: 

e What is the specimen type of choice for strep screen 
testing? 

¢ What is the proper collection protocol for this specimen? 

¢ What is the strep screen test designed to detect? 

e¢ What accounts for the negative strep screen results 
obtained? 

¢ What could be done at this juncture to help deter- 
mine the microbiological agent responsible for PJ’s 
infection? 
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Chapter 23: Immunology provides the reader with a basic understanding of the im- 
mune system. Immunologic principles as they relate to blood typing and hemolytic 
disease of the newborn are covered. An introduction and overview of common 
immunology and serology test methods are presented. 





Chapter 24: Immunologic-Based Rapid Testing includes a description of the common 
rapid tests that are routinely performed, including strep screen, infectious mononv- 
cleosis testing, pregnancy testing, Helicobacter pylori testing, and testing for influen- 
zas A and B and HIV. The nature of each condition associated with these tests is 
examined. Appropriate follow-up testing is briefly discussed when indicated. Proper 
® technique, normal test reference range, quality control, sources of error and ® 
interference, and test interpretation are described. 
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CHAPTER OUTLINE 


Immunity and Immunology 

The Immune Process 
The First Line of Defense: Nonspecific Mechanical 
and Chemical Barriers 
The Second Line of Defense: Internal Nonspecific 
Response 
The Third Line of Defense: Acquired or Adaptive 
Immunity 

How Immunity Is Acquired 

Failure of Our Immune Systems 

Blood Types 


Erythroblastosis Fetalis 

Immunology Testing Methods 

Common Serology Tests Performed in Reference 
or Hospital Laboratories 

CLIA—Waived Tests Commonly Performed in the 
Physician Office Laboratory 

Summary 

Time to Review 

Case Study 

Resources and Suggested Readings 





Learning Outcomes 


After reading this chapter, the successful student will be able to: 





23-1 
23-2 


Define the key terms. 


Explain how serology and immunology are related 
to immunity. 

23-3 Describe the mechanical barriers used by the 
immune system. 

23-4 Explain how the internal defenses at the site of an 
invasion by foreign substances function. 

23-5 Summarize how acquired immunity is activated 
in the body. 

23-6 Distinguish what happens when the immune 
process malfunctions. 

23-7 Examine how vaccinations activate the immune 
system. 


23-8 


23-9 


23-10 


23-11 


Demonstrate understanding of the basic ABO 
and Rh blood typing systems and the role they 
play in hemolytic disease of the newborn. 


Describe various immunology testing methods 
and common serology tests performed in hospital 
and reference laboratories. 


Explain why some serology tests might be per- 
formed in physician offices rather than in refer- 
ence laboratories. 


Explain the clinical significance of the common 
CLIA-waived serology tests performed in physi- 
cian offices. 
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CAAHEP/ABHES STANDARDS 


CM 
CAAHEP Standards 


1.C.5. Describe the normal function of each body system 
1.C.6: Identify common pathology related to each body 
system 

lll.C.10: Identify disease processes that are indications for 
CLIA-waived tests 


E>. 
“SS” ABHES Standards 


° Identify and apply the knowledge of all body systems; 
their structure and functions; and their common dis- 
eases, symptoms, and etiologies 





KEY TERMS 
Agglutination Globulin Macrophage 
Allergy Hemolytic disease of the newborn Mucous membranes 
Antibody (HDN) Natural killer (NK) cells 
Antibody-mediated immunity Peli Normal flora 
Antigen rae Pathogens 
Autoimmune disease Immunoglobulins Phagocytes 
B cells Immunology Phagocytosis 
Cell-mediated immunity Infection Pus 
Chemotaxis Inflammation RhoGam 
Cilia Interferons RIA 
Complement In vitro Serology 
ELISA or EIA testing Bie T cells 
Erythroblastosis fetalis Lateral flow immunoassay Vaccine 


Gammaglobulins lysozyme 


IMMUNITY AND IMMUNOLOGY 





Our bodies are constantly under attack by an army of 
microorganisms, toxins, allergens and other substances 
that are recognized as foreign or “nonself.” Luckily, our 
defenses are usually able to protect us from this ongoing 
attack. The recognition and destruction of these foreign 
substances by our bodies are known as immunity, and 
the study of this process is called immunology. 
Immunity includes numerous protective mechanisms 
within our bodies. In order for these systems to function 
properly, we must be able to detect what is “self” and 
what is “nonself.” When a foreign (or nonself) invader is 


detected, the immune process is activated. A foreign sub- 
stance capable of initiating an immune response is called 
an antigen. The antigen may be a microorganism (such 
as bacteria or viruses), an allergen (such as pollen or 
dander), a foreign body (such as a sliver), or even a can- 
cerous cell from within the body. 

Antibodies are substances that the body produces in 
response to certain antigens. The antibody is designed to 
attach to, or bond with, the specific antigen targeted. 
Antibodies are made of a type of protein called globulin, 
and because they are part of the immune process, they 
are known as immunoglobulins. The job of im- 
munoglobulins is complex, and includes attachment to 
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and destruction of the invader, as well as remembering 
the unique identity of the antigen so that if this invader 
comes into the body again, the body is ready to attack 
and destroy much faster than it was at the first exposure. 
Antibodies seek out and irreversibly bind to their specific 
antigen, rendering it ineffective. 

A great deal of research has been performed on the 
immune responses of our bodies. We are now able to test 
for specific antibodies and antigens in the laboratory, us- 
ing blood and other body fluids. This area of the labora- 
tory may be known as the Immunology Department, 
but more commonly it is referred to as the Serology 
Department. Serology is the study of antigen and anti- 
body reactions in serum, and may include methods such 
as radioactive laboratory testing, agglutination reactions, 
or simplistic tests such as those used to detect pregnancy. 





( Test Your Knowledge 23-1 


How are antigens and antibodies related to immunity? 
(Outcome 23-2) 


XS 4 








( Test Your Knowledge 23-2 
Which department in the laboratory provides testing 
methods to monitor the immune system? 








(Outcome 23-2) 





THE IMMUNE PROCESS 





If you've ever watched a movie about the Revolutionary 
War or Civil War, it is difficult to see the soldiers march 
forward on the battlefield in straight lines again and 
again to meet their enemies. Eventually, with a great 
deal of effort and substantial losses, this method of combat 


First line of defense 
Mechanical barriers 
Chemicals 
Normal flora 
Protective reflexes 


Figure 23-1 Flow chart showing the different 
kinds of immune responses and their triggers. 
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might affect the outcome of the encounter. On the other 
hand, the battles won with a minimal number of casual- 
ties were those that employed multiple strategies, or lines 
of defense. 

We wage a similar battle in our bodies every day. 
The sheer number of foreign substances we encounter 
is overwhelming. We need more than one line of de- 
fense to defeat the invaders with minimal harm to our- 
selves. A healthy immune system makes use of three 
basic defense mechanisms (Fig. 23-1). These include 
mechanical and chemical barriers, internal defenses at 
the site of the invasion, and acquired or adaptive im- 
munity created by the body in response to a specific 
antigen. The first two lines of defense are nonspecific, 
and function in a similar manner with any invader 
they encounter. These nonspecific mechanisms are 
protecting us all from birth or very soon afterward. 
The third defensive mechanism, however, is very spe- 
cific and is something that we develop throughout 
our lives. 


The First Line of Defense: Nonspecific 
Mechanical and Chemical Barriers 


The first line of defense used by our immune system in- 
cludes mechanical barriers, chemicals, organisms that are 
always present in our bodies, and protective reflexes. The 
goal of these mechanisms is to keep the invaders out of 
our bodies or prevent them from surviving long enough 
to cause any further harm. 

Intact skin and the mucous membranes of our bod- 
ies are extremely important because they form a physical 
or mechanical barrier to many pathogens and other types 
of invaders. Their secretions also play an important role, 
by adjusting the pH to deter growth of most pathogens, 
and by trapping other invaders in a sticky environment 
where they can be destroyed or immobilized. The cilia 


Antigens 
Pollen 
Foreign objects 
Bacteria 
Cancerous cells 
Viruses 


Third line of defense 
T cells 
B cells 


Second line of defense 
Inflammation 
White blood cells 
Fever 
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lining the mucous membranes constantly work to sweep 
out any trapped substances. Reflexes, such as sneezing or 
coughing, then move these potential pathogens out of 
the body. The acidic environment in our stomach and 
the enzymes in saliva also assist with this first line of de- 
fense. Earwax protects our ears, perspiration helps to 
flush away unwanted bacteria, and an enzyme in tears 
called lysozyme destroys many potential invaders. 

In addition to the protective mechanisms already 
mentioned, our bodies are populated naturally by nu- 
merous types of bacteria. Although this might seem to be 
a bad thing, it is actually quite beneficial to our immune 
system. The presence of this normal flora creates a com- 
petitive environment in which most invading bacteria 
cannot survive. We have normal flora throughout our 
bodies, including in and on our skin, in our mouths, and 
in our intestinal tract. 





( Test Your Knowledge 23-3 
How does a break in the skin trigger the first line of 
defense to respond? (Outcome 23-3) 


XQ 4 








~ 


( Test Your Knowledge 23-4 


Are sneezes a good thing? Why or why not? 
(Outcome 23-3) 


y y 











The Second Line of Defense: Internal 
Nonspecific Response 


If a foreign substance makes its way past the first line of 
immune defenses, it will be confronted with a wave of 
new defense mechanisms within the body. These are all 
part of the internal nonspecific response, also known as 
the second line of defense. Included in this arsenal are 
phagocytosis, inflammation, fever, and natural killer 
cells. This second line of defense is also known as natu- 
ral or innate immune response. 

When cells are injured, they release a chemical into 
the bloodstream that signals the second line of defense 
to activate. This signaling is called chemotaxis, and it 
attracts certain types of white blood cells to the scene of 
the invasion to act as phagocytes. The white blood cells 
(neutrophils and monocytes) are specially programmed 
to ingest and destroy the invaders. This process is called 
phagocytosis. 

When a foreign substance has entered the body, we 
often observe the surrounding area become red, hot, and 
swollen. The internal process that causes this appearance 


is called inflammation, and if it is caused by a pathogen, 
it may be known as infection. Inflammation occurs as a 
result of injury to or irritation of a cell. When the cells 
become irritated or injured, they release histamine. The 
histamine causes the blood vessels in the area to dilate, or 
become larger. The blood flow increases to the irritated 
area, and this causes the heat and redness we see and feel. 
Histamine also causes the blood vessel walls to become 
“leaky,” so more fluid leaks out of the bloodstream into 
the surrounding injured area, causing swelling. Pain is 
evident because the surrounding nerve receptors are 
stimulated by all the activity. 

As the blood supply is increased, more phagocytes are 
brought to the area. While doing their job, these cells 
create a lot of debris. The built-up dead phagocytes, 
fluid, pathogens, and injured blood cells that accumulate 
are what we recognize as pus. 

The next symptom we often note in a pathogenic in- 
vasion is fever, which occurs because the phagocytes that 
respond to the scene of the injury release a chemical that 
signals the brain to increase the body’s temperature. The 
elevation in temperature helps the second line of defense 
by decreasing the ability of many pathogens to survive, 
as well as stimulating even more phagocytosis. 

As if all the other activity weren't enough, protec- 
tive proteins also assist at the scene of the invasion. 
There are two groups of protective proteins, known as 
interferons and complement proteins. Interferons are 
secreted by cells that have been infected by viruses, 
and they help other cells resist the spread and replica- 
tion of the virus. Complement proteins are able to de- 
stroy bacteria by covering the surface of the bacterial 
cells and punching holes in the cell membrane, caus- 
ing the bacteria to die. 

The last component of the second line of defense is 
the natural killer (NK) cells, which are a special type of 
lymphocyte that responds to the invasion. NK cells can 
attack and destroy human cells that have been infected 
by pathogens. In addition, natural killer cells may be 
beneficial by destroying certain cancer cells before they 
can spread. 


The Third Line of Defense: Acquired or 
Adaptive Immunity 


Acquired or adaptive immunity is a defense mechanism 
that requires the body to “think” about the invaders. It 
involves three characteristics that are not present in the 
first or second line of defense. Recognition of an antigen 
as nonself must first occur, after which the antigen (in- 
vader) is identified very specifically. Then the body 
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forms a memory of that antigen, so it will be immedi- 
ately recognized in case of subsequent exposure. Usually 
this entire process requires 1 to 2 weeks after the first 
exposure to a specific antigen. 

T cells and B cells are specifically programmed lympho- 
cytes. They are both part of this third level of the immune 
process, but they each perform different functions when 
exposed to an antigen. T cells are involved in cell-mediated 
immunity, and B cells are involved in antibody-mediated 
immunity, also known as humoral immunity. 

Cell-mediated immunity begins at the site of the 
invasion (Fig. 23-2). The T cells become “activated” 
toward a specific antigen when it is presented by a 
macrophage. (A macrophage is a type of phagocyte that 
leaves the bloodstream and goes into the tissues.) Once 
activated, this T cell creates four identical copies of itself, 
which all have specific functions: 


° Killer T cells are produced to kill the antigens. 
¢ Helper T cells are designed to stimulate other T cells 
and help the B cells. 


Ingestion of antigen 
(pathogen) by 
macrophage 





Stimulates 
T and B cells 


Kills antigens 
(cell-to-cell combat) 


Antigens pushed to 

membrane surface 

of the macrophage 
(antigen presentation) 


Production of a clone 
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¢ Suppressor T cells (also known as regulatory T cells) 
are created to inhibit the activity of the T and B cells 
when enough have been produced. 

¢ Memory T cells are responsible for remembering the 
antigen for future encounters, which allows the cell- 
mediated immunity to occur faster with the next exposure. 


Most of the lymphocytes in our circulation are 
T cells. Although no antibodies are produced by the 
T cells, they play an important role in many contact 
sensitivity reactions, as well as viral infections, fungal 
infections, and destruction of malignant cells. 

Antibody-mediated immunity uses the lymphocytic 
B cells (Fig. 23-3). As with the cell-mediated immunity, 
the antigen must first be exposed, or introduced, to the 
B cell by presentation from the macrophage. The helper 
T cells release a chemical to assist with this recognition 
process. Once activated, the B cell produces two replicas 
of itself, which have their own duties: 


e Plasma cells are created that secrete antibodies that 
are specific for a particular antigen. These antibodies 


T cell activation 






Inhibits 
T and B cells 


Remembers the 
antigen for future 
encounters 


Figure 23-2 Cell-mediated immunity. This drawing represents the T-cell activation and the subsequent steps, creating four 


subsets of T cells. 
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Ingestion of antigen 
(pathogen) by 
macrophage 







Activation of B cell 
and helper T cell 


Antigens presented 





/ \ 


Formation of a clone 





iia Beccarhe Figure 23-3 Antibody-mediated 
antibouies antigen for immunity. B-cell activation leads to 
future encounters —_ antibody creation by plasma cells. 


work like a lock and key and cannot be interchanged Test Your Knowledge 23-6 
with other antigens. The antibodies bind to the 
antigens, blocking their ability to affect the cells of 


Which line of defense is “unique” toward a specific 








the body. antigen? (Outcome 23-4) 
¢ Memory B cells form a “picture” of the antigen and 
remember it for future encounters. HOW IMMUNITY IS ACQUIRED 





There are essentially four ways we can acquire immunity: 


Test Your Knowledge 23-5 


¢ Natural active immunity acquired from an infection 
with a pathogen: This causes the body to produce a 
memory of the antigen and protects the body on 


True or False: Antigen exposure always triggers all three 
lines of defense. (Outcome 23-4) 








lie Pl > = 2:51/ 4:43 
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subsequent exposures. For instance, natural active 
immunity is produced when a person is infected with 
chicken pox. Once the person recovers, he or she is 
now immune to this pathogen. This is a long-term 
type of immunity. 

° Artificial active immunity acquired from a vaccine: The 
typical antibody response of our body after exposure 
to an antigen is usually too slow to protect us from the 
initial infection. However, with subsequent exposures, 
the protection is so fast that we never become ill. Vac- 
cines do this artificially. They contain an antigen that 
causes the body to develop antibodies as if it were be- 
ing exposed for the first time. The vaccine may be a 
killed or weakened pathogen (known as attenuated) or 
it may just be part of a pathogen. Vaccines are avail- 
able for many diseases, such as hepatitis A and B, 
measles, and mumps. The protection is long term with 
this type of immunity. 

° Natural passive immunity such as the antibodies a 
mother passes on to an infant through the placenta or 
through breast milk: This is a temporary type of immu- 
nity and fades as the child grows. 

° Artificial passive immunity: This usually occurs with 
the injection of gammaglobulins (artificial antibod- 
ies). This immunity is short acting, and protects the 
individual in an emergency situation. For example, a 
family member has been diagnosed with hepatitis A, 
but the rest of the family is unvaccinated for that dis- 
ease. The other family members are then injected with 
an “artificial antibody” (gammaglobulin) so that they 
will be protected until the infected individual recovers 
from the hepatitis A infection. 


Test Your Knowledge 23-7 


What does it mean when we say that we are “immune” 
y/ 


to a certain disease? (Outcome 23-5) 
XQ y 








( Test Your Knowledge 23-8 


How do vaccines “fool” our immune systems? Which 
line of defense do they target? (Outcome 23-5) 
4 


& 











FAILURE OF OUR IMMUNE SYSTEMS 





Unfortunately, our immune systems dont always work as 
they should. Sometimes our body’s ability to recognize 
self and nonself is not fully developed, or is somehow 
dysfunctional. In this case, our body may attack its own 
cells, causing damage. This is the theory behind many 
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POINT OF INTEREST 23-1 
Vaccines 


4 


Vaccines are used to prevent disease by introducing 
an antigen into the body to induce an immune re- 
sponse. After the vaccine is processed by the body, an- 
tibodies are created against that specific antigen. 
When the patient is exposed again to the disease- 
causing virus or bacteria, the body immediately pro- 
duces large amounts of antibody that prevent the 
disease from developing. 

The vaccine antigen may be attenuated, meaning 
that the antigen it is killed or weakened. Vaccines 
may also include parts of bacteria or virus particles 
that are capable of stimulating an immune response 
but not capable of causing disease. In addition, an 
inactivated toxin produced by the bacteria (called a 
toxoid) may be used. The tetanus and diphtheria 
vaccinations are toxoid vaccines. 














forms of autoimmune diseases, such as rheumatoid 
arthritis. Also, as we age, our immune systems don't seem 
to detect the malignant or damaged cells in our bodies 
and destroy them as they should. This allows the cells to 
reproduce and cause cancer at a higher rate as we age. 

In the case of an allergy, our immune system be- 
comes hypersensitive after the initial exposure to an anti- 
gen. With subsequent exposures to that antigen, the 
immune response causes inflammation and organ dys- 
function. Allergies may range from those with annoying 
symptoms (such as hay fever) to those that are truly life 
threatening, such as reactions to insect stings and certain 
medications. Table 23-1 provides examples of diseases 
associated with the immune system. 


BLOOD TYPES 





Blood types also involve antigens and antibodies, but in 
a different way. The antigens that determine blood types 
are on the surface of all red blood cells. Blood typing also 
involves natural and acquired antibodies in the plasma. 
There are several situations that might warrant a test for 
blood type, including transfusions, testing to prevent he- 
molytic disease of the newborn, and for investigative or 
forensic reasons. There are hundreds of different anti- 
gens present on the red blood cells of our bodies, all 
capable of causing transfusion complications. Fortu- 
nately, most serious complications from transfusions are 
due to the ABO and Rh blood groups, so much of our 
testing is focused on those groups. 
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TABLE 23-1 


Common immune system disorders 


Immunology 


Classification Examples of Specific Disorders 





Hypersensitivity Anaphylactic reactions, dermatitis 
(allergy) or eczema, rhinitis, asthma 

Autoimmune Systemic lupus erythematosus, 
disorders type 1 diabetes, Graves’ 


disease, celiac disease, myas- 
thenia gravis, rheumatoid 
arthritis, systemic sclerosis 





Lymphocytic leukemias, 
lymphoma, multiple myeloma 


Malignancies of 
immune cells 





Thymic hypoplasia, 
agammaglobulinemia 


Congenital immune 
disorders 





AIDS, transplant anti-rejection 
medication use, systemic 
infections, side effect of radiation 
treatment, overuse of antibiotics 


Secondary or 
acquired 
immunodeficiency 











The ABO blood types include A, B, AB, and O, and 
they represent the antigens present (or absent) on the red 
blood cells of an individual. If people have a blood type 
of A, this means they have the A antigens on their cells. 
If B antigens are present, they are blood type B, and if 
both are present, the blood type is known as AB. Type O 
may be thought of as type “zero,” as it means neither A 
or B antigens are present (Fig. 23-4). 

The ABO blood typing system is unique, because in the 
plasma of each person there are natural antibodies to the anti- 
gens that are or present on their red blood cells. This means 
a person with a type A blood type has anti-B naturally in his 
or her plasma, and the plasma of a person with type B blood 
will contain antibodies to the A antigen. An individual who 
is type AB has neither anti-A nor anti-B in the plasma, and 
type O individuals naturally possess both anti-A and anti-B 
in their plasma. These plasma antibodies are created within 
the first few months of life as an immune response to dietary 
antigens and exposure to various environmental factors. 

When patients receive blood transfusions, they gener- 
ally receive a blood product known as packed red blood 
cells rather than whole blood. To prepare packed red blood 
cells, the unit of donor blood is centrifuged so that the 
plasma is separated from the cells, and most of the plasma 
and the white blood cells are separated from the red blood 
cells. Removal of the plasma avoids an overload of fluid for 
the patients needing multiple units to increase their red 
blood cell and hemoglobin concentration. The absence of 
white blood cells in the blood product helps to reduce the 
potential for an immune response. 


Antibodies in 
plasma 


Blood type 


Type A 
Type B 


Anti B 





Figure 23-4 Various blood type antigens and antibodies. 


It is critical to consider the natural antibodies present 
in the plasma if a transfusion is needed. Ideally, a person 
should only be transfused with his or her own blood type. 
In an emergency situation, a person may be given a dif- 
ferent type, but there are only a few alternatives that are 
safe. If a type B person received type A blood, the natu- 
ral anti-A antibodies would cause the cells to clump 
(agglutinate), and eventually hemolyze (rupture). The 
by-products of this reaction could also clog the capillaries 
in the kidneys and cause renal failure. Blood type O is 
known as the universal donor, because there are no ABO 
antigens on the cells. When type O packed red blood cells 
are transfused to a patient with any other blood type, they 
are not rejected by the recipient and the natural anti-A 
and anti-B that was present in the plasma of the donor 
are not present in the packed cells to damage the recipi- 
ent’s blood cells. Type AB is known as the universal recip- 
ient, because there are no ABO antibodies in the plasma 
to damage any blood type that is transfused to these re- 
cipients. About 40% of the population is type A, 11% is 
type B, 45% is type O, and 4% is type AB (Table 23-2). 
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TABLE 23-2 











Percentage of various blood types in the U.S. 
population 

Blood Type Percentage of U.S. Population 
A 40% 

B 11% 

AB 4% 

O 45% 











Another very important red blood cell antigen is the 
Rh or D antigen. It was discovered in 1939 with work 
on rhesus monkeys, hence the designation Rh. Approxi- 
mately 85% of the population has the D antigen on their 
cells, and they are known as Rh positive. Those who 
don’t have the Rh (D) antigen on their cells are known 
as Rh negative. 

Unlike the ABO blood types, Rh-negative individu- 
als do not have naturally occurring Rh antibodies in 
their plasma. However, they can be sensitized to this 
foreign Rh antigen if exposed. This exposure may occur 
with a transfusion error, or it may occur with preg- 
nancy and delivery. There is usually no problem evi- 
dent with the first Rh exposure because the antibody 
production takes too much time. However, the anti- 
genic response is very swift and strong with subsequent 
exposures to Rh-positive blood. 


ERYTHROBLASTOSIS FETALIS 





Erythroblastosis fetalis is a severe hemolytic anemia 
that affects Rh-positive newborns and occasionally 
other newborns with ABO incompatibility. This condi- 
tion may also be known as hemolytic disease of the 
newborn (HDN). The Rh status of the blood cells is 
only an issue when the baby is Rh positive and the 
mother is Rh negative. During a first pregnancy, this 
incompatibility does not usually cause harm to the 
baby, as the mother’s response to the Rh antigen does 
not happen quickly enough for the antibodies to attack 
the baby’s red blood cells. However, during the first 
pregnancy, and especially during delivery of the baby 
and the placenta, there is an exchange of fetal blood 
with the mother, and the mother will become sensi- 
tized, which means that she will develop antibodies 
to the Rh antigens on the baby’s red blood cells. If she 
becomes pregnant again with an Rh-positive baby, her 
antibodies to the Rh antigens will destroy the baby’s 
red blood cells and the baby may be born with severe 
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POINT OF INTEREST 23-2 
Kidney transplants for 
patients with incompatible 

blood types 


4 





Many potential kidney donors are rejected because 
their blood type is not compatible with that of the 
patients needing a kidney. There is now a process that 
allows patients to receive a kidney from a donor with 
an incompatible blood type. 

The natural antibodies present in the plasma of 
the recipient of a kidney with an incompatible blood 
type usually cause the kidney to be destroyed. The 
process for ABO-incompatible kidney transplanta- 
tion includes a procedure called plasmapheresis. The 
patient has a unit of blood removed from his or her 
body, and a portion of the liquid plasma is then 
removed. After each of the plasmapheresis proce- 
dures, the patient will receive replacement antibodies 
that are necessary to fight off other infections. The pro- 
cedure may need to be repeated numerous times, until 
the level of ABO antibody detected in the blood is low 
enough to be considered safe for the transfusion. 

Kidney transplant rejection rates for this proce- 
dure are not much different from the rate for patients 
who receive kidneys of the same ABO blood type. 
The patient will have more plasmapheresis and artifi- 
cial antibody treatments after the transplant, depend- 
ing on the individual needs of the patient. In 
addition, the recipient may also require a splenec- 
tomy, because the spleen is the organ in which the 
ABO antibodies are produced. 











anemia, jaundice, and an enlarged spleen and liver, 
which may be fatal for the newborn. 

An injection of RhoGam (anti-Rh gammaglobulin) 
during the pregnancy and shortly after delivery should 
be given to all Rh-negative mothers. This will keep the 
mother from becoming sensitized to the Rh antigen so 
she does not create the anti-Rh antibodies. When she 
becomes pregnant again with an Rh-positive baby, her 
body will react as if this were her first exposure, and the 
Rh incompatibility will not be a problem. 





Test Your Knowledge 23-9 
What antigens are present on the blood cells of an 
individual with a blood type of AB positive? 

(Outcome 23-8) 
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Test Your Knowledge 23-10 
A fellow student just found out that she is expecting a 
baby. Her blood type is A, Rh negative. Will she be 


likely to receive a RhoGam injection? Why? 
(Outcome 23-8) 





IMMUNOLOGY TESTING METHODS 





Various immunology testing methods are available for use 
in the medical office as well as hospital and reference lab- 
oratories. They can be performed in vivo (inside a living 
organism) as in allergy or tuberculosis testing; an antigen 
is placed under the skin, and the patient is monitored 
for a visible reaction. More often, they are performed in 
vitro (within a laboratory testing environment), where 
we commonly refer to them as serology tests. 

Serology tests must be specific to the antigen or anti- 
body being tested, and they must also be sensitive enough 
to detect even a small amount of the substance in the 
specimen. Many medications or other concurrent disease 
states can interfere with the specificity of a certain test, 
and sometimes can cause false-positive or false-negative 
results. The sensitivity of a testing method can be affected 
by high or low temperatures during shipping or storage, 
and also by minor errors that occur during the testing 
procedures. Package inserts should be examined carefully 
for specimen requirements, interfering substances, stor- 
age and handling directions, and testing procedures 
before performing any sort of serology testing. 

All immunology tests are performed to determine the 
presence of a particular antibody or antigen. The speci- 
men tested may be blood, serum, urine, oral fluids, or 
other body tissues. Various testing methods are used, in- 
cluding the following: 


e Enzyme-linked immunosorbent assay tests (ELISA or 
EIA) tests usually involve a testing surface that is 
coated with an antibody or antigen bound to an en- 
zyme. After the specimen is added, if the matching 
antibody or antigen is present, a color change will 
occur that can be read either by the testing personnel 
directly or by using an instrument to measure the 
amount of color change. 

e An adaptation of the EIA principle, lateral flow im- 
munoassay is used in many CLIA-waived tests. The 
specimen must be absorbed and must “flow” across 
the testing surface to reach the area imbedded with the 
antigen or antibody. If the test is positive, the antigen/ 
antibody complex will cause a color change to 
occur in the testing area. These tests are read directly 


by the testing personnel, and have a built-in quality 
control area as well. 

e Radioimmunoassays (RIAs) use a radioactively 
labeled protein as the indicator of a positive result. 
The antigen/antibody complex formed in a specimen 
that is positive will combine with the radioactive 
protein rather than an enzyme as in the EIA method. 
The final result is obtained from the amount of 
radioactivity present in the sample at the end of the 
testing process. These assays are complicated, and are 
performed only by qualified personnel in hospital or 
reference laboratories. 

e Agglutination is the formation of large insoluble 
ageregates (clumps) of cells that form when an 
antigen/antibody complex is present. Agglutination 
may use red blood cells and antibodies, as in the case 
of ABO and Rh blood typing, or it may use latex 
beads, as do some of the mononucleosis testing pro- 
cedures. This reaction is read by the testing personnel 
directly, as the complex is visible to the naked eye. 


COMMON SEROLOGY TESTS PERFORMED IN 
REFERENCE OR HOSPITAL LABORATORIES 





Serology tests may share common methodology, but the 
complexity of the testing process can vary greatly. The 
tests mentioned below are usually performed only in ref- 
erence or hospital settings, as they require additional 
training and/or credentials for the person performing 
the test. 


¢ Testing for ABO/R/ major blood antigen groups uses 
agglutination techniques. Screening is also performed 
for other common red blood cell antigens, and com- 
patibility tests are performed on the donor blood 
when a transfusion workup is necessary. 

° The antistreptolysin O (ASO) test is used to detect 
antistreptolysin O antibodies, which are present in a 
patient with prior recent infection by group A strepto- 
coccus. The identification of those with prior infec- 
tion is important, as group A streptococcus infection 
can lead to other complications such as glomeru- 
lonephritis, rheumatic fever, and bacterial endocardi- 
tis. The ASO antibody may be present for several 
months after the initial infection. 

° Cold agglutinins are antibodies present with certain 
types of infections, pneumonias, cancers, or inflam- 
matory autoimmune disorders. These antibodies can 
cause the red blood cells of the body to “clump” to- 
gether when exposed to cold temperatures. This leads 
to hemolytic anemia and other complications. 
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° The C-reactive protein (CRP) test verifies the pres- 


ence of that protein, which is present in the blood 
with acute systemic inflammation. It may be used as 
part of the diagnosis for a specific condition related 
to inflammation, or to monitor the effectiveness of 
treatment. 

Hepatitis testing determines which form of viral hepa- 
titis (A through E) an individual has, and it may also 
provide more information about where an individual 
is in the disease process. 

Although a pregnancy test can be performed at home 
or in a physician office laboratory as a CLIA-waived 
test, it is sometimes necessary to use the more sensi- 
tive methods that are available in a larger laboratory. 
These methods can sometimes detect pregnancy 
sooner than can the CLIA-waived tests, and they can 
also quantitate the amount of human chorionic 
gonadotropin (HCG) present in the specimen. This 
quantitative analysis can be vital in the case of a 
suspected ectopic pregnancy, or in the diagnosis 
and treatment of testicular cancer, in which the 
hormone is also present in the bloodstream in male 
patients. 

Rheumatoid arthritis is a crippling and progressive au- 
toimmune disease that affects the joints of the body. 
Those afflicted will have the rheumatoid factor present 
in their blood, which is a unique antibody used for 
diagnosis. 

The most common tests used to detect syphilis are the 
rapid plasma reagin (RPR) test and the venereal dis- 
ease research laboratory (VDRL) test. The tests detect 
the presence of the microorganism Treponema pal- 
lidum, the causative agent of syphilis. 
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( Test Your Knowledge 23-11 


What do all serology tests have in common? 
(Outcome 23-9) 


y 








[ Test Your Knowledge 23-12 


True or False: The same disease may be detected by 


more than one serology test. (Outcome 23-9) 
S 








4 





CLIA-WAIVED TESTS COMMONLY 
PERFORMED IN THE PHYSICIAN OFFICE 
LABORATORY 


Tests performed in a physician office laboratory are very 
important for appropriate diagnosis and treatment of var- 
ious diseases, as the results are available quickly within 
the same office where the patient is being examined. This 
section covers these tests, as well as their testing proce- 
dures, in more detail (Table 23-3). 


Mononucleosis: Mononucleosis is caused by the 
Epstein-Barr virus. The test performed for diagnosis 
identifies the presence of the heterophile antibody 
produced with this infection,. 

Pregnancy: Pregnancy tests determine the presence or 
absence of human chorionic gonadotropin (HCG) in 
urine or serum. CLIA-waived tests are qualitative in 
nature, with a positive or negative result. 

Helicobacter pylori: H. pylori is the bacterium responsible 
for many gastric and duodenal ulcers and gastritis. The 
test can be performed on serum and other body tissues. 


TABLE 23-3 


Commonly performed CLIA-waived immunology tests 


Disease/Condition Causative Agent 


Mononucleosis Epstein-Barr virus 


Test Performed Required Specimen 


Blood 


Mononucleosis screen or 
heterophile test 

















Pregnancy Human chorionic Pregnancy (HCG) test Serum or urine 
gonadotropin (HCG) 
H. pylori Helicobacter pylori bacteria H. pylori test Blood or tissue sample 
HIV Human immunodeficiency virus HIV test Blood, oral fluids 
Flu Influenza virus Influenza test Nasal or nasopharyngeal 
swabs 
Bladder cancer Bladder tumor-associated antigen BTA test Urine 








Strep throat Group A streptococcus bacteria 


Throat swab 





Strep screen 
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HAIV: The human immunodeficiency virus screening 
test checks for the presence of the antibodies produced 
with HIV infection. This is designed to be a screening 
test only, and more definitive testing would then be 
performed on positive samples before the patient 
would be deemed HIV positive. Various body fluids 


can be tested for the presence of HIV. 


Influenza: The influenza test is performed during the 
winter months to detect the presence of influenza A or 


B, which causes a very serious respiratory infection. 


Bladder tumor-associated antigen: The screening test 


for bladder cancer uses a urine specimen. 


Group A streptococcus infection: The screening test for 


active infection with group A streptococcus uses 


a 


throat swab. The result is available in minutes after 
collection, allowing for much faster treatment than 
was previously available when only a throat culture 


was used. 





rr 


Test Your Knowledge 23-13 

Why might it be beneficial to perform simple serology 
tests in the physician office instead of a reference or 
hospital laboratory? (Outcome 23-10) 


Se 








Va 


Test Your Knowledge 23-14 


What is the causative agent of mononucleosis? 
(Outcome 23-11) 





4 








SUMMARY 


Our immune systems are complex and protect us in 
various ways. We have three basic mechanisms that 
interact to provide this protection. They include var- 
ious natural barriers, cellular and chemical responses 
to invaders, and antibody formation. We use vaccina- 
tions to protect us by activating our immune systems, 
and we also have naturally occurring antibodies to 
ABO blood types that are unlike our own. Blood type 
antibodies may be protective, but they can also cause 
serious health issues and must be considered during 
pregnancy to protect the unborn child. 

Laboratory testing for immunity is known as 
serology. Various tests are performed in the physician 
office laboratory, as well as in hospital and reference 
laboratories. These tests may be qualitative or quanti- 
tative in nature, and are invaluable to aid in appropri- 
ate diagnosis of numerous disease states. 











1. A substance released in response to 


. A(n) is 
. How are antigens and antibodies 


. What role does our stomach play in 


. What is phagocytosis? 


. True or False: Immunity provided by 


. True or False: Acquired immunity 


. Antibodies to blood type antigens 


TIME TO REVIEW 


Outcome 23-1 
antigenic exposure that causes blood vessels to dilate 
is a(n): 

a. Lymphocyte 

b. Histamine 

c. Interferon 

d. Chemotaxis 


Outcome 23-1 
anything that our body recognizes as nonself. 


Outcome 23-2 
related to serology testing? 


Outcome 23-3 
protecting us from antigens? 


a. Inflammation destroys the pathogens 

b. The pH of the stomach acid helps to destroy 
microorganisms that may make their way into our 
bodies 

c. Antibodies are produced here to destroy the in- 
vaders; white blood cells engulf the antigens 

d. The stomach does not play a role in immunity 


Outcome 23-1 


a. The process by which white blood cells engulf and 
destroy pathogens 

b. The process that occurs when a noncompatible 
blood type is given to a patient 

c. A term used to describe the first line of immunity 

d. The production of antibodies 


Outcome 23-5 
the mother at birth is lifelong for many diseases. 


Outcome 23-6 
occurs only as a consequence of vaccinations. 


. What is used in vaccinations to activate Outcome 23-6 


our immune systems? 


a. Immunoglobulin 

b. Killed (attenuated) viruses or parts of viruses 
c. Normal flora 

d. B cells 


Outcome 23-8 
A or B: 


a. Occur after exposure to another blood type 


b. Are naturally occurring and do not require 
exposure to develop 
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c. Do not exist in the bloodstream 
d. Are harmless 


10. True or False: Serology tests use a Outcome 23-9 


variety of testing methods. 


11. Which of the following are acronyms — Outcome 23-9 


for tests used to detect syphilis infection? 


a. VDRL and RPR 
b. HCG and IgG 
c. HET and RPR 
d. CRP and VDRL 


12. Doctor Johnson is about to prescribe Outcome 23-9 
a medication to treat acne for Carly Lucas. This 
medication is not advised for those who are preg- 
nant. Which CLIA-waived test might the physician 
order to be sure this drug is safe for Carly to take? 


a. RPR 
b. H. pylori 
c. HCG 


d. Mononucleosis 


13. True or False: All serology tests Outcome 23-11 
performed in physician office laboratories require 
blood samples as the speciment type. 





Case Study 23-1: Could this be right? 


Dr. Johnson has just handed his medical assistant a req- 
visition form for a blood draw for Mr. Daniels, a 
22-year-old male. The physician has ordered a B HCG 
test. The medical assistant is surprised, because she has 
only seen HCG tests ordered for females in the past. 
She is sure there is an error, and asks Mr. Daniels to 
wait a few minutes until she can confirm the order with 
the physician. 


1. Is this test an appropriate one for a 22-year-old 
male? If so, why might the physician have ordered 
the test? 
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RESOURCES AND SUGGESTED READINGS 


“How Your Immune System Works” 
Another explanation for how the immune system works 
http://www. health. howstuffworks.com/immune- 
system 16.htm 

“Overcoming Sensitivity Limitations of Lateral-Flow 
Immunoassays With a Novel Labeling Technique” 
Information about various medical devices and testing 
methods http://www.devicelink.com/ivdt/archive/ 
06/05/010.html 

“Quidel Rapid Diagnostic Products” 
Links to the Quidel point-of-care test kits, including 
CLIA-waived tests http://www.quidel.com/products/ 
product_list.php?cat=1 &by=brand&group=1 

“Tests Waived by the FDA From January 2000 to Present” 
List of all CLIA—waived tests; updated regularly http://www. 
accessdata.fda.gov/scripts/cdrh/cfdocs/cfClia/testswaived.cfm 

“What Does It Mean to Be Rh Negative?” 
Further information about Rh-negative immunity issues 
and the use of RhoGam. This site has information for pa- 
tients and health-care professionals. http://www.rhogam.com/ 
Patient/WhatRhNegativeMeans/Pages/default.aspx 
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CHAPTER OUTLINE 


Immunology Methods and Procedures 
Rapid Testing 
Advantages of Rapid Testing 
Common Procedural Elements of Rapid Testing 
CLIA-Waived Regulations and Their Application to 
Immunology -Based Rapid Testing 
Common CLIA—Waived Rapid Tests and Their 
Clinical Significance 
Group A Streptococcal Screening 
Mononucleosis Testing 


Pregnancy Testing 
Helicobacter pylori Testing 
Influenzas A and B 
HIV Testing 
Summary 
Time to Review 
Case Study 
Resources and Suggested Readings 





Learning Outcomes 


After reading this chapter, the successful student will be able to: 





24-1 Define the key terms. 

24-2 Analyze the advantages of rapid immunology 
testing. 

24-3 Restate the common aspects of various rapid test- 
ing procedures. 

24-4 Describe potential follow-up testing procedures 
that may be necessary based on rapid testing 
results. 

CAAHEP/ABHES STANDARDS 


ey CAAHEP Standards 


L.P.1.15. Perform immunology testing 

IIL.P.II.2. Practice Standard Precautions 

IIL.P.II.3. Select appropriate barrier/personal protective 
equipment (PPE) for potentially infectious situations 
HI1.P.I.8. Perform CLIA-waived microbiology testing 
1.C.1.6. Identify common pathology related to each body 
system 

lI1.C.11.10. Identify disease processes that are indications 
for CLIA-waived tests 


24-5 Differentiate the clinical significance of strep 
screens, mononucleosis testing, rapid urine preg- 
nancy tests, Helicobacter pylori testing, BTA tests, 
influenzas A and B, and HIV testing. 

24-7 Perform CLIA-waived rapid testing procedures 

for a strep screen, a urine pregnancy test, and a 

test for mononucleosis. 


™~ 
S ABHES Standards 


¢ Perform selected CLIA-waived tests that assist with 
diagnosis and treatment, #6: Kit Testing, a. Pregnancy, 


b. Quick Strep 
¢ Dispose of Biohazard Materials 


473 
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KEY TERMS 
Agglutination Immunology Sensitivity 
Chromatographic Lateral flow immunoassay Serology 
Colorimetric Mononucleosis Specificity 


Epstein-Barr virus (EBV) Qualitative 


Helicobacter pylori (H. pylori) Quantitative 


Heterophile antibody 


Human chorionic gonadotropin 
(HCG) 


LC . in Chapter 23, immunology is defined as 
the study of the components of the immune system 
and their function. This includes numerous areas of 
specialty, such as autoimmune disorders, infectious 
disease, blood banking, and even tissue typing and 
organ transplantation. Serology describes the area of 
the laboratory where antigen-antibody reactions are 
studied. Serology implies that serum is used for the 
testing method, but immunology (or serology) testing 
performed today does not just use serum; urine, 
tissues, whole blood, and other body fluids may also 
be used. Immunology or immunoassay testing is per- 
formed to detect or identify antibodies or antigens in 
a specimen. The testing process may be qualitative, 
employing a positive or negative result, or quantita- 
tive, employing a numerical result, including varied 
levels of test complexity. Diseases such as mononucle- 
osis, influenza, and hepatitis may be diagnosed using 
immunology tests. 





Test Your Knowledge 24-1 


How are immunology and serology similar? 
(Outcome 24-1) 





IMMUNOLOGY METHODS AND 
PROCEDURES 





The majority of the common immunology tests are per- 
formed to detect the presence of a specific antigen or 
antibody in the specimen. The patient’s specimen is 
mixed with the commercial solution that contains the 


Quantitative HCG 


Rapid flow immunoassay 


Streptococcal pharyngitis 


antigen or antibody for that specific disease or condi- 
tion. If the appropriate counterpart (antigen or anti- 
body) is present in the specimen, a reaction will occur. 
In CLIA-waived immunology testing methods, a color 
change is evident when this reaction takes place. The 
CLIA-waived kits use an absorbent membrane that is 
treated with a chemical additive. Once the specimen 
and additional reagents are added to the membrane, a 
color change will occur, indicating whether the test is 
positive or negative. Testing methods that include a 
color change may be called chromatographic or colori- 
metric assays. 

When choosing a certain test method, laboratories 
must consider whether the test method demonstrates 
specificity and sensitivity for the desired substance. 
The specificity of a certain method describes the ability 
to detect only the substance that is being tested for in 
the specimen. Testing methods that are not very specific 
will have an increased amount of false-positive test re- 
sults because substances other than the one desired will 
also be detected by this method. The sensitivity of a 
testing method is related to the minimum concentra- 
tion of the desired substance that will be detected. 
Ideally, laboratory testing methods will demonstrate a 
positive result when a very small amount of the sub- 
stance is present in the specimen so that this presence is 
not overlooked. 





Test Your Knowledge 24-2 

If a test reacts positively with the presence of several 
different antigens, is this described as a lack of speci- 
ficity or a lack of sensitivity? (Outcome 24-1) 





le | m™ 0:04 / 2:49 


Giant of Japan military parade 
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POINT OF INTEREST 24-1 
Bladder tumor-associated antigen 


> 4 


Bladder tumor antigens (BTA) are produced by blad- 
der tumor cells and shed into the urine of those indi- 
viduals with bladder cancer. There are two CLIA- 
waived rapid tests that are designed to detect the 
presence of this antigen in the urine. This test has not 
been approved as a screening test for bladder cancer 
because of its low specificity. The BTA test may be 
positive in the presence of other disorders of the renal 
system, such as renal stones, nephritis, renal cancer, 
urinary tract infections, or recent trauma to the blad- 
der or urinary tract. The CLIA-waived rapid screen- 
ing test is used for monitoring residual or recurring 
bladder cancer after treatment. Positive results are 
often followed up with urine cytology, cystoscopy, 
and examination of biopsy samples. 











RAPID TESTING 





Rapid testing describes immunology and other laboratory 
tests that have results available in a very short time. 
Usually a rapid test can be completed and read within 
30 minutes. For rapid immunology testing, the most 
common rapid testing methods used are rapid flow 
immunoassay procedures and agglutination tests. 
Rapid flow immunoassay procedures are testing methods 
in which the specimen and any additional reagents must 
be absorbed and “flow” across the testing surface before 
they can interact with the antigen or antibody present to 
display a result. This type of testing may also be known 
as lateral flow immunoassay procedures. These testing 
methods are usually chromatographic, which means that 
their results are evident as a color change on the surface 
of the testing area. 

When agglutination testing is performed, the sample 
and reagents are mixed on a flat surface designed to al- 
low full view of the mixture. The antibodies and antigens 
present in the specimen will aggregate (agglutinate) if 
they both are present. Agglutination is visible as clumps 
on the testing surface. 





Test Your Knowledge 24-3 


Provide two similarities present in most rapid testing 
procedures. (Outcome 24-3) 
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Advantages of Rapid Testing 


Many physician office laboratories perform rapid testing 
so that the health-care provider can obtain as much 
diagnostic information as possible in a short period of 
time. This can be especially advantageous when the 
testing is performed before the patient leaves the office. 
Testing in the physician office laboratory allows the 
health-care provider to prescribe medication or other 
treatment immediately without an additional office visit 
or phone call. Immediate results can save time and 
money for the patient, and often lead to better compli- 
ance with follow-up care. 

Large laboratories may also choose to perform rapid 
testing rather than automated analysis for certain assays. 
In some situations, these rapid tests are the most cost- 
effective way to perform a specific assay. For tests that are 
not performed often, rapid testing kits may also be used 
to minimize potential waste of outdated reagents and 
controls. The CLIA-waived tests may be performed by 
employees with minimal training, allowing the laboratory 
professionals to perform tests of higher complexity. Rapid 
testing allows for the results to be available sooner than 
they might be if the tests were batched (tested together in 
large groups) and only performed at certain intervals as 
they often are in reference or hospital laboratories. 





Test Your Knowledge 24-4 


List two advantages of rapid testing procedures. 
(Outcome 24-2) 





Common Procedural Elements 
of Rapid Testing 


Rapid testing methods differ by manufacturer and by 
test. However, there are similarities that are present no 
matter what type of test or which manufacturer is in- 
volved. These include the following: 


¢ Relatively few reagents 

e Small sample volume 

Detailed package inserts with images to use for result 

interpretation 

Qualitative results interpreted as positive or negative 

e Lateral flow immunoassay tests have internal valida- 
tion indicators that change color to indicate whether 
the device is working and the sample and reagents 
were added appropriately 

e Testing methods that are timed for completion and 
usually take 10 minutes or less to complete 
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¢ Kits that include all supplies needed for the test, with 
the exception of personal protective equipment 

*° Positive and negative controls included with each kit 


CLIA-Waived Regulations and Their 
Application to Immunology-Based Rapid 
Testing 


Many rapid tests are CLIA-waived procedures. The 
U.S. Food and Drug Administration (FDA) has classi- 
fied these as simplistic assays with minimal steps and 
easy-to-interpret test results. However, those rapid 
methods that require additional specimen preparation 
or multiple steps in the testing process may be catego- 
rized as moderately complex by CLIA standards. For 
instance, agglutination tests are relatively simple to 
perform, but reading the results requires subjective in- 
terpretation that places agglutination tests in the CLIA 
moderately complex category. Some rapid lateral flow 
immunoassay tests may be CLIA waived if whole 
blood is used for the testing process, but regarded as 
moderately complex if plasma or serum is used because 
of the additional steps required to process the speci- 
men for the procedure. If the laboratory where the 
testing is performed is authorized to perform only 
CLIA-waived procedures, it is important to verify 
whether the testing method is appropriate for the 
qualifications of the personnel performing the test in 
the facility before it is used. The vendor should be able 
to verify whether the test is CLIA waived or of higher 
complexity, and often the CLIA-waived tests are la- 
beled as such in bold letters to avoid confusion. 

The instructions provided by the manufacturer must 
be closely followed for all CLIA-waived testing proce- 
dures, as well as those of moderate complexity. These 
instructions will specify the temperature at which the 
testing kit should be stored; the conditions for appro- 
priate specimen collection, preparation, and storage; 
and the frequency at which quality control samples 
should be tested, in addition to the step-by-step testing 
procedure instructions. The package insert will also 
provide necessary information to interpret the test 
results correctly. 


COMMON CLIA-WAIVED RAPID TESTS 
AND THEIR CLINICAL SIGNIFICANCE 





Common immunology-based CLIA-waived rapid tests 
include strep screens, pregnancy tests, tests for the infec- 
tious mononucleosis, and tests for Helicobacter pylori. 


CLIA-waived rapid tests for influenzas A and B and HIV 
are also available. 


Group A Streptococcal Screening 


Group A streptococcal infection is a common cause of 
streptococcal pharyngitis, more commonly known as 
strep throat. Common symptoms of group A strep 
throat infection include sore throat, fever, white or yel- 
low deposits on the tonsillar area of the throat, swollen 
glands at the front of the neck, and an absence of cough. 
It is important to identify patients with streptococcal in- 
fections and treat them appropriately with antibiotics so 
that a more serious secondary disease does not develop. 
Ifa patient with pharyngitis has a negative group A strep 
screen but exhibits additional symptoms, the health-care 
provider may order a culture specimen to be set up to 
verify whether group A strep is present. Group A strep 
infection may cause inflammation of the joints, forma- 
tion of scar tissue on the heart as a complication of en- 
docarditis, or a dangerous kidney condition called 
glomerulonephritis. 


Test Your Knowledge 24-5 


What is a possible complication of untreated streptococ- 
cal infection? (Outcome 24-5) 








A group A strep screen is an uncomplicated test that 
can be completed in less than 10 minutes. A sterile 
throat swab (provided in the kit) is used to collect a 
specimen from the tonsillar area and back of the 
throat. Following the instructions included in the 
package insert, single drops of the kit reagents are 
added to the swab, after which the reaction is timed 
for the appropriate interval, usually 5 minutes. The 
specimen/reagent mixture will travel across the reac- 
tion area of the kit, and a positive result will be evident 
within the time frame indicated in the manufacturer's 
insert. The result must be read at the specified time 
after the addition of the reagent to the sample to 


be valid. 


Mononucleosis Testing 


Mononucleosis is an infectious disease caused by the 
Epstein-Barr virus, primarily infecting children and 
adolescents. It is spread through saliva, and is also 
called the “kissing” disease. Infectious mononucleosis is 


1899_Ch24_473-490 22/12/11 12:40 PM Page 477 


Chapter 24 


Immunological Based Rapid Testing 477 


Procedure 24-1: Perform a CLIA-Waived Rapid Strep Screening 


Procedure 





Rapid strep screens are the most common CLIA- 
waived test performed in physician offices. They may 
also be performed in hospital or reference laboratories. 
In addition to patient samples, rapid strep screens may 
also be used by the microbiology departments in some 
settings to verify the identity of the growth on a culture 
specimen. 


TASK 


Perform a rapid strep screen on an appropriate speci- 
men taken from the throat of a patient. 


CONDITIONS 


¢ Hand sanitization equipment 

Gloves 

Rayon collection swab inoculated with throat 
specimen 

Laboratory coat 

CLIA-waived rapid strep kit 

External quality control materials (if required by 
manufacturer’s recommendations or laboratory policy) 
Timer or watch 

Control log sheet 


¢ Test log sheet 

e Manufacturers insert with reference material for 
reading results 

¢ Biohazardous waste container 


CAAHEP/ABHES STANDARDS 


4 CAAHEP Standards 


IPI. Anatomy and Physiology, #15 Perform immunol- 
ogy testing IILPIll. Applied Microbiology/Infection 
Control, #2 Practice Standard Precautions, #3 Select 
appropriate barrier/personal protective equipment 
(PPE) for potentially infectious situations, #8 Perform 
CLIA-waived microbiology testing 





S ABHES Standards 


¢ Perform selected CLIA-waived tests that assist with 
diagnosis and treatment, #6: Kit Testing, b. Quick 
Strep 

¢ Dispose of Biohazard Materials 








Procedure 


1. Verify the test ordered on the requisition form 
and the identification information on the specimen 


label. 


2. Gather necessary supplies. Verify the expiration 
date on the kit and the required frequency for 
the quality control materials. Refer to the 
manufacturer’s insert, if necessary, to verify the 
quality control (QC) frequency recommended for 
the kit. 


3. Wash hands (if they are visibly soiled) or apply hand 
sanitizer. Allow hands to dry completely. 


Rationale 


The test and identification on the specimen label 
should be verified every time to avoid erroneous 
results. 


Expired kits may not be used. The manufacturer’s in- 
sert will provide minimum frequency for external 
quality control testing, as well as information about 
any internal quality control testing. Each laboratory 
may establish a unique schedule for QC testing; 
however, it may not be less frequent than that rec- 
ommended by the manufacturer. 


Clean hands stop the spread of infection. Hands 
should be completely dry before attempting to ap- 
ply gloves, or it will be difficult to put the gloves on 
the wet hands. 


Continued 
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Procedure 24-1: Perform a CLIA-Waived Rapid Strep Screening 


Procedure—cont’d 








Procedure 


4, Ifnecessary, perform external quality control testing 
on the test kit. Log the results. Verify whether the 
kit is performing correctly before proceeding. 


5. Perform the strep screen test as recommended by 
the manufacturer. 


6. Read the test result at the appropriate time. Test 
results are invalid after the time has elapsed, so they 
must be read immediately. Use the reference mate- 
rial included with the manufacturer's insert to inter- 
pret the results correctly. Record the results on the 
test log sheet and/or in a computer-based reporting 
system. 


7. Dispose of the throat swab and all testing materials 
in the biohazard disposal container. 


8. Remove gloves and wash hands. 


9. Record the results in the patient’s chart, if available. 


Date 


Rationale 


CLIA-waived kits usually come with external quality 
control testing materials. For those that do not in- 
clude these materials, they may be purchased sep- 
arately. Before patient testing may continue, it is 
important to verify that the positive and negative 
controls are testing in a valid range. If the controls 
are out of range, no patient testing can be per- 
formed until the problem has been identified and 
solved. 


Test procedures will vary. Some kits use a test tube and 
dipstick, whereas others use a reagent well that is part 
of a test cassette. It is imperative that the instructions 
for the procedure are followed carefully. The number 
of drops and the timing of the different procedures 
are very important for accurate results. 


The result must be read at the appropriate time for the 
test to be valid. Reading results too soon or too long 
after the time interval has elapsed will result in 
erroneous results. The manufacturer's inserts will 
provide a chart to be used for reference when 
interpreting the color development changes for 


the kit. 
All supplies should be disposed of properly for infec- 


tion control reasons. 
Hands must always be washed after gloves are removed. 


All results need to be charted immediately for the 
health-care provider to take appropriate action. 





2/20/2014: Rapid strep screen performed. Results negative 











Connie Liesebe, CMA(AAMA) 





most common in those between the ages of 15 and 25. 
Fatigue, weakness, sore throat, headache, fever, and 
swollen lymph nodes are common symptoms of this 
infection. Sometimes the mononucleosis test may be 
ordered as a heterophile antibody test, because of the 
type of antibody produced by the body when infected 
with the Epstein-Barr virus. The antigen-antibody tests 


used to diagnose infectious mononucleosis use erythro- 
cytes from sheep, horse, or cattle cells to interact with 
the heterophile antibodies. 

The CLIA-waived mononucleosis tests demonstrate 
a positive result when the heterophile antibodies are 
present rather than reacting specifically with the Epstein- 
Barr virus. This means that false-positive results are not 
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POINT OF INTEREST 24-2 


WwW RSV 


Respiratory syncytial virus (RSV) is a virus that af- 
fects the respiratory system. In most cases, an infected 
individual will recover from this virus within 2 weeks 
of infection. However, some populations are severely 
ill with RSV infection. Some infants, young children, 
and older adults (over the age of 60) may be at risk 
for serious infection. In the United States, RSV is the 
most common cause of the inflammation of the small 
airways in the lung (also known as viral bronchiolitis) 
and pneumonia in infants younger than | year of age. 
Recent studies have also linked an increase in cases of 
severe respiratory illness in the older population to 
RSV infection. 

There are rapid tests available for identification of 
RSV infection in respiratory specimens. Viral cultures 
are also commonly performed. RSV is especially sensi- 
tive to changes in temperature in the laboratory, which 
means that it may be expressed as a false-negative result 
if the specimen is not handled correctly. Older children 
and adults may need a blood test performed, as they 
historically have low viral levels present in the respira- 
tory specimens. 











Chapter 24 


Immunological Based Rapid Testing 479 


uncommon. Patients with lupus or lymphoma may also 
have heterophile antibodies present in their specimen, 
even though they do not have infectious mononucleosis. 
The CLIA-waived tests may result in a false-negative result 
for young children because they often do not create het- 
erophile antibodies even when infected with the Epstein- 
Barr virus. 


Because the symptoms of infectious mononucleosis 


are very similar to those of streptococcal pharyngitis, the 
health-care provider may order a throat swab collection 
for a group A strep screen to be collected at the same 
time that the sample is obtained for the mononucleosis 
test. Procedure 24-2 explains the testing process for a 
CLIA-waived mononucleosis test. 


Pregnancy Testing 


CLIA-waived tests for pregnancy are designed to react in 
the presence of human chorionic gonadotropin 
(HCG), a hormone that is found in urine or blood 
during pregnancy. The developing placenta secretes 
HCG, and most rapid test kits can detect the presence in 
the urine or blood just a few days after conception. 
CLIA-waived HCG tests provide a qualitative positive or 
negative result. Procedure 24-3 explains how to perform 
a CLIA-waived pregnancy test in more detail. 


Procedure 24-2: CLIA-Waived Mononucleosis Testing Using an OSOM 


Mononucleosis Testing Kit 








Infectious mononucleosis is diagnosed using laboratory 
data and clinical symptoms of sore throat, fever, and 
swollen lymph glands. A positive laboratory test indi- 
cates the presence of heterophile antibodies, which are 
present with the Epstein-Barr virus infection in most 
patients with acute infectious mononucleosis. 


TASK 


Perform mononucleosis testing using the CLIA-waived 
OSOM mononucleosis testing kit, manufactured by 
Genzyme. 


CONDITIONS 


¢ Hand sanitization supplies 
¢ Gloves 


Completed patient requisition form and _ patient 

chart 

Appropriate venipuncture supplies if a venous blood 

sample is to be used. EDTA or heparinized blood 

samples are acceptable. 

Supplies included in the test kit 

° Test stick 

¢ Test tube 

e Diluent 

* Positive and negative control material 

¢ Workstation 

¢ Capillary tubes and bulb for capillary blood 
samples 

Timer or watch 

Biohazardous disposal container 

Biohazardous sharps container 





Continued 
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Procedure 24-2: CLIA-Waived Mononucleosis Testing Using an OSOM 





Mononucleosis Testing Kit—cont’d 


Note: This test may be performed using a capillary 
blood sample or a sample obtained through venipunc- 
ture. Be certain to have the necessary supplies available 
for the method used for sample collection, as well as a 
biohazardous sharps disposal container and gloves. 
Either EDTA or heparin is an appropriate additive for 
venous samples for the OSOM mononucleosis test. 


CAAHEP/ABHES STANDARDS 


Pay CAAHEP Standards 


LP. Anatomy and Physiology, #15 Perform immunol- 
ogy testing II.PIIl. Applied Microbiology/Infection 
Control, #2 Practice Standard Precautions, #3 Select 


appropriate barrier/personal protective equipment 
(PPE) for potentially infectious situations 


S ABHES Standards 


¢ Perform selected CLIA-waived tests that assist with 
diagnosis and treatment, #4 Immunology, #6 Kit 
Testing 

¢ Dispose of Biohazardous Materials 





Procedure 


1. Verify test ordered on requisition. Greet and then 
identify patient. 


2. Sanitize hands, allow them to dry, and apply gloves. 


3. Gather necessary supplies. 





Rationale 


The requisition form should always be examined to 
be certain which test is ordered, and the patient iden- 
tity must always be verified before proceeding. 


Gloves protect the hands from exposure to potential 
bloodborne pathogens. Gloves should always be 
applied in the presence of the patient. 


Supplies must be within reach before staring the 
process so that the timing of the testing is accurate. 





Courtesy of Genzyme Corporation. 
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4. 


10. 


Procedure 


Verify whether quality control (QC) testing needs 
to be performed on the kit. If so, perform QC test- 
ing and verify validity of results before proceeding 
with patient testing. 


. Determine the method to be used for specimen 


collection. Collect the sample using appropriate 

techniques. 

a. Ifa capillary sample is to be tested, use the cap- 
illary tube and bulb supplied with the test kit. 
Follow appropriate procedures to fill the pro- 
vided capillary tube with blood. 

b. Blood obtained through venipuncture is 
acceptable, as long as it is collected into a tube 
containing EDTA or heparin. 


. Add the sample to the test tube. 


. Add one drop of diluent to the bottom of the test 


tube. Mix the diluent with the sample by gently 
moving the tube from side to side. 


. Remove a test stick from the container, and imme- 


diately recap the container. 


. Place the absorbent (testing) end of the test strip 


into the sample/diluent mixture in the bottom of 
the tube and leave the strip in place. 


Set a timer (or note the time on a watch) for 
5 minutes. 
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Rationale 


The frequency of the QC testing is based on the man- 
ufacturer’s and individual laboratory recommen- 
dations. Minimum recommendations from the 
Genzyme Corporation are that the positive and 
negative QC should be run with each new lot 
number and each new untrained operator. If the 
quality control results are not within the estab- 
lished range, patient testing cannot be performed 
until the problem has been solved. 


Capillary or venous whole blood may be used for this 
testing procedure. 


The capillary sample is the most common method of 
testing used in the physician office laboratory. 


Always follow appropriate venipuncture collection 
procedures. 


For capillary samples, use the bulb provided to add the 
entire contents of the capillary tube to the test tube. 
If a venous sample is to be tested, add one drop to 
the test tube, using the transfer pipettes included in 
the test kit. 

Samples must be at room temperature at the time of 
testing. 


Slowly add the diluent so that it goes to the bottom of 
the test tube. 


The test sticks must not be exposed to moisture. 
The container must not be left uncapped for an 
extended period of time. 


One end of the test strip is absorbent, and the other 
end is designed to be handled during the testing 
procedure. 


The test result is to be read at 5 minutes. Positive re- 
sults may be read earlier, as long as the red control 
line is present. 


Continued 
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Procedure 24-2: CLIA-Waived Mononucleosis Testing Using an OSOM 





Mononucleosis Testing Kit—cont’d 





Procedure 


11. At 5 minutes, observe the test stick for the test 
results. 

a. Ifa blue line and the red control line are pres- 
ent, the test result is interpreted as a positive. 

b. If the red control line is present, but no blue 
line is evident, the test is interpreted as a nega- 
tive result. 

c. If there is no red control line or if the back- 
ground in the testing area is not clear (white), 
the test is considered to be invalid, and must be 
repeated. 


12. Make note of the test result. 


13. Discard the pipette or capillary tube, testing 
strip, and test tube in the biohazardous disposal 
container. 


14. Sanitize the work area and put away supplies. 


15. Remove gloves and sanitize hands. 


16. Document the test results in the patient’s chart. 


Date 


Rationale 


It is important to pay close attention to the test stick to 
interpret the results appropriately. 
The red control line must always be visible for the test 


to be valid. 


Results are not to be reported as invalid. This is an in- 
dication that the test must be repeated with careful 
attention to the procedure. Quality control material 
should also be used to verify the performance of the 
test kit. 


It is not appropriate to chart the result while still wear- 
ing gloves that may be potentially contaminated. 


Because blood was used in the testing procedure, all 
contaminated material must be disposed of as bio- 
hazardous substances. 


The testing kit may be stored at room temperature. 
Follow laboratory protocol for storage of any un- 
used specimens. 


Hands must always be sanitized after removing gloves. 


All results must be documented in the patient’s chart. 





OF1S/20123: 


Mono test performed from capillary puncture. Results negative 











1:-SS a.m. 





Connie Lieseke, CMA (AAMA) 





In some situations, the HCG level in the blood or 
urine is not elevated enough to be detected by the rapid 
test procedure. This may be the case very early in preg- 
nancy when the placenta has not had an opportunity to 
secrete enough of the hormone for the test to be 
positive. When a woman has an ectopic pregnancy, the 
hormone levels may never be elevated enough to pro- 
duce a positive rapid test. In this situation, the health- 
care provider may order a quantitative HCG test, 
which provides a number representing the level of 
hormone present in the blood. If the quantitative HCG 
result does not increase over time, the pregnancy is 


usually not viable. In a normal pregnancy, the HCG 
levels should continue to increase until approximately 
3 months of gestation, at which time they will start to 
decline through the rest of the pregnancy. 


Helicobacter pylori Testing 


In 1982, it was discovered that most duodenal ulcers 
and many gastric ulcers were caused by a previously 
unknown bacteria, Helicobacter pylori. Until then, it 
was believed that ulcers were caused by stress, lifestyle, 
and food choices. Medications that reduced the produc- 
tion of stomach acid were often used to heal these ulcers, 
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but recurrence was common once the treatment ended. 
In 1982, pathologist Robin Warren discovered that at 
least 50% of the biopsies examined from ulcer patients 
exhibited small, curved bacteria in the area of inflamma- 
tion. Together with his partner, Barry Marshall, Warren 
provided evidence that these ulcers were caused by the 
bacteria he had observed and that the ulcers could be 
eradicated (without recurrence) with antibiotics and 
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medication to reduce the acidity of the stomach. The 
bacteria cause inflammation and weaken the stomach 
lining, allowing stomach acids and bacteria to penetrate 
the layers and cause a hole or ulcer. 

There are now numerous CLIA-waived rapid tests 
available to detect the presence of H. pylori. This bac- 
terium is unique, as it has been isolated only from 
humans. It is thought that the transmission usually 


Procedure 24-3: CLIA-Waived Urine HCG Testing Using the Beckman 


Coulter Icon 25 Testing Kit 





Human chorionic gonadotropin (HCG) is secreted by 
the placenta shortly after implantation of a fertilized 
ovum. It may be detected in the urine specimen 7 to 
10 days after conception, which may be as early as the 
first day of a missed menstrual period. 


TASK 


Perform urine HCG testing using the Beckman Coul- 
ter Icon 25 testing kit, and record the results appropri- 
ately. Complete all steps within 10 minutes. 


CONDITIONS 


e Hand sanitization supplies 

¢ Gloves 

¢ Completed patient requisition form and patient 
chart 

Supplies contained in test kit 

¢ Test devices 

Disposable transfer pipettes 

¢ Commercial quality control material 

e Timer or watch 

e Urine specimen collected in clean container 
Biohazardous disposal container 
Biohazardous sharps container 


Note: The HCG test kit may be used for urine testing 
or serum testing. The test is only CLIA—waived when 
performed using urine samples. 


CAAHEP/ABHES STANDARDS 





HED CAAHEP Standards 


LP. Anatomy and Physiology, #15 Perform immunology 
testing II.P.IIl. Applied Microbiology/Infection Con- 
trol, #2 Practice Standard Precautions I#3 Select 
appropriate barrier/personal protective equipment 
(PPE) for potentially infectious situations 


feE>- 
@ ABHES Standards 


Perform selected CLIA-waived tests that assist 
with diagnosis and treatment, #6 Kit Testing, a. 
Pregnancy 

Dispose of Biohazardous Materials 





Procedure 


1. Verify test ordered on requisition. Greet and then 
identify patient if present for collection. 


2. Sanitize hands, allow them to dry, and apply 
gloves. 





Rationale 


The requisition form should always be examined 
to be certain which test is ordered, and the 
patient identity must always be verified before 
proceeding. 


Gloves protect the hands from exposure to potential 
bloodborne pathogens. Gloves should always be 
applied in the presence of the patient. 





Continued 
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Procedure 24-3: CLIA-Waived Urine HCG Testing Using the Beckman 





Coulter Icon 25 Testing Kit—cont’d 





Procedure 


3. Gather necessary supplies. Supplies and samples 
must be at room temperature for valid test results. 


4, Verify whether quality control (QC) testing needs 
to be performed. If so, perform QC testing and 
verify validity of results before proceeding with 
patient testing. 


5. Examine the urine specimen. If it appears cloudy, 
centrifuge the specimen before testing. 


6. Remove the test device from the wrapper just prior 
to use. 


7. Place the test device on a flat stable surface. Place 
three drops of urine in the sample well (marked 
with an S) using the supplied transfer pipette. 


8. Set the timer (or note the time on a watch) to 
3 minutes. 





Rationale 


Supplies must be within reach before staring the 
process so that the timing of the testing is accurate. 





Courtesy of Beckman Coulter. 


The frequency of the QC testing is based on the man- 
ufacturer’s and individual laboratory recommenda- 
tions. The package insert for this testing procedure 
does not specify a minimum frequency for quality 
control testing. 


Excessive particulate matter needs to be removed from 
the specimen through centrifugation to ensure valid 
test results. The specimen should be collected in a 
clean container. 


The test device should not be exposed to room air (and 
potential exposure to moisture) for an extended 
period before use, as this may lead to an invalid test 
result. 


Avoid formation of air bubbles in the specimen during 
application. 


The sample results are not valid before 3 minutes have 


elapsed. 











m@) 0:35 / 2:49 
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Procedure 


9. At 3 minutes, observe the reaction area for the 
presence of red lines. 


a. A red line in the Control area in addition to the 
Test area is to be interpreted as a positive result. 

b. A red line in the Control area without the pres- 
ence of a red line in the Test area is to be inter- 
preted as a negative result. 

c. If there is no red line in the Control area, 
the result is not valid, and the test must be 
repeated. 


10. Make note of the test result. 


11. Discard the testing device and transfer pipette into 
the biohazardous trash. 


12. Put away the test kit, and store the specimen 
according to laboratory protocol. 


13. Sanitize the work area. 


14. Remove gloves and sanitize hands. 


15. Document the test results in the patient’s chart. 


Date 


Rationale 


The test results need to be read precisely at 3 minutes. 
A delay in reading the results may allow for 
slight color development to occur, which may be 
erroneously interpreted as a positive result. 


hCG 
sf 


BECKMAN 
[ COULTER 


Courtesy of Beckman Coulter. 


To bea valid test, there must always be a red line in the 
Control area at three minutes. 
Look carefully at the Test area before reporting a result. 


Invalid tests are not to be reported as such; this is an in- 
dication that the test must be repeated with partic- 
ular attention to procedural details. Quality control 
material should also be used to verify the perform- 
ance of the test kit. 


It is not yet appropriate to chart the result, as the oper- 
ator is still wearing gloves that may be potentially 
contaminated. 


The testing supplies were exposed to urine. 


The test kit may be stored at room temperature. 


The work area must always be sanitized before proceed- 
ing to other tasks. 


Hands must always be sanitized after removing gloves. 


All results must be documented in the patient’s chart. 





04/23/2013:| Urine HCE test performed. Results positive. Physician notified. 














Connie Liegeke, CMA (AAMA) 
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occurs early in life and that the microorganism is prob- 
ably passed directly from one person to another. The 
most common specimen used for H. pylori testing is 
whole blood, but there are also CLIA-waived kits avail- 
able for testing gastric biopsy specimens. Serum, plasma, 
and stool specimens may also be tested. 





Test Your Knowledge 24-6 

True or False: The presence of Helicobacter pylori in the 
stomach is linked to an infection of the lungs with the 
same bacteria. (Outcome 24-5) 





Influenzas A and B 


The Centers for Disease Control and Prevention (CDC) 
estimates that every year 5% to 20% of the U.S. popu- 
lation comes down with the seasonal flu. More than 
200,000 people are hospitalized with complications of 
this infection, and it leads to at least 36,000 deaths each 
year. Influenza flu viruses cause the flu. There are three 
types of human flu viruses, but only A and B are of 
clinical significance. Symptoms of the flu include fever, 
body aches, dry cough, headache, and sore throat. The 
duration of the symptoms may vary, but for many 
individuals the recovery time is a week or more. Human 
influenza C causes mild upper respiratory symptoms 
and is not vaccinated against. Yearly vaccination is rec- 
ommended for the majority of the population against 
influenzas A and B. 

Laboratory testing for identification and treatment of 
the flu virus is not always necessary. Many times the 
health-care professional will diagnose the patient with 
seasonal flu based on a clinical examination, and 
prescribe rest and symptomatic treatment. However, in 
situations in which the patient has other complicating 
factors (such as asthma, heart disease, or low immunity) 
it may be necessary to verify whether the patient is in- 
fected with influenza A or influenza B so that antiviral 
medications may be administered. Laboratory testing 
may also be indicated if the patient is living in a con- 
trolled, confined environment (such as a long-term care 
facility) so that the spread of the virus can be controlled 
with isolation of the patient and administration of 
antiviral medication. 

Influenza cultures will provide detailed, specific in- 
formation about the virus if it is present, but a culture 
result will usually take 3 to 10 days to be finalized, 
during which time the patient may be spreading the 
virus to others. Rapid CLIA-waived tests are a better 


option for the initial influenza screening, as the results 
are usually available within 15 minutes after collec- 
tion. Examples of CLIA-waived tests include Quick 
Vue and BinaxNOW. 

Many times the symptoms of the seasonal flu may 
mimic those of bacterial infections. Identification of 
the flu virus through rapid testing methods will also 
eliminate the use of unneeded antibiotics when bacter- 
ial infection is not present. All CLIA-waived testing 
methods, as well as the rapid tests that have been cate- 
gorized as moderately complex use nasopharyngeal 
swabs for influenzas A and B. Nasal swabs, nasal rinses, 
or nasal aspirates may also be acceptable for some test- 
ing methods. Ideally, the specimen will be collected 3 
to 4 days after infection is suspected. A viral culture 
may be indicated when an unexpected negative result is 
encountered, especially in situations in which the 
prevalence of the virus in the community is high. Blood 
testing may also be performed, using a method called 
reverse transcription polymerase chain reaction. This 
method is very sensitive and specific to the virus, and 
may allow for differentiation of variant strains present 
in the population. 





Test Your Knowledge 24-7 


When may a viral culture be indicated after a rapid 
influenza test is performed? (Outcome 24-4) 





HIV Testing 


Approximately one individual out of every five infected 
with HIV is unaware of his or her positive status, accord- 
ing to the CDC. It is also estimated that there are ap- 
proximately 40,000 new individuals infected by HIV an- 
nually in the United States. Historically, many of the 
individuals tested did not return to the health-care 
provider to receive their HIV results, so they were not 
treated appropriately, and continued to potentially 
spread the disease. 

In 2004, the FDA approved several rapid testing kits 
to be used for HIV testing. This development was signif 
icant because it facilitated access to early diagnosis and 
treatment. The patient is now able to visit a health-care 
provider for pretest counseling and have the test run 
while waiting for the results. Before leaving the office, 
the patient will be provided with a result (although pos- 
itive results are considered to be preliminary). The pa- 
tient is also given information about appropriate inter- 
pretation of their HIV status and instructions before 
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they leave. Only patients with a preliminary positive 
HIV screening test are required to return for their con- 
firmatory results. 





Test Your Knowledge 24-8 


What is an advantage of rapid HIV testing? 
(Outcome 24-4) 





There are currently four CLIA-waived test procedures 
available for HIV testing: 


1. OraQuick ADVANCED HIV-1/2 Antibody Test, by 
Orasure Technologies 

2. Uni-Gold Recombigen HIV Test, by Trinity BioTech 

3. Clearview HIV 1/2 Stat-Pak, by Inverness Profes- 
sional Diagnostics 

4, Clearview Complete HIV 1/2, also by Inverness Pro- 
fessional Diagnostics 


All four are CLIA waived for whole blood testing 
from capillary or venous samples. Several may also be 
moderately complex if serum or plasma is used for the 
test procedure. The OraQuick and Clearview methods 
are capable of detecting two strains of HIV. HIV-1 is the 
most common strain worldwide, but an additional strain 
(HIV-2) has been identified, especially in West Africa. It 
is important to remember that any presumptive positive 
HIV rapid test result must be confirmed with a western 
blotting test or a immunofluorescent assay before the 
patient is considered HIV positive. 

The newest CLIA-waived testing procedure for HIV 
(OraQuick) uses a sample of oral mucosal transudate 
rather than blood. Oral mucosal transudate is the fluid 
from the gums and cheek tissue. This method can bene- 
fit those patients who are reluctant to have their blood 
drawn for the test. The sample is obtained by handing 
the patient a special collection “paddle” and having him 
or her place it for a few seconds between the cheek and 
gum, after which it is rubbed over the gum area in the 
mouth. The end of the paddle that contains the speci- 
men is then placed in a tube that contains the reagent for 
the test. If HIV antibodies are present in the sample, the 
reaction indicator on the paddle will demonstrate a pos- 
itive result after 20 minutes. If the CLIA-waived rapid 
test is positive, another oral fluid specimen or a blood 
specimen must be collected for the confirmatory test. 
Negative test results are interpreted as a negative result 
for current HIV infection. 

Although some of the processes involved in the 
rapid HIV testing procedures may vary, because a 
positive HIV test result is clinically significant, all 
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rapid HIV testing procedures include specific federal 


requirements: 


1. All patients must receive an information sheet (in- 
cluded with the testing kit) that explains HIV/AIDS, 
the testing process, and what the results mean, and 
provides information about the confirmation of pos- 
itive results. Patients also sign a consent form before 
testing. 

2. Quality control (QC) testing (positive and negative 
control samples) must be performed as directed. 
This includes QC testing whenever a new operator 
uses the test kit (prior to testing patient samples), 
whenever a new lot goes into use, and whenever a 
new shipment is received (even if it is the same lot 
number). Quality control testing must also be per- 
formed if the storage temperature drops below 35°F 
or rises above 80°F, or if the testing environment 
drops below 59°F or rises above 99°F. Each labora- 
tory will also specify additional testing intervals for 
quality control. 








SUMMARY 


Immunologic-based rapid testing methods are com- 
monly used as diagnostic tools for various diseases. 
The tests will identify the presence of antigens or 
antibodies present in whole blood or other body flu- 
ids. Many of the rapid testing procedures are CLIA- 
waived lateral flow immunoassays that indicate a 
positive result through a color change on the result 
area of the kit. Some of the rapid tests are used 
for confirmative diagnostic information so that the 
patient can be treated appropriately as soon as 
possible, whereas others may be used as an initial 
screening test or to follow up after disease treatment. 
Additional testing procedures are sometimes 
warranted once the rapid testing procedures are 
complete. The manufacturer’s insert for the CLIA- 
waived rapid tests must always be followed closely to 
avoid erroneous results or invalid tests. 











TIME TO REVIEW 


1. Ifa test result is reported as positive Outcome 24-1 


or negative, the test is 
a. Qualitative 
b. Quantitative 
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. How do rapid testing methods save Outcome 24-2 
money for patients? 

a. Fewer office visits 

b. Inexpensive testing methods 

c. Less expensive antibiotics 


d. aandb 


. Ifa rapid test for HIV is positive, Outcome 24-4 
what is the required follow-up testing procedure? 

a. HIV culture 

b. AIDS test 

c. Immunofluorescent assay or western blot test 

d. Neutrophil blood count 


. True or False: A negative urine Outcome 24-5 
HCG test always means that the patient is not 
pregnant. 


. When performing a group Outcome 24-6 
A strep screen, where should the sample be collected 
from the patient? 

a. Tonsillar area and the back of the throat 

b. Tonsillar area and the tongue 

c. Gum line 

d. Nasopharynx 


. How is an infection of Outcome 24-5 
Helicobacter pylori treated? 

a. Surgical correction 

b. Antiseptic suppositories 

c. Antibiotics and acid reducing medications 


d. None of the above 


. Which of these may be an order Outcome 24-5 


for a mononucleosis test? 
a. BTA 

b. Influenza A 

c. Heterophile 

d. GAS 





Case Study 24-1: CLIA-waived testing procedures 


James works as a “float” medical assistant at Briarcreek 
Medical Center. Today he has been assigned to work 
in the laboratory area at the busy obstetric/gynecology 
office of Dr. Stanton. The first patient of the day has a 
requisition with an FSH and a LH ordered, which both 
require serum for processing. James draws two tiger 
top tubes, thanks the patient, and cleans up his work 
area. Right after the patient leaves, Dr. Stanton tells 
James that he would also like a STAT pregnancy test to 
be performed on this patient. 


1. Is it possible for James to perform a STAT HCG test 
on the specimen that he has in the laboratory? 
2. What may keep James from performing the test? 





RESOURCES AND SUGGESTED READINGS 


“Tests Granted Waived Status under CLIA” https://www.cms. 
gov/CLIA/downloads/waivetbl.pdf 

“Helicobacter pylori Fact Sheet for Health Care Providers” 
Information about Helicobacter pylori infection and treat- 
ment http://www.cdc.gov/ulcer/files/hpfacts.PDF 

“Getting Tested” 
San Francisco AIDS Foundation, “HIV Testing” 
http://www.sfaf.org/aids101/hiv_testing.html#urine 

“Evaluation of Rapid Influenza Diagnostic Tests for Detection 
of Novel Influenza A (H1N1) Virus—United States, 2009” 
CDC Morbidity and Mortality Weekly Report, August 8, 
2009 http://www.cde.gov/mmwr/preview/mmwrhtml/ 
mm5830a2.htm 
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Section VI 
Immunology 
What Does It All Mean? 





As this section clearly points out, immunology is an 
important aspect of laboratory testing that spans all of 
the other laboratory disciplines. Immunologic connec- 
tions are often associated with advances, new discov- 
eries, and findings in the field of medicine. Perhaps 
the most important concept in immunology testing is 
antigen-antibody complexes, that is, when antibodies 
targeted against specific antigens find them and bind 
together. Visualization of these complexes, as seen in 
the laboratory, is known as agglutination. 


Case in Point 


It was noted in the case of little PJ. that his strep 
screen test was negative, meanng that no agglutina- 
tion was seen. Most strep screen tests are designed 
to detect group A streptococci antigens when pres- 
ent. A negative test indicates that the antigens being 
sought were not present. Because throat infections of 
this type may be caused by other bacterial or viral 


agents, the best step to take at this juncture is to sub- 
mit a new, fresh specimen to the laboratory for micro- 
bial culture. Note that, in this case, if the strep screen 
was submitted to a clinical laboratory, it would likely 
be performed either in the microbiology area, be- 
cause the test is looking for a microbiological agent 
or in a section dedicated to immunologic testing. The 
location of such tests being performed depends on 
the organization of the laboratory. Rapid tests such 
as the strep screen have revolutionized laboratory 
testing in terms of time and resources. In the case of 
strep screen results, what used to take 48 hours or 
more to complete is now available in about 10 min- 
utes. Furthermore, because some of the rapid tests 
have been deemed CLlA-waived , trained medical 
assistants and other primary health-care providers 
can perform these tests in a physician office setting. 
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Appendix A 


Reference Ranges 





Fasting plasma glucose 





70-100 mg/dL 





2-hr PP glucose 


Less than 140 mg/dL 





Glycosylated hemoglobin 
(HbA1c} 


Nondiabetic 
Diabetes, well controlled 


Diabetes, well controlled 


5% 
2.5%-6% 
>8% 





Low-density lipoprotein (LDL) 


Less than 100 mg/dL 




















From the American Diabetes Association. 







































































Alanine aminotransferase (ALT) 10-35 U/L 
Albumin (Alb) 3.5-5 g/dl 
Alkaline phosphatase (ALP) 42-136 U/L 
Amylase 30-70 U/L 
Aspartate aminotransferase (AST) = 0-35 U/L 
Bilirubin, total (TBili) 0.3-1 mg/dL 
Blood urea nitrogen (BUN) 10-20 mg/dL 
Brain natriuretic peptide (BNP) 0-100 ng/L 
Calcium (Ca) 8.2-10.5 mg/dL 
Carbon dioxide (CO,) 22-30 mEq/L 
Chloride (Cl) 96-106 mEq/L 
Cholesterol, total (Chol) Less than 

200 mg/dL 
Creatine kinase (CK), aka 55-170 U/L 

Creatine Phosphokinase (CPK) 

Creatinine (Creat) 0.6-1.2 mg/dL 
Erythropoietin 5-35 IU/L 
Ferritin, adult 10-150 ng/mL 
High-density lipoprotein (HDL) Greater than 

50 mg/dL 
Iron, serum adult 35-165 meg/db 
Lactate dehydrogenase 100-190 U/L 

(LD, LDH) 

















Magnesium 1.6-2.2 mg/dL 
Myoglobin Less than 90 pg/L 
Potassium (K) 3.5-5.0 mEq/L 
Phosphorus, adult 2.5-4.5 mEq/dL 
Phosphorus, child 4.5-6.5 mg/dL 
Sodium (Na) 136-145 mEq/L 
Thyroid-stimulating hormone 

(TSH) 0.4-4.2 pU/mL 
Thyroxine (TA) A.5-11.2 pg/dl 
Triglyceride (Trig) Less than 150 mg/dL 





Triiodothyronine (T3) 





75-220 ng/db 



























































Appearance and color —_ Clear; straw to yellow in color 

oH 4.6-8.0 

Protein 2-8 mg/dl (negative to 
trace) 

Specific gravity 1.005-1.030 

Leukocyte esterase Negative 

Nitrite Negative 

Glucose Negative 

Ketones Negative 

Leukocytes Negative 

Blood Negative 

Urobilinogen 0.1-1.0 mg/dL 

White blood cells 3-4/hpf 

White blood cell casts © Negative 

Red blood cells 1-2/hpf 

Red blood cell casts Negative 

Crystals Few/negative 








49] 


492 


1899_Appendix A_491-492 22/12/11 2:14PM Page 492 


Appendix A Reference Ranges 





Reference Ranges for Hematology 


Reference Ranges for Coagulation 




















Red blood cell, male 4.6-6.2 x 106 
cells/pL 
Red blood cell, female 4.2-5.9 X 
108 cells/pL 
Hemoglobin, male 13-18 g/dL 
Hemoglobin, female 12-16 g/dL 








Hematocrit, male 


A5%-52% 





Fibrinogen 150-400 mg/dL 
D-dimers <250 ng/mL 
Prothrombin time 11-13 sec 
Activated partial thromboplastin 25-31 sec 

time 
Bleeding time (Ivy method) 1-9 min 








Hematocrit, female 


37%-A8B% 





White blood cell count 


4,300- 
10,800 cells/mm? 




















Neutrophils 54%-65% 
Lymphocytes 25%-A0% 
Monocytes 2%-8% 
Eosinophils 1%-A% 
Basophils 0%-1% 
Platelets 150,000- 
450,000/mm3 





Reticulocyte count, adult 


0.5%-1.5% of all RBCs 





Reticulocyte count, child 


0.5%-2.0% of all RBCs 








Erythrocyte sedimentation 


rate 


Adults: males younger 
than 50 years 


Adults: males older 
than 50 years 


Adults: females younger 


than 50 years 


Adults: females older 
than 50 years 


Children: 6 months-12 years 


<15 mm/hr 
<20 mm/hr 
<20 mm/hr 
<30 mm/hr 


3-13 mm/hr 
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Appendix B 
Test Your Knowledge Answers 





Chapter | 1-10. The three phases of laboratory testing include the pre- 
analytical phase, the analytical phase, and the post- 
analytical phase. (Outcome 1-10) 

1-11. The preanalytical phase. This error occurred prior to 

1-2. The microbiology department would test the patient the performance or reporting of the test results, so it 


specimen to identity the microorganisms present in is included with the preanalytical phase of testing. 
the wound. (Outcome 1-3) (Outcome 1-11) 


1-3. b. The test is being performed to see if the patient is 
developing diabetes so that the disease can be treated Chapter 2 
early, or prevented if possible. (Outcome 1-4) 


1-1. Reference laboratories have the most tests available. 
(Outcome 1-2) 


1-4. False. Medical assistants may work in specimen pro- 2-1. Yes, a physician assistant may serve as a laboratory 
cessing or as laboratory assistants performing a vari- director in a physician office laboratory. (Outcome 2-2) 
ety of duties in microbiology, histology, and the like. 2-2. Yes, this is a role often assumed by a medical technol- 
They may also work as phlebotomists if that labora- ogist. (Outcome 2-3) 
tory provides this service. Medical assistants may also 2-3. A phlebotomist (in most states) is not required 
perform CLIA-waived or moderate-complexity tests to have specific credentials gained by a national 
with appropriate training. (Outcome 1-5) examination or formal education. A phlebotomist is 

1-5. Yes, as long as the training is appropriate and they required to have a high school education (or the 
have been designated as CLIA-waived or moderate- equivalent) and documented training in phlebotomy. 
complexity tests. (Outcome 1-5) (Outcome 2-4) 

1-6. There are various correct answers to this question. 2-4. No, they are not limited to drawing blood. They can 
One reason is so that the results can be delivered or perform a variety of duties, as long as there is 
transmitted to the correct health-care provider upon documented training for these expanded duties. 
completion. Another reason may involve reimburse- (Outcome 2-5) 
ment. Insurance companies require the name of 2-5. CLIA ‘88 was designed to ensure reliable, accurate, 
the ordering practitioner for successful payment. and timely laboratory results. (Outcome 2-6) 
(Outcome 1-6) 2-6. The minimum level of education is as follows: 

1-7. The ABN allows patients who have Medicare as their a. High school graduate (or the equivalent) 
primary insurance to make an informed decision b. Same, but additional documented training (on the 
about whether they want to have laboratory tests job is sufficient) 
performed that may not be reimbursed. The form of- c. Atleast an associate degree in a laboratory-based 
fers an opportunity for the patient to refuse the test, curriculum. (Outcome 2-7) 
or to accept the fee and have the test performed any- 2-7. Assignment of complexity levels takes into account the 
way. (Outcome 1-7) difficulty of the actual test performance (how many 

1-8. To verify specimen requirements, tube stopper colors steps involved, etc.) as well as the clinical significance 
to be drawn, or any special handling procedures nec- of the test results. (If the test was reported incorrectly, 
essary for the test ordered. (Outcome 1-8) what impact would it have on the patient and his or 

1-9. They both contain important patient information, as her treatment?) (Outcome 2-7) 
well as the name of the ordering practitioner. They are 2-8. A clinical laboratory scientist with four years of edu- 
both critical parts of the process, and both must be cation could perform any level of testing as desig- 
used for quality patient care. (Outcome 1-9) nated by CLIA. (Outcome 2-8) 
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2-9. 


Appendix B_ Test Your Knowledge Answers 


The U.S. Food and Drug Administration assigns the 
categories to the laboratory tests. (Outcome 2-9) 


Chapter 3 


3-1. 


3-2. 
3-3. 


3-4. 


3-14. 


3-15. 
3-16. 
3-17. 


3-18. 
3-19. 


Viruses, fungi, and parasites are examples of other 
types of microorganisms. (Outcome 3-2) 

No. (Outcome 3-3) 

They appear different under the microscope. Staphy- 
lococci appear in clusters, and diplococci appear in 
pairs. (Outcome 3-4) 

Bacilli appear as ovals or rod-shaped organisms. 
(Outcome 3-4) 


. Viruses have a different cellular makeup than 


bacteria; bacteria have cell walls and membranes, 
and contain various structures that allow them to 
survive and reproduce. Viruses have genetic mate- 
rial contained in a protein capsule, and depend on 
the cells of other living organisms to reproduce. 
Viruses are much smaller than bacteria. Antibi- 
otics work to destroy bacteria, but not on viruses. 
(Outcome 3-5) 


. No, it is just medically aseptic, with most of the bacte- 


ria destroyed, with a special emphasis on pathogens. 
(Outcome 3-6} 


. By washing their hands. (Outcome 3-7) 


She has broken the chain at the point of a susceptible 
host; she is no longer able to be affected by hepatitis 
A. (Outcome 3-7) 


. Everyone is considered infectious. (Outcome 3-8) 


Hand washing. (Outcome 3-8) 

Alcohol-based hand rubs. (Outcome 3-9) 

Before eating or drinking, after removing gloves, 
between patients, when visibly contaminated. 
(Outcome 3-10) 


. So that the health-care worker doesn’t contaminate 


his or her hands again by touching the dirty handles. 
(Outcome 3-10) 

She touched the phone with her gloved hand; her 
gloves may be contaminated with pathogens and 
should be removed before she touches the phone or 
puts her hand near her face. (Outcome 3-9) 

A laboratory coat and gloves. (Outcome 3-9) 
Employees. (Outcome 3-11) 

The laboratory assistant may look at the label on the 
container; it is required to contain the manufacturer's 
information. (Outcome 3-13) 

There are nine required components. (Outcome 3-12) 
The NFPA labels provide information about flamma- 
bility, reactivity, health hazards, and other specific 
hazards for the chemical. They are color coded and 


3-20. 


3-21. 


3-22. 


3-23. 


3-24. 


3-25. 


3-26. 


3-27. 


3-28. 


3-29. 


have numeric symbols to indicate the severity of the 
hazard. (Outcome 3-14) 

The letters are assigned to the fire extinguishers to 
indicate what type of fire they should be used to 
extinguish. (Outcome 3-14) 

Other potentially infectious materials include semen, 
vaginal secretions, cerebrospinal fluid, pericardial 
fluid, pleural fluid, etc. (Outcome 3-16) 

False. It was designed to protect health-care employees. 
(OQutcome 3-15) 

Determination of the employee risk of exposure, 
education, and implementation of appropriate use of 
personal protective equipment and other means to 
reduce the potential exposure of the employees; 
hepatitis B vaccination; postexposure evaluation pro- 
cedures; and ongoing communication of hazards. 
(Outcome 3-17) 

No; this is why it is so important to find out how fo use 
the one that is in place at your worksite. (Outcome 3-18) 
No; much of the waste generated in a laboratory is 
routine office waste, such as paper. (Outcome 3-19) 

No. Hepatitis, or inflammation of the liver, can be 
caused by a variety of disease states. Viral hepatitis 
still has several forms; hepatitis A in particular is not 
a bloodborne pathogen. (Outcome 3-20) 

They are both bloodborne pathogens, they are 
both caused by viruses, and they both have long- 
lasting effects on the body that may be or are fatal. 
(Outcome 3-20) 

She should immediately rinse them out with water. 
(Outcome 3-21) 

True. (Outcome 3-21) 


Chapter 4 


4-1. 


4-3. 


4-4. 
4-5. 


Both include documentation, both affect the quality of 
the test results, both involve employees, both involve 
written procedures, and both may involve external 
quality controls. (Outcome 4-2) 


. Incorrect laboratory results may result in improper 


treatment for the patient. Patients may not receive the 
necessary treatment, or they may be treated incor- 
rectly based on the inaccurate results, leading to seri- 
ous consequences. (Outcome 4-3) 

No, they do not. They may provide information about 
whether the instrument is operating correctly, but they do 
not let you know whether a test is valid. (Outcome 4-4) 
d,a, and c. (Outcome 4-4) 

Cindy is following the procedure as she was taught; this 
means that the manufacturer's instructions may have 
changed since she was trained. Additional explanations 





1899_ Appendix B_493-504 22/12/11 2:15 PM Page 495 


may include the use of blood for a kit for which urine 
is the required specimen, or using an expired kit or 
one that has been stored incorrectly. This scenario 
stresses the need to follow the package insert instruc- 


tions. (Outcome 4-6) 


4-6. Without a date, there is really no reason to docu- 
ment the result, as it is not evident when the test 
was performed and which patient results were 
dependent on that result as verification that the test- 
ing device or instrument was working correctly. 


(Outcome 4-7) 


4-7. No, it is not used to document qualitative results, only 
quantitative. It would not be possible to use this sort of 
chart to document positive and negative answers, as 
it is designed to show an acceptable range of results 
for a specific test. (Outcome 4-7) 

4-8. A calibration sample has a known value, not a known 
range of acceptable values. Once the calibration 
specimen is tested, the instrument is adjusted until it 
reads precisely the known value. A quality control 
specimen has a known range of values, and it is 
designed to show that the machine is within calibra- 


tion. (Outcome 4-8) 


4-9. It is not required for all laboratories. Those that per- 
form only CLIA-waived tests are not required to per- 
form proficiency testing, although some sort of 
outside verification of performance is recommended. 


(Outcome 4-8) 


4-10. The most important step that a medical assistant can 
take is to follow the manufacturer's instructions specif- 


ically. (Outcome 4-8) 


Chapter 5 


5-1. Enforcement: Laws are enforced by governmental 
agencies, and those who are noncompliant may be 
punished financially or even imprisoned. Ethics are 
not enforced or punished in the same way. 


Creation: Laws are created by government agencies; 
ethics are either created personally by the individual based 
on morals and values or they are created by a professional 


organization. (Outcome 5-2) 


5-2. b. Implied consent. (Outcome 5-3) 

5-3. Yes, she has the right to get a copy of her medical 
record, although she might have to wait for it to be 
copied. No, it is not all right for her to take the entire 
original record from the office. (Outcome 5-4 and 


Outcome 5-5) 


5-4. No; assault means the threat of injury, not the actual 


injury. (Outcome 5-1) 
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5-5. 


5-7. 


5-8. 


5-10. 


An intentional tort means that a wrong was commit- 
ted by one person against another person intention- 
ally, or on purpose. An unintentional tort is a case of 
accidental wrongdoing. (Outcome 5-6) 


. A medical assistant is certainly liable, and it is 


possible for him or her to be sued for malpractice. 
(Outcome 5-7) 

No, the scope of practice may change state to state, 
depending on the laws for a particular state. 
(Outcome 5-8) 

No, it also includes the portability of health insurance, 
and the method in which health-care information is 
transmitted for reimbursement, as well as standardi- 
zation of health-care information. (Outcome 5-9) 


. Several standards are presented in the AAMA code 


of ethics, including respecting patients, keeping confi- 
dential information confidential unless it is required 
by law, upholding high principles of the profession, 
being a life-long learner, and being involved in the 
community. (Outcome 5-10) 

This is most definitely an example of risk manage- 
ment, as appropriate documentation is very important 
to avoid potential legal issues. (Outcome 5-11) 


Chapter 6 


6-1. 
6-2. 


6-3. 


6-4. 


6-10. 


d. Compound microscope. (Outcome 6-2) 

The stage is the surface where the slide is placed for 
observation/examination. (Outcome 6-3) 

The condenser concentrates the light from the light 
source. (Outcome 6-3) 

False; this outcome should be cleaned last. 
(Outcome 6-4) 


. c. Lens paper. (Outcome 6-4) 
. The coarse adjustment knob should be used first. 


(Outcome 6-5) 


. No, the stage should not be moved once the specimen 


is in focus with a lower magnification when changing 
from one outcome to another. (Outcome 6-5) 


. b. Electron microscope. (Outcome 6-2) 
. Generally, medical assistants do not perform micro- 


scopic examinations in which they are identifying differ- 
ent formed elements in a specimen. However, with ap- 
propriate training, a medical assistant may be able to 
perform a normal manual differential count, and also to 
perform urine microscopic examinations. (Outcome 6-6) 
Answers may vary, but they may include cleaning the 
centrifuge, using a tachometer to monitor the rpms, 
checking the centrifuge for any cracks or discol- 
orations, and checking the electrical system for wear. 
All these procedures would, of course, be docu- 
mented. (Outcome 6-7) 
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6-11. Whenever the centrifuge is used, a container of simi- 
lar size with the same volume of liquid must be placed 
across from the specimen before turning on the 


centrifuge. (Outcome 6-7) 


6-12. Temperatures should be monitored at least daily. In 
situations in which the temperature control is critical 
(as in blood bank facilities), the temperatures must be 
monitored continuously. In these critical situations, an 
alarm system is also in place to verify that the temper- 
ature stays within the established range for that 


storage unit. (Outcome 6-8) 


6-13. Answers may vary, but could include the following: 
On-site testing allows for a definitive diagnosis to 
be established as well as a plan of treatment while 


the patient is still in the office. 


less expensive. 


(Outcome 6-10) 


6-14. This method of measurement uses an electrical cur- 
rent. When the specimen is passed through an aper- 
ture that runs between the two electrodes for the 
current, the number, size, and other characteristics of 
the cells in the specimen can be measured. The 
amount of disruption (or impedance) to the electrical 
current provides the information needed for the 


measurement. (Outcome 6-11) 
6-15. d. Whole blood. (Outcome 6-13) 


6-16. Yes, the results are visible on the screen of the instru- 
ment, and often the instrument is capable of printing the 
results at the time of the test as well. (Outcome 6-13) 

6-17. The Cholestech LDX is a common CLIA-waived instru- 
ment used for cholesterol testing in the physician of- 


fice laboratory. (Outcome 6-14) 


6-18. No, it is not measured from intact red blood cells. The 
cells must be broken (or lysed) before the hemoglobin 
test can be performed. (Outcome 6-15) 

6-19. No, the glucometer is an instrument used to test glu- 
cose levels in the blood, which is a type of chemistry 
test, not a hematology test. (Outcome 6-14) 


6-20. d. Meniscus. (Outcome 6-17) 
Chapter 7 


7-1. Demographic information, documentation of test 
ordered, ICD-9 codes, last dose of medication if a 
drug level is ordered, type of fluid to be tested, wound 
source, date of testing, name of ordering physician. 


(Outcome 7-2) 


7-2. Both types of panels are designed to assist the health- 
care provider with an easier diagnosis by grouping 


CLIA-waived tests performed in the office may be 


Patients are often more compliant because the tests 
can be performed in the office during an office visit. 


7-3. 


7-4, 


7-5. 


7-7. 


7-8. 


7-9. 


tests that complement one another in a panel. 
(Outcome 7-3) 

This is not an acceptable order, because standing 
orders cannot be extended for more than a year. 
(Outcome 7-4) 

No repeat collections needed, quicker opportunity for 
diagnosis, faster treatment. (Outcome 7-5) 

No, it should not because there is no way of verifying 
if it is the armband that belongs to the patient who is 
in the bed. (Outcome 7-6) 


. The medical assistant should ask him if he has had 


coffee in the past 12 hours before she begins the 
blood draw. (Outcome 7-8) 

The reference ranges for most laboratory tests are 
dependent on many factors, including the collection 
method. Reference ranges for arterial blood are dif- 
ferent from those of venous specimens, which are 
different from capillary specimens. In addition, the 
reimbursement for the collection may be different 
for the various types of blood specimen collections. 
(Outcome 7-10) 

Initials or identification of the person who has col- 
lected the specimen, date and time of collection, pa- 
tient name, and unique identifier (such as patient ID 
or birth date). (Outcome 7-12) 

The specimen has a special label placed over the top 
of the container that is tamper evident. Also, the chain 
of custody form provides documentation of all those 
who had access fo the specimen. The specimen should 
be kept in a locked area with limited access when it 
is not in the possession of a laboratory employee. 
(Outcome 7-13) 


Chapter 8 


8-1. 


8-2. 


8-3. 


8-4, 
8-5. 


The heart, arteries, veins, and capillaries. 
(Outcome 8-1) 

Arteries have a pulse, veins do not. Arteries carry 
bright red blood that has just been oxygenated, 
whereas the blood in veins is darker. Veins have 
valves to help the blood to move in one direction; 
arteries have blood pulsing through and do not 
need the valves. Upon palpation, they feel differ- 
ent—the arteries are a bit stiffer; veins are spongier. 
(Outcome 8-3) 

No. Capillaries are much smaller; they are micro- 
scopic in size. (Outcome 8-4) 

The antecubital area. (Outcome 8-5} 

No. They are also performed on the heel when draw- 
ing an infant. (Outcome 8-6) 
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8-6. 


8-7. 


8-9. 


8-17. 


Not always; there are times when there is no other 
choice, so certain precautions have to be taken 
before drawing the blood near a site at which an IV 
is running. (Outcome 8-7) 

The edema can add additional fluid to the sample, 
causing erroneous results. There is an increased 
chance of infection, and the blood draw may be very 
difficult. (Outcome 8-7) 


. Needle, tubes, sharps biohazardous disposal con- 


tainer, gauze, alcohol pads, tube holder or syringe, 
gloves. (Outcome 8-8) 

No. The ones used for the evacuated tube system have 
two ends that are sharp; syringe needles have 
only one end that is sharp, and they screw onto the 
syringe. Butterfly systems have needles that are 
much shorter and attach to a long piece of tubing. 
(Outcome 8-8) 


. Because they have the air removed from the tube to 


create a vacuum and allow the blood to enter without 
any additional “pulling” action. (Outcome 8-8) 


. The stoppers are color coded to indicate the type 


(or absence of) additives. (Outcome 8-10) 


. To avoid potential crossover contamination from one 


type of tube to another. This contamination may cause 
erroneous results. (Outcome 8-11) 


. Because the reference ranges are different for each 


type of blood specimen. The capillary specimens 
generally have more fluid contamination so the results 
may be much different. (Outcome 8-13) 


. No, it is not. The capillary samples don’t have the 


potential contamination issues from each tube that the 
venipuncture procedures have, so the order of draw is 
based more on the tubes that might clot accidentally 
if they are left unattended too long. (Outcome 8-11) 


. Proper patient identification procedure is the most 


important aspect. (Outcome 8-14) 


. The specimens must be drawn into a tube that does 


not contain anticoagulant. After the draw is complete, 
the sample must sit for at least half an hour undis- 
turbed at room temperature to allow for a clot to 
form. After a clot has formed, the sample can be 
centrifuged for at least 10 minutes so that complete 
separation can occur. Finally, the serum may be sep- 
arated using various techniques. (Outcome 8-17) 

Serum does not contain clotting factors, as they are 
used up in the blood clot. Plasma does contain the 
clotting factors. Serum is taken from a tube that does 
not contain anticoagulant. Plasma is taken from a 
tube that contains anticoagulant. (Outcome 8-18) 


. False. Tests that require whole blood must be thor- 


oughly mixed prior to testing. (Outcome 8-17) 
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8-19. 
8-20. 
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d. All of the above. (Outcome 8-19) 

False. The angle at which the needle is inserted for 
venipuncture plays a significant role in the success 
of the procedure and avoidance of the negative 
outcome. (Outcome 8-20) 


Chapter 9 


9-1. 


9-2. 


Diagnosis of urinary tract infections, chemical analy- 
sis. (Outcome 9-2) 

Labeling procedures, documentation of medication, 
documentation of collection times for specimen, com- 
munication to the patient for collection procedures. 
(Outcome 9-2) 


. To avoid external contaminants which may lead to 


a misdiagnosis and incorrect patient treatment. 
(Outcome 9-2) 


. The urine specimen container should be labeled 


before it is given to the patient. (Outcome 9-6) 


. A straight or intermittent catheterization procedure is 


used to collect a urine specimen for culture, if needed. 
(Outcome 9-3) 


9-6. The patient should be told not to urinate directly into 
the container. (Outcome 9-7) 

9-7. The first morning void specimen is collected immedi- 
ately after waking up. The 24-hour urine specimen is 
collected over 24 hours. (Outcome 9-3) 

9-8. Because it is not possible to control the urination times 
of an infant, the device has to be ready to collect the 
specimen whenever it is generated. (Outcome 9-3) 

9-9. Because microscopic pathogens may be present, 
and OSHA recommends that gloves are worn when- 
ever there is a potential for exposure to body fluids. 
(Outcome 9-4) 

9-10. The bacterial count. (Outcome 9-5) 

Chapter 10 

10-1. Pathogen. (Outcome 10-1) 

10-2. Specimen source, patient name, name or ID for col- 
lector, date, and time of collection. (Outcome 10-2) 

10-3. Ideally, the sample should be collected before the antibi- 
otic therapy has been initiated. (Outcome 10-2) 

10-4. It may differ in the form that it takes (liquid versus 
solid), the container it is provided in, and by how 
selective it may be for specific types of samples. 
(Outcome 10-3) 

10-5. Bacterial samples will grow more quickly than the 
other types listed. (Outcome 10-4) 

10-6. No, this will contaminate the specimen with organ- 


isms that were not present in the area of specimen 
collection. (Outcome 10-2) 
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10-7. 


10-8. 


10-9. 


10-10. 


10-11. 


10-12. 


10-13. 
10-14. 


10-15. 
10-16. 


10-17. 


Appendix B_ Test Your Knowledge Answers 


They both use swabs for their collection, and they 
are both collected from the same area at the back 
of the throat. Also, the PPE used for both types of 
collection is the same. (Outcome 10-5) 

No, it is best to collect two swabs, as one is 
used for the strep screen and one is used for 
the culture. If one swab is collected and the culture 
is set up before the strep screen is performed, 
there is a chance that the strep screen could 
produce a false negative because of an insufficient 
sample volume. If the strep screen is performed 
first, the culture cannot be set up from the swab 
afterward, as there are chemicals added to the 
swab that would affect the bacterial growth. 
(Outcome 10-5) 

No, they are not. Ideally, for both types of collec- 
tions, the medical assistant will touch areas that 
appear most inflamed, and if there are any white 
pustules, those will be areas to target as well. 
(Outcome 10-5) 

Many of the pathogens present in the sputum of 
infected patients are spread by droplets while the 
patient is coughing or sneezing. Collection of the 
sputum specimen in the waiting area could poten- 
tially expose all those who are present and even 
those who follow, as the droplets may land on 
surfaces that they touch. Sputum specimens should 
be collected in a private area; it is recommended 
that the patients collect them in the privacy of their 
home. (Outcome 10-6) 

a. Specimens taken from indwelling catheters. 
(Outcome 10-7) 

The bottles include different nutrition sources and 
additives. One bottle is designed to encourage the 
growth of aerobic microorganisms, whereas the 
other is designed for anaerobic microorganism 
growth. (Outcome 10-8) 

b. Two times (Outcome 10-8) 

The CSF tubes must be marked according to their 
order of collection. This allows the laboratory to 
process them appropriately when performing chem- 
istry, hematology, and microbiology testing proce- 
dures. (Outcome 10-9) 

c. Swabs (Outcome 10-10) 

False. It is definitely advisable to wash a wound 
before collecting a culture specimen, so that any 
extraneous (transient) microorganisms are washed 
away from the area. (Outcome 10-11) 

It is important because stool specimens include a 
great deal of normal flora. The media used for this 


10-18. 


10-19. 


10-20. 


10-21. 


10-22. 


10-23. 


10-24. 


10-25. 
10-26. 


type of specimen encourages the growth of the path- 
ogenic microorganisms that are present in the Gl 
tract, while discouraging the growth of the normal 
flora to avoid overgrowth. This is more important for 
stool specimens than it is for any other type of spec- 
imen because the normal flora occurs in such high 
numbers. (Outcome 10-12) 

It reduces the discomfort of using a dry swab in the 
eye; these patients usually are already in pain from 
the eye infection. (Outcome 10-13) 

a. Otitis externa. This is often linked to swimming or 
introduction of liquid to the ear canal, as can occur 
in bathing or showering. (Outcome 10-14) 

No, fungal infections can occur in any area of the 
body. (Outcome 10-15) 

KOH preps and wet mounts are similar in that they 
are used for examination of microorganisms in 
their living state, without preservative or staining. 
Ideally, the movement of the organisms can be 
evaluated, as well as the morphology. They are 
also similar in that both methods may be used to 
examine samples taken from the same areas of the 
body. KOH preps are different from wet mounts 
because the KOH prep is designed specifically to 
clear away all elements from the sample that are 
not fungal in nature; the wet mount allows for 
examination of everything in the specimen. 
(Outcome 10-16) 

a. The O&P collection procedures include contain- 
ers with preservative solution, but the stool culture 
samples procedures do not. (Outcome 10-17) 

To collect the sample for detection of pinworms or 
their ova, clear adhesive tape is pressed against the 
rectum to pull out the worms or eggs. The adhesive 
tape is then placed on the slide to be examined 
under the microscope. (Outcome 10-18) 

The two different types of stains allow for bacteria 
to be differentiated with the staining procedure. By 
using two different colors of stains, it is possible to 
identify bacteria as gram positive (those that absorb 
the purple stain in their cell walls) or gram negative 
(those that absorb the pink counterstain in their cell 
walls). If only one stain were used, it would not al- 
low a chance to examine the bacteria that did not 
absorb the initial stain, as they would be colorless. 
(Outcome 10-19) 

d. All of the above. (Outcome 10-20) 

Antibiotic discs are used to apply different types of 
antibiotics to the bacteria so that the microbiologist 
can determine which antibiotic may be most effective 
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to treat the infection. The antibiotics that do not 
allow the bacteria to grow close to their borders are 
more effective in treating that specific bacteria than 
are those antibiotics that allow the growth to con- 
tinue right up to their borders. (Outcome 10-21) 
C&S means “culture and sensitivity.” This is a pro- 
cedure in which the specimen is cultured and the 
infection-causing pathogen is identified Then an 
antibiotic sensitivity is performed to determine 
which medication is most effective for use. A C&S 
is not performed for viral or fungal cultures, as an- 
tibiotics are not used to treat these infections. 
(Outcome 10-22) 


Chapter 11 


11-1. 


11-10. 


Erythrocytes, leukocytes, and thrombocytes (red 
cells, white cells, platelets) make up the formed 
elements in blood. (Outcome 11-3) 


. Hematopoiesis is the process of the production of 


blood cells. (Outcome 11-2) 


. Pluripotent means “having the ability to differentiate 


into several types of specialized cells.” (Outcome 11-2) 


. No, the nucleus is expelled from the red blood cell 


before it enters the general circulation. Mature red 
blood cells do not include a nucleus. (Outcome 11-3) 


. There may be an increase in the number of reticulo- 


cytes following blood loss. (Outcome 11-4) 


. The neutrophil is the white blood cell that first fights 


bacterial infection; therefore, the numbers increase 
as the cells are employed. (Outcome 11-5) 


. The eosinophil count may increase in an allergic 


reaction. It is a granulocytic white blood cell with a 
bilobed nucleus and bright red-orange granules in 
the cytoplasm. (Outcome 11-5) 


. The lymphocyte has forms that make antibodies and 


are active in cell-mediated immunity. (Outcome 11-5) 


. Platelets stick together to form the platelet plug to fill 


the break in the vessel, release serotonin to help the 
vessel contract, and start the chemical reactions of 
coagulation to increase the stability of the platelet 
plug. (Outcome 11-7) 

Three CLIA-waived procedures are hemoglobin, 
hematocrit, and erythrocyte sedimentation rate 
testing. (Outcome 11-8) 


Chapter 12 


12-1. 


The CBC (complete blood count) tests are the 
hemoglobin, hematocrit, red blood cell count, white 
blood cell count, and the differential. The erythrocyte 


Appendix B Test Your Knowledge Answers 


12-2. 


12-3. 


12-4. 


12-5. 


12-6. 


12-7. 


12-8. 


12-9. 
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indices and a platelet count are often included. 
(Outcome 12-2) 

The normal range is 4.2 to 6.2 million red blood cells 
per cubic millimeter of blood. (Outcome 12-3) 

The white blood cell count is increased in bacterial 
infection and in leukemia. (Outcome 12-4) 

The red blood cell indices describe the size of red 
blood cells and the amount of hemoglobin that they 
contain. (Outcome 12-6) 

The appearance of the white blood cell nuclei and the 
cytoplasm is used for differentiation. In addition, the 
colors added by the polychromatic stain aid in the 
identification process. The nuclei, cytoplasm, and 
granules all absorb different colors. (Outcome 12-7) 
From greatest in number to least, they are neutrophils, 
lymphocytes, monocytes, eosinophils, and basophils. 
(Remember—Never let monkeys eat bananas.) 
(Outcome 12-7) 

The normal red blood cell is circular, with a pale 
center. (Outcome 12-9) 

A pale red blood cell that has a decreased amount 
hemoglobin is hypochromic. (Outcome 12-9) 
Poikilocytosis is the word used to describe a variety in 
the shapes of red blood cells on the blood smear. 
(Outcome 12-9) 


Chapter 13 


13-1. 


13-2. 


13-3. 


13-4. 
13-5. 


13-6. 


13-7. 


13-8. 


Hemoglobin is made up of one molecule of globin 
and four molecules of heme. (Outcome 13-2) 
Oxygen delivery to the tissues of the body. 
(Outcome 13-2) 

Answers may vary, but examples of abnormal 
hemoglobin strains are Hb S, Hb C, Hb D, Hb G, 
Hb J, and Hb M. (Outcome 13-3) 

No, the cells must be lysed first. (Outcome 13-4) 
Errors may include overfilling or underfilling the 
tube, sealing inadequately with the clay on the end of 
the tube, using an incorrect speed for the centrifuge, 
allowing the specimen to sit for too long before 
reading the result, contaminating with interstitial 
fluid, and using an incorrect reading technique. 
(Outcome 13-5) 

The hematocrit is the amount of space occupied 
by red blood cells in a sample of whole blood. It is 
reported as a percentage. (Outcome 13-5) 

The centrifuge is used to create the three layers in 
performing the hematocrit. (Outcome 13-5) 

Anemia is the disorder in which there is low oxygen- 
carrying capacity of blood. (Outcome 13-9) 
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13-10. 
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The physician could order a hemoglobin and/ 
or hematocrit. The red blood cell count and indices 
could also give additional information for anemia. 
(Outcome 13-8) 

lron deficiency, pernicious, aplastic, and sickle cell 
anemias are examples. (Outcome 13-10) 


Chapter 14 


14-1. 


14-2. 


14-3. 


14-4. 


14-5. 


14-6. 


14-7. 


14-8. 


The sedimentation rate is a laboratory test where the 
settling of red blood cells is observed. (Outcome 14-1) 
Rouleaux formation is the stacking of red blood cells 
on top of one another, as in a stack of coins. It 
occurs when the red cells are no longer repelled 
from one another. (Outcome 14-1) 

Increased fibrinogen and certain globulin levels in 
the plasma decrease the negative charge on the red 
blood cells, and they are not as repelled from each 
other and will stack more easily into the rouleaux 
formation. (Outcome 14-2) 

There is less surface area to the volume of the 
stacked cells so the stack will settle faster in the 
plasma than single red blood cells. (Outcome 14-3) 
For those younger than 50 years of age, the normal 
value for men is less than 15 and the normal value 
for women is less than 20 mm/hr. (Outcome 14-4) 

The inflammatory process causes the shift in proteins 
that will lead to an increased ESR. (Outcome 14-5) 

The Sediplast Westergren erythrocyte sedimentation 
system and the Wintrobe ESR system. (Outcome 14-6) 
Any two of the following procedure errors will affect 
the value of the ESR: using a clotted sample could 
cause erroneous results; using an EDTA tube that is 
not well mixed; using a sample that is at refrigerated 
temperature; leaving air spaces in the column that is 
filled with the aliquot of blood; not keeping the 
column vertical during the hour of the procedure; 
placing the column in direct sunlight or in an area 
where there is vibration or movement. Also, reading 
the test at less than 60 minutes would cause an erro- 
neous result. (Outcome 14-7) 


Chapter 15 


15-1. 


15-2. 


15-3. 


It may be done to screen for possible coagulation dis- 
orders or to monitor medication use. (Outcome 15-2) 
No; there are other factors that are involved in 
addition to the platelets. (Outcome 15-3) 

The constriction of blood vessels in the immediate 
and surrounding area is the body’s first response to 
vessel injury. (Outcome 15-3) 


15-4. 


15-5. 


15-6. 


15-7. 


15-8. 


15-9. 
15-10. 


15-11. 


15-12. 


This term refers to a series of events that seal off 
vessel injury and secondary coagulation steps 
that follow the formation of the initial platelet plug. 
(Outcome 15-3) 

A thrombus is a blood clot that is stationary; 
an embolus is a part of a blood clot or a whole 
blood clot that has left the point of formation and 
has traveled through the body. (Outcome 15-4) 

DIC and DVT are similar because they both involve 
formation of blood clots. DVT is a deep vein throm- 
bosis that is contained in a particular vessel, 
whereas DIC is intravascular coagulation that is 
spread throughout the body. (Outcome 15-5) 
Thrombocytopenia is different because it is a disor- 
der specific to the number of platelets; all the other 
disorders discussed are in reference to other aspects 
of the clotting process. (Outcome 15-5) 

No, the INR is used when monitoring a patient who 
is taking warfarin or Coumadin, not for initial 
screening. It may be reported as part of the initial 
screening, but the health-care provider will not use 
the INR to make a decision on potential coagulation 
defects without the prothrombin time result as well. 
(Outcome 15-6) 

c. Heparin. (Outcome 15-8) 

The patient may exhibit slow or inadequate blood 
clotting with blood vessel injury, resulting in exces- 
sive bruising and/or bleeding. (Outcome 15-11) 
The answers may vary, but should include the 
following: results are not reproducible; aspirin has a 
profound effect; other medications and health condi- 
tions may affect the result to a high degree; and the 
bleeding time result does not seem to correlate well 
to the true risk of bleeding in surgical situations. 
(Outcome 15-10) 

False. It is imperative that these tubes are filled 
to the point at which the vacuum is exhausted. 
(Outcome 15-13) 


Chapter 16 


16-1. 


16-2. 
16-3. 


Qualitative tests provide a result that indicates 
whether the specimen is positive or negative for a 
specific substance. Quantitative tests provide an ac- 
tual number that indicates the amount of a substance 
that is present in the specimen. (Outcome 16-1) 

a. Serum. (Outcome 16-2) 

Glucose testing may be performed in a physician 
office laboratory to screen for the presence of dia- 
betes mellitus or gestational diabetes, or to monitor 
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16-4, 
16-5. 
16-6. 


the progress of a patient who is being treated for 
these conditions. (Outcome 16-4) 

b. LDL. (Outcome 16-5) 

d. Cadmium. (Outcome 16-6) 

Panels allow the health-care provider to have access 
to a variety of test results, which can often aid in a 
differential diagnosis. 


If the provider orders only one test at a time, the patient 
may need fo return to the office several times to have speci- 
mens collected, which would be cumbersome and time 
consuming. 

Some panels also allow the health-care provider to eval- 
vate more than one organ system at once, which can help 
to establish a diagnosis. 

Panels may be less expensive in some situations. 


(Outcome 16-8) 


16-7. 


16-8. 


16-9. 
16-10. 


True. This is the most common reason that these 
tests are ordered. (Outcome 16-7) 

When damage to the heart muscle occurs, the spe- 
cific cardiac enzymes become elevated at different 
rates. To determine whether a myocardial infarction 
occurred, it is essential to collect a series of speci- 
mens fo see if the enzymes have become elevated. 
(Outcome 16-10) 

a,b, andc. (Outcome 16-11) 

a. Lipemia. (Outcome 16-13) 


Chapter 17 


17-1. 


17-2. 
17-3. 


17-4. 


17-5. 


Glycogen is the storage form of glucose in the body; 
it is produced when there is excess glucose present 
in the bloodstream and stored in the liver and the 
adipose tissues. (Outcome 17-1) 

a. Formation of glycogen. (Outcome 17-3) 
Answers may vary and might include the follow- 
ing: Type 1 and type 2 diabetes both exhibit 
elevated levels of blood glucose. They both may 
exhibit similar symptoms. Both type 1 and type 2 
diabetes are diagnosed using blood glucose levels, 
in addition to physical examination and medical 
history. Both types of diabetes are caused by prob- 
lems with insulin in the body: a decrease in the 
amount of glucose, or cellular resistance to glucose. 
(Outcome 17-4) 

Diabetic neuropathy, damage to the optic nerve, 
cardiovascular damage, irreversible kidney dam- 
age, poor healing. (Outcome 17-6) 

Gestational diabetes is more like type 2 diabetes 
because in both there is adequate insulin present, 
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but the cells develop a resistance to the action of the 
insulin. In type 1 diabetes, the patient does not have 
enough insulin produced. (Outcome 17-5) 
Untreated gestational diabetes may lead to macro- 
somia (an excessively large fetus). (Outcome 17-7) 
c. A glucose level drawn at any time of the day 
without any previous preparation. (Outcome 17-8) 
True. A laboratory postprandial test involves the 
ingestion of a glucose drink. A postprandial blood 
glucose test done at home is performed a certain 
amount of time after a meal. (Outcome 17-9) 

The blood is drawn a minimum of four times 
if the test is completed entirely. This includes 
a fasting, 1-hour, 2-hour, and 3-hour draw. 
(Outcome 17-10) 

c. 3 months. (Outcome 17-11) 

The plasma glucose will be higher than the whole 
blood glucose. (Outcome 17-12) 

Medical assistants may assist with this process in 
many ways. These include helping the patients 
understand how their plasma glucose and whole 
blood levels will be different from one another, 
showing the patients how to use their blood testing 
equipment properly, helping patients find an 
instrument that works well for them, explaining how 
to document blood glucose levels properly, and as- 
sisting with proper use and disposal of lancets. MAs 
may also assist patients with reimbursement for dia- 
betes testing supplies by researching the policies of 
their insurance. (Outcome 17-13) 


Chapter 18 


18-1. 


18-2. 


18-3. 


18-4. 


18-5. 


18-6. 
18-7. 
18-8. 


Ingested cholesterol comes from animal products 
(like meat), dairy products, and processed foods. 
(Outcome 18-2) 

LDL and VLDL. (Outcome 18-3) 

Yes, it is desirable to have high HDL levels and low 
LDL levels, respectively. (Outcome 18-4) 

No, this result is not within the desirable range. 
The reference range (or desirable range) is less than 
200 mg/dL. (Outcome 18-4) 

Elevated LDL levels are considered a health risk 
because they directly contribute to plaque buildup 
by depositing cholesterol on the lining of the blood 
vessels. (Outcome 18-5) 

a. Consumption of excess calories. (Outcome 18-6) 
b. Excess fat particles. (Outcome 18-7) 

False. Electrolytes exhibit a positive or negative 
charge when dissolved in water. (Outcome 18-1) 
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18-9. 


18-10. 
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The electrolyte most commonly associated with 
arrhythmia is potassium. (Outcome 18-13) 
c. Nitrogen. (Outcome 18-14) 


Chapter 19 


19-1. 


19-2. 


19-3. 


19-4, 


19-5. 


19-6. 


19-7, 


19-8, 


19-9, 
19-10. 


The physical examination of the urine specimen 
includes observations of the urine that can be seen 
with the naked eye; the microscopic procedures 
require the use of a microscope for magnification 
and are generally performed on urine sediment. 
(Outcome 19-7) 

The function of the urinary system is the filtration of 
blood, excretion of waste, and the regulation of the 
body’s fluid and acid-base balance. (Outcome 19-2) 
c. Located on either side of the vertebral column with 
one slightly lower than the other. (Outcome 19-3) 
Because urine is formed in the nephron. 
(Outcome 19-3) 

Reabsorption and secretion. (Outcome 19-4) 

No, ureters are only involved in the transportation 
of urine, not in the actual formation of urine. 
(Outcome 19-4) 

False. Urinalysis testing is performed for a variety 
of reasons, including screening of asymptomatic 
individuals. (Outcome 19-6) 

The physical examination procedures include obser- 
vation of color, clarity, and sometimes the odor of 
the urine. (Outcome 19-7) 

c. Chemical analysis. (Outcome 19-7) 

d,a, and b. (Outcome 19-9) 


Chapter 20 


20-1. 


20-2. 


20-3. 


20-4. 
20-5. 


20-6. 


Urochrome is the pigment that gives urine its char- 
acteristic yellow color. (Outcome 20-1) 

The bright orange color present in the urine is not 
clinically significant; it is merely a result of the 
medication she was given, probably pyridium, 
which is prescribed to those with recurrent urinary 
tract infections. (Outcome 20-2) 

Using some sort of print or object behind the urine 
specimen allows the person performing the test to 
assess the transparency of the urine with more accu- 
racy; it gives a point of reference. (Outcome 20-3) 
b. Decreased. (Outcome 20-4) 

No, there are other causes for strong odors in addi- 
tion to a urinary tract infection. (Outcome 20-4) 
False. A high specific gravity means that the 
specimen has a lot of dissolved substances; 
this does not necessarily mean that the urine is 
cloudy. High levels of large molecules such as 


20-7. 


20-8. 


20-9. 


glucose and protein do not make the urine cloudy. 
(Outcome 20-5) 

No, this is not correct. Urine specific gravity must 
always be reported with three spaces to the right 
of the decimal point, the first of which is a zero, for 
example, 1.025. (Outcome 20-7) 

Refractometers take only a drop of urine, they are 
relatively inexpensive, and they may be portable. 
(Outcome 20-6) 

No, partly hazy is not a valid description of the 
clarity of the urine specimen. (Outcome 20-8) 


Chapter 21 


21-1. 


21-2. 
21-3. 
21-4. 


21-6. 
21-7. 


False. The reference range for many of the analytes 
is actually a negative result; this means that they are 
not normally present in the specimen. (Outcome 21-3) 
Bile obstruction or liver dysfunction. (Outcome 21-2) 
a. Intact red blood cells. (Outcome 21-3) 

No. If the diabetic has too much glucose in the 
bloodstream at any given time, the urine may be 
positive for glucose. However, if the blood glucose 
level is under control (through diet, exercise, med- 
ication, or insulin use), then the urine may be nega- 
tive for glucose. The values can fluctuate quite a bit 
throughout the day. (Outcome 21-2) 


. False. The leukocyte esterase result will not always 


be positive when white blood cells are present in the 
urine specimen, because not all white blood cells 
contain this enzyme. However, the only ones that do 
not secrete this enzyme are the lymphocytes, and 
they are not usually the type of white blood cell pres- 
ent in an infection. (Outcome 21-3) 

b. Fever. (Outcome 21-3) 

The strips can be exposed to moisture by leaving the 
lid off the container they are kept in or removing the 
desiccant packaged with the strips. They can also be 
exposed to direct light, excessive heat, or volatile lig- 
vids. They can be used past their expiration date or 
when discolored. (Outcome 21-4) 


. b. Allowing the reagent strip to remain in the urine for 


60 seconds before removing the strip. (Outcome 21-4) 


. The most common route of exposure is through mu- 


cous membrane exposure by splashing or aerosol 
exposure. (Outcome 21-5) 


. True. Some only test for one or two analytes (e.g., 


glucose and ketones), and some do or do not pro- 
vide an opportunity for specific gravity testing 
even if they are the more comprehensive strips. 
(Outcome 21-6) 
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21-11. 


21-12. 


21-13. 


Less opportunity for operator error, less time inten- 
sive for the person performing the test, and opportu- 
nities for multiple testing procedures to occur at once 
are all advantages of automated urine chemistry 
testing. (Outcome 21-6) 

Because the FOBT is a means of detecting early, 
asymptomatic colorectal cancer. (Outcome 21-9) 

d. NSAIDs. (Outcome 21-10) 


Chapter 22 


22-1. 


22-2. 


22-3. 


22-4. 
22-5. 


22-6. 


22-7. 


It may be added as a reflexive test when the chemi- 
cal tests are abnormal. The urine microscopic may 
also be performed when ordered by the practitioner; 
this may occur if the practitioner suspects the pres- 
ence of certain formed elements in the urine speci- 
men, such as crystals or casts. (Outcome 22-2) 

No, the presence of squamous epithelial cells is not 
considered clinically significant. (Outcome 22-4) 

b Yes, spermatozoa may be present in the urine of 
females if they have recently been involved in sexual 
intercourse. (Outcome 22-3) 

a. Viruses. (Outcome 22-4) 

The KOVA system allows for a standardized amount 
of sediment to be visualized, and it also adds a stain 
to the sediment before it is placed on the slide for 
visualization. The stain will allow for more contrast 
with structures that appear similar, which will aid 
with identification. (Outcome 22-5) 

False. Many normal urine specimens have very 
few formed elements present in the urine sediment. 
(Outcome 22-4) 

A medical assistant may be responsible for providing 
instructions to the patient for specimen collection; 
accepting and logging in the specimen; pouring off 
some of the sample into a tube to be centrifuged; 
centrifuging the urine specimen; processing the 
centrifuged specimen to place the sediment on a slide; 
adding stain to the sediment for visualization; focus- 
ing the microscope for visualization of the formed 
elements on the slide. (Outcome 22-8) 


Chapter 23 


23-1. 


23-2. 


23-3. 


Antigens stimulate an immune response in our 
bodies, and antibodies may be produced in 
response to protect us. (Outcome 23-2) 

It is usually tested in the serology area of the labora- 
tory. (Outcome 23-2) 

The injured cells release a chemical that signals for 
the internal nonspecific responses to begin. These 


Appendix B Test Your Knowledge Answers 


23-4. 


23-5. 


23-6. 


23-7. 


23-8. 


23-9. 
23-10. 


23-11. 


23-12. 


23-13. 


23-14. 


503 


include histamine production and white blood cell 
migration. (Outcome 23-3) 

They are good for our immune system. They often 
occur in response to a foreign object in our nasal 
passages, and they can expel this before it causes a 
problem for our body. (Outcome 23-3) 

No. If the first or second line of defense destroys 
the foreign invader, the subsequent level is never 
involved in the process. (Outcome 23-4) 

The third line of defense is the one that is very spe- 
cific toward each antigen. This includes antibody 
production. (Outcome 23-4) 

It means that we have been exposed (either naturally 
or artificially) to that disease before, and our body 
has produced antibodies that will react immediately to 
protect us in subsequent exposures. (Outcome 23-5) 
Vaccines “fool” our immune system into producing 
antibodies to a specific antigen without ever becom- 
ing ill with that disease. They target the third line of 
defense. (Outcome 23-5) 

A antigens and B antigens. (Outcome 23-8) 

Yes, she will probably be receiving a RhoGam injec- 
tion to keep her body from forming anti-Rh that 
might cause harm to this fetus or those in the future. 
(Outcome 23-8) 

They involve antigen/antibody reactions as part of 
the testing procedure. (Outcome 23-9) 

Yes. An example may be the tests for syphilis VDRL 
and RPR. (Outcome 23-9) 

The results are available quickly so that the physi- 
cian can take immediate action. They are also usually 
less expensive than other methods may be for the 
patient. (Outcome 23-10) 

The Epstein Barr virus. (Outcome 23-11) 


Chapter 24 


24-1. 


24-2. 


24-3. 


Immunology is the study of the immune system, in- 
cluding the antigens and antibodies involved in the 
process. Serology is the study specifically of the anti- 
gens and antibodies; therefore, it is part of immunol- 
ogy. They are similar because they both include the 
study of the reactions of antigens and antibodies. 
(Outcome 24-1) 

The test is demonstrating a lack of specificity. 
(Outcome 24-1) 

Most are immunoassays in which the reagents and 
the sample are mixed and move across the testing 
surface to produce a chromatographic result indicat- 
ing a positive or a negative. They are also similar 
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24-4. 


24-5. 


Appendix B_ Test Your Knowledge Answers 


because they usually take less than 15 minutes to 
obtain a result. (Outcome 24-3) 

Answers may vary, but should include the follow- 
ing: The rapid tests allow for faster treatment and 
better patient compliance because the patients are 
in the facility when the diagnosis is made and 
treatment is prescribed; the tests are usually cost 
effective, especially so for tests that are seldom per- 
formed; the results are ready in a short period of 
time. (Outcome 24-2) 

Complications include glomerulonephritis, inflamma- 
tion of the joints, and endocarditis. (Outcome 24-5) 


24-6. No, it is not present elsewhere. (Outcome 24-5) 
24-7. When there is an unexpected negative result with 


a high prevalence of influenza in the population. 
(Outcome 24-4) 


24-8. The patient doesn’t need to return for results, so it 


allows the health-care provider to provide educa- 
tion and counseling to the patient at the same time 
that the test specimen is collected. This helps to 
control the spread of the disease by those at high 
risk who are unaware of their HIV-positive status. 
(Outcome 24-4) 
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Tube Guide for BD Vacutainer Venous Blood Collection 





live healthy lives 


BD Vacutainer® Venous Blood Collection Oo BD Helping all people 


Tube Guide 


For the full array of BD Vacutainer® Blood Collection Tubes, visit www.bd.com/vacutainer. 
Many are available in a variety of sizes and draw volumes (for pediatric applications). 
Refer to our website for full descriptions. 























BD Vacutainer? Tubes BD Vacutaine Tubes Inversions 
with with at Blood 
BD Hemogard Closure | Conventional Stopper Additive Collection* Laboratory Use 
Clot activator and gel 5 For serum determinations in chemistry. 
for serum separation May be used for routine blood donor 
Gold Red/ screening and diagnostic testing of serum 
be Gray for infectious disease.** Tube inversions 
ensure mixing of clot activator with blood. 
Blood clotting time: 30 minutes. 
¢ Lithium heparin 8 For plasma determinations in chemistry. 
Light Greenj and gel for plasma Tube inversions ensure mixing of anticoagulant 
Green Gray separation (heparin) with blood to prevent clotting. 
© Silicone coated (glass) 0 For serum determinations in chemistry. 
* Clot activator, Silicone 5 May be used for routine blood donor 
Red Red coated (plastic) screening and diagnostic testing of serum 
for infectious disease.**Tube inversions 
ensure mixing of clot activator with blood. 
Blood clotting time: 60 minutes. 
¢ Thrombin-based clot 5 to6 For stat serum determinations in chemistry. 
activator with gel for Tube inversions ensure mixing of clot activator 
Orange serum separation with blood. Blood clotting time: 5 minutes. 
¢ Thrombin-based clot 8 For stat serum determinations in chemistry. 
activator Tube inversions ensure mixing of clot activator 
Orange with blood. Blood clotting time: 5 minutes. 
Clot activator 8 For trace-element, toxicology, and 
(plastic serum) nutritional-chemistry determinations. 
© K5EDTA (plastic) 8 Special stopper formulation provides 
haley 2 . ow levels of trace elements 
ue (see package insert). Tube inversions ensure 
mixing of either clot activator or anticoagulant 
(EDTA) with blood. 
© Sodium heparin 8 For plasma determinations in chemistry. 
¢ Lithium heparin 8 Tube inversions ensure mixing of anticoagulant 
Green Green (heparin) with blood to prevent clotting. 
* Potassium oxalate/ 8 For glucose determinations. Oxalate and 
- sodium fluoride EDTA anticoagulants will give plasma 
¢ Sodium fluoride/Na, EDTA 8 samples. Sodium fluoride is the 
arey Gray: * Sodium fluoride 8 antiglycolytic agent. Tube inversions 
i (serum tube) ensure proper mixing of additive with blood. 
© K,EDTA (plastic) 8 For lead determinations. This tube is certified 
to contain less than .01 j1g/mL(ppm) lead. 
Tan Tube inversions prevent clotting. 
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BD Vacutainer’ Tubes Inversions 


BD Vacutainef’ Tubes 


with with 


at Blood 


1:0) Hemogard Closure 


Conventional Stopper 


Additive 


Collection* 


Laboratory Use 








© Sodium SPS for blood culture specimen collections 
polyanethol sulfonate (SPS) in microbiology. 
Acid citrate dextrose 
additives (ACD): ACD for use in blood bank studies, HLA 
Solution A - 8 phenotyping, and DNA and paternity testing. 
Yellow 22.0 g/L trisodium citrate, 
eae acid, 24.5 g/L Tube inversions ensure mixing of anticoagulant 
Solution B - 8 with blood to prevent clotting. 
13.2 g/L trisodium citrate, 
4.8 o/L citric acid, 14.7 g/L 
dextrose 
¢ Liquid K3EDTA (glass) 8 K,EDTA and K3EDTA for whole blood 
 Spray-coated K,EDTA 8 hematology determinations. K,zEDTA may be 
iavend lavend (plastic) used for routine immunohematology testing, 
pas arene and blood donor screening.*** 
- Tube inversions ensure mixing of anticoagulant 
(EDTA) with blood to prevent clotting. 
© K,EDTA and gel for 8 For use in molecular diagnostic test methods 
plasma separation (such as, but not limited to, polymerase chain 
white reaction [PCR] and/or branched DNA [bDNA] 
amplification techniques.) Tube inversions 
ensure mixing of anticoagulant (EDTA) with 
Y— blood to prevent clotting. 
© Spray-coated K,EDTA 8 For whole blood hematology determinations. 
-_ (plastic) May be used for routine immunohematology 
Pink Pink testing and blood donor screening.*** 
Designed with special cross-match label for 
patient information required by the AABB. 
Tube inversions prevent clotting. 
Buffered sodium citrate 3-4 For coagulation determinations. CTAD for 
. . 0.105 M (=3.2%) glass selected platelet function assays and routine 
Light ) Light 0.109 M (3.2%) plastic coagulation determination. Tube inversions 
Blue g Blue * Citrate, theophylline, 3-4 ensure mixing of anticoagulant (citrate) to 
adenosine, dipyridamole prevent clotting. 
(CTAD) 
Clear 
= © None (plastic) 0 For use as a discard tube or secondary 
(New ) specimen tube. 
az Clear (new) 
Red/ 
Light Gray 

















MlatclamalUlelscmiolm eselluenclalcherlatelmeleWa-leeliecitclacheclanermiollatRelamell@-lesice 





* Invert gently, do not shake 
** The performance characteristics of these tubes have not been established for infectious disease testing in general; therefore, users must 
validate the use of these tubes for their specific assay-instrument/reagent system combinations and specimen storage conditions. 
*** The performance characteristics of these tubes have not been established for immunohematology testing in general; therefore, users must 
validate the use of these tubes for their specific assay-instrument/reagent system combinations and specimen storage conditions. 


BD Diagnostics 
Preanalytical Systems 

1 Becton Drive 

Franklin Lakes, NJ 07417 USA 


BD Global Technical Services: 1.800.631.0174 
BD Customer Service: 1.888.237.2762 
www.bd.com/vacutainer 


BD, BD Logo and all other trademarks are property of Becton, Dickinson and Company. © 2010 BD 


Printed in USA 07/10 =VS5229-13 





BD Vacutainer Venous Blood Collection Tube Guide. Courtesy and © 2010 Becton, Dickinson and Company. 
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Glossary 





1 or 2 hours postprandial (1 hr pp or 2 hr pp) — A speci- 
men drawn 1 or 2 hours after a meal. 

24-hour urine collection — A urine specimen collected 
over a 24-hour period to be used for chemical analysis. 


Accuracy — A statistical term representing how close a 
laboratory result is to the true value. 


Acidosis — An increase in the acidity of the blood and 
body tissues (decrease in pH) because of a buildup of 
acids in the blood. 

Activated partial thromboplastin time (aPTT or PTT) — A 
test used to measure the time required for a fibrin clot to 
form after the activation factor, calcium, and a phospho- 
lipid mix have been added to the plasma. The results are 
recorded in seconds. 

Advance Beneficiary Notice of Noncoverage (ABN) — A 
form that must be filled out for Medicare patients when 
the laboratory test ordered is not likely to be reimbursed. 

Aerobes — Bacteria that require oxygen to grow and 
reproduce. 

Aerobic — An organism that requires oxygen fo survive 
and replicate. 

Afferent arteriole — The arteriole that transports blood 
toward the center of the glomerulus of the kidney. 

Afibrinogenemia — A condition in which a patient lacks 
fibrinogen in the bloodstream. 

Agar - A solid, jelly-like culture medium usually provided 
in Petri dishes or tubes. 

Agglutination — The clumping of particles (living or 
nonliving) in fluid. This is often a visible reaction that 
may be viewed under the microscope. 

Aggregate — To come together or cluster in a mass. 


Agranular — A classification used to describe white blood 
cells that do not have granules in their cytoplasm. 


AIDS — Acquired immune deficiency syndrome. 


Albumin — A plasma protein that functions as a carrier 
molecule for transporting various chemicals throughout 
the body. Albumin also functions to prevent plasma from 
leaking out of the capillaries. Patients with poor glycemic 
control may have albumin present in their urine, indicating 
damage to the kidneys. 


Aliquot — A small portion of the whole specimen. 

Alkalosis — An increase in blood alkalinity resulting 
from an increased number of alkaline substances or a 
decrease in the number of acidic substances. The pH 
will be elevated from the normal range in a state of 
alkalosis. 

Allergy — An immune response to a foreign antigen that 
results in a hypersensitivity to that antigen. The immune 
response includes inflammation and dysfunction of body 
organs or systems. 


Ambulatory — Able to walk or transport oneself; not 
confined to bed. 

Ambulatory care — Care provided to patients who are 
able to ambulate (walk) into the premises. Generally 
refers to physician offices, urgent care facilities, emer- 
gency rooms, and the like. 

Amorphous phosphates — A granular diffuse precipitate 
in alkaline urine that is made up of crystallized calcium 
and phosphate. 


Amorphous urates — A granular diffuse precipitate 
in acidic urine that is made up of crystallized 
uric acid. 

Anaerobes - Bacteria that do not need oxygen for 
growth and reproduction. 

Anaerobic — An organism that does not need oxygen to 
survive and replicate. The growth of this type of organism 
is often actually inhibited by the presence of oxygen in 
its environment. 

Analysis — Assists with differential diagnosis of congestive 
heart failure or respiratory disease. 

Analyte — A chemical substance that is being tested or 
analyzed. 

Anemia — A reduction in the oxygen-carrying capacity of 
the blood. 

Anion — An ion that carries a negative charge. Elec- 
trolytes are ions when dissolved in water, and those with 
a negative charge (such as chloride and bicarbonate) 
are anions. 

Anisocytosis — Condition in which there is inequality in 
the size of red blood cells. 
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Antecubital area — The area of the arm that is directly in 
front of the elbow. This is the preferred area for 
venipuncture procedures. 

Anterior — Directional term meaning “to the front.” 

Antibiotic sensitivity testing — Performed to determine 
how effective antimicrobial therapy is against a certain 
type of bacteria. 

Antibody — A protein substance developed in response to 
antigenic exposure. 

Antibody-mediated immunity — A term used to describe an 
immune response using antibodies; the third line of defense. 

Anticoagulants — Substances added to keep blood from 
coagulating or clotting. 

Antigen — A substance that the body detects as “foreign” 
or “nonself.” This may initiate the formation of antibodies. 

Antiphospholipid syndrome — A disorder with increased 
systemic thrombi formation, in which patients have high 
levels of antibodies against phospholipids in their system. 

Anuria — The absence of urine production. 

Aperture — An opening or hole through which a con- 
trolled amount of a substance, liquid, or light is admitted. 

Aplastic anemia — Anemia caused by deficient red cell 
production in the bone marrow. 

Apolipoproteins — Proteins that combine with and trans- 
port cholesterol in the bloodstream. 

Arm — Part of a microscope that connects the base of the 
microscope to the tube where the optical lenses are 
attached. 

Arteries — Blood vessels that carry blood away from the 
heart. 

Arterioles — Small arteries that lead into a capillary at its 
distal end. 

Artifacts — Contaminating substances in the urine speci- 
men that have no clinical significance. 

Asepsis — A term that means that a surface is without 
pathogenic microorganisms. 

Aseptic — Free of pathogens. 

Assault — A term used to describe a threat to inflict injury, 
with the apparent means fo accomplish the threat. 

Asymptomatic — Without symptoms or obvious outward 
signs of disease. 

Atherosclerosis — Sclerosis or hardening of the arteries 
because of the buildup of a waxy, sticky coating on the 
inside of the vessel walls. 

Atrial fibrillation — A disorder in which there is ineffective 
ejection of blood into the atria. Those with atrial fibrillation 
have a rapid and irregular heartbeat. 


Autoantibodies — An antibody that is produced by the 
body against the cells of the same body. Autoantibodies 
are thought to be the cause of the destruction of the 
insulin-producing islets of Langerhans, leading to type 
1 diabetes. 


Autoimmune disease — A disease in which the body does 
not recognize the antigens on the surface of its own 
cells; it sees these cells as nonself. 

Autoimmune response — The response the body when it 
no longer recognizes all the cells of the body as “self” 
and begins to damage these cells. 

B cells — A type of lymphocyte that remembers an antigen 
after exposure to it. 


Bacilli — Bacteria that are oval or rod shaped when 
viewed under the microscope. 

Bacteria — Single-cell microorganisms that possess a cell 
wall in addition to the cell membrane that human cells 
possess. 

Balanced — The practice of placing a tube of equal size 
and similar volume across from the specimen to be 
processed in the centrifuge. This allows the centrifuge to 
operate with symmetry, and not be “pulled” to one side 
or the other as it spins. 


Band cell — An immature, unsegmented neutrophil. 

Base — The bottom of a microscope that sits on the 
bench top. 

Basic metabolic panel (BMP) — A group of eight tests that 
have been approved by the CMS for overall health 
screening and/or for monitoring certain disease states. 


Basilic vein — A vein in the antecubital area that is on the 
inner side (medial) running over the top of the brachial 
artery. This vein is the last choice of the major veins in 
this area for venipuncture procedures. 

Basophil — A granulocytic white blood cell essential to the 
nonspecific immune response in inflammation. 


Battery — Touching another without his or her consent. 


Beaker — A glass container that may be used in the labo- 
ratory to hold, mix, or heat chemicals. Beakers usually 
have a cylinder shape and a flat bottom. 

Bence Jones protein — An immunoglobulin (protein) that is 
present in the renal tubules and excreted in the urine of 
patients having multiple myeloma. 

Bevel — The slanted area of the needle that creates a 
sharp point at the tip. 


Bilirubin — A product produced from the degradation of 
hemoglobin; it is yellow or orange in color. 


Bilobed — Having two lobes or sections. 
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Binocular — A term used to describe a microscope that 
has two oculars so that both eyes can be used at once 
to view the specimen. 

Biohazard symbol — Symbol used to mark bags or con- 
tainers that hold items that are biohazardous in nature. 
Biohazardous waste — Liquid or semiliquid blood or other 
potentially infectious materials. This includes contami- 
nated items that would release blood (or OPIM) in a 
liquid or semiliquid state if compressed. It also includes 
items that are caked with dried blood (or OPIM) that 
are capable of releasing these substances while being 
handled. This classification also includes pathological 
or microbiological waste that contains blood or other 
potentially infectious materials. (See also Regulated 

waste.) 

Bladder — The urinary bladder is a muscular “sac” that 
holds urine until it is expelled from the body. 

Blast — Immature stage in cellular development. 

Blood urea nitrogen (BUN) — A by-product of protein 
metabolism that should be cleared from the blood by the 
kidneys. Elevated amounts in the blood are indicative of 
renal dysfunction. 

Bloodborne pathogens (BBPs) — Pathogenic microorgan- 
isms present in human blood that are transmitted by 
direct contact to blood or mucous membranes of another 
person. 

Bloodborne Pathogens Standard (1910.1030) — A regula- 
tion created by the Occupational Safety and Health 
Administration to educate and protect health-care workers 
from occupational exposure to blood or other potentially 
infectious materials. Originally created in 1988; there 
have been several addendums since that time. 


Body mass index (BMI) — A statistical calculation compar- 
ing the weight and height of a person. This calculation 
is used to estimate whether a patient may be overweight 
or underweight according to his or her weight. 

Bowman’s capsule — A portion of the renal tubules that 
collects the initial urinary filtrate when it is forced from 
the glomerulus. 

Brain natriuretic peptide (BNP) — Enzyme secreted by the 
muscular walls of the ventricles. 

Broth — A liquid culture medium. 

Buffer — Compound that reacts with strong acids or bases 
to minimize pH changes in the body. 

Butterfly system — A system used for venipuncture that 
includes a short needle attached to a length of tubing. 
The tubing is then attached to a syringe or directly to an 
evacuated tube for blood withdrawal. 
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C&S - Culture and sensitivity; includes the growth and 
identification of the bacterial microorganisms present in 
a specimen as well as the determination of the antibiotics 
best suited for treatment of the infection. 

Calibration — Standardization of an instrument by com- 
parison of the results produced against those of a known 
value, and appropriate adjustment of the instrument as 
needed to achieve optimal results. 


Calibration verification — The verification of the success 
of a calibration process by analyzing quality control 
samples. 

Calyx — A cup-like drainage vessel that collects urine as it 
is formed in the renal pyramids and transports the urine 
to the renal pelvis to be expelled from the kidneys. 

Candle jar — A setup using a jar and a candle that 
encourages growth of bacteria that prefer less oxygen in 
their environment. A candle is placed in the jar with the 
culture plates and then lit. The jar is closed tightly, and 
the candle uses up the oxygen in the jar, after which it 
goes out. 


Capillaries — The smallest blood vessels. Capillaries are 
microscopic in size and connect the arterial and venous 
systems. 

Capillary action — A surface tension that attracts liquid 
to fill a capillary tube or elevates liquid when touched by 
a solid. 

Capillary puncture — A method of blood collection during 
which an incision is made in through the skin, which 
passes through the epidermis into the dermal layer. 


Capillary tubes — Small, hollow plastic or glass tubes 
used to perform microhematocrit testing. 

Carbohydrate — An organic molecule that is used as an 
energy source by the body. Carbohydrates are broken 
down during digestion to provide glucose, which is easily 
used by the cells of the body. 

Carcinogenic — Anything capable of causing cancer. 


Cardiovascular — Pertaining to the heart, arteries, veins, 
and/or capillaries. 

Carriers — Someone who is infected (or carrying) a 
pathogen in the body without symptoms. Sometimes 
these individuals may have already undergone the 
complete disease process but keep the causative agent 
in the blood, and sometimes they have never been 
symptomatic. 

Casts — Protein “shells” formed in the glomerular tubules. 
Casts may be filled with white cells, red cells, granules, 
or other substances. All but hyaline casts may be clinically 
significant. 
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Cations — An ion that carries a positive charge. Electrolytes 
are ions when dissolved in water, and those with a pos- 
itive charge (such as potassium and sodium) are cations. 


CD4 cell — A type of lymphocyte (a white blood cell) that 
is attacked by HIV. 

Cell mediated — A term used to describe all the activities 
of the T cells during the specific immune response to an 
antigen. 

Centers for Disease Control and Prevention (CDC) -— The 
premier public health agency in the United States. The 
CDC is part of the Department of Health and Human 
Services, and it protects the public health through 
research and implementation of recommendations for 
education, vaccination, infection control, and proper 
treatment of disease. 


Centers for Medicare & Medicaid Services (CMS) — The 
organization responsible for enforcement of the CLIA 
regulations. Its members perform site visits and collect 
the fees associated with the registration process. 


Centrifugal force — An outward force caused by the rota- 
tion of an object. The centrifugal force causes the speci- 
men that is being centrifuged to separate into layers 
based on their relative weight or density. 

Centrifuge — An instrument that spins specimens at a high 
speed to force the contents outward and separate the 
components as needed. 

Cephalic vein — A vein in the antecubital area that is on 
the outer (lateral) side of this area when the arm is 
placed in the appropriate position for a venipuncture. 

Cerebrospinal fluid (CSF) samples — Used to help diag- 
nose various diseases of the central nervous system. 

Chain of Custody — A form used to document all those 
who have possession of or process a legal specimen 
through all the steps of collection, testing, and disposal. 

Chemotaxis — The process that signals more white blood 
cells fo come to the scene of an invasion by a foreign 
substance. 

Cholesterol — A soft, waxy lipid that is found in various 
parts of the human body, including the bloodstream. 
Chromatographic — Analysis of substances on the basis of 

color changes that occur during the testing process. 

Cilia — Slim, thread-like projections on the inner surface of 
mucous membranes that sweep away foreign objects 
such as pollen and dust. 

Cirrhosis — A chronic liver disease characterized by 
scarring and ineffective function. 

Clarity — The clearness of appearance. A term used to 
describe urine transparency. 


Clean-catch midstream urine specimen — A procedure to 
be followed for urine specimen collection in which the 
potential for contamination with microorganisms from 
outside the urinary tract is minimized. 


CLIA ’88 — Clinical Laboratory Improvement Amendment 
of 1988. 


CLIA-waived — Laboratory tests that have been determined 
by the FDA fo fit this category. These tests are very 
simple to perform, need very little interpretation, and result 
in minimal clinical significance if they are performed or 
interpreted incorrectly. 

Clinical chemistry — The quantitative or qualitative mea- 
surement of clinical compounds in the fluid portions of 
the body. This includes analysis of blood, urine, CSF, 
and other fluid specimens from the body. 

Clinical significance — Meaningful results or actions affect 
ing the clinical outcome or treatment of a patient. 


Clot activators — Substances (such as silicone) that acceler- 
ate or aid in the clotting process within an evacuated tube. 


Clotting cascade — The clotting process in which each 
step is dependent on the step prior until the clot has been 
formed. 

Clotting factor — Enzymes and chemicals that interact in 
the clotting cascade to form a clot. 


Coarse adjustment knob -— The knob used on a micro- 
scope to bring an object into approximate focus. 

Cocci — Round bacteria, which can then be classified fur- 
ther by their appearance when examined microscopically. 

COLA — An independent company that accredits labora- 
tories. 


Colonies — Clusters of microorganisms visible on a culture. 


Colorimetric — Analysis of the amount of a substance pres- 
ent in a sample, based on the amount of light absorbed 
by the substance. True colorimetric analysis often uses 
an instrument called a colorimeter to read the results. 
Colorimetric may sometimes be used synonymously with 
chromatographic. 

Competency assessment — A process used to verify 
whether an employee is performing a testing procedure 
properly. 

Competency testing — See Competency assessment. 

Complement — A protein that assists in the second line of 
defense by destroying pathogens and sending signals to 
stimulate phagocytosis and inflammation. 

Complete blood count (CBC) — A hematology test that 
includes hemoglobin concentration, hematocrit, red 
blood cell count, red blood cell indices, white blood cell 
count, leukocyte differential, and a platelet count. 
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Complexity — Level of intricacy, difficulty, or complication. 


Compound microscope — A microscope that has two means 
of magnification that are “compounded” or multiplied for 
a higher level of magnification. 

Comprehensive metabolic panel (CMP) — A group of 
14 tests ordered together to provide a comprehensive 
analysis of overall patient health. This panel has been 
approved for reimbursement by the CMS. 


Condenser — A lens on many microscopes that concen- 
trates the light as it comes through an aperture. 


Conjugated bilirubin — Bilirubin that has been changed 
by the liver to be water soluble. Conjugated bilirubin is 
also known as direct bilirubin. 

Contagious — Anything that is capable of being transmitted 
from one person to another. 

Contaminated sharps — Sharps (needles or other sharp 
objects such as lancets or glassware) that have been 
contaminated with blood or other potentially infectious 
materials. Essentially, any contaminated object that can 
penetrate the skin. 


Contraindications — Any reason that a procedure would 
be inadvisable or inappropriate. 
Coumadin — An anticoagulant medication used to prevent 


or treat blood clots. Coumadin is taken orally, and mon- 
itored with the PT/INR test. 


Cover slip — A thin piece of glass or plastic that is placed 
on top of a liquid specimen when viewed under the 
microscope. 


Creatine kinase (CK) — A by-product of muscle metabolism. 
May also be known as CPK. 

Creatinine — A by-product of muscle metabolism that is 
cleared from the blood by the kidneys. Elevated levels 
of creatinine in the blood may be indicative of renal 
dysfunction. 

Credentialed — Formal recognition of competence 
achieved by an examination. ASCP provides credentialing 
opportunities to laboratory professionals. 


Critical results — Results that are very far outside the 
expected reference range for a specific test and indicate 
a critical or crisis condition for the patient. These 
results are considered to be something that must be 
acted on immediately by notifying the health-care 
provider who ordered the test. The critical result 
ranges are established by the practice (in the case of 
a physician office laboratory) or the pathologist in a 
larger laboratory. 


Crystals — The precipitation of dissolved substances in the 
urine. Some of these may be clinically significant. 
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Culture — The growth of microorganisms in special 
medium that contains chemicals and/or nutrition to 
encourage and support their growth. 


Current procedural terminology (CPT) codes — These 
codes are developed and monitored by the American 
Medical Association and are assigned to individual 
procedures to be used for reimbursement. 


Cyanmethemoglobin — A colored compound used to 
measure hemoglobin. Hemoglobin is converted to this 
form so that the color change can be measured and 
quantitated. 

Cylinder — A slim, round glass container used to measure 
liquids in the laboratory setting. 

D-dimer — A breakdown product when clots are dissolved 
in the bloodstream. D-dimers are specifically formed 
when fibrin is broken down. It is is used as a diagnostic 
tool for different types of thrombosis. 


Deep vein thrombosis (DVT) — Blood clots formed in the 
deep veins of the extremities, especially the legs. 

Diabetes — A general term used to describe a group of 
diseases that demonstrate excessive urination. This is 
most commonly used fo describe diabetes mellitus, 
which is diabetes with hyperglycemia. 

Diabetes insipidus — Diabetes characterized by excessive 
urination resulting from the inability of the kidneys to 
concentrate urine. 


Diabetes mellitus — Diabetes that includes high levels of 
blood glucose. Diabetes mellitus is caused either by a 
failure of the pancreas to produce insulin (type 1 diabetes) 
or by the resistance of the cells of the body to the presence 
of insulin (type 2 diabetes). 

Diabetic ketoacidosis — A condition in which the blood 
pH is acidic, caused by an accumulation of ketones from 
an extended state of high blood glucose. 

Diabetic neuropathy — Nerve damage caused by vascu- 
lar and metabolic changes in those with diabetes mellitus. 
This may cause numbness, tingling, or pain, especially 
in the extremities. The loss of sensation in the feet may 
lead to serious damage. 

Diapedesis — The movement of white blood cells out of 
small arterioles, venules, and capillaries as part of the 
inflammatory process. 

Differential — A procedure whereby a blood sample is 
stained and WBCs are identified and counted by type. 

Diluent — A liquid (such as water or saline) used to dilute 
another ingredient. 

Diplococci — Round bacteria that appear in pairs when 
viewed under the microscope. 
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Disclosure — Sharing of the patient's information. 

Disinfection — The application of a substance to materials 
and surfaces to destroy pathogens. 

Disk-diffusion method — A procedure in which antibody- 
impregnated disks are used to test for antibiotic sensitivity 
on an agar plate. 

Dissecting microscope — A microscope used to achieve a 
low level of magnification of three-dimensional objects, 
often those that are untreated and/or unstained. 


Disseminated intravascular coagulation (DIC) — A disorder 
in which the coagulation process is stimulated throughout 
the body instead of in a localized area. 

Distal convoluted tubule — A section of the renal tubule 
that is surrounded by capillaries in the nephron. The distal 
convoluted tubule is a twisted tubule that is distal to the 
Bowman’s capsule. 

Distal urethra — The part of the urethra that is closest to 
the outside of the body, or furthest from the bladder. 


Diurnal variation — The change seen in a urinary or blood 
chemical at different times during a 24-hour day. 

Documentation — Recording of pertinent information. This 
may be documentation of patient results, quality control 
results, or maintenance procedures, in a chart or on 
maintenance charts or logs. 


Duress — The use of threats to accomplish a goal. 
Dysfibrinogenemia — Any abnormality in the structure or 
function of the fibrinogen present in the bloodstream. 
Ectoparasites — Parasites evident on the outside of 

their host. 


Edema — A condition in which body tissues contain 
an excessive amount of fluid. An edema an be local- 
ized or systemic, and can result from many disease 
processes. 


Efferent arteriole — The arteriole that transports blood 
away from the center of the glomerulus. The efferent ar- 
teriole is smaller in diameter than the afferent arteriole. 

Efficacy — The capacity for producing a desired result or 
effect; a measurement of how effective a mechanism is 
toward reaching a desired goal. 


Electrical impedance — A process for counting blood cells 
that depends on their resistance to the flow of an electrical 
current. 


Electrolyte — A substance that is capable of conducting 
electricity when dissolved in water. In the human body, 
common electrolytes include sodium, potassium, and 
chloride. 

Electron microscope — A specialized microscope that uses 
electrons to create a visual image with great detail. 


Electronic quality control devices — Devices that are used 
to verify the accuracy of an instrument. These electronic 
devices should produce results that are within a narrow 
range every time they are tested on the instrument. 


Emancipated — Not constrained or restricted; in the case 
of emancipated minors, this is a legal procedure that 
releases a child from the control of the parents, and 
releases any responsibility that the parents may have for 


the child. 


Embolus — A mass of undissolved material traveling in the 
bloodstream. An embolus may be a blood clot that has 
broken away from its point of origin, or other foreign 
material such as a cluster of bacteria. 

Endogenous cholesterol — Cholesterol that is created by 
the liver for use in the body. 


Endoparasites — Parasitic infection within the host. 

Endothelial cell lining — Flat epithelial cells that line the 
interior of the blood vessels. 

Engineering controls — Devices that are used to limit or 
eliminate the potential for exposure to bloodborne 
pathogens in the workplace. 


Enuresis — Inability to control the flow of urine. 


Enzyme-linked immunosorbent assay (ELISA) testing — 
Also called EIA testing, ELISA testing is a common 
method of identifying the presence or absence of 
antibodies and/or antigens in a serum or plasma 
specimen. 

Eosinophil — Granulocytic white blood cells with a lobed 
nucleus and cytoplasmic granules that stain red/orange 
with Wright's stain. Eosinophils contribute to the destruc- 
tion of parasites and to allergic reactions by releasing 
chemical mediators. 

Epidemiology — The study of the spread of disease. 


Epithelial cells — Cells from the epithelial lining of the 
urinary tract. These may be squamous, renal tubular 
epithelial cells, or transitional epithelial cells. They are 
classified according to their point of origin. 

Epstein-Barr virus (EBV) — The virus that causes infectious 
mononucleosis. 

Erythroblastosis fetalis — A severe hemolytic disease of 
the newborn characterized by anemia and jaundice. 


Erythrocyte — Mature red blood cell. 

Erythrocyte sedimentation rate (ESR) — A nonspecific 
laboratory test of the speed at which erythrocytes settle 
out of anticoagulated blood. 

Erythroid — Pertaining to erythrocytes. 

Erythropoiesis — The process that results in the formation 
of red blood cells. 
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Erythropoietin — A protein made by the kidneys that 
stimulates the proliferation of red blood cells. 


Ethics — Moral standards and behavioral codes that dictate 
the behavior of an individual. 


Etiology — The cause of a disease. 


Eustachian tube — A flexible hollow tube that extends from 
the middle ear to the nasopharynx. 


Evacuated tube system - A system used to draw blood 
that involves the use of a multipoint needle, a needle 
holder, and an evacuated tube. 


Exogenous cholesterol — Cholesterol that is introduced to 
the body through ingestion of meat and dairy. 

Exposure control plan — A plan that must be created by 
employers to educate and help protect employees from 
bloodborne pathogen exposure. This plan includes 
education, vaccination, safety procedures, and follow-up 
in case of exposure. 


Expressed consent — Consent for a behavior that is ex- 
pressed fully and personally by the patient; it may be an 
oral or written expression. 

External quality control specimens — Quality control spec- 
imens that are purchased from an outside source, or 
those that are included in a test kit, but are separate from 
the testing system. These are usually liquid controls. 


Extracellular — Outside the cells. Used to describe sub- 
stances outside the cells of the body, in the plasma or 
interstitial fluid. 


Extrinsic pathway — Part of the blood-clotting cascade 
that includes chemicals that are secreted into the blood- 
stream in response to vessel injury. 

Exudate — A fluid that is released from the human body. 
Exudates are classified according to the solid sub- 
stances present in the drainage, or the level of protein 
present. 

Eyepiece — The part of the microscope for viewing. 

Fasting — A period of at least 12 hours during which 
a patient forgoes food or drink (other than water). Generally 
done in preparation for a blood specimen to be drawn. 

Fasting blood sugar (FBS) — The glucose level performed 
in a laboratory on a fasting blood specimen. 

Fasting plasma glucose (FPG) — The level of glucose tested 
in the plasma (liquid portion of the blood) after a patient 
has fasted for at least 8 hours. 

Fasting urine specimen — Urine collected during the sec- 
ond morning void. This urine will indicate the state of the 
body after a prolonged fast. 

Fecal occult blood testing (FOBT) — Testing that identifies 
the presence of occult (hidden) blood in the stool. This 
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test screens for the early stages of colorectal cancer, as 
well as additional sources of bleeding. 


Fecal occult blood -— Blood, which cannot be seen, that is 
present in the feces of an individual. 


Fecal-oral route — A method of transmitting infective 
microorganisms. The pathogen is shed in the feces of 
the infected individual and then transferred to the skin. 
It is then spread to food, water, inanimate objects, or 
other people. 

Fibrates — A class of medication used to treat elevated 
triglyceride levels. Fibrates may also decrease the LDL 
levels, but to a lesser extent. 


Fibrin degradation products (FDPs) — Substances present 
in the bloodstream when clot dissolution occurs in the 
body. Fibrin degradation products include the by-products 
of fibrinogen as well as fibrin that may be involved in the 
blood clots. 

Fibrinogen — A protein that is created in the liver and is 
present in blood plasma. Fibrinogen is converted into 
fibrin by the action of ionized calcium. 

Fibrinolysis — The breakdown of fibrin in blood clots, 
allowing them to dissolve. Fibrinolysis occurs sponta- 
neously in the body, and can also be accomplished by 
use of medications. 

Fibrinolytic drugs — Also called clot busters. 

Filtration — The process of removing large particles from 
a solution by allowing the liquid to pass through a 
semipermeable membrane. 

Fine-adjustment knob — The focusing knob used on the 
microscope to provide fine, detailed focus at higher 
levels of magnification. 


First morning void — A urine specimen collected right 
after waking from sleep. This specimen usually is more 
concentrated, and is the recommended collection 
method for some tests. 


Flanges — Flared edges at the bottom of the evacuated 
tube holder that allow for leverage when inserting or 
removing a tube. 

Flask — A glass container used to mix or store chemicals. 
Flasks are generally smaller at the top than they are at 
the bottom. 

Fomites — A substance or surface that adheres to and 
transmits infectious microorganisms. 

Formed elements (blood) — The cellular components of 
blood: erythrocytes, leukocytes, thrombocytes. 

Formed elements (urine) — Substances in the urine speci- 
men that may be viewed microscopically, such as cells, 
bacteria, and fungal elements. 
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Fraud — A dishonest or deceitful act that is performed 
with the intent to hide the truth. 


Fungal elements — Fungus microorganisms present in the 
urine specimen. The most common are yeast. 

Fungi — A type of microorganism that causes disease in 
humans. This type of infection is called a mycotic infection. 
Examples of fungal infections in humans are yeast 
infections, athlete’s foot, and thrush. 

Gammaglobulin (also known as immune globulin) — A 
fluid that contains active antibodies against a particular 
antigen that may be given to offer short-term, immediate 
protection to the recipient. 


Gauge - A term used to describe the diameter of the hollow 
interior portion of a needle. Gauge number is inversely 
related to the size of the needle. 

Gestational diabetes — Hyperglycemia detected during 
pregnancy in women who did not have diabetes before 
becoming pregnant. 

Glass slides — A piece of finely ground glass that is 
uniform in shape. Specimens are applied to the glass 
slide to be viewed under the microscope. Some speci- 
mens require staining or some sort of treatment before 
viewing, whereas others are viewed as they appear 
naturally. 


Globulin — One of the group of plasma proteins that con- 
trols colloidal osmotic pressure (oncotic pressure) within 
the capillaries, participates in the immune response, and 
binds with substances to transport them in blood. 

Glomerular filtration — The filtration process that occurs in 
the glomerulus. Because the afferent arteriole is much 
larger in diameter than the efferent arteriole, pressure 
builds up in the glomerulus, forcing filtrate and small 
molecules from the capillary bed while retaining large 
molecules in the bloodstream. 

Glomerulus — A group of twisted capillaries encircled by 
the Bowman’s capsule in the nephron of the kidney. The 
hydrostatic pressure in the glomerulus forces out the 
initial filtrate from the blood, which eventually becomes 
urine. 

Glucagon — A hormone created by the islets of Langer- 
hans in the pancreas that offsets the effects of insulin on 
the cells of the body. 


Glucose -— A type of sugar in the bloodstream that results 
from digestion of carbohydrates. Glucose is the most 
commonly used energy source in the body. 

Glucose challenge — A process in which a patient is given 
a glucose drink that contains 50 g of glucose to ingest. 
The blood is drawn for a glucose test 1 hour after the 
glucose drink has been ingested. 


Glucose tolerance test — A test that screens for diabetes 
(or occasionally hypoglycemia), which involves serial 
blood draws following ingestion of a drink containing 
glucose. Sometimes known as an oral glucose tolerance 


test, or OGTT. 


Glucose tolerance urine specimen — A specimen collected 
as part of a glucose tolerance test. These are tested 
specifically for the presence of glucose and sometimes 
for ketones. 

Glucosuria — The presence of glucose in the urine. 

Glycated hemoglobin — Hemoglobin that is irreversibly 
changed with the addition of glucose to the molecule. 
This occurs when there have been elevated blood 
glucose levels for an extended period of time. 


Glycemic control — A term used to describe the balance 
or control of blood glucose levels. Good glycemic control 
means that the patient does not have extremely high or 
low levels of blood glucose. 


Glycogen — A storage form of glucose when there are 
excessive amounts present in the bloodstream. Glycogen 
is stored in the liver and some of the cells of the body, to 
be used for energy when glucose levels are low. 

Glycogenolysis — The breakdown of glycogen to allow for 
the release of glucose when needed. This often occurs 
during periods of fasting, or when there is an elevated 
need for energy, such as during exercise. 

Glycolysis — The first steps of the use of glucose by the 
cells of the body; a series of reactions that convert 
glucose to pyruvic acid and energy. 

Glycosuria — The presence of sugar in the urine. This may 
be glucose, pentose, galactose, or fructose. Further 
testing is necessary to identify the type of sugar present 
in the specimen. 

Glycosylated hemoglobin (HbgA1c) — Hemoglobin that 
has been changed by the addition of glucose molecules 
to the protein. The measurement of the percentage of 
glycosylated hemoglobin in the blood provides an indi- 
cation of the glucose levels present in the bloodstream 
over the past 3 months. A subtype of hemoglobin (Hb A) 
is glycated when the blood glucose is elevated for an 
extended period of time, as in the case of uncontrolled 
diabetes mellitus. 

Graduated cylinder — A cylinder that is marked in differ- 
ent quantities for measuring liquids. 

Gram stain — A staining method that allows the classifica- 
tion of bacteria dependent on the color of the stain that 
they absorb. Gram-positive bacteria retain the crystal 
violet dye used in the process, and appear purple. 
Gram-negative bacteria do not keep the crystal violet 
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dye in their cell membranes, and instead absorb the 
color from the safranin counterstain. They appear pink 
when viewed under the microscope. 

Granular — A classification used to describe white blood 
cells that contain granules in their cytoplasm. 

Granulocyte — White blood cells that have names ending 
in -phil (neutrophil, eosinophil, and basophil) and have 
distinct granules visible in their cytoplasm. 

Granulocyte-macrophage colony-stimulating factor (GM- 
CSF) — A glycoprotein that stimulates the production 
and functional activity of neutrophils, monocytes, and 
macrophages. 

Guaiac — A type of tree resin used for fecal occult blood 
testing. Guaiac interacts with the heme in the hemoglo- 
bin molecule present in red blood cells. If there is blood 
present, the interaction makes the guaiac paper turn 
blue when hydrogen peroxide developer solution is 
added. 

Hanging drop slide — A slide with a depression in the 
center. This allows a drop of fluid containing the specimen 
to be suspended from a cover slip over the depression 
for observation microscopically. 


Hazard communication standard — A document created 
to educate and protect employees from the chemicals in 
use at their workplace. 


Hb A — The normal adult hemoglobin, composed of two 
alpha and two beta chains. 

Hb Alc; HgbAlc -— See Glycosylated hemoglobin 
(HgbA 1c). 

Health Information Portability and Accountability Act 
(HIPAA) — A federal law that affects the security, stan- 
dardization, and confidentiality of health-care information. 
It also affects the rights of those who have insurance 
coverage when they change jobs. 


Health care—associated infection — An infection contracted 
by an individual at a health-care facility. Refers specifi- 
cally to an infection that the individual did not come into 
contact with in any other way. 

Helicobacter pylori (H. pylori) — A type of bacterium that 
causes gastric and duodenal ulcers. 

Hematocrit (Hct) — The volume of erythrocytes packed by 
centrifugation in a given volume of blood. 

Hematology — The study of blood and blood forming tissues. 

Hematoma — A mass of blood caused by damage to a 
blood vessel. 

Hematopoiesis — Production and development of blood 
cells, normally in the bone marrow. 


Hematuria — The presence of blood in a urine specimen. 


Glossary 515 


Hemoconcentration — A condition resulting from a tourni- 
quet that is too tight or is left on too long, causing a 
relative increase in the cells in the antecubital area and 
possibly resulting in erroneous test results. 


Hemocytometer — A counting chamber for determining 
the number of cells in a stated volume of blood. 

Hemoglobin — The protein in red blood cells that carries 
oxygen. 

Hemoglobin (Hgb) — The iron-containing pigment of red 
blood cells that carries oxygen from the lungs to the tissues. 


Hemoglobin and hematocrit (H&H) — Hemoglobin and 
hematocrit testing is often ordered together as H&H. 

Hemoglobin electrophoresis — The movement of hemoglo- 
bin on a medium as a result of changes in electrical 
potential, used to determine type of hemoglobin present. 

Hemoglobinopathies — Any one of a group of genetic 
diseases caused by or associated with the presence 
of one or several forms of abnormal hemoglobin in 


the blood. 


Hemoglobinuria — Hemoglobin in the urine. 

Hemolysis — The destruction (lysis) of the red blood cell 
membrane with the release of the fluid contents. A visi- 
ble reddish tint becomes evident in the plasma if there is 
marked hemolysis in the specimen. 

Hemolytic disease of the newborn (HDN) — A neonatal 
disease, usually the result of an Rh incompatibility in 
which the antibodies of the mother cross the placenta 
and “attack” the neonate. May cause neonatal anemia, 
jaundice, edema, and enlargement of the liver and 
spleen. 


Hemolytic uremic syndrome — An abnormal reaction to 
infection with the E. coli strain O157:H7. The E. coli 
bacteria secrete a toxin that causes an inflammatory 
process, resulting in blood clot formation in the capillary 
vessels of the body. As the red blood cells of the body 
pass through these clogged capillaries, it causes them to 
become damaged, which consequently causes damage 
to the kidneys as they attempt to process these damaged 
cells. The patient must be treated for the anemia and 
renal failure immediately. 

Hemophilia -— Blood-clotting disorders in which the 
patients have deficiencies of specific clotting factors. 


Hemostasis — A stoppage of bleeding or of circulation. 

Heparin — A naturally occurring anticoagulant in the 
human body. Heparin is also provided as a fast-acting 
anticoagulant, administered via IV or subcutaneously. 

Hepatic function panel — A group of tests that are ordered 
together to monitor liver function. 
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Hepatitis — Inflammation of the liver. Hepatitis may be 
caused by a viral infection or other disease state that 
causes the liver to be inflamed. 

Hepatitis A virus (HAV) - A type of virus that causes 
inflammation of the liver in infected patients. Hepatitis A 
is transferred via the fecal-oral route, and usually does 
not cause permanent liver damage. Vaccinations are 
available for this disease. 

Hepatitis B virus (HBV) — A type of virus that causes 
inflammation of the liver in infected patients. Hepatitis B 
is bloodborne, and is transferred through sexual contact, 
contaminated needles, mucous membrane exposure, or 
other direct blood-to-blood contact. Hepatitis B infection 
may lead to permanent liver damage. Hepatitis B is the 
most common bloodborne pathogen to be transmitted to 
health-care workers. There are vaccinations available for 
this disease. 

Hepatitis C virus (HCV) — A bloodborne virus that causes 
inflammation of the liver. Hepatitis C infection usually 
leads to permanent liver damage, and is often asympto- 
matic until the liver damage has become quite advanced. 
There is no vaccination available for this disease. 

Hepatitis D — A type of virus that causes liver inflammation. 
This is considered a genetic mutation or variant of the 
hepatitis B virus, as it is present only in those who are 
already infected with hepatitis B. There is no vaccination 
for this disease. 

Heterophile antibody — A nonspecific type of antibody 
that is present in those with infectious mononucleosis. 
Heterophile antibodies are also present in other inflam- 
matory situations. 

Heterozygous — A genetic term in which the two genes 
for one characteristic are not the same. 

High complexity — Laboratory tests that have been deter- 
mined by the FDA to be complex enough so that the 
procedures can be performed only by highly trained 
laboratory professionals. 

High-density lipoprotein (HDL) — A lipid subgroup; this is 
known as the “good” cholesterol because it helps to 
reduce the plaque buildup on the interior of the blood 
vessels. 

Hilum — The indented (concave) portion of the kidney. 

Histamine — A substance produced by the body in 
response to antigenic exposure that causes dilation of 
the blood vessels, increased secretion of acid in the 
stomach, smooth muscle constriction, mucus production, 
tissue swelling, and itching (during allergic reactions). 

Histogram — A graph of the distribution of cell sizes made 
during cell counting on an automated analyzer. 


Homeostasis — The internal balance of the body that is 
necessary for good health. Homeostasis includes minor 
adjusting to outside stimuli. 

Homozygous — A genetic term in which the two genes for 
one characteristic are the same. 


Hospital laboratories — Laboratories that are usually 
housed within a hospital and provide services primarily 
to patients of that institution. Hospital laboratories 
may be owned by the hospital or contracted to provide 
their services. 

Human chorionic gonadotropin (HCG) — A hormone that 
is secreted by the trophoblasts of a fertilized ovum early 
in pregnancy. This hormone maintains the corpeus 
luteum so that it will secrete estrogen and progesterone. 
The presence of HCG in blood and urine is indicative of 
pregnancy. 

Human immunodeficiency virus (HIV) — This is a retro- 
virus that invades the CD4 cells of humans and causes 
the failure of their immune systems. Infection leads to 
the eventual development of AIDS. It is a bloodborne 
pathogen, and may be transmitted through sexual 
contact, mucous membrane exposure, or parenteral 
exposure. 

Hyperchromic — Pertaining to excess hemoglobin concen- 
tration in the erythrocyte. 

Hyperglycemia — Blood glucose levels elevated above 
acceptable reference ranges. 

Hyperkalemia — Elevated levels of potassium in the blood 
plasma. 

Hyperlipidemia — Excessive levels of lipid in the blood- 
stream. 

Hypernatremia — Elevated levels of sodium in the blood 
plasma. 

Hyperthyroidism — A condition in which the thyroid gland 
is overactive. 

Hypochromic — A condition of the blood in which the 
erythrocytes have a reduced hemoglobin content and 
appear pale in color. 

Hypofibrinogenemia — Low levels of circulating fibrinogen 
in the bloodstream. 

Hypoglycemia — Decreased blood glucose levels below 
acceptable reference ranges. 

Hypokalemia — Decreased levels of potassium in the blood 
plasma. 

Hyponatremia — Decreased levels of sodium in the blood 
plasma. 

Hypothyroidism — A condition in which the thyroid gland 
is underactive. 
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Icteric — A term used to describe the serum or plasma of 
a patient with hepatic dysfunction. An icteric specimen 
has a yellowish green color. 


iFOB — An acronym used to describe an immunochemical 
method of testing for fecal occult blood. It uses an antigen- 
antibody interaction with the globin portion of the hemo- 
globin molecule and is an alternative testing procedure 
to the guaiac method for the presence of fecal occult blood. 

Immunity — Protection from diseases. 

Immunoglobulins — Plasma proteins that play a role in 
protection from disease. These may occur on the surface 
of the lymphocytes, or may be secreted in response to 
antigenic exposure. 


Immunology — The study of the components of the immune 
system and their function. 


Impaired fasting glucose (IFG) — A term used to describe 
prediabetics who exhibit elevated fasting plasma glucose 
levels. 

Impaired glucose tolerance (IGT) — A term used to describe 
prediabetics who exhibit elevated glucose levels after 
drinking a glucose solution. 


Implied consent — Consent for a procedure that is implied 
by the actions of the individual. 

International Classification of Diseases, 9th ed. (ICD-9) — 
Codes assigned by the CDC to symptoms or disease 
states. These codes must be included for reimbursement 
for laboratory procedures. 

In vitro — Latin for “in glass,” referring to testing done 
outside of the body. 


In vivo — Latin for “in the living body,” referring to some- 
thing occurring inside the body, such as antigen-antibody 
reactions within a living subject. 

Incubators — A device by which the temperature, and 
sometimes humidity, of the environment can be controlled. 
Incubators are often used to help bacterial specimens 
grow for testing or to assist with the completion of a 
testing procedure. 

Indwelling catheter — A plastic tube that is allowed to 
remain in the urinary bladder for a period of time to 
facilitate drainage of urine as it is formed. 

Infection — A disease state caused by pathogenic microor- 
ganisms, including bacteria, viruses, parasites, or fungi. 
Infections may be localized or may spread throughout 
the body. Symptoms often include pain, fever, redness 
and swelling, and loss of function. 

Infection control — Policies and procedures to help minimize 
the spread of infection and fo analyze data in relation to 
infection within a health-care facility. 
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Infectious — A term used to describe a subject who is 
capable of transmitting disease to others. The transmission 
may occur directly or indirectly. 

Inflammation — A immunological defensive mechanism of 
the body, including increased blood flow, tissue 
swelling, increased white blood cell presence, and 
release of chemical toxins. 


Informed consent — Approval that is obtained in writing 
after the patient has been informed about the specifics 
of the proposed procedure, the risks of the procedure, 
alternative treatments, and information about what may 
happen if the patient decides against the procedure. 

Inoculation — Addition of a specimen to a culture medium 
for growth. 

Insulin — A hormone produced by the islets of Langerhans 
of the pancreas. Insulin is necessary for the cells of the 
body to absorb glucose to be utilized as energy. 


Insulin dependent — Diabetes that requires injections of 
insulin to control blood glucose levels. Patients with 
type 1 diabetes are usually insulin dependent. 


Insulin resistance — A condition in which cells have a 
diminished ability to interact appropriately with insulin. 
Intentional tort — A wrongful act that is committed by one 

person against another person deliberately. 


Interferons — A group of proteins produced in the body 
having antiviral properties. 

Interleukin — A hematopoietic growth factor affecting 
growth and differentiation of lymphocytes. 

Intermittent (straight) catheter — A catheter (hollow, plastic 
tube) placed directly into the bladder to facilitate 
drainage. The catheter is removed as soon as the bladder 
has drained. 


Internal quality control — Quality control that is built into 
the testing kit, provided by the manufacturer. 

International normalized ratio (INR) — A mathematical 
calculation used to standardize treatment based on pro- 
thrombin time (PT) results. PT results may vary, depending 
on lot numbers of reagents and different instruments used 
for testing. The INR is a calculation that takes these vari- 
ables into account and provides a tool for monitoring 
those patients on anticoagulant therapy. Most patients 


on anticoagulant therapy should have an INR between 
2.0 and 3.0. 


Interstitial — Between the cells. 
Interstitial fluid — The fluid between cells. 
Intracellular — Within the cells. 


Intravascular lysis — The destruction of red blood cells 
within the vessels of the body. 
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Intrinsic factor — A glycoprotein secreted by the parietal 
cells of the gastric mucosa, necessary for the absorption 
of vitamin Bj. 


Intrinsic pathway — Part of the blood-clotting cascade 
that uses chemicals that are normally present in the 
bloodstream. 

lons — An atom or group of atoms that has lost or gained 
electrons so that it possesses an electrical charge. Elec- 
trolytes are substances that become ions when dissolved 
in water. 

Iris diaphragm — A device with a variable diameter that 
controls the amount of light that is used to view a specimen 
through a microscope. 


lron-deficiency anemia — Anemia resulting from a greater 
demand on stored iron than can be supplied. 

Ischemia — An insufficient supply of blood to an organ or 
body part. This term is often used to describe a lack of 
blood flow fo areas of the heart when the patient has 
atherosclerosis, causing partial blockage of the vessels. 

Islets of Langerhans — Specialized groups of pancreatic 
cells that produce insulin and glucagon. Insulin and 
glucagon are necessary for controlling the levels of 
blood glucose in the body. 


Jaundice — A yellow staining of body tissues and the 
fluids of the body as a result of excess bilirubin in the 
bloodstream in patients with hepatic dysfunction. 


Ketones — A chemical that is elevated in the bloodstream 
with increased fat metabolism. This is usually associated 
with dysfunctional carbohydrate utilization, as in the case 
of diabetes mellitus. 

Ketonuria — The presence of ketones in the urine. 

Kidneys — Organs that create urine. 

Kirby-Bauver method — A method used to test specific 
bacteria for antibiotic sensitivity, utilizing antibody- 
impregnated disks on special agar plates. 

KOH (potassium hydroxide) — A solution used for exami- 
nation of a sample under the microscope which is per- 
formed immediately after collection to search for the 
presence of fungi. 


Labile — Describes a substance or sample that is not fixed, 
and is easily changeable. These types of specimens gen- 
erally must be tested immediately to provide accurate results. 

Laboratory — Any site where specimens may be collected, 
processed, or tested. 

Laboratory directory — A reference document in which 
specimen requirements and other useful information 
might be found. It includes all the tests offered by a 
particular laboratory. 


Laboratory report — A document used to transmit labora- 
tory results and reference ranges. 

Laboratory requisition — A form used to order laboratory 
tests. 

Laboratory thermometer — A thermometer used to mea- 
sure temperatures in a controlled environment, such as a 
refrigerator, freezer, or incubator. 

Lateral flow immunoassay - A test used to determine 
the presence of an antigen or antibody in a specimen. 
In this type of test, the sample moves laterally across 
the testing surface, resulting in a color change 
if the antibody and/or antigen is present in the 
specimen. This testing method is used in many CLIA- 
waived tests. 

Laws — Regulations established by a governmental 
authority that are enforced and punishable for 
noncompliance. 

Leukemia — A class of hematological malignancies in 
which immortal clones of immature blood cells multiply 
at the expense of normal blood cells. 


Leukocyte — White blood cell. 

Leukocyte esterase — An enzyme secreted by granulated 
white blood cells and monocytes. 

Leukocytosis — Abnormal increase in white blood cell 
(leukocyte) count. 

Leukopenia — Abnormal decrease in white blood cell 
(leukocyte) count. 

Liability — Legally responsible for an action. 

Libel — A false statement in print. 

Light source — The origin of light or illumination for a 
specimen to be viewed on a microscope. For most 
compound microscopes, this is a light bulb located in the 
base of the unit. 

Lipemia — The presence of excessive lipids in the blood. 
This term is used to describe the “milky” appearance 
of the plasma or serum in specimens with elevated lipid 
content. 

Lipid — A term used to describe fats in the body. Cholesterol 
and triglycerides are types of lipid molecules. 

Lipoproteins — Simple proteins bound to lipids or fats in 
the bloodstream. Lipoproteins are the method by which 
cholesterol travels in the bloodstream; they are further 
differentiated as HDL, LDL. or VLDL. 

Lobulated — Having lobes or sections. 

Loop of Henle — The middle portion of the renal tubules 
where exchanges occur as part of the formation of urine 
from the renal filtrate. 
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Low-density lipoprotein (LDL) — A subclass of cholesterol 
present in the body; this is known as the “bad” cholesterol 
because it contributes to plaque buildup on the blood 
vessel walls. 

Lumbar puncture — A procedure used to obtain samples 
of cerebrospinal fluid for examination and testing. 

Lumen — The term used to describe the interior hollow 
portion of the needle. This term may be used to describe 
the inside of any hollow object, such as a vein or artery. 

Lymphocyte — A white blood cell responsible for much of 
the body’s immune protection. 

Lymphoid — Pertaining to lymphocytes. 

lysed — The action of cell destruction (lysis) by chemical 
or mechanical methods, releasing the contents of the cells. 

Lysozyme — An enzyme found in various cells and body 
fluids that damages bacterial cell walls. 

Lytes — See Electrolytes. 

Macrocyte — Cells larger than normal size. 

Macrocytic — Abnormally large erythrocytes exceeding 
10 p in diameter. 

Macrophage — Cells that are capable of phagocytosis. 
Macroscopic — A description of a structure that is large 
enough to be seen or examined without magnification. 
Macrosomia — An abnormally large baby. An infant who 
has a birth weight above the 90th percentile of the 
standardized growth curve exhibits macrosomia. This 

may be caused by gestational diabetes in the mother. 

Malabsorption — Inadequate or incomplete absorption of 
nutrients from the digestive tract. 

Malfeasance — Performance of a wrong and unlawful act. 

Malpractice — The negligence of a professional person. 

Mastectomy — The removal of breast tissue. 

Material Safety Data Sheets (MSDS) — A descriptive 
sheet required by law to accompany chemicals upon 
delivery. These sheets contain essential safety informa- 
tion about the chemical, as well as contact information 
for the manufacturer. 


Mean — The mathematical average of a set of results. 
Mean corpuscular hemoglobin (MCH) - The average 
weight of hemoglobin in red blood cells in a sample. 
Mean corpuscular hemoglobin concentration (MCHC) — 
The average weight of hemoglobin in a given volume of 
packed blood cells. 

Mean corpuscular volume (MCV) — The average volume 
of a red blood cell in a sample. 

Media - Plural of medium; a term used to describe the 
substance that supports growth of microorganisms. 
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Median cubital vein — The middle vein of the antecubital 
area; this is the first vein of choice for venipuncture 
procedures. 


Medical asepsis — A state of cleanliness and disinfection 
that has reduced the number of microorganisms and 
pathogens to a significant degree. 

Megakaryocyte — A large bone marrow cell with large or 
multiple nuclei from which platelets are derived. 

Meniscus — A curve in the surface of a liquid in a cylinder 
caused by surface tension between molecules. 


Metabolic syndrome — The presence of four interrelated 
risk factors for atherosclerosis: insulin resistance (hyper- 
glycemia), hypertension, hyperlipidemia, and obesity. 

Methicillin-resistant Staphylococcus aureus (MRSA) - 
Staphylococcus aureus organisms that show resistance 
to the methicillin family of antibiotics. This strain is a 
growing concern to the health-care profession. 

MIC — See Minimum inhibitory concentration. 

Microalbumin — Small amounts of albumin. 


Microalbuminuria — Small amounts of albumin in the 
urine. This may be an indication of poor blood glucose 
control and kidney damage because of high glucose levels. 


Microcollection containers — Small blood collection con- 
tainers designed to be used for small amounts of blood. 
Often used for capillary draws, or situations in which the 
venipuncture is very difficult. 


Microcytes — A small erythrocyte with a diameter of less 
than 5 p. 


Microcytic — Small erythrocytes less than 5 p in diameter. 

Micrometer (micron, p) — One millionth of a meter, or 10°. 

Microorganisms — Living organisms that are too small to 
be seen without the aid of a microscope. 

Microscopic — A description of a structure that cannot be 
seen or examined without the use of magnification. 


Micturition — Urination or the voiding of urine. 


Minimum inhibitory concentration (MIC) — A term used to 
describe the lowest concentration of an antibiotic that 
will inhibit bacterial growth. This term is used to describe 
a procedure using a plate of wells that have specific 
antibiotics at known concentrations. 


Misfeasance — Performance of a lawful act in an improper 
manner. 


Moderate complexity — Laboratory tests that have been 
determined by the FDA to be moderately complex in 
nature. These tests require more quality control procedures, 
proficiency testing, and comprehensive documented 
personnel training than the CLIA-waived tests. 
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Monocular — A term used to describe a microscope that 
has only one ocular for viewing. 


Monocyte — A mononuclear phagocytic white blood cell 
derived from myeloid stem cells. 

Mononucleosis — An infectious disease caused by the 
Epstein-Barr virus. 

Morphology — Description of the structure and form; term 
used to describe the shape of cells in a complete blood 
count. 


Motility — Spontaneous movement; a term often used 
when describing microorganisms viewed in their natural 
state without preservation or staining. 

MRSA — Acronym for methicillin-resistant Staphylococcus 
aureus. (See also Methicillin-resistant Staphylococcus 
aureus.) 

Mucous membranes — Membranes lining body cavities 
that open to the outside of the body. 


Mucus — A viscous fluid secreted by the epithelial cells. 

Multiple myeloma — A malignant condition in which the 
bone marrow is overcome by nonfunctional cancer cells. 

Multisample needle — A needle used with the evacuated 
tube system having a point at both ends. 


Mycoses — Fungal infections. 
Mycotic — A term used fo describe fungal infections. 


Myeloid — Pertaining to the precursor cell for granulocytes, 
monocytes, erythrocytes, and megakaryocytes. 


Myocardial infarction — A blockage of the coronary 
blood vessels, resulting in damage to and death of the 
heart muscle. 

Myoglobin - A protein that stores and uses oxygen in 
cardiac and skeletal muscle tissue. The blood myoglobin 
concentration will become elevated with damage to the 
heart or the skeletal muscle of the body. 


Myoglobinuria — The presence of myoglobin in the urine. 


Nasopharyngeal collection technique — A sample taken 
from the portion of the pharynx just above the soft 
palate. This specimen is obtained by insertion of a 
collection swab through the nasal cavity to the back of 
the throat. 


Nasopharynx — The portion of the pharynx located directly 
behind the nose, just above the soft palate. 

National Fire Protection Association (NFPA) — A nonprofit 
organization established in 1896 whose mission is 
to use education, codes and standards, research, and 
training to reduce fire and other hazards. This organiza- 
tion is known worldwide for its fire-prevention efforts. 


Natural killer cells — Large lymphocytes that bind to 
invading cells and inject toxins, causing cell lysis. 


Negligence — Occurs when a professional does not act 
with reasonable care. 


Nephrons — The functional unit of the kidney where urine 
is formed. 

Neutrophil — A granulocytic white blood cell responsible 
for much of the body’s protection against infection. 

Niacin — A B vitamin used to treat elevated triglyceride 
and cholesterol levels. 


Nitrite — Nitrites are important components of the blood 
because they dilate blood vessels, reduce blood pressure, 
and perform other functions. 


Nocturia — Excessive or frequent urination at night. 


Nonintact skin — Skin that is broken. This may be caused 
by a scratch or puncture, but it may also be caused by 
irritation, such as develops with use of gloves and 
frequent hand washing. 


Nonfeasance — The failure to perform a necessary med- 
ical act. 


Normal flora — Resident bacteria normally present in spe- 
cific areas of the body. This bacterial presence is not 
pathogenic. 

Normal ranges — A range of results that are expected for 
a specific test within a certain population. Also referred 
to as reference ranges. 


Normochromic — A red blood cell with sufficient 


hemoglobin. 

Normocytic — A red blood cell of normal size, which is of 
6 to 8p. 

Nosocomial infection — An infection contracted in a 
hospital or other inpatient care facility. 

O&P — Ova and parasites. 

Objective lenses — The lenses of the microscope that 
are closest to the specimen. Compound microscopes 
have various levels of magnification available by using 
different lenses. 

Occlude - To close up or obstruct, such as when a blood 
vessel has been blocked by a clot or plaque buildup. 


Occupational exposure — Exposure that occurs while 
performing duties in the workplace. Occupational expo- 
sure does not always mean that there was an error in 
the way a task was performed; some types of exposure 
are inherent to all careers. For laboratory and health- 
care personnel, occupational exposure to bloodborne 
pathogens is commonplace. 

Occupational Safety and Health Administration (OSHA) - 
A governmental agency within the Department of Labor. 
OSHA's mission is to ensure the health and safety of all 
American workers. 
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Ocular lenses — The lens that is closest to the eyepiece. 
These lenses provide a low level of magnification that is 
not adjustable. 


Oil immersion lens — The most powerful objective lens 
(usually 100X magnification) that is used with a drop 
of oil between the lens and the slide. This allows for 
the light to be focused fully on the specimen without an 
opportunity for scatter. 

Oliguria — Diminished urinary output of less than 400 mL 
per day. 

Oncologist — A physician who specializes in the field of 
tumors and/or cancer treatment. 


Opportunistic pathogens — Infections that usually do not 
cause disease in a healthy individual. When the immune 
system of an individual is compromised, or when there is 
an imbalance of some sort present, a pathogen may take 
advantage of the situation and cause an opportunistic 
infection. 


Oral glucose tolerance test (OGTT) — A screening test for 
diabetes mellitus in which the patient is given a stan- 
dardized glucose solution to drink, then has blood 
glucose levels checked at hourly intervals to monitor the 
response to the ingestion. 

Other potentially infectious materials (OPIMs) — This cate- 
gory includes semen, vaginal secretions, cerebrospinal 
fluid, synovial fluid, pleural fluid, pericardial fluid, 
peritoneal fluid, amniotic fluid, saliva during dental 
procedures, breast milk, and any body fluids that are 
visibly contaminated with blood. 

Otitis — Inflammation of the ear. 

Otitis externa — Inflammation or infection of the outer ear. 

Otitis media — Inflammation or infection of the middle ear. 


Ova and parasite (O&P) examination — An examination 
of a stool sample for the presence of parasitic microor- 
ganisms or their eggs (ova). 

Ovalocyte — An elliptical red blood cell. 

Packed cell volume — A synonym for the hematocrit, the 
volume of erythrocytes packed by centrifugation in a 
given volume of blood. 

Palpation — Process of examination by the application of 
the hands or fingers; assessing an area of the body by 
use of touch. 

Panels — Groups of laboratory tests that are ordered 
together. These are often organ or disease specific. Also 
known as profiles. 

Panic results — See Critical results. 

Parasites — Any organism that lives on or within another 
living organism, often at the expense of the host organism. 
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Parenteral exposure — Exposure that occurred with a 
piercing of the skin. 


Partial thromboplastin time (PTT) — Measurement of the 
efficacy of the intrinsic coagulation pathway. This pathway 
includes the actions of clotting factors VIII, IX, XI, and XIl. 
The PTT is measured in seconds. 


Pathogen — A microorganism that is capable of causing 
disease. 

Pathological thrombosis — Formation of thrombi unnec- 
essarily or excessively, not only in response to vessel 
injury. 

Patient identifiers — Personal information that may identify 
a patient seeking care including demographics, Social 
Security numbers, birth dates, and the like. 


Peak collection — A blood specimen drawn at the time 
when a medication is at its highest level in the bloodstream. 


Percutaneous — Through the skin. 


Peritoneum — The membrane that lines the abdominal 
cavity. 

Pernicious anemia — A chronic macrocytic anemia in 
which the stomach secretes insufficient intrinsic factor for 
By» absorption. 

Personal protective equipment (PPE) — Equipment that 
is worn as protection for the employee, including 
goggles, masks, respirators, laboratory coats, or face 


shields. 


Petri dish — A small, round dish with a flat bottom and 
a lid. Agar is often contained in a Petri dish for culture 
procedures. Petri dishes may be made of glass or 
plastic. 

Phagocytes — A cell that has the ability to ingest and 
destroy antigens. 

Phagocytosis (phagocytic; phagocytize) — A three-stage 
process by which phagocytes (certain white blood cells) 
engulf and destroy microorganisms, antigenic substances, 
and cellular debris. 

Phlebotomist — A person who draws blood from a vein, 
capillary, or artery. 

Physician office laboratories (POL) — Laboratories that are 
located within a physician's office that perform testing 
on the specimens collected from the patients of that 
practice. 

Physiology — The study of the function of the human body. 

Pinworm — Infection caused by the parasite Enterobius 
vermicularis, which is the most common type of worm 
infection in the United States. 

Pipette — A device used in the laboratory to transfer liquid 
from one place to another. 
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Pisse prophets — Nonmedical practitioners who used 
urine to diagnose and predict disease without scientific 
basis for the practice. 

Plaque — Deposits of cholesterol within blood vessels. 

Plasma — The liquid portion of blood within the body. This 
term is also used to describe the liquid portion of a spec- 
imen when it has been drawn into a tube containing 
anticoagulant. 

Plasma separator tubes (PST) — Tubes containing a 
thixotropic separating gel to form a barrier between 
the blood cells and the liquid portion of the blood after 
centrifugation. 

Plasmin — An enzyme involved in the breakdown of 
blood clots. 

Platelet — Formed element in the blood that aids in blood 
clotting. 

Platelet count — The quantity of platelets (thrombocytes) 
present in a blood sample. Adequate numbers are essen- 
tial for effective coagulation. 

Pluripotent — Having the ability to differentiate into several 
types of specialized cells, a quality that stem cells are 
said to have. 

Poikilocytosis — Variations in the shape of red blood cells. 

Point-of-care testing (POCT) — Testing that is performed 
at the bedside or chairside of a patient, with results 
available within minutes. 

Polychromatic stain — A staining process consisting of 
both an alkaline stain and an acidic stain that allows for 
cells to stain a variety of colors. 

Polycythemia — Having an excess of red blood cells. 

Polydipsia — Excessive thirst. 


Polymorphonuclear — Possessing a nucleus consisting of 
several parts or lobes connected by fine strands. 


Polyphagia — Excessive hunger. 
Polyuria — Excessive urine production. 


Postexposure prophylaxis (PEP) — Protective measures 
taken immediately after exposure to a chemical or 
other type of hazard. This may include medication, 
but may also include other types of precautions 
taken “just in case” after a chemical or biohazardous 
exposure. 

Postprandial — After eating. 

Precision — A statistical term that is used to describe the 
reproducibility of the results for a test to each other. 


Prediabetes — A condition in which a patient shows early 
evidence of impaired carbohydrate metabolism or 
impaired secretion of insulin. 


Privacy Rule — An expansion of the original HIPAA man- 
date that applies to confidentiality of health information, 
and the rights of patients to control access fo their own 
records. 


Proficiency testing — A process in which the test results for 
a specific analyte are compared to those of other labo- 
ratories that use the same testing method to verify the 
accuracy of the test results. 

Proficiency testing — A standardized, formal assessment 
of the quality of test results. These are commonly per- 
formed when the laboratory is sent a sample with a 
known value fo see how competent its testing methods 
are when the specimen is tested. 


Profiles — A group of tests often ordered together that test 
for a specific body system or a specific disease process. 
Also known as panels. 

Prophylactic — A treatment that is used to prevent a dis- 
ease process or prevent an unwanted outcome. 


Prostatitis — Inflammation of the prostate. 


Prostatitis specimen — A urine specimen collected to 
identify a bacterial infection of the prostate. 


Prostatitis specimen collection process — A special proce- 
dure for collecting urine in which there are three specimens 
collected in close progression. 

Protected health information (PHI) — All information about 
a patient included in his or her medical record. 


Proteinuria — The presence of protein in the urine. 


Prothrombin time (PT; protime) — A measurement (in 
seconds) of the time needed for blood to clot when 
thromboplastin and calcium are added to a plasma 
specimen. This test is used to evaluate those who are 
on oral anticoagulant therapy as well as to screen for 
potential clotting disorders. 

Protime — See Prothrombin time. 

Protoporphyrin — A substance included in the heme por- 
tion of the hemoglobin molecule. Necessary to make 
iron functional and available to attach to the oxygen. 

Protozoa — Complex single-cell microorganisms, most of 
which are nonpathogenic. 

Provider-performed microscopy (PPM) — Microscopy 
examinations performed by a health-care provider in 
the office. To perform these legally, the laboratory will 
need to be registered with CLIA as a facility that 
performs PPM. 

Provider-performed microscopy procedures (PPMPs) — 
These are laboratory procedures that are performed by 
a midlevel provider or a physician using a microscope. 


1899 _Glossary_507-528 22/12/11 2:17 PM Page 523 


The examinations are performed on specimens that are 
unfixed and time sensitive, such as urine sediment micro- 
scopic examinations and wet mounts. There are specific 
quality control requirements that accompany this type 
of laboratory procedure, including maintenance on the 
microscope used for the examination. 


Proximal convoluted tubule — The proximal part of the 
renal tubule where the renal filtrate first enters after it 
leaves the Bowman’s capsule. 


Plasma separator tubes (PSTs) — PSTs contain a thixotropic 
gel that separates the blood cells from the liquid when 
spun in a centrifuge. 


Pus — The liquid product of inflammation, including dead 
cells, fluid, and pathogens. 

Pyuria — The presence of white blood cells or “pus” in the 
urine specimen. 

Qualitative — A term used to describe results which indi- 
cate whether or not a substance is present in a specimen, 
rather than the amount of the substance that is present. 
Qualitative tests provide a positive or negative result. 


Qualitative result — A test that determines the presence 
or absence of a substance, having a yes/no or 
positive/negative result. 

Quality assurance — All the processes used to assure qual- 
ity in laboratory testing, including all phases of the lab- 
oratory experience: before, during, and after the test is 
performed. 

Quality control (QC) — Practices used in the laboratory to 
ensure that the results for a given test are correct. 


Quantitative HCG — A test that provides a numeric result 
for the presence of human chorionic gonadotropin 
(HCG) in serum. This test may be necessary if an ectopic 
pregnancy or fetal demise is suspected. 


Quantitative result — A test that determines the amount of 
a specific substance in a sample. The result is expressed 
as a number or percentage. 

Quantitative test — A test that provides a numeric result, 
indicating the level of the analyte present in the specimen. 

Quantity not sufficient (QNS) specimen — A specimen that 
is not of sufficient quantity for testing. 


RACE — An acronym used to remind employees of the 
order of action in the event of a fire. R: Rescue those who 
might be in danger; A: Alarm, activate the alarm system; 
C: Confine the fire as much as possible by closing doors 
and windows; E: Extinguish the fire if possible. 

Radioimmunoassay (RIA) testing — A testing method in 
which the antigen or antibody in the specimen binds to 
a radioactive substance to be measured. 
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Random — Without plan or purpose or pattern. When 
used in connection with urine specimen collection, 
random refers to specimens collected at unspecified 
intervals. 


Random collection — A specimen that can be drawn 
at any time of the day without limitations or special 
preparation. 

Rapid flow immunoassay — A term that may be used in- 
terchangeably with lateral flow immunoassay. Rapid 
flow immunoassay also describes test methods in which 
the specimen/reagents do not flow laterally across the 
surface. 


Reabsorption — The process by which water and other 
necessary substances are reabsorbed into the body 
through the capillaries that surround the renal tubules. 


Reagent dipstick — A plastic strip that is imbedded with 
various reagent pads that test for chemicals in urine 
specimens. 

Reagent strips — Strips of material (usually some type of 
plastic) that have been covered or treated with chemi- 
cals. These are designed to change color or produce cer- 
tain substances as part of a chemical reaction. Reagent 
strips are designed to be used one time only, and may 
be used to detect the presence of a certain substance 
in a specimen or fo measure the amount of a specific 
substance. 


Red blood cell (RBC) — Formed element in the blood; pri- 
mary function of red blood cells is to transport oxygen. 


Red blood cell index — A calculated value that helps 
to classify RBCs in terms of size and hemoglobin 
concentration. 


Reference laboratory — A reference laboratory is a pri- 
vate commercial laboratory that tests a high volume of 
specimens, and often performs highly specialized tests 
that are not available at a physician office laboratory or 
a hospital laboratory. The reference laboratory receives 
specimens from other laboratories, and hospital or physi- 
cian office laboratories, not just from their general 
community. Specimens may be shipped from all over the 
country. 

Reference ranges — The expected ranges for a specific 
population for an analyte. These ranges can vary by 
age, gender, or race. Ranges are established by each 
laboratory, based on testing method. 

Reflexive testing — A policy in which follow-up tests are 
added automatically to a specimen when abnormal results 
are found with the initial testing ordered. This often applies 
to culture and urine specimens. 
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Reflexive — The automatic performance of additional 
laboratory testing in response to abnormal test results. 
For urine, the urine microscopic examination is often 
added on as a reflexive test for abnormal urine chemistry 
results. 

Refractive index — A measurement of how much light is 
deflected from its normal path when it passes through 
a different media. The amount of deflection may be 
affected by the concentration of dissolved substances in 
the medium. 

Refractometer — An instrument used to determine the 
specific gravity of a liquid. 

Regulated waste — See Biohazardous waste. 

Renal cortex — The outer layer of the kidney. 

Renal medulla — The inner layer of the kidney. 

Renal pelvis — A basin-shaped hollow structure that collects 
urine as it is formed before it exits the kidney through the 
ureters. 

Renal tubule — The area of the nephron where reabsorption 
and secretion occur as urine is formed. 

Reportable condition — A condition or disease that has 
been deemed a threat to the public. 

Resident bacteria — Another term used to describe normal 
flora, 

Resistant — A bacterial microorganism that is not affected 
by the properties of a specific antibiotic. 

Reticulocyte — The last immature stage of red blood cells; 
when stained with a supravital stain, the darkly staining 
granules are fragments of the endoplasmic reticulum. 

Reticulum — A mesh-like microscopic network in a cell. 

Retroperitoneal — Behind the peritoneum. 

Revolving nosepiece — The part of a microscope where 
the objectives attach. The revolving nosepiece can be 
turned as the different objectives are utilized. 

RhoGam - A type of immune globulin used to protect 
neonates who have Rh-negative mothers. 

Risk management — Ways of reducing potential risk to 
patients, employees, and employers. 

Rotations per minute (rpm) — Used to measure the speed 
at which a centrifuge operates. 

Rouleaux — A group of red blood cells that are stuck 
together, resembling a roll of coins. 

Rugae — A fold or crease in the cells lining various areas 
of the body that allows for more stretching and flexibility 
of these areas. 

Sanitization — To remove microorganisms from equipment 
or surfaces. 


Scabies — An infection of the skin with a parasitic mite 
that causes intense itching. 


Scope of practice — The various activities that a profes- 
sional is qualified to perform. This may be based on 
education and/or experience and differs by profession. 

Secretion — The final process in urine formation within the 
renal tubules. During secretion, substances are added to 
the urine filtrate from the capillaries that are wrapped 
around the renal tubules. 


Sediment — Formed elements in the urine specimen that 
settle to the bottom of the urine specimen when spun in 
the centrifuge. 


Semiquantitative — A type of testing procedure that 
provides an approximate amount of a substance. 

Sensitive — A bacterial microorganism that is killed or 
kept from multiplying by the use of a specific antibiotic. 

Sensitivity — The minimum concentration of the desired 
substance that will be detected. 


Septicemia — Infection of the bloodstream by a pathogenic 
microorganism. 

Sequela — A secondary complication or infection as a 
result of the primary infection. 

Serially — A series at set intervals. This term is used to 
describe laboratory samples that are to be collected at 
specific intervals over a period of time. 


Serology — The study of the antigen and antibody compo- 
nents in the liquid portion of the blood or other body fluids. 

Serotonin — A chemical vasoconstrictor. 

Serum — The liquid portion of the blood without the vari- 
ous clotting factors. Serum is taken from a blood speci- 
men that has been allowed to clot before centrifugation. 


Serum separator tubes (SST) — Tubes that contain a 
thixotropic separating gel that is designed to form a 
barrier between the blood cells and the liquid portion of 
the blood after it is centrifuged. 

Sharp — Any object that has projections, corners, or edges 
that are capable of piercing the skin. If the object has 
come into contact with blood or other potentially 
infectious materials, it is a biohazardous sharp. These 
must be disposed of in a special, puncture-proof container. 

Shift — A sudden change in quality control values. This 
may be a shift from one side of the mean to another, or 
a significant jump in values on the same side of the mean. 


Short draw — When there has been a loss of vacuum in 
the evacuated tube, blood will not enter the tube, or 
it will fill incompletely. Often, this requires that the 
specimen be redrawn. 
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Sickle cell — Red blood cell changed to a crescent shape 
by low oxygen tension. These cells contain the abnormal 
hemoglobin, Hb S. 


Sickle cell anemia — An inherited autosomal recessive 
trait in which the individual’s red blood cells contain 
hemoglobin S. 

Sickle cell trait — Condition of being heterozygous for 
Hb S in which each red blood cell has Hb A and Hb S; 
these cells become sickled under extremely low oxygen 
tension. 


Slander — Untrue statements that are spoken about another 
person. 


Slant — A tube with agar added and allowed to harden 
in a slanted form to allow for maximum surface area for 
bacterial growth. 

Specific gravity — The weight of a substance as compared 
to an equal volume of distilled water. The specific 
gravity of urine provides an indication of the amount of 
dissolved substances present in the specimen. 

Specificity — The ability to detect only the desired substance 
in the specimen. 


Specimens — A piece or part of something that is designed 
to show the characteristics of the whole. 

Spectrophotometer — A machine (or part of a machine) 
that is used to measure how much light of a certain 
wavelength has been absorbed by a specimen. 

Spectrophotometrically — An estimation of coloring matter 
in a solution by wavelength of light. 


Splenomegaly — An enlarged spleen. 
Spermatozoa — A mature male sex cell. 


Spherocyte — An erythrocyte that assumes a spheroid 
shape and has no central pallor. 


Spirilla — Bacteria that have a spiral shape when viewed 
under the microscope. 

Spores — A dormant bacterial form that is resistant to heat 
and moisture. Spores are the form that many bacteria 
assume when conditions are unfavorable, and this pro- 
tective form allows them to survive until the conditions 
become more comfortable for growth and replication. 

Sputum — Mucus that is expelled from the lungs and lower 
respiratory system with a deep cough. 

Stage — The portion of a microscope where the glass slide 
is placed for viewing. 

Standard of care — An acceptable level of performance 
for the employees within a profession. 

Standard precautions — Guidelines developed by the 
CDC to assist with the spread of infectious disease in 
health-care facilities. 
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Standing orders — Orders for laboratory tests to be drawn 
at specific intervals over a period of time. 


Staphylococci — Bacteria that are round and appear in 
grape-like clusters when viewed under a microscope. 
STAT — Something that is to be accomplished immediately. 
Statins — A classification of drugs used to treat patients 
with elevated lipid levels. Statins are especially effective 

for treatment of elevated LDL levels and triglycerides. 


Statutes — Laws established by the legislative branch of a 
government entity. 


Stem cells — Precursors of all blood cells that are present 
in the bone marrow. 

Stereomicroscope — A microscope that allows a specimen 
to be viewed from two different angles to create a 
three-dimensional image. Also known as a dissecting 
microscope. 


Sterilize — A process by which all microorganisms are 
destroyed on a surface. 

Strep screens — CLIA-waived procedures often performed 
in a physician office laboratory. These tests employ a 
throat swab specimen and produce results within minutes. 
Strep screens test for group A streptococci, and allow for 
timely treatment of streptococcal throat infections. 

Streptococcal pharyngitis — Inflammation and _ infection 
of the pharynx and tonsillar area caused by group A 
streptococcal bacteria. 


Streptococci — Bacteria that appear round and in small 
“chains” when viewed under the microscope. 

Stroke — A loss of neurological function that is caused by 
vessel injury or occlusion in the blood vessels of the brain. 
Also known as a cerebrovascular accident (CVA). 

Sulfosalicylic acid precipitation test — A test that uses 
turbidity as a measure of the presence of protein in the 
urine. 

Supernatant — The clear part of the urine specimen left at 
the top of the tube after the sediment has settled out to 
the bottom of the tube. 


Suprapubic aspiration — A procedure used to remove 
urine from the bladder when traditional catheteriza- 
tion is not an option. Suprapubic aspiration uses a 
syringe and needle to aspirate urine directly from the 
bladder. The needle is inserted through the external 
abdominal wall. 

Surgical asepsis — The destruction of all pathogenic 
organisms before they enter the body. This involves the 
use of sterile supplies for invasive procedures. 


Susceptible — Having very little or no defense from infection 
by a specific microorganism. 
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Syringe system — A method of drawing blood that involves 
a syringe with a needle attached. This method is used 
when a patient has veins that may not be able to with- 
stand the evacuated tube method, which applies a lot of 
reverse pressure all at once, which may collapse the vein. 


T cells — Specialized lymphocytic white blood cells that 
are programmed in the thymus to serve as part of the 
immune response. 

Tachometer — An instrument used to measure rotation 
speed. 

Target cell — An erythrocyte that has a reduced hemoglobin 
concentration and appears with a little color around the 
edge of the cell and a dark central area. 

Thalassemia — Inherited disorders in which abnormal 
hemoglobin is produced by either a defective production 
rate of the alpha or beta globin chains or a decreased 
synthesis of the beta chain. 

Thrombin — An enzyme that converts fibrinogen to fibrin, 
which is necessary for definitive blood clot formation. 


Thrombocytes — Platelets. 


Thrombocythemia — Overproduction of platelets by the 
bone marrow. 

Thrombocytopenia — An abnormal decrease in the num- 
ber of platelets. 

Thrombocytosis — An increase in the number of platelets. 

Thrombopoietin — A growth factor that acts on the bone 
marrow to stimulate platelet production as well as the 
production of other cell lines. 

Thrombosis — A blood clot formed in response to vascular 
injury, or pathological formation of a blood clot. 

Thrombus — A blood clot that adheres to the wall of a 
vessel or organ. 

Thyroid-stimulating hormone (TSH) — A hormone pro- 
duced by the pituitary gland that stimulates the thyroid 
gland to produce thyroxine, thyrocalcitonin, and 
triiodothyronine. 

Thyroxine (T4) — A hormone produced by the thyroid 
gland that affects the rate of metabolism of the cells 
throughout the body. 

Tort — Wrongs that are committed that do not involve a 
contractual agreement. 

Tourniquet - A stretchy, rubber-like band that is applied 
to the arm fo facilitate the location of veins to be used for 
blood draws. 

Transient bacteria — Bacteria that are not part of the 
normal flora of the body. These are the bacteria that 
are picked up on the hands and skin during daily 


activities and those that are washed off when washing 


the hands. 


Transmissible — Something that is capable of being 
passed, or transmitted, to another. 

Trends — A slow, steady incline or decline in the quality 
control values over time. 


Trichomoniasis — Infection with a parasite that often lives 
in the vagina in women or urethra in men. This parasite 
causes discharge, itching, and burning, and may be 
transmitted through sexual intercourse. 

Triiodothyronine (T3) — A hormone produced by the 
thyroid gland that affects the rate of metabolism of the 
cells throughout the body. 

Troponin — A muscle protein that is found in skeletal and 
cardiac muscle, but not smooth muscle. An elevated 
cardiac troponin level is one of the first indicators of 
heart trauma. 


Troubleshooting - Investigative processes employed 
when the quality control specimens are not within the 
expected ranges. 


Trough collection — A specimen drawn at the time when 
a medication is at the lowest level in the bloodstream. 
This is usually drawn immediately before the next dose 
is due. 


Type 1 diabetes — Diabetes that results from inadequate 
or absent insulin secretion. Extended periods of hyper- 
glycemia result, and treatment involves insulin injections. 

Type 2 diabetes — Diabetes that results from insulin resis- 
tance. Type 2 diabetes is usually successfully treated 
with lifestyle changes and oral medications. 


Unintentional tort — A wrongful act that is accidentally 
committed by one person against another person. 

Universal precautions — The concept that all blood prod- 
ucts and other potentially infectious materials are to be 
treated as if they are infected with bloodborne 
pathogens. 

Ureters — The tubes that carry urine from the kidney to the 
bladder. Most individuals have two ureters, one for each 
kidney. 

Urethra — The tube that extends from the bladder to the 
outside of the body through which urine travels. 

Urinalysis — Analysis of a urine specimen. The urinalysis 
usually includes a macroscopic examination of the spec- 
imen for color and clarity, measurement of the specific 
gravity of the specimen, testing for various chemicals, 
and may also include microscopic examination for 
suspended structures in the specimen. 
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Urinary frequency — An increase in the urge to urinate. 

Urinary incontinence — Involuntary urination. 

Urinary meatus — The external opening of the urethra. 

Urine culture — The process by which a urine specimen is 
added to a medium containing nutrients that nurture the 
growth of pathogenic microorganisms. 


Urine microscopic — The examination of urine sediment 
under the microscope for detection and quantitication of 
structures suspended in the urine. 

Urinometer — A type of hydrometer used to measure 
specific gravity of urine. A urinometer has a float that 
will fall to a depth measured at 1.000 when used 
with distilled water, but will not fall to this depth in urine 
specimens with an increase in dissolved substances. 

Urobilinogen — A derivative of bilirubin; bilirubin is 
converted to urobilinogen by intestinal bacteria. 

Urochrome — A pigment that gives urine its characteristic 
yellow color. 

Uroscopy — The name originally used to describe the 
analysis of urine specimens. This name is no longer used 
routinely. 

U.S. Department of Health and Human Services (HHS) - 
An agency that assumes the overall responsibility 


for laboratory quality assurance as designated in 
CLIA ‘88. 


U.S. Food and Drug Administration (FDA) — The federal 
agency responsible for assigning the level of complexity 
for various laboratory tests. 

Vaccine — A substance containing altered antigenic mate- 
rial used fo stimulate an immune response to a particular 
pathogen and provide protection. Vaccines are usually 
injected. 

Vacuum — A space that has all the air removed, creating 
a “vacuum” when it is opened (or pierced in the case of 
the vacuum tubes used for venipuncture). 


Valid — A term used to describe a test result that can 
safely be reported. This usually refers to qualitative tests, 
in which there is an indicator on the testing device to 
show that the test result is valid. This is independent of 
whether the result is positive or negative. 

Vasodilation — An enlargement of a vein due to the relax- 
ation of the vessel walls. 

Vasovagal syncope — Loss of consciousness, usually 
related to a stressful or upsetting event, such as a 
blood draw. 

Vector — A carrier of pathogenic microorganisms. The 
vector is usually unaffected by the pathogen that it 
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carries, but it is able to transmit it to a susceptible 
individual. 

Veins — Blood vessels in the body that carry blood from 
the capillary beds back fo the heart. 


Venules — The smallest vessels in the venous system. Cap- 
illary vessels gradually enlarge and change in structure 
to become venules. Venules then become veins. 


Virus — A microorganism that is foo small to be seen with- 
out the aid of a microscope with advanced technology. 
Viruses consist of genetic material wrapped in a protein 
coating, and they use the genetic information of the host 
cell to reproduce themselves. 

Viscous — Thick, sticky, or syrupy. 

Very low-density lipoprotein (VLDL) — A subclass of cho- 
lesterol. Elevated VLDL levels are linked to an increased 
chance of plaque formation in the blood vessels. 

von Willebrand’s factor — A glycoprotein that is present in 
plasma. It carries clotting factor VIll, which is necessary 
for blood hemostasis. von Willebrand’s factor also 
interacts with other processes in the clotting cascade. 


Warfarin — An oral anticoagulant. 


Water baths — A tank filled with water to be heated to a 
specific temperature. Test tubes are suspended in the 
heated water to speed up certain chemical reactions 
during testing procedures. 

Westergren erythrocyte sedimentation rate (ESR) — A test 
performed in which the anticoagulated blood is mixed 
with a sodium citrate or saline solution prior to transfer 
into the pipette for testing. 


Wet mount — A method used to observe living organisms 
microscopically without staining or preserving the speci- 
men. This is especially useful when observing the move- 
ment (or motility) of microorganisms. A wet mount is 
essentially a suspension of the specimen placed on a 
slide for observation under the microscope. 

White blood cell (WBC) — Formed element in the blood; 
the primary function of white blood cells is to provide 
immunity for the body. 

Window period — The period of HIV infection when the 
infected individual does not test positive in typical labo- 
ratory tests, but is still capable of transmitting the disease. 
This period can last for several months after infection. 


Winged infusion set — A butterfly setup. The winged infu- 
sion set consists of a needle (usually a half inch in length) 
attached to a piece of plastic tubing. The needle has 
plastic “wings” on both sides where the fingers grip the 
device while drawing blood. 
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Wintrobe erythrocyte sedimentation rate (ESR) — A 
method of performing the ESR in which the anticoagu- 
lated blood is placed directly into a short Wintrobe tube 
specifically designed to perform the ESR. The tube is 
graduated in millimeters for reading the results. The 
tubes are usually made of glass. 

Wood's lamp — A lamp used for examination of the skin. 
The Wood's lamp uses ultraviolet light to detect organ- 
isms or areas of the body that fluoresce. Many mycotic 
infections produce fluorescence. 


Work practice controls — Controls that alter the manner 
in which a task is performed to minimize the risk of 
exposure to bloodborne pathogens. 

Zone of inhibition — The area around a specific antibiotic 
disk where the growth of the microorganism is 
absent. The organism on the culture plate is sensitive 
(susceptible) to the antibiotic that is on the disk. 
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PREFACE 


Twenty-five years ago, in 1985, when Microscale Organic Laboratory (MOL) was 
first published (as paperback Xerox copies of an unproofed manuscript!), it was 
the only microscale organic laboratory text available. In the February 1999 Book 
Buyers Guide Supplement to the Journal of Chemical Education, however, there were 
seventeen laboratory manuals (of a total of thirty-nine) containing miniaturized, 
fully microscale, or a mixture of micro and macro experiments. Fast forward ten 
years and without any doubt, microscale techniques have solidly established 
their place in chemical education. The number of lab manuals currently in print 
reflects the growing number of students being introduced to organic chemistry 
through microscale techniques. While the conversion may not yet be quite as 
high as the eighty percent predicted by David Brooks back in 1985, a conserva- 
tive estimate would be that a solid two-thirds majority of sophomore students 
now work with miniaturized experiments compared with the amounts of mate- 
rial employed in these laboratories in the late 1970s. 

The major changes that were made to MOL in the fourth edition were very 
well received by our readers. Indeed, we are now nearing the fine-tuning stage 
in the evolution of this laboratory text. Hence, MOL5 on the surface will look very 
much like MOL4. MOL5, however, has undergone further significant internal 
reorganization and rewriting. Many helpful suggestions have been received from 
reviewers and from instructors who have used previous editions of this text. As a 
result, some major changes have been made for this new edition: 


e Akey change to the 5th edition is the modification of the procedural sec- 
tions to allow for inquiry-based experimentation. Reaction times have 
been replaced with guidelines, and options on how to best monitor reac- 
tions and gauge product purity are left to the discretion of the student or 
instructor. Many ideas and new approaches can stem from this change— 
for example, instructional sections can be split into small groups and each 
group can approach the monitoring of a reaction differently. Using a com- 
pletely separate set of experiments, discussions can be pursued which 
focus on reaction purity and evidence which offers the experimentalist 
sufficient data about what was prepared. Students can then compare 
notes at the end of the lab period and discuss the various approaches and 
end results. We hope that this change will allow the lab to become a more 
interactive experience between groups of students, should that be the 
wish of the instructor. The opportunity to monitor a reaction rather than 
assume reaction completion by simply following a time-based instruction 
and to allow for students to gather additional evidence of product purity 
empowers the student and adds an element of excitement to the lab expe- 
rience. Optional inquiry-based guidelines have been added to experi- 
ments 5A, 5B, 7, 19B, 24A, and 32. Experiments 11A, 16, and 28 have been 
modified in a way which focuses on validation of product purity. 
References to inquiry-based guidelines |?) and validation experiences [V) are 
noted in the text. 


¢ The use of microwave heating as a tool in synthetic organic chemistry is 
fast-growing and is becoming an enabling technology. Optional instruc- 
tions have been added to experiments to allow for the integration of 
microwave heating as a tool for performing reactions. Since reaction 
times are shorter than when conventional heating methods are used, 
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students have the opportunity to supplement these activities with tradi- 
tional techniques and as stated above engage in discussions comparing 
the two. Optional microwave heating instructions have been added to 
experiments 7, 8, 15, 22, and 30. References to microwave use are noted in 
the text by the use of this icon {m). 


A rich collection of end of chapter exercises and the addition of pre and 
post lab questions provides students with the valuable opportunity to test 
and practice their own understanding of each laboratory experiment. 


e Discussion sections that appear at the beginning of each Experiment have 
been added, revised, and expanded upon. These discussion sections 
provide chemical context/background for each experiment, and provide 
more information regarding the chemical principles involved in each 
experimental procedure. 

¢ The Refractive Index material, which was formally in chapter 4, has 


been moved to the book companion web site: http://www.wiley.com/ 
college/mayo. 


Chapter 10W, “Advanced Microscale Organic Laboratory Experi- 
ments,” (formerly chapter 7) has been moved to the book companion 
web site: http://www.wiley.com/college/mayo. 
Additional Resources 
Text web site-http://www.wiley.com/college/mayo 
As with the previous edition, a major portion of the background theoretical 
discussions have been moved to the text web site, without affecting the oper- 
ational part of the text. Likewise, the web site has allowed us to move a num- 
ber of more advanced discussions out of the printed text. Wherever the shift 
of this material has occurred the move is flagged by reference call-outs using 
an icon (www). 

These web reference discussions include information on the following 
topics: 
¢ Microscale lab equipment and techniques 
¢ Semimicroscale distillation 
¢ Reduced pressure distillations with microspinning band columns 
e Vacuum pumps and pressure regulation 
¢ Crystallization 
¢ Measurement of Specific Rotation 


Introduction to Infrared Spectroscopy—Introduction to Theory 

¢ Group Frequencies of the Hydrocarbons 

¢ Characteristic Frequencies of the Heteroatom Functional Groups 
¢ Instrumentation—the Infrared Interferometer 

¢ Tables of Derivatives 


The majority of the background infrared spectra and the associated discus- 
sions used to develop the use of group frequencies from these spectra are also 
found on the web site, while the text still contains the essential tables of char- 
acteristic frequencies that are in every day use in the laboratory. The many 
compound data tables, used primarily in the chapter on qualitative identifica- 
tion, also reside on the web site. The Classification of Experiments Based on 
Mechanism is also available on the web site. 
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CH.apter 1 


INTRODUCTION 


You are about to embark on a challenging adventure—the microscale 
organic chemistry laboratory! 


Your course is going to be quite different from the conventional manner in which 
this laboratory has been taught in past decades. You will be learning the experi- 
mental side of organic chemistry from the microscale level. Although you will be 
working with very small amounts of materials, you will be able to observe and 
learn more organic chemistry in one year than many of your predecessors did in 
nearly two years of laboratory work.You will find this laboratory an exciting and 
interesting place to be. While we cannot guarantee it for you individually, the ma- 
jority of students who went through the program during its development found 
the microscale organic laboratory to be a surprisingly pleasant adventure. 

This textbook is centered on helping you develop skills in microscale or- 
ganic laboratory techniques. Its focus is twofold. For those of you in the aca- 
demic environment and involved with the introductory organic laboratory, it 
allows the flexibility of developing your own scaling sequence without being 
tied to a prescribed set of quantities. For those of you working in a research en- 
vironment at the advanced undergraduate or graduate level or in the industrial 
area, this text will provide the foundation from which you can develop a solid 
expertise in microscale techniques directly applicable to your work. Working at 
the microscale level is substantially different from using conventional opera- 
tions in the organic laboratory with multigram quantities of materials. 

During the last two decades, the experimental side of organic chemistry has 
moved ever closer to the microscale level. This conversion started in earnest 
nearly thirty years ago and has been spurred on by the rapidly accelerating cost 
of chemical waste disposal. As we have said, you will be working with very small 
amounts of materials, but the techniques that you will learn and experience you 
will gain will allow you to accomplish more organic chemistry in the long run 
than many of your predecessors. 

First, we want to acquaint you with the organization and contents of the 
text. With the fifth edition, a continued effort has been made to streamline 
the basic reference material from the text using our accompanying website 
(www.wiley.com/college/MOL5). Accordingly, Chapter 10W (formerly <{www 
Chapter 7 of the fourth edition) in its entirety has been placed online. 
Throughout this edition, Chapter 10W is identified with a “W” (e.g., <{www 
Chapter 10W), indicating its location online. Furthermore, an icon will be 
used in the margin to indicate website material that will be of interest to 
the user. We hope this treatment of the laboratory will make the more im- 
portant aspects of the basic text easier to access and will speed your labo- 
ratory work along. We then give you a few words of advice, which, if they are 
heeded, will allow you to avoid many of the sand traps you will find as you de- 
velop microscale laboratory techniques. Finally, we wax philosophical and at- 
tempt to describe what we think you should derive from this experience. 

After this brief introduction, the second chapter is concerned with safety in 
the laboratory. This chapter supplies information that will allow you to estimate 





Chapter 1: CH, Methane 
a substance of natural origin, known as Marsh Gas to the alchemists. 
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your maximum possible exposure to volatile chemicals used in the microscale 
laboratory. Chapter 2 also discusses general safety protocol for the laboratory. It 
is vitally important that you become familiar with the details of the material 
contained in this chapter; your health and safety depend on this knowledge. 

The next three chapters are concerned primarily with the development of 
experimental techniques. Chapter 3 describes in detail the glassware employed 
in microscale organic chemistry: the logic behind its construction, tips on its 
usage, the common arrangements of equipment, and various other laboratory 
manipulations, including techniques for transferring microquantities of materi- 
als. Suggestions for the organization of your laboratory notebook are presented 
at the end of this chapter. 

Chapter 4 deals with equipment and techniques for determining a num- 
ber of physical properties of microscale samples. Chapter 5 is divided into nine 
technique sections. Detailed discussions develop the major areas of experi- 
mental technique that are used in the microscale organic laboratory. 

Chapters 6, 7, and 10W contain the main experimental sections of this text. 
Chapter 6 is focused primarily on preparative organic chemistry at the mi- 
croscale level and consists of 35 experiments. While the number of experiments 
has not changed with this edition, there have been changes to how the reac- 
tions are monitored and conducted. Six experiments (Experiments 5A, 5B, 7, 
19B, 24A, and 32) in Chapter 6 have been modified in a way which replaces the 
posting of a reaction time with the task of monitoring the reaction by TLC un- 
til complete. The TLC technique is asked of the experimentalist in three more 
experiments (Experiments 11A, 16, and 28) in order to provide additional evi- 
dence of reaction purity upon recrystallization of the crude reaction mixture. 
And finally, five experiments (Experiments 7, 8, 15, 22, and 30) in Chapter 6 
now have optional exercises which utilize microwave technologies. Additional 
selections of individual experiments can be drawn from those experiments pre- 
sented in Chapter 7. Chapter 10W, which is now located online, contains a se- 
ries of seven experiments of a more sophisticated nature. A number of the ex- 
periments contained in Chapters 6 and 10W are of optional scale so that you 
may also have the opportunity to gain some experience with experimentation 
at larger scales. Chapter 7 consists of a set of six sequential experiments that are 
essentially identical to the type of problems tackled by research chemists in- 
volved in synthetic organic chemistry. A number of these multistep procedures 
begin the first step in the experiment with large-scale, multigram quantities of 
starting material, but require microscale techniques to complete the final step or 
two. The use of this chapter is most appropriate in the final stages of the course, 
for example, the latter part of the second semester of a two-semester sequence. 

Chapter 8 develops the characterization of organic materials at the mi- 
croscale level by spectroscopic techniques. The chapter starts with a brief discus- 
sion of the interpretation of infrared (IR) group frequencies and is followed by a 
more detailed treatment of nuclear magnetic resonance (NMR) spectral data, a 
brief discussion of ultraviolet-visible (UV-vis) spectroscopy, and a brief introduc- 
tion to the theory, experimental techniques, and applications of mass spectrom- 
etry to organic chemistry. A more detailed introduction to the theoretical basis for 
these spectroscopic techniques is also presented on the accompanying website. 

Chapter 9 develops the characterization of organic materials at the mi- 
croscale level by the use of classical organic reactions to form solid derivatives. 
Tables of derivative data for use in compound identification by these tech- 
niques are discussed and are included on the website as Appendix A. 

A list of all the experiments grouped by reaction mechanism is given on 
the web-site as Appendix B. 
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The organization of the experimental procedures given in Chapters 6, 7, 
and 10W is arranged in the following fashion. A short opening statement de- «WWW 
scribing the reaction to be studied is followed by the reaction scheme. 

Generally, a brief discussion of the reaction follows, including a mechanis- 
tic interpretation. In a few cases of particularly important reactions, or where 
the experiment is likely to precede presentation of the topic in the classroom, 
a more detailed description is given. The estimated time needed to complete 
the work, and a table of reactant data come next. For ease in organizing your 
laboratory time, the experimental section is divided into four subsections: 
reagents and equipment, reaction conditions, isolation of product, and purification 
and characterization. 

We then introduce a series of questions and problems designed to en- 
hance and focus your understanding of the chemistry and the experimental 
procedures involved in a particular laboratory exercise. Finally, a bibliography 
offering a list of literature references is given. Although this list comes at the 
end of the experimental section, we view it as a very important part of the text. 
The discussion of the chemistry involved in each experiment is necessarily 
brief. We hope that you will take time to read and expand your knowledge 
about the particular experiment that you are conducting. You may, in fact, find 
that some of these references become assigned reading. 

A prompt (™) in the text indicates that experimental apparatus involved 
with that stage of the experiment are shown in the margin. Important com- 
ments are italicized in the text, and Warnings and Cautions are given in 
boxes and also indicated in the margins. 

In an effort to streamline our treatment of the laboratory we have moved a con- 
siderable quantity of material from the previous editions, MOL3 and MOL4, and 
placed it in easily accessible form on our website (www.wiley.com/college/MOLS). 
An icon lets you know that supplemental material is available on the website. New <~WWW 
to this edition is a detailed listing within the table of contents of all materials avail- 
able online. We hope this format will make the more important aspects of the basic 
text easier to access and speed your laboratory work along. 


GENERAL RULES FOR 
THE MICROSCALE LABORATORY 


1. Study the experiment before you come to lab. This rule is a his- 
torical plea from all laboratory instructors. In the microscale laboratory it 
takes on a more important meaning. You will not survive if you do not pre- 
pare ahead of time. In microscale experiments, operations happen much 
more quickly than in the macroscale laboratory. Your laboratory time will be 
overflowing with many more events. If you are not familiar with the 
sequences you are to follow, you will be in deep trouble. Although the tech- 
niques employed at the microscale level are not particularly difficult to 
acquire, they do demand a significant amount of attention. For you to reach 
a successful and happy conclusion, you cannot afford to have the focus of 
your concentration broken by having to constantly refer to the text during 
the experiment. Disaster is ever present for the unprepared. 


2. ALWAYS work with clean equipment. You must take the time to 
scrupulously clean your equipment before you start any experiment. Conta- 
minated glass-ware will ultimately cost you additional time, and you will 
experience the frustration of inconsistent results and lower yields. Dirty 
equipment is the primary cause of reaction failure at the microscale level. 
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3. CAREFULLY measure the quantities of materials to be used in 
the experiments. A little extra time at the beginning of the laboratory can 
speed you on your way at the end of the session. A great deal of time has 
been spent optimizing the conditions employed in these experiments in order 
to maximize yields. Many organic reactions are very sensitive to the relative 
quantities of substrate (the material on which the reaction is taking place) and 
reagent (the reactive substance or substances that bring about the change in 
the substrate). After equipment contamination, the second-largest cause of 
failed reactions is attempting to run a reaction with incorrect quantities of the 
reactants present. Do not be hurried or careless at the balance. 


4. Clean means DRY. Water or cleaning solution can be as detrimental 
to the success of a reaction as dirt or sludge in the system. You often will be 
working with very small quantities of moisture-sensitive reagents. The glass 
surface areas with which these reagents come in contact, however, are rela- 
tively large. A slightly damp piece of glassware can rapidly deactivate a crit- 
ical reagent and result in reaction failure. This rule must be strictly followed. 


5. ALWAYS work on a clean laboratory bench surface, preferably glass! 


6. ALWAYS protect the reaction product that you are working with 
from a disastrous spill by carrying out all solution or solvent transfers 
over a crystallizing dish. 


7. ALWAYS place reaction vials or flasks in a clean beaker when 
standing them on the laboratory bench. Then, when a spill occurs the 
material is more likely to be contained in the beaker and less likely to be 
found on the laboratory bench or floor. 


8. NEVER use cork rings to support round-bottom flasks, particu- 
larly if they contain liquids. You are inviting disaster to be a guest at your 
laboratory bench. 


9. ALWAYS think through the next step you are going to perform 
before starting it. Once you have added the wrong reagent, it is back to 
square one. 


10. ALWAYS save everything you have generated in an experiment 
until it is successfully completed. You can retrieve a mislabeled chromato- 
graphic fraction from your locker, but not from the waste container! 


THE ORGANIC CHEMISTRY LABORATORY 


The confidence gained by mastering the microscale techniques described here 
will pay big dividends as you progress into modern-day experimental chem- 
istry. The organic laboratory has had a reputation of being smelly, long, te- 
dious, and pockmarked with fires and explosions; but present-day organic 
chemistry is undergoing a revolution at the laboratory bench. New techniques 
are sweeping away many of the old complaints, as an increasing fraction of in- 
dustrial and academic research is being carried out at the microscale level. 

This book allows the interested participant to rapidly develop the skills 
needed to slice more deeply into organic chemistry than ever before. The 
attendant benefits are greater confidence and independence in acquired lab- 
oratory techniques. The happy result is that in a microscale-based organic 
chemistry laboratory, you are more likely to have a satisfying encounter with 
the experimental side of this fascinating field of knowledge. 
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SAFETY 


Research laboratories vary widely with respect to facilities and support given to 
safety. Large laboratories may have several hundred chemists and an extensive 
network of co-workers, supervisors, safety officers, and hazardous-waste man- 
agers. They also, according to government regulations, have an extensive set of 
safety procedures and detailed practices for the storage and disposal of haz- 
ardous wastes. In small laboratories, the individual chemist may have to take 
care of all these aspects of safety. Some laboratories may routinely deal with very 
hazardous materials and may run all reactions in hoods. Others may deal mainly 
with relatively innocuous compounds and have very limited hood facilities. 

Our approach is to raise some questions to think about and to suggest places 
to look for further information. In this chapter, we do not present a large list of 
safety precautions for use in all situations; rather, we present a list of very basic 
precautionary measures. A bibliography at the end of the chapter offers a list of 
selected references. We urge you to consult these references concerning specific safety 
regulations. Many laboratories may have safety guidelines that will supercede this 
very cursory treatment. This chapter is no more than a starting point. 





MAKING THE LABORATORY A SAFER PLACE 


Murphy’s law states in brief,“If anything can go wrong, it will.”Although it is 
often taken to be a silly law, it is not. Murphy’s law means that if sparking 
switches are present in areas that contain flammable vapors, sooner or later 
there will be a fire. If the glass container can move to the edge of the shelf as 
items are moved around or because the building vibrates, at some time it will 
come crashing to the floor. If the pipet can become contaminated, then the 
mouth pipetter will eventually ingest a contaminant. 

We cannot revoke Murphy’s law, but we can do a lot to minimize the dam- 
age. We can reduce the incidence of sparks and flames and flammable vapors. 
We can make sure that if the accident does occur, we have the means to con- 
tain the damage and to take care of any injuries that result. All of this means 
thinking about the laboratory environment. Does your laboratory have or en- 
force regulations related to important items such as eye, face, and foot protec- 
tion, safety clothing, respiratory equipment, first aid supplies, fire equipment, 
spill kits, hoods, and compliance regulations? Think ahead about what could 
go wrong and then plan and prepare to minimize the chance of an accident and 
be prepared to respond when one does occur. 


NATURE OF HAZARDS 


The chemistry laboratory presents a wide assortment of risks. These risks are 
outlined briefly here so that you can begin to think about the steps necessary 
to make the laboratory safer: 


1. Physical hazards. Injuries resulting from flames, explosions, and equip- 
ment (cuts from glass, electrical shock from faulty instrumentation, or 
improper use of instruments). 


Chapter 2: C,H, Ethylene 
a substance of natural origin, released by ripening fruit. 
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. External exposure to chemicals. Injuries to skin and eyes resulting from 


contact with chemicals that have spilled, splashed, or been left on the 
bench top or on equipment. 


. Internal exposure. Longer term (usually) health effects resulting from 


breathing hazardous vapors or ingesting chemicals. 


REDUCTION OF RISKS 


Many things can be done to reduce risks. The rules below may be absolute in 
some laboratories. In others, the nature of the materials and apparatus used 
may justify the relaxation of some of these rules or the addition of others. 


1. 


Stick to the procedures described by your supervisor. This attention 
to detail is particularly important for the chemist with limited experience. 
In other cases, variation of the reagents and techniques may be part of 
the work. 


. Wear approved safety goggles. We can often recover quickly from injuries 


affecting only a few square millimeters on our bodies, unless that area hap- 
pens to be in our eyes. Larger industrial laboratories often require that lab- 
oratory work clothes and safety shoes be worn. Wear them, if requested. 


. Do not put anything in your mouth under any circumstances 


while in the laboratory. This includes food, drinks, chemicals, and 
pipets. There are countless ways that surfaces can become contami- 
nated in the laboratory. Since there are substances that must never be 
pipetted by mouth, one must get into the habit of never mouth pipet- 
ting anything. 


. Be cautious with flames and flammable solvents. Remember that the 


flame at one end of the bench can ignite the flammable liquid at the 
other end in the event of a spill or improper disposal. Flames must never 
be used when certain liquids are present in the laboratory, and flames 
must always be used with care. Check the fire diamond hazard symbol, 
if available. 


. Be sure that you have the proper chemicals for your reaction. Check 


labels carefully, and return unused chemicals to the proper place for stor- 
age. Be sure to replace caps on containers immediately after use. An open 
container is an invitation for a spill. Furthermore, some reagents are very 
sensitive to moisture, and may decompose if left open. 


. Minimize the loss of chemicals to air or water and dispose of waste 


properly. Some water-soluble materials may be safely disposed of in the 
water drains. Other wastes should go into special receptacles. Pay atten- 
tion to the labels on these receptacles. Recent government regulations 
have placed stringent rules on industrial and academic laboratories for 
proper disposal of chemicals. Severe penalties are levied on those who do 
not follow proper procedures. We recommend that you consult general 
safety references nos. 3 and 4 at the end of the chapter. 


. Minimize skin contact with any chemicals. Use impermeable gloves 


when necessary, and promptly wash any chemical off your body. If you 
have to wash something off with water, use lots of it. Be sure that you 
know where the nearest water spray device is located. 


—p— CONFIRMING PAGES 


aq aptara 


EQA 


JWCL196_c02_005-017.qxd 11/16/09 1:55 PM Page 7 a 


NOTE. Do not use latex gloves. They are permeable to many chemicals and some 
people are allergic to them. A recommended substitute are the various grades of 
nitrile gloves. 


8. 


10. 


11. 


12. 


13. 


14. 


15. 


16. 


17. 


Do not inhale vapors from volatile materials. Severe illness or inter- 
nal injury can result. 


. Tie back or confine long hair and loose items of clothing. You do not 


want them falling into a reagent or getting near flames. 


Do not work alone. Too many things can happen to a person working 
alone that might leave him or her unable to obtain assistance. As in 
swimming, the “buddy system” is safest. 


Exercise care in assembling glass and electrical apparatus. All oper- 
ations with glass, such as separating standard taper glassware, involve 
the risk that the glass may break and that lacerations or punctures may 
result. Seek help or advice with glassware, if necessary. Special contain- 
ers should be provided for the disposal of broken glass. Electrical shock 
can occur in many ways. When making electrical connections, make sure 
that your hands, the laboratory bench, and the floor are all dry and that 
you do not complete an electrical path to ground. Be sure that electrical 
equipment is properly grounded and insulated. 


Report any injury or accident to the appropriate person. Reporting 
injuries and accidents is important so that medical assistance can be 
obtained if necessary. It also allows others to be made aware of any safety 
problems; these problems may be correctable. 

Keep things clean. Put unused apparatus away. Immediately wipe up 
or care for spills on the bench top or floor. This also pertains to the bal- 
ance area and to where chemicals are dispensed. 

Never heat a closed system. Always provide a vent to avoid an explosion. 
Provide a suitable trap for any toxic gases generated in a given reaction. 
Learn the correct use of gas cylinders. Even a small gas cylinder can 
become a lethal bomb if not properly used. 

Attend safety programs. Many industrial laboratories offer excellent 
seminars and lectures on a wide variety of safety topics. Pay careful atten- 
tion to the advice and counsel of the safety officer. 

Above all, use your common sense. Think before you act. 


PRECAUTIONARY MEASURES 


Know the location and operation of safety equipment in the laboratory. Locate the 


nearest 
e Fire extinguisher e¢ Telephone e Exit 
e First aid kit e Emergency shower @ Fire blanket 
e Eye wash 


Know where to call (have the numbers posted) for 


e Fire 


e Medical emergency 


e Spill or accidental release of corrosive or toxic chemicals. 


Precautionary Measures 7 
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8 CHAPTER2 Safety 
Know where to go 


e In case of injury 
e To evacuate the building 


THINKING ABOUT THE RISKS 
IN USING CHEMICALS 


The smaller quantities used in the microscale laboratory carry with them a re- 
duction in hazards caused by fires and explosions; hazards associated with 
skin contact are also reduced. However, care must be exercised when working 
with even the small quantities involved. 

There is great potential for reducing the exposure to chemical vapors, but 
these reductions will be realized only if everyone in the laboratory is careful. 
One characteristic of vapors emitted outside hoods is that they mix rapidly 
throughout the lab and will quickly reach the person on the other side of the 
room. In some laboratories, the majority of reactions may be carried out in 
hoods. When reactions are carried out in the open laboratory, each experi- 
menter becomes a polluter whose emissions affect nearby people the most, 
but these emissions become added to the laboratory air and to the burden 
each of us must bear. 

The concentration of vapor in the general laboratory air space depends on 
the vapor pressure of the liquids, the area of the solid or liquid exposed, the 
nature of air currents near the sources, and the ventilation characteristics of 
the laboratory. One factor over which each individual has control is evapora- 
tion, which can be reduced by the following practices: 


e Certain liquids must remain in hoods. 
e Reagent bottles must be recapped when not in use. 
e Spills must be quickly cleaned up and the waste discarded. 


Chemicals must be properly stored when not in use. Some balance must 
be struck between the convenience of having the compound in the laboratory 
where you can easily put your hands on it and the safety of having the com- 
pound in a properly ventilated and fire-safe storage room. Policies for storing 
chemicals will vary from place to place. There are limits to the amounts of 
flammable liquids that should be stored in glass containers, and fire-resistant 
cabinets must be used for storage of large amounts of flammable liquids. 
Chemicals that react with one another should not be stored in close proximity. 
There are plans for sorting chemicals by general reactivity classes in store- 
rooms; for instance, Flinn Scientific Company includes a description of a stor- 
age system in their (2009) chemical catalog. 


DISPOSAL OF CHEMICALS 


Chemicals must also be segregated into categories for disposal. The categories 
used will depend on the disposal service available and upon federal, state, and 
local regulations. For example, some organic wastes are readily incinerated, 
while those containing chlorine may require much more costly treatment. 
Other wastes may have to be buried. For safety and economic reasons, it is 
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important to place waste material in the appropriate container. In today’s 
world, it often costs more to dispose of a chemical than to purchase it in the first 
place! The economic impact of waste generation and disposal is gigantic. Based 
upon the toxic release inventory from the EPA for the year of 2005, do you real- 
ize that the chemical industry in the United States released more than 4 billion 
pounds of on-site and off-site chemical waste?! Each year hundreds of billions 
of dollars is spent per year in waste treatment, control, and disposal costs! 

It is our obligation as chemists to decrease the impact that hazardous 
chemicals have on our environment. A movement is currently underway (re- 
ferred to as“Green Chemistry” or “Benign by Design”) to accomplish this goal 
by focusing on the design, manufacture, and use of chemicals and chemical 
processes that have little or no pollution potential or environmental risk. 


MATERIAL SAFETY DATA SHEETS 


Although risks are associated with the use of most chemicals, the magnitudes of 
these risks vary greatly. A short description of the risks is provided by a Material 
Safety Data Sheet, commonly referred to as an MSDS. All participants of a lab- 
oratory experience are strongly encouraged to educate themselves on the risks, 
large or small, of the chemicals they are scheduled to work with while in lab. The 
information contained on these sheets can be obtained from a number of loca- 
tions. While they are normally provided by the manufacturer or vendor of the 
chemical, and users are required to keep on file the MSDS of each material 
stored or used, data sheets can be easily obtained online. 

As an example, the 1985 MSDS for acetone is shown here. This sheet was 
provided by the J.T. Baker Chemical Company. Sheets from other sources, es- 
pecially those online’, do provide a very illuminating comparison of what has «(www 
transpired over 20+ years. Much of the information on these sheets is self- 
explanatory, but let’s review the major sections of the acetone example. 

Section I provides identification numbers and codes for the compound 
and includes a summary of the risks associated with the use of acetone. Be- 
cause these sheets are available for many thousands of compounds and mix- 
tures, there must be a means of unambiguously identifying the substance. A 
standard reference number for chemists is the Chemical Abstracts Service 
Number (CAS No.). 

A quick review of the degree of risks is given by the numerical scale under 
Precautionary Labeling. This particular scale is a proprietary scale that ranges 
from 0 (very little or nonexistent risk) to 4 (extremely high risk). The National 
Fire Protection Association (NFPA) uses a similar scale but the risks considered 
are different. Other systems may use different scales, and there are some that 
represent low risks by the highest number! Be sure that you understand the 
scale being used. Perhaps some day one scale will become standard. 

Section II covers risks from mixtures. Because a mixture is not considered 
here, the section is empty. Selected physical data are described in Section IIL. 
Section IV contains fire and explosion data, including a description of the toxic 
gases produced when acetone is exposed to a fire. The MSDSs are routinely 
made available to fire departments that may be faced with fighting a fire in a 
building where large amounts of chemicals are stored. 


'For online access to the EPA Toxic Release Inventory, see: www.epa.gov/tri/ 
*For an online MSDS for acetone, see: www.jtbaker.com/msds/englishhtml/A0446.htm 
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J. 7. BAKER CHEMICAL CO. 222 RED SCHOOL LANE, PHILLIPSBURG, NJ 08865 
MATERIAL SAFETY DATA SHEET 
24-HOUA EMERGENCY TELEPHONE — (201) 859-2151 
CHEMTREC # (800) 424-9900 — NATIONAL RESPONSE CENTER # (800) 424-6902 


AD44§ -1 ACETONE PAGE: 1 
EFFECTIVE: 10/11/65 ISSUED. 01/23/86 


SECTION | - PRODUCT IDENTIFICATION 


PRODUCT NAME: ACETONE 
FORMULA: (CH32C0 
FORMULA WT: 58.08 
CAS NO.: 00067-64-1 
NIOSH/RTECS NO: AL3150000 


COMMON SYNONYMS: DIMETHYL KETONE, METHYL KETONE: 2-PRGPANONE 
PRODUCT CODES: 9010,9006,9002,925-4,9009,9001,9004,5356,4134,9007,9005,9008 


PRECAUTIONARY LABELLING 
BAKER SAF-T-DATA(TM} SYSTEM 
HEALTH -4 
FLAMMABILITY - 3 (FLAMMABLE) 
REACTIVITY - 2 
CONTACT a4 


LABORATORY PROTECTIVE EQUIPMENT 
SAFETY GLASSES; LAB COAT; VENT HOOD; PROPER GLOVES: CLASS B EXTINGUISHER 
PRECAUTIONARY LABEL STATEMENTS 


DANGER 
EXTREMELY FLAMMABLE 
HARMFUL IF SWALLOWEO OR INHALED 
CAUSES IRRITATION 

KEEP AWAY FROM HEAT, SPARKS, FLAME. AVOID CONTACT WITH EYES. SKIN, CLOTHING. 
AVOID BREATHING VAPOR. KEEP IN TIGHTLY GLOSED CONTAINER. USE WITH ADEQUATE 
VENTILATION. WASH THOROUGHLY AFTER HANOLING. IN CASE OF FIRE, USE WATER SPRAY, 
ALCOHOL FOAM, DRY CHEMICAL, OR CARBON DIOXIDE. FLUSH SPILL AREA WITH WATER 














SPRAY. 
SECTION Il - HAZARDOUS COMPONENTS 

COMPONENT % CAS NO. 

ACETONE 90-100 (G7-64-1 
SECTION II - PHYSICAL DATA 
BOILING POINT: 56C( 133 F) VAPOR PRESSURE(MM HQ): 181 
MELTING POINT: -958C( -139 F) VAPOR DENSITY{AIR = 1): 2 
SPECIFIC GRAVITY: 0.79 EVAPORATION RATE: 56 
{H2O= 1} (BUTYL ACETATE =1) 

SOLUBILITY(H20): COMPLETE {IN ALL PROPORTIONS} % VOLATILES BY VOLUME: 100 


APPEARANCE & ODOR: CLEAR, COLORLESS LIQUID WITH FRAGRANT SWEET ODOR. 
SECTION Iv - FIRE AND EXPLOSION HAZARD DATA 

FLASH POINT: -18CE OF} NFPA 704M RATING: 1-3-0 

FLAMMABLE LIMITS: UPPER - 13% LOWER- 2% 


FIRE EXTINGUISHING MEDIA 
USE ALCOHOL FOAM, ORY CHEMICAL OR CARBON DIOXIDE. 
(WATER MAY BE INEFFECTIVE.) 


SPECIAL FIRE-FIGHTING PROCEOURES 
FIREFIGHTERS SHOULO WEAR PROPER PROTECTIVE EQUIPMENT AND SELF-CONTAINED 
{POSITIVE PRESSURE IF AVAILABLE) BREATHING APPARATUS WITH FULL FACEPIECE. 
MOVE EXPOSED CONTAINERS FROM FIRE AREA IF IT CAN BE DONE WITHOUT RISK. 
USE WATER TO KEEP FIRE-EXPOSED CONTAINERS COOL. 


UNUSUAL FIRE & EXPLOSION HAZARDS 
VAPORS MAY FLOW ALONG SURFACES TO DISTANT IGNITION SOURCES AND FLASH BACK. 
CLOSED CONTAINERS EXPOSED TO HEAT MAY EXPLODE. CONTACT WITH STRONG 
OXIDIZEAS MAY CAUSE FIRE. 


SECTION ¥V - HEALTH HAZARD DATA 
THRESHOLD LIMIT VALUE (TLV/TWA): 1780 MG/M3¢ 750 PPM) 
SHOAT-TEAM EXPOSURE LIMIT (STEL): 2375 MG/M3{ 1000 PPM) 


TOXICITY: LDSO (ORAL-RAT) (MG/KG) - 9750 
LDSO (IPA-MOUSE}(G/KG) - 1297 
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EFFECTS OF OVEREXPOSURE 
CONTACT WITH SKIN HAS A DEFATTING EFFECT, CAUSING DRYING AND IRAITATION. 
OVEREXPOSURE TO VAPORS MAY CAUSE IARIFATION OF MUCOUS MEMBRANES, DRYNESS 
OF MOUTH AND THROAT. HEADACHE, NAUSEA AND DIZZINESS. 


EMERGENCY ANDO FIRST AID PROCEOURES 
CALL A PHYSICIAN. 
IF SWALLOWED, IF CONSCIOUS, IMMEDIATELY INDUCE VOMITING. 
IF INHALEO, REMOVE TO FRESH AIR. IF NOT BREATHING, GIVE ARTIFICIAL 
RESPIRATION. IF BREATHING IS DIFFICULT, GIVE OXYGEN. 
IN CASE OF CONTACT, IMMEOIATELY FLUSH EYES WITH PLENTY OF WATER FOR AT 
LEAST 15 MINUTES. FLUSH SKIN WITH WATER. 


SECTION VI - REACTIVITY DATA 
STABILITY: STABLE HAZARDOUS POLYMERIZATION: WILL NOT OCCUR 


CONDITIONS TO AVOID: HEAT, FLAME, SOURCES OF IGNITION 
INCOMPATIBLES: SULFURIC ACIO, NITRIC ACID, STRONG OXIDIZING AGENTS 


SECTION Vil - SPILL AND DISPOSAL PROCEDURES 


STEPS TG BE TAKEN IN THE EVENT OF A SPILL OR DISCHARGE 
WEAR SUITABLE PROTECTIVE CLOTHING. SHUT OFF IGNITION SQUACES: NO FLARES, 
SMOKING, OR FLAMES IN AREA. STOP LEAK IF YOU GAN OO SO WITHOUT RISK. USE 
WATER SPRAY TO REDUCE VAPORS. TAKE UP WITH SAND OR OTHER NON-COMBUSTIBLE 
ABSORBENT MATERIAL AND PLACE INTO CONTAINER FOR LATER DISPOSAL. FLUSH 
AREA WITH WATER. 


J. T. BAKER SOLUSORB(R) SOLVENT ADSORBENT IS RECOMMENDED 
FOR SPILLS OF THIS PRODUCT. 


DISPOSAL PROCEDURE 
DISPOSE IN ACCORDANCE WITH ALL APPLICABLE FEDERAL, STATE, AND LOCAL 
ENVIRONMENTAL REGULATIONS. 


EPA HAZARDOUS WASTE NUMBER: Udd2 (TOXIC WASTE} 
SECTION Vill - PROTECTIVE EQUIPMENT 
VENTILATION: USE GENERAL OF LOCAL EXHAUST VENTILATION TO MEET 
TL¥ REQUIREMENTS. 


RESPIRATORY PROTECTION: RESPIRATORY PROTECTION REQUIRED IF AIRBORNE 
CONCENTRATION EXCEEDS TLY AT CONCENTRATIONS UP 
TO 5000 PPM, A GAS MASK WITH ORGANIC VAPOR 
CANNISTER IS RECOMMENDED. ABOVE THIS LEVEL, 4 
SELF-CONTAINED BREATHING APPARATUS WITH FULL FACE 
SHIELD IS ADVISED. 


EYE/SKIN PROTECTION: SAFETY GLASSES WITH SIDESHIELDS, POLYVINYL ACETATE 
GLOVES ARE RECOMMENDED. 


SECTION IX - STORAGE AND HANDLING PRECAUTIONS 


SAF-T-DATA(TM) STORAGE COLOR CODE: RED 


SPECIAL PRECAUTIONS 
BOND AND GROUND CONTAINERS WHEN TRANSFERAING LIQUID. KEEP CONTAINER 
TIGHTLY CLOSED. STORE IN A COOL, DRY, WELL-VENTILATED, FLAMMABLE LIQUID 


STORAGE AREA. 
SECTION X - TRANSPORTATION DATA AND ACDITIONAL INFORMATION 
DOMESTIC (0.0.T.} 
PROPER SHIPPING NAME ACETONE 
HAZARD CLASS FLAMMABLE LIQUID 
UN/NA UN1090 
LABELS FLAMMABLE LIQUID 


INTERNATIONAL (1.M.0.) 
PROPER SHIPPING NAME ACETONE 


HAZARD GLASS 31 
UNINA UN1090 
LABELS FLAMMABLE LIQUID 


(TM) AND (A) DESIGNATE TRADEMARKS. 

WA = NOT APPLICABLE OR NOT AVAILABLE 

THE INFORMATION PUBLISHED IN THIS MATERIAL SAFETY DATA SHEET HAS BEEN COMPILED 
FROM QUA EXPERIENCE AND DATA PRESENTED IN VAAIOUS TECHNICAL PUBLICATIONS. IT IS 
THE USER'S RESPONSIBILITY TO DETERMINE THE SUITABILITY OF THIS INFORMATION FOR 
THE ADOPTION OF NECESSAAY SAFETY PRECAUTIONS. WE RESERVE THE AIGHT TO REVISE 
MATERIAL SAFETY DATA SHEETS PERIODICALLY AS NEW INFORMATION BECOMES AVAILABLE. 
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Health hazards are described in Section V. The entries of most significance 
for evaluating risks from vapors are the Threshold Limit Value (or TLV) and 
the Short-Term Exposure Limit (STEL). The TLV is a term used by the Amer- 
ican Conference of Governmental Industrial Hygienists (ACGIH). This or- 
ganization examines the toxicity literature for a compound and establishes 
the TLV. This standard is designed to protect the health of workers exposed to 
the vapor 8 hours a day, five days a week. The Occupational Safety and Health 
Administration (OSHA) adopts a value to protect the safety of workplaces in 
the United States. Their value is termed the Time-Weighted Average (TWA) 
and in many cases is numerically equal to the TLV. The STEL is a value not to 
be exceeded for even a 15-minute averaging time. TLV, TWA, and STEL val- 
ues for many chemicals are summarized in a small handbook available from 
the ACGIH (2000); they are also collected in the CRC Handbook of Chemistry 
and Physics. 

The toxicity of acetone is also described in terms of the toxic oral dose. 
In this case, the LDs, is the dose that will cause the death of 50% of the 
mice or rats given that dose.The dose is expressed as milligrams of chemi- 
cal per kilogram of body weight of the subject animal. The figures for small 
animals are often used to estimate the effects on humans. If, for example, 
we used the mouse figure of 1297 mg/kg and applied it to a 60-kg chemist, 
a dose of 77,820 mg (~98.5 mL) would kill 50% of the subjects receiving that 
dose. As a further example, chloroform has an LDso of 80 mg/kg. For our 
60-kg chemist, a dose of 4800 mg (~3 mL) would be fatal for 50% of these 
cases. The effects of exposure of skin to the liquid and vapor are also 
described. 

Section VI describes the reactivity of acetone and the classes of com- 
pounds with which it should not come in contact. For example, sodium metal 
reacts violently with a number of substances (including water) and should not 
come in contact with them. Strong oxidizing agents (such as nitric acid) 
should not be mixed with organic compounds (among other things). The final 
sections (Sections VII-X) are self-explanatory. 


ALTERNATE SOURCES OF INFORMATION 


Similar information in a more compact form can be found in the Merck Index 
(Merck). This basic reference work provides information on the toxicity of 
many chemicals. It often refers one to the NIOSH Pocket Guide to Chemical 
Hazards (National Institute for Occupational Safety and Health). The Merck 
Index also supplies interesting information about the common uses of the 
chemicals listed, particularly related to the medical area. References to the 
chemical literature are also provided. The CRC Handbook of Chemistry and 
Physics, which is updated each year, contains a wide range of data (located in 
tables) in the area of health, safety, and environmental protection. It also in- 
cludes directions for the handling and disposal of laboratory chemicals. Your 
laboratory should have a copy of this work. Most chemical supply houses 
now label their containers with data showing not only the usual package size, 
physical properties, and chemical formula, but also pictures or codes showing 
hazard information. Some include a pictogram (for example, see the newer 
Aldrich Chemical labels on their bottles). The J. T. Baker Company uses the 
Baker SAF-T-DATA System. 


—p— CONFIRMING PAGES 


aq aptara 


EQA 


JWCL196_c02_005-017.qxd 11/16/09 1:55 PM Page 13 
EQA 


Estimating Risks From Vapors 13 


ESTIMATING RISKS FROM VAPORS 


Other things (availability, suitability) being equal, one would, of course, choose 
the least toxic chemical for a given reaction. Some very toxic chemicals play very 
important roles in synthetic organic chemistry, and the toxicity of the chemicals 
in common use varies greatly. Bromine and benzene have TLVs of 0.7 and 
30 mg/m”, respectively, and are at the more toxic end of the spectrum of chemicals 
routinely used. Acetone has a TLV of 1780 mg/m’. These representative figures 
do not mean that acetone is harmless or that bromine cannot be used. In general, 
one should exercise care at all times (make a habit of good laboratory practice) 
and should take special precautions when working with highly toxic materials. 

The TLV provides a simple means to evaluate the relative risk of exposure 
to the vapor of any substance used in the laboratory. If the quantity of the ma- 
terial evaporated is represented by m (in milligrams/hour) and the TLV is ex- 
pressed by L (milligrams per cubic meter), a measure of relative risk to the va- 
por is given by m/L. This quantity represents the volume of clean air required 
to dilute the emissions to the TLV. As an example, the emission of 1 g of 
bromine and 10 g of acetone in one hour leads to the values of m/L of 1400 
m°/hour (h) for the bromine and 5.6 m°/h for acetone. These numbers provide 
a direct handle on the relative risks from these two vapors. It is difficult to as- 
sess the absolute risk to these vapors without a lot of information about the 
ventilation characteristics of the laboratory. If these releases occur within a 
properly operated hood, the threat to the worker in the laboratory is probably 
very small. (However, consideration must be given to the hood exhaust.) 

Exposure in the general laboratory environment can be assessed if we as- 
sume that the emissions are reasonably well mixed before they are inhaled 
and if we know something about the room ventilation rate. The ventilation 
rate of the room can be measured by a number of ways.° Given the ventilation 
rate, it might be safe to assume that only 30% of that air is available for dilut- 
ing the emissions. (This accounts for imperfect mixing in the room.) The effec- 
tive amount of air available for dilution can then be compared with the 
amount of air required to dilute the chemical to the TLV. 

Let us continue our example. Suppose that the laboratory has a volume 
of 75 m® and an air exchange rate of 2 air changes per hour. This value means that 
(75 m?)(2/h)(0.3) = 45 m°/h are available to dilute the pollutants. There may 
be enough margin for error to reduce the acetone concentration to a low level 
(65.6 mh is required to reach the TLV), but use of bromine should be restricted 
to the hood. An assessment of the accumulative risk of several chemicals is 
obtained by adding the individual m/L (wat) values. 

The m/L figures may also be used to assess the relative risk of performing 
the experiment outside a hood. Since m/L represents the volume of air for each 
student, this may be compared with the volume of air actually available for 
each student. If the ventilation rate for the entire laboratory is Q (in cubic 
meters per minute) for a section of n students meeting for t minutes, the volume 
for each student is kQt/n cubic meters. Here k is a mixing factor that allows for 
the fact that the ventilation air will not be perfectly mixed in the laboratory 
before it is exhausted. In a reasonable worst-case mixing situation a k value of 
0.3 seems reasonable. Laboratories with modest ventilation rates supplied by 


’Butcher, S. S.; Mayo, D. W.; Hebert, S. M.; Pike, R. M.,“Laboratory Air Quality, Part I’; 
J. Chem. Educ. 1985, 62, A238; and“Laboratory Air Quality, Part IL”; J. Chem. Educ. 1985, 62, A261. 
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15-20 linear feet of hoods can be expected to provide 30-100 m® per student 
over a 3-h laboratory period if the hoods are working properly. Let us take the 
figure of 50 m° per student as an illustration. If the value of m/L for a compound 
(or a group of compounds in a reaction) is substantially less than 50 m°, it may 
be safe to do that series of operations in the open laboratory. If m/L is compa- 
rable to or greater than 50 m®, a number of options are available: (1) Steps 
using that compound may be restricted to a hood. (2) The instructional staff 
may satisfy themselves that much less than the assumed value is actually 
evaporated under conditions present in the laboratory. (3) The number of in- 
dividual repetitions of this experiment may be reduced. The size of the labo- 
ratory section can be reduced or the experiment may be done in pairs or trios. 

Conducting reactions in a hood does not automatically convey a stamp of 
safety. Hoods are designed to keep evaporating chemicals from entering 
the general laboratory space. For hoods to do their job, there must be an ade- 
quate flow of air into the hood, and this air flow must not be disturbed by turbu- 
lence at the hood face. A frequently used figure of merit for hood operation is the 
face velocity of 100 ft/min. This is an average velocity of air entering the hood 
opening. (In the event that your lab does not have monitoring systems already 
housed within the hoods, instruments for measuring flow rate are available and 
can be purchased from most major equipment suppliers.) Even with a face 
velocity of 100 ft/min, vapors can be drawn out of an improperly designed hood 
simply by people walking by the opening, or by drafts from open windows. 

Hood performance should be checked at regular intervals. The face veloc- 
ity will increase as the front hood opening is decreased. If an adequate face ve- 
locity cannot be maintained with a front opening height of 15 cm, use of the 
hood for carrying out reactions will be limited. A low face velocity may indicate 
that the fans and ductwork need cleaning, that the exhaust system leaks (if it 
operates under lower than ambient pressure), or that the supply of makeup air 
is not adequate. When the hood system is properly maintained, the height of 
the hood opening required to provide an adequate face velocity is often indi- 
cated with a sticker. 

Hoods are often used for storage of volatile compounds. A danger in this 
practice is that the hood space can become quickly cluttered, making work in 
the hood difficult, and the air flow may be disturbed. Of course, hoods being 
used for storage must never be turned off. 


MICROWAVE SAFETY 


Scientific microwave apparatus is designed for preparative chemistry and is 
built with safety in mind. Domestic (household) microwave ovens should not be 
used for preparative chemistry. When employing microwave heating, all the 
safety precautions that are taken when performing a reaction using conven- 
tional heating should be adhered to, particularly the fact that reaction vessels 
can be hot and, when sealed, residual pressure needs to be released carefully 
at the end of the reaction. There are also some safety precautions that are spe- 
cific to reactions using microwave heating: 


e Adherence to the microwave manufacturer’s user manual and guidelines 
is essential. 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 
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¢ Before running reactions in sealed vessels, it is prudent to check the reac- 
tion vessels for cracks or any other signs of damage prior to use. 


¢ Only fill the reaction vessels to manufacturer’s specifications; do not 
overfill the reaction vessels. An approximate “rule of thumb” is to fill the 
vessel to no further than half its capacity. 


¢ Only seal a closed reaction vessel with the manufacturer’s recommended 
cap. These caps are designed to vent and reseal in the case of an over- 
pressurization during a reaction. 


e If the cap is a twist-on type, be sure to use the appropriate tool to tighten 
the cap to the manufacturer-specified torque. 


e It is important to monitor temperature and pressure profiles during the 
course of a reaction and to set safety limits before starting. A reaction 
mixture can be heated gradually to the set temperature or, in some cases, 
chemists prefer to heat up the contents as rapidly as possible. In the case 
of the latter, care needs to be taken to ensure that the temperature and 
pressure do not rise uncontrollably. As a result, it is best to use a low 
initial microwave power. 


¢ Before performing a reaction at elevated temperatures, chemists should 
consider carefully the stability of the reagents and solvents they use at 
these temperatures. 


e It is important to ensure efficient stirring, especially when using hetero- 
geneous reaction mixtures and metal catalysts or reagents since localized 
heating can occur, resulting in some cases in melting of the vessel walls 
and, if under pressure, failure of the vessel. 


¢ The stir bars used for agitation should not be of exactly 3 cm in length 
since this equates to 4 wavelength of a microwave at 2450 MHz and thus 
acts as an antenna. 


¢ Upon completion of a microwave run, the microwave unit will start a 
cooling process. In the case of the monomode microwave, the pressure 
sensor will release when the tube is cool enough to handle (50°C). With 
multimode microwave units, the apparatus is set to cool for a period of 
time but, at the end of this, the reaction vessels may still be hot. Check 
the temperature before removing the reaction vessels. 


e¢ When opening sealed vessels at the end of a reaction, be sure to point the 
vessel away from your face and any other person, preferably doing so in 
a hood. Any remaining pressure will release as soon as the cap is removed. 
If the tube is very warm, cool it in an ice bath before removing the cap. 


CONCLUDING THOUGHTS 


This brief chapter touches only a few of the important points concerning labo- 
ratory safety. The risk from vapor exposure is discussed in some detail, but other 
risks are treated briefly. Applications in some laboratories may involve reactions 
with a risk from radiation or infection or may involve compounds that are un- 
stable with respect to explosion. The chemist must be aware of the potential 
risks and must be prepared to go to an appropriate and detailed source of in- 
formation, as needed. The references cited here represent a small fraction of the 
safety data, texts, and journals available on this subject. It is highly recom- 
mended that the library and/or laboratory at your institution have at least this 
minimal selection. Of course, the selections should be kept up to date! 
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QUESTIONS 


2-1. 


2-2. 


2-5. 


After bookmarking a reputable MSDS URL, locate a chemical of your choice and print out the data. If the informa- 

tion is not available, go to your stock room and request a copy of the MSDS. Underline on the sheet the CAS No., 

solubility data, fire and explosion data, reactivity data, and what protective equipment is required when using this 

chemical. Does your laboratory meet the safety regulations required to use this chemical? Why or why not? 

Think and describe what you would do in each of the following situations which could happen in your laboratory. 

(a) You are working at your station and the 100-mL round-bottom flask in which you are running a reaction in ether 
solvent suddenly catches fire. 

(b) The person working across the laboratory bench from you allows hydrogen chloride gas to escape from his or her 
apparatus. 

(c) A reagent bottle is dropped, spilling concentrated sulfuric acid. 

(d) A hot solution“bumps,” splashing your face. 


. You are working in the laboratory using 3.0 mL of benzene in an extraction procedure. An alternative to benzene is 


toluene. However, three times more toluene is required to perform the extraction. The isolation of the desired prod- 
uct from the extraction solution requires evaporation of the solvent (benzene or toluene). This takes 0.5 h to 
complete. Calculate the relative risks of using these two solvents. Which solvent would you use and why? 


. A laboratory has four hoods; each is 39 in. wide. When the hood door is open to a height of 8 in. and the hoods are 


operating, the average air velocity through the hood face is 170 ft/min. 

(a) Evaluate the total ventilation rate for this room, assuming that there are no other exhausts. 

(b) The laboratory is designed for use by 30 students. Evaluate the air available per student if the mixing factor is 0.3 
and the experiments last for 3 h. 

(c) An experiment is considered in which each student would be required to evaporate 7 mL of methylene chloride 
(CH2Cl,). Estimate the average concentration of methylene chloride. Look up the TLV or the TWA for methylene 
chloride and consider how the evaporation might be performed. 

An experiment is considered in which 1 mL of diethylamine would be used by each student. The ventilation rate for 

the laboratory is 5 m°/min. Look up the TLV (or TWA) for diethylamine, (C,Hs)2NH. What restrictions might be 

placed on the laboratory to keep the average concentration, over a 3-h period, less than one-third of the TWA? 

Assume a mixing factor of 0.3. 


GENERAL SAFETY REFERENCES 


1. ACS Committee on Chemical Safety, Safety in Academic Chemical Labo- 
ratories, Vol. 1: Accident Prevention for College and University Students; 
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Chemical Society: Washington, DC, 2003. 

2. Handbook of Laboratory Safety, 5th ed.; Furr, A. K. Jr., Ed.; CRC Press: Boca 
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3. Committee on Prudent Practices for Handling, Storage, and Disposal of 
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4. Armour, M. A. Hazardous Laboratory Chemicals Disposal Guide, 3rd ed.; 
CRC Press: Boca Raton, FL, 2003. 

5. Working Safely with Chemicals in the Laboratory, 2nd ed.; Gorman, C. E., 
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6. Alaimo, R. J., Ed. Handbook of Chemical Health and Safety, 1st ed., Oxford 
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INTRODUCTION 
TO MICROSCALE 
ORGANIC 
LABORATORY 
EQUIPMENT 

AND TECHNIQUES 


We begin this chapter with a description of the standard pieces of glassware 
that are generally employed in a microscale laboratory. Modern standard taper 
glassware is particularly convenient to use and gives the student a sense of the 
flavor of the research laboratory. It is not essential, however, for the experimen- 
tal work in an instructional laboratory, and many courses use glassware with 
alternative connectors. We describe the standard taper glassware as just one 
example of microscale equipment that is available. The operations carried out in 
the laboratory will be very similar or identical if, for example, a plastic connec- 
tor is used to assemble the experimental setup. We next consider a series of 
standard experimental apparatus setups that use this equipment, and present a 
short discussion of the role that they play in the laboratory. We end the chapter 
with a set of laws that govern how one operates in a microscale laboratory (the 
rules are a bit different than those for a macroscale laboratory) and a set of 
guidelines for recording your experimental data. The basic individual pieces of 
equipment are shown in Figures 3.1 to 3.7. 
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MICROGLASSWARE EQUIPMENT 


Standard Taper Joints 


Standard taper ground-glass joints are the common mechanism for assem- 
bling all conventional research equipment in the organic laboratory. The sym- 
bol $ is commonly used to indicate the presence of this type of connector. 
Normally, $ is either followed or preceded by #/#. The first # refers to the 
maximum inside diameter of a female (outer) joint or the maximum outside 
diameter of a male (inner) joint, measured in millimeters. The second number 
corresponds to the total length of the ground surface of the joint (Fig. 3.8). The 
advantage of this type of connection is that if the joint surfaces are lightly 
greased, a vacuum seal is achieved. One of the drawbacks of using these joints 
is that contamination of the reacting system readily occurs if the solvents 
present in the reaction vessel dissolve the grease. In small-scale reactions this 
contamination can be particularly troublesome. 

The small joints used in the microscale experimental organic laboratory, 
however, have the ease of assembly and physical integrity of research-grade, 
standard taper, ground-glass joints along with a number of important addi- 
tional features. The joint dimensions are usually $ 14/10. The conical vials in 
which most microscale reactions are carried out use this type of connecting 
system. Note that in addition to being ground to a standard taper on the inside 
surface of the throat of the vial, these vials also have a screw thread on the 
outside surface (Fig. 3.9). 

This arrangement allows a standard taper male joint to be sealed to the re- 
action flask by a septum-type (open) plastic screw cap. The screw cap applies 
compression to a silicone rubber retaining O-ring positioned on the shoulder of 
the male joint (Fig. 3.10). The compression of the O-ring thereby achieves a 
greaseless gas-tight seal on the joint seam, while at the same time clamping the 
two pieces of equipment together. The ground joint provides both protection 
from intimate solvent contact with the O-ring and mechanical stability to the 
connection. The use of this type of connector leads to a further bonus during 
construction of an experimental setup. Because the individual sections are small, 
light, and firmly sealed together, the entire arrangement often can be mounted 


—p— 





CONFIRMING PAGES 


Microglassware Equipment 19 


19 mm 


| 


i: Outer joint 
22 mm 
22 mm Inner joint 


19 mm 
Figure 3.8 Standard taper joints 
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Manual, 7th ed.; Wiley: New York, 
2008. Reprinted by permission of John 
Wiley & Sons, Inc., New York.) 


Figure 3.9 Threaded female joint. 
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on the support rack by a single clamp. In conventional systems it is often neces- 
sary to use at least two clamps. This can easily lead to strain in the glass compo- 
nents unless considerable care is taken in the assembly process. Clamp strain is 
one of the major sources of experimental glassware breakage. The ability to 
single-clamp most microscale setups effectively eliminates this problem. 


NOTE. When ground-glass joint surfaces are grease free it is important to discon- 
nect joints soon after use (particularly with basic solutions) or they may become 
locked or “frozen” together. 


Joints of the size employed in these microscale experiments, however, are 
seldom a problem to separate if given proper care (keep them clean!). 


Conical Vials 


Both the conical vials (3 and 5 mL) and the round-bottom flasks are designed 
to be connected via an O-ring compression cap installed on the male joint of 
the adjacent part of the system (see Fig. 3.1). 


Condensers 


Two types of condensers (air condensers and water-jacketed condensers) are 
available; in most cases the water-jacketed condenser can work well as an air 
condenser. Condensers are usually attached to 14/10 $-jointed reaction flasks. 
The upper female joints allow connection of the condenser to the 14/10 $ dry- 
ing tube and the 14/10 $ capillary gas delivery tube (see Fig. 3.2). 


Distillation Heads 


The simple Hickman still is used with an O-ring compression cap to carry out 
semi-micro simple or crude fractional distillations. The Hickman—Hinkle spin- 
ning band still uses a 3-cm fractionating column and routinely develops be- 
tween five and six theoretical plates. The Hickman—Hinkle still is currently 
available with 14/10 $ joints and can be conveniently operated with the 14/10 
$ 3- and 5-mL conical vials (see Figs. 3.1, 3.3, and 3.7). The still head is also 
available with an optional sidearm collection port. 


Recrystallization Tubes 


Craig tubes are a particularly effective method for recrystallizing small quanti- 
ties of reaction products. These tubes possess a nonuniform ground joint in 
the outer section. The substitution of Teflon for glass in the head makes these 
systems quite durable and much less susceptible to breakage during centrifu- 
gation (see Fig. 3.4). 


Miscellaneous Items 


The Claisen head (see Fig. 3.3) is often used to facilitate the syringe addition 
of reagents to closed moisture-sensitive systems (such as Grignard reactions) 
via a septum seal in the vertical upper joint. This joint can also function to po- 
sition the thermometer (using an adapter) in the well of a Hickman—Hinkle 
still (see Fig. 3.15). The Claisen adapter is also used to mount the drying tube 
in a protected position remote from the reaction chamber. The drying tube, in 
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turn, is used to protect moisture-sensitive reaction components from atmos- 
pheric water vapor, while allowing a reacting system to remain unsealed. The 
capillary gas delivery tube is employed in transferring gases formed during 
reactions to storage containers (see Fig. 3.5 and Chapter 3W, Fig. 3.11W). www 


Gas Chromatographic Fraction Collection Items 


For fraction collection the gas chromatographic (GC) collection tube is con- 
nected directly to the exit port of the GC detector through a stainless steel 
standard taper adapter. The collected sample is then transferred to a 0.1-mL 
conical vial for storage. The system is conveniently employed in the resolution 
and isolation of two-component mixtures (see Fig. 3.6). 


STANDARD EXPERIMENTAL APPARATUS 


Heating and Stirring Arrangements 


It is important to be able to carry out microscale experiments at accurately de- 
termined temperatures. Very often, transformations are successful, in part, be- 
cause of the ability to maintain precise temperature control. In addition, many 
reactions require reactants to be intimately mixed to obtain a substantial yield 
of product. Therefore, the majority of the reactions you perform in this labora- 
tory will be conducted with rapid stirring of the reaction mixture. 















































Sand Bath Technique—Hot Plate Calibration 


























A most convenient piece of equipment for heating or stirring or for per- 
forming both operations simultaneously on a microscale level is the hot- 
plate—magnetic stirrer. Heat transfer from the hot surface to the reaction 
flask is generally accomplished with a crystallizing dish containing a shallow 
layer of sand that can conform to the size and shape of the particular vessel 
employed. The temperature (external) of the system is monitored by a ther- 
mometer embedded in the sand near the reaction vessel. Control setting 

A successful procedure for determining the temperature inside the vial rel- Figure 3.11 Plot your bath 
ative to the bath temperature is to mount a second thermometer in a vial con- and/or vial temperature (°C) 
taining 2 mL of high-boiling silicone oil. The vial temperature is then measured _V¢rS¥S hot-plate control setting. 
at various sand-bath temperatures and the values are entered on graphs of vial 
temperatures versus hot-plate settings and bath temperatures versus hot-plate 
settings (see Fig. 3.11 and Chapter 3W, Fig. 3.5W) for your particular hot-plate «(www 
system (see also section on Metal Heat-Transfer Devices, p. 22). These data will 
save considerable time when you bring a reaction system to operating temper- 
ature. When you first enter the laboratory, it is advisable to adjust the temper- 
ature setting on the hot-plate stirrer with the heating device, or bath, in place. 
The setting is determined from your control setting—temperature calibration 
curve.This procedure will allow the heated bath to reach a relatively constant 
temperature by the time it is required. You will then be able to make small final 
adjustments more quickly, if necessary. 
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NOTE. Heavy layers of sand act as an insulator on the hot-plate surface, which can 
damage the heating element at high temperature settings. When temperatures over 
150 °C are required, it is especially important to use the minimum amount of sand. 


Recording the weight of sand used and the size of the crystallizing dish 
will help to make the graph values more reproducible. 
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The high sides of the crystallizing dish protect the apparatus from air 
drafts, and so the dish also operates somewhat as a hot-air bath. Heating can 
be made even more uniform by covering the crystallizing dish with aluminum 
foil (see Fig. 3.12 and Chapter 3W, Fig. 3.1W). This procedure works well, but 
is a bit awkward and is required in only a few instances. 

The insulating properties of sand provide a readily available variable 
heat source because the temperature of the sand is higher deeper in the 
bath; thus, the depth of sand used in the bath is exceedingly important. The 
depth should always be kept to a minimum, in the range of 10-15 mm. 
Finally, sand baths offer a significant safety advantage over oil baths. Indi- 
vidual grains of sand are so small that they have little heat capacity and thus 
are less likely to burn the chemist in the event of a spill. 


Metal Heat-Transfer Devices 


An alternative to the sand bath is a heat-transfer system that employs copper 
tube plates or aluminum metal blocks drilled to accommodate the different re- 
action vials and flasks (Chapter 3W, Fig. 3.3W). 


Stirring 


Stirring the reaction mixture in a conical vial is carried out with Teflon-coated 
magnetic spin vanes, and in round-bottom flasks with Teflon-coated magnetic 
stirring bars (see Fig. 3.12 and Chapter 3W, Fig. 3.1W). It is important to put the 
reaction flask as close to the center and to the bottom surface of the crystal- 
lizing dish as possible when using magnetic stirring. This arrangement is a 
good practice in general, as it leads to using the minimum amount of sand 
needed in a sand bath. 

If the reaction does not require elevated temperatures, but needs only to be 
stirred, the system can be assembled without the heat-transfer device (sand 
bath or metal plate). Some stirred reactions, on the other hand, require cooling. 









Thermometer 


14/109 
and threaded 


Alumioum fail cover 
3-mL conical vial 


Magnetic spin vane 











Figure 3.12 Hot-plate-magnetic 
stirrer with sand bath and 
reaction vial. 
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In these cases a crystallizing dish filled with ice water, or with ice water and salt, 
if lower temperatures are called for, will provide the correct environment. 


Reflux Apparatus 


To bring about a successful reaction between two substances, it is often nec- 
essary to mix the materials together intimately and to maintain a specific 
temperature.The mixing operation is conveniently achieved by dissolving the 
materials in a solvent in which they are mutually soluble. If the reaction is 
carried out in solution under reflux conditions, the choice of solvent can be 
used to control the temperature of the reaction. Many organic reactions in- 
volve the use of a reflux apparatus in one arrangement or another. 
What do we mean by reflux? The term means to“return,” or “run back.” 
This return is exactly how the reflux apparatus functions. When the temperature 
of the reaction system is raised to the solvent’s boiling point (constant tempera- 
ture), all vapors are condensed and returned to the reaction flask or vial; this 
operation is not a distillation and the liquid phase remains at a stable maximum 
temperature. In microscale reactions, two basic types of reflux condensers are 
utilized: the air-cooled condenser, or air condenser (Chapter 3W, Fig.3.6W), and «(www 
the water-jacketed condenser (see Fig. 3.13 and Chapter 3W, Fig. 3.7W).The air 
condenser condenses solvent vapors on the cool vertical wall of an extended 
glass tube that dissipates the heat by contact with the laboratory room air. This 
arrangement functions quite effectively with liquids boiling above 150 °C. In- 
deed, a simple test tube can act as a reaction chamber and air condenser all in 
one unit, and many simple reactions can be most easily carried out in test tubes. 
Air condensers can occasionally be used with lower boiling systems; how- 
ever, the water-jacketed condenser is more often employed in these situations. 
The water-jacketed condenser employs flowing cold water to remove heat 
from the vertical column and thus facilitate vapor condensation. It is highly ef- 
fective at condensing vapor from low-boiling liquids. 







Thermometer 
14/10% and 
Crystallizing threaded compression cap 

dish ; ; 
conical vial 


Magnetic spin vane 


Figure 3.13 Water-jacketed 
condenser with conical vial, 
arranged for heating and 
magnetic stirring. 
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Both styles of condensers accommodate various sizes of reaction flasks 
and are available with 14/10 $ standard taper joints. The tops of both con- 
denser columns have a female 14/10 $ joint. 

In refluxing systems that do not require significant mixing or agitation, the 
stirrer (magnetic spin vane or bar) usually is replaced by a “boiling stone.” 
These sharp-edged stones possess highly fractured surfaces that are very effi- 
cient at initiating bubble formation as the reacting medium approaches the 
boiling point. The boiling stone acts to protect the system from disastrous 
boilovers and also reduces “bumping.” (Boiling stones should be used only 
once and must never be added to a hot solution. In the first case, the vapor 
cavities become filled with liquid upon cooling, and thus a boiling stone be- 
comes less effective after its first use. In the second case, adding the boiling 
stone to the hot solution may suddenly start an uncontrollable boilover). 


Distillation Apparatus 


Distillation is a laboratory operation used to separate substances that have differ- 
ent boiling points. The mixture is heated, vaporized, and then condensed; the 
early fractions of condensate are enriched in the more volatile component. Un- 
like the reflux operation, in distillations none, or only a portion, of the condensate 
is returned to the flask where vaporization is taking place. Many distillation ap- 
paratus have been designed to carry out this basic operation. They differ mainly 
in small features that are used to solve particular types of separation problems. In 
several of the microscale experiments contained in Chapters 6, 7, and 10W semi- 
microscale distillations are required. In carrying out these distillations the choice 
of still depends to a large degree on the difficulty of the separation required (gen- 
erally, how close are the boiling points in the mixture to be separated?). 

The Hickman still head (Fig. 3.14) is ideally suited for simple distillations. This 
system has a 14/10 $ male joint for connection to conical vials or round-bottom 








Air condenser 


14/10 
female 


Hickman still head 


14/10F male 


5-or 10-mL 
RB flask 


Wire gauze on 
ring stand 


Microburner 


Figure 3.14 Hickman still head and air 
condenser with 5-mL round-bottom flask, 
arranged for microburner heating. 
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Figure 3.15 Hickman-—Hinkle still head with side-port 3- or 5-mL conical vial, Teflon 
spinning band, and thermometer adapter and arranged for heating and magnetic stirring. 
















flasks. The still head functions as both an air condenser and a condensate trap. For 
a detailed discussion of this piece of equipment see Experiments [3A] and [3B]. 
The simple Hickman still has been modified (see Fig. 3.15) with a spinning band. 
The still continues to function in much the same way as the simple Hickman still, 
but a tiny Teflon spinning band is now mounted in a slightly extended section be- 
tween the male joint and the collection collar. When the band is spun at 1500 rpm 
by a magnetic-stirring hot plate, this still functions as an effective short-path frac- 
tional distillation column (see Distillation, Experiment [3D]). In addition, this 
modified system has a built-in thermometer well that allows reasonably accurate 
measurement of vapor temperatures plus a sidearm port for removing distillate. 

The most powerful microscale distillation system currently available is the 
2.5-in. vacuum-jacketed microscale spinning-band distillation column (see 
Fig. 3.16 and Experiment [3C] for description and details). This still is designed 
for conventional downward distillate collection and nonstopcock reflux con- 
trol. The column is rated at ~10 theoretical plates. 

For a discussion of reduced pressure distillations see Distillation. 


Moisture-Protected Reaction Apparatus 


Many organic reagents react rapidly and preferentially with water. The success 
or failure of many experiments depends to a large degree on how well atmospheric 
moisture is excluded from the reaction system. The “drying tube,” which is packed 
with a desiccant such as anhydrous calcium chloride, is a handy way to carry 
out a reaction in an apparatus that is not totally closed to the atmosphere, but 
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Figure 3.17 Moisture-protected water-jacketed 
condenser with 3- or 5-mL conical vial, arranged for 
heating and magnetic stirring. 








Figure 3.16 Micro spinning band distillation column (2.5 in). 
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that is reasonably well protected from water vapor. The microscale apparatus 
described here are designed to be used with the 14/10 $ drying tube. The re- 
flux condensers discussed earlier are constructed with female 14/10 $ joints at 
the top of the column, which allows convenient connection of the drying tube 
if the refluxing system is moisture sensitive (see Fig. 3.17). 

Because many reactions are highly sensitive to moisture, successful opera- 
tion at the microscale level can be rather challenging. If anhydrous reagents are 
to be added after an apparatus has been dried and assembled, it is important to 
be able to introduce these reagents without exposing the system to the atmos- 
phere, particularly when operating in a humid atmosphere. In room-temperature 
reactions that do not need refluxing, adding anhydrous reagents is best 
accomplished by use of the microscale Claisen head adapter. The adapter has a 
vertical screw-threaded standard taper joint that will accept a septum cap. The 
septum seal allows syringe addition of reagents and avoids the necessity of 
opening the apparatus to the laboratory atmosphere (see Fig. 3.18). 


Specialized Pieces of Equipment 


Collection of Gaseous Products. Some experiments lead to gaseous products. 
The collection, or trapping, of gases is conveniently carried out by using the 
capillary gas delivery tube. This item is designed to be attached directly to a 
1- or 3-mL conical vial (see Fig. 3.19), or to the female 14/10 $ joint of a con- 
denser connected to a reaction flask or vial (Chapter 3W, Fig. 3.11W). The tube 
leads to the collection system, which may be a simple, inverted, graduated 
cylinder; a blank-threaded septum joint; or an air condenser filled with water 
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Figure 3.18 Moisture-protected Claisen head 
with 3- or 5-mL conical vial, arranged for syringe 
addition and magnetic stirring. 


(if the gaseous products are not water-soluble). The 0.1-mm capillary bore con- 
siderably reduces dead volume and increases the efficiency of product transfer. 


Collection of Gas Chromatographic Effluents. The trapping and collection of 
gas chromatographic liquid fractions become particularly important exercises 
in microscale experiments. When yields of a liquid product are less than 100 
wL conventional distillation, even using microscale equipment, is impractical. 
In this case, preparative gas chromatography replaces conventional distillation 
as the route of choice to product purification. A number of the reaction prod- 
ucts in Chapters 6, 7, and 10W depend on this approach for successful purifi- 
cation and isolation. The ease and efficiency of carrying out this operation is 
greatly facilitated by employing the 5/5 $ collection tube and the 0.1-mL 5/5 
$ conical collection vial ( Chapter 3W, Fig. 3.12W). 


MICROWAVE HEATING AS A TOOL 
FOR ORGANIC CHEMISTRY 


Introduction 


An appliance found in almost all homes is a microwave oven. It is possible to 
heat food much more quickly and easily using a microwave as compared to the 
stove top. The observation that microwave energy can be used to heat food 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 
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Figure 3.19 Conical vial (3-mL) and capillary gas delivery 
tube arranged for heating and magnetic stirring. 
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was first made by Percy Spencer, an employee of the Raytheon Corporation.' 
His company was a manufacturer of radar sets and, while working on one he 
noticed that the candy bar he had in his pocket had melted. Intrigued by this, 
the next day he brought in some popcorn from home and found that if he 
placed this near his radar set, it popped. In 1945, Raytheon filed a patent for 
the microwave cooking process, and in 1947 they built the first microwave 
oven called the Radarange.* It was almost 6 feet (1.8 m) high and weighed 
over 750 pounds (340 kg) and cost between $2,000 and $3,000.* The first pop- 
ular home model was launched in 1967, and current estimates suggest that 
over 200 million microwave ovens are in use throughout the world today.* 

Just as microwave ovens prove so valuable in the kitchen, it is also possi- 
ble to use similar technology in preparative chemistry. It was in 1986 that the 
first reports of microwave heating as a tool for organic chemistry appeared in 
the scientific literature.”° Two research groups published results they had ob- 
tained in their laboratories using kitchen microwave ovens. They said that 
chemistry that usually takes hours to reach completion using conventional 
heating could be performed in a matter of minutes in a microwave oven. Since 
these first reports, the use of microwave heating in organic chemistry has 
grown rapidly. Today, the technology is used in industry and academic labora- 
tories for performing a wide range of reactions. Microwave heating has 
opened up a range of new areas in organic chemistry, allowing chemists to 
perform reactions quickly and easily. As an example, in this book Experi- 
ment 7, the Cannizzaro reaction, is performed in one hour using conventional 
heating. In the microwave protocol, the reaction is complete in just one minute. 

The use of microwave heating addresses a number of the green chemistry 
principles.’ Since it is often possible to obtain higher yields using microwave 
heating as opposed to conventional heating, there will be less waste and un- 
used reagents. Also, since microwave heating is fast, there is often not enough 
time for products to decompose so this makes the product purification cleaner 
and easier. Chemists have also used the inherent advantages of microwave 
heating to their advantage for developing cleaner alternatives to known reac- 
tions. Take, for example, the use of water as a solvent instead of organics such 
as dichloromethane and benzene. Work has shown that water is an excellent 
solvent for organic chemistry, especially when combined with microwave 
heating. It is possible to heat water well above its boiling point in a sealed 
reaction vessel very safely and efficiently using microwaves. At these higher 
temperatures, water behaves more like an organic solvent. While most organic 
compounds are not soluble in water at room temperature, they can be in this 
higher temperature water, or at least partly so. This means that reactions can 
take place and, when the mixture cools down at the end, the product crystal- 
lizes out and is easily removed. As well as allowing for a more environmentally 
friendly solvent to be used, it also makes purification easy. 


'Reader’s Digest, August 1958, page 114. 

Spencer, P. L. 1945. Method of treating foodstuffs. US Patent 2,495,429, filed October 5, 1945, 
and published January 24, 1950. 

SGallawa, J. C. Complete Microwave Oven Service Handbook: Operation, Maintenance, Trou- 
bleshooting, and Repair. Prentice Hall, 2000. 

“US Bureau of Labor Statistics. 

°Gedye, R,; Smith, F.; Westaway, K.; Ali, H.; Baldisera, L.; Laberge, L.; and Rousell, J. “The 
Use of Microwave Ovens for Rapid Organic Synthesis,” Tetrahedron Lett. 1986, 27, 279. 
°Giguere, R. J; Bray, T. L.; Duncan, S. M.; and Majetich, G. “Application of Commercial 
Microwave Ovens to Organic Sysnthesis,” Tetrahedron Lett. 1986, 27, 4945. 

7Anastas, P.T.; Warner, J. C. Green Chemistry: Theory and Practice; Oxford University Press, New 
York, 1998, 
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Figure 3.20 The electromagnetic spectrum. 


Before looking at applications in organic chemistry, it is important to appre- 
ciate some of the physical chemistry concepts behind microwave heating. The 
microwave region of the electromagnetic spectrum (Fig. 3.20) is classified as that 
between 300 and 300,000 megahertz (MHz). Compared to ultraviolet, infrared, 
and visible light, microwave irradiation is of relatively low energy. As a result, 
microwaves are not high enough in energy to break chemical bonds. Instead 
they can only make molecules rotate. This is very different from the more ener- 
getic ultraviolet radiation which, when it interacts with molecules, can break 
bonds, giving rise to the area of chemistry known as photochemistry. 

Both home and scientific microwave equipment operates at 2,450 MHz. 
Interestingly, the microwave region of the electromagnetic spectrum is also used 
for navigation, communication, and remote sensing purposes. This includes tech- 
nologies such as global positioning systems, wireless Internet, and Bluetooth as 
well as radar. As a result, the frequency used in microwave ovens has to be differ- 
ent from those used for these other applications and so is strictly regulated. 

Microwaves, like all electromagnetic energy, move at the speed of light 
and comprise oscillating electric and magnetic fields (Fig. 3.21). These compo- 
nents oscillate at right angles to each other and to the direction of propagation. 
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Figure 3.21 Microwave energy comprises electric and magnetic fields. 
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Figure 3.22. The two mechanisms by which microwave energy leads to heating. 


There are two ways that microwaves can heat a sample, both involving the 
interaction of molecules in the sample with the electric field of the microwave 
irradiation (Fig. 3.22). 

If a molecule possesses a dipole moment, then when it is exposed to 
microwave irradiation, the dipole tries to align with the applied electric field. 
Since the electric field is oscillating, the dipoles constantly try to realign to fol- 
low this. Molecules have time to align with the electric field but not to follow 
the oscillating field exactly. This continual reorientation of the molecules re- 
sults in friction and thus heat. This heating method is termed dipolar polariza- 
tion. If a molecule is ionic, then the electric field component of the microwave 
irradiation moves the ions back and forth through the sample also colliding 
them into each other. This movement again generates heat and is termed ionic 
conduction. 

Conventionally, in order to heat reaction mixtures, chemists tend to use a 
hot plate or sand bath. These can be relatively slow and inefficient ways of 
transferring heat into a sample because they depend on convection currents 
and the thermal conductivity of the reaction mixture. Also, the walls of the 
reaction vessel can be hotter than the contents, thus introducing a thermal 
gradient. This can mean that reagents or products can be decomposed over 
time because they sit on the walls of the vessel. When using microwave heat- 
ing, since the energy interacts with the sample directly, heating can be much 
more effective. In addition, microwave heating is safer than conventional 
heating; there are no sand baths or hot plates that can burn the chemist. 

Each solvent or reagent in a reaction mixture will interact with microwave 
energy differently. Although not the only factor in determining the ab- 
sorbance of microwave energy, the polarity of the solvent is a helpful tool for 
determining how well it will heat when placed into a microwave field; more 
polar molecules are affected more and nonpolar less. Solvents can be split 
into three categories; namely, those that absorb microwaves well, moder- 
ately, and poorly (Fig. 3.23). High-absorbing solvents will heat up very fast 


LOW ABSORBING MODERATELY ABSORBING HIGH ABSORBING 

dichloromethane water dimethylsulfoxide (DMSO) 
toluene acetonitrile ethane-1,2-diol (ethylene glycol) 
hexane acetone propanol, ethanol, methanol 


Figure 3.23 The heating characteristics of common solvents. 
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Figure 3.24 Areas of high and low microwave energy are found in the cavity of a 
multimode microwave unit. 


upon microwave irradiation. Lower-absorbing solvents can still be used, but 
work better if one of the reagents in the reaction mixture is itself a good ab- 
sorber. Interestingly, water absorbs more weakly than methanol while it is con- 
siderably more polar. This can be attributed, at least in part, to that fact that the 
strong, extensive hydrogen bonding in water goes some way to restricting rota- 
tion of molecules when irradiated with microwaves. 

Electric power is turned into microwave energy using a magnetron, this in 
essence being a high-voltage tube in which electrons generated from a heated 
cathode are affected by magnetic and electric fields in such a way as to produce 
microwave radiation. As the microwaves come into the cavity (heating cham- 
ber) of a home microwave unit, they will move around and bounce off the 
walls. As they do so, they will generate pockets (called modes) of high energy 
and low energy as the moving waves either reinforce or cancel out each other 
(Fig. 3.24). This means that the microwave field in the microwave cavity is not 
uniform. Instead, there will be hot spots and cold spots; these correspond to 
the pockets of high and low energy, respectively. Domestic microwave ovens 
are therefore called“multimode” microwave ovens. 

While home microwave ovens are useful for heating food, performing 
chemical reactions using them presents a number of challenges. They have no 
accurate temperature measurement device; the microwave field inside the 
oven is not uniform; and they are not safe for containing hot, flammable, or- 
ganic solvents. These problems have led to the need for scientific microwave 
apparatus, specifically designed for performing chemical reactions safely and 
reliably. Scientific multimode microwave units have been developed for use in 
preparative chemistry (Fig. 3.26b). As well as being built to withstand explo- 
sions of reaction vessels inside the microwave cavity, temperature and pres- 
sure monitoring has been introduced as is the ability to stir reaction mixtures. 
It is possible to run a number of reactions at the same time in a multimode mi- 
crowave oven, the samples being placed into tubes and loaded onto a 
turntable. As the samples move around, because they are large enough to ab- 
sorb the microwave energy effectively, heating is fairly uniform. 

When performing reactions on a small scale, it is sometimes difficult to 
heat the small volumes of reagents effectively in a multimode microwave ap- 
paratus. This is because, with the hot and cold spots that occur in the cavity of 
a multimode apparatus, it is hard to get constant microwave energy to irradi- 
ate the small sample. To overcome these problems, a smaller, single-mode 
(often called monomode) microwave apparatus has been developed. The cavity 
of a monomode microwave apparatus is designed for the length of only one 
wave (mode) (Fig. 3.25). By placing the sample in the middle of the cavity it ——_— 
can be irradiated constantly with microwave energy. Using a monomode appa- 
ratus, it is possible to heat samples of as little as 0.2 mL very effectively. The Fieus 505 ‘Thexavigrots 
upper volume limit of the monomode apparatus is determined by the size of nonomode microwave unit is 
the microwave cavity and is in the region of 100 mL (Fig. 3.26a). designed to fit just one mode. 
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(a) (b) 
Figure 3.26 (a) A monomode microwave unit (reproduced with permission from 
CEM Corporation) and (b) a multimode microwave unit (reproduced with permission 
from Milestone srl). 


Applications 


Many organic reactions require heat in order to proceed. In the lab, this is tra- 
ditionally done using a hot plate, steam, oil or sand bath or, before that, a Bunsen 
burner. For those reactions that do require heat, the problem is that these 
heating sources are inefficient and reactions can often take a long time to 
reach completion. By using microwave heating, reaction times can be dramat- 
ically reduced and product yields can be higher. Shortening the time of known 
reactions is not the only advantage that microwave heating is having. It is im- 
pacting modern organic chemistry by opening up avenues to compounds that 
were previously not accessible. It is also a cleaner way to do preparative chem- 
istry. Almost any reaction that needs heat can be performed in a microwave 
(Fig. 3.27). There are a few exceptions, including those that are known to be 
highly exothermic. 

Microwave heating has proven particularly useful in the pharmaceutical 
industry where compounds need to be made rapidly so they can be screened 
for activity as drug candidates. In an interesting experiment undertaken by 
Boehringer Ingelheim Pharmaceuticals, the exact amount of time saved us- 
ing microwave as opposed to conventional heating was determined.* Two 


oxidation rearrangements 
reduction ester and amide synthesis 
substitution ring-forming 


addition heterocycle synthesis 
cycloadditions metal-catalyzed processes 





Figure 3.27 Some classes of organic reaction that can be performed using 
microwave heating. 


°’“Timesavings associated with microwave-assisted synthesis: A quantitative approach”, C. R. 
Sarko in Microwave Assisted Organic Synthesis edited by J. P. Tierney and P. Lidstrom, 
Blackwell Publishing, Oxford, 2005. 
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Figure 3.28 Reactions can be performed 
using either a sealed tube or an open, 
(a) (b) round-bottom flask. 


scientists were told to make a series of compounds. One of them used mi- 
crowave chemistry and the other used conventional methods. Both scientists 
were given the same preparative route to the molecules to follow. However, 
after 37 days the chemist using the conventional heating approach con- 
cluded that the molecules could not be generated using that route. The 
microwave chemist on the other hand optimized reaction conditions and 
produced the final products in two days. 

Many reactions utilizing microwave heating have been performed in 
sealed vessels (Fig. 3.28a). These are tubes of varying sizes that can be sealed 
with a specially designed stopper. Reaction mixtures can then be heated to 
temperatures well above the boiling point of the solvent inside. This offers a 
very safe way to perform chemistry at high temperatures and pressures. It is 
much more convenient than the steel containers used traditionally for this sort 
of chemistry. Also, it is possible to monitor the temperature and pressure of 
reaction mixtures very closely, and this means it is possible to report the exact 
reaction conditions used so that others can use them. 

Another option is to use standard laboratory glassware in a microwave. 
Reactions can be run in round-bottomed flasks equipped with a reflux con- 
denser (Fig. 3.28b). The flask sits inside the microwave cavity, and the reflux 
condenser comes out through the top of the apparatus. Often, just as good 
results can be obtained using an open vessel arrangement as compared to a 
sealed tube. 

When using a monomode microwave unit, it is possible to perform reac- 
tions using sealed tubes of capacity ranging from 0.2-25 mL and open vessels 
ranging from 10-100 mL. Reactions are performed one at a time. When using 
sealed tubes, it is possible to automate the unit using robotics so that when 
one reaction is complete, the tube can be removed from the microwave and 
the next one put in. This allows for multiple reactions to be performed without 
the need for the operator to be present. Up to 60 reaction vessels can be lined 
up and run one after another. 

Multimode microwave units can process multiple reaction vessels at the 
same time. The sealed vessels all sit in a holder (reaction carousel) that fits into 
the microwave cavity. Working on a scale of up to a few grams, it is possible to 
process up to 40 reaction vessels at a time. Up to 92 reactions can be run at a 
time when using microscale quantities of reagents. Another option possible 
when working in multimode microwave unit is to use one large reaction ves- 
sel. This can either be a larger sealed vessel (up to 1 L in volume) or an open 
round-bottom flask (up to 5 L in volume). This enables chemists to scale up 
their reactions to make more of their desired compound. 
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The Human Universal Load Carrier is a hydraulic-powered exoskeleton suit 
intended to support soldiers on the battlefield and allow them to transport heavy 


loads for extended periods of time without the usual exhaustion that would come 
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Equipment Available 


There are a number of commercially available scientific microwave units. The 
four major microwave manufacturers are listed here: 

Anton Paar is an Austrian company that manufactures a multimode mi- 
crowave unit called the Synthos 3000. There are a number of reaction carousels 
that are available with the unit, allowing for reactions to be performed from 
the microliter scale up to 100 mL. On the small scale, reactions are run in spe- 
cially designed silicon carbide plates with either 24 or 48 wells. Using plates 
made from this inert, highly microwave-absorbing material allows for equal 
heating of all the wells. Larger reactions are performed in glass or quartz tubes 
sealed with a specially designed stopper. 

Biotage, a company based in Sweden, manufactures a monomode mi- 
crowave unit called the Initator. Using this instrument, it is possible to run 
reactions on scales from 0.2—20 mL in sealed tubes. It is possible to automate 
the unit with a robotic arm, thus allowing up to 60 reactions to be run 
sequentially. 

CEM Corporation, a company based in North Carolina, manufactures a 
range of microwave units. Its monomode microwave apparatus is called the 
Discover platform. A number of variants are available. It is possible to run 
reactions from 0.5-60 mL in sealed tubes using this unit, as well as open 
round-bottom flasks up to 125 mL in capacity. It is possible to automate the 
unit, allowing reactions to be run sequentially. In addition, an accessory is 
available for loading reaction vessels with reactive gases such as hydrogen and 
carbon monoxide, opening the door for performing a wide range of reactions 
otherwise not possible using microwave heating. CEM also manufactures a 
multimode microwave unit called the MARS. There are a number of reaction 
carousels accommodating sealed tubes that can be used with the unit. In 
addition, open round-bottom flasks up to 5 L in capacity can be placed into 
the microwave cavity and standard reflux glassware attached. This allows for 
scale-up of reactions using batch processing. 

Milestone, a company based in Italy, manufactures a number of microwave 
units. The MultiSYNTH has the capability to act as both a monomode and a 
multimode microwave unit. This means that conditions can be optimized in a 
small sealed tube using the monomode functionality and then a series of up 
to 12 small or 6 larger reactions can run in parallel in multimode. The unit can 
also accommodate a round-bottom flask of capacity up to 1 L, allowing a reac- 
tion to be performed at atmospheric pressure. The MicroSYNTH platform is a 
multimode microwave unit. There are a number of reaction carousels that can 
be used, allowing for reactions to be performed in parallel using either glass, 
Teflon, or quartz tubes. In addition, open round-bottom flasks can be placed 
into the microwave cavity and standard reflux glassware attached. 

All the modern scientific microwave units have the capability to measure 
temperature during the course of a reaction. This can be done remotely using 
an infrared sensor located in the wall or the bottom of the microwave cavity. In 
many cases it is also possible to record the temperature inside a reaction ves- 
sel using a fiber-optic probe or thermocouple. Pressure measurement is also 
possible in many cases. The contents of a reaction mixture can be stirred by 
means of a magnetic stir plate located beneath the microwave cavity and a 
Teflon stir bar in the vessel. 

When running a reaction, key parameters such as temperature, pressure, 
and microwave power can be measured throughout the run and data saved to 
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Figure 3.29 Example of a heating profile for a reaction performed using microwave 
heating. 


a computer for use in reports and for reproducing the conditions at a later 
date (Fig. 3.29). Generally, when programming a protocol into a microwave 
unit, there are two important stages. The first is entering the ramp time. This 
is the time that the user wants the microwave to take to reach the target tem- 
perature. The second is entering the hold time. This is the time that the user 
wants the reaction mixture to remain at the target temperature before cooling 
back to room temperature. The microwave unit will use the requisite mi- 
crowave power to heat the reaction mixture to temperature and then the 
power will automatically fluctuate to hold the reaction at the set temperature. 


Experimental Protocols 


Experimental protocols using microwave heating have been added to Experi- 
ments 7, 8, 15, 22, and 30. The experiments in this book can be performed on a 
range of these commercially available microwave units. The procedures are split 
into two classes; the first is generally for use with monomode microwave appa- 
ratus (Biotage Initiator and CEM Discover) and the second for use with multi- 
mode microwave units (Anton Paar Synthos 3000, CEM MARS, and Milestone 
MicroSYNTH). A modified version of the monomode procedure for use with 
the Anton Paar Synthos 3000 in conjunction with the silicon carbide plate for- 
mat for microscale chemistry is added as a footnote in the monomode protocol. 


MICROSCALE LAWS 


Rules of the Trade for Handling Organic 
Materials at the Microscale Level 


Now that we have briefly looked at the equipment we will be using to carry 
out microscale organic reactions, let us examine the specific techniques that 
are used to deal with the small quantities of material involved. Microscale syn- 
thetic organic reactions, as defined by Cheronis,” start with 15-150 mg of the 


°Cheronis, N. D. Semimicro Experimental Organic Chemistry; Hadrion Press: New York, 1958. 
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limiting reagent. These quantities sound small, and they are. Although 150 mg 
of a light, powdery material will fill half a 1-mL conical vial, you will have a 
hard time observing 15 mg of a clear liquid in the same container, even with 
magnification. This volume of liquid, on the other hand, is reasonably easy to 
observe if it is in a 0.1-mL conical vial. A vital part of the game of working with 
small amounts of materials is to become familiar with microscale techniques 
and to practice them as much as possible in the laboratory. 


Rules for Working With Liquids at the Microscale Level 


1. Liquids are never poured at the microscale level. Liquid sub- 
stances are transferred by pipet or syringe. As we are working with small, 
easy-to-hold glass-ware, the best way to transfer liquids is to hold both con- 
tainers with the fingers of one hand, with the mouths as close together as 
possible. The free hand is then used to operate the pipet (syringe) to with- 
draw the liquid and make the transfer. This approach reduces to a minimum 
the time that the open tip is not in, or over, one vessel or the other. We use 
three different pipets and two standard syringes to perform most experi- 
ments involving liquids. This equipment can be a prime source of con- 
tamination. Be very careful to thoroughly clean the pipets and syringes after 
each use. 

a. Pasteur pipet (often called a capillary pipet). A simple glass tube 
with the end drawn to a fine capillary. These pipets can hold sev- 
eral milliliters of liquid (Fig. 3.30a) and are filled using a small rub- 
ber bulb or one of the very handy, commercially available pipet 
pumps. Because many transfers are made with Pasteur pipets, it is 
suggested that several of them be calibrated for approximate deliv- 
ery of 0.5, 1.0, 1.5, and 2.0 mL of liquid. This calibration is easily 
done by drawing the measured amount of a liquid from a gradu- 
ated cylinder and marking the level of the liquid in the pipet. This 
mark can be made with transparent tape, or by scratching with a 
file. Indicate the level with a marking pen before trying to tape or 
file the pipet. 

b. Pasteur filter pipet. A very handy adaptation of the Pasteur pipet 
is a filter pipet. This pipet is constructed by taking a small cotton 
ball and placing it in the large open end of the standard Pasteur 
pipet. Hold the pipet vertically and tap it gently to position the cot- 
ton ball in the drawn section of the tube (Fig. 3.30b). Now form a 
plug in the capillary section by pushing the cotton ball down the 
pipet with a piece of copper wire (Fig. 3.30c). Finish by seating the 
plug flush with the end of the capillary (Fig. 3.30d). The optimum- 
size plug will allow easy movement along the capillary while it is 
being positioned by the copper wire. Compression of the cotton will 
build enough pressure against the walls of the capillary (once the 
plug is in position) to prevent the plug from slipping while the pipet 
is filled with liquid. If the ball is too big, it will wedge in the cap- 
illary before the end is reached, and wall pressure will be so great 
that liquid flow will be shut off. Even some plugs that are loose 
enough to be positioned at the end of the capillary will still have 
developed sufficient lateral pressure to make the filling rate unac- 
ceptably slow. If the cotton filter, however, is positioned too loosely, 
it may be easily dislodged from the pipet by the solvent flow. These 
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Figure 3.30 Preparation of Pasteur filter pipet. 


plugs can be quickly and easily inserted with a little practice. Once 
in place, the plug is rinsed with 1 mL of methanol and 1 mL of 
hexane, and dried before use. 

There are two reasons for placing the cotton plug in the pipet. 
First, it solves a particular problem with the transfer of volatile liq- 
uids via the standard Pasteur pipet: the rapid buildup of back pres- 
sure from solvent vapors in the rubber bulb. This pressure quickly 
tends to force the liquid back out of the pipet and can cause valu- 
able product to drip on the bench top. The cotton plug tends to resist 
this back pressure and allows much easier control of the solution 
once it is in the pipet. The time-delay factor becomes particularly 
important when the Pasteur filter pipet is employed as a microsep- 
aratory funnel (see the discussion on extraction techniques in Tech- 
nique 4, p. 67). 

Second, each time a transfer of material is made, the material 
is automatically filtered. This process effectively removes dust and 
lint, which are constant problems when working at the microscale 
level. A second stage of filtration may be obtained by employing a 
disposable filter tip on the original Pasteur filter pipet as described 
by Rothchild."° 


. Automatic pipet (considered the Mercedes-Benz of pipets). 


Automatic pipets quickly, safely, and reproducibly measure and dis- 
pense specific volumes of liquids. These pipets are particularly valu- 
able at the microscale level, because they generate the precise and 
accurate liquid measurements that are absolutely necessary when 
handling only microliters of a liquid. The automatic pipet adds con- 
siderable insurance for the success of an experiment, since any liq- 
uid can be efficiently measured, transferred, and delivered to the 
reaction flask. 

The automatic pipet consists of a calibrated piston pipet with a 
specially designed disposable plastic tip. It is possible to encounter 


Rothchild, R. J. Chem. Educ. 1990, 67, 425. 
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Figure 3.31 Operation of automatic delivery pipet. 


any one of three pipet styles: single volume, multirange, or continu- 
ously adjustable (see Fig. 3.31). The first type is calibrated to deliver 
only a single volume. The second type is adjustable to two or three 
predetermined delivery volumes. The third type is the most versatile; 
it can be set by the user to deliver any volume within the range of 
the pipet. Obviously, the price of these valuable laboratory tools goes 
up with increasing features. Automatic pipets are expensive, and usu- 
ally must be shared in the laboratory. Treat them with respect! 

The automatic pipet is designed so that the liquid comes in 
contact only with the disposable tip. 


¢ Never load the pipet without the tip in place. 

e Never immerse the tip completely in the liquid that is being 
pipetted. 

e Always keep the pipet vertical when the tip is attached. 

e If an air bubble forms in the tip during uptake, return the liquid, 
discard the tip, and repeat the sampling process. 


If these three rules are followed, most automatic pipets will give many 
years of reliable service. A few general rules for improving reproducibility with 
an automatic pipet should also be followed: 


e ‘Try to use the same uptake and delivery motion for all samples. 
Smooth depression and release of the piston will give the most 
consistent results. Never allow the piston to snap back. 

¢ Always depress the piston to the first stop before inserting the 
tip into the liquid. If the piston is depressed after submersion, 
formation of an air bubble in the tip becomes likely, which will 
result in a filling error. 

e Never insert the tip more than 5 mm into the liquid. It is good 
practice not to allow the body of the pipet to contact any sur- 
face, or bottle neck, that might be wet with a chemical. 

e If an air bubble forms in the tip during uptake, return the fluid, 
discard the tip, and repeat the sampling process. 


d. Syringes. Syringes are particularly helpful for transferring liquid 


reagents or solutions to sealed reaction systems from sealed reagent 
or solvent reservoirs. Syringe needles can be inserted through a 
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septum, which avoids opening the apparatus to the atmosphere. 
Syringes are also routinely employed in the determination of ultra- 
micro boiling points (10-wL GC syringe). It is critically important 
to clean the syringe needle after each use. Effective cleaning of a 
syringe requires as many as a dozen flushes. For many transfers, 
the microscale laboratory uses a low-cost glass 1-mL insulin 
syringe in which the rubber plunger seal is replaced with a Teflon 
seal (ACE Glass). For preparative GC injections, the standard 50- 
or 100-wL syringes are preferred (see Technique 1). 


2. Liquid volumes may be converted easily to mass measures by the 
following relationship: 


mass (g) 
density (g/mL) 


3. Work with liquids in conical vials, and work in a vial whose capac- 
ity is approximately twice the volume of the material it needs to hold. The 
trick here is to reduce the surface area of the flask in contact with the sam- 
ple to an absolute minimum. A conical vial is thus better than the spherical 
surface of the conventional round-bottom flask. 

Liquids may also be weighed directly. A tared container (vial) should be 
used. After addition of the liquid, the vial should be kept capped through- 
out the weighing operation. This procedure prevents loss of the liquid by 
evaporation. If the density of the liquid is known, the approximate volume 
of the liquid should be transferred to the container using an automatic de- 
livery pipet or a calibrated Pasteur pipet. Use the above expression relating 
density, mass, and volume to calculate the volume required by the meas- 
ured mass. Adjustment of the mass to give the desired value can then be 
made by adding or removing small amounts of liquid from the container by 
Pasteur pipet. 


Volume (mL) = 


NOTE. Before you leave the balance area, be sure to replace all caps on reagent 
bottles and clean up any spills. A balance is a precision instrument that can eas- 
ily be damaged by contamination. 


Rules for Working With Solids at the Microscale Level 


1. General considerations. Working with a crystalline solid is much eas- 
ier than working with the equivalent quantity of a liquid. Unless the solid is 
in solution, a spill on a clean glass working surface usually can be recovered 
quickly and efficiently. Be careful, however, when working with a solution. Treat 
solutions as you would a pure liquid. 


2. Transfer of solids. Solids are normally transferred with a microspat- 
ula, a technique that is not difficult to develop. 


3. Weighing solids at the milligram level. Electronic balances can 
automatically tare an empty vial. Once the vial is tared, the reagent is added 
in small portions. The weight of each addition is instantly registered; mate- 
rial is added until the desired quantity has been transferred. 


Solids are best weighed in glass containers (vials or beakers), in plastic or 
aluminum weighing trays (“boats”), or on glazed weighing paper. Filter paper 
or other absorbent materials are not good choices: small quantities of the 
weighed material will often stick to the fibers of the paper, and vice versa. 
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THE LABORATORY NOTEBOOK 


Writing is the most important method chemists use to communicate their 
work. It begins with the record kept in a laboratory notebook. An experiment 
originally recorded in the laboratory notebook can become the source of infor- 
mation used to prepare scientific papers published in journals or presented 
at meetings. For the industrial chemist, these written records are critical in ob- 
taining patent coverage for new discoveries. 

It is important that you learn to keep a detailed account of your work. A 
laboratory notebook has several key components. Note how each component 
is incorporated into the example that follows. 


Key Components of a Laboratory Experiment Write-up 


. Date experiment was conducted 

. Title of experiment 

. Purpose for running the reaction 

. Reaction scheme 

. Table of reagents and products 

. Details of procedure used 

. Characteristics of the product(s) 

. References to product or procedure (if any) 


SOND OT FPF WN 


. Analytical and spectral data 


= 
S 


. Signature of person performing the experiment and that of a witness, if 

required 

In reference to point 6, it is the obligation of the person doing the work to 
list the equipment, the amounts of reagents, the experimental conditions, and 
the method used to isolate the product. Any color or temperature changes 
should be carefully noted and recorded. 

Several additional points can be made about the proper maintenance of a 

laboratory record. 


11. A hardbound, permanent notebook is essential. 


12. Each page of the notebook should be numbered in consecutive order. 
For convenience, an index at the beginning or end of the book is rec- 
ommended and pages should be left blank for this purpose. 


13. If a page is not completely filled, an“X” should be used to show that no 
further entry was made. 


14. Data are always recorded directly into the notebook, never on scrap 
paper! Always record your data in ink. If a mistake is made, draw a neat 
line through the word or words so that they remain legible. Do not com- 
pletely obliterate anything; you might learn from your mistakes, if you 
can read them later. 


15. Make the record clear and unambiguous. Pay attention to grammar and 
spelling. 
16. In industrial research laboratories, your signature, as well as that of a 


witness, is required, because the notebook may be used as a legal 
document. 
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17. Always write and organize your work so that someone else could come 
into the laboratory and repeat your directions without confusion or 
uncertainty. Completeness and legibility are key factors. 


Most of you are newcomers to the organic laboratory, and the reactions 
you will be performing have probably been worked out and checked in detail. 
Because of this, your instructor may not require you to keep your notebook in 
such a meticulous fashion. For example, when you describe the procedure 
(item 6), it may be acceptable to make a clear reference to the material in the 
laboratory manual and to note any modifications or deviations from the pre- 
scribed procedure. In some cases, it may be more practical to use an outline 
method. In any event, the following example should be studied carefully. It 
may be used as a reference when detailed records are important in your work. 
It is more important to record what you observed and what you actually did, 
than to record what you were supposed to observe and what you were sup- 
posed to do. 


NOTE. Because of its length, the example here is typed. Notebooks are usually 
handwritten. Many chemists, however, now use computers to record their data. 


The circled numbers refer to the list on p. 40 


EXAMPLE OF A LABORATORY 
NOTEBOOK ENTRY 


19 July 2009 
PREPARATION OF DIPHENYL SUCCINATE 


CH,CO,H CH,CO,C,H; 
| + 2 C,H;OH + POC, > | + HPO, + 3 HCl 
CH,CO,H CH,CO,C,H; 


Dipheny] succinate is being prepared as one of a series of 
dicarboxylic acid esters that are to be investigated as growth be 
stimulants for selected fungi species. 

This procedure was adapted from that reported by Daub, G. H., 
and Johnson, W. S. Organic Syntheses, Wiley: New York, 1963; Collect. © 
Vol. IV, p. 390. 

















Physical Properties of Reactants and Products 

Compound Mw’ Amounts mmol mp (°C) bp (°C) 
Succinic acid 118.09 118 mg 1.0 182 

Phenol 94.4 188 mg 2.0 40-42 182 
Phosphorous oxychloride 153.33 84 pL 0.9 105.8 
Diphenyl succinate 270.29 121 

“MW = molecular weight. 
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Ina3.0-mL conical vial containing a magnetic spin vane and equipped with a 
reflux condenser protected by a calcium chloride drying tube were placed succinic 
acid (118 mg, 1.0 mmol), phenol (188 mg, 2.0 mmol), and phosphorous oxychlo- 
ride (84 wL 0.9 mmol). The reaction mixture was heated with stirring at 115 °C in 
a sand bath in the hood for 1.25 h. It was necessary to conduct the reaction in the 
hood, because hydrogen chloride (HCl) gas evolved during the course of the re- 
action. The drying tube was removed, toluene (0.5 mL) was added through the top 
of the condenser using a Pasteur pipet, and the drying tube was replaced. The mix- 
ture was then heated for an additional 1 hour at 115 °C. 

The hot toluene solution was separated from the red syrupy residue of 
phosphoric acid using a Pasteur pipet. The toluene extract was filtered by grav- 
ity using a fast-grade filter paper and the filtrate was collected in a 10-mL Er- 
lenmeyer flask. The phosphoric acid residue was then extracted with two ad- 
ditional 1.0-mL portions of hot toluene. These extracts were also separated 
using the Pasteur pipet and filtered, and the filtrate was collected in the same 
Erlenmeyer flask. The combined toluene solutions were concentrated to a vol- 
ume of approximately 0.6 mL by warming them in a sand bath under a gentle 
stream of nitrogen (N>) gas in the hood. The pale yellow liquid residue was 
then allowed to cool to room temperature; the diphenyl succinate precipitated 
as colorless crystals. The solid was collected by vacuum filtration using a 
Hirsch funnel, and the filter cake was washed with three 0.5-mL portions of 
cold diethyl ether. The product was dried in a vacuum oven at 30°C (3 mm Hg) 
for 30 min. 

The 181 mg (67%) of diphenyl succinate had an mp of 120-121 °C (lit. value 
121 °C: CRC Handbook of Chemistry and Physics, 89th ed.; CRC Press: Boca 
Raton, FL, 2008-2009; no. 13559, p. 3-220). 

The IR spectrum exhibits the expected peaks for the compound. [At this 
point, the data may be listed, or the spectrum attached to a separate page of the 
notebook. | 


wei fda 


jpt®ttnep Dl 
6. fre. Wine 19 pty 2009 


CALCULATING YIELDS 


Almost without exception, in each of the experiments presented in this text, 
you are asked to calculate the percentage yield. For any reaction, it is always 
important for the chemist to know how much of a product is actually pro- 
duced (experimental) compared to the theoretical (maximum) amount that 
could have been formed. The percentage yield is calculated on the basis of the 
relationship 


actual yield (experimental) 


% yield = x 100 





theoretical yield (calculated maximum) 
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The percentage yield is generally calculated on a weight (gram or milligram) or 
on a mole basis. In the present text, the calculations are made using mil- 
ligrams. 

Several steps are involved in calculating the percentage yield. 


Step 1 Write a balanced equation for the reaction. For example, consider 
Experiment [22], the Williamson synthesis of propyl p-tolyl ether. 


cry (_))-on + cH.ch, ct I REARS a> CH; ( ) O—(CH,),CH, + Na*, I7 














p-Cresol Propyl iodide Propyl p-tolyl ether 
Physical Properties of Reactants 
Compound MW (mg/mmol) Amount mmol d(mg/pL) 
p-Cresol 108.15 160 pL 1.56 1.5312 
25% (by weight) NaOH soln 40.0 260 pL ~1.6 
Tetrabutylammonium bromide 322.38 18 mg 0.056 
Propyl iodide 169.99 150 pL 1.54 1.5058 











Step 2 Identify the limiting reactant. The ratio of reactants is calculated 
on a millimole (or mole) basis. In the example, 1.56 mmol of p-cresol and 
ca. 1.6 mmol of sodium hydroxide are used, compared to 1.54 mmol of propyl 
iodide, which is therefore the limiting reagent. The tetrabutylammonium bro- 
mide is not considered because it is used as a catalyst—it is neither incor- 
porated into the product nor consumed in the reaction. The calculation 
of the theoretical yield is thus based on the amount of propyl iodide, 
1.54 mmol. 


Step 3 Calculate the theoretical (maximum) amount of the product that 
could be obtained for the conversion, based on the limiting reactant. Here, 
one mole of propyl iodide produces one mole of the propyl p-tolyl ether. 
Therefore, the maximum amount of propyl p-tolyl ether (molecular weight 
= 150.2) that can be produced from 1.54 mmol of propyl iodide is 1.54 mmol, 
or 231 mg. 


Step 4 Determine the actual (experimental) yield (milligrams) of product 
isolated in the reaction. This amount is invariably less than the theoretical 
quantity, unless the material is impure (one common contaminant is water). 
For example, student yields for the preparation of propyl p-tolyl ether aver- 
age 140 mg. 

Step 5 Calculate the percentage yield using the weights determined in 
steps 3 and 4. The percentage yield is then 


140 mg (actual) 


X 100 = 60.6% 
231 mg (theoretical) . 


% yield = 





As you carry out each reaction in the laboratory, try to obtain as high a per- 
centage yield of product as possible. The reaction conditions in this book’s ex- 
periments have been carefully developed; if you master the microscale tech- 
niques for transferring reagents and isolating products, your yields will be as 
high as possible. 
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This monster cannon is actually the culmination of over a decade's worth of 
development and testing. An electromagnetic rail gun capable of firing projectiles 


at over 4,500mph and smashing through concrete structures 100 miles away. 
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QUESTIONS 


3-1. Factory A produces the wheels that are used for the frames made in Factory B. Factory C relies exclusively on the ma- 
terials produced in Factories A and B. Assuming all the necessary parts minus the wheels and frames are housed in 
Factory C, how many bicycles can be completely assembled when Factories A and B provide 36 wheels and 15 
frames, respectively? Explain. 

3-2. You are provided a vial that contains 180 mg of material. This material represents a 44 percent isolated yield. 
Calculate the theoretical amount (theoretical yield) that could have been formed. 

3-3. The density of 2-methyl-2-butanol is 0.806 g/mL. How many mgs represent an aliquot of 430 uL? How many mmols 
represent an aliquot of 0.650 mL (2-methyl-2-butanol, formula weight is 88.15 g/mol)? 
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DETERMINATION 
OF PHYSICAL 
PROPERTIES 


Determination of physical properties is important for substance identification 
and as an indication of material purity. Historically, the physical constants of 
prime interest have included boiling point, density, and refractive index in lig- 
uids and the melting point in solids. In special cases, optical rotation and mo- 
lecular weight determinations may be required. Today, with the widespread 
availability of spectroscopic instrumentation, powerful new techniques may be 
applied to the direct identification and characterization of materials, including 
the analysis of individual components of very small quantities of complex mix- 
tures. The sequential measurement of the infrared (IR) and mass spectro-metric 
(MS) characteristics of a substance resolved“ on the fly” by capillary gas chro- 
matography (GC) can be quickly determined and interpreted. This particular 
combination (GC-IR-MS), which stands out among a number of hyphenated 
techniques that are now available, is perhaps the most powerful system yet 
developed for molecular identification. The rapid development of high-field 
multinuclear magnetic resonance (NMR) spectrometers has added another 
powerful dimension to identification techniques. NMR sensitivity, however, is 
still considerably lower than that of either IR or MS. The IR spectrum alone, 
obtained with one data point per wavenumber can add more than 4000 meas- 
urements to the few classically determined properties. Indeed, even compared to 
high-resolution MS and pulsed 'H and ‘°C NMR, the infrared spectrum of a mate- 
rial remains a powerful set of physical properties (transmission elements) available 
to the organic chemist for the identification of an unknown compound.' 

Simple physical constants are determined mainly to assist in establishing 
the purity of known materials. Because the boiling point or the melting point of 
a material can be very sensitive to small quantities of impurities, these data can 
be particularly helpful in determining whether a starting material needs fur- 
ther purification or whether a product has been isolated in acceptable purity. 
Gas (GC), high-performance liquid (HPLC), and thin-layer (TLC) chromatog- 
raphy, however, now provide more powerful purity information when such 
data are required. When a new composition of matter has been formed, an 
elemental (combustion) analysis is normally reported if sufficient material is 
available for this destructive analysis. For new substances we are, of course, in- 
terested in establishing not only the identity, but also the molecular structure 
of the materials. In this situation other modern techniques (such as ‘H and °C 
NMR spectroscopy, high-resolution MS, and single-crystal X-ray diffraction) 
can provide sensitive and powerful structural information. 

When comparisons are made between experimental data and values ob- 
tained from the literature, it is essential that the latter information be obtained 








Chapter 4: C,H,, Bicyclo[1.1.0]butane 
Lemal, Menger, and Clark (1963). 


1Griffiths, P. R.; de Haseth, J. A. Fourier Transform Infrared Spectrometry, 2nd ed.; Wiley: 
New York, 2007. 
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from the most reliable sources available. This is especially true when consider- 
ing the volume of misinformation found online. Certainly, judgment, which 
improves with experience, must be exercised in accepting any value as a stan- 
dard. In addition to the wealth of data found online (e.g., SciFinder Scholar), 
the known classical properties of a large number of compounds can be obtained 
from the CRC Handbook of Chemistry and Physics and the Merck Index. The 
Aldrich Catalog Handbook of Fine Chemicals is also a readily available, inexpensive 
source. These reference works list physical properties for inorganic, organic, 
and organometallic compounds. The Aldrich Catalog also references IR and 
NMR data for a large number of substances. New editions of the CRC Hand- 
book and the Aldrich Catalog are published each year. 


LIQUIDS 


Ultramicro Boiling Point 


Upon heating, the vapor pressure of a liquid increases, though in a nonlinear 
fashion. When the pressure reaches the point where it matches the local pres- 
sure, the liquid boils. That is, it spontaneously begins to form vapor bubbles, 
which rapidly rise to the surface. If heating is continued, both the vapor pres- 
sure and the temperature of the liquid will remain constant until the substance 
has been completely vaporized (Fig. 4.1). 

Because microscale preparations generally yield about 30-70 wL of liquid 
products, using only 5 wL or less of material for boiling point measurements is 
highly desirable. The modification of the earlier Wiegand ultramicro boiling- 
point procedure* to the ultramicro procedure described here has established 
that reproducible and reasonably accurate (+1 °C) boiling points can be 
observed on 3-4 wL of most liquids thermally stable at the required temperatures. 


Procedure. Ultramicro boiling points can be conveniently determined in 
standard (90-mm-length) Pyrex glass capillary melting-point tubes. The 
melting-point tube replaces the conventional 3- to 4-mm (0.d.) tubing used 
in the Siwoloboff procedure.* The sample (3-4 wL) is loaded into the melt- 
ing-point capillary via a 10-wL syringe and centrifuged to the bottom if nec- 
essary. A small glass bell replaces the conventional melting-point tube as 
the bubble generator in micro boiling-point determinations. It is formed by 
heating 3-mm (0.d.) Pyrex tubing with a microburner and drawing it out to 
a diameter small enough to be readily fit inside the melting-point capillary. 
A section of the drawn capillary is fused and then cut to yield two small 
glass bells approximately 5 mm long (Fig. 4.2a). It is important that the fused 
section be reasonably large, because it is more than just a seal. The fused 
glass must add enough weight to the bell that it will firmly seat itself in the 
bottom of the melting-point tube. 

An alternative technique for preparing the glass bells follows: heat the mid- 
section of an open-ended melting point capillary tube and then draw the glass to 
form a smaller capillary section. This section is then broken approximately 
in the middle and each open end is sealed. The appropriate length for the bell is 
then broken off. Thus, two bells are obtained, one from each section. The sealing 


"Wiegand, C. Angew. Chem. 1955, 67, 77. Mayo, D. W.; Pike, R. M.; Butcher, S. S.; Meredith, 
M. L. J. Chem. Educ. 1985, 62, 1114. 
’Siwoloboff, A. Berichte 1886, 19, 795. 
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Temperature (°C) glass bell for ultramicro boiling-point 
Figure 4.1 Vapor pressure curves. (From determination. (b) Ultramicro boiling- 
Brady, J. E.; Humiston, G. E. General Chem- point assembly. (From Mayo, D. W,; Pike, 
istry, 3d ed.; Wiley: New York, 1982. R. M.; Butcher, S. S.; Meredith, M. L. J. Chem. 


(Reprinted by permission of John Wiley & Educ. 1985, 62, 1114.) 


Sons, New York.) 


process (be sure that a significant section of glass is fused during the tube clo- 
sure to give the bell enough weight) can be repeated on each remaining glass 
section and thus a series of bells can be prepared in a relatively short period. 

A glass bell is now inserted into the loaded melting-point capillary, open 
end first (down), and allowed to fall (centrifuged if necessary) to the bottom. 
The assembled system (Fig. 4.2b) is then inserted onto the stage of aThomas- 
Hoover Uni-Melt Capillary Melting Point Apparatus (Fig. 4.3)* or similar sys- 
tem (such as a Mel-Temp). 

The temperature is rapidly raised to 15-20 °C below the expected boiling 
point (the temperature should be monitored carefully in the case of unknown 
substances), and then adjusted to a maximum rise rate of 2 °C/min and heated 
until a fine stream of bubbles is emitted from the glass bell. The heat control is 
then adjusted to drop the temperature. The boiling point is recorded at the point 
where the last escaping bubble collapses (i.e., when the vapor pressure of the 
substance equals the atmospheric pressure). The heater is then rapidly adjusted 
to again raise the temperature at 2 °C/min and induce a second stream of bub- 
bles. This procedure may then be repeated several times. A precise and sensitive 
temperature control system is essential to the successful application of this cycling tech- 
nique, but it is not essential for obtaining satisfactory boiling-point data. 

Utilization of the conventional melting-point capillary as the” boiler” tube 
has the particular advantage that the boiling point of a liquid can readily be 
determined using a conventional melting-point apparatus. The illumination 
and magnification available make the observation of rate changes in the bub- 
ble stream easily seen. Inexpensive 10-jwL GC injection syringes appear to be 
the most successful instrument to use for transferring the small quantities of 
liquids involved. The 3-in. needles normally supplied with the 10-wL barrels 





Figure 4.3 Thomas-Hoover 
melting-point determination 
———“ device. (Courtesy of Thomas 

“Thomas Scientific, PO. Box 99, Swedesboro, NJ 08085. Scientific, Swedesboro, NJ.) 
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will not reach the bottom of the capillary; liquid samples deposited on the 
walls of the tube, however, are easily and efficiently moved to the bottom by 
centrifugation. After the sample is packed in the bottom of the capillary tube, 
the glass bell is introduced. The glass bell is necessary because a conven- 
tional Siwoloboff fused-capillary insert would extend beyond the top of the 
melting-point tube; thus, capillary action between the “boiler”tube wall and 
the capillary insert would draw most of the sample from the bottom of the 
tube up onto the walls. This effect often precludes the formation of the requisite 
bubble stream. 

Little loss of low-boiling liquids occurs (see Table 4.1). Furthermore, if the 
boiling point is overrun and the sample is suddenly evaporated from the bot- 
tom of the“boiler” capillary, it will rapidly condense on the upper (cooler) sec- 
tions of the tube. These sections extend above the heat-transfer fluid or metal 
block. The sample can easily be recentrifuged to the bottom of the tube and a 
new determination of the boiling point begun. Note that if the bell cavity fills 
completely during the cooling point of a cycle, it is often difficult to reinitiate 
the bubble stream without first emptying the entire cavity by overrunning the 
boiling point. 

Observed boiling points for a series of compounds, which boil over a wide 
range of temperatures, are summarized in Table 4.1. 

Materials that are thermally stable at their boiling point will give identical 
values on repeat determinations. Substances that begin to decompose will 
give values that slowly drift after the first few measurements. The observation 
of color and/or viscosity changes, together with a variable boiling point, signal 
the need for caution in making extended repeat measurements. 

Comparison of the boiling points obtained experimentally at various 
atmospheric pressures with reference boiling points at 760 torr is greatly fa- 
cilitated by the use of pressure-temperature nomographs such as that 
shown in Figure 4.4. A straight line from the observed boiling point to the 
observed pressure will pass through the corrected boiling-point value. 
These values can be of practical importance when carrying out reduced 
pressure distillations. 








Table 4.1 Observed Boiling Points (°C) 

Compound Observed Literature Value Reference 
Methyl iodide 42.5 42-43 a 
Isopropyl alcohol 82.3 82.3 b 
2,2-Dimethoxypropane 80.0 83.0 c 
2-Heptanone 149-159 151.1 d 
Cumene 151-153 152.4 e 
Mesitylene 163 164.7 f 
p-Cymene 175-178 177.1 g 
Benzyl alcohol 203 205.3 h 
Diphenylmethane 263-265 265 1 
Note. (Observed values are uncorrected for changes in atmospheric pressure 
(corrections all estimated to be less than +0.5 °C.) 

Source. CRC Handbook of Chemistry and Physics, 89th ed.; CRC Press: Boca 
Raton, FL, 2008-2009: “no. 6307, p. 3-306; ’no. 9167, p. 3-442; ‘no. 3883, 

p. 3-190; “no. 5689; p. 3-274; °no. 6478, p. 3-314; /no. 10509, p. 3-540; 8no. 
6509, p. 3-316; “no. 780, p. 3-42; ‘no. 4498, p. 3-218. 
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Figure 4.4 Pressure-temperature nomograph. 


DENSITY 


Density, defined as mass per unit volume, is generally expressed as grams per 
milli-liter (g/mL) or grams per cubic centimeter (g/cm?) for liquids. Accurate 
nondestructive procedures have been developed for the measurement of this 
physical constant at the microscale level. A micropycnometer (density meter), 
developed by Clemo and McQuillen requires approximately 2 wL (Fig. 4.5).° 
This very accurate device gives the density to three significant figures. The 
system is self-filling, and the fine capillary ends do not need to be capped 
while temperature equilibrium is reached or during weighing (the measured 
values tend to degrade for substances boiling under 100 °C and when room 
temperatures rise much above 20 °C). In addition, the apparatus must first be 
tared, filled, and then reweighed on an analytical balance. A technique that 
results in less precise densities (good to about two significant figures), but 
which is far easier to use, is simply to substitute a 50- or 100-wL syringe for the 
pycnometer. The method simply requires weighing the syringe before and after 
filling it to a measured volume as in the conventional technique. With the vol- 4 am eine 
ume and the weight of the liquid known, the density can be calculated. A fur- — 
ther advantage of the syringe technique is that the pycnometer is not limited 
to a fixed volume. Although much larger samples are required, it is not incon- Figure 4.5 Pycnometer of Clemo 
venient to utilize the entire sample obtained in the reaction for this measurement, a aceite (tom ee : 
: ‘ a : ee . L. Monographien aus dem Gebiete 
since the material can be efficiently recovered from the syringe for additional g.- qualitativen Mikroanalyse, 


Qualitative Organic Microanalysis, 
ee Vol. Il; Benedetti-Pichler, A. A., Ed.; 
°Clemo, G. R.; McQuillen, A. J. Chem. Soc. 1935, 1220. Springer: Vienna, 1964.) 
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characterization studies. Because density changes with temperature, these 
measurements should be obtained at a constant temperature. 

An alternative to the syringe method is to use Drummond Disposable Mi- 
crocaps as pycnometers. These precision-bore capillary tubes, calibrated to 
contain the stated volume from end to end (accuracy +1%), are available from 
a number of supply houses.° These tubes are filled by capillary action or by 
suction using a vented rubber bulb (provided). The pipets can be obtained in 
various sizes, but as with the syringe, volumes of 50, 75, or 100 wL are recom- 
mended. When using this method, handle the micropipet with forceps and not 
with your fingers (it’s hot). The empty tube is first tared, and then filled and 
weighed again. The difference in these values is the weight of liquid in the 
pipet. For convenience, the pipet may be placed in a small container (10-mL 
beaker or Erlenmeyer flask) when the weighing procedure is carried out. 

Two inexpensive micropycnometers can also be easily prepared: The first can 
be made from a Pasteur pipet as reported by Singh et al.’ The volume of each in- 
dividual pycnometer can be varied from 20 to 100 wL, or larger if desired. Values 
to three significant figures are obtained using an analytical balance, because 
evaporation is generally negligible, and if the pycnometer mouth is small. 

The second pycnometer, by Pasto and co-workers, is made from a melting- 
point capillary tube.® In both of these techniques, the volume of the pycnome- 
ter must be determined. The procedure to determine the density involves the 
following steps. The empty micropycnometer is tared on an analytical balance, 
filled with the liquid in question, and reweighed (the difference in weights is 
the weight of the liquid). The sample is removed and the pycnometer is rinsed 
with acetone and dried. It is then filled with distilled water and reweighed. 
From the known’ density of water at the given temperature the volume of wa- 
ter can be determined and thus the volume of the pycnometer. The volume of 
the original liquid sample also equals this value. The weight and volume of the 
sample are used to calculate its density. 


SOLIDS 


Melting Points 


In general, the crystalline lattice forces holding organic solids together are dis- 
tributed over a relatively narrow energy range. The melting points of organic 
compounds, therefore, are usually relatively sharp, that is, less than 2 °C. The 
range and maximum temperature of the melting point, however, are very sen- 
sitive to impurities. Small amounts of sample contamination by soluble impu- 
rities nearly always will result in melting-point depressions. 

The drop in melting point is usually accompanied by an expansion of the 
melting-point range. Thus, in addition to the melting point acting as a useful 


°Drummond Disposable Microcaps are available from Thomas Scientific, P.O. Box 99, Swedes- 
boro, NJ 08085; and Sargent-Welch Scientific Co., aVWR company, P.O. Box 1026, Skokie, IL 
60097. 

’Singh, M. M.; Szafran, Z.; Pike, R. M. J. Chem. Educ. 1993, 70, A36; see also Ellefson-Kuehn, 
J., and Wilcox, C. J. J. Chem. Educ. 1994, 71, A150; and Singh, M. M.; Pike, R. M.; Szafran, 
Z. Microscale and Selected Macroscale Experiments for General and Advanced General Chemistry; 
Wiley: New York, 1995. 

8Pasto, D.; Johnson, C.; Miller, M. Experiments and Techniques in Organic Chemistry; Prentice- 
Hall: Englewood Cliffs, NJ, 1992. 

°Values for the density of water at various temperatures can be found in the CRC Handbook 
of Chemistry and Physics. 
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guide in identification, it also can be a particularly effective indication of 
sample purity. 


Procedure. In the microscale laboratory, two different types of melting-point 
determinations are carried out: (1) simple capillary melting points and 
(2) evacuated melting points. 


Simple Capillary Melting Point. Because the microscale laboratory utilizes 
the Thomas—Hoover Uni-Melt apparatus or a similar system for determining 
boiling points, melting points are conveniently obtained on the same apparatus. 
The Uni-Melt system utilizes an electrically heated and stirred silicone oil 
bath. The temperature readings require no correction in this case because the 
depth of immersion is held constant. (This assumes, of course, that the ther- 
mometer is calibrated to the operational immersion depth.) Melting points 
are determined in the same capillaries as boiling points. The capillary is loaded 
by introducing about 1 mg of material into the open end. The sample is then 
tightly packed (~2 mm) into the closed end by dropping the capillary down 
a length of glass tubing held vertically to the bench top. The melting-point 
tube is then ready for mounting on the metal stage, which is immersed in the 
silicone oil bath of the apparatus. If the melting point of the substance is 
expected to occur in a certain range, the temperature can be rapidly raised to 
~2 °C below the expected value. At that point, the temperature rise should be 
adjusted to a maximum of 2 °C/min, which is the standard rate of change at 
which the reference determinations are obtained. The melting-point range 
is recorded from the temperature at which the first drop of liquid forms 
(point e in Fig. 4.6) to that at which the last crystal melts (point m in Fig. 4.6). 


Evacuated Melting Points. Many organic compounds begin to decompose at 
their melting points. This decomposition often begins as the melting point is 
approached and may adversely affect the values measured. The decomposition 
can be invariably traced to reaction with oxygen at elevated temperatures. If 
the melting point is obtained in an evacuated tube, therefore, much more 
accurate melting points can be obtained. These more reliable values arise not 
only from increased sample stability, but because several repeat determinations 


Liquid solution of A + B 
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Figure 4.6 Melting point composition diagram for the binary mixture, A + B. In this 
diagram, a is the melting point of the solid A, b of solid B, e of eutectic mixture E, and m 
of the 80% A:20% B mixture, M. 
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can often be made on the same sample. The multiple measurements then may 
be averaged to provide more accurate data. 

Evacuated melting points are quickly and easily obtained with a little prac- 
tice. The procedure is as follows: Shorten the capillary portion of a Pasteur pipet 
to approximately the same length as a normal melting-point tube (Fig. 4.7a). 
Seal the capillary end by rotating in a microburner flame. Touch the pipet only 
to the very edge of the flame, and keep the large end at an angle below the end 
being sealed (Fig. 4.7b). This technique will prevent water from the flame be- 
ing carried into the tube, where it will condense in the cooler sections. Then 
load 1-2 mg of sample into the drawn section of the pipet with a microspatula 
(Fig. 4.7c). Tap the pipet gently to seat the solid powder as far down the capil- 
lary as it can be worked (Fig. 4.7d). Then push the majority of the sample part 
way down the capillary with the same diameter copper wire that you used to 
seat the cotton plug in constructing the Pasteur filter pipet (Fig. 4.7e). Next, 
connect the pipet with a piece of vacuum tubing to a mechanical high-vacuum 
pump. Turn on the vacuum and evacuate the pipet for 30 s (Fig. 4.7f). With a 
microburner, gently warm the surface of the capillary tubing just below the 
drawn section. On warming, the remaining fragments of the sample (the ma- 
jority of which has been forced farther down in the tube) will sublime in either 
direction away from the hot section. Once the traces of sample have been 
“chased” away, the heating is increased, and the capillary tube is collapsed, 
fused, and separated from the shank.The shank remains connected to the vac- 
uum system (Fig. 4.7g). The vacuum system is then vented and the shank is 
discarded. The sample is tightly packed into the initially sealed end of the 
evacuated capillary by dropping it down a section of glass tubing, as in the case 
of packing open melting-point samples. After the sample is packed (~2 mm in 
length, see Fig. 4.7h), a section of the evacuated capillary about 10-15 mm 
above the sample is once more gently heated and collapsed by the microburner 
flame (Fig. 4.77). 

This procedure is required to trap the sample below the surface of the 
heated silicone oil in the melting-point bath, and thus avoid sublimation up 
the tube to cooler sections during measurement of the melting point. The op- 
eration is a little tricky and should be practiced a few times. It is very important 
that the tubing completely fuse. Now the sample is ready to be placed in the 
melting-point apparatus. The procedure beyond this point is the same as in 
the open capillary case, except that after the sample melts, it can be cooled, al- 
lowed to crystallize, and remelted several times, and the average value of the 
range reported. If these values begin to drift downward, the sample can be 
considered to be decomposing even under evacuated, deoxygenated condi- 
tions. In this case the first value observed should be recorded as the melting 
point and decomposition noted (mp xx dec, where dec = decompose). 


Mixture Melting Point. Additional information can often be extracted from 
the sensitivity of the melting point to the presence of impurities. Where two 
different substances possess identical melting points (not uncommon), it 
would be impossible to identify an unknown sample as either material based 
on the melting point alone. If reference standards of the two compounds are 
available, however, then mixtures of the unknown and the two standards can 
be prepared. It is important to prepare several mixtures of varying concentra- 
tions for melting-point comparisons, since the point of maximum depression 
need not occur on the phase diagram at the 50:50 ratio (see Fig. 4.6). In sam- 
ples that do not exhibit any decomposition at the melting point, the prepared 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c04_045-054.qxd 10/29/09 8:48 AM Page 53 o 


rotate 


at (6) 


aoe to vacuum 


copper wire 


to to 
vacuum vacuum 


tamp to bottom drop down tubing 


{@) (A) 


Figure 4.7 Procedure for obtaining evacuated melting-point capillaries. 





1-2 mg of sample 


mixtures should be first heated until a homogeneous melt is obtained. Each 
is then cooled and ground to a fine powder, and the definitive melting point 
is obtained on the ground sample. The melting points of the unknown and 
the mixed samples should be obtained simultaneously (the Uni-Melt stage 
will accept up to seven capillaries at one time). This is desirable because all 
the samples will then be heated at the same rate. The unknown sample and 
the mixture of the unknown with the correct reference will have identical 
values, but the mixture of the reference with a different substance will give a 
depressed melting point. This procedure is the classical step to positive iden- 


tification of crystalline solids. 
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Another non-lethal energy weapon designed to help with crowd and riot control. 


Also known as the "heat ray" this system works by heating the target's surface on 


the same principles as a microwave oven. 








JWCL196_c04_045-054.qxd 10/29/09 8:48 AM Page 54 o 


54 CHAPTER 4 Determination of Physical Properties 


Mixtures of two different compounds only rarely fail to exhibit mixture 
melting-point depression, but it can happen. Some mixtures may not show a 
depression or show only a very small one, due to eutectic or compound forma- 
tion. Elevation of the melting point has also been observed. Therefore, if mix- 
ture melting-point data are used for identification purposes, comparison of 
other physical constants or spectroscopic data is advocated to establish iden- 
tity beyond any reasonable doubt. 


QUESTIONS 


4-1. 


4-2. 
4-3. 


Room temperature is recorded when a density determination for a given substance is performed in the laboratory. 
Why? 

Describe how you would determine the melting point of a substance that sublimes before it melts. 

You are presented with four vials, each containing a white crystalline solid. Two are unlabeled vials containing pure 
samples of trans-cinnamic acid and urea, respectively. The other two are labeled reference standards for each sample. 
Devise a method for the proper identification of the unlabeled vials, knowing that the literature melting point for 
both trans-cinnamic acid and urea is 132.5-133 °C. 


. In the microscale method of determining boiling points, one heats the liquid until a steady stream of bubbles is 


observed coming out of the bell. The temperature is then lowered and the boiling point is read just as the bubbles 
stop. Why is this technique preferable to measuring the boiling point when the bubbles first start to appear? 


. What would you expect the observed boiling point to be at 10 torr of a liquid which has a boiling point of 300 °C at 


760 torr? 
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MICROSCALE 
LABORATORY 
TECHNIQUES 


This chapter introduces the microscale organic laboratory techniques used 
throughout the experimental sections of the textbook. These must be mastered 
to be successful when working at this scale. Detailed discussions are given for 
each individual experimental technique. At the end of each discussion there is 
a list of the experiments in Chapters 6, 7 and 10W that use the technique. 
These lists should prove useful to instructors compiling experiments to be 
covered in the laboratory. The lists will also be handy for students who wish to 
examine the application of a particular technique to other experiments not 
covered in their laboratory sequence. 

As was the case with the fourth edition, a continued effort has been made to 
streamline the basic reference material from the text using our accompanying website 
(www.wiley. com/college/MOLS5). The icon at the right is used throughout the text to <{www 
indicate website material that will be of interest to the user. We hope this treatment 
of the laboratory will make the more important aspects of the basic text easier to ac- 
cess and will speed your laboratory work along. 

One of the principal hurdles in dealing with experimental chemistry is the 
isolation of pure materials. Characterization (identification) of a substance al- 
most always requires a pure sample of the material. This is a particularly diffi- 
cult demand of organic chemistry because most organic reactions generate 
several products. We are generally satisfied if the desired product is the major 
component of the mixture obtained. This chapter places a heavy emphasis on 
separation techniques. 





Gas Chromatography 


Technique 1 begins the discussion of the resolution (separation) of microliter 
quantities of liquid mixtures via preparative gas chromatography. Techniques 2 
and 3 deal with semimicro adaptations of classical distillation routines that focus 
on the separation of liquid mixtures involving one to several milliliters of material. 

Chromatography methods revolutionized experimental organic chemistry. 
These methods are by far the most powerful of the techniques for separating 
mixtures and isolating pure substances, either solids or liquids. Chromatography 
is the resolution (separation) of a multicomponent mixture (several hundred 
components in some cases) by distribution between two phases, one station- 
ary and one mobile. The various methods of chromatography are categorized 
by the phases involved: column, thin-layer, and paper (all solid—liquid chro- 
matography); partition (liquid-liquid chromatography); and vapor phase 


Chapter 5: C5H,, Propellane 
Wiberg and Walker (1982). 
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(gas-liquid chromatography, or simply gas chromatography). The principal 
mechanism these separations depend on is differential solubility, or adsorbtiv- 
ity, of the mixture components in the two phases involved. That is, the compo- 
nents must exhibit different partition coefficients (see also Technique 4 for a 
detailed discussion of partition coefficients). 

Gas chromatography (GC, sometimes called vapor-phase chromatography) 
is an extraordinarily powerful technique for separating mixtures of organic com- 
pounds.The stationary phase in GC is a high-boiling liquid and the mobile 
phase is a gas (the carrier gas). Gas chromatography can separate mixtures far 
better than distillation techniques can (see Technique 2 discussion). 

Preparative GC separations, which involve perhaps 5-100 wL of mate- 
rial, require relatively simple instrumentation but sacrifice resolution for the 
ability to separate larger amounts of material. 

Analytical GC separations require tiny amounts of material (often 0.1 wL 
of a very dilute solution), and can separate incredibly complex mixtures. The 
ability to work with small quantities of materials in analytical GC separations 
is an advantage at the microscale level. This analytical tool is used to analyze 
distillation fractions in Experiments [3C] and [3D]. 


GC Instrumentation 


GC instrumentation can range from straightforward and relatively simple sys- 
tems to systems with complex, highly automated, and relatively expensive 
components. A diagram of a common and simple GC typically used in an in- 
structional laboratory is shown in Figure 5.1. 


Injection Port The analysis begins in a heated injection port. The sam- 
ple mixture is introduced by syringe through a septum into the high-temper- 
ature chamber (injection port) through which the inert carrier gas (the mobile 
phase) is flowing. Helium and nitrogen are common carrier gases. The solu- 
bility of the sample in the carrier gas depends mostly on the vapor pressure 
of the substances in the sample. Heating the injection port helps to ensure the 
vaporization of less volatile samples. There are two major constraints on GC: 









Detector block || But ports 


Column A Column B 


t-4 | Injection port 


for column A Li for column 8 


Helium Metering valves 
tank tor colurnns A and B 





Figure 5.1 Block diagram of a dual-column gas chromatograph showing essential 
parts. (Courtesy of GOW-MAC Instrument Co., 277 Brodhead Rd., Bethlehem, PA 18017.) 
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The sample must be stable at the temperature required to cause vaporization, 
and the sample must have sufficient vapor pressure to be completely soluble 
in the carrier gas at the column operating temperatures. 


NOTE. When injecting a sample, always position your thumb or finger over the 
syringe plunger. This prevents a blow-back of the sample by the carrier gas pres- 
sure in the injection port. 


Column The vaporized mixture is swept by the carrier gas from the in- 
jection port onto the column. Bringing the sample mixture into intimate con- 
tact with the column begins the separation process. The stationary liquid phase 
in which the sample will partially dissolve is physically and/or chemically 
bonded to inert packing material (often called the support) in the column. 
Gas-chromatographic columns are available from manufacturers in a variety 
of sizes and shapes. In the diagram of the GOW-MAC instrument (Fig. 5.1), 
two parallel coiled columns are mounted in an oven. Considerable oven space 
can be saved and better temperature regulation achieved if the columns are 
coiled. Temperature regulation is particularly important, because column res- 
olution degrades rapidly if the entire column is not at the same temperature. 
Most liquid mixtures need a column heated above ambient temperatures to 
achieve the vapor pressure the separation requires. 

The mixture is separated as the carrier gas sweeps the sample through the 
column. Columns are usually made from stainless steel, glass, or fused silica. 
The diameter and length of the column are critical factors in separating the 
sample mixture. 


Packed Columns. In packed columns the liquid (stationary) phase in con- 
tact with the sample contained in the mobile gas phase is maximized by coat- 
ing a finely divided inert support with the nonvolatile liquid. The coated sup- 
port is carefully packed into the column so as not to develop empty spaces. 
Packed columns are usually } or 3 inch in diameter and range from 4 to 12 
feet in length. These columns are particularly useful in the microscale labo- 
ratory, since they can be used for both analytical and preparative GC. Simple 
mixtures of 20-80 wL of material can often be separated into their pure com- 
ponents and collected at the exit port of the detector. Smaller samples (0.2-2.0 
wL range) will exhibit better separation. 


Capillary Columns. Capillary columns have no packing; the liquid phase is 
simply applied directly to the walls of the column. These columns are referred 
to as wall-coated, open-tubular (WCOT) columns. The reduction in surface 
area (compared to packed columns) is compensated for by tiny column di- 
ameters (perhaps 0.1 mm) and impressive lengths (100 m is not uncommon). 
Capillary columns are the most powerful columns used for analytical separa- 
tions. Mixtures of several hundred compounds can be completely resolved on 
a capillary GC column. These columns require a more sophisticated and 
expensive chromatography instrument. Capillary columns, because of their 
tiny diameters, can accommodate only very small samples, perhaps 0.1 wL 
or less of a dilute solution. Capillary columns cannot be used for preparative 
separations. 


Liquid Phase Once the sample is introduced on the column (in the carrier 
gas), it will undergo partition into the liquid phase. The choice of the liquid 
phase is particularly important because it directly affects the relative distribu- 
tion coefficients. 
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In general, the stationary liquid phase controls the partitioning of the sample 
by two criteria. First, if little or no interaction occurs between the sample com- 
ponents and the stationary phase, the boiling point of the materials will deter- 
mine the order of elution. Under these conditions, the highest boiling species 
will be the last to elute. Second, the functional groups of the components may 
interact directly with the stationary phase to establish different partition coef- 
ficients. Elution then depends on the particular binding properties of the sample 
components. 

Some typical materials used as stationary phases are shown below. 











Maximum 
Name Stationary Phase Temperature (°C) Mechanism of Interaction 
Silicone oil DC710, etc. R3Si[OSiR»],OSIR3 250 According to boiling point 
Polyethylene glycol (Carbowax) HO[CH2CH2O],,CH2CH2OH 150 Relatively selective toward polar 
components 
Diisodecyl phthalate o-C,.Hy[CO>-isodecyl] 5 175 According to boiling point 











Oven Temperature The temperature of the column will also affect the 
separation. In general, the elution time of a sample will decrease as the tem- 
perature is increased. That is, retention times are shorter at higher tempera- 
tures. Higher boiling components tend to undergo diffusion broadening at low 
column temperatures because of the increase in retention times. If the oven 
temperature is too high, however, equilibrium partitioning of the sample with 
the stationary phase will not be established. Then the components of the mix- 
ture may elute together or be incompletely separated. Programmed oven tem- 
perature increases can speed up elution of the higher boiling components, but 
suppress peak broadening and therefore increase resolution. Temperature- 
programming capabilities require more sophisticated ovens and controllers. 


Flow Rate The flow rate of the carrier gas is another important param- 
eter. The rate must be slow enough to allow equilibration between the phases, 
but fast enough to ensure that diffusion will not defeat the separation of the 
components. 


Column Length As noted, column length is an important factor in sepa- 
ration performance. As in distillations, column efficiency is directly proportional 
to column height, which determines the number of evaporation—condensation 
cycles. In a similar manner, increasing the length of a GC column allows 
more partition cycles to occur. Difficult-to-separate mixtures, such as the 
xylenes (very similar boiling points: o-xylene, 144.4 °C; m-xylene, 139.1 °C; and 
p-xylene, 138.3 °C), have a better chance of being separated on longer columns. 
In fact, both GC and distillation resolution data are described using the same 
term, theoretical plates (see Technique 2 and Experiments [3C] and [3D]). 


Detector and Exit Port A successfully separated mixture will elute as 
its individual components at the instrument's exit port (also temperature con- 
trolled). To monitor the exiting vapors, a detector is placed in the gas stream 
just before the exit port (Fig. 5.1). After passing through the detector, the car- 
rier gas and the separated sample components are then vented. 

One widely used detector is the nondestructive, thermal conductivity detec- 
tor, sometimes called a hot-wire detector. A heated wire in the gas stream 
changes its electrical resistance when a substance dilutes the carrier gas and thus 
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Figure 5.2 Schematic chromatogram. 


changes its thermal conductivity. Helium has a higher thermal conductivity than 
most organic substances. When substances other than helium are present, the 
conductivity of the gas stream changes, which changes the resistance of the heated 
wire. The change in resistance is measured by comparing it to a reference detec- 
tor mounted in a second (parallel) gas stream (Wheatstone bridge). The result- 
ing electrical signal is plotted on a chart recorder, where the horizontal axis is 
time and the vertical axis is the magnitude of the resistance difference. The plot 
of resistance difference versus time is referred to as the gas chromatogram. The 
retention time (tp) is defined as the time from sample injection to the time of 
maximum peak intensity. The baseline width (W,,) of a peak is defined as the 
distance between two points where tangents to the points of inflection cross the 
baseline (Fig. 5.2). 

Capillary GC systems, and other GC systems used only for analytical sep- 
arations, often use a flame-ionization detector (FID). In a flame-ionization 
detector, the gas eluting from the GC column is mixed with air (or oxygen) 
and hydrogen, and burned. The conductivity of the resulting flame is meas- 
ured; it changes with the ionic content of the flame, which is proportional to 
the amount of carbon (from organic material) in the flame. The advantage of 
an FID is its high sensitivity; amounts of less than a microgram are easily de- 
tected. Its disadvantage is that it destroys (burns) the material it detects. 


Theoretical Plates It is possible to estimate the number of theoretical 
plates (directly related to the number of distribution cycles) present in a col- 
umn for a particular substance. The parameters are given in the relationship’ 


wii) 
aoa 
Wi 


where the units of retention time (tg) and baseline width (W,) are identical 
(minutes, seconds, or centimeters). As in distillation columns, the larger the 
number of theoretical plates, n, the higher the resolution of the column and the 
better the separation. 


"Berg, E. W. Physical and Chemical Methods of Separation; McGraw-Hill: New York, 1963, p. 111. 
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Figure 5.3. Gas chromatographic 


collection tube and 0.1-mL conical vial. 





Cotton packing 


The efficiency of a system may be expressed as the height-equivalent theo- 
retical plate (HETP) in centimeters (or inches) per plate. The HETP is related to 
the number of theoretical plates n by 


HEPT = : 
n 
where L is the length of the column, usually reported in centimeters. The 
smaller the HETP, the more efficient the column. 

The number of theoretical plates available in fractional distillation 
columns is limited by column holdup (see Techniques 2, 3, and website discus- 
sion of distillation theory). Thus, distillations of less than 500 wL are generally 
not practical. Gas-chromatographic columns, on the other hand, operate most 
efficiently at the microscale or submicroscale levels, where 500 wL would be an 
order of magnitude (even 3-8 orders of magnitude in the case of capillary 
columns) too large. 


Fraction Collection Sequential collection of separated materials can 
be made by attaching suitable sample condensing tubes to the exit port 
(see Fig. 3.6). 


Procedure for Preparative Collection. The collection tube (oven dried 
until 5 min before use) is attached to the heated exit port by the metal 5/5 $ 
joint. Sample collection is begun 30 s before detection of the expected peak 
on the recorder (based on previously determined retention values; refer to 
your local laboratory instructions) and continued until 30 s after the recorder’s 
return to baseline. After the collection tube is detached, the sample can be 
analyzed directly when collected into a GC NMR collection tube* or trans- 
ferred to the 0.1-mL conical GC collection vial. After the collection tube is 
joined to the vial (preweighed with cap) by the 5/5 $ joints, the system is cen- 
trifuged to force the sample down into the vial (Fig. 5.3). The collection tube 
is then removed, and the vial is capped and reweighed. 

The efficiency of collection can exceed 90% with most materials, even 
with relatively low-boiling substances. In the latter case, the collection tube, 
after attachment to the instrument, is wrapped with a paper tissue. As the 
(oven-dried) tube is being wrapped, it is also being flushed by the carrier 
gas, which removes any traces of water condensation. The wrapping is then 
saturated with liquid nitrogen to cool the collection tube. 

Preparative GC in the microscale laboratory often replaces the 
macroscale purification technique of fractional distillation. Distillation is im- 
practical with less than 500 wL of liquid. 


*Bressette, A. R. J. Chem. Educ. 2001, 78, 366. 
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Refer to Experiment [2] for specific experimental details on preparative GC 


applied to the separation of a number of binary (two-component) mixtures. 
These are designed as practice examples to give you experience with sample 
collection. 


5-1. 
5-2. 


5-5. 


QUESTIONS 


What is the main barrier to separating liquid mixtures of less than 500 wL by distillation? 

A sample mixture of ethyl benzoate (bp 212 °C) and dodecane (bp 216.2 °C) is injected on two GC columns. 
Column A has DC710 silicone oil as the stationary phase, and column B uses polyethylene glycol as the stationary 
phase. Which substance would be certain to elute first from column A and would the same material be expected to 
elute first from column B? Which column, A or B, would be expected to give the better separation of these two sub- 
stances? 

Question 5-2 refers to separating a mixture of two high boiling liquids by gas chromatography. These materials have 
similar boiling points. List several GC variables and conditions that would make it easier to separate these 
substances by gas chromatography. 

Capillary GC columns have better resolution than packed columns even though the enormous surface area provided 
by the packing material is absent in capillary columns. Why? 


Preparative GC requires packed columns. Why is this technique limited to these lower resolution columns? 


NOTE. Gas chromatographic purification of reaction products is suggested in the 
following experiments: Experiments [2], [3C], [3D], [5A], [5B], [8C], [9], [10], [13], 
[17], and [32]. 


Simple Distillation 


Distillation is the process of heating a liquid to the boiling point, condensing 
the heated vapor by cooling, and returning either a portion of, or none of, the 
condensed vapors to the distillation vessel. Distillation differs from reflux 
(see p. 23) only in that at least some of the condensate is removed from the 
boiling system. Distillations in which a fraction of the condensed vapors are 
returned to the boiling system are often referred to as being under “partial 
reflux.” Two types of distillations will be described. Students are encouraged 
to refer to and study the more detailed discussion of distillation theory. The 
website also has a detailed discussion of the theory of steam distillation, «{www 
which is used in Experiments [11C] and [32]. There are times when ordinary 
distillation may not be feasible for the separation of a liquid from dissolved 
impurities. The compound of interest may boil at a high temperature that is 
difficult to control with a simple apparatus, or it may tend to decompose or 
oxidize at high temperatures. If the compound is only sparingly soluble in 
water and any small amount of water can be removed with a drying agent, 
steam distillation may be the technique of choice. Compounds that are im- 
miscible in water have very large positive deviations from Raoult’s law. 
Therefore, the boiling temperature is generally lower than that of water and 
the compound. 


Simple distillation involves the use of the distillation process to separate a 


liquid from minor components that are nonvolatile, or that have boiling points 
at least 30-40 °C above that of the major component. A typical setup for a 
macroscale distillation of this type is shown in Figure 5.4. At the microscale 
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Distilling flask 


Receiving flask 


| Heat source | | ice bath | 


Figure 5.4 A complete simple distillation setup. (From Zubrick, J. W. The Organic Chem 
Lab Survival Manual, 7th ed.; Wiley: New York, 2008. Reprinted by permission of John Wiley 
& Sons, Inc., New York.) 


level, working with volumes smaller than 500 wL, GC techniques (see Tech- 
nique 1) have replaced conventional microdistillation processes.* Semimi- 
croscale simple distillation is an effective separation technique for volumes in 
the range of 0.5-2 mL. Apparatus that achieve effective separation of mixture 
samples in this range have been developed. One of the most significant of 
these designs is the classic Hickman still, shown in Figure 5.5. This still is used 
in several ways in the experiments described in Chapters 6, 7, and 10W for 
purifying solvents, carrying out reactions, and concentrating solutions. Exper- 
iment [3] introduces the use of the Hickman still. 

In a distillation where liquid is to be separated from a nonvolatile solute, 
the vapor pressure of the liquid is lowered by the presence of the solute, but 
the vapor phase consists of only one component. Thus, except for the inciden- 
tal transfer of non-volatile material by splashing, the material condensed 
should consist only of the volatile component (see Experiment [3A]). 

We can understand what is going on in a simple distillation of two volatile 
components by referring to the phase diagrams shown in Figures 5.6 and 5.7. 
Figure 5.6 is the phase diagram for hexane and toluene. The boiling points of 
these liquids are separated by 42 °C. Figure 5.7 is the phase diagram for methyl- 
cyclohexane and toluene. Here the boiling points are separated by only 9.7 °C. 

Imagine a simple distillation of the hexane-toluene pair in which the liquid 
in the pot is 50% hexane. In Figure 5.6, when the liquid reaches 80.8 °C it will be 
in equilibrium with vapor having a composition of 77% hexane. This result is in- 
dicated by the line A-B. If this vapor is condensed to a liquid of the same compo- 
sition, as shown by line B—C, we will have achieved a significant enrichment of 
the condensate with respect to hexane. This change in composition is referred to 


°Schneider, F. L. In Monographien aus dem Gebiete der qualitativen Mikroanalyse, Vol. Il: Quali- 
tative Organic Microanalysis; Benedetti-Pichler, A. A., Ed.; Springer-Verlag: Vienna, 1964; p. 31. 
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— a Figure 5.6 Temperature as a function of liquid 
Figure 5.5 Hickman still (14/10 $ with conical composition (X) and vapor composition (Y): 
vial [3 mL]). hexane and toluene. 


as a simple distillation. The process of evaporation and condensation is achieved 
by the theoretical construct known as a theoretical plate. When this distillation is 
actually done with a Hickman still, some of the mixture will go through one 
evaporation and condensation cycle, some will go through two of these cycles, 
and some may be splashed more directly into the collar. A resolution (separation) 
of between one and two theoretical plates is generally obtained. 

Referring to Figure 5.7, if we consider the same process for a 50% mixture 
of methylcyclohexane and toluene, the methylcyclohexane composition will 
increase to 58% for a distillation with one theoretical plate. Simple distillation 
may thus provide adequate enrichment of the MVC (more volatile con- 
stituent) if the boiling points of the two liquids are reasonably well separated, 
as they are for hexane and toluene. If the boiling points are close together, as 
they are for methylcyclohexane and toluene, the simple distillation will not 
provide much enrichment. 

As we continue the distillation process and remove some of the MVC by 
condensing it, the residue in the heated flask becomes less rich in the MVC. 
This means that the next few drops of condensate will be less rich in the MVC. 
As the distillation is continued, the condensate becomes less and less rich in 
the MVC. 


n2 
S 108 
& 104 
Figure 5.7 Temperature as a 
function of liquid composition (X) 


and vapor composition (Y): 
Q.2 o4 0.6 0.8 10 methylcyclohexane and toluene. 


100 





—p— CONFIRMING PAGES «eg aptara 


Hypersonic Missiles 


1/3 US AIR FORCE, VIA WIKIMEDIA COMMONS 





Since the 1990s, the American Air Force Research Laboratory has been involved 
in the design, development and testing of a hypersonic propulsion system with a 
view to creating a missile capable of Mach 6 (4,000mph). The result is the Boeing 
X-51 Waverider, an unmanned scramjet aircraft designed to be launched from a 


B-52 bomber or F-35 fighter. 


JWCL196_c05_055-114.qxd 


11/16/09 


7:28 PM Page 64 an 


64 CHAPTERS Microscale Laboratory Techniques 


QUESTIONS 


5-6. What is the major drawback of trying to distill a 500-wL mixture of liquids, all with boiling points below 


200 °C? 


We can improve on simple distillation by repeating the process. For exam- 
ple, we could collect the condensate until about one-third is obtained. Then we 
could collect a second one-third aliquot in a separate container. Our original 
mixture would then be separated into three fractions. The first third would be 
richest in the MVC and the final third (the fraction remaining in the distillation 
pot) would be the richest in the least volatile component. If the MVC were the 
compound of interest, we could re-distill the first fraction collected (from a 
clean flask!) and collect the first third of the material condensing in that 
process. This simplest of all fractional distillation strategies is used in Experi- 
ment [3B]. 


5-7. How might you separate the mixture discussed in question 5-6 if distillation were unsuccessful? Explain your 


choice. 


5-8. If starting with an equal mixture of hexane and toluene, approximate the composition of hexane if the vapor at 
94 °C is condensed to a liquid using the data presented in Figure 5.6. 

5-9. Why do simple distillations require that the components of the mixture to be separated have boiling points 
that are separated by 40 °C or more? 


5-10. Which constituent of an equimolar mixture makes the larger contribution to the vapor pressure of the mixture, 
the higher or lower boiling component? Explain. 


NOTE. The following experiments use Technique 2: Experiments [3A], [3B], [11Cl, 
[29], and [32]. 
[oAgdel. 


Fractional Distillation 


Fractional distillation can occur in a distillation system containing more than 
one theoretical plate. This process must be used when the boiling points of the 
components differ by less than 30-40 °C and fairly complete separation is de- 
sired. A fractionating column is needed to accomplish this separation. As dis- 
cussed previously, a liquid— vapor composition curve (Fig. 5.8) shows that the 
lower boiling component of a binary mixture makes a larger contribution to 
the vapor composition than does the higher boiling component. On conden- 
sation, the liquid formed will be richer in the lower boiling component. This 
condensate will not be pure, however, and, in the case of components with 
close boiling points, it may be only slightly enriched. If the condensate is va- 
porized a second time, the vapor in equilibrium with this liquid will show a 
further enrichment in the lower boiling component. The trick to separating 
liquids with similar boiling points is to repeat the vaporization—condensation 
cycle many times. Each cycle is one theoretical plate. Several column designs, 
which achieve varying numbers of theoretical plates, are available for use at 
the macro level (Fig. 5.9). 

Most distillation columns are designed so that fractionation efficiency is 
achieved by the very large surface area in contact with the vapor phase (and 
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Vapor 
composition 


composition 
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0% A 040 0.80 100% A 
meee Mole fraction A= «8% BS Figure 5.8 Liquid—vapor 
~t—— Moaie fraction B composition curve. 


very similar to the way increased resolution is obtained on a GC column (see 
Technique 1). This increased surface area can be accomplished by packing the 
fractionating column with wire gauze or glass beads. Unfortunately, a large 
volume of liquid must be distributed over the column surface in equilibrium 
with the vapor. Furthermore, the longer the column the more efficient it be- 
comes (see Technique 1), but longer columns also require additional liquid 
phase. The amount of liquid phase required to fill the column with a liquid— 
vapor equilibrium is called column holdup. Column holdup is essentially lost 
from the distillation because this volume can never go past the top of the dis- 
tillation column; it can only return to the distillation pot upon cooling. Col- 
umn holdup can be large compared to the total volume of material available Figure 5.9 A fractional distilla- 
for the distillation. With mixtures of less than 2 mL, column holdup precludes tion setup. (From Zubrick, J.W. The 
the use of the most common fractionation columns. Columns with rapidly Organic Chem Lab Survival Manual, 
spinning bands of metal gauze or Teflon have very low column holdup and_ 7th ed.; Wiley: New York, 2008. 


: . : : : Reprinted with permission of John 
have a large number of theoretical plates relative to their height (Fig. 5.10). Wiley & Sone Ine New Yank) 





Glass projections to 
hold up packing 
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Figure 5.10 Schematic of a metal-mesh, 
spinning-band still. 
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Figure 5.11 Microspinning band distillation 


column (3 in.). 








Figure 5.12 Hickman still with thermometer 
adapter. 


Microscale spinning-band distillation apparatus (Fig. 5.11) can achieve 
nearly 12 theoretical plates and are simple enough to be used in the instruc- 
tional laboratory. This still has a Teflon band that fits closely inside an insu- 
lated glass tube. The Teflon band has spiral grooves which, when the band is 
spun (1000-1500 rpm), rapidly return condensed vapor to the distillation pot. 
A powerful extension of this apparatus uses a short spinning band inside 
a modified Hickman still head (see Fig. 3.15). These stills are called 
Hickman—Hinkle stills; 4-cm Hickman—Hinkle columns can have more than 
10 theoretical plates. The commercially available 2.5-cm version is rated at 6 
theoretical plates. Experiments [3C] and [3D] involve fractional distillation 
with spinning-band columns. 

The thermometer is positioned directly down the center of the distilla- 
tion column, with the bulb just at the bottom of the well. It is very important 
to position both the still and the thermometer as vertically as possible; the 
thermometer must not touch the glass walls of the column (Fig. 5.12). Exper- 
iment [3B] uses the Hickman still for fractional distillation. A two-theoretical- 
plate distillation is obtained with this system on a two-component mixture 
by carrying out two sequential fractional distillations. 

For a more detailed discussion of how spinning bands work, see the dis- 
cussion of distillation. 
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QUESTIONS 


5-11. Why is it very important that the hot vapor in microscale distillations climb the column very slowly? 

5-12. Why might Teflon be the material of choice for constructing microscale spinning bands? 

5-13. The spinning band overcomes two major problems of microscale distillations by wiping the liquid condensate 
rapidly from the column walls. What are these problems? 

5-14. Why are spinning bands so effective at increasing the number of theoretical plates in distillation columns? 

5-15. Why is steam distillation often used to isolate and purify naturally occurring plant substances? 


NOTE. The following experiments use Technique 3: Experiments [3C] and [3D]. 


Solvent Extraction 


Solvent extraction is frequently used in the organic laboratory to separate or 
isolate a desired compound from a mixture or from impurities. Solvent ex- 
traction methods are readily adapted to microscale work because small quan- 
tities are easily manipulated in solution. Solvent extraction methods are 
based on the solubility characteristics of organic substances in the solvents 
used in a particular separation procedure. Liquid—liquid and solid—liquid ex- 
tractions are the two major types of extractions used in the organic laboratory. 


Intermolecular Properties: Solubility 


Substances vary greatly in their solubility in various solvents, but a useful and 
generally true principle is that a substance tends to dissolve in a solvent that is 
chemically similar to itself. In other words, like dissolves like. The significant ex- 
ceptions to this general statement are seen when solubilities are determined 
by acid-base properties. 

Thus, to be soluble in water a compound needs to have some of the mo- 
lecular characteristics of water. Alcohols, for example, have a hydroxyl group 
(—OH) bonded to a hydrocarbon chain or framework (R—OH). The hydroxyl 
group can be thought of as effectively half a water (H2O) molecule; its polar- 
ity is similar to that of water. This polarity is due to the charge separation aris- 
ing from the different electronegativities of the hydrogen and oxygen atoms. 
The O—H bond, therefore, is considered to have partial ionic character. 

8” bt 
—O—H 
Partial ionic character of the hydroxyl group 


This polar, or partial ionic, character leads to relatively strong hydrogen 
bond formation between molecules with hydroxyl groups. Strong hydrogen 
bonding (shown here for the ethanol-water system) occurs in molecules that 
have a hydrogen atom attached to an oxygen, nitrogen, or fluorine atom—all 
three are quite electronegative atoms. 


at st 
ee abe al oe a as 
a ae H~ = & “H~ ~CH,—CH, 
Ethanol Hydrogen bond formation 
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Table 5.1 Comparison of Boiling Point Data 
Name Formula MW _ bp (°C) 
Ethanol CH3CH,OH 46 78.3 
Propane CH3CH»CH3 44 —42.2 
Methyl acetate = CH;CO.CH3; 74 54 
Diethyl ether (CH3CH>).O 74 34.6 
Ethene CH»=CH> 28 —102 
Methylamine CH3NH> cal —6 





The hydroxyl end of the ethanol molecule is very similar to water. When 
ethanol is added to water, therefore, they are miscible in all proportions. That 
is, ethanol is completely soluble in water and water is completely soluble in 
ethanol. This degree of solubility occurs because the attractive forces between 
the two molecules are nearly as strong as those between two water molecules; 
however, the attraction in the first case is somewhat weakened by the presence 
of the nonpolar ethyl group, CH3;CH,—. Hydrocarbon groups attract each 
other only weakly, as demonstrated by their low melting and boiling points. 
Three examples of the contrast in boiling points between compounds of differ- 
ent structure, but similar molecular weight, are summarized in Table 5.1. 
Molecules that attract each other weakly (lower intermolecular forces) have 
lower boiling points. 

Ethanol is completely miscible with water, but the solubility of octanol in 
water is less than 1%. Why the difference in solubilities between these two al- 
cohols? The dominant structural feature of ethanol is its polar hydroxyl group; 
the dominant structural feature of octanol is its nonpolar alkyl group: 








CH,— CH; —0O—CHj—CH, 


Octanol Diethyl] ether 


As the size of the hydrocarbon section of the alcohol molecule in- 
creases, the intermolecular attraction between the polar hydroxyl groups of 
the alcohol and the water molecules is no longer strong enough to over- 
come the hydrophobic (lacking attraction to HO) nature of the nonpolar 
hydrocarbon section of the alcohol. On the other hand, octanol has a large 
nonpolar hydrocarbon group as its dominant structural feature. We might, 
therefore, expect octanol to be more soluble in less polar solvents, and, in 
fact, octanol is completely miscible with diethyl ether. Ethers are weakly po- 
lar solvents because a C—O bond is much less polar than an O—H bond 
(carbon is less electronegative than oxygen). Because both octanol and di- 
ethyl ether are rather nonpolar, each is completely soluble in the other. For 
compounds with both polar and nonpolar groups, in general, those com- 
pounds with five or more carbon atoms in the hydrocarbon portion of the 
molecule will be more soluble in nonpolar solvents, such as pentane, di- 
ethyl ether, or methylene chloride. Figure 5.13 summarizes the solubilities 
of a number of straight-chain alcohols, carboxylic acids, and hydrocarbons 
in water. As expected, most monofunctional compounds with more than 
five carbon atoms have solubilities similar to the hydrocarbons. 

Several additional relationships between solubility and structure have 
been observed. 
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20 Carboxytic acids Figure 5.13 Solubility curve of acids, 
alcohols, and hydrocarbons. (From 
Kamm, O. Qualitative Organic Analysis, 
2nd ed.; Wiley: New York, 1932. Reprinted 
Pp 2 3 4 5 6 7 8 — with permission of John Wiley & Sons, 


Number of carbon atoms New York.) 


Percent solubility in water 


10 Hydrocarbons 






1. Branched-chain compounds have greater water solubility than their 
straight-chain counterparts, as illustrated in Table 5.2 with a series of alcohols. 


2. The presence of more than one polar group in a compound will 
increase that compound’s solubility in water and decrease its solubility in 
nonpolar solvents. For example, sugars, such as cellobiose, contain multiple 
hydroxyl and/or acetal groups and are water soluble and ether insoluble. 
Cholesterol, which has only a single hydroxyl group on its 27 carbon atoms, 
is insoluble in water and quite soluble in ether. 





Cellobiose 














Table 5.2 Water Solubility of Alcohols 

Name Structural Formula Solubility (g/100 g H,O at 20 °C) 
Hexanol CH3(CH,),CH,OH 0.6 

Pentanol CH3(CH>)3CH,OH 2.2 

2-Pentanol CHa (CH>)>CH(OH)CHs 4.3 
2-Methyl-2-butanol (CH3)»C(OH)CH»CH; 11.0 
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Table 5.3 Water Solubility of Amines 

Name Structural Formula Solubility (g/100 g H,O at 25 °C) 
Ethylamine CH3CH»NH> 00 

Diethylamine (CH3CH>)2NH 00 

Trimethylamine (CH3)3N 91 

Triethylamine (CH3CH>)3N 14 

Aniline Cs.Hs—NH2 3:7 
1,4-Diaminobenzene H»N—C,H,—NH> 3.8 





3. The presence of a chlorine atom, even though it lends some partial 
ionic character to the mostly covalent C—Cl bond, does not normally impart 
water solubility to a compound. In fact, compounds such as methylene chlo- 
ride (CH,Cl,), chloroform (CHCI;), and carbon tetrachloride (CCl,) have 
long been used as solvents for extracting aqueous solutions. The latter two 
solvents are not often used nowadays, unless strict safety precautions are 
exercised, because they are potentially carcinogenic. 

4. Most functional groups capable of forming a hydrogen bond with 
water increased the water solubility of a substance. For example, smaller alkyl 
amines have significant water solubility; the water-solubility data for a series 
of amines are summarized in Table 5.3. 


The solubility characteristics of any given compound govern its distribu- 
tion (partition) between the phases of two immiscible solvents (in which the 
material has been dissolved) when these phases are intimately mixed. 


PARTITION (OR DISTRIBUTION) COEFFICIENT 


A given substance X is partially soluble in each of two immiscible solvents. If 
X is placed in a mixture of these two solvents and shaken, an equilibrium will 
be established between the two phases. That is, substance X will partition (dis- 
tribute) itself in a manner that is a function of its relative solubility in the two 
solvents: 


——" 
Kecesbucteit 1% Sapiverit 2 


The equilibrium constant, K,, for this equilibrium expression is known as 
the partition or distribution coefficient: 


Le ven 
, = erenal 
| Xsotvent 1] 


The equilibrium constant is thus the ratio of the concentrations of the 
species, X, in each solvent for a given system at a given temperature. The 
partition coefficient can be conveniently estimated as the ratio of the solu- 
bility of X in solvent 1 vs. solvent 2: 


__ solubility of X in solvent 2 
P solubility of X in solvent 1 





When solvent 1 is water and solvent 2 is an organic solvent such as diethyl 
ether, the basic equation used to express the coefficient K, is 


—p— CONFIRMING PAGES 


aq aptara 


EQA 


JWCL196_c05_055-114.qxd 11/16/09 1:57 PM Page 71 
EQA 


TECHNIQUE 4 Solvent Extraction 71 


(g/100 mL) organic layer 
a (g/100 ML) eater layer 


This expression uses grams per 100 mL for the concentration units. Note 
that the partition coefficient is dimensionless, so any concentration units may 
be used if the units are the same for both phases. For example, grams per liter 
(g/L), parts per million (ppm), and molarity (M) can all be used. If equal vol- 
umes of both solvents are used, the equation reduces to the ratio of the 
weights (Zorganic/Swater) Of the given species in the two solvents: 





K, _ Sorganic layer 
Swater layer 

Determination of the partition coefficient for a particular compound in 
various immiscible-solvent combinations often can give valuable information 
for isolating and purifying the compound by using extraction techniques. 
Thus, liquid-liquid extraction is a common separation technique used in or- 
ganic as well as analytical laboratories. 

Table 5.4 provides some examples of K, values determined at room tem- 
perature for a number of compounds in the water—methylene chloride system. 

Let us now look at a typical calculation for the extraction of an organic 
compound P from an aqueous solution using diethyl ether. We will assume 
that the Ky cther/water Value (partition coefficient of P between diethyl ether and 
water) is 3.5 at 20 °C. Ifa solution of 100 mg of P in 300 wL of water is extracted 
at 20 °C with 300 wL of diethyl ether, the following expression holds: 


. Co. Wy/300 pL 
p ether/water Cc. W,,,/300 pL 





where 
W.. = weight of P in the ether layer 
W. = weight of P in the water layer 
C. = concentration of P in the ether layer 
Cy = concentration of P in the water layers 


Since W,, = 100 — W.,, the preceding relationship can be written as 
W,/300 wL _ 
(100 — W,)/300 wL 
If we solve for the value of W., we obtain 77.8 mg; the value for W,, is 
22.2 mg. Thus, we see that after one extraction with 300 wL of ether, 77.8 mg 
of P (77.8% of the total) is removed by the ether and 22.2 mg (22.2% of the 
total) remains in the water layer. Is it preferable to make a single extraction 


with the total quantity of solvent available, or to make multiple extractions 
with portions of the solvent? The second method is usually more efficient. 


K, ether/water 





30 





Table 5.4 Representative K, Values in 
CH2Cl2-—H20 


Compound K, Value 








Nitrobenzene 515 
Aniline 3.3 
1,2-Dihydroxybenzene 0.2 











—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c05_055-114.qxd 


11/16/09 


1:57 PM Page 72 o 


72 CHAPTERS Microscale Laboratory Techniques 


To illustrate, consider extracting the 100 mg of P in 300 wL of water with two 
150-wL portions of diethyl ether instead of one 300-wL portion. 
For the first 150-wL extraction, 


W./150 pL — —- W./150 pL 
W,,/300 pL (100 — W.)/300 pL 


Solving for W., we obtain 63.6 mg. The amount of P remaining in the wa- 
ter layer (W,,) is then 36.4 mg. The aqueous solution is now extracted with the 
second portion of ether (150 wL). We then have 


W./150 pL | 
(36.4 — W.)/300 pL 


As before, by solving for W,, we obtain 23.2 mg for the amount of P in the 
ether layer; W,, = 13.2 mg in the water layer. 

The two extractions, each with 150 wL of ether, removed a total of 63.6 
mg + 23.2 mg = 86.8 mg of P (86.8% of the total). The P left in the water layer is 
then 100 — 86.8, or 13.2 mg (13.2% of the total). 

It can be seen from these calculations that the multiple-extraction tech- 
nique is more efficient. The single extraction removed 77.8% of P; the dou- 
ble extraction (with the same total volume of ether) increased this to 86.8%. 
To extend this relationship, three extractions with one-third the total quan- 
tity of ether in each portion would be even more efficient. You might wish to 
calculate this to prove the point. Of course, there is a practical limit to the 
number of extractions that can be performed. 

The multiple-extraction example shown here illustrates that several ex- 
tractions with small volumes is more efficient than a single extraction proce- 
dure. This is always true provided the partition coefficient is neither very large 
nor very small. If the partition coefficient K, for a substance between two sol- 
vents is very large (K, > 100) or very small (K, < 0.01), multiple extractions 
(using the same total amount of solvent) do not significantly increase the effi- 
ciency of the extraction process.* 








3.5 


Extraction 


Liquid-Liquid Extraction. The more common type of extraction, 
liquid-liquid extraction, is used extensively. It is a very powerful method for 
separating and isolating materials at the microscale level. It is operationally 
not a simple process, so attention to detail is critical. 

There are several important criteria to consider when choosing a solvent 
for the extraction and isolation of a component from a solution: 


e The chosen extraction solvent must be immiscible with the solution solvent. 


e The chosen extraction solvent must be favored by the distribution coef- 
ficient for the component being extracted. 


e The chosen extraction solvent should be readily separated from the 
desired component after extraction. This usually means that it should 
have a low boiling point. 


e The chosen organic extraction solvent must not react chemically with any 
component in the aqueous mixture being extracted. 


“Palleros, D. R. J. Chem. Educ. 1995, 72, 319. 
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NOTE. The aqueous phase may be modified, as in acid—base extractions, but the 
organic solvent does not react with the components in the aqueous mixture. See 
Experiments [4B, 4C], pp. 146-150. 


Microscale Extraction. A capped conical vial or a stoppered centrifuge 
tube is the best container for most microscale extractions, but a small test 
tube may be used. Note that a conical vial and a centrifuge tube have the 
same inner shape. This shape has the advantage that as the lower phase 
(layer) is withdrawn by pipet, the interface (boundary) between the two liq- 
uid phases becomes narrower and narrower, and thus easier to see, at the 
bottom of a conical container. This is not the case for a test tube. The 
centrifuge tube has the added advantage that if a solid precipitate must 
be separated or an emulsion broken up, it can easily be done using a 
centrifuge. 

A good rule of thumb is that the container to be used for the extraction 
should be at least three times the volume of liquid you wish to extract. 

Regardless of the container used, in any liquid-liquid extraction, the two 
immiscible solvents must be completely mixed to maximize the surface area of 
the interface between the two and allow partitioning of the solute. This can be 
accomplished by shaking (carefully to avoid leakage around the cap), using a 
Vortex mixer, or by adding a magnetic spin vane and then stirring with a mag- 
netic stirrer. 

Another important rule in the extraction process is that you should never 
discard any layer until the isolation is complete. 

Let us consider a practical example. Benzanilide can be prepared by the in 
situ rearrangement of benzophenone oxime in acid solution: 


OH 
NH,OH-HCl N 
> = 
CF,SO3H CF,SO;H i 


Benzophenone Benzophenone oxime Benzanilide 


The benzanilide is separated from the reaction mixture by extraction with three 
1.0-mL portions of methylene chloride solvent. 


NOTE. Saying, for example, “extracted with three 1.0-mL portions of methylene chlo- 
ride” means that three extractions are performed (one after the other, each using 1.0 
mL of methylene chloride) and the three methylene chloride extracts are combined. 


A microscale extraction process consists of two parts: (1) mixing the two 
immiscible solutions, and (2) separating the two layers after the mixing 
process. 


1. Mixing. In the experimental procedure for the isolation of the ben- 
zanilide product, methylene chloride (1.0 mL) is added to the aqueous reac- 
tion mixture contained in a 5.0-mL conical vial (or centrifuge tube). The 
extraction procedure is outlined in the following steps: 


Step 1. Cap the vial. 
Step 2. Shake the vial gently to thoroughly mix the two phases (careful!) 
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Pasteur filter Separatory funnel 
ipet (semimicro scale 
(microscale) and macroscale) 


Figure 5.14 Extraction devices. 








T= 











Pipet pump with pipet 


Figure 5.15 Pipet pump with 
pipet. (Reprinted with permission 
of John Wiley and Sons, Inc. from 
Szafran, Z.; Pike, R. M.; Foster, 

J. C. Microscale General Chemistry 
Laboratory, 2nd ed., p. 36. 2003.) 


NOTE. The mixing may be carried out using a Vortex mixer or magnetic stirrer— 
see previous discussion. 


Step 3. Carefully vent the vial by loosening the cap to release any pres- 
sure that may have developed. 


Step 4. Allow the vial to stand on a level surface to permit the two 
phases to separate. A sharp phase interface should appear. 


NOTE. For safety reasons it is advisable to place the vial in a small beaker to pre- 
vent tipping. If a volatile solvent such as ether is used, it is advisable to place the 
vial or centrifuge tube in a beaker of ice water to prevent loss of solvent during 
the transfers. 


2. Separation. At the microscale level, the two phases are separated with 
a Pasteur filter pipet (a simple Pasteur pipet can be used in some situations), 
which acts as a miniature separatory funnel. The separation of the phases is 
shown in Figure 5.14. 

A major difference between macro and micro techniques is that when 
microscale volumes are used, as just discussed, the mixing and separation 
are done in two parts. When macroscale volumes are used in a separatory 
funnel, mixing and separation are both done in the funnel in one step. The 
separatory funnel is an effective device for extractions with larger volumes, 
but it is not practical for microscale extractions because of the large surface 
areas involved. 

Benzanilide is more soluble in methylene chloride than in water. Multiple 
extractions are performed to ensure complete removal of the benzanilide 
from the aqueous phase. The methylene chloride solution is the lower layer 
because it is more dense than water. The following list outlines the general 
method for an organic solvent more dense than water. 


NOTE. (a) One technique is to hold the pipet across the palm of the hand and 
squeeze the bulb with the thumb and index finger. (b) Remember to have an empty 
tared vial available in which to place the separated phase. (c) A pipet pump (Fig- 
ure 5.15) may be used to replace the bulb. One advantage with using a pipet pump 
is the dispensing of liquids in a more controlled fashion. 


The recommended procedures are shown in Figures 5.16 and 5.17. 


Step 1. Squeeze the pipet bulb to force air from the pipet. 


Step 2. Insert the pipet into the vial until it is close to the bottom. Be 
sure to hold the pipet vertically. 


Step 3. Carefully allow the bulb to expand, drawing only the lower 
methylene chloride layer into the pipet. This should be done in a 
smooth, steady manner so as not to disturb the interface between the 
layers. With practice, you can judge the amount that the bulb must be 
squeezed to just separate the layers. Keep the pipet vertical. Do not tip 
the pipet back and allow liquid to enter the bulb! Do not suck liquid into 
the bulb! 

Step 4. (Step 4 is not shown in the figure.) Holding the pipet vertical, place 
it over and into the neck of an empty vial (as shown in Fig. 5.16, Step 2), 
and gently squeeze the bulb to transfer the methylene chloride solution 
into the vial. A second extraction can now be performed after adding 
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Ether 





Cotton H20—_ 
plug 
Step 1 Step 2 Step 3 Step 1 Step 2 Step 3 
Figure 5.16 Pasteur filter pipet Figure 5.17 Pasteur filter pipet separa- 
separation of two immiscible liquid tion of two immiscible liquid phases; the 
phases; the more dense layer less dense layer contains the product. 


contains the product. 


another portion of methylene chloride to the original vial. The procedure 
is repeated. Multiple extractions can be performed in this manner. Each 
methylene chloride extract is transferred to the same vial—that is, the 
extracts are combined. The reaction product has now been transferred 
from the aqueous layer (aqueous phase) to the methylene chloride layer 
(organic phase), and the phases have been separated. 


In a diethyl ether—water extraction, the ether layer is less dense and thus is 
the upper layer (phase). An organic reaction product generally dissolves in the 
ether layer and is thus separated from water-soluble byproducts and other im- 
purities. The procedure followed to separate the water—ether phases is identi- 
cal to that described above for methylene chloride—water systems, except that 
here the top layer (organic layer) is transferred to the new container. The fol- 
lowing list outlines the general method for an organic solvent less dense than 
water (refer to Fig. 5.17). 


Step 1. Squeeze the pipet bulb to force air from the pipet and insert 
the pipet into the vial until it is close to the bottom. Then, draw both 
phases slowly into the pipet. Keep the pipet vertical. Do not tip the pipet 
back and allow liquid to enter the bulb! Do not suck liquid into the bulb! 
Try not to allow air to be sucked into the pipet, as this tends to mix 
the phases in the pipet. If mixing does occur, allow time for the inter- 
face to re-form. 


Step 2. Return the aqueous layer (bottom layer) to the original con- 
tainer by gently squeezing the pipet bulb. 


Step 3. Transfer the separated ether layer (top layer) to a new tared vial. 


Separatory Funnel—Semimicroscale and Macroscale Extractions. A 
separatory funnel (Fig. 5.14) is effective for extractions carried out at the 
semimicroscale and macroscale levels. The mixing and separation are done in 
the funnel itself in one step. Many of you may be familiar with this device from 
the general chemistry laboratory. The same precautions as outlined above for 
microscale extraction should be observed here. 
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Ganger! 
Point the stem of funnet 
away from everyone! 


Escaping gases : 


Hold both the stopper 
and stopcock very tightly 


Liquid phases 





(d) 


Figure 5.18 (a) Correct position for holding a separatory funnel while shaking. 
(b) Correct method for venting a separatory funnel. 


NOTE. The funnel size should be such that the total volume of solution is less 
than half the total volume of the funnel. If the funnel has a ground-glass stop- 
cock and/or stopper, the ground-glass surfaces must be lightly greased to prevent 
sticking, leaking, or freezing. If Teflon stoppers and stopcocks are used, grease is 


not necessary because these are self-lubricating. 


Step 1. Close the stopcock of the separatory funnel. 


Step 2. Add the solution to be extracted, after first making sure that the 
stopcock is closed. The funnel should be supported in an iron ring attached 


to a ring stand or rack on the lab bench. 


Step 3. Add the proper amount of extraction solvent (about one-third 
of the volume of the solution to be extracted is a good rule of thumb) 


and place the stopper on the funnel. 


Step 4. Remove the funnel from the ring stand, keeping the stopper in 
place with the index finger of one hand, and holding the funnel in the 
other hand with your fingers positioned so they can operate the stop- 


cock (Fig. 5.18a). 


Step 5. Carefully invert the funnel (make sure its stem is pointing up, and 
not pointing at you or anyone else). Slowly open the stopcock to release 
any built-up pressure (Fig. 5.18b). Close the stopcock and then shake the 
funnel for several seconds. Position the funnel for venting (make sure the 
stem is pointing up, and not pointing at you or anyone else). Open the 
stopcock to release built-up pressure. Repeat this process 2—4 times. Then, 


close the stopcock and return the funnel upright to the iron ring. 
Step 6. Allow the layers to separate and then remove the stopper. 


Step 7. Place a suitable clean container just below the tip of the funnel. 
Gradually open the stopcock and drain the bottom layer into the clean 


container. 


Step 8. Remove the upper layer by pouring it from the top of the fun- 
nel. This way it will not become contaminated with traces of the lower 


layer found in the stem of the funnel. 
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When aqueous solutions are extracted with a less dense solvent, such as 
ether, the bottom, aqueous layer can be drained into its original container. 
Once the top (organic) layer is removed from the funnel, the aqueous layer 
can then be returned for further extraction. Losses can be minimized by 
rinsing the original container with a small portion of the extraction sol- 
vent, which is then added to the funnel. When the extraction solvent is 
denser than the aqueous phase (e.g., methylene chloride), the aqueous 
phase is the top layer, and therefore is kept in the funnel for subsequent 
extractions. 


Continuous Liquid-Liquid Extraction. Continuous extraction of liquid— 
liquid systems is also possible and particularly valuable when the component 
to be separated is only slightly soluble in the extraction solvent. The advantage 
of using continuous extraction is that it can be carried out with a limited 
amount of solvent. In batchwise extractions a prohibitive number of individual 
extractions might have to be performed to accomplish the same overall extrac- 
tion. Specialized apparatus, however, is required for continuous liquid-liquid 





(a) 


Figure 5.19 Early designs for 

: single-stage extractors: 

extraction. (a) Kutscher-Steudel extractor; 
Two types of continuous extraction apparatus are often used to isolate var- (b) Wehrli extractor. 


ious species from aqueous solutions using less dense and more dense immis- 
cible solvents (e.g., diethyl ether and methylene chloride) (Fig. 5.19). 

The extraction is carried out by allowing the condensate of the extrac- 
tion solvent, as it forms on the condenser on continuous distillation, to drop 
through an inner tube (see Fig. 5.19a in the case of the less dense solvent) 
and to percolate up through the solution containing the material to be ex- 
tracted. This inner tube usually has a sintered glass plug on its end, which 
generates smaller droplets of the solvent and thus increases the efficiency of 
the procedure. The extraction solution is then returned to the original dis- 
tilling flask. Eventually, in this manner, the desired material, extracted in 
small increments, is collected in the boiling flask and can then be isolated 
by concentrating the collected solution. This method works on the premise 
that fresh portions of the less-dense phase are continuously introduced into 
the system, and it is often used in those instances where the organic mate- 
rial to be isolated has an appreciable solubility in water. In the case of a 
more dense extraction solvent (see Fig. 5.19b) the system functions in much 
the same fashion, but in this case the inner tube is removed and the con- 
densed vapors percolate directly through the lighter phase (the phase to be 
extracted) to form the lower layer. This layer can cycle back to the distilla- 
tion flask through a small-bore tubing connection from the bottom of the 
receiver flask to the distillation flask. Continuous liquid-liquid extraction is 
useful for removing extractable components from those having partition 
ratios that approach zero. Note that this method requires a very long period 
of time. 


Separation of Acids and Bases. The separation of organic acids and bases is 
another important and extensive use of the extraction method. The distribution 
coefficients of organic acids and bases are affected by pH when one of the sol- 
vents is water. An organic acid that is insoluble in neutral water (pH 7) becomes 
soluble when the water is made basic with an aqueous sodium hydroxide solu- 
tion. The acid and the sodium hydroxide quickly react to form a sodium carboxy- 
late salt, RCO. ’ Na”. The salt is, of course, ionic and therefore it readily dissolves 
in the water. Thus, the acid—base reaction reverses the solubility characteristics of 
a water-insoluble organic acid. 
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O O 
1 Yi 
cl CG #NaOH Cl C. /Nat+H,0 


Water insoluble OH Water soluble **— 


The water phase may then be extracted with an immiscible organic solvent 
to remove any impurities, leaving the acid salt in the water phase. Neutraliz- 
ing the water layer with hydrochloric acid (to pH = 7) reprotonates the car- 
boxylate salt to reform the carboxylic acid, and causes the purified water- 
insoluble organic acid to precipitate (if it’s a solid). In a similar fashion, 
water-insoluble organic bases, such as amines (RNHz), can be rendered water 
soluble by treatment with dilute hydrochloric acid to form water-soluble 
hydrochloride salts (e.g., Experiment [23]). 


(su, + HCl —> (Nil Cl- 


Slightly water soluble Water soluble 
- as + + 
HN NH, +HCl— > Cl-, HX )-NH, G- 
Slightly water soluble Water soluble 


Extraction procedures can be used to separate mixtures of solids. For ex- 
ample, the flow chart below diagrams a sequence used to separate a mixture 
made up of an aromatic carboxylic acid (ArCO2H), an aromatic base (ArNH)), 
and a neutral aromatic compound (ArH). Aromatic compounds are discussed 
here simply because they are likely to be crystalline solids. 






Ar-COOH 
Ar-H 
Ar-COOH ether 
+3MHCI Ar-H 
SE cel 
ether 
® 
Ar-NH3 
cP 
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In this example, we assume that the organic acid and base are solids. If 
either or both were liquids, an additional extraction of the final acidic aqueous 
or alkaline solution with ether, followed by drying and concentration, would 
be required to isolate the acidic or basic component. 


Salting Out. Most extractions in the organic laboratory involve water and an or- 
ganic solvent. Many organic compounds have partial solubility in both solvents. To 
extract them from water, the partition coefficient (between the organic solvent and 
water) can be shifted in favor of the organic layer by saturating the water layer with 
an inorganic salt, such as sodium chloride. Water molecules prefer to solvate the 
polar ions (in this case sodium and chloride ions), and thus free the neutral organic 
molecules to migrate into the organic phase. Another way to think of this is to re- 
alize that the ionic solution is more polar than pure water, so the less polar organic 
molecules are less soluble than in pure water. Forcing an organic material out of a 
water solution by adding an inorganic salt is called salting out. 

Salting out can also be effectively used for the preliminary drying of the wet 
organic layer that results from an extraction process. (Diethyl ether, in particu- 
lar, can dissolve a fair amount of water.) Washing this organic layer with a sat- 
urated salt solution removes most of the dissolved water into the aqueous 
phase. This makes further drying of the organic phase with solid drying agents 
easier and much more effective (see Drying Agents below). 


Solid-Liquid Extraction 


The simplest form of solid—liquid extraction involves treating a solid with a sol- 
vent and then decanting or filtering the solvent extract away from the solid. An 
example of this technique (see Experiment [11A]) is extracting usnic acid from 


isolate 
SS by 


concentration 





ether 
+ 6M HCI isolate 
—<_—_—_ > by 
Na® filtration 
Ar-COO® 
”— Ar-COOH 
H2O 


—$P- by 


filtration 





p/ — Ar-NH> 
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Figure 5.20 A solid—liquid 
continuous extraction apparatus. 


its native lichen with acetone. This type of extraction is most useful when only 
one main component of the solid phase has appreciable solubility in the solvent. 
The extraction of caffeine from tea (see Experiment [11B]) is another example of 
this method; it is accomplished by heating the tea in an aqueous solution of 
sodium carbonate. This approach works well because the water swells the tea 
leaves and allows the caffeine to be extracted more readily. 

Microscale extractions of trimyristin from nutmeg, and cholesterol from 
gallstones, have been described.” Diethyl ether was used as the solvent in both 
cases. A packed Pasteur pipet column was used for filtering, drying (nutmeg 
experiment), and decolorizing (gallstone experiment). 

Herrera and Almy described a simple continuous extraction apparatus 
(Fig. 5.20).° The apparatus is constructed from a 50-mL beaker and a paper 
cone prepared from a 9-cm disk of filter paper (nonfluted), which rests on the 
lip of the beaker. A small notch is cut in the cone to allow solvent vapor to pass 
around it. The extraction solvent is placed in the beaker; the solid material to 
be extracted is placed in the cone. A watch glass containing 2-3 g of ice is 
placed on top of the assembly to act as the condenser and to hold the paper 
cone in place. As the ice melts, the water is removed and replaced with fresh 
ice. The beaker is heated on a hot plate in the hood (some solvent evaporates 
during the extraction process and may need to be replaced). The concentrated 
solution collected in the beaker is then cooled and the solid product is isolated 
by filtration or is recrystallized. This system needs to be attended at all times, 
but works reasonably well for brief extractions. 

Various apparatus have been developed for use when longer extraction 
periods are required. They all use what is called a countercurrent process. The 
best-known apparatus is the Soxhlet extractor, first described in 1879 (Fig. 
5.21).’ The solid sample is placed in a porous thimble. The extraction-solvent 
vapor, generated by refluxing the extraction solvent contained in the distilling 
pot, passes up through the vertical side tube into the condenser. The liquid 
condensate then drips onto the solid, which is extracted. The extraction solu- 
tion passes through the pores of the thimble, eventually filling the center sec- 
tion of the Soxhlet. The siphon tube also fills with this extraction solution and 
when the liquid level reaches the top of the tube, siphoning action returns the 
thimbleful of extract to the distillation pot. The cycle is automatically repeated 
many times, concentrating the extract in the distillation pot. The advantage of 
this arrangement is that the process may be continued automatically and un- 
attended for as long as necessary. The solvent is then removed from the extraction 
solution collected in the pot, providing the extracted compound(s). Soxhlet 
extractors are available from many supply houses and can be purchased in var- 
ious sizes. Of particular interest to us is the microscale variety, which is effective 
for small amounts of material and is now commercially available.® 


Drying Agents 


Organic extracts separated from aqueous phases usually contain traces of wa- 
ter. Even washing with saturated salt solution (see Salting Out above) cannot 


*Vestling, M. M. J. Chem. Educ. 1990, 67, 274. 

Herrera, A.; Almy, J. J. Chem. Educ. 1998, 75, 83. 

7Soxhlet, F. Dinglers Polytech. J. 1879, 232, 461. 

8Microscale Soxhlet equipment is available from ACE Glass, Inc., 1430 Northwest Boulevard, 
Vineland, NJ 08360. 
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Condenser 






j- Vapor 


Siphon arm 


Porous thimble 
(te hold solid} 





Vertical side 
tube 


Distilling pot 
Extraction 


oe Figure 5.21 Soxhlet extractor. 


remove all of the water. Organic extracts must therefore be dried to remove 
any residual water before the solvent is evaporated or further purification is 
performed. Organic extracts can be conveniently dried with an anhydrous in- 
organic salt, such as magnesium sulfate, sodium sulfate, or calcium sulfate. 
These salts readily absorb water and form insoluble hydrates, thus removing 
the water from the wet organic phase. The hydrated solid can then be re- 
moved from the dried solution by filtration or by decanting (pouring) the so- 
lution away from the solid. Although many drying agents are known, not 
every drying agent can be used in every case. The ideal drying agent should 
dry the solution quickly, have a high capacity for water, cost little, and not re- 
act with the material being dried.” 

Table 5.5 summarizes the properties of some of the more common drying 
agents used in the laboratory. 

Make sure that the solid drying agent is in its anhydrous form. Sodium sul- 
fate is a good general-purpose drying agent and is usually the drying agent of 
choice at room temperature. Use the granular form, if at all possible. 

Magnesium sulfate is supplied as a fine powder (high surface area). It has a 
high water capacity and is inexpensive; it dries solutions more quickly than 
does sodium sulfate. The disadvantage of magnesium sulfate is that the desired 
product (or water molecules) can become trapped on the surface of the fine 
particles. If it is not thoroughly washed after separation, precious product may 


Quantitative studies on the efficiency of drying agents for a wide variety of solvents have 
been reported. See Burfield, D. R.; Smithers, R. H. J. Org. Chem. 1983, 48, 2420, and references 
therein. Other useful information can be found in Armarego, W. L. F.; Chai, C. L. L. Purifica- 
tion of Laboratory Chemicals, 5th ed.; Elsevier: New York, 2003, and in Ridduck, J. A.; Bunger, 
W. B.; Sakano, T. K. Organic Solvents, Physical Properties and Methods of Purification, 4th ed.; 
Wiley: New York, 1986. 
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Table 5.5 Properties of Common Drying Agents 





Drying Agent Formula of Hydrate Comments 





Sodium sulfate Na»SO, : 10H,O Slow to absorb water and 
inefficient, but inexpensive and 
has a high capacity. Loses water 
above 32 °C Granular form 
available. 

Magnesium sulfate MgSO, - 7H,O One of the best. Can be used with 
nearly all organic solvents. 
Usually in powder form. 

Calcium chloride CaCl, + 6H,0 Relatively fast drying, but reacts 
with many oxygen- and 
nitrogen-containing compounds. 
Usually in granular form. 


Calcium sulfate CaSO, + ;H,O Very fast and efficient, but has a 
low dehydration capacity. 
Silica gel (SiO2)m * NH2O High capacity and efficient. 


Commercially available t.h.e. SiO» 
drying agent is excellent.” 
Molecular sieves — [Naj2(Aly2Si,;2O4g)] + 27H2O High capacity and efficient. 
Use the 4-A size.” 
“Available from EMD Chemicals, 10394 Pacific Center Court, San Diego, CA 92121. 
’Available from Sigma-Aldrich, Inc., 940 West Saint Paul Ave., Milwaukee, WI 53233. 











be lost. Furthermore, it is usually more difficult to remove a finely powdered 
solid agent, which may pass through the filter paper (if used) or clog the pores 
of a fine porous filter. A smaller surface area translates into less adsorption of 
product on the surface and easier separation from the dried solution. 

Molecular sieves have pores or channels in their structures. A small mole- 
cule such as water can diffuse into these channels and become trapped. The 
sieves are excellent drying agents, have a high capacity, and dry liquids com- 
pletely. The disadvantages are that they dry slowly and are more expensive 
than the more common drying agents. 

Calcium chloride is very inexpensive and has a high capacity. Use the 
granular form. Do not use it to dry solutions of alcohols, amines, or carboxylic 
acids because it can react with these substances. 

Calcium sulfate is often sold under the trade name of Drierite. It is a some- 
what expensive drying agent. Do not use the blue Drierite (commonly used to 
dry gases) because the cobalt indicator (blue when dry, pink when wet) may 
leach into the solvent. 

The amount of drying agent needed depends on the amount of water 
present, on the capacity of the solid desiccant to absorb water, and on its par- 
ticle size (actually, its surface area). If the solution is wet, the first amount of 
drying agent will clump (molecular sieves and t.h.e. SiO» are exceptions). Add 
more drying agent until it appears mobile when you swirl the liquid. A solu- 
tion that is no longer cloudy is a further indication that the solution is dry. 
Swirling the contents of the container increases the rate of drying; it helps es- 
tablish the equilibrium for hydration: 


Drying agent + nH,O == Drying agent - nH,O 
Anhydrous solid Solid hydrate 
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Most drying agents achieve approximately 80% of their drying capacity t 
within 15 min; longer drying times are generally unnecessary. The drying 
agent may be added directly to the container of the organic extract, or the ex- 
tract may be passed through a Pasteur filter pipet packed with the drying 
agent. A funnel fitted with a cotton, glass wool, or polyester plug to hold the 
drying agent may also be used. 

As for the most common question asked with this technique—lIs this 
“dry” ?—you should be encouraged to have in your lab a series of flasks which 
contain a set quantity of solvent and drying agent. The difference with each 
flask within the series is the percentage of water which allows for a visual com- — 
parison of what is and what is not “dry.” 


Sample reservoir 


57 mm 


Frit 


Sorbent bed 





Frit 
Luer tip 


: . Figure 5.22 Polyethylene solid- 
Solid-Phase Extraction phase extraction column. 





In the modern research laboratory, the traditional liquid-liquid extraction tech- 
nique may be replaced by the solid-phase extraction method.'° The advantages of 
this newer approach are that it is rapid, it uses only small volumes of solvent, it 
does not form emulsions, isolated solvent extracts do not require a further drying 
stage, and it is ideal for working at the microscale level. This technique is finding 
wide acceptance in the food industry and in the environmental and clinical area, 
and it is becoming the accepted procedure for the rapid isolation of drugs of abuse 
and their metabolites from urine. Solid-phase extraction is accomplished using 
prepackaged, disposable, extraction columns. A typical column is shown in 
Figure 5.22. The columns are available from several commercial sources."* 

The polypropylene columns can be obtained packed with 100-1000 mg of 
40-jm sorbent sandwiched between two 20-um polyethylene frits. The 
columns are typically 5-6 cm long. Sample volumes are generally 1-6 mL. 

The adsorbent (stationary phase) used in these columns is a nonpolar adsor- 
bent chemically bonded to silica gel. In fact, they are the same nonpolar adsor- 
bents used in the reversed-phase high-performance liquid chromatography 
(HPLC). More specifically, the adsorbents are derivatized silica gel where the — 
OH groups of the silica gel have been replaced with siloxane groups by treating 
silica gel with the appropriate organochlorosilanes. 








Si—OH Si—O —Si(CH,), 
O O 
Si—OH Si—O CH 
5 all 
O O Si 
Ss 
Si—OH Si—O R 
Silica surface Chemically bonded silica surface 


MFor a description of this method see Zief, M.; Kiser, R. Am. Lab. 1990, 22 70; Zief, M. NEACT 
J. 1990, 8, 38; Hagen, D. F.; Markell, C. G.; Schmitt, G. A.; Blevins, D. D. Anal. Chim. Acta 1990, 
236, 157; Arthur, C. L.; Pawliszyn, J. Anal. Chem. 1990, 62, 2145; Dorsey, J.; Dill, K. A. Chem. 
Rev. 1989, 89, 331; Zubrick, J. W. The Organic Chem Lab Survival Manual, 7th ed., Wiley: New 
York, 2008; Simpson, N. J. K, Ed. Solid-Phase Extraction: Principles, Techniques and Applications, 
Marcel Dekker: New York, 2000; “Solid Phase Extraction.” Retrieved March 19, 2009 from 
www.sigmaaldrich.com/analytical-chromatography/sample-preparation/spe.html. 

“These columns are available from Analytichem International, J. T. Baker, Inc., Supelco, Inc., 
Aldrich Chemical, Waters Associates and Biotage (a Division of Dyax Corp). 
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Two of the most popular nonpolar packings are those containing R groups 
consisting of an octadecyl (CisH37—)or phenyl (C;H; —) group. These pack- 
ing materials (stationary phases) can adsorb nonpolar (like attracts like) or- 
ganic material from aqueous solutions. The adsorbed material is then eluted 
from the column using a solvent strong (nonpolar) enough to displace it, such 
as methanol, methylene chloride, or hexane. The analyte capacity of bonded 
silica gels is about 10-20 mg of analyte per gram of packing. 

An example of a typical solid-phase extraction is the determination of the 
amount of caffeine in coffee using a 1-mL column containing 100 mg of oc- 
tadecyl-bonded silica. This efficient method isolates about 95% of the available 
caffeine. The column is conditioned by flushing 2 mL of methanol followed by 
2 mL of water through the column. One milliliter of a coffee solution (~0.75 mg 
of caffeine/mL) is then drawn through the column at a flow rate of 1 mL/min. 
The column is washed with 1 mL of water and air dried (vacuum) for 10 min. 
The adsorbed caffeine is then eluted with two 500-wL portions of chloroform. 


QUESTIONS 


5-16. 


5-17. 


5-18. 


5-21. 


You are presented a two-phase system. The two liquids are immiscible. The top phase is blue and the bottom, 
orange. One phase is water. Please devise an experiment to definitively differentiate which phase is water. 


Which layer (upper or lower) will each of the following organic solvents usually form when being used to extract an 
aqueous solution? 

toluene methylene chloride diethyl ether 

hexane acetone 


Construct a flow chart to demonstrate how you could separate a mixture of 1,4-dichlorobenzene, 4-chlorobenzoic 
acid, and 
4-chloroaniline using an extraction procedure. 


. A slightly polar organic compound partitions itself between ether and water phases. The K, (partition coefficient) 


value is 2.5 in favor of the ether solvent. What simple procedure could you use to increase this K, value? 

You weight out exactly 1.00 mg of benzoic acid and dissolve it in a mixture of 2.0 mL of diethyl ether and 2.0 mL of 
water. After mixing and allowing the layers to separate, the ether layer is removed, dried, and concentrated to yield 
0.68 mg of benzoic acid. What is the K,, value (ether/water) for this system? 

If asked to separate an equal mixture of benzoic acid [pK, = 4.2] and 2-naphthol [pK, = 9.5] using a liquid-liquid 
extraction technique, explain why an aqueous solution of NaHCOs[pK, = 6.4] would be far more effective than the 
stronger aqueous solution of NaOH[pK, = 15.7]. 
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NOTE The following experiments use Technique 4: Experiments [4A], [4B], [5A], 
[5B], [7], [8A], [11A], [11B], [11C], [12], [13], [16], [17], [19A], [19B], [19C], 
[224A], (228), [23], (271, (30), [32], [34A], 1348], [Als], [D3], [ES], (FI, [e2) 
[F3], and [FA4]. 

[3Agaol, [4,anl, and [6adol. 
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Crystallization 


This discussion introduces the basic technique of purifying solid organic sub- 
stances by crystallization. The technique of crystallizing an organic compound 
is fundamental; it must be mastered if you are going to purify solids. It is not an 
easy art to acquire. Organic solids tend not to crystallize as easily as inorganic 
substances. 

Legend has it that an organic chemist resisted an invitation to leave a well- 
worn laboratory for new quarters because he suspected that the older labora- 
tory (in which many crystallizations had been carried out) harbored seed crys- 
tals for a large variety of substances the chemist needed. Carried by dust from 
the earlier work, these traces of material presumably aided the successful ini- 
tiation of crystallization of reluctant materials. Further support for this legend 
comes from the often quoted (but never substantiated) belief that after a ma- 
terial was first crystallized in a particular laboratory, subsequent crystalliza- 
tions of the material, regardless of its purity or origin, were always easier. 

In several areas of chemistry, the success or failure of an investigation can de- 
pend on the ability of a chemist to isolate tiny quantities of crystalline substances. 
Often the compounds of interest must be extracted from enormous amounts of 
extraneous material. In one of the more spectacular examples, Reed et al. isolated 
30 mg of the crystalline coenzyme lipoic acid from 10 tons of beef liver residue. '* 


S—S 


Os es 
H 


Lipoic acid 


General Crystallization Procedure 
The following steps are the essentials of crystallization: 


Step 1. Select a suitable solvent. 


Step 2. Dissolve the material to be purified in the minimum amount of 
warm solvent. Remember that most organic solvents are extremely flamma- 
ble and that many produce very toxic vapor. 


Step 3. Once the solid mixture has fully dissolved, filter the heated 
solution, and then bring it to the point of saturation by evaporating a 
portion of the solvent. 


Step 4. Cool the warm saturated solution to reduce the solubility of the 
solute; this usually causes the solid material to precipitate. If the material 
has a low melting point or is very impure it may come out of solution 
sometimes as an oil. If so, reheat the solution and allow it to recool slowly. 


Step 5. Isolate the solid by filtration, and then remove the last traces of 
solvent. 


The crystallization is successful if the solid is recovered in good yield and is 
purer than it was before the crystallization. This cycle, from solid state to solution 
and back to solid state is called recrystallization when both the initial and final 
materials are crystalline. 


Reed, L. J.; Gunsalus, I. C.; Schnakenberg, G. H. F.; Soper, Q. F; Boaz, H. E.; Kem, S. F; 
Parke, T. V. J. Am. Chem. Soc. 1953, 75, 1267. 
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Although the technique sounds fairly simple, in reality it is demanding. 
Successful purification of microscale quantities of solids will require your ut- 
most attention. Choosing a solvent system is critical to a successful crystalliza- 
tion. Io achieve high recoveries, the compound to be crystallized should ide- 
ally be very soluble in the hot solvent, but nearly insoluble in the cold solvent. 
To increase the purity of the compound, the impurities should be either very 
soluble in the solvent at all temperatures or not soluble at any temperature. The 
solvent should have as low a boiling point as possible so that traces of solvent 
can be easily removed (evaporated) from the crystals after filtration. It is best 
to use a solvent that has a boiling point at least 10 °C lower than the melting 
point of the compound to be crystallized to prevent the solute from “oiling 
out” of solution. Thus, the choice of solvent is critical to a good crystallization. 
Table 5.6 lists common solvents used in the purification of organic solids. 

When information about a suitable solvent is not available, the choice of 
solvent is made on the basis of solubility tests. Craig’s rapid and efficient pro- 
cedure for microscale solubility testing works nicely; it requires only mil- 
ligrams of material and a nine-well, Pyrex spot plate." 

Place 1-2 mg of the solid in each well and pulverize each sample with a 
stirring rod. Add 3-4 drops of a given solvent to the first well and observe 
whether the material dissolves at ambient temperature. If not, stir the mixture 
for 1.5—-2 min and observe and record the results. Repeat this process with the 
chosen set of solvents, using a separate well for each solubility test. Keep track 
of which well contains which solvent. Place your test plate (containing the sam- 
ples) on a hot plate (set at its lowest setting) in the hood; add additional sol- 
vent if necessary. Record the solubility characteristics of the sample in each hot 
solvent. Cool the plate and see if crystallization occurs in any of the wells. On 
the basis of your observations, choose an appropriate solvent or a solvent pair 
(see the following paragraph) to recrystallize your material. 

Solubility relationships are seldom ideal for crystallization; most often a 
compromise is made. If there is no suitable single solvent available, it is possible 
to use a mixture of two solvents, called a solvent pair. A solvent is chosen that will 

















Table 5.6 Common Solvents 
Solvent bp (°C) Polarity 
Acetone 56 Polar 
Cyclohexane 81 Nonpolar 
Diethyl ether 35 Intermediate polarity 
Ethanol, 95% 78 Polar 
Ethyl acetate 77 Intermediate polarity 
Hexane 68 Nonpolar 
Ligroin 60-90 Nonpolar 
Methanol 65 Polar 
Methylene chloride 40 Intermediate polarity 
Methyl ethyl ketone 80 Intermediate polarity 
Petroleum ether 30-60 Nonpolar 
Toluene 111 Nonpolar 
Water 100 Polar 
Craig, R. E. R. J. Chem. Educ. 1989, 66, 88. 
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readily dissolve the solid. Once the solid is dissolved in the minimum amount of 
hot solvent, the solution is filtered. A second solvent, miscible with the first, in 
which the solute has much lower solubility, is then added dropwise to the hot 
solution to achieve saturation. In general, polar organic molecules have higher 
solubilities in polar solvents, and nonpolar materials are more soluble in nonpo- 
lar solvents (like dissolves like). Table 5.7 lists some common solvent pairs. 

It can take a long time to work out an appropriate solvent system for a par- 
ticular reaction product. In most instances, with known compounds, the opti- 
mum solvent system has been established. Most crystallizations are not very 
efficient because many impurities have solubilities similar to those of the com- 
pounds of interest. Recoveries of 50-70% are not uncommon. 

Several microscale crystallization techniques are available. 


Simple Crystallization 


Simple crystallization works well with large quantities of material (100 mg and 
up), and it is essentially identical to that of the macroscale technique. 


Step 1. Place the solid in a small Erlenmeyer flask or test tube. A beaker 
is not recommended because the rapid and dangerous loss of flamma- 
ble vapors of hot solvent occurs much more easily from the wide mouth 
of a beaker than from an Erlenmeyer flask. Furthermore, solid precipi- 
tate can rapidly collect on the walls of the beaker as the solution becomes 
saturated because the atmosphere above the solution is less likely to be 
saturated with solvent vapor in a beaker than in an Erlenmeyer flask. 


Step 2. Add a minimal amount of solvent and heat the mixture to the 
solvent’s boiling point in a sand bath. Stir the mixture by twirling a spat- 
ula between the thumb and index finger. A magnetic stir bar may be 
used if a magnetic stirring hot plate is used. 


Step 3. Continue stirring and heating while adding solvent dropwise 
until all of the material has dissolved. 


Step 4. Add a decolorizing agent (powdered charcoal, ~2% by weight; or 
better, activated-carbon Norit pellets," ~0.1% by weight), to remove col- 
ored minor impurities and other resinous byproducts. 

Step 5. Filter (by gravity) the hot solution into a second Erlenmeyer flask 
(pre-heat the funnel with hot solvent). This removes the decolorizing 
agent and any insoluble material initially present in the sample. 


Step 6. Evaporate enough solvent to reach saturation. 


Step 7. Cool to allow crystallization (crystal formation will be better if 
this step takes place slowly). After the system reaches room temperature, 
cooling it in an ice bath may improve the yield. 


Step 8. Collect the crystals by filtration on a Buchner or Hirsch funnel. 
Save the mother liquor (this is the term used to describe the solution 
that was separated from the original crystals) until the identity of the 
product has been established. In some cases, it is possible to recover 
more product by concentrating and further cooling the mother liquor. 
The second crop of crystals, however, is usually not as pure as the first. 
Step 9. Wash (rinse) the crystals carefully. 


Step 10. Dry the crystals. 


Mavailable from Sigma-Aldrich Chemical Co., 940 West St. Paul Ave., Milwaukee, WI 53233. 
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Table 5.7 Common Solvent Pairs 





Solvent 1 
(more polar) 


Solvent 2 
(less polar) 





Acetone 
Diethyl ether 
Ethanol 
Ethyl acetate 
Methanol 


Acetone 
Water 
Toluene 





Diethyl ether 
Hexane 
Acetone 
Cyclohexane 


Methylene 
chloride 


Water 
Ethanol 
Ligroin 
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ll-mm Hirsch funnel 
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Neoprene 
adapter —— To vacuum trap 
Hirsch oe 
funnel Filter flask 
ta) (d) ic) 
Figure 5.23 Component parts for Figure 5.24 Vacuum filtration apparatus. 


vacuum filtration. 


Filtration Techniques 


Use of the Hirsch Funnel. The standard filtration system for collecting 
products purified by recrystallization in the microscale laboratory is vacuum 
(suction) filtration with an 11-mm Hirsch funnel. Many reaction products that 
do not require recrystallization can also be collected directly by vacuum filtra- 
tion. The Hirsch funnel (Fig.5.23a) is composed of a ceramic cone with a circu- 
lar flat bed perforated with small holes. The diameter of the bed is covered by a 
flat piece of filter paper of the same diameter. The funnel is sealed into a filter 
flask with a Neoprene adapter (Fig. 5.23b). Plastic and glass varieties of this fun- 
nel that have a polyethylene or glass frit are now available. It is still advisable to 
use the filter paper disk with these funnels to prevent the frit from clogging or 
becoming discolored. Regardless of the type of filter used, always wet the filter pa- 
per disk with the solvent being used in the crystallization and then apply the vacuum. 
This ensures that the filter paper disk is firmly seated on the bed of the filter. 

Filter flasks have thick walls, and a side arm to attach a vacuum hose, and 
are designed to operate under vacuum (see Fig. 5.23c). The side arm is con- 
nected with heavy-walled rubber vacuum tubing to a water aspirator (water 
pump). The water pump uses a very simple aspirator based on the Venturi ef- 

www)-» fect. Water is forced through a constricted throat in the pump. (See the detailed 
discussion of the Venturi effect and water pumps in the section on reduced 
pressure [vacuum] distillations.) When water flows through the aspirator, the 
resulting partial vacuum sucks air down the vacuum tubing from the filter flask. 
Always turn the water on full force. With the rubber adapter in place, air is pulled 
through the filter paper, which is held flat on the bed of the Hirsch (or Biichner) 
funnel by the suction. The mother liquors are rapidly forced into the filter flask, 
where the pressure is lower, by atmospheric pressure. The crystals retained by 
the filter are dried by the stream of air passing through them (Fig. 5.24). 

When you use a water pump, it is very important to have a safety trap 
mounted in the vacuum line leading from the filter flask. Any drop in water pres- 
sure at the pump (easily created by other students on the same water line 
turning on other aspirators at the same time) can result in a backup of water 
into the flask. As the flow through the aspirator decreases, the pressure at that 

sent point rapidly increases and water is forced up the vacuum tubing toward the 
filter flask (Fig. 5.24). It is also important to vent the vacuum by opening the 
vent stopcock or disconnecting the rubber tubing from the filter flask, before 
Vacuum the water is turned off (see Fig. 5.25). 
ee In some cases, the precipitate collected on the Hirsch funnel is not highly 
—» Aspirator : . . . ; ‘ 
crystalline. The filter cake may be too thick or pasty to dry simply by pulling air 








From filtration 
apparatus 


Vacuum 
tubing 


Clamp 





150-mL through it. A thin, flexible rubber sheet or a piece of plastic food wrap placed 
ier tas over the mouth of the funnel, such that the suction generated from the vac- 
Figure 5.25 Vacuum trap. uum pulls the sheeting down onto the filter cake (collected crystals), will place 
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atmospheric pressure on the solid cake. This pressure can force much of the 
remaining solvent from the collected material, and thus further dry it. Use a 
piece of sheeting large enough to cover the entire filter cake. Otherwise, a vac- 
uum may not be created and adequate drying may not occur. 

In some instances, substances may retain water or other solvents with 
great tenacity. Io dry these materials, a desiccator is often used. This is generally 
a glass or plastic container containing a desiccant (a material capable of ab- 
sorbing water). The substance to be dried, held in a suitable container, is then 
placed on a support above the desiccant. This technique is often used in quan- 
titative analysis to dry collected precipitates. Vacuum desiccators are available 
(Fig. 5.26). If this method of drying is still insufficient, a drying pistol can be 
used (Fig. 5.27). The sample, in an open container (vial) is placed in the appa- 
ratus, which is then evacuated. The pistol has a pocket in which a strong ad- 
sorbing agent, such as P4O4o (for water), NaOH or KOH (for acidic gases), or 
paraffin wax (for organic solvents), is placed. The pistol is heated by refluxing 
vapors that surround the barrel. A simple alternative to this method is the use 
of a side-armed test tube (Fig. 5.28). 


A Hirsch-Funnel Alternative—A Nail-Filter Funnel. A nail-filter funnel 
is a low-cost substitute for a Hirsch funnel (Fig. 5.29).'° This apparatus is easily 
assembled from common laboratory glassware. Obtain a soft-glass rod that fits 
in the stem of a small glass funnel. Cut the rod to a suitable size and heat the 
tip of one end over a burner flame. When the tip becomes soft, hold the rod 
vertically and press the hot tip against a cold metal surface to flatten it to form 
a flat nail-like head. The nail head should not be perfectly round or it will block the 
flow of liquid. Cut the cooled rod to a suitable length and place the “nail” inside 
the stem of the funnel so that the flattened head of the nail rests on the top 
opening of the funnel. Cut a piece of filter paper just slightly larger than the nail 
head, place it on the nail head, and then place the funnel in a filter flask with a 
neoprene adapter. Be sure to wet the filter paper before filtering. 


Craig Tube Crystallizations. The Craig tube'® is commonly used for mi- 
croscale crystallizations in the range of 10-100 mg of material (Fig. 5.30). The 
process consists of the following steps. 


Step 1. Place the sample in a small test tube (10 X 75 mm) 


Step 2. Add the solvent (0.5—-2 mL), and dissolve the sample by heat- 
ing in the sand bath; add drops of solvent as needed. Rapid stirring 
with a microspatula (roll the spatula rod between your thumb and 
index finger) helps dissolve the material and protects against boilover. 
Add several drops of solvent by Pasteur pipet after the sample has 
completely dissolved. It will be easy to remove this excess at a later 
stage, since the volumes involved are very small. The additional sol- 
vent ensures that the solute will stay in solution during the hot trans- 
fer. Norit charcoal pellets may be added at this stage, if needed to 
remove colored impurities. 


Singh, M. M.; Pike, R. M.; Szafran, Z. Microscale & Selected Macroscale Experiments for 
General & Advanced General Chemistry; Wiley: New York, NY, 1995, pp. 47, 63; Claret, P. A. 
Small Scale Organic Preparations; Pitman: London, 1961, p. 15. 

Craig, L. C.; Post, O. W. Ind. Eng. Chem., Anal. Ed. 1944, 16, 413. 


—p— 


CONFIRMING PAGES 


EQA 


TECHNIQUE 5 Crystallization 89 





Figure 5.26 Vacuum desiccator. 





Figure 5.27. Abderhalden vacuum 
drying apparatus. A, refluxing 
heating liquid; B, vacuum drying 
chamber; C, desiccant. 


To aspirator 





(20 x 150 mm sidearmed test tube) 


Figure 5.28 Side-arm test tube as 
a vacuum dryhing apparatus. 


2 


\ 


[te nail inside the funnel 


Figure 5.29 Nail-filter funnel. 
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Figure 5.30 Craig tubes. 


3 mL 





Figure 5.31 Apparatus for slow 
crystallization. with a Craig tube. 


Step 3. Transfer the heated solution to the Craig tube by Pasteur filter 
pipet (see Fig. 3.30) that has been preheated with hot solvent. This 
transfer automatically filters the solution. A second filtration is often nec- 
essary if powdered charcoal has been used to decolorize the solution. 


Step 4. The hot, filtered solution is then concentrated to saturation by 
gentle boiling in the sand bath. Constant agitation of the solution with a 
microspatula during this short period can avoid the use of a boiling stone 
and prevent boilover. Ready crystallization on the microspatula just above 
the solvent surface is a good indication that saturation is close at hand. 


Step 5. The upper section of the Craig tube (the “head” or stopper) is 
set in place and the saturated solution is allowed to cool in a safe place. 
As cooling commences, seed crystals, if necessary, may be added by 
crushing them against the side of the Craig tube with a microspatula just 
above the solvent line. A good routine, if time is available, is to place the 
assembly in a small Erlenmeyer, then place the Erlenmeyer in a beaker, 
and finally cover the first beaker with a second inverted beaker. This pro- 
cedure will ensure slow cooling, which will enhance good crystal growth 
(Fig. 5.31). A Dewar flask may be used when very slow cooling and large 
crystal growth are required. 


Step 6. After the system reaches room temperature, cooling in an ice 
bath may improve the yield. 


Step 7. Remove the solvent by inverting the Craig tube assembly into a 
centrifuge tube and spinning the mother liquors away from the crystals 
(Fig. 5.32). This operation should be carried out with care. First, fit the head 
with a thin copper wire (Fig. 5.32), held in place by a loop at the end of 
the wire that is placed around the narrow part of the neck. Some Teflon 
heads have a hole in the neck to anchor the wire. The copper wire should 
not be much longer than the centrifuge tube. 


Step 8. Now insert the Craig tube into a centrifuge tube. To do this, hold 
the Craig tube upright (with the head portion up) and place the centrifuge 
tube down over the Craig tube. Push the Craig tube up with your finger 
so that the head is against the inverted bottom of the centrifuge tube, 
and then invert the whole assembly (Fig 5.32). 


Step 9. Place the assembly into a centrifuge tube, balance the centrifuge, 
and spin the mother liquors away from the crystals (Fig. 5.32). This 


800-mL beaker 
sitting on cork ring 


Wire 
hanger 


Craig tube Crystals 


100-mL beaker 
Centrifuge 
25-mL Erlenmeyer tube 


flask 


Mother 
liquors 





Crystals After centrifuging 
Figure 5.32 Crystal collection 
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replaces the usual filtration step in simple crystallizations. It avoids 
another transfer of material and also avoids product contact with filter 
paper. 

Step 10. Remove the apparatus from the centrifuge, and then carefully 
remove the Craig tube from the centrifuge tube. Gently pull upward on the 
copper wire while at the same time applying downward pressure with your 
fingers to the bottom of the inverted Craig tube (this will keep the Craig 
tube assembly together and not let any of the crystalline product fall back 
into the centrifuge tube and into the mother liquors). Once the Craig tube 
assembly is removed from the centrifuge tube, turn it so that the neck of 
the tube is up, and then disassemble it. At this point scrape any crystalline 
product clinging to the head into the lower section. If the lower section is 
tared, it can be left to air dry to constant weight or placed in a warm vac- 
uum oven (use a rubber band or thin wire to wrap a piece of filter paper over 
the open end to prevent dust from collecting on the product while drying). 


The cardinal rule in carrying out the purification of small quantities of 
solids is Keep the number of transfers to an absolute minimum! The Craig tube is 
very helpful in this regard. 

For other recrystallization and filtration methods, see reference material .~yyww 
online; Chapter 5W, Crystallization. 


QUESTIONS 


5-22. What is the purpose of using activated carbon in a recrystallization procedure? 

5-23. List several advantages and disadvantages of using a Craig tube for recrystallization. 

5-24. Why is it advisable to use a stemless or a short-stemmed funnel when carrying out a gravity filtration? 

5-25. Which of the following solvent pairs could be used in a recrystallization? Why or why not? 

(a) Acetone and ethanol 
(b) Hexane and water 
(c) Hexane and diethyl ether 

5-26. You perform a recrystallization on 60 mg of a solid material and isolate 45 mg of purified material. What is the 
percent recovery? Further concentration of the mother liquor provides an additional 8 mg of material. What is the 
total percent recovery? 

5-27. Describe two techniques that can be used to induce crystallization. 

5-28. When would you advise someone to use a solvent pair to carry out a recrystallization? 

5-29. You are provided a solid which you suspect is not pure and the accompanying data sheet has very limited 
information. Two items which are recognizable are that an ethereal solvent has worked well when performing 
recrystallizations and the literature melting point is 61 °C. When looking at what ethereal solvents you have to 
choose from, you see two: t-butyl methyl ether and diethyl ether. Why would the latter be the far better choice 
knowing that aside from relative boiling points, the two ethers are very similar when considering their physical 
properties. 


NOTE. The following experiments use Technique 5: Experiments [6], [7], [15], [16], 

[18], [19A], [19B], [19C], [19D], [20], [23A], [23B], [24A], [24B], [25A], [25B], 

[26], [28], [29A], [29B], [29C], [29D], [30], [31], [33A], [33B], [34A], [34B], [A1g], 

[A2,], [A3qI, [ATy], [A2yl, [A3,], [A4q,], [B1], [C2], [D1], [D2], [E1], [E2], [FL], 

[F2], and [F4]. 

adel, [3A gaol, [3Badel, [Ddely 16 gdols and 17 géel. www 
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Chromatography 


Column, Flash, High-Performance Liquid, and 
Thin-Layer Chromatography 


The basic theory of chromatography is introduced in Technique 1 in the dis- 
cussion of gas-phase separations. The word chromatography is derived from 
the Greek word for color, chromatos. Tswett discovered the technique in 1903 
while studying ways to separate mixtures of natural plant pigments.'’ The 
chromatographic zones were detected simply by observing the visual absorp- 
tion bands. Thus, as originally applied, the name was not an inconsistent use 
of terminology. Today, however, most mixtures are colorless. The separated 
zones in these cases are detected by other methods. 

Two chromatographic techniques are discussed in this section. Both de- 
pend on adsorption and distribution between a stationary solid phase and a 
moving liquid phase. The first is column chromatography, which is used exten- 
sively throughout organic chemistry. It is one of the oldest of the modern chro- 
matographic methods. The second technique, thin-layer chromatography 
(TLC), is particularly effective in rapid assays of sample purity. It can also be 
used as a preparative technique for obtaining tiny amounts of high-purity ma- 
terial for analysis. 


Column Chromatography 


Column chromatography, as its name implies, uses a column packed with a 
solid stationary phase. A mobile liquid phase flows by gravity (or applied pres- 
sure) through the column. Column chromatography uses polarity differences 
to separate materials. A sample on a chromatographic column is subjected to 
two opposing forces: (1) the solubility of the sample in the elution solvent sys- 
tem, and (2) the adsorption forces binding the sample to the solid phase. These 
interactions comprise an equilibrium. Some sample constituents are adsorbed 
more tightly; other components of the sample dissolve more readily in the liq- 
uid phase and are eluted more rapidly. The more rapidly eluting materials, 
thus, are carried further down the column before becoming readsorbed, and 
thus exit the column before more tightly bound components. The longer the 
column, the larger the number of adsorption—dissolution cycles (much like the 
vaporization—condensation cycles in a distillation column), and the greater the 
separation of sample components as they elute down the column. A molecule 
that is strongly adsorbed on the stationary phase will move slowly down the 
column; a molecule that is weakly adsorbed will move at a faster rate. Thus, 
a complex mixture can be resolved into separate bands of pure materials. 
These bands of purified material eventually elute from the column and can 
be collected. 

Many materials have been used as the stationary phase in column chro- 
matography. Finely ground alumina (aluminum oxide, Al,O3) and silicic acid 
(silica gel, SiO.) are by far the most common adsorbents (stationary phases). 
Many common organic solvents are used as the liquids (sometimes called 
eluents) that act as the mobile phase and elute (wash) materials through the 
column. Table 5.8 lists the better known column packing and elution solvents. 


Towett, M. Ber. Deut. Botan. Ges. 1906, 24, 235. 
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Table 5.8 Column Chromatography Materials 








Stationary Phase Moving Phase 

Alumina Increasing Water Increasing 

Silicic acid adsorption Methanol oe 

Magnesium sulfate a9 pla Ethanol ape “J 
materials materials 

Cellulose paper Acetone 


Ethyl acetate 
Diethyl ether 
Methylene chloride 
Cyclohexane 
Pentane 











Silica gel impregnated with silver nitrate (usually 5-10%) is also a useful 
adsorbent for some functional groups. The silver cation selectively binds to 
unsaturated sites via a silver-ion m complex. Traces of alkenes are easily removed 
from saturated reaction products by chromatography with this system (see 
Experiment [12]). This adsorbent, however, must be protected from light until 
used, or it will quickly darken and become ineffective. 

Column chromatography is usually carried out according to the proce- 
dures discussed in the following five sections. 


Packing the Column. The quantity of stationary phase required is deter- 
mined by the sample size. A common rule of thumb is to use a weight of pack- 
ing material 30— 100 times the weight of the sample to be separated. Columns 
are usually built with roughly a 10:1 ratio of height to diameter. In the mi- 
croscale laboratory, two standard chromatographic columns are used: 


1. A Pasteur pipet, modified by shortening the capillary tip, is used to sep- 
arate smaller mixtures (10-100 mg). Approximately 0.5-2.0 g of packing 
is used in the pipet column (Fig. 5.33a). 

2. A50-mL titration buret (modified by shortening the column to 10 cm above 
the stopcock) is used for larger (50-200 mg) or difficult-to-separate sample 
mixtures. A buret column uses approximately 5-20 g of packing (Fig. 5.330). 


Solvent: Entire column noust always 
be under solvent 
Sand (1 cm} 
: 


Alumina: 25 g for every 1 g 
of mixture to 
be separated 


Elution solvent 
Sand 


SiD>, 500 mg 





Sand, 50 mg Collection flask 





Cotton plug 
(a} (d) 

Figure 5.33 Chromatographic columns: (a) a Pasteur pipet column; (b) a buret 

column. (From Zubrick, James W. The Organic Chem Lab Survival Manual, 7th ed.; Wiley: 

New York, 2008. Reprinted by permission of John Wiley & Sons, Inc., New York.) 
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Both columns are prepared by first clamping the empty column in a vertical 
position and then seating a small cotton or glass wool plug at the bottom. For 
a buret column, cover the cotton with a thin layer of sand. The Pasteur pipets 
are loaded by adding the dry adsorbent with gentle tapping,“ dry packing.” The 
pipet column (dry column) is then premoistened just prior to use. 

The burets (wet columns) are packed by a slurry technique. In this proce- 
dure the column is filled part way with solvent; then the stopcock is opened 
slightly, and as the solvent slowly drains from the column a slurry of the 
adsorbent-solvent is poured into the top of the column. The column should 
be gently tapped while the slurry is added. The solvent is then drained to the 
top of the adsorbent level and held at that level until used. Alternatively, the 
wet-packed column can be loaded by sedimentation techniques rather than 
using a slurry. One such routine is to initially fill the column with the least- 
polar solvent to be used in the intended chromatographic separation. Then 
the solid phase is slowly added with gentle tapping, which helps to avoid 
subsequent channeling. As the solid phase is added, the solvent is slowly 
drained from the buret at the same time. After the adsorbent has been fully 
loaded, the solvent level is then lowered to the top of the packing as in the 
slurry technique. 


Sample Application. Using a Pasteur pipet, apply the sample in a mini- 
mum amount of solvent (usually the least polar solvent in which the mate- 
rial is readily soluble) to the top of the column. Do not disturb the sand layer! 
Rinse the pipet, and add the rinses to the column just as the sample solution 
drains to the top of the adsorbent layer. 


Elution of the Column. The critical step in resolving the sample mixture is 
eluting the column. Once the sample has been applied to the top of the col- 
umn, the elution begins (a small layer of sand can be added to the top of the 
buret column after addition of the first portion of elution solvent). 


NOTE: Do not let the column run dry: This can cause channels to form in the 
column. 


In a buret column, the flow is controlled by the stopcock. The flow rate 
should be set to allow time for equilibrium to be established between the two 
phases; this will depend on the nature and amount of the sample, the solvent, 
and how difficult the separation will be. The Pasteur pipet column is free 
flowing (the flow rate is controlled by the size of the capillary tip and its plug); 
once the sample is on the column, the chromatography will require constant 
attention. 

If necessary, it is possible to ease this restriction somewhat by modifying 
the pipet. Place a Tygon connector (short sleeve) at the top of the pipet column. 
Once the sample is on the column, insert a second pipet into this connector 
with its tip just below the liquid level on the top of the column. Add additional 
solvent through the second pipet (use a bulb, if necessary, but remove it 
before the elution begins), which acts as a solvent reservoir. As the solvent 
level in the column pipet drops below the tip of the top pipet, air is admitted, 
and additional solvent is automatically delivered to the chromatographic col- 
umn. Thus, the solvent head on the column is maintained at a constant volume. 
The top pipet need be filled only at necessary intervals; larger volumes of sol- 
vent can thus be added to this reservoir. This arrangement also prevents dis- 
lodging of the absorbent as new solvent is added. 
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NOTE It is exceedingly important that solvents do not come in contact with the 
Tygon sleeve holding the second pipet. These sleeves contain plasticizers that will 
readily dissolve and contaminate the sample. 


The choice of solvent is dictated by a number of factors. A balance between 
the adsorption power of the stationary phase and the solvation power of the 
elution solvent governs the rate of travel of the material down the column. If 
the material travels rapidly down the column, then too few adsorption—elution 
cycles will occur and the materials will not separate. If the sample travels too 
slowly, diffusion broadening takes over and separation is degraded. Solvent 
choices and elution rates can strike a balance between these factors and max- 
imize the separation. It can take considerable time to develop a solvent or mix- 
ture of solvents that produces a satisfactory separation of a particular mixture. 


Fraction Collection. As the solvent elutes from the column, it is collected in 
a series of “fractions” by using small Erlenmeyer flasks or vials. Under ideal 
conditions, as the mixture of material travels down the column, it will separate 
into several individual bands (zones) of pure substances. By careful collection 
of the fractions, these bands can be separated as they sequentially elute from 
the column (similar to the collection of GC fractions in the example described 
in Technique 1). The bands of eluted material can be detected by a number of 
techniques (weighing fraction residues, colored materials, TLC, etc.). 

Column chromatography is a powerful technique for the purification of 
organic materials. In general, it is significantly more efficient than crystalliza- 
tion procedures. Recrystallization is often best avoided until the last stages of 
purification, where it will be most efficient. Rely instead on chromatography to 
do most of the separation. 

Column chromatography of a few milligrams of product usually takes no 
more than 30 min, but chromatographing 10 g of product might easily take several 
hours, or even all day. Large-scale column chromatography (50-100 g) of a com- 
plex mixture could take several days to complete using this type of equipment. 


Flash Chromatography 


Flash chromatography, first described by Still and co-workers in 1978, is a 
common method for separating and purifying nonvolatile mixtures of organic 
compounds.'® The technique is rapid, easy to perform, relatively inexpensive, 
and gives good separations. Many laboratories routinely use flash chromatog- 
raphy to separate mixtures ranging from 10 mg to 10 g. 

This moderate-resolution, preparative chromatography technique was 
originally developed using silica gel (40-63 wm). Bonded-phase silica gel of a 
larger particle size can be used for reversed-phase flash chromatography. 
Flash chromatography columns are generally packed dry to a height of ap- 
proximately 6 in. Thin-layer chromatography is a quick way to choose sol- 
vents for flash chromatography. A solvent that gives differential retardation 
factor (DR, values (of the two substances requiring seperation) = 0.15 on 
TLC usually gives effective separation with flash chromatography. Table 5.9 
lists typical experimental parameters for various sample sizes, as a guide to 
separations using flash chromatography. In general, a mixture of organic 
compounds separable by TLC can be separated preparatively using flash 
chromatography. 


"Still, W. C.; Kahn, M.; Mitra, A. J. Org. Chem. 1978, 43, 2923. 
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Table 5.9 Typical Experimental Parameters 
Column Total Typical Sample Loading (mg) Typical 
Diameter Volume of Fraction 
(mm) Eluent (mL)’ DR = 02 DRy = 01 (mL) 
10 100-150 100 40 5 
20 200-250 400 160 10 
30 400-450 900 360 20 
40 500-550 1600 600 30 
50 1000-1200 2500 1000 50 
Source. Data from Majors, R. E., and Enzweiler, T. LC, GC 1998, 6, 1046. 
“Required for both packing and elution. 








Flash chromatography apparatus generally consists of a glass column 
equipped to accept a positive pressure of compressed air or nitrogen applied 
to the top of the column. A typical commercially available arrangement is 


shown in Figure 5.34.1° 


Generally, a 20-25% solution of the sample in the elution solvent is recom- 
mended, as is a flow rate of about 2 in./min. The column must be conditioned, 
before the sample is applied, by flushing the column with the elution solvent to 
drive out air trapped in the stationary phase and to equilibrate the stationary 


phase and the solvent. 


Compressed 
air or N5 
= Flow controlter with 
Teflon needle valve 
Solvent 
reservoir 
Pinch clamps Solvent 
reservoir 
7 Column with iE 
inJem graduations |K—~ 
Column with 
Teflon stopcock 
{a} 


Hibiatimetl 









Flow controller with 
Teflon needle valve 


air or Np 





Detail of $ threaded 
Bround-glass joint 


Self-extracting 
“» Teflon stopcock 


Figure 5.34 (a) Conventional column and (b) screw-threaded column. 


A complete line of glass columns, reservoirs, clamps, and packing materials for flash chro- 
matography is offered by Sigma-Adrich Chemical Co., P.O. Box 355, Milwaukee, WI 53201. 
Silica gels for use in this technique are also available from Amicon, Danvers, MA; J. T. Baker, 
Phillipsburg, NJ; EM Science/Merck, Gibbstown, NJ.; ICN Biomedicals, Inc., Cleveland, OH. 
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Several modifications of the basic arrangement have been reported, espe- 
cially in regard to the adaptation of the technique to the instructional laboratory. 
These involve inexpensive pressure control valves, use of an aquarium “vibrator” 
air pump, and adapting a balloon reservoir to supply the pressurized gas. 

At the microscale level, a pipet bulb or pump on the pipet column can be 
used to supply pressure to the column. If a bulb is used, squeeze it to apply 
pressure, and remove the bulb from the pipet before releasing it! Otherwise, 
material may be sucked up into the bulb and most likely disturb the column. 
Reapply the bulb to re-create pressure. If a pump is used, do not back off the 
pressure once it has been applied. 

An improved method, utilizing a capillary Pasteur pipet for introducing the 
sample onto the chromatographic column approximately doubles the effec- 
tiveness (theoretical plates) of the column.”° Dry-column flash chromatogra- 
phy” has been adapted for use in the instructional laboratory.** The “column” 
consists of a dry bed of silica gel in a sintered glass funnel placed in a standard 
vacuum filtration flask; the solvent is eluted by suction. Small (16 x 150-mm) 
test tubes inserted into the flask below the stem of the funnel are used to col- 
lect the fractions. This technique has been used successfully to separate mix- 
tures ranging from 150 to 1000 mg. 


Thin-Layer Chromatography 


Thin-layer chromatography (TLC) is closely related to column chromatogra- 
phy, in that the phases used in both techniques are essentially identical. Alu- 
mina and silica gel are typical stationary phases, and the usual solvents are the 
mobile phases. There are, however, some distinct differences between TLC and 
column chromatography. The mobile (liquid) phase descends in column chro- 
matography; the mobile phase ascends in TLC. The column of stationary-phase 
material used in column chromatography is replaced by a thin layer (100 xm) of 
stationary phase spread over a flat surface. A piece of window glass, a microscope 
slide, or a sheet of plastic can be used as the support for the thin layer of station- 
ary phase. It is possible to prepare your own glass plates, but plastic-backed thin- 
layer plates are only commercially available. Plastic-backed plates are particularly 
attractive because they can easily be cut with scissors into strips of any size. Typi- 
cal strips measure about 1 X 3 in., but even smaller strips can be satisfactory. 
Thin-layer chromatography has some distinct advantages: it needs little 
time (2— 5 min) and it needs very small quantities of material (2-20 wg). The 
chief disadvantage of this type of chromatography is that it is not very amenable 
to preparative scale work. Even when large surfaces and thicker layers are used, 
separations are most often restricted to a few milligrams of material. 


NOTE. Do not touch the active surface of the plates with your fingers. Handle 
them only by the edge. 


TLC is performed as follows: 


Step 1. Draw a light pencil line parallel to the short side of the plate, 
5-10 mm from the edge. Mark one or two points, evenly spaced, on the line. 


*°Pivnitsky, K. K. Aldrichimica Acta 1989, 22, 30. 

*1Harwood, L. M.; Aldrichimica Acta 1985, 18, 25; Sharp, J. T.; Gosney I.; Rowley A. G. 
Practical Organic Chemistry; Chapman & Hall: New York, 1989. 

2Shusterman, A. J.; McDougal, P. G.; Glasfeld, A. J. Chem. Educ. 1997, 74, 1222. 
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Silica gel TLC plate 
(1 x din) 






Micropipet 
spotting sample 


Sample 
solution 


100-aL conical 
vial 
Figure 5.35 Applying a sample 
to a TLC plate. 


Original sample 
spots 


Place the sample to be analyzed (1 mg or less) in a 100-wL conical vial 
and add a few drops of a solvent to dissolve the sample. Use a capillary 
micropipet to apply a small fraction of the solution from the vial to the 
plate (Fig. 5.35). (These pipets are prepared by the same technique used 
for constructing the capillary insert for ultramicro boiling-point determi- 
nations, see Chapter 4.) Apply the sample to the adsorbent side of the 
TLC plate by gently touching the tip of the filled capillary to the plate. 
Remove the tip from the plate before the dot of solvent grows to much 
more than a few millimeters in diameter. If it turns out that you need to 
apply more sample, let the dot of solvent evaporate and then reapply 
more sample to exactly the same spot. 


Step 2. Place the spotted thin-layer plate in a screw-capped, wide- 
mouth jar, or a beaker with a watch glass cover, containing a small 
amount of elution solvent (Fig. 5.36). It helps if one side of the jar’s 
(beaker’s) interior is covered with a piece of filter paper that wicks the 
solvent up to increase the surface area of the 100 solvent. The TLC plate 
must be positioned so that the spot of your sample is above the solvent. 
Cap the jar, or replace the watch glass on the beaker, to maintain an 
atmosphere saturated with the elution solvent. The elution solvent climbs 
the plate by capillary action, eluting the sample up the plate. Do not move 
the developing chamber after the action has started. Separation of mixtures 
into individual spots occurs by exactly the same mechanism as in col- 
umn chromatography. Stop the elution by removing the plate from the 
jar or beaker when the solvent front nears the top of the TLC plate. 
Quickly (before the solvent evaporates) mark the position of the solvent 
front on the plate. 


Watch glass cover 


Clear end of plate 


Spotted material must 
be above solvent level 





Figure 5.36 Developing a TLC plate. (From Zubrick, J. W. The Organic Chem Lab Survival 


Manual, 7th ed.; Wiley: New York. 2008. Reprinted by permission of John Wiley & Sons, 
Inc., New York.) 
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Step 3. Colorless, separated components of a mixture can often be 
observed in a developed TLC plate by placing the plate in an iodine-vapor 
chamber (a sealed jar containing solid I,) for a minute or two. Iodine forms 
a reversible complex with most organic substances and dark spots will thus 
appear in those areas containing sample material. Mark the spots with a 
pencil soon after removing the TLC plate from the iodine chamber because 
the spots may fade. Samples that contain a UV-active chromophore (see 
Chapter 8) can be observed without using iodine. TLC plates are commonly 
prepared with an UV-activated fluorescent indicator mixed in with the sil- 
ica gel. Sample spots can be detected with a hand-held UV lamp; the sam- 
ple quenches the fluorescence induced by the lamp and appears as a dark 
spot against the fluorescent blue-green background. 


Step 4. The TLC properties of a compound are reported as Ry values 
(retention factors). The Ry value is the distance traveled by the substance 
divided by the distance traveled by the solvent front (this is why the posi- 
tion of the solvent front should be quickly marked on the plate when the 
chromatogram is terminated; see Fig. 5.37). TLC Ry values vary with the 
moisture content of the adsorbent. Thus, the actual Ry of a compound in 
a given solvent can vary from day to day and from laboratory to labora- 
tory. The best way to determine if two samples have identical R; values is 
to elute them together on the same plate. 


Thin-layer chromatography is used in a number of applications. The speed 
of the technique makes it quite useful for monitoring large-scale column chro- 
matography. Analysis of fractions can guide decisions on the solvent-elution 
sequence. TLC analysis of column-derived fractions can also determine how 
best to combine collected fractions. Following the progress of a reaction by pe- 
riodically removing small aliquots for TLC analysis is an extremely useful ap- 
plication of thin-layer chromatography. 


Paper Chromatography 


The use of cellulose-paper as an adsorbent is referred to as paper chromatogra- 
phy. This technique has many of the characteristics of TLC in that sheets or 


Solvent front 


—-— Compound 2 


Original 
spot 





Original plate Developed plate 
Recompound ) = 32 = 0.50 —_ Refcompound 2) = $1 = 0.87 


Figure 5.37 Determining R, values. 
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strips of filter paper are used as the stationary phase. In this case, however, the 
paper is usually positioned to hang down from trays holding the paper and the 
elution solvent. The solvent front, therefore, descends downward rather than 
upward as in TLC. Paper chromatography has a distinct advantage: It is very 
amenable to the use of aqueous mobile phases and very small sample sizes. It 
is primarily used for the separation of highly polar or polyfunctional species 
such as sugars and amino acids. It has one major disadvantage: It is very slow. 
Paper chromatograms can easily take three to four hours or more to elute. 


High-Performance Liquid Chromatography 


Although gas chromatography is a powerful chromatographic method, it is lim- 
ited to compounds that have a significant vapor pressure at temperatures up to 
about 200 °C. Thus, compounds of high molecular weight and/or high polarity 
cannot be separated by GC. High-performance liquid chromatography (HPLC) 
does not present this limitation. 

GC and HPLC are somewhat similar, in the instrumental sense, in that the 
analyte is partitioned between a stationary phase and a mobile phase. 
Whereas the mobile phase in GC is a gas, the mobile phase in HPLC is a 
liquid. As shown schematically in Figure 5.38, the mobile phase (solvent) is 
delivered to the system by a pump capable of pressures up to about 6000 psi. 
The sample is introduced by the injection of a solution into an injection loop. 
The injection loop is brought in line between the pump and the column (stain- 
less steel) by turning a valve; the sample then flows down the column, is par- 
titioned, and flows out through a detector. 

The solid phase in HPLC columns used for organic monomers is usually 
some form of silica gel.“Normal” HPLC refers to chromatography using a 
solid phase (usually silica gel) that is more polar than the liquid phase, or 
solvent, so that the less polar compounds elute more rapidly. Typical solvents 
include ethyl acetate, hexane, acetone, low molecular weight alcohols, chlo- 
roform, and acetonitrile. For extremely polar compounds, such as amino 


Injector 









Sample 


Syringe Recorder 


Mobile Phase Reservoir Waste Reservoir 
Figure 5.38 High-performance liquid chromatography system block diagram. (Cour- 
tesy of the Perkin-Elmer Corp., Norwalk, CT.) 
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acids, “reversed-phase” HPLC is used. Here, the liquid phase is more polar 
than the stationary phase, and the more polar compounds elute more rapidly. 
The mobile phase is usually a mixture of water and a water-miscible organic 
solvent such as acetonitrile, dioxane, methanol, isopropanol, or acetone. The 
stationary phase is usually a modified silica gel where the —OH groups of the 
silica gel have been replaced by —OSiR groups; R is typically a linear Cj alkyl 
chain. These so-called“bonded-phase” columns are not capable of handling 
as much analyte as normal silica gel columns, and are thus easily overloaded 
and are less useful for preparative work. (For further discussion see Solid- 
Phase Extraction, Technique 4, page 83.) 

A wide variety of detection systems are available for HPLC. UV detection 
is common, inexpensive, and sensitive. The solvent flowing off the column is 
sent through a small cell where the UV absorbance is recorded over time. 
Many detectors are capable of variable wavelength operation so the detector 
can be set to the wavelength most suitable to the compound or compounds 
being analyzed. Photodiode array detectors are available; these can obtain a 
full UV spectrum in a fraction of a second, so that more information can be ob- 
tained on each component of a mixture. For compounds that absorb light in 
the visible (vis) spectrum, many detectors can be set to visible wavelengths. 
The principal shortcoming of UV-vis detection is that to be detected, com- 
pounds being studied must have a UV chromophore, such as an aromatic ring 
or other conjugated m system (see Chapter 8). 

For compounds that lack a UV-vis chromophore, refractive index (RI) de- 
tection is a common substitute. An RI detector measures the difference in re- 
fractive index between the eluant and a reference cell filled with the elution 
solvent. Refractive index detection is significantly less sensitive than UV-vis 
detection, and the detector is quite sensitive to temperature changes during 
the chromatographic run. 

More sophisticated HPLC instruments offer the ability to mix two or 
three different solvents and to use solvent gradients by changing the solvent 
composition as the chromatographic run progresses. This allows the simulta- 
neous analysis of compounds that differ greatly in their polarity. For example, 
a silica gel column might begin elution with a very nonpolar solvent, such as 
hexane. The solvent polarity is then continuously increased by blending in 
more and more ethyl acetate until the elution solvent is pure ethyl acetate. 
This effect is directly analogous to temperature programming in GC. 

For analytical work, typical HPLC columns are about 5 mm in diameter 
and about 25 cm in length. The maximum amount of analyte for such 
columns is generally less than 1 mg, and the minimum amount is deter- 
mined by the detection system. High-performance liquid chromatography 
can thus be used to obtain small amounts of purified compounds for infrared 
(IR), nuclear magnetic resonance (NMR) or mass spec-trometric (MS) analy- 
sis. Larger “semipreparative” columns that can handle up to about 20 mg 
without significant overloading are useful for obtaining material for **C NMR 
spectroscopy or further synthetic work. 

HPLC has the advantage that it is rapid, it uses relatively small amounts of 
solvent, and it can accomplish very difficult separations. 


Concentration of Solutions 
The solvent can be removed from chromatographic fractions (extraction solu- 
tions, or solutions in general) by a number of different methods. 
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Distillation 


Concentration of solvent by distillation is straightforward, and the standard 
routine is described in Technique 2 (page 61). This approach allows for high re- 
covery of volatile solvents and often can be done outside a hood. The Hickman 
still head and the 5- or 10-mL round-bottom flask are useful for this purpose. 
Distillation should be used primarily for concentration of the chromatographic 
fraction, followed by transfer of the concentrate with a Pasteur filter pipet to a 
vial for final isolation. 


Evaporation with Nitrogen Gas 


A very convenient method for removal of final solvent traces is the concentra- 
tion of the last 0.5 mL of a solution by evaporation with a gentle stream of ni- 
trogen gas while the sample is warmed in a sand bath. This process is usually 
done at a hood station where several Pasteur pipets can be attached to a man- 
ifold leading to a source of dry nitrogen gas. Gas flow to the individual pipets is 
controlled by needle valves. Always test the gas flow with a blank vial of solvent. 
Ruekberg described an alternative way to remove solvent from solutions 
of compounds that are not readily oxidized.” The setup includes an aquarium 
air pump, a pressure safety valve and ballast container, a drying tube, and a 
manifold. Blunted hypodermic needles are used in place of Pasteur pipets. 
The sample vial will cool as the solvent evaporates, and gentle warming 
and agitation of the vial will thus help remove the last traces of the solvent. 
This avoids possible moisture condensation on the sample residue, as long as 
the gas itself is dry. Do not leave the heated vial in the gas flow after the solvent is 
removed! This precaution is particularly important in the isolation of liquids. 
Tare the vial before filling it with the solution to be concentrated; constant 
weight over time is the best indication that all solvent has been removed. 


Removal of Solvent Under Reduced Pressure 


Concentration of solvent under reduced pressure is very efficient. It reduces 
the time for solvent removal in microscale experiments to a few minutes. In 
contrast, distillation or evaporation procedures require many minutes for even 
relatively small volumes. Several methods are available. 


Filter Flask Method. This vacuum-concentration technique can be tricky 
and should be practiced prior to committing hard-won reaction product to this 
test. The procedure is most useful with fairly large chromatographic fractions 
(5-10 mL). The sequence of operations is as follows (see also Fig. 5.39): 






Ti-mm Hirsch 
funnel 


Filter paper 


Jo vacuum 
{rap 


sas Figure 5.39 Removal of solvent under 


Solvent reduced pressure. 


*SRuekberg, B. J. Chem. Educ. 1995, 72, A200. 


—p— CONFIRMING PAGES 


aq aptara 


EQA 


JWCL196_c05_055-114.qxd 11/16/09 1:57 PM Page 103 
$ EQA 


TECHNIQUE 6 Chromatography 103 


Step 1. Transfer the chromatographic fraction to the 25-mL filter flask. 
Step 2. Insert the 11-mm Hirsch funnel and rubber adapter into the flask. 


Step 3. Turn on the water pump (with trap) and connect the vacuum 
tubing to the pressure flask side arm while holding the flask in one hand. 


Step 4. Place the thumb of the hand holding the filter flask over the Hirsch 
funnel filter bed to shut off the air flow through the system (see Fig. 5.39). 
This will result in an immediate drop in pressure. The volatile solvent will 
rapidly come to a boil at room temperature. Thumb pressure adjusts air 
leakage through the Hirsch funnel and thereby controls the pressure in the 
system. It is also good practice to learn to manipulate the pressure so that 
the liquid does not foam up into the side arm of the filter flask. 


The filter flask must be warmed by the sand bath during this operation; rapid 
evaporation of the solvent will quickly cool the solution. The air leak used to con- 
trol the pressure results in a stream of moist laboratory air being rapidly drawn 
over the surface of the solution. If the evaporating liquid becomes cold, water will 
condense over the interior of the filter flask and contaminate the isolated residue. 
Warming the flask while evaporating the solvent will avoid this problem and help 
speed solvent removal. The temperature of the flask should be checked from time 
to time by touching it with the palm of the free hand. The flask is kept slightly 
above room temperature by adjusting the heating and evaporation rates. It is best 
to practice this operation a few times with pure solvent (blanks) to see whether 
you can avoid boilovers and accumulating water residue in the flask. 


Rotary Evaporator Method. In most research laboratories, the most effi- 
cient way to concentrate a solution under reduced pressure is to use a rotary 
evaporator. A commercial micro-rotary evaporator is shown in Figure 5.40. 


Figure 5.40 Heidolph micro-rotary 
evaporator. (Courtesy of Caframo, 
Ltd., Wiarton, Ontario,Canada.) 
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QUESTIONS 


This equipment makes it possible to recover the solvent removed during the 
operation. 

The rotary evaporator is a motor-driven device that rotates the flask con- 
taining the solution to be concentrated under reduced pressure. The rotation 
continuously exposes a thin film of the solution for evaporation. This process is 
very rapid, even well below the boiling point of the solvent being removed. 
Since the walls of the rotating flask are constantly rewetted by the solution, 
bumping and superheating are minimized. The rotating flask may be warmed 
in a water bath or other suitable device that controls the rate of evaporation. A 
suitable adapter (a“bump bulb”) should be used on the rotary evaporator to 
guard against splashing and sudden boiling, which may lead to lost or con- 
taminated products. 

In microscale work, never pour a recovered liquid product from the rotary 
flask. Always use a Pasteur pipet. 


Hickman Still-Rotary Evaporation Apparatus. A simple microscale ro- 
tary evaporator for use in the instructional laboratory consists of a 10-mL 
round-bottom flask connected to a capped Hickman still (side-arm type), 
which in turn is attached to a water aspirator (with trap).”* The procedure in- 
volves transferring the solution to be concentrated to the preweighed 10-mL 
flask. The flask is then attached to a Hickman still with its top joint sealed with 
a rubber septum and threaded compression cap. The apparatus is connected by 
the still side arm to the trap—vacuum source with a vacuum hose. With the as- 
pirator on, one shakes the apparatus while warming the flask in the palm of the 
hand. In this manner, bumping is avoided and evaporation is expedited. The 
still acts as a splash guard. Heat transfer is very effective, and once the flask 
reaches ambient temperature, the vacuum is released by venting through the 
trap stopcock. 


5-30. When marking the sample line on aTLC plate, why is it inadvisable to use a ball-point pen? 


5-31. A series of dyes is separated by TLC. The data are given below. Calculate the Ry value for each dye. 








Material Distance moved (cm) 
Solvent 6.6 
Bismarck brown 1.6 
Lanacyl violet BF 3.8 
Palisade yellow 3G 5.6 
Alizarine emerald G 0.2 











5-32. Why is it important not to let the level of the elution solvent in a packed chromatographic column drop below the 
top of the solid-phase adsorbent? 


5-33. What are some advantages of using column chromatography to purify reaction products in the microscale 


laboratory? 


5-34. Discuss the similarities and dissimilarities of TLC, paper, and column chromatography. 


“Maynard, D. F. J. Chem. Educ. 1994, 71, A272. 
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5-35. Discuss the similarities and dissimilarities of HPLC and gas 
chromatography. 
5-36. (a) What are the main advantages of using flash chromatography? 
(b) How can TLC be used in connection with flash chromatography? 
5-37. Using the information presented on the right, please identify and explain om 
which spot has an R-value of 0.5. 


NOTE. The following experiments use Technique 6: Experiments [8A], [8B], 
[8C], (TiC), (12), [13], [16], [17], (18Al, FI9B], (19C], [79D], [22A], 22Bi, 
[27], [29A], [29B], [29C], [29D], [30], [33A], [33B], [35], [A2,q], [Alp], [E1], and [E3]. 
HTAgaol, Bese! [4 ndol, and [7 adel www 





Collection or Control of Gaseous Products 


Water-Insoluble Gases 


Numerous organic reactions lead to the formation of gaseous products. If 
the gas is insoluble in water, collection is easily accomplished by displacing 
water from a collection tube. A typical experimental setup for the collection 
of gases is shown in Figure 5.41. 

As illustrated, the glass capillary efficiently transfers the evolved gas to 
the collection tube. The delivery system need not be glass; small polyethyl- 
ene or polypropylene tubing may also serve this purpose. In this arrange- 
ment, a syringe needle is inserted through a septum to accommodate the 
plastic tubing as shown in Figure 5.42. An alternative to this connector is a 
shortened Pasteur pipet inserted through a thermometer adapter (Fig. 5.42). 
Another alternative to the syringe needle or glass pipet tip is suggested by 
Jacob.” The lower half of the tapered tip of a plastic automatic delivery pipet 











2-Butanel, 100 pl, + 
concd H,$Q,4, 20 xl 





Figure 5.41 Microscale gas collection apparatus. 


Jacob, L. A. J. Chem. Educ. 1992, 69, A313. 
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Figure 5.43 Removal of collected 
gases. 


To collection tube 
or gas trap 


To collection tube 
— > of pas trap 


Flexible tubing Flexible tubing 





Pipet tip 
Thermometer adapter 


Syringe needle 


Rubber septum 


or 


| { 


To reaction flask To reaction flask 
Figure 5.42 Alternative arrangements for controlled gas collection. 


tip is cut off to prevent buildup of excess pressure in the reaction vessel. The 
pipet tip is then inserted through a previously pierced rubber septum or into 
a thermometer adapter. The narrow end of the tip is then inserted into the 
plastic tubing. 

An example of a reaction leading to gaseous products that can use this 
collection technique is the acid-catalyzed dehydration of 2-butanol described 
in Experiment [9]. The products of this reaction are a mixture of alkenes: 
1-butene, trans-2-butene, and cis-2-butene, which boil at —6.3, 0.9, and 3.7 °C 
respectively and sec-butyl ether (2,2’-oxybisbutane) which boils at 123 °C. 
While all four compounds are formed in the reaction mixture, the setup is de- 
signed to collect the gases and thus the three alkenes. 

In Figure 5.41 the gas collection tube is capped with a rubber septum. 
This arrangement allows for convenient removal of the collected gaseous 
butenes using a gas-tight syringe, as shown in Figure 5.43. In this particular 
reaction, the mixture of gaseous products is conveniently analyzed at ambi- 
ent temperature by GC (see Technique 1). 


Trapping Byproduct Gases 


Some organic reactions release poisonous or irritating gases as byproducts. 
For example, hydrogen chloride, ammonia, and sulfur dioxide are typical 
byproducts in organic reactions. In these cases, the reaction is generally run in 
a hood. A gas trap may be used to prevent the gases from being released into 
the laboratory atmosphere. If the evolved gas is water soluble, the trap tech- 
nique works well at the microscale level. The evolved gas is directed from the 
reaction vessel to a container of water or other aqueous solution, wherein it 
dissolves (reacts). For example, a dilute solution of sodium or ammonium hy- 
droxide is suitable for acidic gases (such as HCl); a dilute solution of sulfuric or 
hydrochloric acid is suitable for basic gases (such as NHs or low molecular 
weight amines). Various designs are available for gas traps. A simple, easily as- 
sembled one for a gas that is very soluble in water is shown in Figure 5.44. 
Note that the funnel is not immersed in the water. If the funnel is held below 
the surface of the water and a large quantity of gas is absorbed or dissolved, 
the water easily could be drawn back into the reaction assembly. If the gas to 
be collected is not very soluble, the funnel may be immersed just below (1-2 mm) 
the surface of the water. 
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Flexible tubing 


Thermometer adapter 
or rubber stopper 


Funnel 





To reaction flask 
Figure 5.44 Trapping a water-soluble gas. 


At the microscale level, small volumes of gases are evolved that may not 
require the funnel. Three alternatives are available: 


a. 


b. 


5-38. In Figure 5.41 why is a septum, not just a plain cap, used on the top of the gas collection tube? 


Fill the beaker (100 mL) in Figure 5.41 with moistened fine glass wool 
and lead the gas delivery tube directly into the wool. 


Place moistened glass wool in a drying tube and attach the tube to 
the reaction apparatus (see Chapter 3W, Fig. 3.10W). However, be 
careful not to let the added moisture drip into the reaction vessel; 
place a small section of dry glass wool in the tube before the moist 
section is added. 


. Use a water aspirator. An inverted funnel can be placed over the appa- 


ratus opening where the evolved gas is escaping (usually the top of a 
condenser) and connected with flexible tubing (through a water trap) 
to the aspirator. A second arrangement is to use a glass or plastic T- 
tube (open on one end) inserted in the top of the condenser, by use of 
a rubber stopper, in place of the funnel.”° If the reaction must be run 
under anhydrous conditions, a drying tube is inserted between the con- 
denser and T-tube. This arrangement is very efficient, easy to assemble, 
and inexpensive. The simplest method is to clamp a Pasteur pipet so 
that its tip is inserted well into the condenser, and connect it (through 
a water trap) to the aspirator. 


QUESTIONS 


5-39. An evolved gas is directed from the reaction vessel to a container of water or other aqueous solution, wherein it dis- 
solves (reacts). For example, a dilute solution of sodium or ammonium hydroxide is suitable for acidic gases (such as 
HCl). What solution would be appropriate to trap thiols and sulfides? (Hint: Consult a qualitative analysis text.) 


5-40. One way to eliminate emissions is to place moistened glass wool in a drying tube, which is then attached to the re- 


www action apparatus (Fig. 3.10W). What precautions must be taken when using this method? 


5-41. In the collection of water-insoluble gases with the apparatus shown in Figure 5.41, describe how one might measure 
the rate at which a gas is evolved from a reaction mixture. 


NOTE. The following experiments use Technique 7: Experiments [9], [10], [14], 


[A2,], 


and [B2]. 


?6Horodniak, J. W.; Indicator, N. J. Chem. Educ. 1970, 47, 568. 
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Figure 5.45 Oscillation of the 
electric field of ordinary light 
occurs in all possible planes 
perpendicular to the direction 
of propagation. (From Solomons, 
T. W.G. Organic Chemistry, 9th ed.; 
Wiley: New York, 2008. Reprinted by 
permission of John Wiley & Sons, 
Inc., New York.) 


Figure 5.46 The plane of oscilla- 
tion of the electric field of plane- 
polarized light. In this example the 
plane of polarization is vertical. 
(From Solomons, T. W. G. Organic 
Chemistry, 9th ed.; Wiley: New York, 
2008. Reprinted by permission of 
John Wiley & Sons, Inc., New York.) 


Measurement of Specific Rotation 


Solutions of optically active substances, when placed in the path of a beam of 
polarized light, may rotate the plane of the polarized light. Enantiomers (two 
molecules that are nonidentical mirror images) have identical physical proper- 
ties (melting points, boiling points, infrared and nuclear magnetic resonance 
spectra, etc.) except for their interaction with plane polarized light, their opti- 
cal activity. Optical rotation data can provide important information concern- 
ing the absolute configuration and the enantiomeric purity of a sample. 
Optical rotation is measured using a polarimeter. This technique is applica- 
ble to a wide range of analytical problems, from purity control to the analysis 
of natural and synthetic compounds. The results obtained from measuring the 
observed angle of rotation a are generally expressed as the specific rotation [a]. 


Theory 


Ordinary light behaves as though it were composed of electromagnetic waves 
in which the oscillating electric field vectors are distributed among the infi- 
nite number of possible orientations around the direction of propagation (see 
Fig. 5.45). 


NOTE. A beam of light behaves as though it is composed of two, mutually per- 
pendicular, oscillating fields: an electric field and a magnetic field. The oscillating 
magnetic field is not considered in the following discussion. 


The planes in which the electrical fields oscillate are perpendicular to 
the direction of propagation of the light beam. If one separates one partic- 
ular plane of oscillation from all other planes by passing the beam of light 
through a polarizer, the resulting radiation is plane-polarized (Fig. 5.46). In 
the interaction of light with matter, this plane-polarized radiation is repre- 
sented as the vector sum of two circularly polarized waves. The electric vec- 
tor of one of the waves moves in a clockwise direction; the other moves in a 
counterclockwise direction. Both waves have the same amplitude (Fig. 5.47). 
These two components add vectorially to produce plane-polarized light. 


E 
£, 
E 
J 










I 
I 
Dwectibn af 
propagation 










I 
| E 


I 
| Ey 
7 3 
E=0 E=0 


Figure 5.47 A beam of plane-polarized light viewed from the side (sine wave) and 
along the direction of propagation at specific times (circles) where the resultant 
vector E and the circularly polarized components £, and E, are shown. (From Douglas, B., 
McDaniel, D. H., and Alexander, J. J. Concepts and Models of Inorganic Chemistry, 3rd._ ed. 
Wiley, New York, 1994. Reprinted by permission of John Wiley & Sons, Inc., New York.) 
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Analyzer 
(can be rotated) 


+90° 


As the arrows indicate, the 
optically active substance 
in solution in the tube is 
causing the plane of the 

polarized light to rotate 


Degree scale 
(fixed) 
The plane of polarization 
of the emerging light is 
not the same as that of 
the entering polarized light. 


Polarimeter tube 


Light source 


—Polarizer and analyzer are parallel 
[k) —No optically active substance is present. 
S —Polarized light can get through analyzer. 


(a) 


—Polarizer and analyzer are crossed. 
—No optically active substance is present. 
— —No polarized light can emerge from 


YY analyzer. 


— Substance between polarizer and 
analyzer is optically active. 
—Analyzer has been rotated to the left 
(from observer's point of view) to permit 
P rotated polarized light through (substance 
is levorotatory). 





Polarizer Analyzer Observer 
Figure 5.48 Operation of a polarimeter. (From Solomons, T. W. G. Organic Chemistry, 
9th ed. Wiley, New York, 2008. Reprinted by permission of John Wiley & Sons, Inc. New York.) 


If the passage of plane-polarized light through a material reduces the 
velocity of one of the circularly polarized components more than the other by 
interaction with bonding and nonbonding electrons, the transmitted beam of ' 
radiation has its plane of polarization rotated from its original position (Figs. 5.48 
and 5.49). A polarimeter is used to measure this angle of rotation. 


The Polarimeter 





The polarimeter measures the amount of rotation caused by an optically active 
compound (in solution) placed in the beam of the plane polarized light. The 
principal parts of the instrument are diagrammed in Figure 5.48. Two Nicol Figure 5.49 Plane-polarized 
prisms are used in the instrument. The first prism, which polarizes the original light before entering and after 
light source, is called the polarizer. The second prism, called the analyzer, is emerging from an optically 
used to examine the polarized light after it passes through the solution being active substance. (From Douglas, 
analyze d. B., McDaniel, D. H., and Alexander, 


; ; o J. J. Concepts and Models of Inorganic 
When the axes of the analyzer and polarizer prisms are parallel (0°) and joni siry, 3rd ed. Wiley, New York, 


no optically active substance is present, the maximum amount of light is 4994. (Reprinted by permission of 
transmitted. If the axes of the analyzer and polarizer are at right angles to John Wiley & Sons, Inc., New York.) 


Incident Emergent 
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(a) (5) (c} 
Figure 5.50 View through the 
eyepiece of the polarimeter. The 
analyzer should be set so that the 
intensity in all parts of the field 
is the same (b). When the ana- 
lyzer is displaced to one side or 
the other, the field will appear as 
in (a) or (c). 





each other (90°), no transmission of light is observed. Placing an optically 
active solution into the path of the plane-polarized light causes one of the 
circularly polarized components to be slowed more than the other. The 
refractive indices are, therefore, different in the two circularly polarized 
beams. Figure 5.48 represents a case in which the left-hand component has 
been affected the most. 


NOTE. In the simplified drawing, Figure 5.48, the effect on only one of the circu- 
larly polarized waves is diagrammed. See Figure 5.49 for a more accurate descrip- 
tion (view from behind the figure). 


This tilts the plane of polarization. The analyzer prism must be rotated to 
the left to maximize the transmission of light. If rotation is counterclockwise, 
the angle of rotation is defined as (—) and the enantiomer that caused the ef- 
fect is called levorota-tory (J). Conversely, clockwise rotation is defined as (+), 
and the enantiomer is dextrorotatory (d). Tilting the plane of polarization is 
called optical activity. Note that if a solution of equal amounts of a d and an | 
enantiomeric pair is placed in the beam of the polarimeter, no rotation is ob- 
served. Such a solution is racemic; it is an equimolar mixture of enantiomers. 

The magnitude of optical rotation depends on several factors: (1) the nature 
of the substance, (2) the path length through which the light passes, (3) the 
wavelength of light used as a source, (4) the temperature, (5) the concentration 
of the solution used to make the measurement of optical activity, and (6) the 
solvent used in making the measurement. 

The results obtained from the measurement of the observed angle of rota- 
tion, Aops are generally expressed in terms of specific rotation [a]. The sign and 
magnitude of [a] are dependent on the specific molecule and are determined 
by complex features of molecular structure and conformation; they cannot be 
easily explained or predicted. The specific rotation is a physical constant char- 
acteristic of a substance. The relationship of [a] to agp, is as follows: 


Qobs 


where 
T = temperature of the sample in degrees Celsius (°C), 


| = the length of the polarimeter cell in decimeters (1 dm = 0.1 m 
10 cm), 


concentration of the sample in grams per milliliter (g/mL), 


c 
\ = the wavelength of light in nanometers (nm) used in the polarimeter. 


These units are traditional, though most are esoteric by contemporary 
standards. The specific rotation for a given compound depends on both the 
concentration and the solvent, and thus both the solvent and concentration 
used must be specified. For example, [a]B (c = 0.4, CHCls) = 12.3° implies 
that the measurement was recorded in a CHCl, solution of 0.4 g/mL at 25 °C 
using the sodium D line (589 nm) as the light source. 

For increased sensitivity, many simple polarimeters have an optical device 
that divides the viewed field into three adjacent parts (triple-shadow polarime- 
ter; Fig. 5.50). A very slight rotation of the analyzer will cause one portion to be- 
come dimmer and the other lighter (Fig. 5.50a and 5.50c). The angle of rotation 
reading (a) is recorded when the field sections all have the same intensity. An 
accuracy of + 0.1° can be obtained. 
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Inaccurate Measurements. Several conditions may lead to inaccurate 
measurements, including trapped air bubbles in the cell, and solid particles 
suspended in the solution. Filter the solution, if necessary. 


High-Performance Polarimeters and Optical Rotary Dispersion. For 
details of these two related topics refer to online discussion, Technique 8. 


Applications to Structure Determination in Natural Products. 
Natural products provide interesting opportunities for measuring optical 
activity. An excellent example is the lichen metabolite, usnic acid, which 
can be easily isolated from its native source,”Old Man’s Beard” lichens, as 
golden crystals (see Experiment [11A]). 





Usnic acid 


Usnic acid contains a single stereocenter (stereogenic center, or chiral cen- 
ter) and, therefore, has the possibility of existing as an enantiomeric pair of 
stereoisomers. Generally, in a given lichen, only one of the stereoisomers (R or 
S) is present. Usnic acid has a very high specific rotation (~ + 460°) which 
makes it an ideal candidate for optical rotation measurements at the mi- 
croscale level. 


EQA 
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QUESTIONS 


5-42. A solution of 300 mg of optically active 2-butanol in 10 mL of water shows an optical rotation of —0.54°. What is the 


specific rotation of this molecule? 
5-43. Draw the structure of usnic acid and locate its stereocenter. 


5-44. After drawing all stereoisomers of 3-amino-2-butanol, identify the enantiomeric pairs. 
5-45. If a solution of an equimolar mixture of an enantiomeric pair is placed in the beam path of the polarimeter, what 


would you observe? 


5-46. The specific rotation of (+)Q is + 12.80°. At identical concentration, solvent, pathlength, and light wavelength, the ob- 
served rotation of a solution containing both enantiomers of Q is 6.40°. What are the relative concentrations of each 


enantiomer in the solution? 


NOTE. The following experiment uses Technique 8: Experiment [11A] 


Sublimation 


Sublimation is especially suitable for purifying solids at the microscale level. It is 
useful when the impurities present in the sample are nonvolatile under the con- 
ditions used. Sublimation is a relatively straightforward method; the impure solid 
need only be heated. 

Sublimation has additional advantages: (1) It can be the technique of 
choice for purifying heat-sensitive materials—under high vacuum it can be 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c05_055-114.qxd 


11/16/09 


1:57 PM Page 112 o 


112 CHAPTERS Microscale Laboratory Techniques 


effective at low temperatures; (2) solvents are not involved and, indeed, final 
traces of solvents are effectively removed; (3) impurities most likely to be sepa- 
rated are those with lower vapor pressures than the desired substance and of- 
ten, therefore, lower solubilities, exactly those materials very likely to be con- 
taminants in a recrystallization; (4) solvated materials tend to desolvate 
during the process; and (5) in the specific case of water of solvation, it is very 
effective even with substances that are deliquescent. The main disadvantage 
of the technique is that it can be less selective than recrystallization when the 
vapor pressure of the desired material being sublimed is similar to that of an 
impurity. 

Some materials sublime at atmospheric pressure (COs, or dry ice, is a well- 
known example), but most sublime when heated below their melting points 
under reduced pressure. The lower the pressure, the lower the sublimation 
temperature. Substances that do not have strong intermolecular attractive 
forces are excellent candidates for purification by sublimation. Napthalene, 
ferrocene, and p-dichlorobenzene are examples of compounds that are readily 
sublimed. 


Sublimation Theory 


Sublimation and distillation are closely related. Crystals of solid substances that 
sublime, when placed in an evacuated container, will gradually generate mole- 
cules in the vapor phase by the process of evaporation (i.e., the solid has a vapor 
pressure). Occasionally, one of the vapor molecules will strike the crystal surface 
or the walls of the container and be held by attractive forces. This process, con- 
densation, is the reverse of evaporation. 

Sublimation is the complete process of evaporation from the solid phase to 
condensation from the gas phase to directly form crystals without passing 
through the liquid phase. 

A typical single-component phase diagram is shown in Figure 5.51, 
which relates the solid, liquid, and vapor phases of a substance to tempera- 
ture and pressure. Where two of the areas (solid, liquid, or vapor) touch, 
there is a line, and along each line the two phases exist in equilibrium. Line 
BO is the sublimation—-vapor pressure curve of the substance in question; 
only along line BO can solid and vapor exist together in equilibrium. At tem- 
peratures and pressures along the BO curve, the liquid state is thermody- 
namically unstable. Where the three lines representing pairs of phases inter- 
sect, all three phases exist together in equilibrium. This point is called the 
triple point. 


Liquid 


Pressure, (torr) 





Figure 5.51 Single-component 
Temperature, (°C) phase diagram. 
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Many solid substances have a sufficiently high vapor pressure near their 
melting point that allows them to be sublimed easily under reduced pressure 
in the laboratory. Sublimation occurs when the vapor pressure of the solid 
equals the pressure of the sample’s environment. 


Experimental Setup 


Heating the sample with a microburner or a sand bath to just below the melt- 
ing point of the solid causes sublimation to occur. Vapors condense on the 
cold-finger surface, whereas any less volatile residue will remain at the bottom 
of the flask. Apparatus for sublimation of small quantities are now commer- 
cially available (Fig. 5.52). Two examples of simple, inexpensive apparatus suit- 
able for sublimation of small quantities of material in the microscale organic 
laboratory are shown in Figure 5.53. 

An example of the purification of a natural product, where the sublimation 
technique at the microscale level is effective, is the case of the alkaloid caffeine. 
This substance can be isolated by extraction from tea (see Experiment [11B)). 


Precautions 


Several precautions should be observed when performing a sublimation: 


1. If you use the first setup in Figure 5.53, make sure you attach the hose 
connections to the cold finger in the proper manner. The incoming cold 
water line is attached to the center tube. 


2. If you generate a vacuum using a water aspirator, make sure you place 
a water trap in the line. Apply the vacuum to the system before you turn on 
the cooling water to the condenser. This will keep moisture in the air in the 
flask from being condensed on the cold finger. Let the cold finger warm 
up before releasing the vacuum. 

3. After the sublimation is complete, release the vacuum slowly so as not 
to disturb the sublimed material. 


4. When using either of the arrangements in Figure 5.53, be careful to 
avoid loss of purified product as you remove the cold finger from the 
assembly. 


5. The distance between the tip of the cold finger and the bottom of the 
sublimator should be less than 1 cm in most cases. 


Ho@ inte cold finger 





#0 rubber stopper 
16 =~ 150-mm 12-mL 


side arm test tube Euan centrifuge tube 






Neoprene adapter Neoprene adapter 
To or #11 cork b ; 
vacuum with #9 hole vacuum ae & 
5mm tubing 
25-mL filter flask 25-mL filter flask 


sie 


Figure 5.53 Various sublimation apparatus. 
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Figure 5.52 Vacuum sublimator. 
(Courtesy of ACE Glass Inc., 
Vineland, NJ.) 
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QUESTIONS 


5-47. List the advantages and disadvantages of sublimation as a purification technique. 

5-48. For a solid compound to evaporate at atmospheric pressure it must have an unusually high vapor pressure. What 
molecular structural features contribute to this vapor pressure? 

5-49. Why apply the vacuum to the sublimation system before you turn on the cooling water to the water condenser? 

5-50. Why place a water trap in the vacuum line when using an aspirator to obtain the vacuum? 

5-51. Why is sublimation particularly useful for purifying deliquescent compounds? 

5-52. The 72% recovery after performing a sublimation translates to 32 mg of material. Calculate the amount of crude 
sample prior to performing the sublimation. 


NOTE. The following experiments use Technique 9: Experiments [11B], [25A], and [25B]. 
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MICROSCALE 
ORGANIC 
LABORATORY 
EXPERIMENTS 


This chapter contains the experimental details of a collection of famous organic 
reactions that are at the heart of this field of chemistry. One of the great tri- 
umphs of the human intellect has been our ability to rationalize the physical 
transformations of organic materials. The experimental laboratory is the source 
of information out of which predictive organic theory has been fashioned. The 
microscale organic laboratory is designed to give you the opportunity to expe- 
rience, first hand, how organic reactions occur. This program will allow you to 
see how experimental data are directly related to the development of the struc- 
tural and mechanistic theory surrounding these transformations. If successful, 
the microscale organic laboratory should bring the lecture portion of your 
course to life. What you have been studying in two dimensions in lecture, now 
becomes alive in three dimensions in the laboratory. 

The 35 experiments that make up this chapter focus largely on some of the 





highlights an inquiry- 


most important of the fundamental organic reactions that have been discovered ? driven font 

over the last two centuries. Because the application of these reactions to synthe- ~~ —_ 
sis has been extensive, the microscale laboratory program offers a broad and prac- Vv highlights a validation 
tical introduction to organic chemistry. A significant number of the experiments opportunity 

include optional scale-up procedures to provide laboratory experience at the highlights a microwave 
semimicroscale level, an inquiry-driven format allowing the student to monitor M procedure 


the reaction prior to work-up, validation opportunities to confirm product purity 
by TLC analysis, and microwave procedures if alternative formats of experimen- 
tal work are desired. Studying one or two of these modified formats at the begin- 
ning of the second semester can be helpful, particularly if some of the multistep 
syntheses covered in Chapter 7 are planned for study later in that semester. These 
latter sequences make extensive use of semimicroscale experimentation. 

The microscale experiments are designed to enhance your ability to mas- 
ter the miniaturized experimental techniques used. A Prior Reading section 
highlights which techniques are to be used in a particular experiment and out- 
lines the pages to refer to in the Techniques section (see Chapter 5). At the begin- 
ning of the semester it is important to review these sections before proceeding 
with the assigned experiment (heed the advice in Chapter 1). After examining 
the written material, it would be particularly helpful if you could see the video 
we have prepared that is accessible online. It covers the techniques in detail «/www 
and can be viewed either in your spare time or in a prelab lecture period. As 
the basic techniques are used repeatedly, you will rapidly gain a firm grasp of 
the manipulations required and become comfortable working at this scale. You 


Chapter 6: C,H, Prismane 
Katz and Acton (1973). 
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should also take advantage of the large number of graphics in the text margin 
that detail how the experimental apparatus are assembled. There are prompt 
signs (m) in the text near the point where the equipment is to be used. 

The important role of spectroscopic techniques in the modern organic labo- 
ratory is emphasized in the microscale organic laboratory. This information is set 
aside as a separate chapter, along with additional valuable details on the website, 
which are reference materials to be used while undertaking the experimental sec- 
tions in Chapters 6-7. Numerous cases of detailed analyses of the spectra are 
found in the Purification and Characterization sections of the experiments. Be- 
cause infrared spectroscopy continues to play a major role in the characterization 
of reaction products in the introductory laboratory, and because this technique is 
currently given only a cursory treatment in most lecture texts, we have included a 
fairly detailed qualitative introduction to the theory of the effect and the instru- 
mentation used in obtaining these observations, principally in Chapter 8 and on 
the website. While the IR part of the spectroscopic section (including the on line 
material) may cover more ground than is normally found in many introductory labo- 
ratories, we feel it is important to overcome the black-box attitude that students can 
rapidly develop toward complex chemical instrumentation when they are turned loose 
on these powerful instruments with very limited knowledge. Thus, we hope to be able 
to accomplish this transformation of attitude by offering students the essential 
details that will allow them to gain a command of the logic and the mechanics of 
obtaining and interpreting infrared spectral data. As mentioned earlier, we have 
also included, in a number of the experiments, illustrative examples of the detailed 
spectral analysis that can be used to examine starting materials, follow the progress 
of the reaction, and finally to assess the character and purity of the products. 

A discussion section precedes each experiment. In a number of cases, es- 
pecially when named reactions are involved, a brief biographical sketch of the 
individual so honored is included. At this point we also introduce pertinent in- 
formation concerning the reaction mechanism, often in considerable detail. 
When appropriate, the relevance of a reaction to the life sciences and the 
chemical industry is explored. 

Note that Safety and Warning indicators are highlighted or boxed in 
the experiments. We urge you to always adhere strictly to the safety pre- 
cautions listed. 

The nomenclature of organic compounds is often confusing to the begin- 
ning student and even occasionally to the experienced research chemist! To 
ease your introduction to the name game, the common name (sometimes re- 
ferred to as the trivial name) of the compound to be synthesized is also listed 
at the beginning of each experiment. In addition, the Chemical Abstracts 
(CA) number and CA index name are also given. 

Good luck! Enjoy your adventure in transforming small quantities of a 
large number of organic materials. 


Getting to Know You: Measurement 
of Physical Properties 


Purpose. This experiment will acquaint you with the experimental techniques 
used to measure certain classic physical properties of organic substances. These 


properties include the boiling point, density, and refractive index for liquids, 
and the melting point for solids. The procedures are outlined in Chapter 4. 
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A further objective is to study sampling techniques for obtaining the spec- 
tral characteristics of organic materials. You will observe that absorption 
spectra of organic substances contain, without question, the most important 
collection of physical constants of a material available to the investigator. 
Spectral information can lead to the elucidation of molecular structure and the 
rapid identification of unknown substances. 

You will also learn how to locate the literature values for these measured 
properties using various chemical handbooks and online resources. 


Prior Reading 


Chapter 4: Determination of Physical Properties 
Ultramicro-Boiling Point (pp. 46-48) 
Density (pp. 49-50) 
Refractive Index (online) www 
Melting Point (pp. 50-54) 
Capillary Method (p. 51) 
Evacuated Technique (pp. 51-52) 
Mixture Melting Points (pp. 52-54) 
Chapter 5, Technique 6: Thin-Layer Chromatography (pp. 97-99) 


DISCUSSION 


Organic compounds have a number of physical properties that allow their 
precise characterization. These include the classical physical constants: boiling 
point, density, and refractive index for liquids and melting point for solids. The 
rapid development of modern chemical instrumentation, however, has also 
made easily accessible many of the spectral properties of these materials. 
Spectroscopy, in particular, provides information that is extremely powerful for 
establishing the structure of unknown molecular systems and for rapidly iden- 
tifying known materials. 

Not only are physical properties used to characterize a specific organic 
compound, but they are often used to compare one compound to another. 
Examples of this approach are illustrated in Chapter 9, Qualitative Identifica- 
tion of Organic Compounds. The route to identification of an unknown or- 
ganic species has become increasingly dependent on the measurement of the 
physical properties of the pure substance. 

The various classical physical constants of a large number of organic sub- 
stances appear in the CRC Handbook of Chemistry and Physics, Lange’s Hand- 
book, Aldrich Catalog Handbook of Fine Chemicals, and several online resources. 
The Aldrich Catalog also contains references to published infrared (IR) and nu- 
clear magnetic resonance (NMR) spectral data for many of the compounds. 
Complementing these databases are several online resources, such as SciFinder 
Scholar, which allow for users to directly and efficiently access published spec- 
tral data. The CRC Atlas of Spectral Data and Physical Constants for Organic Sub- 
stances contains IR and ultraviolet (UV) peak positions. Collections of spectra 
may be located in the Aldrich Libraries of both IR and NMR spectra, and in the 
Sadtler Library. 

A detailed discussion of the spectral properties of organic compounds is 
given in Chapter 8 and on the website. www 
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EXPERIMENTAL PROCEDURE 


NOTE. Your instructor will select which of the physical properties you are to 
measure. The length of your laboratory period, the size of your section, and the 
number of instruments available will all play a role in determining how many of 
these properties will be suggested. 


Melting Point 


1. Using the melting point apparatus (your instructor will provide you 
with the experimental details concerning the operation of the particular instru- 
ment to be used in your laboratory), determine the melting point of acetanilide 
and compare your result with the literature values (Lit. values) reported in 
the CRC and Aldrich references (see pp. 50-54 for the experimental details 
on how to proceed with this measurement). 


Determined value 





CRC: Lit. value ; Ed. ; Page : 
Compound No. 
Aldrich: Lit. value ; Year ; Page : 








Compound No. 


2. Now determine an evacuated melting point (see pp. 51-52 for the exper- 
imental details on how to proceed with this measurement) of caffeine and com- 
pare it to the values in the CRC and Aldrich references. Your instructor will 
provide you with the experimental details concerning the operation of the particu- 
lar instrument to be used in your laboratory. 


First, determine the melting point of caffeine in an unevacuated melting- 
point tube. After observing the melting point, allow the temperature to drop 
below the melting point and observe whether the sample crystallizes again. If 
crystallization occurs, observe a second melting point, and then repeat this 
procedure a third time. Follow the same routine with an evacuated sample, 
and compare the results of the two sets of melting points. Do you observe any 
differences between these data sets? 


2nd Determined value 


Unevacuated Evacuated 


1st Determined value 
2nd Determined value 
3rd Determined value 


CRC: Lit. value 
Compound No. 


Aldrich: Lit. value 
Compound No. 


—p— 


; Ed. 


; Year 


1st Determined value 
2nd Determined value 


3rd Determined value 
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3. Why is a second seal required on the evacuated melting-point tube? 
4. When are evacuated melting points necessary? 


5. Next consider the technique of mixture melting points (see pp. 52-54 
for a discussion of the details of this procedure). This technique is the clas- 
sical approach for establishing a positive identification of a substance when 
pure reference standards are available in the laboratory. For two examples 
where this type of measurement is applied in the microscale organic labo- 
ratory, see Experiments [6] and [34A]. 


6. In the present experiment, you have obtained the melting points of 
acetanilide and caffeine. Using these values as reference standards observe 
the melting points of two mixtures: (1) caffeine 75%—acetanilide 25% and 
(2) caffeine 25%—acetanilide 75%. Should these observations be made in 
evacuated capillaries or not? (Your instructor will provide you with the exper- 
imental details concerning the operation of the particular instrument to be used 
in your laboratory.) 


(1) caffeine 75%-—acetanilide 25% (2) caffeine 25%-—acetanilide 75% 
Determined value Determined value 


7. (Optional) Use the following compounds and mixtures: caffeine, 
acetanilide, caffeine 75% —acetanilide 25%, and caffeine 25%-—acetanilide 75%; 
your instructor will provide no less than one duplicate set of vials. For sections 
that consist of an odd number of students, triplication of one set will work. While 
the vials will be labeled, the labels will not offer any direction as to the contents 
nor its match. Once the vials are distributed, your goal is to determine the melt- 
ing point of your”“unknown” and find your match. Caution should be exercised 
since depending on how the vials are “duplicated,” there may be more than one 
match! That is, when considering a laboratory section consisting of 18 students, 
the 18 vials may consist of 10 vials of caffeine and 8 vials of acetanilide. This 
could as well be presented as 4 vials of caffeine, 4 vials of acetanilide, 4 vials of 
caffeine 75%-—acetanilide 25%, and 6 vials of caffeine 25%-—acetanilide 75%. As 
you can surmise, an even more challenging exercise can be crafted upon the 
creative mixing of the pairings above. Success will come to those who correctly 
determine the melting point of their unknown and thus multiple melting point 
determinations may be needed prior to seeking your match.' 

8. Is it possible to detect the presence of impurities by melting-point 
measurements? Why? 

9. Would it be possible to establish the composition of an unknown 
binary mixture of two substances from mixture melting-point data? Explain. 


Ultramicro-Boiling Point 


1. Make several (5) glass bells (p. 46). Your instructor will demonstrate 
the procedure, or you can view the procedure on video, if available. Place 
the bells in a small glass vial and store them in your micro kit. 

2. Use the technique for determining ultramicro-boiling points (bp) on 
a melting-point apparatus hot stage (very likely this well be the same appa- 
ratus you used in melting-point section of the experiment) as discussed in 


'This exercise is based upon discussions led by Jerry R. Mohrig and Christina Noring 
Hammond during an NSF-sponsored CWCS Workshop on Teaching Guided-Inquiry Organic 
Chemistry Laboratories (Irvine, CA; July 2005). 
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Chapter 4 (p. 47), and complete the following table (your instructor will pro- 
vide you with the experimental details concerning the operation of the particu- 
lar instrument to be used in your laboratory). 

Propane Butane Pentane Hexane Heptane 


bp (°C) 42.1 ~0.5 36.1 67 ? 














3. Compare your measured value for heptane to those listed in the CRC 
Handbook, Aldrich Catalog, and online. 


Determined value ____—_—; Barometric pressure ____________ torr 


Corrected value 





CRC: Lit. value ; Ed. ; Page ____ 
Compound No. 


Aldrich: Lit. value ; Year ; Pee ____ 





Compound No. 


4, Prepare and attach a graph of molecular weight (MW) vs. boiling point 
(bp) using the above data. 


5. Explain the trend in boiling point as the molecular weight increases. 


Density 


1. Use the syringe method of measuring the density outlined in Chapter 4 
(p. 49), and 0.5 mL of liquid, to complete the following table and compare 
your value to those listed in the CRC and Aldrich references, (Your instructor 
will provide you with the experimental details concerning the operation of the 
particular equipment to be used in this experiment. Pay close attention to the 
details concerning the operation of the balances.) 


Methylene Chloride (CH,CI,) Octane CsHis 
Density (g/mL) 1.33 ? 
Determined value 

CRC: Lit, value -__} Hd. _____» Page _§ _} 
Compound No. 

Aldrich: Lit. value —____; Year ____; Page ___; 


Compound No. 


2. Methylene chloride is often used as a solvent in the laboratory to extract 
an organic species from an aqueous solution. Will the CH2Cl, normally form 
the top or bottom layer? 

3. If octane were used to extract an aqueous phase, would it form the 
top or bottom layer? How did you arrive at this answer? 


Refractive Index 


www 1. Using the lens paper disk technique outlined online determine the 
refractive index of methanol and compare the value you have obtained to 
that found in the CRC and Aldrich data collections. (Your instructor will 
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provide you with the experimental details concerning the operation of the 
particular instrument used in your laboratory.) 


Determined value 


CRC: Lit. value —_______; Ed. _______; Page _____; 
Compound No. 


Aldrich: Lit. value __________ ; Year ________; Page ____; 
Compound No. 


2. Correct your measured value to 20 °C. 
Temperature of your measurement 
Temperature of literature value 

Your measured value corrected to 20 °C 
Calculations: 


3. Based on your observations, how does refractive index vary with 
temperature? 


Thin-Layer Chromatography 


1. Using the thin-layer chromatography technique outlined in Chapter 5 
(Technique 6A, pp. 97-99), determine the R; values for benzaldehyde, 4- 
chlorobenzaldehyde, and cyclohexanol using as a solvent system ethyl 
acetate and hexane (1:4). While a UV lamp will be sufficient for the visual- 
ization of benzaldehyde and 4-chlorobenzaldehyde when working with TLC 
plates with a UV-activated fluorescent indicator mixed in with the silica gel, 
a staining system of p-anisaldehyde will work when wanting to visualize 
cyclohexanol. (Your instructor will provide you with the experimental details con- 
cerning the operation of staining a TLC plate using p-anisaldehyde. Please use for 
preparation of p-anisaldehyde solution: 135 mL EtOH, 5 mL concentrated H2SO4, 
1.5 mL glacial acetic acid, and 3.7 mL p-anisaldehyde.) 


2. After recording the R; values using as a solvent system ethyl acetate and 
hexane (1:4), determine what solvent system is needed to obtain values between 
0.3—0.4 for each of the following systems: benzaldehyde, 4-chlorobenzaldehyde, 
and cyclohexanol. 

3. Using as a solvent system ethyl acetate and hexane (1:4), predict which 
compound from the following set would have a higher Ry value: (a) cyclo- 
hexanol and cyclohexane, (b) benzoic acid and benzaldehyde, and (c) caffeine 
and naphthalene. 

4. (Optional) Three stock solutions labeled solution A, solution B, and solu- 
tion C, will be provided by your instructor. They will be one of the following 
systems: benzaldehyde, 4-chlorobenzaldehyde, or cyclohexanol. Select one (or 
more) and determine its identity using the thin-layer chromatography tech- 
nique having already established Ky values in several solvent systems. 


Infrared Spectroscopy Sampling Procedures 
Sampling of Liquids 


1. Use the technique for obtaining an IR spectrum of a thin-liquid film as 
described on page 553 (your instructor will provide you with the experimental 
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QUESTIONS 


6-1. An unknown carboxylic acid has a boiling point of 100 °C at 25 torr. Using the pressure-temperature 
nomograph on page 49, determine its boiling point at 760 torr. Identify the acid from the list in Appendix www 


6-2. 


A, Table 9W.1. 


details concerning the operation of the particular instrument to be used in your 
laboratory and the type of windows on which your sample will be mounted). 


2. Obtain the spectra of n-octane and 1-octanol (use a single scan with 
Fourier-transform [FT] instruments). Compare your data with the Aldrich or 
Sadtler reference collections, or those obtained online using for example 
SciFinder Scholar, and compare the two spectra to each other. 


3. What differences do you observe between the two spectra? Can you 
associate differences in molecular structure to the differences in the spectra 
(see Infrared Discussions in Chapter 8 and on the website relating to the IR 
spectra of n-hexane and 1-hexanol). 


4. Occasionally, when an IR spectrum is obtained, some of the very strong 
bands will appear with flattened peaks, as if they were totally absorbing the 
energy at those wavenumber values. The flat bottom of the band, however, 
does not correspond to 0% transmission on the scale, but will indicate an 
energy transmission of 5—10% or even higher. Can you explain the odd shape 
of the band? Is the energy being totally absorbed or not? Explain your answers. 


Sampling of Solids 


1. Use the technique for obtaining an IR spectrum of a solid melting 
above 100 °C as described in Chapter 8 (pp. 553-554) (your instructor will 
provide you with the experimental details concerning the operation of the par- 
ticular instrument to be used in your laboratory and the type of KBr die in which 
your sample will be pressed if an ATR FTIR is unavailable). 


2. Obtain the IR spectrum of caffeine (use four scans with FT instru- 
ments). Compare your data with an authentic spectrum of caffeine and with 
the data given in Experiment [11B]. Your sample may be saved by taping it 
to a file card with your name, and stored by your instructor in a desiccator. 
If, later in the year, you isolate caffeine from its natural source (Experiment 
[11B]), you will be able to compare the material you have extracted and 


purified from the plant with your own authentic reference spectrum. 


3. Occasionally, the spectral region from 4000 to 2000 cm“! in solid sam- 


ples is steeply sloping to lower transmission values at higher wavenumber 
values. Is this drop in transmission an absorption of the radiation? If so, to 
what process can the absorption be ascribed, and if not, what is the cause 
of the decreased transmission? 


4. Compare the spectra of caffeine obtained in your laboratory section. 
Are the spectra all identical? Where do they differ? To what effect can you 
ascribe the differences, if there are any? (This is a good open question for 
the entire lab section.) 


Nuclear Magnetic Resonance Spectroscopy Sampling Procedures: For 
NMR sampling procedures and examples see Chapter 8 and Experiments [5B], 
[22A], and [28] 


Discuss with those in your laboratory section the consequences of incorrect sample loading, variable sample 
size, and rates of heating and how these factors might lead you to obtain an incorrect value of the melting 


point for your solid sample. 
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6-3. The mass of a certain volume of an unknown liquid at 25 °C is 234 mg. The mass of an equal volume of 
water at the same temperature is 201 mg. Calculate the density of the unknown liquid at 25 °C. 


6-4. The melting point of pure trans-cinnamic acid is 133 °C, and that of 2-acetoxybenzoic acid (aspirin) is 135 °C www 
(Appendix A, Table 9W.2). Given pure reference standards of both acids, describe a melting-point procedure 
by which you could identify whether an unknown sample melting in this range could be assigned to either 
structure, or to neither one. 
6-5. Why is filter paper a poor choice of surface on which to powder or crush a solid crystalline sample before 
placing it in a capillary melting-point tube? 
6-6. Why is the ultramicro-boiling point determined precisely at the point when the last vapor bubble has es- 
caped and the liquid phase begins to rise in the bell cavity? 


BIBLIOGRAPHY 


For further information on basic laboratory techniques: Vogel, A. I. Vogel’s Textbook of Practical Organic Chemistry, 5th ed.; 


Sharp, J. T.; Gosney, I; Rowley, A. G. Practical Organic Chemistry: A Furnis, B. S.; et al. Eds.; Wiley: New York, 1989. 
Student Handbook of Techniques, Chapman Hall: London, 1989. Zubrick, J. W. The Organic Chem Lab Survival Manual, 7th ed.; 


ley: York, 2008. 
Shriner, R. L.; Hermann, C.K. F; Morrill, T. C; Curtin, D. Y; a a 
Fuson, R. C. The Systematic Identification of Organic Compounds, 
8th ed.; Wiley: New York, 2003. 


The Separation of a 25-wL Mixture of 
Heptanal (bp 153 °C) and Cyclohexanol 
(bp 160 °C) by Gas Chromatography 


Purpose. This experiment illustrates the separation of a 25-wL mixture, con- 
sisting of heptanal and cyclohexanol, into the pure components. The volume 
of the mixture is approximately that of a single drop, and the materials boil 
within 7 °C of each other. This mixture would be difficult, if not impossible, to 
separate by the best distillation techniques available. The purity of the frac- 
tions collected from the gas chromatograph (GC) can be assessed by boiling 
points, refractive indexes, or infrared (IR) spectra. 


Prior Reading 
Technique 1: Microscale Separation of Liquid Mixtures by Preparative Gas 
Chromatography (pp. 55-61) 
Chapter 4: Determination of Physical Properties 
Ultramicro-Boiling Point (pp. 46-48) 
Refractive Index (online) www 
Experiment [1]: Measurement of Physical Properties 
Ultramicro-Boiling Point (p. 119) 
Chapter 8: Introduction to Infrared Spectroscopy (pp. 539-561) 


DISCUSSION 


The efficacy of GC separations is highly dependent on the experimental 
conditions. For example, two sets of experimental data on the heptanal— 
cyclohexanol mixture are given below to demonstrate the effects of variations 
in oven temperature on retention times. 
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In Data Set A, the oven temperature was allowed to rise slowly from 160 
to about 170 °C during a series of sample collections. The retention time of 
heptanal dropped from about 3 min to close to 2 min, whereas the retention 
time of cyclohexanol was reduced from about 5.5 min to nearly 4 min. The sig- 
nificant decrease in resolution over this series of collections is reflected in the 
number of theoretical plates calculated, which was over 300 for heptanal and 
about 500 for cyclohexanol in the first trial, but declined to below 200 for both 
compounds toward the last run (see Data Set A). 


COLLECTION YIELD 


Cyclohexanol 


Density of cyclohexanol = 0.963 mg/L. 

In 25 wL of 1:1 cyclohexanol-heptanal, we have 12.5 wL of cyclohexanol. 
Therefore, 125 pL X 0.963 mg/wL = 12 mg of cyclohexanol injected. 
Percent recovered = (8.3 mg/12.0 mg) X 100 =69% cyclohexanol collected. 


Heptanal 


Density of heptanal = 0.850 mg/wL. 
Therefore, 12.5 wL < 0.85 mg/wL = 10.6 mg of heptanal injected. 
Percent recovered = (8.1 mg/10.6 mg) X 100 = 76% heptanal. 


In the Data Set B collections, stable oven temperatures and flow rates 
were maintained, and the data exhibit excellent reproducibility. Oven tem- 
perature was held at 155 °C throughout the sampling process. The retention 
time of heptanal was observed to be slightly longer than 3 min, with a vari- 
ance of 6 s, whereas the cyclohexanol retention time was found to be slightly 
longer than 6 min, with a variance of 12 s. The resolution remained essen- 
tially constant throughout the series, and the number of theoretical plates 











Data Set A 
Heptanal Cyclohexanol 
Retention Baseline Number of Retention _ Baseline Number of 

Trial Time Width Theoretical Recovery Time Width Theoretical Recovery 
No. (min) (min) Plates (mg) (min) (min) Plates (mg) 

1 3.1 0.7 314 8.0 5.6 1.0 502 8.0 

2 29 0.7 275 8.0 3.3 1.0 449 8.0 

3 3.0 0.7 294 7.0 5.7 1.0 520 8.0 

4 2.8 0.7 256 8.0 5.1 1.1 344 8.0 

5 2.5 0.6 278 8.0 4.3 1.1 244 9.0 

6 27 0.5 467 7.0 4.6 1.0 339 10.0 

7 2.5 0.6 278 10.0 4.2 1.0 282 8.0 

8 2.2 0.5 310 9.0 3.5 1.0 196 8.0 

9 1.8 0.5 207 8.0 3.0 1.0 144 8.0 

10 2:3 0.7 173 8.0 3.9 1.0 243 8.0 
Av 25+04 06+0.09 285 +7 8.1 + 0.8 45+ 0.9 1.04 0.05 326 + 129 8.3 + 0.7 
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Data Set B 
Heptanal Cyclohexanol 
Retention Baseline Number of Retention Baseline Number of 

Trial Time Width Theoretical Recovery Time Width Theoretical Recovery 
No. (min) (min) Plates (mg) (min) (min) Plates (mg) 

1 3.5 0.7 400 8.0 6.6 1.1 576 8.0 

2 32 0.7 334 9.0 6.0 1.1 476 7.0 

3 3.5 0.7 400 7.0 6.6 1.2 484 10.0 

4 32 0.7 334 9.0 6.1 1.0 595 9.0 

5 3.1 0.6 427 8.0 6.0 1.1 476 8.0 

6 3.2 0.7 334 9.0 6.0 1.1 476 9.0 

- 3:8 0.8 272 9.0 6.1 1.1 492 8.0 

8 3.1 0.7 313 8.0 6.0 1.1 476 10.0 

9 3.2 0.7 334 8.0 6.1 1.1 492 8.0 
10 3.2 0.7 334 8.0 6.2 1.1 508 8.0 
Av 3.2+£01 0.74005 348+47 83+0.7 6.2 + 0.2 1140.05 505 + 44 8.5 + 1.0 








calculated was about 350 for heptanal and about 500 for cyclohexanol (see 
Data Set B). 


COLLECTION YIELD 


Cyclohexanol 


Density of cyclohexanol = 0.963 mg/L. 

In 25 wL of 1:1 cyclohexanol-heptanal, there are 12.5 pL of 
cyclohexanol. 

Therefore, 125 pL X 0.963 mg/wL = 12 mg of cyclohexanol 
injected. 

Percent recovered = (8.5 mg/12.0 mg) X 100 = 71% cyclohexanol 
collected. 


Heptanal 


Density of heptanal = 0.850 mg/wL. 
Therefore, 12.5 wL X 0.85 mg/wL = 10.6 mg of heptanal injected. 
Percent recovered = (8.3 mg/10.6 mg) X 100 = 78% heptanal. 


The results just described demonstrate that the resolution of GC peaks 
may be very sensitive to changes in retention time resulting from instability in 
oven temperatures. Since the number of theoretical plates is related to reso- 
lution values, significant degradation in column plate values can occur with 
variations in oven temperatures. When you compare the time and effort 
required to obtain a two-plate fractional distillation on a 2-mL mixture (see 
Experiment [3B] and Technique 2) with the speed and ease used to obtain a 
500 plate separation on 12.5 wL of cyclohexanol in this experiment, it is hard 
not to be impressed with the enormous power of this technique. 
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EXPERIMENTAL PROCEDURE 


Estimated time for the experiment: 2.0 h. 





Physical Properties of Components 

Compound MW Amount bp (°C) Density (d) Np 
Heptanal 114.19 12.5 pL 153 0.85 1.4113 
Cyclohexanol 100.16 12.5 pL 160 0.96 1.4641 











Reagents and Equipment. The procedure involves injecting a 25-jL mixture 
of heptanal-cyclohexanol 1:1 (v/v) into a j-in. X 8-ft stainless-steel column 
packed with 10% Carbowax 80/100 20M PAW-DMS. Experimental conditions 
(GOW-MAC series No. 350) are He flow rate, 50 mL/min; chart speed, 
1 cm/min; oven temperature, 155 °C. 


Procedure for Preparative Collection. The liquid effluents are collected 
in an uncooled, 4-mm-diameter collection tube (double reservoirs; overall 
tube length 40-50 mm, see Fig. 6.1) 

The collection tube (oven dried until 5 min before use) is attached to the 
heated exit port by the 5/5 $ joint. Sample collection is initiated 0.5 min prior 
to detection on the recorder of the expected peak (time based on previously 
determined retention values)* and continued until 0.5 min following return to 
baseline. After the collection tube is detached, the sample is transferred to the 
0.1-mL conical GC collection vial. The transfer is facilitated by the 5/5 $ joint 
on the conical vial. After the collection tube is joined to the vial (preweighed 
with stopper), the system is centrifuged (see Fig. 6.1). The collection tube is 
then removed and the vial is stoppered and reweighed. 


Characterization. Calculate the percent recovery. These amounts should 
range between 7 and 10 mg. Determine the boiling point of each fraction and 
obtain the refractive index or IR spectrum, if time permits. These latter meas- 
urements will require most, if not all, of the sample not used for boiling-point 
determination. 

Assess the purity and efficiency of the separation from your tabulated data 
and the GC chromatogram. 


Refer to your local laboratory instructions. 
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Alternative Mixture Pairs for Preparative Collection 
(all mixtures are 1:1 v/v) 


Mixture 

a. Separation of a 40-wL mixture of? 
(1S)-(—)-a@ pinene (bp 156 °C, np = 1.4650, d = 0.855) 
(1S)-(—)-B pinene (bp 165 °C, np = 1.4782, d = 0.859) 


Components 


(1S)-(—)-a-Pinene (1S)-(—)-B-Pinene 


Chromatographic Parameters 
A 40-wL injection 
Flow rate: 50 mL/min 
Column temperature: 120 °C 
Column: 20% Carbowax 
Elution time 
a-Pinene: ~8 min 
B-Pinene: ~12 min 
Average recovery 
a-Pinene: 8.3 pL 
B-Pinene: 10.6 wL 
Mixture 
b. Separation of a 40-wL mixture of 
2-Heptanone (bp 149-150 °C, np = 1.4085, d = 0.820) 
Cyclohexanol (bp 160-161 °C, np = 1.4641, d = 0.963) 


Components 
H 
O 
De ee ne 
H,;C CH, 
2-Heptanone Cyclohexanol 


Chromatographic Parameters 
A 40-wL injection 
Flow rate: 50 mL/min 
Column temperature: 145 °C 
Column: 20% Carbowax 
Elution time 
2-Heptanone: ~5.5 min 
Cyclohexanol: ~ 10.0 min 


°Refractive index at D line of sodium = np and density = d. 
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Average recovery 
2-Heptanone: 8.1 pL (41%) 
Cyclohexanol: 11.4 wL (57%) 


Mixture 

c. Separation of a 40-wL mixture of 
d-Limonene (bp 175-176 °C, np = 1.4743, d = 0.8402) 
Cyclohexanol acetate (bp 173 °C, np = 1.4401, d = 0.9698) 





Components 
CH, 
H 
Ry O,CCH 
H,C* ~CH, ae 
d-Limonene Cyclohexyl acetate 


Chromatographic Parameters 
A 40-wL injection 
Flow rate: 50 mL/min 
Column temperature: 170 °C 
Column: 20% Carbowax 
Elution time 
d-Limonene: ~5.5 min 
Cyclohexyl acetate: ~7.5 min 
Average recovery 
d-Limonene: 8.7 wL (44%) 
Cyclohexyl acetate: 10.0 wL (50%) 


QUESTIONS 


6-7. Based on the data presented in the Data Set A chromatographic separation, can you explain why there is such a 
steep decline in column efficiency with temperature change? 










Component X 


Component ¥ 


Detector response 


ipet 150 400 


sample Time (s) bk | 
t=0 Ww, ia 
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Consider the following gas chromatogram for a mixture of analytes X and Y: 
(a) Calculate the number of theoretical plates for the column in reference to the peaks of each component (X andY). 
(b) Ifthe column is 12 m long, calculate the height equivalent theoretical plate (HETP (in plates per cm) for this column. 


6-9. The number of theoretical plates a column has is important, but the crucial factor is the ability to separate two or 
more substances. That is, how well resolved are the peaks? The resolution of two peaks depends not only on how far 
apart they are (tr), but also on the peak width (W). Baseline resolution (R) is defined by the following equation: 


2Atp 


R = —— 
Wx + Wy 


Because of the tailing of most species on the column, a value of 1.5 is required to give baseline resolution. 


(a) Calculate the resolution for the peaks in Question 6-8. 


(b) Do you think a quantitative separation of the mixture is possible based on your answer? 


(c) Has baseline resolution been achieved? 


6-10. Discuss at least two techniques you might use to increase the resolution of the column in Question 6-9 (without 


changing the column). 


6-11. Retention times for several organic compounds separated on a GC column are given below. 








Compound tr (s) 
Air 75 
Pentane 190 
Heptane 350 
2-Pentene 275 











(a) Calculate the relative retention of 2-pentene with respect to pentane. 
(b) Calculate the relative retention of heptane with respect to pentane. 


BIBLIOGRAPHY 
Selected references on gas chromatography: McNair, H. M.; Miller, J. M. Basic Gas Chromatography; Wiley: 
8 graphy: srapry, y 
Grob, R. L.; Barry, E. F., Eds.; Modern Practices of Gas Chromato- New York, 1997, 
graphy; Wiley: New York, 2004. Sadek, P. C. Illustrated Pocket Dictionary of Chromatography; 
Jennings, W.; Mittiefehidt, E.; Stremple, P., Eds.; Analytical Gas Wiley: New York, 2004. 


Chromatography; 2nd ed., Academic Press: New York, 1997. 


Distillation 


In the following set of experiments, we will examine the applications of a 
variety of distillation techniques to the purification of liquid mixtures. In Exper- 
iments [3A] and [3B] you will conduct simple distillations. In Experiment [3A] 
a volatile liquid component is separated from a nonvolatile solid. Experiment 
[3B] illustrates the use of the Hickman still in the separation of hexane and 
toluene, which have boiling points 42 °C apart. The composition of the fractions 
is analyzed by refractive index and boiling point. Experiments [3C] and [3D] 
introduce the use of micro spinning-band distillation columns for the separa- 
tion of cyclohexane (bp 80.7 °C) and 2-methylpentane (bp 60.3 °C). The com- 
position of the distillate fractions are determined by gas chromatography. The 
number of theoretical plates is determined for the spinning-band column 
used. In Experiment [3D] you will be introduced to one of the simplest yet 
most efficient and powerful distillation techniques for the separation of liquid 
mixtures at the semimicroscale level, the Hickman—Hinkle still. 
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Simple Distillation at the Semimicroscale Level: Separation 
of Ethyl Acetate from trans-1,2-Dibenzoylethylene 


Purpose. Simple distillation is examined using the distillation process to sep- 
arate a liquid ester from minor components that are nonvolatile or that have 
boiling points much greater (>100 °C) than that of the major component. 


Prior Reading 


www Techniques 2 and 3: Distillation (pp. 61-67 and online) 
Distillation Theory (p. 61 and online) 
Simple Distillation at the Semimicroscale Level 
(pp. 61-64) 
Chapter 4: Determination of Physical Properties 
Ultramicro-Boiling Point (pp. 46-48) 
Density (pp. 49-50) 
www Refractive Index (online) 
Evacuated Melting Point (pp. 51-52) 


DISCUSSION 


Semimicroscale simple distillation can be an effective separation technique with 
volumes from 0.5 to 2 mL. Apparatus have been developed that achieve effective 
separation of mixture samples in this range. One of the most significant of these 
designs is the classic Hickman still, shown in both Figures 5.5 and 6.2 because of 
its importance to the associated discussions. In this experiment you will effect 
the separation of a two-component mixture by the use of this still. 

The Hickman still is used in several of the microscale experiments to purify 
solvents, carry out reactions, and concentrate solutions for recrystallization. An 
introduction to the use of the Hickman still is given in this experiment. 

Ina distillation where a liquid is separated from a nonvolatile solute, the va- 
por pressure of the liquid is lowered by the presence of the solute, but the vapor 
phase consists only of the pure liquid component. Thus, except for the transfer of 
nonvolatile material by incidental splashing, the material condensed in the collar 
of the Hickman still should consist only of the volatile component. In the present 
experiment this component is ethyl acetate. The temperature of the vial and con- 
tents being distilled will rise during the distillation process, since the concentra- 
tion of the impurity is increasing as the volatile liquid is removed. This effect 
lowers the vapor pressure of the liquid. However, the boiling point of the liquid 
remains constant, since only the pure liquid component is being vaporized. 


COMPONENTS 
on a 
C=C = 
/ \ ‘oO 
H Cc 
| CH,;C—O—CH,CH, 
trans-1,2-Dibenzoylethylene Ethyl acetate 
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EXPERIMENTAL PROCEDURE 


Estimated time for the experiment: 2.0 h. 














Physical Properties of Components 

Compound MW Amount mp (°C) bp(°C) d Np 
Ethyl acetate 88.12 1.0 mL 77 0.90 1.3723 
trans-1,2-Dibenzoylethylene 236.27 50 mg 111 





Reagents and Equipment. Transfer 1 mL of the yellow stock solution 
(trans-1,2-dibenzoylethylene/ethyl acetate, 50 mg/mL) to a 3-mL conical vial 
by automatic delivery pipet (remember to place the vial in a small beaker to 
prevent tipping during the transfer). Place a boiling stone (or a magnetic spin 
vane if desirable) into the vial and assemble the Hickman still head. The still 
assembly is mounted in a sand bath on a hot plate (see Fig. 6.2). 


Experimental Conditions. The temperature of the bath is raised to 90-100 °C 
at a rate of 5 °C/min. 





CAUTION: Do not let the temperature of the still rise too rapidly. 





Once boiling commences, the rate of heating should be lowered to the 
point where the temperature increases at 2—3 °C/min. A slow distillation rate is 
very important in establishing equilibrium between the vapor and liquid com- 
ponents in the mixture. Follow the course of the distillation by the rise of con- 
densate on the sides of the Hickman column. When the condensate reaches 
the trap, adjust the bath temperature so that liquid is removed from the col- 
umn slowly ( ~ 100 pL/3 min). A smooth, slow distillation will provide a cleaner 










Thermometer 


14/10 Hickman 


Clamp still head 


Thermometer O-ring 
90-100 °C 
14/103 and threaded 
compression cap 
3-mL 
conical vial 








Crystallizing 
dish 








trans—1,2-Dibenzoylethylene ethyl acetate Figure 6.2. Hickman still (14/10 $ 
(50 mg/mL), 1 mb with conical vial [3 mL]). 
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separation of the components, and will also avoid mechanical transfer of non- 
volatile components via splattering to the condensate trap (if the condensate 
appears yellow, contamination has occurred). 

Collect approximately 50-150 wL of the ester in the collar of the still (the 
first fraction collected is often referred to as the forerun; give the temperature 
range). As the distillation continues, remove the forerun with a Pasteur pipet 
having a slightly bent tip (bend the tip with a microburner—if you have a 
Hickman still with a side-arm collection port, the pipet tip will not need to be 
bent). Place the fraction in a clean, dry, 1-dram, screw-capped vial (use an 
aluminum foil liner to avoid cap contamination). Label the fraction with a 
marking pen. Collect a second fraction of ester (400-500 wL, which may 
require combining two, or even three, collections from the collar; give the tem- 
perature range), which should be clear and colorless. Remove and store as 
before. Discontinue the distillation. Allow the distilling flask to cool slowly by 
leaving it in the warm sand bath while measuring the physical properties of 
the distillate fractions. 


Characterization. Three physical properties of the ester will be measured to 
establish the identity and purity of the compound by comparison with known 
literature values. 

Determine the refractive index of the two fractions collected. Compare the 
experimental values to those found in the literature for ethyl acetate. If the values 
are within 0.0010 unit of each other, the fractions can be considered to have the 
same constitution. Are the values for the two fractions the same? If not, which 
one deviates the most from the reference data? Attempt to explain the result. 

Determine the density (see Chapter 4) of the ester, using material con- 
tained in the second fraction. This measurement is nondestructive and the 
material used may be recovered for use in further tests. Compare your results 
with those values found in the literature. 

Determine the boiling point of the second fraction by the ultramicro- 
boiling-point procedure (see Chapter 4). Compare your result with the litera- 
ture value. Does this fraction appear to be pure ethyl acetate? 

In the next step, disconnect and cool the 3-mL conical vial in an ice water 
bath for 10 min. trans-1,2-Dibenzoylethylene will crystallize from the concen- 
trated solution. Remove the remaining solvent from the distillation vial with a 
Pasteur filter pipet and place the crystals on a porous clay plate to air dry. The 
melting point of the crystalline material is obtained by the evacuated capillary 
method and compared with the literature value. 

Reference values of the physical constants are available online and in the 
CRC Handbook of Chemistry and Physics. Submit a copy of the table prepared 
in your laboratory notebook to the instructor, after first tabulating the experi- 
mentally measured values of the physical properties, in addition to those 
reported in the literature for ethyl acetate (see acetic acid, ethyl ester if necessary). 


Fractional Semimicroscale Distillation: 
Separation of Hexane and Toluene 


Purpose. This experiment effects the separation of a binary liquid mixture 
composed of liquids having boiling points that are relatively far apart, greater 
than 30 °C. It will help you develop the skills to operate a semimicrodistilla- 
tion apparatus so that purifications required in later experiments can be suc- 
cessfully carried out. 
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Prior Reading 


Technique 2: Distillation (pp. 61-64) 
Distillation Theory (p. 61 and online) www 
Simple Distillation at the Semimicroscale Level (pp. 61-64) 
Technique 3: Fractional Semimicroscale Distillation (pp. 64-67) 
Chapter 4: Determination of Physical Properties 
Ultramicro-Boiling Point (pp. 46-48) www 
Refractive Index (online) 


DISCUSSION 


Hexane and toluene are liquid hydrocarbons that have boiling points approxi- 
mately 40 °C apart. The liquid—vapor composition curve in Figure 5.6 represents 
this system; it is apparent that a two-plate distillation should yield nearly pure 
components. The procedure to be outlined consists of two parts. The first deals 
with the initial distillation (first plate), which separates the liquid mixture into 
three separate fractions. The second deals with redistillation of the first and third 
fractions (second plate). Exercising careful technique during the first distillation 
should provide a fraction rich in the lower boiling component, a middle fraction, 
and a fraction rich in the higher boiling component. Then careful redistillation of 
these fractions can be expected to complete the separation of the two components 
and to produce fractions of relatively pure hexane and toluene. The Hickman still 
used in the microscale laboratory is a simple, short-path column, and, therefore, 
one would not expect complete separation of the hexane and toluene in one cycle. 











COMPONENTS 
CH, 
CH,CH,CH,CH,CH,CH, 
Hexane Toluene 
EXPERIMENTAL PROCEDURE 
Estimated time for the experiment: 2.0 h. 
Physical Properties of Components 
Compound MW Amount bp (C°) d Np 
Hexane 86.18 1.0 mL 69 0.66 1.3751 
Toluene 92.15 1.0 mL 111 0.87 1.4961 











Reagents and Equipment. Use an automatic delivery pipet to place 1.0 mL 
of hexane and 1.0 mL of toluene in a clean, dry, stoppered 5-mL conical vial. 

Place the vial in a small beaker to prevent tipping. Add a boiling stone (or 
a magnetic spin vane if desirable) assemble the Hickman still with the 
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thermometer positioned directly down the center of the column (see previous 
discussion), and mount the system in a sand bath (see Fig. 6.3). 


Experimental Conditions. The temperature of the sand bath is raised to 
80-90 °C, at a maximum rate of 5 °C/min (>70 °C at 3 °C/min) using a hot 
plate. 





CAUTION: Do not let the temperature of the still rise too rapidly. 





Once gentle boiling begins, the heating rate should be lowered to a maxi- 
mum of 2 °C/min. It is absolutely crucial that the distillation rate be kept below 
100 wL/3min. to achieve the necessary fraction enrichment that will permit good 
separation during the second stage of the experiment. The distillate is collected 
in three fractions over the temperature ranges (1) 65-85 °C (bath temperature 

~ 95-110 °C); (2) 85-105 °C (bath temperature ~ 140 °C) and (3) 105-110 °C 
(bath temperature ~170 °C) in amounts of approximately 800, 400, and 800 pL, 
respectively. Remove each fraction from the still with a bent-tip Pasteur pipet. 
Store the liquid condensate (fractions) in clean, dry, 1-dram, screw-cap vials. 
Remember to number the vials in order and use an aluminum foil cap liner. 


Characterization of Crude Fractions. For each of the three fractions, record 
the refractive index. Fraction 1 has been enriched in one of the two compo- 
nents. Which one? Does the refractive index agree with that found in the 
literature? Fraction 3 has been enriched in the other component. Does the 
refractive index of that fraction support your first conclusion? If partial enrich- 
ment has been achieved, proceed to the second phase of the distillation. 


Redistillation of Fraction 1 Redistill fraction 1 in a clean Hickman still 
with a thermometer arranged as before (Fig. 6.3), using a 3-mL conical vial 
and the procedure just outlined. Collect an initial fraction over the boiling range 
68-71 °C (~100—200 pL). Remove it from the collar, using the Pasteur pipet, 
and place it in a 1-dram screw-cap vial. 


Thermometer 


14/10F 


Claisen head 


14/103 
Hickman still head 


Clamp 





Sidearm 
Thermometer 


14/10¥ and threaded 
compression cap 


Crystallizing 


; 3- of 5-mL conical vial 
dish 


Sand Boiling stene 


Figure 6.3. Hickman still 
with Claisen head adapter. 
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Characterization of Fraction 1 Determine the ultramicro-boiling point 
and the refractive index of this lower boiling fraction. Compare the experimen- www 
tal values obtained with those of pure hexane reported in the literature. 


Redistillation of Fraction 3 Fraction 3 is placed in a clean Hickman 
still, using a thermometer and a 3-mL conical vial (Fig. 6.3), and redistilled 
using the procedure outlined. Collect an initial fraction over the boiling range 
95-108 °C (~500 wL), and transfer this fraction by Pasteur pipet to a screw- 
cap vial. Collect a final fraction at 108-110 °C (~250 wL), and transfer the 
material to a second vial. This second fraction is the highest boiling fraction to 
be collected in the three distillations and should be the richest in the high- 
boiling component. 


Characterization of Fraction3 Determine the refractive index and boil- «www 
ing point of the second fraction and compare your results with those found 
in the literature for toluene. Determine the refractive index and boiling point of 
pure toluene for comparison purposes. 


Fractional Semimicroscale Distillation: Separation 

of 2-Methylpentane and Cyclohexane Using 

a Spinning-Band Column 

Purpose. The purpose of this experiment is to separate two liquids with boil- 
ing points that are relatively similar: less than 20 °C apart, to learn the oper- 
ation of a high-performance spinning-band distillation column, and to 
develop the skills for purifying small quantities of liquid mixtures. 


Prior Reading 


Technique 1: Microscale Separation of Liquid Mixtures by GC (pp. 55-61) 
Technique 2: Distillation (pp. 61-64) 
Distillation Theory (p. 61 and online) www 
Simple Distillation at the Semimicroscale Level (pp. 61-64) 
Fractional Semimicroscale Distillation (pp. 64-67) 
Chapter 4: Determination of Physical Properties 
Ultramicro Boiling Point (pp. 46-48) 
Refractive Index (online) www 


DISCUSSION 


In this experiment, the separation of a 2-mL mixture of 2-methylpentane 
and cyclohexane using a 2.5-in. spinning-band distillation column is de- 
scribed. The purity of the fractions is determined by gas chromatography and 
by measurement of the refractive index. Finally, the number of theoretical 
plates is estimated. You will separate a 50:50 mixture of 2-methylpentane 
and cyclohexane using the spinning band distillation column shown in 
Figure 6.4. 
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Crystallizing 
dish 


Sand 


ll (inn MMA uo 








Te 








Figure 6.4 Micro spinning- 
band distillation column 

















(2.5 in.). 
COMPONENTS 
H H 
| H 
toe 
CH, H C | H 
| ee +c H 
CH,CHCH,CH,CH, 7 H 
px | 
H H 
2-Methylpentane Cyclohexane 
EXPERIMENTAL PROCEDURE 
Estimated time for the experiment: 3.0 h. 
Physical Properties of Components 
Compound MW Amount bp (°C) Np 
2-Methylpentane 86.18 1.0 mL 60.3 1.3715 
Cyclohexane 84.16 1.0 mL 80.7 1.4266 
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Reagents and Equipment. Assemble the system as shown in Figure 6.4, 
making sure that the Teflon band is aligned as straight as possible in the col- 
umn. In particular, the pointed section extending into the vial must be straight- 
ened to minimize vibration during spinning of the band. 

Place a pipet bulb on the side arm of the collection adapter. This bulb plays 
an important function in the operation of the column: Attachment of the bulb 
creates a closed system. Suspension of the thermometer with a septum on the 
top of the condenser can act to release any buildup of pressure. 





CAUTION: The system must be able to vent at the thermometer 
during operation! 





Once the spinning band has been tested and rotates freely, place 1.0 mL of 
2-methylpentane and 1.0 mL of cyclohexane in the vial (to be delivered with a 
Pasteur pipet or an automatic delivery pipet). Reassemble the system and 
lower the column into the sand bath or copper-tube block. The beveled edge 
on the air condenser should be rotated 180° from the collection arm. 


NOTE. It is important to make an aluminum foil cover for the sand bath; this cover 
will reflect the heat and hot air away from the collection vial. 


Experimental Conditions. Gently heat (copper-tube block, Fig. 3.3W) the «(www 
vial until boiling occurs. The magnetic stirrer is turned to a low-spin rate 

when heating commences. When reflux is observed at the base of the col- 

umn, the magnetic stirrer is adjusted to intermediate spin rate. Once liquid 

begins to enter the column the spin rate is increased to the maximum 
(1000-1500 rpm). 


NOTE. It is absolutely critical that the temperature of the vial be adjusted so that 
vapors in the column rise very slowly. It is possible for overheated vapors to be 
forced through the air condenser. 


When the vapors slowly arrive in the unjacketed section of the column 
head, the condenser joint acts as a vapor shroud to effectively remove vapors 
from the receiver-cup area. During this total reflux period, maximum separa- 
tion of the components is achieved. Once vapor reflux occurs in the head of 
the column, the system is left for 20-30 min to reach thermal equilibrium. 
During this period of total reflux, the head thermometer should read about 
57-60 °C (at least for most of the equilibration time). 

Following the equilibration period, collection of the resolved components 
may begin. Rotate the air condenser 180° so that the beveled edge is over the 
collection duct. At this point, manipulation of the pipet bulb allows drainage 
of the condensate from the side arm. (This procedure is repeated occasionally 
to continue drainage from the side arm.) Collect six drops (~0.30 mL). After 
removing the collection vial, transfer the contents into a covered vial using a 
Pasteur pipet. Label all fractions. Collect two 0.6-mL fractions (the pipet bulb 
may be removed during collection of these latter fractions); then turn off the 
heat and stirring motor, and remove the vial from the sand bath. Transfer the 
material remaining in the vial, using a Pasteur pipet, to a fourth covered vial. 


Characterization of the Fractions. The composition of each of the fractions 
may be determined by gas chromatographic analysis and measurement of 
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Figure 6.5 Composition of the 
first 15% and the first 40% of the 
volume collected in the distilla- 
1 2.3.4 5 6 7 8 9 tion of a 50% (v/v) mixture of 2- 
Number of theoretical plates methylpentane and cyclohexane. 


0.5 


the refractive index. A GOW-MAC gas chromatograph should be set up as fol- 
lows: 


Column DC 710 
Injection 10 wL 
Temperature 80 °C 
Flow rate (He) 55 mL/min 
Chart speed 1 cm/min 


If we assume that the refractive index is a linear function of the volume 
fraction, the following relationship gives us the volume fraction of 
2-methylpentane in a mixture. The volume fraction is X and the measured 
refractive index is np: 


14266 — np 
~ 1.4266 — 1.3715 


The curve shown in Figure 6.5 may be used to estimate the number of the- 
oretical plates from the composition (mole fraction) of the first 0.30-mL frac- 
tion. For example, if the composition of the first 0.30 mL is 0.89, we would 
infer that the system had a resolution equivalent to about four theoretical 
plates. Note that the number of plates cannot be determined with confidence 
if the composition is greater than about 0.97. If we really wanted to determine 
the number of theoretical plates for a system with more than five plates, we 
could start with a mixture containing only 10 or 20% of the most volatile 
component (MVC), rather than the 50% used in this example. 


Xx 





Fractional Semimicroscale Distillation: The Separation 
of 2-Methylpentane and Cyclohexane Using a Spinning 
Band in a Hickman-Hinkle Still 


Purpose. In this exercise you will become familiar with a powerful mod- 
ification of the classic Hickman still: the Hickman-Hinkle spinning band 
distillation apparatus. This small still is one of the most efficient techniques 
developed for the purification of small quantities of liquids. You will 
develop the skills for handling small quantities of liquids and their purifi- 
cation by distillation, and become familiar with these techniques, so that 
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they may be used in the purification of reaction products formed in later 
experiments. 


DISCUSSION 


This distillation separates the same two compounds used in Experiment [3C]. 
The distillate can be analyzed to determine the number of theoretical plates. If 
careful attention is given to the procedure, the spinning Hickman-—Hinkle is 
capable of more than six theoretical plates. 

As in Experiment [3C] the separation of a 2-mL mixture of 2-methylpentane 
and cyclohexane is achieved. The purity of the fractions can be determined by 
gas chromatography and by measurement of the refractive index. 


COMPONENTS 


H H 
| A 
i 
CH, H 7 C | i 
CH,CHCH,CH,CH, | ye 


H 


HoT | 
H H 


2-Methylpentane Cyclohexane 


EXPERIMENTAL PROCEDURE 


Estimated time for the experiment: 3.0 h. 


Physical Properties of Components 
MW 


86.18 
84.16 





Amount 


1.0 mL 
1.0 mL 


Compound bp (°C) Np 


60.3 1.3715 
80.7 1.4266 





2-Methylpentane 








Cyclohexane 





Reagents and Equipment. The system is assembled as shown in Figure 3.15 
on page 25. In the process, make sure that the Teflon band is aligned as straight 
as possible in the column. In particular, the pointed section extending into the 
vial must be straightened to minimize vibration during spinning of the band. 

Once the spinning band has been tested and rotates freely, place 1.0 mL of 
2-methylpentane and 1.0 mL of cyclohexane in the vial (to be delivered with a 
Pasteur pipet or an automatic delivery pipet). Reassemble the system and 
lower the column into the sand bath. 

Cover the sand bath with aluminum foil during the distillation to prevent the 
collar of the still from overheating. It is easier to regulate the temperature of the 
bath when it is covered. However, for distillations, a more efficient heating 
technique is the recently developed copper-tube block (Fig. 3.3W). 


Experimental Conditions. Gently heat the vial until boiling occurs. When 
heating commences, turn on the magnetic stirrer at a low setting. When 
reflux commences at the base of the column the magnetic stirrer is raised to 


—p— 


CONFIRMING PAGES 


EXPERIMENT 3 Distillation 139 


aq aptara 


EQA 


JWCL196_c06_115-187.qxd 11/17/09 1:28 PM Page 140 a 


140 CHAPTER6 Microscale Organic Laboratory Experiments 


intermediate settings. Once liquid begins to enter the column, the spin rate 
is increased to the maximum (1000-1500 rpm). 


NOTE. It is extremely important that careful temperature control be exercised at 
this stage so that the condensing vapors ascend the column very slowly. 


Vapor-phase enrichment by the most volatile component is limited mainly 
to this period, as fraction collection commences immediately on arrival of 
the vapor column at the annular ring. Once condensation occurs, fractions are 
collected by the same technique used in Experiment [3B]. Characterization of 
the fractions, however, follows the procedure given in Experiment [3C]. 


Characterization of the Fractions. The composition of each of the fractions 
may be determined by gas chromatography, the refractive index, or both. See 
Experiment [3C] for details. 

An alternative approach to the procedures discussed in Experiment [3C] is 
to establish the fraction volume by weight. The curves shown in Figure 6.5 may 
again be used to estimate the number of theoretical plates. The volume of the 
first fraction can be estimated, or determined more accurately by weighing the 
fraction in a tared screw-cap vial. The composition of this fraction then may be 
determined and the fraction of the total represented by this portion calculated. 
If, for example, the first fraction has a volume of 0.4 mL (20% of the total) and 
has a composition 0.89 by volume of 2-methylpentane, we would infer that the 


system had a resolution equivalent to about four theoretical plates. 


QUESTIONS 


6-12. The boiling point of a liquid is affected by several factors. What effect does each of the following conditions have on 


6-13. 


6-14. 


6-15. 


6-16. 


6-17. 


6-18. 


6-19. 


6-20. 


the boiling point of a given liquid? 
(a) The pressure of the atmosphere 
(b) Use of an uncalibrated thermometer 
(c) Rate of heating of the liquid in a distillation flask 
Calculate the vapor pressure of a solution containing 30 mol% hexane and 70 mol% octane at 90 °C assuming that 
Raoult’s law is obeyed. 
Given: vapor pressure of the pure compounds at 90 °C: hexane = 1390 torr, octane = 253 torr. 


In any distillation for maximum efficiency of the column, the distilling flask should be approximately one-half full of 


liquid. Comment on this fact in terms of (a) a flask that is too full and (b) a flask that is nearly empty. 


Occasionally during a distillation, a solution will foam rather than boil. A way of avoiding this problem is to adda 
surfactant to the solution. 

(a) What is a surfactant? 

(b) What is the chemical constitution of a surfactant? 

(c) How does a surfactant reduce the foaming problem? 

Explain why packed and spinning-band fractional distillation columns are more efficient at separating two liquids 
with close boiling points than are unpacked columns. 

Explain what effect each of the following mistakes would have had on the simple distillation carried out in this 
experiment. 

(a) You did not add a boiling stone. 

(b) You heated the distillation flask at too rapid a rate. 

In the ultramicro-boiling-point determination, why is the boiling point taken just as bubbles cease emerging from 
the bell? 

Define each of the following terms, which are related to the distillation process: 

(a) Distillate 

(b) Normal boiling point 

(c) Forerun 

How does the refractive index of a liquid vary with temperature? What corrective factor is often used to determine 
the value at a specific temperature, for example, 20 °C, if the measurement were made at 25 °C? 
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Solvent Extraction 


Determination of a Partition Coefficient for the System 
Benzoic Acid, Methylene Chloride, and Water 


Purpose. This exercise illustrates the general procedures that are used to de- 
termine a partition coefficient at the microscale level. Experience in weighing 
milligram quantities of materials on an electronic balance, the use of auto- 
matic delivery pipets for accurately dispensing microliter quantities of liquids, 
the transfer of microliter volumes of solutions with the Pasteur filter pipet, 
and the use of a Vortex mixer, are techniques encountered in this experiment. 


Prior Reading 


Chapter 3: Experimental Apparatus 
Pasteur Filter Pipet (pp. 36-37) 
Automatic Delivery Pipet (pp. 37-38) 
Weighing of Solids in Milligram Quantities (p. 39) 
Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Partition Coefficient Calculations (pp. 70-72) 
Drying of the Wet Organic Layer (pp. 80-83) 
Separation of Acids and Bases (pp. 77—79) 


DISCUSSION 


Solubility. Substances vary greatly in their solubility in various solvents, but 
based on observations, many of which were made in the very early days of 
chemical experimentation, a useful principle has evolved that allows the 
chemist to predict rather accurately the solubility of a particular substance. It 
is generally true that a substance tends to dissolve in a solvent that is chemically 
similar to itself. In other words, like dissolves like. 

Thus, for a particular substance to exhibit solubility in water requires that 
species to possess some of the characteristics of water. For example, an important 
class of compounds, the organic alcohols, have the hydroxyl group (—OH) 
bonded to a hydrocarbon chain or framework (R—OH). The hydroxyl group can 
be viewed as being effectively one-half a water (HOH) molecule, and it has a 
similar polarity to that of water. This results from a charge separation arising from 
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the difference in electronegativity between the hydrogen and oxygen and oxygen 
atoms. The O—H bond, therefore, is considered to have partial ionic character: 
a Ot 
Partial ionic character of the hydroxyl group 
This polar, or partial ionic, character leads to relatively strong hydrogen bond 
formation between molecules having this entity. Strong hydrogen bonding is 
evident in molecules that contain a hydrogen atom attached to an oxygen, nitro- 
gen, or fluorine atom, as shown here for the ethanol—water system. This polar 
nature of a functional group is present when there are sufficient differences in 
electronegativity between the atoms making up the group: 


3¢ 3t 
8 Chae al a nt 
ce i a H~ = ® “H~ ~CH,—CH, 
Ethanol Hydrogen bond formation 


In ethanol (CH3CH,OR), it is apparent that the hydroxyl end of the mole- 
cule is very similar to water (HOH). When ethanol is added to water, therefore, 
they are miscible in all proportions. That is, ethanol is completely soluble in 
water and water is completely soluble in ethanol. This solubility results because 
the attractive forces set up between the two molecules (CH3;CH2OH and H,0) 
are nearly as strong as between two water molecules; however, the attraction in 
the first case is somewhat weakened by the presence of the nonpolar alkyl ethyl 
group, CH3;CH,—. Hydrocarbon groups attract each other only weakly, as 
evidenced by their low melting and boiling points. Three examples of the con- 
trast in boiling points between compounds of different structure but similar 
molecular weight are summarized in Table 6.1. Clearly, those molecules that 
attract each other weakly have lower boiling points. 

When we compare the water solubility of ethanol (a two-carbon [C5] 
alcohol that, as we have seen, is completely miscible with water) with that of 
octanol (a straight-chain eight-carbon [Cg] alcohol), we find that the solubility 
of octanol is less than 2% in water. Why the difference in solubilities between 
these two alcohols? The answer lies in the fact that the dominant structural fea- 
ture of octanol has become the non-polar nature of its alkyl group: 








” 
CH;—CH,—CH;—CH,—CH;— CH; —CH,—CH;—0: 
6t 
H 
Octanol 





CH;—CH;—-O—CH;-—CH, 
Diethyl] ether 


As the bulk of the hydrocarbon section of the alcohol molecule increases, the 
intramolecular attraction between the polar hydroxyl groups of the alcohol and 
the water molecules is no longer sufficiently strong to overcome the hydrophobic 
character (lack of attraction to water) of the nonpolar hydrocarbon section of the 
alcohol. On the other hand, octanol has a large nonpolar hydrocarbon group as 
its dominant structural feature. We might, therefore, expect octanol to exhibit en- 
hanced solubility in less polar solvents. In fact, octanol is found to be completely 
miscible with diethyl ether. Ethers are solvents of weak polarity. Since the nonpo- 
lar characteristics are significant in both molecules, mutual solubility is observed. 
It has been empirically demonstrated that, in general, if a compound has both 
polar and nonpolar groups present in its structure, those compounds having five 
or more carbon atoms in the hydrocarbon portion of the molecule will be more 
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Table 6.1 Comparison of Boiling Point Data Table 6.2 Water Solubility of Alcohols 

Name Formula MW _ bp (°C) Solubility 
Ethanol CH;CH,OH 46 74.| | Name Formule te OG Sa) 
Propane CH;CH,CH, 44 —42.2 Pentanol CH3(CH2)3CH20H 4.0 
Methyl acetate CH3CO2CH3 74 54 2-Pentanol CH3(CH3)CH(OH)CHs3 a? 
Diethyl ether (CH3CH>).O 74 34.6 2-Methyl-2-butanol (CH3)sC(OH)CH,CH3 12.5 
Ethylene CH»= CH, 28 —102 Note. Data at 20 °C. 

Methylamine CH3NH> 31 —6 








soluble in nonpolar solvents, such as pentane, diethyl ether, or methylene chlo- 
ride. Figure 5.13, on page 69, summarizes the solubilities of a number of straight- 
chain alcohols, carboxylic acids, and hydrocarbons in water. As expected, those 
compounds with more than 5 carbon atoms are shown to possess solubilities 
similar to those of the hydrocarbons. 

Several additional relationships between solubility and structure have 
been observed and are pertinent to the discussion. 


1. Branched-chain compounds have greater water solubility than their 
straight-chain counterparts, as illustrated in Table 6.2 with a series of alcohols. 

2. The presence of more than one polar group in a compound will 
increase that compound’s solubility in water and decrease its solubility in 
nonpolar solvents. For example, high molecular weight sugars, such as 
cellobiose, which contain multiple hydroxyl and/or acetal groups, are water 
soluble and ether insoluble; cholesterol (C57), which possesses only a single 
hydroxyl group, is water insoluble and ether soluble: 


CH, 


CH, 





Cholesterol 


H 





Cellobiose 


3. The presence of a chlorine atom, even though it lends some partial 
ionic character to the covalent C—Cl bond, does not normally impart water 
solubility to a compound. In fact, such compounds as methylene chloride 
(CHCl), chloroform (CHCls), and carbon tetrachloride (CCl,) have long been 
used as solvents for the extraction of aqueous solutions. It should be noted 
that use of the latter two solvents is no longer recommended, unless strict 
safety precautions are exercised, because of their potential carcinogenic nature. 
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Table 6.3 Water Solubility of Amines 

Solubility 
Name Formula (g/100 g H2O) 
Ethylamine CH3CH»NH> co 
Diethylamine (CH3CH>),.NH oo 
Trimethylamine (CH3)3N 91 
Triethylamine (CH3CH>)3N 14 
Aniline CsHsNH2 3.7 
p-Phenylenediamine H2NCsHyNH> 3.8 
Note. Data at 25 °C. 








4. Most functional groups that are capable of forming a hydrogen bond 
with water, if it constitutes the dominant structural feature of a molecule, will 
impart increased water solubility characteristics to a substance (the five-carbon 
rule obviously applies here in determining just what is a dominant feature). For 
example, certain alkyl amines (organic relatives of ammonia) might be expected 
to have significant water solubility. This finding is indeed the case, and the 
water-solubility data for a series of amines is summarized in Table 6.3. 

The solubility characteristics of any given compound will uniquely govern 
that substance’s distribution (partition) between the phases of two immiscible 
solvents (in which the material has been dissolved) when these phases are 
intimately mixed. In this experiment we determine the partition coefficient 
(distribution coefficient) of benzoic acid between two immiscible solvents, 
methylene chloride and water. 











COMPONENTS 
ll. H 
COH | 
C {@ 
HY ~cl HO” ~H 
Cl 
Benzoic acid Methylene Water 
chloride 
EXPERIMENTAL PROCEDURE 
Estimated time of experiment: 1.5 h. 
Physical Properties of Components 
Compound MW Amount mmol mp(°C) | bp (°C) d 
Benzoic acid 122.13 50 mg 0.41 122 
Methylene chloride 1.20 mL 40 1.33 
Water 600 pL 100 1.00 











Equipment Setup and Addition of Reagents. Weigh and add to a5.0-mL 
conical vial fitted with a screw cap, 50 mg (0.41 mmol) of benzoic acid. Now 
add 600 wL of methylene chloride followed by 600 wL of water. 
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The solvents are transferred to the vial with automatic delivery pipets (use a 
different pipet or pipet tip for each solvent). The methylene chloride addition 
should be carried out in the hood. HOOD 


Procedure for Establishing Equilibrium Distribution. Cap the vial and 
shake (or use a Vortex mixer) until the benzoic acid dissolves and the two 
phases have been thoroughly mixed. Vent the vial (by releasing the Cap-seal) 
and then allow the two layers to separate. 

Carefully draw the lower methylene chloride layer into a Pasteur filter 
pipet and transfer it to a 5-mL conical vial containing 100 mg of anhydrous, 
magnesium sulfate. If the amount of the methylene chloride layer is insuffi- 
cient to properly transfer into the 5-mL conical vial, carefully add more so that 
a proper transfer can occur. Once complete, recap the vial. 


NOTE. If the volume of the methylene chloride layer is so large that it cannot be trans- 
ferred completely in one operation, a second transfer may be required. Be careful not to 
over-fill the pipet to insure that solvent does not come in contact with the rubber bulb.The 
technique of removing the last traces of water from the methylene chloride solution is 
often referred to as drying the solution. It can involve any one of a number of insol- 
uble anhydrous salts, which convert the moisture retained in the organic phase to water 
of crystallization. In this case, we are using sodium sulfate. 


Isolation of the Benzoic Acid. After drying the methylene chloride solution 
for 10-15 min, transfer the anhydrous solution to a previously tared vial (the 
term tare means to preweigh the empty vial) using a Pasteur filter pipet (the use 
of the filter pipet is a convenient way of separating the solid hydrated sodium 
sulfate from the dried solution). Rinse the sodium sulfate with an additional 
600 jL of methylene chloride and combine the rinse with the solution in the 
tared 5.0-mL conical vial. Evaporate the solvent under a gentle stream of nitrogen 
gas in a warm sand bath in the hood. (It is important to warm the solution while HOOD 
evaporating the solvent; otherwise the heat of vaporization will rapidly cool the 
solution. In this latter case, as the cold, solid acid precipitates from the saturated 
solution, moisture will condense from the air entrained in the evaporation 
process, and contaminate the surface of the recovered material.) 


NOTE. If a hot sand bath is used, a boiling stone is placed in the vial before it is 
tared. The boiling stone will help to avoid explosive, sudden boiling of the solvent 
when the vial is placed in the sand bath. 


Weight Data and Calculations. Weigh the vial and determine the weight 
of benzoic acid that remains following removal of the methylene chloride. 
Break up the hard cake of precipitated benzoic acid with a microspatula and 
briefly reheat the vial and contents in a sand bath to remove the last traces 
of solvent and any water that remains in the system. Cool and reweigh. Re- 
peat this operation until a constant weight is obtained. This weight represents 
the benzoic acid that dissolved in the methylene chloride layer. 

The original weight of benzoic acid used minus the amount of benzoic acid 
recovered in the methylene chloride layer equals the weight of the benzoic 
acid that dissolved and still remains in the water layer. 

Since equal volumes of both solvents were used, the partition coefficient 
may be simply determined from the ratio of the weight of benzoic acid in the 
methylene chloride solvent to the weight of benzoic acid in the water layer. 

Calculate the partition coefficient for benzoic acid in the solvent pair used 
in this exercise. 
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Solvent Extraction I: The System; Benzoic Acid, 
Methylene Chloride, and 10% Sodium Bicarbonate 
Solution; An Example of Acid-Base Extraction Techniques 
Purpose. This exercise illustrates an extensively used extraction technique in 
which a reversible reaction is employed to alter the solubility characteristics 
of the substance of interest. 


Prior Reading 


Chapter 3: Experimental Apparatus 
Pasteur Filter Pipet (pp. 36-37) 
Automatic Delivery Pipet (pp. 37-38) 
Weighing of Solids in Milligram Quantities (p. 39) 
Technique 4: Solvent Extraction 
Liquid-Liquid Extraction (p. 72) 
Partition Coefficient Calculations (pp. 70-72) 
Drying of the Wet Organic Layer (pp. 80-83) 
Separation of Acids and Bases (pp. 77-79) 


REACTION 
C,H,C —QH + Na* HCO; == C,H,C —O: Na* + H,CO, 
Benzoic acid Sodium benzoate Carbonic 
acid 
H,CO, = CO, + H,O 
DISCUSSION 


Benzoic acid reacts readily with sodium bicarbonate to form sodium benzoate, 
carbon dioxide, and water. The sodium salt of benzoic acid has highly ionic 
characteristics and thus, unlike the free acid, the salt is very soluble in water 
and nearly insoluble in methylene chloride. This salt is characterized by a full 
ionic bond between the carboxylic acid group of the acid and the sodium ion. 
It is, therefore, a new substance exhibiting many of the solubility properties 
commonly associated with inorganic ionic salts. 


EXPERIMENTAL PROCEDURE 


Estimated time of experiment: 1.0 h. 














Physical Properties of Reactants 
Compound MW Amount mmol mp(°C)_ bp (°C) d 
Benzoic acid 122.13 50 mg 0.41 122 
Methylene chloride 1.20 mL 40 1.33 
Sodium bicarbonate 600 wL 

(10% solution) 
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Procedure for Establishing Distribution. Repeat the identical procedures 
carried out in Experiment [4A], but replace the 600 wL of water with 600 wL 
of 10% sodium bicarbonate solution. A good estimate of the efficiency of the 
conversion of benzoic acid to the sodium salt of the acid, which because of 
its ionic character is found almost exclusively in the aqueous phase, can be 
made by recovering any unreacted acid from the methylene chloride layer and 
using the distribution coefficient established in Experiment [4A]. Also, be sure 
to obtain a melting point of any recovered residue (assumed above to be ben- 
zoic acid) from the organic phase, since contamination of free acid by the acid 
salt can be detected by this measurement. Sodium benzoate has a melting 
point above 300 °C, whereas benzoic acid melts near 122 °C. 


Test for a Carboxylic Acid. As illustrated in the above reaction, when a 
carboxylic acid comes in contact with a solution containing bicarbonate ion, 
carbon dioxide is generated. Once saturation of the solution by carbon diox- 
ide occurs, bubbles of carbon dioxide gas are observed to form in the liquid 
phase. This effervescence may be used as a qualitative test for the presence 
of the carboxylic acid functional group in an unknown substance. 

Place 1-2 mL of 10% sodium or potassium bicarbonate on a small watch 
glass. Add the pure acid, one drop from a Pasteur pipet if the sample is a liquid 
(~5 mg if it is a solid), to the bicarbonate solution. Evolution of bubbles (CO2) 
from the mixture indicate the presence of an acid. 

Perform the above test for the presence of carboxyl groups on several or- 
ganic acids, such as acetic, benzoic, propanoic, or chloroacetic acid. 


Solvent Extraction Il: A Three-Component Mixture; 

An Example of the Separation of an Acid, a Base, 

and a Neutral Substance 

Purpose. This exercise investigates how solvent extraction techniques can be 
applied effectively to problems that require the separation of mixtures of organic 
acids, bases, and neutral compounds in the research or industrial laboratory. 


Prior Reading 


Chapter 3: Experimental Apparatus 
Pasteur Filter Pipet (pp. 36-37) 
Automatic Delivery Pipet (pp. 37-38) 
Weighing of Solids in Milligram Quantities (p. 39) 
Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Drying of the Wet Organic Layer (pp. 80-83) 
Separation of Acids and Bases (pp. 77-79) 
Salting Out (p. 79) 


DISCUSSION 
As implied in the discussions of Experiments [4A] and [4B], the solubility 


characteristics of organic acids in water can be shown to be highly dependent 
on the pH of the solution. By extending this extraction approach to include 
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HOOD 


organic bases, it has been possible to develop a general procedure for the 
separation of mixtures of organic acids, bases, and neutral substances. 


NOTE. Refer to Technique 4, p. 78-79 for a flowchart outlining the procedure. 


The components of the mixture to be separated in this experiment are 
benzoic acid, ethyl 4-aminobenzoate (a base), and 9-fluorenone (a neutral 
compound, which may be prepared in Experiment [33A]). 


COMPONENTS 
CO,H NH, o 
Oo oO 
CO,C,H; 
Benzoic acid Ethyl 4-aminobenzoate 9-Fluorenone 


EXPERIMENTAL PROCEDURE 


Estimated time of experiment: 2.5 h. 











Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) — bp (°C) d 
Benzoic acid 122.1 50 mg 0.41 122 
Ethyl 4-amino- 165.19 50 mg 0.31 89 
benzoate 
9-Fluorenone 180.22 50 mg 0.27 84 
Diethyl ether 74.12 4 mL 35 0.7184 
3M HCl 4 mL 
3 M NaOH 4 mL 
6M HCl 
6 M NaOH 











NOTE. In carrying out the separation, you should keep a record or flowchart of 
your procedure (as suggested in the prior reading assignment) in your laboratory 
notebook. You should also be particularly careful to label all flasks. 


Reagents and Equipment. Weigh and add to a stoppered or capped 
15-mL centrifuge tube the following: 50 mg (0.41 mmol) of benzoic acid, 
50 mg (0.31 mmol) of ethyl 4-aminobenzoate, and 50 mg (0.27 mmol) of 
9-fluorenone. Now, in the hood, add 4 mL of diethyl ether using a 10-mL 
graduated cylinder for the transfer.The solids may be dissolved by either stirring 
with a glass rod or mixing on a Vortex mixer (capped vial). 


Separation of the Basic Component. Cool the solution in an ice bath. Now, 
using a calibrated Pasteur pipet, add 2 mL of 3 M HCl dropwise to the cooled 
solution with swirling. Cap and thoroughly mix the resulting two-phase sys- 
tem for several minutes (a Vortex mixer works well). Vent carefully and after 
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the layers have separated remove the bottom (aqueous) layer using a Pasteur 
filter pipet and transfer this phase to a labeled, 10-mL Erlenmeyer flask. 

Repeat this step with an additional 2 mL of the 3 M acid solution. As be- 
fore, transfer the aqueous layer to the same labeled Erlenmeyer flask. Stopper 
or cap this flask. Save the ether solution. The aqueous acidic solution is to be 
used in the next step. 


NOTE. A small amount of crystalline material may form at the interface between 
the layers. A second extraction generally dissolves this material. 


Isolation of Ethyl 4-Aminobenzoate: The Basic Component. To the aque- 
ous acidic solution, separated and set aside in the previous step, add 6 M NaOH 
dropwise until the solution is distinctly alkaline to litmus paper. Cool the flask 
in an ice bath for about 10-15 min. Collect the solid precipitate that forms in 
the basic solution by reduced-pressure filtration using a Hirsch funnel. Wash 
the precipitate with two 1-mL portions of distilled water. Air-dry the washed 
microcrystals by spreading them on a clay plate, filter paper, or in a vacuum 
drying oven. Weigh the material and calculate the percent recovery. Obtain the 
melting point of the dry ethyl 4-aminobenzoate and compare your result to the 
literature value. This material is used as a topical anesthetic. 


Separation of the Acidic Component. Add 2 mL of 3 M NaOH to the 
ether solution that was set aside earlier in the experiment. At this point, if 
necessary, add additional ether (~1-2 mL) so that the volume of the organic 
layer is at least equal to, or somewhat larger than, that of the aqueous phase. 
This adjustment in volume should allow an efficient distribution to take place 
when the two phases are mixed. Then carry out the extraction as before, allow 
the layers to separate, and finally transfer the bottom aqueous basic layer to 
a labeled, 10-mL Erlenmeyer flask. 

Repeat this routine and again remove the aqueous layer and transfer it to 
the same Erlenmeyer flask. Stopper this flask (containing the extracted aque- 
ous basic phase) and set it aside for later use. 


Separation of the Neutral Component. Wash (extract) the remaining ether 
solution contained in the centrifuge tube with two 1-mL portions of water. Sep- 
arate the lower aqueous layer in each sequence. Save the aqueous wash layer 
temporarily; it will be discarded at the very end of the experiment. (It is good prac- 
tice to never discard any layer until you have recovered or accounted for all of the 
material.) Now add about 300 mg of anhydrous granular sodium sulfate to the 
wet ether (ether saturated with water) solution. Cap the tube and set it aside 
while working up the alkaline extraction solution. This procedure will allow suf- 
ficient time for the traces of moisture to be removed from the ether solution by 
hydration of the insoluble drying agent. If the sodium sulfate initially forms 
large clumps, you may add a further quantity of the anhydrous salt. 


Isolation of Benzoic Acid: The Acidic Component. Add 6 M HC! dropwise 
to the aqueous alkaline solution, which was separated and set aside earlier, 
until the solution becomes distinctly acidic to litmus paper. Then cool the flask 
in an ice bath for about 10 min. If only a small amount (10-25 mg) of 
precipitate is obtained on acidification, add a small amount of a saturated 
aqueous solution of sodium chloride (salting out effect; see Prior Reading as- 
signment) to help promote further precipitation of the benzoic acid. Collect 
the precipitated benzoic acid by filtration under reduced pressure using a 
Hirsch funnel. Wash (rinse) the filter cake (precipitated acid) with two 1-mL 
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portions of cold distilled water. Dry the solid product using one of the tech- 
niques described earlier for ethyl 4-aminobenzoate. Weigh the dry benzoic 
acid and calculate your percent recovery. 

Obtain a melting point of this material and compare your result to the lit- 
erature value. 


Isolation of 9-Fluorenone: The Neutral Component. Use a Pasteur filter 
pipet to transfer the dried ether solution collected earlier to a tared 10-mL Erlen- 
meyer flask containing a boiling stone. Rinse the drying agent with an additional 
1 mL of ether and combine the ether wash with the anhydrous organic phase. 
Concentrate the ether solution on a warm sand bath using a slow stream 
HOOD _ of nitrogen gas in the hood. Obtain the weight of the residue (9-fluorenone) 
after removal of the solvent and calculate the percent recovery. Obtain a melt- 
ing point of the material and compare your result to the literature value. 


QUESTIONS 


6-21. (a) Explain why diethyl ether would be expected to be a satisfactory solvent for the straight-chain hydrocarbons 
hexane and heptane. (b) Explain why t-butyl methyl ether would not be expected to be an ideal solvent for the 
polyhydroxylated carbocycles glucose and fructose. 

6-22. The solubility of p-dibromobenzene in benzene is 80 wg/100 wL at 25 °C. Would you predict the solubility of this 
compound to be greater, less, or approximately the same in acetone solvent at this temperature? Explain. 


C=C vey 
/ \ | 
aa | Cc 
home Hc” “CH, 
— 
H H 
p-Dibromobenzene Acetone 


6-23. (a) Each of the solvents listed below are used in experiments in this text to extract organic compounds from aqueous 

solutions. 

(i) Methylene chloride 

(ii) Pentane 

(iii) Toluene 

(iv) Diethyl ether 

Will the organic phase be the upper or lower layer when each of these solvents is mixed with water? Explain your an- 
swer for each case. (b) If you placed an ice cube in each of the solvents i-iv listed above in (a), would you expect an 
ice cube placed in each to float or sink? Explain your answer for each case. 

6-24. A 36-mg sample of an organic compound (MW = 84) is dissolved in 10 mL of water. This aqueous solution is 
extracted with 5.0 mL of hexane. Separation and analysis of the aqueous phase shows that it now contains 12 mg of 
the organic compound. Calculate the partition coefficient for the compound. 

6-25. A qualitative method often used to determine whether an organic compound contains oxygen is to test its solubility 
in concentrated sulfuric acid. Almost all oxygen-containing compounds are soluble in this acid. Explain. 

6-26. In the discussion of multiple extractions (p. 71), it was suggested that in the example given you might extend the rela- 
tionship to the next step by using one-third of the total quantity of the ether solvent in three portions. The reason for 
increasing the number of extractions was to determine whether this expansion would increase the efficiency of the 
process even further. To determine if this next step is worth the effort, perform the calculations for the extraction of 
100 mg of P in 300 wL of water with three 100-wL portions of ether. Assume the partition coefficient is 3.5 (as before). 
(a) Compare the amounts of P extracted from the water layer using one, two, or three extractions. 

(b) Do you think that the additional amount of P extracted from the water layer using three extractions is justified? Might 
it be justified if P were valuable and you were working on the industrial scale of 100 kg of P in 3000 L of water? 
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Reduction of Ketones Using a Metal 
Hydride Reagent: Cyclohexanol and 
cis- and trans-4-tert-Butylcyclohexanol 


Common name: cyclohexanol 
CA number: [108-95-0] 
CA name as indexed: cyclohexanol 


Common name: 4-tert-butylcyclohexanol 
CA number: [98-52-2] 
CA name as indexed: cyclohexanol, 4-(1,1-dimethylethyl)- 


Purpose. The reduction of a ketone carbonyl to the corresponding alcohol is 
carried out using sodium borohydride, a commercially available metal-hydride 
reducing agent. The alcoholic reaction products are isolated by extraction 
techniques and purified by preparative gas chromatography. Cis and trans 
diastereomers are formed in the reduction of the 4-tert-butylcyclohexanone. 
These diastereomeric products can be separated during the preparative GC 
isolation. The stereochemistry of the structures can be deduced, once the mix- 
ture is separated into its pure components, using either NMR or IR spectroscopy. 


Prior Reading 


Technique 1: Gas Chromatography (pp. 55-61) 
Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Drying of a Wet Organic Layer (pp. 80-83) 
Concentration of Solutions (pp. 101-104) 
Technique 6: Thin-Layer Chromatography (pp. 97-99) 
Chapter 8: Infrared Spectroscopy (pp. 539-554) 
Nuclear Magnetic Resonance Spectroscopy (pp. 561-587) 


REACTION (EXPERIMENT [5A]) 


es :OH 
NaBH, 
CH,OH 
CH,O° Na* 
Cyclohexanone Cyclohexanol 
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DISCUSSION 


An important route for the synthesis of primary and secondary alcohols is the re- 
duction of aldehydes and ketones, respectively. Reduction involves the addition 
of the equivalent of molecular hydrogen H—H to the carbonyl group (C=O). 

A variety of pathways have been discovered to accomplish this conversion, 
but the most common method used in the research laboratory involves com- 
plex metal-hydride reagents. Two reagents that enjoy wide application are 
lithium aluminum hydride (LiAIH,) and sodium borohydride (NaBHy). 

Lithium aluminum hydride is a powerful reducing agent that reacts not 
only with aldehydes and ketones, but with many other carbonyl containing 
functional groups as well. Because the first of the four deliverable hydrides 
available is the most reactive hydride, it will attack esters, lactones, carboxylic 
acids, anhydrides, and amides. It also reduces noncarbonyl systems, such as, 
alkyl halides, alkyl azides, alkyl isocyanates, and nitriles. Note that LiAIH, can 
be used safely only in aprotic solvents (a solvent that does not contain an ion- 
izable [acidic] proton), such as diethyl ether or tetrahydrofuran (THF). In protic 
solvents, lithium aluminum hydride reacts violently with the acidic hydrogen of 
the solvent to rapidly generate hydrogen gas: 


LiAIH, + 4 CH;0H > LiAl(OCH;), + H> 





CAUTION: The hydrogen gas often ignites. This particular hydride 
reagent should not be used unless specific instructions are made avail- 
able for its proper use under anhydrous conditions. 





Sodium borohydride is a much more selective reducing reagent partly due to 
the fact that the fourth hydride, not first as is the case with lithium aluminum hy- 
dride, is the most reactive, and when used in excess, it is a much milder reagent 
than LiAIH,. For this reason sodium borohydride is usually used for the reduction 
of aldehydes and ketones. It does not react with the vast majority of the less re- 
active organic functional groups, such as C=C, C==C, nitro, cyano, and even 
some carbonyl-containing systems, such as, amides and carboxylic acids. Sodium 
borohydride does react at an appreciable rate with water, but only slowly with 
aqueous alkaline solution (no available protons), methanol, «, B-unsaturated ke- 
tones, and esters. For small-scale reactions an excess of reagent is generally used 
to compensate for the amount of borohydride that reacts with the protic solvent 
(methanol). This approach is preferred to that of using a solvent in which the 
sodium borohydride is less soluble (it is insoluble in ether), because the reaction 
is driven more rapidly to completion under the former conditions. On the other 
hand, sodium borohydride can react rapidly with strong acids to generate hydro- 
gen gas. This reaction may be used to advantage as a source of in situ hydrogen 
for the reduction of C=C bonds (see Experiment [12]). The relatively high cost of 
the metal hydride reducing agents is offset by their low molecular weight 
(more moles per gram) and the fact that 1 mol of reducing agent reduces 
4 mol of aldehyde or ketone. 

The key step in the reduction of a carbonyl group by sodium borohydride 
is the transfer of a hydride ion (:H_) from boron to the carbon atom of the 
polarized carbonyl group: 


Vt Be 
oo 
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Table 6.4 Reduction of 4-tert-Butylcyclohexanone 
Reagent Trans (%) Cis (%) 
Sodium borohydride 80 20 
Lithium aluminum hydride 92 8 
Lithium tri-sec-butylborohydride 7 93 





In the reaction, the electron-rich hydride ion is acting as a nucleophile 
(nucleus-seeking), which attacks the electrophilic (electron-seeking) carbon 
atom of the carbonyl group: 


- :OH 
2. .HO—CH, 


fo : 


H—BH,, Na* + H,C—O—BH,, Na* 


The hydride may make an equatorial (e) or axial (a) attack, 
depending on steric factors. 


The overall reduction process requires two hydrogen atoms, but only one 
comes directly from the borohydride reagent. The other hydrogen atom is de- 
rived from the protic solvent (methanol). 

In the 4-tert-butylcyclohexanone example, the steric environment is dif- 
ferent on either face of the carbonyl group. In this case, the hydride reducing 
agent attacks more rapidly from the axial direction, and thus the equatorial al- 
cohol (axial H) is the major product. This reaction pathway is preferred with 
the relatively small sodium borohydride and lithium aluminum hydride reagents. 
When one stereoisomeric product is preferentially formed, the reaction is 
called a stereoselective reaction. 

Sterically large hydride reducing reagents, such as lithium tri-sec- 
butylborohydride, are forced to make an equatorial attack, due to steric factors 
(these hydride reagents run into the 1,3-diaxial hydrogen atoms), and thus, 
the cis isomer of 4-tert-butylcyclohexanol is the major product. The data are 
summarized in Table 6.4, which relates the stereochemistry of the reduction to 
the metal hydride reagent used. 


Cyclohexanol 


The reaction is shown above. 


EXPERIMENTAL PROCEDURE 


Estimated time for the experiment: 1.5 h. 
For the GC analysis, 15 min per student. 











Physical Properties of Reactants 
Compound MW Amount mmol _ bp (°C) d Np 
Cyclohexanone 98.15 100 pL 0.97 156 0.95 1.4507 
Methanol 32.04 250 pL 10.3 65 0.79 1.3288 
Sodium borohydride 300 pL 

reducing solution 
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HOOD 
Cyclohexanone, 100 pL 
+ CH30H, 250 al + 
NaBH, solution, 300 ab 
wd 
e 
Anhydrous 






Na2SOq4, 500 mg 


Cyclohexanal 
product + 
2.0 mL CHoCl, 


HOOD 


Reagents and Equipment. With the aid of an automatic delivery pipet, 
place 100 wL (95 mg, 0.97 mmol) of cyclohexanone in an oven-dried and tared 
(preweighed) 5.0-mL conical vial equipped with an air condenser. Now add 
250 wL of methanol and gently stir the contents in the vial using a glass stirring 
rod (or a magnetic spin vane if desirable) to obtain a homogeneous solution 
(#). In the hood, add 300 wL of sodium borohydride reducing solution drop- 
wise, with stirring, to the solution of the ketone. 


NOTE. The cyclohexanone, methanol, and sodium borohydride solutions are dispensed 
using automatic delivery pipets. Weigh the cyclohexanone after delivery to get an 
accurate weight for the yield calculations. 


The stock reducing solution should be prepared just prior to conducting the 
experiment. 


INSTRUCTOR PREPARATION. In a 10-mL Erlenmeyer flask place 50 mg of an- 
hydrous sodium methoxide and 2.5 mL of methanol. To this solution add 100 mg 
of sodium borohydride. Stopper the flask tightly and swirl the contents gently to 
dissolve the solid phase (100 wL of this solution provides ~2.0 mg of NaOCH; 
and 4.0 mg of NaBHy). 


NOTE. Test for activity of the reducing solution: Add 1-2 drops of the freshly pre- 
pared reducing solution to about 200 wL of concentrated hydrochloric acid. Gen- 
eration of hydrogen gas bubbles is a positive test. 


Reaction Conditions. After allowing the resulting solution to stand 10 min at 
room temperature, begin monitoring the resulting solution by TLC. Use as a sol- 
vent system ethyl acetate:hexane (1:4), the R, of cyclohexanol is 0.4 (Ry of cyclo- 
hexanone is 0.6) when stained with a solution of p-anisaldehyde (135 mL 
ethanol, 5 mL H»SO,, 1.5 mL glacial acetic acid, and 3.7 mL p-anisaldehyde). 


Isolation of Product. When the reaction is complete as judged by TLC, use 
a calibrated Pasteur pipet to add dropwise 1.0 mL of cold dilute hydrochloric 
acid (0.1 M HCl). Extract the aqueous mixture with three 0.5-mL portions of 
methylene chloride. Upon each addition of methylene chloride, cap the vial, 
shake it gently, and then carefully vent it by loosening the cap (a Vortex mixer 
may be used if available). After the layers have separated, remove the bottom 
methylene chloride layer using a Pasteur filter pipet and transfer it to a Pasteur 
filter pipet containing about 500 mg of anhydrous sodium sulfate. 

Collect the dried eluate in a tared 5.0-mL conical vial containing a boiling 
stone. Use an additional 0.5 mL of methylene chloride to rinse the sodium sul- 
fate and collect the rinse in the same conical vial (#). 

An additional rinse of the sodium sulfate may be made if desired. Remove the 
methylene chloride solvent by careful evaporation in the hood by gentle warn- 
ing in a sand bath (constantly agitate the surface of the solution with a mi- 
crospatula to prevent superheating and subsequent boilover). In this instance, do 
not use a stream of nitrogen gas to hasten the evaporation. The volatility of the prod- 
uct alcohol is such that a substantial loss of product will occur if this technique is used. 


Purification and Characterization. The crude cyclohexanol reaction product 
remaining after evaporation of the methylene chloride solvent is usually of suf- 
ficient purity for direct characterization. 

Determine the weight of the liquid residue and calculate the percent 
crude yield. Determine the refractive index (3 wL, optional) and boiling 
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point (4 wL) of the material. Compare your values with data given in the 
literature. 

Obtain the infrared spectrum of the crude (dry) cyclohexanol product by 
the capillary film sampling technique. Compare the spectrum of the starting 
ketone in Figure 6.6 to that of your isolated material. Is there evidence of the 
unreacted starting material in your product? The spectrum of cyclohexanol 
crude product is shown in Figure 6.7. 


NOTE. Most of the infrared spectra referred to in the experimental analysis sections 
are derived by Fourier transform and plotted on a slightly different scale than the other 
spectra presented in the text. These spectra utilize a 12.5-cm "/division format below 
2000 cm~' and undergo a 2:1 compression above 2000 cm~' (25 cm~ ‘/division). 


Infrared Analysis: A Comparison Reactant and Product. The key absorp- 
tion bands to examine in the spectrum of cyclohexanone occur at 3420, 3000-2850, 
1715, and 1425 cm". The lack of significant absorption between 3100-3000 and 
1400-1350 cm‘ also should be noted. The sharp weak band at 3420 cm’ is not 
a fundamental vibration (not O—H or N—H stretching), but arises from the first 


0 %TE 
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Sample Cyclohexanone 
&T & ABS —Background Scans 4 Scans 16 
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Figure 6.6 IR spectrum: cyclohexanone. 
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100.00 %T 


0.00 





overtone of the very intense carbonyl stretching mode found at 1715 cm’ '. The 
overtone does not fall exactly at double the frequency of the fundamental, but 
www)» usually occurs slightly below that value because of anharmonic effects. The lack 
of absorption in the region near 3100-3000 cm‘ and the presence of a series of 
very strong absorption bands at 3000-2850 cm‘ indicates that the only C—H 
stretching modes present are part of sp® systems. Thus, the spectrum is typical of 
an aliphatic ketone. The occurrence of a 1425-wavenumber band suggests the 
presence of at least one methylene group adjacent to the carbonyl group, while 
the 1450-wavenumber band requires other methylene groups more remote to 
the C=O group. The lack of absorption in the 1400- to 1375-wavenumber 
region indicates the absence of any methyl groups (a good indication of a sim- 
ple aliphatic ring system) and further suggests that the absorption at 1450 cm™ 
must arise entirely from methylene scissoring modes. The value of 1715 cm’! for 


the C=O stretch supports the presence of a six-membered ring. 


Now examine the spectrum of your reaction product (a typical example is 
given in Fig. 6.7). The spectrum is rather different from that of the starting mate- 
rial. The major changes are a new very strong broad band occurring between 3500 
and 3100 cm™ ‘and the large drop in the intensity of the band found at 1715 cm“ 1. 


4000 3500 3000 2500 2000 1500 1000 


Sample _CYyclohexanol (crude product) 
%T & ABS — Background Scans 4 __ Scans —___16 


Acquisition & Calculation Time 42 sec __ Resolution_4.0cm-1 
Sample Condition liquid, nest. Cel) Window —_KBr_ 
Cell Path Length —Capillary film Matrix Material 





Figure 6.7 IR spectrum: cyclohexanol (crude product). 
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These changes indicate the reductive formation of an alcohol group from the car- 
bonyl system. The band centered near 3300 cm‘ results from the single polar- 
ized O—H stretching mode. The drop in intensity of the 1715-wavenumber band 
indicates the loss of the carbonyl function. The exact amount of cyclohexanone 
remaining can be determined by carrying out a Beer's law type analysis, but in 
this case we will use gas chromatographic techniques to determine this value. 
Other bands of interest in the spectrum of cyclohexanol occur at 1069 and 
1031 cm '. These bands can be assigned, respectively, to the equatorial and axial 
C—O stretching of the rotational conformers of this alicyclic secondary alcohol. 
A broad band (width ~300 cm™') can be found near 670 cm‘. This absorption 
arises from an O—H bending, out-of-plane mode, of the associated alcohol. This 
band is generally identified only in neat samples where extensive hydrogen- 
bonding occurs. Also note that the band at 1425 cm ' has vanished because 
there are no methylene groups alpha to carbonyl systems in the product. 


Separation of Small Quantities of Cyclohexanone from Cyclohexanol 


Now proceed with purification of the reaction product by preparative gas 
chromatography. Use the following conditions and refer to Experiment [2] for the 
collection technique. If time permits, or perhaps in a later laboratory period, de- 
termine the infrared spectrum of the purified product. Describe and explain the 
changes observed in the new spectrum compared to that of the crude product. 


Example 
9:1 (v/v) cyclohexanol/cyclohexanone 
10% Carbowax 20 M (stationary phase) 
Injection volume: 15 wL 
Temperature: 130 °C 
He flow rate: 50 mL/min 
Column: j-in. X 8-ft stainless steel 
Chart speed: 1 cm/min 

















Cyclohexanol Cyclohexanone 
Retention Time Yield Retention Time 
Run (min) (mg) (min) 
1 15.3 6.5 11.6 
2 17.3 13 12.5 
3 17.2 8.5 12.6 
4 16.0 9.6 12.0 
5 14.6 73 11.2 
6 14.5 8.7 11.2 
i 15.5 8.9 11.7 
8 15.5 8.9 11.8 
9 16.4 8.8 12.3 
10 15.4 8.4 12.7 
Av 15.841 8.3 + 0.9 12.0 + 0.6 











Cyclohexanol injected = 0.9(15 pL) (0.963 mg/L) = 13.0 mg 
Percent yield = 8.3/13.0 X 100 = 63.8% 


NOTE. Collection efficiencies approaching 90% can be obtained by cooling the 


collection tube. Liquid nitrogen-soaked tissues work best, but methanol-soaked tis- 
sues or ice water can give a significant improvement. 
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H,C 


H,C 





4-tert-Butylcyclohexanone, 


50 mg + CHAOH, 50 uL + 
NaBH, solution, 100 wl 


Chemical Tests. Several chemical tests (see Chapter 9) may also be used to 
establish that an alcohol has been formed by the reduction of a ketone. Per- 
form the ceric nitrate and 2,4-dinitrophenylhydrazine test on both the starting 
ketone and the alcohol product. Do your results demonstrate that an alcohol 
was obtained? You may also wish to prepare a phenyl- or a-naphthylurethane 
derivative of the cyclohexanol. Before the development of chemical instru- 
mentation, the formation of solid derivatives was used extensively to identify 
reaction products. 


cis- and trans-4-tert-Butylcyclohexanol 











REACTION 
:OH 
H,C CH, 
H 
Oo H,C 
CH, cis-4-tert-Butylcyclohexanol 
NaBH, 
= + 
NaOCH, 
CH;0H H 
4-tert-Butylcyclohexanone H,C CH, 
OH 
H,C 
trans-4-tert-Butylcyclohexanol 
EXPERIMENTAL PROCEDURE 
Estimated time of the experiment: 2.0 h. 
For the GC analysis, 15 min per student. 
Physical Properties of Reactants 
Compound MW Amount mmol mp(°C) bp (°C) 
4-tert-Butylcyclohexanone 154.25 50 mg 0.33 47-50 
Methanol 32.04 50 pL 65 
Sodium borohydride 100 pL 
reducing solution 











Reagents and Equipment. In a tared 3.0-mL conical vial equipped with an air 
condenser weigh and place 50 mg (0.33 mmol) of 4-tert-butylcyclohexanone fol- 
lowed by 50 wL of methanol («). Gently stir using a glass stir rod (or a magnetic 
spin vane if desirable) the contents of the vial to obtain a homogeneous solution. 

Now slowly add 100 wL of the sodium borohydride reducing solution 
while stirring. 
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NOTE. The liquid reagents are dispensed by use of automatic delivery pipets. The 
preparation of the reducing solution is given in Experiment [5A], Reagents and 
Equipment (p. 154). 


Reaction Conditions. After allowing the resulting solution to stand 10 min at 
room temperature, begin monitoring the resulting solution by TLC. Using as a 
solvent system of ethyl acetate:hexane (1:4), the Ry of 4-tert-butylcyclohexanol 
is 0.3 (Ry of 4-tert-butylcyclohexanone is 0.6) when stained with a solution of 
p-anisaldehyde (135 mL ethanol, 5 mL H,SOy,, 1.5 mL glacial acetic acid, and 
3.7 mL p-anisaldehyde). 


Isolation of Product. When the reaction is complete as judged by TLC, work 
up the resulting solution using the procedure described in Experiment [5A], 
Isolation of Product (p. 154), with the exception that 250 mg of sodium sulfate 
is placed in the Pasteur filter pipet (). 

In the hood, remove the dried methylene chloride solvent from the final 
solution by directing a gentle stream of nitrogen gas onto the liquid surface 
while at the same time externally warming the vial in a sand bath. The use of 
a heating bath will help to avoid moisture condensation on the residue during 
solvent evaporation. 


Purification and Characterization. The product mixture remaining after 
removal of the methylene chloride is normally of sufficient purity for direct 
characterization. Weigh the solid product and calculate the percent yield. 
Determine the melting point of your material. 4-tert-Butylcyclohexanol 
(mixed isomers) has a melting point of 62-70 °C. 

Obtain the IR and NMR spectra of the crude mixture of isomers. Infrared 
sampling in this instance is best accomplished by the capillary film-melt (use 
the heat lamp) technique (see Chapter 8 and online IR discussions). 


Infrared Analysis. Refer to the discussion in Experiment [5A] for an interpre- 
tation of the absorption bands found at 3435, 3000-2850, 1717, and 1425 cm! 
in the starting material (Fig. 6.8), and at 3250, 3000-2850 (1717 variable 
relative intensity—may be quite weak, why?), 1069, and 1031 cm! in the 
crude alcohol (Fig. 6.9). 

In addition, the ketone has bands at 1396 (weak) and 1369 (strong), and 
the alcohol has bands at 1399 (weak) and 1375 (strong) cm ‘.These two pairs 
of bands establish the presence of the tertiary butyl group in these 
compounds. 

Note that a weak band (3495 cm!) is present on the high wavenumber 
side of the 3250-cm ' O—H stretching mode and that even in neat samples 
of the tertiary butyl derivative, the 670-wavenumber band, clearly evident in 
cyclohexanol, is difficult to observe. 

The mixture of two diastereomeric alcohols that have been synthesized 
provides an ideal opportunity to introduce you to nuclear magnetic resonance 
(NMR) spectroscopy. This technique is an extremely powerful tool for the dis- 
crimination and characterization of diastereomeric compounds. As you will 
see, the two diastereomers have quite different NMR spectra. An interpreta- 
tion of these spectra will allow you to determine the ratio of the two isomers 
and to make an unambiguous assignment of their relative stereochemistry. 

This experiment gives you an opportunity to obtain and interpret NMR data 
if you have access to NMR equipment. The two diastereomeric alcohols exhibit 
different splitting patterns for the proton on the carbon bearing the —OH 


ah) 






HOOD 


Anhydrous 
Na,SO,, 250 mg 


4-terf-Butylcyclohexanal 


product + 
2.0 mL CH,Ci, 
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Figure 6.8 IR spectrum: 4-tert-butylcyclohexanone. 


group. These signals can be integrated to determine the ratio of the diaste- 
reomeric alcohols in the sample. 


Nuclear Magnetic Resonance Analysis. Refer to the expanded NMR spec- 
trum in Figure 6.10. The signals at about 4.04 and 3.52 ppm correspond to the 
proton on the carbon bearing the O—H group in the two diastereomers of 
4-tert-butylcyclohexanol shown. On closer inspection, the downfield signal 
(4.04 ppm) is a pentet and the upfield signal (3.52 ppm) is a triplet of triplets. 
The pentet implies that the proton in question is coupled with equal coupling 
constants (J) to four adjacent protons. The triplet of triplets implies that the 
proton in question is coupled to two adjacent protons with a large coupling 
constant and to two other adjacent protons with a smaller coupling constant. 
Specifically, the proton in the first case must be equatorial and the proton in 
the second case must be axial, because the dihedral angle between an equatorial 
proton and each of the four adjacent protons is the same, about 60°, J = 2-3 Hz. 
When a proton is axial, the dihedral angle to the two adjacent equatorial 
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Figure 6.9 IR spectrum: 4-tert-butylcyclohexanol (crude product and mixed isomers). 


protons is about 60° (J ~ 3 Hz) and the dihedral angle to the two adjacent 
axial protons is about 180° (J ~ 13Hz), thus producing a triplet of triplets. 





Trans 


Gas Chromatographic Analysis. The cis and trans isomers of 4-tert- 
butylcyclohexanol may be separated by gas chromatography using aj-in. x 8-ft, 





1000 em! 500 
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42 


10.031 


31,249 


3.9 3.8 a7 3.6 3.5 3.4 
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Figure 6.10 NMR spectrum: cis- and trans-4-tert-butylcyclohexanol. 


10% FFAP column at 110 °C. Prepare a methylene chloride solution of the 
alcohol mixture having a concentration of 0.5 mg/wL and inject a 5.0-wL 
sample into the GC apparatus. At a flow rate of 50 mL/min (He), the retention 
time of the cis isomer is ~13 min, and the retention time of the trans isomer 
is ~16 min. 

Determine the percentage of each isomer present in the sample by deter- 
mining the area under each curve. 


NOTE. If a Carbowax column (170 °C) is used, the starting ketone has a retention 
time similar to that of the cis alcohol. Therefore, if the reaction does not go to com- 
pletion, the apparent cis/trans ratio may not be accurate. It has recently been 
demonstrated that 10% FFAP columns will resolve all components present in the 
product mixture. Thus, the starting ketone and the cis isomer concentrations may be 
effectively established in addition to the trans isomer. 


The latter separation scheme was developed by T. J. Dwyer and S. Jones at 
the University of California, San Diego. 


NOTE. Several techniques may be used to calculate the area under a curve (mm?), 
but the following method is satisfactory for your needs and gives reproducible results 
of +3-4%: Multiply the peak height (mm) by the width at one-half height (mm), 
measured from the base line of the curve. 
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QUESTIONS 


Suggest a chemical test that would allow you to distinguish between tert-butyl alcohol and 1-butanol, both of which 
give a positive ceric nitrate test. 

Which of the isomeric butanols (C4Hj 90) can be prepared by reduction of a ketone with sodium borohydride? 
Why are there axial and equatorial hydroxyl isomers for 4-tert-butylcyclohexanol, but not for cyclohexanol itself? 
What aldehyde or ketone would you reduce to prepare the following alcohols? 

(a) Benzyl alcohol (b) 3,3-Dimethyl-2-butanol (c) 3-Methyl-1-butanol 

The cis- and trans-4-tert-butylcyclohexanol prepared in Experiment [5B] each have a plane of symmetry. Draw this 
symmetry element for each of the diastereomers. 

In the spectrum of the crude product obtained from the reduction of 4-tert-butylcyclohexanone, the fingerprint 
region appears to possess bandwidths that are slightly broader than those found in cyclohexanol. Explain. 

The reduction of 4-tert-butylcyclohexanone is a stereoselective reaction. Which isomer predominates? If you do not 
have NMR data available, it is still possible to arrive at a rough estimate of the product ratio. How would you go 
about this measurement? Suggest a value. 

In the spectrum of the crude 4-tert-butylcyclohexanols one observes: (a) a weak band (3495 cm~') located on the high 
side of the 3250-cm~ ' O—H stretching mode. (b) Even in neat samples of this alcohol, the 670-cm"' band, clearly 
evident in cyclohexanol, is difficult to observe. Explain these observations. Is the same effect operating in both cases? 
Sketch the proton NMR spectrum you would expect to observe for the following compounds. 

(a) Acetone 

(b) 1,1,2-Tribromoethane 

(c) Propyl chloride 

(d) 2,4-Dimethyl-3-pentanone 

(e) 1-Bromo-4-methoxybenzene 


BIBLIOGRAPHY 
General references on metal hydride reduction: Paquette, L., Ed. Encyclopedia of Reagents for Organic Synthesis; 
Itsuno, S. Org. React. 1998, 52, 395. Wiley: New York, 2004. 
Seyden-Penne, J. Reductions by Alumino- and Borohydrides in Lithium aluminum hydride as a reducing agent: 
Organic Systhesis; VCH-Lavoisier: Paris, 1997. Brown, W. G. Org. React. 1951, 6, 469. 
Walker, E. R. H. Chem. Soc. Rev. 1976, 5, 23. Fieser, L. F.; Fieser, M. Reagents for Organic Synthesis; 
Sodium borohydride as a reducing agent: Wiley: New York, 1967; Vol. I, p.581 and subsequent volumes. 
Brown, H. C. Organic Synthesis via Boranes, Wiley: trans-4-tert-Butylcyclohexanol has been prepared from the 
New York, 1975. ketone using LiAlH, as the reducing agent: 
Cragg, G. M. W. Organoboranes in Organic Synthesis; Marcel Eliel, E. L.; Martin, R. J. L.; Nasipuri, D. Organic Syntheses; Wiley: 
Dekker: New York, 1973. NewYork, 1973; Collect. Vol. V, p. 175. 
Ems-Wilson, J. J. Chem. Educ. 1996, 73, A171. See Organic Syntheses, Coll. Vols., for the use of these reagents in 
Fieser, L. F.; Fieser, M. Reagents for Organic Synthesis; Wiley: New specific reductions. 


York, 1967; Vol. I, p. 1050 and subsequent volumes. 


Photochemical Isomerization of an 
Alkene: cis-1,2-Dibenzoylethylene 


Common names: cis-1,2-dibenzoylethylene 
cis-1,4-diphenyl-2-butene-1,4-dione 

CA number: [959-27-3] 

CA name as indexed: 2-butene-1,4-dione, 1,4-diphenyl-, (Z)- 


Purpose. This exercise illustrates the ease of cis—trans isomerization in or- 
ganic molecules and, specifically in this case, demonstrates the isomerization 
of a trans alkene to the corresponding cis isomer via photochemical excitation. 
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BIOLOGICALLY IMPORTANT 
PHOTOCHEMICAL REACTIONS 


A number of important biochemical reactions are promoted by the adsorption 
of UV-vis radiation.Vitamin D3, which regulates calcium deposition in bones, 
is biosynthesized in just such a photochemical reaction. This vitamin is formed 
when the provitamin, 7-dehydrocholesterol, is carried through fine blood 
capillaries just beneath the surface of the skin and exposed to sunlight. The 
amount of radiation exposure, which is critical for the regulation of the con- 
centration of this vitamin in the blood stream, is controlled by skin pigmenta- 
tion and geographic latitude. Thus, the color of human skin is an evolutionary 
response to control the formation of vitamin D; via a photochemical reaction. 


H,C 
hv 
——S 


HO HO S 


7-Dehydrocholesterol Vitamin D3 


Another set of significant photochemical reactions in human biochemistry 
is contained in the chemistry of vision. These reactions involve vitamin A, 
(retinol), which is a Co) compound belonging to a class of compounds known 
as diterpenes. These compounds are molecules formally constructed by the 
biopolymerization of four isoprene, CH>=C(CH3)—CH=CHb, molecules. 
Retinol (an all-trans pentaene) is first oxidized via liver enzymes (biological 
catalysts) to vitamin A aldehyde (trans-retinal). The trans-retinal, which is 
present in the light-sensitive cells (the retina) of the eye, undergoes further 
enzymatic transformation (retinal isomerase) to give cis-retinal (a second form 
of vitamin A aldehyde) in which one of the double bonds of the all-trans 
compound is isomerized. 





CH,OH 


Vitamin A (retinol) 


1. liver enzymes (~CH,OH ~ —CHO) 
2. retinal isomerase (trans — cis) 


cis linkage 


ST OTS 
i 


CHO 
Vitamin A aldehyde (cis-retinal) 
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The cis isomer of vitamin A aldehyde (retinal) possesses exactly the correct 
dimensions to become coupled to opsin, a large protein molecule (MW ~38,000) 
(coupling involves a reaction of the retinal aldehyde group, —C(H)=O, 
with an amine group [—NH)] of the protein to form an imine linkage 
[RCH=NkR)]), to generate a light-sensitive substance, rhodopsin. This material 
is located in the rodlike structures of the retina. When the protonated form of 
rhodopsin (—CH=N*HR), which absorbs in the blue-green region of the 
visible spectrum near 500 nm, is exposed to radiation of this wavelength, 
isomerization of the lone cis double bond of the diterpene group occurs and 
trans-rhodopsin is formed: 


cis linkage 


ST OSS 


SS 
hv 


x 
“SNH— Opsin 
cis-Rhodopsin trans-Rhodopsin 


This photoreaction (a fast reaction, 10” '* s) involves a significant change 
in the geometry of the diterpene group, which eventually (10° s) results in 
both a nerve impulse and the separation of trans-retinal from the opsin. The 
trans isomer is then enzymatically reisomerized back to the cis compound, 
which then starts the initial step of the visual cycle over again. 

There are two interesting facts about this reaction: (1) This reaction is in- 
credibly sensitive. A single photon will cause the visual nerve to fire. (2) All 
known visual systems use cis-retinal, regardless of their evolutionary trail. 

The photoreaction that we study next is very similar to the cis—trans double- 
bond isomerism found in the vitamin A visual pigments. The only difference is 
that in our case we will be photochemically converting a trans double-bond 
isomer to the cis isomer. 


Prior Reading 


Technique 5: Crystallization 
Introduction (pp. 85-87) 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 
Recrystallization Pipet www 


Technique 6A: Thin-Layer Chromatography (pp. 97-99) 


REACTION 


trans-1,2-Dibenzoylethylene cis-1,2-Dibenzoylethylene 
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DISCUSSION 


The a bond of an alkene (C=C) is created by overlap of the sp? hybridized 
carbons’ p orbitals. Rotation about the axis of the C=C requires a good deal of 
energy because it destroys the p orbital overlap, and thus the 7 bond. Unless 
the material is irradiated with light of the appropriate wavelength, absorption 
of the radiation does not take place, and the isomers do not interconvert un- 
less sufficient thermal energy (60-65 kcal/mol, typically >200 °C) is supplied 
to break the 7 bond. If one of the electrons in the m bond (a molecular orbital) 
is photochemically excited into an antibonding, m*, molecular orbital, as occurs 
in this experiment, the 7 bond is weakened significantly. Rotation about this 
bond can then occur rapidly at room temperature. 

It is the high-energy barrier to rotation about the C=C that gives rise to the 
possibility of alkene stereoisomers. The cis and trans isomers of an alkene system 
are called diastereoisomers, or diastereomers. Like all stereoisomers, these isomers 
differ only in the arrangement of the atoms in space. These isomers have all the 
same atoms bonded to each other. Diastereomers are not mirror images of each 
other and, of course, are not superimposable (identical). This particular type of 
diastereomer often was referred to in the older literature as a “geometric isomer.” 
Diastereomers, therefore, would be expected to possess different physical prop- 
erties, such as melting points, boiling points, dipole moments, densities, and sol- 
ubilities, as well as different spectroscopic properties. Because of these differences 
in physical properties, diastereomers are amenable to separation by chromatog- 
raphy, distillation, crystallization, and other separation techniques. We use both 
chromatographic and crystallization methods in the present experiment. 

The course of the isomerization may be followed using thin-layer chro- 
matography (Experiment [6B]) or by spectroscopic techniques using NMR 
analysis (Experiment [6C]). 

The photochemical isomerization of a diazabicyclohexene system is 
presented in Experiment [F4]. 


Purification of trans-1,2-Dibenzoylethylene 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the purification: 1.5 h of laboratory time. 

















Physical Properties of Components 

Compound MW Amount mmol mp (°C) _ bp (°C) 
trans-1,2-Dibenzoylethylene 236.27 100mg 0.42 111 

Ethanol (95%) 6.0 mL 78.5 
Methylene chloride 4.0 mL 40 


Purification Conditions. Purify the starting alkene by recrystallization. 
Weigh and add to a 10-mL Erlenmeyer flask 100 mg (0.42 mmol) of 
trans-1,2-dibenzoylethylene and 3.0 mL of methylene chloride. 


NOTE. If the melting point of the alkene was not supplied to you, set aside a small 
sample (1-2 mg) of the weighed sample so that the evacuated melting point of this 
initial material can be obtained later. 
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Add decolorizing charcoal pellets (10 mg) to this solution and swirl the 
mixture gently for several minutes. Use a Pasteur filter pipet to transfer the 
methylene chloride solution to a second 10-mL Erlenmeyer flask containing 
a boiling stone (remember to hold the necks of the two flasks close together 
with the fingers of one hand during the transfer). 


NOTE. If powdered charcoal is used instead of pellets, filter the solution using a 
Pasteur pipet packed with Celite, sand, and a cotton plug (Technique 6A). Rinse the 
filter paper with an additional 1 mL of methylene chloride and collect this rinse in 


Trans isomer + 
the same flask. (=) CH2Cly, 3 mL 





Concentrate the filtered solution to dryness in a warm (50 °C) sand bath 
under a slow stream of nitrogen gas in the hood. HOOD 
Now add 95% ethanol (1-3 mL) to the flask and dissolve the yellow solid 
residue by warming in a sand bath, adding hot ethanol dropwise, until a ho- 
mogeneous solution is obtained (»). 
Allow the solution to cool slowly to room temperature over a period of 
15 min and then place it in an ice bath for an additional 10 min. Collect the EEO 
yellow needles by vacuum filtration using a Hirsch funnel @) andthenair-dry [ | 
them on a porous clay plate or on filter paper. = el 
Weigh the product and calculate the percent recovery. Determine the Gi © O 
evacuated melting point and compare your result with both the literature 
value and that obtained with the material saved prior to recrystallization. If Ex- _ tsens-1,2-Dibenzaylethylene, 
periment [3A] has been completed, compare the melting point of that sample Oe edges: mi 
of the trans alkene, which was obtained by concentration, via distillation, of an 
ethyl acetate solution. In the latter experiment, a simple crystallization was 
performed without the aid of decolorizing charcoal. 





Isomerization of an Alkene: Thin-Layer 
Chromatographic Analysis 


Recrystallized 
trans alkene 







EXPERIMENTAL PROCEDURE 


collected here 
Estimated time to complete the experiment: 2.5 h of laboratory time. The reac- , m = 
tion requires approximately 1 h of irradiation; the actual time to completion is oo 
quite sensitive to both radiation flux and temperature. These factors are largely 
determined by the distance the reaction vessel is positioned from the source of 
radiation. 


95% Ethanol, 3 mL 








Physical Properties of Reactants 

Compound MW Amount mmol mp(°C) bp (°C) 
trans-1,2-Dibenzoylethylene 236.27 25 mg 0.11 111 

Ethanol (95%) 3.5 mL 78.5 








Reagents and Equipment. To a13 X 100-mm test tube weigh and add 25 mg 
(0.11 mmol) of recrystallized trans-1,2-dibenzoylethylene and 3.0 mL of 95% 
ethanol. 


Reaction Conditions. Use a sand bath to warm the mixture gently until a GENTLY 
homogeneous solution is obtained. Stopper the test tube loosely, or cover it with 
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Filter paper + 
rubber band 





- in,—_>=| 


(CgH,CO)HC=CH(COC.Hs), 
25 mg + 95% ethanol, 3 mL 


100.00 %T 





HOT 





4000 3500 


filter paper held in place by a rubber band, and then place it approximately 
2-4 in. from a 275-W sun lamp. Irradiate the solution for approximately 1 h («s=). 


NOTE. If a lower wattage lamp is used, longer irradiation times or shorter distances 
will be necessary. In either case, solvent evaporation can be significantly reduced by 
directing a flow of cool air (fan) over the reaction tubes. An alternative procedure is 
to allow the (sealed) tube to stand in sunlight at room temperature for several days. 


The progress of the isomerization may be followed by thin-layer chro- 
matography (TLC) analysis. 


INFORMATION. The TLC analysis is carried out using Eastman Kodak silica 
gel—polyethylene terephthalate plates with a fluorescent indicator. Activate the 
plates at an oven temperature of 100°C for 30 min and then place them ina 
desiccator to cool until needed. After spotting, elute the plates using methylene chlo- 
ride as the solvent. Visualize the spots with a UV lamp. The course of the reaction is 
followed by removing small samples (2-3 drops) of solution from the hot test tube at 
set time intervals with a Pasteur pipet and placing them in separate 5-dram vials. See 
Technique 6A for the method of TLC analysis and the determination of Ry values. 
Approximate Ry values: trans = 0.72; cis = 0.64. 


3000 2500 2000 1500 1000 em-! 500 


Sample —Cis-Dibenzoylethylene 
#T & ABS — Background Scans 4 Scans 16 


Acquisition & Calculation Time 42 see __ Resolution 4.0 em-1 
Sample Condition ___solid Cell Window 


Matrix Material KBr 





Cell Path Length 


Figure 6.11 IR spectrum: cis-dibenzoylethylene. 
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Isolation of Product. Remove the hot test tube from the light source and HOT 
allow the solution to cool to room temperature. 

Place the resulting mixture in an ice bath to complete crystallization of the 
colorless cis-1,2-dibenzoylethylene product. Collect the crystals by vacuum fil- 
tration using a Hirsch funnel, wash them with 0.5 mL of cold 95% ethanol, 
and then air-dry them on a porous clay plate or on filter paper. 


Purification and Characterization. Weigh the dried product and calculate 
the percent yield. Determine the melting point (evacuated) and compare your 
result with the literature value. The purity of the crude isolated product may be 
further determined by TLC analysis (if not used above). Finally, if necessary, 
further purify a portion of the isolated product by recrystallization from 95% 
ethanol using a Craig tube. 

Obtain IR spectra of the cis and trans isomers and compare them to 
Figures 6.11 and 6.12. Alternatively, or in addition to the IR analysis, the UV- 
vis spectra may be observed in methanol solution and the results compared to 
Figures 6.13 and 6.14. 


100.00 %T 


4000 3500 3000 2500 2000 1500 1000 em7! 500 





Sample trans- Dibenzoylethylene 

#7 X ABS — Background Scans_4___ Scans ——_16_ 
Acquisition & Calculation Time 42 sec__ Resolution 4.0 em-1 
Semple Condition ____solid Cell Window ________ 
Cell Path Length Matrix Material KBr 











Figure 6.12 IR spectrum: trans-dibenzoylethylene. 
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1.7000 


Sample: trans-1,2-Dibenzoylethylene 
aoe Solvent: CH,0H 
Concentration: 9.12 x 10°°M 
Scan speed: 750 nm/minute 


1.0200 


Absorbance 


0.6800 


0.3400 





0.0000 
210.0 244.0 278.0 312.0 346.0 380.0 


Wavelength, nm 
Figure 6.13 UV spectrum: trans-dibenzoylethylene. 


Ultraviolet-Visible Analysis. The bright yellow color of the trans-diben- 
zoylethylene rapidly fades as the conversion to the colorless cis compound pro- 
gresses under irradiation. This visual observation may be supported by an 
examination of the absorption spectra of the isomers in a methanol solution 
from 225 to 400 nm (see Figs. 6.13 and 6.14). The \max of the trans isomer 
drops from 268 to 259 nm in the cis compound. This shift to shorter wave- 
lengths is just enough to move the long-wavelength end of the absorption 
band in the trans isomer out of the visible region and into the near-ultraviolet 
(thus, the cis compound does not absorb light to which the eye is sensitive 
and the compound appears colorless). This observation is consistent with 
the theory that the spatial contraction of extended am systems moves the 


1.1000 
Sample: c/s-1,2-Dibenzoylethylene 
Solvent: CH30H 
Concentration: 8.96 x 10°°M 
0.8800 Scan speed: 750 nm/minute 
& 0.6600 
= 
oO 
= 
a 
2 
<x 
0.4400 
0.2200 
0.0000 





210.0 244.0 278.0 312.0 346.0 380.0 
Wavelength, nm 
Figure 6.14 UV spectrum: cis-dibenzoylethylene. 
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associated electronic transitions to higher energy gaps (higher frequencies 
or shorter wavelengths), which is exactly what takes place during the trans—cis 
isomerization. 


Infrared Analysis. The infrared spectral changes are consistent with the 
proposed reaction product. Consider the spectrum of the trans starting material 
(Fig. 6.12). It contains the following: 


1. The macro group frequency train (see Strategies for Interpreting 
Infrared Spectra, p. 542, for conjugated aromatic ketones is 3080 and 3030 
(C—H, aromatic), 1652 (doubly conjugated carbonyl), 1599, and 1581 (vga, Vgp 
degenerate ring stretch, strong intensity of 1581-wavenumber peak confirms 
ring conjugation), 1495 and 1450 (v194, viop degenerate ring stretch, vio, 
weak) cm |. 

2. The monosubstituted phenyl ring macro group frequency train is 
1980(d), 1920(d),* 1820, 1780 (mono combination-band pattern), 708 (C—H 
out-of-plane bend, C=O conjugated), 686 (ring puckering) em: 4, 

3. The presence of the trans double bond is indicated by the single 
medium intensity 970 cm~' band, as the C—H stretching region is overlapped 
by the aromatic ring C—H stretches. 


The spectrum of the cis photoproduct (Fig. 6.11) possesses the same 
macro group frequencies as the starting material: 


1. The conjugated aromatic ketone frequency train is 3335 (overtone of 
C=O stretch), 3080 and 3040, 1667, 1601, 1581, 1498 (weak), and 1450 cm‘. 

2. The monosubstituted phenyl ring macro frequency train is assigned 
peaks of 1990, 1920, 1830, 1795, 710, and 695 cm7'. 

3. The cis double bond is clearly present and utilizes a macro frequency 
train of 3030 (overlapped by aromatic C—H stretch), 1650 (C=O stretch, 
shoulder on the low wavenumber side of conjugated carbonyl; resolved in 
spectra run on thin samples), 1403 (~C—H out-of-phase, in-plane bending 
mode, strong band not present in trans compound), 970 (trans, in-phase, 
out-of-plane bend missing), 820 (cis, in-phase out-of-plane bend; band not 
found in spectrum of trans isomer) cm". 


Discuss the similarities and differences of the experimentally derived 
spectral data to the reference spectra (Figs. 6.11 and 6.12). 


Optional Isolation of the Thermodynamically Most Stable Reaction 
Product Under the Conditions Used to Carry Out the Above Reaction. 
If the photo reaction exposure is continued, the cis isomer, which is formed 
quickly, slowly undergoes conversion to a more stable, new product, ethyl 
4-phenyl-4-phenoxy-3-butenoate. This conversion of the intermediate cis isomer 
may be followed conveniently by thin-layer chromatography. Maximum yields 
are obtained over approximately 24 h under the above reaction conditions. 
The product has Ry = 0.8 in 1:1 hexane/methylene chloride. Evaporation of 
the solvent yields a yellow oil. 


“d = double peak. 
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Operator: E.M. 
Date 7/20/87 
Sample: Ethyl 4-phenyl-4-phenoxy-3-butenoate 





Figure 6.15 IR spectrum: ethyl 4-phenyl-4-phenoxy-3-butenoate. 


The infrared spectrum of this new material (Fig. 6.15) indicates that signif- 
icant changes have occurred in the structure of the material. The proposed 
structure involves a rather spectacular molecular rearrangement of the cis- 
unsaturated ketone to yield an ethyl ester containing a phenoxy-substituted 
double bond. Can you rationalize the data to fit this structure? Suggest 
possible macro group frequencies that are present in the IR spectrum of 
the rearranged product. 


Mixture Melting-Point Measurements. Observe a series of evacuated mix- 
ture melting points (see Chapter 4) with isomer ratios of 75:25, 50:50, and 25:75. 
These values will allow you to estimate the eutectic temperature of this system. 
This same technique is used in Experiment [29A] to aid in identifying the iso- 
lated product, 2,5-dichloronitrobenzene, which has a melting point only 3 °C 
higher than 1,4-dichlorobenzene, the starting material in this nitration reaction. 
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Isomerization of an Alkene: Nuclear Magnetic 
Resonance Analysis 


EXPERIMENTAL PROCEDURE 


Estimated time of experiment: 0.5 h. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) — bp (°C) 
trans-1,2-Dibenzoylethyene 236.27 5 mg 0.02 111 
Chloroform-d 120.39 500 pL 62 





Reagents and Equipment. Prepare a sample of 4-5 mg of recrystallized trans- 
1,2-dibenzoylethylene in about 500 wL of CDCI; in an NMR tube. Using a fine 
capillary, spot a silica gel TLC plate (see Experiment [6B]) with a sample of this 
solution. Use TLC to track the results of the NMR experiment. 

Obtain an NMR spectrum of this solution. 


Reaction Conditions 


NOTE. A 15-min exposure is normally adequate but, as can be seen by TLC 
analysis, complete isomerization of this alkene may not occur in this short a time. 


Clamp the NMR tube 3-4 in. (see comments above, Experiment [6A]) 
from a 275-W sun lamp for 15-20 min (see Experiment [6B]). 


Analysis of the Results. After irradiation, spot the original TLC plate with 
this irradiated solution and elute the plate with methylene chloride/hexane 
(1:1) solvent (see Experiment [6B]). Obtain an 'H NMR spectrum of the 
irradiated solution. 

Does the TLC analysis correlate with the NMR data? Is there evidence that 
the isomerization did occur? 

The data in the following table were taken on a 300-MHz NMR instru- 
ment. Which signal in each isomer comes from the hydrogen atoms attached 
to the C=C group? 

















1H Chemical Shift Data 

Trans Isomer Cis Isomer 
(ppm) (ppm) 

8.06 doublet 7.9 doublet 
8.01 singlet 7.99 triplet 
7.63 triplet 7.43 triplet 
7.52 triplet 7.14 singlet 





QUESTIONS 


6-36. What properties should an ideal recrystallization solvent have? 
6-37. What is meant by the term solvent pair when it is used in reference to the recrystallization of solids? 
6-38. What is the purpose of adding powdered charcoal to the solvent system during a recrystallization sequence? 
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6-39. 
6-40. 


6-41. 


6-42. 


6-43. 


6-44. 
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Why do we obtain larger crystals if a solution of an organic compound is allowed to cool slowly? 


List several advantages of using the Craig tube to purify crystalline products in contrast to using the Hirsch funnel 

filtration method. 

The stereochemistry of the more highly substituted alkenes is difficult to define using the cis and trans designations. 

Therefore, a more systematic manner of indicating stereochemistry in these systems has been developed that uses 

the E and Z nomenclature system. Draw the structures of the E and Z stereoisomers of 1,4-diphenyl-2-butene-1,4- 

dione used in this experiment. In this case, which is cis and which is trans? 

The cis H—C—=C—H in-phase out-of-plane bending frequency normally is found in the range 740-680 cm‘ and is 

broad. In addition, this vibrational mode can be quite variable in intensity. On conjugation with C=O groups, the 

band rises to near 820 cm |. 

(a) Can you explain the underlying cause of this observation? (Hint: See the discussion of cis double-bond group 
frequencies in Chapter 8.) 

(b) Can you explain why a broad band near 690 cm assigned to this out-of-plane mode is found in the cis product 
obtained in this reaction? 

In trans-1,2-dibenzoylethylene, even though the conjugated C=O group frequency coincides directly with the 

expected C=C stretching frequency, we would not have expected to observe the latter stretching mode in the 

infrared spectrum. Why? 

Explain how this photochemical isomerization allows the production of the thermodynamically less stable cis isomer. 

In other words, why is the trans isomer exclusively converted to the cis isomer during short reaction periods and not 

vice versa? Is it possible, under these conditions, that the trans and cis isomers are in equilibrium with one another? 


BIBLIOGRAPHY 

The photochemical isomerization was adapted from the Coyle, J. D. Introduction to Organic Photochemistry; Wiley: New 

following references: York, 1991. 

Pasto, D.J.; Ducan, J. A,; Silversmith, E. F. J. Chem. Educ. 1974, 51,277. Kagan, J. Organic Photochemistry: Principles and Applications; 

Silversmith, E. F.; Dunsun, F. C. J. Chem. Educ. 1973, 50, 568. . eae cise arsed FL, ee rh ee 
. te try: ; 

Reviews on photochemical isomerization reactions may be peel pa en centre qaneercy mee : 

found in the following references. Prasad, P. N. Introduction to Biophotonics; Wiley: New York, 2003. 


Arai, T.; Tokumaru, K. Chem. Rev. 1993, 93, 23. 
Coxton, J. M.; Halton, B. Organic Photochemistry, 2nd ed.; 
Cambridge University Press: New York, 1987. 


The Cannizzaro Reaction with 
4-Chlorobenzaldehyde: 4-Chlorobenzoic 
Acid and 4-Chlorobenzyl Alcohol? 


Common name: 4-chlorobenzoic acid 

CA number: [74-11-3] 

CA name as indexed: 4-chlorobenzoic acid 
Common name: 4-chlorobenzyl alcohol 

CA number: [873-76-7] 

CA name as indexed: benzenemethanol, 4-chloro- 


°Portions of this experiment were previously published: Mayo D. W.; Butcher, S. S.; Pike 
R. M.; Foote, C. M.; Hotham, J. R.; Page, D. S. J. Chem. Educ. 1985, 62, 149. 
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Stanislao Cannizzaro (1826-1910): This famous reaction is named for 
Stanislao Cannizzaro. He was born in Palermo, Italy, where he became in- 
terested in chemistry at an early age and studied with Professor Piria at the 
University of Pisa. He arrived in Paris after participating in the 1847 Sicilian 
uprising. By 1851 he had moved to Egypt where he became Professor of 
Chemistry at the National School of Alexandria. It was here that he discov- 
ered the reaction that carries his name. In the process he also was the first 
person to identify benzyl alcohol, which he obtained from the reaction of 
potash (KOH) with benzaldehyde. It is interesting to note that benzyl alco- 
hol was the first alcohol of the aromatic series to be isolated and character- 
ized. Cannizzaro devoted extensive work to the study of aromatic alcohols 
and he was the first to propose the term hydroxyl for the —OH group. Later 
he demonstrated the conversion of aromatic alcohols of the benzyl class into 
their corresponding halides and further to their phenyl acetic acid deriva- 
tives. In 1855 he moved to Genoa and in 1861 he moved back to his birth- 
place to become Professor of Chemistry at Palermo. Finally, 10 years later at 
the young age of 45, he assumed the chemistry chair at the University of 
Rome, which he held for 39 years! Upon his move to Rome his old political 
interests surfaced and he became a member of the Italian Senate that same 
year. He later carried the honor of serving as vice president of that august 
body. Cannizzaro was also honored by the Royal Society of London in 1891 
when he was awarded the Copley Medal for his investigations of atomic and 
molecular weights. He was quick to recognize the importance of Avogadro’s 
hypothesis and his studies played a key role in placing this hypothesis on a 
sound scientific basis, which ultimately was the spark that ushered chem- 
istry into the modern era.° 


Purpose. This experiment illustrates the simultaneous oxidation and reduc- 
tion of an aromatic aldehyde to form the corresponding benzoic acid and 
benzyl alcohol. The experiment further demonstrates the techniques for 
separation of a carboxylic acid from a neutral alcohol. For a detailed discus- 
sion of this extraction procedure, see Experiment [4C]. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Separation of Acids and Bases (pp. 77-79) 
Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 
Technique 6A: Thin-Layer Chromatography (pp. 97-99) 
Chapter 8: Infrared Spectroscopy (pp. 539-561) 


®See Newell, L. C. J. Chem. Educ. 1926, 3, 1361; Parravano, N. J. Chem. Educ., 1927, 4, 836; 
Tilden, W. A. J. Chem. Soc. 1912, 1677; Dictionary of Scientific Biography; Gillespie, C. C., Ed.; 
Scribner’s: New York, 1971, Vol. IIL, p. 45; Surrey, A. R. Name Reactions in Organic Chemistry; 
Academic Press: New York, NY, 1954; p. 27. 
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REACTION 
—_ 1. KOH a 7 // 
2Cl C—H > Cl CH,—OH + Cl Cc 
\_/ 2.H \ »- antes xX) \ 
OH 
4-Chlorobenzaldehyde 4-Chlorobenzy] alcohol 4-Chlorobenzoic acid 
DISCUSSION 


The carbonyl group of an aldehyde represents the intermediate stage of oxida- 
tion (ox) (or reduction [red]) between an alcohol and a carboxylic acid: 


H 


6: 6: 
| gee, ae Fo x A 
—C—OH == —C == —-C 


| red \ red \ = 
H H OH 
Primary Aldehyde Carboxylic 

alcohol acid 


It is not surprising then, to find a reaction in which a specific type of aldehyde 
will undergo an oxidation—reduction sequence to form the corresponding alcohol 
and carboxylic acid. Such a reaction is the Cannizzaro reaction. In the presence 
of hydroxide ion, aldehydes that lack (acidic) alpha (a)-hydrogen atoms undergo a 
self-oxidation—reduction reaction. Thus, under the influence of strong base, one 
molecule of the aldehyde reduces a second molecule of aldehyde to the primary 
alcohol, and, in the process, is itself oxidized to the corresponding carboxylate 
anion. Aldehydes with a-hydrogen atoms, however, do not undergo this reaction 
because in the presence of base these a-cabon atoms are deprotonated. The result- 
ing enolate generally leads to an aldol reaction (see Experiments [20] and [A3,]). 

The first step in the mechanism is the nucleophilic attack of the hydroxide 
anion on the carbonyl group of the aldehyde. This attack is followed by the key 
step in the reaction, the transfer of a hydrogen atom with its pair of electrons 
(a hydride ion) to the carbonyl group of a second molecule of aldehyde: 


(0: Or 
/ a | 
R—C +:0H == R-C—-H 


\ | 


:0: ‘O° O: :O: 
S I aide A | 
R—C-—-H + R—-C R—C + R—C—H 


| se HS transfer \.. | 





:OH OH H 
(R = Ar, R,C, H) | 
O: :OH 
A | 
R—C + R-—C—H 
Nis | 
OE H 


The strong electron-donating character of the negatively charged oxygen 
atom in the first intermediate anion greatly facilitates the ability of the aldehydic 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c06_115-187.qxd 11/17/09 1:28 PM Page 177 a 


EXPERIMENT 7 The Cannizzaro Reaction with 4-Chlorobenzaldehyde 


hydrogen to be transferred as a hydride ion, that is, with its pair of electrons 
(:H) to a second molecule of aldehyde. As seen in the preceding diagram, this 
nucleophilic attack on the carbon of a carbonyl group leads to the formation of 
a carboxylic acid and an alkoxide anion. The equilibrium established in the final 
step lies far to the right, and involves a fast acid-base reaction that yields both 
an alcohol and a carboxylate anion. Thus, even though the Cannizzaro reaction is 
an equilibrium reaction, it proceeds nearly to completion. The proposed mechanism 
is supported by evidence obtained by carrying out the reaction in D2O. It was 
found that under these conditions the product alcohol did not contain any 
a-deuterium substitution. This result suggests that the transferred hydride ion 
must come from the aldehyde group and not from the solvent. 


oO ‘oO HH 


At 


H KOD/D,O O: OD 


Since few aldehydes lack a-hydrogen atoms, the Cannizzaro reaction is of 
limited use in modern synthetic sequences, although a variation called the 
crossed Cannizzaro is occasionally used for the reduction of aromatic aldehy- 
des. In this reaction excess formaldehyde is mixed with the aromatic aldehyde 
and becomes preferentially activated by base since it is present in excess. Thus, 
the aldehyde present to the lesser extent is reduced to the primary alcohol in 
high yield. For example, 


O: 
I 4 1.NaOH, A 








—_— st I 
H,C C—H + H—C ; > HAC CH,—OH + H—C 
2 \ y/ ‘ 2H 3 \ y/ 2 Ps A. 
p-Methyl- Formaldehyde p-Methylbenzy] alcohol Formic 
benzaldehyde (90%) acid 


In addition, it is known that a-ketoaldehydes undergo an internal Canniz- 
zaro reaction to yield a-hydroxy carboxylic acids: 





TP aes 
// // 
Ar—C—G eee Ar—C—C 
H ul OH 
(a-Ketoaldehyde) (a-Hydroxyacid) 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: two laboratory periods. 














Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) Np 
4-Chlorobenzaldehyde 140.57 150mg = 1.1 47.5 
Methanol 32.04 400 pL 65 1.3288 
Potassium hydroxide 56.11 550 pL 6.05 

(11 M) 
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thermometer 








4-CliCgHgiCHO, 150 mg 


+ KOH/CH30H, 0.4 mL 


oh) 


Alcohol 
product 


15 mL 
Anhydrous 
NazSO04, 

150 meg 





+ CHoClo, 


NOTE. This reaction may be carried out in a centrifuge tube containing a boiling 
stone. The tube should be covered by a piece of filter paper held in place by a rubber 
band. 


Reagents and Equipment. Weigh and add to a 5.0-mL conical vial containing 
a magnetic spin vane and equipped with a reflux condenser, 150 mg (1.1 mmol) 
of 4-chlorobenzaldehyde followed by 0.4 mL of methanol (). With gentle 
swirling, add 0.55 mL of a 11 M aqueous solution of potassium hydroxide. 


NOTE. It is convenient to dispense the methanol and KOH solution using auto- 
matic delivery pipets. The glass equipment should NOT be rinsed or cleaned with 
acetone followed by air drying. The residual acetone undergoes an aldol reaction 
that forms high-boiling contaminants, which interfere with the isolation of the 
desired products. Also, because strong alkali is being used in the reaction, it is 
important to lightly grease the ground joint of the condenser. 





CAUTION: The concentrated methanolic KOH solution is very 
caustic. Do not allow it to come into contact with the skin or eyes. 





Reaction Conditions. Once the reaction mixture reaches the temperature 
range of 65—75 °C for a period of 30 min, begin monitoring the reaction progress 
by TLC. Using a solvent system of ethyl acetate:hexane (1:4) and visualization 
by a UV lamp, the Ry values of 4-chlorobenzalcohol and 4-chlorobenzoic acid 
are 0.4 and 0.3 respectively (Ry of 4-chlorobenzaldehyde is 0.6). 


NOTE. Initially the mixture is very thick. It will not stir well until the reaction 
temperature is reached. 


Isolation and Purification. When the reaction is complete as judged by TLC, 
cool the reaction mixture to room temperature and add 2.0 mL of chilled dis- 
tilled water. Extract the resulting solution with three 0.5-mL portions of meth- 
ylene chloride, using a Pasteur filter pipet to transfer the extracts to a 3.0-mL 
conical vial. On each addition of methylene chloride, cap the vial, shake gen- 
tly, and then carefully vent by loosening the cap. A Vortex mixer, if available, 
is convenient for this extraction step. After separation of the layers, remove 
the lower methylene chloride layer using a Pasteur filter pipet. 


IMPORTANT. Save both the alkaline and methylene chloride phases for further 
workup. 


1. 4-Chlorobenzyl alcohol. Wash the combined methylene chloride 
extracts with two 0.25-mL portions of saturated sodium bicarbonate solu- 
tion followed by one 0.5-mL portion of distilled water. Remove the aqueous 
upper phase (Pasteur filter pipet) used in each washing step and save this 
combined material in a separate 10-mL Erlenmeyer flask. (This material will 
be discarded at the end of the experiment [see Rule 10 for the Microscale Labora- 
tory, Chapter 1, p. 4.]) Dry the methylene chloride layer over 150 mg of gran- 
ular anhydrous sodium sulfate («). 

After drying the solution, transfer it by use of a Pasteur filter pipet to a tared 
3.0-mL conical vial. Be particularly careful not to let any granules of the hy- 
drated sodium sulfate adhere to the surface of the pipet and become trans- 
ferred with the dried organic phase. Rinse the sodium sulfate drying agent with 
0.3 mL of fresh methylene chloride, and combine the rinse with the dried or- 
ganic phase. Evaporate the methylene chloride using a stream of dry nitrogen 
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gas in a warm sand bath in the hood. If formation of the alcohol took place HOOD 
during the reaction, crude 4-chlorobenzyl alcohol will remain in the vial follow- 
ing removal of the solvent. 

To purify the crude alcohol, recrystallize the residue using a solution of 
4% acetone in hexane (0.25 mL). Collect the product under reduced pres- 
sure using a Hirsch funnel, and wash the filter cake (product crystals packed 
on the funnel are often referred to as filter cake) with 0.2 mL of ice cold hexane 
to give the desired 4-chlorobenzyl alcohol. Air-dry the product on a porous 
clay plate or on filter paper. 

Weigh the 4-chlorobenzyl alcohol and calculate the percent yield. Deter- 
mine the melting point and compare your value with that found in the litera- 
ture. Obtain the IR spectrum and compare it with that in Figure 6.16. 

This point in the procedure is a logical place to divide the experiment into two 
laboratory sessions, if this seems appropriate. A second melting point may be ob- 
tained at the beginning of the next laboratory period after the sample of aromatic 


100.00 %T 








Sample —4~Chlorobenzyl alcoho} 

ZT _& ABS — Background Scans 4 Scans 16 
Acquisition & Calculation Time 42 sec _ Resolution 4.0 cm-1 
Semple Condition __Solid - melt Cell Window __KBr_ 
Cell Path Length capillary film Matrix Material 


Figure 6.16 IR spectrum: 4-chlorobenzyl alcohol. 
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Acid 
product 
collected 
here 


H2O, & mL + 
HCI, 04 mL 





alcohol has had additional time to air dry. A convenient way to let the sample dry 
for several days is to transfer the crystals from the porous plate and spread them 
over the bottom of a small Erlenmeyer flask (either 5 or 10 mL). Then, cover the 
mouth of the flask with filter paper held in place by a rubber band. This procedure 
will allow the last traces of moisture and solvent to evaporate, and at the same time 
protect the sample from dirt and dust particles. This is a good technique for drying 
most crystalline samples. If moisture is a particularly difficult problem, the sample 
stored in this fashion can be placed in a desiccator in the presence of a hygroscopic 
material, such as calcium chloride. 


2. 4-Chlorobenzoic acid. Dilute the alkaline phase, obtained and 
saved during the original extraction procedure, by adding 2.0 mL of water. 
The dilute aqueous phase is then acidified by the addition of 0.4 mL of 
concentrated hydrochloric acid. Collect the voluminous white precipitate 
of the product that forms on addition of the acid, under reduced pressure 
by use of a Hirsch funnel. Rinse the filter cake with 2.0 mL of distilled 
water (#). 


NOTE. It is advisable to check the pH of the solution to insure that it is acidic. 
Blue litmus or pH paper may be used. Remove a small drop of solution using a 
glass stirring rod and touch the rod to the paper. Never place the paper into the 
reaction solution. 


Air dry the solid product on a porous clay plate or on filter paper to obtain 
the crude 4-chlorobenzoic acid product. If a white precipitate is not obtained 
upon acidification, add a small amount of a saturated sodium chloride solution 
(salting out technique [see Technique 4, p. 79]) to aid the process. 

To purify the crude acid, recrystallize with methanol in a Craig tube. Weigh 
the dried material and calculate the percent yield. Determine the melting 
point and compare your value to that found in the literature. Obtain the IR 
spectrum in a potassium bromide disk and compare your spectrum with that 
in Figure 6.17. 


Infared Analysis. The molecule is 4-chlorobenzaldehyde. The infrared spec- 
trum of this aromatic aldehyde (Fig. 6.18, page 182) is rich and interesting. The 
aromatic aldehyde macro group frequency train (see Strategies for Interpret- 
ing Infrared Spectra) consists of peaks near 3090, 3070, 2830 and 2750, 1706, 
1602, 1589, and 1396 cm™'. 


a. 3070 cm~': a C—H stretch on sp” carbon 


b. 2840 and 2740 cm™': This pair of bands is a famous example of power- 
ful Fermi coupling (see Chapter 8 and IR discussions). The unperturbed C—H 
stretching of the aldehyde C—H group would be expected to occur near 
2790 cm’! (the C—H stretch on an sp” carbon would have been expected to 
be found at higher values, but the oxygen system in this case significantly low- 
ers the observed values). The in-plane bending mode of this C—H group oc- 
curs at 1390 cm‘. Thus, the first harmonic should fall near 2780 cm |, very 
close (~10 cm~') to the stretching frequency of this oscillator. The essential 
conditions are, therefore, satisfied and strong Fermi coupling occurs and gives 
rise to the split peaks at 2840 and 2740 cm *. The latter band is moved well 
away from the normal sp? C—H symmetric stretching modes. Thus, the lower 
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Figure 6.17 IR spectrum: 4-chlorobenzoic acid. 


wavenumber component of the Fermi-coupled aldehyde C—H mode leads to 
easy identification of an aldehyde, even when it represents a very small fraction 
of an aliphatic system. In the present case where no aliphatic C—H oscillators 
are present, both components are observed. 


c. 1704 cm™!: The carbonyl stretch of the aldehyde group. The frequency 
observed in aliphatic aldehydes falls in the range 1735-1720 cm‘, but when 
conjugated, the value drops 15-25 cm! (see Chapter 8 and online IR discus- «(www 
sions) and is found in the range 1720-1700 cm '. 

d. 1601 and 1578 cm™*: This pair of bands is related to the degenerate ring 
stretching vibrations vg, and vg, of benzene (see also Infrared discussions in 
Experiment [1B,qy]). 

e. 1390 cm™': The aldehyde C—H in-plane bending vibration. The first 
harmonic of this vibration is Fermi coupled to the aldehyde C—H stretching 
mode, as discussed earlier. 
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Figure 6.18 IR spectrum: 4-chlorobenzaldehyde. 


This compound also possesses a second powerful macro group frequency 
train that assesses the substitution pattern of the aromatic ring system (see 
Chapter 8, IR discussions). The para-disubstituted benzene ring macro group 
frequency train requires peaks in the following regions: 1950, 1880, 1800, 1730, 
750, and 690 cm~*. 


a. 1905, 1795 cm7!: This pair of weak bands, with the higher wavenumber 
band more intense than the lower member, arises from combination bands (see 
Chapter 8, IR discussions) which involve the out-of-plane bending frequencies 
of the ring C—H bonds (see below). The exact wavenumber positions are not 
very important, but the overall shape of the pattern can be used to determine 
the ring substitution pattern (see Chapter 8 and online IR discussions). 

b. 832 cm ': This strong band is very characteristic of para-disubstituted 
benzene rings. The 832-cm | peak arises from the in-phase out-of-plane 
bending vibration of the two pairs of C—H groups on opposite sides of the 
six-membered ring (see Chapter 8, and online IR discussions). 
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The C—Cl stretching mode when substituted on an aromatic ring often 
becomes heavily coupled with ring vibrations and, as in this case, does not 
give rise to an identifiable group frequency. The presence of this group must 
be determined by other methods, such as a Beilstein or sodium fusion test (see 
Chapter 9, pp. 634-638). The presence of a hidden group (very likely halogen), 
however, is strongly indicated. Because the system must be para substituted 
(see above paragraphs), one of the substituents on the ring must exhibit very 
little identifiable absorption from 4000 to 500cm 1. 

The reaction involves the formation of two products, one neutral and one 
acidic, both of which incorporate large portions of the substrate molecule. These 
materials can be characterized by their IR spectra. The neutral product is pro- 
posed to be 4-chlorobenzyl alcohol. An examination of the spectrum (Fig. 6.16) 
supports the presence of two macro group frequency trains. One (a) is the same 
one found in the starting aldehyde, the para-disubstituted benzene ring 
frequency train. The other (b) is a primary aliphatic alcohol macro frequency 
train. Macro (a) has been expanded to include all aromatic ring-specific group 
frequencies, as the alcoholic side chain is decoupled from the ring and the 
carbon-chlorine frequencies fall outside the range of the instrumentation 
normally used in these measurements. 

The macro group frequencies for 4-chlorobenzyl alcohol are as follows: 


a. 3055 (aromatic C—H stretch), 1906 and 1793 (para combination band 
pattern), 1596 and 1583 (ring stretch degenerate pair, vg, and vgp; 1583 inten- 
sity indicates weak conjugation with the ring), 1495 and 1475 (ring stretch 
degenerate pair, vj9, and vj9,), 834 (C—H, out-of-plane bend) cm /, 

b. 3340 (broad, O—H stretch), 2965-2925 (C—H, aliphatic sp’), 
1450-1300 (broad, O—H bend, associated), 1015 (C—O, stretch, primary 
alcohol), 630 (broad, weak O—H bend, associated) cm™!. 


The acidic product generated in the reaction is assumed to be 
4-chlorobenzoic acid. This material also is a para-substituted aromatic com- 
pound; thus, the spectrum of this compound (Fig. 6.17) possesses a macro fre- 
quency train (a), similar to those of the aldehyde and alcohol. In addition, this 
benzoic acid derivative exhibits an extended aromatic acid macro group 
frequency train (b). The macro frequencies are as follows: 


a. 1935 and 1795 (para combination band pattern), 852 (ring C—H, in- 
phase, out-of-plane bend) cm™'. 

b. 340-2200 (very broad, very strong, O—H stretch, associated acid), 1683 
(C—O, stretch, out-of-phase, associated acid dimer), 1596 and 1578 
(degenerate ring stretch), 1500 and 1432 (degenerate ring stretch), 1320-1280 
(C—O, stretch), 885 (O—H, out-of-plane, ring dimer bend)cm“'. 


The carbon-chlorine stretch is not observed. 

Examine the spectra of the reaction products you have obtained, in a 
potassium bromide matrix. Discuss the similarities and differences of the ex- 
perimentally derived spectral data to the reference spectra (Figs. 6.16—-6.18). 

It is a useful exercise to compare the results of organic qualitative analy- 
sis reaction tests, which were used historically to classify the preceding 
compounds, with the data now available from modern spectroscopic 
instrumentation. 
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Chemical Tests. Perform each of the following tests (see Chapter 9). Do the 
results confirm that you have isolated an aromatic carboxylic acid and an aro- 
matic alcohol? 


The ignition test. 
. The Beilstein or the sodium fusion test for the presence of halogen. 
The ceric nitrate and/or the Jones oxidation test for the alcohol. 


. The solubility of the acid in sodium bicarbonate and sodium hydroxide 
solutions. Is carbon dioxide evolved in the bicarbonate test? 


If you were to prepare a derivative for the alcohol and acid products, which 
one would you choose? See Chapter 9, Preparation of Derivatives. 


4-Chlorobenzoic Acid and 4-Chlorobenzyl Alcohol: 
Preparation Using a Monomode Microwave Apparatus 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2 h. 











Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) Np 
4-Chlorobenzaldehyde 140.57 150mg 1.1 47 
Methanol 32.04 04mL 65 1.3288 
Potassium hydroxide 56.11 0.4 mL 

(11 M) 








Reagents and Equipment. This experiment is designed for use in the CEM 
Discover and Biotage Initator microwave units. 

In a 10.0-mL glass microwave reaction vessel containing a magnetic stir 
bar, place 150 mg (1.1 mmol) of 4-chlorobenzaldehyde followed by 0.4 mL of 
methanol. With gentle swirling, add 0.4 mL of an 11 M aqueous solution of 
potassium hydroxide. 





CAUTION: Dispense liquid reagents in the hood using automatic 
delivery pipets. Concentrated methanolic potassium hydroxide is highly 
caustic. Since the reaction requires heating reagents to above their boil- 
ing point in sealed vessels, adherence to the microwave manufacturer's 
guidelines is essential. 





Reaction Conditions. Place the reaction vessel in the microwave cavity and, 
depending on the equipment used, position the pressure device on top. Pro- 
gram the microwave unit to heat the reaction mixture to 120 °C using no more 
that 50 W of microwave power, and hold at this temperature for 1 min. After 
heating, allow the reaction mixture to cool to 50 °C or below before removing 
the tube from the microwave unit. 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 


—p— CONFIRMING PAGES 


aq aptara 


EQA 


JWCL196_c06_115-187.qxd 11/23/09 10:42 AM Page 185 
$ EQA 


EXPERIMENT 7 The Cannizzaro Reaction with 4-Chlorobenzaldehyde 185 


Isolation of Product. Add 2.0 mL of cold distilled water to the reaction ves- 
sel. Swirl or stir on a stirplate to dissolve the solid material. Transfer the reac- 
tion mixture with a Pasteur pipet into a 5.0-mL conical vial. Rinse the microwave 
reaction vessel with 0.5 mL of dichloromethane and add the washings to the 
conical vial. Cap the vial, shake gently, and then carefully vent by loosening the 
cap. After allowing separation of the layers, transfer the bottom (organic) layer 
to a 3.0-mL conical vial with a Pasteur filter pipet. Extract the aqueous solution 
in the 5-mL conical vial with two additional 0.5 mL portions of dichloromethane. 
After each addition carefully cap the vial, shake gently, and vent the solution 
by loosening the cap. On each occasion, transfer the bottom (organic) layer to 
the 3.0-mL conical vial with a Pasteur filter pipet. At the end of the extractions, 
label the 5.0-mL conical vial containing the aqueous alkaline layer “alkaline 
phase.” This phase will be used later in the experiment. 


IMPORTANT. Save both the aqueous and dichloromethane layers for further workup. 


The remainder of the work-up for the two products is the same as for Experi- 
ment 7 (pp. 176-184). 


4-Chlorobenzoic Acid and 4-Chlorobenzyl Alcohol: 
Preparation Using a Multimode Microwave Apparatus 


EXPERIMENTAL PROCEDURE M 


Estimated time to complete the experiment: 2 h. 











Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) Np 
4-Chlorobenzaldehyde 140.57 465mg 3.3 47 
Methanol 32.04 2.5 mL 65 1.3288 
Potassium hydroxide 56.11 2.5 mL 

(11 M) 








Reagents and Equipment. This experiment is designed for use in the CEM 
MARS, Milestone START, and Anton Paar Synthos 3000 microwave units. 
When using the Anton Paar Synthos 3000 unit with the 24-position silicon 
carbide plate rotor containing glass vials, the reagent and solvent quantities 
cited in the monomode procedure should be used in conjunction with the 
reaction conditions here in the multimode procedure. 

In a microwave reaction vessel containing a magnetic stir bar, place 465 mg 
(3.3 mmol) of p-chlorobenzaldehyde and 2.5 mL of methanol. With stirring, 
slowly add 2.5 mL of an 11 M aqueous solution of potassium hydroxide. Cap 
the vessel with the microwave pressure cap and adjust the tightness to the 
manufacturer-specified level. Place the sealed vessel into its outer protective 
jacket. 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the Depart- 
ment of Chemistry at Merrimack College, MA. 
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CAUTION: Dispense liquid reagents in the hood using automatic 
delivery pipets. Concentrated methanolic potassium hydroxide is 
highly caustic. Since the reaction requires heating reagents to above 
their boiling point in sealed vessels, adherence to the microwave manu- 
facturer’s guidelines is essential. 





Reaction Conditions. Insert the loaded vessels into the reaction carousel 
ensuring they are evenly spaced and then place the carousel into the microwave 
cavity. If provided by the manufacturer, connect a temperature probe to the 
control vessel. Program the microwave unit to heat the reaction vessels to 
120 °C and hold at this temperature for 1 min. After heating, allow the reac- 
tion mixture to cool to 50 °C or below before removing the carousel from the 
microwave unit. 


Isolation or Product. Add 5 mL of distilled water to the reaction vessel to 
dissolve any solids, transfer the solution to a 60-mL separatory funnel, and 
clamp the funnel to a ring stand. Rinse the microwave reaction vessel with an 
additional 5 mL of distilled water and add it to the separatory funnel. Extract 
the alkaline solution with three 3.0-mL portions of dichloromethane. After 
each addition of dichloromethane carefully cap and invert the funnel. Imme- 
diately vent the funnel by opening the stopcock. Close the stopcock, mix the 
two layers several times by inverting the funnel, repeatedly vent, and then place 
the funnel back on the ring stand and remove the stopper. Drain the lower 
(organic) layer into a 25-mL Erlenmeyer flask after each extraction. At the end 
of the extractions, pipet the alkaline layer into a separate 25-mL Erlenmeyer 
flask and label it “alkaline phase.” (This phase will be used in part 2.) 


IMPORTANT. Save both the aqueous and organic layers for further workup. 


1. 4-chlorobenzyl alcohol. Pipet the organic layer back into the sep- 
aratory funnel. Wash the combined organic layers with two 5-mL portions 
of saturated sodium bicarbonate solution. Remove the lower (organic) layer 
by draining it through the stopcock into a 25-mL Erlenmeyer flask and pipet 
the remaining aqueous phase into a 25-mL Erlenmeyer flask after each 
washing. Save the aqueous waste until the experiment is complete and then 
discard as directed. Return the organic layer to the separatory funnel by 
pipet. Wash the organic layer once with 5 mL of distilled water. Dry the lower 
(organic) layer by draining it into a clean 25-mL Erlenmeyer flask contain- 
ing 200 mg of anhydrous sodium sulfate. Transfer the anhydrous 
dichloromethane solution, using a Pasteur filter pipet, to a clean tared 10-mL 
pear-shaped flask. Remove the dichloromethane on a rotary evaporator or 
by evaporation in the hood using a gentle stream of nitrogen gas with warm- 
ing in a sand bath. A white precipitate will remain in the flask. Reweigh the 
flask plus product and calculate the crude yield. 

To further purify the crude alcohol, recrystallize the residue using a solu- 
tion of 4% acetone in hexane (0.75 mL). Collect the product under reduced 
pressure using a Hirsch funnel, and wash the filter cake with 0.5 mL of ice cold 
hexanes. Air-dry the product on a porous clay plate. 

Weigh the 4-chlorobenzyl alcohol and calculate the % yield. Determine 
the melting point of the product and compare it to the literature value. Obtain 
the IR spectrum and compare it with that in Figure 6.16. 
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2. 4-chlorobenzoic acid. Cool the “alkaline phase” in an ice bath and 
add dropwise 4 mL of 6M aqueous hydrochloric acid. A white precipitate of 
the product will form. Allow the solution to chill for a further 10 minutes 
and then collect the product under reduced pressure using a Hirsch funnel. 
Rinse the filter cake with 2.0 mL of cold distilled water. 

Air dry the solid on a porous clay plate or on filter paper to obtain the 
crude 4-chlorobenzoic acid. If the product is very pasty it may be left to dry 
overnight. The product can be further purified by recrystallization with 
methanol. Weigh the dried material and calculate the % yield. Determine the 
melting point of your product and compare your value to the literature value. 
Obtain the IR spectrum and compare it to the spectrum given in Figure 6.17. 


QUESTIONS 


6-45. The discussion mentions that the crossed Cannizzaro reaction can be realized when one of the components is 
formaldehyde. Predict the product(s) of the reaction below and give a suitable name to the reactants and products. 


= - P 
1. NaOH, A _ 
« y/ a ee . 2.H™ 
H H 
H.CO: 


3 





6-46. One group of investigators has suggested that a dianion might be the source of hydride in the Cannizzaro reaction. 
Explain why this species would be a better source of hydride than the species in the mechanism presented in the 
discussion. 


6-47. The Cannizzaro reaction is an oxidation—reduction sequence. What type of reagent is formaldehyde acting as in 
Question 6.45? 


6-48. Propose a mechanism for the internal Cannizzaro reaction depicted below. 


o-Phthalaldehyde o-(Hydroxymethyl) 


benzoic acid 
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The Esterification Reaction: Ethyl 
Laurate, Isopentyl Acetate, and the Use 
of Acidic Resins 


Common names: ethyl! laurate, ethyl dodecanoate 
CA number: [106-33-2] 
CA name as indexed: dodecanoic acid, ethyl ester 


Common names: isopentyl acetate, isoamyl acetate 
CA number: [123-92-2] 
CA name as indexed: 1-butanol, 3-methyl-, acetate 


Common name: butyl acetate 
CA number: [123-86-4] 
CA name as indexed: acetic acid, butyl ester 


Common names: pentyl acetate, amyl acetate 
CA number: [628-63-7] 
CA name as indexed: acetic acid, pentyl ester 


Common name: hexyl acetate 
CA number: [142-92-7] 
CA name as indexed: acetic acid, hexyl ester 


Common name: octyl acetate 
CA number: [112-14-1] 
CA name as indexed: acetic acid, octyl ester 


Prior Reading 
Technique 4: Solvent Extraction 
Liquid-Liquid Extraction (p. 72) 
Drying of the Wet Organic Layer (pp. 80-83) 
Technique 6A: Chromatography 
Packing the Column (p. 93) 
Elution of the Column (p. 94) 


Purpose. This exercise explores the classic reactions of carboxylic acids 
(RCO>H) with alcohols (R’OH), in the presence of acid catalyst, to yield esters 
(RCO,R’) plus water (HO, a small stable molecule). The physical properties of 
these esterification products are examined and the techniques of distillation 
and column chromatography are applied to the purification of these materials. 


REACTION 
O: 
Vf Ht Y 
— + R’—OH =~ oe + H,O 
OH OR’ 
Carboxylic Alcohol Ester 
acid 
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DISCUSSION 


Esters are among the most important of the carboxylic acid (and alcohol) 
derivatives. Substances possessing this functional group are widely distrib- 
uted in nature in the form of waxes, essential oils, fatty acid esters, and 
aromas. The ester functionality plays a significant role in biochemistry, 
both in primary metabolism and in a variety of substances exhibiting 
remarkable physiological activity in humans (hormones and neurotrans- 
mitters). Esters find extensive use in commercial products from fingernail 
polish remover and artificial sweeteners, to polymeric fibers, plasticizers, 
and surfactants. 


Biosynthesis of Esters. Fatty acids are naturally occurring, long, straight- 
chain, Cy2—-Cy4o carboxylic acids; most contain an even number of carbon 
atoms.Their biosynthesis provides an important and interesting example of a 
primary metabolic pathway in which a special type of ester is the essential 
link between the enzyme and the substrate (acetic acid). The enzyme-bound 
substrate grows by repeated addition of two-carbon (C3) units and, when 
eventually released from the enzyme, has undergone an extension of the fatty 
acid hydrocarbon chain. 

The first step in fatty acid biosynthesis involves the formation of a thiol 
ester, acetyl coenzyme A (acetyl CoA), from acetic acid (present in the primary 
metabolic pool) and the thiol group (mercapto, or —SH group) of the coen- 
zyme (HSCoA). A thiol ester is an ester in which the single-bonded oxygen 
(from the alcohol component) is replaced by a sulfur atom, 


6 
ie Geer: eee Ora 


from the coenzyme. Coenzymes are loosely bound, nonprotein factors at- 
tached to the enzyme that play an important role in the catalytic function of 
the enzyme. These coenzymes are distinguished, in an ill-defined manner, 
from prosthetic groups, which are intimately attached to active sites of 
enzymes. Part of the role of the CoA is to facilitate the transfer of the substrate 
(the C, unit) to a new thiol group of the enzyme (protein), where the next 


stage of the biosynthesis takes place: 
NH, 
N 
NZ 
ox 
N N 
O 


me O OH,C CH, = i 
Sy ge oe 
H H OH O O O.,-OH 
O* “OH 
Thiol group Coenzyme A (HSCoA) 
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NH, 
my 
| ‘ 
KY? 
O 


H.C BAN OH,C CH; a a . 
a ae: Or 
H H OH O O O._ LOH 
a 07 oH 
Acetyl thiolester Acetyl coenzyme A (CH;COSCoA) 


This reactive thiol ester is capable of undergoing aldol-type (see Experiment 
[20]) condensations under physiological conditions. AcetylCoA is first carboxy- 
lated with the help of the enzyme, acetyl CoA-carboxylase, to yield a thiolmalonyl 
derivative. The resulting intermediate possesses an activated methylene group 

C—cH,—C—$ 





which with further enzymatic support undergoes a Claisen condensation 

www (see Experiment [3A,4,]) with an acetyl group that has been also transferred 
via acetyl CoA to an appropriate acyl-carrier protein, fatty acid synthetase. 
Reduction, dehydration, further reduction, and finally hydrolysis of the thiol 
ester, yields the fatty acid extended by a C, hydrocarbon group. 

















° ° 
CH,—C—OH + HSCoA ——> CH,—C—SCoA + HOH 
CoA Acetyl CoA 
lh ge Get...’ | r 
CH.—C—SCoA + HCO, > HO—C—CH,—C—SCoA + HOH 
Malonyl CoA 
CH,;—C—SCoA + HO—C—CH,—C—SCoA > both HS-Protein bound 
CY reduction O° oO ee 
7 a 1 1 
+: : reduction o . 
CH,CH,CH,—C —S —Protein Paaien CH,;—C —CH,—C —S$ —Protein 
may be skipped 
. yields unsaturated 
hydrolysis fatty acid product 
CH,CH,CH,—C OH > repeats to yield long-chain fatty acids 


LIPIDS 


Oils, Fats, Waxes, and Aromas. Fatty acids derived from primary metabolism 
play a key role in the formation of naturally occurring oils, fats, and waxes. Fats 
and oils are esters of these acids with a triol, glycerol (HOCH;CHOHCH,OF). 
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The common fats and oils are formed from mixtures of Cy-Co. saturated fatty 
acids with the vast majority derived from C.—Cjg acids. The oils are more likely 
to include significant contributions from mixtures of unsaturated fatty acids. 

Since fats and oils are triesters of glycerol, they are generally called triglyc- 
erides. In plants and animals, triglycerides function as energy reserves that 
can be used in primary metabolism when food (energy) is not available to the 
organism. 

Although the fats have high molecular weights, they are generally found to 
be very low-melting solids, particularly if they contain unsaturated fatty acids. 
The bent chains, which result from incorporating cis-alkene (C=C) groups into 
the chain, prevent close packing in a solid and, as a result, such molecules exhibit 
lower melting points. For example, compare oleic acid (CigH34O2, mp 4 °C) to its 
saturated analog, stearic acid(CjgsH3¢O2, mp 69-70 °C). The former melts more 
than 60 °C lower because of the cis carbon-carbon double bond. 

Oleic acid is the simplest of the unsaturated Cj fatty acids, because it has 
a single C=C group located in the middle of the chain. This unsaturated fatty 
acid is the most widely distributed of all fatty acids. It is the dominant compo- 
nent (76-86%) of the triglycerides in olive oil. Highly saturated fats, on the 
other hand, are generally solids at room temperature because the straight- 
chain fatty acids pack together well (see Fig. 6.19 on next page). 


° 
Le 9 
ea aN ee 
Oleic acid Stearic acid 
[(Z)-9-Octadecenoic acid] [Octadecanoic acid] 


Many vegetable and fish oils are liquid triglycerides. Because these organ- 
isms operate at ambient temperatures, evolution dictated that low-melting 
fats were required to avoid solidification. In warm-blooded animals, higher 
melting fats can be tolerated and are used. 

The cheap and plentiful unsaturated oils can be converted to solid fats by hy- 
drogenation of the alkene groups, which gives straight-chain alkyl groups. As 
consumers historically have desired to cook with solid, white, and creamy fats 
(such as lard) derived from animal triglycerides (low in unsaturation), hydro- 
genation of vegetable oils, such as peanut, soybean, and cottonseed oils, has been 
carried out on a large scale (this process is referred to as hardening the fat). 

Unfortunately, the relationship between saturated fats in the human diet 
and the formation of cholesterol (a simple lipid, see below) plaque and coro- 
nary heart disease has been established. The dietary switch to less saturated 
fats is currently underway. 


HO 
Cholesterol 
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Stearic acid — space-filling model 


Figure 6.19 Molecular models of fatty acids. 


The triglycerides obtained from animal fats have been used for a very long 
time as a source of soap. When fats are boiled with lye (sodium hydroxide) the 
ester linkages are cleaved by a process known as saponification (the term orig- 
inates from the Latin word for soap, sapon, as does the modern French word 
for soap, savon) to yield the sodium salt of the fatty acid and the esterifying 
alcohol (glycerol). 
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o 
CH,(CH,),,CO —CH, HO—CH, 

o 
CH,(CH,),.CO—CH N88. HO—CH 4 3 CHICH),,CO" Na* 
‘Oo Soap 
CH,(CH,),<CO—CH, HO—CH, 

Tristearin Glycerol 


Saponification of a triglyceride found in animal fat 


Salts of fatty acids function effectively as soaps because one end of the 
straight-chain system has the highly polar carboxylate ion and is readily sol- 
vated in water. The rest of the fatty acid molecule has all the characteristics of a 
nonpolar hydrocarbon and readily dissolves in hydrocarbons, such as greases 
and oils. We refer to the polar end (head) as being hydrophilic (attracted to wa- 
ter) and the hydrocarbon end (tail) as being lipophilic (attracted to oils). When 
dispersed in an aqueous solution, fatty acids tend to form micelles (spherical 
clusters of molecules). The lipophilic ends of the fatty acids occupy the interior of 
the cluster, while the polar ends, which are heavily solvated by water molecules, 
form the outer surface of the spherical micelle. Micelles absorb the hydrocarbon 
chains of the triglycerides, and thus soaps break up and help to dissolve the fats 
and oils that tend to coat skin, clothes, and the surfaces of eating and cooking 
utensils (see Figs. 6.20 and 6.21). 

Waxes are naturally occurring esters of fatty acids (in waxes, chain lengths 
can reach as high as C3.) and a variety of other alcohols that often possess rela- 
tively complicated structures (steroid alcohols) and/or long chains. For example, 
n-octacosanol, CH3(CH>)..CH»OH, has been isolated from the esters in wheat 








A saturated triglyceride 


Figure 6.20 A space-filling model of a saturated triglyceride. 


—p— CONFIRMING PAGES ~~ «eg aptara 





JWCL196_c06_188-254.qxd 


194 CHAPTER 6 


11/17/09 


1:32 PM Page 194 an 


Microscale Organic Laboratory Experiments 





A space-filling model of an unsaturated triglyceride. 
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An unsaturated triglyceride 
Figure 6.21 A space-filling model of an unsaturated triglyceride. 


waxes, and a component of carnauba wax (traditionally an automobile wax) has 
62 carbons, CH3(CH>)33CO2(CH>)26CHs. The biological role of carnauba wax is 
as a leaf coating involved in the conservation of plant moisture. Animal waxes 
include cetyl palmitate (spermaceti) found in sperm whales and beeswax (one 
constituent of which has been identified as CH3(CH>)29CO2(CH>)29CH3, which 
is used in the construction of the honeycomb). 

Lower molecular weight, naturally occurring esters make major contri- 
butions to the pleasant aromas of fruits and flowers. These odors have 
been shown to be composed generally of complex mixtures of materials 
that have been separated only since the development of modern chemical 
instrumentation. Single components, however, may play a dominant role 
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in an individual plant or animal. Propyl acetate (pears), ethyl butyrate 
(pineapples), and 3-methylbutyl acetate (bananas) are examples of simple 
esters responsible for a particular plant odor. Odors derived from esters are 
not limited just to esters of straight-chain carboxylic acids, as is demon- 
strated by oil of wintergreen, methyl salicylate: 


Oil of wintergreen 


Phospholipids. Lipid is a term applied to those natural substances that are 
more soluble in nonpolar solvents than in water. In its most general sense, it is 
a broad definition that includes fats, waxes, hydrocarbons, and so on. In bio- 
chemistry, lipids are more narrowly defined as substances that yield fatty acids 
upon hydrolysis. 

Another class of glycerides are those substances in which one of the fatty 
acid groups has been replaced by a phosphoric acid residue: the phospho- 
lipids, or more accurately, the phosphoglycerides. The phosphate group is 
almost always further esterified, usually with a biological amino alcohol, such 
as choline (the lecithins) or ethanolamine (the cephalins): 


H.C CH 
DNC ON. HEN a 
H;C OH OH 
Choline Ethanolamine 
‘O° 
OO in a OO a a ae 
CO—CH, 
| 


° ‘;O' 
H,N—CH,CH,—O P 6—CO—CH, 











0-7 
Phosphoglyceride, a sughalike. 
oO 
SOOO OS, 
3 
a Se a ee CO—CH 
a oO 








oe | 
(CH,),N —CH,CH,—O POCO CH, 





: O 
Phosphoglyceride, a lecithin 
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Water layer 


Water layer 
Phospholipid bilayer 
Figure 6.22 Phospholipid bilayer. 


These latter groups significantly increase the polarity of the glycerol section 
of the molecule so that phosphoglycerides undergo strong self-association. In 
aqueous solutions, this intermolecular attraction can lead to lipid bilayer forma- 
tion (Fig. 6.22). In a lipid bilayer, the molecules organize themselves to form 
sheets that contain a double layer of the molecules formed by tail-to-tail associ- 
ation within the interior of the sheet; the outer surface of the lipid bilayer 
contains the polar heads, which are heavily solvated by water molecules. This 
association of phosphoglycerides is the key feature in the construction of cell 
membranes. Thus, esters must have played a vital role at the very earliest stages 
as cell structures evolved in the development of living systems. 


Preparation of Esters. Esters are generally synthesized by one of four fun- 
damental routes: 


1. Esterification of a carboxylic acid with an alcohol in the presence of an 
acid catalyst 


2. Alcoholysis of acid chlorides, anhydrides, or nitriles 


Qo 


. Reaction of a carboxylate salt with an alkyl halide or sulfate 
4. Transesterification reactions 


The first of these pathways, known as Fischer esterification, is the method 
used for the preparation of ethyl laurate in Experiment [8A] and of isopentyl 
acetate in Experiment [8B]. A modern variation of the Fischer esterification is 
used in Experiment [8C]. The development of this esterification reaction rep- 
resents just one of a number of major discoveries in organic chemistry by Emil 
Fischer. 


Emil Fischer (1852-1919)’ In 1874 Fischer obtained his Ph.D. from the Uni- 
versity of Strasbourg, studying with Adolf von Baeyer. He later had appoint- 
ments as Professor of Chemistry at Erlangen, Wurzburg, and Berlin universities. 

In 1875, at the age of 23, and one year after completing his graduate stud- 
ies, he synthesized phenyl hydrazine (CeH;—NHNH,) for the first time. This 
highly reactive reagent later played a key role in Fischer’s work on elucidating 
structures of a large majority of the sugars (carbohydrates), an entire class of 
important and complex organic molecules. Sugars, or carbohydrates, represent 
the prime pathway for the storage of radiant energy from the sun, through pho- 
tosynthesis, as chemical energy. In the short period from 1891 to 1894, Fischer 
established not only the basic structures, but also the configurations of all the 
known sugars. In addition, he predicted all the theoretically possible isomers 
and, in the process, developed a method of representing the three-dimensional 
molecular structures in two-dimensional drawings that became known as 
Fisher projection formulas. These representations are still in use today, and 
have been widely applied beyond sugar chemistry. This work by Fischer led 
directly to proving the existence of the asymmetric carbon atom, a concept 
proposed by Vant Hoff and LeBel in 1874. 

Fischer was also active in the area of protein chemistry. He demonstrated 
that amino acids are the basic subunits from which proteins are constructed. 


7See Chem. Ind. 1919, 42, 269; Darmstaedter, L.; Oester, R. E. J. Chem. Educ. 1928, 5, 37; Ratman, 
C.V. ibid. 1942, 38, 93; Kauffman, G. B.; Priebe, P. M. ibid. 1990, 67, 93; Chem. Eng. News 1992, 
June p. 25. Recommended reading,”The Emil Fischer—William Ramsay Friendship: The Tragedy 
of Scientists in War.” J. Chem. Educ. 1990, 67, 451. 
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Fischer devised methods for the synthesis of many of the known amino acids. 
Perhaps his most ingenious contribution was the “lock and key” hypothesis of 
how proteins bind with substrates of complementary shapes. This work ulti- 
mately led to our understanding of how enzymes, the catalysts of biochemical 
reactions, function. 

Fischer carried out extensive work on the chemistry of purine and on those 
compounds containing its nucleus. Purine is one of the two nitrogen base ring 
systems present in DNA. Fischer synthesized approximately 150 members of 
this class of heterocyclic compounds (including the first synthesis of the alka- 
loid caffeine (see Experiment [11B]), uric acid, and the xanthines (also see 
Experiment [11B]). He developed a general synthesis of another nitrogen 
heterocycle, indole, which was so effective that it has become one of the classic 
synthetic methods of organic chemistry and is known today as the “Fischer 


indole synthesis”: 
Op 
H 


Indole 


Fischers work essentially laid the foundation of modern biochemistry. Re- 
garded as the greatest organic chemist of his time, Fischer became the second 
chemist to receive the Nobel Prize (1902). Depressed by the loss of his young 
wife at the age of 33, by the loss of two of his three sons (one by suicide, the 
other in World War I), suffering from the advanced stages of intestinal cancer, 
and saddened by the socioeconomic conditions of postwar Germany, Fischer 
committed suicide. 


Mechanism of the Fischer Esterification Reaction. The Fischer esterifica- 
tion proceeds by nucleophilic attack of the alcohol on the protonated carbonyl 
group of the carboxylic acid to form a tetrahedral intermediate. Collapse of the 
tetrahedral intermediate regenerates the carbonyl group and produces the 
ester and water. The overall sequence is outlined here: 








i 
O: +Q. 
A I 
R-C +H== cd 
OH H OH 
a R R 
/ fol . 
R’—O: + R—-C =—— R'—O—C—OH == R'O0—C= 0H 
| Ne i | LS 
H OH H :OH H—oO:* 
H 
R , 
H,O* + R’-—O—C, == R’'—O-C + H,O 
O ‘OH 
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In the Fischer esterification with primary alcohols, the products are only 
slightly favored by the equilibrium and, therefore, to obtain substantial yields 
of the ester, the equilibrium must be shifted toward the products. This result 
can be accomplished in a number of ways. For example, an excess of the start- 
ing alcohol can be used to shift the position of equilibrium toward the prod- 
ucts. This technique is used in the preparation of ethyl laurate (Experiment 
[8A]). An analogous alternative is to use an excess of the carboxylic acid. A 
third option to drive the reaction is the removal of one or both of the products 
(the ester or water) as they are formed during the reaction. The preparation of 
isopentyl acetate, synthesized in Experiment [8B], depends on two of these 
strategies: (1) the reaction is run in an excess of the carboxylic acid (it doubles 
as the solvent) and (2) the water generated as one of the products is removed 
by a drying agent. The acid catalyst used in Fischer esterifications is generally 
dry hydrogen chloride, concentrated sulfuric acid, or a strong organic acid, 
such as p-toluenesulfonic acid. 

When the carboxyl group and hydroxyl group are present in the same 
molecule, an intramolecular esterification may occur and a cyclic ester (called 
a lactone) may be formed. Lactonization requires an acceptable conformation: 
the two groups must be close and spatially positioned to react. Ring closure is 
especially favorable if lactone formation yields five- or six-membered (stable 
and rapidly formed) ring systems. 





O: 

I Yi 
CH,—C CH,—C 
/ ee ee 

H 
CH, ie - he + H,O 
CH,—OH CH,—O: 
y-Hydroxybutyric acid y-Butyrolactone 


As noted earlier, Fischer esterification is an equilibrium reaction and is thus 
reversible. Thus, heating an ester in aqueous solution, in the presence of an acid 
catalyst, regenerates the corresponding carboxylic acid and alcohol. This latter 
reaction is called acid hydrolysis of an ester. The rate-determining step in both 
the forward esterification reaction and the reverse reaction, acid hydrolysis, is 
the formation of the tetrahedral intermediate. It is, therefore, evident that the 
rate of the reaction will be determined by the ease with which the nucleophile 
(alcohol on esterification and water on hydrolysis) approaches the carbonyl 
group. Steric and electronic factors have been shown to have large effects on the 
rate of esterification. An increase in the number of bulky substituents substituted 
on the a and £ positions of the carbonyl-containing compound decreases the 
rate (steric effects). Electron-withdrawing groups near the carbonyl group, on the 
other hand, tend to increase the rate by increasing the electrophilicity (partial 
positive charge) of the carbonyl carbon (electronic effects). Conversely, electron- 
donating groups act to retard the rate of esterification (electronic effects). 

You are to synthesize the ethyl ester of lauric acid in Experiment [8A]. Lauric 
acid, CH3(CH>);9CO2H (dodecanoic acid), is one of the four most common 
fatty acids found in naturally occurring triglycerides. It is named for the laurel 
botanical family from which it was first isolated in 1842. It is the most abun- 
dant of the fatty acids isolated from the vegetable oils of palm kernel oil (52%), 
the seed fat of Elaeis guineensis; of coconut oil (48%), Cocos nucifera; and of 
babassu oil (46%), Attalea funifera. 
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In the preparation given for ethyl laurate (Experiment [8A]), acetyl chlo- 
ride is used to generate the HCI catalyst in situ. Notice that the other product 
of this step is a molecule of the desired ester: 





cb: CH, CH, 
- Yi t+ [ow va ee 
ee 
H Cl H ca So 
Acetyl chloride | 
(Hs Gis 
H+,cl” + R—O—C == R—O—C=O0—-H, Cl” 
ee \ ee + 


In Experiment [8B] you will be synthesizing the isopentyl alcohol 
(3-methylbutanol) ester of acetic acid (the basic building block of the fatty acids), 
isopentyl acetate (isoamyl acetate). This low molecular weight ester has a distinct 
banana- or pear-like odor, and the liquid product is often referred to as banana oil 
or pear oil (see above). Isopentyl acetate has a wide variety of uses: as a flavoring 
agent in mineral waters and syrups; a solvent for oil paints, tannins, nitrocellu- 
lose, lacquers, and a number of other commercial products; a perfume ingredient 
in shoe polish; and in the manufacture of artificial silk, leather, and pearls. You are 
very likely to find this experiment to be a pleasant olfactory experience! 

In Experiment [8C] you will use a polymer-bound acid reagent to catalyze 
the esterification reaction. Polymer-bound reagents are becoming increasingly 
useful in organic synthesis; both in the research laboratory and in industrial- 
scale reactions. 


Ethyl Laurate 


REACTION 
I .. CH,COCI / 
CH, —(CH,)49 oe + CH;— CH,—-OH == CH,;— (CH,)ig—C + Ch COOH 
OH O—CH,—CH, 
Lauric acid Ethanol Ethyl laurate Acetic acid 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 3.0 h. 





Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) d Np 














Lauric acid 200.3 70 mg 0.35 Ad. 
Ethanol 46.07. 10mL = 17 78.5 0.71 1.3611 
Acetyl chloride 78.50 30 wL 0.42 50.9 1.11 1.3898 
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110-120 °C, 
thermometer 





OOD 


Laurie acid, 70 mg 
+ CH3CH20H, LO mt 


+ CHSCOCI, 30 aL 


HOOD 







Anhydrous 
NagSOy, 
500 mg 

Si0,, 500 mg 


Sand, 50 me 


Ethyl laurate 
+ CHoClo, 
3.0 mL 


HOOD 


Reagents and Equipment. Weigh and add 70 mg (0.35 mmol) of lauric acid 
to a3.0-mL conical vial containing a magnetic spin vane. Then equip the reaction 
vial with a reflux condenser that is protected by a calcium chloride drying tube 
(#). Use a graduated 1.0-mL pipet to add 1.0 mL of absolute ethanol to the 
vial. In the hood, add 30 wL (0.43 mmol) of acetyl chloride, using an automatic 
delivery pipet. (Remember not to turn on the cooling water in the condenser 
until the system is completely assembled. Otherwise, the cold inner surface 
will condense moisture from the laboratory atmosphere. It takes only a very 
small amount of water on the condenser walls to completely deactivate your 
acid chloride catalyst.) 





CAUTION: Acetyl chloride is an irritant. Dispense this reagent in the 
hood using an automatic delivery pipet. (Be sure to quickly reassem- 
ble the reaction vial and condenser following addition of the acid 
chloride, because this reagent will rapidly react with moist laboratory 
air and lose its activity.) 





Reaction Conditions. Heat the reaction mixture for 1 h at gentle reflux with 
stirring, using a sand bath temperature of 110-120 °C. Cool the resulting mix- 
ture to room temperature. 


Isolation of Product. After removing the reflux condenser and drying tube, re- 
move the spin vane with forceps. Add a boiling stone to the cooled vial and then 
concentrate the reaction solution to a volume of about 0.25 mL by warming in a 
sand bath in the hood. Remove the vial from the sand bath and allow the vial to 
cool. Use a 1.0-mL graduated pipet to add 0.5 mL of diethyl ether and 0.25 mL of 
5% sodium bicarbonate solution to the concentrated product mixture. Cap the 
conical vial and shake gently (or mix on a Vortex mixer). Loosen the cap carefully 
to vent the two-phase mixture. Remove the bottom aqueous layer using a Pasteur 
filter pipet and set it aside in a labeled Erlenmeyer flask. Extract the ether phase 
with three additional 0.25-mL portions of 5% sodium bicarbonate solution. Save 
the aqueous wash after each extraction (you may combine them with the initial 
aqueous basic phase in the Erlenmeyer) and do not discard them until you have 
successfully purified and characterized the ethy] laurate. 


Purification and Characterization. Dry and purify the wet, crude ether 
solution of ethyl laurate by column chromatography. In a Pasteur filter pipet, 
place 500 mg of activated silica gel followed by 500 mg of anhydrous sodium 
sulfate (<3). Wet the column first with 0.5 mL of methylene chloride and then 
transfer the crude ether solution of ethyl laurate to the column using a Pasteur 
filter pipet. Use a tared 5-mL conical vial containing a boiling stone as a col- 
lection flask for the column eluant. Rinse the reaction vial with methylene 
chloride (0.5 mL). Transfer the rinse to the column. Repeat both rinse and 
transfer with a second aliquot of methylene chloride (0.5 mL). Add an addi- 
tional 1.0 mL of methylene chloride directly to the column to ensure complete 
elution of the ester. 

Remove the ether-methylene chloride solvent by evaporation in the hood 
by using a stream of nitrogen gas with gentle warming in a sand bath. Make 
sure the vial remains warm to your fingers during the evaporation process—a 
warm vial ensures that condensation of moisture on the liquid product is 
avoided during solvent concentration. 

The recovered ethyl laurate is a clear, viscous, pleasant-smelling ester, and 
is usually fully characterized without further purification. Weigh the product 
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and calculate the percent yield. Determine the refractive index (optional) and «(www 
boiling point and compare your data to the literature values. Obtain an IR 
spectrum of the ester using the capillary film technique and compare it to the 
spectrum of an authentic sample or to one found in the literature (Aldrich 

Library of IR spectra and/or SciFinder Scholar). 


Chemical Tests. Does this ester give a positive hydroxamate test (see 
Chapter 9)? Check the solubility of ethyl laurate in water. Would you have 
predicted the result? Is the ester soluble in 85% phosphoric acid or in concen- 
trated sulfuric acid? 


Isopentyl Acetate: Semimicroscale Preparation 


Isopentyl acetate is prepared by the following procedure. 














REACTION 
CH, O: O: 
| 7 A H,S0, Vi CH 
CH,— C—CH,— CH,— OH + CH, CH,—C | 3 
i OH O—CH,—CH, C CH, + H,O 
H 
Isopentyl alcohol Acetic acid Isopentyl acetate 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experient: 3.0 h. 























Physical Properties of Reactants 
Compound MW Amount mmol bp (°C) d Np 
Isopentyl alcohol 88.15 800 pL 7.4 132 0.81 1.4053 
Acetic acid 60.1 1.5 mL 26.2 116 1.05 1.3720 — 
thermometer 
Sulfuric acid, concd 4 drops 
Al foil 





Reagents and Equipment. In a5.0-mL conical vial containing a magnetic 
spin vane and equipped with a reflux condenser protected by a calcium 
chloride drying tube, place 800 wL (7.4 mmol) of isopentyl alcohol, 1.5 mL 
(26.2 mmol) of glacial acetic acid, 4 drops (Pasteur pipet) of concentrated 
sulfuric acid, and approximately 100 mg of silica gel beads (™). 





Isopentyl alcohol, 1.5 mL 

+ CH;CO;H, 800 pl 

: : : . : : + 4 drops concd H250, 
Dispense the reagents in the hood using automatic delivery pipets. HOOD _ + Silica gel beads, 100 mg 


Concentrated acetic and sulfuric acids are corrosive. 





CAUTION: Cap the vial immediately after addition of each reagent. 





NOTE. The silica gel beads (t.h.e. desiccant) are used to absorb the water as it is 
generated in the reaction. 
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Reaction Conditions. Heat and stir the reaction mixture using a sand bath 
temperature of 160-180 °C for 1 h. Cool the resulting mixture to room tempera- 
ture and remove the spin vane with forceps. Add 0.5 mL of diethyl ether to in- 
crease the volume of the organic phase. 


Isolation of Product. Extract the crude organic product with three 2-mL 
portions of 5% sodium bicarbonate solution, followed by 1 mL of water. Dur- 
ing each extraction, cap the vial, shake gently, vent carefully, and then allow it 
to stand so the layers may separate. A Vortex mixer may be used to good ad- 
vantage in this sequence. Remove the aqueous layer and be sure not to discard 
it until the final product is purified and characterized. 
Following the aqueous extraction, dry the organic phase by adding anhy- 
drous sodium sulfate to the vial. Transfer the anhydrous solution, using a 
Pasteur filter pipet, to a clean, dry 3-mL conical vial containing a boiling 
HOOD - stone. Remove the added ether by evaporation in the hood by using a gentle 
stream of nitrogen gas with gentle warming in a sand bath. Next, attach the 
vial containing the crude ester residue to a Hickman still equipped with an 
air condenser and arranged in a sand bath for distillation (). Cover the 
sand bath with aluminum foil during the procedure. 






160-1380 "C | 
thermometer 





Al foil 








Purification and Characterization. Distill the isopentyl acetate product 
at a sand bath temperature of 160-180 °C. As the material collects in the collar 
of the still, transfer it by Pasteur pipet (9 in.) to a tared 5-dram vial. 
pietilatien oF vedekon Weigh the clear, viscous, pleasant-smelling isopentyl acetate, and calculate 
a www)» the percent yield. Determine the refractive index (optional) and boiling point, 
and compare your values with those found in the literature. 
Obtain an IR spectrum of the ester using the capillary film technique and 
compare it with that shown in Figure 6.23. 


Infrared Analysis. The conversion of a branched-chain aliphatic primary 
alcohol to an acetate ester results in significant changes in the infrared 
spectrum of the molecule. These changes are similar to those observed in 
straight-chain systems. The two macro group frequency trains in the present 
example are 


1. Isopentyl alcohol (Fig. 6.24): 3350 (broad), 3000-2850, 1460-1300, 1060, 
and 660 cm! 

2. Isopentyl acetate (Fig. 6.23): 3490 (weak), 3000-2850, 1746 (strong), 1367 
(broad), 1250, and 1040 cm! 


If the macro group frequencies are further constrained to include only 
those systems in which the chain branching involves the presence of an iso- 
propyl group, two additional bands near 1385 and 1365 cm | are required. 
These peaks, which are present in both the alcohol and the ester, arise from 
the spatially coupled and split symmetric methyl bending vibrations of the 
aliphatic backbone. In both isopentyl alcohol and isopentyl acetate, this pair of 
bands are found at identical locations, 1386 and 1367 cm~*. 


Chemical Tests. Does the product give a positive hydroxamate test for an ester 


(Chapter 9)? Check the solubility of this ester in water, ether, and 85% H3PO,. In 
which solubility group (see Chapter 9, pp. 638-639) does isopenty] acetate fall? 
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Cell Path Length —copillery film Matrix Material 
Figure 6.23 IR spectrum: isopentyl acetate. 
Isopentyl Acetate: Preparation Using 
a Monomode Microwave Apparatus 
EXPERIMENTAL PROCEDURE 
Estimated time to complete the experiment: 2.25 h. 
Physical Properties of Reactants 
Compound MW Amount mmol bp (°C) d Np 
Isopentyl alcohol 88.15 0.8 mL 74 132 0.81 1.4053 
Acetic acid 60.1 1.5 mL 26.2 116 1.05 = 1.3720 
Sulfuric acid, conc 4 drops 
“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 
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Figure 6.24 IR spectrum: isopentyl alcohol. 





Reagents and Equipment. This experiment is designed for use in the CEM 
Discover and Biotage Initator microwave units. 

Ina 10.0-mL glass microwave reaction vessel containing a magnetic stir bar, 
place 0.8 mL (7.4 mmol) of isopentyl alcohol, 1.5 mL (26.2 mmol) of glacial acetic 
acid, 4 drops (Pasteur pipet) of concentrated sulfuric acid, and approximately 100 
mg of silica beads. Immediately cap the vessel with the microwave pressure cap. 





HOOD CAUTION: Dispense reagents in the hood using automatic delivery 
pipets. Concentrated acetic and sulfuric acids are corrosive. Since the 
reaction requires heating reagents to above their boiling point in sealed 
vessels, adherence to the microwave manufacturer's guidelines is essential. 





Reaction Conditions. Place the reaction vessel in the microwave cavity and, 
depending on the equipment used, position the pressure device on top. Pro- 
gram the microwave unit to heat the reaction mixture to 130 °C and hold at 
this temperature for 15 min. After heating, allow the reaction mixture to cool 
to 50 °C or below before removing the tube from the microwave unit. Trans- 
fer the reaction mixture with a Pasteur pipet into a 5.0-mL conical vial. Rinse 
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the microwave reaction vessel with 0.5 mL of diethyl ether and add the wash- 
ings to the conical vial. 


Isolation of Product. The remainder of the procedure is identical to exper- 
iment 8B (p. 202). 


Isopentyl Acetate: Preparation Using a Multimode 
Microwave Apparatus 


EXPERIMENTAL PROCEDURE M 


Estimated time to complete the experiment: 2.25 h. 

















Physical Properties of Reactants 

Compound MW Amount mmol bp (°C) d Np 
Isopentyl alcohol 88.15 1.6 mL 14.7 132 0.81 1.4053 
Acetic acid 60.1 3 mL 52.4 116 1.05 1.3720 
Sulfuric acid, conc 8 drops 


Reagents and Equipment. This experiment is designed for use in the CEM 
MARS, Milestone START, and Anton Paar Synthos 3000 microwave units. 
When using the Anton Paar Synthos 3000 unit with the 24-position silicon 
carbide plate rotor containing glass vials, the reagent and solvent quantities 
cited in the monomode procedure should be used in conjunction with the 
reaction conditions here in the multimode procedure. 

In a microwave reaction vessel containing a magnetic stir bar, place 1.6 mL 
(14.7 mmol) of isopentyl alcohol, 3.0 mL (52.4 mmol) of glacial acetic acid, 
8 drops (Pasteur pipet) of concentrated sulfuric acid, and approximately 200 mg 
of silica beads. Immediately cap the vessel with the microwave pressure cap 
and adjust the tightness to the manufacturer-specified level. Place the sealed 
vessel into its outer protective jacket. 





CAUTION: Dispense reagents in the hood using automatic delivery HOOD 
pipets. Concentrated acetic and sulfuric acids are corrosive. Since the 
reaction requires heating reagents to above their boiling point in sealed 
vessels, adherence to the microwave manufacturer's guidelines is essential. 


Reaction Conditions. Insert the loaded vessels into the reaction carousel 
ensuring they are evenly spaced and then place the carousel into the 
microwave cavity. If provided by the manufacturer, connect a temperature 
probe to the control vessel. Program the microwave unit to heat the reaction 
vessels to 120 °C and hold at this temperature for 5 min. After heating, al- 
low the reaction mixture to cool to 50 °C or below before removing the 
carousel from the microwave unit. 


Isolation of Product. Place 10 mL of 10% sodium bicarbonate solution in a 
30-mL separatory funnel. Clamp the funnel to a ring stand. Pipette the reac- 
tion mixture from the microwave reaction vessel to the separatory funnel. An 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 
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HOOD 


effervescent reaction will occur as the excess acetic acid is neutralized. After 
the effervescence has subsided, add water to dissolve any solids. Add 5 mL 
of diethyl ether and carefully cap and invert the funnel. Immediately vent the 
funnel by opening the stopcock. Close the stopcock, place the funnel back on 
the ring stand, and remove the stopper. Drain the lower (aqueous) layer into 
a 50-mL Erlenmeyer flask. Extract the crude organic layer with a further two 
5-mL portions of 10% sodium bicarbonate solution, followed by 5 mL of 
water. During each extraction, cap and invert the funnel several times releas- 
ing the pressure by opening the stopcock and then allow the funnel to stand 
so the layers will separate. Remove the lower (aqueous) layer after each ex- 
traction into the 50-mL Erlenmeyer flask. Save the aqueous waste until the 
experiment is complete and then discard as directed. Dry the organic layer by 
pipetting it into a clean 25-mL Erlenmeyer flask containing 200 mg of anhy- 
drous sodium sulfate. Transfer the anhydrous solution, using a Pasteur filter 
pipet, to a clean tared 10-mL pear-shaped flask containing a boiling stone. 
Remove the ether on a rotary evaporator or by evaporation in the hood using 
a gentle stream of nitrogen gas with warming in a sand bath. Next, attach the 
flask containing the crude ester residue to a Hickman still equipped with an 
air condenser and arrange in a sand bath for distillation. Cover the sand bath 
with aluminum foil during the procedure. 


Purification and Characterization. Distill the isopentyl acetate product 
at a sand bath temperature of 160-180 °C. As the material collects in the collar 
of the still, transfer it by Pasteur pipet (9 in.) to a tared 3-dram vial. 

Weigh the clear, viscous, pleasant-smelling isopentyl acetate, and calculate 
the percent yield. Determine the refractive index (optional) and boiling point, 
and compare your values with those found in the literature. 

Obtain an IR spectrum of the ester using the capillary film technique and 
compare it with that shown in Figure 6.23. 


Esterification by Use of Acidic Resins: 
Semimicroscale Preparations 


Modern synthetic reactions are making increased use of reagents that are het- 
erogeneous in character. The use of resins as the support material for reactive 
compounds has become very popular because of their ease of removal and reli- 
ability. In this experiment you will utilize one of the recent additions to the arse- 
nal of resin catalysts, Nafion 417. This catalyst is a powerfully acidic resin. It can 
approach the acidities of 100% sulfuric acid and of trifluoromethanesulfonic acid 
in trifluoroacetic anhydride solution. The “superacidity” of the sulfonic acid 
group in Nafion 417 is attributable to the electron-withdrawing ability of the 
perfluorocarbon backbone of the resin to which it is attached. 


—[CF,CF,], [CFCF,]— 
cen eee se 
cr, 
Nafion 417 resin with an equivalent weight of approximately 1200 contains 
tetrafluoroethylene (the monomer used to make Teflon) and perfluorovinyl 


ether units in a ratio of 7:1. These resins have been used successfully by Olah, 
as in this experiment, for the esterification of carboxylic acids.® 


Olah, G. A.; Keumi, T.; Meidar, D. Synthesis 1978, 929. 
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REACTION 
QO: QO: 
3 i) Nafion resin 417 VA 
R—CH,— OH + CH;— | CH;— Cc + H,O 
OH O=—CH=2 
Alcohol Acetic acid Ester 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 

















Physical Properties of Reactants 

Compound MW Amount mmol bp (°C) d Np 
1-Butanol 74 365 pL 4.0 118 0.810 1.3990 
Isopentyl alcohol 88 500 wL 4.6 132 0.81 1.4053 
1-Pentanol 88 500 pL 4.6 138 0.811 1.4090 
1-Hexanol 102 570 pL 4.55 156 0.814 1.4180 
1-Octanol 130 700 wL 4.45 196 0.827 1.4290 
Acetic acid 60 275 pL 4.8 116 1.049 = 1.3720 
Nafion 417 resin Equivalent weight 1100 1.5 X 0.5-cm strip 





Reagents and Equipment. In a5.0-mL conical vial containing a magnetic 
spin vane and equipped with a reflux condenser protected by a calcium chlo- 
ride drying tube, place the alcohol (see table for correct molar quantities for your 
particular alcohol), 275 wL (4.8 mmol) of glacial acetic acid, and a strip of 
Nafion 417 resin (1.5 X 0.5 cm). (If the strip of resin is placed so as to encircle 
the spin vane, mixing of the reaction solution is particularly effective.) 


NOTE. The Nafion 417 resin has a significant number of hydrophilic centers that 
function in exactly the same way as the silica gel does in Experiment [8B]. Thus, 
Nafion 417, in addition to functioning as an acid catalyst, also acts as a desic- 
cant, which helps to drive the esterification to completion by absorbing water as 
it is generated in the reaction. 


Reaction Conditions. The reaction mixture is heated with stirring at a sand 
bath temperature of 160-180 °C for 30 min. The mixture is then cooled to room 
temperature. 


Isolation of Product. Remove the Nafion strip and the spin vane (with for- 
ceps) from the cool reaction mixture and carefully (to avoid foaming) rinse 
them with 1 mL of 5% NaHCOs3. The rinse is added to the vial (to form a two- 
phase system) and swirled with the reaction mixture. The bicarbonate wash is 
then separated and the aqueous phase is transferred to a 10-mL Erlenmeyer 
flask for temporary storage. The reaction mixture is washed with a further 
1-mL portion of 5% NaHCO:, and then by two 1-mL distilled water washes 
(2 X 1 mL). All the aqueous washes are transferred to the storage Erlenmeyer. 
Dry the crude and wet reaction product by passing it down a Pasteur pipet 
containing a cotton plug and 1 g of anhydrous granular sodium sulfate 
(Na2SO,). Collect the product residue from the column ina tared 3-mL conical 
vial and weigh it to determine the crude yield. Obtain an IR spectrum and 
measure the refractive index (optional) of the crude material. Does the IR «{www 
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QUESTIONS 


spectrum indicate the presence of any unreacted starting material in the crude 
product? What would be the most likely contaminant? 


Purification and Characterization. A 25-L sample of the crude ester is 
purified by prep-GC (see GC conditions for each product mixture and Experi- 
ment [2] for details on the collection procedure). Following collection of the 
purified ester, obtain an IR spectrum and boiling point, and compare these with 
the data obtained on the crude residue. The ester is the first compound to elute 
from the column. It may be followed by a small amount of a second compo- 
nent. You can calculate the purity of the crude product by measuring the area 
under the two elution bands. (Only in the case of the butyl acetate synthesis 
does the workup procedure distort the apparent crude yields: Can you explain 
why this occurs?) If you want to identify the contaminant (second band) 
directly, it may be possible to also collect a second fraction from the GC if the 
contaminant comprises a reasonable fraction of the product mixture (5-10%). 
It may, however, require a second injection of 30-40 wL. 


Gas Chromatographic Conditions 





General 
Stainless steel columns in 8ft X jin. packed with 20% Carbowax 


Flow rates: 50 mL/min (He); sample size: 25 wL 

















Specific 
Ester 1 Ester 2 
Butyl acetate Pentyl acetate 
Column temperature: 120 °C Column temperature: 130 °C 
Retention time Retention time 
Ester: 8.5 min Ester: 8.5 min 
Impurity: 11 min Impurity: 11 min 
Ester 3 Ester 4 
Isopentyl acetate Hexyl acetate 
Column temperature: 140 °C Column temperature: 160 °C 
Retention time Retention time 
Ester: 6 min Ester: 10 min 
Impurity: 8 min Impurity: 12 min 
Ester 5 





Octyl acetate 
Column temperature: 185 °C 


Retention time 
Ester: 10 min 





Impurity: 13 min 








6-49. In the preparation of the esters given in this experiment, the reaction product was extracted with 5% sodium bicar- 
bonate solution (NaHCOs) in the isolation step. Why? What gas was evolved during this washing step? Write a 
balanced equation for the reaction that produced it. 


6-50. (a) Why is a large excess of acetic acid used in the preparation of isopentyl acetate? 
(b) Write a mechanism for the preparation of isopentyl acetate using isopentyl alcohol and acetic acid. 
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6-51. Concentrated sulfuric acid is used as a catalyst for the esterification of acetic acid in the preparation of isopentyl 
acetate. Why is the sulfuric acid needed if another acid, acetic acid, is already present? 


6-52. Fatty acids are long-chain carboxylic acids, usually of 12 or more carbon atoms, isolated from saponification of fats and 
oils (esters of glycerol). Draw the structure of each of the fatty acids named below and also determine its common name: 
(a) Hexadecanoic acid (Z)-9-octadecenoic acid 
(b) Octadecanoic acid (Z,Z)-9,12-octadecadienoic acid 


6-53. Write a mechanism for the acid-catalyzed transesterification reaction of ethyl acetate with 1-butanol, which gives 
butyl acetate. 


6-54. In the infrared spectra of acetates, two intense bands are usually observed in the 1270- to 1000-wavenumber region. 
These peaks are related to the stretching vibrations of the two C—O bonds of the ester group. Should we expect to 
be able to assign the C—O bonds to individual peaks, and if so, which mode is associated with which band? Why? 
(Hint: The peak that occurs at higher wavenumbers is consistently close to 1250 cm‘) 
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The E1 Elimination Reaction: Dehydration 
of 2-Butanol to Yield 1-Butene, 
trans-2-Butene, and cis-2-Butene 


Common name: 1-butene 
CA number: [06-98-9] 
CA name as indexed: 1-butene 


Common name: trans-2-butene 
CA number: [624-64-6] 
CA name as indexed: 2-butene, (E)- 


Common name: cis-2-butene 
CA number: [590-18-1] 
CA name as indexed: 2-butene, (Z)- 


Purpose. This experiment illustrates the variety of pathways that are avail- 
able to acid-catalyzed elimination reactions of secondary (2°) alcohols via car- 
bocation intermediates. The dehydration of 2-butanol forms a mixture of 
gaseous alkene products. The alkenes formed in this reaction are separated 
and identified by using one of the most powerful instrumental techniques 
available to the modern research chemist for the separation of complex mix- 
tures: gas chromatography (GC). 
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THE DEVELOPMENT OF 
CARBOCATION THEORY 


The dehydration reaction that you are about to study is representative of the 
large collection of reactions that are classified as E1 elimination reactions. 
These reactions all form an intermediate in which one of the carbon atoms 
bears, if not a full positive charge, at least a significant fractional positive 
charge. It is this fleeting, high-energy intermediate, an aliphatic carbocation, 
that makes these reactions so interesting. 

The development of bonding theory in organic chemistry during the 
late nineteenth and early twentieth centuries did not accept the existence 
of carbocations, except in a few esoteric instances. This position was 
reasonable because aliphatic compounds show little ionic character. The 
first proposal that these nonpolar substances might actually form cations 
came from Julius Stieglitz (1867-1937), of the University of Chicago, in a 
paper published in 1899. Eight years later, James F. Norris (1871-1940) at 
Massachusetts Institute of Technology produced compelling evidence that 
these substances might be intermediates in reactions of certain tert-butyl 
halides. 

These two papers were the origin of the concept that organic carbon 
cations, which in those days became known as carbonium ions, were far more 
widespread in organic reactions than previously anticipated. Indeed, these 
early investigations caused more controversy and more experimental work to 
unambiguously prove the existence of what are now called carbocations than 
any other single problem in American chemistry. 

It was, however, the English chemists Arthur Lapworth, Sir Robert Robinson, 
C.K. Ingold (University of London), and E. D. Hughes who, from 1920 to 1940, 
undertook a massive effort to develop the experimental and theoretical data to 
place these early postulates on a solid scientific foundation. Between 1920 and 
1922, Hans Meerwein in Bonn, Germany, demonstrated that carbon re- 
arrangements in the camphene series could be best explained by postulating 
the presence of carbocation intermediates. Perhaps the most important contri- 
bution to the entire subject was published in 1932 by Frank C. Whitmore of 
Pennsylvania State College, where he was Dean of the School of Chemistry 
and Physics. His paper, “The Common Basis of Intramolecular Rearrange- 
ments,” brought together a vast array of data in a beautifully consistent inter- 
pretation that essentially cemented the carbocation into contemporary organic 
chemical theory. 

A reaction not too distant (in fact, rather close if you overheat your 
own!) from the one that is to be carried out below, but one that also in- 
cluded a rearrangement along with the dehydration, was studied by 
Dorothy Bateman and C. S. “Speed” Marvel at the University of Illinois as 
early as 1927. 

Within 2 years of the publication of the Whitmore paper, Robinson pro- 
posed the formation of the steroids (including cholesterol) from squalene 
(a C39 polyunsaturated polyisoprene molecule) via an incredible series of 
intermediates and rearrangements. Later, following the elucidation of the 
structure of lanosterol, R. B. Woodward and K. Bloch made a brilliant pro- 
posal that at once rationalized the biosynthetic origin of both lanosterol and 
cholesterol and implicated lanosterol as an intermediate in cholesterol 
biosynthesis. Their mechanism involved the concerted (bonds made and bro- 
ken simultaneously) cyclization of four rings, as well as four rearrangements 
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following the generation of the initial carbocation intermediate, to ulti- 
mately yield lanosterol.” 

The elucidation of these biochemical pathways is further evidence of the 
major impact that our understanding of carbocation chemistry has had on 
related fields, such as biochemistry. 





Squalene 


| 


HO 
HO 
Lanosterol Cholesterol 


Prior Reading 


Technique 1: Gas Chromatography (pp. 55-61) 
Technique 7: Collection or Control of Gaseous Products (pp. 105-107) 








REACTION 
H H 
‘ / 
7 =C 
H CH,— CH, 1-Butene 
OH H H,C CH, 
| H,SO, \ / 
CH,—C Cc H, H,O + S re cis-2-Butene 
oon i § 
2-Butanol H.C H 
2 \ / trans-2-Butene 
C=C 
/ \ 
H CH, 


Stieglitz, J. Am. Chem. J. 1899, 21, 101. Norris, J. F. Am. Chem. J. 1907, 38, 627. Meerwein, H.; 
van Emster, K. Berichte 1922, 55, 2500. Whitmore, F. C. J. Am. Chem. Soc. 1932, 54, 3274. Bate- 
man, D. E.; Marvel, C. S. J. Am. Chem. Soc. 1927, 49, 2914. Robinson, R. Chem. Ind. 1934, 53, 1062. 
Woodward, R. B.; Bloch, K. J. Am. Chem. Soc. 1953, 75, 2023. See also: Tarbell, D. S.; Tarbell, T. The 
History of Organic Chemistry in the United States, 1875-1955; Folio: Nashville, TN, 1986. 
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DISCUSSION 


The formation of an alkene (or alkyne) frequently involves loss of a proton and 
a leaving group from adjacent carbon atoms. The generalized reaction scheme 
is shown below. 





Such a reaction is called an elimination reaction, because a small molecule 
(HL) is eliminated from the organic molecule. If the molecule eliminated is 
water, the reaction may also be referred to as a dehydration. One of the com- 
mon synthetic routes to alkenes is the dehydration of an alcohol. 

Dehydration of alcohols is an acid-catalyzed elimination reaction. Experi- 
mental evidence shows that alcohols react in the order tertiary (3°) > second- 
ary (2°) > primary (1°); this reactivity relates directly to the stability of the 
carbocation intermediate formed in the reaction. Generally, sulfuric or phos- 
phoric acid is used as the catalyst in the research laboratory. A Lewis acid, such 
as aluminum oxide or silica gel, is usually the catalyst of choice at the fairly 
high temperatures used in industrial scale reactions. 

The mechanism for this reaction is classified as E1 (elimination, unimole- 
cular). The elimination, or dehydration reaction, proceeds in several steps: 


H 
cau +OH H 
| | 2c] | 
CH,—C—C—CH, + H,SO, == H,C ‘ : CH, + HSO; 








H H H H 
Alcohol Oxonium ion 


H,C=CHCH,CH, | (a) 





(a)_ 5H H 
Alkene H,O or HSO, fe fy | 
H;C CH, | #1] 
\ ri H H_H 
p ae (b) 3 Carbocation 
HO, + H H 
or H,O* H,C H (b) 
x / 
C=C 
/ ae 
H CH, 
Alkenes 





The first step (1) involves the very rapid, though reversible, protonation of 
the oxygen atom of the alcohol to form an oxonium ion (an oxygen cation with 
a full octet of electrons). This protonation step is important because it pro- 
duces a good leaving group, water. Without acid, the only available leaving 
group is hydroxide ion (HO) which, as a strong base, is a poor leaving group. 
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This finding is the reason why acid plays such an important role in the mech- 
anism of this dehydration. The second step (2) of the reaction is the dissocia- 
tion of the oxonium ion to form an intermediate carbocation and water. This 
step is the rate-determining (and therefore the slowest) step of the reaction. In 
the third step (3), the carbocation is deprotonated by a ubiquitous water mol- 
ecule (or other base, such as bisulfate ion, present in the system) in another 
rapid equilibration. The carbocation gains stability (lower energy) by releasing 
a proton (H*) froma carbon atom adjacent («) to the carbocation (route (a) or 
(b) shown) to the attacking base. Thus, in step 4 the catalyst is regenerated as 
a protonated molecule of water (H3O0*), and the electron pair, previously com- 
prising the C—H bond adjacent to the carbocation, flows toward the positive 
charge, generating a stable and neutral alkene. A variety of isomeric products 
may be formed, since different protons adjacent to the carbocation may be 
removed, and different conformations of the intermediate carbocation are also 
possible (see routes (a) and (b) above and further discussion below). 

E1 elimination reactions, as we have just seen, involve equilibrium condi- 
tions and, thus, to maximize the yield (drive the reaction to completion), the 
alkene is usually removed from the reaction while it is in progress. A conven- 
ient technique for accomplishing this task is distillation, which is often used 
because alkenes always have a lower boiling point than the corresponding 
alcohol. In the present reaction, the alkenes are gases and, therefore, are easily 
removed and collected as described in the experimental section. 

Many 1° (primary) alcohols also undergo dehydration, but usually by a dif- 
ferent route, the E2 (elimination, bimolecular) mechanism. This step is gov- 
erned mainly by the fact that the 1° carbocation that would be required in an 
E1 process is a relatively unstable (very high energy) intermediate. In this case, 
attack by the base occurs directly on the oxonium ion: 


H,SO, 








CH,CH,CH,OH CH,CH,CH,OH, + HSO, 


Oxonium ion 


H 





| + 
a ae FZ CH, COH, ==" CH,CH=CH, + H,SO, + HO 
H 


Oxonium ion 


E1 elimination is usually accompanied by a competing Sy1 substitution 
reaction that involves the same carbocation intermediate. Since both reaction 
mechanisms are reversible in this case, and since the alkene product gases are 
easily removed from the reaction, the competing substitution reaction (which 
predominantly regenerates the starting alcohol by attack of water, as a nucle- 
ophile, at the carbocation) is not troublesome and the equilibrium eventually 
leads to gas evolution. 

As discussed earlier, many alcohols can dehydrate to yield more than 
one isomeric alkene. In the present reaction involving the dehydration of 
2-butanol, at least three alkenes are usually formed—1-butene, trans-2- 
butene, and cis-2-butene: 


H OH 
Sf | | | 
H3C wexee H* FCT as Oe? a ae a 
fy of * as vane | | re | i 
H HH H H H H H H H HC H H 
1-Butene trans-2-Butene cis-2-Butene 


—p— CONFIRMING PAGES ~~ «eg aptara 





JWCL196_c06_188-254.qxd 


11/17/09 


1:32 PM Page 214 


—e— 


214 CHAPTER 6 Microscale Organic Laboratory Experiments 


We would expect the alkene generated in the largest amount to be the one 
possessing the highest degree of substitution, since it is the most stable prod- 
uct (lowest energy). This is exactly what is observed: more than 90% of the 
products are isomers of 2-butene. Because trans alkenes are thermodynami- 
cally more stable than their cis counterparts, and since the reaction is re- 
versible, one might expect the dominant isomer in the 2-butene mixture to be 
trans. Indeed, nearly twice as much trans as cis isomer is formed. An empirical 
rule, originally formulated by the Russian chemist Alexander Zaitsev (or 
Saytzeff), for base-catalyzed E2 eliminations states that the alkene with the 
largest number of alkyl substituents on the double bond will be the major 
product. This rule can also correctly predict the relative ratio of substituted 
alkenes to be expected from a given E1 elimination reaction, and it obviously 
applies in the case of 2-butanol. 

Rearrangements of alkyl groups (such as methide, ~:CH; and ethide, 
~:CH»CHs) and hydrogen (as hydride, :H~) are often observed during the 
dehydration of alcohols, especially in the presence of very strong acid where 
carbocations can exist for longer periods of time. For example, when 
3,3-dimethyl-2-butanol is treated with sulfuric acid, the elimination reaction 
yields the mixture of alkenes shown below. Can you predict which alkene is 
the principal product? 











CH, CH, 
| H,SO, | 
CH,—C—CH—CH, ore Oe 
H,C -OH H,C ‘OH, 
CH, methide Hi 
CH,—C i CH, Sh cH. —¢C—CH H 
3 3 ~ 3 
PX pry 
H,C H CH, 4H 
3° Carbocation 2° Carbocation 
|| Hs0, || Hs0, 
HEC, as Os 
C=C + H0, ee ee 
H3C CH, CH, + H,SO, 


2,3-Dimethyl-2-butene 3,3-Dimethyl-1-butene 

Reactions carried out under these conditions are very susceptible to alkide 
or hydride shifts if a more stable carbocation intermediate can be formed. In 
the example above, a 2° carbocation rearranges into the more stable 3° carbo- 
cation. This intramolecular rearrangement involves the transfer of an entire 
alkyl group (in this case a methyl substituent), together with its bonding pair 
of electrons, to an adjacent carbon atom. This migration, or shift, of the methyl 
group to an adjacent carbocation is called a 1,2-methide shift. It commonly oc- 
curs in aliphatic systems involving carbocation intermediates that have alkyl 
substituents adjacent to the cation. Hydride shifts are also frequently observed 
and actually appear in a wider range of molecules. 
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EXPERIMENTAL PROCEDURE 
Estimated time to complete the experiment: 2 h. 


NOTE. Staggering the starting times of the reaction will allow more students easier 
access to the GC instrument when the product gases are analyzed. 





Physical Properties of Reactants 





Compound MW Amount mmol _ bp (°C) d Np 


2-Butanol 74.12 100 pL 1.1 99.5 0.81 1.3978 
Concd sulfuric acid 98.08 50 pL 














Reagents and Equipment. Assemble the gas collection apparatus shown in 
the figure before the reactants are mixed (»). 

The capacity of the gas collection reservoir is determined by the following 
procedure. Seal the collection tube with a septum cap and invert it. Then add 
3.0 mL of water and mark the 3.0-mL level. Finally, add an additional 1.0 mL, 
and also mark the 4.0-mL level. 


NOTE. Use of a Teflon-lined septum cap on the gas collection reservoir is neces- 
sary to prevent loss of the collected butene gases by permeation. 


To position the gas collection reservoir, carry out the following steps: (1) fill 
the reservoir with water; (2) place your finger (index finger is usually used) 
over the open end of the reservoir; (3) invert it; (4) place it, with the open end 
down, into a beaker (250 mL) filled with water. When your finger is removed, 
the column of water should remain in the reservoir. 

Place 100 wL (81 mg, 1.1 mmol) of 2-butanol and 50 wL of concentrated sul- 
furic acid in a clean, dry, 1.0-mL conical vial containing a magnetic spin vane. 





CAUTION: Sulfuric acid is a strong, corrosive material. Contact with 
the skin or eyes can cause severe burns. It is best to dispense the reac- 
tants using automatic delivery pipets. 





Cap-seal the 1-mL vial to the gas delivery tube and position the tube un- 
der water into the open end of the gas collection reservoir as shown in the fig- 
ure. Clamp the reservoir in place. 


Reaction Conditions. Heat the reaction mixture, with gentle stirring, using 
a sand bath until the evolution of gas takes place (sand bath temperature 
~110-120 °C). The mixture should be warmed slowly through the upper tem- 
perature range to prevent foaming. 


Isolation of Product. Collect about 3-4 mL of gas in the collection reser- 
voir. Remove the gas delivery tube from the gas collection reservoir, and then 
from the water bath, before removing the reaction vial from the heat. Use this 
sequence of steps in shutting down the reaction to prevent water from being 
sucked back into the hot reaction flask while it is cooling down. 









160 °C 
thermometer 











2-Butanel, 190 pl, + 
concd H;50,, 50 wl 
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QUESTIONS 





CAUTION: | If water is drawn back into hot concentrated sulfuric acid, 
a very dangerous situation can occur, particularly if larger quantities of 
the reagents than recommended above are used in the experiment. 





NOTE. Do not remove the gas collection reservoir from the water bath. The beaker 
containing the reservoir is carried to the gas chromatograph for analysis of the col- 
lected gas. 


With the aid of a gas-tight syringe, withdraw a 0.5-cm? sample through 
the rubber septum for GC analysis («). 


Purification and Characterization. Analyze the collected gas by GC 
without further purification. 


Gas Chromatographic Conditions 

Column: 0.25 in. x 8 ft packed with 20% silicone DC 710 
Room temperature 

Flow rate: 20 mL/min (He gas) 

Sample size: 0.5 cm? of collected gas 


Record the literature values of the physical properties of the products. 

The butanes have been determined to elute from the DC 710 column in 
the following order: 1-butene, trans-2-butene, and cis-2-butene. If the reaction 
mixture is heated above the recommended temperatures, a rearrangement can occur 
to yield isobutene, which will be detected as an additional isomeric product. 

If we make the assumption that the amount of each substance in the 
gaseous mixture is proportional to the area under its corresponding GC peak, 
determining the relative amounts of the three components of the gas sample 
becomes a straightforward calculation. The accuracy is, of course, dependent 
on how well the three peaks are resolved in the gas chromatogram. 


NOTE. In calculating relative quantities of alkenes formed in the reaction, several 
techniques may be used to quantitatively determine the composition of the gas mix- 
ture if an integrating recorder is not available. Two methods are described here: 


1. Determination of the areas under the peaks gives reproducible results of 
+3-4% when these areas are assumed equal to the peak heights (mm) X the peak 
widths at half-height (mm), measured from the baseline of the curve. 


2. An other way to determine the areas under the peaks is to cut out the peaks 
from the chromatogram and weigh them on an analytical balance (sensitivity 
to 0.1 mg). The weights of the peaks are directly proportional to the relative 
amount of each compound in the gas sample.'° 


6-55. Gas chromatographic analysis of a mixture of organic compounds gave the following peak areas (cm’): hexane = 2.7, 
heptane = 1.6, hexanol = 1.8, and toluene = 0.5. 
(a) Calculate the mole percent composition of the mixture. Assume that the response of the detector (area per mole) 
is the same for each component. 
(b) Calculate the weight percent composition of the mixture, using the same assumptions as in (a). 


See Pecsok, R. L. Principles and Practices of Gas Chromatography; Wiley: New York, 1961; p. 145. 
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6-56. At the end of the experiment we note that if the mixture is heated strongly, rearrangement can occur and isobutene 
(2-methyl-2-propene) is also formed. Suggest a mechanism to account for the formation of this compound. 


6-57. When tert-pentyl bromide is treated with 80% ethanol, the following amounts of alkene products are detected on 





analysis: 
CH, 
CH,CH, bpp CHLOH 80%) , CH,CH=C(CH,), + CH,CH,C=CH, 
bu, I nd, 
(32%) (8%) 


tert-Pentyl alcohol 
tert-Pentyl ethy] ether 


(60%) 
Offer an explanation of why compound I is formed in far greater amount than the terminal alkene. 


6-58. The —*SR, group is easily removed in elimination reactions, but the —SR group is not. Explain. 
6-59. Why is sulfuric acid, rather than hydrochloric acid, used to catalyze the dehydration of alcohols? 


Several dehydration reactions of secondary alcohols using 
sulfuric acid as the catalyst are given in Organic Syntheses: 


Adkins, H.; Zartman, W. Organic Syntheses; Wiley: New York, 
1943; Collect. Vol. IL, p. 606. 

Bruce, W. F. Organic Syntheses; Wiley: New York, 1943; Collect. 
Vol. I, p. 12. 

Coleman, G. H.; Johnstone, H. F. Organic Syntheses; Wiley: New 
York, 1941; Collect.Vol. I, p. 183. 

Grummitt, O.; Becker, E. I. Organic Syntheses; Wiley: New York, 
1963; Collect. Vol. IV, p. 771. 

Norris J. F. Organic Syntheses; Wiley: New York, 1941; Collect. 
Vol. I, p. 430. 

Wiley, R. H.; Waddey, W. E. Organic Syntheses; Wiley: New York, 
1955; Collect. Vol. IT, p. 560. 


The E2 Elimination Reaction: 


BIBLIOGRAPHY 


For an overview of elimination reactions: 


March, J. Advanced Organic Chemistry, 4th ed.; Wiley: New York, 
1992, p. 982. 

Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed.; 
Wiley: New York, 2007, Chap 17. 


For details on carbonium ion formation: 


Olah, G. A.; Schleyer, P. von R., Eds. Carbonium Ions; Wiley: New 
York, Vol. 1, 1968; Vol. I, 1970; Vol. III, 1972. 

Olah, G. A.; Prakash, G. K. S. Carbocation Chemistry; Wiley: New 
York, 2004. 

Experiment [9] is adapted from the method given by: Helmkamp, 


G. K,; Johnson, H. W. Jr. Selected Experiments in Organic 
Chemistry, 3rd ed.; W. H. Freeman: New York, 1983; p. 99. 


Dehydrohalogenation of 2-Bromobutane 
to Yield 1-Butene, trans-2-Butene, 


and cis-2-Butene 


Common name: 1-butene 

CA number: [06-98-9] 

CA name as indexed: 1-butene 
Common name: trans-2-butene 

CA number: [624-64-6] 

CA name as indexed: 2-butene, (E)- 
Common name: cis-2-butene 

CA number: [590-18-1] 

CA name as indexed: 2-butene, (Z)- 
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Purpose. This reaction illustrates the base-induced dehydrohalogenation 
of alkyl halides with strong base and is used extensively for the preparation 
of alkenes. The stereo- and regiochemical effects of the size of the base 
is investigated, and the product mixture is analyzed by the use of gas 
chromatography. 


Prior Reading 


Technique 1: Gas Chromatography (pp. 55-61) 
Technique 7: Collection or Control of Gaseous Products (pp. 105-107) 


REACTION 
H H 
\ f 
C=C 
a \ 
H CH,—CH, 
1-Butene 
Br Hi H,C CH: 
| | M*-OR ‘ / 
a —CH3 ~RoH ss act + ROH + Br- 
H H H H 
cis-2-Butene 
H,C H 
‘ if 
C=C 
Z 
H CH, 
trans-2-Butene 
DISCUSSION 


Base-induced elimination (dehydrohalogenation) of alkyl halides is a general 
reaction and is an excellent method for preparing alkenes. This process is 
often referred to as B elimination, since a hydrogen atom is always removed B 
to the halide (leaving group): 





A high concentration of a strong base in a relatively nonpolar solvent is 
used to carry out the dehydrohalogenation reaction. Such combinations as 
sodium methoxide in methanol, sodium ethoxide in ethanol, potassium 
isopropoxide in isopropanol, and potassium tert-butoxide in tert-butanol or 
dimethyl sulfoxide (DMSO) are often used. 

Elimination reactions almost always yield an isomeric mixture of alkenes, 
where this is possible. Under the reaction conditions, the elimination is regio- 
selective and follows the Zaitsev rule when more than one route is available for 
the elimination of HX from an unsymmetrical alkyl halide. That is, the reaction 
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proceeds in the direction that yields the most highly substituted alkene. For 





example, 
CH, H H,C CH CH, H 
3 3 
fel: oe oe a = Pac er ee 
> — —— ——('— 
3 | 3. HOC,H; / 2 l 3 
Br CH, HC CH, CH; 
2-Bromo- 2,3-Dimethyl- 2,3-Dimethyl- 
2,3-dimethylbutane 2-butene 1-butene 
(major product) (minor product) 


In cases where cis or trans alkenes can be formed, the reaction exhibits 
stereo-selectivity, and the more stable trans isomer is the major product. 


CH;CH, —_CH,CH,CH; 





r C=C 
/ \ 
H H 
K*,-OC,H, cis-3-Heptene (22%) 
a —HocH, | ‘ 
aa CH,CH, H 
4-Bromoheptane \ 
=< C=C 
X 
H CH,CH,CH, 


trans-3-Heptene (78%) 


Experimental evidence indicates that the five atoms involved in the E2 elim- 
ination reaction must lie in the same plane; the anti-periplanar conformation is 
preferred. This conformation is necessary for the orbital overlap that must occur 
for the 7 bond to be generated in the alkene. The sp*-hybridized atomic orbitals 
on carbon that comprise the C—H and C—X o bonds broken in the reaction 
develop into the p orbitals comprising the 7 bond of the alkene formed: 


B: 


Vv 


Aw 


mG = 


ae 





Gx 


Anti-periplanar conformation 


There is a smooth transition between reactant and product. Analogous to 
the 5,2 reaction, no intermediate has been isolated or detected. Furthermore, 
no rearrangements occur under E2 conditions. This situation is in marked 
contrast to E1 elimination reactions, where carbocation intermediates are gen- 
erated and rearrangements are frequently observed (see Experiment [9]). 

The alkyl halide adopts the anti-periplanar conformation in the transition 
state, and experimental evidence demonstrates that if the size of the base is 
increased, then it must be difficult for the large base to abstract an internal 
B-hydrogen atom. In such cases, the base removes a less hindered B-hydrogen 
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atom, leading to a predominance of the thermodynamically less stable 
(terminal) alkene in the product mixture. This type of result is often referred 
to as anti-Zaitsev or Hofmann elimination. Thus, in the reaction of 
2-bromo-2,3-dimethylbutane given above, the 2,3-dimethyl-1-butene would 
be the major product (anti-Zaitsev) if the conditions used a bulkier base. The 
anti-periplanar arrangements are illustrated in the Newman projections 
below. 








Vv Vv 
H H 
H,C CH, H,C CH(CH,), 
H,C CH, H H 
GBr GBr 
Zaitsev product Anti-Zaitsev product 
internal alkene terminal alkene 


Two anti-periplanar conformations 
of 2-bromo-2,3-dimethylbutane 


Dehydrohalogenation of alkyl halides in the presence of strong base (E2) 
is often accompanied by the formation of substitution (S\2) products. The ex- 
tent of the competitive substitution reaction depends on the structure of the 
alkyl halide. Primary alkyl halides give predominantly substitution products 
(the corresponding ether), secondary alkyl halides give predominantly 
elimination products, and tertiary alkyl halides give exclusively elimination 
products. For example, the reaction of 2-bromopropane with sodium ethoxide 
proceeds as follows: 


_ thanol 
CHCHCH, + CH,CH,O-, Na* —0> CH,CHCH, + CH,CH=CH, 
Br OCH,CH, 
2-Bromopropane Sodium Ethyl] isopropyl Propene 
ethoxide ether (21%) (79%) 


In general, for the reaction of alkyl halides with strong base, 


1 2° 3° 


ease of 5,2 reaction 
< 





ease of E2 reaction 


EXPERIMENTAL PROCEDURE 


Estimated time of experiment: 2.5 h, if two reactions are run by each student. 
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Physical Properties of Reactants 
Compound MW Amount mmol bp (°C) d Np 
2-Bromobutane 137.03 100 pL 0.92 91.2 1.26 1.4366 
Methanol 32.04 3.5 mL 64.9 0.791 1.3288 
2-Propanol 60.09 3.5 mL 82.4 0.785 1.3776 
2-Methyl-2-propanol 74.12 3.5 mL 82-83 0.786 1.3838 
(tert-butanol) 

3-Ethyl-3-pentanol 116.20 3.5 mL 140-142 0.839 1.4266 
Sodium 22.98 60 mg 2.6 883 0.97 
Potassium 39.10 60mg 1.5 760 0.86 

Table 6.5 Reagent Combinations 

Alcohol Solvent Metal Alkoxide Base Produced 

Methanol Sodium Sodium methoxide 

2-Propanol Potassium Potassium 2-propoxide 

2-Methyl-2-propanol Potassium Potassium 2-methyl-2-propoxide 

(tert-butanol) (potassium tert-butoxide) 
3-Ethyl-3-pentanol Potassium Potassium 3-ethyl-3-pentoxide 











Reagents and Equipment. The combinations of reagents in Table 6.5 may 
be used to prepare the alkoxide base. Students should compare results to ob- 
serve a total picture of the effect. 


Preparation of the Alkoxide Base. Measure and add to a 5.0-mL conical 
vial containing a magnetic spin vane 3-3.5 mL of the anhydrous alcohol to be 
used (see Table 6.5). Add a 60-mg piece of potassium (or sodium) metal and 
immediately attach the vial to a reflux condenser protected by a calcium chlo- 
ride drying tube. Place the arrangement in a sand bath and with stirring heat 
the mixture gently (~50 °C) (#). 


Clamp 


Clamp 






Thermometer 
14/10F and threaded 
compression cap 
3- of S-mL 
conical vial 








Crystallizing 
dish 


Magnetic 


Sand spin vane 


Assembly for preparation 
of alkoxide base 


NOTE. If the sodium/methanol combination is used, it is not necessary to heat the 
mixture. A fairly vigorous reaction occurs at room temperature. It is recommended 
that the instructor cut the Na/K metal before commencing the laboratory. 
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HOOD 


Sand 









CAUTION: Handle sodium and potassium with care. These metals 
react vigorously with moisture and are kept under paraffin oil or xylene. 
Remove the small piece of the metal from the oil using a pair of forceps 
or tongs—never use your fingers! Dry the metal quickly by pressing it 
with filter paper (to soak up the oil), and immediately add it to the alco- 
hol in the reaction vial. Any residual pieces of sodium/potassium should 
be stored in a bottle marked “sodium/ potassium residues.” Never throw 
small pieces of these metals in the sink or in water. To destroy, in the 
hood, add small amounts of the metal to absolute ethanol. 





When all the metal has reacted, remove the assembly from the sand bath 
and cool to near room temperature (do not remove the drying tube.). 














Table 6.6 Temperature Conditions 
Base Temperature (°C) 
NaOCH3 100-110 
KOCH(CHs3)o 130-140 
KOC(CHs)3 140-150 
KOC(CH,CHs3)s3 175-180 








Reaction Conditions. Remove the drying tube from the condenser and use 
a calibrated Pasteur pipet to introduce 100 wL of 2-bromobutane down 
through the condenser into the vial. Replace the drying tube and place the 
assembly in the preheated sand bath (see Table 6.6). Remove the drying tube 
and attach the gas delivery tube to the top of the condenser so that the open 
end of the tube is beneath the water level of the reservoir (#). If the connec- 
tion to the top of the condenser is not made with an O-ring cap seal connec- 
tion, lightly grease the ground-glass joint to insure a gas-tight seal. After 
about 10-15 air bubbles emerge, place the water-filled gas collection tube over 
the open end of the gas delivery tube. 


Capillary gas 
delivery tube 


Gas delivery 
tube 


100 mL 
beaker 


Water 


14/10¥ and threaded 
compression cap 

3- of S—-mL 

conical vial 

Magnetic Arrangement for gas collection 

spin vane 





Assembly for gas delivery 
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Isolation of Product. Collect about 6-7 mL of gas in the collection reservoir 
and then use a hypodermic syringe to withdraw a 0.7- to 0.8-mL sample 
through the rubber septum for GC analysis. 


NOTE. Remove the gas delivery tube from the collecting reservoir and then from 
the water before discontinuing the heat on the reaction vial. This order of events 
prevents water from being sucked back into the reaction flask. 


Purification and Characterization. The collected gas is analyzed by gas 
chromatography without further purification. 

Gas Chromatographic Conditions 

Column: jin. X 8 ft packed with 20% DC 710 

Room temperature 

Flow rate (He gas): 30 mL/min 

Sample size: 0.7—-0.8 mL of collected gas 

Chart speed: 1 cm/min 

Assuming that the amount of each substance in the gas is proportional to 


the areas of its corresponding peak, determine the ratio of the three compo- 
nents in the gas sample. 


Area Under a Curve. Several techniques may be used. The following method 
gives reproducible results of +3-4%: Area = peak height (mm) X width at half- 


223 


height (mm), measured from the baseline of the curve. 
The order of elution of the butenes is 1-butene, trans-2-butene, and cis-2- 
butene. Record the literature values of their physical properties. 


6-60. 


6-61. 


6-62. 


6-63. 


6-64. 


6-65. 


QUESTIONS 


Outline a complete mechanistic sequence for the reaction of 2-bromobutane with potassium 2-methyl-2-propoxide 
in 2-methyl-2-propanol solvent to form the three alkenes generated in the reaction (1-butene, trans-2-butene, and 
cis-2-butene). Include a clear drawing of the anti-periplanar transition state for the formation of each alkene. 

Does the mixture of gases collected in this experiment consist only of alkenes? If not, what other gases might be 
present? 

Predict the predominant alkene product that would form when 2-bromo-2-methylpentane is treated with sodium 
methoxide in methanol. If the base were changed to KOC(CH,CHs3)3 would the same alkene predominate? If not, 
why? What would be the structure of this alternate product, if it formed? 

Predict the more stable alkene of each of the following pairs: 

(a) 1-Hexene or trans-3-hexene 

(b) trans-3-Hexene or cis-3-hexene 

(c) 2-Methyl-2-hexene or 2,3-dimethyl-2-pentene 

Starting with the appropriate alkyl halide and base-solvent combination, outline a synthesis that would yield each 
of the following alkenes as the major or only product: 

(a) 1-Butene 

(b) 3-Methyl-1-butene 

(c) 2,3-Dimethyl-1-butene 

(d) 4-Methylcyclohexene 

When cis-1-bromo-4-tert-butylcyclohexane reacts with sodium ethoxide in ethanol, it reacts rapidly to yield 4-tert- 
butylcyclohexene. Under similar conditions, trans-1-bromo-4-tert-butylcyclohexane reacts very slowly. Using 
conformational structures, explain the difference in reactivity of these cis—trans isomers. 
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BIBLIOGRAPHY 

Several dehydrohalogenation reactions of alkyl halides using For an overview of elimination reactions: 

alkoxide bases are given in Organic Syntheses: March, J. Advanced Organic Chemistry, 4th ed.; Wiley: New York, 
Allen, C. F.; Kalm, M. J. Organic Syntheses; Wiley: New York, 1963; 1992, p. 982. 


Collect. Vol. IV, p. 398. 


Smith M. B.; March, J. Advanced Organic Chemistry, 6th ed.; 


McElvain, S. M.; Kundiger, D. Organic Syntheses; Wiley: New Wiley: New York, 2007, Chap. 17. 


York, 1955; Collect. Vol. II, p. 506. 


Paquette, L. A.; Barrett, J. H. Organic Syntheses; Wiley: New 


York, 1973; Collect. Vol. V, p. 467. 


Experiment [10] is adapted from the method given by: 
Leone, S. A.; Davis, J. D. J. Chem. Educ. 1992, 69, A175. 


Schaefer, J. P.; Endres, L. Organic Syntheses; Wiley: New York, 


1973; Collect. Vol. V, p. 285. 


The Isolation of Natural Products 


These experiments are designed to acquaint you with the procedures used to iso- 
late naturally occurring and often biologically active organic compounds. These 
substances are known as natural products because they are produced by living 
systems. The particular natural products you are going to study come from the 
plant kingdom. At the end of the nineteenth century more than 80% of all medi- 
cines in the Western world were natural substances found in roots, barks, and 
leaves. There was a widespread belief at that time that in plants there existed cures 
for all diseases. As Kipling wrote, “Anything green that grew out of the mold/ 
Was an excellent herb to our fathers of old.” Even as the power of synthetic or- 
ganic chemistry has grown during this century, natural materials still constitute a 
significant fraction of the drugs used in modern medicine. For example, in the 
mid-1960s when approximately 300 million new prescriptions were written each 
year, nearly half were for substances of natural origin. These materials have played 
a major role in successfully combating the worst of human illnesses, from malaria 
to high blood pressure; diseases that affect hundreds of millions of people. 

Unfortunately, during the latter half of this century a number of very pow- 
erful natural products that subtly alter the chemistry of the brain have been 
used in vast quantities by our society. The ultimate impact on civilization is of 
grave concern. Evidence clearly demonstrates that these natural substances 
disrupt the exceedingly complex and delicate balance of biochemical reactions 
that lead to normal human consciousness. How well the brain is able to repair 
the damage from repetitive exposure is unknown. We are currently conducting 
experiments to answer that question. 

The natural products that you may isolate in the following experiments 
include a bright-yellow crystalline antibiotic (Experiment [11A]), a white crys- 
talline alkaloid that acts as a stimulant in humans (Experiment [11B]), and an 
oily material with a pleasant odor and taste (Experiment [11C]). 


Isolation and Characterization of an Optically Active 
Natural Product: Usnic Acid 
Common name: usnic acid 
CA number: [7562-61-0] 
CA name as indexed: 1,3(2H,9bH)-dibenzofurandione, 2,6-diacetyl-7, 
9-dihydroxy-8,9b-dimethyl- 


Purpose. In this exercise you will extract the active principle, usnic acid, from 
one of the lichens that produce it. Usnic acid is a metabolite found in a variety 
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of lichens. For this experiment we utilize a local (in Maine) species of lichen, 
Usnea hirta (often referred to as old-man’s beard), which is a fruticose lichen (a 
lichen that possesses erect, hanging, or branched structures). The extraction 
technique illustrated here is often used to isolate natural products from their 
native sources (see also Experiment [11B], on page 229, for another extraction 
strategy). Because usnic acid possesses a single chiral center (stereocenter) 
and only one of the enantiomers is produced in old-man’s beard, this experi- 
ment also functions as an introduction to the methods used to measure the 
specific rotation of optically active substances. 


LICHENS AND NATURAL PRODUCTS 


Lichens, of which there are estimated to be greater than 15,000 species, are an 
association between an algae and a fungus that live together in an intimate re- 
lationship. This association is often called symbiosis. Symbiosis requires that 
two different organisms live together in both close structural proximity and 
interdependent physiological combination. The term ordinarily is applied to 
situations where the relationship is advantageous, or even required, for one or 
both, but not harmful to either. In the case of lichens, the algae can be grown 
independently of the fungi that obtain nutrients from the algae cells. The fungi 
are, therefore, considered to be parasitic and their contribution to the union has 
been viewed historically only as an aid in the absorption and retention of water 
and perhaps to provide a protective structure for the algae. It appears, however, 
that the fungi may play a far more important role in the life of the lichen than 
earlier appreciated. The fungi appear to generate a metabolite, usnic acid, 
which is the most common substance found in these primitive systems. This 
acid can comprise up to 20% of the dry weight of some lichens! Even more in- 
triguing is the original belief that usnic acid appears to have no biological func- 
tion in these plants. Why would a living system channel huge amounts of its 
precious energy into making an apparently useless substance? Recently, with 
our increased understanding of the role of chemical communication substances 
in ecology, it has been recognized that usnic acid very likely makes a major 
symbiotic contribution as a chemical defense agent. Indeed, in 1945 Burkholder 
demonstrated that several New England lichens possess antibiotic properties, 
and usnic acid was subsequently shown to be the active agent against several 
kinds of bacteria, including staphylococcus. The Finnish company, Laake Oy 
Pharmaceutical, has prepared from reindeer lichen a broad-spectrum usnic 
acid antibiotic for treating tuberculosis and serious skin infections. There is, in 
fact, evidence that lichens were used in medicine by the ancient Egyptians, and 
from 1600 to 1800 C.E. these plants were considered an outstanding cure for 
tuberculosis. Usnic acid has been investigated for use as an antibiotic by the 
U.S. Public Health Service. It proved to be effective in dilutions between 1 part 
in 100,000 and 1 part in 1,000,000 against several Gram-positive organisms. 
This widespread lichen metabolite is the material isolated in this experiment. 
Usnic acid was first isolated and identified in 1843 by Rochleder, but a molecule 
of this complexity was beyond the structural knowledge of organic chemistry in 
those days. The structure was finally determined in 1941 by Schdpf, and in 1956 
it was synthesized in the laboratory by Sir D. H. R. Barton (Nobel Laureate). 
Barton’s route involved a spectacular one-step dimerization of a simple precur- 
sor, a synthesis that very closely mimicked the actual biogenetic pathway (see 
chemistry). The key step was the one-electron (1 e ) oxidation of methylphlo- 
racetophenone, which leads directly to the dimerization. The mechanism of this 
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reaction, both in the plant and in the laboratory synthesis, is essentially identical 
to the oxidative coupling of 2-naphthol to give 1,1'-bi-2-naphthol, which is ex- 
www)» plored in detail in Experiment [5,qy!: 


COCH, COCH, COCH, 
HO OH _ HO 
[Fe(CN).}° 
Na,CO, 
H,C H H,C 
OH 
Methylphloracetophenone 
COCH, 
60? 
dimerization 
“7 
= + H ve COCH, 
OH 
H,CCO HOS COCH, 
3p be COCH, COCH, 
H3C H3C 


Usnic Acid 


The chiral center (stereocenter) (*) is bonded to a highly conjugated aromatic 
ring system (see structure), which gives rise to a very large specific rotation. 
This enhanced interaction with polarized radiation makes this compound a 
particularly interesting molecule to examine for optical activity. The produc- 
tion of a single enantiomer in the natural product, which, as discussed above, 
is formed by an oxidative coupling process, implies that there must be an inti- 
mate association between the substrate and an enzyme (a biological catalyst 
that itself is optically active) during the crucial coupling process.'" 


| 
H,cC—C 





Prior Reading 


Technique 6A: Thin-Layer Chromatography (pp. 97-99) 
Technique 8: Measurement of Specific Rotation 
Optical Rotation Theory (pp. 108-111) 


“Dean, F. M.; Halewood, P; Mongkolsuk, S.; Roberston, A.; Whally, W. B. J. Chem. Soc. 1953, 
1250. Kreig, M. B. Green Medicine; Rand McNally: New York, 1964. Lewis, W. H.; Elvin-Lewis, 
M. P. F. Medical Botany; Wiley: New York, 1977. Hendrickson, J. B. The Molecules of Nature; 
W. A. Benjamin, New York: 1965. Richards, J. H.; Hendrickson, J. B. The Biosynthesis of Steroids, 
Terpenes, and Acetogenins; W. A. Benjamin: New York, 1964. Schdpf, C.; Ross, F. Annalen 1941, 
546, 1 (see further references cited in Experiment [5,,,]). Www 
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DISCUSSION 


Nonracemic solutions of chiral substances, when placed in the path of a beam of 
polarized light, may rotate the plane of the polarized light clockwise or counter- 
clockwise and are thus referred to as optically active. This angle of optical rota- 
tion is measured using a polarimeter. This technique is applicable to a wide range 
of analytical problems varying from purity control to the analysis of natural and 
synthetic products in the medicinal and biological fields. The results obtained 
from the measurement of the observed angle of rotation (a,,,) are generally 
expressed in terms of specific rotation [a]. The sign and magnitude of [a] are 
dependent on the specific molecule and are determined by complex features of 


molecular structure and conformation, and thus cannot be easily explained 
Qobs 





or predicted. The relationship of [a] to agp, is fal? = where T is the 


temperature of the sample in degrees Celsius (°C), / is the length of the po- 
larimeter cell in decimeters (1 dm = 0.1 m = 10 cm), c is the concentration of 
the sample in grams per milliliter (g/mL), and ) is the wavelength of the light 
used in the polarimeter in nanometers (nm). These units are traditional, though 
most are esoteric by contemporary standards. Thus, the specific rotation for a 
given compound is normally reported in terms of temperature, wavelength, 
concentration, and the nature of the solvent. For example; [a] > = +12.3° 

(c = 0.4, CHCls) implies that the measurement was recorded in a CHCl, solu- 
tion of 0.4 g/mL at 25 °C using the sodium D line (689 nm) as the light source. 
Unless indicated, the pathlength is assumed to be 1 dm in these observations. 

Usnic acid contains a single stereocenter (see structure), and therefore it 
can exist as a pair of enantiomers. In nature, however, only one of the enan- 
tiomers (R or S) would be expected to be present. Usnic acid has a very high 
specific rotation, [a] D = +488° (c = 0.4, CHCI,), which will give a large aops 
even at low concentrations, and for this reason it is an ideal candidate to 
measure rotation in a microscale experiment. 

Racemic (equimolar amounts of each enantiomer) usnic acid has been re- 
solved (separated into the individual enantiomers) through preparation and 
separation of the diastereomeric (—) brucine salts. This procedure was the 
route followed to obtain an authentic synthetic sample for comparison with 
the natural material. The separation was required because the dimerization 
step in the synthesis, which was carried out in the absence of enzymatic, or 
other chiral, influence, gave a racemic product. 

A common method of extracting chemical constituents from natural 
sources is presented in this experiment. In this case, only one chemical com- 
pound, the usnic acid, is significantly soluble in the extraction solvent, acetone. 
For this reason, the isolation sequence is straightforward. 


EXPERIMENTAL PROCEDURE 


Isolation of Usnic Acid. Estimated time for completion of the experiment: 











2.5 h. 
Physical Properties of Components 
Compound MW Amount bp (°C) 
Lichen 10¢ 
Acetone 58.08 15.0 mL 56.2 
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Lichens, 1.0 ¢ 
(CH3)2CO, 15 mL 


Lichen 
residue 


HOOD 


Lichen 
extract 
(CH) 500, 
15 mb 


Recrystallized 

usnic. acid 

collected 
here 





Reagents and Equipment. Weigh and place about 1.0 g of oven-dried (40 °C) 
crushed or cut-up lichens and 15.0 mL of acetone in a 50-mL Erlenmeyer flask 
containing a magnetic stirrer. Loosely cap the flask with a cork stopper («). 
The lichens used in this experiment are Usnea hirta. 


Reaction Conditions. Stir or occasionally swirl the mixture for no less than 
30 min at room temperature. If necessary, periodically push the lichens below 
the surface of the acetone solvent using a glass rod. 


Isolation of Product. Prior to filtering the resulting mixture, remove a 0.5 mL 
aliquot for final analysis. Filter by gravity and collect the filtrate in a 25-mL 
Erlenmeyer flask («). A Pasteur filter pipet may be used to make this transfer, 
if desired. In the hood, remove the acetone solvent under a slow stream of air 
or nitrogen on a warm sand bath nearly to dryness. Allow the remainder of the 
acetone to evaporate at room temperature to obtain the crude bright yellow or 
orange usnic acid crystals. 


Purification and Characterization. Recrystallize all but 5 mg of the crude 
extract from acetone/95% ethanol (10:1). Dissolve the crystals in the minimum 
amount of hot acetone, keeping the recrystallization vessel hot, and add the 
appropriate volume of 95% ethanol. Allow the mixture to cool to room tem- 
perature and then place the flask in an ice bath to complete the recrystalliza- 
tion. Collect the golden-yellow crystals by vacuum filtration («) and wash 
them with cold acetone. Dry the crystals on a porous clay plate or on a sheet of 
filter paper. As an alternative and more efficient procedure, the crude material 
may be recrystallized using a Craig tube, avoiding the filtration step with the 
Hirsch funnel. 

Weigh the yellow needles of usnic acid and calculate the percentage of the 
acid extracted from the dry lichen. Determine the melting point (use the evac- 
uated melting point technique) and compare your value to that found in the 
literature. Using a solvent system of ethyl acetate:hexane (1:4) and a UV lamp 
for visualization, compare the crude extract with the purified usnic acid by TLC 
(Ry value for usnic acid is 0.32). Obtain an IR spectrum and compare it with 
that of an authentic sample or one from the literature (The Aldrich Library of 
IR Spectra and/or SciFinder Scholar). 


Chemical Tests. Chemical tests can assist in establishing the nature of the 
functional groups in usnic acid. Perform the 2,4-dinitrophenylhydrazine test 
and the ferric chloride test (see Chapter 9). Are the results significant? 


Determination of the Specific Rotation. Though usnic acid is an optically 
active compound with a very high specific rotation, a low-volume, long- 
pathlength cell must be used to successfully determine its specific rotation 
with microscale quantities. 

Dissolve usnic acid (80 mg) in 4.0 mL of tetrahydrofuran (THF) solvent 
and transfer the solution to the polarimeter cell using a Pasteur pipet. 


NOTE. To obtain this quantity (80 mg) of usnic acid will very likely require pool- 
ing the recrystallized product of eight or nine students. Spectral grade THF should 
be used as the solvent. Many of the early specific rotation values on these sub- 
stances were recorded with chloroform as the solvent, but, because it possesses some 
toxicity, it is now avoided if possible. 
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Place the cell in the polarimeter and measure the angle of rotation. Calcu- 
late the specific rotation using the equation given in the discussion section. 


QUESTIONS 
6-66. Determine the correct R or S designation for each of the following molecules: 
Cis i CHLOE, 
C a] C “Hf C “a 
ae aN 'F 7 Br 
HOT Ny CT Ny HOT NG 


6-67. The structure originally proposed for cordycepic acid, which has [a] = +40.3°, was 


HOOC H 





Why is this not a plausible structure? 

6-68. A sample of 150 mg of an organic compound is dissolved in 7.5 mL of water. The solution is placed in a 20-cm 
polarimeter tube and the rotation is measured in a polarimeter. The rotation observed is +2.676°. Distilled water, in 
the same tube, gave a reading of +0.016°. Calculate the specific rotation for the compound. 

6-69. Compound A is optically active and has the molecular formula C5H,,O. On catalytic hydrogenation (addition of 
hydrogen) of A, compound B is obtained. Compound B has the molecular formula C;H,,O and is optically inactive. 
Give the structure for compounds A and B. 

6-70. Which of the following compounds have a meso form? 

(a) 2,3-Dibromopentane 
(b) 2,4-Dibromopentane 
(c) 2,3-Dibromobutane 
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This experiment is adapted from that given by: A large-scale method of isolation of usnic acid has been 
Todd, D. Experimental Organic Chemistry; Prentice-Hall: reported: 

Englewood Cliffs, NJ, 1979, p. 57. Stark, J. B.; Walter, E. D.; Owens, H. S. J. Am. Chem. Soc. 1950, 
Synthesis of usnic acid: 72,1819. 
Barton, D. H. R.; DeFlorin, A. M.; Edwards, O. E. J. Chem. Soc. Optical, crystallographic and X-ray diffraction data have 

1956, 530. been reported for usnic acid: 
Penttila, A., Fales, H. M. Chem. Commun. 1966, 656. Jones, F.T.; Palmer, K. J. J: Am. Chem. Soc. 1950, 72, 1820. 


Isolation and Characterization of a Natural Product: 
Caffeine and Caffeine 5-Nitrosalicylate 


Product 


Common names: caffeine, 1,3,7-trimethyl-2,6-dioxopurine 
CA number: [58-08-2] 
CA name as indexed: 1H-purine-2,6-dione, 3,7-dihydro-1,3,7-trimethyl- 
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Purpose. To extract the active principle, an alkaloid, caffeine, from a native 
source, tea leaves. Caffeine is a metabolite (a product of the living system’s bio- 
chemistry) found in a variety of plants. We will use ordinary tea bags as our source 
of raw material. This experiment illustrates an extraction technique often used to 
isolate water-soluble, weakly basic natural products from their biological source 
(see also Experiment [11A] for another extraction strategy). The isolation of caf- 
feine will also give you the opportunity to use sublimation as a purification tech- 
nique, since caffeine is a crystalline alkaloid that possesses sufficient vapor pressure 
to make it a good candidate for this procedure. In addition, the preparation of a de- 
rivative of caffeine, its 5-nitrosalicylate salt, will be carried out. This latter conver- 
sion takes advantage of the weakly basic character of this natural product. 


ALKALOIDS 


Caffeine belongs to a rather amorphous class of natural products called alkaloids. 
This collection of substances is unmatched in its variety of structures, biological 
response on nonhost organisms, and the biogenetic pathways to their formation. 

The history of these fascinating organic substances begins at least 4000 
years ago. They were incorporated into poultices, potions, poisons, and medi- 
cines, but no attempt was made to isolate and identify the substances respon- 
sible for the physiological response until the very early 1800s. 

The first alkaloid to be obtained in the pure crystalline state was morphine. 
Friedrich Wilhelm Sertiirner (1783-1841) isolated morphine in 1805. He 
recognized that the material possessed basic character and he, therefore, 
classified it as a vegetable alkali (that is, a base with its origin in the plant king- 
dom). Thus, compounds with similar properties ultimately became known as 
alkaloids. The term“alkaloid” was introduced for the first time by an apothecary, 
Meissner, in Halle in 1819. 

Sertiirner, also a pharmacist, lived in Hamelin, another city in Prussia. He 
isolated morphine from opium, the dried sap of the poppy. Since the analgesic 
and narcotic effects of the crude resin had been known for centuries, it is not 
surprising that, with the emerging understanding of chemistry, the interest of 
Sertiirner became focused on this drug, which is still medicine’s major therapy 
for intolerable pain. He published his studies in detail in 1816 and very quickly 
two French professors, Pierre Joseph Pelletier (1788-1842) and Joseph Caventou 
(1795-1877) at the Ecole de Pharmacie in Paris, recognized the enormous 
importance of Serttirner’s work. 

In the period from 1817 to 1820, these two men and their students isolated 
many of the alkaloids, which continue to be of major importance. Included in that 
avalanche of purified natural products was caffeine, which they obtained from the 
coffee bean. This substance is the target compound that you will be isolating di- 
rectly from the raw plant in this experiment. A little more than 75 years later, caf- 
feine was first synthesized by Fischer in 1895 from dimethylurea and malonic acid. 


THE CLASSIFICATION OF ALKALOIDS 


These compounds are separated into three general classes of materials. 


1. True alkaloids: These compounds contain nitrogen in a heterocyclic ring; 
are almost always basic (the lone pair of the nitrogen is responsible for 
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this basic character); are derived from amino acids in the biogenesis of 
the alkaloid; invariably are toxic and possess a broad spectrum of phar- 
macological activity; are found in a rather limited number of plants (of 
the 10,000 known genera only 8.7% possess at least one alkaloid); and 
normally occur in a complex with an organic acid (this helps to make 
them rather soluble in aqueous media). As we will see, there are numer- 
ous exceptions to these rules. For example, there are several very well- 
known quaternary alkaloids. These are compounds in which the nitrogen 
has become tetravalent and positively charged (as in the ammonium ion). 
Thus, they are not actually basic. 


. Protoalkaloids: These compounds are simple amines, derived from 


amino acids, in which the basic nitrogen atom is not incorporated into 
a ring system; they are often referred to as biological amines. An example 
of a protoalkaloid is mescaline. 


. Pseudoalkaloids: These compounds contain nitrogen atoms usually not 


derived from amino acids. There are two main classes into which pseudoal- 
kaloids are divided, the steroidal alkaloids and the purines. Caffeine has 
been assigned to this latter class of alkaloids. 


‘ H,C 
CH,O NH, 


O* -N 
:OCH, CH, 


oe ” 
HO Mescaline Caffeine 


Morphine 


Prior Reading 


DI 


Technique 4: Solvent Extraction 
Solid—Liquid Extraction (p. 79) 
Liquid—Liquid Extraction (p. 72) 
Technique 9: Sublimation 
Sublimation Theory (pp. 112-113) 


SCUSSION 


Caffeine (1,3,7-trimethylxanthine) and its close relative theobromine (3,7- 
dimethyl-xanthine) both possess the oxidized purine skeleton (xanthine). 
These compounds are often classified as pseudoalkaloids, since only the nitrogen 
atom at the 7 position can be traced to an amino group originally derived from 
an amino acid (in this case glycine). This classification emphasizes the rather 
murky problem of deciding just what naturally occurring nitrogen bases are 
true alkaloids. We will simply treat caffeine as an alkaloid. 


‘O° 
HN NH W7eSNH yy 
Il 4 2, || sp8 | 
Ary YA SG 
Xanthine Purine Pyrimidine 
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Although the pyrimidine ring (present in caffeine’s purine system) is a sig- 
nificant building block of nucleic acids, it is rare elsewhere in nature. 

These two methylated xanthines are found in quite a number of plants and 
have been extracted and widely used for centuries. Indeed, they very likely 
have been, and remain today, the predominant stimulant consumed by 
humans. Every time you make a cup of tea or coffee, you perform an aqueous 
extraction of plant material (tea leaves, Camellia sinenis, 14%, or coffee beans, 
Coffea spp., 1-2%) to obtain a dose of 25-100 mg of caffeine. Caffeine is also 
the active substance (~2%) in maté (used in Paraguay as a tea) made from the 
leaves of Ilex paraguensis. In coffee and tea, caffeine is the dominant member 
of the pair, whereas in Theobroma cacao, from which we obtain cocoa, theo- 
bromine (1-3%) is the primary source of the biological response. Caffeine acts 
to stimulate the central nervous system with its main impact on the cerebral 
cortex, and as it makes one more alert, it is no surprise that it is the chief con- 
stituent in No-Doz® pills. 

Caffeine is readily soluble in hot water, because the alkaloid is often 
bound in thermally labile, partially ionic complexes with naturally occurring 
organic acids, such as with 3-caffeoylquinic acid in the coffee bean. For this 
reason it is relatively easy to separate caffeine from black tea leaves by aque- 
ous extraction. 





OH 
:OH 
3-Caffeoylquinic acid 


Other substances, mainly tannic acids, are also present in the tea leaves 
and are also water soluble. The addition of sodium carbonate, a base, during 
the aqueous extraction helps to increase the water solubility of these acidic 
substances by forming ionic sodium salts and liberating the free base. 

Subsequent extraction of the aqueous phase with methylene chloride, in 
which free caffeine has a moderate solubility, allows the transfer of the caffeine 
from the aqueous extract to the organic phase. At the same time, methylene 
chloride extraction leaves the water-soluble sodium salts of the organic acids 
behind in the aqueous phase. 

Extraction of the tea leaves directly with nonpolar solvents (methylene 
chloride) to remove the caffeine gives very poor results—since, as we have 
seen, the caffeine is bound in the plant in a partially ionic complex that will not 
be very soluble in nonpolar solvents. Thus, water is the superior extraction sol- 
vent for this alkaloid. The water also swells the tea leaves and allows for easier 
transport across the solid—liquid interface. 

Following extraction and removal of the solvent, sublimation techniques 
are applied to the crude solid residues to purify the caffeine. This technique is 
especially suitable for the purification of solid substances at the microscale 
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level, if they possess sufficient vapor pressure. Sublimation techniques are par- 
ticularly advantageous when the impurities present in the sample are non- 
volatile under the conditions used. 

Sublimation occurs when a substance goes directly from the solid phase to 
the gas phase upon heating, bypassing the liquid phase. Sublimation is tech- 
nically a straightforward method for purification in that the materials need 
only be heated and therefore, mechanical losses can be kept to a minimum 
(the target substance must, of course, be thermally stable at the required tem- 
peratures). Materials sublime only when heated below their melting points, 
and reduced pressure is usually required to achieve acceptable sublimation 
rates. Obviously, substances that lend themselves best to purification by sub- 
limation are those that do not possess strong intermolecular attractive forces. 
Caffeine and ferrocene (used as a reactant in Experiment [27]) meet these 
criteria because they present large flat surfaces occupied predominantly with 
repulsive 7m electrons. For other isolation methods, see the discussion of solid- 
phase extraction in Technique 4, where caffeine is extracted from coffee beans 
(pp. 83-84). 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 














Physical Properties of Constituents 

Compound MW Amount mmol mp (°C) 
Tea 1.0¢ 

Water 10 mL 

Sodium carbonate 105.99 11g 10 851 








Reagents and Equipment. Carefully open a commercial tea bag (2.0—2.5 ¢ 
of tea leaves) and empty the contents. Weigh out 1.0 g of tea leaves and 
place them back in the empty tea bag. Close and secure the bag with 
staples. 

Weigh, and add to a 50-mL Erlenmeyer flask, 1.1 g (0.01 mol) of anhy- 
drous sodium carbonate followed by 10 mL of water @). Heat the mixture 
with occasional swirling on a hot plate to dissolve the solid. Now add the 1.0 g 
of tea leaves (in the tea bag) to the solution. Place the bag in the flask so that 
it lies flat across the bottom. 


Reaction Conditions. Place a small watch glass over the mouth of the Erlen- 
meyer flask and then heat the aqueous suspension to gentle boiling for 30 min 
on the hot plate. 


Isolation of Product. Cool the flask and contents to room temperature. 
Transfer the aqueous extract from the Erlenmeyer flask to a 12- or 15-mL cen- 
trifuge tube using a Pasteur filter pipet. In addition, gently squeeze the tea bag 
by pressing it against the side of the Erlenmeyer flask to recover as much of the 
basic extract as possible. Set aside the tea bag and its contents. 
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Anhydrous 
NasSO4, 
2e 


Catfeime + 
CHaCls, 
12 mL 


HOOD 


Extract the aqueous solution with 2.0 mL of methylene chloride. 


NOTE. The tea solution contains some constituents that may cause an emul- 
sion. If you obtain an emulsion during the mixing of the aqueous and organic 
solvent layers (by shaking or using a Vortex mixer), it can be broken readily by 
centrifugation. 


Separate the lower (methylene chloride) layer (check to make sure that the 
lower layer is, indeed, the organic layer by testing the solubility of a few drops 
of it in a test tube with distilled water) using a 9-in. Pasteur pipet. Drain the 
wet extracts through a filter funnel containing a small plug of cotton that is 
covered with about 2.0 g of anhydrous sodium sulfate, previously “mois- 
tened” with a small amount of methylene chloride (=). (The organic phase will 
be saturated with water following the extraction, therefore it is referred to as 
“wet.” It also may contain a few droplets of the aqueous phase, which become 
entrained during the phase separation; this can be particularly troublesome if 
an emulsion forms during the mixing.) 

Collect the dried filtrate in a 25-mL filter flask. Extract the remaining 
aqueous phase with four additional 2.0-mL portions of methylene chloride 
(4 X 2 mL). Each extraction (an extraction is often referred to as a washing) 
is separated, dried as above, and transferred to the same filter flask. Finally, 
rinse the sodium sulfate with an additional 2.0 mL of methylene chloride 
and combine this wash with the earlier organic extracts. 

Add a boiling stone to the flask and concentrate the solution to dryness in 
the hood by warming the flask in a sand bath. The crude caffeine should be 
obtained as an off-white crystalline solid. 


Purification and Characterization. Purify the crude solid caffeine by sub- 
limation. 

Assemble a sublimation apparatus as shown in Figure 5.53, on page 113; 
either arrangement is satisfactory. Using an aspirator, apply a vacuum to the 
system through the filter flask (remember to install a water-trap bottle between 
the sidearm flask and the aspirator). After the system is evacuated, run cold 
water gently through the cold finger or add ice to the centrifuge tube. By cooling 
the surface of the cold finger after the system has been evacuated, you will 
minimize the condensation of moisture on the area where the sublimed sample 
will collect. 


NOTE. Less caffeine will be lost if the bottom of the cold finger is positioned less 
than 5 mm from the bottom of the filter flask. 


Once the apparatus is evacuated and cooled, begin the sublimation by 
gently heating the flask with a microburner or sand bath. If you use a gas 
burner, always keep moving the flame back and forth around the bottom and 
sides of the flask. 


NOTE. Be careful. Do not melt the caffeine. If the sample does begin to melt, remove 
the flame for a few seconds before heating is resumed. Overheating the crude sam- 
ple will lead to decomposition and the deposition of impurities on the cold finger. 
High temperatures are not necessary since the sublimation temperature of caffeine 
(and of all solids that sublime) is below the melting point. It is generally worth- 
while to carry out sublimations as slowly as possible, as the purity of the material 
collected will be enhanced. 
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When no more caffeine will sublime onto the cold finger, remove the heat, 
shut off the aspirator and the cooling water to the cold finger, and allow the 
apparatus to cool to room temperature under reduced pressure. Once cooled, 
carefully vent the vacuum and return the system to atmospheric pressure. 
Carefully remove the cold finger from the apparatus. 


NOTE. If the removal of the cold finger is done carelessly, the sublimed crystals 
may be dislodged from the sides and bottom of the tube and drop back onto the 
residue left in the filter flask. 


Scrape the caffeine from the cold finger onto weighing paper using a mi- 
crospatula and a sample brush. Weigh the purified caffeine and calculate its 
percent by weight in the original tea leaves. Determine the melting point and 
compare your value to that in the literature. 

If your melting point apparatus uses capillary tubes to determine the 
melting point, an evacuated sealed tube is necessary, since caffeine sublimes; 
the melting point is above the sublimation temperature (see Chapter 4). The 
melting point may be obtained using the Fisher—Johns apparatus without this 
precaution. 

Obtain an IR spectrum and compare it with that of an authentic sample. 


Chemical Test. Does the soda lime or the sodium fusion test (see Chapter 9) 
confirm the presence of nitrogen in your caffeine product? 


DERIVATIVE: CAFFEINE 5-NITROSALICYLATE 


It is not completely surprising to find that caffeine in the coffee bean is bound 
in a thermally labile complex with acid, since this alkaloid is a weakly basic 
substance possessing a base strength somewhat greater than that of an aryl 
amide. Because the purine ring system of caffeine has little reactive function- 
ality, the formation of simple chemical derivatives is limited. The ease of asso- 
ciation with high-melting carboxylic acids, however, offers a route to a variety 
of materials with well-defined melting points. 

One such acid is 5-nitrosalicylic acid, which is prepared by nitration of 
salicylic acid in Experiment [29]. The purified caffeine obtained in this exper- 
iment may be further characterized by preparation of the 5-nitrosalicylate 
complex. This association is similar to the natural one formed with 3-caf- 
feoylquinic acid: 


O He 
HC. < 
N 
Ye 
O : ) -.5—¢ 
cH, H : OH 
O,N 


Caffeine 5-nitrosalicylate 
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EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 0.5 h. 














Physical Properties of Reactants and Product 

Compound MW Amount mmol mp (°C) bp (°C) 
Caffeine 194.20 11mg 0.06 238 

5-Nitrosalicylic acid 183.12 10mg 0.06 229-30 

Petroleum ether (60-80 °C) 0.5 mL 60-80 
Ethyl acetate 88.12 0.7 mL 77 
Caffeine 5-nitrosalicylate = 377.32 180 








Reagents and Equipment. Weigh and add to a 3.0-mL conical vial, contain- 
ing a magnetic spin vane and equipped with an air condenser, 11 mg (0.06 mmol) 
of caffeine, 10.0 mg (0.06 mmol) of 5-nitrosalicylic acid, and 0.7 mL of ethyl 
acetate. 


Reaction Conditions. Gently warm the mixture on a hot plate, with stirring, 
to dissolve the solids. Add 0.5 mL of petroleum ether (bp 60-80 °C) to the 
warm ethyl acetate solution, mix, and warm for several seconds. Remove the 
spin vane using forceps. 


Isolation of Product. Cool the mixture to room temperature and then place 
it in an ice bath for 10-15 min. Collect the crystals under reduced pressure 
using a Hirsch funnel, and then wash the filter cake with 0.5 mL of cold ethyl 
acetate. Dry the product on a porous clay plate or filter paper. 


Purification and Characterization. The product normally is sufficiently 
pure for direct characterization. Weigh the caffeine 5-nitrosalicylate and cal- 
culate the percent yield. Determine the melting point and compare your value 
with that reported above. 

Obtain an IR spectrum and compare it with those shown in Figures 6.25 
and 6.26. The infrared spectrum reveals some of the details of the derivative 
formation (see below). 


Infrared Analysis. The infrared spectrum of 5-nitrosalicylic acid (Fig. 6.26 
on page 238) is characteristic of aromatic carboxylic acids (see discussion in 
Experiment [7]). Note that (1) the substitution of the ring is revealed by the 
presence of the 1,2,4-combination band pattern with peaks at 1940, 1860, and 
1815 cm” '; (2) the strongest band in the spectrum below 1750 cm‘ is as- 
signed to the symmetric stretch of the —NO> group found at 1339 cm~', and 
(3) the conjugated carboxyl C=O stretch is located at 1675 cm‘. 

In the spectrum of the complex (Fig. 6.25) we do not find evidence for ion- 
ized carboxylate. This group, if present, would give rise to two very strong broad 
bands at 1600-1550 and 1400-1330 cm’ '. What is observed is the carboxylate 
C=O stretch at 1665 cm‘ overlapped with a caffeine band. Evidence for very 
strong hydrogen bonding, however, is indicated by the series of very broad 
bands extending from 3550 to 2000 cm '. The complex association, therefore, 
very likely does not involve a complete proton transfer as is indicated in the 
above simplified chemical structures of the complex. The unambiguous forma- 
tion of the 5-nitrosalicylic acid complex is best ascertained by the identification 
of the presence of the —NO, symmetric stretching vibration from a strong 
band located at 1345 cm” '. Caffeine does not possess a band in this region. 
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Figure 6.25 IR spectrum: caffeine 5-nitrosalicylate. 


QUESTIONS 


6-71. Compounds such as naphthalene and 1,4-dichlorobenzene find use as mothballs since they sublime at a slow rate 
at atmospheric pressure. Explain this behavior in terms of the structure of the molecules. 


6-72. (a) How many peaks would you expect to find in the NMR spectrum of caffeine? (b) What characteristic absorption 
bands would you expect to find in the infrared spectrum of caffeine? (c) Are the NMR spectra (proton and carbon) 
of caffeine when compared to caffeine 5-nitrosalicylate as characteristic to the comparisons found using IR? 

6-73. The vapor pressures of 1,2-diphenylethane, p-dichlorobenzene, and 1,3,5-trichlorobenzene are 0.06, 11.2, and 
1.4 torr, respectively, at their melting point (52-54 °C). Which compound is likely to be sublimed most rapidly at a 
reduced pressure of 15 torr and a temperature of 40 °C? 

6-74. To color spots on TLC plates for easier visualization after elution with solvent, the plates can be “developed” in a 
sealed chamber containing solid iodine. Explain how the solid—vapor equilibrium operates in this instance. 


6-75. Caffeine is soluble in ethyl acetate. Do you think that the purity of your product could be checked by TLC using 
ethyl acetate as an elution solvent? Explain. 

6-76. The infrared spectrum of 5-nitrosalicylic acid (Fig. 6.26) possesses the typical broad medium band found in acid 
dimers (908 cm“ '). In the caffeine 5-nitrosalicylate complex, however, this band is missing. Suggest a reason why 
the 908-wavenumber peak vanishes. 
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Figure 6.26 IR spectrum: 5-nitrosalicylic acid. 
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Isolation of a Natural Product by Steam 
Distillation: Cinnamaldehyde from Cinnamon 


Common name: cinnamaldehyde 
CA number: [14371-10-9] 
CA name as indexed: 2-propenal, 3-phenyl-, (E)- 
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Purpose. In this exercise you will extract oil of cinnamon from a native plant 

source, such as Cinnamomum zeylanicum, and then purify the principal flavor 

and odor component of the oil, cinnamaldehyde. The experiment demon- 

strates the importance of steam distillation techniques (at the semimicro level) «www 
to the collection of essential oils. 


Prior Reading 


Technique 2: Simple Distillation at the Semimicroscale Level (pp. 61-64) 
Technique 3: Steam Distillation www 
Technique 4: Solvent Extraction 

Liquid—Liquid Extraction (p. 72) 

Drying of the Wet Organic Layer (pp. 80-83) 
Technique 6: Chromatography 

Concentration of Solutions with Nitrogen Gas (p. 102) 


ESSENTIAL OILS 


Let us begin by defining what we mean by the term’metabolite.”The metab- 
olism of an organism is composed of the biochemical reactions and pathways 
in that living system. The products (most of them organic molecules) derived 
from this array of molecular transformations are the metabolites. This vast col- 
lection of substances that are generally referred to as natural products are, in 
fact, the metabolites of the natural living world. 

Natural products are divided into two large families of compounds. Those 
metabolites that are common to the large majority of all organisms are known 
as the primary metabolites. In general, they have well-defined roles in the bio- 
chemistry of the system. For example, the amino acids are the building blocks 
for protein synthesis in all organisms. The second great category of natural 
products is known as the secondary metabolites. Individual secondary metabo- 
lites are far less widely distributed in nature and may be unique to single 
species (or even limited to a variety of a particular species). While the bio- 
chemical role of some of these compounds was established early and easily, 
the majority of these materials were believed to be of little importance to the 
functioning of the living system, and their presence was unexplained until very 
recently. With the development of chemical communication theory over the 
last few decades, however, the vitally important roles of many of the second- 
ary metabolites in the life cycles of their particular host organisms have been 
revealed. 

You may have had the opportunity to become acquainted with secondary 
metabolites in Experiments [11A] and [11B]. In Experiment [11A] an aceto- 
genin (this term refers to the biochemical origin of this material from eight 
acetic acid residues), usnic acid, was isolated from a lichen where it can occur 
in dramatically high concentrations. Only recently has the role of usnic acid as 
a defense mechanism come to be fully appreciated. 

In Experiment [11B], the alkaloid caffeine was obtained from tea. This 
compound is a very unusual example of a purine ring system in a secondary 
metabolite. The ecological significance of the presence of caffeine in both tea 
and coffee seeds has been established and it has been shown that caffeine acts 
against both predators and competitors. 
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We will now examine, in Experiment [11C], a third class of secondary 
metabolites: the essential oils. The majority of these materials are high-boiling 
liquids that can be extracted from plant material via steam distillation tech- 
niques. The value of codistilling high-boiling substances was learned early in 
the days of alchemy. Because these oils often gave pleasant odors and flavors, 
they were considered to be the “essence” of the original plant material. Even- 
tually, they became known as essential oils. 

These materials were used as flavorings, perfumes, and medicines, and as 
both insect repellents and attractants. By the early 1800s, as it became possible 
to establish the carbon/hydrogen ratio in organic substances, many of the oils 
possessing pine-type odors (the oil of turpentine) were shown to have identical 
C/H ratios. These materials ultimately became known as terpenes. The ter- 
penes all have their origin in mevalonic acid, from which they utilize, as their 
building block, a branched five-carbon unit as in isoprene. The terpenes of the 
essential oils occur as Cio (monoterpenes), Ci5 (sesquiterpenes), C29 (diter- 
penes), C39 (triterpenes), and Cy (tetraterpenes) compounds. Today, this col- 
lection of substances represents a large fraction of the known secondary 
metabolites, including the steroids. Terpenes may be polymerized, extending 
to much higher molecular weights, with between 1000 and 5000 repeating iso- 
prene units (MW = 60,000-350,000) to yield polymers known as the natural 
rubbers. 


H,C OH 
HOC  CH,OH ge: 
Ah 
H,C 
Mevalonic acid Isoprene 


As we have seen, many of the compounds found in the essential oils pos- 
sess pleasing properties of taste and odor, and we now know that many of 
these systems contain either ketone or aldehyde functional groups. Our 
senses of taste and smell, however, possess a wide range of responses to the 
shape and dimensions of the carbon skeleton supporting the main functional- 
ity that triggers the odor signal. Thus, our sense of odor may involve simulta- 
neous multiple stimulations by many different molecular species or, as in a 
number of cases, the principal response may be to a single component. Since 
the shape of the odor- or taste-inducing molecule plays a significant role in the 
effect, it is not surprising that chirality can have a dramatic impact on our per- 
ception of a particular odor. 

One of the classic examples of this type of response is the case of the cyclic 
ketone carvone, which contains a single stereocenter (*). The S enantiomer is 
the principal odor and flavor component in caraway seed, whereas the R 
enantiomer gives rise to the odor and flavor of spearmint! 


CH, 
0. 


H 
H,C~ “CH, 


Carvone 
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What we find pleasant may be offensive to others. A constituent of the oil 
of lemon grass is citronellal, a Cp unsaturated aldehyde. While we find this 
compound to have a pleasant fragrance, it is a potent alarm signal in ants that 
is shunned by many other insects. Thus, this terpene aldehyde has been used 
effectively by both ants and humans as an insect repellent. 


CH, CH. af 
Pw er. 
H,C~ ~ 
Citronellal 


In this experiment we will isolate the principal component of the oil of cin- 
namon, another naturally occurring aldehyde, cinnamaldehyde. The oil is first 
extracted from the dried parts of the Cinnamomum plant by steam distillation. 
Although this aromatic aldehyde is a component of an essential oil, it is not 
formed from mevalonic acid and is not a terpene. Cinnamaldehyde is also not 
an acetogenin nor is it related to usnic acid. The origin of this fragrant material 
is shikimic acid, which is part of the plant’s primary metabolism. 


lo. 
C—OH 


HO OH 
: OH 
Shikimic acid 


Cinnamaldehyde’s formation from shikimic acid utilizes one of only two 
biogenetic routes in nature that lead to the aromatized benzene ring (the 
other pathway is found in the acetogenins and produces secondary metabo- 
lites like usnic acid; see Experiment [11A]). The shikimic acid route contributes 
to a class of metabolites called the phenylpropanes (Ph—C3), of which cin- 
namaldehyde is one of a limited number of simple end products. Another 
close relative is, for example, eugenol from oil of cloves. 


CH,O C _CH,—CH=CH, 
HO 


Eugenol 


The principal metabolic fate of the phenylpropanes is the formation of 
lignin polymers that are the fundamental basis of the structural tissue in all 
plants. Thus, cinnamaldehyde itself is a relatively rare example of a primary 
metabolite which has been expressed in an essential oil. 


DISCUSSION 


Steam Distillation. The process of steam distillation can be a valuable tech- 
nique in the laboratory for the separation of thermally labile, high-boiling 
substances from relatively nonvolatile materials. For steam distillation to be 
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successful, however, the material to be isolated must be nearly immiscible 
with water. (For details of the theory of steam distillation refer to Technique 3 
discussions). 

Steam distillation is in essence the codistillation (or simultaneous distilla- 
tion) of two immiscible liquid phases. By definition, one of these liquid phases 
is water and the other phase is usually a mixture of organic substances that 
have a low solubility in water. Though steam distillation is widely used as a 
separation technique for natural products, and occasionally for the isolation 
and/or purification of synthetic products that decompose at their normal boil- 
ing points, it has several limitations. For example, it is not the method of 
choice when a dry product is required or if the compound to be isolated reacts 
with water. Obviously, steam distillation is not feasible if the compound to be 
isolated decomposes upon contact with steam at 100 °C. 

Although cinnamaldehyde decomposes at its normal boiling point, it may 
be extracted from the plant without degradation by boiling water. Steam dis- 
tillation, therefore, is the method of choice for the isolation of this pleasant 
smelling and tasting aldehyde. 


COMPONENT 
H 
C)-crscr=6 
Cinnamaldehyde 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 





Physical Properties of Components 











Compound MW Amount 
Cinnamon lg 
Water 18.02 4.0 mL 





Components and Equipment. Place 1 g of chopped stick cinnamon (or 
powder) and 4 mL of water in a 10-mL round-bottom flask containing a 
boiling stone. Attach the flask to a Hickman still head equipped with an air 
condenser. 


Distillation Conditions. Place the apparatus on a sand bath maintained 
at 150-160 °C. Use an aluminum foil shield or baffle (not shown in drawing) 
to cover the sand bath. This procedure will prevent the collection collar of the 
Hickman still from overheating. 


NOTE. The mixture tends to foam during the distillation, so care must be taken to 
prevent contamination of the distillate by cinnamon particles, especially if powdered 
cinnamon is used. If stick cinnamon is used, first evacuating the flask containing the 
water and cinnamon for a few minutes and then returning the system to atmospheric 
pressure will allow water to fill the pores of the bark and greatly aids in reducing the 
foaming problem (See Taber, D. F.; Weiss, A. J. J. Chem. Educ. 1998, 75, 633). 
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Position a thermometer in the throat of the Hickman still to record the dis- 
tillation temperature, which should be very close to 100 °C. In early Hickman 
stills (without sidearm access) this thermometer makes pipetting of the conden- 
sate difficult. Itis suggested that in the latter setup, the thermometer be removed 
after the initial distillation temperature is established and recorded. (§) 















Thermometer 
adapter 


14/105 Vent 


and threaded 


Air condenser 


14/104 


Hickman still head 


Thermometer 
14/103 10-mL 
round-bottom flask 


Crystal lizing 
dish 


Sand Magnetic 


stir bar 


Cinnamon stick + H.O, 4 mL 


Isolation of Cinnamaldehyde. Remove the milky cinnamaldehyde—water 
(two-phase) distillate that collects in the collar of the still using a 9-in. Pasteur 
pipet (or 6-in. in the case of sidearm stills). Transfer this material to a 12- or 
15-mL centrifuge tube. Continue the distillation for approximately 1 h or 
until about 5-6 mL of distillate is collected in the centrifuge tube. 


NOTE. Add additional water during the course of the distillation to maintain the 
original volume in the flask. Add this water using a 9-in. Pasteur pipet inserted 
down the neck of the Hickman still, after first removing the thermometer if it is still 
in place (the thermometer need not be replaced in the still following the addition). 


Extract the combined distillate fractions, which you collected in the cen- 
trifuge tube, with three successive 2-mL portions of methylene chloride (3 x 
2 mL). Use the first portion of methylene chloride to rinse the collection collar 
of the Hickman still. After each extraction, transfer the lower methylene chlo- 
ride layer (Pasteur filter pipet) to a 25-mL Erlenmeyer flask. 

Dry the combined extracts over anhydrous sodium sulfate. 


Purification and Characterization. Transfer the dried methylene chlo- 
ride solution in at least two portions, using a Pasteur filter pipet, to a tared 
5-mL conical vial. Evaporate the solvent in a warm sand bath using a slow 
stream of nitrogen gas. After all the solution has been transferred and the 
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QUESTIONS 


solvent evaporated, rinse the sodium sulfate with an additional two 0.5-mL 
portions of methylene chloride. Transfer the rinses to the same vial and 
concentrate as before. 

Weigh the flask and calculate the percentage of crude cinnamaldehyde 
extracted from the original sample of cinnamon. 

Record the infrared spectrum and compare it to that reported in the liter- 
ature (Aldrich Library of Infrared Spectra and/or SciFinder Scholar). 

To further characterize the aldehyde, prepare its semicarbazone derivative 
(see Chapter 9, Preparation of Derivatives: Aldehydes and Ketones). The semi- 
carbazone derivative has a melting point of 215 °C. 


6-77. List several advantages and disadvantages of steam distillation as a method of purification. 

6-78. Explain why the distillate collected from the steam distillation of cinnamon is cloudy. 

6-79. Calculate the weight of water required to steam distill 500 mg of bromobenzene at 95 °C. The vapor pressure of 
water at this temperature is 640 torr; that of bromobenzene is 120 torr. 

6-80. Steam distillation may be used to separate a mixture of p-nitrophenol and o-nitrophenol. The ortho isomer distills at 
93 °C; the para isomer does not. Explain. 

6-81. A mixture of nitrobenzene and water steam distills at 99 °C. The vapor pressure of water at this temperature is 
733.2 torr. What weight of water is required to steam distill 300 mg of nitrobenzene? 


BIBLIOGRAPHY 
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Reductive Catalytic Hydrogenation 
of an Alkene: Octane 


Common name: octane 
CA number: [1111-65-9] 
CA name as indexed: octane 


Purpose. This experiment shows you how to reduce the carbon-carbon dou- 
ble bond of an alkene by addition of molecular hydrogen (H>). You will gain an 
understanding of the important role that metal catalysts play in the stereospe- 
cific reductions of alkenes (and alkynes), to form the corresponding alkanes, 
by the activation of molecular hydrogen. You can observe the powerful influ- 
ence on column chromatography of heavy metal ions, such as silver (Ag*), 
which lead to effective separation of mixtures of alkenes from alkanes. Finally, 
you will appreciate the enormous importance and breadth of application of 
these reduction reactions in both industrial synthesis and basic biochemistry 
(for important examples see Experiment [8]) 
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REACTION 
H,PtCl, 
CH,— (CH,);—CH=CH, ace CH,— (CH,);—CH,—CH, 
a 
1-Octene C,H.OH Octane 
HCl(6 M) 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Technique 6: Chromatography 
Column Chromatography (pp. 92-95) 
Concentration of Solutions (pp. 101-104) 


DISCUSSION 


The addition of hydrogen to an alkene (or to put it another way, the saturation 
of the double bond of an alkene with hydrogen) to produce an alkane is an im- 
portant reaction in organic chemistry. Alkanes are also called saturated hydro- 
carbons, because the carbon skeletons of alkanes contain the greatest possible 
number of hydrogen atoms permitted by tetravalent carbon atoms; alkenes are 
thus unsaturated hydrocarbons. Hydrogenation reactions have widespread use 
in industry. For example, we all consume vegetable fats hardened by partial hy- 
drogenation (see Experiment [8]) of the polyunsaturated oils that contained sev- 
eral carbon-carbon double bonds per molecule as isolated from their original 
plant sources. Partially hydrogenated fats represented a consumer market of 
over 2.9 billion pounds in 1992. Since that time major restaurants, fast food 
chains, and food producers have greatly lowered the amount of trans fats in their 
produts. Furthermore, batch processes involving hydrogenation reactions are 
nondiscriminating when considering the geometric isomers cis and trans. 

The hydrogenation reaction is exothermic; the energy released is approxi- 
mately 125 kJ/mol for most alkenes, but on the kinetic side of the ledger, this 
reductive pathway requires a significant activation energy to reach the transi- 
tion state.Thus, alkenes can be heated in the presence of hydrogen gas at high 
temperatures for long periods without any measurable evidence of alkane for- 
mation. However, when the reducing reagent (H) and the substrate (the alkene) 
are in intimate contact with each other in the presence of a finely divided 
metal catalyst, rapid reaction does occur at room temperature. Under these 
conditions, successful reduction is generally observed at pressures of 1—4 atm. 
For this reason, this reaction is often referred to as low-pressure catalytic 
hydrogenation. These reactions are called heterogeneous reactions, since they 
occur at the boundary between two phases—in this case a solid and a liquid. 

The main barrier to the forward progress of the reaction is the very strong 
H—H bond that must be broken. Molecular hydrogen, however, is adsorbed 
by a number of metals in substantial quantities; indeed, in some instances the 
amount of hydrogen contained in the metal lattice can be greater than that in 
an equivalent volume of pure liquid hydrogen! In this adsorption process the 
H—H bond is broken or severely weakened. (This adsorption process, which 
necessarily involves a large exchange of chemical energy between the metal 
lattice and the adsorbed hydrogen, may in some, as yet unexplained way, be 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c06_188-254.qxd 


11/17/09 


1:32 PM Page 246 an 


246 CHAPTER 6 Microscale Organic Laboratory Experiments 


related to the “cold fusion” problem in which palladium saturated with a 
heavy isotope of hydrogen [deuterium] allegedly exhibits apparent excess 
thermal energies on electrolysis.) 

The 7 system of the alkene is also susceptible to adsorption onto the metal 
surface and when this occurs the barrier to reaction between the alkene and 
the activated hydrogen drops dramatically. 

Catalytic hydrogenations are also a representative example of a class of or- 
ganic reactions known as addition reactions, which are reactions in which two 
new substituents are added to a molecule (the alkene substrate in this case) 
across a 7 system. Usually addition is 1,2, but in extended m systems such as 
1,3 dienes, the addition may occur 1,4. In catalytic hydrogenations, formally, 
one hydrogen atom of a hydrogen molecule adds to each carbon of the alkene 
linkage, C=C. It is not at all clear that both hydrogen atoms must come from 
the same original hydrogen molecule even though they are added stereo- 
specifically in syn (cis) fashion while both systems are coordinated with the 
metal surface. A representation of the stereochemistry of this addition is given 
below. 

The metals most often used as catalysts in low-pressure (1-4 atm) hydro- 
genations in the laboratory are nickel, platinum, rhodium, ruthenium, and 
palladium. In industry, high-pressure, large-scale processes are more likely to 
be found. For example, Germany had little or no access to naturally formed 
petroleum deposits during World War II, but did possess large coal mines. The 
Germans mixed powdered coal with heavy tar (from previous production 
runs) and 5% iron oxide and heated this in the presence of H; at a pressure of 
3000 Ib/in?, at about 500 °C for 2 h to yield synthetic crude oil. Thirteen Ger- 
man plants operating in 1940 produced 24 million barrels that year, with an 
average of 1.5—2 tons of coal ultimately converted to about 1 ton of gasoline. 

In the present experiment the metal catalyst, platinum, is generated in situ 
by the reaction of chloroplatinic acid with sodium borohydride. The reduced 
platinum metal is formed in a colloidal suspension, which provides an enor- 
mous surface area, and therefore excellent conditions, for heterogeneous 
catalysis. The molecular hydrogen necessary for the reduction can also be con- 
veniently generated in situ by the reaction of sodium borohydride with hy- 
drochloric acid: 


4. NaBH, + 2HCl + 7H,O —> Na,B,O, + 2 NaCl + 16H, 


This reduction technique does not require equipment capable of safely 
withstanding high pressures. The use of chloroplatinic acid, therefore, is par- 
ticularly attractive for saturating easily reducible groups, such as unhindered 
alkenes or alkynes, in the laboratory. The potential limitation to the use of this 
reagent is that other reducible functional groups, such as aldehydes and ke- 
tones, normally inert to catalytic hydrogenations of alkenes and alkynes, may 
be reduced by the sodium borohydride. Thus, with chloroplatinic acid and 
sodium borohydride, we accept, as a compromise, a more limited set of poten- 
tial reactants (substrates) for the convenience inherent in the reagent. 

The platinum catalyst generated in the reaction medium adsorbs both the 
internally generated molecular hydrogen and the target alkene on its surface. 
The addition of the hydrogen molecule (H>) (evidence strongly suggests that it 
is actually atomic hydrogen that attacks the alkene 7 system) to the alkene sys- 
tem while they are both adsorbed on the metal surface results in the reduction 
of the substrate and the formation of an alkane. The addition is, as mentioned 
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earlier, syn (or cis), since both hydrogen atoms add to the same face of the 
alkene plane. The mechanistic sequence is outlined below: 


As molecular plane descends parallel to surface, + electrons 


of double bond begin to interact and weaken the w bond. 
imetal surface} 


Surface bound H3. \ vA re yr" K 
+ H—H c= %s s 
\ 
ee ff ete fC OP RR ee 
a 


Molecular bond weakens- 
some atomization takes place. 


Both carbons are released from Carbon still 
metal surface and reduced systern ; 4 surface bound. 
moves away. a8 F 


H atoms therefore are added ta 
the plane of the double bond in a tt 
syn (cis) fashion, 









Hydrogen atom migrates to start 
bond formation with carbon, 





Second H atom 
Migrates and starts 


C-H bond formation. 





Carbon released 


from metal surface 
as C-H bond 
formation occurs. 





This experiment also provides an opportunity for you to study a powerful 
aspect of column chromatography in which heavy metal ions have a particu- 
larly important role in the purification of the product. Unreacted alkene has the 
potential to be a problem contaminant during the isolation and purification of 
the relatively low-boiling saturated reaction product.The successful removal of 
the remaining 1-octene from the desired n-octane in the product mixture is 
achieved by using column chromatography with silver nitrate/silica gel as the 
stationary phase. Complex formation between the silver ion (on the silica gel 
surface) and the 7 system of the unreacted alkene acts to retard the rate of elu- 
tion of the alkene relative to that of the alkane. 

The ability of alkenes to form coordination complexes with certain metal 
ions having nearly filled d orbitals was established some time ago. In the case 
of the silver ion complex with alkenes, the orbital nature of the bonding is be- 
lieved to involve a o bond formed by overlap of the filled 7 orbital of the 
alkene with the free s orbital of the silver ion plus a 7 bond formed by overlap 
of the vacant antibonding 1* orbitals of the alkene together with the filled d 
orbitals of the metal ion. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 





Physical Properties of Reactants 








Compound MW Amount mmol bp(°C) d Np 
1-Octene 112.22 120 pL 0.76 121.3 0.72 1.4087 
Ethanol (absolute) 46.07 1.0 mL 78.5 


Chloroplatinic acid (0.2 M) 517.92 50 pL 
Sodium borohydride (1 M) 37.83. 125 wL 
Dilute HCl (6 M) 100 pL 
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thermometer 


Step I: 
0.2 M H,PtCl, solution, 
pl + 
CH;CH.0H, 1.0 mL 
+ NaBH, solution, 125 pL 
Step tt: 
6 M HCI, 100 pL 
+ Loctene, 120 wl 
+ NaBH, solution, 1.0 mL 





Reagents and Equipment. Equip a 5.0-mL conical vial containing a mag- 
netic spin vane with a Claisen head fitted with a rubber balloon and Teflon- 
lined rubber septumcap (good GC septa work best—this is an important point, 
because several injections through the septum are required and the seal must 
remain gas-tight). Mount the assembly in a sand bath on a magnetic stirring 
hot plate («). 


NOTE. 1. No residual acetone (perhaps from cleaning the equipment) can be pres- 
ent since it reacts with the NaBH. 2. The balloon must make a gas-tight seal to 
the Claisen head, so be sure to secure it with copper wire or a rubber band. 


Remove the 5.0-mL vial from the Claisen head and add the following 
reagents. Recap the vial after each addition. 


a. Add 50 wL of a 0.2 M solution of chloroplatinic acid (H2PtCl,) (automatic 
delivery pipet). 

b. Add 1.0 mL of absolute ethanol (calibrated Pasteur pipet). 

c. Add 125 pL of the sodium borohydride reagent (automatic delivery pipet). 


NOTE. Reattach the vial immediately to the Claisen head after the NaBH, solu- 
tion is added. 


Stir the mixture vigorously. The solution should turn black immediately as 
the finely divided platinum catalyst is formed. 


INSTRUCTOR PREPARATIONS. 1. The 0.2 M H>PtCl¢ solution is prepared by 
adding 41 mg (0.1 mmol) of the acid to 0.5 mL of deionized water. 2. The sodium 
borohydride reagent is prepared by adding 0.38 g (0.01 mol) of NaBH, to a solu- 
tion of 0.5 mL of 2.0 M aqueous NaOH in 9.5 mL of absolute ethanol. 


After 1 min, use a syringe to add 100 wL of 6 M HCl solution through the 
septum cap. In a like manner using a fresh syringe, add immediately to the acid 
solution, a solution of 120 wL (86 mg, 0.76 mmol) of 1-octene dissolved in 
250 wL of absolute ethanol. (This solution is conveniently prepared in a 1-mL 
conical vial; the reagents are best dispensed using automatic delivery pipets.) 

Now add dropwise (clean syringe) 1.0 mL of the NaBH, reagent solution 
over a 2-min interval. 


NOTE. At this point the balloon should inflate and remain inflated for at least 
30 min. If it does not, the procedure must be repeated. 


Reaction Conditions. Stir the reaction mixture vigorously at a sand bath 
temperature of 50 °C for 45 min. 


Isolation of Product. Cool the reaction to ambient temperature and drop- 
wise add 1 mL of water. Extract the resulting mixture in the reaction vial with 
three 1.0-mL portions of pentane. Transfer each pentane extract to a stoppered 
25-mL Erlenmeyer flask containing 0.5 g of anhydrous sodium sulfate. 

The reaction mixture is extracted as follows. Upon addition of each portion 
of pentane, cap the vial, shake, vent carefully, and then allow the layers to sep- 
arate. A Vortex mixer may be used if available. The transfers must be made us- 
ing a Pasteur filter pipet because the pentane solvent is particularly volatile. 
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Using a Pasteur filter pipet, transfer the dried solution to a second 25-mL 
Erlenmeyer flask. Rinse the drying agent with an additional 1.0 mL of pentane 
(calibrated Pasteur pipet) and add the rinse to this second flask. Add a boiling 
stone and concentrate the solution to a volume of about 1.0—-1.5 mL by warm- 
ing it gently in a sand bath in the hood. HOOD 


Purification and Characterization. The saturated product, n-octane, is 
purified by column chromatography. In a Pasteur filter pipet place about 50 mg 
of sand, 500 mg of 10% silver nitrate on activated silica gel (200 mesh), and 
then 50 mg of anhydrous sodium sulfate (=). 





Anhydrous 
Nag5Qq4, 50 mg 


10% AgNQ3/Si05, 
500 mg 

Sand, 50 me 

Cotton Plug 


CAUTION: | Silver nitrate stains the skin. Protective gloves should be 
worn during this operation. The ~10% silver nitrate/silica gel used in 


this separation is commercially available. Octane + 
pentane, 


~25 mL 





Wet the column with 0.5 mL of pentane (calibrated Pasteur pipet) and 
then transfer the concentrated crude product, as obtained above, to the col- 
umn by Pasteur filter pipet. Elute the octane from the column using 1.5 mL of 
pentane and collect the eluate in a tared 5.0-mL conical vial containing a boil- 
ing stone. 

Fit the vial with an air condenser and then place the assembly in the hood HOOD 
in a sand bath maintained at a temperature of 90-100 °C to evaporate the pen- 
tane solvent. 


OPTIONAL. The evaporation is continued until a constant weight of product is 
obtained. This procedure is the best approach, but has to be done very carefully or 
a considerable amount of product can be lost. 


Record the weight of product and calculate the percent yield. Determine 
the boiling point and refractive index (optional) of your material and compare «{www 
your results with those reported in the literature for octane. Obtain an IR spec- 
trum. Compare your results with those reported in the literature (Aldrich 
Library of IR Spectra and/or SciFinder Scholar). Also, compare your IR spec- 
trum to that of the 1-octene starting material. Can you establish from the 
above data if your sample is contaminated by traces of the pentane extraction 
solvent? If not, how would you go about determining the presence of this po- 
tential impurity? 


QUESTIONS 


6-82. Squalene, first isolated from shark oil and a biological precursor of cholesterol, is a long-chain aliphatic alkene 
(Cs9Hs0). The compound undergoes catalytic hydrogenation to yield an alkane of molecular formula C3 9.H¢2. How 
many double bonds does a molecule of squalene have? 

6-83. A chiral carboxylic acid A (C;H¢O>) reacts with 1 mol of hydrogen gas on catalytic hydrogenation. The product is an 
achiral carboxylic acid B (C;HgO2). What are the structures of compounds A and B? 

6-84. Two hydrocarbons, A and B, each contain six carbon atoms and one C=C. Compound A can exist as both E and Z 
isomers but compound B cannot. However, both A and B on catalytic hydrogenation give only 3-methylpentane. 
Draw the structures and give a suitable name for compounds A and B. 

6-85. What chemical test would you use to distinguish between the 1-octene starting material and the octane product? 

6-86. Give the structure and names of five alkenes having the molecular formula CsH,, that produce hexane on catalytic 
hydrogenation. 
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Hydroboration-—Oxidation of an Alkene: 
Octanol 


Common name: octanol 
CA number: [111-87-5] 
CA name as indexed: 1-octanol 


Purpose. The oxidation of an alkene to an alcohol is investigated via the in 
situ formation of the corresponding trialkylborane, followed by the oxidation 
of the carbon—boron bond with hydrogen peroxide. The conditions required 
for hydroboration (a reduction) of unsaturated hydrocarbons are explored. 
Alkylboranes are particularly useful synthetic intermediates for the prepara- 
tion of alcohols. The example used in this experiment is the conversion of 
1-octene to 1-octanol in which an anti-Markovnikov addition to the double 
bond is required to yield the intermediate, trioctylborane. Since it is this alkyl 
borane that subsequently undergoes oxidation to the alcohol, hydroboration 
offers a synthetic pathway for introducing substituents at centers of unsatura- 
tion that are not normally available to the anti-Markovnikov addition reac- 
tions that are based on radical intermediates. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Technique 6: Chromatography 
Column Chromatography (pp. 92-95) 
Concentration of Solutions (pp. 101-104) 
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REACTION 
THF -BH, H,O, 
3 CH,— (CH,);—CH=CH, > [CH,(CH,),],B OH- 3 CH;— (CH,),—OH 
1-Octene Trioctylborane 1-Octanol 
DISCUSSION 


The course of this reaction depends (1) on the stereospecific reductive addition of 
diborane (B>Hg, introduced as the borane - tetrahydrofuran complex (BH3 - THF)) 
to an alkene to form an intermediate trialkylborane and (2) on oxidation of the 
borane with alkaline hydrogen peroxide to yield the corresponding alcohol. 

The first step in the reaction sequence is generally called a hydroboration.'* 
The addition of diborane is a rapid, quantitative, and general reaction for all 
alkenes (as well as alkynes) when carried out in a solvent that can act as a 
Lewis base. The ether solvation of the diborane, for example, is the key to the 
success of this reaction. In the absence of a Lewis base, borane (BH3) exists as 
a dimer (B2H,), which is much less reactive than the monomer (BH3). Borane, 
however, does exist in coordination with ether type solvents. It is the 
monomer (BHs) that functions as the active reagent in the reductive addition. 

As depicted in the following mechanism, the boron hydride rapidly adds 
successively to three molecules of the alkene to form a trialkylborane. 





CH,—(CH,),-HC=CH, > CH,—(CH,);—CH,—CH,—BH, 


repeat | 2 CH3—(CH)); —CH=CH) 


[CH,(CH,),—CH,—CH,],B 


Note that the transition state of this addition reaction is generally consid- 
ered to be a four-center one, and that the 1-octene substrate is oriented such 
that the boron becomes bonded to the least-substituted carbon atom of the 
double bond. Thus, the reaction can be classified as regioselective, and it will be 
sensitive to substitution on the carbon-carbon double bond. 

In the developing transition state, the alkene 7 electrons (the least tightly 
held, and most nucleophilic) flow to the electron-deficient boron atom (the 
vacant p orbital is the electrophile). The formation of the transition state is con- 
trolled in large part by the polarization of the alkene m system during the 
early stages of formation of the transition state. At this point a partial positive 
charge begins to form on the more highly substituted carbon (the more sta- 
ble carbocation), and a partial negative charge on the least substituted car- 
bon. The orientation of the polarization, therefore, is to a large extent 
controlled by the electron-releasing effects of the alkyl substituents on the 
alkene, which enables the more highly substituted of the sp* carbon atoms to 
better accommodate the positive charge. As the reaction proceeds, the boron 
acquires a partial negative charge in response to the incoming electron 


“For references relating to the use of diborane as a hydroboration reagent, see Experiment 
www)» [Lac 
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density. The ease of hydride (:H) transfer from the boron to the more highly 
substituted carbon atom of the alkene, therefore, increases. Thus, hydroboration 
involves simultaneous hydride release and boron—carbon bond formation, and 
is a concerted reaction. The reaction can be conveniently considered as passing 
through a four-centered transition state, wherein the atoms involved undergo 
simultaneous changes in bonding (i.e., electron redistribution [see below]). 


Re OH 
\ R’ 
! Zz 
H--- BO 


Hydroboration, as we have seen, can be classified as a concerted addition 
reaction in which no intermediate is formed. The mechanism is characteristic 
of a group of reactions called pericyclic (from the Greek, meaning around the 
circle) reactions, which involve a cyclic shift of electrons in and around the 
transition state. The mechanism proposed is further supported by the fact that 
rearrangements are not normally observed in hydroboration reactions, which 
implies that there are no carbocationic intermediates. 

When alkenes with varying degrees of substitution undergo hydrobora- 
tion, the boron ends up on the least substituted sp* carbon atom. While it 
might appear from the products that the regioselectivity is controlled by steric 
factors, this assumption is probably too simplistic. Steric and electronic factors 
both favor, and are both likely responsible for, the observed regioselectivity in 
hydroboration reactions. 

Accumulated evidence demonstrates that the reaction occurs by syn addi- 
tion, which is a consequence of the four-centered transition state. Therefore, 
the new C—B and C—H bonds are necessarily formed on the same face of the 
C=C bond, as shown in the following example: 


HC 
syn 
HC addition 
H 
H B 


B 


\ 


Organoboranes are important in organic synthesis as reactive intermedi- 
ates. Reactions have been developed by which the boron atom may be re- 
placed by a wide variety of functional groups, such as —H, —OH, —NHb, 
—Br, —I, and —COOH. The present experiment demonstrates the conversion 
of an organoborane to an alcohol by oxidation with alkaline hydrogen perox- 
ide. It is not necessary to isolate the organoborane prior to its oxidation. This 
simplification is particularly fortuitous in this case, since most alkylboranes, 
when not in solution, are pyrophoric (spontaneously flammable in air). 

With regard to the second stage of the hydroxylation process, there is now 
conclusive evidence that oxidation of the C—B bond proceeds with retention 
of configuration at the carbon atom bearing the boron. That is, the hydroxyl 
group that replaces the boron atom has the identical orientation in the mole- 
cule as the boron: 
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H,C 
H,O,, NaOH 
— 
H,O 


H H | 


H,C 


Thus, in unsymmetrical alkenes the hydroboration—oxidation sequence of re- 
actions leads to the addition of the elements of H—OH to the original C=C in 
an anti- Markovnikov manner. 

In the oxidation step a hydroperoxide anion (HOO ) is generated in the al- 
kaline medium. This species makes a nucleophilic attack on the boron atom to 
form a boron hydroperoxide. A 1,2 migration of an alkyl group from boron to 
oxygen occurs to yield a boron monoester (a borate). Hydrolysis of the boron tri- 
ester, generated by successive rearrangement of all three alkyl groups, produces 
the desired alcohol. The mechanism of the oxidation sequence is given below. 


R R 
LY | 


R,B_ + HOO: ——> R—B—O—OH ——> R—B—OR + :OH” 
Me 





|_ 7 
R 
R OR OR 
a sie ree? 7 
B—OR + HOO: > R—B--O—OH > R—B—OR + :OH 
R R 
OR on 
R—B + HOO: ——> RO—B—OSOH —= (RO),B + :OH™ 
Nes |__ 3% 
OR R 


H,O 
B(OR), + OH ——> 3 ROH + BCH); 


In the final step, alkaline hydrolysis of the trialkyl borate ester yields 
3 moles of the alcohol. 

The effective use of BH, in the hydroboration reaction was discovered 
in 1955 by H. C. Brown, and is just one of the many important hydride 
reagents developed by Professor Brown and his coworkers at Purdue 
University. 


Herbert Charles Brown (1912) Brown obtained his B.S. in chemistry from 
the University of Chicago (1936) and his Ph.D. from the same institution in 
1938. He later became a Professor of Chemistry at Wayne State and Purdue 
Universities. 

Working with H. I. Schlesinger at the University of Chicago, Brown devel- 
oped practical routes for the synthesis of diborane (BH). He discovered that 
diborane reacted rapidly with LiH to produce lithium borohydride (LiBHy,), 
discovering and opening a synthetic route to the metal borohydrides. These 
compounds proved to be powerful reducing agents. Later, he developed an ef- 
fective route to NaBHy, which led to the commercial production of this mate- 
rial. Metal borohydrides, particularly LiAIH, (developed by Schlesinger and 
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1-Octene, 2710 pL 
+ 1M BH,*THF, 500 pL 





Albert Finholt), have revolutionized how organic functional groups are reduced 
in both the research laboratory and the industrial plant. 

In 1955, Brown discovered that alkenes can be converted to organobo- 
ranes by reaction with diborane (actually the monomer in ether solution) and 
with organoboranes containing a B—H bond (the hydroboration reaction). 
The organoboranes are valuable intermediates in organic synthesis because 
the boron substituent can be quickly and quantitatively replaced by groups 
such as —OH, —H, —NHz, or —X (halogen). Thus, organoboranes have be- 
come an attractive pathway for the preparation of alcohols, alkanes, amines, 
and organohalides. 

Brown’s investigation of the addition compounds of trimethyl borane, 
diborane, and boron trifluoride with amines has provided a quantitative esti- 
mation for steric strain effects in chemical reactions. He also investigated the 
role of steric effects in solvolytic, displacement, and in elimination reactions. 
His results demonstrate that steric effects can assist, as well as hinder, the rate 
of a chemical reaction. 

Brown has published over 700 scientific papers and is the author of several 
texts. For his extensive work on organoboranes, Brown (with G. Wittig [organ- 
ophosphorus compounds]) received the Nobel Prize in Chemistry in 1979.'° 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 4.0 h. 





Physical Properties of Reactants 








Compound MW Amount mmol bp(°C) d Np 
1-Octene 112.22 210 pL 1.34 121 0.72 1.4087 
Borane * THF (1M) 500 pL 0.50 


Sodium hydroxide (3 M) 40.00 300 pL 
Hydrogen peroxide (30%) 34.01 300 pL 











Reagents and Equipment. Equip a 5.0-mL conical vial, containing a spin 
vane, with a Claisen head fitted with a rubber septum and calcium chloride 
drying tube (#). Through the rubber septum add 210 wL (150 mg, 1.34 mmol) 
of 1-octene (in one portion) with a 1.0-cm’ syringe. 


NOTE. Dry the glassware and syringe in a 100 “C oven for at least 30 min before 
use. An alternate method is to “flame-out” the glassware with a microburner and 
a flow of dry nitrogen, and to then add the drying tube and caps. 


Cool the reaction vessel in an ice bath and, using the same syringe, add 
500 wL (0.5 mmol) of the 1 M borane - THF solution through the septum over 
a 5-min period. 





CAUTION: The BH; + THF reagent reacts violently with water. 





See McGraw-Hill Modern Scientists and Engineers; S. P. Parker, Ed.; McGraw-Hill: New York, 
1980, Vol. 1, p. 150. 
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Reaction Conditions. Allow the reactants to warm to room temperature 
and then stir for 45 min. Using a Pasteur pipet, carefully add two drops of 
water to hydrolyze any unreacted borane complex. 


NOTE. At this stage of the procedure the vial may be removed from the Claisen 
head, capped, and allowed to stand until the next laboratory period. 


If the experiment is not interrupted, proceed by first removing the reaction 
vial from the Claisen head. Then use a graduated 1.0-mL pipet to add 300 wL 
of 3 M NaOH solution, followed by the dropwise addition of 300 wL of 30.0% 
hydrogen peroxide solution over a 10-min period using another graduated 
1.0-mL pipet. Stir the reaction vial gently after each addition. 





CAUTION: Hydrogen peroxide blisters the skin. Concentrated solutions 
of hydrogen peroxide can explode! 





Attach the vial to a reflux condenser and warm the reaction mixture with 
stirring, for 1 h in a sand bath at 40-50 °C (m). 

Cool the resulting two-phase mixture to room temperature and use for- 
ceps to remove the spin vane. Add 0.5 mL of diethyl ether to establish a rea- 
sonable volume for extraction of the organic phase. 









thermometer 
Isolation of Product. Using a Pasteur filter pipet, separate the bottom 
aqueous layer and transfer it to a 3.0-mL reaction vial. Save the organic phase 
in the 5.0-mL conical vial. 

Extract the aqueous phase placed in the 3.0-mL conical vial with two 1.0-mL 
portions of diethyl ether. Upon the addition of each portion of ether, cap, 
shake, and carefully vent the vial and allow the layers to separate. The top 
ether layer is then separated using a Pasteur filter pipet and the ether extracts 


3 M NaOH, 300 ul + 
are combined with the previously saved organic phase in the 5.0-mL conical 30% H202, 300 ul + 


(CH3(CH2)7]3B intermediate + 
0.5 mL THF 


vial. If a solid forms during the extraction, add a few drops of 0.1 M HCl. 

Extract the combined organic phases with 750 wL of 0.1 M HCI solution, 
followed by extraction with several 0.5-mL portions of distilled water or until 
the aqueous extract is neutral to pH paper. Transfer the neutral organic phase 
to a 10-mL Erlenmeyer flask. Rinse the conical vial with a further 0.5 mL of 
ether and combine the rinse with the ether solution in the Erlenmeyer flask. 
Add granular anhydrous sodium sulfate (Na2SO4) (200 mg) to the combined 
organic phases and let it stand with occasional swirling for 20 min. If large 
clumps of drying agent form, add an additional 100 mg of Na2SOx. The solu- 
tion should be clear at the end of the drying period. Then transfer the solution 
to a tared 3.0-mL conical vial in 1-mL aliquots, add a boiling stone to the vial, 
and concentrate by warming in a sand bath (60-65 °C) in the hood to yield the HOOD 
crude product residue. 

Weigh the vial and calculate the crude yield. 


Gas Chromatographic Analysis. This crude product is easily analyzed by 
gas chromatography. The procedure involves the injection of 10 wL of the liq- 
uid material onto a j-in. X 8-ft steel column packed with 10% Carbowax 
80/100 20M PAW-DMS. Experimental conditions are He flow rate, 50 mL/min; 
chart speed, 1 cm/min; temperature, 190 °C. 

The liquid components elute in the order: unreacted 1-octene, a small 
amount of 2-octanol, and the major product, 1-octanol. Approximate reten- 
tion times (conditions above) are 1.3, 3.1, and 4.2 min, respectively. 
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QUESTIONS 


Anhydrous 


Na,SO,4, 100 mg 
10% AgNO4-Si0s, 


400 meg 


sand, 5O mg 
Cotton Plug 


1-Octanol in 
2-3 mL 1:4 
ether—pentane 


solution 


HOOD 


Collect the eluted 1-octanol in an uncooled, 4-mm-diameter collection 
tube. Transfer the collected material to a 0.1-mL conical vial (see Technique 1). 
This material may then be analyzed by IR spectroscopy and/or used in 
the procedure described in the following section on Purification and 
Characterization. 


Purification and Characterization. Pack a Pasteur filter pipet with 400 mg 
of 10% silver nitrate-treated activated silica gel followed by 100 mg of anhy- 
drous sodium sulfate. Dissolve the organic residue isolated above in 500 wL of 
pentane (spectral or HPLC grade) and then transfer this solution by Pasteur 
filter pipet to the column (). Elute the material from the column with 3 mL 
of a 1:4 diethyl ether—pentane solution. Collect the eluate in a tared 5.0-mL 
conical vial containing a boiling stone. 

Concentrate the collected eluate to a constant weight by warming on a 
sand bath (60-65 °C.) in the hood. Weight the octanol product and calculate 
the percent yield. 

This product may again be analyzed by gas chromatography. Follow the 
procedure and experimental conditions outlined above. The 1-octene impurity 
should have been removed during the column chromatography step. The 
small percentage of 2-octanol byproduct, however, more than likely will still 
be detected. The actual percent composition of the mixture can be calculated 
by determination of the areas under the chromatographic peaks (see 
Technique 1). 

Obtain an IR spectrum of the alcohol and compare your result to that 
recorded in the literature (Aldrich Library of IR Spectra and/or SciFinder 
Scholar). 


Chemical Tests. A positive ceric nitrate test (Chapter 9) should confirm the 
presence of the alcohol grouping. The ignition test may be used to establish 
that the material is an aliphatic species. The phenyl or a-naphthylurethane de- 
rivative may also be prepared to further characterize the alcohol (Chapter 9). 

It might also be of interest to determine the solubility characteristics of 
this Cg alcohol in water, ether, concentrated sulfuric acid, and 85% phosphoric 
acid (Chapter 9). Do your results agree with what you would predict for this 
alcohol? 

What chemical tests would you perform to determine the difference be- 
tween the starting alkene and the alcohol product? 


6-87. Using the hydroboration reaction, outline a reaction sequence for each of the following conversions: 
(a) 1-Butene to 1-butanol 
(b) 1-Methylcyclohexene to trans-2-methylcyclohexanol 
(c) 2-methylpropene to 2-methyl-1-propanol 


6-88. When diborane (B2Hg) dissociates in ether solvents, such as tetrahydrofuran (THF), a complex between borane 
(BHs) and the ether is formed. For example, 


B,H, + 2 x] — 2 [ >-aH, 


(a) In the Lewis sense, what is the function of BH3 as it forms the complex? Explain. 
(b) Write the Lewis structure for BH. Diagram its expected structure indicating the bond angles in the molecule. 
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6-89. In reference to question 6-88a: 
(a) Explain why borane (BHs) reacts readily with the m-electron system of an alkene. 
(b) Explain why diborane (B2H,) reacts only very slowly with C=C groups. 

6-90. In an unsymmetrical alkene, the boron atom adds predominantly to the least substituted carbon atom. For example, 
2-methyl-2-butene gives the products indicated below: 





ca CH, CH, H 
__ BH, _ 4 
CH;~CH=CH—CH, > CH, ’ CH,—CH, + CH;—CH CH, 
BH, BH, 
2% 98% 


(Diglyme: CH30 —CH,CH,—0 —CH,CH)— OCHs, 
diethyleneglycol dimethyl ether) 


Offer a reasonable explanation to account for the ratio obtained. 


NOTE. The above solvent (diglyme) has been shown to cause a significant increase in the number of miscarriages by 
workers who come in contact with it. 


6-91. An advantage of the hydroboration reaction is that rearrangement of the carbon skeleton does not occur. This lack of 
migration contrasts with results obtained upon the addition of hydrogen chloride to the double bond. For example, 


CH, CH CH 
HCl 
CH;—CH—CH=CH, ——> CH,;—CH a CH, + CH, . CH,CH, 
cl cl 








CH, CH, 





| BH | 
CH;—-CH—CH=CH, ——> CH;—CH—CH,CH,BH, 


Offer an explanation for the difference in these results. 
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Diels-Alder Reaction: 4-Cyclohexene-cis- 
1,2-dicarboxylic Acid Anhydride 


Common name: 4-cyclohexene-cis-1,2-dicarboxylic acid anhydride 
CA number: [85-43-8] 
CA name as indexed: 1,3-isobenzofurandione, 3a,4,7,7a-tetrahydro- 
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Purpose. This experiment demonstrates the use of the Diels—Alder reaction 
in the preparation of six-membered carbocyclic rings. The cyclic products are 
obtained by reaction of a conjugated diene with an alkene. The illustration 
given here involves the treatment of 1,3-butadiene (generated in situ) with 
maleic anhydride to form the corresponding Diels—Alder product. These addition 
products are often called adducts. 


Prior Reading 


Technique 7: Collection or Control of Gaseous Products (pp. 105-107) 
Chapter 8: Infrared Spectroscopy (pp. 539-561) 
Nuclear Magnetic Resonance Spectroscopy (pp. 561-593) 


REACTION 
O a | 
ee SF heat c 
| —> +. 
WN SS 
3-Sulfolene s-cis-1,3-Butadiene 
O H O 
= H 
“NT _7 heat 
O —> O 
D. a | 
s-cis-1,3-Butadiene H 
O Ho 
Maleic Diels-Alder product: 
anhydride 4-cyclohexene-cis-1,2- 


dicarboxylic anhydride 


Otto Paul Hermann Diels (1876-1954) Diels obtained his Ph.D. in 1899 
while studying with Emil Fischer at the University of Berlin. He later became 
Associate Professor of Chemistry at the University of Berlin, and in 1916 he 
moved to the University of Kiel. In 1906 Diels discovered carbon suboxide gas 
(C305), obtained from the dehydration of malonic acid. He did extensive stud- 
ies on saturated fats and fatty acids. Diels also developed the use of selenium 
as a mild dehydrogenation agent. This latter work led to the commercial pro- 
duction of polyunsaturated oils. 

In the same year that he identified carbon suboxide, Diels began to inves- 
tigate cholesterol with E. Abderhalden. The structure of this lipid had not yet 
been determined. He was the first to study the products of the selenium dehy- 
drogenation of cholesterol and isolated a hydrocarbon (CigHj¢), which be- 
came known as “Diels’ hydrocarbon.” This substance proved to possess the 
basic steroidal ring structure; its subsequent synthesis by Diels in 1935 (almost 
30 years after he started this work) led to the rapid elucidation of the structures 
of a vast array of steroidal sex hormones, saponins, cardiac glycosides, bile 
pigments, and adrenal cortical hormones, such as cortisone. 

Diels, however, is best known for his discovery (with his student Kurt 
Alder) of the reaction that now bears his name (it is now known as the 
Diels—Alder cycloaddition reaction), which was first published in 1928 (see Diels, 
O.; Alder, K. Liebigs Ann. Chem. 1928, 460, 98). This reaction involves the 1,4 
addition of dienophile reagents to diene substrates to produce six-membered 
cycloalkenes. The reaction has found extensive application in the synthesis of 
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terpenes and other natural products, since six-membered rings abound in the 
metabolites of living systems, and because for some time it was one of the few 
methods available for the synthesis of these cyclic structures. Because of the 
impact of their work in the field of organic synthesis, Diels shared the 1950 
Nobel Prize (in chemistry) with Alder. He also was the author of a popular 
textbook (Einfuhrung in die organische Chemie), first published in 1907, which 
went through 19 editions by 1962.'* 


DISCUSSION 


The Diels—Alder reaction is one of the most useful synthetic reactions in organic 
chemistry because, in a single step, it produces two new carbon-carbon bonds 
and up to four stereocenters. It is an example of a [4 + 2] cycloaddition reaction 
(4 m electrons + 2 7 electrons) between a conjugated 1,3-diene and an alkene 
(dienophile; to have an affinity for dienes, from the Greek philos, meaning lov- 
ing), which leads to the formation of cyclohexenes. Alkynes may also be used as 
dienophiles, in which case the reaction produces 1,4-cyclohexadienes. The reac- 
tion proceeds faster if the dienophile bears electron-withdrawing groups and if 
the diene bears electron-donating groups. Thus, a,B-unsaturated esters, 
ketones, nitriles, and so on, make excellent dienophiles, which are often used in 
the Diels—Alder reaction. By varying the nature of the diene and dienophile, a 
very large number of compounds can be prepared. Unsubstituted alkenes, such 
as ethylene, are poor dienophiles and react with 1,3-butadiene only at elevated 
temperatures and pressures. These high activation energies (slow reactions) 
pose a particular problem for the Diels—Alder reaction. The Diels—Alder reaction 
is a reversible, equilibrium reaction that is not very exothermic. Since the equi- 
librium constant (K.q) is temperature dependent [Keg = eee, Kg decreases 
with increasing temperature and eventually can become quite small at the high 
temperature needed for the reaction of an unactivated dienophile to proceed at 
a reasonable rate. Elevating the temperature will increase the rate of the reac- 
tion, but this will also reduce the amount of product formed, and therefore the 
lowest possible temperature must often be used. 

The reaction is a thermal cycloaddition (a ring is formed), which occurs in one 
step and is thus a concerted reaction. Both new C—C single bonds and the new 
C=C t bond are formed simultaneously, as the three 7 bonds in the reactants 
break. The electron flow for the reaction is shown below. The reaction is thus 
classified as a pericyclic reaction (from the Greek meaning “around the circle”). 


C—é 
S| 
SS H R’ 


The diene component must be in the s-cis (the’s” refers to the conforma- 
tion about a single bond) conformation to yield the cyclic product with the cis 
C=C required by the six-membered ring. For this reason, cyclic dienes usually 





“wt 
S 


“See Newett, L. C. J. Chem. Educ. 1931, 8, 1493; Dictionary of Scientific Biography, C. C. 
Gillespie, Ed.; Scribner’s: New York, 1971, Vol. IV, p. 90; McGraw-Hill Modern Scientists and 
Engineers, S. P. Parker, Ed.; McGraw-Hill: New York, 1980, Vol.1, p. 289. 
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react more readily than acyclic species. For example, 1,3-cyclopentadiene, 
which is locked in the s-cis configuration, reacts with maleic anhydride about 
1000 times faster than 1,3-butadiene, which prefers an s-trans conformation. 





H CH, 
CH, CH, 
H,C ——— _.. Al 
H H 
s-trans-1,3-Butadiene s-cis-1,3-Butadiene 


The reaction is highly stereospecific and the orientation of the groups on 
the dienophile are retained in the product; thus, the addition must be supra- 
facial-suprafacial. That is, by having the stereochemical information pre- 
served, both new bonds are formed on the same face of the diene and on the 
same face of the dienophile. Thus, two groups that are cis on the dienophile 
will be cis in the product (and trans will give a trans product). 


O 
ae OCH, 
oe | ———= 
a W OCH, 
O 





Carbomethoxy groups cis Carbomethoxy groups cis 
O H,CO._0 
C0 Pee — CI 
we = OCH, 
O 





Carbomethoxy groups trans Carbomethoxy groups trans 


The reaction of cyclopentadiene with maleic anhydride demonstrates the 
further stereochemical consequence of the relative orientation of the reactants 
in Diels—Alder reactions. In this situation, there are two possible ways in which 
the reactants may bond. This reaction leads to the formation of two products: 


the endo and exo stereoisomers: 
H 
O+ ff uW 
\o 
ees) 


O 
Ec» + Cp —- | 
O 
Exo adduct Endo adduct 


Generally, the endo form of the product predominates (endo-rule which is a 
result of secondary orbital overlap between the diene and dienophile), but 
endo/exo ratios may vary, depending on several steric and electronic factors 
and with reaction conditions. 
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The diene used in this experiment, 1,3-butadiene, is a gas at room tempera- 
ture (bp —5 °C), which makes it a difficult reagent to measure and handle in the 
laboratory. Fortunately, 1,3-butadiene can be generated in situ from 3-sulfolene, 
a solid reagent that is easily handled. In an example of a retro-cycloaddition 
reaction, 3-sulfolene decomposes at a moderate temperature to yield sulfur 
dioxide and 1,3-butadiene. 















O 
O a I 
DG ZA heat + 
3-Sulfolene s-cis-1,3-Butadiene 
EXPERIMENTAL PROCEDURE 
Estimated time to complete the experiment: 1.5 h. 
Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) thermometer 
3-Sulfolene 118.15 170 mg 1.42 66 
Maleic anhydride 98.06 90 mg 0.92 60 
Xylene 80 wL 137-140 











Reagents and Equipment. Weigh and place 80 wL of xylene, 90 mg 
(0.92 mmol) of maleic anhydride, and 170 mg (1.42 mmol) of 3-sulfolene in a 
3.0-mL conical vial equipped with an air condenser protected with a calcium 


“ ‘ oe ea 3-Sulfolene, 170 mg, 
chloride drying tube and containing a boiling stone (™). + maleic anhydride, 90 mg 
+ xylene, 80nL 


NOTE. The maleic anhydride should be finely ground and protected from moisture 

to prevent hydrolysis to the corresponding acid. A mixture of xylenes in the boiling- 

point range 137-140 °C will suffice. Use freshly distilled solvent or dry it over molec- 

ular sieves before use. Dispense the xylene in the hood using an automatic delivery HOOD 
pipet. In large laboratory sections it is recommended that the evolved SO be trapped 

(see Prior Reading). 


Reaction Conditions. Heat the reaction mixture to reflux using a sand bath 
for 20 min. Avoid overheating. 





CAUTION: | The reaction is exothermic. Avoid overheating. Sulfur diox- 
ide is evolved in the process and adequate ventilation should be provided. 


Carefully remove the hot conical vial from the sand bath and allow the HOT 
contents to cool to room temperature. 


Isolation of Product. Add 0.5 mL of toluene to the cooled solution, and 
then add petroleum ether (60-80 °C) dropwise until a slight cloudiness per- 
sists. Roughly 0.25-0.35 mL of petroleum ether will be needed. 

Reheat the solution until it becomes clear and then cool it in an ice bath. 
During the recrystallization step, the sides of the vial may have to be scratched with 
a glass rod to induce crystallization. 
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100.00 %T 


0.00 


Anhydride Collect the crystalline product by vacuum filtration and wash the filter cake 


Shetted on the Hirsch funnel with 0.5 mL of cold petroleum ether (60-80 °C) («). 


here 





result. 


, 80 ; 
= teens, 0 Smal Determine the melting point and compare your result with the value found in 
ee al the literature. Obtain an IR spectrum of the material. 

= e reaction involves two reactants (butadiene and maleic anhydride), 
Cent Th tion involves t tants (butadi d maleic anhydrid 


which both contribute functional groups to the product. The infrared spectrum 
of the isolated material reflects this observation. Compare the infrared spec- 


trum of your product with that of the reference spectrum. 


Infrared Analysis. The spectrum of one of the starting materials, 3-sulfolene 
(Fig. 6.27), is representative of an alkene sulfone. The macro group frequency 
train for an unconjugated five-membered ring alkene fits the data reasonably 


4000 3500 3000 2500 2000 1500 1000 em! 5900 


Sample > ~oulfolene 
27 X ABS— Background Scans 4 ss Scans —___16 SS 


Acquisition & Calculation Time 42sec _ Resolution 4.0 cm-' 
Sample Condition ___ solid Cell Window 
Cell Path Length ___L_L"L_EE_ Matrix Material KBr 





Figure 6.27 IR spectrum: 3-Sulfolene. 
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direct characterization. Weigh the material and calculate the percent yield. 


aq aptara 


EQA 


JWCL196_c06_255-308.qxd 11/17/09 1:36 PM Page 263 
$ EQA 


EXPERIMENT 14 Diels-Alder Reaction: 4-Cyclohexene-cis-1,2-dicarboxylic Acid Anhydride 263 


100,00 %T 





0.00 ; = 
4000 3500 3000 2500 2000 1500 1000 em=! 500 





Sample Maleic anhydride 






&T .X ABS — Background Scans_4. Scans —__I16 SE 
Acquisition & Calculation Time 42 sec__ Resolution 4.0 ¢m-1 
Sample Condition ___ solid Cell Window 


Cell Path Length Matrix Material KBr 





Figure 6.28 IR spectrum: maleic anhydride. 


well: 3090 (=C—H, stretch), 1635 C=C, stretch), and 657 (H—C =C—H,, cis, 
out-of-plane bend) cm~'. The presence of the sulfone group is convincingly 
identified by the very strong bands at 1287 and 1127 cm’ ', which are assigned 
to the coupled in-phase and out-of-phase S—O stretching vibrations. The an- 
tisymmetric and symmetric C—H stretching vibrations of the methylene groups 
are observed at 2975 and 2910 cm‘. Note that the influence of the hetero- 
cyclic five-membered ring system has raised all of the C—H stretching modes 
by 40-50 cmt. 

The spectrum of the other reactant, maleic anhydride (Fig. 6.28), possesses 
all the peaks representative of a conjugated five-membered ring anhydride: 
3110 (=C—H,, stretch), 1858 (C=O, in-phase stretch, weak), 1777 (C=O, 
out-of-phase stretch, strong), 1595 (C=C, stretch, weak), 1060 (C—O, 
antisymmetric stretch), 899 (C—O, symmetric stretch), 835 (H—C=C—H, 
out-of-plane bend, normally near 700 cm‘, but raised by conjugation to 
carbonyls). The in-phase stretch of the anhydride carbonyls is particularly 
weak as the five-membered ring system forces the two oscillators into nearly 
opposing positions. 
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100.00 ST -— - 


4000 3500 3000 2500 2000 1500 1000 cm? 500 


Sample __Cis-4-Cyclohexene-1_2-dicarboxylic scid anhydride 
®T X& ABS— Background Scans 4___ Scans ——__1&_ 


Acquisition & Calculation Time 42 se¢._ Resolution 40 cm-) 
Sample Condition ___ Solid Cell Window —___ 
Cell Path Length —————___.__ Matrix Material KBr 





Figure 6.29 IR spectrum: 4-cyclohexene-cis-1,2-dicarboxylic acid anhydride. 


The Diels—Alder product exhibits all of the spectral properties of a non- 
conjugated, alkenyl five-membered anhydride (Fig. 6.29). The macro group 
frequency train for the anhydride portion of the molecule involves peaks at 
1844, 1772, 998, and 935 cm” *: 


a. 1844 cm: This weak band is similar to the 1858-wavenumber band 
found in maleic anhydride, and involves the in-phase stretch of the two 
coupled carbonyl groups. The band is somewhat more intense in the case 
of this saturated five-membered ring example, because the ring system 
is more easily distorted from planarity. This band often exhibits some sec- 
ondary splitting on the high-wavenumber side (see discussion of the 
935-wavenumber band below). 

b. 1772 cm~*: This band arises from the out-of-phase stretch of the anhy- 
dride carbonyls and is the most intense band in the spectrum. The 
separation, or splitting, between the two carbonyl stretching modes of 


anhydrides is relatively constant and falls in the range of 60-90 cm™'. 
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c. 998 and 935 cm” *: These two bands are identified with the antisymmet- 
ric and symmetric C—O—C stretching modes. It is the overtone of the 
symmetric stretch that is Fermi coupled (see IR discussions) to the sym- «(www 
metric carbonyl stretch (935 X 2 = 1870 cm '. The frequency match is 
variable, with the harmonic generally falling on the high-wavenumber 
side of the fundamental. 


The alkenyl section of the product possesses the following macro group 
frequency bands: 3065 (~=C—H stretch), 1635 (C=C stretch, unsubstituted 
C=C, 5,6-membered fused ring system), and 685 (H—C=C—H, cis, out-of- 
plane bend) cm 1. 

The saturated C—H section of the cyclohexene ring possesses two identi- 
cal methylene groups that contain the short macro frequency train of 2972, 


2929 and 2860, and 1447 cm7!: 


a. 2972 cm‘: Antisymmetric C—H stretch of the —CH,— group. 

b. 2929 and 2860 cm™*: Split symmetric C—H stretch of the —CH,— group. 
This mode is split by Fermi coupling (see Chapter 8) with the overtone <{www 
of the symmetric methylene scissoring vibration found at 1447 cm! 
(1447 x 2 = 2894). The uncoupled fundamental mode would be expected 
to occur at or near 2890 cm~!, and thus, falls very close to the predicted 
location of the overtone. 

c. 1447 cm™*: Symmetric deformation vibration (scissoring motion) of the 
methylene group present in the cyclohexene system. 


Examine the spectrum of your reaction product. Discuss the similarities 
and differences of the experimentally derived spectral data to the reference 
spectra (Figs. 6.27-6.29). 


Nuclear Magnetic Resonance Analysis. The 4-cyclohexene-cis-1, 
2-dicarboxylic acid anhydride provides an ideal example of the utility of "C NMR 
when only limited information is available from the 'H NMR spectrum. The 
300-MHz 'H spectrum is shown in Figure 6.30, page 266. Due in part to the 
presence of two stereocenters, as well as long-range coupling through the 7 
system of the alkene, the entire 'H spectrum is second order and no information 
is available from the coupling constants because the spectrum is too complex. 
Limited assignments to peaks could be made on the basis of chemical shift, 
but it would be difficult to make any statements regarding the purity of your 
sample based on the 'H NMR spectrum, since an impurity could well be hidden 
beneath any of the complex signals. 

On the other hand, the fully 'H-decoupled °C spectrum (Figure 6.31, 
page 267) of 4-cyclohexene-cis-1,2-dicarboxylic acid anhydride is much less 
complex. Because of the mirror plane of symmetry in the compound, there are 
only four unique carbon atoms and thus only four peaks are seen in the '*C NMR 
spectrum. The 1:1:1 triplet centered at 77 ppm is due to the solvent, CDCI. Al- 
though no 'H-'°C coupling is seen as a result of the 'H decoupling, 7H—-'°C cou- 
pling is observed because 'H and 7H (D) resonate at different frequencies. 

Sample preparation for '*C NMR is essentially the same as for 'H NMR 
spectroscopy except that significantly more material is required to obtain a 
13C NMR spectrum in a reasonable amount of time. In this case, acceptable 
signal-to-noise levels can be obtained on 40 mg of material in about 10 min. 
Although tetramethylsilane (TMS) can be added as a reference, it is often 
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INTEGRAL 






150 °C 
thermometer 


6.0 


Reflux conditions 
10-mL RB flask 


5.5 


300 MHz NMR OF 4-CYCLOHEXENE-CIS-1,2-DICARBOXYLIC ACID ANHYDRIDE 


234.78 


5.0 4.5 4.0 3.5 3.0 26 
PPM 
Figure 6.30 ‘H-NMR spectrum: 4-cyclohexene-cis-1,2-dicarboxylic acid anhydride. 


more convenient to reference the spectrum relative to the known chemical 
shift of the solvent signal. Do not hesitate to use all of your material for the 
'SC spectrum; it can be easily recovered later by emptying the NMR tube into 
a small vial, rinsing once with solvent, and evaporating the solvent in a hood 
under a gentle stream of dry nitrogen. 


Chemical Tests. Selected chemical classification tests can also be used to aid 
in characterization of this compound. Is the compound soluble in water? If so, 
does the aqueous solution turn blue litmus paper red? Is the compound soluble 
in5% NaOH and 5% NaHCO3? Is there evidence of CO, evolution with the bi- 
carbonate solution? If so, what does this test indicate? Give the structure of the 
product formed when the material is added to the sodium hydroxide solution. 

Perform the Baeyer test for unsaturation (Chapter 9). Is there evidence for 
the presence of a C=C bond? 


OPTIONAL SEMIMICROSCALE PREPARATION 


The microscale Diels—Alder addition may be scaled up by a factor of 5. The 
procedure is similar to that outlined above, with the exceptions noted below. 


1. Use a 10-mL round-bottom flask containing a magnetic stirrer, 
equipped with a reflux condenser protected by a calcium chloride drying 
tube. Place an insulating aluminum foil guard between the bottom of the 
reflux condenser and the round-bottom flask («). 
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18C NMR OF 4-CYCLOHEXENE-CIS-1,2-DICARBOXYLIC ACID ANHYDRIDE IN CDCI, 


77 4l? 
76.994 


76,568 


127,464 


140 120 100 80 60 
PPM 


Figure 6.31 ‘C-NMR spectrum: 4-cyclohexene-cis-1,2-dicarboxylic acid anhydride. 





CAUTION: At this scale, due to the generation of a considerably larger 
quantity of sulfur dioxide than at the microscale level, the reaction must 


be run in the hood or provisions should be made to trap the evolved gas. 





2. Increase the reagent and solvent amounts about 5-fold: 





Physical Properties of Reactants 





Compound 


MW Amount mmol mp (°C) bp (°C) 





Xylene 





3-Sulfolene 
Maleic anhydride 


118.15 
98.06 


850 mg 7.2 66 
450 mg 4.6 60 
400 pL 





137-140 





3. Once in solution, heat the reaction mixture to reflux for 20 min. Avoid 
overheating. Then, cool the reaction to room temperature. 
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HOOD 


39.361 


23,136 
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4. After cooling, add 5 mL of toluene and transfer the resulting clear 
solution to a 25-mL Erlenmeyer flask. The toluene solution may require 
heating and stirring to dissolve any crystals that may have formed. Now add 
petroleum ether (60-80 °C) (2.5-3.5 mL). 

5. After isolation by vacuum filtration, wash the product with 5 mL of 
cold petroleum ether (60-80 °C). 

6. Characterize the product as outlined in the microscale procedure 
(above). 


QUESTIONS 


6-92. Predict the product in each of the following Diels—Alder reactions. 


6-93. 
6-94. 


6-95. 


6-96. 


6-97. 


6-98. 


OCH3 CN 
Ma 
Cc ° oO 
oC +L E— © FCO Pie 
C ee 
\ 
O: 


Za O OCH, 
() | + CH,=CH—CN —> () aX + — 
Ss H,CO O 


Cyclopentadiene reacts as a diene in the Diels—Alder reaction a great deal faster than does 1,3-butadiene. Explain. 
Predict the diene and dienophile that would lead to each of the following products. 


OCH, 
(a) - (e) Av 
a 
" : -nm, OCH 
C—CH, CH, T 
I O 
fe} 
Oo CHO O 
CO,CH 
(b) 2CH, H OCH 
f\ | (a) (f) oe 3 
CO,CH, wee 


The decomposition of 3-sulfolene to form 1,3-butadiene generates 1 mol of sulfur dioxide gas per mol of 
1,3-butadiene. Substantial quantities of SO. would be generated if this decomposition were carried out on a large 
scale. Suggest a method for trapping the gas to prevent its escape into the environment. 

Two structural isomers are formed when 2-methyl-1,3-butadiene reacts with ethyl acrylate (ethyl 2-propenoate). 
Draw structures for these isomers. 

In general, on going from the unsaturated fully conjugated anhydrides to the saturated systems, the two C—O 
stretching modes begin to coalesce, and in many cases only a single band is observed. In maleic anhydride, these 
modes occur at 1060 and 899 cm 1, while in cis-4-cyclohexene-1,2-dicarboxylic acid anhydride they are found at 
998 and 935 cm’ '. Explain this observation. 

Acyclic anhydrides exhibit a reversal of the intensity relationship of the carbonyl stretching vibrations found in the 
cyclic anhydrides. That is, the lower wavenumber band is now the weaker member of the pair. Explain why this 
intensity exchange occurs. 
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6-99. If in Experiment [14] you had prepared the other possible diastereomer of the product, 4-cyclohexene-trans-1,2- 
dicarboxylic acid anhydride, how many lines would you expect to see in the ‘°C NMR spectrum? Note that this 


isomer does not have a mirror plane of symmetry. 


6-100. Does the '*C NMR spectrum unambiguously demonstrate the position of the carbon-carbon double bond? How? 
6-101. In 'H spectra, the relative intensities of lines within a triplet are 1:2:1. The signal for CDCl is a triplet with relative 


intensities of 1:1:1. Why? 


The preparation of 4-cyclohexene-cis-1,2-dicarboxylic acid 
anhydride by the reaction of 1,3-butadiene with maleic 
anhydride is recorded: 


Cope, A. C.; Herrick, E. C. Organic Syntheses; Wiley: New York, 
1963; Collect. Vol. IV, p. 890. 


Other Diels—Alder reactions reported in Organic Syntheses 
include 


Carlson, R. M.; Hill, R. K. Organic Syntheses; Wiley: New York, 
1988; Collect. Vol. VI, p. 196. 

Greico, P.; Larsen, S. D. Organic Syntheses; Wiley: New York, 1933; 
Collect, Vol. VIL p. 31. 

Jung, M. E.; McCombs, C. A. Organic Syntheses; Wiley: New York, 
1988; Collect. Vol. VI, p. 445. 


Diels-Alder Reaction: 


BIBLIOGRAPHY 


Kozmin, S. A.; He, S.; Rawal, V. H. Organic Syntheses; Wiley: New 
York, 2004; Collect. Vol. X, p. 442. 

For selected reviews of the reaction see 

Butz, L. W.; Rytina, A. W. Org. React. 1949, 5, 136. 

Ciganek, E. Org. React. 1984, 32, 1. 

Pindur, U.; Lutz, G.; Otto, C. Chem. Rev. 1993, 93, 741. 

Rappoport, Z., Ed. The Chemistry of Dienes and Polyenes; 
Wiley: New York, 1997, Vol. I. 

Weinreb, S. M. Comp. Org. Syn. 1991, 5, 513. 

The conditions of this reaction were adapted from those 

reported by 


Sample, T. E., Jr.; Hatch, L. F. J. Chem. Educ. 1968, 45, 55. 


9,10-Dihydroanthracene-9, 10-a,B-succinic 


Acid Anhydride 


Common name: 9,10-dihydroanthracene-9,10-a,B-succinic acid anhydride 


CA number: [85-43-8] 


CA name as indexed: 1,3-isobenzofurandione, 3a,4,7,7a-tetrahydro- 


Purpose. The Diels—Alder reaction is investigated. You will explore the role of 
an aromatic ring system as the diene substrate in this addition reaction. The 
reaction studied in this experiment is an example of a 1,4 addition by an acti- 
vated alkene dienophile across the 9,10 positions of anthracene. 


Prior Reading 
Technique 5: Crystallization 


Use of the Hirsch funnel (pp. 88-89) 


REACTION 
r 
8 9 il 
H 
vi 2 Cc 
Lo 
6 3 
5 10 4 H q 
O, 
Anthracene Maleic 


anhydride 


—p— 





9,10-Dihydroanthracene- 
9,10-a,8 -succinic acid 
anhydride 
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This famous class of reactions are named for Otto Paul Hermann Diels 
and Kurt Alder, who were primarily responsible for its development. Diels 
and Alder received the Nobel Prize in 1950 for this work. See Experiment [14] 
for a biography of Diels. A short biography of his student Kurt Alder follows.!° 


Kurt Alder (1902-1958) Alder obtained his Ph.D. in 1926 while studying with 
Otto Diels at the University of Kiel. His dissertation was titled Causes of the 
Azoester Reaction. He became Professor of Chemistry at the University of Kiel 
in 1934 and later became head of the Chemical Institute at the University of 
Cologne (1940). For a few years (1936-1940) he was Research Director of the 
Baeyer dye works. 

Together with Diels, Alder was responsible for the development of what 
came to be known as the Diels—Alder reaction. This reaction typically involves 
the reaction of a 1,3-conjugated diene with an activated alkene (dienophile) to 
form a six-membered cycloalkene. While reactions of this type had been re- 
ported as early as 1893, Diels and Alder were the first to recognize their great 
versatility. Alder continued to focus his academic research in this area follow- 
ing his graduate work with Diels. Over a number of years, Alder carried out a 
systematic study of the reactivity of a large number of dienes and dienophiles 
and established the structure and stereochemistry of many new adducts. He 
also expanded his doctoral research, studying the condensation of azoesters 
with dienes to yield the corresponding heterocyclic adducts. 

Alder demonstrated that successful addition required that the diene dou- 
ble bonds possess an s-cis conformation (s refers to the single bond connect- 
ing the two double bonds). Furthermore, he realized that the bridged ring 
adducts formed by using cyclic dienes were closely related to natural products, 
such as camphor, and that this reaction offered a powerful route for the syn- 
thesis of a wide variety of naturally occurring compounds, particularly the ter- 
penes. The Diels—Alder reaction also has been invaluable in the industrial 
synthesis of thousands of new organic materials from insecticides and dyes to 
lubricating oils and pharmaceuticals. 

Alder investigated autooxidation and polymerization processes particularly 
during his industrial years. For example, he was involved in an extensive study 
of polymerizations related to the formation of Buna-type synthetic rubbers. '° 


DISCUSSION 


This experiment is a further example of the Diels—Alder reaction. For a discus- 
sion of the basic aspects of this reaction see Experiment [14]. In the present case, 
the central ring of anthracene is shown to possess the characteristic properties 
of a diene system. Thus, this aromatic compound reacts to form stable 
Diels—Alder adducts with many dienophiles at the 9 and 10 positions (the two 
positions on the central ring where new bonds can be made without destroy- 
ing the aromaticity of the other two rings). Maleic anhydride, a very reactive 
dienophile, is used here in the reaction with anthracene. Note, that as this 
reaction is reversible, it is usually best carried out at the lowest possible tem- 
peratures consistent with an acceptable reaction rate (see Experiment [14]). 


For references to the Diels—Alder reaction, see Experiment [14]. 
See Allen, C. F. H. J. Chem. Educ. 1933, 10, 494; Dictionary of Scientific Biography, C. C. 
Gillespie, Ed.; Scribner’s: New York, 1970,Vol. I, p. 105; McGraw-Hill Modern Scientists and Engi- 
neers, S. P. Parker, Ed., McGraw-Hill: New York, 1980, Vol. 1, p. 8. 
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Higher molecular weight polynuclear aromatic hydrocarbons (PAHs) con- 
taining the anthracene nucleus have also been found to react with maleic 
anhydride. These ring systems, however, can differ widely in reaction rates. 
Typical examples of those systems that undergo the Diels—Alder reaction are 
1,2,5,6-dibenzanthracene (a), 2,3,6,7-dibenzanthracene (pentacene) (b), and 


9,10-diphenylanthracene (c). 


(a) (b) (c) 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 














Physical Properties of Reactants and Product 
Compound MW Amount mmol mp (°C) bp (°C) 
Anthracene 178.24 80mg 0.44 216 
Maleic anhydride 98.06 40mg 0.40 60 
Xylenes 1.0 mL 137-140 
9,10-Dihydroanthracene- 

9,10-a,B-succinic acid 

anhydride 276 261-262 








Reagents and Equipment. Weigh and place 80 mg (0.44 mmol) of an- 
thracene and 40 mg (0.40 mmol) of maleic anhydride in a 3.0-mL conical vial 
containing a boiling stone and equipped with an air condenser protected by a 
calcium chloride drying tube. Now, while in the hood, add 1.0 mL of xylene to 
the solid mixture using an automatic delivery pipet (™). 


NOTE. High-purity grades of anthracene and maleic anhydride are strongly recom- 
mended. Anthracene may be recrystallized from 95% ethanol. A mixture of xylenes 
with a boiling-point range of 137-140 °C is sufficient, but the solvent (xylenes) 
should be dried over molecular sieves before use. 


Reaction Conditions. Heat the reaction mixture at reflux for 30 min in a 
sand bath at about 200 °C. During this time the initial yellow color of the reac- 
tion mixture gradually disappears. (Why?) Allow the resulting bleached solu- 
tion to cool to room temperature and then place it in an ice bath for 10 min to 
complete the crystallization of the product. 


Isolation of Product. Collect the crystals by vacuum filtration using a 
Hirsch funnel and wash the filter cake with two 300-wL portions of cold ethyl 
acetate (m). Partially dry the filter cake under suction using plastic food wrap 
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185-190 *¢ 
thermometer 





Reflux conditions 
10- or 100-mL RB flask 


(see Prior Reading). Transfer the filtered, washed, and partially dried product 
to a porous clay plate or filter paper to complete the drying. 


Purification and Characterization. The product is often of sufficient pu- 
rity for direct characterization at this point. The adduct, however, may be fur- 
ther purified by recrystallization from ethyl acetate using a Craig tube. Weigh 
the dried Diels—Alder product and calculate the percent yield. Determine the 
melting point and compare your result with the value listed above. 


NOTE. It is suggested that a hot-stage melting point apparatus, such as the 
Fisher—Johns, be used due to the high melting point of the product. 


Chemical Tests. The ignition test is often used as a preliminary method to 
categorize hydrocarbon materials (see Chapter 9). Aromatic compounds give a 
yellow, sooty flame. Perform this test on anthracene. Based on your results can 
anthracene be classified as aromatic? 

Carry out the ignition test on the following compounds and determine 
whether they should be classified as aromatic materials. 


. Toluene 

. Octane 

. Isopropyl alcohol 
. Nitrobenzene 

. trans-Stilbene 


olaan Fw 


OPTIONAL SEMIMICROSCALE 
PREPARATIONS 


This Diels—Alder reaction may be scaled up by a 5- or 50-fold increase in reac- 
tants. The scaled-up procedures are nearly identical in either case to that given 
for the microscale preparation; changes are noted below. 


1. Fivefold Scaleup 


a. In place of the conical vial as the reaction vessel, use a 10-mL round- 
bottom flask containing a magnetic stirrer connected to the water-jacketed 
reflux condenser that is protected by a calcium chloride drying tube (=). 

b. The reagent and solvent quantities are given in the following table: 














Compound MW Amount mmol mp (°C) bp (°C) 
Anthracene 178.24 400 g 2.2 216 

Maleic anhydride 98.06 200 g 2.0 60 

Xylene 106.16 5.0 mL 137-140 
Ethyl acetate 88.11 3.0 mL 77 





c. The reaction flask is heated at 185-190 °C bath temperature for 30 min 
to obtain optimized yields. 


2. Fiftyfold Scaleup 


a. In place of the conical vial as the reaction vessel, use a 100-mL round- 
bottom flask connected to a water-cooled reflux condenser that is fitted with a 
calcium chloride drying tube. 
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b. The required reagent and solvent quantities are given in the following 
table: 














Compound MW Amount mol mp (°C) bp (°C) 
Anthracene 178.24 4.0 ¢ 0.2 216 

Maleic anhydride 98.06 2.0 ¢ 0.2 60 

Xylene 106.16 50 mL 137-140 
Ethyl acetate 88.11 30 mL 77 





c. Heat the reaction mixture at vigorous reflux for 2 h. 
d. Recrystallize the crude product from ethyl acetate. 


9,10-Dihydroanthracene-9,10-a,B-succinic Acid Anhydride: 
Preparation Using a Monomode Microwave Apparatus 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1 h. 





Compound MW Amount mmol mp(°C)_ bp (°C) 
Anthracene 178.24 178mg 1.00 216 

Maleic Anhydride 98.06 98 mg 1.00 60 

Toluene 2 mL 111 


9,10-Dihydroanthracene- 
9,10-a,B-succinic Acid 
Anhydride 276 261-262 











Reagents and Equipment. This experiment is designed for use in the CEM 
Discover and Biotage Initator microwave units. 

In a 10.0-mL glass microwave reaction vessel containing a magnetic stir 
bar, place 178 mg (1.00 mmol) of anthracene, 98 mg (1.00 mmol) of maleic an- 
hydride, and 2 mL of toluene. Immediately cap the vessel with a microwave 
pressure cap. 





CAUTION: Since the reaction requires heating toluene (solvent for 
the reaction) to above its boiling point in sealed vessels, adherence to 
the microwave manufacturer's guidelines is essential. 





Reaction Conditions. Place the reaction vessel in the microwave cavity and, 
depending on the equipment used, position the pressure device on top. Pro- 
gram the microwave unit to heat the reaction mixture at maximum power to 
180 °C and hold at this temperature for 10 min. After heating, allow the reaction 
mixture to cool to 50 °C or below before removing the tube from the microwave 
unit. Allow the resulting solution to cool to room temperature and then place it 
in an ice bath for 10 min to complete the crystallization of the product. 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 
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Isolation of Product. The remainder of the procedure is identical to Exper- 


iment 15 (pages 271-272). 


9,10-Dihydroanthracene-9,10-a,B-succinic Acid Anhydride: 
Preparation Using a Multimode Microwave Apparatus 


M EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1 h. 








Compound MW Amount mmol mp (°C) bp (°C) 
Anthracene 178.24 214mg 1.20 216 

Maleic Anhydride 98.06 118mg 1.20 60 

Toluene 5 mL 111 


9,10-Dihydroanthracene- 
9,10-a,B-succinic Acid 
Anhydride 276 261-262 











Reagents and Equipment. This experiment is designed for use in the CEM 
MARS, Milestone START, and Anton Paar Synthos 3000 microwave units. 
When using the Anton Paar Synthos 3000 unit with the 24-position silicon 
carbide plate rotor containing glass vials, the reagent and solvent quantities 
cited in the monomode procedure should be used in conjunction with the re- 
action conditions here in the multimode procedure. 

In a microwave reaction vessel containing a magnetic stir bar, add 214 mg 
(1.20 mmol) of anthracene, 118 mg (1.20 mmol) of maleic anhydride, and 5 mL 
of toluene. Immediately cap the vessel with the microwave pressure cap and 
adjust the tightness to the manufacturer-specified level. Place the sealed ves- 
sel into its outer protective jacket. 





CAUTION: Since the reaction requires heating toluene (solvent for 
the reaction) to above its boiling point in sealed vessels, adherence to 
the microwave manufacturer's guidelines is essential. 





Reaction Conditions. Insert the loaded vessels into the reaction carousel 
ensuring they are evenly spaced and then place the carousel into the micro- 
wave cavity. If provided by the manufacturer, connect a temperature probe to 
the control vessel. Program the microwave unit to heat the reaction vessels to 
180 °C using maximum power and hold at this temperature for 10 min. After 
heating, allow the reaction mixture to cool to 50 °C or below before removing 
the carousel from the microwave unit. Allow the resulting solution to cool to 
room temperature and then place it in an ice bath for 10 min to complete the 
crystallization of the product. 


Isolation of Product. The remainder of the procedure is identical to Exper- 
iment 15 (pages 271-272). 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 
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QUESTIONS 


Given the data tabulated below for the rate of reaction of maleic anhydride with a series of substituted 1,3-butadienes, 
offer a reasonable explanation to account for the trend in the rates. 


R k (rel) at 25 °C 


aI aa 42 


—C(CHs3)3 <0.05 





Predict the structure of the product formed in the following reactions. 


(a) Cr + trans CH;C—CH=CH—C—C,H, > 


CO,CH, Oo 
-OCO-O- 
O. 


Offer an explanation of why anthracene preferentially forms a Diels—Alder adduct at the 9,10 positions. 





Experiment [31] demonstrates the monobromination of anthracene to yield one specific monosubstituted product. 
Other conditions may be used to form other monobrominated anthracenes. Draw the structures of, and name, the 
possible monobromo-substituted anthracenes that could be prepared in the laboratory. 


There are four reasonable resonance structures for anthracene. Draw them. 


6-107. A large number of polycyclic benzenoid aromatic hydrocarbons are known. One of these, benz[a]pyrene, is a 


powerful carcinogen found in tobacco smoke. From the literature, locate and then draw the structure of this 
hydrocarbon. Can you suggest other sources where this material might be expected to be present? 


6-108. Anthracene undergoes a suprafacial [,4, + ~4s] cycloaddition reaction at the 9,10 positions when subjected to 


irradiation to form a cyclic dimer. Suprafacial is a term used to describe in detail that the addition of the dienophile 
to the 1,3-7-system has occurred all from the same side (or face) of this planar structure. It comes from the Latin 
meaning above, or the dorsal side, and it is symbolized by the subscript “s” in the terminology: [,4, + ,4,]. This is 
a theoretically forbidden thermal pericyclic reaction, but it can occur under photochemical conditions. Draw the 
structure of this product. 


BIBLIOGRAPHY 


For a review of diastereoselectivity in the reaction see Waldmann, H. Synthesis 1994, 535. 


Coxon, J. M. et al., Diastereofacial Selectivity in the Diels-Alder Reaction 
in Advances in Detailed Reaction Mechanisms 1994, 3, 131. 


Grignard Reaction with a Ketone: 
Triphenylmethanol 


Common name: triphenylmethanol 
CA number: [76-84-6] 
CA name as indexed: benzenemethanol, «,a-diphenyl- 


Purpose. The techniques required to prepare Grignard reagents are devel- 
oped. The reaction of these reagents with ketones to form tertiary alcohols is 
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investigated. You will gain experience, first hand, working with these highly 
air- and moisture-sensitive materials. And you will observe the formation of 
this famous reagent, in which magnesium metal is transformed (heteroge- 
neous conditions) into organometallic salts of enormous value to the synthetic 
chemist. 

This exercise is the first of a number of experiments in this chapter in 
which the Grignard reaction is studied at the microscale level. Even if you do 
not actually do more than one of them, it is well worth the time to read 
through the other Experiments [17], [21], and [4aay] to get a sense of the 
breadth of the applications of the reaction. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Drying of the Wet Organic Layer (pp. 80-83) 
Technique 5: Crystallization 
Craig Tube Crystallizations (pp. 89-91) 
Technique 6A: Chromatography 
Thin-Layer Chromatography (pp. 97-99) 


REACTION 


1. ether 
:OH 


Phenylmagnesium Benzophenone Triphenylmethanol 


bromide 


Francois Auguste Victor Grignard (1871-1935) Born in Cherbourg, Grignard 
was professor of Chemistry at the Universities of Lyons and Nancy. After 
studying for one year with Bouveault, Grignard became a graduate student of 
Phillippe Antoine Barbier, a professor at the University of Lyons. Barbier, who 
was working in the area of terpene chemistry, had found that magnesium 
could be used in place of zinc in the reaction of methyl iodide with an unsatu- 
rated ketone (methylheptenone) to yield the corresponding tertiary alcohol. 
This route was much preferred since the zinc reagents were difficult to work 
with because they were pyrophoric (spontaneously flammable in air). The use 
of magnesium in the formation of tertiary alcohols was reported in 1899. Barbier 
suggested to Grignard that it might be interesting to further investigate the 
reaction of magnesium with alkyl halides. This study was to form the basis of 
Grignard’s doctoral dissertation. Grignard discovered that treatment of alkyl 
iodides with magnesium in diethyl ether produced an alkylmagnesium iodide 
by a spontaneous reaction at ambient temperatures. His initial results, re- 
ported in 1900, were followed by seven papers the following year. His doctoral 
thesis on organomagnesium compounds and their application to synthetic 
organic chemistry was presented in 1901, when Grignard was 30 years old. 
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Grignard continued this work, having recognized the enormous potential 
of the alkyl magnesium halides in organic synthesis. These species are now 
known as Grignard reagents and when the reagent is used in synthesis, the 
reaction is called a Grignard reaction. These reagents have found great utility in 
the preparation of many kinds of organic compounds, including alcohols, 
ketones, esters, and carboxylic acids. As mentioned above, these reagents con- 
tain a carbon—metal bond, and therefore they are classed in a large group of 
substances called organometallic compounds. 

For this work, Grignard received the Nobel Prize in 1912. In 1919 Grignard 
returned to Lyons where he succeeded Barbier as chairman of the Depart- 
ment. By the end of his life, the scientific literature contained over 6000 papers 
dealing with Grignard reagents and their application. 

Grignard also did extensive work in the areas of the terpenes, quantitative 
ozonolysis of alkenes, aldol reactions, catalytic hydrogenation, and dehydro- 
genation and cracking of hydrocarbons.” 


DISCUSSION 


Grignard reagents possess significant nucleophilic character because of the 
highly polarized carbon—metal bond that results in considerable carban- 
ionic character at carbon. Grignard discovered that these reactive materials 
readily attack the electrophilic carbon of a carbonyl group. It is this direct at- 
tack on carbon by a carbon nucleophile, resulting in carbon-carbon bond 
formation, that makes these such important reactions. Furthermore, as the 
carbonyl is the most ubiquitous functionality in all of organic chemistry, 
Grignard reagents have found great utility and widespread use in organic 
synthesis. 

The formation of the organomagnesium halide (Grignard reagent) involves 
a heterogeneous reaction between magnesium metal and an alkyl, alkenyl, or 
aryl halide in ether solution. The solvent may be any one of a number of ethers, 
but diethyl ether and tetrahydrofuran are by far the most popular. 





R(An)—X + Mg “> R(Ar)—Mg—X 
R = alkyl, alkenyl 
and Ar = aryl 


The reaction between an alkyl, alkenyl, or aryl halide and magnesium 
takes place on the surface of the metal and is an example of a heterogeneous 
(across two phases) reaction. The reactivity of the alkyl halides is in the order 
Cl < Br < J; fluorides do not generally react. Substituted alkyl halides react in 
the order 1° > 2° > 3° alkenyl and aromatic halides also form Grignard 
reagents to varying degrees. 

It is important to understand the role of the ether solvent in the formation 
of the Grignard reagents. The reaction at the surface of the metal is essentially an 
oxidation—reduction reaction. The metal is partially oxidized to the greater than 
1+ state and the organohalide is reduced to a halide ion and a highly polarized 


See Gordon, N. E. J. Chem. Educ. 1930, 7, 1487; Rheineoldt, H. J. Chem. Educ. 1950, 27, 476; 
Kauffman, G. B. J. Chem. Educ. 1990, 67, 569; Gilman H. J. Am. Chem. Soc. (Proc.) 1937, 59, 
17; Gibson, C. S.; Pope, W. J. J. Chem. Soc. 1937, 171; Dictionary of Scientific Biography, C. C. 
Gillespie, Ed., Scribner’s: New York, 1972, Vol. V, p. 540. 
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carbon—metal bond with the magnesium. The overall reaction can be viewed as 
forming the species, R-2*Mg*X~ as the Grignard reagent. This highly polar- 
ized material is insoluble in most nonpolar organic solvents. The reaction will 
proceed at the surface of the metal until a layer of the insoluble organometallic 
reagent has formed. At this point, the surface reaction with the magnesium will 
immediately cease. If protic solvents are used, they would instantly react with 
the highly basic Grignard reagent, R—MsxX, to form the corresponding hydro- 
carbon, R—H. Thus, the use of either nonpolar or protic solvents does not lead 
to successful Grignard reagent formation. Why, then, is ether, a relatively non- 
polar solvent, essential to the preparation of Grignard reagents? 

The magnesium is essentially divalent, and electron deficient, when it re- 
acts with the halide to form the RMgxX species. A full octet around the metal 
atom requires two additional pairs of electrons. It is the energy gained by 
filling this octet that drives the coordination of the magnesium with two mol- 
ecules of the ether solvent. This association in turn dramatically increases the 
solubility of the Grignard reagent in the relatively nonpolar ether solvent, and 
thus promotes further Grignard reagent formation. 


8+ 
CH,CH,OCH,CH, 

R-X + Mg ether (R Mg x)e- 
CH,CH,OCH,CH, 





This interaction of RMgX with ether solvent also may be described as a 
Lewis acid-base interaction in which the coordinating solvent molecules are 
usually not written. When a Grignard reagent is described, it is important to 
remember that this vital solvation is always taking place. 

The reactions of Grignard reagents with different types of carbonyl 
groups yield a number of important functional groups. For example, reaction 
with formaldehyde yields 1° alcohols; with higher aldehydes, 2° alcohols; with 
ketones, 3° alcohols; with esters, 3° alcohols; with acyl halides, ketones; with 
N,N-dialkylformamides, aldehydes; and with carbon dioxide, carboxylic acids. 

In this experiment you will study the addition of the aryl Grignard reagent 
(phenylmagnesium bromide) to a diaryl ketone (benzophenone) to yield the 
corresponding tertiary (3°) alcohol. Because it is possible to vary both the 
structure of the Grignard reagent and the ketone, a wide variety of 3° alcohols 
may be obtained by this synthetic route. 

The mechanism, as discussed above, can be thought of as involving rapid 
nucleophilic attack by the Grignard reagent at the carbon of the carbonyl 
group. Hydrolysis of the resulting alkoxide ion intermediate with dilute acid 
yields the desired alcohol. The reaction sequence is outlined here: 


st 


oe ao ot o 
Gt i 
ye — ox, ee FOU CHEN cyt MBX + HO 
"CH a . : 
CH. * 6 eer C,H, 6 ‘CH, C,H, 


By using Grignard reagents, it is theoretically possible to synthesize a very 
large number of alcohols. Indeed, there is often more than one synthetic pathway 
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open to a desired product. The choice of route is generally dictated by the avail- 
ability of starting materials and the associated costs of these compounds. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: Two laboratory periods when starting 
with bromobenzene. If using commercial phenylmagnesium bromide, one labo- 
ratory period (experiment starting on p. 280). (The Benzophenone Reagent) 





CAUTION: Ether is a flammable liquid. All flames must be extinguished 
during the time of this experiment. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) d Np 
Bromobenzene 157.02 76 pL 0.72 156 1.50 1.5597 
Diethyl ether 74.12 1.3 mL 34.5 0.73 
Magnesium 24.3 18 mg 0.74 

Iodine 253.8 1 crystal 

Benzophenone 182.21 105 mg 0.58 48 








Reagents and Equipment 
Preparation of Phenylmagnesium Bromide 


NOTE. All the glassware used in the preparation of the Grignard reagent should 
be cleaned and dried in an oven at 110 °C for at least 30 min. After removal from 
the drying oven, the hot glassware should be placed in a desiccator and cooled before 
being assembled. Flame drying of the apparatus with a microburner annealing flame 
(high gas mixture) is an alternative, if ovens are not available.This latter method 
preferably should be carried out prior to assembly and, as with the oven-dried 
equipment, the hot glassware should be placed in a desiccator to cool. Care must be 





Step |: 


taken when flaming the reaction vial, because thermal shock can easily crack this BrCgHe, 76 pl 
heavy-walled vessel. If the flame-drying procedure is performed on the assembled ie i a 
apparatus, care also must be taken not to overheat the O-rings and plastic Capseals, — * Ha0¥2)20. 700 al 


Step MN: 
In a 3.0-mL conical vial containing a magnetic spin vane and equipped CHS 30, 6008 

with a Claisen head fitted with a calcium chloride drying tube and a rubber 

septum, weigh and place 18 mg (0.74 mmol) of polished magnesium ribbon, a 

small crystal of iodine, and 100 wL of anhydrous ether (using an automatic 


delivery pipet in the hood) (™). HOOD 


NOTE. Scrape a 2- to 3-in. piece of magnesium ribbon clean of surface oxide 
(MgO) coating and then cut it into 1-mm long sections. 


Alternate Procedure: Place the (polished) magnesium metal and an io- 
dine crystal in the reaction vial and quickly assemble the apparatus. Warm the 
mixture (using a microburner or hot plate) gently until evidence of purple GENTLY 
iodine vapor is observed. 


NOTE. If a microburner is used in this step, all flames must be extinguished before 
proceeding. 
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HOOD 


HOOD 


Now add 100 wL of anhydrous ether using a 1.0-mL syringe inserted 
through the septum. 

Ina dry, screw-capped vial, prepare a solution of 76 wL (113 mg, 0.72 mmol) 
of bromobenzene in 400 wL of anhydrous diethyl ether. Automatic delivery pipets 
are used to transfer these reagents in the hood. Recap the vial until just before 
injecting its contents into the reaction vial. 

Draw the bromobenzene-ether solution into a 1.0-mL syringe and insert 
the syringe through the rubber septum on the Claisen head. Place an addi- 
tional 300 wL of anhydrous diethyl ether rinse in the empty vial (which con- 
tains traces of bromobenzene), cap it, and set it aside for later use. With slow 
stirring, add 6-8 drops of the bromobenzene solution to induce the initial for- 
mation of Grignard reagent. The evolution of tiny bubbles from the surface of 
the magnesium (the heat of reaction is vaporizing the low-boiling ether sol- 
vent) is evidence of successful reaction initiation. 

Once the reaction gives evidence of initiation, add the remainder of the 
bromobenzene dropwise slowly over a 3- to 5-min period. (In macroscale reac- 
tions it is extremely important to make sure that initiation of the reaction has oc- 
curred prior to adding large quantities of the organohalide, as Grignard reactions often 
go through an induction period before starting up. If significant quantities of the 
halide are present when the reaction commences, the sudden and rapid rate of reac- 
tion can produce a very rapid evolution of heat, and the reaction may well erupt out 
of control.) Warm the reactants gently to maintain gentle reflux. 

After adding the bromobenzene, draw the ether rinse from the capped vial 
into the syringe and also add it to the reaction vial through the septum in a 
single portion. 

Heat the resulting heterogeneous reaction mixture gently with stirring for 
15 minutes. 





CAUTION: Do not overheat! This overheating will cause loss of ether 
solvent and promote formation of byproducts. Small fragments of 
magnesium may remain at the end of the reaction. Maintain no more 
than a gentle reflux at all times. If solvent volume decreases rapidly, 
check for leaks around the Capseals and add additional anhydrous 
ether through the septum to make up for the lost volume of ether. 





Cool the gray-brown mixture of the Grignard reagent, phenylmagnesium 
bromide, to room temperature. 


The Benzophenone Reagent. Prepare a solution of 105 mg (0.58 mmol) of 
benzophenone in 300 wL of anhydrous diethyl ether in a dry vial with a cap. 
The ether is measured using a graduated 1-mL syringe and is dispensed in the hood. 

Draw the solution immediately into a 1.0-mL syringe, and then insert the 
syringe needle through the rubber septum on the Claisen head. Place an ad- 
ditional 300 wL of the anhydrous diethyl ether in the empty vial, cap it, and set 
it aside for later use. 


Reaction Conditions. Carefully, with stirring, add the benzophenone solu- 
tion to the Grignard reagent (1.2 equiv) over a period of approximately 30 s or 
at a rate that maintains the temperature of the ether solvent at a no more than 
gentle reflux. 

Upon completion of this addition, add the rinse from the capped vial, in 
like manner, in a single portion. 

Stir the reaction mixture for 2-3 min and then allow it to cool to room 
temperature. Remove the reaction vial from the Claisen head and cap it. 
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During this cooling period the reaction mixture generally solidifies. Once the 
reaction vial is detached from the Claisen head, it is recommended that the vial be 
placed in a 10-mL beaker to prevent loss of product by accidental tipping. 


NOTE. If the laboratory is done in two periods, you should stop either at this 
point, or following the hydrolysis sequence described in the next step. 


Isolation of Product. Hydrolyze the magnesium alkoxide salt by the care- 
ful, dropwise addition of 3 M HCl from a Pasteur pipet, while at the same 
time using a small stirring rod to break up the solid residue. Continue the ad- 
dition until the aqueous phase tests acidic with litmus paper. A two-layer re- 
action mixture forms (ether—water) as the solid gradually dissolves. 





CAUTION: The addition of the acid may be accompanied by the 
evolution of heat and some frothing of the reaction mixture. An ice 
bath should be handy to cool the solution, if necessary. Additional 
ether may be added, if required, to maintain the volume of the organic 
phase. Check the acidity of the mixture periodically. The total reaction 
mixture must be acidic; both insufficient or excess amounts of 
hydrochloric acid will result in a decreased yield of product during the 
subsequent workup. 





Now remove the magnetic spin vane with forceps and set it aside to be 
rinsed with an ether wash. Cap the vial tightly, shake, carefully vent, and allow 
the layers to separate. 

Using a Pasteur filter pipet, transfer the lower aqueous layer to a clean 5.0-mL 
conical vial. 


NOTE. Save the ether layer—it should contain your product. 


Wash the acidic aqueous layer with three 0.5-mL portions of diethyl ether 
(calibrated Pasteur pipet). Rinse the spin vane with the first portion of ether as it 
is added to the vial. Cap the vial, shake (or use a Vortex mixer, if available), vent 
carefully, and allow the layers to separate. After each extraction, combine the or- 
ganic phase with the ether solution saved above. The bottom (aqueous) layer is 
set aside in a 10-mL Erlenmeyer flask until the experiment is completed. 

Now extract the combined ether layers with 0.5 mL of cold water to re- 
move any acidic residue. Combine the aqueous rinse with the previously ex- 
tracted and stored aqueous layers in a 10-mL Erlenmeyer flask. Dry the ether 
solution (capped) over 250-300 mg of anhydrous granular sodium sulfate for 
approximately 10 min. Stir the drying agent intermittently with a glass rod or 
swirl the flask. If large clumps of sodium sulfate begin to develop and the so- 
lution remains cloudy, it may be necessary to transfer the ether extracts to an- 
other vial for a second treatment with the drying agent, or you may be able to 
simply add more Na,SO, to the original vial. The ether solution should be clear 
following treatment with the anhydrous sodium sulfate. Make all these trans- 
fers with Pasteur filter pipets. 

Transfer the dried ether solution to a previously tared Craig tube containing 
a boiling stone. Carry out the transfer in 0.5-mL portions, concentrating each 
ether aliquot by warming the vial in a sand bath in the hood between the HOOD 
transfers. Rinse the vial and drying agent with an additional 0.5 mL of ether, 
add the rinse to the Craig tube, and, finally, concentrate the solution to dryness 
to yield the product residue. 

Determine the weight of the crude triphenylmethanol product. 
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HOOD 


Purification and Characterization. The major impurity usually present 
in the triphenylmethanol is biphenyl, which is formed by a coupling reaction, 


ether 


2RX + Mg > R—R + Mex, 





The purity of your crude product may be determined using thin-layer chro- 
matography. 


TLC CONDITIONS. Use Eastman Kodak fluorescent silica gel sheets (1 X 4 cm). 
Develop the plates with methylene chloride and visualize the spots by UV light. Refer- 
ence R¢ values for triphenylmethanol and biphenyl are about 0.6 and 0.9, respectively. 


The coupled byproduct can be separated from the desired alcohol by tak- 
ing advantage of the difference in solubilities of the hydrocarbon and the alco- 
hol in ligroin. Ligroin, a nonpolar alkyl solvent, readily dissolves the nonpolar 
biphenyl, whereas the polar tertiary alcohol is much less soluble. 

Add 0.5 mL of cold ligroin to the crude product contained in a Craig tube 
and scrape and agitate the solid material into a suspension with a small stir- 
ring rod. Swirl and stir the solid product with the solvent for several minutes. 

Recover the solid triphenylmethanol using the Craig tube in the usual 
manner. Save the ligroin solution that will contain any biphenyl by transferring 
it, using a Pasteur filter pipet, to a tared 10-mL Erlenmeyer flask. 

Repeat the above extraction with a second 0.5-mL portion of ligroin, again 
stirring the solid suspension and combining the recovered ligroin solution 
with that saved above. Place the Erlenmeyer flask (cover the mouth with filter 
paper held by a rubber band) in the hood overnight, or warm it in a sand bath 
to allow the ligroin to evaporate. Estimate the amount of biphenyl (and any 
other impurities) produced in the reaction. 

Heat the Craig tube containing the solid triphenylmethanol in a 100 °C 
oven for 5 min, and then place the crystals on a clay plate to complete the dry- 
ing process. A further check of the product purity should be carried out by 
TLC, as described above. Comparisons of the two, pure and impure product, 
will validate that upon trituration followed by recrystallization, TLC analysis 
offers the experimentalist sufficient evidence of product purity. 

Weigh the purified triphenylmethanol product and calculate the percent 
yield. Determine the melting point of the material and compare your result to 
that recorded in the literature. If desired, the product may be purified further 
by recrystallization from isopropanol using the Craig tube. 

Characterization of the triphenylmethanol is best done by obtaining the IR 
and NMR spectra and comparing the spectral data to that of an authentic 
sample or to the published spectra in The Aldrich Library of IR Spectra and The 
Aldrich Library of NMR Spectra, respectively. 

Triphenylmethanol (0.1 g/L in methanol) and biphenyl (0.05 g/L in 
methanol) also have markedly different UV spectra. This electronic absorption 
data can further help to establish the identity of the products formed in this 
Grignard reaction. 


UV Spectral Data 


Triphenylmethanol Amax 240 nm (log €max 3-16, dioxane) 
Amax 293 nm (log Emax 3.26, dioxane) 
Amax 260 nm (log €max 3-28, dioxane) 
Biphenyl Amax 247 nm (log €max 4.24, ethanol) 
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QUESTIONS 


Predict the product formed in each of the following reactions and give each reactant and product a suitable name: 


1. ether 
(a) CH,CH,MgBr + CH,O =o 
eth 
(b) p-CH,C,H,MgBr + CH,CH,CHO = 


ether 


() CsHsMgBr + D,O “> 


3 


CH. 
1. ether 
(d) on + CO, oH 
CH. 


3 


Using the Grignard reaction, carry out the following transformations. Any necessary organic or inorganic reagents 
may be used. Name all reactants and products. 


:OH 
wre —O2D 
(b) ( — ( )-crcu.6H 


() CH; . Br ——> CH; . ) 


Outline a synthetic reaction scheme for the preparation of triphenylmethanol from 

(a) Methyl benzoate 

(b) Diethyl carbonate 

In the experiment, ligroin may be used as a solvent for the separation of the product from biphenyl. 

(a) What is ligroin? 

(b) Can you suggest an alternative solvent that might be used in this step? 

Give the reaction scheme, showing the products formed (before hydrolysis), when one equivalent of ethylmagne- 
sium bromide is treated with one equivalent of 5-hydroxy-2-pentanone. Does addition of two equivalents of the 
Grignard reagent to this ketone yield a different product(s)? If so, give the structure(s). 
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Grignard Reaction with an Aldehyde: 
4-Methyl-3-heptanol 


Common name: 4-methyl-3-heptanol 
CA number: [14979-39-6] 
CA name as indexed: 3-heptanol, 4-methyl- 


Purpose. You will carry out a classic method for the synthesis of secondary 
alcohols: the addition of a Grignard reagent to an aldehyde (other than 
formaldehyde).'® 


Prior Reading 


Technique 4: Solvent Extraction 

Liquid—Liquid Extraction (p. 72) 

Drying of the Wet Organic Layer (pp. 80-83) 
Technique 6: Chromatography 

Column Chromatography (pp. 92-95) 
Technique 1: Gas Chromatography (pp. 55-61) 








REACTION 
CH, CH, 
| Mg/Et,O | 
CH,CH,CH, 5 Br > CH3CHCHS 6 —MgBr 
H H 
CH ‘Oo H.C H 
| ° | 1. ether ¢ 
eee ae —MgBr + CH,CH, C—H 2. H*, H,O > CH,CH,CH,— i = i — CH,CH, 
H H :OH 
1-Methylbutylmagnesium Propanal 4-Methyl-3-heptanol 


bromide 


NOTE. See Experiment [16] for a biography of Francois Auguste Victor Grignard, 
Nobel Laureate, who discovered and developed the Grignard reagents. This exper- 
iment also contains further details about the mechanism and use of these reagents 
that have had such a powerful influence on synthetic organic chemistry. 


DISCUSSION 

In this experiment, the addition of a nucleophilic Grignard reagent (1-methylbutyl- 
magnesium bromide), to the electrophilic carbonyl carbon of an aldehyde 
(propanal) is described. The product obtained is a 2° alcohol, 4-methyl- 
3-heptanol. Because it is possible to vary the structure of both the Grignard 


'8For references relating to the preparation of Grignard reagents, see Experiment [16]. 
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reagent and the aldehyde, a wide variety of 2° alcohols can be prepared by this 
route. Primary alcohols result when formaldehyde is used as the aldehyde. 
Secondary alcohols may also be obtained with these reagents when ethy] for- 
mate, an ester, acts as the electrophile. This latter reaction, however, requires 
two molar equivalents of the Grignard reagent. The mechanism for the reac- 
tion of an aldehyde with a Grignard reagent follows. 


“MgBr 
CoO =O : :OH 


| | ether | 


H+ | 
R-<MgBr + CH,CH,—C—H “> CH,CH,—C—H 575> CH,CH,—C —H 


re. | 2 | 
R R 


| 
R= ies oe 
H 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 3.0 h. The chromatographic sepa- 
ration requires approximately an additional 15 min per student. 





CAUTION: Ether is a flammable liquid. All flames must be extin- 
guished during this experiment. 











Physical Properties of Reactants 

Compound MW Amount mmol bp (°C) d Np 
2-Bromopentane 151.05 125 pL 1.0 117 1.2 1.4413 
Diethyl ether 74.12 700 wL 34.5 

Magnesium 24.31 36 mg 1.48 

Todine 253.81 1 crystal 

Propanal 58.08 50 pL 0.69 49 0.81 1.3636 








Reagents and Equipment 
Preparation of 1-Methylbutylmagnesium Bromide 


NOTE. All the glassware used in the preparation of the Grignard reagent should 
be cleaned and dried in an oven at 110 °C for at least 30 min. After removal from 
the drying oven, the hot glassware should be placed in a desiccator and cooled 
before being assembled. Flame drying of the apparatus with a microburner anneal- 
ing flame (high gas mixture) is an alternative, if ovens are not available and if 
ether is not in use. This latter method preferably should be carried out prior to 
assembly, and as with the oven-dried equipment, the hot glassware should be 
placed in a desiccator to cool. Care must be taken when flaming the reaction vial, 
as thermal shock can easily crack this heavy-walled vessel. If the flame-drying 
procedure is performed on the assembled apparatus, care also must be taken not 
to overheat the O-rings and plastic Capseals. 
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Step |: 
Me, 36 me + Is, 1 crystal 
+{CH3CH) 90, 500 pl 
+ CHgCHBriCHs}2CHs, 125 al 
Step Il: 
CHaCHZCHO, 50 ul 
+ (CHACH)29, 200 wal 


SLOWLY 


HOOD 


NOTE. Scrape a 2- to 3-in. piece of magnesium ribbon clean of oxide coating and 
cut it into sections 1 mm in length. This freshly cut material should be handled 
only with forceps. 


Prepare a 3.0-mL conical vial containing a magnetic spin vane and equipped 
with a Claisen head fitted with a calcium chloride drying tube and a rubber sep- 
tum. Weigh and place 36 mg (1.5 mmol) of magnesium in the vial, and then add 
a small crystal of iodine, followed by 100 L of anhydrous ether (). 


Alternative Procedure: Place the magnesium metal and the iodine crys- 
tal in the vial and assemble the apparatus. Gently warm the mixture (micro- 
burner or hot plate) until evidence of purple vapor from the iodine is seen. 


NOTE. If a microburner is used in this step, all flames must be extinguished before 
proceeding. 


Now add the 100 wL of anhydrous ether, using a 1.0-mL syringe inserted 
through the septum. 

Prepare a solution of 125 wL (153 mg, 1.0 mmol) of 2-bromopentane in 
300 wL of anhydrous diethyl ether in a dry, screw-capped vial. Use an automatic 
delivery pipet to deliver these reagents. 

After the assembly has cooled to room temperature, draw the 
2-bromopentane solution into a 1.0-mL syringe and then insert the syringe 
needle through the rubber septum on the Claisen head. Place an additional 
100 wL of diethyl ether in the empty vial, cap it, and set it aside for later use. 

While stirring the heterogeneous mixture, add 6-8 drops of the 
2-bromopentane-ether solution to initiate the formation of the Grignard 
reagent. The evolution of tiny bubbles from the surface of the magnesium is 
evidence of reaction. 

When the reaction has started, slowly add the remainder of the 
2-bromopentane-ether solution dropwise over a 3- to 5-min period. Warm 
the reactants slightly. Upon completion of this addition, draw the rinse in the 
capped vial into the syringe and add it through the septum in a single portion 
to the reaction vial. Gently warm the resulting solution for 15 min. 





CAUTION: Do not overheat. Overheating will cause loss of ether sol- 
vent. Small fragments of magnesium may remain at the end of the 
addition of the alkyl halide. 





Cool the gray-colored solution of Grignard reagent to room temperature. 


The Propanal Reagent. Prepare a solution of the aldehyde by weighing 
50 pL (40 mg, 0.7 mmol) of propanal into a tared, oven-dried, capped vial 
followed by the addition of 100 wL of anhydrous diethyl ether. The propanal 
is the limiting reagent and therefore an accurate weight should be recorded 
for the yield calculations. Dispense the aldehyde and diethyl ether by automatic 
delivery pipets in the hood. 

Immediately draw the aldehyde solution into a 1.0-mL syringe and insert 
the syringe needle through the rubber septum on the Claisen head. 

Place an additional 100 wL of the anhydrous diethyl ether in the empty 
vial, cap it, and set it aside for later use. 
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Reaction Conditions. Now add the propanal solution carefully, with stir- 
ring, to the Grignard reagent over a period of about 30 s at such a rate as to 
keep the ether solvent at a steady reflux. 

Following this addition, add the rinse in the capped vial in one portion in 
a similar manner. 

Stir the reaction mixture for 5 min and then allow it to cool to room tem- 
perature. Remove the conical vial and cap. It is recommended that the vial be 
placed in a beaker to prevent tipping and loss of product. 


NOTE. If the laboratory is done in two periods, you should stop at this point 
(recap the vial for storage) or after the hydrolysis sequence in the next step. 


Isolation of Product. Hydrolyze the magnesium alkoxide salt by the care- 
ful, dropwise addition of 2-3 drops of water from a Pasteur pipet. Stir the re- 
sulting mixture for 5 min. A two-phase (ether—water) reaction mixture devel- 
ops as the magnesium salt is hydrolyzed. 





CAUTION: The addition of water causes the evolution of heat. An 
ice bath should be handy to cool the solution if it begins rapid reflux. 





Now add 2-3 drops of 3 M HCl. Remove the vial, cap it, and allow it to 
stand at room temperature for 5 min. Test the aqueous layer with litmus paper. 
The solution should be slightly acidic. Too much or too little aqueous HCI will 
cause problems in the subsequent workup. 

Remove the magnetic spin vane with forceps and set it aside to be rinsed 
with an ether wash. Cap the vial tightly, shake (or use a Vortex mixer), vent 
carefully, and allow the layers to separate. 

Using a Pasteur filter pipet, transfer the aqueous (lower) layer to a clean 
5.0-mL conical vial. Save the ether layer since it contains the crude reaction 
product. 

Now wash the aqueous layer, previously transferred to the 5.0-mL vial, 
with three 0.5-mL portions of diethyl ether. Rinse the magnetic spin vane with 
the first portion as it is added to the vial. Upon addition of each portion of ether 
(using a calibrated Pasteur pipet), cap the vial, shake (or use a Vortex mixer), 
vent carefully, and allow the layers to separate. With the aid of a Pasteur filter 
pipet, remove each ether layer and combine it with the ether solution retained 
above. After the final extraction, save the aqueous (lower) layer until you have 
isolated and characterized the final product. Extract the combined ether frac- 
tions with 0.5 mL of cold water to remove any acidic material. Save the aque- 
ous rinse until you have isolated and characterized the final product. 

Dry the ether solution by transferring it, using a Pasteur filter pipet, to a 
shortened Pasteur filter pipet containing 500 mg of anhydrous sodium sulfate. 
Collect the eluate in a tared 10 X 75-mm test tube. In the hood, remove the HOOD 
ether solvent from the eluate by warming in a sand bath to concentrate the so- Rubber septum 
lution to a weight less than 90 mg. 






12-mb 
Centrifuge tube 


GC collect 
Purification and Characterization. The product, 4-methyl-3-heptanol, is pada 
isolated and purified using gas chromatography. Product vial, 0.1 mL 

Use a 100-wL syringe to inject the entire sample of crude material ob- 
tained above onto the GC column. Collect the components of interest as they 
elute from the column, using the chromatography technique described in the Cotton packing 
Prior Reading section (™). 


o/5% and threaded 


100-uL conical vial Praduct collects here 
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QUESTIONS 


Gas Chromatographic Conditions 
GOW-MAC Series-150, Thermal Conductivity Detector 
20% Carbowax 20M column, t in. X 8 ft 
Temperature, 145 °C 
Flow rate of 50 mL/min (He gas) 


The retention time for 4-methyl-3-heptanol under these conditions is 
7-8 min (2 min after any other peak). 

Determine the weight of the 4-methyl-3-heptanol collected and calculate 
the percent yield. Determine the boiling point and refractive index (optional) 
of the alcohol, and compare these with values in the literature. 

Obtain an IR spectrum of the product as a thin film and compare it with 
that recorded in the literature (The Aldrich Library of IR Spectra and/or 
SciFinder Scholar). If enough of the hydrocarbon byproduct is collected, also 
obtain an IR spectrum to aid in its identification. 


Chemical Tests. The ignition test should indicate that this compound is an 
aliphatic species. Does your result confirm this fact? Perform the ceric nitrate 
test to demonstrate the presence of the —OH group and the Lucas test to 
demonstrate that a secondary alcohol has been prepared. If you were required 
to prepare a solid derivative of this alcohol, which one would you select? It 
may be of interest to determine the solubility of this product in water, ether, 
concentrated sulfuric, and 85% phosphoric acids. Do your results agree with 
what you would predict? What test(s) would you perform to establish that 
one of the starting reagents was an aldehyde? 


6-114. Show how one could carry out each of the following transformations using the Grignard reaction. Any necessary 
organic or inorganic reagents may be used. Name each reactant and product. 


(a) CH,(CH,),CHBr > (CH;CH,CH,CH,),;CHOH 


(b) ( )-cei=cri—cHd —> H.C=CH—cH—cH=cH—{_) 
:OH 


(c) CH3(CHa)a es ee ee 
on : :OH :OH 


ll 
(d) CH,—C—OC,H, —> (C,H.),C=CH, 


6-115. Explain why Grignard reagents cannot be prepared from an organic halide that also contains a hydroxyl (—OH), a 
carboxyl (—CO>H), a thiol (—SH) or an amino (—NH)) group. 


—p— CONFIRMING PAGES 


aq aptara 


EQA 


JWCL196_c06_255-308.qxd 11/17/09 1:36 PM Page 289 
$ EQA 


EXPERIMENT 18 The Perkin Reaction: Condensation of Rhodanine with an Aromatic Aldehyde 289 


6-116. What would be the final product of the reaction between methyl benzoate and two equivalents of ethylmagnesium 
bromide? 


6-117. Consider the same reaction as in Question 6-116 except that in this case it is carried out with ethyl benzoate. What 
product would be expected in this case? 


6-118. Grignard reagents may be used to prepare other organometallic reagents, for example, ethylmagnesium bromide 
reacts with cadmium chloride to yield diethylcadmium: 


2 CH3;CH»MgCl + CdClp > (CH3CH2)2Cd + 2 MgCl 
Indicate the products from each of the following reactions and name each organometallic product: 
4 CH3MgCl + SiCl, > 
2 CesHsMgCl + HgCl > 


BIBLIOGRAPHY 
List of secondary alcohol preparations presented in Organic Drake, N. L. Organic Syntheses; Wiley: New York, 1943; Collect. 
Syntheses: Vol. IL, p. 406. 
Boeckman, R. K., Jr; Blum, D. M.; Ganer, B.; Halvey, N. Organic Overberger, C. G.; Saunders, J. H.; Allen, R. E.; Gander, R. Organic 
Syntheses; Wiley: New York, 1988; Collect. Vol. VI, p. 1033. Syntheses; Wiley: New York, 1955; Collect. Vol. IIL, p. 200. 
Coburn, E. R. Organic Syntheses; Wiley: New York, 1955; Collect. Skattebol, L.; Jones, E. R. H.; Whiting, M. C. Organic Syntheses; 
Vol. IIL, p. 696. Wiley: New York, 1963; Collect. Vol. IV, p. 792. 


Coleman, G. H.; Craig, D. Organic Syntheses; Wiley: New York, Trust, R. L; Ireland, R. E. Organic Syntheses; Wiley: New York, 1988; 
1943; Collect. Vol. II, p. 179. Collect. Vol. VI, p. 606. 


The Perkin Reaction: Condensation of 
Rhodanine with an Aromatic Aldehyde 
to Yield o-Chlorobenzylidene Rhodanine 


Common name: o-chlorobenzylidene rhodanine 
CA number: [6318-36-1] 


CA name as indexed: 4-thiazolidinone, 5-[(2-chlorophenyl)methylene]-2- 
thioxo- 


Purpose. This experiment explores the use of the interesting heterocyclic 
compound, rhodanine, as the source of an active (acidic) —CH,— group. (The 
methylene group contained in the thiazolidinone ring system possesses the 
capacity to participate in base-catalyzed condensation reactions similar to 
those of the aldol reaction.) You will carry out a base-catalyzed condensa- 
tion reaction with an aromatic aldehyde. You will examine the properties of 
this condensation product, which has the capacity to function as an interme- 
diate in a number of synthetic pathways. Indeed, one of these routes yields 
the important class of aromatic amino acids, the phenylalanines. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 
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REACTION 


O 2 : H 
| b b CH,CO,Na z= = 
- C 
:O 


o-Chlorobenzaldehyde Rhodanine 


o-Chlorobenzylidene rhodanine 


Sir William Henry Perkin (1838-1907) Perkin came under the influence 
of the German chemist, A. W. von Hofmann, at the Royal College of Chemistry 
(London), where Perkin was a student. In his second year at the school, he gained 
the title of Hofmann’s honorary assistant, and following a publication the next 
year, when he was 17, he was advanced to the rank of assistant. At home, he set 
up his own laboratory where he worked evenings and on vacations. This labora- 
tory is where he undertook, at Hofmann’s suggestion, the synthesis of quinine. 

Working with his friend Arthur Church in his home laboratory, he and 
Church prepared one of the first azo dyes derived from naphthalene (ni- 
trosonaphthlene). This effort resulted in his first patent (with Church). In 1856 
at the age of 18, Perkin discovered the first commercially significant synthetic 
coal-tar dye, mauve or aniline purple. He also obtained a patent on the syn- 
thetic method for preparing this material. The method involved the treatment 
of an aniline salt with bichromate of potash (K,Cr2O7) (this was an outgrowth 
of his quinine studies). Against Hofmann’s wishes, Perkin withdrew from col- 
lege, designed a factory, and started commercial production of this dye, which 
was marketed as Perkin’s Tyrian Purple. The name Tirian Purple was originally 
used for a prized purple dye from the Phoenician city of Tyre, which today is 
part of Lebanon. Tyrian Purple was produced in small quantities from a mate- 
rial isolated from a snail. The production of this dye became a lost art during 
the Dark Ages, but a species of mollusk containing this very rare pigment was 
rediscovered in Ireland in 1684. The natural dye is obtained by the air oxidation 
of a colorless fluid expressed from the glands of the snail. It required the con- 
tents of 10,000 snails to obtain a single gram of the fluid. 

Perkin’s dye synthesis was the beginning of the coal-tar dyestuffs industry. 
He later developed and manufactured magenta (violet dye) and alizarin (a red 
dye). The rapid acceptance of these dyes by fabric manufacturers was demon- 
strated by the fact that annual alizarin production reached 220 tons per year by 
1871. At age 37 and a wealthy man, Perkin sold his commercial holdings and 
devoted the rest of his life to pure chemical research. 

Perkin’s later years were as productive as his earlier ventures. He developed 
methods for the preparation of aminoacetic acid. He established the structural 
relationships between tartaric, fumaric, and maleic acids, and synthesized cin- 
namic acid. This last endeavor led to the development of what is now known as 
the Perkin reaction. The reaction is widely used to prepare unsaturated acids from 
aromatic aldehydes. These studies led to his synthesis of coumarin (actually it 
was the first condensation product he obtained with the classic reaction; see also 
Experiment [3A,q,]). Other areas investigated by Perkin dealt with the relation- 
ship of physical properties and chemical structure. 

Perkin was knighted in 1906 in recognition of his contributions to chem- 
istry and to the practical application of many of his discoveries. In the United 
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States, The Society of Chemical Industry awards a Perkin Medal each year to 
an outstanding industrial chemist.'” 


DISCUSSION 


The classic Perkin reaction is the base-catalyzed condensation of an aromatic 
aldehyde with a carboxylic acid anhydride to yield and an a,B-unsaturated 
carboxylic acid. The initial stages of the condensation can be viewed as an 
aldol-type reaction (see Experiments [20], [3Aaav], [3Baay], and [A3a]. www 

A variation of the Perkin reaction is the condensation of aromatic aldehy- 
des with rhodanine, which plays a similar role to that of the anhydride in the 
original reaction. Rhodanine, a derivative of the thiazolidinone ring system 
was first synthesized in 1935 by Percy Julian (a future president of Howard 
University) and Bernard Sturgis (an undergraduate at DePauw University at 
the time). This heterocyclic molecule has an active (acidic) methylene group 
that can be deprotonated with a relatively mild base (in this case acetate, 
CH3COO™ or AcO™, ion) to generate the nucleophile that attacks the car- 
bonyl group of the aldehyde. 

Under the conditions used in the current experiment, dehydration— 
elimination rapidly follows the initial nucleophilic addition with formation of 
the benzylidene intermediate. The mechanism is shown here: 














i ‘i 
6: H—-Cc——S: =C¢——5 
Gee Be, See be. 5k 
— + — Ch + : 
sae Cans a, aa a Oo” “No Se 
O oe H oe OH H 
af ‘| 4 | 
COo+ CS —= CC —===5 
H | | _ | | 
cl oF SNS: CoA SN: 
CH,CO,H 
:OH H 
. -H,O | | . 7 
C=C S: a C—C S: + CH,CO, 
| | | elimination | | | 
Hoc C Hi C 
Cl 97 Ns: Cl 97 N7~ Ss 


While the resulting rhodanine derivatives have exhibited antibacterial, an- 
titubercular, antimalarial, antifungal, and antiparasitic activity, the principal fo- 
cus of attention on these interesting compounds has been as reactive synthetic 
intermediates. For example, these particular compounds can be converted, in 


See Edelstein, S. M. American Dyestuff Reporter 1956, 45, 598; Mendola, R. J. Chem. Soc. 1908, 
93, 2214; Levinstein, H. Chem. Ind. 1938, 1137; Rose, R. E. Ind. Eng. Chem. 1938, 16, 608; Dic- 
tionary of Scientific Biography, C. C. Gillespie, Ed., Scribner’s: New York, 1974, Vol. X, p. 515. 
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high yield, in three steps, to nitriles in which the side chain of the original 
aldehyde has been extended by an additional carbon atom: 


cou ‘NOH 
. HO- ll .. NH,OH Il 
eae — ae ric —_——> CTOs 
H 
EF RF Se O. O. 
: H = (CH3CO),0 
Ar —CH,CN: 
A nitrile 


EXPERIMENTAL PROCEDURE 


Estimated time of the experiment: 1.5 h. 











HOOD 






140-150 °C 
thermometer 


Rhodanine, 30 mg 
+ NaGac, 52 me 
+ CH3COjH, 1-0 mL 
+ o-CIC,H,CHO, 58 mg 
Note it ts important that 
the vial be immersed in 
sand to the level of the 
reaction mixture. 
Ac = acetyl group 


Physical Properties of Reactants and Product 
Compound MW Amount mmol mp (°C) bp (°C) d Np 
Rhodanine 133.19 30 mg 0.23 170 
Sodium acetate 82.03 52 mg 0.63 324 
Acetic acid, glacial 60.05 1.0 mL 118 
o-Chlorobenzaldehyde 140.57 58 mg 0.41 212 1.25 1.5662 
o-Chlorobenzylidene 

rhodanine 259.76 191 





Reagents and Equipment. In a 3.0-mL conical vial containing a boiling 
stone and equipped with an air condenser, weigh out and place 30 mg 
(0.23 mmol) of rhodanine and 52 mg (0.63 mmol) of anhydrous sodium 
acetate. Now, in the hood, add 1.0 mL of glacial acetic acid dispensed from 
a graduated pipet. To this mixture, measure and add 58 mg (0.41 mmol) of 
o-chlorobenzaldehyde (#). 


NOTE. Dry the sodium acetate in the oven for 1 h before use. The aldehyde must 
be free from the corresponding acid or lower yields of product will result. It is rec- 
ommended that the purity of the aldehyde be checked by IR analysis. The reaction 
vial may be weighed before and after the addition of aldehyde to obtain an accu- 
rate weight. 


Reaction Conditions. Heat the reaction mixture in a sand bath at 140-150 °C 
for 30 min. 


NOTE. Immerse the vial in the sand up to the level of the top of the reaction mixture. 


As the reaction progresses, the mixture becomes homogeneous and turns 
yellow. At the end of the reaction period the resulting solution is cooled to 
room temperature. When the conical vial has reached ambient temperature, 
place it in an ice bath to complete crystallization of the condensation product. 


Isolation of Product. Collect the yellow crystals by vacuum filtration us- 
ing a Hirsch funnel. Rinse the reaction vial with two 1.0-mL portions of cold 
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glacial acetic acid transferred by a calibrated Pasteur pipet, and then use each 
rinse to wash the filter cake on the Hirsch funnel (@). Complete the removal 
of the acid solvent by air drying the crystals on a porous clay plate. 


Purification and Characterization. Weigh the dried product and calcu- 
late the percent yield of the crude material. Recrystallization (Craig tube) of 
a 5-mg portion of the benzylidene product from 0.5 mL of glacial acetic acid 
yields fine, bright yellow needles that can be used to complete the character- 
ization of this interesting substance. 

Determine the melting point and compare your results with the value 
given in the table at the beginning of the experiment. 


Chemical Tests. This compound is an interesting reaction product because 
it contains three different types of heteroatoms: chlorine, nitrogen, and sul- 
fur. The sodium fusion test (see Chapter 9) may be used to substantiate the 
presence of these elements. 

It would also be of interest to establish if a positive Beilstein test for chlo- 
rine is found when in the presence of sulfur and nitrogen, or whether the 
soda-lime test for nitrogen is observed with the elements of chlorine and sul- 
fur also located within this molecule (see Chapter 9). 

Does ignition of the material (see Chapter 9) indicate that the compound 
contains an aromatic ring? 


OPTIONAL SEMIMICROSCALE PREPARATION 


This experiment may be scaled up and carried out at a level 5 or 10 times 
greater than the amounts used in the above microscale experiment. The 
data given below are for the 10-fold procedure. The procedure is identical 
to that given above in the microscale section, but with the following 
modifications: 


1. A 10-mL round-bottom flask containing a spin bar and fitted with an 
air cooled condenser is used in place of the conical reaction vial (™). 


2. The reagent and solvent amounts are given in the following table. 


Perkin 
condensation 
product 
collected 
here 






CH;CO,H, 3 mL 





thermometer 


10-mL RE flask 














Physical Properties of Reactants and Products 
Compound MW Amount mmol mp (°C) d Np 
Rhodanine 133.19 300 mg 2.3 170 
Sodium acetate 82.03 520mg 6.3 324 
Acetic acid, glacial 60.05 5.0 mL 118 
o-Chlorobenzaldehyde 140.57 580mg 41 1.25 1.5662 
o-Chlorobenzylidene 
rhodanine 259.76 191 








3. After the product is air dried on a clay plate until no acetic acid 
(vinegar) odor remains, it is placed in a 100 °C oven to dry overnight. It 
may also be dried in a vacuum drying oven until no acetic acid (vinegar) 


odor remains. 
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QUESTIONS 
6-119. In which of the following two species, (a) or (b), is the underlined hydrogen atom more acidic? Explain. 
‘Oo R :OH R 
R-C-C—R | R-C—C—R 
H ha 
(a) (b) 


6-120. A number of compounds similar to rhodanine and possessing active methylene groups have been used in the 
Perkin condensation. Two are shown below: 


ce a 
Nv a HN. NH 
T T 
R Oy 


(An azlactone) Hydantoin 


Draw the structure of the product that would be formed if each underwent the Perkin condensation with 
p-chlorobenzaldehyde. 


6-121. para-Nitrobenzaldehyde reacts at a faster rate than benzaldehyde in the Perkin reaction, while p-N,N- 
dimethylaminobenzaldehyde is much less reactive toward the same nucleophile. Explain. 


O° 


6-122. Explain the fact that the C=O group in —-C—-CH— is effective in increasing the acidity of the a-hydrogen atom. 
6-123. A large number of condensations that are closely related to the Perkin reaction. Among these are the aldol (Experi- 


www ments [20], [3Baay], and [A3a]), Knoevenagel, Claisen (Experiment [3A,qy]), and Dieckmann condensations. What 
general class of compounds can be prepared using each of these well-known reactions? 
BIBLIOGRAPHY 


For a review on the general Perkin reaction see 


Johnson, J. R. Org. React. 1942, 1, 210. 
Koepp, E.; Vogtle, F. Synthesis 1987, 177 
Rosen, T. Comp. Org. Syn. 1991, 2, 395. 


For examples of the general Perkin reaction see 


Corson, B. B. Organic Syntheses; Wiley: New York, 1943; Collect. 


Vol. IL, p. 229. 
Herbst, R. M.; Shemin, D. Organic Syntheses; Wiley: New York, 
1943; Collect. Vol. IL, p. 1. 


Johnson, J. R. Organic Syntheses; Wiley: New York, 1955; Collect. 


Vol. IIL, p. 426. 


Thayer, F. K. Organic Syntheses; Wiley: New York, 1941; Collect. 
Vol. I, p. 398. 


Weiss, R. Organic Syntheses; Wiley: New York, 1943; Collect. Vol. I, 


p. 61. 
For references using rhodanine in the Perkin reaction see 


Andreasch, R. Monatsh. Chem. 1928, 49, 122. 

Brown, F. C. Chem. Rev. 1961, 61, 463. 

Campbell, N.; McKail, J. E. J. Chem. Soc. 1948, 1215. 

Foye, W. O.; Tovivich, P. J. Pharm. Sci. 1977, 66, 1607. 
Julian, P. L.; Sturgis, B. M. J. Am. Chem. Soc. 1935, 57, 1126. 


Alkene Preparation by the Wittig 
Reaction: (E)-Stilbene; Methylene-4-tert- 
butylcyclohexane; and trans-9-(2- 
Phenylethenyl)anthracene 


Common names: (E)-stilbene; trans-1,2-diphenylethene 
CA number: [103-30-0] 
CA name as indexed: benzene, 1,1’-(1,2-ethenediyl)bis-, (E)- 
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Common name: 1-methylene-4-tert-butylcyclohexane 
CA number: [13294-73-0] 
CA name as indexed: cyclohexane, 1-(1,1-dimethylethyl)-4-methylene- 


Common name: trans-9-(2-phenylethenyl) anthracene 
CA number: [42196-97-4] 
CA name as indexed: anthracene, 9-(2-phenylethenyl)-, (E)- 


Purpose. The conditions under which the Wittig reaction is carried out are 
investigated. The Wittig reaction involves the reaction of a phosphorus ylide 
(Experiments [19A] and [19C]) with an aldehyde or ketone, and is used 
extensively in organic synthesis to synthesize alkenes. The use of the 
Horner—-Wadsworth-Emmons modified Wittig reaction between an aldehyde 
and a phosphonate ester is investigated (Experiments [19B] and [19D]) using 
phase-transfer catalysis. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Drying of a Wet Organic Layer (pp. 80-83) 
Concentration of Solutions (pp. 101-104) 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 


Technique 6: Chromatography 
Packing the Column (p. 93) 
Elution of the Column (p. 94) 
Thin-Layer Chromatography (pp. 97-99) 


Georg Friedrich Karl Wittig (1897-1987) Wittig obtained his Ph.D. in 
1923 at the University of Marburg under von Auwers. He later became 
Professor of Chemistry at the Universities of Braunschweig, Freiburg, 
Tubingen, and Heidelberg. His initial research work was concerned with 
the concept of ring strain, diradical formation, and valance tautomerism. 
However, he soon became involved in carbanion chemistry. Wittig discov- 
ered halogen—metal exchange reactions and then moved extensively into 
research involving the chemistry of the ylides. In 1953, he discovered the 
reactive phosphonium ylides and subsequently their reaction with aldehy- 
des and ketones to give alkenes under very mild conditions; this reaction is 
now known as the Wittig reaction. This discovery allowed the introduction 
of the C=C linkage at a specific location in the product. In recognition for 
this work, Wittig received the Nobel Prize in 1979 (with H. C. Brown 
[organoboron compounds)). 

In other work, Wittig postulated the dehydrobenzene intermediate and 
proved its existence through trapping reactions of the Diels—Alder type. He 
discovered sodium tetraphenylborate, which is now used in the analytical de- 
termination of potassium and ammonium ions. His later work involved the 
chemistry of metalated Schiff bases. This work subsequently led to the devel- 
opment of the concept of directed aldol condensations. 
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Wittig coined a large number of technical terms—valence tautomerism, 
ylide, onium complexes, halogen—metal exchange, dehydrobenzene, and 
umpolung (polarity reversal). Wittig died in 1987 at the age of 90.”° 


REACTION 


benzyltriphenylphosphonium 


‘Oo: 
A | 
at _ THF i P 
C,H;CHO + [(C,H;),PCH,C,H,, Br + NaNH,] ——> C=C + 
Benzaldehyde “Instant ylide” a? Y oY 


bromide-sodium amide 
E-Stilbene Triphenylphosphine oxide 


DISCUSSION 


The Wittig reaction constitutes a valuable method for the preparation of 
alkenes. The major advantages of this approach are that (1) there is no ambi- 
guity in the location of the C=C generated by the reaction, as there can be in 
many elimination reactions, and (2), there is no potential for rearrangements, 
as there can be in E1 elimination reactions. 

An ylide is a neutral species whose Lewis structure contains opposite 
charges on adjacent atoms. The atoms involved are carbon and an element 
from either group 15 (VA) or 16 (VIA) of the periodic table, such as N, P, or S. 
The Wittig reaction uses phosphorus ylides, which are obtained by deprotona- 
tion of a phosphonium salt with a strong base. Phosphorus ylides are relatively 
stable, but reactive species, for which the following resonance structures may 
be written; the phosphorus atom can exceed an octet by accommodating elec- 
tron donation into its 3d orbitals. 


—— 
[R,P—CH,: <> R,P=CH,] 


The phosphonium salts are available through a nucleophilic displacement 
reaction of triphenylphosphine with various alkyl halides. Triphenylphosphine 
is a good nucleophile, and thus most phosphonium salts are easily prepared. 


(C,H),P: + RCH,X —> (C,H,),PCHLR, X~ 
(X = I, Br, Cl) 
The hydrogen atoms on the carbon attached to the resulting phosphorus 
cation are somewhat acidic because they are adjacent to a positive charge, a 
significant electron-withdrawing group. Thus, treatment of the phosphonium 


salt with a strong base, such as butyllithium in THF or sodium hydride in 
DMSO, removes one of these protons and produces the ylide. 


THF = 
(C,H,),PCH,R, X~ + C,H,Li ——> (C,H.),P—CH—R + C,H,, + Lix 
An ylide 


20See Parker, S. P. Ed., McGraw-Hill Modern Scientists and Engineers, McGraw-Hill: NY, 1980, 
Vol. 3, p. 341; The Annual Obituary; St. James Press: Chicago, 1987, p. 460; Oesper, R. E. 
J. Chem. Educ. 1954, 31, 357. 
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The ylides are generally not isolated, but rather generated in situ and re- 
acted directly with the carbonyl compound. 

The “instant ylides”are solid-phase mixtures of a phosphonium salt with 
sodium amide (NaNHz, a strong base and the conjugate base of ammonia) 
and are now commercially available. In the solid phase, no reaction between 
the strong base and the phosphonium salt occurs. Thus, to generate the de- 
sired ylide, the “instant ylide” mixture need only be placed in a suitable solvent. 
This process is a marked advantage over the usual methods used to obtain 
these species. Ylides, because of the significant negative charge density on car- 
bon, are nucleophilic enough to attack electrophiles as reactive as the carbon 
of a carbonyl group. When the ylide is reacted with an aldehyde or a ketone, 
an intermediate oxaphosphetane (a four-membered ring containing an oxygen 
and a phosphorus atom) is formed, which decomposes to give the alkene 
product. The mechanistic sequence is outlined here. 


Generation of the Ylide 


(C,H;)3P:?, + H,C—Br —> (C,H,),P*—CH,, Br- 








Na 
Triphenylphosphine A phosphonium salt 
os a4 
+ a/ 
(C,H,),P —C 
H \ 
i THF i) "= 
= = 7 Pigg c= 
(C,H.),P —C -H , Br’ + NH,, Na* ——> | + NH, + Na*, Br 
i - 
H 
A phosphonium salt (C,H;)3P =C 
\ 
L HL 
An ylide 
H aan R’ HoT A UR’ 
\A 7 Sc=-c7 
: ar —_—__> 
| l cu, | 
(CcH5)3P \ 9 C,H; ~ | a 
An ylide C,H; 
An oxaphosphetane 
H R 
% i 
C=C 
— 
R’ 
An alkene 
+ 
CoHs 
a 
CoH5~ | 
CoH; 


Triphenylphosphine oxide 
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The Wittig reaction is very general. The significant limitation is that the 
carbonyl compound cannot contain acidic hydrogen atoms, such as in an alco- 
hol or carboxyl group, or electrophiles more reactive than the aldehyde or ke- 
tone itself. The Wittig reaction can be quite stereoselective for the formation of 
either Z or E alkenes, but the factors involved in such stereoselectivity are 
sometimes difficult to predict and often difficult to explain. 

An important modification (often called the Horner—Wadsworth-— 
Emmons reaction) of the Wittig reaction makes use of phosphonate esters, 
RPO(OR’)>. It is highly stereoselective for the formation of E-alkenes. The re- 
action and mechanism are depicted below for the preparation of (E)-stilbene. 
Instead of using a phosphorus cation to stabilize the negative charge, as in the 
phosphonium ylide above, a phosphonate ester group is used to stabilize an 
adjacent carbanion. 


:O: CY H :O: 
I base / I 


CALCHO =. (C,H-0),P—CH.C.H,——> pe + (C,H0),P—O Na" 
Benzaldehyde Diethyl H Sodium 
benzylphosphonate diethylphosphate 
E-Stilbene 


Sl i OCHSCHS hase Sl i _OCH,CH; 
C~ ~OCH,CH, ‘C7 ~OCH,CH, 
as | 
H H H\ \ oy. 
Diethyl benzylphosphonate | 


WO, Qe 
) we 


E-Stilbene 


The use of the phosphonate ester (Horner-Wadsworth-Emmons reaction) 
allows much easier separation of the product alkene, since the sodium phos- 
phate byproduct is water soluble; the byproduct of the Wittig reaction, tri- 
phenylphosphine oxide, is not water soluble. In the Horner—Wadsworth— 
Emmons modification, a conjugated, or electron-withdrawing, substituent (such 
as a phenyl or carbonyl group) on the nucleophilic carbon is used to assist in 
the stabilization of the carbanion. This modification (Experiment [19B]) may be 
used as an alternative to Experiment [19A] for the preparation of (E)-stilbene. 
The “instant-ylide” Wittig reaction yields predominantly the E isomer of 
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stilbene (70%). The Horner-Wadsworth-Emmons reaction yields exclusively 
the E isomer. Both procedures are given below. The synthesis described in Ex- 
periment [19D] also uses the Horner—-Wadsworth-Emmons modification. 

Horner—Wadsworth-Emmons reactions lend themselves to the use of phase- 
transfer catalysis in Experiments [19B] and [19D]. Phase-transfer catalysis allows 
the use of an aqueous base (NaOH in HO) with the organic compounds dis- 
solved in an organic solvent (hexane in Experiment [19B], methylcyclohexane in 
Experiment [19D]) immiscible with water. The reaction system, as the name im- 
plies, involves two phases—an aqueous phase and an organic phase. The phase- 
transfer catalyst plays a very important role: without it, no reaction would occur, 
since the initial reactants (hydroxide ion and diethyl benzylphosphonate) are 
dissolved in different, immiscible phases, and NaOH is insoluble in hexane (or 
methylcyclohexane), and diethyl benzylphosphonate is insoluble in water. 

The key features of the phase-transfer catalyst, Aliquat 336, are that it is a qua- 
ternary ammonium salt, with long-chain alkyl groups attached to the nitrogen. 


Cl 


CH, 
/ 
H,C FOO ee CH, 
CH, 
Aliquat 336 


The phase-transfer catalyst is soluble in both water and the organic solvent. 
It is water soluble because it is an ion, and it is hexane soluble because of the 
three long-chain alkyl groups. Thus, the phase-transfer catalyst distributes itself 
in both phases, and freely shuttles back and forth through the phase boundary 
between solvent layers. In aqueous NaOH, the chloride anion exchanges with 
hydroxide anion, as the counterion to the ammonium cation. When it does this, 
the catalyst carries the hydroxide ion from the aqueous phase, as an ion-pair, 
across the phase boundary into the organic phase, where the base then reacts 
with the diethyl benzylphosphonate. The Horner-Wadsworth-Emmons reac- 
tion then occurs, producing the alkene and diethyl phosphate anion. This anion 
becomes associated with the ammonium cation of the phase-transfer catalyst 
and is transported to the aqueous layer, where the catalyst picks up another hy- 
droxide ion and repeats the entire process. 


(E)-Stilbene by the “Instant Ylide” Method 





CAUTION: Tetrahydrofuran is a flammable liquid. All flames must 
be extinguished in the laboratory when this solvent is used. 


‘O° 
H | 
+ 2 THF 7 P 
C,H,CHO + [(C,H;),PCH,C,H;, Br + NaNH,] ——> Va =C + 
Benzaldehyde “Instant ylide” H Y oY 


benzyltriphenylphosphonium 
bromide-sodium amide 





REACTION 


E-Stilbene Triphenylphosphine oxide 
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EXPERIMENTAL PROCEDURE 


Estimated time to complete the reaction: Two 3-h laboratory periods. 








Physical Properties of Reactants 
Compound MW Amount mmol bp (°C) d Np 
Benzaldehyde 106.13 100 wL 0.95 178 1.04 1.5463 
“Instant ylide” benzyltriphenyl 

phosphonium bromide-sodium amide 600 mg at 
Tetrahydrofuran 72.12 1.0 mL 67 











Reagents and Equipment. Weigh and place 600 mg (~1.2 mmol) of benzyl- 
triphenylphosphonium bromide—sodium amide (instant ylide) mixture in a dry 
5.0-mL conical vial containing a magnetic spin vane. Add freshly distilled dry 
tetrahydrofuran (1.0 mL) using a calibrated Pasteur pipet, and immediately 
attach the vial to an air condenser protected by a calcium chloride drying tube 
(«). Stir the mixture for 15 min at room temperature. During this time, the 
mixture turns orange. Following generation of the ylide, remove the air con- 
denser for as short a time as possible and quickly add 100 wL (0.95 mmol) of 
benzaldehyde (freshly distilled) to the reaction flask, using an automatic de- 
livery pipet, and immediately reattach the air condenser. 

Reaction Conditions. Stir the resulting heterogeneous mixture at room 
temperature for an additional 15 min. The system develops a light brown color 
during this time. 

Isolation of Product. Work up the reaction by adding 1.0 mL of a 25% 
aqueous NaOH solution (calibrated Pasteur pipet), and transfer the resulting 
mixture to a 15-mL centrifuge tube using a Pasteur pipet. Rinse the reaction 
vial with three 2.0-mL portions of diethyl ether, each of which is also trans- 





: Step I: 
{CgHs)q-P-CH-C,H,, Br + NaNH, 


600 mg + THF. 1.0 mL ferred to the centrifuge tube (Pasteur filter pipet). Partially neutralize the re- 
Step Il: sulting two-phase mixture by careful addition of 3.0 mL of 0.1 N HCl. Trans- 
CeHs CHO, 100, wl fer the ether layer (top) by Pasteur filter pipet to a short microcolumn prepared 


from a Pasteur filter pipet containing 1.5 g of anhydrous sodium sulfate («). 
Collect the dried eluate in a 25-mL Erlenmeyer flask containing a boiling 
stone. Extract the remaining aqueous layer with two additional 2.0-mL por- 
tions of ether and transfer these ether extracts, as before, to the microcolumn 
containing anhydrous sodium sulfate. Concentrate the eluate solution (~10 mL) 
to dryness using a gentle stream of nitrogen, or by warming it in a sand bath 
HOOD _ inthe hood to give a white solid. 


Purification and Characterization. Purify the crude product by chro- 
matography, using a silica gel column. 

The triphenylphosphine oxide is relatively insoluble in the hexane solvent. 
First, separate the triphenylphosphine oxide byproduct from the mixture of 
stilbenes by extracting the solid obtained above with hexane, using the follow- 
ing procedure. 

To the 25-mL Erlenmeyer flask containing the crude product, add 2.0 mL 
of hexane and agitate the solution with swirling. Some breakup of the mate- 






Anhydrous 
Na S04, 1.5¢ 


Witug product rial with a microspatula may be necessary. Transfer the hexane solution by Pas- 
in (CH3CH,},0, _ ca 

10 mt teur filter pipet to a 10-mL Erlenmeyer flask containing a boiling stone. Extract 

+ THF, ~ 0.5 mL the remaining crude solid with two additional 2.0-mL portions of hexane, and 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c06_255-308.qxd 11/23/09 11:14 AM Page 301 
$ EQA 


EXPERIMENT 19 Alkene Preparation by the Wittig Reaction: (E )-Stilbene; Methylene-4-tert-butylcyclohexane 301 


transfer these extracts to the 10-mL Erlenmeyer flask as before. Concentrate 
the hexane solution (~6 mL) to about 1.5 mL using a gentle stream of nitro- 
gen gas, or by warming on a sand bath in the hood. HOOD 

Pack a short (1 X 10 cm) chromatography column with 2.0 g of activated 
silica gel, and premoisten the column with ligroin (60-80 °C) (»). Add the 
above hexane solution directly to the column. Now elute the column with 
15 mL of a 1:1 ligroin (60-80 °C)/methylene chloride solution. Collect the eluate, 
in a single fraction, in a tared 25-mL filter flask containing a boiling stone. 
Concentrate the solution to dryness under reduced pressure in a warm sand 
bath to yield the pure product mixture (™). 


NOTE. A 25-mL sidearm filter flask, equipped with a Hirsch funnel and filter paper 
disks to control the pressure, is a convenient system for the removal of a small vol- 
ume (5-20 mL) of solvent. A rotary evaporator, if available, is a nice alternative. 






Sand, 50 mg 


$105, 2.08 


Sand, 50 me 


Weigh the crude product residue and calculate the percent yield. 

The isolated product mixture may be analyzed by gas chromatography 
and/or thin-layer chromatography. This constitutes the second week of laboratory 
for this experiment. 


Gas Chromatographic Analysis. Dissolve the crude product mixture 
isolated above in the minimum amount of 1:1 ligroin (60-80 °C)/methylene 


chloride solution (~0.5-0.75 mL). Inject a 10-wL sample into a gas chro- pa arn 


in 15 mL, 1:1 
matograph, set up according to the following conditions: ngroin/GH2Cl, 
Column: ;-in. X 8-ft, 20% Carbowax 20M on Chromasorb P 
(80/100 mesh) Thumb 


controls 

pressure; 
continuous 
shaking 


Temperature: 220 °C 
Flow rate: 30 mL/min (He gas) 
Chart speed: 1 cm/min 


The compounds elute in the following order: (Z)-stilbene, followed by (E)- 
stilbene. Measure the ratio of peak heights and calculate the isomeric compo- 


iti Ligroin (60-80 *C)/CH2Clz, 15 mL 
sition of your mixture. iti erect 


Thin-Layer Chromatographic Analysis. Spot a TLC plate with a sample 
from the product solution used for GC analysis, and also with a standard solution. 

Use hexane as the elution solvent, silica gel (containing a fluorescent indi- 
cator) as the stationary phase, and UV light for visualization. 

Typical R; values are (E)-stilbene 0.21; (Z)-stilbene, 0.27. 

Concentrate the ligroin—methylene chloride product mixture as before. 
Separate, and purify, the (E)-stilbene by recrystallization from a minimum 
amount of 95% ethanol, using the Craig tube. 

Weigh the dried and purified (E)-stilbene product and calculate the per- 
cent yield. The purity of this material may be determined by TLC, using the 
conditions outlined above. 

Obtain a melting point and IR spectrum of the material and compare your 
results with those reported in the literature. 

(E)- and (Z)-Stilbene also exhibit different absorptions in the ultraviolet 
region. The data are summarized below: 


(Z)-Stilbene: (1-mm cell) 
Amax 223 nM (Emax = 20,600 methanol, 0.05 g/L) 
Amax 276 nM (Emax = 10,900, methanol, 0.1 g/L) 
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(E)-Stilbene: (0.05 g/L, 1 mm cell) 
Amax = 229 nm (Emax = 21,000, methanol) 
Amax = 294 nm (Emax = 33,200, methanol) 
Amax = 307 nm (Emax = 32,100, methanol) 


These ultraviolet absorption data illustrate an interesting example of steric 
effects on the absorption pattern exhibited by geometrical isomers of an alkene. 
There is significant steric hindrance between the two phenyl groups in the 
Z isomer, which causes the phenyl groups to twist out of coplanarity with the 
alkene. Thus, conjugation is diminished. This result is reflected in the lower in- 
tensity of the 276-nm band as compared to the 294-nm band in the E isomer. 


Chemical Tests. Further characterization may be accomplished by perform- 
ing the Br2/CH,Cl, test for unsaturation. Note that the dibromo compound 
is prepared in Experiment [A2,]. It may be used here as a reference sample 
in the characterization of (E)-stilbene. The ignition test (Chapter 9) may be 
used to confirm the presence of the aromatic portion of the molecule. 


(E)-Stilbene by the Horner-Wadsworth-Emmons Reaction 


REACTION 
a = 
C,H;CHO + (C,H;O).P —CH,C,H, eae C,H;CH =CHC,H,; + (C,H;O),P —O, Na* 
Benzaldehyde Diethylbenzy] Aliquat 336 E-Stilbene Sodium diethyl 
phosphonate phosphate 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 





Physical Properties of Reactants 











40% Sodium hydroxide 


Compound MW Amount mmol bp (°C) d Np 
Benzaldehyde 106.12 100 wL 0.98 178 1.04 1.5463 
Diethyl benzylphosphonate 228.23 200 wL 0.96 106-108 1.095 

Aliquat 336 (tricaprylmethylammonium chloride) 404.17 88 mg 0.22 

Hexane 86.18 2.0 mL 





2.0 mL 





HOOD 


Reagents and Equipment. Weigh and place 88 mg (100 wL) of tricapryl- 
methylammonium chloride (Aliquat 336) in a 10-mL round-bottom flask con- 
taining a magnetic stirrer. Add 100 wL (0.98 mmol) of benzaldehyde, 200 pL 
(0.96 mmol) of diethyl benzylphosphonate, 2.0 mL of hexane, and 2 mL of 
40% sodium hydroxide solution. Attach the flask to a reflux condenser. 


NOTE. The benzaldehyde, diethyl benzylphosphonate, hexane, and NaOH solu- 
tion are dispensed in the hood using automatic delivery pipets. Aliquat 336 is 
very viscous and is best measured by weighing. A medicine dropper is used to 
dispense this material. It is advisable to lightly grease the bottom joint of the con- 
denser since strong base is being used. 
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Reaction Conditions. Warm the two-phase mixture to reflux on a sand bath 
(temperature ~90-100 °C) for 1 h. Stir the reaction mixture vigorously during 
this period. Allow the resulting solution to cool to nearly room temperature. Crys- 
tals of product may appear as cooling occurs. Confirm by TLC (plates contain- 
ing a fluorescent indicator) that the reaction is complete using as a solvent sys- 
tem ethyl acetate:hexane (0.1:9.9) and a UV lamp for visualization. The R; value 
of benzaldehyde (0.4) is lower than both the Ry values of E- and Z-stilbene (™). 


Isolation of Product. Once all the evidence shows that benzaldehyde is no 
longer present, add methylene chloride (700 wL), which will dissolve any crys- 
talline material that may have formed. Then, using a Pasteur pipet, transfer the 
contents of the round-bottom flask to a 15-mL centrifuge tube. Rinse the flask 
with an additional 300 wL of methylene chloride and transfer the rinse to the 
same centrifuge tube. Remove the aqueous layer carefully, using a Pasteur fil- 
ter pipet, and save it in a vial until you have successfully isolated and charac- 
terized the product. 


") 


NOTE: Use care when determining which layer is the “aqueous layer.” At room tem- 
perature, the density of a 40% sodium hydroxide solution is 1.40 g/mL whereas the 
density of methylene chloride is 1.33 g/mL. 





Wash the organic layer with two 1-mL portions of water. Stir the mixture 


GgHgCHO, 100 yl 


with a small glass rod after each addition (or a Vortex mixer may be used) and diethyl benzylphosphonate, 200 pL, 
then remove the water layer and add it to the one collected before. Dry the ie one a ae ak 
methylene chloride solution by addiing a small amount of anhydrous sodium 10-mL RB flask 


sulfate. Use a Pasteur filter pipet to transfer the dried solution to a 10-mL Er- 
lenmeyer flask. Wash the sodium sulfate remaining in the centrifuge tube 
with two 1-mL portions of methylene chloride. Remove these washings, us- 
ing the Pasteur filter pipet, and transfer them to the same Erlenmeyer flask. 

Concentrate the solution, which contains the desired product, to dryness 
on a warm sand bath under a stream of nitrogen. 


Purification and Characterization. The (E)-stilbene obtained is, in most 
cases, sufficiently pure for characterization. However, this should be confirmed by 
thin-layer chromatography as outlined earlier (see Purification and Characteriza- 
tion, Experiment [19A]). If only a trace of the Z isomer is detected, recrystallize 
the product directly, using absolute ethanol. Collect the recrystallized material by 
vacuum filtration using a Hirsch funnel. Maintain the vacuum for an additional 
10 min to partially dry the crystalline product. Then place it on a clay plate, or on 
filter paper, and allow it to dry thoroughly. As an alternative, the product may be 
dried in a vacuum drying oven (or pistol) for 10-15 min at 30 °C (1-2 mm Hg). 
Weigh the dried (E)-stilbene product and calculate the percent yield. The 
(E)-stilbene may be characterized as outlined in Experiment [19A]. 


Methylene-4-tert-butylcyclohexane 


REACTION 
‘Oo CH, 
ie = THF 
+ [(C,H;),PCH,, Br +N aNH,] —> + (C,H5),PO 
C(CH3), C(CHs), 
4-tert-Butylcyclohexanone “Instant ylide” Methylene- Triphenylphosphine 
methyltriphenylphosphonium 4-tert-butylcyclohexane oxide 


bromide-sodium amide 
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EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 4.0 h. 











Physical Properties of Reactants and Product 
Compound MW Amount mmol mp (°C) bp (°C) Np 
4-tert-Butylcyclohexanone 154.26 100mg 0.64 50 
“Tnstant ylide” 

(methyltriphenylphosphonium 

bromide-sodium amide) 320mg = ~0.72 
Tetrahydrofuran 1.0 mL 67 
Methylene-4-tert-butylcyclohexane 151.27 185 1.4630 











Reagents and Equipment. In a dry 5.0-mL conical vial containing a mag- 
netic spin vane, and equipped with an air condenser protected by a calcium 
chloride drying tube, weigh and place 320 mg (~0.72 mmol) of methyltriph- 
enylphosphonium bromide-sodium amide (instant ylide) mixture («). Now 
add freshly distilled tetrahydrofuran (1.0 mL), using a calibrated Pasteur pipet, 
and stir the mixture for 15 min at room temperature. During this period it 
turns a bright yellow color. 

Following generation of the ylide, weigh and add 100 mg (0.64 mmol) of 
4-tert-butylcyclohexanone to the reaction flask. 


Reaction Conditions. Stir the resulting heterogeneous mixture, at room 
temperature, for an additional 90 min. The mixture develops a light-tan color 
over this period of time. 


Isolation of Product. Work up the reaction by adding 1.0 mL of a 25% 
aqueous NaOH solution (calibrated Pasteur pipet), and then transfer the re- 
sulting mixture to a 12-mL centrifuge tube using a Pasteur filter pipet. Rinse 





Step |: 
(C.Ho<P-CH ie iene the reaction flask with three 2.0-mL portions of diethyl ether. Transfer each 
63 3 2 : ; : : 
320 mg + THF, 1.0 mL rinse to the same centrifuge tube. Partially neutralize the resulting two-phase 
star lt system by the careful addition of 2.0 mL of 0.1 N HCl and mix briefly. 


4-tert-Butycycloh , 100 
en anges ome Separate the ether layer by Pasteur filter pipet and place it in a 25-mL 


Erlenmeyer flask. Extract the remaining aqueous layer with three additional 
5-mL portions of diethyl ether. Separate these extracts as before and combine 
them with the original ether layer. 

Transfer the combined ether fractions, by Pasteur filter pipet, to a short micro- 
column prepared from a Pasteur filter pipet containing 1.5 g of anhydrous sodium 
sulfate (=). Collect the dried eluate in a 25-mL Erlenmeyer flask containing a boil- 
ing stone. Concentrate this solution to dryness, using a gentle stream of nitrogen, 
HOOD _ or by warming ona sand bath in the hood, to yield a colorless liquid residue. 






Anhydrous 
Na,SO,, 1.5 ¢ 


Purification and Characterization. Purify the crude product isolated 
above by chromatography on an alumina column (see figure on next page). 

Pack a short (1 X 10 cm) buret column with 4.0 g of activated basic alumina 
and premoisten the alumina with ligroin. Dissolve the crude material in 
0.5 mL of 9:1 ligroin (60-80 °C)/methylene chloride solvent and transfer the solu- 


eee aie ae tion to the column using a Pasteur filter pipet. Elute the product in a single fraction 
3 afer : 
+ THF, ~ 0.5 mL using 8.0 mL of 9:1 ligroin (60-80 °C)/methylene chloride. Collect the eluate in a 


tared 25-mL filter flask containing a boiling stone. Evaporate the solvent in the 

HOOD _ hood under vacuum, with swirling, in a warm sand bath, leaving a liquid residue. 
Product loss may occur if the concentrated residue is heated excessively (see 
figure on page 306). 
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The product is of sufficient purity for characterization. Weigh the methylene- 
4-tert-butylcyclohexane and calculate the percent yield. Determine the boiling 
point and compare your result with that listed in the Reactants and Product table. 

Obtain an IR spectrum of the alkene product, using the capillary film tech- 
nique. Compare your result with Figure 6.32. 


Infrared Analysis. The spectrum (Fig. 6.8 p. 160) of the ketone was dis- 
cussed in Experiment [5B]. The major change observed in the spectrum of the 
product (Fig. 6.32), when compared with the starting material, is the loss of 
the carbonyl absorption band (1717 cm’), and its replacement by a less-in- 
tense new band at 1654 cm '. This latter absorption is associated with the 
stretching motion of the G=C system exocyclic to the six-membered ring. The 
key bands associated with group frequencies present in the reaction product 
are identified at 3075, 3000-2850, 1783, 1654, 1394, 1368, and 883 cm |. 
The presence of these bands confirms the projected structure of the Wittig 
reaction product. The data may be interpreted as follows: the bands at 3075 
(sharp spike), 1783 (weak), 1654 (sharp—medium), and 883 (strong) cm! form 
a frequency train that is defined as a“terminal alkene macrofrequency.” The 
overall interpretation requires the presence of all four bands in the spectrum if 
the specific assignment of any one of them is to be correct. Thus, these four data 
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Thumb contrals pressure; 
continuous shaking 





www 
9:1 Ligroin/CH,Cl,, 8 mL 
+ THF -0.5 mL 
+ Wittig product 
www 


CHO 


O00: 


points lead to a structural interpretation with very high confidence limits. The 
3075-wavenumber band arises from the coupled antisymmetric stretch of the 
two C—H oscillators on the terminal alkenyl methylene group. The weak 1783- 
wavenumber peak is an overtone of the strong band observed near 883 cm * 
(883 X 2 = 1766 cm!) and is unusually intense for an isolated harmonic. The 
fundamental can be assigned as the =CH), out-of-plane wag (C—H deforma- 
tion). In this fairly rare example, the observed harmonic occurs at a higher 
wavenumber value than twice the fundamental frequency. A situation of this 
type is termed negative anharmonicity (see Infrared Discussions). Finally, the 
C=C stretching mode is assigned to the 1654-wavenumber band, which is 
consistent with the requirements of this frequency train as it is found below 
1660 cm! (see Infrared Discussions of cis, terminal, or vinyl carbon-carbon 
double bonds). The bands identified at 1396 and 1368 cm ' indicate that the 
tertiary butyl group, as expected, has been preserved during the conversion of 
the ketone to a terminal alkene (see also Discussion, Experiment [5B]). 


trans-9-(2-Phenylethenyl)anthracene 


REACTION 
ce) 40% NaOH ‘Oo 
| Aliquat 336 I. ates oes H.C 
= TT —oO: 
2P —CH,C.Hs methylcyclohexane (ESO 0% Nar Se. 


9-Anthraldehyde Diethylbenzy] Sodium diethyl 
phosphonate phosphate 


trans-9-(2-Phenyletheny]l)- 














anthracene 
EXPERIMENTAL PROCEDURE 
Estimated time to complete the reaction: 2.5 h. 
Physical Properties of Reactants and Product 
Compound MW Amount mmol mp (°C) bp (°C) d Np 
9-Anthraldehyde 206.24 106mg 0.51 104-105 
Diethyl benzylphosphonate 228.23 120 wL 0.58 106-8 @1mm 1.095 =: 1.4970 
Aliquat 336 (tricaprylmethyl- 
ammonium chloride) 404.17 2 drops 
Methylcyclohexane 98.2 2.0 mL 101 0.77 1.4215 
40% Aqueous sodium hydroxide 2.0 mL 
trans-(2-Phenylethenyl) anthracene 280.4 130-132 








Reagents and Equipment. Weigh and place 106 mg (0.51 mmol) of 9- 
anthraldehyde in a 10-mL round-bottom flask containing a magnetic stirrer. Add 
2 drops of Aliquat 336 (tricaprylmethylammonium chloride), 120 wL (0.58 mmol) 
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of diethyl benzylphosphonate, 2.0 mL of methylcyclohexane and 2 mL of 40% 
sodium hydroxide solution. Attach the vial to a reflux condenser (™). 


NOTE. The diethyl benzylphosphonate, methylcyclohexane, and NaOH solution are 
dispensed in the hood using automatic delivery pipets. The Aliquat 336 is very HOOD 
viscous. A medicine dropper is used to dispense this material. It is advisable to 
lightly grease the bottom joint of the condenser, since strong base is being used. 


Reaction Conditions. Heat the two-phase mixture, on a sand bath at a tem- 
perature of about 125-130 °C, for 45 min. Stir the reaction mixture vigorously 
during this period; the upper (organic) layer turns deep red. Allow the mix- 
ture to cool to room temperature. 










ch 

Ci] 
i] 
CG 


ao 


Isolation of Product. Transfer the two-phase solution to a 15-mL glass cen- 
trifuge tube using a Pasteur filter pipet. Rinse the flask with 1 mL of methyl- 
ene chloride and transfer this rinse to the centrifuge tube. Carefully remove 
the aqueous layer, using a Pasteur filter pipet, and save it in a vial until you have 
successfully isolated and characterized the product. Wash the organic layer with 
two 2-mL portions of water. Stir the mixture with a small glass rod after each 
addition (or a Vortex mixer may be used) and then remove the water layer and 
save it in the same vial as before. Dry the methylene chloride solution by 
adding sodium sulfate. Using a Pasteur filter pipet, transfer the dried solution 
to a tared 10-mL Erlenmeyer flask containing a boiling stone. Wash the sodium 
sulfate remaining in the centrifuge tube with two 1-mL portions of methylene a 
: . iethylbenzyl phosphonate, 120 uL, 

chloride. Also transfer these washings to the Erlenmeyer flask. + Aliquat 336, 2 drops, 40% NaOH, 2 mL 

Concentrate the solution, which contains the desired product, almost to + methyicyclohasane, 2 ml. 
dryness on a sand bath under a slow stream of nitrogen gas. Now add approx- 
imately 1-2 mL of 2-propanol (isopropanol) to the flask and allow the result- 
ing solution to stand at room temperature for 10-15 min, and then place it in 
an ice bath to complete the crystallization of the product. 


125-130°C ! 
thermometer 


=) 
a 
=! 


I 


Purification and Characterization. Collect the yellow crystals by vac- 
uum filtration, using a Hirsch funnel, and wash the filter cake with two 1-mL 
portions of cold methanol. Maintain the vacuum for an additional 10 min to 
partially dry the crystalline product. Then place the material on a clay plate, 
or on filter paper, and allow it to dry thoroughly. As an alternative, the prod- 
uct may be dried in a vacuum drying oven (or pistol) for 10-15 min at 30 °C 
(1-2 mm). 

The purity of the product may be checked using thin-layer chromatography 
(see Technique 6A). Dissolve a small amount of the starting aldehyde and the 
product in ethanol and apply a sample to the TLC plate. Use toluene as the 
elution solvent, silica gel (containing a fluorescent indicator) as the stationary 
phase, and UV light for visualization. Typical Ry values are 0.92 for trans-9- 
(2-phenylethenyl)anthracene and 0.50 for 9-anthraldehyde. 

Weigh the product and calculate the percent yield. A portion of the mate- 
rial may be further purified by recrystallization from 2-propanol using the 
Craig tube. 

Determine the melting point and compare it with the value given in the 
Reactants and Product table. Obtain the IR spectrum of the alkene product. 
The material should have a strong absorption band at 962 cm’ ', which con- 
firms the presence of a trans double bond. 
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Sample: trans-9-(2-Phenylethenyl)anthracene 
Solvent: CH,0H 

Concentration: 3.1 x 107° Af 

Sean speed: 750 nmsmin 





Absorbance 


0.5000 
0.2000 


—0,100 
200.0 256.0 312.0 368.0 4240 480.0 


Wavelength (nm) 
Figure 6.33 UV-visible spectrum: trans-9-(2-phenylethenyl)anthracene. 


This material has a characteristic UV spectrum in methanol. The following 
data were obtained at a concentration of 3.1 X 10° ° M (see Pig. 6,33): 


max 255 nm (Emax = 35,207, methanol) 
Amax 383 nM (Emax = 3618, methanol) 


QUESTIONS 


6-124. Complete each of the following reactions by giving a suitable structure for the species represented by the letters. 
Give a suitable name for compound B in each reaction. 


+ NaOC,H, a _ NaH 
(a) (C,H,),F —CH,C,H.,Cl- or (b) (C.Hs)3P — CH, Br~ Saisa? A 
i 
A + C,H,CH=CH—C=O — B + (C,H,),PO ae ( o B + (CcH5)sPO 


6-125. Why is it important that any aldehyde used in the Wittig reaction be free of carboxylic acid impurities? 

6-126. Reaction of triphenylphosphine with benzyl bromide produces the corresponding phosphonium salt. Suggest a 
suitable mechanism for this reaction. 

6-127. Heteroatoms other than P are also capable of stabilizing the negative charge on C to yield ylides. For example, 
nitrogen is capable of forming such a system: 


(C,H,),P =CH, 

(CH,),N =CH, 
(C,H;),P =CH, 
A phosphorus ylide A nitrogen ylide 


Why are resonance structures not drawn for the nitrogen ylide as in the phosphorus system? 
6-128. Would you expect that the sulfonium salt, (C6Hs)2CH35 * Br , is capable of forming an ylide when reacted with a 
strong base? If so, would its structure be best represented in a manner resembling the P or N ylide? Explain. 
6-129. Explain why the C=C stretching mode gives rise to a rather weak IR band in 1-methylcyclohexene, while in its 
isomer, methylenecyclohexene, the band is of medium to strong intensity. 
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6-130. Predict the C=C stretching frequencies of the alkenes formed when cyclopentanone, cyclobutanone, and 
cyclopropanone undergo the Wittig reaction with methyltriphenylphosphonium bromide-sodium amide reagent. 

6-131. What concentration of a given compound (mol/L) in methanol, having a molecular weight of 165, would have been 
used if the solution gave an absorbance of 0.68 with a calculated €,,,, = 14,800? 


Of the many articles on the Wittig reaction, four are listed: 


Maryanoff, B. E.; Reitz, A. B. Chem. Rev. 1989, 89, 863. 
Silversmith, E. F. J. Chem. Educ. 1986, 63, 645. 

Vedejs, E.; Marth, C. F. J. Am. Chem. Soc. 1990, 112, 3905. 
Wadsworth, W. S., Jr. Org. React. 1977, 25, 73. 


Selected references pertaining to the Horner-Wadsworth- 
Emmons modification of the Wittig reaction: 


Boutagy, J.; Thomas, R. Chem. Rev. 1974, 74, 87. 
Denmark, S. C.; Chen, C-T. J. Am. Chem. Soc. 1992, 114, 10674. 
Horner, L.; Hoffmann, H.; Wippel, H. G.; Kahre, G. Chem. Ber. 
1959, 92, 2499. 
Wadsworth, W. S., Jr.; Emmons, W. D. J. Am. Chem. Soc. 1961, 
83, 1733. 
Below are selected examples of the Wittig reaction in Organic 
Syntheses: 


Campbell, T. W.; McDonald, R. N. Organic Syntheses; Wiley: New 
York, 1973; Collect. Vol. V, p. 985. 


BIBLIOGRAPHY 


Jorgenson, M. J.; Thacher, A. F. Organic Syntheses; Wiley: New York, 
1973; Collect. Vol. V, p. 509. 

Lang, R. W.; Hansen, H. Organic Syntheses; Wiley: New York, 1990; 
Collect. Vol. VIL p. 232. 

McDonald, R. N.; Campbell, T. W. Organic Syntheses; Wiley: New 
York, 1973; Collect. Vol. V, p. 499. 

Nagata, W; Wakabayashi, T.; Hayase, Y. Organic Syntheses; Wiley: 
New York, 1988; Collect. Vol. VI, p. 358. 

Wadsworth, W. S., Jr; Emmons, W. D. Organic Syntheses; Wiley: 
New York, 1973; Collect. Vol. V, p. 547. 

Wittig, G.; Schdllkopf, U. Organic Syntheses; Wiley: New York, 
1973; Collect. Vol. V, p. 751. 


For a historical perspective of the Wittig reaction, see: 


Hofmann, R. W.’ Wittig and His Accomplishments: Still Relevant 
Beyond His 100th Birthday.”Angew. Chem. Int. Ed. 2001, 
40, 3915. 


Aldol Reaction: Dibenzalacetone 


Common names: dibenzalacetone, dibenzylideneacetone 


CA number: [35225-79-7] 


CA name as indexed: 1,4-pentadien-3-one, 1,5-diphenyl-, (E,E)- 


Purpose. The synthetically useful aldol reaction is investigated as a method 
of forming carbon-carbon bonds. It is a general reaction of aldehydes that may 
also be extended to ketones. The specific case outlined in this experiment is 
known as the Claisen—Schmidt reaction. Experiments [A3,] and [F1] provide 


other examples of the aldol condensation. 


Prior Reading 


Technique 5: Crystallization 
Introduction (pp. 85-87) 


Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 


REACTION 


| | NaOH, H,O I 
2 C—H + CH,;— C—CH, —CH.OH CH= CH— C— CH=CH 
Hs 


Benzaldehyde Acetone 


—p— 


Dibenzalacetone 
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R'—C—H +:CH,—C—R == R’—C—CH,—C—R 
XK” 


DISCUSSION 


The aldol reaction (aldol condensation) is one of the fundamental reactions of 
organic chemistry, since it leads to the formation of a new carbon-carbon 
bond and is broadly applicable. A condensation reaction is one in which two 
molecules are joined with the concomitant expulsion of a small stable mole- 
cule, usually water or an alcohol. The aldol reaction may be used to condense 
various combinations of aldehydes and ketones. The mixed aldol condensa- 
tion of an aldehyde having no a-hydrogen atom with a ketone is specifically 
known as the Claisen—Schmidt reaction. This variation of the aldol condensa- 
tion is illustrated here in the synthesis of dibenzalacetone. 

The reaction conditions of this aldol condensation favor the formation of 
the product, dibenzalacetone. This product is insoluble in the aqueous ethanol 
solvent and precipitates from the reaction as it is formed, whereas the starting 
materials and the intermediate, benzalacetone, are all soluble in aqueous 
ethanol. These experimental conditions assist in driving the equilibrium reac- 
tion to completion. 

The aldol condensation involves generation of an enolate by removal of an 
acidic proton from a carbon to the carbonyl group of an aldehyde or ketone, 
and subsequent nucleophilic addition of this enolate to the carbonyl carbon of 
an aldehyde or ketone. The reaction is usually base catalyzed and involves several 
mechanistic steps. 


L oN il —~ | 


R—C—CH, + :OH- === |R—C—~CH,: <—> R—C=CH, | + H,O 








| | | HOH | | 














(nucleophilic attack) H (protonation) H 


The reaction involves several steps: (1) base-catalyzed generation of an 
enolate, (2) nucleophilic attack of this anion on a carbonyl carbon, and (3) pro- 
tonation of the resulting anion to yield the initial aldol product, a B-hydroxy 
carbonyl compound. Note that each step in the sequence is in equilibrium and 
the entire reaction is, therefore, reversible. Treatment of the B-hydroxy 
carbonyl compound with base causes the reverse aldol (retro-aldol) reaction 
to occur. 


Hw . * * “ny: sce 


u | 
:OH- + R’ i CH,+C a + CH,=C—R + HOH 


R’ R’ LA 


° ° 
— + CH;—C—R + HO- 





R’ 
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The B-hydroxy carbonyl product may be isolated in most cases, if desired, 
as the subsequent dehydration is generally much slower than the addition re- 
action that precedes it. The final stage, as in the present reaction, is a hydroxide- 
catalyzed dehydration of this initial product by way of its enolate. Though 
hydroxide ion (HO ) is generally not a good leaving group, the hydrogen a to the 
ketone is quite acidic, the elimination produces a rather stable and conjugated 
a,B-unsaturated ketone, and under strongly basic conditions the hydroxide 
ion is an adequate leaving group. 


_ H a 
7 7 ap aa i ° 
R'—C—C¥C—R’ == R’—-C—C=C—R + HOH 





| | :OH- 
Enolate anion 
O: H :O 
rl : ae R’'—C i: C—R + :OH 
’ = > , —_ +: = 
H H 


In the present reaction, a double aldol condensation occurs, which yields 
the dibenzalacetone product. An additional example of the aldol reaction is 
shown in Experiment [A3,], where tetraphenylcyclopentadienone is prepared. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.0 h. 














Physical Properties of Reactants 

Compound MW Amount mmol bp (°C) d Np 
Benzaldehyde 106.13 80 wL 0.79 178 1.04 1.5463 
Acetone 58.08 29 wL 0.40 56 0.79 1.3588 
NaOH catalyst solution 1 mL 





NOTE. It is recommended that the purity of the benzaldehyde be checked by IR. 
The presence of benzoic acid in the benzaldehyde can substantially lower the yield 
of product. The benzaldehyde may be purified by distillation under reduced pres- 
sure (bp 178-179 °C; 57-59 °C @ 8 torr). 

The benzaldehyde may be added to the vial by weight, or by volume (using an 
automatic delivery pipet). To prevent loss of acetone by evaporation, fit the reaction 
vial with a septum cap and cool it in an ice bath. Add the acetone (by volume) 
through the septum using a GC syringe. 

Stoichiometric quantities of the reagents are used. An excess of benzalde- 
hyde results in a more intractable product; excess acetone favors the formation 
of benzalacetone. 


NOTE. This reaction may be 
carried out in a 10 X 75-mm 
test tube. However, the reagents 
must be stirred efficiently with a 
glass rod at frequent intervals. If 
a larger test tube is used, a small 
magnetic stirring bar or vane is 
more efficient as an agitator. 
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C,H,CHO, 80 pL, + 
acetone, 29 pl + 
ethanolic NaOH, 1.0 mL 





H,O/CH,CH,OH, ~ 5 mL 


Aldal product 
collected here 


Reagents and Equipment. In a 3.0-mL conical vial containing a magnetic 
spin vane and equipped with an air condenser place 80 wL (84 mg, 0.79 mmol) 
of benzaldehyde and 29.0 wL (23 mg, 0.40 mmol) of acetone (). 

Now add to this reaction mixture 1.0 mL of the aqueous, ethanolic 
sodium hydroxide catalyst solution, delivered from a calibrated Pasteur 


pipet. 


INSTRUCTOR PREPARATION. The catalyst solution is prepared by dissolving 
0.4 g of sodium hydroxide (which is caustic) in 4.0 mL of water. To this solution 
add 3.0 mL of 95% ethanol. 


Reaction Conditions. Stir the reaction mixture at room temperature for 
30 min. During this time the solid yellow product precipitates from solution. 


Isolation of Product. Collect the crude yellow dibenzalacetone by vacuum 
filtration using a Hirsch funnel (#). Remove the magnetic spin vane from the 
reaction vial with forceps. Some of the product adheres to the magnetic spin vane. 
This material should be removed by carefully scraping the vane with a microspat- 
ula. The material is added to the product collected by filtration. 

Wash the filter cake with three 1.0-mL portions of water. The filtrate 
should be nearly neutral, as indicated by pH test paper. If not, repeat the wash- 
ing until the test indicates that the filtrate is neutral. 


NOTE. It is essential to remove the NaOH completely. If it is not removed, the 
recrystallization step will be difficult. 


Air-dry the product by maintaining the suction on the Hirsch funnel for 
approximately 10 min. During this operation a piece of plastic food wrap may 
be placed over the mouth of the Hirsch funnel to aid in the drying process 
(see Prior Reading). 


NOTE. An alternative procedure may be used to isolate and purify the dibenza- 
lacetone. Transfer the reaction product directly to a large Craig tube. The washings 
and the ethanol recrystallization step (see Purification and Characterization sec- 
tion) may then be carried out with no transfer of the material. In this way, loss 
of product is minimized. 


Purification and Characterization. The crude dibenzalacetone may be 
purified by recrystallization from 95% ethanol, using a Craig tube. 

Weigh the dried product and calculate the percent yield. Determine the 
melting point and compare your result with those in the literature. 

Obtain an infrared spectrum of the material and compare your spectrum 
with that shown in Figure 6.34. 

A comparison of the infrared spectra of the starting reagents with that of 
the product is given below. 


Infrared Analysis 


Acetone: This simple aliphatic ketone possesses the short macro group 
frequency train: 3415 (overtone of C=O stretch, 2 X 1712 = 3424 cm’), 
3000-2850 (sp? C—H stretch), 1712 (C=O stretch), and 1360 cm™ | (symmetric 
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100.00 %T 


4000 3500 3000 2500 2000 1500 1000 cm-! 500 


Semple__Dibenzelacetone 
%T X ABS — Background Scans 4. Some —_45- 


Acquisition & Calculation Time 42sec __ Resolution 4.0 cm-1! 
Sample Condition ____solid Cell Window __ 
Cell Path Length ————_________ Matrix Material KBr 





Figure 6.34 IR spectrum: dibenzalacetone. 


methyl bend a to a carbonyl. See discussion of methyl bends in acetates in 
Experiment [8B]). 


Benzaldehyde: The infrared spectrum of this aromatic aldehyde (Fig. 6.35) 
is rich and interesting. The aromatic aldehyde macro group frequency consists of 
the following peaks: 3070, 2830 and 2750, 1706, 1602, 1589, and 1396 cm” |. 


a. 3070 cm~*: C—H stretch on sp? carbon. 

b. 2830 and 2750 cm™*: This pair of bands is another example of Fermi 
coupling (see discussion in Experiment [7] and Infrared Discussions). www 

c. 1706 cm™': The carbonyl stretch of the aldehyde group. The frequency 
observed in aliphatic aldehydes falls in the range 1735-1720 cm |, but 
when conjugated, the value drops (see Infrared Discussions) and is found «{www 
in the range 1720-1700 cm™'. 
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d. 


1602 and 1589 cm™': This pair of bands is related to the degenerate ring 
stretching vibrations vg, and vg, of benzene (see infrared discussions in 
Chapter 10W, Experiment [1B,4,] and Infrared Discussions). 


. 1396 cm~': The aldehyde C—H in-plane bending vibration. The first har- 


monic of this vibration is Fermi coupled to the aldehyde C—H stretching 
mode. 


Benzaldehyde also possesses a second powerful macro group frequency 


www)» train that reflects the substitution pattern of the aromatic ring system (see In- 
frared Discussions). The monosubstituted benzene ring macro group fre- 
quency train contains peaks in the following regions: 1950, 1880, 1800, 1730, 
750, and 690 cm™*. 


a. 


1990, 1920, 1830, and 1770 cm™!: this series of four weak bands with 
generally decreasing intensity from high-to-low wavenumber values (the 
third peak near 1800 cm | may be intensified if the ring is conjugated 
as in this case) arise from combination bands (see Infrared Discussions), 
which involve the out-of-plane bending frequencies of the ring C— H 
bonds (see below). The exact wavenumber positions are not very impor- 
tant, but the overall shape of the pattern can be used to determine the 
ring substitution pattern (see Infrared Discussions). 


. 750 and 690 cm7?: this pair of bands is very characteristic of monosub- 


stituted phenyl groups. The 750-wavenumber peak arises from the all- 
in-phase out-of-plane bending vibration of the five C—H groups adja- 
cent to each other on the ring (see Infrared Discussions). The 690 cm’! 
companion band involves an out-of-plane displacement of the ring carbon 
atoms (see Infrared Discussions). 


Dibenzalacetone: The infrared spectrum of the product (Fig. 6.35) con- 


tains many features of the starting materials, plus new and shifted bands 
unique to the newly formed structure. 


a. 


The monosubstituted aromatic macro group frequency remains: 1960, 
1890, 1815, 1770, 760, and 690 cm~?. In addition, the two pairs of degen- 
erate ring stretching bands are present: 1598, 1580 and 1500, 1450 cm 1. 
The 1500-wavenumber band is rather weak in benzaldehyde, but inten- 
sifies in the product. 


. The ketone carbonyl remains the most intense band in the spectrum but is 


shifted to 1653 cm ' because of the carbonyl’s conjugation to two aromatic 
rings. The aldehyde’s carbonyl stretching mode at 1706 cm‘ has vanished. 


. The methyl C—H stretching bands between 3000 and 2850 cm", and the 


coupled aldehyde C—H stretching peaks at 2830 and 2750 have disappeared. 


. New bands appear at 3058 and 3035 cm | (alkene C-H, stretch) which 


are overlapped with the aromatic ring C—H stretching) peaks (3075 cm”). 
In addition, bands appear at 1627 (conjugated C=C) and 985 cm! (trans- 
substituted C=C, C—H in-phase out-of-plane bend).The latter band 
occurs slightly above its usual location near 965 cm |. This rise in fre- 
quency is the result of conjugation of the double bond to the carbonyl 
group. For an example of a much more dramatic rise in frequency, refer to 
the discussion of the cis C—H bending modes in the spectrum of maleic 
anhydride (Experiment [14]). 
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Figure 6.35 IR spectrum: benzaldehyde. 







If performed in a potassium bromide matrix, examine the spectrum of your 
product. Discuss the similarities and differences of the experimentally derived 
spectral data to the reference spectra (Figs. 6.34 and 6.35). 

Dibenzalacetone is a compound that can be characterized by classical 
chemical tests. 


Chemical Tests. An ignition test (See Table 9.1, p. 633) should indicate that 
dibenzalacentone contains an aromatic ring system. Perform the test to con- 
firm this. 

Several classification tests might also be of assistance in classifying this 
compound. Does the 2,4-dinitrophenylhydrazine test for an aldehyde or ke- 
tone give a positive result? Isolate the 2,4-dinitrophenylhydrazone derivative 
and determine its melting point. Does it correspond to the literature value of 
180 °C? What further test could be run to determine whether the carbonyl is 
present as an aldehyde or ketone? 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c06_309-375.qxd 


11/17/09 


1:42 PM Page 316 


—e— 


316 CHAPTER 6 Microscale Organic Laboratory Experiments 


A test for unsaturation should be enlightening. Would you perform the 
bromine-methylene chloride or the Baeyer test (Chapter 9, Classification 
Tests). Did the correct test give a positive result? 


OPTIONAL SEMIMICROSCALE PREPARATION 


This experiment may be scaled up to be carried out at 5 or 10 times the 
amounts used in the above micro preparation. The data summarized below are 


for the 10-fold procedure. 
The procedure is identical to the above with the following exceptions. 


1. Use a 10-mL round-bottom flask fitted with an air condenser (). 
2. Increase the reagent and solvent amounts. 











Properties of Reactants 

Compound MW Amount mmol __ bp (°C) d Np 
Benzaldehyde 106.13 = 800 wL 7.9 178 1.04 1.5463 
Acetone 58.08 300 pL 4.0 56 0.79 1.3588 
NaOH catalyst solution 5 mL 








10-mL RB flask 


QUESTIONS 








3. The collected filter cake is transferred to a 10-mL beaker, stirred with 
5.0 mL of water, and then recollected by vacuum filtration. Repeat this 
process, usually about three times, until the filtrate is neutral to litmus paper. 


6-132. A key step in the total synthesis of the hydrocarbon azulene follows. Outline a suitable mechanism to account for 


the reaction. 


1. OH™ 
2.H* 


6-133. The aldol reaction has been utilized extensively for the generation 
suitable mechanism for the cyclization reactions shown below. 


‘O° 





of five- and six-membered rings. Suggest a 


CH, 
(o) See C,H;ONa 
: b J C,H.OH 
re “CH, C,H,ONa 
oH, C,H,OH 
i 
O. 
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6-134. Predict the major organic product formed in each of the following reactions. 


(a) CELCHNO; cH = 


‘O° 
| 





C,H;ONa 





(b) CH, —CH=CH—CHO + CH,—C—C,H, 


C,H;ONa 


(c) C,H,;CHO + C,H,CH,CN “CH.OH 


> 
C;H;OH 


6-135. “Crossed” or “mixed” aldol condensations are practical for synthesis, if one of the aldehydes (or ketones) has 


no a-hydrogen atoms. Explain. 


6-136. Give several examples of aldehydes or ketones that could be used in a “crossed” aldol condensation with propanal. 
Assign structures and names to the products that could be formed and point out any side reactions that might occur. 
6-137. In the aldol condensation using the conditions of this experiment, why might it be essential that the benzaldehyde 


contain no benzoic acid? 


Review articles: 


Cowden, C. J.; Paterson, I. Org. React. 1997, 51, 1. 

Mahrwald, R. Modern Aldol Reactions, Vols. 1, 2; Wiley-VCH: 
New York, 2004. 

Mestres, R.“A Green Look at the Aldol Reaction.” Green Chemistry; 
2004, 12, 586. 

Mukaiyama, T. Org. React. 1982, 28, 203. 

Mukaiyama, T.; Kobazachi, S. Org. React. 1994, 46, 1. 

Patai, S.; Rappoport, Z., Eds. The Chemistry of the Enones; 
Wiley: New York, 1989, Part I, Part II. 

Smith, M. B.; March. J. Advanced Organic Chemistry, 6th ed.; 
Wiley: New York, 2007, Chap. 16, p. 1339. 
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York, 1943; Collect. Vol. IL, p. 167. 
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Quantitative Analysis of Grignard 
Reagents: 1-Methylbutylmagnesium 
Bromide and Phenylmagnesium Bromide 


Common names: 1-methylbutylmagnesium bromide, 2-pentylmagnesium 


bromide 
CA number: [57325-22-1] 


CA name as indexed: magnesium, bromo(1-methylbutyl)- 


Common name: phenylmagnesium bromide 
CA number: [100-58-3] 
CA name as indexed: magnesium, bromophenyl- 


Purpose. In this experiment you will generate a Grignard reagent, a com- 
mon and synthetically useful source of a nucleophilic carbanion, and use an 
aqueous titration method to determine the amount prepared. 


Prior Reading 


Moisture-Protected Reaction Apparatus (pp. 25-26) 
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REACTION 
CH, CH, 


ether | 


| 
CH,CH,CH,—C —Br+ Mg ——> CH,CH,CH,—¢ —MgBr 





H H 
2-Bromopentane Magnesium 1-Methylbutylmagnesium bromide 
or — 
h 
« y Br + Mg Ss (Mens 
Bromobenzene Phenylmagnesium 
bromide 
then CH; 
CH,CH,CH, — C: MgBr + HOH —~> CH,CH,CH,CH,CH, + Mg(OH)Br 
— st 
[3 . Pentane 
1-Methylbutylmagnesium 
bromide 
or oe 
MgBr  —> « )-# + Mg(OH)Br 
\SH =o 


\ Benzene 


DISCUSSION 


This experiment demonstrates the formation of a Grignard reagent (1-methyl- 
butylmagnesium bromide or phenylmagnesium bromide) and a titration 
method by which the amount of the reagent prepared can be analyzed. 

The discovery by Victor Grignard in 1900 that organic halides react with 
magnesium metal to give organomagnesium compounds was a landmark in 
organic chemistry. Grignard reagents are among the most useful and versatile 
reagents in organic synthesis. 

The reaction of the Grignard reagent with water is the basis of the analyt- 
ical method used in this experiment. 


RMeX + HOH —> RH + Mg(OH)X 


In the Grignard reagent, the carbon atom bound to the electropositive 
magnesium atom has a high negative charge density, which is responsible for 
the strong nucleophilic and basic character exhibited by this organometallic 
reagent. The carbon, acting as a base, can abstract even a weakly acidic proton 
from protic reagents, such as water, carboxylic acids, alcohols, and so on. In 
this process, the corresponding hydrocarbon (the conjugate acid of the 
R group carbanion) and the basic magnesium halide species are produced. This 
reaction sequence can be used in the laboratory as a synthetic method to con- 
vert organohalides to hydrocarbons. In the examples given in this experiment, 
1-methylbutylmagnesium bromide would yield pentane, while phenylmagne- 
sium bromide gives benzene upon protonation. 

Titration of the Mg(OH)xX species with standardized acid solution makes it 
possible to determine the amount of Grignard reagent originally formed in the 
solution. 
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An excess of the sulfuric acid is generally added to ensure that the 
Mg(OH)X is completely reacted. The excess acid is then neutralized with stan- 
dard sodium hydroxide solution. The difference between the total amount of 
sulfuric acid used and the amount of sodium hydroxide required corresponds 
to the number of equivalents of the acid actually used to neutralize the 
Mg(OH)X species. This value is then directly related to the equivalents of 
Grignard reagent by the reactions given above. 


Preparation of the Grignard Reagent”* 





CAUTION: Ether is a flammable liquid. Extinguish all flames during 
this experiment. 





NOTE. All the glassware used in the experiment should be cleaned, dried in an 
oven at 110 °C for at least 30 min, and then cooled in a desiccator before use. 


EXPERIMENTAL PROCEDURE 
Estimated time for the experiment: 1.5 h. 


Part 1 1-Methylbutylmagnesium Bromide 








Physical Properties of Reactants 

Compound MW Amount mmol __ bp (°C) d Np 
2-Bromopentane 151.05 125 pL 1.0 117 1.21 1.4413 
Magnesium 24.31 36 mg 1.5 

lodine 253.81 1 crystal 

Diethyl ether 74.12 400 pL 34.5 











Prepare the Grignard reagent exactly as described in Experiment [16]. The 
reagents, amounts of reagents, order of addition, workup manipulations, and 
precautions are the same. The equipment is also identical (»). 

Cool the gray-colored Grignard reagent mixture to room temperature, and 
then assay it by the titration method outlined in Part 2. 


Part 2. Phenylmagnesium Bromide”? 











Physical Properties of Reactants 

Compound MW Amount mmol bp (°C) d Np 
Bromobenzene 157.02 76 pL 0.72 156 1.50 1.5597 
Diethyl ether 74.12 13 mL 34.5 0.73 
Magnesium 24.3 17.5 mg 0.73 

Todine 1 crystal 











*For references relating to the preparation of Grignard reagents, see Experiment [16]. 
This Grignard reagent is prepared exactly as described in Experiment [16]. The reagents, 
amount of reagents, order of addition, workup manipulations, and precautions are the same. 
The equipment is also identical. 


—p— 





Mg, 36 mg + Is, 1 crystal 
+ (CHCH5},0, 400 pL + 
CH, CHBCHs),CH5, 125 pl 
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NOTE. If not used for analysis, the solution of Grignard reagent may be treated 
with various reagents to prepare a wide variety of compounds. For example, see 
www)» Experiments [16], [17], and [4,9]. 


Analysis of the Grignard Reagent: Place 10 mL of freshly boiled distilled 
water and one drop of phenolphthalein indicator in a 50-mL Erlenmeyer flask. 
Using a syringe, transfer the cool Grignard reagent solution to the Erlenmeyer 
flask. Rinse the reaction vial with 0.5 mL of diethyl ether and add the rinse to 
the Erlenmeyer flask. 


NOTE. The addition of water to the Grignard reagent results in the hydrolysis of 
this reagent to form the corresponding hydrocarbon and a basic magnesium halide, 
Mg(OH)X. The water is initially boiled to remove any dissolved carbon dioxide 
that might interfere with the titration. 

Make sure that in the transfer of the Grignard reagent solution all small pieces 
of unreacted magnesium are excluded. 


Analysis by Titration: Add, froma 10-mL buret, 5 or 6 mL of standard 
0.2 N H2SO, solution to the ethereal Grignard solution. The resulting solution 
should be acidic and colorless. If not, add an additional portion of the acid. 

Add a boiling stone to the flask and heat the mixture at a sand bath tem- 

HOOD perature of 90-95 °C in the hood for 5 min. 

While the solution is still warm, add a drop of phenolphthalein indicator 
solution and neutralize the excess acid by back titration with 0.1 M NaOH so- 
lution. Back titration produces a very light-colored, pink end point. It may be 
necessary to add an additional drop of acid, and then more base, to get the best pos- 
sible end point. 


Data and Calculations: The difference between the initial and final 
buret readings is the volume of standard acid and base used in the titration of 
the Grignard reagent. 

From the data, calculate the equivalents of Grignard reagent formed. Also, 
as a percentage, determine the amount of Grignard reagent analyzed com- 
pared to its theoretical yield of formation. 


QUESTIONS 


6-138. 


6-139. 


6-140. 


6-141. 
6-142. 


Technical grade ether often contains ethanol. Would you recommend this material as a suitable solvent for the 
preparation of Grignard reagents? If not, why not? 

It is likely that the amount of Grignard reagent your analysis indicates was formed is greater than the amount of 
Grignard reagent actually present just before you added water. Explain. 

What hydrocarbon would you expect to obtain by the action of water on each of the Grignard reagents listed 
below? 

(a) Butylmagnesium bromide 

(b) sec-Butylmagnesium bromide 

(c) Isobutylmagnesium bromide 

(d) tert-Butylmagnesium bromide 

What product would each of the Grignard reagents in question 6-140 yield when treated with D,O0? 

(a) What product would each of the Grignard reagents listed in Question 6-140 yield when treated with ethanol? 
(b) With isopropyl alcohol? 

(c) Explain why 4-hydroxycyclohexanone is not a viable candidate when considering Grignard reagents? 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c06_309-375.qxd 11/23/09 1:46 PM Page 321 
$ EQA 


EXPERIMENT 22 Williamson Synthesis of Ethers 321 


6-143. The solubility of Grignard reagents in ether plays a crucial role in their formation. The reagents are soluble 
because the magnesium is coordinated to the ether oxygen in a Lewis acid—base interaction. Each ether molecule 
donates an electron pair to the magnesium to complete an octet. 


, | : 
(CH,CH,),0: — Ms <— :O(CH,CH;), 
Br 


Grignard reagents are normally insoluble in hydrocarbon solvents. However, they can be rendered soluble by the 
addition of a tertiary amine to the hydrocarbon—Grignard reagent mixture. Explain. 


BIBLIOGRAPHY 


For the many references related to the preparation and use of the 
Grignard reagent cited in Organic Syntheses, see the Reaction 


Indexes in Collected Volumes I-X under Grignard 
Reactions. 


Williamson Synthesis of Ethers 


Common names: propyl p-tolyl ether, 4-propoxytoluene 
CA number: [5349-18-8] 
CA name as indexed: benzene, 1-methyl-4-propoxy- 


Common names: methyl p-ethylphenyl ether, p-ethylanisole 
CA number: [1515-95-3] 
CA name as indexed: benzene, 1-ethyl-4-methoxy- 


Common names: butyl p-nitrophenyl ether 
CA number: [7244-78-2] 
CA name as indexed: benzene, 1-butoxy-4-nitro- 


Purpose. The conditions under which ethers are prepared are explored by 
the well-known Williamson ether synthesis. You will prepare alkyl aryl ethers 
by Sy2 reactions of alkyl halides with substituted phenoxide anions. The use of 
phase-transfer catalysis is demonstrated. 


Prior Reading 
Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Technique 6: Chromatography 
Column Chromatography (pp. 92-95) 
For Optional Scaleup: Separatory Funnel Extraction (pp. 75-77) 


REACTION 





cs NaOH _ rae — 
cH—{ oH + CH,CH,CH,—I > CH) -Q—CH,CH,CH, + NaI 


p-Cresol Propyl iodide Propyl p-tolyl ether 
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DISCUSSION 


The compounds whose preparations are described in Experiments [22A], 
[22B], [22C], and [22D] are alkyl aryl ethers. The general method of prepara- 
tion is the Williamson synthesis, an Sy2 reaction specifically between a phe- 
noxide ion (ArO) nucleophile and an alkyl halide. This reaction is often used 
for the synthesis of symmetrical and unsymmetrical ethers where at least one 
of the ether carbon atoms is primary or methyl, and thus amenable to an Sy2 
reaction. Elimination (E2) is generally observed if secondary or tertiary halides 
are used, since phenoxide ions are also bases. 

The conditions under which these reactions are conducted lend themselves 
to the use of phase-transfer catalysis. The reaction system involves two phases: 
the aqueous phase and the organic phase. In the present case, the alkyl halide 
reactant acts as the organic solvent, as does the product formed. The phase- 
transfer catalyst plays a very important role. In effect, it carries the phenoxide 
ion, as an ion-pair, from the aqueous phase, across the phase boundary into the 
organic phase, where the Sy2 reaction then occurs. The ether product and the 
corresponding halide salt of the catalyst are produced in this reaction. The 
halide salt then migrates back into the aqueous phase, where the halide ion is 
exchanged for another phenoxide ion, and the process repeats itself. The cata- 
lyst can play this role, since the large organic groups (the four butyl groups) al- 
low the solubility of the ion-pair in the organic phase, while the charged ionic 
center of the salt renders it soluble in the aqueous phase. For further discus- 
sions of phase-transfer catalysis, see Experiments [19B] and [19D]. 

In the reactions described below, the mechanism is a classic S72 process, and 
involves a backside nucleophilic attack of the phenoxide anion on the alkyl halide. 


cH ox + NaOH == cut )-6 /Na* + H,O 








H 
. | ? 
H 


It is of interest to contrast the acidity of phenols with that of simple alco- 
hols. A phenol is more acidic than an alcohol. In a typical aliphatic alcohol 
(e.g., ethanol) loss of the proton forms a strong anionic base, alkoxide ion 
(ethoxide ion). 





R— CH, —OH =  H?* + R—CH,—O- 
Alkoxide ion 


The strongly basic characteristics of the alkoxide species are due to the fact 
that the negative charge is localized on the oxygen atom. Ethanol has a pK, = 16. 
In contrast, the conjugate base of a phenol can delocalize its negative charge. 


5 Stat 


Phenoxide ion 
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The phenoxide ion is stabilized by this resonance delocalization; therefore, 
it is a weaker base than the alkoxide ion. Conversely, the phenol is a stronger 
acid than a typical aliphatic alcohol. Phenol has a pK, = 10 and is thus 1 million 
times more acidic than ethanol. 


Propyl p-Tolyl Ether 


The reaction for Experiment [22A] is shown above. 


EXPERIMENTAL PROCEDURE 


Estimated time of the experiment: 2.5 h. 




















Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) d Np 
p-Cresol 108.15 160 pL 1.56 32-34 202 1.02 1.5312 
25% NaOH solution 260 pL 

Tetrabutylammonium bromide 322.38 18 mg 0.056 103-104 

Propyl iodide 169.99 150 pL 1.54 102 1.75 1.5058 
Reagents and Equipment. Weigh and place 160 wL (168 mg, 1.56 mmol) of 

p-cresol in a 5.0-mL conical vial containing a magnetic spin vane. Now add 

260 wL of 25% aqueous sodium hydroxide and thoroughly mix the resulting 

solution (m). To this solution weigh and add the tetrabutylammonium bromide 

(BuyN*Br_) catalyst (18 mg), followed by 150 pL (262 mg, 1.54 mmol) of 

propyl iodide. Immediately attach the vial to a reflux condenser. 

NOTE. Warm the cresol in a hot water bath to melt it. Dispense this reagent and 

the propyl iodide in the hood using an automatic delivery pipet. HOOD 





CAUTION: Propyl iodide is a cancer suspect agent. 





Reaction Conditions. Place the reaction vessel in a sand bath and stir vig- 
orously at 110-115 °C for 45-60 min. 


Isolation of Product. Cool the resulting two-phase mixture to room temper- 
ature, and remove the spin vane with forceps. Rinse the spin vane with 1.0 mL 
of diethyl ether, adding the rinse to the two-phase mixture. Cap the vial, agi- 
tate, vent, and transfer the bottom aqueous layer, using a Pasteur filter pipet, 
to a 3.0-mL conical vial. A Vortex mixer, if available, can be used to good 
advantage in this extraction step. Wash this aqueous fraction with 1.0 mL of 
diethyl ether. Save this and all subsequent aqueous fractions together in a small 
Erlenmeyer flask until your final product has been isolated and characterized. 
Now transfer this diethyl ether wash to the 5-mL conical vial containing the 
ether solution of the product. Extract the resulting ether solution with a 400-wL 
portion of 5% aqueous sodium hydroxide solution. Cap the vial, agitate, vent, 
and remove and save the bottom aqueous layer, using a Pasteur filter pipet. 
Wash the product-—ether solution with 200 wL of water. Remove, and save, the 
aqueous phase to obtain the crude, wet ether solution of the product. Add a 
boiling stone to the vial and concentrate the solution in a warm sand bath under 
a gentle stream of nitrogen to isolate the crude product. 


—p— 
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100-115 °C 
thermometer 


p-CH3C,H,OH, 160 wl + 
25% NaOH, 260 pL + 
Bu,N Br, 18 mg 
+ Pri, 150 pl 


aq aptara 


> plo 1:27/13:37 
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Anhydrous 
Na,S0,, 50 mg 


Si0,, 500 mg 


Sand, 50 mg 


reflux 


thermometer 


Ether product 
in CHCl, 
~ 2.0 mL 








Reflux conditions 
100-mL RB flask 


Purification and Characterization. The crude product is purified by chro- 
matography on silica gel. Prepare a microchromatographic column by placing 
500 mg of activated silica gel in a Pasteur filter pipet, followed by 50 mg of an- 
hydrous sodium sulfate («). Dissolve the crude product in 250 wL of methylene 
chloride and transfer the resulting solution to the dry column by use of a Pasteur 
pipet. Elute the material with 2.0 mL of methylene chloride and collect the elu- 
ate in a tared 3.0-mL conical vial containing a boiling stone. Evaporate the sol- 
vent by placing the vial in a sand bath maintained at a temperature of 60-65 °C. 

Weigh the pure propyl p-tolyl ether and calculate the percent yield. Deter- 
mine the boiling point and density (optional) and compare the experimental 
values with those in the literature. 

Obtain an IR spectrum of the compound and compare it to that shown in 
Figure 6.36 for 4-propoxytoluene (propyl p-tolyl ether). 


Nuclear Magnetic Resonance Analysis. If facilities permit, you can ob- 
tain both 'H and ‘°C NMR spectra of your propyl p-tolyl ether in CDCI, and 
compare your spectra with those in Figures 6.37 and 6.38. There are two ex- 
traneous peaks in the 'H spectrum: the small singlet at 7.24 ppm is due to 
residual CHCl; in the CDCl, and the small singlet at 1.55 ppm is probably 
due to a trace amount of HO in either the sample or the NMR solvent. The 
1:1:1 triplet at 77 ppm in the ‘°C spectrum is from the CDCl, solvent. 

Since the 'H spectrum is entirely first order, it can be readily interpreted. 
You should be able to use the splitting patterns to assign peaks to each of the 
different groups of protons in the molecule. The integration can assist you. 


Chemical Tests. Qualitative chemical tests can also be used to assist in char- 
acterizing this compound as an ether. Perform the ignition test (Table 9.1) to 
determine whether the material contains an aromatic ring. 

A key factor to investigate is the solubility characteristics of this material 
(see Chapter 9). Determine its solubility in water, 5% sodium hydroxide, 5% 
hydrochloric acid, concentrated sulfuric acid, and 85% phosphoric acid. Do the 
results place this compound in the solubility class of an ether containing less 
than 8, or more than 8, carbon atoms? Does the ferrox test (Chapter 9) confirm 
the presence of oxygen in the compound? 


OPTIONAL MACROSCALE PREPARATION 


This ether may be prepared on a larger scale (~100-fold increase) using a pro- 
cedure similar to that just outlined, with the following modifications. 


1. Use a 100-mL round-bottom flask containing a magnetic stirrer and 
equipped with a reflux condenser («). 

2. The reagent and solvent amounts are summarized in the following 
table. Note that propyl bromide is used in place of propyl iodide at this scale. 





Physical Properties of Reactants 











Compound MW Amount mmol mp(°C) bp(°C) d Np 
p-Cresol 108.15 16.3 ¢ 0.15 32-34 202. 1.02 1.5312 
NaOH 40.0 6.05 g 0.15 

Tetrabutyl ammonium bromide 322.38 0.41 ¢ 0.0012 103-104 

Propyl bromide 122.99 12.71¢ 0.1 71 1.35 1.4341 
Water 25 mL 
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Figure 6.36 IR spectrum: propyl p-tolyl ether. 












300 MHz NMR SPECTRUM OF PROPYL pTOLYL ETHER IN COCI, 


Figure 6.37 
"H-NMR spectrum: 
propyl-p-tolyl ether. 





(INTEGRAL 
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PPM 


157.002 


129,728 ——- 
129,408 


75 MHz 3C NMR SPECTRUM OF PROPYL pTOLYL ETHER IN CDCI, 


on w o 
8 77,421 —— 8 22,588 —— 2 
+ 77.000 a 3 
a 76.579 bed 20.288 = 


120 110 100 90 80 70 60 50 40 30 20 10 
PPM 
Figure 6.38 ‘C-NMR spectrum: propyl p-tolyl ether. 


3. Stir the reaction mixture at reflux temperature for 90 min. 


Isolation of Product. Allow the solution to cool to room temperature, 
transfer it to a 125-mL separatory funnel, and remove the aqueous layer. Store 
the aqueous layer in a 125-mL Erlenmeyer flask. Wash the organic layer suc- 
cessively with 5% NaOH solution (20 mL) and distilled H,O (20 mL). After 
each washing, remove the aqueous phase and add it to the 125-mL Erlen- 
meyer flask, which should be kept until the final product has been purified 
and characterized. Collect the remaining deep-red organic layer in a 125-mL 
Erlenmeyer flask, and dry it over anhydrous sodium sulfate. 

Remove the drying agent by filtration through a glass wool plug and col- 
lect the product ether in a tared container. Weigh, calculate the percent yield, 
and then purify and characterize a small amount of the material as described 
in the microscale procedure. 
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Methyl p-Ethylphenyl Ether 


REACTION 


cHcH,—€ oH + CH,—I 


4-Ethylphenol Methyl iodide 


NaOH 





Methyl p-ethylpheny] ether 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 


Gene cHcH,«)-O—cH, + Na‘ I~ 











Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) 
4-Ethylphenol 122.17. 150 mg 1.2 42-45 

25% NaOH solution 250 pL 

Tetrabutylammonium bromide 322.38 15 mg 0.047 103-104 

Methyl iodide 141.94 90 pL 1.45 


41-43 2.28 1.5304 


d Np 








Reagents and Equipment. Use the same apparatus as in Experiment 
[22A] for this synthesis. Weigh and add 150 mg (1.2 mmol) of 4-ethylphenol 
to the reaction vial followed by 250 wL of 25% aqueous sodium hydroxide 
solution (™). Stir the mixture at room temperature until dissolution occurs. 
The phase-transfer catalyst (tetrabutylammonium bromide (BusN* Br), 15 mg, 
0.05 mmol) is now added, followed by 90 wL (205 mg, 1.45 mmol) of methyl 
iodide. 


NOTE. Methyl iodide is toxic and must be dispensed in the hood. Dispense both 
the alkaline solution and the methyl iodide using an automatic delivery pipet. 
Because of its volatility, methyl iodide is used in slight excess. 


Reaction Conditions. Place the reaction assembly in a sand bath main- 
tained at 60-65 °C and stir the mixture for 1h. 


Isolation of Product. Work up the resulting product mixture as described 
in Experiment [22A]. 


Purification and Characterization. Purify the crude product by chro- 
matography on silica gel as described in Experiment [22A], Purification and 
Characterization (™). 

Weigh the pure methyl p-ethylphenyl ether and calculate the percent 







thermometer 


HOOD 


p-CH,CH2C,H,OH, 150 mg 
+ 25% NaOH, 250 pl + 
Bu,N, Br, 15 mg 
CH;I, 205 mg 


Anhydrous 


yield. Determine the boiling point and density (optional). Compare your re- bc nptiuadd 
sults with the values reported in the literature. = cay 
Obtain the IR spectrum of the compound and compare it with that in ae 

‘ otton plug 

Figure 6.39. Eth 
fF 
Nuclear Magnetic Resonance Analysis. If facilities permit, you can ob- mn CHCl 
tain both 'H and '°C NMR spectra of your methyl p-ethylphenyl ether in ee 
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100.00 %*T 


0.00 





CDCl, and compare your spectra with those in Figures 6.40 and 6.41. There 
are two extraneous peaks in the 'H spectrum: The small singlet at 7.24 ppm is 
due to residual CHCl, in the CDCl; and the small singlet at 1.55 ppm is prob- 
ably due to a trace amount of water in either the sample or the NMR solvent. 
The 1:1:1 triplet at 77 ppm in the '°C spectrum is from the CDCl; solvent. 
Since the 'H spectrum is entirely first order, it can be readily interpreted. 
You should be able to use the splitting patterns to assign peaks to each of the 
different groups of protons in the molecule. The integration can assist you. 


Chemical Tests. Qualitative chemical tests can also be used to assist in char- 
acterizing this compound as an ether. Perform the ignition test (lable 9.1) to 
determine whether the material contains an aromatic ring. 

A key factor to investigate is the solubility characteristics of this material 
(see Chapter 9). Determine its solubility in water, 5% sodium hydroxide, 5% 
hydrochloric acid, concentrated sulfuric acid, and 85% phosphoric acid. Do the 
results place this compound in the solubility class of an ether containing fewer 
than 8, or more than 8, carbon atoms? 

Does the ferrox test (Chapter 9) confirm the presence of oxygen in the 
compound? 


4000 3500 3000 2500 2000 1500 1000 cm=! 500 


Sample _47Ethylanisole 

#T X ABS— Background Scans 4. =s—s Scans 4 
Acquisition & Calculation Time 42sec__ = Resolution 4.0 em-1 __ 
Sample Condition liquid, neat_ Cel] Window —_KBr 
Cell Path Length —Capillary film Matrix Material 


Figure 6.39 IR spectrum: methyl p-ethylphenyl ether. 
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300 MHz 1H NMR SPECTRUM OF METHYL p-ETHYLPHENYL ETHER IN CDCI, 







1.9805 3.0241 


INTEGRAL 






70 65 6.0 55 5.0 45 4.0 35 30 25 2.0 L5 10 
PPM 


Figure 6.40 ‘H-NMR spectrum: methyl p-ethylphenyl ether. 


OPTIONAL SEMIMICROSCALE AND 
MACROSCALE PREPARATIONS 


If desired, this experiment can be scaled up by a factor of 10 or more. 


Tenfold Scaleup. The reagent and solvent amounts are given in the follow- 














ing table. 

Physical Properties of Reactants 

Compound MW Amount mmol mp(°C) bp(°C) d Np 
4-Ethylphenol 122.17 15¢ 12.3 42-45 

NaOH 40.0 625mg 15.6 

Tetrabutylammonium bromide 322.38 150mg 0.47 103-104 

Methyl iodide 141.94 2.05 ¢ 14.5 41-43 2.28 1.5304 
Water 2.5 mL 
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75 MHz 33C NMR OF METHYL p-ETHYLPHENYL ETHER tN CDCI, 


128.566 
113.619 
64.937 
27.890 
15.793 
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Figure 6.41 ‘°C-NMR spectrum: methyl p-ethylphenyl ether. 


Reagents and Equipment. In a 25-mL round-bottom flask equipped with 
a stirring bar and a reflux condenser, place 2.5 mL of water and 1.5 ¢ 
(12 mmol) of p-ethylphenol (the phenol will not be water soluble). Cool the 
mixture by immersing the flask in a beaker of cold water, and then, with stir- 
ring, cautiously add 625 mg of sodium hydroxide. 

After dissolution of the sodium hydroxide, weigh and add 150 mg of the phase- 
transfer catalyst, tetrabutylammonium bromide, followed by 2.05 g (900 wL) 
of methyl iodide (in the hood) using an automatic delivery pipet (). 


Reaction Conditions. Place the reaction vessel in a sand bath, and heat the 
reaction mixture, with stirring, at 60-65 °C for 1 h. 


Isolation of Products. Cool the resulting two-phase mixture to room tem- 
perature and then transfer it by Pasteur pipet to a 15-mL centrifuge tube. 
Wash the reaction flask with three 1-mL portions of diethyl ether and trans- 
fer the washings to the centrifuge tube. Cap the tube, shake, and vent (this 
operation may be done using a Vortex mixer if available), and allow the lay- 
ers to separate. Remove the lower aqueous layer using a Pasteur filter pipet, 
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and save it ina 10-mL Erlenmeyer flask until the final product has been purified 
and characterized. 


NOTE. Do not remove any precipitated material that settles between the two layers. 


Extract the ether layer with one 2-mL portion of 5% sodium hydroxide so- 
lution and then with 1 mL of water. Add these washings to the 10-mL Erlen- 
meyer flask. 

Purify the crude product by chromatography on silica gel. Prepare a column 
by placing 5 g of activated silica gel in a 25-mL buret, followed by 0.5 g of anhy- 
drous sodium sulfate. Dissolve the wet ether extract obtained above in 2.5 mL of 
methylene chloride and transfer the resulting solution by Pasteur pipet to the 
dry column. Elute the sample with an additional 20 mL of methylene chloride. 
Collect the eluate in a tared 50-mL Erlenmeyer flask containing a boiling stone. 
Evaporate the solvent by placing the flask in a sand bath maintained at 60-65 °C 
in the hood. Use a gentle stream of nitrogen or dry air to hasten the process. HOOD 

Weigh the resulting product and calculate the percent yield. Characterize 
the product as outlined above in the microscale procedure. 


Eightyfold Scaleup. The reagent and solvent amounts are given in the fol- 
lowing table. 











Physical Properties of Reactants 
Compound MW Amount mol mp (°C) bp (°C) d Np 
4-Ethylphenol 12217 125¢ 0.102 42-45 
NaOH 40.0 40¢ 0.10 
Tetrabutylammonium 
bromide 322.38 0.40 g 0.0012 103-104 
Methyl iodide 141.94 145 ¢g 0.102 41-43 2.28 1.5304 
Water 25 mL 











Reagents and Equipment. Use a 100-mL round-bottom flask containing 
a magnetic stirring bar and equipped with a reflux condenser (™). 


Reaction Conditions. Heat the reaction mixture at reflux, with stirring, for 
90 min. 


Isolation of Product. Allow the two-phase mixture to cool to room tem- 
perature. Transfer this mixture to a 125-mL separatory funnel and remove the 
aqueous layer. Store this in a 125-mL Erlenmeyer flask until the final prod- 
uct has been purified and characterized. Wash the organic layer successively 
with 5% sodium hydroxide solution (20 mL) and distilled water (20 mL). 
After each washing remove the aqueous layer and add it to the 125-mL 
Erlenmeyer flask. Finally, collect the reddish-brown organic layer in another 
125-mL Erlenmeyer flask and dry it over anhydrous sodium sulfate. 
Remove the drying agent by filtration through a glass wool plug and 
collect the product ether in a tared container. Weigh, calculate the percent 
yield, and then characterize the material as described in the microscale 





Reflux conditions 
procedure. 100-mL RB flask 
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M 


Butyl p-Nitrophenyl Ether: Preparation Using a Monomode 
Microwave Apparatus 


REACTION 


on) OH + CHIH. CHIcH-1 —“20" ON-{_)- OCH.CHCHCH 
(C4Ho)4N* Br 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2 h. 





Compound 


MW Amount mmol mp(°C) bp(°C) d Np 





p-nitrophenol 





1-iodobutane 184. 0.17 mL 1.49 130-131 1.617 1.498 
Tetrabutylammonium bromide 322 20 mg 0.06 103-104 
15% NaOH solution 2 mL 


139 215 mg 1.55 110-115 








HOOD 


Reagents and Equipment. This experiment is designed for use in the CEM 
Discover and Biotage Initator microwave units. 

Ina 10.0-mL glass microwave reaction vessel containing a magnetic stir bar, 
place 215 mg (1.55 mmol) of p-nitrophenol, 20 mg (0.06 mmol) of tetrabutyl- 
ammonium bromide, 2 mL of 15% sodium hydroxide solution, and 0.17 mL 
(1.49 mmol) of 1-iodobutane. Immediately cap the vessel with the microwave 
pressure cap. 





CAUTION: 1-iodobutane is toxic and must be dispensed in the hood. 
Dispense both the 1-iodobutane and alkaline solution using an auto- 
matic delivery pipet. Since the reaction requires heating the reaction mix- 
ture to above the boiling point of some components in sealed vessels, 
adherence to the microwave manufacturer's guidelines is essential. 





Reaction Conditions. Place the reaction vessel in the microwave cavity and, 
depending on the equipment used, position the pressure device on top. 
Program the microwave unit to heat the reaction mixture to 150 °C using no 
more that 50 W of microwave power, and hold at this temperature for 5 min. 
After heating, allow the reaction mixture to cool to 50 °C or below before 
removing the tube from the microwave unit. 


Isolation of Product. Transfer the reaction mixture with a Pasteur pipet 
into a 30-mL separatory funnel. Clamp the funnel to a ring stand. Rinse the 
microwave reaction vessel with 2.0 mL of diethyl ether and add the washings 
to the separatory funnel. Carefully cap and invert the funnel. Immediately 
vent the funnel by opening the stopcock. Close the stopcock, place the fun- 
nel back on the ring stand and remove the stopper. Drain the lower (aque- 
ous) layer into a 50-mL Erlenmeyer flask. Extract the crude organic layer with 
an additional two 5-mL portions of 5% sodium hydroxide solution, followed 
by 5 mL of water. During each extraction, cap and invert the funnel several 
times and each time release the pressure by opening the stopcock and 
then allow the funnel to stand so the layers will separate. Remove the lower 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 
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(aqueous) layer after each extraction into the 50-mL Erlenmeyer flask. Save 

the aqueous waste until the experiment is complete and then discard as 

directed. Dry the organic layer by pipetting it into a clean 25-mL Erlenmeyer 

flask containing 200 mg of anhydrous sodium sulfate. Transfer the anhydrous 

solution, using a Pasteur filter pipet, to a clean tared 10-mL pear-shaped flask. 

Remove the ether on a rotary evaporator or by evaporation in the hood us- HOOD 
ing a gentle stream of nitrogen gas with warming in a sand bath to isolate 

the crude product. Reweigh the flask and calculate the crude yield. 


Purification and Characterization. The crude product can be further pu- 
tified by recrystallization from 95% ethanol using a Craig tube. 

Weigh the pure butyl p-nitrophenyl ether and calculate the percent yield. 
Determine the melting point and compare the experimental values with those 
in the literature. 

Obtain an IR spectrum of the compound and compare it to that shown in 
Figure 6.42 for 4-butoxy nitrobenzene (butyl p-nitrophenyl ether). 

Nuclear Magnetic Resonance Analysis. If facilities permit, you can ob- 
tain both 'H and '°C NMR spectra of your butyl p-nitrophenyl ether in CDCls, 
and compare your spectra with those in Figures 6.43 and 6.44. 

13C NMR (CDCI,): 8 164.3, 141.4, 125.8, 114.5, 68.6, 31.1, 19.2, 13.8 

"H NMR (CDCI,): 8 8.2 (d, J = 9.1, 2H), 7.93 (d, J = 9.2, 2H), 4.05 

(t, J = 6.5, 2H), 1.8 (m, J = 8.0, J = 6.5, 2H), 1.6 (m, J = 8.0, J = 7.4, 

2H), 1.0 (t, J = 7.4, 3H) 

IR (neat, HATR) 3114, 2955, 2873, 1594, 1509, 1261, 1175, 1109, 846 cm? 





100,0_ 


95 





0.0 
4000.0 3000 2000 1500 1000 500 400.0 
cm-l 
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Figure 6.42 HATR-IR spectrum: butyl p-nitrophenyl ether. 
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Figure 6.43 ‘H-NMR spectrum: butyl p-nitrophenyl ether in CDCI,. 


Butyl p-Nitrophenyl Ether: Preparation Using a Multimode 
Microwave Apparatus 


M REACTION 


oN) OH + CH,CH,CH,CH,-1 ——N#0H__, oN) OCH,CH,CH>CH; 
(C4H)sN" Br 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2 h. 





Compound MW Amount mmol mp(°C) bp(°C) d Np 
p-nitrophenol 139 =215 mg 1.55 110-115 

1-iodobutane 184 0.17 mL 1.49 130-131 1.617 1.498 
Tetrabutylammonium bromide 322 20mg 0.06 103-104 

15% NaOH solution 5 mL 











“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 


—p— CONFIRMING PAGES «eg aptara 


JWCL196_c06_309-375.qxd 11/23/09 11:51 AM Page 335 = 


EXPERIMENT 22 Williamson Synthesis of Ethers 335 





petiiitiiil Po 
—— 12359787 
—— 1144742 


60 7.0 80 9.0 10.0 1L0 120 130 140 150 160 17.0 180 190 20.0 2L0 220 23.0 240 25.0 260 27.0 


L Ll 
—— 686622 
—— 310721 
—— 19202 





—— 1414071 


(Thousands) 
pide 





TT TT TT TT oot 
200 2100 2000 1920 1820 1700 1600 1500 1400 1300 100 1100 1000 900 820 700 @0 500 40 300 200 100 oO 100 -200 








X : parts per Million : 13C 





Figure 6.44 ‘C-NMR spectrum: butyl p-nitrophenyl ether in CDCI. 


Reagents and Equipment. This experiment is designed for use in the CEM 
MARS, Milestone START, and Anton Paar Synthos 3000 microwave units. 
When using the Anton Paar Synthos 3000 unit with the 24-position silicon 
carbide plate rotor containing glass vials, the reagent and solvent quantities 
cited in the monomode procedure should be used in conjunction with the 
reaction conditions here in the multimode procedure. 

In a microwave reaction vessel containing a magnetic stir bar, place 215 mg 
(1.55 mmol) of p-nitrophenol, 20 mg (0.06 mmol) of tetrabutylammonium 
bromide, 5 mL of a 15% sodium hydroxide solution, and 0.17 mL (1.49 mmol) 
of 1-iodobutane. Immediately cap the vessel with the microwave pressure cap 
and adjust the tightness to the manufacturer-specified level. Place the sealed 
vessel into its outer protective jacket. 





CAUTION: 1-iodobutane is toxic and must be dispensed in the 
hood. Dispense both the 1-iodobutane and alkaline solution using an HOOD 
automatic delivery pipet. Since the reaction requires heating the reac- 
tion mixture to above the boiling point of some components in sealed 
vessels, adherence to the microwave manufacturer's guidelines is essential. 





Reaction Conditions. Insert the loaded vessels into the reaction carousel 
ensuring they are evenly spaced and then place the carousel into the microwave 
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HOOD 


QUESTIONS 


6-144. Sulfides are often prepared using an Sy2 reaction. For example, 


CH,O 


CH,O 


<p 
4X 


cavity. If provided by the manufacturer, connect a temperature probe to the 
control vessel. Program the microwave unit to heat the reaction vessels to 150 °C 
and hold at this temperature for 5 min. After heating, allow the reaction mixture 
to cool to 50 °C or below before removing the carousel from the microwave unit. 


Isolation of Product. Transfer the reaction mixture with a Pasteur pipet 
into a 30-mL separatory funnel. Clamp the funnel to a ring stand. Rinse the 
microwave reaction vessel with 2.0 mL of diethyl ether and add the washings 
to the separatory funnel. Carefully cap and invert the funnel. Immediately 
vent the funnel by opening the stopcock. Close the stopcock, place the fun- 
nel back on the ring stand and remove the stopper. Drain the lower (aque- 
ous) layer into a 50-mL Erlenmeyer flask. Extract the crude organic layer with 
an additional two 5-mL portions of 5% sodium hydroxide solution, followed 
by 5 mL of water. During each extraction, cap and invert the funnel several 
times and each time release the pressure by opening the stopcock and then 
allow the funnel to stand so the layers will separate. Remove the lower (aque- 
ous) layer after each extraction into the 50-mL Erlenmeyer flask. Save the 
aqueous waste until the experiment is complete and then discard as directed. 
Dry the organic layer by pipetting it into a clean 25-mL Erlenmeyer flask con- 
taining 200 mg of anhydrous sodium sulfate. Transfer the anhydrous solution, 
using a Pasteur filter pipet, to a clean tared 10-mL pear-shaped flask. Remove 
the ether on a rotary evaporator or by evaporation in the hood using a gen- 
tle stream of nitrogen gas with warming in a sand bath to isolate the crude 
product. Reweigh the flask and calculate the crude yield. 


Purification and Characterization. The crude product can be further pu- 
rified by recrystallization from 95% ethanol using a Craig tube. 

Weigh the pure butyl p-nitrophenyl ether and calculate the percent yield. 
Determine the melting point and compare the experimental values with those 
in the literature. 

Obtain an IR spectrum of the compound and compare it to that shown in 
Figure 6.42 for 4-butoxy nitrobenzene (butyl p-nitrophenyl ether). 


Nuclear Magnetic Resonance Analysis. If facilities permit, you can ob- 
tain both 'H and '°C NMR spectra of your butyl p-nitrophenyl ether in CDCls, 
and compare your spectra with those in Figures 6.43 and 6.44. 

13C NMR (CDCI,): 8 164.3, 141.4, 125.8, 114.5, 68.6, 31.1, 19.2, 13.8 

"H NMR (CDCI): 8 8.2 (d, J = 9.1, 2H), 7.93 (d, J = 9.2, 2H), 

4.05 (t, J = 6.5, 2H), 1.8 (m, J = 8.0, J = 6.5, 2H), 1.6 (m, J = 8.0, 

J = 74, 2H), 1.0 (t, J = 7.4, 3H) 

IR (neat, HATR) 3114, 2955, 2873, 1594, 1509, 1261, 1175, 1109, 846 cm! 


Be Bk ts _. GH,OH ie e3 
S:",Na* + isopropyl bromide ————~> CH,O SCH(CH,), + NaBr 


“ C,H;OH 7 ‘ 
S:-,Na* + 2-bromo-1-nitropropane —— CH,;0 {_ )-ScH(CHICH.NO, + NaBr 





The reaction with isopropyl bromide is 16 times faster than the reaction with 2-bromo-1-nitropropane. Explain. 
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6-145. If 3-bromo-1-propanol is treated with NaOH, a compound of molecular formula C3H,O is formed. Suggest a 


structure for this product. 


6-146. Arrange the substituted phenols given below in order of increasing reactivity toward ethyl iodide in the Williamson 
reaction. After arranging and explaining your order, does this order match that of rates of deprotonation? 


(a) cu )-On (b) on )-6n () CH,O { )-ou 


6-147. trans-2-Chlorocyclohexanol reacts readily with NaOH to form cyclohexene oxide, but the cis isomer will not 
undergo this reaction. Explain. 


:OH 


cis-2-Chlorocyclohexanol 


. :O 
:OH 
H NaOH H 
———— 
H 
Cl 


trans-2-Chlorocyclohexanol Cyclohexene oxide 
6-148. tert-Butyl ethyl ether might be prepared two ways using different starting materials. 
(CH,),CO:~, K* + CH,CH,Cl 
(CH;);C —O —CH,CH, 
CH,CH,O:~, K+ + (CH,),CCl 


Which route would you choose to prepare the above ether, and why? 
6-149. What product(s) would you expect to form when tetrahydrofuran is treated with excess hydroiodic acid (HI)? 
6-150. Write a suitable mechanism for the cleavage of butyl isopropyl ether with HI at 100 °C to form exclusively 
isopropyl alcohol and 1-iodobutane. Explain why butyl alcohol and isopropyl iodide are not formed in the reaction. 
6.151. There are only four lines in the aromatic region of the fully 'H decoupled '*C NMR spectrum of propyl p-tolyl 
ether (110-160 ppm), yet there are six aromatic carbon atoms. Explain. 
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Amide Synthesis: Acetanilide and 
N,N’-Diacetyl-1,4-phenylenediamine 


Common name: acetanilide 

CA number: [103-84-4] 

CA name as indexed: acetamide, N-phenyl- 

Common name: N,N’-diacetyl-1,4-phenylenediamine 
CA number: [140-50-1] 

CA name as indexed: acetamide, N,N’—1,4-phenylenebis- 


Purpose. You will carry out one of the major synthetic routes used in the 
preparation of amides; the method involves the reaction of ammonia, or a 
primary or secondary amine, with an active acylating reagent. You will also ex- 
plore the use of acetic anhydride as an acylating agent. The acetanilide prod- 
uct (Experiment [23A]) may be used in Experiment [28]. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-91) 


REACTION 
a 
CH;-C ‘Oo O: 
: \ ac. Il I 
NH, + y [——— oo oF CHL ‘ 
CH;—C H OH 
sy 
Aniline O: Acetanilide Acetic acid 
Acetic 
anhydride 
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DISCUSSION 


A number of important chemical and biochemical synthetic sequences are 
initiated by the addition of a nitrogen nucleophile to a carbonyl carbon atom 
to yield carboxylic amides. Amides are classified as primary (1°), second- 
ary (2°) or tertiary (3°) based on the number of carbon atoms attached to the 


nitrogen. 
H Oo ‘O" CH, 
iL’ = | ../ | ./ 
H—C—N CH,;—C—N C,H;—C—N 
\ ‘ \ 
H CH, CH, 
1° Amide 2° Amide 3° Amide 
Methanamide N-Methylethanamide N,N-Dimethylbenzamide 
(formamide) (N-methylacetamide) 


Cyclic amides are called lactams and are classified by ring size. Imides 
contain a nitrogen bonded to two carbonyl groups and are nitrogen analogues 


of anhydrides. 
0: 70: :O: :O: 
o © en weede 
; : NH H,C~ ~N~ ~CH, 
' NH ne | 
NH H 
An o-lactam A B-lactam Ay-lactam A68-lactam An imide 


Amides appear in such diverse compounds as penicillin V (a B-lactam and 
an amide) and polypeptides (a-amino acids linked by amide bonds); and an 
imide, 1,2-benzenecarboxylic imide, is used in the Gabriel synthesis of 
amines. An imide is prepared in Experiment [24] and anhydrides are prepared 
in Experiments [25A] and [25B]. The polyamide polymer, nylon, is prepared in 
Chapter 7, Sequence B. 








ie EP { 
NH—C —C —NH—C —C N—H 
n 
0: 
Penicillin V A polypeptide 1,2-Benzenecarboxylic imide 


The experiments outlined here illustrate the preparation of 2° amides. 
The process involves the attack of a primary amine on the acetyl group of 
acetic anhydride. Ammonia or secondary amines also react readily with this 
reagent to yield 1° and 3° amides, respectively. The mechanism shown here 
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Coc OF 861 iO: ‘oO 
Oia, + 73 | I [-. |i 


is an example of the attack of a nucleophilic reagent on a carbonyl carbon of 
the anhydride: 








(0: === CH,-C—O—C—CH, == CH, O—C—CH, 


Cc ir : 
\ HNH HN: 


In the preparations given below, the amine reagents (aniline and 
p-phenylenediamine) are purified as their hydrochloride salts. Arylamines are 
relatively weak bases (K, values in the order of 10° '°) but when treated with 
a strong acid, such as HCl, they are completely protonated, yielding the corre- 
sponding water-soluble hydrochloride salt: 


C,H, —NH, + HCl CH —NHG, Cl- 
Aniline Anilinium 
hydrochloride salt 
(water soluble) 


As directed in the experiment, decolorizing charcoal is added to the aque- 
ous solution of the arylamine salt. The charcoal absorbs impurities and subse- 
quent filtration of the mixture, which removes the charcoal, yields an aqueous 
solution of the purified arylamine salt. 

The second stage of the reaction sequence requires that a solution of 
sodium acetate be added to the reaction mixture after initial addition of acetic 
anhydride to the purified anilinium hydrochloride salt solution: 


C,H;—NHf?, Cl” + CH,COO-, Na* = C,H,—NH, + CH,COOH + Na*, CI" 


Addition of the sodium acetate solution serves to liberate the arylamine so 
that the desired nucleophilic substitution reaction may occur; ammonium 
cations are not nucleophilic, since they are positively charged and do not even 
possess a lone pair of electrons. 

Sodium acetate is the conjugate base of acetic acid, which is a weak acid. Fur- 
thermore, the anilinium ion (pK, = 4.6) is a slightly stronger acid than acetic acid 
(pK, = 4.8). Thus, the equilibrium reaction is shifted to the right, producing the 
arylamine. 

In Experiment [23B], the p-phenylenediamine forms the corresponding 
dihydrochloride salt, Cl”-H3;N*-C,H,+NH;-Cl-. As in Experiment [23A], the 
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aqueous solution of the salt is purified with charcoal, and upon addition of the 
sodium acetate solution, the free amine is regenerated. 

This overall process illustrates an important transformation for most 
amines. These amines can be converted to water-soluble ionic salts by reaction 
with acids and can be recovered from these acid salts by treatment with base. 
This technique was used in Experiment [4C] to extract ethyl 4-aminobenzoate, 
as its water-soluble salt, from a mixture. 


Acetanilide 


The reaction is shown above. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 














Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) d Np 
Aniline 93.13 100 pL 1.09 184 1.02 1.5863 
Concd HCl 3 drops 
Sodium acetate 

trihydrate 136.08 150 mg 1.10 58 
Acetic anhydride 102.09 150 pL 1.59 140 1.08 1.3901 








Reagents and Equipment. In the hood, place 100 wL of aniline in a tared HOOD 
10 X 75-mm test tube (standing in a small beaker or Erlenmeyer flask). Fit 
the tube with a cork stopper. 





CAUTION: Aniline is a toxic material and a cancer suspect agent. 





NOTE. Dispense the aniline using an automatic delivery pipet. Again weigh the 
test tube and container to determine the exact amount of aniline delivered. 


Now using a 1.0-mL graduated pipet add, with swirling, 0.5 mL of water; 
then, in the hood, add 3 drops of concentrated hydrochloric acid using a 
Pasteur pipet. Add 10 mg of powdered decolorizing charcoal, or the pelletized 
form (Norit), to the resulting solution. 

Using a Pasteur pipet, transfer the well-mixed suspension to a 25-mm 
funnel fitted with fast-grade filter paper to remove the charcoal by gravity 
filtration. Wet the filter paper in advance with distilled water and blot the excess 
water from the stem of the funnel. 

Collect the filtrate in a 3.0-mL conical vial. Use an additional 0.5 mL of 
water to rinse the test tube and the collected charcoal. Combine the rinse with 
the original filtrate. Place a magnetic spin vane in the vial and attach it to an 





air condenser (™). €,H,NH,, 100 pL 
+H,0, 1.0 mL 

NOTE. If the pelletized form of charcoal is used, transfer through a Pasteur filter + NeOAC-3H0, 150 re 

pipet directly to the 3.0-mL conical vial should be sufficient. +{CH,CO),0, 150 wL 
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NOTE. Tap all of the filtrate from the funnel stem into the collecting vial. As a 
result of this purification step, a clear, colorless solution of aniline hydrochloride 
should be obtained. 


Dissolve 150 mg (1.10 mmol) of sodium acetate trihydrate in 0.5 mL of dis- 
tilled water in a 10 X 75-mm test tube. Cap the tube and set the solution aside 
for use in the next step. 

Remove the air condenser, and then use an automatic delivery pipet in 

HOOD __ the hood to add, with stirring, 150 wL of acetic anhydride to the solution of 
aniline hydrochloride, followed quickly by addition (Pasteur pipet) of the 
previously prepared solution of sodium acetate. Reattach the air condenser. 


Reaction Conditions. The reaction is very rapid and the product begins to 
precipitate immediately upon mixing of the reagents. Stir to thoroughly mix 
the reagents. Allow the reaction mixture to stand at room temperature for 
approximately 5 min and then place it in an ice bath for an additional 5-10 
min to complete the crystallization process. 


Acetanilide Isolation of Product. Collect the acetanilide product by filtration under 
Collected Dere reduced pressure using a Hirsch funnel (). Rinse the conical vial with two 
0.5-mL portions of water (using calibrated Pasteur pipet) and use the rinse to 
wash the collected filter cake. Place a piece of plastic food wrap over the mouth 
of the funnel and continue the suction for 5-8 min (see Prior Reading). The 
snow-white crystals are further dried on a porous clay plate or on filter 
paper in a desiccator. 





H,O, ~ 2 mL + water-soluble 
(escort Paes Purification and Characterization. Further purification of the product is 
generally not required. However, the acetanilide may be recrystallized from 
hot water or from ethanol—water using the Craig tube. 


NOTE. Acetanilide (150 mg) can be recrystallized from approximately 3 mL of 
water, or from 2 mL of ethanol-water (1:10 v/v), with better than 80% recovery. 


Weigh the dried crystals and calculate the percent yield. Determine the 
melting point of the material and compare your result to that reported in the 
literature. 

Obtain an IR and/or NMR spectrum of the product and compare it with 
that of an authentic sample or to that recorded in the literature (The Aldrich Li- 
brary of IR Spectra, The Aldrich Library of NMR Spectra, and/or SciFinder 
Scholar). 


Chemical Tests. Characterization of the product may be enhanced by per- 
forming several chemical tests given in Chapter 9. 

Check the solubility of acetanilide in water. Is the aqueous solution acidic, 
basic, or does it remain neutral as indicated by pH paper? Does the ignition 
test indicate that an aromatic group is present? Does the soda lime or sodium 
fusion test indicate the presence of nitrogen? Does the hydroxamate test for 
amides give a positive result? 


OPTIONAL SEMIMICROSCALE PREPARATION 


This experiment can be scaled up to be run at five times the amounts used in 
the above microscale preparation. 
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The procedure is identical to the above with the following exceptions. 


1. Use two 15 X 100-mm test tubes. 


2. Carry out the reaction in a 10-mL round-bottom flask containing a 
magnetic spin bar and fitted with an air condenser (™). 


3. Increase the amounts of all reagents and the solvent by a factor of 5. 


















Physical Properties of Reactants Room temp 
Compound MW Amount mmol mp(°C)_ bp (°C) d Np Hemnenetet 
Aniline 93.13 500 wL 5.45 184 1.02 1.5863 
Concd HCl 0.75 mL 
Sodium acetate 

trihydrate 136.08 750mg 5.50 58 
Acetic anhydride 102.09 750 pL 7.93 140 1.08 1.3901 








A 10-mL RB flask 


N,N’-Diacetyl-1,4-phenylenediamine 














REACTION 
O: 

CH,;—C O O O: 

HN NH, +2 %: CH d NX s—C—cH +2cH—c 
2 2 - ——- 3 | \ J | 3 ae 

CH;—C, H H OH 

1,4-Phenylenediamine \. N,N'-Diacetyl-1,4-phenylenediamine Acetic acid 
Acetic 
anhydride 

EXPERIMENTAL PROCEDURE 
Estimated time to complete the experiment: 1.5. 
Physical Properties of Reactants 
Compound MW Amount mmol mp(°C) | bp (°C) d Np 
1,4-Phenylenediamine 108.14 117 mg 1.08 138 
Concd HCl 6 drops 
Sodium acetate trihydrate 136.08 300 mg 2.20 58 
Acetic anhydride 102.09 350 pL 3.71 140 1.08 1.3901 











Reagents and Equipment. Weigh and place 117 mg (1.08 mmol) of 
1,4-phenylenediamine in a 10 X 75-mm test tube (standing in a small beaker 
or Erlenmeyer flask). 





CAUTION: This reagent is toxic and a cancer suspect agent. 
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P-NHCeHANH», 117 mg 
+H,0, 2.5 mL 
+¢coned HCI, 6 drops 
+ NaQAc, 300 mg 
+ (CH3CO),0, 350 pL 


HOOD 


Diamide product 
collected here 





H,0, ~ 3.5 mL + water-soluble 
reaction products 


With gentle swirling, add 1.0 mL of distilled water and, using a Pasteur 
pipet, 6 drops of concentrated hydrochloric acid. After dissolution, add 30 mg 
of either powdered decolorizing charcoal (Norit) or the pelletized form. Trans- 
fer the well-mixed suspension, by use of a Pasteur pipet, to a 25-mm funnel 
fitted with fast-grade filter paper previously wet with water. The charcoal is re- 
moved by gravity filtration. Collect the filtrate, which is clear to slightly yellow, 
in a5-mL conical vial containing a magnetic spin vane. Use three 0.5-mL por- 
tions of water (calibrated Pasteur pipet) to rinse the test tube, and in turn use 
the rinse to wash the collected charcoal. The rinse is combined with the origi- 
nal filtrate. Blot the excess water from the stem of the funnel. Attach the vial to an 
air condenser («). 


NOTE. [If the pelletized form of charcoal is used, transfer through a Pasteur filter 
pipet directly to the 5.0-mL conical vial should be sufficient. 


Dissolve 300 mg (2.20 mmol) of sodium acetate trihydrate in 0.5 mL of 
distilled water ina 10 X 75-mm test tube. Stir the mixture with a spatula 
to aid the dissolution process. Cap the tube and set it aside for use in the 
next step. 


Reaction Conditions. Remove the air condenser, and use an automatic 
delivery pipet to add 350 wL of acetic anhydride to the solution of 
1,4-phenylenediamine dihydrochloride, and stir the mixture briefly using a 
magnetic stirrer. 


NOTE. Dispense the acetic anhydride in the hood using an automatic delivery 
pipet. A slight amount of white precipitate may be observed at this stage. 


Now add the previously prepared sodium acetate solution by Pasteur pipet 
to the reaction mixture with stirring. Reattach the air condenser. 


Isolation of Product. The reaction is very rapid and the desired product 
begins to precipitate almost immediately. After stirring briefly, allow the mix- 
ture to stand at room temperature for a few minutes and then place it in an 
ice bath for an additional 5-10 min. 


Purification and Characterization. Collect the crude N,N’-diacetyl-1,4- 
phenylenediamine by vacuum filtration using a Hirsch funnel (). Rinse the 
vial with two 0.5-mL portions of water and use the rinse to wash the filter 
cake. Place a piece of plastic food wrap over the mouth of the funnel and con- 
tinue the suction for an additional 5-8 min. Place the collected material on a 
porous clay plate or filter paper to dry further. 


NOTE. If this material is to be used in Experiment [29B], recrystallization from 
methanol is suggested. 


Weigh the dried crystals and calculate the percent yield. Determine the 
melting point and compare it with the value in the literature. Obtain an IR 
and/or the NMR spectrum of the product. The infrared spectrum is shown in 
Figure 6.45. 

Chemical characterization tests might also be run as outlined in Experi- 
ment [23A]. 
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CONCENTRATION REFERENCE 





Figure 6.45 IR spectrum: N,N’-diacetyl-1,4-diphenylenediamine. 


QUESTIONS 


6-152. What is the function of the sodium acetate in the reactions outlined in this experiment? 
6-153. Which is the stronger base: aniline or cyclohexylamine? Explain. 
6-154. Arrange the following substituted anilines in increasing order of reactivity toward acetic anhydride: 


NH, NH, NH, 
(a) S (b) S (c) S 
-OCH, CN: N(CH), 


6-155. Suggest a mechanism for the preparation of acetic anhydride from acetic acid and acetyl chloride in the presence of 
pyridine (an amine base). 

6-156. Anhydrides generally react more slowly with an amine than acid chlorides, though both reactions produce amides. 
Explain this observation. 
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6-157. 
A ; . 
CH,CH,—C is less basic than CH,CH,— NH 
grt \ Beni? 2 
NH, 
Explain. 
BIBLIOGRAPHY 
Review articles: Fanta, P. E.; Tarbell, D. S. Organic Syntheses; Wiley: New York, 1955; 
Beckwith, A. L. J. In The Chemistry of the Amides; J. Zabicky, Ed.; Collect. Vol. TI Pook . 

Wiley: NewYork, 1970; p. 73. Herbst, R. M.; Shemin, D. Organic Syntheses; Wiley: New York, 1943; 
Satchell, D. P.N. Q. Rev. 1963, 17, 160. Coleen tty... . . 
Smith, M. B.; March. J. Advanced Organic Chemistry, 6th ed.; Wiley: Jacobs, T. L.; Winstein, 8. Linden, G. B.; Robson, J. H,; Levy, E. F,; 

NewYork, 2007. Chap. 16, p. 1429. Seymour, D. Organic Syntheses; Wiley: New York, 1955; Collect. 

a a : : Vol. IIL, p. 456. 
Selected acylation reactions between anhydrides and amines oyes, W. A,; Porter, P. K. Organic Syntheses; Wiley: New York, 
in Organic Syntheses: 1941; Collect. Vol. I, p. 457. 
Cava, M. P.; Deana, A. A.; Muth, K.; Mitchell, M. J. Organic Wiley, R. H.; Borum, O. H. Organic Syntheses; Wiley: New York, 

Syntheses; Wiley: New York, 1973; Collect. Vol. V, p. 944. 1963; Collect. Vol. IV, p. 5. 


Imide Synthesis: N-Phenylmaleimide 


Common name: N-phenylmaleimide 
CA number: [941-69-5] 
CA name as indexed: 1H-pyrrole-2,5-dione, 1-phenyl- 


Purpose. To extend the amide synthesis (Experiment [23]) to the prepara- 
tion of imides. In this experiment, the condensation of a cyclic anhydride with 
aniline to form an imide is described. The initial reaction to give the carboxylic 
amide is followed by an intramolecular condensation to produce the desired 
imide derivative. 


Prior Reading 
Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-91) 
Technique 6A: Thin-Layer Chromatography (pp. 97-99) 


REACTION 
QO: O: 
Hi I] Hi / 
‘ese we 
\ ‘s CH,COONa S ae 
:O: ge : 
, + EDN (CH,CO),0 - 2 
C—C C—C 
a \ 4 \ 
H O: H O : 
Maleic Aniline N-Phenylmaleimide 
anhydride 
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DISCUSSION 


Imides are diacyl derivatives of ammonia or primary amines. The reaction is sim- 
ilar in its scope and mechanism to the acetylation of aniline or 1,4-phenylene- 
diamine presented in Experiments [23A] and [23B]. As illustrated in the present 
experiment, cyclic anhydrides produce cyclic imides. Cyclic anhydrides are pre- 
pared in Experiments [25A] and [25B]. Derivatives of imides have been sug- 
gested for use in the treatment of arthritis, tuberculosis, and epilepsy. Several 
also have been found to be growth stimulants. Imide-based polymers are used 
in many applications, including fire-resistant woven fabrics. The N-phenyl- 
maleimide prepared in this experiment is also a good dienophile in the 
Diels—Alder reaction (see Experiments [14] and [15]), and in fact has been used 
as a reagent to characterize 1,3 dienes. 

The first step in the reaction between the primary amine and the cyclic 
anhydride is an addition—elimination reaction, which involves a nucleophilic 
attack by the amine on a carbonyl carbon of the maleic anhydride. This re- 
sults in the formation of an amide and a carboxylic acid, which are linked to- 
gether to constitute maleanilic acid. Since anhydrides are considerably more 
reactive toward nucleophiles, to promote ring closure to the imide, the car- 
boxylic acid is then converted to another (mixed) anhydride by reaction with 
acetic anhydride. This anhydride then undergoes an intramolecular nucle- 
ophilic addition—elimination by the amide nitrogen, which gives the desired 
imide, N-phenylmaleimide. The second acylation of a nitrogen nucleophile 
is much slower than the first. That is, attack of an amide nitrogen on the car- 
bonyl carbon of the anhydride is slower than the attack of the amine nucle- 
ophile on the anhydride carbonyl carbon. The mechanistic sequence is given 
below (R = phenyl): 


p ” - 1 
Hw N 
= C=C H See 
iT \ ~c~ “OH 
| ? oe | SP 7 N—R 
se-6 == ec H” “CH 
H a H /s\. I 
ag NR O 
Maleic H Maleanilic 
anhydride acid 
se O: - 
Hn _¢ cH ~ aot cw 
Ne ee ee, \ Sat ae 
| + , —> | H :O 
Cc N—R N—R 
a Ce CH,—C H~ “CH 
| \ I 
O: . O. 
Maleanilic Acetic anhydride 


acid 


(see next page) 
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Where R = Phenyl 


N-Phenylmaleimide 


Maleanilic Acid 
EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 


REACTION 


/ : 
—C C—C—OH 
O: 
Maleic Aniline Maleanilic acid 
anhydride 


NOTE. It is recommended that the purity of the maleic anhydride be checked by 


mp. The presence of maleic acid can substantially lower the yield of product. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp(°C) bp(°C) d Np 
Maleic anhydride 98.06 60 mg 0.61 60 

Acetonitrile 41.05 1.2 mL 81 

Aniline 93.13 56 pL 0.62 184 81.02 1.5863 





—p— CONFIRMING PAGES 


EQA 


JWCL196_c06_309-375.qxd 11/23/09 11:51 AM Page 349 


—o— 


EXPERIMENT 24 


Reagents and Equipment. In a 3.0-mL conical vial containing a magnetic 
spin vane, and equipped with an air condenser protected with a drying tube, 
place 60 mg (0.61 mmol) of maleic anhydride and 1.0 mL of anhydrous 
acetonitrile (™). Stir the mixture at room temperature until all the maleic an- 
hydride has dissolved. 





CAUTION: Dispense this reagent in the hood using a calibrated 
Pasteur pipet. 


In a separate, dry 3-dram vial prepare a solution of 56 wL (67 mg, 0.62 mmol) 
of aniline in 100 wL of anhydrous acetonitrile. 





CAUTION: Dispense these reagents in the hood using a calibrated 
Pasteur pipet. Aniline is highly toxic and is a cancer suspect agent. 





Using a Pasteur pipet, add the aniline—acetonitrile solution in one portion 
to the stirred maleic anhydride—acetonitrile solution. Rinse the 5-dram vial 
with 100 wL of anhydrous acetonitrile and also transfer this rinse to the reac- 
tion solution. 


Reaction Conditions. After stirring the reaction mixture at room tempera- 
ture for 15 min, begin monitoring the system by TLC (plates with fluorescent 
indicator). Using as a solvent system ethyl acetate:hexane (3:2) and a UV lamp 
for visualization, the R; value for maleanilic acid is 0.2. The R, values for ani- 
line and maleic anydride are 0.73 and 0.67, respectively. Once complete as 
judged by TLC, cool the reaction mixture in an ice bath for 5-10 min. 


Isolation of Product. Collect the deposit of fine, cream-colored powder by 
vacuum filtration using a Hirsch funnel (™). Wash the maleanilic acid crystals 
with 0.5 mL of cold diethyl ether (calibrated Pasteur pipet), and air-dry them 
in the funnel for 5 min while maintaining the suction. 


Purification and Characterization. Weigh the maleanilic acid and cal- 
culate the percent yield. Determine the melting point and compare your 
value to that given in Cava et al. (Bibliography section). Obtain an IR spec- 


HOOD 


HOOD 








Imide Synthesis: N-Phenylmaleimide 349 


Maleic anhydride, 60 mg + 
CzgHsNH,, 56 pl + 
(CH,CO},0, 1.2 mL 


Maleanili¢ acid product 
collected here 


See 
trum using the KBr pellet technique and compare it with an authentic sam- (CH;CH,),0, 1.7 mL 
ple. The air-dried product is suitable for use in the next step without 
further purification. 
N-Phenylmaleimide 
REACTION 
O: 
. Me Y 
O: C—C 
ie 7H CH,COONa \ 
C—C—_N (CH.CO),0 - + H,O 
! C—OH ‘a << 
H 2 = H 0: 
O: “ 
Maleanilic acid N-Phenylmaleimide 
—p— CONFIRMING PAGES «ag aptara 


EQA 


JWCL196_c06_309-375.qxd 11/17/09 6:15 PM Page 350 
$ EQA 


350 CHAPTER 6 Microscale Organic Laboratory Experiments 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 





Physical Properties of Reactants 
Compound MW Amount mmol mp(°C) bp(°C) d Np 
Maleanilic acid 191.18 100mg 0.52 201-202 


Sodium acetate 82.03 25mg 0.30 324 
Acetic anhydride 102.09 200pL 2.12 140 1.08 1.3901 












80-90 °C 
thermometer 














Reagents and Equipment. In a 3.0-mL conical vial containing a magnetic 
spin vane, and equipped with an air condenser protected by a drying tube, 
place 25 mg (0.30 mmol) of anhydrous sodium acetate and 200 wL (216 mg, 
2.12 mmol) of acetic anhydride («). 


CH,CO,Na, 25 mg 
+ (CH,CO),0, 200 pl + 


maleanilic acid, 100 mg CAUTION: Acetic anhydride is corrosive and a lachrymator. It 
HOOD should be dispensed in the hood by use of an automatic delivery 
pipet. 








Now add 100 mg (0.52 mmol) of maleanilic acid (prepared in Experiment 
[24A]) to the reaction vial. 


Reaction Conditions. Heat the reaction mixture, with stirring, at a sand 
bath temperature of 80-90 °C for 30 min. Then cool the resulting mixture to 
room temperature, add 1.0 mL of cold water (calibrated Pasteur pipet), stir for 
a few minutes, and then place the vial in an ice bath for 5-10 min to com- 
plete crystallization. 


Isolation of Product. Collect the solid product by vacuum filtration us- 
ing a Hirsch funnel and then wash the filter cake with three 0.5-mL por- 
tions of cold water (calibrated Pasteur pipet) (#). Cover the mouth of the 
funnel with plastic food wrap and continue the suction for an additional 
mide product. 9-10 min. 
collected here 





Purification and Characterization. Recrystallize the crude N-phenyl- 
maleimide from cyclohexane using the Craig tube, to yield canary-yellow nee- 
dles. After drying the product on filter paper, or on a porous clay plate, weigh 
the crystals and calculate the percent yield. Determine the melting point and 
compare your result with the value given by Cava et al. (Bibliography section). 
Obtain an IR spectrum and compare it with that of an authentic sample or 


eo ee ede with that shown in the literature (The Aldrich Library of IR Spectra and/or 
products SciFinder Scholar). 
QUESTIONS 


6-158. As stated in the discussion section, the second step in the reaction to form the imide is much slower than that of 
the first stage (formation of the acid amide). Explain. 
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6-159. Phthalimide has a K, = 5 X 10”. Write an equation for the reaction of phthalimide with potassium amide 
(a strong base) in N,N-dimethylformamide (DMF) solvent. Name the product. 


O: 
I| 
Cc 


\ 


6-160. Predict which of the following species is the most acidic. Explain. 


O: 
Hi 


O° 


50 OX 
? NH; 


C 
\ 
O: 


Phthalimide 


Benzamide 


6-161. The phthalimide anion is a strong nucleophile. It can react easily with primary alkyl halides to form substituted 
phthalimides. One advantage when working with substituted phthalimides is that when treated with hydrazine, 
primary amines are furnished through this alkylation protocol (Gabriel synthesis). For both synthetic pathways 


(a) and (b), suggest a suitable mechanism. 


(a) ‘N:, K” + CH,CH,Br —~> 


‘O° 
:N—CH,CH, + KBr 


0: 


oO oO 
H,NNH 
(b) (Cp onc, CUE + H,NCH,CH, 
- Oi 


6-162. N-Phenylmaleimide, the product prepared in Experiment [24B], can act as a dienophile in the Diels—Alder reac- 
tion (see Experiments [14] and [15]). Draw the structure of the product that would be formed by the treatment 
of N-phenylmaleimide with (a) 3-sulfolene under the conditions given in Experiment [14] and (b) furan. 


Review articles on cyclic imides: 

Benjamin, E.; Hijji, Y. Molecules 2008, 13, 157. 

Hargreaves, M. K.; Pritchard, J. G.; Dave, H. R. Chem. Rev. 1970, 
70, 439. 


Naik, S.; Bhattacharjya, G.; Talukdar, R.; Patel, B. K. J. Org. Chem. 


2004, 69, 1254. 
Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed.; 
Wiley-Interscience: New York, 2007, Chap. 16, p. 1429. 
Wheeler, O. H.; Rosado, O. In The Chemistry of the Amides; 
Zabicky, J., Ed.; Wiley: New York, 1970, p. 335. 
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BIBLIOGRAPHY 


Selected imide preparations in Organic Syntheses include 


Cava, M. P.; Deana, A. A.; Muth, K.; Mitchell, M. J. Organic 
Syntheses; Wiley: New York, 1973; Collect. Vol. V, p. 944. 

Noyes, W. A.; Porter, P. K. Organic Syntheses; Wiley: New York, 
1941; Collect. Vol. I, p. 457. 

Smith, L. L; Emerson, O. H. Organic Syntheses; Wiley: New York, 
1955; Collect. Vol. IM, p. 151. 

Soine, T. O.; Buchdahl, M. R. Organic Syntheses; Wiley: New York, 
1963; Collect. Vol. IV, p. 106. 


For the preparation of maleanilic acid also see 
Ram, R. N.; Varsha, K. J. Chem. Educ. 1990, 67, 985. 
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Synthesis of Cyclic Carboxylic Acid 
Anhydrides: Succinic Anhydride and 
Phthalic Anhydride 


Common name: succinic anhydride 
CA number: [108-30-5] 
CA name as indexed: 2,5-furandione, dihydro- 


Common names: phthalic anhydride, benzene-1,2-dicarboxylic anhydride 
CA number: [85-44-9] 
CA name as indexed: 1,3-isobenzofurandione 


Purpose. One of the important methods for preparing cyclic carboxylic 
acid anhydrides is carried out. The reaction demonstrates the use of acetic 
anhydride, an important industrial and research chemical, as a dehydrat- 
ing agent. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-91) 
Technique 9: Sublimation (pp. 111-114) 


REACTION 
O O: 
CH,—c” 
CH,—C—OH 2 \ 
| : (CH,CO),O ia 7 
CH, —C =O CH.—C 
i p. 
Succinic acid Succinic anhydride 
DISCUSSION 


Five- and six-membered cyclic anhydrides can be easily formed when the cor- 
responding dicarboxylic acid is heated in the presence of a dehydrating agent. 
One of the most commonly used dehydrating agents is acetic anhydride. The 
formation of an anhydride from its corresponding acid by reaction with an- 
other anhydride is referred to as anhydride exchange. 

The similarity of this reaction for the preparation of anhydrides to that for 
the synthesis of imides (Experiment [24]) should be noted. The ring closure to 
form the imide is mechanistically related to that of anhydride formation: in 
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one case an amide nitrogen makes a nucleophilic attack on a carbonyl, while 
in the other, an acid oxygen acts as the nucleophile. 
The mechanistic sequence for anhydride exchange is 





:OH C—OH 

: | 

O. \ 
O: 
// O 
Cc ei 
:0: + HO—C—CH, 
Cc 
\ 
O: 

Phthalic anhydride 


It is possible to prepare five- and six-membered cyclic anhydrides in the ab- 
sence of acetic anhydride by direct dehydration at elevated temperatures. Maleic 
anhydride, for example, is easily obtained by this method in greater than 85% 
yield. Heating of succinic acid at 300 °C yields succinic anhydride in 95% yield. 

This equilibrium is driven toward the products since formation of three 
molecules (two molecules of acetic acid and one molecule of anhydride) is en- 
tropically favored over the two molecules of reactants. The equilibrium could 
be further driven toward the products by distilling off the more volatile acetic 
acid as it is formed. 

Acetic anhydride is an important industrial reagent. Over one-half its an- 
nual production of approximately 750,000 tons is used for the manufacture of 
cellulose acetate. Cellulose acetate is a widely used textile fiber and is the chief 
component of cigarette filters. Acetic anhydride is the acetylation reagent used 
for the production of aspirin (acetylsalicylic acid). Succinic anhydride finds use 
in the succinylation of gelatin used as a blood plasma substitute, as a food pre- 
servative in chicken against Salmonella, and as a dog food preservative. 
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thermometer 





peed 


GeO 


Heat 





Succinic acid, 150 mg + 
(CH,CO),0, 200 pL 





(CH,CH,},0, 1.5 mL + 
CH,CO>H, ~ 100 pL 


HOOD 


Succinic anhydride 
collected here 


Phthalic anhydride finds extensive use in plasticizer formulations for many 
resins, and in the manufacture of dyes. 


Succinic Anhydride 


The reaction is shown on p. 352. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp(°C) bp(C) d Np 
Succinic acid 118.09 150mg = 1.27 188 

Acetic anhydride 102.09 200pL 2.12 140 1.08 1.3901 


Reagents and Equipment 
NOTE. All equipment must be dried in an oven (110 °C) for 30 min before use. 


Weigh and place 150 mg (1.3 mmol) of succinic acid in a 1.0-mL conical 
vial containing a magnetic spin vane. Add 200 wL (2.12 mmol) of acetic anhy- 
dride and then attach the vial to a reflux condenser protected by a calcium 
chloride drying tube (+). 





CAUTION: Acetic anhydride is moisture sensitive and an irritant. 
Dispense it in the hood using an automatic delivery pipet. 





Reaction Conditions. Heat the reaction mixture, with stirring, in a sand 
bath at a temperature of 180 °C for 45 min, timing the reaction from the point 
at which the succinic acid is completely dissolved. 


Isolation of Product. Cool the mixture to room temperature. A volumi- 
nous precipitate of succinic anhydride deposits. Further cool the vial in an ice 
bath for 5 min, and collect the solid material by vacuum filtration using a 
Hirsch funnel (#). Wash the white needles with three 0.5-mL portions of 
diethyl ether (calibrated Pasteur filter pipet) and then place them on a porous 
clay plate or filter paper to dry. 


Purification and Characterization. The succinic anhydride crystals should 
be sufficiently pure for characterization. These crystals may, however, be 
recrystallized from absolute ethanol using a Craig tube. 

Weigh the product and calculate the percent yield. Determine the melting 
point and obtain an infrared spectrum. Compare your results to those listed in 
the literature (The Aldrich Library of IR Spectra and/or SciFinder Scholar). What 
characteristic absorptions do you observe for the anhydride group in the car- 
bonyl region of the spectrum? 
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Phthalic Anhydride 


REACTION 

9 6 : 

C—OH d 
\ 

Sl 4 (CHICO, er, 

C—OH 

— \ 

ke} 2 

Phthalic acid Phthalic anhydride 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 





Physical Properties of Reactants 














Compound MW Amount mmol mp(°C) bp(°C) d Np 
Phthalic acid 166.14 100mg 0.60 210 
Acetic anhydride 102.09 200pL 2.12 140 1.08 1.3901 





Reagents and Equipment. Weigh and add 100 mg (0.60 mmol) of phthalic 
acid to a 3.0-mL conical vial containing a magnetic spin vane. Add 200 wL 
(2.1 mmol) of acetic anhydride and then attach the vial to a reflux condenser 
protected by a calcium drying tube (™). 


CAUTION: Acetic anhydride is moisture sensitive and an irritant. 
Dispense it in the hood using an automatic delivery pipet. 





Reaction Conditions. Heat the reaction solution, with stirring, at a sand 
bath temperature of 150-160 °C for 30 min. 


NOTE. Position the vial firmly on the bottom of the sand bath vessel to maintain 
this reaction temperature. 


Isolation of Product. Cool the mixture to room temperature, whereupon 
the product crystallizes from solution. Cool the vial and contents in an ice 
bath for 10 min and collect the solid by vacuum filtration using a Hirsch fun- 
nel (m). Rinse the filter cake carefully by dropwise addition of 0.5 mL of cold 
hexane (Pasteur pipet) and continue the suction for several minutes. Com- 
plete the drying of the solid product by placing the crystals on a porous clay 
plate or on filter paper. 


Purification and Characterization. The phthalic anhydride should be 
sufficiently pure for characterization. It may be purified further by sublima- 
tion or by recrystallization from absolute ethanol using the Craig tube. 
Weigh the product and calculate the percent yield. Determine the melting 
point and obtain an infrared spectrum. Compare your results with those 
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Phthalic acid, 100 mpg + 
(CH,CO),0, 200 wl 


Phthalic anhydride 
collected here 





Hexane, 0.5 mL + 
CH{CODH, ~ 100 wl 
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reported in the literature (The Aldrich Library of IR Spectra and/or SciFinder 
Scholar). What characteristic absorptions do you observe for the anhydride 
group in the carbonyl region of the spectrum? 


QUESTIONS 


6-163. 


6-164. 


6-165. 


6-166. 


6-167. 


As stated in the discussion, direct dehydration can be used as a method for the preparation of five- and 
six-membered cyclic anhydrides. Propose a suitable mechanism for the reaction below: 


maleic acid —4> maleic anhydride + H,O 
Propose a suitable mechanism for the formation of the mixed anhydride obtained in the following reaction: 
C,H,CH,CO,H + (CF,CO),0 ——> C,H;CH,C—O— CCF, + CF,CO,H 


There are two stereoisomeric 1,3-cyclobutane dicarboxylic acids. One can form a cyclic anhydride, the other cannot. 
Draw the structures of these compounds and indicate which one can be converted to a cyclic anhydride. Explain. 


When maleic acid is heated to about 100 °C it forms maleic anhydride. However, fumaric acid requires a much 
higher temperature (250-300°C) before it dehydrates. In addition, it forms only maleic anhydride. Explain. 


H. _CO,H H CO,H O 
| lo 
aN ao™N 
CO,H HO,C O 
Maleic acid Fumaric acid Maleic anhydride 


H H 


What product would you expect to obtain from reaction of one equivalent of propanol with phthalic anhydride? 


BIBLIOGRAPHY 


Selected references from Organic Syntheses in which anhy- Nicolet, B. H.; Bender, J. A. Organic Syntheses; Wiley: New York, 
drides are prepared, using acetic anhydride as the dehydrat- 1944; Collect. Vol. I, p. 410. 
ing agent, include Shriner, R. L.; Furrow, C. L. Jr. Organic Syntheses; Wiley: New York, 


Cason, J. Organic Syntheses; Wiley: New York, 1963; Collect. Vol. IV, 1963; Collect. Vol. IV, p. 242. 
p. 630. The synthesis of succinic anhydride is described in 


Clarke, H.T.; Rahrs, E. J. Organic Syntheses; Wiley: New York, 1944; Fieser, L. F.; Martin, E. L. Organic Syntheses; Wiley: New York, 1943; 


Collect. Vol. I, p. 91. Collect. Vol. IL, p. 560. 
Grummitt, O.; Egan, R.; Buck, A. Organic Syntheses; Wiley: New 


York, 1955; Collect. Vol. IIL, p. 449. 
Horning, E. C.; Finelli, A. F. Organic Syntheses; Wiley: New York, 
1963; Collect. Vol. IV, p. 790. 


Diazonium Coupling Reaction: Methyl Red 


Common names: methyl red 
CA number: [493-52-7] 
CA name as indexed: benzoic acid, 2-[[4-(dimethylamino)phenyl]azo]- 


Purpose. In this experiment you will learn the process of generating arene- 
diazonium salts in solution. The arenediazonium salt generated will be used 
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in an electrophilic aromatic substitution reaction (diazo coupling) to prepare 
an azobenzene derivative. Many azobenzene derivatives, including the one 
prepared here, have extensively conjugated 7-electron systems. Because these 
are highly colored compounds, they are generally referred to as azo dyes. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 





REACTION 
. NaNoO,, HCl, H,O + 
NH, 7 N=N: |Cl” 
0°C 
CO,H CO,H 
Anthranilic acid Anthranyl diazonium chloride 
CH, CH 
P - 7 : 7° 
N=N:] Cl + N: —— N—=N N: 
aa : : 
CH 
CO,H ' CO,H : 
Anthranyl diazonium chloride N,N-Dimethylaniline Methyl red 
DISCUSSION 


The coupling of a diazonium salt to a suitable aromatic substrate is an exam- 
ple of an aromatic electrophilic substitution reaction. When primary aromatic 
(and also aliphatic) amines (ArNH>) are treated with nitrous acid 
(NaNO, + HCl > HONO), they are converted into diazonium cations, ArN.* 
In solution, nitrous acid (HONO) is in equilibrium with its anhydride, dinitro- 
gen trioxide (N2Os), which is the actual diazotizing agent. The primary amine 
reacts with the dinitrogen trioxide to form a nitrosamine: 





Ar—NH, + N,O; —> Ar—NH—N=O + HONO 
(a nitrosamine) 


The nitrosamine is in equilibrium with its tautomer, a diazoic acid. The di- 
azoic acid then undergoes dehydration to form the diazonium salt. Diazonium 
salts are explosive when dry, and therefore are generally not isolated. 





Ar—NH—N=O: + H,O* == Ar—N=N—OH + H,O** 


(a nitrosamine) (a diazoic acid) 


Ar—N=N—OH + H,O:* —~> Ar—N=N: + 2H,0: 





Diazonium ion 


Reaction of the diazonium salt with various aromatic compounds leads to 
the formation of azo derivatives by what is generally called a “coupling 
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reaction,” but is mechanistically simply an ordinary electrophilic aromatic sub- 
stitution reaction. The mechanism of the reaction is given here: 


CH CH 
=N: + : — 
+ es Rae) “yH \D\ 
H, ' CH 








C 3 
CO,H CO, 
cl 
CH, 
N=N « ) N: + H*,cl 
CH, 
CO,H 


Azo dyes find use as acid-base indicators. For example, Methyl Red pre- 
pared in this experiment, Methyl Orange, and Congo Red are well-known 
acid-base indicators. Azo dyes are commonly used in the textile, food, and cos- 
metic industries; FD&C Yellow No. 6, a yellow azo dye is used to color candy, 
ice cream, beverages, and so on. Several azo dyes (including Butter Yellow and 
FD&C Red No. 2) have been banned by the FDA from use in foods, drugs, and 
cosmetics in the United States because of suspected carcinogenic properties. 


O NH, 
vA - oe 
NaO,S X Sn [Hs SO,Na DN, C) 


Methyl] Orange Congo Red 


HO 
we 
ior wy 
NaO,S SO,Na 


FD&C Yellow No. 6 


eS : / 
NaO,$ NN 
\ 

ae 


FD&C Red No. 2 Butter Yellow 
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EXPERIMENTAL PROCEDURE 


Estimated time for the completion of the experiment: 3.0 h. 
The reaction is shown on p. 357. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp(°C) _ bp (°C) d Np 
Anthranilic acid 137.14 65 mg 0.47 146-147 

Concd HCl 150 pL 

Water 800 wL 

Sodium nitrite 69.0 36 mg 0.52 271 

N,N-Dimethylaniline 121.18 89 wL 0.71 194 0.96 1.5582 
Sodium acetate 82.03 68 mg 0.83 324 

10% aq. NaOH 100 pL 








CAUTION: When dry, benzenediazonium 2-carboxylate detonates vio- 
lently upon being scraped or heated. It must, therefore, be kept in 
solution at all times. 





Reagents and Equipment. Equip a 3.0-mL conical vial with a magnetic 
spin vane and an air condenser (m). Weigh and add 65 mg (0.48 mmol) of 
anthranilic acid to the vial. Now add a solution of 150 wL of concentrated hy- 
drochloric acid dissolved in 400 wL of water to the vial, using a Pasteur pipet. 





CAUTION: When preparing the acid solution, the acid must be added 
to the water. Dispense these reagents using automatic delivery pipets. 









SreRepearrag || 
If necessary, warm the mixture, with stirring, on a hot plate magnetic stir- aa 


rer to obtain a homogeneous solution. Cool the solution in an ice bath, with 
stirring, for 10 min. 

In a 10 X 75-mm test tube, or a small vial, prepare a solution of 36 mg 
(0.52 mmol) of sodium nitrite dissolved in 200 wL of water. Cool this solution 
in an ice bath. 


Reaction Conditions. When both solutions in the ice bath are cooled to a 
temperature below 5 °C slowly add (dropwise) the nitrite solution to the stirred 


anthranilic acid solution, while maintaining the temperature below 5 °C. This Addition 1: 
transfer is accomplished using a Pasteur pipet. The solution must be kept cool ea 
so that the diazonium salt will not hydrolyze to the corresponding phenol. HO, 600 pl + 
After a period of 4-5 min, check the clear solution of anthranyldiazonium Ne” 
chloride for the presence of excess nitrous acid by placing a drop of the solution CeHgN(CH,),, 85 mg 
on a piece of potassium iodide-—starch test paper. If an excess is present, the test CHGOLNa, 68 ine : 
paper gives an immediate blue color. If no color is obtained, prepare additional H,0, 200 uL 


nitrite solution and add as before until a positive test is observed. 

Remove the air condenser from the reaction vial containing the solution of 
anthranyldiazonium chloride. Fairly rapidly, add 89 L (85 mg, 0.71 mmol) of 
N,N-dimethylaniline (automatic delivery pipet). Reattach the air condenser. 





CAUTION: This aniline derivative is toxic and should be dispensed 
in the hood. HOOD 





Stir the solution for an additional 15 min, keeping the temperature below 5 °C. 
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Prepare a solution of 68 mg (0.83 mmol) of sodium acetate dissolved in 
200 pL of water in a 10 X 75-mm test tube. Transfer this solution (Pasteur 
pipet) to the reaction mixture. Make this addition without removing the air 
condenser. Maintain the resulting solution at 5 °C with stirring, for an addi- 
tional 20 min. 

Remove the reaction vial from the ice bath and allow it to stand for 15 min 
in order to warm to ambient temperature. 

Now add 100 wb of 10% aqueous NaOH solution (automatic delivery 
pipet) to the solution. Allow the reaction mixture to stand at room temperature 
for about 30 min. The formation of the azo compound is a very slow reaction, but 
the rate of formation is increased by raising the pH of the solution. 


ee nee S0lation of Product. Collect the precipitate of crude Methyl Red dye by 

vacuum filtration using a Hirsch funnel (#). Rinse the reaction flask with 0.5 mL 
of water and use this rinse to wash the crystals. Then wash the crystals with 
0.5 mL of 3 M acetic acid, to remove unreacted N,N-dimethylaniline from the 
product, followed by another wash with 0.5 mL of water. This last wash is usu- 
ally pale pink in color. 


Aqueous acetic acid, . : : : : 
25m NOTE. Dispense the small amounts of water and acetic acid using a calibrated 


+ reaction byproducts Pasteur pipet. 


Purification and Characterization. Dissolve the crude product in 500 wL 
of methanol. If necessary, warm the mixture in a beaker of hot water to aid 
in the dissolution. Cool the solution in an ice bath and collect the resulting 
crystals of Methyl Red by vacuum filtration using a Hirsch funnel. Dry the 
material on filter paper or under vacuum at room temperature. 

Weigh the product and calculate the percent yield. Determine the melting 
point and compare it to the value given in the literature. If further purification 
is desired, recrystallize the material from toluene using a Craig tube. 


QUESTIONS 


6-168. 


6-169. 


6-170. 


In the experiment, a point is made that the formation of the azo compound is a slow reaction, but that the rate is 
increased by raising the pH of the solution. Why is this necessary? In other words, how does the pH of the solution 
affect the reactivity of the N,N-dimethylaniline reagent? 


In relation to Question 6-168, diazonium salts couple with phenols in slightly alkaline solution. What effect does 
the pH of the solution have on the reactivity of the phenol? 


Starting with the appropriate aromatic amine and using any other organic or inorganic reagent, outline a synthetic 
sequence for the preparation of the following azo dyes: 


a ) N=N \ NH, HCl « ) 
‘NH, (b) « ) NN )-no, 





Chrysoidine 7 
Pia ela Para Red 
HO 
(c) oe oe 
SO, ,Na* SO, ,Na™ 


Congo Red 
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6-171. What is the main structural feature of the azo dyes that causes them to be colored compounds? 
6-172. Methyl Orange is an acid-base indicator. In dilute solution at pH > 4.4, it is yellow. 


“OL 


N(CH,), 


At pH = 3.2 the solution appears red. Draw a structure of the species that is formed at the lower pH if the acid 
proton adds to the azo nitrogen atom adjacent to the aromatic ring containing —SO3 group. Why does the 
proton add to this particular nitrogen when two other nitrogen atoms are available in the molecule? 


For reviews on diazo compounds and azo dyes see 


Gordon, P. F.; Gregory, P. Organic Chemistry of Colour; Springer: 
New York, 1983, p. 95. 


Patai, S., Ed. The Chemistry of Diazonium and Diazo Groups; Wiley: 


New York, 1978, Chapters 8, 11, 14. 
Saunders, H.; Allen, R. L. M. Aromatic Diazo Compounds, 3rd ed.; 
Edward Arnold: London, 1985. 
Smith, M. B.; March. J. Advanced Organic Chemistry, 6th ed.; 
Wiley-Interscience: New York, 2007, Chap. 11, p. 691. 
Zollinger, H. Color Chemistry; VCH: New York, 1987, p. 85. 
Zollinger, H. Diazo Chemistry I; VCH: New York, 1994. 


Selected coupling reactions with diazonium salts from 
Organic Syntheses: 


Cleland, G. H. Organic Syntheses; Wiley: New York, 1988; Collect. 
VoL.VI, p. 21. 


BIBLIOGRAPHY 


Conant, J. B.; Lutz, R. E.; Corson, B. B. Organic Syntheses; 1941; 
Collect. Vol. I, p. 49. 

Fieser, L. F. Organic Syntheses; Wiley: New York, 1943; Collect. 
Vol. IL, p. 35. ibid., p. 39. 

Hartwell, J. L.; Fieser, L. F. Organic Syntheses; Wiley: New York, 
1943; Collect. Vol. IL, p. 145. 

Santurri, P.; Robbins, F.; Stubbins, R. Organic Syntheses; Wiley: 
New York, 1973; Collect. Vol. V, p. 341. 


The synthesis of Methyl Red is also given in Organic 

Syntheses: 

Clarke, H.T.; Kirner, W. R. Organic Syntheses; Wiley: New York, 
1941; Collect. Vol. I, p. 374. 

The present experiment is an adaptation of that given in 

Vogel, A. I. A Textbook of Practical Organic Chemistry, 5th ed.; 
Furnis, B. S., et al. Eds.; Wiley: New York, 1989. 


Friedel-Crafts Acylation: Acetylferrocene 


and Diacetylferrocene 


Common name: acetylferrocene 
CA number: [1271-55-2] 
CA name as indexed: ferrocene, acetyl- 


Common names: diacetylferrocene, 1,1’-diacetylferrocene 


CA number: [1273-94-5] 
CA name as indexed: ferrocene, 1,1’-diacetyl- 


Purpose. To investigate the conditions under which the synthetically impor- 
tant Friedel-Crafts acylation (alkanoylation) reaction is carried out. The reaction 
described here illustrates electrophilic aromatic substitution on an aromatic ring 
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contained in an organometallic compound. The highly colored products are eas- 
ily separated by both thin-layer and dry-column chromatography. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Drying of the Wet Organic Layer (pp. 80-83) 
Technique 6: Chromatography 
Column Chromatography (pp. 92-95) 
Thin-Layer Chromatography (pp. 97-99) 
Concentration of Solutions (pp. 101-104) 


REACTION 


Ste, Sten 








CH,COCI | 
Fett ——__—> Fett + Fett 
AICI, oss; 
| As 
<e>y <>, cH, —C <C> 
Ferrocene 1-Acetylferrocene 1,1'-Diacetylferrocene 
DISCUSSION 


The generation of the appropriate electrophile (carbocation, carbocation 
complex, or acylium ion) in the presence of an aromatic ring system (nucle- 
ophile) can lead to alkylation or acylation of the aromatic ring. This set of 
reactions, discovered by Charles Friedel and James Crafts in 1877, originally 
used aluminum chloride as the catalyst. The reaction is now known to be cat- 
alyzed by a wide range of Lewis acids, including ferric chloride, zinc chloride, 
boron trifluoride, and strong acids, such as sulfuric, phosphoric, and hydro- 
fluoric acids. 

Alkylation is accomplished by use of haloalkanes, alcohols, or alkenes; any 
species that can function as a carbocation precursor. The alkylation reaction is 
accompanied by two significant and limiting side reactions: polyalkylation, 
due to ring activation by the added alkyl groups, and rearrangement of the in- 
termediate carbocation. These lead to diminished yields, and mixtures of prod- 
ucts that can be difficult to separate as shown here: 


H,C._ CH, H,C__CH, 
FeBr; 
+ CH,CH,CH,Br ——> + 
He” “CH, 
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Acylation reactions generally do not suffer from these limitations, and 
can be conducted using acid chlorides or anhydrides as the electrophilic 
reagents. Since the introduction of a carbonyl group onto the aromatic ring in 
an acylation reaction deactivates the ring, the problem of multiple substitu- 
tion is avoided. The acylium cation, since it is resonance stabilized, is unlikely 
to rearrange. 

The mechanism involves three steps: (1) formation of a cationic elec- 
trophile, (2) nucleophilic attack on this electrophile by an aromatic ring, and 
(3) loss of a proton from the resulting cation to regenerate the aromatic ring 
system. The mechanism shown here represents the AlCl, catalyzed generation 
of the acylium ion electrophile from acetyl chloride (ethanoy! chloride), fol- 
lowed by subsequent nucleophilic attack by the ferrocene ring system: 





° ° R=Cc—0 
n ) 
R—C—CE + AIC ——= R—C—Cl—AlC, == | 
R—-C=O: 
Acylium ion 
i ok 
— - —> 
<G-H HC, AIC, <p os 
cll et 
| O* 
Fe++ — > Fet+ AICI, 
& <> 
ar + = rete 
7 ee 7 
<-C-R <>-c-R <>-c-R 
AICLLOH i | | 
+ Fett eS. Fett ——— Fett 


HCl 





& 


The present experiment also demonstrates the practical value of monitor- 
ing reaction progress by TLC analysis. 


Charles Friedel (1832-1899) Friedel was Professor of Chemistry at the 
Sorbonne. He did extensive work on ketones, lactic acid, and glycerol and 
he discovered isopropyl alcohol. He is best known for his studies of the use 
of aluminum chloride in the synthesis of aromatic products (Friedel-Crafts 
reaction, 1877). Friedel prepared a series of esters of silicic acid and 
demonstrated the analogy between the compounds of carbon and silicon, 
meanwhile confirming the atomic weight of silicon. He determined the 


—p— 


AICI,” 


+ HCl + AICI, 
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vapor densities and molecular weights of the chlorides of aluminum, iron, 
and gallium.”° 


James Mason Crafts (1839-1917) Crafts was Professor of Chemistry at Cor- 
nell University and later at Massachusetts Institute of Technology, where he 
eventually became President. Crafts studied with Bunsen (Germany) and 
Wurtz (France) and also worked on the organic compounds of silicon. Crafts 
was, of course, the codiscoverer of the Friedel-Crafts reaction. He also car- 
ried out investigations in the area of thermochemistry, catalytic effects in con- 
centrated solutions, and determination of the densities of the halogens at high 
temperatures. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: two 3.0-h laboratory periods. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp(°C) _ bp (°C) d Np 
Aluminum chloride 133.34 150 mg 1.12 190 

Acetyl chloride 78.50 80 wL 1.12 51 1.11 = 1.3898 
Ferrocene 186.04 100 mg 0.54 173 

Methylene chloride 4.0 mL 40 





Reagents and Equipment 


NOTE. Dry the glassware in an oven at 110 °C for 30 min and allow it to cool 
in a desiccator before starting the experiment. 


Equip a tared 5.0-mL conical vial containing a magnetic spin vane with 
a Claisen head protected by a calcium chloride drying tube and a septum 
cap. Weigh and add 150 mg (1.12 mmol) of fresh, anhydrous aluminum 
chloride (#). 

Using a calibrated Pasteur pipet, add 2.5 mL of methylene chloride to the 
HOOD reaction vial. In the hood, with swirling, add 80 wL (1.12 mmol) of acetyl chlo- 
ride from an automatic delivery pipet. Use a syringe to add a solution of 
100 mg (0.54 mmol) of ferrocene dissolved in 1.5 mL of methylene chloride to 
the resulting mixture. 





Heat NOTE. Use a capped vial and recap it between the addition of each reagent. After 


addition of the acetyl chloride, attach the vial to the Claisen head and add the fer- 
AICI, 150 mg + rocene solution through the septum as shown in the figure. Do this in one or two 
nese ad portions, depending on whether a 1- or 2-mL syringe is used. 


CH,COCI, 80 pL + 
ferrocene, 100 mg 


3See Berichte 1899, 32, 372; Crafts, J. M. J. Chem. Soc. 1900, 77, 993; Bull. Soc. Chim. Fr. 1900, 
23, 1; Béhal, A. ibid., 1932, 51, 1423; Willemart, A. J. Chem. Educ. 1949, 26, 3. 

*4Ashdown, A. A. J. Chem. Educ. 1928, 5, 911; Talbot, H. P. J. Am. Chem. Soc. 1917, 39, 171; 
Richards, T. W. Proc. Am. Acad. 1917-1919, 53, 801; Cross, C. R. J. Natl. Acad. Sci. 1914, 9, 159. 
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At this stage, the reaction mixture turns a deep-violet color. 





CAUTION: | It is important to minimize the exposure to moist air dur- 
ing these transfers. Both the aluminum chloride and the acetyl chloride 
are highly moisture sensitive so that rapid, yet accurate, manipulations 
are necessary to minimize deactivation of these reagents, which leads to 
poor results. In addition, both chemicals are irritants. Avoid breathing the 
vapors or allowing the reagents to come in contact with skin. These 
reagents must be dispensed in the hood. HOOD 





TLC Sample Instructions. Obtain an aliquot for TLC analysis by removing a 
small amount of the reaction mixture by touching the open end of a Pasteur 
pipet to the surface of the solution. First, remove the cap from the straight neck 
of the Claisen head, and then insert the pipet down the neck so as to touch the 
surface of the solution. Dissolve this aliquot in about 10 drops of cold methylene 
chloride in a small capped vial. Mark the vial and save it for TLC analysis. 


Reaction Conditions. Following the addition of the ferrocene solution, note 
the time, and begin stirring. Allow the reaction to proceed at room tempera- 
ture for 15 min. 


Isolation of Product. Quench the reaction by transferring the mixture by 
Pasteur pipet to a 15-mL capped centrifuge tube (or a 15-mL screw-capped 
vial) containing 5.0 mL of ice water. Cool the tube in an ice bath and neu- 
tralize the resulting solution by dropwise addition (calibrated Pasteur pipet) 
of about 0.5 mL of 25% aqueous sodium hydroxide. 


NOTE. Avoid an excess of base. Use litmus or pH paper to confirm the neutralization. 


Now extract the mixture with three 3-mL portions of methylene chloride. 
Cap the tube, shake, vent, and allow the layers to separate (a Vortex mixer may be 
used in this step). Remove the lower (methylene chloride) layer using a Pasteur 
filter pipet. Combine the methylene chloride extracts in a 25-mL Erlenmeyer 
flask, and dry the wet solution over about 200 mg of granular anhydrous sodium 
sulfate for 20 min. Transfer the dried solution to a tared 10-mL Erlenmeyer flask, 
using a Pasteur filter pipet, in aliquots of 4 mL each. After each transfer, concen- 
trate the solution, in the hood, under a stream of dry nitrogen gas ina warmsand HOOD 
bath to a volume of about 0.5 mL. Rinse the drying agent with an additional 
2.0 mL of methylene chloride and combine this rinse with the concentrate. 
Remove several drops of this solution by Pasteur pipet and place them in a 
capped vial containing 10 drops of cold methylene chloride. Mark the vial and 
save it for TLC analysis. Remove the remaining solvent by warming in a sand bath 
in the hood to yield the crude, solid product (~130 mg). Weigh the residue. HOOD 


OPTION. As an option, the combined extracts and washes may be left to evapo- 
rate in the hood in a 25-mL Erlenmeyer flask, with the mouth covered by filter HOOD 
paper, until the following week. 
If the reaction is performed over a 2-week period, this is a convenient point at 
which to stop. However, if time permits, perform the TLC analysis now. 


Thin-Layer Chromatographic Analysis. Use TLC to analyze the two 
samples saved above. Also analyze a standard mixture of the substituted fer- 
rocenes (supplied by the instructor) at the same time. Use the developed TLC 
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Collect materials by 
tracking colored bands 


HOOD 


A),0;, 150-300 mg 
+ 4 acylation products 


Al,0, (II), - 5.02 


HOOD 


plates as a guide to determine the product mixture obtained in the reaction 
and as an aid in determining the appropriate elution solvent required for sep- 
aration of the mixture by dry-column chromatography. 


INFORMATION. Good results have been achieved by conducting the TLC analysis 
with Eastman Kodak silica gel—polyethylene terephthalate plates (#13179). Activate the 
plates at an oven temperature of 100 °C for 30 min. Place them in a desiccator for 
cooling and storing until used. Elute the plates using pure methylene chloride as the 
elution solvent. Visualization of unreacted ferrocene can be enhanced with iodine vapor. 
See Prior Reading for methods of TLC analysis and determination of R¢ values. 


Purification and Characterization. Now purify the reaction products 
formed in the reaction by dry-column chromatography. The term dry-column 
chromatography refers to the fact that the column is packed with dry alumina, 
rather than with a slurry (see Prior Reading). Dissolve the solid product residue 
isolated above in 0.5 mL (calibrated Pasteur pipet) of methylene chloride in 
a small vial. Mix this solution with 300 mg of alumina (activity III, see Glossary) 
in a tared vial, and evaporate the solvent under a stream of dry nitrogen in 
the hood to give a product-alumina mixture. Assemble a chromatographic 
buret column in the following order (bottom to top): prewashed cotton plug, 
5 mm of sand, 60-80 mm of alumina (~5.0 g, activity II), one-half of the 
product-alumina mixture, and 10 mm of alumina (#). 


NOTE. This procedure prevents overloading of the chromatographic column dur- 
ing the separation of the reaction products. If the yield of crude reaction products 
exceeds 75 mg (the usual case), introduce one-half of the alumina—product mixture 
to the column. If the crude products, however, are obtained in quantities of less than 
75 mg, add the entire alumina—product mixture to the top of the column. If only 
one-half of the alumina—crude ferrocene acylation product mixture is placed on the 
column, it is important to reweigh the tared vial to establish a reasonably accurate 
estimate of the overall yields obtained in the reaction. 


Given the polar nature of the alumina, the products will elute in order of 
increasing polarity: ferrocene followed by acetylferrocene, followed by di- 
acetylferrocene. Begin elution of the column with pure hexane if TLC analy- 
sis indicates that unreacted ferrocene is present in the product mixture. Be 
sure to add the initial solvent down the side of the column so as not to dis- 
turb the alumina bed. During elution, the ferrocenes will separate into two 
or three bands of different colors on the column. The volume of each eluted 
fraction should be in the range of 2-5 mL if the band is carefully tracked 
down the column. Once the ferrocene band has been collected, continue the 
elution with a 1:1 mixture of CH»Cl,/hexane to obtain the monosubstituted 
product. Further elution with a 9:1 mixture of CH,Cl,/CH3OH will elute the 
disubstituted material. Collect and save each chromatographic band sepa- 
rately. Store the solvent that elutes without color in an Erlenmeyer flask or 
beaker until you have isolated all your product. In the hood, remove the sol- 
vent under a stream of dry nitrogen gas, using a warm sand bath. During 
concentration of the solvent, spot each fraction on a TLC plate to verify the 
separation and purity of its contents. 

Determine the melting point of each of the isolated products and compare 
your results to those reported in the literature. 
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Obtain an IR spectrum of each material and compare the results with an 
authentic sample or spectra found in the literature (The Aldrich Library of IR 
Spectra and/or SciFinder Scholar). Interpretation of the spectra allows an 
unambiguous determination of substitution based on the presence or 
absence of absorption in the 1100- to 900-wavenumber region of the 
spectrum. 


Characterization of the Fractions (Total Sample) Isolated From the 


Reaction Workup 











Acetylferrocene: mp i.e me, mmol 
Diacetylferrocene: mp — me, mmol 
Total: _____ mmol, ________ % yield 
QUESTIONS 
6-173. In the formation of diacetylferrocene, the product is always the one in which each ring is monoacetylated. Why is 


6-174. 


6-175. 


6-176. 


6-177. 


6-178. 
6-179. 


no diacetylferrocene produced in which both acetyl groups are on the same aromatic ring? 

Ferrocene cannot be nitrated using the conventional HNO;—H2SO, mixed acid conditions, even though nitration 
is an electrophilic aromatic substitution reaction. Explain. 

In contrast to nitration (Question 6-174), ferrocene undergoes the acetylation and sulfonation reaction. 
Explain. 

The bonding in ferrocene involves sharing of the 6 electrons from each cyclopentadienyl ring with the iron atom. 
Based on the electronic configuration of the iron species in the compound, show that a favorable 18-electron inert 
gas configuration is established at the iron atom. 


In a manner similar to that in Question 6-176, predict whether ruthenocene and osmocene (the ferrocene 
analogues of ruthenium and osmium) would be stable compounds? Explain. 


Would you predict that bis(benzene)chromium (0) would be a stable compound? Explain. 


Predict the major product(s) in each of the following Friedel-Crafts reactions. Name each product. If the reaction 
does not occur, offer a reasonable explanation for that fact. 





l CH(CH), oe 
CH,CH,CH,—C —Cl O 
e AICI, aa ! q) Acs 
———_ > 
H,NO, (d) = 3 Cs, 
Cl NO, 
AICL NO? AICI 
3 3 
(b) © + "GH.NO, (e) + CH,CI C.H.NO, 
O.N 
+ — 
N(CH,)3, Cl 
() + (CH,),cHcl ““*. f a 
c (CH), CS, p HES A SGh GaN, 
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Halogenation: Electrophilic Aromatic 
Substitution to Yield 4-Bromoacetanilide 


Common names: 4-bromoacetanilide, p-bromoacetanilide 
CA number: [103-88-8] 
CA name as indexed: acetamide, N-(4-bromopheny]l)- 


EQA 


Purpose. This experiment extends our understanding of the experimental 
conditions under which electrophilic aromatic substitution reactions are car- 
ried out (also see Experiments [27] and [29A]-[29D]). It deals with elec- 
trophilic aromatic halogenation. The directive influence of the acetamido, 
—NHCOCH;, group on the bromination of acetanilide is explored. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 
Technique 6A: Thin-Layer Chromatography (pp. 97-99) 


REACTION 


+ HBr 


Br 


Acetanilide Bromine 4-Bromoacetanilide 
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DISCUSSION 


Aromatic compounds may be brominated by treatment with bromine in the 
presence of a Lewis acid catalyst, such as ferric chloride. For very electron- 
rich aromatic rings, such as arylamines, the reaction may proceed in the 
absence of a catalyst. With amines or phenols, in many cases, it is difficult to 
stop the bromination at monosubstitution, and all open ortho and para po- 
sitions are brominated. For this reason, primary aromatic amines are often 
converted to a corresponding amide derivative, if a monobrominated prod- 
uct is desired. This strategy is demonstrated in the present experiment. The 
—NHCOCHs group is a less powerful 0,p-directing group than —NH), due 
to the presence of the electron-withdrawing carbonyl group, which renders 
the ring less nucleophilic. Electrophilic substitution by bromine is still, how- 
ever, effectively directed electronically to the ortho and para positions on the 
ring. The acetamido group, —-NHCOCH,, effectively blocks the ortho positions 
by steric hindrance. For these reasons, only para substitution is observed. 
The acetanilide used in this experiment may be prepared using the proce- 
dure described in Experiment [23A]. 

The mechanism of the bromination reaction is a classic illustration of an 
electrophilic substitution on an aromatic ring. The mechanism shown below is 
presented as proceeding without the aid of a catalyst: 


H—N—C 


CH, 
‘Bri. ~——> + HBr 
Br 


O: 
Y 
~N 





EXPERIMENTAL PROCEDURE 


Estimated time for completion of the experiment: 1.5 h. 


INSTRUCTOR PREPARATION. For the bromine/AcOH solution. Prepare the 
bromine-acetic acid reagent by mixing 2.5 mL of bromine with 5.0 mL of glacial 











acetic acid in the hood. HOOD 
Physical Properties of Reactants 

Compound MW Amount mmol mp(°C)_ bp (°C) 
Acetanilide 135.17. 25mg 0.19 114 

Glacial acetic acid 60.05 4 drops 118 
Bromine-acetic acid solution 3 drops 











Reagents and Equipment. Weigh and place 25 mg (0.19 mmol) of ac- 
etanilide in a 3.0-mL conical vial fitted with a cap. Add between 8-10 drops 
of glacial acetic acid using a medicine dropper. Stir with a glass rod to help 
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Aqueous acetic acid, 
~ 2.0 mL and other 
reaction byproducts 


HOOD 


HOOD 


Bromination product 
collected here 


dissolve the acetanilide. Once in solution, add a magnetic spin. Now, in the 
hood, add to the clear solution three drops of the bromine-acetic acid solu- 
tion. Cap the vial immediately. 





CAUTION: Bromine is a severe irritant. Bromine burns can be severe 
and require a long time to heal. Always wear plastic gloves and dis- 
pense the bromine solution in the hood. 





Reaction Conditions. Allow the reddish-brown solution to stand at room 
temperature for 10 min. During this period, yellow-orange colored crystals 
precipitate from the solution. 


Isolation of Product. Using a calibrated Pasteur pipet add 0.5 mL of water 
to the reaction mixture with swirling, followed by 5 drops of aqueous sodium 
bisulfite solution (33%). This treatment destroys the unreacted bromine (and 
its residual color) and results in white crystals. Cool the reaction mixture in an 
ice bath for 10 min to maximize the yield of product. 

Collect the crude reaction mixture by vacuum filtration using a Hirsch funnel 
(#). Once collected, add 0.25 mL of cold water (using a calibrated Pasteur pipet) 
to the 3.0-mL conical vial. Transfer this rinse to the filter cake and repeat two 
more times (rinse followed by washing of the filter cake with 0.25-mL portions of 
cold water). Once complete, partially dry the filter cake by drawing air through 
the crystals under reduced pressure for approximately 5 min. A sheet of plastic 
food wrap over the funnel mouth aids this process (see Prior Reading). 


Purification and Characterization. Purify all but 10 mg of the crude 
4-bromoacetanilide by recrystallization from 95% ethanol using the Craig 
tube. Weigh the dried product and calculate the percent yield. Determine the 
melting point, compare both the crude and recrystallized materials by TLC 
analysis (plates with fluorescent indicator, Ry value for 4-bromoacetanilide is 
0.32 using as solvent system ethyl acetate:hexane (2:3), and a UV lamp for 
visualization purposes), and compare your observed melting point to the 
value given in the literature. 

Obtain an IR spectrum of the material and compare it with one found in 
the literature (The Aldrich Library of IR Spectra and/or SciFinder Scholar). If 
possible, obtain 'H and/or ‘°C NMR spectra of your material in DMSO-d,. 


Nuclear Magnetic Resonance Analysis. Figures 6.46 and 6.47 are, respec- 
tively, the 'H and ‘°C NMR spectra of p-bromoacetanilide in DMSO-d,. These 
can be used to compare with the NMR spectra you may obtain of your product. 

In the ‘°C NMR spectrum, the DMSO-d, appears as a septet at 39.7 ppm. 
The resonance from the methyl group of the p-bromoacetanilide occurs at 
24 ppm and the amide carbonyl carbon resonates at 169 ppm. The carbon 
atoms of the benzene ring are observed between 110 and 140 ppm. 

In the 'H spectrum, the peak from trace amounts of DMSO-ds is seen at 
about 2.6 ppm. The peak at 3.4 ppm is probably due to water or another impu- 
rity in the sample. Note the two small peaks located equidistant to the tall 
singlet near 2.0 ppm. The small “satellite” peaks are the result of the 1.1% of 
the methyl groups that have 'C instead of '*C, and thus here coupling between 
the carbon and the protons is observed. The two doublets for the aromatic pro- 
tons are observed near 7.5 ppm. The amide NH proton, which is probably hy- 
drogen bonded to the basic (Lewis) sulfoxide functional group in DMSO-dg, 
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300 MHz 1H NMR SPECTRUM OF » BROMOACETANILIDE IN DMSO-d, 


= 
= 
a 
gq 
wi 
= 
= 





10,0 9.0 8.0 7.0 6.0 5.0 4.0 3.0 2.0 1.0 0.0 
Figure 6.46 ‘H-NMR spectrum: p-bromoacetanilide. 


occurs rather downfield, near 10.1 ppm.This chemical shift may vary in your 
sample due to subtle differences in concentration, temperature, and moisture 
content of your DMSO-dg. 


Chemical Tests. Chemical classification tests may also be performed on the 
amide product. The ignition and the Beilstein test (Chapter 9) are used to con- 
firm the presence of the aromatic ring and the halogen group, respectively. 
Does the hydroxamate test for amides (Chapter 9) give a positive result? 


QUESTIONS 
6-180. Use resonance structures to show why the group shown is a less powerful ortho—para directing group than the 
— NH) group: 
9 
—NH—C—CH, 
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75 MHz 3C NMR SPECTRUM OF p-BROMOACETANILIDE IN DMSO-d, 
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Figure 6.47 C-NMR spectrum: p-bromoacetanilide. 


6-181. Benzene is brominated in the presence of FeBrs catalyst: 


FeBr; 
+ Br, ——> 


Suggest an appropriate mechanism for this reaction. 
6-182. Draw the structure of the major monobrominated product(s) formed when each of the following compounds is 
reacted with Br, in the presence of FeBrs: 


Br 


CF, C OC,H; *N(CHs3)3, Cl- 


(a) (b) CO (c) 


:O 
Nes 
| 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c06_309-375.qxd 11/17/09 1:42 PM Page 373 an 


EXPERIMENT 29  Nitration: 2,5-Dichloronitrobenzene; N,N’-Diacetyl-2,3-dinitro-1,4-phenylenediamine 373 


6-183. Arrange the following compounds in order of increasing reactivity toward electrophilic aromatic substitution. 
Explain the reason(s) for your decisions. 


:O—C—CH, :OH CN: 


(a) (b) Ol (c) 


6-184. In the experiment, sodium bisulfite solution is added at the end to destroy the unreacted bromine. What reaction is 
occurring here? Is HSO3 acting as an oxidizing or reducing agent? Write a balanced equation as part of your answer. 

6-185. Both the 'H and '°C NMR spectra (Figs. 6.46 and 6.47) provide unambiguous evidence that the bromination of 
acetanilide gave exclusively para substitution. Explain. 
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Nitration: 2,5-Dichloronitrobenzene; 
N,N ’'-Diacetyl-2,3-dinitro-1, 
4-phenylenediamine; 5-Nitrosalicylic 
Acid; and 2- and 4-Nitrophenol 


Common name: 2,5-dichloronitrobenzene 

CA number: [89-61-2] 

CA name as indexed: benzene, 1,4-dichloro-2-nitro- 

Common name: N,N’-diacetyl-2,3-dinitro-1,4-phenylenediamine 

CA number: [7756-00-5] 

CA name as indexed: acetamide, N,N’-(2,3-dinitro-1,4-phenylene)bis- 


Common names: 5-nitrosalicylic acid, anilotic acid 
CA number: [96-97-9] 
CA name as indexed: benzoic acid, 2-hydroxy-5-nitro- 
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Common names: 2-nitrophenol, o-nitrophenol 
CA number: [88-75-5] 
CA name as indexed: phenol, 2-nitro- 


Common names: 4-nitrophenol, p-nitrophenol 
CA number: [100-02-7] 
CA name as indexed: phenol, 4-nitro- 


Purpose. Aromatic nitration is an important synthetic reaction. This exper- 
iment explores two methods used for placing a nitro group on an aromatic 
ring system via an electrophilic aromatic substitution reaction. In Experi- 
ments [29A], [29B], and [29C] anhydrous nitric acid is used as the nitrating 
agent. In Experiment [29D], nitration is accomplished using a SiO, - HNO; 
reagent. 


Prior Reading 


Technique 2: Simple Distillation at the Semimicroscale Level (pp. 61-64) 
Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 
Technique 6: Chromatography 
Column Chromatography (pp. 92-95) 
Thin-Layer Chromatography (pp. 97-99) 
Concentration of Solutions (pp. 101-104) 
Chapter 4: Mixture Melting Points (pp. 52-54) 


GENERAL REACTION 


H NO, 
CY + HN O, activator CY 4 H,O 


DISCUSSION 


The nitration reactions described in this experiment all demonstrate one of the 
classic electrophilic aromatic substitution reactions. Nitration has been used 
extensively in organic synthesis since a nitro group on an aromatic ring may be 
readily reduced to an amino group. 

Once introduced onto the aromatic ring, the electron-withdrawing nitro 
group deactivates the ring toward further reactions with electrophiles. For ex- 
ample, bromination of nitrobenzene leads only to m-nitrobromobenzene; no 
dibromonitrobenzene is readily formed. However, when activating groups 
(a-electron donors) are present on the ring, it is possible to nitrate the ring twice. 
This phenomenon can be illustrated by comparing the results of the nitration 
of 1,4-dichlorobenzene (Experiment [29A]) with that of N,N’-diacetyl- 
1,4-phenylenediamine (Experiment [29B]). Because of the presence of the acti- 
vating acetamido (CH;CONH—) groups, the dinitro derivative forms readily. 
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In Experiment [29C] (the preparation of 5-nitrosalicylic acid), the directing in- 
fluences of the 1-CO2H and 2-OH substituents on the entering —NO> group 
are illustrated. In this example, these two groups compliment each other since 
they both direct the entering nitro group to the 5 position. The 5 position and 
the 3 position are both electronically favored since the —CO H group is meta 
directing; the —OH group is ortho-para directing. The nitro group ends up at 
the 5 position, and not at the 3 position, due to steric effects. 

The use of a silica gel-based reagent to accomplish nitration under fairly 
mild conditions is illustrated in Experiment [29D]. The nitrating reagent, 
SiO» - HNO; is prepared by treatment of silica gel with nitric acid. In the ex- 
periment, phenol is nitrated to produce a mixture of products. Thin-layer chro- 
matography is used to analyze the mixture, and the ortho and para nitrated 
phenols are separated by column chromatography using a silica gel column. If 
unreacted phenol is detected in the TLC analysis, an extraction technique is 
used to separate it from the para isomer. This separation technique is based on 
the fact that a nitrated phenol is more acidic than phenol itself. 

It is generally accepted that the nitronium ion (NO,") is the electrophile 
that adds to the aromatic ring. The overall mechanism for nitration follows: 


aN + _ 
HONO, + HONO, == H,O—NO, + NO, 


é 
H,Q5-NO, + HONO, == H,0° + NO,” + NO,” 


Cl Cl Cl 
H 
+ + 
+ NO. > NO, + HNO; 
Cl Cl Cl 


This mechanism illustrates two HNO; molecules reacting to generate the 
nitronium ion as when using the anhydrous nitric acid reagent. Sulfuric acid is 
often used to enhance the production of NO,” as shown here: 





a + _ 
HONO, + HOSO,H === H,O —NO, + HSO, 
+ + 
H,O JNO, =— _H,0 + NO, 


Thus a commonly used nitrating reagent is a mixture of concentrated sulfuric 
and nitric acids. 


SEMIMICROSCALE PREPARATION 
OF ANHYDROUS NITRIC ACID 


Anhydrous nitric acid (HNOs) is prepared by the following procedure. 





CAUTION: The reagents and the product of this preparation are highly cor- 

rosive. The distillation must be conducted in a hood. Appropriate gloves are HOOD 
strongly suggested. Prevent contact with eyes, skin, and clothing. Any spill 

should be neutralized using solid sodium carbonate or bicarbonate. 
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Concd HNQ,, 0.7 mL 
+ coned H,50,, 1.0 mL 





EXPERIMENTAL PROCEDURE 


Estimated time of preparation: 0.5 h. 


NOTE. Use this anhydrous nitric acid immediately for the nitration experiments 
given below. The amount obtained at the scale used here is sufficient for the prepa- 
ration of two of the nitro compounds described in this experiment. 

















Physical Properties of Reactants and Product 

Compound MW Amount bp (°C) d 
Concd nitric acid (68%) 0.7 mL 120.5 1.41 
Concd sulfuric acid (96-98%) 1.0 mL 338 1.84 
Anhydrous nitric acid 63.01 83 1.40 





Reagents and Equipment. Using two clean, dry 1.0-mL graduated pipets, 
add 0.7 mL of concentrated nitric acid, followed by 1.0 mL of concentrated sul- 
furic acid, toa 10-mL round-bottom flask containing a boiling stone. Swirl the 
flask gently to mix the reagents. Attach the flask to a Hickman still fitted with 
an air condenser (). 


NOTE: It is useful to invert a 10-mL beaker over the air condenser to help contain 
the acid vapors. 





CAUTION: Sulfuric acid can cause severe burns. Nitric acid is a 
strong oxidizing agent. Prevent contact with eyes, skin, and clothing. 
A spill can be neutralized using sodium carbonate or bicarbonate. 





Reaction Conditions. Heat the acid solution very gently with a microburner, 
keeping the microburner in constant motion, until approximately 0.2 mL of an- 
hydrous nitric acid has been collected as distillate in the collar of the still. 


Purification and Characterization. Use the anhydrous nitric acid as col- 
lected. No further purification is required. 


NOTE. Anhydrous nitric acid (white fuming nitric acid) is a colorless liquid, bp 
83°C It is estimated that the nitric acid obtained in this preparation is at least 
99.5-100% pure. If it is necessary to store the distillate, remove the acid from the 
collar of the still (Pasteur pipet) and place it in a 1.0-mL conical vial fitted with 
a glass stopper. It may be necessary to slightly bend the end of the pipet in a flame 
so that it can reach the collar of a still that does not have a side port. The anhy- 
drous nitric acid is colorless or faintly yellow. 


2,5-Dichloronitrobenzene 





REACTION 
ax )-a + HNO, —>cI-{ cl 
NO, 
1,4-Dichlorobenzene 2,5-Dichloronitrobenzene 
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EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 0.5 h. 











Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) d 
1,4-Dichlorobenzene 147.01 38mg 0.26 53 

Anhydrous nitric acid 63.01 100 pL 2.4 83 1.50 








Reagents and Equipment. Equip a3.0-mL conical vial with an air condenser 
(m). Weigh and add 38 mg (0.26 mmol) of 1,4-dichlorobenzene, followed by 
100 wL of anhydrous nitric acid delivered from a calibrated Pasteur pipet (9 in.). 





CAUTION: The nitric acid reagent is highly corrosive. Prevent con- 
tact with eyes, skin, and clothing. A spill is neutralized using solid 
sodium carbonate or bicarbonate. 








Reaction Conditions. Allow the resulting solution to stand at room tem- 
perature for a period of 15 min. Next add 1.0 mL of water (calibrated Pasteur 

a Ata 1,4-C1,CgH,, 38 mg + 
pipet) dropwise, while stirring with a thin glass rod, and then place the vial anhydrous HNO, 100 pL 
in an ice bath to cool. 


Isolation of Product. Collect the crystalline precipitate by vacuum filtration Nitration product 
using a Hirsch funnel (™). Wash the filter cake with four 1.0-mL portions of ae 
water (calibrated Pasteur pipet) and then place it on a porous clay plate or on 
filter paper to dry. 





Purification and Characterization. The product, consisting of fine, white 
needles, is sufficiently pure for characterization. It may be recrystallized from 
ethanol-water, using a Craig tube, if desired. Aqueous HNG;, ~ 5 mL 
Weigh the 2,5-dichloronitrobenzene and calculate the percent yield. De- 
termine the melting point and compare your result to that reported in the lit- 
erature. Notice that the starting material and the nitrated product have very 
close melting points. It is recommended that a mixed melting point be car- 
ried out to establish that the desired product has been isolated (see Prior 
Reading). 
A further or alternative check on the purity of the material may be made 
using thin-layer chromatography (TLC). 


INFORMATION. Carry out the TLC analysis with Eastman Kodak silica gel- 
polyethylene terephthalate plates (#13179). Activate the plates at an oven temperature 
of 100 °C for 30 min. Place them in a desiccator for cooling and storing until used. 
Elute the plates using hexane solvent. Visualization is accomplished with UV light. 
See Prior Reading for the methods of TLC analysis and determination of R¢ values. 


Chemical Tests. Additional chemical tests (Chapter 9) may also be performed 
to further characterize the product. Does the ignition test confirm the presence 
of the aromatic ring? Does the Beilstein test detect the presence of chlorine? Can 
the sodium fusion test detect the presence of nitrogen? Can the specific presence 
of the nitro group be detected by reaction with ferrous hydroxide solution? 
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N,N'-Diacetyl-1,4-phenylenediamine 





CAUTION 


EXOTHERMIC 


1,44CH,CONH),CcH4, 
42 mg+ 
anhydrous HNO;, 100 


pL 


Nitration product 





Aqueous HNO,, ~ 5 mL 


collected here 


N,N'-Diacetyl-2,3-dinitro-1,4-phenylenediamine 


REACTION 








lo. “Ill |r eek Ce 
CK) C—cH + HINO, > CHC pX-e—chh 
H 


H H 
NO, NO, 


N,N'-Diacetyl-2,3-dinitro-1,4-phenylenediamine 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 0.5 h. 

















Physical Properties of Reactants and Product 
Compound MW Amount mmol mp(°C) bp(°C) d 
N,N’-Diacetyl- 

1,4-phenylenediamine 192 48mg 0.25 312-315 
Anhydrous nitric acid 63.01 100 pL 2.4 83 1.50 
N,N’ -Diacetyl-2,3-dinitro- 

1,4-phenylenediamine 282 257 





Reagents and Equipment. To a 3.0-mL conical vial equipped with an air 
condenser, weigh and add 48 mg (0.25 mmol) of N,N’-diacetyl-1,4-phenylene- 
diamine. Now, using caution, add dropwise 100 wL of anhydrous nitric acid 
delivered from a calibrated Pasteur pipet (9 in.) (=). The N,N’-diacetyl-1,4- 
phenylenediamine is prepared by the procedure outlined in Experiment [23B]. 





CAUTION: The reaction is highly exothermic. A vigorous reaction 
occurs if the acid is added too rapidly. The nitric acid reagent is highly 
corrosive; prevent contact with eyes, skin, and clothing. A spill is neu- 
tralized using sodium carbonate or bicarbonate. 


Reaction Conditions. Allow the resulting solution to stand at room tem- 
perature for a period of 10 min. Add 1.0 mL of water from a calibrated Pas- 
teur pipet dropwise and then place the vial in an ice bath to cool. 


Isolation of Product. Collect the resulting yellow precipitate by vacuum fil- 
tration using a Hirsch funnel (+s). Wash the filter cake with four 1.0-mL portions 
of water from a calibrated Pasteur pipet. Maintain suction to aid in drying of the 
product. A piece of plastic food wrap over the mouth of the funnel can aid this 
process (see Prior Reading). Dry the material further on a porous clay plate, on 
filter paper, or under vacuum at room temperature. 


Purification and Characterization. The product needs no further 
purification. Weigh the dried material and calculate the percent yield. 
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CONCENTRATION REFERENCE 


Figure 6.48 IR spectrum: N,N’-diacetyl-2,3-dinitro-1,4-phenylenediamine. 


Determine the melting point and compare your result with the melting 
point listed in the above Reactant Product table. Obtain an IR spectrum of 
your product and compare it with that shown in Figure 6.48. 


5-Nitrosalicylic Acid 


This material may be used to prepare the caffeine 5-nitrosalicylate derivative (see 


Experiment [11B]). 
REACTION 
C—OH 
OH 
Salicylic acid 


O,N 
5-Nitrosalicylic acid 
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HOOD 








Salicylic acid, 50 mg + 
anhydrous HNO, 100 pL 


TOXIC 


EXOTHERMIC 





Aqueous HNO,,~ 5 mL 


Nitration product 
collected here 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 0.5 h. 














Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) d 
Salicylic acid 138.12 50mg 0.36 159 

Anhydrous nitric acid 63.01 100 pL 2.4 83 1.50 








CAUTION: This reaction should be conducted in a hood. 





Reagents and Equipment. Weigh and add 50 mg (0.36 mmol) of salicylic 
acid to a 3.0-mL conical vial equipped with an air condenser. Place the 
vial in an ice bath to cool. Also place a stoppered conical vial containing 
100 wL of freshly prepared ANHYDROUS nitric acid (use caution) from 
a Pasteur pipet in the ice bath («). 





CAUTION: The nitric acid reagent is highly corrosive; prevent contact 
with eyes, skin, and clothing. A spill is neutralized using solid sodium 
carbonate or bicarbonate. 





Reaction Conditions. Carefully add the cold nitric acid dropwise from a 
calibrated Pasteur pipet (9 in.) to the salicylic acid. Keep the vial containing 
the salicylic acid in the ice bath during the addition. The evolution of a red- 
brown gas (NOs, which is toxic) is observed during the addition, if the acid 
is not pure. 





CAUTION: The reaction is highly exothermic. A very vigorous reac- 
tion occurs if the acid is added too rapidly. 





Allow the vial to stand in the ice bath for an additional 20 min and then 
add 1.0 mL of distilled water dropwise from a calibrated Pasteur pipet to the 
reaction mixture. 


Isolation of Product. Collect the orange-pink solid by vacuum filtration 
using a Hirsch funnel («). Wash the filter cake with four 1.0-mL portions of 
cold water from a calibrated Pasteur pipet. Maintain suction to aid in drying 
of the product. A piece of plastic food wrap over the mouth of the funnel can 
aid this process (see Prior Reading). Dry the material further on a porous clay 
plate, on filter paper, or under vacuum at room temperature. 


Purification and Characterization. Recrystallize the product using a 
Craig tube by dissolving the material in the minimum amount of absolute 
ethanol, followed by the dropwise addition of water until precipitation oc- 
curs. Cool the mixture in an ice bath and separate the light-yellow crys- 
tals. Dry them on a porous clay plate or under vacuum as noted above. 
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Weigh the crystals and calculate the percent yield. Determine the melting 
point and compare your value to that listed in the literature. Obtain an IR 
spectrum of the material and compare it with that recorded in the literature. 


2- and 4-Nitrophenol 


INSTRUCTOR PREPARATION. In a 250-mL Erlenmeyer flask containing a mag- 
netic stirring bar, weigh and place 20.0 g of silica gel (70-230 mesh; the removal 
of fines is not necessary). Now add 50 mL of 7.5 M nitric acid and stir the mix- 
ture for 3 h at room temperature. Remove the nitrated silica gel by gravity filtra- 
tion (do not rinse), place it on a clay plate, and allow it to air dry ina hood HOOD 
overnight. Store the product in an airtight container. 
Determine the nitric acid content of the silica gel by titration of a water sus- 
pension of the gel with a 0.1 M NaOH solution. The acid content of the gel should 
be in the range of 16-20% by weight. 


Nitration of Phenol 

















REACTION 
OH OH OH OH 
O2=O™-C 
SiO,*HNO, 
- + 
NO, 
EXPERIMENTAL PROCEDURE 
Estimated time to complete the experiment: 2.0 h. 
Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) 
Phenol 94.11 240 mg 2.55 40.5-41.5 182 
SiOz - HNO; 1.0 g 
Methylene chloride 5 mL 40 








Reagents and Equipment. Weigh and add 240 mg (2.55 mmol) of phenol 
to a 10-mL round-bottom flask containing a stir bar. Now add 5 mL of meth- 
ylene chloride. To this solution, weigh and add 1.0 g of nitrated silica gel 
(~16% HNO.,). Attach the flask to an air condenser (m). 





CAUTION: Phenol is highly toxic and corrosive. Prevent contact with 
eyes and skin. It is best dispensed by warming the container of phe- 
nol in a warm water bath and then using an automatic delivery pipet. 
This should be done in the hood. 





4 10-mL RB flask 
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HOOD 


Reaction Conditions. Stir the resulting mixture at room temperature for 5 min. 


Isolation of Product. Separate the silica gel from the reaction mixture by 
gravity filtration through a filter funnel containing a small plug of glass wool. 
Collect the filtrate in a 10-mL Erlenmeyer flask containing a boiling stone. 
Wash the collected silica gel with two 0.5-mL portions of methylene chloride, 
and collect these washings in the same Erlenmeyer flask. 

Concentrate the filtrate to a volume of about 1.0 mL using a warm sand 
bath under a slow stream of nitrogen in the hood. 

Use thin-layer chromatography to obtain an analysis of the product mix- 
ture (see Prior Reading). Use methylene chloride as the elution solvent, silica 
gel (with a fluorescent indicator) as the stationary phase, and UV light for vi- 
sualization. Typical Ryvalues are 0.04 for 4-nitrophenol, 0.15 for phenol, and 
0.58 for 2-nitrophenol. 


NOTE. 2,4-Dinitrophenol has a typical R¢ value of 0.33 under the chromatogra- 
phy conditions above; it is not usually formed under these reaction conditions. 


Characterization and Purification. Column chromatography is now used 
to separate the mixture of products. Pack (dry) a 1.0-cm-diameter buret col- 
umn with 7.5 g of activated silica gel. Place the above product solution on the 
column using a Pasteur pipet and then elute the column with 25 mL of 60:40 
methylene chloride/pentane solvent. Collect the first 20 mL of eluate in a tared 
25-mL Erlenmeyer flask. Concentrate this fraction to dryness in a warm sand 
bath under a slow steam of nitrogen to isolate the 2-nitrophenol. Weigh the 
product. 

Now elute the column with about 30 mL of 1:1 ethyl acetate/methylene 
chloride solvent. Collect the first 20 mL of eluate in a tared 25-mL Erlenmeyer 
flask containing a boiling stone. Concentrate this fraction as above to a volume 
of about 2 mL. Use thin-layer chromatography to determine the purity of the 
product (see conditions outlined above). The main constituent of this fraction 
is 4-nitrophenol. However, the presence of unreacted phenol or possibly 
quinone is often detected. Now concentrate the product solution to dryness 
and weigh the 4-nitrophenol isolated. 

If the TLC analysis indicates impurity, 4-nitrophenol may be purified as 
follows. Dissolve the solid residue in 7 mL of saturated sodium bicarbonate 
solution and transfer the resulting solution to a 15-mL centrifuge tube. Extract 
this solution twice with 2-mL portions of methylene chloride (a Vortex mixer 
may be used to good advantage here). Remove the methylene chloride layers 
using a Pasteur pipet and save them (together) in a small Erlenmeyer flask un- 
til you have isolated and characterized the product. 

Cool the resulting aqueous solution in an ice bath and add 6 M HCl drop- 
wise, with mixing (glass rod or Vortex mixer), until it becomes neutral or 
slightly acidic toward litmus or pH paper. Do this step carefully. Too vigorous a 
reaction may result in loss of product. Now extract the resulting solution with 
three 2-mL portions of methylene chloride. Following each extraction, re- 
move the methylene chloride using a Pasteur filter pipet and transfer it to a 
10-mL Erlenmeyer flask. Dry the wet solution over anhydrous sodium sulfate 
and then transfer it by Pasteur filter pipet to a tared 10-mL Erlenmeyer flask 
containing a boiling stone. Concentrate this solution using a warm sand bath 
under a slow stream of nitrogen gas to yield the 4-nitrophenol product. 
Weigh the product. The purity of the material may be checked again, using 
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TLC as outlined above. It may also be recrystallized from water using the 
Craig tube, if necessary. 

To characterize the 2- and 4-nitrophenols, determine their melting points 
and obtain their infrared spectra. Compare your results to those reported in 
the literature (The Aldrich Library of IR Spectra and/or SciFinder Scholar). 


Chemical Tests. Chemical classification tests (see Chapter 9) are also of value 
to establish the identity of these compounds. Perform the ferric chloride test 
for phenols. Is a positive result obtained for each compound? Does the 
sodium fusion test detect the presence of nitrogen? The test for nitro groups 
might also be performed. The phenyl- or a-naphthylurethane derivatives of 
the phenols may be prepared to further establish their identity (see Chap- 
ter 9, Preparation of Derivatives). 


QUESTIONS 


6-186. Predict the most likely mononitration product from each of the following compounds. Explain the reasons for 
your choice. 


CF, CH(CH;), NO, Br 
(a) (b) (c) (d) 
CH; CH, C—OC,H, 
CH, . 
OCH, CH; 
SS 
(e) (f) CH3  @ || (h) 
Zz CH; 
H,C N 
O* ~CH; O 


6-187. Write equations to show how nitronium ions might be formed using a mixture of nitric and sulfuric acids. 
6-188. Which ring of phenyl benzoate would you expect to undergo nitration more readily? Explain. 


OL-O 


Phenyl benzoate 


6-189. Arrange the following compounds in order of increasing reactivity toward nitration. Explain. 
(a) Acetanilide 
(b) Acetophenone 
(c) Bromobenzene 
(d) Toluene 

6-190. Offer a reasonable explanation of why nitration of 1,4-dichlorobenzene yields the mononitro derivative while 
N,N’-diacetyl-1,4-phenylenediamine forms the dinitro compound. 

6-191. Explain why p-nitrophenol is a stronger acid than phenol itself. Would p-methoxyphenol be a stronger or weaker 
acid than phenol? Explain. 
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BIBLIOGRAPHY 


Related to anhydrous nitric acid: These references are selected from a large number of exam- 


Stern, S. A.; Mullhaupt, J.T.; Kay, W. B. Chem. Rev. 1960, 60, 185. ples of nitration given in Organic Syntheses. None of these 
examples uses anhydrous nitric acid or the nitrated silica gel 


as the nitrating agent. 


B , C.E.; Cook, C. D. O: ic Syntheses; Wiley: New York, 
Cheronis, N. D.; Entrikin, J. B. Semimicro Qualitative Organic ere eats p. a ia ee 


Analysis; Crowell: New York, 1947, p. 258. Fanta, P. E.; Tarbell, D. S. Organic Syntheses; Wiley: New York, 


The preparation used in this experiment is an adaptation of 
that reported by 


The preparation of the nitrated silica gel was adapted from 1955; Collect. Vol. IIL, p. 661. 

that reported by Fetscher, C. A. Organic Syntheses; Wiley: New York, 1963; Collect. 

Tapia, R.; Torres, G.; Valderrama, J. A. Synth. Commun. 1986, 16, 681. : Nol, p25; . . 

. a . ; Fitch, H. M. Organic Syntheses; Wiley: New York, 1955; Collect. 

For a general review of nitration of aromatic species see Vol. IIL, p. 658. 

Olah, G. A.; Malhotra, R.; Narang, S. C. Nitration: Methods and Howard, J. C. Organic Syntheses; Wiley: New York, 1963; Collect. 
Mechanism; VCH: New York, 1989. Vol. IV, p. 42. 

Schefield, K. Aromatic Nitration; Cambridge Univ. Press: New Huntress, E. H.; Shriner, R. L. Organic Syntheses; Wiley: New York, 
York, 1980. 1943; Collect. Vol. IL, p. 459. 

Smith, M. B.; March. J. Advanced Organic Chemistry, 6th ed.; Mendenhall, G. D.; Smith, P. A. S. Organic Syntheses; Wiley: New 
Wiley-Interscience: New York, 2007, Chap. 11, p. 685. York, 1973; Collect. Vol. V, p. 829. 
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Nucleophilic Aromatic Substitution: 
2,4-Dinitrophenylthiocyanate 


Common name: 2,4-dinitrophenylthiocyanate 
CA number: [1594-56-5] 
CA name as indexed: thiocyanic acid, 2,4-dinitrophenyl ester 


Purpose. The conditions under which a specific type of nucleophilic aro- 
matic substitution reaction can occur are investigated. You will carry out 
the conversion in a two-phase solvent system through the use of a phase- 
transfer catalyst. The experiment is an example of nucleophilic aromatic 
substitution on an aromatic ring having two strongly electron-withdrawing 
substituents. In this experiment, a bromine substituent (leaving group) is 
replaced by a thiocyanate, —S—-C=N, group (nucleophile). 


Prior Reading 


Technique 4: Solvent Extraction 

Liquid—Liquid Extraction (p. 72) 

Drying of the Wet Organic Layer (pp. 80-83) 
Technique 5: Crystallization 

Craig Tube Crystallization (pp. 89-91) 
Technique 6: Chromatography 

Column Chromatography (pp. 92-95) 

Concentration of Solutions (pp. 101-104) 
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REACTION 

Br SCN 

NO, NO, 
KSCN toluene 
7 N(GHyN* Br 
Potassium 
NO, thiocyanate N O, 
2,4-Dinitrobromobenzene 2,4-Dinitrophenyl 
thiocyanate 

DISCUSSION 


Nucleophilic aromatic substitution reactions generally take place only if acti- 
vating groups are present at the positions ortho and/or para to a good leaving 
group. Activating groups, in this case, are groups that are electron withdraw- 
ing and render the aromatic ring more electron-deficient, and thus more sus- 
ceptible to nucleophilic attack. On the other hand, t-electron donating 
eroups hinder the reaction. Groups such as —NO, —SO,CH3, — * N(CH3)3, 

CF;, —CN, —SO3 , —Br, —Cl, —I, —COz , especially if one — NO, 
group is already present, are strongly activating. These groups not only make 
the ring more susceptible to nucleophilic attack, they assist in the resonance 
stabilization of the intermediate cyclohexadienyl anion. In the reaction 
illustrated in this experiment, two nitro groups are present on the ring, both 
ortho and para to the departing bromine substituent. While functional groups 
containing a carbonyl group do, in principle, activate the aromatic ring toward 
nucleophilic attack, the carbonyl groups themselves are usually more likely to 
react with a nucleophile than is the aromatic ring. 

The conditions under which this reaction is conducted lend themselves to 
the use of phase-transfer catalysis. The system involves two phases: the aque- 
ous phase and the organic phase (toluene). The phase-transfer catalyst plays a 
very important role. As an ammonium cation, it carries the SCN ion from the 
aqueous phase into the organic phase where the substitution reaction then oc- 
curs. The product and the corresponding bromide salt of the phase-transfer 
catalyst are produced in this conversion. The bromide salt of the phase-transfer 
catalyst then migrates back into the aqueous phase, and the process repeats it- 
self. The catalyst can play this role since the large organic groups (the four 
butyl groups) increase the solubility of the phase-transfer catalyst in the 
organic phase, while the charged ionic center of the catalyst renders it water 
soluble. Phase-transfer catalysts can also be used in many other reactions, in- 
cluding the preparation of ethers by the Williamson method (see Experiments 
[22A] and [22B]), and the Horner-Wadsworth-Emmons modification of the 
Wittig reaction (see Experiments [19B] and [19D]). 

The reaction in this experiment proceeds by an addition—elimination 
two-step sequence, of which the first step is generally rate determining. A tetra- 
hedral intermediate (cyclohexadienyl anion) is formed by the attack of the nu- 
cleophile on the carbon atom to which the leaving group is attached. In the 
subsequent step, the leaving group then departs with its bonding electrons, re- 
generating the aromatic system. It is important to note that, in contrast to nu- 
cleophilic substitution reactions on alkyl carbon atoms, the reaction does not 
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thermometer 





2,4-(NO2),CgHBr, 50 me 
+C,H,CH,, 350 pL + 
Bu,N* Br, 5 mg + 
50% aqueous KSCN, 150 pL 


HOOD 


proceed by an Sx2 mechanism, as in this case an intermediate is formed. The 
mechanism is outlined on the next page. 




















Br Br) SCN SCN 
NO, \ NO, NO, 
+ SCN —~> —_ ,Br- 
Nc rN Nz 
OS YO QF Qe Om 0 
EXPERIMENTAL PROCEDURE 
Estimated time to complete the reaction: 2.0 h. 
Physical Properties of Reactants and Product 
Compound MW Amount mmol mp(°C) _ bp (°C) 
2,4-Dinitrobromobenzene 247.01 50 mg 0.20 75 
Tetrabutylammonium 
bromide 322.38 5 mg 0.02 103-104 
Aqueous potassium 
thiocyanate (50%) 150 pL 
Toluene 92.15 350 wL 111 
2,4-Dinitrophenyl- 
thiocyanate 244 138-139 











Reagents and Equipment. Assemble a 3.0-mL conical vial containing a 
magnetic spin vane and equipped with a reflux condenser. Weigh and place 
in the vial 50 mg (0.20 mmol) of 2,4-dinitrobromobenzene followed by 350 wL 
of toluene («). To this solution add 5.0 mg (0.02 mmol) of tetrabutylammo- 
nium bromide and 150 wL of a 50% aqueous potassium thiocyanate (wt/wt) 
solution. 





CAUTION: Tetrabutylammonium bromide is an irritant. Handle 
with care! It is also hygroscopic and should be protected from mois- 
ture prior to its use. Dispense the toluene and the thiocyanate solu- 
tion in the hood using automatic delivery pipets. 





Reaction Conditions. Heat the resulting mixture at a sand bath tempera- 
ture of 100 °C with stirring for 1 h. Allow the solution to cool to room tem- 
perature. 


Isolation of Product. Use a Pasteur filter pipe to separate the toluene layer 
from the aqueous layer (saving both layers) and place the toluene layer in a 
3.0-mL capped vial. Extract the toluene layer with two 1.0-mL portions of 
water and combine the water extracts with the original water layer you saved. 
Now extract the combined aqueous layers with two 0.5-mL portions of 
toluene, and combine these toluene extracts with the original toluene layer. 
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NOTE. The volumes of liquid used in the extraction are measured using calibrated 
Pasteur pipets. For each extraction, shake the vial, vent it carefully, and allow the 
layers to separate. The transfers are made using Pasteur filter pipets. 





Transfer the toluene solution by Pasteur pipet to a Pasteur filter pipet mi- 
crocolumn containing 700 mg of anhydrous sodium sulfate previously wetted HOOD 
with toluene (m). Allow the solution to elute through the column, and collect 
the dried toluene eluate in a 10-mL Erlenmeyer flask containing a boiling 
stone. Concentrate this solution by warming in a sand bath under a gentle 
stream of nitrogen gas in the hood. A yellow, solid product is obtained. HOOD 





Anhydrous 
Nap30,, 700 mg 


Purification and Characterization. The product is generally nearly pure. 
Re-crystallize the material from chloroform, using a Craig tube, if desired. 





. , . j Toluene solution 
CAUTION: Chloroform is toxic! Dispense and use only in the hood. with substitution product, 


Do not breathe the vapors. ~ 1.0 mL 





Weigh the dried product and calculate the percent yield. Determine the melt- 
ing point and compare it with that listed in the Reagent and Product table. Ob- 
tain an IR spectrum and compare your result to that of an authentic sample, or to 
one in the literature (The Aldrich Library of IR Spectra and/or SciFinder Scholar) 


2,4-Dinitrophenylthiocyanate: Preparation Using a 
Monomode Microwave Apparatus 


EXPERIMENTAL PROCEDURE M 


Estimated time to complete the experiment: 1 h. 














Compound MW Amount mmol mp (°C) bp (°C) 
1-Bromo-2,4-dinitrobenzene 247.01 67 mg 0.27 71-73 

Aqueous potassium thiocyanate (50%) 0.2 mL 

Ethanol 276 0.8 mL 78 
2,4-Dinitrophenylthiocyanate 244 138-139 





Reagents and Equipment. This experiment is designed for use in the CEM 
Discover and Biotage Initator microwave units. 

In a 10.0-mL glass microwave reaction vessel containing a magnetic stir 
bar, add 67 mg (0.27 mmol) of 2,4-dinitrobromobenzene, 0.2 mL of 50% aque- 
ous potassium thiocyanate (wt/wt) solution, and 0.8 mL of ethanol. Immedi- 
ately cap the vessel with the microwave pressure cap. 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 
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HOOD 


Compound 





1-Bromo-2,4-dinitrobenzene 
Aqueous potassium thiocyanate (50%) 


Ethanol 


2,4-Dinitrophenylthiocyanate 





CAUTION: Dispense the potassium thiocyanate solution in the hood 
using an automatic delivery pipet. Since the reaction requires heating the 
reaction mixture to above the boiling point of some components in sealed 
vessels, adherence to the microwave manufacturer's guidelines is essential. 


Reaction Conditions. Place the reaction vessel in the microwave cavity and, 
depending on the equipment used, position the pressure device on top. Program 
the microwave unit to heat the reaction mixture to 125 °C and hold at this 
temperature for 5 min. After heating, allow the reaction mixture to cool to 
50 °C or below before removing the tube from the microwave unit. Allow the 
resulting solution to cool to room temperature and then place it in an ice bath 
for a 10-min period to complete the crystallization of the product. 


Isolation of Product. Collect the yellow crystals by vacuum filtration using 
a Hirsch funnel and wash the filter cake with cold 95% ethanol (1-2 mL). Par- 
tially dry the filter cake under suction. Transfer the filtered, washed, and par- 
tially dried product to a porous clay plate or filter paper to complete drying. 


Characterization. Weigh the dried product and calculate the percent yield. 
Determine the melting point and compare it with the list in the Reagent and 
Product table. Obtain an IR spectrum of your product, and compare it to that 
of an authentic sample, or to the spectrum shown in the literature (The Aldrich 
Library of IR Spectra and/or SciFinder Scholar). 


2,4-Dinitrophenylthiocyanate: Preparation Using a 
Multimode Microwave Apparatus 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1 h. 


MW 
247.01 


mmol 


1.20 


Amount 
296 mg 


1.0 mL 
4 mL 


mp (°C) 
71-73 


bp (°C) 


276 
244 


78 





138-139 





Reagents and Equipment. This experiment is designed for use in the CEM 
MARS, Milestone START, and Anton Paar Synthos 3000 microwave units. 
When using the Anton Paar Synthos 3000 unit with the 24-position silicon 
carbide plate rotor containing glass vials, the reagent and solvent quantities 
cited in the monomode procedure should be used in conjunction with the re- 
action conditions here in the multimode procedure. 

In a microwave reaction vessel containing a magnetic stir bar, add 296 mg 
(1.2 mmol) of 2,4-dinitrobromobenzene, 1.0 mL of 50% aqueous potassium 


“This section has been written by Dr. Nicholas E. Leadbeater from the Department of 
Chemistry at the University of Connecticut, and Dr. Cynthia B. McGowan from the 
Department of Chemistry at Merrimack College, MA. 
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thiocyanate (wt/wt) solution, and 4.0 mL of ethanol. Immediately cap the vessel 
with the microwave pressure cap and adjust the tightness to the manufacturer- 
specified level. Place the sealed vessel into its outer protective jacket. 


CAUTION: Dispense the potassium thiocyanate solution in the hood HOOD 
using an automatic delivery pipet. Since the reaction requires heating the 

reaction mixture to above the boiling point of some components in sealed 

vessels, adherence to the microwave manufacturer's guidelines is essential. 





Reaction Conditions. Insert the loaded vessels into the reaction carousel en- 
suring they are evenly spaced and then place the carousel into the microwave 
cavity. If provided by the manufacturer, connect a temperature probe to the con- 
trol vessel. Program the microwave unit to heat the reaction vessels to 125 °C 
and hold at this temperature for 5 min. After heating, allow the reaction mix- 
ture to cool to 50 °C or below before removing the carousel from the microwave 
unit. Allow the resulting solution to cool to room temperature and then place it 
in an ice bath for 10 min to complete the crystallization of the product. 


Isolation of Product. Collect the yellow crystals by vacuum filtration using 
a Hirsch funnel and wash the filter cake with cold 95% ethanol (3-5 mL). Par- 
tially dry the filter cake under suction. Transfer the filtered, washed and par- 
tially dried product to a porous clay plate or filter paper to complete drying. 


Characterization. Weigh the dried product and calculate the percent yield. 
Determine the melting point and compare it with the list in the Reagent and 
Product table. Obtain an IR spectrum of your product, and compare it to that 
of an authentic sample, or to the spectrum shown in the literature (The Aldrich 
Library of IR Spectra and/or SciFinder Scholar). 


QUESTIONS 


6-192. Explain why the first reaction below requires substantially more vigorous reaction conditions than the second reaction: 


:OH Cl 
NaOH _NaOH (7%) | NaOH _NaOH (15%) | 
350 350°C : 160 wore 
31,000 kPa 
NO, 


6-193. Explain why the intermediate cyclohexadieny] anion in the icugite aromatic substitution reaction (see Discussion 
section) is not aromatic, even though it has the same number of 7 electrons (6) as the starting benzene derivative. 


6-194. Complete each of the following reactions and name the expected product of each: 


Br “ 
(b) oN cl + « )-on One 


NO, 
‘CJ- 


oO 
N F 7 CH CH,),NH 
= + as 
NO, Piperidine o 2 ( a) 


6-195. Compare the potential energy diagram of an Sy2 substitution reaction on an aliphatic halide to that of the 


nucleophilic substitution reaction carried out in this experiment. Discuss the main differences in the diagrams 


in terms of the mechanisms. 


6-196. Would you expect the rate of the reaction in this experiment to depend on the concentrations of both the 
thiocyanate ion and 2,4-dinitrobromobenzene? Explain. 
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6-197. Show the intermediates, including all the resonance hybrid structures for the cyclohexadieny] anion, that are 
formed in the following aromatic nucleophilic substitution reactions: 


:OCH, :OCH,CH, 


O,N NO} ae O,N NO, + = 
K,:OC,Hs K,:OCH, 
= 4 __> 


NO, NO, 


6-198. On workup of each of the reactions given in Question 6-197, what product(s) would you expect to form? If more 
than one, indicate their relative amounts. 


BIBLIOGRAPHY 
Selected examples of nucleophilic aromatic substitution reac- | Kharasch, N.; Langford, R. B. Organic Syntheses; Wiley: New York, 
tions in Organic Syntheses include 1973; Collect. Vol. V, p. 474. 


Brewster, R. Q.; Groening, T. Organic Syntheses; Wiley: New York, Reverdin, F. Organic Syntheses; Wiley: New York, 1941; Collect. 


1943; Collect. Vol. IL, p. 445. Vol. I, p. 219. . 
Bunnett, J. F.; Conner, R. M. Organic Syntheses; Wiley: New York, Sahyun, M. R.V.; Cram, D. J. Organic Syntheses; Wiley: New York, 


1973; Collect. Vol.V, p. 478. 1973; Collect.Vol.V, p.926. 
Hartman, W. W. Organic Syntheses;; Wiley: New York, 1941; Skorcz, J. A.; Kuminski, F. E. Organic Syntheses; Wiley: New York, 
Collect. Vol. I, p. 175. 1973; Collect. Vol. V, p- 263. 


Hartman, W. W.; Byers, J. R.; Dickey, J. B. Organic Syntheses; Wiley: Smith M. B.; March. J. Advanced Organic Chemistry, 6th ed.; 
NewYork, 1943; Collect.Vol. II, p. 451. Wiley-Interscience: New York, 2007, Chap. 13, p. 870. 


Halogenation Using N-Bromosuccinimide: 
9-Bromoanthracene 


Common name: 9-bromoanthracene 
CA number: [1564-64-3] 
CA name as indexed: anthracene, 9-bromo- 


Purpose. A free radical halogenation reaction is run using N-bromosuccinimide 
(NBS), a highly specific brominating agent. This material has the advantage 
that it is a solid and is therefore easier to handle than bromine, which is a 
toxic liquid. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 


REACTION 
9 
H co Pe es. 
+ eae 
Hy Cw * Hy a 
10 
Anthracene tees enade 9-Bromoanthracene Suscintnade 
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DISCUSSION 


N-Bromosuccinimide (NBS) is a highly specific brominating agent. When this 
reagent is used, anthracene is brominated in the 9-position. N-Bromosuccinimide 
may also be used to brominate positions a to (1) a carbonyl group, (2) a triple 
bond, (3) an alkene (allylic position), and (4) aromatic rings (benzylic posi- 
tion). Other polynuclear hydrocarbons that have been brominated using NBS 
include naphthalene, phenanthrene, and acenaphthene. 

In the preparation of 9-bromoanthracene, the reaction progress is easily 
followed, since NBS (a reactant) and succinimide (a product) are both nearly 
insoluble in carbon tetrachloride. The NBS is more dense than the carbon 
tetrachloride solvent, and as the reaction proceeds this solid disappears from 
the bottom of the reaction flask and the less dense succinimide forms and 
floats on the surface of the reaction solution. 

Free radicals have been identified in the mechanism of bromination using 
N-bromosuccinimide. In fact, the reaction proceeds only under conditions likely 
to produce radicals: photochemical conditions, by heating, or in the presence of 
a free radical initiator. The NBS reagent provides a steady source of small 
amounts of Br» via the rapid reaction of NBS with traces of hydrogen bromide. 

The initiation step in bromination with NBS is the formation of a bromine 
radical by the homolytic dissociation of the Br2 molecule. 


Initiation Step 


h 
v Or <0 te 





B 
? “free radical initiators 
The bromine radical then abstracts a hydrogen atom from the 9-position 
of the anthracene. 


Propagation Step 


H 


The HBr so formed then reacts with NBS to produce a bromine molecule 
and succinimide: 
O° O° 
HA HB PG 
—— 
Hcy es HC 
O; O; 
The Br> molecule then reacts with the anthracenyl radical formed above to 
yield the product and a bromine radical: 


NH + Br, 


Br 


This bromine radical starts the sequence over again. That is, a chain reaction 
is initiated. In the present reaction, a trace amount of an iodine-carbon tetrachlo- 
ride solution is added to the reaction mixture. The iodine acts as a moderator or a 
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thermometer 


Speed 


Heat 


Ged 


HOOD 


Anthracene, 50 mg 


+ NBS, 50 meg 
+ CCl,, 0.4 mL 


+ 


Ip- CCL, 1 drop 





Cyclohexane, 2.0 mL + 
CCl, 0.4 mL + 
9-bromoanthracene 
product 


HOOD 


Succinimide product 


collected here 


retarder in the reaction (see Dauben et al. in the Bibliography section), and thus 
only the monobrominated product is formed; 9,10-dibromoanthracene is not 
generated under these conditions. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.0 h. 














Physical Properties of Reactants 

Compound MW Amount mmol mp(°C) — bp (C) 
Anthracene 178.24 50 mg 0.28 216 
N-Bromosuccinimide 177.99 50 mg 0.28 180-183 

Carbon tetrachloride 153.82 0.4 mL 77 
Todine—CCl, solution 1 drop 





Reagents and Equipment. Weigh and add 50.0 mg (0.28 mmol) of an- 
thracene and 50 mg (0.28 mmol) of N-bromosuccinimide to a 3.0-mL conical 
vial containing a magnetic spin vane. To this mixture add 0.4 mL of carbon 
tetrachloride followed by one drop of I,-CCl, solution delivered from a Pasteur 


pipet. 





CAUTION: Carbon tetrachloride is a cancer suspect agent. Dispense 
it in the hood using an automatic delivery pipet. 





Attach the vial to a reflux condenser fitted with a calcium chloride drying 
tube («). 


INSTRUCTOR PREPARATION I,-CCL4, SOLUTION. Iodine (0.2 g, 0.01 mol) 
is dissolved in 10 mL of carbon tetrachloride. Place the solution in a hood for 
student use. 


Reaction Conditions. Heat the reaction mixture, with stirring, to reflux in a 
sand bath at 85-95 °C for 1 h. During this time the solution turns brown and 
crystals of succinimide appear at the surface of the reaction solution. 


Isolation of Product. Collect the succinimide product by vacuum filtration of 
the warm solution using a Hirsch funnel (#). Wash the filter cake of succinimide 
with three or four 0.5-mL portions of cyclohexane from a calibrated Pasteur 
pipet. Combine the washings with the original filtrate. 

Concentrate the filtrate to dryness in a hood under reduced pressure to 
obtain yellow-green crystals of 9-bromoanthracene. Accelerate evaporation of 
the solvent by immersing the flask in warm water. 


Purification and Characterization. Weigh the air-dried succinimide and 
calculate the percent yield. Determine the melting point and compare your 
value to that in the literature. Obtain an IR spectrum and compare your spec- 
trum with that shown in the literature (The Aldrich Library of IR Spectra and/or 
SciFinder Scholar). 

The crude 9-bromoanthracene is purified by recrystallization from 95% 
ethanol using the Craig tube. Weigh the dried product and calculate the percent 
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yield. Determine the melting point and compare your result with that listed in 
the literature. 


Chemical Tests. The ignition test should establish the presence of the aro- 
matic nature of the substituted anthracene compound. Does the Beilstein test 
indicate the presence of a halogen? 


QUESTIONS 


6-199. Predict and give a suitable name for the product(s) formed in the following reactions with NBS: 


Col, 
(a) 1-Propene + NBS ares 


CCl, 
(b) Cc] + NBS ae ta 





CCl 
(c) CH,;CH,CH,—CH=CH—CH, + NBS ——> 
CH, 
ccl, 
(d) l ( + NBS > 
S 

CCl 
(e) + NBS ——> 

hv 


6-200. When 1-octene is treated with NBS, three monobromo straight-chain alkenes with the molecular formula CgH5Br 
are isolated from the reaction mixture. Identify these compounds and give each a suitable name. 

6-201. Benzyl bromide (CsH;CH,Br) can be prepared by treating toluene with NBS in the presence of a peroxide initiator. 
Suggest a suitable mechanism to account for this reaction. 

6-202. The benzyl radical has unusual stability. Account for this fact by drawing appropriate resonance structures. 


Ou 


6-203. Suggest a suitable mechanism for the following reaction: 


Br Br Br ‘O° 
+ 
= peroxide . 
+ NBS +———> + + + ‘NH 
* 
\ 
“= 18C label 50% 25% 25% 
BIBLIOGRAPHY 
Dauben, H. J. Jr.; McCoy, L. L. J: Am. Chem. Soc. 1959, 81, 4863. For an overview of the scope of the reaction see 
Djerassi, C. Chem. Rev. 1948, 43, 271. Smith, M. B.; March. J. Advanced Organic Chemistry, 6th ed.; 
Horner, L.; Winkelmann, E. H. Angew. Chem. 1959, 71, 349. Wiley-Interscience: New York, 2007, Chap. 11, p. 699. 
Horner, L.; Winkelmann, E. H. Newer Methods Prep. Org. Chem. Also see Mauthen, H. A. J. Org. Chem. 1992, 57, 2740 for alternative 
1964, 3, 151. brominating agents. 
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Brominations in Organic Syntheses using NBS: Greenwood, F. L.; Kellert, M. D.; Sedlak, J. Organic Syntheses; 


Amat, M.; Hadida, S.; Sathyanarayana, S.; Bosch, J. Organic Wiley: New York, 1963; Collect. Vol. IV, p. 108. 
Syntheses 1997, 74, 248. Kalir, A. Organic Syntheses; Wiley: New York, 1973; Collect. 


Campaigne, E.; Tullar, B. F. Organic Syntheses; Wiley: New York, Vol.V, p. 825. 
1963; Collect. Vol. IV, p. 921. Nakagawa, N.; Saegusa, J.; Tomozuka, M.; Ohi, M.; Kiuchi, M.; 
Corbin, T. F.; Hahn, R. C.; Schechter, H. Organic Syntheses; Wiley: Hino, T.; Ban, Y. Organic Syntheses; Wiley: New York, 1988; 
NewYork, 1973; Collect. Vol.V, p. 328. Collect. Vol. VI, p. 462. 


Hypochlorite Oxidation of an Alcohol: 
Cyclohexanone 


Common name: cyclohexanone 
CA number: [108-94-1] 
CA name as indexed: cyclohexanone 


Purpose. The oxidation of a secondary alcohol to a ketone is explored using 
the hypochlorite reagent. Steam distillation is used to separate the product 
from the reaction mixture and chromatographic techniques are used to purify 
and isolate the cyclohexanone product. 


Prior Reading 


Technique 1: Gas Chromatography (pp. 55-61) 
Technique 2: Simple Distillation (pp. 61-64) 
www Steam Distillation 

Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Drying of the Wet Organic Layer (pp. 80-83) 
Salting Out (p. 79) 

Technique 6A: Thin-Layer Chromatography (pp. 97-99) 


REACTION 
:OH o 
CH,CO,H 
NaOCcl 
Cyclohexanol Cyclohexanone 
DISCUSSION 


Sodium hypochlorite solutions (1.8—2.0 M) sold as liquid bleach are often de- 
scribed as having 11.5-12.5% available chlorine. The term “available chlorine” 
compares the oxidizing capacity of the solution relative to that of the same 
weight of chlorine, Cl». 
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Sodium hypochlorite solutions are used extensively in swimming pool san- 
itation and as a bleach in the pulp and textile industries. A less-concentrated 
product (5% available chlorine) is used in laundries and as household bleach. 
Consumption statistics for 1982 indicate that 210 x 10° tons of sodium 
hypochlorite were consumed in the United States alone. World consumption of 
sodium hypochlorite for household use is estimated to be 426 X 10° metric tons 
annually in 2005. The reaction described in this experiment illustrates the use 
of liquid bleach (11.5-12.5% available chlorine) as an oxidizing agent in the 
organic laboratory. 

Sodium hypochlorite is prepared commercially by passing chlorine gas 
through a solution of aqueous sodium hydroxide: 


Cl, + NaOH = > NaOCl + NaCl 


The actual oxidizing agent in the present experiment is the chloronium ion 
(Cl*), which is reduced in the reaction to chloride ion (C1). The cyclohexanol 
acts as a reducing agent, and thus becomes oxidized to cyclohexanone: 


OH OCI 
CX eC1O Na —- . + OH, Nat 
H H 
ORS ve —Ox 
y + JOH —> O. + HOH + Cl” 
ad 


Chromium-based oxidants are commonly used to accomplish these 
transformations in the research laboratory (see Experiments [33A] and 
[E1]); the hypochlorite oxidation presents an opportunity to perform an ox- 
idation using the much less costly and much less toxic hypochlorite solution 
as the oxidant. 

In this experiment, a Hickman still is used to isolate the crude cyclo- 
hexanone product from the reaction mixture in an example of the steam 
distillation technique (see Prior Reading). The crude mixture collected in 
the collar of the still consists of cyclohexanone, water, and acetic acid. If any 
unreacted cyclohexanol is present in this mixture, it is removed in the subse- 
quent chromatographic purification sequence using alumina. Gas chromato- 
graphic analysis may be used to determine the purity of the cyclohexanone 
product. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 3.0 h. 














Physical Properties of Reactants 
Compound MW Amount mmol _ bp (°C) d Np 
Cyclohexanol 100.16 100 mg 1.0 161 0.96 1.4641 
Glacial acetic acid 60.05 250 wL 118 
Sodium hypochlorite 

soln (~12.5% 

available chlorine) 2 mL 
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Reagents and Equipment. Weigh and place 100 mg (1.0 mmol) of cyclo- 
hexanol in a 5.0-mL conical vial containing a magnetic spin vane. Add 250 wL 
of glacial acetic acid and then attach the vial to a Hickman still (). Dispense 
the glacial acetic acid in the hood by use of an automatic delivery pipet. 

Cool the resulting solution in an ice bath and add dropwise, with stirring, 
2.0 mL of aqueous sodium hypochlorite (NaOCl) solution (~12.5% available 
chlorine, 1.8—2.0 M) by use of a graduated pipet. Remove the ice bath follow- 
ing the addition. Add the NaOCl solution by inserting the pipet down the neck of 
the still just into the throat of the vial. 


NOTE. Solid calcium hypochlorite (65% available chlorine) may be used as a 
source of oxidant in place of the sodium hypochlorite solution. 


Reaction Condition. After 30 min, begin monitoring the reaction mix- 
ture by TLC. Using as a solvent system ethyl acetate:hexane (1:4), the Ry 
value of cyclohexanone is 0.6 (Ry value of cyclohexanol is 0.4) when stained 
with a solution of p-anisaldehyde (135 mL ethanol : 5 mL H,SO,: 1.5 mL 
glacial acetic acid : 3.7 mL p-anisaldehyde). If incomplete as judged by TLC, 
maintain an excess of hypochlorite oxidizing agent for an additional 30 min and 
check for the disappearance of starting material by TLC. Overoxidation is not 
likely. Monitor the aqueous layer periodically using KI-starch paper. If a positive 
test is not obtained (the paper should turn blue if an oxidant is present), add ad- 
ditional sodium hypochlorite solution (1-3 drops) to ensure that an excess of the 
oxidizing agent is present. Use a Pasteur pipet inserted down the neck of the still 
to add the reagent and a clean pipet to remove a drop of solution for testing with 
KI-starch paper. 


Isolation of Product. Using a Pasteur pipet, add a saturated, aqueous 
sodium bisulfite solution dropwise to the reaction mixture until the solution 
gives a negative KI-starch test. 

Separate the crude product from the reaction mixture by steam distillation. 
With stirring, heat the mixture in a sand bath at a temperature of 120-130 °C (). 
Collect the first 0.5-1.0 mL of distillate in the ring collar of the condenser. Us- 
ing a Pasteur pipet, transfer this material to a 3.0-mL conical vial containing a 
spin vane and remove the heat from the still pot. After the distillation appara- 
tus has cooled, rinse the condenser collar with 0.5 mL of diethyl ether and also 
transfer this rinse to the conical vial. 


NOTE. The distillate collected in the condenser collar consists of cyclohexanone, 
water, and acetic acid. 


To neutralize the acetic acid present in the separated product mixture, add 
anhydrous sodium carbonate (~100 mg) in small portions, with stirring, to 
the solution until evolution of CO, gas ceases. Now add 50 mg of NaCl to the 
mixture. The resulting two-phase system is stirred until all the solid material 
dissolves. 

Use a Pasteur filter pipet to separate the ether layer containing the cyclo- 
hexanone product from the aqueous phase and transfer it to a microscale dry- 
ing and chromatography column. Assemble the column using a Pasteur filter 
pipet packed first with about 50 mg of sand, then with 300 mg of alumina (Ac- 
tivity I, see Glossary), followed by 200 mg of anhydrous magnesium sulfate (). 
Wet the column with diethyl ether before the transfer. 
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Collect the eluate in a tared 3.0-mL conical vial containing a boiling stone. 
Extract the aqueous layer remaining in the conical vial with three 0.5-mL por- 
tions of ether, and also pass each extract through the column and combine 
these fractions with the original eluate. 
Fit the 3.0-mL conical vial with an air condenser and remove the ether by 
gentle warming on a sand bath in the hood. HOOD 


Purification and Characterization. The liquid residue of cyclohexanone 
isolated upon evaporation of the ether solvent is sufficiently pure for charac- 
terization. It may be further purified by prep-GC (see below). Weigh the prod- 
uct and calculate the percent yield. 

The purity of the cyclohexanone product may be determined using gas chro- 
matographic analysis (see Prior Reading and Experiment [5A] to review this technique 
and the experimental conditions for its use). Determine the boiling point and den- 
sity of your product; compare your results to those given in the literature. 

Obtain the IR spectrum of your product and compare it with one in the lit- 
erature (The Aldrich Library of IR Spectra and/or SciFinder Scholar). 


Chemical Tests. Chemical classification tests may also be run to assist in 
the characterization of this material. The 2,4-dinitrophenylhydrazine test 
(Chapter 9) should give a positive result. Isolation of this derivative and the 
determination of its melting point would further establish the identity of the 
product as cyclohexanone. 


QUESTIONS 


6-204. In the experiment, why is a solution of sodium bisulfite added to the reaction product mixture (see Isolation of 
Product)? Write a reaction to account for what is happening. Is the bisulfite ion acting as an oxidizing or reducing 
agent? 

6-205. In the isolation of the cyclohexanone product, 50 mg of sodium chloride is added to the water—cyclohexanone— 
diethyl ether mixture. Explain how the addition of sodium chloride aids in isolation of the cyclohexanone product. 

6-206. Predict the product(s) for each of the following oxidation reactions. Give a suitable name for each reactant and 








product. 
C—CH, 
(a) 1. NaOBr 
2. Ht 
1. NaOl 
(b) CH,CH,OH >>> 
1. NaOBr 
> 


() CH; oe CH, 


-(OH 


6-207. 2,3-Dimethyl-2,3-butanediol (pinacol), upon heating in aqueous acid, rearranges to form 3,3-dimethyl-2-butanone 
(pinacolone). Suggest a mechanism for this reaction. 


6-208. What chemical tests might be used to distinguish between pentanal and 2-pentanone? Between benzyl alcohol 
and diphenylmethanol? 
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BIBLIOGRAPHY 
As a general reference for the use of sodium hypochlorite as Experiment [32] is based on work reported by 
an oxidant, see Stevens, R.V.; Chapman, K.T.; Weller, H. N. J. Org. Chem. 1980, 
Fieser, L. F; Fieser, M. Reagents for Organic Synthesis; Wiley: New 45, 2030. 
York, 1967; Vol. I, p. 1084. See also Zuczek, N. M.; Furth, P. S.J. Chem. Educ. 1981, 58, 824. 


Nohrig, J. R.; Nienhuis, D. M.; Linck, C. F.; Van Zoeren, C.; Fox, 
B.G. J. Chem. Educ. 1985, 62, 519. 


Chromium Trioxide—Resin or Hypochlorite 
Oxidation of an Alcohol: 9-Fluorenone 


Common name: 9-fluorenone 
CA number: [486-25-9] 
CA name as indexed: 9H-fluoren-9-one 


Purpose. The experiment investigates the use of a polymer-bound chromium 
trioxide oxidizing agent in the oxidation of a secondary (2°) alcohol to a ke- 
tone. An alternative oxidizing agent, sodium hypochlorite, may be used 
instead. The progress of the reaction is monitored by thin-layer chromatog- 
raphy (TLC). The product ketone can be characterized by formation of its 
2,4-dinitrophenylhydrazone (2,4-DNP) derivative. 


Prior Reading 

Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-91) 

Technique 6: Chromatography 
Thin-Layer Chromatography (pp. 97-99) 
High-Performance Liquid Chromatography (pp. 100-101) 
Concentration of Solutions (pp. 101-104) 


9-Fluorenone: CrO3 Oxidation of 9-Fluorenol 





REACTION 
H, OH ‘O° 
oO 
> 
Amberlyst resin 
9-Fluorenol 9-Fluorenone 


DISCUSSION 


This experiment illustrates the oxidation of a 2° alcohol to a ketone. The oxidizing 
agents commonly used for this purpose are sodium dichromate or chromic oxide 
in sulfuric acid. In the present case, a convenient and advantageous polymer- 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c06_376-420.qxd 11/17/09 1:43 PM Page 399 a 


EXPERIMENT 33 Chromium Trioxide—-Resin or Hypochlorite Oxidation of an Alcohol: 9-Fluorenone 399 


bound chromium trioxide reagent is used. It is not only easy to prepare, but is also 
easy to separate from the product mixture and can be recycled. Today, the use of 
polymer-bound reagents in organic synthesis is developing at a rapid pace. The 
mechanism of the oxidation is outlined here: 








—C—O—H 
| 
| H “i | | 
R—N(CH,), , ?O i" O—H > R—N(CH,),, :?O—Cr—O ‘i + H,O 
O. H 
(Chromate ester) 


Or 
A on | + ee an i 2 
C2G4C— —> R-NCH),, O—CE + HO" + O=CC 


R—N(CH,), , -O— 


O. Hs 
(Chromate ester) ‘0: (Ketone) 
H~ ~H 


As seen, the oxidation proceeds through the formation of a chromate ester. 
Note that the oxidation state of chromium, Cr(VI), at this stage remains the 
same as in the starting reagent. The second stage is equivalent to an 
E2 elimination reaction, with the water molecule acting as a base. The 
donation of an electron pair to the metal atom changes its oxidation state 
to Cr(IV). 

Note that a solution of chromic oxide in aqueous sulfuric acid (the Jones 
reagent) is used as a test reagent for 1° and 2° alcohols. A positive test is ob- 
served when the clear orange test reagent gives a greenish opaque solution 
upon addition of the alcohol (see Chapter 9). 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 3-4 h. 


INSTRUCTOR PREPARATION. Prepare the CrO 3 resin by adding 35 g of 
Amberlyst A-26 resin to a solution of 15 g of CrO3 in 100 mL of water. Stir the 
mixture for 30 min at room temperature. Then collect the resin by vacuum filtra- 
tion using a Buchner funnel and successively rinse it with water and acetone. Par- 
tially dry the material on the Buchner funnel by drawing air through the resin 
under vacuum for 1 h. Allow it to air-dry overnight. 











Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) 
9-Fluorenol 182.23 100 mg 0.55 154 

Chromic oxide—resin 500 mg 

Toluene 92.15 3.5 mL 111 











NOTE. CrOz has been listed as a known carcinogen (see The Merck Index, 12th 
ed.; 1996; p. 375, no. 2293). 
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~130 °C 
thermometer 


S-Fluorenol, 100 mg + 
CrO, resin, 500 mg 
CH,C,H., 2.5 mL, 

10-mL RB flask 


HOOD 


Reagents and Equipment. Weigh and add 100 mg (0.55 mmol) of 9-fluorenol 
to a 10-mL round-bottom flask containing a magnetic stirring bar. Add 
3.5 mL of toluene, and sample the resulting solution for TLC analysis (see 
Prior Reading). Now add 500 mg of the oxidizing resin and attach the flask 
to a reflux condenser (#). If the longest Pasteur pipet available to you will not 
reach down the condenser and allow you to sample the solution, consider 
placing a Claisen head between the condenser and the flask (using the neck 
above the bend to connect the condenser. If you do this, be sure to cap the 
other neck of the Claisen head, and be sure to open it for the minimum pos- 
sible amount of time when sampling—otherwise toluene vapors will escape 
into the air you breathe. 


Reaction Conditions. Heat the contents of the flask to reflux, with stirring, 
using a sand bath temperature of approximately 130 °C. 

Sample the solution for TLC analysis after a period of 5 min and every 
15-20 min thereafter. In this manner, the progress of the reaction may be 
monitored until the conversion is complete (~ 35-40 min). This point is 
reached when the TLC analysis shows that the 9-fluorenol has been com- 
pletely consumed. 


SUGGESTED TLC CONDITIONS. Use Eastman Kodak fluorescent silica gel 
sheets (1 X 6 cm). Elute them with methylene chloride solvent and visualize the 
spots by UV light. Determine reference Ry values for 9-fluorenol and 9-fluorenone 
using known reference samples under the same conditions. 


Isolation of Product. Cool the reaction mixture and remove the resin by 
gravity filtration through a cotton plug placed in a small funnel. Transfer the 
solution to the filter funnel using a Pasteur pipet, and collect the filtrate in a 
tared 10-mL Erlenmeyer flask containing a boiling stone. Rinse the reaction 
flask and resin with two 1.0-mL portions of methylene chloride using a cal- 
ibrated Pasteur pipet. Combine the rinse with the original filtrate. 

In the hood remove the solvent from the filtrate under a stream of nitro- 
gen by warming in a sand bath to yield a yellow colored residue of crude 
9-fluorenone product. 


Purification and Characterization. Obtain the weight of the crude prod- 
uct and calculate the percent yield. 

Recrystallize a 30- to 50-mg portion of the 9-fluorenone from hexane 
(~1.0 mL of hexane/50 mg of ketone) using a Craig tube. Determine the melt- 
ing point of this purified material and compare your data to those reported in 
the literature. Calculate the percent recovery on recrystallization. 


NOTE. High-performance liquid chromatography (see Prior Reading) is effective 
in separating the pure ketone. Use a Cig reversed-phase column and methanol—water 
as the elution solvent. 


Chemical Tests. The 2,4-dinitrophenylhydrazine test for aldehydes and 
ketones (see Chapter 9) may be done to confirm the presence of the car- 
bonyl group. The isolation of this derivative and the determination of its 
melting point (Lit. value = 283 °C) would aid in establishing the identity of 
the product. 

Does the ignition test indicate that this compound is aromatic? 
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9-Fluorenone has a characteristic UV spectrum. The following data were 
obtained at a concentration of 8.66 X 10° M (see Chapter 8, Ultraviolet-Visible 
Discussions): 
Amar248 nM(Emax = 5-27 X 104, methanol) 


Nmax255 nM(Emax = 7-83 X 104, methanol) 
Amax290 nM(Emax = 3-93 X 10°, methanol) 


9-Fluorenone: NaOCl Oxidation of 9-Fluorenol 


REACTION 
H OH O 
4 
9-Fluorenol 9-Fluorenone 
DISCUSSION 


This experiment is a further illustration of the oxidation of a 2° alcohol to a ke- 
tone. The reagent used is sodium hypochlorite solution. This reagent is also used 
in oxidation reactions described in Experiments [32] and [34A, B]. The chemistry 
of the reagent, sodium hypochlorite, is discussed in Experiment [32]. This alter- 
native reagent for the oxidation of 9-fluorenone offers a material that is cheap 
(Clorox, a household bleach), easy to handle, and environmentally safe. 

As in experiment [33A], the progress of the reaction is followed using TLC. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 3 h. 











Physical Properties of Reactants 

Compound MW Amount mmol mp(°C)_ bp (°C) 
9-Fluorenol 182.23 50mg 0.27 154 

Acetone 58.08 3 mL 56.5 
Acetic acid, glacial 60.05 120 pL 16.7 118 
Sodium hypochlorite (5.25%) 74.44 ~1.3 mL 












Room temp 


Reagents and Equipment. Weigh and add 50 mg (0.27 mmol) of 9-fluo- thermometer 
renol to a 10-mL round-bottom flask containing a magnetic stir bar. Add 3 mL 

of acetone and sample the resulting solution (2-4 wL) for TLC analysis (see Prior 

Reading). Add 120 wL of glacial acetic acid and then attach the flask to an air 

condenser (™). 





CAUTION: Dispense the glacial acetic acid in the hood by use of an HOOD 
automatic delivery pipet. This acid burns skin! 


A 10-mL RB flask 
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QUESTIONS 


6-209. Suggest a suitable mechanism for the reaction of 9-fluorenone with 2,4-dinitrophenylhydrazine to form the 
corresponding 2,4-dinitrophenylhydrazone. 


6-210. 


~) 


HOOD 


Use a graduated 1-mL pipet to slowly add, with gentle stirring, 0.4 mL of 
aqueous sodium hypochlorite solution (5.25%—commercial bleach). Add the 
NaOCl solution by inserting the pipet down the neck of the condenser just to 
the throat of the flask. 


Reaction Conditions. Gently stir the reaction mixture at room tempera- 
ture. After a period of 5 min, sample the solution (2-5 wL) for TLC analysis. 
Sample the reaction solution by inserting a 9-in. Pasteur pipet down the air 
condenser to obtain a drop of solution by capillary action. If starting material is 
present as shown by TLC analysis, add an additional 0.4 mL of the hypochlo- 
rite solution as before. Stir for 5 min and sample again. Continue this process 
until TLC analysis shows that the 9-fluorenol has been completely con- 
sumed. Approximately 1.2-1.4 mL of hypochlorite solution should be suffi- 
cient, if the reagent is fresh. 


SUGGESTED TLC CONDITIONS. Use Eastman Kodak Fluorescent silica gel 
sheets (1.0 cm X 6 cm). Elute the plates with 30% acetone/70% hexane solvent, 
and visualize the spots by UV light. R¢ values are 0.56 for 9-fluorenol and 0.80 
for 9-fluorenone. 


Isolation of Product. Using a Pasteur pipet, transfer the reaction solution 
to a stoppered 15-mL centrifuge tube. Rinse the flask with 300 wL of acetone 
and transfer the rinse to the same centrifuge tube. Extract the solution with 
two 2-mL portions of hexane. Transfer the hexane extracts (upper layer) to a 
second centrifuge tube. Wash the combined hexane extracts with one 1-mL 
portion of 5% sodium bicarbonate solution followed by one 2-mL portion of 
water. Dry the hexane solution by addition of a small amount of anhydrous 
sodium sulfate. Use a Pasteur filter pipet to transfer approximately 3.0 mL of 
the dried solution to a tared 5-mL conical vial. Concentrate the solution, 
which contains a portion of the desired product, to dryness on a warm sand 
bath under a stream of nitrogen or dry air in the hood. Transfer the remain- 
ing hexane solution to the same vial. Rinse the sodium sulfate with an addi- 
tional 1 mL of hexane and transfer this rinse to the same vial. Concentrate 
the solution as before. 


Purification and Characterization. See this section in Experiment [334A]. 


It is also possible to characterize 9-fluorenone by preparation of an oxime or semicarbazone. Formulate equations 
showing clearly the formation of these two derivatives and name each reagent used in the preparation. 


6-211. As indicated in the Discussion, a solution of chromic oxide in aqueous sulfuric acid is used as a test reagent for 


6-212. 


1° and 2° alcohols. 


(a) What is this test (consult Chapter 9)? 

(b) Predict which of the following alcohols will give a positive test with the chromic oxide reagent. Give the 
structure for each of the alcohols: 1-heptanol, 2,2,3-trimethyl-3-pentanol, cholesterol, 3-methyl-2-butanol, 
and 4-tert-butylcyclohexanol. 

There are actually two isomeric 2,4-dinitrophenylhydrazones of 2-pentanone. Draw the structures of these 


isomers. 
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6-213. 2-Pentanone, in reference to Question 6-212, also forms a derivative on treatment with semicarbazide: 


° 
N—NH—¢—NH, 





| a ae ae 
CH,CH,CH,CCH, + H,N—NH—C—NH, 


2-Pentanone Semicarbazide 


> CH,CH,CH,CCH, + H,O 


The semicarbazone 


Note that semicarbazide has two —NH) groups that might react with the carbonyl of the ketone to form the semi- 


carbazone. Explain why it reacts as depicted above. 


Experiment [33] is an adaptation of that reported by 


Wade, L. G., Jr; Stell, L. M. J. Chem. Educ. 1980, 57, 438; Experi- 
ment [33B] from the work of Jones, C. S.; Albizati, K. 
J. Chem. Educ. 1994, 71, A271. 


Introduction to the use of polymer-bound reagents: 


Hodge, P. Chem. in Britain 1978, 14, 237. 

Leznoff, C. C. Acc. Chem. Res. 1978, 1, 327. 

McKillopp, A.; Young, D. W. Synthesis 1979, 401. 

Smith, K., Ed. Solid Supports and Catalysts In Organic Synthesis; 
Ellis Harwood: Chichester, UK, 1992. 


Selected chromate oxidations reported in Organic Syntheses 

include 

Boeckman, R. K., Jr.; Blum, D. M.; Ganem, B.; Halvey, N. Organic 
Syntheses; Wiley: New York, 1988; Collect. Vol. VI, p. 1033. 

Conant, J. B.; Quayle, O. R. Organic Syntheses; Wiley: New York, 
1941; Collect. Vol. I, p. 211. 
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Muzart, J. Chem. Rev. 1992, 92, 113. 

For an overview of the oxidation of alcohols using sodium 

hypochlorite solutions, see 

Mohrig, J. R.; Nienhuis, D. M.; Linck, C. F.; Van Zoeren, C.; Fox, 
B. G. J. Chem. Educ. 1985, 62, 519. 


Hypochlorite Oxidation of Methyl 
Ketones by the Haloform Reaction: 
Benzoic Acid and p-Methoxybenzoic Acid 


Common name: benzoic acid 
CA number: [65-86-0] 
CA name as indexed: benzoic acid 


Common names: p-methoxybenzoic acid, 4-methoxybenzoic acid, 


p-anisic acid 
CA number: [100-09-4] 
CA name as indexed: benzoic acid, 4-methoxy- 


Purpose. The well-known haloform reaction is explored as a synthetic route 
to the preparation of organic acids. You will investigate the use of a basic aque- 
ous solution of hypochlorite ion as a source of molecular chlorine (Cl,). 
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Prior Reading 


Technique 4: Solvent Extraction 

Liquid—Liquid Extraction (p. 72) 

Separatory Funnel Extraction (Scaleup) (pp. 75-77) 
Technique 5: Crystallization 

Use of the Hirsch Funnel (pp. 88-89) 

Craig Tube Crystallizations (pp. 89-91) 


REACTION 
( Heo, —_— ( )-€-6H i HCCI, 
Acetophenone Benzoic acid Chloroform 
DISCUSSION 


The reaction of methyl ketones with a halogen in an alkaline medium is 
known as the haloform reaction. In this experiment, halogen and base are 
present because of the equilibrium reaction shown here: 


H,O + NaOCl + NaCl = = 2 NaOH + Clo 


In the haloform reaction, two products are formed: (1) a haloform (CHCl,, 
CHBrs, or CHI;, depending on the halogen used); and (2) the carboxylic acid 
having one less carbon atom than the starting ketone. It is the formation of the 
carboxylic acid that gives the reaction its synthetic utility. An advantage of this 
oxidation is that it does not affect carbon-carbon double bonds, as illustrated 
here: 


CH, _NaOcl OH 
CH, CH, 


If 1, ina basic solution is used, iodoform (CHI) is generated in the reaction. 
This compound is a yellow solid that precipitates from the reaction medium. 
This observation has been used extensively as a chemical test (iodoform test) 
for methyl ketones and the RCH(OH)CHs structural group (see Chapter 9). 

In the present experiment, a solution of sodium hypochlorite (NaOCl) is 
used as the source of the chlorine. Sodium hypochlorite solutions are mar- 
keted with the hypochlorite concentration described in terms of the “available 
chlorine” content, which is a term comparing the oxidizing potential of the so- 
lution with that of the equivalent mass of chlorine. For the purposes of this ex- 
periment, a solution of NaOCl that has 5% available chlorine is needed, and 
common household bleach will suffice. For another example of an oxidation 
with an aqueous hypochlorite solution, see Experiment [32]. 

The reaction takes place in two stages. In the first stage, the methyl group 
is trihalogenated in a stepwise fashion. In the second stage, hydroxide ion 
attacks the carbonyl carbon of the trihaloketone to generate the haloform along 
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with the alkali metal salt of the acid; acidification yields the carboxylic acid. 
The mechanistic sequence follows: 




















| | ae . ll | @:a+a: | ae 
eG, :OH,Na R—C . >R-C Cl + :Cl7,Na 
H H H 
oO Cc oC 
| | 1. -OH || 1.-OH | | 
[7 za,” R-C—€ oa Re eo 
H H Cl 
oa +, Cl oO ‘Oo 
SI i Cl + *OH , Na* al cl ——> al CC. ae Hccl 
—C— Bin , Na —_—C— ae + : S aa + t 
| j es ~OH : “6:, Ma 3 
Cl :O: Cl 
H 


Benzoic Acid 
The reaction is shown above. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 





Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) d Np 


Acetophenone 120.16 60 pL 51 20.7 202.6 1.03 1.5372 


Aqueous NaOCl 
(household bleach, 
5% available chlorine) 2.1 mL 


Sodium sulfite 120.6 15 mg 

















Reagents and Equipment. To a5-mL conical vial containing a magnetic spin 
vane and equipped with an air condenser, add 6 wL (63 mg, 51 mmol) of ace- 
tophenone and 2.1 mL of household bleach (NaOCl, 5% available chlorine) (»). 





CAUTION: Both reagents are irritants and should be dispensed in 
the hood using automatic delivery pipets. 





Reaction Conditions. Stir the mixture at room temperature for 30 min. 


Isolation of Product. Add approximately 15 mg of sodium sulfite to destroy 
any unreacted bleach, and stir the reaction mixture briefly. Extract the result- 
ing mixture with two 0.5-mL portions of ether (calibrated Pasteur filter pipet). 
Separate each portion of ether extract using a Pasteur filter pipet. 





NOTE. The ether layer is the top layer; the lower, alkaline, layer contains the acid Oe ao 


product. The ether extraction removes the chloroform generated in the reaction and 
any unreacted acetophenone. Save the ether extracts in a small vial until you have 
successfully isolated and characterized the final product. 
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Oxidation product 
collected here 





Aqueous HCI, - 2mL+ 
reaction byproducts 


Acidify the aqueous layer (check with pH paper) by adding dropwise 
3 M HCl from a Pasteur pipet. A thick, white precipitate of benzoic acid then 
appears. Collect the solid by vacuum filtration using a Hirsch funnel, and wash 
the filter cake with three 0.5-mL portions of water (calibrated Pasteur pipet) 
(«). Maintain the vacuum for approximately 5 min by covering the funnel with 
plastic food wrap (see Prior Reading) to partially dry the product. Transfer the 
material to a porous clay plate or filter paper to complete the drying process. 


Purification and Characterization. The product is of sufficient purity for 
characterization. Weigh the material and calculate the percent yield. 

Determine the melting point and compare your result with the value listed 
in the literature. If desired, obtain an IR spectrum and compare it with an au- 
thentic sample of benzoic acid, or with that given in the literature (The Aldrich 
Library of IR Spectra and/or SciFinder Scholar). 


Chemical Tests. Chemical classification tests may also be used to assist in 
product analysis. You might wish to perform the following: 


1. The ignition test should indicate the presence of the aromatic ring 
(Chapter 9). 

2. The solubility of the compound in water, 5% NaOH, and 5% NaHCO; 
should be checked (see Chapter 9). Does the water solution turn blue litmus 
paper red? Is there evidence of CO> evolution when the benzoic acid is 
added to the bicarbonate solution? If positive results are obtained in these 
tests, how do they confirm that a carboxylic acid is present? 

3. The preparation of an amide derivative (see Chapter 9) would also aid 
in establishing the identity of the acid product. 


p-Methoxybenzoic Acid 








REACTION 
CHO) —C—CH, sO CHO { )-¢-6H + HCC, 
p-Methoxyacetophenone p-Methoxybenzoic acid Chloroform 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 














Physical Properties of Reactants 
Compound MW Amount mmol mp(°C) | bp (°C) 
p-Methoxyacetophenone 150.8 29 mg 0.19 38-39 258 
Aqueous NaOCl 

(household bleach, 

5% available chlorine) 700 pL 
Sodium sulfite 120.6 5 mg 
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Reagents and Equipment. Weigh and add 29 mg (0.19 mmol) of 
p-methoxyacetophenone to a 3.0-mL conical vial containing a magnetic spin 
vane. Now add 700 wLof household bleach (5% available chlorine), and then 
attach the vial to an air condenser (™). 





CAUTION: The bleach is an irritant to skin and eyes. It should be 
dispensed using an automatic delivery pipet in the hood. 





Reaction Conditions. Stir the mixture for 30 min with very gentle heating. 
Use the lowest possible setting on a hot plate magnetic stirrer. 


Isolation of Product. Weigh and add approximately 5 mg of sodium sul- 
fite. Stir the reaction medium briefly and then cool it to room temperature. 
Extract the resulting mixture with two 0.5-mL portions of ether (calibrated 
Pasteur pipet). Separate each portion of ether extract using a Pasteur filter 





p-CH,OC,H,COCH,,29 
pipet. + 5% NaOCl, 700 ul 
NOTE. The ether layer is the top layer; the bottom aqueous layer contains the 
product. The ether extraction removes the chloroform generated in the reaction and 
any unreacted p-methoxyacetophenone. Save the ether extracts in a small vial until 


you have successfully isolated and characterized the final product. 
Oxidation product 
collected here 







Acidify the aqueous layer by the dropwise addition (check with pH paper) 
of 3 M HCl from a Pasteur pipet until a thick, white precipitate of 
p-methoxybenzoic acid is formed. Cool the mixture in an ice bath for 5 min 
and collect the solid by vacuum filtration using a Hirsch funnel (»). Wash 
the filter cake with three 0.5-mL portions of cold water (calibrated Pasteur 
pipet). Maintain the vacuum for approximately 5 min and cover the funnel 
with plastic food wrap (see Prior Reading) to partially dry the product. 
Transfer the material to a porous clay plate or filter paper to complete the 
drying process. 


Aqueous HCI, ~2 mL + 
reaction byproducts 


Purification and Characterization. The product is reasonably pure but 
may be recrystallized from ethanol—water, if desired, using a Craig tube. Weigh 
the product and calculate the percent yield. Determine the melting point and 
obtain an IR spectrum. Compare your results with those reported in the liter- 
ature (The Aldrich Library of IR Spectra and/or SciFinder Scholar). Chemical 
characterization tests can be used to assist in the classification of this product, 
as outlined in Experiment [34A]. 


OPTIONAL SEMIMICROSCALE PREPARATION 


This preparation may be scaled up by a 15-fold increase in reagent amounts. Room temp 
The procedure is similar to that given above for the micropreparation with the thermometer 
exceptions noted below. A major difference is that a separatory funnel is used in 

the extraction step. 


1. Use a 25-mL round-bottom (RB) flask containing a magnetic stirring 
bar and equipped with an air condenser. The reaction conditions are as given 
in the microscale experiment (™). 


2. The reagent and solvent amounts are increased 15-fold. 25-mL RB flask 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c06_376-420.qxd 11/17/09 1:43 PM Page 408 a 


408 CHAPTER6 Microscale Organic Laboratory Experiments 











Physical Properties of Reactants 
Compound MW Amount mmol mp(°C) | bp (°C) 
p-Methoxyacetophenone 150.8 435 mg 2.88 38-39 258 
Aqueous NaOCl 

(household bleach, 

5% available chlorine) 10.5 mL 
Sodium sulfite 120.6 75 mg 











3. Add the sodium sulfite, stir, cool, and then transfer the product mix- 
ture to a 125-mL separatory funnel. Extract this mixture with two 7.5-mL 
portions of diethyl ether. Save the ether extracts in a small Erlenmeyer flask 
until you have successfully isolated and characterized the final product. The 
product is in the aqueous layer. 


NOTE. Carry out the extraction by first returning the lower aqueous layer to the 
reaction flask and then removing the ether layer. Then return the aqueous layer to 
the separatory funnel and rinse the reaction flask with the second portion of ether. 
This ether rinse is then added to the separatory funnel to complete the extraction. 


4. Collect the product by vacuum filtration, then wash the filter cake 
with three 7-mL portions of cold water. 

5. The pale-yellow product is characterized as described in the 
microscale procedure. 


QUESTIONS 


6-214. 


6-215. 


6-216. 


6-217. 


6-218. 
6-219. 


In the haloform reaction, once the first a-hydrogen atom is replaced by a halogen atom, each successive hydrogen 
is more easily substituted until the trihalo species is obtained. Explain. 

The haloform reaction using I, and NaOH is referred to as the “iodoform” test for methyl ketones (see Chapter 9). 
The test also gives positive results for compounds containing the —CH(OH)CHs group. This results from the 
oxidation of the alcohol to the methyl ketone in the first stage. Write a balanced equation for the conversion of 
C,HsCHOHCHs; to the methyl ketone in the presence of I, and NaOH. Identify which species is being oxidized 
and which is being reduced. 

If you were carrying out an industrial scale synthesis in which one step involved a haloform reaction to convert a 
methyl! ketone into the corresponding acid having one less carbon atom, would you use NaOH and Clo, NaOH 
and Br, or NaOH and I, as the reagent? Give reasons for your choice. 

Can you explain the fact that even though dibenzoylmethane (CsH;COCH,COC,HsS) is not a methyl ketone, it 
gives a positive iodoform test when treated with the NaOH and 1. 

Do you think that acetaldehyde would give a positive iodoform test? Explain your reasoning. 

A water-soluble phenol is also acidic toward litmus paper as is a water-soluble carboxylic acid. How would you 
distinguish the difference between an aromatic acid and a phenol using a chemical test? 
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For a review of oxidation see Smith, M. B.; March. J. Advanced Organic Chemistry, 6th ed.; 

Fuson, R. C.; Bull, B. A. Chem Rev. 1934, 15, 275. Wiley-Interscience: New York, 2007, Chap. 12, p. 842. 

Kutrti, L.; Czako, B. Application of Named Reactions in Organic Wiberg, K. B. In Oxidation in Organic Chemistry, Trahanovsky, W. S., 
Synthesis, Elsevier: Amsterdam, 2005. Ed.; Academic Press: New York, 1978, Vol. 5, Part A, Chapter 2. 


Conversion of Cyclohexyl Bromide to 
Cyclohexene-An E2 Elimination Reaction: 
Factors Affecting the Rate of a 

Chemical Reaction 


Common name: cyclohexene 
CA number: [110-83-8] 
CA name as indexed: cyclohexene 


Purpose. A dehydrohalogenation reaction is designed and carried out for 
conversion of cyclohexyl bromide (bromocyclohexane) to cyclohexene using a 
strong base. The relative rate of this reaction is followed with gas chromatog- 
raphy. You will explore the effect of varying several parameters that alter the 
rate of the reaction such as temperature, concentration of the base, and the na- 
ture of the leaving group. 


Prior Reading 

Technique 1: Gas Chromatography (pp. 55-61) 

Technique 4: Solvent Extraction (p. 67) 

Chapter 3: Reflux and reflux apparatus (pp. 23-24) 
Automatic delivery pipets: (pp. 37-38) 
Theoretical yield calculations: (p. 42) 

Chapter 6: Experiment [10]: (pp. 217-224) 

Lecture text on kinetic theory and mechanisms of E2 reactions 


REACTION 
Br 
CX 0 NaOCH,,CH, “CH,CH,OH Cc] + NaBr + CH,CH,OH 
H 
Cyclohexyl bromide Sodium ethoxide Cyclohexene 
DISCUSSION 


The rates of chemical reactions and the factors that affect them are of great im- 
portance in chemistry. This area of chemistry is termed kinetics. Most of the 
ionic reactions observed in inorganic chemistry take place so fast that their 
rates cannot be easily measured, but in many organic reactions the study of 
chemical kinetics is particularly important. This is because measurement of re- 
action rates is a powerful guide for probing reaction mechanisms. 

These rates can vary greatly. Five factors are involved in establishing the 
rate at which a reaction may proceed: (1) the nature of the reacting substances, 
(2) the states of the reactants, (3) the temperature of the reactants, (4) the 
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concentration of the reactants, and (5) the presence of a catalyst. The rate of a 
chemical reaction is measured by the decrease in concentration of a reactant or 
the increase in concentration of a product in a unit period of time. 

The relationship between the rate of a chemical reaction and the change in 
concentration of the reactants can be described quantitatively based on exper- 
imental measurements. Each reaction has its own rate equation. In general, a 
rate equation has the form 


rate = k[A]?[B]°[C]° 6-1 


in which [A], [B], and [C] represent molar concentrations of reactants (or 
products or other substances), k is the rate constant for a certain reaction at a 
particular temperature, and the exponents a, b, and c are positive and usually 
integers. Both k and the exponents must be determined experimentally by ob- 
serving the variation in the rate of the reaction as the concentrations of the re- 
actants are varied. It is important to recognize that the rate equation depends 
on the mechanism of the reaction and on the individual steps therein. 

In the general rate equation, the exponent a is called the order of the reac- 
tion with respect to the reactant A. Likewise, the exponent b is the order of the 
reaction with respect to B, and so on. The sum of the exponents is the overall or- 
der of the reaction. In the E2 reaction, investigated in the present experiment, 
we have (see above) a dehydrohalogenation following this mechanism. 

Experimentation shows us that if the concentration of the reactant (cyclohexyl 
bromide) is doubled, the reaction rate doubles. The rate is also doubled if the con- 
centration of the reagent, sodium ethoxide (NaOC;Hs), is doubled. Thus, the 
concentration of both species present affects the rate of the reaction. The rate ex- 
pression for this type of reaction (E2) can be quantitatively expressed as 


rate = k[C,H,,Br] ‘[NaOC>Hs]? 6-2 


This expression indicates that the rate equation is first order in both the sub- 
strate (cyclohexyl bromide) and the basic reagent (sodium ethoxide). The over- 
all rate expression is second order (the sum of 1 + 1 = 2). 


NOTE. The powers of 1 are not usually expressed, but they are shown here for clarity. 


Kinetics and Thermodynamics. Chemical reactions are governed by two 
basic relationships. 


1. Chemical Thermodynamics: These phenomena deal with the changes 
in energy that occur when molecules react. Thus, thermodynamics ultimately 
controls the extent to which a reaction will go to completion. 

2. Chemical Kinetics: As outlined above, kinetics concern the speed at 
which a reaction will go to completion. 


All chemical reactions are reversible. When the reactants and products 
reach the stage where changes in concentration can no longer be measured, 
the reaction is considered to be in a state of equilibrium. If the equilibrium 
lies far to the side of product formation, the reaction is said to have essentially 
gone to completion. Thus, when the equilibrium constant, K, is large, the 
reaction is said to have a large driving force. When a reaction satisfies this 
latter condition, a certain amount of energy is necessarily released when equi- 
librium is reached. 

In terms of thermodynamics, for a reaction to take place spontaneously, 
the free energy, AG, of the products must be lower than the free energy of the 
reactants; that is, AG must be negative. Free energy is made up of two 
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components: enthalpy H (the difference in bond energies between reactants 
and products) and entropy S (energy related to the randomness of the system). 
These quantities are related by the expression 

AG = AH-TAS 6-3 
In many reactions, however, it is the enthalpy that mainly determines whether 
the reaction can take place spontaneously. 

A negative AG value it does not necessarily mean that the reaction will take 
place in a reasonable length of time (that is reach equilibrium). A negative AG 
value is necessary, but not sufficient, to guarantee a spontaneous reaction. The 
free energy of activation, AG? must also be considered. This condition is illustrated 
in the potential energy diagram (Fig. 6.49) for a one-step reaction of molecule A 
with molecule B to form molecules C and D (with no reaction intermediate as- 
sumed). This energy profile is typical of the base-catalyzed dehydrohalogenation 
reaction being studied in the current experiment, the E2 elimination reaction. 

The generalized reaction profile is as shown in Figure 6.49 


A+B=5C+D 6-4 


In the diagram the horizontal axis, called the reaction coordinate, indicates the 
progression of the reaction. AG?, is the free energy of activation for the forward re- 
action. The point at the top of the curve is called the transition state. Bond breaking 
and bond formation are involved over the range of this transition. Energy must be 
supplied through collision of molecules A and B (this involves both velocity and 
orientation in the collision) to move the system into and through the transition 
state and allow the products to form. As the products form, the activation energy 
is recovered plus additional energy (mainly from bond formation) so that the total 
energy evolved, AGf#- is lower than that of the initial mixture. 

The interpretation of the rate constant in terms of experimentally derived 
energy data is facilitated by the relationship known as the Arrhenius equa- 
tion which rather successfully predicts the temperature dependence of the 
rate constants: 


E 
k=A -— 6-5 
exp ( =) 
where 


R is the gas constant with the value 8.314 J mol‘ K™! 

T is the temperature on the Kelvin scale 

E, is the Arrhenius activation energy in joules/mole 

A is a constant (for a given reaction) called the frequency factor 


Transition state 

















Reaction coordinate Figure 6.49 Activation energy. 
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The frequency factor is related to the frequency of collisions and the orientation 
of the reacting molecules. A indicates how many collisions have the correct 
orientation to lead to products. The rest of the equation, e *@/*", gives the frac- 
tion of collisions in which the energy of the reacting species is greater than the 
activation energy for the reaction. 

Also note that we can rewrite equation 6-5 as —E, = RT In(k/A), which 
closely resembles the expression between the equilibrium constant and the 
Gibbs free energy change, —-AG° = RT In k, and underlines the treatment of E, 
as an energy term. 

Thus, the Arrhenius equation describes quantitatively the discussion given 
here. For two reactions at the same temperature, the reaction with the higher ac- 
tivation energy has the lower rate constant and thus the slower rate. In other 
words, there is a smaller fraction of molecules possessing sufficient energy 
to react. An increase in temperature results in more molecules having enough 
energy to react and thus a faster rate. A change in conditions in which the fre- 
quency factor A is increased (by an increase in collisions in which the orienta- 
tion of the molecules is right for reaction) also results in an increase in rate. 

In the present experiment, the temperature is held relatively constant at the 
boiling point of the reaction mixture. Remember that a boiling solvent has a con- 
stant temperature at its boiling point. This is critical in reaction rate investigations 
for, as noted above, temperature change can exhibit a profound effect on rate. 
This phenomenon will be investigated in the second half of the experiment. 


Geometrical Considerations in the E2 Elimination Reaction. Base- 
induced elimination of alkyl halides (dehydrohalogenation) is a general reac- 
tion and is an excellent method for preparing alkenes.This process is often 
referred to as B-elimination, since a hydrogen atom is always removed £ to the 
halide (leaving group): 


I>, | 
crc 2, Ve + BH +:X” 
By \ 


| Qa 
X 

A high concentration of a strong base in a relatively nonpolar solvent is 
used to carry out the dehydrohalogenation reaction (see Experiment [10] for 
further examples). 

Experimental evidence indicates that the five atoms involved in the E2 
elimination reaction must lie in the same plane; the antiperiplanar conforma- 
tion is preferred. This conformation is necessary for the orbital overlap that 
must occur for the bond to be generated in the alkene. The sp*-hybridized 
atomic orbitals on carbon that comprise the C—H and C—X o bonds broken 
in the reaction develop into the p orbitals comprising the 7 bond of the alkene 
being formed. The reaction is termed stereospecific. 





B: 


Vv 





Anti-periplanar conformation 


Gx 
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H 


H H 
Base 
ae | + HBr 
E2 reaction 


Br 


H and Br are anti periplanar 


Figure 6.50 Geometric requirements for E2 elimination reaction in cyclohexanes. 


The antiperiplanar conformation is particularly important in cyclo- 
hexane rings. This configuration can be met only if the hydrogen and the 
halide groups are trans diaxial to one another (see Fig 6.50). If either the 
hydrogen or halide group is equatorial the reaction does not occur. Further- 
more, while there are exceptions to the relative disposition of the B-hydro- 
gen and leaving group (Cope Elimination, for example), the number of 
systems which do not rely upon an antiperiplanar conformation are few 
and far between. 

There is a smooth transition between reactant and product. Analogous to 
the 5,2 reaction, no intermediate has been isolated or detected. The reaction takes 
place in a single step through a high-energy transition state in which the dou- 
ble bond begins to form at the same time the hydrogen and halide groups 
leave. Figure 6.49 illustrates the energy profile for the reaction. 

Evidence in support this mechanism is obtained from the measurement of 
the reaction kinetics of these reactions. Since both the alkyl halide and base 
concentrations appear to enter into the rate determining step, E2 reactions fol- 
low the second-order rate law: 


Rate = k[RX] [Base] 6-6 


As discussed above, a change in concentration of the base or of the alkyl 
halide should, therefore, affect the overall rate of the reaction. This depend- 
ence on concentration can be demonstrated by changing the base concentra- 
tion. The current reaction, as it proceeds, will be sampled at 30-min intervals 
to track the generation of the alkene product, cyclohexene. Monitoring the 
formation of the product is carried out by removing a small aliquot sample 
from the reaction vessel and immediately quenching (stopping) the reaction 
with 1 M HCl. Rapid neutralization of the reacting medium (in the aliquot) 
with acid blocks the reaction. Each quenched sample is then extracted with 
methylene chloride to isolate the product and any unreacted starting material 
(cyclohexyl bromide). The rapid analysis of the small quantities of isolated 
reactants and products is accomplished by GC. Methylene chloride is effec- 
tive as the extracting solvent, since it elutes from the GC column well before 
the compounds of interest (cyclohexene and cyclohexyl halide). From the 
chromatographic data obtained it is possible to determine if the amount of 
cyclohexyl halide has decreased and if the amount of cyclohexene has be- 
gun to increase. The results are reported as the percent cyclohexyl halide 
reacted. 
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Cyclohexyl bromide, 0.6 mL Sodium 
ethoxide (21% in EtOH), 2.0 mL 


EXPERIMENTAL PROCEDURE 


Estimated time of experiment: two laboratory periods. 


NOTE. It is recommended that the experiment be done in two parts. Use the first 

period to work out the procedure (equipment setup, sampling, GC analysis, etc.) and 

the second period to study the effect of several parameters on the rate of the reaction. 
All drops are measured using a Pasteur pipet. 

















Physical Properties of Reactants 
Compound MW Amount mmol __ bp (°C) d Np 
Cyclohexyl bromide 163.06 0.6 mL 4.87 166.2. 1.3359 1.4957 
Sodium ethoxide 

(21% in ethanol) 2 mL 





Reagents and Equipment. Using a 10-mL graduated cylinder, measure 
2 mL of a 21 wt% solution of sodium ethoxide in ethanol and add it to a5-mL 
conical vial containing a magnetic spin vane (use a precalibrated Pasteur pipet 
for the transfer). Then equip the reaction vial with a Claisen head to which is 
connected a reflux condenser («). 


Reaction Conditions. Heat the reagent, with stirring, to reflux using a sand 
bath temperature of approximately 100 °C. Remove the cap from the Claisen 
head and use an automatic delivery pipet to add, in one portion, 0.6 mL 
(4.87 mmol) of cyclohexyl bromide. Note the time of addition in your laboratory 
notebook. Allow a few seconds for intimate mixing of the reactants to take place 
and then immediately remove 10 drops (about 0.4-0.5 mL) of the reaction 
solution using a Pasteur pipet, recap the Claisen head, and place the aliquot in a 
small sample vial containing 4-5 drops of 1 M HCl. 


NOTE. You should notice that after a short time solid NaBr begins to form in the 
reaction vial. 


To the sample vial containing the initial aliquot, add 10 drops of methylene 
chloride. Cap the vial and shake gently (or mix on a Vortex mixer). Loosen the 
cap carefully to vent the two-phase mixture. Remove the bottom, brown or- 
ganic layer using a Pasteur filter pipet and transfer it to a second vial contain- 
ing a small amount of anhydrous sodium sulfate. Cap the vial and label it as 
the time-zero sample. 


NOTE. For separation of the layers, it is recommended that both layers be drawn 
into the pipet. The bottom layer is then transferred to the second vial. 


Sampling Procedure. Two further samples for analysis are removed, as out- 
lined above, one at 30 min into the reaction and the second after 1 h. 
Each time the aliquot is treated 


1. Remove 10 drops (0.4—0.5 mL) of reaction solution (recap the Claisen head). 


2. Quench the reaction with acid (4-5 drops of 1 M HCl). 


3. Extract the product and unreacted cyclohexyl bromide with methylene 
chloride, followed by drying the methylene chloride solution over anhy- 
drous sodium sulfate. 
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NOTE. Having the 5 drops of 1 M HCl in each of three sample vials and sodium 
sulfate in each of three second sample vials (a total of six vials) before you add 
the cyclohexyl bromide to initiate the reaction will help you facilitate this sam- 
pling procedure. Carefully label all the vials! 


At the end of the sampling period you should have three samples for 
analysis by GC: time-zero, 30 min, and 60 min. 


Gas Chromatographic Analysis. The composition of the aliquot samples 
may be determined by gas chromatographic analysis. 

Parameters for the GOW-MAC 350 Column 

Packed Column: DC 710 inch x 8 fi). 


Injection: 10 pL 
Temperature: 132 °C 
Flow rate (He): 50 mL/min 
Chart speed: 1 cm/min 


Gas chromatograph data may be used to determine the change in concen- 
trations of cyclohexene and cyclohexyl bromide in the reacting medium dur- 
ing the 1-h reaction period. The samples can be injected after the extracted 
solution has had a 15- to 20-min period to dry over anhydrous sodium sulfate. 
Each sample must elute from the GC before another sample is injected. Each sample 
takes approximately 20 min to elute from the column, so start sample 
injections as soon as possible. For a typical chromatogram see Figure. 6.51. 


INSTRUCTOR PREPARATION. | For each chromatograph used, a mixture of cyclo- 
hexene and cyclohexyl bromide (approximately 80:30 by volume) should be injected 
once the parameters of the column are set. This is to establish the retention times 
of the components in the mixture. 


NOTE. If the laboratory is done in two parts, it is advisable to stop at this point. 








Cyclohexene 














Toluene (internal reference) 











ide} 


Cyclohexyl brom 











Sample Figure 6.51 Example 
injection cyclohexene-cyclohexyl 
bromide GC. 
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DATA ANALYSIS 


The percentage of each component (cyclohexene and cyclohexyl bromide) in 
the sample can be determined by measuring the area under the curves. How 
would you expect the areas under the cyclohexene peak and the cyclohexyl 
bromide peak to vary with time? 

The boiling point of cyclohexene (82.9 °C) is close to that of the refluxing 
ethanol (78.2 °C). Therefore, when samples are removed from the reaction 
mixture some of the cyclohexene may be lost, since some of it will be in the va- 
por phase in the reaction vial. How would this loss affect the observed concen- 
trations over the reaction period? 

The time-zero fraction should be analyzed, since the reaction starts imme- 
diately upon addition of the cyclohexyl bromide to the basic solution. 


NOTE. Several alternative techniques may be used to quantitatively determine the 
composition of the sample mixture from the GC data, if an integrating recorder is 
not available. 


Two methods are described here: 


1. Determination of the areas under the peaks gives reproducible results 
of +3-4% when these areas are assumed equal to the peak heights (mm) 
the peak widths at half-height (mm), measured from the baseline of the curve. 





2. An alternative method for determinating these areas is to cut out the 
peaks from the chromatogram and weigh them on an analytical balance 
(sensitivity to 0.1 mg). The weights of the peaks are directly proportional to 
the relative amount of each compound in the sample (assuming that the 
detector is similar sensitivity to the two components). 


The percentage of the individual components is then calculated by divid- 
ing each area by the total sum of the two areas and multiplying by 100. 

Attach a copy of your chromatogram to your Data Analysis Sheet. Label the 
cyclohexene and cyclohexyl bromide peaks. Show the area measurements on the 
chromatogram and all the calculations in your report. What conclusions can you 
draw based on your results? Include an explanation of the conclusions drawn. 


VARIATION OF PARAMETERS 


The effect of varying several parameters that influence the rate of the reaction 
can also be investigated. Of particular interest for study are the effect of 
changes in the concentration of the base, the reaction temperature, and the 
nature of the leaving group. 


INSTRUCTOR NOTE. _ It is suggested that the class be divided into groups, with 
each group assigned to investigate a different parameter. The results of each group 
are then shared by the entire class and each student then submits a report. 


The parameters to be investigated are 


1. A control (see conditions below). 
2. Halving the base concentration. 
3. Room temperature reaction. 
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4. Replacing cyclohexyl bromide with cyclohexyl chloride. 
5. Replacing cyclohexyl bromide with cyclohexyl iodide. 


Determine the percentage of unreacted cyclohexyl bromide in the sample 
mixture from the chromatogram for parameters 1, 2, and 3. Determine the per- 
centage of cyclohexyl chloride and iodide in parameters 4 and 5, respectively. 
A comparison of unreacted starting halide with the control reaction shows the 
effect on the relative rate of dehydrohalogenation of changing the conditions 
under which the reaction is carried out. Tabulate your results. 

In this set of experiments track only the disappearance of cyclohexyl 
bromide, and not the appearance of cyclohexene. As mentioned previ- 
ously, the amount of cyclohexene observed in successive aliquots tends to 
drop below the predicted values because of the sampling techniques em- 
ployed. As the reaction progresses, however, the amount of cyclohexyl bro- 
mide continues to decrease at the predicted rate (see below). 


Use of an Internal Standard. How can we quantitatively track the disap- 
pearance of cyclohexyl bromide? As we have seen, the ratio of cyclohexyl 
bromide to cyclohexene cannot be determined accurately because of the inac- 
curacies in measuring the cyclohexene formed in the reaction. Also, there are 
small inaccuracies in the amount of the reaction mixture removed from the 
system for any given sample. These problems are solved by standardizing the 
samples. An internal standard is added to the reaction mixture. Ideally, this 
standard should not interfere with the reaction being studied and the sub- 
stance must be easy to track by GC. In these experiments we will use toluene. 
Toluene is not very volatile (bp 110.6 °C ) and has a retention time on the GC 
that does not interfere with the resolution of any other peaks on the chro- 
matogram. It will be added in a known amount to the reaction mixture before 
you begin. For each gas chromatogram we can then measure the area of the 
standard’s peak and use it to determine the amount of cyclohexyl bromide in 
the reaction mixture at that point. 


Experimental Conditions 


NOTE. Use the same experimental setup and workup procedure as in the previ- 
ous experiment. A sample for analysis will be taken only at the 30-min mark. You 
may wish to take two samples so as to determine whether you can duplicate your 
results. The GC is setup at the same operating conditions. Drops are measured 
using a Pasteur pipet. 


1. Control 
Reaction conditions 


2 mL of 21 wt% solution of sodium ethoxide in ethanol 
300 wL toluene 

Heat to reflux and stir. 

Add 0.6 mL cyclohexyl bromide. 


Time the reaction 


At the 30-min mark, remove 20 drops of reaction solution and add it to 
10 drops of 1 M HCL. Extract the mixture with 20 drops of methylene chloride 
and dry the methylene chloride layer over anhydrous sodium sulfate (15 min). 
Analyze the sample by GC. 
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2. Room Temperature Conditions 
Reaction conditions 
2 mL of 21 wt% solution of sodium ethoxide in ethanol 
300 pL of toluene 
Stir at room temperature (do not heat the hot plate). 
Add 0.6 mL of cyclohexyl bromide. 


Time the reaction 


At the 30-min mark, remove 20 drops of reaction solution and add it to 
10 drops of 1 M HCI. Extract the mixture with 20 drops of methylene chloride 
and dry the methylene chloride layer over anhydrous sodium sulfate (15 min). 


Analyze the sample by GC. 
3. Variation of the Concentration of Base 
Reaction conditions 
1 mL of 21 wt% solution of sodium ethoxide in ethanol 
1 mL of absolute (anhydrous) ethanol 
300 pL of toluene 
Heat to reflux and stir. 
Add 0.6 mL cyclohexyl bromide. 


Time the reaction 


At the 30-min mark, remove 20 drops of reaction solution and add it to 
10 drops of 1 M HCl. Extract the mixture with 20 drops of methylene chloride 
and dry the methylene chloride layer over anhydrous sodium sulfate (15 min). 


Analyze the sample by GC. 
4. Variation of Substrate—Cyclohexyl Chloride 
Reaction conditions 
2 mL of 21 wt% solution of sodium ethoxide in ethanol 
300 wL of toluene 
Heat to reflux and stir. 
Add 0.58 mL cyclohexyl chloride. 


Time the reaction 


At the 30-min mark, remove 20 drops of reaction solution and add it to 
10 drops of 1 M HCl. Extract the mixture with 20 drops of methylene chloride 
and dry the methylene chloride layer over anhydrous sodium sulfate (15 min). 


Analyze the sample by GC. 
5. Variation of Substrate—Cyclohexyl Iodide 


Reaction conditions 
2 mL of 21 wt% solution of sodium ethoxide in ethanol 


300 wL of toluene 

Heat to reflux and stir. 

Add 0.63 mL of cyclohexyl iodide. 
Time the reaction 


At the 30-min mark, remove 20 drops of reaction solution and add it to 
10 drops of 1 M HCL. Extract the mixture with 20 drops of methylene chloride 
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and dry the methylene chloride layer over anhydrous sodium sulfate. Analyze 
the sample by GC. 

Data Analysis 

To calculate the % of cyclohexyl bromine (chloride or iodide) reacted, follow 
the outline given here. 

Given: 


a. The amount of toluene added as the internal standard: 


259 mg 
Calculation (show here): 





Volume of toluene used x its density 
b. The amount of cyclohexyl bromide used in the reaction: 
794 mg 
Calculation (show here): 





Volume of cyclohexyl bromide used X its density 


If cyclohexyl chloride or iodide is used in place of the bromide: 
Chloride: 581 mg 
Iodide: 1029 mg 


NOTE. The amount of cyclohexyl chloride and iodide used is the same molar 
amount as the cyclohexyl bromide. 


The Calculations Using an Internal Standard. The calculations allow us to 
compare the amount (%) of cyclohexyl bromide (or chloride or iodide) reacted 
at the 30-min time point for each of the different reaction parameters. 


Step 1. The amount of cyclohexyl bromide (chloride or iodide) left (unre- 
acted) at the 30-min mark: 


Area of CsHs — Br, — Cl, or —I peaks 
Area of toluene peak 








[259 mg of toluene standard] = ____ mg unreacted 


Step 2. The amount of cyclohexyl bromide (chloride or iodide) reacted at 
the 30-min mark: 





[Amount of CsH;— Br, —Cl, or —I used in the reaction (in mg)]— 
[the amount left after 30 minutes (in mg), see step 1] =——_ mg reacted 


Step 3. The percent of cyclohexyl bromide (chloride or iodide) reacted at 
the 30-min mark: 


Amount reacted (in mg) 





“4002 gaacted 
Amount used (in mg) % reacte 
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Attach a copy of your chromatogram to your Data Analysis Sheet. Indicate 
which parameter you worked on. Label the toluene and cyclohexyl bromide, 
chloride, or iodide peaks. Show the area measurements on the chromatogram. 
Show all the above calculations in your report. Draw conclusions as to the 
effect on the rate of the reaction for each of the parameters investigated in the 
laboratory. Include an explanation of the conclusions drawn. 


QUESTIONS 


6-220. 


6-221. 


6-222. 


6-223. 


6-224. 


6-225 


6-226. 


What reaction occurs between NaOQCH CH; and HCl that stops the dehydrohalogenation reaction? 
NaOCH>,CH3 + HCl> 


Would you expect the replacement of cyclohexyl bromide with cyclohexyl iodide to result in a decrease, increase, or 
no change in the rate of the reaction? Explain. 

In the second part of the experiment, why was it necessary to use toluene as an internal standard? What are the 
requirements for an internal standard? How would the loss of some toluene in the sampling procedure (from over 
heating the reaction system) affect the data? 

A negative AG value does not necessarily mean that a reaction will take place in a reasonable length of time. A 
negative AG value is necessary, but not sufficient to guarantee a spontaneous reaction. The free energy of 
activation, AG*, must be considered. Explain this statement. 

In E2 elimination reactions involving cyclohexane rings, why is it critical that the B-hydrogen and the leaving 
group be trans diaxial to one another? 

Please explain why trans-1-bromo-4-methycyclohexane is more likely to undergo an E2 reaction when compared 
to trans-1-bromo-4-tert-butylcyclohexane even when working with warm toluene. 

What effect on the rate of reaction would be observed if some of the ethanol solvent escaped from the reaction 
flask (as volatile vapor) while samples are being removed? Explain. 


BIBLIOGRAPHY 
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SEQUENTIAL 
SYNTHESES: THE 
TRANSITION FROM 
MACRO TO MICRO 


The synthesis of a vast array—now numbering in the millions—of new organic 
molecules in academic and industrial laboratories over the past 100 years is one 
of the great achievements of modern science. Many of these new compounds 
have had profound effects on our way of life, both good and bad. A great chal- 
lenge in the next century will be how society applies these powerful materials, 
and the new molecules yet to be born, to the common good. 

Our ability to synthesize highly complex organic substances has taken a 
number of dramatic jumps during this century, and has resulted in a bewilder- 
ing collection of substances that have been devised, synthesized, and applied 
to practically every facet of our lives. Many of these materials are now vital to 
our daily life (consider penicillin) and we all too often take them for granted. 
In just the last 30-40 years, new advances in pharmaceutical compounds have 
saved, extended, and made more comfortable the lives of hundreds of millions 
of people. The list could go on and on, including textiles, surfactants, plastics, 
and synthetic oils, to name only a few. 

Historically, the synthesis of complex organic substances was primarily 
driven by the need to obtain large quantities of biologically active material that 
occurred as the product of plant or animal metabolism, but that could be ob- 
tained only in very small quantities from nature. For example, the synthesis of 
the adrenal cortex hormone, cortisone, was a major breakthrough for hor- 
mone therapy. The synthesis of this material initially required 33 steps. That is, 
the research chemist carried out a sequence of 33 reactions in which stable 
isolable intermediates were formed sequentially, leading ultimately to the de- 
sired cortisone molecule. Industrial sequences of this length are now rare, but 
those requiring three to six steps are common. 

The strategy of the synthetic chemist is to devise a route whereby the desired 
compound can be prepared efficiently, using inexpensive, readily available start- 
ing materials in the fewest steps, and have a minimal impact on the environment 
when considering the waste(s) generated. For each individual step, the yield 
of intermediate should be as high as possible with a minimum of side reactions. 
In industry the overall cost of the proposed synthetic sequence must be consid- 
ered, including the time involved, type of equipment required, and safety factors. 
Today, with the worldwide demand for organic materials in vast quantities 
(e.g., petroleum products) it is becoming increasingly important to assess the 
impact on our environment of these synthetic materials prior to large-scale 
production. 





Chapter 7: C7H,, [1,2]Spirene 
Simmons and Fukunaga (1967). 
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Because organic transformations almost always take place with some loss of 
material (similar bond energies lead to alternative reaction pathways and easy 
byproduct formation), the yield of intermediate from each individual step can 
have a significant impact on the overall yield of the final product. In a multistep 
synthesis, the overall yield is the mathematical product of the yields of the individual 
steps. For example, if we assume that in a five-step sequence for the prepara- 
tion of a new dye, each step takes place in 85% yield, the overall yield would 
be (0.85) X 100 or 44% (in a 33-step synthesis with an 85% yield for every 
step, the overall yield would be ~0.5%). This property of organic synthesis em- 
phasizes why a synthetic route devised to produce a particular molecular 
structure must be carefully planned to minimize losses at each stage of the cho- 
sen pathway. This problem also illustrates why the initial steps of a sequence 
usually use larger quantities of reactants (macro or semimicro quantities), and 
why in the last stages, experience at running reactions at the microscale level 
can be invaluable. 

In this chapter we describe a set of six sequential experiments. These ex- 
periments vary in the number of intermediates that are required from seven to 
three, and they vary in the complexity of the chemistry, from straightforward 
extensions of Chapter 6 to relatively demanding experimentation similar to 
that described in Chapter 10W. 

The target molecules include 


e The drug sulfanilamide (the first of the antibiotics), which is obtained 
in a novel three-step sequence not usually found in the introductory 


laboratory: 
HN-(_)-SO.NH, 


p-Aminobenzenesulfonamide 
(sulfanilamide) 


e The industrially important polymer, nylon-6,6 (the first of the commercial 
synthetic textile fibers), formed in three steps closely paralleling the origi- 


nal synthesis: 
9 9 i 
C(CH,),C—NH(CH,),N 
n 


Nylon-6,6 


e The synthesis of 2’-bromostyrene, which requires three steps. This com- 
pound is an interesting substance because of its commercial use as a fra- 
grance in soap products: 


om —=CHBr 


2'-Bromostyrene 
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e The synthesis of piperonylonitrile is an example of a novel conversion, 
in three steps, of an aromatic aldehyde to an aromatic nitrile: 


& 
HC. 
O7 C=N: 


Piperonylonitrile 


e The synthesis of hexaphenylbenzene requires two parallel three-step 
sequences to obtain two intermediates that then react with each other to 
give the target compound after a seven-step synthesis. The final product 
is a most unusual organic material with one of the highest melting points 
observed for an organic substance: 


C,H; 
H.C, C,H; 
H,C 6 C 6s 
C.Hs 
Hexaphenylbenzene 


e The synthesis of a photochromic imine in four steps yields perhaps the 
most intriguing substance in the entire chapter. The ability of this mate- 
rial to turn a deep-blue color when exposed to light, and then to lose its 
color when placed back in the dark makes this structure one of the most 
interesting of the sequential products. It also involves the most challeng- 
ing chemistry of the multistep syntheses: 





H 
4-NO,Ph 
6 
c) Ph H Ph 
: hy 
— H _ 
- ON i ue H .# 
N N3 N N 
Ph 4-NO,Ph Ph 
2-exo-6-exo-2,4-Diphenyl- Blue azomethine ylide 
6-(4-nitrophenyl)- (syn configuration) 


1,3-diazabicyclo[3.1.0]hex-3-ene 


In a number of the sequences, the stereochemistry of the reactions is vitally 
important and controlled by the mechanisms that are operating under the pre- 
scribed conditions. This aspect of the transformations is discussed in detail. By 
performing one or all six of these multistep sequences you will have a chance 
to challenge your experimental technique under conditions essentially identi- 
cal to those found in the modern synthetic organic research laboratory. You will 
quickly recognize the reason why laboratory technique is so vital to the success 
of multistep syntheses. 
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The Synthesis of Hexaphenylbenzene 


The molecule to be prepared in the Sequence A synthesis is hexaphenylben- 
zene (I): 





Hexaphenylbenzene 


This system, which contains seven aromatic rings, was first made by 
Dilthey at the University of Bonn in 1933 by using a classic Diels—Alder reac- 
tion with exactly the same two reactants as you will generate in Sequence A. 
The Bonn group showed that an earlier claim, by Durand, to have prepared 
this compound via a massive Grignard attack by phenylmagnesium bromide 
on hexachlorobenzene, had not actually yielded hexaphenylbenzene. The 
compound isolated by Durand melted at 266 °C while Dilthey’s material 
melted at 421-422 °C. Hexaphenylbenzene was later synthesized photochem- 
ically by Biichi at the Massachusetts Institute of Technology (MIT) in 1962. The 
MIT group improved the purity of the isolated material, and reported a melt- 
ing point of 439-441 °C. Fieser, at Harvard University, refined Dilthey’s syn- 
thetic route, and published the definitive preparation in Organic Syntheses in 
1966. Fieser obtained melting points without decomposition in evacuated melt- 
ing point capillaries (see Chapter 4) in the range 454-456 °C. 

This hydrocarbon system possesses a number of interesting structural and 
physical properties. First, we should note that it has a relatively high molecu- 
lar weight, near 534, and a molecular formula of Cy2.H39. Hexaphenylbenzene 
exhibits an extremely high melting point for a nonionic organic material. For 
example, of the 15,000 plus substances listed in the Table of Physical Constants 
for Organic Compounds in the CRC Handbook of Physics and Chemistry, only 
two materials melt above 450 °C (and both of these compounds decompose at 
their melting point), and only 10 melt above 400 °C. Indeed, hexaphenylben- 
zene melts above hexabenzobenzene (II), the completely delocalized seven- 
ring fused system, mp = 438-440 °C. 


II 
Hexabenzobenzene 
(coronene) 
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Figure 7.1 Molecular model 
of one of the chiral rotamers 
of hexaphenylbenzene. 





From molecular modeling studies of hexaphenylbenzene, it appears that the 
six substituent rings surrounding the central system will be sterically restricted 
from lying in the plane of that ring by ortho-position interaction (II) and Figure 7.1 
shows a molecular model of one of the chiral rotamers of hexaphenylbenzene. 





Ill 
Hexaphenylbenzene with steric interactions 
between ortho positions 


The twisted structure presents a particularly interesting problem in 
stereoisomerism. It is clear that when all the rings are coplanar (dihedral angle 
of 0°) we have maximum overlap of the 7 system and delocalization energy, 
but we also have a maximum of steric repulsion energies. On the other hand, 
when the dihedral angle approaches 90°, all delocalization is blocked, though 
steric repulsion between rings is at a minimum. It would seen reasonable to 
expect the system to reach some energetic compromise between these two 
extreme orientations. If this is the case, is it possible to establish the angle at 
which the external rings are positioned? An X-ray crystallographic study 
carried out by Bart in 1968 on solid crystalline hexaphenyl-benzene did, in 
fact, show that in the crystal lattice the phenyl groups are twisted 65° out of the 
plane of the central ring. In the crystal lattice, the molecule adopts a conforma- 
tion, similar to a six-bladed propeller, which is chiral. That is, in the solid state 
hexaphenylbenzene can exist in two enantiomeric forms. Indeed, if this mole- 
cule happened to undergo resolution of the optical isomers during crystalliza- 
tion, in much the same fashion as Pasteur’s tartaric acid salts, it should be 
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possible to mechanically separate the racemate into crystals in which all the 
rings are tilted only in one possible conformation or in the other. These enan- 
tiomers, however, should possess a relatively low barrier to rotation, so that 
when dissolved in solution rapid racemization, via rotation of the rings (pro- 
peller blades) to the opposite pitch, would be expected. 

This does seem to be the case. In 1977, Gust at Arizona State University 
showed that if a derivative of hexaphenylbenzene were synthesized in which 
two different groups were substituted on adjacent rings in the ortho positions 
(e.g., a methyl group and a methoxy group, IV), two possible sets of diastere- 
omers would result: 





IV 
Substituted hexaphenylbenzene with steric 
interactions between ortho position 


It is presumed that it would be impossible for the rings to rotate the two 
ortho substituents past one another, but that other rotations may or may not 
be facile. If a large rotational barrier were present, the external rings would 
remain tilted at 65° with the same pitch. If this were the case, we would expect 
four diastereomers, and thus four different C—CH3 resonances in the ‘H NMR 
spectrum. If rapid interconversion of the tilted conformers occurred, we would 
expect that the two bulky ortho groups would restrict full rotation of those two 
rings, even though the barrier to pitch inversion is low. Thus, in this latter case 
we would expect two diastereomeric pairs of enantiomers (one with the two 
ortho groups up and one with one up and one down), and two different C—CH, 
resonances in the NMR. When the compound was synthesized, and its 'H NMR 
spectrum obtained, two resonances for methyl groups attached to aromatic 
rings and two O—CH; resonances were observed. These two diastereomers, V, 
were separated by column chromatography, and it was found that they slowly 
interconverted upon being heated to 215 °C. Thus, on the NMR time scale, it 
would appear that in hexaphenylbenzene, a reasonably rapid inter-conversion 
of the propeller conformations is taking place in solution at room temperature: 
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ortho-Disubstituted hexaphenylbenzene 
exists a8 two diastereomers 


The Synthesis of Hexaphenylbenzene 
from Benzaldehyde: 


As shown on the flow charts below and on page 428, the total synthesis of hexa- 
phenylbenzene involves two parallel sets of three reactions each, the a series 
and the b series. The two series culminate in synthesizing tetraphenylcyclopen- 
tadienone (a series) and diphenylacetylene (b series), which are then reacted 
together (Experiment [A4,,]) to produce the final product, hexaphenylbenzene. 

The a series uses benzaldehyde as a starting material, which is first con- 
verted to the a-hydroxyketone benzoin in Experiment [A1,]. Benzoin is then 
oxidized to benzil (Experiment [A2,]). Benzil (along with diphenylacetone) is 
used in the construction of tetraphenylcyclopentadienone in Experiment 
[A3,], the third and last of the Sequence A, intermediates. 

The b series of synthetic experiments also begins with benzaldehyde, 
which is converted in Experiment [A1,] into (E)-stilbene. (E)-Stilbene is the 
precursor to meso-1,2-dibromo-1,2-diphenylethane (meso-stilbene dibro- 
mide) prepared in Experiment [A2,]. This dibromide is in turn converted 


Benzaldehyde 
Benzoin [A1,] 


Benzil [A2,] 


Tetraphenylcyclopentadienone [A3,] 





| >Hexaphenylbenzene [A4,,] 
Diphenylacetylene [A3,] 


meso-Stilbene dibromide [A2,] 


(E)-Stilbene [A1,] 


Benzaldehyde 
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meso-Stilbene dibromide Diphenylacetylene 
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Al, 

Zo 

Cy 


(E)-Stilbene Benzaldehyde 











Sequence A, 





by the double dehydrohalogenation reaction in Experiment [A3,] into 
diphenylacetylene. 

The diphenylacetylene is then reacted with the tetraphenylcyclopentadiene, 
synthesized in the last step of the a series, in a Diels-Alder reaction to produce 
the final product of the sequences, hexaphenylbenzene, in Experiment [A4.,]. 
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This preparation of hexaphenylbenzene demonstrates the manner in 
which a variety of basic organic reactions can be integrated to prepare a desired 


end product. 
BIBLIOGRAPHY 
Bart, J. C. J. Acta Crystallogr., Sect. B 1968, 24, 1277. Durand, J. F.; Hsun, L. W. C. R. Hebd. Seances Acad. Sci. 1931, 
Biichi, G.; Perry, C. W.; Robb, E. W. J. Org. Chem. 1962, 191, 1460. 
27, 4106. Fieser, L. F. Organic Syntheses; Wiley: New York, 1973; 
Dilthy, W.; Schommer, W.; Trosken, O. Berichte 1933, Collect. Vol. V, p. 604. 
66B, 1627. Gust, D. J. Am. Chem. Soc. 1977, 99, 6980. 


The Benzoin Condensation of Benzaldehyde: Benzoin 


Common name: benzoin 
CA number: [579-44-2] 
CA name as indexed: ethanone, 2-hydroxy-1,2-diphenyl- 


Purpose. One of the classic reactions of organic chemistry, the benzoin conden- 
sation, is carried out. You will examine the properties of the a-hydroxyketone 
product of this well-known reaction. The particular w-hydroxyketone generated 
in this experiment is the compound from which the reaction gains its name, 
benzoin. 

This reaction provides quantities of benzoin for use in the multistep syn- 
thesis of hexaphenylbenzene (see Experiment [A4,,]). Benzoin is synthesized 
in this first step of the a series of the Sequential Experiments. In this sequence 
of reactions, benzoin is converted by oxidation (Experiment [A2,]) to benzil and 
then to tetraphenylcyclopentadienone (Experiment [A3,]). The latter compound 
undergoes a Diels—Alder addition with diphenylacetylene (Experiment [A3,]) to 
give hexaphenylbenzene (Experiment [A4.»]). 


NOTE. If the benzoin product is to be used in the reaction sequence, it is recom- 
mended that one of the semimicro procedures be followed so that sufficient mate- 
rial will be available for the subsequent steps. The conditions for a one-step 
microscale experiment are listed following the two semimicroscale procedures. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-91) 





REACTION 
ol a Gi 
Ob OO 
H 
Benzaldehyde Benzoin 
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DISCUSSION 


Aromatic aldehydes, in the presence of catalytic cyanide ion, dimerize to form 
the corresponding a-hydroxyketone (acyloin). This reaction, which is reversible, 
is known as the benzoin condensation, even though we now know that it is not 
actually a condensation reaction, because no water or alcohol is produced. 
Cyanide ion is a specific catalyst for the reaction with aromatic aldehydes, and 
can function in this capacity because it is a good nucleophile, it stabilizes the in- 
termediate carbanion, and it is a good leaving group. In the mechanism outlined 
below, the nucleophilic cyanide ion attacks a molecule of the aromatic aldehyde 
to form the conjugate base of a cyanohydrin. The effect of the —CN group is to 
increase the acidity of the a-hydrogen atom, thus allowing the formation of the 
anion (I): 








CO: OF OH 
/ 7 | bea 
CHG + CN = CH 7 i — CHF (1) 
a, CN CN 
I 
% :OH oe 
CHs—€ A+ 0 Cos = Cos C—O CoH 
CN H CN H 
I | (2) 
Gu yn ad 
i ; ¢O OH 
CHs—C—C— CoH + CN == CHs—C—C— CoH 
H Sén H 


(an acyloin) 


Once generated, the nucleophilic carbanion (I) attacks a second molecule 
of the aromatic aldehyde to yield a substituted cyanohydrin. This species can 
then be stabilized by loss of cyanide ion to form the a-hydroxyketone product. 

The electronic effects of various substituents on the aromatic ring have 
been investigated. Because, in this reaction, the same aldehyde functions as 
both the nucleophile and the electrophile, electronic effects that enhance one 
of these functions are likely to inhibit the other. If a strongly electron-donating 
group is in the para position of the ring, the reaction fails due to the increase 
in electron density at the carbonyl carbon, brought about by the presence of 
the electron donor, which renders the carbonyl carbon less electrophilic. The 
benzoin condensation is also hindered by strong electron-withdrawing 
groups on the ring. The presence of a para-nitro group decreases the electron 
density on the carbonyl carbon atom in the cyanohydrin anion, making its car- 
banion less nucleophilic, which drastically retards the rate of addition of the 
anion to the second molecule of aldehyde. 

The cyanide-ion catalysis works only for aromatic aldehydes. Aliphatic 
aldehydes can, however, be condensed to a-hydroxyketone in the presence of 
thiazolium salts, such as N-dodecylthiazolium bromide: 
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Br (CH,),CH, 
Ge 
CS 
S 


N-Dodecylthiazolium bromide 


SEMIMICROSCALE EXPERIMENTAL 
PROCEDURE 


(The microscale reaction quantities are increased by a factor of 2.) 


Estimated time to complete the experiment: 2.0 h. 














Physical Properties of Reactants 
Compound MW Amount mmol bp (°C) d Np 
Benzaldehyde 106.13 400 pL 3.92 178 1.04 1.5450 —- 
Sodium cyanide (0.54 M) 
in ethanol (95%) 2 mL 










Thermometer ff 
Reagents and Equipment. Using an automatic delivery pipet in the hood, HOOD 
place 400 pL (416 mg, 3.92 mmol) of fresh, acid-free, benzaldehyde in a 

weighed 10-mL round-bottom flask containing a magnetic spin bar. Reweigh 

the flask and record the weight. Now add 2 mL of a 0.54 M solution of sodium 

cyanide in ethanol (in the hood). Remember to use a fresh tip on the auto- HOOD 
matic delivery pipet. 


NOTE. The 0.54 M NaC solution should be prepared by the instructor. 
10-mt RB flask 
CgHCHO, 400 aL 
+ NatN solution, 2mL 





CAUTION: Sodium cyanide (NaCN) is extremely toxic. 


Attach the flask to a reflux condenser and mount the assembly in a sand 
bath on a magnetic stirring hot plate (=). 


Reaction Conditions. Heat the mixture with stirring in a sand bath at 
90-95 °C. Maintain this temperature for 30 min. The reaction solution turns 
yellow, and may then become cloudy within approximately 5 min. 


NOTE. Do not overheat the reaction mixture. If the solution begins to darken, 


immediately remove the vial from the sand bath. Benzoin 
product 
collected 
here 


Isolation of Product. At the end of the reflux period, cool the solution to 
room temperature and then place it in an ice bath for 10 min. Collect the ben- 
zoin product by filtration under reduced pressure using a Hirsch funnel (m™). 
Wash the filter cake on the Hirsch filter bed with two 1-mL portions of cold 
water, and air-dry the material under suction using plastic food wrap (see 
Prior Reading) for 5 min. The crude material is further dried on a porous clay 
plate or on filter paper. Bee, ae 
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CgHsgCHO, 200 al 
+ NaCN solution, 1 mL 


Purification and Characterization. This crude material may be purified 
by recrystallization from methanol or ethanol (95%) in a Craig tube. 

Weigh the benzoin product and calculate the percent yield. Determine the 
melting point and compare your value to that found in the literature. 

Obtain the IR spectrum of the compound. Compare your spectrum to that 
recorded in the literature (The Aldrich Library of IR Spectra and/or SciFinder 
Scholar). 

This compound also has a characteristic ultraviolet spectrum showing a 
peak of maximum absorption (Ajax) at 247 nM (Emax = 13,200, at a concentra- 
tion of 6.0 X 10° M inethanol) characteristic of the benzoyl group, CsH;C=O. 


Chemical Tests. Benzoin contains an aromatic ring. Confirm this fact by per- 
forming the ignition test (Chapter 9). To confirm the presence of the alcohol 
and ketone functions in benzoin carry out the chromic anhydride test for the 
—OH group and the 2,4-dinitrophenylhydrazine test for the C=O group. 
Isolate the solid 2,4-dinitrophenylhydrazone derivative and compare its melt- 
ing point to the literature value. 

There is a specific test for the presence of benzoin. Place a few crystals of 
your material in 800 wL of 95% ethanol. The addition of a few drops of 10% 
sodium hydroxide solution produces a purple coloration. The color fades when 
the solution is shaken in air but reappears if the solution is allowed to stand. 


OPTIONAL SCALES 


These procedures are identical to that given above with the following exceptions: 


Fivefold Scaleup 


1. Increase the scale of the reaction by a factor of 5 compared to the 
microscale procedure. 











Physical Properties of Reactants 
Compound MW Amount mmol bp (°C) d Np 
Benzaldehyde 106.13. 1.0 mL 9.8 178 1.04 1.5450 
Sodium cyanide (0.54 M) 

in ethanol (95%) 5.0 mL 











2. Use a 10-mL round-bottom flask. 
3. The product is washed with two 2-mL portions of cold water. 


MICROSCALE REACTION PROCEDURE 

















Physical Properties of Reactants 
Compound MW Amount mmol bp(°C) d Np 
Benzaldehyde 106.13 200 pL 1.96 178 = 1.04 1.5450 
Sodium cyanide (0.54 M) 

in ethanol (95%) 1.0 mL 








1. The product is washed with two 0.5-mL portions of cold water. 
2. Use a 5-mL conical vial (9). 
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QUESTIONS 


7-1. The benzoin produced in this experiment contains a chiral carbon atom (a stereocenter), but the product itself is not 


optically active. Explain. 


7-2. The cyanide ion is a highly specific catalyst for the benzoin condensation. Can you list three functions this ion 


performs in this catalytic role? 


7-3. Can you suggest a reason why p-cyanobenzaldehyde does not undergo the benzoin condensation to yield a 


symmetrical benzoin product? 


7-4. Tollens’ reagent is used as a qualitative test for the presence of the aldehyde functional group (see Chapter 9, Classifi- 
cation Tests). However, benzoin, which does not contain an aldehyde, gives a positive test with this reagent. Explain. 


7-5. Show how one might accomplish the conversion of p-methylbenzaldehyde to each of the following compounds. 





° ° 
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Copper(ll) lon Oxidation of Benzoin: Benzil 


Common name: benzil 
CA number: [134-81-6] 
CA name as indexed: ethanedione, diphenyl- 


Purpose. Benzil is the second of three synthetic intermediates in the a series 
of Sequential Reactions, which lead to the synthesis of hexaphenylbenzene. 
Benzoin, the starting material for this step, is prepared in Experiment [A1,]. 
Benzil, the product formed in the present reaction, is used in the synthesis of 
tetraphenylcyclopentadienone in Experiment [A3,]. Tetraphenylcyclopenta- 
dienone is then converted to hexaphenylbenzene in Experiment [A4.,y]. 

This experiment also affords an excellent opportunity for you to investigate 
the use of a soluble, metal—ion catalyst as an oxidizing agent. In this case, a sec- 
ondary alcohol is oxidized to a ketone. Because nitrogen gas is formed as a 
byproduct, the progress and rate of the reaction can be followed by measuring 
the evolution of nitrogen. 


NOTE. If you plan to continue the synthetic sequence to hexaphenylbenzene, the 
semimicroscale procedure described below should be used. If you wish to study this 
reaction as an individual microscale experiment, those conditions follow the semi- 
micro discussion. 
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Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-91) 
Technique 6: Chromatography 
Column Chromatography (pp. 92-95) 
Thin-Layer Chromatography (pp. 97-99) 
Concentration of Solutions (pp. 101-104) 
Technique 7: Collection or Control of Gaseous Products (pp. 105-107) 


REACTION 
° ‘O° 
OO se OD 
1 VS Se, 
Benzoin Benzil 
DISCUSSION 


Benzil, a diketone, is obtained by the catalytic oxidation of benzoin using Cu?* ion 
as the catalytic oxidant. The reaction is general for a-hydroxyketones, and is 
the basis of Fehling’s qualitative test for certain sugars. The mechanism of the 
oxidation shows the catalytic effect of the Cu** ion as it is continuously re- 
duced and reoxidized in the sequence outlined below. A key ingredient is the 
nitrate ion, which oxidizes the Cu* to the Cu?* oxidation state, and is in turn 
reduced to nitrite ion. The nitrite ion in the presence of acid and ammonium 
ion, decomposes to yield nitrogen gas and water. 














OH ‘O° =O: © 
a R é 7 ® | + HOAS 
th th 
Bae 
rT roe 
0: 0 
2HOAc + 2[1Cut,OAc ] +R d é ree ca wo nae + [Cu*, OAc™ 
ti 
Sane JJ 
and 


2Cu* + 2H* + NO; — 2Cu2* + NO; + H,O 
NH,NO, +> N, + 2H,O 
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SEMIMICROSCALE EXPERIMENTAL 
PROCEDURE 


(The microscale reaction is increased fourfold.) 


Estimated time of the experiment: 2.5 h. 




















Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) 

Benzoin 212.25 400 mg 1.88 137 

Cupric acetate solution 1.4 mL eee 











INSTRUCTOR PREPARATION. Prepare the catalyst solution by dissolving 0.1 g 
of cupric acetate and 5 g of ammonium nitrate in 7.0 mL of deionized water (may 
require warming), followed by addition of 28 mL of glacial acetic acid. Place the 
container in the hood and dispense the solution by use of an automatic delivery HOOD 
pipet. 


7 : ‘ : eo Benzoin, 400 mg 
Reagents and Equipment. Equip a 5.0-mL conical vial, containing a mag- + cupric acetate catalyst, 1.4 mL, 


netic spin vane, with a reflux condenser, to which is attached a gas exit Pours 
delivery tube(m). Weigh and add to the vial 400 mg (1.88 mmol) of benzoin, 
followed by 1.4 mL of cupric acetate catalyst solution (using a calibrated Pas- 

teur pipet). 

Arrange the gas delivery tube so that it fits into an inverted 100-mL gradu- —jo0.mi 
ated cylinder that is filled with, and immersed in, a beaker of water (m). This  &ivaee 
arrangement facilitates the measurement of the nitrogen gas evolved during the 
course of the reaction. 


NOTE. It is absolutely necessary that all connections be tight to prevent leakage 
of the gas evolved. Lightly grease the ground-glass joint on the gas delivery tube. 


Reaction Conditions. Heat the reaction mixture with stirring at a sand 
bath temperature of 140-145 °C for about 1 h or until the collected gas vol- 
ume remains constant. As the benzoin dissolves, the reaction mixture turns 
green and evolution of nitrogen gas commences. The theoretical volume of gas 
from the oxidation of 400 mg of benzoin is 42.4 mL at standard temperature and 
pressure (STP). 


Isolation of Product. If the gas delivery tube is used, disconnect it from the 
top of the condenser before removing the reaction vial from the heat source. 

Cool the reaction mixture to room temperature, add 2 mL of cold water 
(using a calibrated Pasteur pipet), and then place the reaction vial in an ice 
bath for 10 min. Collect the yellow crystals of benzil by vacuum filtration using 
a Hirsch funnel (@). Rinse the reaction vial and crystals with two additional 
2-mL portions of cold water. 


Benzil collected here 


Aqueous acetic acid, 
ge ° ° ° i ~7.4 mL and other 
Purification and Characterization. Purify the crude product by recrys- reaction by-preducts 


tallization from methanol, or from 95% ethanol. Dry the recrystallized 
yellow benzil on a porous clay plate, or on filter paper. The benzil obtained 
after recrystallization often contains a small amount of benzoin impurity. It may 
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Sand (0,1 a) 
Benzil 


Si0,, (-3 g) 


Sand, 50 mg 


Benzil in 
~15 mL CH,Cly 





be purified by chromatography on silica gel using the procedure outlined below. 
Before carrying out the column chromatography purification of benzil, the 
purity of the initial product may be assessed using thin-layer chromatogra- 
phy (see Prior Reading). Use methylene chloride as the elution solvent, 
silica gel as the stationary phase, and UV light for visualization. Typical 
R, values are benzil, 0.62; benzoin, 0.33. 

Pack a 1.0-cm-diameter column to a height of 5 cm with a slurry of acti- 
vated silica gel in methylene chloride («). Introduce the sample of benzil to 
the column, followed by 100 mg of sand. Use approximately 10-15 mL of 
methylene chloride to elute the benzil, which is easily identified on the col- 
umn because of its yellow color. Concentrate the eluate collected in a 25-mL 
filter flask to obtain the pure benzil (see Prior Reading). A rotary evaporator is 
an effective alternative. 

Weigh the dried product and calculate the percent yield. Determine the 
melting point and compare your value to that reported in the literature. 

Obtain an IR spectrum of the product and compare it with that of the 
starting material and to that reported in the literature (The Aldrich Library of IR 
Spectra and/or SciFinder Scholar). 

Benzil also has a characteristic UV spectrum (see Fig. 7.2). It exhibits a 
wavelength maximum (Amax) at 259 nm (Emax = 16,329 methanol). It is of in- 
terest to compare this absorption spectrum of benzil with that of benzoin 
(Experiment [A1,]). If the melting point and infrared spectrum compare rea- 
sonably closely to the literature values, this material may be used in the syn- 
thesis of tetraphenylcyclopentadienone (Experiment [A3,]). If the melting 
point is low, check the product’s purity by thin-layer chromatography. 


Chemical Tests. Ketones and aldehydes are often characterized by the 
preparation of a solid derivative. To assist in the characterization of benzil, 
prepare its 2,4-dinitrophenylhydrazone or semicarbazone (Chapter 9). The 
melting points of these derivatives are listed in Appendix A, Table A.5. 


1.4000 





1.1000 Sample. Benzil 

Solvent: CH40H 
Concentration: 76 x 10-5 M 
Scan Speed: 750 nm/minute 


Absorbance 


-100 
200.0 


242.0 2840 326.0 368.0 410.0 
Wavelength (nm) 
Figure 7.2 UV-visible spectrum: benzil. 
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OPTIONAL MICROSCALE PREPARATION 


The microscale procedure is similar to that outlined above for the semimi- 
croscale preparation, with the following exceptions: 


1. Use a 3.0-mL conical vial containing a magnetic spin vane fitted with a 
reflux condenser to which is attached a gas delivery tube (™). 


2. Collect the gas in an inverted calibrated collection tube (™). 
3. Decrease the amount of the reagents and solvents fourfold. 






thermometer 











Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) 
Benzoin 212.25 100 mg 0.47 137 
Cupric acetate solution 350 pL 








Benzain, 100 mg + 
oxidation catalyst, 350 wL, 
ceased. 3-mL conical vial 


4. Heat the reaction mixture at about 140 °C until the evolution of gas has 


5. Add 0.5 mL of cold water to the cooled reaction product and, after filtra- 
tion, wash the material with two 0.5-mL portions of cold water. 


6. Purify and characterize the benzil product as described in the semimi- 
croscale procedure, but using a Craig tube for the recrystallization. 





QUESTIONS 


7-6. Inthe directions given for the experiment, it is emphasized that the gas delivery tube must be disconnected from 
the top of the condenser before removing the reaction vial from the heat source. Why is this necessary? 

7-7. What qualitative chemical tests would you perform to distinguish between benzoin and benzil? (See Chapter 9.) 

7-8. 1,2-Dicarbonyl compounds, such as benzil, can be characterized by reaction with o-phenylenediamine to form a 


substituted quinoxaline: 
R a - 
“c=o0: HN Bae 
Lot — 
C=O: x 
go : H.N~ R” °N 


o-Phenylenediamine (a quinoxaline) 
(a) Write the structure for the quinoxaline derivative obtained when benzil is the reactant. Do you think this compound 
would be colored? If so, why? 
(b) Suggest a suitable mechanism for the formation of the quinoxaline compounds based on the reaction scheme 
shown above. 
(c) What reagent would you react with o-phenylenediamine to prepare the unsubstituted compound quinoxaline? 
Show a reaction scheme giving the structure of reactants and products. 
7-9. Make asketch of the 'H NMR spectrum that would be observed for benzil. 
7-10. Suggest a method for the synthesis of C;sH;CH(OH)CH(OH)C,Hs from benzil. Discuss the stereochemical aspects 
of this 1,2 diol. 
7-11. Based on the ultraviolet data given for benzil in the Purification and Characterization section of this experiment, what 
concentration of the benzil must have been used if a 1-cm cell was used, and a maximum absorption of 0.5 was 
observed? 
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Tetraphenylcyclopentadienone 


Common name: tetraphenylcyclopentadienone 
CA number: [479-33-4] 
CA name as indexed: 2,4-cyclopentadien-1-one, 2,3,4,5-tetraphenyl- 


Purpose. The cyclic dienone product of this aldol condensation is the third 
intermediate in the a series of Sequential Reactions, which lead to the target 
molecule, hexaphenylbenzene. It is the last intermediate in the a series, and 
when reacted with the last intermediate in the b series (Experiment [A4,,]) 
will give the target molecule. 

In addition to supplying a key intermediate in the a series synthetic sequence, 
the experiment illustrates the use of the aldol condensation for the synthesis of a 
five-membered carbocyclic ring. The product also is a good demonstration of the 
impact of extended conjugation on the absorption of visible light. Starting with 
bright-yellow benzil, we form an even more extended 7 system in this experi- 
ment, and as a result, the tetraphenyldienone product absorbs strongly over a sig- 
nificant portion of visible spectrum and is thus deeply colored. 


NOTE. If you plan to continue the synthetic sequence to hexaphenylbenzene, the first 
microscale procedure described on page 439 should be used. If you wish to study this 
reaction as an individual microscale experiment, follow the second set of conditions. 


Prior Reading 
Experiment [20] (pp. 309-317) 
Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-91) 


REACTION 


CH,OH 
z —> C,H.— 
[C,H;CH,N(CH;);]" , OH 





Benzil 





+ 
Ocean) 
O. 


1,3-Diphenylacetone Tetraphenylcyclopentadienone 
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DISCUSSION 


This experiment is a further example of the aldol condensation reaction (see 
Experiment [20] for discussion and Experiment [F1] for another example).! 
The reaction carried out here differs from the earlier example in that in this 
case two ketones, one of which has no a-hydrogen atoms, are the reactants. It 
is also different because the reagents selected lead to the formation of a carbo- 
cyclic ring system. The initially formed aldol product undergoes an elimination 
reaction to yield a material that has a highly conjugated system of double 
bonds. In general, the more extended the conjugation in a molecule, the less 
energy is required to promote the 7 electrons to a higher energy level. In this 
case, energy in the visible region of the spectrum is absorbed, which results in 
a product possessing a deep purple color. 

The mechanism involves a sequence of two aldol condensations. The first 
is intermolecular; the second is intramolecular. The mechanism is similar to 
that outlined in Experiment [20]. 

The product of this reaction is the dienone intermediate used in the final 
step of the synthesis of hexaphenylbenzene (see Experiment [A4.,p]). 


MICROSCALE REACTION PROCEDURE (1) 


(The first microscale reaction is increased by a factor of 2.) 


Estimated time to complete the experiment: 1.5 h. 





Physical Properties of Reactants 








Compound MW Amount mmol mp(°C) | bp (°C) 
1,3-Diphenylacetone 210.28 100 mg 0.48 35 

Benzil 210.23 100 mg 0.48 95 

Triethylene glycol 150.18 0.5 mL 278 


Benzyltrimethylammonium 
hydroxide (40% solution 
in MeOH) 100 pL 















Reagents and Equipment. Measure and place 100 mg (0.48 mmol) of 
1,3-diphenylacetone and 100 mg (0.48 mmol) of benzil, followed by 0.5 mL 
of triethylene glycol, in a 3.0-mL conical vial containing a magnetic spin vane. 
Equip the vial with an air condenser (™). 


150-160°C 
thermometer 


NOTE. The benzil used in this reaction must be free of benzoin impurity. If benzil 
is prepared according to Experiment [A2,], it should be purified by the chroma- 
tographic procedure cited therein if benzoin is detected by thin-layer chromatography. 


Reaction Conditions. Heat the mixture with stirring in a sand bath at 
150-160 °C for 5-10 min. The benzil should dissolve during this time. 


Benzil, 100 me + 


Next, remove the apparatus containing the homogeneous reaction solution 1,3-diphenylacetone, 100 mg + 
from the heat source, and immediately add 100 pL of a 40% benzyltrimethyl- Busty ess chee: te mkt 
: ; : : [Immediately upon removal 
ammonium hydroxide-methanol solution to the hot reactants, with gentle shak- from the sand bath 100 pL 
ing. As cooling occurs, dark purple crystals of tetraphenylcyclopentadienone Cee eee aN 


appear. Cooling may be accelerated by placing the vial under a stream of cold water. methanol is added. ] 


"For references to the aldol condensation reaction, refer to Experiment [20]. 
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Dienone collected here 





0.5 mL triethylene glycol 
~2.0 mL methanel 


1.7006 


1.3400 






Sample: Tetraphenylcyclopentadienone 
Solvent: HCCI 
Concentration: 2.13 x 10-4 M 







0.9800 Scan Speed: 750 nm/minute 
2 
s 
8 
aa 
= 0.6200 

0.2600 

-0.100 . ee 

300.0 392.0 484.0 5760 668.0 760.0 Figure 7.3 UV-visible spectrum: 
Wavelength, am tetraphenylcyclopentadienone. 


Isolation of Product. Add 1.4 mL of cold methanol with stirring (glass rod), 
and then cool the mixture in an ice bath for 5-10 min. Collect the dark crystals 
by filtration under reduced pressure using a Hirsch funnel. Rinse the reaction vial 
and crystals with a few drops of cold methanol. Continue dropwise addition of 
cold methanol to the crystals on the filter bed until the product appears purple 
and is no longer brownish in color. Finally, allow the crystalline product to air- 
dry on a porous clay plate (or in an oven at about 80 °C for 1h) («). 


Purification and Characterization. The product is often of sufficient 
purity for direct use in the preparation of hexaphenylbenzene (Experiment 
[A4.p]). If further purification is required, the intermediate dienone may be 
recrystallized from triethylene glycol using a Craig tube. 

Weigh the tetraphenylcyclopentadienone product and calculate the per- 
cent yield. Determine the evacuated melting point and compare it with the 
literature value. Obtain an IR spectrum of the material and compare it with 
that of an authentic sample. 

The comparison of the UV-visible spectra of benzil (see data given in 
Experiment [A2,]) and the product may be used to demonstrate the shift of 
absorption bands with increased conjugation in the molecule. 

The UV-visible data for tetraphenylcyclopentadienone are summarized as 
follows and as shown in Figure 7.3 (see Chapter 8). 


max 010 nm (Emax = 1080, chloroform) 
Amax 345 nM (Emax = 6380, chloroform) 


NOTE. If you have synthesized the tetraphenylcyclopentadienone from benzaldehyde, 
calculate the overall yield to this point in the synthesis of hexaphenylbenzene. Base 
these calculations on the amount of benzaldehyde you started with. 


MICROSCALE REACTION PROCEDURE (2) 


When the microscale procedure is used as a single-step experiment, and not as 
part of the synthesis of hexaphenylbenzene, the scale is conveniently reduced 
to one-half that outlined above, with the following experimental modifications. 
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Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) d 
1,3-Diphenylacetone 210.28 50mg 0.24 35 
Benzil 210.23 50mg 0.24 95 
Triethylene glycol 150.18 = 0.25 mL 278 1.124 
Benzyltrimethylammonium 

hydroxide (40% solution in MeOH) 50 pL 





1. The reaction is carried out in a 3-mL conical vial. 
2. The reaction mixture is maintained at 155-165 °C for 10 min. 


3. Following addition of the base, the vial is reheated to 150-160 °C (2-3 min) 
and then allowed to cool. 


QUESTIONS 


7-12. The above reaction carried out to construct the intermediate dienone parallels an earlier example of an aldol 
condensation in Experiment [20] in which another dienone was synthesized. In both cases all the reactants 
possessed carbonyl groups. What further structural similarities between the key reactants were required so that 
both pathways would lead to aldol condensations? 

7-13. Outline a complete mechanistic sequence to account for the formation of the tetraphenylcyclopentadienone compound. 

7-14. Cyclopentadienone is unstable and rapidly undergoes the Diels—Alder reaction with itself. Write the structure for 
this Diels—Alder addition product. 

7-15. The Diels—Alder addition product of Question 7-14 undergoes a fragmentation reaction on heating to produce a 
bicyclotrienone compound plus carbon monoxide. Suggest a structure for this product. 

7-16. Using the Hiickel [4n + 2] rule for aromaticity, predict which of the following species might be expected to show 


aromatic properties: 
a Teh 
A O° 
yA 


7-17. Based on Questions 7-14 and 7-15, why is tetraphenylcyclopentadienone such a stable compound? 





BIBLIOGRAPHY 
An Organic Syntheses preparation of tetraphenylcyclopenta- _— For preparing this material under microwave conditions see 
dienone is available: Elder, J. W. J. Chem. Educ. 1994, 71, A142. 


Johnson, J. R.; Grummitt, O. Organic Syntheses; Wiley, New York, 
1955; Collect. Vol. II, p. 80. 


(E)-Stilbene 


Common names: (E)-stilbene; trans-1,2-diphenylethene 
CA number: [103-30-0] 
CA name as indexed: benzene, 1,1’-(1,2-ethenediyl)bis-, (E)- 
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| 
C,H,CHO + (C,H-O),P—CH,C,H; 


Benzaldehyde 


Purpose. The purpose of this experiment is to prepare a sufficient quantity 
of (E)-stilbene to complete a multistep sequence of synthetic reactions to ob- 
tain the target compound, hexaphenylbenzene (Experiment [A4,,]). 

A further purpose of experiment [A1,] is to investigate the use of the 
Horner-Wadsworth-Emmons modified Wittig reaction to complete the syn- 
thetic objective. You will also study a reaction that involves the condensation of 
an aldehyde and a phosphonate ester, using a highly effective phase-transfer 
catalyst. 


NOTE. (E)-stilbene is the first intermediate to be synthesized in the b series of 
Sequential Reactions en route to hexaphenylbenzene. If you plan to carry out the 
entire sequence to hexaphenylbenzene, the semimicroscale procedure presented here 
should be used. Conditions to run the reaction as an individual microscale exper- 
iment are given in detail in Experiment [19B]. 


Prior Reading 
Technique 4: Solvent Extraction 
Liquid-Liquid Extraction (pp. 72-75) 
Drying of a Wet Organic Layer (pp. 80-83) 
Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 
Technique 6: Chromatography 
Packing the Column (pp. 93-94) 
Elution of the Column (pp. 94-95) 
Thin-Layer Chromatography (pp. 97-99) 
Concentration of Solutions (pp. 101-104) 


REACTION 
:O: “i 
40% NaOH 2 
Hexane C,H;CH—=CHC,H; + (C,H;O),P —O , Na‘ 
Diethylbenzyl Aliquat 336 E-Stilbene Sodum diethyl phosphate 
phosphonate 
DISCUSSION 


For a discussion of the Wittig reaction and a list of references, including the 
mechanism and modifications, see Experiment [19]. The role of the phase- 
transfer catalyst in the Horner-Wadsworth-Emmons modification of the Wittig 
reaction is also discussed in some detail in that experiment. 
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EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 














Physical Properties of Reactants 
Compound MW Amount mmol bp (°C) d Np 
Benzaldehyde 106.12 600 wL 5.88 178 1.04 = 1.5463 
Diethyl benzylphosphonate 228.23 = 1.20 mL 5.07 106-108 1.095 1.4970 
(@1 mm) 
Aliquat 336 404.17 528mg 1.30 
(tricaprylmethylammonium chloride) 
Hexane 86.18 12.0 mL 
40% Sodium hydroxide 12.0 mL 








Reagents and Equipment. Weigh and place 528 mg (600 wL of tricaprylmethyl- 
ammonium chloride (Aliquat 336) in a 50-mL round-bottom flask containing 
a magnetic stirrer. Add 600 wL (5.88 mmol) of freshly distilled benzaldehyde, 
1.20 mL (5.57 mmol) of diethyl benzylphosphonate, 12.0 mL of hexane, 
and 12 mL of 40% sodium hydroxide solution. Attach the flask to a reflux 
condenser (m). 


NOTE. The benzaldehyde, (automatic delivery pipet), diethyl benzylphosphonate 
(2-mL glass pipet), hexane, and NaOH solution are dispensed in the hood. 

Aliquat 336 is very viscous and is best measured by weighing. A medicine 
dropper is used to dispense this material. 

It is advisable to lightly grease the bottom joint of the condenser because strong 
base is being used in the reacting medium. At the end of the reaction, it is also 
important to loosen the Cap-seal and twist the joint to make sure it is free to rotate 
as the apparatus is cooling. 






90-100°C 
thermometer 


Reaction Conditions. Heat the two-phase mixture at reflux on a sand bath 
at about 90-100 °C for 1 h. Stir the reaction mixture vigorously during this 
period. Allow the resulting orange solution to cool to nearly room tempera- CeHgCHO, 600 pL + diethy! 
ture. Crystals of product may appear as cooling occurs. ea 


Isolation of Product. Add 4.0 mL of methylene chloride, which will dissolve ee ee 


any crystalline material that may have formed. Now transfer the contents of the 
round-bottom flask to a 125-mL separatory funnel. Rinse the flask with an ad- 
ditional 2.0-3.0 mL of methylene chloride, and transfer this rinse to the separa- 
tory funnel using a Pasteur filter pipet. Remove the aqueous layer carefully 
(because the densities of the aqueous and organic layers are rather close, it is wise to 
test the solubility of a few drops of the bottom layer in water to ascertain which phase 
is the aqueous one in the separatory funnel), and then wash the remaining organic 
layer with two 6.0-mL portions of water. Save the combined aqueous extracts in 
a 50-mL Erlenmeyer flask until you have successfully isolated and characterized 
the product. Now transfer the remaining wet methylene chloride solution to a 
50-mL Erlenmeyer flask. Dry the solution by addition of anhydrous sodium sul- 
fate (~1-2 g). Use a 50-mL glass pipet to transfer the dried solution to a second 
50-mL Erlenmeyer flask. Wash the sodium sulfate remaining in the first Erlenmeyer 
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flask with two 3-mL portions of methylene chloride. Remove these washings, 
using a Pasteur filter pipet, and transfer them to the same Erlenmeyer flask. 

You may concentrate the solution, which contains the desired product, to 
dryness on a warm sand bath under a gentle stream of nitrogen gas, but a 
more efficient and rapid procedure is to remove the solvent by rotary evapora- 
tion (see Concentration of Solutions, Technique 6B). 


Purification and Characterization. Recrystallize the crude (E)-stilbene 
from 95% ethanol in a small Erlenmeyer flask or a test tube. Collect the re- 
crystallized material by vacuum filtration using a Hirsch funnel. Maintain the 
vacuum for an additional 10 min to partially dry the crystalline product. Now 
place the material on a clay plate, or on filter paper, and allow it to air-dry 
thoroughly. As an alternative procedure, the final traces of water may be re- 
moved by placing the sample (use an open test tube with the mouth covered 
by filter paper retained by a rubber band) in a vacuum drying oven (or pis- 


tol) for 10-15 min at 30 °C (1-2 mm). 


The recrystallized compound, generally, is sufficiently pure to use in the 


next step of the b series of Sequential Reactions, Experiment [A2,]. 


Weigh the (E)-stilbene and calculate the percent yield. Obtain a melting 
point and IR spectrum of the material, and compare your results with those re- 


ported in the literature. 


Further characterization of the (E)-stilbene, including thin-layer chro- 
matography, gas chromatography, and ultraviolet—visible spectroscopy may be 


carried out as outlined in Experiment [19A]. 


Chemical Tests. Further characterization may be accomplished by perform- 
ing the Br2/CH,Cl, test for unsaturation. Note that the dibromo compound is 
prepared in Experiment [A2,]. It may be used here as a derivative to character- 
ize the (E)-stilbene. The ignition test (see Chapter 9) may be used to confirm 


the presence of the aromatic portion of the molecule. 


QUESTIONS 


7-18. Give the structure of the phosphorus ylide and carbonyl compound you might use to prepare the following alkenes: 


7-19. 


7-20. 


7-21. 


7-22. 


(a) Methylenecyclohexane (b) 2-Methyl-2-hexene 


Trimethylphosphine is less expensive than triphenylphosphine. However, it cannot be used in the preparation of 


most phosphorus ylides. Explain. 


How, starting from triphenylphosphine, (C.Hs)3P:, can you prepare the following ylide: 
(CsH5)3P=C(CH3) CH»CH»CH3 





Consult The Aldrich Library of IR Spectra (and/or SciFinder Scholar) for IR spectra of (E)- and (Z)-stilbene. Which 


(c) CsHs5CH=C (CHs)> 


absorption bands are most useful in determining the difference between the two compounds? 


Compare the mechanisms of the aldol condensation (Experiment [20]) with that of the Wittig reaction. Point out any 


similarities and/or differences. 


Bromination of (E)-Stilbene: meso-Stilbene Dibromide 


Common names: meso-stilbene dibromide, meso-1,2-dibromo-1, 


2-diphenylethane 
CA number: [13440-24-9] 


CA name as indexed: benzene, 1,1’-(1,2-dibromo-1,2-ethanediyl)bis-, 


(R*,S*)- 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c07_421-538.qxd 11/16/09 1:58 PM Page 445 o 


EXPERIMENTS A1, The Synthesis of Hexaphenylbenzene from Benzaldehyde 


Purpose. You will synthesize the second intermediate in the b series of 
Sequential Reactions by carrying out the bromination of (E)-stilbene to obtain 
meso-stilbene dibromide. This product is the precursor to diphenylacetylene, 
the next synthetic intermediate in the b series. A further purpose of this ex- 
periment is to demonstrate the stereospecific addition of bromine to alkenes. 


NOTE. If you plan to continue the synthetic sequence to hexaphenylbenzene, the 
semimicroscale procedure described below should be used. If you wish to study this 
reaction as an individual microscale experiment, those conditions and other scaleup 
options follow the semi-micro discussion. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 


REACTION 
H id ww, 
ig x | S acetic acid . r ce “al 
%, Z : 
H a Br 
Fi; Bry. 
(E)-Stilbene Pyridinium meso-Stilbene 
bromide dibromide 
perbromide 
DISCUSSION 


The bromination of alkenes is an example of an electrophilic addition reaction 
(also see Experiments [D2] and [F2]). 

In the present reaction, bromination of (E)-stilbene yields meso-stilbene 
dibromide. Thus, this reaction is classed as stereospecific because the other pos- 
sible diastereomers are not formed. 

The reaction proceeds in two stages. The first step involves the formation 
of an intermediate cyclic bromonium ion. The concept of a three-membered 
cyclic intermediate was first proposed as early as 1937. Subsequent studies 
have provided solid evidence that cyclic halonium ions do, indeed, exist. For 
example, stable solutions of cyclic bromonium ions in liquid SO. (—60 °C) 
have been prepared as SbF salts. Two examples are given here: 


cC—C. * SbF. “C—C . + SbF- 
H™ \:/ “HH : HC” \/ CH : 
Br 3 Br 3 
Ethylene bromonium ion salt Tetramethylethylene bromonium ion salt 


Nuclear magnetic resonance spectroscopic measurements have provided 
powerful evidence that these and other selected alkenes form stable bridged 
bromonium ion salts. A solid bromonium ion tribromide salt of adamantylidene 
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adamantane has been isolated, and its structure determined by X-ray crystal- 
lography: 
Br’ Br3 


Tribromide salt of adamantylidene adamantane 


The bromine molecule (Br2) is normally symmetrical. However, as it ap- 
proaches the nucleophilic and electron-rich 7 bond of the alkene, it becomes 
polarized by induction and can then function as the electrophile in an addition 
reaction. The result is the generation of a cyclic bromonium ion: 


8 :Br: 
coe ae 
pa a Ce er 
= ——— — 
* ey 
Induced polarization Bromonium ion 
of Br, as it approaches 
the alkene 


In the present reaction, both the bromine and the (E)-stilbene are achiral. 
However, the bromonium ion that is produced is chiral. In this ion, the 
bromine atom bridges both carbon atoms of the original carbon-carbon dou- 
ble bond to form a three-membered ring intermediate. The generation of a 
cyclic species has a profound effect on the stereochemistry of the second step of 
the bromine addition. 

The second stage of the bromination involves nucleophilic attack by bromide 
ion on the intermediate bromonium ion. Since the nucleophile must approach 
from the face opposite the leaving group, bond formation involves inversion of 
configuration at the carbon center under attack in the second stage of the bromi- 
nation reaction. 

Note that either carbon can be approached by the nucleophile (one attack 
is shown). This second step is a classic backside Sy2 sequence. The bromina- 
tion of cyclic alkenes provides further evidence that this type of halogenation 
is an anti addition, with the bromine atoms introduced trans to one another: 


‘By a 
PO ce hn 
pe Be el. 
/ ae. a ‘Br: 
Bromonium ion Dibromo product 


It is important to realize that if two different groups are present on one or 
both of the sp* carbon atoms of the alkene linkage, chiral carbon centers are 
generated when bromine is added, though if a chiral product were formed 
from achiral reagents, one would expect it to be racemic. In the case of (E)- 
stilbene, two chiral centers are generated. However, due to the symmetry of the 
reactants and the stereoselectivity of the reaction, only the meso diastereomer 
is formed: 
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Br H Ph Br 
FRiy, my lik Br, \ SgPh H %, / 
C=C — eS +2“ C—C “iy 
Ho —~pp_ acetic acid PHY R Ss\ JS R \H 
Br r 
H Ph 
(E)-Stilbene Identical 





meso-Dibromostilbene 


Refer to the Discussion section of Experiment [D2] for further information 
on the stereochemistry of bromination reactions. 

Bromination of alkenes using a Bry—CCl, solution (a red-brown color) is 
frequently used as a qualitative test for the presence of unsaturation in a com- 
pound. Rapid loss of color from the reagent solution is a positive test (see 
Chapter 9). Pyridinium bromide perbromide, a solid brominating agent, is 
used as a source of bromine in this experiment. The material is more conven- 
ient to handle than liquid bromine (see Experiment [D2]). 


SEMIMICROSCALE EXPERIMENTAL 
PROCEDURE 


(The microscale reaction is increased by a factor of 2.6.) 


Estimated time to complete the reaction: 1.0 h. 











Physical Properties of Reactants 
Compound MW Amount mmol mp(°C)_ bp (°C) d 
(E)-Stilbene 180.25 600mg 3.3 122-124 
Glacial acetic acid 12 mL 118 1.049 
Pyridinium bromide 

perbromide 319.83 12¢ 3.7 205 








Reagents and Equipment. In a 50.0-mL round-bottom flask containing a 
magnetic spin bar and equipped with an air condenser, weigh and place 600 mg 
(3.3 mmol) of (E)-stilbene. Next add 6 mL of glacial acetic acid (using a grad- 
uated cylinder), and warm the resulting mixture in a sand bath at 130-140 °C 
with stirring until the solid dissolves (~5 min) (™). 





CAUTION: Glacial acetic acid is corrosive and toxic. It is dispensed 
in the hood using an automatic delivery pipet. 





Remove the condenser from the flask, and to the warm solution, in the 
hood, add 1.2 g (3.7 mmol) of pyridinium bromide perbromide in one portion. 
Wash down any perbromide adhering to the sides of the flask with an addi- 
tional 6 mL of acetic acid using a Pasteur pipet. Reattach the air condenser. 





CAUTION: The brominating agent is a mild lachrymator. It should 
be dispensed in the hood. An alternative solid brominating agent is 
tetra-N-butylammonium tribromide. 











Air condenser 





50 mL RB flask 
130-140°C and stir bar 


thermometer }| 














(E)-Stilbene, 600 mg + 
glacial acetic acid, 12 mL + 
pyridinium bromide 


HOOD perbromide, 1.2 g 


HOOD 


HOOD 
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Aqueous acid solution 
and other by-products 
retained in flask 


Collect 
meso-stilbene 
dibromide here 


Reaction Conditions. With stirring, heat the reaction mixture at a sand bath 
temperature of 130-140 °C for an additional 5-6 min. (The product often be- 
gins to precipitate during this period.) 


Isolation of Product. Remove the reaction flask from the heat source and 
allow it to cool to approximately 40-50 °C (water bath). Add 12 mL of water, 
with swirling, and then place the flask in an ice bath for 5-8 min. Collect the 
crystalline solid by vacuum filtration using a Hirsch funnel («). 


Purification and Characterization. Wash the material with three 2-mL 
portions of cold water to obtain white crystals, and then with two 2-mL por- 
tions of acetone. Air-dry the product on a clay plate or on filter paper. 

Weigh the meso-stilbene dibromide and calculate the percent yield. Deter- 
mine the evacuated melting point, and compare your result with the literature 
value. Obtain IR and NMR spectra and compare them with those reported in the 
literature (The Aldrich Library of IR Spectra, The Aldrich Library of NMR Spectra, 
and/or the corresponding spectral data available online (e.g., SciFinder Scholar)). 

Generally, the material is sufficiently pure to be used in the next stage of 
the b series of Sequential Reactions, the preparation of diphenylacetylene. 
If desired, a small portion (~10—20 mg) may be recrystallized from hot xy- 
lene using the Craig tube. 


Chemical Tests. You may wish to perform several classification tests on the 
product (see Chapter 9). Carry out the ignition test to confirm the presence of an 
aromatic group. The Beilstein test can be used to detect the presence of bromine. 
The silver nitrate test for alkyl halides should also give a positive result. 


Optional Macroscale and Microscale Preparations 
Macroscale Reaction Procedure. The procedure is similar to that for 
the 2.6-fold scaleup preparation with the following exceptions: 


1. The reagent and solvent amounts are increased approximately 4.3-fold 
over the microscale preparation. 














Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) d 
(E)-Stilbene 180.25 10¢ 5.5 122-124 
Glacial acetic acid 12 mL 118 1.049 
Pyridinium bromide 

perbromide 319.83 2.0 ¢ 6.2 205 








2. After cooling the reaction mixture, add 20 mL of water to assist in 
precipitating the product. Wash the collected crystals with three 3-mL por- 
tions of cold water followed by two 3-mL portions of acetone. 


Microscale Reaction Procedure. The procedure is similar to that for the 
2.6-fold scaleup preparation with the following modifications: 


1. Use a 10-mL round-bottom flask 


2. The reagent and solvent amounts are decreased by a factor of approxi- 
mately 2.6. 
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Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) d 
(E)-Stilbene 180.25 230mg 1.28 122-124 
Glacial acetic acid 4.2 mL 118 1.049 
Pyridinium bromide 

perbromide 319.83 450mg 14 205 





3. Add 2.2 mL of glacial acetic acid at the same time as the addition of the 
(E)-stilbene. 

4, An additional 2 mL of glacial acetic acid is added with the brominating 
reagent. 

5. The reaction mixture is diluted with 4.5 mL of water, swirled, and 
placed in an ice bath for 5-8 min. 

6. The filter cake is washed with three 2-mL portions of cold water, followed 
by two 2-mL portions of acetone. 


QUESTIONS 


7-23. Using suitable structures, draw the sequence for the addition of bromine to (Z)-stilbene. 

7-24. Are the results different for the answer in Question 7-23 than for the result in this experiment? If so, how? What is 
the stereochemical relationship between the products formed in the two reactions? 

7-25. Bromine undergoes addition to ethylene in the presence of a high concentration of Cl ion to give 1-bromo- 
2-chloroethane, as well as 1,2-dibromoethane. Chloride ion does not add to the C=C unless bromine is present. 
Suggest a suitable mechanism to explain these results. Is the rate of bromination significantly affected by the 
presence of the Cl ion? 

7-26. Offer an explanation for the fact that bromine adds to 2,3-dimethyl-2-butene 920,000 times faster than to ethylene, 
to produce the respective dibromides. 

7-27. A student adds a few drops of Br2—-CCl, solution to an unknown organic compound. The color of the bromine solu- 
tion disappears. The student reports that the unknown contains a C=C. Would you arrive at the same conclusion? If 
not, why not? 


BIBLIOGRAPHY 
A large number of examples of the bromination of alkenes McElvain, S. M.; Kundiger, D. Organic Syntheses; Wiley: New York, 
appear in Organic Syntheses. Selected references are given 1955; Collect. Vol. IH, p. 123. 
below: Paquette, L. A.; Barrett, J. H. Organic Syntheses; Wiley: New York, 
Allen, C. F. H.; Abell, R. D.; Normington, J. B. Organic Syntheses; 1973; Collect. Vol. V, p. 467. 
Wiley: New York, 1941; Collect. Vol. I, p. 205. Rhinesmith, H. S. Organic Syntheses; Wiley: New York, 1943; 


Collect. Vol. IL, p. 177. 


Cromwell, N. H.; Benson, R. Organic Syntheses; Wiley: New York, 
Snyder, H. R.; Brooks, L. A. Organic Syntheses; Wiley: New York, 


1955; Collect. Vol. II, p. 105. 


Fieser, L. F. Organic Syntheses; Wiley: New York, 1963; Collect. 1943; Collect. Vol. II, p. 171. 
Vol. IV, p. 195. Also see 
Khan, N. A. Organic Syntheses; Wiley: New York, 1963; Collect. Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., 
Vol. IV, p. 969. Wiley: New York, 2007, Chap. 15, p. 999 and references therein. 
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Dehydrohalogenation of meso-Stilbene Dibromide: 
Diphenylacetylene 


Common names: diphenylacetylene, diphenylethyne 
CA number: [501-65-5] 
CA name as indexed: benzene, 1,1’-(1,2-ethynediyl) bis- 


Purpose. The product formed in this multiple elimination reaction is the third 
intermediate in the b series of Sequence A, and is one of the immediate precur- 
sors to our target molecule, hexaphenylbenzene. You will investigate the synthe- 
sis and properties of alkynes and become familiar with E2 elimination reactions. 


NOTE. If you plan to continue the synthetic sequence to hexaphenylbenzene, the 
semimicroscale procedure described below should be used. If you wish to study this 
reaction as an individual microscale experiment, those conditions and other scaleup 
options follow the semi-micro discussion. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 


REACTION 
Br 
no Aa ORO 
H 
meso-Stilbene didromide Diphenylacetylene 
DISCUSSION 


This reaction illustrates the double dehydrohalogenation of a vicinal dibromo 
compound to form an alkyne. It is a useful reaction for the synthesis of alkynes, 
because the starting dibromides are readily available from alkenes (see, e.g., 
Experiment [A2,]). 

The double dehydrohalogenation reaction is usually run in the presence of a 
strong base, such as KOH or NaNHz, and proceeds in two stages. In the first, an 
intermediate bromoalkene is formed, which can be isolated under more mildly 
basic conditions. In fact, this reaction is a valuable route to vinyl halides. The 
mechanism of elimination involves the abstraction of the proton on the carbon 
atom B to the halogen. The E2 mechanism, which operates under these strongly 
basic conditions, is fastest when it involves removal of a proton, H”, antiperipla- 
nar to the leaving group, Br . The E2 sequence of bond breakage and formation 
involves a smooth transition from reactant to product without the formation of 
an intermediate (concerted mechanism).The general mechanism is shown here: 
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This type of elimination reaction is stereospecific because the geometry of the 
transition state requires that the H, both Cs, and the Br all lie in the same plane. 

If meso-stilbene dibromide is treated with KOH in ethanol solvent, it is 
possible to isolate the monodehydrohalogenation product, the bromoalkene. 


oa 


H H 
X = Ph Bry, wH ee 
Rares ae — + H,O + :Bri- 
Br Y \ ethanol Ph? “Ph “ 
Br 
Ph 
meso-Stilbene dibromide (E)-1-Bromo-1,2-diphenylethylene 


The second stage of the reaction involves a higher activation energy, and 
therefore it requires higher temperatures to proceed. In the presence of a 
strong base near 200 °C, the bromoalkene undergoes an E2 elimination to 
form the triple bond. Part of the reluctance to eliminate, in this particular case, 
results from the fact that the elimination proceeds by a syn pathway: 


Ss 


CH, ae 
-OH - 
=—> H-C-—C==C—C,H, + H,O + :Bre- 
C,Hs Br 


Thus, the stereochemistry of the reactant used necessitates somewhat higher 
temperatures for the second elimination reaction. 





SEMIMICROSCALE EXPERIMENTAL 
PROCEDURE 


(The microscale reaction is increased by a factor of 5.) 


Estimated time to complete the reaction: 1.0 h. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) d 
meso-Stilbene dibromide 340.07 400 mg 1.2 241 dec 

Potassium hydroxide 56.11 387mg 6.9 360 

Triethylene glycol 150.18 2 mL 278 1.124 





Reagents and Equipment. Weigh and place 400 mg (1.2 mmol) of meso- 
stilbene dibromide and 387 mg (6.9 mmol) of KOH flakes in a 10-mL Erlenmeyer 
flask containing a magnetic stir bar. Using a graduated cylinder, measure and 


add 2 mL of triethylene glycol to the flask. pe tar 


collected here 





Reaction Conditions. Place the reaction flask in a preheated sand bath set 
at a temperature of 190-195 °C, and stir the reaction for 7-8 min. 


Isolation of Product. Allow the resulting dark-colored reaction mixture to 
cool to approximately 40-50 °C (water bath), and then add 5.0 mL of water. 
Now place the flask in an ice bath for 15 min. Collect the solid product by 


F : : 3 Aqueous glycol solution 
filtration under reduced pressure using a Hirsch funnel (™). plus reaction by-products 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c0O7_421-538.qxd 11/16/09 1:58 PM Page 452 o 


452 CHAPTER7 Sequential Syntheses: The Transition from Macro to Micro 


HOOD 


Purification and Characterization. Rinse the product crystals with two 
1-mL portions of cold 70% ethanol and air-dry them on a porous clay plate 
or on filter paper. These crystals can be recrystallized from 95% ethanol (~2.0 mL). 
If desired, the product can be further purified by a second crystallization from 
95% ethanol using the Craig tube. 

Weigh the recrystallized product and calculate the percent yield. Deter- 
mine the melting point and compare your result with the literature value. Ob- 
tain IR and NMR spectra of the material and compare them with those 
recorded in the literature (The Aldrich Library of IR Spectra, The Aldrich Library 
of NMR Spectra, and/or the corresponding spectral data available online (e.g., 
SciFinder Scholar)). 


NOTE. If you have synthesized the diphenylacetylene from benzaldehyde, calcu- 
late the overall yield to this point in the synthesis of hexaphenylbenzene. Base these 
calculations on the starting amount of benzaldehyde. 


Chemical Test. The ignition test for aromatic groups indicates the presence 
of the phenyl groups. Decolorization of a Brz-CH Cl, solution should give a 
positive test for unsaturation (see Chapter 9). 


OPTIONAL MACROSCALE AND MICROSCALE 
PREPARATIONS 


Macroscale Reaction Procedure. (This reaction is scaled up by a factor of 
10 over the microscale procedure.) 
The procedure is similar to that outlined above with the following exceptions: 


1. Carry out the reaction in a 25-mL Erlenmeyer flask containing a boil- 
ing stone. Run the reaction in the hood. 

2. Increase the reagent and solvent amounts approximately twofold over 
the semimicroscale procedure, as indicated here. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) d 
meso-Stilbene dibromide 340.07 800 mg 24 241 dec 

Potassium hydroxide 56.11 756 mg 13 360 

Triethylene glycol 150.18 4 mL 278 1.124 





3. After cooling the reaction mixture, add 10 mL of water. 


4. Rinse the product crystals with two 1-mL portions of cold 70% ethanol. 
They can be recrystallized from 95% ethanol (~5.0 mL). 


Microscale Reaction Procedure. The procedure is similar to that outlined 
above with the following exceptions: 


1. Carry out the reaction in a 3-mL conical vial containing a boiling stone. 
2. The reaction is heated in a sand bath at 190 °C for 5 min. 
3. Decrease the amounts of reagents and solvents as given here. 
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Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) d 
meso-Stilbene dibromide 340.07 80 mg 0.24 241 dec 

Potassium hydroxide 56.11 75mg 1.3 360 

Triethylene glycol 150.18 0.4 mL 278 1.124 





4. After cooling of the reaction mixture to 40-50 °C (in a water bath), 
add 1.0 mL of water, and place the reaction vessel in an ice bath for 15 min. 


5. Rinse the product crystals with one 0.25-mL portion of cold 70% ethanol. 
The alkyne can be recrystallized from 95% ethanol (~0.5 mL). 


QUESTIONS 


7-28. Both (E)- and (Z)-2-chlorobutenedioic acids dehydrochlorinate to give acetylene dicarboxylic acid: 





HOC — C(Cl) = CH — CO2H > HOC — C=C — COOH 


The Z acid reacts about 50 times faster than the E acid. Explain. 

7-29. Compounds containing a carbon-carbon triple bond undergo the Diels—Alder reaction. Formulate the product formed 
by the reaction of (E,E)-1,4-diphenyl-1,3-butadiene with diethyl acetylenedicarboxylate. 

7-30. Alkynes can be hydrated in the presence of acid and HgSO, by electrophilic addition of a molecule of water to the 
triple bond. The reaction proceeds by way of a carbocation intermediate. Hydration of acetylene (ethyne) produces 
acetaldehyde (ethanal). Outline the steps that occur in this transformation. 

7-31. Use the IR tables to locate the absorption bands of the stretching frequencies of the alkyne C—H bond, the 
alkyne C=C bond, and the alkene C—H bond. Using these data, explain how you would distinguish between 
1-butyne, 2-butyne, and 2-butene. 


BIBLIOGRAPHY 
For a review on the preparation of alkynes see Guha, P. C.; Sankaren, D.K. Organic Syntheses; Wiley: New York, 
Jacobs, T. L. Org. React., 1949, 5, 1. 1955; Collect. Vol. IIL, p. 623. 
Stang, P. J.; Diederich, F., Eds. Modern Acetylene Chemistry; VCH: Hessler, J. C. Organic Syntheses; Wiley: New York, 1941; Collect. 
aaa ion ion ic Syntheses; Wiley: NewYork, 1963; Coll 
A large number of elimination reactions leading to the a Vv . ie ee, HE NE NE Ee One 
formation of acetylenes appear in Organic Syntheses. Le Coq, A; Gorgues, A. Organic Syntheses 1980, 59, 10. 


Selected references are given below: 


Abbott, W.T. Organic Syntheses; Wiley: New York, 1943; Collect. 
Vol. II, p. 515. Smith, L. 1; Falkof, M. M. Organic Syntheses; Wiley: New York, 


Campbell, K. N.; Campbell, B. K. Organic Syntheses; Wiley: New 1955, Collect. Vol. II, p. 350. 
York, 1963; Collect. Vol. IV, p. 763. 


The synthesis of diphenylacetylene has been reported: 


Hexaphenylbenzene 


Common name: hexaphenylbenzene 
CA number: [992-04-1] 
CA name as indexed: 1,1':2',1"-terphenyl, 3’,4",5',6'-tetraphenyl- 


Purpose. This reaction completes the Sequence A experiments. The 
Diels—Alder reaction is used to form six-membered aromatic rings. You will 
carry out the decarbonylation and aromatization of an intermediate bicyclic 
Diels-Alder adduct.You will examine the properties of our synthetic target 
molecule, hexaphenylbenzene. 
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NOTE. If you plan to continue the synthetic sequence to hexaphenylbenzene, you 
should have enough of the two starting reactants to carry out the first true 
microscale reaction used in Sequence A. The details of this interesting Diels—Alder 
addition, first carried out in 1933, are described below. You may, of course, wish 
to study this reaction as an individual microscale experiment, in which case use 
the same conditions given here. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-91) 
Experiment [14]: (pp. 257-269) 
Experiment [15]: (pp. 269-275) 


REACTION 
° 
C,H; C,H; C C,H 
H.C, | C,H; HC, C,H, 
C=O ll — AoC Cis + CO 
H5Cg c L VA H5C, CH. 
CoH; C,H; H5C¢ CoH C,H; C,H; 
Tetraphenylcyclopentadienone Diphenylacetylene Hexaphenylbenzene 
DISCUSSION 


This experiment (Experiment [A4,,]) completes the Sequence A set of seven ex- 
periments that lead to the synthesis of hexaphenylbenzene. As we have noted 
earlier (see introduction to Sequence A), this compound is a rather unique and 
interesting organic system possessing a number of unusual properties. For exam- 
ple, it has one of the highest known melting points for a nonionic organic 
molecule, 465 °C, and it is perhaps even more intriguing that it melts without 
decomposition. Indeed, its melting point exceeds that of all 15,000 organic com- 
pounds listed in the CRC Handbook for 1991-1992. Hexaphenylbenzene also con- 
tains particularly novel stereochemistry as discussed in the introduction. 

The Diels—Alder reaction is one of the most useful synthetic tools in or- 
ganic chemistry. It is an example of a cycloaddition reaction between a conju- 
gated diene and a dienophile, which leads to the formation of six-membered 
rings. Here, the initial bicyclic Diels-Alder adduct can undergo a reaction that 
is the reverse of a concerted cycloaddition reaction between a benzene ring 
and the lone electron pair on the carbon of carbon monoxide. This retro cyclo- 
addition is thermodynamically favored here because the retro reaction generates 
an aromatic system, along with the quite stable carbon monoxide molecule. 
Under the high-temperature conditions used in this experiment, the initial 
bicyclic Diels-Alder adduct is quickly decarbonylated to yield hexaphenyl- 
benzene and is not itself isolated. 

By varying the nature of the diene and dienophile, a very large number of 
structures can be prepared using the Diels—Alder reaction. In the majority of 
cases, carbocyclic rings are generated, but ring closure can also occur with 
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reactants containing heteroatoms. This leads to the synthesis of compounds 
containing heterocyclic rings. For further and more detailed discussion of the 
Diels—Alder reaction see Experiments [14] and [15]. 

In the present reaction, an excess of diphenylacetylene is used to ensure 
that all the tetraphenylcyclopentadienone is consumed in the reaction, since 
diphenylacetylene is far easier to separate from hexaphenylbenzene in the pu- 
rification steps. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.0 h. 

















Physical Properties of Reactants and Product 

Compound MW Amount mmol mp (°C) 
Tetraphenylcyclopentadienone 384.48 100mg 0.26 220-221 
Diphenylacetylene 178.23 100 mg 0.56 61 
Hexaphenylbenzene 534.66 465 





Reagents and Equipment. Ina 13 X 100-mm Pyrex test tube, place 100 mg 
(0.26 mmol) of tetraphenylcyclopentadienone and 100 mg (0.56 mmol) of 
diphenylacetylene. Then transfer to the test tube about 1 mL of high-boiling 
silicone oil (calibrated Pasteur pipet). Clamp the test tube at a slight angle, 
facing it away from both yourself and your laboratory neighbors. 


Reaction Conditions. Bring the mixture gently to a boil over a 3- to 5-min 
period by heating the test tube with the moving flame of a microburner. On 
melting, the reagents dissolve in the hot silicone oil to yield a dark red-purple 
solution. Continue to gently boil the solution for an additional 10 min. During 
this latter period, the deeply colored solution fades and hexaphenylbenzene 
begins to separate from solution as tan crystals. 


Isolation of Product. After heating for 15 min, cool the test tube to room 
temperature and add 4 mL of hexane, with stirring, to dilute the silicone oil 
and any unreacted starting material. The crude, precipitated hexaphenylben- 
zene is then collected by filtration on a Hirsch funnel (m). 


Purification and Characterization. Wash the filter cake with 2 mL of 
hexane to yield tan crystals of the addition product. Then wash it twice with 
2-mL portions of cold toluene to yield white crystalline hexaphenylbenzene. 
Air-dry the product on filter paper or a porous clay plate. Weigh the Diels-Alder 
adduct and calculate the percent yield. Obtain an IR spectrum and compare it 
to that of an authentic sample. The melting point of this material is well over 
400 °C, therefore, melting point determinations with apparatus that use oil 
baths should not be attempted.The best approach, if a melting point is re- 
quired, is to carry out an evacuated melting point determination with one of 
the metal heating block systems that accept the normal capillaries, but remem- 
ber to first check the maximum temperature reading on the thermometer used in the 
apparatus (see evacuated melting points, Chapter 4, pp. 51-52). 

If necessary, the product can be recrystallized in a Craig tube from diphenyl 
ether (5-10 mg maximum, since this very high-melting material is very insolu- 
ble even in this high-boiling aromatic ether; recrystallization is rather difficult). 
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Hexaphenylbenzene 
collected here 


~1 mL Silicone cil + 
6 mL hexane + 
4 mL toluene 


CAUTION 


CAUTION 
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This experiment completes the seven-step Sequence A synthesis of hexa- 
phenylbenzene from benzaldehyde. Calculate the overall yield based on both 
the earlier calculations for each pathway (for the diene and the dienophile 
used in the final Diels—Alder reaction), see Experiments [A3,] and [A3,], and 
the actual yield for this step in the synthesis. 


QUESTIONS 


7-32. What starting materials would you use to prepare each of the following compounds by the Diels—Alder reaction? 


C=O) CO,CH, 
(7 Or J 
CO,CH, 
0. 0. 
CN 
7-33. Diels—Alder reactions with benzene are rare, and require a very reactive (electron-deficient) dienophile, because 


benzene is a rather unreactive diene. Two are shown below. Give the structures of the product produced in each 
reaction. 





AICI, 
-NC—C=C—CN: > 





+ F,C—C=C—CF, => 


oO. 
ad 


7-34. Shown below are two heteroatom compounds that undergo the Diels—Alder reaction. Formulate the product 
obtained in each reaction. 


CH. CH, i ° 
C ‘ : . 
| + C,H,0O—C—N=N—C—OC,H, —> 
C 

CHZ SCH, 





‘OF 
ZO rae ae 
+ AC=N—C—OC.A. —-* 
Ww 


BIBLIOGRAPHY 


Review articles: 


Bastide, J.; Henri-Rousseau, O. In The Chemistry of the 
Carbon—Carbon Triple Bond; Patai, S., Ed.; Wiley: New York, 


Norton, J. A. Chem. Rev. 1942, 31, 319. 
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New York, 1995. 
An Organic Syntheses preparation using tetraphenylcyclo- 
pentadienone in a Diels—Alder reaction to obtain tetra- 
phenylphthalic anhydride has been recorded: 


Grummitt, O. Organic Syntheses; Wiley: New York, 1955; 
Collect. Vol. IIT, p. 807. 
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The Stepwise Synthesis of Nylon-6,6 


Purpose. The important industrial polymer, nylon-6,6, is prepared by the tech- 
nique of step-growth polymerization. The physical properties of the polymer are 
examined. The two monomers used in the polymerization are synthesized. 


Background of an Industrial Polymer. The type of polymerization used 
in the nylon preparation described in this series of experiments is called “step- 
growth” polymerization. The technique uses two different difunctional 
monomers that undergo ordinary organic reactions. In the present case an 
acid chloride is treated with an amine to produce an amide linkage. 

Nylon is a polyamide. In industry it is produced by reaction of two difunc- 
tional monomers (or comonomers): a dicarboxylic acid and a diamine. The 
polymer that you are going to study is of great historical significance in poly- 
mer chemistry, because it was the first of the polyamides to be recognized as 
possessing excellent physical properties for forming very strong fibers. Nylon- 
6,6 was, in fact, the first commercially produced synthetic polyamide. The’ 6,6” 
nomenclature refers to the number of carbon atoms in each of the two 
comonomers. Industrially, nylon-6,6 is prepared from 1,6-hexanediamine 
(hexamethylenediamine) and hexanedioic acid (adipic acid): 


n HOCCH,CH,CH,CH,COH + 1 H,N(CH,),NH, “> --C(CH,),C—NH(CH,),N 
Adipic acid 1,6-Hexanediamine Nylon-6,6 











In the industrial process, the diacid and diamine are mixed to form the 
corresponding amine salt (hexamethylene diammonium adipate), which is 
then heated under steam pressure (250 psig) at 275 °C to form the amide 
bonds. The resulting polymer has an average molecular weight of about 
10,000, with an average of over 400 repeating monomer units in each molecule 
of polymer and a melting point of about 150 °C. Fibers can be drawn from the 
melted polymer by a “cold-drawing” technique. This method of drawing 
fibers physically orients the polymer molecules into linear chains that are sta- 
bilized by the presence of hydrogen bonds between C=O and the N—H 
groups of adjacent chains, and the strength of the fiber is thereby increased. 
The synthetic polyamide linkages in the various forms of nylon are very simi- 
lar (identical in some cases) to those found in proteins. For example, silk fibers 
gain their great strength from this type of interaction. 

Numerous combinations of diacids and diamines have been evaluated as 
fiber materials. However, only a few have reached commercial production, 
which depends on low-cost, easy-to-access intermediates, and satisfactory 
general and physical properties of the polymer. One such group of materials 
are the“Aramid” class of fibers, which are prepared from aromatic monomers 
(see Experiment [B3], Question 7-47). One trade name for a material prepared 
from these type of fibers is Nomex. It has a high degree of heat and flame re- 
sistance. Race car driving suits are made from it, and it is also used as an insu- 
lator in the space shuttles. 

Nylon-6,6 was first synthesized in 1899 by Gabriel and Maas in Germany. 
It was not until 1929, however, that the substance was shown to possess prac- 
tical commercial properties. It was Carother’s research program on polyamides 
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at DuPont that made the major discoveries that initiated the world’s polymer 
industry. DuPont began production of nylon in October 1939, and the first ny- 
lon stockings were manufactured in May 1940. By 1950, 14 chemical plants in 
10 countries produced 55,000 metric tons of polyamide fiber. By 1980 world- 
wide production had expanded to 3.05 X 10° tons, with about one-third of the 
polymer synthesized in the United States. 

Thus, you should appreciate that the chemical industry carries out organic 
reactions on massive quantities of material for use in today’s highly technolog- 
ical society. The discovery and characterization of these materials all starts in 
the research laboratory, with many of them initially prepared in microscale 
quantities. One of the great triumphs of our technology has been the success- 
ful scaleup of synthetic organic reactions, but that is a story for another day. 


Oxidation of Cyclohexanol: Adipic Acid 


Common name: adipic acid 
CA number: [124-04-9] 
CA name as indexed: hexanedioic acid 


Purpose. You will carry out the nitric acid oxidation of cyclohexanol to obtain 
adipic acid, an intermediate in the route to prepare nylon, a polyamide. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Standard Experimental Apparatus: Reflux Apparatus (pp. 23-24) 


REACTION 


OH 


concd HNO, CO,H 
00. 


Cyclohexanol Adipic acid 


DISCUSSION 


Industrially, the production of adipic acid is a two-step sequence. The main 
route involves the oxidation of cyclohexane with air to form a mixture of cyclo- 
hexanol and cyclohexanone. This mixture is then further oxidized using nitric 
acid, oxygen, and a Cu-V catalyst to yield the acid. 

Ninety percent of all the synthetically produced adipic acid is used in the 
manufacture of nylon-6,6. In the United States, 1.9 x 10° tons/year of adipic 
acid were manufactured in 1992. In 2004, DuPont alone, produced 1.1 10° 
tons of adipic acid accounting for 38% of the world’s total. In the early years 
of nylon production, adipic acid was also used to prepare the 1,6-hexanediamine 
(more commonly known as hexamethylenediamine) comonomer. Treatment 
of the adipic acid with ammonia gave hexanedinitrile, which, on catalytic 
hydrogenation, produced the diamine. This monomer is now generally obtained 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c0O7_421-538.qxd 11/16/09 1:58 PM Page 459 
$ EQA 


SEQUENCE B_ The Stepwise Synthesis of Nylon-6,6 459 


from 1,3-butadiene. A recent DuPont industrial process involves direct regio- 
selective addition of two molecules of HCN to the diene, in the presence of a 
transition metal catalyst, to produce the dinitrile intermediate. 

The oxidation of cyclohexanol by concentrated nitric acid is mechanisti- 
cally complex. A reasonable mechanistic route to the dicarboxylic acid is 
given here. The first stage of the oxidation is considered to proceed by a 
mechanism similar to that found in chromic acid oxidations of alcohols (see 
Experiment [33]). The reaction here involves the initial formation of a nitrate 
ester intermediate, which, under the reaction conditions, cleaves by proton 
abstraction to form the ketone. This reaction is accompanied by reduction of 
the nitrate to nitrite. The proton transfer may involve a cyclic intramolecular 
rearrangement during the oxidation—reduction cleavage step. A likely mech- 
anism is outlined below: 








a 
OH ONO Oo O 
H . ~H-O7 
concd HNO, 
0 —_ —_ + HNO, 
Cyclohexanol Cyclohexyl Cyclohexanone Nitrous 
nitrate acid 


The next stage of the reaction can be viewed as a further oxidation to yield 
a diketone. This stage is initiated by nucleophilic attack on a nitronium ion 
(NO*) derived from either the nitric or nitrous acid. The nucleophile is the 
enol tautomer of the ketone, and the reaction forms an a-nitrosoketone, 
which is in tautomeric equilibrium with a mono-oxime. This species rapidly 
hydrolyzes under acidic conditions to yield an a-diketone intermediate. This 
sequence is shown here: 





H* + HNO, —— NO* + HO 
OH :OH eo 
Nid 3 
4 NO* —=> + Ho = + H,NOH 


Under strongly acidic conditions, the diketone (these highly electrophilic 
systems are reactive toward weak nucleophiles) likely undergoes nitrate addi- 
tion, which is followed by attack of water, ring opening, and reduction of ni- 
trate to nitrite. All this activity ultimately leads to the formation of the desired 
compound, the open-chain dicarboxylic acid, adipic acid: 








Ox + por 
bs 
0. yy: 
HNO, A CO,H 
6 KO 
12-C é HO: Bethea 
,2-Cyclohexandione L H | Adipic acid 
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HOOD 





2 mL concd Nitric acid, 
1 mL cyclohexanol 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.0 h. 


Physical Properties of Reactants 
Compound MW Amount mmol mp(°C) bp (°C) d 


Cyclohexanol = 100.16 1.0 mL 9.6 25.1 161.1 0.96 
Concd HNO; 31 2.0 mL 

















Reagents and Equipment. Using a graduated glass pipet, measure and add 
2.0 mL of concentrated nitric acid to a 10-mL round-bottom flask containing 
a boiling stone. 





CAUTION: _ Nitric acid is very corrosive. Dispense the material in the 
hood. 





Attach the flask to a water-cooled reflux condenser, place the assembly in a 
sand bath, and heat the acid solution to 55-60 °C. Now add dropwise, using a 
calibrated 9-in. Pasteur pipet inserted down the throat of the reflux condenser, 
1.0 mL of cyclohexanol at a rate of one drop every 30 s. (Gently swirl the reaction 
mixture in the bath after each addition.) The slow addition is necessary to control 
the reaction temperature («). 


Reaction Conditions. Maintain the sand bath temperature at 55-60 °C for 
30 min after the addition of cyclohexanol is complete. Now gradually raise 
the sand bath temperature to 100 °C over 10 min, and then maintain this tem- 
perature for an additional 5 min. 


Isolation of Product. Remove the assembly from the hot sand bath and 
allow the solution to cool to room temperature. Detach the round-bottom 
flask, and clamp it in an ice bath for 5-10 min. Collect the light yellow crys- 
tals by vacuum filtration using a Hirsch funnel. 





CAUTION: This solution is still strongly acidic. 


Wash the product crystals with 200 wL portions of ice-cold water until the 
crystals turn white. 


Purification and Characterization. Dry the adipic acid crystals in an oven 
at 110-125 °C for 10 min. Weigh the product and calculate the percent yield. 
Determine the melting point and obtain an IR spectrum. Compare your re- 
sults to those recorded in the literature. 


Chemical Test. Add several crystals (~5 mg) of the adipic acid to 1 mL of a 
10% aqueous solution of sodium bicarbonate. Does evolution of CO, indi- 
cate the presence of a carboxylic acid? 
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QUESTIONS 


7-35. Which of the following compounds is the stronger acid: CF;CH2CO.H or CH3CH,CO2H? Explain. 

7-36. What spectroscopic method would you use to unambiguously distinguish between the following isomeric acids? 
Give an explanation of how the spectra are interpreted to give you an assignment for each compound. 
(a) CH3(CH2)3CO 2H 
(b) (CH3)2>CHCH,CO.H 
(c) (CH3);CCO.H 

7-37. Indicate how you would use both 'H and ‘°C NMR spectroscopy to tell the difference between the following 
isomeric carboxylic acids: 
(a) HOxCCH»:CH2CO2H 
(b) CH3;CH(CO>H)> 

7-38. The two carboxyl groups in 3-chlorohexanedioic acid are not equivalent and thus have different dissociation 
constants. Which carboxylic group is more acidic? Explain. 











7-39. Write an equation for the formation of the salt that could be formed by reaction of one molecule of adipic acid with 
two molecules of ethylamine. 





BIBLIOGRAPHY 

For detailed information on the production and use of adipic _—_ Mijs, W. J.; de Jonge, C. R. H. I. Organic Synthesis by Oxidation with 
acid see Metal Compounds; Plenum: New York, 1987. 
Kirk-Othmer Encylopedia of Chemical Technology, 5th ed., Vol. 1, Taber, D.F. Organic Synthesis: State of the Art 2003-2005; Wiley: 

Willey-VCH: New York, 2004. New York, 2006. 
For oxidation methods in organic chemistry see Organic Synthesis: State of the Art 2006-2007; Wiley: 
Haines, A. H. Methods for the Oxidation of Organic Compounds; New York 2008. 

Academic Press: New York, Vol. 1, 1985, Vol. 2., 1988. The synthesis of adipic acid is given in Organic Syntheses: 
Hudlicky, M. Oxidations in Organic Chemistry; American Chemical Ellis, B. A. Organic Syntheses; Wiley: New York, 1941; Collect. 

Society: Washington, DC, 1990. Vol. I, p. 18. 


Preparation of an Acid Chloride: Adipoyl Chloride 


Common name: adipoyl chloride 
CA number: [111-50-2] 
CA name as indexed: hexanedioyl dichloride 


Purpose. Adipic acid is converted to its corresponding acid chloride by re- 
action with thionyl chloride. The experiment will help you further understand 
the nucleophilic substitution reaction pathway by which carbonyl-containing 
compounds undergo reaction. 


Prior Reading 


Standard Experimental Apparatus: Reflux Apparatus (pp. 23-24) 
Collection or Control of Gaseous Products: (pp. 105-107) 


REACTION 
O° ‘O° 
CO,H | | 
CO;H + 2SOCI1, ——> CICCH,CH,CH,CH,CCI + 250, + 2 HCl 
Adipic acid Thionyl chloride Adipoyl chloride 
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DISCUSSION 


Carboxylic acids react with thionyl chloride (SOCI,) to produce the correspon- 
ding acid chlorides, as shown in the above reaction.Thionyl chloride is an at- 
tractive reagent due to its low cost, and the fact that both byproducts produced 
in the reaction are gases. Thus, the reaction is driven to completion by the evo- 
lution of HCl and SO:, and a nearly pure acid chloride is obtained. The major 
drawback to the reaction is that it produces a strong acid (HCl) and thus can- 
not be used with compounds that are acid sensitive. Oxalyl chloride is often 
used as an alternative reagent. 

The reaction proceeds by a nucleophilic acyl substitution pathway. With 
thionyl chloride, a chlorosulfite intermediate is generated. Thus, the —OH 
group is converted into a relatively good leaving group. The chlorosulfite inter- 
mediate then undergoes attack by the chloride ion at the carbonyl carbon to 
yield the final product. The sequence is shown here: 


° 9 ° 
Cat + SOC], —~> Cr .. US + HCl 
R” OH 2 R~ Rog Nc] 
Carboxylic acid A chlorosulfite 
; ae ee ee eres 
oe —- me Pty ———- 
a aoe Seq RY as a “cl R~ el 2 
Cl 
Acid chloride 


Acid halides are important intermediates and they are used extensively for 
the conversion of carboxylic acids into other derivatives. For example, acid halides 
can be used to prepare (in addition to amides): anhydrides, esters, aldehydes, and 
ketones. Acid halides readily undergo reaction with water (hydrolysis) to form 
the corresponding carboxylic acid. For this reason the reaction system must be 
protected from atmospheric moisture when acid halides are formed and/or used. 

In the present sequence leading to the formation of nylon, the adipoyl 
chloride provides a reactive species, which, when treated with a diamine, 
forms the desired amide linkage inherent to nylon. 


—~ EXPERIMENTAL PROCEDURE 






~— Estimated time to complete the experiment: 2.0 h. 
90-95°C 








thermometer [l Physical Properties of Reactants 
Compound MW Amount mmol mp(°C) — bp (°C) d 
Adipic acid 146.14 500 mg 3.4 153 265 1.35 
Thionyl chloride 118.97 0.75 mL 10.4 —105 78.8 1.66 











Reagents and Equipment. Place and dry in an oven at about 125 °C for 
30 min, a 10-mL round-bottom flask, a water-cooled reflux condenser, and a 
drying tube packed with glass wool and alumina. After removing them from 


Adipic acid, 500 mg + ‘5 : ‘ 
thionyl chloride, 0.75 mL the oven, place these items in a desiccator and allow them to cool to room 


retlax- conditions, temperature. Measure and place 500 mg (3.4 mmol) of adipic acid and 0.75 mL 


ere (10.4 mmol) of thionyl chloride into the 10-mL flask (). 
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NOTE. Store the dry adipic acid and the container of thionyl chloride in a desic- 
cator. Dispense the thionyl chloride in the hood using an automatic delivery pipet. HOOD 





CAUTION: Thionyl chloride is both corrosive and a lachrymator. 





Add a magnetic stir bar to the flask, quickly attach the flask to the reflux con- 
denser protected by the drying tube, and mount the assembly in a sand bath. 


NOTE. If a larger scale reaction is to be run outside of the hood, it will be neces- HOOD 
sary to construct a gas trap to control the evolution of the SO and HCl gases (see 
Prior Reading). 


Reaction Conditions. With stirring, heat the reaction mixture to 90-95 °C 
within 5 min. Continue to heat the system within this temperature range for 
an additional 1 h. 


NOTE. Heating the solution above 95 °C causes decomposition of the product. The 
presence of unreacted adipic acid in the flask indicates incomplete reaction. 


Isolation and Characterization. The progress of the reaction may be fol- 
lowed by IR analysis. With a glass capillary, remove a small sample from the 
flask and obtain the spectrum of the material using the capillary film technique. 
Remove the sample from the instrument sampling compartment immediately 
following the spectral scan to prevent the HCl gas buildup from damaging the 
instrument. The reaction is considered incomplete if the IR spectrum displays 
a weak band on the low-wavenumber side of the acid halide carbonyl peak. 
If the reaction is determined to be incomplete after 1 h, add an additional 
200 pL of SOCI, and continue to heat the mixture until IR analysis (the disap- 
pearance of the weak side band) indicates that completion has occurred. The 
adipoyl chloride is quite labile, and therefore, it is not purified further, but it is 
used directly in the preparation of nylon as described in Experiment [B3]. 


QUESTIONS 


7-40. Diagram a complete mechanistic sequence showing the hydrolysis reaction of ethanoyl chloride with water to 
ethanoic acid. 


7-41. Give an explanation of why acid chlorides are more reactive toward nucleophilic substitution than are the 


corresponding ethyl esters. Hint: Consider the nature of the leaving group and the rate-determining step in an 


addition—elimination sequence. 


form 


7-42. What major organic product would you expect to be formed when acetyl chloride reacts with each of the following 


reagents? 
(a) H,O (c) 1-Butanol and pyridine 
(b) NH; (excess) (d) CH;COOH , Na* 


7-43. Acid chlorides are used extensively as electrophiles in the Friedel-Crafts reaction to prepare aromatic ketones. The 


reaction involves the treatment of an aromatic hydrocarbon with an acyl chloride in the presence of a Lewis acid, 
as aluminum chloride (see Experiment [27]). Using this reaction, outline the reaction sequence you would use to 
prepare 

(a) Ethyl phenyl ketone 

(b) Benzophenone 


such 


7-44, Formulate a suitable mechanism to account for the reaction of thionyl chloride with carboxylic acids to yield the corre- 
sponding chlorosulfite (see the reaction diagrammed in the discussion section). Hint: The first step is the nucleophilic 


attack of the oxygen of the —OH group of the acid on the sulfur atom of the S=O group of the thionyl chloride. 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


“~ 


> 


x 


> pl @  4:14/13:37 





JWCL196_c07_421-538.qxd 11/16/09 


1:58 PM Page 464 p 


464 CHAPTER7 Sequential Syntheses: The Transition from Macro to Micro 


BIBLIOGRAPHY 


Adipoyl chloride is prepared as an intermediate in several For a review on the preparation and reactions of acyl halides see 


preparations reported in Organic Syntheses: 


Ansell, M. F. in The Chemistry of Acyl Halides; Patai, S., Ed.; Wiley: 


Fuson, R. C.; Walker, J.T. Organic Syntheses; Wiley: New York, 1943; New York, 1972, p. 35. 


Collect. Vol. IL, p. 169. 


Guha, P. C.; Sankaran, O. K. Organic Syntheses; Wiley: New York, 


1955; Collect. Vol. IIL, p. 623. 


See your organic textbook for an introduction to this reaction 
and its scope in synthesis. For example, 


Solomons, T. W. G.; Fryhle, C. B. Organic Chemistry, 9th ed., 


Wiley: New York, 2008, p. 794. 


O° 
| 


n CICCH,CH,CH,CH,CCl + 1 H,N(CH,),NH, 


Preparation of a Polyamide: Nylon-6,6 


Common names: nylon-6,6, polyhexamethylene adipamide 

CA number: [32131-17-2] 

CA name as indexed: poly[imino(1,6-dioxo-1,6-hexanediyl)imino-1, 
6-hexanediy]] 


Purpose. The polyamide, nylon, is prepared by the step-growth conden- 
sation polymerization of adipoyl chloride with 1,6-hexanediamine. An in- 
terfacial (emulsion) polymerization technique is used to generate nylon 
fibers. 


REACTION 





1@ iy 
| | |. | 
25% NaOH [-C(CH,),C —NH(CH,),N r 


Adipoy]1 chloride 1,6-Hexanediamine Nylon-6,6 


DISCUSSION 


The preparation of nylon outlined in this experiment is not the industrial 
method (see initial discussion). The use of the reactive diacid chloride reagent 
allows one to carry out the step-growth polymerization reaction under very 
mild conditions more convenient to the instructional laboratory.The interfacial 
(emulsion) polymerization technique used consists of dissolving the adipoyl 
chloride reagent in a water-immiscible solvent (cyclohexane) and bringing this 
solution into contact with an aqueous solution of the diamine. A thin film 
forms at the interface of the two solvents as the condensation reaction pro- 
ceeds. A“rope” of nylon polymer can be pulled from the interface of the two 
solvents because the film is continuously generated as the reaction occurs. 
This polymer has an average molecular weight of ~10,000! In this particular 
experiment, about 5-7 meter lengths of nylon polymer can be obtained. This 
particular synthesis of nylon is often used in lecture demonstrations and 
chemical magic shows. 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c0O7_421-538.qxd 11/16/09 1:58 PM Page 465 
EQA 


SEQUENCE B_ The Stepwise Synthesis of Nylon-6,6 465 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 0.5 h. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) d 
Adipoyl chloride 183.05 ~622mg 34 

1,6-Hexanediamine (5% aq) 116.21 8 mL 41-42 1.259 
Cyclohexane 84.16 8 mL 





Reagents and Equipment. Transfer the clear solution of adipoyl chloride pre- 
pared in Experiment [B2] to a 50-mL beaker using a Pasteur pipet. Rinse the 
flask with 2 mL of cyclohexane and transfer this rinse to the same beaker. Add 
an additional 8.0 mL of cyclohexane. Now slowly add 8.0 mL of a 5% aqueous 
solution of 1,6-hexanediamine containing eight drops of 25% NaOH solution. 


NOTE. Add the solution using a Pasteur pipet, taking care to run it down the side 
of the beaker. 


Isolation and Characterization. Using a copper wire bent into a small 
hook, hook the film in the center of the beaker and draw up the nylon fiber 
from the solution interface. A slow, steady pull will result in long strands of 
the polymer. Wash the fibers in a beaker of water before handling them. 


QUESTIONS 


7-45. Explain why the 25% NaOH solution is added to the reaction mixture. 

7-46. Draw a structure to illustrate the hydrogen bonding that may occur when two polymer molecules of this polyamide 
are cold-drawn together. 

7-47. Predict the structure of the polymer that would result in the condensation of the following reactants. These 
monomers are used to produce the polyamide Nomex, a high-melting material used as an insulator in space 
shuttles and as the fire-resistant fabric in clothing worn in race cars. 


7-48. Amides undergo hydrolysis to carboxylic acids on treatment with alkali. Diagram a suitable mechanism for the 
conversion of benzamide to benzoic acid using sodium hydroxide as the base. 


BIBLIOGRAPHY 
For detailed information on the production and use of nylonsee Morgan, P. W.; Kwolek, S. L. J. Chem. Educ. 1959, 35, 182. 
Heckert, W. W. J. Chem. Educ. 1953, 30, 166. Nikonoy, V. Z.; Savinov, V. M. In Interfacial Synthesis; 
Kirk—Othmer Encyclopedia of Chemical Technology, 4th ed., Vol. 19, Millich, F.; Carraher, C. E,, Jr., Eds.; Marcel Dekker: New York, 
Wiley: NewYork, 1996, pp. 454, 470, 485. 1977, Vol. Il, Chap. 15. 
Odian, G. Principles of Polymerization, 4th ed.; Wiley-Interscience: 


For information on the interfacial polymerization technique see 
Sprague, B. S.; Singleton, R. W. Text. Res. J. 1965, 35, 999. 


New York, 2004. 
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The Synthesis of Sulfanilamide 


Purpose. You will carry out the multistep synthesis of the epoch-making an- 
tibacterial drug, sulfanilamide. You will learn the techniques for handling mois- 
ture sensitive materials and investigate the strategies involved in solving a 
synthetic organic problem. 


THE SULFA DRUGS 


The sulfanilamides were the first effective systemic bactericides. The discovery, in 
the early 1930s, of these substances transformed medical care. Indeed, a major 
fraction of the world’s population is alive today as a result of these compounds 
and their microbiological successors. Early recognition of the importance of these 
materials was underlined when their discoverer was honored by receiving the 
1938 Nobel Prize in Medicine. Even 60 years later,“sulfa” drugs are still some 
of the most effective antibacterial substances available to physicians today. 
These compounds, to which human existence owes a considerable debt of 
gratitude, are all derivatives of the parent material, p-aminobenzenesulfonamide 


(sulfanilamide): 
HaN-( SON, 


p-Aminobenzenesulfonamide 
(sulfanilamide) 


This weakly basic compound contains two —NH), groups located in quite dif- 
ferent environments, so that each one possesses quite different chemical 
properties and reactivities. One is substituted directly on the aromatic ring; the 
other is contained in a sulfonamide group. A wide variety of these derivatives 
can be prepared by introducing different substituents on the nitrogen atom of 
the sulfonamide functional group. Any attempt at modifying the ring —NH), 
group, however, was found to completely destroy the biological activity. 

Prontosil, p-[(2,4-diaminophenyl)azo]benzenesulfonamide, was first syn- 
thesized in Germany in 1932 as a product of azo-dye research at I. G. Far- 
benindustrie. It was soon tested for chemotherapeutic activity, because it 
bound very strongly to protein fibers. In 1933, it became the first drug to effec- 
tively cure blood stream infections. The early investigations of the biological 
activity of Prontosil required direct testing on animal infections, since the drug 
appeared to be inactive in vitro. 


‘O° ‘O 
\/ 


Bis 
cr “Xin, 
ioe, 
H,N NH, 


Prontosil 


In 1935, Trefouels (Pasteur Institute) established that Prontosil breaks 
down in the body to yield, as one of the metabolites, sulfanilamide. It was 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c07_421-538.qxd 11/19/09 11:19 AM Page 467 
EQA 


SEQUENCE C The Synthesis of Sulfanilamide 467 


shown later that year, by Fourneau, that the biological activity of Prontosil 
was entirely contained in the sulfanilamide section of the molecule, and that 
no biological activity was lost during the cleavage. This later discovery, and 
the fact that sulfanilamide itself had been earlier synthesized by Gelmo in 
1908 (unfortunately by not exploring the biological activity of the substance, 
he missed the opportunity at a Nobel Prize), voided any patent protection, 
and led to a worldwide effort to synthesize a wide variety of these materials. 
By 1944 over 5000 sulfanilamide derivatives had been prepared and tested. 

Currently the sulfa drugs are still very important therapeutic agents, but 
have to a large extent been replaced by antibiotics, such as the penicillins. 
Their low cost and general effectiveness for urinary tract infections, however, 
still make sulfanilamide derivatives attractive alternatives. These compounds 
have also found a valuable role in veterinary medicine. 

Production of sulfanilamide reached a peak of 9000 metric tons/year in 
1943; present production is about one-half that amount. 

The following experiments in this sequence outline a novel and efficient 
procedure for the preparation of this important substance. The chemistry 
involves the trifluoroacetylation of aniline (Experiment [C1]), the chlorosul- 
fonation of the resulting acetanilide (Experiment [C2]), which is followed by 
concomitant aminolysis and hydrolysis of the sulfonyl chloride intermediate 
(Experiment [C3]) to produce the final product, sulfanilamide: 


° 
Hic —cr: 


A se (CF,CO),O C) _CISO;H. ons a” “O 
snc 


SO,Cl SO, NH, SO .NH, 


Acetylation of Aniline: 2,2,2-Trifluoroacetanilide 


Common name: 2,2,2-trifluoroacetanilide 
CA number: [404-24-0] 
CA name as indexed: acetamide, 2,2,2-trifluoro-N-phenyl- 


Purpose. The goal of this experiment is to protect the easily oxidized amine 
group of aniline from electrophilic attack during the sulfonation of the ben- 
zene ring in the next step of the synthesis. This deactivation is accomplished 
by reducing the electron density on the amine nitrogen (and thus its nucle- 
ophilicity) by acetylating aniline with the strongly electron-withdrawing tri- 
fluoroacetyl group.You will become familiar with techniques for handling 
moisture-sensitive materials. 


Prior Reading 
Standard Experimental Apparatus: Moisture-protected Claisen head with 
3- or 5-mL conical vial, arranged for 
syringe addition (pp. 25-26) 
Technique 6B: Concentration of Solutions: 
Evaporation with Nitrogen Gas (p. 102) 
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REACTION 


NH, 


HN—C—CF, 
+ (CF,CO),0 —=> C) + CF,CO,H 


Aniline Trifluoroacetic 
anhydride 


DISCUSSION 


Acid anhydrides react with amines, or ammonia, to yield amides. The reaction 
of anhydrides is similar to that of acid chlorides (see Experiment [B3]), although 
the anhydrides normally react at slower rate. 

Acetic anhydride, CH3C(O)OC(O)CHs, is an important industrial reagent 
used to prepare acetamides, CH3;C(O)NR>, from a variety of amines. For ex- 
ample, acetaminophen, an over-the-counter analgesic, is synthesized by the 
reaction of p-hydroxy-aniline with acetic anhydride: 


9 
NH, HN—C—CH, 
NaOH - + 
+ (CH,CO),O HO + CH,COO ,Na 
:OH ‘OH 
p-Hydroxyaniline Acetic anhydride Acetaminophen 


In the present reaction, trifluoroacetic anhydride is used in place of acetic 
anhydride. The halogenated anhydride is considerably more reactive be- 
cause of the presence of the three fluorine atoms on the a-carbon atom of 
the anhydride. The electron-withdrawing power of the fluorine substituents 
helps to enhance nucleophilic attack on the anhydride by the weak aromatic 
nucleophile. Once the amide is formed, the trifluoromethyl group makes the 
amide a better protecting group than the acetyl group, as the trifluoroacetyl 
group renders the amine lone electron pair less nucleophilic. Furthermore, 
the byproduct of the reaction, trifluoroacetic acid, is fairly volatile (bp 72 °C) 
and is therefore easily removed from the reaction mixture by evaporation. 
This enhanced reactivity helps avoid the use of an added base, as is required 
in the preparation of acetaminophen. Chemically, the procedure is simplified 
and the intermediate trifluoroacetanilide is usually obtained in a relatively 
pure condition. This highly reactive anhydride, however, requires considerable 
care in its use. 





CAUTION: No moisture can remain on the surface of the clean 
glassware or hydrolysis may occur with explosive force! 
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EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 0.75 h. 

















Physical Properties of Reactants 

Compound MW Mass Volume mmol mp(°C)_ bp (°C) d 
Aniline 93.13 235mg 230 wb 2.5 =6;2 184.3 1.02 
Trifluoroacetic anhydride 201.04 744mg 500 pL 3.54 -6.5 39.5 1.49 
Methylene chloride 84.93 500 pL 40 1.33 





Reagents and Equipment. Place and dry in an oven at about 125 °C for 
30 min, a 5-mL conical vial, a Claisen head, a drying tube packed with glass 
wool and calcium chloride, a 1-mL glass syringe, and a 3-dram screw-cap vial. 
After removal from the oven, place these items in a desiccator and allow them 
to cool to room temperature. Measure and place 230 wL (2.5 mmol) of ani- 
line and 500 wL of methylene chloride in the 5-mL conical vial. Immediately 
attach the vial to the Claisen head equipped with a septum cap and protected 
by the drying tube (see Prior Reading). Cool the vial in a cold water bath. 


NOTE. Dispense the aniline and methylene chloride in the hood using automatic HOOD 
delivery pipets. 





CAUTION: Aniline is a highly toxic substance and a cancer suspect 
agent. 





In the hood, place 500 wL of trifluoroacetic anhydride and 500 wL of HOOD 
methylene chloride in the dried 3-dram vial. 


NOTE. The anhydride hydrolyzes rapidly in moist air, so make the transfer quickly. 


Now draw this solution into the dried syringe, and insert the needle 
through the septum cap of the Claisen head. Dropwise, slowly add this solu- SLOWLY 
tion to the cold aniline—methylene chloride solution. 


NOTE. Heat is produced in the reaction. If the addition is too rapid, the methyl- 
ene chloride starts to reflux and fumes are emitted through the drying tube. 


Reaction Conditions. After the addition is complete, allow the reaction 
mixture to stand at room temperature for 10 min. 


Isolation of Product. Remove the reaction vial and, in the hood, concen- HOOD 
trate the solution on a warm sand bath under a slow stream of nitrogen gas. 

The crude 2,2,2-trifluoroacetanilide intermediate is obtained as a white pow- 

der. Cap the vial. 


Purification and Characterization. The crude material is not purified 
further, but rather used directly in the next reaction of the sequence without 
further characterization. 
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QUESTIONS 


7-49. Outline a complete mechanistic sequence for the reaction to prepare acetaminophen as presented in the discussion 
section of this experiment. 

7-50. In the preparation of amides, acid chlorides or anhydrides may be used to react with the selected amine. It is known 
that acid chlorides are more reactive than the corresponding anhydrides in this type of nucleophilic acyl substitution 
reaction. Offer a reasonable explanation for this observation. 

7-51. Offer an explanation of why 2,2,2-trifluoroacetic anhydride is more reactive toward aniline than acetic anhydride in 
the nucleophilic acyl substitution reaction presented in this experiment. 

7-52. Offer a reasonable explanation of why acetamide has a higher melting and boiling point then N,N-dimethylacetamide 
even though it has a lower molecular weight: 


° ° fs 
CH,C—NH, CH,C—N: 
CH, 
Acetamide N,N-Dimethylacetamide 
mp 82°C mp —20°C 
bp 221°C bp 166°C 


7-53. Outline a simple chemical test that would distinguish between ethyl benzoate and benzamide (Hint: See Chapter 9). 


BIBLIOGRAPHY 
Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., Noyes, W. A.; Porter, P. K. Organic Syntheses; Wiley: New York, 
Part 2; Wiley: New York, 2007, Chap. 16, p. 1429 and references 1941; Collect. Vol. I, p. 457. 
therein. Wiley, R. H.; Borum, O. H. Organic Syntheses; Wiley: New York, 
Selected acylation reactions in Organic Syntheses between 1963; Collect. Vol. IV, p. 5. 
anhydrides and amines: The use of the perfluoroacetic anhydride reagent in this 
Herbst, R. M.; Shemin, D. Organic Syntheses; Wiley: New York, synthesis is reported in 
1943; Collect. Vol. IL, p. 11. Hurdis, E. C.; Yang, J. W. J. Chem. Educ. 1969, 46, 697. 


Chlorosulfonation of 2,2,2-Trifluoroacetanilide: 
p-(Trifluoroacetamido)benzenesulfonyl Chloride 


Common name: p-(trifluoroacetamido)benzenesulfonyl chloride 
CA number: [31143-71-2] 

CA name as indexed: benzenesulfonyl chloride, 
4-|(trifluoroacetyl)amino]- 


Purpose. The substitution of the aniline ring is carried out by introduction 
of the sulfonyl group. This substitution reaction is the second stage on the 
route to preparing sulfanilamide. p-(Trifluoroacetamido)benzenesulfonyl chlo- 
ride is prepared by treatment of the intermediate, 2,2,2-trifluoroacetanilide, 
with chlorosulfonic acid.You will gain experience at handling highly reactive 
moisture-sensitive reagents. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
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REACTION 
HN—C—CF, HN—C—CF, 
+ 2 CISO,H —_ + HCl + H,S50, 
SO,Cl 
2,2,2-Trifluoroacetanilide Chlorosulfonic acid p-(Trifluoroacetamido)- 
benzenesulfonyl] chloride 
DISCUSSION 


As shown here, the sulfonyl chloride group (—SO,Cl) can be conveniently 
introduced to an aromatic ring via an electrophilic aromatic substitution reac- 
tion using chlorosulfonic acid. The reaction is usually referred to as chlorosul- 
fonation. It has been determined that two equivalents of the acid are required 
per equivalent of the aromatic compound. In the initial attack the system first 
forms the corresponding sulfonic acid, which in turn is converted to the sul- 
fonyl chloride. It is believed that the initial stage of the reaction involves SO; 
as the electrophile. It is likely that this reagent results from the establishment 
of the equilibrium reaction shown here: 


CISO3H ==> SO; + HCl 


The intermediate sulfonic acid is converted to its sulfonyl chloride deriva- 
tive by reaction with a second equivalent of the chlorosulfonic acid: 


| | | 
HN—C— CF, HN—C—CF, HN—C— CF, 
CISO;H HCI CISO,H W 
(SO3) a + H,SO, 
SO,H SO,Cl 


Product isolation is achieved by transferring the solution of the sulfonyl 
chloride onto crushed ice to precipitate the insoluble acid chloride. This 
isolation procedure can be used because sulfonyl chlorides are much less 
susceptible to hydrolysis than their carboxylic acid chloride counterparts 
(see Experiment [B2]). Sulfonyl chlorides do undergo this hydrolysis reac- 
tion, albeit rather slowly, resulting in the formation of the corresponding 
sulfonic acid. 

Notice that the para-substituted product is formed in the reaction. Why is 
this observed given that two other isomers are possible (the meta- and/or 
ortho-products)? (See Question 7-57.) 
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EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 0.75 h. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp(°C) bp (°C) d 
2,2,2-Trifluoroacetanilide 189.06 478 mg (theoretical value) 25 87.6 

Chlorosulfonic acid 116.52 900 pL 13.7 —80 158 1.77 





NOTE. All reagent transfers must be made and the reaction must be conducted in 
HOOD _ the hood. 


Reagents and Equipment. Place and dry in an oven at about 125 °C for 30 
min, an air condenser and a 9-in. Pasteur pipet calibrated to deliver 0.9 mL. Af- 
ter removal from the oven, place these items in a desiccator and allow them to 
cool to room temperature. 
Attach the vial containing the 2,2,2-trifluoroacetanilide (prepared in Ex- 
periment [C1]) to the dry air condenser. Measure, using the 9-in. Pasteur pipet, 
SLOWLY 0.9 mL of chlorosulfonic acid, and slowly add this reagent to the flask by in- 
serting the pipet down the neck of the air condenser. 





CAUTION: Chlorosulfonic acid is a very corrosive substance. It reacts 
violently with water and causes serious burns on contact with the skin. 

HOOD Dispense the reagent in the hood. Leave all equipment used to trans- 
fer this material in the hood until it is obvious that the residual reagent 
has reacted with the moist air (white fumes subside), and leave these 
materials in contact only with glass surfaces. 





NOTE. An alternative procedure for making the transfer is to measure the amount 
of this reagent using an oven-dried 1-mL glass pipet and then transfer it to an 
oven-dried screw-cap vial. The material is then transferred to the reaction vial as 
described above, using the dry 9-in. pipet. 


Reaction Conditions. Place the reaction assembly on a sand bath in the 
HOOD hood and heat the mixture at 60—70 °C for 10 min. 


Isolation and Characterization. Allow the reaction mixture to cool to 

room temperature, and then place the flask in an ice bath. Using a second, 

SLOWLY dry 9-in. Pasteur pipet, transfer the cold reaction solution slowly to a 10-mL 
HOOD beaker containing ice (~} full) in the hood. 





CAUTION CAUTION: This is a very vigorous reaction. Use caution. Leave all 
HOOD equipment in the hood until it is obvious the residual reagent has 
reacted with the moist air (white fumes subside). Make sure that only 

glass surfaces are in contact with the reagent residues. 





A precipitate of the product, p-(trifluoroacetamido)benzenesulfonyl 
chloride, forms at this stage. Collect the tannish-white precipitate by vac- 
uum filtration and wash the filter cake with three 1-mL portions of ice cold 
water. 
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Allow the material to air-dry. Determine the weight of the crude product, 
and calculate the percent yield from aniline. Determine its melting point, and 
compare it to the reported value of 142-145 °C. 


Chemical Test. Carry out a sodium fusion test to confirm the presence of 
nitrogen, sulfur, and chlorine in the product (see Chapter 9). 


QUESTIONS 


7-54. Outline a suitable mechanism to illustrate the reaction of benzenesulfonyl chloride with excess ethylamine to form 
the corresponding sulfonamide. 

7-55. In reference to Question 7-54, why is an excess of ethylamine used? 

7-56. Account for the fact that the amide group (~NHCOCF:;) is ortho and para directing. 
Use resonance structures to illustrate your written explanation. 


7-57. As mentioned in the discussion, offer an explanation of why only the para isomer is obtained in the 
chlorosulfonation reaction carried out in this experiment. 


BIBLIOGRAPHY 

For a summary of electrophilic aromatic substitution Scheifele, H. J., Jr.; De Tar, D. F. Organic Syntheses; Wiley: New 
reactions see York, 1963; Collect. Vol. IV, p. 34. 
Hapworth, J. D.; Waring, D. R.; Waring, M. J. Aromatic Chemistry Smiles, S.; Stewart, J. Organic Syntheses; Wiley: New York, 1941; 

Wiley: New York, 2003, Chap. 2. Collect. Vol. I, p. 8. 
For the use of chlorosulfonic acid in aromatic substitution Webb, C. N. Organic Syntheses; Wiley: New York, 1941, Collect. 
reactions see Vol. |, p. 85. 
Gilbert, E. E. Sulfonation and Related Reactions; Wiley: New York, Also see 

1965, p. 84. Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., 
Rathke, M. E.; Millard, A. A. Organic Syntheses 1978, 58, 32. Wiley: New York, 2007, Chap. 14, p. 974 and references therein. 
Reid, J. R.; Dufresne, R. F.; Chapman, J.J. Organic Syntheses 1997, 

74, 217. 


Preparation of an Arene Sulfonamide: Sulfanilamide 


Common names: sulfanilamide, p-aminobenzenesulfonamide 
CA number: [63-74-1] 
CA name as indexed: benzenesulfonamide, 4-amino- 


Purpose. The sequential synthesis is completed and the sulfa drug, sulfanil- 
amide, is obtained by treatment of the sulfonyl chloride intermediate prepared 
in Experiment [C2], with an aqueous ammonia solution.” This interesting 
product is fully characterized. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallization (pp. 89-91) 


’This experiment is adapted from the work of S. Danishefsky, Yale University (personal com- 
munication). 


—p— CONFIRMING PAGES ~~ «eg aptara 


SAD te — 
> Ppl 4:24/13:37 





JWCL196_c07_421-538.qxd 


11/16/09 


1:58 PM Page 474 o 


474 CHAPTER7 Sequential Syntheses: The Transition from Macro to Micro 


DISCUSSION 


The final step in the synthesis of the target molecule, sulfanilamide, is the conver- 
sion of the sulfonyl chloride intermediate to a sulfonamide and the removal of 
the 2,2,2-trifluoroacetyl protecting group. These transformations are accom- 
plished in one step because both reactions take place upon heating the protected 
sulfonyl chloride with aqueous ammonia. The reaction sequence is shown here: 


HN—C—CF, HN—C—CF, NH, 
NH, H,O 
HCD 0 _—— S + F,CCO,H 
SO,Cl SO,NH, SO,NH, 
p-(Trifluoroacetamido)- Sulfanilamide 


benzenesulfonyl] chloride 


We can now see several reasons for first protecting the reactive amino 
group on the aniline molecule. First, to attempt the introduction of the 
sulfonyl group directly on aniline would very likely lead to a species 
(p-aminobenzenesulfonyl chloride) that would react with itself (act as a di- 
functional monomer) to produce a sulfonamide polymer: 


mis -so,c ane. tui \ SO,NH \ so. 
nN 


Second, because the sulfonyl group is introduced using chlorosulfonic 
acid, an acidic medium is present. Under these conditions, because free HCl is 
available (see discussion in Experiment [C2]), the amino group would be pro- 
tonated and become a meta directing group. This situation would lead to the 
formation of the wrong isomer or, at best, a mixture of isomers. 

Third, as mentioned above, the amino group is highly prone to oxidation 
and the unavoidable presence of traces of the strong oxidant, SO3, would be 
expected to lead to considerable oxidation of the aromatic amine. 

The 2,2,2-trifluoroacetyl group meets all the requirements of a good pro- 
tecting group. First, the acetylation reaction goes rapidly in nonaqueous media 
to give a clean, dry product. Second, the protecting group is easily and rapidly 
removed in the final stage without disturbing the other functional groups in 
the molecule. 








EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 0.75 h. 





Physical Properties of Reactants 





Compound MW Amount mmol mp (°C) 





(2,2,2-Trifluoroacetamido) - 
benzenesulfonyl chloride 287 400 mg 1.39 = 142-145 


Aqueous ammonia 600 wL 
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CAUTION: All reagent transfers and the reaction must be conducted 
in the hood. HOOD 





Reagents and Equipment. Weigh and place in a 10-mL Erlenmeyer flask 
400 mg (1.39 mmol) of the p-(2,2,2-trifluoroacetamido)benzenesulfonyl 
chloride, which was prepared in Experiment [C2]. Ina 10 X 75-mm test tube, 
prepare a solution of 0.6 mL of fresh, concentrated aqueous ammonia (ammo- 
nium hydroxide) and 0.4 mL of deionized water. Add this solution to the solid 
sulfonyl chloride in the Erlenmeyer flask. Now add a boiling stone. Use a glass 
rod to break up any lumps of the solid that may form. 





CAUTION: Dispense the ammonia solution in the hood. HOOD 








CAUTION: | If the sulfonyl chloride reagent contains acidic impurities, 
a vigorous reaction may occur when the reagents are mixed. 





Reaction Conditions. Place the Erlenmeyer flask on a hot (100-110 °C) 

sand bath in the hood and heat the mixture until the solid material dissolves. HOOD 
Agitate with a glass rod, if necessary, to assist the dissolution process. Now 

heat the solution to boiling for an additional minute. 


Isolation and Characterization. Remove the flask from the sand bath and 
allow the reaction mixture to cool to room temperature. Place the flask in an ice 
bath for 15-20 min. During this time light-yellow crystals of product precipitate. 

Collect the crystalline product by vacuum filtration, and wash the crystals 
with three 0.5-mL portions of ice-cold water. Air-dry the sulfanilamide, weigh, 
and calculate a crude yield, both for this step and for the overall sequence 
based on the amount of aniline used in the first step. Determine the melting 
point of this material. 

Recrystallize the crude material from water using the Craig tube. Air-dry 
the white crystals overnight, or in an oven (110 °C) for 10-15 min. Determine 
the melting point and compare your value to that reported in the literature. To 
further characterize the material obtain an IR and NMR spectrum and com- 
pare them to those found in the literature (The Aldrich Library of Infrared Spec- 
tra, The Aldrich Library of NMR Spectra, and/or the corresponding spectral data 
available online (e.g., SciFinder Scholar)). 


Chemical Test. Carry out a sodium fusion test to confirm the presence of ni- 
trogen and sulfur in the product (see Chapter 9). 


QUESTIONS 


7-58. Based on the results of this experiment, which is more nucleophilic: hydroxide ion (HO~) or ammonia (NH3)? Explain. 


7-59. Outline a suitable mechanism to account for the conversion of the sulfonyl chloride group to the sulfonamide group 
by reaction with ammonia. 


7-60. Outline a synthesis for the sulfa drug, sulfathiazole, starting from benzene. The primary aminothiazole ring system 


is available: 
HA-€)-sonin—€ d 
N 


Sulfathiazole 
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7-61. Sulfonyl chlorides also react readily with alcohols to yield sulfonate esters: 


re 
ArSO,Cl + HOR +> ArSO,OR + HCl 


3° amine 


Propose a suitable mechanism to account for this reaction. 


7-62. In reference to the Hinsberg test used to distinguish between primary, secondary, and tertiary amines (see Chapter 9), 
primary amines yield a sulfonamide that is soluble in aqueous sodium hydroxide, whereas secondary amines give a 
sulfonamide that is not soluble in this reagent. Offer an explanation for this observation. 


BIBLIOGRAPHY 


For an overall view of the sulfa drug story see 


Reid, J. R.; Dufresne, R. F.; Chapman, J.J. Organic Syntheses 1997, 


Kirk-Othmer Encyclopedia of Chemical Technology, 4th ed., Wiley: 74, 217. 


New York, 1992, Vol. 2, p. 876. 


Examples of treatment of sulfonyl chlorides with amines: 
De Boer, Th. J.; Backer, H. J. Organic Syntheses; Wiley: New York, 


1963; Collect. Vol. IV, p. 943. 


Scheifele, H. J., Jr.; De Tar, D. F. Organic Syntheses; Wiley: New 
York, 1963; Collect. Vol. IV, p. 34. 


The use of the perfluoroacetic anhydride reagent in this 
synthesis is reported in 
Hurdis, E. C.; Yang, J. W. J. Chem. Educ. 1969, 46, 697. 


The Synthesis of 2’-Bromostyrene 


Purpose. A three-step synthesis of 2’-bromostyrene is carried out starting 
with benzaldehyde. You will gain experience working with semimicroscale 
quantities of organic materials. (See Sequence A, where benzaldehyde is also 
used as the starting material, in that case for the formation of two different 
intermediates in the seven-step synthesis of hexaphenylbenzene.) You will be- 
come familiar with the stereo-chemistry involved in the addition of molecu- 
lar halogen to an alkene (see also Experiment [A2,]). You will observe the 
elimination of a hydrogen halide promoted by a concerted decarboxylation 
reaction (see also Experiment [A3,]). As an option, 'H NMR spectroscopy will 
be used to determine the cis/trans ratio of isomers in the product (see also 
Experiment [5B]). 


THE SYNTHESIS OF A FRAGRANCE 


Numerous classes of organic compounds have characteristic odors. For ex- 
ample, volatile esters have pleasant odors (see Experiment [8B]) and are of- 
ten used in perfumes and artificial flavorings where they contribute to the 
fragrance of the material; acid chlorides have sharp penetrating odors (see 
Experiment [B2]); the alkyl amines have a “fishy” smell (see Experiment 
[B3]); benzaldehyde has the odor of bitter almond oil (see Experiment [20]); 
and cinnamaldehyde, the odor of cinnamon (see Experiment [11C]). Exper- 
iment [11C] also contains an expanded discussion of naturally occurring 
fragrant materials, called essential oils. As chain length increases, the odors 
of the short-chain alkyl carboxylic acids progress from the sharp, irritating 
odors of formic and acetic acids to the very rank, disagreeable odors of bu- 
tyric (rancid butter), valeric, and caproic (dirty socks and goats) acids. Low 
molecular weight thiols (mercaptans), sulfides, and disulfides have 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c07_421-538.qxd 11/16/09 1:58 PM Page 477 
EQA 


SEQUENCE D The Synthesis of 2’ -Bromostyrene 477 


intensely disagreeable odors. Examples of these materials are the active 
principals in the chemical defense spray used by the skunk. Via evolution, 
this animal has developed a highly effective mixture of 3-methylbutane-1- 
thiol, trans-2-butene-1-thiol, and trans-2-buten-1-yl methyl disulfide, 
which is able to deter most skunk predators, not just humans. Our sense of 
smell can detect one part of ethanethiol in 50 billion parts of air. This 
sounds spectacular, but humans have developed other highly sensitive de- 
tectors (the retinas of our eyes) to a band of electromagnetic radiation in the 
region 400-750 nm (the visible region of the spectrum). We have, as a con- 
sequence, become less dependent on our sense of chemical communication 
(our sense of smell). When we compare our detection limit of mercaptans to 
the male silkworm’s detection of the female sex pheromone, we find that the 
Bombyx mori respond to threshold levels close to 1 million times lower (in 
the concentration range of 100 molecules per milliliter)! 

Clearly, chemical communication (odor) plays a critical role in mediating an- 
imal and plant behavior within and between species. These metabolites are of- 
ten stored and released when the animal (or plant) responds to certain stimuli. 
Historically, these substances served as the major communication link between 
living systems during the evolutionary development of single cell organisms. 
Thus, they predated hormones, which function in a similar fashion, but within a 
host collection of cells. While these substances may be used by a given insect 
species as a sex attractant, pheromones can also mediate other intraspecies 
functions, such as acting as trail guides and alarm signals. Thus, pheromones are 
substances that are used to communicate information between individuals of 
the same species to their adaptive advantage.The activity of a pheromone fre- 
quently depends on the configuration around a double bond (E or Z) as well as 
the absolute configuration around an R or S chiral center, just as humans select 
for these structural features (see discussion in Experiment [11D]). In a number 
of cases, the response has been shown to depend on the ratio of the isomers. 
There are several other classes of chemical communication substances used by 
plants and animals. The allomones are interspecies materials, which, on release, 
are used to the adaptive advantage of the host but to the disadvantage of the 
receiver. A typical function of an allomone is as a chemical defense agent; the 
thiols and disulfides used by the skunk are excellent examples. Three typical 
chemical communication substances are shown here: 


Ee O, 


H 


Termite defense allomone 
and 


H H 


Sex pheromones of the European corn borer (a mixture of cis + trans acetates) 
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The synthetic route undertaken in the Sequence D experiments leads 
ultimately to a mixture of the diastereomeric cis—trans isomers of 
2'-bromostyrene: 


X H — Br 
Br H 
cis-2'-Bromostyrene trans-2'-Bromostyrene 


This material is often used as an additive to impart a pleasant fragrance to 
soaps, since it has a very pleasant aroma, similar to that of hyacinth. It is not, 
however, a naturally occurring material. As a nice illustration of the fact that 
stereoisomeric compounds can have markedly different physiological effects, 
it has been demonstrated that a single diastereomer, trans-2'-bromostyrene, is 
responsible for the hyacinth-like odor. 

The chemistry involved in this particular synthesis of 2’-bromostyrene 
contains a number of fundamental organic reactions and is rather interesting 
to study. The first stage (Experiment [D1]) involves the condensation of benz- 
aldehyde with malonic acid to produce the intermediate, trans-cinnamic acid. 
This reaction is mechanistically similar to the well-known aldol reaction, and 
is often referred to as the Knoevenagel condensation: 


é hese 
ay + CH(CO,H) pyridine Sco7 7 
ee eae | + H,O + CO, 
H 
Benzaldehyde Malonic acid trans-Cinnamic acid 


The second stage (Experiment [D2]) involves the addition of bromine to 
the intermediate formed in the first step, trans-cinnamic acid. The product 
of this halogenation is erythro-2,3-dibromo-3-phenylpropanoic acid. The 
stereochemistry involved in the formation of this second intermediate is a re- 
sult of the nature of the anti addition of molecular bromine to a trans alkene. 
The details are given in the discussion in Experiment [D2]. 





a @ hi 
= OH Br, 
> 
H acetic acid 
trans-Cinnamic acid erythro-2,3-Dibromo-3-phenylpropanoic acid 


In Experiment [D3], the third step in Sequence D, the target molecule, 
2'-bromostyrene, is generated by a novel elimination reaction that involves 
the loss of both CO, and HBr from the dibromophenylpropanoic acid. This 
stage of the synthesis offers an excellent opportunity to study the effect of sol- 
vent on the stereochemical course of a reaction by spectral analysis. In this 
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case NMR (or infrared) data can be used to establish whether a cis—trans 
mixture is obtained, or just one pure isomer (cis): 


O° i 
Br | os Cx Br 
Br2_ ~COH Beat 
| Cc | trans 
we : i 
H Hi = + + CO, + HBr 
i 
Cc H 
SCM cis 
Br 
erythro-2,3-Dibromo-3- cis- + trans-2'-Bromostyrene 


phenylpropanoic acid 


The Verley-Doebner Modification of the Knoevenagel 
Reaction: trans-Cinnamic Acid 


Common name: trans-cinnamic acid 
CA number: [140-10-3] 
CA name as indexed: 2-propenoic acid, 3-phenyl-, (E)- 


Purpose. trans-Cinnamic acid is prepared as the first intermediate in the 
Sequence D set of reactions that ultimately lead to 2'-bromostyrene. You will 
review the chemistry associated with an important variety of aldol-type 
condensation, the modified Knoevenagel reaction. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 


REACTION 
‘O° H 1@ 
“ noe 
™~N = SX 
H Sn 77S 
Cy + CH,(CO,H), Bia Cy ¢ + 0 + CO, 
ea 
H 
Benzaldehyde Malonic acid trans-Cinnamic acid 
DISCUSSION 


Those reactions that are called aldols derive their name from the early 
nineteenth-century organic literature. The term was first applied to a self- 
addition product of acetaldehyde that forms under basic conditions. The 
product, 3-hydroxybutanal, can form in yields as high as 50% in the pres- 
ence of sodium hydroxide. This substance eventually became referred to as 
aldol, because it was both an aldehyde and an alcohol. 

The aldol reaction can be defined in the broad sense as a reaction in which 
a nucleophile- generated alpha to an electron-withdrawing functional group (in 
the large majority of cases, carbonyl groups are responsible for the a-hydrogen 
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acidity, although they are not required) adds to a carbonyl group (it may be self- 
condensation, as in the example of acetaldehyde, but it may also involve attack 
on another carbonyl-containing species, if it is present). Several experiments in 
this text illustrate this type of reactivity. Experiments [20] and [A3,] are classic al- 
dol reactions in which conditions are vigorous enough to result in elimination of 
the B-hydroxyl group to yield a,B-unsaturated ketones as products. In the first 
step of Sequence D, we now add the Knoevenagel reaction as another conden- 
sation possessing a mechanism similar to that of the aldol. 


Emil Knoevenagel (1865-1921) Knoevenagel was born in Hanover, Germany. 
He was the son of a chemist and started his studies at the Technical Insti- 
tute at Hanover. Later he studied with both Victor Meyer and Gattermann 
at Gottingen where he received a Ph.D. in 1889. When Victor Meyer moved 
to Heidelberg, Knoevenagel accompanied him. In 1896 he was appointed 
assistant professor of organic chemistry at Heidelberg and, in the same year, 
published his studies on the reaction that now bears his name. He even- 
tually became professor of organic chemistry in 1900. 

Knoevenagel had a variety of interests, including stereoisomerism. He 
worked extensively with aldol-type reactions, and pioneered the use of 
amine bases to promote these condensations. He was particularly inter- 
ested in pyridine chemistry, and was the first to synthesize the pyridine ring 
by heating hydroxylamine with 1,5-diketones. 

Following World War I, in which he saw active service, he continued his 
studies, only to die suddenly, at the age of 56, during an appendectomy. 

Interestingly, although Knoevenagel demonstrated the effectiveness of 
amine bases in promoting aldol-type reactions and though, as noted above, he 
was particularly interested in pyridine, he overlooked this material’s potential 
application to aldol condensations. It was left to Verley (1899) and Doebner 
(1900) to introduce successful modifications of the condensation in which 
pyridine appears to play a number of roles: as a solvent, as a base, and assist- 
ing in the decarboxylation. 

The Knoevenagel reaction in its simplest form is the condensation of 
malonic esters (or their analogues) with aldehydes or ketones in the pres- 
ence of an amine base catalyst plus a small amount of a carboxylic acid (or 
amino acid) cocatalyst. The condensation products are often a,B-unsaturated 
carbonyl compounds. For example, 


ne H Oo 
s 7 ee 
aS t 
H CH.(CO.E piperidine Sc7 - ILO 
a 
* af 2 D2 benzoic acid | fe ¥ 2 
heat COEt 
| 
Benzaldehyde Diethyl malonate Diethyl benzalmalonate 


Other substances possessing an acidic methylene group have been incor- 
porated in aldol-type reactions. These materials include ethyl cyanoacetate 
and ethyl acetoacetate, as well as phenylacetonitrile, benzyl ketones, and 
aliphatic nitro compounds. The reaction is often run in benzene or toluene sol- 
vent, so that the water formed can be continuously removed. Other cocatalysts, 
besides carboxylic acids, are various ammonium salts, such as ammonium 
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acetate and piperidinium acetate. The Knoevenagel reaction gives highest 
yields when aldehydes are used as the electrophile, although selected ketones 
can sometimes give acceptable yields. One of the more important properties 
of these reactions from a synthetic perspective is that they offer a route to the 
formation of C—C bonds. 

In the formation of the first synthetic intermediate in Sequence D, the very 
effective Verley-Doebner modification of the fundamental Knoevenagel 
condensation is used. This modification uses malonic acid in place of the con- 
ventional ester to promote enolization. In addition, the heterocyclic amine, 
pyridine, functions as both the base catalyst and the solvent. A cocatalyst, 
B-alanine (an amino acid), is also introduced. Mechanistically, the reaction 
closely resembles the aldol condensation in that in both cases a carbanion is 
generated by abstraction, by base, of a proton alpha to a carbonyl group. The 
resulting carbanion is stabilized as an enolate anion (see below). 

The enolate anion then acts as a nucleophile and attacks the carbony] car- 
bon of a second carbonyl-containing molecule in the reaction. (An example 
would be the aldol reaction in Experiment [20].) The intermediate aldol prod- 
uct, the B-hydroxyacid, undergoes rapid dehydration under these reaction 
conditions, to give the a,B-unsaturated diacid shown here: 


C—OH C—OH 
4 2 / Y —_ Ca a OH 
= Sse << 
“ H~ ~c—OH 
C—OH | C—OH 
| O. | 
Les O. 
(acidic hydrogen) (carbanion) (enolate anion) 


(one resonance structure shown) 


Conjugate addition (1,4 addition) of pyridine and ionization of a carboxylic 
acid are followed by decarboxylation and concomitant elimination of pyridine 
to yield the a,B-unsaturated carboxylic acid as shown here. 
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HOOD 


HOOD 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 














Physical Properties of Reactants 

Compound MW Amount mmol mp(°C) bp (°C) d 
Benzaldehyde 106.12 580 wL (603 mg) 5.7 —26 179 1.04 
Malonic acid 104.06 15¢ 14.4 135 dec 

Pyridine 79.10 3 mL 115 0.978 
B-Alanine 89.09 120 mg 1.35 205 dec 








Reagents and Equipment. In a 10-mL round-bottom flask containing a mag- 
netic stir bar, weigh and place 1.5 g (14.4 mmol) of malonic acid followed by 
120 mg of B-alanine. Now, in the hood, add 3 mL of pyridine and 580 wL of 
freshly distilled benzaldehyde. 


NOTE. Dispense the benzaldehyde using an automatic delivery pipet. Measure the 
pyridine using a 10-mL graduated cylinder. 





CAUTION: Pyridine is a toxic amine with a strong unpleasant odor. 
Both reagents should be stored and dispensed in the hood. 





Attach the flask to a water-jacketed reflux condenser, and place the assembly 
in a sand bath on a magnetic stirring hot plate. 


Reaction Conditions. Heat the mixture with stirring at a sand bath tem- 
perature of about 130 °C for 1.5 h. 


Isolation of Product. Allow the reaction mixture to cool to room temper- 
ature and, in the hood, remove the flask. Transfer the reaction solution using 
a Pasteur pipet to a 50-mL Erlenmeyer flask containing 12 mL of ice-cold wa- 
ter. Rinse the round-bottom flask with an additional 3 mL of ice-cold water, 
and transfer the rinse to the same Erlenmeyer flask in like manner. Now add, 
in small portions, 6 M HCl (~8 mL) until a white precipitate forms and the 
solution tests weakly acidic to pH paper. Collect the precipitate of trans-cinnamic 
acid by vacuum filtration using a Hirsch funnel. Wash the white crystals with 
three 2-mL portions of cold water. To partially dry the material, continue the 
suction for an additional 15 min (remember to cover the Hirsch funnel with 
filter paper to protect the filter cake from contamination with dust from the 
laboratory atmosphere during the extended air-drying period). 


Purification and Characterization. Oven-dry the partially dried product 
at 100 °C overnight. Weigh the crude acid and calculate the percent yield. De- 
termine the melting point. Compare your result with the literature value. This 
material is likely to be of sufficient purity to be used in the next step of Se- 
quence [D], Experiment [D2]. If your material melts below the literature value, 
for characterization recrystallize approximately 30 mg from hot water using 
the Craig tube. Dry as before and redetermine the melting point. To further 
characterize the material, obtain IR and 'H NMR spectra. Compare your spec- 
tra with those recorded in the literature (The Aldrich Library of IR Spectra, The 
Aldrich Library of NMR Spectra, and/or the corresponding spectral data avail- 
able online (e.g., SciFinder Scholar)). 
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NOTE. Approximately 500 mg of purified product with a melting point within 
2-3 °C of the literature value is suggested for continuing the sequence on to 


Experiment [D2]. 


Chemical Tests. Add several crystals (~5 mg) of the trans-cinnamic acid to 
1 mL of 5% sodium bicarbonate on a watch glass. Does evolution of COs in- 
dicate the presence of a carboxylic acid? Does the material give a positive 


bromine test for unsaturation (see Chapter 9). 


QUESTIONS 


7-63. Write a complete mechanism for the addition of diethyl malonate to ethanal in the presence of base to form a 


B-hydroxy ester. 


7-64. Outline a synthesis that forms at least one C—C bond for each of the following compounds: 





(a) CH3;CH,CH,»CH,CH,CH=CHCO,H 
(b) CH3;CH;CH,CH=C(CN)(CO,.CH>CHs) 


7-65. As mentioned in the discussion, ketones generally give poor yields in the Knoevenagel reaction with diethyl 
malonate. However, the reaction with ketones gives good yields with ethyl cyanoacetate and malononitrile. Explain. 


7-66. Give the structure of the products of the Knoevenagel reaction for the following pairs of reactants: 


(a) Cyclopentanone + malononitrile (dicyanomethane) 


(b) Benzaldehyde + ethyl acetoacetate 
(c) Propanal + nitromethane 


Knoevenagel, E. Chem. Ber. 1898, 27, 2345. 
Descriptions of the Knoevenagel reaction: 


Cope, A. C. J. Am. Chem. Soc. 1937, 59, 2327. 

Cope, A. C.; Hofmann, C. M.; Wyckoff, C.; Hardenberg, E. J. Am. 
Chem. Soc. 1941, 63, 3452. 

House, H. O. Modern Synthetic Reactions; Benjamin: Menlo Park, 
CA, 1972, pp. 649-653. 

Johnson, J. R. Org. React. 1942, 1, 210. 

Jones, G. Org. React. 1967, 15, 204. 

Smith, M. B.; March, J. Advanced Organic Chemistry, 
6th ed., Wiley: New York, 2007, Chap. 16, p. 1358 and 
references therein. 

Tietze, L. F; Beifuss, U. Comp. Org. Syn. 1991, 2, 341. 


Bromination of trans-Cinnamic Acid: 


BIBLIOGRAPHY 


Selected references of the use of the Knoevenagel reaction 
recorded in Organic Syntheses: 


Allen, C. F. H.; Spanger, F. W. Organic Syntheses; Wiley: New York, 
1955; Collect. Vol. IIL, p. 377. 

Cope, A. C.; Hancock, E. M. Organic Syntheses; Wiley: New York, 
1955; Collect. Vol. IIL, p. 399. 

Horning, E. C.; Koo. J.; Fish, M. S.; Walker, G. N. Organic Synthe- 
ses; Wiley: New York, 1963; Collect. Vol. IV, p. 408. 

McElvain, 5. M.; Clemens, D. H. Organic Syntheses; Wiley: New 
York, 1963; Collect.Vol. IV, p. 463. 


This step in the sequence was adapted from the work of 


Kolb, K. E.; Field, K. W.; Schatz, P. F. J. Chem. Educ. 1990, 
67, A304. 


erythro-2,3-Dibromo-3-phenylpropanoic Acid 


Common name: erythro-2,3-dibromo-3-phenylpropanoic acid 


CA number: [31357-31-0] 


CA name as indexed: Benzenepropanoic acid, a,8-dibromo-, (R*,S*)- 


Purpose. The bromination of trans-cinnamic acid is carried out to obtain 
erythro-2,3-dibromo-3-phenylpropanoic acid, the direct precursor to 2'-bromo- 
styrene, which is the synthetic target of Sequence D. You will review the stere- 
ospecificity of the addition of molecular bromine to an alkene. 
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Prior Reading 
Technique 5: Crystallization 


EQA 


Use of the Hirsch Funnel (pp. 88-89) 


REACTION 


i ° 


Cy ,- OH 
7 + Br acetic acid 
2 
H 


trans-Cinnamic acid 


DISCUSSION 


° 

Br 38 
i ‘- AH 
se 


erythro-2,3-Dibromo-3-phenylpropanoic acid 


The bromination of alkenes is known to be a stereospecific reaction. An exam- 
ple and detailed discussion of this addition to trans-stilbene is given in Experi- 
ment [A2,], and another example is illustrated in Experiment [F2]. In the present 
case, bromine undergoes a similar addition, and the halogenated product 
obtained is the erythro diastereomer of 2,3-dibromo-3-phenylpropanoic acid, 
which is produced as a racemic mixture of the two enantiomers. 

The term erythro is derived from carbohydrate chemistry, and is used to 
describe the relative configurations of the two adjacent chiral centers (stereo- 
centers). Specifically, the term erythro describes structures whose Fischer pro- 
jections place identical substituents (on adjacent carbon atoms) on the same 
side of the (otherwise identical) Fischer projection. The opposite of erythro is 
threo, which would describe structures with identical substituents (on adjacent 
carbons) on opposite sides of the (otherwise identical) Fischer projection. Be- 
cause erythro and threo describe only the relative configurations of the two 
chiral centers with respect to one another, there are two enantiomers of each 
erythro diastereomer, and of each threo diastereomer, as shown here both in 
Fischer projections and more familiar illustrations: 











CO,H CO,H 
H—-—\Br Br——H 
H—,-—Br Br——H 

Ph Ph 
ON H \ Br 
é f .CO,H 

ph” oe Ph 2 

H Br Br H 








CO,H CO,H 
H Br Br I+—H. 
Br H H Br 
Ph 
H Br 
\ CO,H 
Ph 4 
H Br 








Enantiomers of the erythro diastereomer 
of 2,3-dibromo-3-phenylpropanoic acid 


—p— 


Enantiomers of the threo diastereomer 
of 2,3-dibromo-3-phenylpropanoic acid 


CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c07_421-538.qxd 11/16/09 1:58 PM Page 485 
EQA 


SEQUENCE D The Synthesis of 2’ -Bromostyrene 485 


The result of the halogenation of trans-cinnamic acid, as in the case of 
(E)-stilbene in Experiment [A2,], is an anti addition of molecular bromine. 
The enantiomeric products are shown here: 


Ph Br 
He vA 
"SC-C 
/R S\’H 
Phy, a Br CO,H 
= + By. 
oo ~ i H 
H CO,H X_§COH 
e Ce 
PHYS R\ 
H Br 
trans-Cinnamic acid erythro-(2R,3S- and 2S,3R)-2,3- 


dibromo-3-phenylpropanoic acid 


What mechanism best explains this observed stereochemistry? The start- 
ing un-saturated acid and bromine are both achiral, and thus the product, if a 
chiral molecule, must be racemic. The outer-shell electrons of molecular 
bromine, however, are highly polarizable and molecular bromine reacts as an 
electrophile with the nucleophilic 7 electrons of the alkene group of cinnamic 
acid, in a reaction that is effectively a nucleophilic substitution reaction on a 
bromine atom. The product is a carbocation, which is, however, stabilized by 
the ability of the bromine atom to donate a lone pair to the carbocation. This 
interaction results in the formation of a chiral, cyclic bromonium ion intermedi- 
ate. This intermediate ion is a rigid structure in which the ring section is only 
open to further attack by a nucleophile (Sy2 attack by the Br ion generated in 
the first stage) from the side opposite the bromine atom. 

Because both cinnamic acid and molecular bromine are achiral, two enan- 
tiomeric bromonium ions are formed at equal rates. Ring opening of each 
bromonium ion may preferentially occur as shown here at the carbon bearing 
the phenyl group, since this carbon bears more fractional positive charge than 
the carbon adjacent to the carboxyl group. Because the two reaction pathways 
shown here are enantiomeric, they proceed at equal rates to produce racemic 
erythro-2,3-dibromo-3-phenylpropanoic acid: 


Br Ai Br 
Phy, ( wH nae Ph s/ 
— _——S_ Ss “my > “C— . 
Hv con ZL YH pi ® RCO. 
H _ CO,H 
Br 
trans-Cinnamic acid erythro-2,3-Dibromo- 
3-phenylpropanoic acid 
H A CoH a. 
Ph,,, wH Ph, ( \H \s §00,H 
gf a —— “ Oa y — : a 
y R 
H ) CO,H Or es Br 
Br ui a 
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HOOD 


HOOD 


Recent investigations have shed further light on the nature of the cyclic 
intermediate. Stable solutions of cyclic bromonium ions in liquid SO, have 
been prepared as SbF, salts. For example, 


Br Br - 
| SbF, /\, SbE, 
(CH,),C—CHCH, eon ee — Gu, 
¢ qew2 H;C CH, 
F H,C H 


See the discussion in Experiment [A2,] for further evidence relating to 
these intermediate species. 

The erythro-2,3-dibromo-3-phenylpropanoic acid product prepared in 
this experiment has a melting point of 203-204 °C. The corresponding threo 
diastereomer has been synthesized and its racemate melts at 91-93 °C. Thus, 
the experimental results support the stereospecific nature of the bromine ad- 
dition that is rationalized by the proposed mechanism. 


NOTE. Pyridinium bromide perbromide, a solid reagent, is used as a source of 
bromine in this experiment. This material is much easier to handle than liquid 
bromine (also see Experiment [A2,]). 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.0 h. 





Physical Properties of Reactants and Product 
Compound MW Amount mmol mp (°C) bp (°C) d 








trans-Cinnamic acid 148.2 500 mg 3.37 133 
Pyridinium bromide 
perbromide (tech) 319.84 12¢ 


Acetic acid 60.05 12mL = 16.2 116-118 1.05 
erythro-2,3-Dibromo-3- 
phenylpropanoic acid 308.0 203-204 











Reagents and Equipment. Weigh and place 500 mg (3.37 mmol) of trans- 
cinnamic acid in a 25-mL round-bottom flask containing a magnetic stir bar. 
Now weigh and place (in the hood) 1.2 g of pyridinium bromide perbromide 
in the same flask. 





CAUTION: Pyridinium bromide perbromide is a corrosive reagent 
and a lachrymator. Dispense this material in the hood. 





Using a graduated cylinder, measure 12 mL of glacial acetic acid and add 
this to the solid reagents. Attach the flask to a water-cooled reflux condenser 
and place the assembly in a sand bath. 


Reaction Conditions. Heat the mixture with stirring in a sand bath at 
120-125 °C for 45 min. 
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Isolation of Product. Cool the orange solution to room temperature. With 
a Pasteur pipet, transfer the solution in small portions to a 50-mL Erlenmeyer 
flask. Rinse the reaction flask with an additional 2 mL of acetic acid, and transfer 
this rinse to the same Erlenmeyer flask. 

Cool the solution in an ice bath for 5 min, and then slowly add 15 mL of 
cold water in three 5-mL portions. Swirl the contents of the flask between ad- 
ditions. A pale yellow precipitate should form. Collect the crude product by 
vacuum filtration using a Hirsch funnel. Wash the filter cake with three 2-mL 
portions of cold water, during which time the solid product should become 
white. 


Purification and Characterization. Dry the product in an oven at 110 °C 
overnight. Weigh the product and calculate the crude yield. Determine the 
melting point and compare it to that listed in the Reactant and Product table. 

A 20- to 30-mg sample of the erythro-2,3-dibromo-3-phenylpropanoic acid 


may be recrystallized (Craig tube) from chloroform (in the hood), if desired. HOOD 


Chemical Test. Perform the Beilstein test to detect the presence of a halogen 
(see Chapter 9). 


NOTE. Approximately 300 mg of purified (washed) product, with a melting point 
within 3-5 °C of the literature value, is suggested for continuing the sequence on 
to Experiment [D3]. 


QUESTIONS 


7-67. The product prepared in this experiment has 2 chiral centers (stereocenters), which give rise to 4 stereoisomers. 
Draw each of these stereoisomers, and indicate the relationships between each of the stereoisomers. 

7-68. The addition of bromine to ethylene in the presence of high concentrations of chloride ion in an inert solvent results 
in the formation of 1,2-dibromoethane and 1-bromo-2-chloroethane. No 1,2-dichloroethane is obtained. Account 
for these results using a suitable mechanistic sequence. 

7-69. 2,3-Dibromobutane contains 2 chiral centers. Therefore, the possibility of 4 stereoisomers exists. However, the 
addition of bromine to an equimolar mixture of cis- and trans-2-butene generates only three stereoisomers. Explain. 

7-70. Cyclohexene undergoes bromination in methanol solvent to give trans—1-bromo-2-methoxycyclohexane. Draw a 
suitable mechanism to account for this. 


BIBLIOGRAPHY 


erythro-2,3-Dibromo-3-phenylpropanoic acid has been previ- 

ously prepared: 

Corvari, L.; McKee, J. R.; Zanger, M. J. Chem. Educ. 1991, 68, 161. 

Murahashi, S.; Naota, T.; Tanigawa,Y. Organic Syntheses; Wiley: 
New York, 1990; Collect. Vol.VIL, p. 172. 

Sudborough, J. J.; Thompson, K. J. J. Chem. Soc. 1902, 83, 666. 


The bromination of the ethyl ester of trans-cinnamic acid has 
been reported: 


Abbott, T. W.; Althousen, D. Organic Syntheses; Wiley: New York, 
1943; Collect. Vol. IL, p. 270. 

McElvain, S. M.; Kundiger, D. Organic Syntheses; Wiley: New York, 
1955; Collect. Vol. II, p. 123. 
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Additional selected references of bromination of alkenes 

from Organic Syntheses: 

Allen, C. F. H.; Edens, C. O., Jr. Organic Syntheses; Wiley: New 
York, 1955; Collect.Vol. II, p. 731. 

Cromwell, N. H.; Benson, R. Organic Syntheses; Wiley: New York, 
1955; Collect. Vol. IT, p. 105. 

Fieser, L. F. Organic Syntheses; Wiley: New York, 1963; Collect. 
Vol. IV, p. 195. 

Also see 


Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., 
Wiley: New York, 2007, Chap. 15, p. 999 and references therein. 
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An Elimination Reaction with erythro-2,3-Dibromo-3- 
phenylpropanoic Acid: 2'-Bromostyrene 


Common names: (Z)-B-Bromostyrene, cis-2'-bromostyrene 
CA number: [588-73-8] 

CA name as indexed: benzene, (2-bromoethenyl)-, (Z)- 
Common names: (E)-B-bromostyrene, trans-2'-bromostyrene 
CA number: [588-72-7] 

CA name as indexed: benzene, (2-bromoethenyl)-, (E)- 


Purpose. An elimination reaction is carried out using erythro-2,3-dibromo- 
3-phenylpropanoic acid, the direct precursor to 2'-bromostyrene. The influ- 
ence of solvents and base on the course of the elimination reaction is illus- 
trated. You will consider factors that control the stereospecificity of a reaction. 
You will explore the option of using NMR spectroscopy to establish the 
cis/trans isomer ratio in the 2’-bromostyrene product. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Technique 6B: Concentration of Solutions (pp. 101-104) 


REACTION 


Bre 
1% 2 
|_C 
se A 
HY \ H 


CO,H 


CH+=CHBr 
base = 
——_ Cy + CO, + Br + BH 
solvent 


erythro-2,3-Dibromo-3- cis- + trans-2'-Bromostyrene 
phenylpropanoic acid 


DISCUSSION 


The course of the elimination depicted in the above reaction is both base and 
solvent dependent. In this experiment you will have the opportunity to inves- 
tigate this solvent dependence. In Part A, you will study the effect of carbon- 
ate base in aqueous solvent. Under these conditions, the reaction sequence 
proceeds via an E1 mechanism in which the first step involves the ionization 
of one of the C—Br bonds. Clearly, of the two possibilities, halide formation 
that results in a resonance stabilized benzylic carbocation will be highly fa- 
vored over development of a positive charge on a carbon alpha to a carboxyl 
group (see Question 7-71). Formation of the carbocation intermediate is then 
rapidly followed by decarboxylation. Although the conjugated section of the 
positively charged intermediate is planar, free rotation or partially hindered 
rotation remains possible about the C—C bond, leading to the remaining tetra- 
hedral carbon. Thus, both cis- and trans-2'-bromostyrene may be obtained 
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during the subsequent decarboxylation. The proposed sequence is shown 





here: 
H H 
Zz Br Z 
abr oe a 
“a Bee 
HY c 0. C=O, 
I) - 
:OH K,CO, : O . - - CH CHBr 
——— + HCO, + Br —=> + CO, 
H,O 
erythro-2,3-Dibromo-3- (benzylic carbocation) cis- + trans-2'-Bromostyrene 
phenylpropanoic acid 


In Part B of the experiment, the solvent is changed from water (used in Part A) 
to a much less polar solvent, acetone. Under these nonaqueous conditions, 
elimination also occurs, but in this case the experimental data demand a dif- 
ferent mechanism, one involving a smooth concerted electron flow without 
short-lived intermediate formation. Furthermore, when carried out in acetone, 
the reaction yields exclusively cis-2'-bromostyrene. Details of the mechanism 


follow: 
H 
Z B 
Br % ar 
a 
ne C= 
H” IS }, H is _ wt 
"Or KO; ‘Br 7 
area + COs + B 
acetone 2 Tr 
erythro-2,3-Dibromo-3- cis-2'-Bromostyrene 


phenylpropanoic acid anion 


Under these conditions, therefore, the reaction becomes stereospecific. 
The mechanism is classified as an E2 elimination. Note that when the two 
leaving groups are anti to one another, as is thermodynamically preferred, 
elimination yields the cis alkene. 

In the two sets of reaction conditions to be studied in Parts A and B of this 
experiment, potassium carbonate is used as the base in both cases and it is the 
solvent that is varied, as mentioned above. In another experimental procedure, 
sodium azide is used as the base and N,N-dimethylformamide (DMF) is used 
as the solvent, and higher selectivity for the formation of the cis isomer is re- 
ported (see Bibliography, Corvari et al.). 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the reaction: 1.5 h, Part A; 2.0 h, Part B. 








Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) 
erythro-2,3-Dibromo-3-phenylpropanoic acid 308.0 300 mg 0.97 203-204 
Potassium carbonate 38.21 300 mg 2.1 891 
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HOOD 


PART A_ Conditions: Water Solvent 


Reagents and Equipment. Weigh and place 300 mg (0.97 mmol) of erythro- 
2,3-dibromo-3-phenylpropanoic acid (prepared in Experiment [D2]) and 
300 mg (2.1 mmol) of potassium carbonate in a 25-mL Erlenmeyer flask. Add 
5 mL of distilled water. 


Reaction Conditions. Warm the mixture in a 120 °C sand bath until the 
solids dissolve (5-10 min) and then heat for an additional 10 min. A yellow oil 
should separate from the aqueous phase during this period. 


Isolation of Product. Cool the two-phase system to room temperature and, 
using a Pasteur pipet, transfer the contents of the flask to a 12-mL centrifuge 
tube. Rinse the Erlenmeyer flask with a 2-mL portion of methylene chloride, 
which is then transferred to the centrifuge tube. Extract the aqueous phase 
with the CHCl, rinse and follow this extraction with two more extractions of 
the aqueous phase with 2-mL portions of methylene chloride. Transfer the 
methylene chloride extracts (the organic phase should be the lower phase, but 
check solubility in water to be sure) to a 25-mL Erlenmeyer flask containing 
enough anhydrous sodium sulfate to dry the solution. Allow the extracts to dry 
for about 10 min. 

Transfer a portion of the dried solution, using a Pasteur filter pipet, to a 
tared 5-mL conical vial containing a boiling stone. Concentrate this portion on 
a warm sand bath under a gentle stream of nitrogen gas in the hood. 

Now transfer the remaining dried solution to the same tared vial and 
concentrate as before. Finally, rinse the sodium sulfate drying agent with an 
additional 1-mL portion of methylene chloride, transfer it to the vial and 
concentrate again to yield the cis/trans-2'-bromostyrene as a yellow oil. 


NOTE. Exercise care during the concentration steps. Product yield will be greatly 
reduced by overheating or leaving the solution on the sand bath for too long a 
period. 


Purification and Characterization. No further purification of the prod- 
uct is usually necessary. Note the hyacinth-like odor of the liquid. Determine 
the refractive index and compare it to the literature value (lit. value = 1.6070 
at 20 °C, 78% trans isomer). Obtain IR and ‘'H NMR spectra of the oil. In the 
infrared, the cis isomer shows a phenyl C—H bend at 770 cm !, while the 
trans isomer shows this bending mode at 731 and the alkene C—H out-of- 
plane mode is found at 941 cm ' (see Bibliography, Strom et al.). Compare 
your results with the spectrum recorded in the literature (The Aldrich Library 
of IR Spectra and/or SciFinder Scholar). 


NMR Analysis. The 'H NMR spectrum of a mixture of cis- and trans- 
2'-bromostyrene is shown in Figure 7.4. The doublets corresponding to the 
two olefinic protons of the major isomer can be clearly seen, centered at 
6.75 and 7.1 ppm. One of the corresponding doublets from the minor 
isomer is evident at 6.42 ppm. This doublet has a coupling constant of 
8.0 Hz. The two larger doublets from the major isomer have a coupling 
constant of 14.0 Hz, and thus, in this sample, the major isomer must be 
trans-2'-bromostyrene. 
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7,60 7.40 7,20 7.00 6.80 6.60 6.40 


Figure 7.4 ‘H NMR spectrum: Mixture of cis- and trans-2’-bromostyrene. 


We can readily locate the second doublet from the minor, cis isomer by ex- 
amining the 'H—'H COSY two-dimensional NMR spectrum (see Chapter 8, 
NMR discussions and Figure 7.5). The spectrum here is shown at a large 
vertical scale in order to discern the minor (cis) isomer. By looking below the 
doublet at 6.42 ppm, a cross-peak can be seen at about 7.1 ppm. Careful in- 
spection reveals that these signals must be slightly upfield from the doublet at 
7.1 ppm from the major (trans) isomer. Referring back to the 'H NMR spec- 
trum (Figure 7.4) one can see one peak of the hidden doublet just emerging 
from the upfield end of the doublet from the major isomer. Thus, the second 
doublet from the minor (cis) isomer must coincidentally be obscured by the 
NMk signal from the major isomer. 


PART B_ Conditions: Acetone Solvent 


Reagents and Equipment. Weigh and place 300 mg (0.97 mmol) of erythro- 
2,3-dibromo-3-phenylpropanoic acid (prepared in Experiment [D2]) and 
300 mg (2.1 mmol) of potassium carbonate in a 10-mL round-bottom flask 
containing a magnetic stir bar. Add 5 mL of acetone that has been dried over 
sodium sulfate. Attach the flask to a reflux condenser and assemble the appa- 
ratus on an 80 °C sand bath. 
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HOOD 


HOOD 











6.50 








7.50 





PPM 


7.50 7.00 6.50 
PPM 


Figure 7.5 *‘H-'H COSY NMR spectrum: Mixture of cis- and trans-2’-bromostyrene. 


Reaction Conditions. Heat (bath temperature ~80 °C) the mixture, with 
stirring, at reflux for 1h. 


Isolation of Product. Allow the solution to cool to room temperature and 
then concentrate it to dryness in the hood on a warm sand bath under a gen- 
tle stream of nitrogen gas. Do not overheat! 

Now add 5 mL of distilled water to dissolve the solid cake. A yellow oil 
appears at this point, forming a two-phase system. Using a Pasteur pipet, 
transfer this aqueous—oily mixture to a 12-mL centrifuge tube. Rinse the 
round-bottom flask with a 2-mL portion of methylene chloride, which is then 
transferred to the centrifuge tube. Extract the aqueous phase with the CH2Clo 
rinse and follow this extraction with two more extractions of the aqueous 
phase with 2-mL portions of methylene chlo-ride. Transfer the organic ex- 
tracts to a second 25-mL Erlenmeyer flask using a Pasteur filter pipet and dry 
the combined extracts over anhydrous sodium sulfate for at least 10 min. 

Transfer the dried solution in 2- to 3-mL portions to a tared 5-mL coni- 
cal vial containing a boiling stone. Concentrate the solution in the hood 
on a warm sand bath under a gentle stream of nitrogen gas. Rinse the 
sodium sulfate with an additional 1 mL of methylene chloride and combine 
this rinse with the dried solution. Concentrate to yield a yellow oil, cis-2'- 
bromostyrene. 


NOTE. Exercise care during the concentration steps. Product yield will be greatly 
reduced by overheating or leaving the solution on the sand bath for too long a 
period. 
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Purification and Characterization. No further purification of the product 
is usually necessary. Weigh the product and calculate the crude percent yield. 
Obtain IR and 'H NMR spectra of the oil. In the NMR, the peaks due to both 
isomers, if present, can be discerned (see Discussion, Part A). Compare your IR 
and NMR results with the spectra obtained for the cis—trans mixture formed in 
Part A and to those recorded in the Corvari et al. reference (see Bibliography) for 
pure cis-2’-bromostyrene. This reference also gives conditions under which the 
purity of the material may be more carefully determined by gas chromatography. 


Chemical Tests. Several tests can be run to determine the presence of unsat- 
uration, aromatic character, and the presence of bromine. Select the appropri- 
ate tests from Chapter 9. Do your results confirm the presence of these groups? 


QUESTIONS 


7-71. 1-Chloro-1-phenylethane ionizes easily under E1 conditions to form a benzylic carbocation intermediate. The 
ion is stabilized due to the delocalization of the positive charge to the aromatic ring. Draw resonance structures 


that indicate the stability of this ion. 


7-72. Comment on the fact that erythro-2,3-dibromo-3-phenylpropanoic acid undergoes elimination by an E1 pathway in 
water solvent (Part A conditions), but by an E2 pathway (Part B conditions) when acetone is used as the solvent. 


7-73. Explain in terms of the mechanism why conditions in Part A lead to a mixture of cis—trans isomers but that those 


used in Part B give only the cis isomer. 


7-74. A benzylic carbocation is generated under the conditions of Part A. Would the presence of a para CH30— group on 


the benzene ring increase or decrease the stability of the benzylic carbocation? Explain. 


7-75. Consider the stereochemistry of the carbocation intermediate formed under the conditions of Part A. Because the 
starting material used in this experiment, erythro-2,3-dibromo-3-phenylpropanoic acid, is racemic, the enantiomer 
of the carbocation shown must also be generated. Does the other enantiomer lead to the same diastereomer (cis) of 


the product or does it lead to the trans diastereomer? 


BIBLIOGRAPHY 
The synthesis of 2’-bromostyrene has been reported: Strom, L. A.; Anderson, J. R.; Gandler, J. R. J. Chem. Educ. 1992, 
Corvari, L.; McKee, J. R.; Zanger, M. J. Chem. Educ. 1991, 68, 161. 69, 588. 
Cristol, S. J.; Norris, W. P. J: Am. Chem. Soc. 1953, 75, 2645. For an overview of elimination reactions see 
Grovenstein, E., Jr.; Lee, D. E. J. Am. Chem. Soc. 1953, 75, 2639. Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., 
Labbé, G.; Miller, M. J.; Hassner, A. Chem. Ind. (London) 1970, 1321. Wiley: New York, 2007, Chap. 17, p. 1477 and references 
Mestdagh, H.; Puechberty, A. J. Chem. Educ. 1991, 68, 515. therein. 


Murahashi, S.; Naota, T.; Tanigawa,Y. Organic Syntheses; 
Wiley: New York, 1990; Collect.Vol.VIL p. 172. 


The Synthesis of Piperonylonitrile from 
Piperonyl Alcohol 


Purpose. The aromatic nitrile, piperonylonitrile, is obtained via a multistep 
synthesis that does not depend on potentially dangerous diazonium interme- 
diates. The selective oxidation of a primary alcohol to an aldehyde is investi- 
gated. You will explore, at the same time, the use of resin-bound reagents that 
simplify the isolation of products. You will carry out a novel elimination reac- 
tion using an oxime to obtain the target nitrile. 
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Synthetic Perfumes 


The first step in this sequence of reactions is the oxidation of piperonyl 
alcohol to obtain piperonal, an aromatic aldehyde. The reaction is selective 
and only the aldehyde is obtained; no oxidation to the carboxylic acid is ob- 


served: 
° 
O CH,OH O C—H 
re ar CrO, a 
—<—— 
2 \ ee Amberlyst 2 Xa 
O resin O 
Piperony] alcohol Piperonal 


Piperonal has an agreeable odor and is marketed to the perfume industry 
as heliotropine. This commercial term comes from heliotrope, which was a name 
given by early herbalists to any plant that turned to the sun (from the Greek 
helios, the sun, and trepein, to turn), such as the sunflower. The name now is 
more narrowly defined as applying to those plants of the genus Heliotropium 
and specifically to H. peruvianum, a common species that is widely cultivated. 
The fragrance of this particular species also is referred to as heliotrope. Since 
piperonal possesses a very similar fragrance, the origin of the commercial ter- 
minology is clear. The commercial source of piperonal, however, is safrole, the 
formaldehyde ketal (acetal) of 3,4-dihydroxyallylbenzene. Safrole is the chief 
constituent of the oil of sassafras and is itself obtained commercially from oil 
of camphor. When safrole is heated in the presence of a strong base, isomer- 
ization of the side-chain double bond yields isosafrole. Subsequent oxidation 
of the isomerized double bond yields piperonal. For more detailed discussions 
of odor-fragrance molecules and their role in living systems see Sequence D 
and Experiment [11C]. 


re) CH,CH—CH, O CH=CHCH, ‘e = 
WC NaOH et /* 
mn == ea Tor” FaG 


Q 


Safrole Isosafrole Piperonal 
(cis and trans) 


=F 


The second step of the sequence is the conversion of the intermediate 
aldehyde to a substituted oxime. By design, the oxime intermediate is con- 
structed with a good leaving group as the oxygen substituent on the nitrogen 
atom. The second stage, therefore, creates a molecular system prone to un- 
dergo the subsequent desired elimination reaction: 


s NO O NO 
7 O ‘0 i 2 H / eat 2 
‘9 C—H H,NO O CH=NO 

NO 


NO, 2 
Piperonal O-(2,4-Dinitrophenyl)- Piperonal O-(2,4-dinitrophenyl)oxime 
hydroxylamine (an aldoxime) 
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Treatment of the oxime intermediate with alcoholic KOH causes an elim- 
ination reaction that yields the target nitrile product, piperonylonitrile: 


/ NO, O NO, 
HC OF ec + 
2 \ us a C,H;OH 2 Aer - 

O CH=NO O C=N: HO 


NO, NO, 


Piperonal O-(2,4-dinitrophenyl)oxime Piperonylonitrile 2,4-Dinitrophenol 
(an aldoxime) 


The present synthetic sequence offers an alternative approach to the 
preparation of aromatic nitriles. The classic route to this class of compounds is 
to use the Sandmeyer reaction. The key steps in this latter pathway involve the 
diazotization of an aromatic amine followed by reaction of the diazonium salt, 
which is not isolated (it is explosive!), with CuCN to give the aromatic nitrile 
directly. Aromatic halides (Br or Cl) may also be prepared in this manner using 
the corresponding copper(I) halides, as shown here: 


CH, 


CH, 
N,*,Cl Cl 
CuCl 
a ala 


Common names: piperonal, 3,4-(methylenedioxy)benzaldehyde 
CA number: [120-57-0] 
CA name as indexed: 1,3-benzodioxole-5-carboxaldehyde 


Piperonal 


Purpose. The selective oxidation of a primary (1°) alcohol to an aldehyde is 
investigated. The use of polymer-bound chromium trioxide as an oxidizing 
agent is explored. You will prepare the intermediate aldehyde, piperonal, as 
the first step in the sequence to synthesize piperonylonitrile. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Technique 6: Chromatography 
Column Chromatography (pp. 92-95) 
Concentration of Solutions (pp. 101-104) 


REACTION 
° 
O CH,OH O C—H 
f* - CrO, ye 
——_—— 
, . Amberlyst a - 
O resin O 
Piperony] alcohol Piperonal 
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DISCUSSION 


Many of the preferred reagents for the oxidation of primary alcohols to aldehy- 
des (secondary alcohols to ketones) contain the transition metal chromium in 
its highest oxidation state, VI. Upon reaction with an alcohol, the yellow-orange 
chromium(VI) species is reduced to the blue-green chromium(III) state. Nor- 
mally the reaction is carried out in aqueous acid solution using the sodium 
dichromate salt, NaCr2Ovz, or the oxide, CrO3. A typical reaction is shown here: 


3 CH,CH,CH,OH +4 H,SO, + Na,Cr,O,7 — 3 CH,CH,CHO ar Cr,(SO,)3 + Na,SO, +7 H,O 


CH,CH,CH,OH 
1-Propanol 


In this case, the aldehyde, propanal, can be isolated in moderate yield be- 
cause it is relatively volatile and can be removed from the reaction mixture by 
distillation as it is formed. If not removed, the aldehyde, which is in equilib- 
rium with the corresponding hydrate (geminal diol), is oxidized further to the 
carboxylic acid: 


Nae”, CH CH,CHO == CH.CH,CHOM), ~2> CH.CH,COOH 
——_ 
H,SO, 3 2 3 2 ( )o H,SO, 3 2 
Propanal 1,1-Dihydroxypropane Propanoic acid 


Because the hydrate is the species oxidized to the acid, oxidation of the aldehyde 
can largely be prevented by running the oxidation in a nonaqueous medium. 

A number of selective oxidizing agents, such as pyridinium chlorochro- 
mate, are frequently used for this purpose. With this reagent, the oxidation 
stops at the aldehyde stage, because the oxidation, as pointed out earlier, is 
conducted in a nonaqueous solution. Thus, decanal can be obtained from 
1-decanol using this reagent (methylene chloride solvent) in 92% yield. Pyri- 
dinium chlorochromate (PCC) is a solid, yellow salt prepared from chromium 
trioxide as shown here: 


Ss SS 
CrO, + HCl + || — || 
Zz Le 
N Nz _ 
[= penO2Cl 
H 
Pyridine Pyridinium 
chlorochromate 


An alternate reagent is the chromium trioxide(pyridine)» complex, CrO3 + (py). 
(where py = pyridine), often referred to as the Collins reagent: 


ss HCI, CH,Cl, | 
RCH,CH,OH + CrO,(py), ae RCH,CH 
sll — ield 
ue -:0CCH, (80-90% average yield) 


The chief difficulty with this reagent is that the complex is highly hygro- 
scopic. However, it can be prepared in situ, thus avoiding this major drawback. 
Pyridinium dichromate and chromium trioxide + 3,5-dimethylpyrazole are 
also effective as selective oxidizing agents for these reactions. 

In the present experiment, the selective oxidation of a 1° alcohol to an 
aldehyde is carried out using a chromium trioxide polymer-bound oxidizing 
agent. This reagent is also used in Experiment [33A] to oxidize a 2° alcohol to 
a ketone. As noted there, the reagent is easy to prepare and has the advantage 
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that the toxic reduced chromium species is bound to a polymer resin and can 
thus be easily separated from the reaction mixture by simple filtration. 

As shown here, the oxidation proceeds through the formation of a chro- 
mate ester. Note that the oxidation state of chromium, Cr(VI), at this stage re- 
mains the same as in the starting reagent. The second stage is equivalent to an 
E2 elimination reaction, with the water molecule acting as a base. The dona- 
tion of an electron pair to the metal atom changes its oxidation state to Cr(IV): 











a 
+ 2 |x bs + . | . | 
R—N(CH))3, :O 7 O H > R—N(CH,),, ‘O 7 O i + H,O 
Oz H 
10) (H) ‘Or (H) 
a Ee oi | + ao / ig re 
R—N(CH))s3, ‘O 7 ORF > R—N(CH,)3, OTe + H,O° + =G 
‘0: 
a a 
(chromate ester) (ketone 


or aldehyde) 


NOTE. If you plan to carry out the total sequence of reactions, the scaled-up pro- 
cedure should be followed. If an individual oxidation reaction is to be studied, the 
microscale procedure may be used. 


EXPERIMENTAL PROCEDURE 


Semimicroscale Preparation. (This procedure is scaled up to 10 times the 
amounts of the microscale preparation.) 
Estimated time to complete the experiment: 3.5 h. 

















Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) d 
Piperonyl alcohol 152.16 1.0 ¢ 6.57 58 

Chromic oxide resin 75% 

Dioxane 88.12 10 mL 101 1.034 









Reagents and Equipment. Weigh and place 1.0 g (6.57 mmol) of piperonyl 125-130°C 
alcohol and 7.5 g of freshly prepared chromic oxide resin in a 25-mL round- thermometer 
bottom flask containing a magnetic stirring bar. Using a graduated cylinder in 

the hood, measure and add to the flask 10 mL of dioxane. Attach the flask to HOOD 
a reflux condenser (m). 








CAUTION: Dioxane is a cancer suspect agent. It should be dispensed 
and handled in the hood. That is, the entire experiment should be set HOOD 
up and run in the hood, at least until the solvent is removed. 





25—mL RB flask 
INSTRUCTOR PREPARATION. The CrO3 resin is prepared by adding 35 g of ie ee ae 
Amberlyst A-26 resin to a solution of 15 g of CrO3 in 100 mL of water. Stir the mixture 7 “aaioumleme 
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HOOD 


HOOD 


HOOD 


for 30 min at room temperature. Collect the resin by filtration under reduced pressure 
and successively rinse the material with water and acetone. Partially dry the resin on 
a Buchner funnel by drawing air through it for 1 h, then air-dry the material 
overnight. 


Reaction Conditions. With stirring, heat the reaction mixture at reflux in 
the hood for a period of 1.0 h using a sand bath temperature of 125-130 °C. 


Isolation of Product. Cool the reaction product to room temperature. Trans- 
fer the solution by Pasteur filter pipet to a funnel fitted with fast-grade filter 
paper. Collect the filtrate in a 25-mL Erlenmeyer flask containing approxi- 
mately 1 g of anhydrous sodium sulfate. Rinse the reaction flask and resin (in- 
clude the walls of the condenser) with three 1.0-mL portions of methylene 
chloride solvent (calibrated Pasteur pipet). Transfer each rinse by Pasteur filter 
pipet to the funnel. Combine each rinse filtrate with the original filtrate. 

Now transfer the solution in three portions by Pasteur filter pipet to a 10-mL 
round-bottom flask and concentrate the solution following each addition 
using a rotary evaporator. If a rotary evaporator is not available, transfer the 
solution to a 25-mL Erlenmeyer flask containing a boiling stone and remove 
the solvent in the hood by warming the flask on a sand bath at 125 °C. A gentle 
stream of nitrogen aids this concentration process. 

The crude piperonal is obtained as an oil and is purified by column chro- 
matography. 


Purification and Characterization. Preweigh (and number 1-10) ten 
25-mL Erlenmeyer flasks containing a boiling stone. Wet-pack a 25-mL buret 
using hexane and silica gel in the following manner. Place a cotton plug in the 
buret followed by a 1-in. layer of sand. Add 15 mL of hexane to the column, and 
then slowly add 8 g of silica gel while tapping the sides of the buret to release 
any air bubbles. Finally, add an additional 1 in. of sand to the top of the column. 

Allow the hexane to drain from the buret until it reaches the top of the 
sand level in the column. Collect the eluted hexane in a waste container. 

Dilute the crude piperonal oil with 5 drops of methylene chloride and 
then, using a Pasteur filter pipet, add this solution to the top of the column. 
Again, drain a portion of the elution solvent until the solvent head is level with 
the sand at the top of the column. Rinse the sides of the column with 0.5 mL 
of 4:1 methylene chloride/hexane solution, and again drain the column to the 
same sand level. 

Now add, in order, the following amounts of elution solvents: three 10-mL 
portions of 4:1 methylene chloride/hexane; three 10-mL portions of methyl- 
ene chloride; and three 10-mL portions of 9:1 methylene chloride/ethyl 
acetate. 

Collect 10-mL fractions in each of the preweighed Erlenmeyer flasks. After 
collecting fraction No. 9, use flask No. 10 to collect a final fraction as the column 
completely drains. (Fraction No. 1 can be added directly to the waste container.) 

Concentrate each of the collected fractions to dryness on a warm sand 
bath under a gentle stream of nitrogen gas in the hood. Weigh the flasks to 
determine the total amount of piperonal product. Now preweigh an additional 
25-mL Erlenmeyer flask containing a boiling stone. To each of the flasks con- 
taining white or light yellow fanlike crystals, add sufficient methylene chloride 
to just dissolve them and then transfer the resulting solutions to the tared 
Erlenmeyer flask using a Pasteur filter pipet. Concentrate this final solution as 
before, and weigh the flask to obtain the total amount of piperonal isolated. 
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NOTE. If a rotary evaporator is available, the eluate can be concentrated in a 
10-mL round-bottom flask. Transfer of each fraction to a single evaporation flask 
shortens the above procedure. 


Determine the melting point of your product and compare your value to 
that found in the literature. Obtain IR and/or 'H NMR spectra and compare 
your results to those reported in the literature (The Aldrich Library of IR Spectra, 
The Aldrich Library of NMR Spectra, and/or the corresponding spectral data 
available online (e.g., SciFinder Scholar)). 


Chemical Tests. Chemical classification data may also be useful. The ignition 
test, the Tollens test, and the 2,4-dinitrophenylhydrazine test should all give a 
positive result for the piperonal compound. 


NOTE. Approximately 300 mg of purified product with a melting point within 
2-4 °C of the literature value is suggested for continuing the sequence on to Exper- 
iment [E2]. 


OPTIONAL MICROSCALE PREPARATION 


The microscale preparation is similar to that of the scaled-up synthesis out- 
lined above, with the following exceptions. 


NOTE. Even in the case of the microscale preparation this reaction should be 
entirely carried out in the hood at all times until the dioxane solvent has been 
removed. 


1. The reagent and solvent amounts are one-tenth of those used above. 








Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) 
Piperonyl alcohol 152.16 100 mg 0.66 58 

Chromic oxide resin 750 mg 

Dioxane 88.12 1.0 mL 101 











2. A 5-mL round-bottom flask is used. 

3. The reaction mixture is heated for 1 h. 

4. After the reaction product is cooled to room temperature, transfer the 
solution by Pasteur filter pipet to a funnel containing a loose cotton plug 
covered with 500 mg of anhydrous sodium sulfate. Collect the filtrate in a 
10-mL Erlenmeyer flask. Rinse the reaction flask and resin (include the walls 
of the condenser) with three 0.5-mL portions of methylene chloride solvent 
(calibrated Pasteur pipet). Transfer each rinse by Pasteur filter pipet to the 
funnel and, finally, rinse the sodium sulfate with an additional 0.1 mL of 
methylene chloride. Combine each rinse filtrate with the original filtrate. 
Concentrate the solution as described. 

5. Purify the crude oil using chromatography as follows: 

(a) Pack a short buret column with approximately 1.75 g of silica gel, 

and transfer the crude product by Pasteur filter pipet to the column. Rinse 
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the flask with 1.0 mL of methylene chloride (calibrated Pasteur pipet) 
and also transfer the rinse to the column. 
(b) Now add methylene chloride to the column, 2.0 mL at a time (cali- 
brated Pasteur pipet), and collect the eluate in three tared 10-mL Erlen- 
meyer flasks. Set aside the first 4.0 mL of eluate collected in the first flask. 
Collect the next 6.0 mL in one flask; this fraction contains the bulk of the 
product. Also collect one additional fraction of 3.0 mL in the third flask. 
HOOD (c) Concentrate the second fraction (6.0 mL) in the hood using a warm 
sand bath with a slow stream of nitrogen to assist solvent removal. Do 
not forget to add a boiling stone to the flask. 
(d) Weigh the flask and contents. Reheat for 1 min, cool, and weigh 
again. If the two weights are within 2.0 mg, the product is quite pure. If 
not, repeat the evaporation process until a constant weight is obtained. 
(e) Cool the product. If it does not solidify, place it in an ice bath and 
scratch the sides and bottom with a glass rod to induce crystallization. 


A small amount of additional product can be isolated from the third frac- 
tion in a like manner. 


QUESTIONS 


7-76. Primary alcohols can be oxidized to aldehydes and carboxylic acids. Often it is difficult to stop at the aldehyde 
oxidation state. One method frequently used to accomplish this, for those that boil below about 100 °C is to remove 
the product from the reaction mixture as it is formed. This method is based on the fact that aldehydes have a lower 
boiling point than their corresponding alcohols. Explain this difference in boiling point. 

7-77. A specific oxidizing agent for the conversion of primary alcohols to aldehydes is pyridinium chlorochromate, abbre- 
viated as “py + CrO3Cl . Generally, the oxidation is run in methylene chloride solvent. For example, 


CH, CH, 


| . *py+CrO,Cl- | | 
CH;—C=CH—CH,CH,CH,OH —==—> CH,;—C=CH—CH,CH,CH 
2ne 
RT 





Oxidation of this alcohol with the conventional NayCr.O7—H»SO,-water system produces the carboxylic acid. Offer 
an explanation for the difference in these results. 

7-78. In reference to Question 7-77, can you see another advantage of the pyridine chlorochro-mate reagent over that of 
the conventional conditions? 

7-79. An excellent way to identify the presence of an aldehyde group is by 'H NMR. The chemical shift of the aldehydic 
proton occurs in the 9- to 10-ppm region, where few other proton signals occur. Why is this chemical shift so far 
downfield? 

7-80. A series of compounds with increasing boiling point is listed below. Offer an explanation for this trend. 

(a) Butane (8 °C) 
(b) Propanal (56 °C) 
(c) 1-Propanol (97 °C) 


BIBLIOGRAPHY 
The present procedure is based on the work reported by Hurd, C. D.; Meinert, R. N. Organic Syntheses; Wiley: New York, 
Cainelli, G.; Cardillo, G.; Orena, M.; Sandri, S. J. Am. Chem. Soc. 1943; Collect. Vol. II, p. 541. 

1978, 98, 6737. Ratcliffe, R. W. Organic Syntheses; Wiley: New York, 1988; Collect. 
Several preparations involving the oxidation of a 1° alcohol Meer 
to an aldehyde are given in Organic Syntheses: Also see 
Collins, J. C.; Hess, W. W. Organic Syntheses; Wiley: New York, Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., 

1988; Collect. Vol. VI, p. 644. Wiley: New York, 2007, Chap. 19, p. 1750 and references therein. 
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Piperonal O-(2,4-Dinitrophenyl)oxime 


Common name: piperonal O-(2,4-dinitrophenyl) oxime 
CA number: [17188-61-3] 


CA name as indexed: 1,3-benzodioxole-5-carboxaldehyde, O-(2,4-dinitro- 
phenyl)oxime 


Purpose. You will carry out the second step in the sequence of synthetic re- 
actions leading to an aromatic nitrile, piperonylonitrile. You will prepare a spe- 
cific oxime derivative of the aldehyde obtained in Experiment [E1]. This oxime 
derivative is derivatized on oxygen so as to allow the oxygen to function as a 
good leaving group, which will allow an elimination reaction to form a nitrile 
in the final step of the synthetic sequence leading to piperonylonitrile. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 


REACTION 

ne) _ NO, | ro) NO, 

‘oO H 
‘5 C—H H,NO ‘5 CH=NO 
NO, NO, 
Piperonal O-(2,4-Dinitrophenyl)- Piperonal O-(2,4-dinitrophenyl)oxime 
hydroxylamine 

DISCUSSION 


The preparation of this oxime is the second step in this sequence to obtain the 

aromatic nitrile target molecule. In Experiment [E2] you are going to convert 

the aromatic aldehyde formed in Experiment [E1] into an O-phenylated oxime, 

which on treatment with base in Experiment [E3] yields the desired nitrile via 

an elimination reaction. Oxime formation is also involved in the well-known 
Beckmann rearrangement (see Experiment [6,4,]), which is used for the syn- «(www 
thesis of amides. 

The generation of the oxime intermediate involves a nucleophilic addition 
of the amine group of the hydroxylamine to the carbonyl carbon, followed by 
a dehydration to form the carbon—nitrogen double bond (and the oxime 
group). A general mechanism for the reaction is given here. 

The first step is a nucleophilic addition to the carbonyl group. Rapid pro- 
ton transfer gives an intermediate that generally is not isolated: 


ee H 
n sé 
R—C=O) + H,N—OR’ ===> R—C—N—OR’ ===> R—C—N—OR’ 
| > | | | | 
H H H H H 
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The next stage is an acid-catalyzed dehydration reaction in which water is 
eliminated to produce the oxime. This stage has been shown to be the rate- 
determining step in oxime formation. 





H Hq. 

a pet ee a oe, 
R—C—N—OR’ + Ht ==> R—C“N—OR <= R—C=N—OR’ + H,O ——> R—C=N—Or’ + H 

H H H H H H H 


Oxime 
(an aldoxime) 


NOTE. If you are conducting the total sequence of reactions to obtain piperonyl- 
onitrile, follow the scaled-up procedure. If the individual reaction is to be studied, 
follow the microscale procedure. 


EXPERIMENTAL PROCEDURE 


Semimicroscale Preparation. (This procedure is scaled up to 10 times the 
amounts of the microscale preparation.) 
Estimated time to complete the experiment: 1 h. 















Physical Properties of Reactants and Product 
— Compound MW Amount mmol mp (°C) bp (°C) d 
Piperonal 150.14 300mg 2.0 37 263 
ee ee — O-(2,4-Dinitropheny]) 

a hydroxylamine 199.12 400 mg 2.0 111-112 
Ethanol 46.07 30 mL 78 0.789 
HCl (12 M) 2 mL 
Piperonal O-(2,4- 

dinitrophenyl)oxime 330.24 194-195 











Reagents and Equipment. To a 100-mL three-necked round-bottom flask 
containing a magnetic stir bar and equipped with a reflux condenser protected 
100-mL RB three necked flask containi 
ate, ialollseoheny lind wivianine 460 wee by a calcium chloride drying tube and two caps or glass stoppers, weigh and 
absolute ethanol, 30 mL + giperonal, 300 mg+ Place 400 mg (2.0 mmol) of O-(2,4-dinitrophenyl)hydroxylamine, followed by 
Heeb eete 30 mL of absolute ethanol (=). 


NOTE. The three-necked flask may be replaced with a conventional round-bottom 
100-mL flask. In this case, addition of reagents can be carried out in the first 
instance by removing the condenser and in the second case by addition directly 
down the condenser with a 9-in. Pasteur pipet. 


NOTE. The preparation of O-(2,4-dinitrophenyl) hydroxylamine is described in the 
www)» Instructor’s Manual, which is available from the publisher. 


Attach the flask to the condenser and warm (60-65 °C) the contents, with 
stirring, in a sand bath until a homogeneous solution is obtained. Now add 
300 mg (0.2 mmol) of piperonal via one of the unused flask necks. After the 
aldehyde has dissolved, add slowly, with stirring, 2 mL of 12 M HCl through 
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an unused flask neck using a Pasteur pipet. Stir the reaction mixture for an 
additional 1 min after the addition is complete. 


Reaction Conditions. The oxime forms immediately. Complete the precip- Oxime product 


itation of the product by cooling the reaction flask in an ice bath for 10 min. 


Isolation of Product. Collect the solid product by filtration under reduced pres- 
sure using a Hirsch funnel. Rinse the flask with two 3-mL portions of cold ab- 
solute ethanol, using the rinse to wash the crystals on the filter funnel. Now rinse 
the crystals with three additional 3-mL portions of cold absolute ethanol (™). 





125-mt Filter flask 


35 mL ethanol + 
NOTE. Approximately 50-70 mg of purified product with a melting point within oo 
2-4 °C of the literature value is the minimum quantity and quality suggested for 


continuing the sequence in Experiment [E3]. 


Air-dry the product on a clay plate or on filter paper. Collect and refriger- 
ate the filtrate for at least 24 h. This procedure generally produces another crop 
of oxime crystals. This second crop, collected by the same technique, may be 
combined with the initial product, if its melting point is above 180 °C. 


Purification and Characterization. Determine the melting point of the 
oxime. It is of sufficient purity to proceed with the next step of the sequence if 
its mp is 187 °C or greater. If necessary, recrystallize the material from acetic 
acid or hot acetone. 

Obtain an IR spectrum of the oxime and compare it with that of the refer- 
ence standard shown in Figure 7.6. 


a MICROMETERS 4 5 é 7 & 9 iis) 12 14 16 20 (25 59 
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Figure 7.6 IR spectrum: piperonal O-(2,4-dinitrophenyl)oxime. 
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OPTIONAL MICROSCALE PREPARATION 


The microscale preparation is similar to that of the scaled-up synthesis out- 
lined above, with the following exceptions: 


1. The reagent and solvent amounts are one-tenth of those used above. 














Physical Properties of Reactants and Product 

Compound MW Amount mmol mp(°C) _ bp (°C) d 
Piperonal 150.14 30mg 0.2 37 263 
O-(2,4-Dinitrophenyl)hydroxylamine 199.12 40mg 0.2 111-112 

Ethanol 46.07 3.0 mL 78 0.789 
HCl (12 M) 2 drops 

Piperonal O-(2,4-dinitrophenyl)oxime 330.24 194-195 








2. A 5-mL conical vial is used. 

3. The hydrochloric acid is added dropwise through the top of the con- 
denser using a 9-in. Pasteur pipet, after removing the drying tube. As the 
acid is delivered, the tip of the pipet should be held just above the surface 
of the solution. The drying tube is then reattached, and the contents are 
mixed by swirling the flask. 


QUESTIONS 


7-81. Referring to the first step in the mechanism of oxime formation outlined in the discussion section, offer an explana- 
tion of why a high acid concentration would hinder the formation of the intermediate generated in this first stage. 
7-82. Oximes prepared from aldehydes or ketones by reaction with hydroxylamine can be reduced to primary amines in 
high yields. One can use various reagents for the reduction step, including Ni-H, in methanol or LiAIH, in ether. 
Using a reduction reaction, carry out the following transformations: 
(a) 3-Pentanone to 3-aminopentane 
(b) Propanal to 1-aminopropane 
(c) Benzaldehyde to benzylamine 
7-83. Oximes prepared from unsymmetrical ketones are likely to exist as mixtures of geometrical isomers. For example, 


C,H; aN ee OH 
C=O. + H,NOH:HCcl ———> C=N + C=N + HOH 
ag sodium / \ . / > =F 
BoC acetate HC OH HC 


(E)- and (Z)-isomeric oximes 


Which isomer is designated as E? How do you account for both of these isomers being formed? 


BIBLIOGRAPHY 

For the preparation of oximes using hydroxylamine hydrochlo- — Lachman, A. Organic Syntheses; Wiley: New York, 1943, Collect. 

ride as the reagent see Vol. IL, p. 70. 

Bousquet, E. W. Organic Syntheses; Wiley: NewYork, 1943, Collect.  Pasto, D. J.; Johnson, C. R.; Miller, M. J. Experiments and Techniques 
Vol. I, p. 313. in Organic Chemistry; Prentice Hall: Englewood Cliffs, NJ, 

Fuson, R. C.; Curtin, D-Y.; Morrill, T. C.; Hermann, C. K. F,; 1992, p. 332. 

Shriner, R. L. The Systematic Identification of Organic Semon, W. W.; Damerell, V. R. Organic Syntheses; Wiley: New York, 
Compounds, 7th ed.; Wiley: New York, 1998. 1943, Collect. Vol. II, p. 204. 
Hach, C. C.; Banks, C.V.; Diehl, H. Organic Syntheses; Wiley: New Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., Wiley: 

York, 1963, Collect. Vol. IV, p. 229. New York, 2007, Chap. 16, p. 1286 and references therein. 
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Piperonylonitrile 


Common names: piperonylonitrile, 3,4-methylenedioxybenzonitrile 
CA number: [4421-09-4] 
CA name as indexed: 1,3-benzodioxole-5-carbonitrile 


Purpose. The piperonal O-(2,4-dinitrophenyl)oxime intermediate, prepared 
in the previous experiment (Experiment [E2]), is converted into the target 
molecule, piperonylonitrile. This completes the set of Sequence E reactions for 
the conversion of a substituted benzyl alcohol into an aromatic nitrile. You will 
investigate the use of a novel elimination reaction to convert an oxime deriva- 
tive to a nitrile. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Technique 6: Chromatography 
Column Chromatography (pp. 92-95) 
Concentration of Solutions (pp. 101-104) 


REACTION 
O NO O NO 
_ a ms * KOH {= 
2 Xs s C,H;0H a a ¥ “s 
O CH=N O O C=N: HO 
NO, NO, 
Piperonal O-(2,4-dinitrophenyl)oxime Piperonylonitrile 2,4-Dinitrophenol 
DISCUSSION 


The Sequence E reactions illustrate the oxidation of a benzylic alcohol to its 
corresponding aldehyde and the subsequent two-step conversion of this alde- 
hyde via an intermediate aldoxime to an aromatic nitrile. This synthetic route 
is an attractive alternative to the preparation of aromatic nitriles via the Sand- 
meyer reaction. 

Aromatic nitriles are usually prepared by the diazotization of the corresponding 
aromatic amine followed by treatment of the diazonium salt with copper(I) 
cyanide. This sequence is an example of the Sandmeyer reaction, a specific 
example of which is shown here: 


NH, C=N: 
CH, CH, 


(64-70%) 


This particular variation of the Sandmeyer reaction is useful because it allows 
the conversion of an aromatic amine, readily available by reduction of the cor- 
responding nitro compound, to a reactive carbon substituent. This substitution 
involves replacement of the C—N bond with a C—C bond. 
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In the present reaction, treatment of an O-phenylated oxime with base 
yields the nitrile by an elimination reaction. The role of the dinitrophenyl 
group is to enhance the oxime oxygen to function as a good leaving group. 
Thus, the phenoxy system departs as the conjugate base of the relatively acidic 
2,4-dinitrophenol. The mechanistic sequence is outlined below: 


(ox 
ie 


~:OH + R-CEN —> HOH + R—C=N: + :OR’ == R—C=N: + HOR’ + ~:OH 


ere 


Oximes derived from aldehydes (aldoximes) can be dehydrated to nitriles 
by many different dehydrating reagents; acetic anhydride is one of the most 
common reagents used: 


The reaction proceeds more rapidly when the hydrogen and the hy- 
droxyl group are trans to one another (see also Experiments [10], [D3], and 
[A3,]). Various derivatives of the hydroxylamine other than the ethers, 
RCH=NOR, illustrated in the present reaction, also undergo the conver- 
sion to nitriles. Among these are the RCH=NOCOR and RCH=NOSO,Ar 
compounds. In some cases it is also possible to convert aldehydes to nitriles 
in one step by refluxing the reagents in concentrated hydrochloric acid (or 
by reaction with sodium formate in formic acid or sodium acetate in acetic 
acid) as follows: 


H 


Lt — d HCl 
R—C=6, + H,NOH-HC] “> R—C=N: 





When oximes are treated with strong acid they are converted to amides by 
a rearrangement sequence known as the Beckmann rearrangement. This reac- 
tion is illustrated in Experiment [6,4,]. 

Nitriles are synthetically versatile functional groups because they are 
readily converted to carboxylic acids by hydrolysis under acidic or basic con- 
ditions, reduced with LiAIH, to form primary amines, and reaction with 
Grignard reagents leads to the formation of ketones. These reactions are il- 
lustrated here: 











R—C=N HO R—C—OH 

R—C=N: 1. LiAIH,, ether R—CH NH 
—""" 2.H,0 : wee 
RS. 1. ether | 

R—C=N: + R—Mgx 377577 R—-C—R 
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EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 














Physical Properties of Reactants and Product 

Compound MW Amount mmol mp(°C) _ bp (°C) d 
Piperonal O-(2,4-dinitrophenyl)oxime 330.24 50mg 0.15 194-195 

Ethanol 5 mL 78.5 0.789 
Potassium hydroxide (0.2 M) 2 mL 

Piperonylonitrile 147.13 92-93 





Reagents and Equipment. Weigh and place 50 mg (0.15 mmol) of piperonal 
O-(2,4-dinitrophenyl)oxime in a 10-mL round-bottom flask containing a 
magnetic stir bar. Now add 5.0 mL of 95% ethanol and 2.0 mL of 0.2 M 
ethanolic KOH. Attach the flask to a reflux condenser (=). 


NOTE. The oxime is prepared in Experiment [E2]. The 0.2 M ethanolic KOH is 
prepared using 95% ethanol. 


Reaction Conditions. Slowly heat the reaction mixture, while stirring, to 
reflux by use of a sand bath (100-110 °C) and maintain the mixture at this 
temperature (gentle reflux) for 1 h. During the initial warming period, the so- 
lution turns a deep yellow. 


NOTE. If the laboratory time is not sufficient to continue the isolation and purifi- 
cation of the product after the heating is terminated, cool the solution and remove 
the reaction vial. Cap the vial and store it until the next laboratory period. 





Piperonal O42, 4-dinitrophenylloxime, 80 mg + 
95% ethanol, 5.0 mL + 
Isolation of Product. Remove the reaction flask and concentrate the reac- vote 
tion mixture to a volume of 0.5 mL or less with a gentle stream of nitrogen 
gas and/or warming in a sand bath in the hood. This concentration process takes HOOD 
a considerable length of time. 
Now prepare an alkaline solution by diluting 1 mL of 5% aqueous NaOH 
with 5 mL of distilled water. Use this solution to transfer the concentrated re- 
action mixture to a 12-mL centrifuge tube in the following manner. 
Add a 2-mL portion of the alkaline solution to the reaction flask, mix by 
swirling, and then transfer the resulting suspension to the centrifuge tube us- 
ing a Pasteur pipet. Repeat this operation twice, using 2 mL of the alkaline so- 
lution each time. 
Extract the resulting suspension with four 2-mL portions of methylene 
chloride (calibrated Pasteur pipet). Remove the methylene chloride extract 
(bottom layer) using a Pasteur filter pipet, and place the combined fractions in 
a 25-mL Erlenmeyer flask. Dry the solution over granular anhydrous sodium 
sulfate (0.5 g). 
By use of a Pasteur filter pipet, transfer the dried solution to a second 
25-mL Erlenmeyer flask containing a boiling stone. Rinse the drying agent 
with two 1-mL portions of methylene chloride. Combine the rinses with the 
original solution. Remove the solvent in the hood under a gentle stream of HOOD 
nitrogen and/or by warming in a sand bath to obtain the crude piperony- 
lonitrile. 
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Purification and Characterization. Purify the crude product by column 
chromatography using a Pasteur filter pipet filled with 300 mg of alumina 
(neutral, activity 1, see Glossary). Wet the column with 1.0 mL of 1:1 methylene 
chloride/hexane solution. 

Dissolve the residue of crude nitrile in a minimum amount of 1:1 methylene 
chloride/hexane solvent, and transfer the resulting solution by Pasteur pipet to 
the column. Elute the nitrile from the column with 2.0 mL of the 1:1 
Alumina, 300mg  CH>Cl,/hexane solvent and collect the eluate in a 10-mL Erlenmeyer flask 

containing a boiling stone («). 
Evaporate the solvent under a gentle stream of nitrogen while warming in 
HOOD a sand bath in the hood. Dry the white needles of piperonylonitrile on a 
porous clay plate or on filter paper. 
Weigh the product and calculate the percent yield. Determine the melting 
point and compare it with the literature value. 
. : Obtain an IR spectrum and 'H NMR spectra of the sample and compare 
Nitcie pioaucian <smnk your results with those in the literature (The Aldrich Library of IR Spectra, The 
of CH2Clp/hexane solvent Aldrich Library of NMR Spectra, and/or the corresponding spectral data avail- 
able online (e.g., SciFinder Scholar)). 






QUESTIONS 


7-84. The Sandmeyer reaction is based on the replacement of the diazonium group in aryldiazonium salts by chloro, 
bromo, or cyano groups. Copper salt reagents are used: 


CH, 


CH, 
No cl" Cl 
CuCl 
—— ara 


Show how one could carry out the following transformations using the Sandmeyer reaction: 


NO, CN 
NO, Br 
-C oO*- 
Cra CH, Cl Cl 


7-85. When CuCN is used in the Sandmeyer reaction, the preparation is generally carried out in a neutral medium. 
Can you offer an explanation of why this is done? 


7-86. Outline a synthetic route for the preparation of nitriles using a carboxylic acid as the starting material. 


7-87. A yellow azo dye once used to color margarine has been outlawed because it is carcinogenic. Outline a synthesis of 
this dye, butter yellow, starting from benzene and N,N-dimethylaniline: 


N CH 
Ca a 
N-< )—N: 
N q 


CH, 
Butter Yellow 
BIBLIOGRAPHY 
The procedure outlined above for the preparation of Several examples of the conversion of an aromatic aldehyde 
piperonylonitrile is based on the work of to the corresponding nitrile are given in Organic Syntheses: 
Miller, M. J.; Loudon, G. M. J. Org. Chem. 1975, 40, 126. Back, J. S.; Ide, W. S. Organic Syntheses; Wiley: New York, 1943; 


Collect. Vol. IL, p. 622. 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c0O7_421-538.qxd 11/16/09 1:58 PM Page 509 
EQA 


SEQUENCE F Introduction to Photochromism: The Synthesis of a Photochromic Imine 509 


Clarke, H.T.; Nagy, S. M. Organic Syntheses; Wiley: New York, Cleland, G. H. Organic Syntheses; Wiley: New York, 1988; Collect. 
1955; Collect. Vol. IIL, p. 690. Vol. VI, p. 21. 

Grundstone, F. D.; Tucker, S. H. Organic Syntheses; Wiley: New 
York, 1963; Collect.Vol. IV, p. 160. 

Hartwell, J. L. Organic Syntheses; Wiley: New York, 1955; Collect. 
Vol. IIL, p. 185. 

Marvel, C. S. Organic Syntheses; Wiley: New York, 1941; Collect. 


For a one-step conversion of aromatic aldehydes to the 

corresponding nitrile see 

DeMott, J. M. Jr; Kelley, C. J. J. Chem. Educ. 2001, 78, 780. This 
procedure works for the conversion of the present experiment 
as verified by DeMott, J. M., Jr. (Massachusetts College of 


Pharmacy and Allied Health, Boston), private communication. en ee Rednncnid, WW Onganie Syniheses: Wile: New 
There are numerous references to the use of the Sandmeyer York, 1963; Collect. Vol. IV, p. 133. 
reaction in Organic Syntheses. Several are cited here: Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., 
Bigelow, L. A. Organic Syntheses; Wiley: New York, 1941; Collect. Wiley: New York, 2007, Chap. 14, p. 984 and references 

Vol. I, pp. 135, 136. therein. 


Introduction to Photochromism: The 
Synthesis of a Photochromic Imine 


The photochromic effect is a property of relative rarity in both organic and in- 
organic molecular structures. When it is present, a material is found to exhibit 
reversible color change upon exposure to radiation: 


Photochromic ”a_ Photochromic 
Substance A A ort, Substance B 


The photoproduct generally reverts to the initial system via thermal pathways, 
but there are examples where the reverse reaction is induced by radiation of a 
different wavelength from that driving the forward reaction, or by both ther- 
mal and photochemical processes. Generally, sensitivity to thermal effects 
controls the concentrations obtained from the forward reactions and, therefore, 
their effectiveness in producing the product. 


CLASSES OF PHOTOCHROMIC REACTIONS 


Cis-Trans Isomerizations. Experiment [6] studies the photochromic prop- 
erties of trans-dibenzoylethylene. In this case, the highly conjugated bright- 
yellow trans diastereomer is rapidly isomerized under intense sunlamp visible 
radiation, via excited electronic states, to the colorless cis alkene. A 7 electron 
is promoted to an anti-bonding 7* molecular orbital, which destroys the 7 bond, 
and thus permits facile rotation about the remaining o bond and formation of 
the cis alkene: 


Or Lo. ep 
= tO FO 
/ \ A x / 
H C C=C 
—<) as 
O. 


H H 
trans-1,2-Dibenzoylethylene cis-1,2-Dibenzoylethylene 
(bright yellow) (colorless) 
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This is an endothermic reaction that does not reach equilibrium, but goes 
to completion because the cis isomer’s electronic transitions are shifted to the 
ultraviolet and do not absorb visible radiation. The cis alkene is a structurally 
shorter chromophore than its trans isomer, and it is also likely to experience 
steric crowding with resultant distortion of the m system. The cis isomer, there- 
fore, absorbs at shorter wavelengths (higher energies) and has a lower molec- 
ular extinction coefficient (weaker) than the trans isomer. Thus, once formed, 
the cis isomer is trapped. Upon heating, however, the cis isomer undergoes 
exothermic isomerization back to the original, more stable, trans alkene under 
equilibrium conditions. 

A good example of photochromic behavior is the highly colored cis- and 
trans-azobenzene. In this case the 7 — 1™* transition is promoted by ultraviolet 
light so that nonequilibrium isomerization to the cis isomer requires UV irradia- 
tion. The cis isomer is considerably less stable, however, and it undergoes rela- 
tively easy reversion back to the trans isomer by other mechanisms (the thermal 
conversion of visible radiation absorbed by the colored cis compound is an addi- 
tional isomerization route apparently open to the cis isomer): 


oe hv 
NaN aC OO 
Cy " Vis or A 


trans-Azobenzene cis-Azobenzene 


Tautomerism. A number of proton and valence tautomers are subject to 
photo-chemical induction. One example is 2-methylbenzophenone (I), a col- 
orless compound that can be photochemically induced to tautomerize to a 
system with extended conjugation. The tautomer (II) is a yellow material that 
will revert to the colorless form under thermal conditions: 


7 Ch op 
Cc Cc 
hv > 
[ J heat | J 
I 
2-Methylbenzophenone (enol, yellow) 


(colorless) 


Homolysis and Heterolysis of Bonds. Photochromic homolysis has been 
observed with materials such as 2,3,4,4-tetrachloro-1-(4H)-naphthalenone (IID): 


Cl 
“heat 
Cl 


Ill 
(colorless) (violet) 
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Excitation leading to heterolysis and zwitterion formation has been ob- 
served in numerous spiropyrans, as shown here for IV. These compounds un- 
dergo ring opening to yield a zwitterion (V): 


s ——: hv 
ene NO; —— © 
|” « y, z 

CH, 





heat 





IV 
(colorless) (violet) 


The spiropyran example in which the photochromism develops following 
the transformation of a colorless isomer to a violet system is closely related to 
the structural isomerism observed in the target photochromic substance, a di- 
azabicyclo[3.1.0]hex-3-ene (VI) synthesized in Sequence F. In both instances, 
the photoisomerization involves heterocyclic ring opening with formation of 
zwitterion VII: 


4-NO,Ph 





VI VII 
2-exo-6-exo-2,4-Diphenyl- Blue azomethine—ylide 
6-(4-nitrophenyl)- (syn configuration) 


1,3-diazabicyclo[3.1.0]hex-3-ene 


The diazabicyclo[3.1.0]hexenes form a series of compounds of which many 
exhibit photochromic properties. 


APPLICATIONS OF PHOTOCHROMISM 


One successful application of inorganic photochromic systems has been in the 
manufacture of sunglasses. When a particular silver salt is incorporated in the 
lenses, the glass will darken on exposure to sunlight in order to protect the 
eyes, but then bleach quickly when the light intensity drops, so that the same 
glasses can be used at night or indoors. 

The cis—trans isomerism of azobenzene has been incorporated in a novel 
chemical method for information storage at ultrahigh densities with nondestruc- 
tive readout. A device based on this chemical information storage system would 
have, it is estimated, the capacity of 100 million bits per square centimeter. 

There also have been some investigations by the military directed toward 
developing camouflage “photochromic paints.” 

In most applications the ability of the system to undergo essentially end- 
less recycling is an important factor. Thus, the degradation response time im- 
pacts heavily on the effectiveness of the system. In this regard, the valence 
bond tautomeric isomerizations would appear to possess the most promising 
properties, while those mechanisms that involve fragmentation open the 
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system up to the possibility of irreversible byproduct formation. The het- 
erolytic processes described in the photochromism of the target compound 
(internal ring opening) would appear to fall in between the two boundaries. 


THE REACTIONS OF SEQUENCE F? 


The synthesis begins with an aldol reaction between 4-nitrobenzaldehyde and 
acetophenone in Experiment [F1] to yield 4-nitrochalcone: 


9 ie 
CH 
7 rm HC NaOH/C,H;OH . 
* O Sk % O SS 
N 


| 
O; 


p-Nitrobenzaldehyde Acetophenone trans-4-Nitrochalcone 





The chalcone is brominated in the second step (Experiment [F2]) to yield 
erythro-2,3-dibromo-3-(4-nitrophenyl)propiophenone: 


Heh Br ‘O° 
Ww 
Br, /CHCl, 
= > ose 
LI O @ rn Crra CF 
| 


| 
trans-4-Nitrochalcone erythro-2,3-Dibromo-3-(4-nitrophenyl)propiophenone 


O=Z 


O. 


When this halogenated compound is treated with ethanolic ammonium hy- 
droxide for several days, as in Experiment [F3], the system undergoes several 
reactions (dehydrohalogenation, amination, and ring closure) to ultimately 
yield a trans-substituted aziridine product: 


Br ‘O° H ‘O° 
NH,OH se 
a — Ne 
oe < Br C,H,OH ON H: 
| | 


erythro-2,3-Dibromo-3-(4-nitrophenyl)propiophenone trans-2-(4-Nitrophenyl)-3-benzoylaziridine 


ie) 
ie) 


The photochromic substance, a diazabicyclo[3.1.0]hex-3-ene, is obtained 
in the fourth step (Experiment [F4]) when the aziridine is treated with ben- 
zaldehyde, anhydrous ammonia, and ammonium bromide. The reaction re- 
quires several days to go to completion. 


“This synthetic sequence is based on a set of experiments first developed for the undergrad- 
uate instructional laboratory by Professor R. Marshall Wilson and Laboratory Director D. L. 
Lieberman of the University of Cincinnati. We are grateful to Paulette Messier of Bowdoin Col- 
lege and Dr. Joanne M. Holland of Sepracor, Inc. for further development and optimization 
work. 
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=e 4-NO,Ph 
H ‘Oo 
AWA NH, PhCHO 
ae) =N % ———_—_—_—_—_ 
Dr + H 4H H,O*, NH,Br : W/ 
} N | EN 
1; 2 
Ph 
trans-2-(4-Nitrophenyl)-3-benzoylaziridine 2-exo-6-exo-2,4-Diphenyl-6-(4- 
nitrophenyl)-1,3-diazabicyclo[3.1.0]- 
hex-3-ene 


The product is a colorless crystalline substance that possesses the property of 
turning a deep blue when exposed to indoor light: 


H 


hv _ Ph 
H V/ 
N — i N 
i a 
4-NO,Ph 


Ph Ph 
2-exo-6-exo-2,4-Diphenyl-6-(4-nitrophenyl)- syn-Azomethine-ylide 
1,3-diazabicyclo[3.1.0.]hex-3-ene 





The mechanism involved in the photochromic isomerization reaction is 
relatively rare, which makes these substances all the more interesting to study. 


BIBLIOGRAPHY 
Coyle, J. D.; Hill, R. R.; Roberts, D. R. Light, Chemical Change and Also see 
Life : A Source Book in Photochemistry; The Open University: Horspool, W. M.; Lenci, F., Eds., CRC Handbook of Photochemistry 
Milton Keynes, England, 1982, pp. 306-309. and Photobiology, 2nd ed., Vols. 1, 2, CRC Press: Boca Raton, 
de la Mare, P. D. H.; Suzuki, H. J. Chem. Soc. 1968, 648. FL, 2008. 
Coxon, J. M,; Halton, B. Organic Photochemistry; 2nd ed., Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., 
Cambridge University Press: New York, 1987. Wiley: New York, 2007, Chap. 7, p. 328 and references therein. 


Kopecky, J. Organic Photochemistry; VCH: New York, 1992. 


An Aldol Reaction: trans-4-Nitrochalcone 


Common name: 4-nitrochalcone 
CA number: [2960-55-6] 
CA name as indexed: 2-propen-1-one, 3-(4-nitrophenyl)-1-phenyl-, (E)- 


Purpose. We prepare the first of three intermediates on the synthetic path- 
way to our target molecule, a photochromic imine. A base-catalyzed aldol re- 
action is carried out in which an aromatic aldehyde is condensed with an aryl 
alkyl ketone. This addition reaction is followed by dehydration to form an 
a,B-unsaturated ketone; this particular product is commonly called a chalcone. 
This intermediate is isolated and purified for use as the starting material in 
the next stage of the synthesis. You will carry out a semimicroscale reaction 
to gain experience at conducting larger-scale organic reactions. 
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Prior Reading 


Technique 4: Solvent Extraction 

Liquid—Liquid Extraction (p. 72) 
Technique 5: Crystallization 

Use of the Hirsch Funnel (pp. 88-89) 


REACTION 


° ra 


CH 
: kyr HAC NeOH/GHOH 





4-Nitrobenzaldehyde Acetophenone trans-4-Nitrochalcone 


DISCUSSION 


The aldol reaction (aldol condensation) is one of the fundamental reactions of 
organic chemistry because it leads to the formation of a new carbon-carbon 
bond (see Experiment [20] for a very similar example of the Claisen—Schmidt 
type of aldol reaction). In this version, the condensation of 4-nitrobenzaldehyde 
(an aldehyde without an a-hydrogen atom) with acetophenone (a ketone) 
gives trans-4-nitrochalcone. The aldol condensation of the unsubstituted aromatic 
aldehyde, benzaldehyde with acetophenone, yields trans-1,3-diphenyl-2- 
propenone (PhCH==CHCOPh), which has the common name, chalcone. Thus, 
the substituted derivatives of this system are known collectively as chalcones. 

The extended conjugation in the product favors the formation of the chal- 
cone product. Furthermore, this product is insoluble in the aqueous ethanol 
solvent and rapidly precipitates from the reaction medium as it is formed, 
whereas the starting materials are all soluble in aqueous ethanol. Thus, the ex- 
perimental conditions assist in driving this equilibrium reaction to completion. 

The classic aldol condensation involves generation of an enolate by re- 
moval of an acidic proton from a carbon alpha to the carbonyl group of an 
aldehyde or ketone, and subsequent nucleophilic addition of this enolate to 
the carbonyl carbon of an aldehyde or ketone. This reaction is base catalyzed 
and involves the following mechanistic steps: 


I ~ Ql. | 
R—-C—CH, + “OH === | R-C]CH, <—> R—C=CH, | + H,0 








An enolate 


| HOH | | a 
R’ i. ana :OH 
H H 


Nucleophilic attack Protonation 
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The reaction involves (a) base-catalyzed generation of the enolate, (b) nucleo- 
philic attack of this anion on a carbonyl carbon, and (c) proton transfer to the 
resulting anion to yield the initial aldol product, a B-hydroxycarbonyl com- 
pound. The B-hydroxycarbonyl product may be isolated in many cases, if 
desired, since the subsequent dehydration is generally much slower than the 
addition reaction that precedes it. The final stage of the aldol reaction, as in the 
present reaction, is a hydroxide-catalyzed dehydration of the initial product by 
way of the enolate. Though hydroxide ion (HO  ) is generally not a good leav- 
ing group, the H alpha to the carbonyl in the B-hydroxyketone is quite acidic. 
In addition, the elimination produces a highly conjugated a,B-unsaturated 
ketone. Under these strongly basic conditions, the hydroxide ion becomes an 
adequate leaving group. In these systems, both during the loss of the proton in 
the formation of the enolate anion and during the loss of hydroxide to yield 
the a,B-unsaturated ketone, the molecular conformations involved favor de- 
velopment of the more-stable trans product: 





pie Tht 
ee — = a + HOH 
H H H 


\_=:6H Enolate anion 








Trans a,B-unsaturated ketone 


In the present experiment an aldol condensation yields a benzalacetophe- 
none (chalcone) product. In Experiment [20], a nearly identical double aldol 
reaction yields dibenzalacetone. A further example of a double aldol reaction 
is found in Experiment [A3,], where tetraphenylcyclopentadienone is the 
product of the reaction of benzil and 1,3-diphenylacetone. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 3.0 h. 














Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) d 
Acetophenone 120.16 488 wL 4.16 20.5 202.6 
Ethanol (95%) 20 mL 78.5 0.789 
4-Nitrobenzaldehyde 151.12 500mg 3.31 106 
Sodium hydroxide 2 mL 

(aq, 10%) 








Reagents and Equipment. Weigh and place 500 mg (3.31 mmol) of 
4-nitrobenzaldehyde in a 50-mL Erlenmeyer flask containing a magnetic stir 
bar. Now add 20 mL of 95% ethanol and 488 wL of acetophenone. 


Reaction Conditions. Warm the reaction mixture, while stirring in a sand bath 
at 65-70 °C, until the aldehyde dissolves to yield a clear light yellow solution. 
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Nitrochalcone 
product 





20 mL ethanol + 
~2 mL 10% NaOH 


QUESTIONS 


7-88. In a number of cases it is possible to successfully isolate the B-hydroxyketone intermediate prior to the dehydration 
that forms the a,B-unsaturated ketone. 
(a) Does the isolation of the B-hydroxyketone suggest which step in the aldol condensation is the rate-determining 


7-89. 


7-90. 


step in this case? 


At this point, cool the Erlenmeyer flask in an ice bath for at least 5 min and 
then, while continuing to cool the system, carefully add dropwise with stirring, 
2 mL of 10% (aq) sodium hydroxide over a second 5-min period. During this 
time, the reaction mixture often turns a dark orange color and considerable pre- 
cipitation may occur. Cool the Erlenmeyer flask for an additional 15 min fol- 
lowing the last addition of base. 


Isolation of Product. Collect the solid tan precipitate, which formed during 
the reaction, on the filter bed of a Hirsch funnel under reduced pressure (<=). 

If solid continues to form in the filtrate, refilter the reaction solution and 
combine the second collection of crystals with the first batch. You want to max- 
imize your total yield of the aldol product, because this is the first step of a 
four-step synthesis. Thus, you will need efficient recovery of product at each 
intermediate stage of the synthesis to successfully obtain a reasonable quan- 
tity of the photochromic target molecule. Rinse the Erlenmeyer flask once or 
twice with ice-cold water to effect as closely as possible a quantitative transfer 
of the chalcone to the Hirsch funnel. 


Purification and Characterization. Wash the tan filter cake containing 
the reaction product, dropwise with an ice-cold 80:20 ethanol/water solu- 
tion until the product appears as pale yellow crystals. The wash dissolves 
and removes a red-brown amorphous material that contaminates the crude 
product in many instances. Transfer the purified and partially dried chal- 
cone to a watch glass, and then place it in a desiccator for final drying. 
Characterize the anhydrous intermediate accurately by an evacuated melt- 
ing point and infrared spectrum; the latter can be compared to that recorded 
in the literature (The Aldrich Library of IR Spectra and/or SciFinder Scholar). 
The chalcone normally is of sufficient purity to be carried directly on to 
Experiment [F2]. 


NOTE. Approximately 400 mg of purified product with a melting point within 
2-4 °C of the literature value is the minimum quantity of intermediate suggested 
for continuing the sequence on to Experiment [F2]. 


(b) If so, which one is the rate-determining step? 
(c) Suggest what reaction conditions may have a significant impact on determining which step becomes rate 


determining. 


(d) What structural changes might lead to a change in the rate-determining step? 


Ketones also undergo the aldol condensation, although a successful reaction often requires “enhanced” conditions, 
since the addition involves an unfavorable equilibrium constant. This is the situation in the reaction in which 
4-nitrochalcone is synthesized. With the odds against it, why is the reaction successful in this case? 


If you had obtained both the cis- and trans-chalcone products, and had purified them by recrystallization, how could 
you instantly know which one was cis and which one was trans without any further characterization? 
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oO HQ. 0 





Trans 


7-91. The mixed aldol reaction between propionaldehyde and acetone gives an 85% yield of 4-hydroxy-2-hexanone when 
run in THF at —78 °C with lithium diisopropylamide (LDA, a powerful base). The reaction is carried out by first 
adding the ketone to the base, cooling the solution, and then adding the aldehyde. 

(a) Why does this mixed system give essentially a single product? 
(b) Why is there no self-condensation of the acetone? 

(c) Why does the system not rapidly go on to dehydrate? 

(d) Why is the ketone added to the base rather than vice versa? 


7-92. Give the aldol product or products from the following reaction: 


base 


CH;CH,»CH»CH»CH,CHO + CH3;CH,CH,CH»,CHO => 





7-93. The chalcone structure is particularly interesting. It was known in nature long before it was synthesized in the 
laboratory. This structure is incorporated biosynthetically into a large class of over 300 natural pigments called 
flavonoids. These substances heavily contribute to the spectacular New England autumn colors and many flower 
pigments. Flavonoids arise from chain extension of shikimic acid—derived cinnamic acids (see Experiment [10C] for 
amore detailed discussion of biological origin of these materials). A typical example of a flavone would be luteolin 
(5,7,3',4'-tetrahydroxyflavone, I), the orange-yellow pigment of the snapdragon: 





Luteolin 


Flavonoids may be synthesized by using reactions similar to those used in the chalcone synthesis. For example, 
the basic flavone structure (II) can be simply derived from a Claisen condensation between ethyl benzoate and 
2-methoxyacetophenone, followed by treatment with HI: 





Il 
Flavone (skeleton) 


Show the mechanistic route leading to this flavone from the ester and the ketone. 
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BIBLIOGRAPHY 
Selected examples of the Claisen—Schmidt reaction from Also see 
Organic Syntheses are given here: Heathcock, C. H. In Asymmetric Synthesis; Morrison, J. D., Ed.; 
Conrod, C. R.; Dolliver, M. A. Organic Syntheses; Wiley: New York, Academic Press: 1984, Vol. III. 
1943, Collect. Vol. IL, p. 413. Heathcock, C, H. In Comprehensive Carbanion Chemistry; Durst, 
Kohler, E. P.; Chadwell, H. M. Organic Syntheses; Wiley, New York, T.; Buncel, E., Eds.; Elsevier: New York, 1984, Vol. II. 
1941, Collect. Vol. I, p. 78. Nielson, A. T.; Houlihan, W. J. Org. React. 1969, 16, 1. 
Leuck, G. J.; Cejka, L. Organic Syntheses; Wiley: New York, 1941, Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., 
Collect. Vol. I, p. 283. Wiley: New York, 2007, Chap. 16, p. 1344 and references 
Wawzonek, S.; Smolin, E. M. Organic Syntheses; Wiley: New York, therein. 


1955, Collect. Vol. IIL, p. 715. 


erythro-2,3-Dibromo-3- 
(4-nitrophenyl)propiophenone 


Common name: erythro-2,3-dibromo-3-(4-nitrophenyl)propiophenone 
CA number: [24213-17-0] 

CA name as indexed: 1-propanone, 2,3-dibromo-3-(4-nitrophenyl)-1- 
phenyl-, (R*,S*)- 


Purpose. You will prepare the appropriate dibromide, an intermediate in 
your synthetic sequence, to act as the precursor to the aziridine ring system. 
You will carry out a semimicroscale halogenation with bromine as the active 
reagent. A further purpose of this experiment is to demonstrate the stereospe- 
cific addition of bromine to alkenes. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Concentration of Solutions (pp. 101-104) 
Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 


REACTION 
‘Oo Br 
SS 
7 CI @ Br, /CHCl, «) 
co ~~ Br 
0. O. 
trans-4-Nitrochalcone erythro-2,3-Dibromo- 
3-(4-nitrophenyl)propiophenone 
DISCUSSION 


The bromination of alkenes is an example of an electrophilic addition reaction. 
(See Experiments [A2,] and [D2] for detailed discussions of the mechanism 
involved in this reaction. In particular, refer to Experiment [D2], which very 
closely resembles this reaction, for a discussion of the erythro and threo 
nomenclature used in this experiment.) In the present reaction, bromination 
of 4-nitrochalcone yields erythro-2,3-dibromo-3-(4-nitrophenyl)propiophenone. 
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This reaction is stereospecific because the other possible diastereomer [threo or 
(R*, R*)] is not formed: 


i t Sh) 
A 
S Br,/CHCl, H™C—C 
~6 Sa | 
= SN 2 Br 
| 


“6 


trans-4-Nitrochalcone erythro-2,3-Dibromo- 
3-(4-nitrophenyl)propiophenone 


The reaction proceeds in two steps. The first involves the formation (from either 
side of the plane of the double bond; attack from below is shown here) of an 
intermediate cyclic bromonium ion: 


The bromine molecule (Brz) is normally symmetrical. However, as it ap- 
proaches the electron-rich, and nucleophilic, 7 bond of the alkene, it becomes 
polarized by induction and then functions as the electrophile in an addition 
reaction. The result is the generation of a cyclic bromonium ion: 


3°:Br: ag 
Br: Bro 
~ t va iN 2 
Induced polarization Bromonium ion Nucleophilic 
of Br, as it approaches attack by bromide 


the alkene 


In the present reaction, both the bromine and the 4-nitrochalcone are 
achiral, though the bromonium ion that is produced is chiral. Because it results 
from the reaction of achiral molecules in an achiral environment, the bromo- 
nium ion must be racemic. In this ion, the bromine atom bridges both carbon 
atoms of the original carbon-carbon double bond to form a three-membered 
ring intermediate. The generation of this high-energy cyclic species has a pro- 
found effect on the stereochemistry of the second step of the bromine addition: 
the ring restricts rotation about the C—C single bond in the carbocation. 

The second stage of the bromination involves nucleophilic attack by bro- 
mide ion on the intermediate bromonium ion. Since the nucleophile must 
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approach from the face opposite the leaving group, bond formation involves 
inversion of configuration at the carbon center under attack in the second 
stage of the bromination reaction. 

Note that either carbon can be approached by the nucleophile (one attack 
is shown). This second step is a classic backside Sy2 type displacement: 


IS i, i _ ee 
Cx or: —<—-2 
7 \ a ‘Br: 


Bromonium ion Dibromo product 


In the case with 4-nitrochalcone, two chiral centers are generated in the 
bromonium ion and we might, therefore, expect that two diastereomeric pairs 
would be formed. However, due to the stereoselectivity of the reaction, only a 
single diastereomer is generated, as a racemic pair of enantiomers (refer to Exper- 
iment [D2] for a further discussion of the stereochemistry of this halogenation). 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.0 h. 














Physical Properties of Reactants and Product 
Compound MW Amount mmol mp(°C) — bp (°C) d 
trans-4-Nitrochalcone 253 400 mg 1.58 161-164 
Chloroform ~8 mL 61.7 1.492 
Bromine/chloroform (2.5%) 179.8 (200 pL Br) 3.91 58.8 
erythro-2,3-Dibromo-3- 

(4-nitrophenyl)propiophenone 413 151-153 








Reagents and Equipment. Weigh and place 400 mg (1.58 mmol) of 
4-nitrochalcone in a tared 50-mL round-bottom flask containing a magnetic 
stir bar. Now add about 8 mL of chloroform (dispensed in the hood). Connect 
the flask to a water-jacketed reflux condenser fitted with a drying tube. 


INSTRUCTOR PREPARATION. The active brominating reagent in this reaction is 
liquid Br> dissolved in chloroform. Prepare a solution of 200 wL (624 mg) of bromine 
dissolved in 8 mL of chloroform multiplied by the number of students carrying out 
the experiment. The reagent should be prepared, dispensed, and added to the reaction 





CAUTION: Bromine is a highly reactive substance. Even in chloro- 
form solution you must handle it with care. Be very careful not to get 
this reagent on your skin. All transfers of the reagent should be made 


HOOD 
HOOD © in the hood. 
HOOD in the hood. 


Chloroform itself is highly toxic and a cancer suspect agent. Handle 
it with respect. 





Reaction Conditions. Warm the round-bottom flask in a sand bath between 
60 and 70 °C, with stirring, until the 4-nitrochalcone dissolves to yield a clear 
light yellow solution. Once dissolution has occurred, continue to maintain the 
bath temperature at 60-70 °C and add the bromine reagent. The addition is 
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carried out dropwise using a 9-in. Pasteur pipet inserted down the condenser 
(briefly remove the drying tube during this operation), with stirring, over a 
10-min period. By the end of the Br, addition the solution turns a dark orange. 
Continue to heat the stirred reaction mixture for an additional 20 min (™). 
After cooling the reaction mixture to room temperature, remove a small 
aliquot and spot it on a silica gel TLC plate next to a reference spot of the 
4-nitrochalcone starting material. Elute the plate with 50:50 methylene 
chloride/hexane and visualize the spots by UV. (A number of unidentified 
byproducts are formed in small quantities during the reaction that are often 
observed on the TLC plates.) There also will probably be a trace of unreacted 
4-nitrochalcone left in the reaction solution. The major (and highest R,) spot 
(Ry = 0.3) is the brominated product. Because an excess of bromine was used 
in the reaction, however, only small quantities of 4-nitrochalcone are normally 
detected at this stage. If significant unreacted substrate remains (i.e., more 
than a faint or weak spot on TLC), add an additional small amount of the 
bromine reagent and then reanalyze the reaction mixture again by TLC. 





Isolation of Product. Once it is established that the reaction is largely com- 


plete, remove the solvent and excess reagent from the reaction mixture by aia sr ad kale 
rotary evaporation. Weigh the crude residue. 200 j1L, bromine + 


50-mL RB flask 
NOTE. At this point the crystalline residue that remains following rotary evapo- 

ration may be stored until the next laboratory period by first flushing the round- 

bottom flask with dry nitrogen (or argon) and then quickly sealing the flask with 

a ground-glass standard-taper stopper that is sealed with Parafilm. The flask 

should be labeled and given to your instructor for storage in the freezer. While it 

is possible to safely interrupt the workup at this stage, most organic materials are 

much more stable when they are stored in as pure a state as possible. If time per- 

mits, you are urged to finish the workup of the bromination. 


Purification and Characterization. The crude material, a yellow-orange 
solid is now partially purified by column chromatography. 

The chromatographic column (short buret) is packed with silica gel (10 g) 
after first positioning a plug of cotton and about 1 cm of sand at the bottom. 
Then a portion of 50:50 methylene chloride/hexane is added to the column 
(~15 mL), followed by 10 g of silica gel. The solid substrate is slowly added while 
the column is tapped to promote even settling of the packing material. During 
this process the column stopcock is slightly opened to create a slow drip rate of 
the packing solvent out of the column. As a result of this drainage more solvent 
may be required to keep the solvent level above that of the silica gel during the 
settling operation. Finally, carefully drain any excess solvent to the top of the 
column and close the stopcock after the packing procedure is complete. 

The crude erythro-2,3-dibromo-3-(4-nitrophenyl)propiophenone is then 
dissolved in a minimum amount of methylene chloride (~10 mL) and applied 
to the top of the column by slowly pipetting the solution down the side of the 
column without disturbing the silica gel (as this solution is added it is also 
slowly drained onto the column by cracking open the stopcock). As the final 
quantity of crude product drains to the top of the column, elution is started 
with 50:50 methylene chloride/hexane solution (again by careful addition so as 
not to disturb the upper layers of silica gel containing the adsorbed reaction 
products). Collect 3 x 30-mL fractions in 50-mL Erlenmeyer flasks (labeling 
each flask with the fraction number). You may observe some yellow zones of 
material slowly moving down the column during the elution. This colored ma- 
terial usually does not begin to elute with this chromatographic scheme. Once 
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Recrystallized 
dibromide 
product collected 

here 






Chloroform 
mother liquors 


the fractions have been collected, use TLC analysis (silica gel plates, 50:50 
methylene chloride/hexane) to determine the composition of the fractions. 
The purest fractions are combined to give sufficient material to continue on to 
the next step (Experiment [F3]) in the sequence. Separate and remove the 
solvent (N> and warm sand bath). Determine the weight and melting point (evac- 
uated) of your brominated product. The erythro-2,3-dibromo-3-(4-nitrophenyl)- 
propiophenone should appear as white to light yellow needles. It may be 
further recrystallized from 95% ethanol if desired. 

If the melting point is only a few degrees low (~142-147 °C), increased pu- 
rity often is quickly obtained by simply adding a few milliliters of ice cold chlo- 
roform to the product residue that is cooled in an ice bath. Triturate the residue 
for a few seconds with the cold solvent. Withdraw the solvent by Pasteur filter 
pipet leaving the washed crystals behind (this treatment may be repeated if 
necessary). Remove traces of the solvent remaining on the residue by a short 
rotary evaporation. Recheck the melting point (evacuated) to determine if 
product purity is improved enough to continue on to the third step (). 

Weigh your purified erythro-2,3-dibromo-3-(4-nitrophenyl)propiophenone 
intermediate and calculate the percent yield based on both the starting 
4-nitrochalcone and the 4-nitrobenzaldehyde (the starting material used in 
Experiment [F1]). Compare your spectrum to that of a reference standard 
shown in Figure 7.7. 
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Figure 7.7 IR spectrum: erythro-2,3-dibromo-3-(4-nitropheny]l)propiophenone. 
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OPTIONAL. Obtain the 'H NMR spectrum of the product in CDCI3. Identify the 
resonances for the two protons attached to the halogenated carbon atoms, and as- 
certain that the product is a single diastereomer. This information will be useful in 
Experiment [F3]. 


NOTE. The erythro-2,3-dibromo-3-(4-nitrophenyl)propiophenone is a particularly 
sensitive substance and will decompose in contact with air at room temperature 
over several days. If you do not have time to continue on to Experiment [F3] dur- 
ing this laboratory period you should store your purified material as described 
above for the crude product. 

If you have time to start the reaction, you are urged to continue on to 
the next step. Once you have the pure dibromide in hand, it takes only a relatively 
short time to set up and get the next reaction running. Since this latter reaction will 
be left to run for a week, you have a lot to gain by getting the third step started dur- 
ing the period when the second intermediate is worked up. 


NOTE. Approximately 450 mg of purified product with a melting point within 
2-4 °C of the literature value is the minimum quantity of intermediate suggested 
for continuing the sequence on to Experiment [F3]. 


QUESTIONS 


7-94. A considerable excess of Br, in chloroform is required to successfully drive the halogenation of 4-nitrochalcone to 


completion. Offer a suggestion as to the role of the excess reagent. 

7-95. What product(s) would you expect to obtain from the bromination (Brz in CCl4) of cyclobutene? 

7-96. In the bromination of 4-nitrochalcone a racemic dibromide is formed. A second diastereomeric dibromide is 
structurally possible, but it is not formed in the reaction. 

(a) Give stereochemically detailed drawings of the stereoisomer(s) isolated from the reaction mixture. 
(b) Give stereochemically detailed drawings of the stereoisomer(s) that is/are not formed. 

(c) Why is this reaction stereoselective? 

(d) How could the second diastereomer be synthesized if its preparation was required? 

(e) Assign, by the R and S convention, the stereocenters in each of the diastereomers. 

7-97. Show the stereoisomer(s) generated by bromination of each of the enantiomers of cis- and trans-4-bromo-2- 
pentene. Show the relationship (enantiomer, diastereomer, etc.) and assign R and S centers in all product(s) and 
starting materials. 

7-98. Show, with the correct absolute configuration, the stereoisomer(s) formed on bromination of (S)-4-tert-butyl-1- 
cyclohexene. Would you expect them to be formed in equal amounts? 


A large number of examples of the bromination of alkenes 
appear in Organic Syntheses. Selected references are given 
below: 


Allen, C. F. H.; Abell, R. D.; Normington, J.B. Organic Syntheses; 
Wiley: New York, 1941; Collect. Vol. I, p. 205. 

Cromwell, N. H.; Benson, R. Organic Syntheses; Wiley: New York, 
1943; Collect. Vol. IL, p. 105. 

Fieser, L. F. Organic Syntheses; Wiley: New York, 1963; Collect. 
Vol. IV, p. 195. 

Khan, N. A. Organic Syntheses; Wiley: New York, 1963; Collect. 
Vol. IV, p. 969. 

McElvain, S. M.; Kundiger, D. Organic Syntheses; Wiley: New York, 
1955; Collect. Vol. II, p. 123. 
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trans-2-(4-Nitrophenyl)-3-benzoylaziridine 


Common names: trans-2-(4-nitrophenyl)-3-benzoylaziridine 
CA number: [76336-95-3] 


CA name as indexed: methanone, [3-(4-nitrophenyl)-2- 
aziridinyl]phenyl-, trans- 


Purpose. The third intermediate on the pathway to the target photochromic 
imine is synthesized. A heterocyclic three-membered ring, an aziridine deriva- 
tive, is formed. This is the first ring of the diazabicyclohexene system that you will 
ultimately convert into the photochromic imine. You will study a process that in- 
volves three reactions and the formation of two intermediates en route to the 
final product. You will study a number of interesting stereoselective reactions. You 
will work with organic reactions that require several days to come to completion. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 


REACTION 
Br ‘O° H ‘Oo 
ll 
+6 br : 6 ‘i : z 
™ “y “Y H H 
O. O. 
erythro-2,3-Dibromo- trans-2-(4-Nitrophenyl)-3-benzoylaziridine 
3-(4-nitrophenyl)propiophenone 

DISCUSSION 


The conversion of erythro-2,3-dibromo-3-(4-nitrophenyl)propiophenone to a 
substituted aziridine involves a number of interesting steps and intermediates. 
The first stage of the reaction involves attack on the halogenated intermediate 
by base (concd ammonium hydroxide, NH,OH == NH; + H,O). Under 
the highly polar conditions, the reaction likely proceeds via an Elcb mecha- 
nism involving the initial attack by ammonia, acting as a base, on the 2 proton 
to yield the resonance stabilized anion: 





(Z)-2-Bromo-4'-nitrochalcone 
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You should refer to the detailed discussions in Experiments [9] and [10], 
which describe in detail the chemistry associated with the E1 and E2 elimina- 
tion mechanisms. The Elcb mechanism, like the E1 mechanism, involves a 
two-step process, but in this case the order of charge development is the re- 
verse of the E1 mechanism. Here proton abstraction precedes loss of the leav- 
ing group. A generalized scheme is shown here: 


Elcb Mechanism 


elas +B —> ccna + BH —~> RCH=CHR’ + X” 
xX Xx 


The mechanisms of a large majority of elimination reactions can be ex- 
plained by invoking various positions along the continuum between the three 
elimination mechanisms mentioned here; Elcb and E1 are at the extremes of 
the continuum, and the E2 mechanism lies exactly halfway between the two. 

In the present case, carbanion (or near-carbanion) formation following 
a-proton abstraction appears to be favored, and formation of the anionic inter- 
mediate has the attractive feature that it then allows rotation about the incipient 
am bond. Stereoelectronic requirements of the elimination mechanism require 
the carbon—bromine bond to be parallel to the p orbital of the adjacent enolate 
(or a-keto carbanion, depending on which resonance structure is being dis- 
cussed), just as the proton being removed and the leaving group prefer to be anti 
in an E2 elimination. Two possible conformations (or rotamers) meet this re- 
quirement. The most stable one will be that with the carbonyl and nitrophenyl 
groups anti to one another, and elimination of bromide ion from this conforma- 
tion leads to the alkene with the carbonyl and nitrophenyl groups trans, which 
is the Z alkene, as illustrated here: 


2 © ‘0 
\ a 
Br rt) Or Yt 
ae gCHC 
HY oe H* a pp 
Br 
‘ cot 
+o— -O—N 
\ 
\ iO: | 
° 
B 
Hm. me 
a C=C 
‘Ov Sig ™Br + Bro 
; 


(Z)-2-Bromo-4’-nitrochalcone 


Thus, the first stage of the reaction primarily leads to formation of an a-bromo- 
a,B-unsaturated ketone, (Z)-2-bromo-4'-nitrochalcone. This alkene could be 
easily isolated from the reaction medium, if required, since the second step in 
the reaction occurs at a considerably slower rate than the first step. Thus, appre- 
ciable concentrations of this unsaturated intermediate are obtained. 
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The second stage of the reaction involves 1,4 addition of the amine (in this 
case ammonia in equilibrium with the ammonium hydroxide) to the unsatu- 
rated ketone. 

There are many examples of nucleophilic reagents that add to a,B- 
unsaturated aldehydes and ketones in a manner in which the addition is for- 
mally 1,4. This result is called conjugate addition. Under basic conditions, 
these transformations involve initial attack by the nucleophile to the B-carbon 
atom, followed by electrophilic addition (normally of a proton) on the carbonyl 
oxygen; the nucleophile and electrophile add at the 1 and 4 positions relative 
to one another. The enolate formed in the early stages of the reaction is gener- 
ally quickly protonated to give an enol. The enol will subsequently tautomer- 
ize to the ketone. A general mechanistic scheme is shown below for the 1,4 
addition of water to an a,B-unsaturated carbonyl system. 


Oo 0: 
id — 
ae . | f 1.6K | Tv! 








HO: + C=C == HO—C—C “i a -< + OH 


A \ ne | | 2. tautomerism 


Enolate Ketone 


In the present case, conjugate addition has the potential to result in two 
diastereomers. As in the case of the starting dibromide, these stereoisomers 
can be either erythro or threo. The distribution between these two products is 
important because it ultimately determines the ratio of products in the next 
step (third) of the reaction. 

From the geometry of the aziridine final product, and the fact that the inter- 
nal nucleophilic substitution reaction will proceed with inversion of configura- 
tion, we can reliably postulate that conjugate addition must eventually result in 
the erythro diastereomer. In the conjugate addition of ammonia to 2-bromo- 
4'-nitrochalcone, the stereochemistry of the product is determined by which 
face of the resulting enolate receives the proton. The proton source may be the 
—NH3 group resulting from the initial step of the conjugate addition reaction 
(as shown here), or it may be an ammonium ion or a molecule of ethanol or 
water hydrogen bonded to the amino group. A further consideration may be the 
geometry of the resulting enolate, since there is the potential to generate either 
the Z or the E enolate; the E enolate is illustrated here because it would appear 
to be the least hindered of the two diastereomeric enolates: 





Threo Erythro 
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It is also possible that both the threo and erythro diastereomers are produced 
at comparable rates and that the erythro is thermodynamically preferred by an 
equilibrium process between the two. 

A comparison of the most-favored conformations, based on relative group 
sizes, for the erythro and threo diastereomers, indicates that the conformation 
A for the erythro isomer would be less sterically crowded than conformation 
B for the threo isomer, as shown here. 


NH, NH, 
O,N-Ph Hs O,N-Ph Hs 
, Br s H 


m s 
A B 
(erythro) (threo) 


L = large, m = medium, s = small 
Ph = phenyl 


The final stage on the route to the aziridine product involves an internal 
Syn2 ring closure in which the primary amine group attacks the a-carbon 
atom holding the remaining bromine from the backside to close an aziri- 
dine ring and displace bromide with inversion of configuration at the 
acarbon. This displacement has been shown to go exclusively by this mech- 
anism in the case of the B-amino-a-bromoketones; an 5x1 reaction is less 
likely because of the instability of an a-keto carbocation. For a detailed dis- 
cussion of the mechanism of the classic S,j2 substitution reaction, refer to 
Experiment [22]. 

The stereochemistry of aziridine ring substitution, as pointed out above, is 
controlled by the product distribution in the B-amino-a-bromoketone inter- 
mediate, which in this case favors the erythro configuration. Thus, inversion of 
configuration during ring formation leads to the trans-substituted aziridine 
ring in the present example: 


O 
~ dl 
“a st) Me 8 >¢ + HB 
\\" C c~“H O i i . 
H a Sh H H 
Br I 
=6 
ae \ 
.O. 
erythro-3-Amino-2-bromo-3- trans-2-(4-Nitrophenyl)-3- 
(4-nitrophenyl)propiophenone benzoylaziridine 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 3.5 h. 
Estimated time to complete Part A of the experiment: 1.5 h. 
Estimated time to complete Part B of the experiment: 2.0 h. 
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~4 mL 95% ethanol + 
-3 mL dil NH,OH 





Compound MW Amount mmol mp(°C)_ bp (°C) d 


Physical Properties of Reactants and Product 





erythro-2,3-Dibromo-3- 
(4-nitrophenyl)propiophenone 411 450 mg 1.10 151-153 











Ethanol (95%) 4.4 mL 78.5 0.789 
Ammonium hydroxide (concd) 1.3 mL 
trans-2-(4-Nitropheny]) - 
3-benzoylaziridine 268.3 142-143 
PART A 


Reagents and Equipment. Weigh and place 450 mg (1.10 mmol) of the erytho- 
2,3-dibromo-3-(4-nitrophenyl)propiophenone intermediate synthesized in 
Experiment [F2] in a labeled 25-mL round-bottom flask containing a mag- 

HOOD netic stir bar. In the hood, add 4.4 mL (9.8 mL/g of chalcone) of 95% ethanol 
(graduated cylinder) and 1.3 mL (2.8 mL/g of chalcone) of concd ammonium 
hydroxide (automatic delivery pipet or 2-mL glass pipet) to the flask. Stopper 
the flask, swirl to mix the contents, and then seal it with Parafilm. (A 
polypropylene standard taper stopper is preferred for sealing the vessel for 
long periods in the presence of base.) 





CAUTION: Concentrated ammonium hydroxide is a strongly caustic 

reagent. You must handle it with care. Be particularly alert not to get 

this reagent on your skin or breathe the vapors. All transfers of the 
HOOD reagent should be made in the hood. 





Reaction Conditions. Stir the reaction mixture for 15 min. Then wrap the 
flask with aluminum foil and continue to stir the system for 24 h. The reaction 
may be worked up at this point or stored in the dark for 1 week if necessary. 
Do not expect the chalcone to immediately dissolve in the reaction medium; it 
will do so over the course of several hours as the aziridine product begins to 
precipitate. If you wish, you can occasionally magnetically stir the reaction 
mixture for 15-20 min during this intervening period. 
This completes Part A of the experiment. 


PART B 


Hise Isolation of Product. Add 15 mL of ice-cold water to the reaction mixture 
see hee and swirl for 5 min. Collect the solid residue formed in the reaction by vac- 


uum filtration on a Hirsch funnel. The product will appear as pale orange, 
very fine needles. There may also be a small amount of a more powdery yel- 
low material that should dissolve in three 1.0-mL washes with ice-cold 
water. Use the first wash to rinse the Erlenmeyer flask and transfer the rinse 
to the Hirsch funnel. Fine orange needles of the aziridine product will be 
deposited on the filter bed («). 


Purification and Characterization. Collect the orange needles, dry them 
to constant weight (under reduced pressure), and determine an evacuated 
melting point. Recrystallize the crude product from hot methanol (~10-20 mL). 
After crystallization has begun, cool the system further in an ice bath for 
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10-15 min to complete the collection. The purified aziridine is obtained as 
long, shiny, pale orange needles via Hirsch filtration. 

Weigh the trans-2-(4-nitrophenyl)-3-benzoylaziridine and calculate the 
percentage yield based on both the starting materials: erythro-2,3-dibromo- 
3-(4-nitrophenyl)propiophenone (Experiment [F3]), 4-nitrochalcone (Experi- 
ment [F2]), and 4-nitrobenzaldehyde (Experiment [F1]). Recheck the evacuated 
melting point, to see if further purification is required, and obtain an IR spec- 
trum. Compare the spectrum to that of a reference standard shown in Figure 7.8. 


OPTIONAL. Obtain the 'H NMR spectrum of the aziridine. Establish from this 
spectrum and the NMR data obtained in Experiment [F2] if any unreacted dibro- 
mochalcone still contaminates the aziridine sample that has been purified for use in the 
preparation of the photochromic target molecule. Determine the diastereomeric purity 
of your product, and determine that the aziridine product is indeed trans substituted. 


NOTE. Approximately 50 mg of purified product with a melting point within 2-4 °C 
of the literature value is the minimum quantity of intermediate suggested for con- 
tinuing the sequence on to Experiment [F4]. 
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RT & ABS — Backgroud Scans _4 Scans 16 
Acquisition & Calculation Time 42 sec Resolution 4.0 cm-! 


Sample Condition _solid Fs Cell Window 


Matrix Material KBr 


Figure 7.8 IR spectrum: trans-2-(4-nitrophenyl)-3-benzoylaziridine. 
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CHAPTER 7 Sequential Syntheses: The Transition from Macro to Micro 


ESTIONS 


. The synthesis of 1-cyclohexyl-2-phenyl-3-(4-phenylbenzoyl)aziridine from cyclohexylamine and 4’-phenylchalcone 


dibromide, gives a mixture of 47% of the cis isomer and 44% of the trans isomer. Chromatography on activated 
alumina yielded, in the first eluates, a crystalline material, mp = 118-119 °C while the final eluates produced a 
higher melting material, mp = 144-146 °C. The lower melting substance exhibited a c-¢ = 1656 cm ' while the 


higher melting compound had ¥c-o = 1686 cm '. Which product is the trans-substituted aziridine and which is 
the cis compound? 





Trans 


N-Haloaziridines have been found to possess an extremely high nitrogen inversion barrier. The isolation of the cis 
(I) and trans (II) isomers of 1-chloro-2-methylaziridine has been accomplished and they represent the first 
isolated inversion isomers of trivalent nitrogen. These inversion isomers appear to have remarkable stability. For 
example, 1-chloro-2,2-dimethylaziridine (III) retains configurational stability at temperatures as high as about 
135 °C! Make a list of the potential stereoisomerism available to structures I, II, and III. Use perspective drawings 
to illustrate each isomer and label the stereocenters by the R and S convention: 


H H H 
tse ac? ae 
NOS NOS NO’ 
= CH, E H = CH; 
cl cl cl 
I II II 


Another route to the effective synthesis of aziridines (III) is through the ring closure of the B-amino alcohol (I). 
The alcohol must first be converted to the B-amino hydrogen sulfate (II), which is the actual species that 


undergoes cyclization with strong base. Why is it necessary to convert the hydroxyl group into a hydrogen sulfate 
group prior to base treatment? 





on oF H 
H,SO + NaOH 
C.H.CHCH,NH, —-—> C,H,CHCH,NH, ~““*> c.H,—4 
I I Ul 


7-102. Aziridines are relatively reactive systems and undergo nucleophilic ring opening with the accompanying release 


of ring strain. Give a Fischer projection drawing of the expected product(s) of the reaction of N-ethyl-(2S,3S)- 
trans-2,3-dimethylaziridine (I) in aqueous ethyl amine: 





we H = 70% CH,CH,NH,, H,0O, 120 °C, 16 days . 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c0O7_421-538.qxd 11/16/09 1:58 PM Page 531 
EQA 


SEQUENCE F Introduction to Photochromism: The Synthesis of a Photochromic Imine 531 


BIBLIOGRAPHY 
Cromwell, N. H.; Cram, D. J. J. Am. Chem. Soc. 1943, 65, 301. Do Minh, T.; Trozzolo, A. M. J. Am. Chem. Soc. 1972, 94, 4046. 
Cromwell, N. H.; Mercer, G. D. J. Am. Chem. Soc. 1957, 79, 3819. Heine, H. W.; Hanzel, R. P. J. Org. Chem. 1969, 34, 171. 
Cromwell, N. H.; Barker, N. G.; Wankel, R. A.; Vanderhorst, P. J.; Heine, H. W.; Weese, R. H.; Cooper, R. A.; Durbetaki, A. J. J. Org. 
Olson, F. W.; Anglin, J. H. J: Am. Chem. Soc. 1951, 73, 1044. Chem. 1967, 32, 2708. 
Cromwell, N. H.; Hudson, G.V.; Wankel, R. A.; Vanderhorst, P. J. Heine, H. W.; Smith, III, A. B.; Bower, J. D. J: Org. Chem. 1968, 33, 1097. 
J. Am. Chem. Soc. 1953, 75, 5384. Padwa, A.; Clough, S.; Glazer, E. J. Am. Chem. Soc. 1970, 92, 1778. 
Cromwell, N. H.; Cahoy, R. P.; Franklin, W. E.; Mercer, G. D. J. Am. Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed., 
Chem. Soc. 1957, 79, 922. Wiley: New York, 2007, Chap. 10, p. 557 and references therein. 


A Photochromic Imine: 2-exo-6-exo-2,4-Diphenyl- 
6-(4-nitrophenyl)-1,3-diazabicyclo[3.1.O]hex-3-ene 


Common name: exo-2,4-diphenyl-6- (trans-4-nitrophenyl)-1,3- 
diazabicyclo[3.1.0]hex-3-ene 
CA number: [36799-57-2] 


CA name as indexed: 1,3-diazabicyclo[3.1.0]hex-3-ene, 
6-(4-nitrophenyl)-2,4-diphenyl-, (20,5B,68)- 


Purpose. This experiment completes the synthesis of the photochromic 
imine, which is incorporated into the diazabicyclo[3.1.0]hex-3-ene skeleton. A 
rare molecular system is obtained in which an aziridine ring is fused to an- 
other heterocyclic ring. You will explore the exceedingly interesting pho- 
tochromic properties of the target molecule. Microscale techniques are used 
during the conversion and isolation of this light-sensitive material. 


Prior Reading 


Technique 4: Solvent Extraction 

Liquid—Liquid Extraction (p. 72) 
Technique 5: Crystallization 

Craig Tube Crystallization (pp. 89-91) 


REACTIONS 


The Photosensitive Compound 





H Oo 
~ , NH,, PhCHO 
=O (N72 —————— 
=o Ny H H H,O*, NH,Br 
& 
Ph 
trans-2-(4-Nitrophenyl)-3-benzoylaziridine 2-exo-6-exo-2,4-Diphenyl-6-(4- 
nitrophenyl)-1,3-diazabicyclo[3.1.0]- 
hex-3-ene 
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Photoproduct 


4-NO,Ph H Bond heterolysis 





H 
Ph hv _ Ph 
Hi // 
CNH Ns as 
2 
Pk 4-NO,Ph Ph 
2-exo-6-exo-2,4-Dipheny]-6-(4-nitropheny]l)- syn-Azomethine-ylide 


1,3-diazabicyclo[3.1.0]hex-3-ene 


DISCUSSION 


This reaction completes the synthesis of the photochromic target molecule, 
which possesses the 1,3-diazabicyclo[3.1.0]hex-3-ene ring system. The 
substituted aziridine ring system formed in Experiment [F3] is condensed 
with benzaldehyde and ammonia to yield this bicyclic system. The reaction 
may be viewed as proceeding under anhydrous conditions via an initial re- 
action between the aromatic aldehyde and the base, aided by the ammo- 
nium bromide catalyst, to generate an imine as indicated in the following 








scheme: 
ce _ Br ‘NH, + Br C H,N*, Br 
OF :OH :OH NH 
Cj | | | | + NH, 
Ph—C—H + :NH, a H > Ph—C—H ey H > Ph—C—H H,O 
ee 
*NH, ‘NH, CNH + NHj, Br 
NH, H,N* al 
‘UNH, 
Aldehyde Hemiaminal Imine 


The imine is subsequently attacked by the aziridine nucleophile to yield an 
aminal, again catalyzed by the ammonium bromide as shown in the following 
scheme: 


4-NO,Ph H 
4-NO,Ph 4-NO,Ph 
Nee 
Aziridine HN ni + NH,Br 
Chant Br. ne N— 


HN: + is, ee 
3 a2 , Br ae 
H— dy H ae 
Imine 
Ph 


Aminal 
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Finally, the aminal undergoes an internal condensation involving ring 
closure by nucleophilic attack of the primary amine group on the carbon 
of the carbonyl followed by dehydration of the hemiaminal to yield the 
diazabicyclo[3.1.0]hex-3-ene ring system, again catalyzed by ammonium 
bromide. A reasonable scheme is shown below: 


4-NO,Ph 


N C.>Ph 
H N—H 
Ph 
Aminal 





2-exo-6-exo-2,4-Diphenyl]-6-(4- 
nitrophenyl)-1,3-diazabicyclo[3.1.0]- 
hex-3-ene 


The photochromic compound appears to interconvert in the solid state to a 
bright blue azomethine-ylide (I) by an electrocyclic ring cleavage. An ylide is a 
neutral species whose Lewis structure contains opposite charges on adjacent 
atoms. The atoms involved are carbon, and an element from either group 5A or 6A 
of the periodic table, such as N, P, or S. Of considerable interest is the fact that 
the photochemical process has been shown to give exclusively the syn isomer. 








conrotatory 


ring opening Ph 


4-NO,Ph 
I 


Blue azomethine-ylide 
(syn configuration) 
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This result is consistent with a conrotatory ring opening involving a symme- 
try-allowed concerted transformation in the ground state. Since orbital symme- 
try requires a disrotatory ring opening from an excited state in these aziridines, 
the photochemically induced formation of the syn-azomethine-ylide (which 
is isoelectronic with the allyl anion) has been proposed to proceed via a dark 
reaction in which electronically excited states internally convert to vibrationally 
excited ground states. Indeed, evidence supporting this mechanism comes 
from the thermochromic behavior (a ground-state process) of the close relative 
6-exo-2-dimethyl-4-diphenyl-6- (4-nitrophenyl)-1,3-diazabicyclo [3.1.0]-hex- 
3-ene (II), which when heated to 150 °C turns the same bright blue color (III). 


Ph AA Ph 
W/ 150 °C ) Y 
CH se CH 


CH, 4-NO,Ph CH, 


II III 
Blue azomethine-ylide 
(syn configuration) 


Exposure to light from tungsten lamps will not photochemically induce 
the ring-opening step. Most laboratories, however, are illuminated by fluo- 
rescent lights that emit small amounts of short wavelength radiation at the 
edge of the ultraviolet region (a wavelength long enough to not be ab- 
sorbed by Pyrex glass), which will initiate the photochemical reaction. It is 
important to recognize that the azomethine-ylide photoproduct is a highly 
reactive species. Thus, if it is formed in solution where it can easily interact 
with other species, it rapidly decays to various byproducts, generally turning 
the solution yellow (not blue). It appears that if the ylide is produced in an 
environment that isolates it from other molecules, the system is stable and, 
given enough time, it will slowly revert to the diazabicyclic starting material. 

The crystalline state is the ideal solution to this problem. Thus, when the 
nearly colorless, solid imine is irradiated, it turns bright blue. The neighbors to 
any ylide in the crystal can be either the ylide itself or the diazabicyclo starting 
material. If colored material is then placed in the dark it will slowly revert to 
the colorless form once again. These molecular systems have been successfully 
cycled between the colorless and colored states many hundreds of times with 
little degradation of the crystalline material. Obviously, it is exceedingly im- 
portant that (a) you do not expose the imine to light when it is in solution dur- 
ing recrystallization (or at least that contact with light is kept to a minimum; 
working in a red-light darkroom would be ideal), and (b) recrystallizations 
should be carried out as quickly as possible, but obviously with care. Remem- 
ber, you have a lot of time invested in this product, so work as quickly as is 
consistent with avoiding a costly spill. 
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EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 





Physical Properties of Reactants 








Compound MW Amount mmol mp (°C) bp (°C) d 
trans-2-(4-Nitrophenyl)- 

3-benzoylaziridine 268.3 40mg 0.15 142-143 
Ethanol, absolute 800 pL 78.5 0.789 
Benzaldehyde 106.13 140 pL 1.37 178 1.045 
Ammonium bromide 97.95 14mg 0.14 452 sub 
Ammonia 17.03 Excess =33 











Reagents and Equipment. Weigh and place 40 mg (0.15 mmol) of the 
trans-2-(4-nitrophenyl)-3-benzoylaziridine synthesized in Experiment [F3] in 
a 15-mL screwcapped centrifuge tube containing a magnetic spin vane. Dis- 
solve the aziridine (20 wL of ELOH/mg of aziridine) and benzaldehyde (140 wL, 
1.37 mmol) in 800 wL of absolute ethanol. To this solution add 14 mg (0.14 mmol) 
of ammonium bromide (0.35 mg of NH,Br/mg of aziridine). Stir this mixture 
for 1 min and saturate the system with anhydrous ammonia (NHs) in the 
hood (see your instructor for directions on this addition). 





CAUTION: Anhydrous ammonia is a dangerous substance, particu- 
larly under pressure. The addition of this material to the reaction must 
be carried out in the hood under the direct supervision of the labora- 
tory instructor. 





Reaction Conditions. Gently bubble the ammonia gas through the reaction 
mixture until the system is saturated (until the reaction mixture cools off, ~5 min). 
Tightly cap the tube (Teflon liner), wrap it in aluminum foil, and stir the mixture for 
a minimum of 24 h. As in Experiment [F3], the reaction takes place at room tem- 
perature over a period of several hours. You can safely store the sealed reaction tube 
in your locker, protected from light with aluminum foil, for up to 1 week if necessary. 


Isolation of Product. After the 24-h period, remove the supernatant liquid 
by centrifuging the tube and then transferring the liquid by means of a 9-in. 
Pasteur filter pipet to a Craig tube. Dry the remaining crystals in a stream of 
nitrogen gas. Remove a small sample of the solid material from the centrifuge 
tube on a glass rod or spatula and expose this material to direct sunlight or 
fluorescent light. If the solid material slowly turns blue, you have successfully 
synthesized the photochromic product. Concentration of the solution in the 
Craig tube may yield further quantities of the azomethine product. Weigh the 
tube and determine your percentage crude yield. 


Purification and Characterization. Recrystallize the crude product in the 
dark or red light (best) or with the laboratory lights off from hot 95% ethanol. 
Dissolution may require as much as 10 mL of solvent and is best carried out in 
the centrifuge tube. After cooling the centrifuge tube in ice and scratching the 
sides with a glass rod to induce crystallization, centrifuge the system, and re- 
move the mother liquors with a Pasteur filter pipet. Dry the white (or near 


—p— CONFIRMING PAGES 


HOOD 


HOOD 


ag aptara 


EQA 


JWCL196_c07_421-538.qxd 11/16/09 1:58 PM Page 536 
EQA 


536 CHAPTER7 Sequential Syntheses: The Transition from Macro to Micro 


white) crystals using a stream of nitrogen gas (crystals should be white if the 
recrystallization is done without fluorescent lights or sunlight). 


NOTE. The photoproduct is an azomethine-ylide that is highly reactive. It is wise, 
therefore, to reduce the time that the material is in solution to a minimum, and to 
protect, while in solution, the contents of the capped centrifuge tube from light as 
much as possible. Once in the crystalline state, the large majority of the pho- 
tochromic reactions take place in an environment in which the azomethine-ylide 
is protected from further reaction and thus, given the opportunity (in the dark), 
the ylide will slowly recycle back to the diazabicyclic precursor with little loss. 


After removing the mother liquors and drying the purified photochromic 
product, determine an evacuated melting point. (The diazabicyclic intermedi- 
ate substance is oxidatively sensitive and will decompose during atmospheric 
melting point measurements.) Be alert to color changes during the melting 
point determination. 

Compare your results with the literature value of 169-172 °C. Obtain an 
infrared spectrum (if using a KBr disk, prepare in the dark or red light) of the 
white form of the product. Compare your spectral data to that of the reference 
standard shown in Figure 7.9. Then expose the disk to a bright fluorescent 
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Figure 7.9 IR spectrum: photochromic imine. 
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light for 1 min and redetermine the infrared spectrum. What does a compari- 
son of the two experimentally derived spectra tell you about this photochem- 
ically induced reaction? 

Store the remainder of your azomethine—ylide in a clean, sealed vial, 
flushed with N>, and protected from light. By your next laboratory period this 
material should be colorless. 


QUESTIONS 


7-103. The heavily halogenated napthalenones were synthesized well over 100 years ago, but the structural details were 
sorted out less than 20 years ago. The compound, 2,3,4,4-tetrachloro-1-(4H)-naphthalenone (I), was discussed in 
the introduction to this sequence as an example of a substance that gains its photochromic activity by bond homo- 
lysis. In the synthesis of I two tetrachloro isomers were originally isolated. Compound I has photochromic activity 
while the second isomer (II) is simply a yellow-colored material. The structure of II has been determined to be 
2,2,3,4-tetrachloro-1-(2H)-naphthalenone. A key piece of physical evidence that allowed the assignment of the 
structures was the infrared frequencies of the carbonyl groups. These frequencies were found to be 1701 and 
1675 cm’ '. Which wavenumber value belongs with which structure? 


O O 
Cl Cl 
en, Oss 
Cl Cl 
Cl Cl Cl 
I II 


Explain your reasoning. 

7-104. Explain why the neutral aziridine ring system is isoelectronic with the cyclopropyl carbanion. 

7-105. As shown in Question 7-104, the aziridine ring system is isoelectronic with the cyclopropyl anion. Based on the the- 
ory of electrocyclic reactions these even-number m-electron-pair systems would be expected to undergo photochemi- 
cal ring-cleavage in disrotatory fashion. Huisgen et al. have shown that in dimethyl 1-(4-methoxy-phenyl)aziridine- 
trans-2,3-dicarboxylate (I), upon photochemical excitation the ring opens to a 1,3-dipolar azomethine-ylide in a 
disrotatory cleavage that can be trapped by the addition of dimethyl acetylenedicarboxylate, which acts as a 
dipolarophile: 


H 
CO,CH, 


\ 
CH,0,C°% 4 
H 


I 


(a) Give a perspective drawing of the expected adduct. 

(b) Give a perspective drawing of the expected adduct that would be formed from the blue azomethine ylide formed 
from our photochromic imine. 

(c) Is the relative stereochemistry the same in the two adducts in a and b? Explain. 

7-106. The dramatic change in color that occurs when the diazabicyclo[3.1.0]hex-3-ene ring system isomerizes on 
exposure to long wavelength UV radiation is related to what structural or electronic changes (or both) in the pho- 
tochemically induced system? 

7-107. Discuss the following: 

(a) What role does ammonium bromide play in the conversion of the trans-substituted aziridine to the 
diazabicyclo[3.1.0]hex-3-ene derivative? 
(b) Why is this particular bromide salt used? 
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INFRARED SPECTROSCOPY 





The wavelike character of electromagnetic radiation can be expressed in terms 
of velocity v, frequency v, and wavelength A of sinusoidally oscillating electric 
and magnetic vectors traveling through space (Fig. 8.1). Frequency is defined 
as the number of waves passing a reference point per unit time, usually ex- 
pressed as cycles per second (s_') or hertz (Hz). The velocity of the wave, 
therefore, equals the product of frequency and wavelength: 





VU=vN 


If the wavelength (the distance between the wave maxima or alternate 
nodes) is measured in centimeters, v is expressed in centimeters per second 
(cm/s). For radiation traveling in a vacuum, v becomes a constant, c (c ~ 3 X 
10'° cm/s), for all wavelengths. When electromagnetic radiation traverses 
other media, however, the velocity changes. The ratio of the speed in a 
vacuum, c, to the matrix velocity, v, is termed the refractive index, n, of the 
material: 


wee 
v 
Since n is frequency dependent, the frequency at which the refractive in- 
dex is measured must be specified. Frequency, however, has been shown to be 
independent of the medium and, therefore, remains constant. Wavelength 
thus varies inversely with n. 


Since the velocity of electromagnetic radiation in a vacuum is normally 
greater than that in any other medium, n will generally be greater than 1 at all 
frequencies. Thus, the wavelength must become shorter for a particular fre- 
quency when measured in any matrix. 

Frequency can be considered to be a more fundamental property of radia- 
tion because it is independent of the medium. This property also requires that 
the energy E associated with the radiation be matrix independent because E is 
directly proportional to frequency by 


E = hp 


Chapter 8: CsH, Cubane 
Eaton and Cole (1964). 
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Figure 8.1 Electromagnetic wave. 
H, magnetic field; E, electric field; 
A wavelength. 


where E equals the energy of a photon, which is related to frequency v by 
Planck’s constant (h) (6.6 X 10°” ergs or 6.6 X 10 **Js). 

The vibrational states present in molecules can be excited by absorption of 
photons. The nuclear masses and bond force constants determine the separa- 
tion of these states and, therefore, the energies of the photons involved in the 
absorption process. The corresponding radiation frequencies fall predominantly 
in the IR region (10'*-10'* Hz) of the electromagnetic spectrum. 

The IR spectrum is currently measured in wavenumbers, v, which are units 
proportional to frequency and energy. The wavenumber is defined as 


~ Dv E 
ypz=- = 
Cc he 
and as 
C ~1 
p=— then in air p=— 
nn IN 


The wavenumber, as expressed in units of reciprocal centimeters (cm ') 
(the number of waves per centimeter), offers several advantages: 


1. Wavenumbers are directly proportional to frequency and are expressed 
in much more convenient numbers (in this region of the spectrum), 
5000-500 cm™'. 

2. As shown above, wavenumbers are easily converted to wavelength val- 
ues. The reciprocal of v and conversion of centimeters to wavelength units are 
all that is required (this is particularly handy because much early IR data were 
recorded linearly in wavelength). The wavelength unit employed in most of 
these spectra was the micron, 1. (1 X 10 * cm). The micron has been replaced 
by a unit expressed in meters, the micrometer, um (1 ym = 1 X 10° m). 

3. Because the wavenumber is directly proportional to frequency and 
energy, the use of wavenumbers allows spectra to be displayed linearly in energy, 
which is a distinct aid in sorting out related vibrational transitions. For an intro- 

www)» ductory discussion of vibational energy see Chapter 8W, IR section, Part I. 


INTRODUCTION TO GROUP FREQUENCIES: 
INTERPRETATION OF INFRARED SPECTRA 


Studies of the vibrational spectra of thousands of molecules have revealed that 
many of the normal modes associated with particular atomic arrangements 
may be transferred from one molecule to another. A normal mode of vibration 
is one of the residue fundamental vibrations of a molecular system in which the 
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atomic displacements are all related by simple harmonic motion to the overall 
total vibrational motion (or vibrational energy) of the molecule. There are 
3N — 6 (where N = the number of atoms) normal modes (or fundamental 
vibrations or vibrational degrees of freedom—all these terms are essentially 
synonymous) present in all nonlinear molecules. Linear molecules have only 
3N — 5 normal modes—in this case there is one more normal mode of vibra- 
tional energy present because a rotational degree of freedom has been lost. 
Rotation around the molecular axis involves no energy because the atomic 
nuclei are assumed to be point sources of matter. (For an introductory discus- 
sion of vibrational energy see Chapter 8W, IR section, Part I B.) www 

Operating under selection rules these normal modes of vibration give 
rise to absorption bands in the infrared region of the spectrum (see, for 
example, the infrared spectrum of n-hexane, Fig. 8.2, p. 544). In the analysis 
these modes are often assigned numbers. For example, the 30 modes of 
benzene (where N = 12 in the 3N — 6 expression) can be assigned 1 through 
30 or the numbering can be done using any one of anumber of different cri- 
teria. Subscripts a and b are often used to indicate doubly degenerate 
modes, that is, modes that have identical energies (and thus required to 
have the same frequency. One of the numbering systems for the benzene 
ring is used here when the aromatic ring stretching vibrations are identified 
(see Table 8.6 and Chapter 8W, IR section, Part II D, for a more detailed discus- www 
sion of normal modes). 

Many of these vibrational frequencies are associated with small groups 
of atoms that are essentially uncoupled from the rest of the molecule. The 
absorption bands that result from these modes, therefore, are characteristic 
of the small group of atoms regardless of the composition of other parts of 
the molecule. These vibrations are known as the group frequencies. Interpre- 
tation of infrared spectra of complex molecules based on group frequency 
assignments is an extremely powerful aid in the elucidation of molecular 
structure. 

The following four factors make significant contributions to the develop- 
ment of a good group frequency from a molecular vibration: 


1. The group has a large dipole-moment change during vibrational dis- 
placement. This change in moment is formally related to the efficiency of 
absorption of radiation during the molecular displacement by the expression 
Io(8/8Q)* (where I = intensity, ~ = electric dipole moment, and Q = the 
normal coordinate [a mathematical description of the vibration]). Thus, if 8/6Q 
is large, there is a large absorption of infrared radiation which gives rise to very 
intense bands (the intensity is dependent on the square of the moment change 
at that vibrational frequency). 

2. The presence of a large force constant, so that for many of these 
groups the stretching frequency occurs at high values above the fingerprint 
region. 

3. The fundamental mode occurs in a frequency range that is reasonably 
narrow (little coupling), but sensitive enough to the local environment to 
allow for considerable interpretation of the surrounding structure. 

4. The range of frequencies is determined by a number of factors that 
are now well understood in terms of the mass, geometric, electronic, 
intramolecular, and intermolecular effects (for an introductory discussion of 
these effects see Chapter 8W, IR section, Part III A). www 
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Strategies for Interpreting Infrared Spectra 


1. Divide the spectrum into two parts at 1350 cm 1. 


2. Above 1350 cm~', absorption bands have a high probability of being 
good group frequencies. The interpretation is usually reliable and free from 
ambiguities. We can be much more confident of our assignments in this 
region even with rather weak bands. 

3. Because of the reliability of the high-wavenumber region, we always 
begin the interpretation of a spectrum at this end. 

4. Bands below 1350 cm ' may be either group frequencies or finger- 
print frequencies. 

5. Below 1350 cm” ', group frequencies are less easily assigned. In addition, 
even if a reliable group frequency occurs in this region, absorption at that fre- 
quency is not necessarily a result of that mode. That is, fingerprint bands can 
also randomly occur in the same location as reliable group frequency bands 
and the observer cannot usually distinguish which type of band is present. 

6. To make more confident assignments below 1350 cm’, it is helpful 
to be able to associate a secondary property, such as band shape, with the 
particular mode. For example, it helps to know whether the band is very 
intense, broad, sharp, occurs as a characteristic doublet, gives the correct fre- 
quency shift on isotopic substitution, or the like. 

7. A good rule to remember is that in the fingerprint region the absence 
of a band is more important than the presence of a band. If a band is absent, 
you can conclude with confidence that a reliable group frequency assigned 
to this region is absent and therefore the group must be absent from the 
sample. At the same time you also know that no interfering fingerprint bands 
occur in the region. 

8. Before beginning the interpretation, note the sampling conditions and 
determine as much other information about the sample as possible—such 
as molecular weight, melting point, boiling point, color, odor, elemental 
analysis, solubility, and refractive index. 

9. In the interpretation try to assign the most intense bands first. These 
bands very often will be associated with a polar functional group. 

10. Do not try to assign all the bands in the spectrum. Fingerprint 
bands are unique to a particular system. Occasionally, intense bands will 
be fingerprint-type absorptions; these bands, generally, will be ignored in 
the interpretation. Fingerprint bands do, however, play an important role 
when infrared data are employed for identification purposes. 

11. The correlation chart (back endpaper) can act as a helpful quick aid for 
checking potential assignments. It is not a substitute for understanding the 
theory and operation of group frequency logic. The use of the correlation chart 
without a good knowledge of group frequencies is the shortest path to disaster!* 

12. Try to utilize the so-called macro group frequency approach. That is, if 
the functionality or molecular structural group requires the presence of more 
than a single group frequency vibrational mode, make sure that all modes 
are correctly represented. The macro frequency train represents a very power- 
ful approach to the interpretation of relatively complex spectral data. This 


"Bellamy, L. J. The Infrared Spectra of Complex Molecules, 3rd ed.; Chapman & Hall: London, 
1975, p. 3. 
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technique is at the core of current work on the automatic computer inter- 
pretation of infrared spectra. Contained in the product characterization 
section of the experiments given in Chapters 6 and 10W (online) are 12 
detailed discussions (in Chapter 6, Experiments [5A], [5B], [6], [7], [8], [11], 
[14], [19], and [20]; in Chapter 10W (online), Experiments [laa], [aay] and <{www 
[6,av]) that demonstrate the operational use of the macros. Careful reference 
to these discussions will be very helpful in the initial stages of learning these 
interpretation techniques. It should become relatively easy to extend this 
interpretive approach to other reactions by reference to common infrared 
library files. Practice using macro group frequencies will pay big dividends in 
the laboratory. This last suggestion is perhaps the most important strategy 
to master in learning to interpret infrared spectra. 


A SURVEY OF GROUP FREQUENCIES 
IDENTIFIED IN ORGANIC MOLECULES 


The useful group frequencies are listed in the following sets of tables. 


NOTE: A detailed description of the associated fundamental vibrational modes, dia- 
grams of the actual displacements of the atoms, along with associated spectra, may be 
found at Chapter 8W, IR section, Part II. It is highly advisable to study this material. www 


In the following tables the vibration motion of the localized sections of the 
molecules assigned to a particular group’s frequencies is often described using 
the following terms: 


1. Symmetric stretch or symmetric bend (deformation): Here the local group 
retains its symmetry during displacement. The symmetric bend of the 
methylene group, CH>, is often termed the scissoring bend, while the 
symmetric bend of a methyl group, CHs, is termed an umbrella mode— 
both descriptions imply the type of displacements that are taking place 
in the vibration. 

2. Antisymmetric stretch or bend (deformation): Here the vibrating system 
loses its symmetry during the vibration. The displacements involve a 
reflective (mirror image) displacement during the opposite phase of the 
simple harmonic vibration and the motion is termed antisymmetric 
rather than asymmetric. Antisymmetric bends (deformations) are often 
classified as twisting, rocking, and wagging vibrations. 

3. Some vibrations involving planar sections of the molecules are referred 
to as in-plane or out-of-plane. They can be either symmetric or antisym- 
metric in nature and if they involve the bending of all the displaced 
bonds of a set of atoms moving together in the same direction they will 
be termed all-in-phase. 

4. Degenerate vibrations are defined as the case where two or more molecu- 
lar vibrations are required to occur at the same frequency (see Chapter 8W, «(www 
IR sections, Part I B and Part I D3 for more details). 

5. Overtones (integral multiples of the fundamental mode frequency) and 
sum tones (the sum of two different fundamental modes) are forbidden 
bands that are almost always very weak. Occasionally these bands are 
good group frequencies. 
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Group Frequencies of the Hydrocarbons 


Alkanes Alkynes 
Alkenes Arenes 


Alkanes. The C—H vibrational modes of the alkanes (or mixed compounds 
containing alkyl groups) that are characteristic and reliable group frequencies 
are summarized in Table 8.1 (also see Chapter 8W, IR section, Part II A). 





























www 
These modes give rise to characteristic bands found in the infrared spec- 
trum of alkanes, such as in the spectrum of n-hexane shown in Figure 8.2. 
Alkenes C=C Stretching. It is possible to classify open-chain unsaturated 
systems into two groups, those with C=C stretching modes falling above 
1660 cm! and those with modes falling below 1660 cm~' as shown in 
www)» lable 8.2 (see also Chapter 8W, IR section, Part I B1). 
Alkenes C—H. Several fundamental modes associated with the alkene 
C—H groups are group frequencies and are summarized in Table 8.3. 
Alkynes. The group frequencies of the alkynes are summarized in Table 8.4 
www (see also Chapter 8W, IR section, Part II C). 
Table 8.1 Alkane Vibrational Normal Modes Table 8.2 Substitution Classification of C=C 
C—H Vibrational Modes > + 10 (cm ‘) Stretching Frequencies 
= ~ -1 
Methyl groups C=C Normal Modes vy (cm °) 
Antisymmetric (degenerate) stretch 2960 Trans-, tri-, tetrasubstituted 1680-1665 
Symmetric stretch 2870 Cis-, vinylidene- (terminal 1,1-disubstituted), 
Antisymmetric (degenerate) vinyl-substituted 1660-1620 
deformation 1460 
Symmetric (umbrella) deformation 1375 
Methylene groups 
Antisymmetric stretch 2925 
Symmetric stretch 2850 
Symmetric deformation (scissors) 1450 
Rocking mode (all-in-phase) 720 











100.00 |. 
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CH; (CH,),CH; : 


Sader Research Laboratories, Division of Bio-Rad Laboratories, Inc., (1993) 
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Figure 8.2 IR spectrum: n-hexane. 
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Table 8.3 Alkene Vibrational Normal Modes Table 8.4 Alkyne Vibrational Normal Modes 
C—H Vibrational Modes 7 + 10(cm') C=C, C—H Vibrational Modes b+ 10(cm') 
Stretching modes Triple-bond stretch (monosubstituted) 2120 
Antisymmetric stretch (—=CH,) 3080 Triple-bond stretch (disubstituted) 2225 
Symmetric stretch (—CH)) 3020 R—C=C—H bond stretch 
Uncoupled stretch (=CH2) 3030 (monosubstituted) 3300 
Out-of-plane bending modes 
Vinyl group 
Trans hydrogen atoms (in-phase) 990 
Terminal hydrogen atoms (wag) 910 
Vinylidene group (CH) 
Terminal (wag) 890 
Trans alkene 
Trans hydrogen atoms (in-phase) 965 
Cis alkene 
Cis hydrogen atoms (in-phase) ~700 
Trisubstituted alkene 
Uncoupled hydrogen atom 820 


Tetrasubstituted alkene: no vibrational 
modes seen in IR 








Arenes. The group frequencies of the phenyl group can be classified as carbon— 
hydrogen vibrations consisting of stretching and out-of-plane bending modes, 
plus carbon-carbon ring stretching and out-of-plane bending modes. The 
in-plane bending modes in both cases are not effective group frequencies. 

The wavenumber values for the all-in-phase C—H bending vibrations are 
presented in Table 8.5. 

The generalized group frequencies of the arenes are summarized in Table 8.6 
(see also Chapter 8W, IR section, Part II D). www 


Group Frequencies of Carbonyl Groups: C=O 


The carbonyl group is perhaps the single most important functional group in 

organic chemistry. It is certainly the most commonly occurring functionality. 

Infrared spectroscopy can play a powerful role in the characterization of the 

carbonyl because this group possesses all of the properties that give rise to an 

excellent group frequency. (Table 8.7; for an in depth discussion see Chapter 8W, «(www 
IR section, Part IIT A.) 





Table 8.5 Arene Out-of-Ring-Plane C—H Deformation Modes 


Arene Fundamentals (C—H bend) 
(Number of C—H groups directly adjacent) pv Range (cm +) 








5 770-730 
4 770-735 
3 810-750 
2 860-800 
1 900-845 
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Table 8.6 Arene Group Frequencies 

Arene Fundamentals > Range (cm ‘*) 
CH stretch 3100-3000 
C=C ring stretch (vg,) 1600 + 10 
C=C ring stretch (vgp) 1580 + 10 
C=C ring stretch (v9) 1500 + 10 
C=C ring stretch (v9) 1450 + 10 
C—H out-of-plane bend (1H) 900-860 
C—H out-of-plane bend (2H) 860-800 
C—H out-of-plane bend (3H) 810-750 
C—H out-of-plane bend (4H) 770-735 
C—H out-of-plane bend (5H) 770-730 
C—C ring out-of-plane bend (1; 1,3; 1,3,5-substituted) 690 + 10 
C—H out-of-plane bend sum tones 2000-1650 








Factors That Raise the C=O Frequency 


1. Substitution with electronegative atoms 
2. Decrease in C—CO—C internal bond angle 


Factors That Lower the C=O Frequency 
1. Conjugation 
2. Hydrogen bonding 


The major factors perturbing carbonyl frequencies can be summarized as 
follows: 


Several of these factors may be operating simultaneously, so careful judg- 
ment as to the contribution of each individual effect must be exercised in 

















Table 8.7 Carbonyl Group Vibrational Frequencies 
Compound b (cm *) 
Ketones, aliphatic, open-chain (R.CO) 1725-1700 
Ketones, conjugated 1700-1675 
Ketones, cyclic a 

Acyl halides >1800 

Esters, aliphatic 1755-1735 
Esters, conjugated 1735-1720 
Esters (conjugated to oxygen) 1780-1760 
Lactones a 
Anhydrides: aliphatic, open-chain 1840-1810 and 1770-1740 
Carboxylic acids, aliphatic 1725-1710 
Amides (see Tables 8.22-8.24) 
Lactams a 
Aldehydes 1735-1720 

“See Chapter 8W, IR section, Part III A. 
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Table 8.8 Vibrational Normal Modes of the Hydroxyl Group 





> (cm *) 


Intensity Mode Description 


Table 8.9 Substitution Effects on C—O 
Stretch of Aliphatic Alcohols 








3500-3200 


1500-1300 


1260-1000 
650 





O—H stretch (only strong when 
hydrogen bonded 
O—H in-plane bend 
(overlap CH, CH3 bend) 
C—C—O antisymmetric stretch 
O—H out-of-plane bend 


Very strong 
Medium strong 


Strong 
Medium 


Type of Alcohol De—o (em *) 





1075-1000 
1150-1075 
1200-1100 
1260-1180 


RCH»,—OH (primary) 
R,CH—OH (secondary) 
R3C—OH (tertiary) 
C.Hs—OH (phenol) 














predicting carbonyl frequencies. This judgment develops rapidly with prac- 
tice at interpretation. 


Group Frequencies of the Heteroatom Functional Groups 


(Alkanes) 
Alcohols 
Acyl halides 


Amines, primary Nitriles 


Isocyanates 


Fig. 8.2). 


Ketones Esters 


Anhydrides 


Aldehydes 
Carboxylic acids 


Thiols Halogens 


Ethers 
Amides, primary Amides, secondary 
Phenyl 


Hexane. Refer to Table 8.1 (see also Chapter 8W, IR section, Part II A, and 


Alcohols. A very intense band appears at ~3350 cm _', which is assigned to 


the stretching mode of the O—H group (Table 8.8; also see Chapter 8W, IR 


section, Fig. W8.24). 

Of particular importance is a strong band in the spectrum of aliphatic alco- 
hols usually located near 1060 cm” '. This absorption has been identified as the 
C—O stretching mode. The vibrational displacements of this fundamental are 


similar to the antisymmetric stretch of water (see Chapter 8W for a detailed dis- 


cussion of the vibrational modes of the water molecule). Since the vibration in- 
volves significant displacement of the adjacent C—C oscillator, the vibration 
will be substitution sensitive. These latter shifts can be of value in determining 


the nature of the alcohol (primary, secondary, or tertiary, see Table 8.9). 


Aldehydes. The aldehyde functional groups gives rise to several good group 


frequencies (Table 8.10; also see Chapter 8W, IR section, Fig. W8.25). 


Ketones. The only group frequency mode associated directly with aliphatic 
ketones is the stretching frequency (%.—,~1720 cm '), which occurs within 
the expected region as discussed above. There are, however, several other re- 


lated bands (Table 8.11; also see Chapter 8W, IR section, Fig. W8.26). 





Table 8.10 Vibrational Normal Modes of the Aliphatic Aldehyde Group 





D (cm +) 


Intensity Mode Description 





2750-2720 


1735-1720 
1420-1405 


1405-1385 





Weak to medium 


Very strong C=O stretch 


Medium 


Medium 


C(O)—H stretch (see also online 
Chapter 8W, IR section) 


CH, symmetric bend, 
—CH,— a to —CHO 
C—H in-plane bend 
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Table 8.11 Normal Vibrational Modes of Aliphatic Ketones 

D (cm +) Intensity Mode Description 

3430-3410 Very weak Overtone of carbonyl stretch 

1725-1700 Very strong C=O 

1430-1415 Medium —CH,— symmetric bend, 
—CH,—a to ketone C=O 


























Table 8.12 Vibrational Normal Modes of the Aliphatic Ester Group 

D (cm +) Intensity Mode Description 

1755-1735 Very strong C=O stretch 

1370-1360 Medium CH; symmetric bend a to ester C=O 

1260-1230 Very strong C—CO—O antisymmetric stretch 
—acetates 

1220-1160 Very strong C—CO—O antisymmetric stretch 
—higher esters 

1060-1030 Very strong O—CH,—C antisymmetric stretch 
—1° acetates 

1100-980 Very strong O—CH,—C antisymmetric stretch 
—higher esters (may overlap with 
upper band) 








Table 8.13 Vibrational Normal Modes of the Acyl Halide Group 








D (cm +) Intensity Mode Description 
1810-1800 Very strong C=O stretch, acyl chlorides 
1415-1405 Strong —CH,—symmetric bend, 








a to —COC]I carbonyl 





Esters 


The very strong band found at ~1745 cm’ ‘ is typical of the carbonyl frequency 
of an aliphatic ester, particularly aliphatic acetate esters (Table 8.12; also see 
Chapter 8W, IR section, Fig. W8.27). 


Acyl Halides. The carbonyl stretching mode dominates the spectrum in 
aliphatic acyl halides. In acyl chlorides it is an extremely intense band occur- 
ring near 1800 cm! (Table 8.13; also see Chapter 8W, IR section, Fig. W8.28). 


Carboxylic Acids. Acids, observed in the solid or pure liquid states, often 
possess a very intense band with a width at one-half peak height of about 
1000 cm", which covers the region 3500-2200 cm '. This absorption is char- 
acteristic of very strongly hydrogen-bonded carboxylic acid groups (Table 8.14; 
also see Chapter 8W, IR section, Fig. W8.29). 


Anhydrides. The coupling of the anhydride carbonyls through the ether oxy- 
gen splits the carbonyls (in the aliphatic case .—, = ~1830, 1760 cm‘) by 
about 70 cm | (Table 8.15; also see Chapter 8W, IR section, Fig. W8.30). 


Ethers. The large intensity associated with antisymmetric C—O—C stretching 
mode relative to the other bands occurring in this part of the fingerprint region, 
particularly in aliphatic compounds, makes it possible, in most cases, to assign 
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Table 8.14 Vibrational Normal Modes of the Carboxylic Acid Group 

D (cm *) Intensity Mode Description 

3500-2500 Very very strong O—H stretch intensified by 
hydrogen bonding 

2800-2200 Very weak Overtone and sum tones 

1725-1710 Very strong C=O antisymmetric hydrogen-bonded 
dimer stretch 

1450-1400 Strong CH,—CO—O antisymmetric stretch 
mixed with O—H bend 

1300-1200 Strong CH,—CO—O antisymmetric stretch 
mixed with O—H bend 

950-920 Medium Out-of-plane O—H bend, acid dimer 

Table 8.15 Vibrational Normal Modes of the Anhydride Group 

D (cm +) Intensity Mode Description 

1840-1810 Very strong C=O in-phase stretch 

1770-1740 Very strong C=O out-of-phase stretch 

1420-1410 Strong —CH,— symmetric bend a to C=O 

1100-1000 Very strong C—O stretch, mixed modes 














Table 8.16 Vibrational Normal Modes of the Ether Group 


D (cm *) Intensity Mode Description 








1150-1050 Strong C—O—C antisymmetric stretch, 
mixed mode 








with confidence the observed strong band (Table 8.16; also see Chapter 8W, IR www 
section, Fig. W8.31). 


Primary Amines. The spectra of these bases usually possess two bands 

(7x = ~3380, ~3300 cm‘) of medium-to-weak intensity. These bands 

are assigned to the antisymmetric and symmetric N—H stretching modes, re- 

spectively, of the primary amino group (Table 8.17; also see Chapter 8W, IR www 
section, Fig. W8.32). 


Nitriles. The very strong triple bond present in the nitrile group (as in the 
case of the alkynes) contributes to an unusually high stretching frequency, 
and the polar character of the group gives rise to very intense bands (Table 8.18; 
also see Chapter 8W, IR section, Fig. W8.33). www 


Primary Amides. The highly polar amide group leads to very strong hydro- 
gen bonding, which in turn leads to greatly intensified N—H antisymmetric 
and symmetric stretching modes (Vy = ~3375, ~3200 cm‘: see Table 8.19; 
also see Chapter 8W, IR section, Fig. W8.34). www 


Secondary Amides. The single N—H group present in secondary amides gives 
rise to a very strong band near about 3300 cm, which is indicative of strong 
hydrogen bonding. The drop in frequency from that of the primary —NH), scis- 
soring mode near 1600 cm’ allows for confident assignment of substitution on 
secondary amide groups (Table 8.20; also see Chapter 8W, IR section, Fig. W8.35). 
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Table 8.17 Vibrational Normal Modes of the Primary Amine Group 
D (cm?) Intensity Mode Description 
3400-3200 Weak to medium NH) stretch doublet, (antisymmetric 
and symmetric modes) 

1630-1600 Medium NH) symmetric bend 
820-780 Medium NH» wag 

Table 8.18 Vibrational Normal Modes of the Nitrile Group 

D (cm ~') Intensity Mode Description 

2260-2240 Strong C=N stretch, aliphatic 

2240-2210 Strong C=N stretch, conjugated 














Table 8.19 Vibrational Normal Modes of the Primary Amide Group 





D (cm?) Intensity Mode Description 





3400-3150 Very strong —NH, antisymmetric and symmetric 
stretching modes, hydrogen bonded 


1680-1650 Very strong C=O stretch, hydrogen bonded 



































1660-1620 Strong —NH) symmetric bend (overlap with C=O 
stretch) 
1430-1410 Strong —CH,—symmetric bend a to amide 
carbonyl 
750-650 Medium —NH), wag 
Table 8.20 Vibrational Normal Modes of the Secondary Amide Group 
D (cm?) Intensity Mode Description 
3350-3250 Strong —NH stretch, intensified by hydrogen bonding 
www 3125-3075 Medium Overtone N—H bend (see also) 
1670-1645 Very strong C=O stretch, hydrogen bonded 
www 1580-1550 Strong N—H in-plane bend (see also) 
1415-1405 Strong —CH,— symmetric bend a to amide C=O 
1325-1275 Medium C—N stretch mixed with N—H in-plane bend 
725-680 Medium N—H out-of-plane bend 
Table 8.21 Vibrational Normal Modes of the Amide Carbonyl: 
Solution and Solid-Phase Data 
Amide Dilute Solution (cm 7’) Solid (cm~') 
R—CO—NH, (primary) ~1730 ~1690-1650 
R—CO—NHR (secondary) ~1700 ~1670-1630 
R—CO—NRz (tertiary) ~1650 ~1650 











Studies of amide carbonyl frequencies in dilute nonpolar solution indicate 
that hydrogen-bonding effects are largely responsible for the low frequencies 
observed with primary and secondary amides, but play no role in tertiary 
amides (see Table 8.21). 
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Table 8.22 Vibrational Normal Mode of Table 8.23 Vibrational Normal Mode of 
the Isocyanate Group the Thiol Group 
> (cm *) Intensity Mode Description v(cm') Intensity Mode Description 
2280-2260  Verystrong §=—N=C=O antisymmetric stretch 2580-2560 Weak S—H stretch 
Table 8.24 Vibrational Normal Mode of Table 8.25 Vibrational Normal Modes of the Aryl 
the Alkyl Chloro Group Chloro Group 
> (cm~') Intensity Mode Description PD (cm +) Intensity Mode Description 
750-650 Strong C—Cl] stretch (see also) 3080 Medium C—H stretch, bonded to ring carbon 
1585 Strong Vgq Ting stretching 
1575 Weak Vgp Ting stretching 
1475 Strong Vio9q Ting stretching 
1450 Strong Vi9p Ting stretching 
747 Strong C—H all-in-phase, out-of-plane bend 
700 Strong C—CI stretch 
688 Strong Ring deformation 
1945, 1865, All weak Sum tones, out-of-plane C—H bends, 
1788, 1733 pattern matches monosubstitution 
of ring 








Isocyanates. The range of stretching frequencies observed for alkyl-substituted 
isocyanates is very narrow, ) = 2280 — 2260cm~', which implies little cou- 
pling to the rest of the system (Table 8.22; also see Chapter 8W, IR section, 
Fig. W8.36). 


Thiols. Although weak absorption is associated with the S—H stretching 
fundamental the band is generally found in a very open region of the infrared 
spectrum (Table 8.23; also see: Chapter 8W, IR section, Fig. W8.37). 


Alkyl Halides. The massive halogen atom is connected to the alkyl section 
by a fairly weak but highly polarized bond, which dictates that the C—X 


stretching frequency appears as an intense band at low frequencies (Table 
8.24; also see Chapter 8W, IR section, Fig. W8.38). 


Aryl Halides (Chlorobenzene). The final system to be considered in this sec- 
tion is the aryl halide, chlorobenzene. Based on the above assignments the group 
frequencies of the complete hydrocarbon portion and the heteroatom functional 
group can be assigned as in Table 8.25 (also see Chapter 8W, IR section, Fig. W8.39). 


INFRARED SPECTROSCOPY 
INSTRUMENTATION AND 
SAMPLE HANDLING 


Instrumentation 


The workhorse infrared instrument used for routine characterization of mate- 
rials in the undergraduate organic laboratory is the optical-null double-beam 
grating spectrometer (Fig. 8.3a). For a discussion of double-beam spectrome- 
ters, see the UV-vis instrumentation discussion (p. 604). Although many 
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Frequency scale 


Paper line-up mark 


Paper 
hold-down clip 


Sample beam aperture 
Reference beam aperture 


Figure 8.3a The Perkin-Elmer 
model 710B IR spectrometer. From 
Zubric, James W. The Organic Chem 
Lab Survival Manual, 7th ed.; Wiley: 
New York, 2008. (Reprinted by 
permission of John Wiley & Sons, 
Inc., New York.) 


infrared transmitting crystal with a 
high refractive index (ZnSe or Ge) 














sample 
Scan position indicator a 
Di dd eh 
Pen and transmittance 
scale (0-100% Tt Aj tA \ 
IRincidence transmitted 
IRradiation 


Figure 8.3b Attenuated Total 
Reflectance (ATR). 


Scan control 
Speed selector 
On-ofl switch 


undergraduate instructional laboratories still utilize this type of instrumenta- 
tion, the winds of change are blowing. ATR (attenuated total reflectance) 
FT-IRs and lower-cost FT-IR spectrometers, which both depend on computer 
manipulation of the spectral data, are becoming the infrared instructional 
instrumentation of choice. Two of the many benefits when using the more ex- 
pensive ATR FT-IR spectrometer are faster sampling and spectral reproducibil- 
ity. Even though ATR plates are prone to contamination, one key advantage 
when working with an ATR crystal (Fig. 8.3b) is that no sample preparation is 
required. This avoids the need to use KBr or mineral oil (Nujol) when working 
with solids! Many of the spectra utilized in the interpretive discussions 
(Chapter 8W, IR section) were generated on a prototype of this kind of 
infrared instrumentation, the Perkin-Elmer model 1600. 

This instrument can acquire 16 scans and carry out the required calcula- 
tions in 42 s. While the spectrum is being printed out(~40 s) the data on a sec- 
ond sample can be acquired. The 42-s acquisition data are significantly superior 
to those recorded by dispersive instruments that take from 5 to 8 min to scan 
a sample from 4000 to 600 cm~'. 

A short description of FT-IR spectrometers is included in the discussion of 
instrumentation on the website (Chapter 8W, IR section, Part IV). 


Sample Handling in the Infrared 


If not working with an ATR FT-IR, the standard techniques of sample prepara- 
tion employed to obtain infrared spectra of microscale laboratory products are 
the use of capillary films with liquids on NaCl (or AgCl) plates and the use of 
KBr disks and melts in solids. This, of course, assumes that for a spectrum to 
be obtained in the infrared region, the sample must be mounted in a cell that 
is transparent to the radiation. With an ATR FI-IR spectrometer, liquids and 
solids are placed in direct contact with the ATR crystal. Since glass and quartz 
absorb in this spectral region, cells constructed of these materials cannot be 
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OO NOT OVERTIGHTEN 


Two hex nuts 
on diagonal posts 
o = 
Top slides down 
over screw posts 


NaCl plate a One drop of sample 


Figure 8.4 IR salt plates and 


placed here ‘ 
NaCl plate holder. From Zubric, James W. 
The Organic Chem Lab Survival 
Four screw posts Manual, 7th ed.; Wiley: New 
Back plate ; 
fife into Holes York, 2008. (Reprinted by 
on spectraphotometer permission of John Wiley & 


Sons, Inc., New York.) 


used when working with spectrometers not utilizing ATR technology. Accord- 
ingly, alkali metal halides have large spectral regions of transmission in the 
infrared, as do silver halides. Sodium chloride is the most commonly used 
material in cell windows in infrared sampling. 


Liquid Samples. For materials boiling above 100 °C, the procedure is very 
simple. Using a syringe or Pasteur pipet, place 3-5 wL of sample on a pol- 
ished plate of sodium chloride or silver chloride or directly on the ATR crys- 
tal. If working with a NaCl or AgCl plate, cover it with a second plate of the 
same material and clamp it in a holder that can be mounted vertically in the 
instrument. Be sure that the plates are clean when you start and when you 
are through! Obviously, the sodium chloride plates cannot be cleaned with 
water. Silver chloride is very soft and scratches easily; it also must be kept in 
the dark when not in use because it darkens quickly in direct light. Spectra 
obtained in this fashion are referred to as capillary film spectra (Fig. 8.4). 


Solution Spectra and the Spectra of Materials Boiling Below 100 °C. 
These samples generally require a sealed cell constructed of either sodium 
chloride or potassium bromide windows. Such cells are expensive and need 
careful handling and maintenance. They are assembled as shown in Figure 8.5. 


Solid Samples using non-ATR Spectrometers. Solid powders could be 
mounted on horizontal sodium chloride plates, and the beam diverted 





Rubber guide 
Undrilled gasket 
Spacer window 





Quick stopper 
acting nut 


Figure 8.5 Sealed demountable cell or demountable cell with ports. (Courtesy of the 
Perkin-Elmer Corp., Norwalk, CT.) 
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Turn “top” bolt down 
to form pellet 


Barrel 
Sample on this bolt 
<=> “Bottom” bolt halfway in 


Figure 8.6 The KBr pellet mini- 
press. From Zubric, James W. The 
Organic Chem Lab Survival Manual, 
7th ed.: Wiley: New York, 2008. 
(Reprinted by permission of John 
Wiley & Sons, Inc., New York.) 


through the sample by mirrors. This procedure would make sample prepara- 
tion very easy for solids. Unfortunately, powders tend to scatter the entering 
radiation very efficiently by reflection, refraction, and molecular scattering. 
Some of these effects become rapidly magnified at higher frequencies, since 
they vary with the fourth power of the frequency. Thus, in solid-sample scat- 
tering a lot of energy is scattered away from the sample beam. This results in 
poor absorption spectra, as the instrument is forced to operate at very low 
energies. The detector cannot differentiate between a drop in energy from ab- 
sorption or one derived from scattering. 

For materials melting below 80 °C the simplest technique is to mount the 
sample between two salt plates and gently warm with a heat lamp until melt- 
ing occurs. With the fast acquisition times of interferometers, the melting point 
range is now as high as 100 °C and the spectrum can be obtained so rapidly that 
the sample does not have time to cool and crystallize. (Heated cells are used in 
research laboratories, but they are rather expensive and difficult to maintain.) 
For substances melting above 100 °C, the sampling routine most often em- 
ployed to avoid scattering problems is the potassium bromide (KBr) disk. 
Potassium bromide is transparent to infrared radiation in the region of interest. 
Most important, however, the KBr makes a much better match of the refractive 
indexes between the sample and its matrix than does air. Thus, reflection and 
refraction effects at the crystal faces of the sample are greatly suppressed. 

In the KBr method the sample (2-3 mg) is finely ground in a mortar, the 
finer the better for lower reflection or refraction losses. Then, 150 mg of previ- 
ously ground and dried KBr is added to the mortar and quickly mixed by stir- 
ring, not grinding, it with the sample. (Potassium bromide is very hygroscopic 
and will rapidly pick up water while being ground in an open mortar.) When 
mixing is complete the mixture is transferred to a die and pressed into a solid 
disk. Potassium bromide will flow under high pressure and seal the solid sam- 
ple in a glasslike matrix. Several styles of dies are commercially available. For 
routine use a die consisting of two stainless steel bolts and a barrel is the sim- 
plest to operate (see Fig. 8.6). The ends of the bolts are polished flat to form the 
die faces. The first bolt is seated to within a turn or two of the head. Then the 
sample mixture is added (avoid breathing over the die while adding the sam- 
ple). The second bolt is firmly seated in the barrel, and then the clamped as- 
sembly is tightened by a torque wrench to 240 in./Ib. After standing for 1.5 min, 
the two bolts are removed, leaving the KBr disk mounted in the center of the 
barrel, which can then be mounted in the instrument. After the spectrum of the 
sample is run, the disk can be retrieved and the sample recovered if necessary 
(Fig. 8.6). Always clean the die immediately after use. KBr is highly corrosive to steel. 

When infrared spectra are obtained, it is important to establish that the 
wavenumber values have been accurately recorded. Successful interpretation 
of the data often depends on very small shifts in these values. Calibration of 
the frequency scale is usually accomplished by obtaining the spectrum of a ref- 
erence compound, such as polystyrene film. To save time, record absorption 
peaks only in the region of particular interest (this applies only to dispersive 
instrument derived data). 


NOTE. Most of the infrared spectra found in the experimental sections of the text, 
which are Fourier-transform derived (Perkin-Elmer 1600), have been plotted on a 
slightly different scale than the other spectra presented in the text and on the web- 
site. The former spectra utilize a 12.5-cm~‘'/mm format below 2000 cm‘ and 
undergo a 2:1 compression above 2000 cm~' (25 cm '/mm). 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c08_539-628.qxd 11/16/09 4:59 PM Page 555 - 


Infrared Spectroscopy Instrumentation and Sample Handling 555 


QUESTIONS 


NOTE. Some of the following questions assume that the student is familiar with the infrared material 
contained on the website available to refer to if needed. www 


8-1. The form of the C—H out-of-plane bending vibrations of the vinyl group are shown below: 


+ = = + + + 
= me + = = + 
+ + _ 
vy v2 "3 


The first two vibrational modes give rise to excellent group frequencies, while the third fundamental does not lend 
itself to these correlations. 

(a) Explain the factors that lead to the third vibrational mode being such a poor group frequency. 

(b) Predict the location in the spectrum of the third fundamental vibration. 

8-2. In the figure below, the mass of the terminal hydrogen atoms on the acetylene is hypothetically varied from zero to 
infinity. The response of the C—H symmetric stretching (3374 cm‘) and triple-bond stretching (1974 cm~ ') modes 
to the change in mass is shown. 

(a) Calculate the expected deuterium isotope shift for the C—H symmetric stretching mode. Is the hypothetical value 
close to the calculated value? Explain. 

(b) Explain why the triple-bond stretching frequency is approximately 100 cm! higher for high-mass terminal 
isotopes (>100) than for the low-mass terminal isotopes (<3). 


7000 







Acetylene 
000 H—C=C—H 
Symmetric 
C-H 
stretching 


5000 


4000 


Po idm 


3000 


Hid Wd Lf? 1 2 4 100 #0) 40100 


8-3. Acetylene has two C—H groups. It will have two C—H stretching frequencies, the in-phase and out-of-phase 
stretching modes. The in-phase (symmetric) stretch occurs at 3374 cm‘ and the out-of-phase stretch at 3333 cm. 
Explain why the in-phase vibration is located at a higher frequency than the out-of-phase stretch. 

8-4. The carbonyl stretching frequencies of a series of benzoyl derivatives are listed below: 


O e “Hg (CO) 
CH 2 1677 
3 1686 
(CH,), 4 1687 
5 


1686 


Consider the ¥c—o of acetone at 1715 cm‘ as a reference frequency and identify the factors affecting 7c—o in the 
series of compounds listed. 


8-5. Explain how mass effects act to lower the carbonyl frequency, as well as how inductive and hyperconjugation effects 
act to raise the carbonyl frequency of aldehydes relative to ketones. 
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8-6. The carbonyl stretching frequency of aliphatic carboxylic acids in dilute solution is located near 1770 cm” '. This 
frequency is much higher than the carbonyl frequency of these substances when measured neat (~1720 cm” '). 
Also, it is considerably higher than the corresponding simple aliphatic ester value (1745 cm '). Explain. 

8-7. Ina number of cases, dipolar interactions control the frequency shifts found in carbonyl stretching vibrations. The 
table lists wavenumber shifts in going from neat to dilute nonpolar solutions. Explain the observed values. 




















Carbony! Dipolar Interactions” 
Compound Av (cm~') 
Acetyl chloride 15 
Phosgene 13 
Acetone 21 
Acetaldehyde 23 
N,N-Dimethylformamide 50 
“Shift measured between dilute nonpo- 
lar solution and neat sample. 





8-8. The antisymmetric —CH,—CO—O-—stretching vibration in carboxylic acids is heavily mixed with the in-plane 
bending mode of the O—H group. In alcohols these two vibrations seldom show evidence of mechanical coupling. 
Explain. 

8-9. Conjugation of the functional group in alkyl isocyanates has little impact on the antisymmetric —N==C—O 
stretching vibration located near 2770 cm” ' Explain. 

8-10. In the infrared spectrum of 2-aminoanthraquinone (I) two carbonyl stretching frequencies are observed at 1673.5 


and 1625 cm7!: 
O O 
COO a 
O O 


2-Aminoanthraquinone 1-Hydroxyanthraquinone 
I II 


OH 


(a) Assign carbonyl bands in the infrared spectrum to the carbonyl groups in structure I and explain your reasoning. 


2-Aminoanthraquinone ®Sadtler Research Laboratories, Division of Bio-Rad Laboratories, inc., (1993) 
Teaapen ae aoe whe vedheeethes = 
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IR spectrum: 2-Aminoanthraquinone, 
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(b) The infrared spectrum of 1-hydroxyanthraquinone (II) also exhibits two carbonyl frequencies, which are located 
at 1675 and 1637 cm '. Assign the carbonyl groups to the related absorption bands. Explain your reasoning. 


@Sadiler Research Laboratories, Division of Bio-Rad Laboratories, Inc., (1993) 





1-Hydroxyanthraquinone 
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IR spectrum: 1-Hydroxyanthraquinone. 


(c) The spectrum of 2-hydroxyanthraquinone exhibits a single carbonyl stretching frequency near 1673 cm” '. Explain 
why a single carbonyl band would be expected in the system and why this vibration is located at 1673 cm |. 


8-11. Suggest a possible structure for the hydrocarbon CgH,4, which has the infrared spectrum shown here: 
Is there more than one correct structure? 





Unknown, CeH,,4 ©Sadiler Research Laboratories, Division of Bio-Rad Laboratories, inc., (1993) 
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IR unknown spectrum: CsHi4. 


8-12. The hydroxylamine I can be oxidized by MnO, to the amide oxohaemanthidine (II). In dilute solution the carbonyl 
absorption band of II occurs at 1702 cm *. Explain this observation. 


OCH, OCH, 


O Ss 6. 2 ee 
(CrP CCA 
O 


OH 
I II 
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8-13. Identify the following alkenes. All samples were obtained from distillation cuts in the C, boiling range. 


@Sadder Research Labornories, Division of Bio-Rad Laboratories, Enc., (1993) 
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Infrared unknown spectrum c. (Courtesy of Bowdoin College.) 
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®Sadiler Research Laboratories, Division of Bio-Rad Laboratories, Ine., (1993) 
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Infrared unknown spectrum e. (Courtesy of Bowdoin College.) 


8-14. The infrared spectra of the three xylene (dimethylbenzene) isomers, and an additional aromatic hydrocarbon, are 


MOZrPaAgT—ZHteasa ££ 


given below. Assign the spectra to the isomers and suggest a potential structure for the remaining unknown 
substance. 


@Sadiler Research Laboratories, Division of Bio-Rad Laboratories, Inc., (1999) 
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@Sedtler Research Laboratories, Division of Bio-Rad Laboratories, Inc., (1993) 
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Infrared unknown spectrum D. 


@Sedtler Research Laboratories, Division of Bio-Rad Laborstories, Inc., (1993) 
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Infrared unknown spectrum d. 


CONFIRMING PAGES «eg aptara 


JWCL196_c08_539-628.qxd 11/23/09 9:22 AM Page 561 


—e— 


Nuclear Magnetic Resonance Spectroscopy 561 


8-15. The C—H stretching mode of chloroform (CHCls), which occurs at 3022 cm‘, is one of the rare exceptions to the 
3000-cm~' rule. What is the rule? Suggest an explanation for this exception. 


Aldrich Library of Infrared Spectra, Aldrich Chemical Co., Inc., 940 
West Saint Paul Avenue, Milwaukee, WI 53233. 3rd ed., 1981, 
12,000 spectra, 8 per page, in one volume arranged by chemi- 
cal type. 

Aldrich Library of FT-IR Spectra, Aldrich Chemical Co., Inc., 940 
West Saint Paul Avenue, Milwaukee, WI 53233. 2nd ed. 1997, 
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chemical type. 


For reviews on ATR FT-IR spectroscopy, see 
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tra. M.C.A. collection (Manufacturing Chemists’Association). S os 2001 93, 91. ‘ ‘ 
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For reports on the use of ATR FT-IR in the undergraduate 

laboratory, see 

Schuttlefield, J. D.; Grassian, V. H. J. Chem. Educ. 2008, 85, 279. 

Schuttlefield, J. D.; Larsen, S. C.; Grassian, V. H. J. Chem. Educ. 
2008, 85, 282. 


NUCLEAR MAGNETIC 
RESONANCE SPECTROSCOPY 


Nuclear spin 


Nuclear spin is an energy property intrinsic to a nucleus and analogous to the 
electron spin that plays such an important role in determining electron config- 
urations. Nuclear spin values are quantized, as are electron spins, and are rep- 
resented by I, the nuclear spin quantum number. Nuclear spin quantum num- 
bers range from 0 through 4 in increments of 3. The nuclei of greatest interest 
to organic chemists, the 1H, 8c, °F, and *!P nuclei, have spins of 5; the °C, 
'®O, and *’S nuclei have spins of 0 (and thus cannot be observed by nuclear 
magnetic resonance spectroscopy, NMR); the 7H (deuterium, D) and '*N nuclei 
have spins of 1. Since any spinning charged particle (or body) produces a mag- 
netic moment, a nucleus with a nonzero spin quantum number has a magnetic 
moment, w. 

Nuclear spin values are quantized because the nuclear angular momen- 
tum, and thus the nuclear magnetic moment, is quantized. When placed in an 
external magnetic field, nuclei orient their magnetic moments in certain ways 
with respect to the magnetic field, which is assumed to be aligned with the 
z axis of a Cartesian coordinate system. These orientations are referred to as the 
zcomponents of the nuclear magnetic moment, w,. For a nucleus with a spin of 
5, Wz May be +5 or —3. In general, for a nucleus of spin I, the w, takes quantized 
values from [—I, —I +1,..., 1 —1, I]; or (21 + 1) different values in all. For this 
discussion we will limit ourselves to nuclei with spin 3, since this is easier to 
describe, and since most nuclei of interest in organic chemistry are of spin 3. 

When placed in a static magnetic field of strength Ho, the magnetic 
moment, wz, of the spinning nucleus precesses about the magnetic field at a 


—p— 


CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c08_539-628.qxd 


11/16/09 


4:35 PM Page 562 an 


562 CHAPTER 8 Spectroscopic Identification of Organic Compounds 


frequency, v, such that v = yH/2m, where Hp is the strength of the applied 
magnetic field, and y is a characteristic property of the nucleus known as the 
gyromagnetic ratio. When a nucleus of spin 5 is placed in a magnetic field, the 
energies of the 4, = +3 and —3 states are separated, since in one spin state the 
nuclear magnetic moment is aligned with the applied magnetic field, and in 
the other spin state the nuclear magnetic moment is opposed to the applied 
magnetic field. 

The amount of separation of the two energy states, AE, is proportional to 
the magnetic field, and is given by the following expression: 


_ hyHo 
27 


AE = hy 

When nuclei in the magnetic field are exposed to radiation of the proper 
frequency, transitions between the two energy states are stimulated, and the 
nucleus is said to be in resonance, or to resonate. This transition occurs when the 
frequency and the energy difference are related by the Planck relation, AE = hy, 
and thus the sample will absorb energy of frequency v. The study of these en- 
ergy changes is known as nuclear magnetic resonance, or NMR, spectroscopy. 


INSTRUMENTATION 


In an NMR spectrometer, the magnetic field is provided by a large permanent 
magnet, electromagnet, or superconducting electromagnet. Commercially 
available NMR spectrometers have magnets with field strengths that range 
from 1.4 to 16.3 tesla (the earth’s magnetic field at its surface is roughly 
5 X 10 ° tesla), and thus operate at frequencies from 60 to 700 MHz for 
protons. In general, most spectrometers with an operating frequency above 
100 MHz use a superconducting electromagnet. 

Traditionally, NMR spectra were acquired either by holding the applied 
magnetic field constant and sweeping the radio frequency (rf), or by holding 
the rf constant and sweeping the applied magnetic field. Energy absorption by 
the sample was detected, and the result was the NMR spectrum, a plot of in- 
tensity (of energy absorption) versus frequency (or field). This instrumental 
technique is referred to as continuous wave, or CW, spectroscopy (Fig. 8.7). 
Over the last 20 years, however, it has been commonly replaced by pulsed, or 
Fourier transform (FT), NMR spectroscopy. Among many other benefits, FI- NMR 
spectroscopy allows very rapid acquisition of spectral data, which permits 
analysis of small samples and rare nuclei, such as ‘°C. 

The basic principles of FT-NMR spectroscopy can be qualitatively explained 
as follows. Take, for example, an NMR spectrum that contains a single peak at 
a given frequency. The graph of this spectrum (Fig. 8.8) is a plot of intensity ver- 
sus frequency. The same information can be conveyed by a plot of intensity ver- 
sus time that shows a cosine wave at the frequency described by the graph of 
the usual NMR spectrum. This is shown in Figure 8.9, and for a spectrum with 
a single frequency, this plot of intensity versus time is almost as easy to inter- 
pret as the usual NMR spectrum shown in Figure 8.8. 

Of course, it would be very difficult to determine the frequencies of many 
superimposed cosine waves from this kind of plot, and it would be at best 
awkward to interpret a complex NMR spectrum presented in such a fashion 
(Fig. 8.10). The use of the Fourier transform allows us mathematically to 
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Figure 8.7 Schematic of NMR spectrometer. (Reprinted with permission of John Wiley & 
Sons, New York.) 


Frequency 
Figure 8.8 Intensity versus frequency (usual NMR spectrum). 


Time 
Figure 8.9 Intensity versus time. 


Time 
Figure 8.10 Three-signal NMR spectrum: intensity versus time. 


interconvert these time domain (Fig. 8.10) and frequency domain spectra 
(Fig. 8.11). Fourier transform of the apparently complex spectrum in Figure 8.10 
gives the spectrum in Figure 8.11. It is then easy to see that there are actually only 
three different resonance signals contained in the time domain of the data of 
Figure 8.10. 


Instrumentation 563 


—p— CONFIRMING PAGES ~~ «eg aptara 


a Pl @) = 8:22/13:37 





JWCL196_c08_539-628.qxd 


11/16/09 


4:35 PM Page 564 an 


564 CHAPTER 8 Spectroscopic Identification of Organic Compounds 


Frequency 
Figure 8.11 Three-signal NMR spectrum: intensity versus frequency. 


90° pulse Precession 


FID 





Figure 8.12 Basic pulsed NMR experiment. 


Fourier transform NMR spectra are obtained by applying a short (~1—10 ms), 
high-powered pulse of rf energy to the sample (Fig. 8.12). This pulse affects all 
the nuclei to be observed. Before the pulse is applied, the equilibrium net nu- 
clear magnetization is aligned with the applied magnetic field, along the z axis. 
The coordinate system is presumed to be rotating about the z axis at the fre- 
quency of the rf pulse. The pulse, applied down the x axis, applies a torque to 
the nuclear magnetic moments and rotates them into the xy plane. At this 
point the pulse is turned off and the nuclear magnetic moments return to their 
equilibrium alignments. In the process, they precess about the z axis (applied 
magnetic field) in the xy plane and induce a current in a detector coil, which 
can be thought of as being aligned with the y axis. This current varies in a 
sinusoidal manner, and the observed frequency will be the difference between 
the resonance frequency of the nuclei and the frequency of the rf pulse. 

The detected signal, which is called the free induction decay (FID), is dig- 
itized and stored. For small organic molecules in a nonviscous solution, the 
FID will disappear after a few seconds, which corresponds to the time it takes 
the nuclei to regain equilibrium alignments after the rf pulse. Thus, an entire 
"H NMR spectrum can be obtained in approximately 2 s, in contrast to the 
10-15 min usually needed to obtain a CW spectrum. A major advantage of 
FI-NMR is that many spectra of a sample can be rapidly obtained and added to- 
gether to increase the signal-to-noise (S/N) ratio. Noise is presumably random 
about some zero level, so when many spectra are added together, the noise 
level is reduced, while real signals are reinforced when added. The S/N ratio is 
proportional to the square root of the number of spectra added together. Thus, 
one can obtain the 'H spectrum of a 10-mol sample in a minute or two. With 
FI-NMk it is possible to obtain spectra of isotopes that are insensitive and/or 
of low natural abundance, as well as spectra of large biological molecules in 
dilute solution. By adding a few hundred spectra together, an adequate '°C 
NMR spectrum of a 100-jmol sample can be obtained in about 20-30 min. 
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CHEMICAL SHIFT 


In a molecule, the magnetic field at a nucleus depends not only on Hg, the field 
generated by the instrument (the external field), but also on the magnetic 
fields associated with the electron density near the nucleus. Electrons are in- 
fluenced by the external field in such a way that their motion generates a small 
magnetic field that opposes the applied field, and reduces the actual field ex- 
perienced at the nucleus. This reduction is very small (relative to the external 
field) and is on the order of 0.001%, 10 ppm, for most protons, and about 200 ppm 
for '°C nuclei. Reduction of the external field is known as shielding, and it gives 
rise to differences in the energy separation for nuclei in different electronic 
environments in a molecule. The differences in the energy separation are 
known as chemical shifts. 

The magnitude of the chemical shift depends on the nature of the valence 
and inner electrons of the nucleus and even on electrons that are not directly 
associated with the nucleus. Chemical shifts are influenced by inductive effects, 
which reduce the electron density near the nucleus and reduce the shielding. 
The orientation of the nucleus relative to 7 electrons also plays an important 
role in determining the chemical shift. A proton located immediately outside a 
m-electron system (as in the case of the protons on benzene rings) will be sig- 
nificantly deshielded. In most molecules the chemical shift is determined by a 
combination of these factors. Chemical shifts are difficult to predict using the- 
oretical principles, but have been well studied and can usually be easily predicted 
empirically upon comparison to reference data. 

In an NMR spectrum, the absorption of rf energy is detected, as in Figure 8.13, 
where the energy absorption is shown for increasing frequency. In this exam- 
ple we illustrate the case with two different nuclei, A and X. Since A and X are 
different, they absorb energy at different frequencies while in the same applied 
magnetic field. 

The spectrum would be displayed as in Figure 8.14. The difference in the 
resonances is known as a chemical shift and is expressed in parts per million 
(ppm). The use of frequency units is cumbersome and is complicated because 


Signal 
strength 


«— Downfield Upfield —>» 
<— More deshielded More shielded —» 





Hp Hy H 


Figure 8.14 The spectrum for the 
system in Figure 8.13 as it would 
be displayed. It is conventional 





Figure 8.13 The energy splitting for two chemically different protons. The differ- to display the spectrum with 
ences between the A energy levels (solid lines) and the X levels (dashed lines) magnetic field strength increasing 
have been amplified for illustrative purposes. At 60 MHz, nucleus A absorbs to the right so that upfield (and 
energy at field H, and nucleus X absorbs energy at field Hy. Nucleus X is said more strongly shielded) is toward 
to be more strongly shielded than A. The resonance for X is said to occur the right and downfield (and 
upfield of that for A. deshielded) is toward the left. 
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Signal 
strength 
Separation equals Same 
coupling constant, J separation 





Chemical shift Chemical shift 
for A for B 


Figure 8.15 Spectrum of two 
chemically different protons that 
are coupled. 


Ho 


NMR spectrometers of different magnetic field strengths (and thus operating 
frequencies) are used. The use of ppm units allows direct comparisons of spec- 
troscopic data obtained on different instruments, when chemical shifts are ref- 
erenced relative to a reference compound whose chemical shift is arbitrarily 
defined as 0 ppm. The accepted reference standard for 'H and ‘°C NMR in or- 
ganic solutions is tetramethylsilane (TMS), (CHs)4Si. The chemical shift rela- 
tive to TMS is symbolized by 8. 

Tetramethylsilane is used as a reference substance for a number of rea- 
sons. It is more strongly shielded (Si is more electropositive than C) than most 
other protons and carbon atoms, and its resonance is thus well removed from 
other areas of interest in the NMR spectrum. Tetramethylsilane is inert and 
thus unlikely to react with the compound being analyzed, it is volatile (bp 26 °C) 
and thus easily removed after a sample has been analyzed, and its 12 identical 
protons per molecule provide a strong signal per molecule of TMS. 


SPIN-SPIN COUPLING 


In a molecule with several protons, the exact frequency at which a proton res- 
onates depends not only on the chemical shift of that proton, but also on the 
spin states of nearby protons. This occurs because the magnetic moments of the 
nearby protons can either shield or deshield the proton in question from the ap- 
plied magnetic field, depending on the orientation of the nearby magnetic mo- 
ments relative to the applied magnetic field. The extent of this perturbation is in- 
dependent of the applied magnetic field strength. The effect of the spin state of 
one nucleus on the resonance of another is known as coupling or splitting. 

The spectra resulting from spin-spin coupling depend on the types of nu- 
clei, the distance and geometry between the nuclei, the nature of the bonding, 
the electronic environment, and the total number of spin states possible. The 
latter may be illustrated by looking at the spectrum of an imaginary compound 
that has protons Ha and Hx on adjacent carbons, connected by three bonds: 
Ha—C—C—Hy (Fig. 8.15). In the first approximation we would expect one 
resonance for H, and one resonance for Hx, and the spectrum would resem- 
ble that shown in Figure 8.14. In the presence of coupling, the resonance for 
Hg splits into two signals, one of which corresponds to Hy, having p, = +3 
and the other to 4, = —3. The coupling effect is symmetric in that the Hy res- 
onance also splits into two resonances, one for each spin state of Ha. The mag- 
nitude of the separation of the Hy pair (a doublet) or the Hy pair (also a dou- 
blet) is known as the coupling constant, or J. It is usually expressed in 
frequency units (Hz), since J is independent of the magnetic field strength. 

A simple way to explain this is to consider the effect the two possible spin 
states of Hy have on the resonance frequency of Ha. The equilibrium popula- 
tion distribution of the two spin states in Hx is very close to 1:1, since AE is 
only about 10° cal/mol. Since Hy has a magnetic moment, there are then two 
slightly different magnetic fields at Hy. We thus see two signals for Ha, one for 
those Ha nuclei adjacent to Hy nuclei with wp, aligned with the applied mag- 
netic field, and one signal for those Ha nuclei adjacent to Hy nuclei with w, 
aligned opposed to the applied field. Coupling between protons connected by 
more than three bonds does occur, but its magnitude, J, is usually small and of- 
ten not directly observed in a usual NMR spectrum. 

The splitting becomes more interesting when there are several nuclei of 
one type. 1,1-Dibromoethane (CH3CHBr,) has three equivalent protons in the 
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Figure 8.16 Possible combinations of spin states for a methyl group. 


methyl group and one proton on the C-1 atom. The methyl group exhibits 
rapid internal rotation so that its three protons are equivalent. The chemical 
shift for the C-1 proton is 5.86 ppm and that for the methyl protons is 
2.47 ppm. Here we can see an example of decreased shielding resulting from 
the presence of electronegative substituents. Equivalent protons do not couple 
with one another (this is an important rule in interpreting spectra), but the 
methyl protons will affect the proton on C-1, and vice versa. 

To analyze the splitting pattern, we need to consider the orientations of 
the nuclear magnetic moments, with respect to the applied magnetic field, for 
all three methyl protons. Since each of the three protons may have two spin 
states that are of nearly equal probability, there are 2° = 8 possible combina- 
tions of spin states in all for the methyl protons. The net sums of these may 
have only four different values, as shown in Figure 8.16. The symbol (+) is 
used to represent , = +3 fora single proton and (—) is used to represent 
wz = —35. Thus (+)(+)(—) means that protons 1 and 2 have p, = +5, while 
proton 3 has w, = —3. 

The number of different wr, states is (2N + 1), where N is the number of 
equivalent nuclei (of spin 3) Thus the three methyl protons can generate four 
slightly different magnetic fields, and the proton on the C-1 of CH3;CHBr, sees 
(in different molecules) four different magnetic fields. Since these different 
magnetic fields are not of equal probability, but rather are populated in a ratio 
of 1:3:3:1, the four signals we see for the proton on C-1 when coupled to the 
methyl group are of intensities 1:3:3:1, and are referred to as a quartet. This is 
shown schematically in Figure 8.17. 

Since the proton on C-1 has two possible spin states of nearly equal prob- 
ability, the protons of the methyl group experience two slightly different mag- 
netic fields and are observed in the spectrum as two slightly separated signals 
of equal intensity, or a doublet. The separation between each of the C-1 proton 
signals is the coupling constant, J, and will equal the J of the methyl signal. The 
proposed spectrum is shown in Figure 8.17b. The coupling constant in this 
case is about 7 Hz. The 60-MHz NMR spectrum of 1,1-dibromoethane is 
shown in Figure 8.17c. 


NOTE. The net effect of spin-spin coupling is that a proton (or group of equiva- 
lent protons) adjacent to N other protons will be observed as a multiplet with 
(N + 1) lines. 


A proton, or group of equivalent protons, may be coupled to more than 
one group of nuclei. The spectrum of 1-nitropropane (CH3CH,CH,NO,) is 
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Figure 8.17a The spectrum without any spin-spin coupling. 
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Figure 8.17b A “stick figure” spectrum indicating the expected intensities. 
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Figure 8.17c The actual 60-MHz spectrum of 1,1-dibromoethane. The TMS signal 
at 0 ppm is seen as well as a weak signal at 7.3 ppm, which is not from this 
molecule. 


shown in Figure 8.18. The signal from the central methylene (CH,) group is 
seen at about 2.0 ppm. Because the methylene group is adjacent to (and 
thus coupled to) five protons, its signal is a (5 + 1) or six-line multiplet—a 
sextet. 

Nuclei with spins of 1 or greater exhibit more complex spin-spin coupling, 
since they can exist in more than two different spin states. For a nucleus cou- 
pled to N nuclei of spin I, a multiplet of 2JN lines will be observed. Nuclei of 
spin zero do not couple. 
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Figure 8.18 The 60-MHz spectrum of 1-nitropropane. (Courtesy of Varian Associates, 
Palo Alto, CA.) Starting from the right, the TMS signal at 0 ppm is seen. Next is a 1:2:1 
triplet at 1.03 ppm. This triplet results from the protons on C-3 and their coupling with 
the two protons on C-2. Next is the sextet centered at 2.07 ppm. This multiplet is 
from the protons on C-2 and their coupling with the protons on C-1 and C-3. Finally, 
we have the signal from the protons closest to the nitro group centered at 4.38 ppm. 
These protons appear as a 1:2:1 triplet due to their coupling with the protons on C-2. 


INTENSITIES 


The area under an NMR peak is proportional to the number of nuclei giving 
rise to that signal. The intensity of a resonance is thus best determined by the 
integral of the NMR spectrum over a resonance, or group of resonances. Nu- 
clear magnetic resonance spectrometers can measure the integral, though in- 
tegration data from an FT spectrometer are less reliable than those from a CW 
spectrometer. In more complex spectra the intensities are useful as a measure of 
the number of protons of a given type. For instance, in the above case the integral 
over both peaks of the methyl group doublet will be three times the integral 
over the quartet of the proton on C-1. Integration can thus often provide use- 
ful information for determining the identity of a compound. 


SECOND-ORDER EFFECTS 


So far, all of our examples have consisted of first-order spectra. First-order 
spectra are those multiplets interpretable through elementary coupling analy- 
sis, such as that above; second-order spectra are those that are not inter- 
pretable in this manner. These highly symmetric and fairly simple first-order 
spectra are generally observed when the chemical-shift differences (expressed 
as a frequency) are much greater than the coupling constant. Second-order 
effects occur when the coupling constants become comparable to or greater 
than the chemical-shift differences. Thus, spectra obtained on instruments 
with higher magnetic fields are more likely to be first order, since the fre- 
quency differences between given signals increase with increasing magnetic 
fields. However, the chemical-shift differences (in ppm) remain the same re- 
gardless of magnetic field strength. 
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Second-order effects may be understood in qualitative terms by consider- 
ing the limiting cases. Let us consider the hypothetical disubstituted ethylene 
shown in Figure 8.19, where R and M are substituents that might be identical 
or may have very different effects on the alkenyl protons. In Figure 8.19a the 
spectrum is shown for the situation in which R and M have very different ef- 
fects. In this case we will observe a first-order spectrum consisting of two dou- 
blets. The coupling constant is the separation in the doublets, and the chemi- 
cal shift of each nucleus is the geometric midpoint of each doublet. 

In Figure 8.19b, groups R and M are identical. Ha and Hg are identical in 
this case and only a single resonance is observed (coupling between equiva- 
lent nuclei is not observed). 

In Figure 8.19c the difference in the chemical environment of Ha and Hg is 
very slight. The spectrum shown may be seen as intermediate between the 
limiting cases in Figure 8.19a and Figure 8.19b. Note that there is a“leaning in” 
of the doublets as the central members increase in intensity at the expense of 
the outer members. A full continuum of behavior may be expected with cases 
observed in which the outer members are lost in the noise and the central 
members take the appearance of a doublet. This would be one example of a 
class of spectra known as “deceptively simple spectra.” 

The second-order spectra of systems with more than two protons are dif- 
ficult to describe even in qualitative terms. Second-order spectra may well dis- 
play more lines than one would predict from simple coupling theory. Also, in 
second-order spectra, the coupling constants and the chemical-shift differ- 
ences may not be obtainable as simple differences in the positions of spectral 
lines. Thus, spectra obtained at high frequencies (and magnetic fields) are of- 
ten more useful. As the operating frequency of the instrument is increased, the 
chemical-shift differences (in frequency terms) increase while the spin-spin 
coupling remains constant. Thus, the complicating second-order effects are 
likely to be less noticeable in high-field spectra. The reader is referred to more 
extensive treatments of NMR for a discussion of second-order cases. 


R M 
Someel 
Ha Nig 


Hp Ha Ho 





Signal resonance 

Figure 8.19 Second-order effects. (a) The 

chemical-shift difference is much larger 

than the coupling constant and a first- 

ib) Ho order spectrum is observed. (b) Protons A 
and B are equivalent and a single reso- 
nance is observed. (c) The chemical-shift 
difference is of the same order of magni- 
tude or less than the coupling constant. 
Note the “leaning in” of the peak inten- 
sities in this spectrum relative to that in 

fe} Ho part a. 
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INTERPRETATION OF 'H NMR SPECTRA 


The first issues that must be addressed are molecular symmetry and the mag- 
netic equivalence or nonequivalence of protons or other functional groups. 
Even if two protons, or groups, are chemically equivalent, they may or may not 
be magnetically equivalent. Although molecular symmetry can often simplify 
NMkR spectra, one must be able to discern which protons or groups are equiv- 
alent by symmetry. The two most useful symmetry properties (or symmetry 
operators) are the plane of symmetry and the axis of symmetry. 

A plane of symmetry is simply a mirror plane such that one half of the 
molecule is the mirror image of the other half, as in meso-pentane-2,4-diol: 


HO OH 


H,C CH, 





meso-Pentane-2,4-diol 


The methyl groups are identical by symmetry, and one would expect this 
stereoisomer to show one methyl doublet in its 'H NMR spectrum and one 
signal for a methyl group in its '°C spectrum. 

Consider the other diastereomer of pentane-2,4-diol, the chiral d,/ isomer. 
This isomer has an axis of symmetry. If the molecule is rotated 180° about an 
axis in the plane of the paper passing through the central carbon, the molecule 
can be converted into itself: 


H,C CH, 
d,l-Pentane-2,4-diol 





Here, too, the methyl groups are identical by symmetry, and one would expect 
this stereoisomer to show one methyl doublet in its 'H NMR spectrum and one 
signal for a methyl group in its ‘°C spectrum. 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c08_539-628.qxd 


11/18/09 


12:45 AM Page 572 


—o— 


572 CHAPTER 8 Spectroscopic Identification of Organic Compounds 


It is, however, relatively simple to use NMR spectroscopy to distinguish be- 
tween these stereoisomers. To do this, look at the two methylene protons on the 
central carbon, C-3, of each isomer: 





The plane of symmetry in the meso isomer bisects each of the two protons. In 
the d,l isomer, the axis of symmetry interconverts the two protons. Thus, in the 
d,l isomer, the two methylene protons are equivalent by symmetry, but they are 
not equivalent in the meso isomer. This can also be seen by inspecting the mol- 
ecule. On the left, one H is syn to both —OH groups and the other is anti to 
both —OH groups. On the right, each H atom is syn to one —OH group and 
anti to the other. 

The more rigorous way to determine equivalence or nonequivalence is to 
determine whether the two protons (or groups) are homotopic (identical), di- 
astereotopic, or enantiotopic. Io compare two protons, we use the usual 
Cahn-Ingold—Prelog system for the nomenclature of stereoisomers. We artifi- 
cially distinguish the relative priority of two protons by a method such as draw- 
ing them in different colors or pretending that one is deuterium (as long as the 
molecule does not contain D). We draw the two possibilities (i.e., the first H as D 
and then the second H as D) and then determine the stereochemical relation- 
ship between the two: 








HO OH H H 
H,C % CH, H,C OH 
H H 
Diastereotopic Enantiotopic 
tT. pea 
H,C % CH, H,C OH 
H D 
Identical Diastereomers Enantiomers 
HO OH HO OH DH 
H,C % CH, H,C dz CH, HC OH 
DH DH 


If the two are identical, the two protons are identical, or homotopic. If the two 
structures are diastereomers, the two protons are diastereotopic, and if the two 
structures are enantiomers, the two protons are enantiotopic. Diastereotopic pro- 
tons, or groups, will be magnetically nonequivalent. Enantiotopic protons, or 
groups, will be magnetically equivalent only in an achiral environment and may 
appear nonequivalent in a chiral environment, such as a chiral solvent or in a bi- 
ological sample. Homotopic protons may or may not be magnetically equivalent. 
Of course, it is possible for magnetically nonequivalent signals to be so close to 
one another in the NMR spectrum as to overlap (accidentally degenerate). 
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Homotopic protons may be magnetically nonequivalent if the two protons 
have different coupling constants to the same third proton. The most common 
example of this occurs in para-substituted benzenes: 


OH 


Br 


By symmetry, H;, and Hj, are equivalent. These protons are not, however, 
magnetically equivalent because H,, and Hj, have different coupling con- 
stants to, for example, H»,, and the spectrum of this molecule may well be 
more complex than one would at first expect. 

The equivalence or nonequivalence of functional groups, as well as pro- 
tons, can easily be determined. The 'H NMR spectrum of menthol shows 
three methyl doublets, since the two methyls in the isopropyl group are di- 
astereotopic. The °C spectrum of menthol shows three distinct resonances for 
the three different methyl groups: 


Z-CH, 
H.C OH 


Menthol 


1H CHEMICAL SHIFTS 


Figure 8.20 summarizes the chemical shifts of protons in a large range of 
chemical environments. It is, however, a bit dangerous to use figures such as 
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Figure 8.20 NMR 1H chemical shifts. (From Zubrick, J. W. The Organic Lab Survival Manual, 
7th ed.; Wiley: New York, 2008. Reprinted by permission of John Wiley & Sons, New York.) 
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this one without understanding some of the factors that underlie shielding 
and the chemical shift. To give some flavor of the factors that determine chem- 
ical shifts and the range of values observed, we will briefly examine chemical 
shifts in methyl groups and chemical shifts for protons on sp* carbon atoms. 

Methyl groups bonded to an sp* carbon generally have chemical shifts in the 
range 0.8—2.1 ppm as long as there is no more than one electron-withdrawing 
group attached to the carbon. The shifts generally increase as the strength of the 
electron withdrawing group increases, or as more electron-withdrawing groups 
are added. Groups that inductively withdraw electrons reduce the electron density 
near the methyl group protons. This results in less shielding and a downfield shift 
of the methyl resonance. This effect is clearly seen in the spectra of 1-nitropropane 
and 1,1-dibromoethane (Figure 8.17c and Figure 8.18), respectively. The chemical 
shifts for methyl groups bonded to sp* carbon atoms fall in the range 1.6-2.7 ppm. 

In the case of a proton bonded to an sp* carbon, the location of the proton 
relative to the m cloud plays an important role in determining the chemical 
shift. In unconjugated alkenes the chemical shifts fall in the range 5-6 ppm. 
Where more than one proton is bonded to an alkene, complex second-order 
spectra can be expected at low operating frequencies since the coupling con- 
stants are usually fairly large relative to the difference in resonance frequen- 
cies. In aldehydes, RCHO, the increased electronegativity of the oxygen 
increases the deshielding and the chemical shift falls in the range 9-10.5 ppm. 

The chemical shift in an aromatic system is generally greater than that for 
alkenes. For example, the chemical shift of benzene is 7.37 ppm, which is sub- 
stantially greater than the 5.6 ppm for the alkenyl protons of cyclohexene. 
Much of this difference results from the “ring current” effect and the orienta- 
tion of the proton relative to the aromatic 7 electrons. If the ring substituents 
are not strongly electron withdrawing or electron donating, such as alkyl 
groups, the chemical shift for ring protons will not be shifted greatly from that 
of benzene itself. Furthermore, these substituents generate only small chemi- 
cal-shift differences among the ring protons. Thus, the 60-MHz spectra for 
toluene (methylbenzene) appears to have a single resonance in the aromatic 
region at about 7.1 ppm. If, on the other hand, the substituents are electron 
withdrawing, the ortho and para ring protons will be somewhat deshielded 
relative to benzene. Pi-electron-donating substituents, such as a methoxy 
group, will increase the shielding of groups ortho and para to it. 


SPIN-SPIN COUPLING 


Coupling information is the primary reason that 'H NMR is such a powerful 
tool for organic structure determination. Since coupling information is trans- 
mitted through bonds, coupling provides information about nearby protons 
and can often be used to deduce stereochemistry. 

The sign of the coupling constant (usually symbolized as J) may be posi- 
tive or negative. However, first-order spectra are not sensitive to the sign of 
the coupling constant. In second-order cases, the sign of J may be determined 
by a detailed analysis of the spectrum, though the sign of J is generally of little 
value for organic structure determination. 


Geminal Coupling 


Nonequivalent protons attached to the same carbon (geminal protons) will 
couple with one another. These coupling constants tend to be large (>10 Hz) 
for sp’ carbon atoms and small (<4 Hz) for sp” carbon atoms. Geminal coupling 
constants tend to decrease with decreasing ring size, because of hybridization 


—p— CONFIRMING PAGES 


aq aptara 


EQA 


JWCL196_c08_539-628.qxd 11/16/09 4:35 PM Page 575 a 


changes at carbon, and with the increasing electronegativity of the sub- 
stituents on a given methylene group. 


Vicinal Coupling 


Vicinal coupling describes the coupling over three bonds observed between pro- 
tons attached to two bonded carbon atoms, H—C—C—H. Vicinal coupling 
constants (J values) can range from near 0 to greater than 15 Hz, depending on 
the stereochemical relationship (dihedral angle) between the coupled protons, 
the hybridization of the carbon atoms, and the electronegativity of other sub- 
stituents. For vicinal protons on sp* carbon atoms, the coupling constant is related 
to the dihedral angle and is expressed graphically by the Karplus curve (Fig. 8.21). 

Though the magnitude of vicinal coupling is very sensitive to the angle of 
rotation about the central bond, in many simple cases nearly all coupling con- 
stants are equal. This situation is often the case if internal rotation about a C—C 
single bond can occur on a time scale that is very short relative to the NMR time 
scale, such as in acyclic systems. In these cases, the effect of internal rotation is 
completely blurred as far as NMR is concerned, and only an average coupling 
constant is observed. Vicinal coupling constants in freely rotating alkyl groups 
are usually observed in the 6.5- to 8-Hz range. 

When the central C—C bond between two coupled protons is a double 
bond, rotation is restricted and separate coupling constants for cis and trans 
protons may be observed. Cis coupling constants fall in the range 5-12 Hz, 
whereas trans coupling constants range from 12 to 20 Hz. As a result of these 
large coupling constants, second-order effects are often observed in substi- 
tuted alkenes in instruments of lower field strengths. 

When rotation about carbon-carbon single bonds is restricted, or when 
stereochemistry dictates significant conformational preferences, nonaveraged 
coupling constants may be observed that can complicate the appearance of the 
NMR spectrum. For example, two diastereotopic protons of a methylene (CH>) 
group may well each couple to a given third proton with different coupling 
constants. The familiar coupling explained at the elementary level suggests that 
if one proton is adjacent to, for example, two others, the NMR signal of the first 
proton will be a triplet. This simplification will be true only if the two coupling 
constants are identical. A triplet is merely a doublet of doublets with equal cou- 
pling constants, which gives rise to the familiar triplet with intensities of 1:2:1 
(Fig. 8.22a). A doublet of doublets, on the other hand, gives rise to a four-line 
multiplet with peaks of roughly equal intensity (Figure 8.22b). 
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Figure 8.21 The vicinal Karplus 
correlation showing the relation- 
ship between dihedral angle and 
coupling constants for vicinal 
protons. 
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Figure 8.22 (a) Triplet equals doublet of doublets with equal J values; (b) doublet of 
doublets. 


Long-Range Coupling 


Longer range coupling involving four or more bonds is common in allylic sys- 
tems and in aromatic rings and other conjugated m systems. These coupling 
constants are generally smaller than the values considered above (i.e., <3 Hz). 


EXAMPLES OF COMPLEX, 
YET FIRST-ORDER, COUPLING 


Ethyl Vinyl Ether 


The coupling constants of even a seemingly complex multiplet can be discerned 
in a relatively simple manner. First, the total width (outside peak to outside 
peak) of a first-order multiplet is equal to the sum of all the coupling constants, 
keeping in mind that, for example, a triplet of J = 7 Hz is really a doublet of dou- 
blets with both J values equal to 7 Hz. The expansion of the proton spectrum of 
ethyl vinyl ether is presented as an example in Figure 8.23. Integration data are 
displayed between the spectrum and the horizontal axis in Figure 8.234. 


H 


H ANON Hh 


H HH 
Ethyl vinyl ether 


Consider the multiplet centered at 6.45 ppm (Fig. 8.23b). By measuring the 
distance (in Hz) from either outside line to the next inner line, which is 6.8 Hz, 
the first coupling constant is determined. Then, by measuring from the outside 
line to the second line in, the second coupling constant is found to be 14.4 Hz. 
We know that this is the last coupling constant to be found for several reasons. 
First, if we measure from the outside line to the third line in, we get a value, 
21.2 Hz, which is equal to the sum of the previously determined coupling con- 
stants. Second, the width of the multiplet (the same measurement in this simple 
case) is equal to our two coupling constants. Thus, the NMR signal at 6.45 ppm 
is a doublet of doublets with J = 14.4 and 6.8 Hz. 

The two doublets of doublets at 4.15 and 3.96 ppm (Fig. 8.23c) must be cou- 
pled to one another because they both have the coupling constant of 1.9 Hz in 
common. This geminal coupling constant is typical of the terminal methylene 
of an alkene. 
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Since the proton at 3.96 is coupled to the proton at 6.45 ppm by J = 6.8 Hz, 
and the proton at 4.15 ppm is coupled to the one at 6.45 ppm by J = 14.4 Hz, 
the proton at 3.96 ppm must be cis, and the proton at 4.15 ppm must be trans, 
to the alkene proton at 6.45 ppm. 

The simple coupling observed for the ethyl group in ethyl vinyl ether can 
be readily assigned. The triplet at about 1.25 ppm, which integrates for three 
protons, is due to the methyl group; it is a triplet because the equivalent pro- 
tons of the methyl group are coupled to the two protons on the adjacent car- 
bon with equal coupling constants. The O—CH), protons are observed in the 
NMR spectrum as the quartet at about 3.75 ppm; they are a quartet because 
they are coupled equally to the three equivalent protons of the methyl group: 


1.25 ppm 


1.9 Hz H 14.4 Hz 
ako. —<—> Fy, A 


SX \O 
Hg SON Hp 


He \ He 


6.8 Hz 
3.96 | 3.73 ppm 
6.45 
Chemical shifts Ethyl vinyl ether Coupling constants 
Allyl Acetate 


For a more complex example, refer to the 'H NMR spectrum of allyl acetate 
(the NMR signal for the methyl group has been omitted) in Figure 8.24a. 


FI. 
Hg Ov CH, 


H, HpHp O 


Protons A, B, and C are all chemically distinct, and the two protons labeled 
D are equivalent to one another by symmetry (the plane of the paper). The 
multiplet at 4.58 ppm (Fig. 8.24d) corresponds to Hp and is a doublet of 
triplets. The coupling constant for the triplet is 1.4 Hz and the coupling 
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Figure 8.24a Allyl acetate in CDCI;. 
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Figure 8.24d Allyl acetate in CDCI; (expansion). 
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constant for the doublet is 5.8 Hz, which can be measured between any two 
corresponding peaks in the two triplets. 

The four quartets around 5.3 ppm (Fig. 8.24c) are actually two doublets of 
quartets at 5.32 and 5.24 ppm and correspond to Ha and Hs in the structure 
above. At 5.32 ppm, the multiplet is a doublet of quartets, J = 17.2, 1.5 Hz. At 
5.24 ppm, we have another doublet of quartets, J] = 10.4, 1.3 Hz. We see quar- 
tets because the long-range allylic coupling to the two Hp signals gives a 
triplet that has a coupling constant J that is approximately equal to the gemi- 
nal coupling constant (~1.4 Hz) between Hy, and Hg. Since NMR line widths 
are naturally several tenths of a hertz, it is not possible to distinguish between 
coupling constants such as these that differ only by 0.2 Hz. We can unambigu- 
ously distinguish H, and Hg by the magnitudes of their coupling constants to 
He, which are 17.2 and 10.4 Hz. Since trans coupling constants are larger than 
cis coupling constants, Ha must have the 17.2-Hz coupling constant to He 
and is thus assigned to the signal centered at 5.32 ppm. Since Hg is coupled to 
Hc by J = 10.4 Hz it is assigned to the signal centered at 5.24 ppm. 

Finally, we already know what the multiplet for He should look like, since 
we know all of its coupling constants. It is coupled to the two Hp protons with a 
coupling constant of 5.8 Hz, to H, with] = 17.2, Hz, and to Hg with J = 10.4 Hz. 
The multiplet for He at 5.93 ppm should be, therefore, a doublet of doublets of 
triplets with J = 17.2, 10.4, and 5.8 Hz, respectively. There should be 2 X 2 X 3 = 
12 lines and the width should be 17.2 + 10.4 + (2 X 5.8) = 39.2 Hz. There are 
indeed 12 lines (Fig. 8.24b) and the distance between the outside peaks is 
39.1 Hz, which is a perfectly reasonable deviation from the ideal: 
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Allyl acetate, chemical shift assignments 


J =17.2 Hz 





Allyl acetate, proton-proton coupling constants 


Since cyclohexane rings are often held in at most two potential conformations 
(both chairs), coupling constants may allow the determination of relative stereo- 
chemistry. On cyclohexane rings in chair conformations, the axial—axial coupling 
constants for vicinal protons (180° dihedral angle) are on the order of 9-12 Hz. 
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Equatorial-equatorial and equatorial—axial coupling constants (60° dihedral 
angles) are on the order of 2-4 Hz. Thus it is often a relatively simple matter to 
determine stereochemical relationships on a six-membered ring using NMR 
spectroscopy. 

Take, for example, the two diastereomers of 4-tert-butylcyclohexanol: 


OH 





Cis Trans 


We know that the very large tert-butyl group will effectively always be equato- 
rial. By examining the coupling to the methine proton of the alcohol, it is sim- 
ple to determine whether that proton is axial or equatorial. It is also possible to 
distinguish between these stereoisomers by using chemical-shift information 
(in one isomer the alcohol methine is seen at ~3.52 ppm and in the other at 
~4.04 ppm), but use of coupling information provides a far more definitive 
and unambiguous determination of stereochemistry. 

The alcohol methine proton in the cis isomer is equatorial and thus has a 
60° dihedral angle to all four adjacent protons that give rise to a pentet (which 
is really a doublet of doublets of doublets of doublets with equal coupling con- 
stants) with a coupling constant J = ~3 Hz, which is seen in Figure 8.25. 

The alcohol methine in the trans isomer is axial and thus has a 180° dihe- 
dral angle to each of the two adjacent axial protons and a 60° dihedral angle to 
each of the two adjacent equatorial protons. This arrangement gives rise to a 
triplet of triplets with J = ~13 and 3 Hz, which is shown in Figure 8.26. 


13¢ NMR SPECTROSCOPY 


With the advent of Fourier transform (FT) NMR spectrometers, '*C NMR 
spectroscopy is now available as a simple and routine tool for the structure de- 
termination of organic molecules. Since '°C is of low natural abundance 
(1.1%), addition of many spectra is required to obtain acceptable signal-to- 
noise (S/N) levels. With modern spectrometers, ‘°C spectra can often be 
acquired simply by issuing software commands; in some instruments a different 
probe is inserted into the magnet. Since ‘°C resonates at roughly 25% of the 
proton operating frequency of a spectrometer system, an instrument that 
acquires 'H spectra at 300 MHz will be reset to about 75 MHz for °C work. 

Generally, °C NMR spectra are acquired while the entire 'H frequency 
range is irradiated by a second rf coil inside the probe assembly. These spectra 
are referred to as broadband-decoupled '°C spectra and they do not show the 
effect of spin-spin coupling to 'H nuclei. Such decoupling is done because 
"H-'8C coupling constants can be quite large (a few hundred Hz) relative to 
chemical-shift differences, which leads to multiplets split over a large portion 
of the spectrum and subsequent confusion (Fig. 8.27). It is often simpler to see 
a single line for each distinct carbon atom in a molecule. Furthermore, irradi- 
ation of the 'H spectrum results in signal enhancement of the '°C signals of 
the attached carbon atoms. This enhancement is the nuclear Overhauser effect 
(NOE). 
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Figure 8.25 cis-4-tert-Butylcyclo- 
hexanol. 
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Figure 8.26 trans-4-tert-Butylcy- 
clohexanol. 
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Figure 8.27 Fully 'H-coupled ‘°C NMR spectrum of 5-(1-acetoxy-1-methylethyl)-2- 
methyl-2-cyclohexenone in CDCl. 


The ‘°C NMR chemical shifts follow the same rough trends as seen in 'H 
chemical shifts. ‘°C chemical shifts, however, are not nearly as amenable to pre- 
diction based on the electronegativity of substituents as are 'H chemical shifts. 
The °C chemical shifts are, in general, less sensitive to substituent electronega- 
tivities, and are far more sensitive to steric effects than are 'H chemical shifts. A 
brief listing of approximate '°C chemical shifts is provided in Table 8.26; a more 
extensive and thorough listing is available in the Silverstein et al. reference (Bib- 
liography). As in 'H NMR spectroscopy, TMS (Si(CH3),4) is used as the internal 
reference and the chemical shift of TMS is defined as zero. Except for functional 
groups such as acetals and ketals, sp*-hybridized carbon atoms appear upfield 
(to the right) of 100 ppm, and sp*-hybridized carbon atoms appear downfield of 
100 ppm. Common carbonyl-containing functional groups appear downfield of 
160 ppm. Aldehydes and ketones appear at 195-220 ppm; esters, amides, anhy- 
drides, and carboxylic acids appear at 165-180 ppm. 

Typical ‘°C NMR spectroscopy provides an NMR spectrum that is not 
amenable to integration because of the NOE and insufficient relaxation de- 
lays. Therefore, the number of carbon atoms giving rise to a given signal cannot 
generally be determined by these techniques. It is possible to obtain '*C NMR 
spectra that can be accurately integrated (inverse-gated decoupling), but this 
experiment requires a great deal of acquisition time to achieve adequate signal- 
to-noise levels. 

Information about C—H coupling can be readily obtained, however. Fully 
coupled ‘°C NMR spectra are not very useful for structure determination be- 
cause C—H couplings are large (~120-270 Hz, depending mainly on the hy- 
bridization at carbon) and multiplets tend to overlap. Furthermore, when the 
hydrogen atoms are not irradiated, there is no NOE, and the signal-to-noise 
ratio suffers significantly. The most common use for coupling information is to 
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Table 8.26 Approximate ‘°C NMR Chemical Shifts 
Functional Chemical Shift/ 
Group Carbon’ 5 (ppm) 
Alkyl carbon atoms ~5-45 
1° R—CH3 ~5-30 
2° R—CH,—R’ ~15-35 
3° R—CHR’R’” ~20-40 
4° RCR'R’R"” ~25-45 
Alkenyl carbon atoms ~110-150 
H,C=C ~100-125 
HRC=C ~125-145 
RR’'C=C ~130-150 
Aromatic carbon atoms ~120-160 
Alkynyl carbon atoms C=C ~65-90 
Nitriles R—C=N ~115-125 
Alcohols and ethers C—OH(R) ~50-75 
C—O (epoxides) ~35-55 
Amines C—N ~30-55 
Alkyl halides C—X ~0-75 
Carbonyl groups C=O ~165-220 
Ketones, aldehydes RCOR’, RCHO 195-220 
Carboxylic acids, esters RCO.H, RCO.R’ 165-180 
Amides, anhydrides RCON, RCO2OCR’ 160-175 
“R = alkyl group. 








determine the number of protons attached to a given carbon atom. This can be 
done in a variety of ways, some of which do not actually display the carbon 
signals as multiplets due to coupling to attached protons. 

Single-frequency off-resonance decoupling (SFORD) is a useful technique 
for determining the number of hydrogen atoms attached to a given carbon. 
The decoupler is tuned off to one side of the proton spectrum and the sample 
is irradiated at a single frequency giving rise to '°C spectra that show C—H 
couplings as a fraction of their actual values and that show a partial NOE. The 
apparent C—H coupling is dependent on both the actual coupling constant 
and the difference between the decoupler frequency and the resonance fre- 
quency of the hydrogen in question. The major disadvantage of SFORD is its 
low signal-to-noise ratio, which is due to two factors. First, there is only a par- 
tial NOE. Second, when NMR signals are split into multiplets, the signal 
intensity becomes distributed among several peaks. Thus, SFORD spectra 
require significantly more spectral acquisitions than do fully decoupled '*C NMR 
spectra, and to some extent have been replaced with distortionless enhance- 
ment by polarization transfer (DEPT) spectra. 

DEPT '°C NMR spectroscopy provides a rapid way of determining the 
number of hydrogen atoms attached to a given carbon atom. DEPT spectra 
result from a multiple-pulse sequence that terminates in a "read pulse,” which 
can be varied according to the spectrum desired. In DEPT spectra, all peaks are 
singlets; quaternary carbon atoms (without attached hydrogen atoms) are not 
seen in any DEPT spectra. In DEPT-135° spectra, CH and CH; groups appear 
as singlets of positive intensity, and CH, groups appear as negative peaks. The 
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Figure 8.28 Broadband ‘H-decoupled C NMR spectrum of 5-(1-acetoxy-1- 
methylethyl)-2-methyl-2-cyclohexenone in CDCl). 


DEPT-90° spectra show only CH groups, and thus allow CH; and CH groups 
to be distinguished. In combination with a routine fully decoupled spectrum, 
DEPT spectra allow unambiguous assignment of the number of hydrogen 
atoms attached to each carbon. In practice, such spectral editing techniques 
are not perfect, and small residual peaks are often seen where, in principle, 
there should be none; these are usually small enough to be readily distin- 
guished from the “real” peaks. 

The fully coupled ‘°C NMR spectrum of the acetoxy-enone (I) is 
shown in Figure 8.27, the broadband decoupled spectrum in Figure 8.28, 
and the SFORD spectrum in Figure 8.29. The DEPT-135° spectrum is 
shown in Figure 8.30, and the DEPT-90° spectrum in Figure 8.31. The 
1:1:1 triplet centered at 77 ppm is due to the solvent, CDCl3. 





—— TOO T T T T T r T T 1 t SESE IER 
aco 18¢ 160 140 120 Sen ao 60 40 at i] 
La] 


Figure 8.29 Single-frequency off-resonance decoupled (SFORD) “*C NMR spectrum 
of 5-(1-acetoxy-1-methylethyl)-2-methyl-2-cyclohexenone in CDCl. 
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Figure 8.30 The DEPT-135° spectrum of 5-(1-acetoxy-1-methylethyl)-2-methyl-2-cyclo- 
hexenone in CDC]. 
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Figure 8.31 The DEPT-90° spectrum of 5-(1-acetoxy-1-methylethyl)-2-methyl-2-cyclo- 
hexenone in CDC]. 
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Interpretation and assignment of the '*C NMR spectrum are much easier when 
we unambiguously know how many protons are attached to each carbon. 


O 
H,C 
os 
HC CHs Cy 
I 


The ‘°C NMR is often better than 'H NMR for distinguishing functional 
groups because typical '°C chemical shifts are in the range 0-200 ppm relative to 
TMS, as compared to 0-10 ppm for proton chemical shifts. Coupling between 
adjacent '°C nuclei is not observed (except in isotopically enriched samples) be- 
cause the probability of having two rare isotopes adjacent to one another is very 
small. Because of the absence of decoupling, '’C spectra are less complex than 'H 
spectra, and '°C spectra are often better suited for the detection and identification 
of isomeric or other impurities in a sample; it is easy for small peaks to be con- 
cealed underneath a complex second-order multiplet in the 'H NMR spectrum. 

The 300-MHz 'H spectrum of 4-cyclohexene-cis-1,2-dicarboxylic acid 
anhydride is shown in Figure 8.32. Owing in part to the presence of two stere- 
ocenters, as well as to long-range coupling through the 7 system of the 
alkene, the entire 'H spectrum is second order at this field strength, and no 
information is available from the coupling constants because the spectrum is 
too complex. Limited assignments to peaks could be made on the basis of 
chemical shift, but it would be difficult to make any statements regarding pu- 
rity of our sample based on the 'H NMR spectrum, because an impurity could 
easily be hidden underneath any of the complex signals. 

The '°C spectrum of 4-cyclohexene-cis-1,2-dicarboxylic acid anhydride 
(Figure 8.33) is much less complex. Because of the mirror plane of symmetry 
in the compound, there are only four different carbon atoms and thus only 
four lines are seen in the fully decoupled '*C NMR spectrum. This simplicity 
makes it easy to detect isomeric or other impurities in this sample. These im- 
purities were not as easy to detect in the ‘'H NMR spectrum. The 1:1:1 triplet 
centered at 77 ppm is due to the solvent, CDCl;. Although no 'H-'C 
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Figure 8.32 The ‘H NMR spectrum of 4-cyclohexene-cis-1,2-dicarboxylic acid 
anhydride in CDCl. 
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Figure 8.33 Broadband ‘H-decoupled *C NMR spectrum of 4-cyclohexene-cis-1,2- 
dicarboxylic acid anhydride in CDCI,. 


coupling is observed because of the 'H broadband decoupling, *H-'°C 
coupling is observed because 'H and 7H resonate at different frequencies. 


TWO-DIMENSIONAL NMR SPECTROSCOPY 


Two significant developments in NMR spectroscopy are the use of Fourier 
transform techniques, and the development of two-dimensional (2D) NMR 
spectroscopy. Two-dimensional spectra are obtained using a sequence of rf 
pulses that includes a variable delay or delays. A set of FIDs is acquired and 
stored. The variable delay is incremented by a small amount of time and a new 
set of FIDs are obtained and stored, and so on. At the end, the resulting matrix 
of FID data is Fourier transformed twice: once with respect to the acquisition 
time (as in normal FI-NMR) and second with respect to the time of the vari- 
able delay in the pulse sequence. The resulting data represent a surface and 
are presented as a contour plot of that surface. 

The most useful 2D spectra for organic compound identification are called 
correlation spectra. Correlation Spectroscopy (COSY) spectra are presented as 
a contour plot with routine proton spectra along both of the axes, as shown in 
the COSY spectrum of ethyl vinyl ether in Figure 8.34. The spectra along the 
axes are low-digital-resolution spectra and appear to be a bit different from 
those generated as usual NMR spectra. Note that the 2D spectrum is symmet- 
ric about the diagonal that runs from the lower left corner to the upper right 
corner. Every peak is represented by a peak along the diagonal and, in fact, the 
diagonal is the normal proton spectrum. Where the contour plot indicates a 
peak other than on the diagonal, the interpretation is that the corresponding 
peaks on the two axes represent protons coupled to one another. 

For example, draw a line down from the signal at 1.2 ppm on the horizontal 
axis. This line encounters the diagonal at 1.2 ppm and then there is a peak at 
3.7 ppm. By drawing a horizontal line over to the spectrum on the vertical axis, we 
can see that the peaks at 1.2 and 3.7 ppm are coupled to one another; these are 
the signals from the methyl triplet and methylene quartet of the ethyl group. 
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Figure 8.34 The COSY NMR spectrum of ethyl vinyl ether. 


We can also see that neither of these is coupled to the remainder of the spec- 
trum, which of course is the vinyl group. Each proton in the vinyl group is cou- 
pled to each of the others, as we can see in the COSY spectrum. For example, the 
signal at 4.2 ppm is coupled to both the signal at 4.0 ppm and the one at 6.4 ppm. 

It is possible to obtain 2D spectra that correlate the spectra of different 
nuclei, such as 'H and '°C. The heteronuclear correlation spectrum of ethyl 
vinyl ether is shown in Figure 8.35. The '°C spectrum is along the horizontal 
axis and the 'H spectrum is along the vertical axis. The peaks of the 2D 
spectrum indicate that the corresponding peaks on the axes represent a car- 
bon and a proton (or protons) that are directly bonded. By using this spectrum 
we can easily verify the ‘°C and 'H chemical-shift assignments below: 


1.25 ppm 


4.15 —— Hy | 


Hy SOL 


ey H. 
| 3.96 | 3.73 ppm 
86 14 ppm 
152 gg PP 6.45 
13C chemical shifts 1H chemical shifts 
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Figure 8.35 Ethyl vinyl ether ‘H—-“°C correlation spectrum. 


There are many other powerful 2D NMR spectroscopic techniques that 
can provide a wealth of information about molecular structure, even in organic 
molecules as large as proteins and nucleic acids. A few of the good texts that 
provide further information about these powerful tools are listed in the 
Bibliography. 


NUCLEAR MAGNETIC RESONANCE 
SAMPLING 


It is usually simple to prepare a sample of a small organic molecule 
(MW 500) for NMR analysis. For 'H NMR spectroscopy, the sample size 
compatible with CW spectrometers is in the range 30-50 mg dissolved in 
about 0.5 mL of solvent. Fourier transform spectrometers require only 2-3 mg 
of sample in the same volume of solvent. Most samples are measured in so- 
lution in thin-walled tubes 5 mm in diameter and 18-20 cm long. NMR 
sample tubes are expensive and delicate; they must be as perfectly straight, 
and have as perfectly concentric walls, as possible. The sample tube is filled 
to a depth of about 3 cm. Filling the tube to this depth maximizes sample 
concentration in the active part of the NMR probe, and thus the strength of 
the signal. Adding more solvent just wastes sample by dilution. The sample 
tube is spun about its axis in the instrument to average out small changes in 
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the tube walls and in the magnetic field strength over the sample volume. 
There must be enough solvent in the tube to ensure that the vortex, or 
whirlpool, created when the tube is spun, does not extend down into the 
portion of the tube where the rf coils in the NMR probe are active. Many 
instruments use a depth gauge that shows exactly where this area is. Glass 
microcells are now commercially available. An inexpensive microcell tech- 
nique for CW-NMKR spectrometers using ordinary 5-mm NMR tubes has 
been described.” 

The most practical NMR solvent is deuterochloroform (CDCla); it is rela- 
tively cheap and dissolves many different compounds. Handle this solvent 
with care, in the hood, because it is toxic! Many other deuterated solvents are 
commercially available, including acetone, methanol, and water. The univer- 
sally accepted internal reference compound employed in making these meas- 
urements is tetramethylsilane, Si(CH3)4 (TMS). The most convenient source of 
TMS is commercially available CDCls, which contains about 1% TMS for use 
with CW spectrometers (commercially available 0.03% solutions are more 
appropriate for FT spectrometers). 

The most significant problem in sample preparation is the exclusion of 
small pieces of dust and dirt, because they may contain magnetic material, 
which will result in poor spectra. Scrupulously clean samples of liquids can 
often simply be added to the NMR tube, followed by the solvent. Liquids 
containing visible impurities, and solids, are best prepared by dissolving 
the sample in about 0.3-0.4 mL of solvent in a small vial. The solution can 
then be filtered into the NMR tube through a Pasteur pipet plugged with a 
small piece of cotton, and the pipet can be rinsed with the NMR solvent to 
achieve the appropriate volume in the NMR tube. Since TMS is volatile 
(bp = 26.5 °C), the tube should be capped following addition, or the TMS 
will evaporate. If several people in a laboratory section are going to be 
obtaining NMR spectra, you will find that the spectrometer will be easier 
to tune with each new sample if all the sample tubes are filled to exactly 
the same level. 

At this point, all specific instructions are dependent on the NMR spec- 
trometer available to you. In general, the sample is inserted into the magnet 
and the magnetic field is adjusted very slightly (called shimming or tuning) to 
obtain a magnetic field that is as homogeneous as possible throughout the 
sample volume observed by the spectrometer. These adjustments are accom- 
plished by energizing a collection of small electromagnetic coils around the 
sample, a process that is often done by the spectrometer’s computer. Symp- 
toms of a poorly shimmed spectrometer include broad and/or asymmetric 
peaks. The best place to check for this is on the TMS peak because it is the one 
peak in the spectrum you know should be narrow and symmetric. Once the 
spectrometer is tuned, the spectrum is obtained and plotted, and the sample is 
removed from the magnet. 

Your NMR sample can be easily recovered by emptying the NMR tube 
into a small vial, rinsing the tube once or twice with (a nondeuterated) sol- 
vent, and then evaporating the solvent in a hood under a gentle stream of 
dry nitrogen. 


Vu, S.J. J. Chem. Educ. 1987, 64, 812. 
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QUESTIONS 


Several 60-MHz 'H NMR spectra are given below (Figs. 8.36-8.40) along with the molecular formula of the compound.° 
You should be able to account for at least one acceptable structure and for all of the observed resonances. 


8-16. C,HgO. Spectrum a: 
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Figure 8.36 NMR unknown spectrum a. 


8-17. C3H¢Os. Spectra b and c. Two compounds with the same empirical formula: 

































































Figure 8.37a NMR unknown spectrum b. 


’From Pouchert, C. J. The Aldrich Library of NMR Spectra, 2nd ed.; Aldrich Chemical Co.: Milwaukee, WI, 1983. 
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8-19 C,H,Cl. Spectrum e: 
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8-20. CgHi 90. Spectrum f: 


Figure 8.40 NMR unknown spectrum f. 


Nuclear magnetic resonance theory and principles of 
interpretation: 


Abraham, R. J.; Fisher, J.; Loftus, P. Introduction to NUR 
Spectroscopy; Wiley: London, 1988. 

Cooper, J. W. Spectroscopic Techniques for Organic Chemists; Wiley: 
New York, 1980. 

Field, L. D.; Sternhell, S.; Kalman, J. R. Organic Structures from 
Spectra, 3rd ed.; Wiley: London, 2002. 

Richards, S. A. Laboratory Guide to Proton NMR Spectroscopy; 
Blackwell Scientific Publications: London, 1988. 

Silverstein, R. M.; Webster, F. X.; Kiemle, D. J. Spectrometric Identi- 
fication of Organic Compounds, 7th ed.; Wiley: New York, 2005. 

Sorrell, T. N. Interpreting Spectra of Organic Molecules; University 
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Atta-ur-Rahman Nuclear Magnetic Resonance. Basic Principles; 
Springer-Verlag: New York, 1986. 

Claridge, T. D. W. High-Resolution NMR Techniques in Organic 
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Pergamon: Oxford, UK, 1999. 
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ULTRAVIOLET-VISIBLE SPECTROSCOPY: 
INTRODUCTION TO ABSORPTION 


SPECTROSCOPY 


In an atom, molecule, or ion, a limited number of electronic energy states are 
available to the system because of the quantized nature of the energies involved. 
The absorption of a photon by the system can be interpreted as corresponding 


—p— 


CONFIRMING PAGES 


aq aptara 


EQA 


> pl 8:39/13:37 





JWCL196_c08_539-628.qxd 


11/16/09 


4:35 PM Page 594 an 


594 CHAPTER 8 Spectroscopic Identification of Organic Compounds 


to the occupation of a new energy state by an electron. The difference in energy 
between these two states may be expressed as AE: 


— Upper state (excited electronic state, E;) 


] AE 


where the energy of the photon, F, is related to the frequency of the radiation 
by the Planck equation, 





Lower state (ground electronic state, E9) 


E = hp, 


where h is Planck’s constant, 6.626 X 10 “J s, and v; is the frequency in hertz. 
In the case above, AE = FE, — Ey = h(v1 — vo) = hyj. 

Thus, when a frequency match between the radiation and an energy gap 
(AE) in the substance occurs, a transition between the two states involved 
may be induced. The system can either absorb or emit a photon correspon- 
ding to AE, depending on the state currently occupied (emission would oc- 
cur if the system relaxed from an upper-level excited state to a lower state). 
All organic molecules absorb photons with energies corresponding to the 
visible or ultraviolet regions of the electromagnetic spectrum, but to be ab- 
sorbed, the incident energy in this frequency range must correspond to an 
available energy gap between an electronic ground state and an upper-level 
electronic excited state. The electronic transitions of principal interest to the 
organic chemist are those that correspond to the excitation of a single elec- 
tron from the highest occupied molecular orbital (HOMO) to the lowest 
unoccupied molecular orbital (LUMO). As we will see, this will be the mol- 
ecule’s absorption occurring at the longest wavelength in the electronic 
absorption spectrum; it is, therefore, the most easily observed. 

Electromagnetic radiation can be defined in terms of a frequency v, which 
is inversely proportional to a wavelength X times a velocity c (v = c/A, where c 
is the velocity of light in a vacuum, 2.998 x 10° m/s, and c = vd is the wave 
velocity). Thus, 


Megs 78 
IN 


where v is the wavenumber, defined as the reciprocal of the wavelength (1/) x 
the velocity of light. 

Most ultraviolet and visible (UV and vis) spectra are recorded linearly in 
wavelength, rather than linearly in frequency or in units proportional to frequency 
(the wavenumber) or in energy values. Wavelength in this spectral region is cur- 
rently expressed in nanometers (nm, where 1 nm = 10°? m) or angstrom units 
(A, where 1 A = 1071? m). The older literature is full of UV-vis spectra in which 
wavelength is plotted in millimicrons (mp), which are also equivalent to 10° m. 
For a further discussion of the relationship between frequency, wavelength, 
wavenumber, and refractive index, see the discussion on infrared spectroscopy. 

It is unfortunate that because of instrumentation advantages this region of 
the spectrum is most often plotted in units that are nonlinear in energy (note 
the inverse relationship of E to \) A convenient formula for expressing the 
relationship of wavelength and energy in useful values is 


E = 28,635/X kcal/mol (\ in nm) 
or in terms of wavenumbers 
E = (28.635 x 10-4) = (®incm™) 
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Table 8.27 Spectroscopic Wavelength Ranges 

Region Wavelength (m) — Energy (kJ/mol) Change Excited 

Gamma ray Less than10° 1° S10 Nuclear transformation 

X-ray 10-8-10-”° 10*—10° Inner shell electron 

transitions 

Ultraviolet 4x 10°7-1 x 10°° 10°—10* Valence shell electrons 
(UV) 

Visible (vis) 8 x 107-4 x 10°77 10?—10° Electronic transitions 

Infrared (IR) 10°4-2.5 x 10°° 1-50 Bond vibrations 

Microwave 10°-?-10°4 10-1000 Molecular rotations 

ESR ie 10 Electron spin transitions 

NMR 0.5—5 0.02-0.2 Nuclear spin transitions 





The electromagnetic spectrum and the wavelength ranges corresponding 
to a variety of energy-state transitions are listed in Table 8.27. Infrared, UV-vis, 
and rf are of particular interest to the organic chemist because the excitation of 
organic substances by radiation from these regions of the spectrum can yield 
significant structural information about the molecular system being studied. 

The absorption of rf energy by organic molecules immersed in strong 
magnetic fields involves exceedingly small energy transitions (~0.05 cal/mol), 
which correspond to nuclear spin excitations and result in NMR spectra. 
When a molecule absorbs microwave radiation, the energy states available for 
excitation correspond to molecular rotations and involve energies of roughly 
1 cal/mol. With relatively simple molecules (in the gas phase) possessing a 
dipole moment (required for the absorption process) the analysis of the mi- 
crowave spectrum can yield highly precise measurements of the molecular 
dimensions (bond lengths and angles). Unfortunately, relatively few organic 
systems exhibit pure rotational spectra that can be rigorously interpreted. 

Absorption of radiation in the infrared region of the spectrum involves the 
excitation of vibrational energy levels and corresponds to energies in the range 
of about 1-12 kcal/mol. The excitation of electronic states requires consider- 
ably higher energies, from a little below 40 to nearly 300 kcal/mol. The corre- 
sponding radiation wavelengths would fall across the visible (400-800 nm), 
the near-UV (200-400 nm), and the far- (or vacuum) UV (100-200 nm) 
regions.The long-wavelength visible and near-UV regions of the spectrum 
hold information of particular value to the organic chemist. Here the energies 
correspond to the excitation of loosely held bonding (7) or lone-pair electrons. 
The far-UV region, however, involves high-energy transitions associated with 
the inner-shell and o-bond electronic energy transitions. This region is diffi- 
cult to access because atmospheric oxygen begins to absorb UV radiation 
below 190 nm, which requires working in evacuated or purged instruments 
(which is why this region is often referred to as the vacuum UV). 


UV-VIS SPECTROSCOPY 


As we have seen, the application of electronic absorption spectroscopy in 
organic chemistry is restricted largely to excitation of ground-state electronic 
levels in the near-UV and vis regions. When photons of these energies are 
absorbed, the excited electronic states that result have bond strengths apprecia- 
bly less than their ground-state values, and the internuclear distances and bond 
angles will be altered within the region of the molecules where the electronic 
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excitation occurs (see Figure 8.41). It is normally reasonable to assume that nearly 
all of the molecules are present in the ground vibrational state within the ground 
electronic state. The upper electronic state also contains a set of vibrational levels 
and any of these may be open to occupation by the excited electron (see Figure 
8.41). Thus, an electronic transition from a particular ground-state level can be to 
any number of upper-level vibrational states on the excited electronic state. 

The shape of an electronic absorption band will be determined to a large 
extent by the spacing of the vibrational levels and the distribution of band in- 
tensity over the vibrational sublevels. In most cases these effects lead to broad 
absorption bands in the UV-vis region. 

The wavelength maximum at which an absorption band occurs in the 
UV-vis region is generally referred to as the Awnax of the sample (where wave- 
length is determined by the band maximum). 

The quantitative relationship of absorbance (the intensity of a band) to 
concentration is expressed by the Beer-Lambert equation: 


I 
A= log> = ecl 


where 
A = absorbance, expressed as I/I 


Ij = the intensity of the incident light 
I = the intensity of the light transmitted through the sample 


é = molar absorbtivity, or the extinction coefficient (a constant charac- 
teristic of the specific molecule being observed); values for conju- 
gated dienes typically range from 10,000 to 25,000 

c = concentration (mol/L) 

A = length of sample path (cm) 

The calculated extinction coefficient and solvent are usually listed with the 
wavelength at the band maximum. For example, data for methyl vinyl ketone 
(3-buten-2-one) would be reported as follows: 

Amax 219 nm (e = 3600, ethanol) 
Amax 324 nm (e = 24, ethanol) 
Typical UV-vis spectra are shown in Experiments [6], [19D], [A2,], and 


[A3,]. As part of the characterization data, UV—vis information is also given in 
Experiments[16], [A1,], [19A], and [334A]. 


Excited 





Figure 8.41 Two electronic energy levels 
in a diatomic molecule. 
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APPLICATION TO ORGANIC MOLECULES 


In organic compounds containing conjugated systems of 7 electrons, a particu- 
lar chromophore present can often be identified by the use of UV-vis spec- 
troscopy. A chromophore is, in this case, a group of atoms able to absorb light in 
the UV-vis region of the spectrum. Since the electronic transitions involved 
are limited primarily to m-electron (and lone-pair) systems, this type of 
spectroscopy is less commonly used than the other modern spectroscopic 
techniques—which, in fact, it predates by several decades. Ultraviolet—visible 
spectroscopy, however, can play a valuable role in certain situations. For 
example, if a research problem involves synthesizing a series of derivatives of 
a complex organic molecule that possesses a strong chromophore, the UV-vis 
spectrum will be highly sensitive to structural changes involving the arrange- 
ment of the 7-electron system (see, e.g., Experiment [6]). 

In a conjugated alkene, such as 1,3-butadiene, the long-wavelength photon 
absorbed corresponds to the energy required for the excitation of a m electron 
from the HOMO, 7 to the LUMO, 7*3. For these alkenes, this transition is rep- 
resented as t—>71*; that is, an electron is promoted from a 7 (bonding) molec- 
ular orbital to a 7* (antibonding) orbital. This type of excitation is depicted be- 
low for both ethylene and 1,3-butadiene. Note that as a consequence of 
extending the chromophore and raising the energy of the highest occupied level 
in butadiene, the energy gap between the HOMO and LUMO levels of ethylene 
is larger than that in the conjugated system. Thus, the photon required for exci- 
tation of ethylene has a higher energy (higher frequency = shorter wavelength, 
Amax = 171 nm) than the photon absorbed by 1,3-butadiene(Amax = 217 nm): 


+ 














. . am" TT, 
7 = 7 73" T;* 
(LUMO) (LUMO) 
antibonding antibonding 
E=hv E=hv 
TI T+ TI— TT 
“- ii + a” 3 +L si |, 
(HOMO) (HOMO) 
bonding bonding 
co Te 
Ground Excited ‘Ground Excited 
state state state state 
Ethylene 1,3-Butadiene 


If we continue to extend the chromophore, the decrease of the energy gap 
between the HOMO and LUMO levels also continues. This drop in AE is then 
reflected in a drop in energy of the photon required to excite the m—>7* tran- 
sition. This effect is illustrated in Table 8.28. 

As the extension of the chromophore continues, the A,,,, of the >7* 
transition will eventually shift into the visible region. At this point the sub- 
stance exhibits color. Because the absorbed wavelength is coming from the 
blue end of the visible spectrum, these compounds will appear yellow. The 
color will deepen and become red as the energy of the photon required for 
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Table 8.28 Absorption Maxima of Conjugated Alkene 

Name Structure max (1m) 
Ethylene CH»—=CH) 165 
1,3-Butadiene CH»,=CH—CH=CH, 217 
1,3,5-Hexatriene CH»,=CH—CH=CH—CH+=CH, 268 
1,3,5,7-Octatetraene CH»,=CH—CH=CH—CH=CH—CH+=CH), 290 











electronic excitation continues to drop. For example, tetraphenylcyclopenta- 
dienone is purple (Experiment [A3,]); the dye, methyl red, is deep red (Exper- 
iment [26]); and trans-9-(2-phenylethenyl)anthracene is golden yellow 
(Experiment [19D]). ‘ 

Compounds that contain a carbonyl chromophore ,C=O' also absorb 
radiation in the UV region. A 7 electron in this unsaturated system undergoes 
a m™—> 7” transition. However, unless the carbonyl is part of a more extended 
chromophore, such as an a«,B-unsaturated ketone system, the m—>7* transi- 
tion requires a fairly high-energy photon for excitation, usually below 190 nm 
in the far-UV and similar to the energy required for excitation of a 
carbon-carbon double bond. The edge of the > 7* absorption band may just 
barely be observed on instrumentation designed for near-UV studies. This 
partially observed absorption band is generally referred to as end absorption. In 
the case of carbonyls, however, the heteroatom also loosely holds two pairs of 
nonbonding electrons that are often termed lone-pair electrons. These non- 
bonding electrons reside in orbitals (1) that are higher in energy than the 
bonding 7 orbital, but lower in energy than the antibonding ™* orbital. Thus, 
while a transition from an n level to a 7* level is formally forbidden, in fact, 
weak bands are observed at Amax in the near-UV that have their origin in the 
excitation of a lone-pair electron by an n—7™* transition. An energy diagram 
of a typical carbonyl system follows: 


oar* f{— ar* 


> Ht 
tt 


Ground state 


Excited state resulting 
from promotion of a 
nonbonding electron to 
the antibonding 7* 


Excited state resulting 
from promotion of a 7 


electron to the antibonding 


a* orbital 


orbital 


Thus, those substances that contain the carbonyl chromophore absorb 
radiation of wavelengths that corresponds to both the n—>7* and the > 17* 
transitions. For a simple ketone, such as acetone (CH3;COCHS), the 7—>7* 
transition is found in the far-UV and the n—>7m* in the near-UV. When the 
carbonyl becomes part of an extended chromophore, such as in methyl vinyl 
ketone (3-buten-2-one), the spectra reveal that these two transitions have 
shifted to longer wavelengths—a bathochromic shift (see Fig. 8.42 for the 
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Hypsechromic ----- ~---» Bathochromic 





{= ----------} -- 


Absorbance ———————>» 


Hypochromic 





Figure 8.42 Terms describing direction of wavelengths and intensity shifts. 


definition of terms used in UV-vis spectra to indicate the direction of wave- 
length and intensity shifts): 


T 
CH,;—C—CH, CH;—C —CH =CH, 
n= * Amax 270nm €,,,, 16 max 324nm _ €,,,, 24 


7 > 7 Np 187mm 900 Atay 219M, 3600 


Saturated systems containing heteroatoms with nonbonded electrons also 
exhibit weak absorption bands, often as end absorptions, which have their 
origin in forbidden n—o% transitions. When these heteroatomic groups are 
attached to chromophores, both the wavelength and the intensity of the ab- 
sorption can be altered. These are often referred to as auxochromes and aux- 
ochromic shifts. 

Often, model compounds containing a chromophore of interest are 
referred to as an aid in the interpretation of the UV-vis spectrum of a new 
structure. Substantial collections of data have been developed for a wide vari- 
ety of chromophores as an aid to this type of correlation. A number of empir- 
ical correlations, such as the Woodward-Fieser rules, of substituent effects on 
Nimax Values are available. The Woodward-—Fieser rules are a set of empirical 
correlations derived from studies of UV-vis spectral data. Using these rules it 
is possible to predict with reasonable accuracy the \max for new systems 
containing various substituents on known chromophores. The rules are 
summarized in Table 8.29. 

Examples of homoannular and heteroannular dienes are shown below: 


Secs 


A heteroannular diene A homoannular diene 


An example illustrating the use of these rules follows. Calculate the wave- 
length at which the following steroidal methyl sulfide will absorb: 
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Table 8.29 Woodward-Fieser Rules for Conjugated Dienes 
Functionality Increment (nm) 
Base value for homoannular diene 253 
Base value for heteroannular diene 214 
Add: 
For each double bond extending conjugation +30 
For double bond outside of ring (exocyclic) +5 
For alkoxy groups +6 
For S-alkyl groups +30 
For Cl, Br groups +5 
For dialkylamino groups +60 
For parts of rings attached to butadiene fragment +5 








The base value for the diene is 214 nm, because the system is heteroannular (if 
a homoannular diene were present it would take precedence over the 
heteroannular diene; see the following example). There are three ring residues 
(or alkyl substituents) attached to the chromophore. Through hyperconjuga- 
tion, the m system is slightly extended by this type of substitution. The residues 
are labeled a, b, and c. Each of these substituents is assumed to add 5 nm to the 
Nmax Of the parent heteroannular diene, for a total of 15 nm. The 5,6-double 
bond in the B ring marked z is exocyclic to the A ring, so empirically we add an 
additional 5 nm. Finally, for the thiomethyl substituent at the 3 position we 
add 30 nm. The total is 214 + 15 + 5 + 30 = 264 nm. 
Thus we have 


Predicted value max (caled) = 264 nm 
Observed value Amax (Obsd) = 268 nm (€ = 22,600) 


As another example, consider ergosta-3,5,7,9-tetraene-3-acetate (I): 





Prediction of \inax for a homoannular diene 


Parent homoannular diene in ring B 253 nm 
Increments for 


Double bond extending conjugation —_c [2 X 30] 60 
Alkyl substituent or ring residue a [5X 5] 25 
Exocyclic double bond b [3 X 5] 15 
Polar substituents d [0] 0 
Nealed 353 

Predicted value max (caled) = 353 nm 


Observed value max (obsd) = 355 nm (e = 19,700) 
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Table 8.30 Conjugated Carbonyl Systems 






































a,B-Unsaturated Functionality Base Value (nm) 

Acyclic or six-membered or higher cyclic ketone 215 

Five-membered ring ketone 202 

Aldehydes 210 

Carboxylic acids and esters 195 
Increment (nm) 

Extended conjugation a) 

Homoannular diene sts), 

Exocyclic double bond +5 

Substituent Increment (nm) 

Substituent a B ) 

Alkyl +10 +12 +18 (y and higher) 

Hydroxyl ao +30 +50 

Alkoxy +35 +30 +31 (y + 17) 

Acetoxy +6 +6 +6 

Dialkylamino +95 

Chloro $15 +12 

Bromo +25 +30 

Alkylthio 700 

Solvent Solvent Increment (nm) 

Water —8 

Ethanol 0 

Methanol 0 

Chloroform ay | 

Dioxane +5 

Ether +7 

Hexane +11 

Cyclohexane ae i 





There are additional rules for carbonyl-containing compounds, such as 
ketones, aldehydes, carboxylic acids, and so on, and for aromatic compounds. 
Table 8.30 lists the parameters for conjugated carbonyl systems. Note that in 
contrast to the conjugated diene compounds, in which we are observing 
7™—> 7” transitions, the n—>7* transitions of the carbonyl \,,,, chromophore 
are often solvent dependent. Thus, solvent effects will have to be considered 
when predicting \max Values in these systems. 

An example of Amax (ethanol) calculation for a carbonyl system is pre- 
sented here: 
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The base value for the a,B-unsaturated six-membered ring ketone system is 
215 nm. Extended conjugation adds an additional 30 nm. The presence of an 
exocyclic double bond, marked a, extends the A,,4x another +5 nm. There is 
asubstituent on the B-carbon atom (+12 nm) and on the 6-carbon atom 
(+18 nm). There is no solvent effect because the spectrum was obtained in 
ethanol (0 shift). The total is 215 + 30 + 5 + 12 + 18 = 280 nm: 


Predicted value imax (caled) = 280 nm 
Observed value Nimax (obsd) = 284 nm 


The Woodward-—Fieser rules work well for systems with four or fewer dou- 
ble bonds. For more extensively conjugated systems, \,,ax Values are more ac- 
curately predicted using the Fieser-Kuhn equation: 


Wavelength = 114 + 5 M + n(48.0 — 1.7n) — 16.5 Rondo — 10Rexo 


where 
n = number of conjugated double bonds 
M = number of alkyl substituents in the conjugated system 
Rendo = number of rings with endocyclic double bonds in the system 
Ryo = number of rings with exocyclic double bonds in the system 


Sample calculation: Find the UV \max of B-carotene: 


CH, 





B-Carotene 


In the structure there are 11 conjugated double bonds, n = 11.There are 6 alkyl 
groups and 4 ring residues on the conjugated system, M = 10. Both rings have 
an endocyclic double bond, Rendo = 2 Neither ring has any exocyclic double 
bonds, therefore R,,, = 0. Substituting in the equation gives 
Wavelength = 114 + 5(10) + 11[48 — 1.7(11)] — 16.5(2) — 10(0) 
= 114 + 50 + 322.3 —- 33 —0 = 453 nm 
Predicted value Nimax (caled) = 453 nm 
Observed value max (obsd) = 455 nm 


Two examples of this correlation scheme (see Table 8.31) are 





1. 6-Methoxytetralone 
MeO) ae 4 
7 2 
8 1 
iO 
Predicted Aynax is calculated by taking 
Parent value, 246 nm + one o-ring residue, 3 + one p-OMe, 25 = 274 nm 
Predicted value max (caled) = 274 nm 
Observed value max (obsd) = 276 nm (€ = 16,500) 
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Table 8.31 The Benzoyl Chromophore 
Parent Chromophore C6H;—CO—R 




















Function Wavelength (nm) 
R = alkyl or ring residue 246 
R=H 250 

R = OH, O-alkyl 230 

Substituent Increment (nm) 

Substituent o- m- p- 
Alkyl or ring residue 3 3 10 
—OH, —OCH3, —O-alkyl 7 7 25 
—O' (p-sensitive to steric effects) 11 20 78 
—Cl 0 0 10 
—Br 2 2 15 
—NH, 13 13 58 
—NHAc 20 20 45 
—NHCH, 73 
—N(CHs3)2 20 20 85 











Note. Spectra obtained in alcohol solvents. 





2. 3-Carboethoxy-4-methyl-5-chloro-8-hydroxytetralone 


cl 
CO, Et 


:OH .O. 


Parent value, 246 nm + one o-ring residue, 3 + one 0-OH, 7 + 0 m-Cl = 256 nm 


Predicted value max (caled) = 256 nm 
Observed value max (obsd) = 257 nm (e€ = 8000) 


In summary, UV-vis spectra can make substantial contributions to under- 
standing the molecular structure of organic substances that possess chro- 
mophores: 


1. Interpretation of ultraviolet—visible spectra often can be a powerful 
approach for identifying the molecular structure of that section of a new sub- 
stance that contains the chromophore. 

2. The Amax increases within a series of compounds that contain a com- 
mon chromophore that is lengthened (increased conjugation) over the series. 
The intensity of the absorption (€nax) also generally becomes greater as conju- 
gation increases, but can be very sensitive to steric effects (see Experiment [6)). 

3. The max is sensitive to hyperconjugation by alkyl substituents, con- 
formational changes that restrict m-system overlap, configurational, or geo- 
metric isomerization in which am systems are perturbed, and structural 
changes, such as the isomerization of a double bond from an exocyclic to an 
endocyclic position and changes in ring size. 


—p— CONFIRMING PAGES ~~ «eg aptara 


{) 
2 
: 
‘= 
\—> 
s baal 0} ; 
_ 
(@)) 
‘e) 
eo) 
a5 
oe 


J 
») 
% 


Pl @) = 8:45/ 13:37 


> 





JWCL196_c08_539-628.qxd 


11/16/09 


4:35 PM Page 604 a 


604 CHAPTER 8 Spectroscopic Identification of Organic Compounds 

















Table 8.32 Absorption Maxima of Several Unsaturated Molecules 
Compound Structure max (mM) Eniax 
Ethylene CH,=CH, Abal 15,530 
1,3-Butadiene CH, =CH— CH=CH, 217 21,000 
Cyclopentadiene l \ od 3,400 
1-Octene CH3(CH2)s;CH = CH» 177 12,600 
C,Hs H 
; ‘ / 
trans-Stilbene -— 295 27,000 
H CH. 
bs Gs \ i 
cis-Stilbene Ve =e 280 13,500 
CoHs  CgH 
CH, 

Toluene 189 55,000 
208 7,900 

262 260 

4-Nitrophenol HO )-%0, 320 9,000 
I 220 13,000 

3-Penten-2-one = CH,CH==CHCCH, 311 35 








4. In many instances, accurate prediction of the \wax Of a new molecu- 
lar system can be made based on empirical correlations of the parent chro- 
mophore giving rise to the absorption. 


Table 8.32 lists the Xa, Values of a number of common organic molecules. 


INSTRUMENTATION 


The acquisition of UV-vis absorption spectra for use in the elucidation of organic 
molecular structure is now carried out with instrumentation that is typically an 
automatic-recording photoelectric spectrophotometer. The optical components 
of one of the classic spectrophotometers is given in Figure 8.43. This system is 
typical of a high-quality double-beam double-monochromator instrument. The 
instrument consists of a number of components: the radiation source, mono- 
chromator, sample compartment, detector, amplifier, and recorder. 


The Source of Radiation 


Radiant energy may be generated by either a deuterium discharge lamp or a 
tungsten— halogen lamp depending on the spectral region to be observed. 
Deuterium is generally preferred over hydrogen since the intense radiating 
ball of plasma is slightly larger in the case of deuterium, and therefore source 
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Figure 8.43 Schematic optical diagram of a double beam-in-time spectrophotometer 
with double monochromation (Cary Model 17D). (Courtesy of Varian Associates, Inc.) 


brightness is enhanced by a factor of about 4. Below 360 nm, deuterium gas 
emits an intense continuum band that covers a major portion of the UV re- 
gion. With special windows the short wavelength cutoff can be extended down 
to about 160 nm well out into the vacuum-UV. Emission line spectra limit the 
long wavelength use of these lamps to about 380 nm. The lamps of choice for 
the region above 350 nm (the visible) are incandescent filament lamps, be- 
cause they emit a broad band of radiation from 350 nm on the short wave- 
length end all the way to about 2.5 zm (the near-IR) on the long wavelength 
side. Most of the radiation emitted falls outside the visible, peaking at about 
1 pm in the near-IR. Nevertheless, tungsten lamps are the choice for measure- 
ments in the visible region, because they are extremely stable light sources. 

Thus, radiation sources must possess two basic characteristics: (1) they 
must emit a sufficient level of radiant energy over the region to be studied so 
that the instrument detection system can function, and (2) they must maintain 
constant power during the measurement period. Source power fluctuations 
can result in spectral distortion. 


The Monochromator 


As the name implies, a monochromator (making a single color or hue) func- 
tions to isolate a single frequency from the source band of radiation. In practice 
we settle for isolating a small collection of overlapping frequencies surround- 
ing the monochrome radiation we wish to observe. Thus, the monochromator 
section of the instrument takes all the source radiation in at one end and 
releases a very narrow set of bands of radiation at the other end. This function 
is accomplished, as shown in Figure 8.43, by focusing the entering radiation on 
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an entrance slit that forms a narrow image of the source. After passing through 
the entrance slit, the spreading radiation is collimated by being reflected off a 
parabolic mirror, and is converted into parallel light rays (just as in a search 
light). The collimated radiation is then directed to the dispersing agent, which 
is usually a quartz prism (quartz is transparent to UV, glass is not) or diffrac- 
tion grating. The dispersing device spreads the different wavelengths of colli- 
mated light out in space. After emerging from the prism the dispersed radia- 
tion is redirected to either the same or a new collimator mirror and refocused 
as an image of the source on the exit slit of the monochromator. The exit slit 
has only a small fraction of the original radiation focused on it, and allows it to 
pass through in the image of the source. The remaining frequencies lie at dif- 
ferent angles on either side of the exit slit. By mechanically turning the prism 
or grating, and thus changing the angle of the dispersing device with respect 
to the exit slit, all of the narrowly dispersed bands of radiation can be passed 
out of the monochromator in sequential fashion. 

Instruments that are designed to reduce unwanted radiation to an ab- 
solute minimum will place two monochromators in tandem with an interme- 
diate slit connecting the dispersing systems. In the case illustrated in Figure 
8.43 the first monochromator uses a prism, while the second uses a grating. 
The two monochromators, however, must be in perfect synchronization or no 
light at all will be transmitted. 


Sample Compartment 


After leaving the monochromator the radiation is directed to the sample com- 
partment by a rotating sector mirror, where it is alternately focused on the 
substance to be examined (which is contained in a cell with quartz windows) 
and a reference cell (which holds the pure solvent used to dissolve the sam- 
ple). The system now has two beams, hence the name double-beam spectropho- 
tometer. After passing through the sample where the absorption of radiation 
may occur, the beams are recombined. 

The sampling position could be placed either before or after the mono- 
chromator. In infrared instruments (such as the PE Model 710B, Fig. 8.32) it was 
generally found before the monochromator until the introduction of interfer- 
ometers. In UV systems, the sampling area is most often placed after the 
monochromator, and for good reasons. If the sample were placed before the 
monochromator, it would be exposed to the entire band of high-energy UV ra- 
diation being emitted by the source over the entire sampling period. By posi- 
tioning the sample after the monochromator, at any one time the sample sees 
only the very small fraction of the dispersed radiation passed by the exit slit. 
Thus, sample stability is greatly protected by this arrangement. Remember 
that near-UV radiation carries photons with energies that approach those of 
the bond energies of organic molecules. 


The Detector 


The recombined beams are then focused on the detector. Detectors function as 
transducers because they convert electromagnetic radiation into electrical cur- 
rent. There are a number of radiation-sensitive transducers available as detec- 
tors for these instruments. One is the photomultiplier tube. These detectors 
operate with photocathodes that emit electrons in direct proportion to the 
number of photons striking the photosensitive surface and possess very large 
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Figure 8.44 UV-visible single-beam spectrometer. 


internal amplification. Thus, they operate at low power levels. One particular 
advantage of the photomultiplier is that you can adjust their sensitivity over a 
wide range simply by adjusting the supply voltage. 


The Electronics: The Amplifier and Recorder 


In double-beam instruments, the two signals generated by the sample and 
reference beams (each referenced against a dark current) in the detector are 
amplified and the ratio of the sample signal to the reference signal is plotted 
on a recorder. The simplest of the absorption spectrometers are the single- 
beam instruments (see Fig. 8.44). These spectrometers are generally em- 
ployed for problems involving simple one-component analyses. The photo- 
metric accuracy of scanned spectra should not be of paramount importance 
with these systems. Single-beam spectrometers require extremely stable 
sources and detectors. 


SAMPLE PREPARATION 


Ultraviolet spectra are usually obtained on samples in solution using quartz 
cells. Quartz is used because it is transparent to both UV and visible light. For 
spectra restricted to the visible region, Pyrex cells are satisfactory (and a good 
deal less expensive), but because Pyrex absorbs UV radiation, these cells can- 
not be employed for measurements in this region. 

Solution cells usually have a horizontal cross section of 1 cm? and require 
about 3 mL of sample solution. Cells must be absolutely clean, and it is advis- 
able to rinse the cell several times with the solvent used to dissolve the sample. 
A background spectrum of the solvent-filled cell (without a reference sample) 
can easily be obtained at this time and used as a check against contamination 
of either the cell or the solvent or both. 

Because the intensities of electronic transitions vary over a very wide 
range, the preparation of samples for UV-vis spectra determination is 
highly concentration dependent. Intense absorption can result from the 
high molecular extinction coefficients found in many organic chro- 
mophores. The sampling of these materials requires very dilute solutions 
(on the order of 10° °—10 * M). These solutions can be conveniently obtained 
by the technique of serial dilution. In this method a sample of the material 
to be analyzed is accurately weighed, dissolved in the chosen solvent, and 
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Table 8.33 Solvents Used in the Near-UV 
Solvent Cutoff Wavelength (nm) 
Acetonitrile 190 
Chloroform 245 

(toxic, substitute CH,Cl,) 235 
Cyclohexane 205 
1,4-Dioxane 215 

(toxic, substitute EtOEt) 218 
95% Ethanol 205 
n-Hexane 195 
Methanol 205 
Isooctane 195 
Water 190 
Note. Since these solvents have no color, they are 
transparent in the visible. 





diluted to volume in a volumetric flask. Sample weights of 4-5 mg in 10-mL 
volumetric flasks are typical. An aliquot is then taken from this original so- 
lution, transferred to a second volumetric flask, and diluted as before. This 
sequence is repeated until the desired concentration is obtained. 

Numerous choices of solvent are available (a list is given in Table 8.33) and 
most of them are available in “spectral grade.” The most commonly used 
solvents are water, 95% ethanol, methanol, and cyclohexane. 


Criteria for Choosing a Solvent 


e The most important factor is solubility of the sample. UV-vis spectra can 
be very intense, so even low solubility may be quite acceptable in sam- 
ple preparation. 

e The wavelength cutoff for the solvent may be important if the sample 
absorbs below about 250 nm. 

e Sample-solvent molecular interactions must be considered. An example 
of these effects would be hydrogen bonding of protic solvents with car- 
bonyl systems. Hydrocarbon chromophores are less influenced by sol- 
vent character than are the more polar chromophores. 
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MASS SPECTROMETRY* 


In comparison with other forms of spectroscopy, such as NMR, IR, or UV-vis, 
mass spectrometry is unique in terms of how we generate and interpret the 
spectrum. Instead of monitoring the absorption of electromagnetic radiation 
in terms of frequency or wavelength, a mass spectrum can be thought of as a 
snapshot of a rather unconventional organic reaction involving one energetic 
reactant that decomposes to give a variety of reaction products. By character- 
izing the composition of this “reaction mixture” we are able to learn the 
identity of the starting reactant. 

The reaction gets started when a molecule in the gas phase is converted 
to a radical cation by an energetic collision with an electron, as shown below 
for N2O: 


N20 ¢) +e => N,O*: + 2e7 


The fact that we have formed a positive ion (cation) with an unpaired electron 
(radical) becomes important for understanding the decomposition reactions. 
The process of forming the radical cation yields a collection of energized mo- 
lecular ions that contain a range of internal energies. The molecular ion is pro- 
duced in a low-pressure environment where it is unable to bump into other 
molecules. Fragmentation (bond breaking) results in the formation of charged 
and neutral products. Ideally, intramolecular rearrangements, which could 
complicate determination of the molecules original structure, do not occur. 
Depending on characteristics of the molecule and the amount of energy de- 
posited, a variety of fragmentation reactions can take place. For example, the 
molecular ion (N,O*’) may fragment to give the following products through 
one- or two-step reactions: 


N,O* 
m/z = 44 
NO* -N, —NO- N,” 
m/z = 30 m/z = 28 
—N: 
or: N* 
m/z = 16 m/z = 14 


“This section has been written by Elizabeth A. Stemmler, Professor of Chemistry, Bowdoin 
College. 
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Figure 8.45 Electron ionization mass spectrum of nitrous oxide, N,O. 


Mass spectrometry derives its name from its ability to distinguish the mo- 
lecular ion and the different charged reaction products based on the ratio of 
the ion mass to its charge (m/z ratio). In most cases, the charge, z, is equal to 1 
and we can easily tell the difference between the molecular ion (m/z = 44) and 
products, such as N3 (m/z 28). In addition, a mass spectrometer can be used to 
determine the relative amounts of molecular ions and fragment ions present 
after the reaction has had a little (very little!) time to proceed. A mass spectrum, 
typically shown in a bar-graph format, is a display of the relative number of 
each type of ion plotted as a function of the m/z ratio (see Fig. 8.45). Instead of 
reporting the actual number of each type of ion, we normalize the data and 
give the most abundant ion a value of 100%. Note that only charged species 
are detected by a mass spectrometer. The neutral products are not observed 
and their identity must be inferred. 

Mass spectrometry is useful to organic chemists because of the informa- 
tion it provides about molecular structure. For example, if the molecular ion is 
present, that peak can be used to determine the molecular weight (MW) of the 
neutral molecule. With precise measurement of the m/z ratio (to + 0.0001,for 
example), the elemental formula of the molecular ion can be determined. For 
example, N»O and CO, both have a molecular weight of 44; however, meas- 
urement of their exact masses (44.0011 and 43.9898, respectively) can be used 
to assign their elemental formula. Mass spectrometry was used to originally 
determine the exact mass of each element (see Table 8.34), and these exact 
masses, not the atomic weights, are used to calculate mass. 

Even when precise mass measurements are not available, the products in 
the mass spectrum may provide enough information to determine the struc- 
ture of the neutral molecule. Interpretation of a mass spectrum involves working 
backward from the observed charged fragments to a proposed molecular 
structure. For example, CO, or N,O (same MW) could be distinguished by an 
examination of the mass spectrum. The fragment ions at m/z 14 and 30 in 
Figure 8.45 clearly eliminate CO, as a possible structure. There are no combi- 
nations of carbon (mass = 12) and oxygen (mass = 16) that could produce 
these ions. In addition, the mass spectrum allows us to distinguish between 
the isomers NNO and NON. What would the mass spectrum of NON show? 
We would expect to see only a peak at m/z 30 (NO*) and no signal at m/z 28 
(N,*). The mass spectrum would thus support your chemical intuition that 
NON is an unlikely and unstable molecular structure. 
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Table 8.34 Exact Masses and the Atomic Weights 
for Isotopes of Some Common Elements 
Atomic 
Element Nuclide Mass Weight* 
Hydrogen H 1.0078 1.0079 
D(H) 2.0141 
Carbon ae 12.00000 (std) 12.011 
“C 13.0034 
Nitrogen “N 14.0031 14.0067 
SN 15.0001 
Oxygen mo 15.9949 15.9994 
70 16.9991 
80 17.9992 
Fluorine sad 18.9984 18.9984 
Silicon aes 27.9769 28.0855 
2°Si 28.9765 
eogi 29.9738 
Phosphorus °!P 30.9738 30.9738 
Sulfur =o 31.9721 32.066 
ars 32.9715 
es 33.9679 
Chlorine a I 34.9689 35.4527 
at ea 36.9659 
Bromine BE 78.9183 79.904 
S1Br 80.9163 
Iodine sen] 126.9045 126.904 
“Average mass of the naturally occurring isotopes of the element; 
not used for mass calculations in mass spectrometry. 





As you will see below, mass spectral interpretation is not always as straight- 
forward as the case given above. Like the outcome of an organic reaction, a 
mass spectrum will reflect the outcome of competing sequential and simulta- 
neous reaction pathways. For some molecules, very little fragmentation will 
take place and only the molecular ion is observed. For other less stable mole- 
cules, we may have complete conversion of the molecular ion to products, 
although, because of the high energy required for their formation, we will rarely 
see complete fragmentation down to products at the atomic level. The interpre- 
tation of a mass spectrum requires developing an understanding of important, 
characteristic reaction pathways and an appreciation of factors influencing ion 
stability. In many ways, the interpretation of mass spectra provides a place to 
apply principles of organic chemistry to a unique kind of chemical reaction. 


INSTRUMENTATION 


All mass spectrometric instruments contain regions where ionization, mass 
analysis, and ion detection take place. Mass spectrometry takes place at low 
pressure; all of the mass spectrometric components are contained in a vacuum 
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Figure 8.46 Block diagram of components of a mass spectrometer. 


system at pressures of 10°” to 10 ° torr. Because the instrument must be 
sealed from the atmosphere to maintain the low pressure, and because samples 
must be converted to the gas phase prior to ionization, all mass spectrometers 
have a region devoted to sample introduction. In this region the sample—in 
the form of a solid, liquid, or gas—is transferred to the low pressure of the 
mass spectrometer, while preventing the introduction of air. A block diagram 
of a basic mass spectrometer is shown in Figure 8.46. Ions are generated and 
fragment in the ion source; the molecular ion and fragments are separated, 
based upon m/z ratios, in the mass analyzer; and the ion signals are converted 
by the detector into a signal that may be input to a computer. 


lon Source 


The ion source is the region where ions are generated. Mass spectrometrists 
have many ways of creating ions from different types of samples, including 
biological materials or the surface of a particle. In our discussions, we will 
focus only on the most common ionization method, electron ionization (El). 
In an Elion source (Fig. 8.47), we send current through a wire, called a filament. 
As the filament gets hot, electrons are emitted from the surface. The electrons 
are produced in an electric field, which results in electron acceleration through 
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Figure 8.47 Schematic diagram of an electron ionization source. (From Watson, J.T. 
Introduction to Mass Spectrometry, 3rd ed.; Lippincott-Raven Publishers: Philadelphia, 
1997, p. 140.) 
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the ion source region where the sample vapor is found. If you work with an 
electron energy that is too low (below the ionization potential for the mole- 
cule), no ions will be produced. As the electron energy increases, the molecu- 
lar ion (M*°) will appear. With further increases in electron energy, fragment 
ions are observed. Formation of doubly charged ions (M?*-) occurs, but the ion 
intensities are very low: 


M*' + 2e7 
M +e (70eV) ———> M** +3e (rare) 
M- (not observed) 


Mass spectra, by convention, are measured with 70-eV electrons. At this 
energy, the ion intensity is high and the distribution of products remains rela- 
tively constant with small changes in electron energy. Formation of negative 
molecular ions with 70-eV electrons does not occur. 

Another important role for the ion source is directing the ions toward the 
mass analyzer. The ions are pushed and pulled as they pass through one or 
more metal plates that have a hole in the center for ion transmission. These 
plates accelerate the ions and keep them directed at the mass analyzer. De- 
pending on the mass analyzer in use, the ions are accelerated toward the ana- 
lyzer with high or low energy. 


Mass Analyzer 


Ion formation and fragmentation in the source is followed by mass analysis. 
Mass analyzers are used to separate ions based on their mass-to-charge ratios. 
Organic chemists commonly use two types of mass analyzers: magnetic sector 
instruments (low- and high-resolution) and quadrupole instruments. Mag- 
netic sectors separate ions based on dispersion of the ions into beams with dif- 
ferent m/z ratios; quadrupoles are mass filtering devices. 

In a magnetic sector instrument, ions are accelerated out of the ion source 
into a magnetic field with high (kilovolt) kinetic energies. The magnet field, 
applied perpendicular to the path of the ions, exerts a force that causes the 
ions to follow a curved path through the magnet (Fig. 8.48). The extent to 
which the path is bent depends on the mass-to-charge ratio (more specifically, 
the momentum) of the ions. Light ions are bent more than heavier ions. If the 
path that the ions must travel is fixed, ions that are too light or too heavy will 
run into the walls of the mass analyzer, where they are neutralized, and will 
then be pumped away by the vacuum system. Only the ions with the correct 
radius (correct m/z ratio) will make it to the detector. To measure a complete 
mass spectrum, the magnetic field strength is varied to bring ions of different 
m/z ratio to focus on the detector. 

High-resolution magnetic sector instruments incorporate an additional 
energy analyzer prior to mass analysis by the magnetic sector. This more pre- 
cisely defines the kinetic energies of ions entering the magnetic sector, which 
improves the mass resolution. High-resolution instruments require more ex- 
pertise to operate and are less common because of their expense, but they can 
provide the precise and accurate mass measurements needed to determine 
elemental composition. 
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Figure 8.48 Schematic diagram of a magnetic sector mass analyzer. (From McLafferty, 
F.W.; Turevek, F. Interpretation of Mass Spectra, 4th ed.; University Science Books: Sausalito, 
CA, 1993, p. 8.) 


A quadrupole is composed of a set of four rods to which (electric) poten- 
tials are applied (Fig. 8.49). To allow ions of a particular m/z ratio through the 
rods, a constant positive potential is applied to two opposing rods (the x-rods), 
while the remaining two rods experience a constant negative potential (the 
y-rods). In addition, each set of rods experiences a time-varying potential that 
causes the rod potentials to vary between positive and negative potentials, 
with the signals 180° out-of-phase. When the x-rods are positive, the y-rods 
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Figure 8.49 Schematic diagram of a quadrupole mass analyzer. X and Y axis 
trajectories for m/z 202, 199, and 197. (From Steel, C.; Henchman, M. J. Chem. Educ. 1998, 
75, 1049-1054.) 
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are negative. Mass filtering occurs when a group of ions enters the analyzer. 
Ions that have m/z ratios that are too low or too high will experience unstable 
trajectories through the rods and will strike a rod, become neutralized, and be 
pumped out of the system. Only ions with an appropriate m/z ratio will have a 
stable trajectory and will make it through the rods to the detector. Figure 8.49 
shows the trajectories of three ions with respect to the x- and y-rods. Only the 
ion with m/z = 199 makes it through the quadrupole. To change the m/z ratio 
of the ions that are transmitted, the magnitude of the constant and time- 
varying potentials are changed. Mass spectrometers that fit on a laboratory 
benchtop have a mass range of m/z = 10 to 650. With the quadrupole mass an- 
alyzer a mass spectrum can be measured rapidly (roughly 1 scan per second), 
which is important when capillary GC columns are used for sample introduction. 


Detector 


Ions can be detected directly through the current produced when they strike a 
plate; however, we usually make this signal larger through the use of electron 
multiplier detectors. 


Tuning the Mass Spectrometer 


Before the mass spectrometer can be used to collect mass spectra, the instru- 
ment must be tuned and calibrated. The tuning procedure involves setting 
voltages associated with the ion source, lenses, and detector (to optimize sen- 
sitivity), and selecting values for potentials applied to the quadrupole (to set 
the instrument resolution). These tasks are accomplished while a calibration 
standard is continuously added to the instrument. A common calibration stan- 
dard is perfluorotributylamine (PFTBA), (CF3CF CF CF>)3N. Usually ions at 
m/z 69, 219, and 502 are monitored (Fig. 8.50). 
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Figure 8.50 Electron ionization mass spectrum of perfluorotributylamine (PFTBA). 
Inserts show the peak profiles for m/z 69, 219, and 502. 
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Sample Introduction 


Samples analyzed by EI mass spectrometry must be converted to gas phase. 
For pure gases or volatile liquids the samples may be introduced directly 
through a small orifice that allows an appropriate amount of material into the 
vacuum chamber. A small amount of a solid sample can be placed in a melting 
point capillary tube and inserted into the mass spectrometer at the end of a 
metal rod, called a direct insertion probe (DIP). The temperature at the tip of the 
probe can be varied to promote sublimation of the sample. Another common 
method of sample introduction is gas chromatography, which is the ideal 
choice for samples that are impure. 


Gas Chromatography/Mass Spectrometry (GC/MS) 


While the goal of a synthetic organic reaction is the production of one pure 
product in high yield, organic reactions often produce a mixture of reaction 
products. Chromatographic separation of those products is a useful comple- 
ment to the mass spectral analysis. The components of the mixture elute from 
the chromatographic column, ideally, as pure peaks. The mass spectrometer, 
which is scanning rapidly, is then able to collect a few spectra for each eluting 
peak. Both the chromatographic retention time and the mass spectrum can be 
used to help identify components of the mixture. Because the compounds are 
detected with little bias for one type of compound over another, GC/MS has 
provided organic chemists with a powerful tool to characterize reaction mix- 
tures and assess product purity. 

Sensitivity is another distinguishing feature of mass spectrometry. This 
sensitivity has allowed mass spectrometers to act as detectors for capillary 
columns, which can separate mixture containing hundreds of compounds, 
when less than a nanogram(10 ° g) of each compound is injected. 


Capillary Columns 


Most GC/MS instruments use capillary columns for chromatographic separa- 
tion. Capillary columns are very long (15- to 30-m), open tubes of fused silica 
that are coated with a thin coating of the stationary phase (Fig. 8.51). A carrier 
gas, typically helium, is used as the mobile phase. Capillary column diameters 
are commonly in the range of 0.25 to 0.53 mm, and the coating of the station- 
ary phase is in the range of 0.25 to 1 wm Thicker coatings are used for the sep- 
aration of low-boiling compounds. 


Fused silica Sitio 
column Carrier gas flow ——> hase y 
—— 


Fused silica Stationary 
column phase 








Figure 8.51 Longitudinal and radial cross sections of a capillary column. 
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Chromatographic resolution increases as a function of the square root of 
the column length, and the extraordinary length of capillary columns means 
that most simple mixtures are easily resolved on just a few types of stationary 
phases. One common nonpolar stationary phase is poly(dimethylsiloxane) 
(R = CHs) which can be made slightly more polar by the incorporation of 
phenyl groups (typically 5% phenyl) in place of methyl groups: 





These two stationary phases interact with solutes primarily through disper- 
sion interactions, and compounds elute as a function of boiling point. More po- 
lar stationary phases are also available. Because capillary columns are used to 
separate compounds with a wide range of boiling points, we often make use of 
a technique called temperature programming. This techniques allows you to start 
with a low oven temperature, to optimize the elution of low boiling compo- 
nents, and then increase the oven temperature at a controlled rate, to decrease 
stationary phase interactions for high-boiling compounds. The increase in tem- 
perature decreases retention times and produces narrower peaks for com- 
pounds that would otherwise require a long time to elute as a very broad peak. 

While samples may be directly injected onto a packed column, the small 
diameter of the capillary column presents a problem. In addition, it is easy to 
overload the capillary column with sample (Table 8.35). Two techniques for 
getting the sample into the column are split and split/splitless injection. 


Split Injection 


In the split injector the sample is injected into the heated injection port and 
the evaporated sample is mixed with the carrier gas. The sample/carrier gas 
mixture is then split between the column and a vent, and a fraction of the sam- 
ple (determined from the column and vent flow) is introduced to the column 
(Fig. 8.52a). This technique is used to introduce concentrated samples. 


Split/Splitless Injection 


Splitless injections are used to introduce dilute solutions. The sample is in- 
jected into the heated injection port, which is in the “purge off” mode. In this 





Table 8.35 Sample Capacity as a Function of Column Diameter and 
Stationary Phase Thickness 





Stationary Phase Approximate Capacity 





Column Diameter (mm) Thickness (um) (ng/component) 
0.25 0.10 (thin) 25 
0.25 (most common) 80 
1.0 (thick) 250 
0.53 0.10 (thin) 53 
1.0 (most common) 530 
5.0 (thick) 2600 





Source: Alltech Capillary Instruction Manual, Bulletin No. 242; Alltech Associates, Inc.: Deerfield, 
IL, 1991, p. 9. 
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Figure 8.52 Schematic diagram showing the operation of a split/splitless injection 
port. 


mode, carrier gas flows through the injector directly to the column (Fig. 8.520). 
This flow rate is very low (0.5-3 mL/min). Of critical importance to splitless in- 
jection is the “solvent effect.” The oven temperature is maintained below the 
solvent boiling point, and the vaporized solvent condenses in the column in- 
let. This condensed solvent acts like a thick layer of stationary phase and traps 
sample components. After this concentration period (typically 1 min), the in- 
jector is changed to the “purge on” mode. This purge sweeps excess solvent 
(and other volatile components) out of the injector. Purging too early risks 
venting volatile components, while purging too late increases interference 
from the solvent tail. 


FEATURES OF THE MASS SPECTRUM 


A low-resolution mass spectrum can provide many pieces of information that 
help an organic chemist determine the structure of a molecule. One of the 
most useful pieces of information is the compound’s nominal molecular 
weight, MW, as determined by identification of the molecular ion, M*:. In ad- 
dition, by careful examination of the region around the molecular ion for the 
presence of isotopes, we can learn more about the elemental formula for the 
molecule. The mass spectrum also reveals information about the molecular 
structure through the appearance of groups of ions characteristic of certain 
compound types. With more experience and an understanding of mass spectral 
fragmentation pathways, a molecular structure can be proposed by gathering 
all information from the spectrum and determining if a proposed structure is 
consistent with the observed ions. Here we will provide a limited introduction 
to this process with an emphasis on identification of the molecular ion. We will 
present one case study to show how mass spectrometry, coupled with gas 
chromatography, can be used to characterize the products of a synthetic 
organic reaction. 
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Terms 


The molecular ion, represented by M™’, is the intact molecule with one electron 
missing. This should be the peak in the spectrum with the largest mass, but it 
is not always observed. All spectra have an ion that we call the base peak. This 
is the most abundant peak in the spectrum (m/z 44 in the spectrum of N,O or 
m/z 69 in the spectrum of PFTBA). In the next section you will find that more 
than one peak may correspond to the M™’ or fragment ion when that ion con- 
tains elements with different isotopes. We use the term nominal mass to de- 
scribe the mass of the molecule in terms of the most abundant (and, generally, 
the lightest) isotopes of the element. Relative isotopic abundances for com- 
mon elements are summarized in Table 8.36. 


Isotope Peaks 


The mass spectrum for N(C,Fo)3 (PFIBA; MW = 671) is shown in Figure 8.50. 
The peaks at m/z 69, 219, and 502 are shown above the spectrum as they were 
measured by the instrument; the spectrum shows their bar-graph representa- 
tion. These peaks correspond to CF3*, C4Fo", and NCoF 29°. If you look carefully 
at the enlarged peaks, you will notice smaller peaks that appear one mass unit 
above that of the ion. We call these [A + 1]* peaks. Where do these peaks come 
from and why does the abundance increase with the mass of the fragment? 

If you look at Table 8.36, you will find that fluorine is an isotopically pure 
element; however, 1.1% of carbon is the '°C isotope. You may recall that it is 
this low abundance of '°C that you measure with '*C NMR. For nitrogen there 
is a small amount of '"N.When a molecule contains more than one atom of an 
isotopically impure element, you increase the chance of finding the higher 
mass isotope in the molecule. For example, the ‘°C peaks for m/z 69, 219, and 
502 of PFTBA (Fig. 8.50) are 1.1, 4.4, and 10.3% of the me peaks. The relative 
intensity increases because there is a higher statistical probability of finding 
one 'C when the ion has nine vs. one carbon atom. The [A + 1]* peak inten- 
sity from ‘°C is equal to n times 1.1% the height of the peak A*, where nis the 
number of carbon atoms. In addition, we need to add contributions from other 
A + 1 elements, like nitrogen (0.4%). With precise ion intensity measure- 
ments, the relative abundance of the [A + 1] peak can be used to determine 
the number of carbons present in an organic molecule. 











Table 8.36 Relative Isotope Abundances of Common Elements 
Element Mass % Mass % Mass % 
Carbon 12 100 13 1.1 

Hydrogen 1 100 2 0.015 

Nitrogen 14 100 15 0.37 

Oxygen 16 100 AW 0.04 18 0.2 
Fluorine 19 100 

Silicon 28 100 29 5.10 30 3.4 
Phosphorus a1 100 

Sulfur 32 100 33 0.79 34 4.4 
Chlorine 35 100 37 32.0 
Bromine 79 100 81 97.3 
Iodine 127 100 
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Mass spectra get very interesting when chlorine or bromine is present. 
Both elements exist as mixtures of the A and A + 2 isotopes (lable 8.36). The 
characteristic isotope distribution for bromine, with nearly equal abundances 
for "Br and ®'Br, is apparent in the spectrum of bromobenzene (Fig. 8.53). 
The M*: is observed as a cluster of peaks, with m/z 156 containing the lightest 
isotopes (*C and Br). Note that the fragment at m/z 77 results from loss of 
Br, and consequently no Br isotope peaks are observed. When more atoms of 
A + 2 elements are present, characteristic peak distributions are produced 
(Fig. 8.54). For example, an ion that contains two chlorine atoms will show 
three peaks, A, [A + 2], and [A + 4], with a 100:65:10.6 intensity distribution. 
Working from Figure 8.54, you can use a pattern recognition approach to 
determine the number of chlorine or bromine atoms present in an ion. For ex- 
ample, the spectrum in Figure 8.53b shows two ion clusters that suggest the 
presence of chlorine. A close examination of the distributions indicates that 
two chlorines are found in the m/z 84 cluster, while the m/z 49 cluster contains 
one chlorine. When looking at the mass difference between these ions we 
work with the nominal mass (mass of the ion that has the lightest isotopes). 
The mass difference, defined by the nominal mass of each cluster, is 35, which 
corresponds to the mass of one *°Cl (Fig. 8.530). 
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Figure 8.53 Electron ionization mass spectrum of (a) bromobenzene and 
(b) dichloromethane. 
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Figure 8.54 Isotope peak distributions for ions containing chlorine and bromine 
atoms. 


Recognizing the Molecular lon 


Compound molecular weight is a valuable piece of information that is not al- 
ways available from the NMR or IR spectrum. In this section we discuss some 
things to consider as you examine a mass spectrum and attempt to identify the 
M*- ion. If you look back at the mass spectra that have appeared above, you 
will find examples of spectra where the molecular ion is the base peak in the 
spectrum. In some other cases the molecular ion may be weak or not observed 
at all! For example, PFIBA fragments extensively and the molecular ion does 
not appear in the spectrum. The following are some things to consider as you 
attempt to identify the molecular ion. 

The molecular ion should be the highest mass peak in the spectrum. When 
you have tentatively identified a peak as the molecular ion, you should then de- 
termine the masses lost from the molecular ion to give high-mass fragments. For 
example, in Figure 8.53b we found a mass difference of 35 between M*:and the 
first fragment. A listing of common losses from M*’ can be found in Table 8.37. If 
an observed fragment corresponds to an unreasonable loss, such as M — 12, this 
strongly suggests that your tentative identification of the molecular ion is incor- 
rect. Remember that it is always possible that no molecular ion is present. 

Another useful feature to consider is the nitrogen rule. For most elements 
found in organic molecules, the compound molecular weight will be even if the 
compound has an even number of nitrogen atoms (remember, zero is an even 
number). In contrast, the mass will be odd if the compound contains an odd 
number of nitrogen atoms. If you are sure that your product could not contain 
nitrogen, then an odd mass ion could not correspond to the molecular ion. 

Mass spectrometrists also use “softer”ionization techniques to obtain MW 
information. These techniques included measuring EI mass spectra at lower 
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Table 8.37 Some Reasonable’ Losses From M*’ 
Fragment” Radical Lost Neutral Loss 
M-1 H 

M-2 H, 

M-15 CH3 

M-18 H,O0 

M-28 CO or C5Hy 
M-29 CH. 

M-31 OCH; 

M-32 CH,0OH 
M-43 CH, 

“Unreasonable losses include [M-4] to [M-14]; [M-21] to 
[M-25]. 

’For a more complete listing see McLafferty and 

Turecek (1993). 





ionization energies and using a higher pressure ionization technique called 
chemical ionization. 


Mass Spectral Interpretation 


The following list contains some factors to consider when interpreting mass 
spectra. Io make best use of this summary, the interested reader should con- 
sult the text by McLafferty and Turecek, which is considered by many to be the 
best resource to learn mass spectral interpretation. 


1. 
2. 


Using the considerations described above, identify the molecular ion. 

If possible, determine the elemental composition for M* and other impor- 
tant peaks using isotopic abundances. In particular, look for isotope peaks 
from “M + 2” elements like Cl, Br, S, and Si (Table 8.36 and Fig. 8.54). If 
you are able to establish a molecular formula, calculate “rings + 7 bonds”: 


Y Z 
For CxHyN7zOn (rings + m bonds) = X — 5 + ni +1 


NOTE. An even-electron ion, with no unpaired electrons, will have a fractional 
value. If halogens are present, they are counted as hydrogens. 


3. 


4. 


Is the molecular weight odd? If so, this indicates an odd number of 
nitrogen atoms (for organic molecules). 

Consider the general appearance of the EI mass spectrum: Is it“ aliphatic” 
(lots of fragmentation) or“aromatic” character (minimal fragmentation)? 


. Look for important low-mass ions (Table 8.38). 
. In the region near Mt identify fragments lost from the molecular ion 


(neutral losses) (Table 8.37). Look for intense high-mass ions that may 
indicate a characteristic, stable fragment ion. 


. Postulate a structure by assembling the various mass fragments/neutral 


losses. Do the observed fragment ions make sense in terms of fragment/ 
neutral loss stability considerations? Does the structure make sense in 
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Table 8.38 Some Common lon Series 

Ion Series Compound Type 

m/z 15, 29, 43, 57, 73 Aliphatic hydrocarbons 

m/z 38, 39, 50-52, Aromatic hydrocarbons (not all 
63-65, 75-78 peaks in ranges will be observed) 

m/z 30, 44, 58 Amines 

m/z 31, 45, 59 Alcohols 

Note. For a more complete listing see McLafferty and Turecek 

(1993). 








terms of other information, such as the reaction conditions, NMR or IR 
spectra? 

8. Verify a postulated structure by comparing the spectrum with a reference 
spectrum. The reference spectrum may be found in the literature or it 
may be measured by purchasing or synthesizing a standard of the pos- 
tulated structure. 


CASE STUDY: SYNTHESIS OF METHYL 
BENZOATE 


To illustrate how gas chromatography and mass spectrometry can be used to 
characterize the products of an organic reaction, we consider the synthesis of 
methyl benzoate using a base-catalyzed esterification of benzoic acid. The re- 
action proposed for this synthesis involved deprotonation of benzoic acid by 
n-butyllithium in dry tetrahydrofuran (THF), followed by the addition of 
methyl iodide, with dimethylformamide (DMF) added to promote the S\2 
displacement of iodide by the benzoate anion: 


O O 
OH n-C,H,Li* O-,Li* cH OCH, 
—————————= ——— 
THF DMF 


We isolated the reaction products from the reaction mixture by quenching the 
reaction with water, adding saturated NaHCOs, and extracting the neutral 
products with diethyl ether. The ethereal solution containing the reaction 
products was then analyzed by capillary column GC/MS, and the chro- 
matogram shown in Figure 8.55 was produced. The chromatogram displays 
total ionization as a function of time. The total ionization is a summation of all 
the ions detected in one scan of the mass spectrometer (one spectrum) plotted 
as a point as a function of time. The display is often called the TIC (total ion- 
ization chromatogram), and the peak areas should reflect the relative amounts 
of each compound detected by the mass spectrometer. 

The chromatogram shown in Figure 8.55 is not quite what we would hope 
to see. Instead of detecting a single chromatographic peak for our product, we 
see three peaks. To determine if we made any methyl benzoate, and to deter- 
mine what other components are present in our mixture, we examine the mass 


“The synthetic work presented below was carried out by Joshua Pacheco, Bowdoin Col- 
lege Class of 1999. 
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Figure 8.55 Total ionization chromatogram of a reaction mixture. 
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Figure 8.56a Electron ionization mass spectrum of (a) peak 1. 


spectrum for each peak. Because we are eager to determine if we made any 
methyl benzoate, we start by trying to locate a chromatographic peak that has 
amass spectrum that corresponds to methyl benzoate. Even if we are not sure 
what the mass spectrum will look like, we can try to find a spectrum that 
shows a molecular ion, M~:, that corresponds to the molecular weight 
of methyl benzoate (CsHg02, MW = 136). The mass spectrum for peak 1 
(Fig. 8.56a) shows an ion at m/z 136 that appears as the highest mass peak in 
the spectrum. Let’s now take a closer look at the mass spectrum to see if the 
fragment ions are consistent with the structure of methyl benzoate. 

The base peak in the spectrum appears at m/z 105. This intense peak re- 
sults from a loss of 31 from the molecular ion, which corresponds to loss of 
OCHs. This is a predicted loss. Upon ionization, we expect one of the non- 
bonding electrons on the carbonyl oxygen to be lost, and can consider the 
charge and unpaired electron to be localized on that oxygen. The unpaired 
electron initiates a cleavage that results in loss of OCH; radical. The ions at 
m/z 77 and 51, which are characteristic of aromatic rings, may form by cleavage 
on the other side of the carbonyl group. The ions at m/z 105 and 77 may 
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undergo another fragmentation, but the loss of another radical species is not 
generally observed from ions of this type, where all electrons are now paired 
up. Instead, even-electron neutrals, such as CO or C>Hz, are lost to give frag- 
ments m/z 77 and 51, respectively: 


Ot + 
2 nal 
OCH, 
—_ + -OCH, 
m/z 136 m/z 105 
ot | —co 
C 
OCH, is 
_ + -CO,CH, 
m/z 136 m/z 77 
| =GH, 
m/z 51 


Thus, the mass spectrum for peak 1 is consistent with the structure of 
methyl benzoate. We could further confirm our identification by consulting a 
library of mass spectra. If we had any pure methyl benzoate around, we could 
also prepare a standard and use both the GC retention time and the mass spec- 
trum of the standard as a means of confirming the compound identification. 

We can now move on to some other peaks in the chromatogram. The 
mass spectra for peaks 2 and 3 (Fig. 8.560, c) have many similar features to 
those of methyl benzoate. Both 2 and 3 show ions at m/z 51, 77, and 105. We 
can conclude that both compounds have a carbonyl group attached to an 
aromatic ring. We can next consider identification of the molecular ion. For 
peak 2, the highest mass ion is m/z 162. To determine if this is a reasonable 
assignment for M", we determine losses from m/z 162. The ions at m/z 133, 
120, and 105 could result from losses of 29, 42, and 57, respectively. None of 
these losses are unreasonable. We next want to consider two important 
pieces of information. First, if we assume that the MW is 162, we must add 
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(b) 
Figure 8.56b Electron ionization mass spectrum of peak 2, and (c). 
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(c) 
Figure 8.56c Electron ionization mass spectrum of peak 3. 


57 to the carbonyl substituted aromatic ring to make our molecule. Addition 
of a butyl group is a logical choice: 








O 
~C,H, 
105 | 57 
MW = 162 


Next we take note of the peak at m/z 120. The even mass of this ion, re- 
sulting from an even mass molecular ion, indicates that it is a special ion! 
Even-mass fragments generally result from rearrangement reactions, and 
rearrangements involving hydrogen transfers to carbonyl groups can pro- 
duce particularly informative product ions. If a butyl group is attached to 
the carbonyl, the following fragmentation pathway will occur, which nicely 
explains the m/z 120 peak: 


H 
— H H 
Se 
= _ aa 
= 42 + 


m/z 162 m/z 120 


To determine if this assignment makes sense, we go back to consideration 
of our reaction. How could this product be generated? If we assume that there 
is some unreacted n-butyllithium around after the methyl benzoate has been 
formed, then the following reaction is possible. Thus, we can feel quite confi- 
dent in our assignment for peak 2: 


O O 
oN 
OG Cc + ~OCH, 
——> 
er a 


MW = 62 
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Moving on to peak 3, we detect an ion at m/z 134. Let’s start by assuming 
that this is our molecular ion. The m/z 105 peak would result from a loss of 
29 (C>Hs) from m/z 134, which is a reasonable loss from M*-. This suggests, 
erroneously, that ethyl benzoate is our product: 








O 
~CH; 
105 | 29 
MW = 134 


Why is this identification incorrect? If we look back at the chromatogram in 
Figure 8.55 the chromatographic retention times tell us that something is 
amiss. Remember that compounds elute from the column in approximate 
order of increasing boiling point. We would expect that the butyl phenyl ke- 
tone would elute after, not before, the ethyl phenyl ketone! In addition, you 
would be hard pressed to propose a mechanism for formation of ethyl ben- 
zoate in the context of this reaction. Let’s go back and take another look at 
the mass spectrum. A careful examination shows a small peak at m/z 176. We 
may have incorrectly identified the molecular ion! If M*’ is m/z 176, this gives 
losses of 42 and 71 to form m/z 134 and 105, respectively. Now it looks like 
we have a pentyl group attached to the carbonyl, which agrees nicely with 
the chromatographic retention times. The m/z 134 ion becomes one of our 
special, even mass ions. What does this ion reveal about the pentyl group? 
The fact that the ion results from loss of 42, and not 58, clearly indicates that 
this is not an n-pentyl group. What makes the most sense is the branching 


shown below: 
H H H 
AS ee ee +o~ 
qe ie | 
we 
—_ ——— ij + [ 
—42 


m/z 176 m/z 134 


In terms of the chemistry of the reaction, this product also makes sense if 
deprotonation by n-butyllithium occurs « to the carbonyl, followed by reaction 


with methyl iodide: 
I . 
MW = 176 
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ORGANIC QUALITATIVE ANALYSIS 





One of the exciting challenges that a chemist faces on a regular basis 
is identifying organic compounds. This challenge is an excellent way for a stu- 
dent to be initiated into the arena of chemical research. Millions of organic 
compounds are recorded in the chemical literature. At first glance it may seem 
a bewildering task to attempt to identify one certain compound from this vast 
array, but most of these substances can be grouped, generally by functional 
groups, into a comparatively small number of classes. In addition, chemists 
have an enormous database of chemical and spectroscopic information, which 
has been correlated and organized over the years, at their disposal. Determi- 
nation of the physical properties of a molecule, the functional groups present, 
and the reactions the molecule undergoes has allowed the chemist to estab- 
lish a systematic, logical identification scheme. 

Forensic chemistry, the detection of species causing environmental pollu- 
tion, the development of new pharmaceuticals, progress in industrial research, 
and development of polymers all depend to a large extent on the ability of the 
chemist to isolate, purify, and identify specific chemicals. The objective of or- 
ganic qualitative analysis is to place a given compound, through screening 
tests, into one of a number of specific classes, which in turn greatly simplifies 
the identification of the compound. This screening is usually done by using a se- 
ries of preliminary observations and chemical tests, in conjunction with the in- 
strumental data that developments in spectroscopy have made available to the 
analyst. The advent of infrared (IR) and nuclear magnetic resonance (NMR) 
spectroscopy and mass spectrometry (MS) have had a profound effect on the 
approach taken to identify a specific organic compound. Ultraviolet (UV) spec- 
tra may also be utilized to advantage with certain classes of materials. 

The systematic approach taken in this text for the identification of an 
unknown organic compound is as follows: 





1. Preliminary tests are performed to determine the physical nature of 
the compound. 


2. The solubility characteristics of the unknown species are determined. 
This identification can often lead to valuable information related to the struc- 
tural composition of an unknown organic compound. 


Chapter 9: CoH, Triasterene (L. aster, star) 
Musso and Biethan (1964) 
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3. Chemical tests, mainly to assist in identifying elements other than 
C, H, or O, may also be performed. 

4. Classification tests are carried out to detect common functional groups 
present in the molecule. Most of these tests may be done using a few drops 
of a liquid or a few milligrams of a solid. An added benefit to the student, 
especially in relation to the chemical detection of functional groups, is that 
a vast amount of chemistry can be observed and learned in performing these 
tests. The successful application of these tests requires that you develop the 
ability to think in a logical manner and to interpret the significance of each 
result based on your observation. Later, as the spectroscopic techniques are 
introduced, the number of chemical tests performed are usually curtailed. 

5. The spectroscopic method of analysis is utilized. As your knowledge 
of chemistry develops, you will appreciate more and more the revolution that 
has taken place in chemical analysis over the past 25-30 years and the pow- 
erful tools now at your disposal for the identification of organic compounds. 
In the introductory laboratory, the techniques of IR, NMR, and UV-vis spec- 
troscopy, and mass spectrometry are generally explored. 


It is important to realize that negative findings are often as important as 
positive results in identifying a given compound. Cultivate the habit of follow- 
ing a systematic pathway or sequence so that no clue or bit of information is lost 
or overlooked along the way. It is important also to develop the attitude and 
habit of planning ahead. Outline a logical plan of attack, depending on the na- 
ture of the unknown, and follow it. As you gain more experience in this type of 
investigative endeavor, the planning stage will become easier. 

At the initial phase of your training, the unknowns to be identified will be 
relatively pure materials and will all be known compounds. The properties of 
these materials are recorded in the literature, and/or in the tables on the web- 





www)}-» site; see Chapter 9W. Later, perhaps, mixtures of compounds or samples of 
commercial products will be assigned for separation, analysis, and identifica- 
tion of the component compounds. 

Record all observations and results of the tests in your laboratory notebook. Re- 
view these data as you execute the sequential phases of your plan. This 
method serves to keep you on the path to success. 

A large number of texts have been published on organic qualitative analy- 
sis. Several references are cited here. 
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Micro and Semimicro Methods; Interscience: New York, 1964. Fuson, R.C. The Systematic Identification of Organic Compounds, 
Cheronis, N. D.; Entrikin, J. B.; Hodnett, E. M. Semimicro Qualitative 8th ed.; Wiley: New York, 2003. 
Organic Analysis, 3rd ed.; Interscience: New York, 1965. Vogel, A. I. Qualitative Organic Analysis, Part 2 of Elementary 
Feigl, F.; Anger, V. Spot Tests in Organic Analysis, 7th ed.; Elsevier: Practical Organic Analysis; Wiley: New York, 1966. 
New York, 1966. . Vogel’s Textbook of Practical Organic Chemistry, Including 
Pasto, D. J.; Johnson, C. R.; Miller, M. J. Experiments and Techniques in Qualitative Organic Analysis, 5th ed.; London: Longman 
Organic Chemistry; Prentice Hall: Englewood Cliffs, NJ, 1992. Group, 1989. 
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PRELIMINARY TESTS 


Preliminary tests help you select a route to follow to ultimately identify the un- 
known material at hand. These tests frequently consume material, so, given 
the amounts of material generally available at the micro- or semimicroscale 
level, judicious selection of the tests to perform must be made (in some tests, 
the material analyzed may be recovered). Each preliminary test that can be 
conducted with little expenditure of time and material can offer valuable clues as 
to which class a given compound belongs. 


Nonchemical Tests 


Physical State. If the material is a solid, a few milligrams of the sample may 
be viewed under a magnifying glass or microscope, which may give some in- 
dication as to the homogeneity of the material. Crystalline shape is often an 
aid in classifying the compound. 

Determine the melting point, using a small amount of the solid material. 
A narrow melting point range (1-2 °C is a good indication that the material is 
quite pure. If a broad range is observed, the compound must be recrystallized 
from a suitable solvent before proceeding. If the material undergoes decom- 
position on heating, try an evacuated (sealed-tube) melting point. If any evi- 
dence indicates that sublimation is occurring, an evacuated melting point 
should be run. Furthermore, this result indicates that sublimation might be 
used to purify the compound, if necessary. 

If the material is a liquid, the boiling point is determined by the ultramicro 
method. If sufficient material is on hand and the boiling point reveals that the 
material is relatively pure (narrow boiling point range), the density and the re- «{www 
fractive index can provide valuable information for identification purposes. 


Color. Since the majority of organic compounds are colorless, examination 
of the color can occasionally provide a clue as to the nature of the sample. 
Use caution, however, since tiny amounts of some impurities can color a sub- 
stance. Aniline is a classic example. When freshly distilled it is colorless, but 
on standing a small fraction oxidizes and turns the entire sample a reddish- 
brown color. 

Colored organic compounds contain a chromophore, usually extended con- 
jugation in the molecule. For example, 1,2-dibenzoylethylene (Experiments 
[3A] and [6]) is yellow; 5-nitrosalicylic acid (Experiment [29C]) is light yellow; 
tetraphenylcyclopentadienone (Experiment [A3,]) is purple. 

Can you identify the chromophores that cause these compounds to be col- 
ored? Note that a colorless liquid or white solid would not contain these units. 
Thus, compounds containing these groupings would be excluded from con- 
sideration as possible candidates in identification of a given substance. 


Odor. Detection of a compound’s odor can occasionally be of assistance, since 
the vast majority of organic compounds have no definitive odor. You should be- 
come familiar with the odors of the common compounds or classes. For exam- 
ple, aliphatic amines have a fishy smell; benzaldehyde (like nitrobenzene and 
benzonitrile) has an almond odor; esters have fruity odors (Experiments 
[8A—C]). Common solvents, such as acetone, diethyl ether, and toluene, all have 
distinctive odors. Butyric and caproic acids have rancid odors. Low molecular 
weight mercaptans (—SH) have an intense smell of rotten eggs. In many cases, 
extremely small quantities of certain relatively high molecular weight compounds 
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CAUTION 


CAUTION 








Figure 9.1 Heating on the microspatula. (Courtesy of Springer-Verlag, Vienna.) 


can be detected by their odor. For example, a Cy, unsaturated alcohol released 
by the female silk worm moth elicits a response from male moths of the same 
species at concentrations of 100 molecules/cm®. Odors are an important facet 
of chemical communication between plants and animals and often result in a 
spectacular behavioral response (see also Experiment [8]). 

Odor detection in humans involves your olfactory capabilities and thus 
can be a helpful lead, but very rarely can this property be used to strictly classify or 
identify a substance. As mentioned above, contamination by a small amount of 
an odorous substance is always a possibility. 





CAUTION: You should be very cautious when detecting odors. Any odor 
of significance can be detected several inches from the nose. Do not place 
the container closer than this to your eyes, nose, or mouth. Open the con- 
tainer of the sample and gently waft the vapors toward you. 





Ignition Test 





CAUTION: Make sure you are wearing safety glasses. 


Valuable information can be obtained by carefully noting the manner in 
which a given compound burns. The ignition test’ is carried out by placing 1-2 mg 
of the sample on a spatula, followed by heating and ignition with a microburner 
flame. Do not hold the sample directly in the flame; heat the spatula about 1 cm 
from the flat end and move the sample slowly into the flame (see Fig. 9.1). 

Important observations to be made concerning the ignition test are sum- 
marized in Table 9.1. 

As the sample is heated, you should make the following observations: 


1. Any melting or evidence of sublimation: This observation gives an 
approximate idea of the melting point by the temperature necessary to cause 
melting. 

2. Color of the flame as the substance begins to burn (see Table 9.1). 

3. Nature of the combustion (flash, quiet, or an explosion). Rapid, almost 
instantaneous combustion indicates high hydrogen content. Explosion indicates 


‘For an extensive discussion on examination of ignition residues see Feigl, F.; Anger, V. Spot 
Tests in Organic Analysis, 7th ed.; Elsevier: New York; 1966, p. 51. 
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Table 9.1 Ignition Test Observations 








Type of Compound Example Observation 
Aromatic compounds, unsatu- Toluene Yellow, sooty flame 
rated, or higher aliphatic 
compounds 
Lower aliphatic compounds Hexane Yellow, almost nonsmoky 
flame 
Compounds containing oxygen Ethanol Clear bluish flame 
Polyhalogen compounds Chloroform Generally do not ignite until 


burner flame applied directly 
to the substance 


Sugars and proteins Sucrose Characteristic odor 
Acid salts or organometallic Ferrocene Residue 
compounds 








Source. Cheronis, N. D.; Entrikin, J. B. Semimicro Qualitative Analysis; Interscience: New York, 
1947, p. 85. 





the presence of nitrogen- or nitrogen—oxygen-containing groups, for example, 
nitro groups (Experiment [29]). 


4. Nature of the residue, if present, after ignition. 

a. If a black residue remains and disappears on further heating at higher 
temperature, the residue is carbon. 

b. If the residue undergoes swelling during formation, the presence of 
a carbohydrate or similar compound is indicated. 

c. If the residue is black initially but still remains after heating, an oxide 
of a heavy metal is indicated. 

d. If the residue is white, the presence of an alkali or alkaline earth car- 
bonate or SiO, from a silane or silicone is indicated. 


SEPARATION OF IMPURITIES 


If the preliminary tests outlined above indicate that the unknown in question 
contains impurities, it may be necessary to carry out one of several purification 
steps. These techniques are discussed in earlier chapters and are summarized 
below for correlation purposes: 


1. 
. For a solid, recrystallization is generally used (see Technique 5). 
. Extraction is used if the impurity is insoluble in a solvent in which the 


For a liquid, distillation is generally used (see Techniques 2 and 3). 


compound itself is soluble (see Technique 4). 


. Sublimation is a very efficient technique if the compound sublimes (see 


Technique 9). 


. Chromatography (gas, column, and thin-layer) is often used (see Tech- 


niques 1 and 6A). 


These techniques may be applied to the separation of mixtures as well. 
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HOOD 


CAUTION 


CAUTION 


DETECTION OF ELEMENTS OTHER 
THAN CARBON, HYDROGEN, OR OXYGEN 


Other than C, H, and O, the elements that are most often present in organic com- 
pounds are nitrogen, sulfur, and the halogens (F, Cl, Br, or I). To detect the pres- 
ence of these elements, the organic compound is generally fused with metallic 
sodium. This reaction converts these heteroatoms to the water-soluble inorganic 
compounds, NaCN, NaS, and Nax. Inorganic qualitative analysis tests enable 
the investigator to determine the presence of the corresponding anions: 


Organic compound N a = 
NaX 


containing 


xNZ0OLN 


Sodium Fusion” 


NOTE. The fusion reaction is carried out in the hood. Make sure you are wear- 
ing safety glasses. All reagents must be of analytical grade, and deionized water 
must be used. 





CAUTION: Sodium metal can cause serious burns and it reacts vio- 
lently with water. 





In a small (10 X 75-mm) test tube (soft glass preferred), supported in a 
transite board (see Fig. 9.2), place about 25-30 mg of clean sodium metal 
(about one-half the size of a pea). 





CAUTION: Use forceps to make this transfer; never touch sodium 
metal with your fingers. 





Heat the tube with a flame until the sodium melts and sodium vapor is ob- 
served rising in the tube (see Fig. 9.2). 

Mix a small sample of your unknown compound (1-2 drops of a liquid; 
6-10 mg if a solid) with about 15-25 mg of powdered sucrose.* Gentle mixing 
of solids may be done on filter paper or glassine weighing paper; liquids can 
be mixed on a watch glass. Add this mixture to the tube, being careful not to 
get any material on the sides of the test tube. 


NOTE. The addition of sucrose to the sample helps reduce various nitrogen or sulfur 
compounds. It also absorbs volatile materials so that they may undergo the desired 
reaction before significant vaporization can occur. 


Now heat the tube gently to initiate the reaction with sodium. Remove the 
flame until the reaction subsides, and then heat to redness for 1-2 min. Allow the 


*See Campbell, K. N.; Campbell, B. K. J. Chem. Educ. 1950, 27, 261 for a discussion of 
the procedure. 
Ordinary confectioner’s sugar purchased at the supermarket can be used. 
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Transite 
beard 






10 = 75mm 
Pyrex 
test tube 


Sodium vapor 


Sodium (25-30 me) 


Figure 9.2 Apparatus for sodium fusion. 


tube and contents to cool to room temperature. Then, and only then, cautiously 
add several drops of methanol (using a Pasteur pipet) to decompose any unre- 
acted metallic sodium. Gently warm the mixture to drive off the excess methanol. 

Reheat the tube to a bright red. While the tube is still red hot, lift the tran- 
site board and test tube from the iron ring and place the tube in a small beaker 
(30 mL) containing about 15 mL of deionized water (the transite board acts as 
a cover on the beaker). 





CAUTION: The soft-glass tube usually cracks and breaks during this CAUTION 
operation. 


Break up the tube with a glass rod, heat the solution to boiling and filter it 
by gravity into a clean 50-mL Erlenmeyer flask. Wash the filter paper with an 
additional 2.0 mL of distilled water and combine this wash with the original 
filtrate. 


NOTE. If a Pyrex test tube is used, after the unreacted sodium metal is completely 
destroyed by adding methanol, add 2 mL of deionized water directly to the tube 
and contents. Place a glass stirring rod in the tube and heat the solution to boil- 
ing with stirring and then filter as described above. Dilute the filtrate with deion- 
ized water to about 5 mL. 


Using the Fusion Solution. The clear, colorless fusion solution is used to 
test for the presence of CN” (nitrogen), S*~ (sulfur), and X~ (halogens, 
except F”) as described in the following sections. 


Sulfur 


1. Place 2-3 drops (Pasteur pipet) of the fusion solution on a white spot 
plate, followed by 2 drops of water. Now add 1 drop of dilute (2%) aqueous 
sodium nitroprusside solution. The formation of a deep blue-violet color is 
a positive test for sulfur: 


Na,S + Na,Fe(CN);NO — > Na,[Fe(CN);NOS] 


Sodium nitroprusside Blue-violet complex 
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HOOD 


2. Place 3-4 drops (Pasteur pipet) of the fusion solution on a white spot 
plate followed by 1-2 drops of acetic acid. Now add 1 drop of 1% lead(II) 
acetate solution. The formation of a black precipitate (lead sulfide) indicates 
the presence of sulfur. 


Nitrogen* 

Reagents 

1. A 1.5% solution of p-nitrobenzaldehyde in 2-methoxyethanol 
2. A 1.7% solution of o-dinitrobenzene in 2-methoxyethanol 

3. A 2.0% solution of NaOH in distilled water 


NOTE. All reagent drops are dispensed using Pasteur pipets. 


On a white spot plate, place together: 5 drops of reagent 1, 5 drops of 
reagent 2, and 2 drops of reagent 3. Stir this mixture gently with a glass rod. 

Now add 1 drop of the fusion solution. The formation of a deep-purple 
color is a positive test for the presence of CN ion; a yellow or tan coloration 
is negative. If a positive result is obtained, nitrogen is present in the sample. 

The test is valid in the presence of halogens (NaX) or sulfur (Na,S). It is 
much more sensitive than the traditional Prussian Blue test.” 


The Soda Lime Test. In a 10 X 75-mm test tube, mix about 50 mg of soda 
lime and 50 mg of MnO3>. Add 1 drop of a liquid unknown or about 10 mg of 
a solid unknown. Place over the mouth of the tube a moist strip of Brilliant 
Yellow paper (moist, red litmus paper is an alternative). Using a test tube 
holder, hold the tube at an incline (pointing away from you and others) and heat 
the contents gently at first and then quite strongly. Nitrogen-containing com- 
pounds will usually evolve ammonia. 

A positive test for nitrogen is the deep red coloration of the Brilliant Yellow 
paper (or blue color of the litmus paper). 


The Halogens (Except Fluorine) 


Using the Fusion Solution. In a10 X 75-mm test tube containing a boil- 
ing stone, place 0.5 mL (calibrated Pasteur pipet) of the fusion solution. Care- 
fully acidify this solution by the dropwise addition of dilute HNO; (nitric acid), 
delivered from a Pasteur pipet (test acidity with litmus paper). If a positive test 
for nitrogen or sulfur was obtained, heat the resulting solution to a gentle boil 
(stir with a microspatula to prevent boilover) for 1 min over a microburner in 
the hood to expel any HCN or HS that might be present. Then cool the tube 
to room temperature. 

To the resulting cooled solution, add 2 drops (Pasteur pipet) of aqueous 
0.1 M AgNO; solution. 


“Adapted from Guilbault, G. G.; Kramer, D. N. Anal. Chem. 1966, 39, 834. Idem. J. Org. Chem. 
1966, 31, 1103. See also Shriner, R. L.; Fuson, R. C.; Morrill, T. C. The Systematic Identification of 
Organic Compounds, 6th ed.; Wiley: New York, 1980, p. 80. 

°See Vogel, A. I. Elementary Practical Organic Chemistry, Part 2, 2nd ed.; Wiley: New York, 1966, 
p. 37. 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c09_629-664.qxd 11/23/09 9:28 AM Page 637 
EQA 


Detection of Elements Other Than Carbon, Hydrogen, or Oxygen 637 


A heavy curdy-type precipitate is a positive test for the presence of Cl, 
Br ,orl ion. A faint turbidity is a negative test. 


AgCl precipitate is white. 

AgBr precipitate is pale yellow. 

Ag] precipitate is yellow. 

AgF is not detected by this test since it is relatively soluble in water. 


The silver halides have different solubilities in dilute ammonium hydrox- 
ide solution. 

Centrifuge the test tube and contents and remove the supernatant liquid 
using a Pasteur filter pipet. Add 0.5 mL (calibrated Pasteur pipet) of dilute am- 
monium hydroxide solution to the precipitate and stir with a glass rod to de- 
termine whether the solid is soluble. 


AgcCl is soluble in ammonium hydroxide due to the formation of the 
complex ion, [Ag(NHs)0] *. 

AgBr is slightly soluble in this solution. 

Agl is insoluble in this solution. 


A Further Test. Once the presence of a halide ion has been established, a 
further test is available to help you distinguish between Cl", Br’, andI” ions.° 

As described above, acidify 0.5 mL of the fusion solution with dilute 
HNOs. To this solution, add 5 drops (Pasteur pipet) of a 1.0% aqueous KMnO, 
solution and shake the test tube for about 1 min. 

Now add 10-15 mg of oxalic acid, enough to decolorize the excess purple 
permanganate, followed by 0.5 mL of methylene chloride solvent. Stopper, 
shake, and vent the test tube and allow the layers to separate. Observe the 
color of the CH2Cl> (lower) layer. 


A clear methylene chloride layer indicates Cl” ion. 
A brown methylene chloride layer indicates Br’ ion. 
A purple methylene chloride layer indicates I” ion. 


The colors may be faint and should be observed against a white background. 


The Beilstein Test’. In the Beilstein test organic compounds that contain chlo- 
rine, bromine, or iodine, and hydrogen decompose on ignition in the presence of 
copper oxide, to yield the corresponding hydrogen halides. These hydrogen 
halides react to form the volatile cupric halides that impart a green or blue-green 
color to a nonluminous flame. It is a very sensitive test, but some nitrogen- 
containing compounds and some carboxylic acids also give positive results. 

Pound one end of a 4-in. long copper wire to form a flat surface that can 
act as a spatula. The other end of the wire is stuck in a cork stopper to serve as 
an insulated handle. 

Heat the flat tip of the wire in a flame until coloration of the flame is 
negligible. 


For a further test to distinguish between the three halide ions see Shriner, R. L.; Fuson, R. C.; 
Morrill, T. C. The Systematic Identification of Organic Compounds, 6th ed.; Wiley: New York, 1980, 
p. 81. Also see this reference (p. 85) for a specific test for the F- ion. 

“Beilstein, F. Berichte 1872, 5, 620. 
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On the cooled flat surface of the wire, place a drop (Pasteur pipet) of liq- 
uid unknown or a few milligrams of solid unknown. Gently heat the material 
in the flame. The carbon present in the compound will burn first, so the flame 
will be luminous, but then the characteristic green or blue-green color may be 
evident. It may be fleeting, so watch carefully. 

It is recommended that a known compound containing a halogen be 
tested so that you become familiar with the appearance of the expected color. 

Fluoride ion is not detected by this test, since copper fluoride is not volatile. 


SOLUBILITY CHARACTERISTICS 


Determination of the solubility characteristics of an organic compound can of- 
ten give valuable information as to its structural composition. It is especially 
useful when correlated with spectral analysis. Several schemes have been pro- 
posed that place a substance in a definite group according to its solubility in 
various solvents. The scheme presented below is similar to that outlined in 
Shriner et al.® 

There is no sharp dividing line between soluble and insoluble, and an 
arbitrary ratio of solute to solvent must be selected. We suggest that a com- 
pound be classified as soluble if its solubility is greater than 15 mg/500 wL of 
solvent. 

Carry out the solubility determinations, at ambient temperature, in 
10 X 75-mm test tubes. Place the sample (~15 mg) in the test tube and add 
a total of 0.5 mL of solvent in three portions from a graduated or calibrated 
Pasteur pipet. Between addition of each portion, stir the sample vigorously 
with a glass stirring rod for 1.5—2 min. If the sample is water soluble, test the 
solution with litmus paper to assist in classification according to the solubility 
scheme that follows. 


NOTE. To test with litmus paper, dip the end of a small glass rod into the solution 
and then gently touch the litmus paper with the rod. Do not dip the litmus paper 
into the test solution. 


In doing the solubility tests follow the scheme in the order given. Keep a 
record of your observations. 


Step I Test for water solubility. If soluble, test the solution with litmus 
paper. 

Step Il. If water soluble, determine the solubility in diethyl ether. This test 
further classifies water-soluble materials. 

Step Ill. Water-insoluble compounds are tested for solubility in a 5% aque- 
ous NaOH solution. If soluble, determine the solubility in 5% aqueous 
NaHCOs. The use of the NaHCO; solution aids in distinguishing between 
strong (soluble) and weak (insoluble) acids. 

Step IV Compounds insoluble in 5% aqueous NaOH are tested for solu- 
bility ina 5% HCl solution. 


8Shriner, R. L.; Fuson, R. C.; Morrill, T. C. The Systematic Identification of Organic Compounds, 
6th ed.; Wiley: New York, 1980. 
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Step V Compounds insoluble in 5% aqueous HCl are tested with concen- 
trated H2SO,. If soluble, further differentiation is made using 85% H3PO,, 


as shown in the scheme. 


Step VI Miscellaneous neutral compounds containing oxygen, sulfur, or 
nitrogen are normally soluble in strong acid solution: 


Acid to litmus 


RCOOH (C,-C;) 












































(blue ——> red) ArSO3H 
Basic to litmus 1°, 2°, 3° Amines Cc 
(red > blue) _ (aliphatic) ce | Ether 
O soluble 
| 
Neutral to litmus_|R—OH, RCHO,R—C—R, f Gr-Gs 
R—COOR'’, RCN, RCONH, 
Polybasic acids, hydroxyacids, glycols, Ether- 
Il acid salts, amine hydrochlorides, amino acids | insoluble 
Strong RCOOH (>C,), 
RSO3H, some phenols 
Soluble 
Soluble 5% NaHCO, 
I 
Insoluble Weak RCOOH (>C;), 
Unknown Water '________ most phenols, enols, 
organic = =———* sulfonamides 
compound I Soluble 
1°, 2°, 3° Amines (R>Cs), 
Insoluble ArNH ROH, RCHO 
5% NaOH cyclic ketones Ces 
a oor Solable -————. RCOOR, RCOCH; 
nsolu R—O—R (<C;,) 
5% HCl Soluble 7 
<i Iv 85% H3PO, 
Miscellaneous - - - - - ------------ 
neutral compunds Insoluble Soluble Insoluble 
a . me a 5(>Cs), i. Unsaturated hydrocarbons, 
eas Shae acs Oe concd H,SO, R—O—R (>C,) 
mercaptans, sulfides ’ 
V some ketones, 
incalinle aromatic compounds 








Saturated hydrocarbons, 
haloalkanes, 

arylhalides, 

some aromatic compounds 


To classify a given compound, it may not be necessary to test its solubility 
in every solvent. Do only those tests that are required to place the compound in one 
of the solubility groups. Make your observations with care, and proceed in a log- 
ical sequence as you make the tests. 
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THE CLASSIFICATION TESTS? 


NOTE. For all tests given in this section, drops of reagents are measured out using 
Pasteur pipets. 


Alcohols 


Ceric Nitrate Test 

INSTRUCTOR PREPARATION. The reagent is prepared by dissolving 4.0 g of 
ceric ammonium nitrate [(NH4),Ce(NO3)¢] in 10 mL of 2 M HNO3. Warming may 
be necessary. 


Primary, secondary, and tertiary alcohols with fewer than 10 carbon atoms 
give a positive test as indicated by a change in color from yellow to red: 


(NH4)2Ce(NOs3)¢ + RCH2OH —> [alcohol + reagent] 
Yellow (Red complex) 


Place 5 drops of test reagent on a white spot plate. Add 1-2 drops of the 
unknown sample (5 mg if a solid). Stir with a thin glass rod to mix the compo- 
nents and observe any color change. 


1. If the alcohol is water insoluble, 3-5 drops of dioxane may be added, 
but run a blank to make sure the dioxane is pure. Efficient stirring gives pos- 
itive results with most alcohols. 


2. Phenols, if present, give a brown color or precipitate. 


Chromic Anhydride Test: The Jones Oxidation 

INSTRUCTOR PREPARATION. The reagent is prepared by slowly adding a sus- 
pension of 1.0 g of CrO3 in 1.0 mL of concentrated H2SO4 to 3 mL of water. Allow 
the solution to cool to room temperature before using. 


The Jones oxidation test is a rapid method to distinguish primary and sec- 
ondary alcohols from tertiary alcohols. A positive test is indicated by a color 
change from orange (the oxidizing agent, Cr°*) while the oxidizing agent is 





itself reduced to the blue green (Cr?*): 
RCH,OH eee RCOH 
or + H,Cr,0, ———> Cr,(SO,)3 + or 
R,CHOH Orange Green R,C=O 


The test is based on oxidation of a primary alcohol to an aldehyde or acid, and 
of a secondary alcohol to a ketone. 

On a white spot plate, place 1 drop of the liquid unknown (10 mg if a 
solid). Add 10 drops of acetone and stir the mixture with a thin glass rod. Add 


°*For a detailed discussion of classification tests see (a) Shriner, R. L.; Fuson, R. C.; Morrill, 
T. C. The Systematic Identification of Organic Compounds, 6th ed.; Wiley: New York, 1980, p. 138; 
(b) Pasto, D. J.; Johnson, C. R.; Miller, M. J. Experiments and Techniques in Organic Chemistry; 
Prentice Hall: Englewood Cliffs, NJ, 1992. 
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1 drop of the test reagent to the resulting solution. Stir and observe any color 
change within a 2-second time period. 


1. Run a blank to make sure the acetone is pure. 

2. Tertiary alcohols, unsaturated hydrocarbons, amines, ethers, and 
ketones give a negative test within the 2-s time frame for observing the color 
change. Aldehydes, however, give a positive test, since they are oxidized to 
the corresponding carboxylic acids. 


The HClI/ZnCl, Test: The Lucas Test 


INSTRUCTOR PREPARATION. The Lucas reagent is prepared by dissolving 16 g 
of anhydrous ZnCl, in 10 mL of concd HCl while it is cooling in an ice bath. 


The Lucas test is used to distinguish between primary, secondary, and tertiary 
monofunctional alcohols having fewer than six carbon atoms: 





ZnCl, 
R—OH + Ht > R* + H,O 
Soluble 
a5. Rc 
Insoluble 


The test requires that the alcohol initially be soluble in the Lucas test reagent 
solution. As the reaction proceeds, the corresponding alkyl chloride is formed, 
which is insoluble in the reaction mixture. As a result, the solution becomes 
cloudy. In some cases a separate layer may be observed. 


1. Tertiary, allyl, and benzyl alcohols react to give an immediate cloudi- 
ness to the solution. You may be able to see a separate layer of the alkyl chlo- 
ride after a short time. 

2. Secondary alcohols generally produce a cloudiness within 3-10 min. 
The solution may have to be heated to obtain a positive test. 

3. Primary alcohols having less than six carbon atoms dissolve in the 
reagent but react very, very slowly. Those having more than six carbon atoms 
do not dissolve to any significant extent, no reaction occurs, and the aque- 
ous phase remains clear. 

4. A further test to aid in distinguishing between tertiary and secondary 
alcohols is to run the test using concentrated hydrochloric acid. Tertiary alco- 
hols react immediately to give the corresponding alkyl halide, whereas sec- 
ondary alcohols do not react under these conditions. 


In a small test tube prepared by sealing a Pasteur pipet off at the shoulder —> 
(m), place 2 drops of the unknown (10 mg if a solid) followed by 10 drops of 
the Lucas reagent. 

Shake or stir the mixture with a thin glass rod and allow the solution to 
stand. Observe the results. Based on the times given above, classify the alcohol. f 


Smail tube 





Seal here with 
micro burner 


Additional points to consider: 

1. Certain polyfunctional alcohols also give a positive test. 

2. If an alcohol having three or fewer carbons is expected, a 1-mL conical 
vial equipped with an air condenser should be used to prevent low molecular 
weight alkyl chlorides (volatile) from escaping and thus remaining undetected. 
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The Iodoform Test. This test is positive for compounds that on oxidation 
generate methyl ketones (or acetaldehyde) under the reaction conditions. For 
example, methyl carbinols (secondary alcohols having at least one methyl 
group attached to the carbon atom to which the — OH is attached), acetalde- 
hyde, and ethanol give positive results. 

For the test see Methyl Ketones and Methyl Carbinols (p. 651). 


Periodic Acid: Vicinal Diols 


INSTRUCTOR PREPARATION. This reagent solution is prepared by dissolving 
250 me of periodic acid (HsIO¢) in 50 mL of deionized water. 


Vicinal diols (1,2 diols) are differentiated from the simple alcohols by the 
characteristic reaction below. Metaperiodic acid (HIO,) selectively oxidizes 
1,2-diols to give carbonyl compounds: 

OH +:OH 
\ i HIO, ‘es a - 

a \" 0 2 am H,0 HIO, 
1,2-Diol 


The test is based on the instantaneous formation of a white precipitate of 
silver iodate (AgIO3) following addition of silver nitrate: 


HIO; + AgNO; —> HNO; + AgIO3 4 


Place 2 mL of the periodic acid reagent solution in a small test tube. 

Add 2 drops of concentrated nitric acid and mix the solution thoroughly. 
Add 2 drops of a liquid unknown (~2-5 mg of a solid) and mix again. Now 
add 2-3 drops of 5% aqueous silver nitrate solution. An instantaneous white 
precipitate constitutes a positive test. 

a-Hydroxyaldehydes, a-hydroxyketones, a-hydroxyacids, 1,2-diketones, 
and a-aminoalcohols also give a positive test. 


Aldehydes and Ketones 

The 2,4-Dinitrophenylhydrazine Test 

INSTRUCTOR PREPARATION. The reagent solution is prepared by dissolving 1.0 g 
of 2,4-dinitrophenylhydrazine in 5.0 mL of concentrated sulfuric acid. This solution 
is slowly added, with stirring, to a mixture of 10 mL of water and 35 mL of 95% 
ethanol. After mixing, filter the solution. 


Aldehydes and ketones react rapidly with 2,4-dinitrophenylhydrazine to 
form 2,4-dinitrophenylhydrazones. These derivatives range in color from yellow 
to red, depending on the degree of conjugation in the carbonyl compound: 





NO 
i 2 
i NO, RC=NNH NO, 
or | + H,NNH Var, NO, > or 
R,C =O NO, 
R,C=NNH NO, 
2,4-Dinitrophenylhydrazine Yellow-to-red precipitate 
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On a white spot plate place 7-8 drops of 2,4-dinitrophenylhydrazine 
reagent solution. 

Then add 1 drop of a liquid unknown. If the unknown is a solid, add 1 drop 
of a solution prepared by dissolving 10 mg of the material in 10 drops of 
ethanol. The mixture is stirred with a thin glass rod. The formation of a red- 
to-yellow precipitate is a positive test. 


NOTE. The reagent, 2,4-dinitrophenylhydrazine, is orange-red and melts at 198 °C 
(dec). Do not mistake it for a derivative! 


Reactive esters or anhydrides react with the reagent to give a positive test. 
Allylic or benzylic alcohols may be oxidized to aldehydes or ketones, which in 
turn give a positive result. Amides do not interfere with the test. Be sure that 
your unknown is pure and does not contain aldehyde or ketone impurities. 

Phenylhydrazine and p-nitrophenylhydrazine are often used to prepare 
the corresponding hydrazones. These reagents also yield solid derivatives of 
aldehydes and ketones. 


Silver Mirror Test for Aldehydes: Tollens Reagent. This reaction 
involves the oxidation of aldehydes to the corresponding carboxylic acid, using 
an alcoholic solution of silver ammonium hydroxide. A positive test is the for- 
mation of a silver mirror, or a black precipitate of finely divided silver: 


H 0: 
| . e VA 2 
RC=O! + 2 Ag(NH,),0H ——> 2 Ag| + R—C + H,O + 3NH, 
0, ,NH,* 


The test should be run only after the presence of an aldehyde or ketone has 
been established. 

In a small test tube prepared from a Pasteur pipet (see the Lucas test) place 
1.0 mL of a 5% aqueous solution of AgNOs, followed by 1 drop of aqueous 
10% NaOH solution. Now add concentrated aqueous ammonia, drop by drop 
(2-4 drops) with shaking, until the precipitate of silver oxide just dissolves. 
Add 1 drop of the unknown (10 mg if a solid), with shaking, and allow the re- 
action mixture to stand for 10 min at room temperature. If no reaction has oc- 
curred, place the test tube in a sand bath at 40 °C for 5 min. Observe the result. 


Additional points to consider: 
1. Avoid a large excess of ammonia. 
2. Reagents must be well mixed. Stirring with a thin glass rod is recom- 
mended. 
3. This reagent is freshly prepared for each test. It should not be stored since CAUTION 
decomposition occurs with the formation of AgN3, which is explosive. 
4. This oxidizing agent is very mild and thus alcohols are not oxidized 
under these conditions. Ketones do not react. Some sugars, acyloins, hydrox- 
ylamines, and substituted phenols do give a positive test. 


Chromic Acid Test 


INSTRUCTOR PREPARATION. The reagent is prepared by dissolving 1 g of 
chromium trioxide in 1 mL of concd H2SOx, followed by 3 mL of HO. 
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CAUTION 


Chromic acid in acetone rapidly oxidizes aldehydes to carboxylic acids. 
Ketones react very slowly, or not at all. 

Ina 3-mL vial or small test tube, place 2 drops of a liquid unknown (~10 mg 
if a solid) and 1 mL of spectral-grade acetone. Now add several drops of the 
chromic acid reagent. 

A green precipitate of chromous salts is a positive test. Aliphatic aldehydes 
give a precipitate within 30 s; aromatic aldehydes take 30-90 s. 

The reagent also reacts with primary and secondary alcohols (see Chromic 
Anhydride Test: Jones Oxidation, p. 640). 


Bisulfite Addition Complexes 


INSTRUCTOR PREPARATION. The reagent is prepared by mixing 1.5 mL of 
ethanol and 6 mL of a 40% aqueous solution of sodium bisulfite. Filter the reagent 
before use, if a small amount of the salt does not dissolve. 


Most aldehydes react with a saturated sodium bisulfite solution to yield a 
crystalline bisulfite addition complex: 





SO3, Na* 
\.. ~~ NaHsO,; = \ / 
C=O —~ 
/ “  HrorHO /\., 

OH 


The reaction is reversible and thus the carbonyl compound can be recovered 
by treatment of the complex with aqueous 10% NaHCO; or dilute HCl solution. 

Place 50-75 wL of the liquid unknown in a small test tube and add 150 pL 
of the sulfite reagent and mix thoroughly. 

A crystalline precipitate is a positive test. 

Alkyl methyl ketones and unhindered cyclic ketones also give a positive test. 


Alkanes and Cycloalkanes: Saturated Hydrocarbons 


Iodine Charge-Transfer Complex. Alkanes exhibit a negative iodine 
charge-transfer complex test. Species containing 7 electrons or nonbonded 
electron pairs produce a brown solution. This color formation is due to the 
charge-transfer complex between iodine and the available electrons: 


\/ 
C \ 
eon or ?O:++ +1, 
Z* 

Solutions of iodine and nonparticipating compounds are violet in color. 

On a white spot plate, place a small crystal of iodine. Now add 2-3 drops 
of a liquid unknown. Alkanes give a negative test (violet color). 

The test is run only on liquid unknowns. Saturated hydrocarbons, fluori- 
nated and chlorinated saturated hydrocarbons, and aromatic hydrocarbons 


and their halogenated derivatives all give violet solutions. All other species 
give a positive test (brown solution). 


Concentrated Sulfuric Acid. Saturated hydrocarbons, halogenated satu- 
rated hydrocarbons, simple aromatic hydrocarbons, and their halogenated 
derivatives are insoluble in cold concentrated sulfuric acid. 

In a small test tube, using caution, place 100 wL of cold concentrated sul- 
furic acid. Now add 50 wL of an unknown. A resulting heterogeneous solution 
(the unknown does not dissolve) is a positive test for a saturated hydrocarbon. 
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Alkenes, and compounds having a functional group containing a nitrogen 
or oxygen atom, are soluble in cold, concentrated acid. 


Alkenes and Alkynes: Unsaturated Hydrocarbons 


Bromine in Methylene Chloride. Unsaturated hydrocarbons readily add 
bromine (Br2). An example of this reaction is given in Experiment [F2]: 








Br* . Br 
™“cuc* 4B CN, Bt : é 
— r. . i > ‘i 
A ~N 2 wy W | AZ 
Br 


The test is based on the decolorization of a red-brown bromine—methylene 
chloride solution. 





CAUTION: Bromine is highly toxic and can cause burns. CAUTION 





Ina10 X 75-mm test tube, or in a small tube prepared from a Pasteur pipet 
(see Lucas test), place 2 drops of a liquid unknown (~15 mg if a solid) fol- 
lowed by 0.5 mL of methylene chloride. Add dropwise, in the hood with shak- HOOD 
ing, a 2% solution of bromine in methylene chloride solvent. The presence of 
an unsaturated hydrocarbon will require 2-3 drops of the reagent before the 
reddish-brown color of bromine persists in the solution. 


Additional points to consider: 

1. Methylene chloride is used in place of the usual carbon tetrachloride 
(CCl) because it is less toxic. 

2. Phenols, enols, amines, aldehydes, and ketones interfere with this test. 


Permanganate Test: Baeyer Test for Unsaturation. Unsaturation in an 
organic compound can be detected by the decolorization of permanganate solu- 
tion. The reaction involves the cis hydroxylation of the alkene to give a 1,2 diol 





(glycol): 
Mn, a _ | 1s 7 
7 CHCy + 2Mn0O, + 4,0 —> C— + 2Mn0, + 20H 
?OH ‘OH 


On a white spot plate, place 0.5 mL of alcohol-free acetone, followed by 
2 drops of the unknown compound (~15 mg if a solid). Now add dropwise 
(2-3 drops), with stirring, a 1% aqueous solution of potassium permanganate 
(KMnO,). A positive test for unsaturation is the discharge of purple perman- 
ganate color from the reagent and the precipitation of brown manganese oxides. 

Any functional group that undergoes oxidation with permanganate inter- 
feres with the test (phenols, aryl amines, most aldehydes, primary and secondary 
alcohols, etc.). 


Alkyl Halides 


Silver Nitrate Test. Alkyl halides that undergo the Sy1 substitution reaction 
react with alcoholic silver nitrate (AgNOs) to form a precipitate of the corre- 
sponding silver halide. 
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Secondary and primary halides react slowly or not at all at room tempera- 
ture. However, they do react at elevated temperatures. Tertiary halides react 
immediately at room temperature. 

In a 1.0-mL conical vial place 0.5 mL of 2% ethanolic AgNO; solution 
and 1 drop of unknown (~10 mg if a solid). A positive test is indicated by 
the appearance of a precipitate within 5 min. If no reaction occurs, add a 
boiling stone and equip the vial with an air condenser. Heat the solution at 
gentle reflux for an additional 5 min using a sand bath. Cool the solution. 

If a precipitate is formed, add 2 drops of dilute HNO3. Silver halides will 
not dissolve in nitric acid solution. 


Additional points to consider: 


1. The order of reactivity for R groups is allyl = benzyl > tertiary > sec- 
ondary > > > primary. For the halide leaving groups the order is I > Br > Cl. 

2. Acid halides, a-haloethers, and 1,2-dibromo compounds also give a 
positive test at room temperature. Only activated aryl halides give a positive 
test at elevated temperatures. 


Sodium Iodide in Acetone 


INSTRUCTOR PREPARATION. The reagent is prepared by dissolving 3 g of 
sodium iodide (Nal) in 25 mL of acetone. Store in a dark bottle. 


Primary alkyl chlorides and bromides can be distinguished from aryl and 
alkenyl halides by reaction with sodium iodide in acetone (Finkelstein reaction): 


acetone 


R—X+Nal —“S R—I+ Naxl 
X = CBr 


Primary alkyl bromides undergo an Sy2 displacement reaction within 
5 min at room temperature, and primary alkyl chlorides only at 50 °C. 

In a 1.0-mL conical vial, place 1 drop of a liquid unknown (~10 mg if a 
solid) and 3 drops of acetone. To this solution add 0.5 mL of sodium 
iodide—acetone reagent. 

A positive test is the appearance of a precipitate of NaX within 5 min. 
If no precipitate is observed, add a boiling stone and equip the vial with an 
air condenser. Warm the reaction mixture in a sand bath at about 50 °C for 
5 min. Cool to room temperature and determine whether a reaction has 
occurred. 


Additional points to consider: 


1. Benzylic and allylic chlorides and bromides, acid chlorides and bro- 
mides, and a-haloketones, a-haloesters, a-haloamides, and a-halonitriles 
also give a positive test at room temperature. 


2. Primary and secondary alkyl chlorides, and secondary and tertiary 
alkyl bromides, react at 50 °C under these conditions. 


3. If the solution turns red brown in color, iodine is being liberated. 
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Amides, Ammonium Salts, and Nitriles 


Hydroxamate Test for Amides. Unsubstituted (on nitrogen) amides, and 
the majority of substituted amides, will give a positive hydroxamate test: 





: propylene O: 
// 2 a lycol VA 
(Ar, R)—C + H.N—OH = (Ar, R)—C +H-Q 
QO NHOH 
where Q = NH,, NHR’, or NR’R |Fe Cl, 
(Ar, R) Nc Ze. 
| Fe 
Nee = 
H~ OO Js 
Red violet 


The hydroxamic acid is identified by formation of a red-to-purple color in 
the presence Fe** of ion, as for the test with esters (see page 650). 

In a 3.0-mL conical vial containing a boiling stone and equipped with an 
air condenser place 1 drop of a liquid unknown (~10 mg if a solid), followed by 
0.5 mL of 1 M hydroxylamine hydrochloride—-propylene glycol solution. Heat 
the resulting mixture to reflux temperature (~190 °C) using a sand bath, and re- 
flux for 3-5 min. Cool the solution to room temperature, and add 2 drops of 5% 
aqueous FeCl; solution. The formation of a red-to-purple color is a positive test. 


Alkaline Hydrolysis. Ammonium salts, amides, and nitriles undergo hy- 
drolysis in alkaline solution to form ammonia gas, or an amine: 














‘O° 
Ie se - 
R—C—NH, “C+ R—- + NH, 
; ee ae 
O:,Na 
IL? se U 2: 
R—C—NurR’ C4. R—C + HNR’ 1 
2 oe 
O:,Na* 
|. I . 
R—C—NR), “55> R C + HNR;, t 
2 oe 
O:,Na* 
NaOH I = 
R-CN: ig > RC + NH, t 
O:,Na* 


Detection of ammonia from ammonium salts, primary amides, and 
nitriles, by use of a color test using copper sulfate solution, constitutes a positive 
test for these functional groups. The same test may also be used for secondary 
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and tertiary amides that can generate low molecular weight (volatile) amines 
upon hydrolysis. 

In a 1.0-mL conical vial containing a boiling stone, and equipped with an 
air condenser, place 1-2 drops of the unknown liquid (~10 mg if a solid) and 
0.5 mL of 20% aqueous NaOH solution. Heat this mixture to gentle reflux on a 
sand bath. Moisten a strip of filter paper with 2 drops of 10% aqueous copper 
sulfate solution and place it over the top of the condenser. Formation of a blue 
color (copper ammonia [or amine] complex) is a positive test. 

The filter paper may be held in place using a small test tube holder or other 
suitable device. 


Amines 


Copper Ion Test. Amines will give a blue-green coloration or precipitate 
when added to a copper sulfate solution. In a small test tube, place 0.5 mL of 
a 10% copper sulfate solution. Now add 1 drop of an unknown (~10 mg if a 
solid). The blue-green coloration or precipitate is a positive test. Ammonia will 
also give a positive test. 


Hinsberg Test. The Hinsberg test is useful for distinguishing between primary, 
secondary, and tertiary amines. The reagent used is p-toluenesulfonyl chloride in 
alkaline solution. 

Primary amines with fewer than seven carbon atoms form a sulfonamide 
that is soluble in the alkaline solution. Acidification of the solution results in 
the precipitation of the insoluble sulfonamide: 


He )-s0.0 <RoNH, “=> we {So Na* 
excess 
= id 
Hc—{_)-s0,Nn Na* == Hyc—{_)-SO.NHR + NaCl + H,O 
excess 


base 
(soluble) (insoluble) 











Secondary amines form an insoluble sulfonamide in the alkaline solution: 





excess 
b 
He )-so. +R Oe Hyc—{_)-S0NR, + NaCl + H,O => no change 


(insoluble) 


Tertiary amines normally give no reaction under these conditions: 





He-{ 80,0 + RN OH, HC \ 805 + NR; + 2Na*+ Cl + H,0 


(soluble) (oil) 


In a 1.0-mL conical vial containing a boiling stone, and equipped with an 
air condenser, place 0.5 mL of 10% aqueous sodium hydroxide solution, 
1 drop of the sample unknown (~10 mg if a solid), followed by 30 mg of 


HOOD _ p-toluenesulfonyl chloride (in the hood). Heat the mixture to reflux for 2-3 min 


—p— CONFIRMING PAGES 


ag aptara 


EQA 


JWCL196_c09_629-664.qxd 11/16/09 9:48 PM Page 649 
$ EQA 


The Classification Tests 649 


on a sand bath, and then cool it in an ice bath. Test the alkalinity of the 
solution using litmus paper. If it is not alkaline, add additional 10% aqueous 
sodium hydroxide dropwise. 
Using a Pasteur filter pipet, separate the solution from any solid that may 
be present. Transfer the solution to a clean 1.0-mL conical vial and save. SAVE 


NOTE. If an oily upper layer is obtained at this stage, remove the lower alkaline 
phase using a Pasteur filter pipe and save. To the remaining oil add 0.5 mL of SAVE 
cold water and stir vigorously to obtain a solid material. 


If a solid is obtained, it may be (1) the sulfonamide of a secondary amine; 
(2) recovered tertiary amine, if the original amine was a solid; or (3) the insol- 
uble salt of a primary sulfonamide derivative, if the original amine had more 
than six carbon atoms. 


Additional points to consider: 

1. If the solid is a tertiary amine, it is soluble in aqueous 10% HCl. 

2. If the solid is a secondary sulfonamide, it is insoluble in aqueous 10% 
NaOH. 

3. If no solid is present, acidify the alkaline solution by addition of 10% aque- 
ous HCl. If the unknown amine is primary, the sulfonamide will precipitate. 


Bromine Water. Aromatic amines, since they possess an electron-rich aro- 
matic ring, can undergo electrophilic aromatic substitution with bromine, to 
yield the corresponding arylamino halide(s). Therefore, if elemental tests indi- 
cate that an aromatic group is present in an amine, treatment with the bromine 
water reagent may indicate that the amine is attached to an aromatic ring. 

For the test, see Phenols and Enols (p. 653). 


Aromatic Hydrocarbons with NO Functional Groups 


Fuming Sulfuric Acid. Simple aromatic hydrocarbons are insoluble in sul- 
furic acid (H25O,) but are soluble in fuming sulfuric acid. If these hydrocar- 
bons contain more than two alkyl substituents, they may be sulfonated under 
these conditions. 
In a small test tube place 100 wL of fuming sulfuric acid, using caution. CAUTION 
Now add 50 wL of the unknown suspected to be aromatic. A resulting homo- 
geneous solution is a positive test. 


Azoxybenzene and Aluminum Chloride. This color test is run only on 
those aromatic compounds that are insoluble in sulfuric acid (see previous 
test). The color produced in this test results from the formation of a complex of 
AICl; and a p-arylazobenzene derivative: 


O 
AICL, 1] \ 
ArH + C,H;N=NC,H, >| Ar N=N 


Azoxybenzene Colored complex 








- AICI, 





Inasmall dry test tube, place 250 wL of the aromatic unknown. Add a small 
crystal of azoxybenzene and about 12 mg of anhydrous aluminum chloride. If a 
color is not produced immediately, warm the mixture for a few minutes. 
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Aryl halides and other simple aromatic hydrocarbons give a deep-orange 
to dark-red color or precipitate. Polynuclear aromatic hydrocarbons, such as 
naphthalenes and anthracenes, give brown colors. Aliphatic hydrocarbons 
give no color, or at most a light yellow tint. 


Carboxylic Acids 


The presence of a carboxylic acid is detected by its solubility behavior. An 
aqueous solution of the acid will be acidic to litmus paper (or pH paper may 
be used). Since a sulfonic acid would also give a positive test, the test for sul- 
fur (sodium fusion) is used to distinguish between the two types of acids. 
A water-soluble phenol is acidic toward litmus paper but also would give a 
positive ferric chloride test. 

Carboxylic acids also react with a 5% solution of sodium bicarbonate (see 
Experiment [4B]). 

Place 1-2 mL of the bicarbonate solution on a watch glass and add 
1-2 drops of the acid (~10 mg if a solid). Gas bubbles of CO, constitute a 
positive test. 


Esters 


Hydroxamate Test. Carboxylic esters can be identified by conversion to 
hydroxamic acid salts. Acidification of this salt produces the corresponding 
hydroxamic acid (RCONHORH), which is identified by formation of a red-to- 
purple color in the presence of Fe** ion: 


ia -  o« KOH Vi 
(Ar, RC + H,N—OH ——> (Ar, R)—C + R'OH + H,O 
OR’ NHO:, K* 
oe ee H* 
VE Eze : Pp 
fae R—C 
N. 2 ee oe 
a7 0 |. NHOH 
Red violet 


In a 3.0-mL conical vial containing a boiling stone, and equipped with an 
air condenser, place 1 drop of the liquid unknown (~10 mg if a solid) followed 
by 0.5 mL of 1.0 M ethanolic hydroxylamine hydrochloride solution. Add 10% 
methanolic KOH to this solution (dropwise) until the resulting solution has 
pH ~10 (pH paper). Heat this mixture to reflux temperature using a sand bath 
for 5 min, cool to room temperature, and acidify to pH = 34 by dropwise ad- 
dition of 5% aqueous HCI solution. Now add 2 drops of 5% aqueous FeCl, 
solution. The formation of a red-to-purple color is a positive test. 


Additional points to consider: 
1. It is suggested that a blank be run for comparison purposes. 
2. Acid chlorides, anhydrides, lactones, and imides also give a positive test. 


Saponification. This well-known reaction of esters can often be used to 
classify these compounds. It also may lead to a useful derivative if the corre- 
sponding carboxylic acid is isolated. 
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In a 3.0-mL conical vial containing a magnetic spin vane, place 100 wL of 
the liquid unknown (~150 mg if a solid) and add 1 mL of 6 M NaOH solution. 
Attach the vial to a reflux condenser. Now place the vial in a sand bath on a 
magnetic stirring hot plate and, with stirring, heat the mixture at reflux for 0.5 h, 
or until the solution becomes homogeneous. 

A positive test is the disappearance of the organic layer (if the original un- 
known was water insoluble) or the lack of the usually pleasant aroma of the 
unknown ester. 

High-boiling esters (bp > 200 °C) are usually not saponified under these 
conditions due to their low solubility in the aqueous solvent. 


Ethers 





CAUTION: Upon standing, ethers may form peroxides. Peroxides are 
very explosive. To test for the presence of these substances, use 
starch—iodide paper that has been moistened with 6 M HCl. Peroxides 
cause the paper to turn blue. To remove peroxides from ethers, pass 
the material through a short column of highly activated alumina 
(Woelm basic alumina, activity grade 1).'° Always retest for peroxides 
before using the ether. 





Ferrox Test. The ferrox test is a color test sensitive to oxygen, which may be 
used to distinguish ethers from hydrocarbons that, like most ethers, are solu- 
ble in sulfuric acid. 

In a dry 10 X 75-mm test tube using a glass stirring rod, grind a crystal of 
ferric ammonium sulfate and a crystal of potassium thiocyanate. The ferric 
hexathiocyanatoferrate that is formed adheres to the rod. 

In a second clean 10 X 75-mm test tube, place 2-3 drops of a liquid un- 
known. If dealing with a solid, use about 10 mg and add toluene until a satu- 
rated solution is obtained. Now, using the rod with the ferric hexathiocyanato- 
ferrate attached, stir the unknown. If the unknown contains oxygen, the ferrate 
compound dissolves and a reddish-purple color is observed. 

Some high-molecular-weight ethers do not give a positive test. 


Bromine Water. Since the aromatic ring is electron rich, aromatic ethers can 
undergo electrophilic aromatic substitution with bromine to yield the corre- 
sponding aryl ether—halide(s). Therefore, if elemental tests indicate that an 
aromatic group is present in an ether, treatment with the bromine water 
reagent may substantiate the presence of an aryl ether. 

For the test see Phenols and Enols (p. 653). 


Methyl Ketones and Methyl Carbinols 


Iodoform Test 
INSTRUCTOR PREPARATION. Dissolve 3 g of KI and 1 g I, in 20 mL of water. 


MPasto, D. J.; Johnson, C. R; Miller, M. J. Experiments and Techniques in Organic Chemistry; 
Prentice Hall: Englewood Cliffs, NJ, 1992, p. 33. 
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HOOD 


CAUTION 


The iodoform test involves hydrolysis and cleavage of methyl ketones to 
form a yellow precipitate of iodoform (CHI): 


$ % 
R—C—CH; + 31, + 3KOH —> R—C—CI, + 3KI + 3H,O 





| KOH 


| 
R—C—O",K* + CHI, | 


Yellow 


It is also a positive test for compounds that, upon oxidation, generate methyl 
ketones (or acetaldehyde) under these reaction conditions. For example, 
methyl carbinols (secondary alcohols having at least one methyl group at- 
tached to the carbon atom to which the —OH unit is linked), acetaldehyde, 
and ethanol give positive results. 

In a 3.0-mL conical vial equipped with an air condenser, place 2 drops of 
the unknown liquid (10 mg if a solid), followed by 5 drops of 10% aqueous 
KOH solution. 


NOTE. If the sample is insoluble in the aqueous phase, either mix vigorously or add 
dioxane (in the hood) or bis(2-methoxyethyl) ether to obtain a homogeneous solution. 


Warm the mixture on a sand bath to 50-60 °C and add the KI-I, reagent 
dropwise until the solution becomes dark brown in color (~1.0 mL). Additional 
10% aqueous KOH is now added (dropwise) until the solution is again colorless. 





CAUTION: Iodine is highly toxic and can cause burns. 





After warming for 2 min, cool the solution and determine whether a yellow 
precipitate (CHIs, iodoform) has formed. If a precipitate is not observed, reheat as 
before for another 2 min. Cool and check again for the appearance of iodoform. 


Additional points to consider: 
1. The iodoform test is reviewed elsewhere.!" 


2. An example of the general haloform reaction, using bleach to oxidize a 
methyl ketone, is given in Experiment [34]. 


Nitro Compounds 


Ferrous Hydroxide Test. Many nitro compounds give a positive test based 
on the following reaction: 


Red-brown 


The nitro derivative oxidizes the iron(II) hydroxide to iron(II) hydroxide; the 
latter is a red-brown solid. 

In a 1.0-mL conical vial place 5-10 mg of the unknown compound, fol- 
lowed by 0.4 mL of freshly prepared 5% aqueous ferrous ammonium sulfate 


MEuson, R. C.; Bull, B. A. Chem. Rev. 1934, 15, 275. 
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solution. After mixing, add 1 drop of 3 M sulfuric acid followed by 10 drops of 
2M methanolic KOH. Cap the vial, shake vigorously, vent, and then allow it to 
stand over a 5-min period. The formation of a red-brown precipitate, usually 
within 1 min, is a positive test for a nitro group. 


Sodium Hydroxide Color Test. Treatment of an aromatic nitro compound 
with 10% sodium hydroxide solution may often be used to determine the 
number of nitro groups present on the aromatic ring system. 


Mononitro compounds produce no color (a light yellow may be observed). 
Dinitro compounds produce a bluish-purple color. 
Trinitro compounds produce a blood-red color. 


The color formation is due to formation of Meisenheimer complexes (for a 
discussion, see Pasto et al.'%). 

To run the test, dissolve 10 mg of the unknown (1-2 drops if a liquid) in 1 mL 
of acetone in a small test tube. Now add about 200 wL of 10% NaOH solution 
and shake. Observe any color formation. 

If amino, substituted amino, or hydroxyl groups are present in the mole- 
cule, a positive color test is not obtained. 


Phenols and Enols 


Ferric Ion Test. Most phenols and enols form colored complexes in the 
presence of ferric ion, Fe**: 


:OH 7 
fe) 
6 + Feet === CY Fe | +6H* 
6 


Phenols give red, blue, purple, or green colors. Sterically hindered phenols 
may give a negative test. Enols generally give a tan, red, or red-violet color. 

On a white spot plate place 2 drops of water, or 1 drop of water plus 1 drop 
of ethanol, or 2 drops of ethanol, depending on the solubility characteristics of 
the unknown. To this solvent system add 1 drop (10 mg if a solid) of the sub- 
stance to be tested. Stir the mixture with a thin glass rod to complete dissolu- 
tion. Add 1 drop of 2.5% aqueous ferric chloride (FeCl;) solution (light yellow 
in color). Stir and observe any color formation. If necessary, a second drop of 
the FeCl, solution may be added. 


Additional points to consider: 
1. The color developed may be fleeting or it may last for many hours. A slight 
excess of the ferric chloride solution may or may not destroy the color. 


2. An alternative procedure using FeCl;—CCl, solution in the presence of 
pyridine is available.’ 


!Pasto, D. J.; Johnson, C. R; Miller, M. J. Experiments and Techniques in Organic Chemistry; 
Prentice Hall: Englewood Cliffs, NJ, 1992, p. 321. 
Soloway, S.; Wilen, S. H. Anal. Chem. 1952, 4, 979. 
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HOOD 


HOOD 


BIBLIOGRAPHY 


Bromine Water. Phenols, substituted phenols, aromatic ethers, and aromatic 
amines, since the aromatic rings are electron rich, undergo aromatic electrophilic 
substitution with bromine to yield substituted aryl halides. For example, 


:OH :OH 
O 
+ 3Br, ——> + 3 HBr 


Br 





CAUTION: The test should be run in the hood. 





In a small test tube, place 1-2 drops of the unknown (~20 mg if a solid) 
and add 1-2 mL of water. Check the pH of the solution with pH paper. In the 
hood, add saturated bromine water dropwise until the bromine color persists. 
A precipitate generally forms. 

A positive test is the decolorization of the bromine solution, and often the 
formation of an off-white precipitate. If the unknown is a phenol, this should 
cause the pH of the original solution to be less than 7. 


PREPARATION OF DERIVATIVES 


Based on the preliminary and classification tests carried out to this point, you 
should have established the type of functional group (or groups) present (or 
lack of one) in the unknown organic sample. The next step in qualitative or- 
ganic analysis is to consult a set of tables containing a listing of known organic 
compounds sorted by functional group and/or by physical properties or by 
both. Using the physical properties data for your compound, you can select a 
few possible candidates that appear to“fit” the data you have collected. On a 
chemical basis, the final step in the qualitative identification sequence is to 
prepare one or two crystalline derivatives of your compound. Selection of the 
specific compound, and thus final confirmation of its identity, can then be 
made from the extensive derivative tables that have been accumulated. With 
the advent of spectral analysis, the preparation of derivatives is often not nec- 
essary, but the wealth of chemistry that can be learned by the beginning stu- 
dent in carrying out these procedures is extensive and important. The prepara- 
tion of selected derivatives for the most common functional groups are given 
below. Condensed tables of compounds and their derivatives are summarized 
on the website, in Chapter 9W. For extensive tables and alternative derivatives 
that can be utilized, see the following Bibliography. 


Pasto, D. J.; Johnson, C. R.; Miller, M. J. Experiments and Shriner, R. L.; Hermann, C. K. F.; Morrill, T. C.; Fuson, R. C. The 
Techniques in Organic Chemistry; Prentice Hall: Englewood Systematic Identification of Organic Compounds, 8th ed.; Wiley: 


Cliffs, NJ, 1992. 


New York, 2003. 


Rappoport, Z. Handbook of Tables for Organic Compound Identifica- 
tion, 3rd ed.; CRC Press: Boca Raton, FL, 1967. 


NOTE. In each of the procedures outlined below, drops of reagents are measured 
using Pasteur pipets. 
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Preparation of Acid Chlorides 


ll. | | 
R—C—OH + ca—s—c) “> R—C—a + Hell + so,f 





Weigh and place 20 mg of the unknown acid in a dry 3.0-mL conical vial con- 

taining a boiling stone and fitted with a cap. Now, in the hood, add 4 drops of HOOD 
thionyl chloride and 1 drop of N,N-dimethylformamide (DMF). Immediately 

attach the vial to a reflux condenser that is protected by a calcium chloride dry- 

ing tube. 





CAUTION: This reaction is run in the hood since hydrogen chloride HOOD 
and sulfur dioxide are evolved. Thionyl chloride is an irritant and is 

harmful to breathe. Immediately recap the vial after each addition until 

the vial is attached to the reflux condenser. 





Allow the mixture to stand at room temperature for 10 min, heat it at gen- 
tle reflux on a sand bath for 15 min, and then cool it to room temperature. 
Dilute the reaction mixture with 5 drops of methylene chloride solvent. 

The acid chloride is not isolated but is used directly in the preparations 
that follow. 


Amides 
I t 
R—C—Cl + 2NH, ——~> R—C—NH, + NH,Cl 


Cool the vial in an ice bath and add 10 drops of concentrated aqueous ammo- 

nia, in the hood via Pasteur pipet, dropwise, with stirring. It is convenient to HOOD 
make this addition down the neck of the air condenser. The amide may precipitate 

during this operation. After the addition is complete, remove the ice bath and 

stir the mixture for an additional 5 min. Now add methylene chloride (10 drops) 

and stir the resulting mixture to dissolve any precipitate. Separate the methylene 

chloride layer from the aqueous layer using a Pasteur filter pipet and transfer 

it to another Pasteur filter pipet containing 200 mg of anhydrous sodium sulfate. 

Collect the eluate in a Craig tube containing a boiling stone. Extract the aque- 

ous phase with an additional 0.5 mL of methylene chloride. Separate the 
methylene chloride layer as before and transfer it to the same column. Collect 

this eluate in the same Craig tube. Evaporate the methylene chloride solution 

using a warm sand bath in the hood under a gentle stream of nitrogen gas. HOOD 
Recrystallize the solid amide product using the Craig tube. Dissolve the mate- 

rial in about 0.5 mL of ethanol, add water (dropwise) until the solution 

becomes cloudy, cool the Craig tube in an ice bath, and collect the crystals in 

the usual manner. Dry the crystalline amide on a porous clay plate and 
determine the melting point. 


MSee Tables 9W.1 and 9W.2. www 


—p— CONFIRMING PAGES ~~ «eg aptara 


JWCL196_c09_629-664.qxd 11/16/09 


9:48 PM Page 656 sy 


656 CHAPTERY Qualitative Identification of Organic Compounds 


‘Oo 
| 


on ee 
—cl+ 2H) CH, ——> R—C N \/) CH + CH, NH,*, Cl” 
H 


R—C 


HOOD 


HOOD 


Anilides 





In a 3.0-mL conical vial containing a magnetic spin vane, and equipped with 
an air condenser, place 5 drops of aniline and 10 drops of methylene chloride. 
Cool the solution in an ice bath and transfer the acid chloride solution (pre- 
pared above) via Pasteur pipet, dropwise, with stirring, to the aniline solution in 
the hood. It is convenient to make this addition down the neck of the condenser. Af- 
ter the addition is complete, remove the ice bath and stir the mixture for an ad- 
ditional 10 min. 

Transfer the methylene chloride layer toa 10 X 75-mm test tube, and wash 
it with 0.5 mL of H2O, 0.5 mL of 5% aqueous HCl, 0.5 mL of 5% aqueous 
NaOH, and, finally, 0.5 mL of H2O. For each washing, shake the test tube and 
remove the top aqueous layer by Pasteur filter pipet. Transfer the resulting wet 
methylene chloride layer to a Pasteur filter pipet containing 200 mg of anhy- 
drous sodium sulfate. Collect the eluate in a Craig tube containing a boiling 
stone. Rinse the original test tube with an additional 10 drops of methylene 
chloride. Collect this rinse and pass it through the same column. Both eluates 
are combined. 

Evaporate the methylene chloride solvent on a warm sand bath under a 
gentle stream of nitrogen gas in the hood. Recrystallize the crude anilide from 
an ethanol—water mixture using the Craig tube. Dissolve the material in about 
0.5 mL of ethanol, add water (dropwise) to the cloud point, cool in an ice bath, 
and collect the crystals in the usual manner. Dry the purified derivative product 
on a porous clay plate, and determine its melting point. 


Toluidides 





Toh 
R—Cci + 2HA-K ch — RCNA) CH + cH) NH" ‘alg 
H 


The same procedure described for the preparation of anilides is used, except 
that p-toluidine replaces the aniline. 


ALCOHOLS? 


Phenyl- and a-Naphthylurethanes (Phenyl- 
and a-Naphthylcarbamates) 





O: 
Ar—N=C=O: + R—O—H > Ar C—O—R 
H 
Isocyanate Urethane 


See Table 9W.3. 
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NOTE. For the preparation of these derivatives, the alcohols must be anhydrous. 
Water hydrolyzes the isocyanates to produce arylamines that react with the iso- 
cyanate reagent to produce high-melting, disubstituted ureas. 


In a 3.0-mL conical vial containing a boiling stone and equipped with an 
air condenser protected by a calcium chloride drying tube place 15 mg of an 
anhydrous alcohol or phenol. Remove the air condenser from the vial and add 
2 drops of phenyl isocyanate or a-naphthyl isocyanate. Replace the air con- 
denser immediately. If the unknown is a phenol, add 1 drop of pyridine in a 
similar manner. 





CAUTION: This addition must be done in the hood. The isocyanates 
are lachrymators! Pyridine has the characteristic strong odor of an amine. 





If aspontaneous reaction does not take place, heat the vial at about 80-90 °C 
using a sand bath, for a period of 5 min. Then cool the reaction mixture in an 
ice bath. It may be necessary to scratch the sides of the vial to induce crystal- 
lization. Collect the solid product by vacuum filtration, using a Hirsch funnel, 
and purify it by recrystallization from ligroin. For this procedure, place the 
solid in a 10 X 75-mm test tube and dissolve it in 1.0 mL of warm (60-80 °C) 
ligroin. If diphenyl (or dinaphthyl) urea is present (formed by reaction of the 
isocyanate with water), it is insoluble in this solvent. Transfer the warm ligroin 
solution to a Craig tube using a Pasteur filter pipet. Cool the solution in an ice 
bath and collect the resulting crystals in the usual manner. After drying the 
product on a porous clay plate, determine the melting point. 


3,5-Dinitrobenzoates 


4s |. 
C—Cl + RO—H —=> Ons + HCl 
NO, NO, 


3,5-Dinitrobenzoyl 
chloride 


NOTE. The dinitrobenzoyl chloride reagent tends to hydrolyze on storage to form the 
corresponding carboxylic acid. Check its melting point before use (3,5-dinitrobenzoyl 
chloride, mp = 74 °C; 3,5-dinitrobenzoic acid, mp = 202 °C) 


In a 3.0-mL conical vial containing a boiling stone, and equipped with an 
air condenser protected by a calcium chloride drying tube, place 25 mg of pure 
3,5-dinitrobenzoyl chloride and two drops of the unknown alcohol. Heat the 
mixture to about 10 °C below the boiling point of the alcohol (but not over 
100 °C) on a sand bath for a period of 5 min. Cool the reaction mixture, add 
0.3 mL of water, and then place the vial in an ice bath to cool. Collect the solid 
ester by vacuum filtration, using a Hirsch funnel, and wash the filter cake with 
three 0.5-mL portions of 2% aqueous sodium carbonate (Na2COs3) solution, 
followed by 0.5 mL of water. Recrystallize the solid product from an 
ethanol-water mixture using a Craig tube. Dissolve the material in about 
0.5 mL of ethanol, add water (dropwise) until the solution is just cloudy, cool 
in an ice bath, and collect the crystals in the usual manner. After drying the 
product on a porous clay plate, determine the melting point. 
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ALDEHYDES AND KETONES” 


2,4-Dinitrophenylhydrazones 





9 R 
ON NH—NH, + R—C—R' > ON \ F/ NH—N=C 
4 ‘ 
R ! 
NO, NO, 
2,4-Dinitrophenylhydrazine A 2,4-dinitrophenylhydrazone 


The procedure outlined in the Classification Test Section for aldehydes and 
ketones (p. 642) is used. Since the derivative to be isolated is a solid, it may be 
convenient to run the reaction in a 3-mL vial or in a small test tube. Double 
the amount of the reagents used. If necessary, the derivative can be recrystal- 
lized from 95% ethanol. 

The procedure is generally suitable for the preparation of phenylhydra- 
zone and p-nitrophenylhydrazone derivatives of aldehydes and ketones. 








Semicarbazones 
rat oO . 
HN —¢—- SHAH, +R l R’ —> HN é NH Nac 
R’ 
Semicarbazide A semicarbazone 


In a3.0-mL conical vial place 12 mg of semicarbazide hydrochloride, 20 mg 
of sodium acetate, 10 drops of water, and 12 mg of the unknown carbonyl com- 
pound. Cap the vial, shake vigorously, vent, and allow the vial to stand at room 
temperature until crystallization is complete (varies from a few minutes to sev- 
eral hours). Cool the vial in an ice bath if necessary. Collect the crystals by vac- 
uum filtration, using a Hirsch funnel, and wash the filter cake with 0.2 mL of 
cold water. Dry the crystals on a porous clay plate. Determine the melting point. 


AMINES” 
Primary and Secondary Amines: Acetamides 
O: 
I : 
ae 1 } 
R—NH, + 0% 0a, CH; CNR + CHC 
CH,—C H OH 
\ oe 
O: 


In a 3.0-mL conical vial equipped with an air condenser, place 20 mg of the 
unknown amine, 5 drops of water, and 1 drop of concentrated hydrochloric 
acid. 


www) ‘See Tables 9W.4 and 9W.5. 
www 17See Tables 9W.6 and 9W.7. 
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In a small test tube, prepare a solution of 40 mg of sodium acetate trihy- 
drate dissolved in 5 drops of water. Stopper the solution and set it aside for use 
in the next step. 

Warm the solution of amine hydrochloride to about 50 °C on a sand bath. 
Then cool it, and add 40 wL of acetic anhydride in one portion (in the hood) 
through the condenser by aid of a 9-in. Pasteur pipet. In like manner, immedi- 
ately add the sodium acetate solution (prepared previously). Swirl the contents 
of the vial to ensure complete mixing. 

Allow the reaction mixture to stand at room temperature for about 5 min, 
and then place it in an ice bath for an additional 5-10 min. Collect the white 
crystals by vacuum filtration, using a Hirsch funnel, and wash the filter cake 
with two 0.1-mL portions of water. The product may be recrystallized from 
ethanol-water using the Craig tube, if desired. Dry the crystals on a porous 
clay plate and determine the melting point. 


Primary and Secondary Amines: Benzamides 


o o 
qs. ( peer + NaCl + H,O 
H 





R—NH, + € ) C 


In a 3.0-mL conical vial in the hood place 0.4 mL of 10% aqueous NaOH 
solution, 25 mg of the amine, and 2-3 drops of benzoyl chloride. Cap and 
shake the vial over a period of about 10 min. Vent the vial periodically to re- 
lease any pressure buildup. 

Collect the crystalline precipitate by vacuum filtration, using a Hirsch fun- 
nel, and wash the filter cake with 0.1 mL of dilute HCl followed by 0.1 mL of 
water. It is generally necessary to recrystallize the material from methanol or 
aqueous ethanol using the Craig tube. Dry the product on a porous clay plate 
and determine the melting point. 


Primary, Secondary, and Tertiary Amines: Picrates 


:OH :O: 
O,N NO, O,N NO, 
R,N: + — R,NH 
NO, NO, 
Picric acid Picrate salt 


In a 3.0-mL conical vial containing a boiling stone and equipped with an 
air condenser, place 15 mg of the unknown amine and 0.3 mL of 95% ethanol. 


NOTE. If the amine is not soluble in the ethanol, shake the mixture to obtain a 
saturated solution and then transfer this solution, using a Pasteur filter pipet, to 


another vial. 


Now add 0.3 mL of a saturated solution of picric acid in 95% ethanol. 





CAUTION: | Picric acid explodes by percussion or when rapidly heated. 





EQA 
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HOOD 


Heat the mixture at reflux, using a sand bath, for about 1 min and then allow 
it to cool slowly to room temperature. Collect the yellow crystals of the picrate 
by vacuum filtration, using a Hirsch funnel. Dry the material on a porous clay 
plate and determine the melting point. 


ACID CHLORIDES AND ANHYDRIDES*® 


Amides 


| T 
R—C—Cl + 2NH, ——> R—C—NH, + NH,Cl 


Ina 10 X 75-mm test tube, place 0.4 mL of ice cold, concentrated ammo- 
nium hydroxide solution. To this solution, in the hood, slowly add, with shak- 
ing, about 15 mg of the unknown acid chloride or anhydride. Stopper the test 
tube and allow the reaction mixture to stand at room temperature for about 
5 min. Collect the crystals by vacuum filtration, using a Hirsch funnel, and 
wash the filter cake with 0.2 mL of ice-cold water. Recrystallize the material, 
using a Craig tube, from water or an ethanol—water mixture. Dry the purified 
crystals on a porous clay plate and determine the melting point. 


AROMATIC HYDROCARBONS’? 


Picrates 
:OH :OH 
O,N N O, O,N N O, 
Ar—H + ——> Ar—H- 
NO, NO, 
Picric acid Picrate complex 


The procedure outlined on page 659 is used to prepare these derivatives. 


NITRILES2° 


Hydrolysis to Amides 


H,O. 
ox or (oN + O, + H,O 


Conversion of nitriles to water-insoluble amides, by hydrolysis with alka- 
line hydrogen peroxide, is a possible method of characterization for these 
compounds. It is especially useful for aromatic nitriles. 


18See Table 9W.8. 
See Table 9W.9. 
0See Table 9W.13. 
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In a 5-mL conical vial containing a magnetic spin vane, weigh and place 
about 50 mg of the nitrile and 500 wL of a 1 M NaOH solution. Cool the mixture 
in a water bath and, with stirring, add dropwise 500 wL of 12% HO; solution. 
Attach the vial to an air condenser and warm the solution on a sand bath while 
stirring at 50-60 °C for approximately 45 min. To the cooled reaction mixture add 
1-2 mL of cold water, and then collect the solid amide by vacuum filtration. 
Wash the product with two 1-mL portions of cold water, and recrystallize the 
amide from aqueous ethanol using the Craig tube. Dry the solid and determine 
the melting point. 


PHENOLS”! 


a-Naphthylurethanes (a-Naphthylcarbamates) 


The procedure outlined under Alcohols: Phenyl-, and a-Naphthylurethanes is 
used to prepare these derivatives (p. 656). 


Bromo Derivatives 


:OH :OH 
+ 3Br, ——> + 3 HBr 
Br 


INSTRUCTOR PREPARATION. The brominating reagent is prepared by adding 
1.0 mL (3 g) of bromine in the hood to a solution of 4.0 g of KBr in 25 mL of water. HOOD 


In a 1.0-mL conical vial, place 10 mg of the unknown phenol followed by 
2 drops of methanol and 2 drops of water. To this solution, in the hood, add HOOD 
3 drops of brominating agent from a Pasteur pipet. 

Continue the addition (dropwise) until the reddish-brown color of 
bromine persists. Now add water (4 drops), cap the vial, shake, vent, and 
then allow it to stand at room temperature for 10 min. Collect the crystalline 
precipitate by vacuum filtration using a Hirsch funnel and wash the filter 
cake with 0.5 mL of 5% aqueous sodium bisulfite solution. Recrystallize the 
solid derivative from ethanol, or from an ethanol—water mixture, using a 
Craig tube. Dissolve the material in about 0.5 mL of ethanol, add water un- 
til it becomes cloudy, cool in an ice bath, and collect the crystals in the usual 
manner. Dry the purified product on a porous clay plate and determine the 
melting point. 


*1See Table 9W.10. www 
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ALIPHATIC HYDROCARBONS, 
HALOGENATED HYDROCARBONS, AMIDES, 
NITRO COMPOUNDS, ETHERS, AND 
ESTERS72 


These compounds do not give derivatives directly, but are usually converted 
into another material that can then be derivatized. The procedures are, for the 
most part, lengthy, and frequently give mixtures of products. It is recom- 
mended that compounds belonging to these classes be primarily identified us- 
ing spectroscopic methods. Measurement of their physical properties is also of 
utmost importance. 


QUESTIONS 


9-1. 


9-5. 


The following six substances have approximately the same boiling point and are all colorless liquids. Suppose you 
were given six unlabeled bottles, each of which contained one of these compounds. 


Explain how you would use simple chemical tests to determine which bottle contained which compound. 


Ethanoic acid Toluene 
Propyl butanoate Diisobutylamine 
1-Butanol Styrene 


. Acolorless liquid (C,H,O) with a boiling point of 81 °C was found to be soluble in water and also in ether. It gave a 


negative test for the presence of halogens, sulfur, and nitrogen. It did, however, give a positive test with the Baeyer 
reagent and also gave a positive test with the 2,4-dinitrophenylhydrazine reagent. It gave negative results when 
treated with ceric nitrate solution and with Tollens reagent. Treatment with ozone followed by hydrolysis in the 
presence of zinc gave formaldehyde as one of the products. 


What is the structure and name of the colorless liquid? 


. Acolorless liquid, compound A (C3H,O), was soluble in water and ether, and had a boiling point of 94-96 °C. It 


decolorized a Br.--CH»Cl, solution and gave a positive ceric nitrate test. On catalytic hydrogenation it formed 
compound B (C3HgO), which did not decolorize the above bromine solution, but did give a positive ceric nitrate test. 
Treatment of compound A with ozone, followed by hydrolysis in the presence of zinc, gave formaldehyde as one of 
the products. Compound A formed an a-napthylurethane with a melting point of 109 °C. 


What are the names and structures of compounds A and B? 


. Acompound of formula C,,H. gave a positive Baeyer test and burned with a yellow, sooty flame. Treatment with 


ozone followed by hydrolysis in the presence of zinc gave formaldehyde as one of the products. Also isolated from 
the ozonolysis reaction was a second compound, C,3H1,O, which burned with a yellow, sooty flame, and readily 
formed a semicarbazone with a melting point of 164 °C. The 1H NMR spectrum of this compound (C13H 190) 
showed only complex multiplets that were near 7.5 ppm; the fully 'H-decoupled ‘°C NMR spectrum showed only 
5 peaks. 

What are the structures and names of the two compounds? 


Compound A (C;H,40) burned with a yellow, nonsooty flame and did not decolorize a bromine—methylene chloride 
solution. It did give a positive 2,4-dinitrophenylhydrazine test, but a negative Tollens test. Treatment of the compound 
with lithium aluminum hydride followed by neutralization with acid, produced compound B, which gave a positive 
Lucas test in about 5 min. Compound B also gave a positive ceric nitrate test. The 'H NMR spectrum for compound A 
gave the following data: 

1.02 ppm 9H, singlet 

2.11 ppm 3H, singlet 

2.31 ppm 2H, singlet 
Give suitable structures for compounds A and B. 


www >See Tables 9W.11, 9W.12, and 9W.14-9W.17. 
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9-7. 


9-8. 


9-9. 


9-10. 


9-11. 


9-12. 


9-1 


Qo 
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. A friend of yours, who is a graduate student attempting to establish the structure of a chemical species from field 


clover, isolated an alcohol that was found to have an optical rotation of +49.5°. Chemical analysis gave a molecular 
formula of C5H9O. It was also observed that this alcohol readily decolorized Br.-—CH>Cl» solution. On this basis, the 
alcohol was subjected to catalytic hydrogenation and it was found to absorb 1 mol equivalent of hydrogen gas. The 
product of the reduction gave a positive ceric nitrate test, indicating that it, too, was an alcohol. However, the reduced 
compound was optically inactive. 
Your friend has come to you for assistance in determining the structures of the two alcohols. What do you believe 
the structures are? 
An unknown compound burned with a yellow, nonsmoky flame and was found to be insoluble in 5% sodium 
hydroxide solution but soluble in concentrated sulfuric acid. Measurement of its boiling point gave a range of 
130-131 °C. Combustion analysis gave a molecular formula of CsHgO. It was found to give a semicarbazone with a 
melting point of 204-206 °C. However, it gave a negative result when treated with Tollens reagent and it did not 
decolorize the Baeyer reagent. It also gave a negative iodoform test. 
Identify the unknown compound. 
An unknown organic carboxylic acid, mp = 139-141 °C, burned with a yellow, sooty flame. The sodium fusion 
test showed that nitrogen was present. It did not react with p-toluenesulfonyl chloride, but did give a positive 
test when treated with 5% aqueous ferrous ammonium sulfate solution, acidified with 3 M H,5O,, and then 
followed by methanolic KOH solution. A 200-mg sample of the acid neutralized 12.4 mL of 0.098 M sodium 
hydroxide solution. 
Identify the acid. 
Does your structure agree with the calculated equivalent weight? 
An unknown organic liquid, compound A, was found to burn with a yellow, sooty flame and give a positive Lucas 
test (~5 min). Upon treatment with sodium dichromate-sulfuric acid solution it produced compound B, which also 
burned with a yellow, sooty flame. Compound B gave a positive 2,4-dinitrophenylhydrazine test, but a negative 
result when treated with the Tollens reagent. However, compound B did give a positive iodoform test. 
The 1H NMR spectrum for compound A showed the following: 

1.4 ppm 3H (doublet) 4.8 ppm 1H (quartet) 

1.9 ppm 1H (singlet) 7.2 ppm 5H (complex multiplet) 
Give the structures and suitable names for compounds A and B. 
A hydrocarbon, compound A (C¢H;9), burned with a yellow, almost nonsmoky flame. On catalytic hydrogenation 
over platinum catalyst it absorbed 1 mol of hydrogen to form compound B. It also decolorized a Brz-CH2Cly solution 
to yield a dibromo derivative, compound C. Ozonolysis of the hydrocarbon gave only one compound, D. Compound 
D gave a positive iodoform test when treated with iodine-sodium hydroxide solution. On treatment of compound D 
with an alcoholic solution of silver ammonium hydroxide, a silver mirror was formed within a few minutes. 
Identify the hydrocarbon A and compounds B-D. 
A high-boiling liquid, bp = 202-204 °C burns with a yellow, sooty flame. Sodium fusion indicates that halogens, 
nitrogen, and sulfur are not present. The compound is not soluble in water, dilute sodium bicarbonate solution, or 
dilute hydrochloric acid. However, it proved to be soluble in 5% aqueous sodium hydroxide solution. The compound 
gives a purple color with ferric chloride solution and a precipitate when reacted with bromine—water. Treatment 
with hydroxylamine reagent did not give a reaction, but a white precipitate was obtained when the compound was 
treated with a-napthylisocyanate. On drying, this white, solid derivative had an mp = 127-129 °C. Identify the 
original liquid and write a structure for the solid derivative. 
After identifying the unknown liquid, can you indicate what the structure of the precipitate obtained on reaction 
with bromine might be? 
A colorless liquid, bp = 199-201 °C, burns with a yellow, sooty flame. The sodium fusion test proved negative for the 
presence of halogens, nitrogen, and sulfur. The compound was not soluble in water, 5% aqueous sodium hydroxide, 
or 5% hydrochloric acid. However, it dissolved in sulfuric acid with evolution of heat. It did not give a precipitate 
with 2,4-dinitrophenylhydrazine solution, and it did not decolorize bromine—methylene chloride solution. The 
unknown liquid did give a positive hydroxamate test and was found to have a saponification equivalent of 136. 
Identify the unknown liquid. 


. Your friend of Question 9-6 still needs your help. A week later a low-melting solid, compound A, was isolated, 


which combustion analysis showed had composition Co5H1 90. The substance gave a precipitate when treated 
with 2,4-dinitrophenylhydrazine solution. Furthermore, when reacted with iodoform reagent, a yellow precipitate 
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9-14. 


9-15. 


9-16. 


9-17. 


CHAPTER 9 Qualitative Identification of Organic Compounds 


of CHI; was observed. Acidification of the alkaline solution from the iodoform test produced a solid material, 
compound B. 
Reduction of compound A with LiAIH, gave compound C (C,H20). Compound C also gave compound B when 
treated with iodoform reagent. Vigorous oxidation of compound A, B, or C with sodium dichromate-sulfuric acid 
solution gave an acid having an mp = 121-122 °C. 
Your friend needs your assistance in determining the structures for compounds A, B, and C. Can you identify the 
three compounds? 
An organic compound (CyH90) showed strong absorption in the IR spectrum at 1735 cm’! and gave a 
semicarbazone having a melting point of 198 °C. It burned with a yellow, sooty flame and also gave a positive 
iodoform test. The 'H NMR spectrum of the compound provided the following information: 

2.11 ppm 3H (singlet) 

3.65 ppm 2H (singlet) 

7.20 ppm 5H (complex multiplet) 
Identify the unknown organic compound. 
An unknown compound (A) was soluble in ether but only slightly soluble in water. It burned with a clear blue flame 
and combustion analysis showed it to have the molecular formula of C5H,,O. It gave a positive test with the Jones 
reagent producing a new compound (B) with a formula of C;H;,O. Compound B gave a positive iodoform test and 
formed a semicarbazone. Compound A on treatment with sulfuric acid produced a hydrocarbon (C) of formula 
CsH9. Hydrocarbon C readily decolorized a Brz—CH>Cl, solution, and on ozonolysis, produced acetone as one of 
the products. 
Identify the structure of each of the lettered compounds. 
Compound A (C7H,,) decolorized a Brz—CHCl, chloride solution. It reacted with 18H3 *THF reagent, followed by 
alkaline peroxide solution, to produce compound B. Compound B, on treatment with chromic acid—sulfuric acid 
solution, gave carboxylic acid C, which could be separated into two enantiomers. Compound A, on treatment with 
ozone, followed by addition of hydrogen peroxide, produced compound D. Compound D was identical to that mate- 
rial isolated from the oxidation of 3-hexanol with chromic acid-sulfuric acid reagent. 
Identify the structures of compounds A, B, C, and D. 


Compound A (CgH16) decolorized a bromine—methylene chloride solution. Ozonolysis produced two compounds, B and 
C, which could be separated easily by gas chromatography. Both B and C gave a positive 2,4 dinitrophenylhydrazine test. 
Carbon-hydrogen analysis and molecular weight determination of B gave a molecular formula of C5HyO.The 'H NMR 
spectrum revealed the following information for B: 

0.92 ppm 3H, triplet 2.17 ppm 3H, singlet 

1.6 ppm 2H, pentet 2.45 ppm 2H, triplet 
Compound C was a low-boiling liquid (bp 56°C) The 'H NMR of this material showed only one singlet. 


Identify compounds A, B, and C. 
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ADVANCED 


MICROSCALE 
ORGANIC 
LABORATORY 
EXPERIMENTS 


From a theoretical perspective, the chemistry described in this chapter is 
more demanding of the student—investigator than that described in Chapter 6. 





1. The organic reactions performed are less familiar and are not as likely to 
be found in most introductory texts. 

2. The mechanisms proposed for these systems are more involved and not 
generally developed at the introductory level. 

3. Many of the reagents used are rarely used in the introductory organic 
laboratory. 


Thus, the experiments contained in Chapter 10W are specifically tailored to 
challenge the more advanced undergraduate students, those who are already 
able to access the chemical literature. This chapter can also offer a special lab- 
oratory experience for those few beginning students who are particularly 
interested in the subject and wish to spend extra preparation time. The tech- 
niques involved are not, in most instances, any different from those used in the 
introductory microscale laboratory reactions described in Chapter 6, and 
therefore the manipulations involved should not be considered a barrier to 
undertaking any of the advanced experiments. The reaction conditions, how- 
ever, are less forgiving to slight deviations from the suggested ones and the 
ultimate success of the transformations is less secure. 

Thus, the experimentation contained in Chapter 10W can be adapted to 
several levels of undergraduate laboratory programs. For example, the study of 
these reactions can potentially make significant contributions to advanced un- 
dergraduate programs where microscale techniques are being introduced to 
research-oriented students for the first time. 

The formats for the discussions and experimental procedures are similar to 
those used in Chapter 6. The reactions selected for study in this chapter include 


e An unusual borane reduction of a carbonyl directly to a methylene group. 
e The trapping of an a,B-unsaturated ketone as its enol acetate, by acylium 
ion formation with chlorotrimethylsilane and acetic anhydride. 


Chapter 10W: Ci9H19, Housane 
Eaton, Or, Branca and Shankar (1968). 


10W-1 


10W-2 CHAPTER 10W Advanced Microscale Organic Laboratory Experiments 


e The synthesis of a heterocyclic ring using diethyl carbonate and sodium 
hydride. The discovery of the medicinal properties of this class of hete- 
rocycles led directly to modern anticoagulation therapy. 

e The synthesis of an isotopically labeled molecule through the use of a 
unique Grignard cross-coupling reaction in the presence of dichloro[1,3- 
bis(diphenylphosphino)propane]nickel (II). 

e An oxidative coupling of a naphthol by ferric chloride in a reaction that 
mimics nature’s method of coupling phenolic substances into important 
pigments, such as hypericin (I): 





e An important molecular rearrangement of oximes to amides discovered 
by Ernst Otto Beckmann in 1886 and so named in his honor. The mod- 
ern version uses one of the most powerful acid reagents used in organic 
chemistry, triflic acid. 


The study of the reactions outlined in Chapter 10W should help to facilitate 
the student’s smooth transition into the organic research laboratory. We hope 
you find the collection as exciting as we did. 


Diborane Reductions: Thioxanthene 
and Xanthene 


Common name: thioxanthene 

CA number: [261-31-4] 

CA name as indexed: 9H-thioxanthene 
Common name: xanthene 

CA number: [92-83-1] 

CA name as indexed: 9H-xanthene 


Purpose. This experiment investigates an unusual example of a hydrobora- 
tion in which a carbonyl group is directly and fully reduced to a methylene 
group by borane (BH). This example is an atypical reduction of an aldehyde or 
ketone, since the use of this reagent usually leads to the formation of the 
corresponding alcohol. You will explore the mechanistic rationale for this 
unexpected product. 


EXPERIMENT 1 Diborane Reductions: Thioxanthene and Xanthene 10W-3 


Prior Reading 


Standard Experimental Apparatus: Moisture Protected Reaction Apparatus 
(pp. 23-24) 
Technique 6: Chromatography 
Packing the Column (p. 93) 
Elution of the Column (p. 94) 
Technique 6B: Concentration of Solutions 
Removal of Solvent Under Reduced Pressure (pp. 102-104) 


NOTE. See Experiment [13] for a biography of Herbert C. Brown, Nobel Laure- 
ate, who discovered and developed the boron hydride reagents. This experiment also 
contains further details about the use of these powerful reagents, which have rev- 
olutionized reduction reactions in organic chemistry. 


DISCUSSION 


Borane is a useful and selective reducing agent. It is prepared by the reaction 
of boron trifluoride etherate with sodium borohydride. The borane produced, 
as the etherate, may be distilled as the dimer, which is a colorless, toxic gas 
(B2H.). Collection of the dimer distillate in tetrahydrofuran (THF) again forms 
the monomer, in this case as the BH3- THF complex. The latter is commercially 
available as a 1.0 M solution. 


3 NaBH, + 4 BF; * O(CH»CH;)) —> 3 NaBF, + 2 ByH,f(gas) 


Borane complexes can also be formed with other ethers, such as diethyl 
ether (as just discussed) or diglyme (diethylene glycol dimethyl ether). These 
complexes form readily because the ether, acting as a Lewis base (electron 
donor), can satisfy the electron-deficient boron atom, which acts as a Lewis 
acid (electron acceptor). Borane reacts rapidly with water, and therefore pro- 
cedures using the BH3-THF complex must be conducted under anhydrous 
conditions. 

Borane is a Lewis acid that is attacked by electron-rich centers. Thus, when 
aldehydes or ketones are treated with the BH3- THF complex, the borate ester 
(HB — OR) is rapidly formed, which, upon hydrolysis, gives the correspon- 
ding alcohol. The reduction of the carbonyl group is believed to take place by 
addition of the oxygen atom to the electron-deficient boron atom, followed by 
irreversible transfer of hydride ion from the now anionic boron to the carbon 
atom of the (former) carbonyl: 





In the case of the xanthone and thioxanthone ring systems, the correspon- 
ding alcohol is not formed. The intermediate borate ester undergoes an elimi- 
nation reaction, forming a borate anion and a resonance-stabilized carboca- 
tion. The second stage of the reaction is initiated by displacement of THF from 


10W-4 CHAPTER 10W Advanced Microscale Organic Laboratory Experiments 


a second BH; - THF complex by a lone pair from either the oxygen atom of the 
xanthene carbocation or the sulfur atom of the thioxanthene carbocation. This 
new complex then undergoes an internal hydride (:H) transfer from boron to 
the C-9 ring position (this is the second hydride attack on this position in the 
overall reaction) to form a stable oxonium (or sulfonium) ion intermediate. On 
aqueous—alcohol workup of the reaction mixture the oxonium (sulfonium) 
product is quickly hydrolyzed to yield xanthene (or thioxanthene) possessing 
a fully reduced methylene group, —CH —, at the 9 position. 

Conventional methods for the reduction of a carbonyl to a methylene 
group that do not require the conjugative assistance of a heteroatom are the 
well-known Clemmensen (Zn(Hg), HCl), and Wolff—Kishner (H2NNH,/KOH) 
reductions, and the desulfurization of the corresponding thioacetal with Raney 
nickel. 
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EXPERIMENT 1 Diborane Reductions: Thioxanthene and Xanthene 10W-5 





Thioxanthene 
REACTION 
‘O° 
se 
S S 
Thioxanthone Thioxanthene 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 1.5 h. 











Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) bp (°C) d Np 
Thioxanthone 212.28 50mg 0.24 209 

Tetrahydrofuran 72.12 9 1.7 mL 67 0.889 1.407 
Borane + THF, 1 M 1.0 mL 1.0 








Reagents and Equipment. Attach a 5.0-mL conical vial containing a mag- 
netic spin vane to a Claisen head. Then fit the Claisen head with a nitrogen in- 
let tube (prepared from a syringe) and a rubber septum. Weigh and add 50 mg 
(0.24 mmol) of thioxanthone to the conical vial. 

Flush the reaction vial with a gentle stream of nitrogen gas for several 
minutes, add 1.7 mL of dry (see Note) tetrahydrofuran (THF) through the sep- 
tum (syringe), and then place a small balloon over the Claisen-head outlet so 
as to maintain a dry atmosphere in the system (™). 


INSTRUCTOR'S NOTE. The THF must be absolutely dry. It is recommended 
that HPLC grade reagent be used. If you do not have a fresh bottle, distill it once 
from calcium hydride (or sodium benzophenone ketyl) and store it over molecular 
sieves. It may be stored and used safely for up to a week without adversely affecting 
the yield of product. 






thermometer 


Heat the mixture with stirring in a sand bath at 55-60 °C until the thiox- 
anthone dissolves, yielding a yellow solution. Then, with continued stirring, 
add 1.0 mL of a 1.0 M solution of BH3+ THF in one portion through the rub- 
ber septum with a 1.0-mL syringe. 


Thioxanthone, 50 mg 
+ THF, 1.7 mb 
+ 1M BHg-THF, 1.0 mL 





CAUTION: The BH3:THF solution reacts violently with water. 





Reaction Conditions. Heat the solution with stirring in a sand bath at 
55-60 °C for 5 min. The solution should become colorless during this time. 
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THF, 2.5 mL, 

+ CHgCHs0H, 0.5 mL 
+ H20, 2mL 
+ thioxanthene 


Thumb 
contrals 
pressure; 


continuous 


shaking 


Isolation of Product. Quench the reaction by carefully adding dropwise 
approximately 10 drops of 95% ethanol (Pasteur pipet), with stirring, or until 
the observed foaming subsides. The aqueous alcohol is added to decompose any 
unreacted BH3-THF reagent and to hydrolyze the sulfonium ion intermediate. 

After the solution has cooled to room temperature, transfer the mixture by 
Pasteur pipet to a 25-mL filter flask containing a boiling stone. Carefully re- 
move roughly one-half of the tetrahydrofuran solvent under reduced pressure 
with continuous swirling of the flask (see Prior Reading) (). Then, use a cal- 
ibrated Pasteur pipet to add two 1.0-mL portions of water to the reaction mix- 
ture. Carefully remove the remaining tetrahydrofuran and ethanol solvent under 
reduced pressure with continuous swirling of the flask. As the tetrahydrofuran 
and ethanol evaporate, white crystals of thioxanthene appear, and a slurry of 
these crystals in water will remain in the flask after the tetrahydrofuran and 
ethanol are removed. Collect the product crystals under reduced pressure by 
use of a Hirsch funnel, and wash the filter cake on the Hirsch filter bed with 
two 1.0-mL portions of water. Dry the crystals in air on a porous clay plate or 
on filter paper. 


Purification and Characterization. The thioxanthene product is essen- 
tially pure as isolated. It may be recrystallized from an ethanol—chloroform 
mixture, if necessary. Weigh the product and calculate the percent yield. Deter- 
mine the melting point of the material and compare it with the value reported 
in the literature. Obtain IR spectra of thioxanthone and thioxanthene and 
compare them to each other as well as to those given in the literature (The 
Aldrich Library of IR Spectra and/or SciFinder Scholar). 


Xanthene 


REACTION 


O° 
| 
8 


Xanthone Xanthene 





EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 3.0 h. 





Physical Properties of Reactants 








Compound MW Amount mmol mp (°C) bp (°C) d Np 
Xanthone 196.22 50mg 0.26 174 
Tetrahydrofuran 72.12 0.7 mL 67 0.889 1.407 





Borane * THF, 1 M 0.75 mL 0.75 
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Reagents and Equipment. Using the experimental apparatus described in 
Experiment [1A,q,], weigh and place in the reaction flask 50 mg (0.26 mmol) 
of xanthone followed by 0.7 mL of dry THF (see Experiment [1A,qy], Reagents 
and Equipment). Maintain a dry nitrogen atmosphere in the system by the 
same procedure as used in Experiment [1A,q,]. Heat the reaction mixture, with 
stirring, to 55-60 °C using a sand bath. After the xanthone dissolves, use a 
1.0-mL syringe to add, in one portion, 0.75 mL of a 1.0 M solution of 
BH: THF through the rubber septum on the screw-cap port of the Claisen head. 





CAUTION: The BH3:-THF solution reacts violently with water. 





Reaction Conditions. Stir the reaction solution in a sand bath at 55-60 °C 


for a period of 1 h. 
— . . Thumb 
Isolation of Product. While stirring the warm reaction mixture, quench the ee 







reaction by carefully adding (with a Pasteur pipet) 95% ethanol—approximately 
10 drops of or until the observed foaming subsides. The alcohol is added to decom- 
pose any unreacted BH; + THF reagent and to hydrolyze the oxonium ion intermediate. 

Transfer the solution by Pasteur pipet to a 25-mL filter flask containing a 
boiling stone. Remove roughly one-half of the tetrahydrofuran solvent under 
reduced pressure with continuous swirling of the flask (m). Now add two 1.0-mL 


continuous 
shaking 


THF, 1. 
portions of water (calibrated Pasteur pipet) to the solution. Carefully remove + (CHgCH 3-0, 9.5 mL 
the remaining tetrahydrofuran—ethanol solvent under reduced pressure with a aaa 
continuous swirling of the flask. As the tetrahydrofuran and ethanol are 
removed and the solution becomes more concentrated, white crystals of xan- 
thene appear as a slurry in the remaining water. Collect the crystals under 
reduced pressure using a Hirsch funnel. _ Aahycrous 
Purification and Characterization. Purify the crude xanthene by column 100 mg 
chromatography. Place 0.5 g of activated silica gel followed by 0.1 g of anhy- ater S00 
drous sodium sulfate in a Pasteur filter pipet (m). et po 'mg 

Wet the column with a small amount of hexane, and then place a solution ilies 
of the crude xanthene, dissolved in 0.25 mL of methylene chloride, on the col- Tene 

42.5 mL 


umn using a Pasteur filter pipet. Elute the xanthene by adding additional 
hexane (~2.5 mL). Collect the eluate in a tared 5-mL conical vial containing a 
boiling stone. Remove the hexane solvent by evaporation in the hood while HOOD 
warming in a sand bath to yield pure xanthene. This compound may be recrys- 
tallized from ethanol if further purification is found to be necessary after char- 
acterization of the product. 

After air-drying, weigh the solid and calculate the percent yield of xan- 
thene. Determine the melting point and compare it with the value found in 
the literature. 

Obtain an IR spectrum of your xanthene, and compare the spectrum to 
that shown in Figure 10.1W. 

In this experiment, the carbonyl group of an aromatic ketone was reduced 
to a methylene group. Examine the infrared spectra of the starting material 
and of the reduction product to see what evidence is present to indicate that 
the desired reaction has occurred. 


hexane 


Infrared Analysis. We will first consider the spectrum of xanthone (Fig. 
10.2W).The macro group frequency associated with six-membered carbocyclic 
aromatic ring systems applies in this instance (peaks at 3100-3000, 1600, 1585, 
1500, and 1450 cm‘). This frequency train involves the bands located at 
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100.00 %T 


4000 3500 3000 2500 2000 1500 1000 cm-! 500 


Sample __Xanthene 


%T X ABS — Background Scans 4 _ Scans 16 

Acquisition & Calculation Time 42sec _ Resolution 4.0 cm-! 
Sample Condition ___solid Cell Window ____ 
Cell PethiLenath: —<£_£ —_——— Matrix Material KBr 





Figure 10.1W IR spectrum: xanthene. 


3085-3020, 1610-1570, 1484, and 1460 cm™!. These peaks are assigned as 
follows: 


a. 3085-3020 cm~': C—H stretch on sp?-hybridized carbon. The breadth 
and complexity of this set of absorption bands indicates the presence of 
a fairly complex aromatic system. 

b. 1610-1570 cm™': The peaks observed in this region are related to the two 
degenerate fundamental stretching motions, vg, and vg,, of the simple 
aromatic ring system. Normally, vg, is found near 1600 cm"! and is con- 
siderably more intense than vg, which is located near 1580 cm. In xan- 
thone the situation is more complicated, because the central 
y-pyrone ring introduces a pseudoaromatic six-membered ring system. 
Thus, this ring system might be expected to possess somewhat shifted 
fundamental frequencies for the carbon rings. It is not unexpected, then, 
that we observe a band system of four major components in this region. 
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100.00 %T 


4000 3500 3000 2500 2000 1500 


Sample —_Xanthone 


%T _X ABS — Background Scans 4 _ Scans 16 


Acquisition & Calculation Time 42 sec __ Resolution 4.0 cm-1_ 


Sample Condition ____Solid Cell Window 





Cell Path Length ————__'¥_ Matrix Material KBr 


Figure 10.2W IR spectrum: xanthone. 


c. 1484 and 1460 cm™*: Aromatic ring stretch related to v49, and v1». These 
frequencies are less disturbed by the presence of the pyrone system and 
occur near their expected locations of 1500 and 1450 cm *. 


The very strong band at 756 cm ', in the absence of strong absorption 


near 700 cm", is supporting evidence for the presence of four adjacent ring 
C—H groups, which implies ortho substitution. 

The intense band observed at 1656 cm is strong evidence for the pres- 
ence of a highly conjugated carbonyl group, which, of course, is consistent 
with the structure of the starting material. 

The IR spectrum of the product (Fig. 10.1W) supports the complete reduc- 
tion to the methylene system. The macro group frequency train defined for six- 
membered carbocyclic aromatic systems still applies. The expected frequencies 
are very close to the observed values: 


a. 3075-3025, 1603, 1589, 1490, and 1457 cmt. 


b. The carbonyl band has vanished, and in its place two weak bands have 
arisen near 2902 and 2840 cm '. These latter peaks are assigned to the 


1000 


em-! 500 
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antisymmetric and symmetric stretching modes of the newly formed 


methylene group. 


c. The most intense band in the spectrum occurs at 750 cm‘ (four in a row, 
C—H all-in-phase, out-of-plane bend) and indicates that the basic sub- 
stitution pattern has not changed on the ring system during the reaction. 


QUESTIONS 


10W-1. In the reaction performed in this experiment, assume that the first stage of the reaction is the rate-determining 
step. Would you then predict that the relative rate of reduction of the carbonyl group in compound A to the meth- 
ylene group to be faster or slower than that of xanthone under the conditions of this experiment? Explain. 


J 


Compound A 


10W-2. The reduction of aldehydes or ketones to the methylene group occurs with hydride reagents only when some 
special feature of the substrate promotes cleavage of the C—OH linkage. Suggest a suitable mechanism by which 


the reductions given below might occur. 
H 





Fe — . 
(CH,),N « ) c=0| —> cHyS ci, 


i 

LLC / 
Bho. 
H,C \, 


a H 

BH, THE HC / 

x Ke a D 
H,C \ “OH 


H 


10W-3. Borane also forms complexes with sulfides and amines. Draw a suitable structure to represent the complex 
formed between BH; and dimethyl sulfide, and also that formed between BH; and triethylamine. 


10W-4. Using your lecture textbook as a reference, find three different methods for the conversion of 


4-methylcyclohexanone to methylcyclohexane. 


10W-5. The infrared spectrum of the xanthene reduction product contains evidence that demonstrates that conjugation 
of the rings is still maintained following removal of the carbonyl group. What is this evidence? 
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Heterocyclic Ring Synthesis: 
Benzimidazole 


Common name: benzimidazole 
CA number: [51-17-2] 
CA name as indexed: 1H-benzimidazole 


Purpose. This experiment investigates conditions under which one of the 
important heterocyclic ring systems, the benzimidazole ring, may be formed. 
The method used involves the condensation of a 1,2-diaminobenzene with 
formic acid. The simplest possible benzimidazole ring system, benzimidazole 
itself, is prepared. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-90) 


REACTION 
NH, f- N 
Cs 7 ES 
NH, OH N 
H 
o-Phenylenediamine Formic acid 1-H-Benzimidazole 
DISCUSSION 


This experiment illustrates the classic method of forming the benzimidazole 
ring system. This heterocycle is generally prepared from 1,2-diaminobenzene 
(o-phenylenediamine) derivatives by reaction with carboxylic acids, or their de- 
rivatives, under acidic conditions. The ring system is aromatic; thus it is difficult 
to oxidize or reduce, and it is stable to both acids and bases. It is an important 
heterocyclic ring system that occurs in vitamin By and in many other biologically 
important compounds. Benzimidazole itself inhibits the growth of certain 
yeasts and bacteria. 

The parent compound of this class of heterocyclic compounds is imidazole. 
This ring system exhibits basic properties and is protonated to give a conjugate 
acid with pK, = 6.95. Once the imidazole ring is protonated, the two nitrogen 
atoms are indistinguishable, because the resonance forms of the protonated 
species are equivalent. As a resonance stabilized intermediate, the imidazole 
scaffold offers the synthetic organic chemist a multitude of opportunities when 
considering its role as part of an ionic liquid. As the term implies, an ionic liq- 
uid is a salt. However, when the salt is appropriately modified, it can exist as a 
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liquid at room temperature. As a salt, the system exhibits a significantly lower 
vapor pressure when compared to standard organic solvents, and thus it can 
serve the role of a solvent for many synthetic transformations. Over the past 
decade, ionic liquid technologies have witnessed an unprecedented surge in in- 
terest, especially among industrial applications. 


“ 4-H . ~H 
N N N 
/ \\ + HO* — / \ <> / g + HO 
CS +H, [ CD 
H H H 


The reaction to form the ring system used in this experiment proceeds in 
two stages. The first involves the in situ formation of an N-substituted for- 
mamide, via the usual nucleophilic addition—elimination reaction. The second 
involves an intramolecular nucleophilic addition to a carbonyl group and sub- 
sequent elimination of water to form the unsaturated heterocyclic ring. The 
sequence is outlined below: 


J ane H, CO:” 

NH ie) Nan 
2 ll *\c’_OH 

+ HO-C-H == Be 


NH, NH, 
o-Phenylenediamine Formic acid | 
A 
. NHI pA 
NH ¢5.- Sc&o' 
Be — Oe 
N° | NH, H 
H 


(substituted formamide) 


| We l + H,O 
eC dehydration wae 2 
N7-™ Mg “H 


H Benzimidazole 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.0 h. 





Physical Properties of Reactants 
Compound MW Amount mmol mp(°C) bp (°C) d Np 








o-Phenylenediamine 108.1 108 mg 1.0 102 
90% Formic acid 46.03 64 pL 1.7 101 1.22 1.3714 
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Reagents and Equipment. Weigh and add 108 mg (1.0 mmol) of 
o-phenylenediamine to a 3.0-mL conical vial containing a magnetic spin vane. 
Now add 64 wL (79 mg, 1.7 mmol) of 90% formic acid, and attach the vial to a 
reflux condenser protected by a calcium chloride drying tube (™). 





CAUTION: o0-Phenylenediamine is toxic and is a cancer suspect 
agent. Formic acid is very corrosive to the skin and should be dis- ; 
pensed in the hood using an automatic delivery pipet. HOOD ——s 
150-160 °C 
thermometer 










Reaction Conditions. Heat the reaction mixture, with stirring, at a sand 
bath temperature of 150-160 °C for 1 h. 


Isolation of Product. Allow the reaction mixture to cool to room tempera- 
ture. Add 630 wL of 10% aqueous sodium hydroxide solution (automatic deliv- 
ery pipet). Crude benzimidazole precipitates at this point. Collect the product 
by vacuum filtration using a Hirsch funnel and wash the filter cake with three 
0.5-mL portions of cold water (calibrated Pasteur pipet) (m). iA abe sboLH 64 a 
Purification and Characterization. Recrystallize the crude material from Benzimidazole product 
water, using a Craig tube. Dry the product in a desiccator or in a vacuum dry- on 
ing apparatus (see Prior Reading). Weigh the crystals and calculate the percent 
yield. Determine the melting point and compare your result with that listed in 
the literature. 

The UV spectrum of benzimidazole in 95% ethanol has been reported.! 


Chemical Tests. Several tests may be run to assist in the identification of this 
material. Does the ignition test confirm the presence of the aromatic ring sys- 
tem? Does the soda lime or sodium fusion test indicate that nitrogen is pres- 
ent? Is the material soluble in 10% hydrochloric solution? 


QUESTIONS 


N 10W-6. The parent compound of the imidazole series, imidazole (I) itself, was first prepared in 1858: Can 
I you account for the fact that it has a very high boiling point (256 °C), whereas 1-methyl imidazole 
N (II) has the somewhat lower boiling point of 199 °C? 
H 10W-7. The imidazole ring system has a great deal of aromatic character. Can you formulate two 
I resonance structures that account for this characteristic? 
10W-8. Imidazole is a weak acid, and thus reacts with strong bases to form the corresponding anion. Show 


N this reaction, and draw resonance structures that account for the stability of the conjugate base. 
ly 10W-9. Suggest a mechanism for the dehydration involved in the last step in the synthesis of 
benzimidazole. 
CH, 10W-10. Imidazole, acting as a nucleophile, catalyzes the hydrolysis of phenyl acetate by attack on the car- 
ti bonyl carbon atom of the ester. The imidazole displaces the phenoxide anion and forms acetyl 


imidazole. In turn, the acetyl imidazole is quite unstable in water and hydrolyzes to form acetic 
acid, and regenerates the imidazole molecule. Write a suitable mechanism outlining these steps. 


Steck, E. A.; Nackod, F. C.; Ewing, G. W.; Gorman, N. H. J: Am. Chem. Soc. 1948, 70, 2406. 
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Heterocyclic Ring Synthesis: 
4-Hydroxycoumarin and Dicoumarol 


Common name: 4-hydroxycoumarin 
CA number: [1076-38-6] 
CA name as indexed: 2H-1-benzopyran-2-one, 4-hydroxy- 


Common names: dicoumarol, dicoumarin 

CA number: [66-76-2] 

CA name as indexed: 2H-1-benzopyran-2-one, 
3,3'-methylenebis[4-hydroxy] - 


Purpose. You will synthesize a material, dicoumarol, that was the prototype 
for the oral anticoagulants widely used in medicine to lower blood coagulation 
rates. A carbon nucleophile is added to a carbonyl carbon to form a C—C 
bond. You will utilize a Claisen condensation reaction to prepare a B-ketoester, 
which, upon cyclization, forms a lactone, 4-hydroxycoumarin. Further con- 
densation of two mole equivalents of 4-hydroxycoumarin with formaldehyde 
yields dicoumarol. 


Prior Reading 
Technique 2: Simple Distillation at the Semimicroscale Level (pp. 61-64) 
Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-90) 





REACTION 
os . i. gee S : 
+ CGH;-O—C—O—CG Hs Da” + C,H;,OH 
OH O7 “0: 


o-Hydroxyacetophenone Diethyl carbonate 4-Hydroxycoumarin Ethanol 


EXPERIMENT 3 Heterocyclic Ring Synthesis: 4-Hydroxycoumarin and Dicoumarol 


DISCUSSION 


This reaction sequence illustrates the well-known Claisen condensation, 
which is widely used to form C—C bonds. The bond formation is brought 
about by the nucleophilic attack of an enolate anion on the carbonyl carbon of 
an ester. The enolate is generated by removal of a slightly acidic hydrogen from 
the a-carbon atom of a ketone, nitrile, or ester, using a relatively strong base. 
The reaction mechanism is shown here. The methyl ketone is deprotonated by 
the base, sodium hydride. Sodium hydride (NaH) provides a basic and nonnu- 
cleophilic source of hydride ion (H_). The resulting enolate then attacks the 
ester, diethyl carbonate. The B-ketoester product thus formed is esterified in 
an intramolecular reaction with the phenolic —OH group to form the lactone 
product (I). Note that the methylene hydrogen atoms in this lactone (I) are 
quite acidic because they are adjacent to two carbonyl groups. In the basic 
medium of this reaction, the sodium enolate of the lactone (II) will be formed. 
This enolate is water soluble, because it is a salt, which explains why the aque- 
ous solution must be acidified to precipitate the neutral 4~hydroxycoumarin 
when isolating the product. 


1. 4-Hydroxycoumarin 

















O—H O: 
Ol + 2NaH Ol , 2Nat + 2H,} 
a me 
O O. 
CHOC —OCH. 
I> 
0% 
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2. Dicoumarol 








H 
| Ht oe ae ss 
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The aldol condensation of 4-hydroxycoumarin with formaldehyde pro- 
vides an a,B-unsaturated carbonyl compound, which then undergoes a conju- 
gate (1,4-) addition of a second molecule of 4-hydroxycoumarin. This reaction 
could be catalyzed by either trace base or trace acid; the acid-catalyzed reac- 
tion is shown and discussed here. The enol portion of 4-~hydroxycoumarin is 
the nucleophile in an aldol reaction with protonated formaldehyde. The re- 
sulting product dehydrates to provide the a,B-unsaturated carbonyl com- 
pound, which, after protonation renders it a more reactive electrophile, then 
reacts with another nucleophilic molecule of 4-hydroxycoumarin in a conju- 
gate addition reaction. This product, upon loss of a proton to the aqueous sol- 
vent, leads to dicoumarol. This substance is present in moldy sweet clover. It is 
a blood anticoagulant and its ingestion leads to the hemorrhagic sweet clover 
disease that kills cattle. 


4-Hydroxycoumarin 


The reaction is shown on pages 679-680. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the reaction: 4.0 h. 











Physical Properties of Reactants 
Compound MW Amount mmol bp (°C) d Np 
Sodium hydride 24.0 85 mg 2.13 

(60% in oil dispersion) 
Toluene 92.15 6.0 mL 111 0.86): 1.4960 
o-Hydroxyacetophenone 136.16 133 wL 1.1 218 1.13 1.5584 
Diethyl carbonate 118.13 = 333 wL 2.75 126 0.96 1.3845 








Reagents and Equipment. 


NOTE. All equipment used in this reaction must be thoroughly dried in an oven 
at 110 °C for 30 min just prior to use. Upon removal from the drying oven, it 
should be allowed to cool to ambient temperature in a desiccator. 


Weigh and place 85 mg (2.13 mmol) of sodium hydride (60% dispersion in 
oil) in a 10-mL round-bottom flask containing a magnetic stirring bar. Now 
add 3.0 mL of dry toluene. Attach the flask to a Hickman still fitted with an air 
condenser protected by a calcium chloride drying tube. Wrap the Hickman still 
14/10 TS male joint with Teflon tape to prevent joint freeze-up (™). 





CAUTION: Sodium hydride (NaH) is a flammable solid. Dispense in 
the hood. Toluene is distilled and stored over molecular sieves. Also 
dispense this solvent in the hood. 





In rapid order, place 133 jL (150 mg, 1.1 mmol) of o-hydroxyacetophenone, 
3.0 mL of dry toluene, and 333 wL (324 mg, 2.75 mmol) of diethyl carbonate in 
a stoppered 10-mL Erlenmeyer flask. 





60% NaH dispersion, 
85 me+C,H,CH,, 6 mL 
+ @HOGH,COCH,, 150 mg 
+ (CH,CH,0),CO, 342 mg 
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Acidified aqueous 
phase, ~10 mL 


Cyclized product 
collected here 


NOTE. Dispense the small volumes of the liquid reagents using an automatic 
delivery pipet. Be sure to dry the removable plastic tips in the oven before use. Use 
a 10-mL graduated cylinder to measure the toluene. 


Remove the air condenser from the distilling head and add the o-hydrox- 
yacetophenone solution, with stirring, to the reaction flask as rapidly as possi- 
ble using a Pasteur pipet. The resulting solution turns yellow. Immediately 
reattach the air condenser. 


Reaction Conditions. Place the reassembled apparatus in a sand bath and 
rapidly raise the temperature of the bath to about 175 °C. 





CAUTION: To avoid excessively high temperatures, calibrate the hot 
plate temperature control before conducting the experiment. 





Collect the ethanol and toluene distillate (1.0 mL in 2-3 fractions) in the 
collar of the still, and then remove the apparatus from the heat source. Allow 
the reaction solution to cool to room temperature, and then add 3.0 mL of wa- 
ter with stirring. 


Isolation of Product. Transfer the resulting two-phase solution, using a 
Pasteur pipet, to a 15-mL centrifuge tube. Rinse the reaction flask with an ad- 
ditional 2.0 mL of water and add this to the centrifuge tube. Separate the 
toluene layer using a Pasteur filter pipet and transfer it to a second 15-mL cen- 
trifuge tube. Then extract this organic phase with 3.0 mL of water, and add the 
water extract to the original water phase. This aqueous solution contains the 
water-soluble sodium enolate (II). Cool the combined aqueous layers in an ice 
bath and acidify them by drop-wise addition of concentrated hydrochloric acid 
delivered from a Pasteur pipet. The solid product precipitates from the aqueous 
phase. Add acid until the yellow color of the solution disappears (~ 10 drops). 
Collect the product by vacuum filtration using a Hirsch funnel (). 


Purification and Characterization. Recrystallize the crude 4-hydroxy- 
coumarin from 50% ethanol using a Craig tube. Dry the material on a porous 
clay plate or in a vacuum apparatus (see Prior Reading). 

Weigh the product and calculate the percent yield. Determine the melting 
point and obtain an IR spectrum. Compare your results with those reported in 
the literature. 


Chemical Tests. You may wish to perform the ignition test to establish that 
the compound is aromatic. Does the ferric chloride test (Chapter 9) for phenols 
give a positive result? 


Dicoumarol 


REACTION 


66: 





4-Hydroxycoumarin Formaldehyde Dicoumarol 


EXPERIMENT 3 Heterocyclic Ring Synthesis: 4-Hydroxycoumarin and Dicoumarol 10W-19 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the reaction: 0.5 h. 











Physical Properties of Reactants 
Compound MW Amount mmol mp (°C) bp (°C) 
4-Hydroxycoumarin 162.15 50 mg 0.31 213-214 
Water 15 mL 100 
Formaldehyde 

(37% in HO) 0.5 mL 6 








Reagents and Equipment. Weigh and place 50 mg (0.31 mmol) of 4-hydroxy- 
coumarin, followed by 15 mL of water, in a 50-mL Erlenmeyer flask containing 
a boiling stone. Heat the mixture to boiling on a hot plate. Now add 0.5 mL 
(~ 500 mg, ~ 6 mmol) of formaldehyde (37% aqueous solution) to the result- 
ing solution. 


CAUTION: Formaldehyde is a cancer suspect agent. Dispense in the 
hood. HOOD 





Reaction Conditions. White crystals of the product form immediately on 


addition of the formaldehyde solution. Cool the flask in an ice bath. eee 





Isolation of Product. Collect the solid product by vacuum filtration using a 
Hirsch funnel (#). Wash the filter cake with three 1-mL portions of ice water. 
Remove the crystals and dry them on filter paper or on a porous clay plate. 


Purification and Characterization. Recrystallize the material from a mix- 
ture of toluene/cyclohexanone (~ 2:1) using a Craig tube. After drying the iso- 
lated material, determine its melting point and compare your value with that 
in the literature. Obtain an IR spectrum and compare your spectrum with that 
in the literature (The Aldrich Library of IR Spectra and/or Sci Finder Scholar). 


QUESTIONS 


10W-11. Why must water be excluded from the reaction that generates 4-hydroxycoumarol? 


10W-12. In the first step of the above reaction, formation of 4-hydroxycoumarin, what is the purpose of removing the 
ethanol generated in the reaction? 


10W-13. The Dieckmann condensation is simply an intramolecular Claisen condensation. For example, 





° _ 
i — OC,H, 7 - 
1. Cj H-ONa, C,H-OH PEN a Oe 
(CH), a © OGHs 
“¢ — OCH, 
O. 


Suggest a suitable mechanism to account for the formation of the cyclic B-ketoester. 





> pl @  5:21/11:50 


Very Rare Three Submarines Surfaced In The Arctic At Once For ICEX 2018 
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10W-14. Predict the product formed in each of the following reactions: 


1. NaH toluene 
(a) Acetophenone + diethyl carbonate ———————> 
2.H* 


1. CH5ONa_ ethanol 





(b) Acetophenone + ethyl formate 
2.H* 


> 


10W-15. Suggest a synthesis for each of the following compounds using the Claisen condensation. Any necessary organic 


or inorganic reagents may be used. 








o oO af oO 
(a) o j : CH, d CH, () CH;CH, s a ‘ OCH,CH, 
CH, 
oO 


° ° 
C—CH,—C—OCH,CH, 





“> 


(a) CH,CH,—O —C 


| 
Oo oO. 


10W-16. Draw structures for the two possible mono enols of 1,3-cyclohexanedione. Explain which one is more stable. 


A review of the Claisen condensation is given in 


Davis, B. R.; Garratt, P. J. Comp. Org. Syn. 1991, 2, 795. 
Garst, J. F. J. Chem. Educ. 1979, 56, 721. 
Hauser, C. R.; Swamer, F. W.; Adams, J.T. Org. React. 1954, 8, 59. 


See your organic textbook for an introduction to this reaction 
and its scope in synthesis. For example, 


Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed.; Wiley: 
New York, 2007, Chap. 16, p. 1452. 

Solomons, T. W. G.; Fryhle, C. B. Organic Chemistry, 9th ed.; Wiley: 
New York, 2008, p. 842. 

Selected references of Claisen condensations from Organic 

Syntheses include 

Ainsworth, C. Organic Syntheses; Wiley: New York, 1963; Collect. 
Vol. IV, p. 536. 

Floyd, D. E.; Miller. S. E. Organic Syntheses; Wiley: New York, 1963; 


BIBLIOGRAPHY 


Collect. Vol. IV, p. 141. 

John, J. P.; Swaminathan, S.; Venkataraman, P. S. Organic Syntheses; 
Wiley: New York, 1973; Collect. Vol. V, p. 747. 

Magnani, A.; McElvain, S. M. Organic Syntheses; Wiley: New York, 
1955; Collect. Vol. IIL, p. 251. 

Riegel, E. R.; Zwilgmeyer, F. Organic Syntheses; Wiley: New York, 
1943; Collect. Vol. IL, p. 126. 

Snyder, H. R.; Brooks, L. A.; Shapiro, S. H. Organic Syntheses; 
Wiley: New York, 1943; Collect. Vol. II, p. 531. 


For the synthesis of coumarin see: 
Sethna, S.; Phadke, R. Org. React. 1953, 7, 1. 
It may be of interest in a broad aspect to review 


Corey, E. J.; Czak6, B; Kiirti, L. Molecules and Medicine, Wiley: New 
York, 2007. 


Grignard and Aryl Halide Cross-Coupling 
Reaction: 1-Methyl-2-(methyl-d3)-benzene 
Common names: 1-methyl-2-(methyl-d3)-benzene, a,a,a-d3-0-xylene 


CA number: [25319-53-3] 
CA name as indexed: benzene, 1-methyl-2-(methyl-ds)- 


EXPERIMENT 4 Grignard and Aryl Halide Cross-Coupling Reaction: 1-Methyl-2-(methyl-d3)-benzene 10W-21 


Purpose. This experiment illustrates a selective cross-coupling reaction be- 
tween an alkyl Grignard reagent’ and an aryl halide in the presence of a nickel 
phosphine catalyst to form a C—C bond. The reaction is also used to demon- 
strate the technique of “labeling” specific hydrogen atoms with an isotope for 
identification purposes. 


Prior Reading 


Technique 4: Solvent Extraction 
Liquid—Liquid Extraction (p. 72) 
Drying of the Wet Organic Layer (pp. 80-82) 
Technique 6: Chromatography 
Column Chromatography (pp. 92-93) 
Concentration of Solutions (pp. 101-104) 


REACTIONS 


CH, CH, 
cl CD, 


ether 


Nildppp]Cl, 


D,CMglI + + MgCll 


o-Chlorotoluene 1-Methy]1-2- Magnesium 
(methyl-d3)-benzene chloroiodide 


Alternatively, the use of methyl iodide in the formation of the Grignard 
reagent produces o-xylene in step 2. 


DISCUSSION 


Before the discovery of the nickel-phosphine catalyst, the cross-coupling of 
Grignard reagents with organic halides was seldom used in synthetic practice. 
This fact was mainly due to the formation of homocoupling products along 
with significant elimination side reactions. With the use of this new catalyst, 
the reaction now has wide application in the synthesis of unsymmetrical alka- 
nes and alkenes. 

In this experiment we will synthesize an isotopically labeled o-xylene. The o- 
xylene product will be labeled with a trideuteromethyl group. Deuterium, one of 
the hydrogen isotopes, can be used as a label in organic compounds. Its incor- 
poration into a molecule can be detected by IR, NMR, or MS. Deuterium label- 
ing is a particularly powerful way of investigating infrared spectra because the 
resultant frequency shifts (which are inversely proportional to the square root of 
the mass ratio; see Infrared Discussions, Chapter 8) are the largest obtainable 
with stable isotopes. Isotopic labeling is often used to follow hydrogen- 
deuterium exchange reactions, such as enolizations, to study biological reactions, 
and for gaining insight into organic reaction mechanisms. The nickel catalyst 


*For general references on Grignard reagents refer to Experiment [16]. 
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used in this experiment is [1,3-bis(diphenylphosphino) propane]nickel (II) 
chloride, mercifully abbreviated as Nil[dppp]Ch. 


[1,3-Bis(diphenylphosphino)propane]nickel(II) chloride 
(Ni[dppp]Ch) 


It has been proposed that the catalytic ability of the dihalodiphosphi- 
nenickel reagent stems from its ability to react with a Grignard reagent to form 
a diorgano-nickel complex (A).* This complex is then converted to the halo- 
organonickel complex B, by reacting it with an organic halide: 


R 
L,NiX, + 2RMgX’ > Lit + 2MgXxx’ 
R 
A 
R x 
LNi + R’'—X" > L,Ni + R—R 
R R’ 
A 


(where L, = organodiphosphine ligand; 
R = alkyl or aryl; R’aryl or vinyl; 
X, X' and X” = halo 


Reaction of complex B with the Grignard reagent forms a new diorganon- 
ickel complex C, from which the cross-coupling product is formed by attack of 


the organic halide. In the reaction, complex B is regenerated and thus the cat- 
alytic cycle is completed: 


x UR 
L,Ni + RMgX’ = L,Ni + Mgx’x" 
R’ R’ 
B Cc 
as ia 
LN + ROX" = LNi + | ROR 
R’ R’ 
‘a B 


Cross-coupling 
product 


°Tamao, K.; Sumitani, K.; Kumada, M. J. Am. Chem. Soc. 1972, 94, 4374. 


EXPERIMENT 4 Grignard and Aryl Halide Cross-Coupling Reaction: 1-Methyl-2-(methyl-d3)-benzene 1O0W-23 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 5.0 h. 














Physical Properties of Reactants and Product 
Compound MW Amount mmol mp (°C) _ bp (°C) 
Magnesium 24.31 65 mg 2.7 649 
Diethyl ether 74.12 700 wL 34.5 0.71 
Methyl-d3-iodide 144.96 250 pL 3.93 42 2.28 
Ni[dppp]Cl 542.1 10 mg 0.02 
o-Chlorotoluene 126.59 150 pL 1.28 159 1.08 
1-Methyl-2-(methyl-ds)- 

benzene 109.17 144 





NOTE. All the glassware used in the experiment should be cleaned, dried in an 
oven at 110 °C for at least 30 min, and then cooled in a desiccator before use. 


Reagents and Equipment. Equip a5.0-mL conical vial containing a magnetic 
spin vane with a reflux condenser protected by a calcium chloride drying tube. 


Step 1. Scrape a 4- to 5-in. piece of magnesium ribbon to remove the oxide 
coating. Then cut it into 1-mm-long sections. Using forceps, weigh and add 
65 mg (2.7 mmol) of the magnesium sections to the conical vial. In the 
hood, use an automatic delivery pipet to dispense 300 wL of anhydrous 
diethyl ether into the conical vial containing the magnesium. Reassemble 
the apparatus. 


Using automatic delivery pipets, prepare a solution of 250 wL of methyl-d 
iodide in 200 wL of anhydrous diethyl ether in a capped vial. 





CAUTION: Methyl-d; iodide is a suspected carcinogen. 





Draw this solution into a Pasteur filter pipet. Remove the drying tube and 
insert the pipet down the length of the condenser, allowing the pipet bulb to 
rest on the condenser lip. 


Reaction Conditions. Place the reaction vial in an ice bath and add the 
methyl-ds iodide dropwise with stirring. Withdraw the pipet, reinstall the dry- 
ing tube, and stir the mixture for 20 min (m). 


Step 2. In this step, all liquids must be dispensed in the hood using auto- 
matic delivery pipets. Weigh and add to a capped 0.5-dram vial, 10 mg 
(0.02 mmol) of Ni[dppp]Clo. 





CAUTION: Ni[dppp]Cl, is a cancer suspect agent. 





Now add 150 wlL of o-chlorotoluene and 200 wL of anhydrous diethyl 
ether. Draw this solution into a Pasteur filter pipet and, in one portion, add it 
to the reaction vial through the condenser as described above. Reinsert the 
drying tube. Place this mixture in a preheated sand bath at a temperature of 
55 °C. Heat with stirring for 2 h (™). 


HOOD 






55°C 
thermometer 


Mg, 65 mg + 
(CH,CH,},0, 0.5 mL + 
CBI, 250 pl 





Step I: 
NildpppIcl,, 10 mg 
+ OCH,CgH,CI, 150 pL 
+ (CH;CH3},0, 200 pL 
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On addition of the catalyst, the solution turns green. After approximately 
30 min of heating, the mixture becomes dark brown. 


Isolation of Product. Cool the reaction mixture in an ice bath and quench 
the reaction by the dropwise addition (calibrated Pasteur pipet) of 1.5 mL of 
1.0 M HCI solution. The acid should be added slowly because frothing occurs. 


NOTE. The following extracting solutions are measured using calibrated Pasteur 
pipets. For each extraction operation, the vial is capped, shaken, and vented, and 
the layers are allowed to separate. The aqueous (lower) phase is then removed. 





Na SQ, 1.0¢ 
SiO,, 200 mg 
Sand, 50 mg 






Add 1.0 mL of ether to the solution. Using a Pasteur filter pipet, remove 
the aqueous layer. Extract the remaining ether phase with 1.0 mL of water fol- 
lowed by 1.0 mL of saturated sodium bicarbonate solution and then 1.0 mL of 
deionized water. Then extract with two 1.0-mL portions of 1.0 N sodium thio- 
sulfate (NaSO3) solution and then with 1.0 mL of water. 


Purification and Characterization. Isolate and purify the reaction product 
using column chromatography. In a modified Pasteur filter pipet, place 200 mg 
of activated silica gel (100 mesh) followed by 1.0 g of anhydrous sodium sulfate. 
Product + Wet the column with 0.5 mL of ether using a calibrated Pasteur pipet (9). 

a Transfer the ether solution of product to the column by Pasteur pipet, and 
, elute the material from the column with two 0.5-mL portions of ether. Collect 
the eluate in a tared 10-mL Erlenmeyer flask and then transfer the eluate to a 
5-mL conical vial for concentration. Evaporate the solvent by warming the vial 

HOOD ina sand bath in the hood to yield the “labeled” o-xylene. 

Weigh the product and calculate the percent yield. Determine the boiling 
point, density, and refractive index (optional) and compare your values with 
those listed for o-xylene in the literature. Obtain an IR spectrum of the crude 
(dry) reaction product using the capillary film sampling technique and analyze 
it following the analysis given below. 


Infrared Analysis. The spectrum of o-chlorotoluene (Fig. 10.3W) nicely mim- 
ics the large macro group frequency train for an ortho-substituted dialkylbenzene 
system, which has the following frequency train: 3100-3000, 3000-2850, 1950, 
1920, 1880, 1840, 1790, 1690, 1600, 1580, 1500, 1450, 1380, and 750 cm“ 1. 


a. 3072 and 3026 cm™*: C—H stretch on aromatic ring. 

b. 3000-2850 cm~*: C—H stretch on alkyl substituents. 

c. 1955, 1915, 1880, 1835, 1795, and 1690 cm™!: Combination band pat- 
tern for ortho-disubstituted rings. The fit in this case is extremely good. 

d. 1596 and 1577, 1475 and 1450 cm™*: Two degenerate pairs of ring 
stretching modes. The 1450 wavenumber band is overlapped by the anti- 
symmetric methyl deformation vibrations. 

e. 1382 cm™': Symmetric methyl deformation mode. 

f. 749 cm™: All in-phase out-of-plane bend of four adjacent C—H groups 
on the aromatic ring. 


The C—Cl stretch falls below the region of measurement in these aromatic 
systems. 

The IR spectrum of 1-methyl-2-(methyl-d3)-benzene is shown in Figure 
10.4W. The reaction has replaced the —Cl group with a —CDs group. Thus, the 
only spectral changes expected to be observed will involve the vibrations of the 
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100.00 %T 


0.00 4000 3500 3000 2500 2000 1500 1000 cm=! 500 


Sample _2~Chlorotoluene 
%T X. ABS — Background Scans 4 Stake 16 


Acquisition & Calculation Time 42 sec __ Resolution 4.0 cm-1! 
Sample Condition liquid, neat_ Ss Ce]] Window —_KBr___ 
Cell Path Length —Cepillary film Matrix Material 





Figure 10.3W IR spectrum: 2-chlorotoluene. 


labeled group. To a first approximation, the frequency should shift by a factor of 
1/V/2 = 0.707, but in practice the full shift is not observed because most 
vibrations are not pure modes. A factor of 0.75—0.72 is generally observed. In 
1-methyl-2-(methyl-d;)-benzene, we have two sets of doublets, with the doublet 
centers at 2220 and 2090 cm’. Because we would expect the C—D stretching 
modes to give rise to only two band systems, coupling with overtones of lower 
lying fundamental vibrations is likely occurring. The corresponding C—H 
stretching modes also evidence some coupling. If we use the major band cen- 
ters observed at 2965 and 2870 cm ', however, as the C—H stretching values, 
the observed ratios are 2220/2965 = 0.749 and 2090/2870 = 0.728, results that 
are quite reasonable to expect for this type of isotopic shift. The bending 
modes are moved into the cluttered fingerprint region and do not easily lend 
themselves to analysis. 

Examine the spectrum of the reaction product you have obtained as a cap- 
illary film. Discuss the similarities and differences of the experimentally derived 
spectral data to the reference spectra (Figs. 10.3W and 10.4W). 
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Figure 10.4W IR spectrum: 1-methyl-2-(methyl-d3)-benzene. 






































QUESTIONS 


10W-17. Predict the reagents that could be used to prepare each of the compounds by the Grignard coupling reaction. 
Give a suitable name to each reactant. 


(a) (cris (0) « ) CH,—CH=CH, 





CH, 
CH,CH(CH,), 
Onan 
(b) 
CH,CH(CH,), CH, 


10W-18. The Wurtz coupling reaction involves the treatment of haloalkanes with an active metal, such as sodium. 
(a) Butyl bromide + Na 
(b) 1-Bromo-3-chorocyclobutane + Na 
What products would be formed in the above reactions? Name the products. 
10W-19. In reference to Question 10W-18, explain why the coupling reaction of n-butyl bromide and n-propyl bromide 
under conditions of the Wurtz reaction is synthetically inefficient for the preparation of heptane. 
10W-20. Describe what you would expect to see in the 'H and ‘°C NMR spectra of 1-methyl-2-(methyl-d3)-benzene. 


EXPERIMENT 5 Oxidative Coupling of 2-Naphthol: 1,1’-Bi-2-Naphthol 1OW-27 


10W-21. The spectrum of o-chlorotoluene given in Figure 7.3 has two additional peaks that are not present in the 
library reference standard spectrum. Both these bands are weak. One occurs near 1714 cm‘ and the other at 
1362 cm '. Can you offer an explanation for the presence of the extra absorption bands? How successful do you 
think the coupling reaction would be if carried out using this sample as the starting material? 

10W-22. In the spectrum of o-chlorotoluene, the lower wavenumber band of the 1596, 1577 pair is the more intense 
member. In the labeled product, the 1610, 1580 pair has the higher wavenumber peak more intense. Explain this 
reversal of intensities. 


BIBLIOGRAPHY 
The present coupling reaction is based on the work reported by __ Lespieau, R.; Bourguel, M. Organic Syntheses; Wiley: New York, 
Kumada, M.; Tamao, K.; Sumitani, K. Organic Syntheses; Wiley: 1941; Collect. Vol. I, p. 186. 
New York, 1988; Collect. Vol. VI, p. 407, and references cited Smith, L. I. Organic Syntheses; Wiley: New York, 1943; Collect. 
therein. Vol. IL, p. 360. 


Turk, A.; Chanan, H. Organic Syntheses; Wiley: New York, 1955; 


Selected Grignard coupling reactions presented in Organic Collect. Vol. III, p. 121. 


Syntheses: -_ : peel a eemea iE 
Gilman, H.; Catlin, W. E. Organic Syntheses; Wiley: New York, 1941; ereneion Was tas descnvedny. 

Collect. Vol. I, p. 471. Mayo, D. W.; Bellamy, L. J.; Merklin, G.T.; Hannah, R. W. 
Gilman, H.; Robinson, J. Organic Syntheses; Wiley: New York, 1943; Spectrochim. Acta 1985, 41A, 355. 


Collect. Vol. IL, p. 47. 


Oxidative Coupling of 2-Naphthol: 
1,1'-Bi-2-Naphthol 
Common name: 1,1’-bi-2-naphthol 


CA number: [602-0-5] 
CA name as indexed: [1,1’-binaphthalene]-2,2'-diol 


Purpose. The coupling reaction that aromatic phenols undergo in the pres- 
ence of transition metal oxidants is investigated. This reaction mimics the bio- 
genetic process that occurs in nature. 


Prior Reading 


Technique 5: Crystallization 
Use of the Hirsch Funnel (pp. 88-89) 
Craig Tube Crystallizations (pp. 89-90) 


REACTION 
eon NaOH | | OH 
2 “FeCl, HEI “ 
Br | OH 


2-Naphthol 1,1'-Bi-2-naphthol 
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DISCUSSION 


This reaction illustrates oxidative coupling of phenols, which is an important 
biogenetic pathway in nature, leading to the formation of many different 
natural products. 

The coupling reaction involves oxidation of 2-naphthol by electron transfer 
to give an aryloxy radical, which then dimerizes to yield the product. The 
mechanism is shown here: 


on om 
ei ee 


Fe3* 

Cr N FH 

O: : ): (¢ ): 
H ms 

Dimerization 7 Fe? 
H r 

O: 

CLS 


OH 
eeu CO 
" + 2H == ~ + 2Cl 
eon con 


This binaphthol compound, by virtue of restricted rotation about the sin- 
gle bond joining the two naphthalene groups, is a chiral compound. That is, 
the molecule cannot readily exist in a planar form because of the steric inter- 
ference of the bulky —OH substituents, and, in fact, the two enantiomers have 
been separated. Such enantiomeric compounds contain no stereocenter, but 
rather have an axis of chirality, or a chiral axis, which in this case contains the 
bond joining the two napthalene rings (see Fig. 10.5W)’*: 
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“Donald J. Cram (Nobel Laureate, 1987) and coworkers have incorporated this binaphthyl 
group into cyclic crown ethers. 


EXPERIMENT 5 Oxidative Coupling of 2-Naphthol: 1,1’-Bi-2-Naphthol 





Figure 10.5W Enantiomers of 1,1'-bi-2-naphthol. 


An investigation of the complexation of this class of molecules with various 
ionic species may lead to important insights into the catalytic nature of 
enzymes. For example, the crown ether similar to that above containing two 
2,2'-substituted 1,1'-binaphthyl groups as chiral barriers complexes preferen- 
tially with one enantiomer of some primary amine salts: 


<\ a | oD 
©) My O | yw CY 
Ming, oS O OO) © oO 
Complexation of enantiomerically pure binaphthols with metal hydride re- 
ducing agents allow enantiospecific reductions of some carbonyl compounds. 


ee 


“e 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.0. h. 














Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) 
2-Naphthol 144.19 100 mg 0.69 123-124 
Sodium hydroxide 40.00 30 mg 0.75 318.4 
Ferric chloride-6H,0 270.30 297 mg 1.1 37 
HCl (concd) 36.46 100 pL 

Water 18.06 3 mL 





Reagents and Equipment. Weigh and add 100 mg (0.69 mmol) of 2-naphthol 
and 30 mg (0.75 mmol) of sodium hydroxide to a 10-mL round-bottom flask 
containing a stirring bar. 


10W-29 
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5 Ice Breaking Ships Braving the Arctic Circle 
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CAUTION: Sodium hydroxide is a corrosive and toxic chemical. Do 
not allow it to touch your skin or to come in contact with your eyes. 





Add 3.0 mL of water. Attach the flask to a reflux condenser and place the 
assembly in a sand bath on a magnetic stirring hot plate («). 







—- 
Heat the reaction mixture to reflux, with stirring, using a sand bath tem- 

perature of 120 °C. 
— In a 10-mL Erlenmeyer flask prepare a solution of 180 mg (1.1 mmol) of 


~120°C 
thermometer 


anhydrous ferric chloride (MW 162) or 297 mg (1.1 mmol) of ferric chloride 
hexahydrate (MW 270), 1.0 mL of water (calibrated Pasteur pipet), and 100 pL 
of concentrated hydrochloric acid. 





CAUTION: Be careful when mixing acid with water. Add the acid to 
the water. Avoid contact with the skin. Dispense the acid with an 
automatic delivery pipet. 


sangnied Ls Using a Pasteur pipet, transfer the ferric chloride solution, through the top 
+H,0, 4.2 mL of the condenser, to the reaction flask. Rinse the Erlenmeyer flask with 200 wL 


eFECI Bed. #27 Mie of water, and add this rinse to the reaction flask as before. 
+ concd HCI, 100 ub 

Reaction Conditions. Heat the resulting mixture at reflux, with stirring, for 

45-60 min using a sand bath temperature of 120 °C. Allow the mixture to cool 

to room temperature, and then place the flask in an ice bath to complete crys- 

uibled aeanek tallization of the product. 

Collected here Isolation of Product. Collect the solid product by vacuum filtration using 

a Hirsch funnel, and wash the filter cake with two 1.0-mL portions of cold 


water (calibrated Pasteur pipet) («). 


Purification and Characterization. Recrystallize the crude product from 
95% ethanol using a Craig tube, and dry the resulting crystals on a porous 
H,0, ~6 mL and other clay plate or on filter paper. 

reaction byproducts Weigh the crystals and calculate the percent yield. Determine the melting 
point and compare it with the literature value. Obtain the IR spectrum and 
compare it to that shown in the literature (The Aldrich Library of IR Spectra 
and/or SciFinder Scholar). 


Chemical Tests. Chemical classification tests (Chapter 9) may be used to 
assist in characterization of this material. Perform the ignition test and the 
ferric chloride test. 


QUESTIONS 


10W-23. In the oxidative coupling reaction of 1-naphthol, it is possible to obtain three products: 


:OH :OH HO: :OH 
-CL Cl: UU 
=== + 

OH 


Account for the formation of this mixture by suggesting a mechanistic sequence similar to that presented in the 
discussion section of this experiment. 
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10W-24. Predict the structure of the diphenylquinone product, CygH4 O02, formed by the oxidative coupling of 2,6-di-tert- 
butylphenol with oxygen in the presence of base. 


10W-25. Substituted phenols, such as BHT, are used as antioxidants in processed foods: 


:OH 


CH, 
BHT 


The role of the antioxidant is to stop spoilage caused by the free radical reactions brought about by reaction of oxy- 
gen with compounds containing C=C bonds. 
(a) Give a suitable chemical name for BHT. 
(b) Can you suggest why this compound is an effective antioxidant? 

10W-26. Naphthalene is the simplest of the polycyclic aromatic hydrocarbons and can be represented by three resonance 
structures. Draw them. Indicate which of the structures are equivalent. 

10W-27. Some relatively simple chiral compounds contain a chiral axis. Use molecular models to convince yourself that 
the two molecules below are enantiomers, even though they contain no stereocenters: 


H CH, H,C H 


BIBLIOGRAPHY 


For references related to the oxidative coupling of phenolic 


For the resolution of 1,1’-bi-2-naphtol, see 
derivatives, see 


Dongwei, C; Hughes, D. L; Verhoeven, T. R.; Reider, P. J. Organic 
Dewar, M. J. S.; Nakaya, T. J. Am. Chem. Soc. 1968, 90, 7134. Synthesis, Collect. Vol 10, p. 93. Also see Kazlauskas, P. J. 


Scott, A. I. Q. Rev. 1965, 19, 1. Organic Synthesis, Collect. Vol 9, p. 77. 
For an overview of Cram’s work on the binaphthyl crown 


For the use of 1,1'-bi-2-naphthol as a chiral element for asym- 
ethers, see 


metric catalysts, see 
Cram, D. J.; Cram, J. M. Science 1974, 183, 803. Chem. Eng. News: 1995, 9 Oct, p. 74. 


Noyori, R.; Takaya, H. Acc. Chem. Res. 1990, 23, 345. 


Beckmann Rearrangement: Benzanilide 


Common name: benzanilide 
CA number: [93-98-1] 
CA name as indexed: benzamide, N-phenyl- 


Purpose. You will carry out the Beckmann rearrangement in which a ketone 
is converted, via an oxime, to an amide. The reaction is an example of a group 
of reactions in which migration to an electron-deficient nitrogen occurs. 
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Prior Reading 
Technique 4: Solvent Extraction 
Liquid-Liquid Extraction (p. 72) 
Technique 5: Crystallization 
Craig Tube Crystallizations (pp. 89-90) 


REACTION 
° 
« )-€ <<) + H,NOH-Hc] “=. 
Benzophenone Hydroxylamine 
hydrochloride 
OH 
7. 7 o 
( y—C —{ ) — CA ) 
lal 
Benzophenone Benzanilide 
oxime 
DISCUSSION 


The Beckmann rearrangement was discovered in 1886 by E. Beckmann and is the 
reaction of an oxime of a ketone, in the presence of acid, to yield the correspon- 
ding amide or amides. It is a very general reaction and a wide variety of reagents 
have been used to cause the rearrangement to take place. These include sulfuric, 
hydrochloric, and polyphosphoric acids, phosphorus pentachloride, and aro- 
matic sulfonyl chlorides. The Beckmann rearrangement is the nitrogen analogue, 
both functionally and mechanistically, of the Baeyer—Villiger oxidation, which 
converts a ketone to an ester. 

In the present case, only one amide is formed, because benzophenone 
is a symmetrical ketone. Because the oximes are prepared from ketones, 
the reaction was often used, before the advent of modern spectroscopic 
techniques, to determine the structure of the starting ketone. This structure 
determination was accomplished by the subsequent identification of the 
acid and amine obtained upon hydrolysis of the amide product of the re- 
arrangement. 

As depicted in the following mechanism, the acid catalyst converts the 
oxime’s hydroxyl group to a good leaving group (water, a small neutral mole- 
cule). The acid used in this experiment is a very strong acid, trifluoromethane- 
sulfonic acid, usually called triflic acid. The first part of the overall reaction in 
this experiment constitutes the formation of the oxime, which is followed by 
the actual migration of an aryl (or alkyl) group from the former carbonyl car- 
bon to the nitrogen atom, the Beckmann rearrangement: 
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‘O: ‘Or OH 
: IP ergo | 
HCl‘-HO—NH, + = Cy = _ R—-C—R’ =~ R—-C—R’ 
R R’ 4 
\ — -NH 
:(OH °OH 
CF,S03H 
R R’ R R’ i 
| eee | ar ; 
CF,SO, + -N = ‘NL, == R—C—R’ + CF,SO, 
a OH \ 
OH ~ :-N—H 
f (oxime) 
H :OH 
+ o 
R’—C=N—R 
| eR’ a R as a R= ae a 
fe a3 
kC=N—K :OH, :OH O; 
+ 
CF,SO,H 


There are two significant points concerning the stereo- and regiochem- 
istry of the reaction: (1) the group that migrates is the one anti to the hydroxyl 
group on the C=N bond and (2), the stereochemistry, if any, of the migrating 


group is retained. 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 2.5 h. 











Physical Properties of Reactants 

Compound MW Amount mmol mp (°C) 

Benzophenone 182.21 100mg 0.55 48.1 

Hydroxylamine hydrochloride 69.49 51mg 0.73 155-57 

Triflic acid—formic acid solution 500 pL ~_—_ 











Reagents and Equipment. Weigh and place 100 mg (0.55 mmol) of ben- 
zophenone and 51 mg (0.73 mmol) of hydroxylamine hydrochloride in a 5.0-mL 
conical vial containing a magnetic spin vane. Using an automatic delivery pipet 
in the hood, now add 500 wl of triflic acid-formic acid solution to this mixture. 
Attach the vial to a re-flux condenser and mount the assembly in a sand bath on 


a magnetic stirring hot plate (m). 


thermometer 





HOOD 





CAUTION: | Triflic acid (trifluoromethanesulfonic acid) is one of the 
strongest acids known. It is very corrosive and toxic! 





{CgHs)CO, 100 me 
+ HClkH,NOH, 51 mg 





+ CF;80,H-HCO,H, 0.5 mL 
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HOOD 


INSTRUCTOR PREPARATION. The acid solution is prepared by adding 2 drops 
of triflic acid to 5.0 mL of 90% formic acid. 


Reaction Conditions. With stirring, heat the reaction mixture at reflux for 
1h ina sand bath at 125 °C. Then cool the resulting solution to room tem- 
perature. 


Isolation of Product. To the cooled reaction solution add 1.0 mL of water 
(using a calibrated Pasteur pipet), and extract the resulting mixture with three 
1.0-mL portions of methylene chloride. Separate the organic phase using a 
Pasteur filter pipet and transfer it to a 10-mL Erlenmeyer flask. For each ex- 
traction, after addition of the methylene chloride, cap the vial, shake, vent, 
and then allow the layers to separate. 

Dry the combined methylene chloride extracts over granular, anhydrous 
sodium sulfate. Using a Pasteur filter pipet, transfer the dried solution to a 
clean, dry 10-mL Erlenmeyer flask containing a boiling stone. Evaporate the 
solvent in the hood under a gentle stream of nitrogen on a warm sand bath to 
yield the crude reaction product. 


Characterization and Purification. Transfer the crude benzanilide from 
the Erlenmeyer flask to a Craig tube, and recrystallize the material from 95% 
ethanol. 

Weigh the product and calculate the percent yield. Determine the melting 
point and compare your result to that listed in the CRC Handbook or found us- 
ing SciFinder Scholar. Obtain an infrared spectrum. 


Infrared Analysis. In this experiment, an aromatic ketone has been re- 
arranged to a secondary amide. By examining the infrared spectra of starting 
material and product, we can confirm this molecular transformation. 

The spectrum of benzophenone (Fig. 10.6W) possesses two macro group 
frequency trains: 


1. Conjugated aromatic ketone: This ketone is defined by the bands 
at 3325 (overtone of ketone carbonyl stretch), 1663 (C=O stretch, doubly 
conjugated), 1601 and 1580 (vg, and vg, degenerate ring stretch), 1492 and 
1450 cm! (vy9, and vy9p degenerate ring stretch). The intensification of the 
1580-wavenumber peak confirms the conjugation of the carbonyl to the ring. 
The 1500-wavenumber ring stretch, which is generally a bit variable in inten- 
sity, is quite weak in this case (2 different benzene rings). 

2. Monosubstituted phenyl group: This group is defined by weak 
bands located at 1969, 1913, 1823, 1724 cm~!, and strong bands recorded at 
701 and 640 cm. For discussions of these modes see Chapter 8, and Experi- 
ment [20]. In the case of phenyl rings conjugated to carbonyl groups, the 750- 
and 690-wavenumber bands often appear on the low side of their usual range 
and can be down as much as 40-50 cm‘, as occurs here. 


The rearrangement product has incorporated a heteroatom into its struc- 
ture, but the carbonyl group and the ring systems have survived. The infrared 
spectrum of benzanilide (Fig 10.7W) must be consistent with the formation of 
a secondary amide. We expect to observe a macro group frequency for the 
presence of monosubstituted phenyl groups, plus a second macro group fre- 
quency for a secondary aromatic amide. 
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100.00 %T 


4000 3500 3000 2500 2000 1500 1000 cm~! 500 









Sample _Benzophenone 






#T X ABS~— Background Scans 4 ——S— Scans 16 
Acquisition & Calculation Time 42sec _ Resolution 40 cm-! 
Sample Condition __SOlid - melt Cell Window __KBr___ 






Cell Path Length —cepillery film Matrix Material 
Figure 10.6W IR spectrum: benzophenone. 


The first macro group frequency is similar to that of the starting material 
with bands occurring at 


a. 1950, 1912, 1840, and 1725 cm7!: All four combination bands are dou- 
bled in this case. The values given are for the centers of the doublets. 


b. 752 and 718 cm~*: C—H out-of-plane bend. The lower value likely cor- 
responds to the ring conjugated directly with the carbonyl group. 


c. 693 cm™': Ring out-of-plane bend (puckering) vibration. 


The second macro group frequency for the aromatic secondary amide uses 
the following bands: 3350, 3060, 1659, 1602, 1587, 1539, 1322, and 680 (broad) 
-1 
cm. 


a. 3350 cm™': This strong band corresponds to the highly hydrogen- 
bonded amide N—H stretch. 


b. 3060 cm~*: C—H stretch on sp* carbon, aromatic C—H. 
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100.00 %T 


4000 3500 3000 2500 2000 1500 


Sample _Benzanilide 
%T -X ABS — Background Scans 4  __ Sane 16 


Acquisition & Calculation Time 42sec _ Resolution 4.0 cm-1 
Sample Condition ____solid_ =o Cell Window 
CelEPath Length —_—_____. Matrix Material KBr 





Figure 10.7W IR spectrum: benzanilide. 


1000 


cm-! 500 


c. 1659 cm™': C=O stretch of a conjugated and hydrogen-bonded amide. 


It is the most intense band in the spectrum. 
d. 1602 and 1587 cm™': Ring stretch degenerate pair, vg, and vgp. 


e. 1539 and 1322 cm™': These two bands involve both N—H bending (in- 
plane) and C—N stretch. The two fundamentals fall somewhere between 
1450-1400 cm~'. Thus, they can mechanically interact and split apart 
with one component falling at 1539 cm~' and the other near 1322 cm *, 
Since the fundamental frequencies will vary somewhat from molecule to 
molecule, the interaction term that is sensitive to the frequency match 
(see Infrared discussions, Chapter 8) will also vary in magnitude, and 
thus the wavenumber separation will be affected. 

f. 680 cm~': Broad and weak. This ill-defined band arises from the out-of- 
plane bend of the N—H group. It is similar to the O—H bend found in 
alcohols in this spectral region (see infrared discussion in Experiments 


[5A], [5B], and [8B]). 
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Examine the IR spectrum of your reaction product. Discuss the similarities 
and differences of the experimentally derived spectral data to the reference 
spectra (Figs. 10.6W and 10.7W). 


Chemical Tests. Chemical classification tests (Chapter 9), such as the ignition 
test and the soda lime test (or sodium fusion test), may also be conducted to 
further establish the identity of the product. The hydroxamate test may be 
used to establish the presence of the amide functional group. 


QUESTIONS 


10W-28. Draw the structure of the product expected in each of the Beckmann rearrangements presented below. 
Give a suitable name for each product. 


OH 
:N HO 
SN: 


CF3;COjH | H,SO, 
~s 


CH, —wee (c) CH,— C— a (CH,),CH, 


H,S0, 
= aa 
140°C 


| 
Cn. 
(a) or 
CH, 
OH 
:N 
(b) C) 


10W-29. The picryl iminoethers (an iminoether is C=N—O—C) of oximes undergo the Beckmann rearrangement 
without an acid catalyst: 


2 
NO, 


(picry] ester) 


O,N NO, 


Explain why a catalyst is not required in this rearrangement. 
10W-30. Compounds A and B undergo the Beckmann rearrangement upon gentle heating of the solid compounds: 


Br 
OL. NO, Qa. NO, 
oa om 
Br 
ON NO, O,N 


A B 


NO, 


(a) Write the structure of the products expected. 
(b) If a mixture of the two iminoethers, A and B, are heated in the same reaction flask, what products would be 
formed? Explain. 
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10W-31. When acetophenone oxime was allowed to rearrange in '*O-enriched solvent, the amide product contained the 
same percentage of '*O as the solvent. Explain this observation. 


10W-32. Oximes are usually crystalline materials and have been prepared as a means of identifying liquid ketones or 
aldehydes. It has been found in the preparation of these derivatives that if the acid concentration is too high 


(low pH), then the oxime does not form. Explain. 


10W-33. The mechanical coupling between the N—H bending vibration and the C—N stretching vibration depends on 
a close frequency match. Normally the C—C, C—N, and C—O stretching vibrations are found in the 1200- to 
800-wavenumber region. Why, in the case of the amides, do we find the C—N stretch approaching 1400 em” '? 


BIBLIOGRAPHY 


Reviews on the Beckmann rearrangement: 


Donaruma, L. G.; Heldt, W. Z. Org. React. 1960, 11, 1. 

Gawley, R. E. Org. React. 1988, 35, 1. 

Jochims, J. C.; Hehl, S.; Herzberger, S. Synthesis 1990, 1128, and 
references therein. 

McCarthy, C. G. in The Chemistry of the Carbon—Nitrogen Double 
Bond; Patai, S., Ed.; Interscience: New York, 1970; p. 408. 

Yamabe, S.; Tauchida, N.; Yamazaki, H. J. Org. Chem. 2005, 
70, 10638. 


An example of the Beckmann rearrangement using different 
reagents is given in 
Deluca, L.; Giacomelli. G.; Porcheddu, A. J. Org. Chem. 2002, 
67, 6072. 
Furuya, Y.; Ishihara, K.; Yanamoto, H. J. Am. Chem. Soc. 2005, 
127, 11240. 
Harada, T.; Ohno, T.; Kobayashi, S.; Mukaiyama, T. Synthesis 
1991, 1216. 
Ohno, M.; Naruse, N.; Terasawa, I. Organic Syntheses; Wiley: New 


York, 1973; Collect. Vol. V, p. 266. 
The present reaction was adapted from the work of 
Ganboa, I.; Palomo, C. Synth. Commun. 1983, 13, 941. 


Preparation of an Enol Acetate: 
Cholesta-3,5-dien-3-ol Acetate 


Common name: cholesta-3,5-dien-3-ol acetate 
CA number: [2309-32-2] 
CA name as indexed: cholesta-3,5-dien-3-ol, acetate 


Purpose. This experiment investigates the conditions under which the 
enol acetate of an a,B-unsaturated ketone is prepared. The combined use 
of acetic anhydride with chlorotrimethylsilane is an illustration of a tech- 
nique for the generation of acylium ions, a reactive electrophile for acyla- 
tion reactions. 


Prior Reading 


Technique 5: Crystallization 
Craig Tube Crystallizations (pp. 89-90) 
Technique 6: Chromatography 
Column Chromatography (pp. 92) 
Thin-Layer Chromatography (pp. 97-99) 
Removal of Solvent Under Reduced Pressure (pp. 102-104) 


EXPERIMENT 7 Preparation of an Enol Acetate: Cholesta-3,5-dien-3-ol Acetate 10W-39 


REACTION 
(CH,),SiCl 
(CH,CO),0 
2 =e =0 
O. 
Cholesta-4-en-3-one Cholesta-3,5-dien-3-ol acetate 
DISCUSSION 


Acylium ions are useful reactive intermediates in organic synthesis because 
their high reactivity allows reactions with relatively weak nucleophiles, in this 
case the carbonyl oxygen of an «,B-unsaturated enone. The product in this ex- 
periment, a dienol acetate of a cholesterol derivative, is itself a useful interme- 
diate in the synthesis of steroids such as cortisone. 

Acetic anhydride and chlorotrimethylsilane react, as shown here, to gen- 
erate a small equilibrium concentration of acylium ion (CH3C=O")along 
with trimethylsilyl acetate, CH3CO.Si(CH3)3. The acylium ion is a much more 
reactive electro philic acyl group than neutral sources of an electrophilic acyl 
group, such as acetic anhydride or acetyl chloride, CH3;COCL. 


Cl 
I“ CH, 
ZN 
H,C CH, 
as = - ___-9i(CHs) 
von von Co on 3/3 
Aok ~~ oe 
H,C O CH, H,C O CH, 
Acetic anhydride | 
a 
O . _Si(CH3)3 
il ‘O; 
[ A 
CH, xe) CH, 
Acylium Trimethylsilyl 
ion acetate 


The acylium ion thus generated is a very reactive electrophile, capable 
of reacting with the relatively weakly nucleophilic lone pairs on the carbonyl 
oxygen of the cholesta-4-en-3-one. The resulting oxonium ion renders 
the y-protons of the enone quite acidic, and thus they are readily 
removed by a very weak base, such as chloride ion, to generate the product, 
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cholesta-3,5-dien-3-ol acetate. The proposed mechanism for this transfor- 
mation is shown here: 


Mn, 





CH, 


Acylium ion Cholesta-4-ene-3-one 





Cholesta-3,5-dien-3-ol acetate 


EXPERIMENTAL PROCEDURE 


Estimated time to complete the experiment: 4.0 h. 











Physical Properties of Reactants and Product 
Compound MW Amount mmol mp (°C) bp (°C) d Np 
Cholesta-4-en-3-one 384.65 96mg 0.25 81-82 
Acetic anhydride 102.09 10mL = 10.6 140 1.08 1.3901 
Chlorotrimethylsilane 108.64 200 wL 1.58 57 0.86 
Cholesta-3,5-dien- 425.68 79-80 

3-ol acetate 









NOTE. The glass equipment should be dried in an oven (110 °C) and cooled to 
room temperature in a desiccator before use. 


145-150°C 
Thermometer 
Reagents and Equipment. Weigh and place 96 mg (0.25 mmol) of cholesta- 
4-en-3-one in a dry 5.0-mL conical vial containing a magnetic spin vane. Now, 

HOOD _ in the hood, add 1.0 mL of acetic anhydride and 200 wL of chlorotrimethylsi- 
J lane. Immediately attach the vial to a reflux condenser protected by a calcium 
chloride drying tube (). 


NOTE. The quality of the acetic anhydride has a significant influence on the reac- 
tion. For best results, the anhydride should be distilled and stored over molecular 

Cholesta-4-ene-3-one, 96 mg 2 Z . Z F : 
+ (CH3C0)20, 1.0 mL sieves before use. It is convenient to dispense the anhydride and the chlorotrimethyl- 
a ea silane (which hydrolyzes rapidly in moist air) using automatic delivery pipets (in 
HOOD _ the hood). An alternative is to place each reagent in a small bottle sealed with a 
septum cap. The reagents are then removed through the septum using a 1-mL 
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syringe with a Teflon-tipped plunger while the bottle is connected to another needle 
providing dry nitrogen. The chlorotrimethylsilane (bp 57 °C) may also be purified 
by distillation in the hood. 


Reaction Conditions. Heat the reaction mixture with stirring at reflux for 
1-2 hina sand bath (145-150 °C). Follow the course of the reaction using TLC. 


TLC DIRECTIONS. Use activated silica gel plates with 1:1 methylene chloride/ 
hexane as the elution solvent. Visualization of the separated components is achieved 
by placing the plate in a closed jar containing a few crystals of iodine (see Prior 
Reading for further details). 


Isolation of Product. Allow the reaction mixture to cool to room temper- 
ature and then place it in an ice bath for 15-30 min. A solid product forms 
during this time. Collect this solid by vacuum filtration using a Hirsch fun- 
nel, and wash the filter cake with 15 mL of 5% aqueous sodium bicarbonate, 
followed by 5 mL of cold water (m). 


Purification and Characterization. Purify the crude product by column 
chromatography. In a 1 X 10-cm buret, place 2.0 g of activated silica gel 
(100 mesh) packed wet (slurry) with methylene chloride (m). Dissolve the 
product in about 1.0 mL of hexane and transfer the solution by Pasteur pipet 
to the column. Elute the material from the column using approximately 
10 mL of 1:1 methylene chloride/hexane solvent. Collect the eluate in a tared 
25-mL filter flask. 

Remove the solvent by warming in a sand bath under reduced pressure to 
give the solid product, cholesta-3,5-dien-3-ol acetate (¥). A rotary evaporator, 
if available, is a more rapid alternative. Recrystallize this material from 
methanol using a Craig tube, and dry the resulting crystals on a clay plate. 
Weigh the product and calculate the percent yield. Determine the melting 
point and compare it with the literature value shown in the Reactant and 
Product table. Obtain an IR spectrum of the material and compare it with that 
of an authentic sample, as well as with the spectrum of the starting material. 


Thumb 
contrals 
pressure; 
continuous 
shaking 







1:1 Hexane/CH,Cl, 10 mL 
+enal acetate 


HOOD 


Enol acetate 
collected here 






6% NaHCO,, 15 mb 
+ cold HO, 5 mL 


Sand, 50 mg 


Si0>, 2.02 


Sand, 50 mg 


1:1 Hexane/CH,Cls, 
10 mL 


QUESTIONS 


10W-34. Reaction of (CH3)3SiCl with alcohols produces a trimethylsilyl ether. For example, 


7 _, (C)H5)3N: 
CH,CH,CH,QH + (CH,),SiCl —{_—> 


wie + 
CH,CH,CH,OSi(CH,), + (Cj)H;);NH, Cl” 


The trimethylsilyl ether is more volatile than the corresponding alcohol, and is often used to facilitate GC 


analysis. Explain. 
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10W-35. Chlorotrimethylsilane reacts with enolate anions to form stable silyl enol ethers. For example, 


:O— Si(CH;), :0—Si( CH), 


_(CH)),SiCl 
~ (GH)N? 
HCON(CH)), 


Assuming that the reaction is run under equilibrium conditions, predict which of the above silyl enol ethers is 
formed in the largest amount and why. 

10W-36. In this experiment, the protons at both the y and a’ positions relative to the intermediate oxonium ion are quite 
acidic. Removal of a proton from the y position results in the formation (pathway a below) of the actual product, 
cholesta-3,5-dien-3-ol acetate (see Discussion section). Removal of a proton from the a’ position would result 
in the formation (pathway b below) of an isomeric product, cholesta-2,4-dien-3-ol acetate. Because the reaction 
is conducted under equilibrium conditions, the product obtained must be the thermodynamically more stable of 
the two possibilities. Why is cholesta-2,4-dien-3-ol acetate less stable than cholesta-3,5-dien-3-ol acetate? 








Uy, 


Wy My 


/ WH 






i 
Cem, 
le 
CH, 
Acylium ion Cholesta-4-ene-3-one 
ny, 
owH 
De H 
H,C O 
H H 
Cholesta-2,4-dien-3-ol acetate Cholesta-3,5-dien-3-ol acetate 


10W-37. There are two reasons why the enols of B-dicarbonyl compounds, such as pentane-2,4-dione are relatively 
stable. One is that they are conjugated and the 7-electron overlap due to the conjugation provides additional 
stability. What is the other reason that these species are relatively stable? Would you expect the enol of 
cyclohexane-1,3-dione to be as stable as the enol of pentane-2,4-dione? 


BIBLIOGRAPHY 
The present experiment is adapted from the work reported by Rappoport, Z., Ed.; The Chemistry of the Enols; Wiley: New York, 
Chowdhury, P. K.; Sharma, R. P,; Barua, J. N. Tetrahedron Lett. 1990. 
1983, 24, 3383. Smith, M. B.; March, J. Advanced Organic Chemistry, 6th ed.; Wiley: 


For information on the formation and reactivity of enols, see NSW ose aU age te pelt 


House, H. O. Modern Synthetic Reactions, 2nd ed.; Benjamin: 
Reading, MA, 1972; Chapter 9, p. 492. 
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Absorb To take up matter (to dissolve), or to take up radiant energy. 


Activated complex An unstable combination of reacting molecules that is inter- 
mediate between reactants and products. 


Activation energy The minimum energy, AG, necessary to form an activated com- 
plex in a reaction. Or the difference in energy levels between the ground state and 
transition state. 


Active methylene A methylene group with hydrogen atoms rendered acidic due 
to the presence of an adjacent (a) electron withdrawing group, such as a carbonyl 
group. 

Activity (of alumina) A measure of the degree to which alumina adsorbs polar 
molecules.The activity (adsorbtivity) of alumina may be reduced by the addition of 
small amounts of water. Thus, the amount of water present in a sample of alumina 
determines the activity grade. Alumina of a specific activity can be prepared by 
dehydrating alumina at 360 °C for about 5-6 h and then allowing the dehydrated 
alumina to absorb a suitable amount of water. The Brockmann scale of alumina 
activity is based on the amount of water (weight percent) that the alumina contains: 
grade I = 0%, grade II = 3%, grade HI = 6%, grade IV = 10%, and grade V = 15%. 
For further information, see Brockmann, H.; Schodder, H. Chem Ber. 1941, 74, 73. 
Adsorb The process by which molecules or atoms (either gas or liquid) adhere to 
the surface of a solid. 


Aliphatic Term used to refer to nonaromatic species, such as alkanes, alkenes, 


alkynes. 
Aliquot A portion. 


Alkaloid A naturally occurring compound that contains a basic amine functional 
group. They are found particularly in plants. 


Anilide A compound that contains a CsH;NHCO group. An amide formed by 
acylation of aniline (aminobenzene). 


Bimolecular reaction The collision and combination of two reactants to give an 
activated complex in a reaction. 


Capillary action The action by which the surface of a liquid,where it contacts a 
solid, is elevated or depressed because of the relative attractions of the molecules of 
the liquid for each other and for the solid. It is particularly observable in capillary 
tubes, where it determines the ascent (descent) of the liquid above (below) the level of 
the liquid in which the capillary tube is immersed. 


Catalyst A substance that changes the speed of a chemical reaction without affect- 
ing the yield or undergoing permanent chemical change itself. 

Characterize ‘To conclusively identify a compound by the measurement of its 
physical, spectroscopic, and other properties. 

Condensation reaction A condensation reaction is an addition reaction that 
produces water (or another small neutral molecule such as CH3OH or NHs) as a 
byproduct. 

Dehydrohalogenation A reaction that involves loss of HX from a halide by treat- 
ment with strong base. 

Deliquescent Liquefying by the absorption of water from the surrounding atmos- 
phere. 

Dihedral angle The angle between two intersecting planes. In organic chemistry 
the term dihedral angle (or torsional angle) is used to describe the angle between 
two atoms (or groups) bonded to two adjacent atoms, such as H—C—C—H, and 
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can be determined from a molecular model by looking down the axis of the bond 
between the two central atoms. 


Dipole The separation of charge in a bond or in a molecule with a positively and 
negatively charged end. 


Eluant A mobile phase in chromatography. 
Eluate The solution that is eluted from a chromatographic system. 
Elute To cause elution. 


Elution The flow, in chromatography, of the mobile phase through the stationary 
phase. 


Emulsion A suspension composed of immiscible drops of one liquid in another 
liquid (e.g., oil and vinegar in salad dressing). 


Enol A functional group composed of a hydroxyl group bonded to an alkene. 


Enolate The conjugate base of a enol, that is, a negatively charged oxygen atom 
bonded to an alkene. An enolate results from deprotonation a to a carbonyl group. 


Enthalpy change (AH) The heat lost or absorbed by a system under constant pres- 
sure during a reaction. 


Entropy (S) The randomness, or amount of disorder of a system. 
Entropy change (AS) The change in the amount of disorder. 


Filter cake The material that is separated from a liquid, and remains on the filter 
paper, after a filtration. 


Free energy change (AG) A predictor of the spontaneity of a chemical reaction at 
constant temperature. AG = AH — T AS 


Glacial acetic acid Pure acetic acid containing less than 1% water. 
Heterocycle A cyclic molecule whose ring contains more than one kind of atom. 


Heterolysis Cleavage of a covalent bond in a manner such that both the bond’s 
electrons end up on one of the formerly bonded atoms. 


Homogeneous Consisting of a single phase. 


Homolysis Cleavage of a covalent bond in a manner such that the bond’s elec- 
trons are evenly distributed to the formerly bonded atoms. 


Hydroboration Addition of borane (BHs) or an alkyl borane to a multiple bond. 
Hydrogenation Addition of hydrogen to a multiple bond. 
Hygroscopic Absorbs moisture. 


In situ. In chemistry, the term usually refers to a reagent or other material gener- 
ated directly in a reaction vessel and not isolated. 


Kinetics Referring to the rate of a reaction. 

Lachrymator A material that causes the flow of tears. 

Ligroin A solvent composed of a mixture of alkanes. 

Mechanism A complete description of how a reaction occurs. 

Metabolism The chemical processes performed by a living cellular organism. 
Metabolites The compounds consumed and produced by metabolism. 

Methine A CH group (with no other hydrogen atoms attached to the carbon atom). 


Methylene A CH) group (with no other hydrogen atoms attached to the carbon 
atom). 





Mother liquor The residual, and often impure, solution remaining from a crystal- 
lization. 


Olefin An older term for an alkene. 
Optical isomers Enantiomers. Isomers that have a mirror-image relationship. 
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Order of reaction With respect to one of the reactants, the order of a reaction is 
equal to the power to which the concentration of that reactant is raised in the rate 
equation. 


Oxonium ion A trivalent oxygen cation with a full octet of electrons (e.g., H30*). 
Paraffins An older name for alkanes. 


Phase transfer catalysts Agents that cause the transfer of ionic reagents between 
phases, thus catalyzing reactions. 


Plasticizer A substance added to a polymer to make it more flexible or to prevent 
embrittlement. 


Polymer A compound of high molecular mass that is built up of a large number of 
repeating simple molecules, or monomers. 


Racemic Consisting of an equimolar mixture of two enantiomers. 


Rate equations Equations giving the relationship between reaction rate and the 
concentrations of the reactants. 


Reaction mechanism The stepwise sequence of elementary reactions in an over- 
all reaction. 


Reagent A chemical or solution used in the laboratory to detect, measure, react 
with, or otherwise examine other chemicals, solutions, or substances. 


Reflux The process by which all vapor evaporated or boiled from a vessel is con- 
densed and returned to that vessel. 


Rotamers Conformational isomers that can be interconverted by rotation about one 
or more single bonds (e.g., gauche and anti butane). 


Spontaneous process A physical or chemical change that occurs without the net 
addition of energy. AG < 0 for a spontaneous process. 


Sublimation The passing of a solid directly into vapor state without first melting. 


Tare A tared container is one whose weight has been measured. The term may also 
refer to the process of zeroing a balance after a container has been placed on the 
weighing platform. 


Thermodynamics The chemical science that deals with the energy transfers and 
transformations that accompany chemical and physical changes. 


Transition state A combination of reacting molecules that is intermediate between 
reactants and products. 


Triturate ‘To grind to a fine powder. (Or, washing solid organic products in a solvent 
in which the desired product has little solubility.) 


Vapor pressure ‘The pressure exerted by a vapor in equilibrium with a liquid or solid 
at a given temperature. 


Ylide A neutral dipolar molecule in which negative and positive charges are on 
adjacent atoms. 


Zwitterion A neutral molecule containing separated opposite formal charges. 
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Common Organic Solvents: Table of Properties 

boiling melting solubility flash 

point point density in water Dielectric point 

Solvent formula MW (°C) (°C) (g/mL) (g/100g) Constant (°C) 
acetic acid CyH4O2 60.05 118 16.6 1.049 Miscible 6.15 39 
acetone C3H,O 58.08 56.2 —94.3 0.786 Miscible 20.7(25) —18 
acetonitrile C,H3N 41.05 81.6 —46 0.786 Miscible 37.5 6 
benzene CeHe 78.11 80.1 515. 0.879 0.18 2.28 —11 
1-butanol C4H1)O 74.12 117.6 —89.5 0.81 6.3 17.8 35 
2-butanol CyHi9O 74.12 98 —115 0.808 15 15.8(25) 26 
2-butanone CyHgO 72.11 79.6 —86.3 0.805 25.6 18.5 7 
t-butyl alcohol C4Hy)O 74.12 82.2 25.5 0.786 Miscible 12.5 11 
carbon tetrachloride CCl 153.82 76.7 —22.4 1.594 0.08 2.24 — 
chlorobenzene C6H5Cl 112.56 131.7 —45.6 1.1066 0.05 5.69 29 
chloroform CHCl, 119.38 61.7 —63.7 1.498 0.795 4.81 — 
cyclohexane CeHy2 84.16 80.7 6.6 0.779 <0.1 2.02 —20 
1,2-dichloroethane CoHyChl 98.96 83.5 —35.3 1.245 0.861 10.42 13 
diethyl ether CyHi9O 74.12 34.6 —116.3 0.713 7.5 4.34 —45 
diethylene glycol CyH 1903 106.12 245 —10 1.118 10 31.7 143 
diglyme (diethylene glycol 
dimethyl ether) Ce6Hy403 134.17 162 —68 0.943 Miscible 7.23 67 
1,2-dimethoxy- 
ethane (glyme, DME) C4Hy)02 90.12 85 —58 0.868 Miscible 72. —6 
dimethylether C,H.O 46.07 =22 — 138.5 NA NA NA —41 
dimethyl- 
formamide (DMF) C3H7NO 73.09 153 —61 0.944 Miscible 36.7 58 
dimethyl sulfoxide (DMSO) CyHgOS 78.13 189 18.4 1.092 25.3 47 95 
dioxane CyHgO 88.11 101.1 11.8 1.033 Miscible 2.21(25) 12 
ethanol C,H.O 46.07 78.5 —114.1 0.789 Miscible 24.6 13 
ethyl acetate CyHgO> 88.11 77 —83.6 0.895 8.7 6(25) —4 
ethylene glycol CoH6O2 62.07 195 —13 1.115 Miscible 37.7 111 
glycerin C3HgO3 92.09 290 17.8 1.261 Miscible 42.5 160 
heptane CrHi¢ 100.20 98 —90.6 0.684 0.01 1.92 —4 
Hexamethylphosphoramide 
(HMPA) CeHigN30P 179.20 232.5 72 1.03 Miscible 31.3 105 
Hexamethylphosphorous 
triamide (HMPT) CeHigN3P 163.20 150 —44 0.898 Miscible 2? 26 
hexane CeHia 86.18 69 —95 0.659 0.014 1.89 —22 
methanol CH,O 32.04 64.6 —98 0.791 Miscible 32.6(25) 12 
methyl t-butyl 
ether (MTBE) C5H,0 88.15 55.2 —109 0.741 5.1 2? —28 
methylene chloride CH>Cl, 84.93 39.8 —96.7 1.326 1.32 9.08 1.6 
N-methyl-2-pyrrolidinone 
(NMP) CH;H »NO 99.13 202 —24 1.033 10 32 91 
nitromethane CH3NO>, 61.04 101.2 —29 1.382 9.50 35.9 35 
pentane CsHy2 72.15 36.1 =129:7. 0.626 0.04 1.84 —49 
Petroleum ether (ligroine) — — 30-60 —40 0.656 — — —30 
1-propanol C3HgO 88.15 97 —126 0.803 Miscible 20.1(25) 15 
2-propanol C3HgO 88.15 82.4 —88.5 0.785 Miscible 18.3(25) 12 
pyridine CsHsN 79.10 115.2 —41.6 0.982 Miscible 12.3(25) 17 
tetrahydrofuran (THF) C4HgO ZAM 66 —108.4 0.886 30 7.6 —21 
toluene CyHg 92.14 110.6 —93 0.867 0.05 2.38(25) 4 
triethyl amine CeHisN 101.19 88.9 —114.7 0.728 0.02 2.4 —11 
water H,0 18.02 100.00 0.00 0.998 — 78.54 — 
water, heavy D,0 20.03 101.3 4 1.107 Miscible 2? — 
o-xylene CgH 9 106.17 144 —25.2 0.897 Insoluble 2.57 32 
m-xylene CgHio 106.17 139.1 —47.8 0.868 Insoluble 2.37 27 
p-xylene CgHio 106.17 138.4 13.3 0.861 Insoluble 2.27 27 
T = 20 °C unless specified otherwise. 
Source: http://virtual-yosemite.cc.ca.us/smurov/orgsoltab.htm 
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following reasons: (1) you are enrolled in a formal biochemistry lab course at a col- 
lege or university and you will use the book as a guide to procedures; or (2) you 
have started a research project in biochemistry and desire an understanding of the theories and 
techniques you will use in the lab; or (3) you have started a job in a biochemistry lab and wish 
to review theory and techniques. Whether you are a novice or experienced in biochemistry, I 
believe you will find the subject matter and lab work to be exciting and dynamic. Most of the 
experimental techniques and skills that you have acquired and mastered in other laboratory 
courses will be of great value in your work. However, you will be introduced to many new 
concepts, procedures, and instruments that you have not used in chemistry or biology labs. 
Your success in biochemistry lab activities will depend on your mastery of these specialized 
techniques, use of equipment, and understanding of chemical/ biochemical principles. 
For many students, the primary reason to enroll in a formal biochemistry lab course is 
to learn how to do research in the discipline. Most students have observed graduate and 
undergraduate students participating in research activities at their institutions, but observers 
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may not be entirely familiar with the step-by-step process. The questions “What is 
research?” and “How is it done in biochemistry?” will be answered in Chapter 2, 
Section A, p. 35. For now, we will define research simply as “hunting for the truth.” 

As you proceed through this text, you will no doubt compare your activi- 
ties with previous laboratory experiences. In organic lab, you ran reactions, 
isolated and purified several hundred milligrams or a few grams of solid or 
liquid products, and characterized the materials by infrared spectroscopy, 
gas chromatography, nuclear magnetic resonance spectroscopy, mass spec- 
trometry, and other techniques. In biochemistry lab, you will work with 
milligram or even microgram quantities, and in most cases the biomolecules 
will be extracted from biological sources and dissolved in solution, so you 
will never really “see” the materials under study. But you will observe the 
dynamic chemical and biological changes brought about by biomolecules. 
The procedures and instruments introduced in the lab will be your “eyes” 
and will monitor the occurrence of biochemical events. 

This chapter is an introduction to procedures that are of utmost importance 
for the safe and successful completion of a biochemical project. It is recommended 
that you become familiar with the following sections before you begin labora- 
tory work. 


A. SAFETY IN THE LABORATORY 
Safety First 


The concern for laboratory safety can never be overemphasized. Most students 
who are involved in biochemistry laboratory activities have progressed through 
several years of college lab work without even a minor accident. This record is, 
indeed, something to be proud of; however, it should not lead to overconfidence. 
You must always be aware that chemicals used in the laboratory are potentially 
toxic, irritating, and flammable. However, such chemicals are a hazard only 
when they are mishandled or improperly disposed of. It is my experience as a 
lab instructor for 30 years that accidents happen least often to those who come to 
each lab session mentally prepared and with a complete understanding of the 
experimental procedures to be followed. Because dangerous situations can 
develop unexpectedly, though, you must be familiar with general safety prac- 
tices, facilities, and emergency actions. When we work in the lab, we must also 
have a special concern for the safety of lab mates. Carelessness on the part of one 
person can often cause injury to others. 


Material Safety Data Sheets 


The procedures in this book are designed and described with an emphasis on 
safety. However, no amount of planning or pretesting of procedures substitutes 
for awareness and common sense on the part of the student. All chemicals used 
in the procedures outlined here must be handled with care and respect. The use 
of chemicals in all U.S. workplaces, including academic research and teaching 
labs, is regulated by the Federal Hazard Communication Standard, a document 
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written by the Occupational Safety and Health Administration (OSHA).! 
Specifically, the OSHA standard requires all workplaces where chemicals are 
used to do the following: (1) develop a written hazard communication program; 
(2) maintain files of Material Safety Data Sheets (MSDS) on all chemicals used 
in that workplace (an MSDS is a detailed description of the properties of a chem- 
ical substance, the potential health hazards, and the safety precautions that must 
be taken when handling it); (3) label all chemicals with information regarding 
hazardous properties and procedures for handling; and (4) train employees in the 
proper use of these chemicals. Several states have passed “right-to-know” legisla- 
tion that amends and expands the federal OSHA standard. If you have an interest 
in or concern about any chemical used in the laboratory, the MSDS may be ob- 
tained from your instructor or laboratory director or from the Internet (www. 
sigma-aldrich.com, for example). The actual form of an MSDS for a chemical may 
vary, but certain specific information must be present. Figure 1.1 is a partial copy 
of the MSDS for glacial acetic acid, a reagent often used in biochemical research. 
All chemical reagent bottles in a workplace, lab, or stockroom must be labeled to 
identify potential hazardous materials and to specify personal protection neces- 
sary for handling. One standard hazard communication system used for this 
purpose is the Hazardous Materials Identification System (HMIS® III Wall Chart 
containing an HMIS® III Label in the lower left-hand corner is shown in Figure 1.2). 
The health, flammability, physical hazard, and personal protection codes for the 
chemical reagent are summarized on the bottle label for quick identification. 


Safe Practices in the Biochemistry Laboratory 


It is easy to overlook some of the potential hazards of working in a biochem- 
istry laboratory. Students often have the impression that they are working less 
with chemicals and more with natural biomolecules; therefore, there is less 
need for caution. However, this is not true; many reagents used are flammable 
and toxic. In addition, materials such as fragile glass (disposable pipets), 
sharp objects (needles, razor blades, etc.), and potentially infectious biological 
materials (blood, bacteria, viruses) must be used and disposed of with cau- 
tion. The extensive use of electrical equipment, including hot plates, stirring 
motors, and high-voltage power supplies for electrophoresis, presents special 
hazards. 

Proper disposal of all waste chemicals, sharp objects, and infectious agents 
is essential not only to maintain safe laboratory working conditions, but also to 
protect the general public and your local environment. Some of the liquid chem- 
ical reagents and reaction mixtures from experiments are relatively safe and 
may be disposed of in the laboratory drainage system without causing environ- 
mental damage. However, special procedures must be followed for the use and 
disposal of most reagents and materials. Often this means that your instructor 
will provide detailed information on proper use procedures. In some cases, proper 





1 Federal Register, Vol. 48, Nov. 25, 1983, p. 53280; Vol. 50, Nov. 27, 1985, p. 48758. 
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FIGURE 1.1 
Partial MSDS for 
glacial acetic 

acid. MSDS 
information is 
subject to change. 
For the most 
current version, 
contact Sigma- 
Aldrich. Courtesy 
of Sigma-Aldrich 
Corp., St. Louis, 
MO; www.sigma- 
aldrich.com. 








Section 2-Composition/Information on Ingredient 


Substance Name CAS # SARA_ 313 
ACETIC ACID 64-19-7 No 

Formula C2H402 

Synonyms Acetic acid (ACGIH:OSHA), Acetic acid, glacial, Acide ace- 


tique (French), Acido acetico (Italian), Azijnzuur (Dutch), 
Essigsaeure (German), Ethanoic acid, Ethylic acid, Glacial 





Section 4-First Aid Measures 
Oral Exposure 
If swallowed, wash out mouth with water provided person is conscious. Call a 
physician immediately. 
Inhalation Exposure 
If inhaled, remove to fresh air. If not breathing give artificial respiration. If 
breathing is difficult, give oxygen. 
Dermal Exposure 
In case of skin contact, flush with copious amounts of water for at least 15 min- 
utes. Remove contaminated clothing and shoes. Call a physician. 
Eye Exposure 
In case of contact with eyes, flush with copious amounts of water for at least 15 
minutes. Assure adequate flushing by separating the eyelids with fingers. Call a 
physician. 
Section 7-Handling and Storage 
Handling 
User Exposure 
Do not breathe vapor. Do not get in eyes, on skin, on clothing. Avoid prolonged 
or repeated exposure. 
Storage 
Suitable 
Keep tightly closed. Store in a cool dry place. 


Section 9-Physical/Chemical Properties 





Appearance Color Form 
Colorless Clear liquid 

Molecular Weight: 60.05 AMU 

Property Value At Temperature or Pressure 

pH N/A 

BP/BP Range 117-118C 760 mmHg 

MP/MP Range 4C 

Freezing Point N/A 

Vapor Pressure 11.4 mmHg 20C 

Vapor Density 2.07 g/Ff 

Saturated Vapor Conc. N/A 

SG/Density 1.06 g/cm3 


Section 11-Toxicological Information 
Route of Exposure 
Skin Contact 
Causes burns. 
Skin Absorption 
Harmful if absorbed through skin. 
Eye Contact 
Causes burns. 
Inhalation 
May be harmful if inhaled. 
Ingestion 
May be harmful if swallowed. 


Target Organ(s) or System(s) 
Teeth. Kidneys. 


Signs and Symptoms of Exposure 

Material is extremely destructive to tissue of the mucous membranes and upper 
respiratory tract, eyes, and skin. Inhalation may result in spasm, inflammation 
and edema of the larynx and bronchi, chemical pneumonitis, and pulmonary edema. 
Symptoms of exposure may include burning sensation, coughing, wheezing, laryngi- 
tis, shortness of breath, headache, nausea, and vomiting. Ingestion or inhalation 
of concentrated acetic acid causes damage to tissues of the respiratory and di- 
gestive tracts. Symptoms include: hematemesis, bloody diarrhea, edema and/or per- 
foration of the esophagus and pylorus, hematuria, anuria, uremia, albuminuria, 
hemolysis, convulsions, bronchitis, pulmonary edema, pneumonia, cardiovascular 
collapse, shock, and death. Direct contact or exposure to high concentrations of 
vapor with skin or eyes can cause: erythema, blisters, tissue destruction with 
slow healing, skin blackening, hyperkeratosis, fissures, corneal erosion, opaci- 
fication, iritis, conjunctivitis, and possible blindness. To the best of our 
knowledge, the chemical, physical, and toxicological properties have not been 
thoroughly investigated. 
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FIGURE 1.2 HMIS® III Wall Chart containing an HMIS® III label (lower left-hand corner) for glacial acetic acid 
displaying the hazard indices for the chemical. HMIS® III is a registered trademark of the National Paint & Coatings 
Association, Inc. (NPCA). /t is used with permission and may not be further reproduced. NPCA has granted an 
exclusive license to produce and distribute HMIS® III materials to J. J. Keller & Associates, Inc. Those wishing to utilize 
the HMIS® III system should contact J. J. Keller at 1-800-327-6868 or www.jjkeller.com. 





disposal will require the collection of waste materials from each laboratory worker, 
and the institution will be responsible for removal. For each procedure described 
in this book, appropriate handling of all reagents, materials, and equipment will 
be recommended. 

It is essential that all students be aware of the potential hazards of working 
in a biochemistry laboratory. A set of rules is an appropriate way to communicate 
the importance of practicing safe science. The general rules outlined in Figure 1.3 
serve as guidelines. Your institution and instructor may have their own list of 
rules or may want to add guidelines for specific activities. Rules of laboratory 
safety and chemical handling are not designed to impede productivity, nor 
should they instill a fear of chemicals or of laboratory procedures. Rather, their 
purpose is to create a healthy awareness of potential laboratory hazards, to 
improve the efficiency of each student worker, and to protect the general public 
and the environment from waste contamination. The list of references at the end 
of this chapter includes books, journal articles, manuals, and Web sites describ- 
ing proper and detailed safety procedures. 
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FIGURE 1.3 
Guidelines for 
safety in the 
biochemistry 
laboratory. 


1. Some form of eye protection is required at all times. Safety glasses with wide side 
shields or goggles are recommended, but normal eyeglasses with safety lenses may 
be permitted under some circumstances. Your instructor will inform you of the type of 
eye protection required. A statement regarding the wearing of contact lenses in the 
laboratory has been made by the American Chemical Society.’ In general, contact 
lenses may be acceptable for wear in the laboratory, but the student must, of course, 
also wear safety glasses with side shields or goggles like all other students. Students 
who wear contacts must report to their lab instructor to determine the local rules for 
the lab. 


2. Wear appropriate clothes — comfortable, well-fitting, older clothes that cover most of 
your skin. Sandals or bare feet are never allowed. 


3. Never work alone in the laboratory. 

4. Be familiar with the properties of all chemicals used in the laboratory. This includes their 
flammability, reactivity, toxicity, and proper disposal. This information may be obtained 
from your instructor, from the HMIS® Ill label, and from the MSDS. Always wear 
disposable gloves when using potentially dangerous chemicals or infectious agents. 

5. Be familiar with your local rules for the safe handling and disposal of all non-chemical 
hazards. These include broken glass, “sharps” (needles, syringes, etc.), and 
biohazards (blood, bacteria, etc.). 

6. Be especially careful with electrical equipment like stirrers, hot plates, and power 

supplies (electrophoresis, etc.). Always unplug before handling and avoid contact with 

water. 

7. lf open flames like those of Bunsen burners are necessary, make sure there are no 

flammable solvents in the area. 

8. Eating, drinking, and smoking in the laboratory are strictly prohibited at all times. 
9. Unauthorized experiments are not allowed. 
10. Mouth suction should never be used to fill pipets or to start siphons. 


11. Become familiar with the location and use of standard safety features in your 
aboratory. All laboratories should be equipped with fire extinguishers, eyewashes, 
safety showers, fume hoods, chemical-spill kits, fire blankets, first-aid supplies, and 
containers for chemical disposal. Receptacles should also be available for disposal of 
dangerous materials like glass, biohazards, and sharps. Any questions regarding the 
use of these features should be addressed to your instructor, teaching assistant, or lab 
director. 


12. Report all chemical spills, presence of biohazards, accidents, and injuries (even minor) 
to your instructor. 





‘american Chemical Society, Washington, DC; Committee on Chemical Safety, 1998. 


B. KEEPING RECORDS AND COMMUNICATING 
EXPERIMENTAL RESULTS 


The Laboratory Notebook 


The biochemistry laboratory experience is not finished when you complete the 
experimental procedure and leave the laboratory. All scientists, including stu- 
dents, have the obligation to prepare and present written and oral reports on the 
results of their experimental work. Because these reports may be read and heard 
by many other professional scientists, they must be completed in a clear, concise, 
orderly, and accurate manner. Reports are most easily prepared outside of the lab 
using notes taken in a laboratory notebook while the experiment is in progress. 
These notes usually include procedural details, preparation of all reagents and 
solutions, setup of equipment, collection of data, and your thought processes 
and observations during the experiment. Experiments are often complex and 
move rather quickly, and it would be impossible to write down your data and 
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observations after you have completed the experiments and left the lab. It is also 
not a good practice to record results on scraps of paper or on paper towels that 
may easily become lost or destroyed. The lab notebook will also come in handy if 
you need to troubleshoot or repeat an experiment because of inconsistent results. 

Your instructor may have his or her own rules for preparation of the lab 
notebook, but here are some useful guidelines: 


¢ The notebook should be hardbound with quadrille-ruled (gridded) pages; 
writing should be done with pen. This provides a permanent, durable 
record and the potential for construction of tables, graphs, charts, etc. 
Number each page of the book. 

Save the first few pages of the book for construction of a table of contents. 
Keep this up-to-date by entering the name of each experiment and page 
number. 

Use the right-hand pages only for writing your experimental notes. The 
left-hand pages may be used as scratch paper for your own personal notes, 
reminders, or calculations not appropriate for the main entry. 

Each entry for an experiment or project must begin with a title and date. 
The general outline required by many instructors for the written material is 
shown in Figure 1.4 and described below. Note that Parts I-IIc are labeled 
Prelab and should be completed before you begin the actual procedures in 
the lab. 


Details of the Experimental Write-Up (see Figure 1.4) 


Below is an outline that may be used as a guideline to write a complete report on 
an experiment. 


I. Introduction 
(a) Objective or purpose 
(b) Theory 
Prelah—t IL. Experimental 
(a) Table of materials and reagents 
(b) List of equipment 
(c) Flowchart 
(d) Record of procedure 
III. Data and Calculations 
(a) Record of all raw data including printouts 





(b) Method of calculation with statistical analysis 
(c) Present final data in tables, graphs, or figures 
when appropriate. 
IV. Results and Discussion 


(a) Conclusions 

FIGURE 1.4 
General outline 
for experimental 
(d) Was the original objective achieved? write-up in your 


(e) Literature references notebook. 


(b) Compare results with known values 
(c) Discuss the significance of the data 
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Introduction 


This section begins with a three- or four-sentence statement of the objective or 
purpose of the experiment. When preparing this statement, ask yourself, “What 
are the goals of this experiment?” This statement is followed by a brief discus- 
sion of the theory behind the experiment. If a new technique or instrumental 
method is introduced, give a brief description of the method. Include chemical 
and biochemical reactions and structures of reagents when appropriate. 


Experimental 


Begin this section with a list of all reagents and materials used in the experiment. 
The sources of all chemicals and the concentrations of solutions should be listed. 
Instrumentation is listed with reference to company name and model number. 
A flowchart to describe the stepwise procedure for the experiment should be 
included after the list of equipment. 

The write-up to this point is to be completed as a Prelab assignment. The 
experimental procedure followed is then recorded in your notebook as you pro- 
ceed through the activities. The details should be sufficient so that a fellow 
student could use your notebook to repeat the experiment. You should include 
observations, such as color change or gas evolution, made during the experi- 
ment. If you obtain a computer printout of numbers, a spectrum from a spec- 
trophotometer, or a photograph, these records must be saved with the notebook. 


Data and Calculations 


All raw data from the experiment are to be recorded directly in your notebook, 
not on separate sheets of paper that can easily become lost. Calculations involv- 
ing the data must be included for at least one series of measurements. All data 
numbers should be analyzed by appropriate statistical methods using computer 
programs as described in Chapter 1, Section E, p. 23. 

For many experiments, the clearest presentation of data is in tabular or 
graphical form. A graph may be prepared directly on the gridded pages of your 
notebook, or by computer software. 


Results and Discussion 


This important section of your write-up answers the questions “Did you achieve 
your proposed goals and objectives?” and “What is the significance of the data?” 
Any conclusion that you make must be supported by experimental results. It is 
often possible to compare your data with known values and results from the 
literature. If problems were encountered in the experiments, these should be out- 
lined with possible remedies for future experiments. 

All library references (books, journal articles, and Web sites) that were used 
to complete the experiment should be listed at the end of the write-up. It is espe- 
cially important to report references used for laboratory procedures. The stan- 
dard format to follow for a reference listing is shown at the end of this chapter in 
the Further Reading section. 

Everyone has his or her own writing style. Because there is always room for 
improvement, it is imperative that you continually try to enhance your writing 
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skills. When your instructor reviews your notebook, he or she should include 
helpful writing tips. References at the end of this chapter provide further instruc- 
tions in scientific writing. Your instructor may accept, as a final report, the exper- 
imental write-up as described above and in Figure 1.4. However, he or she may 
request that you present your experimental results in one of the more formal 
written or oral modes described next. 

Several electronic lab notebook (ELN) software packages are available 
commercially. For example, CERF by Resentris is an ELN designed for biology. 
The use of ELN’s is still somewhat controversial, so you should ask your instruc- 
tor if they are allowed in your lab. The primary purpose for maintaining a lab 
notebook, especially in academic and industrial/ pharmaceutical labs, is to have 
a permanent and complete record for scientific and legal reasons. Lab notebooks 
are legal documents that are essential in patent lawsuits in order to prove authen- 
ticity and ownership of a discovery. Thus, it must be proven that the ELN is accu- 
rate, confidential, and maintained by authorized scientists, something that may 
be difficult with some current computer systems. 


Communicating Results from Biochemistry Research 


A scientific project is not complete until its discoveries have been communicated 
to colleagues around the world. The three most important methods or tools for 
communication are: the scientific paper, the oral presentation, and the poster. 
Although there are many differences in how to prepare for these three common 
methods of introducing new biochemical information, they all have one thing in 
common—the sharing of experimental results and conclusions. The distinct 
rules and traditions of each of the methods will be described and compared here. 


The Scientific Paper 


A paper published in a biochemical journal is a formal way to report research 
results to colleagues in the international biochemical community. Before writing 
such a document, one must first determine the journal to which the article will be 
submitted. There are hundreds of journals that accept manuscripts in the field of 
biochemistry (see Figure 1.5). Some have very high rank, prestige, and status 
based on the significance of research results published, reputation of authors, 
numbers of citations, whether or not manuscripts are peer-reviewed, and num- 
bers of readers. Most journals are peer-reviewed, which indicate that before 
a manuscript is published, it is studied by members of the journal's editorial 
board to assure that the manuscript is scientifically significant, that it appears 
to be accurate, and that it is useful and of value to readers of the journal. Some 
journals accept manuscripts in all areas of biochemistry, but the manuscripts 
undergo rigorous peer-review by scientists with a certain specialty in the field. 
Other reputable journals are more specialized and accept peer-reviewed articles 
only in certain areas of biochemistry. Perhaps the best advice is to submit the 
manuscript to the most prestigious journal that has a large audience interested 
in his or her specialized topic. Publishing a paper in a reputable, peer-reviewed 
journal offers historic permanence for one’s work, status, and exposure as a 
scientist; however, because the lag time between acceptance and publication of 
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FIGURE 1.5 

Some journals 
that publish 
research articles in 
biochemistry. 
Web sites for the 
journals may be 
found using a 
search engine. 


Accounts of Chemical Research 

Analytical Biochemistry 

Annual Review of Biochemistry 

Archives of Biochemistry and Biophysics 

Biochemical and Biophysical Research Communications 

Biochemical and Molecular Medicine 

Biochemical Journal 

Biochemistry 

Biochemistry and Molecular Biology Education 

Biochimica et Biophysica Acta: General Subjects; Molecular and Cell Biology; 
Protein Structure and Molecular Enzymology 

BioEssays 

Bioorganic Chemistry 

Biophysical Journal 

Canadian Journal of Biochemistry 

Cell 

ChemBioChem 

Chemistry and Biology 

Current Opinion in Structural Biology 

DNA Research Online 

Electrophoresis 

European Journal of Biochemistry 

FASEB Journal 

Glycobiology 

Glycoconjugate Journal 

Journal of Biochemistry 

Journal of Biological Chemistry 

Journal of Cell Biology 

Journal of Cell Biology Education 

Journal of Chemical Education 

Journal of Lipid Research 

Journal of Molecular Biology 

Journal of Neurochemistry 

Journal of Plant Physiology 

Macromolecules 

Methods: A Companion to Methods in Enzymology 

Molecular and Cellular Biochemistry 

Molecular and Cellular Proteomics 

Nature 

Nature Reviews Molecular Cell Biology 

Nature Structural Biology 

Nucleic Acid Research 

Phytochemistry 

Proceedings of the National Academy of Sciences USA 

Prostaglandins, Leukotrienes and Essential Fatty Acids 

Protein Science 

Proteomics 

RNA 

Science 

Scientific American 

Trends in Biochemical Sciences 
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a manuscript can sometimes stretch up to one year, the data reported can become 
outdated or insignificant. 

Most research journals are now available in electronic form and accessible 
through college/university or corporate libraries. The subscription costs are usu- 
ally borne by the academic institutions or corporations and available to students, 
faculty, and research staff. 

Your instructor may require that you write up the results from an experiment 
in the form of a journal article, so it is important to understand the conventions 
used in preparing a manuscript for publication. Most biochemical journal articles 
have the same basic organization: Title, Abstract, Introduction, Experimental 
Methods, Results, Discussion, and References. The specific requirements for each 
of these sections vary among the many journals, so it is important to review several 
articles in different journals to get a flavor of what is expected. All scientific jour- 
nals publish “Instructions to Authors,” which are available on their Web site. 
Although your instructor will most likely expect you to follow the requirements of 
a specific journal, it is instructive to study articles in the following high-ranking 
journals that publish biochemistry topics: The Journal of Biological Chemistry 
(published by the American Society for Biochemistry and Molecular Biology), 
Biochemistry (published by the American Chemical Society), Science, and Nature. 
Use a search engine such as Google, Yahoo, etc. to find Web sites for other journals. 


The Oral Presentation 


The purpose and mechanics of an oral presentation are quite different from 
preparing and publishing a paper. You may write a paper over a period of days, 
weeks, and even months, and the published work is available as a permanent 
record for readers to study and reference anytime in the future. In an oral presen- 
tation, you have a fleeting moment to present data and attempt to convince your 
audience of the importance of your work. One advantage of the oral presentation, 
however, is that it provides an opportunity for more direct contact with your 
audience than does a paper; thus the opportunity exists for immediate questions 
and feedback. 

Presentations usually range from 15 to 60 minutes. Shorter presentations 
cover a much smaller unit of a research project, whereas 60-minute talks (often 
called seminars) can give a broader exposure to the research area. 

Scientific presentations involve mixed media—oral and visual. The impor- 
tant verbal points are reinforced with the use of a visual aid such as a figure, 
graph, or other element. Scientific presenters today most often use PowerPoint, 
computer software that projects electronic slides onto a screen, although over- 
head transparencies are also acceptable and efficient. Whatever the type of visual 
aid, the slides must be carefully constructed with special concern for the total 
number of slides and the amount of information on each. Some presenters use 
the approximate ratio of one-to-two slides per minute of presentation. 

The organization of a talk is similar to that of a paper—Introduction, 
Experimental Methods, Results, Discussion, Conclusions, Questions/Comments. 
If your instructor expects you to present a talk, he or she will provide specific 
information regarding length of time, range of topic, type of visual aids, multi- 
media, etc. 
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FIGURE 1.6 
Template for a 
poster in 
biochemistry. 
Courtesy of 
Professor Colin 
Purrington, 
Department of 
Biology, Swarthmore 
College, www. 
swarthmore.edu/ 
NatSci/cpurrin1/ 
posteradvice.htm. 


The Scientific Poster 


The scientific poster is a communication method that may be considered a hybrid, 
as it combines elements of the oral presentation (verbal expression and visual 
aids) with elements of a paper (printed text and figures). The poster has become 
the primary medium by which new scientific information is exchanged at all 
professional conferences, including local, regional, national, and international 
meetings. At meetings, posters that consist of text and figures arranged in panels 
on a thin piece of cardboard (average 3’ x 5’) are set up in designated areas dur- 
ing specified times (usually for a day or two), and there is often an official time 
when the presenter is to be in attendance. The poster, however, may be available 
to readers for long periods of time in the absence of the presenter. Some of the 
specific characteristics that describe a poster include (Figure 1.6): 


Introduction 


This is a Microsoft PowerPoint template that has column widths 
and font sizes optimized for printing a 36" x 56" poster—just 
replace the “tips” and “blah, blah, blah” repeat motifs with 
actual content. Try to keep your total word count under 1100. 
More tips can be found at the companion site, “Advice on 
designing scientific posters,” located at, 

htto://wwew.swarthmore, edu/NatSci/cpurrin1/posteradvice, htm 


Fig. 1. Use a photograph or 
drawing here to quickly introduce a 
viewer to your question, organism, 
or allele du jour. Use a non-serif 
font for figure legends to provide a 
subtle cue to the reader that he/she 
is not reading a normal text section 
Color can also be used as a cue. 











Materials and methods 

This paragraph has “justified” margins, but be aware that 
simple left-justification (all other paragraphs) ts infinitely better 
if your font doesn’t “space” nicely when fully justified 
Sometimes spacing difficulties can be fixed by manually 
inserting hyphens into longer words (PowerPoint doesn’t do 
this automatically). 


Your main text is easier to read if you use a “serif” font such as 
Palatino or Times. Use a non-serif font for title and section 
headings (and for figure legends, graph text, etc.) 


Be brief, and opt for photographs or drawings whenever 
possible to illustrate organism, protocol, or experimental 
design. 


Fig. 2. Photograph or drawing of 
organism, chemical structure, or 

whatever focus of study is. Don't 
use graphics from the web (they 

look terrible when printed). 


Fig. 3. Illustration of important 
piece of equipment, or perhaps 
a flow chart summarizing 
experimental design. Scanned. 
hand-drawn illustrations are 
often preferable to computer- 
generated ones. 


Results 


The overall layout for this section can, and probably should, be 
modified from this template, depending on the size and number 
of charts and photographs your specific experiment generated. 
You might want a single, large column to accommodate a large 
map, or perhaps you could arrange 6 figures in a circle in the 
center of the poster: do whatever it takes to make your results 
graphically clear. To see examples of how others have abused 
this template to fit their presentation needs, perform a Google 
search for “PowerPoint template for scientific posters.” 

format is fine, but sometimes a simple list of 
“bullet” points can communicate results more effectively: 


* 9 out of 12 brainectomized rats survived. 

* Control rats completed maze faster, on average, than 
rats without brains (Fig. 3) (t = 9.84, df= 21, p= 
0.032). 


; 


Fig. 4(a-c). Make sure legends have enough detail to 
fully explain to the viewer what the results are. Note that 
for posters it is good to put some “Materials and 
methods" information within the figure legends or onto 
the figures themselves—it allows the M&m section to be 
shorter, and gives viewers a sense of experiment(s) even 
if they have skipped directly to figures. Don't be tempted 
to reduce font size in figure legends, axes labels, etc — 
your viewers are probably most interested in reading 
your figures and their legends! Font size in graphs 
should be same size as text in body of section (e.g. 
easily legible from 6" away), 


Often you will have some more text-based results between your 
figures. This text should explicitly guide the reader through the 
figures. 


Blah, blah, blah (Figs. 4a,b). Blah, blah, blah. Blah, blah, blah 
Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, 
blah. Blah, blah, blah. 


Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, 
blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, 
blah, blah (Fig. 4c). Blah, blah, blah. Blah, blah, blah. Blah, 
blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, blah 
(data not shown) 


Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, 
blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, 
blah, blah. Blah, blah, blah. Blah, blah, blah (God, personal 
communication). 


















Fig. 5. Be sure to separate 
figures from other figures by 
generous use of white space. 
When figures are too cramped, 
viewers get confused about 
which figures to read first and 
which legend goes with which 
figure. Note that you should 
tum text justification off when 
you are filling smaller text 
boxes such as this. 


Note that figures are preferred but that tables are 
sometimes unavoidable (ANOVA results, for example, shown 
below. A table looks best when it is first composed within 
Microsoft Word, then “Inserted” as an “Object.” 


Table 1. ANOVA examining the effects of water 





Conclusions 


You can, of course, start your conclusions in column three if 
your results section is “data light.” 


Conclusions should not be mere rephrasing of your results. 
What would one conclude from the results? What is the 
broader significance? Why should anyone care? This section 
should refer back to the “buming issue” mentioned in the 
introduction. 


Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, 
blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, 
blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, blah 

Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, 
blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, 
blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. 
Blah, blah, blah. 


Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, 
blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, 
blah, blah. 





treatment, parasite treatment, and initial height of nettle | Remember: no period 
on nettle dry weight. a ee 
Mean Literature cited 
Source square F-value p-value _ Bender, DJ. E.M Bayne, and RM. Brigham. 1996. Lunar condition 
. influences opyote (Camis latrans) howling. American Midland 






Fig. 6. You can use connector 
lines to visually guide the viewer 
through your results. Viewers 
should be able to read your 
poster even when you're not 
there to lead them. 


Blah, blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, 
blah, blah. Blah, blah, blah. Blah, blah, blah. Blah, blah, blah 
Blah, blah, blah. Be sure to get rid of all these blahs before you 
print your actual poster, 


Naturalist 136-413-417, 

Northeutt, W. 2000. The Darwin Awards, Dutton, New York. 

Brooks, L.D. 1988. The evolution of recombination rates. Pages 87-105 in 
The Evolution of Sex, edited by RUE. Michod and B.R. Levin. Sinauer, 
Sunderland, MA. 

U.S. Centers for Disease Control and Prevention. 2003. “Body mass index 
calculator.” http://www ede gow/ncedphp/ 
dmpa/bmi/cale-bmi.htm (April 14, 2003). 
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For further information 

Please contact email] @swarthmore.edu. More information on this and 
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PDF-vermon of the poster is mice, too. 
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FIGURE 1.6 
Continued. 
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usually composed of small units of a research project and most often based 

on preliminary results and conclusions. 

* contains many of the same organizational elements as a paper or talk— 
Title/ Authors, Abstract, Introduction, Methods, Results, Discussion, 
Conclusions, References—but in a much briefer form. 

¢ often enhanced with a brief, oral summary given by the presenter. Only the 
main points such as the purpose, results, conclusions, and future experiments 
for the project should be included in this concise summary. As a presenter, dur- 
ing your official time at the poster you will be visited by individuals or small 
groups who will spend an average of about 10-12 minutes at your poster. 

¢ must be completely self-explanatory, as you will not always be present to 
answer a reader’s questions. 

¢ the environment is usually interactive and informal, allowing for one-on-one 

contact with other researchers. 
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¢ poster sessions at scientific meetings are very democratic and inclusive, as 
the presenters and audience may consist of all levels of scientists—tenured 
research professors including Nobel Prize winners, as well as undergradu- 
ate research students. 


Your instructor may request that you prepare a poster for local display at 
your institution or for presentation at a regional or national meeting. Specific 
details will not be given here, as all organizations sponsoring poster sessions at 
meetings publish their own rules and regulations (regarding poster size, font sizes, 
etc.) for preparing posters. Many colleges and universities now schedule local 
meetings where students may obtain experience preparing and presenting posters 
about their research results. Attend one of these local meetings or walk around the 
halls of your chemistry and biology departments looking for posters made by re- 
search students at your institution. These may serve as very good models for your 
own creation. You may also find useful information about the specific details of 
poster construction by searching the Internet. Some helpful Web sites with poster 
templates are listed in the Further Reading section at the end of this chapter. 


C. USING BIOCHEMICAL REAGENTS AND SOLUTIONS 
Water Purity 


Water is the most common and widely-used substance in the biochemistry labora- 
tory. Applications of water usage include: (1) solvent for preparing most buffer and 
reagent solutions; (2) column chromatography; (3) high-performance liquid chro- 
matography; (4) tissue culture; and (5) washing glassware. Both the quality and 
quantity of water required must be considered for each lab application. Ordinary 
tap water is relatively abundant, but its quality is very low. It contains a variety of 
impurities including particulate matter (sand, silt, etc.); dissolved organics, inorgan- 
ics, and gases; and microorganisms (bacteria, viruses, protozoa, and algae). In 
addition, the natural degradation of microorganisms leads to the presence of by- 
products called pyrogens. Tap water should never be used for the preparation of 
reagent solutions or for any sensitive procedures. For most laboratory procedures, it 
is recommended that some form of purified water be used. The purity of water is 
usually measured in terms of resistivity (the ability of a liquid to restrict the flow of 
an electric current). Units for resistivity are Megohms < cm (MQ..cm) with a rela- 
tive scale of 1.0 MQ.cm to 18.2 MQ..cm (the highest theoretical purity). 

There are five basic water purification technologies—distillation, ion- 
exchange, activated carbon adsorption, reverse osmosis, and membrane filtration. 
Most academic and industrial research laboratories are equipped with “in-house” 
purified water, which typically is produced by a combination of the above purify- 
ing processes and piped throughout all the labs in a building. The water quality 
necessary will depend on the solutions to be prepared and on the biochemical 
procedures to be investigated. For most procedures carried out in the biochem- 
istry lab, water purified by ion-exchange, reverse osmosis, or distillation is 
usually acceptable. Of these three processes, distillation is the slowest, least energy- 
efficient, least pure (best is 1.0 MQ.cm), and most high-maintenance—especially 
in areas with hard water (needs regular de-scaling). Distilled water must also be 
stored to prevent contamination by microbes. For special procedures such as 
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buffer standardization, liquid chromatography, and tissue culture, ultra-pure 
water, which is usually bottled and available commercially, should be used. Water 
that is purified only by ion-exchange will be low in metal-ion concentration, but 
may contain certain organics that are washed from the ion-exchange resin. These 
contaminants will increase the UV-absorbance properties of water. If sensitive 
UV-spectroscopic measurements are to be made, distilled water (especially glass- 
distilled) is better than de-ionized. If large volumes of high-purity water are 
required (18.2 MQ.cm), reverse osmosis should be the choice. 


Cleaning Laboratory Glassware 


The results of your experimental work will depend, to a great extent, on the clean- 
liness of your equipment, especially glassware used for preparing and transferring 
solutions. There are at least two important reasons for this: (1) many of the chemi- 
cals and biochemicals will be used in milligram, microgram, or even nanogram 
amounts. Any contamination, whether on the inner walls of a beaker, in a pipet, or 
in a glass cuvette, could be a significant percentage of the total experimental 
sample; (2) many biochemicals and biochemical processes are sensitive to one or 
more of the following common contaminants: metal ions, detergents, and organic 
residues. In fact, the objective of many experiments is to investigate the effect of a 
metal ion, organic molecule, or other chemical agent on a biochemical process. 
Contaminated glassware will virtually ensure failure in these activities. 

The preferred method for cleaning glassware is to begin with hot tap water. 
Rinse the glassware at least 10 times with this; then rinse 4-6 times with distilled 
or de-ionized water. Occasionally it is necessary to use a detergent for cleaning. 
Use a dilute detergent solution (0.5% in water) followed by 5-10 water rinses 
with distilled or de-ionized water. 

Dry equipment is required for most processes carried out in the biochem- 
istry laboratory. When you needed dry glassware in the organic laboratory, you 
probably rinsed the glassware with acetone, which rapidly evaporated, leaving a 
dry surface. Unfortunately, this technique coats the surface with an organic 
residue consisting of nonvolatile contaminants found in the acetone. Because this 
residue could interfere with your experiments, it is best to refrain from acetone 
washing. Glassware and plasticware should be rinsed well with purified water 
and dried in an oven designated for glassware, not one used for drying chemicals. 

Never clean cuvettes or any optically polished glassware with ethanolic 
KOH or other strong base, as this will cause etching. All glass cuvettes should be 
cleaned carefully with hot tap water or 0.5% detergent solution, in a sonicator 
bath or in a cuvette washer, followed by thorough rinsing with purified water. 


Solutions: Concentrations and Calculations 


The concentrations for solutions used in the biochemistry laboratory may be 
expressed in several different units. The most common units are: 


¢ Molarity (M): concentration based on the number of moles of solute per 
liter of solution. A 1 M solution of the amino acid alanine (MW = 89.1) 
contains 1 mole, or 89.1 g, of alanine in a solution volume of 1 liter. In 
biochemistry, it is more common to use concentration ranges that are 
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millimolar (mM, 1 X 10-° M), micromolar (uM,1 X 10° M), or nanomo- 
lar (nM, 1 X 10°? M). A1 mM solution of alanine contains 0.089 g, or 89 mg 
(89.1 x 0.001), of alanine in a solution volume of 1 liter. How many grams of 
alanine are present in 100 mL of the 1 mM alanine solution? (Ans: 0.0089 g). 
How many milligrams of alanine are present in 100 mL? (Ans: 8.9 mg). 

¢ Percent by weight (% wt/wt): concentration based on the number of grams 
of solute per 100 g of solution. A5% wt/wt solution of alanine contains 5 g 
of alanine in 100 g of solution. How many grams of alanine are present in 
10 g of this solution? (Ans: 0.5 g). 


STUDY EXERCISE 1.1 Preparation of Molar Solutions 
a. Many solutions you use will be based on molarity. For practice, assume you require 1 
liter of solution that is 0.1 M (100 mM) glucose: 


MW of glucose = 180.2 
1 mole of glucose = 180.2 ¢ 
18.02 ¢ 


0.1 mole of glucose 


To prepare a 0.1 M glucose solution, weigh 18.02 g of glucose and transfer to a 1- 
liter volumetric flask. Add about 700-800 mL of purified water and swirl to dis- 
solve. Then add water so that the bottom of the meniscus is at the etched line on the 
flask. Stopper and mix well. The flask must be labeled with solution contents (0.1 M 
glucose), date prepared, and name of preparer. 

b. Assume that you need only 250 mL of 0.10 M glucose. Explain how you would pre- 
pare the solution. Emphasize any changes from Part (a). 


STUDY EXERCISE 1.2 Concentration Unit Conversions 


It is often necessary in your biochemistry lab work to convert one concentration unit to 
another. For example, you may need to know the concentration of the 0.1 M glucose 
solution (Study Exercise 1.1) in concentration terms of mg/mL. Here are some basic 
calculations for practice. 


a. Convert the concentration units of 0.1 M glucose to the units of mg of glucose in 1 
mL (mg/mL). 
According to the procedure described in Study Exercise 1.1(a), the 1000-mL solution of 
glucose contains 18.02 g of glucose, or is 18.02 g/1000 mL. This is equivalent to 1.80 
g/100 mL or 0.018 g/mL. Therefore, the 0.1 M glucose solution concentration is equiv- 
alent to about 18 mg/mL. 

. Convert the concentration units of 1 M alanine to the units of g/100 mL. 

Convert the concentration units of 1 M alanine to the units of % wt/vol. 

. Calculate the concentration of a 0.1 M glucose solution to the units of % wt/vol. 

Calculate the molar concentration of an ethanol solution that was prepared by 

adding 10 mL of 100% ethanol to a 100-mL volumetric flask followed by adding 

water to the line. The density of ethanol is 0.789. 


eneos 
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¢ Percent by volume (% wt/vol): concentration based on the number of grams 
of solute per 100 mL of solution. A 10% wt/vol solution of alanine contains 
10 g of alanine in 100 mL of solution. How many grams of alanine are pres- 
ent in 50 mL of this solution? (Ans: 5 g). 

© Weight per volume (wt/vol): concentration based on the number of grams, 
milligrams, or micrograms of solute per unit volume; for example, mg/mL, 
g/L, mg/100 mL, etc. A solution of alanine, concentration wt/vol = 5 g/L, 
contains 5 g of alanine in a liter of solution. How many grams of alanine 
would be present in 2 liters of this solution? In 10 mL? (Ans: 10 g; 0.005 g). 


Preparing and Storing Solutions 


In general, solid solutes should be weighed on weighing paper or plastic weigh- 
ing boats, with the use of an electronic analytical or top-loading balance. Liquids 
are more conveniently dispensed by volumetric techniques; however, this assumes 
that the density is known. If a small amount of a liquid is to be weighed, it 
should be added to a tared flask by means of a disposable Pasteur pipet with a 
latex bulb. The hazardous properties of all materials should be known before use 
(read MSDS) and the proper safety precautions obeyed. 

The storage conditions of reagents and solutions in the biochemistry lab are 
especially critical. Although some will remain stable indefinitely at room temper- 
ature, it is good practice to store all solutions in a closed container. Often it is nec- 
essary to store some solutions in a refrigerator at 4°C. This inhibits bacterial 
growth and slows decomposition of the reagents. Some solutions may require 
storage below 0°C. If these are aqueous solutions or others that will freeze, be sure 
there is room for expansion inside the container. Stored solutions must always 
have a label containing the name and concentration of the solution, the date pre- 
pared, and the name of the preparer. 

All stored containers, whether at room temperature, 4°C, or below freezing, 
must be properly sealed. This reduces contamination by bacteria and vapors in 
the laboratory air (carbon dioxide, ammonia, HCl, etc.). Volumetric flasks, of 
course, have glass stoppers, but test tubes, Erlenmeyer flasks, bottles, and other 
containers should be sealed with screw caps, corks, or hydrocarbon foil 
(Parafilm). Remember that hydrocarbon foil, a wax, is dissolved by solutions 
containing nonpolar organic solvents like chloroform, diethyl] ether, and acetone. 

Bottles of pure chemicals and reagents should also be properly stored. 
Many manufacturers now include the best storage conditions for a reagent on 
the label. The common conditions are: store at room temperature; store at 
0-4°C; store below 0°C; or store in a desiccator at room temperature, 0-4°C, or 
below 0°C. Many biochemical reagents form hydrates by taking up moisture 
from the air. If the water content of a reagent increases, the molecular weight 
and purity of the reagent change. For example, when the coenzyme nicoti- 
namide adenine dinucleotide (NAD*) is purchased, the label usually reads 
“Anhydrous molecular weight = 663.5; when assayed, contained 3 HO per 
mole.” The actual molecular weight that should be used for solution preparation 
is 663.5 + (18)(3) = 717.5. However, if this reagent is stored in a moist refriger- 
ator or freezer outside a desiccator, the moisture content may increase to an 
unknown value. 
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FIGURE 1.7 
Examples of pipets 
and pipet fillers. 
Courtesy of 
Sargent-Welch, 
VWR International; 
www.vwr.com 

A Latex bulb, 

B Pipet filler, 

C Mechanical 
pipet filler, 

D Pipettor pump, 

E Pasteur pipet, 

F Volumetric pipet, 
G Mohr pipet, 

H Serological pipet. 


D. QUANTITATIVE TRANSFER OF LIQUIDS 


Practical biochemistry is highly reliant on analytical methods. Many analytical 
techniques must be mastered, but few are as important as the quantitative trans- 
fer of solutions. Some type of pipet will almost always be used in liquid transfer. 
Because students may not be familiar with the many types of pipets and the 
proper techniques in pipetting, this instruction is included here. 


Pipets and Pipetting 


Pipet Fillers 


Figure 1.7 illustrates the various types of pipets and fillers. The use of any pipet 
requires some means of drawing reagent into the pipet. Liquids should never be 
drawn into a pipet by mouth suction on the end of the pipet! Small latex bulbs 
are available for use with disposable pipets (see Figure 1.7A). For volumetric and 
graduated pipets, two types of bulbs are available. One type (see Figure 1.7B) 
features a special conical fitting that accommodates common sizes of pipets. To 
use these, first place the pipet tip below the surface of the liquid. Squeeze the 
bulb with the left hand (if you are a right-handed pipettor) and then hold it tightly 
to the end of the pipet. Slowly release the pressure on the bulb to allow liquid to 
rise to 2 or 3 cm above the top graduated mark. Then, remove the bulb and 
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quickly grasp the pipet with your index finger over the top end of the pipet. The 
level of solution in the pipet will fall slightly, but should not fall below the top 
graduated mark. If it does fall too low, use the bulb to refill. 


Safety Pipet Fillers 


Mechanical pipet fillers (made of silicone and sometimes called safety pipet 
fillers, propipets, or pi-fillers) are more convenient than latex bulbs. As shown in 
Figure 1.7C,D, these fillers are equipped with a system of hand-operated valves 
and can be used for the complete transfer of a liquid. The use of a safety pipet 
filler is outlined in Figure 1.8. Never allow any solvent or solution to enter the 
pipet bulb! To avoid this, two things must be kept in mind: 


1. Always maintain careful control while using valve S to fill the pipet. 

2. Never use valve S unless the pipet tip is below the surface of the liquid. If 
the tip moves above the surface of the liquid, air will be sucked into the 
pipet and solution will be flushed into the bulb. 


Disposable Pasteur Pipets 


Often it is necessary to perform a semi-quantitative transfer of a small volume 
(1-10 mL) of liquid from one vessel to another. Because pouring is not efficient, a 
Pasteur pipet with a small latex bulb may be used (see Figure 1.7A, E). Pasteur 
pipets are available in two lengths (15 and 23 cm) and hold about 2 mL of solu- 
tion. These are especially convenient for the transfer of nongraduated amounts 
to and from test tubes. Typical recovery while using a Pasteur pipet is 90 to 95%. 
If dilution is not a problem, rinsing the original vessel with a solvent will 
increase the transfer yield. Used disposable pipets should be discarded in special 
containers for broken glass. 


Calibrated Pipets 


Although most quantitative transfers are now done with automatic pipetting 
devices, which are described later in the chapter, instructions will be given for 
the use of all types of pipets. If a quantitative transfer of a specific and accurate 
volume of liquid is required, some form of calibrated pipet must be used. 


¢ Volumetric pipets (see Figure 1.7F) are used for the delivery of liquids 
required in whole-milliliter amounts (1, 2, 5, 10, 15, 20, 25, 50, and 100 mL). 
To use these pipets, draw liquid with a latex bulb or mechanical pipet filler 
to a level 2-3 cm above the fill line. Release liquid from the pipet until the 
bottom of the meniscus is directly on the fill line. Touch the tip of the pipet 
to the inside of the glass wall of the container from which it was filled. 
Transfer the pipet to the inside of the second container and release the liq- 
uid. Hold the pipet vertically, allow the solution to drain until the flow 
stops, and then wait an additional 5-10 seconds. Touch the tip of the pipet 
to the inside of the container to release the last drop from the outside of the 
tip. Remove the pipet from the container. Some liquid may still remain in 
the tip. Most volumetric pipets are calibrated as “TD” (to deliver), which 
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FIGURE 1.8 

How to use a safety 
pipet filler. 
Courtesy of 
Sargent-Welch, 
VWR International. 






1. Using thumb and forefinger, 
press on valve A and squeeze bulb with other fingers to 
produce a vacuum for aspiration. 

Release valve A, leaving bulb compressed. 





2. Insert pipet into liquid. Press on 
valve S. Suction draws liquid to desired 
level. 





3. Press on valve E to expel liquid. 


4. To deliver the last drop, maintain 
pressure on valve E, cover E inlet 
with middle finger, and squeeze the small bulb. 





means the intended volume is transferred without final blow-out; that is, the 
pipet delivers the correct volume. 


Fractional volumes of liquid are transferred with graduated pipets, which 
are available in two types: 


¢ Mohr pipets (see Figure 1.7G) are available in long- or short-tip styles. 
Long-tip pipets are especially attractive for transfer to and from vessels 
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with small openings. Virtually all Mohr pipets are TD, and they are available 
in many sizes (0.1 to 10 mL). The marked subdivisions are usually 0.01 or 
0.1 mL, and the markings end a few centimeters from the tip. Selection of 
the proper size is especially important. For instance, do not try to transfer 
0.2 mL with a 5- or 10-mL pipet. Use the smallest pipet that is practical. The 
use of a Mohr pipet is similar to that of a volumetric pipet. Draw the liquid 
into the pipet with a pipet filler to a level about 2 cm above the 0 mark. 
Lower the liquid level to the 0 mark. Remove the last drop from the tip by 
touching it to the inside of the glass container. Transfer the pipet to the 
receiving container and release the desired amount of solution. The solu- 
tion should not be allowed to move below the last graduated mark on the 
pipet. Touch off the last drop. 

Serological pipets (see Figure 1.7H) are similar to Mohr pipets, except that 
they are graduated downward to the very tip and are designed for blow- 
out. Their use is identical to that of a Mohr pipet except that the last bit of 
solution remaining in the tip must be forced out into the receiving container 
with a rubber bulb. This final blow-out should be done after 15-20 seconds 
of draining. 


Cleaning and Drying Pipets 

Special procedures are required for cleaning glass pipets. Immediately after use, 
every pipet should be placed, tip up, in a vertical cylinder containing warm tap 
water or a dilute detergent solution (less than 0.5%). The pipet must be completely 
covered with solution. This ensures that any reagent remaining in the pipet is 
forced out through the tip. If reagent solutions are allowed to dry inside a pipet, 
the tips can easily become clogged and are very difficult to open. After several 
pipets have accumulated in the water or detergent solution, the pipets should be 
transferred to a pipet rinser. Pipet rinsers continually cycle fresh water through 
the pipets. Immediately after detergent wash, tap water may be used to rinse the 
pipets, but distilled water should be used for the final rinse. Pipets may then be 
dried in an oven. 


Automatic Pipetting Devices 


For most quantitative transfers, including many repeated small-volume trans- 
fers, a mechanical microliter pipettor (i.e., Eppendorf type, Pipetman) is ideal. 
This allows accurate, precise, and rapid dispensing of fixed volumes from 1 to 
10,000 wL (0.001 to 10 mL). The pipet’s push-button system can be operated with 
one hand, and it is fitted with detachable polypropylene tips (see Figure 1.9). The 
advantage of polypropylene tips is that the amount of reagent film remaining in 
the pipet after delivery is much less than for glass tips. Mechanical pipettors are 
available in many different sizes. Newer models offer continuous volume adjust- 
ment, so a single model can be used for delivery of specific volumes within a cer- 
tain range. Multichannel pipettors are available, which fill several containers or 
wells at once (see Figure 1.10). 
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Plunger button with 
volume adjustment 
Tip ejector 
Volume adjustment button 
knob (Not present on 
Stainless steel P-5000, P-10ML) 
micrometer 
Digital volume 
indicator High-impact, 
low thermal 
conductivity 
plastic body 
Ejector arm 
release 
collar 
Plastic shaft — 
Stainless steel 
ejector arm, 
removable, 
(Not present on 
{ P-5000, P-10ML) | 
‘ ra 
Polypropylene ( ON 
disposable tip ~~} 
— 
Pipetman P-200 Operating Pipetman 


FIGURE 1.9 How to use an adjustable pipetting device. Set the desired volume with the 
digital micrometer or plunger button. Attach a new disposable tip to the shaft of the pipet. 
Press tip on firmly with a slight twisting motion. Depress the plunger to the first positive stop, 
immerse the disposable tip into the sample liquid to a depth of 2-4 mm, and allow the 
pushbutton to return slowly to the up position and wait 1-2 seconds. To dispense sample, 
place the tip end against the side wall of the receiving vessel and depress the plunger slowly 
to the first stop. Wait 2-3 seconds, and then depress the plunger to the second stop to achieve 
final blow-out. Withdraw the device from the vessel carefully with the tip sliding along the 
inside wall of the vessel. Allow the plunger to return to the up position. Discard the tip by 
depressing the tip ejector button. Photos courtesy of Rainin Instrument Company, Inc., 
Woburn, MA. Pipetman is a registered trademark of Gilson Medical Electronics. Exclusive 
license to Rainin Instrument Company, Inc., www.rainin.com. 


To use the pipettor, choose the proper size and place a polypropylene 
pipet tip firmly onto the cone, as shown in Figure 1.9. Tips for pipets are avail- 
able in several sizes, for 1-20, 20-250, 200-1000, 1000-5000, and 10,000-uL 
capacities. Details of the operation of an adjustable pipet are shown in 
Figure 1.9. 

For rapid and accurate transfer of volumes greater than 5 mL, automatic 
repetitive dispensers are commercially available. These are particularly useful 
for the transfer of corrosive materials. The dispensers, which are available 
in several sizes, are simple to use. The volume of liquid to be dispensed is 
mechanically set; the syringe plunger is lifted for filling and pressed down- 
ward for dispensing. Hold the receiving container under the spout while 
depressing the plunger. Touch off the last drop on the inside wall of the receiv- 
ing container. 
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E. STATISTICAL ANALYSIS OF EXPERIMENTAL DATA 


The purpose of most biochemistry laboratory exercises is to observe and meas- 
ure characteristics of a biomolecule or a biological process. The characteristic is 
often quantitative—a single number or a group of numbers. These measured 
quantities may be the molecular weight of a protein, the pH of a buffer solution, 
the absorbance of a colored solution, the rate of an enzyme-catalyzed reaction, 
the concentration of a protein in solution, or the radioactivity associated with a 
molecule. If you measure a quantitative characteristic many times under identi- 
cal conditions, a slightly different result will most likely be obtained each time. 

For example, if a radioactive sample is counted twice under identical exper- 
imental and instrumental conditions, the second measurement immediately fol- 
lowing the first, the probability is very low that the numbers of counts will be 
identical. If the absorbance of a solution is determined several times at a specific 
wavelength, the value of each measurement will surely vary from the others. If 
an assay for cholesterol is performed several times on a blood serum sample 
from the same individual, the values will probably be close, but not all will be 
the same (see Study Problem 1.13). Which measurements, if any, are correct? 
Before this question can be answered, you must understand the source and treat- 
ment of numerical variations in experimental measurements. 


Defining Statistical Analysis 


An error in an experimental measurement is defined as a deviation of an 
observed value from the true value. There are two types of errors, determinate 
and indeterminate. Determinate errors are those that can be controlled by the 


FIGURE 1.10 A 
multichannel 
pipettor. Photo 
courtesy of Rainin 
Instrument, LLC., 
Oakland, CA. Pipet- 
Lite is a registered 
trademark of 
Rainin Instrument 
Company. www. 
rainin.com. 
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experimenter and are associated with malfunctioning equipment, improperly 
designed experiments, and variations in experimental conditions. These are 
sometimes called human errors because they can be corrected or at least partially 
alleviated by careful design and performance of the experiment. Indeterminate 
errors are those that are random and cannot be controlled by the experimenter. 
Specific examples of indeterminate errors are variations in radioactive 
counting and small differences in the successive measurements of glucose in a 
serum sample. 

Two statistical terms involving error analysis that are often used and mis- 
used are accuracy and precision. Precision refers to the extent of agreement 
among repeated measurements of an experimental value. Accuracy is defined as 
the difference between the experimental value and the true value for the quantity. 
Because the true value is seldom known, accuracy is better defined as the differ- 
ence between the experimental value and the accepted true value. Several exper- 
imental measurements may be precise (that is, in close agreement with each 
other) without being accurate. 

If an infinite number of identical, quantitative measurements could be 
made on a biosystem, this series of numerical values would constitute a 
statistical population. The average of all of these numbers would be the true 
value of the measurement. It is obviously not possible to achieve this in practice. 
The alternative is to obtain a relatively small sample of data, which is a subset of 
the infinite population data. The significance and precision of these data are then 
determined by statistical analysis. 

Most quantitative biological measurements can be made in duplicate, 
triplicate, or even quadruplicate, but it would be impractical and probably a 
waste of time and materials to make numerous determinations of the same 
measurement. Rather, when you perform an experimental measurement in the 
laboratory, you will collect a small sample of data from the population of infi- 
nite values for that measurement. To illustrate, imagine that an infinite number 
of experimental measurements of the pH of a buffer solution are made, and the 
results are written on slips of paper and placed in a container. It is not feasible 
to calculate an average value of the pH from all of these numbers, but it is 
possible to draw five slips of paper, record these numbers, and calculate an 
average pH. By doing this, you have collected a sample of data. By proper sta- 
tistical manipulation of this small sample, it is possible to determine whether it 
is representative of the total population and the amount of confidence you 
should have in these numbers. 


The Mean, Sample Deviation, and Standard Deviation 


Radioactive decay with emission of particles is a random process. It is impossi- 
ble to predict with certainty when a radioactive event will occur. Therefore, a series 
of measurements made on a radioactive sample will result in a series of differ- 
ent count rates, but they will be centered around an average or mean value of 
counts per minute. Table 1.1 contains such a series of count rates obtained with 
a scintillation counter on a single radioactive sample. A similar table could 
be prepared for other biochemical measurements, including the rate of an 
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TABLE 1.1 The Observed Counts and Sample Deviation from a Typical 
Radioactive Sample 








Counts per Minute Sample Deviation x; — x 
1243 +21 
1250 +28 
1201 —21 
1226 +4 
1220 —2 
1195 =p) 
1206 —16 
1239 +17 
1220 —2 
1219 =3 

Mean = 1222 


enzyme-catalyzed reaction or the protein concentration of a solution as deter- 
mined by the Bradford method. The arithmetic average, or mean, of the num- 
bers is calculated by totaling all the experimental values observed for a sample 
(the counting rates, the velocity of the reaction, or protein concentration) and di- 
viding the total by the number of times the measurement was made. The mean 
is defined by Equation 1.1. 


n 
Di 


nN 





>> x (Eq. 1.1) 


where 


xX = arithmetic average or mean 

x; = the value for an individual measurement 

n = the total number of experimental determinations 
> = sum of all the values 


The mean counting rate for the data in Table 1.1 is 1222. If the same radioactive 
sample were again counted for a series of ten observations, that series of counts 
would most likely be different from those listed in the table, and a different mean 
would be obtained. If we were able to make an infinite number of counts on the 
radioactive sample, then a true mean could be calculated. The true mean would 
be the actual amount of radioactivity in the sample. Although it would be desir- 
able, it is not possible experimentally to measure the true mean. Therefore, it is 
necessary to use the average of the counts as an approximation of the true mean 
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FIGURE 1.11 The 
normal distribution 
curve. 


and to use statistical analysis to evaluate the precision of the measurements (that 
is, to assess the agreement among the repeated measurements). 

Because it is not usually practical to observe and record a measurement 
many times as in Table 1.1, what is needed is a way to determine the reliability of 
an observed measurement. This may be stated in the form of a question. How 
close is the result to the true value? One approach to this analysis is to calculate 
the sample deviation, which is defined as the difference between the value for 
an observation and the mean value, ¥ (Equation 1.2). The sample deviations are 
also listed for each count in Table 1.1. 


>> Sample deviation = x; — X (Eq. 1.2) 


A more useful statistical term for error analysis is standard deviation, a 
measure of the spread of the observed values. Standard deviation, s, for a sample 
of data consisting of n observations may be estimated by Equation 1.3. 


| _ =)2 
>> s= Di — %) (Eq. 1.3) 
n—-1 


It is a useful indicator of the probable error of a measurement. Standard 
deviation is often transformed to standard deviation of the mean or standard 
error. This is defined by Equation 1.4, where n is the number of 
measurements. 


>> Sn = = (Eq. 1.4) 


It should be clear from this equation that as the number of experimental 
observations becomes larger, s,,, becomes smaller, or the precision of a measure- 
ment is improved. 

Standard deviation may also be illustrated in graphical form (see Figure 
1.11). The shape of the curve in Figure 1.11 is closely approximated by the 
Gaussian distribution or normal distribution curve. This mathematical 


Frequency of 
occurrence of a measurement 
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treatment is based on the fact that a plot of relative frequency of a given event 
yields a dispersion of values centered about the mean, x. The value of X is 
measured at the maximum height of the curve. The normal distribution 
curve shown in Figure 1.11 defines the spread or dispersion of the data. The 
probability that an observation will fall under the curve is unity, or 100%. By 
using an equation derived by Gauss, it can be calculated that for a single set of 
sample data, 68.3% of the observed values will occur within the interval X + s, 
95.5% of the observed values within ¥ + 2s, and 99.7% of the observed values 
within x + 3s. Stated in other terms, there is a 68.3% chance that a single 
observation will be in the interval X + s. 

For many experiments, a single measurement is made, so a mean value, x, 
is not known. In these cases, error is expressed in terms of s, but is defined as the 
percentage proportional error, %E,., in Equation 1.5. 


>> TEx = (Eq. 1.5) 


The parameter k is a proportional constant between E, and the standard devia- 
tion. The percent proportional error may be defined within several probability 
ranges. Standard error refers to a confidence level of 68.3%; that is, there is a 
68.3% chance that a single measurement will not exceed the %E,. For standard 
error, k = 0.6745. Ninety-five hundredths error means there is a 95% chance 
that a single measurement will not exceed the %E,. The constant k then 
becomes 1.45. 

The previous discussion of standard deviation and related statistical 
analysis placed emphasis on estimating the reliability or precision of experi- 
mentally observed values. However, standard deviation does not give specif- 
ic information about how close an experimental mean is to the true mean. 
Statistical analysis may be used to estimate, within a given probability, a 
range within which the true value might fall. The range or confidence inter- 
val is defined by the experimental mean and the standard deviation. This 
simple statistical operation provides the means to determine quantitatively 
how close the experimentally determined mean is to the true mean. 
Confidence limits (L; and Lj) are created for the sample mean as shown in 
Equations 1.6 and 1.7. 


>> Ly =X + (Sy) (Eq. 1.6) 
>> Ly = X — (AS) (Eq. 1.7) 
where 


t = astatistical parameter that defines a distribution between a sample 
mean and a true mean 


The parameter ¢ is calculated by integrating the distribution between percent 
confidence limits. Values of t are tabulated for various confidence limits (Table 
1.2). Each column in the table refers to a desired confidence level (0.05 for 95%, 
0.02 for 98%, and 0.01 for 99% confidence). The table also includes the term 
degrees of freedom, which is represented by n — 1, the number of experimental 
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observations minus 1. The values of X¥ and s,, are calculated as previously 
described in Equations 1.1 and 1.4. 


TABLE 1.2 Values of t for Analysis of Statistical Confidence Limits 


Probability of Larger Value of t, Sign Ignored 











d.f. 0.05 0.02 0.01 d.f. 0.05 0.02 0.01 
1 12.706 31.821 63.657 4 2.145 2.624 2.977 
2 4.303 6.096 9.925 iS) 2.131 2.602 2.947 
3 3.182 4.541 5.841 6 2.120 2.583 2.921 
4 2.776 3.747 4.604 7 2.110 2.567 2.898 
5 2.571 3.305 4.032 8 2.101 22092 2.878 
6 2.447 3.143 3.707 9 2.093 2.539 2.861 
7 2.365 2.998 3.499 20 2.086 2.528 2.845 
8 2.306 2.896 3.355 21 2.080 2.518 2.831 
9 2.262 2.821 3.250 22 2.074 2.508 2.819 

10 2.228 2.764 3.169 23 2.069 2.500 2.807 

11 2.201 2.718 3.106 24 2.064 2.492 2.797 

12 2.179 2.681 3.055 25 2.060 2.485 2.787 

13 2.160 2.650 3.012 


Spreadsheet Statistics 


It is common practice today to use computer spreadsheet programs for statis- 
tical analysis of biochemical data. A spreadsheet provides a means to collect 
and enter data in the form of numbers and text. Perhaps the most versatile and 
easy-to-use spreadsheet software is Microsoft Excel, although more special- 
ized statistical software programs including SPSS and SyStat are also very 
useful (see Chapter 2 and Appendix I). Using Excel to estimate statistical 
terms for experimental data is relatively straightforward. Launching the 
Microsoft Excel program on your computer brings up the Excel spreadsheet, 
which consists of rows (number headings) and columns (letter headings). 
More detailed instructions for the statistical applications of Excel are found at 
www.microsoft.com. 


Statistical Analysis in Practice 


The equations for statistical analysis that have been introduced in this section 
are of little value if you have no understanding of their practical use, meaning, 
and limitations. A set of experimental data will first be presented, and then sev- 
eral statistical parameters will be calculated using the equations. This example 
will serve as a summary of the statistical formulas and will also illustrate their 
application. 
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STUDY EXERCISE 1.3 Statistical Analysis of Data S = 


Ten identical protein samples were analyzed by the Bradford method for protein 
analysis. The following values for protein concentration were obtained. 


Observation Number _—_ Protein Concentration (mg/mL), x 
1.02 
0.98 
0.99 
1.01 
1.03 
0.97 
1.00 
0.98 
1.03 
1.01 





OO WAN DN BWYN 


= 


Sample mean 


x= 


x 10.02 
a = “10, = 1.00 mg/mL 


Sample deviation 


Sample deviation = x; — X 


Observation x; — X 








OMAN DU KRWDN | 
t 
2° 
fo) 
Ww 





-) 
t 
2° 
ro) 
= 


Calculation of the sample deviation for each measurement gives an indication of the 
precision of the determinations. 


(Continued ) 
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Study Problems 


Standard deviation 


LS; — x)? 
sS= 
n—-1 


s = 0.02 








The mean can now be expressed as x + s (for this specific example, 1.00 + 0.02 
mg/mL). The probability of a single measurement falling within these limits is 68.3%. 
For 95.5% confidence (2s), the limits would be 1.00 + 0.04 mg/mL. 





Standard error of the mean 


Ss 


va 


0.02 
Vv 10 


Sm = 0.006 


Sm = 


Sm = 


This statistical parameter can be used to gauge the precision of the experimental data. 


Confidence limits 


The desired confidence limits will be set at the 95% confidence level. Therefore, we will 
choose a value for t from Table 1.2 in the column labeled to 95 and n — 1 = 9. 


Ly =X + (to.05)(Sin) 
Ly = ¥ — (to.05)(Sin) 


Sim = 0.006 
tos = 2.262 
x = 1.00 
Ly = 1.00 + (2.262)(0.006) 
L, = 1.01 
Ly = 0.99 


We can be 95% confident that the true mean falls between 0.99 and 1.01 mg/mL. 


1. What personal protection items must be worn when handling glacial acetic acid? 
2. Define each of the following terms. 


(a) OSHA (e) Purified water 

(b) MSDS (f) Error 

(c) Flowchart (g) Standard deviation 
(d) Pasteur pipet (h) Molarity 


3. Draw a schematic picture of your biochemistry lab and mark locations of the follow- 
ing safety features: eyewashes, first-aid kit, shower, fire extinguisher, chemical-spill 
kits, and direction to nearest exit. 


fo») 


10. 


11. 


12. 


13. 


14. 
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. Describe how you would prepare a 1-liter aqueous solution of each of the following 


reagents: 

(a) 1M glycine 

(b) 0.5 M glucose 

(c) 10 mM ethanol 

(d) 100 nM hemoglobin 


. Why is de-ionized (ion-exchange) water not suitable as a solvent for use in UV 


absorbance measurements? 


. Describe how you would prepare just 10 mL of each of the solutions in Problem 4. 
. If you mix 1 mL of the 1 M glycine solution in Problem 4a with 9 mL of water, what is 


the final concentration of this diluted solution in mM? 


. Convert each of the concentrations below to mM and uM 


(a) 10 mg of glucose per 100 mL 
(b) 100 mL of a solution 2% in alanine 


. You have just prepared a solution by weighing 20 g of sucrose, transferring it to a 


1-liter volumetric flask, and adding water to the line. Calculate the concentration of 
the sucrose solution in terms of mM, mg/mL, and % (wt/vol). 

The concentrations of cholesterol, glucose, and urea in blood from a fasting individual 
are listed below in units of mg/100 mL (sometimes called mg%). These are standard 
concentration units used in the clinical chemistry lab. Convert the concentrations 
to mM. 

(a) cholesterol—200 mg% 

(b) glucose—75 mg% 

(c) urea—20 mg% 

The following optical rotation readings were taken by a polarimeter on a solution of 
an unknown carbohydrate. Use Excel or other statistical software to estimate statisti- 
cal terms. 

(a) Calculate the sample mean. 

(b) Calculate the standard deviation. 


Qobs (degrees) 





+3.24 +3.20 +31/ +325 
473,11 3.2 | to.29 
+:3.30 +3.19 +3.20 











(c) Calculate the 95% confidence levels for the measurement. 

Describe how you would prepare 100 mL of a single solution containing all of the 
following reagents at the designated concentrations. 

(a) 0.1 M NaCl 

(b) 0.05 M glucose 

(c) 5% wt/vol alanine 

(d) 1 mg/mL urea 

How would you prepare 1 liter of a 1 M ethanol solution in water? You do not have an 
analytical balance available, only a 1-liter volumetric flask and a 100-mL graduated 
cylinder. The density of ethanol is 0.789 g/mL. 

A technician at a clinical laboratory received a blood serum sample for cholesterol analy- 
sis. In order to check the reliability of the procedure, the technician repeated the assay 
five times and obtained the results below. Use a spreadsheet statistical analysis to esti- 
mate the mean, standard deviation, variance, and standard error of the mean for the data. 
Total cholesterol in blood serum sample in mg/100 mL (mg%): 157, 154, 155, 152, 155. 
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Further Reading 
PIPETTING 


en.wikipedia.org / wiki/ pipette 

Pipets. 

http://www. biology.lsu.edu/introbio/tutorial/Pipets/1208.pipet.html 
Pipets and pipetting. 

http://www.gilson.com 

Information on automatic pipets, procedures for use, and hints. 


http://www.rainin.com 
Instruction manuals for operation of the Pipetman. 


www.newton.dep.anl.gov/askasci/chem03 /chem03588.htm 

Proper pipet usage. 

http://www.umd.umich.edu/casl/natsci/slc/slconline/ MICRPIP/index.htm]l 
Pipets and pipetting. 


PREPARATION OF SOLUTIONS 


M. Caspers and E. Roberts-Kirchhoff, Biochem. Mol. Biol. Educ. 31, 303-307 (2003). “An 
Undergraduate Biochemistry Laboratory Course with an Emphasis on Research 
Experience.” 

S. Kegley and J. Andrews, The Chemistry of Water (1997), University Science Books 
(Sausalito, CA). A discussion of water purity and analysis. 

J. Risley, J. Chem. Educ. 68, 1054-1055 (1991). “Preparing Solutions in the Biochemistry Lab.” 


www.labwater.com 
Water purification. 


http: //www.thermo.com/com/cda/landingpage/0,10255,626,00-html 
Water purification from Thermo Scientific. 


SAFETY 


R. Alaimo, Handbook of Chemical Health and Safety, 1st ed. (2001), Oxford University 
Press (Cary, NC). 

American Chemical Society, Safety in Academic Chemical Laboratories, Volume I: 
Accident Prevention for College and University Students; Volume II: Accident 
Prevention for Faculty and Administrators, 7th ed. (2003), ACS (Washington, DC). 

M. Armour, Hazardous Laboratory Chemicals Disposal Guide, 3rd ed. (2003), CRC Press 
(Boca Raton, FL). 

K. Barker, Editor, At the Bench: A Laboratory Navigator (2005), Cold Spring Harbor 
Laboratory Press (Cold Spring Harbor, NY). 

National Research Council, Prudent Practices in the Laboratory: Handling and Disposal 
of Chemicals (1995), National Academy Press (Washington, DC). 

P. Patnaik, A Comprehensive Guide to the Hazardous Properties of Chemical Properties, 
3rd ed. (2007), John Wiley & Sons (Hoboken, NJ). 


www.sigma-aldrich.com 

MSDS documents for all biochemical products sold. 

http: //www.osha.gov 

Review of functions and regulatory procedures of OSHA. 
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www. jjkeller.com 
Supplier of HMIS labels and information. 


http: //sitemaker.umich.edu/chemistry.ion/files/safety_rules_complete.doc 
Safety in the biochemistry lab. 


http: //www.jce.divched.org /JCEWWW /Features /CERS 
Chemical Education Resource Shelf, Safety and Waste Disposal in the list of textbooks and 
software for use in chemistry /biochemistry courses. 


STATISTICAL ANALYSIS OF DATA 


R. Boyer, Modern Experimental Biochemistry, 3rd ed. (2000), Benjamin-Cummings 
(San Francisco), pp. 18-25. 

P. Meier and R. Zund, Statistical Methods in Analytical Chemistry, 2nd ed. (2000), John 
Wiley & Sons (New York). 

C. S. Tsai, An Introduction to Computational Biochemistry (2002), John Wiley & Sons 
(New York), pp. 11-40. 
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Statistics in the lab. 


WRITING LABORATORY REPORTS AND COMMUNICATING SCIENCE 


K. Barker, Editor, At the Bench: A Laboratory Navigator (2005), Cold Spring Harbor 
Laboratory Press (Cold Spring Harbor, NY). Covers lab orientation, keeping a note- 
book, and lab procedures. 

H. Beall and J. Trimbur, A Short Guide to Writing about Chemistry, 2nd ed. (2001), 
Benjamin-Cummings (San Francisco). 

R. Boyer, Biochem. Mol. Biol. Educ. 31, 102-105 (2003). “Concepts and Skills in the 
Biochemistry /Molecular Biology Lab.” 

M. Cargill and P. O’Connor, Writing Scientific Research Articles: Strategy and Steps 
(2009), Wiley-Blackwell. 

A. Coghill and L. Garson, The ACS Style Guide: A Manual for Authors and Editors, 3rd ed. 
(2006). Oxford University Press (Cary, NC). 

R. Day and B. Gastel, How to Write and Publish a Scientific Paper, 6th ed. (2006), 
Greenwood Publishing Group (Westport, CT). 

H. Ebel, C. Bliefert, and W. Russey, The Art of Scientific Writing: From Student Reports to 
Professional Publications in Chemistry and Related Fields, 3rd ed. (2004), John 
Wiley & Sons (New York). 

P. Frey, Biochem. Mol. Biol. Educ. 31, 237-241 (2003). “Guidelines for Writing Research 
Papers.” 

M. Katz, From Research to Manuscript: A Guide to Scientific Writing, 2nd ed. (2009), 
Springer (New York). 
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J. Kovac and D. Sherwood, Writing Across the Chemistry Curriculum: An Instructor’s 
Handbook (2001), Prentice-Hall (Upper Saddle River, NJ). 

J. Matthews and R. Matthews, Successful Scientific Writing: A Step-by-Step Guide for 
the Biological and Medical Sciences, 3rd ed. (2007), Cambridge University Press 
(New York). 

T. O’Connor and G. Holmquist, Biochem. Mol. Biol. Educ. 37, 344-348 (2009). “Algorithm 
for Writing a Scientific Manuscript.” 

A. Penrose and S. Katz, Writing in the Sciences: Exploring Conventions of Scientific 
Discourse, 2nd ed. (2004), Benjamin-Cummings (San Francisco). 

L. Tomaska, ASBMB Today, pp. 20-21, May 2007, “Teaching Undergraduates to Write 
Scientific Papers.” 

I. Valiela, Doing Science: Design, Analysis, and Communication of Scientific Research 
(2001), Oxford University Press (New York). 

http: //blog-makezine.com/science_room/general/maintaining_a_laboratory_ 
notebook 

Maintaining a lab notebook. 

http: //www.swarthmore.edu/NatSci/cpurrin1 /notebookadvice.htm 

Advice on keeping a lab notebook. 

http: //rescentris.com/?gclid=CNWE2M3qhZ4CFRhfagodfQ4SpQ 

CERF electronic lab notebook. 

http: //www.ce.umn.edu/~smith/supplements/poster/guide.htm 

Preparing professional scientific posters. 

http: //www.swarthmore.edu/NatSci/cpurrin1 /posteradvice.htm 

Advice and template for designing scientific posters. 

http: //www.ruf.rice.edu/~bioslabs/tools/report/reportform.html 

Writing a research paper. 

http: //www.thomsonscientific.com/cgi-bin/jrnlst /jlresults.cgi? PC=BB 

List of biochemistry and biophysics journals. 

http: //www.biomedcentral.com/browse/journals 

List of biochemistry, molecular biology, and medical journals. 

http: //www.lib.iastate.edu/collections /eresourc/biochem.htm] 

List of electronic journals of interest to biochemists and molecular biologists. 

http: //helios.hampshire.edu/~apmNS/design/RESOURCES/HOW_READ.html 

How to read a scientific paper. 


Additional Web sites for this chapter are available on the book's Companion Website, 
which can be found at http: //www.chemplace.com. 
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A. WHAT IS RESEARCH AND HOW IS IT DONE IN BIOCHEMISTRY? 
What Is Research? 


Virtually all scientists are engaged in investigative activities that are broadly called research. 
We begin this discussion on research by defining the term and continuing with details of the 
steps that are usually followed in the process. 

According to the Merriam-Webster Collegiate Dictionary, research is: 


1. to search or investigate exhaustively 
2. the collecting of information about a particular subject 
3. studious inquiry or examination 


A more realistic and functional definition comes from librarians: 


“Research is a process of investigation. An examination of a subject from different 
points of view. It’s not just a trip to the library to pick up a stack of materials, or 


35 


36 =Chapter 2 ¢ Using the Computer and Internet for Research in Biochemistry 


picking the first five hits from a computer search. Research is a hunt 
for the truth. It is getting to know a subject by reading up on it, reflect- 
ing, playing with the ideas, choosing the areas that interest you and 
following up on them. Research is the way you educate yourself.” 


The ultimate goal of all research is to seek the truth; however, the approach that 
is used can vary from discipline to discipline. For biochemists and other 
molecular life scientists, research is usually focused on elucidating the laws of 
nature or, in other words, addressing questions about natural phenomena. The 
approach taken in biochemistry research is application of the historic “scientific 
method” of discovery. 


The Scientific Method 


The stepwise process for a scientific research project follows the general scheme 

shown in Figure 2.1. One of the early originators of this organized body of 

techniques is thought to be Ibn al-Haythan (965-1039 a.p.; Latinized name, 

Alhazen), a physicist studying optics and living in Basra, Iraq. Many modifica- 

tions of the process have been made over the centuries, but the key scientific 

premise has remained—data must be collected by experiment and observation. 
Each of the steps in Figure 2.1 actually consists of several activities: 


1. Select the topic. The topic for study is often one of strong interest to the 
scientist and one with which he or she may already have some familiarity. 
It is sometimes helpful to phrase the problem to solve as a question to 
which we do not yet know the answer. Some examples of research topics in 
biochemistry might be: (a) what is the detailed molecular mechanism for a 
particular enzyme?, (b) what is the base sequence of a particular gene?, 
(c) what is the function of a protein that has just been isolated?, (d) how can 
a new method for analysis of fatty acids in blood serum be designed?, and 
(e) how does a particular drug act? 

2. Collect current information and resources about the topic. This step 
always begins by reading the primary literature in the field of study. 
(Primary literature refers to articles in research journals in which scientists 
describe their experiments, report data, and discuss important results.) 
When you do extensive background research, you start to become an 
expert in the field. The computer is often heavily used in this step. Refer to 
Part C (p. 40) in this chapter to learn how to use the Internet in your study 
of the biochemical literature. Background reading of the literature may also 
be done by consulting research journals in a library; however, journals are 
very expensive, so libraries may not have all journals available. 

3. Propose hypotheses that may answer questions about your topic. The 
dictionary defines hypothesis as “a tentative assumption made in order to 
draw out and test its logical or empirical consequences.” A hypothesis is an 
important and useful tool in research that helps lead you to answers to your 
questions. Proposing a hypothesis is guessing, but it is an “educated guess,” 





1 http://www.usg.edu/galileo/skills /unit01/infoage01_03.phtml 
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Select topic 


Collect info 
and resources 


Propose hypotheses << Repeat cycle 


Test with 
experiments 


Analyze data 


Interpret results 
and make conclusions 


FIGURE 2.1 The 
steps followed in 


Hypothesis is Hypothesis is a scientific research 
proven not proven project. The 


pathway is based 
Publish results 


on the premises 
of the historic 
scientific method. 

as your reading of the literature will have enhanced your knowledge. 

Perhaps the most important reason for having hypotheses is that they tell 

you what experimental directions to take next on your project. (A hypothesis 

cannot be proven by experimental data, only supported. This will be 

discussed in more detail later.) 

. Design and perform experiments; collect data. For hypotheses to be tested 

properly, it is essential that you design experiments that provide results 

that are informative. Experimental results must be observable, empirical, 

and measurable. The best experiments result from knowing your subject 

well and from asking good questions about what you need to find out 

about your research problem. It should be obvious that experiments must 

be completed with accuracy and care and that safe lab techniques are used. 

Experiments should be repeated several times, with the same results 

obtained each time before they can be accepted as valid. 








38  Chapter2 ¢ Using the Computer and Internet for Research in Biochemistry 


5. Analyze data. Data from experiments may be quantitative or qualitative. 
Both types can be analyzed by using a computer to prepare figures, tables, 
and graphs. If your results are primarily numerical, then it will be neces- 
sary to carry out calculations followed by proper statistical analysis using 
Excel and other software (see Chapter 1, Section E, p. 23). 

6. Interpret results and draw conclusions. Are your experimental results 
and interpretations consistent with at least one of your hypotheses? If so, 
then that hypothesis can be supported by the results. It could be a likely 
answer to your initial question. A hypothesis cannot be proven, only sup- 
ported. Any hypothesis that is not consistent with experimental results 
must be rejected. If all hypotheses are inconsistent with results, then new 
hypotheses must be proposed and tested. This is shown in Figure 2.1 as a 
branch from Step 6 to Step 3. This is called an iteration, or repeating 
process. Research is a constantly ongoing, evolving process. It is always in 
a state of flux, but scientists hope that each step they take moves them 
closer to an answer to their original question. 

7. Publish results in a scientific journal. This step makes your work avail- 
able so it may be studied by scientists around the world. Scientists then 
have the opportunity to repeat your experiments, to check their validity, 
and to design new experiments to test the hypothesis. Making sure that 
your experiments are reproducible, especially by scientists in other labs, is 
an important element of the scientific method. 


One problem that can sometimes occur with the scientific method is a lack 
of objectivity. Scientists can become biased, adopt a favorite hypothesis, and 
design only experiments supporting that hypothesis. A balanced and objective 
approach is a necessity in scientific research. In addition to objectivity, another 
criterion that scientists must adhere to is ethical behavior. Unethical practices, 
such as have been observed in the form of scientific misconduct (plagiarism, 
falsifying data, etc.), are a danger to scientific progress. (See the Wikipedia Web 
site for examples of ethics in research and scientific misconduct.) The currently 
controversial so-called “climategate” issue is one that some scientists say lacks 
objectivity and is marred by unnecessary secrecy and a failure to fully share data. 
The last Web site at the end of this chapter contains an article criticizing the 
scientific process used in studying changes in the world’s climate. 


B. USING COMPUTERS IN BIOCHEMISTRY 


The modern computer has revolutionized the way we live. Not surprisingly, the 
computer has also changed the way we do scientific research. The computer has 
become an essential tool for the investigation of all aspects of biomolecules— 
their structure, function, reactions, and information. The need for computers in 
biochemistry and the related molecular life sciences is growing because of two 
factors: (1) the fields are becoming increasingly quantitative, so there is a require- 
ment for complex and accurate calculations—the computer with its access 
to Internet software and application programs is ideal for this work; and 
(2) because of the ease of determining protein and nucleic acid sequences and 
structures, there has been a proliferation of biological information that needs to 
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be organized, stored, and made readily available to researchers. Initially, com- 
puters in biochemistry were used in the routine tasks of word processing, graph- 
ing, and statistical analysis of research data. But when connected to the Internet, 
the computer’s use is greatly expanded to include some of the following func- 
tions: (1) searching the biochemical literature for pertinent books and journal 
articles, (2) using software for analyzing experimental data, (3) accessing bio- 
logical databases that provide nucleic acid and protein sequences and structures, 
(4) seeking research methodology, procedures, and protocols for lab work, and 
many more uses. 

This application of computer technology to the analysis, management, and 
manipulation of biochemical data is sometimes considered a part of the broad 
field of computational biochemistry. An important subfield of computational 
biochemistry that we will use extensively in this text is bioinformatics, defined 
as the application of computer technology to the storage and use of biological 
data, especially protein and nucleic acid sequence and structure. 

Your first encounter with a computer in the laboratory was probably while 
you were using an instrument that had a computer to control its operation, to col- 
lect data, and to analyze data. All major pieces of scientific equipment, including 
UV-VIS spectrophotometers, high-performance liquid chromatographs, gas chro- 
matographs, nuclear magnetic resonance spectrometers, mass spectrometers, and 
DNA sequencers, are now computer controlled. But your use of the computer will 
not end when you leave the lab, as you will use it to prepare laboratory reports 
including graphical and statistical analysis of your experimental data. 

The primary purpose of this chapter is to learn how to solve problems in bio- 
chemistry using computer and software technology. Here we will outline general 
Internet resources that may be used in later chapters. Each chapter of this text will 
also describe more specific Internet resources that can be applied to the topics in 
that chapter. It is important for your education and career that you become knowl- 
edgeable and skilled in the use of the computer and Internet. Many specialized 
and some new terms are introduced in this chapter. Most of the words in bold in 
Sections B and C on computers are defined in a glossary at the end of the chapter. 


Accessing the Internet 


It is probably a correct assumption that those reading this book either have their 
own computer system or have access to computers where they study or work. 
Therefore, details for setting up and using a computer will not be provided here. 
Questions regarding computer use may be addressed to your instructor, supervi- 
sor, or local computer services office. If you are a student at an academic institu- 
tion or a worker in a biotech-related lab, you will most likely be provided access 
to the Internet either through Ethernet or by a wireless system. Ethernet is a 
widely-used, wired networking system appropriate for local area networks 
(LAN). (Low-cost adaptors, called wireless bridges, are available to make any 
wired Ethernet-equipped device a part of a wireless network.) Some recom- 
mendations for specific hardware and software will be given in this book, but 
one must be aware that new products and important upgrades are continually 
being developed. Many of the software programs described here are freeware, 
software available without charge. 
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For word processing (writing lab reports, etc.), the most popular program 
is Microsoft Word. Software specialized for scientific and technical writing is 
available, but probably not necessary at this level. Current software programs for 
statistical analysis, graphing, and spreadsheets with graphing capability include 
Excel, Sigmaplot, SPSS, and SyStat (see Chapter 1, Section E, p. 23). 

In order to access the Internet, you will need a Web browser, which is an inter- 
face program that reads hypertext and displays Web pages on your computer. A sur- 
vey of computer users in 2010 found the most popular Web browsers to be Firefox 
(Mozilla), Chrome (Google), Internet Explorer (Microsoft), and Safari (Apple). 


The World Wide Web 


A heavily used and rapidly growing component of the Internet is the World 
Wide Web (WWW, also called “the Web”). This facility, which was launched in 
1992, permits the transfer of data as pages in multimedia form consisting of text, 
graphs, figures, audio, and video. Each Web site, which has its own address 
(called a Uniform Resource Locator, URL), is composed of Web pages. The 
pages are linked together by hypertext pointers so that data stored on computers 
(servers) in different locations may be retrieved via the network by your com- 
puter. Web documents are written in a special coded language called Hypertext 
Markup Language (HTML). Typing the URL into the browser dialogue box will 
bring you to the home page or starting point for the Web site. One important fea- 
ture you may note is that some text on the page is emphasized with underlining, 
in a different color, or perhaps highlighted in some other way. If you click the 
mouse on this text (called hyperlinks), your computer will connect to another 
related Web page that provides information on the hyperlink. This feature 
greatly enhances the use of the Web because related Web sites are connected or 
linked together and may be quickly accessed by a click of the mouse rather than 
by typing in a different URL. 


C. WEB SITES USEFUL IN BIOCHEMISTRY 
Directories, Library Resources, Databases, and Tools 


Because of the complexity and the enormous number of Web sites available, one 
can easily become overwhelmed. Therefore, three tables, Tables 2.1—2.3, are pre- 
sented that list Web sites selected for study because they are thought to be espe- 
cially instructive for beginning students in biochemistry and other molecular life 
sciences. Each site in the tables has a short descriptive note that defines its con- 
tents. Table 2.1 consists of Web addresses that contain directories, catalogs, and 
library resources. Another way to describe Table 2.1 is to say “these addresses are 
Web sites that help you find other Web sites.” This is a good place to start if you 
want to become familiar with the many resources available. Table 2.2 lists Web 
sites that have databases and tools that are more specialized in their function. 
Table 2.3 lists databases that allow searches using the name of a biochemical or 
class of biochemicals. These Web sites are especially valuable when seeking 
information and properties of biomolecules, including nomenclature, physical 
properties, structural data, reaction characteristics, spectroscopic information, 
and even chromatographic data. 


TABLE 2.1 Web Directories and Library Resources 
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Name Description URL 

Scirus For scientific information http:/Awww.scirus.com/srsapp 

Intute Finding the best Web http:/Awww.intute.ac.uk/biologicalsciences 
sites for biochemistry 

BioChemWeb The virtual library of http:/Awww.biochemweb.org 


Protocol-Online 
University of New Mexico 


Center for Advanced 
Research Computing 
University of Sussex 

lowa State University 


Penn. State University 


Alverno College 


biochemistry, molecular 
biology, and cell biology 


Your lab’s reference book 


Best biotech sites in the 
world 


Chemistry and Bio- 
chemistry Library Guide 


Biochemistry Library 
Guide 


Biochemistry Library 
Guide 


Library Resources 


TABLE 2.2 Biochemical Databases and Tools 


Name 


Description 


http:/Awww.protocol-online.org 


http:/Awww.hpc.unm.edu/~aroberts/main/top5%25. 
htm 


http://guides.lib.sussex.ac.uk/chemistry 


http:/Awww.lib.iastate.edu/collections/eresourc/ 
biochem.htm 


http:/Awww.libraries.psu.edu/psul/researchguides/ 
agbiohealth/omb.html 


http://depts.alverno.edu/library/science.html 





URL 





Protein Data Bank (PDB) 


European Bioinformatics 
Institute (EBI) 


Protein structures determined 


by X-ray and NMR 
DNA sequences 


http:/Awww.rcsb.org/pdb 


http:/Awww.ebi.ac.uk 


National Center for Biotech- 
nology Information (NCBI) 


Swiss-Protein 


The Institute for Genomic 
Research 


REBASE—The Restriction 
Enzyme Database 


NCBI Molecules to Go 
PyMol Molecular Viewer 
Entrez browser of NCBI 


Protein Information 
Resource (PIR) 


Munich Information Center for 
Protein Sequences (MIPS) 


Variety of databases and 
resources 


Protein sequences and analysis 


Collection of genomic 
databases 


Restriction enzyme directory 
and action 


Structures of biomolecules 
Structures of biomolecules 


Database searching including 
PubMed literature 


Database searching for 
proteins 


Protein sequences 


http:/Awww.nim.nih.gov 


http:/Awww.expasy.ch/tools 


http:/Awww.ebi.ac.uk/genomes/index.html 


http://rebase.neb.com 


http://molbio.info.nih.gov/cgi-bin/pdb 


http://pymol.org 


http:/Awww.ncbi.nim.nih.gov/Entrez 


http://pir.georgetown.edu 


http:/Awww.helmholtz-muenchen.de/ 


en/mips 





TheTr= 


@) = 0:09 / 2:51 





42 Chapter 2 ¢ Using the Computer and Internet for Research in Biochemistry 


TABLE 2.2 Continued 








Name Description URL 

Journal of Chemical Education List of all current http:/Awww.jce.divched.org/ 

Resource Shelf biochemistry texts JCEWWW/Features/CERS 

Chimera Molecular Modeling Advanced molecular http:/www.cgl.ucsf.edu/chimera 

System (UCSF) modeling 

BiomoleculesAlive (ASBIVB) Instructional material http:/www.biomoleculesalive.org 

ChemDraw Chemical structure drawing http://www.cambridgesoft.com 
program 

MEDLINE (PubMed) U.S. National Library of http:/Awww.nim.nih.gov 
Medicine 


TABLE 2.3 Databases of Biochemical Compounds 





Name Description URL 

International Union of Biochemistry Nomenclature http:/Awww.chem.qmul.ac.uk/iubmb 

and Molecular Biology (IUBMB) 

IUBMB Enzyme List Catalog of enzymes http:/Awww.chem.qmul.ac.uk/iubmb/ 
enzyme 

ChemBioFinder Structures and properties http://www.chembiofinder.com 

Worthington Enzyme Manual Properties of enzymes http:/Awww.worthington-biochem.com/ 
index/manual.html 

Enzyme Database of ExPASy Enzyme names and http:/Awww.expasy.ch/enzyme 

numbers 
BRENDA A comprehensive enzyme http://www.brenda-enzymes.info 


information system 


An annoying aspect of using Web sites is that they can disappear from the 
Internet. In fact, this may happen to some of the sites in this book. This process, 
sometimes called “Web rot,” can happen when a link becomes broken or irrele- 
vant over time. If the reason for a Web site disappearance is due to a new 
address, you will usually be directed to the new site. 

Many of the current Web sites you will need for your work and study are 
listed in the tables here; however, what about new Web sites that have been 
established since publication of this book? Millions of new sites are created every 
year. To access these new sites, you need the help of a search engine, a searchable 
directory that organizes Web pages by subject classification. The most widely 
used search engines are Google (http:// www.google.com) and Yahoo (http:// 
www.yahoo.com). Use of a search engine requires the input of a keyword or 
terms for searching. As you surf the Web, you may find sites you wish to save 
and review at a later date. Different Web browsers use different terms to define 
this saving process. Some use favorites and some use bookmarks. 
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STUDY EXERCISE 2.1 Using Directory Web Sites 


List five of the “Best Biotech Web Sites in the World” found on the Web site from The 
University of New Mexico Center for Advanced Research Computing. 


Solution: 
4Biotech, Access Excellence, AgBiotechNet, biochemist.com, BiochemNet 


STUDY EXERCISE 2.2 Using Protocol-Online 


Study the home page for Protocol-Online. What are the subtopics available under the 
main heading of “Biochemistry”? 


Solution: 


On the home page, click on “Biochemistry.” Here you will find hyperlinks to three 
subtopics: amino acids and proteins, enzyme analysis, and lipids. 


STUDY EXERCISE 2.3 IUBMB Enzyme Web Site 


Use the IUBMB enzyme site to find the E.C. (Enzyme Commission) number for the 
enzyme cellulase. 


Solution: 


Cellulase catalyzes the hydrolysis of the glycosidic bonds between glucose in the sub- 
strate cellulose. The E.C. number is 3.2.1.4. 


Viewing Structures of Biomolecules 


Determining the structure of biomolecules has now become a relatively routine 
activity in research labs. Thousands of structures experimentally determined by 
X-ray crystallography, NMR, and electron microscopy are now available on 
selected Web sites. The structures include those of proteins, nucleic acids, and 
nucleic acid/ protein complexes. Some of the most accessible and useful sites for 
viewing structures include: 


¢ Protein Data Bank (http: //www.rcsb.org) 
¢ Molecules to Go (http:/ /molbio.info.nih.gov/cgi-bin/ pdb) 
¢ PyMol Molecular Viewer (http: //pymol.org) 


The Protein Data Bank and Molecules to Go sites are freeware, but PyMol is 
a user-sponsored system and requires a subscription. Academic institutions 
may purchase a site license for an individual, lab and classroom, or complete 
department. 
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To obtain a structure, access the Web site home page and type the name of 
the biomolecule desired into the dialogue box. Instructions for further analysis of 
the structure are given on all sites. 


STUDY EXERCISE 2.4 Protein Data Bank 


Use the Protein Data Bank Web site to find a structure for the enzyme cellulase. What 
kinds of secondary structures do you see in the cellulase molecule? What organism 
was the source of the cellulase you looked at? 


Solution: 

As of July 20, 2010, there were structures of 177 different cellulases on the PDB site. On 
the same date, there was a total of 66,633 structures of biomolecules on the PDB site. 
Each cellulase at the site will have different percentages of a-helices and B sheets. 
Describe the structure you looked at. 


Searching the Biochemical Literature 


An introduction to scientific journals and publishing a research article in a journal 
was given in Chapter 1 (see Section B, p. 6). Figure 1.5 provides an extensive list of 
journals that publish research articles in biochemistry. Generating research ideas 
and maintaining a research lab require an extensive knowledge of the 
biochemical literature (see Step 2, Figure 2.1). Much of this literature is now acces- 
sible on the Internet, but occasionally it may be necessary to use reference books in 
the library. The biochemical literature is massive and expanding rapidly. It is 
almost a full-time job just to maintain a current awareness of a specialized research 
area. There are few disciplinary boundaries in the study of biochemistry. The bio- 
chemical literature overlaps into the biological sciences, the physical sciences, the 
basic medical sciences, and information technology. The intent of the following 
discussion is to bring order to the many sources of information including text- 
books, reference books, research journals, and Internet Web sites that are available. 


Textbooks 


The student’s first exposure to biochemistry is usually a formal class accom- 
panied by the reading of a general textbook of biochemistry. By providing an 
in-depth survey of biochemistry, textbooks allow students to build a strong 
foundation of important principles and concepts. By the time most books are in 
print, the information is one to two years old, but textbooks should still be con- 
sidered the starting point for mastery of the fundamentals of biochemistry. Many 
textbooks are now available on-line and thus can be occasionally updated by 
their authors, or a Web site may be established for addition of new material. 


Reference Books 


For more specialized and detailed biochemical information that is not offered by 
textbooks, reference books must be used. Reference works range from general 
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surveys to specialized series. The best works are multivolume sets that continue 
publication of volumes on a periodic basis. Each volume usually covers a spe- 
cialized area with articles written by recognized authorities in the field. It should 
be noted that reference articles of interest to biochemists are often found in pub- 
lications that are not strictly biochemical. The best known and most widely used 
review publication is Annual Review of Biochemistry. Each volume in this series, 
which was introduced in 1932, contains several detailed and extensive articles 
written by experts in the field. For shorter reviews emphasizing current topics, 
Trends in the Biochemical Sciences (TIBS) is widely read. The active researcher has a 
continuing need for new methods and techniques. Several publications special- 
ize in providing details of research methods, and many research methods are 
now available on the Web. 


Research Journals 


The core of the biochemical literature consists of peer-reviewed research journals 
(primary literature). It is essential for a practicing biochemist to maintain a 
knowledge of biochemical advances in his or her field of research and related 
areas. Scores of research journals are published with the intent of keeping scien- 
tists up to date. Some research journals have achieved an especially excellent 
reputation, and articles therein are considered to be of the highest quality. 
A recent ranking of the biochemical journals, based on the number of citations 
received, produced the following order for the top six: Journal of Biological 
Chemistry, Biochimica et Biophysica Acta, Biochemistry, Proceedings of the National 
Academy of Sciences of the United States of America, Biochemical Journal, and 
Biochemical and Biophysical Research Communications. The core journals used by an 
individual depend on the area of specialty and are best determined from experi- 
ence (see Figure 1.5, p. 10). 

With the expansion of scientific information has come the need for efficient 
storage and use of research journals. Most publishers now provide journals on-line, 
and libraries pay the subscription cost for the journals they want. Students, fac- 
ulty, and researchers can then obtain articles free of charge. If your institution 
does not subscribe to a journal you need, it is possible to read article titles and 
abstracts on journal Web sites at no cost. If the complete text for an article is 
needed, usually there is a charge. The URLs for journals may be obtained by using 
a search engine. 


Literature Searches on the Web 


As you study and work in biochemistry, you will often need to complete a 
thorough literature search on some specialized area or topic. It is not practical to 
survey the hundreds of books, journals, and reports that may contain information 
related to the topic. Two publications that provide brief summaries of published 
articles, reviews, and patents are Chemical Abstracts and Biological Abstracts. If you 
are not familiar with the use of these abstracts, ask your instructor or reference 
librarian for assistance. Both of these abstracts are available on-line. 

Research articles of interest to biochemists may appear in many types of 
research journals. Research libraries do not have the funds necessary to subscribe 
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to every journal, nor do scientists have the time to survey every current journal 
copy for articles of interest. The computer revolution has reached into the 
chemical and biochemical literature, and most college and university libraries 
now subscribe to computer bibliographic search services. One such service is 
STN International, the scientific and technical information network. This on-line 
system allows direct access to some of the world’s largest scientific databases. 
The STN databases of most value to life scientists include BIOSIS Previews/RN 
(produced by Bio Sciences Information Service; covers original research reports, 
reviews, and U.S. patents in biology and biomedicine) and CA (produced by 
Chemical Abstracts service, covers research reports in all areas of chemistry 
including biochemistry). These networks provide on-line service, and their data- 
bases can be accessed from personal computers in the office, laboratory, or 
library. Subscription costs are usually paid by the library. 

Excellent Web sites for searching the biochemical literature using your 
personal computer are available as freeware. The most widely used site is: 


¢ PubMed from the National Center for Biotechnology Information (http:// 
www.pubmed.gov) 


PubMed is a service of the NIH National Library of Medicine. In addition to 
the direct URL listed above, it may be accessed through the NCBI site (http:// 
www.ncbi.nlm.nih.gov), National Library of Medicine site (http://www.nlm. 
nih.gov) or many other database Web sites. To begin a search, enter search terms 
in the dialogue box at the top of the home page. Search terms may be topics, 
author name, or journal name. Results are reported in a table, beginning with the 
most recent articles, with article titles, author(s), and journal reference. 


STUDY EXERCISE 2.5 Searching the Biochemical Literature 
on PubMed 


To illustrate the use of this search service, point your Web browser to the appropriate 
URL above for the PubMed home page. Many features on display are available, but 
the most basic is the search capability. For bibliographic searching, you may enter in the 
dialogue box a search term, author name, or journal name. For example, type in “human 
alpha-lactalbumin,” a calcium-binding protein found in milk. Clicking on “Search” will 
then provide more than 1100 citations (or articles). The lists are composed of article title, 
author(s), and reference in reverse chronological order. By clicking on the highlighted 
title (in hypertext), you can retrieve the abstract of the article. Another useful and time- 
saving feature is the hypertext (see “Related Articles”). Clicking on this will provide a list 
of papers related to the specific citation. The 1100 papers or so that you obtained in your 
original search are too many to screen; you may change the search parameters to reduce 
the number. For example, in the citation listing you see some interesting articles describ- 
ing that complexes formed between human a-lactalbumin and oleic acid have been 
reported to display apoptotic activity against tumor cells. You can narrow down the cita- 
tion list by searching the topic “complexes between human alpha-lactalbumin and oleic 
acid.” This yields about 12 results, a reasonable number of abstracts to read. Practice 
using PubMed with some terms you find interesting. 
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Sequence Homology in Proteins 


Another activity that is valuable in biochemical research is to seek proteins that 
have different functions, but similar sequences (sequence homology). These 
investigations can be done at a couple of Web sites: 


¢ Protein Data Bank (http: / / www.rcsb.org) 
¢ National Center for Biotechnology Information (http: //www.ncbi.nlm.nih. 
gov) 


Both Web sites compare biomolecules to seek to find regions of sequence 
similarity. 


STUDY EXERCISE 2.6 Using Databases aye 


The application of the primary databases and structural analytical tools will be intro- 
duced using a protein, a-lactalbumin from human milk. We will search databases to 
find and view its primary and secondary structure and also determine if there are other 
proteins with a similar amino acid sequence and structure. After completion of these 
exercises, you will be able to apply these computer tools to proteins of your own choice. 
Point your Web browser to the Protein Data Bank (PDB) and the Research Collaboratory 
for Structural Bioinformatics (http://www.rcsb.org). Become acquainted with the PDB 
by viewing the home page and perhaps clicking on some hyperlinks. Type “human 
alpha-lactalbumin” in the dialogue box at the top of the page and click on “Search.” 
Your query will find at least 14 structure hits. An appropriate structure to work with is 
number 1B90: human a-lactalbumin, low temperature form. Click on the highlighted 
title for a structure and more information about the protein. On the top tool bar, click on 
“Sequence.” The protein has one polypeptide chain and 123 amino acid residues. The 
sequence is given using one-letter abbreviations for amino acids. The sequence also 
shows locations of a-helices (41%) and beta sheets (9%). For a comparison of this 
protein with others in the database, click on “Sequence Similarity.” The resulting table 
provides the number of proteins with % sequence similarity ranging from 100% down 
to 30%. For example, there are three proteins that have 90% sequence homology and 
577 proteins that have 40% sequence homology. Click on the 40% column to see a list of 
the proteins, most of which are lysozymes. It is interesting to note that the proteins 
a-lactalbumin and lysozyme have similar primary, secondary, and tertiary structures, 
but quite different biochemical activities. The two proteins may have been derived from 
a common ancestral gene. You could also have used the BLAST tool at the NCBI site for 
the same analysis of sequence. 


Virtual Biochemistry Laboratories 


For some colleges and universities around the world, offering a “real” biochemistry 
laboratory course for students is not a possibility. Some of the reasons for this 
include a lack of expensive scientific instruments, equipment, and reagents; a 
scarcity of appropriate lab space; a lack of staff expertise; and an inability to fit 
scheduled lab time into a tight curriculum. Alternative activities for students are 
now available in the form of “virtual biochemistry labs” on the Web (Table 2.4). 
Although simulated labs should never be considered as a replacement or substitute 
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TABLE 2.4 Virtual Biochemistry Labs 





Name Description URL 
St. Olaf College Virtual Lab Manual http://www.stolaf.edu/people/muth/Labmanual.html 
Carnegie Mellon University Biology labs http://telstar.ote.cmu.edu/biology/lab/index.html 
Lund University Labs in bioanalytical http:/Awww.drylabs.com 

chemistry 


Changbioscience 
HHMI Interactive 


Study Problems 


Virtual labs for biologists — http:/Awww.changbioscience.com/virtualab.html 
Virtual labs in biology http:/Awww.hhmi.org/biointeractive 


for the real thing, especially for student majors in biochemistry, molecular biology, 
other biological sciences, and chemistry, they may be suitable for some students 
who will never work in a lab or manipulate lab data. In addition, viewing experi- 
ments and procedures in virtual labs may actually offer benefits to students who 
will perform similar experiments in the lab. The virtual lab may be considered a 
“prelab,” where students will become acquainted with equipment, techniques, and 
procedures and can more efficiently conduct real experiments in the lab. This expe- 
rience is especially important when students are dealing with expensive equipment 
and reagents. The virtual labs may also be considered a safety feature—students 
can receive training regarding the use of dangerous reagents and procedures. 


1. Use PubMed or an enzyme Web site to answer the following questions about the 

enzyme tyrosinase. 

(a) What are sources of the enzyme besides mushroom? 

(b) What metal ion is present in the native enzyme? 

(c) Find two references for the study of the inhibition of tyrosinase. What inhibitor 
molecules have been investigated? 

(d) Find another substrate for the enzyme besides L-DOPA. 

(e) Search for the three-dimensional structure of the enzyme. 

2. Use PubMed bibliographic searches to find two recent research articles 
authored by Thomas R. Cech, who won the Nobel Prize in Chemistry for the 
discovery of catalytic RNA (ribozymes). Write brief summaries of the articles. 

3. The technique of immobilized metal-ion affinity chromatography (IMAC) is widely 
used to purify proteins. Find two proteins that have recently been purified by this 
procedure. 

4. The Western blot procedure is now used to test human serum for the presence of anti- 
bodies to the AIDS virus. Find two publications that describe procedures for this 
assay. 

5. Use the REBASE site to determine the specificity of the restriction enzyme HindlIl. 

6. Use the techniques in Study Exercise 2.6 to find the amino acid sequence of the protein 
recombinant goat a-lactalbumin. What is the percent of a-helices and B-sheet 
secondary structure? 

7. What is the biological function of a-lactalbumin? 
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8. Study the nucleotide sequence for the human a-lactalbumin gene. Hint: Begin at the 
NCBI home page and enter Entrez. Click on “Nucleotides” and do a search for the 
protein. Review the GenBank report for a position of introns and exons. Obtain a 
FASTA report, download the files, and complete a BLAST search for related 
sequences. 

9. The December 2009 issue of The Scientist magazine listed the ten most exciting biotech 
tools to be introduced in 2009. One of the top ten is “protein expression using synthe- 
sized genes.” Write a paragraph of about 100 words that describes the new laboratory 
technique. Use computer bibliographic searches to learn about this new technology. 

10. Use the BLAST tool to compare the amino acid sequences for human a-lactalbumin 
and lysozyme. Repeat the process with the use of BLAST to compare the nucleotide 
sequences for the genes coding for a-lactalbumin and lysozyme. 


Further Reading 
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Education.” 

S. Cooper, Biochem. Mol. Biol. Educ. 29, 167-168 (2001). “Integrating Bioinformatics into 
Undergraduate Courses.” 

L. Furge et al., Biochem. Mol. Biol. Educ. 37, 26-36 (2009). “Vertical and Horizontal 
Integration of Bioinformatics Education.” 

J. Gu and P. Bourne (Editors), Structural Bioinformatics (Methods of Biochemical 
Analysis), 2nd ed. (2009), Wiley-Blackwell. 
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U.K.). 

A. Lesk, Introduction to Bioinformatics, 3rd ed. (2008), Oxford University Press (New 
York). 

J. Pevsner, Bioinformatics and Functional Genomics, 2nd ed. (2009), Wiley-Blackwell. 

J. Ramsden, Bioinformatics: An Introduction, 2nd ed. (2009), Springer-Verlag (New York). 

S. Rovner, Chem. Eng. News, July 27, 2009, pp. 54-57, “Digital Textbooks.” 
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Jones & Bartlett. 
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D. Weisman, Biochem. Mol. Biol. Educ. 38, 4—9 (2010). “Incorporating a Collaborative 
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M. Zvelebil and J. Baum, Understanding Bioinformatics (2007), Garland Science. 

http:/ /www.jce.divched.org /JCEWWW /Features /CERS 

The Journal of Chemical Education, Chemical Education Resource Shelf. For a complete 
list of current general biochemistry texts and lab manuals, scroll down to 
“Biochemistry.” 

http://www. biointeractive.org 

Virtual biology labs sponsored by Howard Hughes Medical Institute. 

http://www.vts.intute.ac.uk/ 

Helping you find the best Web sites for study and research. 

http://www.usg.edu/galileo/skills/unit01/infoage01_03.phtml 

What is research? The Online Library Learning Center of the University System of 
Georgia. 

http:/ /ugresearch.adm.ohio-state.edu/research.html 

What is undergraduate research? From The Ohio State University Undergraduate 
Research Office. 

http: / /en.wikipedia.org /wiki/Research 

Research defined; from Wikipedia. 

http:/ /www.sciencebuddies.org /mentoring /project_scientific_method.shtml 

Steps of the scientific method. 

http: / /en.wikipedia.org /wiki/Scientific_method 

The scientific method defined. 

http: / /en.wikipedia.org /wiki/Scientific_misconduct 

Ethics and scientific misconduct. 

http: //helios.hampshire.edu/~apmNS/design/RESOURCES/HOW_READ.html 

How to read a scientific paper. 

http:/ /www.changbioscience.com/virtualab.html 

Bioinformatics tools and resources for biomedical scientists and students. 

http:/ /www.ft.com/cms/s0/8aefbf52-d9el1-11de-b2d5-00144feabdc0.html 

Comment on the “Climategate” issue. 


Additional Web sites for this chapter are available on the book’s Companion Website, 
which can be found at http://www.chemplace.com. 


Computer Glossary 


bioinformatics the use of computer technology to solve biological problems. 

biological databases computer sites that organize, store, and disseminate files that con- 
tain information consisting of literature references, nucleic acid sequences, protein 
sequences, and protein structures. 

bookmark a function to save a Web site address for later use (Netscape Navigator). 
computational biochemistry the application of computer technology to the analysis, 
management, and manipulation of biochemical data. 

Ethernet a family of frame-based computer networking technologies for local area net- 
works. 

favorites the Internet Explorer form of a bookmark. 

freeware software that is provided free of charge by its developer. 
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home page _ the beginning page for access to a Web site. 

HTML HyperText Markup Language; a special, coded language that is used to write 
Web pages. 

hyperlink link or connection between related Web pages. 

hypertext a language that connects similar documents on the Web. 

Internet the worldwide matrix that allows all computers and networks to communicate 
with each other. 

multimedia several forms of media including text, graphics, video, and audio. 

search engine a searchable directory that organizes Web pages by subject classification. 
server a computer that acts as the storage site for retrievable data. 

URL uniform resource locator; a standard address form that identifies the location of a 
document on the Internet. 

Web site a collection of documents (Web pages) on a server. 

WWW World Wide Web (“the Web”); a component of the Internet that uses a hypertext- 
based language to provide resources. 
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or in an industrial biotech lab, are replete with techniques that must be carried out on 

an almost daily basis. This chapter outlines the theoretical and practical aspects of 
some of these general and routine procedures, including preparation of buffers, use of buffers, 
pH measurements, dialysis, membrane filtration, lyophilization, quantitative methods for 
protein and nucleic acid measurement, centrifugal vacuum concentration, and measurement 
of radioactive samples. 


A Il biochemistry experimental activities, whether in the teaching or research laboratory 


A. pH, BUFFERS, ELECTRODES, AND BIOSENSORS 


Most biological processes in the cell take place in a water-based environment. Water is an 
amphoteric substance; that is, it may serve as a proton donor (acid) or a proton acceptor 
(base). Equation 3.1 shows the ionic equilibrium of water. 


>> H,O == H* + OH™ (Eq. 3.1) 
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In pure water, [H*] = [OH~] = 10-7M; in other words, the pH or —log [H*] is 7. 
[The pH scale runs from 0 (very acidic) to 14 (very basic)]. Acidic and basic mole- 
cules, when dissolved in water in a biological cell or test tube, react with either 
hydrogen ions or hydroxide ions to shift the equilibrium of Equation 3.1 and result 
ina pH change of the solution. 

Biochemical processes occurring in cells and tissues depend on strict regula- 
tion of the hydrogen ion concentration. Natural acids and bases are often generated 
in cells by normal biological processes and they must be neutralized by buffers. 
Biological pH is maintained at a constant value by naturally-occurring buffer 
systems such as phosphate. When biological processes are studied in vitro, artificial 
media must be prepared that mimic the cell’s natural environment. Because of 
the dependence of biochemical reactions on pH, the accurate determination of 
hydrogen ion concentration has always been of major interest. Today, we consider 
the measurement and control of pH to be a simple and rather mundane activity. 
However, an inaccurate pH measurement or a poor choice of buffer can lead to fail- 
ure in the biochemistry laboratory. You should become familiar with several aspects 
of pH measurement, electrodes, and buffers. A table of commonly used acids and 
bases is shown in Appendix I. 


Measurement of pH 


A pH measurement is usually taken by immersing a glass or plastic combination 
electrode into a solution and reading the pH directly from a meter. At one time, 
pH measurements required two electrodes, a pH-dependent glass electrode sen- 
sitive to H* ions and a pH-independent calomel reference electrode. The poten- 
tial difference that develops between the two electrodes is measured as a voltage, 
as defined by Equation 3.2. 


2.303RT 


>> V = Evonstant + E 


(Eq. 3.2) 


where 


V = voltage of the completed circuit 
constant = potential of reference electrode 
R = the gas constant 
T = the absolute temperature 
F = the Faraday constant 
ApH meter is standardized with buffer solutions of known pH before a meas- 
urement of an unknown solution is taken. It should be noted from Equation 3.2 that 
the voltage depends on temperature. Hence, pH meters must have some means for 
temperature correction. Older instruments usually have a knob labeled “tempera- 


ture control,” which is adjusted by the user to the temperature of the measured so- 
lution. Newer pH meters automatically display a temperature-corrected pH value. 


Using the pH Electrode 


Most pH measurements today are obtained using a single combination electrode 
(Figure 3.1). Both the reference and the pH-dependent electrode are contained in 
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Electrodes are housed in either 
plastic or an all-glass body configu- 
ration. They can be either single 
cells or, as shown in the diagram, 
combined into one body for ease of 
use. Regardless of the configura- 
tion, there are several features com- 
mon to all electrodes. 


1. Sensing membrane glass: 
Performs actual measurement. 


2. Reference junction: Acts as a 
liquid-path electrical conductor. 








3. Internal reference: Supplies a 
constant equilibrium voltage. 








4. pH internal element: Supplies a 
voltage based on the pH value of 
the sample. 








5. Reference fill hole: Used to 
replace the reference electrolyte 












































1 











a, solution. 
Plastic Glass 
body body 


a single glass or plastic tube. Although these are more expensive than dual 
electrodes, they are much more convenient to use, especially for smaller volumes 
of solution. Using a pH meter with a combination electrode is relatively easy, but 
certain guidelines must be followed. A pH meter not in use is left in a “standby” 
position. Before use, check the level of saturated KCI in the electrode. If it is low, 
check with your instructor for the filling procedure. Turn the temperature control, 
if available, to the temperature of the standard calibration buffers and the test solu- 
tions. Be sure the function dial is set to pH. Lift the electrode out of the storage 
solution, rinse it with distilled water from a wash bottle, and gently clean and dry 
the electrode with a tissue. Immerse the electrode in a standard buffer. Common 
standard buffers are pH 4, 7, and 10 with an accuracy of +0.02 pH unit. The 
standard buffer should have a pH within two pH units of the expected pH of the 
test solution. The bulb of the electrode must be completely covered with solution. 
Turn the pH meter to “on” or “read” and adjust the meter with the “calibration 
dial” (sometimes called “intercept”) until the proper pH of the standard buffer is 
indicated on the dial. Turn the pH meter to the standby position. Remove the elec- 
trode and again rinse with distilled water and carefully blot dry with tissue. 
Immerse the electrode in a standard buffer of different pH and turn the pH meter 
to “read.” The dial should read within +0.05 pH unit of the known value. If it does 
not, adjust to the proper pH and again check the first standard pH buffer. Clean the 
electrode and immerse it in the test solution. Record the pH of the test solution. 
As with all delicate equipment, the pH meter and electrode must receive 
proper care and maintenance. All electrodes should be kept clean and stored in so- 
lutions suggested by manufacturers. Glass electrodes are fragile and expensive, so 


FIGURE 3.1. The 
combination pH 
electrode. 
Courtesy of Hanna 
Instruments; www. 
hannainst.com. 
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they must be handled with care. If pH measurements of protein solutions are often 
taken, a protein film may develop on the electrode; it can be removed by soaking 
in 5% pepsin in 0.1 M HCl for 2 hours and rinsing well with water. The pH instru- 
ment should always be set on “standby” when the electrode is not in a solution. 

Measurements of pH are always susceptible to experimental errors. Some 
common problems are: 


1. The Sodium Error Many glass combination electrodes are sensitive to 
Na® as well as H”. The sodium error can become quite significant at 
high pH values, where 0.1 MNa™ may decrease the measured pH by 
0.4 to 0.5 unit. Several things may be done to reduce the sodium error. 
Some commercial suppliers of electrodes provide a standard curve for 
sodium error correction. Newer electrodes that are virtually Na” imper- 
meable are now commercially available. If neither a standard curve nor a 
sodium-insensitive electrode is available, potassium salts may be substi- 
tuted for sodium salts. 

2. Concentration Effects The pH of a solution varies with the concentration 
of buffer ions or other salts in the solution. This is because the pH of a solu- 
tion depends on the activity of an ionic species, not on the concentration. 
Activity, you may recall, is a thermodynamic term used to define species in 
a nonideal solution. At infinite dilution, the activity of a species is equiva- 
lent to its concentration. At finite dilutions, however, the activity of a solute 
and its concentration are not equal. 

It is common practice in biochemical laboratories to prepare concen- 
trated “stock” solutions and buffers. These are then diluted to the proper 
concentration when needed. Because of the concentration effects described 
above, it is important to adjust the pH of these solutions after dilution. 

3. Temperature Effects The pH of a buffer solution is influenced by tempera- 
ture. This effect is due to a temperature-dependent change of the dissociation 
constant (pK,) of ions in solution. The pH of the commonly used buffer Tris 
is greatly affected by temperature changes, with a ApK,/C° of —0.031. This 
means that a pH 7.0 Tris buffer made up at 4°C would have a pH of 5.95 at 
37°C. The best way to avoid this problem is to prepare the buffer solution at 
the temperature at which it will be used and to standardize the electrode 
with buffers at the same temperature as the solution you wish to measure. 


Biochemical Buffers 


Buffer ions are used to maintain solutions at constant pH values. The selection of 

a buffer for use in the investigation of a biochemical process is of critical impor- 

tance. Before the characteristics of a buffer system are discussed, we will review 
some concepts in acid-base chemistry. 

Weak acids and bases do not completely dissociate in solution, but exist as 

equilibrium mixtures (Equation 3.3). 

ky 

>> HA == H* +A (Eq. 3.3) 
2. 

HA represents a weak acid and A’ represents its conjugate base; k; repre- 

sents the rate constant for dissociation of the acid and k the rate constant for 
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association of the conjugate base and hydrogen ion. The equilibrium constant, 
K,, for the weak acid HA is defined by Equation 3.4. 





* ky [HA] os 
which can be rearranged to define [H*] (Equation 3.5). 
K,[HA] 
>> H*|= ae eae (Eq. 3.5) 
a ane q 


The [H*] is often reported as pH, which is —log [H”]. Ina similar fashion, 
—log K, is represented by pK,. Equation 3.5 can be converted to the —log form 
by substituting pH and pK,: 


[A] 
[HA] 


Equation 3.6 is the familiar Henderson-Hasselbalch equation, which defines the 
relationship between pH and the ratio of acid and conjugate base concentrations. 
The salt of the acid (A_) is also referred to as the proton acceptor (A) and the acid 
(HA) as the proton donor (D). The Henderson-Hasselbalch equation is of great 
value in buffer chemistry because it can be used to calculate the pH of a solution if 
the molar ratio of buffer ions ([ A’ ]/[HA]) and the pK, of HA are known. Also, the 
molar ratio of HA to A’ that is necessary to prepare a buffer solution at a specific pH 
can be calculated if the pK, is known. 

A solution containing both HA and A‘ has the capacity to resist changes in 
pH; ie., it acts as a buffer. If acid (H*) were added to the buffer solution, it 
would be neutralized by A’ in solution: 





>> pH = pK, + log (Eq. 3.6) 


>> H* +A —>HA (Eq. 3.7) 
Base (OH ) added to the buffer solution would be neutralized by reaction with HA: 
>> OH" + HA —> A + H,O (Eq. 3.8) 


The most effective buffering system contains equal concentrations of the acid, HA, 
and its conjugate base, A . According to the Henderson-Hasselbalch equation (3.6), 
when [A] is equal to [HA], pH equals pK,. Therefore, the pK, of a weak acid-base 
system represents the center of the buffering region. The effective range of a buffer 
system is generally two pH units, centered at the pK, value (Equation 3.9). 


>> Effective pH range for a buffer = pK, + 1 (Eq. 3.9) 


Selection of a Biochemical Buffer 


Virtually all biochemical investigations must be carried out in buffered aqueous 
solutions. The natural environment of biomolecules and cellular organelles is under 
strict pH control. When these components are extracted from cells, they are most 
stable if maintained in their normal pH range, usually 6 to 8. An artificial buffer 
system is found to be the best substitute for the natural cell milieu. It should also be 
recognized that many biochemical processes (especially some enzyme processes) 
produce or consume hydrogen ions. The buffer system neutralizes these solutions 
and maintains a constant chemical environment. 
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FIGURE 3.2 
Effective buffering 
ranges of several 
common buffers. 
See Table 3.1 for 
abbreviations. 
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Although most biochemical solutions require buffer systems effective in the 
pH range 6 to 8, there is occasionally a need for buffering over the pH range 2 to 12. 
Obviously, no single acid—conjugate base pair will be effective over this entire 
range, but several buffer systems are available that may be used in discrete pH 
ranges. Figure 3.2 compares the effective buffering ranges of common biological 
buffers. It should be noted that some buffers (phosphate, succinate, and citrate) 
have more than one pK, value, so they may be used in different pH regions. Many 
buffer systems are effective in the usual biological pH range (6 to 8); however, there 
may be major problems in their use. Several characteristics of a buffer must be 
considered before a final selection is made. The molecular weights and pK values 
of several common buffer compounds are listed in Appendix III. Following is a 
discussion of the advantages and disadvantages of the commonly used buffers. 


Phosphate Buffers 


The phosphates are among the widely used buffers. These solutions have a high 
buffering capacity and are very useful in the pH range 6.5 to 7.5. Because phos- 
phate is a natural constituent of cells and biological fluids, its presence affords a 
more “natural” environment than many buffers. Sodium or potassium phos- 
phate solutions of all concentrations are commonly prepared with the use of the 
Henderson-Hasselbalch equation. The major disadvantages of phosphate solu- 
tions are: (1) precipitation or binding of common biological cations (Ca?* and 
Mg""), (2) inhibition of some biological processes, including some enzymes, 
and (3) limited useful pH range. 
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STUDY EXERCISE 3.1 Henderson-Hasselbalch Equation =r 


Here we will describe the calculation method for preparation of a sodium phosphate 
buffer of 0.05 M total phosphate concentration, pH of 7.0, and a total, final volume of 1 
liter. The Henderson-Hasselbalch equation (Equation 3.6) will be used to calculate the 
conjugate acid and conjugate base concentrations. At pH 7.0, the two forms of phos- 
phate present are: 


O O 


HO—P—O-Nat* + Ht 


OH O7-Nat 








Proton donor (D) Proton acceptor (A) 


We now use the Henderson-Hasselbalch equation with pH = 7.0 and pK = 7.21 (from 
Appendix IIT) to calculate the molar ratio: 


[A]/[D] = 0.62 


This gives only one equation, but two unknowns, the concentrations of A and D; there- 
fore, we need another quantitative relationship between [A] and [D]. We know that the 
total phosphate concentration ([A] + [D]) is 0.05 M, so: 


[A] + [D] = 0.05 


Using these two equations for A and D, we determine that we need 0.031 mole of 
D and 0.019 mole of A. The appropriate phosphate reagent forms available commer- 
cially are: 


D = donor: monobasic sodium phosphate monohydrate, NaH»,PO4*H 20 
(MW = 138); 0.031 mole. 
A = acceptor: dibasic sodium phosphate heptahydrate, NagHPO4*7H2O 
(MW = 268); 0.019 mole. 


Converting the number of moles of each reagent to grams: 


grams of D = 0.031 X 138 = 4.28 g 
grams of A = 0.019 X 268 = 5.09 g 


To prepare the solution, dissolve the appropriate amount of each reagent in about 
975 mL of purified water in a 1-liter beaker. Check the pH of the solution and adjust to 
7.0 by careful, dropwise addition (with stirring) of dilute NaOH or dilute phosphoric 
acid. Transfer the solution to a 1-liter volumetric flask, add water to the mark, mix well, 
and do a final check of the pH. 


Zwitterionic Buffers (Good’s Buffers) 


In the mid-1960s, N. E. Good and his colleagues recognized the need for a 
set of buffers specifically designed for biochemical studies (Good and 
Izawa, 1972). He and others noted major disadvantages of the established 
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buffer systems. Good outlined several characteristics essential in a biological 
buffer system: 


1. pK, between 6 and 8. 

. Highly soluble in aqueous systems. 

. Exclusion or minimal transport by biological membranes. 

. Minimal salt effects. 

. Minimal effects on dissociation due to ionic composition, concentration, 
and temperature. 

6. Buffer-metal ion complexes nonexistent or soluble and well defined. 

7. Chemically stable. 

8. Insignificant light absorption in the ultraviolet and visible regions. 

9. Readily available in purified form. 


Good investigated a large number of synthetic zwitterionic buffers and found 
many of them to meet these criteria. Table 3.1 lists several of these buffers and their 
properties. Good’s buffers are widely used, but their main disadvantage is high cost. 
Some zwitterionic buffers, such as Tris, HEPES, and PIPES, have been shown to 
produce radicals under a variety of experimental conditions, so they should be 
avoided if biological redox processes or radical-based reactions are being studied. 
Radicals are not produced from MES or MOPS buffers. 

The use of the synthetic zwitterionic buffer Tris [Tris(hydroxymethy]l)- 
aminomethane] is now probably greater than that of phosphate. It is useful in the 
PH range 7.5 to 8.5. Tris is available in a basic form as highly purified crystals, 
which makes buffer preparation especially convenient. Although Tris is a primary 
amine, it causes minimal interference with biochemical processes and does not 
precipitate calcium ions. However, Tris has several disadvantages, including: 
(1) pH dependence on concentration, since the pH decreases 0.1 pH unit for 
each 10-fold dilution; (2) interference with some pH electrodes; and (3) a large 
ApK,/C° compared to most other buffers. Most of these drawbacks can be mini- 
mized by: (1) adjusting the pH after dilution to the appropriate concentration, 
(2) purchasing electrodes that are compatible with Tris, and (3) preparing the 
buffer at the temperature at which it will be used. 


== STUDY EXERCISE 3.2 Buffer Made by Titration 


We will illustrate the preparation of a Tris buffer using the titration method. (In Study 
Exercise 3.1, we used the calculation method to prepare the phosphate buffer.) Because 
Tris is commercially available in highly purified crystals, Tris Base (MW = 121.1), the ap- 
propriate amount may be weighed, dissolved in water, and titrated to the desired pH with 
an acid, usually HCl. For 1 liter of 0.1 M Tris-HCI buffer, pH 7.0, dissolve 12.11 g (0.1 mole) 
of Tris Base in about 975 mL of purified water in a 1-liter beaker. Adjust the pH (originally 
about 10) to 7.0 by careful, dropwise addition of concentrated hydrochloric acid. This 
should be done ina 1-liter beaker with gentle stirring. Transfer the solution to a 1-liter vol- 
umetric flask, add water to the mark, mix well, and make a final check of the pH. 

As you can see by comparing the two procedures, the titration method for buffer 
preparation is faster and much more convenient than the calculation method. Is it 
possible to prepare the phosphate buffer in Study Exercise 3.1 by using the titration 
method? If so, describe the reagent(s) needed and the procedure you would use. 
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Carboxylic Acid Buffers 


The most widely used buffers in this category are acetate, formate, citrate, and 
succinate. This group is useful in the pH range 3 to 6, a region that offers few 
other buffer choices. All of these acids are natural metabolites, so they may inter- 
fere with the biological processes under investigation. Also, citrate and succinate 
may interfere by binding metal ions (Fe**,Ca*, Zn?*, Mg**, etc.). Formate 
buffers are especially useful because they are volatile and can be removed by 
evaporation under reduced pressure. 





Borate Buffers 


Buffers of boric acid are useful in the pH range 8.5 to 10. Borate has the major dis- 
advantage of complex formation with many metabolites, especially carbohydrates. 


Amino Acid Buffers 


The most commonly used amino acid buffers are glycine (pH 2 to 3 and 9.5 to 
10.5), histidine (pH 5.5 to 6.5), glycine amide (pH 7.8 to 8.8), and glycylglycine 
(pH 8 to 9). These provide a more “natural” environment similar to cellular 
components and extracts; however, they may interfere with some biological 
processes, as do the carboxylic acid and phosphate buffers. 


Buffer Dilutions 


In biochemistry lab activities, buffers of many different concentrations and volumes 
are required. It is usually not practical, economical, or convenient to prepare all 
needed buffers from scratch. However, it is possible to have available a few con- 
centrated stock buffer solutions that may be diluted to produce a new buffer solu- 
tion of desired concentration and amount. 

Dilutions are usually defined in the following way: A dilution of 1 mL to 
10 mL (also 1:10; or 1 to 10) means that you take 1 mL of stock solution and add 
water to a final total volume of 10 mL. It is important to note that the amount of 
the buffer components taken from the stock solution is equal to the amount of 
buffer components in the diluted solution. However, the concentration of the 
buffer components has been changed. If the stock solution above had a buffer 
concentration of 0.5 M, then the 1:10 diluted solution has a buffer concentration 
of 0.05 M. 

Two kinds of dilutions, linear and serial, are used most often in biochemistry. 


¢ Linear dilutions Table 3.2 shows the results of a linear dilution process 
in which a stock solution of 1 M is used to produce samples of different 
concentrations. Note that there is a linear (progressive) decrease in the 
concentration of the diluted samples, but the final volumes remain the 
same (10 mL). The volume of stock solution to use in each case is calculated 
from the following relationship: 


volume (diluted) < concentration (diluted) 





volume (stock) = 
( ) concentration (stock) 
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TABLE 3.2 Example of a Linear Dilution Process 


Stock (M) Final dilution (MW)  Stock(mL) Water(mL)* — Final volume (mL) 


1.0 0.80 8.0 2.0 10 
1.0 0.60 6.0 4.0 10 
1.0 0.40 4.0 6.0 10 
1.0 0.20 2.0 8.0 10 
1.0 0.00 0.0 10.0 10 


*Because all solutions are not additive, this number is the approximate amount of water needed to bring the 
final volume to 10 mL. It may be necessary to add a few drops of water to bring the final volume to 10 mL. 


Sample calculation for the first diluted solution in Table 3.2: 


10mL X 0. 
volume (stock) = 2m va 8.0 mL 








e Serial dilutions Here dilution starts with a stock buffer solution and then 

each diluted solution produced is used to prepare the next, etc. For example: 

2.0 mL of Solution I is diluted to a final volume of 100 mL (Solution II) 

2.0 mL of Solution II is diluted to a final volume of 100 mL (Solution III) 

2.0 mL of Solution III is diluted to a final volume of 100 mL (Solution IV) 

If Solution I has a buffer concentration of 10 M and water is used for dilu- 
tion in each case, what is the buffer concentration of Solution II? 

The equation above for linear dilution may also be used here: 


_ 2.0mL xX 10M _ 
100 mL 





For Solution II: concentration (diluted ) 0.2M 


& STUDY EXERCISE 3.3 Serial Dilutions 


What are the concentrations of Solutions HI and IV made from the above serial 
dilution? 


The Oxygen Electrode 


Second in popularity only to the pH electrode is the oxygen electrode. This de- 
vice is a polarographic electrode system that can be used to measure oxygen con- 
centration in a liquid sample or to monitor oxygen uptake or evolution by a 
chemical or biological system. 

The basic electrode was developed by L. C. Clark, Jr. in 1953. The popular 
Clark-type oxygen electrode with biological oxygen monitor is shown in Figure 3.3. 
The electrode system, which consists of a platinum cathode and silver anodes, 
is molded into an epoxy block and surrounded by a Lucite holder. A thin Teflon 
membrane is stretched over the electrode end of the probe and held in place with an 
O-ring. The membrane separates the electrode elements, which are bathed in an 
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electrolyte solution (saturated KCI), from the test solution in the sample chamber. 
The membrane is permeable to oxygen and other gases, which then come into 
contact with the surface of the platinum cathode. If a suitable polarizing voltage 
(about 0.8 volt) is applied across the cell, oxygen is reduced at the cathode. 


Oy + 2e° + 2H,O — > [H202] + 20H™ 
[H,02] + 2e° —~> 20H™ 
Total O» + 4e + 2H,O —~ 40H 
The reaction occurring at the anode is 
4Ag° + 4Cl” ——> 4AgCl + 4e7 
The overall electrochemical process is 
4Ag° + Oy + 4Cl” + 2H,0 —> 4AgCl + 40H™ 


The current flowing through the electrode system is, therefore, directly pro- 
portional to the amount of oxygen passing through the membrane. According to the 
laws of diffusion, the rate of oxygen flowing through the membrane depends on 
the concentration of dissolved oxygen in the sample. Therefore, the magnitude of 
the current flow in the electrode is directly related to the concentration of dissolved 
oxygen. The function of the electrode can also be explained in terms of oxygen pres- 
sure. The oxygen concentration at the cathode (inside the membrane) is virtually 
zero because oxygen is rapidly reduced. Oxygen pressure in the sample chamber 
(outside the membrane) will force oxygen to diffuse through the membrane at a rate 
that is directly proportional to the pressure (or concentration) of oxygen in the test 
solution. The current generated by the electrode system is electronically amplified 
and transmitted to a meter, which usually reads in units of % oxygen saturation. 

Many biochemical processes consume or evolve oxygen. The oxygen elec- 
trode is especially useful for monitoring such changes in the concentration 
of dissolved oxygen. If oxygen is consumed, for example, by a suspension of 


FIGURE 3.3 
Biological oxygen 
monitor, YSI 
Model 5300A. 
Courtesy of YS/ 
Life Sciences; 
www.ysi.com. 
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FIGURE 3.4 
Components of a 
biosensor system 
for determining the 
identity and 
concentration of 
biomolecule A. A is 
stoichiometrically 
converted to B bya 
specific enzyme in 
the reaction center. 
The concentration 
of B is measured by 
the sensor. 


mitochondria or by an oxygenase enzyme system, the rate of oxygen diffusion 
through the probe membrane will decrease, leading to less current flow. A linear 
relationship exists between the electrode current and the amount of oxygen con- 
sumed by the biological system. 

The use of an oxygen electrode is not free of experimental and procedural 
problems. Probably the most significant source of trouble is the Teflon mem- 
brane. A torn, damaged, or dirty membrane is easily recognized by recorder 
noise or electronic “spiking.” Temperature control of the sample chamber and 
electrode is essential because the rate of oxygen diffusion through the membrane 
is temperature dependent. The sample chamber is equipped with a bath assem- 
bly for temperature regulation and magnetic stirrer in order to maintain a con- 
stant oxygen concentration throughout the solution. Air bubbles in the sample 
chamber lead to considerable error in measurements and must be removed. 


Biosensors 


Electrodes or electrode-like devices are currently being developed for the 
specific measurement of physiologically important molecules such as urea, car- 
bohydrates, enzymes, antibodies, and metabolic products. This type of device, 
now referred to as a biosensor, is an analytical tool or system consisting of 
an immobilized biological material (such as an enzyme, antibody, whole cell, 
organelle, or combinations thereof) in intimate contact with a suitable trans- 
ducer device that will convert the biochemical signal into a quantifiable electric 
signal. The important components of a biosensor as shown in Figure 3.4 are: 
(1) a reaction center consisting of a membrane or gel containing the biochemi- 
cal system to be studied, (2) a transducer, (3) an amplifier, and (4) a computer 
system for data acquisition and processing. When biomolecules in the reaction 
center interact, a physicochemical change occurs. This change in the molecular 
system, which may be a modification of concentration, absorbance, mass, 
conductance, or redox state, is converted into an electrical signal by the trans- 
ducer. The signal is then amplified and displayed on a computer screen. Each 
biosensor is specifically designed for a particular type of molecule or biological 
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interaction; therefore, details of construction and function vary. Some specific 
examples of biosensors include: 


1. Electrodes based on enzyme activity. These are selective and sensitive devices 
that may be used to measure substrate concentrations. A biosensor based on 
glucose oxidase is used to measure the concentration of glucose by detecting 
the production of H2O>. 


Glucose + O2 == gluconicacid + HO» 


2. Optical biosensors that respond to the absorption of light from a laser. The 
optical response is transmitted to a computer by a fiber-optic system. 


B. MEASUREMENT OF PROTEIN SOLUTIONS 


Biochemical research often requires the quantitative measurement of protein 
concentrations in solutions. Several techniques for such measurement have been 
developed; however, most have limitations because either they are not sensitive 
enough or they are based on reactions with specific amino acids in the protein. 
Since the amino acid content varies from protein to protein, no single assay will 
be suitable for all proteins. In this section, we discuss five assays: three older, 
classical methods that are occasionally used today and two other methods that 
are widely used. In four of the methods, chemical reagents are added to protein 
solutions to develop a color whose intensity is measured in a spectrophotometer. 
A “standard protein” of known concentration is also treated with the same 
reagents and a calibration curve is constructed. The other assay relies on a direct 
spectrophotometric measurement. None of the methods is perfect because each 
is dependent on the amino acid content of the protein. However, each will pro- 
vide a satisfactory result if the proper experimental conditions are used and/or a 
suitable standard protein is chosen. Other important factors in method selection 
include the sensitivity and accuracy desired, the presence of interfering sub- 
stances, and the time available for the assay. The various methods are compared 
in Table 3.3. 


The Biuret and Lowry Assays 


When substances containing two or more peptide bonds react with the biuret 
reagent, alkaline copper sulfate, a purple complex is formed. The colored prod- 
uct is the result of coordination of peptide nitrogen atoms with Cu**. The 
amount of product formed depends on the concentration of protein. 

In practice, a calibration curve must be prepared by using a standard 
protein solution. The very best protein to use as a standard is a purified prepa- 
ration of the protein to be assayed. Since this is rarely available, the experi- 
menter must choose another protein as a relative standard. A relative standard 
must be selected that provides a similar color yield. An aqueous solution of 
bovine serum albumin (BSA) is a commonly used standard. Various known 
amounts of this solution are treated with the biuret reagent, and the color is 
allowed to develop. Measurements of absorbance at 540 nm (A549) are made 
against a blank containing biuret reagent and buffer or water. The A549 data 
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TABLE 3.3 Methods for Protein Measurement 





Method Sensitivity Time Principle Interferences Comments 
Biuret Low 1-20 mg = Moderate _—_— Peptide bonds + Zwitterionic Similar color with all 
20-30 min — alkaline Cu2* > buffers, some proteins. Destructive 
purple complex amino acids to protein samples. 
Lowry High ~5 wg Slow (1) Biuret reaction Ammonium Time-consuming. 
40-60 min (2) Reduction of sulfate, glycine, Intensity of color 
phosphomolybdate- —_ zwitterionic varies with proteins. 
phosphotungstate buffers, Critical timing of 
by Tyr and Trp mercaptans procedure. 
Destructive to protein 
samples. 
Bradford High ~1 wg Rapid 15 Amax Of Coomassie Strongly basic Stable color that 
min dye shifts from 465 _ buffers; varies with proteins. 
nm to 595 nm detergents Triton Reagents 
when protein- X-100, SDS commercially 
bound available. Destructive 
to protein samples. 
Discoloration of 
glassware. 
BCA High 1 wg Slow 60 (1) Biuret reaction EDTA, DTT, Compatible with 
min (2) Copper complex = ammonium detergents. Reagents 
with BCA; sulfate commercially 
Amax = 562 nm available. Destructive 
to protein samples. 
Spectro- Moderate Rapid Absorption of 280- —_- Purines, Useful for 
photometric 50— 1000ug 5-10 min nm light by pyrimidines, monitoring column 
(A280) aromatic residues nucleic acids eluents. Nucleic acid 


absorption can be 
corrected. 
Nondestructive to 
protein samples. 
Varies with proteins. 


are plotted versus protein concentration (mg/mL) or amount of protein (mg). 
Unknown protein samples are treated with biuret reagent and the As4g is 
measured after color development. The protein concentration is determined 
from the standard curve. The biuret assay has several advantages, including 
speed, similar color development with different proteins, and few interfering 
substances. Its primary disadvantage is its lack of sensitivity. 

The Lowry protein assay is one of the more sensitive assays and has been 
widely used. The Lowry procedure can detect protein levels as low as 5 wg. The 
principle behind color development is identical to that of the biuret assay except 
that a second reagent (Folin-Ciocalteu) is added to increase the amount of color de- 
velopment. Two reactions account for the intense blue color that develops: (1) the 
coordination of peptide bonds with alkaline copper (biuret reaction), and (2) the 
reduction of the Folin-Ciocalteu reagent (phosphomolybdate-phosphotungstate) 
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by tyrosine and tryptophan residues in the protein. The procedure is similar to that 
of the biuret assay. A standard curve is prepared with bovine serum albumin or 
other pure protein, and the concentration of unknown protein solutions is deter- 
mined from the graph. 

The obvious advantage of the Lowry assay is its sensitivity, which is up to 
100 times greater than that of the biuret assay; however, more time is required for 
the Lowry assay. Since proteins have varying contents of tyrosine and trypto- 
phan, the amount of color development changes with different proteins, includ- 
ing the bovine serum albumin standard. Because of this, the Lowry protein assay 
should be used only for measuring changes in protein concentration, not ab- 
solute values of protein concentration. 


The Bradford Assay 


The many limitations of the biuret and Lowry assays have encouraged researchers 
to seek better methods for quantitation of protein solutions. The Bradford assay, 
based on protein binding of a dye, provides numerous advantages over other 
methods. The binding of Coomassie Brilliant Blue dye (Figure 3.5) to protein in 
acidic solution causes a shift in wavelengh of maximum absorption (Ajjqx) of the 
dye from 465 nm to 595 nm. The absorption at 595 nm is directly related to the con- 
centration of protein. The dye reagent interacts primarily with positively-charged 
(basic) amino acid residues (arginyl, lysyl, and histidyl) in proteins. In addition, 
there are probably weaker interactions between the dye molecules and hydropho- 
bic, aromatic amino acid residues (tyrosinyl, phenylalanyl, and tryptophany]l). 
Proteins that have more than an average number of these interacting residues 
show higher sensitivity and thus higher absorbance values at 595 nm. 

In practice, a calibration curve is prepared by plotting wg of standard protein 
versus absorbance at 595 nm, which is then used to estimate the amount of protein 
in unknown samples (Figure 3.6). Recommended standard proteins include bovine 
gamma globulin (IgG), lysozyme, and ovalbumin because they have closer to the 
average or typical number of amino acid residues that bind the dye (see above). 
Although BSA is often recommended in the literature, it is not a good choice for a 
standard for the Bradford assay, as it has a high content of reacting amino acid 
residues. The 595 nm absorbance of BSA is about 2.1 times that of IgG (Figure 3.6). 

The assay requires only a single reagent, an acidic solution of Coomassie 
Brilliant Blue G-250. After addition of dye solution to a protein sample, color 
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FIGURE 3.5 
Coomassie Brilliant 
Blue G-250 dye is 
used to measure 
protein 
concentration in 
the Bradford assay. 
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FIGURE 3.6 
Student-generated, 
standard 
calibration curves 
for the Bradford 
protein assay using 
bovine gamma 
globulin (IgG, « 
and bovine serum 
albumin (BSA, LD) as 
the protein 
standards. 
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development is complete in 2 minutes and the color remains stable for up to 
1 hour. The sensitivity of the Bradford assay rivals and may surpass that of 
the Lowry assay. With a microassay procedure, the Bradford assay can be used to 
determine proteins in the range of 1 to 20 ug. The Bradford assay shows signifi- 
cant variation with different proteins, but this also occurs with the Lowry assay 
and can be avoided by use of the proper protein standard. The Bradford method 
not only is rapid, but also has very few interferences by nonprotein components. 
The only known interfering substances are the detergents Triton X-100 and sodi- 
um dodecyl sulfate. The many advantages of the Bradford assay have led to its 
wide adoption in biochemical research laboratories. 


The BCA Assay 


The BCA protein assay is based on chemical principles similar to those of the 
biuret and Lowry assays. The protein to be analyzed is reacted with Cu** (which 
produces Cu") and bicinchoninic acid (BCA). The Cu” is chelated by BCA, which 
converts the apple-green color of the free BCA to the purple color of the copper- 
BCA complex. Samples of unknown protein and relative standard are treated with 
the reagent, the absorbance is read in a spectrophotometer at 562 nm, and concen- 
trations are determined from a standard calibration curve. This assay has the same 
sensitivity level as the Lowry and Bradford assays. Its main advantages are its 
simplicity and its usefulness in the presence of 1% detergents such as Triton or 
sodium dodecyl sulfate (SDS). 


The Spectrophotometric Assay 


Most proteins have relatively intense ultraviolet light absorption centered at 
280 nm. This is due to the presence of aromatic tyrosine and tryptophan 
residues in the protein. However, the amount of these amino acid residues 
varies in different proteins, as was pointed out earlier. If certain precautions 
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are taken, the Ago value of a protein solution is proportional to the protein 
concentration. In practice, the procedure is simple and rapid. A protein solu- 
tion is transferred to a quartz cuvette and the Aggq is read against a reference 
cuvette containing the protein solvent only (buffer, water, etc.). For the average 
protein, a concentration of 1 mg/mL will yield an absorbance at 280 nm of 
about 1. If the extinction coefficient is known for the protein, its exact concen- 
tration may be calculated from the absorbance at 280 nm. 

Cellular extracts contain many other compounds that absorb in the vicin- 
ity of 280 nm. Nucleic acids, which can be common contaminants in a protein 
extract, absorb strongly at 280 nm (Ajjq, = 260). Early researchers developed 
a method to correct for this interference by nucleic acids. Mixtures of pure 
protein and pure nucleic acid were prepared, and the ratio Ag9/A26q was 
experimentally determined. The following empirical equation may be used 
for protein solutions containing up to 20% nucleic acids. 


Protein concentration (mg/mL) = 1.55A2g9 — 0.76A2¢60 


Although the spectrophotometric assay of proteins is fast, relatively sensi- 
tive, and requires only a small sample size, it is still only an estimate of protein 
concentration unless its extinction coefficient is known. It has certain advantages 
over the colorimetric assays in that most buffers and ammonium sulfate do 
not interfere and the procedure is nondestructive to protein samples. The 
spectrophotometric assay is particularly suited to the rapid and continuous 
measurement of protein elution from a chromatography column, where only 
protein concentration changes are required. 


C. MEASUREMENT OF NUCLEIC ACID SOLUTIONS 
The Spectrophotometric Assay 


Solutions of nucleic acids strongly absorb ultraviolet light with a Aja, of 260 nm. 
The intense absorption is due primarily to the presence of aromatic rings in the 
purine and pyrimidine bases. The concentration of nucleic acid in a solution can 
be calculated if one knows the value of A2¢9 of the solution. A solution of double- 
stranded DNA at a concentration of 50 ug/mL in a 1-cm quartz cuvette will give 
an A 69 reading of about 1.0. A solution of single-stranded DNA or RNA that has 
an A269 of 1.0 in a cuvette with a 1-cm path length has a concentration of about 
40 pg/mL. 

The spectrophotometric assay for nucleic acids is simple, rapid, nonde- 
structive, and very sensitive; however, it should be noted that it measures both 
DNA and RNA. The minimum concentration of nucleic acid that can be accu- 
rately determined is 2.5—5.0 wg/mL. 

Measuring the ultraviolet absorption of DNA and RNA solutions can also 
provide a useful structural probe and an indication of purity. DNA structural 
changes such as helix unwinding may be detected by measuring absorbance 
changes of DNA solutions at 260 nm. The ratio of Az¢6o/A289 is often used as a 
relative measure of the purity of nucleic acid solutions. Pure DNA with little or 
no protein present has an absorbance ratio of about 1.8. Pure RNA has a ratio of 
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about 2. Absorbance ratios less then these numbers indicate contamination of 
the solution by protein material. 


STUDY EXERCISE 3.4 Nucleic Acid Concentrations 


Two solutions, one of double-stranded DNA and one of single-stranded RNA, were 
transferred to 1-cm quartz cuvettes and the absorbance (A) at 260 nm of each of the so- 
lutions was found to be 0.15. What are the concentrations of the DNA and RNA solu- 
tions? Hint: Recall that a standard solution of double-stranded DNA at a concentration 
of 50 wg /mL ina 1-cm quartz cuvette will yield an A269 reading of about 1.0. A solution 
of single-stranded DNA or RNA that has an A»¢Q9 of 1.0 in a cuvette with a 1-cm path 
length has a concentration of about 40 yg /mL. 


Other Assays for Nucleic Acids 


The spectrophotometric assay for nucleic acids, DNA and RNA, is simple and 
rapid, but it does not have a sufficient level of sensitivity for many applications. 
Other assays for DNA and RNA depend on the enhanced fluorescence of dyes 
when bound to nucleic acids. Features of fluorescence assays are compared to 
the spectrophotometric assay in Table 3.4. 

The fluorescence dye bisbenzimidazole, when bound to DNA, emits light 
at 458 nm that is about five times greater in intensity than the emission by free, 
unbound dye. The increase in fluorescence is linear with increasing amounts of 
DNA in the concentration range of 0.01 wg/mL to 5 wg/mL. One special advan- 
tage of this assay is that it can be used to quantify DNA in cell suspensions and 
crude homogenates. It does not respond to RNA or other biomolecules in the ex- 
tracts. The assay is fast and requires only a fluorimeter, an instrument found in 
most laboratories. 


TABLE 3.4 Measurement of Nucleic Acid Solutions 





Method Sensitivity Time Principle Interferences Comments 

Spectro- High 2.5 4g Rapid Absorption of Proteins Protein absorption may 
photometric 5-10 min 260 nm light by be corrected. Azgo/A260 
(A260) aromatic bases indicates purity. 


Bisbenzimidazole 


EtBr-Agarose 


Nondestructive. Measures 
both DNA and RNA. 


Very high Rapid Enhancement None known Not reliable with 

10 ng 5-10 min of fluorescence plasmids or small DNA. 
of dye when Does not measure RNA. 
bound to DNA May be used with crude 


extracts. Nondestructive. 


Very high Moderate Fluorescence of | None known Measures DNA and RNA. 


1-10 ng 30-45 min bound EtBr 
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Another simple and relatively inexpensive fluorescence method uses 
ethidium bromide—agarose plates. The fluorescence emission of ethidium bro- 
mide (EtBr) at 590 nm is enhanced about 25-fold when the dye interacts with 
DNA. DNA samples for measurement are spotted onto 1% agarose containing 
(EtBr) in a Petri dish or spot plates. The samples are exposed to UV light and 
photographed, and the light intensity is compared to standard samples of 
DNA. This method is sensitive (in the 1-10 ng range), but it detects both DNA 
and RNA. 


D. TECHNIQUES FOR SAMPLE PREPARATION 
Dialysis 


One of the oldest procedures applied to the purification and characterization of 
biomolecules is dialysis, an operation used to separate dissolved molecules on the 
basis of their molecular size. The technique involves sealing an aqueous solution 
containing both macromolecules and small molecules in a porous membrane. 
The sealed membrane is placed in a large container of low-ionic-strength buffer. 
The membrane pores are too small to allow diffusion of macromolecules of molec- 
ular weight greater than about 10,000. Smaller molecules diffuse freely through 
the openings (Figure 3.7). The passage of smaller molecules continues until their 
concentrations inside the dialysis tubing and outside in the large volume of buffer 
are equal. Thus, the concentration of small molecules inside the membrane is 
reduced. Equilibrium is volume dependent and is reached after 4 to 6 hours. 
Of course, if the outside solution (dialysate) is replaced with fresh buffer after equi- 
librium is reached, the concentration of small molecules inside the membrane will 
be further reduced by continued dialysis. 

Dialysis membranes are available in a variety of materials and sizes. The 
most common materials are collodion, cellophane, and cellulose. Recent 
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modifications in membrane construction make a range of pore sizes available. 
Spectrum Laboratories offers Spectra/Por membrane tubing with complete 
molecular weight cutoffs ranging from 100 to 300,000. 

Dialysis is most commonly used to remove salts and other small molecules 
from solutions of macromolecules. During the separation and purification of 
biomolecules, small molecules are added to selectively precipitate or dissolve 
the desired molecule. For example, proteins are often precipitated by addition of 
organic solvents or salts such as ammonium or sodium sulfate. Since the presence 
of organics or salts usually interferes with further purification and characterization 
of the molecule, they must be removed. Dialysis is a simple, inexpensive, and effec- 
tive method for removing all small molecules, ionic or nonionic. 

Dialysis is also useful for removing small ions and molecules that are 
weakly bound to biomolecules. Protein cofactors such as NAD, FAD, and metal 
ions can often be dissociated by dialysis. The removal of metal ions is facilitated 
by the addition of a chelating agent (EDTA) to the dialysate. 

Dialysis of small-volume samples (less than 3 mL) is often tedious, incon- 
venient, and inefficient. Commercial vials for dialysis are now available for sam- 
ple sizes from 0.05 to 3.0 mL, with molecular weight cutoffs ranging from 3500 to 
14,000 daltons. For example, GeBA flex tubes, offered by Gene Bio-Applications, 
may be used for dialysis (the removal of small molecules like urea, detergents, 
and ethidium bromide), buffer exchange, sample concentration, and electroelu- 
tion of protein and nucleic acid samples (see Chapter 6). 


Ultrafiltration 


Although dialysis is still used occasionally as a purification tool, it has been 
largely replaced by ultrafiltration and gel filtration (see Chapter 5, Section E, 
p- 132). The major disadvantage of dialysis that is overcome by the newer meth- 
ods is that it may take several days of dialysis to attain a suitable separation. The 
other methods require 1 to 2 hours or less. 

Ultrafiltration involves the separation of molecular species on the basis of 
size, shape, and/or charge. The solution to be separated is forced through a 
membrane by an external force. Membranes may be chosen for optimum flow 
rate, molecular specificity, and molecular weight cutoff. Two applications of 
membrane filtration are obvious: (1) desalting buffers or other solutions, and 
(2) clarification of turbid solutions by removal of micron- or submicron-sized 
particles. Other applications are discussed below. 

Ultrafiltration membranes have molecular weight cutoffs in the range of 
100 to 1,000,000. They are usually composed of two layers: (1) a thin (0.1-0.5 wm), 
surface, semipermeable membrane made from a variety of materials including 
cellulose acetate, nylon, and polyvinylidene, and (2) a thicker, inert, support 
base (Figure 3.8). These filters function by retaining particles on the surfaces, not 
within the base matrix. 

Membrane filters of these materials can be manufactured with a predeter- 
mined and accurately controlled pore size. Filters are available with a mean pore 
size ranging from 0.025 to 15 wm. These filters require suction, pressure, or cen- 
trifugal force for liquid flow. A typical flow rate for the commonly used 0.45—ym 
membrane is 57 mL min”! cm ~ at 10 psi. 
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Ultrafiltration devices are available for macroseparations (up to 50 L) or for 
microseparations (milli- to microliters). For solutions larger than a few milli- 
liters, gas-pressurized cells or suction-filter devices are used. For concentration 
and purification of samples in the milli- to microliter range, disposable filters are 
available. These devices, often called microconcentrators, offer the user 
simplicity, time saving, and high recovery. The sample is placed in a reservoir 
above the membrane and centrifuged. The time and centrifugal force required 
depend on the membrane, with spin times varying from 30 minutes to 2 hours 
and forces from 1000 x g to 7500 < g. Figure 3.9 outlines the use of a centrifuge 
microfilter. 

The principles behind ultrafiltration are sometimes misunderstood. The 
nomenclature implies that separations are the result of physical trapping of the 
particles and molecules by the filter. With polycarbonate and fiberglass filters, 
separations are made primarily on the basis of physical size. Other filters (cellu- 
lose nitrate, polyvinylidene fluoride, and to a lesser extent cellulose acetate) trap 
particles that cannot pass through the pores, but also retain macromolecules by 
adsorption. In particular, these materials have protein- and nucleic acid-binding 
properties. Each type of membrane displays a different affinity for various 
molecules. For protein, the relative binding affinity is polyvinylidene fluoride > 
cellulose nitrate > cellulose acetate. We can expect to see many applications of the 
“affinity membranes” in the future as the various membrane surface chemistries 
are altered and made more specific. Some applications are described in the 
following pages. 


Clarification of Solutions 


Because of low solubility and denaturation, solutions of biomolecules or cellular 
extracts are often turbid. This is a particular disadvantage if spectrophotometric 
analysis is desired. The transmittance of turbid solutions can be greatly increased 
by passage through a membrane filter system. 


FIGURE 3.8 
Electron 
micrograph of an 
ultrafiltration 
membrane showing 
the two layers. 
Particles greater 
than 0.1 wm in 
diameter are 
retained on the 
surface or within 
pores. Courtesy of 
the Millipore 
Corporation; www. 
millipore.com. 


76 Chapter 3 ¢ General Laboratory Procedures 


1. Pipet up to 2 ml of sample into the top reservoir. 


2. Cover with the cone-shaped cap and spin in a centrifuge 
with a fixed-angle rotor. 


3. Detach and invert top half. 


4. Centrifuge 1 to 2 minutes to spin the concentrate into the 
cone-shaped cap. 








FIGURE 3.9 Use 
of a centrifuge 


microfilter. 

Courtesy of the 

Millipore 

Corporation; www. 5. Concentrate is now completely accessible for further 

millipore.com. analysis. Both concentrate and filtrate can be stored in collection cups. 


This simple technique may also be applied to the sterilization of nonau- 
toclavable materials such as protein and nucleic acid solutions or heat-labile 
reagents. Bacterial contamination can be removed from these solutions by 
passing them through filter systems that have been sterilized by autoclaving. 
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Collection of Precipitates for Analysis 


The collection of small amounts of very fine precipitates is the basis for many 
chemical and biochemical analytical procedures. Membrane filtration is an ideal 
method for sample collection. This is of great advantage in the collection of 
radioactive precipitates. Cellulose nitrate and fiberglass filters are often used to 
collect radioactive samples because they can be analyzed by direct suspension in 
an appropriate scintillation cocktail. 


Harvesting of Bacterial Cells from Fermentation Broths 


The collection of bacterial cells from nutrient broths is typically done by batch 
centrifugation. This time-consuming operation can be replaced by membrane 
filtration. Filtration is faster than centrifugation, and it allows extensive cell 
washing. 


Concentration of Biomolecule Solutions 


Protein or nucleic acid solutions obtained from extraction or various purifica- 
tion steps are often too dilute for further investigation. Since they cannot be con- 
centrated by high-temperature evaporation of solvent, gentler methods have 
been developed. One of the most effective is the use of ultrafiltration pressure 
cells, as shown in Figure 3.10. A membrane filter is placed in the bottom and the 
solution is poured into the cell. High pressure, exerted by compressed nitrogen 
(air could cause oxidation and denaturation of biomolecules), forces the flow of 
small molecules, including solvent, through the filter. Membranes are available 
in a number of sizes, allowing a large variety of molecular weight cutoffs. Larger 
molecules that cannot pass through the pores are concentrated in the sample 
chamber. This method of concentration is rapid and gentle and can be performed 
at cold temperatures to ensure minimal inactivation of the molecules. One major 
disadvantage is clogging of the pores, which reduces the flow rate through the 
filter; this is lessened by constant but gentle stirring of the solution. 


Lyophilization and Centrifugal Vacuum Concentration 


Although ultrafiltration is being used more and more for the concentration of 
biological solutions, the older technique of lyophilization (freeze-drying) is still 
used. There are some situations (storing or transporting biological materials) in 
which lyophilization is preferred. Lyophilization is a drying technique that uses 
the process of sublimation to change a solvent (water) in the frozen state directly 
to the vapor state under vacuum. The product after lyophilization is a fluffy 
matrix that may be reconstituted by the addition of liquid. This is one of the 
most effective methods for drying or concentrating heat-sensitive materials. In 
practice, a biological solution to be concentrated is “shell-frozen” on the walls of a 
round-bottom or freeze-drying flask. Freezing of the solution is accomplished 
by placing the flask (half full with sample) in a dry ice-acetone bath and slowly 
rotating it as it is held at a 45° angle. The aqueous solution freezes in layers on the 
wall of the flask. This provides a large surface area for evaporation of water. The 
flask is then connected to the lyophilizer, which consists of a refrigeration unit 
and a vacuum pump (see Figure 3.11). The combined unit maintains the sample 
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FIGURE 3.10 
Schematic of an 
ultrafiltration cell. 
Courtesy of 
Millipore/Amicon 


Corporation; www. 


millipore.com. 
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at —40°C for stability of the biological materials and applies a vacuum of approx- 
imately 5 to 25 mm Hg on the sample. Ice formed from the aqueous solution sub- 
limes and is pumped from the sample vial. In fact, all materials that are volatile 
under these conditions (—40°C, 5 to 25 mm Hg) will be removed, and nonvolatile 
materials (proteins, buffer salts, nucleic acids, etc.) will be concentrated into 
a light, sometimes fluffy precipitate. Most freeze-dried biological materials are 
stable for long periods of time and some remain viable for many years. 

As with any laboratory method, there are precautions for and limita- 
tions of lyophilization that must be understood. Only aqueous solutions should 
be lyophilized. Organic solvents lower the melting point of aqueous solutions 
and increase the chances that the sample will melt and become denatured dur- 
ing freeze-drying. There is also the possibility that organic vapors will pass 
through the cold trap into the vacuum pump, where they may cause damage. 

A new and increasingly popular technique for sample concentration and 
drying is centrifugal vacuum concentration. The method may be used to dry a 
wide variety of biological samples. The process starts with a sample dissolved in a 
solvent (water or organic). The solvent is evaporated under vacuum in a centrifuge, 
thus producing a pellet in the bottom of the container. The most widely used 
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instrument is the Speed Vac, available through Savant (Figure 3.12). This method is 
better than freeze-drying because it is faster, it does not require a prefreezing step, it 
provides 100% sample recovery, and it may be used with solvents other than water. 
The SpeedVac is usually used for relatively small volumes—1—2-mL samples. 





FIGURE 3.11 A lab 
technician prepares 
a sample for 
lyophilization 
(freeze-drying) with 
the Labconco 
FreeZone benchtop 
freeze dryer, Model 
#7740020. © 
Labconco 
Corporation. Photo 
used with 
permission from 
Labconco 
Corporation. www. 
labconco.com. 


FIGURE 3.12 The 
SpeedVac 
centrifugal vacuum 
concentrator. 
Image provided by 
Thermo Fisher 
Scientific Inc., all 
rights reserved. 
www.thermofisher. 
com. 
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E. RADIOISOTOPES IN BIOCHEMISTRY 


The use of radioactive isotopes in experimental biochemistry has provided 
us with a wealth of information about biological processes. In the earlier 
days of biochemistry, radioisotopes were primarily used to elucidate metabolic 
pathways. In modern biochemistry, few experimental techniques offer such a 
diverse range of applications as that provided by radioactive isotopes. The meas- 
urement of radioactivity is a tool that has the potential for use in all areas of 
experimental biochemistry, including enzyme assays, biochemical pathways 
of synthesis and degradation, analysis of biomolecules, measurement of antibod- 
ies, binding and transport studies, clinical biochemistry, and many others. 
Radioisotope applications have two major advantages over other analytical meth- 
ods: (1) sensitive instrumentation allows the detection of minute quantities of 
radioactive material (some radioactive substances can be measured in the 
picomole, 107", range), and (2) radioisotope techniques offer the ability to differ- 
entiate physically between substances that are chemically indistinguishable. The 
major disadvantages of radioisotope use are, of course, the safety and 
environmental concerns that must be considered when working with radioactive 
materials. These concerns have greatly slowed the development of new proce- 
dures using radioisotopes, as some countries and U.S. states require that all who 
work with radioactive materials, including students, must have completed an 
intensive training course. Because of the potential hazards and problems associated 
with using and disposing of radioactive waste materials, radioisotopes are 
generally not used in undergraduate biochemistry teaching labs. They are used 
in research, in industrial biotechnology applications, and in medicine only when 
there are no other techniques that can be applied to the problem. They are then 
handled only by experienced personnel. 

The difficult problems and safety issues that arise with radioisotope use 
have encouraged scientists to search for alternate techniques. The last two Web 
site references in the Radioisotopes section at the end of the chapter describe the 
search for “green biochemistry” techniques that avoid the use of radioisotopes. 
One reference describes the design of protein kinase assays that avoid the use of 
phosphorus-32. Another describes the synthesis of probes for radioisotope-free 
photoaffinity labels for proteins. 


Origin and Properties of Radioactivity 


Introduction 


Radioactivity results from the spontaneous nuclear disintegration of unstable 
isotopes. The hydrogen nucleus, consisting of a proton, is represented as {H. 
Two additional forms of the hydrogen nucleus contain one and two neutrons; 
they are represented as 7H and }H. These isotopes of hydrogen are commonly 
called deuterium and tritium, respectively. All isotopes of hydrogen have an 
identical number of protons (constant charge, +1), but they differ in the num- 
ber of neutrons. Only tritium is radioactive. 

The stability of a nucleus depends on the ratio of neutrons to protons. 
Some nuclei are unstable and undergo spontaneous nuclear disintegration 
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accompanied by emission of particles. Unstable isotopes of this type are called 
radioisotopes. Three main types of radiation are emitted during nuclear 
decay: a particles, B particles, and y rays. The a particle, a helium nucleus, is 
emitted only by elements with a mass number greater than 140. These ele- 
ments are seldom used in biochemical research. 

Most of the commonly used radioisotopes in biochemistry are B emitters. 
The B particles exist in two forms ( Bp, positrons, and f , electrons) and are emit- 
ted from a given radioisotope with a continuous range of energies. However, an 
average energy (called the mean energy) of 8 particles from an element can be de- 
termined. The mean energy is a characteristic of that isotope and can be used to 
identify one B emitter in the presence of a second (see Figure 3.13). Equations 
3.10 and 3.11 illustrate the disintegration of two 6 emitters. Here 0, represents 
the antineutrino and », the neutrino. 


>> “Pp — VS + B +0, (Eq. 3.10) 
oe spat Fou Br ee, (Eq. 3.11) 

A few radioisotopes of biochemical significance are y emitters. Emission of 
a y ray (a photon of electromagnetic radiation) is often a secondary process oc- 


curring after the initial decay by B emission. The disintegration of the isotope !°11 
is an example of this multistep process. 


SI —+ p+ Bixe > Bixe + 7 (Eq. 9: 


Each radioisotope emits y rays of a distinct energy, which can be measured for 
identification of the isotope. 


FIGURE 3.13 
Energy spectra for 
the B emitters 7H 
and '4C. The 
dashed lines 
indicate the upper 
and lower limits for 
discrimination 
counting. 
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The spontaneous disintegration of a nucleus is a first-order kinetic process. 
That is, the rate of radioactive decay of N atoms (—dN/dt, the change of N with 
time, f) is proportional to the number of radioactive atoms present (Equation 3.13). 


>> ——~=)N (Eq. 3.13) 


The proportionality constant, A, is called the disintegration or decay constant. 
Equation 3.13 can be transformed to a more useful equation by integration with- 
in the limits of f = 0 and t. The result is shown in Equation 3.14. 


>> N = Ne” (Eq. 3.14) 
where 


No = the number of radioactive atoms present at f = 0 
N = the number of radioactive atoms present at time = f¢ 


Equation 3.14 can be expressed in the natural logarithmic form as in Equation 3.15. 


N 
SS In Ny At (Eq. 3.15) 
Combining Equations 3.14 and 3.15 leads to a relationship that defines the 
half-life. Half-life, t1/2, is a term used to describe the time necessary for one-half 
of the radioactive atoms initially present in a sample to decay. At the end of the 
first half-life, N in Equation 3.15 becomes 5No, and the result is shown in 
Equations 3.16 and 3.17. 


1 
sN 
2°%0 
In2— = —At 
>> n Ny 1/2 
Inj = —Ati2 (Eq. 3.16) 
0.693 
>> ti2 = 5 (Eq. 3.17) 


Equations 3.15 and 3.17 allow calculation of the ratio N/No at any time during an 
experiment. This calculation is especially critical when radioisotopes with short 
half-lives are used. 


Isotopes in Biochemistry 


The properties of several radioisotopes that are important in biochemical 
research are listed in Table 3.5. Note that many of the isotopes are 8 emitters; 
however, a few are y emitters. 

The half-life, defined in the previous section and listed for each isotope in 
Table 3.5, is an important property to consider when one is designing experiments 
using radioisotopes. Using an isotope with a short half-life (for example, 74Na 
with 1/2 = 15 hrs) is difficult because the radioactivity lost during the course of 
the experiment is significant. Quantitative measurements made before and after 
the experiment must be corrected for this loss of activity. Radioactive phosphorus, 
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TABLE 3.5 Properties of Biochemically Important 
Radioisotopes 


Particle 
Isotope Emitted 
3H Bo 
14¢ B- 
22nNa pt 
Y 
4NIa Bo 
Y 
32p B” 
355 B- 
al Bo 
40K B- 
Ca Bp 
59Fe Bo 
Y 
50Co Bo 
Y 
657 pt 
Y 
90s; Bp 
125) y 
131) B- 
Y 
EST ale B- 
Y 
226R5 
Y 


Energy of 
Particle (MeV) 
0.018 
0.155 
0.55 
1.28 
1.39 
V7.2 AD 
1.71 
0.167 
0.714 
1.33 
0.25 
0.46 
1.1 
0.318 
1.3 
0.33 
1.14 
0.54 
0.035 
0.027 
0.61, 0.33 
0.64, 0.36, 0.28 
0.51 
0.66 
4.78 
0.19 


Half-Life, ti 
12.3 yrs 
5570 yrs 

2.6 yrs 

15 hrs 

14.2 days 
87.1 days 

3 X 10° days 
1.3 X 10° yrs 
165 days 

45 days 

5.3 yrs 


245 days 


29 yrs 
60 days 


8.1 days 
30 yrs 


1600 yrs 


2p, an isotope of significant value in biochemical research, has a relatively short 
half-life (14 days), so if quantitative measurements are made they must be cor- 
rected as described in Equations 3.16 and 3.17. 

Mention should also be made of short-lived isotopes that are important 
in biotechnology and medical biochemistry. The isotopes Nc Bn 0, and 
18R which are positron emitters, are crucial for use in positron emission tomog- 


raphy (PET). 
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TABLE 3.6 Units of Radioactivity 





Unit's Name Multiplication Factor (relative to curie) Activity (dps) 
Curie (Ci) 1.0 3.70 x 101° 
Millicurie (mCi) 10° 3.70 x 107 
Microcurie (wCi) 10 3.70 x 10° 
Nanocurie (nCi) 10°29 3.70 X 10 
Becquerel (Bq) 27 x 107" 1.0 

Mega becquerel (IMBq) 27% 107 1.0 x 10° 


Units of Radioactivity 


The basic unit of radioactivity is the curie, Ci, named in honor of Marie and 
Pierre Curie. One curie is the amount of radioactive material that emits parti- 
cles at a rate of 3.7 x 10!” disintegrations per second (dps), or 2.2 X 10!? min“! 
(dpm). Amounts that large are seldom used in experimentation, so subdivi- 
sions are convenient. The millicurie (mCi, 2.2 X 10? min!) and microcurie 
(wCi, 2.2 X 10°min) are standard units for radioactive measurements (see 
Table 3.6). The radioactivity unit of the meter-kilogram-seconds (MKS) system 
is the becquerel (Bq). A becquerel, named in honor of Antoine Becquerel, who 
studied uranium radiation, represents one disintegration per second. The 
two systems of measurement are related by the equation 1 curie = 3.70 x 10!° 
becquerels. Since the becquerel is such a small unit, radioactive units are 
sometimes reported in MBq (mega, 10°) or TBq (tera, 10'2). Both unit systems 
are in common use today, and radioisotopes received through commercial 
sources are labeled in curies and becquerels. 

The number of disintegrations emitted by a radioactive sample depends on 
the purity of the sample (number of radioactive atoms present) and the decay 
constant, A. Therefore, radioactive decay is also expressed in terms of specific 
activity, the disintegration rate per unit mass of radioactive atoms. Typical units 
for specific activity are mCi/mmole and wCi/pmole. 

Although radioactivity is defined in terms of nuclear disintegrations per 
unit of time, rarely does one measure this absolute number in the laboratory. 
Instruments that detect and count emitted particles respond to only a small 
fraction of the particles. Data from a radiation counter are in counts per 
minute (cpm), which can be converted to actual disintegrations per minute if 
the counting efficiency of the instrument is known. The percent efficiency of 
an instrument is determined by counting a standard compound of known 
radioactivity and using the ratio of detected activity (observed cpm) to actual 
activity (disintegrations per minute). Equation 3.18 illustrates the calculation 
using a standard of 1 Ci. 

observed cpm of standard 


% effici _ x 100 
— Cea teree dpm of 1uCi of standard 





observed cpm 
2.2 X 10°dpm 





x 100 (Eq. 3.18) 
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Detection and Measurement of Radioactivity 


Since most of the radioisotopes used in biochemical research are 6 emitters, only 
methods that detect and measure 8 particles will be emphasized. 


Liquid Scintillation Counting 


Samples for liquid scintillation counting consist of three components: (1) the 
radioactive material; (2) a solvent, usually aromatic, in which the radioactive 
substance is dissolved or suspended; and (3) one or more organic fluorescent 
substances. Components 2 and 3 make up the liquid scintillation system or 
cocktail. 8 particles emitted from the radioactive sample interact with the scintil- 
lation system, producing small flashes of light, or scintillations. The light flashes 
are detected by a photomultiplier tube (PMT). Electronic pulses from the PMT 
are amplified and registered by a counting device called a scaler. A schematic 
diagram of a typical scintillation counter is shown in Figure 3.14. 














Pulse height Pulse height 
analyzer analyzer 


Channel 1 Channel 2 








FIGURE 3.14 
Diagram of a 
typical scintillation 
counter, showing 
coincidence 
circuitry. 
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The scintillation process, in detail, begins with the collision of emitted B 
particles with solvent molecules, S (Equation 3.19). 


>> B+5S—S* + B (less energetic) (Eq. 3.19) 


Contact between the energetic 6 particles and S in the ground state results in 
transfer of energy and conversion of an S molecule into an excited state, S*. 
Aromatic solvents are most often used because their electrons are easily promoted 
to an excited state orbital (see discussion of fluorescence, Chapter 7, p. 220). The 
B particle after one collision still has sufficient energy to excite several more solvent 
molecules. The excited solvent molecules normally return to the ground state by 
emission of a photon, S* —— S + hv. Photons from the typical aromatic solvent 
are of short wavelength and are not efficiently detected by photocells. A convenient 
way to resolve this technical problem is to add one or more fluorescent substances 
(fluors) to the scintillation mixture. Excited solvent molecules interact with a 
primary fluor, F,, as shown in Equation 3.20. 


>> S*+F, —>S+ Ft (Eq. 3.20) 


Energy is transferred from S* to Fj, resulting in ground state S molecules and ex- 
cited F; molecules, Fj + F7{ molecules are fluorescent and emit light of a longer 
wavelength than S* (Equation 3.21). 


>> Fi =z F, + hv, (Eq. 3.21) 


If the light emitted during the decay of F7 is still of a wavelength too short for ef- 
ficient measurement by a PMT, a secondary fluor, F), that accepts energy from 
F*; may be added to the scintillation system. Equations 3.22 and 3.23 outline the 
continued energy transfer process and fluorescence of F3. 


>> FU + ky —> F, + Fi (Eq. 3.22) 
>> Fi —> F, + hv> (Eq. 3.23) 


The light, hv2, from F3 is of longer wavelength than hv, from Fj and is more 
efficiently detected by a PMT. Two widely used primary and secondary fluors 
are 2,5-diphenyloxazole (PPO) with an emission maximum of 380 nm and 
1,4-bis-2-(5-phenyloxazolyl)benzene (POPOP) with an emission maximum of 
420 nm. A more efficient but more expensive fluor is 2-(4’-t-butylphenyl)-5-(4"- 
biphenyl)-1,3,4-oxadiazole (Butyl-PBD). 

The most basic elements in a liquid scintillation counter are the PMT, a pulse 
amplifier, and a counter, called a scaler. This simple assembly may be used for 
counting; however, there are many problems and disadvantages with this setup. 
Many of the difficulties can be alleviated by more sophisticated instrumental fea- 
tures. Some of the problems and practical solutions are outlined below. 


Thermal Noise in Photomultiplier Tubes 


The energies of the 6 particles from most 8 emitters are very low. This, of 
course, leads to low-energy photons emitted from the fluors and relatively 
low-energy electrical pulses in the PMT. In addition, photomultiplier tubes 
produce thermal background noise with 25 to 30% of the energy associated 


Chapter 3 ¢ General Laboratory Procedures 


with the fluorescence-emitted photons. This difficulty cannot be completely 
eliminated, but its effects can be lessened by placing the samples and the PMT 
in a freezer at —5 to —8°C in order to decrease thermal noise. 

A second way to help resolve the thermal noise problem is to use two photo- 
multiplier tubes for detection of scintillations. Each flash of light that is detected by 
the photomultiplier tubes is fed into a coincidence circuit. A coincidence circuit 
counts only the flashes that arrive simultaneously at the two photodetectors. 
Electrical pulses that are the result of simultaneous random emission (thermal noise) 
in the individual tubes are very unlikely. A schematic diagram of a typical scintilla- 
tion counter with coincidence circuitry is shown in Figure 3.14. 


Counting More Than One Isotope in a Sample 


The basic liquid scintillation counter with coincidence circuitry can be used only 
to count samples containing one type of isotope. Many experiments in bio- 
chemistry require the counting of just one isotope; however, more valuable 
experiments can be performed if two radioisotopes can be simultaneously count- 
ed in a single sample (double-labeling experiments). The basic scintillation 
counter just described has no means of discriminating between electrical pulses 
of different energies. 

The size of the current generated in a photocell is nearly proportional to the 
energy of the 6 particle initiating the pulse. Recall that 6 particles from different 
isotopes have characteristic energy spectra with an average energy (see Figure 3.13). 
Modern scintillation counters are equipped with pulse height analyzers that meas- 
ure the size of the electrical pulse and count only the pulses within preselected 
energy limits set by discriminators. The circuitry required for pulse height analysis 
and energy discrimination of B particles is shown in Figure 3.14. Discriminators are 
electronic “windows” that can be adjusted to count B particles within certain ener- 
gy or voltage ranges called channels. The channels are set to a lower limit and an 
upper limit, and all voltages within those limits are counted. Figure 3.13 illustrates 
the function of discriminators for the counting of 9H and MC in a single sample. 
Discriminator channel 1 is adjusted to accept typical 8 particles emitted from °H 
and channel 2 is adjusted to receive B particles of the energy characteristic of 4C. 


Quenching 


Any chemical agent or experimental condition that reduces the efficiency of the 
scintillation and detection process leads to a reduced level of counting, or 
quenching. Quenching may be caused by a decrease in the amount of fluores- 
cence from the primary and secondary scintillators (fluors) or a decrease in light 
activating the PMT. There are four common origins of quenching. 

Color quenching is a problem if chemical substances that absorb pho- 
tons from the secondary fluors are present in the scintillation mixture. Since 
the secondary fluors emit light in the visible region between 410 and 420 nm, 
colored substances may absorb the emitted light before it is detected by the 
photocells. Radioactive samples may be treated to remove colored impurities 
before mixing with the scintillation solvent. 

Chemical quenching occurs when chemical substances in the scintillation so- 
lution interact with excited solvent and fluor molecules and decrease the efficiency 
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of the scintillation process. To avoid this type of quenching, the sample can be puri- 
fied or the fluors can be increased in concentration. Modern scintillation counters 
have computer programs to correct for color and chemical quenching. 

Point quenching occurs if the radioactive sample is not completely dis- 
solved in the solvent. The emitted 6 particles may be absorbed before they have 
a chance to interact with solvent molecules. The addition of solubilizing agents 
such as Cab-O-Sil or Thixin decreases point quenching by converting the liquid 
scintillator to a gel. 

Dilution quenching results when a large volume of liquid radioactive sample 
is added to the scintillation solution. In most cases, this type of quenching cannot be 
eliminated, but it can be corrected by one of the techniques discussed below. 

Since quenching can occur during all experimental counting of radioiso- 
topes, it is important to be able to determine the extent of the reduced counting 
efficiency. Two methods for quench correction are in common use. 

In the internal standard ratio method, the sample, X, under study is first 
counted; then a known amount of a standard radioactive solution is added to the 
sample, and it is counted again. The absolute activity of the original sample, Ax, 
is represented by Equation 3.24. 


>> Ax = As (Eq. 3.24) 


Ss 
where 
Ax = activity of the sample, X 
Cx = radioactive counts from sample 
Ag = activity of the standard 
C, = radioactive counts from standard 


The absolute value of C, is determined from Equation 3.25. 
>> Cr = Cx + Cy (Eq. 3.25) 
where 
Cr = total radioactive counts from sample and standard 
Equation 3.24 can then be modified to Equation 3.26. 


AsCx 


> Eq. 3.2 
a= (Eq. 3.26) 


>> Ay= 
The internal standard ratio method for quench correction is tedious, time- 
consuming, and destroys the sample, so it is not an ideal method. Scintillation 
counters are equipped with a standard radiation source inside the instrument, 
but outside the scintillation solution. The radiation source, usually a gamma 
emitter, is mechanically moved into a position next to the vial containing the 
sample, and the combined system of standard and sample is counted. Gamma 
rays from the standard excite solvent molecules in the sample, and the scin- 
tillation process occurs as previously described. However, the instrument is 
adjusted to register only scintillations due to y particle collisions with solvent 
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molecules. This method for quench correction, called the external standard 
method, is fast and precise. 


Scintillation Cocktails and Sample Preparation 


Many of the quenching problems discussed earlier can be lessened if an experi- 
ment is carefully planned. Many sample preparation methods and scintillation 
liquids are available for use. Only a few of the more common techniques will be 
mentioned here. Most liquid or solid radioactive samples can be counted by 
mixing them with a scintillation cocktail, a mixture of solvent and fluor(s). The 
radioactive sample and scintillation solution are placed in a glass, polyethylene, 
polypropylene, polyester, or polycarbonate vial for counting. Traditional count- 
ing vials include a 20-mL-standard vial, a 6-mL miniature vial, a 1-mL Eppendorf 
tube, or a 200-wL microfuge tube. If glass is used, the solution must contain a low 
potassium content because naturally occurring “°K is a 8 emitter. Two major 
types of solvent systems are available: (1) those that are immiscible with water, in 
which only organic samples may be used, and (2) those that dissolve aqueous 
samples. During the early years of liquid scintillation counting, the most common 
solvents used were toluene and xylene for organic samples and dioxane for aque- 
ous samples. These solvents provided high counting efficiency. However, on the 
downside, they were flammable (flash points between 4 and 25°C), highly toxic, 
and presented major disposal costs and problems. In addition, they penetrated 
plastic counting vials, releasing vapors and liquids into the laboratory. A new 
environmental awareness has prompted the development of biosafe liquid scintil- 
lation cocktails. The use of highly alkylated aromatic solvents has produced cock- 
tails that are fully biodegradable (converted to CO and H,0O), have higher flash 
points (above 120°C), and offer high counting efficiency. The newer solvents may 
be disposed of after use by incineration, which greatly reduces costs compared to 
road transport to a disposal site. Occupational risks are also lessened because the 
solutions are defined by the Environmental Protection Agency as nontoxic. 

Solid radioactive samples or those that are insoluble in either type of sol- 
vent may be quantified by collection onto small pieces of a solid support (filter 
paper or cellulose membrane) and added directly to the cocktail for counting. 
The efficiency of counting these samples depends on the support, but is usually 
less than that of counting a homogeneous sample. 


Applications of Radioisotopes 


The applications of radioisotopes in biochemical measurements are too numer- 
ous to outline here. Excellent reference books and Web sites, some of which are 
listed at the end of this chapter, provide experimental procedures for radio- 
isotope utilization. The technique of autoradiography, however, should be 
mentioned here. This procedure allows the detection and localization of a 
radioactive substance (molecule or atom) in a tissue, cell, or cell organelle. 
Briefly, the technique involves placing a radioactive material directly onto or 
close to a photographic emulsion. Radioisotopes in the material emit radiation 
that impinges on the photographic plate, activating silver halide crystals in the 
emulsion. Upon development of the plate, a pattern or image is displayed that 
yields information about the location and amount of radioactive material in the 
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d(1)8 


- AAbaae 


0.16 0.32 0.63 1:25 2.5 5 10 20 
Units of kinase 


FIGURE 3.15 Autoradiograph showing the transfer of 37P from y-?2P-labeled ATP to the 5’ 
end of a polynucleotide, (dT)g, catalyzed by polynucleotide kinase. Reagents were incubated 
for 30 min and electrophoresed on a 20% polyacrylamide, 7 M urea gel and autoradiographed. 
Note that as more units of kinase are added, more ?P-labeled polynucleotide is made. The dark 
regions indicate the presence of 34P. Source: Copyright © New England Biolabs. Reprinted 
with permission. 


sample. A densitometer may be used to scan the autoradiograph and quantify 
the amount of radioactivity in each region. One of the most common uses 
of autoradiography in biochemistry and molecular biology is in the detec- 
tion and quantification of **P-labeled nucleic acids on polyacrylamide or 
agarose gels after electrophoresis (Figure 3.15). Autoradiography has also been 
useful in concentration and localization studies of biomolecules in cells and 
cell organelles. 


Statistical Analysis of Radioactivity Measurements 


Radioactive decay is a random process. It is impossible to predict when a radioac- 
tive event will occur. Therefore, counting measurements provide only average rates 
of decay. However, counting measurements may be treated by Gaussian distribu- 
tion analysis to determine an average counting rate, standard deviation, percent 
confidence level, and other statistical parameters. An introduction to statistical 
analysis of radioactivity counting data and other experimental measurements is 
given in Chapter 1, Section E, p. 23. 


Radioisotopes and Safety 


Safety should be of major concern in performing any chemistry experiment, 
but when radioisotopes are involved, special precautions must be taken. 
Many chemistry and biochemistry departments have specially equipped 
laboratories for radioisotope work. Alternatively, your instructor should set 
aside a specific area of your laboratory for using radioactive materials. In ei- 
ther situation, specific guidelines should be mandated and enforced by all 
institutions. 
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Study Problems 


1. 


10. 


11. 


12. 


13. 


14. 


You need to prepare a buffer for biochemistry lab. The required solution is 0.5 M 
sodium phosphate, pH 7.0. Use the Henderson-Hasselbalch equation to calculate the 
number of moles and grams of monobasic sodium phosphate (NaH PO,) and dibasic 
sodium phosphate (Na2HPO,) necessary to make 1 liter of the solution. 


. Design a “shortcut” method for preparing the phosphate buffer in Study Problem 1. 


Hint: You need only NaHPO,, a solution of NaOH, and a pH meter. 


. Describe how you would prepare a 0.1 M glycine buffer of pH 10.0. You have avail- 


able isoelectric glycine and sodium glycinate. 


. Describe how you would prepare a 0.20 M Tris-HCl buffer of pH 8.0. The only Tris 


reagent you have available is Tris base. What other reagent do you need, and how 
would you use it to prepare the solution? 


. Below is a table prepared by a biochemistry student to construct a standard curve for 


protein analysis. The Bradford assay was used with IgG (0.1 mg/mL) as standard pro- 
tein. Complete the table by filling in the weight of IgG in each tube and the approximate 
As95 that will be obtained for each tube. Assume the procedure was conducted correctly. 





Tube No. 
Reagents 1 2 3 4 5 6 
H>0 (mL) 1.0 0.9 0.8 0.6 0.2 = 
IgG volume (mL) — 0.1 0.2 0.4 0.8 1.0 
IgG weight (ug) 0 


Bradford reagent (mL) 5.0 > 
Asos 0.00 0.05 


. Assume that you use the standard curve produced in Study Problem 5 to measure the 


concentration of an unknown protein. The Aso5 for 1.0 mL of the unknown was 0.52. 
Prepare a standard curve from the data in Problem 5 and estimate the concentration of 
unknown protein in the sample in wg/mL. 


. Asolution of purified DNA gave in the spectrophotometric assay an A 69 of 0.35 when 


measured in a 1-cm quartz cuvette. What is the concentration of the DNA in wg/mL? 


. An RNA sample that you isolated has an absorbance reading at 260 nm of 0.25. What is 


the concentration of RNA in the sample? Assume the measurement was taken in a 1-cm 
quartz cuvette. 


. You have just completed an experiment to isolate DNA from E. coli. Absorbance meas- 


urements on the DNA sample were taken at 260 nm and 280 nm. The 260/280 ratio was 
1.6. Is the DNA sample pure? If not, what could be the impurity? 

Compare the techniques of lyophilization and centrifugal vacuum concentration. Give 
advantages and disadvantages of each. 

What amino acid residues are detected when the spectrophotometric assay is used to 
quantify proteins? Are those amino acids present in the same quantity in all proteins? 
Explain how this may affect measurement of proteins by this method. 

What biomolecules would interfere with the measurement of nucleic acids using the 
spectrophotometric (A269) assay? 

The concentration of a purified DNA solution is 35 wg/mL. Predict the value of ab- 
sorbance of the solution at 260 and 280 nm. 

In Section B of this chapter, you read that the Bradford assay has a higher sensitivity 
to some proteins than other proteins and hence gives higher absorbance readings at 
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595 nm. For example, the absorbance readings for bovine serum albumin are more 
than twice those for bovine gamma globulin (Figure 3.6). Explain why higher 
absorbance readings are obtained for some proteins. HINT: Use the bioinformatics 
Web sites given in Chapter 2. 

15. In the Bradford assay of a protein, what is the most ideal protein to use as a standard? 

16. Prepare a linear dilution table similar to Table 3.2. Assume that the stock solution is 2.0 M 
and you require 20-mL diluted samples of final concentrations: 1.66 M, 1.33 M, 1.0 M, 
0.66 M, 0.33 M, and 0.00 M. 

17. Select a buffer system that can be used at each of the following pH values. 

(a) pH3.5 
(b) pH 6.0 
(c) pH9.5 

18. Describe how you would prepare 1 liter of the following buffer: 0.025 M Tris-chloride, 
pH 8.0, containing 0.05 M glucose and 0.01 M EDTA (MW EDTA disodium salt, dihy- 
drate = 372.2). 

19. Calculate A, the decay constant for *’P. 

20. Calculate the half-life of an isotope from the following experimental measurements. At 
time = 0, the activity is 300 disintegrations per minute. After 1 hour, the activity is 200 
disintegrations per minute. 

21. The following serial dilution is carried out in the lab: 

1.0 mL of Solution A is diluted to a final volume of 10 mL (Solution B). 
1.0 mL of Solution B is diluted to a final volume of 10 mL (Solution C). 
1.0 mL of Solution C is diluted to a final volume of 10 mL (Solution D). 
Assume that Solution A has a concentration of 2.0 M. Calculate the concentrations of 
Solutions B, C, and D. 
22. You need to prepare a buffer solution at each of the following concentrations: 


1 M,0.1.M,0.01 M, and 0.001 M 


Describe how you would use a single stock solution of the buffer (5.0 M) to prepare 
10 mL of each diluted buffer solution. 

23. How long will it take a sample of “P that contains 65,000 disintegrations per minute 
to decay to 1500 disintegrations per minute? 

24. List five radioisotopes that may be measured using a liquid scintillation counter. 
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many applications, but they are used primarily for the preparation of biological 

samples and for the analysis of the physical properties of biomolecules, organelles, 
and cells. Centrifugation is carried out by spinning a biological sample at a high rate of 
speed, thus subjecting it to an intense force (artificial gravitational field). Most centrifuge 
techniques fit into one of two categories—preparative centrifugation or analytical cen- 
trifugation. A preparative procedure is one that can be applied to the separation or purifi- 
cation of biological samples (cells, organelles, macromolecules, etc.) by sedimentation. 
Analytical procedures are used to measure physical characteristics of biological samples. 
For example, the purity, size, shape, and density of macromolecules may be defined by 
centrifugation. 

In this chapter, we will first explore the principles and theory underlying centrifugation 
techniques in order to provide a fundamental background. We will then turn to a discussion 
of the application of these techniques to the isolation and characterization of biological mole- 
cules and cellular components. 


A centrifuge of some kind is found in every biochemistry laboratory. Centrifuges have 
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FIGURE 4.1 A 
diagram illustrating 
the variation of RCF 
with r, the distance 
of the sedimenting 
particles from the 
axis of rotation. 
Courtesy of 
Beckman Coulter; 
www.beckman.com. 


A. BASIC PRINCIPLES OF CENTRIFUGATION 


A particle—whether it is a floating solid, a precipitate, a macromolecule, or a cell 
organelle—is subjected to a centrifugal force when it is rotated at a high rate of 
speed. The centrifugal force, F, is defined by Equation 4.1. 


>> F = mor (Eq. 4.1) 
where 


F = intensity of the centrifugal force 


= 
| 


= effective mass of the sedimenting particle 


s 
| 


= angular velocity of rotation in rad/sec 
r = distance of the migrating particles from the central axis of rotation 


The force on a sedimenting particle increases with the velocity of the rota- 
tion and the distance of the particle from the axis of rotation. A more common 
measurement of F, in terms of the earth’s gravitational force, g, is relative cen- 
trifugal force, RCF, defined by Equation 4.2. 


>> RCF = (1.119 X 107>)(rpm)*(1) (Eq. 4.2) 


This equation relates RCF to revolutions per minute of the sample. Equation 4.2 
dictates that the RCF on a sample will vary with r, the distance of the sedimenting 
particles from the axis of rotation (see Figure 4.1). It is convenient to determine 
RCF by use of the nomogram in Figure 4.2. It should be clear from Figures 4.1 
and 4.2 that, since RCF varies with 1, it is important to define r for an experimen- 
tal run. Often an average RCF is determined using a value for r midway between 
the top and bottom of the sample container. The RCF value is reported as “a 
number times gravity, g.” 


Axis of 
rotation 
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FIGURE 4.2. A nomogram for estimating RCF. To use, place a straight edge 
connecting the instrumental revolutions (right column) with the distance from the 
center of rotation (left column). The RCF is read where the straight edge crosses the 
middle column. Courtesy of Beckman Coulter; www.beckman.com. 
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= STUDY EXERCISE 4.1 Relative Centrifugal Force 


To illustrate the use of the nomogram in Figure 4.2, consider a centrifuge tube with an 
average r of 7 cm (see Figure 4.1) being rotated at 20,000 rpm. Use the nomogram to 
determine the relative centrifugal force (RCF) in gravity (g) units. 


Solution: Follow the instructions in the caption for Figure 4.2 to estimate the RCF to 
be about 32,000 X g. 


Although this introduction outlines the basic principles of centrifugation, it 
does not take into account other factors that influence the rate of particle sedi- 
mentation. Centrifuged particles migrate at a rate that depends on their mass, 
shape, and density, as well as the density of the medium. The centrifugal force 
felt by a particle is defined by Equation 4.1. The term m is the effective mass of 
the particle, that is, the actual mass, 79, minus a correction factor for the weight 
of water displaced (buoyancy factor) (Equation 4.3). 


>> m = Mp9 — Mo Vp (Eq. 4.3) 
where 


m = effective mass of the sedimenting particle 


mp = actual mass of the particle 


0 = partial specific volume, the volume change occurring when a 


particle is placed in a large excess of solvent 
p = density of the solvent or medium 


Equations 4.1 and 4.3 may be combined to describe the centrifugal force on a par- 
ticle (Equation 4.4). 


>> F = mo(1 — dp)w*r (Eq. 4.4) 


As particles sediment under the influence of the centrifugal field, their 
movement is countered by a resistance force, the frictional force. The frictional 
force is defined by Equation 4.5. 


>> Frictional force = fv (Eq. 4.5) 
where 


f = frictional coefficient 


v = velocity of the sedimenting particle (sedimentation velocity) 


The frictional coefficient, f, depends on the size and shape of the particle, as well 
as the viscosity of the solvent. The frictional force increases with the velocity of 
the particle until a constant velocity is reached. At this point, the two forces are 
balanced (Equation 4.6). 


dr 


>> mo(1 — Bp)w*r = fu = (2) (Eq. 4.6) 
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The rate of sedimentation, sometimes called sedimentation velocity, v, is 
defined by Equation 4.7. 
dr mo(1 — Dp)w?r 
>> v= >= Eq. 4.7 
Ai F; (Eq. 4.7) 
It is cumbersome and sometimes impractical to express sedimentation 
velocity in terms of p, 0, and f, since these factors are difficult to measure. A new 
term, sedimentation coefficient, s (the ratio of sedimentation velocity to cen- 
trifugal force) is introduced by rearranging Equation 4.7 to Equation 4.8. 





>> s=— = me (Eq. 4.8) 
wr f 

The term s is most often defined under standard conditions, 20°C and water as 
the medium, and denoted by 599 .. The s value is a physical characteristic used to 
classify biological macromolecules and cell organelles. Sedimentation coeffi- 
cients are in the range of 1 x 10738 to 10,000 x 10°!° second. For numerical con- 
venience, sedimentation coefficients are expressed in Svedberg units, S, where 
1S =1 Xx 10°'3 second. Human hemoglobin has an s value of 4.5 X 107}° sec- 
ond or 4.5 S. The value of S for several biomolecules, bacterial cells, and cell 
organelles is shown in Figure 4.3. Note in the figure that there appears to be a 
direct relationship between the S value and the molecular weight or particle size. 
This, however, is not always true, as in the case of nonspherical molecules. 





STUDY EXERCISE 4.2 Sedimentation Coefficient 


The goal of many centrifugation experiments is the measurement of s. This value is im- 
portant because it can be used to calculate the size (molecular weight, kilobase pairs, 
etc.) of a molecule or cell organelle. The units of s are not obvious from Equation 4.8. 
Dimensional analysis shows the following: v in cm/sec, w in radians/sec, r in cm, M19 in 
grams, 0 in cm?/ g, ping/ cm, and fin g/sec. Determine the units for s. (Ans. = second) 


B. INSTRUMENTATION FOR CENTRIFUGATION 


The basic centrifuge consists of two components, an electric motor with drive shaft 
to spin the sample and a rotor to hold tubes or other containers of the sample. A 
wide variety of centrifuges is available, ranging from a low-speed centrifuge used 
for routine pelleting of relatively heavy particles to sophisticated instruments that 
include accessories for making analytical measurements during centrifugation. 
Here we will describe three types, the low-speed or clinical centrifuge; the high- 
speed centrifuge, including the “microfuge”; and the ultracentrifuge. Major char- 
acteristics and applications of each type are compared in Table 4.1. 


Low-Speed Centrifuges 


Most laboratories have a standard low-speed centrifuge used for routine sedi- 
mentation of relatively heavy particles. The common centrifuge has a maxi- 
mum speed in the range of 4000 to 5000 rpm, with RCF averaging 3000 X g. 
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FIGURE 4.3 Range 
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These instruments usually operate at room temperature with no means of 
temperature control of the samples. Two types of rotors, fixed angle and 
swinging bucket, may be used in the instrument. Centrifuge tubes or bottles 
that contain 12 or 50 mL of sample are commonly used. Low-speed cen- 
trifuges are especially useful for the rapid sedimentation of coarse precipitates 
or red blood cells. The sample is centrifuged until the particles are tightly 
packed into a pellet at the bottom of the tube. (This technique is sometimes 


Chapter 4 ¢ Centrifugation Techniques in Biochemistry 101 


TABLE 4.1 Types of Centrifuges and Applications 


Type of Centrifuge 





Microfuge 
Characteristic Low Speed (Medium Speed) High Speed 
Range of speed (rpm) 1-6000 1000-15,000 1000-25,000 
Maximum RCF (g) 6000 12,000 50,000 
Refrigeration Some Some Yes 
Applications 
Pelleting of cells Yes Yes Yes 
Pelleting of nuclei Yes Yes Yes 
Pelleting of organelles No No Yes 
Pelleting of ribosomes No No No 
Pelleting of macromolecules No No No 
Analytical techniques No No No 


called pelleting.) The upper liquid portion, the supernatant, is then separated 
by decantation. 


High-Speed Centrifuges 


For more sophisticated biochemical applications, higher speeds and temperature 
control of the rotor chamber are essential. A typical high-speed centrifuge is 
shown in Figure 4.4. The operator of this instrument can carefully control speed 
and temperature, which is especially important for carrying out reproducible 





Ultracentrifuge 
20-150,000 
1,500,000 
Yes 


Yes 
Yes 
Yes 
Yes 
Yes 
Yes 


FIGURE 4.4 A lab 
technician loads 
samples into a 
Sorvall RC-6 Plus 
Superspeed 
centrifuge, a typical 
high-speed 
centrifuge. Image 
provided by 
Thermo Fisher 
Scientific Inc., all 
rights reserved. 
www.thermofisher. 
com. 
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FIGURE 4.5 

Rotors for a high- 
speed centrifuge. 
A Fixed-angle; 

B Swinging-bucket; 
C Vertical. 
Courtesy of 
Beckman Coulter. 


FIGURE 4.6 
Operation of a 
fixed-angle rotor. 
A Loading of 
sample. B Sample 
at start of 
centrifugation. 

C Bands form as 


molecules sediment. 


D Rotor at rest 
showing separation 


of two components. 





; 
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centrifugations of temperature-sensitive biological samples. Rotor chambers in 
most instruments are maintained at or near 4°C. 

Three types of rotors are available for high-speed centrifugation: the fixed- 
angle, the swinging-bucket, and the vertical rotor (Figure 4.5A—C). Fixed-angle 
rotors are especially useful for differential pelleting of particles (Figure 4.6A). In 
swinging-bucket rotors (Figure 4.5B), the sample tubes move to a position per- 
pendicular to the axis of rotation during centrifugation, as shown in Figure 4.7. 
These are used most often for density gradient centrifugation (see below). In the 
vertical rotor (Figure 4.5C), the sample tubes remain in an upright position 
(Figure 4.8). These rotors are used often for gradient centrifugation. Prior to the 
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Centrifugal force 


FIGURE 4.7 
Operation of a 
swinging-bucket 
rotor. A Loading of 
sample. B Sample 
at start of 
centrifugation. 

C Sample during 
centrifugation 
separates into two 
components. D 

C D Rotor at rest. 
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Operation of a 


vertical rotor. 
A Loading of 
sample. 


B Beginning of 
centrifugation. 


Cc, D During 
centrifugation. 
E Deceleration 


of sample. F Rotor 
c D E F at rest. 
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FIGURE 4.9 A 
variable-speed, 
general-purpose 
microcentrifuge— 
Eppendorf® 
Centrifuge Model 
5702. Courtesy of 
Metrohm, Inc. 
http://www. 
metrohmusa.com/ 
home. 


early 1990s, rotors were constructed from metals such as aluminum and titanium. 
Although metal rotors have great strength, they do have several disadvantages: 
they are very heavy to handle, they are not corrosion-resistant, and they become 
fatigued with use. Rotors are now available that are fabricated from carbon-fiber 
composite materials. They have several advantages over heavy metal rotors. 
These new rotors are 60% lighter than comparable aluminum and titanium rotors. 
Because of the lighter weight, acceleration and deceleration times are reduced; 
thus, centrifuge run times are shorter. This also results in lower service and 
maintenance costs. Instruments are equipped with a brake to slow the rotor 
rapidly after centrifugation. 

Widely used in the category of medium-speed centrifuges is the microfuge 
(Table 4.1 and Figure 4.9). These instruments, which are designed for the bench- 
top, are used for rapid pelleting of small samples. Fixed-angle rotors are able to 
hold up to eighteen 1.5- or 0.5-mL tubes. The maximum speed of most commer- 
cial microfuges is between 12,000 and 15,000 rpm, which delivers a force of 
11,000—12,000 x g. Some instruments can accelerate to full speed in 6 seconds 
and decelerate within 18 seconds. Most instruments have a variable speed con- 
trol and a momentary pulse button for minispins. 

The preparation of biological samples almost always requires the use of a 
high-speed centrifuge. Specific examples will be described later, but high-speed 
centrifuges may be used to sediment: (1) cell debris after cell homogenization, 
(2) ammonium sulfate precipitates of proteins, (3) microorganisms, and (4) cellular 
organelles such as chloroplasts, mitochondria, and nuclei. 
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Ultracentrifuges 


The most sophisticated of the centrifuges are the ultracentrifuges. Because of the 
high speeds attainable (see Table 4.1), intense heat is generated in the rotor. The 
spin chamber must thus be refrigerated and placed under a high vacuum to re- 
duce friction. The sample in a cell or tube is placed in a rotor, which is then driven 
by an electric motor. Although it is rare, metal rotors sometimes break into frag- 
ments when placed under high stress. The rotor chamber on all ultracentrifuges 
is covered with a protective steel armor plate. The drive shaft of the ultracen- 
trifuge is constructed of a flexible material to accommodate any “wobble” of the 
rotor due to imbalance of the samples. It is still important to counterbalance sam- 
ples as carefully as possible before inserting them in the rotor. 

The previously discussed centrifuges—the low, medium, and high speed— 
are of value only for preparative work, that is, for the isolation and separation of 
precipitates and biological samples. Ultracentrifuges can be used both for 
preparative work and for analytical measurements. Thus, two types of ultracen- 
trifuges are available: preparative models, primarily used for separation and 
purification of samples for further analysis, and analytical models, which are 
designed for performing physical measurements on the sample during sedimen- 
tation. Two of the most versatile models are Beckman Optima MAX and TLX 
microprocessor-controlled tabletop ultracentrifuges (Figure 4.10). With a typical 
fixed-angle rotor, which holds six 0.2- to 2.2-mL samples, the instruments can 
generate 150,000 rpm and an RCF of up to 1,500,000 X g. 

Analytical ultracentrifuges have the same basic design as preparative mod- 
els, except that they are equipped with optical systems to monitor directly the 
sedimentation of the sample during centrifugation. The first commercial instru- 
ment of this type was the Beckman Model E, introduced in 1947. 





FIGURE 4.10 

A Outside and 

B inside of the 
Beckman Optima 
TLX ultracentrifuge. 
Courtesy of 
Beckman Coulter. 
Beckman Coulter 
and the stylized 
logo are registered 
trademarks of 
Beckman Coulter, 
Inc. Optima is a 
trademark of 
Beckman Coulter, 
Inc. 
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FIGURE 4.10 
Continued B 


For analysis, a sample of nucleic acid or protein (0.1 to 1.0 mL) is sealed in 
a special analytical cell and rotated. Light is directed through the sample parallel 
to the axis of rotation, and measurements of absorbance by sample molecules are 
made. (The Beckman instrument can scan the sample over the wavelength range 
190 to 800 nm.) If sample molecules have no significant absorption bands in 
the wavelength range, then optical systems that measure changes in the refrac- 
tive index may be used. Optical systems aided by computers are capable of relat- 
ing absorbance changes or index of refraction changes to the rate of movement of 
particles in the sample. The optical system actually detects and measures the 
front edge or moving boundary of the sedimenting molecules. These measure- 
ments can lead to an analysis of concentration distributions within the centrifuge 
cell. Applications of these measurements will be discussed in the next section. 


C. APPLICATIONS OF CENTRIFUGATION 
Preparative Techniques 


Centrifuges in undergraduate biochemistry laboratories are used most often for 
preparative-scale separation procedures. This technique is quite straightfor- 
ward, consisting of placing the sample in a tube or similar container, inserting 
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the tube in the rotor, and spinning the sample for a fixed period. (Filled cen- 
trifuge tubes or bottles must be weighed and balanced before centrifugation. 
Tubes across from each other in the rotor should have approximately the same 
weight.) The sample is removed and the two phases, pellet and supernatant 
(which should be readily apparent in the tube), may be separated by careful de- 
cantation. Further characterization or analysis is usually carried out on the indi- 
vidual phases. This technique, called velocity sedimentation centrifugation, 
separates particles ranging in size from coarse precipitates to cellular or- 
ganelles. Relatively heavy precipitates are sedimented in low-speed centrifuges, 
whereas lighter organelles such as ribosomes require the high centrifugal forces 
of an ultracentrifuge. 

Much of our current understanding of cell structure and function depends 
on separation of subcellular components by centrifugation. The specific method 
of separation, called fractional centrifugation, consists of successive centrifuga- 
tions at increasing rotor speeds. Figure 4.11 illustrates the fractional centrifuga- 
tion of a cell homogenate, leading to the separation and isolation of the common 
cell organelles. For most biochemical applications, the rotor chamber must be 
kept at low temperatures to maintain the native structure and function of each 
cellular organelle and its component biomolecules. A high-speed centrifuge 
equipped with a fixed-angle rotor is most appropriate for the first two centrifu- 
gations at 600 < g and 20,000 x g. After each centrifuge run, the supernatant is 
poured into another centrifuge tube, which is then rotated at the next higher 
speed. The final centrifugation at 100,000 x g to sediment microsomes and ribo- 
somes must be done in an ultracentrifuge. The 100,000 x g supernatant, the 
cytosol, is the soluble portion of the cell and consists of soluble proteins and 
smaller molecules. 


STUDY EXERCISE 4.3 Fractional Centrifugation R= 


The enzymes required for the metabolic process of glycolysis are located in the cyto- 
plasm of the cell. Describe how you could use centrifugation to prepare a cell extract 
containing these enzymes separated from cell organelles. 
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Analytical Measurements 


A variety of analytical measurements can be made on biological samples during 
and after a centrifuge run. Most often, the measurements are taken to determine 
molecular weight, density, and purity of biological samples. All analytical tech- 
niques require the use of an ultracentrifuge and can be classified as differential 
or density gradient. 


Differential Centrifugation 


Differential methods involve sedimentation of particles in a medium of homo- 
geneous density. Although the technique is similar to preparative differential 
centrifugation as previously discussed, the goal is to measure the sedimenta- 
tion coefficient of a particle. The underlying principles of this technique are 
illustrated in Figure 4.12A. During centrifugation, a moving boundary is gen- 
erated between pure solvent and sedimenting particles. An analytical ultracen- 
trifuge is capable of detecting and measuring the rate of movement of the 
boundary. Hence, the sedimentation velocity, v, can be experimentally deter- 
mined. By using Equation 4.8, the sedimentation coefficient, s, can be calculated. 
The value of s for a sedimenting particle is related to the molecular weight of 
that particle by the Svedberg equation. The Svedberg equation is derived from 
Equation 4.8 by recognizing that the frictional force, f, may be defined by 


Equation 4.9. 
RT 
= —— Eq. 4.9 
oe f= xp (Eq. 4.9) 
where 


R = the gas constant, 8.3 X 10” ¢ cm?/sec/deg/mole 

T = the absolute temperature 

D = the diffusion coefficient of the solute in units of cm/sec 
N = Avogadro’s number 


Thus, Equation 4.8 may be transformed into Equation 4.10. 


_ Mo qd _ Up) 
>> s= ~RT/IND~ (Eq. 4.10) 


RTs = my) ND (1 — @p) 
Since molecular weight, MW, is equal to mgN, Equation 4.10 is converted to 


Equation 4.11, the Svedberg equation. In this book, two terms are used to define 
the molecular masses of biomolecules: 


Molecular weight (MW): defined as the ratio of the particle mass to 1/12th 
the mass of a C-12 atom. MW has no units because it is a ratio. 


Molecular mass: defined as the mass of one molecule, or the molar mass 
divided by Avogadro’s number. Molecular masses are expressed in the 
units of daltons (D, 1/12th the mass of a C-12 atom) or kilodaltons (kD). 
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RTs 
>> MW =~ (Eq. 4.11) 

DU — ap) q 


This equation provides an accurate calculation of molecular weight and is applica- 
ble to macromolecules such as proteins and nucleic acids. However, its usefulness 
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is limited because diffusion coefficients are difficult to measure and are not readily 
available in the literature. 

An alternative method sometimes used to determine molecular weights of 
macromolecules is sedimentation equilibrium. In the previous example, using 
the Svedberg equation, the sample is rotated at a rate sufficient to sediment the 
particles. Here, the sample is rotated at a lower rate, and the particles sediment 
until they reach an equilibrium position at the point where the centrifugal force 
is equal to the frictional component opposing their movement (see Equation 4.6). 
The molecular weight is then calculated using Equation 4.12. 


RT 1\(de 
= ee (1 — Dp) ()() a as 





where 


dc _ change in particle concentration as a function of distance 
dr from the rotation center, as measured in the ultracentrifuge 


and MW, R, T, 7, p, w, and r have the definitions previously given. This technique 
is time consuming, as the system may require 1 to 2 days to reach equilibrium. 
Also, the use of Equation 4.12 is complicated by the difficulty of making concen- 
tration measurements in the ultracentrifuge. 

Differential ultracentrifugation methods may also be used in analysis of the 
purity of macromolecular samples. If a single sharp moving boundary is observed 
in a rotating centrifuge cell, it indicates that the sample has one component and 
therefore is pure. In an impure sample, each component would be expected to 
form a separate moving boundary upon sedimentation. 


Density-Gradient Centrifugation 


In differential procedures, the sample is uniformly distributed in a cell before 
centrifugation, and the initial concentration of the sample is the same through- 
out the length of the centrifuge cell. Although useful analytical measurements 
can be made with this technique, it has disadvantages when applied to impure 
samples or samples with more than one component. Large particles that sedi- 
ment faster pass through a medium consisting of solvent and particles of smaller 
size. Therefore, clear-cut separations of macromolecules are seldom obtained. 
This can be avoided if the sample is centrifuged in a fluid medium that gradually 
increases in density from top to bottom. This technique, called density gradient 
centrifugation, permits the separation of multi-component mixtures of macro- 
molecules and the measurement of sedimentation coefficients. Two methods are 
used, zonal centrifugation, in which the sample is centrifuged in a preformed 
gradient, and isopycnic centrifugation, in which a self-generating gradient 
forms during centrifugation. 


Zonal Centrifugation 

Figure 4.12B outlines the procedure for zonal centrifugation of a mixture of 
macromolecules. A density gradient is prepared in a tube prior to centrifugation. 
This is accomplished with the use of an automatic gradient mixer. Solutions of 
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low-molecular-weight solutes such as sucrose or glycerol are allowed to flow 
into the centrifuge cell. The sample under study is layered on top of the gradient 
and placed in a swinging-bucket rotor. Sedimentation in an ultracentrifuge results 
in movement of the sample particles at a rate dependent on their individual 
s values. As shown in Figure 4.12B, the various types of particles sediment as 
zones and remain separated from the other components. The centrifuge run is ter- 
minated before any particles reach the bottom of the gradient. The various zones 
in the centrifuge tubes are then isolated by collecting fractions from the bottom 
of the tube and analyzing them for the presence of macromolecules. The zones of 
separated macromolecules are relatively stable in the gradient because it slows 
diffusion and convection. The gradient conditions can be varied by using differ- 
ent ranges of sucrose concentration. Sucrose concentrations up to 60% can be 
used, with a density limit of 1.28 ¢/cm®. The zonal method can be applied to the 
separation and isolation of macromolecules (preparative ultracentrifuge) and to 
the determination of s (analytical ultracentrifuge). 


Isopycnic Centrifugation 


In the isopycnic technique, the density gradient is formed during the centrifuga- 
tion. Figure 4.12C outlines the mechanism of isopycnic centrifugation. The sam- 
ple under study is dissolved in a solution of a dense salt such as cesium chloride 
or cesium sulfate. The cesium salts may be used to establish gradients to an 
upper density limit of 1.8 g/cm®. The solution of biological sample and cesium 
salt is uniformly distributed in a centrifuge tube and rotated in an ultracen- 
trifuge. Under the influence of the centrifugal force, the cesium salt redistributes 
to form a continuously increasing density gradient from the top to the bottom. 
The macromolecules of the biological sample seek an area in the tube where the 
density is equal to their respective densities. That is, the macromolecules move 
to a region where the sum of the forces (centrifugal and frictional) is zero 
(Equation 4.6). The macromolecules either sediment or float to this region of 
equal density. Stable zones or bands of the individual components are formed 
in the gradient (see Figure 4.12C). These bands can be isolated as previously 
described. Cesium salt gradients are especially valuable for separation of 
nucleic acids. 

Density gradients are widely used in separating and purifying biological 
samples. In addition to this preparative application, measurements of s can be 
made. Gradient techniques used to isolate and purify subcellular components 
such as microsomes, ribosomes, lysosomes, mitochondria, peroxisomes, chloro- 
plasts, and others. After isolation, they may be biochemically characterized as to 
their protein, lipid, nucleic acid, and enzyme contents. 

Nucleic acids, in particular, have been extensively studied by density gra- 
dient techniques. Both RNA and DNA are routinely classified according to their 
s values. The different structural forms of DNA discussed in Chapter 9 can be 
determined by density gradient centrifugation. 

A summary of centrifugation techniques and applications described in this 
chapter is provided in Table 4.2. Space does not allow for an exhaustive review of 
centrifuge applications. Interested students should consult the references at the 
end of the chapter for recent developments. 
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TABLE 4.2. A Summary of Centrifuge Techniques and Applications 


Centrifuge Techniques 


Applications 





Preparative 
Velocity sedimentation 
centrifugation (pelleting) 


Fractional centrifugation 


Analytical 
Differential centrifugation 


Sedimentation equilibrium 


centrifugation 


Separation and isolation of particles in a solution. May be applied to 
precipitates, cell organelles, cells, or biomolecules. 


Isolation of particles, based on size, by successive centrifugation at increasing 
rotor speeds. May be used to separate cell organelles (Figure 4.11). 


Sedimentation of particles in a medium of homogeneous density. 
Used to measure the sedimentation coefficient, s, and MW of a particle 
(Figure 4.12A). 


Used to determine MW of a macromolecule or other particle. 


Density gradient centrifugation 


Zonal 


Isopycnic 


Gradient is present in the tube before centrifugation and sample is layered 
on top. Used to isolate purified molecules and determine s. 


Gradient is formed during centrifugation. Used to isolate purified molecules 
and determine s. 


Care of Centrifuges and Rotors 


Centrifuge equipment represents a sizable investment for a laboratory, so proper 
maintenance is essential. In addition, poorly maintained equipment is especially 
dangerous. Since many kinds of instruments are now available, specific instruc- 
tions will not be given here, but general guidelines are outlined below. 


1. 


2. 


Carefully read the operating manual or receive proper instructions before 
you use any centrifuge. 

Check the rotor chamber for cleanliness and for damage. Clean with soap 
and warm water, rinse with distilled water, and dry. 


. Select the proper operating conditions on the instrument. If refrigeration is 


necessary, set the temperature to the appropriate level and allow 1 to 2 hours 
for temperature equilibration. 


. Select the proper rotor. Many sizes and types are available. Follow guide- 


lines already stated in this chapter or consult your instructor. 


. Be sure the rotor is clean and undamaged. Observe any nicks, scratches, or 


other damage that may cause imbalance. If dirty, the rotor should be cleaned 
with warm water and a mild, nonbasic detergent. A soft brush can be used 
inside the cavities. Rinse well with distilled water and dry. Scratches should 
not be made on the surface coating, as corrosion may result. 


. Filled centrifuge tubes or bottles should be weighed carefully and balanced 


before centrifugation. 


. Rotor manufacturers provide a maximum allowable speed limit for each 


rotor. Do not exceed that limit. 
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8. Keep an accurate record of centrifuge and rotor use. Just as your automobile 
needs service after a certain number of miles, the centrifuge should be serv- 
iced after certain intervals of use. Centrifuge maintenance is usually deter- 
mined by hours of use and total revolutions of the rotor. It is also essential to 
maintain a record of the use for each rotor. Metal rotors weaken with use, 
and the maximum allowable speed limit decreases. Rotor manufacturers 
usually provide guidelines for decreasing the allowable speed for a rotor 
(derating a rotor). 

9. If an unusual noise or vibration develops during centrifugation, immedi- 
ately turn the centrifuge off. 

10. Carefully clean the rotor chamber and rotor after each centrifugation. 


Study Problems 


1. Which of the following factors will have an effect on the sedimentation rate of a particle 
during centrifugation? 

(a) Mass of the sedimenting particle 
(b) Angular velocity of rotation 

(c) Atmospheric pressure 

(d) Density of the solvent 

2. You wish to centrifuge a biological sample so that it experiences an RCF of 100,000 x g. 
At what rpm must you set the centrifuge assuming an average r value of 4? 

3. Cytochrome c has an s value of 1 x 10 '$ second and hemoglobin an s value of about 
4.5 X 10° second. Which protein has the larger molecular weight? 

4, Anenzyme has a sedimentation coefficient of 3.5 S. When a substrate molecule is bound 
into the active site of the enzyme, the sedimentation coefficient decreases to 3.0 S. 
Explain this change. 

5. A protein with a molecular weight of 100,000 shows a single boundary when cen- 
trifuged in aqueous buffer. If the protein is centrifuged in a medium of the same buffer 
plus 6 M urea, two boundaries are observed, one corresponding to a molecular weight 
of 10,000, the other to a molecular weight of 30,000. The area of the slower peak is two- 
thirds that of the faster. Describe the subunit structure of the protein. 

6. Describe how you would design a centrifuge experiment to isolate sediments contain- 
ing cell nuclei. 

7. Explain the following observation. The density of DNA in 7 M CsCl containing 
0.15 M MgCl) is less than the density of the same DNA in pure 7 M CsCl. 

8. Assume that you have centrifuged in a density gradient a sample of DNA that con- 
tained both closed, circular DNA and supercoiled DNA. Would you expect to see two 
bands in the sedimentation pattern? Explain. 

9. Assume that a centrifuge is operating at 43,000 rpm. What is the relative centrifugal 
force at a distance from the central axis of 6 cm? 

10. You are spinning a sample at 20,000 rpm in a centrifuge. Use Equation 4.2 to calculate 
the RCF at three locations in the tube, r = 3.2cm,r = 7.0cm, and r = 10.8 cm (see 
Figure 4.1). Compare and explain the differences in the RCF values at the three locations. 

11. Could you use a low-speed centrifuge to sediment mitochondria? Explain. 

12. The sedimentation coefficient (S, in Svedberg units) for an unknown protein you are 
studying is between 1 and 2. If you isolate the protein from a cell homogenate by car- 
rying out fractional centrifugation (Figure 4.11), in what fraction do you expect to find 
the unknown protein? 


Pl m= 4:29/5:29 
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processes. The molecular details of a biological process cannot be fully elucidated until 

the interacting molecules have been isolated and characterized. Therefore, our under- 
standing of the mechanisms of life processes has increased at about the same pace as the 
development of techniques for the separation and characterization of biomolecules. 

Chromatography, the most important technique for isolating and purifying biomole- 
cules, was developed by Mikhail Tswett, an Italian-born, Russian botanist. In 1902, Tswett 
began his studies on the isolation and characterization of the colorful pigments in plant 
chloroplasts. He prepared separating columns by packing fine powders like sucrose and chalk 
(calcium carbonate) into long glass tubes. He then poured petroleum ether-derived plant 
extracts through the columns. As he continued eluting the columns with solvent, he noted the 
formation of yellow and green zones. Tswett had invented “chromatography,” which he 
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FIGURE 5.1 A 
representation of 
the principles of 
chromatography. 


Mobile phase 


defined in his 1906 publication as “a method in which the components of a mix- 
ture are separated on an adsorbent in a flowing solvent.” In addition to introduc- 
ing a new technique, Tswett also showed by these experiments that chlorophyll 
exists in different forms. From such humble beginnings, chromatography has de- 
veloped into the ultimate tool for not only the isolation and purification, but also 
for the characterization, of biomolecules. Chromatography, which has now been 
expanded into multiple forms, continues to be the most effective technique for 
separating and purifying all types of biomolecules. In addition, it is widely used 
as an analytical tool to measure biophysical and other quantitative properties of 
molecules. 


A. INTRODUCTION TO CHROMATOGRAPHY 


All types of chromatography are based on a very simple concept: The sample 
to be examined is allowed to interact with two physically distinct entities—a 
mobile phase and a stationary phase (see Figure 5.1). The sample most often 
contains a mixture of several components to be separated. The molecules 
targeted for analysis are called analytes. The mobile phase, which may be a 
liquid or gas, moves the sample components through a region containing the 
solid or liquid stationary phase, which is called the sorbent. Because it varies 
from one chromatographic method to another, the stationary phase will not be 
described in detail at this time. However, it may be considered as having 
the ability to “bind” some types of analytes. The molecular components in the 
sample distribute themselves between the mobile phase and sorbent and thus 
have the opportunity to interact intimately with the stationary phase. If some 
of the sample molecules (analytes) are preferentially bound by the sorbent, 
they spend more time in the sorbent and are retarded in their movement 
through the chromatographic system. Molecules that show weak affinity for 
the sorbent spend more time with the mobile phase and are more easily 
removed or eluted from the system. The many interactions that occur between 
analytes and the stationary phase sorbent bring about a separation of 
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molecules because of different affinities for the stationary phase. The general 
process of moving a sample mixture through a chromatographic system is 
called development. 

The mobile phase can be collected as a function of time at the end of the 
chromatographic system. The mobile phase, now called the effluent, contains 
the purified analytes. If the chromatographic process has been effective, fractions 
or “cuts” that are collected at different times will contain the different compo- 
nents of the original sample. In summary, molecules are separated because they 
differ in the extent to which they are distributed between the mobile phase and the 
stationary phase. 

Throughout this chapter and others, biochemical techniques will be desig- 
nated as preparative or analytical, or both. A preparative procedure is one that 
can be applied to the purification of a relatively large amount of a biological ma- 
terial (mg or g). The purpose of such an experiment would be to obtain purified 
material for further characterization and study. Analytical procedures are used 
most often to determine the purity of a biological sample; however, they may be 
used to evaluate any physical, chemical, or biological characteristic of a biomole- 
cule or biological system. 


Partition versus Adsorption Chromatography 


Chromatographic methods are divided into two types according to how analytes 
bind to or interact with the stationary phase. Partition chromatography is the 
distribution of an analyte between two liquid phases. This may involve direct ex- 
traction using two liquids, or it may use a liquid immobilized on a solid support 
as in the case of paper, thin-layer, and gas-liquid chromatography. For partition 
chromatography, the sorbent in Figure 5.1 consists of inert solid particles coated 
with liquid adsorbent. The distribution of analytes between the two phases is 
based primarily on solubility differences. The distribution may be quantified by 
using the partition coefficient, Kp (Equation 5.1). 


concentration of analyte in sorbent 





>> K (Eq. 5.1) 


> concentration of analyte in mobile phase 

Adsorption chromatography refers to the use of a stationary phase or sup- 
port, such as an ion-exchange resin, that has a finite number of relatively specific 
binding sites for analytes. There is not a clear distinction between the processes 
of partition and adsorption. All chromatographic separations rely, to some ex- 
tent, on adsorptive processes. However, in some methods (paper, thin-layer, and 
gas chromatography), these specific adsorptive effects are minimal and the sepa- 
ration is based primarily on nonspecific solubility factors. Adsorption chro- 
matography relies on relatively specific interactions between the analytes and 
binding sites on the surface of the sorbent. The attractive forces between analyte 
and support may be ionic, hydrogen bonding, or hydrophobic interactions. 
Binding of analyte is, of course, reversible. 

Because of the different interactions involved in partition and adsorption 
processes, they may be applied to different separation problems. Partition 
processes are the most effective for the separation of small molecules, especially 
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those in homologous series. Partition chromatography has been widely used for 
the separation and identification of amino acids, carbohydrates, and fatty acids. 
Adsorption techniques, represented by ion-exchange chromatography, are most 
effective when applied to the separation of macromolecules including proteins 
and nucleic acids. 

In the rest of the chapter, various chromatographic methods will be dis- 
cussed. You should recognize that no single chromatographic technique relies 
solely on adsorption or partition effects. Therefore, little emphasis will be placed 
on classification of the techniques; instead, theoretical and practical aspects will 
be discussed. 


B. PLANAR CHROMATOGRAPHY (PAPER 
AND THIN-LAYER CHROMATOGRAPHY) 


Because of the similarities in the theory and practice of these two procedures, 
they will be considered together. Both are examples of partition chromatogra- 
phy. In paper chromatography, the cellulose support is extensively hydrated, 
so distribution of the analyte occurs between the immobilized water (sorbent) 
and the mobile developing solvent. The initial stationary liquid phase in thin- 
layer chromatography (TLC) is the solvent used to prepare the thin layer of 
adsorbent. However, as developing solvent molecules move through the 
sorbent, polar solvent molecules may bind to the immobilized support and 
become the sorbent. 


Preparation of the Sorbent 


The support medium may be a sheet of cellulose or a glass or plastic plate cov- 
ered with a thin coating of silica gel, alumina, or cellulose. Large sheets of cellu- 
lose chromatography paper are available in different porosities. These may be 
cut to the appropriate size and used without further treatment. The paper should 
never be handled with bare fingers. Although thin-layer plates can easily be pre- 
pared, it is much more convenient to purchase ready-made plates. These are 
available in a variety of sizes, materials, and thicknesses of stationary support. 
They are relatively inexpensive and have a more uniform support thickness than 
handmade plates. 

Figure 5.2 outlines the application procedure. The sample to be analyzed is 
usually dissolved in a volatile solvent. A very small drop of solution is spotted 
onto the plate with a disposable microcapillary pipet and allowed to dry; then 
the spotting process is repeated by superimposing more drops on the original 
spot. The exact amount of sample applied is critical. There must be enough sam- 
ple so the developed spots can be detected, but overloading will lead to “tailing” 
and lack of resolution. Finding the proper sample size is a matter of trial and 
error. It is usually recommended that two or three spots of different concentra- 
tions be applied for each sample tested. Spots should be applied along a very 
faint line drawn with a pencil and ruler. TLC plates should not be heavily 
scratched or marked. Identifying marks may be made on the top of the chro- 
matogram, where solvent does not reach. 
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FIGURE 5.2 The procedure of paper and thin-layer chromatography. A Application of the 
sample. B Setting plate in solvent chamber. C Movement of solvent by capillary action. 
D Detection of separated components and calculation of Re. 


Solvent Development 


A wide selection of solvent systems is available in the biochemical literature. If a 
new solvent system must be developed, a preliminary analysis must be done on 
the sample with a series of solvents. Solvents can be rapidly screened by develop- 
ing several small chromatograms (2 X 6cm) in small sealed bottles containing 
the solvents. For the actual analysis, the sample should be run on a larger plate 
with appropriate standards in a development chamber (Figure 5.3). The chamber 
must be airtight and saturated with solvent vapors. Filter paper on two sides of 
the chamber, as shown in Figure 5.3, enhances vaporization of the solvent. 

Paper chromatograms may be developed in either of two types of 
arrangements—ascending or descending solvent flow. Descending solvent 
flow leads to faster development because of assistance by gravity, and it can 
offer better resolution for compounds with small R¢ values because the solvent 
can be allowed to run off the paper. R¢ values cannot be determined under 
these conditions, but it is useful for qualitative separations. 
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FIGURE 5.3 A 
typical chamber 
for paper and 
thin-layer 
chromatography. 
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Two-dimensional chromatography is used for especially difficult separa- 
tions. The chromatogram is developed in one direction by a solvent system, air 
dried, turned 90°, and developed in a second solvent system. 


Detection and Measurement of Components 


Unless the components in the sample are colored, their location on a chro- 
matogram will not be obvious after solvent development. Several methods can 
be used to locate the spots, including fluorescence, radioactivity, and treatment 
with chemicals that develop colors. Substances that are highly conjugated may 
be detected by fluorescence under a UV lamp. Chromatograms may be treated 
with different types of reagents to develop a color. Universal reagents produce a 
colored spot with any organic compound. When a solvent-developed plate is 
sprayed with concentrated H2SO, and heated at 100°C for a few minutes, all 
organic substances appear as black spots. A more convenient universal reagent is 
In. The solvent-developed chromatogram is placed in an enclosed chamber 
containing a few crystals of Ip. The Iz vapor reacts with most organic substances 
on the plate to produce brown spots. The spots are more intense with 
unsaturated compounds. 

Specific reagents react with a particular class of compound. For example, 
rhodamine B is often used for visualization of lipids, ninhydrin for amino acids, 
and aniline phthalate for carbohydrates. 

The position of each component of a mixture is quantified by calculating 
the distance traveled by the component relative to the distance traveled by the 
solvent. This is called relative mobility and symbolized by R;. In Figure 5.2D, 
the R¢ values for components B and C are calculated. The R¢ for a substance is a 
constant for a certain set of experimental conditions. However, it varies with 
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solvent, type of stationary support (paper, alumina, silica gel), temperature, 
humidity, and other environmental factors. Ry values are always reported along 
with solvent and temperature. 


Applications of Planar Chromatography 


Thin-layer chromatography is now more widely used than paper chromatography. 
In addition to its greater resolving power, TLC is faster and plates are available with 
several sorbents (cellulose, alumina, silica gel). 

Partition chromatography as described in this section may be applied to two 
major types of problems: (1) identification of unknown samples, and (2) isolation of 
the components of a mixture. The first application is, by far, the more widely used. 
Paper chromatography and TLC require only a minute sample size, the analysis is 
fast and inexpensive, and detection is straightforward. Unknown samples are 
applied to a plate along with appropriate standards, and the chromatogram is 
developed as a single experiment. In this way, any changes in experimental condi- 
tions (temperature, humidity, etc.) affect standards and unknowns to the same 
extent. It is then possible to compare the Ry values directly. 

Purified substances can be isolated from developed chromatograms; how- 
ever, only tiny amounts are present. In paper chromatography, the spot may be 
cut out with scissors and the piece of paper extracted with an appropriate sol- 
vent. Isolation of a substance from a TLC plate is accomplished by scraping the 
solid support from the region of the spot with a knife edge or razor blade and ex- 
tracting the sorbent with a solvent. “Preparative” thin-layer plates with a thick 
coating of sorbent (up to 2 mm) are especially useful because they have higher 
sample capacity. 


STUDY EXERCISE 5.1 Planar Chromatography = 


A mixture containing five amino acids (Ala, Asp, Gly, Phe, Pro) was analyzed using 
two methods of planar chromatography, paper and cellulose-coated thin layer. The sol- 
vent system was 1-propanol/water (70/30 v/v). Predict the order of the mobility of 
the amino acids (low R; to high R,) on the chromatograms. 


Solution: In cellulose planar chromatography, the amino acids interact with two 
phases, the sorbent (extensively hydrated cellulose, which is very polar) and the mobile 
phase (n-propanol/water, which is less polar than the sorbent). The more polar the 
amino acid, the stronger it will interact with the hydrated cellulose, thus the slower it 
will move with solvent during development (lower R;). The order may be predicted by 
looking at the polarity of each amino acid side chain and arranging the amino acids in 
order of decreasing polarity. The correct order of migration (low to high Ry) is: Asp, Gly, 
Ala, Pro, Phe. 


Advanced Planar Chromatography 


The applications of planar chromatography listed above require only minimal 
equipment and supplies that are relatively inexpensive. It is likely that every un- 
dergraduate student majoring in biochemistry or molecular biology has 
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completed such an experiment in a science lab. If more complex, sophisticated 
chromatographic analyses are needed, such as in an academic or biotech 
research laboratory, then advanced equipment and specialized techniques must 
be used. Most new advances in planar chromatography have focused on TLC, as 
paper chromatography is very limited in its applications and flexibility. The 
major characteristics in TLC that have been improved include standardized 
methodology, instrumentation, and more effective stationary phases. These 
changes now make possible the advent of high-performance TLC (HPTLC). 

One of the biggest problems with TLC analysis is that experimental condi- 
tions are difficult to duplicate. Separation of the components of a mixture is 
dependent on environmental conditions such as temperature, humidity, and 
extent of solvent saturation in the chamber. These conditions can be controlled 
by running the chromatography experiment in a specialized, commercially 
available enclosure called a plate development chamber. This leads to much 
more reproducible and standardized results. 

Improvements are also being made in the development of new stationary 
phases. The most widely used stationary phase in TLC is silica, which separates 
molecules on the basis of polarity. (The more polar the component, the stronger it 
interacts with the very polar silica; hence, it migrates more slowly than a nonpo- 
lar component.) As silica separates primarily by polarity, this limits the types of 
molecules that can be separated. There is now strong interest in the development 
of reverse stationary phases such as C-18 functionalized silica to separate nonpo- 
lar molecules. Another limitation of silica is that it can be used only to separate 
biomolecules less than 2000-3000 in molecular weight. New and more porous 
stationary phases are being developed using photopolymerization techniques. 
These new stationary phases are able to separate protein mixtures containing 
insulin (MW = 5700), cytochrome c (MW = 13,000), lysozyme (MW = 14,600), 
and myoglobin (MW = 16,900). 


Cc. COLUMN CHROMATOGRAPHY 


Adsorption chromatography in biochemical applications usually consists of a 
solid stationary phase and a liquid mobile phase. The most useful technique is 
column chromatography, in which the stationary phase is confined to a glass or 
plastic tube and the mobile phase (a solvent or buffer) is allowed to flow through 
the solid adsorbent. A small amount of the sample to be analyzed is layered on 
top of the column. The sample mixture enters the column of adsorbing material 
and the molecules present are distributed between the mobile phase and the sta- 
tionary phase. The various components in the sample have different affinities for 
the two phases and move through the column at different rates. Collection of the 
liquid phase emerging from the column yields separate fractions containing the 
individual components in the sample. 

Specific terminology is used to describe various aspects of column chro- 
matography. When the actual adsorbing material is made into a column, it is said 
to be poured or packed. Application of the sample to the top of the column is 
loading the column. Movement of solvent through the loaded column is called 
developing or eluting the column. The bed volume is the total volume of solvent 
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TABLE 5.1 Adsorbents Useful in Biochemical Applications 





Adsorbing Materials Uses 

Alumina Small organics, lipids 

Silica gel Amino acids, lipids, carbohydrates 
Fluorisil (magnesium silicate) Neutral lipids 

Calcium phosphate (hydroxyapatite) Proteins, polynucleotides, nucleic acids 
Cellulose Proteins 


and adsorbing material taken up by the column. The volume taken up by the liq- 
uid phase in the column is the void volume. The elution volume is the amount of 
solvent required to remove a particular analyte from the column. This is analo- 
gous to R, values in planar chromatography. 

In adsorption chromatography, solute molecules take part in specific interac- 
tions with the stationary phase. Herein lies the great versatility of adsorption 
chromatography. Many varieties of adsorbing materials are available, so a specific 
sorbent can be chosen that will effectively separate a mixture. There is still an 
element of trial and error in the selection of an effective stationary phase. However, 
experiences of many investigators are recorded in the literature and are of great 
help in choosing the proper system. Table 5.1 lists the most common stationary 
phases employed in adsorption column chromatography. 

Adsorbing materials come in various forms and sizes. The most suitable 
forms are dry powders or a slurry form of the material in an aqueous buffer or 
organic solvent. Alumina, silica gel, and fluorisil do not normally need special pre- 
treatment. The size of particles in an adsorbing material is defined by mesh size. 
This refers to a standard sieve through which the particles can pass. A 100-mesh 
sieve has 100 small openings per square inch. Adsorbing material with high mesh 
size (400 and greater) is extremely fine and is most useful for very high resolution 
chromatography. Table 5.2 lists standard mesh sizes and their most appropriate 
applications. For most biochemical applications, 100 to 200 mesh size is suitable. 


Operation of a Chromatographic Column 


A typical column setup is shown in Figure 5.4. The heart of the system is, of 
course, the column of adsorbent. In general, the longer the column, the better the 
resolution of components. However, a compromise must be made because flow 


TABLE 5.2 Mesh Sizes of Adsorbents and Typical Applications 





Mesh Sizes Applications 

20-50 Crude preparative work, very high flow rate 
50-100 Preparative applications, high flow rate 
100-200 Analytical separations, medium flow rate 


200-400 High-resolution analytical separations, low flow rate 


a ml @ § 4:46/5:29 
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FIGURE 5.4 Setup 
for the operation of 
a chromatography 
column. 
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rate decreases with increasing column length. The actual size of a column 
depends on the nature of the adsorbing material and the amount of chemical 
sample to be separated. For preparative purposes, column heights of 20 to 50 cm 
are usually sufficient to achieve acceptable resolution. Column inside diameters 
may vary from 0.5 to 5 cm. 


Packing the Column 


Once the adsorbing material and column size have been selected, the column is 
poured. If the tube does not have a fritted disc in the bottom, a small piece of 
glass wool or cotton should be used to support the column. Most columns are 
packed by pouring a slurry of the sorbent into the tube and allowing it to settle 
by gravity into a tight bed. The slurry is prepared with the solvent or buffer that 
will be used as the initial developing solvent. Pouring of the slurry must be con- 
tinuous to avoid formation of sorbent layers. Excess solvent is eluted from the 
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bottom of the column while the sorbent is settling. The column must never run 
dry. Additional slurry is added until the column bed reaches the desired height. 
The top of the settled adsorbent is then covered with a small circle of filter paper 
or glass wool to protect the surface while the column is loaded with sample or 
the eluting solvent is changed. 

Sometimes it is necessary to pack a column under pressure (5 to 10 psi). This 
leads to a tightly packed bed that yields more reproducible results, especially 
with gradient elution (see the following subsections). 


Loading the Column 


The sample to be analyzed by chromatography should be applied to the top 
of the column in a concentrated form. If the sample is solid, it is dissolved in 
a minimum amount of solvent; if already in solution, it may be concentrated 
by ultrafiltration as described in Chapter 3, p. 74. After the sample is loaded 
onto the column with a graduated or disposable pipet, it is allowed to perco- 
late into the adsorbent. A few milliliters of solvent are then carefully added to 
wash the sample into the column material. The column is then filled with 
eluting solvent. 


Eluting the Column 


The chromatography column is developed by continuous flow of a solvent. 
Maintaining the appropriate flow rate is important for effective separation. If the 
flow rate is set too high, there is not sufficient time for complete equilibration of the 
analytes with the two phases. Too low a flow rate allows diffusion of analytes, which 
leads to poor resolution and broad elution peaks. It is difficult to give guidelines for 
the proper flow rate of a column, but, in general, a column should be adjusted to a 
rate slightly less than “free flow.” Sometimes it is necessary to find the proper flow 
rate by trial and error. One problem encountered during column development is a 
changing flow rate. As the solvent height above the column bed is reduced, there is 
less of a “pressure head” on the column, so the flow rate decreases. This can be 
avoided by storing the developing solvent in a large reservoir and allowing it to 
enter the column at the same rate as it is emerging from the column (see Figure 5.4). 

Adsorption columns are eluted in one of three ways. All components may 
be eluted by a single solvent or buffer. This is referred to as continual elution. In 
contrast, stepwise elution refers to an incremental change of solvent to aid de- 
velopment. The column is first eluted with a volume of one solvent and then 
with a second solvent. This may continue with as many solvents or solvent mix- 
tures as desired. In general, the first solvent should be the least polar of any used 
in the analysis, and each additional solvent should be of greater polarity or ionic 
strength. Finally, adsorption columns may be developed by gradient elution 
brought about by a gradual change in solvent composition. The composition of 
the eluting solvent can be changed by the continuous mixing of two different sol- 
vents to gradually change the ratio of the two solvents. Alternatively, the concen- 
tration of a component in the solvent can be gradually increased. This is most 
often done by addition of a salt (KCI, NaCl, etc.). Devices are commercially avail- 
able to prepare predetermined, reproducible gradients. 
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Collecting the Eluent 


The separated components emerging from the column in the eluent are usually 
collected as discrete fractions. This may be done manually by collecting specified 
volumes of eluent in Erlenmeyer flasks or test tubes. Alternatively, if many 
fractions are to be collected, a mechanical fraction collector is convenient and 
even essential. An automatic fraction collector (see Figure 5.4) directs the eluent 
into a single tube until a predetermined volume has been collected or until a pre- 
selected time period has elapsed; then the collector advances another tube for 
collection. Specified volumes are collected by a drop counter activated by a pho- 
tocell, or a timer can be set to collect a fraction over a specific period. 


Detection of Eluting Components 


The completion of a chromatographic experiment calls for a means to detect the 
presence of analytes in the collected fractions. The detection method used will 
depend on the nature of the analytes. Smaller molecules such as lipids, amino 
acids, and carbohydrates can be detected by spotting fractions on a thin-layer 
plate or a piece of filter paper and treating them with a chemical reagent that pro- 
duces a color. The same reagents that are used to visualize spots on a thin-layer or 
paper chromatogram are useful for this. Proteins and nucleic acids are conve- 
niently detected by spectroscopic absorption measurements at 280 and 260 nm, 
respectively. Enzymes can be detected by measurements of catalytic activity asso- 
ciated with each fraction. Research-grade chromatographic systems are equipped 
with detectors that continuously monitor some physical property of the eluent 
and display the separation results on a computer screen (see Figure 5.4). The 
newest advance in detectors is the diode array (see Chapter 7, pp. 210-211). Most 
often the eluent is directed through a flow cell where absorbance or fluorescence 
characteristics can be measured. The detector is connected to a recorder or com- 
puter for a permanent record of spectroscopic changes. When the location of the 
various analytes is determined, adjacent fractions containing identical compo- 
nents are pooled and stored for later use. 


D. ION-EXCHANGE CHROMATOGRAPHY 


Ion-exchange chromatography is a form of adsorption chromatography in which 
ionic analytes display reversible electrostatic interactions with a charged station- 
ary phase. The chromatographic setup is identical to that described in the last 
section and Figure 5.4. The column is packed with a stationary phase consisting 
of a synthetic resin that is tagged with ionic functional groups. The steps in- 
volved in ion-exchange chromatography are outlined in Figure 5.5. In stage 1, 
the insoluble resin material (positively charged) in the column is surrounded by 
buffer counterions. Loading of the column in stage 2 brings analytes of different 
charge into the ion-exchange medium. Solutes entering the column may be neg- 
atively charged, positively charged, or neutral under the experimental condi- 
tions. Analytes that have a charge opposite to that of the resin bind tightly but 
reversibly to the stationary phase (stage 3). The strength of binding depends on 
the size of the charge and the charge density (amount of charge per unit volume 
of molecule) of the analyte. The greater the charge or the charge density, the 
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FIGURE 5.5 Illustration of the principles of ion-exchange chromatography. See text for explanation. 


stronger the interaction. Neutral analytes (A) or those with a charge identical to 
that of the resin show little or no affinity for the stationary phase and move with 
the eluting buffer. The bound analytes can be released by eluting the column 
with a buffer of increased ionic strength or pH (stage 4). An increase in buffer 
ionic strength releases bound analytes by displacement. Increasing the buffer pH 
decreases the strength of the interaction by reducing the charge on the analyte or 
on the resin (stage 5). 

The following sections will focus on the properties of ion-exchange resins, 
selection of experimental conditions, and applications of ion-exchange 
chromatography. 


lon-Exchange Resins 


Ion exchangers are made up of two parts—an insoluble, three-dimensional 
matrix and chemically bonded charged groups within and on the surface of the 
matrix. The resins are prepared from a variety of materials, including poly- 
styrene, acrylic resins, polysaccharides (dextrans), agarose, and celluloses. An 
ion exchanger is classified as cationic or anionic depending on whether it ex- 
changes cations or anions. A resin that has negatively charged functional 
groups exchanges positive ions and is a cation exchanger. Each type of 
exchanger is also classified as strong or weak according to the ionizing 
strength of the functional group. An exchanger with a quaternary amino group 
is, therefore, a strongly basic anion exchanger, whereas primary or secondary 
aromatic or aliphatic amino groups would lead to a weakly basic anion 
exchanger. A strongly acidic cation exchanger contains the sulfonic acid 
group. Table 5.3 lists the common ion exchangers according to each of these 
classifications. 

The ability of an ion exchanger to adsorb counterions is defined quanti- 
tatively by capacity. The total capacity of an ion exchanger is the quantity of 
charged and potentially charged groups per unit weight of dry exchanger. It is 
usually expressed as milliequivalents of ionizable groups per milligram of dry 
weight, and it can be experimentally determined by titration. The capacity of 
an ion exchanger is a function of the porosity of the resin. The resin matrix 
contains covalent cross-linking that creates a “molecular sieve.” Ionized func- 
tional groups within the matrix are not readily accessible to large molecules 
that cannot fit into the pores. Only surface charges would be available to these 
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TABLE 5.3 _ lon-Exchange Resins 

Name Functional Group Matrix Class 
Anion Exchangers 

AG 1 Tetramethylammonium Polystyrene Strong 
AG 3 Tertiary amine Polystyrene Weak 
DEAE-Sephacel Diethylaminoethyl Sephacel Weak 
PEI-cellulose Polyethyleneimine Cellulose Weak 
DEAE-Sephadex Diethylaminoethyl Dextran Weak 
QAE-Sephadex Diethyl-(2-hydroxyl-propyl)-aminoethyl Dextran Strong 
DEAE-Sepharose Diethylaminoethyl Agarose Weak 
Cation Exchangers 

AG 50 Sulfonic acid Polystyrene Strong 
Bio-Rex 70 Carboxylic acid Acrylic Weak 
CM-Sephacel Carboxymethy| Sephacel Weak 
P-Cellulose Phosphate Cellulose Intermediate 
CM-Sephadex Carboxymethy| Dextran Weak 
SP-Sephadex Sulfopropy| Dextran Strong 
CM-Sepharose Carboxymethy| Agarose Weak 
SP-Sepharose Sulfonic acid Agarose Strong 


molecules for exchange. The purely synthetic resins (polystyrene and acrylic) 
have cross-linking ranging from 2 to 16%, with 8% being the best for general 
purposes. 

With so many different experimental options and resin properties to consider, 
it is difficult to select the proper conditions for a particular separation. The next sec- 
tion will outline the choices and offer guidelines for proper experimental design. 


Selection of the lon Exchanger 


Before a proper choice of ion exchanger can be made, the nature of the molecules 
to be separated must be considered. For relatively small, stable molecules (amino 
acids, lipids, nucleotides, carbohydrates, pigments, etc.) the synthetic resins 
based on polystyrene are most effective. They have relatively high capacity for 
small molecules because the extensive cross-linking still allows access to the inte- 
rior of the resin beads. For separations of peptides, proteins, nucleic acids, poly- 
saccharides, and other large biomolecules, one must consider the use of fibrous 
cellulosic ion exchangers and low-percent cross-linked dextran or acrylic ex- 
changers. The immobilized functional groups in these resins are readily available 
for exchange even to larger molecules. 

The choice of ion exchanger has now been narrowed considerably. The next 
decision is whether to use a cationic or anionic exchanger. If the analyte has only 
one type of charged group, the choice is simple. A molecule that has a positive 
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charge will bind to a cationic exchanger and vice versa. However, many biomol- 
ecules have more than one type of ionizing group and may have both negatively 
and positively charged groups (they are amphoteric). The net charge on such 
molecules depends on pH. At the isoelectric point, the substance has no net 
charge and would not bind to any type of ion exchanger. 

In principle, amphoteric molecules should bind to both anionic and 
cationic exchangers. However, when one is dealing with large biomolecules, the 
pH range of stability must also be evaluated. The range of stability refers to 
the pH range in which the biomolecule is not denatured. Figure 5.6 shows how 
the net charge of a hypothetical protein changes as a function of pH. Below the 
isoelectric point (pHy), the molecule has a net positive charge and would be 
bound to a cation exchanger. Above the isoelectric point, the net charge is nega- 
tive, and the protein would bind to an anion exchanger. Superimposed on this 
graph is the pH range of stability for the hypothetical protein. Because it is stable 
in the range of pH 7.0-10.0, the ion exchanger of choice is an anionic exchanger. In 
most cases, the isoelectric point of the protein is not known. The type of ion 
exchanger must be chosen by trial and error as follows. Small samples of the pro- 
tein mixture in buffer are equilibrated for 10 to 15 minutes in separate test tubes, 
one with each type of ion exchanger. The tubes are then centrifuged or let stand 
to sediment the ion exchanger. Check each supernatant for the presence of the 
desired analyte (A269 for nucleic acids, Azgq for proteins, catalytic activity for en- 
zymes, etc.). If a supernatant has a relatively low level of added protein, that ion 
exchanger would be suitable for use. This simple test can also be extended to 


Isoelectric 
+ point (H,) 


Binds to anion exchanger 


Net charge on protein 


PH range 
= of stability 


FIGURE 5.6 The 
effect of pH on the 
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find conditions for elution of the desired macromolecule from the ion exchanger. 
The ion exchanger charged with the macromolecule is treated with buffers of 
increasing ionic strength or changing pH. The supernatant after each treatment is 
analyzed as before for release of the macromolecule. 


Choice of Buffer 


This decision includes not just the buffer substance, but also the pH and the ionic 
strength. Buffer ions will, of course, interact with ion-exchange resins. Buffer 
ions with a charge opposite to that on the ion exchanger compete with analyte 
for binding sites and greatly reduce the capacity of the column. Cationic buffers 
should be used with anionic exchangers; anionic buffers should be used with 
cationic exchangers. 

The pH chosen for the buffer depends first of all on the range of stability of 
the macromolecule to be separated (see Figure 5.6). Second, the buffer pH should 
be chosen so that the desired macromolecule will bind to the ion exchanger. In 
addition, the ionic strength should be relatively low to avoid “damping” of the 
interaction between analyte and ion exchanger. Buffer concentrations in the 
range 0.05 to 0.1 M are recommended. 


Preparation of the lon Exchanger 


The commercial suppliers of ion exchangers provide detailed instructions for the 
preparation of the adsorbents. Failure to pretreat ion exchangers will greatly 
reduce the capacity and resolution of a column. Most new ion-exchange resins 
are commercially available in slurry form and are ready to use with a minimum 
number of pretreatment steps. 

Sometimes pretreatment steps do not remove the small particles that are 
present in most ion-exchange materials. If left in suspension, these particles, 
called fines, result in decreased resolution and low column flow rates. The fines 
are removed from an exchanger by suspending the swollen adsorbent in a large 
volume of water in a graduated cylinder and allowing at least 90% of the 
exchanger to settle. The cloudy supernatant containing the fines is decanted. 
This process is repeated until the supernatant is completely clear. The number of 
washings necessary to remove most fines is variable, but for a typical ion 
exchanger 8 to 10 times is probably sufficient. 


Using the lon-Exchange Resin 


Ion exchangers are most commonly used in a column form. The column method 
discussed earlier in this chapter can be directly applied to ion-exchange 
chromatography. 

An alternative method of ion exchange is batch separation. This involves 
mixing and stirring equilibrated exchanger directly with the analyte mixture to 
be separated. After an equilibration time of approximately 1 hour, the slurry is 
filtered and washed with buffer. The ion exchanger can be chosen so that the de- 
sired analyte is adsorbed onto the exchanger or remains unbound in solution. If 
the latter is the case, the desired material is in the filtrate. If the desired analyte is 
bound to the exchanger, it can be removed by suspending the exchanger in a 
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buffer of greater ionic strength or different pH. Batch processes have some ad- 
vantages over column methods. They are rapid, and the problems of packing, 
channeling, and dry columns are avoided. 

Another development in ion-exchange column chromatography allows the 
separation of proteins according to their isoelectric points. This technique, 
chromatofocusing, involves the formation of a pH gradient on an ion-exchange 
column. If a buffer of a specified pH is passed through an ion-exchange column 
that was equilibrated at a second pH, a pH gradient is formed on the column. 
Proteins bound to the ion exchanger are eluted in the order of their isoelectric 
points. In addition, protein band concentration (focusing) takes place during 
elution. Chromatofocusing is similar to isoelectric focusing, introduced in 
Chapter 6, in which a column pH gradient is produced by an electric current. 


Storage of Resins 


Most ion exchangers in the dry form are stable for many years. Aqueous slurried ion 
exchangers are still useful after several months. One major storage problem with a 
wet exchanger is microbial growth. This is especially true for the cellulose and dex- 
tran exchangers. If it is necessary to store pretreated exchangers, an antimicrobial 
agent must be added to the slurry. Sodium azide (0.02%) is suitable for cation 
exchangers, and phenylmercuric salts (0.001%) are effective for anion exchangers. 
Since these preservative reagents are toxic, they must be used with caution. 


))) 
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STUDY EXERCISE 5.2 Cation-Exchange Chromatography 


A mixture of amino acids (Lys, Ala, Asp) is subjected to cation exchange chromatography 
at pH 3.0. Predict the order of elution of the three amino acids and explain your answer. 
Hint: Draw the structures of the three amino acids as they would exist at pH 3. Study the 
structures and determine how each would interact with the negatively charged ion- 
exchange resin. Determine the relative strength of binding for each amino acid. 


STUDY EXERCISE 5.3. Anion-Exchange Chromatography R= 


A mixture of three proteins was subjected to ion-exchange chromatography using CM- 
cellulose as the stationary phase. Predict the order of elution of the proteins, assuming 
that the mixture was applied at low ionic strength and eluted with buffers of increasing 
ionic strength. The proteins in the mixture are listed below with isoelectric pH (pHy). 


Pepsinogen, 1.0 

Cytochrome c, 10.6 

Myoglobin, 6.8 
Hint: The column separates proteins on the basis of net charge. The more negatively 
charged a protein, the more weakly it will bind to an anion exchange resin like 


CM-cellulose, and the faster it will elute. At any pH, the protein pepsinogen will 
have the most negative net charge of any of the three proteins. 
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STUDY EXERCISE 5.4 lIon-Exchange Chromatography 


What kind of ion-exchange resin would be most effective for purifying RNA mole- 
cules, an anion exchanger or cation exchanger? 


E. GEL-EXCLUSION CHROMATOGRAPHY 


The chromatographic methods discussed up to this point allow the separation of 
molecules according to polarity and charge. The method of gel-exclusion chro- 
matography (also called gel filtration, molecular-sieve chromatography, or gel- 
permeation chromatography) exploits the physical property of molecular size to 
achieve separation. The molecules of nature range in molecular weight from less 
than 100 to as large as several million. It should be obvious that a technique capa- 
ble of separating molecules of molecular weight 10,000 from those of 100,000 
would be very popular among research biochemists. Gel-filtration chromatogra- 
phy has been of major importance in the purification of thousands of proteins, 
nucleic acids, enzymes, polysaccharides, and other biomolecules. In addition, 
the technique may be applied to molecular weight determination and quantita- 
tive analysis of molecular interactions. In this section, the theory and practice of 
gel filtration will be introduced and applied to several biochemical problems. 


Theory of Gel Filtration 


The operation of a gel filtration column is illustrated in Figure 5.7. The station- 
ary phase consists of inert particles that contain small pores of a controlled 
size. Microscopic examination of a particle reveals an interior resembling a 
sponge. A solution containing analytes of various molecular sizes is allowed to 
pass through the column under the influence of continuous solvent flow. 
Analytes larger than the pores cannot enter the interior of the gel beads, so they 
are limited to the space between the beads. The volume of the column accessi- 
ble to very large molecules is, therefore, greatly reduced. As a result, they are 
not slowed in their progress through the column and elute rapidly in a single 
zone. Small molecules capable of diffusing in and out of the beads have a much 
larger volume available to them. Therefore, they are delayed in their journey 
through the column bed. Molecules of intermediate size migrate through the 
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FIGURE 5.7 Separation of molecules by gel filtration. A Application of sample containing 
large and small molecules. B Large molecules cannot enter gel matrix, so they move rapidly 
through the column. C Elution of the large molecules first and then smaller molecules. 
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column at a rate somewhere between those for large and small molecules. 
Therefore, the order of elution of the various analytes is directly related to their 
molecular dimensions. 


Physical Characterization of Gel Chromatography 


Several physical properties must be introduced to define the performance of a 
gel and solute behavior. Some important properties are: 


1. 


Exclusion Limit This is defined as the molecular mass of the smallest 
molecule that cannot diffuse into the inner volume of the gel matrix. All 
molecules above this limit elute rapidly in a single zone. The exclusion 
limit of a typical gel, Sephadex G-50, is 30,000 daltons. All analytes having 
a molecular size greater than this value would pass directly through the 
column bed without entering the gel pores. 


. Fractionation Range Sephadex G-50 has a fractionation range of 1500 to 


30,000 daltons. Analytes within this range would be separated in a some- 
what linear fashion. 


. Water Regain and Bed Volume Gel chromatography media are often sup- 


plied in dehydrated form and must be swollen in a solvent, usually water, 
before use. The weight of water taken up by 1 g of dry gel is known as the 
water regain. For G-50, this value is 5.0 + 0.3 g. This value does not 
include the water surrounding the gel particles, so it cannot be used as an 
estimate of the final volume of a packed gel column. Most commercial 
suppliers of gel materials provide, in addition to water regain, a bed vol- 
ume value. This is the final volume taken up by 1 g of dry gel when 
swollen in water. For G-50, bed volume is 9 to 11 mL/g dry gel. 


. Gel Particle Shape and Size Ideally, gel particles should be spherical to pro- 


vide a uniform bed with a high density of pores. Particle size is defined either 
by mesh size or bead diameter (jm). Both the degree of resolution afforded by 
a column and the flow rate depend on particle size. Larger particle sizes (50 to 
100 mesh, 100 to 300 wm) offer high flow rates but poor chromatographic 
separation. The opposite is true for very small particle sizes (“superfine,” 
400 mesh, 10 to wm). The most useful particle size, which represents a compro- 
mise between resolution and flow rate, is 100 to 200 mesh (50 to 150 wm). 


. Void Volume This is the total space surrounding the gel particles in a 


packed column. This value is determined by measuring the volume of 
solvent required to elute a solute that is completely excluded from the gel 
matrix. Most columns can be calibrated for void volume with a dye, blue 
dextran, which has an average molecular mass of 2,000,000 daltons. 


. Elution Volume This is the volume of eluting buffer necessary to remove 


a particular analyte from a packed column. 


Chemical Properties of Gels 


Four basic types of gels are available: dextran, polyacrylamide, agarose, and 
combined polyacrylamide-dextran. The first gels to be developed were those 
based on a natural polysaccharide, dextran. These are supplied by Pharmacia 
under the trade name Sephadex. Table 5.4 gives the physical properties of the 
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TABLE 5.4‘ Properties of Gel-Filtration Media 


Bed Volume 
(mL/g dry gel) 


Water Regain 
(mL/g dry gel) 


Fractionation Range for 
Name Proteins (daltons) 





Dextran (Sephadex)' 








G-10 0-700 1.0 + 0.1 2-3 
G-15 0-1500 1.0.2 2.5-3.5 
G-25 1000-5000 2.5 + 0.2 4-6 
G-50 1500-30,000 5.0 + 0.3 9-11 
G-75 3000-80,000 ES 2 OS 12-15 
G-100 4000-150,000 10 + 1.0 15-20 
G-150 5000-300,000 1Se 155 20-30 
G-200 5000-600,000 20 + 2.0 30-40 
Polyacrylamide (Bio-Gels)? 

P-2 100-1800 1.5 3.0 
P-4 800-4000 2.4 4.8 
P-6 1000-6000 3.7 74 
P-10 1500-20,000 45 9.0 
P-30 2500-40,000 5.7 11.4 
P-60 3000-60,000 7.2 14.4 
P-100 5000-100,000 7.5 15.0 
P-150 15,000-150,000 9.2 18.4 
P-200 30,000-—200,000 14.7 29.4 
P-300 60,000-—400,000 18.0 36.0 


Dextran-polyacrylamide (Sephacryl)' 


S-100 HR 1000-100,000 — — 
S-200 HR 5000-250,000 — — 
S-300 HR 10,000—1,500,000 — — 
S-400 HR 20,000-8,000,000 — — 
Agarose 


Sepharose’ 6B 
Sepharose 4B 
Sepharose 2B 
Superose’ 12 HR 
Superose 6 HR 


10,000-4,000,000 

60,000-20,000,000 

70,000-40,000,000 
1000-300,000 
5000-5,000,000 


Bio-Gel? A-0.5 10,000-500,000 = = 
Bio-Gel A-1.5 10,000-1,500,000 — _ 
Bio-Gel A-5 10,000-5,000,000 = — 


Bio-Gel A-15 


40,000-15,000,000 
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TABLE 5.4 Continued 


Fractionation Range for Water Regain Bed Volume 

Name Proteins (daltons) (mL/g dry gel) (mL/g dry gel) 
Bio-Gel A-50 100,000-50,000,000 _ —_— 
Bio-Gel A-150 1,000,000-—150,000,000 — = 

Vinyl (Fractogel TSK)? 

HW-40 100-—10,000 = = 
HW-55 1000—700,000 _ _ 
HW-65 50,000-5,000,000 — = 
HW-75 500,000-50,000,000 — —_ 


‘Amersham — Pharmacia — LKB - Hoefer. 
*Bio-Rad Laboratories. 
Pierce Biotechnology. 


various sizes of Sephadex. The number given each gel refers to the water regain 
multiplied by 10. Sephadex is available in various particle sizes labeled coarse, 
medium, fine, and superfine. Dextran-based gels cannot be manufactured with 
an exclusion limit greater than 600,000 daltons because the small extent of cross- 
linking is not sufficient to prevent collapse of the particles. If the dextran is cross- 
linked with N,N’-methylenebisacrylamide, gels for use in higher fractionation 
ranges are possible. Table 5.4 lists these gels, called Sephacryl. 

Polyacrylamide gels are produced by the copolymerization of acrylamide 
and the cross-linking agent N,N'-methylenebisacrylamide. These are supplied 
by Bio-Rad Laboratories (Bio-Gel P). The Bio-Gel media are available in 10 sizes 
with exclusion limits ranging from 1800 to 400,000 daltons. Table 5.4 lists the 
acrylamide gels and their physical properties. 

The agarose gels have the advantage of having very high exclusion limits. 
Agarose, the neutral polysaccharide component of agar, is composed of alternat- 
ing galactose and anhydrogalactose units. The gel structure is stabilized by hy- 
drogen bonds rather than by covalent cross-linking. Agarose gels, supplied by 
Bio-Rad Laboratories (Bio-Gel A) and by Pharmacia (Sepharose and Superose), 
are listed in Table 5.4. 

The combined polyacrylamide-agarose gels are commercially available under 
the trade name Ultragel. These consist of cross-linked polyacrylamide with agarose 
trapped within the gel network. The polyacrylamide gel allows a high degree of 
separation and the agarose maintains gel rigidity, so high flow rates may be used. 


Selecting a Gel 


The selection of the proper gel is a critical stage in successful gel chromatography. 
Most gel chromatographic experiments can be classified as either group separa- 
tions or fractionations. Group separations involve dividing the components of a 
sample into two groups, a fraction of relatively low-molecular-weight analytes 
and a fraction of relatively high-molecular-weight analytes. Specific examples of 
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this are desalting a protein solution or removing small contaminating molecules 
from protein or nucleic acid extracts. For group separations, a gel should be 
chosen that allows complete exclusion of the high-molecular-weight molecules in 
the void volume. Sephadex G-25, Bio-Gel P-6, and Sephacryl S-100HR are recom- 
mended for most group separations. The particle size recommended is 100 to 
200 mesh or 50 to 150 wm diameter. 

Gel fractionation involves separation of groups of molecules of similar 
molecular weights in a multicomponent mixture. In this case, the gel should be 
chosen so that the fractionation range includes the molecular weights of the ana- 
lytes. If the mixture contains macromolecules up to 120,000 in molecular weight, 
then Bio-Gel P-150, Sephacryl S-200HR, or Sephadex G-150 would be most ap- 
propriate. If P-100, G-100, or Sephacryl S-100HR were used, some of the higher- 
molecular-weight proteins in the sample would elute in the void volume. On the 
other hand, if P-200, P-300, or G-200 were used, there would be a decrease in 
both resolution and flow rate. If the molecular weight range of the mixture is un- 
known, empirical selection is necessary. The recommended gel grade for most 
fractionations is 100-200 or 200-400 mesh (20-80 4m or 10-40 wm). The finest 
grade that allows a suitable flow rate should be selected. For very critical separa- 
tions, superfine grades offer the best resolution, but with very low flow rates. 


Gel Preparation and Storage 


The dextran and acrylamide gel products are sometimes supplied in dehydrated 
form and must be allowed to swell in water before use. The swelling time required 
differs for each gel, but the extremes are 3 to 4 hours at 20°C for highly cross-linked 
gels and up to 72 hours at 20°C for P-300 or G-200. The swelling time can be short- 
ened if a boiling-water bath is used. Agarose gels and combined polyacrylamide- 
agarose gels are supplied in a hydrated state, so there is no need for swelling. 

Before a gel slurry is packed into the column, it should be defined and 
deaerated. Defining is necessary to remove very fine particles, which would re- 
duce flow rates. To define, pour the gel slurry into a graduated cylinder and add 
water equivalent to two times the gel volume. Invert the cylinder several times 
and allow the gel to settle. After 90 to 95% of the gel has settled, decant the super- 
natant, add water, and repeat the settling process. Two or three defining opera- 
tions are usually sufficient to remove most small particles. 

Deaerating (removing dissolved gases) should be done on the gel slurry 
and all eluting buffers. Gel particles that have not been deaerated tend to float 
and form bubbles in the column bed. Dissolved gases are removed by placing 
the gel slurry in a side-arm vacuum flask and applying a vacuum from a water 
aspirator. The degassing process is complete when no more small air bubbles are 
released from the gel (usually 1 to 2 hours). 

Antimicrobial agents must be added to stored, hydrated gels. One of the 
best agents is sodium azide (0.02%). 


Operation of a Gel Column 


The procedure for gel-column chromatography is very similar to the general 
description given earlier. The same precautions must be considered in packing, load- 
ing, and eluting the column. A brief outline of important considerations follows. 
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Column Size 


For fractionation purposes, it is usually not necessary to use columns greater 
than 100 cm in length. The ratio of bed length to width should be between 25 and 
100. For group separations, columns less than 50 cm long are sufficient, and 
appropriate ratios of bed length to width are between 5 and 10. 


Eluting Buffer 


There are fewer restrictions on buffer choice in gel chromatography than in 
ion-exchange chromatography. Dextran and polyacrylamide gels are stable in 
the pH range 1 to 10, whereas agarose gels are limited to pH 4 to 10. Since 
there is such a wide range of stability of the gels, the buffer pH should 
be chosen on the basis of the range of stability of the macromolecules to be 
separated. 


Sample Volume 


The sample volume is a critical factor in planning a gel chromatography 
experiment. If too much sample is applied to a column, resolution is 
decreased; if the sample size is too small, the analytes are greatly diluted. For 
group separations, a sample volume of 10 to 25% of the column total volume 
is suitable. The sample volume for fractionation procedures should be 
between 1 and 5% of the total volume. Column total volume is determined by 
measuring the volume of water in the glass column that is equivalent to the 
height of the packed bed. 


Column Flow Rate 


The flow rate of a gel column depends on many factors, including length of 
column and type and size of the gel. It is generally safe to elute a gel column at a 
rate slightly less than free flow. A high flow rate reduces sample diffusion or 
zone broadening, but may not allow complete equilibration of analyte molecules 
with the gel matrix. 

A specific flow rate cannot be recommended, since each type of gel 
requires a different range. The average flow rate given in literature references 
for small-pore-size gels is 8 to 12mL/cm? of cross-sectional bed area 
per hour (15 to 25 mL/hr). For large-pore-size gels, a value of 2 to 5mL/cm* of 
cross-sectional bed area per hour (5 to 10 mL/hr) is average. 

Eluent can be made to flow through a column by either of two methods, 
gravity or pump elution. Gravity elution is most often used because no spe- 
cial equipment is required. It is quite acceptable for developing a column 
used for group separations and fractionations when small-pore-sized gels are 
used. However, if the flow rate must be maintained at a constant value 
throughout an experiment or if large-pore gels are used, pump elution is 
recommended. 

One variation of gel chromatography is ascending eluent flow. Some inves- 
tigators report more reproducible results, better resolution, and a more constant 
flow rate if the eluting buffer is pumped backward through the gel. This type of 
experiment requires special equipment, including a specialized column, and a 
peristaltic pump. 
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FIGURE 5.8 
Elution curve for a 
mixture of several 
proteins using 
gel-filtration 
chromatography. 
A = hemoglobin; 
B = egg albumin; 
C = chymotrypsino- 
gen, 
D = myoglobin; 
E = cytochrome c. 


Applications of Gel-Exclusion Chromatography 


Several experimental applications of gel chromatography have already been 
mentioned, but more detail will be given here. 


Desalting 


Inorganic salts, organic solvents, and other small molecules are used extensively 
for the purification of macromolecules. Gel chromatography provides an inex- 
pensive, simple, and rapid method for removal of these small molecules. One es- 
pecially attractive method for desalting very small samples (0.1 mL or less) of 
proteins or nucleic acid solutions is to use spin columns. These are prepacked 
columns of polyacrylamide exclusion gels. Spin columns are used in a similar 
fashion to microfiltration centrifuge tubes (Chapter 3, p. 75). The sample is 
placed on top of the gel column and spun in a centrifuge. Large molecules are 
eluted from the column and collected in a reservoir. The small molecules to be 
removed remain in the gel. 


Purification of Biomolecules 


This is probably the most popular use of gel chromatography. Because of a gel’s 
ability to fractionate molecules on the basis of size, gel filtration complements other 
purification techniques that separate molecules on the basis of polarity and charge. 


Estimation of Molecular Weight 


The elution volume for a particular analyte is proportional to its molecular size. 
This indicates that it is possible to estimate the molecular weight of a molecule 
on the basis of its elution characteristics on a gel column. An elution curve for 
several standard proteins separated on Sephadex G-100 is shown in Figure 5.8. 
This curve, a plot of protein concentration A2g9 vs. volume collected, is represen- 
tative of data obtained from a gel filtration experiment. The elution volume, V,, 
for each protein can be estimated as shown in the figure. A plot of log molecular 


Aogo 
Protein concentration 





I< V, ——+| Volume collected 
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mass vs. elution volume for the proteins is shown in Figure 5.9. Note that the lin- 
ear portion of the curve in Figure 5.9 covers the molecular mass range of 10,000 
to 100,000 daltons. Molecules below 10,000 daltons are not eluted in an elution 
volume proportional to size. Since they readily diffuse into the gel particles, they 
are retarded. Molecules larger than 100,000 daltons are all excluded from the gel 
in the void volume. A solution of the unknown protein is chromatographed 
through the calibrated column under conditions identical to those for the 
standards, and the elution volume is measured. The unknown molecular size is 
then read directly from the graph. This method of molecular weight estimation is 
widely used because it is simple, inexpensive, and fast. It can be used with highly 
purified or impure samples. There are, of course, some limitations to consider. 
The gel must be chosen so that the molecular weight of the unknown is within 
the linear section of the curve. The method assumes that only steric and partition 
effects influence the elution of the standards and unknown. If a protein interacts 
with the gel by adsorptive or ionic processes, the estimate of molecular weight 
will be lower than the true value. The assumption is also made that the unknown 
molecules have a general spherical shape, not an elongated or rod shape. 
Although this is a convenient and rapid method for molecular weight determi- 
nation, the final number is only an estimate. 


Gel Chromatography in Organic Solvents 

The gels discussed so far in this section are hydrophilic, and the inner matrix 
retains its integrity only in aqueous solvents. Because there is a need for gel 
chromatography of nonhydrophilic molecules, gels have been produced that 


FIGURE 5.9 A plot 
of log molecular 
mass vs. elution 
volume for the 
proteins A, B, C, D, 
and E in Figure 5.8. 
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can be used with organic solvents. The trade names of some of these products 
are Sepharose CL and Sephadex LH, Bio Beads S, and Styragel. Organic 
solvents that are of value in gel chromatography are ethanol, acetone, 
dimethylsulfoxide, dimethylformamide, tetrahydrofuran, chlorinated hydro- 
carbons, and acetonitrile. 


= STUDY EXERCISE 5.5 Gel-Exclusion Chromatography 


Your first experiment in biochemistry lab is to analyze a mixture with the use of gel fil- 
tration. You are instructed to run a Sephadex G-50 column on the mixture containing 
the components listed below. All three components are colored, so you are able to ob- 
serve the separation. The components are dissolved in water, and the column is eluted 
with water. 


Blue dextran, a blue dye (MW = about 2,000,000) 
Cytochrome c, a red protein (MW = 12,400) 
Flavin adenine dinucleotide, a yellow coenzyme (FAD, MW = 830) 


Predict the results of your experiment. 


Solution: According to Table 5.4, the fractionation range for G-50 is 1500—30,000. The 
Blue dextran is above the fractionation range, so it will elute very rapidly in the void 
volume. The FAD is below the fractionation range, so it will take its time and elute 
much later than Blue dextran and cyt c. The red-colored cyt c, within the fractionation 
range, will elute somewhere between the Blue dextran and FAD. 


aoe STUDY EXERCISE 5.6 Separation of Proteins 


Your biochemistry lab instructor gives you a mixture of three proteins and asks you to 
separate the proteins on a Sephadex G-100 gel. The three proteins are serum albumin, 
myoglobin, and chymotrypsinogen. The column is eluted with 0.1 M Tris buffer, pH 
7.0. Predict the order of elution of the proteins from the Sephadex column. Use 
Appendix V to find the molecular weights of the proteins. 


F. HIGH-PERFORMANCE LIQUID CHROMATOGRAPHY (HPLC) 


The previous discussions on the theory and practice of the various chromato- 
graphic methods should convince you of the tremendous influence chromatog- 
raphy has had on our biochemical understanding. It is tempting to make 
comparisons about the relative importance of the methods, but doing so would 
be unfair because each serves a specific purpose. There will, for example, always 
be a need for fast, inexpensive, and qualitative analyses as afforded by planar 
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chromatography. Traditional column chromatography will probably always be 
preferred in large-scale protein purification. 

However, during the past three decades, an analytical method has been 
developed that now surpasses the traditional liquid chromatographic techniques 
in importance for analytical separations. This technique, high-performance liq- 
uid chromatography (HPLC), is ideally suited for the separation and identifica- 
tion of amino acids, carbohydrates, lipids, nucleic acids, proteins, pigments, 
steroids, pharmaceuticals, and many other biologically active molecules. 

The future promise of HPLC is indicated by its classification as “modern 
liquid chromatography” when compared to other forms of column-liquid 
chromatography, now referred to as “classical” or “traditional.” Compared to the 
classical forms of liquid chromatography (paper, TLC, column), HPLC has 
several advantages: 


1. Resolution and speed of analysis far exceed the classical methods. 

2. HPLC columns can be reused without repacking or regeneration. 

3. Reproducibility is greatly improved because the parameters affecting the 
efficiency of the separation can be closely controlled. 

4. Instrument operation and data analysis are easily automated. 

5. HPLC is adaptable to very small sample sizes or large-scale, preparative 
procedures. 


The advantages of HPLC are the result of two major advances: (1) the devel- 
opment of stationary supports with very small particle sizes and large surface 
areas, and (2) the improvement of elution rates by applying high pressure to the 
solvent flow. 

The great versatility of HPLC is evidenced by the fact that all chromato- 
graphic modes, including partition, adsorption, ion exchange, chromatofocus- 
ing, and gel exclusion, are possible. In a sense, HPLC can be considered as 
automated liquid chromatography. The theory of each of these chromatographic 
modes has been discussed and needs no modification for application to HPLC. 
However, there are unique theoretical and practical characteristics of HPLC that 
should be introduced. 

The retention time of an analyte in HPLC (tg) is defined as the time 
necessary for maximum elution of the particular analyte. This is analogous to 
retention time measurements in GC. Retention volume (Vg) of an analyte is the 
solvent volume required to elute the analyte and is defined by Equation 5.2, 
where F is the flow rate of the solvent. 


>> Ve — Ftp (Eq. 5.2) 


In all forms of chromatography, a measure of column efficiency is 
resolution, R. Resolution indicates how well analytes are separated; it is defined 
by Equation 5.3, where tr and t’p are the retention times of two analytes and w 
and w’ are the base peak widths of the same two analytes. 

tr — tp 


R = 2——\—— Eq. 5.3 
>> ae (Eq. 5.3) 


142 Chapter5 ¢ Purification and Analysis of Biomolecules by Chromatography 


FIGURE 5.10 A 
schematic diagram 
of a high- 
performance liquid 
chromatograph. 


Instrumentation 


The increased resolution achieved in HPLC compared to classical column chro- 
matography is primarily the result of adsorbents of very small particle sizes (less 
than 20 wm) and large surface areas. The smallest gel beads used in gel-exclusion 
chromatography are “superfine” grade with diameters of 20 to 50 wm. Recall that 
the smaller the particle size, the lower the flow rate; therefore, it is not feasible to 
use very small gel beads in liquid column chromatography because low flow 
rates lead to solute diffusion and the time necessary for completion of an analy- 
sis would be impractical. In HPLC, increased flow rates are obtained by applying 
a pressure differential across the column. A combination of high pressure and 
adsorbents of small particle size leads to the high resolving power and short 
analysis times characteristic of HPLC. 

A schematic diagram of a typical high-pressure liquid chromatograph is 
shown in Figure 5.10. The basic components are a solvent reservoir, high-pressure 
pump, packed column, detector, and recorder. A computer is used to control the 
process and to collect and analyze data. 


Solvent Reservoir 

The solvent chamber should have a capacity of at least 500 mL for analytical 
applications, but larger reservoirs are required for preparative work. In order to 
avoid bubbles in the column and detector, the solvent must be degassed. Several 
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methods may be used to remove unwanted gases, including refluxing, filtration 
through a vacuum filter, ultrasonic vibration, and purging with an inert gas. The 
solvent should also be filtered to remove particulate matter that would be drawn 
into the pump and column. 


Pumping Systems 

The purpose of the pump is to provide a constant, reproducible flow of solvent 
through the column. Two types of pumps are available—constant pressure and 
constant volume. Typical requirements for a pump are: 


1. It must be capable of pressure outputs of at least 500 psi and preferably up 
to 5000 psi. 

2. It should have a controlled, reproducible flow delivery of about 1 mL/min 
for analytical applications and up to 100 mL/min for preparative 
applications. 

3. It should yield pulse-free solvent flow. 

4. It should have a small holdup volume. 


Although neither type of pump meets all these criteria, constant-volume pumps 
maintain a more accurate flow rate and allow for a more precise analysis. 


Injection Port 


A sample must be introduced onto the column in an efficient and reproducible 
manner. One of the most popular injectors is the syringe injector. The sample, in 
a microliter syringe, is injected through a neoprene/Teflon septum. This type of 
injection can be used at pressures up to 3000 psi. 


Columns 


HPLC columns are prepared from stainless steel or glass-Teflon tubing. Typical 
column inside diameters are 2.1, 3.2, or 4.5 mm for analytical separations and up 
to 30 mm for preparative applications. The length of the column can range from 
5 to 100 cm, but 10- to 20-cm columns are common. 


Detector 


Liquid chromatographs are equipped with a means to continuously monitor the 
column effluent and recognize the presence of analyte. Only small sample sizes 
are used with most HPLC columns, so a detector must have high sensitivity. The 
type of detector that has the most universal application is the differential refrac- 
tometer. This device continuously monitors the refractive index difference be- 
tween the mobile phase (pure solvent) and the mobile phase containing sample 
(column effluent). The sensitivity of this detector is on the order of 0.1 wg, which, 
compared to other detectors, is only moderately sensitive. The major advantage 
of the refractometer detector is its versatility; its main limitation is that there must 
be at least 10°” refractive index units between the mobile phase and sample. 

The most widely used HPLC detectors are the photometric detectors. 
These detectors measure the extent of absorption of ultraviolet or visible radia- 
tion by a sample. Since few compounds are colored, visible detectors are of 
limited value. Ultraviolet detectors are the most widely used in HPLC. The 
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typical UV detector functions by focusing radiation from a low-pressure mercury 
lamp on a flow cell that contains column effluent. The mercury lamp provides a 
primary radiation at 254 nm. The use of filters or other lamps provides radiation 
at 220, 280, 313, 334, and 365 nm. Many compounds absorb strongly in this wave- 
length range, and sensitivities on the order of 1 ng are possible. Most biochemi- 
cals are detected, including proteins, nucleic acids, pigments, vitamins, some 
steroids, and aromatic amino acids. Aliphatic amino acids, carbohydrates, lipids, 
and other biochemicals that do not absorb UV can be detected by chemical 
derivatization with UV-absorbing functional groups. UV detectors have many 
positive characteristics, including high sensitivity, small sample volumes, 
linearity over wide concentration ranges, nondestructiveness to sample, and 
suitability for gradient elution. 

A third type of detector that has only limited use is the fluorescence detector. 
This type of detector is extremely sensitive: its use is limited to samples containing 
trace quantities of biological materials. Its response is not linear over a wide range 
of concentrations, but it may be up to 100 times more sensitive than the UV detector. 


Collection of Eluent 


All of the detectors described here are nondestructive to the samples, so column 
effluent can be collected for further chemical and physical analysis. 


Analysis of HPLC Data 


Most HPLC instruments are on-line, with an integrator and a computer for data 
handling. For quantitative analysis of HPLC data, operating parameters such as 
rate of solvent flow must be controlled. In modern instruments, the whole sys- 
tem (including the pump, injector, detector, and data system) is under the control 
of a computer. 

Figure 5.11 illustrates the separation by HPLC of several phenylhydantoin 
derivatives of amino acids. 


Stationary Phases in HPLC 


The adsorbents in HPLC are typically small-diameter, porous materials. Two types 
of stationary phases are available. Porous layer beads (Figure 5.12A) have an inert 
solid core with a thin porous outer shell of silica, alumina, or ion-exchange resin. 
The average diameter of the beads ranges from 20 to 45 um. They are especially 
useful for analytical applications, but, because of their short pores, their capacities 
are too low for preparative applications. 

Microporous particles are available in two sizes: 20 to 40 wm diameter with 
longer pores and 5 to 10 wm with short pores (see Figure 5.12B). These are now 
more widely used than the porous layer beads because they offer greater resolu- 
tion and faster separations with lower pressures. The microporous beads are pre- 
pared from alumina, silica, ion-exchanger resins, and chemically bonded phases 
(see next section). 

The HPLC can function in several chromatographic modes. Each type of 
chromatography will be discussed in the following subsections, with informa- 
tion about stationary phases. 
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FIGURE 5.11 The separation of several amino acid phenylhydantoins by HPLC. Courtesy of Rainin Instrument Co., 


Woburn, MA; www.rainin.com. 
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Liquid-Solid (Adsorption) Chromatography 


HPLC in the adsorption mode can be carried out with silica or alumina porous- 
layer-bead columns. Small glass beads are often used for the inert core. Some of 
the more widely used packings are yw Porasil (Waters Associates), BioSilA (Bio-Rad 
Laboratories), LiChrosorb Si-100 Partisil, Vydac, ALOX 60D (several suppliers), 
and Supelcosil (Supelco). 


FIGURE 5.12 
Adsorbents used in 
HPLC. A Porous 
layer with short 
pores. 

B Microporous 
particles with 
longer pores. 
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In high-pressure adsorption chromatography, analytes adsorb with dif- 
ferent affinities to binding sites in the solid stationary phase. Separation of 
analytes in a sample mixture occurs because polar molecules adsorb more 
strongly than nonpolar molecules. Therefore, the various components in a 
sample are eluted with different retention times from the column. This form of 
HPLC is usually called normal phase (a polar stationary phase and a nonpolar 
mobile phase). 


Liquid-Liquid (Partition) Chromatography 

In the early days of HPLC (1970-78), solid supports were coated with a liquid 
stationary phase. Columns with these packings had short lifetimes and a gradual 
decrease in resolution because there was continuous loss of the liquid stationary 
phase with use of the column. 

This problem was remedied by the discovery of methods for chemically 
bonding the active stationary phase to the inert support. Most chemically bonded 
stationary phases are produced by covalent modification of the surface silica. 
Three modification processes are shown in Equations 5.4—5.6. 


Silicate esters 
>> —Si—OH + ROH — —Si—O—R (Eq. 5.4) 
Silica — carbon 
RMgBr 
>> =Si—ClL + or — > =—Si—K (Eq. 5.5) 
RLi 
Siloxanes 

CISiR3 
Se —si—OH + or — > —Si—O—SiR, (Eq. 5.6) 

ROSiR3 


The major advantage of a bonded stationary phase is stability. Since it is 
chemically bonded, there is very little loss of stationary phase with column use. 
The siloxanes are the most widely used silica supports. Functional groups that 
can be attached as siloxanes are alkylnitriles (— Si— CH zCH 2— CN), phenyl 
(—Si—C6Hs), alkylamines (—Si(CHp2),, NH2)—, and alkyl side chains 
(—Si— CgH 47; —Si—CygH37). 

The use of nonpolar chemically bonded stationary phases with a polar 
mobile phase is referred to as reverse-phase HPLC. This technique separates 
sample components according to hydrophobicity. It is widely used for the 
separation of all types of biomolecules, including peptides, nucleotides, car- 
bohydrates, and derivatives of amino acids. Typical solvent systems are 
water-methanol, water-acetonitrile, and water-tetrahydrofuran mixtures. 
Figure 5.13 shows the results of protein separation on a silica-based reverse- 
phase column. 
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FIGURE 5.13 Reverse-phase chromatography of a mixture of standard proteins. Separation courtesy of Bio-Rad 
Laboratories, Hercules, CA; www.bio-rad.com. 


lon-Exchange Chromatography 


Ion-exchange HPLC uses column packings with charged functional groups. 
Structures of typical ion exchangers are shown in Figure 5.14. They are prepared 
by chemically bonding the ionic groups to the support via silicon atoms or by 
using polystyrene-divinylbenzene resins. These stationary phases may be used 
for the separation of proteins, peptides, and other charged biomolecules. 


Gel-Exclusion Chromatography 


The combination of HPLC and gel-exclusion chromatography is used extensively 
for the separation of large biomolecules, especially proteins and nucleic acids. 

The exclusion gels discussed in Section E are not appropriate for HPLC use 
because they are soft and, except for small-pore beads (G-25 and less), collapse 
under high-pressure conditions. Semirigid gels based on cross-linked styrene- 
divinylbenzene, polyacrylamide, and vinyl-acetate copolymer are available with 
various fractionation ranges useful for the separation of molecules up to 
10,000,000 daltons. 
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Rigid packings for HPLC gel exclusion are prepared from porous glass or 
silica. They have multiple advantages over the semirigid gels, including several 
fractionation ranges, ease of packing, and compatibility with water and organic 
solvents. 


Chiral Chromatography 


HPLC has been extremely effective in separating and analyzing a broad range of 
biological molecules, including amino acids, proteins, lipids, nucleic acids, and 
carbohydrates, as described in the previous subsections. One class of biologically 
important compounds that has shown resistance to separation are the enan- 
tiomeric forms of biomolecules that exist because of the presence of a chiral 
center or stereocenter. For most molecules, a chiral center is a carbon atom that is 
surrounded by four different groups. Compounds that have a stereocenter exist 
in two molecular forms (enantiomers) that have the same physical and chemical 
properties. They differ only in the way they interact with plane-polarized light— 
one enantiomer rotates the light to the left (L), and one enantiomer rotates light 
to the right (D). We now know that enantiomers also differ in their biological ac- 
tions or physiological effects. This has become increasingly important in medical 
treatment because many drugs are chiral and the enantiomers differ in how they 
interact with receptors. One enantiomeric form of a drug may interact to cause 
the desired effect, and one may lead to no effect or even to toxicity. For example, 
the drug thalidomide was widely used in Europe during the late 1950s and early 
1960s as a sedative/tranquilizer, especially for pregnant women. The original 
drug form was the racemic mixture containing two thalidomide enantiomers. 
Thousands of women taking the drug later delivered malformed babies. We now 
know that only one enantiomer (D, R) causes the desired sedative effect. The 
other enantiomer (L, S) is teratogenic. 
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It has become essential to develop techniques for the separation and analy- 
sis of enantiomers by chromatography. Some current drugs whose active ingre- 
dient is a single enantiomer include Lipitor (Atorvastatin), Zocor (Simvastatin), 
Nexium (Esomeprazole), Plavix (Clopidogrel), Advair (Fluticasone), and Zoloft 
(Sertraline). 

A logical approach to the separation of enantiomers is to use a chiral station- 
ary phase, because it is known that chiral compounds are able to interact selec- 
tively, favoring one enantiomer over the other. Because of the different spatial 
arrangements around the stereocenters of the enantiomers, they interact differ- 
ently with a chiral surface. The most effective chiral stationary phases contain 
proteins that are, of course, composed of amino acids, each of which has a stere- 
ocenter (except gly). Many protein sorbents have been tested, and the most suc- 
cessful results have come from alphal-acid glycoproteins (AGP), human serum 
albumin (HSA), and cellobiohydrolase (CBH). For example, the proteins AGP 
and HSA on HPLC columns have been used to separate the enantiomers of the 
anti-inflammatory drug ibuprofen (see Figure 5.15). 
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FIGURE 5.15 Separation of the enantiomers of the painkiller ibuprofen on two different chiral supports. 


sod.ph.b = sodium phosphate buffer. 


Courtesy of Chiral Technologies, Inc. www.chiraltech.com. 
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The Mobile Phase 


Selection of a column packing that is appropriate for a given analysis does not 
ensure a successful HPLC separation. A suitable solvent system must also be 
chosen. Several critical solvent properties will be considered here. 


Purity Very-high-purity solvents with no particulate matter are required. 
Many laboratory workers do not purchase expensive prepurified solvents, 
but, rather, purify lesser grade solvents by microfiltration through a 
Millipore system or distillation in glass. 


Reactivity The mobile phase must not react with the analytical sample or 
column packing. This does not present a major limitation since many rela- 
tively unreactive hydrocarbons, alkyl halides, and alcohols are suitable. 


Detector Compatibility Asolvent must be carefully chosen to avoid inter- 
ference with the detector. Most UV detectors monitor the column effluent at 
254 nm. Any UV-absorbing solvent, such as benzene or olefins, would be 
unacceptable because of high background. Since refractometer detectors 
monitor the difference in refractive index between solvent and column efflu- 
ent, a greater difference leads to greater ability to detect the solute. 


Sample Preparation and Selection of HPLC Operating Conditions 


During the initial stages of biochemical sample preparation, the sample is often 
quite crude; it may contain hundreds of components in addition to the desired 
biomolecules. Most samples must be pretreated before optimum HPLC results 
can be expected. The following procedures may be needed in order to convert a 
crude sample into a clean one: desalting, removal of anions and cations, removal 
of metal ions, concentration of the desired macromolecules, removal of deter- 
gent, and particulate removal. Sample preparation techniques used to achieve 
these results are gel-exclusion chromatography, ion-exchange chromatography, 
microfiltration, and metal-affinity chromatography. These procedures may be 
completed by commercially available prefilters or precolumns. 

Each type of HPLC instrument has its own characteristics and operating 
directions. It is not feasible to describe those here. However, it is appropriate to 
outline the general approach taken when an HPLC analysis is desired. The 
following items must be considered: 


1. Chemical nature and proper preparation of the sample. 

2. Selection of type of chromatography (partition, adsorption, ion-exchange, 
gel-exclusion). 

3. Choice of solvent system and mode of elution. 

4. Selection of column packing. 

5. Choice of equipment (type of detector). 


FPLC—A Modification of HPLC 


In 1982, Pharmacia introduced an innovative chromatographic method that 
provides a link between classical column chromatography and HPLC. 
This technique, called fast protein liquid chromatography (FPLC), uses 
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experimental conditions intermediate between those of column chromatogra- 
phy and HPLC. The typical FPLC system requires a pump that will deliver 
solvent to the column in the flow rate range 1-499 mL/hr with operating pres- 
sures of 0-40 bar. (HPLC pumps deliver solvent in a flow rate range of 0.010- 
10 mL/min with operating pressures of 1-400 bar. Classical chromatography 
columns are operated at atmospheric pressure.) Also required for FPLC are a 
controller, detector, and fraction collector. Since lower pressures are used in 
FPLC than in HPLC, a wider range of column supports is possible. 
Chromatographic techniques incorporated in an FPLC system are gel filtration, 
ion exchange, affinity (see Section G, p. 152), hydrophobic interaction, reversed 
phase, and chromatofocusing. 


Perfusion Chromatography 


A separation method that improves resolution and decreases the time required 
for analysis of biomolecules has recently been introduced. This method, called 
perfusion chromatography, relies on a type of particle support called POROS, 
which may be used in low-pressure and high-pressure liquid chromatography 
applications. In conventional chromatographic separations, some biomolecules 
in the sample move rapidly around and past the media particles while other 
molecules diffuse slowly through the particles (Figure 5.16A). The result is loss 
of resolution because some biomolecules exit the column before others. To im- 
prove resolution, the researcher with conventional media found it necessary to 
reduce the flow rate to allow for diffusion processes, increasing the time required 
for analysis. In other words, before the development of perfusion chromatogra- 
phy, the researcher had to choose between high speed—low resolution and low 
speed-high resolution. POROS particles have two types of pores—through 
pores (6000-8000 A in diameter), which provide channels through the particles, 
and connected diffusion pores (800-1500 A in diameter), which line the through 
pores and have very short diffusion path lengths (Figure 5.16B). This combination 


FIGURE 5.16 Transport of biomolecules through chromatographic media. A Conventional 
support particles. B POROS particles for perfusion chromatography. 
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pore system increases the porosity and the effective surface area of the particles 
and results in improved resolution and shorter analysis times (30 seconds to 
3 minutes for POROS versus 30 minutes to several hours for conventional media). 

POROS media, made by copolymerization of styrene and divinylbenzene, 
have high mechanical strength and are resistant to many solvents and chemicals. 
The functional surface chemistry of the particles can be modified to provide sup- 
ports for many types of chromatography, including ion exchange, hydrophobic 
interaction, immobilized metal affinity, reversed phase, group-selective affinity, 
and conventional bioaffinity. Perfusion chromatography has been applied with 
success to the separation of peptides, proteins, and polynucleotides on both 
preparative and analytical scales. 

In addition to high resolution and short analysis times, perfusion 
chromatography has the advantage of improved recovery of biological activity 
because active biomolecules spend less time on the column, where denaturing 
conditions may exist. 


G. AFFINITY CHROMATOGRAPHY AND IMMUNOADSORPTION 


The more conventional chromatographic procedures that we have studied up to 
this point rely on rather nonspecific physicochemical interactions between a sor- 
bent and an analyte. The molecular characteristics of net charge, size, and polar- 
ity do not provide a basis for high selectivity in the separation and isolation of 
biomolecules. The desire for more specificity in chromatographic separations has 
led to the development of affinity chromatography. This technique offers the 
ultimate in specificity—separation on the basis of biological interactions. The 
biological function displayed by most macromolecules (antibodies, transport 
proteins, enzymes, nucleic acids, polysaccharides, receptor proteins, etc.) is a 
result of recognition of and interaction with specific molecules called ligands. 
This is illustrated by Equation 5.7, where M represents a macromolecule and La 
smaller molecule or ligand. The two molecules interact in a specific manner to 
form a complex, L: M 


>> L+M =—L:M —-> biological response (Eq. 5.7) 


In a biological system, the formation of the complex often triggers some 
response such as immunological action, control of a metabolic process, hormone 
action, catalytic breakdown of a substrate, or membrane transport. The biologi- 
cal response depends on proper molecular recognition and binding as shown in 
the reaction. The most common example of Equation 5.7 is the interaction that 
occurs between an enzyme molecule, E, and a substrate, S, with reversible for- 
mation of an ES complex. The biological event resulting from this interaction is 
the transformation of S to a metabolic product, P. Only the first step in Equation 
5.7, formation of the complex, is of concern in affinity chromatography (see 
Chapter 8, Section B, p. 250). 

In practice, affinity chromatography requires the preparation of an insol- 
uble sorbent, to which appropriate ligand molecules (L) are covalently af- 
fixed. Thus, ligand molecules are immobilized on the stationary support. The 
affinity support is packed into a column through which a mixture containing 
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1. Attach ligand B to gel: 


C ~~ +8—-C 8 


Modified gel 





2. Pack modified gel into column and adsorb sample containing a mixture 
of components A, C, and D: 


C ~~ 8+A.c,D—> (Cow: A+e,D 


3. Dissociate complex with Y and elute A: 


C o~B:aty ~CRSBY+A 








the desired macromolecule, M, is allowed to percolate. There are many types 
of molecules in the mixture, especially if it is a crude cell extract, but only 
macromolecules that recognize and bind to immobilized L are retarded in 
their movement through the column. After the nonbinding molecules have 
washed through the column, the desired macromolecules are eluted by gentle 
disruption of the L:M complex. Study Figure 5.17 for an illustration of affinity 
chromatography. 

Affinity chromatography can be applied to the isolation and purification of 
virtually all biological macromolecules. It has been used to purify nucleic acids, 
enzymes, transport proteins, antibodies, hormone-receptor proteins, drug-binding 
proteins, neurotransmitter proteins, and many others. 

Successful application of affinity chromatography requires careful design 
of experimental conditions. The essential components, which are outlined in the 
following subsections, are: (1) creation and preparation of a stationary matrix 
with immobilized ligand, and (2) design of column development and eluting 
conditions. 


Chromatographic Media 


Selection of the matrix used to immobilize a ligand requires consideration of 
several properties. The stationary supports used in gel-exclusion chromatog- 
raphy are found to be quite suitable for affinity chromatography because: 
(1) they are physically and chemically stable under most experimental condi- 
tions, (2) they are relatively free of nonspecific adsorption effects, (3) they 
have satisfactory flow characteristics, (4) they are available with very large 
pore sizes, and (5) they have reactive functional groups to which an appropri- 
ate ligand may be attached. 

Four types of media possess most of these desirable characteristics: agarose, 
polyvinyl, polyacrylamide, and controlled-porosity glass (CPG) beads. Highly 
porous agarose beads such as Sepharose 4B (Amersham-Pharmacia-LKB-Hoefer) 
and Bio-Gel A-150 (Bio-Rad Laboratories) have virtually all of these characteris- 
tics and are the most widely used matrices. Polyacrylamide gels such as Bio-Gel 
P-300 (Bio-Rad) display many of the recommended features; however, their 
porosity is not especially high. 


FIGURE 5.17 
Purification of a 
macromolecule, 

A, by affinity 
chromatography. 
Ligand B, which has 
a specific affinity 
for A, is immobilized 
on the gel. Y 
represents an 
eluting agent that 
causes dissociation 
of A. 
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The Immobilized Ligand 


The ligand, B, in Figure 5.17 can be selected only after the nature of the macromol- 
ecule to be isolated is known. When a hormone-receptor protein is to be purified 
by affinity chromatography, the hormone itself is an ideal candidate for the 
ligand. For antibody isolation, an antigen or hapten may be used as the ligand. If 
an enzyme is to be purified, a substrate analog, inhibitor, cofactor, or effector may 
be used as the immobilized ligand. The actual substrate molecule may be used as 
a ligand, but only if column conditions can be modified to avoid catalytic trans- 
formation of the bound substrate. 

In addition to the foregoing requirements, the ligand must display a strong, 
specific, but reversible interaction with the desired macromolecule and it must 
have a reactive functional group for attachment to the matrix. It should be recog- 
nized that several types of ligand may be used for affinity purification of a par- 
ticular macromolecule. Of course, some ligands will work better than others, and 
empirical binding studies can be performed to select an effective ligand. 


Attachment of Ligand to Matrix 


Several procedures have been developed for the covalent attachment of the lig- 
and to the matrix. All procedures for gel modification proceed in two separate 
chemical steps: (1) activation of the functional groups on the matrix, and (2) join- 
ing of the ligand to the functional group on the matrix. The attachment method 
must leave the ligand in a form and position capable of binding to the desired 
macromolecule. 

A wide variety of activated gels is now commercially available. The most 
widely used are described as follows. 


Cyanogen Bromide-Activated Agarose 


This gel is especially versatile because all ligands containing primary amino 
groups are easily attached to the agarose. It is available under the trade name 
CNBr-activated Sepahrose 4B. Since the gel is extremely reactive, very gentle con- 
ditions may be used to couple the ligand. One disadvantage of CNBr activation is 
that small ligands are coupled very closely to the matrix surface; macromolecules, 
because of steric repulsion, may not be able to interact fully with the ligand. The 
procedure for CNBr activation and ligand coupling is outlined in Figure 5.18A. 


6-Aminohexanoic Acid (CH)-Agarose and 1,6-Diaminehexane (AH)-Agarose 


These activated gels overcome the steric interference problems stated above by 
positioning a six-carbon spacer arm between the ligand and the matrix. Ligands 
with free primary amino groups can be covalently attached to CH-agarose, 
whereas ligands with free carboxyl groups can be coupled to AH-agarose. The 
attachment of ligands to AH and CH gels is outlined in Figure 5.18B,C. 


Carbonyldiimidazole (CDI)-Activated Supports 

Reaction with CDI produces gels that contain uncharged N-alkylcarbamate 
groups (see Figure 5.18D). CDI-activated agarose, dextran, and polyvinyl acetate 
are sold by Pierce Biotechnology Co. under the trade name Reacti-Gel. 
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The structure of this gel is shown in Figure 5.18E. It provides for the attachment 
of ligands containing hydroxyl, thiol, or amino groups. The hydroxyl groups of 
mono-, oligo-, and polysaccharides can readily be attached to the gel. 


Group-Specific Adsorbents 


The affinity materials described up to this point are modified with a ligand hav- 
ing specificity for a particular macromolecule. Therefore, each time a biomolecule 
is to be isolated by affinity chromatography, a new adsorbent must be designed 
and prepared. Ligands of this type are called substance specific. In contrast, 
group-specific adsorbents contain ligands that have affinity for a class of bio- 
chemically related substances. Table 5.5 shows several commercially available 
group-specific adsorbents and their specificities. The principles behind binding of 
nucleic acids and proteins to group-specific adsorbents depend on the actual 
affinity adsorbent. In most cases, the immobilized ligand and macromolecule 
(protein or nucleic acid) interact through one or more of the following forces: hy- 
drogen bonding, hydrophobic interactions, and/or covalent interactions. Some 
group-specific adsorbents deserve special attention. Phenyl- and octyl-Sepharose 
are gels used for hydrophobic interaction chromatography. These adsorbent ma- 
terials separate proteins on the basis of their hydrophobic character. Because most 
proteins contain hydrophobic amino acid side chains, this method is widely used. 
Octyl-Sepharose is strongly hydrophobic; hence, it binds strongly to nonpolar 


FIGURE 5.18 
Attachment of 
specific ligands to 
activated gels. 

R = ligands. 
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TABLE 5.5 Group-Specific Adsorbents Useful in Biochemical Applications 


Group-Specific Adsorbent 


5'-AMP-agarose 
Benzamidine—Sepharose 


Boronic acid—agarose 
Cibracron blue—agarose 


Concanavalin A-agarose 
Heparin—Sepharose 
Iminodiacetate—agarose 
Lentil lectin-Sepharose 
Lysine-Sepharose 
Octyl-Sepharose 
Phenyl-Sepharose 
Poly(A)-agarose 
Poly(U)-agarose 

Protein A-agarose 


Thiopropyl-Sepharose 


Group Specificity 
Enzymes that have NAD* cofactor, ATP-dependent kinases 
Serine proteases 


Compounds with cis-diol groups, sugars: catecholamines, ribonucleotides, 
glycoproteins 


Enzymes with nucleotide cofactors (dehydrogenases, kinases, DNA 
polymerases); serum albumin 


Glycoproteins and glycolipids 

Nucleic acid-binding proteins, restriction endonucleases, lipoproteins 
Proteins with affinity for metal ions, serum proteins, interferons 
Detergent-soluble membrane proteins 

Nucleic acids 

Weakly hydrophobic proteins, membrane proteins 

Strongly hydrophobic proteins 

Nucleic acids containing poly(U) sequences, MRNA-binding proteins 
Nucleic acids containing poly(A) sequences, poly(U)-binding proteins 
IgG-type antibodies 

— SH containing proteins 


proteins. Phenyl-Sepharose is more weakly hydrophobic; therefore, it is more 
likely to reversibly bind strongly hydrophobic proteins. 

The use of thiopropyl-Sepharose and boronic acid—agarose is an example of 
covalent chromatography, since relatively strong but reversible covalent bonds 
are formed between the affinity gel and specific macromolecules. 

Metal affinity chromatography is a relatively new method that separates 
proteins on the basis of metal binding. 

The availability of a great variety of group-specific adsorbents in 
prepacked columns makes possible the combination of FPLC and affinity chro- 
matography for the separation and purification of proteins. 


Immunoadsorption 


One of the most effective modifications of affinity chromatography is 
immunoaffinity, also called immunoadsorption. The unique high specificity of 
antibodies for their antigens is exploited for the purification of antigens. The 
interaction between antigen and antibody is very selective and very strong, per- 
haps the most specific in affinity chromatography. In practice, the antibody is 
immobilized on a column support. The antibody may be obtained by immunizing 
a rabbit, but you must have relatively large amounts of the purified protein 
antigen. The better choice is to make monoclonal antibodies against the antigen. 
When a mixture containing several other proteins along with the protein antigen 
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is passed through the column, only antigen binds; the other proteins wash off the 
column. Because antigen:antibody pairs form very strong complexes, it is not 
especially difficult to get the protein antigen to bind to the column. There is often 
difficulty, though, in eluting the bound protein without denaturing it. Effective 
eluting agents for disrupting the complexes and eluting the antigen are dis- 
cussed in the next section. 

Protein A-agarose in Table 5.5 is an example of immunoaffinity; however, 
this adsorbent does not recognize specific antibodies but, rather, the general fam- 
ily of immunoglobulin G antibodies. 


Experimental Procedure for Affinity Chromatography 


Although the procedure is different for each type of substance isolated, a general 
experimental plan is outlined here. Figure 5.19 provides a step-by-step plan in 
flowchart form. Many types of matrix-ligand systems are commercially available 
and the costs are reasonable, so it is not always necessary to spend valuable lab- 
oratory time for affinity gel preparation. Even if a specific gel is not available, 
time can be saved by purchasing preactivated gels for direct attachment of the 
desired ligand. Once the gel is prepared, the procedure is similar to that described 
earlier. The major difference is the use of shorter columns. Most affinity gels have 
high capacities and column beds less than 10 cm in length may be used. A 
second difference is the mode of elution. Ligand-macromolecule complexes 
immobilized on the column are held together by hydrogen bonding, ionic 
interactions, and hydrophobic effects. Any agent that diminishes these forces 
causes the release and elution of the macromolecule from the column. The 
elution step in affinity chromatography is represented in Figure 5.17, Step 3, 
where a general eluting agent, Y, dissociates the desired macromolecule, A. The 
common methods of elution are change of buffer pH, increase of buffer ionic 
strength, affinity elution, and chaotropic agents. The choice of elution method 
depends on many factors, including the types of forces responsible for complex 
formation and the stability of the ligand matrix and isolated macromolecule. 


Buffer pH or lonic Strength 


If ionic interactions are important for complex formation, a change in pH or ionic 
strength weakens the interaction by altering the extent of ionization of ligand 
and macromolecule. In practice, either a decrease in pH or a gradual increase in 
ionic strength (continual or stepwise gradient) is used. 


Affinity Elution 


In this method of elution, a selective substance added to the eluting buffer com- 
petes for binding to the ligand or for binding to the adsorbed macromolecule. 


Chaotropic Agents 


If gentle and selective elution methods do not release the bound macromolecule, 
as may be the case in immunoadsorption, then mild denaturing agents can be 
added to the buffer. These substances deform protein and nucleic acid structure 
and decrease the stability of the complex formed on the affinity gel. The most 
useful agents are urea, guanidine» HCl,CNS ,ClOg, and CCl;COO ™. These 
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FIGURE 5.19 
Experimental 
procedure for 
affinity 
chromatography. 
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substances should be used with care, as they may cause irreversible structural 
changes in the isolated macromolecule. 

The application of affinity chromatography is limited only by the imagina- 
tion of the investigator. Every year, literally hundreds of research papers appear 
with new and creative applications of affinity chromatography. Figure 5.20 illus- 
trates the purification of a-chymotrypsin by affinity chromatography on immo- 
bilized D-tryptophan methyl ester. a-chymotrypsin can recognize and bind, but 
not chemically transform, D-tryptophan methyl ester. The enzyme catalyzes the 
hydrolysis of L-tryptophan methyl ester. The impure a-chymotrypsin mixture 
was applied to the gel, D-tryptophan methyl ester coupled to CH-Sepharose 4B, 
and the column washed with Tris buffer. At the point shown by the arrow, 
the eluent was changed to 0.1 M acetic acid. The decrease in pH caused release of 
a-chymotrypsin from the column. 
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FIGURE 5.20 Purification of a-chymotrypsin by affinity chromatography on immobilized 


D-tryptophan methyl ester. From Affinity Chromatography: Principles and Methods. 
Pharmacia (Uppsala, Sweden). 


STUDY EXERCISE 5.7 Affinity Chromatography RE 


You have discovered that leaves from the quaking aspen tree contain an enzyme that 
catalyzes the transfer of a phosphoryl group from ATP to various carbohydrates. You 
wish to purify the enzyme, a kinase, by affinity chromatography. Select two stationary 
phases from Table 5.5 that might be effective in this separation. 


H. MEMBRANE-BASED CHROMATOGRAPHY 


Most of the column chromatographic stationary supports discussed up to this 
point were based on particles, usually in the form of synthetic resin beads. 
Biotech labs and pharmaceutical companies involved in the manufacture of 
protein- and nucleic acid-based drugs require effective purification methods that 
offer large capacity and speed and are usually dependent on chromatography. 
There are several limitations to the use of bead-based stationary supports, and it 
is challenging to improve separating ability and speed especially in purifying 
large biomolecules (> 200,000 daltons). Separation of biomolecules depends on 
their binding to functional groups (ion exchange, affinity, etc.) that are often 
present inside the beads and thus not readily available for binding of larger 
molecules. Increasing the number of functional groups by increasing the height 
of a column is not an option, as the resin beads are compressible and thus cause 
a reduction in the flow rate. 

Many of the limitations of conventional bead columns may be overcome by 
the use of synthetic, microporous membranes as stationary supports. These mem- 
branes offer a three-dimensional structure with open pores, which are readily 
available to larger biomolecules (Figure 5.21). Research on chromatography mem- 
branes shows that movement of molecules takes place by convection rather than 
diffusion, which enhances the distribution of molecules throughout the support. 
Other advantages of membrane-based chromatography compared to conventional 
bead columns include higher flow rates (up to 100 times faster), higher capacity 
(10 times greater), and the fact that the membranes can be packed into layers, 
which greatly improves the effectiveness of biomolecule separation. 
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FIGURE 5.21 The 
inside of an 
ion-exchange chro- 
matography 
membrane showing 
the readily 
accessible pores. 
Photo courtesy of 
Pall Corporation, 
www.pall.com. 


FIGURE 5.22 
Disposable 
membrane 
cartridges. Photo 
courtesy of Pall 
Corporation, www. 
pall.com. 





Membranes are available for several chromatographic modes including ion 
exchange, affinity, hydrophobic interaction, and reverse phase. The ion-exchange 
membranes have a polyethersulfone base modified with sulfonic acid groups 
(cation exchanger) or quaternary amines (anion exchanger). The membranes have 
been found to be effective in separating and purifying proteins, plasmid DNA, 
and other biomolecules. Membranes are available in disposable plastic cartridges 
(5 mL, 140 mL, or 5000 mL volumes), which can be linked to HPLC or FPLC sys- 
tems or used alone with a peristaltic pump or syringe (Figure 5.22). Membrane 
cartridges are designed so they can be set up in flow systems, which allows for 
purification of large sample sizes as used in industry (Figure 5.23). 





Chapter 5 ¢ Purification and Analysis of Biomolecules by Chromatography 161 


Feed in 





























Feed out 
A Flat-sheet membranes 


' 











A__h__h__t__ 
Feed in > is tes i ties ie iiss i > Feed out 
es eile | les, FO 
a a i a a 


Study Problems 


1. 


Amino acid analyzers are instruments that automatically separate amino acids by 
cation-exchange chromatography. Predict the order of elution (first to last) for each of 
the following sets of amino acids at pH = 4. 

(a) Gly, Asp, His 

(b) Arg, Glu, Ala 

(c) Phe, His, Glu 


. Predict the relative order of paper chromatography R f values for the amino acids in 


the following mixture: Ser, Lys, Leu, Val, and Ala. Assume that the developing solvent 
is n-butanol, water, and acetic acid. 


. In what order would the following proteins be eluted from a DEAE-cellulose ion 


exchanger by an increasing salt gradient. The pH; is listed for each protein. 


Egg albumin, 4.6 Cytochrome c, 10.6 
Pepsinogen, 1.0 Myoglobin, 6.8 
Serum albumin, 4.9 Hemoglobin, 6.8 


. Describe the various detection methods that can be used in HPLC. What types of bio- 


molecules are detected by each method? 


. Draw the elution curve (Agg9 vs. fraction number) obtained by passing a mixture of 


the following proteins through a column of Sephadex G-100. The molecular mass is 
given for each protein. 

Myoglobin, 16,900 Myosin, 524,000 

Catalase, 222,000 Serum albumin, 68,500 

Cytochrome c, 13,370 Chymotrypsinogen, 23,240 


FIGURE 5.23 Flow 
options in 
membrane-based 
chromatography. 

A Flat-sheet and 

B Hollow-fiber 
membranes. 
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6. 


7. 
8. 
9. 


10. 


11. 


12. 


13. 


14. 


15. 


Briefly describe how you would experimentally measure the exclusion limit for a 
Sephadex gel whose bottle has lost its label. 
Name three enzymes that you predict will bind to the affinity support, 5'’-AMP-agarose. 
Explain the elution order of amino acids in Figure 5.11. 
Describe how you would use affinity elution to remove the enzyme alcohol dehydro- 
genase bound to a Cibracron blue—agarose column. 
You have read in your botany textbook that bean leaves contain an enzyme that cat- 
alyzes the hydrolysis of the methyl esters of aromatic amino acids (for example, the 
methyl ester of phenylalanine). You wish to design a plan for isolating and purify- 
ing the enzyme. Assume that your last step of purification is to be affinity chro- 
matography. Describe an affinity sorbent that might be effective in purifying the 
protein. 
In affinity chromatography and immunoadsorption, analytes are usually tightly 
bound to the sorbent. Which of the following types of bonding are important in form- 
ing these complexes? 

Hydrogen bonding 

Covalent bonds between carbon atoms 

Ionic bonds 

Hydrophobic interactions 

Van der Waals forces 
You have isolated an unknown protein and wish to estimate its molecular weight 
using column gel filtration with several standard proteins. The gel material is 
Sephacryl S-100. The following elution volumes were measured. 


Protein MW Elution volume (mL) 





Hemoglobin 64,500 10.1 
Egg albumin 45,000 14.5 
Chymotrypsinogen 23,200 25.0 
Myoglobin 16,900 28.2 
Cytochrome c 13,000 31.0 
Unknown ? 75 


What is the approximate molecular weight of the unknown protein? 

Hint: Prepare a graph like in Figure 5.9. 

Which gel filtration medium would be more effective in separating the six proteins in 
Study Problem 12, Sephadex G-50 or G-100? Why? 

Which column chromatographic method is better to separate the proteins below, ion 
exchange or gel filtration? 


Hemoglobin MW = 64,500; isoelectric pH = 6.8 
Myoglobin MW = 17,000; isoelectric pH = 7.0 


Use information from Chapter 2 to help you find the following: 

(a) a recent research article on the purification of egg white lysozyme by membrane- 
based chromatography 

(b) the availability of spin columns for membrane-based chromatography 

(c) chiral chromatography using membranes 
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movement of charged molecules in an electric field. A. Tiselius, a Swede who invented 

the technique in the 1930s, performed experiments in free solution that were severely 
limited by the effects of diffusion and convection currents. Modern electrophoretic techniques 
use a polymerized gel-like matrix, which is more stable as a support medium. The sample to 
be analyzed is applied to the medium as a spot or thin band; hence, the term zonal elec- 
trophoresis is often used. The migration of molecules is influenced by: (1) the size, shape, 
charge, and chemical composition of the molecules to be separated; (2) the rigid, mazelike 
matrix of the gel support; and (3) the applied electric field. Electrophoresis, which is a relatively 
rapid, inexpensive, and convenient technique, is capable of analyzing and purifying many 
different types of biomolecules, but is especially effective with proteins and nucleic acids. The 
newest version of the analytical technique, capillary electrophoresis (CE), provides extremely 
high resolution and is useful for analysis of both large and small molecules. CE has been 
found to be especially useful in the analysis of pharmaceuticals. 

Proteomics, the discipline that attempts systematic, large-scale studies on the structure 
and function of gene products in an organism or cell, is expanding rapidly because of the 
availability of electrophoresis (especially two-dimensional techniques) to analyze proteins 
and peptides. 


E lectrophoresis is an analytical tool that allows biochemists to examine the differential 
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Even though electrophoresis has been studied for more than 80 years, it has 
been a challenge to provide an accurate, theoretical description of the 
electrophoretic movement of molecules in a gel support. However, the lack of 
theoretical understanding has not hampered growth in the use of the technique 
in separating and characterizing a wide variety of biomolecules. 


A. THEORY OF ELECTROPHORESIS 
Introduction 


The movement of a charged molecule in a medium subjected to an electric field 
is represented by Equation 6.1. 


>> v= (Eq. 6.1) 


where 


E = the electric field in volts/cm 
q = the net charge on the molecule 


f = frictional coefficient, which depends on the mass and shape 
of the molecule 


v = the velocity of the molecule 


The charged particle moves at a velocity that depends directly on the electric 
field (E) and charge (q), but inversely on a counteracting force generated by the 
viscous drag (f). The applied voltage represented by E in Equation 6.1 is usually 
held constant during electrophoresis, although some experiments are run under 
conditions of constant current (where the voltage changes with resistance) or con- 
stant power (the product of voltage and current). Under constant-voltage condi- 
tions, Equation 6.1 shows that the movement of a charged molecule depends only 
on the ratio q/f. For molecules of similar conformation (for example, a collection 
of linear DNA fragments or spherical proteins), f varies with size but not shape; 
therefore, the only remaining variables in Equation 6.1 are the charge (q) and mass 
dependence of f, meaning that under such conditions molecules migrate in an 
electric field at a rate proportional to their charge-to-mass ratio. 


Theory and Practice 
The movement of a charged particle in an electric field is often defined in terms 
of mobility, 4, the velocity per unit of electric field (Equation 6.2). 

=S Eq. 6.2 
>> amas (Eq. 6.2) 


This equation can be modified using Equation 6.1. 


E 
>> w= . = (Eq. 6.3) 
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In theory, if the net charge, q, on a molecule is known, it should be possible to 
measure f and obtain information about the hydrodynamic size and shape of 
that molecule by investigating its mobility in an electric field. Attempts to 
define f by electrophoresis have not been successful, primarily because 
Equation 6.3 does not adequately describe the electrophoretic process. 
Important factors that are not accounted for in the equation are interaction of 
migrating molecules with the support medium and shielding of the molecules 
by buffer ions. This means that electrophoresis is not useful for describing spe- 
cific details about the shape of a molecule. Instead, it has been applied to the 
analysis of purity and size of macromolecules. Each molecule in a mixture is 
expected to have a unique charge and size, and its mobility in an electric field 
will therefore be unique. This expectation forms the basis for analysis and sepa- 
ration by all electrophoretic methods. The technique is especially useful for the 
analysis of amino acids, peptides, proteins, nucleotides, nucleic acids, and other 
charged molecules, including pharmaceuticals. 


B. METHODS OF ELECTROPHORESIS 


All modes of electrophoresis are based on the principles just outlined. The major 
difference among the various methods is the type of support medium. Cellulose 
and cellulose acetate are used as a support medium for low-molecular-weight 
biochemicals like amino acids and carbohydrates. Polyacrylamide and agarose 
gels are widely used as support media for larger molecules. In capillary elec- 
trophoresis, several different types of support media, including the natural, 
untreated surfaces inside a silica narrow bore capillary tube, are used. 
Geometries (vertical and horizontal), buffers, and electrophoretic conditions pro- 
vide many different experimental arrangements for the variety of methods 
described here. 


Polyacrylamide Gel Electrophoresis (PAGE) 


Gels formed by polymerization of acrylamide have several positive features in 
electrophoresis: (1) high resolving power for small and moderately sized pro- 
teins and nucleic acids (up to approximately 1 x 10° daltons), (2) acceptance of 
relatively large sample sizes, (3) minimal interactions of the migrating molecules 
with the matrix, and (4) physical stability of the matrix. Recall from the earlier 
discussion of gel filtration (Chapter 5, p. 132) that gels can be prepared with 
different pore sizes by changing the concentration of cross-linking agents. 
Electrophoresis through polyacrylamide gels leads to enhanced resolution of 
sample components because the separation is based on both molecular sieving 
and electrophoretic mobility. The order of molecular movement in gel filtration 
and PAGE is very different, however. In gel filtration, large molecules migrate 
through the matrix faster than small molecules. The opposite is the case for gel 
electrophoresis, where there is no void volume in the matrix, but only a continu- 
ous network of pores throughout the gel. The electrophoresis gel is comparable 
to a single bead in gel filtration. Therefore, large molecules do not move easily 
through the medium, and the order of movement is small molecules followed by 
large molecules. 
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FIGURE 6.1 
Chemical reactions 
illustrating the 
copolymerization 
of acrylamide and 
N,N’-methylene- 
bis-acrylamide. See 
text for details. 


Preparation of Gels 


Polyacrylamide gels are prepared by the free radical polymerization of acrylamide 
and the cross-linking agent N,N’-methylene-bis-acrylamide (Figure 6.1). 
Chemical polymerization is controlled by an initiator-catalyst system, ammonium 
persulfate-N,N,N',N’-tetramethylethylenediamine (TEMED). Photochemical 
polymerization may be initiated by riboflavin in the presence of ultraviolet (UV) 
radiation. A standard gel for protein separation is 7.5% polyacrylamide. It can be 
used over the molecular size range of 10,000 to 1,000,000 daltons; however, the best 
resolution is obtained in the range of 30,000 to 300,000 daltons. The resolving 
power and molecular size range of a gel depend on the concentrations of acry- 
lamide and bis-acrylamide (see Table 6.1 for effective ranges of protein separation). 
Lower concentrations give gels with larger pores, allowing analysis of higher- 
molecular-weight biomolecules. In contrast, higher concentrations of acrylamide 
give gels with smaller pores, allowing analysis of lower-molecular-weight biomol- 
ecules (see Table 6.2 for effective ranges of DNA separation). 

Polyacrylamide gel electrophoresis has been done using either of two 
instrumental arrangements, column or slab. Column gels are rarely used today, 
but they do have historical significance as they are important forerunners of 
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TABLE 6.1 Separation of Proteins by PAGE. The recommended concentrations 
of acrylamide (% w/v) are given that will best separate proteins of 
different molecular weight ranges 





Protein Molecular Weight Range Recommended % Acrylamide (w/v)' 
<10,000 >15% 
10,000-80,000 10-15% 
20,000-—150,000 5-10% 
> 100,000 3-5% 


1Ratio of acrylamide to bis-acrylamide, 37.5:1 (g:g). 


TABLE 6.2 Effective Range of Separation of DNA by PAGE 





Acrylamide! Range of Bromophenol Xylene 
(% w/v) Separation (bp) Blue2 Cyanol? 
3.5 1000-2000 100 450 
5.0 80-500 65 250 
8.0 60-400 50 150 
12.0 40-200 20 75 
20.0 5-100 10 50 


1 Ratio of acrylamide to bis-acrylamide, 20:1. 
? The numbers (in bp) represent the size of DNA fragment with the same mobility as the dye. 


more modern slab gels. Figure 6.2 shows the typical arrangement for a column 
gel. Glass tubes (10cm X 6mmi.d.) are filled with a mixture of acrylamide, 
N,N'-methylene-bis-acrylamide, buffer, and free radical initiator-catalyst. 
Polymerization occurs in 30 to 40 minutes. The gel column is inserted between 
two separate buffer reservoirs. The upper reservoir usually contains the cathode (—) 
and the lower the anode (+). Gel electrophoresis is usually carried out at basic 
pH, where most biological polymers are anionic; hence, they move down toward 
the anode. The sample to be analyzed is layered on top of the gel, and voltage 
is applied to the system. DNA and many proteins are colorless, so a reagent 
dye must be added to monitor the rate of electrophoresis. A “tracking dye” is 
applied, which moves more rapidly through the gel than the sample compo- 
nents. When the dye band has moved to the opposite end of the column, the 
voltage is turned off and the gel is removed from the column and stained with a 
dye. Chambers for column gel electrophoresis, instruments that hold several 
glass tubes, are commercially available or can be constructed from inexpensive 
materials. 


Slab Gel Electrophoresis 

Slab gels are now much more widely used than column gels. A slab gel on which 
several samples may be analyzed is more convenient to make and use than several 
individual column gels. Slab gels also offer the advantage that all samples are 
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FIGURE 6.2 A 
column gel for 
polyacrylamide gel 
electrophoresis. 


Upper buffer chamber 





Cathode 









=<. Gel tube 





analyzed in a matrix environment that is identical in composition compared to 
glass tubes, which may have slightly different compositions. A typical vertical slab 
gel apparatus is shown in Figure 6.3. The polyacrylamide slab is prepared between 
two glass plates that are separated by spacers (Figure 6.4). The spacers allow a uni- 
form slab thickness of 0.5 to 2.0 mm, which is appropriate for analytical and some 
preparative procedures. Slab gels are usually 8 x 10cm or 10 X 10 cm, but for 
nucleotide sequencing, slab gels as large as 20 X 40 cm are often required. 

A plastic “comb” inserted into the top of the slab gel during polymerization 
forms indentations in the gel that serve as sample wells. Up to 20 sample wells 
may be formed. After polymerization, the comb is carefully removed and the 
wells are rinsed thoroughly with buffer to remove salts and any unpolymerized 
acrylamide. The gel plate is clamped into place between two buffer reservoirs, a 
sample is loaded into each well, and voltage is applied. For visualization, the 
slab is removed and stained with an appropriate dye, or in some cases, the gel 
may be prestained with the dye before electrophoresis. 

Perhaps the most difficult and inconvenient aspect of polyacrylamide gel 
electrophoresis is the preparation of gels. The monomer, acrylamide, is a neuro- 
toxin and a carcinogenic agent; hence, special handling is required. Other neces- 
sary reagents including catalysts and initiators also require special handling and 
are unstable. In addition, it is difficult to make gels that have reproducible thick- 
nesses and compositions. Many researchers are now turning to the use of precast 
polyacrylamide gels. Several manufacturers now offer gels precast in glass or 
plastic cassettes. Gels for all experimental operations are available, including 


PROTEAN II xi system components 
1. Tank and lid 

2. Central cooling core 

3. Latch (black) 

4. Casting stand 

5. Sandwich clamps 
6. Alignment card 

7. Combs 








FIGURE 6.3 A 
vertical elec- 
trophoresis 
apparatus for slab 
gel analysis of 
proteins. 
Permission to 

use the materials 
has been granted 
by Bio-Rad 
Laboratories, Inc., 
7 www.bio-rad.com. 


Spacer 


Back plate 


Front plate 


FIGURE 6.4 
Arrangement of 
two glass plates 
with spacers to 
form a slab gel. 
The comb is used to 
prepare wells for 
placement of 


samples. wi 


172 Chapter 6 ¢ Characterization of Proteins and Nucleic Acids by Electrophoresis 


FIGURE 6.5 The 
process of disc gel 
electrophoresis. 

A Before 
electrophoresis. 

B Movement of 
chloride, glycinate, 
and protein 
through the 
stacking gel. 

C Separation of 
protein samples by 
the resolving gel. 


single percentage (between 3% and 27%) or gradient gel concentrations and a 
variety of sample well configurations and buffer chemistries. More details on 
precast gels will be given in Section C, Practical Aspects of Electrophoresis. 

Several modifications of PAGE have greatly increased its versatility and 
usefulness as an analytical tool. 


Discontinuous Gel Electrophoresis 


The experimental arrangement for “disc” gel electrophoresis is shown in 
Figure 6.5. Three significant characteristics of this method are that: (1) there are 
two gel layers, a lower or resolving gel and an upper or stacking gel; (2) the 
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buffers used to prepare the two gel layers are of different ionic strengths and 
pH; and (3) the stacking gel has a lower acrylamide concentration, so its pore 
sizes are larger. These three changes in the experimental conditions cause the 
formation of highly concentrated bands of sample in the stacking gel and 
greater resolution of the sample components in the lower gel. Sample concen- 
tration in the upper gel occurs in the following manner. The sample is usually 
dissolved in glycine-chloride buffer, pH 8 to 9, before loading on the gel. 
Glycine exists primarily in two forms at this pH, a zwitterion and an anion 
(Equation 6.4). 


+ 
>> H3NCH,COO” = > H,NCH,COO™ + H* (Eq. 6.4) 


The average charge on glycine anions at pH 8.5 is about —0.2. When the volt- 
age is turned on, buffer ions (glycinate and chloride) and protein or nucleic acid 
sample move into the stacking gel, which has a pH of 6.9. Upon entry into the 
upper gel, the equilibrium of Equation 6.4 shifts toward the left, increasing the 
concentration of glycine zwitterion, which has no net charge and hence no elec- 
trophoretic mobility. In order to maintain a constant current in the electrophore- 
sis system, a flow of anions must be maintained. Since most proteins and nucleic 
acid samples are still anionic at pH 6.9, they replace glycinate as mobile ions. 
Therefore, the relative ion mobilities in the stacking gel are chloride > protein or 
nucleic acid sample > glycinate. The sample will tend to accumulate and form a 
thin, concentrated band sandwiched between the chloride and glycinate as they 
move through the upper gel. Since the acrylamide concentration in the stacking 
gel is low (2% to 3%), there is little impediment to the mobility of the large sample 
molecules. 

Now, when the ionic front reaches the lower gel with pH 8 to 9 buffer, the 
glycinate concentration increases and anionic glycine and chloride carry most 
of the current. The protein or nucleic acid sample molecules, now in a narrow 
band, encounter both an increase in pH and a decrease in pore size. The 
increase in pH would, of course, tend to increase electrophoretic mobility, but 
the smaller pores decrease mobility. The relative rate of movement of anions 
in the lower gel is chloride > glycinate > protein or nucleic acid sample. The 
separation of sample components in the resolving gel occurs as described in 
an earlier section on gel electrophoresis. Each component has a unique 
charge/mass ratio and a discrete size and shape, which directly influence its 
mobility. Disc gel electrophoresis yields excellent resolution and is the method 
of choice for analysis of proteins and nucleic acid fragments. Protein or nucleic 
acid bands containing as little as 1 or 2 wg can be detected by staining the gels 
after electrophoresis. 


STUDY EXERCISE 6.1 PAGE 


You are using the technique of nondenaturing PAGE to separate a mixture of two pro- 
teins, bovine serum albumin and bovine hemoglobin. Assume that you are using a buffer 
of pH 8.0 and a gel of 7.5% acrylamide, and that silver staining was used for detection. 
Show the results of your experiment by drawing a gel with dark bands for each protein. 
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Protein pH, MW 
Bovine serum albumin 49 65,000 
Bovine hemoglobin 6.8 65,000 


Sodium Dodecyl Sulfate—-Polyacrylamide Gel 
Electrophoresis (SDS-PAGE) 


If protein samples are treated so that they have a uniform charge, electrophoretic 
mobility then depends primarily on size (see Equation 6.3). The molecular 
weights of proteins may be estimated if they are subjected to electrophoresis in 
the presence of a detergent, sodium dodecyl sulfate (SDS), and a disulfide bond 
reducing agent, mercaptoethanol. This method is often called denaturing 
electrophoresis. 

The electrophoretic techniques previously discussed are called nondena- 
turing or “native” PAGE and are used when an investigator requires that the 
protein analyzed still retains its biological activity. This would be the case when 
the protein is an enzyme or antibody, or contains a receptor binding site. The 
separation of proteins under these conditions in which they maintain their native 
conformation is influenced by both charge and size. 

When protein molecules are treated with SDS, the detergent disrupts the 
secondary, tertiary, and quaternary structure to produce linear polypeptide 
chains coated with negatively charged SDS molecules. The presence of mer- 
captoethanol assists in protein denaturation by reducing all disulfide bonds. 
The detergent binds to hydrophobic regions of the denatured protein chain in 
a constant ratio of about 1.4 g of SDS per gram of protein. The bound deter- 
gent molecules carrying negative charges mask the native charge of the 
protein. In essence, polypeptide chains of a constant charge/mass ratio and 
uniform shape are produced. The electrophoretic mobility of the SDS-protein 
complexes is influenced primarily by molecular size: the larger molecules are 
retarded by the molecular sieving effect of the gel, and the smaller molecules 
have greater mobility. Empirical measurements have shown a linear relation- 
ship between the log molecular weight and the electrophoretic mobility 
(Figure 6.6). 

In practice, a protein of unknown molecular weight and subunit structure 
is treated with 1% SDS and 0.1 M mercaptoethanol in electrophoresis buffer. A 
standard mixture of proteins with known molecular weights must also be sub- 
jected to electrophoresis under the same conditions. Two broad sets of standards 
are commercially available, one for low-molecular-weight proteins (molecular 
weight range 14,000 to 100,000) and one for high-molecular-weight proteins 
(45,000 to 200,000). Figure 6.7 shows a stained gel after electrophoresis of a stan- 
dard protein mixture. (For details on stains and staining, see Section C.) After 
electrophoresis and dye staining, mobilities are measured and molecular 
weights determined graphically. 

SDS-PAGE is valuable for estimating the molecular weight of protein sub- 
units. This modification of gel electrophoresis finds its greatest use in character- 
izing the sizes and different types of subunits in oligomeric proteins. SDS-PAGE 
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Molecular weight (x 1074) 
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Mobility 


FIGURE 6.6 Graph illustrating the linear relationship between electrophoretic mobility of a 
protein and the log of its molecular weight. Thirty-seven different polypeptide chains with a 
molecular weight of 11,000 to 70,000 are shown. Gels were run in the presence of SDS. From 
K. Weber and M. Osborn, J. Biol. Chem. 244, 4406 (1969). By permission of the copyright 
owner, the American Society for Biochemistry and Molecular Biology, Inc. 


is limited to a molecular weight range of 10,000 to 200,000. Gels of less than 2.5% 
acrylamide must be used for determining molecular weights above 200,000, but 
these gels do not set well and are very fragile because of minimal cross-linking. 
A modification using gels of agarose-acrylamide mixtures allows the measure- 
ment of molecular weights above 200,000. 





FIGURE 6.7. A comparison of the sensitivities achieved with three different protein stains. Identical SDS-polyacrylamide 
gels were stained with A SYPRO Red protein gel stain; B Silver stain; C Coomassie brilliant blue dye. Courtesy of 
Molecular Probes; www.probes.com, a part of Invitrogen Corporation; www.invitrogen.com. 
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ae STUDY EXERCISE 6.2 SDS-PAGE 


You have just completed an experiment using SDS-PAGE to study the subunit struc- 
ture of ferritin (iron storage protein). Ferritin is composed of two types of subunits, 
H and L, in about equal quantities. You have included in your electrophoresis several 
standard proteins of known molecular weight. Draw the final stained gel in the form 
of Figure 6.7. 





Protein MW 

Ferritin 500,000 
Subunit H 22,000 
Subunit L 19,000 
a-lactalobumin 14,200 
Trypsinogen 24,000 
Egg albumin 45,000 
Bovine serum albumin 65,000 


Nucleic Acid Sequencing Gels 


Sequence analysis of nucleic acids is based on the generation of sets of DNA or 
RNA fragments with common ends and the separation of these oligonucleotide 
fragments by polyacrylamide electrophoresis. Two methods have been developed 
for sequencing nucleic acids: (1) the partial chemical degradation method of 
Maxam and Gilbert, which uses four specific chemical reactions to modify bases 
and cleave phosphodiester bonds, and (2) the chain termination method devel- 
oped by Sanger, which requires a single-stranded DNA template and chain exten- 
sion processes, followed by chain termination caused by the presence of 
dideoxynucleoside triphosphates. Both sequencing methods result in nested sets of 
DNA or RNA fragments that have one common end and chains varying in length. 
The smallest possible size difference of nucleic acid fragments is one nucleotide. 
Separation of the nucleic acid fragments by polyacrylamide electrophoresis allows 
one to “read” the sequence of nucleotides from the gel (see Chapter 9, p. 282). 


Using Sequencing Gels 

The experimental arrangement is the same as that previously described for 
PAGE; however, the gel is prepared with many sample wells to accommodate a 
large number of samples. Sequence gels of 6, 8, 12, and 20% polyacrylamide are 
routinely used. Gels of 20% may be used to sequence the first 50 to 100 nu- 
cleotides of a nucleic acid, and lower percentage gels allow sequencing out to 
250 nucleotides. Sequencing gels are large (up to 40 cm), and power supplies 
must provide more power than for conventional methods. Precast sequencing 
gels are now commercially available from Stratagene and other suppliers. They 
have a gel concentration of 5.5%, have 32 sample wells, and will sequence up to 
500 nucleotides. Denaturants such as urea and formamide are required to 
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prevent renaturing of the nucleic acid fragments during electrophoresis. For de- 
tection, nucleic acid chains for sequencing must be end-labeled with *P, *°S, or a 
fluorescent tag. °*P- and *°S-labeled nucleic acids on gels are detected by autora- 
diography (see later). Nucleic acids end-labeled with fluorescent molecules are 
detected by fluorimeter scanning of the gels. Many researchers working on the 
large and expensive Human Genome Project! have generated huge amounts of 
DNA sequence data. Much of this information is stored in computer data banks 
for use by researchers around the world. 


Agarose Gel Electrophoresis 


The electrophoretic techniques discussed up to this point are useful for analyz- 
ing proteins and small fragments of nucleic acids up to 350,000 daltons (500 bp) 
in molecular size; however, the small pore sizes in the gel are not appropriate for 
analysis of large nucleic acid fragments or intact DNA molecules. The standard 
method used to characterize RNA and DNA in the range 200 to 50,000 base pairs 
(50 kilobases) is electrophoresis with agarose as the support medium. 

Agarose, a product extracted from seaweed, is a linear polymer of galac- 
topyranose derivatives. Gels are prepared by dissolving agarose in warm elec- 
trophoresis buffer. After cooling the gel mixture to 50°C, the agarose solution is 
poured between glass plates as described for polyacrylamide. Gels with less than 
0.5% agarose are rather fragile and must be used in a horizontal arrangement 
(Figure 6.8). The sample to be separated is placed in a sample well made with a 
comb, and voltage is applied until separation is complete. Precast agarose gels of 
all shapes, sizes, and percent composition are commercially available. 

Nucleic acids can be visualized on the slab gel after separation by soaking in a 
solution of ethidium bromide, a dye that displays enhanced fluorescence when 
intercalated between stacked nucleic acid bases. Ethidium bromide may be added 
directly to the agarose solution before gel formation. This method allows monitor- 
ing of nucleic acids during electrophoresis. Irradiation of ethidium bromide-treated 
gels by UV light results in orange-red bands where nucleic acids are present. Nucleic 
acids may also be stained with the new, fluorescent SYBR dyes, which are less toxic 








! The Human Genome Project was a federal, government-sponsored program to sequence all DNA in 
human chromosomes. The project was completed in 2001. 


FIGURE 6.8 An 
apparatus for 
horizontal slab gel 
electrophoresis of 
nucleic acids. 
Courtesy of Hoefer, 
Inc. www.hoeferinc. 
com. 
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TABLE 6.3 Effective Range of Separation of DNA by Agarose 





Agarose (% w/v) Effective Range (kb) 
0.3 5-50 
0.5 2-25 
0.7 0.8-10 
1.2 0.4—5 
1.5 0.2-3 
2.0 0.1-2 


than the mutagenic ethidium bromide. The newest, least toxic, and most sensitive 
stains for nucleic acids are GelRed and GelGreen from Biotium, Inc. (See Section C.) 

The mobility of nucleic acids in agarose gels is influenced by the agarose 
concentration and the molecular size and molecular conformation of the nucleic 
acid. Agarose concentrations of 0.3 to 2.0% are most effective for nucleic acid sep- 
aration (Table 6.3). Adding ethidium bromide to the gel can retard DNA mobility. 
Like proteins, nucleic acids migrate at a rate that is inversely proportional to the 
logarithm of their molecular weights; hence, molecular weights can be estimated 
from electrophoresis results using standard nucleic acids or DNA fragments of 
known molecular weight. The DNA conformations most frequently encountered 
are superhelical circular (form I), nicked circular (form ID, and linear (form IID. 
The small, compact, supercoiled form I molecules usually have the greatest 
mobility, followed by the rodlike, linear form III molecules. The extended, circu- 
lar form II molecules migrate more slowly. The relative electrophoretic mobility 
of the three forms of DNA, however, depends on experimental conditions such 
as agarose concentration and ionic strength. 

The versatility of agarose gels is obvious when one reviews their many 
applications in nucleic acid analysis. The rapid advances in our understanding 
of nucleic acid structure and function in recent years are due primarily to the 
development of agarose gel electrophoresis as an analytical tool. Two of the 
many applications of agarose gel electrophoresis will be described here. 


Analysis of DNA Fragments after Digestion 
by Restriction Endonucleases 


Restriction endonucleases are enzymes that recognize a specific base sequence in 
double-stranded DNA and catalyze cleavage (hydrolysis of phosphodiester bonds) 
in or near that specific region (see Chapter 10, Section B, p. 297). Many viral, bacterial, 
or animal DNA molecules are substrates for the enzymes. When each type of DNA is 
treated with a restriction endonuclease, a specific number of DNA fragments is 
produced. The base sequence recognized by the enzyme occurs only a few times in 
any particular DNA molecule; therefore, the smaller the DNA molecule, the fewer 
specific cleavage sites there are. Viral or phage DNA, for example, is cleaved into 
about 50 fragments depending on the enzyme used, whereas larger bacterial or 
animal DNA may be cleaved into hundreds or thousands of fragments. Smaller 
DNA molecules, upon cleavage with a particular enzyme, will produce a limited 
set of fragments. It is unlikely that this set of fragments will be the same for any two 
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different DNA molecules, so the fragmentation pattern can be considered a “finger- 
print” of the DNA substrate. The restriction pattern is produced by electrophoresis 
of the cleavage reaction mixture through agarose gels, followed by staining with 
ethidium bromide or SYBR dyes (Figure 6.9). The separation of the fragments is 
based on molecular size, with large fragments remaining near the origin and smaller 
fragments migrating farther down the gel. In addition to characterization of DNA 





FIGURE 6.9 Restriction patterns produced by agarose electrophoresis of DNA fragments 
after endonuclease action. DNA molecular weight ladders have been electrophoresed on a 1% 
agarose gel and then stained with SYBR Green | nucleic acid gel stain. Lanes 1 and 8 contain 
Hindlll-cut A DNA; lanes 2 and 7, Haelll-cut ® X174 RF DNA; lanes 3 and 6, 1 kilobase pair DNA 
ladder; lane 4, 100 base pair DNA ladder; lane 5, EcoR-I-cut pUC19 DNA mixed with Pstl-cut ® 
X174 RF DNA. 
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structure, endonuclease digestion coupled with agarose gel electrophoresis is a 
valuable tool for plasmid mapping and DNA recombination experiments. 


Characterization of Superhelical Structure of DNA 


The structure of plasmid, viral, and bacterial DNA is often closed circular with 
negative superhelical turns. It is possible under various experimental conditions to 
induce reversible changes in the conformation of DNA. The intercalating dye 
ethidium bromide causes an unwinding of supercoiled DNA that affects its elec- 
trophoretic mobility. Electrophoresis of DNA on agarose in the presence of 
increasing concentrations of ethidium bromide provides an unambiguous method 
for distinguishing between closed circular and other DNA conformations. 

Closed circular, negatively supercoiled DNA (form I) usually has the great- 
est electrophoretic mobility of all DNA forms because supercoiled DNA mole- 
cules tend to be compact. If ethidium bromide is added to form I DNA, the dye 
intercalates between the stacked DNA bases, causing unwinding of some of 
the negative supercoils. As the concentration of ethidium bromide is increased, 
more and more of the negative supercoils are removed until no more are present 
in the DNA. The conformational change of the DNA supercoil can be monitored 
by electrophoresis because the mobility decreases with each unwinding step. 
With increasing concentration of ethidium bromide, the negative supercoils are 
progressively unwound and the electrophoretic mobility decreases to a mini- 
mum. This minimum represents the free dye concentration necessary to remove 
all negative supercoils. (The free dye concentration at this minimum has been 
shown to be related to the superhelix density, which is a measure of the extent of 
supercoiling ina DNA molecule.) The circular DNA at this point is equivalent to 
the “relaxed” form. If more ethidium bromide is added to the relaxed DNA, pos- 
itive superhelical turns are induced in the structure and the electrophoretic 
mobility increases. Forms II and III DNA, under the same conditions of increas- 
ing ethidium bromide concentration, show a gradual decrease in electrophoretic 
mobility throughout the entire concentration range. 

Agarose gel electrophoresis is able to resolve topoisomers of native, cova- 
lently closed, circular DNA that differ only in their degree of supercoiling. This 
technique has proved useful in the analysis and characterization of enzymes that 
catalyze changes in the conformation or topology of native DNA. These enzymes, 
called topoisomerases, have been isolated from bacterial and mammalian cells. 
They change DNA conformations by catalyzing nicking and closing of phospho- 
diester bonds in circular duplex DNA. Agarose gel electrophoresis is an ideal 
method for identifying and assaying topoisomerases because the intermediate 
DNA molecules can be resolved on the basis of the extent of supercoiling. 
Topoisomerases may be assayed by incubating native DNA with an enzyme 
preparation, removing aliquots after various periods of time, and subjecting them 
to electrophoresis on an agarose gel with standard supercoiled and relaxed DNA. 


Pulsed Field Gel Electrophoresis (PFGE) 


Conventional agarose gel electrophoresis is limited in use for the separation of 
nucleic acid fragments smaller than 50,000 bp (50 kb). In practice, that limit is 
closer to 20,000 to 30,000 bp if high resolution is desired. Since chromosomal 
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DNA from most organisms contains thousands and even millions of base pairs, 
the DNA must be cleaved by restriction enzymes before analysis by standard 
electrophoresis. In the early 1980s, Schwartz and Cantor at Columbia University 
discovered that large molecules of DNA (yeast chromosomes, 200-3000 kb) 
could be separated by pulsed field gel electrophoresis (PFGE). There is one 
major distinction between standard gel electrophoresis and PFGE. In PFGE, the 
electric field is not constant as in the standard method, but is changed repeated- 
ly (pulsed) in direction and strength during the separation (Figure 6.10). The 
physical mechanism for separation of the large DNA molecules as they move 
through the gel under these conditions is not yet well understood. An early 
explanation was that the electrical pulses abruptly perturbed the conformation 
of the DNA molecules. They would be oriented by the influence of the electric 
field coming from one direction and then reoriented as a new electric field at a 
different angle to the first was turned on. According to this explanation, it takes 
longer for larger molecules to reorient, so smaller fragments respond faster to the 
new pulse and move faster. More recent experiments on dyed DNA moving in 
gels have shown that conformational changes of the DNA are not abrupt, but 
more gradual, in response to the electrical pulse, and DNA molecules tend to 
“slither” through the gel matrix. In addition, it has been discovered that the gel 
becomes more fluid during electrical pulsing. 


Applications of PFGE 


Even though our theoretical understanding of PFGE is lacking, practical applica- 
tions and experimental advances are expanding rapidly. The availability of 
PFGE has sparked changes in DNA research. New methods for isolating intact 
DNA molecules have been developed. Because of mechanical breakage, the aver- 
age size of DNA isolated from cells in the presence of lysozyme, detergent, and 
EDTA is about 400-500 kb (see Chapter 9, Section B, p. 275). Intact chromosomal 
DNA can be isolated by embedding cells in an agarose matrix and disrupting the 
cells with detergents and enzymes. Slices or “plugs” of the agarose with intact 
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FIGURE 6.10 Pulsed field gel electrophoresis. Generalized PFGE separation of four DNA fragments of different sizes 
in one lane. A DNA molecules of various shapes and configurations move toward the positive field. B The new field 
orientation pulls the DNA in a different direction, realigning the molecules. C The field returns to the original 
configuration. D The bands show the final position of a large collection of the molecules. Reprinted with permission 
from the Journal of NIH Research 1, 115 (1999). Illustration by Terese Winslow. 
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DNA are then placed on the gel for PFGE analysis. Newly discovered restriction 
endonucleases that cut DNA only rarely can now be used to subdivide 
chromosome-sized DNA. Two important endonucleases with eight-base recog- 
nition sites are Not Iand Sfi I. 

There are also many instrumental advances that allow changes in the 
experimental design of PFGE. Some of the variables that can be changed for each 
experiment are voltage, pulse length, number of electrodes, relative angle of elec- 
trodes, gel box design, temperature, agarose concentration, buffer pH, and time 
of electrophoresis. 

Like all laboratory techniques, PFGE has its disadvantages and problems. 
Long periods of electrophoresis are often required for good resolution, and mi- 
gration of fragments is extremely dependent on experimental conditions. 
Therefore, it is difficult to compare gels even when they are run under similar 
conditions. In spite of these shortcomings, PFGE will continue to advance as a 
significant tool for the characterization of very large molecules. The technique, 
which was widely used in the Human Genome Project, will greatly increase our 
understanding of chromosome structure and function. 


Isoelectric Focusing of Proteins 


Another important and effective use of electrophoresis for the analysis of pro- 
teins is isoelectric focusing (IEF), which examines electrophoretic mobility as a 
function of pH. The net charge on a protein is pH dependent. Proteins below 
their isoelectric pH (pHy, or sometimes Py; the pH at which they have zero net 
charge) are positively charged and migrate in a medium of fixed pH toward the 
negatively charged cathode. At a pH above its isoelectric point, a protein is 
deprotonated and negatively charged and migrates toward the anode. If the pH 
of the electrophoretic medium is identical to the pH, of a protein, the protein 
has a net charge of zero and does not migrate toward either electrode. 
Theoretically, it should be possible to separate protein molecules and to esti- 
mate the pH, of a protein by investigating the electrophoretic mobility in a 
series of separate experiments in which the pH of the medium is changed. The 
pH at which there is no protein migration should coincide with the pH; of the 
protein. Because such a repetitive series of electrophoresis runs is a rather 
tedious and time-consuming way to determine the pHy, IEF has evolved as an 
alternative method for performing a single electrophoresis run in a medium of 
gradually changing pH (i.e., a pH gradient). 


Separating Proteins by IEF 


Figure 6.11 illustrates the construction and operation of an IEF pH gradient. An 
acid, usually phosphoric, is placed at the cathode; a base, such as tri- 
ethanolamine, is placed at the anode. Between the electrodes is a medium in 
which the pH gradually increases from 2 to 10. The pH gradient can be formed 
before electrophoresis is conducted or formed during the course of electrophore- 
sis. The pH gradient can be either broad (pH 2-10) for separating several pro- 
teins of widely ranging pH values, or narrow (pH 7-8) for precise determination 
of the pH of a single protein. P in Figure 6.11 represents different molecules of 
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the same protein in two different regions of the pH gradient. Assuming that the 
pH in region 1 is less than the pH of the protein and the pH in region 2 is greater 
than the pH of the protein, molecules of P in region 1 will be positively charged 
and will migrate in an applied electric field toward the cathode. As P migrates, it 
will encounter an increasing pH, which will influence its net charge. As it 
migrates up the pH gradient, P will become increasingly deprotonated and its 
net charge will decrease toward zero. When P reaches a region where its net 
charge is zero (region 3), it will stop migrating. The pH in this region of the elec- 
trophoretic medium will coincide with the pH; of the protein and can be meas- 
ured with a surface microelectrode, or the position of the protein can be 
compared to that of a calibration set of proteins of known pH values. P mole- 
cules in region 2 will be negatively charged and will migrate toward the anode. 
In this case, the net charge on P molecules will gradually decrease to zero as P 
moves down the pH gradient, and P molecules originally in region 2 will 
approach region 3 and come to rest. The P molecules move in opposite direc- 
tions, but the final outcome of IEF is that P molecules located anywhere in the 
gradient will migrate toward the region corresponding to their isoelectric point 
and will eventually come to rest in a sharp band; that is, they will “focus” at a 
point corresponding to their pH. 

Since different protein molecules in mixtures have different pHy values, it is 
possible to use IEF to separate proteins. In addition, the pH; of each protein in 
the mixture can be determined by measuring the pH of the region where the pro- 
tein is focused. 


Practical Aspects of IEF 


The pH gradient is prepared in a horizontal glass tube or slab. Special precau- 
tions must be taken so that the pH gradient remains stable and is not disrupted 
by diffusion or convective mixing during the electrophoresis experiment. The 
most common stabilizing technique is to form the gradient in a polyacrylamide, 
agarose, or dextran gel. The pH gradient is formed in the gel by electrophoresis 
of synthetic polyelectrolytes, called ampholytes, which migrate to the region of 


FIGURE 6.11 
Illustration of 
isoelectric focusing. 
See text for details. 
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their pHy values just as proteins do and establish a pH gradient that is stable 
for the duration of the IEF run. Ampholytes are low-molecular-weight polymers 
that have a wide range of isoelectric points because of their numerous amino and 
carboxyl or sulfonic acid groups. The polymer mixtures are available in specific 
pH ranges (pH 5-7, 6-8, 3.5-10, etc.). It is critical to select the appropriate pH 
range for the ampholyte so that the proteins to be studied have pH, values in 
that range. The best resolution is, of course, achieved with an ampholyte mixture 
over a small pH range (about two units) encompassing the pH, of the sample 
proteins. If the pH; values for the proteins under study are unknown, an 
ampholyte of wide pH range (pH 3-10) should be used first and then a narrower 
pH range selected for use. 

The gel medium is prepared as previously described except that the appro- 
priate ampholyte is mixed prior to polymerization. The gel mixture is poured 
into the desired form (column tubes, horizontal slabs, etc.) and allowed to set. 
Immediately after casting of the gel, the pH is constant throughout the medium, 
but application of voltage will induce migration of ampholyte molecules to form 
the pH gradient. The standard gel for proteins with molecular sizes up to 100,000 
daltons is 7.5% polyacrylamide; however, if larger proteins are of interest, gels 
with larger pore sizes must be prepared. Such gels can be prepared with a lower 
concentration of acrylamide (about 2%) and 0.5 to 1% agarose to add strength. 
Precast gels for isoelectric focusing are also commercially available. 

The protein sample can be loaded on the gel in either of two ways. A con- 
centrated, salt-free sample can be layered on top of the gel as previously 
described for ordinary gel electrophoresis. Alternatively, the protein can be 
added directly to the gel preparation, resulting in an even distribution of protein 
throughout the medium. The protein molecules move more slowly than the low- 
molecular-weight ampholyte molecules, so the pH gradient is established before 
significant migration of the proteins occurs. Very small protein samples can be 
separated by IEF. For analytical purposes, 10 to 50 yg is a typical sample size. 
Larger sample sizes (up to 20 mg) can be used for preparative purposes. 


Two-Dimensional Electrophoresis (2-DE) of Proteins 


The separation of proteins by IEF is based on charge, whereas SDS-PAGE sepa- 
rates molecules based on molecular size. A combination of the two methods 
leads to enhanced resolution of complex protein mixtures. Such an experiment 
was first reported by O'Farrell and the combined method has since become a 
routine and powerful separatory technique. Figure 6.12 shows the results of 
O’Farrell’s analysis of total Escherichia coli protein. The sample was first separat- 
ed in one dimension by IEF. The sample gel was then transferred to an SDS- 
PAGE slab and electrophoresis was continued in the second dimension. At least 
1000 discrete protein spots are visible. 

The technique of 2-DE is a powerful tool for researchers in the new field of 
proteomics, whose goal is the systematic study of the structure, interactions, and 
biological function of the proteins expressed by the genome (proteome) of an 
organism. We see that the 1000 or so proteins in the E. coli cell are well resolved 
by 2-DE (Figure 6.12), but what about the numerous proteins expressed in higher 
organisms like humans? It is currently estimated from data generated by the 
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Human Genome Project that humans have about 20,000—25,000 genes. This num- 
ber does not relate directly to the number of proteins because many of the genes 
are alternately spliced and because of numerous post-translational modification 
processes. It is now estimated that there may be as many as one million different 
protein products in the human. This is a daunting number even for the high res- 
olution displayed in 2-DE. It is not realistic to imagine that 2-DE techniques will 
ever be able to analyze this many proteins, not only because of the complexity, 
but also because the technique is tedious and time-consuming, and the gels are 
difficult to analyze. However, when 2-DE data are combined and analyzed by 
modern computer software, valuable on-line databases on protein expression 
may be constructed. In addition, when proteins separated by 2-DE are further 
analyzed by mass spectrometry (see Chapter 7, Section D, p. 230), partial protein 
sequence data can be obtained. 

The 2-DE technique is also of value in developmental biochemistry, where 
the increase or decrease in intensity of a spot representing a specific protein may 
be monitored as a function of cell growth. 


Capillary Electrophoresis (CE) 


Capillary electrophoresis is a new technique that combines the high resolving 
power of electrophoresis with the speed, versatility, and automation of high- 
performance liquid chromatography (HPLC). It offers the ability to analyze very 
small samples (5-10 nL) utilizing up to 1 million theoretical plates to achieve 
high resolution and sensitivity to the attomole level (107 '8 mole). It will become 
a widely used technique in the analysis of amino acids, peptides, proteins, nucleic 
acids, and pharmaceuticals. 


CE in Practice 

A general experimental design is diagrammed in Figure 6.13. The equipment 
consists of a power supply, two buffer reservoirs, a buffer-filled capillary tube, 
and an on-line detector. Platinum electrodes connected to the power supply are 


FIGURE 6.12 
Two-dimensional 
electrophoresis of 
total E. coli 
proteins. Photo 
courtesy of 

Dr. P. O'Farrell. 
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FIGURE 6.13 
Experimental setup 
for capillary 
electrophoresis. 
Courtesy of Bio-Rad 
Laboratories, Life 
Science Research 


Group, Hercules, CA. 
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immersed in each buffer reservoir. A high voltage is applied along the capillary, 
and a small plug of sample solution is injected into one end of the capillary. 
Components in the solution migrate along the length of the capillary under the 
influence of the electric field. Molecules are detected as they exit from the oppo- 
site end of the capillary. The detection method used depends on the type of mol- 
ecules separated, but the most common are UV-VIS fixed-wavelength detectors 
and diode-array detectors (see Chapter 7, pp. 210-211). The capillaries used are 
flexible, fused, silica tubes of 5-100 wm id. and 25-100 cm length that may or 
may not be filled with chromatographic matrix. 

A major advantage of capillary electrophoresis is that many analytical 
experimental designs are possible, just as in the case of HPLC. In HPLC, a wide 
range of molecules can be separated by changing the column support (see 
Chapter 5, Section F, p. 140). In CE, the capillary tube may be coated or filled with 
a variety of materials. For separation of small, charged molecules, bare silica or 
polyimide-coated capillaries are often used. If separation by molecular sieving 
is desired, the tube is filled with polyacrylamide or SDS-polyacrylamide. If the 
capillary is filled with electrolyte and an ampholyte pH gradient, isoelectric 
focusing experiments on proteins may be done. We can expect to see numerous 
applications of CE in all aspects of biochemistry and molecular biology. New 
applications will include DNA sequencing, analysis of single cells, and 
separations of neutral molecules. (For example, see nucleotide separation in 
Figure 6.14.) 


Immunoelectrophoresis (IE) 


In immunoelectrophoresis, two sequential procedures are applied to the analysis 
of complex protein mixtures: (1) separation of the protein mixture by agarose gel 
electrophoresis, followed by (2) interaction with specific antibodies to examine 
the antigenic properties of the separated proteins. 
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The technique of IE was first reported by Grabar and Williams in 1953 for 
the separation and immunoanalysis of serum proteins, but it can be applied to 
the analysis of any purified protein or complex mixture of proteins. In practice 
(Figure 6.15), a protein mixture is separated by standard electrophoresis in an 
agarose gel prepared ona small glass plate. This is followed by exposing the sep- 
arated proteins to a specific antibody preparation. The antibody is added to a 
trough cut into the gel, as shown in Figure 6.15, and is allowed to diffuse through 
the gel toward the separated proteins. If the antibody has a specific affinity for 
one of the proteins, a visible precipitin arc forms. This is an insoluble complex 
formed at the boundary of antibody and antigen protein. The technique is most 
useful for the analysis of protein purity, composition, and antigenic properties. 
The basic IE technique described here allows only qualitative examination of 
antigenic proteins. If quantitative results in the form of protein antigen concen- 
tration are required, the advanced modifications rocket immunoelectrophoresis 
and two-dimensional (crossed) immunoelectrophoresis may be used. 


FIGURE 6.14 
Separation of 

a series of 
oligonucleotides 
using capillary 
electrophoresis. 
The compounds are 
separated ona 
capillary coated on 
the inside with 
polyacryloylamino- 
ethoxyethanol. The 
structures of the 
standard oligonu- 
cleotides are shown 
in the lower 
diagram. Adapted 
from Bio-Rad 
Laboratories, Inc., 
www.bio-rad.com. 
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FIGURE 6.15 
Immunoelec- 
trophoresis. 

A Antigen is placed 
in sample wells. 

B Electrophoresis. 
C Antiserum con- 
taining antibody is 
placed in trough. 
D Insoluble 
antigen-antibody 
complexes form 
precipitin arcs. 
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C. PRACTICAL ASPECTS OF ELECTROPHORESIS 
Instrumentation 


The basic components required for electrophoresis are a power supply and an 
electrophoresis chamber (gel box). A power supply that provides a constant cur- 
rent is suitable for most conventional electrophoresis experiments. Power supplies 
that generate both constant voltage (up to 4 kV) and constant current (up to 200 mA) 
are commercially available. In order to implement the many modifications of elec- 
trophoresis, such versatile power supplies are essential in a research laboratory. 
If isoelectric focusing experiments are planned, a power supply that furnishes a 
constant voltage is necessary. DNA sequencing experiments require power sup- 
plies capable of generating 2-4 kV. Because of the high power requirements of 
these experiments, the glass plates sandwiching the gel must be covered with con- 
ductive aluminum plates to dissipate heat and prevent gel melting and glass plate 
breakage. CE also requires the use of high voltage, which generates heat as well. 
However, the heat is quickly dissipated through the thin walls of the capillary tub- 
ing. Pulsed field electrophoresis experiments have special requirements, includ- 
ing a high-voltage power supply, electrical switching devices for control of the 
field, equipment for temperature control, and a specially designed gel box with an 
array of electrodes. All types of electrophoresis chambers for both horizontal and 
vertical placements of gels are available from commercial suppliers. 
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Reagents 


High-quality, electrophoresis grade chemicals must be used, since impurities 
may influence both the gel polymerization process and electrophoretic mobility. 
The reagents used for gel formation should be stored in a refrigerator. 


Acrylamide, N,N,N’N’-tetramethylethylenediamine, N,N’-methylene-bis-acrylamide, and 
ammonium persulfate are toxic and must be used with care. Acrylamide is a neurotoxin, 
a carcinogenic agent, and a potent skin irritant, so gloves and a mask must be worn while 
handling it in the unpolymerized form. 


Buffers appropriate for electrophoresis gels include Tris-glycine, Tris- 
acetate, Tris-phosphate, and Tris-borate at concentrations of about 0.05 M 
(Chapter 3, Section A, p. 61). 

Several advances in gel electrophoresis have recently been made that have 
streamlined and improved many of the established techniques. Some of those 
improvements will be outlined here. 


1. Precast Gels As previously mentioned, precast gels of polyacrylamide 
and agarose are now commercially available. A wide variety of gel sizes, 
types, configurations, and compositions may be purchased. Costs are rea- 
sonable, beginning at about $15 for an 8 X 10cm single percentage poly- 
acrylamide gel. Precast gels not only offer convenience, but also increase 
safety, save time, and provide more reproducible electrophoretic runs. 
Precast gels with dye/stain already applied are also available (prestaining). 

2. Bufferless Precast Gels One of the major inconveniences of running gels 
is the necessity of having liquid buffer reservoirs to saturate gels during 
electrophoresis. There is always the chance that reservoirs will leak or that 
solutions perhaps containing acrylamide or ethidium bromide will be 
spilled. Precast gels (agarose and acrylamide) are now available in dry, 
plastic cassettes. They do not require liquid buffers because the gels contain 
ion-exchange matrices, which sustain the electric field. 

3. Reusable Precast Gels Precast agarose gels are now available that may be 
recycled. After a run, the DNA samples on the gel are removed by reversing 
the direction of the electric field. The gels are then reloaded with new 
samples and reused. 


Staining and Detecting Electrophoresis Bands 


Tracking Dyes 


During the electrophoretic process, it is important to know when to stop apply- 
ing the voltage or current. If the process is run for too long, the desired compo- 
nents may pass entirely through the medium and into the buffer; if too short a 
period is used, the components may not be completely resolved. It is common 
practice to add a “tracking dye,” usually bromphenol blue and/or xylene cyanol, 
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to the sample mixture. These dyes, which are small and anionic, move rapidly 
through the gel ahead of most proteins or nucleic acids. After electrophoresis, 
bands have a tendency to widen by diffusion. Because this broadening may 
decrease resolution, gels should be analyzed as soon as possible after the power 
supply has been turned off. In the case of proteins, gels can be treated with an 
agent that “fixes” the proteins in their final positions, a process that is often com- 
bined with staining. 


Staining Proteins with Coomassie Blue 


Reagent dyes that are suitable for visualization of biomolecules after elec- 
trophoresis were mentioned earlier. The most commonly used general stain 
for proteins is Coomassie Brilliant Blue. This dye can be used as a 0.25% 
aqueous solution. It is followed by destaining (removing excess background 
dye) by repeated washing of the gel with 7% acetic acid. Alternatively, gels 
may be stained by soaking in 0.25% dye in HO, methanol, and acetic acid 
(5:5:1), followed by repeated washings with the same solvent. The most time- 
consuming procedure in the Coomassie Blue visualization process is destain- 
ing, which often requires days of washing. Rapid destaining of gels may be 
brought about electrophoretically. The gel, after soaking in the stain, is sub- 
jected to electrophoresis again, using a buffer of higher concentration to 
remove excess stain. 

The search for more rapid and sensitive methods of protein detection after 
electrophoresis has led to the development of fluorescent staining techniques. 
Two commonly used fluorescent reagents are fluorescamine and anilinonaph- 
thalene sulfonate. New dyes based on silver salts (silver diamine or 
silver—tungstosilicic acid complex) have been developed for protein staining. 
They are 10 to 100 times more sensitive than Coomassie Blue (Figure 6.7). 

A visualization procedure that is specific for a certain biomolecule, such as 
an enzyme, is often needed. If the enzyme remains in an active form while in the 
gel, any substrate that produces a colored product could be used to locate the 
enzyme on the gel. Although it is less desirable for detection, the electrophoresis 
support medium may be cut into small segments and each part extracted with 
buffer and analyzed for the presence of the desired component. 


Fluorescent SYPRO and CF Dyes 


The new fluorescent SYPRO dyes, produced by Molecular Probes, Inc. 
(www.probes.com), promise to challenge the use of silver staining for protein 
gel staining. SYPRO Orange stain, SYPRO Ruby stain, and SYPRO Red stain 
may be used for 1-D and 2-D gels, and their sensitivities are equal to silver 
staining. However, the SYPRO dyes are much easier and faster to use (they re- 
quire no fixing or destaining) than both Coomassie Blue or silver. Gels treated 
with the SYPRO dyes may be viewed using a standard UV light or with a laser 
scanner. 

The new CF dyes produced by Biotium, Inc., have the advantage of 
excellent brightness, sensitivity, and photostability compared to the SYPRO 
dyes. They are designed primarily for labeling antibodies (see www. 
biotium.com). 
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Viewing Nucleic Acids on Gels 


Nucleic acids may be visualized in agarose and polyacrylamide gels using the 
fluorescent dye ethidium bromide. The gel is soaked in a solution of the dye and 
washed to remove excess dye. Illumination of the rinsed slab with UV light 
reveals red-orange stains where nucleic acids are located. 

Although ethidium bromide stains both single- and double-stranded 
nucleic acids, the fluorescence is much greater for double-stranded molecules. 
The electrophoresis may be performed with the dye incorporated in the gel and 
buffer, although this does influence mobility. This has the advantage that the gel 
can be illuminated with UV light during electrophoresis to view the extent of 
separation. Precast gels are made in plastic cassettes that are UV transparent. The 
mobility of double-stranded DNA may be reduced 10 to 15% in the presence of 
ethidium bromide. Destaining of the gel is not necessary because ethidium 
bromide-DNA complexes have a much greater fluorescent yield than free 
ethidium bromide, so relatively small amounts of DNA can be detected in the 
presence of free ethidium bromide. The detection limit for DNA is 10 ng. 


Ethidium bromide must be used with great care, as it is a potent mutagen. Gloves should 
be worn at all times while using dye solutions or handling gels; however, even this does 
not ensure complete safety, as ethidium bromide has been shown to leak through some 
plastic gloves. 


The new, fluorescent SYBR dyes, produced by Molecular Probes, Inc., offer 
several advantages over ethidium bromide. They are far less toxic than the muta- 
genic ethidium bromide, and some are as much as five times more sensitive. The 
most widely used SYBR dye for staining DNA gels is SYBR Green I, which is a 
cyanine dye and has a sensitivity similar to EtBr. The detailed mechanism for 
SYBR dye binding to DNA is unknown, but it is most likely not base intercala- 
tion as is the case for ethidium bromide. Other new dyes now being tested 
include Blueview, Carolina Blu, and 4’ 6-diamidino-2-phenylindole dihydrochlo- 
ride hydrate (DAPI). Currently, the safest and most sensitive dyes now available 
for nucleic acids are the fluorescent GelRed and GelGreen, produced by Biotium. 
These dyes may be used for either prestaining or poststaining. 

Because single-stranded nucleic acids do not stain deeply with ethidium 
bromide and some fluorescent dyes, alternate techniques must be used for detec- 
tion, especially when only small amounts of biological material are available for 
analysis. One of the most sensitive techniques is to use radio-labeled molecules. 
For nucleic acids, this usually means labeling the 5’ or 3’ end with 32p a strong B 
emitter. Bands of labeled nucleic acids on an electrophoresis gel can easily be 
located by autoradiography. For this technique, the electrophoresed slab gel is 
transferred to heavy chromatography paper. After covering the gel and paper 
with plastic wrap, they are placed on X-ray film and wrapped in a cassette to 
avoid external light exposure. This procedure must be done in a darkroom. 
The gel-film combination is stored at —70°C for exposure. The low temperature 
maintains the gel in a rigid form and prevents diffusion of gel bands. 
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FIGURE 6.16 
Autoradiogram of a 
DNA sequencing 
gel. From Zyskind 
and Bernstein, DNA 
Laboratory Manual 
(1999), Academic 
Press (San Diego, 
CA). 
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The exposure time depends on the amount of radioactivity, but can range from a 
few minutes to several days. Figure 6.16 shows the autoradiogram of a typical 
DNA sequencing gel. The autoradiogram also provides a permanent record of 
the gel for storage and future analysis. The actual gel is very fragile and difficult 
to store. Also, because of the short half-life of °*P (14 days), an autoradiogram of 
the gel cannot be obtained in the distant future. Proteins labeled with **P or !*I 
can be dealt with in a manner similar to nucleic acids. If an autoradiogram of a 
gel can be prepared, a permanent record of the experimental data is available. 

Because of concerns about the safety of radioisotope use, researchers are 
developing fluorescent and chemiluminescent methods for detection of small 
amounts of biomolecules on gels. One attractive approach is to label biomole- 
cules before analysis with the coenzyme biotin. Biotin forms a strong complex 
with enzyme-linked streptavidin. Some dynamic property of the enzyme is then 
measured to locate the biotin-labeled biomolecule on the gel. These new meth- 
ods approach the sensitivity of methods involving radio-labeled molecules, and 
rapid advances are being made. 


Protein and Nucleic Acid Blotting 


Only a minute amount of protein or nucleic acid is present in bands on electro- 
pherograms. In spite of this, there is often a need to extract the desired biomole- 
cule from the gel for further investigation. This sometimes involves the tedious 
and cumbersome process of crushing slices of the gel in a buffer to release the 
trapped proteins or nucleic acids. Techniques are now available for removing 
nucleic acids and proteins from gels and characterizing them using probes to 
detect certain structural features or functions. After electrophoresis, the desired 
biomolecules are transferred or “blotted” out of the gel onto a nitrocellulose filter 
or nylon membrane. The desired biomolecule is now accessible on the filter for 
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further analysis. The first blotting technique was reported by E. Southern in 
1975. Using labeled complementary DNA probes, he searched for certain 
nucleotide sequences among DNA molecules blotted from the gel. This tech- 
nique of detecting DNA-DNA hybridization is called Southern blotting. The 
general blotting technique has now been extended to the transfer and detection 
of specific RNA with labeled complementary DNA probes (Northern blotting) 
and the transfer and detection of proteins that react with specific antibodies 
(Western blotting). In practice, the electropherogram is alkali treated, neutralized, 
and placed in contact with the filter or nylon membrane. A buffer is used to facil- 
itate the transfer. Figure 6.17 shows the setup for a blotting experiment. The location 
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of the desired nucleic acid or protein is then detected by incubation of the mem- 
brane with a radio-labeled probe and autoradiography, by use of a biotinylated 
probe, or by linkage to an enzyme-catalyzed reaction that generates a color. 

Blotting techniques have many applications, including mapping the genes 
responsible for inherited diseases by using restriction fragment length polymor- 
phisms (RFLPs), screening collections of cloned DNA fragments (DNA libraries), 
“DNA fingerprinting” for analysis of biological material remaining at the scene 
of a crime, and identification of specific proteins. More details on blotting are 
found in Chapter 10, Section C, p. 304. 


The Western Blot 


Western blotting has become an important, modern technique for analysis and 
characterization of proteins. The procedure consists of the electrophoretic trans- 
fer (blotting) of proteins from a polyacrylamide gel to a synthetic membrane. The 
transferred blots are then probed using various methods involving antibodies 
that bind to specific proteins. 

PAGE is indeed a very effective analytical tool to achieve fractionation of 
protein mixtures, to analyze purity, and to estimate molecular weight, but it pro- 
vides no experimental data to prove the identity of any of the protein bands. 
Stained spots simply indicate the presence and location of each and every pro- 
tein on the gel. It is often possible to identify proteins by treating gel bands 
directly with chemical reagents that react with a specific protein; for example, 
enzymes on the gel could be treated with substrates that form a colored product. 
However, proteins are deeply embedded in the polyacrylamide gel matrix and 
are not readily accessible to most analytical reagents. This hinders specific analy- 
sis of the protein bands in order to identify individual proteins. Proteins separated 
by PAGE may be transferred (or blotted) from the gel to a thin support matrix, 
usually a nitrocellulose membrane, which strongly binds and immobilizes 
proteins. The protein blots on the membrane surface are more accessible to 
chemical or biochemical reagents for further analysis. When the transfer process 
is coupled with protein identification using highly specific and sensitive 
immunological detection techniques, the procedure is called Western blotting. 
Western blotting or immunoblotting assays of proteins have many advantages, 
including the need for only small reagent volumes, short processing times, rela- 
tively inexpensive equipment, and ease of performance (see immunoadsorption, 
Chapter 5, Section G, p. 152). 


The Western Blotting Procedure 


To begin the Western blot, a protein mixture for analysis and further characteri- 
zation is fractionated by PAGE. Since denaturing SDS-PAGE results in better res- 
olution than native PAGE, the SDS version is usually preferred; however, the 
detection method used at the conclusion of the blotting experiment must be able 
to recognize denatured protein subunits. The next step involves selection of the 
membrane matrix for transfer. Three types of support matrices are available for 
use: nitrocellulose, nylon, and polyvinyldifluoride (PVDF). Nitrocellulose mem- 
branes, currently the most widely used supports, have a satisfactory general 
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protein-binding capacity (100 wg/cm?), but they display weak binding of proteins 
of molecular weights smaller than 14,000 and they are subject to tearing. Binding 
of proteins to nitrocellulose membranes is noncovalent, most likely involving 
hydrophobic interactions. Nylon membranes are stronger than nitrocellulose, 
and some have a binding capacity up to 450 wg/cm*. However, since they are 
cationic, they only weakly bind basic proteins. During detection procedures, 
nylon membranes often display high background colors, so it is difficult to visu- 
alize proteins of interest. PVDF membranes bind proteins strongly (125 yg/ cm?) 
and, because of their hydrophobic nature, give a light background color after 
analysis. For overall general use in protein transfer and immunoblotting, nitro- 
cellulose membranes are the most common choice. 

The actual blotting process may be accomplished by one of two methods: 
passive (or capillary) transfer and electroblotting. In passive transfer, the mem- 
brane is placed in direct contact with the polyacrylamide gel and organized ina 
sandwich-like arrangement consisting of (from bottom to top) filter paper 
soaked with transfer buffer, gel, membrane, and more filter paper (see Figure 
6.17). The sandwich is compressed by a heavy weight. Buffer passes by capillary 
action from the bottom filter paper through the gel, transferring the protein mol- 
ecules to the membrane, where the macromolecules are immobilized. Passive 
transfer is very time-consuming, sometimes requiring 1-2 days for complete pro- 
tein transfer. Faster and more efficient transfer is afforded by the use of an elec- 
troblotter. Here a sandwich of filter paper, gel, membrane, and more filter paper 
is prepared in a cassette, which is placed between platinum electrodes. An elec- 
tric current is passed through the gel, causing the proteins to electrophorese out 
of the gel and onto the membrane. The electroblotting process usually is com- 
plete in 1-4 hours. 


Detection of Blotted Proteins 


The Western blot procedure is concluded by probing the blotted protein bands and 
detecting a specific protein or group of proteins among the blots. In other words, 
visualization of specific protein blots is now possible. The most specific identifica- 
tion techniques are based on immunology (antigen-antibody interactions; see 
Chapter 5, Section G, p. 152). A general procedure for immunoblotting is outlined 
in Figure 6.18. Before the protein detection process can begin, it is necessary to block 
protein-binding sites on the membrane that are not occupied by blotted proteins. 
This is essential because antibodies used to detect blotted proteins are also proteins 
and will bind to the membrane and interfere with detection procedures. Protein- 
binding sites still remaining on blotted membranes may be blocked by treatment 
with solutions of casein (major protein in milk), gelatin, or bovine serum albumin. 

The blotted membrane, with all protein-binding sites occupied, can now be 
treated with analytical reagents for detection of specific proteins. Typically, the 
blotted membrane is incubated with an antibody specific for the protein of inter- 
est. This is called the primary antibody, which is a protein of the immunoglobu- 
lin G (IgG) class (see Figure 6.18). The primary antibody binds to the desired 
protein, forming an antigen-antibody complex. The interaction between the pro- 
tein and its antibody does not usually result in a visible signal. The blot is then 
incubated with a secondary antibody, which is directed against the general class 
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FIGURE 6.18 Specific detection of nitrocellulose membrane-bound proteins using a 
conjugated enzyme. 1 Proteins are transferred from electrophoresis gel to nitrocellulose 
membrane. Blocker proteins bind to unoccupied sites on the membrane. 2 The membrane is 
incubated with a primary antibody directed against the protein of interest. 3 A secondary 
antibody is directed against the primary antibody. 4 The secondary antibody is conjugated 
with an enzyme to provide a detection mechanism. Substrate solution is added to the blot. 
The conjugated enzyme (HRP or AP) catalyzes the conversion of substrate (S) to product (P) to 
form a colored precipitate at the site of the protein—antibody complex. 


of primary antibody. For example, if the primary antibody was produced in rab- 
bit serum, then the second antibody would be anti-rabbit IgG, usually from a 
goat or horse. The second antibody is labeled (conjugated) so that the interaction 
of the second antibody with the primary antibody produces some visual signal. 
For most detection procedures, the secondary antibody may be tagged with an 
enzyme, usually horseradish peroxidase (HRP) or alkaline phosphatase (AP). 
When the treated blot is incubated in a substrate solution, the conjugated en- 
zyme catalyzes the conversion of the substrate into a visible product that precip- 
itates at the blot site. The presence of a colored band indicates the position of the 
protein of interest (see Figure 6.19). This general procedure is also the basis for 
the widely used enzyme-linked immunosorptive assay (ELISA). The reactions 
catalyzed by conjugated enzymes are shown below: 

+H,0+40, (Eq. 6.5) 


HRP 
>> _ 4-chloro-1-naphthol +H,O, == 4-chloro-1-naphthol 


reduced oxidized 


AP 
5-bromo-4-chloro-3-indolylphosphate + nitroblue tetrazolium, 4.44 ——= 
>> (Eq. 6.6) 
5-bromo-4-chloro-3-indole + P, + nitroblue tetrazolium, ice 
A modification of these coloring systems has recently been developed that 
leads to more sensitive detection. Chemiluminescent substrates have been 
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FIGURE 6.19 Results from a Western blot. A SDS-PAGE gels, 12%, were run and transferred to 
nitrocellulose. Lane 1, MW standards; lane 2, biotinylated standards; lane 3, human transferrin; 
lane 4, E. coli lysate; lane 5, total human serum; lane 6, biotinylated standards. Gel A was stained 
with a protein dye. Blot B was assayed using rabbit anti-human transferrin as the first antibody. 
The second antibody solution contained anti-rabbit HRP conjugates. Only the transferrin bands 
and the prestained biotinylated standards were detected by the antibodies and the avidin-HRP 
treatment. 


designed that are converted by the enzymes to products that generate a light sig- 
nal that can be captured on photographic film. This increases the level of sensi- 
tivity about 1000-fold over standard color detection methods. 

Even though primary and secondary antibodies are widely used in Western 
blotting detection systems, they do have some disadvantages. For proteins to be 
detected, specific antibodies must be available. It is often very time-consuming 
and expensive for a research laboratory to generate the proper antibodies if they 
are not available commercially. Even if antibodies are commercially available, 
they are very expensive. 

The Western blot has gained widespread use in biochemical and clinical 
investigations. It is one of the best methods for identifying the presence of specif- 
ic proteins in complex biological mixtures. The Western blot procedure has been 
modified to develop a diagnostic assay that detects the presence in serum of 
antibodies to the AIDS virus. The presence of AIDS antibodies in a patient is an 
indication of viral infection. 


Analysis of Electrophoresis Results 


By separating biochemicals on the basis of charge, size, and conformation, elec- 
trophoresis can provide valuable information, such as purity, identity, and 
molecular weight. Purity is indicated by the number of stained bands in the 
electropherogram. One band usually means that only one detectable compo- 
nent is present; that is, the sample is homogeneous or “electrophoretically 
pure.” Two or more bands usually indicate that the sample contains two or 
more components, contaminants, or impurities and is therefore heterogeneous 
or impure. There are, of course, exceptions. Other proteins or nucleic acids may 
be present in what appears to be a homogeneous sample, but they may be 
below the limit of detection of the staining method. Occasionally, a homoge- 
neous sample may result in two or more bands because of degradation during 
the electrophoresis process. Information on purity may be obtained by all of the 
electrophoresis methods discussed. 
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Study Problems 


The identity of unknown biomolecules can be confirmed by electrophoresis 


of the unknown along with possible known standards on the same gel. This is 
similar to the identification of unknowns by HPLC as discussed in Chapter 5, 
Section F, p. 140. 


As previously discussed in this chapter, the molecular size of protein or 


nucleic acid samples may be determined by electrophoresis. This requires the 
preparation of standard curves of log molecular weight versus « (mobility) 
using standard proteins or nucleic acids. 


fo») 


14. 


15. 


. What physical characteristics of a biomolecule influence its rate of movement in an 


electrophoresis matrix? 


. Each of the proteins listed below is treated with sodium dodecyl sulfate and separated 


by electrophoresis on a polyacrylamide slab gel. Draw pictures of the final results. 

(a) Myoglobin 

(b) Hemoglobin (two a subunits, molecular weight = 15,500; two B subunits, molec- 
ular weight = 16,000) 


. Draw a slab gel to show the results of nondenaturing electrophoresis of the following 


mixture of proteins. The molecular weight is given for each. 


Lysozyme (13,930) Egg white albumin (45,000) 
Chymotrypsin (21,600) Serum albumin (65,400) 
. Explain the purpose of each of the chemical reagents that are used for PAGE. 
(a) acrylamide (d) sodium dodecyl sulfate 
(b) N, N'-methylene-bis-acrylamide (e) Coomassie Blue dye 
(c) TEMED (f) bromophenol blue 


. What is the main advantage of slab gels over column gels for PAGE? 
. Explain the purposes of protein and nucleic acid “blotting.” 
. Is it possible to use polyacrylamide as a matrix for electrophoresis of nucleic acids? 


What are the limitations, if any? 


. Can polyacrylamide gels be used for the analysis of plasmid DNA with greater than 


3000 base pairs? Why or why not? 


. Describe the toxic characteristics of acrylamide, and outline precautions necessary for 


its use. 


. The dye ethidium bromide is often used to detect the presence of nucleic acids on elec- 


trophoresis supports. Explain how it functions as an indicator. 


. The name “Western blot” is derived from other blotting procedures called the Southern 


blot (developed by Earl Southern) and the Northern blot. What are the differences 
among these three types of blotting techniques and what is the purpose of each? 


. An economical way to “block” a Western blot membrane is to incubate it in a 10% solu- 


tion of nonfat milk powder. How does this solution function as a blocking reagent? 


. If a protein you wish to analyze by Western blotting is acidic (anionic under blotting 


conditions), what type of membrane would be best to ensure the tightest binding? 
Design a diagnostic test based on the Western blot that would give an indication of infec- 
tion by the AIDS virus. Assume that a blood serum sample is available from the patient. 
A protein mixture can be fractionated either by native PAGE or by denaturing SDS- 
PAGE, before Western blotting. What factors would determine your choice of 
electrophoresis method? 
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16. Bromophenol blue dye is often used as a marker to tell you when to stop the elec- 
trophoresis process. What assumptions must you make about the relative movement 
of the dye versus sample proteins during electrophoresis? 

17. In your biochemistry research project, you have isolated a new protein from spinach 
leaves. You wish to do a Western blot experiment with the protein to help determine 
its chemical structure and/or biological function. An amino acid analysis of the pro- 
tein showed a great abundance of Phe, Leu, and Val. What would be your choice of 
membrane for the blotting experiment? 

18. Define each of the following items in terms of their use in Western blotting. 


(a) SDS-PAGE (e) Secondary antibody 
(b) Nylon membrane  (f) Protein molecular weight standard mixture 
(c) Electroblotting (g) Conjugated enzyme 


(d) Primary antibody 
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their interactions with electromagnetic radiation of all wavelengths, including X-ray, 

ultraviolet-visible, and infrared. It was experimentally observed that when light 
impinges on solutions or crystals of molecules, at least two distinct processes occur: light 
scattering and light absorption. Both processes have led to the development of fundamen- 
tal techniques for characterizing and analyzing biomolecules. We now use the term 
spectroscopy to label the discipline that studies the interaction of electromagnetic radiation 
with matter. 

Absorption of ultraviolet—visible light by molecules is an especially valuable process for 
measuring concentration and for molecular structure elucidation. The absorption process is 
dependent upon two factors: (1) the properties of the radiation (wavelength, energy, etc.), and 
(2) the structural characteristics of the absorbing molecules (atoms, functional groups, etc.). 
The interaction of electromagnetic radiation with molecules is a quantum process and 
described mathematically by quantum mechanics; that is, the radiation is subdivided into 


¢ 5 ome of the earliest experimental measurements on biomolecules involved studies of 
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FIGURE 7.1 The 
electromagnetic 
spectrum. The 
wavelengths of 
light associated 
with important 
spectroscopy 
techniques are 
shown in the 
figure. 


discrete energy packets called photons. In addition, molecules have quantized 
excitation levels and can accept packets of only certain quantities of energy, thus 
allowing only certain electronic transitions. 

With some molecules, the process of absorption is followed by emission of 
light of a longer wavelength. This process, called fluorescence, depends on 
molecular structure and environmental factors and assists in the characterization 
and analysis of biologically significant molecules and dynamic processes occur- 
ring between molecules. 

Nuclear magnetic resonance spectroscopy and mass spectrometry tech- 
niques are also now being applied to the study of biological macromolecules 
and processes. NMR is especially versatile because, in addition to proton 
spectra, monitoring the presence of 8C, °F, 15N, and °!P nuclei in biomole- 
cules is possible. Multidimensional NMR is being applied to the study of 
protein secondary and tertiary structure. Accurate measurements of protein 
molecular weight and sequence analysis may now be carried out by mass 
spectrometry. 


A. ULTRAVIOLET-VISIBLE ABSORPTION SPECTROMETRY 
Wavelength and Energy 


The electromagnetic spectrum, as shown in Figure 7.1, is composed of a continu- 
um of waves with different properties defined by wavelength and energy. 
Several regions of the electromagnetic spectrum are of importance in biochemi- 
cal studies, including X-ray (X-ray crystallography, up to 7 nm), the ultraviolet 
(UV, 180-340 nm), the visible (VIS, 340-800 nm), the infrared (IR, 1000-100,000 nm), 
and radio waves (NMR, 10°—10!” nm). In this section, we will concentrate on the 
UV and VIS regions. Light in these regions has energy sufficient to excite the va- 
lence electrons of molecules and thus move the electrons from one energy level 
(or state) to a higher energy level (excited state). 

Figure 7.2 shows that the propagation of light is due to an electrical field 
component E and a magnetic field component H that are perpendicular to each 
other. The wavelength of light, defined by Equation 7.1, is the distance between 
adjacent wave peaks, as shown in Figure 7.2. 


Wavelength (nm) 
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FIGURE 7.2) An 


=> 
a electromagnetic 
wave, showing 


| ——— the E and H 
components. 


>> A=c/v (Eq. 7.1) 











where 
A = wavelength 
= speed of light, 3 x 10° m/s 
frequency, the number of waves passing a certain point per unit time 
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Light also behaves as though it were composed of energetic particles. The 
amount of energy E associated with these particles (or photons) is given by 
Equation 7.2: 


>> E = hy (Eq. 7.2) 
where 
h = Planck’s constant, 6.63 X 104 Joules:s 
Equations 7.1 and 7.2 may be combined to yield Equation 7.3: 
>> E =he/x (Eq. 7.3) 


Note the inverse relationship between wavelength and energy. In Figure 7.1, 
X-rays have the shortest wavelength, but the most energy, and microwaves have 
long wavelengths, but the least energy. 


STUDY EXERCISE 7.1 UV-VIS Spectroscopy = 


What is the amount of energy (E) associated with light of wavelength 300 nm in the 
ultraviolet range? 


Solution: Using Equation 7.3: 
E=htc/r 
(6.63 X 107*4 J-s)(3 x 108 m/s) 
300 x 10°°m 
= 6.63 X 107!? J/photon = 398 kJ/mole 





This is the approximate amount of energy associated with carbon-based covalent 
bonds. 
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FIGURE 7.3 
Energy-level 
diagram showing 
the ground state G 
and the first excited 
state Sy). 


Light Absorption 


When a photon of specified energy interacts with a molecule, one of two processes 
may occur. The photon may be scattered, or it may transfer its energy to the mole- 
cule, producing an excited state of the molecule. The former process, called 
Rayleigh scattering, occurs when a photon collides with a molecule and is dif- 
fracted or scattered with unchanged frequency. Light scattering is the physical 
basis of several experimental methods used to characterize macromolecules. 
Before the development of electrophoresis, light scattering techniques were used 
to measure the molecular weights of macromolecules. The widely used techniques 
of X-ray diffraction (crystal and solution), electron microscopy, laser light scatter- 
ing, and neutron scattering all rely in some way on the light scattering process. 

The other process mentioned above, the transfer of energy from a photon to 
a molecule, is absorption. For a photon to be absorbed, its energy must match the 
energy difference between two energy levels of the molecule. Molecules possess a 
set of quantized energy levels, as shown in Figure 7.3. Although several states are 
possible, only two electronic states are shown, a ground state, G, and the first 
excited state, S;. These two states differ in the distribution of valence electrons. 
When electrons are promoted from a ground state orbital in G to an orbital of higher 
energy in Sj, an electronic transition is said to occur. The energy associated with 
ultraviolet and visible light is sufficient to promote molecules from one electronic 
state to another, that is, to move electrons from one quantized level to another. 

Within each electronic energy level is a set of vibrational levels. These rep- 
resent changes in the stretching and bending of covalent bonds. The importance 
of these energy levels will not be discussed here, but transitions between the 
vibrational levels are the basis of infrared spectroscopy. 

The electronic transition for a molecule from G to 51, represented by the 
vertical arrow in Figure 7.3, has a high probability of occurring if the energy of 
the photon corresponds to the energy necessary to promote an electron from 
energy level FE; to energy level Ey: 


_ he 


E, — FE, = AE 
>> 2 1 X 


(Eq. 7.4) 


A transition may occur from any vibrational level in G to some other vibrational 
level in S,, for example, v = 3; however, not all transitions have equal probability. 


Excited state, Sj 


Ground state, G 


Energy 





Distance between atoms in a molecule 
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The probability of absorption is described by quantum mechanics and will not be 
discussed here. 


Electronic Transitions in Biomolecules 


Absorption of UV and VIS light occurs when the energy associated with the elec- 
tromagnetic radiation matches the energy difference between molecular states in 
a molecule. But what are the actual electronic transitions that occur in a mole- 
cule? If this question can be answered, then it should be possible to predict which 
molecules will or will not absorb UV-VIS light. The reverse is also true—by 
observing the wavelengths of light absorbed by a molecule, it should be possible 
to speculate on molecular structure (what atoms and functional groups are pres- 
ent). Consider the electronic properties of a carbonyl group, %e =o a functional 


group present in many types of biomolecules including amino acids, fatty acids, 
carbohydrates (open chain), nucleotides, proteins, and nucleic acids. A molecular 
orbital diagram showing the valence electrons in the higher-energy orbitals of the 
carbonyl group is displayed in Figure 7.4. There are three types of orbitals shown: 


¢ n = nonbonding orbitals with lone pairs of electrons in atoms like O, N, 
and S 

¢ a = bonding orbitals formed by overlap of p atomic orbitals 

¢ 7* = antibonding orbitals 


Two kinds of electronic transitions are possible: 


° 7-7", which are “allowed” by quantum mechanics and have a high 
probability of occurring, and 
¢ n— 7*, which are “forbidden” and have a low probability of occurring. 


These two types of electronic transitions are shown in Figure 7.4. 





























7 \ T ‘ t 7 | 
Excited Ground Excited 
State State State 


FIGURE 7.4 Molecular orbital diagram for the carbonyl group. Only valence electrons in 
higher-energy orbitals are shown. Two types of electronic transitions are illustrated: 7 — 7* 
and n— 7a. 


Proteins 


The following functional groups in proteins are responsible for absorption of 
UV-VIS light: 
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1. Peptide bonds: 
° 7 — 7*, intense absorption at 190 nm 
°¢ n— 7*, very weak absorption at 210-220 nm 
2. Amino acid residues containing aromatic phenyl groups: Phe, Tyr, Trp 


e771" 


Phe: weak absorption at 250 nm 
Tyr: weak absorption at 274 nm 
Trp: strong absorption at 280 nm 
The absorbance at 280 nm is often used to measure protein concentration 
(See Chapter 3, Section B, p. 70, The Spectrophotometric Assay). 
3. Prosthetic groups: 
Nucleotide cofactors: NAD*, FAD, FMN, etc. 
Heme 
Chlorophyll 
Metal ions: Cu(II), Fe(II), Fe(III), Ni(II), etc. 
Highly conjugated compounds: retinal, etc. 


Many of the cofactors and prosthetic groups above absorb in both the UV and 
VIS regions. Absorption in the VIS region causes many of the biomolecules in 
Group 3 to be colored. 


Nucleic Acids 


Absorption is due to the presence of pyrimidine and purine bases, which have sev- 
eral different types of electronic transitions (see structures, Chapter 9, p. 268): 


1. Extensive aromatic character, (7 — 7*) 
2. Carbonyl groups in bases, (7 — 7*;n > 7*) 
3. Several nitrogen and oxygen atoms, (1 — 7*). 


Nucleic acids display intense absorption in the 200-300-nm range with a maxi- 
mum at 260 nm. This is the basis for the spectrophotometric assay of DNA and 
RNA solutions (Chapter 3, Section C, p. 71). 


=I STUDY EXERCISE 7.2 UV-VIS Spectroscopy 


Predict the types of electronic transitions in each of the following biomolecules and 
suggest whether UV-VIS spectroscopy might be useful in their analysis and character- 
ization. You may need to review their structures in your biochemistry textbook. 


(a) Alanine (f) Adenine 
(b) Lysine (g) B-carotene 
(c) Cysteine (h) Chlorophyll 
(d) Glucose (i) Bilirubin 


(e) Lauric acid (j) Ferritin, a protein containing Fe(III) 
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Absorbance 


FIGURE 7.5 The 
visible absorbance 
400 500 600 spectrum of 


Wavelength (nm) hemoglobin. 


The Absorption Spectrum 


A UV-VIS spectrum is obtained by measuring the light absorbed by a sample as 
a function of wavelength. Since only discrete packets of energy (specific wave- 
lengths) are absorbed by molecules in the sample, the spectrum theoretically 
should consist of sharp discrete lines. However, the many vibrational levels of 
each electronic energy level increase the number of possible transitions. This 
results in several spectral lines, which together make up the familiar spectrum of 
broad peaks as shown in Figure 7.5. 

An absorption spectrum can aid in the identification of a molecule because 
the wavelength of absorption depends on the functional groups or arrangement 
of atoms in the sample. The spectrum of oxyhemoglobin in Figure 7.5 is due to 
the presence of the iron porphyrin moiety and is useful for the characterization 
of heme derivatives or hemoproteins. Note that the spectrum consists of several 
peaks at wavelengths where absorption reaches a maximum (415, 542, and 577 nm). 
These points, called Ajay, are of great significance in the identification of unknown 
molecules and will be discussed later in the chapter. 


The Beer-Lambert Law 


Quantitative measurements in spectrophotometry are evaluated using the 
Beer-Lambert law: 


>> A= Ele (Eq. 7.5) 


A = absorbance or —log(I/Ip) 
Ip = intensity of light irradiating the sample 


a 
II 


intensity of light transmitted through the sample 
E = absorption coefficient or absorptivity 
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| = path length of light through the sample, or thickness of the cell 


c = concentration of absorbing material in the sample 


Since the absorbance, A, is derived from a ratio (—logI/Ig), it is unitless. The 
term E, which is a proportionality constant, defines the efficiency or extent of 
absorption. If this is defined for a particular chromophore at a specific wave- 
length, the term absorption coefficient or absorptivity is used. However, 
students should be aware that in the older biochemical literature, the term 
extinction coefficient is often used. The units of E depend on the units of / (usually 
cm) and c (usually molar) in Equation 7.5. For biomolecules, E is often used in 
the form molar absorption coefficient, e, which is defined as the absorbance of a 
1 M solution of pure absorbing material in a 1-cm cell under specified conditions 
of wavelength and solvent. The units of e are M~!cm7!. To illustrate the use of 
Equation 7.5, consider the following calculation: 


ee STUDY EXERCISE 7.3 Beer-Lambert Law 


The absorbance, A, of a5 X 10°* M solution of the amino acid tyrosine, at a wave- 
length of 280 nm, is 0.75. The path length of the cuvette is 1 cm. What is the molar 
absorption coefficient, e? 


Solution: 
A = elc = 0.75 
1=1cm 
c=5x104*M 
0.75 





(1cem)(5 X 1074 mole/liter) 


lit 
= 1500 ———— = 1500 M~!.cm7! 
mole X cm 





Notice that the units of ¢ are defined by the concentration units of the tyrosine solution 
(M) and the dimension units of the cuvette (cm). Although E is most often expressed as 
a molar absorption coefficient, you may encounter other units such as E which is the 
absorbance of a 1% (w/v) solution of pure absorbing material in a 1-cm cuvette at 


a specified wavelength, A. 


== STUDY EXERCISE 7.4 Absorption Coefficients 


In the older biochemical literature, absorption coefficients are often reported as 
extinction coefficients (E”). The extinction coefficient of the enzyme yeast alcohol 


dehydrogenase is: 
Ej,” = 12.6 


Calculate the molar absorption coefficient for yeast alcohol dehydrogenase. The 
molecular weight for the enzyme is 141,000. 
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Instrumentation 


The spectrophotometer is used to measure absorbance experimentally. This 
instrument produces light of a preselected wavelength, directs it through the 
sample (usually dissolved in a solvent and placed in a cuvette), and measures 
the intensity of light transmitted by the sample. The major components are 
shown in Figure 7.6. These consist of a light source, a monochromator (includ- 
ing various filters, slits, and mirrors), a sample chamber, a detector, and a 
meter or recorder. All of these components are usually under the control of a 
computer. 


Light Source 


For absorption measurements in the ultraviolet region, a high-pressure hydrogen 
or deuterium lamp is used. These lamps produce radiation in the 200 to 340 nm 
range. The light source for the visible region is the tungsten-halogen lamp, with a 
wavelength range of 340 to 800 nm. Instruments with both lamps have greater 
flexibility and can be used for the study of most biologically significant molecules. 


Monochromator 


Both lamps discussed above produce continuous emissions of all wavelengths 
within their range. Therefore, a spectrophotometer must have an optical system to 
select monochromatic light (light of a specific wavelength). Modern instruments 
use a prism or, more often, a diffraction grating to produce the desired wave- 
lengths. It should be noted that light emitted from the monochromator is not entirely 
of a single wavelength, but is enhanced in that wavelength. That is, most of the 
light is of a single wavelength, but shorter and longer wavelengths are present. 

Before the monochromatic light impinges on the sample, it passes through 
a series of slits, lenses, filters, and mirrors. This optical system concentrates the 
light, increases the spectral purity, and focuses it toward the sample. The opera- 
tor of a spectrophotometer has little control over the optical manipulation of the 
light beam, except for adjustment of slit width. Light passing from the mono- 
chromator to the sample encounters a “gate” or slit. The slit width, which is con- 
trolled by a computer, determines both the intensity of light impinging on the 
sample and the spectral purity of that light. Decreasing the slit width increases 
the spectral purity of the light, but the amount of light directed toward the 
sample decreases. The efficiency or sensitivity of the detector then becomes a 
limiting factor. 


FIGURE 7.6 A 
diagram of a 
conventional, 
single-beam 
spectrophotometer. 
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FIGURE 7.7 

Optical diagram for 
a diode-array 
spectrophotometer. 


Grating Photodiode array 





In instruments equipped with photodiode array detectors (see Figure 7.7 
and the following section on detectors), polychromatic light from a source passes 
through the sample and is focused on the entrance slit of a polychromator 
(a holographic grating that disperses the light into its wavelengths). The 
wavelength-resolved light beam is then focused onto the photodiode array 
detector. The relative positions of the sample and grating are reversed compared 
to conventional spectrometry; hence, the new configuration is often called 
reversed optics. (Compare Figures 7.6 and 7.7.) 


Sample Chamber 


The processed monochromatic light is then directed into a sample chamber, 
which can accommodate a wide variety of sample holders. Most UV-VIS meas- 
urements on biomolecules are taken on solutions of the molecules. The sample is 
placed in a tube or cuvette made of glass, quartz, or other transparent material. 
Figure 7.8 shows the transmission properties of several transparent materials 
used in cuvette construction. 

Glass cuvettes are inexpensive, but, because they absorb UV light, they can 
be used only above 340 nm. Quartz or fused silica cuvettes may be used through- 
out the UV and visible regions (~200—800 nm). Disposable plastic cuvettes are 
now commercially available in polymethacrylate (280-800 nm) and polystyrene 
(350-800 nm). The care and use of cuvettes were discussed in Chapter 1, p. 15. 

Sample chambers for spectrometers come in two varieties—those holding 
only one cuvette at a time (single-beam) and those holding two cuvettes, one for 
a reference, usually solvent, and one for a sample (double-beam). In the past, 
single-beam instruments were usually less expensive but more cumbersome to 
use because reference and sample cuvettes required constant exchange. 
However, modern single-beam instruments with computer control and analysis 
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can be programmed to correct automatically for the reference spectrum, which 
may be stored in a memory file. In double-beam optics, the light beam is split 
into two paths by directing it through a monochromator. The two beams, which 
are of identical wavelength and intensity, pass through the sample cell (analyte 
plus solvent) and reference chamber (solvent only). This allows for the correction 
of sample absorbance by continuously subtracting the reference spectrum. 


Detector 


The intensity of the light that passes through the sample under study depends on the 
amount of light absorbed by the sample. Intensity is measured by a light-sensitive 
detector, usually a photomultiplier tube (PMT). The PMT detects a small amount of 
light energy, amplifies this by a cascade of electrons accelerated by dynodes, and 
converts it into an electrical signal that can be fed into a meter or recorder. 

Anew technology has been introduced during the past few years that greatly 
increases the speed of spectrophotometric measurements. New detectors called 
photodiode arrays are being used in modern spectrometers. Photodiodes 
are composed of silicon crystals that are sensitive to light in the wavelength range 
170-1100 nm. Upon photon absorption by the diode, a current is generated in the 
photodiode that is proportional to the number of photons. Linear arrays of photo- 
diodes are self-scanning and have response times on the order of 100 millisec- 
onds; hence, an entire UV-VIS spectrum can be obtained with an extremely brief 
exposure of the sample to polychromatic light. New spectrometers designed by 
Hewlett-Packard, Perkin-Elmer, and others use this technology and can produce 
a full spectrum from 190 to 820 nm in one-tenth of a second or less. 


Printers and Recorders 


Less expensive instruments give a direct readout of absorbance and/or transmit- 
tance in analog or digital form. These instruments are suitable for single- 
wavelength measurements; however, if a scan of absorbance vs. wavelength 
(Figure 7.5) is desired, some type of device to display the spectrum must be available. 
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Modern, research-grade spectrometers are available that offer the latest in 
technology. All of the components discussed above are integrated into a single 
package and are completely under the control of a computer. By simply pushing 
a button, one can obtain the UV-VIS spectrum of a sample displayed on a com- 
puter screen in less than 1 second. In addition, these modern instruments with 
computers can be programmed to carry out several functions, such as subtrac- 
tion of solvent spectrum, spectral overlay, storage, difference spectra, derivative 
spectra, and calculation of concentrations and rate constants. 


Applications of UV-VIS Spectroscopy 


Now that you are familiar with the theory and instrumentation of absorption 
spectrophotometry, you will more easily understand the actual operation and 
typical applications of a spectrophotometer. Since virtually all UV-VIS measure- 
ments are made on samples dissolved in solvents, only those applications will be 
described here. Although many different types of operations can be carried out 
on a spectrophotometer, all applications fall in one of two categories: 


1. measurement of absorbance at a fixed wavelength; 
2. measurement of absorbance as a function of wavelength. 


Measurements at a fixed wavelength are most often used to obtain quantitative 
information, such as the concentration of a solute in solution or the absorption 
coefficient of a chromophore. Absorbance measurements as a function of wave- 
length provide qualitative information that assists in solving the identity and 
structure of a pure substance by detecting characteristic groupings of atoms in a 
molecule. 

For fixed-wavelength measurements with a single-beam instrument, a 
cuvette containing solvent only is placed in the sample beam and the instrument 
is adjusted to read “zero” absorbance. A matched cuvette containing sample plus 
solvent is then placed in the sample chamber and the absorbance is read directly 
from the display. The adjustment to zero absorbance with only solvent in the 
sample chamber allows the operator to obtain a direct reading of absorbance for 
the sample. 

Fixed-wavelength measurements using a double-beam spectrophotometer 
are made by first zeroing the instrument with no cuvette in either the sample or 
reference holder. Alternatively, the spectrophotometer can be balanced by plac- 
ing matched cuvettes containing water or solvent in both sample chambers. 
Then, a cuvette containing pure solvent is placed in the reference position and a 
matched cuvette containing solvent plus sample is set in the sample position. 
The absorbance reading given by the instrument is that of the sample; that is, the 
absorbance due to solvent is subtracted by the instrument. 

An absorbance spectrum of a compound is obtained by scanning a range 
of wavelengths and plotting the absorbance at each wavelength. Most double- 
beam spectrophotometers automatically scan the desired wavelength range and 
record the absorbance as a function of wavelength. If solvent is placed in the ref- 
erence chamber and solvent plus sample in the sample position, the instrument 
will continuously and automatically subtract the solvent absorbance from the 
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total absorbance (solvent plus sample) at each wavelength; hence, the recorder 
output is really a difference spectrum (absorbance of sample plus solvent, minus 
absorbance of solvent). 

Both types of measurements (fixed wavelength and absorbance spectrum) 
are common in biochemistry, and you should be able to interpret results from 
each. The following four examples are typical of the kinds of problems readily 
solved by spectrophotometry. 


Measurement of the Concentration of an Analyte in Solution 


According to the Beer-Lambert law, the absorbance of a material in solution is 
directly dependent on the concentration of that material. Two methods are com- 
monly used to measure concentration. If the absorption coefficient is known for 
the absorbing species, the concentration can be calculated after experimental 
measurement of the absorbance of the solution. 


STUDY EXERCISE 7.5 Absorbance and Concentration Re 


A solution of the nucleotide base uracil, in a 1-cm cuvette, has an absorbance at 
Amax(260 nm) of 0.65. Pure solvent in a matched quartz cuvette has an absorbance of 
0.07. What is the molar concentration of the uracil solution? Assume the molar absorp- 
tion coefficient, e, is 8.2 X 107M~! cml. 
Solution: 

A= elc 

A = (absorbance of solvent + sample) — (absorbance of solvent) 

A = 0.65 — 0.07 = 0.58 

e=82x10M'cm'! 

1=1cm 

A 0.58 
el (8.2 x 1023M~!cem7)(1.em) 
c=7.1 x 105M 





If the absorption coefficient for an absorbing species is known, the con- 
centration of that species in solution can be calculated as outlined. However, 
there are limitations to this application. Most spectrophotometers are useful 
for measuring absorbances up to 1, although more sophisticated instruments 
can measure absorbances as high as 2. (If the absorbance is above 1, dilute 
sample with the same solvent.) Most absorbance readings below 0.1 are not 
accurate. Also, some substances do not obey the Beer-Lambert law; that is, 
absorbance may not increase in a linear fashion with concentration. Reasons 
for deviation from the Beer-Lambert law are many; however, the majority are 
instrumental, chemical, or physical. Spectrophotometers often display a 
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nonlinear response at high absorption levels because of stray light. Physical 
reasons for nonlinearity include hydrogen bonding of the absorbing species 
with the solvent and intermolecular interactions at high concentrations. 
Chemical reasons may include reaction of the solvent with the absorbing 
species and the presence of impurities. Linearity is readily tested by preparing 
a series of concentrations of the absorbing species and measuring the 
absorbance of each. A plot of A vs. concentration should be linear if the Beer- 
Lambert law is valid. If the absorption coefficient for a species is unknown, its 
concentration in solution can be measured if the absorbance of a standard 
solution of the compound is known. 


~e STUDY EXERCISE 7.6 Absorbance and Concentration 


The absorbance of a 1% (w/v) solution of the enzyme tyrosinase, in a 1-cm cell at 280 nm, 
is 24.9. What is the concentration of a tyrosinase solution that has an A 2g9 of 0.25? 

Since the absorption coefficient, E%, is the same for both solutions, the concen- 
tration can be calculated by a direct ratio: 


Solution: 
Agta Ax 
Csta Cy 
Agta = absorbance of the 1% standard solution = 24.9 
Cstq = concentration of the standard solution = 1% (1 g/dL) 
A, = absorbance of the unknown solution = 0.25 








C, = concentration of the unknown solution in, % 
24.9 0.25 
1% Cy. 


C, = 0.01% = 0.01 g/dL = 0.1 mg/mL 


Alternatively, the concentration of a species in solution can be determined by 
preparing a standard curve of absorbance vs. concentration. 


SE STUDY EXERCISE 7.7 Bradford Protein Assay 


The Bradford protein assay is one of the most used spectrophotometric assays in bio- 
chemistry. (For a discussion of the Bradford assay, see Chapter 3, Section B, p. 69.) 
Solutions of varying amounts of a standard protein are mixed with reagents that cause 
the development of a color. The amount of color produced depends on the amount of 
protein present. The absorbance at 595 nm of each reaction mixture is plotted against 
the known protein concentration. A protein sample of unknown concentration is treat- 
ed with the Bradford reagents, and the color is allowed to develop. 
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The following absorbance measurements are typical for the standard curve of a 
protein: 





Protein (wg per assay) Aso5 
15 0.07 
25 0:15: 
50 0.28 
100 0.55 
150 0.90 
0.1 mL unknown protein solution 0.10 
0.2 mL unknown protein solution 0.22 


A standard curve for the data is plotted in Figure 3.6 on page 70. What standard pro- 
tein was used in this case? Note the linearity, indicating that the Beer-Lambert law is 
obeyed over this concentration range of standard protein. Two different volumes of 
unknown protein were tested. This was to ensure that one volume would be in the 
concentration range of the standard curve. Since the accuracy of the assay is dependent 
on identical times for color development, the unknowns must be assayed at the same 
time as the standards. From graphical analysis, an A595 of 0.22 corresponds to 40 wg of 
protein per 0.20 mL. This indicates that the original protein solution concentration was 
approximately 200 wg/mL or 0.20 mg/mL. Using computer graphics, students can 
now quickly visualize experimental data and determine the need for further analysis. 
Most modern computer programs use the method of least squares to calculate auto- 
matically the slope, intercepts, and correlation coefficients. 


Absorbance Measurements on Very Small Sample Volumes 


The absorbance experiments described to this point have been applied to sample 
sizes of 1 and 3 mL measured in glass or quartz cuvettes. Biomolecules are often 
expensive, difficult to isolate, and not always available in these large sample sizes. 
Recent advances in the development of spectrophotometers now make available 
instruments for rapidly quantifying and analyzing micro-volume samples. For 
example, NanoDrop UV-VIS spectrophotometers from Thermo Scientific (www. 
thermo.com/nanodrop) can measure samples as small as 0.51 in about 5 sec- 
onds. The wavelength range of the spectrometers is 220-750 nm, and they can 
make both individual absorbance measurements and absorption spectra (scans). 
Cuvettes and capillaries are not necessary, as the sample droplet is applied directly 
onto an optical pedestal for measurement. Measurements can be made on any 
biomolecules that absorb in the wavelength range. This includes proteins, DNA, 
RNA, nucleotides, cofactors, fluorescent substances, and many others. 


Identification of Unknown Biomolecules by Spectrophotometry 

The UV-VIS spectrum of a biomolecule reveals much about its molecular struc- 
ture. Therefore, a spectral analysis is one of the first experimental measure- 
ments made on an unknown biomolecule. Natural molecules often contain 
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chromophoric (color-producing) functional groups that have characteristic spec- 
tra. Figure 7.9 displays spectra of the well-characterized biomolecules DNA, 
FMN, FMNH)>, NAD*, NADH, a nucleotide, and a pyrimidine base. 

The procedure for obtaining a UV-VIS spectrum begins with the prepara- 
tion of a solution of the species under study. A standard solution should be pre- 
pared in an appropriate solvent. An aliquot of the solution is transferred to a 
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cuvette and placed in the sample chamber of a spectrophotometer. A cuvette con- 
taining solvent is placed in the reference holder. The spectrum is scanned over 
the desired wavelength range and an absorption coefficient is calculated for each 


major Amax: 


Kinetics of Biochemical Reactions 

Spectrophotometry is one of the best methods available for measuring the rates 
of biochemical reactions. Consider a general reaction as shown in Equation 7.6. 
>> A+B C+D (Eq. 7.6) 


If reactants A or B absorb in the UV-VIS region of the spectrum at some 
wavelength A, the rate of the reaction can be measured by monitoring the 
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decrease of absorbance at A; due to loss of A or B. Alternatively, if products C or 
D absorb at a specific wavelength Az, the kinetics of the reaction can be evaluated 
by monitoring the absorbance increase at A7. According to the Beer-Lambert law, 
the absorbance change of a reactant or product is proportional to the concentra- 
tion change of that species occurring during the reaction. This method is widely 
used to assay enzyme-catalyzed processes. Since the rates of chemical reactions 
vary with temperature, the sample cuvette containing the reaction mixture must 
be held in a thermostated chamber. 


Characterization of Macromolecule-Ligand Interactions 
by Difference Spectroscopy 


Many biological processes depend on a specific interaction between mole- 
cules. The interaction often involves a macromolecule (protein or nucleic 
acid) and a smaller molecule, a ligand. Specific examples include enzyme- 
substrate interactions and receptor protein-hormone interactions (see 
Chapter 8). One of the most effective and convenient methods for detecting 
and characterizing such interactions is difference spectroscopy. The inter- 
action of small molecules with the transport protein hemoglobin is a classic 
example of the utility of difference spectroscopy. If a small molecule or lig- 
and, such as inositol hexaphosphate, binds to hemoglobin, there is a change 
in the heme spectral properties. The spectral change is small and would be 
difficult to detect if the experimenter recorded the spectrum in the usual fash- 
ion. Normally, one would obtain a spectrum of a heme protein by placing a 
solution of the protein in a cuvette in the sample compartment of a spec- 
trophotometer and the neat solvent in the reference compartment. Any 
absorption due to solvent is subtracted because the solvent is present in both 
light beams, so the spectrum is that due to the heme protein. Then the ligand 
to be tested would be added to the heme protein, and the spectrum would be 
obtained for this mixture vs. solvent. If the free or bound ligand molecule did 
not absorb light in the wavelength range studied, there would be no need to 
have ligand in the reference cell. The two spectra (heme protein in solvent vs. 
solvent and heme protein and ligand in solvent vs. solvent) can then be com- 
pared and differences noted. 

A difference spectrum is faster than the preceding method because only 
one spectral recording is necessary. Two cuvettes are prepared in the following 
manner. The reference cuvette contains heme protein and solvent, whereas the 
sample cuvette contains heme protein, solvent, and ligand. There must be equal 
concentrations of the heme protein in the two cuvettes. (Why?) The two cuvettes 
are placed in a double-beam spectrophotometer and the spectrum is recorded. If 
the spectrum of the heme protein is not influenced by the ligand, the result 
would be a zero difference spectrum, that is, a straight line (Figure 7.10A). Both 
samples have identical spectral properties, indicating that there is probably little 
or no interaction between heme protein and ligand. However, such data should 
be treated with caution because it is possible that the heme group is not affected 
by ligand binding. A nonzero difference spectrum indicates that the ligand inter- 
acts with the heme protein and induces a change in the environment of the heme 
group (Figure 7.10B). 
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A difference spectrum can be analyzed and used in several ways. This is a 
useful technique for demonstrating qualitatively whether an interaction occurs 
between a macromolecule and a ligand. Quantitative analysis of difference spec- 
tra requires measurement of Amax and AA at Amax. This method can be used to 
quantify the strength of ligand-protein interaction. Note that every time you 
record a spectrum in a double-beam spectrometer, you are obtaining a difference 
spectrum between sample and reference. Although a heme protein was used in 
this example, this does not imply that only heme interactions can be character- 
ized by difference spectroscopy. Any protein that contains a chromophoric 
group, whether it be an aromatic amino acid, cofactor, prosthetic group, or metal 
ion, can be studied by difference spectroscopy. 


Limitations and Precautions in Spectrophotometry 


The use of a spectrophotometer is relatively straightforward and can be mas- 
tered in a short period of time. There are, however, difficulties that must be 
considered. A common problem encountered with biochemical measurements is 
turbidity, or cloudiness, of biological samples. This can lead to great error in 
absorbance measurements because much of the light entering the cuvette is not 
absorbed but is scattered. This causes artificially high absorbance readings. 
Occasionally, absorbance readings on turbid solutions are desirable (as in meas- 
uring the rate of bacterial growth in a culture), but in most cases turbid solutions 
must be avoided or clarified by filtration or centrifugation. 

A difficulty encountered in measuring the concentration of an unknown 
absorbing species in solution is deviation from the Beer-Lambert law. For rea- 
sons stated earlier in this chapter, some absorbing species do not demonstrate 
an increase in absorbance that is proportional to an increase in concentration. 
(In reality, most compounds follow the Beer-Lambert relationship over a 
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FIGURE 7.11 
Energy-level 
diagram outlining 
the fluorescence 
process. See text 
for details. 


relatively small concentration range.) When measuring solution concentration, 
adherence to the Beer-Lambert law must always be tested in the concentration 
range under study. 


B. FLUORESCENCE SPECTROMETRY 
Principles 


In our discussion of absorption spectroscopy, we noted that the interaction of 
photons with molecules resulted in the promotion of valence electrons from 
ground state orbitals to higher energy level orbitals. The molecules were said to 
be in an excited state. 

Molecules in the excited state do not remain there long, but spontaneously 
relax to the more stable ground state. With most molecules, the relaxation 
process is brought about by collisional energy transfer to solvent or other mole- 
cules in the solution. Some excited molecules, however, return to the ground 
state by emitting the excess energy as light. This process, called fluorescence, is 
illustrated in Figure 7.11. The solid vertical arrow in the figure indicates the pho- 
ton absorption process in which the molecule is excited from G to some vibra- 
tional level in S. The excited molecule loses vibrational energy by collision with 
solvent and ground state molecules. This relaxation process, which is very rapid, 
leaves the molecule in the lowest vibrational level of S, as indicated by the wavy 
arrow. The molecule may release its energy in the form of light (fluorescence, 
dashed arrow) to return to some vibrational level of G. 

Two important characteristics of the emitted light should be noted: (1) The 
emitted light is of longer wavelength (lower energy) than the excitation light. 
This is because part of the energy initially associated with the S state is lost as 
heat energy, and the energy lost by emission may be sufficient only to return the 
excited molecule to a higher vibrational level in G. (2) The emitted light is com- 
posed of many wavelengths, which results in a fluorescence spectrum as shown 
in Figure 7.12. This is due to the fact that fluorescence from any particular excited 
molecule may return the molecule to one of many vibrational levels in the 
ground state. Just as in the case of an absorption spectrum, a wavelength of 
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maximum fluorescence is observed, and the spectrum is composed of a wave- 
length distribution centered at this emission maximum. 


Quantum Yield 


In the foregoing discussion, it was pointed out that a molecule in the excited 
state can return to lower energy levels by collisional transfer or by light emission. 
Since these two processes are competitive, the fluorescence intensity of a fluo- 
rescing system depends on the relative importance of each process. The fluores- 
cence intensity is often defined in terms of quantum yield, represented by Q. 
This describes the efficiency or probability of the fluorescence process. By defini- 
tion, Q is the ratio of the number of photons emitted to the number of photons 
absorbed (Equation 7.7). 


number of photons emitted 





>> (Eq. 7.7) 


number of photons absorbed 
Measurement of quantum yield is often the goal in fluorescence spectroscopy 
experiments. Q is of interest because it may reveal important characteristics of the 
fluorescing system. Two types of factors affect the intensity of fluorescence, inter- 
nal and external (environmental) influences. Internal factors, such as the number 
of vibrational levels available for transition and the rigidity of the molecules, are 
associated with properties of the fluorescent molecules themselves. Internal fac- 
tors will not be discussed in detail here because they are of more interest in 
theoretical studies. The external factors that affect Q are of great interest to 
biochemists because information can be obtained about macromolecule confor- 
mation and molecular interactions between small molecules (ligands) and larger 
biomolecules (proteins, nucleic acids). Of special value is the study of experimen- 
tal conditions that result in quenching or enhancement of the quantum yield. 
Quenching in biochemical systems can be caused by chemical reactions of the 
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FIGURE 7.13 A 
diagram of a typical 
spectrofluorometer. 


fluorescent species with added molecules, transfer of energy to other molecules 
by collision (actual contact between molecules), and transfer of energy over a 
distance (no contact, resonance energy transfer). The reverse of quenching, 
enhancement of fluorescent intensity, is also observed in some situations. Several 
fluorescent dye molecules are quenched in aqueous solution, but their fluores- 
cence is greatly enhanced in a nonpolar or rigidly bound environment (the interi- 
or of a protein, for example). This is a convenient method for characterizing 
ligand binding. Both fluorescence quenching and fluorescence enhancement 
studies can yield important information about biomolecular structure and function. 


Instrumentation 


The basic instrument for measuring fluorescence is the spectrofluorometer. It 
contains a light source, two monochromators, a sample holder, and a detector. A 
typical experimental arrangement for fluorescence measurement is shown in 
Figure 7.13. The setup is similar to that for absorption measurements, with two 
significant exceptions. First, there are two monochromators, one for selection of 
the excitation wavelength and another for wavelength analysis of the emitted 
light. Second, the detector is at an angle (usually 90°) to the excitation beam. This 
is to eliminate interference by the light that is transmitted through the sample. 
Upon excitation of the sample molecules, the fluorescence is emitted in all direc- 
tions and is detected by a photocell at right angles to the excitation light beam. 

The lamp source used in most instruments is a xenon arc lamp that emits 
radiation in the ultraviolet, visible, and near-infrared regions (200 to 1400 nm). 
The light is directed by an optical system to the excitation monochromator, 
which allows either preselection of a wavelength or scanning of a certain wave- 
length range. The exciting light then passes into the sample chamber, which 
contains a fluorescence cuvette with dissolved sample. Because of the geometry 
of the optical system, a typical fused absorption cuvette with two opaque sides 
cannot be used; instead, special fluorescence cuvettes with four translucent 
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quartz or glass sides must be used. When the excitation light beam impinges on 
the sample cell, molecules in the solution are excited and some will emit light. 

Light emitted at right angles to the incoming beam is analyzed by the emis- 
sion monochromator. In most cases, the wavelength analysis of emitted light is 
carried out by measuring the intensity of fluorescence at a preselected 
wavelength (usually the wavelength of emission maximum). The analyzer 
monochromator directs emitted light of only the preselected wavelength toward 
the detector. A photomultiplier tube serves as a detector to measure the intensity 
of the light. The output current from the photomultiplier is fed to some measur- 
ing device that indicates the extent of fluorescence. The final readout is not in 
terms of Q, but in units of the photomultiplier tube current (microamperes) or in 
relative units of percent of full scale. Therefore, the scale must be standardized 
with a known. Some newer instruments provide, as output, the ratio of emitted 
light to incident light intensity. 


Applications of Fluorescence Spectroscopy 


Two types of measurements are most common in fluorescence experiments, 
measurements of relative fluorescence intensities and measurements of the 
quantum yield. Most experiments require only relative fluorescence intensity 
measurements, and they proceed as follows. The fluorometer is set to “zero” or 
“full scale” fluorescence intensity (microamps or %) with the desired biochemical 
system under standard conditions. Some perturbation is then made in the system 
(pH change, addition of a chemical agent in varying concentrations, change of 
ionic strength, etc.), and the fluorescence intensity is determined relative to the 
standard conditions. This is a straightforward type of experiment because it con- 
sists of replacing one solution with another in the fluorometer and reading the 
detector output for each. For these experiments, the excitation wavelength and 
the emission wavelength are preselected and set for each monochromator. 

The measurement of quantum yield is a more complicated process. Before 
these measurements can be made, the instrument must be calibrated. A thermopile 
or chemical actinometer may be used to measure the absolute intensity of incident 
light on the sample. Alternatively, quantum yields may be measured relative to 
some accepted standard. Two commonly used fluorescence standards are quinine 
sulfate in 0.5 MH,SO, (Q = 0.70) and fluorescein in 0.1 M NaOH (Q = 0.93). 
The quantum yield of the unknown, Q,, is then calculated by Equation 7.8. 


Qe. Be 
Qsta F, std 








>> (Eq. 7.8) 


where 


Q, = quantum yield of unknown 
Qstq = quantum yield of standard 

FE, = experimental fluorescence intensity of unknown 
Fy.q = experimental fluorescence intensity of standard 


Some biomolecules are intrinsic fluors; that is, they are fluorescent them- 
selves. The amino acids with aromatic groups (phenylalanine, tyrosine, and 
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tryptophan) are fluorescent; hence, proteins containing these amino acids have 
intrinsic fluorescence. The purine and pyrimidine bases in nucleic acids (ade- 
nine, guanine, cytosine, uracil, thymine) and some coenzymes (NAD*, FAD) are 
also intrinsic fluors. Intrinsic fluorescence is most often used to study protein 
conformational changes (protein folding) and to probe the location of active sites 
and coenzymes in enzymes. 

Valuable information can also be obtained by the use of extrinsic fluors. 
These are fluorescent molecules that are added to the biochemical system 
under study. Many fluorescent dyes have enhanced fluorescence when they 
are in a nonpolar solution or bound in a rigid hydrophobic environment. 
Some of these dyes bind to specific sites on proteins or nucleic acid molecules, 
and the resulting fluorescence intensity depends on the environmental condi- 
tions at the binding site. Extrinsic fluorescence is of value in characterizing the 
binding of natural ligands to biochemically significant macromolecules. This 
is because many of the extrinsic fluors bind in the same sites as natural lig- 
ands. Extrinsic fluorescence has been used to study the binding of fatty acids 
to serum albumin, to characterize the binding sites for cofactors and sub- 
strates in enzyme molecules, to characterize the heme binding site in various 
hemoproteins, and to study the intercalation of small molecules into the DNA 
double helix. 

Figure 7.14 shows the structures of extrinsic fluors that have been of value 
in studying biochemical systems. ANS, dansy] chloride, and fluorescein are used 
for protein studies, whereas ethidium, proflavine, and various acridines are use- 
ful for nucleic acid characterization. Ethidium bromide has the unique character- 
istic of enhanced fluorescence when bound to double-stranded DNA but not to 
single-stranded DNA. Aminomethyl coumarin (AMC) is of value as a fluoro- 
genic leaving group in measuring peptidase activity. 


Difficulties in Fluorescence Measurements 


Fluorescence measurements have much greater sensitivity than absorption 
measurements. Therefore, the experimenter must take special precautions in 
making fluorescence measurements because any contaminant or impurity in the 
system can lead to inaccurate results. The following factors must be considered 
when preparing for a fluorescence experiment. 


Preparation of Reagents and Solutions 


Since fluorescence measurements are very sensitive, dilute solutions of biomole- 
cules and other reagents are appropriate. Special precautions must be taken to 
maintain the integrity of these solutions. All solvents and reagents must be 
checked for the presence of fluorescent impurities, which can lead to large errors 
in measurement. “Blank” readings should be taken on all solvents and solutions, 
and any background fluorescence must be subtracted from the fluorescence of 
the complete system under study. Solutions should be stored in the dark, in clean 
glass-stoppered containers, in order to avoid photochemical breakdown of the 
reagents and contamination by corks and rubber stoppers. Some biomolecules, 
especially proteins, tend to adsorb to glass surfaces, which can lead to loss of 
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fluorescent material or to contamination of fluorescence cuvettes. All glassware 
must be scrupulously cleaned. Turbid solutions must be clarified by centrifuga- 
tion or filtration. 


Control of Temperature 


Fluorescence measurements, unlike absorption, are temperature dependent. All 
solutions, especially if relative fluorescent measurements are taken, must be 
thermostated at the same temperature. 


C. NUCLEAR MAGNETIC RESONANCE SPECTROSCOPY 


Nuclear magnetic resonance (NMR) spectroscopy is a method of absorption 
spectroscopy that has some characteristics similar to ultraviolet and visible spec- 
troscopy, but also some that are unique. In NMR, a molecular sample, usually 
dissolved in a liquid solvent, is placed in a magnetic field and the absorption of 
radio-frequency waves by certain nuclei (protons and others) is measured. NMR 
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spectroscopy was originally developed as an analytical tool to determine molec- 
ular structure by monitoring the environment of individual protons. The relative 
positions and intensity of absorption signals provide detailed information from 
which chemical structures may be elucidated. Early proton NMR studies focused 
primarily on small organic molecules, some of which had biological origin and 
significance. Since most biomolecules have a very large number of protons, the 
observed spectra are extremely complex and difficult to interpret. With the 
advent of modern techniques—superconducting magnets, Fourier transform 
analysis, multidimensional spectra, and powerful computer control—NMR has 
become an important method for the study of biological macromolecules. The 
fundamental principles, instrumentation, and biochemical applications for NMVR 
will be outlined here. 


NMR Theory 


All nuclei possess a positive charge. For some nuclei, this charge confers the 
property of spin, which causes the nuclei to act like tiny magnets. The angular 
momentum of the spin is described by the quantum spin number I. If I is an inte- 
gral number (I = 0, 1, 2, etc.), then there is no net spin and no NMR signal for 
that nucleus. However, if I is half-integral (I = 1/2,3/9,9/z, etc.), the nuclei have 
spins, and when placed in a magnetic field, the spins orient themselves with 
(parallel) or opposed (antiparallel) to the external magnetic field. The nuclei 
aligned with the magnetic field have lower energy (are more stable) than those 
opposed. Energy in the radio-frequency range is sufficient to flip the nuclei from 
the parallel to the antiparallel alignment. The NMR instrument is designed to 
measure the energy difference between the nuclear spin states. Absorption of 
energy may be detected by scanning the radio-frequency range and measuring 
the absorption that causes spin state transition (resonance). Modern NMR instru- 
ments instead maintain a constant radio-frequency and electrically induce small 
changes in the strength of the magnetic field until resonance is attained. The 
point of resonance for a nucleus is dependent upon the electronic environment of 
that nucleus, so an NMR spectrum provides information that helps elucidate 
biochemical structures. 


NMR in Biochemistry 


NMR has found a wide variety of applications in biochemistry. Proton NMR has 
a long and rich history in organic chemistry and biochemistry. The structures of 
many small but significant biomolecules were elucidated by proton NMR. 
Protons on different atoms and in different molecular environments absorb energy 
of different levels (measured by radio-frequency units or magnetic field units). 
Two experimentally measured characteristics, chemical shifts and spin-spin 
coupling, provide important structural information. The chemical shift (5) of an 
absorbing nucleus, measured in parts per million (ppm), is the spectral position 
of resonance relative to a standard signal, usually tetramethylsilane. The NMR 
signal for a proton is “split” by interactions with neighboring protons. This char- 
acteristic, called spin-spin coupling, helps to determine positions and numbers 
of equivalent and nonequivalent protons. 





Chapter 7 ¢ Spectroscopic Analysis of Biomolecules 227 

TABLE 7.1 Nuclei Important in Biochemical NMR 
Isotope’ Natural Abundance (%)? Relevant Biomolecules 

TH 100 Most biomolecules 

BC 1 Most biomolecules 

15yq 0.4 Amino acids, proteins, nucleotides 

197 100 Substitute for H 

31p 100 Nucleotides, nucleic acids, and other phosphorylated compounds 

‘All have a spin of 4. 


*The percentage of this isotope in naturally occurring molecules containing this element. 


NMR experiments are not limited to the study of protons. Resonance sig- 
nals from other atomic nuclei including 13¢ 15N, °F and 3!P can be detected and 
measured (see Table 7.1). ‘SC NMR techniques have been especially valuable for 
the study of carbohydrate, amino acid, and fatty acid structures. Just as with 
protons, each distinct carbon atom in a molecule yields a signal that is split by 
neighboring interacting nuclei (see Figure 7.15). Because of the low natural abun- 
dance of the 9C isotope, it is necessary either to enrich the °C content by chem- 
ical synthesis or to use powerful computers and magnets (500-600 MHz). The 
31P spectra of phosphorylated biomolecules display a peak for each type of phos- 
phorus (Figure 7.16). NMR instruments now have the sensitivity necessary to 
measure the in vivo concentrations and reactions of biomolecules in cells. For 
example, the catabolism of glucose by glycolysis in erythrocytes has been moni- 
tored by ’C NMR, and the involvement of ATP in phosphoryl-group transfer 
processes has been studied by °!P NMR (see Figure 7.16). 


NMR and Protein Structures 


New computer techniques in data analysis and improvements in instrumenta- 
tion have now made it possible to carry out detailed structural and conforma- 
tional studies of all biopolymers, but especially proteins. NMR, which may be 
done on noncrystalline materials in solution, provides a technique complemen- 
tary to X-ray diffraction, which requires crystals for analysis. An advantage of 
NMR is that proteins can be studied in solution in an environment that mimics 
that in the living cell. One-dimensional NMR, as described to this point, can be 
applied to structural analysis of smaller molecules. But proteins and other 
complex biopolymers with large numbers of protons will yield very crowded 
spectra with many overlapping lines. In multidimensional NMR (2-D, 3-D, 
4-D), peaks are spread out through two or more axes to improve resolution. 
Protein structure determination depends on several homonuclear 2-D'H 
NMR experiments: correlation spectroscopy (COSY), nuclear Overhauser 
effect spectroscopy (NOESY), 2-D total correlation spectroscopy (TOCSY), 
foldover-corrected spectroscopy (FOCSY), spin-echo correlation spec- 
troscopy (SECSY), and others. These computational techniques are based on 
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FIGURE 7.15 'H and '2C FT-NMR spectra of biomolecules. The lower spectra are for 'H showing a 
ppm scale of 0-10. TMS standard is at 0 ppm. The upper spectra are for '2C showing a ppm scale of 
0-200. A. L-valine in D2O + DCI. Can you assign each peak to the correct protons and carbon atoms in 
the valine structure? Hint: The carboxyl carbon of valine has a peak at about 175 ppm. B. Sucrose in 
D20. Carbon numbers in the chemical structure correspond to the following peaks in order from 0 to 
120 ppm: C-6; C-1'; C-6 '; C-4; C-2; C-5; C-3; C-4'; C-3'; C-5 '; C-1; C-2'. Reprinted with permission of 
Aldrich Chemical Co., Inc. 


the observation that nonequivalent protons interact with each other. By using 
multiple-pulse techniques, it is possible to perturb one nucleus and observe the 
effects on the spin states of other nuclei. The availability of powerful comput- 
ers, strong magnets, and Fourier transform (FT) calculations makes it possible 
to elucidate structures of proteins up to one million daltons, and there is future 
promise for studies on larger proteins. In addition to structural studies, NUR 
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FIGURE 7.16 °'P NMR spectra of human forearm muscle showing the effect of exercise. 

A Before exercise; B and C during 19 minutes of exercise; D 5-6 minutes after C. Peak 
assignments: 1, B-phosphorus of ATP; 2, a-phosphorus of ATP; 3, y-phosphorus of ATP; 4, 
phosphocreatine; 5, Pi. Phosphocreatine is used as a major source of energy during exercise. It 
is hydrolyzed to creatine and Pi. Note that the level of ATP remains relatively constant during 
exercise because it is produced and used at about the same rate. After G. Radda, Science 233, 
641 (1986). Reprinted with permission from the American Association for the Advancement 
of Science. 


will also be applied to studies of conformational changes and interactions 
between ligands and biopolymers. 

Many of the instrumental techniques and computational methods for 
NMR protein structure determination have been developed by Kurt Wiithrich 
of the Swiss Federal Institute of Technology (ETH) in Zurich. Beginning in the 
early 1980s, Wiithrich and his colleagues used NMR to determine the structure 
of several smaller proteins (below 10,000 daltons). By 1990, NMR structure 
determination could be applied to proteins of molecular masses up to about 
20,000 daltons. One of the largest proteins studied so far by NMR is the GroEL- 
GroES complex, which is about 900,000 daltons. Some of the interesting 
proteins studied by Wtithrich include tendamistat (an a-amylase inhibitor), 
rabbit metallothionein, human cyclophilin A-cyclosporin A complex, and the 
murine prion protein, which may be involved in diseases related to bovine 
spongiform encephalopathy (BSE). Wiithrich was awarded the Nobel Prize in 
Chemistry in 2002 for this work, which occurred over a period of about 25 
years. It is interesting to note that independent studies comparing protein 
three-dimensional structures derived from X-ray diffraction (on crystals) and 
NMR (in solution) have yielded identical results. The NMR methods have even 
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been used to correct structural mistakes made in the X-ray diffraction method. 
Protein NMR is now a very active research area and more than 7000 NMR- 
derived protein structures had been submitted to the Protein Data Bank (PDB) 
(www.rcsb.org/pdb) by the year 2010. The current total of protein structures 
submitted to the PDB is over 66,000. 

The complex principles and techniques behind Wiithrich’s studies are best 
described in his own words (Wiithrich, 2001): 


“Four principal elements are combined in the NMR method for protein structure 
determination: (i) the nuclear Overhauser effect (NOE) as an experimentally 
accessible NMR parameter in proteins that can yield the information needed for de 
novo global fold determination of a polymer chain; (ii) sequence-specific assignment 
of the many hundred to several thousand NMR peaks from a protein; (iii) computa- 
tional tools for the structural interpretation of the NMR data and the evaluation of 
the resulting molecular structures; and, (iv) multidimensional NMR techniques for 
efficient data collection.” 


The preparation of a protein sample for NMR studies is relatively 
straightforward; however, a rather large amount of protein is required com- 
pared to mass spectrometry and X-ray crystallography. For NMR analysis, the 
protein is usually dissolved in water at concentrations of 3-6 mM. The protein 
solution may be adjusted to the ionic strength, pH, and temperature found 
under physiological conditions. Samples as small as 0.5 mL are sufficient for 
analysis. 


D. MASS SPECTROMETRY 


Mass spectrometry (MS) is similar to NMR in that it has historically been of great 
value in the structure elucidation of relatively small (MW limit around 1000) 
organic and biomolecules. Only in the last 15 years has the tool of MS been 
applied to the analysis of biological macromolecules. The MS analysis of proteins 
and other biopolymers was initially hindered because analytes are usually meas- 
ured in the gas phase and it was very difficult to vaporize these large molecules. 
The development of new methods for sample preparation (ionization), multi- 
quadrupole analysis, tandem MS instruments, and powerful computers now 
makes it possible to study large molecules, especially proteins. 


lonization and Analysis of Proteins 


The mass spectrometer generally consists of three components that are linked 
together: an ionization device, a mass analyzer, and an ion detector (Figure 7.17). 
Neutral molecules are ionized, and their positively charged ion products are 
directed through an electric and/or magnetic field, where they are separated 
(analyzed) on the basis of their mass-to-charge ratio (m/z). A detector then 
records the ions after separation. The “spectrum” generated by MS displays ion 
intensity as a function of m/z. 
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Ionization of small organic and biological molecules prior to MS analysis is 
done by electron impact; however, ionization of nonvolatile, biological macromole- 
cules like peptides, proteins, and nucleic acids requires special treatment. In the late 
1980s, John Fenn, now at Virginia Commonwealth University, and Koichi Tanaka of 
the Shimadzu instrument company in Kyoto, Japan, introduced methods for the 
“soft ionization” of macromolecules. These methods are labeled “soft,” as they cause 
minimal degradation to the sample during ionization. Fenn introduced the 
electrospray ionization (ESI) method, in which a solution of the sample is sprayed 
from a metal needle or capillary tip held at a potential of about +5000 volts. This 
results in a spray of tiny droplets containing positively charged ions. The solvent 
evaporates, and the ions are directed into the analyzer for separation. Tanaka 
demonstrated that pulses from a nitrogen laser could be used to ionize proteins from 
a surface (soft laser desorption, SLD). Because ESI and SLD are liquid-phase 
processes, the samples may be those purified by HPLC or CE. Fenn and Tanaka were 
awarded the Chemistry Nobel Prize (shared with K. Wiithrich) for this work in 2002. 

Laser desorption has now been modified by Franz Hillenkamp of the 
University of Miinster, Germany, to a solid phase method, matrix-assisted laser 
desorption ionization (MALDIJ), which is the most widely used technique for 
protein analysis. In MALDI, the sample is placed in a matrix of small organic 
molecules and irradiated by a laser pulse. The matrices absorb the laser energy, 
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causing ionization of the macromolecular sample. A common practice is the use 
of protein samples obtained from 1-D and 2-D PAGE gels. 

Several types of mass analyzers are used for ion separation, including time- 
of-flight (TOF), quadrupoles, and ion traps. In TOF-MS, the most widely used 
technique, each ion produced has the same initial kinetic energy, but the speed 
varies with mass. Mass is determined by measurement of an ion’s time-of-flight 
to the detector. 


MS Applications in Biochemistry 


MS is becoming a standard tool in the analysis of biological molecules and 
biological processes. Many of the applications of MS described below involve 
combining the technique with sample preparation and purification by HPLC, 
CE, and PAGE (especially 2-DE). (See section on proteomics, Chapter 6, 
Section B, p. 184.) 


1. Identification of Peptides and Proteins Protein identification is perhaps 
the most widely used MS application at the present time. The most impor- 
tant ions resulting from the removal of an electron by ionization proce- 
dures are the positively charged molecular ions (M*) or protonated 
molecular ions (M + nH)". Measurement of the molecular mass of these 
species provides the molecular weight of the original molecule. The accu- 
racy of this method for molecular weight determination is about 0.01%. 
(Molecular mass measurements using gel filtration typically have accuracies 
no greater than 5-10%.) Some molecular ions are unstable and disintegrate 
to produce fragment ions. These fragmentation processes are useful in 
structural elucidation of smaller molecules. It should be expected that pro- 
teomic studies will be enhanced by coupling SDS-PAGE and 2-DE (for 
separation and purification) with further size analysis of the proteins by 
MALDI-TOF. 

One MS method for peptide identification is called peptide mass fin- 
gerprinting. The unknown sample is digested with the proteolytic enzyme 
trypsin to produce fragments that are analyzed by MALDI-MS. The result- 
ing spectrum displays the masses of the peptide fragments. This may be 
used as a “fingerprint” of the sample and compared with known fragmented 
patterns in a sequence database. 

2. Characterization of Post-Translational Modification Processes After 
translation, proteins in the cell are often modified by covalent attachment 
of specific functional groups. Such processes might include: 


(a) phosphorylation of hydroxyl groups in serine and tyrosine residues, or 

(b) addition of carbohydrate residues (glycosylation) to the hydroxyl 
groups of serine or threonine or to the amide nitrogen of asparagine 
residues. 


These chemical modifications can easily be detected by MS, as the addition 
of a phosphoryl group (— PO%~) adds about 80 daltons to the molecular 
mass of a protein, whereas addition of a glucose residue adds about 
180 daltons. 
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3. Peptide Sequencing Small peptides and proteins may be sequenced by 
MS procedures. The peptide sample is ionized and fragmented at the 
peptide bonds by collision-induced dissociation. Size analysis of the series 
of fragments produced leads to the sequence of amino acids. 

4. Protein-protein Interactions One of the most important goals of pro- 
teomics is to study how proteins interact with each other in order to initiate 
biological processes. ESI-MS and MALDI-TOF are currently being used to 
investigate how proteins associate to form biologically active multisubunit 
complexes. 


E. X-RAY CRYSTALLOGRAPHY 


Historically, X-ray crystallography has been the most important tool for study- 
ing the three-dimensional structures of biomolecules. In fact, this technique was 
the only method available for determining macromolecular structures until the 
application of NMR in the 1980s. Protein crystals were first studied by X-ray 
crystallography in 1934 by J. D. Bernal and Dorothy Crowfoot Hodgkin. 
However, the diffraction patterns were extremely complex, and computers were 
not available for complete analysis of the proteins. John Kendrew, a biochemist 
working at Cambridge University, announced the first three-dimensional struc- 
ture of a protein, sperm whale myoglobin, in 1958. Kendrew had determined the 
complex structure of the protein (153 amino acid residues) after several years of 
analysis by X-ray crystallography. Other important biomolecules that were stud- 
ied by X-ray crystallography include DNA (Rosalind Franklin and Maurice 
Wilkins) and vitamin Bj (Dorothy Crowfoot Hodgkin). Analysis of protein 
structures is now routine. As of July 2010, the Protein Data Bank 
(www.rcsb.org/pdb) had registered approximately 66,000 proteins—about 
56,000 were obtained by X-ray crystallography and about 10,000 by NMR. 
Although the number of structures derived by NMR is growing faster than the 
number derived by X-ray crystallography, crystallography is still an important 
source of structural data. 


Methodology of X-ray Crystallography 


An X-ray crystallography analysis requires three components (see Figure 7.18): 
(1) a protein crystal, (2) an X-ray source, and (3) a detector (i.e., radiation detector 
or photographic film). 
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Study Problems 


Protein Crystals 


For many proteins, this can be the most difficult step in three-dimensional analy- 
sis. The factors important in protein crystallization are not yet fully understood, 
so the methodology for growing crystals is still an art and involves much trial 
and error. Crystallization usually occurs best in a saturated or supersaturated 
solution of the protein. A common method often used involves changing solu- 
tion conditions by adding a precipitant (like ammonium sulfate), changing the 
pH, or changing the ionic strength. The crystallization process may be hastened 
by dialysis of the protein against a solution containing the precipitating factor. 


Data Collection and Analysis 


The theory supporting X-ray crystallography is quite complex and beyond the 
scope of this text; however, some practical aspects can be described. The crystal 
is mounted in the diffractometer and bombarded by a collimated beam of X-rays. 
The crystal is rotated so that it is struck from many different directions. Many of 
the X-rays passing into the sample are diffracted (scattered) when they en- 
counter electrons associated with atoms. The diffracted beams impinge upon the 
detector and are recorded. The data at this point are in the form of a regular array 
of spots called reflections. (Kendrew’s pattern of myoglobin had nearly 25,000 
reflections, which were analyzed by computer in order to construct the 3-D 
image of the protein.) The extent of scatter of the reflections depends on the size 
and position of each atom in the crystal. By extensive computer and mathemati- 
cal analysis (by Fourier transform) of the angle of scatter and of the pattern col- 
lected by the detector, it is possible to construct an electron density map of the 
protein molecule showing the arrangement of the atoms. Using modern equip- 
ment and computer software, an analyst can collect data and determine a struc- 
ture in a day or two. 

Although X-ray analysis of proteins is slowly being replaced by NMR, 
there will continue to be interest in and a need for X-ray analysis of very large 
and unsymmetrical proteins and other biomolecules. NMR does have some 
advantages in structure determination—sample preparation is rapid and 
straightforward, and the sample may be studied under physiological-like condi- 
tions. Numerous comparative studies have confirmed that the analysis of an 
identical protein by X-ray and NMR leads to the same three-dimensional result, 
even though one is done in the solid state and one in the liquid state. 


1. For each pair of wavelengths listed below, specify which one is higher in energy. 
(a) 1 nm (X-ray) or 10,000 nm (IR) 
(b) 280 nm (UV) or 360 nm (VIS) 
(c) 200,000 nm (microwave) or 800 nm (VIS) 

2. Ina laboratory experiment, you are asked to determine the molar concentration of a solu- 
tion of an unknown compound, X. The solution diluted in half by water (1 mL of X and 
1 mL of H,0) has an absorbance at 425 nm of 0.8 and a molar extinction coefficient of 
1.5 X 10°M7~!cm7!. What is the molar concentration of the original solution of X? 
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3. Match the spectral region listed below with the appropriate molecular transition that 
occurs. The first problem is worked as an example. 





Spectral region Transition 

a1. X-rays a. inner-shell electrons 
__2.UV b. molecular rotations 
_ 3. VIS c. valence electrons 

_ AIR d. molecular vibrations 


__5. microwave 


4, Explain the differences between a spectrophotometer that uses a phototube for a 
detector and one that uses a photodiode array detector. 

5. Several spectroscopic techniques were studied in this chapter. Which experimental 
techniques involve an actual measurement of radiation absorbed? 
(a) UV-VIS spectroscopy 
(b) NMR spectroscopy 
(c) MS 
(d) Fluorescence spectroscopy 

6. Why can you not use a glass cuvette for absorbance measurements in the UV spectral 
range? 

7. What single structural characteristic do all of the fluorescent molecules in Figure 7.14 
possess? 

8. Study the 'H spectrum of valine in Figure 7.15 and match each peak to the correspon- 
ding proton in the chemical structure. Explain any spin-spin coupling. 

9. Why must a cuvette with four translucent sides be used for fluorescence 
measurements? 

10. Study the a: spectrum of valine in Figure 7.15. Identify the carbon atom that 

produces each peak in the spectrum. 
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result of interactions between molecules. Most often, these interactions involve the 

binding of a molecule or ion to a specific site (or sites) on a macromolecule, usually 
a protein or nucleic acid. The binding forces that hold the molecules together are noncovalent 
and they include hydrogen bonding, van der Waals forces, electrostatic bonds, and hydropho- 
bic interactions. Usually the combination of the two molecules (formation of a complex) will 
lead to a specific biological action or response. For example, a hormonal response is the result 
of the hormone molecule interacting with its receptor protein; a chemical transformation in 
metabolism is the consequence of the initial binding of a substrate to an enzyme, forming an 
ES complex. 


M= of the dynamic processes occurring in biological cells and organisms are the 


A. LIGAND-MACROMOLECULE INTERACTIONS 
(MOLECULAR RECOGNITION) 


Throughout our study of biochemistry we will encounter many examples where noncovalent 
interactions bring together, in specific ways, two different molecules that form a complex. 
Such molecules display a phenomenon called molecular recognition. The importance of these 
interactions in biology is that the combination of two molecules will lead to some biological 
action. The action of hormones provides an excellent example. A hormonal response is the 
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consequence of a weak, but specific, interaction between the molecule and a 
receptor protein in the membrane of the target cell. The biochemical response 
may often be an enhancement in production of an enzyme needed for metabo- 
lism (signal transduction). Another example of molecular recognition is the 
interaction that brings together a substrate molecule with an enzyme. Before a 
metabolic reaction can occur, a substrate molecule must physically interact in a 
certain well-defined manner with the macromolecular catalyst, an enzyme. The 
biochemical action of drugs also depends on molecular recognition. A drug is 
first distributed throughout the body via the bloodstream. Drug molecules in the 
bloodstream are often bound to plasma proteins (e.g., serum albumin), which act 
as carriers. When the drug molecules are transported to their site of action, a 
second molecular interaction is likely to occur. Many drugs elicit their effects by 
interfering with biochemical processes. This may take the form of enzyme inhibi- 
tion, where the drug molecule binds to a specific enzyme and prohibits catalytic 
action. Table 8.1 lists several other molecular recognition events that lead to 
some dynamic biochemical action. Details of these processes may be found in 
your biochemistry textbook. 


Properties of Noncovalent Binding Interactions 


The process of molecular recognition may be defined by a simple, reversible 
reaction that brings together a ligand (L) and a macromolecule (M) (R, for recep- 
tor, in some textbooks): 


>> L +M == LM —— Biological response (Eq. 8.1) 


LM represents a complex, held together by noncovalent interactions, that has a 
specialized biological function. The ligand is usually a relatively small molecule 
(hormone, substrate, inhibitor, drug, coenzyme, metal ion, etc.), but not always. 
Examples of large ligands include protein substrates that are cleaved by a 
protease, a protein molecule that binds to DNA as a transcription regulator, or 
large antigens that interact with antibodies. 


TABLE 8.1 Examples of LM Interactions and Their Biological Responses 


Type of Interaction (Ligand:Macromolecule) 


Biological Significance or Response 





Substrate:enzyme 
Inhibitor:enzyme 

Allosteric effector:enzyme 
Coenzyme:enzyme 
Hormone:receptor protein 
Antigen:antibody 

Ligand:carrier or transport protein 
Drug:protein or nucleic acid 
Regulatory protein:DNA 


Metabolic reactions 

Metabolic regulation 

Metabolic regulation 

Metabolic reactions 

Metabolic regulation; signal transduction 
Immune response 

Storage or transport 

Disease treatment 

Transcription regulation 
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All molecular interactions that are the basis of molecular recognition have 
at least three common characteristics: 


1. The binding forces that hold the complex together are noncovalent and rel- 
atively weak. Four types of noncovalent bonds are important: 


(a) hydrogen bonds 

(b) van der Waals forces 

(c) hydrophobic interactions 

(d) ionic or electrostatic bonds 

Properties and examples of these interactions are reviewed in Table 8.2. The 
strengths of noncovalent binding forces are in the range of 1-30 kJ/mol, com- 
pared to about 350 kJ/mol for a carbon-carbon single bond, a typical covalent 
bond. A single, noncovalent bond is usually insufficient to hold two molecules 
together. Typical biopolymers that may serve as macromolecules—DNA, 


TABLE 8.2 Properties and Examples of Noncovalent Binding Forces 


Stabilization 





Type Brief Description and Example Energy (kJ/mol) Length (nm) 
(i) Hydrogen Between a hydrogen atom bonded to an electro- 10-30 0.2-0.3 
bonds negative atom and a second electronegative atom 


Between neutral groups 


Between peptide bonds 


Spe OeHeNS 
7 \ 


(ii) van der Between molecules with temporary dipoles induced 15 0.1-0.2 
Waals by fluctuating electrons. This may occur between 

interactions any two atoms in close proximity. 

(iii) Hydrophobic The presence of water forces nonpolar groups into 5-30 — 
interactions ordered arrangements to avoid the water. 


Be age ea 
C C 
| | 
CH, CH, 
| | 

(iv) lonic bonds Interactions that occur between fully charged atoms 20 O25 
or groups 
Natcl~ 


R—NH}~ OOC—R 
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RNA, polysaccharides, and proteins—have numerous functional groups that 
participate in noncovalent interactions. A collection of many of these interac- 
tions will lead to highly stabilized complexes. 

2. Reactions that form noncovalent complexes are reversible. Noncovalent 
interactions are initiated when diffusing (wandering or moving) molecules 
come into close contact. Diffusion is brought about by thermal motions. An 
initial close encounter may not always result in the successful formation of 
a complex. A few weak bonds may form, but be disrupted by thermal mo- 
tions, causing the molecules to dissociate. Therefore, bonds may constantly 
form and break until enough bonds have accumulated to result in an inter- 
mediate with transient, but significant, existence. The complex can then ini- 
tiate a specific biological process. An intermediate rarely lasts longer than a 
few seconds. Eventually, thermal motions cause the complex to dissociate 
to the individual molecules. Reversibility is an important characteristic of 
these interactions so that a static, gridlock situation does not occur. The bi- 
ological process initiated by the complex LM must have a finite lifetime—a 
starting and an ending time. 

3. The binding between molecules is specific. Imagine that the interactions 
to form LM bring together two molecular surfaces. The two surfaces will be 
held together if noncovalent interactions are established. If on one surface 
there is a nonpolar molecular group (phenyl ring, hydrophobic alkyl 
chain), the adjacent region on the other surface must also be hydrophobic 
and nonpolar. If a positive charge exists on one surface, there may be a neu- 
tralizing negative charge on the other surface. A hydrogen-bond donor on 
one surface can interact favorably with a hydrogen-bond acceptor on the 
other surface. Simply stated, the two molecules must be compatible or 
complementary in a chemical sense so the development of stabilizing 
forces can hold molecules together. In molecular terms, the binding site (or 
sites) on M displays high specificity; therefore, only certain ligands can 
bind. L molecules, for a particular M, will be limited to a single, specific 
molecule or perhaps a group of structurally related molecules. 


Quantitative Characterization of Ligand Binding 


A thorough understanding of the biochemical significance of ligand binding to 
macromolecules comes only from a quantitative analysis of the strength of bind- 
ing (affinity) between L and M. Binding affinity between two molecules is often 
expressed as an equilibrium constant, the formation constant, Ks, which is de- 
rived from the law of mass action. Consider the specific interaction between a 


STUDY EXERCISE 8.1 Examples of Noncovalent Interactions 


a. Show how the carboxylate group on the side chain of the amino acid aspartate 
can interact with a lysyl residue in a protein. Draw structures and define the pos- 
sible types of noncovalent binding forces. 

b. Show how a peptide carbonyl group can form a hydrogen bond with the free 
amino acid serine. 
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small molecule, L (for ligand), and a macromolecule, M (Equation 8.1). These 
two species combine to form a complex, LM. 
Kg, the formation constant for the complex, is defined by Equation 8.2. 
[LM] 
>> Kp = (Eq. 8.2) 
{* [LIM] 
Do not confuse K; with Kg, the dissociation constant. The relationship between 
K; and Kg is defined in Equation 8.3. 
_ (LI[M] 1 


= Kg = [LM ~ KG (Eq. 8.3) 








The larger the value of K;, the greater the strength of binding between L 
and M. (Large K; implies a high concentration of LM relative to L and M.) Return 
to Equation 8.2 and note that in order to determine Ks, a method must be devel- 
oped to measure equilibrium concentrations of L, M, and the complex LM. In a 
later section, we will describe experimental techniques that are applied to these 
measurements of binding constants, but first we must reorganize Equation 8.2 into 
a form that contains more readily measurable terms. We will begin with the as- 
sumption that the macromolecule, M, has several binding sites for L and that these 
sites do not interact with each other. That is, K¢ is identical for all binding sites. The 
following definitions are necessary for the reorganization of Equation 8.2: 


[L] = equilibrium concentration of free or unbound ligand 
[M] = equilibrium concentration of macromolecule with no bound L, 
or the concentration of unoccupied binding sites 
[LM] = equilibrium concentration of ligand—macromolecule complex, 
or the concentration of occupied sites 
[M]p = total or initial concentration of macromolecule, or total 
concentration of available binding sites 
[L]p = total concentration of bound and unbound ligand, 
or initial concentration of ligand 


v = fraction of available sites on M that are occupied, 
or the fraction of M that has L in binding site: 


[LM] 
p= 

[M]o 
The term v is particularly significant because it can be considered a ratio of 
the number of occupied sites to the total number of potential binding sites on M. 
It can be measured experimentally, but first it must be redefined in the following 
manner: Since [M]g = [LM] + [MI], then 

_ [LM] 

"~~ [LM] + [MI 





SS (Eq. 8.4) 


From Equation 8.2, [LM] = K¢[L][M]. Therefore, 


Kel LIM) 
K;[L][M] + [M] 
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FIGURE 8.1 A 
plot illustrating 
saturation of 
binding sites with 
ligand. The n is 
estimated at the 
point when all 
binding sites are 
occupied by ligand. 
K; is represented by 
the [L] when one- 
half of the sites are 
occupied by ligand. 
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Simplifying, 
KIL] 


eS ety 


(Eq. 8.5) 

You should recognize the similarity of Equation 8.5 to the Michaelis- 
Menten equation for enzyme catalysis. A graph of v vs. [L] yields a hyperbolic 
curve (see Figure 8.1) that approaches a limiting value or saturation level. At this 
point, all binding sites on M are occupied. Because of the difficulty of measuring 
the exact point of saturation, this nonlinear curve is seldom used to determine Ky. 
Linear plots are more desirable, so Equation 8.5 is converted to an equation for a 
straight line. The equation will first be put into a more general form to account 
for any number of potential binding sites on M. The symbol v will be used to rep- 
resent the average number of occupied sites per M, and n will represent the num- 
ber of potential binding sites per M molecule. Assuming that all the binding sites 
on M are equivalent, Equation 8.5 becomes 


nKg [L] 


a eS Rell a A 


(Eq. 8.6) 


Scatchard’s Equation 


Equation 8.6 contains terms such as [L] that are difficult to determine, so it must 
be converted to a form amenable to experimental measurements. 

If v is the average number of occupied sites per M molecule, then n — P is 
the average number of unoccupied sites per M molecule. 


nK¢[L] 
K,[L] + 1 





n 








Ky 


[L] 
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Simplifying, 
(n — v)(Ke{L] + 1) = m(Kg{L] + 1) — nC Ke ILI) 
mee n 
>> (n-v) = KIL] +1 (Eq. 8.7) 


To further simplify Equation 8.7, let the term v/n — v represent the ratio of 
occupied sites to nonoccupied sites on M; it can be mathematically represented as 


Vv = ( nK,[L] \( =F *) 
n-D Ks{L] + 1 n 


S> “—==K,[L (Eq. 8.8) 
n—-vy 





or 





A more desirable form for graphical use is known as Scatchard’s equation: 
Vv 
— = K, —D Eq. 8. 
>> iA s(n — D) (Eq. 8.9) 
If a plot of v/[L] versus v yields a straight line, shown by the solid line in Figure 8.2, 
then all the binding sites on M are identical and independent, and K; and n are 
estimated as shown in the figure. 


Cooperative Binding of Ligands 


The derivation of Equation 8.9 assumes that K; is identical for all binding sites; 
that is, the binding of one molecule of L does not influence the binding of 
other L molecules to binding sites on M. However, it is common for ligand- 
macromolecule interactions to display such influences. The binding of one L 
molecule to M may encourage or inhibit the binding of a second L molecule to 
M. For example, the binding of oxygen to one of the four subunits of hemoglo- 
bin increases the affinity of the other subunits for oxygen. There is said to be 
cooperativity of sequential binding. If the sites do show cooperative binding, 
the plot is nonlinear, as shown by the dashed line in Figure 8.2. The shape of 
the nonlinear curve may be used to determine the number of types of binding 
sites. The dashed line in Figure 8.2 can be resolved into two lines, indicating 
that two types of binding sites are present on M. The 1 and K; for each type of 
binding site may be estimated by resolving the smooth curve into straight 
lines as shown in Figure 8.2. K; and n can be estimated by extrapolating the 
two straight lines to the axes. 


Experimental Measurement of Ligand-Binding Interactions 


To analyze ligand-macromolecule interactions quantitatively (to use Equation 8.9), 
one must be able to distinguish experimentally between bound ligand (LM) and 
free ligand (L). Many techniques have been developed for measuring the 
dynamics of LM interactions. Widely used techniques include equilibrium dialysis 
(Chapter 3, p. 73), ultrafiltration (Chapter 3, p. 74), and spectroscopic (especially 
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interact 
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FIGURE 8.2 Scatchard plot. Two types of Scatchard curves are illustrated. The upper plot (solid 
line) represents binding to a macromolecule with noninteracting sites. The binding of a ligand 
molecule at one site is independent of the binding of a second ligand molecule at another site. 
The plot can be extrapolated to each axis and the n and K; calculated. The lower, dashed line 
represents binding of ligand molecules to binding sites that interact. One ligand molecule 
bound to the macromolecule influences the rate of binding of other ligand molecules. The 
dashed line is evaluated as shown in the figure. The curved line has two distinct slopes. It can 
be resolved into two straight lines, each of which may be evaluated for n and K;. This would 
indicate that there are two types of binding sites, each with a unique n and Ky. 


fluorescence) measurements (Chapter 7, p. 220). Many of these methods require 
specialized and expensive equipment, sometimes cumbersome procedures, and 
the use of radio-labeled ligands. 


aE STUDY EXERCISE 8.2 Using Equilibrium Dialysis 


Ligand binding to a protein can be measured by the procedure of equilibrium dialysis 
(see Chapter 3, Section D, p. 73). A solution of the protein (M) is sealed in a dialysis 
bag, which is then placed in a large volume of solution containing the ligand (L). The 
pore size of the dialysis bag allows the passage of ligand molecules, but not protein 
molecules. After equilibrium is reached several hours later, the bag is opened and the 
concentrations of free ligand inside and outside are measured. The difference between 
these two values is the amount of ligand bound to the protein. The following experi- 
mental data are collected: 


Concentration of free ligand, [L] = 1 X 10°° mole/liter 
Concentration of bound ligand, [LM] = 5 x 107° mole/liter 
K; for the reaction L + M == LM = 1 X 10° moles/liter 
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Calculate the concentration of the protein, M, in moles per liter. Assume that M has 
only one binding site for the ligand. 


Solution: 
Use Equation 8.2 to calculate [M]. The concentration of M = 5 X 10~° moles/liter. 


One of the simplest and most convenient methods for monitoring ligand 
binding is the differential method, which detects and quantifies some measura- 
ble change in spectral absorption or fluorescence, in the UV-VIS regions, that 
accompanies ligand binding (see next section). A ligand may show enhanced 
fluorescence when bound to a macromolecule, or amino acid residues (i.e., Trp) 
in a protein may show enhanced fluorescence when a ligand molecule is bound. 


The Bradford Protein Assay as an Example of Ligand Binding 


When Coomassie Blue dye binds to proteins, the dye undergoes a significant 
spectral change in the visible region (Figure 8.3). The spectrum of free dye dis- 
plays a minimum in the range 575-625 nm. When dye and a protein (ovalbumin) 
are mixed, a new absorption band appears in the region of 595 nm. The increase 
in absorption at 595 nm is directly related to the concentration of protein, which 
is the basis of the Bradford protein assay (Chapter 3, Section B, p. 69). The new 
absorption band is due to the presence of dye-ovalbumin complex. Note that the 
new band is rather broad and that a range of wavelengths may actually be used, 
but 595 nm is usually chosen. In this section, we will use the Bradford assay to 
illustrate an alternate method for using Scatchard’s equation. 


1.0 
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FIGURE 8.3 The 
spectral changes 
occurring during 
the binding of 
Coomassie Blue dye 
to ovalbumin. A 
free dye in solution, 
B dye plus 0.5 mg 
of ovalbumin, C dye 
plus 1.0 mg of 
ovalbumin. The dye 
concentration is 
identical in all three 
curves. 
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Equation 8.6 for evaluating protein-ligand interactions is easily adaptable 
to the spectroscopic differential method, but it must be converted into a linear 
form. Absorption data can be expressed in terms of [bound]/[free] ligands or 
[occupied]/[unoccupied] sites on the macromolecule. The data analysis de- 
scribed here assumes that L and LM, but not M, contribute to the measured ab- 
sorbance. The measured absorbance change is proportional to the ratio of bound 
L to unbound L. 

The absorbance observed from a mixture of Land M, Aobg, is 

Aobs = AL + ALM 
where 


A, = absorbance of free L 
Am = absorbance of bound L 


Absorbance data may be used directly to calculate the fraction of ligand bound: 


Abs ~ AL 
Aynax ~ AL 





>> Fraction of ligand bound = f = (Eq. 8.10) 


where 


Amax = total absorbance of LM when all the L molecules in solution are 
bound to M. This number is experimentally determined in this chapter, 
Section B. 


The term Ajax — Ay is proportional to the total number of binding sites, and 
Aobs — AL represents the average number of occupied sites on M caused by a 
certain concentration of L. 

For graphical analysis of the experimental data, v for Equation 8.6 can be 
defined in terms that can be measured experimentally: 


_ _ lL 


>> >= Sonn (Eq. 8.11) 


If Equation 8.11 is combined with Equation 8.6, an equation for a straight 
line can be derived in terms that are readily measured. 
lilo _ _mKefL 
[M]o Kg [L] +1 





Take the reciprocal of each side and solve for [M]o/f: 
[M]o _ Ks [L] +1 
FfILlo nK¢[L] 
[M]o _ [Llp ‘ [Ll 
f e nK¢[L] 
The term [L]/[L]p = 1 — f; therefore: 
[M]o — [Llo 4 1 
c4 n  nK¢(1 ~ f) 
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Rearrange to the form for a straight line, y = mx + b: 


[M]o 1 [L]o 
>> ; nKAl ff + = (Eq. 8.12) 
This is an alternate form of the Scatchard equation. The values n and K; can be 
calculated from a plot of 1/(1 — f) vs. [M]o/f. The slope of the line is represented 
by 1/nK;, whereas the y intercept is [L])/n. If the data points fall on a straight line 
as in Figure 8.4, then all the dye binding sites on the protein M are identical and 
independent. 

The derivation of Equation 8.12 assumes that K; is identical for all binding 
sites; that is, the binding of one molecule of L does not influence the binding 
of other L molecules to binding sites on M. However, it is common for ligand- 
macromolecule interactions to display such influences. The binding of one L 
molecule to M may encourage or inhibit the binding of a second L molecule to M. 
For example, the binding of oxygen to one of the four subunits of hemoglobin 
increases the affinity of the other subunits for oxygen. There is said to be coopera- 
tivity of sequential binding. If the sites do show cooperative binding, the plot 
becomes nonlinear, as shown by the curved line in Figure 8.4. This line is resolved 
into two lines, indicating that two types of binding sites are present on M. The 1 
and K; for each type of binding may be estimated by resolving the smooth curve 
into two straight lines. K; and may be calculated from the intercepts and slopes. 





Computer Software for Analysis of LM Binding 


Numerous computer programs exist that may be used for graphical analysis of 
ligand binding data. Most programs perform a linear or nonlinear least-squares 
regression analysis of experimental data. Many are available as freeware on the 
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Internet. Some popular and effective software programs are listed and described 
in Table 8.6. Additional Web sites and references are available at the end of this 
chapter and in Appendix I. One very useful program is DynaFit (www.biokin. 
com), which may be applied to the analysis of ligand binding data or enzyme 
kinetic data. The program has been designed by Dr. Petr Kuzmic, President and 
CEO of Biokin Ltd. DynaFit is available free for academic users (students, profes- 
sors, university researchers), but one must register for an academic license at the 
Web site. 


B. BIOLOGICAL CATALYSIS (ENZYMES) 


Enzyme-catalyzed reactions may also be described in terms of ligand- 
macromolecule interactions. Enzyme reactions are initiated by the interaction 
of a substrate molecule with an enzyme molecule: 


>> E+5 ES (Eq. 8.13) 


Enzymes are biological catalysts. Without their presence in a cell, most bio- 
chemical reactions would not proceed at the required rate. The chemical and 
biological properties of enzymes have been investigated since the early 
1800s. The unrelenting interest in enzymes is due to several factors—their dy- 
namic and essential roles in the cell, their extraordinary catalytic power, and 
their selectivity. 

Enzyme-catalyzed reactions proceed through an ES complex, as shown in 
Equation 8.14. Individual rate constants k are assigned to each reaction step. 

k, k, 

>> E+S == ES == E+P (Eq. 8.14) 
E represents the enzyme, 5 the substrate or reactant, and P the product. For a spe- 
cific enzyme, only one or a few different substrate molecules can bind in the 
proper manner and produce a functional ES complex. The substrate must have a 
size, shape, and polarity compatible with the active site of the enzyme. Some 
enzymes catalyze the transformation of many different molecules as long as 
there is a common type of chemical linkage in the substrate. Others have 
absolute specificity and can form reactive ES complexes with only one molecular 
structure. In fact, some enzymes are able to differentiate between D and L iso- 
mers of substrates. 


Classes of Enzymes 


Thousands of enzymes have now been isolated and studied; confusion would 
reign without some system for nomenclature and classification. Common 
names for enzymes are usually formed by adding the suffix —ase to the name 
of the substrate. The enzyme tyrosinase catalyzes the oxidation of tyrosine; 
cellulase catalyzes the hydrolysis of cellulose to produce glucose. Common 
names of this type define the substrate, but do not describe the chemistry of 
the reaction. Some very early names, such as catalase, trypsin, and pepsin, are 
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even less descriptive and give no clue to their function or substrates. To avoid 
such confusion, enzymes now have official names that reflect the reactions 
they catalyze. All known enzymes can be classified into one of six categories 
(Table 8.3). Each enzyme has an official international name ending in —ase and 
a classification number, called the Enzyme Commision (E.C.) number. The 
number consists of four digits, each referring to a class and subclass of reac- 
tion. Table 8.3 shows an example from each class of enzyme. 


TABLE 8.3 An Example of Each Class of Enzyme 


1. Oxidoreductase 
NAD+ NADH + H+ 


CH, — CHCOO™ eA CH,CCOO~ 
| NAD+ NADH + H+ I 
OH O 
Lactate Pyruvate 


Common name: Lactate dehydrogenase 
Official name: L-Lactate: NAD* oxidoreductase 
Official E.C. number: 1.1.2.3 


2. Transferase 


(d — NMP), + d — NTP == (d — NMP),41 + PP; 


(d — NMP), = DNAwith n nucleotides 

(d — NMP),,; = DNAwithn + 1 nucleotides 
PP; = Pyrophosphate 

Common name: DNA polymerase 


Official name: Deoxynucleoside triphosphate: DNA deoxynucleotidyltransferase (DNA-directed) 


Official E.C. Number: 2.7.7.7 











3. Hydrolase 
1 1 
AP | + 
H,C — C—O — CH, — CH, — N(CH,), + H,0 CH,C —O “OMe CH, —N(CH,), 
OH 
Acetylcholine Acetate Choline 


Common name: Acetylcholinesterase 
Official name: Acetylcholine acetylhydrolase 
Official E.C. number: 3.1.1.7 

4. Lyase 
CO) + Hx0 =—— H2CO3 

Carbonic acid 

Common name: Carbonic anhydrase 
Official name: Carbonate hydrolyase 
Official E.C. number: 4.2.1.1 


(Continued) 
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TABLE 8.3 (Continued) 


5. Isomerase 


ore GOP OS 

C=O ad CHOH 

| | 

CH,OH C=O 

7 / 
H 

Dihydroxyacetone Glyceraldehyde 

phosphate 38-phosphate 


Common name: Triose phosphate isomerase 
Official name: D-Glyceraldehyde-3-phosphate ketoisomerase 
Official E.C. number: 5.3.1.1 


6. Ligase 


ATP 
CH,C — COO™ + CO, === ~OOC — CH,CCOO- 
| | 
O O 


Pyruvate Oxaloacetate 
Common name: Pyruvate carboxylase 
Official name: Pyruvate: CO; ligase (ADP-forming) 
Official E.C. number: 6.4.1.1 


Kinetic Properties of Enzymes 


The initial reaction velocity, vo, of an enzyme-catalyzed reaction varies with the 
substrate concentration, [S], as shown in Figure 8.5. The Michaelis-Menten equation 
has been derived to account for the kinetic properties of enzymes. (Consult a bio- 
chemistry textbook for a derivation of this equation and for a discussion of the con- 
ditions under which the equation is valid.) The common form of the equation is 


VinaxlS] 


>> Vo = Ky + [SI rs [S] 


(Eq. 8.15) 


where 


Vo = initial reaction velocity 


Vmax = Maximal reaction velocity; attained when all enzyme active sites 
are filled with substrate molecules 


[S] = substrate concentration 
ky + kg 
ky 





Ky = Michaelis constant = 


The important kinetic constants Viyax and Ky, can be graphically determined 
as shown in Figure 8.5. Equation 8.15 and Figure 8.5 have all of the disadvan- 
tages of nonlinear kinetic analysis. Vax can only be estimated because of the 
asymptotic nature of the line. The value of Ky, the substrate concentration 
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Velocity, up 














Substrate concentration, [S] 


that results in a reaction velocity of Vinax/2, depends on Vipax, $0 both are just 
an estimate. By taking the reciprocal of both sides of the Michaelis-Menten 
equation, however, it is converted into the Lineweaver-Burk relationship 


(Equation 8.16). 





1 Ky 1 1 
>> = . (Eq. 8.16) 
00 Vmax IS] Vinax 7 


This equation, which is in the form y = mx + b, gives a straight line when 1/v9 is 
plotted against 1/[S] (Figure 8.6). The intercept on the 1/v9 axis is 1/Vmax, and the 
intercept on the 1/[S] axis is —1/Kyy. A disadvantage of the Lineweaver-Burk plot 
is that the data points are compressed in the high substrate concentration region. 








FIGURE 8.5 
Michaelis-Menten 
plot for an enzyme- 
catalyzed reaction. 


FIGURE 8.6 
Lineweaver-Burk 
plot for an enzyme- 
catalyzed reaction. 


e ml mM 2:03.45:29 
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Significance of Kinetic Constants 


The Michaelis constant, Ky, for an enzyme-substrate interaction has two mean- 
ings: (1) Kyy is the substrate concentration that leads to an initial reaction velocity 
of Vinax/2 or, in other words, the substrate concentration that results in the filling 
of one-half of the enzyme active sites, and (2) Ky = (kz + k3)/k;. The second 
definition of K)y has special significance in certain cases. When kp > kz, then 
Km = k2/ky so Ky is equivalent to the dissociation constant of the ES complex. 
When ky > kz, a large Ky implies weak interaction between E and 5S, whereas a 
small Ky indicates strong binding between E and S. 

Vmax is important because it leads to the analysis of another kinetic con- 
stant, k3, turnover number. The analysis of k3 begins with the basic rate law 
for an enzyme-catalyzed process (Equation 8.17), which is derived from 
Equation 8.14. 


>> vo = k3 [ES] (Eq. 8.17) 


If all of the enzyme active sites are saturated with substrate, then [ES] in 
Equation 8.17 is equivalent to [Ey], the total concentration of enzyme, and v9 be- 
comes V max; hence 





>> Vinax = kz [Eq] (Eq. 8.18) 
or 
ks = Vmax 
[Ey] 


For an enzyme with one active site per molecule, the turnover number, k3, is 
the number of substrate molecules transformed to product by one enzyme mol- 
ecule per unit time, usually in minutes or seconds. The turnover number is a 
measure of the efficiency of an enzyme. Ky and k3 values for some enzymes are 
listed in Table 8.4. 


TABLE 8.4 Ky and k3 Values for Some Enzyme: Substrate Systems 





Enzyme Substrate Ky (mM) k3(sec') 
Catalase H5O> 0.001 40,000,000 
Carbonic anhydrase HCO3 9 400,000 
Acetylcholinesterase Acetylcholine 0.09 25,000 
Penicillinase Benzylpenicillin 0.050 2,000 
Chymotrypsin Glycyltyrosinylglycine 108 100 
DNA polymerase DNA - 15 
Ribulose-1,5-bis- Ribulose-1,5-bisphosphate 0.028 3.3 
phosphate 


carboxylase CO> 0.009 - 
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STUDY EXERCISE 8.3 Enzyme Kinetics RE 


An enzyme displays the following reaction kinetics: 
Vinax = 200 wmol/min 
Initial rate (vy) = 75 wmol/min 
[S] = 10 uM 


Calculate Ky. 


Inhibition of Enzyme Activity 


Nonsubstrate molecules may interact with enzymes, leading to a decrease in 
enzymatic activity. Enzyme inhibition, the phenomenon in which molecules 
interfere with enzymes, is of interest because it often provides clues about the 
mechanism of enzyme action and also reveals information about metabolic con- 
trol and regulation. In addition, many toxic substances, including drugs, express 
their action by enzyme inhibition. Inhibition of enzymes by reversible pathways 
will be reviewed here. For more details on enzyme inhibition, including irre- 
versible processes, see your biochemistry course textbook. 

The process of reversible inhibition is described by an equilibrium interac- 
tion between enzyme (E) and inhibitor molecule (I): 


>> ES Fl (Eq. 8.19) 


Most inhibition processes can be classified as competitive, mixed, or 
uncompetitive, depending on how the inhibitor interferes with enzyme action. 


1. Competitive inhibition. A competitive inhibitor is usually similar in struc- 
ture to the substrate and is capable of reversible binding to the enzyme active 
site. In contrast to the substrate molecule, the inhibitor molecule cannot un- 
dergo chemical transformation to a product; however, it does interfere with 
substrate binding. The binding of substrate and competitive inhibitor is a 
mutually exclusive process: When inhibitor is bound to enzyme, substrate is 
unable to bind and vice versa. The kinetic scheme for competitive inhibition 
is as follows: 





E+S >= =ESs > E+ P 
+ 
| 


a 
<= 


El ——> no reaction 


2. Mixed inhibition. A mixed inhibitor does not bind in the active site of the 
enzyme, but binds to some other region of the enzyme molecule. The 
presence of inhibitor may or may not affect substrate binding, but it does 
interfere with the catalytic functioning of the enzyme. [A noncompetitive 
inhibitor, a special type of mixed inhibitor, does not affect substrate binding 
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(no change in K)4), but does affect the catalytic efficiency of the enzyme 
(lowers Vax)-] The enzyme with mixed inhibitor bound may be converted 
to a nonfunctional conformational state. The kinetic scheme for noncom- 
petitive inhibition is as follows (note that the inhibitor may bind to the free 
enzyme, E, to EI, or to ES): 





E+S=—ES SEP 
+ + 
| | 


{ J 


El + S == EIS ——} no reaction 


3. Uncompetitive inhibition. An uncompetitive inhibitor is similar to a non- 
competitive inhibitor—it allows substrate to bind to the active site. It differs, 
however, because an uncompetitive inhibitor binds only to the ES complex: 





E+S > =ESs es P 
+ 
| 


| 


ESI ——> no reaction 


Because the inhibitor combines only with ES and not free enzyme, it will in- 
fluence the activity of the enzyme only when substrate concentrations and, 
in turn, ES concentrations are high. 


Any complete inhibition study requires the experimental differentiation among 
the three types of inhibition. The three inhibitory processes are kinetically distin- 
guishable by application of the Lineweaver-Burk equation. For each inhibitor 
studied, at least two sets of rate experiments are completed. In all sets, the enzyme 
concentration is identical. In set 1, the substrate concentration is varied and no 
inhibitor is added. In set 2, the same variable substrate concentrations from set 1 
are used, and a constant amount of inhibitor is added to each assay. If additional 
data are desired, more sets are prepared with variable substrate concentrations 
as in set 2; however, a constant, and different, concentration of inhibitor is pres- 
ent. These data, when plotted on a Lineweaver-Burk graph, lead to three lines as 
shown in Figure 8.7. In competitive inhibition, all three lines intersect at the same 
point on the 1/9 axis; hence, Vmax is not altered by the presence of the competi- 
tive inhibitor. If enough substrate is added, the competitive inhibition may be 
overcome. The apparent K,, value (measured on the 1/[S] axis) changes with 
each increase in inhibitor concentration. In mixed (noncompetitive) inhibition, 
the family of lines has a common intercept on the 1/[S] axis (unchanged Ky for 
the lines). For uncompetitive inhibition, parallel lines are obtained indicating that 
both Vinax and Ky are changed. The kinetic characteristics of reversible inhibi- 
tion are compared in Table 8.5. 


Units of Enzyme Activity 


The actual molar concentration of an enzyme in a cell-free extract or purified 
preparation is seldom known. Only if the enzyme is available in a pure crys- 
talline form, carefully weighed, and dissolved in a solvent can the actual molar 
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FIGURE 8.7 Lineweaver-Burk plots to determine type of inhibition. Each set of three lines includes a line representing 
no inhibitor present, and two lines showing two different concentrations of inhibitor. A competitive inhibition: The 
lines intersect on the 1/Vo axis, where Vmax can be calculated. B Mixed (noncompetitive) inhibition: The lines intersect 
on the 1/[S] axis, where Ky can be calculated. C Uncompetitive inhibition: The lines are parallel. The Vinax and Ky can 
be calculated for each line as shown. 


TABLE 8.5 Kinetic Characteristics of Reversible Inhibition 


Effect on Inhibited Reaction’ 








Type of inhibition Ke Ves Kin/ Vmax (Slope) 
Competitive Higher Same Increase 
Mixed Higher Lower Increase 
Noncompetitive Same Lower Increase 
Uncompetitive Lower Lower Same 


‘Relative to uninhibited reaction. 


concentration be accurately determined. It is, however, possible to develop a 
precise and accurate assay for enzyme activity. Consequently, the amount of a 
specific enzyme present in solution is most often expressed in units of activity. 
Three units are in common use, the international unit (IU), the katal, and specific 
activity. The International Union of Biochemistry Commission on Enzymes 
has recommended the use of a standard unit, the international unit or simply 
unit, of enzyme activity. One IU of enzyme corresponds to the amount that 
catalyzes the transformation of 1 wmole of substrate to product per minute 
under specified conditions of pH, temperature, ionic strength, and substrate 
concentration. If a solution containing enzyme converts 10 wmoles of substrate 
to product in 5 minutes, the solution contains 2 enzyme units. A new unit of 
activity, the katal, has been recommended. One katal of enzyme activity repre- 
sents the conversion of 1 mole of substrate to product in 1 second. One inter- 
national unit is equivalent to 1/60 pwkatal or 0.0167 wkatal. One katal, therefore, 
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is equivalent to 6 X 10” international units. It is convenient to represent small 
amounts of enzyme in millikatals (mkatals), microkatals (wkatals), or nanokatals 
(nkatals). The enzyme activity in the above example was 2 units, which can be 
converted to katals as follows: Since one katal is 6 X 10’ units, 2 units are equiv- 
alent to 2/6 X 10” or 33 nkatals (0.033 pkatals). If the enzyme is an impure 
preparation in solution, the activity is most often expressed as units/mL or 
katals/mL. 


Specific Activity 


Another useful quantitative definition of enzyme efficiency is specific activity. 
The specific activity of an enzyme is the number of enzyme units or katals 
per milligram of protein. This is a measure of the purity of an enzyme. If a 
solution contains 20 mg of protein that express 2 units of activity (33 nkatals), 
the specific activity of the enzyme is 2 units/20mg = 0.1 units/mg, or 
33 nkatals/20 mg = 1.65 nkatals/20 mg. As an enzyme is purified, its specific ac- 
tivity increases. That is, during purification, the enzyme concentration increases 
relative to the total protein concentration until a limit is reached. The maximum 
specific activity is attained when the enzyme is homogeneous, or in a pure form. 

The activity of an enzyme depends on several factors, including substrate 
concentration, cofactor concentration, pH, temperature, and ionic strength. The 
conditions under which enzyme activity is measured are critical and must be 
specified when activities are reported. 


Design of an Enzyme Assay 


Whether an enzyme is obtained commercially or prepared (purified) in a multi- 
step procedure, an experimental method must be developed to detect and quan- 
tify the specific enzyme activity. During isolation and purification of an enzyme, 
the assay is necessary to determine the amount and purity of the enzyme and to 
evaluate its kinetic properties. An assay is also essential for a further study of the 
mechanism of the catalyzed reaction. 

The design of an assay requires certain knowledge of the reaction: 


1. The complete stoichiometry. 

2. What substances are required (substrate, metal ions, cofactors, etc.) and 
their kinetic dependence. 

3. Effect of pH, temperature, and ionic strength. 


The most straightforward approach to the design of an enzyme assay is to 
measure the change in substrate or product concentration during the reaction. 

If an enzyme assay involves continuous monitoring of substrate or product 
concentration, the assay is said to be kinetic. If a single measurement of substrate 
or product concentration is made after a specified reaction time, a fixed-time 
assay results. The kinetic assay is more desirable because the time course of the 
reaction is directly observed and any discrepancy from linearity can be immedi- 
ately detected. 


Chapter 8 ¢ Biomolecular Interactions: Ligand Binding and Enzyme Reactions 259 







24 Kinetic assay 


20 
Fixed-time assay 





mmoles 


End of fixed-time assay 
FIGURE 8.8 


Kinetic progress 

of an enzyme- 
catalyzed reaction. 
Time (min) See text for details. 


Kinetic versus Fixed-time Assay 


Figure 8.8 displays the kinetic progress curve of a typical enzyme-catalyzed 
reaction and illustrates the advantage of a kinetic assay. The rate of product 
formation decreases with time. This may be due to any combination of factors 
such as decrease in substrate concentration, denaturation of the enzyme, and 
product inhibition of the reaction. The solid line in Figure 8.8 represents the 
continuously measured time course of a reaction (kinetic assay). The true rate 
of the reaction is determined from the slope of the dashed line drawn tangent 
to the experimental result. From the data given, the rate is 5 wmoles of product 
formed per minute. Data from a fixed-time assay are also shown on Figure 8.8. 
If it is assumed that no product is present at the start of the reaction, then only 
a single measurement after a fixed period is necessary. This is shown by a cir- 
cle on the experimental rate curve. The measured rate is now 16 wmoles of 
product formed every 5 minutes, or about 3 wmoles/minute, which is consid- 
erably lower than the rate derived from the continuous, kinetic assay. Which 
rate measurement is correct? Obviously, the kinetic assay gives the true rate 
because it corrects for the decline in rate with time. The fixed-time assay 
can be improved by changing the time of the measurement, in this example, to 
2 minutes of reaction time, when the experimental rate is still linear. It is pos- 
sible to obtain true rates with the fixed-time assay, but one must choose the 
time period very carefully. In the laboratory, this is done by removing aliquots 
of a reaction mixture at various times and measuring the concentration of 
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product formed in each aliquot. Figure 8.8 reinforces an assumption used in 
the derivation of the Michaelis-Menten equation. Only measurements of initial 
velocities lead to true reaction rates. This avoids the complications of enzyme 
denaturation, decrease of [S], product inhibition, and reversion of the product 
to substrate. 

Several factors must be considered when the experimental assay condi- 
tions are developed. The reaction rate depends on the concentrations of sub- 
strate, enzyme, and necessary cofactors. In addition, the reaction rate is under 
the influence of environmental factors such as pH, temperature, and ionic 
strength. Enzyme activity increases with increasing temperature until the 
enzyme becomes denatured. The enzyme activity then decreases until all 
enzyme molecules are inactivated by denaturation. During kinetic measure- 
ment, it is essential that the temperature of all reaction mixtures be main- 
tained as constant. 

Ionic strength and pH should also be monitored carefully. Although some 
enzymes show little or no change in activity over a broad pH range, most en- 
zymes display maximum activity in a narrow pH range. Any assay developed to 
evaluate the kinetic characteristics of an enzyme must be performed in a 
buffered solution, preferably at the optimal pH. 


Applications of an Enzyme Assay 


The conditions used in an enzyme assay depend on what is to be accomplished 
by the assay. There are two primary applications of an enzyme assay procedure. 
First, it may be used to measure the concentration of active enzyme in a prepara- 
tion. In this circumstance, the measured rate of the enzyme-catalyzed reaction 
must be proportional to the concentration of enzyme; stated in more kinetic 
terms, there must be a linear relationship between initial rate and enzyme con- 
centration (the reaction is first-order in enzyme concentration). To achieve this, 
certain conditions must be met: (1) the concentrations of substrate(s), cofactors, 
and other required substances must be in excess; (2) the reaction mixture must 
not contain inhibitors of the enzyme; and (3) all environmental factors such as 
pH, temperature, and ionic strength should be controlled. Under these condi- 
tions, a plot of enzyme activity (umole product formed/minute) vs. enzyme con- 
centration is a straight line and can be used to estimate the concentration of active 
enzyme in solution. 

Second, an enzyme assay may be used to measure the kinetic properties 
of an enzyme, such as Ky, Vmax, and inhibition characteristics. In this situation, 
different experimental conditions must be used. If Ky for a substrate is desired, 
the assay conditions must be such that the measured initial rate is first-order in 
substrate. To determine Ky of a substrate, constant amounts of enzyme are in- 
cubated with varying amounts of substrate. A Lineweaver-Burk plot (1/v vs. 
1/[S]) may be used to determine Ky and Vinax. If a reaction involves two or 
more substrates, each must be evaluated separately. The concentration of only 
one substrate is varied, while the other is held constant at a saturating level. 
The same procedure holds for determining the kinetic dependence on cofac- 
tors. Substrate(s) and enzyme are held constant, and the concentration of the 
cofactor is varied. 
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Inhibition kinetics are included in the second category of assay applica- 
tions. An earlier discussion outlined the kinetic differentiation among competi- 
tive, uncompetitive, and mixed inhibition. In summary, a study of enzyme 
kinetics is approached by measuring initial reaction velocities under conditions 
in which only one factor (substrate, enzyme, cofactor) is varied and all others are 
held constant. 


STUDY EXERCISE 8.4 Converting Rate Data from AA/min Units ate 
to Concentration Units 


Because most enzyme assays are completed with the use of spectroscopic methods, ini- 
tial rate data are in the form of AA/min. The change of color intensity per time interval 
is not a useful unit for kinetics. A more valuable and widely used unit that actually de- 
fines the amount of product formed per time interval is mmol/min or pmol/min. The 
conversion of AA units to concentration units may be done using Beer’s Law: 


c = A/El 


where 


A = the absorbance 

E = the molar absorption coefficient of the substrate or product 
1 = path length of the cuvette, usually 1 cm 

c = concentration of substrate or product 


For our example, let us assume that we are measuring the appearance of product that 
has an E value of 3600 M~'cm‘!. According to Beer’s Law, the absorbance change in a 
3 mL cuvette during 1 minute for production of 1 molar product is 3600: 
A 
3600 M~!em7! X 1 cm 
A = 3600 





1 molar = 


To convert the raw data to moles of product formed per minute per liter, each AA/min 
is divided by 3600. For example, a AA/min of 0.1 is converted to wmoles of product 
formed (Ac) in the following way: 

_ AA/min _ 0.1/min 5M 


= 2.78 x 10 °— 
El 3600 M~!em7!em min 





Ac 


Now convert to moles/min: 


| | 
2.78 X 19-5" __ x O.003 liters = 8.33 x 10-8 
liter X min min 


Now convert to wmoles/min: 


moles 
Age eaasci 
min 
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TABLE 8.6 Computer software and databases for this chapter. Web addresses are at the end of this 
chapter and in Appendix I. 





Name Description 

DynaFit Graphical analysis of ligand-binding data and enzyme kinetic data 
CurveFit Analysis of ligand binding and enzyme kinetics from GraphPad 
SigmaPlot Enzyme kinetics module from Systat 

Systat Statistical and graphical software 

ENZYME General enzyme information from ExPASy 

BRENDA The comprehensive enzyme information system 

PDB Contains the known enzyme structures in Protein Data Bank 


Enzyme Kinetics! Pro 
IUBMB 


Study Problems 


Statistical evaluation of enzyme kinetic data 


EC nomenclature for enzymes from the International Union of Biochemistry 
and Molecular Biology 


Computer Software for Analysis of Enzyme Kinetic Data 


Many of the computer programs listed for use in ligand binding analysis (this 
chapter, Section A and Table 8.6) may also be used to analyze enzyme kinetic 
data. A widely used program is DynaFit (www.biokin.com), which is available 
free to academic users. One purpose of DynaFit is to aid the graphical analysis of 
enzyme kinetic data. The experimental data may be in the form of initial reaction 
rates with dependence on the concentration of substrate or inhibitor. Reaction 
progress curves (time vs. absorbance) may also be analyzed. 

In addition to kinetic analysis programs, many Internet databases also con- 
tain general information on enzyme names, EC numbers, catalytic mechanisms, 
cofactors, structures, reactions, kinetics, associated diseases, and other facts. The 
most popular, current ones are the ENZYME databases, which are part of the 
Expert Protein Analysis System (ExPASy), BRENDA, and the Enzyme Structure 
Database (Table 8.6 and Appendix I). 

Performing enzyme kinetic/inhibition experiments in the laboratory and 
analyzing data may be too complex and not appropriate for some levels of stu- 
dents. In addition, equipment and reagents can be quite expensive and difficult 
to set up. Computer simulation of enzyme kinetic experiments may be an appro- 
priate alternative (Gonzalez-Cruz et al., 2003). 


1. A drug, X, was studied for its affinity to serum albumin. When X was bound to albu- 
min, an increase in absorbance was noted. The v values were determined from these 
absorbance measurements. Use the data below to determine K; and n for the interac- 
tion between X and albumin. Prepare two types of graphs and compare the results. In 
one graph plot 7 vs. [X], and in the second plot v/[X] vs. ». Which is the better method? 
Why? You may also want to try Dynafit for analysis. 
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[x] v 
0.36 0.43 
0.60 0.68 
1.2 1.08 
2.4 1.63 
3.6 1.83 
48 1.95 
6.0 1.98 


. One of the many straight-line modifications of the Michaelis-Menten equation is the 
Eadie-Hofstee equation: 
nO 

Vo M [S] a max 
Beginning with the Lineweaver-Burk equation, derive the Eadie-Hofstee equation. 
Explain how it may be used to plot a straight line from experimental rate data. How 
are Vinax and Ky calculated? 
. Aresearch project you are working on involves the study of sugar binding to human 
albumin. The sugars to be tested are not fluorescent, and you do not wish to use a sec- 
ondary probe such as a dye. Human albumin has only one tryptophan residue, and 
you know that this amino acid is fluorescent. You find that the tryptophan fluorescence 
spectrum of human albumin undergoes changes when various sugars are added. Can 
you explain the results of this experiment and discuss the significance of the finding? 
. Equation 8.6 in this chapter can be used to determine K¢ values, but hyperbolic plots 
are obtained. Convert Equation 8.6 into an equation that will yield a linear plot with- 
out going through all the changes necessary for the Scatchard equation. Hint: See the 
Michaelis-Menten equation and the Lineweaver-Burk equation. 
. You are attempting to develop a colorimetric probe for use in binding studies. 
List several requirements that the probe must meet in order to be effective. For exam- 
ple, it must bind at specific locations of the macromolecule. Can you think of other 
requirements? 
. Using the data in Problems 7 and 8, calculate the specific activity of the enzyme in 
units/mg and katal/mg. Assume the enzyme has a molecular weight of 55,000 and 
the reaction mixture for each assay is contained in a total volume of 1.00 mL. 
. The table below gives initial rates of an enzyme-catalyzed reaction, along with the 
corresponding substrate concentration. Use any graphical method or computer pro- 
gram to determine kyy and Vinax- 


Vo (uM/min) [S] (mole/liter) 





130 65 x 10°? 
116 23 x 10°? 
87 7.9 x 1075 
63 3.9 x 10° 
30 1.3.x 10-° 
10 0.37 x 107° 





om i 


Urivendi DEI yscOMm — 


Pl om) = 2:37/5:29 
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8. The enzyme concentration used in each assay in Problem 7 is 5 X 10° ’mole/liter. 
Calculate k3, the turnover number, in units of sec |. 

9. Compound X was tested as an inhibitor of the enzyme in Problem 6. Use the rate data 
in Problem 6 and the following inhibition data to evaluate compound X. Is it a com- 


petitive or noncompetitive inhibitor? 





[xX] = 3.7 x 104M [xX] = 1.58 x 10-3 M 
V9 [S] V0 
(uM/min) (mole/liter) (uM/min) 

125 6.5 x 10-4 110 
102 2.3 x 104 80 
70 7.9 x 10° 40 
45 3.9 x 10°° 20 
20 1.3.x 1075 — 

5 0.37 x 107° — 





10. Show the mathematical steps required to derive the Lineweaver-Burk equation begin- 
ning with the Michaelis-Menten equation. 

11. Figure 8.8 displays the kinetic progress of an enzyme-catalyzed reaction. What time 
limit must be imposed on rate measurements taken with the use of the fixed-time 
assay? Why? 

12. The following data were collected in a ligand binding experiment. The protein concentra- 
tion was 7.5 X 10~° mole/liter. Use a graphical analysis program to determine n and K;. 





Reaction No. L added (uM) L bound (uM) 
1 20 11 
2 50 26 
3 100 44 
4 150 55 
5 200 60 
6 400 70 


13. In your biochemistry research project, you find that the binding of a ligand to a protein 
decreases if the ionic strength of the buffer solvent is increased. What type of noncova- 
lent bonding might be involved in the ligand-protein complex? 
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lar roles in the storage, transfer, and expression of genetic information. Two fundamental 

types of nucleic acids participate as genetic molecules: (1) deoxyribonucleic acid (DNA) 
and (2) ribonucleic acid (RNA). We begin this chapter with a review of the chemical and bio- 
logical properties of the nucleic acids and then turn to a discussion of laboratory methods for 
their isolation and characterization. Several procedures are described here that provide infor- 
mation about the structure and function of DNA and RNA. These include the isolation of 
chromosomal and plasmid DNA, isolation of RNA, ultraviolet absorption of the nucleic acids, 
construction of thermal denaturation curves, ethidium bromide binding and fluorescence, 
agarose gel electrophoresis, and sequencing DNA molecules. Early studies on DNA and RNA 
delved into understanding the molecular details of DNA replication, RNA transcription, and 
translation to produce proteins. More recently, research on the nucleic acids has concentrated 
on the biotechnological development of recombinant DNA for molecular cloning procedures, 
which will be discussed in Chapter 10. 


IE this chapter, we shall focus on the nucleic acids, biomolecules important for their cellu- 
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Major Bases 


Adenine 


Thymine 
(DNA) 


A. INTRODUCTION TO THE NUCLEIC ACIDS 


Chemical Components of DNA and RNA 


In chemical terms, the nucleic acids are linear polymers made up of monomeric 
units called nucleotides. A nucleotide is comprised of three chemical entities (see 


Figure 9.1): 


1. A purine or pyrimidine nitrogen-containing, heterocyclic base (Figure 9.2). 
2. A five-carbon carbohydrate (aldopentose), B-D-ribose or B -D-2-deoxyribose 


(Figure 9.3). 
3. One, two, or three phosphate groups. 











Purine or pyrimidine base 











OH OH 
(H) 


FIGURE 9.1 General structure of a nucleotide 


showing the three fundamental components: a purine 


or pyrimidine base, a ribose (or deoxyribose), and 








phosphate. 
Minor Bases 
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Cytosine Uracil 5-Methylcytosine 
(RNA) 


Pyrimidines 





1-Methylguanine 


5-Hydroxymethylcytosine 


FIGURE 9.2. The major and some minor heterocyclic bases in DNA and RNA. All are derived from purine or pyrimidine. 
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OH OH 


A B-D-Ribose B B-D-2-Deoxyribose 


The predominant nitrogen bases in DNA include the purines, adenine (A) and 
guanine (G), and the pyrimidines, thymine (T) and cytosine (C). In RNA, the 
purines include A and G and the pyrimidines, C and uracil (U). The nucleic acids, 
especially RNA, contain small quantities of methylated nitrogen bases (Figure 9.2). 
When a nitrogen base and aldopentose are combined via an N-glycosidic 
bond, the product is a nucleoside (Figure 9.4). Addition of a phosphoryl group 
(—PO3_) to a hydroxyl group on the carbohydrate leads to a nucleotide. The 
most common site for phosphorylation is the 5’-hydroxyl group. The names of 5’ 
nucleotides derived from the common nitrogen bases are listed in Table 9.1. 








FIGURE 9.3. The 
aldopentoses in 
RNA and DNA: 

A £B-D-ribose, 

B B-D-2- 
deoxyribose. 


FIGURE 9.4 A 
nucleoside consists 
of a purine or 
pyrimidine base 
linked to a ribose or 
deoxyribose by an 
N-glycosidic bond. 
Two numbering 
systems (primed 
and unprimed) are 





OH OH necessary to 
distinguish the 
Pyrimidine nucleoside Purine nucleoside two rings. 
TABLE 9.1 Nomenclature for Nucleosides and Nucleotides in DNA and RNA 
Base Nucleoside Nucleotide (Abbreviation) Nucleic Acid 
Purine 
Adenine Adenosine, deoxyadenosine Adenosine 5’-monophosphate (5’-AMP) RNA 
Deoxyadenosine 5’-monophosphate (5'-dAMP) DNA 
Guanine | Guanosine, deoxyguanosine = Guanosine 5’-monophosphate (5'-GMP) RNA 
Deoxyguanosine 5’-monophosphate (5’-dGMP) DNA 
Pyrimidine 
Cytosine — Cytidine, deoxycytidine Cytidine 5’-monophosphate (5’-CMP) RNA 
Deoxycytidine 5’-monophosphate (5’-dCMP) DNA 
Thymine = Deoxythymidine Deoxythymidine 5’-monophosphate (5’-dTMP) DNA 
Uracil Uridine Uridine 5’-monophosphate (5’-UMP) RNA 
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FIGURE 9.5 The 
covalent structure 
of DNA showing 
the phosphodiester 
backbone linking 
deoxyribose 
through the 3’ and 
5’ hydroxyl groups. 


DNA Structure and Function 


DNA in all forms of life is a polymer made up of nucleotides containing four 
major types of heterocyclic nitrogen bases. The nucleotides are held together by 
3’,5'-phosphodiester bonds (Figure 9.5). The quantitative ratio and sequence of 
bases vary with the source of the DNA. The covalent backbone of DNA (and 
RNA) consists of alternating deoxyriboses (or riboses) and phosphate groups. 
This feature, which is defined as a common, invariant region, is found in all 
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TABLE 9.2 Comparison of DNA from Different Species 


Organism Number of Base Pairs Length (um) Conformation 
Viruses 

SV40 5100 1.2 Circular 
Adenovirus 36,000 12 Linear 
A phage 48,600 17 Circular 
Bacteria 

E. coli 4,700,000 1400 Circular 
Eukaryotes 

Yeast 13,500,000 4600 Linear 
Fruit fly 165,000,000 56,000 Linear 
Human 3,200,000,000 1-2 x 10° Linear 


nucleic acids. The variable region of DNA and RNA displays the sequence of the 
four kinds of bases in the nucleic acid. The purine/ pyrimidine nitrogen bases 
protrude from the backbone-like side chains. The sequence of bases carries the 
specific genetic message. The DNA or RNA chain also displays directionality— 
one end of the chain has a 3’-hydroxyl (or phosphate) group and the other end 
has a 5'-hydroxyl (or phosphate) group. 

Native DNA exists as two complementary, antiparallel strands arranged in 
a double helix held together by noncovalent bonding. DNA in most prokaryotic 
cells (simple cells with no major organelles and a single chromosome) exists 
as a single molecule in a circular, double-stranded form with a molecular 
weight of at least 2 x 10? amu. Eukaryotic cells (cells with major organelles) 
contain several chromosomes and, thus, several very large DNA molecules 
(Table 9.2). 

DNA was first isolated from biological material in 1869, but its participa- 
tion in the transfer of genetic information was not recognized until the mid- 
1940s. Since that time, DNA has been the subject of thousands of physical, 
chemical, and biological investigations. A landmark discovery was Watson and 
Crick’s elucidation of the three-dimensional structure of DNA by X-ray diffrac- 
tion analysis in 1953. The double helix as envisioned by Watson and Crick is 
now recognized as a significant form of native DNA (Figure 9.6). The most 
important structural and functional feature of the double helix is its 
complementary base pairing. This not only holds the two strands of the double 
helix together, but also allows the DNA to function in the storage and transfer of 
genetic information. 

The double helix is stabilized by two types of noncovalent forces (review 
Table 8.2): 


1. Hydrogen bonding between pairs of complementary bases: A:T and G:C. 
This combination leads to the maximum number of hydrogen bonds for 
stability. Each base pair consists of a pyrimidine and a purine base. The 
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FIGURE 9.6 A The Watson-Crick double helix. B Pairing of A-T and G-C bases in the DNA double helix. Note that the 
two strands are antiparallel; their 3’ and 5’ phosphodiester bonds run in opposite directions. 


distance spanned across the double helix is just right for a purine:pyrimidine 
pair. Two pyrimidines are too small to form strong hydrogen bonds, and 
two purines are too sterically crowded. 


. Hydrophobic interactions and van der Waals forces between “stacked 


bases” (see Chapter 8, Section A, p.241). The planes of the nitrogen 
bases are nearly perpendicular to the common axis of the helix and take 
on a stacking arrangement, bringing the purine and pyrimidine rings 
close together. This allows for favorable hydrophobic interactions be- 
tween nonpolar regions of the bases and interactions between 7 elec- 
trons in the sp? hybrid orbitals of the aromatic rings. 


RNA Structure and Function 


Unlike DNA, which is primarily a homogeneous molecule in the cell, RNA 
exists in three major forms (Table 9.3). Ribosomal RNA (tRNA), the most abun- 
dant form, is found associated with the ribosomes, the protein-synthesizing 
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TABLE 9.3 RNA Molecules in E. coli 





Relative Average 

Amount Number of 
Type (%) S? Value MW Nucleotides 
Ribosomal RNA 80 23S 1.2 x 10° 3700 
(rRNA) 16S 0.55 x 10° 1700 

5S 36,000 120 

Transfer RNA ihe) 4S 25,000 74-93 
(tRNA) 
Messenger RNA 5 4S Heterogeneous 
(mRNA) mixture 


“The S value refers to the sedimentation coefficient (in Svedberg units) and is related to the size of 
the molecule. 


organelles. The three sizes of prokaryotic rRNA, 5S, 165, and 235, can be sepa- 
rated by centrifugation (Chapter 4). Messenger RNA (mRNA) carries the tran- 
sient message for protein synthesis from nuclear DNA to the ribosomes. The 
smallest RNA molecules, transfer RNA (tRNA), select, bind, and activate amino 
acids for use in protein synthesis. Because RNA molecules are heterogeneous 
and short-lived in the cell, it has been a challenge to isolate them in an intact 
form in order to study their structures and properties. RNA is usually single- 
stranded, but it does have important structural features. tRNA molecules have 
been purified and crystallized for X-ray crystallography. The basic two- 
dimensional structure of all tRNAs is often shown in a cloverleaf pattern in 
order to display its single-stranded and double-stranded regions. mRNA and 
rRNA molecules recently isolated and crystallized display the structural ele- 
ments of hairpin turns, right-handed double helixes, and internal loops. 
Complementary bases in RNA are A:U and G:C. 

Now that some of the major players in the flow of biological informa- 
tion have been identified, it is possible to provide a schematic outline for the 
process of protein synthesis (see Figure 9.7). The general direction of informa- 
tion flow is: 


DNA —~> RNA —> Proteins —— Cell Structure/Function 


Note that DNA is the original source of genetic information. DNA is faithfully 
copied by the process of replication. In transcription, a smaller region of the 
DNA (gene) is converted into the language of mRNA. In translation, proteins are 
synthesized from amino acids. After synthesis, many proteins are not yet biolog- 
ically active and must go through posttranslational processing before they are 
functional. Changes that are made in this process include protein folding into the 
native conformation (assisted by chaperones), protein shortening by proteases, 
amino acid residue modification (i.e., phosphorylation of seryl hydroxyl 
groups), attachment of carbohydrate residues, and addition of prosthetic groups. 
Finished and biologically active proteins play essential roles in the general main- 
tenance, functioning, and structure of the cell. 


om ml > 6:13/17:06 


Avro VZ 9 Avrocar 
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FIGURE 9.7. The 
storage and 
replication of 
biological 
information in DNA 
and its transfer via 
RNA to synthesize 
proteins that direct 
and maintain 
cellular structure 
and function. 
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Cell structure and function 

¢ Energy metabolism 

¢ Synthesis and breakdown of biomolecules 
¢ Storage and transport of biomolecules 

¢ Muscle contraction 

¢ Cellular communication (signal transduction) 


The nucleic acids are among the most complex molecules that you will 
encounter in your biochemical studies. When the dynamic roles that are played 
by DNA and RNA in the life of the cell are realized, the complexity is under- 
standable. The discovery of the structures and functions of the nucleic acids will 
always be considered as some of the most significant breakthroughs in our 
understanding of the chemistry of life. 

This section has provided a brief review of many important concepts in 
molecular biology. For more details, refer to one of the standard biochemistry 
textbooks and Web sites listed in the Further Reading section at the end of the 
chapter. 


STUDY EXERCISE 9.1 Complementary Bases in DNA 


A short polynucleotide strand of DNA has the following sequence of bases. Write the 
sequence of the complementary strand. 


5’AGCTTACGTCC 3’ 
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STUDY EXERCISE 9.2 Complementary Bases in RNA R= 


A short polynucleotide strand of double-stranded RNA has the following sequence of 
bases. Write the sequence of the complementary strand of RNA. 


5’'UAGGUACUUGG 3’ 


B. LABORATORY METHODS FOR INVESTIGATION 
OF DNA AND RNA 


Isolation of Chromosomal DNA 


Because of the large size and the fragile nature of chromosomal DNA, it is diffi- 
cult to isolate in a completely intact, undamaged form. Several isolation proce- 
dures have been developed that provide DNA in a biologically active form, but 
this does not mean it is completely undamaged. These preparations yield DNA 
that is stable, of high molecular weight, and relatively free of RNA and proteins. 
Here a general method will be described for the isolation of chromosomal DNA, 
in a relatively pure form, from microorganisms. 

Designing an isolation procedure for DNA requires extensive knowledge of 
the chemical stability of DNA, as well as of its condition in the cellular environ- 
ment. Figures 9.5 and 9.6 illustrate several chemical bonds in DNA that may be 
susceptible to cleavage during the extraction process. The experimental factors 
that must be considered and their effects on various structural aspects of intact 
DNA are outlined below. 

1. pH 
(a) Hydrogen bonding between the complementary strands is stable 
between pH 4 and 10. 
(b) The phosphodiester linkages in the DNA backbone are stable between 
pH 3 and 12. 
(c) N-glycosidic bonds to purine bases (adenine and guanine) are 
hydrolyzed at pH values of 3 and less. 
2. Temperature 
(a) There is considerable variation in the temperature stability of the 
hydrogen bonds in the double helix, but most DNA begins to unwind 
in the range of 80—90°C. 
(b) Phosphodiester linkages and N-glycosidic bonds are stable up to 100°C. 
3. Ionic strength 
(a) DNA is most stable and soluble in salt solutions. Salt concentrations of 
less than 0.05 M weaken the hydrogen bonding between complementary 
strands. 
4. Cellular conditions 

(a) Before the DNA can be released, the cell wall of the organism must be 

lysed. The ease with which the cell wall is disrupted varies from 
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organism to organism. In some cases (e.g., yeast), extensive grinding or 
sonic treatment is required, whereas in others (e.g., Bacillus subtilis), 
enzymatic hydrolysis of the cell wall is possible. 

(b) Several enzymes are present in the cell that may act to degrade DNA, 
but the most serious damage is caused by the deoxyribonucleases. 
These enzymes catalyze the hydrolysis of phosphodiester linkages. 

(c) Native DNA is present in the cell as DNA-protein complexes. Basic pro- 
teins called histones must be dissociated from the DNA during the 
extraction process. 


5. Mechanical stress on the DNA 


(a) Gentle manipulations may not always be possible during the isolation 
process. Grinding, shaking, stirring, and other disruptive procedures 
may cause cleavage (shearing or scission) of the DNA chains. This usu- 
ally does not cause damage to the secondary structure of the DNA, but 
it does reduce the length of the molecules. 


Now that these factors are understood, a general procedure of DNA extraction 
from bacteria will be outlined. 


Step 1. Disruption of the cell wall and release of the DNA into a medium in 
which it is soluble and protected from degradation The isolation proce- 
dure described here calls for the use of an enzyme, lysozyme, to disrupt the 
cell wall. Lysozyme catalyzes the hydrolysis of glycosidic bonds in cell wall 
peptidoglycans, thus causing destruction of the cell wall and allowing the 
release of DNA and other cellular components. The medium for solution of 
DNA is a buffered saline solution containing EDTA. DNA, which is ionic, 
is more soluble and stable in salt solution than in distilled water. The 
EDTA serves at least two purposes. First, it binds divalent metal ions 
(Ca?*, Mg?*, Mn?*) that could form salts with the anionic phosphate 
groups of the DNA. Second, it inhibits deoxyribonucleases that have a 
requirement for Mg?* or Mn?*. The mildly alkaline medium (pH 8) acts to 
reduce electrostatic interaction between DNA and the basic histones and 
the polycationic amines, spermine and spermidine. The relatively high pH 
also tends to diminish nuclease activity and denature other proteins. 


Step 2. Dissociation of the protein-DNA complexes Detergents are used at this 
stage to solubilize the inner membrane and disrupt the ionic interactions 
between positively charged histones and the negatively charged backbone 
of DNA. Sodium dodecyl sulfate (SDS), an anionic detergent, binds to pro- 
teins and gives them extensive anionic character. A secondary action of 
SDS is to denature deoxyribonucleases and other proteins. Also favoring 
dissociation of protein-DNA complexes is the alkaline pH, which reduces 
the positive character of the histones. To ensure complete dissociation of 
the DNA-protein complex and to remove bound cationic amines, a high 
concentration of a salt (NaCl or sodium perchlorate) is added. The salt acts 
by diminishing the ionic interactions between DNA and cations. 


Step 3. Separation of the DNA from other soluble cellular components Before 
DNA is precipitated, the solution must be deproteinized. This is brought 
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about by treatment with chloroform-—isoamy] alcohol followed by centrifu- 
gation. Upon centrifugation, three layers are produced: an upper aqueous 
phase, a lower organic layer, and a compact band of denatured protein at 
the interface between the aqueous and organic phases. Chloroform causes 
surface denaturation of proteins. Isoamyl alcohol reduces foaming and sta- 
bilizes the interface between the aqueous phase and the organic phases 
where the protein collects. 


The upper aqueous phase containing nucleic acids is then separated and 
the DNA precipitated by addition of ethanol. Because of the ionic nature of 
DNA, it becomes insoluble if the aqueous medium is made less polar by addition 
of an organic solvent. The DNA forms a threadlike precipitate that can be collected 
by “spooling” onto a glass rod. The isolated DNA may still be contaminated with 
protein and RNA. Protein can be removed by dissolving the spooled DNA in 
saline medium and repeating the chloroform-—isoamy] alcohol treatment until no 
more denatured protein collects at the interface. 

RNA does not normally precipitate like DNA, but it could still be a minor 
contaminant. RNA may be degraded during the procedure by treatment with 
ribonuclease after the first or second deproteinization step. Removal of RNA some- 
times makes it possible to denature more protein using chloroform-isoamyl 
alcohol. If DNA in a highly purified state is required, several deproteinization 
and alcohol precipitation steps may be carried out. It is estimated that up to 50% 
of the cellular DNA is isolated by this procedure. The average yield is 1 to 2 mg 
per gram of wet packed bacterial cells. 


Isolation of Plasmid DNA 


Many bacterial cells contain self-replicating, extrachromosomal DNA molecules 
called plasmids. This form of DNA is closed, circular, double-stranded, and 
much smaller than chromosomal DNA; its molecular weight ranges from 
2 < 10° to 20 x 10°, which corresponds to between 3000 and 30,000 base pairs. 
Plasmids are widely used as cloning vehicles in the preparation of recombinant 
DNA (see Chapter 10, p. 294). Bacterial plasmids normally contain genetic 
information for the translation of proteins that confer a specialized and some- 
times protective characteristic (phenotype) on the organism. Examples of these 
characteristics include enzyme systems that degrade antibiotics, and enzymes neces- 
sary for the production of antibodies and toxins. Plasmids are replicated in the cell 
by one of two possible modes. Stringent replicated plasmids are present in only a 
few copies and relaxed replicated plasmids are present in many copies, sometimes 
up to 200. Some relaxed plasmids continue to be produced even after the antibiotic 
chloramphenicol is used to inhibit chromosomal DNA synthesis in the host cell. 
Under those conditions, many copies of the plasmid DNA may be produced (up to 
2000 or 3000), and may compose up to 30 to 40% of the total cellular DNA. 

The extensive use of plasmid DNA as a cloning vehicle often requires the 
isolation and characterization of plasmids. Characterization of plasmids might 
be necessary for any of the following reasons (see Chapter 10): 


1. Construction of new recombinant DNA. 
2. Analysis of molecular size by agarose gel electrophoresis. 
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3. Electrophoretic analysis of restriction enzyme digests and construction of a 
restriction enzyme map. 
4, Sequence analysis of nucleotides by the Sanger or Maxam-Gilbert method. 


Several methods for isolating plasmid DNA have been developed; some lead to 
amore highly purified product than others. All isolation methods have the same 
objective—separation of plasmid DNA from chromosomal DNA. Plasmid DNA 
has two major structural differences from chromosomal DNA. 


1. Plasmid DNA is almost always extracted in a covalently closed circular 
form, whereas isolated chromosomal DNA usually consists of sheared 
linear fragments, and, 

2. Plasmid DNA is much smaller than chromosomal DNA. 


The structural differences cause physicochemical differences that can be 
exploited to separate the two types of DNA molecules. Methods for isolating 
plasmid DNA fall into three major categories: 


1. Methods that rely on specific interaction between plasmid DNA and a solid 
support. Examples are adsorption to nitrocellulose microfilters and 
hydroxyapatite columns. 
2. Methods that cause selective precipitation of chromosomal DNA by various 
agents. These methods exploit the relative resistance of covalently closed 
circular DNA to extremes of pH, temperature, or other denaturing agents. 
3. Methods based on differences in sedimentation behavior between the two 
types of DNA. This is the approach of choice if highly purified plasmid 
DNA is required. 


Two widely used isolation procedures based on Method 2 are described here. 
Both procedures yield plasmid DNA that is sufficiently pure for size analysis by 
agarose gel electrophoresis and for digestion by restriction enzymes. 





Method A: Separation of Plasmid DNA by Boiling (Holmes and Quigley) 


The total cellular DNA must first be released by lysis of the bacterial cells. This is 
brought about by incubation with the enzyme lysozyme in the presence of reagents 
that inhibit nucleases. Chromosomal DNA is then separated from the plasmid 
DNA by boiling the lysis mixture for a brief period, followed by centrifugation. In 
contrast to closed circular plasmid DNA, linear chromosomal DNA becomes irre- 
versibly denatured by heating and forms an insoluble gel, which sediments during 
centrifugation. Even though plasmid DNA may become partially denatured during 
boiling, the closed circular helix reforms upon cooling. The boiling serves a second 
purpose, that of denaturing deoxyribonucleases and other proteins. 


Method B: Microscale Isolation of Plasmids by Alkaline Lysis 


Often it is necessary to detect and analyze plasmid DNA in a large number of 
small bacterial samples. One widely used microscale method is the alkaline lysis 
procedure. For this procedure, host bacterial cells harboring the plasmids are 
grown in small culture volumes (1-5 mL) or in single colonies on agar plates. 
The cells are lysed and their contents denatured by alkaline sodium dodecy] sul- 
fate (SDS). Proteins and high-molecular-weight chromosomal DNA denatured 
under these conditions precipitate as a gel that can be centrifuged from the 
supernatant, which contains plasmid DNA and bacterial RNA. 
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Characterization of DNA 


Ultraviolet Absorption 


A complete understanding of the biochemical functions of DNA requires a clear 
picture of its structural and physical characteristics. DNA has significant absorp- 
tion in the UV range because of the presence of the aromatic bases adenine, 
guanine, cytosine, and thymine. This provides a useful probe into DNA structure 
because structural changes such as helix unwinding affect the extent of absorp- 
tion. In addition, absorption measurements are used as an indication of DNA 
purity. The major absorption band for purified DNA peaks at about 260 nm. 
Protein material, the primary contaminant in DNA, has a peak absorption at 
280 nm. The ratio A269/A2g9 is often used as a relative measure of the nucleic 
acid / protein content of a DNA sample. The typical A2¢9/A2s9 for isolated DNA is 
about 1.8. A smaller ratio indicates increased contamination by protein. 


Thermal Denaturation 


If DNA solutions are treated with denaturing agents (heat, alkali, organic sol- 
vents), their ultraviolet-absorbing properties are strikingly increased. Figure 9.8 
shows the effect of temperature on the UV absorption of DNA. The curve is 
obtained by plotting A69(7)/A280(25°) vs. temperature (T). Heating through the 
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FIGURE 9.9 
Structure of the 
fluorescent 
intercalation dye 
ethidium bromide. 


temperature range of 25°C to about 80°C results in only minor increases in 
absorption. However, as the temperature is further increased, there is a sudden 
increase in UV absorption followed by a constant A269. The total increase in 
absorption is usually on the order of 40% and occurs over a small temperature 
range. Figure 9.8 is called a thermal denaturation curve, a temperature profile, 
or a melting curve. The temperature corresponding to the midpoint of each 
absorption increase is defined as T,,, the transition temperature or melting tem- 
perature. (This should not be confused with melting point, the transformation of a 
substance from solid to liquid, as was routinely studied in the organic laboratory.) 
Each species of DNA has a characteristic T,, value that can be used for identifica- 
tion and characterization purposes. 

The origin of the absorption increase, called a hyperchromic effect, is well 
understood. The absorption changes are those that result from the transition of 
an ordered double-helix DNA structure to a denatured state or random, unpaired 
DNA strands. Native DNA in solution exists in the double helix held together pri- 
marily by hydrogen bonding between complementary base pairs on each strand 
(see Figure 9.6). Hydrophobic and 7-7 interactions between stacked base pairs 
also strengthen the double helix. Agents that disrupt these forces (hydrogen 
bonding, hydrophobic and 7-7 interactions) cause dissociation or unwinding of 
the double helix. In a random coil arrangement, base-base interactions are at 
a minimum; this alters the resonance behavior of the aromatic rings, causing an 
increase in absorption. The process of DNA dissociation can, therefore, be char- 
acterized by monitoring the UV-absorbing properties of DNA under various 
conditions. 


Ethidium Bromide Binding and Fluorescence 


Fluorescence assays are considered to be among the most convenient, sensitive, 
and versatile of all laboratory techniques (Chapter 7, p. 220). However, the 
purine and pyrimidines of the nucleic acids yield only weak fluorescence spec- 
tra. The fluorescence of the dye, ethidium bromide, is enhanced about 25-fold 
when it interacts with DNA. Ethidium bromide, which is a relatively small pla- 
nar molecule (Figure 9.9), binds to DNA by insertion between stacked base pairs 
(intercalation). The process of intercalation is especially significant for aromatic 
dyes, antibiotics, and other drugs. Some dyes, when intercalated into DNA, 
show enhanced fluorescence that can be used to detect DNA molecules after gel 
electrophoresis measurements (Chapter 6, Section C, p. 191). 

The concentration of RNA and DNA solutions may be determined using 
ethidium bromide binding. The spectrophotometric assay for DNA/RNA 
(Chapter 3, p. 71) measures both double-stranded and single-stranded DNA be- 
cause it measures the UV absorption by purine and pyrimidine bases. Ethidium 
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bromide interaction with single-stranded DNA does not lead to increased 
fluorescence, so duplex DNA can be quantified in the presence of dissociated 
DNA. Solutions of purified DNA are commonly contaminated with RNA. 
Because single-stranded RNA can form hairpin loops with base pairing and 
duplex formation (as in tRNA), ethidium bromide also binds with enhanced 
fluorescence to these duplex regions of RNA. Addition of ribonuclease A results 
in digestion of RNA and loss of fluorescence due to ethidium binding of RNA. 
The amount of fluorescence lost is proportional to the concentration of RNA. The 
ethidium fluorescence remaining after ribonuclease treatment is directly propor- 
tional to the concentration of duplex DNA. 


F(total) = F(DNA) + F(RNA) 
where 
F = fluorescence yield due to each type of nucleic acid 


When the F (RNA) term is reduced to zero, the total fluorescence is a direct meas- 
urement of concentration of double-stranded DNA. The actual concentration of 
DNA in solution can be calculated by using a standard solution of DNA or from 
a standard curve. 


—a 


STUDY EXERCISE 9.3 Ethidium Bromide-Fluorescence Assay == 
for DNA 


Solution A of DNA (unknown concentration) is known to contain double-stranded 
DNA, damaged single-stranded DNA, and RNA. The ethidium bromide fluorescence 
assay was done on the solution, and the following data were collected. The fluores- 
cence intensity values (F) were obtained on an instrument with a standardized scale 
of 0-100. 


F of solution A = 87 


F after treatment of A with ribonuclease = 80 
F of a standard solution of double-stranded DNA (10 ug/mL) = 100 


What is the concentration of double-stranded DNA in solution A in wg/mL? 


Solution: 

We begin by making several assumptions. The total fluorescence of solution A is due to 
double-stranded DNA and some contaminating RNA. Single-stranded DNA and RNA 
do not bind ethidium bromide. The concentration of double-stranded DNA is directly 
proportional to the fluorescence reading. The fluorescence intensity due to double- 
stranded DNA is 80. To calculate the concentration of double-stranded DNA in solu- 
tion A, compare the fluorescence intensity (80) with that obtained for the standard 
DNA solution: 


[DNA-A]/80 = [10 wg/mL]/100 
[DNA-A] = 8ug/mL 
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Caution 


Ethidium bromide must be used with great care, as it is a potent mutagen. Gloves should 
be worn at all times while handling solutions of the dye. When finished with experiments, 
used and excess solutions of the dye must be disposed of as directed by your instructor or 
laboratory director. 


Agarose Gel Electrophoresis 


Several techniques for the characterization of nucleic acids have been introduced 
in this chapter, but the standard method for separation and analysis of plasmids 
and other smaller DNA molecules is agarose gel electrophoresis (Chapter 6, 
Section B, p.177). This method has several advantages, including ease of opera- 
tion, sensitive staining procedures, high resolution, and the ability to analyze a 
wide range of molecular weights (0.6 — 100 x 10°). As discussed in Chapter 6, 
the mobility of nucleic acids in agarose gels is influenced by the agarose concen- 
trations, the molecular size of the DNA, and the molecular shape of the DNA. In 
general, the lower the agarose concentration in the gels, the larger the DNA that 
can be analyzed. A practical lower limit of agarose concentration is reached at 
0.3% agarose, below which gels become too fragile for ordinary use. This lower 
limit of agarose in the gels allows for analysis of linear double-stranded DNA 
within the range of 5 and 60 kilobase pairs (up to 150 x 10° in molecular 
weight). Gels with an agarose concentration of 0.8% can separate DNA in the 
range of 0.5—10 kilobase pairs, and 2% agarose gels are used to separate smaller 
DNA fragments (0.1—3 kilobase pairs). 

Nucleic acids migrate in an agarose medium at a rate that is inversely pro- 
portional to their size (kilobase pairs or molecular weight). In fact, a near-linear 
relationship exists between mobility and the logarithm of kilobase pairs (or molec- 
ular weight) of a DNA fragment. A standard curve may be prepared by including 
on the gel a sample containing DNA fragments of known molecular weights (see 
Figure 9.10). Several types of molecular-weight ladders are commercially available 
to mark and help estimate the sizes and concentrations of unknown nucleic acids. 

Agarose gel electrophoresis is an ideal technique for analysis of DNA frag- 
ments. In addition to the positive characteristics discussed previously, the 
technique is simple, rapid, and relatively inexpensive. Fragments that differ in 
molecular weight by as little as 1% can be resolved on agarose gels, and as little 
as 1 ng of DNA can be detected on a gel. Nucleic acids are visualized after elec- 
trophoresis by treatment with ethidium bromide or one of the less toxic SYBR 
and GelRed dyes mentioned in Chapter 6, p. 190. 


Sequencing DNA Molecules 


When it was determined that genetic information in DNA is coded in the form of 
nucleotide base sequence, the direction of research turned to the design of experi- 
mental procedures for determining the base order. Early sequence studies used 
the inefficient, insensitive, and labor-intensive methods of acid-, base-, and nuclease- 
catalyzed hydrolysis of DNA and analysis of fragments by electrophoresis. 
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Two sequencing methods that are both simple and inexpensive are now 
widely used: 


1. The Maxam-Gilbert chemical cleavage method (also called the chemi- 
cal degradation method) uses chemical modification of bases, which 
promotes cleavage at selected phosphodiester linkages. Cleavage prod- 
ucts, which have one common end and vary in length, are analyzed by 
PAGE. 

2. The Sanger chain-terminating method (also called the dideoxy 
method) uses the enzyme DNA polymerase, coupled with the presence 
of all four nucleoside triphosphates and one of the 2’, 3’-dideoxynucleoside 
triphosphates, to synthesize a DNA chain complementary to an added 
template. Replication stops when a dideoxynucleotide is in place on the 
new chain. Fragments of different lengths are produced and analyzed 
by PAGE. 


In both sequencing methods, electrophoretic procedures are capable of sep- 
arating nucleic acid fragments that differ in size by only one nucleotide. 
Detection of the fragments is done with chemiluminescent-labeling or °*P-labeling 
of deoxynucleoside triphosphates (see Figure 6.16, p. 192). 

Sequencing procedures that are automated and computer-controlled have 
now made possible the sequencing of entire genomes (Table 9.4). The first 
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TABLE 9.4 Sequenced Genomes 





Genome Size Number of 

Organism (Kilobase Pairs) Chromosomes 
Borrelia burgdorferi (carrier of Lyme disease) 1444 1 
Haemophilus influenzae (human pathogenic bacterium) 1830 1 
Mycobacterium tuberculosis (cause of tuberculosis) 4412 1 
Escherichia coli (bacterium) 4639 1 
Saccharomyces cerevisiae (yeast) 11,700 17* 
Drosophila melanogaster (fruit fly) 137,000 4* 
Oryza sativa (rice) 430,000 12 

Homo sapiens (human) 3,200,000 23* 


*in haploid chromosomes 


complete genome of a free-living organism, the prokaryote Haemophilus 
influenzae, was published in 1995. This genome contains 1,830,137 bases and 
1740 genes. Complete sequencing of the human genome was announced in 
2001. The human genome contains over 3.2 billion base pairs and about 
20,000—25,000 genes. 

Genomic sequences are now made available in repositories on the Internet. 
Three primary resources, combined in the International Nucleotide Sequence 
Database Collaboration, are listed in Table 9.5. Database resources for genome 
projects are also listed in Table 9.5 and in Appendix I. Readers may practice 
using the databases by working Study Problem 12. 


Isolation and Characterization of RNA 


The methods used for the isolation of RNA are similar to those described for 
DNA at the beginning of this chapter, Section B. However, some procedural 
changes must be made in the purification of RNA because of the presence of 





TABLE 9.5 

Organization Web site 

The International Nucleotide Sequence Database Collaboration 

1. Genbank of the National Center for Biotechnology Information http:/Awww.ncbi.nlm.nih.gov/Genbank 
2. EMBL (European Molecular Biology Laboratory) http:/Awww.ebi.ac.uk 

3. DDBJ (DNA Data Bank of Japan) http:/Awww.ddbj.nig.ac.jp 

Genome Project Databases 

1. dbEST (cDNA and partial sequences) http:/Awww.ncbi.nih.gov 

2. Genethon (genetic maps based on repeat markers) http://www.genethon.fr 

3.The Broad Institute of MIT and Harvard University (Genomics) http:/Awww.broadinstitute.org 
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heterogeneous populations of molecules and the extra susceptibility to cleavage 
of the phosphodiester bonds in RNA. Here are some general comments on labo- 
ratory methods for the isolation and characterization of RNA: 


¢ RNA molecules are naturally shorter than DNA. This makes RNA less sus- 
ceptible to physical shearing, so more vigorous conditions may be used for 
cell lysis. 

¢ The phosphodiester bonds in DNA are stable in the pH range of 3-12; 
however, the presence of the 2’-OH groups in RNA makes it especially 
susceptible to base- and enzyme-catalyzed (RNase) cleavage. Special 
precautions must be taken to avoid chemical agents that degrade RNA, 
and chemicals must be added to isolation buffers that destroy endoge- 
nous proteins that act as nucleases. The addition of chelating agents like 
EDTA and citrate ties up metal ions that are essential for RNase activity. 
Strong detergents may be added to denature proteins, especially nucle- 
ases. The chemical reagent guanidinium thiocyanate is a useful addition, 
as it acts as an RNase inhibitor and protein denaturant. 

e It is essential for lab workers to wear plastic gloves to avoid transfer of 
nucleases from bare skin. 

¢ Gradient centrifugation procedures as described in Chapter 4 may be used 
to isolate, purify, and characterize all types of RNA. 

¢ Isolated RNA samples may be analyzed for purity by agarose gel elec- 
trophoresis procedures similar to those for DNA. 

° Specific types of RNA may be isolated and purified using affinity chro- 
matography. For example, eukaryotic mRNAs, which make up only about 
2-5% of cellular RNA, have a poly (A) segment at their 3’ ends. This RNA 
may be purified using an affinity matrix consisting of poly (T) or poly (U) 
on agarose or cellulose gels (see Chapter 5, Section G, p. 152). 


STUDY EXERCISE 9.4 =o 


Use PubMed or another computer search method to find new methods for isolation 
of RNA. 


Study Problems 


1. 


2. 
3. 


During the isolation of DNA, the solution becomes more viscous after treatment with 
lysozyme and SDS. Explain why. 

How can RNA be removed from a DNA preparation? 

Explain the action of SDS in disrupting the cell membrane in the extraction procedure 
of DNA. 


. Asolution of purified DNA gave an absorbance of 0.55 at a wavelength of 260 nm. The 


absorbance was measured in a quartz cuvette with a path length of 1 cm. What is the 
concentration of DNA? (See Chapter 3, Section C, p. 71). 


. The concentration of a purified DNA solution is 35 wg/mL. Predict the absorbance of 


the solution at 260 nm. 


. Why is bromophenol blue dye added to a gel-loading buffer before electrophoresis? 
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7. What assumptions must be made about the relative mobility of bromophenol blue 
dye and DNA fragments during electrophoresis? 
8. What is the purpose of the ethanol precipitation step in the preparation of plasmids? 
9. Predict and explain the effect of each of the following conditions on the T,, of native 
DNA. Will the T,,, be raised or lowered relative to the DNA in Tris-HCl buffer, pH 7.5? 
(a) Measure T,, in pH 12 buffer. 
(b) Measure T,, in distilled water. 
(c) Measure T,, in 50% methanol water. 
(d) Measure T,, in standard Tris-HCl, pH 7.5 buffer solution containing SDS. 

10. The polyamines 1,4-diaminobutane, 1,5-diaminopentane, spermine, and spermidine 
are metabolic products found in many cells. Although the specific function of these 
compounds has not been determined, they are known to bind to the nucleic acids. 
Describe how you would combine the ethidium bromide fluorescence assay described 
in this chapter with ligand binding plots defined in Chapter 8, Section A, to character- 
ize the binding of the polyamines to DNA or RNA. Hint: The polyamines are found to 
bind to some of the same sites on the nucleic acids as does ethidium bromide. 

11. A solution of purified RNA gave an absorbance of 0.75 at 260 nm. The absorbance was 
measured in a quartz cuvette with path length of 1 cm. What is the concentration of 
RNA in the solution? 

12. Use one of the DNA sequence databases in Table 9.5 to obtain the DNA sequence of: 
(a) Cytosolic tRNA-phenylalanine from yeast (Saccharomyces cerevisiae) 

(b) human insulin 
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the significant discovery that all of the cell’s attributes and activities have their origin in 

DNA. For example, we now believe that the information needed to make all the proteins 
in a cell and organism resides in DNA. This discovery prompted biochemists and molecular 
biologists to develop laboratory procedures for the manipulation of DNA, because it was sus- 
pected that changes to DNA could lead to molecular and genetic changes in cells and organ- 
isms. A culmination of this research activity was the recent announcement of the sequence of 
the human genome (Human Genome Project, 2001). Medical scientists are now applying the 
newly developed lab and clinical procedures to the area of gene therapy, where, dysfunctional 
genes that lead to disease are replaced with functional genes that produce viable proteins. 

In this chapter, we will discuss some experimental procedures that have moved us to the 
point where the nucleic acids, especially DNA, are now among the easiest biomolecules to 
work with. Some of the concepts we will encounter include molecular cloning, recombinant 
DNA, restriction enzymes, nucleic acid blotting, and the polymerase chain reaction. 


[feces of the nucleic acids during the first three quarters of the 20th century led to 
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A. RECOMBINANT DNA BIOTECHNOLOGY 


Students often perceive biochemistry as a very research-oriented discipline. It is 
easy to see how this idea can develop, because every day students listen to their 
instructors talk about research activities, attend research seminars, and watch 
their professors at work on basic research in the laboratory. Students may even 
participate in their own research projects. Biochemistry is very dependent on 
research activities that are basic and theoretical, but biochemistry has always had 
a very “practical” or “applied” side. Many of the early biochemical activities 
were encouraged and funded by companies involved in fermentation of beer 
and wine, baking, nutrition, and pharmaceuticals. We often refer to this practical 
side of biochemistry as biotechnology, which is defined as “the practical use of 
biological cells, biomolecules, and biological processes.” We see many examples 
of the daily use of applied biochemistry: 


1. Using enzymes to catalyze reactions in the industrial production of specialty 
chemicals. 

2. The use of gene-replacement therapy to treat individuals with diseases 
caused by dysfunctional genes. 

3. Identification of biological specimens at crime scenes. 

4. Using bacterial cells to produce large quantities of proteins for medical or 
industrial use. 

5. Using bacteria to clean up chemical waste sites. 


Today, one of the most active areas of biotechnology, and also the most con- 
troversial, is the preparation of recombinant DNA for use in molecular cloning. 
This activity has bioethical considerations because it has the power to change the 
genetic characteristics of fundamental life forms, including humans. 


Molecular Cloning 


Our knowledge of DNA structure and function has increased at a gradual pace 
over the past 50 years, but some discoveries have had a special impact on the 
progress and direction of DNA research. Although DNA was first discovered in 
cell nuclei in 1869, it was not confirmed as the carrier of genetic information until 
1944. This major discovery was closely followed by the announcement of the 
double-helix structure of DNA in 1953. The more recent development of technol- 
ogy that allows for genetic manipulation by inserting “foreign” DNA fragments 
into an organism’s natural, replicating DNA may well have a greater impact on 
the direction of DNA research than the earlier discoveries. In the short time since 
the first construction and replication of plasmid recombinant DNA, several 
scientific and medical applications of the new technology have been announced. 
This new era of genetic engineering has captivated the general public and scien- 
tists alike. Some of the predicted achievements in recombinant DNA research 
have been slow in coming; however, future workers in biochemistry and 
related fields will continue to see advances in the use of recombinant DNA and 
molecular cloning (genetic engineering). 

Recombinant DNA or molecular cloning consists of the covalent insertion 
of DNA fragments from one type of cell or organism into the replicating DNA of 
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another type of cell. Many copies of the hybrid DNA may be produced by 
the progeny of the recipient cells; hence, the DNA molecule is cloned. If the 
inserted fragment contains a functional gene carrying the code for a specific 
protein, many copies of that gene and translated protein may be produced in 
the host cell. This process has become important for the large-scale production 
of proteins (insulin, somatostatin, bovine growth hormone, and other 
molecules) that are of value in medicine and basic science, but are difficult 
and expensive to obtain by other methods (see Chapter 11, Section B and 
Table 11.3, p. 317). 

Our current knowledge of recombinant DNA is the result of several 
recent biotechnological advances. The first major breakthrough was the isola- 
tion of mutant strains of E. coli that are not able to degrade or restrict foreign 
DNA. These strains are now used as host organisms for the replication of 
recombinant DNA. The second advance was the development of bacterial 
extrachromosomal DNA (plasmids) and bacteriophage DNA as cloning vehi- 
cles to carry the DNA to be cloned into host cells. The final, necessary advance 
was the development of methods for inserting the foreign DNA into the natu- 
ral vehicle. Manipulation of DNA was greatly aided by the discovery of 
restriction endonucleases, enzymes that catalyze the hydrolysis of phosphodi- 
ester bonds at selected sites in DNA (for details, see this chapter, Section B). 
The enzymes recognize specific base sequences (usually 4-8 bases) and cat- 
alyze hydrolytic cleavage of both DNA strands in or near the base sequence 
region (Reaction 10.1): 


OH 
| / 
5! +G—A—A—T—T—Cr 8! ggop, 5G A—A—T—T—C= 8! ; 
Tea + (Reaction 10.1) 
3! ++*C—T—T—A—A—Gr 5’ 8 3 C—T—T—A—A oor 
HO 


The cleavage leads to one of two types of ends in the DNA (Figure 10.1): 
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1. Cohesive (or sticky) ends, where a few bases can remain weakly associated 
by hydrogen bonding, or 
2. Blunt ends that do not overlap. 


Restriction enzymes provide a gentle and specific method for opening (lineariz- 
ing) circular vectors at predetermined sites, and for preparing fragments of DNA 
to be cloned. 

Methods for covalent joining of the foreign DNA fragment to the vector 
ends and closure of the circular hybrid plasmid were then developed. The 
enzyme, DNA ligase, which can catalyze the ATP-dependent formation of phos- 
phodiester linkages at the insertion sites, is used for final closure (Figure 10.2). 


Steps for Preparing Recombinant DNA 


The basic steps involved in performing a recombinant DNA experiment are 
listed below and are outlined in Figure 10.3: 


1. Select and prepare a DNA fragment (X) that is to be incorporated into a 
host cell, where it will be replicated and translated into a protein product. 
Often the DNA fragment is a specific gene that carries the information for 
synthesis of a particular protein or proteins. As shown in Figure 10.3, the 
foreign DNA to be cloned may be prepared by chemical synthesis (usually 
by the polymerase chain reaction and sequence-specific primers; see 
Section B of this chapter), action of restriction endonucleases, or transcription 
of mRNA catalyzed by reverse transcriptase. 

2. Choose a vector or vehicle to carry X, the DNA fragment, into the host cell. 
The vector may be plasmid DNA, DNA from a phage, or yeast artificial 
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chromosomes. If a circular vector is used (i.e., a plasmid), it must be lin- 
earized (broken open) in order to accept X. Ideally, the same restriction 
enzyme should be used to prepare X and the vehicle so that there is the 
possibility of overlapping cohesive ends. 

3. Insert the DNA fragment, X, into the vector by overlapping cohesive ends 
or by modifying blunt ends using homopolymer tails. The final covalent 
bonds to hold X into the vector are formed by the action of DNA ligase. This 
enzyme catalyzes the ATP-dependent formation of phosphodiester bonds 
(Figure 10.2). The final product represents a recombinant or hybrid DNA. 

4. Introduce the hybrid DNA into a host organism (usually a bacterial cell), 
where it can be replicated. This process is called transformation. It has 
been demonstrated that incorporation of a hybrid plasmid or phage DNA 
into host E. coli cells is enhanced by the addition of calcium ions (Ca”*). 

5. Develop a method for identifying and screening for host cells that have 
accepted and are replicating the hybrid DNA. This is usually accom- 
plished by screening for antibiotic resistance (Figure 10.4). 


Cloning Vectors 


Several types of cloning vectors are commonly used today. Some of the most 
effective ones include plasmids and bacteriophage DNA for prokaryotic cells, 
and yeast artificial chromosomes and baculovirus for eukaryotic cells. 


Plasmids 


Many bacterial cells contain self-replicating, extrachromosomal DNA molecules 
called plasmids. This form of DNA is closed circular, double-stranded, and much 
smaller than chromosomal DNA; their molecular weights range from 2 10° to 
20 X 10°, which corresponds to between 3000 and 30,000 base pairs. Bacterial 
plasmids normally contain genetic information for the translation of proteins 
that confer a specialized and sometimes protective characteristic (phenotype) on 
the organism. Examples of these characteristics are enzyme systems necessary 
for the production of antibiotics, enzymes that degrade antibiotics, and enzymes 
for production of toxins. Plasmids are replicated in the cell by one of two possi- 
ble modes. Stringent replicated plasmids are present in only a few copies, and 
relaxed replicated plasmids are present in many copies, sometimes up to 200. In 
addition, some relaxed plasmids continue to be produced even after the antibi- 
otic chloramphenicol is used to inhibit chromosomal DNA synthesis in the host 
cell. Under these conditions, many copies of the plasmid DNA may be produced 
(up to 2000 or 3000) and may accumulate to 30% to 40% of the total cellular DNA. 
The ideal plasmid cloning vector has the following properties: 


1. The plasmid should replicate in a relaxed fashion so that many copies are 
produced. 

2. The plasmid should be small; then it is easier to separate from the larger 
chromosomal DNA, easier to handle without physical damage, and probably 
contains very few sites for attack by restriction endonucleases. 

3. The plasmid should contain identifiable markers so that it is possible to screen 
progeny for the presence of the plasmid. At least two selective markers are 
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desirable, a primary one to confirm the presence of the plasmid, and a 
secondary one to confirm the insertion of foreign DNA. Resistance to 
antibiotics is a convenient type of marker. 

4. The plasmid should have only one cleavage site for a specific restriction 
endonuclease. This provides only two “ends” to which the foreign DNA can 
be attached. Ideally, the single restriction site should be within a gene, so 
that insertion of the foreign DNA will inactivate the gene (called insertional 
marker inactivation). 


E. coli Plasmids 


Among the most widely used E. coli plasmids are derivatives of the replicon 
plasmid ColE1. This plasmid carries a resistance gene against the antibiotic colicin E. 
The plasmid is under relaxed control, and up to 3000 copies may be produced 
when the proper E. coli strain is grown in the presence of chloramphenicol. One 
especially useful derivative plasmid of ColE1 is pBR322. It has all the properties 
previously outlined; in addition, its nucleotide sequence of 4363 base pairs is 
known, and it contains several different restriction endonuclease cleavage sites 
where foreign DNA can be inserted. For example, pBR322 has a single restriction 
site for the restriction enzyme EcoRI. In vitro insertion of a foreign DNA fragment 
into the EcoRI cleavage site and incorporation into a host cell (transformation) lead 
to immunity of the host cell to colicin E1, but the cell is unable to produce colicin. 

Useful modifications of the pBR322 plasmid are the pUC plasmids (devel- 
oped at The University of California). The pUC plasmids have a resistance gene 
for tetracycline, and sites for restriction endonuclease cleavage are concentrated 
in a region called the multiple cloning site. 

Strains of E. coli are most often used as host cells because they are easy to 
grow and maintain. The rate of growth is exponential and can be monitored by 
measuring the absorbance of a culture sample at 600 nm. One absorbance unit cor- 
responds to a cell density of approximately 8 x 10° cells/mL. Some E. coli strains 
that harbor the ColE1 plasmids are RR1, HB101, GM48, 294, SK1592, JC411Thy/ 
ColE1, and CR34/ColE1. The typical procedure for growth and amplification of 
plasmids is, first, to establish the cells in normal medium for several hours. An 
aliquot of this culture is then used to inoculate medium containing the appropri- 
ate antibiotic. After overnight growth, a new portion of medium containing the 
antibiotic is inoculated with an aliquot of overnight culture. After the culture has 
been firmly established, a solution of chloramphenicol is added to inhibit chro- 
mosomal DNA synthesis. The ColE1 plasmids continue to replicate. The culture 
is then incubated for 12 to 18 hours and harvested by centrifugation. 


Other Cloning Vectors 

Another useful and widely used cloning vector is the DNA from bacteriophage A. 
The DNA from A phage is a double-stranded molecule with about 50,000 base 
pairs. It has many advantages as a cloning vector for prokaryotic proteins: 


1. Many copies of recombinant phage DNA may be replicated in a host cell. 
2. The recombinant phage DNA may be packaged as a viral particle for infecting 
the host bacteria. 


Chapter 10 ¢ Molecular Biology II: Recombinant DNA, Molecular Cloning, and Enzymology 297 


3. Because A phage DNA is larger than plasmid DNA, it is possible to insert 
larger fragments of DNA that include smaller fragments of eukaryotic 
DNA. The inserted DNA may be as large as 25,000 base pairs. 


The insertion of larger DNA, including eukaryotic DNA that may contain 
over a million base pairs, is more efficiently done with yeast artificial chromo- 
somes (YACs) or the baculovirus expression vector system (BEVS). YACs con- 
taining DNA inserts of 100,000 to 1,000,000 base pairs may be prepared for 
cloning. The baculoviruses are double-stranded DNA viruses that have as their 
natural hosts different insect species. They are not known to infect vertebrate 
hosts. The BEVS may be used to express complex proteins that require special 
processes like proteolytic cleavage, intron splicing, chemical modifications 
(phosphorylation or glycosylation of hydroxyl group), formation of disulfide 
bonds, and proper protein folding. 


STUDY EXERCISE 10.1 Cloning Vectors ate 


Use PubMed or a similar computer search to look for new cloning vectors that have 
been developed since publication of this book. 


B. IMPORTANT ENZYMES IN MOLECULAR BIOLOGY 
AND BIOTECHNOLOGY 


The Restriction Endonucleases 


Bacterial cells produce many enzymes that act to degrade various forms of DNA. 
Of special interest are the restriction endonucleases, or restriction enzymes, that 
recognize specific base sequences in double-stranded DNA and catalyze hydrolytic 
cleavage of the two strands in or near that specific region. The biological function of 
these enzymes is to degrade or restrict foreign DNA molecules. Host DNA is pro- 
tected from hydrolysis because some bases near the cleavage sites are methylated. 
The action of the restriction enzyme EcoRI is shown in Reaction 10.1. 

The site of action of EcoRI is a specific hexanucleotide sequence. Two phos- 
phodiester bonds are hydrolyzed (see arrows), resulting in fragmentation of both 
strands. Note the twofold rotational symmetry feature at the recognition site and 
the formation of cohesive ends. The weak base pairing between the cohesive 
ends is not sufficient to hold the two fragments together. 

At the present time, more than 3500 restriction enzymes have been isolated 
and characterized. Nomenclature for the enzymes consists of a three-letter itali- 
cized abbreviation representing the source (Eco = E. coli), a letter representing 
the strain (R), and a Roman numeral designating the order of discovery. EcoRI is 
the first to be isolated from E. coli (strain R) and characterized. Table 10.1 lists 
several other restriction enzymes, their recognition sequence for cleavage, and 
optimum reaction conditions. A useful Web site for the restriction enzymes is 
REBASE: http://rebase.neb.com. 
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TABLE 10.1 Specificity and Optimal Conditions for Several Restriction Endonucleases 


Tris Nacl MgCl, DTT? 









































Name Recognition Sequence 5’ ... ... ... 3’ T (°C) pH (mM) (m™M) (m™M) (mM) 
Aatil e—=A=C=— 67 b= 37 7.9 20 50 10 10 
Alul A=G)—C=T 37 75 10 50 10 10 
Ball T+6—G1—C—C—A 37 7.9 6 = 6 6 
BamH!l G)—G—A—T—C—C 37 8.0 20 100 0.7 

Bcll Tl{G—A—T—C—A 60 75 10 50 0 

EcoRI 61—A—A— TST 37 75 10 100 0 

Haell i —o=—C—G—c | py! 37 75 10 50 0 10 
Ap =A SHAS 6 —C=— TST 37-55 7.5 10 60 0 

Hpal G=T—T1—A—A—C 37 75 10 50 0 

Msel TL—T—A—A 37 7.9 10 50 0 

Notl G—c l/—G—G—C—C—G—C 37 7.9 10 150 0 a 
Sall G1=—T=C—G—A—€ 37 8.0 10 150 0 

Scal A—G—Tl—A—C—T 37 74 10 100 0 

Taql TL —C—G—A 65 8.4 10 100 0 10 





'Pu = a purine base; Py = a pyrimidine base. 


2DTT = dithiothreitol. 


Applications of Restriction Enzymes 


Restriction enzymes are used extensively in nucleic acid chemistry. They may 
be used to cleave large DNA molecules into smaller fragments that are more 
amenable to analysis. For example, A phage DNA, a linear, double-stranded 
molecule of 48,502 base pairs (molecular weight 31 x 10°), is cleaved into six 
fragments by EcoRI or into more than 50 fragments by Hinf I (Haemophilus 
influenzae, serotype f). The base sequence recognized by a restriction enzyme is 
likely to occur only a very few times in any particular DNA molecule; therefore, 
the smaller the DNA molecule, the fewer the number of specific sites. The A 
phage DNA is cleaved into 0 to 50 or more fragments, depending on the restric- 
tion enzyme used, whereas larger bacterial or animal DNA will most likely have 
many recognition sites and be cleaved into hundreds of fragments. Smaller DNA 
molecules, therefore, have a much greater chance of producing a unique set of 
fragments with a particular restriction enzyme. It is unlikely that this set of frag- 
ments will be the same for any two different DNA molecules, so the fragmenta- 
tion pattern is unique and can be considered a “fingerprint” of the DNA 
substrate. The fragments are readily separated and sized by agarose gel 
electrophoresis. 

Restriction endonucleases are also valuable tools in the construction of 
hybrid DNA molecules. Several restriction enzymes act on bacterial plasmid 
vehicles that have only a single site of cleavage. This linearizes the circular plas- 
mid and allows for the insertion of a foreign DNA fragment. For example, the 
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popular plasmid vehicle pBR322 has a single restriction site for BamHI (Bacillus 
amyloliquefaciens, H) that is within the tetracycline resistance gene. The enzyme 
not only opens the plasmid for insertion of a DNA fragment, but also destroys a 
phenotype; this fact aids in the selection of transformed bacteria. 

Restriction enzymes can be used to produce physical maps of DNA mole- 
cules. Important information can be obtained from maps of DNA, whether the 
molecules are small and contain only a few genes, such as viral or plasmid 
DNA, or large and complex, such as bacterial or eukaryotic chromosomal 
DNA. An understanding of the genetics, metabolism, and regulation of an 
organism requires knowledge of the precise arrangement of its genetic mate- 
rial. The construction of a restriction enzyme map for a DNA molecule pro- 
vides some of this information. Such a map displays the sites of cleavage by 
restriction endonucleases and the number of fragments obtained after diges- 
tion with each enzyme. 

A restriction enzyme map is constructed by first digesting plasmid DNA 
with restriction endonucleases that yield only a few fragments. Each digest of 
DNA obtained with a single nuclease is analyzed by agarose gel electrophoresis, 
using standards for molecular weight determination. These are referred to as the 
primary digests. Second, each of the primary digests is treated with a series of 
additional restriction enzymes, and the digests are analyzed by agarose gel elec- 
trophoresis. The restriction map is then constructed by combining the various 
fragments by trial and error and logic, much as in sequencing a protein by prote- 
olytic digestion by several enzymes and searching for overlap regions in the 
fragments. In the case of the restriction endonuclease digests, two characteristics 
of the DNA fragments are known: the approximate molecular weights (from 
electrophoresis) and the nature of the fragment ends (from the known selectivity 
of the individual restriction enzymes). The fragments may also be sequenced by 
the Sanger or Maxam-Gilbert method. A restriction enzyme map for the plasmid 
PBR322 is shown in Figure 10.5. 


Practical Aspects of Restriction Enzyme Use 


Restriction enzymes are heat-labile and expensive biochemical reagents. Their 
use requires considerable planning and care. Each restriction nuclease has been 
examined for optimal reaction conditions in regard to specific pH range, buffer 
composition, and incubation temperature. This information for each enzyme is 
readily available from the commercial supplier of the enzyme or from the litera- 
ture. Table 10.1 gives important reaction information for several enzymes. The 
temperature range and pH optima for most restriction nucleases are similar 
(37°C, 7.5-8.0); however, optimal buffer composition is variable. Typical buffer 
components are Tris, NaCl, MgClo, and a sulfhydryl reagent (6-mercaptoethanol 
or dithiothreitol). Proper reaction conditions are crucial for optimal reaction rate, 
but, more importantly, changing reaction conditions have been shown to alter 
the specificity of some restriction enzymes. 

Although restriction enzymes are very unstable reagents, they can be 
stored at —20°C in a buffer containing 50% glycerol. They are usually prepared in 
an appropriate buffer and shipped in packages containing dry ice. 
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FIGURE 10.5 

A restriction 
enzyme map for 
the plasmid 
pBR322. From 
Molecular Cloning: 
A Laboratory 
Manual, by 

T. Maniatis, 

E. Fritsch, and 

J. Sambrook, Cold 
Spring Harbor 
Laboratory (Cold 
Spring Harbor, 
NY), 1982. 
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Disposable gloves should be worn when you are handling the enzyme con- 
tainer. Remove the enzyme from the freezer just before you need it. Store the 
enzyme in an ice bucket at all times when it is outside the freezer. The enzyme 
should never be stored at room temperature. Because of high cost, digestion by 
restriction enzymes is carried out on a microscale level. A typical reaction mixture 
will contain about 1 yg or less of DNA and 1 unit of enzyme in the appropriate incu- 
bation buffer. One unit is the amount of enzyme that will degrade 1 pg of A phage 
DNA in 1 hour at the optimal temperature and pH. The total reaction volume is 
usually between 20 and 50 ywL. Incubation is most often carried out at the recom- 
mended temperature for about 1 hour. The reaction is stopped by adding EDTA 
solution, which complexes divalent metal ions essential for nuclease activity. 

Reaction mixtures from restriction enzyme digestion may be analyzed 
directly by agarose gel electrophoresis. This technique combines high resolving 
power and sensitive detection to allow the analysis of minute amounts of DNA 
fragments. 
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STUDY EXERCISE 10.2 Restriction Enzymes == 


What is the class of the restriction enzyme, EcoRI? See Table 8.3 for classes, p. 251. 


The Polymerase Chain Reaction 


Producing multiple copies of a particular DNA fragment need not always 
require the tedious and time-consuming procedures of molecular cloning as 
described in Section A of this chapter. If at least part of the sequence of a DNA 
fragment is known, it is possible to make many copies using the polymerase 
chain reaction (PCR). The PCR method was conceived by Kary Mullis (1993 
recipient of the Nobel Prize in chemistry) during a moonlit drive through the 
mountains of northern California. 


Fundamentals of the PCR 


The fundamentals of this relatively simple process are outlined here using a frag- 
ment of double-stranded DNA. The DNA template is divided into five regions, 
designated I to V in Figure 10.6. The complementary regions are I’ to V’. The 
region targeted for amplification is III (and III’), which can be reproduced by 
PCR if the nucleotide sequences of the flanking regions, II’ and IV’, are known. 
Experimental requirements for the PCR include: 


1. Two synthetic oligonucleotide primers of about 20 base pairs each, which 
are complementary to the flanking sequences II and IV and also have simi- 
lar binding ability. 

2. A heat-stable DNA polymerase. 

3. The four deoxyribonucleoside triphosphates, dATP, dGTP, dCTP, and dTTP. 


The PCR is performed in cycles of three steps. Each cycle consists of: 


1. Denaturation to achieve template DNA strand separation is done by heating 
a mixture of all components at 95°C for about 15 s. 

2. Abrupt cooling of the mixture to the range of 37-55°C allows the primers to 
hybridize with the appropriate flanking regions. The primers are oriented 
on the template so their 3’ ends are directed toward each other. Synthesis of 
DNA extends across regions III and III’. Note the dual roles played by the 
complementary oligonucleotides: they locate the starting points for dupli- 
cation of the desired DNA segment, and they serve as 3'-hydroxy primers 
to initiate DNA synthesis. A large excess of primers to DNA is added to the 
reaction mixture to favor hybridization and prevent reannealing of the 
DNA template strands. 

3. Synthesis of the targeted DNA is catalyzed by Taq DNA polymerase. The 
temperature is raised to 72°C to enhance the rate of the polymerization 
reaction. The enzyme extends both primers, producing two new strands of 
DNA, II-III-IV-V and I’-II’-HI’-IV’. The chosen polymerase is from a ther- 
mophilic bacterium, Thermus aquaticus, an organism originally discovered 
in a Yellowstone National Park hot spring. Other useful polymerases have 
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FIGURE 10.6 The 
polymerase chain 
reaction has three 
steps: A Strand 
separation by 
heating at 95°C. 

B Hybridization 

of the primers. 

C Extension of the 
primers by DNA 
synthesis. Segments 
are labeled |, Il, Ill, 
IV, and V on the 
original DNA strand 
and |’, Il’, Il’, IV’, 
and V’ on the 
complementary 
strand. Primer II has 
diagonal lines and 
primer IV’ has dots. 
Newly synthesized 
DNA is shown 

in black. 
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been isolated from bacteria found in geothermal vents on the ocean floor. 
These enzymes are heat stable, so the reaction can be carried out at a high 
temperature, leading to a high rate of DNA synthesis. The DNA synthesis 
reaction is usually complete in about 30 s. 


The usefulness of the PCR lies in its three steps—denaturation, hybridization, 


and DNA synthesis—that can be repeated many times simply by changing the 
temperature of the reaction mixture. Each newly synthesized strand of DNA can 
serve as a template, so the target DNA concentration increases at an exponential rate. 
Ina process consisting of 20 cycles, the amplification for the DNA fragment is about 
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a millionfold. Thirty cycles, which can be completed in 1-3 hours, provide a billion- 
fold amplification. Theoretically, one could begin with a single molecule of target 
DNA and produce in 1 hour enough DNA for the Sanger dideoxy chain-terminating 
sequence procedure. Another benefit of the PCR is its simplicity. Commercially 
available instruments called thermocyclers allow the laboratory technician to 
mix the reagents and insert the reaction mixture in the cycler, which then 
automatically repeats the reaction steps by changing temperatures. 

The PCR has become a routine tool in basic research carried out in univer- 
sities, hospitals, and pharmaceutical companies. It is especially useful for ampli- 
fying small amounts of DNA for sequencing. It was used widely in the Human 
Genome Project, which in 2001 announced the sequence of the 3 billion base 
pairs in the human genome. 


Applications of the PCR 
Diagnostic Medicine 


PCR may be used to detect the presence of infectious bacteria and viruses in an 
individual even before symptoms begin to appear. HIV infection is usually con- 
firmed using tests that detect serum antibody proteins made against the viral 
proteins. However, there may be a period of at least six months between infec- 
tion and when the anti-HIV antibodies reach a detectable concentration. PCR can 
be used to detect proviral DNA. An especially important application is the iden- 
tification of HIV-infected infants. The antibody-based test cannot be done on 
infants because they have maternal antibodies for up to 15 months after birth. 
Other medical applications of PCR include early detection of tuberculosis and 
cancers, especially leukemias, and analysis of small samples of amniotic fluid to 
detect genetic abnormalities in fetuses. 


Forensics 


Recovery of fingerprints from a crime scene has been a long-standing and well- 
accepted method in forensics. A new procedure, DNA fingerprinting, is being 
developed and achieving widespread use. DNA fingerprinting is the biochemical 
analysis of DNA in biological samples (semen, blood, saliva) remaining at a crime 
scene. Since every individual possesses a unique hereditary composition, each indi- 
vidual has a characteristic phenotype that is reflected in his or her DNA sequence. 
DNA fingerprinting attempts to show the genetic variations that are found from 
person to person. These differences can be detected by analysis of an individual's 
DNA. Two experimental methods are currently used in DNA fingerprinting: 


1. Restriction Fragment Length Polymorphisms (RFLPs) In this method, 
DNA samples are digested with restriction enzymes. The resulting fragments 
are separated by gel electrophoresis, blotted onto a membrane, hybridized to 
a DNA probe, and analyzed by autoradiography (see Section C on blotting in 
this chapter). Results vary from individual to individual (except in the case of 
identical twins, who have identical DNA) because of their differences in 
DNA sequence. Since each person’s DNA has a unique sequence pattern, the 
restriction enzymes cut differently and lead to different-sized fragments. 

2. PCR-Based Analysis The second method of DNA fingerprinting involves 
the use of PCR-amplified DNA. Allele-specific oligonucleotide (ASO) 
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Study Problems 


primers are used for amplification of specific sequences. PCR-based DNA 
fingerprinting has many advantages over RFLP methods, including speed, 
simplicity, no requirements for radioactive probes, and greater sensitivity. 
DNA from a single hair or minute samples of blood, saliva, and semen can 
be analyzed. 


C. NUCLEIC ACID BLOTTING 


Many of the procedures for isolating and characterizing DNA and RNA mole- 
cules discussed in Chapters 9 and 10 depend on the separation of nucleic acids 
by an electrophoresis step, followed by some kind of analysis of the gel bands. 
Although electrophoresis provides excellent separation of molecules, the 
method gives no indication as to the identity of the molecules at each band. As 
described in Chapter 6, Section C, p. 192, membrane blotting techniques are 
now available for functional analysis of the molecules at each electrophoresis 
band. 

The first blotting technique was reported by E. Southern in 1975. Using 
labeled complementary DNA probes, he searched for certain nucleotide 
sequences among DNA molecules blotted from the gel. This technique of detecting 
DNA-DNA hybridization is called Southern blotting. The general blotting 
technique has now been extended to the transfer and detection of specific RNA 
(for example, mRNA) using labeled complementary DNA probes (Northern 
blotting) and the transfer and detection of proteins that react with specific 
antibodies (Western blotting). 

Blotting techniques have many applications, including mapping the genes 
responsible for inherited diseases by using restriction fragment length polymor- 
phisms (RFLPs), screening collections of cloned DNA fragments (DNA libraries), 
and DNA fingerprinting for analysis of biological material remaining at the 
scene of a crime. 


1. Explain the action of ampicillin as an inducer of plasmid replication. 

2. How does chloramphenicol inhibit protein synthesis? 

3. Why is polyacrylamide gel electrophoresis not suitable for analysis of most plasmid 
DNA? 

4. Why is a wavelength of 600 nm used to measure growth of bacteria? Could other 
wavelengths be used? 

5. How does the addition of an EDTA solution stop a restriction enzyme reaction? 

6. What kind of chemical bonding holds cohesive ends together after action of a restric- 
tion enzyme? 

7. Which of the following base sequences are probably not recognition sites for cleavage 
by restriction endonucleases? Why not? 
(a) 5’ GAATTC 3’ 
(b) 5’ CATTAG 3’ 
(c) 5’ CATATG 3’ 
(d) 5’ CAATTG 3’ 
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8. Use the REBASE Web site (http://rebase.neb.com) to search for information about the 
restriction enzymes listed below. For each enzyme, find the recognition sequence and 
the cleavage site, and determine if the DNA cut ends are blunt or cohesive. 

(a) Apal 
(b) Spml 
(c) Alul 

9. How many DNA fragments result from the action of restriction enzyme Haell on the 
plasmid pBR322? 

10. Assume the reaction digest from Problem 8 is analyzed by agarose gel electrophoresis. 
Draw an electrophoresis gel and show the approximate locations of each fragment. 
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ble for the general maintenance and daily functioning of cells and organisms. The pro- 

teins are extremely versatile functional molecules, as they serve roles in biological 
catalysis (enzymes), immune response (antibodies), structural integrity, muscle contraction, 
cell regulation, and storage/transport processes. Because of their roles as essential biomole- 
cules, there has always been intense interest in the extraction of proteins from their natural 
sources and in their characterization in terms of structure and biological function. In this 
chapter, we will focus on the purification procedures that are used to obtain native protein 
molecules that may be further characterized. The new discipline of proteomics, the study of 
the thousands of proteins expressed in cells and organisms and how the proteins interact with 
each other, has renewed interest in the development of methods for their isolation and charac- 
terization. Because the normal concentration of proteins in cells is quite low, there is a strong 
interest in designing methods to enhance their production. Recombinant DNA procedures 
now play a major role in the production of relatively large quantities of scarce proteins for 
basic scientific study and for medical and industrial applications. In the medical technique of 
gene therapy, a hybrid DNA containing the genes for the desired protein is transferred into a 
host cell, which acts as a factory to produce the desired protein. 


P roteins are often considered the workhorses among biomolecules, as they are responsi- 
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FIGURE 11.1 The 
general structure of 
the zwitterionic 
form of an L-amino 
acid. R represents 
the side chain. 


A. PROCEDURES FOR THE PURIFICATION OF PROTEINS 


Protein purification is an activity that has occupied the time of biochemists and 
molecular life scientists throughout the last two centuries. In fact, a large 
percentage of the biochemical literature is a description of how specific proteins 
have been separated from thousands of other proteins and other biomolecules in 
tissues, cells, and biological fluids. Biochemical investigations of all biological 
processes require, at some time, the isolation, purification, and characterization 
of a protein. In contrast to the repetitive procedures for isolation of DNA and 
RNA (see Chapter 9, Section B, p. 275), there is no single technique or sequence of 
techniques that can be followed to isolate and purify all proteins. It is sometimes 
still necessary to proceed by trial and error. Fortunately, the experiences and dis- 
coveries of thousands of scientists have been combined so that, today, a general, 
systematic approach is available for protein isolation and purification. 


Composition of Proteins 


All proteins found in nature are constructed by amide linkages between a-amino 
acids. The amino acids are selected from a group of 20 molecules that have com- 
mon structural characteristics. They each have at least one carboxyl group and at 
least one amino group (Figure 11.1). The distinctive physical, chemical, and bio- 
logical properties associated with an amino acid are the result of the R group, a 
side chain that is unique for each amino acid. A list of the 20 common amino 
acids and their one-letter and three-letter abbreviations are given in Table 11.1. If 
you are not yet familiar with the general structures and properties of amino acids 
and proteins, refer to your general biochemistry text. 


STUDY EXERCISE 11.1 Peptide Structure 


Draw the structure of this peptide: Asp-Phe-Ala-Lys-Trp. 


Amount of Protein Versus Purity of Protein Versus Expense 


The procedure selected for protein purification is dependent primarily on how 
much of the protein is needed and how pure the protein must be; in other words, 
what is the purpose for isolating the protein? In terms of amount, one usually 
thinks on two scales: preparative, isolation of larger quantities (several mil- 
ligrams or grams) to use for further characterization or structure and function 
studies; or analytical, isolation of microgram or milligram quantities in order to 
make a few precise measurements such as molecular weight, sequencing, or 
structure determination by NMR or X-ray diffraction. 


aE 
oO 
at 
y 
DinQungd 
A 
= 


Chapter 11 ¢ Protein Production, Purification, and Characterization 309 


TABLE 11.1 Abbreviations of the 20 Common Amino 
Acids Found in Proteins 








Abbreviation 

Name One-letter Three-letter 
Glycine G Gly 
Alanine A Ala 
Valine V Val 
Leucine L Leu 
Isoleucine | lle 
Methionine M Met 
Phenylalanine F Phe 
Proline P Pro 
Serine S Ser 
Threonine T Thr 
Cysteine C Cys 
Asparagine N Asn 
Glutamine Q Gln 
Tyrosine Y Tyr 
Tryptophan W Trp 
Aspartate D Asp 
Glutamate E Glu 
Histidine H His 
Lysine K Lys 
Arginine R Arg 


In terms of purity, a protein sample is considered pure when it contains a 
single type of protein. It is not practically possible to obtain a protein in 100% 
purity, but most studies can be done on samples that are 90-95% pure. It often is 
not worth the extra time and reagent expense to purify a protein greater than 90% 
unless absolutely necessary. In general, the best purification scheme is one that 
yields the maximum (or appropriate) amount of the protein, of desired purity, 
with a minimum amount of time and expense. The following discussion outlines 
the basic steps available to develop a protein purification scheme (Table 11.2). 


Basic Steps in Protein Purification 


Development of Protein Assay 

First and foremost in any protein purification scheme is the development of an 
assay for the protein. This procedure, which may have a physical, chemical, or 
biological basis, is necessary in order to determine quantitatively and/or 
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TABLE 11.2 Typical Sequence for the Purification of a Protein 


1. Develop an assay for the desired protein. 


2. Select the biological source of the protein, including use of recombinant DNA 
techniques. 


Release the protein from the source and solubilize it in an aqueous buffer system. 
Fractionate the cell components by physical methods (centrifugation). 
Separate the biomolecules present by differential solubility. 


Oy Ue 


Apply chromatographic procedures. 

(a) Gel-filtration chromatography 

(b) lon-exchange chromatography 

(c) Affinity chromatography 

7. Isoelectric focusing, if desired. 

8. Determine purity by electrophoresis or HPLC. 


qualitatively the presence of the specific protein. During the early stages of the 
purification, the particular protein desired must be distinguished from thou- 
sands of other proteins present in the crude cell homogenate. The desired pro- 
tein may be less than 0.1% of the total protein. It should be obvious that the 
general protein assays (spectrophotometric, Bradford, Lowry, etc.; see Chapter 3, 
Section B, p. 67) are not useful as assays for a specific protein, because they 
simply indicate the total protein present. If the desired protein is an enzyme, 
the obvious assay should be based on biological function, that is, a measure- 
ment of the enzymatic activity after each isolation—purification step. If the 
protein to be isolated is not an enzyme or if the biological activity is unknown, 
physical or chemical methods must be used. One of the most useful analytical 
methods is electrophoresis. If an antibody has been prepared against the 
desired protein, it may be analyzed by electrophoresis and monitored during 
purification using Western blotting (see Chapter 6, Section C, p. 192). 


Source of the Protein 


We next consider the selection of the source from which the protein will be isolat- 
ed. If the objective is simply to obtain a large quantity of a protein for further 
study, you would choose a source that contains large amounts of the protein. A 
possible choice is an organ from a large animal that can be obtained from a local 
slaughterhouse. Microorganisms are also good sources because they can be 
harvested in large quantities. If, however, you desire a specific protein from a 
specific type of organism, tissue, cell, cell organelle, or biological fluid, the source 
is limited. For example, if one desires to study the enzymes involved in 
glycolysis in the alfalfa plant, one would begin with leaves of the plant. 

If the desired protein is known to be located in an organelle or subcompart- 
ment of the cell, partial purification of the protein is achieved by isolating the 
organelle by fractional centrifugation (Chapter 4, Section C, Figure 4.11, p. 107). 
If the protein is, instead, in the soluble cytoplasm of the cell, it will remain dis- 
solved in the final supernatant obtained after centrifugation at 100,000 X g. 
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With the introduction of techniques in recombinant DNA research, it is 
now possible to synthesize relatively large quantities of specific proteins in 
selected host cells. One begins by preparing the recombinant DNA, which con- 
sists of inserting the specific gene that contains the code for the desired protein, 
along with appropriate promoters and markers, into a plasmid or other vector. 
The recombinant DNA may then be transferred to a host cell (E. coli, or other 
bacteria, or yeast), and the host cell is then allowed to grow and synthesize the 
desired protein (molecular cloning, Chapter 10, Section A, p. 290). This proce- 
dure has several advantages over the traditional method of isolating and purify- 
ing proteins as described in the previous paragraphs and in Table 11.2. Some of 
the benefits of using recombinant DNA include: 


¢ Overexpression of the protein is possible, which produces relatively large 
amounts; this is especially helpful when dealing with scarce proteins, or 
with proteins for commercial or medical applications. 

¢ Conditions can be controlled so there is less degradation of the desired pro- 
tein by proteases and less contamination by other biomolecules. This 
makes it easier to isolate and purify the protein from the host cell. Some 
steps in Table 11.2 may be eliminated. 

e With the use of genetic engineering techniques, including mutation, it is 
possible to produce modified proteins, i.e., proteins with one or more 
amino acid changes. 


Because the techniques for purifying a protein using recombinant DNA procedures 
are somewhat different than those of traditional isolation and purification, a 
special section will be devoted to protein production by cloning (Section B of this 
chapter, p. 317). 


Preparation of the Crude Extract 


Once the protein source has been selected, the next step is to release the desired 
protein from its natural cellular environment and solubilize it in aqueous solu- 
tion. This calls for disruption of the cell membrane without damage to the cell 
contents. Proteins are relatively fragile molecules, and only gentle procedures 
are allowed at this stage. The gentlest methods for cell breakage are osmotic 
lysis, gentle grinding in hand-operated glass homogenizers, and disruption by 
ultrasonic waves. These methods are useful for “soft tissue,” as found in green 
plants and animals. When dealing with bacterial cells, in which rigid cell walls 
are present, the most effective methods are grinding in a mortar with an inert 
abrasive such as sand or alumina, or treatment with lysozyme and/or a deter- 
gent. Lysozyme is an enzyme that catalyzes the hydrolysis of polysaccharide 
moieties present in cell walls. When very resistant cell walls are encountered 
(yeast, for example), the French press must be used. Here the cells are disrupted 
by passage, under high pressure, through a small hole. 

Osmotic lysis consists of suspending cells in a solution of relatively high 
ionic strength. This causes water inside the cell to diffuse out through the mem- 
brane. The cells are then isolated by centrifugation and transferred to pure water. 
Water rapidly diffuses into the cell, bursting the membrane. 
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Another alternative, gentle grinding, is best accomplished with a glass or 
Teflon homogenizer. This consists of a glass tube with a close-fitting piston. 
Several varieties are shown in Figure 11.2A, B. The cells are forced against the 
glass walls under the pressure of the piston, and the cell components are released 
into an aqueous solution. 

Ultrasonic waves, produced by a sonicator, are transmitted into a suspension 
of cells by a metal probe (Figure 11.2C). The vibration set up by the ultrasonic 
waves disrupts the cell membrane, releasing the cell components into the 
surrounding aqueous solution. 

A less gentle, but widely used, solubilization device is the common electric 
blender. This method may be used for plant or animal tissue, but it is not effec- 
tive for disruption of bacterial cell walls. A tool that is more scientifically 
designed is the rotor stator homogenizer (Figure 11.2D). The stator is a hollow 
tube and the rotor, attached to the stator, is a rapidly turning knife blade. Cells 
are torn apart by the turbulence and shear generated by the rotor. 

The most recently developed homogenizer is the so-called cell bomb, 
which makes use of high pressure and decompression to disrupt cells. In this 
technique, a gas, usually nitrogen, helium, or air, is forced into cells under high 
pressure. When the pressure is released, expanding bubbles of the gas (nebuliza- 
tion) rupture the cell membrane. Cell bombs are available with pressure ranges 
of 250 to 25,000 psi. Cell bombs have an advantage over sonicators in that they 
cause no temperature increase that can denature proteins. A disadvantage of cell 
bombs is the potential for explosions because of the high-pressure conditions. 

Since so many cell disruption methods are available, the experimenter 
must, by trial and error, find a convenient method that yields the maximum 
quantity of the protein with minimal damage to the molecules. 


Stabilization of Proteins in a Crude Extract 


Continued stabilization of the protein must always be considered in protein 
purification processes. While the protein is inside the cell, it is in a highly regu- 
lated environment. Cell components in these surroundings are protected against 
sudden changes in pH, temperature, or ionic strength and against oxidation and 
enzymatic degradation. Once the cell wall/membrane barrier is destroyed, the 
protective processes are no longer functional and degradation of the desired pro- 
tein is likely to begin. An artificial environment that mimics the natural one must 
be maintained so that the protein retains its chemical integrity and biological 
function throughout the purification procedure. What factors are important in 
maintaining an environment in which proteins are stable? Although numerous 
factors must be considered, the following are the most critical: 


1. Ionic strength and polarity The standard cellular environment is, of 
course, aqueous; because of the presence of inorganic salts, though, its ionic 
strength is relatively high. Addition of KCl, NaCl, or MgCl, to the cell 
extract may be necessary to maintain this condition. Proteins that are nor- 
mally found in the hydrophobic regions of cells (i.e., membranes) are gen- 
erally more stable in aqueous environments in which the polarity has been 
reduced by the addition of 1 to 10% glycerol or sucrose. 
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FIGURE 11.2 

Tools for the 

preparation of a 

crude cell extract. 

A Hand-operated 

homogenizers, 

courtesy of Ace 

Glass, Inc. Vineland, 

NJ. B Homogenizer 

with electric motor, 

courtesy of Sargent- 

Welch/VWR; www. 

sargentwelch.com. 

C Ultrasonic 

homogenizer, 

courtesy of 

BioLogics, Inc., 

A www. biologics-inc. 
com. D Rotor- 
stator, courtesy of 
Omni International, 
Inc. www.omni-inc. 

D com. 
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2.pH The pH of a biological cell is controlled by the presence of natural 
buffers. Since protein structure is often irreversibly altered by extremes in 
pH, a buffer system must be maintained for protein stabilization. The 
importance of proper selection of a buffer system cannot be overempha- 
sized. The criteria that must be considered in selecting a buffer are 
discussed in Chapter 3, Section A, p. 57. For most cell homogenates at 
physiological pH values, Tris and phosphate buffers are widely used. 

3. Metalions The presence of metal ions in mixtures of biomolecules can be 
both beneficial and harmful. Metal ions such as Na*, K*, Ca?*, Mg?*, and 
Fe** may actually increase the stability of dissolved proteins. Many 
enzymes require specific metal ions for activity. In contrast, heavy metal 
ions such as Ag'*, Cut, Pb?*, and Hg* are deleterious, particularly to 
proteins that depend on sulfhydryl groups for structural and functional 
integrity. The main sources of contaminating metals are buffer salts, water 
used to make buffer solutions, and metal containers and equipment. To 
avoid heavy-metal contamination, you should use high-purity buffers, 
glass-distilled water, and glassware specifically cleaned to remove extrane- 
ous metal ions (see Chapter 1, Section C, p. 15). If metal contamination still 
persists, a chelating agent such as ethylenediaminetetraacetic acid 
(EDTA, 1 x 104M) may be added to the buffer. 

4. Oxidation Many proteins are susceptible to oxidation. This is especially a 
problem with proteins having free sulfhydryl groups, which are easily 
oxidized and converted to disulfide bonds. A reducing environment can be 
maintained by adding mercaptoethanol, cysteine, or dithiothreitol 
(1 X 10° M) to the buffer system. 

5. Proteases Many biological cells contain degradative enzymes (proteases) 
that catalyze the hydrolysis of peptide linkages. In the intact cell, 
functional proteins are protected from these destructive enzymes because 
the enzymes are stored in cell organelles (lysosomes, etc.) and released only 
when needed. The proteases are freed upon cell disruption and immediate- 
ly begin to catalyze the degradation of protein material. This detrimental 
action can be slowed by the addition of specific protease inhibitors such 
as phenylmethylsulfonyl fluoride or certain bioactive peptides. These 
inhibitors are to be used with extreme caution because they are 
potentially toxic. 

6. Temperature Many of the above conditions that affect the stability of pro- 
teins in solution are dependent on chemical reactions. In particular, metal 
ions, oxidative processes, and proteases bring about chemical changes in 
proteins. It is a well-accepted tenet in chemistry that lower temperatures 
slow down chemical processes. We generally assume that proteins are more 
stable at low temperatures. Although there are a few exceptions to this, it is 
fairly common practice to carry out all procedures of protein isolation 
under reduced-temperature conditions (usually in ice bath, 0-4°C). 





After cell disruption, gross fractionation of the properly stabilized, crude 
cell homogenate may be achieved by physical methods, specifically centrifuga- 
tion. Figure 4.11 outlines the stepwise procedure commonly used to separate 
subcellular organelles such as nuclei, mitochondria, lysosomes, and microsomes. 


Chapter 11 ¢ Protein Production, Purification, and Characterization 315 


Separation of Proteins Based on Solubility Differences 


Proteins are soluble in aqueous solutions primarily because their charged 
and polar amino acid residues are solvated by water. Any agent that disrupts these 
protein-water interactions decreases protein solubility because the protein-protein 
interactions become more important. Protein-protein aggregates are no longer suf- 
ficiently solvated, and they precipitate from solution. Because each specific type of 
protein has a unique amino acid composition and sequence, the degree and impor- 
tance of water solvation vary from protein to protein. Therefore, different proteins 
precipitate at different concentrations of precipitating agent. The agents and 
factors most often used for protein precipitation are (1) inorganic salts, (2) organic 
solvents, (3) polyethylene glycol (PEG), (4) pH, and (5) temperature. 

The most commonly used inorganic salt, ammonium sulfate, is highly 
solvated in water and actually reduces the water available for interaction with 
protein. As ammonium sulfate is added to a protein solution, a concentration of 
salt is reached at which there is no longer sufficient water present to maintain a 
particular type of protein in solution. The protein precipitates or is “salted out” 
of solution. The concentration of ammonium sulfate at which the desired protein 
precipitates from solution cannot be calculated, but must be established by trial 
and error. In practice, ammonium sulfate precipitation is carried out in stepwise 
intervals. For example, a crude cell extract is treated by slow addition of dry, 
solid, high-purity ammonium sulfate in order to achieve a change in salt concen- 
tration from 0 to 25%, is gently stirred for up to 60 minutes, and is subjected to 
centrifugation at 20,000 x g. The precipitate that separates upon centrifugation 
and the supernatant are analyzed for the desired protein. If the protein is still 
predominantly present in the supernatant, the salt concentration is increased 
from 25 to 35%. This process of ammonium sulfate addition and centrifugation is 
continued until the desired protein is salted out. 

Organic solvents also decrease protein solubility, but they are not as widely 
used as ammonium sulfate because they sometimes denature proteins. They are 
thought to function as precipitating agents in two ways: (1) by dehydrating 
proteins, much as ammonium sulfate does, and (2) by decreasing the dielectric 
constant of the solution. The organic solvents used (which, of course, must be 
miscible with water) include methanol, ethanol, and acetone. 

A relatively new method of selective protein precipitation involves the use 
of nonionic polymers. The most widely used agent in this category is polyethyl- 
ene glycol. This polymer is available in a variety of molecular weights ranging 
from 400 to 7500. The biochemical literature reports successful use of different 
weights, but lower-molecular-weight polymer has been shown to be the most 
specific. The principles behind the action of PEG as a protein precipitating agent 
are not completely understood. Possible modes of action include (1) complex for- 
mation between protein and polymer, and (2) exclusion of the protein from part 
of the solvent (dehydration), followed by protein aggregation and precipitation. 
The most attractive advantage of PEG is its ability to fractionate proteins on the 
basis of size and shape, as in gel filtration. 

Finally, changes in pH and temperature have been used effectively to promote 
selective protein precipitation. A change in the pH of the solution alters the ionic 
state of a protein and may even bring some proteins to a state of charge neutrality. 
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Charged protein molecules tend to repel each other and remain in solution; 
however, neutral protein molecules do not repel each other, so they tend to aggre- 
gate and precipitate from solution. A protein is least soluble in aqueous solution 
when it has no net charge, that is, when it is isoelectric. This characteristic can be 
used in protein purification, since different proteins usually have different isoelec- 
tric pH values (see Chapter 6, Section B, p. 182). An increase in temperature gener- 
ally causes an increase in the solubility of solutes. This general rule is followed by 
most proteins up to about 40°C. Above this temperature, however, many proteins 
aggregate and precipitate from solution. If the protein of interest is heat stable 
and still water soluble above 40°C, a major step in protein purification can be 
achieved because most other proteins precipitate at these temperatures and can 
be removed by centrifugation. 


Selective Techniques in Protein Purification 


After gross fractionation of proteins, as discussed above and listed in Table 11.2 
Step 5, more refined methods with greater resolution can be attempted. These 
methods, in order of increasing resolution, are gel-filtration chromatography, ion- 
exchange chromatography, affinity chromatography, and isoelectric focusing. 
Since the basis of protein separation is different for each of these techniques, it is 
often most effective and appropriate to use all of the techniques in the order given. 

Chromatographic methods for protein purification are discussed in Chapter 5. 
However, we must consider another important topic, preparation of protein 
solutions for chromatography. Fractionation of heterogeneous protein mixtures by 
inorganic salts, organic solvents, or PEG usually precedes column chromatography. 
The presence of the precipitating agents will interfere with the later chromatographic 
steps. In particular, the presence of ammonium sulfate increases the ionic strength of 
the protein solution and damps the ionic protein—ion-exchange resin interactions. 
Procedures that are in current use to remove undesirable small molecules from 
protein solutions include ultrafiltration (see Chapter 3, Section D, p. 74), dialysis (see 
Chapter 3, Section D, p. 73), and gel filtration (see Chapter 5, Section E, p. 132). 

Chromatography is now, and will continue to be for many years, the most 
effective method for selective protein purification. The more conventional meth- 
ods (ion exchange and gel filtration) rely on rather nonspecific physicochemical 
interactions between a stationary support and protein molecule. These tech- 
niques, which separate proteins on the basis of net charge, size, and polarity, do 
not have a high degree of specificity. The highest level of selectivity in protein 
purification is offered by affinity chromatography—the separation of proteins on 
the basis of specific biological interactions (see Chapter 5, Section G. p. 152). 

To some individuals, especially those who recall their experiences in the 
organic chemistry laboratory, the ultimate step in purification of a molecule is crys- 
tallization. The desire to obtain crystalline protein has long been strong, and many 
proteins have been crystallized. However, there is a common misconception that 
the ability to form crystals of a protein ensures that the protein is homogeneous. For 
many reasons (entrapment of contaminants within crystals, aggregation of protein 
molecules, etc.), the ability to crystallize a protein should not be used as a criterion 
of purity. The interest in protein crystals today has its origin in the demand for 
X-ray crystallographic analysis of protein structure (see Chapter 7, p. 233). 
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STUDY EXERCISE 11.2 Protein Purification 


List at least three types of chromatography useful for protein purification, and identify 
the basis of separation for each type. 


B. PRODUCTION OF PROTEINS BY EXPRESSION 
OF FOREIGN GENES 


It is now possible to produce large quantities of selected proteins by using 
recombinant DNA technology. In general, a hybrid DNA is prepared by inserting 
the gene to be expressed (the gene carries the code for the desired protein) into a 
vector (plasmid, etc.; see Chapter 10, Section A, p. 294) and transferring it into a 
host cell where the desired protein is synthesized. These procedures have been 
used in the production of hundreds of proteins for scientific, medical, agricultural, 
and industrial purposes. Table 11.3 lists some of the important protein products 
now made by recombinant DNA methods. 


Gene Expression in Prokaryotic Organisms 


Bacterial cells, especially E. coli, have been widely used as host cells for the large- 
scale production of proteins. Special requirements must be considered while 
preparing the recombinant DNA containing the “foreign” gene. The cloned struc- 
tural gene that contains the message for the desired protein is incorporated into an 
expression vector that has all the necessary transcriptional and translational 


TABLE 11.3 Recombinant Proteins and Their Use 








Protein Use 

Human insulin Treatment of diabetes 

Human somatotropin (growth hormone) Treatment of dwarfism 

Bovine somatotropin (BST) Enhances milk production in dairy cattle 

Porcine somatotropin (PST) Enhances growth in pigs 

Pulmozyme (DNase) Treatment of cystic fibrosis 

Tissue plasminogen activator (TPA) Treatment of heart attack, stroke; dissolves blood clots 
Erythropoietin Treatment of anemia by stimulating erythrocyte production 
Interferons Treatment of cancers; antiviral agent 

Atrial natriuretic factor Reduces high blood pressure 

Leptin Treatment of obesity 

Hepatitis B vaccine Treatment of hepatitis 

Herceptin Treatment of metastatic breast cancer; monoclonal antibody 





Amylase and cellulase Removes carbohydrate precipitates from fruit juice 
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FIGURE 11.3) Components of a typical recombinant DNA prokaryotic expression vector. The structural 
gene contains the coding sequence for the protein. Essential components include the promoter (P), 
ribosome binding site (RBS), regulatory gene (R), and transcription terminator (T). “ori” refers to the 
origin of replication. 


control sequences (Figure 11.3). If a relaxed plasmid is used as the vector (see 
Chapter 10, Section A, p. 294) and the proper signals for gene expression are pres- 
ent, it is possible to overexpress the desired protein so that its concentration may 
reach up to 40% of the host bacteria’s total cellular protein. Although this provides 
a high yield of the expressed protein, the bacterial cells often concentrate the for- 
eign protein into insoluble inclusion bodies in which the protein is present in a 
denatured, aggregated form. The protein may be renatured by isolating the inclu- 
sion bodies by centrifugation and incubating them with a denaturing agent (6 M 
guanidinium ion or urea) and then slowly removing the denaturing agent by ultra- 
filtration or dialysis (see Chapter 3, Section D, p. 73). Initially, the presence of the 
desired protein in the inclusion bodies seems to be a disadvantage in the produc- 
tion of the protein, but it turns out sometimes to be a benefit, as it may actually 
save time in further purification steps. Because the inclusion bodies contain the 
desired protein in the absence of most other cellular proteins, this serves as a major 
purification step. The renatured protein often is ready for further purification 
using the final steps of chromatography in Table 11.2. However, the renaturing 
process is very slow, and percent recovery of the protein may be as low as 50%. 


Host-Cell Secretion of Protein 


The formation of inclusion bodies and other technical problems of gene expres- 
sion can be avoided if the coding gene is genetically engineered to induce the 
host cell to secrete the protein into the periplasmic space (the area between the 
cell wall and the plasma membrane). The protein can be released from this space 
using the procedure of osmotic lysis (see this chapter, p. 311). These procedures 
greatly facilitate purification of the protein, as they avoid the preparation of a 
crude cell homogenate in which the protein is in a mixture of all other cellular 
molecules. The host bacterial cell can be coaxed into secreting the desired protein 
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by incorporating a signal sequence for protein targeting into the expression 
vector. 

The yield of biologically active protein can also be increased by reducing its 
intracellular degradation. Because the host bacterial cell recognizes the cloned 
protein as “foreign” (and, indeed, some proteins are toxic to the bacterium), it 
attempts to remove the protein by protease-catalyzed hydrolysis. Degradation 
by protease action is lessened if the protein is secreted. Protein degradation can 
also be reduced if the expression vector is modified to add or label the desired 
protein with a protease-resistant sequence of amino acids. 

Many of the above problems, including inclusion body formation, can also 
be minimized or even eliminated by tagging the desired protein with a protein of 
bacterial origin. This is accomplished by inserting into the vector a DNA frag- 
ment carrying the code for a bacterial protein. The bacteria can be tricked into 
recognizing the conjugated protein (bacterial protein covalently linked to the de- 
sired protein) as “native.” The “label” is often added to the N-terminus of the 
cloned protein. Such modified proteins are called hybrid or fusion proteins. The 
label may be removed from the desired protein, after extraction, by using a 
proteolytic enzyme. 


Histidine-Tagged Proteins 


A unique approach to eliminating some of the problems outlined above and 
also facilitating protein purification is to program the expression vector to add 
a string of six or more histidine residues to the N-terminus of the desired pro- 
tein. The histidine residues (along with the protein) will bind to an affinity 
chromatography column containing nickel ions immobilized to a nitrilotri- 
acetic acid solid support. Protein purification is achieved by passing the cell 
lysate (prepared by treatment of the host cells with lysozyme and/or a deter- 
gent) directly through the affinity column (Figure 11.4; see immobilized metal- 
ion affinity chromatography, Chapter 5, Section G, p. 152). Equipment and 
reagents for these procedures are available in kit form from QIAGEN Inc. and 
Clontech Laboratories Inc. A modified version of this procedure, the 
MagneHis Protein Purification System, is available from Promega. The 
MagneHis system involves the use of paramagnetic precharged nickel parti- 
cles to isolate His-tagged protein directly from a crude cell lysate. In all proce- 
dures described above, the His-tagged protein is recovered from the solid 
support by eluting with imidazole, which binds to the nickel ions and 
displaces the protein. 
Other peptide fusion labels that facilitate protein purification include: 


¢ Polyarginine—A series of arginine residues is added to the C-terminus of 
the protein. This makes the protein highly basic and thus able to be purified 
using a cation-exchange resin. 

e Flag—A short amino acid sequence (Asp-Tyr-Lys-Asp-Asp-Asp-Asp-Lys-) 
is attached to the N-terminus of the protein. The protein may then be puri- 
fied by immunoaffinity chromatography with the use of a commercially 
available monoclonal antibody that recognizes the hydrophilic peptide 
sequence. 
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FIGURE 11.4 
Purification of a 
His-tagged protein 
using immobilized 
metal-affinity 
chromatography. 


See text for details. 
www.clontech.com. 
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An extremely useful application of recombinant DNA technology is the abil- 
ity to modify protein structures by changing the identity of amino acid residues. 
This provides a powerful tool for monitoring which amino acid residues are im- 
portant in a protein’s biological function. Amino acid changes may be made by a 
technique called site-directed mutagenesis, where an altered gene carrying the 
message for different amino acids is inserted into a recombinant DNA. 


STUDY EXERCISE 11.3 Genetic Engineering 
and Chromatography 


What kind of chromatography is used to separate His-tagged proteins? 


Gene Expression in Eukaryotic Cells 


Expression of a eukaryotic gene in a bacterial host cell often leads to many tech- 
nical problems. Among these problems are: 
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1. Bacterial cells are unable to carry out gene splicing processes that remove 
introns from the eukaryotic mRNA. 

2. Bacterial cells do not recognize and respond to eukaryotic transcriptional 
and translational regulatory elements. 

3. Bacterial cells do not have the enzyme systems to direct post translational 
modifications of proteins, as eukaryotic cells are capable of doing. These 
protein modifications include chemical changes such as addition of carbo- 
hydrates (glycosylation), formation of correct disulfide bonds, proteolytic 
cleavage of inactive precursors, phosphorylation of amino acid hydroxyl 
groups (tyrosine, serine, etc.), and other changes that assist the protein to 
fold into its native conformation and become biologically active. 


The challenges of incorporating all of these messages into an expression vector 
for bacterial cells are great, if not insurmountable. The best approach is to use 
eukaryotic cells such as yeast as hosts. 

The many challenges presented above, such as preparing complex recom- 
binant DNA with all the proper signals and messages, and maintaining and 
using bacterial and eukaryotic host-cell cultures, have encouraged scientists to 
search for more efficient systems for producing proteins. 


cDNA 


One procedure for making recombinant proteins that is growing in popularity is 
the use of complementary DNA (cDNA). All of the proteins in a cell are made 
from their specific mRNAs by translation, so it would seem logical to isolate the 
mRNA associated with a specific protein and then use it to make that protein. 
However, mRNA is too difficult to purify and too unstable to use directly for 
protein synthesis. Instead, the mRNA is converted into a DNA form using the 
RNA-viral enzyme system reverse transcriptase (RT). RT is able to read an RNA 
template and catalyze the synthesis of a complementary strand of DNA (cDNA). 
(RT is the enzyme that retroviruses use to copy their genes, originally in the form 
of RNA, into DNA, in order to “take over” a cell or organism.) Researchers now 
can isolate and purify the mRNA associated with the desired protein, transform 
it into cDNA with RT, and insert the cDNA into a suitable vector for cloning. 


Cell-Free Systems 


Another promising alternative for protein production is to use cell-free transcrip- 
tion and translation systems for expression of the recombinant DNA. Two in vitro 
systems currently being used are wheat-germ extracts and rabbit reticulocyte 
lysates. The in vitro systems require the addition of the isolated mRNA fragment 
that contains the coded message for the protein, as well as amino acids, tRNAs, 
and ribosomes. 


Protein Expression Using Synthesized Genes 


Producing large quantities of a protein from naturally-occurring gene sequences 
as described above is not always efficient. It can be a challenging, time consum- 
ing, and costly process. Some of the most valuable and desired proteins needed 
by biochemists are often expressed in wild-type cells, but in very low amounts. 
Biochemists have begun to experiment with synthesized genes in which the three 
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nucleotides in the codons are revised or rewritten with the hope of optimizing 
protein expression. How is this possible? Recall that the genetic code is degener- 
ate. Almost all of the 20 amino acids have at least two codons (Leu has six); thus, 
different codons can specify the same amino acid. For example, a codon for Phe, 
U-U-U, could be changed to U-C-U, which would also specify Phe. Three of the 
codons signal termination, which leaves 61 of the 64 total codons to specify amino 
acids. Thus, it is possible to change about a third (20/61) of the nucleotides and 
still produce the same protein. The number of alternate gene sequences that will 
produce the same protein is enormous. According to Wikipedia, there are 10’ 
codon combinations for an average-sized protein of 300 amino acids. It has been 
shown experimentally that some combinations lead to better protein yields than 
others. Thus, modifying a synthetic gene can potentially enhance protein expres- 
sion. Synthetic biology companies including DNA2.0, PolyQuant (Entelechon), 
GENEWIZ, GENEART, GenScript, Epoch Bioloabs, and others are developing 
computer software based on new design algorithms to predict the set of codons 
most effective for protein expression. Gene optimization can offer protein yields 
up to at least 10 times higher than the more conventional procedures. Finding just 
the right gene, however, requires extensive computer analysis. A major goal of 
these investigations is to determine the gene sequence characteristics that have a 
significant influence on protein expression. 


C. PROTEIN CHARACTERIZATION 


Now that the sought-after protein has been obtained in a highly purified state, it is 
usually suitable for further characterization and study. The characterization 
techniques applied to the protein depend on what is already known about the mol- 
ecule and what kind of protein it is. One is, of course, interested in knowing the 
biological role the protein plays in the organism; however, such a determination 
must wait until more is known about its physical and chemical properties. Here is 
an outline of procedures one should apply to the protein for general characteriza- 
tion and for specific analysis. References are made to coverage of the characteriza- 
tion procedures in this book (see Appendix I for a table of useful Web sites, p. 331). 


¢ Concentration of protein solutions—general assays like the Bradford, 
Lowry, spectrophotometric, etc. (see Chapter 3, Section B, p. 67). 

e Purity of protein—PAGE and SDS-PAGE (see Chapter 6, Section B, p. 167), 
HPLC (see Chapter 5, Section F, p. 140), capillary electrophoresis (see 
Chapter 6, Section B, p. 185), isoelectric focusing (see Chapter 6, Section B, 
p- 182), and 2D electrophoresis (see Chapter 6, Section B, p. 184). 

¢ Molecular weight, subunit structure—gel-filtration chromatography (see 
Chapter 5, Section E, p. 132), SDS-PAGE (see Chapter 6, p. 174), and MS (see 
Chapter 7, Section D, p. 230). 

e Identity and structure determination (including cofactors, coenzymes, 
metal ions, carbohydrates, etc.}—UV/VIS spectroscopy (see Chapter 7, 
Section A, p. 202), NMR spectroscopy (see Chapter 7, Section C, p. 225), MS 
(see Chapter 7, Section D, p. 230), X-ray diffraction (see Chapter 7, Section 
E, p. 233), and protein databases (Table 11.4). 

¢ Sequence of amino acids in the protein and of nucleotides in the coding 
gene—Web sites, databases (see Table 11.4 and Chapters 2, 9, and 10). For 
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TABLE 11.4 Protein Database Resources 





Name URL 

ExPASy—UniProt Knowledgebase: Swiss-Prot and TrEMBL http://ca.expasy.org/sprot 
PIR—Protein Information Resource http://pir.georgetown.edu 
RCSB Protein Data Bank (PDB) http:/www.rcsb.org 

The National Center for Biotechnology http:/Awww.ncbi.nim.nih.gov 
The European Bioinformatics Institute http:/Awww.ebi.ac.uk 


analysis of the amino acid sequence (primary structure), see this chapter, 
Section D. 
¢ Biological function: 
Enzyme-substrate specificity, kinetics, inhibition, regulation (see 
Chapter 8, Section B, p. 250). 
Transport protein-ligand binding (fluorescence spectroscopy, see 
Chapter 7, Section B, p. 220, and Chapter 8, Section A, p. 239). 
Other type of protein—procedures depend on function. 


¢ Proteomics: identity of unknown proteins by amino acid composition and 
prediction of structure (see Web sites and databases in Table 11.4 and Chapter 2), 
analysis by 2D electrophoresis (see Chapter 6, Section B, p. 184), interactions 
with other proteins—MALDI-MS (see Chapter 7, Section D, p. 230). 


D. DETERMINATION OF PRIMARY STRUCTURE 


Structural elucidation of natural macromolecules is an important step in under- 
standing the relationships between the chemical properties of a biomolecule and 
its biological function. The techniques used in organic structure determination 
(NMR, IR, UV, and MS; Chapter 7) are quite useful when applied to biomolecules, 
but the unique nature of natural molecules also requires the application of spe- 
cialized chemical procedures. Proteins, polysaccharides, and nucleic acids are 
polymeric materials, each composed of hundreds or sometimes thousands of 
monomeric units (amino acids, monosaccharides, and nucleotides, respectively). 
But there is only a limited number of these types of units from which the biomol- 
ecules are synthesized. For example, only 20 different amino acids are found in 
proteins, but these different amino acids may appear several times in the same 
protein molecule. Therefore, the structure of a peptide or protein can be recog- 
nized only after the amino acid composition and sequence have been determined. 


Amino Acid Composition 


The amide bonds in peptides and proteins can be hydrolyzed in a strong acid or 
base. Treatment of a peptide or protein under either of these conditions yields a 
mixture of the constituent amino acids. Neither acid- nor base-catalyzed hydrol- 
ysis of a protein leads to ideal results because both tend to destroy some 
constituent amino acids. Acid-catalyzed hydrolysis destroys tryptophan and 
cysteine, causes some loss of serine and threonine, and converts asparagine and 
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glutamine to aspartic acid and glutamic acid, respectively. Base-catalyzed 
hydrolysis leads to destruction of serine, threonine, cysteine, and cystine, and 
also results in racemization of the free amino acids. Because acid-catalyzed hy- 
drolysis is less destructive, it is often the method of choice. The hydrolysis proce- 
dure consists of dissolving the protein sample in aqueous acid, usually 6 M HCI, 
and heating the solution in a sealed, evacuated vial at 100°C for 12 to 24 hours. 

Now that the free amino acids present in a peptide or protein have been 
released by hydrolysis, they must be separated and identified. The most versatile, 
economical, and convenient techniques for separation are based on chromato- 
graphic methods (see Chapter 5 for a review, p. 118). Earlier workers relied on paper 
chromatography (PC) and thin-layer chromatography (TLC); however, more sensi- 
tive techniques are now available. Automated ion-exchange chromatography 
(amino acid analyzers), capillary electrophoresis (CE), and high-performance liquid 
chromatography (HPLC) are now powerful tools for the qualitative and quantita- 
tive analysis of amino acids and their derivatives. Because there is still some 
demand for rapid, qualitative, routine analysis of amino acids, thin-layer and paper 
chromatographic methods are still being developed and improved. Amino acids 
and their derivatives may be analyzed directly by PC and TLC without further de- 
rivatization. Several support materials are available, but most analyses are carried 
out on silica gel or cellulose. The free amino acids can be detected on the developed 
chromatographic plates by reaction with ninhydrin. A pink-purple color is obtained 
for all amino acids except proline. A yellow color develops with proline. 

High-performance liquid chromatographic techniques have been success- 
fully applied to the analysis of phenylthiohydantoin, 2,4-dinitrophenyl, and dan- 
syl amino acid derivatives. 

If only very small samples of amino acids are available for analysis, 
fluorescence is used for detection. One of the most sensitive methods of 
microanalysis is based on the reaction of amino acids with o-phthalaldehyde 
and B-mercaptoethanol (Equation 11.1). The isoindole derivative is fluorescent, 
and amounts as small as 10 !* mole may be measured. 
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Another important derivatizing reagent for amino acids is 9-fluorenylmethyl 
chloroformate (FMOC) (Equation 11.2). This reagent has the advantages that: 
(1) the reaction with amino acids is very fast, occurring in less than 1 min; (2) the 
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products are stable for long periods of time; (3) the derivatives can be separated by 
reversed-phase column chromatography and capillary electrophoresis procedures; 
and (4) the products are fluorescent, allowing for easy detection. 


(OV? Oge 


R R 
oo " Ae sa Ae ae (Eq. 11.2) 
| +H,N N + 
O = © Oo H O 


FMOC Amino acid N-FMOC 
derivative 


Sequential Analysis 

Sequential analysis of amino acids in purified peptides and proteins is best initi- 
ated by analysis of the terminal amino acids. A peptide has one amino acid with 
a free a amino group (NHp-terminus) and one amino acid with a free a carboxyl 
group (COOH-terminus). Many chemical methods have been developed to 
selectively tag and identify these terminal amino acids. 


N-Terminal Analysis 


NH>-terminal amino acid analysis is achieved by the use of: (1) 2,4-dinitrofluo- 
robenzene (Sanger reagent), (2) 1-dimethylaminonaphthalene-5-sulfonyl chlo- 
ride (dansyl] chloride), or (3) phenylisothiocyanate (Edman reagent). Figure 11.5 
shows the structures of these reagents. Although the chemistry is different for 


NO, { 


NO, 
Sanger reagent Edman reagent 
HC CH, 





No 
N 


\ FIGURE 11.5 
Wt N-nan_S-n=o=s Reagents useful in 
CH, amino-terminal 
DABITC analysis of proteins. 
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FIGURE 11.6 
Scheme to show 
analysis of amino- 
terminal residue of 
protein. 


N-terminal reagent 








| | 
DD 7 1" C ‘i a Cc Derivatized peptide 
R H R H 
H+ 


D> —CH—COO- + Free amino acids 
| | or 
H R 


intact peptide (Edman) 


each of these reagents, the same general concept applies. These compounds react 
with the NH -terminal amino acid of a peptide or protein to produce covalent 
derivatives that are stable to acid-catalyzed hydrolysis. The process is illustrated 
in Figure 11.6. The mixture of modified amino acid and free amino acids is 
separated, and the NHp»-terminal amino acid is identified by thin-layer, paper, or 
high-performance liquid chromatography; or capillary electrophoresis. The first 
NH),-terminal method to be widely used was based on the Sanger reagent, which 
produces yellow-colored 2,4-dinitrophenyl (DNP) derivatives of NH>-terminal 
amino acids. The Sanger method has several disadvantages, including poor yield 
of the DNP-peptide derivative, low sensitivity of analysis, and instability of 
some DNP-amino acids during acid hydrolysis. The dansy] chloride method has 
largely replaced the Sanger method because very sensitive fluorescence 
techniques may be used for detection and analysis of the dansyl amino acid 
derivatives, and the derivatives are more stable during acid hydrolysis. 


Edman Sequence Method 


Even more versatile than the dansyl method is the Edman method (Figure 11.7). 
The NH,-terminal amino acid is removed as its phenylthiohydantoin (PTH) deriv- 
ative under anhydrous acid conditions, while all other amide bonds in the peptide 
remain intact. The derivatized amino acid is then extracted from the reaction 
mixture and identified by paper, thin-layer, or high-performance liquid chromatog- 
raphy. The intact peptide (minus the original NH -terminal amino acid) may be 
isolated and recycled by reaction with phenylisothiocyanate. Since this method is 
nondestructive to the remaining peptide (aqueous acid hydrolysis is not required) 
and results in good yield, it can be used for stepwise sequential analysis of peptides. 


Microsequencing 


The development of new chemical reagents and instrumentation has now made 
it possible to achieve end-group analysis and sequencing on extremely small 
samples of protein (microsequencing). By using a chromophoric derivative of 
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R H R' H 
ee 
¢ ‘ C—N—CH oN cH N 
R H R H 


Sl i 
fe) 
N-C\N—-H I 





+ HJN—CH—C—N 
O R H Uf | FIGURE 11.7. The 
Edman method for 
Phenylthiohydantoin Intact peptide analysis of proteins. 


phenylisothiocyanate, 4-N,N-dimethylaminoazobenzene-4’-isothiocyanate 
(DABITC; see Figure 11.5), and analyzing the derivatives by HPLC, it is possible 
to sequence peptides and proteins at the nanomolar level. 


C-Terminal Analysis 


The COOH-terminal amino acid of a peptide or protein may be analyzed by 
enzymatic methods. The method of choice is peptide hydrolysis catalyzed by 
carboxypeptidases A and B. These two enzymes catalyze the hydrolysis of 
amide bonds at the COOH-terminal end of a peptide (Equation 11.3), since car- 
boxypeptidase action requires the presence of a free a carboxyl group in the 
substrate. 

Carboxypeptidase A catalyzes the hydrolysis of carboxyl-terminal acidic or 
neutral amino acids; however, the rate of hydrolysis depends on the structure of 
the side chain R’. Amino acids with nonpolar aryl or alkyl side chains are 
cleaved more rapidly. Carboxypeptidase B is specific for the hydrolysis of basic 
COOH-terminal amino acids (lysine and arginine). Neither peptidase functions 
if proline occupies the COOH-terminal position or is the next to last amino acid. 








CH ll N cH COO- + HO carboxypeptidase _ 


. “+ (Eq. 11.3) 
1 
—C—N—GH—GOO" + HN—GH—COO 


| 
HR R’ 


328 Chapter 11 ¢ Protein Production, Purification, and Characterization 


Study Problems 


Further Reading 


Sequencing DNA Instead of the Protein 


New techniques for protein sequence analysis have emerged from recombinant 
DNA research. It is now possible to clone long stretches of DNA. Genes carrying 
the message for selected proteins can be isolated in quantities sufficient for 
nucleotide sequencing. By using the genetic code, the structure of the protein 
product from a specific gene can be deduced from the sequence of nucleotides in 
the DNA. Techniques for DNA sequencing are faster and more reliable than for 
protein sequencing; however, determining protein sequences indirectly from 
DNA sequences will never completely replace direct analysis of the protein 
product. An amino acid sequence determined from DNA will be that of the ini- 
tial protein product synthesized. That initial form (which is often not biologically 
active) is changed by post translational modification processes. These changes 
may include removal of short stretches of amino acid residues, formation of 
disulfide bonds, and chemical changes on some amino acid residues. 


1. A solution of a purified protein yielded an Ayg9/A69 of 1.3. Estimate the protein 
concentration of the solution. 

2. Describe the action of the enzyme lysozyme in breaking bacterial cells for protein 
isolation and purification. 

3. What amino acid residues in a protein absorb light of 280 nm? 

4. Use a flowchart format to show how you would isolate a protein from an inclusion 
body. 

5. A protein you wish to study is present in the mitochondria of the cell. Show how you 
would use fractional centrifugation to isolate mitochondria to begin purification of 
the protein. 

6. When would you use the technique of isoelectric focusing in the isolation and charac- 
terization of a protein? 

7. What type of electrophoresis would be better to study the subunit structure of a pro- 
tein, PAGE or SDS-PAGE? Explain. 

8. During the expression of a protein in a bacterial host cell, what are some of the advan- 
tages of fusing a natural, bacterial protein to the “foreign” protein? 

9. When the histidine-tagged protein procedure is used for purification, the expressed 
protein is recovered from an affinity column by eluting with a solution of imidazole. 
What atoms of imidazole displace the protein by binding to nickel? 

10. Use a protein database to find the primary structure of the active form of human 
insulin (51 amino acids). 
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List of Software Programs and Web Sites Useful for 
Each Chapter 


This table lists Web sites that are particularly relevant to specific chapters. The 
list is not all-inclusive, but it does include popular and especially helpful URLs. 
Individual chapters also contain detailed lists of associated Web sites. Additional 
Web sites for each chapter are available on the book’s Companion Website, 
which can be found at http: //www.chemplace.com. 





Chapter No. Name Description URL 
1 Sigma-Aldrich MSDS www.sigma-aldrich.com 
1 Swarthmore Scientific posters http:/Awww.swarthmore.edu/NatSci/ 
College courrin1/posteradvice.htm 
1-3 Rainin Pipetting http:/Awww.rainin.com 
1-3 Graphpad Statistics http:/Awww.graphpad.com/prism/ 
Prism.htm 
1-3 Journal of Chemical List of all current http:/Awww.umsl.edu/divisions/artscie 
Education biochemistry nce/chemistry/books/welcome.html 
Resource Shelf textbooks 
1-3 ChemDraw Chemical structure http:/Awww.cambridgesoft.com 
drawing program 
1-11 Intute Best Web sites http:/Awww.intute.ac.uk/ 
biologicalsciences 
1-11 BioChemWeb Biochemistry library http:/Awww.biochemweb.org 
2-11 Protocol-Online Your lab‘s reference http:/Awww.protocol-online.org 
book 
2-11 Protein Data Protein structures http:/Awww.rcsb.org/pdb 
Bank (PDB) determined by X-ray 
and NMR 
2-11 ChemBioFinder Life science solutions http://www.chembiofinder.com 
2-11 NCBI Molecules Structures of http://molbio.info.nih.gov.cgi-bin/pdb 
to Go biomolecules 
2-11 PyMol Molecular Structures of http://pymol.org 
Viewer biomolecules 
2-11 Chimera Molecular Advanced molecular http://www.cgl.ucsf.edu/chimera 
Modeling System modeling 
(UCSF) 
2-11 Biomolecules Alive Instructional material http:/Awww.biomoleculesalive.org 
2-11 Entrez Browser Database searching includ- — http:/Awww.ncbi.nlm.nih.gov/Entrez 


of NCBI 


ing PubMed literature 
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Chapter No. Name Description URL 
2-11 MEDLINE (PubMed) U.S. National Library http:/Awww.nim.nih.gov 
of Medicine 
2-11 International Union Nomenclature http:/Awww.chem.qmul.ac.uk/iubmb 
of Biochemistry and 
Molecular Biology 
(IUBMB) 
7 Biological Magnetic NMR data of http://omrb.wisc.edu 
Resonance biomolecules 
Data Bank 
7 Science of Spectroscopy http://www.scienceofspectroscopy 
Spectroscopy applications .info/index.htm 
and techniques 
DynaFit Ligand binding http:/Awww.biokin.com 
SigmaPlot Enzyme kinetics http:/Awww.sigmaplot.com/products/ 
module sigmaplot/enzyme-mod.php 
8 Enzyme Structures Enzyme structures in http:/Awww.biochem.ucl.ac.uk/bsm/ 
Database Protein Data Bank enzymes/index.html 
8-11 IUBMB Enzyme List Catalog of enzymes http:/Awww.chem.qmul.ac.uk/iubmb/ 
enzyme 
8-11 Worthington Properties of enzymes http:/Awww.worthington-biochem 
Enzyme Manual .com/index/manual/html 
8-11 BRENDA A comprehensive http://www.brenda-enzymes.info 
enzyme information 
system 
9-10 European DNA sequences http:/Awww.ebi.ac.uk 
Bioinformatics 
Institute (EB!) 
9-10 GenBank of the Nucleotide sequence http:/Awww.ncbi.nim.nih.gov/Genbank 
NCBI database 
9-10 EMBL Nucleotide sequence http:/Awww.ebi.ac.uk 
database 
9-10 The Institute for Collection of genomic http:/Awww.ebi.ac.uk/genomes/index. 
Genomic Research databases html 
9-11 Enzyme Database Enzyme names and http:/Awww.expasy.ch/enzyme 
of ExPASy numbers 
9-11 The Broad Institute Genomics http:/Awww.broadinstitutes.org 
of MIT and Harvard 
10 REBASE-The Restriction enzyme http://rebase.neb.com 
Restriction Enzyme directory and action 
Database 
10 Fermentas Restriction enzymes http://www.fermentas.com 


(continued) 


Chapter No. 


Name 


Description 


Appendix! 333 


URL 





11 


11 


11 


Munich Information 
Center for Protein 
Sequences (MIPS) 


Protein Information 
Resource (PIR) 


Swiss-Protein 


Protein sequences 


Database searching 
for proteins 


Protein sequences 


http://www.helmholtz-muenchen.de/ 
en/mips 


http://pir.georgetown.edu 


http://ca.expasy.org/sprot 
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APPENDIX II 


Properties of Common Acids and Bases 


Molecular Specific % by 





Compound Formula Weight Gravity Weight Molarity (M) 
Acetic acid, glacial © CH3COOH 60.1 1.05 99.5 17.4 
Ammonium NH,OH 35.0 0.89 28 14.8 
hydroxide 

Formic acid HCOOH 46.0 1.20 90 23.4 
Hydrochloric acid HCl 36.5 1.18 36 11.6 
Nitric acid HNO3 63.0 1.42 71 16.0 
Perchloric acid HClO, 100.5 1.67 70 11.6 
Phosphoric acid H3PO4 98.0 1.70 85 18.1 
Sulfuric acid H>SO4 98.1 1.84 96 18.0 
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Properties of Common Buffer Compounds 


APPENDIX II 





(20°C) 
Molecular 
Compound Abbreviation Weight pK, pK2 pK3 pK, 
N-(2-Acetamido)- 
2-aminoethanesulfonic acid ACES 182.2 6.9 - - - 
N-(2-Acetamido)-2- 
iminodiacetic acid ADA 212.2 6.60 - - - 
Acetic acid - 60.1 4.76 - - - 
Arginine Arg 174.2 2.17 9.04 12.48 - 
Barbituric acid - 128.1 3.79 - - - 
N,N-bis (2-Hydroxyethyl)-2- 
aminoethane-sulfonic acid BES 213.1 7A5 - - - 
N,N-bis (2-Hydroxyethyl)glycine Bicine 163.2 8.35 - - - 
Boric acid - 61.8 9.23 12.74 13.80 - 
Citric acid = 210.1 3.10 4.75 6.40 = 
Ethylenediaminetetraacetic acid EDTA 292.3 2.00 2.67 6.24 10.88 
Formic acid - 46.03 3.75 - - - 
Fumaric acid - 116.1 3.02 4.39 - - 
Glycine Gly 75.1 2.45 9.60 = = 
Glycylglycine - 132.1 3.15 8.13 - - 
N-2-Hydroxyethylpiperazine- 
N'-2-ethanesulfonic acid HEPES 238.3 7.55 - - - 
N-2-Hydroxyethylpiperazine- 
N'-3-propanesulfonic acid HEPPS 252.3 8.0 - - - 
Histidine His 209.7 1.82 6.00 9.17 = 
Imidazole - 68.1 6.95 - - - 
2-(N-Morpholino) 
ethanesulfonic acid MES 195 6.15 - - - 
3-(N-Morpholino) 
propanesulfonic acid MOPS 209.3 7.20 - - - 
Phosphoric acid - 98.0 212 7.2) 12.32 - 
Succinic acid - 118.1 4.18 5.60 - - 
3-Tris (hydroxymethyl) 
aminopropanesulfonic acid TAPS 243.2 8.40 - - - 
(continued) 
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(20°C) 
Molecular 
Compound Abbreviation Weight pK, pK2 pK3 pK, 
N-Tris (hydroxymethyl)methyl-2- 
aminoethanesulfonic acid TES 229.2 7.50 - - - 
N-Tris (hydroxymethyl)methylglycine Tricine 179 8.15 - - - 


Tris (hydroxymethyl)aminomethane Tris 121.1 8.30 - - - 


APPENDIX IV 
pK, Values and pH, Values of Amino Acids 





pK, pK pKr 
Name Abbreviations (a-carboxyl) (a-amino) (side chain) pH, 
Alanine Ala A 2.3 9.7 - 6.0 
Arginine Arg R 2.2 9.0 12.5 10.8 
Asparagine Asn N 2.0) 8.8 - 5.4 
Aspartate Asp D 2.1 9.8 3.9 3.0 
Cysteine Cys C 1.7 10.8 8.3 5.0 
Glutamate Glu E 2.2 9.7 4.3 3.2 
Glutamine Gln Q 2.2 9.1 - 5.7 
Glycine Gly G 2.3 9.6 - 6.0 
Histidine His H 1.8 9.2 6.0 7.6 
Isoleucine lle | 2.4 9.7 - 6.1 
Leucine Leu L 2.4 9.6 - 6.0 
Lysine Lys K 2.2 9.0 10.5 9.8 
Methionine Met M 2.3 9.2 - 5.8 
Phenylalanine Phe F 1.8 9.1 - 5.5 
Proline Pro P 2.0 10.6 - 6.3 
Serine Ser S 2.2 9.2 - 5.7 
Threonine Thr T 2.6 10.4 - 6.5 
Tryptophan Trp W 2.4 9.4 - 5.9 
Tyrosine Tyr Y 2.2 9.1 10.1 5.7 
Valine Val V 2.3 9.6 - 6.0 
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Molecular Weight of Some Common Proteins 





Name (Source) Molecular Weight 
Albumin (bovine serum) 65,400 
Albumin (egg white) 45,000 
Carboxypeptidase A (bovine pancreas) 35,268 
Carboxypeptidase B (porcine) 34,300 
Catalase (bovine liver) 250,000 
Chymotrypsinogen (bovine pancreas) 23,200 
Cytochrome c 13,000 
Hemoglobin (bovine) 64,500 
Insulin (bovine) 5,700 
a-Lactaloumin (bovine milk) 14,200 
Lysozyme (egg white) 14,600 
Myoglobin (horse heart) 16,900 
Pepsin (porcine) 35,000 
Peroxidase (horseradish) 40,000 
Ribonuclease | (bovine pancreas) 12,600 
Trypsinogen (bovine pancreas) 24,000 
Trypsin (bovine pancreas) 23,800 
Tyrosinase (mushroom) 128,000 
Uricase (pig liver) 125,000 
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Common Abbreviations Used in This Text 


A 

A 

AMP, ADP, ATP 
AP 

BCA 

bp 


CM cellulose 
COSY 

CPM 

D 

DANSYL 
2-DE 

DEAE cellulose 
DNA 

DNase 

DNP 

DOPA 

E 

EDTA 

ELISA 

ELN 

ESI 

EtBr 

FAB 

FAD (H>) 


adenine or absorbance 

absorbance 

adenosine mono-, di-, or triphosphate 
alkaline phosphatase 

bicinchoninic acid 

base pairs 

Becquerel 

bovine serum albumin 

cytosine 

complementary DNA 

capillary electrophoresis 

Curie 

carboxymethyl cellulose 

correlation spectroscopy 

counts per minute 

dalton 
1,1-dimethylaminonaphthalene-5-sulfonyl chloride 
two-dimensional electrophoresis 
diethylaminoethyl cellulose 
deoxyribonucleic acid 
deoxyribonuclease 

dinitropheny| 
dihydroxyphenylalanine 

absorption coefficient 
ethylenediaminetetraacetic acid 
enzyme-linked immunosorbent assay 
electronic lab rolebook 

electrospray ionization 

ethidium bromide 

fast-atom bombardment 


flavin adenine 
dinucleotide (reduced form) 
(continued) 
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GMP, GDP, GTP 
Hb 

HMIS 

HPLC 

HRP 

HTML 


MALDI 
MSs 
MSDS 
NAD(H) 
NADP(H) 


NMR 
NOESY 
OSHA 
PAGE 
PC 


fatty-acid methyl ester 

flavin mononucleotide (reduced form) 
foldover-corrected spectroscopy 
fast-protein liquid chromatography 
Fourier transform 

gravitational force 

guanine 

gas chromatography 

guanosine mono-, di-, or triphosphate 
hemoglobin 

Hazardous Materials Identification System 
high-performance liquid chromatography 
horseradish peroxidase 

hypertext markup language 
immunoelectrophoresis 

isoelectric focusing 

inositol hexaphosphate 

immunoglobulin gamma 

immobilized metal-ion affinity chromatography 
infrared 

nternet service provider 

intervening sequence 


kilobase pairs 





igand 

macromolecule 

molarity 

matrix-assisted laser desorption ionization 

mass spectrometry 

material safety data sheet 

nicotinamide adenine dinucleotide (reduced form) 


nicotinamide adenine dinucleotide phosphate 
(reduced form) 


nuclear magnetic resonance 

nuclear Overhauser effect spectroscopy 
Occupational Safety and Health Administration 
polyacrylamide gel electrophoresis 


paper chromatography 
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polymerase chain reaction 
polyethylene glycol 

pulsed-field gel electrophoresis 
photomultiplier tube 
1,4-bis[5-phenyl-2-oxazolyl]benzene 
2,5-diphenyloxazole 
polyvinyldifluoride 

relative centrifugal force 

relative mobility in chromatography 
restriction fragment length polymorphism 
radioimmunoassay 

ribonucleic acid 

ribonuclease 

reverse transcriptase 

sedimentation coefficient 

Svedberg unit (10~'? s) 

sodium dodecyl sulfate 

spin-echo correlation spectroscopy 
submitochondrial particles 

thymine 

triacylglycerol 

N, N, N', N'-tetramethylethylenediamine 
thin-layer chromatography 

2-D total correlation spectroscopy 
time of flight 
tris(hydroxymethyl)aminomethane 
transverse relaxation-optimized spectroscopy 
uracil 

uniform resource locator 

ultraviolet 

visible 

World Wide Web 
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APPENDIX VII 


Units of Measurement 


The International System of Units (SI) 

















Quantity Unit Abbreviation 
length meter m 
mass kilogram kg 
time second S 
temperature kelvin K 
electric current ampere 
amount of substance mole mol 
radioactivity becquerel Bq 
volume liter L 
Metric Prefixes 
Name Abbreviation Multiplication Factor (relative to “1”) 
atto a 1018 
femto f 10°19 
pico p (up) oO" 
nano n (mp) 10°? 
micro Mm 10-6 
milli m 103 
centi 10°2 
deci d 10°! 
deca da 10 
kilo k 107 
mega M 10° 
giga G 10° 
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Units of Length 








Name Abbreviation Multiplication Factor (relative to meter) 
Kilometer km 03 

meter m 

centimeter cm o? 

millimeter mm O- 

micrometer pm oe? 

nanometer nm oO? 

Angstrom A Q710 





Units of Mass 








Name Abbreviation Multiplication Factor (relative to gram) 
kilogram kg 103 

gram g 1 

milligram mg 103 

microgram ug 10-6 

nanogram ng 10°9 


Units of Volume 








Name Abbreviation Multiplication Factor (relative to liter) 
liter L 1 

deciliter dL 1071 

milliliter mL 10°3 


microliter pl 10-6 
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Table of the Elements* 


APPENDIX VIII 





Symbol Atomic No. Atomic Mass 
Actinium Ac 89 227.0278 
Aluminum Al 13 26.98154 
Americium Am 95 [243]" 
Antimony Sb 51 121.75 
Argon Ar 18 39.948 
Arsenic As 33 74.9216 
Astatine At 85 [210] 
Barium Ba 56 137.33 
Berkelium Bk 97 [247] 
Beryllium Be 4 9.01218 
Bismuth Bi 83 208.9804 
Bohrium Bh 107 [264] 
Boron B 5 10.81 
Bromine Br 35 79.904 
Cadmium Cd 48 112.41 
Calcium Ca 20 40.08 
Californium Cf 98 [251] 
Carbon C 6 12.011 
Cerium Ce 58 140.12 
Cesium Cs Sy) 132.9054 
Chlorine Cl 17 35.453 
Chromium Cr 24 51.996 
Cobalt Co 27 58.9332 
Copernicium Cn 112 [285] 
Copper Cu 29 63.546 
Curium cm 96 [247] 
Darmstadtium Ds 110 [281] 
Dubnium Db 105 [262] 
Dysprosium Dy 66 162.50 
Einsteinium Es 99 [252] 











Appendix VIII 

Symbol Atomic No. Atomic Mass 
Erbium Er 68 167.26 
Europium Eu 63 151.96 
Fermium Fm 100 [257] 
Fluorine F 9 18.998403 
Francium Fr 87 [223] 
Gadolinium Gd 64 157.25 
Gallium Ga 31 69.72 
Germanium Ge 32 72.59 
Gold Au 79 196.9665 
Hafnium Hf 72 178.49 
Hassium Hs 108 [270] 
Helium He 2 4.00260 
Holmium Ho 67 164.9304 
Hydrogen H 1 1.0079 
Indium In 49 114.82 
lodine | 53 126.9045 
Iridium Ir 77 192.22 
Iron Fe 26 55.847 
Krypton Kr 36 83.80 
Lanthanum La 57 138.9055 
Lawrencium Lr 103 [262] 
Lead Pb 82 207.2 
Lithium Li 3 6.941 
Lutetium Lu 71 174.967 
Magnesium Mg 12 24.305 
Manganese Mn 25 54.9380 
Meitnerium Mt 109 [268] 
Mendelevium Md 101 [258] 
Mercury Hg 80 200.59 
Molybdenum Mo 42 95.94 
Neodymium Nd 60 144.24 
Neon Ne 10 20.179 
Neptunium Np 93 237.0482 
Nickel Ni 28 58.70 
Niobium Nb 41 92.9064 
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Symbol Atomic No. Atomic Mass 
Nitrogen N 7 4.0067 
Nobelium No 102 [259] 
Osmium Os 76 90.2 
Oxygen O 8 5.9994 
Palladium Pd 46 06.4 
Phosphorus P 15 30.97376 
Platinum Pt 78 95.09 
Plutonium Pu 94 [244] 
Polonium Po 84 [209] 
Potassium K 19 39.0983 
Praseodymium Pr 59 140.9077 
Promethium Pm 61 [145] 
Protactinium Pa 91 231.0359 
Radium Ra 88 226.0254 
Radon Rn 86 [222] 
Rhenium Re 75 86.207 
Rhodium Rh 45 02.9055 
Rubidium Rb 37 85.4678 
Ruthenium Ru 44 01.07 
Rutherfordium Rf 104 [261] 
Samarium sm 62 50.4 
Scandium Sc 21 44.9559 
Seaborgium Sg 106 [266] 
Selenium Se 34 78.96 
Silicon Si 14 28.0855 
Silver Ag 47 107.868 
Sodium Na 11 22.98977 
Strontium Sr 33 87.62 
Sulfur S 16 32.06 
Tantalum Ta 73 180.9479 
Technetium Tc 43 [98] 
Tellurium Te 52 127.60 
Terbium Tb 65 158.9254 
Thallium Tl 81 204.37 
Thorium Th 90 232.0381 





Appendix VIII 

Symbol Atomic No. Atomic Mass 
Thulium T™ 69 168.9342 
Tin Sn 50 118.69 
Titanium Ti 22 47.90 
Tungsten 74 183.85 
Uranium U 92 238.029 
Vanadium 23 50.9415 
Xenon Xe 54 131.30 
Ytterbium Yb 70 173.04 
Yttrium Y 39 88.9059 
Zinc Zn 30 65.38 
Zirconium Zr 40 91.22 


“Atomic masses are based on carbon-12. 


TA value given in brackets denotes the mass number of the longest-lived or best-known isotope. 
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APPENDIX IX 


Answers to Odd-Numbered Study Problems 
Chapter 1 


1. Personal Protection Index for glacial acetic acid: splash goggles, gloves, syn- 
thetic apron, and vapor respirator. 

3. Every biochemistry lab is different, so a general picture is not possible. You 
should know where safety features are present in your lab. 

5. Water purified by ion exchange will contain organic molecules that are 
washed from the ion-exchange resin. These contaminants will increase the UV- 
absorbance properties of the water. 

7. 100 mM. 

9. 58.5 mM; 20 mg/mL; 2%. 

11. a. Sample mean = +3.21°. 
b. Standard deviation = +0.043°. 
c. 95% confidence limits = +3.21° + 0.03° at a probability of 0.05. 

13. Use the graduated cylinder to measure and pour 46.1 mL (1 mole) of 100% 
ethanol into the volumetric flask. Add water to the etched mark and mix well. 








Chapter 2 


1. a. The enzyme tyrosinase is found in a wide variety of plants, animals, and 
fungal species. 
b. Copper. 
c. Inhibitors: benzoic acid, cyanide, and other compounds that complex with 
copper. Search for references in PubMed. 
d. Another substrate: catechol. 
e. Use PDB or other site to search for a structure. 

3. Proteins purified by IMAC: histidine-tagged proteins used in recombinant 
protein expression (see Chapter 11, Section B, p. 319); human and bovine 
a-lactalbumin. 

5. -A-A-G-C-T-T-; between A and A. 

7. a-lactalbumin is a regulatory protein in milk that when complexed with the 
enzyme galactosyl transferase stimulates the synthesis of milk sugar, lactose. 

9. For a start, see Chapter 11, Section B, p. 321. 


Chapter 3 


1. NaH POq: 0.31 mole; 37.2 g. 
NazgHPOg: 0.19 mole; 26.9 g. 

3. Use 0.03 mole of isoelectric glycine and 0.07 mole of sodium glycinate for 1 liter 
of solution. 


5. Tube No. 1 2 3 4 5 6 
ug IgG 0 10 20 40 80 100 
Asos 0.0 0.05 0.10 0.20 0.40 0.50 
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7. 17.5 wg/mL. 
9. Pure DNA has a 260/280 ratio of about 1.8. The sample is probably contaminated 
with protein. 
11. Primarily Tyr and Trp; no. 
13. A at 260 nm = 0.7; A at 280 nm = 0.39. 
15. The very best protein to use as a standard is a purified preparation of the pro- 
tein being assayed; however, it is often not available. 
17. a. Citrate. 
b. Imidazole. 
c. Glycine. 
19. 0.49/day 
21. Solution B: 0.2 M. 
Solution C: 0.02 M. 
Solution D: 0.002 M. 
23. 77 days. 


Chapter 4 


1. (a), (b), (d). 

3. Hemoglobin. 

5. There are four subunits each with molecular weight 10,000 and two subunits 
each with molecular weight 30,000. 

7. Magnesium ions bind to DNA in place of smaller protons, causing the DNA to 
spread out and thus become less dense. 

9. 125,000 X g. 

11. Most mitochondria sediment at 20,000 x g. 


Chapter 5 


1. a. Asp, Gly, His. 

b. Glu, Ala, Arg. 

c. Glu, Phe, His. 

Cyt c, myoglobin = hemoglobin, serum albumin, egg albumin, pepsinogen. 

Myosin, catalase, serum albumin, chymotrypsinogen, myoglobin, cyt c. 

Malate dehydrogenase, alcohol dehydrogenase, glucokinase. 

A dilute solution of NAD* should elute the enzyme from the affinity gel. 

11. Hydrogen bonding, ionic bonds, hydrophobic interactions, van der Waals 
forces. 

13. Sephadex G-100. 

15. Use PubMed or other computer bibliographic searches. 


$2) GIS. 


Chapter 6 


1. Charge, size. 

3. From top to bottom: serum albumin, egg white albumin, chymotrypsin, 
lysozyme. 

5. The gel matrix in slab gels is more uniform than the gel in column gels, which 
are made individually. 

7. Polyacrylamide gels may be used for nucleic acids up to 2000 base pairs. 

9. Acrylamide is a potent neurotoxin, suspected carcinogen, and skin irritant. 
Gloves and a mask must be worn while handling it in the unpolymerized form. 
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11. 


13. 
15. 


17. 


Chapter 7 


1. 


s 


Chapter 8 


Chapter 9 
1. 


11. 


Weighing and making solutions of acrylamide should be carried out in a well- 
ventilated hood. 

Western blotting: used to identify a specific protein or group of proteins by 
immunoblotting (detection by antibodies). Southern blotting: used to identify a 
specific base sequence in DNA. Northern blotting: used to identify a specific 
base sequence in RNA. 

Nylon membranes, because they are cationic and strongly bind acidic proteins. 
If SDS-PAGE is used for separation, the proteins to be blotted are denatured. 
The antibodies used for the detection process must be able to recognize and 
bind to denatured proteins. 

The protein has an abundance of nonpolar amino acid residues; thus, it will 
bind best to polyvinyldifluoride (PVDF) membranes, which are hydrophobic. 


a. X-ray. 

b. Ultraviolet. 

c. Visible. 

(1) a. 

(2) a. 

(3) c. 

(4) d. 

(5) b. 

(a), (b), and (d). 

All the molecules contain alternating double bonds (are highly conjugated). 
Fluorescing light is measured at right angles to the light irradiating the sample. 


First plot: n = 2; Ke = 1.1mM. Second plot: n = 2.5; Ke = 0.6mM. 

The tryptophan residue must be close to a site on the human albumin where 
sugars bind. Bound sugars interact with the tryptophan. 

The binding of the molecular probe must be reversible; the bound probe must 
have a different absorbance spectrum from the unbound probe. 

From Michaelis-Menten plot: Vinax = 140 wM/min; Ky = 40-45 uM. 

Type of inhibition: competitive. 


. The rate is linear for only about 2 minutes. 
. Ionic bonding. 


DNA, which forms viscous solutions, is released from the cells into the medium. 


3. SDS is a detergent that dissociates protein-lipid complexes in cell membranes. 
5. 
7. It must be assumed that the blue dye marker moves faster in electrophoresis 


The absorbance at 260 nm = 0.70. 


than any of the proteins or nucleic acids analyzed in the gel. 
a. Lowered. 

b. Lowered. 

c. Lowered. 

d. Probably little or no effect. 

30 wg/mL. 
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Chapter 10 


1. Many plasmids contain genes that carry messages for the synthesis of proteins 
that protect microorganisms against antibiotics. The presence of certain antibi- 
otics is a signal to a microorganism that more of these proteins are necessary. 
The microorganism responds by increasing the rate of production of plasmids. 

3. Natural DNA molecules and restriction fragments are too large to penetrate 
polyacrylamide gels. Even gels with low percentage cross linking are not useful. 

5. Restriction endonucleases require the presence of magnesium ions for activity. 
The quench buffer contains EDTA which complexes transition metal ions in the 
solution. The metal ions are no longer available for binding by the nuclease 
molecules and enzyme activity is inhibited. 

7. (b). 

9. Ten fragments. 


Chapter 11 


The protein concentration is about 1.2 mg/mL. 
Tyrosine and tryptophan. 

See Figure 4.11. 

SDS-PAGE. 

Nitrogen atoms in imidazole. 
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1. Structure of Matter 


1. Structure of Matter 


Summary 


Energy levels Bohr H-like atom: 
_m.Z7qo" 
86,°h?n? 


n 


Energy levels Schrédinger equation, 
Coulomb potential: 


_ Z7qo'm 
(4me, )° 2n?n? 





n 


Covalent bond: the co-sharing of valence electrons. 


Ionic bond: the electrostatic attraction between ions formed 
after electrons are transferred from one atom to another. 


Metallic bond: free electrons in the valence band reduce the 
energy of the system and so act to hold atoms together. 


The electronegativity describes the relative ability of an 
atom, when it combines with another atom, to become “more 
negative” by more strongly capturing a shared electron or 
electron pair. 
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1.1 Atoms 


Sixth century BC Thales of Miletos proposes that the basic element from 
which all things are made is water. 450 BC Empedocles teaches that all 
matter is composed of earth, air, water and fire. Around 400 BC, Greek 
philosophers (Leucippus, Democritus, Epicurus) proposed that if one could 
divide a piece of matter again and again, eventually a limit would be reached 
where no further subdivision could take place, this limiting amount of matter 
was called the atom. About 300 BC, Aristotle rejects the atomistic view and 
argues that matter is based upon the four basic elements of Empedocles but 
adds the qualities of coldness, hotness, dryness and moistness. Aristotle’s 
considerable reputation ensured that his ideas became embodied in religious 
teaching for many hundreds of years. 


In the fifteenth century, new advances in physics suggested that matter was 
made from particles, in agreement with the ancient Greek atomists. Robert 
Boyle taught that matter consists of different types of elements that were 
composed of atoms of the same type. Different elements could join together 
in fixed proportions to form compounds. Later, in 1803, John Dalton 
proposed the atomic theory of matter that was based on quantitative 
experimental evidence from the weighing of different elements in 
combination. He created a scale atomic mass for the different elements that 
were then known. Dalton’s reference atom was the lightest element known, 
hydrogen, which was assigned an atomic mass of one. Other elements were 
given atomic masses according to how heavy they were compared to a 
hydrogen atom. 


In 1807, Humphry Davy decomposed potash into sodium and potassium 
metals using electrolysis. In 1832, Michael Faraday discovered a 
quantitative connection between electricity and the separation of compounds 
into elements in electrolysis. These observations suggested that atoms 
themselves contain electric charge. Experiments by William Crookes 
demonstrated visible “cathode rays” that emanated from a negatively 
charged electrode (cathode) and travelled towards the positive electrode 
(anode) in an evacuated tube. 


In 1872, Mendeleev arranged elements in increasing order of atomic mass 
and discovered that the properties of certain elements were repeated at 
regular intervals. When elements were ordered in columns with the atomic 
mass going across from left to right, and similar chemical properties going 
down, a periodic table was formed whereby, using the known elements at 
the time, Mendeleev was able to predict the properties of some as-yet 
undiscovered elements from gaps in the table. 
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1.2 Bohr Atom 


In 1897, Thomson demonstrated that the rays observed to be emitted from 
the cathodes of vacuum tubes were in fact charged particles which he called 
electrons. Thomson proposed that atoms consisted of a positively charged 
sphere within which were embedded negatively charged electrons. 


Rutherford found in 1911 that the electrons were actually located at some 
distance from a central positively charged nucleus. He proposed that 
electrons orbited the nucleus and the electrostatic attraction between the 
nucleus and the electron was balanced by the centrifugal force arising from 
the orbital motion. However, a major problem with this was that if this were 
the case, then the electrons would continuously radiate all their energy as 


electromagnetic waves and very quickly fall into the nucleus. ts 
de =—-1.6xX10° °C 


In 1913, Bohr postulated two important additions Lyman 


to Rutherford’s theory of atomic structure: 










1. Electrons of mass m, can orbit the poe 
nucleus at radius r with velocity v in 
what are called stationary states in 
which no emission of radiation 
occurs and in which the angular 
momentum L is constrained to have 
values: 


Balmer 


n 
The 2m appears because 
L= m,vr=— L is expressed in terms of n=5 
27 w rather than f. 
2. Electrons can make transitions from one state to another accompanied by 
the emission or absorption of a single photon of energy E = hf, this 
being the absorption and emission spectra observed experimentally. 





As in the Rutherford atom, the centrifugal age 
force is balanced by Coulomb attraction: hydroden- ator 
lq. m,v? with the addition 
Ane, r? A that: me _ nh 
20 a 


By summing the kinetic energy (from the orbital velocity) 
and the potential energy from the electrostatic force, the total energy of 


an electron at a given energy level n is given by: 
Note: atomic number Z = 1 for the hydrogen atom where 
mZ a 4 the energy of the ground state is -13.6 eV. The energy 
= a levels for each state n rise as Z2. Thus, according to the Bohr 
8é, hn model, the energy level of the innermost shell for multi- 
electron atoms can in principle be several thousand eV. 


E.= 


n 


1.3 Energy Levels 


The Chemistry Companion 


The stationary states or energy levels allowed by the Bohr model are called 
electron shells or orbitals, and are labelled K, L, M, N, etc. with K 
corresponding to n = 1. The number n is called the principal quantum 
number. According to the Bohr model, the electron energy only depends on 
n, but experiments show that in multi-electron atoms, electron shells consist 
of sub-levels (evidenced by fine splitting of spectral lines). For example, the 
L shell n =2 has two sub-shells, 2s and 2p. 


OeV Ie oe. 


Af) 
Win!  —=— yee 
—-U. e SSS 
= (6) 
-185eV N “=4 —_ ai60 
4s 
151ev M-=3___& Sp) 
(6) 
-3.39eV yp, =2 ee 
25(2) 
Hydrogen 
atom only 
-13.6eV K 2a 4502) 


It is convenient to assign the energy at 
infinity as being 0 since as an electron 
moves closer to the nucleus, which is 
positively charged, its potential to do 
work is less and thus the energy levels 
for each shell shown are negative. In 
hydrogen, a single-electron atom, the 
energies for each shell are given by: 
13.6 
E= ——, _ for hydrogen 
n 
The electron-volt is a unit of energy. 
1 eV = 1.602 x 10-19 J. 


Sometimes the splitting of principal shells 
into sub-shells results in some overlap 
(e.g. 4s is lower in energy than 3d). 


At each value of n the angular momentum can take on several distinct 
values. The number of values is described by the second quantum number /. 
The allowed values of / are 0, 1, ... (n—1). Each value of / is indicated by a 


letter that indicates the sub-shell: 


A third quantum number m describes the allowable 
changes in angle of the angular momentum vector in the 
presence of an electric field. It takes the values —/ to 0 to +/. 


A fourth quantum number describes the spin of an 
electron where the spin can be either —1/2 or +1/2. 


According to the Pauli 


the valence electrons. 


exclusion 
principle, no electron in any one atom can 
have the same combination of quantum 
numbers. When all the electrons in an atom 
are in the lowest possible energy levels, the 
atom is said to be in its ground state. The 
outermost electrons in an atom are called 





For example, the 3d sub-shell 
can hold up to 10 electrons: 
n=3 


thus: ]7=0, 1,2 (s, p, d) 


and: m=-2,-1,0,1,2 
ue“ 


5 values of m times 2 for spin, 
thus 10 possible electrons 
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1.4 Schrédinger Equation 


The total energy £ of an electron in an atom is the sum of the potential and 
kinetic energies. Expressed in terms of momentum, p, and mass of electron 
m, this is stated: 


2m both position and time. The form of V(x,t) is different 
2 for different arrangements of atoms (e.g. a single 
Thus: hf = P + V(x t) isolated atom, an atom in a regular array of a crystal). 


since E =hAf 


2 
E= Pg V [~ The value of the potential function may depend on 


4, OV 
Let p=-ih— 
Ox | Wis a variable, the form 
OV and value of which provide 
E =ih— information about the 


ot motion of a wave/particle. 
ae: 
er ~ 
The solution to the Schrédinger wave equation is the wave function 'V. If V 


is a function of x only, then the wave equation can be separated into 
time-independent and time-dependent equations that can be readily solved. 


Thus: 





+ V(x,t)¥ = in Schrédinger equation 


The resulting solutions of these equations, when multiplied together, give the 
wave function: (x,t) = v(x)o(e) 

The wave function gives all the information about the motion of an electron 
in an atom. Y is a complex quantity, the magnitude of which || is 
interpreted as a probability density function which in turn can be used to 
determine the probability of an electron being at some position between x 
and Ax. 

Quantum mechanics is concerned with determining the wave function 
(i.e. solving the Schrédinger equation) for particular potential energy 
functions such as those inside atoms. It is found that valid solutions to the 
time-independent wave equation occur only when the total energy is 
quantised. The solutions correspond to stationary states. 


Solutions to the Schrédinger equation can be found for potential functions 
which are a function of both x and ¢. This enables time-dependent 
phenomena (e.g. the probability of transitions of electrons between energy 
levels in an atom) to be calculated and hence the intensity of spectral lines. 
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1.5 The Infinite Square Well 
Energy 


Consider an electron that is confined to be located in 

one-dimensional space —L/2 and +Z/2 and where the 

potential energy of the electron is a constant (which oO 

can be conveniently set to zero). This is an example 

of an infinite square well potential. This potential is L ‘ 
not usually found around electrons in an isolated ~7Z 0 ve 
atom, but does often represent that experienced by <— space —> 


electrons in a solid and also in a chemical bond. 

In the infinite square well potential, the electron cannot move more than a 
distance x = +L/2 from the centre position because it is constrained or bound 
by the infinite potential at the walls. In classical physics, the electron can 
have any value of total energy as it moves within this space. 

In quantum physics, the allowed stationary states indicate the possible 
total energy of the electron. That is, the electron is moving as a particle 
whose probability of being in a particular position x is described by the 
standing wave patterns from the solutions to the Schrédinger equation. For 
the simple case of zero potential energy within the well, the energy levels 


are given by: 27242 
nah 
a aa n= 1,2,3,4..., Vix) =0 
2L°m 
3s 
Energy 2p The electron can move 
ee Electron anywhere within the confines 
energy +L, but can only have 
levels kinetic energies allowable by 
1s the stationary states. 
ae gs 
2 0 2 


It can be seen that the energy increases as n increases. That is, the electron 
has a greater kinetic energy if it exists in a stationary state with a larger n. 
The minimum allowable energy is greater than the minimum potential 
energy (in this case, 0). This is the zero point energy. 


Note also that the kinetic energy of the electron, for a given value of 7, 
decreases as the length of the well L increases. That is, if the electron is 
given more room to move, then its total energy is lowered (in this case, the 
total energy is kinetic, since the potential energy was set to be 0). “Available 
space” is effectively a mechanism for providing a reduction in total energy of 
the system. This is important when the valence electrons of different atoms 
come near each other during the formation of chemical bonds. 





—— Rs oe 2 aT —. 





@) = 1:45/ 5:36 
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1.6 The Coulomb Potential 


In the infinite square well potential, the potential energy of the electron 
inside the well was constant, and independent of position. In an isolated 
single-electron atom, a more realistic scenario is the case where electrons 


are bound by the Coulomb potential. By convention, an:electron is 


assigned a zero total energy 









One 6 °° “Tg when it is at rest, at an infinite 
3s distance from the nucleus. As the 
2p negatively charged electron 
2s Electron moves towards the positively 


energy —_ charged nucleus (opposite to the 
levels direction of the electric field), it 
reflects the fact can acquire kinetic energy and/or 
: do work and so its electrical 
that the electron is ~* potential is reduced. That is, the 
attracted more strongly by the nucleus at potential energy becomes 
shorter distances r and so the potential negative. This is the same 
energy is no longer constant — i.e. the convention in electric field theory, 


: : : , where it is usual to consider a 
potential varies with distance from the positive test charge moving in the 
nucleus. Mathematically, the Coulomb same direction of the electric field 


potential is: & swine isthe seule — whereupon potential energy is 
V(r) __ Zq reduced. 


—*— number, the number of 

47é,r protons in the nucleus. 
Note that in this potential, the energy (the potential energy) becomes more 
negative as r decreases. That is, electrons further away from the nucleus 
have a higher potential energy. 


This potential 1s 


The total energy levels for an electron for this potential are given by the 
solution to the Schrédinger equation with V(r) as above and are expressed: 





Z7qo'm This applies to an isolated single 
L,= Inn2.0 1,2,3,4... electron atom (e.g. hydrogen). 
(4ze, ) 2h°n Compare with Bohr model 1.2. 


Here, the energy E becomes more negative as n decreases, and for a single 
electron (Z = 1) , and at n = 1, we obtain the total energy FE =—-13.6 eV. The 
Coulomb potential, as drawn above, also reflects the greater range of 
movement available to the electron as r increases. 

When an electron is bound by a potential, it is forced into having discrete 
allowable energies. That is, the allowable states E < 0 are bound states. 
Above this level, the electron is free and can have any energy. This is 
indicated by the grey band in the figure above. Note that in this potential, the 
energy depends on the principle quantum number n. As n increases, the 
energy becomes less negative and is therefore at a higher potential. 
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1.7 Covalent Bond 






Consider a hydrogen atom. : 
Here we have one electron 
orbiting the nucleus. In the 
ground state, the electron is 
in one of the available 1s 
energy states. 


3s 
2p atomic 
2s energy 
levels 








Hydrogen atom 


1s -13.6 eV 
(ground state) 


When a hydrogen atom comes into proximity with another hydrogen atom, 
we might be tempted to draw the energy levels like this: 






3s 










2p 
2s 
1s 
Atom #1 Atom #2 
But this would be Nucleus for Nucleus for 
incorrect. What atom #1 atom #2 


happens is that the electron in atom #2 is attracted by the positively charged 
nucleus of atom #1 and vice versa. Overall, the nucleus from atom #1 is 
attracted to both electrons. The nucleus from atom #2 is attracted to the same 
two electrons. Therefore, the two nuclei behave as if they were bonded 
together. The co-sharing of these valence electrons and the resulting 
attraction of the two atoms is called a covalent bond. 






3s 
2p 







Molecular 
2s energy 
levels 
1s -18.08 eV 
Atom #1 Atom #2 
@ + 0.074nm +@ 


When this attraction occurs, the sides of the “well” are reduced so the 
extent that the electrons are completely shared between the two atoms. The 
electrons (by the Pauli exclusion principle) have to have different spins TV. 
Since this is energetically favourable (electrons have more space to move), 
then hydrogen naturally forms the molecule H,. When a covalent bond is 
formed, energy is released (heat). To break the bond and separate the atoms, 
energy —(18.08—13.6 ) =—4.48 eV has to be supplied. 
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1.8 lonisation Energy 


In order for an electron to make a transition from a lower state to a higher 
state in an atom, it must absorb energy (via collision with a photon of 
sufficient energy, by heat, etc). The energy required to move the outermost 
(highest potential energy) electron in an isolated atom from its ground state 
to infinity is called the first ionisation energy and is usually expressed in 


units of eV. The resulting positively charged atom is called an ion. 


The energy required to move the next 
outermost bound electron from its 
ground state to infinity is called the 
second ionisation energy, and so on. 


hf = AE 


Incoming photon 


Bound electron 







Sodium atom 
Na 


The incoming photon must have 
sufficient energy (in this example, 
> +5.1 eV for Na) to lift the electron to 
infinity distance from the nucleus for 
the atom to be ionised. If it does not, 
and if the incoming photon has 
sufficient energy to lift the electron to a 
higher energy level, then the atom may 
become “excited” rather than 
“jonised”. If the incoming photon has 
insufficient energy to excite or ionise 
an atom, then it will just pass through 
or be scattered by the atom. 


Sodium ion 
Na+ 


Sometimes ionisation energies are 
expressed as kJ per mole. Since 1 
eV is 1.602 x 10°19J, then 1 eV per 
atom is 96.49 kJ per mole. 


Free electron 





Important: We cannot just assign 
energies to these levels by 
calculation like we did with the 
hydrogen atom. The energies 
associated with each level in a multi- 
electron atom depend on the size of 
the atom, the atomic number, the 
degree of screening of outer 
electrons by the inner electrons, 
whether or not the atom is bonded 
with another, or exists in the 
gaseous phase, and most 
importantly, whether the level is filled 
or not. The ionisation energies are 
usually measured experimentally. 
The formula worked OK for 
hydrogen because we were dealing 
with just a single electron. 


10 The Chemistry Companion 


1.9 Electron Affinity 


Consider a neutral chlorine atom. The first ionisation energy for Cl is 13 eV. 


Chlorine atom 






0 
3p) 

One vacant 
state in the 3p 45(2) 
valence shell. 
Lower states 
in a with Nucleus for 
SCHON: chlorine 

atom 


What happens when a free electron comes into contact with the neutral 
atom? The electron may occupy a vacancy in the 3p level, thus endowing the 
atom with a full outer energy shell. This condition is energetically desirable 
and is called a noble gas configuration. When the electron is bought from 
infinity into the 3p shell, its potential energy is lowered and experiments 
show that —3.7 eV is released (perhaps as heat). This energy that is released 
is called the electron affinity of the atom. 


Incoming electron 





Chlorine ion 
3p valence 


shell now full. 
Lower states 
all full with 


ons. 
electr Nucleus for 


chlorine atom 


The electron affinity is the energy released when an electron is bought from 
infinity into a neutral atom. Like ionisation energy, it is measured 
experimentally (although usually indirectly). The incoming electron has to 
overcome the repulsion of the electrons already there, but, in the case of 
elements like Cl, the attainment of a noble gas configuration is a sufficient 
payoff. 
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1.10 lonic Bond 


Ionic bonds usually form between elements that have unpaired valence 
electrons. Consider the reaction between sodium and chlorine. 










Sodium Chlorine 
0 0 
3p) 
One valence One vacant 
electron in the 45(2) state in the 3p 4 (2) 
3s state. valence shell. 
Lower states Lower states 
all full with all full with 
electrons. @ electrons. © 


The ionisation energy for Na is +5.1 eV. The electron affinity for Cl is —3.7 
eV. Thus, if the lone electron in the 3s band in Na can climb over the energy 
barrier (—5.1 — —3.7 = —1.4 eV), then this will create an Na* sodium ion and a 
Cl chlorine ion, leaving each with a net charge q,. The resulting electrostatic 
(Coulomb) attraction is called an ionic bond. 


Coulomb 


attraction 
Sodium ion + Chlorine ion — 









3s electron Vacant state 

transferred to 45(2) filled by 45(2) 

Cl atom. electron from 

Lower states Na atom. 

all full with Lower states 

electrons. @ all full with @ 
electrons. 


When the ions are formed, the attraction between them causes them to 
move towards each other and the electrical potential between them drops. 
The ions reach an equilibrium distance determined by the electrostatic 
attraction of their overall charge and the repulsion offered by their positively 
charged nuclei. Experiments show that the bond energy is —5.5 eV. This 
energy is lower than the —1.4 eV barrier and so an ionic bond between these 
two atoms is energetically favourable (since atomic systems tend settle to a 
state of minimum energy). 
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1.11 Electronegativity 


It is energetically favourable for an atom to have completely filled outer 
energy shells (noble gas configuration). Metals tend to lose electrons to 
achieve this configuration because their few loosely bound outer shell 
valence electrons are easily removed (low ionisation energy). Non-metals, 
on the other hand, may have only a few vacancies in their outer shells and so 
prefer to gain electrons to attain a noble gas configuration. 

When two atoms come together to form a chemical bond, the ability for one 
atom to gain, or pull, an electron from the other atom depends on both the 
ionisation energies and the electron affinities of the two atoms. A combined 
property that includes these two _ characteristics is called the 
electronegativity of the element. 

Here’s how it works in simplified terms. Hydrogen and chlorine can 
combine to form HCl by the formation of a covalent bond. An electron pair 
is shared between the H atom and the Cl atom. But is this sharing equal? 
The ionisation energy for H is +13.6 eV, and for Cl is +13 eV. The electron 
affinity of H is -0.75 eV and for Cl is —3.7 eV. Thus, for an electron to be 
transferred from Cl to H, a net energy of 13 — 0.75 = +12.25 eV is required. 
For an electron to be transferred from H to Cl, a net energy of 13.6 — 3.7 = 
+9.9 eV is required. Thus, in this covalent bond, the shared electron is 
biased towards being over near the Cl atom because less energy is required 
to transfer the electron from H to Cl compared to Cl to H. This unequal 
sharing makes the bond polar (since one end, the Cl end, has a net negative 
charge). Although we call the bond “covalent” it does have an ionic 
character as well. In general, there is a gradation of bond types from ionic to 
covalent depending on the nature of the atoms. 


The electronegativity describes the relative ability for an atom, when it 
combines with another atom, to become “more negative” by more strongly 
capturing a shared electron or electron pair. It is measured by a variety of 
means, but at its simplest, depends on both the ionisation energy and the 
electron affinity of the atom. Electronegativities (no units) range from 4 (for 
FI on the right-hand side of the periodic table) down to <1 (for elements on 
the left-hand side of the periodic table). 

Two atoms with very Anexample is when an Na atom (with 
electronegativity 0.9) meets a Cl atom 
(electronegativity 3.0). The bond between them is 


expected to form ionic bonds. expected to be predominantly ionic, with the 
Atoms with much the same chlorine atom becoming more negative. When H 


electronegativities are expected (with electronegativity 2.1) meets a Cl, the bond is 
to form covalent bonds expected to be predominantly covalent. 


different electronegativities are 
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1.12 Metallic Bond 


Consider what happens when we have two Li atoms close together. We 
might be first tempted to draw the potentials as: 








3s 


This does not 2p 


happen in a solid. atomic 
I lid th 2s energy 
na solid the iavele 


electrons in atom 
#1 are attracted to 
both its own nucleus Nucleus for Nucleus for 

and also to some extent atom #1 atom #2 

by the nucleus of atom #2. For example, the 1s electron orbiting the nucleus 
of atom #1 is also captured to some extent by the nucleus of atom #2. But, 
due to the Pauli exclusion principle, for each atom, we cannot have more 
than two electrons in the same energy level (i.e. the two 1s electrons for atom 
#1 as seen by atom #2 are no longer permitted to have energies at the 1s level 
because there are already two electrons from its own atom at that level). 


1s 








The solution to 
the Schrédinger 


equation predicts 
splitting of energy * These electrons are 
levels into two sub- ~- still attached to their 
levels. Thus, all the @ @ parent nucleus but 

: the presence of the 
electrons (say at the Is level) for the pair of atoms can neighbour electrons 
coexist by shifting their energies a little up and downso _ causes their energy 
that their wave functions do not coincide and so the levels to shift. 


exclusion principle is satisfied. When there are many atoms present, the 
splitting of many levels into fine gradations creates a band of energies and if 
the energy barrier between the atoms is low enough for the upper bands to 
carry across to meet those of neighbouring atoms, the electrons in these 
bands become free to migrate from atom to atom. The electrons behave as if 
they were in a potential well. Because of the large range of movement of 
these electrons (compared to if they were still attached to their parent nuclei), 
their kinetic energy is lower (see Section 1.5) and a lowering of energy 
equates to stability — that is, the free electrons in the valence band reduce the 
energy of the system and so act to hold the two atoms together. This is called 
a metallic bond. 
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1.13 Electronic Structure of Solids 


In a solid, the interacting potentials of many millions of relatively closely 
spaced atoms causes atomic energy levels to split into a very large number of 
sub-levels. The energy difference between each sub-level is so fine that each 
molecular level is considered to be virtually a continuous band of energies. 


In the diagram here, the broadening of the 2p level is 
such that electrons in this band are no longer local 
to a particular atom. These electrons are effectively 
shared between all the atomic nuclei present. 


Electrons in these 
bands are constrained 
by the potential well 
and are still bound to 
individual nuclei. 







The spaces or energy 
<——_ gaps between bands 
ee are forbidden states 
where no electrons 


can exist. 
If the highest energy band that contains electrons in the ground state (the 


valence band) in a solid is not completely full, then electrons within that 
band can easily move around from state to state within the band. Such 
movement can be readily obtained by applying an electric field to the solid. 
Such solids are thermal and electrical conductors. 

If the valence band in a solid is full, and the next highest available band is 
positioned some distance away in terms of its energy levels, then the 
electrons within the topmost band cannot easily move from place to place or 
to the next highest band. Such materials are thermal and electrical 
insulators. 

If the next highest available band is positioned fairly closely to the valence 
band, then even at room temperature, there may be sufficient thermal energy 
given to some electrons to be promoted to this higher level. The material 
becomes conducting and is a semiconductor. The band containing the 
conducting electrons is called the conduction band. In a conductor, the 
valence band is the conduction band. In a semiconductor, the conduction 
band (at OK) is separated from the valence band (defined at OK) by an 
energy gap. 

Atoms in a solid generally form molecules which either arrange themselves 
in a regular pattern (crystalline solids) or the molecules do not repeat 
themselves in an orderly way (amorphous solids). When a solid forms, 
atoms are pushed and pulled around and settle into place when the 
interaction electron potentials reach a minimum level. 
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2. Chemical Components 


Summary 


Mass number — total 
number of protons and 
neutrons in the nucleus 


| Chemical 
A symbol 


mad Z 
Atomic number — number of 
protons in the nucleus 


One atomic mass unit (amu) is 1/12th the mass of a carbon 
12 atom. 1 amu = 1.6602 x 10°?’kg. 


Avogadro’s number: 6.022 x 1073 = 1 mole. 


Atoms that lose or gain electrons are called ions: 


* Cations (+) (electrons lost) 
* Anions (—) (electrons gained) 


A molecule is the smallest collection of atoms that is 
electrically neutral and can exist as a separate identifiable 
unit. 


The molecular weight of a substance is the sum of the 
atomic weights of its constituents. 


Stoichiometry is the process of accounting for the masses of 
atoms, molecules and compounds in chemical reactions. 
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2.1 Matter 


Elements: cannot be reduced to simpler units by physical processes or 
chemical reactions. (Examples are oxygen, iron, carbon.) Generally, 
elements are substances which have only one kind of atom (as having a 
certain number of protons on the nucleus). There are just over 100 elements 
known, with about 95% of these occurring naturally, the remainder being 
created synthetically by nuclear processes. 


Elements can be broadly divided into non-metals, semi-metals and metals. 


Mixtures: can be separated into constituent parts by physical means. 
Mixtures are a product of mechanical or physical processes, such as metal 
alloys, suspensions, dispersions and colloids. Homogenous mixtures have 
uniform composition and appearance (examples are air, salty water) over a 
molecular length scale while heterogeneous mixtures have physically 
distinct regions. (Examples are fruit cake, concrete, fruit juice with pulp.) 


Compounds: combinations of two or more elements in definite proportions 
where the composition of the compound is uniform throughout. Compounds 
have a chemical structure, the atoms being held in place by chemical bonds. 
Compounds keep their chemical identity when altered physically, and can 
only be reduced to their constitutive elements by chemical reactions. 
(Examples are water, salt, sulphuric acid.) 


SUBSCRIBE 
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2.2 Atomic Weight 


Except in the case of nuclear transformations, we can usually treat atoms as 
being much like the Bohr atom. Atoms are characterised by an atomic 
number, a chemical symbol, and the mass number. 

m, = 9.1096 x 10°31 kg 


Mass number — total m, = 1.6726 x 10-27 kg 


number of protons and 


neutrons in the nucleus My = 1.6749 x 10°?” kg 
| J Chemical The mass number is approximately equal 
A symbol to the atomic weight of the element. The 
- Z atomic weight of an element is the mass 
(in relative terms) of an “average” atom of 
Atomic number - number of an element. The more precise term atomic 
protons in the nucleus mass is used to denote the absolute mass 


of a particular atom (in kg). 


Since the mass of an electron m, is very small nearly all of the mass of an 
atom is contributed by the protons and neutrons in the nucleus. Protons and 
neutrons have very nearly the same mass, so the number of neutrons in an 
atom is given by Z— A. However, it is found in nature that many atoms of 
the same element with atomic number Z have different mass numbers A 
because of having a different number of neutrons in the nucleus. Each type 
of atom A of an element is called a nuclide, or isotope. 


By international agreement, one atomic This canbe 12 clap les 
6 protons and 6 neutrons in 


mass unit (amu) is 1/12th the mass ofa single the nucleus. The carbon 13 
carbon 12 atom. The atomic weight (or atomhas 6 protons and 7 
relative atomic mass) of an element is the — neutrons in the nucleus. 
ratio of the average mass per atom of the Bounieompes rateS 

RC electrons. Experiments show 
element to 1/12 of the mass of an atom of '?C. that carbon in nature 


consists of 1.11% '8C and 
98.89% 12C. The atomic 
weight of carbon is 
determined to be 12.011. 


Note: The atomic weight of an element is not found 
from adding the masses of protons, neutrons and 
electrons. When an atom is formed, some of the mass 
is used as nuclear binding energy via the Einstein 
relationship E = mc?. 

In chemistry, much of the arithmetic of chemical reactions involves the 
atomic weights for the atoms that take part. However, the actual nature of the 
chemical reactions is due to the number and arrangement of the outer-shell 
valence electrons in the atoms rather than the heavy nuclei. “Valence” is a 
word that means “power” and in some sense, it is the number and 
arrangement of valence electrons that give an atom “combining power’ to 
form chemical bonds with other atoms. 
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2.3 lons 


Atoms that lose or gain electrons are called ions. When an atom loses one or 
more electrons, it is called a cation. When an atom gains one or more 
electrons, it is called an anion. 


Examples of ions: 


Atom Z (atomic No. electrons No. electrons Formula of 
number) gained or lost remaining ion 





When an ion is formed, the atom is no longer electrically neutral. The 
formula of the ion signifies the net electronic charge. Atoms may lose 
electrons, especially unpaired outer shell or valence electrons, by physical 
removal, absorption of ionising radiation, the electron being taken by 
another type of atom which has a stronger attraction for it, and so on. 


Metallic elements tend to lose one or more electrons when they combine 
with other elements and so form cations. Non-metallic elements tend to gain 
electrons to form anions. When naming compounds, it is usual to list the 
more metallic element first. In binary ionic compounds, we list the metal 
cation first followed by the non-metal anion with an “ide” suffix. For 
covalent compounds, the more metallic element is listed first. 

Sodium chloride 
Carbon monoxide 


Carbon dioxide 
Nitrogen oxide 


} Where there is more than one 
possible compound, prefixes are 
used to distinguish them. 
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2.4 Molecules 


Most elements bond with others to form molecules. A molecule is the 
smallest collection of atoms, that is electrically neutral, and can exist as a 
separate identifiable unit. The concept was first proposed by Avogadro in 
1811, who, on the basis of observations made by Dalton and Gay-Lussac 
proposed that atoms combine to form molecules, and at the same 

temperature and pressure, equal volumes of a// gases 

contain the same number of molecules. because there was now a way to 
Avogadro’s law provides the obtain equal numbers of different 
justification for a method of molecules by using different gases 


eg boo lati iecul ‘ahd all at the same temperature, 
etermining relative molecular weights pressure and volume. 


A molecule is most conveniently described in terms of a molecular 


formula. HO A water molecule consists of two H 
2 atoms and one O atom. 


In some cases, such as in a crystalline solid, the concept of a molecule is not 
appropriate because the atoms which make up the substance are arranged in 
a regular repeating pattern. In this case, we speak of the empirical formula. 


A sodium chloride crystal consists of equal 
NaCl . : 
numbers of sodium and chlorine atoms 


The molecular weight (or arranged in a regular array or crystal lattice. 
relative molar mass, or relative molecular mass) M, of a substance is 
the sum of the atomic weights of its constituents. 


If we had a certain mass of an By international agreement, one 
element (or a molecule), say 12 grams atomic mass unit (amu) is 1/12th 
of '2C, how many atoms would this be? the mass of a carbon 12 atom. 


This number is called Avogadro’s 
number WN, and has the value 


2 x 23. : “But!”, you might say, “How can 
: ose | a oe cea By you have 6.022... atoms if atoms 
experimental methods. are indivisible? Shouldn't this be a 


12 g of ?C = 60220943 x 107 whole number?” Look at the 1023. 


atoms; therefore the mass of one !?C If you write Avogadro’s number 
sianeis: out in full, it is a whole number. 


mass = —2:2!2 ‘ 
6.02x1079 
=1.99x10- kg 


It is convenient when working with quantities usually involved in chemical 
reactions to round down Avogadro’s number to 6.02 x 10”. 
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2.5 Mole 


Chemical reactions usually involve large numbers of atoms and molecules. It 
is convenient to have a unit of measure that relates weight (i.e. mass in grams 
or kilograms, etc) of bulk chemicals with atomic or molecular weight. By 
definition, this unit of measure is called a mole, and it is the Avogadro 
number of atoms or molecules. 


12 grams of '2C contains 6.02 x 1023 atoms and is called 1 mole of 12C 


18 grams of H,O also contains 6.02 x 107° molecules and is called 1 mole of H,O 


The word “mole” is a shorthand way of saying “Avogadro’s number”. 
That is, it is easier to say “Consider one mole of sodium atoms” rather than 
“Consider one Avogadro’s number of sodium atoms” or “Consider 6.02 x 
1073 of sodium atoms”. To find out the mass in grams of a mole of some 
atoms, we simply look up the 
atomic weight. —————————————> because the atomic weight (in 
To find out the mass in grams of a amu) is expressed relative to 
mole of some molecules, we simply the °C atom, and thanks to 

: Avogadro, we know that 12 g of 
use the molecular weight. 2C has N, atoms. 

Moles, why bother? It’s convenient. One mole of anything is 6.02 x 10” of 
the “anythings”. When we are talking about atoms or molecules, we know 
that one mole has a mass equal to the atomic weight of the element, or the 
molecule because that’s the way Avogadro’s number was determined. It’s 
the link between the relative atomic mass and the actual mass in grams. 


Units of chemical accounting: 


* One atomic mass unit (amu) is 1/12th the mass of a carbon 12 atom by 
international agreement. | amu is 1.66020943 x 10-?’kg. 


The atomic weight (or relative atomic mass) of an element is the ratio 
of the average mass per atom of the element to 1/12 of the mass of an 
atom of !2C. 


The total sum of the atomic weights for a molecule of substance is 
called the molecular weight or relative molar mass M.. 


The molecular/atomic weight expressed in grams contains one mole of 
molecules/atoms. This is Avogadro’s number 6.0220943 x 1073. 
The molar mass M of an element is the atomic weight of the element 
expressed in g/mol. The molar mass of a compound is the sum of the 
atomic weights of the constituent elements expressed in g/mol. 
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2.6 Compounds 


Compounds consist of two or more different elements which are chemically 
combined in a definite fixed ratio (as distinct from mixtures, which can have 
any proportions of ingredients). There are generally two types of 
compounds: 


Molecular compounds are composed of atoms held together by chemical 
bonds in fixed proportion and are electrically neutral overall. For example, 
the water molecule H,O is a molecular compound and the molecular 
formula shows the proportions of the atomic species within it. 


Name Molecular formula 
Methane CH, There is a distinction to be 
a made between the molecular 
Carbon dioxide CO, formula and the empirical 
Ammonia NH; formula of a compound. The 
empirical formula gives the ratio 
Acetylene CoH of component atoms in the 
Ethylene C,H, lowest possible numerical 
terms. The empirical formula 
Ean Gi shows the ratio of component 
Water H,O atoms as found to exist in 
B practice. In many cases, the 
salar CoH formulae are the same, but this 
Ethanol C,H,OH cannot be always assumed. For 
Naphthalene Cait: example, the empirical formula 
. for benzene is CH but the 
Aspirin CgHgO, molecular formula is CgHg. 


Ionic compounds are composed of charged atoms, or a charged group of 
atoms, of opposite sign that are held together by ionic bonds. When an ionic 
compound is formed from the joining of a charged group of atoms, it is said 
to be a complex ion (or a polyatomic ion, or a molecular ion). The ion with 
the positive charge in the compound is the cation. The ion with the negative 
charge is the anion. The ionic formula gives the ratio of anions and cations. 
The ionic formula is electrically neutral overall. 


Name lons formed Formula 
Magnesium chloride Mg2* Cr MgCl, 
Silver sulphate Ag*t SO,? = Ag,SO, 


Ammonium sulphate NH,* SO,2)  (NH,),SO, 
Chromium (Ill) hydroxide Cre* OH Cr(OH), 
Sodium chloride Na* Cr NaCl 
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2.7 Cations 

+1 +3, +4 

Name Formula Name Formula 

Hydrogen H* Aluminium Als* 

Lithium Lit Bismuth Bis* 

Sodium Nat* Iron (III) Fes 

Potassium Kt Cobalt (III) Co%* 

Rubidium Rb* Chromium (Ill) Crs+ 

Caesium Cs* Tin (IV) Sn** 

Silver Ag* 

PORPer ce In the naming of 

Mercury (1) Hg2** chemical compounds, PSthes 

Ammonium NH,* it is customary to write 1 —mono 
the name of the most 2-di 

+2 metallic element first, 3 —tri 

Name Formula followed by the more 4 - tetra 
non-metallic one. The 

Reryiliun aie second element or ion o=Penle 

Magnesium Mg?* is given the ide suffix 6 — hexa 

Calcium Ca2* (e.g. sodium chloride). 

Strontium Sr?* 

Barium Ba?* 

Lead Pb?* 

Zinc Zn?* 

Cadmium Cd?* 

Nickel Ni2* 

Manganese Mn2* 

Tin (Il) Sn2* 

Iron (II) Fe2* 

Mercury (II) Hg?* 

Cobalt (II) Co2* 

Chromium (II) Cr2* 


Copper (II) Cu2* 
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2.8 Anions 


-l 

Name 
Fluoride 
Chloride 
Bromide 
lodide 
Hydroxide 
Nitrite 
Nitrate 
Chlorate 
Perchlorate 
Cyanide 
Permanganate 
Thiocyanate 
Bicarbonate 


Bisulphate 


Dihydrogen phosphate 


Acetate 

—2 

Name 
Oxide 
Peroxide 
Sulphide 
Sulphate 
Sulphite 
Thiosulphate 
Carbonate 
Oxalate 
Chromate 
Dichromate 


Monohydrogen 
phosphate 


Formula 


Clo; 
Clo, 
CN- 
MnO," 
NCS- 
HCO," 
HSO,- 
H,PO,: 


CH,CO,- 


Formula 


23 


—3,-4 

Name Formula 
Nitride N*- 
Phosphate PO, 
Hexacyanoferrate (Ill) | Fe(CN),> 
Hexacyanoferrate (II) Fe(CN),* 


For polyatomic anions, the assignment 
of a suffix depends on the oxidation 
number (see Section 4.8) of the central 
non-metal atom. 





Suffixes 

ide 

ite ous 
ate ic 





In some cases, the oxidation number of 
the metal is stated in roman numerals to 
distinguish compounds which would 
otherwise have the same name (e.g. 
iron (IT) chloride and iron (IIT) 
chloride). 
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2.9 Chemical Equation 


When atoms or molecules (the reactants) combine with other atoms or 
molecules to form compounds (the products), a chemical reaction is said to 
take place. Chemical reactions involve the breaking and formation of 


chemical bonds. 
This is the 


Reactants > Products ; 
forward reaction 


Products — Reactants This is the 
reverse reaction 


Often one can tell if a chemical reaction has occurred by observation of 
products that are considerably different in appearance than the reactants. 
Examples are the formation of a precipitate, evolution of gas, change of 
colour, production of heat and so on. Often, chemical reactions proceed 
spontaneously, other times they have to be forced to proceed by the input of 
energy or the lowering of energy barriers. 


Chemical equations are written using chemical formulae where the 
number of atoms or molecules is written before the formula: 


2C0 +0, > 2C0, 


This equation says that two molecules of carbon monoxide react with one 
molecule of oxygen to product two molecules of carbon dioxide. This is a 
balanced equation, because the number of atoms in each reactant equals the 
number of atoms in each product. That is, we have two carbon atoms on the 
left-hand side and two carbon atoms on the right-hand side, and two oxygen 
atoms on the left side and two on the right side. We can also say that two 
moles of carbon monoxide combine with one mole of oxygen to form two 
moles of carbon dioxide. Since the mass of a mole of an atom or a molecule 
is the atomic or molecular weight expressed in grams, a balanced equation is 
balanced in terms of both number of atoms and mass on both sides of the 
equation. The net electric charge must also be the same on both sides of the 
equation. 

Usually, reactions proceed until there is chemical equilibrium. Dynamic 
chemical equilibrium occurs when the rate of the forward reaction 
becomes equal to the rate of the reverse reaction: 

Reactants <> Products isi 


By rate, we mean the rate of formation of products in units of mol/s. 
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2.10 Stoichiometry 


Stoichiometry is the process of accounting for the masses of atoms, 
molecules and compounds in chemical reactions. The basic component of 
such accounting is the arrangement of chemical formulae in chemical 
equations. Stoichiometric calculations are performed in a logical sequence: 


1. Write a balanced equation for the reaction. 
Convert known masses of reactants and/or products into moles. 


Calculate the number of moles of the reactants and/or products 
whose masses are unknown. 


4. Calculate the masses of the unknown reactants and/or products. 


Balancing an equation involves both a balance of atoms and also electric 
charge. This is particularly important in the case of ionic equations where 
spectator ions may be present and do not take part in the reaction. Some 
examples of unbalanced equations (with spectator ions) and _ the 
corresponding net ionic equations are: 


Pb(NO; ), (aq) + KCl(aq) > PbCl,(s) + K* +NO* 
Pb** (aq) + 2Cl" (aq) > PbCI,(s) 


Ni(OH), (s) + HNO, (aq) > NiNO,(aq)+H,O 
Ni(OH),(s)+2H* — Ni?* +2H,O 


NaCO,(aq) + HNO;(aq) — NaNO;(aq) +H,0+CO, 
CO} +2H* > 2H,0+CO, 


Practical difficulties can arise when attempting to determine masses of 
reactants and products. For example, some reactants may be present in 
excess (more present than combine with one or other reactants). More than 
one reaction may take place at the same time, or a reaction may proceed in a 
series of intermediate steps. Products (such as gases) may escape and alter 
the equilibrium state of the reaction. The nature of the reactants may prevent 
mixing of the reactants and so there is incomplete yield of product. 
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2.11 Example 


Acetylene gas is used together with oxygen in an “oxy” welding set. It is 
prepared from a reaction of calcium carbide and water: 


CaC, +H,0 > Ca(OH), +C,H, Unbalanced eqn. 


Balance this equation and determine the mass of acetylene that is produced 
from the reaction of 130 g CaC, and 100 g water. 


CaC, +2H,0 > Ca(OH), +C,H, Balanced egn. 


CaC, =130¢g 
— 130 
~ 40.14 2(12) 
= 2.03 moles 
H,0=100g 
_ 100 


2416 
= 5.56 moles 





But according to the balanced equation, for each mole of CaC,, two moles of 
H,O are required. Therefore, 2(2.03) = 4.06 moles of H,O required, and so 
the mass of C,H, formed would be: 


C,H, = 2.03 moles 
m 
2(12)+ 2(1) 

=52.8¢ 


2.03 = 


ies Pl m= 2:50/5:09 
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3. The Periodic Table 


Summary 


Atomic radius increases 


no 
o 
nO 
© 
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Electronegativity decreases 


Atomic radius decreases 
SES 


Electronegativity increases 
 eaeeeaeeenaannnRIEERIIE tll 


Bohr radius 


eh? 
am,Zq. 


Noble gases 


He 


Ne 
Ar 
Kr 
Xe 
Rn 


1s? 

He2s?2p° 
Ne3s73p° 
Ar3d!94574p® 
Kr4d!°5575p° 
Xe5d!6s*6p® 
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3.1 Electron Configuration 


In a multi-electron atom, the electrons do not find themselves in a 
Coulomb potential of the form 1/r as in the hydrogen atom due to the 
screening effect of inner-shell electrons on the outer-shell electrons. In a 
multi-electron atom, the potential in which an electron finds itself (and hence 
its energy) depends on not only n (as in the single-electron atom), but also 
the second quantum number /. The arrangement of electrons in atoms in the 
ground state can be complicated, but follows certain rules: 
1. Electrons occupy the lower energy levels first, before occupying 
higher levels. 
2. Electrons at a particular energy level have opposite spin 
(Pauli exclusion principle). 
3. Electrons tend to occupy an energy level as single electrons before 
pairing up (Hund’s rule). 


Hydrogen 1s! Examples of the ground-state electron 
Helium 1s2 configuration of the first few elements arranged 
Lithium 15226! in order of increasing atomic number Z 
Beryllium 1522s? 
Electrons spread out to occupy unfilled sub- 

29 29 nl 
Bon ee shells before pairing up. For example, in 
Carbon 1s?25?2p? oxygen, the arrangement of electrons is: 
Nitrogen 1s22s?2p3 ls 2s 2p 
Oxygen 1522s?2p* Nl 
Fluorine 1s?2s?2p° 


When we write the electron configuration of 
Neon 1522226 elements, we keep the principal quantum 
numbers together even if they are not 
arranged in energy order. For example, in 
Magnesium 152257235? potassium, the 4s sub-shell actually has a 
lower energy than the 3d sub-shell, but we 


Sodium 1s?25?2p°35! 


ue 1s2s?2p*3s"3p! usually write the 3d along with the 3s and 3p 
Silicon 15?2s?2p°35°3p? sub-shells. 

Phosphorus 15?25?2p°3573p3 

Sulphur 15?25?2p°3s?3p4 

Chlorine 1s?25?2p°3s?3p5> 

Argon 15?25?2p°35?3p° 

Potassium 15?25?2p°3573p*4s! Note 4s has lower energy than 3d in K. 
Calcium 1522s?2p%3573p4s? Note 4s has lower energy than 3d in Ca. 
Scandium 1522s?2p%3573p°3d'4s2_ | Keep sub-shells together even if no longer 


in increasing energy order. 
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3.2 Periodic Law 


In the nineteenth century, it was noticed that if elements were arranged in 
order of increasing atomic weight, certain properties of the elements tended 
to occur at periodic intervals. This is a striking observation. It is now known 
that periodicity occurs when the elements are arranged in increasing atomic 
number Z. Consider the first few elements and the property of reactivity: 


1 Hydrogen 1s! 


2 Helium 1s? 
An example of 
3 Lithium 1522s! 


ee periodicity. Helium is not 
nother ive (i 
ABeryllium — 152252 very reactive (just about 
example of ca inert) and so are neon, 
anne 5 Boron 1s?2s?2p! and also argon. 
ithium is a 
29 62972 
highly reactive 6 Carbon 15?72s?2p 
metal and so 7 Nitrogen 15?2s?2p3 
are sodium Saad 
and 8 Oxygen 1572s?2p 
potassium. — 9 Fluorine 1s?2s?2p° 
10 Neon 1s?2s?2p® 
11 Sodium 1522s?2p%33! 
12 Magnesium 15?2s?2p°3s? 
13 Aluminium 15?25s?2p°35?3p! Chemical reactivity is 
14 Silicon —_ 152222323? not the only property 
5 that tends to occur 
15 Phosphorus 15?2s?2p°35?3p3 periodically. Other 
16 Sulphur —_15?2s?2°35?3p4 properties such as 
: pe eee ck whether an element is 
17 Chlorine —_1s?2s?2p%3s?3p a metal or a non- 
18 Argon 1522s22p323p% metal, whether they 
- SE form certain 
19 Potassium 1572s?2p°3s*3p%4s compounds with other 
20 Calcium —_ 1522522635234? elements and so on 


can also occur 


21 Scandium — 15?2s?2p°35?3p%3d!4s? periodically. 


Initially it seems that the chemical reactivity of elements repeats in intervals 
of eight in atomic number Z. However, when the elements are arranged more 
completely we see that the periodicity actually depends upon the 
arrangement of outer-shell valence electrons — a not surprising observation 
in hindsight because it is the valence electrons that are involved in the 
formation of chemical bonds. For example, neon (10), argon (18), krypton 
(36), xenon (54) and radon (86) all have eight electrons in the outer shell and 
are inert. Na and K have one valence electron and easily form positive ions. 
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3.3 Periodic Table 


Periodicity in chemical (and sometimes physical) properties can more readily 
be appreciated when elements are arranged in a table. Vertical columns in 
the table (groups) show elements with similar properties. Each horizontal 
row is called a period. The table also indicates (approximately) the way in 
which electron shells are occupied. 


Groups Shading indicates metals, 


semiconductors, non-metals vivlwlvu 
and noble gases. 
12] 











2 ——> 
415 16 17/18) 
Si P S CliaAr. 

32 
33 34 35 36. 
As Se Br Kr. 

oa | 
51/52 53 54. 
Sb Te | Xe. 
si ——_—> ~~ 












Transition elements 






The Lanthanide and Actinide series are usually 
presented separately from the main table so as 
to make the main table a convenient size. 


Halogens 





Noble gases 


Period 







Lanthanide (rare earth) series 


Alkali metals 


64 65 
Gd | Tb 








Actinide series 
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3.4 Groups 


Hydrogen is placed in a separate position in the periodic table. 


Hydrogen has one electron, which in the ground tH Protium 

. . . . . Ly) 
state is in the ls orbital. This unpaired electron P 99.9% abundance 
makes hydrogen a reactive element that is able 1H Deuterium 


to form compounds with many other elements, ney aig) 


3 a: goat 
including itself, to form a gas H). 1H Tritium (radioactive) 
Group I elements are the alkali metals. Having one weakly bound outer 
valence electron, they are highly reactive, and metallic in character. 


Elements in this group usually form M* ions which are water soluble. 


Group II elements are the alkaline earth metals. Elements in this group 
usually form M?* ions and are generally insoluble, occurring naturally as 
silicates, carbonates, sulphates and phosphates. 

The transition elements generally occupy the positions between Groups II 
and III. All these elements are metals since their outermost shells contain 
only a few electrons. However, unlike alkali metals, transition metals are 
hard, brittle and have a high melting point (with the exception of mercury). 


Group II elements are also considered metals (although boron has only 
semi-metallic properties). With the exception of boron, they form M** ions 
and are relatively soft. 


Group IV elements range from non-metal, semi-metals (or semiconductors) 
to metals down the group with increasing size of atom (and hence screening 
effect of electrons). All have four electrons in their outer shell. Carbon is 
responsible for the formation of hydrocarbons and derivatives, the basis of 
life on Earth. Silicon, unlike carbon, tends to form bonds with oxygen and is 
the basis for most of the minerals of the Earth. 


Group V_ elements range from non-metallic to metallic down the group 
with increasing atomic size and five valence electrons. 


Group VI elements show little metallic character due to the increasing 
ionisation potentials as we go across the periodic table. Increasing atomic 
size going down the group confers some metallic properties to Se, Te and Po. 


Group VII elements are referred to as the halogens. They all have a high 
tendency to complete their electron shells by forming salts. These elements 
are largely non-metallic, and mostly reactive. 

Group 0 elements are the noble gases, so called because of their inertness, 
although they are able to form compounds with oxygen and fluorine under 
certain conditions. Argon was discovered in 1894. 
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3.5 Energy Levels 


The ordering of the outer electron shells in terms of energy is the basis for 
interpretation of the periodic table. Calculations show that the ordering of 
the energy shells proceeds in the following sequence from lowest (more 
negative) to highest (less negative potential): 
1s, 2s, 2p, 3s, 3p, 4s, 3d, 4p, 5s, 4d, 5p, 6s, 4f, 5d, 6p, 7s, Sf, 6d 

From Is to 3p, it is easy to understand because the electron shells are at an 
increasing radial distance from the nucleus (7 quantum number dominates 
the energy distribution just as in the one-electron atom). The n quantum 
number determines the distance the electrons are from the nucleus. The / 
quantum number determines the shape of the electron 


shell. When /=0, we have an s sub-shell which is spherical. 
When /= 1, we have a p sub-shell which is lobed. / = 2 gives 


d sub-shells which are four-lobed geometries. The 


significance of this is that in the fourth period, in K and Ca, 
the 4s sub-shell has a lower energy than the 3d sub shell. In 





these elements, electrons prefer to be in 4s rather than 3d in the ground state 
even though the radius of the 4s shell is larger than the 3d shell. 


For the first row of the transition elements, the 
3d levels become occupied only after the 4s levels 
are filled (except for Cr). In these elements, the 
electrons in the 4s shell, being further from the 
nucleus (but having lower energy than the 3d 
electrons) shield those in the inner 3d shell and so 
the chemical properties for these elements are all 
very similar since in each case, the valence 
electrons are the 4s outer electrons while it is the 
number of inner 3d electrons that is changing. It is 
the outer walence electrons (with the highest 
principal quantum number) that interact with other 
atoms to form chemical bonds. 


The ordering of shells given above is not the 
ordering of all the energy levels within an atom, 
only the energy ordering of the outer shells. For 
example, in K, the 4s shell is at a lower energy than 
the 3d shell (3s73p°4s'). By the time we get to Zn, 
the 3d shell is at a lower energy than the 4s shell 
(3d!°4s?). There is no one sequence of energy shells 
that applies to all elements. 


This is a consequence of 
the increasing 
dominance of the / 
quantum number in the d 
sub-shell in determining 
the energy for a sub- 
shell. The / quantum 
number is connected with 
the angular momentum 
of the electrons and so, 
much like the case where 
the angular momentum 
for a rotating wheel is 
greater if the mass is 
concentrated at the outer 
edge compared to the 
case when the mass is 
evenly distributed, the 
concentration of mass of 
electrons in d-shaped 
shells results in a greater 
kinetic energy 
component to the total 
energy compared to 
spherical s shells. 
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3.6 Noble Gases 


The noble gas elements are extremely stable and generally do not form 
compounds with any other elements. The notable feature of noble gas 
elements is the interesting property of having full outer electron energy 
shells. Consider the second period elements. As we go from left to right, the 
number of electrons in the energy level with principal quantum number 
n = 2 is increasing. At neon, we have eight valance electrons: 257 2p°. A 
group of eight (octet) valence electrons that completely fills an energy shell 
is very energetically stable and is called the noble gas configuration. 





An atom with one more valence electron makes the element sodium, a 
highly reactive metal. Sodium is highly reactive because its single 3s! 
valence electron is easily removed so that the sodium cation has a noble gas 
configuration in its outer shell. An atom with one electron less than sodium is 
the highly reactive gas fluorine. Fluorine readily attracts an electron from 
another atom to form an anion to achieve a noble gas configuration. 


He Is? 

Ne _15?2s?2p° 

Ar ___1s?2s?2p%3s23p® 

Kr —_1522522p°35?3p°3.d!04s74p® 

Xe —_ 1522522993523 93.d!94574 94 d!5525p® 

Rn 15725223 s?3°3d!94574 4d '04f145 525 995d!6s76p® 


The noble gas configuration is where there is a completely filled energy 
shell and the next available higher energy level is an s shell. This is true for 
He where the Is shell is filled and the next energy level is the 2s shell. For 
the other noble gases, we have completely filled p shells and the next highest 
energy level is the s sub-shell for the next quantum number zn. There is a 
large energy gap between a p sub-shell and the next highest s shell and this 
gives the noble gas elements a high ionisation energy. Because all the 
occupied energy shells are filled, the electric charge distribution within noble 
gas elements is symmetric, resulting in no external electric field. The total 
angular momenta within these atoms adds up to zero, resulting in no external 
magnetic fields. These elements find it very difficult to form bonds with 
other atoms because they have little opportunity to interact electrostatically 
magnetically, or energetically. 
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3.7 Atomic Size 


The size of an atom cannot be precisely stated since the location of the 
electrons can only be described statistically. Atomic size, for practical 
purposes, can be defined as the most probable distance from the nucleus to 
the most outer-shell electron but depends on whether the atom is free or 
combined with another. 

Electrons are attracted to the 
nucleus by electrostatic forces, but 
are constrained to occupy defined 
orbits, or energy shells, by the 
principles of quantum mechanics. 
The electrostatic attraction between 
the nucleus and a near-shell electron — 
is much larger than between the 
nucleus and an outer-shell electron, 
not only because of the increased 
distance, but also because of the 
screening effect that the inner 
electrons have on the outer electrons. 


Atomic radius decreases 
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As we go across a period in the periodic table, the atomic number 
increases and so the magnitude of the positive nuclear charge also increases, 
and therefore so does the magnitude of the electric field within which the 
electrons find themselves. However, across any one period, the outer 
electrons exist in energy levels for one particular quantum number n. For 
example, in the 3" period, the 3s and 3p levels are occupied. Because the 
electric field is also increasing as we go from left to right, so the electrons 
are acted upon by a larger Coulomb force and the atomic radius decreases 
across a period. However, because of the screening effect offered by the 
inner-shell electrons, the decrease in size is not as large as expected on the 
basis of the nuclear charge alone. 

For a given vertical group of elements in the periodic table, the size of 
atoms increases as the atomic number Z increases (as we go down the 
column). We may therefore expect that the atomic radii would decrease but 
as we go down a group, electrons are filling states with a higher quantum 
number vn and this more than offsets the effect of increasing Z. 


Therefore atomic : 
radius increases as >| €,h The Bel rimede) at elem 

PS | shows how the atomic radius 
Weee down = eh mm ,.Zq; increases in proportion to n? and 
in the periodic table. decreases (inversely) with Z. 
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3.8 Covalent Radii 


When atoms form a covalent bond, the nuclei of the two atoms move close 
together (see Section 1.7) compared to two isolated atoms adjacent to each 
other. 





Two isolated 
atoms 
Covalent 
radius 
Covalently 


bonded atoms 


The covalent radius of an atom is defined as one half the distance between 
the nuclei of two identical covalently bonded atoms. The actual covalent 
radius of an atom in a molecule where the atoms are not identical depends on 
the atoms involved. The general term “atomic radius” usually means the 
covalent radius (where the two atoms are identical) and this serves as a 
useful benchmark for comparison with other atomic sizes. 


For metallic atoms, the atomic or metallic radius is usually defined as half 
the distance between two nuclei of the atoms in the solid metallic state. 


The shapes of the orbitals in 
which the valence electrons \ | 
participate in bonding is — 
important. The s orbital has a | 
somewhat spherical shape centred 
on the nucleus, while the p 
orbitals have a dumbbell shape p orbitals 
along the three coordinate axes. | \ | N | 
The shapes of the atomic orbitals \ | = _ 
involved in the formation of a N 
particular bond determine the l N | “ 


shape of the molecule. 


— _ s orbital 


\ 
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3.9 lonic Radii 


When a metal atom loses an 
electron to become a positively 
charged ion, a reduction in atomic 
size occurs. The electron that is lost 
is usually an outer-shell electron 
and so this electron shell becomes 
vacant and so the outermost 
electron shell is the next one closer 
in towards the nucleus. However, 
the reduction in size is not just due 
to an outer electron shell becoming 
vacant. When a positive ion is 
formed, the remaining electrons can 
bunch together a little more closely 
because of the reduced degree of 
mutual repulsion (since there are 
now fewer electrons surrounding 
the nucleus). 


The Chemistry Companion 


Neutral metal 
atom 


Size of positive 
ion based on 
vacant outer 
shell alone 


Actual size of 
positive ion due to 
effect of reduced 
mutual repulsion 
amongst remaining 
electrons 


When a non-metal atom gains an electron to become a negative ion, this 
usually results in an outer-level electron shell accepting an additional 
electron — which would not ordinarily cause an appreciable increase in size, 
but the addition of this electron means that there is now an excess of negative 
charge in the outer shell and mutual repulsion causes these electrons to move 


apart and the atom “expands”. 


In a sodium chloride ionic 
crystal, therefore, the positive 
sodium ions shrink and the 
negative chlorine ions expand 
such that the sodium ions are 
almost packed in between the 
spaces of the chlorine ions. 


Covalent Covalent 
chlorine sodium atom 
atom 0.157 nm 
0.099 nm 


O 


Chlorine ion 
0.181 nm 





Sodium ion 
0.095 nm 


iDpicvecierzielii\aeecishileletr 


be Pl om) = 2:52/5:09 
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3.10 lonisation Energy 


The ionisation energy, or ionisation potential, is the amount of energy 
needed to remove an electron from an isolated atom. The first ionisation 
energy is that needed to remove one outermost electron from an atom. 
Successive ionisation energies are those needed to remove further electrons 
from the atom. 


Successive ionisation energies 
always increase at each electron 
removal. As each electron is 
removed, the size of the atom 
decreases markedly and so the 
remaining electrons are closer to 
the positively charged nucleus, 
and so more energy is needed to 
remove them. Further, a 
particularly large increase in 
energy is needed to remove an 
electron from a filled energy level 
because a noble gas configuration 
of electrons is extremely stable. 


lonisation energy increases 





lonisation energy decreases 


Within a horizontal period, there is an increase in nuclear charge. As the 
nuclear charge increases (number of protons on the nucleus), the magnitude 
of the electric field within which the electrons find themselves also increases, 
and so generally speaking, the ionisation energy increases within a period. 
Also, the atomic size decreases from left to right and so the electrons for 
atoms towards the right are closer to the nucleus compared to those on the 
left, and so this also results in a general increase of ionisation energy from 
left to right. 


Within a vertical group, there is generally a decrease of ionisation energy 
from top to bottom which is predicted on the basis of size of the atom alone. 
Any potential increase in ionisation energy on the basis of increased nuclear 
charge, going from top to bottom, is essentially cancelled out by the 
increased screening effect of the inner electrons on the outer electrons. 


Generally speaking, elements with a low ionisation energy are on the left- 
hand side of the periodic table and those with a high ionisation energy are on 
the right. Noble gas configurations (eight valence electrons) can cause 
exceptions to these general rules. 
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3.11 Electronegativity 


The electronegativity describes the relative ability for an atom, when it 
combines with another atom, to become “more negative” by more strongly 
capturing a shared electron or electron pair. 


It is found that the more 
difficult it becomes for an atom 
to lose an electron, the easier it 
is for the atom to add an extra 
electron. That is, a_ higher 
ionisation energy also means a 
higher electronegativity. 


Electronegativity increases 
Ee 


Some electronegativities 
within a group are: 





Electronegativity decreases 


Be 1.5 
Mg 1.3 
Ca 1.0 
Sr 0.95 
Ba 0.9 
Ra 0.9 


Some electronegativities within 

a period are: 

Li Be B C N O F Ne 
10 #15 20 25 30 35 40 - 


The electronegativity of fluorine is so strong that in some circumstances, it is 
able to attract an electron from helium and so produce a compound that 
involves a noble gas. 


The electronegativity of an atom influences the nature of the bonding 
between different types of atoms. Even when a bond is covalent, the shared 
electron spends more time nearer to the atom which has a higher 
electronegativity. The resulting molecule becomes polar. 
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4. Chemical Bonds 


Summary 


Lewis electron 
dot structures 


Van der Waals G OG OG > 


Hydrogen bond 


(FY 


Oxidation numbers: 


a) 


In free, uncombined, elements, the oxidation number 
of each atom is set to 0. 


In compounds involving hydrogen, the oxidation 
number of hydrogen is 1+ . 


In compounds involving oxygen, the oxidation 
number of O is usually 2-. 


The sum of all the oxidation numbers of all atoms in 
an ion is equal (in both magnitude and sign) to the 
charge on the ion. 


The sum of all the oxidation numbers of all atoms in 
a neutral molecule is 0. 


Oxidation — Increase in Oxidation No. > Loss of Electrons 


Reduction — Decrease in Oxidation No. > Gain of Electrons 
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4.1 Chemical Bond 


Consider two hydrogen atoms that are initially a long way apart from each 
other. The two atoms are both electrically neutral, and have no ionic 
character. Why should they then be attracted to each other and form a stable 
H, molecule? Atoms tend to arrange themselves in the lowest possible 
energy state. In a covalent bond (like in H,), the sharing of electrons 
provides the necessary reduction in total energy since the shared electrons, 
now having more space to move (over two atoms instead of one) have a 
lower energy than a single electron orbiting a single nucleus (see Section 
1.5). This reduction in energy appears to us like a force of attraction acting 
between the atoms. 
vv) When two atoms form a chemical bond, they take up 
equilibrium positions according to the balance between 
F(r) long-range attractive and short-range repulsive forces F(r) 
between them. At the equilibrium position, the potential 
energy V(r) of the bond is a minimum. 
The potential energy function (V(r)) acting 


between two atoms can be very complex. 
Simple models are usually used, a very 


Repulsion ; 





Attraction popular one being the Lennard-Jones 
potential: A B 
V(r) == oe + TW 
r r 
~ 
ry Fae In this potential, the negative term is the 
energy associated with the attractive 
V nin forces and the positive term is the energy 


associated with the repulsive forces. 


It is convenient to assign a potential energy of zero to widely spaced 
molecules or atoms so that when they approach, the potential energy 
becomes more negative. Since we generally assign a positive number to 
work done on a system (energy entering a system) and a negative number to 
work done by a system (energy leaving a system), work has to be done on 
the molecules or atoms to separate them. Thus, when the atoms are at the 
equilibrium position, energy is required to be done on the system to move 
one atom from the equilibrium distance to infinity against the force of 
attraction. This energy is called the bond energy (usually in kJ/mol). 


To be consistent with the assignment of energy, we must therefore treat 
attractive forces as negative and repulsive forces as positive. The force F, 
with this sign convention, when multiplied by the distance of movement 7, 
then results in an energy of the correct sign. 
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4.2 Lewis (Electron Dot) Formulae 


Molecules and compounds form when bonds exist Group Lewis 
between atoms involving the transfer or sharing of formula 
valence electrons. The Lewis symbol for an atom | E 


is the element symbol surrounded by dots that 
represent the possible valence electrons for the r 


atom. Se 
- M E- 
Lewis recognised that bonding or sharing of 
electrons occurred so that an element tended to y E 


acquire eight valence electrons (noble gas 
configuration): the octet rule. To represent a bond V ee 
between two atoms, a Lewis structure is written so . 
as to indicate the position of the valence electrons: 


7 “Cl: fcr) VII LE: 


This Lewis structure shows how each 

element acquires a noble gas “E” denotes an element. 
configuration when a chemical (in this 

case, ionic) bond is formed. 


When determining a Lewis structure, the total number of dots that appear 
(the total number of valence electrons) is the sum of the number of valence 
electrons for each participating atom. 

In some cases, it is not easily determined what the Lewis or electron dot 
formula for an atom should be. For example, in carbon, the electronic 
configuration is: 1s* 2s* 2p and we might be tempted to write the electron 
dot formula as: - 


Although this arrangement can occur, when carbon usually combines with 
other atoms, the 2s orbitals combine with the 2p orbitals and the electrons are 


spread out over the resulting combined “sp” energy level giving four valence 
electrons. Carbon is tetravalent. 


eC 


42 The Chemistry Companion 


4.3 Multiple Bonds 


Covalent bonds between atoms often involve sharing of more than one 
electron at a time. For example, carbon has a bonding capacity, or valence, 
of four, and so the carbon compound ethane is a stable molecule and is fairly 
unreactive. HH 
H :C :C tH 
HH 
Ethylene, with molecular formula C,H, should therefore leave two lone 


valence electrons: 
HH 


H:C:C:H 


We would therefore expect ethylene to be a very reactive compound, in 
much the same way as Group I elements. However, this is not the case. 
Instead, the two carbon atoms arrange for the orbits of the two lone electrons 
to overlap and be shared. That is, two pairs of electrons are shared between 
the carbon atoms to form a double bond. 
H:C::C:H 

Triple bonds are also possible whereby three pairs of electrons are shared. 
The double and triple bonds offer even a greater range of movement of 
valence electrons (since more electrons are shared and so more electrons 
have more overall room to move) compared to a single bond. The strength of 
the bond is higher, and the C nuclei are closer together (shorter bond length). 


Although the bond energy associated with a double bond is higher, the 
double bond results in a more reactive compound than a comparable single- 
bonded structure. This is because the double bond offers more opportunities 
for other more reactive 


elements than carbon Molecule Structural formula Cc-C Cc-C 
length energy 

to attach to these (A) (kJ/mol) 

valence electrons — as 4 4 

C,H 

if other elements can 2016 \ / 1.54 334 
Ethane H —C—C—H 

open up the bond and 4 a ie 

find two potential 

bonding sites rather i" Ke f* 

., Galt, C=C 1.33 606 
than one. It is Ethylene Pn. ; 
energetically more cl A 
favourable to have two ¢H, fi epi 36 B98 


single bonds than one Acetylene 
double bond. 
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4.4 Lewis Single-Bonded Structures 


Some examples of single-bonded structures are: 


Molecular Total No. Lewis N Shape Note 
formula valence formula 
electrons 
Fy 14 ie URS - FF Linear 
Fluorine ad 
gas H 
4 | 
CH, 8 H?C?H 4 —f~—,, _ Tetrahedral 
Methane H Hoy OH 
3s Cl 
ck | 
SiCl, 32 :Cl:Si:Cl: 4 Si, Tetrahedral 
or oo or Cl | Cl 
Cl: 
NH, . 8 H:N:H 4 ral Pyramidal 
Ammonia H H 
oon 
H,O 8 : O *H 4 H H Bent 
Water H 
H 
A | 
NH,* 8 H:N:H 4 lls. Tetrahedral 
4 H wy 4H 
nie nes 
C,H, 14 H#C:C:H 44 H— Sc—cCOH 2 tetrahedral 
Ethane HH H "A art 
ot te wl 
H,0, 14 H:6:0:H 4,4 wo 


Note that lone pairs, being closer to the central atom, have a greater 
repulsive effect than bonded pairs and so influence the shape of the 
molecule. Note that each atom is surrounded by eight electrons (except for H 
which requires two electrons for noble gas configuration). 


44 The Chemistry Companion 


4.5 Lewis Multiple-Bonded Structures 


Examples of multiple-bonded structures: 


Molecular No. Lewis N Shape Note 
formula valence formula 
electrons 
N> 10 NGN 2 N=N Linear 
Nitrogen 
gas 
H H 
H . Cc . :Cc . H \ 7 
C,H, 12 PGHG:? 3,3 C=C 2 Tetrahedral 
Ethylene H H H i ee 
C,H, 10 H?Ci#:C:H 22 H—C=C—H Linear 
Acetylene 
CO, 16 :0nCHO: 2 O=C=0 Linear 
Carbon 
dioxide 
HCN 10 H:GrEN 2 H—C=N___Linear 
Hydrogen a 
cyanide 
oe. Cl 
COCI, 24 CxO: 3 ae =6 Planar 
Phosgene =Cl: Cl 
H, r 
H,CO 12 C#O: 3 ~ Planar 
- ae =O 
Formaldehyde H H 


Note that each atom is surrounded by eight electrons (except for H which 
requires two electrons for noble gas configuration). 
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4.6 Lewis Exceptions to the Octet Rule 


Examples of structures that do not obey the octet rule include: 
(1) Atoms having more than eight electrons involved in bonding: 





Molecular No. Lewis N Shape Note 
formula valence formula 
electrons Cl 
oe St aC than an 
PCI crcl, = 5 aan 
8 a eee cf ‘cl 
SF : 5 F A More than an 
4 43 ie Weed Ss: octet with lone 
=F :Si: F “I : 
aye ee ae pair 
IF: F 


When there are more than eight electrons involved, such as in PCl,, the 
bonding usually involves electrons from the d sub-shell. 


(2) Atoms having less than eight electrons involved in bonding: 


BeH, 4 H? Be? H H —Be—H Less than an 
octet 
2 
NO ay ae Less than an 
11 NiO: N=0 octet 


When more than one valid structure can be written and the true structure 
cannot be written, the actual or true structure is called a resonance hybrid of 
the different structures. An example is NO. The unpaired electron (as shown 
above) can be written as attached to either the N or the O atom. 


Example of resonance structure: CO,” 


:0:Q:0: 
fe) 
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4.7 Oxidation Number 


The oxidation number, or oxidation state, is a quantity that describes the 
number of electrons that appear to be gained or lost by an atom when a 
chemical bond is formed. That is, it is essentially the number of electrons 
that participate in the formation of the chemical bond. If we imagine all 
bonds to involve a transfer of electrons (even if in reality the bond may be 
covalent), the oxidation number is essentially the electronic charge that an 
atom appears to have after the bond has formed. The oxidation number is 
determined by a set of agreed rules. It is not strictly a physical quantity. 


In a molecule or a compound, electrons that are shared between atoms are 
counted as belonging to the more electronegative atom. Electrons that are 
shared between two identical atoms are equally divided between the two 
atoms. 


(a) In free, uncombined elements the oxidation number of each atom is set to 
zero. For example, the oxidation number of H in H, is zero. 


(b) In compounds involving hydrogen, the oxidation number of hydrogen is 1+ 
except in the case of metal hydrides (where the hydrogen is bonded to an 
atom which is less electronegative) where it is 1-. 


(c) In compounds involving oxygen, the oxidation number of O is usually 2-. 
The exceptions are the oxygen atom in peroxides and when oxygen is 
bonded with fluorine. 


(d) The sum of all the oxidation numbers of all atoms in an ion is equal (in both 
magnitude and sign) to the charge on the ion. 


(e) The sum of all the oxidation numbers of all atoms in a neutral molecule is 0. 


Consider the compound H,O. The oxygen atom, being more 
electronegative than the hydrogen, is seen to gain two electrons and so is 
given an oxidation number of 2- (since it seems to have acquired a net 
“negative” charge). Each hydrogen atom is seen to lose an electron and so 
the oxidation number of hydrogen in this compound is assigned as I+. 


When the oxidation number of an atom has_ The oxidation number is 

increased, the atom is said to have been oxidised USefu! when naming some 

: : : compounds. Prefixes like 
(as in the hydrogen above). This usually involves hypo and per, and suffixes 
the loss of electrons. When the oxidation number _ like ous, ic, ite, are 
of an atom has decreased, the atom is said to have assigned according to the 
been reduced, that is, its oxidation number has ©¥'4ation number of the 

: : ; central metal or non-metal 

decreased. This usually involves a gain Of atom ina compound. 


electrons (as in the oxygen above). 


oO 
© 
Ww 
“= 
oO; 
x 
—N 


rl 
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4.8 Oxidation Number Examples 


Example Element Oxidation state Rule 
Ss Ss 0 a 
H,S Ss -2 b,e 
Fe?* Fe +2 d 
Fes* Fe +3 d 
MnO, Mn +7 c,e 
Mn?* Mn +2 d 
Cr,0,7 Cr +6 c,e 
Cre+ Cr +3 d 
NO, N +5 c,e 
NO N +2 c,e 
NO, N +4 c,e 
SO,? cS) +6 c,e 
CO, Cc +4 c,e 
H,0, oO -1 special case 


When a substance is oxidised, it can be done so by either adding oxygen or 
removing hydrogen. Similarly, when a substance is reduced, it can be done 
so by either removing oxygen or adding hydrogen. For example, consider 
the production of methane CH, from carbon and hydrogen: 


C+2H, >CH, Oxidation No. 
2H, —>4H*t+4e° ~—- Oto 4+ 
C467 SC" 0 to 4— 


From the point of view of the hydrogen, it has lost electrons and so is 
oxidised. From the point of view of the carbon, it has gained electrons and so 
is reduced. Of course in this compound, CH,, the electrons are shared 
between the C and H atoms as covalent bonds, but from the perspective of 
oxidation numbers, the electrons are effectively transferred from H to C. 

In some biochemical reactions, electrons (in the company of protons H"*) 
are transferred during oxidation and reduction reactions as a means of 
passing energy from one molecule to another. The addition of an electron 
via the addition of hydrogen stores energy in the compound being reduced. 
The energy is released when the compound is oxidised. 


When CH, is combined with oxygen (e.g. when it is burnt), the C is 
oxidised to CO, and water: CH, +0, 3 CO, +2H,0 
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4.9 Polar Bonds 


Although bonds between atoms may be classified as being covalent or ionic, 
in many different substances, there is a gradation from one type to the other. 
Unequal sharing of electrons in a covalent bond gives the bond an ionic 
character. Further, such a covalent molecule may acquire regions of net 
positive and negative charge and become polarised. 


aration of char 
ae r i : fl = In CO, the shared electrons 
within a covalent molecule spend more time near O than C 


usually results in electrons *C 50% and so the centre of positive 
spending more time on the charge is offset from the centre 
atom which _ has the of negative charge. 


greatest electronegativity. 


For example, in the molecule carbon monoxide, there is a difference in 
electronegativity between carbon (2.5) and oxygen (3.5) and so the shared 
electrons spend more time near the oxygen atom than the carbon atom. This 
results in a net separation of centres of electric charge within the molecule. 
The molecule is thus polarised and is a dipole. The molecule as a whole 
remains electrically neutral, but the distribution of charge within the 
molecule shifts so that the geometrical centre of positive charge is different 
than the centre of negative charge. 


Although it is straightforward to determine if a diatomic molecule is polar 
or non-polar, by a consideration of the electronegativities of their atoms, the 
situation is more complicated for molecules with more than two atoms. For 
example, in CO,, the individual bonds between the carbon and the oxygen 
molecules may be polar, but the molecule as a whole is non-polar because of 
the symmetry of the shape of the molecule. 


rOnCHO: Oo=C=0 y = 0 debye 
When CO, is placed in an electric field there is no net dipole moment. 


Experiments show that water has a permanent dipole moment due to the 
presence of the electron pairs on the oxygen. 


0. 
Oe =1. 
H H y = 1.84 debye 


+ 
Bond angle 104.5° 
Polarization is responsible for physical bonds forming between molecules 
which in turn result in molecules forming liquids and solids. 
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4.10 Hybrid Orbitals 


In a covalent bond, when valence electrons are shared between atoms, they 
do so by overlapping orbitals. Consider an oxygen atom: 1s, 2s, 2p4 
ls 2s 2p 


The shapes of molecules are difficult to predict on the basis of the orbitals of 
isolated atoms because the nature of these orbitals change when there are 
more than one electron in an atom and when atoms come together to form 
molecules. 

When a molecule of water forms, the 2s and the | Hybrid Shape 
three 2p orbitals in the oxygen combine to form a linees 
new molecular orbital called the sp? hybrid. The 
superscript 3 indicates that three of the original p 
orbitals are involved in the hybrid orbital. It is this 
hybrid orbital 2sp? that combines with the s orbitals 
of the H atoms. 


ls 2sp? 
oxygen Each of the 2sp? hybrid orbitals is at 
sp® hybrid MEN dE the same energy level. 
When hybridization occurs, the rearrangement of electrons often results in 
there being more unpaired valence electrons than there were originally. For 


example, in carbon compounds, we have: 
ls 2s 2p ls 2p 


2sp? 
ingle atom) [TYE | op hybrid 
In CH,, it is the hybridization of the C Is asp? 
atomic energy levels into four identical —_sp* hybrid 
2sp orbitals that results in a regular tetrahedral geometry with bond angle 
109.5°. In PCI, (more than eight electrons bonded), the hybrid orbitals are 
spd. HH 


In the double C=C bond of C,H , one of the 
bonds is the end-to-end overlap of one of the ry] 


Oo O 
sp” hybrid orbitals (this is called the o sigma Tt 
bond) along the line of the two C atoms (the - 
other two sp* orbitals overlap with the s oO T 
orbitals of the H atoms), while the other C chim 
bond is formed by the side-by-side overlap of 


o 

the unhybridised (dumbbell shaped) 2p 
We] 
H 


plane triangular 
tetrahedral 





orbitals parallel to the plane of the C and H 
atoms (this is called the 2 pi bond). 
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4.11 Polarisation 


When an electric field E is applied to a molecule in a non-polar insulating 
material, the centre of charge of electrons moves left, the centre of charge of 
protons move right and the two centres of charge are then separated by 
distance d. The atom or molecule becomes polarised in the presence of E. 


Polarisation in a material may occur due to several mechanisms, all of 
which may occur to some extent depending on the atom. Most often, 
polarisation occurs when an external electric field E is applied. 


1. Electronic polarisation The entities with 
Small induced dipole moment arising from difference circles around 


: : them are 
in the net centres of nucleus and electrons in an atom. dipoles 


é, = 2-4 Oo -“@ aN 
¢ 
oO @ x © ® =] 
T a 
O° FOS: 
: 1 
® oO oO a O © 7 
7 
@ oO Oe aid 
2. Ionic polarisation Se 


Dipole moment created by shift of positive ions with respect to 
negative ions in unit cell. 
é, = 6-10 es —_— 


When field is applied, movement of 
ions produces a net dipole moment in a unit cell and hence a net polarisation. 


3. Dipolar polarisation 


Net dipole moment created by alignment of molecule with external field 
due to presence of internal permanent dipoles from geometrical structure 


of molecule. Water molecule has a CO, molecule has no 
2 permanent dipole. - - - ~_ permanent dipole 
é, ~ 20-100 moment. == 2: Say <= moment=No dipolar 
4 polarisation Cap_occur. 
/ \ 
I ° 1 
Note: Even though there \ 404 1 
is a permanent dipole moment, Pe = 
in the absence of an electric field, —“S 7 





these dipole moments are not aligned ~~~---- 
(due to thermal agitation) and so the net polarisation over all 

molecules in the material is zero. When a field E is applied, molecular dipoles tend 
to align themselves with the field and there exists a net polarisation. 
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4.12 van der Waals Forces 


The arrangement of electrons around atoms is not constant in time. Electrons 
move within their energy shells or levels with kinetic energy. An 
instantaneous movement of an electron within an atom may result in the 
atom becoming polarised for a short period of time. During this time, the 
polarisation in one atom 

may induce polarisation a Instantaneous polarisation 


Wwe neighbour atom. of one molecule results in 
4 induced dipole in neighbour 


resulting in a very brief molecule and a net 
electrostatic attraction ae instantaneous attraction 
between them. These between the two molecules. 


instantaneous forces of 
attraction and repulsion are termed London forces after the scientist who 
proposed the explanation for them and are found in all covalent materials. 


In materials containing molecules that have permanent dipole moments, the 
molecules tend to align themselves (against the tendency of thermal agitation 
to keep them in random orientation). The electrostatic attraction between the 
polarised ends of the molecules draws them together. Dipole-dipole 
interaction may persist over many molecules and appears to us like a force 
holding the molecules together. 


When considered over millions of atoms, the London and permanent dipole 
forces can be substantial and are called physical, as distinct from chemical, 
bonds between molecules. The intermolecular forces of this type are called 


van der Waals forces. In most cases, it is the van der Waals forces that bind 
atoms and molecules into liquids. 


Intermolecular forces on this scale are responsible for deviations from 
ideal behaviour in liquids and gases. Van der Waals forces operate over a 
small scale in comparison to distances between molecules in a gas. It is only 
when gas molecules become closer together (such as under increased 
pressure) that these forces become strong enough to cause the molecules to 
then clump together and condense into a liquid. The forces become less 
effective when the temperature increases due to the tendency for an increase 
in random order associated with thermal agitation of molecules. 
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4.13 Hydrogen Bond 


Hydrogen has one valence electron and so can readily form a single covalent 
bond. However, there are some compounds involving hydrogen in which the 
hydrogen atom can be said to be bonded to two atoms at the same time. Such 


compounds involve hydrogen bonding with small electronegative atoms. 
+ = 


Consider the hydrogen fluoride molecule: 


Because fluorine has a large electronegativity, 

the shared electron spends much of its time near 

the fluorine atom. The molecule, as shown above, is polar. Now, if there are 
other HF molecules nearby, then the positively charged H side of the 
molecule will be drawn into contact with the negatively charged F end of the 
other molecule. Two molecules thus join up so: 

Hydrogen bond 


+ —+ 


It looks to us like the H atom in the middle is holding the two outer F atoms 
in place like a tie bar. This electrostatic attraction is called a hydrogen bond. 
The hydrogen bond can only form between hydrogen and small 
electronegative atoms because the H “ion” is very small and only has space 
for one other atom to be located near enough to its polar end to form an 
electrostatic bond. 


Hyd 
Hydrogen bonds also form between water :O:H Seals 
molecules. Hydrogen bonding between water i+ ra 
molecules gives rise to a characteristic crystal aa 


structure in ice, which in turn is reflected in 


the shape of snowflakes. ‘ 


Hydrogen bonding is very important in biological processes. The bonds, 
having an energy of about 20 kJ, are stronger than those due to van der 
Waals forces (about 0.2 kJ) but are significantly weaker than those in 
chemical bonds (about 200 kJ). Certain biological processes rely on these 
bonds being of just the right strength for events to occur with ease (such as in 
the forming and breaking of the two halves of the molecular spiral in DNA — 
these hydrogen bonds involve H, O and N atoms). 
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5. States of Matter 


Summary 


PM Z PW 


Gases: 
T, T, 


Combined gas law 


PV, = P22 Boyle's law 
Dinara 


= Charles’ law 
if 


Volume Absolute 
| J temperature 
pV =nkRT 
| | = Universal gas 
Absolute constant 
pressure no. moles 8.3145 J/mol/K 


No. moles of solute 





Liquids: Molarity = 


Volume of solution in litres 
Solids: 

¢ Molecular solids - in which the binding forces between 
discrete atoms or molecules are due to van der Waals 
interactions between instantaneous electric dipoles. 

* Ionic solids - in which the binding energy is due to 
Coulomb electrostatic forces between positively and 
negatively charged ions in the crystal. 

¢ Covalent solids - in which the binding energy is due to 
shared valence electrons between atoms in the solid. 

¢ Metallic solids - in which valence electrons are effectively 
shared amongst all the atoms in the solid. 





¢ Amorphous solids — no long-range structure. 
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5.1 Changes of State 


When a solid is heated, atoms/molecules within the solid absorb heat energy 
and this is stored as internal energy of vibration. As the temperature 
increases, the magnitude or amplitude of the vibration increases until the 
bonds holding the molecules together become temporarily ruptured and 
molecules flow over one another. This is called melting. 

At the melting point, further heating results in no increase in temperature. 
The energy input in this case goes to breakage of bonds between the 
molecules and the material changes phase from solid to liquid. 

Upon further heating, molecules of liquid increase their translational 
energy until they acquire sufficient kinetic energy to escape the liquid into 
the gaseous phase. 


The presence of impurities lowers the melting point. A measurement of the 
melting point can be used as an index of the purity of a particular substance. 


When a liquid cools, molecules begin to lose their internal energy of 
motion until eventually, intermolecular forces are able to hold them in place 
as a solid. The temperature at which this occurs is called the freezing point — 
which is usually equal to the melting point. 


If the molecules in the cooling solid do not immediately lock into the 
pattern of the solid, then the temperature may fall below the official freezing 
point and the material remains in the liquid phase. This is called 
supercooling. Introduction of a seed crystal may cause the liquid to avoid 
the supercooling condition. 

Forces between 


Re te GAS _ Intermolecular forces are negligible 


0 O and molecules move with rapid, 
° Long-range random motion filling the space 
attractive available to it. 


oO 
Sh as 
¢ Short-range 
; Application of Increase in 
repulsive Lb pressure 4p resein 
LIQUID 


gets stronger as Intermolecular attractive forces are 

molecules get OO : 

closer together O strong enough to bind molecules 

Oo loosely. 

very strong force oo. 
but only acts over Application of Increase in 
a very short pressure temperature 
distance SOLID 


Intermolecular forces are strongly 
CP attractive and bind molecules together. 
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5.2 Changes of State of Liquids/Gases 


Closed system 
ec 


A dynamic equilibrium is set up 
where the rate of evaporation = 
the rate of condensation. 

The equilibrium vapour 
pressure (EVP) or saturated 
vapour pressure is the pressure 
exerted by the vapour when in 
equilibrium with its liquid. The 
magnitude of the EVP depends 
on the nature of the liquid and 
the temperature. 


*Nature of liquid. The 
stronger the van der Waals 
forces between molecules, 
the lower is their ability to 
escape the liquid and the 
lower the EVP. 


Temperature. Increase in 
temperature increases kinetic 
energy of molecules in the 
liquid and hence their ability 
to escape from the surface 
and hence the higher the 
EVP. 


Open system 


oO 


A liquid is said to boil at a 
temperature called the boiling 
point, at which the EVP of the 
liquid becomes equal to the 
prevailing atmospheric pressure. 
Vapour bubbles form in the 
liquid and rise to the surface. 


The normal boiling point is the 
boiling point at 1 atm of pressure 
(101.3 kPa). 


Increasing the prevailing 
atmospheric pressure increases 
the boiling point. 
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5.3 Phases of Matter 


: : Critical Temperature T, 
In a p-V diagram, the temperature is There is, for each gas, a 
kept constant, volume decreased and temperature above which 


pressure recorded. the attractive forces 















Ideal gas between molecules are 
p (no phase not strong enough to 
changes) produce liquefaction no 
Vapour pressure 1 matter how high a 
The partial pressure pz pressure is applied. 


exerted by the V 
vapour when it is in 
equilibrium with its 
liquid. It depends on 

the temperature and 
nature of the — 
substance. The 
temperature at which 

the vapour pressure 
equals the prevailing 


atmospheric ; 
pressure is called All gas condensed into 


the boiling point. liquid, attempts to further 
reduce volume produce 
large increase in pressure 
as liquid is compressed. 


T, H,O = 647K at 218 atm 
T, He = 5.2K at 2.3 atm 


(1) 7; | 
(3) T3=To 


2 
Liquid+vapour 2) 1 


Gas starts condensing into 
liquid, no change in pressure 
as volume decreases. 


In a phase diagram, we keep the volume V constant and plot pressure versus 
temperature. 









Liquid 


Vaporisation 
Critical point 

(Por Tc) 

----- > Constant pressure 


Wie heating example 


Triple point 


Boiling 







\ 


Sublimation 


Melting Wapoue 


T 


At each point (p,7) only a single phase can exist except on the lines where 
there is phase equilibrium. At the triple point, solid, liquid and vapour exist 
together in equilibrium. 


ee 


It would uses Meglev tech, 
ormagnetic levitation 





> pl @) 0:43/1:31 


Renault Float hover car 
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The properties of a perfect or ideal gas are the most convenient to study. The 


properties of an ideal gas are: 


e The molecules of the gas occupy a very small volume compared to the 


volume of the container. 


e The molecules are very distant from one another and only interact 


elastically during collisions. 
Macroscopic properties of a gas: 


¢ Pressure 
¢ Temperature 
¢ Volume 


¢« Mass @ © 


Real gases often behave like ideal gases at 
conditions in which no phase changes occur. 


These quantities specify the state of a gas 


Consider a mass (m) of gas: © @ 4D 


If p, V and T all vary, then: 
PY - PW 


Combined gas law 
q, qr, 


If temperature 7 is a constant: 


PV = P22 Boyle's law 


If pressure p is a constant: 
Vi Ve 


Tt 1 


Charles’ law 


Let us express the mass of a gas 
indirectly by specifying the number 
of moles. Experiment shows. that 
Boyle's law and Charles’ law lead to: 


Volume Absolute 
temperature 
pV =nkRT 
| | L Universal gas 
Absolute constant 
pressure No. moles 8.3145 J/mol/K 
This equation links all the 


macroscopic quantities needed to 
describe the (steady) state of an ideal 
gas and is thus called an equation of 
state. 


Note: These laws cannot be applied 
when the mass of gas changes 


during the process. Pressures and 
temperatures are absolute. 


-_ Mass in kg 
m 





No. moles —» 7 = —— 


M Molar mass 


By using moles, we get the ideal gas 
equation with the universal gas 
constant R (units J/mol/K). Otherwise, 
value of R depends on the nature of the 
gas (i.e. no longer universal) and has 
units J/kg/K. 


Example: Calculate the volume occupied 
by one mole of an ideal gas at 273 K at 
atmospheric pressure. 


pV =nRT 


101.3(V) = 1(8.314)(273) 
V = 22.406 L 





58 The Chemistry Companion 


5.5 Solutions 


Homogenous mixtures of two or more gases, liquids, or solids are called 
solutions. 


* Gases usually mix in any proportion. Air is a solution of predominantly 
nitrogen, oxygen and carbon dioxide. 

* Liquid solutions can be made by dissolving a solid, liquid or gas (the 
solute) in a liquid (the solvent). When the solvent is water, the solution is 
called an aqueous solution. 

* Solid solutions occur where atoms of one solid are randomly dispersed 
throughout the other solid. Alloys are common examples of solid 
solutions although some alloys are compounds (combine in definite 
proportions). Some alloys are also heterogeneous mixtures. 


Intermediate between heterogeneous mixtures and homogenous solutions 
is the case where the dispersed solid particles are not broken up into 
molecular units and yet are not in collections large enough to be called a 
separate phase. In this case, the dispersion is called a colloid. 


The strength, or concentration, of a solution can be described as: 


* The ratio of the number of moles of one of the components (the solute or 
the solvent) relative to the total number of moles present is called the 
mole fraction of the component. 

¢ The number of moles of solute per litre of final solution is called the 
molarity and given the symbol M (this is the most common method but 
depends on volume, which in turn is temperature dependent). 

* The number of moles per kilogram of solvent is called the molality and is 
given the symbol m (has the advantage of not being dependent on 
temperature). 

* The percent solute by mass or volume of the final solution. 

*% by weight (w/w) is the number of grams of solute per 100 g of 
solution. 

* % by volume (w/v) is the number of grams of solute per 100 mL of 
solution. 


The limiting concentration of the solution to which a solute can be 
dissolved in a solvent is called the solubility. At this concentration, the 
solution is said to be saturated. Addition of excess solute results in no 
increase in concentration and a portion of the solute remains undissolved. 
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5.6 Aqueous Solutions 


Many chemical reactions involve chemicals that exist as water, or aqueous 
solutions. 


No. moles of solute 





Molarity = —_ 
Volume of solution in litres 


Examples: 


(1) Calculate the mass of solute needed to make up | litre solution of 0.5M 
sodium hydroxide: 
I mole NaOH = 23+16+1 


=40¢g 
mass required for I L solution at 0.5M = 40(0.5) 
=20g 


(2) Calculate the volume of 10M acid required to make up 250 mL of 
0.4M solution of HCI: 


1L=0.4M Cl=35.5 
= (0.4)(36.5)g H=1 
=14.6g 


0.25 L =3.65 g HCl required 
10M = 365 g/L HCl 
3.65 g HCl =10 mL 


It is often observed that for dilute aqueous solutions, the addition of the 
solute lowers the freezing point and raises the boiling point (reduction in 
vapour pressure) compared to pure water. 


When an aqueous solution evaporates, a hydrated ionic compound may 
be formed. The hydrated compound contains water of crystallization: 


evap 


Co?* (aq) + 2Cl (aq) > CoCl, +2H,O(s) 
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5.7 Solubility of Solids 


When a solute dissolves in a solvent, three distinct processes can be 
identified: 


* Solute-solute interactions — whereby the solute atoms or molecules are 
separated from each other (such as the dissociation of Na* and Cl- into 
ions). This is an endothermic process (heat is required to break the 
ionic bonds). 


Solvent-solvent interactions — whereby the solvent atoms or molecules 
may be separated from each other (such as when H,O molecules are 
separated from one another to accommodate the incoming solute 
molecules). This is an endothermic process. 


Solute-solvent interactions — whereby processes occur between the 
solute and the solvent. These are usually exothermic (reduction in 
total energy). 


Some ionic compounds are soluble in water, but insoluble in non-polar 
solvents (like benzene and carbon tetrachloride). When water is the solvent, 
a hydration process can occur which serves to insulate the positive and 
negative ions from each other and prevent them reforming into a solid. This 
is a solute-solvent interaction. 


Hydration involves the 
4 formation of bonds and 
‘ fr 4¥—O so is exothermic (heat is 
oO released as the total 
energy is lowered) and 
so the solute-solvent 
interactions dominate the 
ie) e. solute-solute interactions. 
ae / O—4h ZB Non-polar solvents 
4 -. cannot hydrate the ions. 


[@) 
z 


\ 
4 
y= 
P3 
O~4 


Some non-polar molecular solids are soluble in non-polar solvents but are 
insoluble in water (a polar solvent). Non-polar solute molecules are not 
hydrated by water, and so solute-solvent interactions are not significant here. 
If more energy is required to break the hydrogen bonds linking water 
molecules together than that required to break the bonds holding the 
components of the solute together, then the solute components remain 
insoluble. When placed in a non-polar solvent, solvent-solvent interactions 
may occur and the solvent molecules separate easily to accommodate solute 
molecules and the solute dissolves. 
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5.8 Solubility Equilibrium 


If a solute is added to the solvent in increasing quantity, a point is reached 
where the atomic or molecular species being dissolved can no longer be 
accommodated in the solute. As more solute is added, the reverse process 
begins to occur so that some of the previously dissolved solute returns to the 
solute phase. This is called precipitation. This is most vividly illustrated 
when a solid solute is added to a liquid solvent. When the rate of 
precipitation becomes equal to the rate of dissolution, dynamic equilibrium 
is achieved and the solution is said to be saturated. 


The concentration of a solute in a given solvent at saturation is called the 
solubility of the solute in the solvent. 


Solubility depends on temperature. When a solute is dissolved in a solvent 
and heat is generated, the solubility generally decreases with increasing 
temperature. If heat is absorbed, the solubility generally increases with 
increasing temperature. Often, whether or not heat is absorbed or generated 
depends on the physical processes involved in any chemical reactions that 
may occur in the solution. 


Solubility depends on pressure. For a non- For example, air dissolves in — 
water to some extent and when it 


reactive gas being dissolved in a liquid, the —_gggg go, heat is produced (since 
solubility C increases as the pressure P the gas “condenses” into a liquid 


increases according to Henry’s law: Co P form). The solubility of air in water 
thus decreases as the 


For example, dissolved CO, in a soft drink temperature increases. When 
readily precipitates (observed as bubbles) when water is heated, the dissolved air 
the pressure above the liquid is released (such can be seen to “precipitate” as 

as when the bottle is opened). An easy way to bubbles before the boiling point of 


remember Henry's law is to think of it as the soft water is reached. 
drink law. 


One of the most common solvents is water, but not all compounds are 
soluble in water. 


Compound General rule Exceptions 

Nitrates Soluble 

Chlorides Soluble AgCl, PbCl,, Hg,Cl, 

Sulphates Soluble PbSO,, BaSO, 

Carbonates Insoluble Na,CO3, KzCO3, (NH4)2CO3 
Hydroxides Insoluble NaOH, KOH, Ba(OH),, (NH,OH) 


Oxides Insoluble Na,O, K,0, BaO 
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5.9 Electrolytes 


Some molecular and ionic compounds dissolve in water to give a solution 
that is able to conduct electric current. The compounds, when dissolved in 
water, dissociate into ions. The ions, being electrically charged, are thus able 
to move under the influence of an electric field and the movement of these 
ions is therefore an electric current. 
¢ Strong electrolytes dissociate completely into ions. Many ionic 
compounds are strong electrolytes. Molecular compounds that are strong 
electrolytes are usually acids. 
* Weak electrolytes only partially dissociate into ions. Usually, molecular 
compounds that are weak electrolytes are either an acid or a base. 
* Non-electrolytes do not dissociate into ions when placed in solution. 
Molecular compounds that are neither acids or bases are usually non- 
electrolytes. 


Molecular compounds that are strong electrolytes: 


Molecular lons formed in 

formula solution 
Hydrochloric acid HCl H*, Cl Strong acid 
Nitric acid HNO, Ht, NO3- Strong acid 
Sulphuric acid H,SO, H*, SO,2- Strong acid 
Perchloric acid HCIO, H*, ClO,- Strong acid 

Molecular compounds that are weak electrolytes: 

Molecular lons formed in 

formula solution 
Acetic acid CH3,COOH Ht, CH,;CO,- Weak acid 
Benzoic acid C.H;COOH Ht, CgH;CO,- Weak acid 
Ammonia NH, NH,*, OH- Weak base 


Molecular compounds that are non-electrolytes: 


Molecular lons formed in 
formula solution 

Ethyl alcohol C,H,;OH 

Sucrose CypH 90,4 
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5.10 Osmosis 


Osmosis is a movement of molecules through a semi-permeable 
membrane. A semi-permeable membrane is a sheet of substance that can 
allow some molecules through it but not others. Semi-permeable membranes 
can be things like cell walls in living tissue that contain openings that allow 
small molecules to pass through but not large molecules. 

The concept of osmosis depends on the phenomenon of diffusion. 
Diffusion occurs when there is a concentration gradient. The concentration 
gradient drives the diffusion process. It is a fundamental consequence of the 
second law of thermodynamics. Diffusion happens in a wide variety of 
physical processes (e.g. the formation of the barrier potential at the p-n 
junction of a semiconductor). 


initial final 





e) e) (oe) 
; @) 
dilute concentrated 
= oO 
2) OQ @) 
Semi-permeable Molecules of solvent pass through to try and 
membrane make concentration of solute the same in each. 


Consider a dilute solution on one side of a semi-permeable membrane and 
a concentrated solution on the other side. In this example, the semi- 
permeable membrane allows molecules of solvent to pass through it, but not 
the solute. Be careful. In this case, the concentration gradient has to be 
looked at from the point of view of the solvent. In this case, molecules of 
solvent tend to pass from the dilute solution into the concentrated solution so 
as to attempt to achieve uniformity of concentration throughout. Molecules 
of solute from the concentrated solution would very much like to pass into 
the dilute side to achieve the same aim, but cannot pass through the 
membrane. The movement of solvent from one side to the other results in an 
increase in pressure on the concentrated side. The increase in pressure tends 
to inhibit the further flow of solvent and an equilibrium condition is reached 
where no more net movement occurs across the membrane. This pressure 
increase is called osmotic pressure. 

For dilute solutions, the osmotic pressure 1 in atm (atmospheres) of non- 
electrolytes is given by z = MRT where M is the molar concentration of the 
non-electrolyte, T is in K, and R = 0.0821 L atm/mol/K. 
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5.11 Solids 


Generally speaking, there are two kinds of solids. Crystalline solids possess 
a repeating order of atoms, ions, complex ions, or molecules. The repeating 
pattern is called the crystal lattice. The repeating unit in the crystal lattice is 
called a unit cell. Amorphous solids have no repeating structure of atoms, 
ions or molecules. 


Crystalline solids can be broadly classified as follows: 


Molecular solids are those in which the binding forces between discrete 
molecules are due to instantaneous van der Waals interactions in 
addition to dipole-dipole attractions in polar molecules. Covalent bonds 
exist within the molecules between the atoms. 

Generally soft 

Gas, liquid or solid at room temperature 


Low melting point (about 20+ 200°C)  NOble gases, halogens. 
Not usually soluble in water Compounds such as CO,, CHy, 


Poor conductors of electricity HO, C,H,, C,.H,.0,, (sucrose) 
Heat insulator and most organic compounds. 


Examples: molecular crystals of 


Ionic solids are those in which the binding energy is due to Coulomb 
electrostatic forces between positively and negatively charged ions in the 
crystal. That is, ionic solids are composed of cations and anions. 


¥ a a ; Examples: cations from Group I 

* Solid at room temperature iH a4 
- High melting point (about 800°C) (e.g. Na’) or ean (e.g. Mg”) 
* Usually soluble in water with anions O*-, S*-, NO;°, 

* Poor conductors of electricity in solid form CO,?-, ClO,-, SO,?-, CrO,?-, 

* Heat insulator PO,3-, H*, OH-, MnO,,, CN-. 


Covalent solids are those in which the binding energy is due to shared 
valence electrons (covalent bonds) between atoms in the solid. 


Generally hard a: 7 
Solid at room temperature Examples : Si, C (diamond), 
Very high melting point (about 1200°c) Ge, SiO, (quartz), BN, SiC. 
Insoluble in water 

Poor conductors of electricity 

Heat insulator 


Metallic solids in which valence electrons are effectively shared 
amongst all the atoms in the solid. 


Amorphous solids have no long-range regular repeating pattern of atoms 
or molecules. Examples are glass and most plastics. In these materials, there 
is an orderly structure in the neighbourhood of any one atom, but this is not 
regularly repeated throughout the material. 
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5.12 Crystalline Lattice Structures 


For geometrical reasons, there are only fourteen types of lattices that satisfy 
symmetry operations such as translation, rotation, reflection and inversion. 
Each of these fourteen lattices is called a Bravais lattice. There are seven 
convenient crystal systems in the set of Bravais lattices: cubic, tetragonal, 
orthorhombic, trigonal, monoclinic, hexagonal and triclinic. 








1. Cubic Y 

Body - Face- 

centred centred 

cubic cubic 

(BCC) (FCC) 
2. Tetragonal Body: 

centred 

tetragonal 
3. Orthorhombic c eal im ‘Lh 

a 

Body-centred Base-centred Face-centred 

orthorhombic orthorhombic orthorhombic 
4. Triclinic 

7 ie 
_ € Base-centred 
5. Monoclinic I | monodlinie 
Ve fo 
a 
é 
6. Hexagonal 
a 
a 
a The particular geometry 

7. Trigonal adopted by a solid depends on 


the relative sizes of the atoms or ions, 
their charge (for ions). Note: The lines shown in these 
images do not actually exist in a real material, but just serve 
to illustrate the overall shape of the lattice. 
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5.13 Metallic Solids 


Metallic solids are those in which valence electrons are effectively shared 
amongst all the atoms in the solid. Atoms are held in place by the metallic 
bond. 


* Can be either hard or soft 

* Solid at room temperature (except Hg) 

¢ Low to high melting point (room temperature and above) 
* Insoluble in water 

* Good conductors of electricity 

¢ Heat conductor 


Most metals crystallise into either body-centred cubic (BCC), hexagonal 
close-packed, and face-centred cubic (FCC). Common metals with BCC 
structure are Fe (iron), Cr (chromium), Mo (molybdenum), W (tungsten), 
V (vanadium). Common metals with FCC structure are Al (aluminium), 
Cu (copper), Au (gold), Pb (lead), Ni (nickel), Pt (platinum), Ag (silver). 
Common metals with close-packed hexagonal form are Cd (cadmium), Co 
(cobalt), Mg (magnesium), Ti (titanium), Zn (zinc). Metals with BCC 
structure have a higher yield strength than those with FCC structure. 

At room temperature, iron has a BCC structure, but above 910°C, iron 
rearranges into an FCC structure (at which time it becomes non-magnetic). 
This change in structure takes place in the solid state and is called an 
allotropic change. 

Solid solutions are very important in metallurgy, where they are called 
alloys. In a true solid solution, one component is randomly dispersed 
throughout the other component. Other types of alloys are molecular 
compounds (in fixed proportions) and heterogeneous mixtures. 
A particularly important alloy is that of iron and carbon, which makes steel. 


Carbon Content: 


0.05-0.3% Low-carbon steel Mild steel, tough, ductile, easily 
forged and welded. 


0.3-0.45% Medium-carbon steel Strong, hard, not so easily 
forged or welded. 


0.45-0.75% High-carbon steel Very strong (high-strength steel) 
: and hard. May be annealed for 
0.75-1.5% Very high-carbon steel machining or heat treated for 


different degrees of hardness. 


YOUTUBE/RENAULT.UK 


> pl ) 1:00/1:31 
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6. Chemical Thermodynamics 


Summary 


Internal energy: 


First Law: 


Enthalpy: 


Entropy: 


AS\otal > 9 itreversible process 
AS\otal = 9 reversible process 


AS\otal < 9 impossible process 


Gibbs energy: AG = AH -TAS 


Spontaneous reactions: 


0 0 
A _ =A -A 
Greaction f G products f G reactants 
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6.1 Molecular Energy 


Molecules in a gas are capable of independent motion. oa, 


Consider a diatomic gas molecule: gon a 
: anal mo —- 
(a) the molecule itself can travel © zransiation 


as a whole from one place to 


another 
(b) the molecule can spin (c) the atoms within the molecule can 
around on its axis vibrate backwards and forwards 


F Rotational motion ae , 
= SS Vibrational motion 


These kinetic energy terms represent the internal energy and have 
significance for the interpretation of the specific heat capacity of a 
substance. Changes in internal energy of a molecule manifest themselves 
physically as changes in temperature of the molecule. 

The total energy of the 
molecule also contains some 
potential energy components. vr) 
Firstly, there are intermolecular 
forces (such as van der Waals 
forces) that lead to the formation 
of liquids, and hydrogen bonds. 






Repulsion 
r 


Secondly, there is the 
potential energy associated 
with the chemical bond 
between the atoms of the 
molecule, the bond energy. 5 Vinin 


Attraction 





These potential energy terms 
are associated with the position 
of the atoms within a molecule, 
and the position of molecules in 
relation to other molecules, as 
distinct from the motion of the 
atoms or molecules. 
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6.2 Specific Heat Capacity 


The amount of energy (AQ) required to change the temperature of a mass of 
material is found to be dependent on the: 


¢ Mass of the body (m) kg 
¢ Temperature increase (A7) CLK 
¢ Nature of the material (c) J/kg/IK. 
t 
AQ = mc(AT) Specific heat or | Material c (kJ/kg/K) 
heat capselty” “| water 4.186 


steel 0.45 


The specific heat is the amount of 
heat required to change the temperature 
of 1 kg of material by 1°C 


Molar specific heat, or molar heat capacity (C), is the amount of heat 
required to raise the temperature of 1 mole of the substance by 1°C. 


AQ = nC(AT) 


Experiments show that when a gas is heated at constant volume, the molar 
heat capacity C,, is always less than that if the gas is heated at constant 
pressure C,. This is because for a constant volume process, there is no 
opportunity for there to be mechanical work done on or by the system. 


cast iron 0.54 
aluminium 0.92 





For a constant pressure process, for a given temperature rise AT, there will 
always be a volume change AV . Therefore the energy into the system has to 
both raise the temperature and do work, thus C,, is always greater than C,. 


For a constant 
pressure process, 
a volume change 
involves a force 
acting through a 
distance and 
hence work is 
done on or by the 
system. Volume 
piel change in solids 
and liquids very 
small, and hence 
distinction 


QO, = nC, (7) -T,) 0, = nC, (7, -T,)+ pV, -V,) between os and C, 
| = nC, (T, _ T,) not usually made. 


Q, is a very important quantity in industrial processes 
and is given the name enthalpy. 
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6.3 Enthalpy 


Consider a beaker of solution which is heated from an external source. That 
is, heat energy is transferred into the system across the boundary. 

The temperature of the Pe ei | 
solution increases by an 

amount dependent on the 

molar heat capacity C, of 


System 
1 
i} 
1 
‘ 
. « i) 
the solution. The change in 
1 
1 
1 
1 
1 
1 
1 
1 


boundary 


internal energy of the system 
will be: 


AU =nC,(AT) 
The solution may also expand by 


an amount AV and perform mechanical work (e.g. by a piston that fits into 
the top of the beaker and floats on the surface of the solution): 


W = pAV 


The relationship between the heat entering the system, the work done by 
the system and the rise in internal energy is expressed by the first law of 
thermodynamics: Q, is positive when heat enters the system. 

= W is positive when work is done by the system on the 
Q» Alps ee surroundings. AU is positive when AT is positive. 

If heat energy Q, is added to the system, then some of this heat goes into 
mechanical work and some into internal energy. The sum of the change in 
internal energy and the work done on or by the system is called the change in 
enthalpy AZ of the system: 


AH = AU + pAV Note: pAV is usually small in comparison to AU in 
experiments in the laboratory whereupon Ad is 
=0,, approximately equal to AU. 


That is, the change in enthalpy of the system is the same as the amount of 
heat energy that has been put into it. 


If the heating of the solution involves a phase change, then some of the 
heat energy input would be consumed by latent heat which would have to be 
accounted for. 


If the heating of the solution initiates a chemical reaction, then heat 
energy may be released (e.g. as happens during combustion) or absorbed by 
the solution as the potential energy of the chemical bonds (chemical energy) 
changes. This is called the heat of reaction. The heat of reaction is a 
release, or absorption of potential energy of the chemical bonds. 
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6.4 Heat of Reaction 


Consider the reaction between two chemical species in an aqueous solution 
in a beaker which is placed in a temperature controlled water bath so that the 
beaker is maintained at a constant temperature. That is, heat flow can occur 
across the system boundary 

but the solution is held isothermal. 
If, as a result of the reaction, heat 
energy is released, then this heat 
must pass out through the system 


System 
boundary. The surrounding water E> OQ 
: P 


boundary 


bath ensures that the heat energy is 
taken away fast enough to prevent 
any temperature rise of the solution. 


¢ The internal energy of the system remains the same after the 
reaction as indicated by no rise in temperature. 

¢ Energy has come from the heat of reaction and been 
transferred into the water bath. 


¢ Ifthere has been a volume change, then mechanical work also 
would have been performed on (+ve) or by (-ve) the system. 


In this example, there must have been a net release of bond energy as a 
result of the chemical reaction. Some of this energy has been carried away 
across the boundary by the water bath, and some (a small amount in this 
case) has gone into mechanical work against the pressure of the atmosphere. 
The change in enthalpy of the system is: 

AH = AU + pAV 
We can assume that the mechanical work involved in this example is small 
compared to the heat lost by the system to the surroundings. Thus, AH = Q,.. 
In this example, heat Q, has passed out of the system and so the change in 
enthalpy is a decrease. When heat is passed out to the surroundings, the 
reaction is said to be exothermic. If the reaction involved an absorption of 
heat from the surroundings, then the change in enthalpy would be positive, 
and the reaction is called endothermic. 


The heat of reaction represents the change in enthalpy in this isothermal 
system. The question now is, if there is a chemical reaction, and the 
temperature changes, how is the change in enthalpy calculated? 
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6.5 Heat of Reaction 


Consider the reaction between two chemical species in an aqueous solution 
in an insulated beaker. A thermometer measures the temperature change 
during the reaction. 

The reaction takes place inside 
the boundary of a system. For 
the present example, we will 


1 Thermometer 
1 
1 
i) 
1 
; 
i} 

assume that the system ! 
i) 
i) 
i) 
1 
1 
1 
i 
1 


System 
boundary 


boundary is adiabatic. That is, 

no heat flow will occur across 

the boundary, as if the beaker 

were fully insulated. 1 
If, as a result of the reaction, the temperature of the solution rises, then: 


¢ The internal energy of the system is higher after the reaction, as 
indicated by a rise in temperature. 

¢ Energy has come from the heat of reaction and been 
transferred into internal energy of motion of the molecules in the 
solution. 

¢ Ifthere has been a volume change, then mechanical work also 
would have been performed on (+ve) or by (-ve) the system. 


Since no external heat energy was involved (no heat flow across the system 
boundary), the heat energy needed to raise the temperature of the solution 
must have come from the net sum of energies from the breakage and 
formation of the chemical bonds involved in the reaction. In this example, 
there must have been a net release of bond energy as a result of the reaction. 
Some of this energy has gone into internal energy of motion of the 
molecules, while some (a small amount in this case) has gone into 
mechanical work against the pressure of the atmosphere. In this case, 

AH = AU + pAY. If the work done is negligible, then AH ~ AU In this case, 
the change in enthalpy is equal to the heat of reaction. Although no heat 
has crossed the system boundary, heat has appeared as a result of the 
chemical reaction — just as if it had come from outside the system. That is, in 
this adiabatic example, heat Q, has entered the system from the chemical 
reaction and AH =~ AU . 
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6.6 Enthalpy of Formation 


A chemical reaction is the process of breakage and formation of chemical 
bonds. Energy is absorbed when a bond is broken, and energy is released 
when a bond is formed. When a chemical reaction occurs, heat may be either 
given off, or absorbed to or from the surroundings. That is, the change in 
enthalpy may be either positive (endothermic) or negative (exothermic). 
Liquid water molecules are made by the reaction between H, and O, gas 


molecules: 1 
H,(g) + O3le) — H,O(aq) 


The equation is written in terms of the formation of 1 mole of product. 
Under standard conditions (1 atm pressure and 25°C) it is found that 286 kJ 
of heat energy is produced. That is, the change in enthalpy of the system is 
AH = -286 kJ. This is the heat of reaction. 

When the reactants are at standard conditions, and the products are also 
kept at standard conditions (e.g. by use of a water bath to maintain 
temperature), the heat of reaction is referred to as the heat of formation, or 
enthalpy of formation. Standard heats of formation are determined by 


experiment. The reference point for heats of formation 
Name Molecular Heatof are elements at standard conditions. For 
Formula Formation example the heat of formation of O.(¢) is set 
AH, kJ/mol § 
Methane CH, 75 neeero 
eaiban CO, 304 Heats of any reaction can be obtained by 
dioxide addition of heats of formations of known 
Ammonia NH, -46 compounds, or Hess’ law. The change in 
Acetylene C,H» +227 enthalpy for the combustion of ethane is: 
7 
Ethylene = CH, +227 C,H, +—O, > 2CO, +3H,0 
ee ae (C,H “ 2C(s)+3H,(g)) AH = +85 
— 2C(s)+ =+ 
Water HO -286 2Ho(s ( aS 
Hydrochloric HCl -92 2(C +0, > CO,) AH = 2(-394) 
acid 1 
Sodium NaOH  -427 se are ana AH = 3(-~286) 
hydroxide 


Aluminium AIO; — -1670 = AH = 85—2(394)—3(286)=-1561 kJ/mol 


oxide 


Carbon co -110 Note that the sign of AH for C,H, has 
monoxide been reversed in this calculation since the 
When the reaction proceeds reaction splits this compound rather than 


in reverse, the sign of the heat forms it. AH for the combustion of ethane 
of formation is reversed. is called the calorific value. 
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6.7 Entropy 


Consider a beaker of ice which is heated from an external source. The ice 
remains at 0°C (273K) and melts. The amount of 
energy Q, needed is determined by the latent heat 
of fusion of ice. 


The water molecules have a greater amount of 
disorder after melting compared to that before 
heating due to their increased velocity. A 
quantitative measure of disorder is entropy. 

Absolute values of entropy S can be calculated 
from thermodynamic theory or measured in the 
laboratory. Of more interest to us in chemistry are 
changes in entropy as a result of physical changes 
of state, and chemical reactions. When a system undergoes a process at 
temperature T involving heat flow, the change in entropy of the system is: 





O When a system absorbs heat, Q is positive and so the 
AS == entropy increases, AS>0. When a system rejects heat, 
T Qis negative and the entropy decreases, AS<0. 


If the process occurs at a low temperature, 


: : ; For 1 mole ice: 
then the change in entropy is greater than if the 


mL 
same process occurs at a higher temperature. =a 
At high temperatures, the entropy is already 
high and so the proportional change in entropy = 0.018(335000) 
for a given heat flow Q is less compared to 273 
that which would occur at low temperatures. =22.1 J/K 


When a system undergoes a process and interacts with its surroundings (i.e. 
a non-isolated system), the total entropy change (of the universe) is: 

AS ota] = AS + AS. 

The sign of AS,,,., signifies the presence of the following types of processes: 

AS, 

AS, 

AS, 

When a phase change or a chemical reaction involves heat flow to or from 

the surroundings, entropy must be considered. The total entropy of the 

system and the surroundings cannot decrease. If the total entropy change is 

zero, then the process is reversible and so cannot be spontaneous in any one 

direction. For a reaction to proceed spontaneously from reactants to 

products, the total entropy AS,,;,; must increase. 


total surroundings * 


otal > O irreversible process Entropy is not energy. There is no “law of 
=0 reversible process conservation of entropy”. Irreversible 


<0 impossible process processes create entropy. 


otal 


‘otal 


ota! 
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6.8 Entropy Calculations 
Changes in entropy of a system at constant temperature are expressed as: 


as=2 
T 
When the temperature is not constant, we add up incremental changes in 
entropy for incremental transfers of heat: 


dO = mcdT 


T. 
=mcelIn— 


The standard molar entropy S° is the entropy content of one mole of 
substance under standard conditions of 1 atm pressure and 25°C. Standard 
entropies are absolute values and represent the change in entropy to bring the 
substance from OK to 273K in its standard state. Standard entropies are 
always positive. The zero point for entropy is OK. This statement of zero 


int f t is called th 
point for entropy is called the Element’ 6°: Une) 


third law of thermodynamics. H,( 
o(9) 131 
For a chemical reaction or a physical 0,(g) 205 
process, the change in entropy can be ao Le 
calculated from: C(s) 6 
- = ge _ ge Fe(s) 27 
reaction products reactants 
For example: Compound S° (J/K/mol) 
; NH;(g) 192.8 
H +— H H,O(1) 70.0 
2(g) 5 02(g) > H,0(g) H,0(g) 188.8 
7 CO,(g) 213.8 
AS = 188—(1314+0.5x205) CO) 197.7 
=—45.5 J/K/mol CH,(g) 186.2 


Note that in this example, the change in entropy for this system is < 0 at the 
expense of an increase in entropy elsewhere in the universe. Hydrogen and 
oxygen will, under certain conditions, form water since it is energetically 
favourable to do so. 
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6.9 Gibbs Energy 


It is a natural tendency of systems to attain the lowest possible potential 
energy, such as a ball rolling down a hill, electrons moving in an electric 
field, and so on. In an exothermic process, heat leaves a system (AH < 0) 
and we might expect that such processes are always spontaneous and that 
endothermic processes are not. However, this is not observed. For example, 
when water evaporates spontaneously at room _ temperature, 
AH > 0 and the water vapour has a higher energy than the liquid. 

l +AH signifies 

H,(g)+—O,(g) > H,O(aq) AH =—286kJ/mol energy of products 
2 is greater than 
reactants 


1 
H,(g)+ 8 (g) > H,O(g) AH = -242 kJ/mol (endothermic) 
H,O(aq) — H,O(g) AH = 286+-242 = +44kJ/mol 


Whether or not a phase change or a chemical reaction proceeds 
spontaneously cannot be judged on the basis of energy alone. The change in 
entropy AS,,.4; of both the system (the reaction) and the surroundings must 
also be considered. Whether or not the change in entropy or enthalpy is the 
more important factor in any particular process depends on the absolute 
temperature T. 

Now, the total energy of a system is given by the enthalpy and this consists 
of the internal energy and the external work. Changes in total energy are 
expressed as: AH = AU + pAY. 


Part of the total energy H is unavailable for conversion into work. This part 
is connected with changes in entropy. Since the units of entropy are J/K, and 
the determining factor that quantifies the contribution of entropy in a 
particular process is 7, then the unavailable energy can be calculated from 
the product 7S. Thus, the total energy of a system can be written as: 


H=G+TS 


where G represents that part of the total energy that is freely available for 
conversion into work. This freely available energy is called the Gibbs 
energy. As the temperature increases, the amount of Gibbs energy decreases 
and the unavailable term 7S increases. Changes in the amount of Gibbs 
energy in a constant temperature process are thus: AG = AH -TAS. 


The concept of Gibbs energy allows us to predict the direction of 
spontaneous chemical reactions by considering both energy and entropy. A 
spontaneous chemical reaction will proceed only when there is a decrease in 
available Gibbs energy: AG < 0. 


Multiple pods to be 
attached for more 
passengers to ride 





ee 2 ee, |) ed 
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6.10 Spontaneous Processes 


The concept of Gibbs free energy embodies both energy and entropy 
considerations in determining in which direction a chemical reaction 
proceeds. A decrease in Gibbs energy can arise due to a decrease in 
enthalpy or an increase in the product 7S. In a particular chemical reaction, 
AH and ATS may have the same or opposite signs. For a constant pressure 
process, at constant temperature: 


AG = AH —-TAS. 


¢ If a reaction is exothermic AH < 0 and the entropy change AS > 0, 
then the free energy change AG < 0 and the process is spontaneous. 

¢ If a reaction is endothermic AH > 0 and the entropy change AS < 0, 
then the free energy change AG > 0 and the process is not 
spontaneous. 

* If the enthalpy change AH > 0 and the entropy change AS'> 0, then 
the process is spontaneous at high temperature. When AH < 0 and AS 
<0, the process is spontaneous at low temperature. 


It is important to know that AS in the above equation is the entropy change 
of the system, not the total entropy change (of the universe). This enables us 
to conveniently predict and quantify the direction of a process based upon 
attributes of the system only. 


In chemical reactions, the change in Gibbs energy depends on the physical 
states of the reactants and products, the temperature and pressure, and the 
concentration of the reactants and products. When reactants and products are 
at standard conditions (1 atm and 25°C), the free energy change is referred to 
as the standard Gibbs energy change AG°. 

The standard Gibbs energy change of the formation of a compound from its 
elements is called the standard Gibbs energy of formation A,G°. 
Elements at their standard states have zero standard Gibbs energy of 


formation. 
Compound A,G°. (kJ/mol) 


For a process or a chemical reaction, the iz 
Ears NH,(g) 16.6 
change in Gibbs energy can be calculated H,O(I) -237.2 
from: H,O(g) -228.6 
_ 6 _ 5 CO,(g) -394.3 
AG reaction - AG products AG reactants CO(g) -137.3 


CH, (9) -50.8 
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6.11 Melting of Ice 


Consider a mole of ice initially at 0°C. Now, let the temperature of the 
surroundings be 283K (+10°C). 


For the system: AH = mL + mcAT 
= 0.018(335000)+ 0.018(4186)(10) 








For the = 6780) (endothermic) 
surroundings: _ 
AS sarroundings = = = —-23.9 J/K 
283 
For the system: dO = mL + mcdT 
Q 
AS = mL [ao 
T, T 
2, 
L fl 
= + |—=me aT 
q, 
q, 
; 2 
= 9.018(335000) + 0.018(4186)In=8> = 24.8 J/K 
273 273 
Total change in entropy: 
AS oa) = AS + AScurroundings This is an irreversible 
process. Even though the 
= 24.8—23.9 change in entropy is < 0 for 
= +0.9 J/K the surroundings, the change 
in entropy of the system is 
greater, and so the change in 
total entropy is > 0. 
AG = AH —TAS The Gibbs free energy 


change is < 0 so this process 


= 6780- 283(24.8) is spontaneous. 


= 6780-7018 


= —238J 

Data: 

Cwater = 4186 J/kg/K 
Ca = 920 J/kg/K 

Ly = 22.57 x 105 J/kg 
L, = 3.35 x 105 J/kg 
Pwater = 1000 kg/m 
Cice = 2110 J/kg/K 
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6.12 Freezing of Water 


Consider a mole of water, initially at 0°C. Now, let the temperature of the 
surroundings be 263K (—10°C). 


For the system:AH = —mL +-—mcAT 
= -0.018(335000)+ —0.018(2110)(10) 














= —6.03— 0.38 
For the =-6410J (exothermic) 
surroundings: 6410 
AS scceoundinge = = AI 
263 
For the system: dO = —mL + mcdT ' 
Q; 
ml, flag : 
T I 
1 69 I 
' I 
: ie ; \ 
me psalian [me aT 
T, T 
q, 
_ = 0.018(335000) +0.018(2110)In 203 = -23.52 /K 
273 273 
Total change in entropy: This is an irreversible 
AS totat = AS + AS surroun dines process. Even though the 
~ 93524244 change in entropy is < 0 for 
the system, the change in 
= +0.88 J/K entropy of the surroundings is 
>0 greater, and so the change in 
total entropy is > 0. 
AG = AH —TAS This is a spontaneous process 


= -6410 —263(—23.5) since the freezing of ice 
results in a decrease in Gibbs 


= -6410+ 6180 
free energy. 
= —-229J 
Data: 
Cwater = 4186 J/kg/K 


Ca, = 920 J/kg/K 
L, = 22.57 x 108 J/kg 
L, = 3.35 x 105 J/kg 
Pwater = 1000 kg/m? 
Cice = 2110 J/kg/K 
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6.13 Ice/Water Equilibrium 


Consider the conversion of one mole of water to ice at 273K: 





For the system: AH =-mL 
= -0.018(335000) 
=-6030J (endothermic) 
For the surroundings: 
AS scirtsendivgs = = = 22.08 J/K 
273 
For the system: dQ=-mL 
Agee 
T 
_ —0.018(335000) 
273 
= —22.08 J/K 
Total change in entropy: 
AS total = AS + AS surroundings 
= —22.08 + 22.08 
=0J/K 
AG = AH - TAS 
= -6030 — 273(— 22.08) 
=0J 





The total change of 
entropy is zero. This is a 
reversible process. 
Extraction of Q, from the 
melted ice would cause it 
to re-freeze. 


This process is at phase 
equilibrium. 


Data: 

Cwater = 4186 J/kg/K 
Ca, = 920 J/kg/K 

Ly = 22.57 x 10° J/kg 
L, = 3.34 x 105 J/kg 
Pwater = 1000 kg/m? 
Cige = 2110 J/kg/K 
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6.14 Chemical Equilibrium 


A chemical reaction involves reactants and products. Whether or not a 
chemical reaction proceeds spontaneously depends on the sign of the change 
in free energy. 

AG =A,G° -A,G° 


reaction products reactants 


Reactants > Products 


If a chemical reaction proceeds from reactants to products spontaneously, 
we may at first expect the process to continue until the reactants are all 
converted to product. This is not observed. Usually, reactions proceed until 


there is chemical equilibrium: 
At equilibrium, the rate of 
forward reaction = rate of 


Reactants <> Products ; 
reverse reaction. 


In chemical reactions, the free energy change depends on the temperature, 
physical state, pressure, and concentrations of the reactants and the products. 
That is, as the reaction proceeds, the reactants are consumed and the 
products are created — and the free energy change changes as the reaction 
proceeds in time. When the free energy change becomes equal to zero, the 
rate of forward reaction has become equal to the rate of the reverse reaction. 
This usually happens (for spontaneous reactions) when the concentration of 
the products is somewhat greater than those of the reactants — but it is 
important to note that this does not necessarily mean that all the products are 
used up. At chemical equilibrium, the forward and reverse reactions are 
both happening at the same rate. 


Precisely what is meant by rate of reaction depends upon the context. 
Rates of reaction may be expressed as the change in concentration of one of 
the reactants per unit time where concentration is expressed in terms of 
moles per unit volume. 


State Concentration units 
Gases Partial pressure units 
Liquids Molarity (moles per litre) 
Solids Moles or mass units 


The appropriate time period may be expressed in milliseconds, seconds, days 
or years depending on the reaction. 
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6.15 Statistical entropy 


The change in entropy of a system can be calculated from macroscopic 
quantities, Q and T. Molecules of gas in a volume V at temperature T have a 
distribution of velocities, and hence, kinetic energies. The distribution of 
velocities over the total number of molecules was determined by Boltzmann: 
mv? 


y2e 24T 


The number of molecules NV 5 
with an energy E was fe) fO)= anf | 

computed by Boltzmann using 
the Maxwell velocity 


distribution function: High 7 
~~ Maxwell-Boltzmann Low T 
N=Ce'T — energy distribution , 


kT = 0.025 eV at 300 K 





Consider a partitioned volume V containing N 
molecules. There is a discrete number of energies 
possible, and there is a finite number of ways that the 
molecules present can have a distribution of energies 
that matches the macroscopic properties of P, T and 
V. Each of these possibilities is called a microstate. 


Now, one such possible state is if all the energy of the system were 
concentrated in one molecule and the others had zero energy. We know that 
this is very unlikely to ever happen, just as we know that the likelihood of 
throwing zero heads and 100 tails in 100 tosses of a coin is unlikely. The 
most likely scenario for our N molecules is that the energies will follow the 
Maxwell-Boltzmann distribution. 

In mathematical symbols, the statistical weight function of the system 
Q(E,V,N) is the number of possible microstates that are consistent with the 
observed macrostate. The lower the number of possible microstates, the 
more accurately we know information about the molecules. The entropy of 
the system is: S=kinQ. 

If there were only one possible microstate, then S would be zero. As the 
number of possible microstates increases, the entropy becomes larger. When 
the partition is removed, the molecules rush to fill the entire volume. It is 
exceedingly unlikely that at any one instant, all the molecules will be located 
over on one half of the now larger volume. The number of possible 
microstates has increased. However, one might ask what if the container had 
only two molecules in it? In this case, it is likely that at any one time, the two 
molecules will find themselves over to one side of the container. The number 
of possible microstates, for the two-molecule scenario, is very small, and so 
is the entropy. 
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7. Rates of Reaction 


Summary 


Rates of reactions: 
The nature of the reactants 
The concentration of the reactants 
The temperature 
The presence of a catalyst 


Rate law (concentrations): 
aA+bB—P 
d P 1 mn 
a0} ar) 
dt 
Rate law (temperature): 
-E 


b= Aer Arrhenius 


equation 


Catalyst: 
* Has no effect on the stoichiometry of the overall 
reaction. 
* Does not affect the equilibrium position of the reaction. 
* Affects the reaction mechanism so as to lower the 
activation energy, thus increasing the number of 
molecules that can make a productive collision. 
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7.1 Rates of Reaction 


Consider the reaction between hydrogen gas and oxygen gas to produce 
liquid water: 


H,(g)+ 50; (g) > H,O(aq) AH =-286kJ/mol 


H,(¢)+502(8) + H,0(aq) 


AS° = 70-(131+0.5* 205) 
= —-163.3 J/K/mol 


AG = AH -TAS 
= —286000 - 273(-163.3) 
= —286000 + 44580.9 
= —240 kJ/mol 


The indications are that this reaction should proceed spontaneously when 
these two gases are mixed. While this might be so, experience indicates that 
this reaction does not proceed at all unless there is a spark or source of 
ignition present — in which case the reaction proceeds with explosive 
violence. 

Clearly then, the rates of reaction are an important part of chemical 
reactions. While thermodynamics might provide information about the 
direction in which a reaction might proceed on its way to chemical 
equilibrium, more information is needed to determine at what rate the 
products are produced. 

Associated with the rate of reaction is the reaction mechanism. The 
production of products and the consumption of reactants, while observable, 
only represents the net reaction in general. Chemical reactions may proceed 
in several steps. Intermediate species may form and be consumed, and these 
intermediate steps often influence the overall rate of the reaction as a whole. 


The most important factors that govern the rate of a reaction are 
¢ The nature of the reactants 
* The concentration of the reactants 
* The temperature 
¢ The presence of a catalyst 


The rate of reaction is the rate of change of concentration of either the 
reactants or the products. 
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7.2 Collision Theory 


Chemical reactions involve the breaking and formation of bonds between 
atoms, ions or molecules. Elements or compounds that comprise the 
reactants form new compounds as products. The relationship between energy 
and entropy — the Gibbs free energy — determines which direction a 
chemical reaction will proceed. The question now is to ask just how a 


chemical reaction takes place. The notion of chemical reactions only 


Central to the answer of this taking place between atoms or 

question is the fact that atoms, ions a shes they gate each 
: other in a certain way is not so 

and molecules are in constant obvious as it might seem and was only 
motion — especially when they are proposed in the early 1900s. 
in liquid and gaseous form. . 
Because they are in motion, they ‘ouy No reaction 
undergo collisions with other atoms . 


and molecules. 


When atoms, ions or molecules collide, Reaction 


a chemical reaction may occur. That is, 
chemical reactions occur as a result of collisions between molecules. This is 
known as collision theory. 


During the collision, bonds are broken and formed as atoms and electrons 
are rearranged into new compounds. Several variables serve to determine 
how fast reactants are converted into products: 


* Particles (either atoms, ions or molecules) have to collide in a 
particular way. That is, the orientation of the colliding particles has 
to be a certain way in order that the collision be effective at 
breaking bonds and forming new ones. 

* The particles have to possess enough kinetic energy to allow them 
to interact to the extent that bonds may be broken and allow new 
ones to be formed. 

¢ The number of collisions per unit time determines how fast the 
reaction proceeds and this is related to the concentration of the 
reactants. 


The nature of the reactants, the temperature, and concentration and action 
of catalysts can be all explained by collision theory. Not all collisions result 
in a reaction. Only a small proportion are productive collisions. 
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7.3 Reaction Mechanism 


We have agreed that for a chemical reaction to proceed, atoms, ions, or 
molecules must collide. Further, they must not just touch or brush past one 
another. They must collide with a certain amount of kinetic energy, and be in 
the right orientation with respect to one another in order for bonds to be 
broken and allow new ones to form. That is, there has to be a productive 
collision. 


Consider the rusting of iron. Simply put, the reaction is: 
4Fe(s)+30,(g) > 2Fe,0,(s). 


This is a reasonably slow reaction. However, if one were to just take 
collision theory at face value, it would be luck indeed if four atoms of iron 
were to collide with three molecules of oxygen at the same time to form two 
molecules of iron oxide. In reality, reactions usually proceed as a series of 
smaller steps. The series of smaller steps is called the reaction mechanism. 


Fe** +20H” — Fe(OH), 
4Fe(OH), + O, +2H,0 > Fe(OH),(s) 
Fe(OH); (s) > Fe,O;,H,O0+2H,O 


The chances of a collision occurring between two atoms, ions or molecules 
is significantly greater than the chances of a collision between three or four 
of the required chemical species at the same time. Most reaction steps in 
chemical reactions involve two atoms or molecules. The slowest step in the 
reaction mechanism is the rate-determining step. The nature of the reaction 
steps cannot be deduced from the net reaction. The reaction steps can only be 
found by experiment. 


Identification of the rate-determining step is important for establishing a 
quantitative rate law for the reaction as a whole. Often, the rates of reaction 
depend on the concentration of the reactants, but it is the concentration of the 
reactants within the rate-determining step that is they key issue. During the 
elementary reactions, or the reaction steps, intermediate chemical species 
may be formed which are used up in a later step and do not appear in the net 
equation. 


Some reaction mechanisms are noted for their explosive properties. In 
these cases, the steps become a self-sustaining chain reaction (such as in 
combustion). 
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7.4 Activation Energy 


A reaction step usually involves a two-particle collision (either atoms, ions 
or molecules). As two molecules approach each other, the outer electrons of 
one molecule will begin to feel the electrostatic repulsion of the other 
molecule. The kinetic energy of motion will be converted into electrical 
potential energy. The potential energy rises as the molecules come closer and 
closer together. 


When all the kinetic energy has been expended, the molecules are in very 
close proximity and are in a somewhat unstable state. The molecules at this 
point form what is called an activated complex. The activated complex is a 
conglomeration of the participating atoms. At this point, the activated 
complex may split into the product molecules (the forward reaction) or 
bounce backwards and reform the original molecules (the reverse reaction). 


The colliding molecules require sufficient kinetic energy to overcome 
mutual repulsion and allow the collision and formation of the activated 
complex. This is called the activation energy £,,,. The activation energy 
depends on the nature of the reactants. 


When a spark is introduced | E 
into a mixture of H, and O,, the 
energy of the spark overcomes £ 


act’ 


Activated 
complex 










Exothermic 
act 


the activation energy and allows j———m@------\--- 4 
the reaction to proceed. The | Reactants 
heat of the reaction furnishes Products | 


the required activation energy 
for further reactions. That is, the 

Activated 
complex 


H, gas undergoes ignition. | E 


Endothermic 
The activation energy is the Products | 
difference in energy between Fac 


the activated complex and the QO ™M"777777777 
average energy of the reactants. | Reacfants | 
If a particular reaction has a large 
activation energy, then only a small proportion of collisions may result in 
enough kinetic energy to overcome it, and the reaction will be slow. If a 
particular reaction has a lower activation energy, then a greater proportion of 


collisions will have enough kinetic energy to overcome it and the reaction 
proceeds at a faster rate. 


Re 
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7.5 Nature of Reactants 


The rate of a chemical reaction, that is, the rate of change of concentration of 
either the reactants or the products, depends on the nature of the reactants. 
When the permanganate ion is reduced by an Fe?* ion in an acidic solution, 
the reaction is very fast and is limited by the time it takes to mix the 
solutions: 

5Fe** (aq) + MnO; (aq) + 8H* (aq) > 5Fe**(aq)+Mn7*(aq)+4H,O fast 


But when the permanganate ion is reduced by oxalic acidic H,C,O,, the 
reaction is fairly slow, taking several minutes. 


5C,07 (aq) + 2MnO; (aq) + 16H * (aq) > 10CO,(g) + 2Mn** (aq) + 8H,0 
SIOW 


The main difference between the two reactions is the reducing agent. It could 
be argued that in the case of H,C,O,, many more bonds must be broken 
compared to the case of the Fe?* solution and this might influence the rate of 
the reaction. That is, the reaction mechanism for the second reaction may be 
quite different in character than that of the first reaction. 


Experiments indicate that: 


* Reactions that involve the breaking and formation of covalent 
bonds are usually slow at room temperature. 


¢ Reactions that involve electron transfer, such as ionic reactions 
in aqueous solutions, are generally fast. Examples are 
precipitation reactions, acid on base reactions, most 
oxidation/reduction reactions. 


Since the activation energy depends on the chemical species involved, then 
so does the rate of reaction. There is more chance of a successful or 
productive collision in the case of a low activation energy because a greater 
number of particles will have sufficient kinetic energy to overcome it. 


It is not only the chemical nature of the reactants, but the physical nature as 
well. Since collision theory requires atoms or molecules to make contact to 
form the activated complex, any mechanism that affects the degree of 
contact between atoms or molecules will affect the rate of reaction. In 
homogenous systems, such as aqueous solutions, there is intimate contact, 
whereas in inhomogeneous systems, such as solid/liquids, or solid/gas, 
reactions only take place at the surface of contact of the atoms or molecules. 
Increasing the surface area by mixing or grinding increases the rate of 
reaction. A common example is that sawdust is almost explosive in air, while 
a block of wood burns relatively slowly in comparison. 
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7.6 Concentration 


One of the most important effects on the rate of reaction is the 
concentration of one or more of the reactants. Generally speaking, 
increasing the concentration of a reactant increases the rate of the reaction 
(but not always). It is easy to accept that the chances of a successful, or 
productive, collision between two reacting particles is increased if there are 
more of them, per unit volume, involved in the process. Consider a reaction: 


A+B-— AB. 


If we only had one molecule of A and one of B, then we may have to wait 
some time before they encounter each other and collide in a way so as to 
produce the reaction. The collision rate, and hence the reaction rate, would 
be low. 


If we now increase the concentration of A, 
but putting more molecules of A in the 
reaction chamber, then there would be an 
increase in the chances of a successful 
collision — the reaction rate would increase. It 
is possible that doubling the concentration of 
one or other of the reactants would double 
the reaction rate. 


The concentration of a species in moles per litre can be conveniently 
written using [ ] notation. Thus, the reaction rate is indicated by the rate of 
change of appearance of the product, or the rate of change of concentration 
of AB. 


Reaction rate is 
expressed as alAB] 7 kA] [B] 
moles/litre/second dt 


This equation is called a rate law. k is the constant of proportionality, or the 
rate constant. It should be noted that the rate law actually observed for a 
reaction cannot be necessarily deduced from the balanced net equation. This 
is because one of the intermediate reaction steps may be the rate-determining 
reaction, in which case the rate law for that step would be required. Unless 
more of the reactants are continually added, the rate of reaction will 
generally decrease with time as the reactants are consumed (and their 
concentrations decrease). 
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7.7 Rate Law 


Consider the reaction: A+A > A, 


2A — A, __ Balanced equation 
The rate law would be written: 
Ma) afallal 
dt 
= KAP Rate law 


Note that the exponent of [A] in the rate law is the same as the coefficient of 
A in the reactants in the balanced equation. This is a second-order reaction. 


In general, for an equation of the form: aA + bB — P the rate law is written 


as: 
al) _ stay er 
dt 

For a single-step reaction, the exponents n and m are equivalent to a and b. 
However, a chemical reaction nearly always proceeds via a reaction 
mechanism, that is, a series of reaction steps. Thus, in most cases, there is no 
connection between the exponents n, m and the coefficients a, b for the net 
reaction. In general, the rate law for the net reaction has to be determined by 
experiment. 


The exponents 7 and m indicate the order of the reaction with respect to 
that reactant. For example, when n = 2 and m = 1, we say that the reaction is 
second order with respect to A and first order with respect to B. The overall 
order of the reaction is the sum m+n. When n or m equals zero, then the rate 
of reaction is independent of the concentration of the reactant and is a zero- 
order reaction with respect to that reactant. 


The rate constant, x, is specific to the particular reaction and depends on 
the experimental conditions. The units of k depend on the order of the 
reaction. A high value of & indicates fast reaction. For first-order reactions, if 
k> 10 sec'!, then the reaction is considered instantaneous. 


The rate law shows how the instantaneous rate of a reaction changes with 
the concentration of the reactants, as long as other factors such as 
temperature, the nature of the reactants and the presence of catalysts remain 
constant. 


The rate of a reaction with respect to either reactants or products is 
expressed in terms of the rate constant & and the order of the reaction. 
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7.8 Rates of Reactions 
There are several methods of expressing the rates of a reaction: 


Average rate of disappearance of areactantR: -— IR} -[Rh, 


ty -h 
P|,-|P 
Average rate of appearance of a product P: Ph -lPh 
ty —h 
d|R] 
Instantaneous rate of disappearance of a reactant: — de 
t 
dlp] 
Instantaneous rate of appearance of a product: ae 
t 
Half-life (the time taken for half of a reactant to to 


be consumed or product to be formed): 


The rate of formation of products P as a whole is equal to the negative of 
the rate of disappearance of the reactants R: 
d{p]__ alr] 


dt dt 
But we must be careful in expressing the rate in terms of a single product or 
reactant. For example, consider the following reaction: 


H,(g)+1,(g) > 2HI(s). 


Two moles of HI are produced at the rate of disappearance of 1 mole of H, 
per second. Thus, the rate of change of concentration, from stoichiometry, is 


dt dt — 


The rate at which H, disappears is the same as the rate at which I, 
disappears, and is half the rate at which HI appears. We cannot determine the 
order of the reaction from this net equation; we can only determine the 
relative magnitudes of the rates of products and reactants, no matter what the 
order for each participant might be. 


92 The Chemistry Companion 


7.9 Determination of Order 


One of the most common ways of determining the rate law for a reaction is 
to measure the initial rate of reaction (e.g. formation of products) while 
varying the concentration of one of the reactants and holding the 
concentration of the other reactants constant. 
d|P 
[ | = kA} [B]” 
dt 
Let us hold the concentration of B constant and express the rate as the rate 
of change of concentration of A: 





-——= =k'|A|" 
rea 
log - =-n log[A]-log k' 


By plotting the log of the initial reaction rate (d[A]/dé) versus log of the 
initial concentration [A], then the slope of the resulting straight line will be 
the order n. 


Similarly, we may hold the concentration of A constant and vary the 
concentration of B to obtain a value for m. 


2B _ ppp 
dt 
jog =-m log[B|- log k" 


It is important to know that the concentrations, and the rates, are determined 
at the initial conditions, that is, the rate of the reaction is measured as the 
slope of the tangent of the rate curve at t= 0. 


The procedure can also be performed numerically, where we substitute 
values of reaction rate and concentration into the general rate law and solve 
simultaneous equations for the two unknowns n and m. 


This method (either graphical or arithmetic) is called the initial rate 
method. 
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7.10 Determination of 1st Order Rate Law 


An example for a simple first-order reaction is the decomposition of 
hydrogen peroxide to water and oxygen: 


s This is ordinarily a very slow 
s reaction, but may be sped up 
40 AN by the addition of a catalyst. 
SS The concentration of H,O, at 
any point is found by 
30 —| N inhibiting the reaction by 
ye. addition of dilute sulphuric 
~S, acid, and the titration with 
is KMn0,. The volume of 
sA * a 2 . 
~ KMnQ, used in the titration is 
| aia an indication of the 
*"@®..__ concentration of HO, left in 
the solution. 


V (mL) 


0 
I I I I l 





0 10 20 30 40 
t (mins) 
The slope of the tangent to the curve decreases as ¢ increases, thus indicating 
that the rate of the reaction decreases with time. Since there is only one 
reactant, the decrease in reaction rate is therefore due to the decrease in 


concentration of H,O,. In general, the rate law would be written: 
d\H,O 7 
a0: -a{h,0, 
dt x 


For a first-order reaction, n = | and thus: logV 


t 
d|H,0, |=—kat [H,O,] is proportional to the titration 





[H0.] volume in this experiment, and so a plot 

[202] 1 f of log V versus f is a straight line if the 

| to, ]7 Ho! = -| kdt reaction is first order, and the value of k 

Eo," °°? 0 can be found from the slope of a plot of 
In{H_,0, |-In[H,0, |, =-kt log V versus t. 





logl[H,0, | =— Fi — t+log[H,0, |, (change of base to 10) 
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7.11 Half-Life Method 


The half-life t,,, of a reaction is the time for half of a reactant to be 
consumed, or half of a product to be formed. Consider previous case of a 
first-order reaction with one reactant: 


2H,0, > 2H,0+0,(g) 


Proceeding as before, we obtain 


d|H,0,| 
~ 7 = KH 209] in 202 | 
In[H,O, |= -k¢ + In[H,0, |, o 


[H,0,]|, = [H,0,],e™ 


The half-life t,,. is the time for one half of the reactant to be consumed: 





[H,0.] 
[20a] mn [H,02} 
[H,05], 2 

1 

In—=-—kt 
3 1/2 
0.69 t 
hyo = — ty 


k 


Either the rate constant & or the half-life (time measured for half the reactant 
to be consumed) can be determined from experimental data to give the other 
quantity. In a first-order reaction, the half-life is a constant and depends only 
on k. 
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7.12 Temperature 


The rate of a chemical reaction depends on the frequency of collisions 
between atoms, ions or molecules, and also the fraction of which these 
particles have an energy greater than the activation energy. Increasing the 
concentration of reactants generally increases the frequency of collisions. 
Increasing the temperature also increases the collision frequency because the 
particles are moving faster and make more collisions per unit time. However, 
the most profound effect of an increase in temperature is to increase the 
fraction of particles with an energy above the activation energy. 
fo) In gases, the distribution of 
velocities of molecules can be 
given by the Maxwell velocity 
distribution: 


2 
mv 


= LG 2, 2kT 
tf) anf =| ve : 





Nl] w 


High T 


Low T 


Vv 
At low temperature, a greater proportion of the molecules have a more 


narrow range of relatively low velocities compared to high temperature, 
where the range of velocities is more spread out, but shifted to higher values. 
Increasing the temperature therefore 


¢ Shifts the molecular distribution of energies to a higher value 
* Increases the proportion of molecules having higher energies 
thus increasing the frequency and number of productive collisions per unit 
time and hence increasing the reaction rate. 
The number of particles N with a total energy E was computed by 
Boltzmann using the Maxwell velocity distribution function: 
-E 
N=CelT” 
The rate constant for a specific reaction increases as the temperature 


increases, roughly in accordance with the Arrhenius equation: 
-E 


k=AePT, 
where it can be seen that k is an exponential function of 1/T. At room 
temperature, an increase of about 10°C results in an increase in reaction rate 
in the order of 2 to 3. 
If E represents the activation energy, then this may be determined by 
experiment by plotting the logarithm of k versus 1/T over a range of 
temperatures. 
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7.13 Catalysts 


The decomposition of hydrogen peroxide is a spontaneous, but slow reaction: 


2H,0, — 2H,0+0,(g) 


If powdered MnO, is added, the reaction proceeds much faster. Further, the 
MnO, molecules do not get used up during the reaction nor do they appear in 
the net equation. Substances which increase the rate of a reaction without 
appearing in the net reaction are called catalysts and the reaction is said to 
be catalysed. 


. : No catalyst 
The role of a catalyst is to alter the reaction ; 
: : 3 ys Activated 
mechanism by insertion of additional steps | E complex 
so that the activation energy is reduced, 


allowing the reaction rate to increase. 

While the catalyst may be consumed in one 
reaction step, and regenerated in another, it 
does not appear in the net reaction. 





Catalysts may be solids, liquids or gases. 
When the reaction being catalysed is all of With catalyst 

the same phase (e.g. all liquid), it is called Activated 
homogenous catalysis. When the reaction | complexes 

occurs at the surface of a catalyst, such as F Products 
over the platinum bed of a catalytic _ OOS ee 
converter in an automobile exhaust system, Reactants 

it is called heterogeneous catalysis. 







* A catalyst has no effect on the stoichiometry of the overall reaction. 

* A catalyst does not affect the equilibrium position of the reaction. That is, 
the reaction proceeds to the same point of chemical equilibrium as it 
would without the catalyst. It just gets to equilibrium faster. 

* A catalyst affects the reaction mechanism so as to lower the activation 
energy, thus increasing the number of molecules that can make a 
productive collision. 

A negative catalyst decreases the rate of reaction and is called an inhibitor. 
The means by which this does so may not necessarily be to increase the 
activation energy, but is sometimes due to the inhibitor preventing another 
chemical present from acting as a catalyst. Auto catalysis, or self-catalysis, 
occurs when one of the products of a reaction acts as a catalyst for the 
reaction. 

Enzymes act as catalysts in biological processes. Indeed, nearly all 
biological chemical reactions occur due to the action of catalysts. 
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8. Chemical Equilibrium 


Summary 


Law of chemical equilibrium: 


_ Ick IpF 
‘ [al BP 


Le Chatelier’s principle: 


When a chemical system is at equilibrium, and that 
equilibrium is disturbed in some way, then the system 
will change in a way so as to counteract the disturbance 
until equilibrium is re-established. 


Gaseous equilibrium: 
ais P 


Cs c 


PRT PP, 
Solid/solubility equilibrium: 


K,, =[A*(aq)|[B- (aq) 


Common ion effect: 


The presence of a common ion has reduced the solubility 
of a compound by several orders of magnitude. 
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8.1 Chemical Equilibrium 


If a chemical reaction proceeds from reactants to products spontaneously, we 
may at first expect the process to continue until the reactants are all 
converted to product. This is not observed. Usually, reactions proceed until 


there is chemical equilibrium. 
q At equilibrium, the rate of 


forward reaction = rate of 


Reactants <> Products ; 
reverse reaction. 


As the reaction proceeds, the reactants are consumed and the products are 
created. The concentration of the reactants decreases (unless they are 
continuously replenished) and the concentration of the products increases. 
The rate of a chemical reaction depends on the concentration of the reactants. 
Therefore if the concentration of reactants is steadily decreasing, then the 
rate of conversion of reactants to products (in moles/litre/second) is also 
decreasing. At the same time, the rate of the conversion of products back to 
reactants is increasing because the concentration of the products is 
increasing. At chemical equilibrium, the rates of both forward and reverse 
reactions are equal. 
A+B@C+D 

At equilibrium, we cannot tell from this equation how many moles of A and 
B exist, and how many moles of the product C or D exist. 


The concentrations of A and B 

start off at some particular 

values, then decrease and level A 
off with time. The concentrations 
of C and D start from zero and 
increase and level off with time. 
At equilibrium, the concentrations 
of A, B, C and D are all constant. 


CorD 


Moles/litre 


Although the balanced equation does not indicate the concentrations of 
reactants or products at any one time, they may be measured experimentally. 


At equilibrium: 
* The rate of formation of product C or D in moles per litre per second is 
equal to the rate of conversion of C and D back to molecules A and B. 
¢ The concentrations of A, B and C, D are constant. 
Chemical equilibrium is a dynamic equilibrium. Chemical activity still 
occurs at the equilibrium condition, but externally, we see no change in 
concentration of reactants or products. 


It is important to know that catalysts do not alter the equilibrium state; they 
only serve to increase the rate of both forward and reverse reactions. 
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8.2 Law of Chemical Equilibrium 


Consider the following single-step forward reaction: 
A+B>C+D 
The rate law for this reaction is written: 


d|C+D 
alC+D} _ fa qp] 
dt 
Now, consider the reverse reaction and its rate law: 
C+D—A+B 
d|A+B] 
——— = k'|C]D 
+B e(c[p] 
At equilibrium, the rate of forward reaction must equal the rate of the reverse 
reaction, and so: 
kA ]B]= «[c[D] 
[c[D]_& _ 
[AJB] #* 
That is, the ratio of the concentrations of the products over the reactants is a 
constant at equilibrium. A similar treatment can be written for more complex 
reaction steps. 


More generally, it is found from experiment that for the general chemical 


equation aA +bB — cC+dD the The value of the equilibrium 


equilibrium constant K, is given by constant depends on the 
eld temperature and the chemical 
Ic] [D] law of species involved. However, it does 
K, =————~ __ chemical 


not depend on the starting 
concentrations of either reactants or 
: as products. Whatever concentrations 
The magnitude of K, indicates the extent of A, BC andiDdhete are. when 
of the reaction. equilibrium is reached, the ratio of 
K.< 10> Forward reaction is negligible the concentrations expressed in this 
c way will have the same value at that 
temperature. The value of K also 
depends on how the balanced 


° AFIBP equilibrium 


Appreciable concentration 


-5 5 
10 =k, =10 of products and reactants 


K.2 10° Reverse reaction is equation is written (i.e. the choice of 
negligible and almost coefficients). The equilibrium 
complete conversion of constant must be associated with a 
reactants to products particular balanced equation. 


Note that the equilibrium constant does not provide any information on how 
long it takes for equilibrium to be established. It only provides information 
on the extent to which equilibrium favours the products over the reactants. 
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8.3 Equilibrium Constant 


For any chemical reaction, the ratio of concentrations raised to the power of 
the coefficients can be written as: 


[ck [Di 


[A}' By 
This is more formally called the mass-action expression. It is only at 
chemical equilibrium that this expression becomes equal to a constant value 
K., (the subscript c indicates concentrations in moles/litre). 
K,.. depends on the temperature. The units of K, depend on the powers to 
which the concentrations are raised. 
N,O, — 2NO,(g) 










K,= [No, f = mol/L 
°~ [N,0,] 
2CO(.) +0, > 2CO, 
= _[co.F = L/mol 
* [coP[o,] 


A particular value of K, depends on the form of the balanced equation. 


compare 


Homogenous equilibrium occurs when all reactants and products are in 
the same physical state. Heterogeneous equilibrium occurs when reactants 
and products are in different physical states. 

The concentrations of pure solids and liquids are constant. This is because 
if more pure solid or liquid is added, then the volume of that solid or liquid is 
also increased in the same proportion and so the number of moles per litre 
remains the same as before. The concentrations of these substances are 
removed from the equilibrium expression and are effectively incorporated 
into the value of K.. 

Gases cannot be removed from the equilibrium expression because their 
concentration changes during the reaction. 

Writing a chemical equation in reverse inverts the value of K,. 
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8.4 Le Chatelier’s Principle 


When a chemical system is at equilibrium, and that equilibrium is disturbed 
in some way, then the system will change in a way so as to counteract the 
disturbance until equilibrium is re-established. This is known as Le 
Chatelier’s principle. 

One way of disturbing the equilibrium condition is to add more of a 
reactant or a product. When more of a reactant is added, the forward reaction 
increases in rate (since reaction rate depends on the concentration) and more 
product is formed until the equilibrium condition, and the value of K,, is 
restored. When more of product is added, then the concentration of the 
products increases, thus increasing the rate of the reverse reaction until the 
equilibrium condition is re-established. Similarly, if either a reactant or 
product is removed, then the forward or reverse reaction proceeds at a faster 
rate so as to restore the concentration of the removed species until the 
equilibrium condition is re-established. 


Consider the effect of an increase in concentration of one reactant in the 
equilibrium expression: 


NO, — 2NO,(g) 


_ [No,f 


K.=7—T 
IN,O4] 


= 0.87 at 55°C 


Increasing the amount of N,O, makes the denominator of the expression 
larger, and makes the computed value of K, smaller. The concentration of 
NO, must increase until the original value of K, is re-established. Note that at 
the new equilibrium, the concentrations of both products and reactants will 
have increased but their ratio, as expressed by the equilibrium expression, 
remains the same. Looked at another way, introducing more reactant tends to 
increase the rate of the forward reaction until the equilibrium constant is re- 
established back to its former level. 


Another way of disturbing the equilibrium condition is to alter the 
temperature. The value of K. at equilibrium depends very much on the 
temperature. In an exothermic reaction, increasing the temperature tends to 
favour the reverse reaction. A new equilibrium is reached with a new value 
of K.. 
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8.5 Summary of Le Chatelier’s Principle 


Summary of Le Chatelier’s Principle: 


Increase in 
concentration of one 
reactant 


Decrease in 
concentration of one 
reactant 


Increase in 
concentration of one 
of the products 


Decrease in 
concentration of one 
of the products 


Pressure increase 
with volume 
decrease 


Pressure decrease 
with volume increase 


Temperature 
increase (exothermic 
reaction) 


Temperature 
increase 
(endothermic 
reaction) 


Temperature 
decrease 
(exothermic) 


Temperature 
decrease 
(endothermic) 


Catalyst added 





Forward reaction 
Reverse reaction 
Reverse reaction 
Forward reaction 


Decrease in number of 
gaseous molecules 


Constant Increase in number of 
gaseous molecules 

Decrease Reverse reaction 

Increase 


Increase 
Decrease 


Constant 


Forward reaction 


Forward reaction 


Reverse reaction 


No shift, but rate of both 
forward and reverse 
reactions increased 
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8.6 Equilibrium in Gaseous Systems 


For reactions involving gases, the law of chemical equilibrium can be written 
in terms of partial pressures. The amount of gas in a mixture can be 
measured in terms of its partial pressure. The total of all the partial pressures 
is the total pressure in the system. Consider the reaction 


A(g)+ Big) > C(g) 
General gas equation: PV = nRT 
Therefore, for A(g) P,V =nRT where P,, is the partial pressure of 











n gas A in volume V 
Po= = 
V 
= [A|RT and similarly for B(g) and C(g). 
[c] 
Therefore, K,=—pW4 
[A[B] 
= RT of 
anys 
K P 
c=—* a constant. 
RT PP, 
= Kk, 


That is, a gaseous equilibrium constant K, is the ratio of the partial 
pressures of the products over the partial pressures of the reactants. 


Example: N,(g)+3H,(g) > 2NH;(g) 


(Py, /RTP 
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8.7 Solubility of Solids 


Many chemical species dissolve in water. They can do so by a simple 
dissolution where the molecules just become separated from each other and 
are surrounded by water molecules, by dissociation into ions, and by 
chemical reaction with the water molecules. 


Silver chloride, AgCl, has a low solubility in water. Those molecules that 
do dissolve, do so by forming ions. The equilibrium constant is therefore 
written as: 4 eCl(s) <> Ag* (aq) + Cl (aq) Note that the chemical 

+ _ equation is written with the 
7 [Ag (aq) cI (aq)] ions on the product side. 
: [AgCl(s)| 

The concentration of a solid is a constant, and so is incorporated into the 

equilibrium constant to form a new constant, the solubility product 


constant, Kyi x =[Ag* (aq) [cr (aq) |=1.7x107 at 25°C 


The solubility product constant, K,,, applies to saturated aqueous solutions. 
The product of the ion concentrations is called the ion product. At 
equilibrium, the ion product equals K,,. A low value of K,, indicates that the 
concentration of ions in solution is low at equilibrium — in other words, the 
solubility of the compound is low. 

The solubility of a compound in water is the number of moles of that 
compound that can be dissolved in | litre of water (at a specific temperature). 
The solubility of a compound can be obtained from the solubility product 





constant. i : 
Ky, = lag (aq)||{ci (aq)| From the balanced 
-10 : equation, 1 mole of AgCl 
=1.7x10~ at 25°C will produce one mole of 


- Ag* and 1 mole of Cl 
S= [ag* (aq) |= lc (aq)| ae Therefore in a 1 


-10 _ 2 litre solution, there will 
ts be s moles of Ag* and s 
s =1.3X10~> mol/L moles of Cl: ions. 


At equilibrium, the rate of dissolution is equal to the rate of precipitation. 
In general, the solubility product constant is 


M,, Xm <2M"* (aq)+mX"" (aq) 
hig [Me (aq)]" Ix" (aqy|" at solubility equilibrium 


Ionic solids (salts) and some molecular solids may dissociate into ions in 
aqueous solution. 
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8.8 Factors Affecting Equilibrium 


A system tends towards a state of minimum energy and maximum entropy. 
The two tendencies can oppose or reinforce one another. 


¢ Ifthe forward reaction is exothermic AH < 0 and the entropy 
change AS > 0, then the forward reaction is favoured. 

¢ If the forward reaction is endothermic AH > 0 and the entropy 
change AS < 0, then the reverse reaction is favoured. 

¢ Ifthe enthalpy change AH > 0 and the entropy change AS > 0, then 
the forward reaction is favoured at high temperature. When AH < 0 
and AS'< 0, the forward reaction is favoured at low temperature. 


For a solid dissolving in a liquid, in saturated solution, the position of 
minimum energy can be on either side of the equation. The position of 
maximum entropy is on the dissolved side: 


Solid © Saturated solution 
entropy gain > 


< energy minimum > 


For the dissolving of a gas in a liquid, entropy decreases as the gas 
dissolves and so the tendency is to oppose the dissolving process, however, 
when a gas dissolves, the gas molecules, being attracted to the liquid 
molecules, enter a state of lower potential energy and so this favours the 
dissolving process. 


Gas © Saturated solution 
< entropy gain 
energy minimum > 


It is important to realise that the equilibrium constant is not the same 
thing as the solubility product constant. The solubility product constant is 
an experimentally derived value that applies to the solubility of a compound 
in aqueous solution. The equilibrium constant applies to any chemical 
reaction, not just those in aqueous (water) solution. 


Many chemical reactions occur in dilute aqueous solutions. In these cases, 
for reactions that consume, or produce, water molecules, the concentration of 
the water is considered constant and is incorporated into the equilibrium 
constant. This is because the amount of water consumed or produced is 
usually a small fraction of the overall total amount of water present. 
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8.9 Common lon Effect 


The solubility of an ionic solid in a solution containing a common ion is 
greatly reduced. This is because the concentration of the common ion 
appears in the expression for the solubility product constant. 


K,, = 1.5x10° for BaSO, in water . The solubility of this salt in water can 


be calculated and compared with the solubility in 0.1M Na,SOy. 
Solubility in water: 


K,, = [Ba”* (aq)][803 (aq)] 
=(s)(s) 
s? =1.5x10~° 
s =3.9x10™> mol/L 


Solubility in 0.1M Na,SO,: 


Ky, = [Ba® (aq)]|80% (aa)| 
=(s\(s +0.1) 
=1.5x10” 
(s+0.1)=0.1 since s will be << 0.1 


1.5x10° = s(0.1) 
s =1.5x10° mol/L 


The presence of the common ion has reduced the solubility of this 
compound by several orders of magnitude. 
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8.10 Precipitation 


The solubility product constant K,, can be used to predict whether or not a 
solid precipitate will form as a result of a chemical reaction between 
solutions. 

The product of the concentrations of the ions in a solution is called the ion 
product. When the ion product is greater than the solubility product 
constant, precipitation will occur until the concentration of the ion reduces 
to the extent that the ion product becomes equal to K,,. 


Consider the mixing of 1 litre of 0.5M Ca(NO,), and 1 litre of 0.2M 
Na,SO,. We begin by writing the ionic equation of interest: 


CaSO, © Cat? 2 SO Note that the equation has 
. te been written with the ions on 
The final volume of the mixed solution is the product side of the 


2 litres, and therefore the concentrations equation so that the ion 


of the original solutions are: pede ee aot 
directly, and not the inverse. 


ca* |= 0.25 
[so2-|= 0.1 
IP= lca" (aq) |[so2- (aq)| ion product 
= (0.25)(0.1) 
= 0.025 


K,, for CaSO, = 2.6x10~. Since the ion product is greater than K,,, then 
CaSO, will form as a precipitate until the concentration of the Ca?* and 
SO,’ ions fall until the ion product becomes equal to K,. That is, 
precipitation is a method of forcing out ions from the solution until the ion 
product becomes equal to K,,, at which time the solid and the solution are in 
equilibrium. Precipitation has important economic consequences whereby 
the extraction of the desired product must be achieved as economically as 
possible. Precipitates are sometimes washed with a solution containing a 
common ion to further reduce their solubility. 
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8.11 Complex lons 


Some molecules or anions have a lone pair of electrons. This enables them to 
combine, or coordinate, with some transition metal ions to form a complex 
ion. For example, the molecule ammonia, NH,, has a lone pair of electrons: 
H:N:H 
H 
NH, can coordinate to Ag*, Co**, Zn?*, Ni?* to form complex ions: 
+ 2+ 2+ yy: 2+ 
Ag(NH, );, Co(NH;, );*, Zn(NH; );*, Ni(NH, )¢ 


The OH- ion also has a lone pair of electrons and can coordinate with Pb?*, 
Zn?*, Sn?*, Al?* : 
Pb(OH); , Zn(OH); ,Sn(OH);, Al(OH); 


The ligand (the species with the lone pair) arranges itself around the metal 
ion and the electron pairs fill up vacant energy levels to create a noble gas 
configuration for the metal ion. The electron orbitals that are associated with 
isolated atoms are rearranged to give hybrid orbitals to accommodate the 
electron pairs. The overall charge on the complex ion remains unchanged. 


The equilibrium condition between the reactants and products for complex 


ion formation is called the stability constant K,,__,. 


Ni?* +4CN7 > Ni(CN);~ Tetracyanonickelate 
x -_tNilen ye] 
TN?" Hen-f 
Pt?* + 6NH, > Pt(NH, Ee Hexaamineplatinum (II) 
__ ret, "| 
[pe] Eyal 
Zn** +40H” > Zn(OH);~ Tetrahydroxozincate 
¢ __znlor) | 


© Ten Jou T 
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9. lonic Equilibrium 


Summary 


* Strong electrolytes dissociate completely into ions. 

* Weak electrolytes only partially dissociate into ions. 

* Non-electrolytes do not dissociate into ions when placed 
in solution. 


Ion product of water: [H+] pH 


2 [H+ Jou | a 
[H,0] 
< [H* Jou] 1x10-7 
1x10-14 14 


pH = log, [H*| pOH = logo |0H | 


Acids — proton (H*) donors Bases — proton (H*) 
acceptors 


Acid equilibrium constant: Base equilibrium constant: 


, so'lb] 


[be lou] 
[HA] ° [B] 
Neutralisation: An acid on a base gives salt and water 


Titration: The progressive addition of an acid to a base, or 
a base to an acid. 


Hydrolysis: The chemical reaction of ions with water. 
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9.1 Electrolytes 


When a substance dissolves, it may do so by simply separating from its 
neighbour molecules and become surrounded by water molecules, or the 
constituent molecules may break apart, or dissociate, and form negatively 
charged anions and positively charged cations. Such solutions conduct 
electricity by virtue of the movement of the ions under the influence of an 
applied electric field. Substances which dissolve to produce conducting 
solutions are called electrolytes. Substances which do not are called non- 
electrolytes. 


* Strong electrolytes dissociate completely into ions. 
* Weak electrolytes only partially dissociate into ions. 
* Non-electrolytes do not dissociate into ions when placed in solution. 


When an ionic substance dissociates into ions in an aqueous solution, the 
ions themselves are attracted to the polar water molecules and become 
hydrated. That is, a negative anion is surrounded by the positive (or H) end 
of water molecules and this hydrated ion can move around in solution under 
the influence of an electric field because as a whole, it is still negatively 
charged. Similarly, a positive cation is surrounded by the oxygen end of 
nearby water molecules and becomes hydrated, but the hydrated ion remains 
positively charged. 


Cae H* proton with positive 
Both ionic and _ molecular charge showing one water 
compounds may be _ strong molecule being attracted 
electrolytes. In the case of HCl, a to it. Other water 
© 


molecular compound, we have molecules may also be 
attracted to this proton. 
HCl+H,0 > H,0* +Cl- 


The hydronium ion, H,O%*, is a hydrated H* ion. For convenience, we omit 
the water of hydration and just write 


HCl H* +Cl- 


Examples of ionic compounds which are strong electrolytes are NaCl, 
MgCl, KBr, CuSO,, LiNO;. Examples of molecular covalent compounds 
which are strong electrolytes are HCl, HBr, HNO;. Examples of weak 
electrolytes are HC,H,0,, HNO,, NH3, HCN. 


The degree to which dissociation occurs depends on energy changes (in 
particular, the energy of hydration) and entropy considerations as well as the 
nature of the solvent, the concentration of the solute, and the temperature. 
The dissociation of HCl is an example of ionic equilibrium. 
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9.2 lonisation of Water 


Experiments indicate that pure water is a very poor conductor of electricity, 
but it does conduct, indicating the presence of ions. Water is a weak 
electrolyte. Water dissociates into ions according to 
ra _ The Ht ions attach themselves to other water 
H,0 << H" +OH molecules to form the hydronium ion H,0*, 


but here we will simply write the H* ions as if 
they exist on their own. 


The degree of dissociation is very small, and so the concentration of the Ht 
and OH" ions is also very small. 


The concentration of water, expressed as moles/litre, can be readily 
established from its molecular weight and its density: 


M.W.y,9 =16+2 
=18 


One litre of water has a mass of 1000 g, therefore the number of moles 7 in a 


litre of water is: 
2 1000 


18 
= 55.6 moles 
That is, water has a concentration of 55.6M. 


Since the concentration of the H* and OH™ ions in a litre of water is 
exceedingly small, the concentration of H,O is virtually a constant, and so 
the ion product K,, is formed: 


K= lH" jlo | The concentration of 
[H,0] H,O (55.6M) is taken 

to be a constant and 

Ky = [H* lou] incorporated into K,,. 


Experiments show that the ion product of pure water at 25°C is 
1.0 x 10°!4 mole*/litre?. The concentrations of H* and OH- ions are 1.0 x 
10-7 moles/litre respectively. 


A solution containing equal concentrations of H* and OH™ ions at these 
concentrations are said to be neutral. 


a =1x1077 mol/litre 
loH- =1x107’ mol/litre 
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9.3 H* and OH- Concentrations 


because HCl 
Consider a 0.1M solution of HCI: disp outes Compile 
+ z to H* and Cl- ions. 
HCl H* +Cl 


The concentration of H* ions will be 0.1M and Cl ions 0.1M. We can ignore 
the small amount of H* ions from the dissociation of the water solvent. But, 
the equilibrium between the H* and the OH™ ions in the solution must still be 
established such that Ix10-4 = lH" Jlon-| 


= 0.1loH-| 
lou |= 1x107'’ mol/litre 


That is, compared to neutral water, the concentration of the OH~ has been 
reduced from 1x10-7 to 1x10" due to a common ion effect. 

Consider now an aqueous solution of 0.1M NaOH. Using the same 
calculation as above, we find that NaOH —> Nat +OH- 


ae 1x107'’ mol/litre 


The added H* or OH™ ions suppress or inhibit the dissociation of the water 
molecules (in accordance with Le Chatelier). 

Because the changes in concentration of these ions can cover such a large 
range of magnitudes, it is convenient to express them on a logarithmic scale 
— the “p” scale. The pH is the concentration of H* ions found from: 


pH = ~log,o(H*| The pH is a measure of the 


: : - potential to combine with H* 
The pOH is the concentration of OH ions ions. A high pH means a high 


found from pOH = —log,,|OH™ potential for H* combination. 


Since the logarithm is the index to which the base must be raised to equal the 
number, the pH is the index of the H* concentration. For example, for a 


neutral solution, : log!” [at = —logi (0-7 ) 


=o [H+] pH pOH 
It is easy to show that for a solution at (mol/L) 
equilibrium, 
” pH+pOH =14 ; : = 
1x10-7 7 7 


Say we have a 5M solution of HCI. What is 
the pH? pH =—log,)5=-0.7 

A negative pH is possible, but at high concentrations, the assumptions we make 
about the derivation of these equilibrium formulae breaks down. 


1x10-"4 14 0 
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9.4 Acids and Bases 


A wide variety of substances can be generally classified into being either 
acids, bases or salts. Each of these has several distinctive characteristics 
when dissolved in water. 


Acids Bases 
Electrical conductor Electrical conductor 
Sharp sensation on skin Slippery feel 
Sour taste Bitter taste 


Change the colour of litmus from blue to © Change colour of litmus from 
red red to blue. 
React with some metals to form H, gas 


Dissolve carbonates to form CO, gas 


It was noticed that substances such as HCl, HNO3, HC,H,0,, H,SO, and so 
on had the characteristics of acids. Substances such as NaOH, KOH, 
Ca(OH),, Mg(OH), had the characteristics of bases. It was therefore 
postulated by Arrhenius (1859-1927) that acids are substances which 
dissolve in water to form H* ions, and bases are substances that dissolve in 
water to form OH ions: Acid Base 

HA —>H*+A™ BOH > B* +OH™ 
According to Arrhenius, all acids have the general formula HA and all bases 
have the general formula BOH. 

A slightly more general definition of Arrhenius’ scheme is that acids 
dissociate so as to increase the H* ions in water while bases dissociate and 
result in an increase in OH™ ions. 

It was also known that when an acid was mixed with a base, the resulting 
solution lost its properties of either (except for being an electrical 
conductor) and formed a salt with the general form BA. 

The degree of dissociation in water indicates the strength of the acid or the 


base: HCl > H* +Cl- Strong acid (equilibrium favours products) 
HC,H,0, > Ht +C,H,0; Weak acid (equilibrium favours reactants) 
NaOH —> Na* +OH™ Strong base (equilibrium favours products) 


NH, +H,0 © NH; +OH™ Weak base (equilibrium favours reactants) 
HCI+ NaOH —> NaCl+H,O acid + base = salt + water 


The Arrhenius definition of acids and bases remains the simplest and most 
popular despite it having some limitations in only dealing with H* and OH- 
ions as the cause of acidic or basic properties of substances. 
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9.5 Bronsted—Lowry 


Reactions can take place in other solvents besides water. H* and OH™ ions 
may not be involved at all, yet the reactions still have the characteristics of 
acids and bases. The Bronsted—Lowry definitions of acids and bases are 


Acids — proton (H*) donors 
Bases — proton (H*) acceptors 


The Bronsted-Lowry classification is consistent with the Arrhenius 
definition of acids and bases but includes certain substances that act as bases 
which are not covered by the Arrhenius definition. 


Consider the dissociation of HCl in water, and this time, we write the 
equation in full with the hydronium ion: 


HCl+H,0 > H,0* +Cl- 

Now, let’s focus our attention on the water molecule. The water molecule 
accepts a H* ion, a proton, to become a hydronium ion. That is, the water 
molecule, according to Bronsted and Lowry, acts as a base. At equilibrium, 
the reverse reaction also occurs: 

HCl+H,0 —H,0* +Cl- 
Here, the hydronium ion donates a proton to the proceedings and the result is 
a water molecule. For all intents and purposes, the hydronium ion acts as an 
acid. In the Bronsted—Lowry scheme, the water molecule is the conjugate 
base of the hydronium ion. Or, the hydronium ion is the conjugate acid of 
the water molecule. 

In the forward reaction, HCl donates a proton and becomes a CI ion. HCl 
acts as an acid. In the reverse reaction, the Cl ion becomes HCl. That is, the 
Cl ion acts like a base, accepting a proton and becoming HCI. HCl is the 
conjugate acid of Cl" and CI is the conjugate base of HCI. 


Every Bronsted—Lowry acid is accompanied by a Bronsted—Lowry base. 
The Bronsted—Lowry scheme has this extra dimension of creation of a 
conjugate pair compared to the Arrhenius theory: 

HA+H,0->H,0* +A7 

acid base acid base 
In the forward reaction, HA is the acid and H,0O is the base. For the reverse 
reaction, H,O* is the acid and A- is the base. 

The degree of dissociation indicates the strength of the acid or the base. A 
strong Bronsted—Lowry acid implies a weak conjugate base. One of the 
greatest strengths of this system is that acid-base reactions that do not 
involve the OH” ion can be accommodated. 
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9.6 Strength of Acids 


The strength of an acid is described by its tendency to dissociate into ions 
and produce H*. The pH scale does not necessarily indicate whether a 
solution contains a strong acid (or base); it only indicates the concentration 
of H* (and OH") ions which depends on both the intrinsic strength of the acid 
and the molar concentration used to make the solution. 

HCI is considered an intrinsically strong acid because it almost completely 
dissociates into H* and Cl ions: 

HCl > H* +Cl™ 
The equilibrium constant Kj, for this reaction is very large (=10’), 
favouring he products. Acetic acid is a weak acid: 
HC,H,0, @H*'+C,H,0, where we always know that 

The equilibrium constant for this reaction is very 4" is actually hydrated 
small (about 1.8 x 10->), favouring the reactants. 


The general expression for the acid equilibrium constant is given as 


HA+H,0 © H,0* +A™ K, provides a quantitative 
+l =| measure of the strength of an 
= H30° ||A acid. That is, its tendency for 
[HA | [HO] dissociation to provide H* ions. 
pH is an indication of the 
[H,0*][a-] concentration of H* ions in a 
Ky = ~ {Hay particular solution. A highly 
concentrated solution of a weak 
since the concentration of H,O is acid may have a similar pH to a 
considered constant. dilute solution of a strong acid. 
; The strength of a base can be 
meld Ka Conjugate expressed in a similar manner by 
base oop cs 
the base equilibrium constant K>. 
HCIO, —-~1010 clo,- 
B+H,0 © BH* +OH™ 
H,SO,  ~109 HSO,- 
Fs a 
Hol OT Gr x, - Bu’ llow] 
HSO, 1.3x102  SO,- [B] 


These equilibrium constants can be 
expressed on a logarithmic scale: 


pK, = —logiolK 4] 


pK, = —log [Kg] 
For an acid and its conjugate base, 
pK, +pKp, =14 


H,PO, 8x10  -H,PO,- 
HC,H,0, 1.74x10-8 CH,CO,- 
NH,* 6.3x10-19 NH, 
NH; =10°30 NH 
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9.7 Acid—Base Reactions 


A few acids and bases are strong, but most are weak. Consider the 
dissociation of acetic acid HC,H,O,, a weak acid with K, = 1.74 x 10~. 
HC,H,0, +H,0 © H,0* +C,H,05 


The concentration of H,O* is found from: 





_ [,0*[c.#,05] SOLE al GANG 
[HC,H,0, |[H,O] H,SO,, HCIO, 


o-3 HHC2H302] 


C)H,05| 

If a solution is made with 0.1 moles of HC,H,;0,, then the concentration 
[HC,H,0,] is 0.1M. What then is the concentration of [C,H,0,-]? It must be 
small since the value of K, implies a low incidence of dissociation. Now, let 
us add 0.1 moles of solid NaC,H,O, . Since the salt, NaC,H,O, dissociates 
almost completely, the concentration of the acetate ion is now approximately 
0.1M. Thus 50.1 


0.1 


[1,0* J=1.74x1 


[1,0 |=1.74x107 
pH = 4.75 


If to this solution we now add a small amount of a strong base, say 0.001 
moles (a drop) of 2M NaOH, then the NaOH reacts with the acetic acid 
molecules: HC,H,0, + NaOH <> H,0 + NaC,H30, 


The quantity [HC,H,O,] is reduced from 0.1M to 0.099M. The quantity 
[C,H,0,"] increases to 0.11M (since the NaC,H,O, dissociates). The pH of 


this new solution is 


pH = log} 1.74x10~° oom =4.8 
0.11 


The HC,H,0, / C,H;0,° solution is called a buffer solution, because of its 
ability to resist changes in pH. If a small amount of acid is added to the 
solution, this reacts with the acetate ion and the concentrations shift slightly 
the other way, and the pH remains almost unchanged. _Note, without the 


If the concentration of the introduced acid or base common ion, addition 
of small amounts of 


becomes too large, then the buffering capacity of elder baeeieah 
the solution is exhausted and the pH changes significantly alter the 
appreciably. pH by several units. 















Saliva from the mosquito comtams an anticoequ 
lant to beep the blood tram clotting so the measquitoe 


Less than 5 percent of skin is blood vessel, so can feed easily 
when a mosquito comes for lunch, it has to fish. it 
Casts its proboscis back aed forth under the skin To combat the foreign substance, (ve immune 


system releases a chemical called hestarmne. Histarrmne 
causes blood vessels near the bite to enlarge. This causes 
a wheal (2 red, swollen area) to form on the shin 
Histarmine also rritates nerve encings in the skin and 
frees you itch, 


Sawing throwah tissue and oroteng nn 10-second etervals 
untd @ strikes a small blood vessel or capdlary 


The mosquito must prerce the Bundles of tough fibers that give the 
epidermis, a thin upper layer of = shin Hs elasticity, firmness and 
the shin made of several ayers —s Strength help make up the dermis. 
of beng cells topped by sheets Blood vessels and nerves are here 
_ Of daad cols 
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9.8 Buffer Solutions 


Buffer solutions have the important property of being able to maintain pH 
when disturbed by the addition of other acids or bases. Buffer solutions can 
be made in two ways: 


1. Weak acid/salt of conjugate base (e.g. acetic acid and sodium acetate) 


NaA\) > Na*+A7 There are two equilibrium reactions going 
on here. One is the almost complete 
HA+H,0 @H,0* +A™ dissociation of the salt into its ions, and 
the other is the partial dissociation of the 
[HA] acid. The [A‘] is dominated by the 
| =| molarity of the salt solution. The other 
A reaction is the acid equilibrium. Because 
of the presence of the common ion A, 
pH =-log| K [HA] the equilibrium for this reaction lies on the 
A [a-] reactants side of the equation and [HA] is 
therefore practically equal to the molarity 
of the acid. 





Since [HA] is high (equilibrium to the left), any added OH” from an 
introduced chemical will react with these ions: 
OH +HA—>A’ +H,0O 
added _ in buffer 
H,0* +A”° —HA+H,0 
added _ in buffer 


The added H,0°* or OH™ ions will be prevented from affecting the pH by 
combing with either the HA or A7 ions already in the solution. 


2. Weak base/salt of conjugate acid (e.g. ammonia/ammonium chloride) 


ty + - 
BHA 2 BE et Complete dissociation of the salt into its 


B+H,0 © BH+OH ions results in the [BH*] being dominated 
by the molarity of the salt solution. 


| =| [B] Because of the presence of the common 
OH |= Kz ion BHt, the equilibrium for the base 
[BH | reaction lies on the reactants side of the 
equation and [B] is therefore practically 
OH joel [B] equal to the molarity of the base. 
p = — 10g) 4 2 
[pH] 
pH =14-—pOH 


Any added H,O* or OH" ions will be prevented from affecting the pH by 
combing with either the B or BH* ions already in the solution. 
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9.9 Indicators 


Indicators are either a weak acid or a weak base with the property of 
exhibiting a change in colour depending on the pH of the solution. The 
molecular form of the acid HA has one colour, and the ionic form, A-, 


another colour. rn 7 
HA+H,0©H,0°+A 


Colour 1 Colour 2 

If a small amount of indicator is added to a solution containing a large 
concentration of H,O*, then the equilibrium for the indicator solution shifts 
towards the reactants and Colour 1 dominates. If the indicator is added to a 
solution of large concentration of OH’, then the equilibrium shifts towards 
the products and Colour 2 dominates. 

Typically, a few drops of indicator are added to a solution whose pH is to 
be determined, and the resulting colour of the solution indicates the pH when 
read off against a colour chart. 


For the indicator: 


HA+H,0 @H,0* +A™ 
Indicator Ky pH 





[1,0*][a-] of colour 
Kk, = change 
[HA] Methyl orange 2x10* 3.7 
Litmus 1x10’ 7 
[1,0*]= K, [HA] Phenolphthalein 7 x10-1° 9.1 


la] 
An indicator changes colour when [HA] = [A7], 

- H,0* |= Ky 
Indicators are useful when they exist in a solution whose pH is slowly 
changing. If the pH, or the [H,O*] of a solution changes so that [HA] 
becomes equal to [A7], and the [H,O*] of the solution becomes equal to the 
K,, of the indicator and the colour changes. 

It is important to know that an indicator does not necessarily change colour 
when [H,O*] = [OH-]. Some indicators change colour on the basic side, 
while others change on the acidic side, and some at the neutral position, or 
equivalence point. 

The end point occurs when the indicator changes colour. The reason why 
this is called the end point becomes clear when indicators are used in the 
process of titration. 
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9.10 Neutralisation 


When an acid reacts with a base, the H* ions combine with the OH “ions to 
form water, and the acidic and basic properties of the solution disappear 
along with the disappearing ions. This is neutralisation. That is, an acid on a 
base gives salt and water. 


Consider 0.1M HCl added to 0.1M NaOH: 
HCl+ NaOH > NaCl+H,O 


More specifically, in 0.1M solutions, we do not have HCI molecules and 
NaOH molecules. They are already dissociated into their constituent ions. 
The reaction is therefore actually 
H,0*+Cl” +Na*+OH™ — Na* +Cl +2H,0 
The net reaction is therefore 
H,0*+OH — 2H,0 

We know from experience that the products of this reaction are salt and 
water, or more specifically, Na* ions and Cl ions and water. That is, salty 
water, and not a mixture of acidic and basic solutions. But, how do we know 
this? Because in any aqueous solution at equilibrium, K,,= 1 x 107'*. 

Equilibrium favours the products because the reverse reaction, the 
dissociation of water, has such a low equilibrium constant (or ion product 
in this case). The H,O* ions combine with the OH™ ions to form water until 
such time as the product of the concentrations of H,0* and OH™ ions fall to 1 
x 10-'4 moles/litre. 


For strict neutralisation of a solution to occur, the initial concentrations of 
the H,0* and OH" ions must be similar — that is, the acid and the base must 
be of about the same strength. That is, if equal moles of acid and base are 
added, the final solution [H,0*] = [OH7] = 1 x 10-7. 

In a solution of acetic acid, very little dissociation occurs and so the 
reaction with a strong base in aqueous solution is: 

HC,H,0, +Na’ +OH” > H,0+Na+C,H,05 
HC,H;,0,+OH —+H,0+C,H;0, 
The resulting solution is not neutral, but slightly basic in the sense that one of 
the products, C,H,O,-, is a Bronsted—Lowry base. In general, 
HA+OH —+H,0+A™ 
An interesting application of neutralisation is the use of antacids for relief 


of heartburn. In order to raise the pH in the stomach, sodium bicarbonate can 
be used to react with HCl in the gastric juices to give H,O and CO,(g). 
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9.11 Titration 


The progressive addition of an acid to a base, or a base to an acid, is called 
titration. Typically, when a base of known concentration is added to an acid 
of unknown pH, we say that the acid is titrated with the base. A known 
number of moles of base is added to the acid, either in solid form, or more 
commonly, as a solution via a burette. 

As the base is added, the concentration of [H,O*] changes due to 
neutralisation. If the pH is monitored during the process, a titration curve can 
be plotted showing pH against moles of added base. 


The moles of added base are measured 


il usually by use of a burette. For the case 
of a strong acid and a strong base, there is 

a sharp change in pH at the equivalence 

7 point, where [H,0*] = [OH7]. At or near 


this point, a very small addition of base 
results in a large increase in pH. 





Equivalence 
point 





Moles added base 


At the start of the titration, [H,O*] is the molarity of the acid (for a strong 
acid). Before the equivalence point is reached, [H,O*] is found from the 
initial moles of [H,0*] less the moles of added OH~ (from the burette). At 
the equivalence point, [H,0*] = [OH-] = 1 x 10-’. After the equivalence 
point, there is an excess of OH~. Since we know how much OH7 is used to 
neutralise the acid, we know how much excess [OH™] exists after the 
equivalence point (from the burette reading) and the pH can be calculated 
from 14 — pOH. 

The change in pH of the solution as the base is added can be measured 
using a pH meter, or more conventionally, using an indicator. When the 
indicator changes colour, the end point, the titration is finished. 
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9.12 Choice of Indicator 


During a titration, the indicator to be used should have an end point which 
corresponds to the equivalence point. At first sight, this might sound like 
that the only useful indicator would be one that has an end point at pH = 7. 
However, the choice of indicator depends on the nature of the reactants. 







14 weak acid/ 
Sstrongbage eee 
red Ne - strong acid/ 
Phenolphthalein j strong base 
' colourless pes aw 
p i 
blue ihe 
: i trong acid/ 
7 i s 
aus / weak base 
, Methyl orange 
! 
1 
| Equivalence 
’ point 
0 





Moles added base 


In the case of a strong acid being titrated with a strong acid, any of the 
three indicators above are suitable. However, for the case of a weak acid and 
a strong base, Methyl orange would not be suitable because it would change 
colour too early. Phenolphthalein would be a better choice because its end 
point (pH at which colour changes) more closely coincides with the 
equivalence point. For the case of a strong acid and a weak base, Methyl 
orange would be suitable, but not Phenolphthalein. Litmus is usually 
considered a poor choice because it changes colour over too wide a range of 
pH compared to other indicators. Weak acids are not usually used with weak 
bases in titration experiments. 

A universal indicator is a mixture of other indicators designed so that 
different colours indicate different pH values. 

In swimming pool maintenance, a few drops of phenol red (colour change 
from yellow to red over a pH range of 6.8 to 8.4) are used to measure pH. 
When the water is basic, the acid demand test involves putting a few drops of 
acid into the test mixture to determine how much acid is required to bring the 
solution back to the desired range of pH (usually 7.2 to 7.6). 
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9.13 Hydrolysis 


Hydrolysis is the chemical reaction of ions with water. Anions may function 
as Bronsted-Lowry bases and receive a proton from the water molecule: 
n- ca n-l 
— B’ +H,0 @ OH +BH ; Many elements occur 
Halide ions do not hydrolyse to any appreciable extent: in compounds as 


- - = oxides and 
el ae eine pee? hydroxides. When 


Oxide and sulphide ions hydrolyse: hydrolysed, water 
OF +H,0 — 20H pH <7_ molecules attach 
2. _ _ themselves to anions 
S° +H,0 > HS +20H or cations formed by 
Weak conjugate bases of strong acids do not hydrolyse: _ their dissociation in 
= = solution and these 
ClO, +H,0 — HCIO, +OH pH=7 fjutoleed ions Inisy 
Strong conjugate bases of weak acids do hydrolyse: act as acids or bases. 
- i The extent to which 
C,H;0, +H,O@ HC,H;0, +OH PH<7 this occurs depends 
Cations may function as Bronsted-Lowry acids and on the size of the 


donate proton to the water molecule: alaraennd sie eek ge: 


A™ +H,O OH,07+A"" 
Hydrated cations of groups I and II do not hydrolyse. Hydrated transition 
metal ions (Al,*, NH,*) hydrolyse to give acid solutions. 
[Fe(H,0), P* +H,0 > H,0* +[Fe(H,0),0HP* 
The salts of strong acids to not hydrolyse. For example, NaCl dissolved in 
water produces NaCl Nat +Cl> 


Na* +H,O > no reaction p=? 
Cl” +H,O => no reaction 

The salts of weak acids and strong bases do hydrolyse. For example, 

NaC,H,0, (sodium acetate) when dissolved in water produces 


NaC,H,0, > Na* +C,H,0,— 
Na* +H,O > noreaction 
C,H,0, +H,O@HC,H,0,+OH pH>7 
The salts of strong acids and weak bases do hydrolyse: 
NH,Cl—> NH** +Cl" 


Cl” +H,O — no reaction 
NH** +H,0 > NH, +H,0* pH<7 


The salts of weak acids and weak bases do hydrolyse but the resulting pH 
depends on the solubility constants K, and Kz. 
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9.14 Simultaneous Equilibria 


In the ideal case, only one equilibrium constant need be satisfied in a 
chemical reaction, but in practice, several equilibria are operating at the same 
time. For example, consider the hydrolysis reaction involving the 
dissociation of (NH,),S in solution: 


NHj +H,0 © NH; +H,0* 
S* +H,0 4 HS +OH™ 
There are two equilibria to be satisfied: 
PK a(ynj) =92 
PKp(e>-) =0.2 
PK af) > Pn(un) 
“ pH>7 


The quantitative analysis of hydrolysis involves the simultaneous equilibria 
of two reactions. For example consider the hydrolysis of the acetate ion: 


C,H,0, +H,0 © HC,H,0, +OH™ 


K,, =[H,0* llon-] 





=i<i0" 
tr lliextn0,] | 
h 7 the hydrolysis 
Ic,H,03 equilibrium constant 
K 
OH |=——~- 
oo 
K,= K, |Hc,H,0, | 
Ic.H303| 
K 


=—* The hydrolysis equilibrium 
constant is expressed in terms of 
the associated acid (or base) 
equilibrium constant. 
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9.15 Complex lons 


Ligands are molecules or anions that have a lone pair of electrons. NH;, 
H,O and CN are examples. Some ligands combine with transition elemental 
metal ions — they become coordinated with the ion to form a complex ion. 


cute, ), ps ligand 
[ai(t1,0),* IML) 
[Ag(CN )p i metal coordination 


ion 
number 


The coordination number usually equals twice the charge on the metal 
ion. The overall complex ion charge equals the sum of the cation and ligand 
charges. Complex ions may be anionic, cationic or neutral. 


The properties of complex ions depend very much on the geometrical 
arrangement of molecules around the central atom. In general terms, the 
ligand provides electron pairs which find a place to attach themselves at 
available electron d orbitals around the central metal ion. However, this can 
happen in several ways. For example, consider the complex ion formed by 
Co and the ligands Cl- and H,O: 


[Co(c1), > coordination number 4 


[co(H,0), P* coordination number 6 


The lone pairs on the ligands face inwards towards and occupy d orbitals on 
the central metal ion. The reaction in water is 


[co(Cl), > +6H,0 © [Co(H,0), P* +4c1- 
blue pink 
Colours are often prominent in these compounds because the energy levels 
associated within the d orbitals are in the visible light range. Certain 
wavelength components of white light passing through solutions containing 
these ions are absorbed and the transmitted light that we see appears 
coloured. 
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10. Electronic Equilibrium 


Summary 


* Oxidation occurs at the anode. Neutral atoms 
being oxidised lose their electrons and become 
positively charged cations which tend to move 
towards the cathode. 

4Fe(s) > 2Fe3* (aq)+4e- Oxidation occurs 
when the oxidation 
Cu(s) > Cu** (aq)+ 2e number of an atom 
is increased (loss 


Zn(s)— Zn** (aq)+2e7 of electrons). 


H3*(g) > 2H* +2e7 


* Reduction occurs at the cathode. Positively 
charged ions in solution take up the electrons 
coming from the oxidation reaction and become 
neutral atoms. The remaining negatively charged 
anions tend to move towards the anode. 

30, +4e > 2077 
- Reduction occurs 
2Ag** +2e — 2Ag(s cake 
. al ) when the oxidation 
2H* +2e —2H,(g) number of an atom 
is decreased (gain 


2+ - 
Cu” +2e > Cu(s) of electrons). 
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10.1 Oxidation and Reduction 


Oxidation and reduction reactions involve the equilibrium of a competition 
for electrons between atoms and ions. It is electronic equilibrium. To see 
how this comes about, we need to look at some numbers that quantify what 
drives this type of reaction. 

The oxidation number, or oxidation state, is a quantity that describes the 
number of electrons that seem to be gained or lost by an atom when a 
chemical bond is formed. During a chemical reaction, oxidation occurs 
when the oxidation number of an atom is increased (loss of electrons). 
Reduction occurs when the oxidation number of an atom is decreased (gain 
of electrons). That is, the term reduction indicates a reduction in oxidation 
number. 


Consider a simplified version of the oxidation The terms oxidation and 


reduction are historical 


of iron: in origin. They arose 
4Fe(s)+ 30,(g) > 2Fe,0,(s) from the common 
observation that some 
The oxidation half-reaction is reactants combine with 
on _ oxygen (and so are said 
4Fe(s) > 2Fe3* +4e to be oxidised) while 


others lose oxygen 


In this half-reaction, the oxidation number of the Fe atoms (and so are said 


atoms increases from 0 to 2+ (loses electrons) to be reduced). Now it 
The reduction half-reaction is is recognised that it is 
the loss and gain of 
30,+4e — 2037 electrons that is the 
important feature of 
In this half-reaction, the oxidation number of the such reactions. 


O atoms decreases from 0 to 2— (gains electrons). 


The oxidising agent, or oxidant, is the substance that is reduced. In the 
example above, oxygen is the oxidising agent since oxygen oxidises the iron. 
The reducing agent, or the reductant, is the substance that is oxidised. A 
redox couple is an oxidant and its complementary reductant. In the above 
example, the redox couples are written 


om _ Oxidant/Reductant 
Fe/Fe3 and 0,/03 


(or Reduction/Oxidation) 


The processes of oxidation and reduction do not occur in all chemical 
reactions. In many reactions, the oxidation numbers of the participating 
atoms do not change. Examples of non-redox reactions are some 
precipitation reactions, acids reacting with bases, acids and oxides, 
hydroxides, sulphides and carbonates. In acid-base reactions, it is more an 
exchange of protons that is important, not electrons. 
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10.2 Redox Reaction 


Consider the redox reaction: Cu(s)+2Ag** (aq) > Cu*(aq)+ 2Ag(s) 


We can separate out the oxidation and reduction processes physically using 
separate beakers of solution, a wire for electrons to flow along, and a salt 
bridge for ions to move across and electrodes where reactions take place. 


Cathode 4——— electrons wire Anode The salt bridge is a 
(-) tube containing a salt 
Copper solution (e.g. NaNO3) 
rod and allows negatively 
charged anions to 
move into the anode 
solution and 
positively charged 
cations to move into 
the cathode solution 
while at the same 
0.1M AgNO; -1M CuSO, time preventing bulk 
2Ag** (aq)+ 2e > 2Ag(s) Cu(s) > Cu** (aq)+ 2e mixing of the 


solutions. 













cations (+) anions (-) 


Reduction half-reaction Oxidation half-reaction 
The electrode where reduction occurs is called the cathode. Silver has a 
greater affinity for electrons than copper. So, the Ag** ions in the solution 
combine with the free electrons in the cathode to form solid silver. This loss 
of free electrons at the cathode represents a net positive charge. The Ag?* 
ions are pulling the electrons off the silver rod and forming solid silver at the 
cathode. But the consumption of Ag?* ions in the solution results in a build- 
up of negative charge (the NO, ions), and if this is not balanced in some 
way, the reaction will come to a stop as the ions in the solution repel any 
more electrons arriving at the cathode wanting to take part in the reaction. 

The electrode where oxidation occurs is called the anode. The copper rod 
at the anode dissolves away to form Cu?" ions and free electrons. These free 
electrons travel along the wire and are consumed at the cathode. The build- 
up of positively charge Cu?* ions would eventually overcome the affinity for 
electrons by the silver and the reaction would come to a stop. 

If the NO; anions are allowed to flow from the cathode solution to the 
anode solution, and the Cu?* cations flow from the anode solution to the 
cathode solution, then build-up of excess charge would be prevented and the 
reactions at each electrode would proceed spontaneously. 

The redox reactions, arranged in this way, constitute an electrochemical 
cell (or galvanic cell) since a voltage is produced between the cathode and 
the anode. The sign of the anode and cathode is determined by the flow of 
electrons in the external wire, not the ion flow in the solutions. 
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10.3 Single-Cell Redox Reaction 


Consider the redox reaction 


Cu (s)+ gAg* (aq) Ci (aq) + 2Ag(s) 


We have seen that this is an oxidation-reduction reaction whereby each half- 
reaction can be arranged to occur in separate solutions. This reaction can also 


occur in a single solution. 
Redox reactions of 


Copper this kind find 
rod application in the 
2A ai ) 2e7 2A ( ) silvering of copper 
g laq)+2e — 2Ag\(s 


conductors in 
electrical switch gear 
whereby the 
oxidation (dulling) of 


Reduction half-reaction 


Cu(s) > Cu*(aq)+2e7 copper due to 
atmospheric 
Oxidation half-reaction contaminants is to 
be avoided. 


aie 


1M AgNO, 


When a copper rod is dipped into a silver nitrate solution, silver metal is 
spontaneously deposited on the rod. The solution turns blue. Electron 
transfer occurs from the copper to the silver ions in the vicinity of the rod. 


Another good example of a single-cell reaction is when a zinc rod is dipped 
into hydrochloric acid. 


Zinc rod 


2H* + 2e” > 2H,(g) 
Reduction half-reaction 


Zn(s) Zn" (aq)+ 2e- 


Oxidation half-reaction 





1M HCl 


The metal dissolves in the acid, producing H, gas. The same thing happens 
with Mg, Al, Fe and Ni, but not with Cu, Ag and Au. The reason for some 
metals being able to be dissolved in HCl and others not can be found by a 
consideration of standard electrode potentials. 
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10.4 Standard Hydrogen Electrode 


Consider the redox reaction 
Cu**(aq)+H>(g)— Cu(s)+ 2H* (aq) 


copper 


Wie Anode (-) 


Cathode (+) 4—— electrons 


cations (+) 






anions (-) 










lon (salt) 
bridge 





Cures Pt (inert) 
p electrode 
Cu**(aq)+2e7 > Cu(s) H3*(g) > 2H* +2e7 
Reduction half-reaction Oxidation half-reaction 
Cu**/Cu Redox couple H*/H,,(g) Redox couple 


When the H, gas is at 1 atm and the H* solution is 1 M, the H*/H, redox 
couple is referred to as a standard hydrogen electrode and is assigned a 0V 
potential. The potential difference between the hydrogen standard cell and 
the other electrode is called the standard electrode potential E° for the half- 
reaction occurring at that other electrode. 

Standard electrode potentials are provided from the point of view of 
oxidation at the hydrogen standard electrode. That is, positive values of 
standard electrode potentials for a redox reaction indicate that the reaction 
will be one of reduction when the other half-cell is the standard cell. When 
the standard electrode potential for a redox reaction is listed as negative, it 
indicates that this reaction will be an oxidation reaction if the other electrode 
is the standard hydrogen electrode. 

The standard electrode potential E° for the Cu2*/Cu half-reaction above is 
+0.34V and so the copper is reduced and the hydrogen is oxidised. The value 
of E° for Zn is -0.76V and so if a zinc electrode and solution were used in 
place of the copper, the zinc would be oxidised and the hydrogen would be 
reduced. 
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10.5 Standard Electrode Potentials 


Standard electrode potentials E° for some reduction half-reactions where 
gases are at | atm and solutions are 1M: 
F,(g)+2e° > 2F- +2.87 
O,(g)+2H*(aq)+2e” > 2H,O +2.07 
MnO;* (aq) + 8H* (aq)+ 5e> > Mn (aq)+4H,O +1.51 


Cl,(g)+2e° — 2CI (aq) +1.36 
O,(g)+4H* (aq) +4e > 2H,O +1.229 
Ag*(aq)+e — Ag(s) +0.799 
Fe**(aq) +e — Fe** (aq) +0.771 
Cu*(aq)+e7” — Cu(s) +0.52 
Cu* (aq) +2e7 > Cu(s) +0.337 
Sn** (aq) +2e — Sn?* (aq) +0.15 
S(aq) + 2H* +2e° > H,S(g) +0.141 
aie: QH*(aq)+2e >H3*(g) itt ttt 
Pb? (aq)+2e° PbS) 01202 2«2@+~*” 
Sn7* (aq) +2e” — Sn(s) -0.136 
Fe** (aq) +2e” — Fe(s) -0.440 
Zn** (aq) +2e7 > Zn(s) -0.763 
Al** (aq) +3e7 — Al(s) -1.66 
Mg?* (aq) +2e7 > Mg(s) -2.37 
Na*(aq)+e — Na(s) 2714 
Ca** (aq) + 2e7 > Ca(s) -2.89 
K*(aq)+e° > K(s) -2.925 


Li* (aq)+e” — Li(s) -3.045 
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10.6 Spontaneous Redox Reactions 


A very useful application of standard electrode potentials is the 
determination of whether a redox reaction will proceed spontaneously or not. 
Consider the copper and zinc redox couples: 


Cu**/Cu Tn (Zn 


E° =+0.34V E° =-0.76 V 
There are four possible reactants and two possible reactions: 


1 Cu os) + Ziti No reaction (simultaneous oxidation) 
2 2 
2 Cufs) + ZN (ed) Cu** (aq)+ Zn(s) > Cu(s) + Zn** (aq) 
2+ 2+ 
3 CU eay + Zn) CU Gea + ZN(ox) > Cu (aq) + Zn(s) 


4 No reaction (simultaneous reduction) 


CU (ed) + Z0 (yea) 

The first and fourth possibilities cannot happen since we must have 
complementary oxidation and reduction processes happening. To determine 
which of the second and third possibilities will happen spontaneously when 
these chemicals are in an electrochemical cell, we add the standard 
electrode potentials. However, the standard electrode potentials are 
expressed in terms of reduction reactions, and so we must reverse the sign 
for a corresponding oxidation reaction. 

For the second possibility, the electrode potential for the oxidation of 
copper in solution would be —0.34V. This is added to —0.76 for the reduction 
of zinc to obtain —1.1V. Since this total is a negative voltage for the cell as a 
whole, we say that this reaction will not proceed of its own accord. 

For the third possibility, the electrode potential for the reduction of copper 
in solution is +0.34V. This is added to +0.76 for the oxidation of zinc to 
obtain +1.1V. Since this total is a positive value, we say that this reaction 
will proceed of its own accord and what’s more, we would measure a 
potential difference of +1.1V across the terminals of the cell. 


Standard electrode potentials for a 


ze) 

redox reaction indicate the Besos poupls a 
reduction potential of the half- Oxidant / Reductant Higher 
reaction. Generally speaking, a redox 2, 
reaction will proceed spontaneously % vee 
if the oxidant (the one that is > \? 
reduced) from the redox couple with 

Oxidant / Reductant Lower 


the higher value of E° reacts with the 
reductant of the other. 
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10.7 Oxidation Numbers 


Although we can predict which redox reactions will occur spontaneously 
from a consideration of standard electrode potentials, we have yet to 
consider why the standard potentials are what they are. Consider the redox 
reaction M4 24 
Cu(s) + 2Ag* (aq) > Cu (aq) + 2Ag(S) Redox reaction 


2Ag’* (aq)+2e — 2Ag(s) Reduction half-reaction 


Cu(s) 3 Cu* (aq) +2e— Oxidation half-reaction 


From the above, we can conclude that silver ions have a stronger affinity for 
attracting electrons than do copper ions, and so the silver ions are reduced to 
a solid by taking up electrons and the solid copper is oxidised by releasing 
electrons, rather than the reverse. It is the relative affinity of ions to attract 
electrons that places a particular element in the list of standard potentials — 
which as will be remembered is presented from the point of view of 
reduction half-reactions. 

This affinity for electrons by atoms is something we have met before: 
electronegativity. It was found that a practical measure of electronegativity 
is the method of electron counting by oxidation numbers. In a chemical 
reaction, when the oxidation number of an atom (i.e. its apparent charge) has 
increased, the atom is said to have been oxidised. When the oxidation 
number of an atom has decreased, the atom is said to have been reduced. 


In the above reactions, the oxidation number of copper is initially 0. After 
reaction, the copper atoms have apparently lost two electrons and so its 
oxidation number is now 2+ (its apparent charge), and is thus an increase. 
The oxidation number of silver in the Ag?* ions is initially 2+, and after 
reaction is 0. The oxidation number has decreased and the silver is therefore 
reduced. All this comes down to a competition for the attraction of electrons. 


* Oxidation represents a loss of electrons or increase in oxidation number. 


* Reduction represents a gain of electrons or decrease in oxidation number. 


Oxidation numbers allow us to recognise oxidation-reduction reactions and 
are also useful for balancing the equations for these reactions. Changes in 
oxidation number do not necessarily indicate that an atom has gained or lost 
an electron, or has gained or lost net electric charge, even though we use 
them in this way for the purpose of establishing the numbers. Rather, they 
indicate how many electrons are involved for the atom in a chemical 
reaction. 
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10.8 Balancing Redox Half-Reactions 


In redox reactions, both atoms and charges must be conserved. A convenient 
method of balancing redox equations is to use the equations for the half- 
reactions. 

Consider the reaction between copper and nitric acid, HNO;. The redox 
couples involved are 


Cu* /Cu(s) H*,NO;/NO(g) 
E° =+0.34V E° =+0.96V 
Since E° for the nitric and the NO, must 
acid is more positive, undergo reduction: 


then the copper must 
undergo oxidation: 


Cu(s) > Cu?* (aq) + 2e7 4H* +NO};+3e — NO(g)+H,O 
Both these half-reactions are balanced, but they now need to be combined to 


form the net reaction, which is required also to be balanced. The procedure is 
to balance the charge. The lowest common factor in this example is 6, and so 


3Cu(s) > 3Cu**(aq)+6e  8H*+2NO;+6e — 2NO(g)+4H,O 
These half-reactions can now be combined: 
3Cu +8H* +2NO; > 3Cu** +2NO(g)+4H,O 


Not all reactions can be balanced so easily. A general method is to 


Balance for atoms other than O and H 

Balance for O by adding water 

Balance for H by adding H* 

Add OH7 ions to both sides for basic solution to form water 
with the H* added from (3) 

5. Balance for charge by adding electrons 


aa 


It should be noted that balancing a half-reaction by adjusting coefficients 
does not alter the electrode potential for that half-reaction. 
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10.9 Balancing Redox Reactions with Oxidation Numbers 


Another method of balancing redox reactions is by the use of oxidation 
numbers. Consider the reaction between copper and nitric acid HNO. The 


redox couples involved are: 
Rules for oxidation numbers 


Cu /Cu(s) NO; /NO(g) a) In free, uncombined, 
6 . elements, the oxidation 
EY =40.34V EY =+0.96V number of each atom is 
: s ae Paes oe set to be 0. 
Since E” for the nitric acid is more positive, b) In compounds involving 
then the copper must undergo oxidation. hydrogen, the oxidation 
The unbalanced equation is: number of hydrogen is 
usually 1+. 
Cu+NO; — Cu 2+ NO(g) c) In compounds involving 


oxygen, the oxidation 


Next, we write the oxidation numbers to number of O is usually 2-. 


each element in the reaction: d) The sum of all the 
oxidation numbers of all 
Cu+NOj;—> Cu ae NO(g) atoms in an ion is equal 
(in both magnitude and 
QO 5+4,2- 2+ 2+,2- sign) to the charge on the 
: eee ion. 
Cu has undergone a change in oxidation e) The sum ofall the 
number from 0 to 2+. An increase in oxidation oxidation numbers of all 
number indicates oxidation. The change in atoms in a neutral 


oxidation number in this element is +2. molecule (50. 


N has undergone a change in oxidation number of 5+ to 2+. The change in 
oxidation number is —3. A decrease in oxidation number indicates reduction. 
There is no net change in oxidation number for the oxygen atoms. 

We now introduce a further rule for oxidation numbers, and that is, the net 
change in oxidation number for the overall reaction is to be zero. That is, the 
overall change in oxidation number for the left side of the reaction has to be 
equal to the negative of the overall change oxidation number for the right 
side. The only way to do this here is to multiply the Cu atoms by 3 and the 
NO, ions by 2. That is, operating on the changes in oxidation numbers, we 
have: 3(+ 2)+2(-3)=0 Thus, 

3Cu+2NO; > 3Cu** +2NO(g). 
We need to add H,0O to get a balance for oxygen atoms: 


3Cu+2NO; > 3Cu** +2NO(g)+ 4H,O 
And finally, add H* ions to balance for H atoms: 
3Cu +8H* +2NO; — 3Cu* +2NO(g)+4H,0 
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10.10 Electrochemical Cell 


An electrochemical cell, or galvanic cell, is a redox reaction that proceeds 
spontaneously and has an electrical potential difference at its electrodes. 
This potential difference, when measured at a negligible current draw, is 
called the emf of the cell E,,,,. 


Bodti = 2 ita 2, 


anode 


reduction oxidation 


When the half-cells are standard electrodes, the standard emf of the cell is 
given by 3 5 
Ecen = EE cathode = 


to) 
anode 


Example of electrochemical cell: 
2+ 3+ 2+ 
Cu /Cu Fe (aq)/Fe (aq), Pt een 


E° =+0.34V — E° =40.77V coneenieuans 
Since E° for the iron reaction is higher than that for 
copper, then the Fe** is undergoing reduction (it is 
the oxidant) and so is the cathode for the cell. 
Copper is being oxidised and so is the anode. 

Fg = Foitigs = 2 
= 0.77-0.34 
= +0.43V 

Note: we do not have to “balance” the half-equations to determine the 
overall cell potential. For example, the standard electrode potential of the 
copper half cell is still +0.34 if we write 

2Cu** +4e7 > 2Cu/(s) 


The potentials do depend on the concentration of the species, but not the 
number of atoms that participate in the overall reaction. 


° 
anode 


In an electrochemical cell that does not have a connection between the 
anode and cathode, the redox reaction proceeds until the build-up of positive 
charge on the cathode prevents any more cations from moving from the 
anode and vice versa and the reaction stops. The system has acquired 
electrical potential energy as a result of the reaction proceeds. The 
reduction of energy of the system as a whole (i.e. the chemical reaction 
tending to send the system towards a lower energy state) appears as 
mechanical work or heat by virtue of the current flow. 
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10.11 EMF vs. Concentration 


The potential of an electrochemical cell depends upon the concentration of 
the reactants. Standard potentials are given for 1M solutions. As the cell 
operates, the concentrations of the reactants change. The dependence of the 
cell potential on concentration is given by the Nernst equation. 


pOx+ne’ — qRed ; 
R - universal gas constant 











E=E°4 RT lia [ox]? T - temperature (K) 
nF [Red] F - Faraday’s constant 96487 C/mol 
0.059 Ox]? 
=E°+ logo lox at 25°C 
[Red |! 


Consider the electrochemical cell at 25°C: 
Pt | Sn** (0.5! ),Sn7* (1.5! )|| Fe** (1.04), Fe?* (0.5M)| Pt 














Anode Cathode 
Sn** +2e7 © Sn?* Fe** +e © Fe7* 
> . 0.059 Sn** > . 0.059 Fe** 
Egy = Egy + logio - | Ege = Ep. t+ i logig ~ 
2 [sn2*| [Fe +] 
0.059 [0.5] 0.059 [1.0] 
=0.15 1 =(.77 1 
7°80 Ts] 7 Tos] 
=9.14V =(.79V 


Since E,.>Eg,, Fe**|Fe* is the cathode and the cell reaction is 


oFe** + Sn7*  2Fe** +Sn** 
E oy, = 0.79 + -0.14 
=0.65V 


When the electrode is a metal in contact with its cation (e.g. Cu**|Cu), then 
Cu** +2e7 @ Cuy 


E=E°+ a log;olCu2*| 


When the electrode is a gas in contact with its ion (e.g. H*|H,(g)), then 
2H* +2e © H,(g) 





0.059, [ath 


log io . 
2 Pry —-> Pressure in atm 


E=E°+ 





SUBSCRIBE 


> pl dt 7:32/8:54 eeon 
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10.12 Electronic Equilibrium 


Thus far we have considered the conditions under which an oxidation- 
reduction reaction will proceed. Consider an electrochemical cell: 
+0.462V 






Cathode 
(+) 


Silver 
rod rod 


2Ag’* +2e — 2Ag(s) Cu(s) > Cu** +2e7 
Reduction half-reaction Oxidation half-reaction 


How long does the spontaneous reaction proceed for? Does this cell “run 
down’? Does the voltmeter reading start to drop and then go to zero? 

Initially, we know from our standard electrode potentials that the 
attainment of equilibrium, the objective of all chemical reactions, favours the 
forward reaction as written: 


Cu(s)+ 2Ag”* (aq) =u (aq)+ 2Ag(s) 


As the reaction proceeds, the Ag*t ions are being used up in the cathode 
solution, and there is a build-up of Cu** ions in the anode solution. Electrons 
lose potential energy as they pass through the wire and this energy is 
converted to heat in the resistor. When the electrons combine with the silver 
ions at the cathode, they are in a lower energy state compared to when they 
were bound to the copper. Attainment of a lower energy state is the driving 
force behind most spontaneous chemical reactions. 

When the silver ions are in short supply, then not all the electrons coming 
from the wire will find a home to go to and there will be a slight increase in 
negative charge at the cathode. When there are no more silver ions to accept 
these electrons, the build-up of negative electric charge will be great enough 
to prevent any more from arriving. At this point, the electrical potential 
difference between the anode and cathode will be zero and the cell will be 
exhausted. 


138 The Chemistry Companion 


10.13 Equilibrium Constant 


The potential of an electrochemical cell depends upon the concentration of 
the reactants. When the cell is exhausted, we reach a state of equilibrium and 
the equilibrium constant for the reaction is satisfied. Consider the redox 
reaction: 


5Fe** +MnO; +8H* > 5Fe** +Mn** +4H,O 
lee? P [vn] 


“ree lMnog 


Cc 





At equilibrium, £ = 0, and so 
Fe? | : 0.059 [Mno; |[x* 











eep eens [F 2+] = “Mino, * 5 logio IM 2] 
: n 
7 8 
EX 00,7 — Ep. = 0.059 log 14 fen _ ings edt 





ae 2 ln 0 ref oat boul) 











a ae [Mn?*] 
_ 0.059 log10 ev [Mn+ | 
[Fe2* | [Mno I[n*] 
_ 0.058 iene 
K, =log10 eal E°vno; = +1.51V 


E°re = +0.77V 
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10.14 Lead/Acid Battery 


A battery is a collection of cells arranged in series. In a motor vehicle lead 
acid battery, there are six cells, each producing about 2V, arranged in series 
to provide 12V for the vehicle. The redox couples involved are: 


PbSO,(s)/ Pb(s), SO PbO,(s),H*,SO7 /PbSO,(s) 
E° =-0.36V E° =+1.69V 


Since the standard potential for the PbO, reaction is higher, then this species 
undergoes reduction and is the cathode. 


Reduction  PbO,,(s)+4H* +SO7 +2e — PbSO,(s)+2H,0 
(cathode) 
Oxidation Pb(s)+SO% — PbSO,(s)+ 2e7 


(anode) 


PbO,(s)+4H* +2SO7 — 2PbSO,(s)+2H,O Discharge reaction 
2 4 4 2 


_ PbO 
Even = HE athesde ~ Dy isd : d Cathode 
node 
= 1.69 ——0.36 
=2.05V 
H,SO, 
electrolyte 





The concentration of H,SO, in a motor vehicle battery is usually about 5M 
and so the actual cell potential is about 2.15V. 

The anode (the negative plates) is solid lead, Pb, while the cathode (the 
positive plates) is lead peroxide, PbO,, in a solution of sulphuric acid. The 
reaction product, lead sulphate PbSO,, sometimes appears as a white 
precipitate on the battery terminals. 

As the cell discharges, the concentration of H,SO, decreases and the 
density of the solution also decreases. The density of the solution is thus a 
measure of the state of charge of the battery and is measured with a 
hydrometer. 

When the battery is charged, the above reaction proceeds in reverse. 
Overcharging results in the evolution of gaseous H, at the anode and O, at 
the cathode, and the water in the electrolyte has to be replenished. 
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10.15 Dry Cell 


In a conventional dry cell, or Leclanché cell, oxidation occurs at a zinc 
anode and reduction occurs at an inert carbon cathode. The electrolyte is not 
a liquid, but a paste of magnesium dioxide MnO,, zinc chloride ZnCl, 
ammonium chloride NH,Cl, and carbon black particles. 


Zn(s) > Za (aq)+ 2e— Oxidation (anode —) 
2MnO,(s)+H,0+2e7 + Mn,0,(s)+2O0H™ —_- Reduction (cathode +) 
NH; (aq)+ OH (aq) NH,(g)+H,0 Acid/base absorbs the 


OH i 
Za* (aq)+ 4NH, (aq) > [Zn(NH; iF la (aq) Complies ion formation 
absorbs NH, gas 


Zn(s) + 2MnO, (s) — ZnMn,0, (s) Overall cell reaction 
Carbon 
Cathode 
(+) Zn 
Anode 
(-) 
MnO,, 
ZnCl, 
NH,Cl 
paste 


Modern alkaline cells use an alkaline electrolyte of KOH instead of the 
MnO.,, ZnCl,, NH,ClI paste of the zinc-carbon type of dry cell. In an alkaline 
cell, the half-reactions are 


Zn(s) + 20H (aq)—> ZnO(s)+HO(l)+ 2e7 
2MnO,,(s)+H,O(I)+ 2e7 > Mn,0,(s)+ 20H (aq) 
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10.16 Corrosion 


Corrosion is the undesirable oxidation of a metal. The most well-known 
example is the rusting of iron. In simple terms, the complex redox reaction 
for the rusting of iron is written as 


4Fe(s)+30,(g) > 2Fe,0;,(s) 


In practice, the rusting of iron requires both air (O,) and water, and the 
reaction proceeds as a series of steps. 


Fe(s) > Fe3* + 2e7 O,+2H,0+4e7 > 40H™ 
Oxidation half-reaction Reduction half-reaction 


The OH: ions react with the Fe2* ions: 
Fe** +20H™ — Fe(OH), 
then 4Fe(OH), +O, +2H,0 > Fe(OH);(s) 
and finally Fe(OH), (s) > Fe,0,,H,0+2H,O 


The brown coloured metal we usually associate with rust is the 
compound Fe,0,,H,O, an Fe(II) hydrated oxide 


Iron and steel often rust badly because the rust has a lower density than the 
parent metal and tends to flake off, thus exposing more of the material to 
water and oxygen and promoting further rusting. 

Water and oxygen are typically excluded by painting the iron article. 
However, a very effective way to reduce rusting of iron is to attach a more 
reactive metal (i.e. one with a lower E° so that the iron undergoes reduction 
and the sacrificial anode (usually zinc) undergoes oxidation. This process is 
often called cathodic protection. 

Fe/Fe3* Zn2* / Zn Iron or steel coated with zinc is 
said to be galvanised (since it 
E° =-0.44V E° =-0.76V acts like a galvanic cell). 
Water and oxygen are typically excluded by painting the iron article. 
However, a very effective way to reduce rusting of iron is to attach a more 
reactive metal (i.e. one with a lower E° so that the iron undergoes reduction 
and the sacrificial metal (usually zinc) undergoes oxidation. 

Aluminium undergoes corrosion in the presence of atmospheric oxygen. A 
very thin (nm) tough layer of Al,O, (alumina) appears within nanoseconds 
on the metallic surface which shields the parent metal from further corrosion. 
Alumina is a very hard ceramic material and is a non-conductor of 
electricity. 
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10.17 Electrolysis 


An electrolytic cell is not a spontaneous redox reaction, and requires an 
electrical energy input to proceed. 
Consider the redox reaction: 
Cu** (aq)+ 2Ag(s) > Cu(s)+2Ag”* (aq) 
Arranged in this way, the half-reactions are: 
2Ag(s) > 2Ag”*(aq)+2e7 Cu?*(aq)+2e7 > Cu(s) 
Oxidation half-reaction Reduction half-reaction 
-0.799V +0.337V 
The total potential is -0.462V and so this is not a spontaneous reaction. If a 
cell were constructed and connected with a wire between the two electrodes, 
the reaction would proceed in the reverse to that as shown above. However, 
if we apply an external potential difference to the electrodes, say a 1V 


potential, then ; ; 
Arranged in this 


way, we have an 
electrolytic cell in 
which the copper 
Cathode rod is the cathode 
(+) and the silver 
rod is the anode (-). 
The reaction 
proceeds as written. 






Copper 
rod 


0.583V 


2Ag(s) > 2Ag?*(aq)+2e Cu?*(aq)+2e7 > Cu(s) 
Oxidation half-reaction Reduction half-reaction 
Note: oxidation occurs at the anode which in this 
case is the silver. Reduction occurs at the cathode, 
in this case the copper. The silver rod dissolves 
away and copper particles coat the copper rod. 





The applied external potential has to overcome 
+0.462V in order for the reaction to proceed, and so 
the potential difference across the electrodes would 
be 1 — 0.462 = 0.538V. 


0.462 V 


|, indicates conventional 
current flow 
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11.1 Carbon 


The element carbon has four outer valence electrons and is the first element 
of Group IV in the periodic table. The other elements in this group become 
more metallic in nature with increasing atomic number. At room 
temperature, carbon is relatively inert. At high temperatures, it can form 
covalent bonds with itself and many other elements. Carbon compounds are 
the basis for all life on Earth. It is interesting to note that silicon, the next 
element down in the group and also with four valence electrons, is the basis 
of the composition for nearly all of the Earth’s minerals. 


With four valence electrons, carbon has the choice of either losing or 
gaining four electrons to achieve a noble gas configuration but in practice, it 
tends to share its four electrons via covalent bonds. On the other hand, tin 
and lead, the heaviest elements in Group IV, with more loosely bound 
valence electrons, find it energetically favourable to share these electrons in 
the form of metallic bonds. 

Carbon reacts with metals to form carbides: e.g. silicon carbide SiC; with 
non-metals to form molecular compounds: e.g. methane CH,; with oxygen to 
form carbon monoxide CO and carbon dioxide CO,; and with nitrogen to 
form cyanides (e.g. HCN). 

Pure carbon forms three crystalline structures found naturally: diamond, 
graphite, and the fullerenes. These are allotropes. These have significantly 
different mechanical, thermal and electrical properties and differ only in the 
geometrical arrangement of their atoms in the crystal structures. 

Diamond has a three- Graphite has a two- The fullerene form of 
dimensional tetrahedral dimensional hexagonal carbon consists of a 
structure. Each carbon sheet structure with the three-dimensional 

atom has four neigh- sheets bonded together arrangement of C atoms 
bours, and all the as layers by van der in a pentagon which 
valence electrons are Waals forces. Each together form a sphere 
equally shared with no carbon atom has three or tube. The most 
vacancies or lone neighbours. Thus, three famous is the Cy 
electrons. Thus, dia- valence electrons are molecule, often referred 
mond is a poor electrical involved in covalent to as a buckyball. 
conductor, has a high bonding while the 

hardness and elastic fourth is left in a 

modulus. Diamond is a relatively free state and 

good heat conductor due is responsible _ for 

to the free passage of graphite being an 

phonons. electrical conductor. 
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11.2 Carbon Compounds 


Carbon forms a great number of compounds with hydrogen. These are called 
hydrocarbons. In addition, hydrocarbon derivatives are formed when 
other atoms in addition to hydrogen become involved in the bonding. 

Central to this remarkable ability to form such a wide variety of 
compounds is the formation of chains of atoms. For example, consider the 
simple hydrocarbon methane CH,: 


A a 
| H:G:H 
H jb 0H H 
This molecule can be easily expanded to form ethane C,H;: 
H H HH 
H So-cCH H:C:C:H 
H H HH 
And so on for propane, C,Hg, and butane, C,H, . 
H H H 
H | H H | | H 
H Sc-c—cZH H Sc-c—c—cZl H 
uN nt Ln 
H H H 


Other possibilities abound, including compounds involving a double carbon 
bond such as in ethylene and the triple bond in acetylene: 


H H H H_ The reason for this is 

Compounds with single bonds between carbon atoms that saturated 

are saturated hydrocarbons. Compounds with double Compounds are 
: saturated with H atoms. 
or triple bonds are called unsaturated hydrocarbons. when there is a double 
Hydrocarbons with the same chemical formula but bond, the maximum 
with different structures are possible. For example, isnearas ee . F 
a ; atoms that can attache 

butene C,H,, can exist in four different structural 4,4 C atomis 
arrangements, each of which is called an isomer. decreased and so the C 


The substitution of other elements in place atoms is unsaturated. 


of one or more hydrogen atoms in carbon compounds is responsible for the 
existence of a large number of hydrocarbon derivatives. Alcohols are 
hydrocarbons with an attached OH functional group. 

The ability of carbon to form chains, double bonds, isomers and contain 
functional groups is responsible for the great variety of carbon compounds 
which form the chemistry of life on Earth — or organic chemistry. 
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11.3 Functional Groups 


Hydrocarbon derivatives are formed when other atoms in addition to 
hydrogen become involved in the bonding. In these cases, the core 
hydrocarbon is written with an attached functional group. The core or 
hydrocarbon compound (also called the remainder or residue) is written 
with the symbol R. A common functional group is the alcohol, or OH group. 


H 
| Alcohols can be written as ROH 
methanol CH,OH: oN where R is the hydrocarbon 
H ty OH residue, or the core hydrocarbon 
component, and OH is the alcohol 
functional group. 
H H 
ethanol C,H;OH: 4H . oot H 
H OH 


Functional groups 

Functional groups determine the nature of the 
reactivity of the hydrocarbon involved. The 

chemistry of the compound is_ usually 

determined by the character of the functional 
group while the hydrocarbon residue is 

relatively inert. 

fo | ethers | Consider some compounds based upon the 

Ethyl bromide: CH,CH,— Br 

The CH,CH,- residue is called the ethyl 


group. Similarly, the CH,— is the methyl 
group and the CH,CH,CH,— is the propyl 
group. 





These named alkyl groups form bonds with various different functional 
groups and the resulting compounds R—X are thus derivatives of the parent 
hydrocarbon (e.g. methane, ethane, etc). 
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11.4 Alkanes 


Alkanes are saturated hydrocarbons since the bonds with the carbon atoms 
are single bonds and they contain only carbon and hydrogen. The names of 
the compounds are derived from the number of carbon atoms. 


The first 10 alkanes Alkanes can have chain or branched chain 
(aliphatic), or cyclic (alicyclic) structures. As 
the complexity of the molecules increases, there 


Methane CH, 





are increased ways in which molecules can form 
structures with the same molecular formula. 
Compounds having the same molecular formula 
but different structure are called isomers. 
Ls 
NX SK 
| Octane | | CoHis | H a Cc i< H 
wi AS 
n-pentane (or normal pentane): 
Alkanes are the __ principal H oH HH_. Alkanes 
components of petroleum. Low NZ. bf with a 
molecular weight compounds are 7% Yi —H chain 
generally gases at room temperature H—C Cc eer 
and pressure. Gasoline (petrol) and TA | a eq molecular 
turpentine typically contain light ig / | iy formula 
fractions (C,H; to Cy H,)). H CoH an 42: 
Kerosene, diesel oil, lubricating oils, iso-pentane (single branch at the end) 
pitch, and so on consist of heavier Alkanes 
compounds. Alkanes are relatively having a 
inert, but can undergo exothermic a 7 cyclic or a 
at . : H ring 
oxidation (combustion) which make * wa ad eee 
them useful sources of energy. we \ i have the 
Fuel Calorific value (MJ/kg) —c formula 
Petrol 45 / +2 CnHon: 
Diesel 44.4 
Ethanol 272 cyclo-pentane (ring structure) 


Alkanes are sometimes called paraffins because they have little (parum) 
affinity for forming bonds with other atoms or molecules. When they do 
participate in reactions, this usually involves the substitution of a hydrogen 
atom with another atomic species. 
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11.5 Alkenes 


Alkenes (also known as olefins) are unsaturated hydrocarbons because they 
contain a double bond between two of the available carbon atoms instead of 
single bonds. As a consequence, there are fewer than four atoms attached to 
each of the carbon atoms. 


Alkenes in a chain configuration have the general formula C,H,,. Ethene 
or ethylene (C,H,) is the simplest alkene. 


H \ J H Bond length: 1.33 A 
C=C Energy: 606 kJ/mol 
ae AH = +52.5 kJ/mol 


Note that the carbon double bond can occur in different places in the 
structure, leading to formation of isomers. In propylene (CH,): 


H H 
Went 
yo. 

H—c 

nan 


Ethene, propene, and butene are gases. Higher alkenes are generally liquids 
and those with greater than sixteen carbon atoms are generally waxy solids. 


While alkenes are relatively inert, 4 H H H 

they are more reactive than esc / to = H \ a 
= 40 = C—C{—H 

alkanes because of the double 2 J \ 4 ” / \ an 
bond. The carbon double bond ethylene anal 
has a higher bond strength 
compared to the single bond, H a g H H \ y H 
but the double bond allows a Z C=C \ +HBr = H a C—C a 
greater potential for attachment H H H Br 
for other atoms and this leads to ethylene bromoethane 


greater reactivity compared to single-bonded structures. Chemical reactions 
involving alkenes are usually associated with the breaking of the double 
bond and the addition of other atoms. 


An important reaction involving alkenes is that of polymerisation, where a 
chain reaction occurs in which the C=C double bonds are successively 
broken and employed to form larger and larger single-bonded structures. 


H H H H 
H H H H H | | | H 


C=C t C=C = C—C—C :--:-C—C=C 
Ho oH” 1 tO | \ 
H H 

polyethylene 





H 
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11.6 Alkynes 


Alkynes are similar to alkenes except that they feature a carbon-carbon triple 
bond. Alkynes are unsaturated hydrocarbons and have the general formula 
C,H,,.». Alkynes are also known as acetylenes, but the common use of this 
term refers to ethyne: C,H,. 

Bond length: 1.2A 


C,H, H—C=C—H_ Bondenergy: 828 kJ/mol 
acetylene AH = +226.9 kJ/mol 


The triple bond can occur anywhere in the chain in higher alhynes. Consider 
the compound 1-butyne. The 1- indicates that the triple bond is at the end of 


the chain: CH,CH,C=CH 
The CH,CH, is the ethyl group, and so this compound can also be named 
ethylacetylene. Ethyne HC=CH 

Alkynes have a similar 
chemistry to alkenes. The C=CH CH,CH,C=CH 
unit is a linear structure and in CH,(CH,),C=CH 


acetylene, the molecules are 
therefore rod-like in shape. 


: : 1-Hept CH,(CH,),C=CH 
The triple bond is capable of (CH) 

opening up and accommodating EOatyne CH,(CH2)5C=CH 
additional atoms during reactions. CH,(CH2)sC=CH 


Additions may occur with halides, CH,(CH,),C=CH 
halogens, water, and ammonia. 





The C=CH unit, located at the end of the structure, imparts an acidic nature 
to alkynes and so acid-base reactions are also possible. Alkynes can also 
undergo polymerisation to give polyacetylenes. 


One of the most common uses of acetylene is in gas welding. The 
combustion of acetylene in oxygen provides a flame temperature of about 
3300°C making it one of the hottest flames available in industry. 


2C,H, +50, > 4CO, +2H,0 


Acetylene is a gas, but an unstable one, especially at moderate to high 
pressures. In welding gas bottle sets, acetylene is usually dissolved in liquid 
acetone or dimethylformamide and stored under pressure in a cylinder 
containing a porous medium, agamassam. 
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11.7 Benzene 


An important class of carbon compounds arises when carbon atoms are 


arranged in a special ring formation. H 
The benzene ring C,H, has all the atoms in ,, | H 
a plane, with a 120° angle between the carbon eee 


atoms. The initial difficulty with this structure | | 
is that each carbon atoms has three neighbours c 
sharing one electron, but there are four | 
valence electrons in carbon. Evidently, there H 

either has to be three double bonds present or 
some way of accommodating the fourth i 
valence electron. If each second carbon atom ,, | 

had a double bond, then all available valence CcAaNc™ 
electrons would be shared, but experimental | 

evidence indicates that the bond strength for ZoS 

the C-C bonds are equal around the ring, and i 
that it is stronger than a single bond, but not H 
as strong as a double bond. 


The bonding in a benzene ring is explained by the allowable movement of 
the valence electrons in the ring structure. Rather than forming single or 
double bonds, electrons in the ring form a resonance hybrid, or a 
superposition of single and double bonds, whereby they may have 
movement throughout the ring, much like valence electrons in a metal have 
movement throughout the conduction band. 


To signify this, the benzene ring is often written in shorthand form using 


one of the following diagrams: It should be always remembered 


that there are not single or double 
bonds, but a special bond 
somewhere between the two 
based upon electron movement 
around the ring. 
Ring compounds of this type are called aromatic compounds. When they 
consist of C and H only, they are called aromatic hydrocarbons. Note: 
aliphatic compounds in a ring structure are not aromatic; they are simple 
ring structures (alicyclic). Aromatic compounds have mobile electrons 
within the ring and it is these that determine the chemistry of these 
compounds. In contrast to the addition reactions for alkenes with a chain 
structure, benzene undergoes substitution reactions in which H atoms are 
replaced by other atoms. 
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11.8 Alcohols 
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Hydrocarbon derivatives arise when functional groups combine with a 
residual hydrocarbon core. Alcohols are those compounds which have one or 


more OH (hydroxyl) groups attached, ROH. 


Three types of alcohol are to be found 
depending on the number of C atoms attached 
to the C atom with the OH group. Primary (n) 
alcohols are written RCH,OH. 


CH,CH,CH, — OH 1-propyl alcohol 


n-propanol 
Secondary (s) alcohols are written RR'CHOH: 
OH isopropyl alcohol 
| 2-propanol 
CH,CHCH, s-propanol 
Tertiary (t) alcohols are RR'R"COH. 
OH 


| 
CH, —C — OH 
| 
CH, 
Lower alcohols are soluble in water due to the 
presence of the polar OH group. In higher 
alcohols, the longer the carbon chain, the less 
water-like the compound is and behaves more 
like a hydrocarbon — volatile and relatively 
inert. Pentanol and higher compounds are 
insoluble in water. 


t-butyl alcohol 


H 
Alcohols can react with J 


other atoms and can act —C—0O: 

as weak bases (due to the 

unshared electron pairs on the O atom) or weak 
acids — where the H atom on the OH group can 
act as a proton donor. OH 


Phenol (hydroxybenzene) has the 
OH group attached to a benzene ring 
and forms the basis of synthesis for 
many other compounds. 


Ethanol (C,H,OH) is 
“alcohol” to the common 
person (e.g. in alcoholic 
drinks). Denatured ethanol 
is the usual form used for 
cleaning and other uses. 
Additives render it 
unpalatable and, in some 
cases poisonous (such as 
when methanol is added to 
the ethanol to give 
methylated spirits). 


Methanol (CH,OH) is highly 
toxic and may cause 
blindness or death when 
only a few millilitres are 
ingested. 


A common cleaning alcohol 
is isopropyl alcohol, or 2- 
propanol (CH3;),CHOH. 


Ethylene glycol C,H,(OH), 
is commonly used as an 
anti-freeze/ anti-boil additive 
in motor vehicle cooling 
systems. In its pure form it 
has a boiling point of 197.3 
°C but has a lower heat 
capacity than water and so 
is used diluted. It does this 
by depressing the hydrogen 
bonding between water 
molecules so that, upon 
freezing, the temperature 
must be significantly lowered 
before ice crystals can form. 


An interesting compound 
prepared from phenol, 
sodium hydroxide, and 
carbon dioxide is aspirin. 
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11.9 Ethers 


Ethers have the general formula ROR' where R is an alkyl group. They can 
occur as aliphatic (chained), alicyclic, or aromatic (benzene ring) 
formations, or a combination. They are relatively unreactive hydrocarbon 


derivatives. — 
The lone pairs of yo, 
electrons on the O CHsCHe hii 
atom allow ethers to diathyl ether 
form hydrogen bonds 

with water molecules (CeO) 
and so they are 

generally partially diphenyl! ether 
soluble in water. 


However, they cannot form hydrogen bonds 
between themselves and so generally have a 
lower boiling point than comparable alcohols. 


In some respects, ethers are similar to 
alcohols in that they can be considered 
derivatives of water. In an alcohol, the R takes 
the place of one of the H atoms in the water 
molecule. In an ether, both of the H atoms are 
replaced by alkyl groups R and R'. Ethers are 
generally isomers of the corresponding 
alcohols. For example, ethanol, C,H;OH, has 
the same formula as dimethylether, but of 
course has quite different chemical and physical 
properties. 


Perhaps one of the most 
well known ethers is diethyl 
ether, CH,CH,OCH,CHs, a 
low boiling point colourless 
liquid used as an 
anaesthetic. Diethyl ether 
can be formed from the 
removal of water from 
ethanol. 


Dimethyl ether, CH,0CHs, 
(or DME) is a gas at room 
temperature is often used as 
an aerosol propellant since it 
can be stored as a liquid 
under pressure in 
equilibrium with the gas 
phase, evaporates readily 
and leaves the desired 
product as an aerosol mist 
for the application. 


Methyl phenyl ether 
CH,O0C,H, is found in 
aniseed oil. 


Ethers are generally unreactive substances and can withstand attack from 
either acids or bases, but are more reactive than comparable alkanes. 


Simple ethers have the alkyl groups on each end of the oxygen atom and if 
the groups are the same, are thus named dialkyl ether (such as in dimethyl- 
ether). If one of the groups is a more complex group, then the structure of the 
name is alk-oxy-alkane. For example, CH,CH,CH,OCH, is 
methoxypropane. 
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11.10 Aldehydes 


Alcohols can be thought of as a step towards complete oxidation of the 
corresponding alkane. Primary alcohols can also undergo oxidation to form 
aldehydes and carboxylic acids, and secondary alcohols can oxidise to form 


ketones. Perhaps one of the most 
Aldehydes have a carbon-to-oxygen Gg Well: knownvaldehyde Is that 
double bond (which itself is called the _ 7 ‘Made from formaldehyde 
. —cC dissolved in water to give 
carbonyl group) with the general \ formalin, a preservative 
formula RCHO. They are usually H fluid used for embalming 
prepared by oxidation of the spre biological tissues. 
u 
corresponding alcohol. aon 5 
Consider the reaction between ae 
methanol and potassium dichromate: \ 
= H 
3CH;,OH + Cr,07 +8H* — 3CH,0 + 2Cr** +7H,O 
; : : methanal 
In this equation, the Cry ion has been (formaldehyde) 
reduced to the Cr+ ion, and the 
methanol has lost two electrons (and Aldehydes often have a 
two protons H*) and hence has been pleasant odour or flavour, 


ee : such as in the benzene 
oxidised to give CH,O, formaldehyde. oat escaillin: 


Methanal HCHO Formaldehyde OH 
Ethanal CH,CHO Acetaldehyde OCH, 
CH,CH,CHO Propionaldehyde 








Butanal CH3,CH,CH,CHO Butyraldehyde 
To avoid confusion with alcohols (OH), Cc 
: : 7S 
the carbonyl group with an attached H is H Oo 
written CHO and not COH. ; Sad Giindinadenydevine 
Cyclic forms also exist, a active ingredient in 
such as benzaldehyde, an \ cinnamon. 


aromatic aldehyde: Hl 


Aldehydes are closely related to ketones, but have the carbonyl group 
C=O at the end of a carbon chain rather than in between two C atoms. Lower 
aldehydes are soluble in water. Aldehydes can be further oxidised to form 
carboxylic acids. 
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Ketones have a carbonyl group C=O attached to two other C atoms that 
form part of the same or different alkyl groups. (In an aldehyde, one of the 
other atoms is an H atom.) The general formula is RC(=O)R'. 


The oxygen atom is more 


electronegative than attached O 
7 A a 
carbon (i.e. the electron pairs CH, — Cc 
that constitute the double bond \ 
CH, 


are closer to the oxygen atom 
than the carbon atom), making 
this group polar. Unlike 
aldehydes, ketones do not have 
an H atom attached to the 
carbonyl group. 


2-propanone 
(acetone) 


Acetone can be formed by the oxidation of 
2-propanol according to 


3CH ,CHOHCH, + Cr,07 + 8H* > 
3CH,COCH, +2Cr** +7H,O 


Aldehydes and ketones have many similarities 
and both are formed from the oxidation of an 
alcohol. 


Ketones cannot be further oxidised to an acid 
since there is no H atom available on the 
functional group (as in the case of aldehydes). 
The absence of an H atom bonded to an oxygen 
atom means that both aldehydes and ketones do 
not form hydrogen bonds with each other and 
so generally have a lower boiling point than 
comparable alcohols. However, the lone pairs 
of electrons on the oxygen atom can form a 
hydrogen bond with an H atom in a water 
molecule and so lower ketones (and also 
aldehydes) are generally soluble in water. 

The names of ketones (and aldehydes) are 
formed by the number of C atoms in the longest 
chain, and include the C atom in the carbonyl 
group. 


Acetone CH,COCH, is 
widely used as a relatively 
non-toxic solvent for various 
carbon compounds (e.g. 
paint, plastics, nail varnish, 
superglue, etc). It also has 
the useful property of being 
soluble in water and is 
commonly used as a drying 
agent for glassware in 
chemistry laboratories. It is 
very volatile and dries 
without leaving a residue. 


Another common ketone 
used as a solvent for paints, 
varnish and gums is 2- 
butanone, or methyl ethyl 
ketone (MEK), or methyl 
acetone, CH;COCH,CHs3, a 
flammable clear liquid that is 
soluble in water. It has a 
characteristic sweet odour. 
As well as industrial uses as 
a solvent, itis also used as a 
polystyrene cement in 
plastic model kits. 


Another significant ketone, 
with a cyclic (but not 
aromatic) structure, is 
cyclohexanone (CH,),CO 
which is used inthe O 
manufacture of nylon. 


cyclohexanone 


Ketones have significant 
biochemical functions and 
are produced when body 
fat is used as a source of 
energy when there is a 
shortage of glucose (such 
as during fasting). 
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11.12 Carboxylic Acids 


Hydrocarbon derivatives that contain both the carbonyl (C=O) and hydroxyl 
(OH) functional groups are called carboxylic acids with the general formula 
RCOOH. When R is an aliphatic residue, the compound is called a fatty 
acid. When R is an aromatic ring, the acid is a benzene ring derivative. 


The COOH group is called Z A very common aliphatic 
the carboxyl group CH,C acid is acetic acid, written 

cepieilceAr CH,COOH and i 
Carboxylic acids can be OH serene eieune i 


vinegar. Formic acid (from 
the latin formica for ant) in 
the found in venom of 


= " ants. Stearic acid is found 
5CH30H + 4MnO, +12H” > COOH in soaps, waxes and plant 


benzoic 4 i 
24 ? oils. Other carboxylic 
SHCOOH + 4Mn™ +11H,0 acid acids can be found in 


In this reaction CH,OH and coconuts, chocolate, 
H,0 produces HCOOH and Some carboxylic acids: 


four protons and four electrons. 
Since there is a loss of four 

electrons (compared to two for 
the oxidation of methanol to CH3CH,COOH 
methanal, or formaldehyde) , 


formic acid is a more highly Stearic Octa CH,16CH,COOH 
oxidised compound than decanoic 


formaldehyde. 


ethanoic acid 


repared from the oxidation of 
Prep (acetic acid) 


the corresponding alcohol. 





Similarly, ethanol can be oxidised to form acetic acid. Acetic acid can also 
be formed from the oxidation of acetaldehyde. Further oxidation of these 
compounds can be obtained via the rather energetic process of combustion, 
in which case the product is CO, and water. 

Carboxylic acids are weak acids and dissociate only slightly, giving H* ions 
in water, and act as proton donors in reactions. The H* ions come from the 
COOH functional group. Lower carboxylic acids are soluble in water. 

A common chemical demonstration reaction involves that between vinegar 

and baking soda to give sodium ethanoate, carbon dioxide and water: 


CH,COOH + NaHCO, — 3CH,COONa + CO, +7H,O 
There is an ionic bond between the CH,COO™ and Na‘ ions. By convention, 
the ionic compound is written with the metal ion last. 


Carboxylic acids react with alcohols to form fats and oils (esters). Fatty 
acids are those needed by the body and are obtained from digestion of 
animal and vegetable oils and fats. 
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11.13 Esters 


Carboxylic acids contain the functional group COOH. The H atom can be 
easily given up (proton donor): hence the acid classification. 


Derivatives of carboxylic acids are formed when 


‘ ‘ O 
the OH group is replaced by something else. When __ c% carboxy! 
the OH group is replaced by OR, then an ester is \ group 
formed. Esters are generally colourless liquids O—H 


insoluble in water and have the general formula 
RCOOR'. For example, a reaction between methanol 
and acetic acid forms the ester methyl acetate: 
CH,0H + CH;COOH — CH;COOCH;+H,O Note that the methyl group 
is the CH, at the end of the 
O molecule. The “acetate” is 


from the carboxylic acid. 
Esters are written with the 


methyl acetate © — CH, functional group first. 


@ 
CH,COO — C 


In this reaction, water is formed from the H atom in the incoming alcohol, 
and the OH group from the carboxylic acid, leaving behind an ester. 


Esters are Methyl butyrate Apple CH3,CH,CH,COOCH, 
Ethyl butyrate Strawberry | CH,;CH,CH,COOCH,CH, 


commonly 
used in food 


; Pentyl butyrate CH,CH,CH,COO(CH,),CH3 
flavourings and 
perfumes due |_Penty! acetate CH,COO(CH,),CH; 
to their Isoamyl acetate CH,COOCH,CH, CH(CH;)> 
pleasant odour. | Octyl acetate Orange CH,COO(CH,),CH; 


Most naturally occurring fats and oils are very large esters made from 
organic acids and alcohols (usually glycerol). When there are no C=C bonds, 
the acid is said to be saturated. When the acid contains C=C bonds, it is 
unsaturated. When an acid has one C=C bond it is monounsaturated, and 
when there is more than one C=C bond, it is referred to as being 
polyunsaturated. These fatty acids form saturated, unsaturated and 
polyunsaturated fats and oils (oils are esters that are liquid at room 
temperature whereas waxes are solid). 





Esters also undergo polymerisation to form common products such as 
polyesters used for clothing and recyclable polyethylene terephthalate 
(PET) drink bottles. An interesting example of an ester is nitroglycerine 
(which is somewhat incorrectly named). 





SUBSCRIBE 
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11.14 Amides 


Amides are derivatives of carboxylic acids in a similar manner to esters. 
When the OH group is replaced by NH,, then an amide is formed. A special 
class of amides occurs when the OH group is replaced by NHR. Amides can 


be produced by the reaction between ammonia and an ester. 


The reaction between methyl acetate 
and ammonia produces ethanamide 
(acetamide) and methanol: 


Wr 
CH,C — x 
CH,COOCH; + NH; > acetamide Nie 


CH,CONH, +CH,OH 


In the NH, group, the electrons are 
more strongly drawn towards the more 


The most notable 
characteristic of amides are 
their mechanical strength 
and are often used, both in 
nature and industrially, as 
structural items. 


In nature, amides for the 
basis of links between 
amino acids in proteins. 


In industrial use, amides 


electronegative N atoms, leaving the 
H end with a positive charge and so 
amides are able to form hydrogen 
bonds with each other as they are 
attracted to the negatively charged 
lone pairs on neighbouring O atoms. 
This confers a relatively high melting 
point for these compounds. Amides 
have much the same solubility as 
comparable esters, with lower amides 
being soluble in water. 


are joined together in long 
chains to produce 
polyamides, the most well 
known of which are nylon 
and kevlar. 


Lysergic acid diethylamide 
(LSD) is also an amide. 


Methanamide | HCONH, 
Ethanamide CH3,CONH, 


The amide link joins amino acids together in biological processes to form 
proteins. Amino acids are carboxylic acids with an amine group of the form 
H,NCHRCOOH. During polymerisation, water is eliminated between two 
acid groups to be joined together. 





amide links 





' I 

I i 

' 1 

O EY eas |e 

y i 
R—CH ct gi 
| a! ——N 
NH, OF 
iT 

amino acid canis | iaaii i 
i 

i] ff 


amino acids 
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11.15 Amines 
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In an alcohol, the R takes the place of one of the H atoms in the water 
molecule to give the general formula ROH. Now consider the molecule 


ammonia NH,. 


If one or more H atoms are NN 
replaced by an alkyl group, 
then the resulting compound is 
called an amine. Primary N 
amines RNH, have one R Ro 4H 
substitution, secondary amines 
R,NH have two, and tertiary 
amines R,N have all three H Ri R, 4 
atoms replaced with alkyl . 
groups. Aliphatic and aromatic Pe 
structures are found. R 


Methylamine CH3NH, 
Ethylamine CH,CH,NH, 


Propylamine CH3CH,CH,NH, 
Butylamine CH3CH,CHzCH,NH, 


Just as in the case of ammonia, amines are 
bases due to the lone electron pair on the N 
atom. Primary and secondary amines can form 
hydrogen bonds with each other and all can 
form hydrogen bonds with water, thus making 
them soluble, the lower gaseous amines being 
very soluble. 





Phenylamine, or aniline, is a primary amine 
where an H atom on the ammonia is replaced 
with a benzene ring. This has the interesting 
consequence of the lone pair of electrons on the 
N atom interacting with, and to some extent 
being absorbed into the ring, which in turn 
decreases its solubility and raises its boiling 
point compared to comparable aromatic 
compounds. 


Ammonia is a colourless 
gas with a very sharp 
odour. Ammonium 
hydroxide in household 
cleaning products is a 
solution of ammonia gas in 
water where it slightly 
dissociates into the 
ammonium NH** and 
hydroxide OH" ions. 


Many primary aromatic 
amines are used as dyes. 


NH, 


Aniline 


Amines are important in 
biological functions and are 
produced from the 
breakdown of amino acids in 
the body. Amino acids are 
carboxylic acids with an 
amine group of the form 
H,NCHRCOOH. Amines 
serve as neurotranmitters. A 
common natural amine is 
histamine which triggers an 
immune response. Anti- 
histamines suppress this 
activity in severe allergic 
reactions. 


Methylphenethylamine (or 
amphetamine) is a powerful 
drug that modifies the 
action of natural 
neurotransmitters in the 
brain. 


11. Carbon Chemistry 159 


11.16 Polymers 


The chemical and physical properties of hydrocarbon compounds and 
derivatives depend very much on the size of the molecule. Smaller groups 
such as methyl and ethyl compounds generally have a high solubility, a low 
boiling point. When these small molecular units, collectively called 
monomers, and joined together into long chains, the molecular size can 
increase greatly with the production of a variety of useful substances which 
are called polymers, or plastics. 


For example, in ethylene, the C=C H / 7 i 4 H 
bonds may be successively ee —C.6+Cc=cs of 
broken and joined to form larger H a | | | x H 

H H 
and larger molecules of polyethylene. polyethviene 


This process is usually performed with 
the help of a catalyst. The resulting compounds are called addition 
polymers. When other atoms or functional groups are involved, polymers 
of a great variety of properties are possible. 

Another class of polymers are condensation polymers. In these, chains are 
formed by the expulsion of a water molecule from between the monomers to 
be joined. In Nylon, amide links are used to join monomers into large chain 
molecules. 

One of the monomers used to make Nylon 6,6 is adipic (hexanedioic) acid: 

HOOC —CH, —CH, —CH, —CH, —COOH 
This is used with another monomer, 1,6 diaminehexane: 
H,N—CH,—CH,—CH,—CH,—CH,—CH,—NH, 
When these two monomers are chained together, water drops out as shown: 


ns “Ne 


water 
amide links 

rT 1 ie = 1 [eo a 1 
1 I 1 1 ' 1 

1 i I 
O Pe ‘ O% ! wo H 
C—(CH2),7C ‘ f C+-(CH2),-—-C ' 
i \ ! ' J l i \ 1 

—N 1 N-+(CH2).-N |} 1 N-=-(CH2),— 

tS ae re 
1 Ho 'H 4 ' Ho 
aes | ee | ee | 


During polymerisation, these molecules continue to chain together, expelling 
a water molecule each time and forming amide linkages. Kevlar is a similar 
polymer but the amide links join benzene rings together. 
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11.17 Physical and Chemical Properties 


Alkanes Lower compounds are 
gases at room temp. 
Boiling point increases 
as size of molecule 


increases. 


Alkenes Similar to alkenes. 


Alkynes 


Alcohols H bonding causes 
boiling point to be 
higher than comparable 


alkanes. 


Ethers Cannot form H bonds 
between themselves so 
lower boiling point than 
comparable alcohol. 

Aldehydes Cannot form H bonds 
with each other and so 
generally have a lower 
boiling point than 
comparable alcohols. 


Similar to aldehydes. Similar to aldehydes. 


High boiling point due Lower acids soluble. Typically 
to H bonding. weak acids. 


Carboxylic 
acids 


Esters Lower boiling point due 
to lack of self-H bonds. 


Amines Reasonably high 
boiling point but lower 
than alcohols. 


Do not form H bonds, 


insoluble in water. 


Similar to alkenes. 


Lower alcohols are 
soluble in water. 
Compounds become 
less water-like with 
increasing size. 


Can form H bonds 


with water molecules. 


Lower ethers soluble 
in water. 


Lower aldehydes 


soluble in water due to 
presence of lone pair 


electrons on O atom. 


H bond with water 
confer solubility on 
lower esters. 





Lower amines soluble. 


Mainly 
unreactive 
with other 
compounds. 


Slightly more 
reactive due 
to presence 
of C=C. 


More reactive 
than alkenes 
due to C=C. 


OH group 
makes the 
molecules 
polar, and 
able to form 
H bonds. 


More reactive 
than 
comparable 
alkanes. 
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Summary 


Glucose 
CEH 120, 


Glycerol 


CH,—OH 
| 


CH —OH 
| 


CH,—OH 


Amino acid 
Pe, 
R —CH—C 


NH, OH 


Base-pairing rules 
A-T 


G-C phosphate 


O 
Nucleotide 


OH 


Anaerobic metabolism C,H,,O,+2NAD* +4ADP > 


Aerobic metabolism 


Photosynthesis 


NAD* +2H* +2e° — NADH+H* 
NADH+ H* — NAD* +2H* +2e7 


2C;H,O; +2NADH + 2H* +4ATP 


CoH).0, + 60, +36ADP +36P > 
6CO, +6H,0+36ATP 


6CO, +12H,0 + energy > 
C,H,,0, +60, +6H,O 


reduction 


oxidation 





161 


162 The Chemistry Companion 


12.1 Sugars 


Sugars are part of a larger group of compounds called carbohydrates. 
Carbohydrates have the general formula C,, (H,O), and can be thought of as 
hydrated carbon compounds. 


Glucose, C,H,,0,, Fructose, anisomer These compounds can readily form 


pfiimpertant sugar of aluease, Cella cyclic structures, which are often 
in biochemistry is an and is a ketone. 7 














aldehyde . more common than the chain 
H a structures. 
x e eal Glucose and fructose are examples 
l Cats of monosaccharides. Sucrose, or 
H— C—OH | table sugar, is a disaccharide and is 
| H— C—OH formed by the condensation (with 
= OH | the elimination of one water 
fie. Mas ae H— C— OH molecule) of one molecule of 
l Gs he OH fructose and one of glucose. The 
H— C—OH | reverse reaction, hydrolysis of 
| 4 CH,OH sucrose, splits sucrose into glucose 
CH,OH and fructose 
| . 
H—C— OH OH 
| Fructose 
Cc oO H—C—H O 
H l H H 
“ay 4 Zz | V4 
Ps OH H we anaeae ae H HO < rs 
I 
HO es if OH HO! Xi vA ‘ca 
C earn GC 
Glucose | | | | H 
H 4, OH OH H 
| 
H— OH OH Sucrose 
| 
7 c O H—C—H 0 
x ra | x HH l — SS Ps 
Vis OH H < a H HO \Z7 
HO i | ral O Xi | va C—OH 
Cc Cc Cc Cc 
| | | | a 
H OH ye OH H 


Glucose is the basic fuel for the process of metabolism. Glucose is 
recovered from fats and sugars in the diet and stored as glycogen in the body 
until converted back to glucose for use directly by cells. 
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12.2 Polysaccharides 


Cellulose is a_ straight-chain polysaccharide (C,H,,O;), consisting of 
thousands of glucose units. It is insoluble in water. The nature of particular 
forms of cellulose in organisms depends mainly upon the chain length of the 


molecule. 


H H 
| | 
H— - OH aa ae OH 
——o a O 


Ai Bre) 


aes mas r i 


‘ OH Cellulose 


Starch is similar to cellulose in that it is 
constructed from glucose monosaccharide units, 
but has a different orientation of linkage 
between the glucose elements, with more 
branching than cellulose. It is generally a 
mixture of glucose polymers of varying lengths, 
the shorter constituents (of molecular weight 
=~4000) being water soluble. 


Starch typically contains a mixture of linear 
(soluble) amylose and branched (relatively 
insoluble) amylopectin molecules. Complete 
hydrolysis gives glucose. Partial hydrolysis 
results in various starch sugars called dextrins. 


Starch is broken down into glucose in the 
body by enzymes, (chiefly amylase, which is a 
constituent of saliva and pancreatic juice). 

Glycogen is similar to the amylopectin form 
of starch in structure and is found in the liver 
and muscles of animals as an energy store. It is 
synthesised from glucose from digestion by 
enzymes in the liver where it is stored until 
released as glucose into the bloodstream as 
needed. 


Hydrogen bonding 
between parts of the 
molecule impart strength 
to the structure. 


Ao 
Hi 


H OH 


Cellulose acts as the main 
structural element of plants 
and forms the cell wall that 
gives plants their rigidity. 
Wood is about 50% 
cellulose. Mammals 
generally are incapable of 
breaking down cellulose to 
glucose although cows and 
sheep, and other 
ruminants, have the 
necessary bacteria in their 
digestive system that 
perform this function. 
Insects (e.g. termites) can 
also digest cellulose. 


Starch is used as an 
energy store in plants. The 
glucose produced by 
photosynthesis is stored in 
plant tissue as starch until 
it is needed by the plant. 
Starch in plants, when 
eaten as food, is an 
important source of 
glucose for animals. 
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12.3 Lipids 


Fats and oils are esters. Esters are derivatives of carboxylic acids where the 
H on the OH group is replaced by R so that the general formula is RCOOR'. 
Esters are usually derived from the reaction between acids and alcohols with 


the elimination of a water molecule. 
Animal and plant fats are 


: 7 : CH,—OH 
triple esters, or triglycerides, | 
of glycerol (glycerin) C,H,O,. CH —OH 
Each of the three available OH | 
groups in glycerol is available CH,— OH 
for combination with three Glycerol 


molecules of fatty acid. Fatty (propane 1,2,3 triol) 
acids typically have from 12 to 
20 carbon atoms. 


Fats, which are solid at room temperature, are 
made from saturated fatty acids, while oils, 
which are liquid at room temperature, are 
formed mainly from unsaturated fatty acids. 
Fats and oils from plants and animals typically 
contain a mixture of different types of esters, 
two or three fatty acids attached to a glycerol 
molecule. 


Linolenic acid has the general formula 
CH,(CH,),CH=CHCH,CH=CH(CH,),COOH 
T 


and is called an omega-6 fatty acid because the 
first C=C double bond is on the sixth carbon 
atom from the (left-hand) end. Linoleic acid is 
am omega-3 acid. (Note: normally numbering of 
atom positions is from the right.) 


CH,CH,CH=CHCH,CH=CHCH,CH,=CH(CH,),;COOH 
Linoleic acid 
Fats, along with oils and waxes, are one 
example of a broader group of lipids. 
Compared to carbohydrates, lipids generally 
contain a smaller proportion of O atoms. Lipids 
are relatively insoluble in water. 


Fat in the body acts asa 
storage place for 
glucose. When fat 
reserves are called upon, 
the fats are converted 
back into glycerol and 
fatty acids. The glycerol 
in turn is converted into 
glucose by the liver. 


Fats in the diet are also a 
source of linolenic 
C47HgCOH and linoleic 
C,7H3;CO,H unsaturated 
fatty acids which are 
essential in animal 
dietary intake because 
they are unable to be 
synthesised by the body 
directly and are required 
for metabolism into a 
variety of other acids 
required by various bodily 
functions. 


Fats also serve a 
structural role in the body 
by providing heat 
insulation and a barrier 
against mechanical 
shock for organs. 


When fats hydrolyse, or 
react with water, in an 
alkaline solution, glycerol 
is formed along with the 
metal salt of the 
carboxylic acid. Such a 
reaction is called 
saponification, from 
which soaps (e.g. sodium 
stearate) is formed. 
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12.4 Proteins 


Proteins are amino acids joined together by amide (or peptide) links and are 
classified as polyamides. The arrangement, or sequence, of amino acids 
within the protein structure determines the function of the protein. A typical 


protein may contain 100 or more amino acids. 


Amino acids with the Oo 
amine group attached to the R—cH—c% 
same C atom as the COOH | OH 
group are called alpha- NH, 
amino acids and are the amino acid 


most important in 


biochemistry. 


The twenty or so amino acids found in proteins 
differ in the makeup of the R residual. In 
glycine, R is just an H atom, while in 
phenylaniline, R is a ring structure. 

On one end of the chain, there is a free NH, 
group; this is the N terminal. At the other end of 
the chain, there is a COOH group, the C 
terminal. In between, water molecules have been 
eliminated to leave amino acid units, or residues. 
O R O R 
I | I | 

| 


R 
| 
NH, —C—N—C— or oe yereeen 


bi 
HH H H oH 


A typical polypeptide protein consists of 
between 100 and 500 or more amino acid 
residues. The sequence of amino acids is the 
primary structure of the molecule. The long 
chains of proteins themselves have a secondary 
structure, usually in the form of a helix or 
spiral. Hydrogen bonds between different 
amino acid groups are responsible for this 
structure. Often, there is more than one 
polypeptide chain present and they exist as 
intertwined helixes held together by hydrogen or 
ionic bonds leading to a tertiary structure. 


When a protein undergoes complete 
hydrolysis, the amino acids are recovered. 


The mechanical structure 
of proteins (i.e. the 
sequence of amino acids 
and hydrogen bonds) has 
great significance for 
living organisms. Proteins 
form the basis of skin, 
hair, muscle, tendons, 
and other tissues in the 
body. 


Some proteins are 
enzymes and act as 
catalysts for chemical 
reactions which would 
otherwise proceed too 
slowly for use in 
organisms. 


The secondary structure 
of proteins is stable 
within narrow 
temperature and pH 
ranges. When the 
secondary structure of a 
protein is disrupted, 
either by heat (such as 
by cooking), or 
immersion in acids or 
alkalis, the protein is 
said to be denatured and 
the physical properties 
change markedly. 
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12.5 Nucleic Acids 


Carbohydrates, lipids and proteins make up the bulk of living organisms. A 
fourth major class of compounds comprise the nucleic acids DNA and RNA. 
Nucleic acids are long-chain polymers that consist of smaller units, 
nucleotides, joined together. 





ear __ phosphate _base 
In DNA, there are four ”” “group a “Sy 
types of nucleotide. = fOH. OH, nucleotide / \ i / ‘ 
Each nucleotide a or a” ele. 2 
consists ofa 5-carbon ‘, O OH’ ! | ce ae A 
sugar (deoxyribose), iu pa HO a Tk >? peng 
with an attached phosphate, y a sugar C 
and a nitrogen base. Each type — l Xi H a l 
is distinguished by the identity H l d H 
of the nitrogenous bases. l | 
In DNA, there are only four bases present. OH H 
DNA bases f The NH group on the base 
N NH, H3C combines with the OH group on 
N NH the sugar and a H,0 is lost. 
HC se 
CH No The primary structure of DNA 
N N N is a sequence of nucleotides 
‘i H adeeind + in bonded together as long chains. 


The phosphate group of one 
Oo NH, nucleotide bonds with the sugar 


S NH | of another (losing a molecule of 
ae Nl water in the process). 
HC 
\ HC 
N ~ UNH, ek O 
‘ H 
G guanine C cytosine 
Nucleotide A shorthand 6 
way of writing 
phosphate these groups is 
to just show the 
O base covalent bonds 
between the O 
aia groups, and 
leave out the C 
and H atoms. 


SUBSCRIBE 


» 7:26/ 8:54 o 
> pi fy OC it: 
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12.6 DNA 


The primary structure of DNA is essentially the sequence of bases in the 
nucleotides in the chain. However, DNA does not ordinarily exist as a single 
chain, but is paired with an opposite chain so that the bases are paired and 


held together by hydrogen bonds. 


The bases can only 
pair according to 
certain rules: A is 
always paired with T 
by a double hydrogen 
bond. G is always 
paired with C by a 
triple hydrogen bond. 


The ladder-like 
structure is further 
characterised by 
being coiled up ina 
spiral, each chain with 
bases pointing inwards 
and bonding with the 





corresponding base on the other — the so-called double-helix. The 
nucleotides, identified by their bases, can appear in any particular order, but 
the sequence on one chain has to be reflected in the other by virtue of the 


base-pairing rules A-T and G-C. 


Sequences of nucleotides fall into 
functional groups called genes, which in 
turn lie along a single large DNA 
molecule called a chromosome. In most 
cells, chromosomes occur in duplicated 
pairs. When cell division by mitosis 
occurs, the DNA molecules are replicated 
by rupturing the hydrogen bonds between 
the two chains and then each chain 
forming bonds with new nucleotides 
according to base-pairing rules. When cell 
division is complete, the two new cells 
each contain paired chromosomes of the 
same genetic sequence as the parent cell. 


Although there are only four 
bases in human DNA, the 
molecule typically consists of 
about 1500 nucleotides in the 
chain, allowing billions of 
combinations of base 
sequences possible in a single 
molecule. 


RNA is similar to DNA but 
consists of ribose as the sugar 
and a single chain structure with 
the base uracil rather than 
thymine. There are different 
types of RNA; some act as 
messengers, carrying the DNA 
template to the site of protein 
synthesis (ribosomes) in the 
cell, while others transport 
amino acids to the ribosomes. 
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12.7 Enzymes 


The many chemical reactions which take place in an organism to sustain life 
are collectively called metabolism. Typical reactions are condensation and 


hydrolysis reactions: polysaccharides 
angen Condensation (cellulose, starch) 
fatty acids + Bx fats 
glycerol , 
Hydrolysis 
amino acids eG proteins 


These reactions occur at temperatures of about 37°C under atmospheric 
pressure. The reaction rates would be too slow unless reaction pathways 
were altered by use of catalysts. Nearly every biological chemical reaction 
involves the use of a specific biological catalyst called an enzyme. 


Enzymes are very large protein molecules of a specific shape. The enzyme 
molecule is typically much larger than the molecules actually involved in the 
chemical reaction. The reaction molecule (or molecules in the case of a 
condensation reaction), called the substrate, attaches itself to an active site 


on the enzyme molecule. substrate products 


An activated complex Enzyme/ 
is formed, and_ the VA substrate y L | 
reaction proceeds along se 

a different pathway than \7 

would normally occur in | VE 
the laboratory. 


When the reaction is complete, the products detach from the enzyme and 
the enzyme is available to catalyse another reaction. 


Enzymes lower the activation energy by increasing the collision frequency 
of molecules by virtue of bringing the molecules together spatially in an 
optimum manner, or altering the bond energies involved in the reaction by 
forming temporary bonds on the reacting molecules, and in some cases, 
applying mechanical stress to the reacting molecules to facilitate contact. 


Enzyme inhibitors are used within the organism to control the activity of 
enzymes by masking or blocking the active sites on the enzyme to regulate 
reaction rates as a whole. 


The importance of enzymes cannot be over-stated. In a living cell, the 
reagents of all the chemical reactions are not stored in isolated bottles and 
mixed when needed as in a laboratory, but exist all together in solution. The 
process of chemical reactions between these mixed reagents is orchestrated 
by the action of enzymes. 
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12.8 ATP 


Organisms need nutrients to stay alive. Nutrients comprise carbohydrates, 
proteins and fats and, in animals, are usually ingested as food. Nutrients 
provide a source of energy, essential amino acids and essential fatty acids. 
Vitamins and other trace elements are also required for the proper 
functioning of enzymes. 


Metabolism is the oxidation of glucose to carbon dioxide, water and energy: 
C,H,,0, +60, +36ADP +36P > 6CO, +6H,0+36ATP 


The energy released by the oxidation process 
is stored as chemical potential energy in the Energy stored as 


formation of ATP molecules from ADP phosphate bonds eine 
conversion of ADP 


molecules. Adenosinediphosphate consists (agenosinediphosphate) to ATP 





of a molecule of adenine, ribose, and two (adenosinetriphosphate) 
phosphate groups: ADP +P+energy ~ ATP+H,O 
HN N 
N ———————eEe 7 
O ° | O 
| 1 
me CH, -O —-P -O—P—O™=P—OH | 
ll ll a | 
Oo a 0 
adenine Isceceead 
OH OH phosphates 


When energy is used to bind a third phosphate group to the end of the 
molecule, adenosinetriphosphate is formed. This is an endothermic process 
and is called phosphorylation. The energy used to create ATP is stored in 
the phosphate bond. Energy-rich ATP molecules are then hydrolysed to 
release their energy when used directly in other biological processes such as 
muscle action, protein synthesis and nerve impulse transmission. 


Another important molecule involved in metabolism is the co-enzyme 
NAD (nicotinamide adenine dinucleotide phosphate). NAD takes part in 
oxidation-reduction reactions in metabolism by losing and accepting 
electrons ultimately necessary for conversion of ADP to ATP. The redox 


reactions are 
“ % _ * Reduction can occur by 
NAD* +2H* +2e — NADH+H™ reduction adding hydrogen. 


+ ra @ _ Oxidation can occur by 
NADH+H* > NAD* +2H* +2e oxidation removing hydrogen. 


When NAD‘ is reduced, it stores energy by storing an excited electron in the 
form of NADH and a H* ion. When NADH+H? is oxidised, it releases 
energy, usually to form ATP from ADP. 
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12.9 Anaerobic Metabolism 


Anabolic processes build up low-energy reactants into high-energy products. 
Photosynthesis in plants is an anabolic process. Catabolic processes break 
down high-energy reactants to low-energy products, releasing energy in 
doing so. This energy is transferred to ATP. 

Anaerobic metabolism involves two steps: (i) the breakdown of glucose 
from a carbohydrate into pyruvic acid: 


C.H,.0, +2NAD* + 4ADP > 2C,H,O; + 2NADH + 2H* +4ATP 
614126 31143 


and (ii) the fermentation of pyruvic acid into either CO, and ethanol, or 
lactic acid. The ultimate aim is to produce ATP from ADP. 


Glycolytic pathwa 
eee e.g. glucose, from a carbohydrate 


Cy 
2ATP — 2ADP Energy is absorbed in 
this preparatory step 
‘ PGAL (phosoglyceraldehyde) 
> VA 
oO 
Energy is released 
2NAD*t — 2NADH+2H* ek ean and stored in ATP 
‘ 
No O, present a 
. C3 Pyruvic acid 
x 
2NADH+2H* — 2NAD* ‘% Se 
6 \ s if O, present 
Ss \ ‘a 
2 ‘ (2) of aerobic 
E ‘s metabolism 
© CO, + ethanol (plants) 
Lactic acid (animals) (1) of aerobic 
metabolism 


Net 2 ATP gained 


Anaerobic metabolism occurs in all cells. It does result in a particularly 
high yield of ATP since the products, ethanol, lactic acid and pyruvic acid, 
still contain a substantial portion of the original energy from the glucose. 
While anaerobic metabolism can provide ATP for energy use (in muscles) 
when O, is in short supply, or none at all, it also provides a source of 
pyruvic acid for use in aerobic respiration. 
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12.10 Aerobic Metabolism 


Aerobic metabolism, or respiration, is the process by which glycerol is 
oxidised with the production of ATP molecules from ADP molecules in the 
presence of molecular oxygen: 


2 |) 2NADH+2H* +0, > 2NAD*+2H,O +—6ATP 
> 
8 Coenzyme A Cy 
= | (2) 2C; +2CoA +2NAD* — 2AcetylCoA + 2NADH + 2H* + 2CO, 
£ Pyruvic 

acid 


(3) 2NADH + 2H* +O, > 2NAD* + 2H,O 
+— 6 ATP 
(4) 2AcetyICoA+ Krebs cycle— CO, +H,O +2 ATP 


st ae directly + 
(1) The NADH from glycolysis is oxidised, by yapH+Ht 


the addition of O,, to produce six ATP. 


(2) Pyruvic acid C, is oxidised to an activated form of 
acetic acid C,. NAD* is reduced to NADH+H". 


(3) NADH+H* from (2) is oxidised by O,, to form six ATP. 


(4) AcetyICoA enters the Krebs cycle (or citric acid cycle). This consists 
of multiple reactions, the net effect of which is to form two molecules 
of ATP plus energy-rich NADH. 

During the Krebs cycle, six molecules of NADH+H* and two molecules of 
a related compound, FADH, are formed. These electron-carrier molecules 
are energy-rich and can be further oxidised as in (1) and (3) which require 
O,. The net result of (4) is the production of twenty two ATP molecules. 
Anaerobic metabolism produces two molecules of ATP, which added to the 
thirty four ATP molecules from aerobic metabolism makes thirty six 
molecules of ATP from the complete oxidation of one molecule of glucose. 


Fats and proteins 


Fats —> Glycerol —> Fatty Protein —> Amino acids 

are also sources of welds 
ATP, by virtue of ase 

: PGAL yruvic 
their breakdown Koa sid 
into components 4 CoA | 
which can _ be to 1 
inserted into glycolytic to (4) of , : : 
glycolytic and pathway a orobic glycolytic 


: pathway 
aerobic pathways. pathway 
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12.11 Cyclic Photophosphorylation 


Ultimately, the energy contained within glucose used in animal metabolism 
comes from photosynthesis in plants. The overall reaction in plants, for the 


production of glucose, is Note that O, is a 
light product of this 
J reaction. 


6CO, +12H,0 + Energy > C,H),0, +60, +6H,O0 


Chlorophyll is the unique ingredient of plants that captures photons to 
promote an electron of low energy into an excited state. The excited electron 
is passed from one transfer molecule to another, losing energy at each step, 
until it returns to a chlorophyll molecule in an unexcited state. At each step, 
the energy lost is used to convert ADP to ATP: 


ADP+ P+ Energy <> ATP + H,0 Because electrons are 


As the excited electron is passed from donated by chlorophyll 
: from the high-energy 
molecule to molecule, some of the energy is 
state and then to 
used to create ATP. The process is not 100% acceptance in a low- 
efficient. energy state, this 
synthesis of ATP is 
o called cyclic 
20. 2* photophosphorylation. 
PQ The ATP, essentially 
\ _> ener9Y created from ADP by the 
E =hv Cyt energy of sunlight, is 
y ultimately used to create 
= i — energy ADP > ATP high-energy glucose 
PC (which is stored in the 
x plant as starch) from 
Chlorophyll "2 ne, low-energy CO,. Animals 
Yw eat the plants and 
PQ, Cyt and PC are electron carrier convert starch into 
; glucose, which is then 
molecules that undergo reduction (when they used to create ATP for 
accept the electron) and oxidation (when they their own metabolic 
donate the electron). processes. 


In this mode of photophosphorylation, electrons are transported around in a 
cycle; no oxygen or NADH+H‘ is produced. 
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12.12 Non-Cyclic Photophosphorylation 


Another way of producing ATP used by plants has a beginning similar to 
cyclic photophosphorylation, but employs a more complicated path for 


extraction of energy from _ excited 


electrons. This non-cyclic 


photophosphorylation is used by modern green plants : 


ale) 


= ene oN 


—~DFa___, enet9Y 


Fp 


2ADP > 
2ATP 
(stored 
energy) 


Chlorophyll + 
= 


— energy 


to dark reactions to 
make glucose 


2NAD* +4H* +4e° — 2NADH+2H* 





The production of ATP and NADH+H* 


Chlorophyll 


2H,0 — 4H* +0, +4e7 


involves two light reactions. Electron deficiency in one Note that O, is a 
chlorophyll is balanced by different electrons from those product of this 
from the water dissociation. reaction 


Additional reactions take place in which the energy obtained from the light 
reactions is converted into carbohydrates for storage. That is, CO, is reduced, 
and (if the energy is coming from NADH+H”*) the NDAH+H? is oxidised 
with the net result being glucose. These are known as dark reactions since 
no light is required. 


3ATP — 3ADP 


Ribulose 


3C, + 3CO, 


3Cg 


u 


6PGA 
(2C, + P) 


6PGAL 


6ATP > 6ADP 


6NADH+6H* — 6NAD* 


The resulting glucose is used in 
metabolism by the plant cells 
for making  cellulose/starch 
(trunks and branches, etc) and 
other sugars (such as in fruit), 
which may in turn be eaten by 
animals from which the glucose 
is recovered and used in animal 
metabolism. 


5PGAL 1PGAL——® C,H,.0, (glucose) 
stored as starch 
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12.13 Metabolism 


Summary: Food Air 




















Proteins Carbohydrates C- a 
Eating Breathing 
Digestion 
Amino Glucose Glycerol Fatty acids Oxygen 
acids / 
Glycogen 
Also required are 
vitamins (organic 
Proteins 


compounds in small 
quantities that cannot 
be synthesised by 
the body) and 
minerals (usually 
CO, absorbed as metal 
ions). Vitamins and 
minerals are required 
ATP as components of 
enzymes, muscle 
action, bones, teeth, 
haemoglobin, etc. 


Anaerobic and 
aerobic 
metabolism 


ATP is used to provide the energy source for conversion of amino acids 
into proteins required by the body for the production of skin, hair, cells, 
enzymes, muscles, nerves, signalling, anaerobic respiration, as well as for 
energising DNA replication. It also provides energy for muscle action, 
vision, brain activity, and nearly all biological energy transformations. 
Glycogen and fats can be stored in the body and sent back into the 
metabolism pathway as glucose and glycerol for oxidation into CO, and 
energy when there is no food being digested. 
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Introduction 


Chemistry is one of eight volumes of the Science Visual Resources 
set. It contains eight sections, a comprehensive glossary, a Web site 
guide, and an index. 


Chemistry is a learning tool for students and teachers. Full-color 
diagrams, graphs, charts, and maps on every page illustrate the 
essential elements of the subject, while parallel text provides key 
definitions and step-by-step explanations. 


Atomic Structure provides an overview of the very basic structure 
of physical matter. It looks at the origins of the elements and 
explains the nature of atoms and molecules. 


Elements and Compounds examines the characteristics of the 
elements and their compounds in detail. Tables give the boiling 
points, ionization energies, melting points, atomic volumes, atomic 
numbers, and atomic masses key elements. Plates also describe 
crystal structures and covalent bonding. 


Changes in Matter is an overview of basic chemical processes and 
methods. It looks at mixtures and solutions, solubility, 
chromatography, and the pH scale. 


Patterns—Non-Metals and Patterns—Metals focus on the 
properties of these two distinct groups of elements. These sections 
also include descriptions of the industrial processes used when 
isolating important elements of both types. 


Chemical Reactions looks at the essential factors that influence 
reactions. It includes information on proton transfer, electrolysis, 
redox reactions, catalysts, and the effects of concentration and 
temperature. 


Chemistry of Carbon details the chemical reactions involving 
carbon that are vital to modern industry—from the distillation of 
crude oil to the synthesis of polymers and the manufacture of 
soaps and detergents. This section also includes an overview of the 
chemistry of life. 


Radioactivity is concerned with ionizing radiation, nuclear fusion, 
nuclear fission, and radioactive decay, as well as the properties of 
radiation. Tables describe all known isotopes, both radioactive and 
non-radioactive. 
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Beginnings 

e According to the Big Bang theory, the 
universe resulted from a massive 
explosion that created matter, space, 
and time. 

e During the first thee minutes following 
the Big Bang, hydrogen and helium 
were formed as the universe began to 
cool. 


Initial formation 

e Stars were formed when gravity caused 
clouds of interstellar gas and dust to 
contract. These clouds became denser 
and hotter, with their centers boiling 
at about a million kelvins. 

e These heaps became round, glowing 
blobs called protostars. 

e Under the pressure of gravity, 
contraction continued, and a protostar 
gradually became a genuine star. 

eA star exists when all solid particles 
have evaporated and when light atoms 
such as hydrogen have begun building 
heavier atoms through nuclear 
reactions. 

e Some cloud fragments do not have the 
mass to ignite nuclear reactions. These 
become brown dwarfs. 

e The further evolution of stars depends 
on their size (See page 9). 

e Stars the size of our Sun will eventually 
shed large amounts of matter and 
contract into a very dense remnant—a 
white dwarf, composed of carbon and 
oxygen atoms. 

e More massive stars collapse quickly 
shedding much of their mass in 
dramatic explosions called 
supernovae. After the explosion, the 
remaining material contracts into an 
extremely dense neutron star. 

e The most massive stars eventually 
collapse from their own gravity to 
black holes, whose density is infinite. 


Formation of stars 
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hydrogen is converted to helium 

planetary system evolves 

hydrogen runs out and helium is converted 
to carbon 

star cools to form a red giant 

carbon 

star evolves to form a white dwarf 
hydrogen is converted to helium and carbon, 
and eventually iron 

hydrogen runs out, and star undergoes 
gravitational collapse 


© 


i The collapsed star suddenly expands rapidly, 
creating a supernova explosion 

j creates many different elements 

k the core of the dead star becomes a neutron 
star 

| hydrogen converted to many different 
elements 

m hydrogen runs out, and the star collapses to 
form a black hole 

n black hole 
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Fate of stars 

e During most of a star’s life, the 
outward pressure from nuclear fusion 
balances the pull of gravity, but as 
nuclear fuel is exhausted, gravity 
compresses the star inward and the 
core collapses. How and how far it 
collapses depends on the size of the 
Star. 


1 The fate of a star the 

size of our sun 

eA star the size of our Sun burns 
hydrogen into helium until the 
hydrogen is exhausted and the core 
begins to collapse. This results in 
nuclear fusion reactions in a shell 
around the core. The outer shell heats 
up and expands to produce ared 
giant. 

e Ultimately, as its nuclear reactions 
subside, a red giant cools and 
contracts. Its core becomes a very 
small, dense hot remnant, a white 
dwarf. 


2 Fate of a larger star 

e Stars with an initial mass 10 times that 
of our Sun go further in the nuclear 
fusion process until the core is mostly 
carbon. The fusion of carbon into 
larger nuclei releases a massive 
amount of energy. The result is a huge 
explosion in which the outer layers of 
the star are blasted out into space. 
This is called a supernova. 

e After the explosion, the remaining 
material contracts, and the core 
collapses into an extraordinary dense 
object composed only of neutrons— 
a neutron star. 


3 Fate of a massive star 

e Stars with an initial mass of 30 times 
our Sun undergo a different fate 
altogether. The gravitational field of 
such stars is so powerful that material 
cannot escape from them. As nuclear 
reactions subside, all matter is pulled 
into the core, forming a black hole. 
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1 Birth of the solar system 

e The solar system is thought to have 
formed about 4.6 billion years ago as a 
result of nuclear fission in the Sun. 

eA nebula (cloud) of gases and dust 
that resulted from the explosion. 
flattened into a disk with a high 
concentration of matter at the center. 


2 Formation of the inner 

and outer planets 

e Near the Sun, where the temperature 
was high, volatile substances could not 
condense, so the inner planets 
(Mercury, Venus, Earth, and Mars) are 
dominated by rock and metal. They 
are smaller and more dense than those 
farther from the Sun. 

en the colder, outer areas of the disk, 
substances like ammonia and 
methane condensed, while hydrogen 
and helium remained gaseous. In this 
region, the planets formed (Jupiter, 
Saturn, Uranus, and Neptune) were 
gas giants. 


3 Inner planets 

e Inner planets consist of a light shell 
surrounding a dense core of metallic 
elements. 

e Mercury, the planet closest to the Sun, 
has a proportionately larger core than 
Mars, the inner planet farthest from 
the Sun. 


4 Outer planets 

e The outer planets have low densities 
and are composed primarily of 
hydrogen and helium. 

e The outer planets are huge in 
comparison to the inner planets. 

e Jupiter and Saturn, the largest of the 
gas giants, contain the greatest 
percentages of hydrogen and helium; 
the smaller Uranus and Neptune 
contain larger fractions of water, 
ammonia, and methane. 


The solar system 


1 Birth of the solar system 


Wm anelgele(=ialr- lave mal=iihelan) 
b heavier elements 
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2 Formation of the inner 
and outer planets 


d denser inner planets 
e less dense outer planets 





3 Inner planets 


° Mercury 


Mars 











f light shell 
g dense core 
h light shell 
i dense core 


4 Outer planets 


Uranus and 
Neptune 
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j diameter = 2 or 3 that of the Earth 
k solid water, methane, and ammonia 
I liquid water, methane, and ammonia 


J upiter and 
Saturn 


0 
y 


m liquid hydrogen and helium 
n small rocky center 
0 radii: 
J upiter = 11x radius of Earth 
Saturn =9 x radius of Earth 





1 Basic composition of the planets 


Iron/ nickel core shell of silicon and other elements 


Liquid hydrogen and helium 


Solid/ liquid water, methane, and ammonia 


a Mercury oi =t-]aa a) e J upiter g Uranus 
b Venus d Mars f Saturn h Neptune 





2 Composition of Earth 
Composition % 


of Earth 
Jd oxygen 46 
silicon 28 
if aluminum 8 
iron 5 
calcium 4 
sodium 3 
3 
2 


potassium 
magnesium 


i crust | inner core (solid - nickel and iron) 
j mantle (oxygen, silicon, aluminum, iron) mcrust, mantle, and oceans = 2/3 of mass) 
k outer core (liquid - nickel and iron) n core = ¥3 of mass 
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e The inner planets— Mercury, Venus, 
Earth, and Mars— consist of an 
iron-nickel core surrounded by a shell 
of silicon and other elements. 

e The outer planets—Jupiter, Saturn, 
Uranus, and Neptune— consist largely 
of solid or liquid methane, ammonia, 
liquid hydrogen, and helium. 

@ Pluto is not included in this 
comparison because it is atypical of 
the other outer planets, and its origins 
are uncertain. 


e Earth consists of a dense, solid inner 
core and aliquid outer core of nickel 
and iron. The core is surrounded by 
the mantle (a zone of dense, hot 
rock), and finally by the crust, which is 
the surface of Earth. 

e Since most of the materials of Earth 
are inaccessible (the deepest drilled 
holes only penetrate a small distance 
into the crust), we can only estimate 
the composition of Earth by looking at 
the composition of the materials from 
which Earth formed. Meteorites 
provide this information. 

e@ Oxygen is the most common element 
on Earth, and about one fifth of 
Earth’s atmosphere is gaseous oxygen. 

e@ Oxygen is also present in many 
compounds, including water (H,0), 
carbon dioxide (CO ), and silica 
(SiOz), and metal salts such as oxides, 
carbonates, nitrates, and sulfates. 
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1 Densities and radii of the 

planets 

e The inner planets— Mercury, Venus, 
Earth, and Mars—are relatively small 
but have a higher density than the 
outer planets. 

e The outer planets—Jupiter, Saturn, 
Uranus, and Neptune—are relatively 
large but have a lower density than the 
inner planets. 


2 Atmospheric composition 

of the inner planets 

e Earth’s atmosphere was probably 
similar to that of Venus and Mars when 
the planets formed. However, the 
particular conditions on Earth allowed 
life to start and flourish. With this 
came drastic changes to the 
composition of the atmosphere. Of 
particular importance is the evolution 
of green plants. 

e Green plants contain a pigment called 
chlorophyll. Plants use this pigment to 
trap energy from sunlight and make 
carbohydrates. The process is called 
photosynthesis. 

e As Earth became greener, the 
proportion of carbon dioxide in the 
atmosphere fell until it reached the 
present level of about 0.04 percent. 

e The green plants provided a means of 
turning the Sun’s energy into food, 
which in turn, provided animals with 
the energy they needed to survive. 
Thus, animals could evolve alongside 
plants. 

e Conditions on the two planets 
adjacent to Earth— Venus and Mars— 
were not suitable for life as we know 
it, and the atmospheres on these 
planets have remained unchanged. 


Planetary density, size, 


and atmosphere 


1 Densities and radii of the planets 
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2 Atmospheric composition of the inner planets 
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1 Principle subatomic particles 





- : : z atom neutron 
Ya t(al(-) Relative atomic mass Relative charge F 
’ atomic number nucleus 
Electron 7836 electron proton 
Neutron 1 isotope subatomic 
mass number particle 





Proton all 





1 Principle subatomic 
particles 
e@ An atom is the smallest particle of an 
@ proton \ : element. It is made up of even smaller 
nucleus 


2 The atom 










subatomic particles: negatively 
charged electrons, positively charged 
protons, and neutrons, which have no 
charge. 


© neutron 
© electron 


2 The atom 

e@ An atom consists of a nucleus of 
protons and neutrons surrounded by 
a number of electrons. 

e Most of the mass of an atom is 
contained in its nucleus. 

e The number of protons in the nucleus 
is always equal to the number of 
electrons around the nucleus. Atoms 
have no overall charge. 


3 Representing an element 

e Elements can be represented using 
their mass number, atomic number, 
and atomic symbol: 


mass number 
atomic number Symbol 


e The atomic number of an atom is the 
number of protons in its nucleus. 

e@ The mass number is the total number 
of protons and neutrons in its nucleus. 
Thus, an atom of one form of lithium 
(Li), which contains three protons and 
four neutrons, can be represented as: 


SLi 


3 Representing 
an element 


4 Isotopes 
e All atoms of the same element have 
4 Isotopes the same atomic number; however, 
they may not have the same mass 
¢ < number because the number of 

neutrons may not always be the same. 
Atoms of an element that have 
different mass numbers are called 
isotopes. The diagram at left illustrates 
isotopes of hydrogen. 


Hydrogen 1 Hydrogen 2 Hydrogen 3 
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Developing the atomic 

model 

e At end of the 19th century, scientists 
thought that the atom was a positively 
charged blob with negatively charged 
electrons scattered throughout it. At 
the suggestion of British physicist 
Ernest Rutherford, Johannes Geiger 
and Earnest Marsden conducted an 
experiment that changed this view of 
the atomic model. 

e Scientists had recently discovered that 
some elements were radioactive— they 
emitted particles from their nuclei as a 
result of nuclear instability. One type 
of particle, alpha radiation, is positively 
charged. Geiger and Marsden 
investigated how alpha particles 
scattered by bombarding them against 
thin sheets of gold, a metal with a high 
atomic mass. 

e They used a tube of radon, a 
radioactive element, in a metal block 
(a) as the source of a narrow beam of 
alpha particles and placed a sheet of 
gold foil in the center of their 
apparatus (b). After they bombarded 
the sheet, they detected the pattern of 
alpha particle scattering by using a 
fluorescent screen (c) placed at the 
focal length of a microscope (dq). 


e |f the existing model had been correct, 


all of the particles would have been 
found within a fraction of a degree of 
the beam. But Geiger and Marsden 
found that alpha particles were 
scattered at angles as large as 140°. 


e From this experiment, Rutherford 


deduced that the positively charged 
alpha particles had come into the 
repulsive field of a highly concentrated 
positive charge at the center of the 
atom. He, therefore, concluded that an 
atom has a small dense nucleus in 
which all of the positive charge and 
most of the mass is concentrated. 
Negatively charged electrons surround 
the nucleus—similar to the way the 
planets orbit the Sun. 


Geiger and Marsden’s 
apparatus 
bb) ic) bd ) 














a source of alpha particles 
(radon tube) 

b gold foil 

c screen 

d microscope 
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1 Maltese-Cross tube 
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a E.h.t. supply 

b low voltage 

c heated filament and cathode 
d anode 


2 The Perrin tube 
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| anode 
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e Maltese-Cross (connected to anode) 
g shadow 

h invisible cathode rays 
f fluorescent screen 








n vacuum 


o gold-leaf electroscope 
p electrons are collected 
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Investigating the electron 
e During the last half of the nineteenth 


century, scientists observed that when 
an electric current passes through a 
glass tube containing a small amount 
of air, the air glowed. As air was 
removed, a patch of fluorescence 
appeared on the tube, which they 
called cathode rays. Scientists then 
began investigated these streams of 
electrons traveling at high speed. 


1 Maltese cross tube 


en the 1880s, William Crookes 


experimented on cathode rays using a 
Maltese cross tube. 


e The stream of electrons emitted by the 


hot cathode is accelerated toward the 
anode. Some are absorbed, but the 
majority passes through and travels 
along the tube. Those electrons that 
hit the Maltese cross are absorbed. 
Those electrons that miss the cross 
strike the screen, causing it to 
fluoresce with a green light. 

e The result of this experiment is that a 
shadow of the cross is cast on the 
screen. This provides evidence that 
cathode rays travel in straight lines. 


2 The Perrin tube 

en 1895 Jean Perrin devised an 
experiment to demonstrate that 
cathode rays convey negative charge. 

e He constructed a cathode ray tube in 
which the cathode rays were 
accelerated through the anode, in the 
form of a cylinder open at both ends, 
into an insulated metal cylinder called 
a Faraday cylinder. 

e This cylinder has a small opening at 
one end. Cathode rays enter the 
cylinder and build up charge, which is 
indicated by the electroscope. Perrin 
found that the electroscope had 
become negatively charged. 

e Perrin’s experiments helped to 
prepare the way for English physicist 
J.J. Thompson's work on electrons a 
few years later. 
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1J .J.. Thomson’s cathode 

ray tube 

en 1897 J.J. Thomson devised an 
experiment with cathode rays that 
resulted in the discovery of the 
electron. 

e Up to this time, it was thought that the 
hydrogen atom was the smallest 
particle in existence. Thomson 
demonstrated that electrons (which he 
called corpuscles) comprising cathode 
rays were nearly 2,000 times smaller in 
mass than the then lightest-known 
particle, the hydrogen ion. 

e When a high voltage is placed across a 
pair of plates, they become charged 
relative to each other. The positively 
charged plate is the anode, and the 
negatively charged plate the cathode. 

e Electrons pass from the surface of the 
cathode and accelerate toward the 
oppositely charged anode. The anode 
absorbs many electrons, but if the 
anode has slits, some electrons will 
pass through. 

e The electrons travel into an evacuated 
tube, where they move in a straight 
line until striking a fluorescent screen. 
This screen is coated with a chemical 
that glows when electrons strike it. 


2 Evidence of the 

photoelectric effect 

e The photoelectric effect is the 
emission of electrons from metals 
upon the absorption of 
electromagnetic radiation. 

e Scientists observed the effect in the 
nineteenth century, but they could not 
explain it until the development of 
quantum physics. 

e To observe the effect, a clean zinc 
plate is placed in a negatively charged 
electroscope. The gold leaf and brass 
plate carry the same negative charge 
and repel each other. 

e When ultraviolet radiation strikes the 
zinc plate, electrons are emitted. The 
negative charge on the electroscope is 
reduced, and the gold leaf falls. 


Investigating the 


electron 2 


LJ .J. Thomson’s cathode ray tube 





a high voltage 

b cathode 

c gas discharge provides free electrons 
d anode with slit 

e y-deflecting plate 








f direction of travel of the cathode rays 
g flourescent screen 

h light 

i evacuated tube 

j x-deflecting plate 


2 Evidence of the photoelectric effect 
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Cathode ray oscilloscope 


1 The cathode ray oscilloscope 
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1 Cathode ray oscilloscope 
e The cathode ray oscilloscope (CRO) is 
one of the most important scientific 
instruments ever to be developed. It is 
often used as a graph plotter to display 

a waveform showing how potential 
difference changes with time. The 
CRO has three essential parts: the 
electron gun, the deflecting system, 
and the fluorescent gun. 

e The electron gun consists of a heater 
and cathode, a grid, and several 
anodes. Together these provide a 
stream of cathode rays. The grid is at 
negative potential with respect to the 
cathode and controls the number of 
electrons passing through its central 
hole. It is the brightness control. 

e The deflecting system consists of a pair 
of deflecting plates across which 
potential differences can be applied. 
The Y-plates are horizontal but deflect 
the beam vertically. The X-plates are 
vertical and deflect the bean 
horizontally. 

eA bright spot appears on the 
fluorescent screen where the beam 
hits it. 


2 Electron gun 

e When a current passes through the 
heater, electrons are emitted from the 
surface of the cathode and attracted 
towards an oppositely charged anode. 
Some will be absorbed by the anode, 
while others pass through and are 
accelerated, forming a stream of high- 
speed electrons. 
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Measuring the charge on 

the electron 

en the early part of the 20th century, 
American physicist Robert Millikan 
constructed an experiment to 
accurately determine the electric 
charge carried by a single electron. 

e Millikan’s apparatus consisted of two 
horizontal plates about 20 cm in 
diameter and 1.5 cm apart, with a 
small hole in the center of the upper 
plate. 

e At the beginning of the experiment, an 
atomizer sprayed a fine mist of oil on 
to the upper plate. 

eAs aresult of gravity, a droplet would 
pass through the hole in the plate into 
a chamber that was ionized by 
radiation. Electrons from the air 
attached themselves to the droplet, 
causing it to acquire a negative charge. 
A light source illuminated the droplet, 
making it appear as a pinpoint of light. 
Millikan then measured its downward 
velocity by timing its fall through a 
known distance. 

e Millikan measured hundreds of 
droplets and found that the charge on 
them was always a simple multiple of a 
basic unit, 1.6 x 10-49 coulomb. From 
this he concluded that the charge on 
an electron was numerically 1.6 x 10-19 
coulomb. 





Measuring the charge on 
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1 Estimating the size of 

a molecule 

e Scientists can estimate the size of a 
molecule by dividing the volume of a 
sphere by the volume of a cylinder. 

e|n the example in the diagram, the 
volume of aspherical oil drop of 
radius, r., is given by: 
4x7 xr,3 

3 

e@ When the oil drop spreads across the 
surface of water, it takes the shape of a 
cylinder of radius, r,, and thickness, h. 
The volume of such acylinder is: 
7xr2xh 

elf we assume that the layer of oil is 
one molecule thick, then h gives the 
size of an oil molecule. 

e When spread on water the drop of oil 
will have the same volume therefore: 
Série Al 

5} TX 2 





Determining the radius of an 
oil drop spread 


Determining the radius of 
an oil drop 


2 Brownian motion in air 3 Diffusion 








2 Brownian motion in air 

e Brownian motion is the random 
motion of particles through a liquid or 
gas. Scientists can observe this by 
using a glass smoke chamber. 

e Smoke consists of large particles that 
can be seen using a microscope. 

ein the smoke chamber, the smoke 
particles move around randomly due 
to collisions with air particles. 


3 Diffusion 

e Diffusion is the spreading out of one 
substance through another due to the 
random motion of particles. 

e The diagram illustrates how scientists 
use a diffusion tube to observe this. 
Initially the color of the substance is 





a tape i wax-coated tray q glass smoke chamber 


b cardboard 

c fine stainless steel wire 

d magnifying glass 

e 1/2 mmscale 

f view through magnifying 
glass 

g oil drop 

h waxed sticks 


j lycopodium powder 

k oil patch 

| microscope 

m removable lid 

n window 

o lamp 

p glass rod for converging 
light 


r glass diffusion tube 

s liquid bromine capsule 

t rubber stopper 

u tap 

v bromine capsule 

w rubber tube 

x point at which pressure is 
applied to break capsule 


strongest at the bottom of the tube. 
e After a period of time, as a result of 


diffusion, the particles of the 


substance mix with air particles, and 
the color becomes uniform down the 


length of the tube. 
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Defining Avogadro’s 

constant 

e Avogadro’s constant is the number of 
particles in a mole of a substance. It 
equals 6.023 x 1023 mol-1. 

eltis F, the Faraday constant— 96,500 
coulombs per mole, the amount of 
electric charge of one mole of 
electrons— divided by 1.60 x 10-19 
coulomb—the charge on one electron 
(expressed as e). 

e Thus, the Avogadro constant, N, is 


given by: N =F 
e 
or: 
96,500 = 6.023 x 1023 mol 
160 x 10-9 


Determining the Constant 

e The number of molecules in one mole 
of substance can be determined by 
using electrochemistry. 

e During electrolysis, current (electron 
flow) over time is measured in an 
electrolytic cell (see diagram). The 
number of atoms in a weighed sample 
is then related to the current to 
calculate Avogadro’s constant. 


Illustrating the Procedure 

e The diagram illustrates the electrolysis 
of copper sulfate. To calculate 
Avogadro’s constant, the researcher 
weighs the rod to be used as the 
anode before submerging the two 
copper rods in copper sulfate. She 
then connects the rods to a power 
supply and an ammeter (an 
instrument used to measure electric 
current). She measures and records 
the current at regular intervals and 
calculates the average amperage (the 
unit of electric current). Once she 
turns off the current, she weighs the 
anode to see how much mass was lost. 
Using the figures for anode mass lost, 
average current, and duration of the 
electrolysis, she calculates Avogadro’s 
constant. 





Determination of 
Avogadro’s constant 


Determination of Avogadro’s constant 
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The mole 


1 Defining a mole 


1particle- @ 


x amu 


2 Moles of gas 





(16 g) CH, 


3 Molarity 


eg 


(127 g) FeCl, 


— 


(95 g) MgCl, 








1liter 





6.023 x 1023 particles 






NaOH (40 g) 


Ca(NO3), (164 g) 


(233 g) BaSO, KBr (119 g) 
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1 Defining a mole 

e Because atoms, ions, and molecules 
have very small masses, it is impossible 
to count or weigh them individually. As 
aresult, scientists use moles in a 
chemical reaction. 

eA mole is the amount of substance 
that contains as many elementary 
entities (atoms, molecules, ions, any 
group of particles) as there are atoms 
in exactly 0.012 kilogram of carbon-12. 
This quantity is Avogadro’s constant 
(6.023 x 1023 mol). 

e The significance of this number is that 
it scales the mass of a particle in 
atomic mass units (amu) exactly into 
grams (Q). 

e Chemical equations usually imply that 
the quantities are in moles. 


2 Moles of gas 

e One mole of any gas occupies 
22.4 liters at standard temperature and 
pressure, (which is 0 °C and 
atmospheric pressure). 

e The diagram shows the mass in grams 
of one mole of the following gases: 
chlorine (Cl), carbon dioxide (CO,), 
methane (CH,), hydrogen (H;), 
nitrogen (N>), and oxygen (0,). 


3 Molarity 

e Molarity is concerned with the 
concentration of asolution. It 
indicates the number of particles in 
1 liter of solution. 

e@A 1 molar solution contains 1 mole of 
a substance dissolved in water or some 
other solvent to make 1 liter of 
solution. 

e The diagram shows the mass in grams 
of one mole of the following 
substances: iron(II) chloride (FeCl,), 
magnesium chloride (MgCl>), barium 
sulfate (BaSO,), sodium hydroxide 
(NaOH), calcium nitrate (Ca(NO3)>), 
and potassium bromide (KBr). 
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e The atomic emission spectrum of an 
element is the amount of 
electromagnetic radiation it emits 
when excited. This pattern of 
wavelengths is a discrete line 
spectrum, not a continuous spectrum. 
It is unique to each element. 


e Toward the end of the nineteenth 
century, scientists discovered that 
when excited in its gaseous state, an 
element produces a unique spectral 
pattern of brightly colored lines. 
Hydrogen is the simplest element and, 
therefore, was the most studied. 
Hydrogen has three distinctively 
observable lines in the visible 
spectrum— red, blue/cyan, and violet. 


e|n 1885 Swiss mathematician and 
physicist Johannes Jakob Balmer 
proposed a mathematical relationship 
for lines in the visible part of the 
hydrogen emission spectrum that is 
now Known as the Balmer series. 

e The series in the ultraviolet region at 
a shorter wavelength than the Balmer 
series is known as the Lyman series. 

e The series in the infrared region at 
the longer wavelength than the Balmer 
series is known as the Paschen series. 

e The Brackett series and the Pfund 
series are at the far infrared end of the 
hydrogen emission series. 
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Energy levels 

e Electrons are arranged in definite 
energy levels (also called shells or 
orbitals), at a considerable distance 
from the nucleus. 

e Electrons jump between the orbits by 
emitting or absorbing energy. 

e The energy emitted or absorbed is 
equal to the difference in energy 
between the orbits. 


Energy levels of hydrogen 

e The graph shows the energy levels for 
the hydrogen atom. Each level is 
described by a quantum number 
(labeled by the integer n). 

e The shell closest to the nucleus has 
the lowest energy level. It is generally 
termed the ground state. The states 
farther from the nucleus have 
successively more energy. 


Transition from n level to 
ground state 
e Transition from n=2 to the ground 
state, n=1: 
Frequency =24.66 x 10% Hz 
e Transition from n=3 to the ground 
State, n=1: 
Frequency =29.23 x 104 Hz 
e Transition from n=4 to the ground 
state, n=1: 
Frequency =30.83 x 104 Hz 


Line spectrum 

e This radiation is in the ultraviolet 
region of the electromagnetic 
spectrum and cannot be seen by the 
human eye. 
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1 Luminescence 

e Luminescence is the emission of light 
caused by an effect other than heat. 

e Luminescence occurs when a 
substance is stimulated by radiation 
and subsequently emits visible light. 

e The incident radiation excites 
electrons, and as the electrons return 
to their ground state, they emit visible 
light. 

elf the electrons remain in their excited 
state and emit light over a period of 
time, the phenomenon is called 
phosphorescence. 

elf the electrons in a substance return 
to the ground state immediately after 
excitation, the phenomenon is called 
fluorescence. 


2 Fluorescence 

e|n this diagram, a fluorescent light 
tube contains mercury vapor at low 
pressure. Electrons are released from 
hot filaments at each end of the tube 
and collide with the mercury atoms, 
exciting the electrons in the mercury 
atoms to higher energy levels. As the 
electrons fall back to lower energy 
states, photons of ultraviolet light are 
emitted. 

e The ultraviolet photons collide with 
atoms of a fluorescent coating on the 
inside of the tube. The electrons in 
these atoms are excited and then 
return to lower energy levels, emitting 
visible light. 


Luminescence 


1 Luminescence 
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1 Antoine Lavoisier 

ein 1789, French chemist Antoine 
Lavoisier organized what he believed 
were the elements into four groups: 
Group 1 gases, Group 2 non-metals, 
Group 3 metals, and Group 4 earths. 


2 J ohann Dobereiner 

e!n 1817, German chemist Johann 
Dobereiner noticed that the atomic 
mass of strontium was about half way 
between that of calcium and barium. 
After further study, he found that he 
could organize other elements into 
similar groups based on the same 
relationship to each other. He called 
these groups triads. Subsequently, 
scientists attempted to arrange all of 
the known elements into triads. 


3 John Newlands 

e!n 1864, English chemist John 
Newlands noticed that if the elements 
were arranged in increasing order of 
atomic mass, the eighth element after 
any given one had similar properties. 
He likened this to an octave of music 
and called the regularity the “law of 
octaves.” 

e Newlands’s arrangement worked well 
for the first 17 elements but broke 
down thereafter. Consequently, it was 
not well received by other scientists. 


4 Lothar Meyer 


ein 1870, German chemist Lothar Meyer 


plotted a graph of atomic volume 
against atomic mass. 

e@ He found a pattern in which elements 
of similar properties appeared in 
similar positions on the graph. 
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1 Mendeleyev’s periodic 

table 

e The modern periodic table is based 
on that developed by Russian chemist 
Dmitry Mendeleyev in the 1860s. 

e He arranged the elements in order of 
increasing atomic mass. He called the 
horizontal rows periods and the 
vertical columns groups. He grouped 
the elements on the basis of their 
properties. 

e Mendeleyev made a separate group for 
those elements that did not appear to 
fit the pattern. He also left spaces 
where there was no known element 
that fit the pattern and made 
predictions about the 





The periodic table 


1 Part of Mendeleyev’s periodic table 


Cl 


Mn FeCoNi 


Spaces were left for elements that had not been discovered. They were candium, gallium, 
germanium, and technetium. 


missing elements. 2 Modern Periodic Table 


e There were some problems 
with Mendeleyev’s table. For 
example, iodine was placed 
after tellurium on the basis 
of its chemistry, even 
though its atomic mass was 
lower than tellurium. Also, 
there was no obvious place 


for the noble gases. These 
problems were subsequently re 


|| Metals 
i Semi-metals 
io Non-metals 





resolved when, in 1914, 
English physicist Henry Fore 


Moseley showed that the 
elements could be arranged 


marmenemetenst 7 774/07 7 
their atomic number. 


2 The modern 
periodic table 





e Metals occupy positions to 
ecco, AN 


non-metals are found to the 
right. Hydrogen is the 
exception to this pattern. 
The atomic structure of 
hydrogen would indicate 
that it belongs at the top left 
of the table; however, it is a 
non-metal and has very 
different properties from 
the group 1 elements. 
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First ionization energy 

e The first ionization energy of an 
element is the energy needed to 
remove a single electron from 1 mole 
of atoms of the element in the gaseous 
state, in order to form 1 mole of 
positively charged ions. 

e Reading down group 1, there isa 
decrease in the first ionization 
energies. This can be explained by 
considering the electronic 
configuration of the elements in the 
group. Reading down, the outer 
electron is further from the positively 
charged nucleus, and there is an 
increasing number of complete shells 
of inner electrons, which to some 
extent, shield the outer electron from 
the nucleus. The result is that less 
energy is needed to remove the outer 
electron. A similar situation exists in 
other groups. 


Increase in ionization 

energy 

e There is a general increase in the first 
ionization energies across a period. 
This increase is due to electrons at the 
same main energy level being attracted 
by an increasing nuclear charge. This 
charge is caused by the increasing 
number of protons in the nucleus. The 
increase makes it progressively more 
difficult to remove an electron; thus 
more energy is needed. 

e The diagram illustrates this principle 
using the first six periods minus the 
lanthanide series. 


Elements whose ionization 
energies are the greatest in 


their period 
He Helium 
Ne Neon 
Ar Argon 
Kr Krypton 
Xe Xenon 
Rn Radon 
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First ionization energies 

e The graph shows a repeating pattern, 
or periodicity, corresponding to 
reading down the periods of the 
periodic table. 

e Within a period, it becomes 
increasingly more difficult to remove 
an electron due to the increasing 
nuclear charge. The graph peaks at the 
last element in each period, which is a 
noble gas (labeled on the graph). 

e The noble gases have complete outer 
shells of electrons. This electron 
configuration provides great stability, 
and consequently, the noble gases are 
very unreactive. Some are totally 
unreactive. The first ionization 
energies of the noble gases are very 
high. 


Variation of first 
ionization energy 
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Melting points 

e The graph shows a repeating pattern, 
or periodicity, corresponding to 
reading down the periods of the 
periodic table. 

e The structure of periods 2 and 3 
with regard to the nature of the 
elements, is: 
Elements having a metallic structure: 
melting point increasing 
Elements having a giant covalent 
structure: melting point maximum 
Elements having a simple covalent 
structure: melting point decreasing 

e!n general, the melting point increases 
at the start of these periods, 
corresponding to elements that have 
metallic structure. The melting point is 
at maximum for elements that have a 
giant covalent structure (labeled on 
the graph). After this, the melting 
point rapidly falls to low values, 
corresponding to those elements that 
have a simple covalent structure. 
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Boiling points 

e The boiling point is the temperature 
at which a liquid becomes a gas. 

e The particles in aliquid are held 
together by the strong forces of 
attraction that exist between them. 
The particles vibrate and are able to 
move around, but they are held closely 
together. When a liquid is heated to its 
boiling point, the particles gain kinetic 
energy, moving faster and faster. 
Eventually, they gain sufficient energy 
to break away from each other and 
exist separately. There is a large 
increase in the volume of any 
substance going from aliquid to a gas. 

e Within groups of metallic elements, 
the boiling point decreases down the 
group. The converse is true for non- 
metals: the melting point increases 
down the group. 

e The more reactive metals in group 1 
have relatively low boiling points. 
Transition metals generally have very 
high boiling points. 

e The noble gases exist as single atoms 
with only weak forces of attraction 
between them. Consequently, their 
boiling points are very low because it 
takes relatively little energy to 
overcome these forces. 

e Using the first six periods minus the 
lanthanide series, the diagram 
highlights the element with the 
highest boiling point in a period. 


Elements whose boiling points 
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Atomic volume 

e@ The atomic volume is the volume of 
one mole of the atoms of an element. 
It can be found by dividing the atomic 
mass of one mole of atoms by the 
density of the element: 

Atomic volume = Atomic mass 
Density 

e Since there are 6.023 x 1023 atoms per 
mole of atoms, it would seem possible 
to use the atomic volume to calculate 
the volume of asingle atom, and thus 
its radius. However there are two 
problems with doing this. First, the 
state of an element, and therefore its 
density, changes with temperature and 
pressure. Second, using the atomic 
volume to calculate the volume of a 
single atom assumes that an element 
consists of atoms that are not bonded 
to each other. This is true only of the 
group 8 elements (noble gases). For 
these reasons, it is not possible to 
consider the volume of an atom in 
isolation, but only as part of the 
structure of an element. 

e|n general, atomic volume increases 
down a group. Across a period, it 
decreases and then increases. 

e The diagram highlights the element 
with the highest atomic volume in the 
first six periods (minus the lanthanide 
series). 


Elements with peak atomic 
volumes 


He Helium 

K Potassium 
Rb Rubidium 
Cs Cesium 
Rn Radon 
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Periodicity 

e As early as the Middle Ages, scientists 
recognized that elements could be 
differentiated by their properties and 
that these physical and chemical 
properties were periodic. 

e The German chemist Lothar Meyer 
demonstrated periodicity by plotting 
atomic volumes against atomic 
weights (the term atomic mass is now 
used). 

e This periodicity is better shown by 
plotting atomic volumes against 
atomic number. 

e You can see periodicity most clearly by 
the pattern between potassium (b) 
and rubidium (c), and between 
rubidium (c) and cesium (d) in the 
diagram. These correspond to the 
changing values across period 4 and 
period 5, respectively. 


Variation of atomic 


volumes 


70 


50 


40 


Atomic volume crfmot + 
| 


30 


20 | 


10 





0 10 20 


a Helium 
b Potassium 
c Rubidium 
d Cesium 
e Radon 
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Atomic mass 


1 Carbon-12 





2 Lithium 


Lithium-6 (Li) 


Lithium-7 (3Li) 





The relative atomic mass of lithium is given by: 


(6 x 7.5) +(7 x 92.5) 


100 = 6.925 


3 Chlorine 


Isotope 


Chlorine-35 = (22Cl) 


Chlorine-37 (Cl) 





The relative atomic mass of lithiumis given by: 


(35 x 75.77) + (37 x 24.23) 


100 = 35.4846 





Natural abundance 


Natural abundance 


75.77% 


24.23% 
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1 Carbon-12 


e@ To compare the masses of different 


atoms accurately, scientists need a 
standard mass against which all other 
masses can be calculated. Masses are 
given relative to this standard. 


e The isotope carbon-12 is used as the 


standard. On this scale, atoms of 
carbon-12 are given a mass of exactly 
12. The atomic masses of all other 
atoms are given relative to this 
standard. 


elf an element contained only one 


isotope, its atomic mass would be the 


relative mass of that isotope. However, 


most elements contain a mixture of 
several isotopes in varying 
proportions. 


e Natural abundance gives the 
proportion of each isotope in a sample 


of the element. 

elf more than one isotope of an 
element is present, the atomic mass is 
calculated by taking an average that 
takes into account the relative 
proportion of each isotope. Diagrams 


2 and 3 illustrate how the atomic mass 


of common isotopes of lithium and 
chlorine would be calculated. 


2 Lithium 

e There are two common isotopes of 
lithium: lithium-6 and lithium-7. 

e@ The atomic mass of lithium is 6.925, 
but for most calculates a value of 7 is 
sufficiently accurate. 


3 Chlorine 

e There are also two common isotopes 
of chlorine: chlorine-35 and chlorine- 
Bie 

e@ The atomic mass of chlorine is 
35.4846, but for most calculations a 
value of 35.5 is sufficiently accurate. 

e Rounding the atomic mass of chlorine 
to the nearest whole number would 
lead to significant errors in 
calculations. 
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Calculating the molecular 
mass of compounds 


1 Diatomic molecule (chlorine) 


CC ese 


Cl = 35.45 


2 Covalent compound (ethanol) 






hydrogen 


carbon 


3 lonic compound (sodium chloride) 


chlorine 


sodium 








Na = 23.00 
Cl = 35.45 


oxygen 










ELEMENTS AND COMPOUNDS 





atomic mass ionic compound 
covalent lattice 
compound molecular mass 
diatomic 
molecule 





Calculating molecular mass 
You calculate the molecular mass ofa 
compound the same way regardless of 
structure: 

1. Multiply the number of atoms in an 
element by its atomic mass. 

2. Repeat this process for each element 
in the compound, then 

3. Add the numbers. 


1 Diatonic molecule 

(chlorine) 

e@ The element chlorine exists as a 
diatomic molecule Cl. 
Atomic mass of chlorine = 35.5 
Molecular mass of chlorine 
=2x 35.5 =71 


2 Covalent compound 

(ethanol) 

e Ethanol is a simple covalent 
compound that has the formula 
C>HsOH. 

Atomic mass of carbon = 12; 
hydrogen = 1; oxygen = 16. 
Molecular mass of ethanol 
=(2 x 2) +(6 x 1) +(1x 16) = 46 


3 lonic compound (sodium 

chloride) 

elonic compounds do not exist as 
molecules but as a giant lattice 
composed of ions in a fixed ratio. The 
formula mass of an ionic compound is 
the sum of the atomic masses of the 
ions in their simplest ratio. 

e Sodium chloride consists of an ionic 
lattice in which the ions are present in 
the ratio 1:1. Therefore, the formula of 
sodium chloride is taken to be NaCl. 
Atomic mass of sodium = 23; 
chlorine = 35.5. 

Formula mass of sodium chloride 
= 23 + 35.5 =58.5 
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lonic crystals 

en an ionic crystal, each ion is 
surrounded by a number of oppositely 
charged ions in a lattice structure. 

e There are several types of ionic 
structures. 
Simple: The atoms form grids. 
Body centered: One atom sits in the 
center of each cube. 
Face centered: One atom sits in each 
“face” of the cube. 

e The lattice structure is determined by 
two factors: 
1. the ratio of the number of cations 
(positively charged ions) to anions 
(negatively charged ions) 
2. the ratio of the radii of the ions. 

en general, the higher the value of the 
radius ratio the higher the 
coordination number of the lattice. 
The coordination number is the 
number of atoms, ions, or molecules 
to which bonds can be formed. 


1 Simple cubic structure 

(CsCl) 

e!n cesium chloride, the radius ratio is 
0.94 (due to the large cesium ion). 
The coordination is 8:8. Each ion is 
surrounded by 8 oppositely charged 
ions. 


2 Face-centered cubic 

structure (NaCl) 

e The radius ratio in the sodium 
chloride lattice is 0.57. The 
coordination is 6:6. Each ion is 
surrounded by 6 oppositely charged 
ions. 


3 Body-centered cubic 

structure (CaF) 

en calcium fluoride the radius ratio is 
0.75. The coordination is 8:4. Each 
calcium ion is surrounded by 8 
fluoride ions, while each fluoride ion is 
surrounded by 4 calcium ions. 


Structure of some Ionic 
crystals 


1 Simple cubic structure (CsCl) Q cations 


Q cations 
O anions 


Q cations 
O anions 








Crystal structure of 
metals: lattice structure 


1 Hexagonal close packing 





2 Face-centered cubic close packing 


3 Body-centered cubic packing 
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Metallic crystals 

e Like all other crystals, metallic crystals 
are composed of unit cells, sets of 
atoms, ions, or molecules in orderly 
three dimensional arrangements called 
lattices. 


1 Hexagonal close packing 

e When arranged in a single layer, the 
most efficient method of packing the 
ions is in the form of a hexagon in 
which each ion is surrounded by six 
other ions. 

e|n hexagonal close packing, a second 
layer is positioned so that each ion in 
the second layer is in contact with 
three ions in the first layer. The third 
layer is placed directly above the first, 
and the fourth layer directly above the 
second, etc. This arrangement is 
sometimes represented as ABABAB. 


2 Face-centered cubic 

close packing 

e Here the third layer does not sit 
directly above either the first or 
second layers. The pattern is repeated 
after three layers, giving rise to an 
ABCABCABC arrangement. 


3 Body-centered cubic 

packing 

e Here the layers are formed from ions 
arranged in squares. The second layer 
is positioned so that each sphere in 
the second layer is in contact with four 
spheres in the first layer. The third 
layer sits directly above the first layer, 
giving rise to an ABABAB arrangement. 
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1 Efficient packing 

e Both hexagonal close packing and 
face-centered cubic close packing may 
be considered as efficient packing 
since the spheres occupy 74 percent 
of the available space. In both 
arrangements, each sphere is in 
contact with 12 others, and is said to 
have a coordination number of 12. 


2 Less efficient packing 

e Body-centered cubic packing is less 
efficient than hexagonal and face- 
centered cubic close packing. Spheres 
occupy only 68 percent of the available 
space. Each sphere is in contact with 
eight others (four in the layer above 
and four in the layer below) and, 
therefore, has a coordination number 
of eight. 


Metals showing hexagonal 
close packing 

e Cobalt 

e Magnesium 

e Titanium 

e Zinc 


Metals showing face- 
centered cubic close 
packing 

e Aluminum 

e Calcium 

e Copper 

e Lead 

e Nickel 


Metals showing body- 
centered cubic packing 
e Group 1 metals 

e Barium 

e Chromium 

elron 

e Vanadium 





Crystal structure of 
metals: efficient packing 


1 Efficient packing 
Hexagonal close packing 





Face-centered cubic close packing 









2 Less efficient packing 
Body-centered cubic packing 


VO0 
000 
900 











Chem Cal combi nati On: ELEMENTS AND COMPOUNDS 
ionic bonding 





anion noble gases 
bond oxide 

1 Formation of sodium chloride (NaCl) an shel 
ionic bonding 





lonic bonding 

e lonic bonds are formed by the 
attraction of opposite charges. 

eln ionic bonding, the atoms ina 
compound gain, lose, or share 
electrons so the number of electrons 
in their outer shell is the same as the 


Sodium atom (Na) Chlorine atom (Cl) nearest noble gas on the periodic 
table. 





negatively charged ions (anions). 
e Metal atoms loose electrons to give 


ee e Non-metals gain electrons to give 
ee ee 
positively charged ions (cations). 
° 8 C+) ° e ° C+) ° 1 Formation of sodium 
chloride (NaCl) 
e L) ~ e 4) eA sodium atom has one electron in its 
ee 


outer shell. The easiest way it can 


e@e 
ae attain a complete outer shell is by 
Chlorine ion (CI) Sodium ion (Na*) losing this electron to form a sodium 
ion, Nat. 


eA chlorine atom has seven electrons 


ee ee | 
in its outer shell. The easiest way it 
5 a 7a i on can attain a complete outer shell is 
by gaining one more electron to 
Nat form a chloride ion, Cl-. 
Na % Cl ‘=>: Gi : 
2 Formation of 
Sodium chloride magnesium oxide 
(NaCl) (MgO) 
eA magnesium atom has two 
ee ee 


electrons in its outer shell. It loses 
these electrons to forma 
magnesium ion, Mg2t. 
. A i e An oxygen atom has six electrons in its 
2 Formation of magnesium oxide (MgO) outer shell. It gains two electrons to 
form an oxide ion, O2-. 


e ee ee 

> /— ~ Electronic configuration 
Na (sodium atom) Pahl 

e r e le e 

Mg x O e a e 02 ry Nat (sodium ion) 2.8 
Cl (chlorine atom) 2.8.7 
Cl- (chloride ion) 2.8.8 
e e¢ ee Mg (magnesium atom) 2.8.2 
Mg2+ (magnesium ion) 2.8 
Magnesium ion (Mg2*) Oxygen ion (02-) Magnesium oxide O (oxygen atom) 2.6 


O2- (oxide ion) 2.8 
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Radicals 


eA radical is a group of atoms that 
cannot be represented by one 
structural formula. It can pass 
unchanged through a series of 
chemical reactions. Radicals include 
the carbonate ion, CO32-, the nitrate 
ion, NO3, and the sulfate ion, SO,2. 


1 Carbonate ion 

e The carbon atom is bonded to three 
oxygen atoms. By transferring 
electrons, it is possible to write three 
limiting forms for this ion. (Limiting 
forms are the possibilities for the 
distribution of electrons in a molecule 
or ion.) 

e Electrons are continually being 
transferred in the ion. Thus its exact 
form is constantly changing. The ion is 
best represented as a resonance 
structure (the average of the limiting 
forms) in which dotted lines indicate 
that the charge on the ion, 2-, is 
spread over all three of the 
carbon-oxygen bonds. 


2 Nitrate ion 

e The nitrogen atom is bonded to three 
oxygen atoms. This ion has three 
limiting forms. 

elt is best represented as a resonance 
structure in which dotted lines 
indicate that the charge on the ion, 1-, 
is spread over all three of the 
nitrogen-oxygen bonds. 


3 Sulfate ion 

e The sulfur atom is bonded to four 
oxygen atoms. This ion has three 
limiting forms. 

e The ion’s exact form is constantly 
changing. It is best represented as a 
resonance structure in which dotted 
lines indicate that the charge on the 
ion, 2-, is spread over all four of the 
sulfur-oxygen bonds. 


Chemical combination: 
ionic radicals 


1 Carbonate ion 





3 Sulfate ion 





© 

lV 8 Ve 

—< ~~ ~sS 

0d . 
limiting 
forms 


& © & 0 & 0 & 0 
Ne a ee es ee 
_ oe, oa eee 
oO” No o” O O O O *o 
© © © 
limiting 
forms 


resonance 
structure 


resonance 
structure 





Chemical combination: 
covalent bonding 


1 The hydrogen molecule 


OO Co 


2 hydrogen 
atoms 


3 The ammonia molecule 


nitrogen 3 hydrogen 
atom atoms 


4 The methane molecule 


carbon atom 4 hydrogen 
atoms 


amolecule (CH,) 
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Covalent bonding 

e Atoms gain stability by having a 
complete outer shell of electrons. In 
ionic compounds, this is achieved by 
the transfer of electrons. In covalent 
bonding, atoms share electrons. 


1 The hydrogen molecule 

e@ A hydrogen atom has one electron in 
its outer shell. In a hydrogen 
molecule, two hydrogen atoms each 
donate this electron to form a bond. 
Each hydrogen atom can be thought 
of as having control of the pair of 
electrons in the bond. Thus, each can 
be thought of as having a full outer 
shell of electrons. The single bond is 
shown as H-H. 


2 The ammonia molecule 

eA nitrogen atom has five electrons in 
its outer shell and needs another three 
electrons to complete the shell. In 
ammonia, three hydrogen atoms each 
donate one electron to form three N-H 
bonds. The nitrogen atom now has 
control of eight electrons and has a 
complete outer shell, while each 
hydrogen atom has control of two 
electrons and also has a complete 
outer shell. 


3 The methane molecule 

eA carbon atom has four electrons in 
its outer shell and needs another four 
electrons to complete the shell. In 
methane, four hydrogen atoms each 
donate one electron to form four C-H 
bonds. The carbon atom now has 
control of eight electrons and has a 
complete outer shell, while each 
hydrogen atom has control of two 
electrons and also has a complete 
outer shell. 
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Coordinate bonding 

e Coordinate bonding is a particular 
form of covalent bonding in which one 
atom provides both electrons that the 
two atoms share. 


1 Ammonium ion 

e There is anon-bonding or lone pair of 
electrons on the nitrogen atom of an 
ammonia molecule. Nitrogen uses this 
lone pair to form a coordinate bond 
with a hydrogen ion, forming the 
ammonium ion, NHgt. 


2 Hydronium ion 
e The hydronium ion, H30+, forms ina 
similar way. 


3 Aluminum chloride 

e The Al3+ ion is very small and carries a 
high charge. It attracts electrons so 
strongly that aluminum chloride is a 
covalent compound. It exists as AloCl, 
molecules in which two AICI; 
molecules are linked by coordinate 
bonds formed by the donation of lone 
pairs of electrons from two chlorine 
atoms. 


4 lonic compounds with 

covalent character 

e The ions in a sodium chloride lattice 
are perfectly spherical. Thus the bonds 
in this compound are said to be 
perfectly ionic. 

e But in an ionic compound consisting 
of asmall, highly charged positive ion 
and a large negative ion such as 
lithium iodide, the positive ion attracts 
electron charge away from the 
negative ion. The result is that the 
negative ion becomes distorted, and 
electron density becomes 
concentrated between the ions, 
creating a bond similar to a covalent 
bond. Compounds like lithium iodide 
are said to be ionic with covalent 
character. 


Chemical combination 
coordinate bonding 


1 Ammonium ion 





| a 
N ——— ee 
H™ / H+ H” / H 
H L H 
2 Hydronium ion 
H [ H 


O ——_— 
eo Pa 
H Ht 





3 Aluminum chloride 











Mixtures and solutions 


Producing a solution 


water salt clear liquid 


Producing a suspension 


cloudy mixture with solid 
particles in the liquid 


water flour 


Producing an emulsion 


sere 


water oil cloudy mixture liquids separate 
forming an emulsion when left 
when shaken to stand 





CHANGES IN MATTER 





suspension 


emulsion 

ionic compound 
mixture 

soluble 

solution 





1 Solutions 

eA solution is ahomogeneous mixture 
of substances. Particles in solutions are 
very small and cannot be seen. The 
particles may be atoms, ions, or 
molecules, and their diameters are 
typically less than 5 nm. Salt dissolves 
in water to form a clear colorless 
solution. 

e Many, but not, all ionic compounds 
are soluble in water. 

eA small proportion of organic 
compounds are soluble in water. 
However, organic compounds are 
generally more soluble in organic 
solvents such as hexane and ethanol. 


2 Suspensions 

e A suspension is a heterogeneous 
mixture of two components. The 
particles will settle out over a period of 
time. Suspended particles have 
diameters that are typically 1,000 nm 
or more. 

e@ When flour is mixed with water, it 
forms a white suspension. Tiny 
particles of flour are suspended in the 
water. The flour particles can be 
filtered off from the suspension. 


3 Emulsions 

e An emulsion is a colloidal dispersion 
of small droplets of one liquid in 
another (See page 46). 

e When oil and water are mixed, they 
form an emulsion. Oil is less dense 
than water and forms the upper layer. 

e Tiny oil droplets are suspended in the 
water. After a while, the oil droplets 
join together, and two layers are 
formed. 

e The mixture of oil and water can be 
separated using a separating funnel. 
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aerosol gel 
colloid sol 
emulsion solution 
filtration suspension 
foam 

Colloids 


eA colloid is a substance made of 
particles whose size is intermediate 
between those in solutions and 
suspensions. 

e The particles in a suspension have a 
diameter of typically 1,000 nm or 
more. The particles in a suspension 
will settle over a period of time. 

e The particles in a colloid are 
approximately 500 nm or less in 
diameter and do not settle on 
standing. 

e The particles in a colloid cannot be 
separated from the dispersion medium 
by ordinary techniques like filtration 
and centrifugation. 

eA colloid consists of a dispersing 
medium and dispersed substance. 
These terms are analogous to the 
terms solute and solvent. 

e Colloids are classified according to the 
original phases of their constituents. 
The main types are: aerosols, foams, 
emulsions, sols, and gels. 

e Aerosols are extremely small solid or 
liquid particles suspended in air or 
another gas. 

e Foams form when a gas is suspended 
in aliquid or a solid. 

e Emulsions form when small particles 
of aliquid are suspended in another 
liquid. 

e Sols form when solid particles are 
suspended in a liquid. 

e Gels are solid particles arranged as a 
fine network in aliquid to form a jelly. 





Colloids 


1In Air 


1 Colloid type 


aerosol 


aerosol 


2 In liquids 





1 Colloid type 


foam 


emulsion 


sol 


3 In solids 





1 Colloid type 


solid foam 


gel 


solid sol 
















2 Phase of 3 Phase of 
dispersing medium dispersed substance 





liquid 


solid 





2 Phase of 3 Phase of 
dispersing medium dispersed substance 












cork 
2 Phase of 3 Phase of 
dispersing medium dispersed substance 
solid gas 
solid liquid 
solid solid 











polystyrene 


aerosol 





Examples 





clouds, fog, insecticide spray 


dust, smoke 








Examples 





froth, whipped cream 


milk, salad dressing 


milk of magnesia, paint 








Examples 


cork, polyurethane 


agar, geletine, jelly 








alloys 


Simple and fractional 
distillation 


Simple distillation of sea water 


i 
Al 


Fractional distillation of ethanol 








b 
b 
a sea water 

b heat source 

c thermometer 

d condenser with cold water 

e cold water in 

f cold water out 

g distillate of pure water 

h solution of alcohol and water 

i fractionating column of glass beads 

j distillate of ethanol 
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1 Simple distillation 

e Distillation is a process in which a 
mixture of materials is heated to 
separate the components. 

e Simple distillation is used when the 
boiling points of the components are 
widely separated. 

en the diagram, salt water is placed in a 
round-bottom flask. Water boils at 
100°C and becomes water vapor. 

eA condenser consists of an inner tube 
surrounded by a jacket of cold water. 
This jacket ensures that the inner tube 
remains cool. 

e The vapor passes into the condenser, 
where it is cooled and changes back 
into liquid. 

e The water runs out of the condenser 
and is collected in asecond flask. 

e The salt remains in the round- 
bottomed flask. 


2 Fractional distillation 

e Fractional distillation is used to 
separate components whose boiling 
points are similar. 

e Ethanol boils at 78°C and turns to 
vapor. Because the boiling point of 
water is only 100°C, a significant 
amount of water also becomes vapor 
as a result of evaporation. 

e The fractionating column contains 
glass beads, which provide a large 
surface area for vapor to condense and 
the resulting liquid to subsequently 
boil. 

e As the vapor mixture moves up the 
fractionating column, it condenses and 
then boils again to become vapor. 
Each time, the proportion of ethanol 
in the mixture increases. 
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1 Separating a mixture of 

two solids 

e Sugar is soluble in ethanol, while salt is 
insoluble. When a mixture of sugar 
and salt is mixed with ethanol, the 
sugar dissolves while the salt does not. 

e@ When the mixture is filtered, the 
undissolved salt remains as the residue 
in the filter. The filtrate, sugar 
solution, passes through the filter. 

e |f the filtrate is left open to the air, the 
ethanol evaporates, and solid sugar 
remains. 


2 Separating two solutes in 

solution 

e@ Salt dissolves in water but not in 
carbon tetrachloride. 

e lodine is slightly soluble in water but is 
far more soluble in carbon 
tetrachloride. 

e@ When a mixture of salt and iodine is 
shaken in a mixture of water and 
carbon tetrachloride, the salt dissolves 
in the water and the iodine in carbon 
tetrachloride. 

e Water and carbon tetrachloride are 
immiscible, they do not mix, and form 
two layers in a separating funnel. 
Carbon tetrachloride is more dense 
than water and forms the lower layer. 

e When the layers are run into separate 
evaporating basins and left, the 
solvents— carbon tetrachloride and 
water— evaporate, leaving salt and 
iodine respectively. 


Separating solutions 


1 Separating a mixture of two solids 


ay 
my. 


Ethanol is added to 
mixture — sugar dissolves 
but not salt 


The solution is 
filtered 


Salt and sugar 
mixture 


a 


The ethanol evaporates 
leaving solid sugar 


' 


The two immiscible solutions 
are separated using a 
separating funnel 


we’ a>’ 


Each of the solvents are evaporated 
off to obtain the two solutes 


a salt left on filter paper 
b sugar solution 


2 Separating two solutes in solution 


————— Te 
Brown solution of 
salt and iodine 


Carbon tetrachloride 
is added 


c salt solution in water 
d purple solution of iodine in carbon tetrachloride 


Paper chromatography 


1 Paper chromatography 


2 R; value 
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chromatography solvent 


EE —>>. Port R; value 


mixture 


solute 
solution 





chromatography paper 
1 Paper chromatography 
e Chromatography is a technique for 
separating and identifying mixtures of 
solutes in solutions. 
e|n paper chromatography, absorbent 
paper is suspended on a support so 


that only the bottom rests in the 
solvent front 














solvent. 

eA base line is drawn in pencil above 
the level of the solvent. (If ink were 
used, the dyes in the ink would 
separate during the process and mix 
with the sample.) 

sample eA concentrated solution of the sample 
mixture is made by dissolving as much 
as possible in a very small volume of 
solvent. 

eA small amount of the concentrated 
solution is spotted onto the base line. 
The chromatography paper is 
suspended over the solvent. 

e The solvent rises up the 
chromatography paper. 


pencil line 






solvent 


solvent front 


2 R; value 

e The R; value is the ratio of the 
distance moved by a substance in a 
chromatographic separation to the 
distance moved by the solvent. The 
greater the attraction between a 
substance and the solvent molecules, 
the greater the R; value. 

e The molecules of each substance in a 
mixture are attracted both to the 
chromatography paper and to the 
solvent molecules. 

e The greater the attraction between a 
substance and the solvent molecules, 
the quicker it will be carried up the 
chromatography paper. Dyes that are 
very soluble in the solvent are carried 
up to the top of the paper, while those 
that are less soluble remain lower 
down. 

base line e The R; value is independent of the 
height of the solvent front but is 
dependent on the solvent used. 
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alkane mass 
chromatography spectrometry 
gas-liquid mobile phase 
chromatography stationary phase 
1 Gas-liquid 
chromatography 


e|n chromatography, substances are 
partitioned between a stationary 
phase and a mobile phase. The 
stationary phase is the substance that 
retards the components of the sample. 
The mobile phase is the components 
of the sample. 

e!n gasliquid chromatography, the 
stationary phase, packed into the 
column, consists of a high-boiling 
point liquid, such as a long-chain 
alkane, supported by a porous inert 
solid, such as charcoal or silica. 

e The mobile phase consists of a carrier 
gas— usually nitrogen, hydrogen, 
helium, or argon. 

eA sample mixture is injected into the 
chamber where it vaporizes and is 
carried through the column by the 
carrier gas. Various compounds in the 
sample pass through the column at 
different rates due to their attraction 
to the stationary phase. 

e The separated compounds pass to a 
detector or directly into amass 
spectrometer. 


2 Mass spectrometry 

e Mass spectrometry is a technique used 
to identify the chemical constitution of 
a substance by means of analyzing its 
ions. 

e The sample passes into the ionization 
chamber, where it is bombarded by 
electrons and forms a series of positive 
ions. 

e The ions are accelerated by an electric 
field and deflected along a circular 
path by a magnetic field. The lighter 
the ions, the greater the deflection. 

e The intensity of the ion beam is 
detected electrically, amplified, and 
finally recorded. 

e Each compound gives a characteristic 
spectrum from which it can be 
identified. 


Gas-liquid 
chromatography and 
mass spectrometry 


1 Gas-liquid chromatography 






















injection of 
sample 


recorder 


carrier 
gas 


detector 


2 Mass spectrometry 
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The pH scale 


1 pH scale 


[H*]/mole dm-3 


1 101 102 103 10% 10° 10° 10°” 10° 10° 10°% 104 10-2 10% 10% 


0 1 2 3} 4 5 
pH 


Increasing acidity 
a A VT 


Lower pH/sronger acid 
<I a a 





a platinum wire 

b sensitive voltmeter 

c silver wire coated with silver 
chloride (AgCl) 

d saturated potassium chloride (KCI) 


7 8 9) 10 112 B 4 


Increasing alkalinity 
Ss 
Neutral 


Higher pH/sronger alkali 
a 





e capillary opening with porous plug 
f solution of unknown pH 

g Thin glass membrane through which Ht ions can pass 
h solution of fixed acid pH 
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acidity 
alkalinity 
pH 

pH meter 





1 pH scale 

@ pH is a measure of the acidity or 
alkalinity of asolution. The term pH 
was originally introduced by the 
Danish biochemist Sgren Sgrensen in 
1909 while working on methods of 
improving the quality control of beer. 
The letters pH stand for “potential of 
hydrogen.” 

e Acidic solutions always have a pH of 
less than 7, and alkaline solutions 
always have a pH of more than 7. The 
lower the pH value, the more acidic 
the solution; conversely, the higher 
the pH value, the more alkaline the 
solution. 

e The pH of asolution is the logarithm 
to base 10 of the reciprocal of the 
numerical value of the hydrogen ion 
concentration: 
pH =1g9(1/[H+]0 = -Ig [H*] 

e The pH of aneutral solution can be 
calculated directly from the ionic 
product (K,,) of water: 

Ky =[H+][OH-] = 10-4 mol2 dmé 

For aneutral solution: 

[H+] =[OH-] = 10-7 mol dm3 
therefore the pH of a neutral solution 
=7. 

e@ The pH scale is logarithmic, so 
hydrogen ion concentration increases 
or decreases by a power of 10 for each 
step down or up the scale. 


2 pH meter 

@A pH meter is an electrochemical cell 
consisting of an electrode, such as a 
glass electrode, which is sensitive to 
hydrogen ion concentration, and a 
reference electrode. 

e The emf (electromotive force) of the 
cell can be measured using a high- 
resistance voltmeter. A pH meter is a 
high-resistance voltmeter calibrated 
with the pH scale. 
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acid 
acid-base 


equilibrium 

titration 

universal 
indicator 


indicator 
alkali 
end point 


1 Common indicators 

e Acid-base indicators are substances 
that are different colors in acids and 
alkalis so they “indicate” whether a 
solution is an acid or alkali. 


2 Changing equilibrium 

e Acid-base indicators are usually weak 
acids that disassociate to give an ion 
that is a different color than the acid. 
A change in pH causes a change in the 
position of the equilibrium of the 
reaction and, therefore, the color of 
the solution. 

e Phenolphthalein is such an indicator. It 
is a colorless, weak acid that 
dissociates in water, forming pink 
anions. Under acidic conditions, the 
equilibrium of the reaction is to the 
left, and the concentration of the 
anions is too low for the color to be 
visible. Under alkaline conditions, the 
equilibrium is to the right, and the 
concentration of anions is high 
enough for the pink to be seen. 


3 Universal indicator 

en contrast to an indicator such as 
phenolphthalein, which is able to 
show whether a substance is an acid or 
base only in the broadest terms, a 
universal indicator has a range of 
colors that indicate how acidic or how 
alkaline a solution is. 


4 pH range of indicators 

e Most indicators do not change color 
when the pH of a solution is exactly 7. 
This means that the end point of the 
titration, the point at which the 
indicator undergoes the maximum 
color change, occurs at a different 
time to the equivalence point of the 
titration, the point at which there are 
equivalent amounts of acid and alkali. 

e The suitability of an indicator for use 
in atitration depends on what 
combination of strong and weak acid 
and alkali is to be used. 


Indicators 


1 Table of common indicators 


Color in alkali 


Indicator (oXe) (oy am ie Lal(e| 


litmus 











methyl orange 





colorless 


phenolphthalein 


2 Changing equilibrium (phenol phthalein) 


OH OH 
OH ry OH 
c +H,0 = c +H,OT 
x 
O oO 
7 A 
C C 
| \\ 
O O 
colorless pink 
(acid) (base) 


3 Universal indicator 





Color 





4 Table of pH range over which acid- base indicators 
change color 





pH range over 
which color 
Coli lale(-Meleol gy 







Titel (ot- ke) g 


bromocresol green 







bromothymol blue 






methyl orange 


methyl red 






colorless 8.2-10.0 






phenolphthalein 








phenol red 





pH number 





Volume of 0.1 M NaOH added (cm?) 


2 Titration of strong acid against weak alkali 


(pH changes during the titration of 50 cm3 of 0.1M HCl 
with 0.1 M NH3) 


PH number 





Volume of 0.1M NH, added (cm?) 


Titration of strong acids 


1 Titration of strong acid against strong alkali 


(pH changes during the titration of 50 cm3 of 0.1M HCl 
with 0.1M NaOH) 







phenolphthalein 


bromothymol blue 


methyl orange 
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bromothymol blue 


methyl orange 


80 90 
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1 Titration of strong acid 

against strong alkali 

e At the end point of strong acid-strong 
base alkali titration, the pH changes 
by 5 or 6 pH units when only 1 drop of 
acid or alkali is added. 

e Methyl orange, bromothymol blue, 
and phenolphthalein are all suitable 
indicators for this titration because 
they all change color within a very 
small change in volume of sodium 
hydroxide solution. 


2 Titration of strong acid 

against weak alkali 

e At the end point of a strong acid- weak 
alkali titration, the pH change for the 
addition of one drop of acid or alkali is 
significant. However, the pH at 
equivalence (when there are 
equivalent amounts of acid and alkali) 
is less than 7. A suitable indicator 
should change color below or around 
pH 7. Thus both methyl orange and 
bromothymol blue would be suitable 
indicators because they change color 
between pH 3.2 and 7.6. Within this 
range, the pH of the titration mixture 
changes significantly for a very small 
change in volume of sodium 
hydroxide solution. 

e Phenolphthalein would not be a good 
choice of indicator because it changes 
color between pH 8.2 and 10.0. In 
order to change the pH of the titration 
mixture over this pH range, a 
significant volume of sodium 
hydroxide solution must be added. 
The result would be an overestimate 
of the volume of sodium hydroxide 
solution needed to neutralize the acid. 
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1 Titration of weak acid 

against strong alkali 

e At the end point of a weak 
acid-strong alkali titration, the pH 
change for the addition of one drop of 
acid or alkali is significant. However, 
the pH at equivalence (when there are 
equivalent amounts of acid and alkali) 
is greater than 7. A suitable indicator 
should change color above pH 7. Thus 
phenolphthalein would be a good 
choice because it changes color 
between pH 8.2 and 10.0. Within this 
range, the pH of the titration mixture 
changes significantly for a very small 
change in volume of sodium 
hydroxide solution. 

e Conversely, bromothymol blue and 
methyl orange would not be good 
choices because they change color 
between pH 3.2 and 7.6, which is 
before the equivalence point of the 
titration is reached. The result would 
be an underestimate of the volume of 
sodium hydroxide solution needed to 
neutralize the acid. 


2 Titration of weak acid 

against weak alkali 

e The pH changes too slowly around the 
equivalence point to give a color 
change with the addition of one drop 
of acid or alkali. The use of methyl 
orange, bromothymol blue, or 
phenolphthalein would not give 
accurate results. 

elt is not usual to titrate weak acids 
with weak alkali, but if it must be 
done, apH meter is necessary to find 
the equivalence point accurately. 
There is no suitable indicator for this 
type of titration. 


Titration of weak acids 


1 Titration of weak acid against strong alkali 
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2 Titration of weak acid against weak alkali 
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OH and soil 


1 Soil classification 





Description 























55-59 medium acid 
6.0 - 6.4 slightly acid 
64-69 very slightly acid 
7.0 neutral 

Hales 705 very slightly alkaline 
7.6 - 8.0 slightly alkaline 
SeleEsIS medium alkaline 

>8.5 strongly alkaline 


2 pH range of common fruit and vegetables 


Fruit or vegetable 





cabbage 


celery 


potato 


strawberry 








3 Elements needed by plants 
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Minor elements 
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Key words 
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1 Soil classification 

e Soil can be classified according to its 
pH. 

e Soils naturally tend to become more 
acidic due to organic acids being 
released into the soil as a result of the 
decay of organic material. 

e The acidity of soil can be reduced by 
spreading slaked lime (calcium 
hydroxide) or lime (calcium 
carbonate). 


2 pH range of common 

fruits and vegetables 

e Most plants grow best in soil that is 
slightly acidic, with a pH value 
between 6.3 and 7.2. Plants will grow 
outside this range but not as well. This 
has serious implications for food 
crops. 

e The soil pH is an important 
consideration in preparing soil to grow 
crops. 


3 Elements needed by 

plants 

e Plants need a number of major and 
minor elements in order to grow well, 
and they obtain these from the soil. 
The minerals dissolve in soil water and 
are absorbed into the plant through 
the roots. 

e The pH of the soil determines how 
easily minerals containing these 
elements can be absorbed. At soil pH 
values between 6.0 and 7.0, all major 
elements and minor elements can be 
absorbed, although some are absorbed 
more easily than others. In very acidic 
or very alkaline soils, relatively few 
plants prosper because they cannot 
absorb all of the minerals needed for 
healthy growth. 
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The water cycle 

e Earth’s water is always moving in a 
cycle called the hydrologic or water 
cycle. 

e The Sun provides the energy driving 
the cycle. 


1 Evaporation 

e Heat energy causes water to evaporate 
from the surface of the oceans, leaving 
all dissolved substances behind. The 
rate of evaporation is greater in areas 
of Earth where the seas are warmer. 

e Water vapor rises into the atmosphere, 
where it eventually condenses to form 
clouds. These are dispersed by winds, 
which carry them to the colder regions 
of Earth. 


2 Transportation 

e@ When clouds reach landmasses, they 
are carried up on convection currents. 
As they rise, the temperature 
decreases, and eventually the water 
vapor condenses, forming 
precipitation, which falls to Earth. 

e Rainwater contains dissolved gases, 
which makes it slightly acidic. 


3 Deposition 

e The fresh water flows over rocks and 
through soils before gathering in 
streams and rivers. As the water flows 
through the ground, solids dissolve in 
it. 

e Water is removed from rivers for both 
industrial and domestic use. Much of 
this water is ultimately returned to the 
rivers. Finally, the water flows out to 
sea, thus completing the cycle. Any 
dissolved solids are carried in it and 
eventually deposited in the oceans. 


The water cycle 
1 Evaporation Say 


evaporation 





evaporation 















2 Transportation 


transportation SSCSGwess ——— = 
precipitation 


condensation 





3 Deposition 


Treatment of water and 
sewage 


1 water treatment 
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2 Sewage treatment 


a screen 
b pump 

c sedimentation tank 
d water in 

e coarse sand filter 

f fine sand filter 

g chlorine added 

h covered storage tank 











i to homes and factories 
j sewage in 

k settling tank 

| digester aeration tank 
m sludge collected 

n clean water to river 

o methane out 

p digested sludge out 
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1 Water treatment 

e Particles are removed from water by 
passing it through a series of sand 
filter beds and sedimentation tanks. 
The filter beds also contain bacteria, 
which break down and destroy micro- 
organisms in the water. 

e Chlorine is a powerful oxidizing agent 
that is used to kill any remaining 
microorganisms in the water before is 
stored ready for distribution. Storage 
tanks are covered to prevent the entry 
of foreign bodies. 


2 Sewage treatment 

e Raw sewage cannot be released into 
rivers because of the threat to health 
and the effects on the environment. 
The waste materials it contains must 
first be broken down by the action of 
decomposing bacteria. 

e Solids are removed from the sewage 
by aseries of screens and settling 
tanks. The remaining liquid passes into 
a digester, where bacteria break down 
the waste products. Streams of air are 
blown into the tank in order to 
provide the bacteria with the oxygen 
needed to survive and to keep the 
mixture circulating. 

e After settling, the clean water is 
allowed to pass into the river, while 
the sludge undergoes further 
digestion during which methane is 
released. The digested sludge contains 
nitrogenous compounds and is often 
used as a fertilizer. 
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1A covalent compound 

e Water is essentially a covalent 
compound formed by two atoms of 
hydrogen and one atom of oxygen. 


2 The water molecule 

e The oxygen atom in a water molecule 
has two pairs of bonding electrons 
(sometimes called shared pairs) and 
two pairs of non-bonding electrons 
(sometimes called lone pairs). 

e These four pairs of electrons are 
directed toward the corners of a 
tetrahedron. However, the tetrahedral 
shape is distorted. The non-bonding 
pairs of electrons repel each other 
more strongly than the bonding pairs 
of electrons. Repulsion between these 
and the bonding pairs of electrons 
reduces the angle between the 
oxygen-hydrogen bonds to 104.5 °. 


3 The polar nature of the 

molecule 

e Oxygen is more electronegative than 
hydrogen and, therefore, has a 
stronger attraction for the electrons in 
the oxygen-hydrogen bond. The result 
is that the electrons in the bond reside 
closer to the oxygen atom. Since 
electrons are negatively charged, this 
leaves the oxygen atom slightly 
negative and the hydrogen atom 
slightly positive. This is shown using 8 
notation; oxygen is 8- and hydrogen is 
o+. 








The water molecule 


1A covalent compound 


one outer-shell 
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2 The water molecule 
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The lattice starts to split up 


a lattice 
b water molecules 


c charged ends of molecules attracted 
to ions of opposite charge 
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1 lonic lattices 

e The ions in an ionic crystal are 
arranged in a lattice. Each ion is 
surrounded by a number of oppositely 
charged ions. The lattice structure is 
determined by: 

- the ratio of the number of positively 
charged ions (cations) to negatively 
charged ions (anions) 

- the ratio of the radii of the ions 
(cation / Tanion) 

e The radius ratio in sodium chloride is 
0.57. The ions are arranged in a face 
centered cubic structure in which 
each sodium ion is surrounded by six 
chloride ions, and each chloride ion is 
surrounded by six sodium ions. 

e The radius ratio of cesium chloride is 
0.94 (due to the larger cesium ion). 
The ions are arranged in a body- 
centered cubic structure in which 
each cesium ion is surrounded by 
eight chloride ions, and each chloride 
ion is surrounded by eight cesium 
ions. 


2 The effect of water on an 

ionic lattice 

e When an ionic compound is placed in 
water, the water molecules collide with 
the lattice. If the water molecules 
collide with sufficient energy to 
overcome the forces of attraction 
between the oppositely charged ions, 
hydration occurs, and the compound 
will dissolve, forming a solution. 
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1 Stabilizing free ions 





anion lattice 


bond transition metals H H O 


cation H x 4 - \ 
ion Bs H 
ionic compound va 0” 0” QO so 


A F abe al 
lonic solutions “1 7 
e lonic solutions are ionic compounds 

dissolved in water. 





negatively charged positively charged 
oxygen atom hydrogen atom 


1 Stabilizing free ions 
e Due to the uneven sharing of fh . z 
electrons in the oxygen-hydrogen 2 Transition metals in solution 
bonds of a water molecule, the oxygen 
atom is slightly negatively charged and H ae eek H 
the hydrogen atoms are slightly 
positively charged. | O | 
e Water molecules surround and O 
stabilize the ions in the compound: Boe nace 
positively charged cations are H ss 
stabilized by the negative oxygen 


H 
atoms, and negatively charged anions ae a a 
O O 





are stabilized by the positive hydrogen 
atoms. | 


O 
2 Transition metals in H ae H 
solution H H 
e Transition metal ions form complexes 

with water. 


e Transition metals have an incomplete fi ; : = : 
Per iallenaconmiincmnnine 3 Production of silver chloride when a metal chloride is 


electric charge on the water molecule. added to silver nitrate solution 


Non-bonding pairs of electrons from 
the water molecules are donated to 
form coordinate bonds. 

e The bonds between the metal ions and 
water are so strong that they remain 
when solids are obtained from their 
solutions. 


3 Production of silver 

chloride 

e When silver nitrate solution and 
sodium chloride solution are mixed, 
insoluble silver chloride forms a white 
precipitate. 

Agt(aq) + Cl-(aq) > AgCl(s) 

e The silver ions and chloride ions are 
more stable when bonded together in 
an ionic lattice than existing apart 
surrounded by water molecules. 





Silver nitrate solution and sodium chloride After reaction, clusters of water 
solution molecules have been forced away from 
aqueous silver and chloride ions to 
| leave solid silver chloride 
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Solubility 


1 Table of solubility of ionic compounds 


“Insoluble 


Soluble 





all salts of ammonium, potassium, and 
sodium 


all nitrates 


lead and silver bromides, chlorides, and 
iodides 


most bromides, chlorides, and iodides 


most sulphates (calcium sulfate is barium and lead sulfate 


slightly soluble) 


ammonium, potassium, and sodium most other carbonates 


carbonate 


ammonium, potassium, and sodium most other hydroxides 
hydroxides (calcium hydroxide is slightly 


soluble) 








2 Table of the most abundant compounds in seawater 


Name of compound Formula of compound Percentage of solids 


in seawater 
sodium chloride NaCl 78 
magnesium chloride MgCl, 9 
magnesium sulphate MgSO, Hf 
calcium sulphate CaSO, 4 
potassium chloride KCl 2 
calcium carbonate CaCO3 less than 1 











magnesium 
bromide 
<1% 














calcium 


magnesium magnesium potassium 
chloride} sulfate chloride carbonate 
9% 7% 2% <1% 
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1 Solubility of ionic 

compounds 

e@ All ionic compounds are soluble in 
water to some extent. However the 
solubility of some is so low that they 
are best regarded as insoluble. 
Solubility generally follows the 
following rules. 

e All ammonium, potassium, and 
sodium salts are soluble. 

e@ All nitrates are soluble. 

e With the exception of lead and sliver 
bromides, chlorides, and iodides, 
bromides, chlorides, and iodides are 
soluble. 

e Most sulfates are soluble, with the 
exception of barium and lead sulfate. 

e Most carbonates are insoluble, with 
the exception of ammonium, 
potassium, and sodium carbonate. 

e Most hydroxides are insoluble, with 
the exception of ammonium, 
potassium, and sodium hydroxides. 

e Calcium hydroxide is only slightly 
soluble. 


2 Most abundant 

compounds in seawater 

e Seawater is a solution of many 
different salts. The main salt present in 
seawater is sodium chloride. 

e The concentration of solids in 
seawater depends on the location. The 
saltiest water occurs in the Red Sea, 
where there is 40 g of dissolved solids 
per 1,000 g of water. The North 
Atlantic is the saltiest of the major 
oceans, with an average of 37.9 g of 
dissolved solids per 1,000 g of water. 
The least salty waters are found in 
polar seas and the Baltic Sea, which 
contains only 5-15 g of dissolved 
solids per 1,000g of water. 
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solubility curve 





Expressing solubility 

e Solubility is normally expressed in 
g/ 100 g of water. The solubility of a 
compound varies (normally increases) 
with temperature, so when quoting 
solubility, it is necessary to state the 
temperature for which it is given. 

eA solubility curve is a graph that 
shows how the solubility of a salt 
varies between 0°C (the freezing point 
of water) and 100°C (the boiling point 
of water). 

e The solubility curve of acompound is 
plotted using data about the solubility 
of the compound over the whole 
temperature range. Solubility curves 
are generally not straight lines. 

e Over the temperature range 0- 100°C, 
the solubility of some salts remains 
nearly constant (sodium chloride), 
while the solubility of others either 
increases gradually (potassium sulfate) 
or increases very rapidly (potassium 
nitrate). 


Solubility curves 


A 


a potassium nitrate 
b sodium chloride 
c potassium sulfate 


Mass of crystals that dissolve in 100g of water (g) 








aS nap ng a 


Temperature (°C) 


Solubility of copper(I!) 
sulfate 


1 Table of solubility of copper(II) sulfate at 
different temperatures 


Temperature °C Solubility Temperature °C Solubility 
g/ 100g water g/ 100g water 


A0.0 
GU 





2 Solubility curve for copper(II) sulfate 


Solubility g/ 100g water 
I 





Temperature (°C) 





CHANGES IN MATTER 





saturated 
solute 

solution 
solubility curve 





1 Solubility of copper(I!) 
sulfate at different 
temperatures 

e When no more solid will dissolve in a 
solution at a given temperature, the 
solution is said to be saturated. 

e Normally when a solution is cooled 
below the saturation temperature for 
the quantity of solute present, some 
solute crystallizes out. Under certain 
conditions a solution may be cooled 
below this temperature without 
crystallization occurring. Such a 
solution is said to be supersaturated. 

eA solubility curve is plotted by finding 
the amount of solid needed to make a 
saturated solution at a number of 
different temperatures over the range 
0- 100°C. 


2 Solubility curve for 

copper(II) sulfate 

e The solubility of copper(I!) sulfate at 
76°C is found by drawing a vertical line 
from 76°C to the solubility curve and 
then a horizontal line to the solubility 
axis. The value is 52 g of copper(I!) 
sulfate per 100 g of water. 

e@ The temperature at which the 
solubility of copper(I!) sulfate is 
exactly 36 g per 100 g of water is 
found by drawing a horizontal line 
from 36 g/ 100 g water to the 
solubility curve and then a vertical line 
to the temperature axis. The 
temperature is 54°C. 

e The solubility of copper(I!) sulfate at 
90°C is 64.8 g / 100 g water and at 20°C 
is 20.7 g/ 100 g water. If 100 g of 
saturated copper(I!) sulfate solution 
was allowed to cool from 90°C to 20°C 
the mass of copper(II) sulfate crystals 
formed would be 64.8 - 20.7 = 44.1 g. 

e The size of crystals formed is related 
to how quickly the solution is cooled. 
If cooling is rapid many small crystals 
are formed but if cooling is slow a 
smaller number of large crystals are 
formed. 
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1 Obtaining hydrogen using 

Kipps apparatus 

e Traditionally, hydrogen is generated 
using a Kipps apparatus. When the tap 
is opened, dilute hydrochloric acid 
floods the bottom compartment and 
the level rises until it reacts with 
granulated zinc in the middle 
compartment. Zinc reacts with dilute 
hydrochloric acid to produce 
hydrogen: 
Zn(s) +2HCI(aq) > ZnClo(aq) + H2(g) 

e|f the tap is closed, hydrogen 
continues to be produced for a short 
time, and the pressure of the gas in 
the middle compartment gradually 
increases. Eventually the pressure is 
sufficient to force the dilute 
hydrochloric acid back down and out 
of the middle compartment, and the 
reaction stops. 

e|n a modern laboratory, hydrogen is 
often obtained directly from a cylinder 
of the gas. 


2 Collecting dry hydrogen 

eA dry gasis anatural gas from which 
all water vapor has been reduced. 

e Hydrogen is dried by passing through 
anhydrous calcium chloride. The gas 
is collected by upward delivery 
(downward displacement of air) 
because it is less dense than air. 


Hydrogen: preparation 


1 Obtaining hydrogen using Kipps apparatus 


a granulated zinc 
b dilute hydrochloric acid 
c hydrogen gas 


2 Collecting dry hydrogen 








a damp hydrogen from 
Kipps apparatus 

b anhydrous calcium 
chloride 

c gas 





Hydrogen: comparative 
density 


1 Gaseous diffusion of hydrogen in air 


2 Gaseous diffusion of carbon dioxide in air 


2A 2B 








e carbon dioxide 
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1 Gaseous diffusion of 

hydrogen 

e Gases are able to pass into and out of 
a porous vessel. 

e Hydrogen is less dense than air, so it is 
contained in an inverted beaker (1A). 

e Hydrogen diffuses into the porous 
vessel more quickly than air diffuses 
out of it. 

e The gas pressure inside the porous 
vessel increases and becomes greater 
than atmospheric pressure (1B). 
Liquid is forced up the right side of 
the manometer (an instrument used 
to measure the pressure of a fluid). 


2 Gaseous diffusion of 

carbon dioxide 

e Carbon dioxideis more dense than 
air, so it is contained in an upright 
beaker (2A). 

e Carbon dioxide diffuses into the 
porous vessel more slowly than air 
diffuses out of it. 

e The gas pressure inside the porous 
vessel decreases and becomes less 
than atmospheric pressure. Liquid is 
forced up the left side of the 
manometer (2B). 


Comparative density 

e Graham’s law of diffusion states that 
the rate at which a gas diffuses (r) is 
proportional to the square root of 1 
over its density (d): 
r«V/Vd 

e The density of hydrogen is lower that 
air. Therefore, it diffuses more quickly. 

e The density of carbon dioxide is 
higher that air. Therefore it diffuses 
more slowly. 
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anhydrous hydrogen sulfide 
anode lead sulfide 
calcium photochemical 

carbonate reaction 
cathode sulfuric acid 
electrolysis 











1 Hydrogen and oxygen 
e Electrolysis of dilute sulfuric acid 
produces oxygen at the anode 
(positive electrode) and hydrogen at 
the cathode (negative electrode). 
e@ At the anode: 
4OH-(aq) > O2(g) + 2H O(1) + 4e 
@ At the cathode: 
4H+(aq) + 4e — 2H>(g) 
eA mixture of hydrogen and oxygen 
explodes when ignited: 
2H2(g) + O2(g) + 2H20(g) 


2 Hydrogen and air 

e Hydrogen burns in air to produce 
water. 

e The hydrogen gas is dried by passing it 
through anhydrous calcium 
carbonate so any water produced 
must be the result of combustion. 

e Water vapor condenses on the outer 
surface of the beaker of cold water and 
collects in the water glass. 

e The liquid turns anhydrous blue cobalt 
chloride paper pink, showing it is 
water. 


3 Hydrogen and sulfur 

e Hydrogen reacts with sulfur to 
produce hydrogen sulfide: 
H>(g) + S(1) + H5S 

e Hydrogen sulfide turns damp lead 
acetate paper black due to the 
formation of lead sulfide: 
Pb2+(aq) +H S(g) > PbS(s) + 2H+(aq) 


4 hydrogen and chlorine 

eA mixture of hydrogen and chlorine 
react in bright light. 

e This is an example of a photochemical 
reaction. Light provides the energy 
needed for the reaction to start: 

H2(g) + Cl2(g) + 2HCI(g) 


se *oanay 


Hydrogen: reaction with 
other gases 


1 Explosion of hydrogen/oxygen mixture 





TOO 


Explosion technique 


Preparation of hydrogen and oxygen from electrolysis 
of sulfuric acid 


2 Hydrogen and air 


9) 


— 











3 Reaction of hydrogen 
with sulfur 


> 


=—— 





Before light is switched on 


polyethylene bottle containing dilute H,SO, 
platinum electrodes 

polyethelene tubing 

bunsen flame 

loose support 

hydrogen/oxygen mixture 

hydrogen from Kipps apparatus 

anhydrous calcium chloride 

beaker containg cold water 


j hydrogen burning 


Light is switched on 


k water collected 

| dry hydrogen 

m boiling sulfur 

n filter paper soaked in lead acetate 

0 polyethylene bottle containing mixture of 
chlorine and hydrogen 

p powerful light source 

q rubber bung 

r_ white fumes of hydrogen chloride 


Hydrogen: anomalies in 
ammonia and water 


1 Anomalous boiling points of ammonia and water 








A 
100 
50 
group 6 hydrides 
0 
group 5 hydrides 
Y 50 
i 
i] group 8 hydrides 
4 
‘5 -100 
rs) 
-150 
-200 
1) expected value for water 
2] expected value for ammonia 
-250 
cha | 2 3 4 5 6 


Period number 


2 Strong bonding between water molecules 


N—H 
\ 

H 
OTH 
N ° N H 
VANTE 
eet 

6+ 
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1 Anomalous boiling points 

of ammonia and water 

e Atoms of the group 8 elements have a 
full outer orbital of electrons. They 
exist as single atoms, and there are 
very weak forces of attraction between 
them. The boiling point of these 
elements increases in proportion to 
the size of the atom. 

e The boiling points of the group 5 and 
group 6 hydrides also increases with 
molecular size. However, the boiling 
point of water and ammonia are 
significantly higher than might be 
expected when compared to the other 
hydrides in their groups. This is the 
result of strong forces of attraction, 
called hydrogen bonding, between 
water molecules and between 
ammonia molecules. 


2 Strong bonding between 

water molecules 

e There are five electrons in the outer 
orbital of a nitrogen atom. In 
ammonia, three of the electrons are 
used in nitrogen-hydrogen bonds, 
while the remaining two form anon- 
bonding or lone pair. 

e The nitrogen atom in ammonia is 
more electronegative than the 
hydrogen atoms. The result is that a 
pair of bonding electrons lies nearer to 
the nitrogen atom than the hydrogen 
atom in each nitrogen-hydrogen 
bond. 

e This forms a dipole, a chemical 
compound with an unequally 
distributed electric charge. The 
nitrogen-hydrogen bond is polarized, 
leaving the nitrogen slightly negative 
(sometimes shown as 6-) and the 
hydrogen slightly positive (sometimes 
shown as 64). 

e The slightly positive hydrogen atom is 
attracted to the slightly negative 
nitrogen atom and the non-bonding 
pair of electrons on neighboring 
ammonia molecules. 
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1 Preparation 

e Water, in the form of steam, can be 
reduced by either carbon or 
hydrocarbons to give hydrogen. 

e This reaction is used to provide 
hydrogen for the Haber process in the 
industrial manufacture of ammonia 
(See page 74): 

CH4(g) + H20(g) = CO(g) + 3H2(g) 


2 Reactions of hydrogen 

e Hydrogen forms hydrides with both 
metals and non-metals. 

e Hydrogen can be used to reduce the 
oxides of metals that are low in the 
reactivity series, such as copper(I!) 
oxide. 


3 The oxides 

e Hydrogen reacts with oxygen to form 
both an oxide (water) and a peroxide 
(hydrogen peroxide). 

e Hydrogen peroxide contains an 
unstable peroxide -O-O- bond. 

eA variety of substances, including 
manganese(IV) oxide, act as catalysts 
to break this bond, forming water and 
oxygen. 


4 The hydroxy compounds 

e All metal hydroxides are bases. 

e Metal hydroxides that dissolve in water 
are alkalis. 

e Sodium hydroxide solution can be 
used to form precipitates of insoluble 
metal hydroxides like copper(II) 
hydroxide. 


5 Acids 
e All acids produce solutions containing 
hydrogen ions, Ht. 








Basic reactions of 


hydrogen 
1 Preparation 

A C +H 20 

B C7Hig + 7H2O 
c 2H20 + 2e 
DeZihia, eG 


2 Reactions of hydrogen 


A 2Na +Hp2 
Ney cr Sink 
O2 + 2H2 
Clo + Ho 

B CuO +H? 


3 The oxides 
A 2Na +2H20 


B 2H 202 


5 Acids 
HCl 


HNO3 
H2SO4 


1A from coal 

1B from oil 

1C electrolysis of brine 

1D laboratory preparation 
2A it reduces other elements 
2B it reduces compound 


CO + H2 
7CO + 15H? 
2OH- +H? 
ZNClo + H2 


2NaH 
2NH3 
2H20 
Arne! 
Cu +H 20 


2NaQOH + H2 
2H20 + Oz 





H++Cl- 
H+ +NO3 
——+ 2H++S0,7 


—_——_> 


3A water 
3B hydrogen peroxide 
4 metallic hydroxides are bases 


The gases in air 


1 Composition of air 





& Nitrogen [| Carbon dioxide [ Argon a Oxygen 


2 Gases present in clean dry air 


Gases Symbol or formula Percentage of volume 




















Neon Ne 
Helium He 
traces 
Krpton Kr 
Xenon Xe 
3 Gases that may be found in polluted air 
Gases Symbol or formula Example of source 


Ammonia NH3 Industrial processes 


Decay of organic material, passed in wind 











Methane CH, by herbivorous animals 
Ozone O3 Motor vehicle exhaust 
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1 Composition of air 

@ Air is not achemical compound but a 
mixture of elements and compounds. 
The exact composition of air varies 
slightly from place to place depending 
on conditions. For example, the 
proportion of carbon dioxide in the 
air above a forest will be less than in 
the air above a city. Trees remove 
carbon dioxide for photosynthesis, 
while burning fossil fuels releases 
carbon dioxide. 


2 Gases present in clean 

dry air 

e Clean dry air is approximately 80 
percent nitrogen and 20 percent 
oxygen. 

e Argon makes up the largest portion of 
the remaining 10 percent. 

e Air usually contains water vapor, with 
the amount depending on local 
conditions. 


3 Gases in polluted air 

e Air may contain pollutants released 
from a variety of sources. 

e Sulfur dioxide and nitrogen oxides 
dissolve in water in the atmosphere 
and increase the acidity of rainwater. 

e Carbon monoxide is a poisonous gas. 
If it is inhaled, it bonds onto the 
hemoglobin in red blood cells and 
prevents them from transporting 
oxygen. 

e@ Ozone is essential in the upper 
atmosphere (ozone layer), where it 
prevents harmful ultraviolet radiation 
from reaching Earth. At ground level, 
however, it is responsible for the 
formation of smog. 

e Methane and carbon dioxide are 
greenhouse gases. In the upper 
atmosphere, they prevent heat 
radiation from passing out into space, 
thus causing the global temperature to 
rise. 
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1 Nitrogen atom and 

molecule 

e Nitrogen is in group 5 of the periodic 
table. Nitrogen atoms have five 
electrons in the outer orbital and 
require an additional three electrons 
in order to fill the shell. 

e Nitrogen exists as nitrogen molecules, 
N>, in which each nitrogen atom 
provides three electrons. The nitrogen 
atoms are held together by a triple 
bond. A large amount of energy is 
needed to break the N=N triple bond 
(945.4 k} mol+), which accounts for 
the unreactive nature of nitrogen. 


2 Physical properties of 

nitrogen 

e The melting point and boiling point of 
nitrogen are both very low, and 
nitrogen is only aliquid over a small 
range of temperature. This indicates 
that the intermolecular forces in 
nitrogen are weak. 

e The solubility of gases decreases with 
increasing temperature. The solubility 
of nitrogen falls from 2.3 cm3 per 100 g 
water at 0°C to 1.0 cm3 per 100 g water 
at 100°C. 


3 Laboratory preparation 

of nitrogen 

e Nitrogen is formed by the thermal 
decomposition of ammonium nitrite: 
NH,NO>(s) + 2H>0(g) + N>(g) 

e Ammonium nitrite is difficult to store 
because it decomposes over time. It is 
best made when it is needed by mixing 
ammonium chloride and sodium 
nitrite: 

NH,Cl(s) + NaNO;(s) > 
NH,NO>(s) + NaCl(s) 





Nitrogen 


1 Nitrogen atom and molecule 


Nitrogen atom, 4N Nitrogen molecule, N, 


2 Physical properties of nitrogen 


Physical 
fe) ge) el= aa =) 


NTitceye =a) 














3 Laboratory preparation of nitrogen from ammonium 
chloride and sodium nitrate 


a ammonium chloride and sodium 
nitrate in solution 

b heat 

c sand tray 

d_ nitrogen 

e water 








A Complete Solution 


Transportable ( Oe ey 


Disassembles and From storage to sky Charging 
_ 
fits within a small in 30 minutes 


Amphibious 


Operates in multiple 
80% charge in 25 environments 
trailer minutes 





Other methods of 
preparing nitrogen 


1 Extraction of nitrogen from the atmosphere 





ye 

















950 


ie) 


2 Preparation of nitrogen from ammonia 











a air intake g water 

b potassium hydroxide solution to absorb carbon h nitrogen collected over water 
c hot copper coil to remove oxygen i dry ammonia gas 

d heat j dry copper(II) oxide 


e Safety trap 
f delivery tube 
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Other methods 

en addition to preparing nitrogen from 
ammonium chloride and sodium 
nitrate, it can be extracted from the air 
or from the reduction of copper(I!) 
oxide by ammonia. 


1 Extraction of nitrogen 

from the atmosphere 

e Air is approximately 80 percent 
nitrogen and 20 percent oxygen. 
Impure nitrogen can be obtained by 
removing carbon dioxide and oxygen 
from air. 

e Potassium hydroxide solution reacts 
with carbon dioxide: 

KOH(aq) + CO>(g) ~ KHCO3(aq) 

eA hot copper pile reacts with oxygen: 
2Cu(s) + O>(g) + 2CuO(s) 

e Nitrogen prepared in this way contains 
argon and other group 8 gases. 
However, because these are chemically 
inert, they would not interfere with 
any subsequent reactions. 


2 Preparation of nitrogen 

from ammonia 

e Ammonia can be used to reduce 
copper(II) oxide to copper. Nitrogen is 
one of the other products of this 
reaction: 
3CuO(s) + 2NH3(g) > 

3Cu(s) + 3Hz0(g) + N>(g) 

e Nitrogen is not very soluble and is 
readily collected over water. 

e Water vapor condenses in the water 
trough. Ammonia is very soluble, and 
unreacted ammonia dissolves in the 
water. 
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Nitrogen cycle 

e Nitrogen is continually being recycled 
between the soil and the air by natural 
processes. 

e Lightning provides the energy for 
atmospheric nitrogen and oxygen to 
react, forming nitrogen oxides. For 
example: 

N2(g) + O2(g) > 2NO(g) 
N2(g) + 202(g) > 2NO,(g) 

e These oxides dissolve in water vapor 
in the atmosphere and eventually fall 
to the ground as rain. 

e Atmospheric nitrogen is also 
converted into nitrogen compounds 
by nitrogen-fixing bacteria found in the 
root nodules of some plants. 

e Nitrogen compounds are released into 
the soil as a result of the decay of 
animal waste products and by the 
decay of dead plants and animals. In 
the soil, the ammonia formed during 
decay processes is converted into 
nitrates by the action of nitrifying 
bacteria: 

Ammonia > Ammonium compounds 
— Nitrites > Nitrates 

e Nitrogen compounds may also be 
added to soil as artificial fertilizers. 
Ammonium nitrate is widely used by 
farmers and gardeners to provide 
growing plants with essential nitrogen. 

e Nitrogen compounds are taken out of 
the soil by plants, which use them to 
make proteins and other essential 
chemicals. Animals subsequently eat 
the plants. 

e Nitrogen compounds in the soil are 
converted to nitrogen gas by 
denitrifying bacteria. 


The nitrogen cycle 


Nitrogen cycle schematic 












7 


All plants and animals need nitrogen, present in proteins and nucleic acids. Most living things, 
however, cannot use nitrogen directly from the atmosphere. 





1 Nitrogen in the air. 6 Other bacteria convert the ammonia to 


2 Nitrogen in the atmosphere is trapped by nitrates. 
some plant roots. 7 Artificial nitrates are added to the soil as 
3 Plants use nitrogen for making proteins. fertilizer. 


4 Animals eat plant proteins. 

5 The proteins in dead organisms and in body 
wastes are converted to ammonia by 
bacteria and fungi. 


8 Plants absorb the nitrates. 


Nitrogen cycle 
























































Preparation and 
properties of ammonia 


1 Laboratory preparation of ammonia 


i a 


io” 





2 Bonding angle 





d 








J} -_@ 


a sodium hydroxide 

b ammonium chloride 

c heat 

d calcium oxide for drying 

e downward displacement of air 


107° 


3 Physical properties of ammonia 


Ammonia 





Ammonia 


Methane 


Ozone 





Physical property 





characteristic unpleasant odour 
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1 Laboratory preparation of 

ammonia 

e Ammonia is formed by the reaction of 
an ammonium compound, such as 
ammonium chloride, with an alkali, 
such as sodium hydroxide: 
NH,Cl(s) + NaOH(aq) > 

NH3(g) +NaCl(aq) + H2O(!) 

e Ammonia gas is dried by passing it 

through a column of calcium oxide. 


2 Bonding angle 

e The five electrons in the outer 
electron shell of nitrogen plus three 
shared electrons from the hydrogen 
atoms form three pairs of bonding 
electrons and one pair of non-bonding 
electrons (lone pair). 

e The four pairs of electrons are 
directed toward the corners of a 
tetrahedron. However, repulsion 
between the non-bonding pair of 
electrons and the bonding pairs of 
electrons forces the 
nitrogen-hydrogen bonds slightly 
closer to each other, resulting in a 
bond angle of 107°. By comparison, 
the bond angle in methane is 109.5°. 


3 Physical properties of 

ammonia 

e Ammonia is less dense than air and is 
collected by upward delivery 
(downward displacement of air). 

e Ammonia is exceptionally soluble and 
cannot be collected over water. 
680 cm3 of ammonia will dissolve in 
1g of water at 20°C. 

e Ammonia dissolves in water to form a 
solution that is a weak alkali: 
NH3(g) + H20(1) = 

NH,t*(aq ) + OH-(aq) 

e Ammonia solution is sometimes 

referred to as ammonium hydroxide. 
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1 Reversible reaction 

e Ammonia is made industrially by the 
reaction of nitrogen and hydrogen. 

e The reaction is reversible. 

Forward reaction: 

N2(g) + 3H2(g) > 2NH3(g) 
Backward reaction: 

N2(g) + 3H2(g) — 2NH3(g) 

e The concentration of ammonia in the 
equilibrium mixture depends on the 
pressure and temperature at which the 
reaction is carried out. 

e According to Le Chatelier’s principle, 
if any change is made to the external 
conditions (such as temperature, 
concentration and pressure) of a 
system at equilibrium, the equilibrium 
position will alter so as to oppose the 
change. 


2 Variation of percent 

ammonia with pressure 

en the forward reaction, four moles of 
reactants are converted into two 
moles of product so there is adrop in 
pressure. 

e According to Le Chatelier’s principle, 
an increase in pressure will favor the 
forward reaction. The equilibrium 
position will move to the right in order 
to oppose the increase in pressure, so 
the equilibrium mixture will contain 
more ammonia. 


3 Variation of percent 

ammonia with temperature 

e The reaction is exothermic; heat is 
given out. 

e According to Le Chatelier’s principle, a 
decrease in temperature will favor the 
forward reaction. The equilibrium 
position will move to the right in order 
to oppose the decrease in 
temperature, so the equilibrium 
mixture will contain more ammonia. 


Industrial preparation of 
ammonia (the Haber 
process): theory 


1 Reversible reaction 
N2(g) + 3H2(g) — 2NH3(g) AH =-92 kJ} mol-4 


4 moles 2 moles 


2 Variation of percent ammonia with pressure 





100 100°C 
—_—_ 200°C 
90 
300°C 
80 
£ 70 
400°C 
E 60 
z-) 
2 50 
5 
#40 500°C 
3 
& 30 
20 
10 
Os 100 200 300 400 


Pressure (atm) 


3 Variation of percent ammonia with temperature 
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Industrial preparation of 
ammonia (the Haber 
process): schematic 


Hydrocarbons 


Steam 
reforming 


Reactor 
Temperature: 


370 


Pressure: 


80- 


Catalyst: 


ammonia 


iron 


Hydrogen Nitrogen 


Liquid air 


Fractional 
distillation 


-450°C O 
110 atm | | 


Cooling 
below -33.5°C 


Unreacted 
hydrogen and 
nitrogen 
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The process 

e The raw materials for the Haber 
process are hydrogen and nitrogen. 

e Hydrogen is obtained by the steam 
reforming of hydrocarbons, such as 
methane, or the reaction of steam with 
coke. 

CH,(g) + H20(g) =CO(g) + 3H2(g) 
C(s) +H20(g) =CO(g) + H2(g) 

e Nitrogen is obtained from the 
fractional distillation of liquid air. 

e The formation of ammonia is favored 
by high pressure, and the reaction is 
normally carried out at 80-110 atm. It 
is also favored by low temperature, but 
this also lowers the rate of reaction, so 
a catalyst is used. The reaction is 
normally carried out at 370-450°C in 
the presence of a finely divided iron 
catalyst. 

e|n reality, the reaction is not allowed to 
reach equilibrium. A single pass 
through the reactor results in about 15 
percent conversion to ammonia. 

e The reaction mixture is cooled to 
below the boiling point of ammonia, at 
which point liquid ammonia 
condenses out and is removed. The 
mixture of unreacted hydrogen and 
nitrogen is recycled back into the 
reactor. 

e Around 80 percent of the ammonia 
produced each year is used to make 
fertilizers, including ammonia solution, 
ammonium nitrate, ammonium sulfate, 
and urea. 
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1 Preparation 

e The industrial production of nitric 
acid involves two stages: the 
oxidation of ammonia and the 
absorption of the resulting nitrogen 
oxides. 

e!n the converter, a mixture of 
ammonia and air is passed through a 
platinum-rhodium gauze and the 
ammonia is oxidized: 
4NH3(g) + 502(g)=4NO(g) + 6H20(g) 

AH =-909 kj mol-2 

e The reaction is exothermic, and a large 
quantity of heat is produced. 

e Conditions are carefully controlled to 
minimize a competing reaction in 
which ammonia is oxidized to 
nitrogen: 
4NH3(g) + 302(g) = 2N2(g) + 6H20(g) 

e Air is added to the nitrogen oxides in 
order to make nitrogen dioxide and, 
subsequently, dinitrogen tetroxide. 
2NO(g) + O2(g) =2NO,(g) 
2NO>(g) = N20,(g) 

e Dinitrogen tetroxide reacts with water 
to produce nitric acid. 
3N204(g) + 2H20(1I) = 

4HNO;(aq) + 2NO(g) 

e The acid from the absorption towers 
typically contains 55-60 percent nitric 
acid by mass. Most of the modern 
demand is for acid of this 
concentration. 

e Nitric acid and water form an 
azeotropic mixture (a mixture that 
boils without a change in 
composition) containing 68.5 percent 
nitric acid by mass. Thus, concentrated 
nitric cannot be obtained by 
distillation. Concentrated sulfuric acid 
is used to reduce the water content 
and give concentrated nitric acid. 


2 Uses of nitric acid 

e Over two thirds of nitric acid 
production is directed to making 
ammonium nitrate, which is used as a 
fertilizer and in explosives. 


Industrial preparation 


of nitric acid 


1 Industrial manufacture of nitric acid 


2 Summary of uses 

















air 
ammonia 

power 

platinum rhodium catalyst 
oxidation reaction 

NO, NO;, O5 

water 

reaction with water 


pump 
nitric acid 
k unreacted gas 
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Nitrogen: reactions in 
ammonia and nitric acid 





2 Redox chemistry (nitric acid) 
C +4HNO;—> CO, +. 4NO, + 2H50 


Concentrated nitric acid oxidizes carbon to carbon dioxide 


3Cu + 8HNO3(dilute)—*> 3Cu(NO3), +4H 0 + 2NO! 


Dilute nitric acid oxidizes copper to produce copper nitrate, water, and nitrogen oxide 


Cu + 4HNO3(conc) ——> Cu(NO3)> +2H,O +2NO, 


Concentrayed nitric acid oxidizes copper to produce copper nitrate, 
water, and nitrogen dioxide 


3 Complex ammonia salts 


ammonia 
solution 


ee & eS 


pale blue 
precipitate 





More ammonia solution 
is added 





The precipitate diasppears, 
leaving a deep royal blue 
solution (a complex salt) 


Ammonia solutionis added 
to CuSo, solution 


4 Tetraamminecopper(Il) ion 






X 
X 


Square planar 
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1 Redox chemistry 

(ammonia) 

e Ammonia is a reducing agent and will 
reduce chlorine and heated metal 
oxides such as copper oxide. During 
the reactions, the ammonia is oxidized 
to nitrogen. 


2 Redox chemistry 

(nitric acid) 

ein addition to its properties as an acid, 
nitric acid is also a powerful oxidizing 
agent. It is able to oxidize both non- 
metals and metals. 


3 Complex ammonia salts 

e@ When ammonia solution is added drop 
by drop to copper(I!) sulfate solution, 
a pale blue precipitate of copper(I!) 
hydroxide is formed: 

Cu2+(aq) + 2OH-(aq) > Cu(OH),(s) 

e@ When an excess of ammonia solution 
is added, the pale blue precipitate 
redissolves, forming a deep blue 
solution: 

Cu(OH)2(s) + 4NH3(aq) > 
[Cu(NH3)4]2+ 

e@ The deep blue solution contains the 
complex ion tetraamminecopper(l), 
[Cu(NH3)4]2+. 

e Ammonia also forms complex ions 
with other metals, such as 
diamminesilver(1), [Ag(NH3)2]*+ and 
hexaamminenickel(II), [Ni(NH3)6]2+. 


4 Tetraamminecopper‘(ll) 

en the tetraamminecopper(I!) ion, a 
copper ion is surrounded by four 
ammonia molecules in a square planar 
arrangement. The non-bonding pair of 
electrons on each nitrogen atom is 
attracted to the central positively 
charged copper ion. 
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1 With metals and non- 

metals 

e Nitrogen combines directly with both 
metals, such as magnesium, and non- 
metals, such as sodium and hydrogen. 


2 Basic reactions of 

ammonia 

e Ammonia reacts with water to 
produce a soluble alkaline gas (2A). 

e Ammonia reacts with an acid to 
produce a salt (2B). 

e Ammonia reacts with an oxide to 
produce a metal and nitrogen (2C). 

e Ammonia reacts with oxygen to 
produce nitric acid (2D). 


3 Nitric acid 

e Nitric acid is both a strong acid (3A) 
and a powerful oxidizing agent (3B). 

e Cold, dilute nitric acid produces 
nitrogen oxide when reacting with a 
metal (3C). 

e Hot, concentrated nitric acid produces 
nitrogen dioxide when reacting with a 
metal (3D). 


4 Nitrates 

e All nitrates are very soluble in water. 

e Group 1 metal nitrates (apart form 
lithium nitrate) decompose on heating 
to form metal nitrites and oxygen. 

e Other metal nitrates decompose on 
heating to form metal oxides, nitrogen 
dioxide, and oxygen. 

e Ammonium nitrate decomposes on 
heating, forming water and dinitrogen 
oxide. 





Basic reactions of 
nitrogen 


1 With metals and non-metals 


3Mg +No2 —> Mg3No2 
6Na +No2 nue ZINaaN 
N> + 3H> SS 2NHs 


2 Basic reactions of ammonia 


A NH3 +H20 == NH,* + OH” 
NH3 +HCl =—— NH,CIl 

B 2NH3 +3CuO — 3Cu +3H20 +No 

C 4NH3 +502 —+ 4NO +6H20 


then 2NO +05 ——= 2NO> 
and 4NOz +O2 +2H2O0 —> 4HNO3 
D Cu(OH)> +4NH3 == Cu(NH3)4* + 20H 





4 Nitrates 


A 2NaNO3 ——> 2NaNOQ2 + O2 
B 2Pb(NO3)2 ——- 2Pb0+4NO> + Op 
C NH,gNO3 —> 2H20+N 20 


2A soluble alkaline gas 

2B reducing agent 

2C ammonia with oxygen to make nitric acid 
2D complexing agent 

3A strong acid 

3B oxidizing agent 


4A group 1 (excluding LiNO3) 
4B others 
4C ammonium nitrate 


Nitrate fertilizers 





2 Ammonia nitrate 


Formula mass of ammonium nitrate = 14 + 4 +14 +3 x 16 =80 
2 x 14x 100 





Percentage of nitrogen in ammonium nitrate = = 35% 
3 Nitrogen in plants 
R i CH = CH3 
HN— CH—COOH TI 
animo acids ae c— cH 
wc. =o NZ Od 
proteins vy c— a | Va — CH—*CH3 
H | N—Mg<N | 
Go | NX 
A. —_1¢ ‘i CC En Chs 
ce 
CH> in. i = CH 
CH> HC C=——$—C 
/ Wa | 
is 
6=e) e—c || CH3 
| oO 
CH i 
C29H39 CH3 
Chlorophyll a 


(In chlorophyll b, the methyl group 
marked by an asterisk is replaced 
by a —CHO group) 


4 Table of nitrogen fertilizers 


Formula Percentage of nitrogen 


Compound 


HNCONH, 46.67 
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1 Atmospheric nitrogen 

e Atmospheric nitrogen is an important 
raw material in the manufacture of 
ammonia and nitric acid. 

e Ammonia solution is alkali, while 
nitric acid is acidic. 

e The two solutions undergo a 
neutralization reaction to form the 
salt ammonium nitrate. 


2 Ammonia nitrate 

e The percentage of nitrogen in a 
nitrogenous fertilizer is an important 
factor in determining how much 
fertilizer should be used on an area of 
crops. 

e Ammonium nitrate is very soluble in 
water. Any excess that is applied to soil 
is readily washed out into streams and 
rivers, where it causes environmental 
problems. 


3 Nitrogen in plants 

e Plants use nitrogen to make amino 
acids and, from these, to make 
proteins. 

e Plants also use nitrogen to make other 
important chemicals, such as 
chlorophyll. 


4 Nitrogen fertilizers 

e Ammonium sulfate is formed by the 
neutralization reaction between 
ammonia solution and sulfuric acid: 
2NH3(aq) +H2SO,(aq) > 

(NH4)2SO,(aq) 

e Urea is a waste product of animal 
metabolism and is excreted from the 
body in sweat and urine. It is made 
industrially by the reaction of 
ammonia with carbon dioxide. This 
reaction is carried out at 200 °C and 
200 atmospheres: 

CO2(g) + 2NH3(g) > 
H>NCONH,(I) + H0(g) 
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1 Atoms and molecules 

e Oxygen and sulfur are both in group 6 
of the periodic table. Atoms of each 
element have six electrons in the outer 
electron shell and require two 
electrons to fill the shell. 

e Oxygen exists as oxygen molecules, 
O, in which each oxygen atom 
provides two electrons. The oxygen 
atoms are held together by a double 
bond, O=0. 

e At room temperature, sulfur exists as a 
molecule composed of eight sulfur 
atoms, Sg, arranged in the shape of a 
crown. 


2 Laboratory preparation 

of oxygen 

e Oxygen is prepared in the laboratory 
by the decomposition of hydrogen 
peroxide using a suitable catalyst, 
such as manganese dioxide: 
2H>0>(I) 4 O>(g) +2H>O(I) 

e Hydrogen peroxide is rapidly 
decomposed by a variety of catalysts, 
including the enzyme catalase. In one 
second, one molecule of catalase can 
decompose up to 50,000 molecules of 
hydrogen peroxide. 

e Oxygen is only slightly soluble and can 
be collected over water. 

e Hydrogen peroxide is usually supplied 
in solutions designated by volume 
strength. For example, 20-volume 
hydrogen peroxide yields 20 volumes 
of oxygen gas per volume of solution. 


3 Physical properties of 

oxygen and sulfur 

e At room temperature, oxygen is a 
colorless, odorless gas, while sulfur is a 
yellow solid. 





Oxygen and sulfur 


1 Atoms and molecules 


2 


Oxygen atom 16Q Oxygen molecule 0, 


ron 
(Seta 


Sulfur molecule S. 
(crown-shaped) 


Sulfur atom 32S 


2 Laboratory preparation of oxygen 


a liquid reactant - hydrogen 


b solid catalyst - manganese oxide d 
a c water 
d oxygen === 


(Y-4 





° 
° 
° 
° 
° 
Sa! 


3 Physical properties of oxygen and sulfur 


Physical properties Oxygen Sulfur 


info! 1G, 
Density g/dm? 131 


Smell 











a — a - - > -- 


- A Complete Solutio 


| Transportable ( Oi) el) 5 Super Amphibious 
¢ Charging == ~wen@peretesin multiple 


Disassembles and From storage to sky 
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Extraction of sulfur— 
the Frasch process 


The Frasch process 


150m 





a hot compressed air 

b superheated water (at 170°C) 
c molten sulfur and water 

d clay 





e quicksand 
f sand 
g limestone 
h sulfur 
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Processing and uses 
e Hot compressed air and superheated 


steam are piped underground. This 
forces water and molten sulfur to the 
surface. 


e The sulfur obtained is about 


99.5 percent pure, and may be stored 
and transported molten or allowed to 
cool and solidify. 


eA significant proportion of the 


elemental sulfur used in industry is 
obtained as a by-product of other 
industrial processes such as the 
refining of metal sulfide ores and 
petroleum refining. 


en petroleum refining, sulfur 


compounds like thiols (R-SH) and 
disulphides (R-S-S-R) are removed 
from some of the petroleum fractions 
because they would damage the 
catalysts used in refining processes 
and also because of their potential to 
cause environmental problems. For 
example, if they were not removed 
from fuels like gasoline, they would 
burn to form sulfur dioxide. This gas 
dissolves in water in the atmosphere, 
forming an acid, and would 
significantly increase the acidity of rain 
water. 


e Sulfur compounds are converted to 


hydrogen sulfide by catalytic 
hydrogenation: 
R-SH(g) + H2(g) > 
R-H(g) + H2S(g) 
R-S-S-R(g) + 3H2(g) > 
2R-H(g) + 2H S(g) 

e Hydrogen sulfide can be converted to 
sulfur using the Claus process: 
6H2S(g) + 502(g) > 

2S02(g) + 2S2(g) + 6H20(g) 
4H2S(g) + 2S03(g) > 
3S,(g) + 4H20(g) 
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e Allotropes are different forms of the 
same element in the same physical 
state. Many elements, including 
oxygen and sulfur, exist as more than 
one allotrope. 


1 Oxygen 

e The most common form of oxygen is a 
diatomic molecule, O5. The gas also 
exists as a triatomic molecule, O03, 
which is called ozone. 

e Oxygen has two bonds between the 
atoms. Each atom donates one 
electron to each bond. 

en ozone, the central oxygen atom 
donates a pair of electrons to forma 
bond with the other two atoms. One 
of the other atoms also donates a pair 
of electrons, while the other does not. 


2 Sulfur 

e Sulfur has several allotropes in the 
solid form, including rhombic sulfur 
and monocline sulfur. 

e Rhombic sulfur crystals have a lemon- 
yellow appearance. 

e Monocline sulfur crystals are needle- 
like and have a deeper yellow color. 

e Each allotrope is composed of S8 
puckered molecular rings, but 
arranged in different ways. 


3 Heating sulfur 

e Sulfur melts when gently heated, and 
the sulfur molecules are able to move 
around, forming a low-viscosity liquid. 

e On stronger heating, the sulfur rings 
break open, yielding sulfur molecules. 
These molecules join by cross-linking, 
causing a sharp increase in viscosity. 

e On even stronger heating, the cross- 
linked structure breaks, yielding small 
sulfur molecules, which are free- 
moving, and the viscosity falls. 


Oxygen and sulfur: 
allotropes 


1 Allotrope of oxygen 


Oxygen 


2 Allotropes of sulfur 





Structure 


(Go) lol 
State of matter 


Viscosity 


Rhombic 
sulfur 
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oS 


+ 


oP 
S 





Monoclinic 
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Oxygen and sulfur: 
compound formation 


2 Reaction of sulfur and iron 


i: 


Iron sulfide is 
also ionic 


1 Oxygen and magnesium 





Sulfur and iron 
glow 


Oxygen reacts with 
magnesiun 


Magnesium oxide 
is ionic 


3 Phosphorous reacts with atmospheric oxygen 


hehe 


A tube full of air Phosphorus is added 





Unreacted phosphorus 
is left behind 


d 100 cm? of air 
e water 
f stiff wire 


g phosphorus reacting 


a oxgen 
h 79 cm? of air is left behind 


b magnesium burning 
c volume scale 


4 Water, hydrogen peroxide, and hydrogen sulfide 


BEDOK: 


H H H H 
Se SZ 
O S 





Hydrogen sulfide is made 
by the reaction of a metal 
sulfide with dilute acid 


Hydrogen peroxide is made 
by reacting a metal 
peroxide with acid 


Water is formed when 
oxygen and hydrogen 
are exploded together 
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1 Oxygen and magnesium 

e Oxygen reacts with most metals to 
form metal oxides. Magnesium burns 
in air with a bright flame, producing a 
white smoke of magnesium oxide. The 
reaction is even more vigorous in pure 
oxygen: 
2Mg(s) + 02(g) + 2MgO 

e Soluble metal oxides dissolve in water 
to form alkaline solutions: 
MgO(s) + Hz0(1) - Mg(OH)>(aq) 


2 Sulfur and iron 

e Sulfur forms sulfides with many 
metals. When iron and sulfur are 
heated together, iron sulfide is 
formed: 
8Fe + Sz = 8FeS 


3 Oxygen and phosphorous 

e Oxygen also reacts with non-metals to 
form oxides. Phosphorus burns in air 
to form phosphorus(V) oxide. 
Approximately 20 percent of the air is 
used: 
P4(s) +503(g) + P4049(s) 

e Non-metal oxides dissolve in water to 
form acids: 
P4O49(s) +H zO0(1) + 4H3PO0,(aq) 


4 Other common reactions 

e Hydrogen burns in oxygen to form 
water: 
2H2(g) + O2(g) > 2H,0(1) 

e Hydrogen peroxide is formed by the 
reaction of metal peroxides, such as 
barium peroxide, with dilute acids: 
BaO,(s) +H,SO,(aq) > 

H20>(aq) + BaSO,(s) 

e Hydrogen sulfide is formed by the 
reaction of a metal sulfide with a dilute 
acid: 

FeS(s) + 2HCI(aq) > 
FeCl,(aq) + HS(g) 
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Sulfur oxides 

e Sulfur combines with oxygen to form 
two oxides: sulfur dioxide (sulfur(|V) 
oxide) and sulfur trioxide (sulfur(VI) 
oxide. 


1 Laboratory preparation of 

sulfur dioxide 

e Metal sulfites, such as sodium sulfite, 
react with dilute acids to from sulfur 
dioxide: 

Na SO3(s) + 2HCI(aq) > 
2NaCl(aq) + H20(1) +SO>(g) 

e Sulfur dioxide is dried by passing it 
through anhydrous calcium chloride 
and collected by downward delivery. 

e Sulfur dioxide dissolves in water to 
form sulfurous acid: 

H20(1) + SO2(g) > H2SO3(aq) 


2 Laboratory preparation 

of sulfur trioxide 

e Sulfur trioxide is formed when dry 
sulfur dioxide and oxygen are heated 
in the presence of a platinized 
asbestos catalyst: 
2502(g) + O2(9) = 2S03(g) 

e Sulfur trioxide forms needle-like 
crystals when cooled. 

e Sulfur trioxide dissolves in water to 
form sulfuric acid: 
HzO0(1) +SO3(g) + H2SO,(aq) 


3 SO, and SO3 molecules 

en sulfur dioxide, there are four pairs 
of bonding electrons and a non- 
bonding or lone pair of electrons 
around the sulfur atom. The pairs of 
electrons are kept as far from each 
other as possible by adopting a bent 
shape in which the double bonds 
between the sulfur and oxygen atoms 
are at an angle of 120°. 

e/n sulfur trioxide, the three double 
bonds form a trigonal planar structure 
around the sulfur atom in which the 
bond angle is also 120°. 


The oxides of sulfur 


1 Laboratory preparation of sulfur dioxide 





2 Laboratory preparation of sulfur trioxide 
—> 
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CF, 


a dilute f sulfur dioxide i freezing mixture of ice and 

b sodium sulfite g concentrated sulfuric acid salt 

¢ anhydrous CaCl> for drying j needles of sulfur oxide 

d upward displacement h plantinized asbestos k to the fume cupboard 

e oxygen | 3-way tap 

3 SO, and SO; molecules a 
os “ vo, . . 
Molecule of sulfur dioxide Molecule of sulfur trioxide 


Industrial preparation of 
sulfuric acid (the contact 
process): theory 


1 Sulfur burning 


S(1) +03(g) — SO2(g) AH =-297 kJ} mol"? 


2 Conversion 


2S02(g) +O2(g) = 2503(g) = AH =-192 kj mol} 





4 moles 2 moles 
SO, O, 
420°C 
Reaction bed 1 


600°C 63% conversion 





Heat 
exchangers 





Reaction bed 2 












SIOSE 84% conversion 


475°C 







98% H,SO, 





93% conversion : 
Intermediate 


absorber 





remaining 
SO; 











99.5% H>SO, 






SO3(g) 
to final absorber 


3 Absorption 
ro504()) + S503(g) — H25,0;,(4) 
H>S50,(1) ate H>O(1) — 2H 2SO,(1) 
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Preparation of sulfuric acid 
e The industrial preparation of sulfuric 
acid is a three stage process: 
1. Sulfur burning 
2. Conversion of sulfur dioxide to 
sulfur trioxide 
3. Absorption of sulfur trioxide to form 
sulfuric acid. 


1 Sulfur burning 

e Molten sulfur is sprayed into a furnace 
and burned in a blast of dry air. The 
reaction is very exothermic, and the 
reaction temperature rises to over 
1,000°C. The mixture of gases, 
containing sulfur dioxide and oxygen, 
is cooled before conversion. 


2 Conversion 

e The conversion of sulfur dioxide into 
sulfur trioxide is an exothermic 
reaction. The forward reaction is 
favored by alow temperature. 
However, this would also reduce the 
rate of reaction, so it would take 
longer for the reaction mixture to 
reach equilibrium. 

e The reaction is carried out at 
temperatures between 420-620°C in 
the presence of a vanadium(V) oxide 
catalyst. 

e Modern converters consist of four 
reaction beds. The reaction mixture is 
cooled after passing through each of 


the first two beds in order to maximize 


conversion in subsequent beds. 


3 Absorption 

e Sulfur trioxide is removed and 
absorbed after the reaction mixture 
has passed through both the third and 
fourth beds. 

e Sulfur trioxide is absorbed into 
98 percent sulfuric acid to form 
99.5 percent sulfuric acid, which is 
sometimes referred to as oleum and 
given the chemical formula H,S50,. 

e Oleum is then diluted to give 98 
percent sulfuric acid. 
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Preparing sulfuric acid 

e The sulfur needed for the 
manufacture of sulfuric acid is 
obtained either directly from the 
ground or as a by-product of other 
industrial processes, such as the 
refining of metal sulfide ores and the 
refining of crude oil. 

e An excess of dry air is used to ensure 
there is sufficient oxygen remaining in 
the reaction mixture for the 
conversion of sulfur dioxide to sulfur 
trioxide. 

e The vanadium(V) oxide (vanadium 
pentoxide) catalyst is activated by 
potassium sulfate on a silica support. It 
is generally in the form of small 
cylindrical pellets that ensure a large 
surface area for reaction. The catalyst 
is inactive below about 380°C and has 
an optimum working temperature 
between 420-620°C. 

e The catalyst pellets are packed onto 
perforated plate supports to form 
reaction beds. In a modern converter, 
there four reaction beds, each 
consisting of a layer of catalyst pellets 
about 0.6 m deep. 

eA conversion of 99.5 percent of sulfur 
dioxide to sulfur trioxide is essential 
for both economic and environmental 
reasons. This can only be attained by 
removing heat between reaction beds 
and by removing the sulfur trioxide 
produced between the third and 
fourth beds. 

e The mixture of gases that remain after 
absorption consists mostly of nitrogen, 
together with asmall proportion of 
oxygen and traces of sulfur dioxide. 
The gases are filtered to remove any 
sulfuric acid before being released into 
the atmosphere at high level viaa 
stack. 

e Sulfuric acid is used in a wide variety 
of industries. Important uses include 
the manufacture of general chemicals, 
paints and pigments, detergents and 
soaps, and phosphatic fertilizers. 


Industrial preparation of 
sulfuric acid (the contact 
process): schematic 


Industrial preparation of sulfuric acid 


Sulfur 
Sulfur burning 
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Reactor 
Temperature: 
420-620°C 
Pressure: 
a little 
more than 
atmosphere 
Catalyst: 
vanadium 
(V) oxide 


50,405 


Heat 
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acid 
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1 Sulfuric acid and atmospheric water Corpenyic anid 


catalyst 
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1 Sulfuric acid and 
atmospheric water 
ae e Concentrated sulfuric acid will absorb 
later water from the air. 

e The level of liquid in a beaker 
containing concentrated sulfuric acid 
rises as water is absorbed and the acid 
becomes more dilute. 


concentrated 
sulfuric acid 





2 Illustrating sulfuric acid’s affinity for water 
2 Sulfuric acid’s affinity 


ee Pau Salih aan: steam 
eee : \ tai ; 7} for water 
e Concentrated sulfuric acid will remove 


the elements of water from organic 
chemicals such as sucrose (C)H>20))). 
mass of e When concentrated sulfuric acid is 
carbon poured onto sucrose, the crystalline 
white sucrose turns into a black 
amorphous mass of carbon. 








sucrose 
Reaction with Reaction with 3 Drying latent : 
atmospheric water sugar solution e Concentrated sulfuric acid can be used 
to dry gases, such as hydrogen. The 
gas is bubbled through the acid in a 
F suitable container. 
3 Drying gases e Some gases, such as ammonia, react 
Wek dry with concentrated sulfuric acid and 
———— ———> gas cannot be dried in this way. 






4 Forming esters and 
alkenes 
e Concentrated sulfuric acid is used as a 
catalyst in the formation of esters from 
carboxylic acids and alcohols. 
concentrated Concentrated sulfuric acid removes 








sulfiric acid the elements of water from alcohols to 
form alkenes: 
-H0 
R-CH>-CH,OH > R-CH=CH, 


O O 
= q Peer a q 

OH = HOR! OR! 
Carboxylic a Pine: A Icohol Ester 
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1 Common redox reactions 

e Oxidation reactions and reduction 
reactions are more accurately 
described as redox reactions because 
they cannot occur in isolation. One 
substance is reduced and another is 
oxidized at the same time. 

e Hydrogen sulfide reduces chlorine gas 
to chloride ions. The sulfide is 
oxidized to elemental sulfur: 

Clp +2e — 2Cl- reduction 
S245 +2e oxidation 

e Hydrogen peroxide is an oxidizing 
agent but is itself oxidized by a more 
powerful oxidizing agent such as 
potassium manganate(VII). 

e Sulfur dioxide is a reducing agent 
both in the gaseous form and in 
aqueous solution. It reduces iron(II!) 
to iron(II) while being itself oxidized 
to a sulfate: 

Fe3+ +@ — Fe2+ reduction 

e Sulfur dioxide can be oxidized to 
sulfur trioxide by reaction with oxygen. 

e Copper reacts with concentrated 
sulfuric acid. In this reaction, the 
concentrated sulfuric acid acts as an 
oxidizing agent, oxidizing copper 
metal to copper(II). The sulfuric acid 
is itself reduced to sulfur dioxide: 

Cu > Cu2+ + 2e oxidation 


2 Sulfuric acid and sulfate 

reactions 

e Sulfuric acid reacts with metal oxides 
to form sulfates and water. 

e Sulfuric acid reacts with metal 
hydroxides to form sulfates and water 

e Sulfuric acid reacts with metal 
carbonates to form salts, carbon 
dioxide, and water 

e|n all of these reactions, no oxidation 
or reduction takes place. The charge 
on the metal ion in the oxide, 
hydroxide, and carbonate is the same 
as it isin the sulfate. 


Oxygen and sulfur: 
oxidation and reduction 


1 Common redox reactions 


8HS + 8Cl, —+» S, + 16HCI 


Hydrogen sulfide reduces chlorine gas 


HO, + 3KMnO, — 2KOH +2Mn0, +20, 


Hydrogen peroxide reduces potassium manganate(VII) solution 


50> + 2FeCl; + 2H20 —— 2FeCl, +2HCl +250, 


Sulfur oxide reduces iron chloride solution 


07 42505 


Oxygen oxidizes sulfur dioxide 


a SO. 


Cu +2H5SO, ==. CUSO, + Ho0'4+5050 


Concentrated sulfuric acid oxidizes copper 


2 Sulfuric acid and sulfate reactions 


Acid + metal oxide = Salt + water 


H>SO, +MgO > MgSO, +H 20 


Acid + metal hydroxide = Salt + water 


H»SO, + Cu(OH); CuSO, + 2H5,O 


Acid + metal carbonate = Salt + carbon dioxide + water 


H2SO, + ZnCO3 . ZnSO, + CO> +H 20 


Basic reactions of 


oxygen 


1 Reactions 
Oxidizes other elements 


2H2z + Or 
4Na +O>5 
2Na +O, 
Sg + 805 
Pa + 505 
2Cul +O; 


Oxidizes other elements 


DEO ©, 
WO, f(0 
4NH3 +50, 





3 The oxides 


Oxidizes other elements 


@ CuO + H>SO, 
@ ZnO +H,SO, 
ZnO + 2NaQOH 


Oxidizes other elements 
@ SO,, CO, 
@ H0, CO 


a oxidizes reactive metals 

b accepts protons from acids 
c gives protons to bases 

d reacts with non-metal oxides 


== 250; 


—> CuSO, +H,O 
ae ANSON = a ©) 
re Na>Zn(CH), +H,O 





e preparation i amphoteric 
f an oxiding agent j acidic 
g areducing agent k neutral 


h basic 
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alkali oxygen 
amphoteric transition metals 
cation valency 
hydroxide 

oxide 





1 Reactions 

e Oxygen reacts with both metals and 
non-metals to form oxides. 

e Group 1 and group 2 metals often 
form more than one oxide: 
Na,O sodium monoxide 
Na,O, sodium peroxide 
NaO, sodium dioxide 

e Transition metals form oxides in 
which the metal exhibits different 
valency states: 
Cu,0 copper(!) oxide 
CuO copper(Il) oxide 

e@ Non-metallic elements also form more 
than one oxide: 
P,0, phosphorus(Ill) oxide 
P07) phosphorus(V) oxide 


2 The hydrides 

e@ Water reacts with group 1 and group 2 
metals to give the metal hydroxide 
and hydrogen. In these reactions, the 
metal is oxidized to a metal cation and 
the water is reduced: 
M— Mtand M > M2t+ 

ein the Bronsted-Lowry theory of acids 
and bases, an acid is defined as a 
substance that donates protons and a 
base as a substance that accepts 
protons. Water acts as both an acid 
and a base. 

e@ Non-metallic oxides dissolve in water 
to form acids: 
H»CO3= H+ + HCO; carbonic acid 
H»SO3— Ht + HSO3 sulfurous acid 


3 The oxides 

e Metal oxides are basic and react with 
acids to form salts and water. 

e@ Non-metallic oxides are acidic or 
neutral. 

e Some metal oxides are amphoteric: 
they react with both acids and alkalis. 
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parters_von-meras | DASIC reactions of sulfur 


1 Reactions of sulfur 








eo sete Oxidizes some elements 
agen sulfur 
hydrogen sulfide sulfur dioxide Ferd > a el 
oxidizing agent sulfuric acid 2Cu + S ———— Cu>S 
redox reaction 
H. +S ———+ HS 
. Reduces other elements elements 
1 Reactions of sulfur 0 SO 
e Sulfur reacts with most metals and 2 2 
hydrogen to form sulfides. Metal IAS) = Cl, Se SCI 
sulfides react with acids to give Reduces some compounds 
h fide: 
goad 3S +2H,SO, —M——— 35051 +2H,0 


FeS(s) + 2HCI(aq) > 
FeCl(aq) + H2S(g) 
e Sulfur combines with non-metals such 
as oxygen and chlorine. 
e Sulfur dioxide is formed by the 


2 The hydrides 


Is a sparingly soluble acidic gas 


reaction between concentrated H2S +H 20 ——— .._ H30* + HS" 
sulfuric acid and sulfur. Is a reducing agent 
2 The hydrides 2H25 ioe : 220 + 351 
e Hydrogen sulfide dissolves in water to Causes precipitation of insoluble metel sulfides 
form a weak acid. CuSO, ate H>S —— Cust oT H2SO, 
e Group 1 metal sulfides are soluble in 
water, however, other metal sulfides 
are only sparingly soluble and form 3 The oxides SO, and SO3 
characteristically colored precipitates. Is a sparingly soluble acidic gas 
Moist lead(Il) ethanoate paper turns SO, ot HO ————SssS H>SO3 


black in the presence of hydrogen rant 
sulfide due to the formation of lead Siegen ciee 

SSS 
sulfide: 2S0> ale O> oo 2S03 


ee eae - SO, +2H23S —— 35] +2H,0 
e Hydrogen sulfide and sulfur dioxide 50, Is very acidic 
undergo a redox reaction to form 2 


elemental sulfur. SO3 a H20 ; H2SO,4 
3 The oxides SO, and SO3 
e Sulfur dioxide dissolves in water to 4 The hydroxy compound 

form sulfurous acid, a weak acid. As a strong acid 
Seas is oxidized to sulfur H>SO, ae HO ————— H30t et HSO; 

a ie idevalecal ; ae As an oxidizing agent 
e Sulfur trioxide dissolves in water to 

form sulfuric acid, a strong acid. 2H2SO, iC CO a 2S0,7 ate 2H20 

Cu +2H»,SO, —M———» CuSO, +S0,T +2H5O0 

4 The hydroxy compound As a dehydrating agent 
e Concentrated sulfuric acid is a strong aes 

oxidizing agent and will oxidize both CH3CH20H H2SO, CH = CH 

metals and non-metals. 170°C 
e Concentrated sulfuric acid is a strong H-SO 

dehyrating agent and will remove D A 

water or the elements of water. Cy2H220n HO = 12€ 

= 2 
cuso,5H,0 —2—*+ cuso 
u ¢ Uu 
4 2 = 5H>O 4 








10° 10° 10° 10° 10° 10°? meters 
‘1 kilometer 1 meter 1 millimeter 1000 nanometer 1 nanometer 


=] gey-Teler-1-) lat-le lle) Microwaves X-rays Cosmic 
eF- Tale, rays 





Ultraviolet Gamma 
(UV) rays 


a tzlet-le Taligclase, 
(IR) 


ier Se ee Sy 


Long Wavelengths 


Taligclaze| 
(IR) 


WV 


Short Wavelenghts 






Ultraviolet 
(UV) 


700 nanometers 600 nanometers 500 nanometers 400 nanometers 


The halogens: group 7 


1 Electron structure 


F 
Cl 
Br 

| 2 


_——————————— | 


8 18 


inner electrons 


2 Halogen atom and molecule 


Halogen atom 


Halogen molecule 


3 Physical properties 
Element Fluorine 
Atomic number 9 


Relative atomic mass | 19.0 


State at 20°C gas 

Color pale yellow 
m.p./ °C -220 

b.p./ °C -188 


Solubility/g per 100g 
of water at 20°C 


reacts readily 
with water 











Chlorine 
ily 
21515) 
gas 
pale green 
-101 
-35 


0.59 (reacts 
slightly 





7 
7 
7 
7 


— 


outer shell 


Bromine 


35 
79.9 
liquid 


red-brown 





lodine 


5S 


R69 


solid 


black 
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astatine fluorine 
bromine halogens 
chlorine iodine 
covalent bond ionic compound 
covalent 
compound 
Halogens 


e The elements of group 7 are 
sometimes referred to as the halogens. 
They are flourine, chlorine, bromine, 
iodine, and astatine. The symbol ‘x’ is 
often used to denote a halogen atom 
and ‘X”’ a halogen ion. 


1 Electron structure 

e@ All halogen atoms have seven 
electrons in their outer shell. 
A halogen atom needs one more 
electron to fill the outer shell, and it 
can obtain this either by forming a 
single covalent bond or by forming an 
ion, X-. Halogens form both covalent 
compounds and ionic compounds. 


2 Halogen atom and 

molecule 

e Halogens exist as diatomic molecules. 
Each atom in the molecule provides a 
single electron to form a covalent 
bond. The result is that each atom has 
control over eight electrons. 


3 Physical properties 

e There is a gradation of physical 
properties going down group 7. 
1. State changes from solid to liquid to 
gas. Bromine is one of only two 
elements that exist as liquids at room 
temperature. 
2. The color darkens from pale yellow 
to black. 
3. Melting point and boiling point 
increase. 

e There is a gradual decrease in 
chemical reactivity going down 
group 7. 

e Fluorine oxidizes water to give oxygen: 
2F> + 2H,0 > 4HF +0, 

e Chlorine reacts less vigorously with 
water, forming an acidic solution: 
C> +H,OSHCI + HOC! 

e Bromine and iodine form solutions in 
water, although the latter is not very 
soluble. 
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bromine 
chlorine 
distillation 
iodine 
oxidation 


oxidizing agent 





1 Laboratory preparation 

of chlorine 

e Chlorine is made in the laboratory by 
the oxidation of concentrated 
hydrochloric acid using a suitable 
oxidizing agent such as manganese 
dioxide (manganese(IV) oxide): 
MnO,(s) + 4HCl(aq) > 

MnClz(aq) + 2HO(1) + Clo(g) 

e The gas is first passed through water 
to remove any hydrogen chloride gas, 
and then through concentrated 
sulfuric acid to dry the gas. Chlorine is 
more dense than air and is collected 
by downward delivery. 

e Chlorine can also be conveniently 
made in the laboratory from bleaching 
powder, using dilute hydrochloric acid: 
Ca(OCl)>(s) + 4HCl(aq) > 

CaCl,(aq) + 2H,O(I) + 2Cl>(g) 


2 Laboratory preparation 
of bromine 
e Bromine is made in a similar way to 
chlorine: 
MnO>(s) + 2NaBr(aq) + 2H SO,(aq) > 
MnSO,(aq) + Na2SO,(aq) 
+2H>O(1) + Bro(g) 
e Because it boils at 59°C, bromine is 
removed from the reaction mixture by 
distillation. 


3 Laboratory preparation 

of iodine 

e lodine is made in a similar way to 
bromine. Hydrogen iodide is made in 
situ by reacting sodium iodide with 
concentrated sulfuric acid: 

MnO>(s) + 2KI(aq) + 2H2SO,(aq) > 
MnSO,(aq) + KzSO,(aq) + 
2H20(1) + I(g) 

e lodine is removed from the reaction 
mixture by sublimation. On heating, it 
changes directly from solid to vapor 
and then back to solid on cooling. 


ee 








° 


£@ 


=, 
+O 


3 Laboratory preparation of iodine 








4o 


Laboratory preparation 
of the halogens 


1 Laboratory preparation of chlorine 











2 Laboratory preparation of bromine 





a concentrated hydrochloric acid 

b manganese dioxide 

c warm gently 

d water to remove HCI fumes 

e concentrated H,SO, to dry Cl, 

f chlorine gas 

g concentrated brine 

h chlorine gas 

i hydrogen gas 

j water 

k concentrated sulfuric acid 

I manganese oxide + sodium bromide 

m warm gently 

p cold water 

o fumes of HBr 

p bromine 

q manganese oxide + potassium iodine 
+ concentrated H,SO, 

s warm gently 

t cold water 


Compounds of chlorine 


1 Chlorine and metals 


Calcium burns 


in chlorine 
chloride 
chlorine 
chlorine 
—> 
calcium 





Aluminum reacts when 
warmed in a stream of 


aluminum 


white smoke 





to fume 


cupboard 


heat 


2 Laboratory preparation of hydrogen chloride 


concentrated sulfuric acid 





sodium chloride 


3 Compounds with non-metals 


ape) 
Cae) 


Carbon tetrachloride (CC1,) 


& 


4 The structure of some 
chlorinated pesticides 








Phosphorus trichloride (PCI5) 


vee 
/ \ 
aid Ye 
We 
GE 







hydrogen chloride 






SLED) “GB, 


Sulfur monochloride (S,CI,) 


Dichlorophenyl- ‘4 De 
trichloroethane DS el 
(DDT) ie cl 
\, 
CIC (€ 
lal (Cll / 
H H 4 
ok vy. Ci eo cliemety 
Cl G e—el GReS eek Clee Car 
i inet ee Ts 
Ec c 2 2 2 2 
aes Cee 
Gly el Ge eon C67 HG" A 
H él Cl H Cl H 
Benzene hexachloride (BHC) Aldrin Dieldrin 
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chloride hydrogen 
chlorine chloride 
covalent sodium chloride 

compound sulfuric acid 
halide 





1 Chlorine and metals 

e Metals, such as calcium, burn in 
chlorine to produce the 
corresponding metal chloride: 
Ca(s) + Cl2(g) - CaCl,(s) 

e Aluminum reacts with chlorine to form 
aluminum chloride: 
2Al(s) + 3Cl2(g) > 2AICI3(s) 

e Unlike many metal chlorides, 
aluminum chloride is hydrolyzed by 
water, giving off hydrogen chloride 
gas: 

AICI3(s) + 3H30(I) > 

Al(OH) 3(s) + 3HCI(g) 
It is for this reason that aluminum 
halides fume when they come into 
contact with moist air. 


2 Laboratory preparation 
of hydrogen chloride 
e Hydrogen chloride is made by the 
reaction of sodium chloride with 
concentrated sulfuric acid: 
NaCl(s) +H jSO,(aq) > 
NaHSO,(s) + HCI(g) 


3 Compounds with 

non-metals 

e Chlorine forms covalent compounds 
with non-metals such as carbon, 
phosphorus, and sulfur. 


4 Pesticides 


© Chlorinated compounds provide a 
range of pesticides. 

© DDT, BHC, Aldrin, and Dieldrin have 
been the source of environmental 
concern, and their use is now 
prohibited or severely restricted. 


© Diagram Visua Informetion Ltd. 


© DiagamVisua Informetion Ltd. 





PAT TERNS—NON-METALS 


carbonate ion 
covalent bond ionic compound 
covalent 
compound 
hydrogen 
chloride 














Hydrogen chloride 

e Hydrogen chloride gas is a covalent 
compound. In solutions in organic 
solvents, it remains a covalent 
compound. It becomes an ionic 
compound in aqueous solutions. 


11In organic solvents 

e!n solution in organic solvents such as 
methylbenzene, hydrogen chloride 
remains a covalent compound. The 
hydrogen atom and the chlorine atom 
each donate one electron to form the 
covalent bond. 

e The solution contains no ions and 
does not conduct electricity. 

e The solution has no effect on blue 
litmus paper or on carbonates, thus 
showing that it is not an acid. 


2 In aqueous solution 

e|n aqueous solution, hydrogen 
chloride becomes an ionic compound. 
The hydrogen atom loses an electron 
to become a hydrogen ion, H+, and 
the chlorine atom gains an electron to 
become a chloride ion, Cr. 

e The solution contains ions and 
conducts electricity. The ions are able 
to carry a charge through the solution. 

e The solution turns blue litmus paper 
red and reacts with carbonates, 
showing that it is an acid: 

Na,CO3(aq) + 2HClI(aq) > 
2NaCl(aq) + CO;(g) +H>0(1) 





Hydrogen chloride 
in solution 


1In organic solvents 


0 


2 In aqueous solution = 


Acid/ base chemistry 
of the halogens 


1 Laboratory preparation of hydrochloric acid 


—> ——p el 


@ @ o 


The level in the 
beaker drops 


The cycle 
starts again 


Hydrogen chloride enters 
water via a filter funnel 


a hydrochloric acid (HCI) 
b plug of liquid in funnel 


2 Solubility of the halogens 
2F> +2H>,O —— 4HF +0, 


Flouorine is so reactive it decomposes water producing hydrofluoric acid and oxygen 


Cl> +H,0 ——= HCI + HOC! 


Chlorine is the next most reactive halogen after fluorine 


3 Chloride test 


solution \. 





silver nitrate 
solution 


Colored precipitation 
proves presence of 
chloride, bromide, 
or iodine 


Dissolve unknown substance, 
adding dilute nitric acid to 
the solution. Add a few drops 
of silver nitrate solution 
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halide oxidizing agent 

hydrochloric acid — reducing agent 

hydrogen silver nitrate 
chloride 

nitric acid 





1 Laboratory preparation of 

hydrochloric acid 

e Hydrochloric acid is made in the 
laboratory by dissolving hydrogen 
chloride gas in water. 

e Hydrogen chloride is very soluble in 
water. It is dissolved by passing 
through an inverted filter funnel, the 
rim of which sits just below the water 
level. When water is sucked into the 
funnel, the water level drops, and the 
funnel rim is no longer submerged. 
This prevents water being sucked back 
into the apparatus. 


2 Solubility of the halogens 
e All halogens are oxidizing agents. 
However, oxidizing power decreases 
down the group: 
fluorine > chlorine > bromine > 
iodine 
e Halide ions are reducing agents. The 
reducing power increases down the 
group: 
fluorine < chlorine < bromine < 
iodine 


3 Chloride test 

e The presence of halide ions in solution 
can be detected by adding a few drops 
of dilute nitric acid followed by 
several drops of silver nitrate solution. 
1. Chloride ions form a white 
precipitate of insoluble silver chloride: 
Ag*(aq) + Cl-(aq) + AgCl(s) 
2. Bromide ions form a cream 
precipitate of insoluble silver bromide: 
Ag*(aq) + Br-(aq) > AgBr(s) 
3. lodide ions form a yellow 
precipitate of insoluble silver iodide: 
Ag*(aq) +1-(aq) > Agl(s) 
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chloride redox reaction 
chlorine sulfur 
noble gases 


oxidizing agent 
reactivity series 





1 Calcium and chlorine 

e When hydrogen sulfide and chlorine 
are mixed, elemental sulfur is formed. 
Chlorine acts as an oxidizing agent 
and oxidizes the hydrogen sulfide by 
removing hydrogen. In turn, the 
chlorine gains hydrogen and is 
reduced to hydrogen chloride: 
8H>2S(g) + 8Cl3(g) > Sg(s) + 16HCI(g) 


2 Chlorine and ferrous 

chloride 

e Chlorine can also be used to oxidize 
iron(Il) to iron(II). When chlorine is 
bubbled into iron(I!) chloride solution, 
the color changes from green to 
yellow-brown, showing the formation 
of iron(IIl). The chlorine atoms are 
reduced to chloride ions: 
2FeCl5(aq) + Clo(g) + 2FeCl3(aq) 


3 Halogens and metals 

e Halogens readily oxidize metals. 
Fluorine oxidizes all metals, including 
gold and silver, easily. 

e Chlorine oxidizes all but the least 
reactive metals. When iron is heated in 
a stream of dry chlorine, iron(II) 
chloride is produced: 
2Fe(s) + 3Cl2(g) > 2FeCl3(s) 

e The ease with which halogens oxidize 
metals decreases down the group, but 
even iodine will slowly oxidize metals 
low in the reactivity series. 


4 Halogens and non-metals 

e Fluorine oxidizes most non-metals 
except nitrogen and most of the noble 
gases. 

e Chlorine reacts directly with 
phosphorus and sulfur, but carbon, 
nitrogen, and oxygen do not react 
directly with chlorine, bromine, or 
iodine. 

e The relative reactivities of the halogens 
in redox reactions with non-metals is 
illustrated at right by their reaction 
with hydrogen. 


Redox reactions of the 
halogens 


1 Calcium burns in chlorine 


chlorine gas ple 


plate 


hydrogen sulfide 
gas 


sulfur coating 
inside gas jars 





Chlorine gas and hydrogen Plate is removed 
sulfide gas are separated 


by plate 


2 Reaction of chlorine with ferrous chloride 







fo 
chlorine gas 


green iron chloride 
solution 





Yellow- brown iron 
chloride solution 


Chlorine gas is passed into 
ferrous chloride solution 


3 Halogens and metals 
iron(Ill) chloride 





oe 
dry chlorine ae | 
Treat 


4 Halogens and non-metals 


Observations 


needs heat and a catalyst 


Reaction 


H2(g) +F2(g) > 2HF(g) 


H2(g) + Br2(g) > 2HBr(g) 
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1 Chemical reactivity of halogens with each other 





displacement 
Chlorine Bromine lodine reaction 
halide 


ee : halogens 
Chloride 4 A immiscible 





1 Reactivity of halogens 

e The chemical reactivity of the 
halogens decreases down group 7: 
fluorine > chlorine > bromine > 

iodine 

eA more reactive halogen will displace 
the ions of a less reactive halogen 
from a metal halide solution. This is 
called a displacement reaction. 


zi 5 : e Chlorine will displace bromide ions 
2 Reaction of chlorine and bromine era iodide anc ton colluont 


e@ Bromine will displace iodide ions from 
oy ; 
—_ —> 


solution. 
shaking 


lodide 





e!na displacement reaction, the 
halogen acts as an oxidizing agent and 
is reduced while the halide ion is 
oxidized. 











colorless solution of 


orange solution of 
chlorine in hexane 


bromine in hexane 2 Chlorine and bromine 

e Chlorine dissolves in the organic 
solvent hexane to give a colorless or 

colorless aqueous slightly green solution, depending on 

eine concentration. 

e@ Hexane is immiscible with water. 
When the two liquids are mixed, 
hexane forms a layer above water. 

e@ When solutions of chlorine in hexane 
and potassium bromide in water are 
shaken together, chlorine displaces 
bromide ions from the aqueous 


3 Reaction of chlorine and iodine solution. Bromine is more soluble in 


hexane than in water, and an orange 
) if \ ( 
colorless solution of “4 , , 
chlorine in hexane 
| 
colorless aqueous 
solution containing 
Kt and I- ions 
EE 


layer of bromine in hexane forms: 
shaking 






colorless aqueous 
solution containing 
Kt and Br ions 





















2KBr + Cl, 4 2KCl +Br, 
2Br +Cl, > 2Cl- +Br, 


3 Chlorine and iodine 

e@ When solutions of chlorine in hexane 
pink/purple solution and potassium iodide in water are 
eee eee shaken together, chlorine displaces 
iodide ions from the aqueous solution. 
lodine is more soluble in hexane than 
in water, and a pink-purple layer of 
iodine in hexane forms: 
2KI +Cly 4 2KCI +15 
2l +Cly 4 2Cl +15 


colorless aqueous 
solution containing 
Kt and Cl- ions 
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aluminum platinum 
copper silver 
gold uranium 
iron zinc 

lead 





1 Gold, sliver, platinum, 

and uranium 

e Gold: South Africa, USA, Canada, 
Russia 

@ Silver: USA, South America 

e Platinum: South Africa, USA, South 
America 

e Uranium: North America, Europe, 
Central and South Africa, Australia 


2 Aluminum and copper 
e Aluminum: South America, Jamaica, 
West Africa, Russia, India, Australia 
e Copper: North America, Central and 

South Africa, Europe, Russia 


3 Iron, zinc, and lead 

elron: North and South America, 
Russia, Europe, Angola, Australia 

e Zinc and lead: USA, Europe, Australia, 
Russia 


World distribution 
of metals 


1 Gold, sliver, platinum, and uranium 






@ gold 

A silver a 

@ platinum al 
@ uranium bad 


o aluminum 
A copper 


B iron 
® zinc and lead eek 





Main ores of metals 


aluminum 
bauxite 


chromium 
chromite 


copper 
chalcopyrite 
bornite 
chalcocite 


iron 
haematite 
magnetite 


lead 
galena 
cerussite 
anglesite 


magnesium 
magnesite 


mercury 
cinnabar 


silver 
argentite 


sodium 
salt 


tin 
cassiterite 


titanium 
rutile 
ilmenite 


uranium 
uraninite 


zinc 
zinc blende 
calamine 





aluminum oxide 


iron chromium oxide 


copper iron sulfide 
copper iron sulfide 
copper(l) sulfide 


iron(Ill) oxide 
iron(Il)iron(IIl) oxide 


lead(Il) sulfide 
lead(Il) carbonate 
lead(Il) sulfate 


magnesium carbonate 


mercury sulfide 


silver sulfide 


sodium chloride 


tin oxide 


titanium oxide 
iron titanium oxide 


uranium oxide 


zinc sulfide 
zinc carbonate 





FeCr50, 


CuFeS, 
CusFeS, 
Cu,S 


Fe,03 
Fe30, 


PbS 
PbCO3 
PbSO, 


MgCO3 


HgS 


Ag 2S 


NaCl 


SnO, 


TiO, 
FeTiO3 


UO, 


ZnS 
ZnCO3 
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grade 
mineral 
ore 
oxide 
sulfide 





Ores 

@ An oreis amineral from which a 
metal (or non-metal) can be extracted. 

e Metal ores are often metal oxides or 
metal sulfides. 

eA metal may be present in a range of 
different minerals, but not all minerals 
will be suitable sources of that metal. 


Recovering ores 

e To be appropriate for mining, an ore 
must contain minerals that are 
valuable and that are concentrated 
enough to be mined profitably. It must 
also be economically viable to extract 
the ore from waste rock. 

e Mineral deposits that are economically 
recoverable are called ore deposits. 
Not all mineral deposits are suitable 
for recovery. Some may be too low in 
grade (the concentration of the ore in 
the rock) or technically impossible to 
extract. 


Formation 

e The process of ore formation is called 
ore genesis. 

e Ore genesis involves a variety of 
geological, internal, hydrothermal, 
metamorphic, and surficial processes. 
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alkali metals radioactive 
boiling point shell 
group 1 

melting point 

orbital 





1 Position in periodic table 

e The group 1 metals occupy the first 
column of the periodic table. 
Historically, they were known as the 
alkali metals because they all react 
with water to give alkaline solutions. 

e The elements include lithium, sodium, 
potassium, rubidium, and cesium. 
Francium lies below cesium in the 
periodic table. However, it is not 
considered when discussing the group 
because it is radioactive, and little is 
known of its chemistry. 


2 Electron-shell structure 

e The electrons surrounding the nucleus 
of an atom are arranged in a series of 
orbitals, areas around the atom where 
there is ahigh probability of finding an 
electron. Orbitals are grouped in a 
series of shells (energy levels) at a 
gradually increasing distance from the 
nucleus. Different orbitals have 
different shapes: s orbitals are 
spherically symmetric; p orbitals point 
in a particular direction; and d orbitals 
have complicated shapes. Scientists 
describe an atom by describing the 
orbital structure. Thus, as the table 
indicates, sodium has 2s orbitals in the 
first shell, 2s and 6p orbitals in the 
second shell, and 1s orbital in the 
third shell. 


3 Physical properties 

e Reading down the group, the melting 
point decreases, the boiling point 
increases, the density increases, and 
the hardness decreases. 


The group 1 metals 


1 Position in the periodic table 


metal reactivity increases 
down the group 


metal reactivity decreases 
Cs > across a period 








2 Electron-shell structure 


energy level 


Li Js22s1 


Is2 252 2p6 3s1 


Rb 
Cs 








3 Physical properties of group | elements 


compared with a typical metal 





Group 1 

element m.p./°C — b.p./ °C 
Lithium Li 180 1336 
Sodium Na 98 883 
Potassium K 64 759 
Rubidium Rb 39 700 
Cesium Cs 29 669 
Typical metal 


K Is2 2s2 2p6 352 3p6 451 


2 


Densi 
/g cm- 


0.53 
0.97 
0.86 
5S 
188 







number of electrons 
in orbital 


type of orbital 


Is2 252 2p6 352 3p 452 3d10 4p6 5s1 


Hardness 
/ Moh 


Is2 252 2p6 352 3p 452 3d10 4p6 5s2 4d10 5p6 6s1 


Conductivity 
Q-lem- 


11700 
23800 
16400 

9100 

2000 














The group 1 metals: 
sodium 


1 Reaction of sodium hydroxide (NaOH) 
with hydrochloric acid (HCI) 
or oxygen 


pipette 


burette 





blue Hydrochloric 
indicator acid 
4 sodium chloride 
indicator turns 
4 reen 
sodium g 
hydroxide b 
solution 


Sodium hydroxide 
solution is placed 


in the beaker Hydrochloric acid 


is introduced into 
the sodium 
hydroxide solution 





Results of the 
reaction 


3 Sodium reacts with nitrogen gas 
sodium 


ie 


4 Commercial preparation of sodium 


nitrogen 
$$ 


chlorine gas 











liquid sodium 


molten sodium 
chloride 











circular 
cathode 








2 Sodium burns 
readily in chlorine 
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acid cathode 

acid-base electrolysis 
indicator salt 

alkali titration 

anode 





1 Reaction of NaOH 

with HCl 

e Group 1 hydroxides are alkalis. 

They can be used to form salts by 
neutralizing them with acidsin a 
process call titration. Sodium chloride 
is made by neutralizing sodium 
hydroxide with hydrochloric acid. 
NaOH + HCl > NaCl +H,0 

eA given volume of sodium hydroxide 
solution is put into a conical flask. 

e A few drops of an acid-base indicator 
are added to the sodium hydroxide 
solution. The indicator is a different 
color in acids and alkalis. 

e Hydrochloric acid is run into the 
sodium hydroxide solution burette 
until the indicator just changes color. 


2 Burning sodium 

e Sodium burns vigorously in chlorine to 
form sodium chloride: 
2Na + Cl, > 2NaCl 

e Sodium also burns vigorously in 
oxygen to form sodium oxide: 
4Na + O5 — 2Na,0 


3 Sodium and nitrogen 

e When heated in a stream of nitrogen, 
sodium reacts to form sodium nitride: 
6Na + Nz > 2Na3N 


4 Preparation of sodium 

e Sodium is obtained by the electrolysis 
of molten sodium chloride in a Downs 
cell. Sodium is discharged at the 
negative electrode (cathode): 
Nat++e-—7Na 
The product at the positive electrode 
(anode) is chlorine gas: 
2Cl > Cly + 2e 
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alkaline earth ionization energy 
metals orbital 

group 2 radioactive 

ion reactivity 





1 Position in periodic table 

e The group 2 metals occupy the second 
column of the periodic table. They 
include beryllium, magnesium, calcium, 
strontium, and barium. Radium, which 
lies below barium, is not usually 
considered when discussing the group 
because it is radioactive. Historically, 
group 2 metals were known as the 
alkaline earth metals because all but 
beryllium react with water to give 
alkaline solutions. 

e The atomic radius and, therefore, the 
size of the atoms increases going 
down the group. 


2 Electron-shell structure 

e Scientists can describe an atom by 
describing its electron-shell structure 
(see page 150). 

eAll group 2 elements form ions by 
losing two outer electrons. The energy 
needed to do this is the sum of the 
first and second ionization energies, 
i.e., the energy needed to remove the 
first electron and the second electron. 

e Going down the group, there is an 
increase in the number of orbitals of 
electrons. This affects the value of the 
ionization energy in two ways: 1) the 
two outer electrons are further from 
the positively charged nucleus, and 2) 
there are more layers of electrons 
between the nucleus and the outer 
electrons, which partially shields the 
outer electrons from the nucleus. 
Consequently, going down the group, 
less energy is needed to remove the 
outer two electrons, and the metals 
become progressively more reactive. 


3 Reactivity 

e As with the group 1 metals, the 
reactivity of the group 2 metals 
increases going down the group. 

e The group 2 metals have similar 
chemical properties as group 1 metals; 
however, the reactivity of group 2 
metals in the same period is less. 


The group 2 metals 


1 Position in the periodic table 











2 Electron-shell structure 


Be 


Sr 
Ba 





Mg 
Ca 


energy level 


1s22s2 


1s? 252 2p6 3s2 


1s? 252 2p6 352 3p6 4s2 


number of electrons 


2 in orbital 
——— 


type of orbital 


1s? 252 2p6 352 3p6 452 3d10 4pé6 5s2 


Is? 252 2p6 3s2 3p 4s2 3d10 4p6 5s2 4d10 5p6 6s2 





3 Reactivity comparison with group | 


2 Li 
3 Na 
4 K 








Be 


Mg 


Ca 


reactivity increases 
going down a group 





reactivity decreases going 


across a period 








The group 2 metals: 
general reactions 


1 Sodium and water 





pH =12 


bubbles 


2Na + 2H,0 = Solution 


2Na(OH) + H+ 


3 Production of “rainwater” 


CO> gas 
— 


Bubble unknown 
gas into limewater 
Ca(OH.) 


gas is CO, 


5 Calcium hydroxide 
[Ca(OH),] test for carbon 
dioxide gas 









milky 
suspension 
CaCO3 


Bubble unknown 
gas into limewater 
Ca(OH,) 


gas is CO, 


CO, P HO | H>CO3 


Result if the 


Result if the 


2 Calcium and water 


pH = 10 





bubbles 


Ca + 2H,0 = 
Ca(OH), nr Hot 


Suspension 


4 Effect of rainfall on 


fresh water 


TET TTT 
PULTTTTLTT TELL | e—<—oh FTITTTETITT TELL 
TTT FTTTTTTT TTT LT TT TL 
TUTTLLE TTT TTT gms, ATT TAT ETL 

















6 Barium chloride (BaCl,) 
test for metal sulfates 





Add barium chloride A white suspension 


dissolved in is produced if the 
hydrochloric acid solution contains 
to the known a sulfate 

solution 
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carbonic acid soluble 
group 2 

hydrochloric acid 

insoluble 





1 Sodium and water 

e Sodium reacts vigorously with water to 
form sodium hydroxide solution (a 
strong alkali) and hydrogen gas. 


2 Calcium and water 

e Calcium reacts less vigorously with 
water than sodium to form calcium 
hydroxide solution and hydrogen gas. 

e Calcium hydroxide is less soluble than 
sodium hydroxide and forms a weak 
alkali solution containing suspended 
particles of undissolved solid. 


3 Rainwater 

e Naturally occurring rainwater is always 
weakly acidic because carbon dioxide 
from the air dissolves in it, forming 
weak carbonic acid, HyCO3. 


4 Effect of rainfall 

e What rain flows over rocks, group 2 
metal compounds dissolve in it, 
resulting in water that contains 
dissolved solids. 

e Magnesium and calcium carbonates 
are effectively insoluble in water, but 
they react with rainwater, because it is 
acidic, to form soluble 
hydrogencarbonates. 


5 Ca(OH), test 

e Limewater, an aqueous solution of 
calcium hydroxide, is used to test for 
carbon dioxide. 

e When carbon dioxide is bubbled into 
limewater, it turns milky due to the 
formation of insoluble calcium 
carbonate, CaCo3. 


6 BaCl, test 

e The test solution is first acidified with 
dilute hydrochloric acid, and a few 
drops of barium chloride solution are 
then added. If the solution contains 
sulfate ions, a white precipitate of 
barium sulfate is formed. 
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actinides tensile strength 

rea a Table to show the electron structures of atoms and ions of 
Guidation Stake elements from scandium to zinc 

shell 





Characteristics of 

transition metals 

e The transition metals are any of the 
metallic elements with an incomplete 
inner electronic structure. While the 
outermost shell contains at most two 
electrons, their next-to-outermost 
shells have incompletely filled orbitals, 
which fill up going across a period. 
The filling is not always regular. 

e The 40 transitional metals are 
organized into four series: The first 
series, shown in the table, runs from 
element 21 (scandium) to element 30 
(zinc) and isin period 4. The second 
series, elements 39 (yttrium) to 48 
(cadmium), is in period 5. The third, 
elements 71 (lanthanum) to 80 
(mercury), is in period 6. The fourth 
series, from 103 (lawrencium) to 112 
(ununbium), is the actinides and 
transactinides. 

e Moving away from the nucleus, 
successive electron shells become 
progressively closer in energy. The 
energy levels of the third and fourth 
orbitals are close in the first series of 
transition metals. 

e The electronic structure of all of the 
elements in period 4 can be written as 
that of the element argon together 
with additional electrons filling the 3d 
and 4s orbitals (see table). 

e Transition metals often have colored 
compounds because their ions contain 
electrons in the 3d orbitals that can 
move between energy levels, giving 
out light. 

e Transition metals tend to have high 
tensile strength (the maximum stress a 
material can withstand without 
breaking), density, and melting and 
boiling points. They have a variety of 
different oxidation states and are 
often good catalysts. 





Element 


Scandium 


Titanium 


Vanadium 


Chromium 


Manganese 


Iron 


Cobalt 


Nickel 


Copper 


Symbol 


Electronic 
structure 
of atom 


(Ar)3d14s2 


(Ar)3d24s2 


(Ar)3d34s2 


(Ar)3d°4s! 


(Ar)3d°4s2 


(Ar)3d°4s2 


(Ar)3d74s2 


(Ar) 3d®4s2 


(Ar)3d!4s1 


(Ar)3d94s2 


Common 
ion 


ated aelal (a 
structure 
of ion 


(Ar) 


(Ar) 


(Ar)3d2 


(Ar)3d3 


(Ar)3d° 


(Ar)3d® 


(Ar)3d° 


(Ar)3d/ 


(Ar) 308 


(Ar)3d0 


(Ar)3d9 


(Ar)3d?° 








(Ar) = electron structure of argon 


Note: As the shells of electrons get further and further from the nucleus successive shells 
become closer in energy 


The transition metals: 
ionization energies and 
physical properties 


1 Graphs showing the second and third ionization energies of 
the elements from scandium to zinc 








4000 
third ionization Zn 
energy Ctl 
3500 Ni 
Co 
3000 
A 
Y 
2500 
SG 
2000 su 
1500 7 second ionization 
Sc energy 
1000 
500 








20 22 24 26 28 30 32 


Atomic number 


2 Physical properties of the elements from scandium to zinc 






























Atomic 
radius/nm 


Element lonic radius/nm 


M2t+ M3+ 


m.p./ °C b.p./°C_ —_ Density/ 


gcm-3 


Scandium Sc 

Titanium — Ti 0.5 1680 3260 4.5 0.090 0.076 
Vanadium V 0.14 1900 3400 6.1 0.088 0.074 
Chromium Cr 0.B 1890 2480 de 0.084 0.069 
Manganese Mn __O0..14 12240 2100 74 0.080 0.066 
Iron Fe 0O.B 1540 3000 7.9 0.076 0.064 
Cobalt Commons 1500 2900 8.9 0.074 0.063 
Nickel Ni 0.B 1450 2730 8.9 0.072 0.062 
Copper Cup Ons 1080 2600 8.9 0.070 

Zinc Zn 
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1 lonization energies 

e lonization energy is the energy 
needed to remove an electron from a 
neutral gaseous atom or ion against 
the attraction of the nucleus. 

e The second ionization energy is the 
energy needed to go from Mt to M2+, 
(where M = metal), and the third 
ionization energy is the energy needed 
to go from M2+ to M3+, 

e The second ionization energy 
increases across period 4 because 
there is an increasing positive charge 
on the nucleus of the ion, making it 
increasingly more difficult to remove 
the second electron. 

e The third ionization energy for all 
elements is significantly higher than 
the second. Removal of the second 
electron results in a greater net 
difference between the positive charge 
on the nucleus of the ion and the 
negative charge surrounding it, so it 
requires more energy to remove a 
third electron. 


2 Physical properties 

e Like other metals, transition metals 
are good conductors of both heat and 
electricity. 

e The transition metals in general have 
higher melting points and boiling 
points than groups 1 and 2 metals. 

e The atomic radii and ionic radii for the 
M2+ jon decrease across period 4 
because the increasing positive charge 
on the nucleus of the atom and of the 
ion provides a greater attraction for 
the surrounding electrons. 
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alkali electrolyte 
aluminum filtrate 
amphoteric ore 
cryolite precipitate 





1 Extraction 

e Bauxite, the ore from which 
aluminum is obtained, contains 
impurities, principally iron(II) oxide 
(Fe,03), that must be removed before 
the ore can be processed to obtain 
aluminum. 

e Aluminum oxide is an amphoteric 
oxide (it reacts with both acids and 
alkalis). After grinding, the ore is 
mixed with an excess of sodium 
hydroxide solution, forming sodium 
tetrahydroxoaluminate(III) solution. 

elron(Ill) oxide and the other 
impurities remain undissolved in the 
sodium hydroxide solution and are 
filtered off. 

e The filtrate, containing sodium 
tetrahydroxoaluminate(III), is 
transferred into a precipitation tank, 
where the solution decomposes, 
giving a precipitate of pure solid 
aluminum oxide. 


2 Manufacture 

e Aluminum oxide is reduced by 
electrolysis in a Hall-H érault cell. 

e For electrolysis to occur, the 
electrolyte must be molten so that the 
ions are mobile and able carry electric 
charge. The electrolyte consists of a 
solution of aluminum oxide and 
molten cryolite (a compound of 
aluminum fluoride and sodium 
fluoride). 

e Aluminum oxide dissociates in the 
cryolite solution, giving aluminum 
ions, Al3+, and oxide ions, O2. 

e Aluminum ions are reduced to 
aluminum metal, which is tapped off 
molten from the bottom of the cell. 
Oxide ions are oxidized to oxygen. 

e The graphite anode readily reacts with 
the oxygen produced to give carbon 
dioxide. The graphite anode is 
gradually eaten away and must be 
replaced at regular intervals. 


| Aluminum 


1 Extraction of pure aluminum oxide (Al,03) 
Addition of 


C) NaOH solution 


Filter to remove 
Fe,03 and other 
insoluble matter 


Bauxite 
(impure Al,03) 








Reactor 


__=> 
ri Al(OH); 


precipitate 
Seed crystals or 
carbon dioxide 


Filter to 
obtain Al(OH)3 











ene Solid Al(OH); 
Lo, > — 

decompose Pure Alz03 
Al(OH); 


2 The electrolytic manufacture of aluminum 








a graphite anodes 
b solid crust of electrolyte 
c molten electrolyte 
(aluminum oxide dissolved in cryolite) 


d molten aluminum oxide 

e tapping hole 

f graphite lining to cell (cathode) 
g insulation 


lron: smelting 


1 The blast furnace 


iron ore, coke, and limestone 


hot gas 
outlet 






burning coke acts as 
a reducing agent 





























molten slag 





tty hot air 
molten iron 


outlet 


molten iron 


2 Table of impurities of pig iron 








Impurity % impurity 
in pig iron 
Carbon 3to5 
Silicon 1to 2 
Sulfur 0.05 to 0.10 
Phosphorus ORO SitOMES 
Manganese 0.5 to LO 
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1 The blast furnace 
elron ores such as hematite and 


magnetite contain oxygen. To create 
pure iron, the ores are smelted in a 
blast furnace to remove the oxygen. 


eA charge of iron ore, limestone, and 
coke is fed into the top of the furnace, 


and hot air is blown in toward the 
bottom through pipes called tuyeres. 


e The coke is used as a fuel, asa 


reducing agent, and also to supply 


carbon, which dissolves in the molten 


iron formed. 


e The limestone acts as a flux (cleaning 


agent), combining with acidic 
impurities in the iron ore to forma 
liquid slag (the waste produce of 
smelting). 


e Molten iron falls to the bottom of the 


furnace, where it is tapped. 


e Molten slag floats on the molten iron 


and is drawn off. 


e Hot gases (carbon monoxide, carbon 


dioxide, sulfur dioxide, nitrogen, and 


unreacted oxygen) are removed at the 


top of the furnace. 


e@ The conversion of iron oxide to iron is 
areduction. The main reducing agent 


is carbon monoxide. 


elron oxide is reduced to iron by 


carbon monoxide, which itself is 
oxidized to carbon dioxide. 


e The temperature inside the blast 


furnace is sufficient to decompose 
limestone into calcium oxide and 
carbon dioxide. Calcium oxide then 
combines with impurities such as 
silicon dioxide to form slag. 


2 Impurities 

e The iron that leaves the blast furnace 
(called pig iron) contains a variable 
amount of impurities, including 
carbon, silicon, sulfur, phosphorus, 
and manganese. 
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1 Basic oxygen process 

e Steel is an alloy of iron, carbon, and 
other metals and non-metals. 

ein the basic oxygen process, the 
furnace is charged with controlled 
amounts of steel scrap and molten 
iron from a blast furnace. An oxygen 
lance, cooled by circulating water, is 
lowered into the furnace, and high 
purity oxygen is injected into the 
vessel at twice the speed of sound. 
Impurities are readily oxidized. Molten 
iron is also oxidized. 

e With the exception of carbon 
monoxide, the remaining oxides all 
react with calcium oxide, which is 
added during the oxygen blow, to form 
aslag. 

e The resulting steel is highly oxidized 
and not suitable for casting. It is 
deoxidized by adding controlled 
amounts of aluminum and silicon in a 
separate reaction vessel. Additional 
metals and non-metals are added at 
this point to make different types of 
steel. 


2 Electric arc furnace 

e The electric arc furnace process uses 
only cold scrap metal. The furnace is a 
circular bath with a moveable roof 
through which carbon electrodes can 
be raised or lowered as required. 

e Scrap steel is placed in the furnace, 
the roof closed, and the electrodes 
lowered into position. When a current 
is passed, an arc forms between the 
scrap steel and the electrodes, and the 
heat generated melts the scrap steel. 

e Lime, fluorspar, and iron ore are 
added, and these combine with 
impurities forming aslag. When the 
steel has reached the correct 
composition, the slag is poured off, 
and the steel is tapped from the 
furnace. 








The manufacture of steel 


1 Basic oxygen process 


tuyeres 
(pipes) 





[compresses air 
enters here 


Charging the converter Position during blowing 





Discharging the slag 


Discharging the steel 


2 Electric arc furnace 


graphite electrodes 


power cables 












refractory lining 


swivel roof 
water-cooled furnace roof 





water-cooled panels 





furnace refractory lining 


furnace door tapping spout 


steel scrap 


Rusting 


1 Rust experiment 











Tube A Tube B Tube C 
anhydrous 
calcium 
chloride 
iron 
nail 
ee water 
No rust No rust Rust 
2 Chemical process 
dissolved oxygen air 
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Rusting 

e Rusting is the result of a chemical cell 
being formed on the surface of iron 
when it is in contact with water and 
oxygen from the air. 


1 Rust experiment 

e The experiment at left proves that 
both water and oxygen are needed for 
rusting. 

e Tube A: When water is boiled, the air it 
contains is expelled, and oil prevents 
any air redissolving in the water. The 
nail is exposed to water but not 
oxygen and does not rust. 

e Tube B: Anhydrous calcium chloride 
removes moisture from the air. The 
nail is exposed to oxygen but not 
water and does not rust. 

e Tube C: The nail is exposed to both 
water and oxygen, and rust forms 
on it. 


2 Chemical process 

e|ron atoms are oxidized to form first 
iron(II) ions, Fe2+, and then iron(II!) 
ions, Fe3+, present in rust, Fe,03.xH0. 

e Oxygen is reduced and combined with 
water to form hydroxide ions, OH-. 


3 Rust prevention 

e Most methods of rust prevention 
involve stopping iron or, more 
commonly, steel from coming into 
contact with water and/or oxygen in 
air. These methods include painting, 
greasing, coating in plastic, coating in 
zinc (galvanizing), and coating in tin. 

e Sacrificial protection involves bolting 
blocks of a more reactive metal, such 
as magnesium, to a steel structure. 
The magnesium will oxidize more 
readily than the iron and will thus 
“sacrifice itself” in order to prevent 
iron from rusting. 
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1 Matte smelting 

e Matte smelting is used to produce a 
liquid sulfide phase (matte) containing 
as much copper as possible, and an 
immiscible liquid slag, which contains 
virtually no copper. 

e Copper sulfide ores, such as 
chalcopyrite (CuFeS>) are mixed with 
sand and blown into the flash furnace: 
ACuFeS>(s) +50>(g) + 2Si03(s) > 

2Cu2S.FeS(l) + 2FeSiO3(1) + 4S0>(g) 
“matte slag 

e As the iron content of the matte falls 
to about 1 percent, copper starts to 
form. This product is called “blister 
copper” and is 98-99.5 percent pure. 
It is porous and brittle and requires 
further refining to be commercially 
useful. 

e Blister copper is melted to drive off 
sulfur dioxide, and air is blown 
through it to remove any sulfur. The 
impure copper is cast into anodes for 
electro-refining. 





2 Electro-refining 

e|n electro-refining, a large impure 
copper anode and a small pure copper 
cathode are suspended in an 
electrolyte consisting of copper(II) 
sulfate solution and sulfuric acid. 

e At the anode, copper atoms are 
oxidized to copper ions and pass into 
solution. The anode gradually 
becomes smaller: 

Cu(s) > Cu2+(aq) + 2e 

e At the cathode, copper ions are 
removed from solution as they are 
reduced to copper atoms. The cathode 
gradually becomes larger: 

Cu2+(aq) + 2e — Cu(s) 

e|mpurities that are insoluble in the 
electrolyte fall to the bottom of the 
cell. These may include gold, silver, 
platinum, and tin, and in some 
circumstances may be more valuable 
than the copper produced. 





Copper smelting and 
converting 


1 Matte smelting 






gas exit <— 


sand and ore 
concentrate 


sand and ore 
concentrate 





slag 


2 Electro-refining 


+ = 


anode cathode 


solution of 
copper (II) 
sulfate and 
sulfuric acid 


impure 
copper 
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pure 
copper 
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impurities (including gold, 
silver, platinum, and tin) 





Reactions of copper 


C u2t 
C) doubly ionized copper 


Dilute acids 





Dissolved 
H+ (aq) 


CuO 


black copper 


Concentrated nitric 
or sulfuric acid 





Cu,0 














Concentrated 
hydrochloric 
Air acid 
(Slow 
tarnishing) 







Dilute 
strong 
acids 
CuCO3.Cu(OH)> CuCl 
green patina white, 
insoluble 
copper 
Heat chloride 
in dry 
chlorine 
no reaction 


© cucl, 


brown copper chloride 


red, insoluble 


Heat in air oxide Heat in air copper oxide 
at 800° O above 1,000° @ 
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Reactions of copper 

e Copper is atransition metal. Its 
normal oxidation state is copper(II), 
Cu2+, but it also forms some copper(!), 
Cut, compounds. Copper is a relatively 
unreactive metal. It does not react 
with dilute strong acids, water, or 
steam. 

e@ When heated in air at 800°C, copper is 
oxidized to black copper(I!) oxide: 
2Cu(s) + O2(g) + 2CuO(s) 

At temperatures over 1,000°C, red 
copper(|) oxide is formed: 

4Cu(s) + 05(g) 4 2Cu0(s) 

Both oxides react with dilute acids to 
form copper(I!) salts. 

e When heated in chlorine, copper 
forms brown copper(I!) chloride. 
Cu(s) + Clo(g) + CuCl(s) 

e White copper(I) chloride also exists 
and can be made by strongly heating 
copper(I) chloride: 
2CuCl>(s) > 2CuCl(s) + Clo(g) 

It is also formed by the reaction of 
copper(II) oxide with concentrated 
hydrochloric acid via an complex ion, 
[CuCly]. When a solution containing 
this ion is poured into water, 
copper(!) chloride is precipitated. 

e Copper tarnishes slowly in air, forming 
basic copper(II) carbonate, a 
compound of copper(II) carbonate, 
and copper(II) hydroxide, 
CuCO3.Cu(OH)5. It is this compound 
that produces the green coloration, 
referred to as patina, on weathered 
copper. 

e Copper reacts with both concentrated 
nitric and concentrated sulfuric acid. 
Both of these concentrated acids are 
powerful oxidizing agents and react 
with copper in a different way than a 
dilute acid reacts with a metal. Copper 
does not react with dilute acids. 

With concentrated sulfuric acid: 
Cu(s) + 2H»SO,(I) > 

CuSO,(aq) + 2H,O(1) + SO>(g) 
With concentrated nitric acid: 
Cu(s) +4HNO3 > 

Cu(NO3)>(aq) +2H>O(I) + 2NO>(g) 
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aluminum iron 

amphoteric oxidation state 

carbonate oxide 

copper transition metals 

hydroxide valency 
Reactivity 


e Aluminum is the most reactive and 
copper is least reactive of the three 
metals. 

e All three metals react directly with 
non-metals. 


Oxides 

e Aluminum has one oxide, Al,03, which 
is amphoteric and thus reacts with 
both acids and alkalis. Iron has three 
oxides: FeO, Fe,03, and Fe30,. Copper 
has two: Cu,0 and CuO. All metal 
oxides react with dilute acids to form 
salts and water. 


Hydroxides 

e Aluminum hydroxide, like aluminum 
oxide, is amphoteric. Iron forms two 
hydroxides by the addition of sodium 
hydroxide solution to solutions of its 
Salts. Iron(II) salts produce a dirty 
green precipitate of iron(II) hydroxide, 
while iron(III) salts produce a red- 
brown precipitate of iron(II!) 
hydroxide. Copper(Il) hydroxide 
forms as a blue precipitate when 
sodium hydroxide is added to a 
solution of a copper salt. 

e All metal hydroxides react with alkalis 
to give metal salts and water. 


Carbonates 

e@ Aluminum and iron(II!) do not form 
carbonates. Iron(Il) carbonate and 
copper(II) carbonate decompose on 
heating to the corresponding metal 
oxide with the loss of carbon dioxide 
gas. The carbonates also react with 
dilute acids to forms metal salts, 
carbon dioxide, and water. 


Valency 

e Aluminum is in group 3 of the periodic 
table and exhibits only one oxidation 
state, + 3, in its compounds. Iron and 
copper are both transition metals and 
exhibit two oxidation states in their 
compounds. 





Reaction Summary: 
aluminum, iron, and 
copper 

fata 


Preparation Electrolysis of aluminum oxide 

Al3+ + 3e = Al at cathode 
4A| + 302 > 2Al203 oxide layer formed 
2Al + 3Cly > AlCl 
2Al + 3H2SO, > Alo(SO4)3 + 3H 
Al203 + 3H2SO, > Alz(SOq)3 + 3H2O0 
Al203(S) + 2NaOH(aq) — Na[Al(OH),4](aq) 


Reaction of elements 


Oxide 

















| Change of valency Only on oxi 





Chemical reduction in blast furnace 
Fe,03 + 3CO > 2Fe + 3CO, 

2Fe + 2H50 +O, > 2Fe(OH), rust 

Fe + 2HCI > FeCl, +H, 

2Fe + 3Cl, — 2FeCl; 

Fe +S —> FeS 

Fe +H,SO, — FeSO, +H, 

FeO +H,SO, > FeSO, +H,0 

Fe,03 + 3H,SO, > Fe,(SO,)3 + 3H,0 


Preparation 


Reaction of elements 


Oxide 














Change of valency 2Fe?t, +Clyg) > 2Fetiyy + 2Cliagy 


Preparation Thermal decomposition in furnace 

Cu,S “5 2Cu +S0, 

2Cu +O, > 2CuO 

Cu +Cl, > CuCl, 

2Cu +S > Cu,S 

CuCl, +H SO, > no reaction with dilute acid 

Cu + 2H,SO, > CuSO, +SO, +2H,0 with conc. acid 


CuO + H>SO, = CuSO, aP HO 





Reaction of elements 





Oxide 











it | Tea ay ae omer 1 
g) > 2CUiag) + lois) then Cufag + lag > Culs) 


Change of valency 





The extraction of metals ee eee 
from their ores 





electrolysis 
ore 
reactivity series 


Metal (Date of discovery) Mainore from which Main method of ; 
reduction 


Ranked from highest to it is obtained extraction 





lowest in reactivity series 





Extraction of metals 
e@ The ease with which a metal is 


Sodium (1807) Rock salt Electrolysis of obtained from its ore is directly related 
Group 1 Nacl FAG icennlaG! to its position in the reactivity series 
of metals. 


Electrolytic reduction 

e@ All of the group 1 and group 2 metals 
Group 2 MgCO3 and Mg2+ molten MgCl5 and aluminum from group 3 are 
reactive metals and in the upper half 
of the reactivity series. They cannot be 
obtained from their ores by chemical 
reduction, i.e., by heating the ore with 
a reducing agent such as carbon 
Group 3 Al,03.2H30 in molten cryolite monoxide or carbon. These metals can 
only be obtained by electrolytic 


Magnesium (1808) Magnesite Electrolysis of 


ions in seawater 


Aluminum (1827) Bauxite Electrolysis of Al,03 


(Neel) reduction or electrolysis. 
e Consequently, it was impossible to 
: ‘ oe oe ete obtain these metals before the 
Zinc (1746) Zinc blende Heat sulfide in air > ; 
discovery and development of 
Transition metal ZnS oxide. Dissolve oxide electricity at the end of the eighteenth 


century. All of these metals were first 
made in the early years of the 
nineteenth century, several by English 
chemist Sir Humphrey Davy. 


in HySOz,, electrolyze 


Iron (ancient) Hematite Reduce Fe 03 with 


Transition metal Fe,03 carbon monoxide Heating 

e Zinc oxide and iron oxide are reduced 
by heating with carbon monoxide. 

Tin (ancient) Tinstone Reduce SnO> with Although zinc can be obtained by 

chemical reduction, approximately 80 


cue sn02 carson percent of the world’s annual 
production is, in fact, obtained by 
: ee eee electrolysis. 
Lead (ancient) Galena Heat sulfide in air > mall or theimictale Pomnitoncand below 
Group 4 PbS oxide. Reduce oxide in the reactivity series are relatively 
: easy to obtain from their ores by 
with carbon camel 
elron is obtained by reduction with 
; : : carbon monoxide 
Copper (ancient) Copper pyrites Controlled heating Sula le aaained soredistion with 
Transition metal CuFeS, with correct amount carbon 
A e Lead is obtained by heating lead 
(CuS + Fes) of air > Cu +50, sulfide in air to produce an oxide, 
which is then reduced with carbon. 
‘ ; abe e Copper is obtained by controlled 
Mercury (ancient) Clans Pica mel =) heating with the correct amount of air 
Transition metal HgS Hg +SO5 e Mercury is obtained by heating in air. 
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Reactivity summary: 
metals 





oxide 
reactivity 
reactivity series 





Reactivity summary 
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| : Reaction with 05,4) form oxides burn with do not burn, do not burn 
e Metals can be arranged in on heating (e.g.,Na,0) in decreasing but only or oxidize 
order of their reactivity, limited supplies vigor to. form a surface on surface 
starting with the most reactive. of Op, but form oxides layer of oxide 
This is called the reactivi alae ae 
is is called the reac ivity (eg., Na,0>) 
series. The relative reactivity of with excess O, 
metals is reflected through all 
of their chemistry. 
eheiti| & ce rp ng 
Reaction with oxygen mole of 0, to form K,0 723 | CaO 1272 | PbO 436 | Ag,O 61 
e Metals at the top of the oxide shown / kJ Na Mg Cu Pt 
reactivity series readily burn in Na20 832 | MgO ge) CuO 31 | 
oxygen. Less reactive metals do al 6 a tea ee Au Bi 
not burn but form a surface ALOE 00? ee 
: Zn 
layer of oxide. Metals at the ZnO 697 
bottom of the reactivity series ae 
a e 
are not oxidized by Fe,0; 548 
atmospheric oxygen. aa 
Reaction with cold 
water 
CLUS acdc wel Ou as Reaction with displace Hg) displace Hg) do not displace do not displace 


reactivity series react readily 
with cold water but with 
decreasing vigor down to 
magnesium. The metals below 
magnesium do not react with 
cold water. 


Reaction with steam 

e Metals react more vigorously 
with steam than with cold 
water. All of the metals down 
to iron react with steam with 
decreasing vigor. The metals 
below iron do not react with 
steam. 


Reaction with dilute 

acid 

@ All of the metals down to lead 
react with dilute acids, with 
decreasing vigor. The metals 
below lead do not react with 
dilute acids. 


cold water 


Reaction with 
steam 


Reaction with 
dilute acid 





from cold water 
with decreasing 
reactivity 

K, violently 


displace H(g) 

from steam with 
decreasing vigor 
K, very violently 


displace H3,g) 
from dilute 

acid with 
decreasing vigor 
K, explosively 





from cold water 
with decreasing 
reactivity 

Mg, very slowly 


displace Hg) 
from steam with 
decreasing vigor 
Fe, very slowly) 


Mg,very vigorous 
Fe,steadily 





Hg) from 
cold water 


do not displace 
Hg) from steam 


do not displace 
Hq) from 
dilute acid 


Pb, very slowly 





H(q) from 
cold water 


do not displace 
H(q) from steam 


do not displace 
H3(g) from 
dilute acid 





Tests on metals: 
flame test 


1 Flame test 





platinum or nichrome wire 







sample 


2 Table of flame coloration 


Color of flame Likely ion present 


tc fk | potas 
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ion 
salt 
solution 





1 Flame test 

e Several metal ions produce 
characteristic colors when introduced 
to a bunsen flame either as a solid or 
as a solution of asalt. 

eA clean platinum or nichrome wire is 
dipped in concentrated hydrochloric 
acid and then into the solid or 
solution. 

e The sample is introduced to the 
middle of a non-luminous bunsen 
flame. 


2 Flame coloration 

e The following metals produce the 
following colors in the flame test: 
barium: apple green 
calcium: brick red 
copper: blue-green 
lithium: red 
potassium: lilac 
sodium: orange-yellow 
strontium: crimson 

e The lilac color of potassium is 
sometimes difficult to see and is better 
observed through blue glass that 
makes the flame appear purple. 

e The orange-yellow color of sodium is 
very intense and may mask the color 
of other metal ions present. 
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transition metals 


amphoteric 
hydroxide 
precipitate 

salt 

sodium hydroxide 





1 Producing the hydroxide 

e Group 1 metal hydroxides are very 
soluble and form strong alkaline 
solutions. Group 2 metal hydroxides 
are less soluble but still dissolve 
sufficiently to form weak alkaline 
solutions. All other metals form 
insoluble hydroxides. If several drops 
of sodium hydroxide (NaOH) solution 
are added to a solution of a metal salt, 
a precipitate, often gelatinous, is 
formed. Care must be taken when 
carrying out this reaction because 
some metals form precipitates that 
redissolve in excess sodium hydroxide 
solution. If sodium hydroxide solution 
is added too quickly, the initial 
precipitate may not be seen. 


2 The reactions 

e The reactions of metal salt solutions 
with sodium hydroxide solution can be 
used to identify the metal. 

e Aluminum, zinc, and lead hydroxides 
are all amphoteric. When sodium 
hydroxide solution is added to 
solutions of salts of these metals, an 
initial white precipitate is formed. 
However, if excess sodium hydroxide 
solution is added, the precipitate 
dissolves, forming a solution of a 
soluble complex compound. 
Al(OH)3(s) + NaOH(aq) > 

Nal Al(OH) 4](aq) 
sodium tetrahydroxoaluminate( III) 


Zn(OH)>(s) +2NaOH(aq) > 
Naa[Zn(OH)4](aq) 
sodium tetrahydroxozincate(I|) 


Pb(OH)>(s) + 2NaOH(aq) > 
Na>[Pb(OH),4](aq) 
sodium tetrahydroxoplumbate(I). 
elron and copper are transition metals 
and form characteristic colored 
precipitates with sodium hydroxide 
solution. 








Tests on metals: 
metal hydroxides 


1 Producing the hydroxide from the metallic salt 


N a few drops of NaOH 





metal salt 
solution 





Add a small amount of NaOH 
to metal salt solution 


2 The reactions 


insoluble metal 
hydroxide 





A jelly-like solid forms 


Zinc nitrate — white precipitate of zinc hydroxide 
Zn(NO3)> + 2NaOH > 2NaNO3 + Zn(OH)> 1 





lron(Il) nitrate — green precipitate of iron(II!) hydroxide 
Fe(NO3)> + 2NaOH — 2NaNO3 + Fe(OH), 


lron(IIl) nitrate — rust-brown precipitate of iron(III) hydroxide 
Fe(NO3)3 + 3NaOH > 3NaNO3 + Fe(OH); J 











Tests on metals: 
metal ions 





Reacations with reagents 


e@ In addition to flame tests and the 
properties of their hydroxides, 


solution can be demonstrated by their 


reactions with particular reagents. 


the presence of some metal ions in 


Metal ion in solution 


Alumnum 


/A\8* 


Barium 


Rae 


Iron(Il) 


[E@ar 


To the test solution 


Add lor 2 drops of litmus solution 
followed by dilute hydrochloric acid 
until the mixture is just acidic. Then 
add ammonia solution until just 
alkaline. 


Add several drops of potassium 
chromate solution. 


Add several drops of potassium 
hexacyanoferrate(II1) solution. 
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hydroxide 
reagent 





Positive result 


Blue lake - a gelatinous precipitate 
of aluminum hydroxide - is formed, 
and this absorbs the litmus, leaving 
the solution almost colorless. 


A yellow precipitate of barium 
chromate. Lead ions also give a yellow 
precipitate, but lead chromate is 
deeper yellow and turns orange on 
heating. 


A deep blue solution is formed. 





lron(II1) 


Fes 4 


Lead 


Pina 


Add several drops of ammonium 


Add several drops of potassium iodide 
solution. 


Add ammonium chloride and 
ammonia solution, then pass hydrogen 
sulfide through the mixture. 


- Deep blood-red coloration. 


A yellow precipitate of lead(II) iodide. 


A white, or more often dirty white, 
precipitate of zinc sulfide. 
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alloy iron 

aluminum lead 

copper reactivity series 
ductile zinc 

galvanizing 





Uses of metals 

e The uses of metals are related to both 
their physical and chemical properties. 
The physical properties of a metal are 
sometimes altered by mixing it with 
other metals or non-metals to form 
alloys. 


Aluminum 

e Aluminum has a low density but is too 
soft for many applications. It is 
frequently used as duralumin (an alloy 
of aluminum and copper) asa 
structural material in the manufacture 
of airplanes. 


Zinc 

e Zinc is above iron in the reactivity 
series. During galvanizing, iron is 
dipped in molten zinc, and the layer of 
zinc formed on the iron protects it 
from rusting. If the galvanized iron is 
scratched, exposing the iron, an 
electrolytic cell forms between the 
iron and zinc, and the zinc corrodes in 
preference to the iron. 


Iron 

elron is used for all sorts of structures, 
most often as steel (an alloy of iron 
and carbon). The one serious problem 
with iron and steel is that they rust on 
exposure to water and oxygen in the 
air. 


Lead 

e Lead has a high density and is 
impervious to water, so it used as 
flashing on roofs. It is also used as in 
the manufacture of car batteries. In 
the past, before its toxic nature was 
understood, lead was also used for 
water pipes and in paints. Solder (an 
alloy of lead and tin) is widely used to 
join copper wires and copper pipes. 





Uses of metals 


Metal 























Aluminum 


Lead 





e@ Copper is very ductile and can be easily 
drawn into wires. It is a good conductor of 





Use 


Structural material for 
ships, planes, cars, 
cookware 

Electric cables 


Coating (galvanizing) 
steel 


Alloys: 
brass (Zn/Cu) 
bronze (Zn/Sn/ Cu) 


Structural material for 
all industries (in the 
form of steel) 


Roofing 
Car batteries 


Solder (Pb/Sn alloy) 


Reason 


Strong but light; oxide 
layer prevents 
corrosion. 

Light, but good 
conductor. 


Reactive — gives 
sacrificial protection 
to iron; does not 
corrode easily. 
Modifies the 
properties of the other 
elements. 


Strong and cheap; 
properties can be 
made suitable by 

alloying. 


Very malleable and 
does not corrode. 
Design of battery 
makes recharging 
possible. 

Low melting point. 


react with water and is a good conductor 


electricity and is used for the conducting radiators. 
parts of electric cables. Copper does not 


of heat. It is used for water pipes and 








Reactivity of metals 1 


1 Forming oxides and chlorides 


QW -- 
dd 


2 Forming hydroxides 









a oxygen or chlorine 
b burning piece of reactive metal 


c calcium 

d cold water 

e inverted filter funnel 
f hydrogen 


g water 

h safety tube 
i steam 
j magnesium ribbon 
k hydrogen ignites 

| heat 








CHEMICAL REACTIONS 





alkali hydroxide 
calcium magnesium 
chloride oxide 
copper sodium 
iron 





1 Forming oxides and 

chlorides 

e Most metals react with air to form 
metal oxides. Reactive metals like 
magnesium burn, producing light and 
heat. Less reactive metals like copper 
simply change color on heating: 
2Mg(s) + O2(g) + 2MgO(s) 
2Cu(s) + O07 + 2CuO(s) 

e Metals will also form chlorides when 
heated in chlorine: 
Mg(s) + Cl2(g) + MgClp(s) 
Cu(s) + Cly + CuCl>(s) 


2 Forming hydroxides 
e Very reactive metals like calcium and 
sodium react with water to form 
solutions of metal hydroxides and 
hydrogen gas: 
Ca(s) + 2HO(!) > 
Ca(OH) (aq) + H>(g) 
2Na(s) + 2H,O(I) > 
2NaOH(aq) + H>(g) 
e Calcium hydroxide is less soluble in 
water and forms a weak alkali. 
e Sodium hydroxide is very soluble in 
water and forms a strong alkali. 


3 Less reactive metals 

e Less reactive metals, which react with 
water very slowly or not at all, react 
with steam to form metal oxides and 
hydrogen gas. 

e Magnesium reacts very slowly with 
water but readily with steam: 
Mg(s) +H 20(g) + MgO(s) + H3(g) 

elron does not react with water but 
reacts with steam to form iron(II) 
diiron(IIl) oxide: 
3Fe(s) + 4H,O(g) + Fe30,(s) + 4H>(g) 

e The least reactive metals, such as 
copper, do not react with water or 
steam. 
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1 Reactions of metal compounds 





anode reactivity series 
carbonate sulfuric acid 
cathode 

limewater 

oxide 





1 Metal compounds 

e The oxides of metals that are low in 
the reactivity series, like copper, can 
be reduced by heating them in a 
stream of hydrogen gas. Reduction of oxides 

eAll group 1 metal carbonates, with the a hydrogen 


: eee b combustion tube clamped to 
exception of lithium carbonate, are not slope downward 





decomposed on heating. All other c metallic oxide 
metal carbonates decompose on d porcelain Lee : 

A A fi e moisture collects here 
heating, forming the metal oxide and f ivlogeniignied 
carbon dioxide gas: g heat 


LizCO3(s) > Li,O(s) + CO2(g) 
MgCO3(s) + MgO(s) + CO (g) iat era aa 
CuCO3(s) + CuO(s) + CO2(9) t i carbon dioxide 
e Carbon dioxide gas is more dense than Cg) j limewater 
air and can be poured from one test 
tube into another. Carbon dioxide 


turns limewater milky. 2 Generation of electric current by mechanical reaction 














Method 1: simple cell 


k zinc rod 

| electric bulb 

m electron transfer 

n connecting wire 

© copper rod 

p beaker 

q dilute sulfuric acid 


2 Generating electric 

current 

e@ When rods of zinc and copper are 
placed in dilute sulfuric acid, asimple 
electrical cell is formed, and there is a 
potential voltage difference between 
the two metals. If the two metals are 
connected externally, electric current 
flows. 

e The zinc rod becomes the positive 
electrode (anode) of the cell. Zinc 
atoms are oxidized to form zinc ions: 
Zn(s) > Zn2+(aq) + 2e 

e The copper rod becomes the negative 
electrode (cathode) of the cell. 
Hydrogen ions are reduced to 
hydrogen gas: 
2H+(aq) + 2e — H>(g) 

e|f the copper rod is surrounded by a 
porous vessel containing copper(I!) 
sulfate solution, a different reaction 


occurs at the cathode: Method 2 
ee) eae 

e Zinc atoms are oxidized to zinc ions, t porous vessel 
while copper ions are reduced to u dilute sulfuric acid 
copper atoms. v copper sulfate solution 
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Electrolysis 


1 Electrolysis: schematic 


=“ se oD a0 79 





3 Electrolysis of water 











battery 

electric bulb 

liquid under test 

poly(ethene) support 

copper plates 

glass vessel 

platinum electrodes 
electrolyte solution in beakers 
salt bridge 





2 Electrolysis of salt 
solutions 





j platinum cathode 

k platinum anode 

| hydrogen 

m oxygen 

n water acidified with dilute sulfuric acid 

0 dilute sulfuric acid 

p agar jelly colored pink by phenolphthalein 
and alkali 

q sodium sulfate solution 








CHEMICAL REACTIONS 





anion electrolysis 
anode electrolyte 
cathode 

cation 

electrode 





1 Electrolysis 

e Electrolysis is the process by which an 
electrolyte (a substance that conducts 
electricity) is decomposed when a 
direct current is passed through it 
between electrodes. Positive cations 
move to the cathode to gain electrons; 
negative anions move to the anode to 
lose electrons. 

e Substances are either deposited or 
liberated at the electrodes depending 
on the nature of the electrodes and 
electrolyte. 


2 Salt solutions 

e Two electrolytes undergo electrolysis 
at the same time when they are 
connected in a circuit by a salt bridge. 

e The platinum electrode in the left- 
hand beaker is the anode and attracts 
negative ions, which are oxidized. 

e The platinum electrode in the right- 
hand beaker is the cathode and 
attracts positive ions, which are 
reduced. 


3 Water 

e The electrolysis of water yields 
hydrogen at the cathode and oxygen 
at the anode. Hydrogen and oxygen 
are formed in the ratio of 2:1. 


4 U tube 

e The ions present in dilute sulfuric acid 
are H+, OH-, and SO,2-. Hydroxide ions 
are discharged at the anode, leaving a 
surplus of hydrogen ions, so the 
electrolyte in the left side of the U 
tube becomes increasingly acidic. 

e The ions present in sodium sulfate 
solution are H+, Nat, OH-, and SO,2-. 
Hydrogen ions are discharged at the 
cathode, leaving a surplus of 
hydroxide ions, so the electrolyte in 
the right side of the U tube becomes 
increasingly alkaline. 
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anode 
cathode 
electrode 
electrolysis 
inert 





Electrode activity and 

concentration 

e The results of electrolysis differ 
depending on the concentration of the 
solution and type of electrodes used. 

e Inert electrodes take no part in the 
reaction; active electrodes take part in 
the reaction. 


1 Dilute solution 

e Reaction at the anode: oxygen 
produced 

e Reaction at the cathode: hydrogen 
produced 


2 Concentrated solution 

e Reaction at the anode: chlorine 
produced 

e Reaction at the cathode: hydrogen 
produced 


3 Inert electrodes 

e The following reactions occur at the 
electrodes when copper(II) sulfate 
undergoes electrolysis using carbon 
(inert) electrodes. 

e Reaction at the anode: oxygen is 
produced 

e Reaction at the cathode: copper metal 
is deposited on the cathode. 


4 Active electrodes 

e The following reactions occur at the 
electrodes when copper(I!) sulfate 
undergoes electrolysis using copper 
(active) electrodes. 

e Reaction at the anode: copper goes 
into solution as copper ions, and the 
anode grows smaller. 

e Reaction at the cathode: copper metal 
is deposited, and the cathode grows 
bigger. 


Electrolysis: electrode 
activity and concentration 


1 Dilute solution 
sodium chloride 


carbon 
electrodes 





dilute sodium 
chloride solution 


3 Inert electrodes 






carbon 
electrodes 


copper (II) sulfate 
solution 






4 Active electrodes 


copper 
electrodes 






copper (II) sulfate 
solution 





2 Concentrated solution 
sodium chloride 






carbon 


——| P| electrodes 
YY 







concentrated sodium 
chloride solution 


carbon 
electrodes 


copper 
deposited 


copper (II) sulfate 
solution 






copper 
electrodes 






copper (II) sulfate 
solution 








Acids: reactions Deanne Ton 


1 Main reactions of an acid 





acid oxidation 
base oxide 
: carbonate carbonate salt 
Bela catalyst 
hydroxide 








1 Main reactions of an acid 

e Dilute acids react with all metal 
carbonates to give a metal salt, carbon 
dioxide, and water. 

e Dilute acids react with bases to give 
salts plus water. 

e Dilute acids react with most metals to 
give a metal salt and hydrogen. 

e Dilute acids are neutralized by metal 
oxides and metal hydroxides to form a 
metal salt and water. 





salt 


2 Examples of reaction type 





2 Example of reaction type 


Acid with carbonate NazCO3(s) + 2HNO3(aq) > e Sodium carbonate reacts with dilute 
2NaNO3(aq) + CO2(g) + H20(1) nitric acid to give sodium nitrate, 
carbon dioxide, and water. 
Acid with base HCl(aq) + NaOH(s) + NaCl(s) + H>O(I) e Hydrochloric acid reacts with sodium 


hydroxide to form a salt and water. 

e Zinc reacts with dilute hydrochloric 
acid to give zinc chloride and 

Acid with metal Zn(s) + 2HCl(aq) — ZnClz(aq) + H>(g) hydrogen. 

e Copper(Il) oxide reacts with dilute 
sulfuric acid to give copper(I!) sulfate 
and water. 

Acid neutralized CuO(s) +H zSO,(aq)  CuSO,(aq) + H2O(1) 

by oxide 3 Sulfur trioxide 

e Sulfur trioxide is a white crystalline 
solid obtained by oxidation of sulfur 

3 Laboratory preparation of sulfur trioxide Gis SE Liss) ves Ree MN a 

hissing noise and the production of 
heat, forming sulfuric acid. Sulfur 
trioxide is employed as a dehydrating 
e agent. 

Be e Sulfur trioxide is made in the 

‘i laboratory by passing a mixture of dry 
sulfur dioxide and dry oxygen over a 
heated platinum catalyst. Sulfur 
trioxide melts at 17°C and condenses 
as a solid in a suitably cooled beaker. 

e |ndustrially it is made using the 
contact process (see pages 75 & 76). 











c plantinized asbestos as a catalyst 
d combustion tube 

e crushed ice and salt 
f white smoke of SO; 
g heat 
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sulfuric acid 


hydrochloric acid 

hydrogen 
chloride 

nitric acid 

soluble 





1 Preparing HCI gas 
e Hydrogen chloride gas is made by the 
reaction of sodium chloride and 
concentrated sulfuric acid: 
2NaCl(s) + HzSO,(aq) > 
Na ,SO,(aq) + 2HCI(g) 
The gas is more dense than air and is 
collected by downward delivery. 


2 Preparing HCI acid 

e Hydrogen chloride is extremely 
soluble in water, forming hydrochloric 
acid. It cannot be dissolved simply by 
placing a delivery tube carrying the gas 
directly into water because the water 
would be sucked back into the 
reaction vessel. 

e The gas is dissolved in water by 
passing it into an inverted funnel 
positioned so the lip is just under the 
surface of the water. The funnel 
prevents suck back. 


3 Preparing nitric acid 
e Nitric acid can be made by the 
reaction of solid sodium or potassium 
nitrate with concentrated sulfuric acid: 
KNO3(s) +H SO,(aq) > 
KHSO,(aq) + HNO3 
e The product of this reaction is 
normally yellow due to the presence 
of nitrogen dioxide, formed by the 
thermal decomposition of the acid: 
4HNO;(I) > 
4NO2(g) + 2H20(g) + O2(g) 


4 Industrial preparation 

of HNO; 

e Nitric acid is made industrially by the 
oxidation of ammonia in a process 
involving three stages (see page 76): 
production of nitrogen oxide gas, 
oxidation of nitrogen oxide to nitrogen 
dioxide gas, reaction of nitrogen 
dioxide and water. 

e This process can be modeled in the 
laboratory by passing ammonia vapor 
over a heated platinum catalyst. 


of acids 


2 Preparation of 
hydrochloric acid 


Preparation 


1 Preparation of hydrogen 
chloride (gas) 


— 











e HCl filter 

f filter funnel 

g water (to become dilute 
HCI acid) 


a rock salt 

b concentrated sulfuric acid 
c HCl gas collected 

d heat 


3 Laboratory preparation of nitric acid 


h heat 

i solid sodium nitrate 
plus concentrated 
sulfuric acid 

j water jacket 

k pure nitric acid 


| concentrated 
ammonia diluted 
with water (50%) 

m combustion tube 

n platinized asbestos 

© pump sucks gases 
through apparatus 

p brown gas 

q litmus goes red 








Bases: reactions 


1 General reactions of a base with an acid 
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acid salt 
C) + — C) © base universal 
carbonate indicator 
acid metal salt water hydroxide 
oxide oxide 
@®:o@—o0 © 
: Bases 
acid metal salt water ; , 
hydroxide eA base is a compound that reacts with 
an acid to form a salt. Common bases 
ae are metal oxides, metal hydroxides, 
and metal carbonates. 
acid metal salt water CO>' 
carbonate 


2 Metal oxide and acid 


tee is applied 


Magnesium oxide is added to hydrochloric 
acid and indicator 


Neutral solution, indicator is green 





1 General reactions with 

acids 

e Metal oxides react with acids to form 
salts and water. 

e Metal hydroxides also react with acids 
to form salts and water. 

e Metal carbonates react with acids to 
form salts, water, and carbon dioxide. 


2 Metal oxide and acid 

e The reaction of magnesium oxide 
(MgO) with hydrochloric acid (HCI) 
can be followed by adding a few drops 
of universal indicator to the acid. 

e Initially the indicator is red. When 
magnesium oxide is added to the 
reaction, the following reaction occurs: 
MgO(s) + 2HCI(aq) > 

MgClz(aq) + H2O(1) 

e When there are equivalent amounts of 
magnesium oxide and hydrochloric 
acid, the indicator turns green, 
signifying all of the acid has reacted 
and the mixture is neutral. 


3 Carbonate and acid 

e The reaction of magnesium carbonate 
(MgCO3) with hydrochloric acid (HCI) 
can be followed by observing the 
carbon dioxide gas evolved. 

e Initially bubbles of gas are evolved as 
the following reaction occurs: 
MgCO3(s) + 2HCI(aq) > 

MgCl,(aq) + H20(I) + CO2(g) 

e@ When all of the hydrochloric acid has 
reacted, no gas is produced, and 
excess insoluble magnesium carbonate 
remains in the beaker. 
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Bases: forming pure salts 


1 From a soluble base (alkali) 








ee Example: sodium chloride from sodium hydroxide and hydrochloric acid 
indicator titration 
insoluble a) 
neutral 
td “to 


1 From a soluble base 

e Titration is used to make salts from 5 
acids and soluble bases, e.g., sodium 
chloride from hydrochloric acid and 0 
sodium hydroxide. 

e The burette is filled with hydrochloric & 
acid, and a known volume of sodium 
hydroxide solution is placed in a zo 
conical flask. A few drops of a suitable 
indicator are added to the sodium 
hydroxide solution. Hydrochloric acid 
is run into the flask until the color of 
the indicator changes, showing that 
the reaction mixture is neutral. The 
volume of hydrochloric acid in the 
burette is noted before and after 
addition so the volume of acid needed 
can be calculated. 

e The flask contains a solution of 
sodium chloride, which is impure due 
to the presence of the indicator. The 
procedure must be repeated using 
exactly the same volumes of 
hydrochloric acid and sodium 
hydroxide solution but no indicator. 

e Sodium chloride crystals are obtained 
by boiling off some of the water from 
the sodium chloride solution and 
allowing the remaining solution to 
cool. 


Set up the 
apparatus 
as shown 





Measure the volume 
of acid needed for 


neutralization (e- d) Repeat the procedure, 


but without using the 
indicator, adding the 
amount of acid 
measured above 
(i.e., e- d) 





Evaporate off 
excess water 


2 From an insoluble base 
Example: copper oxide and sulfuric acid 


Bg 





2 From an insoluble base 
e Salts are made from insoluble bases by 
adding an excess of the base to an 


acid. For example, copper(I!) sulfate is Add the base to 
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formed by the reaction of copper(I!) dilute acid 
oxide and sulfuric acid. 
@ An excess of copper(II) oxide is used Warm gently, adding ; 
t faaiallerinereulninicecia the base until no Filter off excess 
© GNU ou more will dissolve solid and collect 
has reacted and no acid residue the filtrate 
remains. The excess is filtered off, 
leaving a blue solution of copper(I!) Evanorate off altrate 
sulfate. 
e Copper(||) sulfate crystals are obtained a burette e volume of acid remaining when the indicator 
by boiling off some of the water from b acid has turned colorless 


i c alkali and phenolphthalein indicator f salt solution 
ie copped) sulfate solution and Add the acid until the solution just turns g boiling water 
allowing the remaining solution to colorless. h heat 
cool. d volume of acid in the burette before carrying i neutralized acid 

out the procedure j excess solid 





Proton transfer: CHEMICAL REACTIONS 
neutralization of alkalis 





ammonium proton 
hydroxide species 

ammonium ion 

hydronium ion 

hydroxide ion 





1 Water particles 
e!n a water molecule, the oxygen atom 
forms bonds with two hydrogen 
atoms. The oxygen atom and the 
hydrogen atom each donate one 
electron to the bond. The oxygen 
atom also has two pairs of non- 
bonding electrons, which can be 
donated to form bonds with other 
species. 
en acidic solutions, each proton reacts 
2 Ammonia solution turns universal indicator blue nitty Siwiater molecule’to fornia 
hydronium ion. A pair of non-bonding 
gs electrons forms the new H-O bond: 
H+ +H,0 > H30+ 


& : e An hydroxide ion is formed by the loss 





of aproton from a water molecule: 
H,0=H+ + OH- 


‘So 2 Ammonium ions 
e@ The ammonia molecule, NH3, has a 


similar structure to the water 


Ammonia molecule has To show the extra- molecule, H50, in the sense that the 


an extra proton electron in the f ; 
nitrogen atom has a pair of non- 


hydroxide ion 
> bonding electrons that it can donate to 
form abond with another species. 


e Ammonia reacts with the protons in an 
\en) acid to form the ammonium ions: 
« <OXD NH3 +H+— NH,* 
e@ The four N-H bonds in the ammonium 
ion are directed toward the corners of 
a tetrahedron, giving a similar 
structure to methane. This keeps the 


ea eT Ae nT bonding pairs of electrons as far away 

oO show the attraction between the ‘ 

molecules and the breaking of the from each other as possible. 

bond in the molecule : 
3 Schematic of proton 
transfer 
Fi ei ; e@ Ammoniais very soluble in water and 
3 Schematic of proton transfer in diagram 2 ace aC Ree une 


solution that is sometimes referred to 
H H H H as ammonium hydroxide: 
N VA. @ VA SC) VA NH + H,O<=3NH,OH SNH,*+ + OH- 
HN nd 3 —- FH N—H O e Ammonia solution contains 
N ammonium ions, NH,+, and hydroxide 
4 H ions, OH-, and has similar reactions to 


; solutions of soluble metal hydroxides, 
molecules ols such as sodium hydroxide. 
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acid magnesium oxide 
base oxide 

hydronium ion proton 

lattice salt 





Neutralizing bases 
e Metallic bases neutralize acids to form 
a salt plus water. 


1 MgO in acid 

e Magnesium oxide consists of a regular 
lattice of magnesium ions, Mg2t+, and 
oxide ions, 02. 

e An acid contains hydronium ions, 
H30+. 


2 Attractions 

e Hydronium ions carry a positive 
charge, while oxide ions carry a 
negative charge. When solid 
magnesium oxide is added to an acid, 
these oppositely charged ions are 
attracted to each other. 


3 Transfer 

e nan oxide ion, there are eight 
electrons in the outer orbital of the 
oxygen atom. Two pairs of electrons 
are donated to form bonds with 
oppositely charged hydronium ions: 
2H30+ + 02 + 3H50 


4 Neutral solution 

e Each hydronium ion transfers a proton 
to the oxide ion, forming a molecule 
of water. 

e The magnesium oxide lattice breaks 
down, releasing magnesium ions into 
solution. 

e The acid is neutralized, and a solution 
of amagnesium salt is formed. The 
nature of the salt depends on the acid 
used. 

MgO(s) + 2HCI(aq) > 
MgCl>(aq) + H20(1) 

Hydrochloric acid > 
magnesium chloride 


MgO(s) + 2HNO3(aq) > 
Mg(NO3)2(aq) + H20(1) 
Nitric acid + magnesium nitrate 


MgO(s) + H2SO,(aq) > 
MgSO,(aq) + H20(1) 
Sulfuric acid + magnesium sulfate 





Proton transfer: 
neutralization of bases 


1 Magnesium oxide (MgO) 
solid and dilute acid 


2 The oxide ions attract the 
hydronium ions 







water 
molecule 


hydronium 
ion 


AEN 


magnesium 
oxide lattice 






4 A neutral solution is 
produced and part of the 
oxide lattice has dissolved 


3 Proton transfer takes 
place 





Proton transfer: 
metallic carbonates 


1 Carbonate ions attract 
hydronium ions 





water 
molecule 







proton 
transfer 





carbonate 
ion (CO3 ) 





4 A carbon dioxide molecule 
and water molecule are 
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carbonate orbital 
carbonic acid salt 
hydronium ion 





Metallic carbonates 

e Metallic carbonates neutralize acids to 
form a metal salt, carbon dioxide, and 
water. 


1 Attraction 

e Group 1 metal carbonates are soluble 
in water and can be used as solids or 
in solution. Other metal carbonates 
are insoluble in water and are used as 
solids. 

e All metal carbonates contain the 
carbonate ion, CO3-. All acids contain 
the hydronium ion, H30+. 

e@ Hydronium ions carry a positive 
charge, while carbonate ions carry a 
negative charge. When a carbonate is 
added to an acid, these oppositely 
charged ions are attracted to each 
other. 

e@!n a carbonate ion, each of the three 
oxygen atoms has eight electrons in its 
outer orbital. A pair of electrons is 
donated from two of the oxygen atoms 
to form bonds with oppositely charged 
hydronium ions. 


2 H,CO;3 and water 

e The result is the formation of 
carbonic acid, H,CO3, and water: 
2H30+ + CO2- + H»CO3 + 2H,0 


3 HCO; splits 

e Carbonic acid is a weak acid that only 
exists in solution. It readily breaks 
down to carbon dioxide and water: 
H,CO3;=H,0 + CO, 


4 CO, and water 

ein an acid-carbonate reaction, some of 
the carbon dioxide will remain in 
solution, but most will be given off as 
bubbles of gas. 

e The gas can be identified by bubbling 
it into limewater. Carbon dioxide turns 
limewater milky due to the formation 
of insoluble calcium carbonate. 

e The acid is neutralized by the 
carbonate, and a salt is formed. The 
nature of the salt depends on the 
metal carbonate and the acid used. 
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Key words 
ammonia hydrogen 


chloride 


covalent bond 





Neutralizing acids 
e Bases react with acids to produce a 
salt and water. 


1 Molecules 

eA chlorine atom has seven electrons in 
its outer orbit. In hydrogen chloride, 
the chlorine atom forms a covalent 
bond with one hydrogen atom, 
forming the molecule HCl. 

e An oxygen atom has six electrons in its 
outer orbit. In hydrogen oxide (water), 
the oxygen atom forms covalent bonds 
with two hydrogen atoms, forming the 
molecule H,0. 

eA nitrogen atom has five electrons in 
its outer orbit. In ammonia, the 
nitrogen atom forms covalent bonds 
with three hydrogen atoms, forming 
the molecule NH3. 


2 Schematic 

ein a hydrogen chloride molecule, each 
chlorine atom is surrounded by eight 
electrons: one pair of bonding 
electrons and three pairs of non- 
bonding electrons (lone pairs). 

e!n awater molecule, each oxygen atom 
is surrounded by eight electrons: two 
pairs of bonding electrons and two 
lone pairs of electrons. 

e|n an ammonia molecule, each 
nitrogen atom is surrounded by eight 
electrons: three pairs of bonding 
electrons and one pair lone pair of 
electrons. 


3 & 4 Proton transfer and 

schematic 

e Hydrogen chloride gas is a covalent 
compound and exists as diatomic 
molecules. 

e When hydrogen chloride dissolves in 
water, an acidic solution is formed: 
HO + HCI > H30+ + Cl- 

eA lone pair of electrons from an 
oxygen atom is donated to create a 
covalent bond between the oxygen 
atom and a hydrogen atom, forming a 
hydronium ion and a chloride ion. 

e When hydrogen chloride is dissolved 
in water, it forms an ionic compound. 


| 
Proton transfer: 
| neutralization of acids 


1 Examples of molecules 








lone pairs lone pairs 
Water molecule 





| lone pairs 


Hydrogen chloride Ammonia molecule 


molecule 


2 Schematic of the molecules shown in diagram 1 
H H H Foy 
| \Z \I7 


Water molecule 


a 
uy 


(2 


Ke) 





Ammonia molecule 


Hydrogen chloride 
molecule 





3 Proton transfer 


&& 
on 


e 


A chlorine atom with 
one extra proton 





A water molecule with 

one extra proton 
Transfer of the proton 
is complete 


Attraction begins The bond breaks 


4 Schematic of proton transfer 


H * 
i 


A 


INCE 


WD 


ClO 


H——cl—> 





Color spectrum to logarithmic octave mapping 
(using 2‘"* log spacing in terahertz mapped to {C} octave) 


Tone Color Spectral Color Bands 2" Calculated Color Centers 


Violet: 659-750 740.0000 


370.0000 
392.0013 
Red: 384-482 415.3110 
440.0066 
Orange: 482-503 466.1708 _ 
493.8907 
Yellow: 503-520 523.2590 
$54.3736 
Green: 520-610 587.3384 
622 2633 
Blue: 610-659 659.2651 
698.4670 
784.0027 
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Collision theory 


1 Collision theory 


-@- -@- 
+B} 


No collision between the particles of the reactants: no reaction 


=> 


Wy, 
+@0-— — -@- -@- 
TH AAS 


Weak collision: no reaction 


Wllitz, iss 
~@6— = -e- 

7 \N 

“PE PNAS 41% 


Effective collision: reaction 


2 Maxwell-Boltzman distribution 


Number of particles with energy (E) 





Ea 


Kinetic energy 
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activation energy 
effective collision 
product 
reactant 





1 Collision theory 

e Reactions occur when particles collide 
with sufficient force to provide the 
energy needed to start a reaction. 

e |f particles collide with insufficient 
force to start a reaction, they simply 
bounce off each other. 

eA collision that brings about a reaction 
is called an effective collision. Particles 
of reactant collide, and particles of 
product are formed: 


A+B => (€ 4p (D) 
reactants products 


e Not every collision between particles 
gives rise to areaction, but every set of 
particles that do react have to collide. 


2 Maxwell-Boltzman 

distribution 

e Because all the particles of a particular 
chemical, element, or compound have 
the same mass, the energy of the 
particles is directly related to their 
speed. 

e!n any mixture of moving particles, the 
energy at which an individual particle 
is moving will vary. 

e The Maxwell-Boltzman distribution 
shows how the number of particles in 
asample is distributed at different 
energies at a particular temperature. 

e There are no particles at zero energy. 
There are relatively few particles at 
very high energy, but there is no 
maximum energy value. 

en order to react, particles need to 
have a minimum amount of energy, 
called activation energy. The 
activation energy is marked on the 
graph by aline, parallel to the Y axis, 
at a point on the X axis that 
symbolizes the activation energy (E,). 
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diffusion 
immiscible 
reactant 
surface area 





Surface area 

e|n order for a reaction to take place, 
the reactants must come into contact 
with each other. Thus, for a given mass 
of reactant, the smaller the objects, the 
greater the surface area on which the 
chemical reaction can occur. If all of 
the reactants are gases or liquids, it is 
easy for them to mix, giving the 
maximum opportunity for the particles 
to collide. 


1 Total surface area 

e The reaction can only take place on 
the surface of the solid. 

eA cube with sides 2 cm has a total 
surface area of 2 x 2 x 6 = 24 cm?. If 
the same cube is divided into 8 cubes 
with sides 1 cm, the total surface area 
now becomes 1x 1x 6 x 8 = 48 cm2. 


2 Reduced surface area 

e Zinc reacts with dilute hydrochloric 
acid to form zinc chloride and 
hydrogen gas: 
Zn + 2HCI > ZnCl, + H> 

e This reaction proceeds much more 
quickly if zinc dust (fine powder) is 
used rather than granulated zinc (large 
lumps). 


3 Mixing 

e When reactant particles are added 
together, they will eventually mix by 
diffusion, and a reaction will take 
place. 

e Stirring reactants speeds the process 
of mixing so the reaction takes place 
more quickly. 


4 Interface surface area 

e If one of the reactants is a liquid and 
one a gas, or if the two reactants are 
immiscible liquids, then the reaction 
can only take place at the interface. 
The larger the surface area of the 
interface, the faster the reaction will 
take place. 


Rates of reaction: 
Surface area and mixing 


1 Total suface area 





2 Reduced surface area reaction 


granulated 


zinc dust zinc 





3 Mixing 
diffusion 
slow 
stirring 
rapid 


4 Interface surface area 


small 
interface 


large 
interface 





Rates of reaction: 


temperature and 


concentration 


1 Temperature (distribution of molecular 


energies at T, and T,) 


Number of particles having a given energy 


Kinetic energy 


2 Concentration 





Low concentration 


3 Rate of reaction 


Rate of reaction = 


Ea 





High concentration 


Change in concentration 


Time 
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1 Temperature 

e Temperature is an important factor in 
determining rate of reaction. 

e When temperature increases, the 
average speed of the particles in a 
substance increases. The graph 
shows the Maxwell-Boltzman 
distribution at two temperatures, T, 
is greater than T;. 

e The number of particles is constant, so 
the area under the two curves is the 
same. However, the average energy of 
the particles at T, is greater. The area 
of the curve to the right of the 
activation energy line (E,) is greater 
for T>. Therefore, at this temperature a 
higher proportion of particles have 
sufficient energy to react. 


2 Concentration 

e An increase in the concentration of a 
chemical, or the pressure of a gas, 
means that there will be more particles 
within a given space, so particles will 
collide more often. 


3 Rate of reaction 

e The rate of any reaction is the speed at 
which the reactants are converted to 
products. This can be qualified as the 
change of concentration of reactants 
or products. 

e Changes in concentration can be 
measured by: 
1. appearance or disappearance of 
color in reactants or products 
2. volume of gas evolved 
3. changes in pH 
4. heat produced 
5. changes in pressure. 
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rate of reaction 





Concentration over time 
e Bromine reacts with an excess of 
methanoic acid in aqueous solution 
according to the following equation. 
The reaction is catalyzed by acid: 
H+ 
Br>(aq) + HCOOH(aq) > 
2Br-(aq) +2H+(aq) + CO>(g) 


e The reaction can be followed by 
measuring the intensity of the red- 
brown at different time intervals and 
relating this to the concentration of 
bromine. 

e The concentration of bromine, [Bry], 
falls during the reaction, so the rate of 
the reaction can be expressed in terms 
of the rate at which the bromine 
concentration changes. 

e The rate of reaction = 
- rate of change of bromine 
concentration = 
- d[Br>] 

dt 

e The rate of change of bromine 
concentration is negative because the 
bromine is being used up. The 
negative sign in the expression is 
necessary to give the rate of reaction a 
positive value. 

en order to obtain the rate of reaction 
at any given time, a tangent to the 
curve must be drawn at that particular 
time and the gradient measured. The 
concentration of bromine after 300 
seconds (s) is 0.0035 mol dm-3. The 
rate of reaction at this time is 1.2 x 105 
mol dm $7. 





Rates of reaction: 
concentration over time 


Graph to show the variation of bromine concentration with time in the reaction 


between methanoic acid and bromine 
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Rate of reaction vs. 
concentration 


Graph to show the variation of reaction rate with bromine concentration 


-d[Br,] x 10° 
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Rate vs. concentration 

en order to draw agraph showing how 
the rate of reaction varies with 
bromine concentration, it is necessary 
to find the rate of reaction at different 
times and, therefore, different 
bromine concentrations. 

e The graph shows that the rate of 
reaction is directly proportional to the 
bromine concentration. 

Reaction rate «[Br,], therefore, 

Rate of reaction =k[Br>] where kis a 
constant, known as the rate constant 
or the velocity constant for the 
reaction. 

e This reaction is said to be first rate 
with respect to bromine since 
doubling the concentration of bromine 
doubles the rate of the reaction. 

e Since rate of reaction =k[Br,], then to 
find the units of k: 

k =rate of reaction = 
[Br>] 
mol dnv3 sl=s-1 
mol dm-3 
The unit of the rate constant, k, for 
first order reactions is s-1 
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1 Clock technique 

e Rate of reaction = 
change in concentration of a substance 

time 

en order to monitor the progress of a 
reaction, we could measure the 
concentration of areactant ora 
product at regular time intervals, say 
every 10 seconds. 

e Strictly speaking, this would give us 
the average reaction rate during the 10 
second period. By measuring the 
change in concentration over shorter 
and shorter time periods, we would 
obtain an increasingly more accurate 
estimate of the rate of reaction at any 
particular moment. 

e Using a clock technique, the rate is 
obtained as the inverse of the time for 
a certain proportion of the reaction to 
occur. Provided the reaction has only 
gone a small way toward completion, 
the error is very small, but the error 
increases as the reaction moves 
further to completion. 





2 Increasing concentration 

e|f doubling the concentration of a 
reactant has no effect on the rate of a 
reaction, then the reaction is said to 
be zero order with respect to the 
reactant. The rate equation is: 
rate = k[reactant]9 =k 

e |f doubling the concentration of a 
reactant doubles the rate of a reaction, 
then the reaction is said to be first 
order with respect to the reactant. The 
rate equation is: 
rate = k[reactant] 

elf doubling the concentration of a 
reactant quadruples the rate of a 
reaction, then the reaction is said to 
be second order with respect to the 
reactant. The rate equation is: 
rate = k[reactant]2 


Variation of reaction rate 


1 Clock technique for measuring reaction rates 


% of reaction completed 





Time/s 


2 Increasing concentration 
The variation of reaction rate with concentration for reactions which 
are zero, first, and second order 


Reaction rate 





Concentration of X 


Rates of reaction: effect 
of temperature 1 


The effect of temperature on different reactions 


1 Most reactions 


Reaction rate 





3 Explosive reactions 


Reaction rate 


Temperature 


Temperature 
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Effect of temperature 

e@ When a substance is heated, its 
particles gain kinetic energy and move 
around more quickly. The frequency of 
collisions increases, and because the 
particles have a greater momentum, 
the frequency of effective collisions 
also increases. The result is an increase 
in the rate of reaction. 


1 Most reactions 

en most chemical reactions, the rate of 
reaction increases steadily with rising 
temperature. It is for this reason that 
chemical reactions are often heated. 


2 Enzyme-catalyzed 

reactions 

e Enzymes catalyze chemical reactions 
with a high degree of specificity and 
efficiency. An enzyme molecule is a 
polymer composed of along chain of 
amino acids that folds over on itself, 
giving it a particular shape. Reacting 
molecules, called the substrate, fit into 
this shape rather like a key in a lock. 

e@ Up to apoint, the rate of an enzyme- 
catalyzed reaction increases with rising 
temperature in the same way as most 
other reactions. However, after 
reaching an optimum temperature at 
which the activity of the enzyme is 
greatest, the reaction rate rapidly falls. 

e Heating an enzyme causes its shape to 
change, and thus the enzyme ceases to 
be able to catalyze the reaction. It is 
said to be denatured. 


3 Explosive reactions 

ein an explosive reaction, the reaction 
rate increases with rising temperature 
up to some point where the reaction 
rate suddenly rises sharply. 
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CHEMICAL REACTIONS 





activation energy 





1 Rate constant for 

reaction 

e As a general rule of thumb, the rate of 
a reaction doubles for every 10 K rise 
in temperature. This would seem to 
suggest that there is an exponential 
relationship between rate and 
temperature. 

e The exact relationship was proposed 
by the Swedish chemist Svante 
Arrhenius in 1889. The Arrhenius 
equation relates the rate constant (not 
the rate of reaction) to temperature. 

e The equation can be expressed in a 
logarithmic form and in terms of log to 
the base 10. The latter form of the 
equation is the most useful for 
calculation purposes. 


2 Plotting the Arrhenius 

constant 

e The constants A and E, for a given 
reaction can be obtained by plotting 
log k against 1/T: the temperature, T, 
must be expressed in kelvin. 

The slope of the graph is equal to 
E,/ 2.303R. 

e The Arrhenius constant, A, can be 
obtained by substituting values for the 
slope (E,/ 2.303R), log k and T in the 
Arrhenius equation. 

e The activation energy, E,, can also be 
found from the slope of the graph. 
Slope =- E,/ 2.303R 
The slope of the graph is negative, and 
its unit is K therefore 
E, = 2.303 xR xslope 
The gas constant, R, = 0.008314 kj 

K-1 mol-! therefore 
E, = 2.303 x 0.008314 x 
slope kJ mol-1 





Rates of reaction: effect 
of temperature 2 


1 Rate constant for reaction 


k = Ae Ea/ RT 


Ink =InA - E,/RT 


log k =logA - E,/2.303RT 


k =rate constant for the reaction 


A =constant for the reaction (Arrhenius constant) 


E, = activation energy 


R =gas constant 


T =absolute temperature 


2 Plotting the Arrhenius constant 


Log (k/s"7) 











Tykes 


Exothermic and 
endothermic reactions 


1 Exothermic 
A 


reactants 


products 





E, = activation energy AH = heat of reaction 


2 Endothermic 
A 


products 


reactants 

















CHEMICAL REACTIONS 





endothermic 
enthalpy 
exothermic 
product 
reactant 





1 Exothermic 

e ln an exothermic reaction, energy is 
given out, and the temperature of the 
reaction mixture increases as the 
reaction proceeds. The products are at 
a lower energy than the reactants. 

e The energy released is due to a 
decrease in the enthalpy, AH, of the 
system. Enthalpy is a measure of the 
stored heat energy of a substance. 
Therefore, AH is negative for an 
exothermic reaction. 

e The following equation represents the 
combustion of methane in a good 
supply of air: 

CHa(g) + 202(g) + CO2(g) + 2H20(g) 
AH=-890 kj mol? 

This is an exothermic reaction. 890 k] 

of energy are released per mole of 

methane combusted. 


2 Endothermic 

e!n an endothermic reaction, energy is 
taken in, and the temperature of the 
reaction mixture decreases as the 
reaction proceeds. The products are at 
a higher energy than the reactants. 

e The energy taken in is due to an 
increase in the enthalpy, AH, of the 
system. Therefore, AH is positive for 
an endothermic reaction. 

e The following equation represents the 
steam reforming of methane: 

CHa(g) + H20(g) > 3H2(g) + CO(g) 
AH = +206 kJ mol-1+ 

This reaction is an endothermic 

reaction. 206 k] of energy are taken in 

per mole of methane reformed. 


© DiagamVisua Informetion Ltd. 


© DiagranVisud Informetion Ltd. 





CHEMICAL REACTIONS 





dissociation 
enthalpy 





1 Average bond enthalpy 
e Bond dissociation energy is the 
energy change when one mole of 
bonds is broken. It refers to a specific 
bond in a molecule. However, the 
exact value depends on the local 
environment of the bond. For 
example, if the C-H bonds in methane 
are broken one after another, each will 
have a different bond dissociation 
enthalpy: 
CHa(g) + CH3(g) + H(g) 
AH = +425 kj mol-1 
CH3(g) > CH2(g) + H(g) 
AH = +470 kj mol-1 
CH2(g) + CH(g) + H(g) 
AH = +416 kj mol-1 
CH(g) > C(g) + H(g) 
AH = 4335 kJ mol-1 
e For this reason, in a molecule 
composed of more than one atom, it is 
more useful to know the average 
amount of energy needed to break a 
particular bond. 


2 Estimating enthalpy 

change 

e The table at right utilizes the complete 
combustion of propane to illustrate 
how bond enthalpies can be used to 
estimate the enthalpy change in a 
reaction. 

@ 6,488 k} mol- of total energy is taken 
in to break the bonds. 

@ 8,542 k} mol+ of total energy is given 
out when the bonds are formed. 

e The enthalpy change when 1 mole of 
propane is completely combusted is 
6,488 - 8,542 = 2,054 k} mol-. 








Average bond 
dissociation energies 


1 Average bond enthalpy 


Average bond 
enthalpy / kJ 
mol-2 


Average bond 
enthalpy / kj 
mol"? 





2 Estimating the enthalpy change in a reaction. 
Complete combustion of propane. 

C3H,(g) + 50,(g) + 3CO,(g) + 4H,0(g) 

Energy is taken in to break bonds: 





Energy is given out when bonds are formed: 





The enthalpy change when 1 mole of propane is completely combusted is 
6,488 - 8,542 =2,054 k} mol" 


Tone-Color Correspondence to a Double Octave 





c c# D D# E F Fe G Gt A A# B C C# DB D# E F Fe G GF A A# B C 


Ratio 1:1 16:15 98 6:5 54 43 7:5 32 868: 53 74 13:7 21 32:15 94 125 104 83 45 3:1 #165 103 144 26:7 4:1 
Degree 360° 337.5" 320° 300° 288° 270° 257.14" 240° 225° 216° 205.71°193.85" 180° 168.75° 160° 150° 144° 135° 12857°120" 112.5" 108° 102.86°96.92" 90° 
Circle oOo 225° 40° or” 72" 90° 102,86" 120° 135" 144° 154,29°166,15° 180° 191.25" 200" 210° 216" 225° 231.43"240° 247,5° 252°" 257.14" 263,08" 270° 
Hertz 256 273.07 288 307.02 320 341.33 3584 384 409.6 42667 448 475.43 512 546.13 576 614 640 68267 7168 768 819.2 853.33 896 95086 1024 


Tone-Color Wheel 
indigo Green: Red 


Complementary Opposites C4 D# 









Three Color Cones Fold indigo 


in the Human Retina 


(arbitrary units) 








Color spectrum to logarithmic octave mapping 
(using 2°"? log spacing in terahertz mapped to (C} octave) 





Spectral Color Bands 2’ Cateulated Color Centers 


Color Symmetry nae 
392 0013 

Red 384-482 415.3110 

440 0086 

Orange 482-503 466 1708 

493 8907 

Yellow. 503-520 §23.2590 

§54 373% 

Green 520-610 587 3384 

Perceptual Color Wheel ‘aici eee 


696 4670 
Violet 659-750 740.0000 
784.0027 





Catalysts: characteristics 


1 Characteristics of catalysts 


Specificity Catalysts may alter the rate of one reaction but have no effect 
on others. 


Chemical involvement A catalyst is chemically involved in a reaction. It is consumed 
during one step and regenerated in another. A catalyst does 
not undergo a net chemical change, but it may change its 
physical form. 














fYidd | A catalyst does not alter the yield of a reaction. 


2 Increasing reaction rate 






Manganese dioxide 
remains at the end 
of the reaction 


Manganese 
dioxide 
catalyst 





3 Distribution of the kinectic energies of reacting particles 
and the activation energies for catalyzed and uncatalyzed 
reactions 















A 
a E, for catalyzed reaction 
; Extra fraction of particles with E >E, 
for catalyzed reaction 
é E, for uncatalyzed reaction 
g Fraction of particles with 
2 E >E, for uncatalyzed 
g reaction 
% 
is 
» 
2 





Kinetic energy (E) 
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activation energy 
active site 
catalyst 

effective collision 





Catalysts 

eA catalyst is a substance that alters the 
rate of achemical reaction but remains 
chemically unchanged by it. 


1 Characteristics of 

catalysts 

e Catalysts may be classified as 
homogenous or heterogeneous. 
Homogenous catalysts are in the same 
phase (solid, liquid, or gas) as the 
reactants; heterogeneous catalysts are 
in a different phase. 

eA large number of reactions are 
catalyzed on the surface of solid 
catalysts. The surface provides active 
sites where reactions can occur. Thus, 
an increase in the surface area will 
increase the effect of the catalyst. 


2 Increasing reaction rate 
e Hydrogen peroxide decomposes very 
slowly on its own to form water and 

oxygen gas: 
2H202(aq) > 2H20(I) + O2(g) 
The rate of this reaction is greatly 
increased by adding manganese 
dioxide, MnOp. 

e Manganese dioxide acts as a catalyst 
and remains unchanged after all of the 
hydrogen peroxide has decomposed. 


3 Activation energies 

eA catalyst lowers the minimum energy, 
or activation energy (E,), required for 
areaction to occur. The frequency of 
effective collisions is, therefore, 
increased, resulting in an increase in 
the rate of a reaction. 
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catalyst oxidation 

equilibrium oxidation state 

exothermic reduction 

Le Chatelier’s transition metals 
principle vanadium 





1 Reaction catalyzed 

e Catalysts are often transition metals 
or transition metal compounds. 
Transitional metals are useful as 
catalysts because or their ability to 
exist in different oxidation states. 


2 V205 as catalyst 

e The contact process is an important 
step in the manufacture of sulfuric 
acid (see pages 85 and 86). Sulfur 
dioxide is oxidized to sulfur trioxide in 
the presence of a vanadium 
pentoxide, V20s, catalyst. 

e This reaction involves the reduction 
and subsequent oxidation of the 
catalyst. In the reduction reaction, the 
oxidation state of vanadium changes 
from +5 to +4. In the oxidation 
reaction, it changes back from +4 to 
+5. 


3 Iron as catalyst 

e The Haber process for the 
manufacture of ammonia uses finely 
divided iron as the catalyst (see pages 
74 and 75): 

Fe(s) 
No, +3H, =  2NH3 
AH =-92 kj} mol-1 

e This reaction is exothermic. According 
to Le Chatelier’s principle, alow 
temperature would produce more 
ammonia in the equilibrium mixture, 
but it would take longer to reach 
equilibrium. 

e The catalyst does not alter the yield of 
ammonia in the equilibrium mixture, 
but it does increase the speed with 
which equilibrium is attained. Using a 
catalyst, a reasonable rate of reaction is 
achieved at a lower temperature than 
would otherwise be the case. 





Catalysts: transition 
metals 


1 Transition metals and reaction catalyzed 


Transition Reaction catalyzed 


metal/compound 


TICl3 polymerization of ethene to poly(ethene) 


Fe Haber process on production of ammonia 





Gu oxidation of ethanol to ethanal 





2 Vanadium oxide as catalyst in contact process 


V0;(S) 


—— 
— 


2S0,(g) + O2(g) 
SO, + V0; 
2V,0, + Oz 


2S0;(g) 
te SO; ae V0, 
ee 2V>,0; 


3 Iron as catalyst in Haber process 


F 
(Energy profiles for the reaction N, + 3H, ot ONHS) 


activation energy for catalyzed reaction 


uncatalyzed reaction = 668k] 


uncatalyzed reaction 


activation energy for 
catalyzed reaction = 212k] 


Energy content (kj ) 





Oxidation and reduction 


1 Oxygen 


Oxidation is the addition of oxygen to a substance 


Reduction is the removal of oxygen from a substance 


2 Hydrogen 


Oxidation is the removal of hydrogen from a substance 


Reduction is the addition of hydrogen to a substance 


3 Modern definition 


Oxidation is the loss of electrons from a substance 


Reduction is the gain of electrons by a substance 


4 Redox reaction 
oxidation 


Mo(s) + Cur? —) Mag*%aq) 4+ Cuts) 


reduction 





CHEMICAL REACTIONS 





oxidation 
oxidation state 
redox reaction 
reduction 





Evolving definition 

@ Over time, scientists have extended 
the definitions of oxidation and 
reduction. 


1 Oxygen 

e Historically the terms oxidation and 
reduction were applied to reactions 
involving either the addition or the 
removal of oxygen. For example: 
2Cu(s) + Oz > 2CuO(s) 
copper is oxidized 
Fe,03(s) + 3CO(g) > 2Fe(s) + 3CO>(g) 
iron is reduced 


2 Hydrogen 

e The terms were extended to include 
the removal or addition of hydrogen: 
CH3-CH3(g) + CH»=CH>(g) + H>(g) 
ethane is oxidized 
CH3COH(I) + H>(g) + CH3CH»OH(I) 
ethanal is reduced 


3 Modern definition 

e The terms oxidation and reduction are 
now used more widely to describe 
changes in oxidation state: 

Cu(s) > Cu2t(aq) + 2e 

copper is oxidized to copper(II) 
Fe3+(aq) +e — Fe2+(aq) 
iron(IIl) is reduced to iron(II) 

e This definition covers all of those 
reactions involving the gain or loss of 
oxygen and other reactions that do not 
involve oxygen. 


4 Redox reaction 

@ Reactions that involve a reduction 
must also involve an oxidation. If one 
reactant is reduced, then another must 
be oxidized. Such reactions are 
described as redox reactions. 
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displacement 
reaction 
oxidation 
redox reaction 
reduction 





Redox reactions 

e Reduction and oxidation reactions 
always occur together and are 
collectively referred to as redox 
reactions. 


1 Oxidation and reduction 

e When magnesium is heated in air, it 
forms magnesium oxide: 
2Mg(s) + O2(g) + 2MgO(s) 

e Magnesium atoms are oxidized to 
magnesium ions by losing two 
electrons. 

e Oxygen atoms are reduced to oxide 
ions by gaining two electrons. 

e@ This is true of all metals when they are 
converted to metal oxides. 


2 Electron transfer 

eA more reactive metal displaces the 
ions of aless reactive metal from a 
solution of its salts. This type of 
reaction is called a displacement 
reaction: 
Zn(s) + Cu2+(aq) > Zn2+(aq) + Cu(s) 
Zinc atoms are oxidized to zinc ions by 
losing two electrons. 

e Copper ions are reduced to copper 
atoms by gaining two electrons. 


3 Balancing redox 

reactions 

en balancing redox reactions, the 
electrons lost must equal the electrons 
gained. 

en the example at right, bromine (a) is 
gaining two electrons and iron (b) is 
losing 1 electron. 

en order to balance the equation, the 
entire reaction has to be multiplied by 
2c) 

e The result is a balanced equation (d). 


Redox reactions 1 

1 Redox reactions: oxidation and reduction 

2Mg + O> > 2Mg2t+ + 202- 
4Na +O 2(Na2)202- 


When metals react with oxygen they form oxides 
2Mg2t + Ae") 
202- 


The metal is oxidized and the metal is reduced. The oxygen takes the electrons given 
up by the metal 


> 


— 


— 


2 Electron transfer in redox reactions 


Zn(s) + Cu2t(aq) =" Zn2* (aq) + Cu(s) 


When powered zinc is added to copper sulfate (II) solution, an exothermic reaction occurs 


Zn4+ (aq) Qe) 


ZnS) = 

Redox equations for the reaction 

3 Balancing redox reactions 

Bro + 2e > 2Bt 

(a) The oxidizing agent is Br? 

Rear: > Fet+e 

(b) The reducing agent is Fe2* 

2Fe2+ = 2Fe3+ 
Bro Qe) > 2Br- 

(c) Redox reaction 

2Fe2+ + Bro = 2Fe3+ + 2Br- 


(d) Balance equation 


Redox reactions 2 


1 The reaction of metals with non-metals 


Fe +S 


Iron and sulfur 


Fe 
S +e) 
Redox equation 


2Fe + 3Cl2 


Iron and chlorine 


2Fe 


3Clz +60) 


Redox equation 


2 The reaction of metals with water 


Ca + 2H 20 


Calcium and water 


Ca 


2H>0 +e) 


Redox equation 


3 The reaction of metals with acids 


The reaction of zinc 


Zn 


2H+ 


Redox equation 


> 


1 


1 


> 


aS 


Fe2ts2- 


Ca2+(OH-)> +H? 
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redox reaction 





1 Metals with non-metals 
e |ron undergoes redox reactions with 
non-metals. 
Iron and sulfur: 
Fe(s) + S(s) > Fe2+S2-(s) 
Iron atoms are oxidized to iron(II) 
ions by losing two electrons. 
Sulfur is reduced to sulfide ions by 
gaining two electrons. 
Iron and chlorine: 
2Fe(s) + 3Cl(s) + 2Fe3+Cl-3(s) 
Iron atoms are oxidized to iron(II) 
ions by losing three electrons. 
Chlorine is reduced to chloride ions by 
gaining one electron. 


2 Metals with water 
e Metals are oxidized when they react 
with water. 
Metal + water > 
metal hydroxide + hydrogen 
Ca(s) + 2H O(!) > 
Ca(OH) (aq) + H>(g) 
H5O(I) =H*#(aq) + OH-(aq) 
Ca(s) + 2H+(aq) > Ca2+(aq) + H2(g) 
In the example at left, calcium atoms 
are oxidized to calcium ions by the 
loss of two electrons. Hydrogen ions 
are reduced to hydrogen atoms by 
gaining one electron. 


3 Metals with acids 

e Metals are oxidized when they react 
with acids. 
Metal + acid > metal salt + hydrogen 
Zn(s) + 2HCI(aq) + ZnClz(aq) + H>(g) 
Zn(s) + 2H+(aq) > Zn2+(aq) + H>(g) 
In the example at left, zinc atoms are 
oxidized to zinc ions by the loss of two 
electrons. Hydrogen ions are reduced 
to hydrogen atoms by gaining one 
electron. 
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reactivity series 
redox reaction 





1 Electron transfer in redox 

reactions 

e The movement of electrons during 
redox reactions can be demonstrated 
using a simple cell consisting of two 
metals rods, suspended in solutions of 
their salts, connected by a wire and a 
salt bridge. 

e At the zinc rod, zinc atoms lose two 
electrons to become zinc ions. The 
electrons pass along the wire and 
through the bulb to the copper rod. 
The zinc ions pass into solution. 

e At the copper rod, copper ions gain 
two electrons to become copper 
atoms. The copper ions come out of 
solution and are deposited as copper 
metal on the copper rod. 

e Electric current passes through the 
wire in the external circuit as a flow of 
negatively charged electrons. 

elons flow through the salt bridge: 
positive ions from the zinc sulfate 
solution to the copper sulfate, and 
negative ions in the opposite direction 
from the copper sulfate solution to the 
zinc sulfate solution. 

e Electric current passes through ionic 
solutions as a flow of positively 
charged and negatively charged ions. 


2 Reaction equations 

e@ Zinc is higher than copper in the 
reactivity series. Zinc atoms are 
oxidized to zinc ions, while copper 
ions are reduced to copper atoms. 

e When any two metals are placed ina 
cell, the direction of electrons in the 
external circuit depends on their 
reactivities. The metal that is higher in 
the reactivity series will be oxidized, 
while the ions of the metal that is 
lower in the reactivity series will be 
reduced. 





Demonstrating redox 
reactions 


1 Electron transfer in redox reactions 


Experimental set-up 








Movement of charge 
around the circuit 








a zinc rod 

b zinc sulfate solution 

c electron flow 

d filter paper soaked in potassium 
nitrate as a salt bridge 

e copper rod 


f copper sulfate solution 

g small light bulb 

h movement of negative charge (electrons 
and anions) 

i movement of positive charge (cations) 


2 Reaction equations 


Znis) ce Cet == Zn Cuts) 
Zn(s) > Zn2*,44) + 2e 
Gute +2e > Cu(s) 


Copper ions are reduced to a deposit of red-brown 


Assigning oxidation state 
1 Oxidation state 


Component Oxidation state 


uncombined elements 0 
| Group 2 metas incomeourds fw 
Group 1 metals in compounds +1 
Cea Ea 
combined hydrogen in metal hydrides -1 
nr a 
combined oxygen -2 











2 Tetrachlorocuprate ion 


CuCls 


the tetrachlorocuprate ion contains the transition metal copper 


3 Manganate ion 


MnO; 


the manganate ion contains the transition metal manganese 


4 Dichromate ion 
2= 
Cr,05 


the dichromate ion contains the transition metal chromium 
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oxidation state 
transition metals 





1 Oxidation state 

e The ability of transition metals to 
exhibit different oxidation states in 
different compounds is central to the 
behavior of these elements. 

e The oxidation state of simple ions is 
given by the charge they carry, e.g.: 
Nat has an oxidation state of +1 
O2- has an oxidation state of -2 

e The situation is more complicated in a 
complex ion. The oxidation state of 
the central atom in a complex ion is 
the charge that the ion would have if it 
were asimple ion. This is found by 
adding the oxidation states of the 
various components in the complex 
ion. 


2 Tetrachlorocuprate ion 

e Total oxidation number due to 
chlorine = 4x-1= -4. 

e Overall charge on the ion = -2. 

e Oxidation state of the central copper 
atom = -2 - (-4) = +2. 

e This complex ion is more correctly 
called the tetrachlorocuprate(II) ion. 


3 Manganate ion 

e Total oxidation number due to oxygen 
=4x-2= 8. 

e Overall charge on the ion = -1. 

e Oxidation state of the central 
manganese atom = -1 - (-8) = +7. 

e This complex ion is more correctly 
called the manganate(VII) ion. 


4 Dichromate ion 

e Total oxidation number due to oxygen 
X24 

e Overall charge on the ion = -2. 

e Total oxidation state of the two central 
chromium atoms = -2 - (-14) = +12. 

e Oxidation state of each chromium 
atom = +12/2= +6. 

e This complex ion is more correctly 
called the dichromate(VI) ion. 
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allotrope 

carbon 

les Diamond 
fullerenes 

graphite Bond angle 109.5° 


Bond length 0.154 nm 





Carbon allotropes 
e Carbon exists in three allotropes: 
diamond, graphite, and fullerenes. 


1 Diamond 

e|n diamond, each carbon atom is 
covalently bonded to four other 
carbon atoms. 

e The four bonds are directed toward 
the corners of a pyramid or 
tetrahedron, and all bonds are the 
same length, 0.154 nm. The angle 
between any two bonds is 109.5°. 

e All four of the outer electrons on the 
carbon atom form bonds with other 
carbon atoms so there are no mobile 
electrons. Diamond does not, 
therefore, conduct electricity. 

e Diamond has a rigid structure and is 
very hard. 


2 Graphite 
e The carbon atoms in graphite are 
arranged in layers consisting of 


interlocking hexagons in which each Graphite 
carbon atom is covalently bonded to Bond angle 120° 
three other carbon atoms. The length Bond lengths 

of the bond is 0.141 nm, and the angle - in layers 0.141 nm 


- between layers 


between bonds is 120°. 0.335 nm 


e The fourth outer electron on each 
carbon atom forms bonds with 
adjacent layers. The bond length is 
much greater than between carbon 
atoms within a layer. 

e The electrons between the layers are 
mobile; therefore, graphite conducts 
electricity. Also, the layers are able to 
slide over each other relatively easily. 

e Graphite is soft. 





The allotropes of carbon 
fullerenes 


Buckyball 





Nanotube 
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allotrope fullerenes 


buckyball graphite 
carbon nanotube 





Fullerenes 

e Fullerenes are allotropes of carbon in 
the form of a hollow sphere or tube. 
Spherical fullerenes are sometimes 
called buckyballs, and cylindrical 
fullerenes are called nanotubes. 

e Because the allotrope was only 
discovered in the late twentieth 
century, its physical and chemical 
properties are still being studied. 

e Fullerenes are not very reactive and 
are only slightly soluble in many 
solvents. They are the only known 
allotrope of carbon that can be 
dissolved. 


Buckminsterfullerene 

e This form of carbon is composed of 60 
carbon atoms bonded together in a 
polyhedral structure composed of 
pentagons and hexagons. The 
molecules are made when an electric 
arc is struck between graphite 
electrodes in an inert atmosphere. 
This method also produces small 
amounts of other fullerenes that have 
less symmetrical molecular structures, 
such as C7p. 

e Buckminsterfullerene was first 
identified in 1985 and named after the 
architect Richard Buckminster Fuller 
because of the resemblance of its 
structure to the geodesic dome. 

e The substance is a yellow crystalline 
solid that is soluble in benzene, an 
organic solvent. 

e It is possible to trap metal ions within 
the Cg sphere. Some of these 
structures are semiconductors. 


Nanotubes 

e Nanotubes, first identified in 1991, are 
long thin cylinders of carbon closed at 
either end with caps containing 
pentagonal rings. 

e Nanotubes have a very broad range of 
electronic, thermal, and structural 
properties that change depending on 
the kind of nanotube (defined by its 
diameter, length, and twist). 
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The carbon cycle 

e Carbon is the fourth most abundant 
element in the Universe. 

e The total amount of carbon on planet 
Earth is fixed. The same carbon atoms 
have been used in countless other 
molecules since Earth began. The 
carbon cycle is the complex set of 
processes through which all carbon 
atoms rotate. 

e Carbon exists in Earth's atmosphere 
primarily as carbon dioxide. 

e All green plants contain chlorophyll, a 
pigment that gives them their 
characteristic color. During 
photosynthesis, chlorophyll traps 
energy from sunlight and uses it to 
convert carbon dioxide and water into 
glucose and oxygen. 

e Carbon is transferred from green 
plants to animals when animals eat 
plants or other animals. 

e All animals and plants need energy to 
drive their various metabolic 
processes. This energy is provided by 
respiration. During this process, 
glucose reacts with oxygen to form 
carbon dioxide and water. These waste 
products are subsequently released 
into the atmosphere. In essence, 
respiration is the opposite process to 
photosynthesis. 

e When plants and animals die, their 
bodies decompose. In the presence of 
air, the carbon they contain becomes 
carbon dioxide, which is released into 
the atmosphere. 

e When plants and animals decay in the 
absence of air, carbon cannot be 
converted into carbon dioxide. 
Instead, it remains and forms fossil 
fuels such as coal, crude oil, and 
natural gas. 

e When fossil fuels are burned, the 
carbon they contain becomes carbon 
dioxide and is released into the 
atmosphere. 


Respiration 


carbon 


glucose +oxygen— dioxide 


+water +energy 


C6H 1208 (aq) + 602() = 6CO7(4) +6H20(;) 


a carbon dioxide in the air 
b sunlight 


The carbon cycle 


Photosynthesis 
sunlight 
chlorophyll 


carbon 


Gignidie glucose +oxygen 


6CO2(q) +6H20(,) a CH 206 (aq) + 602(4) 





c plants take in carbon dioxide and give out oxygen 
d animals take in oxygen, eat plants and vegetables, and breath out CO, 


e death and decay 
f carbon compounds (e.g., in oil and coal) 
g burning fuel produces CO, 
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462.023 Hz 


440.195 Hz 
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Laboratory preparation 
of carbon oxides 


1 Preparation of carbon dioxide 

















2 Preparation of dry carbon dioxide 





o— ——} 














3 Preparation of carbon monoxide 




















concentrated sulfuric acid 

ethanedioic (oxalic) acid crystals and concentrated sulfuric acid 
heat 

concentrated potassium hydroxide solution 

carbon monoxide 


a marble chips 

b dilute hydrochloric acid 
c carbon dioxide 

d water 

e carbon dioxide 


f 
g 
h 
i 
i 
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carbonate 
carbon dioxide 
carbon monoxide 





Carbon oxides 

e The most common forms of carbon 
oxides are carbon dioxide, which is 
instrumental in the carbon cycle, and 
carbon monoxide, a colorless, 
odorless gas that is the result of the 
incomplete combustion of fuels. They 
can be prepared in the laboratory 
using the following techniques. 


1 Carbon dioxide 
e Carbon dioxide is formed when a 
metal carbonate reacts with a dilute 
acid: 
metal carbonate + dilute acid > 
metal salt + carbon dioxide + water 
e When calcium carbonate (marble 
chips) reacts with dilute hydrochloric 
acid: 
CaCO3(s) + 2HCl(aq) > 
CaClz(aq) + CO>3(g) + H20(1) 
e Carbon dioxide is not very soluble in 
water, so it can be conveniently 
collected over water. 


2 Dry carbon dioxide 

e Carbon dioxide can be dried by 
passing it through concentrated 
sulfuric acid and collected by 
downward delivery (upward 
displacement) because it is denser 
than air. 


3 Carbon monoxide 

e Carbon monoxide is formed by the 
dehydration of ethanedioic (oxalic) 
acid using concentrated sulfuric acid: 

conc. sulfuric acid 
HOOC-COOH(1) ad 
CO (g) + CO(g) + H>0(1) 

e Acid residues and carbon dioxide are 
removed by passing the gas through a 
potassium hydroxide solution. Carbon 
monoxide can be collected over water 
because it is only slightly soluble. 
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Fractional distillation 

e Fractional distillation is one of 
several processes used to refine crude 
oil. Refining converts crude oil into a 
range of useful products. 

e Crude oil is a complex mixture of 
hydrocarbons. During fractional 
distillation, this mixture is separated 
into a series of fractions (components) 
on the basis of boiling point. 

e The crude oil is passed through a 
furnace, where it is heated to 400°C 
and turns mostly into vapor. The gases 
pass into a distillation column within 
which there is a gradation of 
temperature. The column is hottest at 
the bottom and coolest at the top. 

e Hydrocarbons with the highest boiling 
points are the first to condense at the 
bottom of the column, along with any 
remaining liquid residue from the 
crude oil. This fraction provides 
bitumen for use in road building. 

e Rising up the column, other fractions 
condense out: first diesel oil, then 
kerosene, and finally gasoline. All of 
these fractions are used as fuels. 

e The hydrocarbons with the lowest 
boiling points remain as gases and rise 
to the top of the column. This fraction 
is used as a fuel in the refinery. 

e The hydrocarbon vapor moves up the 
column through a series of bubble 
caps. At each level, the hydrocarbon 
vapor passes through condensed 
hydrocarbon liquid. This helps to 
ensure a good separation into the 
various fractions. 


Crude oil composition 

e Crude oil varies in composition, 
depending on where it was obtained. 
Fractional distillation of different crude 
oils provides different proportions of 
the various fractions. 


The fractional distillation 


of crude oll 


1 Fractional distillation of crude oil 


Arabian Iranian 
heavy heavy 


a crude oil 

b heater 

c bubble cap 

d refinery gas 

e gasoline (110°C) 
f kerosine (180°C) 





Jo 


eres e 


|o 


Arabian 
light 


g diesel oil (260°C) 

h residue — bitumen tar (400°C) 

i gasoline and chemical feedstock 
j kerosine 

k gas oil 

| fuel oil 


Other refining processes 


1 Other refining processes 


fractional distillation 





isomerization reforming catalytic polymerization 


cracking 


2 Isomerization 
CH3—CH2—CH2—CH2—CH,—CH3 a CH= Cry oc ors 
CH3 


pentane 2-methylbutane 
3 Reforming 
Dehydration 
CH3 CH3 
| | 
CH 
Loos hts 
CH, CH, CH CH 
| | —- | I Be 
CH, CH, CH CH 
Nee iN 
CH; CH 
methylcyclohexane methylbenzene 
Cyclization CH; 
| 
CH 
i 
CH3—CH,—CH,—CH,—CH,—CH,—CH3 7 CH, CH, 
| | 
heptane ne pe 
CH 


methylcyclohexane 


4 Catalytic cracking 


Octane — propane and pent-1-ene 
CH3CH,CH3CH,CHCH,CH2CH3 + CH3CH,CH; +CH3CH»CH,CH=CH, 


octane propane pent-1-ene 


5 Polymerization 


Two propene molecules combine to form hexene 
CH3CH=CH2 + CH3CH=CH2 — CH3CH2CH,CH,CH=CH) 


propene propene hex-1-ene 


residfining 
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alkane isomerization 

alkene polymerization 

catalytic cracking — reforming 

fractional residfining 
distillation 





1 Other processes 

e Other refining processes are used to 
modify the products of fractional 
distillation. These include 
isomerization, reforming, catalytic 
cracking, polymerization, and 
residfining. 


2 Isomerization 
e Isomerization changes the shape of 


hydrocarbon molecules. For example, 


pentane is converted into 2- 
methlybutane. 


3 Reforming 
e Reforming converts straight chain 


molecules into branched molecules in 


order to improve the efficiency of 


gasoline. One type of reaction involves 


the dehydration of saturated 
compounds to unsaturated 
compounds. Another involves the 
cyclization of hydrocarbons. 


4 Catalytic cracking 

e In general, smaller hydrocarbon 
molecules, such as those in gasoline, 
are in greater demand than larger 


ones. Catalytic cracking redresses this 


balance by breaking (cracking) large 


alkane molecules into smaller alkane 


and alkene molecules. 


5 Polymerization 

e Polymerization combines small 
molecules to form larger molecules 
that can be used to make various 
products. 


Residfining 

e Resifining is the process used on the 
residue fraction to convert it into 
usable products. It also removes 
impurities that would damage the 
catalyst used in catalytic cracking. 
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=E 


1 Catenation 
alkane catenation ' 
alkene van der Waals Chain length 
alkyne forces 2 3 8 
abi HH H HH HHHHHHHH 
carbon | | Lo ee 
i A oR Ra ae a fe 
1 Catenation H H H HH HHHHHHHH 
e Carbon has the ability to form long 
chains of carbon atoms in its 
cOUpOUn erie ScaeOa ann 2 Melting and boiling points of some chains 
2 Melting and boiling 
points Chain length EE 16 
e Forces of attraction, called van der Ha Ae aoe aoe 
Waals forces, exist between molecules. ee ee eee OS ie Al 
As molecular size increases, there is H=C—C-C—H H—-C—C—C—C—C-—C—H CigH34 
more overlap between the molecules, IL tod oe I ile 
and the intermolecular forces of oo ig Pe Ne es Fd A | 
attraction increase. C3H, CoH 


e|n order to melt and to boil, the forces 
of attraction between molecules must 
be overcome. The greater these m.p./ °C -187 -94 18 
forces, the more energy is needed. as lll 
This is reflected in a steady increase in b.p./ °C Aa 69 287 


melting point and boiling point as 
molecules increase in size. 


3 Types of bonds 3 Types of bonds 


e A carbon atom may form one, two, or HH 
three bonds with another carbon atom 
in its compounds. These bonds are at Saas Ol 
described as single bonds (C-C), | 
double bonds (C=C), and triple bonds 
(cer Alkanes 
e Alkanes contain only carbon-carbon 
single bonds. 
e Alkenes contain a carbon-carbon 
double bond. H H 
e Alkynes contain a carbon-carbon triple venes 
bond. 
e Alkanes, alkenes, and alkynes are all H H 
hydrocarbons since they consist only 
of hydrogen and carbon atoms. Alkenes Doublelband 


Single bond 


H-C=C-H 


Alkynes Triple bond 


Naming hydrocarbons 


1 Chain length gives first part of name 


Chain length 


First part of name meth- eth- prop- but- pent- hex- 





2 Functional group gives second part of name 









Alkane Alkene Alkyne 
H 
Functional group | = = 
-C-H GG C=C 
H 
Second part 
of name -ane -ene -yne 
3 Examples of organic compound names 
Molecule Chain length —_‘ Functional group Name 
i i 
a 1 —> meth- se. — -ane methane 
H H 
et i 
2, ee 4 —> but- Sen — -ane butane 
El PR Al H 
i 
jane gus C=C 
3 — prop- =C — -ene propene 
HCC prop 
ik 
H. 
j=l =A 2 — eth- C=C — -yne ethyne 
H 
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Naming hydrocarbons 

e The name of a hydrocarbon indicates 
the number of carbon atoms in the 
molecule and what sort of 
carbon-carbon bonds is present. 


1 Chain length 

e The first part of name is determined 
by the number of carbon atoms in the 
molecule. The same prefixes are used 
for all groups of organic compounds. 


2 Functional group 

e The second part of the name is 
determined by the type of 
carbon-carbon bonds present. Each 
functional group has a unique suffix. 

e The position of the functional group in 
a carbon chain is identified by 
numbering the carbon atoms in the 
carbon chain. 


3 Examples of compound 

names 

e The first two examples in the diagram 
are alkanes. If there is one carbon 
atom in the molecule it is: 

“meth” (1 carbon atom in the chain) 
+ “ane” (for alkane): methane. 

If there are four carbon atoms in the 
molecule it is: 

“but” (4 carbon atoms in the chain) 
+ “ane” (for alkane): butane. 

e The third example is propane, an 
alkene with three carbon atoms: 
“pro” (3 carbon atoms in the chain) 
+ “ene” (for alkene). 

e The fourth example is ethyne, an 
alkyne with a two carbon chain: 
“eth” (2 carbon atoms in the chain) 
+ “yne” (for alkyne). 
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alkane van der Waals 
homologous forces 


series 
hydrocarbon 


The first six alkanes 

e The alkanes form an homologous 
series of compounds that have the 
general formula C,H2,42, where nis a 
positive integer. Each alkane molecule 
differs from the previous one in the 
series by -CH>-. 

e They have similar chemical properties 
and show a gradation of physical 
properties, such as melting point and 
boiling point, as the molecular size 
increases. 

e Alkane molecules are attracted to each 
other by van der Waals forces. As 
molecular size increases, there is more 
overlap between the molecules, and 
the intermolecular forces of attraction 
increase. 

e Alkane molecules are frequently 
shown as having a flat two-dimensional 
structure because this is easy to draw, 
but in reality, the four bonds around 
each carbon atom are directed toward 
the corners of a tetrahedron. The 
angle between any two bonds is 
109.5°. 

e Alkanes are relatively unreactive 
substances when compared with other 
groups of hydrocarbons. Their most 
important reaction is combustion, and 
they are the main constituent of a 
range of fuels. Natural gas is largely 
composed of methane: 

CH, + 20> + CO + 2H5,0 

en agood supply of air, hydrocarbons 
burn to give carbon dioxide and water. 
In arestricted supply of air, carbon 
monoxide and/or carbon may be 
formed: 

C>Hg + 20, + CO +C +3H,0 





Alkane Methane 


Formula 


Structural 
formula 


Boiling 
point (°C) 


Physical 
state at room 
temperature 


Molecular 
model 


Table of the first six 
alkanes 


Ethane 


Propane 








Alkane Butane 


Formula 


Structural 
formula 


Boiling 
point (°C) 


Physical 
state at room 
temperature 


Molecular 
model 





Pentane 





Hexane 





Table of the first five 
alkenes 
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The first five alkenes 

e The alkenes form an homologous 
series of compounds with the general 
formula C,H>,, where n is a positive 
integer. Each alkene molecule differs 
from the previous one in the series by 
-CH.-. 

e Alkene molecules are attracted to each 
other by van der Waals forces. As 
molecular size increases, there is more 
overlap between the molecules, and 
the intermolecular forces of attraction 
increase. The series thus shows a 
gradation of physical properties, such 
as melting point and boiling point. 

e Alkenes all contain the same 
functional group, a carbon-carbon 
double bond, represented by C=C. 

e The bonds around each of the carbon 
atoms in a carbon-carbon double 
bond are in the same plane and 
directed toward the corners of an 
equilateral triangle. The angle between 
any two bonds is 120°. 

e Alkenes undergo combustion in the 
same way as alkanes. However, they 
have other chemistry resulting from 
the reactive carbon-carbon double 
bond. 

e Alkenes undergo addition reactions in 
which a molecule is added across the 
carbon-carbon double bond. For 
example, ethene undergoes the 
following addition reactions: 
CH=CH, + H-H > CH3-CH3 
ethene + hydrogen — ethane 


CH»=CH> +H-OH — CH3-CH>-OH 
ethene + steam — ethanol 


CH>=CH> +H-Br — CH3-CH>Br 
ethene + hydrogen bromide > 
bromoethane 


CH»=CH> +Br-Br7 CH »Br-CH>Br 
ethene + bromine > 1,2-dibromoethane 
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alkene geometric 

ethane isomerism 

ethene halogens 

ethanol isomer 
Ethene 


e Ethene is the first member of the 
alkene series. It is a colorless, 
flammable gas. 


1 Preparation 

en the laboratory, ethene can be made 
by the dehydration of ethanol using 
concentrated sulfuric acid. 


2 Structure 

@ Ethene, like all alkenes, contains a 
carbon-carbon double bond about 
which rotation is impossible. 


3 Isomerism 

e Isomers are compounds having the 
same molecular formula and relative 
molecular mass but different three- 
dimensional structures. 

e The existence of two compounds with 
the same molecular formula but where 
groups are distributed differently 
around a carbon-carbon double bond 
is described as geometric isomerism 
or cis / trans isomerism. 

e The prefix “cis” is used when the 
substituent groups (an atom or group 
of atoms substituted in place of a 
hydrogen atom or chain) of a 
hydrocarbon are or the same side of a 
plane through the carbon-carbon 
double bond. The prefix “trans” is 
used when the substituent groups are 
on the opposite side. 

e In trans-1,2-dibromoethene the 
bromine atoms are on opposite sides 
of a plane through the carbon-carbon 
double bond. 

e In cis-1,2-dibromoethene the bromine 
atoms are on the same side. 


4 Reactivity 

e The carbon-carbon double bond in 
ethene is very reactive and will 
undergo various addition reactions. 
Ethene reacts with: halogens (such as 
chlorine) to form 1,2-dihaloethane, 
hydrogen to form ethane, and 
hydrogen halides to form haloethane. 





Ethene 


1 Dehydration of ethanol to produce ethene 


a concentrated sulfuric acid 
a b ethanol 
c heat 
d alkali — to remove impurities 
e water 
f ethene 


— 








2 
CH3CH20H — CH)=CH> 


ethanol ethene 
2 Structure 3 Isomerism 
Be H H. : Br H. P H 
C=C cacy cece 
H H Br H Br Br 
Ethene Trans-1, 2-dibromoethene Cis-1, 2-dibromoethene 


4 Reactivity 


CH> = CH> + Cl <a CH»CI—CH>Cl 


Reaction with chlorine to form 1, 2-dichloroethane 


Ni 
CH> = CH> + H> ee CH3CH3 


Reaction with hydrogen to form ethane 


CHp2 = CH> + HX a CH3CH>2X 


Reaction with hydrogen halides to form haloethane 


Polymers 


1 Types of branching 


Polymer with few branched chains, 
e.g., high-density polyethene 


Polymer with many branched chains, 
e.g., low-density polyethene 


Polymer with much cross-linking, 
e.g., bakelite 


2 Additional polymerization (illustrating how ethene can be 
restructured to form poly(ethylene) i.e., polyethene) 


H H H H H H 
< ‘A * 4 


cael C=C c=C 

H H H H H H 
in fi fi fiat 
roe) ten one 
H H H H H H 
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addition polyethene 
polymerization polymer 
bakelite polymerization 
ethene 
Polymers 


eA polymer is a large organic molecule 
composed of repeating carbon chains. 
The physical properties of a polymer 
depend on the nature of these carbon 
chains and how they are arranged. 


1 Types of branching 

eA certain amount of side branching 
occurs during polymerization, 
depending on the reaction conditions. 

e Low pressure and low temperature 
results in a high-density polymer. 

e Very high pressure and moderate 
temperatures produce a low-density 
polymer. 

en high-density polymers, the carbon 
chains are unbranched, and they can 
be packed closely together forming a 
dense substance, e.g., high-density 
polyethene (1A). 

en low-density polymers, the carbon 
chains are branched, and it is not 
possible to pack them as closely 
together, e.g., low-density polyethene 
(1B). 

e|n polymers like bakelite, there are 
cross links between the carbon chains, 
producing a hard, rigid structure (1C). 


2 Addition polymerization 

e Ethene forms a polymer by a process 
called addition polymerization. 

e |n this process, one of the bonds from 
the carbon-carbon double bond is 
used to form a bond with an adjacent 
molecule. This process is repeated 
many times, resulting in long chains 
containing thousands of carbon atoms. 
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Monomers 

e Monomersare the basic units from 
which a polymer is made. 

e The systematic name for a polymer is 
derived from the name of the 
monomer. For example, polypropene 
is “poly” (for polymer) + the alkene 
propene. 

e The diagrams at right illustrate the 
formation of some alkene polymers. 


1 Forming polypropene 

e Propene molecules combine to form 
polypropene. 

e Most polypropene is produced as a 
monopolymer (a polymer formed 
from propene only). 


2 Forming 

polychloroethene 

e Chloroethene molecules combine to 
form polychloroethene. 

e 1,2-dichloroethane is made by 
chlorinating ethene. This product is 
then cracked to form chloroethene. 


3 Forming 

polyphenylethene 

e Phenylethene molecules combine to 
form polyphenylethene. 

e Phenylethane is made from ethene 
and benzene by a Friedel-Crafts 
reaction using aluminum(II!) 
chloride/hydrochloric acid catalyst. 
This is dehydrogenated to give the 
phenylethene monomer. 


4 Forming 

polytetrafluoroethene 

e Tetrafluoroethene molecules combine 
to form polytetrafluoroethene. 

e Trichloromethane is produced by the 
reaction of methane with controlled 


amounts of chlorine/hydrochloric acid. 


This is reacted with anhydrous 
hydrogen fluoride in the presence of 
antimony(III) chloride to give 
chlorodifluoromethane, which is 
subsequently cracked to produce 
tetrafluoroethene. 


Polymers: formation 


1 Restructuring of propene to make poly(propene) 


CH; H CHa HCH) 
\ \N xX 
7 < Ye ~ A ~\ 
H H oH | H oH H 


2 Restructuring of chloroethene to make poly(chloroethene) 


i.e., polyvinylchloride 


Cl Ae cl H Cl H 
\ *< a ~ a 


CeH H CeH H CH 
Gil5 y iS 7 eae 


4 Poly(tetrafluoroethene) 


ne F oF oF 


ey ae Sree 
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Yellow 
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Polymers: table of 
properties and structure 





monomer 
polymer 
polymerization 





7 ileN ee (oe a ee | EF 
7 (8) OG Polymers 

ox e Most polymers have common names 

A ~ SN |r ae a that are used in everyday language. 

e The uses of polymers depend on their 
properties. 


Classification 

e There are several ways in which 
polymers can be classified. 

e Heat. Thermoplastics soften when 
heated and harden on cooling, so they 
can be reshaped many times without 
changing their chemical structure. 
Thermosets are chemically altered on 
heating and produce a permanently 
hard material that cannot be softened 
by heating. 

e Method of polymerization. Addition 
polymers are usually formed from 
monomers containing a -CH=CH- unit 
to which different atoms or groups are 
attached. On polymerization, one of 
the carbon-carbon bonds becomes a 
bond to another unit. Condensation 
polymers are formed from 
condensation reactions in which a 
small molecule, sometimes but not 
always water, is lost. 

e Formula. Homopolymers are formed 
from one monomer unit. Co-polymers 
are formed from two or more 
monomers. 

e Chemical structure. Linear chains may 
have straight, zigzag, coiled, or 
random spatial arrangements. 
Branched chains have side branch 
chains attached to the main chains. 
Cross-linked chains have two or three 
dimensional cross-linkage between 
chains. 

e Steric structure. Isotactic: in which all 
side groups are on the same side of 
the main chain. Syndiotactic: in which 
each alternative side group has the 
same orientation. Atactic: in which 
there is no specific pattern to the 
distribution of side groups. 


coating fabrics and insulation 
on wires and cables 

plastic toys, expanded with 
air and used for insulation 
non-stick coating on pans 
wool substitute in textiles 


molding rigid articles, 


molding rigid articles 
film and fibers 


substitute for glass 


5 
oO) 
oO 
ES} 
1g) 
‘Ss 
oO 
£ 
ec 


low friction and stable to heat 


high density 
high density 
brittle but cheap 


low density; 
transparent 
strong fibers 








Polypropylene 

PVC (polyvinylchloride) 
Polystyrene 
(polytetrafluoroethene) 
Perspex 


Polyethene 
PTFE 


Acrilan 





Polymer systematic name 


Poly(methyl-2-methyl- 


propenoate) 
Poly(propenenitrile) 


iO) 
ce 
o 
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o 
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Poly(phenylethene) 


Poly(ethene) 
Poly(propane) 
Poly(ethene) 
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Functional groups 

eA functional group is the atom or 
group of atoms present in a molecule 
that determines the characteristic 
properties of the molecule. 

e A homologous series is a group of 
compounds that contain the same 
functional group. The physical 
properties of ahomologous series 
show a gradation as molecular size 
increases. The chemical properties of a 
homologous series are similar because 
they are determined by the functional 
group. 


1 Alkenes 

e Alkenes contain the functional group 
C=C. 

e Their general formula is C,H>,,. 

e Alkenes are reactive and undergo 
additional reactions. 


2 Alcohols 

e Alcohols contain the functional group 
C-OH. 

e Their general formula is C,,H>,,4;0H. 

e Alcohols can also undergo oxidation 
to give carboxylic acids, or they can be 
dehydrated to alkenes. They can also 
react to form ester compounds 


3 Carboxylic acids 

e Carboxylic acids contain the 
functional group -COOH. 

e Carboxylic acids are typically weak acids 
that partially dissociate into H+ cations 
and RCOO-: anions in aqueous solution. 

e Carboxylic acids are widespread in 
nature. 


4 Esters 

e Esters contain the functional group 
-COOC.. 

e Esters are formed by a reaction 
between a carboxylic acid and an 
alcohol. 

e Esters are used in flavorings and 
perfumes. 


Functional groups and 
homologous series 


Functional group Example 
1 Alkenes Propene 
H 
H a 
Vesa PN ail " 
V, x H AY, 
H H 

2 Alcohols Ethanol 


C—O | | 
H-C—C-O 
~ | | ~x 


3 Carboxylic acids Ethanoic acid 


4 Esters Methylethanoate 


Alcohols 


1 The first six alcohols 


Structure Name 


CH3-OH methanol 


CH3CH2CH2-OH propan-1-ol 











CH3CH2CH CH CH>-OH pentan-1-ol 


2 Classification 


i 
H—H-H 
lige eae ieee 
es Co ae a er gg el 2 om oe 
HH H OHH H OHH 
Primary alcohol Secondary alcohol Tertiary alcohol 


3 Sharing of electrons 


4 Hydrogen bonding 
R—O 
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1 Naming 

e Alcohols are named by dropping the 
terminal “e” from the alkane chain 
and adding “ol.” For example, 
methane is the alkane; methanol is the 
alkanol, or alcohol. When necessary, 
the position of the hydroxyl (-OH) 
group is indicated by a number 
between the alkane name and the “ol,” 
e.g., propan-1-ol, or in front of the 
name, e.g., 2-propanol. 


2 Classification 

e Alcohols may be classified as primary, 
secondary, or tertiary on the basis of 
the number of carbon atoms bonded 
to the carbon carrying the functional 
group (-OH). 


3 Sharing of electrons 

e An oxygen atom is more 
electronegative than ahydrogen atom, 
and this leads to an unequal sharing of 
the electrons in the O-H bond. The 
bonding electrons are drawn more 
toward the oxygen atom and, because 
the electrons carry a negative charge, 
the oxygen atom becomes slightly 
negative. This is described as delta 
minus and is denoted by 8-. 
Conversely, the hydrogen atom 
becomes slightly positive— delta plus, 
denoted by 5+. (R represents the 
carbon group attached to the oxygen.) 


4 Hydrogen bonding 

e The -OH functional group generally 
makes the alcohol molecule polar. It 
has a positive charge at one end anda 
negative at the other. Molecules can 
form hydrogen bonds with one 
another and other compounds when 
the oppositely charged parts are 
attracted to each other, forming 
hydrogen bonds. 
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1 Naming 

e Carboxylic acids are named by adding 
the suffix “anoic acid” to the prefixes 
used for all homologous series of 
organic compounds. For example, the 
carboxylic acid containing three 
carbon atoms is “prop” + “anoic acid” 
= “propanoic acid.” 


2 Hydrogen bonding 

e Hydrogen bonding is present between 
carboxylic acid molecules, resulting in 
higher boiling points than might 
otherwise be expected and miscibility 
with water. 


3 lonization 

e Carboxylic acids ionize to give 
hydrogen ions, H+; however, they are 
weak acids because they are only 
partially ionized. 

e The dissociation constant for ethanoic 
acid, for example, is 1.75 x 105 
mol3dm-6. This means that only about 
4 molecules in every 1,000 are ionized 
at any one time. 


Characteristics 

e Carboxylic acids have a pH value of 
approximately 3-5. 

e Carboxylic acids react with carbonates 
and hydrogencarbonates to produce 
carbon dioxide: 
2H+(aq) + CO32-(aq) > 

H2O(1) + CO2(g) 
H*(aq) +HCO3(aq) > 
H2O(1) + CO2(g) 

e Carboxylic acids form salts with 
alkalis: 

CH3COOH(aq) + NaOH(aq) > 

ethanoic acid sodium hydroxide 
CH3COO-Na*(aq) + H20(1) 
sodium ethanoate water 





Carboxylic acids 


1 The first six carboxylic acids 


Structure Name 


CHOOH 
CH3COOH 
CH3CH,COOH 
CH3CH,CH,COOH 
CH3CH,CH,CH,COOH 


CH3CHCH>CH,CH,COOH 








2 Hydrogen bonding 


3 lonization 


methanoic acid 
ethanoic acid 
propanoic acid 
butanoic acid 
pentanoic acid 


hexanoic acid 








Esters 


1 Forming esters 
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2 Naming 
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methyl ethanoate 


ethyl ethanoate 


propyl ethanoate 


methyl propanoate 


O 
We 


+ NaOH —.- R—€ 
x 


+ R’—OH 
O- Nat 








CHEMISTRY OF CARBON 





alcohol ester 

alkyl functional group 
aryl saponification 
carbon 


carboxylic acid 





Esters 

e Esters contain the functional group 
-COOR, where R is an alkyl or an aryl 
group. 


1 Forming esters 

e Esters are formed by the reaction of 
carboxylic acids with alcohols in the 
presence of a strong acid catalyst, such 
as concentrated sulfuric acid. The 
reaction involves the loss of water. 

e Esters generally have a fruity smell that 
can be used to identify their presence. 
They are used for food flavorings and 
in cosmetics. 

e Esters have no -OH group, so they 
cannot form hydrogen bond like 
carboxylic acids and alcohols. 
Consequently, they are more volatile 
and are insoluble in water. 


2 Naming 

e@ The name of an ester is derived from 
the carboxylic acid and the alcohol 
from which it is formed. 

e The alcohol part of an ester is written 
at the beginning of the ester name; 
from methanol we get methyl, from 
ethanol we get ethyl, etc. 

e The acid part of an ester is written at 
the end of the ester name. It is written 
as if it was an ionic carboxylate group 
in a Salt; from ethanoic acid we get 
ethanoate, from propanoic acid we get 
propanoate, etc. 


3 Saponification 

e When esters are heated with an alkali, 
such as sodium hydroxide, they are 
readily hydrolyzed to form an alcohol 
and a carboxylic acid salt. 

@ This may be described as a 
saponification reaction. It is 
important in the production of soaps 
from fats and oils. 


© Diagram Visua Informetion Ltd. 


© DiagamVisua Informetion Ltd. 





CHEMISTRY OF CARBON 





carboxylic acid hydrophobic 
detergent soap 

ester 

fatty acid 

hydrophilic 





Soaps and Detergents 

e Soaps are cleansing agents made from 
fatty acids derived from natural oils 
and fats. Detergents are made from 
synthetic chemical compounds. 


1 Fatty acids 

e Carboxylic acids occur in animal and 
plant fats and oils. They may contain 
from 7 to 21 carbon atoms and are 
often referred to as fatty acids. 


2 Making soap 

e Most naturally occurring fats and oils 
are esters of propane-1,2,3-triol 
(glycerine). When the fats are boiled 
with sodium hydroxide, propanel,2,3,- 
triol and a mixture of sodium salts of 
the three carboxylic acids are formed. 
These salts are what we call soaps. 


3 Soap molecule 

e One end of asoap molecule is ionic, 
while the other end is covalent. The 
ionic end is described as hydrophilic 
because it dissolves in water. 
Conversely, the covalent end is 
described as hydrophobic because it 
does not dissolve in water, but it will 
dissolve in organic substances like oils. 


4 Cleaning action 

e The cleaning action of soap is the 
result of the different affinities of the 
two ends of the soap molecule. 

e The hydrophobic end of the molecule 
dissolves in oils and fats on the fabric, 
while the hydrophilic end of the 
molecule remains in the water. 

e The oil and fat particles are lifted off 
the fabric and held in the water by 
soap molecules. 


5 Detergent molecule 
e Alkylbenzene sulfonates are common 
examples of detergents. 


Soaps and detergents 


1 Common fatty acids 


Name 


2 Making soap 
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3 Soap molecule 
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4 Cleaning action 
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5 Detergent molecule 
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Organic compounds: GAEWSTRUOr CARSON 
States 





alkane 
alkene 


4 a Alkanes homologous 


series 





| | 
H-C-C-H 
H H 
A AH eH A 
Alkanes 


| | | | | liauid e The simplest alkaneis CH,, methane. 
H=-C—C—C=—C—-C=-H q The next simplest alkane is the two 
| | | | | carbon alkane, ethane (C,Hg). Both of 
these are gases. 
H H H H H e The five carbon alkane, pentane 
(C5H 9), is a liquid. 


H H e@ The 34 carbon compound, butadecane 
H H is asolid. 


Physical properties 

e All homologous series of compounds 
show a gradation of physical 
properties as the carbon chain length 
increases. 


fe sl | | 
ae) eee gee or Alkenes 
i 
H C C (CH2)30 C C H The simplest alkene is the two carbon 
| | | | alkene, ethene (C5H,), which is a gas. 


H H H H e@ 2-pentene (C5H49), which is a five 


carbon alkene, is a liquid. 

e 2-butedecane, which is a 34 carbon 
alkene, is a solid. 

Alkenes 


el 
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H H 
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Functional groups and 

properties 

e All members of an homologous series 
of compounds has the same 
functional group. Because the 
functional group determines most of 
the chemistry of a compound, 
members of a particular homologous 
series will have similar chemical 
reactions. 

e Alkenes are unsaturated compounds 
because they all contain a 
carbon-carbon double bond that 
makes them very reactive. Typically, 
they will undergo addition reactions 
with hydrogen, halogens, and water. 
They also form a variety of polymers. 

e Alcohols with a small relative 
molecular mass are flammable liquids 
and readily dissolve in water. Primary 
alcohols are readily oxidized: first to 
aldehydes and then to carboxylic 
acids. Secondary alcohols are oxidized 
to ketones: 

[O] [0] 
R-CH7-OH > R-CHO > 
R-COOH 
primary alcohol > aldehyde > 
carboxylic acid 


[0] 
R-CHOH-R — R-CO-R 
secondary alcohol — ketone 

e Carboxylic acids are weak acids since 
they only partially ionize. They have 
similar reactions to fully ionized 
mineral acids but they react with less 
vigor. Sodium salts of carboxylic acids 
are ionic compounds. Those with 
short carbon chains are readily soluble 
in water. 

e Esters are volatile liquids or low- 
melting solids. They are usually 
insoluble in water but soluble in 
ethanol and diethyl ether. Esters have 
sweet fruity smells and are used in 
perfumes, flavorings, and essences. 








Functional groups and 
properties 


Class of 
compound 
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Carboxylic 
acid 


Ester 
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Typical chemical property 
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Decolorizes bromine water 
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conc —_ 
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Decolorizes bromine water 


2CH3;COOH +Na,CO; —>2CH;COO-Na* + co,|+ HO 


Reacts with sodium carbonate solution 


HCOOH; + NaOH => HCOO-Na* + CO30H 


Can be hydrolized by alkali 








Reaction Summary: 
alkanes and alkenes 


Alkanes 


Combustion 


CsHe + 50> a 


Substitution 


CHa + Cl5 ——— 


Cracking 


CgHig — 


Alkenes 


Hydrogenation 


H2C =CH2 +H2 —_ 


Substitution 


H2C =CH2+Bro —— 


General reaction alkene to alkane 


nCHz =CH2 —_ 





3CO2 + 4H20 


CH3Cl + HCI 


AoC =CHs + Cehy 


H3C - CH3 
H>C - CH> 

Br Br 
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Reaction of alkanes and 

alkenes 

e Both alkanes and alkenes burn readily 
in a good supply of air to produce 
carbon dioxide and water. 

e Crude oil is a complex mixture of 
alkanes, which are separated into 
fractions (components) on the basis of 
boiling point during the refining 
process. Some of these fractions 
provide gasoline, diesel, aviation fuel, 
and fuel oil. 

e The quality of gasoline (how smoothly 
it burns) in indicated by its octane 
number, which ranges from 0-100: the 
higher the octane number the 
smoother burning the gasoline. The 
octane number is the percentage by 
volume of 2,2,4-trimethylpentane (also 
known as iso-octane) in a mixture of 
2,2,4-trimethylpentane and heptane, 
which has the same knocking 
characteristics as the gasoline being 
tested. 

e@ Historically, tetraethyllead(|V) 
Pb(C>Hs)4 was added to gasoline as an 
anti-knock additive to make it burn 
more smoothly. A growing knowledge 
of the poisonous nature of lead has 
resulted in the development of lead- 
free fuels in which other anti-knock 
additives, such as MTBE (methyltert- 
butyl ether), are used. 

e Crude oil contains no alkenes, but 
they are produced in cracking and 
other refining processes. Alkenes are 
important feedstock for addition 
polymerization but are also used in 
gasoline blending, making plasticizers, 
and as solvents. 

e Much of the chemistry of the alkenes 
is the result of the reactive nature of 
the carbon-carbon double bond. 
Alkenes undergo addition reactions 
with a variety of substances. 
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1 Alcohols 

e The majority of the world’s annual 
production of ethanol is made by the 
catalytic hydration of ethene. 

A mixture of ethene and steam at 
300°C and 70 atmospheres is passed 
over a phosphoric acid catalyst. 

e Ethanol is also made industrially by 
the fermentation of carbohydrates. 

e lt can also be prepared in the 
laboratory using concentrated sulfuric 
acid and heat. 

e Ethanol burns readily in air. In some 
countries it is used as a blending agent 
in motor fuels. 

e Alcohols can be oxidized to carboxylic 
acids by heating with a suitable 
oxidizing agent such as acidified 
potassium dichromate. The oxidation 
involves two stages and goes viaa 
group of compounds called aldehydes. 
Under suitable conditions, the ethanal 
can be removed from the reaction 
mixture before it is further oxidized to 
ethanoic acid. 


2 Acids 
e@ Salts of short-chain carboxylic acids, 
like sodium ethanoate, are ionic 
compounds and are soluble in water. 
e Ethanoic acid and ethanol react in the 
presence of aconcentrated sulfuric 
acid catalyst to form the ester ethyl 
ethanoate. This reaction is reversed by 
heating ethyl ethanoate with an alkali 
such as sodium hydroxide solution. 
The sodium salt formed, sodium 
ethanoate, can be neutralized by dilute 
mineral acid to regenerate ethanoic 
acid. 
esterification 
ethanoic acid + ethanol > 
ethyl ethanoate 
hydrolysis 
ethyl ethanoate > 
ethanoic acid + ethanol 


Reaction Summary: 
alcohols and acids 


Alcohols 


Preparation in industry 
HPO, at 300°C 
+70 Atmospheres 


CH, = CH, ar HO CH3CH,0H 


Fermentation 


2C6H 205 = =a 


cata aa 


Preparation in the laboratory 


conc H,SO, 
+ heat 


CH, = CH, te HO CH3CH,0H 


Oxidation by burning 


CH3CH,OH te 30, SP 2CO, te 3H,O0 


Oxidation by oxidizing agent 


K,CR,0, +dil H>SO, 


CH3CH,OH CH; +COOH 


Reaction to produce an ester 


conc 


CH3CH20OH =i CH3CO>H 150, HO a= CH3CO>CH2CH3 


Organic acids 


Reaction giving ionic salt 


CH3CO, oF NaOH as <a CH3COO Nat oF HO 


Reaction giving covalent ester 


CH3CO, oF CH3CH5,0H ad CH3COOCH>CH3 AF HO 


Reaction giving hydrolysis of an ester 


CH3;COOCH5,CH3; + NaOH ———> CH3COO-Nat + CH3CH5OH 





4CH3CH,OH + 4CO, 


15 seconds look ai black dot 





Optical isomerism 


1 Chiral molecule 


2 Enantioners 
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Optical isomerism 

e Optical isomerism is a form of 
isomerism in which two isomers are 
the same in every way except that they 
are mirror images that cannot be 
superimposed on each other. 


1 Chiral molecule 

e When four different groups are 
attached to a carbon atom, the 
resulting molecule has no symmetry. 
The molecule is said to be chiral, and 
the carbon atom at the center is 
described as asymmetric. 


2 Enantiomers 

e 1-bromo-1-chloroethane is a chiral 
molecule. It exists in two forms, called 
enantiomers, that differ only in the 
way that the bonds are arranged in 
space. 

e The enatiomers of a chiral molecule 
are mirror images of each other and 
cannot be superimposed on each 
other. 


3 Optical activity 

e Chiral molecules are said to be 
optically active since they rotate the 
plane of polarized light. If polarized 
light is passed through a solution 
containing only one of the 
enantiomers, the plane of the light will 
be rotated either to the right (dextro- 
rotatory) or to the left (laevo-rotatory). 
A similar solution containing only the 
other enantiomer will rotate the plane 
of the light by the same amount in the 
opposite direction. 

e A solution containing equal amounts 
of the enantiomers is called a racemic 
mixture or racemate. It is optically 
inactive since the two effects cancel 
each other out. 
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1 Amino acids 

e Amino acids are compounds that 
contain both amine (-NH>) and a 
carboxylic acid (-COOH) functional 
groups. 

e Amino acids are generally crystalline 
solids that decompose on melting. 
They are soluble in water and 
insoluble in organic solvents such as 
ethanol. 


2 Alanine 

e Like most a-amino acids, alanine 
contains an asymmetric carbon atom 
and exhibits optical isomerism. There 
are two forms of alanine; L-alanine and 
D-alanine (L=laevo-[left] rotatory; 
D=dextro-[right] rotatory.) 


3 Zwitterions 

e|n aqueous solution, amino acids are 
able to form ions that carry both 
positive and negative charge. Such 
ions are called zwitterions. They form 
by the loss of aproton from the 
carboxylic acid group and the gain of a 
proton on the amine group. 


4 Proteins 

e Proteins are polymers consisting of 
long chains of amino acids. The amino 
acids join together forming peptide 
bonds by the loss of water: 

-H,0 
H N-CHR-COOH + HjN-CHR-COOH > 
H>5N-CHR-CONH-CHR-COOH 

e All of the amino acids in proteins are 

the L-isomers. 


Amino acids and proteins 


1 Amino acids 


Te i 
HsN—CH—COOH H,N—CH—COOH 
alanine glycine 

NH, 
COOH ¢=o0 
a 
HsN—CH—COOH H,N—CH—COOH 
aspartic acid asparagine 


2 Alanine 


H COOH 


L-alanine D-alanine 
3 Zwitterions 
R R 


| + | 
H»N—CH—COOH == = Hj,N—CH—COO- 


4 Proteins 
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Monosaccharides eee 


1 Chain structure 








aldehyde hexose 
aldohexose monosaccharide 
CHO -G HO aldose 
| > | anomer 
H—*C—OH HO—"C-H glucose 
| 
3 3} : 
HO— C—H H—'C—OH Monosaccharides 
4 | 4 | e Monosaccharides are simple sugars 
H— ‘*C—OH HO— ‘C—H that have between three and six 
| | carbon atoms. Those with six carbon 
Hee aH HO—-C—H atoms are known as the hexoses and 
| have the general formula CgH 06. 
6 6 e Monosaccharides with an aldehyde 
CH20H CH20H group (-CHO) are called aldoses. 


e Glucose has both an aldehyde group 
D-glucose L-glucose and six carbon atoms and is therefore 
an aldohexose. 


1 Chain structure 
e For simplicity, monosaccharides are 
sometimes displayed as vertical open 


2 Ring structure 


°CH5OH °CH5OH chain structures to which the -H and 
-OH groups are attached. 
c O Cc O e Aldohexoses contain four 
H 5 H H 5 OH asymmetrical carbon atoms: C-2, C-3, 


C-4, and C-5. There are 8 different 
possible ways of arranging the -H and 
C C C C -OH groups on these carbon atoms, 
4 a and each of these has two optical 
isomers, making a total of 16. 
OH C 5) C OH OH Cc 9, es H e The most important of these are the 
3 2 two optical isomers of glucose. 
H OH H OH e For glucose the D- and L- indicate the 
configuration of the -H and -OH 
groups on C-5. 


a-D-glucose B-D-glucose 
2 Ring structure 
e |n reality, solid monsaccharides do not 
3 Hexagonal ring exist as open chain structures but as 
ring structures. 
O e |n Howarth projections of 


monosaccharides, groups are shown 
on vertical bonds above and below a 
flat hexagonal ring. 

e D-glucose can exist in two separate 
crystalline forms known and a-D- 
glucose and 8-D-glucose. These forms 
are known as anomers. 





Hl = CH5OH 


3 Hexagonal ring 

| e The hexagonal ring ina 
monosaccharide is not flat but in the 
form of a chair. 
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Di-and polysaccharides 

eA disaccharide is formed when two 
monosaccharides join together. A 
molecule of water is lost and a 
glycosidic link is formed. 

eA polysaccharide is a polymer formed 
by the joining of many 
monosaccharide units. 


1 Sucrose CH>OH 


e Sucrose, the sugar widely used on 
foods, is a disaccharide. 


HY CHSOH 






HO 


HO H 


2 Cellulose 
e Cellulose, a polysaccharide, provides 
plant cells with a rigid structure. 


3 Starch 

e Glycogen is the storage polysaccharide 
of animals. 

e Starch is the storage polysaccharide of 
plants. 


glycosidic bond 


2 Cellulose 





lonizing radiation 


1 Alpha particles 


a-radiation consists 
of a stream of a 
particles 





neutron 


2 Beta particles 


B-radiation consists 
of a stream of B 
particles 


( ) electron 


3 Gamma radiation 


y-radiation is a form 
of electromagnetic 
radiation 


Wavelength 
Frequency 


4 Radiation in laboratories 
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lonizing radiation 

e lonizing radiation is any radiation 
capable of displacing electrons from 
atoms or molecules and so producing 
ions. Examples include alpha 
particles, beta particles, and gamma 
radiation. 


1 Alpha particles 

eAn alpha (a) particle has the same 
structure as a helium nucleus (two 
protons and two neutrons). 

e Alpha particles are relatively heavy, 
high-energy particles with a positive 
charge. 

e Alpha particles produce intense 
ionization in a gas. 

e@ Emission speeds are typically of the 
order of 5-7 percent of the speed of 
light. 


2 Beta particles 

eA beta (8) particle is a fast-moving 
electron with a negative charge. 

e Beta particles produce less ionization 
in agas than alpha particles and on 
average produce only 1/1000th as 
many ions per unit length. 

e Emission speeds can be as high as 99 
percent of the speed of light. 


3 Gamma radiation 

e Gamma (¥) rays ionize gas only weakly 
and on average produce only 1/1000th 
as many ions per unit length as beta 
particles. 


4 Radiation in laboratories 

e Sources of radiation used for 
laboratory experiments are usually 
supplied mounted in a holder. The 
active material is sealed in metal foil, 
which is protected by a wire gauze 
cover. When not in use, the material is 
stored in a small lead container. 
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Detectors 

e Radioactivity is invisible, but because 
it affects the atoms that it passes, 
scientists can easily detect it using a 
variety of methods. 





1 Spark counter 

e High voltage is applied between the 
stiff wire (anode) and the gauze 
(cathode) and reduced until it just 
stops sparking. 

e When aradium source is brought near 
the gauze, the air between the wire 
and the gauze is ionized, and sparks 
are seen and heard at irregular 
intervals. 


2 Cloud chamber 

e When air containing ethanol vapor is 
cooled, it becomes saturated. If 
ionizing radiation passes through this 
air, further cooling causes the vapor to 
condense on the ions created in the 
air. The result is a white line of tiny 
liquid droplets that shows up as a 
track when illuminated. 


3 GM tube 

e When radiation enters the metal tube, 
either through the mica window or 
through the tube wall, it creates argon 
ions and electrons. These are 
accelerated toward the electrodes and 
collide with other argon atoms. On 
reaching the electrodes, the ions 
produce a current pulse, which is 
amplified before being fed to a pulse 
counter. 











4 Testing absorption 

e The ability of materials to absorb 
alpha, beta, and gamma radiation can 
be tested by placing the material 
between a radioactive source and a 


a stiff wire (anode) 

b sparks 

c wire gauze (cathode) 
d radium source 


i e forceps 
GM tube and comparing the count per f insulating base 
minute with the count over the same g E.h.t. supply 
' ain h circular transparent plastic 
period when the material is removed. chamber 


i super-cooled vapor 





3 Geiger-Muller tube 
(GM tube) 





Radiation detectors 


2 Cloud chamber 











4 Testing absorbtion of 
alpha, beta, and gamma 


j transparent lid 

k felt strip soaked with alcohol 
and water 

| base 

m radioactive source 

n foam sponge 

o crushed dry ice 

p black metal base plate 

q mica window 

r argon gas at low pressure 


radiation 





s anode wire 

t insulator 

u cathode metal tube 

v pulse counter 

w electrons are pulled toward 
the anode wire in an 
avalanche 


x source 
y absorbing material 
z GM tube 


Properties of radiations: 
penetration and range 
1 Penetration of radiation 2 Range of radiation in air 
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3 The inverse square law for gamma radiation penetration 
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1 Penetration 

e Alpha, beta, and gamma radiation 
penetrate by different amounts. 

e Alpha radiation is the least penetrating 
and is stopped by a sheet of paper or 
very thin metal foil. 

e Beta radiation is stopped by aluminum 
a few millimeters thick. 

e Gamma radiation is most penetrating, 
and is only stopped by a thick block of 
lead. 


2 Range 

e The penetrating power of alpha, beta, 
and gamma radiation is reflected in 
the distance that they can travel 
through air. Alpha particles can only 
travel a few centimeters before 
colliding with air particles. Beta 
particles travels a few meters, while 
gamma radiation can travel many 
meters. 


3 Gamma penetration 

e Gamma rays are highly penetrating 
because they have relatively little 
interaction with matter. There is very 
little absorption or scattering as they 
pass through air. 

e The intensity falls off with distance 
according to the inverse square law: 
l=k 

d2 
where | is intensity, d is the distance 
from the source, and k is a constant. 
At a distance x, the intensity of the 
gamma radiation: 
=k 

x2 
At a distance 2x, the intensity of the 
gamma radiation: 
Pye = |e 

(2x)2 4x2 
As the distance increases by a factor of 
2, the intensity of the gamma radiation 
decreases by a factor of 4. 
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Electric and magnetic 

fields 

e An electric field is a field extending 
outward in all directions from a 
charged particle. 

eA magnetic field is an area of force that 
exists around a magnetic body or a 
current-carrying conductor. Alpha, 
beta, and gamma radiation behave 
differently in both. 


1 Electric field 

e Alpha radiation is composed of 
positively charged particles. A stream 
of alpha particles is deflected when 
passing through the electric field 
between two oppositely charged 
plates. The particles are repelled from 
the positively charged plate and 
attracted toward the negatively 
charged plate. 

e Beta radiation is composed of 
negatively charged particles. A stream 
of beta particlesis deflected by an 
electric field in the opposite direction 
to alpha particles. The deflection is 
greater because the beta particles have 
a much smaller mass. 

e Gamma radiation is not deflected by 
an electric field. This is evidence that 
gamma radiation carries no charge. 


2 Magnetic field 

e Alpha radiation is deflected by a strong 
magnetic field. Weak magnetic fields 
have no noticeable effect due to the 
greater mass of alpha particles 
compared to beta particles. 

e Beta radiation is deflected by a 
relatively weak magnetic field. Beta 
radiation is deflected in the opposite 
direction to alpha radiation, indicating 
its particles carry an opposite charge. 

e Gamma radiation is not deflected by a 
magnetic field, indicating that gamma 
radiation carries no charge. 





Properties of radiations: 
in fields 
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Stability 
e The stability of isotopes is based on the 
ratio of neutrons and protons in their 
nucleus. Although most nuclei are 

stable, some are not and 
spontaneously decay, emitting 
radiation. 

e The lightest stable nuclides (particular 
isotopes of an element) have almost 
equal numbers of protons and 
neutrons. The heavier stable nuclides 
require more neutrons than protons. 
The heaviest stable nuclides have 
approximately 50 percent more 
neutrons than protons. 


Odd-even rule 

e |sotopes tend to be more stable when 
they have even numbers of protons 
and neutrons than when they have 
odd. This is the result of the spins of 
the nucleons (the constituents of the 
atomic nucleus). When two protons or 
neutrons have paired spins (spins in 
opposite directions), their combined 
energy is less than when they are 
unpaired. 


Decay 

e@ When unstable nuclides disintegrate, 
they tend to produce new nuclides 
that are nearer to the stability line. 
This will continue until a stable 
nuclide is formed. 

e An unstable nuclide above the band of 
stability decays by beta emission. This 
increases the proton number and 
decreases the neutron number. Thus, 
the neutron to proton ratio is 
decreased. 

e An unstable nuclide below the band of 
stability disintegrates so as to decrease 
the proton number and increase the 
neutron to proton ratio. In heavy 
nuclides this can occur by alpha 
emission. 
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1 Half-life 

e@ Half-life is the time required for half 
the nuclei in a sample of an isotope to 
undergo radioactive decay. 

e Radioactive decay is a completely 
random process in which nuclei 
disintegrate independently of each 
other or external factors such as 
temperature and pressure. 


2 Rate of decay 

e There are always very large numbers of 
active nuclides even in small amounts 
of radioactive material, so statistical 
methods can be employed to predict 
the fraction that will have decayed, on 
average, over a given period of time. 

e The rate of decay of a nuclide at any 
time is directly proportional to the 
number of nuclei, N, of the nuclide: 
-dN « N or dN =-AN 
“dt dt 
where N is the number of undecayed 
nuclei and d is the decay constant. The 
minus sign indicates that the number 
of undecayed nuclei falls with time. 
Integrating this gives the exponential 
law equation: 

Ny =Nge*t 

where No is the number of undecayed 
atoms at time t = 0 and N, the number 
of undecayed atoms after time t. 

e After one half life (ty 2) has passed, the 
number of undecayed atoms 
remaining in the sample will be No/ 2. 
Substituting this into the exponential 
law equation for N, and taking natural 
logs of both sides provides a 
mathematical relationship between the 
decay constant and the half life of a 
radioactive atom: 
tiy2) = 0.693 
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Half-life Time, t 


Typical radioactive decay curve 


a 
23 
cw 
Es 
2S 
= 
> 2 
z8 
oy 
<< 
2% 
2 
aa 
ia) 
4s 
££ oO 
- > 

~ 

— 

4 


aa 
3 
o 
> 
~ a 
Cc 
Z 
vc 





Measuring half-life 


1 Half-life of radon 





a ionization chamber f valves 

b air g squeezable polyethylene 
c radon bottle 

d d.c. amplifier h thorium hydroxide powder 
e clips i clock 


2 Exponential decay: decay curve for radon gas 
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1 Half-life of radon 

e Thorium decays to produce the 
radioactive isotope radon-220. This 
isotope is sometimes referred to as 
thoron. 

e The bottle containing thorium 
hydroxide powder is squeezed a few 
times to transfer some radon-220 to 
the flask. The clips are then closed. 

e As the radon decays, the ionization 
current decreases. It is always a 
measure of the number of alpha 
particles present and, therefore, the 
proportion of radon-220 remaining. 

e The current is noted every 15 seconds 
for 2 minutes and then every 60 
seconds for several minutes. 


2 Exponential decay 

eA graph of current against time is 
plotted. 

e|n this experiment, the half-life is 
indicated by the amount of time taken 
for the current to fall to half of its 
original value. 

e The half-life of radon-220 is 
approximately 55 seconds. 


3 Radon decay 

e Radon-220 decays with the loss of an 
alpha particle to form polonium-216, 
which decays to form lead-212. The 
half life of polonium-216 is 0.145 
seconds, and the half life of lead-212 is 
10.64 hours. 
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1 Tracers 


e Radioactive isotopes are used astracers | 


to monitor the movement of 
substances in plants and animals. A 
solution containing radioactive 
phosphorus-32 is introduced into the 
stem of a plant. A Geiger counter is 
used to detect the movement of the 
isotope through the plant. 


2 Thyroid monitor 

eA solution containing iodine-131 is 
introduced to the bloodstream of a 
patient with a defective thyroid. A 
Geiger counter is used to detect the 
isotope and monitor thyroid activity. 


3 Food preservation 

e Food is irradiated by exposing it to 
gamma radiation. Irradiation 
destroys disease-causing bacteria as 
well as those that spoil food, so the 
shelf life of food is extended. 


4 Sterilization 
e Gamma radiation is used to sterilize 
medical equipment. 


5 Smoke detectors 

e Americium-241, a source of alpha 
radiation, is widely used in smoke 
detectors. The alpha particlesionize 
the air in the sensing circuit. Any 
smoke particles interfere with this and 
cause a change in the current, which 
triggers an alarm. 


6 Duration of death 

e All organisms contain a specific ratio of 
radioactive carbon-14 to carbon-12. 
When an organism dies, no carbon-14 
is added. After death, carbon-14 decays 
at a predictable rate: the half-life is 
5,700 years. By comparing the ratio of 
carbon-14 to carbon-12, it is possible 
to say when an organism died. 
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1 Nuclear fusion 

e!n nuclear fusion, two or more light 
atomic nuclei join to make a more 
massive one. During the process, 
some of the mass of the nuclei is 
converted into energy. Nuclear fusion, 
which first occurred during the Big 
Bang, powers stars. It also occurs in 
hydrogen bombs. Currently scientists 
are working to control fusion so it can 
be used in nuclear reactors. 


2 Deuterium 

e Deuterium is an isotope of hydrogen 
known as heavy hydrogen. The 
nucleus of a deuterium atom consists 
of one neutron and one proton. 

e The fusion of two deuterium nuclei 
results in the formation of a helium-3 
nucleus. A small amount of mass is 
converted into energy: 

Mass of two deuterium nuclei = 

2 x 2.014 = 4.028 u 

Mass of helium-3 nucleus plus a 
neutron = 

3.016 + 1009 =4.025 u 

Mass converted to energy by fusion = 
4.028 - 4.025 =0.003 u 

Energy released by the fusion reaction 
= 45x10) 

Energy released per kilogram of 
deuterium is approximately 9 x 108 J. 


3 Tritium 

e Tritium is another isotope of 
hydrogen. The nucleus of a tritium 
atom consists of two neutrons and one 
proton. 

e The fusion of a deuterium nucleus and 
a tritium nucleus results in the 
formation of ahelium-4 nucleus and 
the release of energy. The energy 
released per kilogram of deuterium 
and tritium is approximately 
30 x 1013). 

e This reaction produces more energy, 
and the fusion takes place at a lower 
temperature. 
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Nuclear fission 

e|n nuclear fission, a heavy atomic 
nucleus divides to make two smaller 
ones. Some of the mass of the nuclei is 
converted into energy during the 
process. 


1 Reaction with uranium 
e!nanuclear reaction with uranium and 
slow-moving neutrons, the nucleus of 

the uranium-235 atom undergoes 
fission and forms two smaller nuclei 
(lanthanum-148 and bromine-85) plus 
three neutrons. A small amount of 
mass is converted to energy. 


2 Chain reaction 

eA nuclear chain reaction is a series of 
self-sustaining reactions in which the 
particles released by one nucleus 
trigger the fission of at least as many 
other nuclei. 

e Under normal circumstances, only a 
very small proportion of fission 
neutrons act in this way. However, if 
there is a sufficient amount of a 
radioactive isotope, a chain reaction 
can start. 

e!n an atomic bomb, an increasing 
uncontrolled chain reaction occurs in 
a very short time when two pieces of 
uranium-235 (or plutonium-239) are 
rapidly brought together. 

e|n anuclear power station, the chain 
reaction is steady and controlled, so 
only alimited number of fission 
neutrons bring about further fission 
reactions. 


Nuclear fission 


1 Reaction with uranium 
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Nuclear reactor 

e Uranium, either the metal or the 
metal oxide, is used as fuel in nuclear 
reactors. The fuel is in the form of fuel 
rods, which are suspended in the 
reactor. 

e Naturally occurring uranium contains 
99.3 percent uranium-238 and only 0.7 
percent of the radioactive isotope 
uranium-235. The uranium-235 
content must be increased to 
approximately 3 percent before the 
uranium can be use as a fuel. 

e Uranium-235 undergoes spontaneous 
fission. However, in a nuclear power 
station, the fission is brought about by 
bombarding the uranium nuclei with 
neutrons. 

e The fission of one atom of uranium- 
235 absorbs one neutron and releases 
three others. In order to increase the 
chances that these neutrons will strike 
other uranium-235 atoms, they are 
slowed down by a moderator. 

e Control rods are suspended between 
the fuel rods. These can be raised or 
lowered as needed to control the 
nuclear reaction. The control rods are 
made of alloys that absorb neutrons. 
When they are lowered, more 
neutrons are absorbed. 

e@ The heat produced by the fission 
reaction is removed through a heat 
exchanger. The loop between the 
nuclear reactor and the heat 
exchanger is sealed so there is no 
danger of radioactive material escaping 
into the environment. 

e The heat is used to convert water into 
pressurized steam. The high pressure 
steam drives a turbine connected to a 
generator, which produces electricity. 
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Radioactive decay 

e Radioactive nuclei break down by a 
process known as radioactive decay 
in order to become more stable. In a 
radioactive decay series, each member 
of the series is formed by the decay of 
the nuclide before it until a stable 
nuclide is produced. As the nuclei 
disintegrate, they emit alpha (a) or 
beta (8) particles. 

e There are three naturally occurring 
radioactive decay series: the uranium 
series, the actinium series, and the 
thorium series. Each ends with a stable 
isotope of lead. 


The uranium series 

e The uranium series involves the 
radioactive decay of U-238 to stable 
Pb-206. It is also known as the 4n+2 
series (where n is an integer), because 
each member of the series has a mass 
equivalent to 4n+2. 

e The graph indicates how the decay 
occurs. Atomic numbers are plotted 
on the x-axis. The mass numbers are 
on the y-axis. The symbol for the 
element is at the top of the graph. 
Each diagonal line represents an alpha 
(a) decay; each horizontal line a beta 
(8) decay. A circle indicates the 
daughter nucleus (the nucleus 
produced by the decay of the previous 
nucleus). Half-life is indicated in years 
(a), days (d), hours (h), minutes (m), 
and seconds (s). 


Decay chain 

U-238 > Th-234 + Pa-234 > U-234 
Th-230 + Ra-226 — Rn-222 — Po-218 > 
At-218 — Pb-214 — Bi-214 > Po-214 + 
Ti-210 + Pb-210 > Bi-210 > Po-210 > 
Pb-206 (stable) 





The uranium series 
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Radioactive decay 

e Radioactive nuclei break down bya 
process known as radioactive decay 
in order to become more stable. In a 
radioactive decay series, each member 
of the series is formed by the decay of 
the nuclide before it until a stable 
nuclide is produced. As the nuclei 
disintegrate, they emit alpha (a) or 
beta (8) particles. 

e There are three naturally occurring 
radioactive decay series: the uranium 
series, the actinium series, and the 
thorium series. Each ends with a stable 
isotope of lead. 


The actinium series 

e The actinium series involves the 
radioactive decay of U-235 to stable 
Pb-207. It is also known as the 4n4+3 
series (where nis an integer), because 
each member of the series has a mass 
equivalent to 4n+3. 

e The graph indicates how the decay 
occurs. Atomic numbers are plotted 
on the x-axis. The mass numbers are 
on the y-axis. The symbol for the 
element is at the top of the graph. 
Each diagonal line represents an alpha 
(a) decay; each horizontal line a beta 
(8) decay. A circle indicates the 
daughter nucleus (the nucleus 
produced by the decay of the previous 
nucleus). Half-life is indicated in years 
(a), days (d), hours (h), minutes (m), 
and seconds (s). 


Decay chain 

U-235 + Th-231 + Pa-231 = Ac-227 > 
Th-227 — Fr-223 + Ra-223 > Rn-219 + 
Po-215 = At-215 — Pb-211 = Bi-211 
Po-211 = TI-207 — Pb-207 (stable) 
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Radioactive decay 

e Radioactive nuclei break down by a 
process known as radioactive decay 
in order to become more stable. In a 
radioactive decay series, each member 
of the series is formed by the decay of 
the nuclide before it until a stable 
nuclide is produced. As the nuclei 
disintegrate, they emit alpha (a) or 
beta (8) particles. 

e There are three naturally occurring 
radioactive decay series: the uranium 
series, the actinium series, and the 
thorium series. Each ends with a stable 
isotope of lead. 


The thorium series 

e The thorium series involves the 
radioactive decay of Th-232 to stable 
Pb-208. It is also Known as the (4n) 
series (where n is an integer) because 
each member of the series has a mass 
equivalent to 4n. 

e The graph indicates how the decay 
occurs. Atomic numbers are plotted 
on the x-axis. The mass numbers are 
on the y-axis. The symbol for the 
element is at the top of the graph. 
Each diagonal line represents an alpha 
(a) decay; each horizontal line a beta 
(8) decay. A circle indicates the 
daughter nucleus (the nucleus 
produced by the decay of the previous 
nucleus). Half-life is indicated in years 
(a), days (d), hours (h), minutes (m), 
and seconds (s). 


Decay chain 

Th-232 + Ra-228 — Ac-228 > Th-228 > 
Ra-224 + Rn-220 — Po-216 — Pb-212 > 
Bi-212 + Po-212 > TI-208 + 

Pb-208 (stable) 


The thorium series 
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Radioactive decay 

e Radioactive nuclei break down by a 
process known as radioactive decay 
in order to become more stable. In a 
radioactive decay series, each member 
of the series is formed by the decay of 
the nuclide before it until a stable 
nuclide is produced. As the nuclei 
disintegrate, they emit alpha (a) or 
beta (8) particles. 

e The neptunium series is composed of 
isotopes that do not occur in nature. 


The neptunium series 

e The neptunium series starts with the 
artificial isotope plutonium-241 and 
ends with bismuth-209. Each member 
of the series has a mass equivalent to 
4n+1 (where n is an integer). 

e The graph indicates how the decay 
occurs. Atomic numbers are plotted 
on the x-axis. The massnumbers are 
on the y-axis. The symbol of the 
element is at the top of the graph. 
Each diagonal line represents an alpha 
(a) decay; each horizontal line a beta 
(8) decay. A circle indicates the 
daughter nucleus (the nucleus 
produced by the decay of the previous 
nucleus). 


Decay chain 

Pu-241 > Am-241 > Np-237 — Pa-233 > 
U-233 — Th-229 — Ra-225 > Ac-225 > 
Fr-221 > At-217 — Bi-213 > Po-213 > 
Pb-209 — Bi-209 (stable) 
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1 Alpha decay 

e Alpha decay is the process in which 
the nucleus of an atom emits an alpha 
particle (which has the same structure 
as the helium-4 nucleus: 3He). 

e The new atom’s atomic mass number 
(A) is reduced by 4 and its atomic 
number (Z) is decreased by 2. 

e Uranium-238 decays to thorium-234 by 
the loss of an alpha particle. 

e Energy is also released as gamma (+) 
radiation. 


2 Alpha particle spectrum 

e The ground state of the uranium 
nucleus (the natural state of the lowest 
energy of the nucleus) is at a higher 
energy than the ground state of the 
thorium nucleus. 

e Some energy is released in the form of 
kinetic energy, which is carried by the 
alpha particle. 

e The remaining energy is released as 
gamma radiation. 


3 Beta decay 

e Beta decay is the process in which the 
nucleus of an atom emits a beta 
particle (an electron). 

e The new atom’s atomic number (Z) is 
increased by 1, while the atomic mass 
number (A) remains unchanged. 

e Thorium-234 decays to protactinium- 
234 by the loss of a beta particle. The 
half-life for this decay is 6.75 hours. 


4 Beta particle spectrum 

e The ground state of the thorium 
nuclide is at a higher energy than the 
ground state of the protractinium 
nucleus. 

e Some energy is released in the form of 
kinetic energy, which is carried by the 
beta particle. 

e The remaining energy is released as 
gamma radiation. 


Radioactivity of decay 
sequences 


1 Alpha decay 
A ie A-4 4 
NS BA 


Z 
General sequence of alpha decay 
238 234 4 
Q 
U —*—> Th+ He + y 
92 90 2 


Example of alpha decay: uranium decay to thorium 


2 Alpha particle spectrum 





3 Beta decay 


A A 
x —->—- Yue +» 
Z Z+1 
General sequence of beta decay 
234 A 
Th —2—+ Pate + > 
90 91 


Example of beta decay: thorium decay to protactinium 


4 Beta particle spectrum 





¥S@ Y>@ YOO 


a nuclide z e alpha particle energy i ground state of Z +1 
b excited states of Z - 2 f gamma radiation j beta particle energy 
c excited states of Z- 2 g nuclide Z k neutrino energy 


d ground state of Z - 2 h excited state of Z +1 I gamma radiation 
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Table of masses and abundance of naturally occurring isotopes 


20 


All 





Neutron 
Hydrogen 


Helium 
Lithium 


Beryllium 
Boron 


Carbon 
Nitrogen 


Oxygen 


Fluorine 
Neon 


Sodium 
Magnesium 


Aluminum 
Silicon 


Phosphorus 
Sulfur 


Chlorine 
Argon 


Potassium 


Calcium 


Scandium 


* denotes radioactive isotope 


Ca 


Se 


SReene aes ce Jo] oN 


99.99 
0.01 
13105! 
100 
aA 
92.6 
100 
19.6 
80.4 
98.9 
ial 
99.6 
0.4 
99.76 
0.04 
0.20 
100 
90.9 
0.3 
8.8 
100 
78.8 
10.2 
i111 
199 
92.2 
47 
3.1 
100 
95.0 
0.8 
4.2 
0.01 
75.5 
24.5 
0.34 
0.06 
99.6 
93.1 
0.012 
6.9 
97.0 
0.6 
0.1 
oat 
0.003 
0.2 
100 





1008665 
1007825 
2.014102 
3.016030 
4.002604 
6.015126 
7.016005 
9.012186 
10.012939 
1.009305 
122.000000 
1.003354 
14.003074 
15.000108 
15.994915 
16.999133 
17999160 
18.998405 
19.992440 
20.993849 
21991384 
22.989773 
23.985045 
24.985840 
25.982591 
26.981535 
27.976927 
28.976491 
29.973761 
30.973763 
31972074 
32.971460 
33.967864 
35.967091 
34.968854 
36.965895 
35.967548 
37.962724 
30.962384 
38.963714 
39.964008 
49.961835 
39.962589 
41958628 
42.958780 
43.955490 
45.953689 
47952519 
44.955919 








RADIOACTIVITY 





atomic mass 
atomic number 
isotope 

mass number 





Atomic number 

e@ The atomic number (Z) of an element 
is the number of protons in the 
nucleus of one atom of that element. 
All atoms of the same element have 
the same atomic number. 


Element 

e “Element” refers to the common name 
of the element. This list is restricted to 
the 89 naturally occurring elements. 


Symbol 

e “Symbol” refers to the shorthand form 
of the element’s name used in 
chemical equations. 


Mass number 

e@ The mass number (A) represents the 
number of protons or neutrons in the 
nucleus of one atom of that element. 
Not all atoms of the same element 
have the same mass number. Atoms of 
an element that have different mass 
numbers are called isotopes. 


Percentage 

e “Percentage” refers to isotopic 
abundance. For example, 99.99 
percent of naturally-occurring 
hydrogen has the mass number 1. 
Only 0.01 percent has the mass 
number 2. 


Atomic mass 

e “Atomic mass’ refers to the average 
atomic mass of that element's isotope 
weighted by isotopic abundance. 
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atomic mass 
atomic number 
isotope Table of masses and abundance of naturally occurring isotopes 


mass number 











Atomic number 











e@ The atomic number (Z) of an element 22 Titanium Ti 46 8.0 45.952633 
is the number of protons in the AT 73} 46.95176 
nucleus of one atom of that element. 48 74.0 47947948 
All atoms of the same element have 49 55) 48.947867 
the same atomic number. 50* 5.2 49.944789 

23 Vanadium V 50 0.25 49.947165 

Element Rul QL 50.943978 

e “Element” refers to the common name 24 Chromium Cr 50 4.3 49.946051 
of the element. This list is restricted to 2 oes a aaen 
the 89 naturally occurring elements. 54 54 53,938879 

25 Manganese M 55 100 54.938054 

Symbol 26 Iron Fe 54 5.8 53.93962 

e “Symbol” refers to the shorthand form 56 917 55.93493 
of the element’s name used in 57 Dp 56.93539 
chemical equations. 58 0.3 5793327 

27 Cobalt Co 59 100 58.933189 

Mass number 28 Nickel Ni 58 67.8 5793534 

e@ The mass number (A) represents the 60 26.2 59.93078 
number of protons or neutrons in the 61 12 60.93105 
nucleus of one atom of that element. a Da eeee 
Not all atoms of the same element 29 Copper Gu 63 69.1 62.92959 
have the same mass number. Atoms of 65 30.9 64.92779 
an element that have different mass 30 Zinc Zn 64 48.9 63.929145 
numbers are called isotopes. 66 278 65.92605 

67 Am 66.92715 

Percentage 68 18.6 67.92486 

e “Percentage” refers to isotopic 70 0.6 69.92535 
abundance. For example, 99.99 31 Gallium Ga 69 60.5 68.92568 
percent of naturally-occurring 71 39.5 70.92484 
hydrogen has the mass number 1. 32 Germanium Ge 70 20.5 69.92428 
Only 0.01 percent has the mass i Se een 
TANTS 74 36.7 73.9211 

: 76 Wel 75.9214 

Atomic mass ae Arsenic As 75 100 74.92158 

e “Atomic mass’ refers to the average 34 Selenium Se 74 09 73.9224 
atomic mass of that element's isotope 76 9.0 75.91923 
weighted by isotopic abundance. Tl 7.6 76.91993 

78 2305 77.91735 
80 49.8 79.91651 
82 9.2 819167 
55 Bromine Br 79 50.6 78.91835 
81 49.4 80.91634 
36 Krypton Kr 78 ORS 77920368 
80 2B} 79.91639 
82 116 8191348 
83 AILS) 82.91413 
84 56.9 83.911504 
86 17.4 85.91062 
*denotes radioactive isotope 
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Table of masses and abundance of naturally occurring isotopes 





By Rubidium Rb 85 72.1 84.9117 
S75 279 86.9092 
38 Strontium Sis 84 0.6 83.91338 
86 9.9 85.9093 
87 7.0 86.9089 
88 82.5 87.9056 
39 Yttrium Vf 89* 100 88.9054 
40 Zirconium Zr 90 ay} 89.9043 
91 shy, 90.9052 
92 AWA 919046 
94 17.4 93.9061 
96 2.8 95.9082 
Al Niobium Nb 93 100 92.9060 
42 Molybdenum Mo 92 159 919063 
94 9.1 93.9047 
95 15.7 94.9057 
96 16.5 95.9045 
97 9.4 96.9057 
98 23.8 97.9055 
100 9.6 99.9076 
43 Technetium ie has no stable or naturally- 
occuring isotopes 
44 Ruthenium Ru 96 5.6 95.9076 
98 19 97.905 
99 vay) 98.9061 
100 12.6 
101 71 
102 316 1019037 
104 18.5 103.9055 
45 Rhodium Rh 103 100 102.9048 
46 Palladium Pd 102 10 1019049 
104 1L0 103.9036 
105 22a 104.9046 
106 PT 105.9032 
108 26.7 107.9039 
110 118 109.9045 
47 Silver Ag 107 514 106.9050 
109 48.6 108.9047 
48 Cadmium Cd 106 2 105.9059 
108 0.9 107.9040 
110 D4 109.9030 
lalelt 27 110.9041 
12 24.1 1119028 
13 1723} 112.9046 
114 28.8 113.9036 
116 7.6 115.9050 
49 Indium In 13 4.3 112.9043 
15% 95.7 114.9041 








* denotes radioactive isotope 





RADIOACTIVITY 





atomic mass 
atomic number 
isotope 

mass number 





Atomic number 

e@ The atomic number (Z) of an element 
is the number of protons in the 
nucleus of one atom of that element. 
All atoms of the same element have 
the same atomic number. 


Element 

e “Element” refers to the common name 
of the element. This list is restricted to 
the 89 naturally occurring elements. 


Symbol 

e “Symbol” refers to the shorthand form 
of the element's name used in 
chemical equations. 


Mass number 

e@ The mass number (A) represents the 
number of protons or neutrons in the 
nucleus of one atom of that element. 
Not all atoms of the same element 
have the same mass number. Atoms of 
an element that have different mass 
numbers are called isotopes. 


Percentage 

e “Percentage” refers to isotopic 
abundance. For example, 99.99 
percent of naturally-occurring 
hydrogen has the mass number 1. 
Only 0.01 percent has the mass 
number 2. 


Atomic mass 

e “Atomic mass’ refers to the average 
atomic mass of that element's isotope 
weighted by isotopic abundance. 


© DiagamVisua Informetion Ltd. 





RADIOACTIVITY Table of naturally 
occurring isotopes 4 





atomic mass 
atomic number 5 : 
isotope Table of masses and abundance of naturally occurring isotopes 


mass number 











Atomic number 
e The atomic number (Z) of an element 50 Tin Sn 112 10 1119049 
is the number of protons in the 114 0.6 113.9030 
nucleus of one atom of that element. 115 0.3 114.9035 
All atoms of the same element have 116 14.2 115.9021 
the same atomic number. 107/ 7.6 116.9031 
118 24.0 117.9018 
Element 119 8.8 118.9034 
e “Element” refers to the common name 20 33.0 119.9021 
of the element. This list is restricted to i =a ares 
the 89 naturally occurring elements. 51 Antimony Sb D1 B78 120.9037 
1} 42.7 122.9041 
Symbol 52 Tellurium ‘Te 120 0.1 119.9045 
e “Symbol” refers to the shorthand form ip 24 12219030 
of the element's name used in 2B3 0.9 122.9042 
chemical equations. D4 4.6 123.9028 
D5 7.0 124.9044 
Mass number 26 18.7 125.90324 
e@ The mass number (A) represents the L8 318 279047 
number of protons or neutrons in the : BO 34.5 129.9067 
nucleus of one atom of that element. 53 lodine | os aa eee 
Not all atoms of the same element = SLED Ae D6 01 25.90417 
have the same mass number. Atoms of D8 19 12790354 
an element that have different mass 29 Dow 128.90478 
numbers are called isotopes. 30 Aull 9.90351 
Test ale, 130.90509 
Percentage 132 26.9 13190416 
e “Percentage” refers to isotopic B4 10.4 1383.90540 
abundance. For example, 99.99 Bo 8.9 3B5.90722 
percent of naturally-occurring 35 Cesium Ca b3 100 12.9051 
hydrogen has the mass number 1. 56 Barium Ba BO 0.1 129.90625 
Only 0.01 percent has the mass B2 0.2 119051 
B4 226) 183.9043 
HUM Ber? B5 6.7 134.9056 
" B6 Gell 135.9044 
Atomic mass B7 119 136.9056 
e “Atomic mass’ refers to the average Bg 70.4 137.9050 
atomic mass of that element's isotope 57 Lanthanum lla 138% Onl 137.9068 
weighted by isotopic abundance. BI 99.9 138.9061 
58 Cerium Ce BE 0.2 135.9071 
B8 0.2 137.9057 
140 88.5 139.90528 
142* iL al 1419090 
59 Praseodymium Pr 141 100 140.90739 





* denotes radioactive isotope 
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Table of masses and abundance of naturally occurring isotopes 


60 


61 
62 


63 
64 


65 
66 


67 
68 


69 
70 


Al 





Neodymium 


Promethium 
Samarium 


Europium 


Gadolinium 


Terbium 
Dysprosium 


Holmium 
Erbium 


Thulium 
Ytterbium 


Lutetium 


* denotes radioactive isotope 


Nd 


Pm 
sm 


Eu 


Gd 


Tb 


Ho 
En 


T™ 
Yb 


Lu 





142 27.3 14190748 
143 IDs} 142.90962 
144* 23.8 143.90990 
145 8.3 144.9122 
146 yaa 145.9127 
148 Bd 147.9165 
150 Sy) 149.9207 
has no naturally occuring isotope 
144 Ball 143.9116 
147* 6.1 146.91462 
148 13} 146.9146 
149 14.0 148.9169 
150 15) 149.9170 
iy 26.6 1519193 
154 22.4 153.9217 
151 47.8 150.9196 
153 S72 152.9207 
152) 0.2 1519194 
154 DD 153.9202 
155 15 el 154.9220 
156 20.6 155.9222 
157 1547, 156.9240 
158 PA'S) 157.9242 
160 217 159.9273 
159 100 158.924 
156 0.1 

158 (Onli 

160 23} 159.924 
161 19.0 160.926 
162 255 161926 
163 24.9 162.928 
164 2oml 163.928 
165 100 164.930 
162 0.1 

164 16 163.929 
166 338} fl 165.929 
167 22.9 166.931 
168 DIE 167.931 
170 14.9 169.935 
169 100 

168 0.1 

170 Ball 

171 14.4 

7p 219 171929 
78 16.2 

174 317 173.926 
176 2.6 

175 97.4 

176* 2.6 175.9414 








RADIOACTIVITY 





atomic mass 
atomic number 
isotope 

mass number 





Atomic number 

e@ The atomic number (Z) of an element 
is the number of protons in the 
nucleus of one atom of that element. 
All atoms of the same element have 
the same atomic number. 


Element 

e “Element” refers to the common name 
of the element. This list is restricted to 
the 89 naturally occurring elements. 


Symbol 

e “Symbol” refers to the shorthand form 
of the element's name used in 
chemical equations. 


Mass number 

e@ The mass number (A) represents the 
number of protons or neutrons in the 
nucleus of one atom of that element. 
Not all atoms of the same element 
have the same mass number. Atoms of 
an element that have different mass 
numbers are called isotopes. 


Percentage 

e “Percentage” refers to isotopic 
abundance. For example, 99.99 
percent of naturally-occurring 
hydrogen has the mass number 1. 
Only 0.01 percent has the mass 
number 2. 


Atomic mass 

e “Atomic mass’ refers to the average 
atomic mass of that element's isotope 
weighted by isotopic abundance. 
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atomic mass 
atomic number 
isotope Table of masses and abundance of naturally occurring isotopes 


mass number 








Atomic number 


e The atomic number (Z) of an element iD Hafnium Hf 174 Oe 
is the number of protons in the 176 5.2 175.9403 
nucleus of one atom of that element. igi 18.6 176.9419 
All atoms of the same element have 178 27.1 177.9425 
the same atomic number. ee te eee 
5: 4 
Element 73) Tantalum Ta i Ree Eee 
e “Element” refers to the common name : : 
of the element. This list is restricted to 14 Tungsten “ = a A Tener 
the 89 naturally occurring elements. 183 14.4 182.9485 
184 30.6 183.9491 
Symbol 186 28.4 185.951 
e “Symbol” refers to the shorthand form 75 Rhenium Re 185 Svall 184.950 
of the element's name used in 187* 62.9 186.9550 
chemical equations. 76 Osmium Os 184 0.02 
186 16 185.9529 
Mass number 187 16 186.9550 
e@ The mass number (A) represents the 188 B.3 187.9550 
number of protons or neutrons in the ue 16.1 188.9572 
nucleus of one atom of that element. 190 189.9574 
Not all atoms of the same element nee 192* SE 
T] Iridium Ir 191 33.5) 190.9599 
have the same mass number. Atoms of 193 615 192.9623 
an element that have different mass 78 Platinum Pt 190 189.9592 
numbers are called isotopes. 192 0.3 1919605 
194 32.9 193.9624 
Percentage 195 194.9645 
e “Percentage” refers to isotopic 196 195.9646 
abundance. For example, 99.99 198 7.2 197.9675 
percent of naturally-occurring 79 Gold Au 197 100 196.96655 
hydrogen has the mass number 1. 80 Mercury Hg 196 0.1 195.96582 
Only 0.01 percent has the mass 198 10.0 197.96677 
199 16.9 198.96826 
ICTS 200 Fev 199.96834 
201 IBD 200.97031 
Atomic mass 202 29.8 20197063 
e “Atomic mass’ refers to the average 204 69 203.97348 
atomic mass of that element's isotope 81 Thallium Tl 203 29.5 202.97233 
weighted by isotopic abundance. 205 70.5 204.97446 
206* — 205.97608 
2074 —_— 206.97745 
208* _— 20798201 
210% _— 209.99000 








* denotes radioactive isotope 
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Table of masses and abundance of naturally occurring isotopes 


82 


83 


84 


85 
86 


87 


88 


89 


91 
92 





Lead 


Bismuth 


Polonium 


Astatine 


Emanation 


Francium 


Radium 


Actinium 


Protactinium 


Uranium 


* denotes radioactive isotope 


Pb 


Bi 


Ro 


At 
Em 
eli 


Ra 


Ac 


Pa 


204 

206 

207 

208 

210* 
alike 

2AVES 
214* 
209 

2105 
alike 

2MES 
214* 
210* 
alii 

ves 
214* 
DAY 
216* 
calls} 
215% 
calls} 
219% 
2205 
(EDdes 
DDS 
Dagy 
224* 
220m 
2285 
222i 
228* 
BO 
Zoi 
LBVe* 
234* 
ZMEF 
234* 
234* 
Daisy" 
238* 





203.97307 
205.97446 
206.97590 
20797664 
209.98418 
210.98880 
21199190 
213.99976 
208.98042 
209.98411 
210.98729 
ZOO 
213.99863 
209.98287 
210.98665 
21198886 
213.99519 
214.99947 
216.00192 
218.0089 
214.99866 
218.00855 
219.00952 
220.01140 
222.0175 
223.01980 
223.01857 
224.02022 
226.0254 
228.03123 
227.02781 
228.03117 
230.0331 
23103635 
232.03821 
234.0436 
23103594 
234.0434 
234.04090 
235.04393 
238.0508 
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atomic mass 
atomic number 
isotope 

mass number 





Atomic number 

e@ The atomic number (Z) of an element 
is the number of protons in the 
nucleus of one atom of that element. 
All atoms of the same element have 
the same atomic number. 


Element 

e “Element” refers to the common name 
of the element. This list is restricted to 
the 89 naturally occurring elements. 


Symbol 

e “Symbol” refers to the shorthand form 
of the element's name used in 
chemical equations. 


Mass number 

e@ The mass number (A) represents the 
number of protons or neutrons in the 
nucleus of one atom of that element. 
Not all atoms of the same element 
have the same mass number. Atoms of 
an element that have different mass 
numbers are called isotopes. 


Percentage 

e “Percentage” refers to isotopic 
abundance. For example, 99.99 
percent of naturally-occurring 
hydrogen has the mass number 1. 
Only 0.01 percent has the mass 
number 2. 


Atomic mass 

e “Atomic mass” refers to the average 
atomic mass of that element's isotope 
weighted by isotopic abundance. 
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KEY WORDS 


Key words 


accelerator A chemical that increases the rate of a chemical 
reaction. 

acid Any substance that releases hydrogen ions when added 
to water. It has a pH of less than 7. 

acid-base indicator A chemical compound that changes 
color when going from acidic to basic solutions. An example 
is Methyl orange. 

acidity The level of hydrogen ion concentration in a 
solution. 

actinides The name of the radioactive group of elements 
with atomic numbers from 89 (actinium) to 103 
(lawrencium). 

actinium (Ac) A silvery radioactive metallic element that 
occurs naturally in pitchblende and can be synthesized by 
bombarding radium with neutrons. 

actinium series One of the naturally occurring radioactive 
series. 

activation energy The energy barrier to be overcome in 
order for areaction to occur. 

active site The part of an enzyme where the chemical 
reaction occurs. 

addition polymerization A chemical reaction in which 
simple molecules are added to each other to form long-chain 
molecules without by-products. 

addition reaction A reaction in which a molecule of a 
substance reacts with another molecule to form a single 
compound. 

adsorption The process by which molecules of gases or 
liquids become attached to the surface of another substance. 
aerosol Extremely small liquid or solid particles suspended 
in air or another gas. 

alcohol A member of a family of organic compounds whose 
structure contains the -OH functional group. 

aldehyde One of a group of organic compounds containing 
the aldehyde group (-CHO). Names have the suffix -al. 
aldohexose A monosaccharide having six carbon atoms and 
an aldehyde group. 

aldose A sugar containing one aldehyde group per molecule 
alkali A solution of a substance in water that has a pH of 
more than 7 and has an excess of hydroxide ions in the 
solution. 

alkali metals Metallic elements found in group 1 of the 
periodic table. They are very reactive, electropositive, and 
react with water to form alkaline solutions. 

alkaline earth metals Metallic elements found in group 2 
of the periodic table. 

alkalinity Having apH greater than 7. 

alkane A member of the hydrocarbon group whose general 
formula is C,Ho,42. They have single bonds between the 
carbon atoms and are not very reactive. 

alkanol See alcohol 

alkene A member of the hydrocarbon group whose general 
formula is C,H2,. They have a double bond between a pair of 
carbon atoms and are thus reactive. 

alkyl! A member of the hydrocarbon group whose general 
formula is CnHop41. 


alkyne A member of the hydrocarbon group with the 
general formula CnH>,_3. They have a triple bond between 

a pair of carbon atoms in each molecule and are thus 
reactive. 

allotrope An element that can exist in more than one 
physical form while in the same state. 

alloy A metallic material made of two or more metals or of a 
metal and non-metal. 

alpha decay The process of radioactive decay in which the 
nucleus of an atom emits an alpha particle. 

alpha particle A particle released during radioactive decay 
that consists of two neutrons and two protons. 

aluminum (Al) A silvery-white. metallic element that is 
non-magnetic and oxidizes easily. 

amine A member of a group of organic compounds 
containing the amino functional group -NHp>. 

amino acid An organic compound containing both the 
carboxyl group (-COOH) and the amino group (-NH>). 
ammonia (NH3) A colorless, strong-smelling poisonous gas 
that is very soluble in water. 

ammonium hydroxide (NH4OH) An aqueous solution 
of ammonia. It is a corrosive chemical with a strong odor. 
ammonium ion (NHq*) An ion found in ammonia 
solution and in ammonium compounds. 

amphoteric Exhibiting properties of both an acid and a base. 
anhydride The substance remaining when one or more 
molecules of water have been removed from an acid or a 
base. 

anhydrous Containing no water. Term applied to salts 
without water of crystallization. 

anion An ion having a negative charge. 

anode The electrode carrying the positive charge in a 
solution undergoing electrolysis. 

anomer A stereoisometric form of a sugar, involving 
different arrangements of atoms or molecules around a 
central atom, 

aqueous solution A solution in which water is the solvent. 
argon Ar. A colorless, odorless. gaseous element. One of the 
noble gases. 

ary! A member of an aromatic hydrocarbon group formed by 
the removal of ahydrogen atom from an aromatic 
hydrocarbon. 

association The process by which molecules of a substance 
combine to form a larger structure. 

astatine At. A non-metallic radioactive element that is highly 
unstable and rare in nature. 

atmosphere The layer of gases surrounding Earth. 

atom The smallest particle of an element that can exhibit 
that element’s properties. 

atomic emission spectrum The amount of 
electromagnetic radiation an element emits when excited. 
atomic mass The ratio of the mass of an average atom of 
an element to 1/12th of the mass of an atom of the carbon-12 
isotope. 

atomic number The number of protons in the nucleus of 
an atom. 

atomic volume The volume of one mole of the atoms of 
an element. 

Avogadro’s constant The number of particles present in 
a mole of substance. 


azeotropic mixture A mixture of liquids that boils without 
a change in composition. 

bakelite A phenol/methanal resin that has good electrical 
and heat insulation properties. 

base A substance existing as molecules or ions that can take 
up hydrogen ions. 

beta decay The process of radioactive decay in which the 
nucleus of an atom emits a beta particle. 

beta particle A high-speed electron emitted by the nucleus 
of certain radioactive elements during beta decay. 

Big Bang The primeval explosion that most astronomers 
think gave rise to the Universe. 

black hole An object with infinite density. 
body-centered cubic packing A crystalline structure in 
which one atom sits in the center of each cube. 

boiling point The point at which a substance changes from 
the liquid state to the gas state. 

bond The chemical connection between atoms within a 
molecule. Bonds are forces and are caused by electrons. 
bond angle In a molecule, the angle between the two 
straight lines joining the centers of the atoms concerned. 
bromine (Br) Anon-metallic element that is isolated as a 
dark red liquid. It is a very reactive oxidizing agent. 

brown dwarf A ball of gas like a star but whose mass is too 
small to have nuclear fusion occur at its core. 

Brownian motion The random movement of particles 
through aliquid or gas. 

buckminsterfullerene See buckyball. 

buckyball The nickname for buckminsterfullerene. An 
allotropic form of carbon. It has a cage-like structure and has 
the formula Cso, Cég, OF C70. 

burette A long, graduated glass tube with a tap at the lower 
end. It is used to measure a volume of liquid accurately. 
calcium (Ca) A soft, slivery-white metal. 

calcium carbonate A white solid, occurring naturally in 
marble and limestone, that dissolves in dilute acids. 
carbide A compound that contains carbon and an element 
with lower electronegativity. 

carbon (C) A non-metallic element whose compounds 
occur widely in nature. 

carbonate A salt of carbonic acid (containing the ion 
CO32-). 

carbon cycle The circulation of carbon through the 
biosphere. 

carbon dioxide (CO>2) A dense, colorless, odorless gas 
that does not support combustion. It exists in the 
atmosphere and is instrumental in the carbon cycle. 
carbonic acid (H2CQ3) A very weak acid formed by 
dissolving carbon dioxide in water. 

carbon monoxide(CO) A colorless, odorless, very 
poisonous gas. It is sparingly soluble in water. 

carboxyl group The organic radical -CO.OH. 

carboxylic acid An organic acid that contains one or more 
carboxyl groups. 

catalyst A substance that alters the rate of a chemical 
reaction but remains chemically unchanged by it. 

catalytic cracking The process used in the petroleum 
industry to convert large-chain hydrocarbon molecules to 
smaller ones. 

catenation The formation of chains of bonded atoms. 
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cathode The electrode carrying the negative charge in a 
solution undergoing electrolysis. 

cathode rays A stream of electrons emitted from the 
cathode in a vacuum tube. 

cation An ion having a positive charge. 

cellulose A complex carbohydrate that is the main 
component of the cell walls of plants. 

centrifuge A machine that rotates an object at high speed. 
chain reaction A self-sustaining nuclear reaction yielding 
energy and electrons emitted by the fission of an atomic 
nucleus, which proceeds to cause further fissions. 
chemical compound A substance composed of two or 
more elements linked by chemical bonds that may be ionic or 
covalent. 

chemical energy The energy stored in the bonds between 
atoms and molecules that is released during a chemical 
reaction. 

chemical reaction The process in which one or more 
substances reacts to form new substances. 

chiral An object or a system that differs from its mirror 
image. 

chloride A compound containing chlorine and another 
element. 

chlorine (C!) A poisonous, greenish, gaseous element that 
is apowerful oxidizing agent. 

chlorophyll! A green pigment found in most plants. It 
absorbs light energy during photosynthesis. 
chromatography A technique for separating and 
identifying mixtures of solutes in a solution. 

chromium (Cr) A hard, brittle, gray-white metallic element 
that is very resistant to corrosion and takes a high polish. 
cobalt (Co) A hard, lustrous, silvery-white metallic element 
found in ores, 

colloid A substance made of very small particles whose size 
(1-100 nm) is between those of a suspension and those in 
solution. 

compound See chemical compound 

concentration A measure of the quantity of solute 
dissolved in a solution at a given temperature. 

conductor A material that is able to conduct heat and 
electricity. 

convection current A circular current in a fluid such as air. 
coordinate bonding A type of covalent bond in which one 
of the atoms supplies both electrons. 

coordination number The number of atoms, ions, or 
molecules to which bonds can be formed. 

copper (Cu) A pinkish metallic element used widely in 
alloys and electrical wires. 

covalent bond A bond formed when two electrons are 
shared between two atoms (usually between two non-metallic 
atoms), one contributed by each atom. 

covalent compound A compound in which the atoms in 
the molecules are held together by covalent bonds. 

crust The outer layer of Earth. 

cryolite A compound of aluminum fluoride and sodium 
fluoride. 

crystal A substance with an orderly arrangement of atoms, 
ions, or molecules in a regular geometrical shape. 
daughter nucleus In radio active decay, the nucleus 
produced by the decay of the previous nucleus. 
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dehydrating agent A substance that has an attraction for 
water and is therefore used as a drying agent. 
dehydrogenation The chemical process of removal of 
hydrogen atoms from a molecule (a form of oxidation), 
increasing its degree of unsaturation. 

density The mass per unit volume of a given substance. 
detergent The term for a synthetic soap substitute. 
diamond A transparent crystalline allotrope of carbon. It is 
the hardest naturally occurring substance. 

diatomic molecule A molecule that consists of two atoms. 
diffusion The process of rapid random movement of the 
particles of a liquid or gas that eventually form a uniform 
mixture. 

dipole A chemical compound with an unequally distributed 
electric charge. 

disaccharide A sugar molecule formed by a condensation 
reaction between two monosaccharide molecules. 
displacement reaction A reaction in which a more 
reactive substance displaces the ions of a less reactive 
substance. 

dissociation The breaking down of a molecule into smaller 
molecules, atoms, or ions. 

dissolve To add a solute to a solvent to form a uniform 
solution. 

distillation A process in which a solution is boiled and its 
vapor then condensed. 

double bond A covalent bond formed between two atoms 
in which two pairs of electrons contribute to the bond.. 

dry gas A gas from which all water has been removed 
ductile Capable of being drawn out, shaped, or bent. 
effective collision A collision that brings about a reaction. 
electric field A field of force around a charged particle. 
electrode A conductor that allows current to flow through 
an electrolyte, gas, vacuum, or semiconductor. 
electrolysis The process by which an electrolyte is 
decomposed when a direct current is passed through it 
between electrodes. 

electrolyte A substance that forms ions when molten or 
dissolved in a solvent and that carries an electric current 
during electrolysis. 

electron One of the three basic subatomic particles. Very 
light and carrying a negative charge, it orbits around the 
nucleus of an atom. 

element A substance that cannot be split into simpler 
substances using chemical methods. 

emulsion A colloidal dispersion of small droplets of one 
liquid dispersed within another, such as oil in water or water 
in oil. 

enantiomer One of two “mirror images” of a chiral 
molecule. 

end point The point at which a reaction is complete. 
endothermic a chemical change during which heat is 
absorbed. 

enthalpy A measure of the stored heat energy of a 
substance. 

enzyme An organic catalyst, made of proteins, that increases 
the rate of a specific biochemical reaction. 

equilibrium The state of a reversible chemical reaction 
where the forward and backward reactions take place at the 
same rate. 


equivalence point The point at which there are equivalent 
amounts of acid and alkali. 

ester A member of a hydrocarbon group that is formed by a 
reaction between a carboxylic acid and an alcohol. 

ethane (C2H6) A colorless, flammable alkane that occurs in 
natural gas. 

ethanol! (C2H5Q0H) A volatile, colorless liquid alcohol used 
in beverages and as a gasoline octane enhancer. 

ethene (C2H,) A colorless, flammable unsaturated gas, 
manufactured by cracking petroleum gas, used in ethanol and 
polyethene production. 

evaporation The change in state from liquid to vapor. 
exothermic A chemical change resulting in the liberation of 
heat. 

face-centered cubic close packing A crystal structure 
in which one atom sits in each “face” of the cube. 

Faraday constant The amount of electricity needed to 
liberate one mole of a monovalent ion during electrolysis 
(9.648 670 x 10-4 C mol-}). 

fatty acid A hydrocarbon chain with a carboxyl group at 
one end. 

filtrate A clear liquid that has passed through a filter. 
filtration The process of removing particulate matter from 
a liquid by passing the liquid through a porous 

substance. 

fission A process during which a heavy atomic nucleus 
disintegrates into two lighter atoms and the lost mass is 
converted to energy. 

fluorescence The emission of light from an object that has 
been irradiated by light or other radiations. 

fluorine (F) A gaseous non-metallic element that is 
poisonous and very reactive gas. 

flux A substance that combines with another substance 
(usually an oxide), forming a compound with a lower melting 
point than the oxide. 

foam A dispersion of gas in a liquid or solid. Small bubbles 
of gas are separated by thin films of the liquid or solid. 
formula mass The relative molecular mass of a compound 
calculated using its molecular formula. The mass of a mole of 
the substance. 

forward reaction A reaction in which reactants are 
converted to products. 

fractional distillation The separation of a mixture or 
liquids that have differing but similar boiling points. 
fullerenes Allotropes of carbon in the form of a hollow 
sphere (buckyball) or tube (nanotube). 

functional group The atom (or group of atoms) present in 
a molecule that determines the characteristic properties of 
that molecule. 

fusion The process by which two or more light atomic 
nuclei join, forming a single heavier nucleus. The products of 
fusion are lighter than the components. The mass lost is 
liberated as energy. 

galvanizing The coating of iron or steel plates with a layer 
of zinc to protect against rusting. 

gamma radiation Very short-wave electromagnetic 
radiation emitted as a result of radioactive decay. 

gas One of the states of matter. In a gas, the particles can 
move freely throughout the space in which it is contained. 
Gas is the least dense of the states of matter. 


gas-liquid chromatography A type of chromatography 
in which the mobile phase is a carrier gas and the stationary 
phase is a microscopic layer of liquid on an inert solid 
support. 

gel A colloidal solution that has formed a jelly. The solid 
particles are arranged as a fine network in the liquid phase. 
geometric isomerism A form of isomerism that describes 
the orientation of functional groups at the ends of a bond 
where no rotation is possible. 

glucose In animals and plants, the most widely distributed 
hexose sugar and the most common energy source in 
respiration. 

glycogen A polysaccharide composed of branched chains of 
glucose, used to store energy in animals and some fungi. 
gold (Au) A shiny, yellow metallic element used in coins, 
jewelry, and electrical contacts. 

grade The concentration of ore in rock. 

Graham’s law The velocity with which a gas will diffuse is 
inversely proportional to the square root of its density. 
graphite A soft, grayish-black, solid allotrope of carbon. 
ground state The lowest allowed energy state of an atom, 
molecule, or ion. 

group The vertical columns of elements in the periodic 
table. Elements in a group react in asimilar way and have 
similar physical properties. 

group 1 elements The alkali metals. The elements lithium, 
sodium, potassium, rubidium, cesium, and francium. These 
elements have one electron in their outer shell. 

group 2 elements The alkaline earth metals. The 
elements beryllium, magnesium, calcium, strontium, barium, 
and radium. These elements have two electrons in their outer 
shell. 

group 3 elements The elements boron, aluminum, 
gallium, indium, and thallium. These elements have a full s 
orbital and one electron in ap orbital in their outer shell. 
group 4 elements The elements carbon, silicon, 
germanium, tin, and lead. These elements have a full s orbital 
and two electrons in two p orbitals in their outer shell. 
group 5 elements The elements nitrogen, phosphorus, 
arsenic, antimony, and bismuth. These elements have a full s 
orbital and three electrons in three p orbitals in their outer 
shell. 

group 6 elements The chalcogens. The elements oxygen, 
sulfur, selenium, tellurium, and polonium. These elements 
have a full s orbital, one full p orbital, and two half-full p 
orbitals in their outer shell. 

group 7 elements The halogens. The elements fluorine, 
chlorine, bromine, iodine, and astatine. These elements have 
a full s orbital, two full p orbitals, and one half-full p orbital in 
their outer shell. 

group 8 elements. The noble or inert gases. The elements 
helium, neon, argon, krypton, xenon, and radon. The outer 
shell of the atoms in these elements is complete, rendering 
these elements unreactive. 

half-life The time required for half the atoms of a 
radioactive substance to disintegrate. 

halide A compound that a halogen makes with another 
element. Metal halides are ionic; non-metal halides are 
formed by covalent bonding. 

halogens See Group 7 elements. 
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helium (He) A colorless, odorless gaseous element that is 
the second most abundant element on Earth. 

hexagonal close packing In crystalline structures, a way 
of packing atoms so that alternating layers overlie one 
another in an ABABAB pattern. 

hexose A monosaccharide with six carbon atoms. 
homologous series A series of related organic 
compounds. The formula of each member differs from the 
preceding member by the addition of a-CH>_ group. 
hydration The combination of water and another substance 
to produce a single product. 

hydride A compound formed between hydrogen and 
another element. 

hydrocarbon An organic molecule consisting only of 
carbon and hydrogen. 

hydrochloric acid (HCI) A colorless fuming solution of 
hydrogen chloride. 

hydrogen (H) An odorless, easily flammable gaseous 
element that is the most abundant on Earth. 

hydrogen bond A weak bond between hydrogen and 
another element with partial but opposite electrical charges. 
hydrogen chloride (HCI) A colorless gas with a pungent 
smell that fumes in moist air. It is very soluble in water. 
hydrogen peroxide (H202) A colorless or pale blue 
viscous liquid. It is a strong oxidizing agent, but it can also act 
as a reducing agent. 

hydrogen sulfide (H2S) A colorless, poisonous gas 
smelling of bad eggs that is moderately soluble in water. It is 
a reducing agent. 

hydronium ion The positive ion (H30)+. It is the hydrated 
form of the hydrogen ion (H+) or proton. 

hydrophilic Water-loving. In solution, it refers to a chemical 
or part of a chemical that is highly attracted to water. 
hydrophobic Water-hating. It refers to a chemical or part of 
a chemical that repels water. 

hydroxide A compound containing the hydroxide ion or the 
hydroxyl group bonded to a metal atom. 

hydroxide ion The negative ion (OH-) present in alkalis. 
immiscible Incapable of mixing. 

indicator A substance that indicates by a change in its color 
the degree of acidity or alkalinity of a solution or the 
presence of a given substance. 

inert A substance that is either very or completely 
unreactive. 

inert gases See noble gases. 

infrared Electromagnetic radiation with a greater 
wavelength than the red end of the visible spectrum. 
insoluble A substance that does not dissolve in a particular 
solvent under certain conditions of temperature and 
pressure. 

iodine (1) A grayish-black non-metallic element that is 
essential in the diet and is used in disinfectants and 
photography. 

ion An electrically charged atom or group of atoms. 

ionic bonding A type of bonding that occurs when atoms 
form ions and electrons are transferred from one atom to 
another. 

ionic compound Compounds consisting of ions held 
together by strong ionic bonds. lonic compounds are 
electrolytes. 
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ionic crystal A type of crystal where ions of two of more 
elements form a regular three-dimensional arrangement 
(crystal structure). 

ionization energy The energy needed to remove 
completely an electron from a neutral gaseous atom or ion 
against the attraction of the nucleus. 

ionizing radiation Any radiation capable of displacing 
electrons from atoms or molecules and so producing ions 
iron (Fe) Asilvery, malleable and ductile metallic element 
used in construction. 

irradiation The use of radiation to destroy microorganisms 
in foods. 

isomer One of two or more (usually organic) compounds 
having the same molecular formula and relative molecular 
mass but different three-dimensional structures. 
isomerism The rearrangement atoms in a molecule to 
make it more efficient. 

isomerization The transformation of a molecule into a 
different isomer. 

isotope Atoms of the same element (all chemically identical) 
having the same atomic number but containing different 
numbers of neutrons, giving a different mass number. 
ketone An organic compound that contain two organic 
radicals connected to a carbonyl group. 

kinetic energy The energy a body has by virtue of its 
motion. 

lanthanide series A series of metallic elements with the 
atomic numbers 57 to 71. The metals are shiny and are 
attacked by water and acids. 

lattice The orderly three-dimensional arrangements of 
atoms, molecules, or ions seen in crystals. 

lead (Pb) A silvery-white metallic element used in batteries 
and in water, noise, and radiation shielding. 

lead sulfide (PbS) A brownish-black insoluble crystal. It 
occurs naturally as the mineral galena. 

Le Chatelier’s principle If a chemical reaction is at 
equilibrium and a change is made to any of the conditions, 
further reaction will take place to counteract the changes in 
order to re-establish equilibrium. 

limewater A solution of calcium hydroxide that is used to 
test for the presence of carbon dioxide. 

limiting form The possibilities for the distribution of 
electrons in a molecule or ion. 

liquid A state of matter between solid and gas. Particles are 
loosely bonded, so can move relatively freely. 

lone pair A pair of electrons in the outermost shell of an 
atom that are not involved in the formation of covalent 
bonds. 

luminescence Light emission from a substance caused by 
an effect other than heat. 

magnesium (Mg) A silvery-white metallic element used in 
alloys and castings. 

magnesium oxide (MgO) A white solid used for 
reflective coatings and as a component of semiconductors. 
manganese (Mn) A soft, gray metallic element used in 
making steel alloys. 

mantle The layer of Earth between the crust and the core. 
mass The measure of a body's resistance to acceleration. 
mass number The total number of protons and neutrons 
in the nucleus of an atom. 


mass spectrometry A technique for determining the 
composition of molecules by using the mass of their basic 
constituents 

melting point The point at which a substance changes 
state from solid to liquid. 

methane (CHa) The simplest alkane. A colorless, tasteless, 
odorless flammable gas used as a fuel. 

mineral A natural inorganic substance with distinct chemical 
composition and internal structure. 

mixture A system consisting of two or more substances that 
are not chemically combined. 

mobile phase The phase that moves along the stationary 
phase. It is the solvent in paper chromatography. 

molarity The concentration of solution giving the number 
of moles of solute dissolved in 1 kg of solvent. 

mole The amount of a substance that contains the same 
number of entities (atoms, molecules, ions, etc.) as there are 
atoms in 12 g of the carbon-12 isotope. 

molecular mass The sum of the atomic masses of all 
atoms in a molecule. The mass of a mole of the substance. 
molecule The smallest part of an element or chemical 
compound that can exist independently with all the 
properties of the element or compound. 

monomer A basic unit from which a polymer is made. 
monosaccharide A simple sugar such as glucose. 
nanotube An isotope of carbon consisting of long thin 
cylinders closed at either end with caps containing 
pentagonal rings. 

neptunium (Np) A radioactive metallic element that can be 
synthesized by bombarding U-238 with neutrons. 
neptunium series A radioactive series composed of 
artificial isotopes. 

neutral A solution whose pH is 7. 

neutralization The reaction of an acid and a base forming a 
salt and water.. 

neutron One of the two major components of the atomic 
nucleus. It has no electric charge. 

neutron star The smallest but densest kind of star, 
apparently resulting from a supernova explosion. 

nickel (Ni) A hard, malleable and ductile, silvery-white 
metallic element that is a component of Earth's core. 
nitrate A salt of nitric acid. 

nitric acid (HNO3) A colorless, corrosive, poisonous, 
fuming liquid that is a strong oxidizing agent. 

nitrite A salt of nitrous acid. 

nitrogen (N) A colorless gaseous element essential for the 
growth of plants and animals. 

nitrogen cycle The process by which nitrogen is recycled 
in the ecosystem. 

noble gases Group 8 elements: helium, neon, argon, 
krypton, xenon, and radon. These gases do not combine 
chemically with other materials. 

nucleon A proton or neutron. 

nucleus The positively charged core of an atom that 
contains almost all its mass. 

nuclide A particular isotope of an element, identified by the 
number of protons and neutrons in the nucleus. 

optical isomerism A form of isomerism in which two 
isomers are the same in every way except that they are mirror 
images that cannot be superimposed on each other. 


orbital An area around an atom or molecule where there is a 
high probability of finding an electron. 

ore A mineral from which a metal or non-metal may be 
profitably extracted. 

oxidation The process by which a substance gains oxygen, 
loses hydrogen, or loses electrons. 

oxidation state The sum of negative and positive charges 
in an atom. 

oxide A compound consisting only of oxygen and another 
element. Oxides can be either ionic or covalent. 

oxidizing agent A substance that can cause the oxidation 
of another substance by being reduced itself. 

oxygen (O) A colorless, odorless gaseous element. It the 
most common element in Earth’s crust and is the basis for 
respiration in plants and animals.. 

ozone (03) One of the two allotropes of oxygen. A bluish 
gas with a penetrating smell, it is a strong oxidizing agent. 
period The horizontal rows of elements in the periodic 
table. 

periodic table A table of elements, arranged in ascending 
order of atomic number, that summarizes the major 
properties of the elements. 

periodicity Recurring at regular intervals. 

peroxide A compound that contains the peroxide ion O2-. 
Peroxides are strong oxidizing agents. 

pH Ascale from 0 to 14 that measures the acidity or alkalinity 
of a solution. A neutral solution has a pH of 7, while an acidic 
solution has a lower value and an alkaline solution a higher 
value. 

pH meter A device that uses an electrochemical cell to 
measure pH. 

phosphorescence The emission of light by an object, and 
the persistence of this emission over long periods, following 
irradiation by light or other forms of radiation. 
photochemical reaction A chemical reaction that is 
initiated by a particular wavelength of light. 

photoelectric effect The emission of electrons from 
metals upon the absorption of electromagnetic radiation. 
photosynthesis The photochemical reaction by which 
green plants make carbohydrates using carbon dioxide and 
water. 

platinum (Pt) A soft, shiny, silver metallic transition 
element that is malleable and ductile. 

pollutant A substance that harms the environment when it 
mixes with air, soil, or water. 

polyethene A thermoplastic polymer made by addition 
polymerization of ethene. 

polymer A material containing very large molecules built up 
from a series of repeated small basic units (monomers). 
polymerization The building up of long chain 
hydrocarbons from smaller ones. 

polysaccharide A organic polymer composed of many 
simple sugars (monosaccharides). 

precipitate An insoluble substance formed by a chemical 
reaction. 

product A substance produced during a chemical reaction. 
protein A large, complex molecule composed of along 
chain of amino acids. 

proton The positively charged particle found in the nucleus 
of the atom. 
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protostar The early stage in astar’s formation before the 
onset of nuclear burning. 

quantum number The number used when describing the 
energy levels available to atoms and molecules. 

racemate A mixture of equal amounts of left- and right- 
handed stereoisomers of a chiral molecule. 

radiation Energy that is transmitted in the form of particles, 
rays, Or waves. 

radical A group of atoms forming part of many molecules. 
radioactive decay The process by which unstable 
radioactive atoms are transformed into stable, non-radioactive 
atoms. 

radioactivity The spontaneous disintegration of certain 
isotopes accompanied by the emission of radiation. 

rate of reaction The speed at which a chemical reaction 
proceeds. 

reactant A substance present at the start of a chemical 
reaction that takes part in the reaction. 

reaction A process in which substances react to form new 
substances. 

reactivity The ability of substances to react to form new 
substances. 

reactivity series of metals Metallic elements arranged 
in order of their decreasing chemical reactivity. 

reagent A substance that takes part in a chemical reaction, 
one that is usually used to bring about a chemical change. 
red giant A very large, cool star in the final stages of its life. 
redox reaction A process in which one substance is 
reduced and another is oxidized at the same time. 

reducing agent A chemical that can reduce another while 
being oxidized itself. 

reduction A chemical reaction in which a substance gains 
electrons, looses oxygen, or gains hydrogen. It is the reverse 
of oxidation. 

reforming The conversion of straight chain molecules into 
those that are branched in order to improve their efficiencies. 
residfining The process used on the residue fraction of 
crude oil to convert it into a usable product. 

residue The solid remaining after the completion of a 
chemical process. 

resonance structure In organic chemistry, a diagrammatic 
tool to symbolize bonds between atoms in molecules. 
respiration The chemical reaction by which an organism 
derives energy from food. 

reverse reaction A reaction in which the products are 
converted into reactants. 

reversible reaction A chemical reaction that can proceed 
in either direction. It does not reach completion but achieves 
dynamic equilibrium. 

R¢ value The ratio of the distance moved by a substance in a 
chromatographic separation to the distance moved by the 
solvent. 

rust A reddish-brown oxide coating on iron or steel caused 
by the action of oxygen and water. 

salt A compound formed from an acid in which all or part of 
the hydrogen atoms are replaced by a metal or metal-like 
group. Salts are generally crystalline. 

saponification The treatment of an ester (hydrolysis) with 
a strong alkaline solution to form a salt of a carboxylic acid 
and an alcohol. 
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saturated A solution where there is an equilibrium between 
the solution and its solute. 

scandium (Sc) Silvery-white metallic element in the 
lanthanide series found in nature only in minute quantities. 
sewage Wastewater from domestic and industrial sources. 
shell A group of orbitals at a similar distance from an atomic 
nucleus. 

silver (Ag) A white, shiny, ductile metallic element. 

silver nitrate (AgNO3) A very soluble white salt that 
decomposes to form silver, oxygen, and nitrogen dioxide on 
heating. 

slag Waste material that collects on the surface of a molten 
metal during the process of either extraction or refining. 
smelting The process of extracting a metal from its ores. 
soap A cleansing agent made from fatty acids derived from 
natural oils and fats. 

sodium (Na) A soft, silver-white metallic element. 
sodium chloride (NaCl) A nonvolatile ionic compound 
that is soluble in water. 

sodium hydroxide (NaOH) A white, translucent, 
crystalline solid that forms a strongly alkaline solution in 
water. 

sol A liquid solution or suspension of a colloid. 

solid A state of matter in which the particles are not free 

to move but in which they can vibrate about fixed 

positions. 

solubility A measure of the quantity of a solute that will 
dissolve in acertain amount of solvent to form a saturated 
solution under certain conditions of temperature and 
pressure. 

solubility curve A graphic representation of the changing 
solubility of a solute in a solvent at different temperatures. 
soluble A relative term that describes a substance that can 
dissolve in a particular solvent. 

solute A substance that dissolves in a solvent and thus forms 
a solution. 

solution A uniform mixture of one or more solutes in a 
solvent. 

solvent A substance, usually a liquid, in which a solute 
dissolves to form a solution. 

species The common name for entities (atoms, molecules, 
molecular fragments, and ions) being subjected to 
investigation. 

spectrum The arrangement of electromagnetic radiation 
into its constituent wavelengths. 

starch A polysaccharide with the formula (CgH49Os). It is 
composed of many molecules of glucose. 

stationary phase That which the mobile phase moves on. 
In paper chromatography it is the paper. 

stoichiometry The calculation of the quantities of reactants 
and products involved in a chemical reaction. 

subatomic particles The particles from which atoms are 
made. Neutrons and protons are found in the nucleus of the 
atom. Electrons form a cloud around the nucleus. 

sucrose A disaccharide sugar that occurs naturally in most 
plants. 

sulfate A salt or ester of sulfuric acid. 


sulfide A compound of sulfur and a more electropositive 
element. 

sulfur (S) A yellow, non-metallic element that is found 
abundantly in nature. 

sulfuric acid (H2SQOq) An oily, colorless, odorless liquid 
that is extremely corrosive. 

sulfur dioxide (SO2) A colorless gas with a pungent odor 
of burning sulfur. It is very soluble in water. 

sulfur trioxide (SO3) A white, soluble solid that fumes in 
moist air. It reacts violently with water to form sulfuric acid. 
supernova The explosion caused when a massive star dies 
and collapses. 

surface area The sum of the area of the faces of a solid. 
suspension A type of dispersion. Small solid particles are 
dispersed in a liquid or gas. 

tensile strength The amount of stress a material can stand 
without breaking. 

thorium Th. A gray, radioactive metallic element used as fuel 
in nuclear reactors. 

thorium series One of the naturally occurring radioactive 
series. 

titanium (Ti) A lightweight, gray metallic element that is 
very strong and resistant to corrosion. 

titration In analytical chemistry, A technique used to 
determine the concentration of a solute in a solution. 
transition metals Metallic elements that have an 
incomplete inner electron structure and exhibit variable 
valencies. 

triple bond A covalent bond formed between two atoms in 
which three pairs of electrons contribute to the bond. 
ultraviolet Electromagnetic radiation of shorter 
wavelengths than visible light, but of longer wavelength than 
X rays. 

unit cell The smallest repeating array of atoms, ions, or 
molecules in a crystal. 

universal indicator A mixture of substances that shows a 
gradual color change over a wide range of pH values. 
uranium (U) A hard, white, radioactive metallic element 
used in nuclear reactors and nuclear weapons. 

uranium series One of the naturally occurring radioactive 
series. 

valency The measure of an element's ability to combine 
with other elements. 

vanadium (V) Asilvery-white or gray metallic element used 
as a steel additive and in catalysts. 

van der Waals forces Weak intermolecular or interatomic 
forces between neutral molecules or atoms. They are much 
weaker than chemical bonds. 

viscosity A measure of the resistance of a fluid to flow. 
wavelength The distance between two corresponding 
points on a wave. 

white dwarf The small, dense remnant of a star near the 
end of its period of nuclear fusion. 

zinc (Zn) A hard, brittle, bluish-white metallic element used 
in alloys and in galvanizing. 

zwitterion An ion that carries both a positive and negative 
charge. 


Internet resources 


There is a lot of useful information on the internet. 
Information on a particular topic may be available 
through a search engine such as Google 

(http:/ / www.google.com). Some of the Web sites that are 
found in this way may be very useful, others not. Below 
is aselection of Web sites related to the material 
covered by this book. 


The publisher takes no responsibility for the 
information contained within these Web sites. 
All the sites were accessible on March 1, 2006. 


About Chemistry 
Includes links to a glossary, encyclopedia, experiments, 
periodic table, chemical structure archive, chemistry 
problems, and articles. 

http:/ / chemistry.about.com 


Allchemicals.info 
Hundreds of definitions and descriptions from absolute 
zero to Zinc. 

http:/ / www.allchemicals.info 


Chem4Kids 

Accessible information on matter, atoms, elements, 
reactions, biochemistry, and much more, for 
grades 5-9. 


http:/ / www.chem4kids.com 


Chemistry Carousel: A Trip Around the Carbon 
Cycle 
Site explaining the carbon cycle. 

http:/ / library.thinkquest.org/ 11226 


Chemistry Central 
Offers basic atomic information, information on the 
periodic table, chemical bonding, and organic chemistry 
as well as extensive links to a wide variety of other 
resources. 

http:/ / users.senet.com.au/ ~rowanb/ chem 


Chemistry.org 
Offers publications, career advice, information, and 
curriculum materials for K-12. 

http:/ / www.acs.org/ 


The Chemistry Research Center 
Offers high school students links to useful sites for help 
with homework. 

http:/ / library.thinkquest.org/ 21192 





INTERNET RESOURCES 


Chemistry Tutor 
Help for high school students with chemistry homework. 
Includes an introduction to chemistry, equations, 
calculations, types of reactions, information on lab safety, 
and links to other sources. 

http:/ / library.thinkquest.org/ 2923 


ChemSpy.com 

Links to chemistry and chemical engineering terms, 

definitions, synonyms, acronyms, and abbreviations. 
http:/ / www.chemspy.com 


Chemtutor 
A guide to the basics of chemistry for high school and 
college students. 

http:/ / www.chemtutor.com 


CHEMystery 
A virtual chemistry textbook, providing an interactive 
guide for high school chemistry students and links to 
other resources. 

http:/ / library.thinkquest.org/ 3659 


Common Molecules 
Information and 3-D presentation on molecules studied 
in chemistry classes or of interest for their structural 
properties. 
http:/ / www.reciprocalnet.org/ edumodules/ 
commonmolecules 


Delights of Chemistry 
Presents more than 40 chemistry demonstrations and 
500 photographs/animations of experiments and 
chemical reactions. 

http:/ / www.chem.leeds.ac.uk/ delights 


EnvironmentalChemistry.com 
Includes a chemical and environmental dictionary; a 
detailed periodic table of elements; articles on 
environmental and hazardous materials issues; a geologic 
timeline. 

http:/ / environmentalchemistry.com 


Eric Weisstein’s World of CHEMISTRY 

Online encyclopedia, still under construction, with 

excellent graphics; good source for chemical reactions. 
http:/ / scienceworld.wolfram.com/ chemistry 


General Chemistry Online 
Contains searchable glossary, frequently asked 
questions, database of compounds, tutorials, 
simulations, and toolbox of periodic table and 
calculators. 

http:/ / antoine.frostburg.edu/ chem/ senese/ 101 
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INTERNET RESOURCES 


IUPAC Nomenclature Home Page 
Definitions of terms used in chemistry provided by the 
International Union of Pure and Applied Chemistry. The 
“Gold book” is particularly good for basic terms. 

http:/ / www.chem.qmul.ac.uk/ iupac 


The Learning Matters of Chemistry 
Offers visualizations of molecules and atomic orbits, 
interactive chemistry exercises, and links to other 
resources. 

http:/ / www.knowledgebydesign.com/ timc 


The Macrogalleria: A Cyberwonderland of 
Polymer Fun 
An Internet “mall” for learning about polymers and 
polymer science. 

http:/ / www.psic.ws/ macrog 


Nuclear Chemistry and the Community 
Introduction to nuclear chemistry and its impact on 
society. 

http:/ / www.chemcases.com/ nuclear 


Open Directory Project: Biochemistry and 
Molecular Biology 
A comprehensive listing of internet resources in the 
field of biochemistry. 
http:/ / dmoz.org/ Science/ Biology/ Biochemistry_and_ 
Molecular_Biology 


Open Directory Project: Chemistry 
A comprehensive listing of internet resources in the 
field of chemistry. 

http:/ / dmoz.org/ science/ chemistry 


The pH Factor 
Introduction to acids and bases for middle school 
students. 

http:/ / www.miamisci.org/ ph 


PSIgate: Chemistry 
Offers interactive tutorials, timeline, and links, in many 
areas. 

http:/ / www.psigate.ac.uk/ newsite/ chemistry-gateway 


Reactive Reports 
Web chemistry magazine offering news stories and links 
to sites. 

http:/ / www.reactivereports.com 


ScienceMaster 
News, information, links, columns, and homework help 
in all major areas of science. 

http:/ / www.sciencemaster.com 


Science News for Kids 
Science Service Suggestions for hands-on activities, 
books, articles, Web resources, and 
other useful materials for students ages 9-13. 
http:/ / www.sciencenewsforkids.org 


The Science of Spectroscopy 
Introduction to spectroscopy with descriptions of 
common spectroscopic analysis techniques, as well as 
applications of spectroscopy in consumer products, 
medicine, and space science. 

http:/ / www.scienceofspectroscopy.info 


Virtual Chemistry 
3-D simulated laboratory for teaching chemistry, with 
links to an online encyclopedia, tutorials, and close-ups 
of molecules. 

http:/ / neon.chem.ox.ac.uk/ vrchemistry 


A Visual Interpretation of the Table of Elements 
Striking visual representations of 110 elements. Site 
includes detailed information on the elements and on 
the history of the periodic table. 

http:/ / www.chemsoc.org/ viselements 


Web Elements™ Periodic Table Scholar Edition 

High quality source of information about the periodic 

table for students. There is also a professional edition. 
http:/ / www.webelements.com/ webelements/ scholar 


What’s that Stuff? 
Explores the chemistry of everyday objects. 
http:/ / pubs.acs.org/ cen/ whatstuff/ stuff.html 
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Introduction 


This paperback atlas is intended for students 
of medicine and the biological sciences. It 
provides an introduction to biochemistry, 
but with its modular structure it can also be 
used as a reference book for more detailed 
information. The 216 color plates provide 
knowledge in the field of biochemistry, ac- 
companied by detailed information in the 
text on the facing page. The degree of dif - 
culty of the subject-matter is indicated by 
symbols in the text: 


@ stands for “basic biochemical knowledge” 

® indicates “standard biochemical knowl- 
edge” 

© means “specialist biochemical knowledge.” 


Some general rules used in the structure of 
the illustrations are summed up in two ex- 
planatory plates inside the front and back 
covers. Keywords, definitions, explanations 
of unfamiliar concepts and chemical formulas 
can be found using the index. The book starts 
with a few basics in biochemistry (pp. 2-33). 
There is a brief explanation of the concepts 
and principles of chemistry (pp. 2-15). These 
include the periodic table of the elements, 
chemical bonds, the general rules governing 
molecular structure, and the structures of im- 
portant classes of compounds. Several basic 
concepts of physical chemistry are also essen- 
tial for an understanding of biochemical 
processes. Pages 16-33 therefore discuss the 
various forms of energy and their intercon- 
version, reaction kinetics and catalysis, the 
properties of water, acids and bases, and re- 
dox processes. 

These basic concepts are followed by a sec- 
tion on the structure of the important biomo- 
lecules (pp. 34-87). This part of the book is 
arranged according to the different classes of 
metabolites. It discusses carbohydrates, lipids, 
amino acids, peptides and proteins, nucleoti- 
des, and nucleic acids. 


Chemistry 1 


The next part presents the reactions 
involved in the interconversion of these 
compounds—the part of biochemistry that is 
commonly referred to as metabolism 
(pp. 88-195). The section starts with a dis- 
cussion of the enzymes and coenzymes, and 
discusses the mechanisms of metabolic regu- 
lation and the so-called energy metabolism. 
After this, the central metabolic pathways 
are presented, once again arranged according 
to the class of metabolite (pp. 150-195). 

The second half of the book begins with a 
discussion of the functional compartments 
within the cell, the cellular organelles (pp. 
196-235). This is followed on pp.236-265 
by the current field of molecular genetics 
(molecular biology). A further extensive sec- 
tion is devoted to the biochemistry of 
individual tissues and organs (pp. 266-359). 
Here, it has only been possible to focus on the 
most important organs and organ systems— 
the digestive system, blood, liver, kidneys, 
muscles, connective and supportive tissues, 
and the brain. 

Other topics include the biochemistry of 
nutrition (pp.360-369), the structure and 
function of important hormones (pp. 
370-393), and growth and development 
(pp. 394-405). 

The paperback atlas concludes with a series 
of schematic metabolic “charts” (pp. 
407-419). These plates, which are not accom- 
panied by explanatory text apart from a brief 
introduction on p.406, show simplified ver- 
sions of the most important synthetic and 
degradative pathways. The charts are mainly 
intended for reference, but they can also be 
used to review previously learned material. 
The enzymes catalyzing the various reactions 
are only indicated by their EC numbers. Their 
names can be found in the systematically ar- 
ranged and annotated enzyme list (pp. 
420-430). 
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2 Basics 


Periodic table 


A. Biologically important elements @ 


There are 81 stable elements in nature. Fifteen 
of these are present in all living things, and a 
further 8-10 are only found in particular or- 
ganisms. The illustration shows the first half 
of the periodic table, containing all of the bio- 
logically important elements. In addition to 
physical and chemical data, it also provides 
information about the distribution of the ele- 
ments in the living world and their abun- 
dance in the human body. The laws of atomic 
structure underlying the periodic table are 
discussed in chemistry textbooks. 

More than 99% of the atoms in animals’ 
bodies are accounted for by just four ele- 
ments—hydrogen (H), oxygen (O), carbon (C) 
and nitrogen (N). Hydrogen and oxygen are 
the constituents of water, which alone makes 
up 60-70% of cell mass (see p.196). Together 
with carbon and nitrogen, hydrogen and oxy- 
gen are also the major constituents of the 
organic compounds on which most living 
processes depend. Many biomolecules also 
contain sulfur (S) or phosphorus (P). The 
above macroelements are essential for all or- 
ganisms. 

A second biologically important group of 
elements, which together represent only 
about 0.5% of the body mass, are present al- 
most exclusively in the form of inorganic ions. 
This group includes the alkali metals sodium 
(Na) and potassium (K), and the alkaline earth 
metals magnesium (Mg) and calcium (Ca). The 
halogen chlorine (Cl) is also always ionized in 
the cell. All other elements important for life 
are present in such small quantities that they 
are referred to as trace elements. These in- 
clude transition metals such as iron (Fe), zinc 
(Zn), copper (Cu), cobalt (Co) and manganese 
(Mn). A few nonmetals, such as iodine (1) and 
selenium (Se), can also be classed as essential 
trace elements. 


B. Electron configurations: examples O 


The chemical properties of atoms and the 
types of bond they form with each other are 
determined by their electron shells. The elec- 
tron configurations of the elements are there- 
fore also shown in Fig. A. Fig. B explains the 
symbols and abbreviations used. More de- 


tailed discussions of the subject are available 
in chemistry textbooks. 

The possible states of electrons are called 
orbitals. These are indicated by what is 
known as the principal quantum number 
and by a letter—s, p, or d. The orbitals are 
filled one by one as the number of electrons 
increases. Each orbital can hold a maximum of 
two electrons, which must have oppositely 
directed “spins.” Fig. A shows the distribution 
of the electrons among the orbitals for each of 
the elements. For example, the six electrons of 
carbon (B1) occupy the 1s orbital, the 2s orbi- 
tal, and two 2p orbitals. A filled 1s orbital has 
the same electron configuration as the noble 
gas helium (He). This region of the electron 
Shell of carbon is therefore abbreviated as 
“He” in Fig. A. Below this, the numbers of 
electrons in each of the other filled orbitals 
(2s and 2p in the case of carbon) are shown on 
the right margin. For example, the electron 
shell of chlorine (B2) consists of that of neon 
(Ne) and seven additional electrons in 3s and 
3p orbitals. In iron (B3), a transition metal of 
the first series, electrons occupy the 4s orbital 
even though the 3d orbitals are still partly 
empty. Many reactions of the transition met- 
als involve empty d orbitals—e. g., redox reac- 
tions or the formation of complexes with 
bases. 

Particularly stable electron arrangements 
arise when the outermost shell is fully occu- 
pied with eight electrons (the “octet rule”). 
This applies, for example, to the noble gases, 
as well as to ions such as Cl" (3s?3p°) and Na* 
(2s?2p°). It is only in the cases of hydrogen 
and helium that two electrons are already 
suf cient to fill the outermost 1s orbital. 
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4 Basics 


Bonds 


A. Orbital hybridization and chemical 
bonding © 


Stable, covalent bonds between nonmetal 
atoms are produced when orbitals (see p.2) 
of the two atoms form molecular orbitals that 
are occupied by one electron from each of the 
atoms. Thus, the four bonding electrons of the 
carbon atom occupy 2s and 2p atomic orbitals 
(1a). The 2s orbital is spherical in shape, while 
the three 2p orbitals are shaped like dumb- 
bells arranged along the x, y, and z axes. It 
might therefore be assumed that carbon 
atoms should form at least two different types 
of molecular orbital. However, this is not nor- 
mally the case. The reason is an effect known 
as orbital hybridization. Combination of the s 
orbital and the three p orbitals of carbon gives 
rise to four equivalent, tetrahedrally arranged 
sp? atomic orbitals (sp? hybridization). When 
these overlap with the 1s orbitals of H atoms, 
four equivalent o-molecular orbitals (1b) are 
formed. For this reason, carbon is capable of 
forming four bonds—i.e., it has a valency of 
four. Single bonds between nonmetal atoms 
arise in the same way as the four o or single 
bonds in methane (CH,). For example, the 
hydrogen phosphate ion (HPO,?-) and the 
ammonium ion (NH,’) are also tetrahedral 
in structure (1c). 

A second common type of orbital hybrid- 
ization involves the 2s orbital and only two of 
the three 2p orbitals (2a). This process is 
therefore referred to as sp? hybridization. 
The result is three equivalent sp hybrid orbi- 
tals lying in one plane at an angle of 120° to 
one another. The remaining 2p, orbital is ori- 
ented perpendicular to this plane. In contrast 
to their sp’ counterparts, sp?-hybridized 
atoms form two different types of bond 
when they combine into molecular orbitals 
(2b). The three sp? orbitals enter into o bonds, 
as described above. In addition, the electrons 
in the two 2p, orbitals, known as zx electrons, 
combine to give an additional, elongated x 
molecular orbital, which is located above 
and below the plane of the o bonds. Bonds 
of this type are called double bonds. They 
consist of ao bond and a x bond, and arise 
only when both of the atoms involved are 
capable of sp* hybridization. In contrast to 
single bonds, double bonds are not freely ro- 


tatable, since rotation would distort the z- 
molecular orbital. This is why all of the atoms 
lie in one plane (2c); in addition, cis—trans 
isomerism arises in such cases (see p.8). 
Double bonds that are common in biomole- 
cules are C=C and C=O. C=N double bonds are 
found in aldimines (Schiff bases, see p. 178). 


B. Resonance O 


Many molecules that have several double 
bonds are much less reactive than might be 
expected. The reason for this is that the 
double bonds in these structures cannot be 
localized unequivocally. Their x orbitals are 
not confined to the space between the dou- 
ble-bonded atoms, but form a= shared, 
extended zx-molecular orbital. Structures 
with this property are referred to as reso- 
nance hybrids, because it is impossible to de- 
scribe their actual bonding structure using 
standard formulas. One can either use what 
are known as resonance structures—i.e., 
idealized configurations in which zx electrons 
are assigned to specific atoms (cf. pp.32 and 
66, for example )—or one can use dashed lines 
as in Fig. B to suggest the extent of the delo- 
calized orbitals. (Details are discussed in 
chemistry textbooks.) 

Resonance-stabilized systems include car- 
boxylate groups, as in formate; aliphatic hy- 
drocarbons with conjugated double bonds, 
such as 1,3-butadiene; and the systems known 
as aromatic ring systems. The best-known 
aromatic compound is benzene, which has 
six delocalized a electrons in its ring. Ex- 
tended resonance systems with 10 or more 
m electrons absorb light within the visible 
spectrum and are therefore colored. This 
group includes the aliphatic carotenoids (see 
p.132), for example, as well as the heme 
group, in which 18 x electrons occupy an ex- 
tended molecular orbital (see p. 106). 
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6 Basics 


Molecular structure 


The physical and chemical behavior of mole- 
cules is largely determined by their constitu- 
tion (the type and number of the atoms they 
contain and their bonding). Structural formu- 
las can therefore be used to predict not only 
the chemical reactivity of a molecule, but also 
its size and shape, and to some extent its 
conformation (the spatial arrangement of 
the atoms). Some data providing the basis 
for such predictions are summarized here 
and on the facing page. In addition, L-dihy- 
droxyphenylalanine (L-dopa; see p.352), is 
used as an example to show the way in which 
molecules are illustrated in this book. 


A. Molecule illustrations @ 


In traditional two-dimensional structural 
formulas (A1), atoms are represented as letter 
symbols and electron pairs are shown as lines. 
Lines between two atomic symbols symbolize 
two bonding electrons (see p. 4), and all of the 
other lines represent free electron pairs, such 
as those that occur in O and N atoms. Free 
electrons are usually not represented explic- 
itly (and this is the convention used in this 
book as well). Dashed or continuous circles or 
arcs are used to emphasize delocalized elec- 
trons. 

Ball-and-stick models (A2) are used to illus- 
trate the spatial structure of molecules. Atoms 
are represented as colored balls (for the color 
coding, see the inside front cover) and bonds 
(including multiple bonds) as gray cylinders. 
Although the relative bond lengths and angles 
correspond to actual conditions, the size at 
which the atoms are represented is too small 
to make the model more comprehensible. 

Space-filling van der Waals models (A3) are 
useful for illustrating the actual shape and 
size of molecules. These models represent 
atoms as truncated balls. Their effective ex- 
tent is determined by what is known as the 
van der Waals radius. This is calculated from 
the energetically most favorable distance be- 
tween atoms that are not chemically bonded 
to one another. 


B. Bond lengths and angles © 


Atomic radii and distances are now usually 
expressed in picometers (pm; 1 pm= 
10°! m). The old angstrom unit (A, 
A = 100 pm) is now obsolete. The length of 
single bonds approximately corresponds to 
the sum of what are known as the covalent 
radii of the atoms involved (see inside front 
cover). Double bonds are around 10-20% 
shorter than single bonds. In sp?-hybridized 
atoms, the angle between the individual 
bonds is approx. 110°; in sp?-hybridized 
atoms it is approx. 120°. 


C. Bond polarity O 


Depending on the position of the element in 
the periodic table (see p.2), atoms have 
different electronegativity—i.e., a different 
tendency to take up extra electrons. The val- 
ues given in C2 are on a scale between 2 and 4. 
The higher the value, the more electronega- 
tive the atom. When two atoms with very 
different electronegativities are bound to 
one another, the bonding electrons are drawn 
toward the more electronegative atom, and 
the bond is polarized. The atoms involved 
then carry positive or negative partial 
charges. In C1, the van der Waals surface is 
colored according to the different charge con- 
ditions (red = negative, blue = positive). Oxy- 
gen is the most strongly electronegative of the 
biochemically important elements, with C=O 
double bonds being especially highly polar. 


D. Hydrogen bonds ® 


The hydrogen bond, a special type of nonco- 
valent bond, is extremely important in bio- 
chemistry. In this type of bond, hydrogen 
atoms of OH, NH, or SH groups (known as 
hydrogen bond donors) interact with free 
electrons of acceptor atoms (for example, O, 
N, or S). The bonding energies of hydrogen 
bonds (10-40 kJ mol') are much lower 
than those of covalent bonds (approx. 
400 k] mol'). However, as hydrogen bonds 
can be very numerous in proteins and DNA, 
they play a key role in the stabilization of 
these molecules (see pp.68, 84). The impor- 
tance of hydrogen bonds for the properties of 
water is discussed on p. 26. 
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8 Basics 


Isomerism 


Isomers are molecules with the same compo- 
sition (i.e. the same molecular formula), but 
with different chemical and physical proper- 
ties. If isomers differ in the way in which their 
atoms are bonded in the molecule, they are 
described as structural isomers (cf. citric acid 
and isocitric acid, D). Other forms of isomer- 
ism are based on different arrangements of 
the substituents of bonds (A, B) or on the 
presence of chiral centers in the molecule (C). 


A. cis-trans isomers O 


Double bonds are not freely rotatable (see 
p.4). If double-bonded atoms have different 
substituents, there are two possible orienta- 
tions for these groups. In fumaric acid, an 
intermediate of the tricarboxylic acid cycle 
(see p. 136), the carboxy groups lie on different 
sides of the double bond (trans or E position). 
In its isomer maleic acid, which is not pro- 
duced in metabolic processes, the carboxy 
groups lie on the same side of the bond (cis 
or Z position). Cis-trans isomers (geometric 
isomers) have different chemical and physical 
properties—e.g., their melting points (Fp.) 
and pK, values. They can only be intercon- 
verted by chemical reactions. 

In lipid metabolism, cis-trans isomerism is 
particularly important. For example, double 
bonds in natural fatty acids (see p. 48) usually 
have a cis configuration. By contrast, unsatu- 
rated intermediates of B oxidation have a 
trans configuration. This makes the break- 
down of unsaturated fatty acids more compli- 
cated (see p. 166). Light-induced cis-trans iso- 
merization of retinal is of central importance 
in the visual cycle (see p. 358). 


B. Conformation @ 


Molecular forms that arise as a result of rota- 
tion around freely rotatable bonds are known 
as conformers. Even small molecules can have 
different conformations in solution. In the 
two conformations of succinic acid illustrated 
opposite, the atoms are arranged in a similar 
way to fumaric acid and maleic acid. Both 
forms are possible, although conformation 1 
is more favorable due to the greater distance 
between the COOH groups and therefore oc- 
curs more frequently. Biologically active mac- 


romolecules such as proteins or nucleic acids 
usually have well-defined (“native”) confor- 
mations, which are stabilized by interactions 
in the molecule (see p. 74). 


C. Optical isomers ® 


Another type of isomerism arises when a mol- 
ecule contains a chiral center or is chiral as a 
whole. Chirality (from the Greek cheir, hand) 
leads to the appearance of structures that 
behave like image and mirror-image and 
that cannot be superimposed (“mirror” iso- 
mers). The most frequent cause of chiral be- 
havior is the presence of an asymmetric C 
atom—i.e., an atom with four different sub- 
stituents. Then there are two forms (enan- 
tiomers) with different configurations. Usu- 
ally, the two enantiomers of a molecule are 
designated as L and D forms. Clear classifica- 
tion of the configuration is made possible by 
the R/S system (see chemistry textbooks). 

Enantiomers have very similar chemical 
properties, but they rotate polarized light in 
opposite directions (optical activity, see 
pp. 36, 58). The same applies to the enantiom- 
ers of lactic acid. The dextrorotatory L-lactic 
acid occurs in animal muscle and blood, while 
the D form produced by microorganisms is 
found in milk products, for example (see 
p.148). The Fischer projection is often used 
to represent the formulas for chiral centers 
(cf. p. 58). 


D. The aconitase reaction O 


Enzymes usually function stereospecifically. In 
chiral substrates, they only accept one of the 
enantiomers, and the reaction products are 
usually also sterically uniform. Aconitate 
hydratase (aconitase) catalyzes the conver- 
sion of citric acid into the constitution isomer 
isocitric acid (see p.136). Although citric acid 
is not chiral, aconitase only forms one of the 
four possible isomeric forms of isocitric acid 
(2R,3S-isocitric acid). The intermediate of the 
reaction, the unsaturated tricarboxylic acid 
aconitate, only occurs in the cis form in the 
reaction. The trans form of aconitate is found 
as a constituent of certain plants. 
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Biomolecules | 


A. Important classes of compounds @ 


Most biomolecules are derivatives of simple 
compounds of the non-metals oxygen (0), 
hydrogen (H), nitrogen (N), sulfur (S), and 
phosphorus (P). The biochemically important 
oxygen, nitrogen, and sulfur compounds can 
be formally derived from their compounds 
with hydrogen (i.e., H20, NH3, and H2S). In 
biological systems, phosphorus is found al- 
most exclusively in derivatives of phosphoric 
acid, H3PO.. 


If one or more of the hydrogen atoms of a 
non-metal hydride are replaced formally with 
another group, R—e.g., alkyl residues—then 
derived compounds of the type R-XH,-1, 
R-XH,-2-R, etc., are obtained. In this way, 
alcohols (R-OH) and ethers (R-O-R) are de- 
rived from water (H20); primary amines (R- 
NH3), secondary amines (R-NH-R) and terti- 
ary amines (R-N-R’R”) amines are obtained 
from ammonia (NH3); and thiols (R-SH) and 
thioethers (R-S-R’) arise from hydrogen sul- 
fide (H2S). Polar groups such as -OH and -NH2 
are found as substituents in many organic 
compounds. As such groups are much more 
reactive than the hydrocarbon structures to 
which they are attached, they are referred to 
as functional groups. 


New functional groups can arise as a result 
of oxidation of the compounds mentioned 
above. For example, the oxidation of a thiol 
yields a disulfide (R-S-S-R). Double oxidation 
of a primary alcohol (R-CH2-OH) gives rise 
initially to an aldehyde (R-C(O)-H), and then 
to a carboxylic acid (R-C(O)-OH). In contrast, 
the oxidation of a secondary alcohol yields a 
ketone (R-C(O)-R). The carbonyl group (C=O) 
is characteristic of aldehydes and ketones. 


The addition of an amine to the carbonyl 
group of an aldehyde yields—after removal of 
water—an aldimine (not shown; see p.178). 
Aldimines are intermediates in amino acid 
metabolism (see p.178) and serve to bond 
aldehydes to amino groups in proteins (see 
p. 62, for example). The addition of an alcohol 
to the carbonyl group of an aldehyde yields a 
hemiacetal (R-O-C(H)OH-R). The cyclic forms 
of sugars are well-known examples of hemi- 


acetals (see p.36). The oxidation of hemiace- 
tals produces carboxylic acid esters. 


Very important compounds are the carbox- 
ylic acids and their derivatives, which can be 
formally obtained by exchanging the OH 
group for another group. In fact, derivatives 
of this type are formed by nucleophilic sub- 
stitutions of activated intermediate com- 
pounds and the release of water (see p. 14). 
Carboxylic acid esters (R-O-CO-R’) arise from 
carboxylic acids and alcohols. This group in- 
cludes the fats, for example (see p. 48). Sim- 
ilarly, a carboxylic acid and a thiol yield a 
thioester (R-S-CO-R’). Thioesters play an ex- 
tremely important role in carboxylic acid me- 
tabolism. The best-known compound of this 
type is acetyl-coenzyme A (see p. 12). 


Carboxylic acids and primary amines react 
to form carboxylic acid amides (R-NH-CO-R’). 
The amino acid constituents of peptides and 
proteins are linked by carboxylic acid amide 
bonds, which are therefore also known as 
peptide bonds (see p. 66). 


Phosphoric acid, H3PO,, is a tribasic (three- 
protic) acid—i.e., it contains three hydroxyl 
groups able to donate H* ions. At least one 
of these three groups is fully dissociated 
under normal physiological conditions, while 
the other two can react with alcohols. The 
resulting products are phosphoric acid mono- 
esters (R-O-P(O)O-OH) and diesters (R-O- 
P(O)O-O-R’). Phosphoric acid monoesters are 
found in carbohydrate metabolism, for exam- 
ple (see p.36), whereas phosphoric acid 
diester bonds occur in phospholipids (see 
p.50) and nucleic acids (see p. 82 ). 


Compounds of one acid with another are 
referred to as acid anhydrides. A particularly 
large amount of energy is required for the 
formation of an acid—anhydride bond. Phos- 
phoric anhydride bonds therefore play a cen- 
tral role in the storage and release of chemical 
energy in the cell (see p.122). Mixed anhy- 
drides between carboxylic acids and phos- 
phoric acid are also very important “energy- 
rich metabolites” in cellular metabolism. 
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Biomolecules II 


Many biomolecules are made up of smaller 
units in a modular fashion, and they can be 
broken down into these units again. The con- 
struction of these molecules usually takes 
place through condensation reactions involv- 
ing the removal of water. Conversely, their 
breakdown functions in a hydrolytic fash- 
ion—i.e., as a result of water uptake. The 
page opposite illustrates this modular princi- 
ple using the example of an important coen- 
zyme. 


A. Acetyl CoA @ 


Coenzyme A (see also p.106) is a nucleotide 
with a complex structure (see p. 80). It serves 
to activate residues of carboxylic acids (acyl 
residues). Bonding of the carboxy group of the 
carboxylic acid with the thiol group of the 
coenzyme creates a thioester bond (-S-CO-R; 
see p. 10) in which the acyl residue has a high 
chemical potential. It can therefore be trans- 
ferred to other molecules in exergonic reac- 
tions. This fact plays an important role in lipid 
metabolism in particular (see pp.162ff.), as 
well as in two reactions of the tricarboxylic 
acid cycle (see p.136). 

As discussed on p.16, the group transfer 
potential can be expressed quantitatively as 
the change in free enthalpy (AG) during hy- 
drolysis of the compound concerned. This is 
an arbitrary determination, but it provides 
important indications of the chemical energy 
stored in such a group. In the case of acetyl- 
CoA, the reaction to be considered is: 


Acetyl CoA + H20 — acetate + CoA 


In standard conditions and at pH 7, the 
change in the chemical potential G (AG®°, see 
p.18) in this reaction amounts to -32 kJ 
mol"! and it is therefore as high as the AG° 
of ATP hydrolysis (see p. 18). In addition to the 
“energy-rich” thioester bond, acetyl-CoA also 
has seven other hydrolyzable bonds with dif- 
ferent degrees of stability. These bonds, and 
the fragments that arise when they are hydro- 
lyzed, will be discussed here in sequence. 


(1) The reactive thiol group of coenzyme A 
is located in the part of the molecule that is 
derived from cysteamine. Cysteamine is a bio- 


genic amine (see p.62) formed by decarbox- 
ylation of the amino acid cysteine. 

(2) The amino group of cysteamine is 
bound to the carboxy group of another bio- 
genic amine via an acid amide bond (-CO- 
NH-). B-Alanine arises through decarboxyla- 
tion of the amino acid aspartate, but it can 
also be formed by breakdown of pyrimidine 
bases (see p. 186). 

(3) Another acid amide bond (-CO-NH-) 
creates the compound for the _ next 
constituent, pantoinate. This compound con- 
tains a chiral center and can therefore appear 
in two enantiomeric forms (see p.8). In natu- 
ral coenzyme A, only one of the two forms is 
found, the (R)-pantoinate. Human metabo- 
lism is not capable of producing pantoinate 
itself, and it therefore has to take up a 
compound of B-alanine and pantoinate— 
pantothenate (“pantothenic acid”)—in the 
form of a vitamin in food (see p. 366). 

(4) The hydroxy group at C-4 of pantoinate 
is bound to a phosphate residue by an ester 
bond. 

The section of the molecule discussed so 
far represents a functional unit. In the cell, it is 
produced from pantothenate. The molecule 
also occurs in a protein-bound form as 4’- 
phosphopantetheine in the enzyme fatty 
acid synthase (see p.168). In coenzyme A, 
however, it is bound to 3’,5’-adenosine di- 
phosphate. 

(5) When two phosphate residues bond, 
they do not form an ester, but an “energy- 
rich” phosphoric acid anhydride bond, as 
also occurs in other nucleoside phosphates. 
By contrast, (6) and (7) are ester bonds again. 

(8) The base adenine is bound to C-1 of 
ribose by an N-glycosidic bond (see p.36). In 
addition to C-2 to C-4, C-1 of ribose also rep- 
resents a chiral center. The configuration is 
usually found in nucleotides. 
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Chemical reactions 


Chemical reactions are processes in which 
electrons or groups of atoms are taken up 
into molecules, exchanged between mole- 
cules, or shifted within molecules. Illustrated 
here are the most important types of reaction 
in organic chemistry, using simple examples. 
Electron shifts are indicated by red arrows. 


A. Redox reactions O 


In redox reactions (see also p.32), electrons 
are transferred from one molecule (the reduc- 
ing agent) to another (the oxidizing agent). 
One or two protons are often also transferred 
in the process, but the decisive criterion for 
the presence of a redox reaction is the elec- 
tron transfer. The reducing agent is oxidized 
during the reaction, and the oxidizing agent is 
reduced. 

Fig. A shows the oxidation of an alcohol 
into an aldehyde (1) and the reduction of 
the aldehyde to alcohol (2). In the process, 
one hydride ion is transferred (two electrons 
and one proton; see p.32), which moves to 
the oxidizing agent A in reaction 1. The super- 
fluous proton is bound by the catalytic effect 
of a base B. In the reduction of the aldehyde 
(2), A-H serves as the reducing agent and the 
acid H-B is involved as the catalyst. 


B. Acid—base reactions O 


In contrast to redox reactions, only proton 
transfer takes place in acid-base reactions 
(see also p.30). When an acid dissociates (1), 
water serves as a proton acceptor (i.e., as a 
base). Conversely, water has the function of 
an acid in the protonation of a carboxylate 
anion (2). 


C. Additions/eliminations 0 


A reaction in which atoms or molecules are 
taken up by a multiple bond is described as 
addition. The converse of addition—i.e., the 
removal of groups with the formation of a 
double bond, is termed elimination. When 
water is added to an alkene (1a), a proton is 
first transferred to the alkene. The unstable 
carbenium cation that occurs as an intermedi- 
ate initially takes up water (not shown), be- 
fore the separation of a proton produces alco- 


hol (1b). The elimination of water from the 
alcohol (2, dehydration) is also catalyzed by 
an acid and passes via the same intermediate 
as the addition reaction. 


D. Nucleophilic substitutions 0 


A reaction in which one functional group (see 
p.10) is replaced by another is termed substi- 
tution. Depending on the process involved, a 
distinction is made between nucleophilic and 
electrophilic substitution reactions (see 
chemistry textbooks). Nucleophilic substitu- 
tions start with the addition of one molecule 
to another, followed by elimination of the so- 
called leaving group. 

The hydrolysis of an ester to alcohol and 
acid (1) and the esterification of a carboxylic 
acid with an alcohol (2) are shown here as an 
example of the Sy2 mechanism. Both reac- 
tions are made easier by the marked polarity 
of the C=O double bond. In the form of ester 
hydrolysis shown here, a proton is removed 
from a water molecule by the catalytic effect 
of the base B. The resulting strongly nucleo- 
philic OH” ion attacks the positively charged 
carbonyl C of the ester (1a), and an unstable 
sp*-hybridized transition state is produced. 
From this, either water is eliminated (2b) 
and the ester re-forms, or the alcohol ROH is 
eliminated (1b) and the free acid results. In 
esterification (2), the same steps take place in 
reverse. 


Further information 


In rearrangements (isomerizations, not 
shown), groups are shifted within one and 
the same molecule. Examples of this in bio- 
chemistry include the isomerization of sugar 
phosphates (see p. 36) and of methylmalonyl- 
CoA to succinyl CoA (see p. 166). 
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Energetics 


To obtain a better understanding of the pro- 
cesses involved in energy storage and conver- 
sion in living cells, it may be useful first to 
recall the physical basis for these processes. 


A. Forms of work @ 


There is essentially no difference between 
work and energy. Both are measured in joule 
(J=1N _ m). An outdated unit is the calorie 
(1 cal = 4.187 J). Energy is defined as the abil- 
ity of a system to perform work. There are 
many different forms of energy—e.g., me- 
chanical, chemical, and radiation energy. 

A system is capable of performing work 
when matter is moving along a potential gra- 
dient. This abstract definition is best under- 
stood by an example involving mechanical 
work (A1). Due to the earth’s gravitational 
pull, the mechanical potential energy of an 
object is the greater the further the object is 
away from the center of the earth. A potential 
difference (AP) therefore exists between a 
higher location and a lower one. In a waterfall, 
the water spontaneously follows this poten- 
tial gradient and, in doing so, is able to per- 
form work—e.g., turning a mill. 

Work and energy consist of two quantities: 
an intensity factor, which is a measure of the 
potential difference—i.e., the “driving force” 
of the process—(here it is the height differ- 
ence) and a capacity factor, which is a mea- 
sure of the quantity of the substance being 
transported (here it is the weight of the 
water). In the case of electrical work (A2), 
the intensity factor is the voltage—i.e., the 
electrical potential difference between the 
source of the electrical current and the 
“sround,” while the capacity factor is the 
amount of charge that is flowing. 

Chemical work and chemical energy are 
defined in an analogous way. The intensity 
factor here is the chemical potential of a mol- 
ecule or combination of molecules. This is 
stated as free enthalpy G (also known as 
“Gibbs free energy”). When molecules spon- 
taneously react with one another, the result is 
products at lower potential. The difference in 
the chemical potentials of the educts and 
products (the change in free enthalpy, AG) is 
a measure of the “driving force” of the reac- 
tion. The capacity factor in chemical work is 


the amount of matter reacting (in mol). 
Although absolute values for free enthalpy G 
cannot be determined, AG can be calculated 
from the equilibrium constant of the reaction 
(see p. 18). 


B. Energetics and the course of processes @ 


Everyday experience shows that water never 
flows uphill spontaneously. Whether a partic- 
ular process can occur spontaneously or not 
depends on whether the potential difference 
between the final and the initial state, AP = 
Pz — Pj, is positive or negative. If P2 is smaller 
than P;, then AP will be negative, and the 
process will take place and perform work. 
Processes of this type are called exergonic 
(B1). If there is no potential difference, then 
the system is in equilibrium (B2). In the case of 
endergonic processes, AP is positive (B3). 
Processes of this type do not proceed sponta- 
neously. 

Forcing endergonic processes to take place 
requires the use of the principle of energetic 
coupling. This effect can be illustrated by a 
mechanical analogy (B4). When two masses 
M, and Mp are connected by a rope, M, will 
move upward even though this part of the 
process is endergonic. The sum of the two 
potential differences (APer = AP; + AP2) is 
the determining factor in coupled processes. 
When APe¢ is negative, the entire process can 
proceed. 

Energetic coupling makes it possible to 
convert different forms of work and energy 
into one another. For example, in a flashlight, 
an exergonic chemical reaction provides an 
electrical voltage that can then be used for 
the endergonic generation of light energy. In 
the luminescent organs of various animals, it 
is a chemical reaction that produces the light. 
In the musculature (see p. 336), chemical en- 
ergy is converted into mechanical work and 
heat energy. A form of storage for chemical 
energy that is used in all forms of life is aden- 
osine triphosphate (ATP; see p.122). Ender- 
gonic processes are usually driven by cou- 
pling to the strongly exergonic breakdown 
of ATP (see p.122). 
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Equilibriums 


A. Group transfer reactions ® 


Every chemical reaction reaches after a time a 
state of equilibrium in which the forward and 
back reactions proceed at the same speed. The 
law of mass action describes the concentra- 
tions of the educts (A, B) and products (C, D) in 
equilibrium. The equilibrium constant K is di- 
rectly related to AG°, the change in free 
enthalpy G involved in the reaction (see 
p.16) under standard conditions (AG° = - R 
T In K). For any given concentrations, the 
lower equation applies. At AG < 0, the reac- 
tion proceeds spontaneously for as long as it 
takes for equilibrium to be reached (i.e., until 
AG = 0). At AG > 0, a spontaneous reaction is 
no longer possible (endergonic case; see 
p.16). In biochemistry, AG is usually related 
to pH 7, and this is indicated by the “prime” 
symbol (AG” or AG’). 

As examples, we can look at two group 
transfer reactions (on the right). In ATP (see 
p.122), the terminal phosphate residue is at a 
high chemical potential. Its transfer to water 
(reaction a, below) is therefore strongly exer- 
gonic. The equilibrium of the reaction 
(AG = 0; see p.122) is only reached when 
more than 99.9% of the originally available 
ATP has been hydrolyzed. ATP and similar 
compounds have a high group transfer 
potential for phosphate residues. Quantita- 
tively, this is expressed as the AG of hydrolysis 
(AG” = -32 kJ mol™'; see p.122). 

In contrast, the endergonic transfer of am- 
monia (NH3) to glutamate (Glu, reaction b, 
AG” = +14 kJ mol-!) reaches equilibrium so 
quickly that only minimal amounts of the 
product glutamine (Gln) can be formed in 
this way. The synthesis of glutamine from 
these preliminary stages is only possible 
through energetic coupling (see pp. 16, 124). 


B. Redox reactions @ 


The course of electron transfer reactions (re- 
dox reactions, see p. 14) also follows the law of 
mass action. For a single redox system (see 
p. 32), the Nernst equation applies (top). The 
electron transfer potential of a redox system 
(i.e., its tendency to give off or take up elec- 
trons) is given by its redox potential E (in 
standard conditions, E° or E°’). The lower the 


redox potential of a system is, the higher the 
chemical potential of the transferred elec- 
trons. To describe reactions between two re- 
dox systems, AE—the difference between the 
two systems’ redox potentials—is usually 
used instead of AG. AG and AE have a simple 
relationship, but opposite signs (below). A 
redox reaction proceeds spontaneously 
when AE > 0, i.e. AG < 0. 

The right side of the illustration shows the 
way in which the redox potential E is depen- 
dent on the composition (the proportion of 
the reduced form as a %) in two biochemically 
important redox systems (pyruvate/lactate 
and NAD*/NADH+H’; see pp. 98, 104). In the 
standard state (both systems reduced to 50%), 
electron transfer from lactate to NAD” is not 
possible, because AE is negative (AE = -0.13 V, 
red arrow). By contrast, transfer can proceed 
successfully if the pyruvate/lactate system is 
reduced to 98% and NAD*/NADH is 98% oxi- 
dized (green arrow, AE = +0.08 V). 


C. Acid—base reactions O 


Pairs of conjugated acids and bases are always 
involved in proton exchange reactions (see 
p.30). The dissociation state of an acid-base 
pair depends on the H* concentration. Usu- 
ally, it is not this concentration itself that is 
expressed, but its negative decadic logarithm, 
the pH value. The connection between the pH 
value and the dissociation state is described 
by the Henderson-Hasselbalch equation (be- 
low). As a measure of the proton transfer 
potential of an acid-base pair, its pK, value 
is used—the negative logarithm of the acid 
constant K, (where “a” stands for acid). 

The stronger an acid is, the lower its pKa 
value. The acid of the pair with the lower pK, 
value (the stronger acid—in this case acetic 
acid, CH3COOH) can protonate (green arrow) 
the base of the pair with the higher pK, (in 
this case NH3), while ammonium acetate 
(NH,* and CH3COO°) only forms very little 
CH3COOH and NH3. 
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Enthalpy and entropy 


The change in the free enthalpy of a chemical 
reaction (i.e., its AG) depends on a number of 
factors—e.g., the concentrations of the reac- 
tants and the temperature (see p.18). Two 
further factors associated with molecular 
changes occurring during the reaction are dis- 
cussed here. 


A. Heat of reaction and calorimetry 0 


All chemical reactions involve heat exchange. 
Reactions that release heat are called 
exothermic, and those that consume heat 
are called endothermic. Heat exchange is 
measured as the enthalpy change AH (the 
heat of reaction). This corresponds to the 
heat exchange at constant pressure. In exo- 
thermic reactions, the system loses heat, and 
AH is negative. When the reaction is endo- 
thermic, the system gains heat, and AH be- 
comes positive. 

In many reactions, AH and AG are similar in 
magnitude (see B1, for example). This fact is 
used to estimate the caloric content of foods. 
In living organisms, nutrients are usually oxi- 
dized by oxygen to COz and H20 (see p.112). 
The maximum amount of chemical work sup- 
plied by a particular foodstuff (i.e., the AG for 
the oxidation of the utilizable constituents) 
can be estimated by burning a weighed 
amount in a calorimeter in an oxygen atmo- 
sphere. The heat of the reaction increases the 
water temperature in the calorimeter. The 
reaction heat can then be calculated from 
the temperature difference AT. 


B. Enthalpy and entropy 0 


The reaction enthalpy AH and the change in 
free enthalpy AG are not always of the same 
magnitude. There are even reactions that oc- 
cur spontaneously (AG < 0) even though they 
are endothermic (AH > 0). The reason for this 
is that changes in the degree of order of the 
system also strongly affect the progress of a 
reaction. This change is measured as the en- 
tropy change (AS). 

Entropy is a physical value that describes 
the degree of order of a system. The lower the 
degree of order, the larger the entropy. Thus, 
when a process leads to increase in disor- 
der—and everyday experience shows that 


this is the normal state of affairs—AS is pos- 
itive for this process. An increase in the order 
in a system (AS < 0) always requires an input 
of energy. Both of these statements are 
consequences of an important natural law, 
the Second Law of Thermodynamics. The 
connection between changes in enthalpy 
and entropy is described quantitatively by 
the Gibbs-Helmholtz equation (AG = AH - 
T AS). The following examples will help 
explain these relationships. 

In the knall-gas (oxyhydrogen) reaction 
(1), gaseous oxygen and gaseous hydrogen 
react to form liquid water. Like many redox 
reactions, this reaction is strongly exothermic 
(i.e., AH < 0). However, during the reaction, 
the degree of order increases. The total num- 
ber of molecules is reduced by one-third, and 
a more highly ordered liquid is formed from 
freely moving gas molecules. As a result of the 
increase in the degree of order (AS < 0), the 
term -T AS becomes positive. However, this 
is more than compensated for by the decrease 
in enthalpy, and the reaction is still strongly 
exergonic (AG < 0). 

The dissolution of salt in water (2) is endo- 
thermic (AH > 0)—i.e., the liquid cools. Never- 
theless, the process still occurs spontane- 
ously, since the degree of order in the 
system decreases. The Na” and Cl ions are 
initially rigidly fixed in a crystal lattice. In 
solution, they move about independently 
and in random directions through the fluid. 
The decrease in order (AS >0Q) leads to a 
negative -T AS term, which compensates 
for the positive AH term and results in a 
negative AG term overall. Processes of this 
type are described as being entropy-driven. 
The folding of proteins (see p.74) and the 
formation of ordered lipid structures in water 
(see p.28) are also mainly entropy-driven. 
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Reaction kinetics 


The change in free enthalpy AG in a reaction 
indicates whether or not the reaction can take 
place spontaneously in given conditions and 
how much work it can perform (see p. 18). 
However, it does not tell us anything about 
the rate of the reaction—i.e., its kinetics. 


A. Activation energy 0 


Most organic chemical reactions (with the 
exception of acid-base reactions) proceed 
only very slowly, regardless of the value 
of AG. The reason for the slow reaction rate 
is that the molecules that react—the 
educts—have to have a certain minimum en- 
ergy before they can enter the reaction. This is 
best understood with the help of an energy 
diagram (1) of the simplest possible reaction 
A-— B. The educt A and the product B are each 
at a specific chemical potential (G. and G,, 
respectively). The change in the free enthalpy 
of the reaction, AG, corresponds to the differ- 
ence between these two potentials. To be 
converted into B, A first has to overcome a 
potential energy barrier, the peak of which, 
G,, lies well above G,. The potential difference 
G, -G, is the activation energy E, of the re- 
action (in kJ mol’). 

The fact that A can be converted into B at all 
is because the potential G. only represents 
the average potential of all the molecules. 
Individual molecules may occasionally reach 
much higher potentials—e. g., due to collisions 
with other molecules. When the increase in 
energy thus gained is greater than E,, these 
molecules can overcome the barrier and be 
converted into B. The energy distribution for a 
group of molecules of this type, as calculated 
from a simple model, is shown in (2) and (3). 
An/n is the fraction of molecules that have 
reached or exceeded energy E (in kJ per mol). 
At 27 °C, for example, approximately 10% of 
the molecules have energies > 6 kJ mol!. 
The typical activation energies of chemical 
reactions are much higher. The course of 
the energy function at energies of around 
50 kJ mol"! is shown in (3). Statistically, at 
27 °C only two out of 10° molecules reach this 
energy. At 37 °C, the figure is already four. 
This is the basis for the long-familiar “Qio 
law”—a rule of thumb that states that the 
speed of biological processes approximately 


doubles with an increase in temperature of 
10 °C. 


B. Reaction rate O 


The velocity v of a chemical reaction is deter- 
mined experimentally by observing the 
change in the concentration of an educt or 
product over time. In the example shown 
(again a reaction of the A — B type), 3 mmol 
of the educt A is converted per second and 
3 mmol of the product B is formed per second 
in one liter of the solution. This corresponds 
to a rate of 


v =3mM s!=3 10° mol L! s! 


C. Reaction order O 


Reaction rates are influenced not only by the 
activation energy and the temperature, but 
also by the concentrations of the reactants. 
When there is only one educt, A (1), v is 
proportional to the concentration [A] of this 
substance, and a first-order reaction is in- 
volved. When two educts, A and B, react 
with one another (2), it is a second order 
reaction (shown on the right). In this case, 
the rate v is proportional to the product of 
the educt concentrations (12 mM? at the 
top, 24 mM? in the middle, and 36 mM? at 
the bottom). The proportionality factors k and 
k’ are the rate constants of the reaction. They 
are not dependent on the reaction concentra- 
tions, but depend on the external conditions 
for the reaction, such as temperature. 

In B, only the kinetics of simple irreversible 
reactions is shown. More complicated cases, 
such as reaction with three or more reversible 
steps, can usually be broken down into first- 
order or second-order partial reactions and 
described using the corresponding equations 
(for an example, see the Michaelis-Menten 
reaction, p.92). 
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Catalysis 


Catalysts are substances that accelerate 
chemical reactions without themselves being 
consumed in the process. Since catalysts 
emerge from the catalyzed reaction without 
being changed, even small amounts are usu- 
ally suf cient to cause a powerful acceleration 
of the reaction. In the cell, enzymes (see p. 88) 
generally serve as catalysts. A few chemical 
changes are catalyzed by special RNA mole- 
cules, known as ribozymes (see p. 246). 


A. Catalysis: principle @ 


The reason for the slow rates of most reac- 
tions involving organic substances is the high 
activation energy (see p. 22) that the reacting 
molecules have to reach before they can react. 
In aqueous solution, a large proportion of the 
activation energy is required to remove the 
hydration shells surrounding the educts. Dur- 
ing the course of a reaction, resonance-stabi- 
lized structures (see p.4) are often tempora- 
rily suspended; this also requires energy. The 
highest point on the reaction coordinates cor- 
responds to an energetically unfavorable tran- 
sition state of this type (1). 

A catalyst creates a new pathway for the 
reaction (2). When all of the transition states 
arising have a lower activation energy than 
that of the uncatalyzed reaction, the reaction 
will proceed more rapidly along the alterna- 
tive pathway, even when the number of in- 
termediates is greater. Since the starting 
points and end points are the same in both 
routes, the change in the enthalpy AG of the 
reaction is not influenced by the catalyst. Cat- 
alysts—including enzymes—are in principle 
not capable of altering the equilibrium state 
of the catalyzed reaction. 

The often-heard statement that “a catalyst 
reduces the activation energy of a reaction” is 
not strictly correct, since a completely different 
reaction takes place in the presence of a cata- 
lyst than in uncatalyzed conditions. However, 
its activation energy is lower than in the un- 
catalyzed reaction. 


B. Catalysis of HO, - breakdown by iodide O 


As a simple example of a catalyzed reaction, 
we can look at the disproportionation of hy- 
drogen peroxide (H202) into oxygen and 
water. In the uncatalyzed reaction (at the 
top), an H202 molecule initially decays into 
H,0 and atomic oxygen (O), which then reacts 
with a second H20, molecule to form water 
and molecular oxygen (QO). The activation 
energy E, required for this reaction is rela- 
tively high, at 75 kJ mol~'. In the presence of 
iodide (I-) as a catalyst, the reaction takes a 
different course (bottom). The intermediate 
arising in this case is hypoiodide (OI-), which 
also forms H20 and O, with another H30> 
molecule. In this step, the I” ion is released 
and can once again take part in the reaction. 
The lower activation energy of the reaction 
catalyzed by iodide (E,=56kJ mol‘) 
causes acceleration of the reaction by a factor 
of 2000, as the reaction rate depends expo- 
nentially on E, (v ~ eF4/87), 

Free metal ions such as iron (Fe) and plat- 
inum (Pt) are also effective catalysts for the 
breakdown of H20>. Catalase (see p. 284), an 
enzyme that protects cells against the toxic 
effects of hydrogen peroxide (see p.284), is 
much more catalytically effective still. In the 
enzyme-catalyzed disproportionation, H 202 
is bound to the enzyme’s heme group, where 
it is quickly converted to atomic oxygen and 
water, supported by amino acid residues of 
the enzyme protein. The oxygen atom is tem- 
porarily bound to the central iron atom of the 
heme group, and then transferred from there 
to the second H,0, molecule. The activation 
energy of the enzyme-catalyzed reaction is 
only 23 kJ mol’, which in comparison with 
the uncatalyzed reaction leads to acceleration 
by a factor of 1.3 10°. 

Catalase is one of the most ef cient en- 
zymes there are. A single molecule can con- 
vert up to 10° (a hundred million) HO, mol- 
ecules per second. 
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A. Catalysis: principle 
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Water as a solvent 


Life as we know it evolved in water and is still 
absolutely dependent on it. The properties of 
water are therefore of fundamental impor- 
tance to all living things. 


A. Water and methane 0 


The special properties of water (HzO) become 
apparent when it is compared with methane 
(CH,). The two molecules have a similar mass 
and size. Nevertheless, the boiling point of 
water is more than 250°C above that of 
methane. At temperatures on the earth’s sur- 
face, water is liquid, whereas methane is gas- 
eous. The high boiling point of water results 
from its high vaporization enthalpy, which in 
turn is due to the fact that the density of the 
electrons within the molecule is unevenly 
distributed. Two corners of the tetrahedrally- 
shaped water molecule are occupied by un- 
shared electrons (green), and the other two 
by hydrogen atoms. As a result, the H-O-H 
bond has an angled shape. In addition, the 
O-H bonds are polarized due to the high elec- 
tronegativity of oxygen (see p.6). One side of 
the molecule carries a partial charge (5) of 
about -0.6 units, whereas the other is corre- 
spondingly positively charged. The spatial 
separation of the positive and negative 
charges gives the molecule the properties of 
an electrical dipole. Water molecules are 
therefore attracted to one another like tiny 
magnets, and are also connected by hydrogen 
bonds (B) (see p. 6). When liquid water vapor- 
izes, a large amount of energy has to be ex- 
pended to disrupt these interactions. By con- 
trast, methane molecules are not dipolar, and 
therefore interact with one another only 
weakly. This is why liquid methane vaporizes 
at very low temperatures. 


B. Structure of water and ice 0 


The dipolar nature of water molecules favors 
the formation of hydrogen bonds (see p.6). 
Each molecule can act either as a donor or an 
acceptor of H bonds, and many molecules in 
liquid water are therefore connected by H 
bonds (1). The bonds are in a state of constant 
fluctuation. Tetrahedral networks of mole- 
cules, known as water “clusters,” often arise. 
As the temperature decreases, the proportion 


of water clusters increases until the water 
begins to crystallize. Under normal atmo- 
spheric pressure, this occurs at 0 °C. In ice, 
most of the water molecules are fixed in a 
hexagonal lattice (3). Since the distance be- 
tween the individual molecules in the frozen 
state is on average greater than in the liquid 
state, the density of ice is lower than that of 
liquid water. This fact is of immense biological 
importance—it means, for example, that in 
winter, ice forms on the surface of open 
stretches of water first, and the water rarely 
freezes to the bottom. 


C. Hydration ® 


In contrast to most other liquids, water is an 
excellent solvent for ions. In the electrical 
field of cations and anions, the dipolar water 
molecules arrange themselves in a regular 
fashion corresponding to the charge of the 
ion. They form hydration shells and shield 
the central ion from oppositely charged ions. 
Metal ions are therefore often present as 
hexahydrates ([Me(H20),7*], on the right). In 
the inner hydration sphere of this type of ion, 
the water molecules are practically immobi- 
lized and follow the central ion. Water has a 
high dielectric constant of 78—i.e., the elec- 
trostatic attraction force between ions is re- 
duced to 1/78 by the solvent. Electrically 
charged groups in organic molecules (e.¢g., 
carboxylate, phosphate, and ammonium 
groups) are also well hydrated and contribute 
to water solubility. Neutral molecules with 
several hydroxy groups, such as glycerol (on 
the left) or sugars, are also easily soluble, 
because they can form H bonds with water 
molecules. The higher the proportion of polar 
functional groups there is in a molecule, the 
more water-soluble (hydrophilic) it is. By con- 
trast, molecules that consist exclusively or 
mainly of hydrocarbons are poorly soluble or 
insoluble in water. These compounds are 
called hydrophobic (see p. 28). 
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A. Water and methane 
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Hydrophobic interactions 


Water is an excellent solvent for ions and for 
substances that contain polarized bonds (see 
p. 20). Substances of this type are referred to 
as polar or hydrophilic (“water-loving”). In 
contrast, substances that consist mainly of 
hydrocarbon structures dissolve only poorly 
in water. Such substances are said to be apolar 
or hydrophobic. 


A. Solubility of methane O 


To understand the reasons for the poor water 
solubility of hydrocarbons, it is useful first to 
examine the energetics (see p. 16) of the pro- 
cesses involved. In (1), the individual terms of 
the Gibbs—Helmholtz equation (see p.20) for 
the simplest compound of this type, methane, 
are shown (see p.4). As can be seen, the tran- 
sition from gaseous methane to water is ac- 
tually exothermic (AH® < 0). Nevertheless, the 
change in the free enthalpy AG° is positive 
(the process is endergonic), because the en- 
tropy term T AS° has a strongly positive 
value. The entropy change in the process 
(AS°) is evidently negative—i.e., a solution of 
methane in water has a higher degree of order 
than either water or gaseous methane. One 
reason for this is that the methane molecules 
are less mobile when surrounded by water. 
More importantly, however, the water around 
the apolar molecules forms cage-like “clath- 
rate” structures, which—as in ice—are stabi- 
lized by H bonds. This strongly increases the 
degree of order in the water—and the more so 
the larger the area of surface contact between 
the water and the apolar phase. 


B. The “oil drop effect” @ 


The spontaneous separation of oil and water, 
a familiar observation in everyday life, is due 
to the energetically unfavorable formation of 
clathrate structures. When a mixture of water 
and oil is firmly shaken, lots of tiny oil drops 
form to begin with, but these quickly coalesce 
spontaneously to form larger drops—the two 
phases separate. A larger drop has a smaller 
surface area than several small drops with the 
same volume. Separation therefore reduces 
the area of surface contact between the water 
and the oil, and consequently also the extent 
of clathrate formation. The AS for this process 


is therefore positive (the disorder in the water 
increases), and the negative term -T AS 
makes the separation process exergonic 
(AG < 0), so that it proceeds spontaneously. 


C. Arrangements of amphipathic substances 
in water @ 


Molecules that contain both polar and apolar 
groups are called amphipathic or amphiphilic. 
This group includes soaps (see p.48), phos- 
pholipids (see p.50), and bile acids (see p. 56). 

As a result of the “oil drop effect” amphi- 
pathic substances in water tend to arrange 
themselves in such a way as to minimize the 
area of surface contact between the apolar 
regions of the molecule and water. On water 
surfaces, they usually form single-layer films 
(top) in which the polar “head groups” face 
toward the water. Soap bubbles (right) consist 
of double films, with a thin layer of water 
enclosed between them. In water, depending 
on their concentration, amphipathic com- 
pounds form micelles—i.e., spherical aggre- 
gates with their head groups facing toward 
the outside, or extended bilayered double 
membranes. Most biological membranes are 
assembled according to this principle (see 
p.214). Closed hollow membrane sacs are 
known as vesicles. This type of structure 
serves to transport substances within cells 
and in the blood (see p. 278). 

The separation of oil and water (B) can be 
prevented by adding a strongly amphipathic 
substance. During shaking, a more or less 
stable emulsion then forms, in which the sur- 
face of the oil drops is occupied by amphi- 
pathic molecules that provide it with polar 
properties externally. The emulsification of 
fats in food by bile acids and phospholipids 
is a vital precondition for the digestion of fats 
(see p. 314). 
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A. Solubility of methane B. The “oil drop effect” 
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Acids and bases 


A. Acids and bases @ 


In general, acids are defined as substances 
that can donate hydrogen ions (protons), 
while bases are compounds that accept pro- 
tons. 

Water enhances the acidic or basic proper- 
ties of dissolved substances, as water itself 
can act as either an acid or a base. For exam- 
ple, when hydrogen chloride (HCI) is in aque- 
ous solution, it donates protons to the solvent 
(1). This results in the formation of chloride 
ions (Cl-) and protonated water molecules 
(hydronium ions, H30+, usually simply re- 
ferred to as H*). The proton exchange be- 
tween HCI and water is virtually quantitative: 
in water, HCl behaves as a very strong acid 
with a negative pK, value (see p. 18). 

Bases such as ammonia (NH3) take over 
protons from water molecules. As a result of 
this, hydroxyl ions (OH) and _ positively 
charged ammonium ions (NH,’, 3) form. Hy- 
dronium and hydroxyl ions, like other ions, 
exist in water in hydrated rather than free 
form (see p. 26). 

Acid-base reactions always involve pairs of 
acids and the associated conjugated bases 
(see p.18). The stronger the acid or base, the 
weaker the conjugate base or acid, respec- 
tively. For example, the very strongly acidic 
hydrogen chloride belongs to the very weakly 
basic chloride ion (1). The weakly acidic am- 
monium ion is conjugated with the moder- 
ately strong base ammonia (3). 

The equilibrium constant K for the acid— 
base reaction between H,0 molecules (2) is 
very small. At 25 °C, 


K =[H*] [OH-]/[H,0]=2 10°! mol L"™! 


In pure water, the concentration [HO] is 
practically constant at 55 mol L~!. Substitut- 
ing this value into the equation, it gives: 


Ky =[H*] [OH-]=1 10° mol L! 


The product [H*] [OH™|—the ion product of 
water—is constant even when additional 
acid-base pairs are dissolved in the water. 
At 25 °C, pure water contains H* and OH at 
concentrations of 1 107’ mol L™! each; it is 
neutral and has a pH value of exactly 7. 


B. pH values in the organism @ 


PH values in the cell and in the extracellular 
fluid are kept constant within narrow limits. 
In the blood, the pH value normally ranges 
only between 7.35 and 7.45 (see p.288). This 
corresponds to a maximum change in the H* 
concentration of ca. 30%. The pH value of 
cytoplasm is slightly lower than that of blood, 
at 7.0-7.3. In lysosomes (see p.234; pH 
4.5-5.5), the H® concentration is several hun- 
dred times higher than in the cytoplasm. In 
the lumen of the gastrointestinal tract, which 
forms part of the outside world relative to the 
organism, and in the body’s excretion prod- 
ucts, the pH values are more variable. Ex- 
treme values are found in the stomach (ca. 
2) and in the small bowel (> 8). Since the 
kidney can excrete either acids or bases, de- 
pending on the state of the metabolism, the 
pH of urine has a particularly wide range of 
variation (4.8-7.5). 


C. Buffers @ 


Short-term pH changes in the organism are 
cushioned by buffer systems. These are mix- 
tures of a weak acid, HB, with its conjugate 
base, B’, or of a weak base with its conjugate 
acid. This type of system can neutralize both 
hydronium ions and hydroxyl ions. 

In the first case (left), the base (B~) binds a 
large proportion of the added protons (H*) 
and HB and water are formed. If hydroxyl 
ions (OH) are added, they react with HB to 
give B- and water (right). In both cases, it is 
primarily the [HB]/[B’] ratio that shifts, while 
the pH value only changes slightly. The titra- 
tion curve (top) shows that buffer systems are 
most effective at the pH values that corre- 
spond to the pK, value of the acid. This is 
where the curve is at its steepest, so that the 
pH change, ApH, is at its smallest with a given 
increase Ac in [H*] or [OH]. In other words, 
the buffer capacity Ac/ ApH is highest at the 
pK, value. 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


Physical Chemistry 31 


A. Acids and bases 
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Redox processes 


A. Redox reactions @ 


Redox reactions are chemical changes in 
which electrons are transferred from one re- 
action partner to another (1; see also p. 18). 
Like acid-base reactions (see p. 30), redox re- 
actions always involve pairs of compounds. A 
pair of this type is referred to as a redox 
system (2). The essential difference between 
the two components of a redox system is the 
number of electrons they contain. The more 
electronrich component is called the reduced 
form of the compound concerned, while the 
other one is referred to as the oxidized form. 
The reduced form of one system (the reducing 
agent) donates electrons to the oxidized form 
of another one (the oxidizing agent). In the 
process, the reducing agent becomes oxidized 
and the oxidizing agent is reduced (3). Any 
given reducing agent can reduce only certain 
other redox systems. On the basis of this type 
of observation, redox systems can be ar- 
ranged to form what are known as redox 
series (4). 

The position of a system within one of 
these series is established by its redox 
potential E (see p.18). The redox potential 
has a sign; it can be more negative or more 
positive than a reference potential arbitrarily 
set at zero (the normal potential of the system 
[2 H*/H2]). In addition, E depends on the con- 
centrations of the reactants and on the reac- 
tion conditions (see p. 18). In redox series (4), 
the systems are arranged according to their 
increasing redox potentials. Spontaneous 
electron transfers are only possible if the re- 
dox potential of the donor is more negative 
than that of the acceptor (see p. 18). 


B. Reduction equivalents ® 


In redox reactions, protons (H*) are often 
transferred along with electrons (e°), or pro- 
tons may be released. The combinations of 
electrons and protons that occur in redox 
processes are summed up in the term reduc- 
tion equivalents. For example, the combina- 
tion 1 e /1 H* corresponds to a hydrogen 
atom, while 2 e- and 2 H* together produce 
a hydrogen molecule. However, this does not 
mean that atomic or molecular hydrogen is 
actually transferred from one molecule to the 


other (see below). Only the combination 2 e7/ 
1 H’, the hydride ion, is transferred as a unit. 


C. Biological redox systems @ 


In the cell, redox reactions are catalyzed by 
enzymes, which work together with soluble 
or bound redox cofactors. 

Some of these factors contain metal ions as 
redox-active components. In these cases, it is 
usually single electrons that are transferred, 
with the metal ion changing its valency. Un- 
paired electrons often occur in this process, 
but these are located in d orbitals (see p.2) 
and are therefore less dangerous than single 
electrons in non-metal atoms (“free radicals”; 
see below). 

We can only show here a few examples 
from the many organic redox systems that 
are found. In the complete reduction of the 
flavin coenzymes FMN and FAD (see p.104), 
2 e and 2 H’ are transferred. This occurs in 
two separate steps, with a semiquinone radi- 
cal appearing as an intermediate. Since or- 
ganic radicals of this type can cause damage 
to biomolecules, flavin coenzymes never oc- 
cur freely in solution, but remain firmly 
bound in the interior of proteins. 

In the reduction or oxidation of quinone] 
quinol systems, free radicals also appear as 
intermediate steps, but these are less reactive 
than flavin radicals. Vitamin E, another qui- 
none-type redox system (see p.104), even 
functions as a radical scavenger, by delocaliz- 
ing unpaired electrons so effectively that they 
can no longer react with other molecules. 

The pyridine nucleotides NAD* and NADP* 
always function in unbound form. The oxi- 
dized forms contain an aromatic nicotinamide 
ring in which the positive charge is delocal- 
ized. The right-hand example of the two res- 
onance structures shown contains an elec- 
tron-poor, positively charged C atom at the 
para position to nitrogen. If a hydride ion is 
added at this point (see above), the reduced 
forms NADH or NADPH arise. No radical inter- 
mediate steps occur. Because a proton is re- 
leased at the same time, the reduced pyridine 
nucleotide coenzymes are correctly expressed 
as NAD(P)H+H". 
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34 Biomolecules 


Overview 


The carbohydrates are a group of naturally 
occurring carbonyl compounds (aldehydes 
or ketones) that also contain several hydroxyl 
groups. The carbohydrates include single sug- 
ars (monosaccharides) and their polymers, 
the oligosaccharides and polysaccharides. 


A. Carbohydrates: overview @ 


Polymeric carbohydrates-above all starch, as 
well as some disaccharides—are important 
(but not essential) components of food (see 
p. 360). In the gut, they are broken down into 
monosaccharides and resorbed in this form 
(see p. 272). The form in which carbohydrates 
are distributed by the blood of vertebrates is 
glucose (“blood sugar”). This is taken up by the 
cells and either broken down to obtain energy 
(glycolysis) or converted into other metabo- 
lites (see pp. 150-159). Several organs (partic- 
ularly the liver and muscles) store glycogen as 
a polymeric reserve carbohydrate (right; see 
p. 156). The glycogen molecules are covalently 
bound to a protein, glycogenin. Polysaccha- 
rides are used by many organisms as building 
materials. For example, the cell walls of bac- 
teria contain murein as a stabilizing compo- 
nent (see p.40), while in plants cellulose and 
other polysaccharides fulfill this role (see 
p.42). Oligomeric or polymeric carbohydrates 
are often covalently bound to lipids or pro- 
teins. The glycolipids and glycoproteins 
formed in this way are found, for example, 
in cell membranes (center). Glycoproteins 
also occur in the blood in solute form (plasma 
proteins; see p.276) and, as components of 
proteoglycans, form important constituents of 
the intercellular substance (see p. 346). 


B. Monosaccharides: structure @ 


The most important natural monosaccharide, 
D-glucose, is an aliphatic aldehyde with six C 
atoms, five of which carry a hydroxyl group 
(1). Since C atoms 2 to 5 represent chiral 
centers (see p.8), there are 15 further 
isomeric aldohexoses in addition to D-glucose, 
although only a few of these are important in 
nature (see p. 38). Most natural monosaccha- 
rides have the same configuration at C-5 as 
D-glyceraldehyde-they belong to the D series. 


The open-chained form of glucose shown 
in (1) is found in neutral solution in less than 
0.1% of the molecules. The reason for this is an 
intramolecular reaction in which one of the 
OH groups of the sugar is added to the alde- 
hyde group of the same molecule (2). This 
gives rise to a cyclic hemiacetal (see p.10). In 
aldohexoses, the hydroxy group at C-5 reacts 
preferentially, and a six-membered pyran 
ring is formed. Sugars that contain this ring 
are called pyranoses. By contrast, if the OH 
group at C-4 reacts, a five-part furan ring is 
formed. In solution, pyranose forms and 
furanose forms are present in equilibrium 
with each other and with the open-chained 
form, while in glucose polymers only the 
pyranose form occurs. 

The Haworth projection (2) is usually used 
to depict sugars in the cyclic form, with the 
ring being shown in perspective as viewed 
from above. Depending on the configuration, 
the substituents of the chiral C atoms are then 
found above or below the ring. OH groups 
that lie on the right in the Fischer projection 
(1) appear under the ring level in the Haworth 
projection, while those on the left appear 
above it. 

As aresult of hemiacetal formation, an ad- 
ditional chiral center arises at C-1, which can 
be present in both possible configurations 
(anomers) (see p.8). To emphasize this, the 
corresponding bonds are shown here using 
wavy lines. 

The Haworth formula does not take ac- 
count of the fact that the pyran ring is not 
plain, but usually has a chair conformation. In 
B3, two frequent conformations of D-glucopy- 
ranose are shown as ball-and-stick models. In 
the 'C, conformation (bottom), most of the 
OH groups appear vertical to the ring level, as 
in the Haworth projection (axial or a posi- 
tion). In the slightly more stable 4C, confor- 
mation (top), the OH groups take the equato- 
rial or e position. At room temperature, each 
form can change into the other, as well as into 
other conformations. 
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A. Carbohydrates: overview 
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Chemistry of sugars 


A. Reactions of the monosaccharides O 


The sugars (monosaccharides) occur in the 
metabolism in many forms (derivatives). 
Only a few important conversion reactions 
are discussed here, using D-glucose as an ex- 
ample. 

1. Mutarotation. In the cyclic form, as op- 
posed to the open-chain form, aldoses have a 
chiral center at C-1 (see p.34). The corre- 
sponding isomeric forms are called anomers. 
In the B-anomer (center left), the OH group at 
C-1 (the anomeric OH group) and the CH,0H 
group lie on the same side of the ring. In the a- 
anomer (right), they are on different sides. 
The reaction that interconverts anomers into 
each other is known as mutarotation (B). 

2. Glycoside formation. When the anome- 
ric OH group of a sugar reacts with an alcohol, 
with elimination of water, it yields an 
O-glycoside (in the case shown, o —methylglu- 
coside). The glycosidic bond is not a normal 
ether bond, because the OH group at C-1 has a 
hemiacetal quality. Oligosaccharides and pol- 
ysaccharides also contain O-glycosidic bonds. 
Reaction of the anomeric OH group with an 
NH2 or NH group yields an N-glycoside (not 
shown). N-glycosidic bonds occur in nucleo- 
tides (see p.80) and in glycoproteins (see 
p.44), for example. 

3. Reduction and oxidation. Reduction of 
the anomeric center at C-1 of glucose (2) pro- 
duces the sugar alcohol sorbitol. Oxidation of 
the aldehyde group at C-1 gives the intramo- 
lecular ester (lactone) of gluconic acid (a gly- 
conic acid). Phosphorylated gluconolactone is 
an intermediate of the pentose phosphate 
pathway (see p.152). When glucose is oxi- 
dized at C-6, glucuronic acid (a glycuronic 
acid) is formed. The strongly polar glucuronic 
acid plays an important role in biotransforma- 
tions in the liver (see pp. 194, 316). 

4. Epimerization. In weakly alkaline solu- 
tions, glucose is in equilibrium with the 
ketohexose D-fructose and the aldohexose D- 
mannose, via an enediol intermediate (not 
shown). The only difference between glucose 
and mannose is the configuration at C-2. Pairs 
of sugars of this type are referred to as epi- 
mers, and their interconversion is called epi- 
merization. 


5. Esterification. The hydroxyl groups of 
monosaccharides can form esters with acids. 
In metabolism, phosphoric acid esters such as 
glucose 6-phosphate and glucose 1-phosphate 
(6) are particularly important. 


B. Polarimetry, mutarotation O 


Sugar solutions can be analyzed by polarim- 
etry, a method based on the interaction be- 
tween chiral centers and linearly polarized 
light—i.e., light that oscillates in only one 
plane. It can be produced by passing normal 
light through a special filter (a polarizer). A 
second polarizing filter of the same type (the 
analyzer), placed behind the first, only lets the 
polarized light pass through when the polar- 
izer and the analyzer are in alignment. In this 
case, the field of view appears bright when 
one looks through the analyzer (1). Solutions 
of chiral substances rotate the plane of polar- 
ized light by an angle o either to the left or to 
the right. When a solution of this type is 
placed between the polarizer and the ana- 
lyzer, the field of view appears darker (2). 
The angle of rotation, o, is determined by 
turning the analyzer until the field of view 
becomes bright again (3). A solution’s optical 
rotation depends on the type of chiral com- 
pound, its concentration, and the thickness of 
the layer of the solution. This method makes it 
possible to determine the sugar content of 
wines, for example. 

Certain procedures make it possible to ob- 
tain the « and B anomers of glucose in pure 
form. A 1-molar solution of «-D-glucose has a 
rotation value [a]p of +112°, while a corre- 
sponding solution of B-D-glucose has a value 
of +19°. These values change spontaneously, 
however, and after a certain time reach the 
same end point of +52°. The reason for this is 
that, in solution, mutarotation leads to an 
equilibrium between the o and £8 forms in 
which, independently of the starting condi- 
tions, 62% of the molecules are present in the 
8 form and 38% in the o form. 
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A. Reactions of the monosaccharides 
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Monosaccharides and disaccharides 


A. Important monosaccharides ® 


Only the most important of the large number 
of naturally occurring monosaccharides are 
mentioned here. They are classified according 
to the number of C atoms (into pentoses, 
hexoses, etc.) and according to the chemical 
nature of the carbonyl function into aldoses 
and ketoses. 

The best-known aldopentose (1), D-ribose, 
is a component of RNA and of nucleotide 
coenzymes and is widely distributed. In these 
compounds, ribose always exists in the fura- 
nose form (see p. 34). Like ribose, D-xylose and 
L-arabinose are rarely found in free form. 
However, large amounts of both sugars are 
found as constituents of polysaccharides in 
the walls of plant cells (see p. 42). 

The most important of the aldohexoses (1) 
is D-glucose. A substantial proportion of the 
biomass is accounted for by glucose polymers, 
above all cellulose and starch. Free D-glucose 
is found in plant juices (“grape sugar”) and as 
“blood sugar” in the blood of higher animals. 
As a constituent of lactose (milk sugar), D- 
galactose is part of the human diet. Together 
with D-mannose, galactose is also found in 
glycolipids and glycoproteins (see p. 44). 

Phosphoric acid esters of the ketopentose 
D-ribulose (2) are intermediates in the pen- 
tose phosphate pathway (see p.152) and in 
photosynthesis (see p.128). The most widely 
distributed of the ketohexoses is D-fructose. In 
free form, it is present in fruit juices and in 
honey. Bound fructose is found in sucrose (B) 
and plant polysaccharides (e. g., inulin). 

In the deoxyaldoses (3), an OH group is 
replaced by a hydrogen atom. In addition to 
2-deoxy-D-ribose, a component of DNA (see 
p. 84) that is reduced at C-2, L-fucose is shown 
as another example of these. Fucose, a sugar 
in the A series (see p. 34) is reduced at C-6. 

The acetylated amino sugars N-acetyl-D- 
glucosamine and N-acetyl-D-Galactosamine 
(4) are often encountered as components of 
glycoproteins. 

N-acetylneuraminic acid (sialic acid, 5), is a 
characteristic component of glycoproteins. 
Other acidic monosaccharides such as D-glu- 
curonic acid, D-galacturonic acid, and liduronic 
acid, are typical constituents of the glycosa- 
minoglycans found in connective tissue. 


Sugar alcohols (6) such as sorbitol and 
mannitol do not play an important role in 
animal metabolism. 


B. Disaccharides @ 


When the anomeric hydroxyl group of one 
monosaccharide is bound glycosidically with 
one of the OH groups of another, a disaccha- 
ride is formed. As in all glycosides, the glyco- 
sidic bond does not allow mutarotation. Since 
this type of bond is formed stereospecifically 
by enzymes in natural disaccharides, they are 
only found in one of the possible configura- 
tions (o or B). 

Maltose (1) occurs as a breakdown product 
of the starches contained in malt (“malt 
sugar”; see p.148) and as an intermediate in 
intestinal digestion. In maltose, the anomeric 
OH group of one glucose molecule has an a- 
glycosidic bond with C-4 in a second glucose 
residue. 

Lactose (“milk sugar,” 2) is the most impor- 
tant carbohydrate in the milk of mammals. 
Cow’s milk contains 4.5% lactose, while hu- 
man milk contains up to 7.5%. In lactose, the 
anomeric OH group of galactose forms a B- 
glycosidic bond with C-4 of a glucose. The 
lactose molecule is consequently elongated, 
and both of its pyran rings lie in the same 
plane. 

Sucrose (3) serves in plants as the form in 
which carbohydrates are transported, and as a 
soluble carbohydrate reserve. Humans value 
it because of its intensely sweet taste. Sources 
used for sucrose are plants that contain par- 
ticularly high amounts of it, such as sugar 
cane and sugar beet (cane sugar, beet sugar). 
Enzymatic hydrolysis of sucrose-containing 
flower nectar in the digestive tract of bees— 
catalyzed by the enzyme invertase—produces 
honey, a mixture of glucose and fructose. In 
sucrose, the two anomeric OH groups of glu- 
cose and fructose have a glycosidic bond; su- 
crose is therefore one of the non-reducing 
sugars. 
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A. Important monosaccharides 
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Polysaccharides: overview 


Polysaccharides are ubiquitous in nature. 
They can be classified into three separate 
groups, based on their different functions. 
Structural polysaccharides provide mechani- 
cal stability to cells, organs, and organisms. 
Waterbinding polysaccharides are strongly 
hydrated and prevent cells and tissues from 
drying out. Finally, reserve polysaccharides 
serve as carbohydrate stores that release 
monosaccharides as required. Due to their 
polymeric nature, reserve carbohydrates are 
osmotically less active, and they can therefore 
be stored in large quantities within the cell. 


A. Polysaccharides: structure O 


Polysaccharides that are formed from only 
one type of monosaccharide are called homo- 
glycans, while those formed from different 
sugar constituents are called heteroglycans. 
Both forms can exist as either linear or 
branched chains. 

A section of a glycogen molecule is shown 
here as an example of a branched homogly- 
can. Amylopectin, the branched component of 
vegetable starch (see p. 42), has a very similar 
structure. Both molecules mainly consist of 
o1—4-linked glucose residues. In glycogen, 
on average every 8th to 10th residue car- 
ries —via an «1-6 bond—another 1,4-linked 
chain of glucose residues. This gives rise to 
branched, tree-like structures, which in ani- 
mal glycogen are covalently bound to a 
protein, glycogenin (see p.156). 

The linear heteroglycan murein, a struc- 
tural polysaccharide that stabilizes the cell 
walls of bacteria, has a more complex struc- 
ture. Only a short segment of this thread-like 
molecule is shown here. In murein, two differ- 
ent components, both B1—4-linked, alter- 
nate: N-acetylglucosamine (GIcNAc) and 
N-acetylmuraminic acid (MurNAc), a lactic 
acid ether of N-acetylglucosamine. Peptides 
are bound to the carboxyl group of the lactyl 
groups, and attach the individual strands of 
murein to each other to form a three-dimen- 
sional network (not shown). Synthesis of the 
network-forming peptides in murein is inhib- 
ited by penicillin (see p.254). 


B. Important polysaccharides @ 


The table gives an overview of the composi- 
tion and make-up both of the glycans men- 
tioned above and of several more. 

In addition to murein, bacterial polysac- 
charides include dextrans—glucose polymers 
that are mostly ol—6-linked and o1—3- 
branched. In water, dextrans form viscous 
slimes or gels that are used for chromato- 
graphic separation of macromolecules after 
chemical treatment (see p. 78). Dextrans are 
also used as components of blood plasma 
substitutes (plasma expanders) and food- 
stuffs. 

Carbohydrates from algae (e.g., agarose 
and carrageenan) can also be used to produce 
gels. Agarose has been used in microbiology 
for more than 100 years to reinforce culture 
media (“agar-agar” ). Algal polysaccharides are 
also added to cosmetics and ready-made 
foods to modify the consistency of these prod- 
ucts. 

The starches, the most important vegetable 
reserve carbohydrate and polysaccharides 
from plant cell walls, are discussed in greater 
detail on the following page. Inulin, a fructose 
polymer, is used as a starch substitute in dia- 
betics’ dietary products (see p.160). In addi- 
tion, it serves as a test substance for measur- 
ing renal clearance (see p.322). 

Chitin, a homopolymer from 8 1—4-linked 
N-acetylglucosamine, is the most important 
structural substance in insect and crustacean 
shells, and is thus the most common animal 
polysaccharide. It also occurs in the cell wall 
of fungi. 

Glycogen, the reserve carbohydrate of 
higher animals, is stored in the liver and mus- 
culature in particular (A, see pp. 156, 336). The 
formation and breakdown of glycogen are 
subject to complex regulation by hormones 
and other factors (see p. 120). 
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A. Polysaccharides: structure 
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Plant polysaccharides 


Two glucose polymers of plant origin are of 
special importance among the _ polysac- 
charides: B1—4-linked polymer cellulose 
and starch, which is mostly o1—4-linked. 


A. Cellulose @ 


Cellulose, a linear homoglycan of B1—4- 
linked glucose residues, is the most abundant 
organic substance in nature. Almost half of the 
total biomass consists of cellulose. Some 
40-50% of plant cell walls are formed by cel- 
lulose. The proportion of cellulose in cotton 
fibers, an important raw material, is 98%. Cel- 
lulose molecules can contain more than 10* 
glucose residues (mass 1-2 10° Da) and can 
reach lengths of 6-8 um. 

Naturally occurring cellulose is extremely 
mechanically stable and is highly resistant to 
chemical and enzymatic hydrolysis. These 
properties are due to the conformation of 
the molecules and their supramolecular or- 
ganization. The unbranched 8 14 linkage re- 
sults in linear chains that are stabilized by 
hydrogen bonds within the chain and be- 
tween neighboring chains (1). Already during 
biosynthesis, 50-100 cellulose molecules as- 
sociate to form an elementary fibril with a 
diameter of 4 nm. About 20 such elementary 
fibrils then form a microfibril (2), which is 
readily visible with the electron microscope. 

Cellulose microfibrils make up the basic 
framework of the primary wall of young plant 
cells (3), where they form a complex network 
with other polysaccharides. The linking poly- 
saccharides include hemicellulose, which is a 
mixture of predominantly neutral heterogly- 
cans (xylans, xyloglucans, arabinogalactans, 
etc.). Hemicellulose associates with the cellu- 
lose fibrils via noncovalent interactions. These 
complexes are connected by neutral and 
acidic pectins, which typically contain galac- 
turonic acid. Finally, a collagen-related 
protein, extensin, is also involved in the for- 
mation of primary walls. 

In the higher animals, including humans, 
cellulose is indigestible, but important as 
roughage (see p. 273). Many herbivores (e. g., 
the ruminants) have symbiotic unicellular or- 
ganisms in their digestive tracts that break 
down cellulose and make it digestible by the 
host. 


B. Starch O 


Starch, a reserve polysaccharide widely dis- 
tributed in plants, is the most important car- 
bohydrate in the human diet. In plants, starch 
is present in the chloroplasts in leaves, as well 
as in fruits, seeds, and tubers. The starch con- 
tent is especially high in cereal grains (up to 
75% of the dry weight), potato tubers (ap- 
proximately 65%), and in other plant storage 
organs. 

In these plant organs, starch is present in 
the form of microscopically small granules in 
special organelles known as amyloplasts. 
Starch granules are virtually insoluble in cold 
water, but swell dramatically when the water 
is heated. Some 15-25% of the starch goes 
into solution in colloidal form when the mix- 
ture is subjected to prolonged boiling. This 
proportion is called amylose (“soluble 
starch”). 

Amylose consists of unbranched o1—4- 
linked chains of 200-300 glucose residues. 
Due the o configuration at C-1, these chains 
form a helix with 6-8 residues per turn (1). 
The blue coloring that soluble starch takes on 
when iodine is added (the “iodine-starch re- 
action”) is caused by the presence of these 
helices—the iodine atoms form chains inside 
the amylose helix, and in this largely non- 
aqueous environment take on a deep blue 
color. Highly branched polysaccharides turn 
brown or reddishbrown in the presence of 
iodine. 

Unlike amylose, amylopectin, which is 
practically insoluble, is branched. On average, 
one in 20-25 glucose residues is linked to 
another chain via an «1-6 bond. This leads 
to an extended tree-like structure, which— 
like amylose—contains only one anomeric 
OH group (a “reducing end”). Amylopectin 
molecules can contain hundreds of thousands 
of glucose residues; their mass can be more 
than 108 Da. 
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A. Cellulose 
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Glycosaminoglycans and 
glycoproteins 


A. Hyaluronic acid O 


As constituents of proteoglycans (see p. 346), 
the glycosaminoglycans—a group of acidic 
heteropolysaccharides—are important struc- 
tural elements of the extracellular matrix. 

Glycosaminoglycans contain amino sugars 
as well as glucuronic acid and iduronic acid as 
characteristic components (see p.38). In ad- 
dition, most polysaccharides in this group are 
esterified to varying extents by sulfuric acid, 
increasing their acidic quality. Glycosamino- 
glycans can be found in free form, or as com- 
ponents of proteoglycans throughout the or- 
ganism. 

Hyaluronic acid, an unesterified glycosami- 
noglycan with a relatively simple structure, 
consists of disaccharide units in which N- 
acetylglucosamine and glucuronic acid are 
alternately B1—4-linked and §1-—3-linked. 
Due to the unusual B 1-3 linkage, hyaluronic 
acid molecules-which may contain several 
thousand monosaccharide —residues—are 
coiled like a helix. Three disaccharide units 
form each turn of the helix. The outwardfac- 
ing hydrophilic carboxylate groups of the glu- 
curonic acid residues are able to bind Ca?* 
ions. The strong hydration of these groups 
enables hyaluronic acid and other glycosami- 
noglycans to bind water up to 10 000 times 
their own volume in gel form. This is the 
function which hyaluronic acid has in the vit- 
reous body of the eye, which contains approx- 
imately 1% hyaluronic acid and 98% water. 


B. Oligosaccharide in immunoglobulin G 
(IgG) O 


Many proteins on the surface of the plasma 
membrane, and the majority of secreted pro- 
teins, contain oligosaccharide residues that 
are post-translationally added to the endo- 
plasmic reticulum and in the Golgi apparatus 
(see p. 230). By contrast, cytoplasmic proteins 
are rarely glycosylated. Glycoproteins can 
contain more than 50% carbohydrate; how- 
ever, the proportion of protein is generally 
much greater. 


As an example of the carbohydrate compo- 
nent of a glycoprotein, the structure of one of 
the oligosaccharide chains of immunoglobu- 
lin G (IgG; see p.300) is shown here. The 
oligosaccharide has an N-glycosidic link to 
the amide group of an asparagine residue in 
the F, part of the protein. Its function is not 
known. 

Like all N-linked carbohydrates, the oligo- 
saccharide in IgG contains a T-shaped core 
structure consisting of two N-acetylglucos- 
amines and three mannose residues (shown 
in violet). In addition, in this case the struc- 
ture contains two further N-acetylglucos- 
amine residues, as well as a fucose residue 
and a galactose residue. Glycoproteins show 
many different types of branching. In this 
case, we not only have 81-4 linkage, but 
also B12, «13, and «1-6 bonds. 


C. Glycoproteins: forms @ 


On the cell surface of certain glycoproteins, 
O-glycosidic links are found between the car- 
bohydrate part and a serine or threonine res- 
idue, instead of N-glycosidic links to aspara- 
gine residues. This type of link is less common 
than the N-glycosidic one. 

There are two types of oligosaccharide 
structure with N-glycosidic links, which arise 
through two different biosynthetic pathways. 
During glycosylation in the ER, the protein is 
initially linked to an oligosaccharide, which in 
addition to the core structure contains six 
further mannose residues and three terminal 
glucose residues (see p.230). The simpler 
from of oligosaccharide (the mannose-rich 
type) is produced when only the glucose res- 
idues are cleaved from the primary product, 
and no additional residues are added. In other 
cases, the mannose residues that are located 
outside the core structure are also removed 
and replaced by other sugars. This produces 
oligosaccharides such as those shown on the 
right (the complex type). At the external end 
of the structure, glycoproteins of the complex 
type often contain N-acetylneuraminic acid 
residues, which give the oligosaccharide com- 
ponents negative charges. 
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46 Biomolecules 


Overview 


A. Classification @ 


The lipids are a large and heterogeneous 
group of substances of biological origin that 
are easily dissolved in organic solvents such 
as methanol, acetone, chloroform, and ben- 
zene. By contrast, they are either insoluble or 
only poorly soluble in water. Their low water 
solubility is due to a lack of polarizing atoms 
such as O, N, S, and P (see p.6). 

Lipids can be classified into substances that 
are either hydrolyzable— i.e., able to undergo 
hydrolytic cleavage—or nonhydrolyzable. Only 
a few examples of the many lipids known can 
be mentioned here. The individual classes of 
lipids are discussed in more detail in the fol- 
lowing pages. 

Hydrolyzable lipids (components shown in 
brackets). The simple esters include the fats 
(triacylglycerol; one glycerol + three acyl res- 
idues); the waxes (one fatty alcohol + one acyl 
residue); and the sterol esters (one sterol + one 
acyl residue). The phospholipids are esters 
with more complex structures. Their charac- 
teristic component is a phosphate residue. 
The phospholipids include the phosphatidic 
acids (one glycerol + two acyl residues + one 
phosphate) and the phosphatides (one glyc- 
erol + two acyl residues + one phosphate + 
one amino alcohol). In the sphingolipids, glyc- 
erol and one acyl residue are replaced by 
sphingosine. Particularly important in this 
group are the sugar-containing glycolipids 
(one sphingosine + one fatty acid + sugar). 
The cerebrosides (one sphingosine + one fatty 
acid + one sugar) and gangliosides (one sphin- 
gosine + one fatty acid + several different 
sugars, including neuraminic acid) are repre- 
sentatives of this group. 

The components of the hydrolyzable lipids 
are linked to one another by ester bonds. They 
are easily broken down either enzymatically 
or chemically. 

Non-hydrolyzable lipids. The hydrocarbons 
include the alkanes and carotenoids. The lipid 
alcohols are also not hydrolyzable. They in- 
clude long-chained alkanols and cyclic sterols 
such as cholesterol, and steroids such as es- 
tradiol and testosterone. The most important 
acids among the lipids are fatty acids. The 
eicosanoids also belong to this group; these 


are derivatives of the polyunsaturated fatty 
acid arachidonic acid (see p. 390). 


B. Biological roles @ 


1. Fuel. Lipids are an important source of en- 
ergy in the diet. In quantitative terms, they 
represent the principal energy reserve in ani- 
mals. Neutral fats in particular are stored in 
specialized cells, known as adipocytes. Fatty 
acids are released from these again as needed, 
and these are then oxidized in the mitochon- 
dria to form water and carbon dioxide, with 
oxygen being consumed. This process also 
gives rise to reduced coenzymes, which are 
used for ATP production in the respiratory 
chain (see p. 140). 

2. Nutrients. Amphipathic lipids are used 
by cells to build membranes (see p. 214). Typ- 
ical membrane lipids include phospholipids, 
glycolipids, and cholesterol. Fats are only 
weakly amphiphilic and are therefore not 
suitable as membrane components. 

3. Insulation. Lipids are excellent insula- 
tors. In the higher animals, neutral fats are 
found in the subcutaneous tissue and around 
various organs, where they serve as mechan- 
ical and thermal insulators. As the principal 
constituent of cell membranes, lipids also in- 
sulate cells from their environment mechan- 
ically and electrically. The impermeability of 
lipid membranes to ions allows the formation 
of the membrane potential (see p.126). 

4. Special tasks. Some lipids have adopted 
special roles in the body. Steroids, eicosa- 
noids, and some metabolites of phospholipids 
have signaling functions. They serve as hor- 
mones, mediators, and second messengers 
(see p.370). Other lipids form anchors to at- 
tach proteins to membranes (see p.214). The 
lipids also produce cofactors for enzymatic re- 
actions—e.g., vitamin K (see p.52) and ubiq- 
uinone (see p.104). The carotenoid retinal, a 
light-sensitive lipid, is of central importance 
in the process of vision (see p. 358). 

Several lipids are not formed indepen- 
dently in the human body. These substances, 
as essential fatty acids and fat-soluble vita- 
mins, are indispensable components of nutri- 
tion (see pp. 364 ff.) 
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48 Biomolecules 


Fatty acids and fats 


A. Carboxylic acids 0 


The naturally occurring fatty acids are carbox- 
ylic acids with unbranched hydrocarbon 
chains of 4-24 carbon atoms. They are 
present in all organisms as components of 
fats and membrane lipids. In these com- 
pounds, they are esterified with alcohols 
(glycerol, sphingosine, or cholesterol). How- 
ever, fatty acids are also found in small 
amounts in unesterified form. In this case, 
they are known as free fatty acids (FFAs). As 
free fatty acids have strongly amphipathic 
properties (see p. 28), they are usually present 
in protein-bound forms. 

The table lists the full series of aliphatic 
carboxylic acids that are found in plants and 
animals. In higher plants and animals, un- 
branched, longchain fatty acids with either 
16 or 18 carbon atoms are the most common— 
e.g., palmitic and stearic acid. The number of 
carbon atoms in the longer, natural fatty acids 
is always even. This is because they are bio- 
synthesized from Cz building blocks (see 
p. 168). 

Some fatty acids contain one or more 
isolated double bonds, and are therefore “un- 
saturated.” Common unsaturated fatty acids 
include oleic acid and linoleic acid. Of the two 
possible cis—trans isomers (see p.8), usually 
only the cis forms are found in natural lipids. 
Branched fatty acids only occur in bacteria. A 
shorthand notation with several numbers is 
used for precise characterization of the struc- 
ture of fatty acids—e g., 18:2;9,12 for linoleic 
acid. The first figure stands for the number of 
C atoms, while the second gives the number 
of double bonds. The positions of the double 
bonds follow after the semicolon. As usual, 
numbering starts at the carbon with the high- 
est oxidation state (i.e., the carboxyl group 
corresponds to C-1). Greek letters are also 
commonly used (a = C-2; B = C-3; w = the 
last carbon, w-3 = the third last carbon). 

Essential fatty acids are fatty acids that 
have to be supplied in the diet. Without ex- 
ception, these are all polyunsaturated fatty 
acids: the Cy fatty acid arachidonic acid 
(20:4;5,8,11,14) and the two Cig acids linoleic 
acid (18:2;9,12) and_ linolenic acid 
(18:3;9,12,15). The animal organism requires 
arachidonic acid to synthesize eicosanoids 


(see p.390). As the organism is capable of 
elongating fatty acids by adding C, units, but 
is not able to introduce double bonds into the 
end sections of fatty acids (after C-9), arachi- 
donic acid has to be supplied with the diet. 
Linoleic and linolenic acid can be converted 
into arachidonic acid by elongation, and they 
can therefore replace arachidonic acid in the 
diet. 


B. Structure of fats 0 


Fats are esters of the trivalent alcohol glycerol 
with three fatty acids. When a single fatty acid 
is esterified with glycerol, the product is re- 
ferred to as a monoacylglycerol (fatty acid res- 
idue = acyl residue). 

Formally, esterification with additional 
fatty acids leads to diacylglycerol and ulti- 
mately to triacylglycerol, the actual fat (for- 
merly termed “triglyceride”). As triacylglycer- 
ols are uncharged, they are also referred to as 
neutral fats. The carbon atoms of glycerol are 
not usually equivalent in fats. They are distin- 
guished by their “sn” number, where sn 
stands for “stereospecific numbering.” 

The three acyl residues of a fat molecule 
may differ in terms of their chain length and 
the number of double bonds they contain. 
This results in a large number of possible 
combinations of individual fat molecules. 
When extracted from biological materials, 
fats always represent mixtures of very similar 
compounds, which differ in their fatty acid 
residues. A chiral center can arise at the mid- 
dle C atom (sn -C-2) of a triacylglycerol if the 
two external fatty acids are different. The 
monoacylglycerols and diacylglycerols shown 
here are also chiral compounds. Nutritional 
fats contain palmitic, stearic, oleic acid, and 
linoleic acid particularly often. Unsaturated 
fatty acids are usually found at the central 
C atom of glycerol. 

The length of the fatty acid residues and 
the number of their double bonds affect the 
melting point of the fats. The shorter the fatty 
acid residues and the more double bonds they 
contain, the lower their melting points. 
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A. Carboxylic acids 
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50 Biomolecules 


Phospholipids and glycolipids 


A. Structure of phospholipids and 
glycolipids ® 


Fats (triacylglycerol, 1) are esters of glycerol 
with three fatty acids (see p.48). Within the 
cell, they mainly occur as fat droplets. In the 
blood, they are transported in the hydropho- 
bic interior of lipoproteins (see p. 278). 

Phospholipids (2) are the main consti- 
tuents of biological membranes _ (see 
pp. 214-217). Their common feature is a phos- 
phate residue that is esterified with the hy- 
droxyl group at C-3 of glycerol. Due to this 
residue, phospholipids have at least one neg- 
ative charge at a neutral pH. 

Phosphatidates (anions of the phosphatidic 
acids), the simplest phospholipids, are phos- 
phate esters of diacylglycerol. They are impor- 
tant intermediates in the biosynthesis of fats 
and phospholipids (see p.170). Phosphati- 
dates can also be released from phospholipids 
by phospholipases. 

The other phospholipids can be derived 
from phosphatidates (residue = phospha- 
tidyl). Their phosphate residues are esterified 
with the hydroxyl group of an amino alcohol 
(choline, ethanolamine, or serine) or with the 
cyclohexane derivative myo-inositol. Phos- 
phatidylcholine is shown here as an example 
of this type of compound. When two phos- 
phatidyl residues are linked with one glyc- 
erol, the result is cardiolipin (not shown), a 
phospholipid that is characteristic of the inner 
mitochondrial membrane. Lysophospholipids 
arise from phospholipids by enzymatic cleav- 
age of an acyl residue. The hemolytic effect of 
bee and snake venoms is due in part to this 
reaction. 

Phosphatidylcholine (lecithin) is the most 
abundant phospholipid in membranes. 
Phosphatidylethanolamine (cephalin) has an 
ethanolamine residue instead of choline, and 
phosphatidylserine has a serine residue. In 
phosphatidylinositol, phosphatidate is esteri- 
fied with the sugarlike cyclic polyalcohol 
myo-inositol. A doubly phosphorylated deriv- 
ative of this phospholipid, phosphatidylinosi- 
tol 4,5-bisphosphate, is a special component 
of membranes, which, by enzymatic cleavage, 
can give rise to two second messengers, diacyl- 
glycerol (DAG) and inositol 1,4,5trisphosphate 
(InsP3; see p. 386). 


Some phospholipids carry additional 
charges, in addition to the negative charge 
at the phosphate residue. In phosphatidylcho- 
line and_ phosphatidylethanolamine, the 
N-atom of the amino alcohol is positively 
charged. As a whole, these two phosphatides 
therefore appear to be neutral. In contrast, 
phosphatidylserine—with one additional pos- 
itive charge and one additional negative 
charge in the serine residue—and phosphati- 
dylinositol (with no additional charge) have a 
negative net charge, due to the phosphate 
residue. 

Sphingolipids (3), which are found in large 
quantities in the membranes of nerve cells in 
the brain and in neural tissues, have a slightly 
different structure from the other membrane 
lipids discussed so far. In sphingolipids, sphin- 
gosine, an amino alcohol with an unsaturated 
alkyl side chain, replaces glycerol and one of 
the acyl residues. When sphingosine forms an 
amide bond to a fatty acid, the compound is 
called ceramide (3). This is the precursor of 
the sphingolipids. Sphingomyelin (2)—the 
most important sphingolipid—has an addi- 
tional phosphate residue with a choline group 
attached to it on the sphingosine, in addition 
to the fatty acid. 

Glycolipids (3) are present in all tissues on 
the outer surface of the plasma membrane. 
They consist of sphingosine, a fatty acid, and 
an oligosaccharide residue, which can some- 
times be quite large. The phosphate residue 
typical of phospholipids is absent. Galacto- 
sylceramide and glucosylceramide (known as 
cerebroside) are simple representatives of 
this group. Cerebrosides in which the sugar 
is esterified with sulfuric acid are known as 
sulfatides. Gangliosides are the most complex 
glycolipids. They constitute a large family of 
membrane lipids with receptor functions that 
are as yet largely unknown. A characteristic 
component of many gangliosides is N-acetyl- 
neuraminic acid (sialic acid; see p. 38). 
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A. Structure of fats, phospholipids, and glycolipids 
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52 Biomolecules 


Isoprenoids 


A. Activated acetic acid as a component of 
lipids O 


Although the lipids found in plant and animal 
organisms occur in many different forms, 
they are all closely related biogenetically; 
they are all derived from acetyl-CoA, the “ac- 
tivated acetic acid” (see pp. 12, 110). 

1. One major pathway leads from acetyl- 
CoA to the activated fatty acids (acyl-CoA; for 
details, see p.168). Fats, phospholipids, and 
glycolipids are synthesized from these, and 
fatty acid derivatives in particular are formed. 
Quantitatively, this is the most important 
pathway in animals and most plants. 

2. The second pathway leads from acetyl- 
CoA to isopentenyl diphosphate (“active iso- 
prene”), the basic component for the isopren- 
oids. Its biosynthesis is discussed in connec- 
tion with biosynthesis of the isoprenoid, cho- 
lesterol (see p.172). 


B. Isoprenoids @ 


Formally, isoprenoids are derived from a sin- 
gle common building block, isoprene (2- 
methyl-1,3-butadiene), a methyl-branched 
compound with five C atoms. Activated 
isoprene, isopentenyl diphosphate, is used by 
plants and animals to biosynthesize linear 
and cyclic oligomers and polymers. For the 
isoprenoids listed here—which only represent 
a small selection—the number of isoprene 
units (I) is shown. 

From activated isoprene, the metabolic 
pathway leads via dimerization to activated 
geraniol (I = 2) and then to activated farnesol (I 
= 3). At this point, the pathway divides into 
two. Further extension of farnesol leads to 
chains with increasing numbers of isoprene 
units—e. g., phytol (I = 4), dolichol (I = 14-24), 
and rubber (1 = 700-5000). The other pathway 
involves a “head-to-head” linkage between 
two farnesol residues, giving rise to squalene 
(I = 6), which, in turn, is converted to choles- 
terol (I = 6) and the other steroids. 

The ability to synthesize particular iso- 
prenoids is limited to a few species of plants 
and animals. For example, rubber is only 
formed by a few plant species, including the 
rubber tree (Hevea brasiliensis). Several iso- 
prenoids that are required by animals for me- 


tabolism, but cannot be produced by them 
independently, are vitamins; this group 
includes vitamins A, D, E, and K. Due to its 
structure and function, vitamin D is now usu- 
ally classified as a steroid hormone (see 
pp. 56, 330). 

Isoprene metabolism in plants is very com- 
plex. Plants can synthesize many types of ar- 
omatic substances and volatile oils from iso- 
prenoids. Examples include menthol (I= 2 ), 
camphor (I = 2), and citronellal (I = 2). These 
Cio compounds are also called monoterpenes. 
Similarly, compounds consisting of three iso- 
prene units (I = 3) are termed sesquiterpenes, 
and the steroids (I = 6) are called triterpenes. 

Isoprenoids that have hormonal and sig- 
naling functions form an important group. 
These include steroid hormones (I = 6) and 
retinoate (the anion of retinoic acid; I = 3) in 
vertebrates, and juvenile hormone (I = 3) in 
arthropods. Some plant hormones also belong 
to the isoprenoids—e. g., the cytokinins, absci- 
sic acid, and brassinosteroids. 

Isoprene chains are sometimes used as 
lipid anchors to fix molecules to membranes 
(see p. 214). Chlorophyll has a phytyl residue (I 
= 4) as a lipid anchor. Coenzymes with iso- 
prenoid anchors of various lengths include 
ubiquinone (coenzyme Q; I = 6-10), plastoqui- 
none (I = 9), and menaquinone (vitamin K; I = 
4-6). Proteins can also be anchored to mem- 
branes by isoprenylation. 

In some cases, an isoprene residue is used 
as an element to modify molecules chemi- 
cally. One example of this is N'-isopentenyl- 
AMP, which occurs as a modified component 
in tRNA. 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 





A. Activated acetic acid as a component of lipids 


Activated acetic acid 0 


H3C — aoe | 


el -CoA 
Activated fatty acid 


Acyl-CoA Ac ®® 


| A WN 


Fats Phospholipids _Glycolipids lsoprenoids 








































B. Isoprenoids 


Metabolite Building block of Biosynthesis only in plants 
modified all isoprenoids and micro-organisms 
with isoprene 

_s 


Isopentenyl-AMP <—— Active isoprene cAmpneh if 
a a CH3 CH3 
0 








H3C 





Chain-like 
Citronellol <———————- Geraniol : : 
eo io isoprenoids { 








Menthol 
1=2 





Juvenile F hormone<¢——__- Farnesol ————»_ Squalene ——————-» Cholesterol 


Dep JH 


Retinoic 
Phytol 
|=4 


Witamin) df 
Pee eweee. (Vitamin A) 


Steroid hormones 
SYQVvwee~w~s F : 
iy al ae if Bile acids 


Steroid glycosides 


l=6 
Dolichol Plastoquinone 
1=14-24 1=9 Tocopherol if : 
CH 





Cyclic 


an E) isoprenoids 











Rubber 
|= 700-5000 
? Ubiquinone 
H3CO 1=6-10 
Phylloquinone 


Hee , _ (Vitamin K) 
1=4 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


54 Biomolecules 


Steroid structure 


A. Steroid building blocks ® 


Common to all of the steroids is a molecular 
core structure consisting of four saturated 
rings, known as gonane. At the end of the 
steroid core, many steroids also carry a side 
chain, as seen in cholestane, the basic compo- 
nent of the sterols (steroid alcohols). 


B. Spatial structure O 


The four rings of the steroids are distin- 
guished using the letters A, B, C, and D. Due 
to the tetrahedral arrangement of the single 
carbon bonds, the rings are not flat, but puck- 
ered. Various ring conformations are known 
by the terms “chair,” “boat,” and “twisted” 
(not shown). The chair and boat conforma- 
tions are common. Fivemembered rings fre- 
quently adopt a conformation referred to as 
an “envelope”. Some rings can be converted 
from one conformation to another at room 
temperature, but with steroids this is dif cult. 

Substituents of the steroid core lie either 
approximately in the same plane as the ring 
(e = equatorial) or nearly perpendicular to it 
(a= axial). In threedimensional representa- 
tions, substituents pointing toward the ob- 
server are indicated by an unbroken line (8 
position), while bonds pointing into the plane 
of the page are indicated by a dashed line (a 
position). The so-called angular methyl 
groups at C-10 and C-13 of the steroids always 
adopt the B position. 

Neighboring rings can lie in the same plane 
(trans; 2) or at an angle to one another (cis; 1). 
This depends on the positions of the substitu- 
ents of the shared ring carbons, which can be 
arranged either cis or trans to the angular 
methyl group at C-10. The substituents of ste- 
roid that lie at the points of intersection of the 
individual rings are usually in trans position. 
As a whole, the core of most steroids is more 
or less planar, and looks like a flat disk. The 
only exceptions to this are the ecdysteroids, 
bile acids (in which A:B is cis), cardiac glyco- 
sides, and toad toxins. 

A more realistic impression of the three- 
dimensional structure of steroids is provided 
by the space-filling model of cholesterol (3). 
The four rings form a fairly rigid scaffolding, 


onto which the much more mobile side chain 
is attached. 

Steroids are relatively apolar (hydropho- 
bic). Some polar groups—e.g., hydroxyl and 
oxo groups—give them amphipathic proper- 
ties. This characteristic is especially pro- 
nounced with the bile acids (see p. 314). 


C. Thin-layer chromatography © 


Thin-layer chromatography (TLC) is a power- 
ful, mainly analytic, technique for rapidly sep- 
arating lipids and other small molecules such 
as amino acids, nucleotides, vitamins, and 
drugs. The sample being analyzed is applied 
to a plate made of glass, aluminum, or plastic, 
which is covered with a thin layer of silica gel 
or other material (1). The plate is then placed 
in a chromatography chamber that contains 
some solvent. Drawn by capillary forces, the 
solvent moves up the plate (2). The substan- 
ces in the sample move with the solvent. The 
speed at which they move is determined by 
their distribution between the stationary 
phase (the hydrophilic silica), and the mobile 
phase (the hydrophobic solvent). When the 
solvent reaches the top edge of the plate, 
the chromatography is stopped. After evapo- 
ration of the solvent, the separated substan- 
ces can be made visible using appropriate 
staining methods or with physical processes 
(e.g., ultraviolet light) (3). The movement of a 
substance in a given TLC system is expressed 
as its Re value. In this way, compounds that are 
not known can be identified by comparison 
with reference substances. 

A process in which the polarity of the sta- 
tionary and mobile phases is reversed—i.e., 
the stationary phase is apolar and the solvent 
is polar—is known as “reversed-phase thin- 
layer chromatography” (RP-TLC). 
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56 Biomolecules 


Steroids: overview 


The three most important groups of steroids 
are the sterols, bile acids, and steroid hor- 
mones. Particularly in plants, compounds 
with steroid structures are also found that 
are notable for their pharmacological ef- 
fects—steroid alkaloids, digitalis glycosides, 
and saponins. 


A. Sterols ® 


Sterols are steroid alcohols. They have a 
B-positioned hydroxyl group at C-3 and one 
or more double bonds in ring B and in the side 
chain. There are no further oxygen functions, 
as in the carbonyl and carboxyl groups. 

The most important sterol in animals is 
cholesterol. Plants and microorganisms have 
a wide variety of closely related sterols in- 
stead of cholesterol—e. g., ergosterol, B -sitos- 
terol, and stigmasterol. 

Cholesterol is present in all animal tissues, 
and particularly in neural tissue. It is a major 
constituent of cellular membranes, in which it 
regulates fluidity (see p. 216). The storage and 
transport forms of cholesterol are its esters 
with fatty acids. In lipoproteins, cholesterol 
and its fatty acid esters are associated with 
other lipids (see p. 278). Cholesterol is a con- 
stituent of the bile and is therefore found in 
many gallstones. Its biosynthesis, metabo- 
lism, and transport are discussed elsewhere 
(see pp. 172, 312). 

Cholesterol-rich lipoproteins of the LDL 
type are particularly important in the devel- 
opment of arteriosclerosis, in which the arte- 
rial walls are altered in connection with an 
excess plasma cholesterol level. In terms of 
dietary physiology, it is important that plant 
foodstuffs are low in cholesterol. By contrast, 
animal foods can contain large amounts of 
cholesterol—particularly butter, egg yolk, 
meat, liver, and brain. 


B. Bile acids 0 


Bile acids are synthesized from cholesterol in 
the liver (see p.314). Their structures can 
therefore be derived from that of cholesterol. 
Characteristic for the bile acids is a side chain 
shortened by three C atoms in which the last 
carbon atom is oxidized to a carboxyl group. 
The double bond in ring B is reduced and rings 


A and B are in cis position relative to each 
other (see p.54). One to three hydroxyl 
groups (in @ position) are found in the steroid 
core at positions 3, 7, and 12. Bile acids keep 
bile cholesterol in a soluble state as micelles 
and promote the digestion of lipids in the 
intestine (see p.270). Cholic acid and cheno- 
deoxycholic acid are primary bile acids that 
are formed by the liver. Their dehydroxylation 
at C-7 by microorganisms from the intestinal 
flora gives rise to the secondary bile acids 
lithocholic acid and deoxycholic acid. 


C. Steroid hormones O 


The conversion of cholesterol to steroid 
hormones (see p.376) is of minor importance 
quantitatively, but of major importance in 
terms of physiology. The steroid hormones 
are a group of lipophilic signal substances 
that regulate metabolism, growth, and repro- 
duction (see p. 374). 

Humans have six steroid hormones: 
progesterone, cortisol, aldosterone, testos- 
terone, estradiol, and calcitriol. With the ex- 
ception of calcitriol, these steroids have either 
no side chain or only a short side one consist- 
ing of two carbons. Characteristic for most of 
them is an oxo group at C-3, conjugated with 
a double bond between C-4 and C-5 of ring A. 
Differences occur in rings C and D. Estradiol is 
aromatic in ring A, and its hydroxyl group at 
C-3 is therefore phenolic. Calcitriol differs 
from other vertebrate steroid hormones; it 
still contains the complete carbon framework 
of cholesterol, but lightdependent opening of 
ring B turns it into what is termed a “secoste- 
roid” (a steroid with an open ring). 

Ecdysone is the steroid hormone of the 
arthropods. It can be regarded as an early 
form of the steroid hormones. Steroid hor- 
mones with signaling functions also occur in 
plants. 
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Amino acids: chemistry and 
properties 


A. Amino acids: functions @ 


The amino acids (2-aminocarboxylic acids) 
fulfill various functions in the organism. 
Above all, they serve as the components of 
peptides and proteins. Only the 20 proteino- 
genic amino acids (see p.60) are included in 
the genetic code and therefore regularly 
found in proteins. Some of these amino acids 
undergo further (post-translational) change 
following their incorporation into proteins 
(see p.62). Amino acids or their derivatives 
are also form components of lipids—e. g., ser- 
ine in phospholipids and glycine in bile salts. 
Several amino acids function as 
neurotransmitters themselves (see p.352), 
while others are precursors of neurotransmit- 
ters, mediators, or hormones (see p.380). 
Amino acids are important (and sometimes 
essential) components of food (see p.360). 
Specific amino acids form precursors for other 
metabolites—e. g., for glucose in gluconeogen- 
esis, for purine and pyrimidine bases, for 
heme, and for other molecules. Several non- 
proteinogenic amino acids function as inter- 
mediates in the synthesis and breakdown of 
proteinogenic amino acids (see p.412) and in 
the urea cycle (see p.182). 


B. Optical activity @ 


The natural amino acids are mainly o-amino 
acids, in contrast to B-amino acids such as B- 
alanine and taurine. Most a-amino acids have 
four different substituents at C-2 (Ca). The a 
atom therefore represents a chiral center—i.e., 
there are two different enantiomers (L- and 
D-amino acids; see p. 8). Among the proteino- 
genic amino acids, only glycine is not chiral (R 
= H). In nature, it is almost exclusively 
L-amino acids that are found. D-Amino acids 
occur in bacteria—e.g., in murein (see 
p.40)—and in peptide antibiotics. In animal 
metabolism, D-Amino acids would disturb 
the enzymatic reactions of L-amino acids 
and they are therefore broken down in the 
liver by the enzyme D-amino acid oxidase. 
The Fischer projection (center) is used to 
present the formulas for chiral centers in bio- 
molecules. It is derived from their three-di- 


mensional structure as follows: firstly, the 
tetrahedron is rotated in such a way that the 
most oxidized group (the carboxylate group) 
is at the top. Rotation is then continued until 
the line connecting line COO” and R (red) is 
level with the page. In L-amino acids, the 
NH3° group is then on the left, while in D- 
amino acids it is on the right. 


C. Dissociation curve of histidine O 


All amino acids have at least two ionizable 
groups, and their net charge therefore de- 
pends on the pH value. The COOH groups at 
the a-C atom have pK, values of between 1.8 
and 2.8 and are therefore more acidic than 
simple monocarboxylic acids. The basicity of 
the o-amino function also varies, with pKa 
values of between 8.8 and 10.6, depending 
on the amino acid. Acidic and basic amino 
acids have additional ionizable groups in their 
side chain. The pK, values of these side chains 
are listed on p.60. The electrical charges of 
peptides and proteins are mainly determined 
by groups in the side chains, as most o-car- 
boxyl and o-amino functions are linked to 
peptide bonds (see p. 66). 

Histidine can be used here as an example of 
the pH-dependence of the net charge of an 
amino acid. In addition to the carboxyl group 
and the amino group at the a-C atom with pK, 
values of 1.8 and 9.2, respectively, histidine 
also has an imidazole residue in its side chain 
with a pK, value of 6.0. As the pH increases, 
the net charge (the sum of the positive and 
negative charges) therefore changes from +2 
to -1. At pH 7.6, the net charge is zero, even 
though the molecule contains two almost 
completely ionized groups in these condi- 
tions. This pH value is called the isoelectric 
point. 

At its isoelectric point, histidine is said to 
be zwitterionic, as it has both anionic and 
cationic properties. Most other amino acids 
are also zwitterionic at neutral pH. Peptides 
and proteins also have isoelectric points, 
which can vary widely depending on the 
composition of the amino acids. 
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Proteinogenic amino acids 


A. The proteinogenic amino acids ® 


The amino acids that are included in the ge- 
netic code (see p.248) are described as “pro- 
teinogenic.” With a few exceptions (see p. 58), 
only these amino acids can be incorporated 
into proteins through translation. Only the 
side chains of the 20 proteinogenic amino 
acids are shown here. Their classification is 
based on the chemical structure of the side 
chains, on the one hand, and on their polarity 
on the other (see p.6). The literature includes 
several slightly different systems for classify- 
ing amino acids, and details may differ from 
those in the system used here. 


For each amino acid, the illustration names: 

e Membership of structural classes I-VII (see 
below; e.g., III and VI for histidine) 

e Name and abbreviation, formed from the 
first three letters of the name (e.g., histi- 
dine, His) 

e The one-letter symbol introduced to save 

space in the electronic processing of se- 

quence data (H for histidine) 

A quantitative value for the polarity of the 

side chain (bottom left; 10.3 for histidine). 

The more positive this value is, the more 

polar the amino acid is. 


In addition, the polarity of the side chains is 
indicated by color. It increases from yellow, 
through light and dark green, to bluish green. 
For ionizing side chains, the corresponding 
pK, values are also given (red numbers). 

The aliphatic amino acids (class I) include 
glycine, alanine, valine, leucine, and isoleucine. 
These amino acids do not contain heteroa- 
toms (N, O, or S) in their side chains and do 
not contain a ring system. Their side chains 
are markedly apolar. Together with threonine 
(see below), valine, leucine, and isoleucine 
form the group of branched-chain amino 
acids. The sulfurcontaining amino acids cys- 
teine and methionine (class II), are also apolar. 
However, in the case of cysteine, this only 
applies to the undissociated state. Due to its 
ability to form disulfide bonds, cysteine plays 
an important role in the stabilization of pro- 
teins (see p. 72). Two cysteine residues linked 
by a disulfide bridge are referred to as cystine 
(not shown). 


The aromatic amino acids (class III) contain 
resonancestabilized rings. In this group, only 
phenylalanine has strongly apolar properties. 
Tyrosine and tryptophan are moderately polar, 
and histidine is even strongly polar. The imi- 
dazole ring of histidine is already protonated 
at weakly acidic pH values. Histidine, which is 
only aromatic in protonated form (see p.58), 
can therefore also be classified as a basic 
amino acid. Tyrosine and tryptophan show 
strong light absorption at wavelengths of 
250-300 nm. 

The neutral amino acids (class IV) have 
hydroxyl groups (serine, threonine) or amide 
groups (asparagine, glutamine). Despite their 
nonionic nature, the amide groups of aspara- 
gine and glutamine are markedly polar. 

The carboxyl groups in the side chains of 
the acidic amino acids aspartic acid and glu- 
tamic acid (class V) are almost completely 
ionized at physiological pH values. The side 
chains of the basic amino acids lysine and 
arginine are also fully ionized—i.e., positively 
charged—at neutral pH. Arginine, with its 
positively charge guanidinium group, is par- 
ticularly strongly basic, and therefore ex- 
tremely polar. 

Proline (VII) is a special case. Together with 
the a-C atom and the o-NHp group, its side 
chain forms a fivemembered ring. Its nitrogen 
atom is only weakly basic and is not proto- 
nated at physiological pH. Due to its ring 
structure, proline causes bending of the pep- 
tide chain in proteins (this is important in 
collagen, for example; see p. 70). 

Several proteinogenic amino acids cannot 
be synthesized by the human organism, and 
therefore have to be supplied from the diet. 
These essential amino acids (see p.360) are 
marked with a star in the illustration. Histi- 
dine and possibly also arginine are essential 
for infants and small children. 
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62 Biomolecules 


Non-proteinogenic amino acids 


In addition to the 20 proteinogenic amino 
acids (see p.60), there are also many more 
compounds of the same type in nature. These 
arise during metabolic reactions (A) or as a 
result of enzymatic modifications of amino 
acid residues in peptides or proteins (B). The 
“biogenic amines” (C) are synthesized from oa- 
amino acids by decarboxylation. 


A. Rare amino acids O 


Only a few important representatives of the 
non-proteinogenic amino acids are men- 
tioned here. The basic amino acid ornithine 
is an analogue of lysine with a shortened side 
chain. Transfer of a carbamoyl residue to or- 
nithine yields citrulline. Both of these amino 
acids are intermediates in the urea cycle (see 
p.182). Dopa (an acronym of 3,4-dihydroxy- 
phenylalanine) is synthesized by hydroxyla- 
tion of tyrosine. It is an intermediate in the 
biosynthesis of catecholamines (see p.352) 
and of melanin. It is in clinical use in the 
treatment of Parkinson’s disease. Selenocys- 
teine, a cysteine analogue, occurs as a compo- 
nent of a few proteins—e.g., in the enzyme 
glutathione peroxidase (see p. 284). 


B. Post-translational protein modification ® 


Subsequent alteration of amino acid residues 
in finished peptides and proteins is referred 
to as post-translational modification. These re- 
actions usually only involve polar amino acid 
residues, and they serve various purposes. 
The free o-amino group at the N-terminus 
is blocked in many proteins by an acetyl res- 
idue or a longer acyl residue (acylation). N- 
terminal glutamate can cyclize into a pyroglu- 
tamate residue, while the C-terminal carbox- 
ylate group can be present in an amidated 
form (see TSH, p. 380). The side chains of ser- 
ine and asparagine residues are often linked 
to oligosaccharides (glycosylation, see p. 230). 
Phosphorylation of proteins mainly affects 
serine and tyrosine residues. These reactions 
have mainly regulatory functions (see p. 114). 
Aspartate and histidine residues of enzymes 
are sometimes phosphorylated, too. A special 
modification of glutamate residues, y-carbox- 
ylation, is found in coagulation factors. It is 
essential for blood coagulation (see p.290). 


The e-amino group of lysine residues is sub- 
ject to a particularly large number of modifi- 
cations. Its acetylation (or deacetylation) is an 
important mechanism for controlling genetic 
activity (see p.244). Many coenzymes and 
cofactors are covalently linked to lysine resi- 
dues. These include biotin (see p.108), lipoic 
acid (see p.106), and pyridoxal phosphate 
(see p.108), as well as retinal (see p.358). 
Covalent modification with ubiquitin marks 
proteins for breakdown (see p.176). In colla- 
gen, lysine and proline residues are modified 
by hydroxylation to prepare for the formation 
of stable fibrils (see p.70). Cysteine residues 
form disulfide bonds with one another (see 
p. 72). Cysteine prenylation serves to anchor 
proteins in membranes (see p. 214). Covalent 
bonding of a cysteine residue with heme oc- 
curs in cytochrome c. Flavins are sometimes 
covalently bound to cysteine or histidine res- 
idues of enzymes. Among the modifications of 
tyrosine residues, conversion into iodinated 
thyroxine (see p. 374) is particularly interest- 
ing. 


C. Biogenic amines @ 


Several amino acids are broken down by de- 
carboxylation. This reaction gives rise to what 
are known as biogenic amines, which have 
various functions. Some of them are compo- 
nents of biomolecules, such as ethanolamine 
in phospholipids (see p.50). Cysteamine and 
Y-alanine are components of coenzyme A (see 
p.12) and of pantetheine (see pp.108, 168). 
Other amines function as signaling substan- 
ces. An important neurotransmitter derived 
from glutamate is y-aminobutyrate (GABA, 
see p. 356). The transmitter dopamine is also 
a precursor for the catecholamines epineph- 
rine and norepinephrine (see p. 352). The bio- 
genic amine serotonin, a substance that has 
many effects, is synthesized from tryptophan 
via the intermediate 5-hydroxytryptophan. 

Monamines are inactivated into aldehydes 
by amine oxidase (monoamine oxidase, 
“MAO”) with deamination and simultaneous 
oxidation. MAO inhibitors therefore play an 
important role in pharmacological interven- 
tions in neurotransmitter metabolism. 
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Peptides and proteins: overview 


A. Proteins 0 


When amino acids are linked together by 
acid—amide bonds, linear macromolecules 
(peptides) are produced. Those containing 
more than ca. 100 amino acid residues are 
described as proteins (polypeptides). Every 
organism contains thousands of different pro- 
teins, which have a variety of functions. At a 
magnification of ca. 1.5 million, the semi- 
schematic illustration shows the structures 
of a few intra and extracellular proteins, giv- 
ing an impression of their variety. The func- 
tions of proteins can be classified as follows. 

Establishment and maintenance of struc- 
ture. Structural proteins are responsible for 
the shape and stability of cells and tissues. A 
small part of a collagen molecule is shown as 
an example (right; see p.70). The complete 
molecule is 1.5 300 nm in size, and at the 
magnification used here it would be as long as 
three pages of the book. Histones are also 
structural proteins. They organize the ar- 
rangement of DNA in chromatin. The basic 
components of chromatin, the nucleosomes 
(top right; see p. 218) consist of an octameric 
complex of histones, around which the DNA is 
coiled. 

Transport. A wellknown transport protein 
is hemoglobin in the erythrocytes (bottom 
left). It is responsible for the transport of oxy- 
gen and carbon dioxide between the lungs 
and tissues (see p.282). The blood plasma 
also contains many other proteins with trans- 
port functions. Prealbumin (transthyretin; 
middle), for example, transports the thyroid 
hormones thyroxin and triiodothyronine. lon 
channels and other integral membrane pro- 
teins (see p.220) facilitate the transport of 
ions and metabolites across biological mem- 
branes. 

Protection and defense. The immune sys- 
tem protects the body from pathogens and 
foreign substances. An important component 
of this system is immunoglobulin G (bottom 
left; see p.300). The molecule shown here is 
bound to an erythrocyte by complex forma- 
tion with surface glycolipids (see p. 292). 

Control and regulation. In biochemical sig- 
nal chains, proteins function as signaling sub- 
stances (hormones) and as hormone recep- 
tors. The complex between the growth 


hormone somatotropin and its receptor is 
shown here as an example (middle). Here, 
the extracellular domains of two receptor 
molecules here bind one molecule of the hor- 
mone. This binding activates the cytoplasmic 
domains of the complex, leading to further 
conduction of the signal to the interior of 
the cell (see p.384). The small peptide 
hormone insulin is discussed in detail else- 
where (see pp. 76, 160). DNA-binding proteins 
(transcription factors; see p. 118) are decisively 
involved in regulating the metabolism and in 
differentiation processes. The structure and 
function of the catabolite activator protein 
(top left) and similar bacterial transcription 
factors have been particularly well investi- 
gated. 

Catalysis. Enzymes, with more than 2000 
known representatives, are the largest group 
of proteins in terms of numbers (see p. 88). 
The smallest enzymes have molecular masses 
of 10-15 kDa. Intermediatesized enzymes, 
such as alcohol dehydrogenase (top left) are 
around 100-200 kDa, and the _ largest— 
including glutamine synthetase with its 12 
monomers (top right)—can reach more than 
500 kDa. 

Movement. The interaction between actin 
and myosin is responsible for muscle contrac- 
tion and cell movement (see p. 332). Myosin 
(right), with a length of over 150 nm, is 
among the largest proteins there are. Actin 
filaments (F-actin) arise due to the polymer- 
ization of relatively small protein subunits (G- 
actin). Along with other proteins, tropomyo- 
sin, which is associated with F-actin, controls 
contraction. 

Storage. Plants contain special storage pro- 
teins, which are also important for human 
nutrition (not shown). In animals, muscle 
proteins constitute a nutrient reserve that 
can be mobilized in emergencies. 
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A. Proteins 
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Peptide bonds 


A. Peptide bond @ 


The amino acid components of peptides and 
proteins are linked together by amide bonds 
(see p.60) between a-carboxyl and a-amino 
groups. This type of bonding is therefore also 
known as peptide bonding. In the dipeptide 
shown here, the serine residue has a free 
ammonium group, while the carboxylate 
group in alanine is free. Since the amino acid 
with the free NH3° group is named first, the 
peptide is known as seryl alanine, or in abbre- 
viated form Ser-Ala or SA. 


B. Resonance 0 


Like all acid—amide bonds, the peptide bond is 
stabilized by resonance (see p.4). In the con- 
ventional notation (top right) it is represented 
as a combination of a C=O double bond witha 
C-N single bond. However, a C=N double bond 
with charges at O and N could also be written 
(middle). Both of these are only extreme cases 
of electron distribution, known as resonance 
structures. In reality, the nm electrons are 
delocalized throughout all the atoms (bot- 
tom). As a mesomeric system, the peptide 
bond is planar. Rotation around the C-N 
bond would only be possible at the expense 
of large amounts of energy, and the bond is 
therefore not freely rotatable. Rotations are 
only possible around the single bonds marked 
with arrows. The state of these is expressed 
using the angles o and w (see D). The plane in 
which the atoms of the peptide bond lie is 
highlighted in light blue here and on the fol- 
lowing pages. 


C. Peptide nomenclature @ 


Peptide chains have a direction and therefore 
two different ends. The amino terminus (N 
terminus) of a peptide has a free ammonium 
group, while the carboxy terminus (C termi- 
nus) is formed by the carboxylate group of the 
last amino acid. In peptides and proteins, the 
amino acid components are usually linked in 
linear fashion. To express the sequence of a 
peptide, it is therefore suf cient to combine 
the three-letter or single-letter abbreviations 
for the amino acid residues (see p.60). This 
sequence always starts at the N terminus. For 


example, the peptide hormone angiotensin II 
(see p.330) has the sequence Asp-Arg-Val- 
Tyr-Ile-His-Pro-Phe, or DRVYIHPF. 


D. Conformational space of the peptide 
chain O 


With the exception of the terminal residues, 
every amino acid in a peptide is involved in 
two peptide bonds (one with the preceding 
residue and one with the following one). Due 
to the restricted rotation around the C-N 
bond, rotations are only possible around the 
N-C, and C,-C bonds (2). As mentioned 
above, these rotations are described by the 
dihedral angles o (phi) and yw (psi). The angle 
describes rotation around the N-C, bond; y 
describes rotation around C,—C—i.e., the po- 
sition of the subsequent bond. 

For steric reasons, only specific combina- 
tions of the dihedral angles are possible. 
These relationships can be illustrated clearly 
by a so-called #/y diagram (1). Most combi- 
nations of » and y are sterically “forbidden” 
(red areas). For example, the combination 6 = 
0° and w = 180° (4) would place the two 
carbonyl oxygen atoms less than 115 pm 
apart—i.e., at a distance much smaller than 
the sum of their van der Waals radii (see p. 6). 
Similarly, in the case of » = 180° and y= 0° (5), 
the two NH hydrogen atoms would collide. 
The combinations located within the green 
areas are the only ones that are sterically 
feasible (e.g., 2 and 3). The important secon- 
dary structures that are discussed in the fol- 
lowing pages are also located in these areas. 
The conformations located in the yellow areas 
are energetically less favorable, but still pos- 
sible. 

The 6/w diagram (also known as a Rama- 
chandran plot) was developed from modeling 
studies of small peptides. However, the con- 
formations of most of the amino acids in pro- 
teins are also located in the permitted areas. 
The corresponding data for the small protein, 
insulin (see p.76), are represented by black 
dots in 1. 
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Secondary structures 


In proteins, specific combinations of the dihe- 
dral angles @ and w (see p.66) are much more 
common than others. When several succes- 
sive residues adopt one of these conforma- 
tions, defined secondary structures arise, 
which are stabilized by hydrogen bonds ei- 
ther within the peptide chain or between 
neighboring chains. When a large part of a 
protein takes on a defined secondary struc- 
ture, the protein often forms mechanically 
stable filaments or fibers. Structural proteins 
of this type (see p. 70) usually have character- 
istic amino acid compositions. 

The most important secondary structural 
elements of proteins are discussed here first. 
The illustrations only show the course of the 
peptide chain; the side chains are omitted. To 
make the course of the chains clearer, the 
levels of the peptide bonds are shown as 
blue planes. The dihedral angles of the struc- 
tures shown here are also marked in diagram 
D1 on p.67. 


A. a-Helix ® 


The right-handed o-helix (ap) is one of the 
most common secondary structures. In this 
conformation, the peptide chain is wound 
like a screw. Each turn of the screw (the screw 
axis in shown in orange) covers approxi- 
mately 3.6 amino acid residues. The pitch of 
the screw (i.e., the smallest distance between 
two equivalent points) is 0.54 nm. o-Helices 
are stabilized by almost linear hydrogen bonds 
between the NH and CO groups of residues, 
which are four positions apart from each an- 
other in the sequence (indicated by red dots; 
see p.6). In longer helices, most amino acid 
residues thus enter into two H bonds. Apolar 
or amphipathic a-helices with five to seven 
turns often serve to anchor proteins in bio- 
logical membranes (transmembrane helices; 
see p. 214). 

The mirror image of the op helix, the left- 
handed a-helix (o,), is rarely found in nature, 
although it would be energetically “permissi- 
ble.” 


B. Collagen helix @ 


Another type of helix occurs in the collagens, 
which are important constituents of the con- 
nectivetissue matrix (see pp.70, 344). The 
collagen helix is left-handed, and with a pitch 
of 0.96 nm and 3.3 residues per turn, it is 
steeper than the o-helix. In contrast to the 
a-helix, H bonds are not possible within the 
collagen helix. However, the conformation is 
stabilized by the association of three helices 
to form a righthanded collagen triple helix 
(see p. 70). 


C. Pleated-sheet structures O 


Two additional, almost stretched, conforma- 
tions of the peptide chain are known as £B 
pleated sheets, as the peptide planes are ar- 
ranged like a regularly folded sheet of paper. 
Again, H bonds can only form between neigh- 
boring chains (“strands”) in pleated sheets. 
When the two strands run in opposite direc- 
tions (1), the structure is referred to as an 
antiparallel pleated sheet (f,). When they 
run in the same direction (2), it is a parallel 
pleated sheet (8,). In both cases, the a-C 
atoms occupy the highest and lowest points 
in the structure, and the side chains point 
alternately straight up or straight down (see 
p.71 C). The B, structure, with its almost lin- 
ear H bonds, is energetically more favorable. 
In extended pleated sheets, the individual 
strands of the sheet are usually not parallel, 
but twisted relative to one another (see p. 74). 


D. B Turns @ 


B Turns are often found at sites where the 
peptide chain changes direction. These are 
sections in which four amino acid residues 
are arranged in such a way that the course 
of the chain reverses by about 180° into the 
opposite direction. The two turns shown 
(types I and II) are particularly frequent. 
Both are stabilized by hydrogen bonds be- 
tween residues 1 and 4. 8B Turns are often 
located between the individual strands of 
antiparallel pleated sheets, or between 
strands of pleated sheets and « helices. 
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Structural proteins 


The structural proteins give extracellular 
structures mechanical stability, and are in- 
volved in the structure of the cytoskeleton 
(see p.204). Most of these proteins contain a 
high percentage of specific secondary struc- 
tures (see p.68). For this reason, the amino 
acid composition of many structural proteins 
is also characteristic (see below). 


A. ao Keratin O 


a-Keratin is a structural protein that predom- 
inantly consists of o helices. Hair (wool), 
feathers, nails, claws and the hooves of ani- 
mals consist largely of keratin. It is also an 
important component of the cytoskeleton 
(cytokeratin), where it appears in intermedi- 
ate filaments (see p. 204). 

In the keratins, large parts of the peptide 
chain show right-handed a-helical coiling. 
Two chains each form a left-handed super- 
helix, as is also seen in myosin (see p.65). 
The superhelical keratin dimers join to form 
tetramers, and these aggregate further to 
form protofilaments, with a diameter of 
3nm. Finally, eight protofilaments then 
form an intermediate filament, with a diam- 
eter of 10 nm (see p. 204). 

Similar keratin filaments are found in hair. 
In a single wool fiber with a diameter of about 
20 um, millions of filaments are bundled to- 
gether within dead cells. The individual kera- 
tin helices are cross-linked and stabilized by 
numerous disulfide bonds (see p. 72). This fact 
is exploited in the perming of hair. Initially, 
the disulfide bonds of hair keratin are dis- 
rupted by reduction with thiol compounds 
(see p. 8). The hair is then styled in the desired 
shape and heat-dried. In the process, new 
disulfide bonds are formed by oxidation, 
which maintain the hairstyle for some time. 


B. Collagen ® 


Collagen is the quantitatively most important 
protein in mammals, making up about 25% of 
the total protein. There are many different 
types of collagen, particularly in connective 
tissue. Collagen has an unusual amino acid 
composition. Approximately one-third of the 
amino acids are glycine (Gly), about 10% pro- 
line (Pro), and 10% hydroxyproline (Hyp). The 


two latter amino acids are only formed during 
collagen biosynthesis as a result of posttrans- 
lational modification (see p. 344). 

The triplet Gly-X-Y (2) is constantly re- 
peated in the sequence of collagen, with the 
X position often being occupied by Pro and 
the Y position by Hyp. The reason for this is 
that collagen is largely present as a triple helix 
made up of three individual collagen helices 
(1). In triple helices, every third residue lies 
on the inside of the molecule, where for steric 
reasons there is only room for glycine resi- 
dues (3; the glycine residues are shown in 
yellow). Only a small section of a triple helix 
is illustrated here. The complete collagen 
molecule is approximately 300 nm long. 


C. Silk fibroin O 


Silk is produced from the spun threads from 
silkworms (the larvae of the moth Bombyx 
mori and related species). The main protein 
in silk, fibroin, consists of antiparallel pleated 
sheet structures arranged one on top of the 
other in numerous layers (1). Since the amino 
acid side chains in pleated sheets point either 
straight up or straight down (see p.68), only 
compact side chains fit between the layers. In 
fact, more than 80% of fibroin consists of gly- 
cine, alanine, and serine, the three amino 
acids with the shortest side chains. A typical 
repetitive amino acid sequence is (Gly-Ala- 
Gly-Ala-Gly-Ser). The individual pleated sheet 
layers in fibroin are found to lie alternately 
0.35 nm and 0.57 nm apart. In the first case, 
only glycine residues (R = H) are opposed to 
one another. The slightly greater distance of 
0.57 nm results from repulsion forces be- 
tween the side chains of alanine and serine 
residues (2). 
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Globular proteins 


Soluble proteins have a more complex struc- 
ture than the fibrous, completely insoluble 
structural proteins. The shape of soluble pro- 
teins is more or less spherical (globular). In 
their biologically active form, globular 
proteins have a defined spatial structure 
(the native conformation). If this structure is 
destroyed (denaturation; see p. 74), not only 
does the biological effect disappear, but the 
protein also usually precipitates in insoluble 
form. This happens, for example, when eggs 
are boiled; the proteins dissolved in the egg 
white are denatured by the heat and produce 
the solid egg white. 

To illustrate protein conformations in a 
clear (but extremely simplified) way, Richard- 
son diagrams are often used. In these 
diagrams, a-helices are symbolized by red 
cylinders or spirals and strands of pleated 
sheets by green arrows. Less structured areas 
of the chain, including the B-turns, are shown 
as sections of gray tubing. 


A. Conformation-stabilizing interactions @ 


The native conformation of proteins is stabi- 
lized by a number of different interactions. 
Among these, only the disulfide bonds (B) 
represent covalent bonds. Hydrogen bonds, 
which can form inside secondary structures, 
as well as between more distant residues, are 
involved in all proteins (see p.6). Many pro- 
teins are also stabilized by complex formation 
with metal ions (see pp. 76, 342, and 378, for 
example). The hydrophobic effect is particu- 
larly important for protein stability. In glob- 
ular proteins, most hydrophobic amino acid 
residues are arranged in the interior of the 
structure in the native conformation, while 
the polar amino acids are mainly found on 
the surface (see pp. 28, 76). 


B. Disulfide bonds @ 


Disulfide bonds arise when the SH groups of 
two cysteine residues are covalently linked as 
a dithiol by oxidation. Bonds of this type are 
only found (with a few exceptions) in extra- 
cellular proteins, because in the interior of the 
cell glutathione (see p.284) and other reduc- 
ing compounds are present in such high con- 
centrations that disulfides would be reduc- 


tively cleaved again. The small plant protein 
crambin (46 amino acids) contains three di- 
sulfide bonds and is therefore very stable. The 
high degree of stability of insulin (see p. 76) 
has a similar reason. 


C. Protein dynamics 0 


The conformations of globular proteins are 
not rigid, but can change dramatically on 
binding of ligands or in contact with other 
proteins. For example, the enzyme adenylate 
kinase (see p.336) has a mobile domain (do- 
main = independently folded partial struc- 
ture), which folds shut after binding of the 
substrate (yellow). The larger domain (bot- 
tom) also markedly alters its conformation. 
There are large numbers of allosteric 
proteins of this type. This group includes, for 
example, hemoglobin (see p.280), calmodulin 
(see p.386), and many allosteric enzymes 
such as aspartate carbamoyltransferase (see 
p.116). 


D. Folding patterns O 


The globular proteins show a high degree of 
variability in folding of their peptide chains. 
Only a few examples are shown here. Purely 
helically folded proteins such as myoglobin (1; 
see p.74, heme yellow) are rare. In general, 
pleated sheet and helical elements exist 
alongside each other. In the hormone-binding 
domain of the estrogen receptor (2; see p. 378), 
a small, two-stranded pleated sheet functions 
as a “cover” for the hormone binding site 
(estradiol yellow). In flavodoxin, a small flavo- 
protein with a redox function (3; FMN yel- 
low), a fan-shaped, pleated sheet made up of 
five parallel strands forms the core of the 
molecule. The conformation of the B subunit 
of the G-protein transducin (4; see pp. 224, 
358) is very unusual. Seven pleated sheets 
form a large, symmetrical “B propeller.” The 
N-terminal section of the protein contains one 
long and one short helix. 
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Protein folding 


Information about the biologically active (na- 
tive) conformation of proteins is already en- 
coded in their amino acid sequences. The na- 
tive forms of many proteins arise spontane- 
ously in the test tube and within a few mi- 
nutes. Nevertheless, there are special 
auxiliary proteins (chaperonines) that sup- 
port the folding of other proteins in the con- 
ditions present within the cell (see p. 232). An 
important goal of biochemistry is to under- 
stand the laws governing protein folding. This 
would make it possible to predict the confor- 
mation of a protein from the easily accessible 
DNA sequence (see p. 260). 


A. Folding and denaturation of 
ribonuclease A ® 


The folding of proteins to the native form is 
favored under physiological conditions. The 
native conformation is lost, as the result of 
denaturation, at extreme pH values, at high 
temperatures, and in the presence of organic 
solvents, detergents, and other denaturing 
substances, such as urea. 

The fact that a denatured protein can spon- 
taneously return to its native conformation 
was demonstrated for the first time with ri- 
bonuclease, a digestive enzyme (see p. 266) 
consisting of 124 amino acids. In the native 
form (top right), there are extensive pleated 
sheet structures and three o helices. The eight 
cysteine residues of the protein are forming 
four disulfide bonds. Residues His-12, Lys-41 
and His-119 (pink) are particularly important 
for catalysis. Together with additional amino 
acids, they form the enzyme’s active center. 

The disulfide bonds can be reductively 
cleaved by thiols (e.g., mercaptoethanol, 
HO-CH>-CH>-SH). If urea at a high concentra- 
tion is also added, the protein unfolds com- 
pletely. In this form (left), it is up to 35 nm 
long. Polar (green) and apolar (yellow) side 
chains are distributed randomly. The dena- 
tured enzyme is completely inactive, because 
the catalytically important amino acids (pink) 
are too far away from each other to be able to 
interact with each other and with the sub- 
strate. 


When the urea and thiol are removed by 
dialysis (see p.78), secondary and tertiary 
structures develop again spontaneously. The 
cysteine residues thus return to a suf ciently 
close spatial vicinity that disulfide bonds can 
once again form under the oxidative effect of 
atmospheric oxygen. The active center also 
reestablishes itself. In comparison with the 
denatured protein, the native form is aston- 
ishingly compact, at 4.5 2.5 nm. In this state, 
the apolar side chains (yellow) predominate 
in the interior of the protein, while the polar 
residues are mainly found on the surface. This 
distribution is due to the “hydrophobic effect” 
(see p. 28), and it makes a vital contribution to 
the stability of the native conformation (B). 


B. Energetics of protein folding O 


The energetics of protein folding are not at 
present satisfactorily understood. Only a sim- 
plified model is discussed here. The confor- 
mation of a molecule is stable in any given 
conditions if the change in its free enthalpy 
during folding (AGjoiq) is negative (see p. 16). 
The magnitude of the folding enthalpy is af- 
fected by several factors. The main factor 
working against folding is the strong increase 
in the ordering of the molecule involved. As 
discussed on p.20, this leads to a negative 
change in entropy of ASconr and therefore to 
a strongly positive entropy term -T AS (violet 
arrow). By contrast, the covalent and nonco- 
valent bonds in the interior of the protein 
have a stabilizing influence. For this reason, 
the change in folding enthalpy AHfoig is neg- 
ative (red arrow). A third factor is the change 
in the system’s entropy due to the hydropho- 
bic effect. During folding, the degree of order 
in the surrounding water decreases—i.e., 
ASwater 1S positive and therefore -T AS is 
negative (blue arrow). When the sum of these 
effects is negative (green arrow), the protein 
folds spontaneously into its native conforma- 
tion. 
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Molecular models: insulin 


The opposite page presents models of insulin, 
a small protein. The biosynthesis and function 
of this important hormone are discussed else- 
where in this book (pp. 160, 388). Monomeric 
insulin consists of 51 amino acids, and witha 
molecular mass of 5.5 kDa it is only half the 
size of the smallest enzymes. Nevertheless, it 
has the typical properties of a globular pro- 
tein. 

Large quantities of pure insulin are re- 
quired for the treatment of diabetes mellitus 
(see p.160). The annual requirement for insu- 
lin is over 500 kg in a country the size of 
Germany. Formerly, the hormone had to be 
obtained from the pancreas of slaughtered 
animals in a complicated and expensive 
procedure. Human insulin, which is produced 
by overexpression in genetically engineered 
bacteria, is now mainly used (see p. 262). 


A. Structure of insulin O 


There are various different structural levels in 
proteins, and these can be briefly discussed 
again here using the example of insulin. 

The primary structure of a protein is its 
amino acid sequence. During the biosynthesis 
of insulin in the pancreas, a continuous pep- 
tide chain with 84 residues is first synthesi- 
zed—proinsulin (see p.160). After folding of 
the molecule, the three disulfide bonds are 
first formed, and residues 31 to 63 are then 
proteolytically cleaved releasing the so-called 
C peptide. The molecule that is left over (1) 
now consists of two peptide chains, the A 
chain (21 residues, shown in yellow) and the 
B chain (30 residues, orange). One of the di- 
sulfide bonds is located inside the A chain, 
and the two others link the two chains to- 
gether. 

Secondary structures are regions of the 
peptide chain with a defined conformation 
(see p.68) that are stabilized by H-bonds. In 
insulin (2), the o-helical areas are predomi- 
nant, making up 57% of the molecule; 6% 
consists of B-pleated-sheet structures, and 
10% of B-turns, while the remainder (27%) 
cannot be assigned to any of the secondary 
structures. 

The three-dimensional conformation of a 
protein, made up of secondary structural ele- 
ments and unordered sections, is referred to 


as the tertiary structure. In insulin, it is com- 
pact and wedge-shaped (B). The tip of the 
wedge is formed by the B chain, which 
changes its direction at this point. 

Quaternary structure. Due to non-covalent 
interactions, many proteins assemble to form 
symmetrical complexes (oligomers). The indi- 
vidual components of oligomeric proteins 
(usually 2-12) are termed subunits or mono- 
mers. Insulin also forms quaternary struc- 
tures. In the blood, it is partly present as a 
dimer. In addition, there are also hexamers 
stabilized by Zn2* ions (light blue) (3), which 
represent the form in which insulin is stored 
in the pancreas (see p. 160). 


B. Insulin (monomer) © 


The van der Waals model of monomeric in- 
sulin (1) once again shows the wedge-shaped 
tertiary structure formed by the two chains 
together. In the second model (3, bottom), the 
side chains of polar amino acids are shown in 
blue, while apolar residues are yellow or pink. 
This model emphasizes the importance of the 
“hydrophobic effect” for protein folding (see 
p. 74). In insulin as well, most hydrophobic 
side chains are located on the inside of the 
molecule, while the hydrophilic residues are 
located on the surface. Apparently in contra- 
diction to this rule, several apolar side chains 
(pink) are found on the surface. However, all 
of these residues are involved in hydrophobic 
interactions that stabilize the dimeric and 
hexameric forms of insulin. 

In the third model (2, right), the colored 
residues are those that are located on the 
surface and occur invariably (red) or almost 
invariably (orange) in all known insulins. It is 
assumed that amino acid residues that are not 
replaced by other residues during the course 
of evolution are essential for the protein’s 
function. In the case of insulin, almost all of 
these residues are located on one side of the 
molecule. They are probably involved in the 
binding of the hormone to its receptor (see 
p. 224). 
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Chord & Scale Table” 


This table shows how scales harmonize with chords and which chord/scale combinations are most 
widely played in specific styles of music. (The most commonly played chords and scales are initially 
shown in CAPITAL LETTERS.) The system works by substituting numbers for the tones of the major 
scale: DO=1, RE=2, Ml=3, FA=4, SO=5, LA=6, TI=7, DO=8 (1) (see The Table of Keys). 

MAJOR CHORD FAMILY 
CHORD SYMBOL SCALE 


A letter name alone | MAJOR PENTATONIC 
indicates a major er 


chord. 
Cc MINOR PENTATONIC 143 4 5 57 1 


All chord symbols are or (ices cesta) 
shown in the Key of C. MAJOR SCALE 12345671 
cé 


major pentatonic 123561 
Cmaj 7, CM7 CA7, C7 


Cmaj 9, CM9, CA9 major scale 12345671 classical, pop, jazz 
C6, C6/9 - 













CHORD TYPE CHORD FORMULA SCALE FORMULA 


123561 








folk, bluegrass, pop, 
country, rock, 

___teggae, blues 

rock, reggae, blues 


























classical, pop 









major sixth 5 6 folk, country, swing 






MAJOR SEVENTH 5 7 








major ninth Bie Gh 








six-nine 

































add-nine 1 Cadd 9 P 
lydian mode e2e seta oe Gas jazz 
major thirteenth 1357 (9) 13 Cmaj13, CA13 
suspendedsecond 1 2 5 Csus2, Cs2 major pentatonic, Ree eee country, rock, 
suspended fourth 1 4 5 Csus4, Cs4 no third, add 4 pop, gospel 
major seven-flat-five 1 3}5 7 Cmaj 755, CA7 45 lydian mode 123%#45671 jazz 






















MINOR CHORD FAMILY 
Cmin, Cm, C- 











folk, classical, country, 
bluegrass, rock, reggae, 





minor pentatonic 1 $3 4 5 pr 1 
or 








MINOR SEVENTH b3 5 $7 Cmin7, Cm7, C-7 blues, pop 
= = DORIAN MODE classical, country, rock, 
minor ninth 1 $3 5 $7 9 Cmin9, Cm9, C-9 or Tavs C3 GPa pop, latin, jazz, blues 









AEOLIAN MODE 
(natural minor) 








minor eleventh 1$3 547 (9) 11 1253 45 $6 571 


minor sixth 1$356 


Cmin11, Cm 11, C-11 classical, pop, jazz, 


Cull, Gue=5 minor pentatonic 1 63 45 57 1 

minor six-nine 1 }3 (5) 6 9 Cm 6g, Cm6/9 or (blues scale add 55) 
minor thirteenth 143557 (9)(11)13|_ Cmin 13, Cm13, C-13 dorian mode 1253456571 
i flat-fi i 
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seven-sharp-nine 1 3 5 $7 #9 













any combination of the above four chords diminished/whole-tone 1}2}33}5#5 571 
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Theory & Transposing Guide" 
Table of Keys” 


wor DO| RE| MIFA SO LA _ TIDO 
eS = Se ee SS 


whole-step whole __half-step whole whole whole half 


UNIVERSAL (9) (9)\(E9) (Git) #5 (13) @) 
ae 1 ("2 6 314 he 56 77/1 


(scale degrees) a ns rr rr rr 
TONIC 12 half-steps in each octave (chromatic scale) OCTAVE 


Rey of C D}| D |Py| E | F Fg, G (S| A|Bb| B| Cc 
Key of D} | D) |B} BE} Ey, F G) Sx, Ay, BY\ Cb C |D: 
Key of D E}| E || Fi| G (| ae) B|C|c|D 
Key of) |E} Fb F ®¢, G A) Ay, Bh Be, C Db DE} 
Key of E F | FP’ ct| A P| Bc) ct] D |i E 
Key of F G)| G [| A|B Bo ch) p\B | E| F 
Key of F# | F/G G?|°, A} B ™c ci/°p Dt E EB? Ft 
Key of G> |G; Ab A) 72, B)) Cc) C5, Db Pe, B)| E> F |G 
Keyof¢ | G/As| A /25 B| c \°p) DPE E| F | FH G 
Key of Ab | A) |B) B) Bc, C D) Pe, BE) Eg, F |G) GAS 
KeyofA | A |B) Bc c:/D Py EP, FH|G Gt A 
Key of B} |B} /C) Cp, DE} Eg, F Pg, G | Ab A BI 
Key of B C | ci/©5| Dé| E [Ps | Ft|'¢|Gt| A | At] B 


UNIVERSAL 
KEY I (WI I jb Wl IviWw Vv WI viWwitvi I 
(chord function) 
THE UNIVERSAL KEY is a musical numbering system based on the major scale that uses numbers instead 
of letters to identify the notes of the scale: DO=1, RE=2, Ml=3, FA=4, SO=5, LA=6, TI=7, DO=8(1). 
ROMAN NUMERALS: Professional studio musicians, who must be able to play on sight from chord charts 
in any key, often use a handy system of music notation known as “the Nashville system” for writing and 
playing chord charts. The Roman numerals (I, IV, V, etc.) represent major chords built off any scale degree; 
other chords are shown by a Roman numeral followed by the abbreviation for that chord type. For example, 
IVm is a minor chord with the fourth degree of the major scale as the root. In the Key of D, the IVm chord is 
G-minor; in the Key of B, the IVm chord is E-minor. a 
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Isolation and analysis of proteins 


Purified proteins are nowadays required for a 
wide variety of applications in research, med- 
icine, and biotechnology. Since the globular 
proteins in particular are very unstable (see 
p. 72), purification is carried out at low tem- 
peratures (0-5 °C) and particularly gentle 
separation processes are used. A few of the 
methods of purifying and characterizing pro- 
teins are discussed on this page. 


A. Salt precipitation O 


The solubility of proteins is strongly depen- 
dent on the salt concentration (ionic strength) 
of the medium. Proteins are usually poorly 
soluble in pure water. Their solubility in- 
creases as the ionic strength increases, be- 
cause more and more of the well-hydrated 
anorganic ions (blue circles) are bound to 
the protein’s surface, preventing aggregation 
of the molecules (salting in). At very high 
ionic strengths, the salt withdraws the hy- 
drate water from the proteins and thus leads 
to aggregation and precipitation of the mole- 
cules (salting out). For this reason, adding 
salts such as ammonium sulfate (NH,4)2SO,4 
makes it possible to separate proteins from a 
mixture according to their degree of solubility 
(fractionation). 


B. Dialysis O 


Dialysis is used to remove lower-molecular 
components from protein solutions, or to ex- 
change the medium. Dialysis is based on the 
fact that due to their size, protein molecules 
are unable to pass through the pores of a 
semipermeable membrane, while lower-mo- 
lecular substances distribute themselves 
evenly between the inner and outer spaces 
over time. After repeated exchanging of the 
external solution, the conditions inside the 
dialysis tube (salt concentration, pH, etc.) 
will be the same as in the surrounding solu- 
tion. 


C. Gel filtration O 


Gel permeation chromatography (“gel filtra- 
tion”) separates proteins according to their 
size and shape. This is done using a chroma- 
tography column, which is filled with 


spherical gel particles (diameter 10-500 um) 
of polymeric material (shown schematically 
in 1a). The insides of the particles are tra- 
versed by channels that have defined diame- 
ters. A protein mixture is then introduced at 
the upper end of the column (1b) and elution 
is carried out by passing a buffer solution 
through the column. Large protein molecules 
(red) are unable to penetrate the particles, 
and therefore pass through the column 
quickly. Medium-sized (green) and small par- 
ticles (blue) are delayed for longer or shorter 
periods (1c). The proteins can be collected 
separately from the ef uent (eluate) (2). Their 
elution volume V. depends mainly on their 
molecular mass (3). 


D. SDS gel electrophoresis O 


The most commonly used procedure for 
checking the purity of proteins is sodium do- 
decyl sulfate polyacrylamide gel electropho- 
resis (SDS-PAGE). In electrophoresis, mole- 
cules move in an electrical field (see p. 276). 
Normally, the speed of their movement de- 
pends on three factors—their size, their shape, 
and their electrical charge. 

In SDS-PAGE, the protein mixture is treated 
in such a way that only the molecules’ mass 
affects their movement. This is achieved by 
adding sodium dodecyl sulfate (C,2H2s5- 
OSO3Na), the sulfuric acid ester of lauryl alco- 
hol (dodecyl alcohol). SDS is a detergent with 
strongly amphipathic properties (see p. 28). It 
separates oligomeric proteins into their sub- 
units and denatures them. SDS molecules 
bind to the unfolded peptide chains (ca. 
0.4 g SDS / g protein) and give them a strongly 
negative charge. To achieve complete denatu- 
ration, thiols are also added in order to cleave 
the disulfide bonds (1). 

Following electrophoresis, which is carried 
out in a vertically arranged gel of polymeric 
acrylamide (2), the separated proteins are 
made visible by staining. In example (3), the 
following were separated: a) a cell extract 
with hundreds of different proteins, b) a pro- 
tein purified from this, and c) a mixture of 
proteins with known masses. 
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Bases and nucleotides 


The nucleic acids play a central role in the 
storage and expression of genetic information 
(see p. 236). They are divided into two major 
classes: deoxyribonucleic acid (DNA) func- 
tions solely in information storage, while ri- 
bonucleic acids (RNAs) are involved in most 
steps of gene expression and protein biosyn- 
thesis. All nucleic acids are made up from 
nucleotide components, which in turn consist 
of a base, a sugar, and a phosphate residue. 
DNA and RNA differ from one another in the 
type of the sugar and in one of the bases that 
they contain. 


A. Nucleic acid bases O 


The bases that occur in nucleic acids are 
aromatic heterocyclic compounds derived 
from either pyrimidine or purine. Five of these 
bases are the main components of nucleic 
acids in all living creatures. The purine bases 
adenine (abbreviation Ade, not “A”!) and gua- 
nine (Gua) and the pyrimidine base cytosine 
(Cyt) are present in both RNA and DNA. In 
contrast, uracil (Ura) is only found in RNA. In 
DNA, uracil is replaced by thymine (Thy), the 
5-methyl derivative of uracil. 5-methylcyto- 
sine also occurs in small amounts in the DNA 
of the higher animals. A large number of other 
modified bases occur in tRNA (see p.82) and 
in other types of RNA. 


B. Nucleosides, nucleotides @ 


When a nucleic acid base is N-glycosidically 
linked to ribose or 2-deoxyribose (see p. 38), it 
yields a nucleoside. The nucleoside adenosine 
(abbreviation: A) is formed in this way from 
adenine and ribose, for example. The corre- 
sponding derivatives of the other bases are 
called guanosine (G), uridine (U), thymidine 
(T) and cytidine (C). When the sugar compo- 
nent is 2-deoxyribose, the product is a 
deoxyribonucleoside—e.g., 2’-deoxyadeno- 
sine (dA, not shown). In the cell, the 5’OH 
group of the sugar component of the nucleo- 
side is usually esterified with phosphoric acid. 
2’-Deoxythymidine (dT) therefore gives rise 
to 2’-deoxythymidine-5’-monophosphate 
(dTMP), one of the components of DNA (2). 
If the 5’phosphate residue is linked via an 
acid—anhydride bond to additional phosphate 


residues, it yields nucleoside diphosphates 
and triphosphates—e. g., ADP and ATP, which 
are important coenzymes in energy metabo- 
lism (see p.106). All of these nucleoside phos- 
phates are classified as nucleotides. 

In nucleosides and nucleotides, the pentose 
residues are present in the furanose form (see 
p.34). The sugars and bases are linked by an 
N-glycosidic bond between the C-1 of the 
sugar and either the N-9 of the purine ring 
or N-1 of the pyrimidine ring. This bond al- 
ways adopts the B-configuration. 


C. Oligonucleotides, polynucleotides O 


Phosphoric acid molecules can form acid-an- 
hydride bonds with each other. It is therefore 
possible for two nucleotides to be linked via 
the phosphate residues. This gives rise to di- 
nucleotides with a phosphoric acid-anhydride 
structure. This group includes the coenzymes 
NAD(P)” and CoA, as well as the flavin 
derivative FAD (1; see p. 104). 

If the phosphate residue of a nucleotide 
reacts with the 3’-OH group of a second nu- 
cleotide, the result is a dinucleotide with a 
phosphoric acid diester structure. Dinucleo- 
tides of this type have a free phosphate resi- 
due at the 5’end and a free OH group at the 3’ 
end. They can therefore be extended with 
additional mononucleotides by adding fur- 
ther phosphoric acid diester bonds. This is 
the way in which oligonucleotides, and ulti- 
mately polynucleotides, are synthesized. 

Polynucleotides consisting of ribonucleo- 
tide components are called ribonucleic acid 
(RNA), while those consisting of deoxyribonu- 
cleotide monomers are called deoxyribonu- 
cleic acid (DNA; see p.84). To describe the 
structure of polynucleotides, the abbrevia- 
tions for the nucleoside components are writ- 
ten from left to right in the 5 3’ direction. 
The position of the phosphate residue is also 
sometimes indicated by a “p”. In this way, the 
structure of the RNA segment shown Fig. 2 


can be abbreviated as .pUpG.. or simply as 
UG 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


A. Nucleic acid bases 















B. Nucleosides, nucleotide 


C. Oligonucleotides, polynucleotides 
Flavin 





F A 
\ I 














Phosphoric acid- 
anhydride bond 


re 

r H—C—OH 
H—C—OH NS 
7 
Aceon OC as. 
L_ \ H9¢=0=P=0=P=0=CH; 
| I O 

0) 


Ribitol 





H 
H \emmet H 


OH OH 


1. Flavin adenine dinucleotide 
(FAD) 





Ribose 


81 


Nucleotides and Nucleic Acids 





Pyrimidine bases NH, 


a 


o7 


H 





Thymine (Thy) Cytosine (Cyt) 


Purine bases 


lI 
C 
ine een 
\ “CH 
HoN~ 





Phosphoric acid 
diester bond 


O OH 


To the 3' end 
2. RNA (section) 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


82 Biomolecules 


RNA 


Ribonucleic acids (RNAs) are polymers con- 
sisting of nucleoside phosphate components 
that are linked by phosphoric acid diester 
bonds (see p.80). The bases the contain are 
mainly uracil, cytosine, adenine, and guanine, 
but many unusual and modified bases are also 
found in RNAs (B). 


A. Ribonucleic acids (RNAs) @ 


RNAs are involved in all the individual steps of 
gene expression and protein biosynthesis (see 
pp. 242-253). The properties of the most im- 
portant forms of RNA are summarized in the 
table. The schematic diagram also gives an 
idea of the secondary structure of these mol- 
ecules. 

In contrast to DNA, RNAs do not form ex- 
tended double helices. In RNAs, the base pairs 
(see p.84) usually only extend over a few 
residues. For this reason, substructures often 
arise that have a finger shape or clover-leaf 
shape in two-dimensional representations. In 
these, the paired stem regions are linked by 
loops. Large RNAs such as ribosomal 16S- 
rRNA (center) contain numerous “stem and 
loop” regions of this type. These sections are 
again folded three-dimensionally—i.e., like 
proteins, RNAs have a tertiary structure (see 
p.86). However, tertiary structures are only 
known of small RNAs, mainly tRNAs. The dia- 
grams in Fig. B and on p.86 show that the 
“clover-leaf” structure is not recognizable in 
a three-dimensional representation. 

Cellular RNAs vary widely in their size, 
structure, and lifespan. The great majority of 
them are ribosomal RNA (rRNA), which in 
several forms is a structural and functional 
component of ribosomes (see p. 250). Riboso- 
mal RNA is produced from DNA by transcrip- 
tion in the nucleolus, and it is processed there 
and assembled with proteins to form ribo- 
some subunits (see pp. 208, 242). The bacte- 
rial 16S-rRNA shown in Fig. A, with 1542 nu- 
cleotides (nt), is a component of the small 
ribosomae subunit, while the much smaller 
5S-rRNA (118 nt) is located in the large sub- 
unit. 


Messenger RNAs (mRNAs) transfer genetic 
information from the cell nucleus to the cyto- 
plasm. The primary transcripts are substan- 
tially modified while still in the nucleus 
(mRNA maturation; see p. 246). Since mRNAs 
have to be read codon by codon in the ribo- 
some, they must not form a stable tertiary 
structure. This is ensured in part by the at- 
tachment of RNA-binding proteins, which pre- 
vent base pairing. Due to the varying amounts 
of information that they carry, the lengths of 
mRNAs also vary widely. Their lifespan is usu- 
ally short, as they are quickly broken down 
after translation. 

Small nuclear RNAs (snRNAs) are involved 
in the splicing of mRNA precursors (see 
p.246). They associate with numerous pro- 
teins to form “spliceosomes.” 


B. Transfer RNA (tRNAP*) @ 


The transfer RNAs (tRNAs) function during 
translation (see p.250) as links between the 
nucleic acids and proteins. They are small 
RNA molecules consisting of 70-90 nucleoti- 
des, which “recognize” specific mRNA codons 
with their anticodons through base pairing. At 
the same time, at their 3’ end (sequence 
.. CCA-3’) they carry the amino acid that is 
assigned to the relevant mRNA codon accord- 
ing to the genetic code (see p. 248). 

The base sequence and the tertiary struc- 
ture of the yeast tRNA specific for phenylala- 
nine (tRNA?"*) is typical of all tRNAs. The 
molecule (see also p.86) contains a high pro- 
portion of unusual and modified components 
(shaded in dark green in Fig. 1). These include 
pseudouridine (‘¥), dihydrouridine (D), thymi- 
dine (T), which otherwise only occurs in DNA, 
and many methylated nucleotides such as 7- 
methylguanidine (m’G) and—in the _anti- 
codon—2 -O-methylguanidine (m?G). Numer- 
ous base pairs, sometimes deviating from the 
usual pattern, stabilize the molecule’s confor- 
mation (2). 
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DNA 


A. DNA: structure @ 


Like RNAs (see p.82), deoxyribonucleic acids 
(DNAs) are polymeric molecules consisting of 
nucleotide building blocks. Instead of ribose, 
however, DNA contains 2’-deoxyribose, and 
the uracil base in RNA is replaced by thymine. 
The spatial structure of the two molecules 
also differs (see p. 86). 

The first evidence of the special structure 
of DNA was the observation that the amounts 
of adenine and thymine are almost equal in 
every type of DNA. The same applies to gua- 
nine and cytosine. The model of DNA struc- 
ture formulated in 1953 explains these con- 
stant base ratios: intact DNA consists of two 
polydeoxynucleotide molecules (“strands”). 
Each base in one strand is linked to a comple- 
mentary base in the other strand by H-bonds. 
Adenine is complementary to thymine, and 
guanine is complementary to cytosine. One 
purine base and one pyrimidine base are 
thus involved in each base pair. 

The complementarity of A with T and of G 
with C can be understood by considering the 
H bonds that are possible between the differ- 
ent bases. Potential donors (see p.6) are 
amino groups (Ade, Cyt, Gua) and ring NH 
groups. Possible acceptors are carbonyl oxy- 
gen atoms (Thy, Cyt, Gua) and ring nitrogen 
atoms. Two linear and therefore highly stable 
bonds can thus be formed in A-T pairs, and 
three in G-C pairs. 

Base pairings of this type are only possible, 
however, when the polarity of the two strands 
differs—i. e., when they run in opposite direc- 
tions (see p.80). In addition, the two strands 
have to be intertwined to form a double helix. 
Due to steric hindrance by the 2’-OH groups 
of the ribose residues, RNA is unable to forma 
double helix. The structure of RNA is therefore 
less regular than that of DNA (see p. 82). 

The conformation of DNA that predomi- 
nates within the cell (known as B-DNA) is 
shown schematically in Fig. A2 and as a van 
der Waals model in Fig. B1. In the schematic 
diagram (A2), the deoxyribose-phosphate 
“backbone” is shown as a ribbon. The bases 
(indicated by lines) are located on the inside 
of the double helix. This area of DNA is there- 
fore apolar. By contrast, the molecule’s surface 
is polar and negatively charged, due to the 


sugar and phosphate residues in the back- 
bone. Along the whole length of the DNA 
molecule, there are two depressions—re- 
ferred to as the “minor groove” and the “ma- 
jor groove”—that lie between the strands. 


B. Coding of genetic information @ 


In all living cells, DNA serves to store genetic 
information. Specific segments of DNA 
(“genes”) are transcribed as needed into 
RNAs, which either carry out structural or 
catalytic tasks themselves or provide the basis 
for synthesizing proteins (see p.82). In the 
latter case, the DNA codes for the primary 
structure of proteins. The “language” used in 
this process has four letters (A, G, C, and T). All 
of the words (“codons”) contain three letters 
(“triplets”), and each triplet stands for one of 
the 20 proteinogenic amino acids. 

The two strands of DNA are not function- 
ally equivalent. The template strand (the (-) 
strand or “codogenic strand,” shown in light 
gray in Fig.1) is the one that is read during the 
synthesis of RNA (transcription; see p. 242). 
Its sequence is complementary to the RNA 
formed. The sense strand (the (+) strand or 
“coding strand,” shown in color in Figs. 1 and 
2) has the same sequence as the RNA, except 
that T is exchanged for U. By convention, it is 
agreed that gene sequences are expressed by 
reading the sequence of the sense strand in 
the 5’-3’ direction. Using the genetic code 
(see p. 248), in this case the protein sequence 
(3) is obtained directly in the reading direc- 
tion usual for proteins—i. e., from the N termi- 
nus to the C terminus. 
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Molecular models: DNA and RNA 


The illustration opposite shows selected nuc- 
leic acid molecules. Fig. A shows various con- 
formations of DNA, and Fig. B shows the spa- 
tial structures of two small RNA molecules. In 
both, the van der Waals models (see p.6) are 
accompanied by ribbon diagrams that make 
the course of the chains clear. In all of the 
models, the polynucleotide “backbone” of 
the molecule is shown in a darker color, while 
the bases are lighter. 


A. DNA: conformation O 


Investigations of synthetic DNA molecules 
have shown that DNA can adopt several dif- 
ferent conformations. All of the DNA seg- 
ments shown consist of 21 base pairs (bp) 
and have the same sequence. 

By far the most common form is B-DNA (2). 
As discussed on p.84, this consists of two 
antiparallel polydeoxynucleotide strands in- 
tertwined with one another to form a right- 
handed double helix. The “backbone” of these 
strands is formed by deoxyribose and phos- 
phate residues linked by phosphoric acid di- 
ester bonds. 

In the B conformation, the aromatic rings of 
the nucleobases are stacked at a distance of 
0.34 nm almost at right angles to the axis of 
the helix. Each base is rotated relative to the 
preceding one by an angle of 35°. A complete 
turn of the double helix (360°) therefore con- 
tains around 10 base pairs (abbreviation: bp), 
i.e., the pitch of the helix is 3.4 nm. Between 
the backbones of the two individual strands 
there are two grooves with different widths. 
The major groove is visible at the top and 
bottom, while the narrower minor groove is 
seen in the middle. DNA-binding proteins and 
transcription factors (see pp. 118, 244) usually 
enter into interactions in the area of the major 
groove, with its more easily accessible bases. 

In certain conditions, DNA can adopt the A 
conformation (1). In this arrangement, the 
double helix is still right-handed, but the 
bases are no longer arranged at right angles 
to the axis of the helix, as in the B form. As can 
be seen, the A conformation is more compact 
than the other two conformations. The minor 
groove almost completely disappears, and the 
major groove is narrower than in the B form. 


A-DNA arises when B-DNA is dehydrated. It 
probably does not occur in the cell. 

In the Z-conformation (3), which can occur 
within GC-rich regions of B-DNA, the organ- 
ization of the nucleotides is completely differ- 
ent. In this case, the helix is left-handed, and 
the backbone adopts a characteristic zig-zag 
conformation (hence “Z-DNA”). The Z double 
helix has a smaller pitch than B-DNA. DNA 
segments in the Z conformation probably 
have physiological significance, but details 
are not yet known. 


B. RNA © 


RNA molecules are unable to form extended 
double helices, and are therefore less highly 
ordered than DNA molecules. Nevertheless, 
they have defined secondary and tertiary 
structures, and a large proportion of the nu- 
cleotide components enter into base pairings 
with other nucleotides. The examples shown 
here are 5S-rRNA (see p. 242), which occurs as 
a structural component in ribosomes, and a 
tRNA molecule from yeast (see p.82) that is 
specific for phenylalanine. 

Both molecules are folded in such a way 
that the 3’ end and the 5’ end are close to- 
gether. As in DNA, most of the bases are lo- 
cated in the inside of the structures, while the 
much more polar “backbone” is turned out- 
wards. An exception to this is seen in the 
three bases of the anticodon of the tRNA 
(pink), which have to interact with mRNA 
and therefore lie on the surface of the mole- 
cule. The bases of the conserved CCA triplet at 
the 3’ end (red) also jut outward. During 
amino acid activation (see p.248), they are 
recognized and bound by the ligases. 
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Enzymes: basics 


Enzymes are biological catalysts—i.e., sub- 
stances of biological origin that accelerate 
chemical reactions (see p.24). The orderly 
course of metabolic processes is only possible 
because each cell is equipped with its own 
genetically determined set of enzymes. It is 
only this that allows coordinated sequences 
of reactions (metabolic pathways; see p. 112). 
Enzymes are also involved in many regulatory 
mechanisms that allow the metabolism to 
adapt to changing conditions (see p. 114). Al- 
most all enzymes are proteins. However, 
there are also catalytically active ribonucleic 
acids, the “ribozymes” (see pp. 246, 252). 


A. Enzymatic activity @ 


The catalytic action of an enzyme, its activity, 
is measured by determining the increase in 
the reaction rate under precisely defined con- 
ditions—i. e., the difference between the turn- 
over (violet) of the catalyzed reaction (or- 
ange) and uncatalyzed reaction (yellow) in a 
specific time interval. Normally, reaction rates 
are expressed as the change in concentration 
per unit of time (mol 17’ s7!; see p.22). 
Since the catalytic activity of an enzyme is 
independent of the volume, the unit used 
for enzymes is usually turnover per unit time, 
expressed in katal (kat, mol s-!). However, 
the international unit U is still more com- 
monly used (umol turnover min@!; 1U = 
16.7 nkat). 


B. Reaction and substrate specificity @ 


The action of enzymes is usually very specific. 
This applies not only to the type of reaction 
being catalyzed (reaction specificity), but also 
to the nature of the reactants (“substrates”) 
that are involved (substrate specificity; see 
p.94). In Fig. B, this is illustrated schemati- 
cally using a bond-breaking enzyme as an 
example. Highly specific enzymes (type A, 
top) catalyze the cleavage of only one type 
of bond, and only when the structure of the 
substrate is the correct one. Other enzymes 
(type B, middle) have narrow reaction specif- 
icity, but broad substrate specificity. Type C 
enzymes (with low reaction specificity and 
low substrate specificity, bottom) are very 
rare. 


C. Enzyme classes ® 


More than 2000 different enzymes are cur- 
rently known. A system of classification has 
been developed that takes into account both 
their reaction specificity and their substrate 
specificity. Each enzyme is entered in the En- 
zyme Catalogue with a four-digit Enzyme 
Commission number (EC number). The first 
digit indicates membership of one of the six 
major classes. The next two indicate sub- 
classes and subsubclasses. The last digit indi- 
cates where the enzyme belongs in the sub- 
subclass. For example, lactate dehydrogenase 
(see pp.98-101) has the EC number 1.1.1.27 
(class 1, oxidoreductases; subclass 1.1, CH-OH 
group as electron donor; sub-subclass 1.1.1, 
NAD(P)* as electron acceptor). 

Enzymes with similar reaction specificities 
are grouped into each of the six major classes: 

The oxidoreductases (class 1) catalyze the 
transfer of reducing equivalents from one re- 
dox system to another. 

The transferases (class 2) catalyze the 
transfer of other groups from one molecule 
to another. Oxidoreductases and transferases 
generally require coenzymes (see pp. 104ff.). 

The hydrolases (class 3) are also involved in 
group transfer, but the acceptor is always a 
water molecule. 

Lyases (class 4, often also referred to as 
“synthases”) catalyze reactions involving ei- 
ther the cleavage or formation of chemical 
bonds, with double bonds either arising or 
disappearing. 

The isomerases (class 5) move groups 
within a molecule, without changing the 
gross composition of the substrate. 

The ligation reactions catalyzed by ligases 
(“synthetases,” class 6) are energy-dependent 
and are therefore always coupled to the hy- 
drolysis of nucleoside triphosphates. 


In addition to the enzyme name, we also 
usually give its EC number. The annotated 
enzyme list (pp.420ff.) includes all of the en- 
zymes mentioned in this book, classified ac- 
cording to the Enzyme Catalog system. 
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Enzyme catalysis 


Enzymes are extremely effective catalysts. 
They can increase the rate of a catalyzed re- 
action by a factor of 10’? or more. To grasp the 
mechanisms involved in enzyme catalysis, we 
can start by looking at the course of an un- 
catalyzed reaction more closely. 


A. Uncatalyzed reaction O 


The reaction A + B -> C + D is used as an 
example. In solution, reactants A and B are 
surrounded by a shell of water molecules 
(the hydration shell), and they move in ran- 
dom directions due to thermal agitation. They 
can only react with each other if they collide 
in a favorable orientation. This is not very 
probable, and therefore only occurs rarely. 
Before conversion into the products C + D, 
the collision complex A-B has to pass through 
a transition state, the formation of which usu- 
ally requires a large amount of activation 
energy, E, (see p.22). Since only a few A-B 
complexes can produce this amount of en- 
ergy, a productive transition state arises 
even less often than a collision complex. In 
solution, a large proportion of the activation 
energy is required for the removal of the hy- 
dration shells between A and B. However, 
charge displacements and other chemical 
processes within the reactants also play a 
role. As a result of these limitations, conver- 
sion only happens occasionally in the absence 
of a catalyst, and the reaction rate v is low, 
even when the reaction is thermodynamically 
possible—i.e., when AG < 0 (see p. 18). 


B. Enzyme-catalyzed reaction ® 


Shown here is a sequential mechanism in 
which substrates A and B are bound and prod- 
ucts C and D are released, in that order. An- 
other possible reaction sequence, known as 
the “ping-pong mechanism,” is discussed on 
p. 94. 

Enzymes are able to bind the reactants 
(their substrates) specifically at the active cen- 
ter. In the process, the substrates are oriented 
in relation to each other in such a way that 
they take on the optimal orientation for the 
formation of the transition state (1-3). The 
proximity and orientation of the substrates 
therefore strongly increase the likelihood 


that productive A-B complexes will arise. In 
addition, binding of the substrates results in 
removal of their hydration shells. As a result 
of the exclusion of water, very different con- 
ditions apply in the active center of the en- 
zyme during catalysis than in solution (3-5). 
A third important factor is the stabilization of 
the transition state as a result of interactions 
between the amino acid residues of the pro- 
tein and the substrate (4). This further re- 
duces the activation energy needed to create 
the transition state. Many enzymes also take 
up groups from the substrates or transfer 
them to the substrates during catalysis. 

Proton transfers are particularly common. 
This acid-base catalysis by enzymes is much 
more effective than the exchange of protons 
between acids and bases in solution. In many 
cases, chemical groups are temporarily bound 
covalently to the amino acid residues of the 
enzyme or to coenzymes during the catalytic 
cycle. This effect is referred to as covalent 
catalysis (see the transaminases, for example; 
p.178). The principles of enzyme catalysis 
sketched out here are discussed in greater 
detail on p.100 using the example of lactate 
dehydrogenase. 


C. Principles of enzyme catalysis @ 


Although it is dif cult to provide quantitative 
estimates of the contributions made by indi- 
vidual catalytic effects, it is now thought that 
the enzyme’s stabilization of the transition 
state is the most important factor. It is not 
tight binding of the substrate that is impor- 
tant, therefore—this would increase the acti- 
vation energy required by the reaction, rather 
than reducing it—but rather the binding of the 
transition state. This conclusion is supported 
by the very high af nity of many enzymes for 
analogues of the transition state (see p.96). A 
simple mechanical analogy may help clarify 
this (right). To transfer the metal balls (the 
reactants) from location EA (the substrate 
state) via the higher-energy transition state 
to EP (the product state), the magnet (the 
catalyst) has to be orientated in such a way 
that its attractive force acts on the transition 
state (bottom) rather than on EA (top). 
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Enzyme kinetics | 


The kinetics of enzyme-catalyzed reactions 
(i.e., the dependence of the reaction rate on 
the reaction conditions) is mainly determined 
by the properties of the catalyst. It is therefore 
more complex than the kinetics of an uncata- 
lyzed reaction (see p.22). Here we discuss 
these issues using the example of a simple 
first-order reaction (see p. 22) 


A. Michaelis-Menten kinetics ® 


In the absence of an enzyme, the reaction rate v 
is proportional to the concentration of sub- 
stance A (top). The constant k is the rate con- 
stant of the uncatalyzed reaction. Like all cat- 
alysts, the enzyme E (total concentration [E],) 
creates a new reaction pathway. Initially, A is 
bound to E (partial reaction 1, left). If this 
reaction is in chemical equilibrium, then 
with the help of the law of mass action—and 
taking into account the fact that [E], = [E] + 
[EA]—one can express the concentration [EA] 
of the enzyme-substrate complex as a func- 
tion of [A] (left). The Michaelis constant K,, 
thus describes the state of equilibrium of the 
reaction. In addition, we know that k,.; > k—in 
other words, enzyme-bound substrate reacts 
to B much faster than A alone (partial reaction 
2, right). k.3,, the enzyme’s turnover number, 
corresponds to the number of substrate mol- 
ecules converted by one enzyme molecule per 
second. Like the conversion A —> B, the forma- 
tion of B from EA is a first-order reaction—i. e., 
v = k [EA] applies. When this equation is 
combined with the expression already de- 
rived for EA, the result is the Michaelis— 
Menten equation. 

In addition to the variables v and [A], the 
equation also contains two parameters that do 
not depend on the substrate concentration 
[A], but describe properties of the enzyme 
itself: the product k.a [El], is the limiting 
value for the reaction rate at a very high [A], 
the maximum velocity Va. of the reaction 
(recommended abbreviation: V). The Michae- 
lis constant K,, characterizes the af nity of the 
enzyme for a substrate. It corresponds to the 
substrate concentration at which v reaches 
half of Vmax (if v = Vmax/2, then [A]/(Km + 
[A]) = 1/2, i.e. [A] is then = K,,). A high af nity 
of the enzyme for a substrate therefore leads 
to a low K,, value, and vice versa. Of the two 


enzymes whose substrate saturation curves 
are shown in diagram 1, enzyme 2 has the 
higher af nity for A [Km=1mmol 1°); 
Vmax by contrast, is much lower than with 
enzyme 1. 

Since v approaches V asymptotically with 
increasing values of [A], it is dif cult to obtain 
reliable values for V,,3x—and thus for K,, as 
well—from diagrams plotting v against [A]. To 
get around this, the Michaelis-Menten equa- 
tion can be arranged in such a way that the 
measured points lie on a straight line. In the 
Lineweaver-Burk plot (2), 1/v is plotted 
against 1/[A]. The intersections of the line of 
best fit with the axes then produce 1/Vmax 
and—1/K,,. This type of diagram is very clear, 
but for practical purposes it is less suitable for 
determining Vax and K,,. Calculation meth- 
ods using personal computers are faster and 
more objective. 


B. Isosteric and allosteric enzymes 


Many enzymes can occur in various conforma- 
tions (see p. 72), which have different catalytic 
properties and whose proportion of the total 
number of enzyme molecules is influenced by 
substrates and other ligands (see pp.116 and 
280, for example). Allosteric enzymes of this 
type, which are usually present in oligomeric 
form, can be recognized by their S-shaped 
(sigmoidal) saturation curves, which cannot 
be described using the Michaelis model. In 
the case of isosteric enzymes (with only one 
enzyme conformation, 1), the ef ciency of 
substrate binding (dashed curve) declines 
constantly with increasing [A], because the 
number of free binding sites is constantly 
decreasing. In most allosteric enzymes (2), 
the binding ef ciency initially rises with in- 
creasing [A], because the free enzyme is 
present in a low-af nity conformation 
(square symbols), which is gradually con- 
verted into a higher-af nity form (round sym- 
bols) as a result of binding with A. It is only at 
high [A] values that a lack of free binding sites 
becomes noticeable and the binding strength 
decreases again. In other words, the af nity of 
allosteric enzymes is not constant, but de- 
pends on the type and concentration of the 
ligand. 
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Enzyme kinetics II 


The catalytic properties of enzymes, and con- 
sequently their activity (see p.90), are influ- 
enced by numerous factors, which all have to 
be optimized and controlled if activity meas- 
urements are to be carried out in a useful and 
reproducible fashion. These factors include 
physical quantities (temperature, pressure), 
the chemical properties of the solution (pH 
value, ionic strength), and the concentrations 
of the relevant substrates, cofactors, and in- 
hibitors. 


A. pH and temperature dependency of 
enzyme activity O 


The effect of enzymes is strongly dependent 
on the pH value (see p. 30). When the activity 
is plotted against pH, a bell-shaped curve is 
usually obtained (1). With animal enzymes, 
the pH optimum-—i.e., the pH value at which 
enzyme activity is at its maximum—is often 
close to the pH value of the cells (i.e., pH 7). 
However, there are also exceptions to this. For 
example, the proteinase pepsin (see p.270), 
which is active in the acidic gastric lumen, 
has a pH optimum of 2, while other enzymes 
(at least in the test tube) are at their most 
active at pH values higher than 9. The bell 
shape of the activity-pH profile results from 
the fact that amino acid residues with ioniz- 
able groups in the side chain are essential for 
catalysis. In example (1), these are a basic 
group B (pK, = 8), which has to be protonated 
in order to become active, and a second acidic 
amino acid AH (pK, = 6), which is only active 
in a dissociated state. At the optimum pH of 7, 
around 90% of both groups are present in the 
active form; at higher and lower values, one 
or the other of the groups increasingly passes 
into the inactive state. 

The temperature dependency of enzymatic 
activity is usually asymmetric. With increas- 
ing temperature, the increased thermal 
movement of the molecules initially leads to 
a rate acceleration (see p.22). At a certain 
temperature, the enzyme then becomes un- 
stable, and its activity is lost within a narrow 
temperature difference as a result of denatu- 
ration (see p. 74). The optimal temperatures of 
the enzymes in higher organisms rarely ex- 
ceed 50 °C, while enzymes from thermophilic 
bacteria found in hot springs, for instance, 
may still be active at 100 °C. 


B. Substrate specificity ® 


Enzymes “recognize” their substrates in a 
highly specific way (see p.88). It is only the 
marked substrate specificity of the enzymes 
that makes a regulated metabolism possible. 
This principle can be illustrated using the ex- 
ample of the two closely related proteinases 
trypsin and chymotrypsin. Both belong to the 
group of serine proteinases and contain the 
same “triad” of catalytically active residues 
(Asp-His-Ser, shown here in green; see 
p.176). Trypsin selectively cleaves peptide 
bonds on the C-terminal side of basic amino 
acids (lysine and arginine), while chymotryp- 
sin is specific for hydrophobic residues. The 
substrate binding “pockets” of both enzymes 
have a similar structure, but their amino acid 
sequences differ slightly. In trypsin, a nega- 
tively charged aspartate residue (Asp-189, 
red) is arranged in such a way that it can 
bind and fix the basic group in the side chain 
of the substrate. In chymotrypsin, the “bind- 
ing pocket” is slightly narrower, and it is lined 
with neutral and hydrophobic residues that 
stabilize the side chains of apolar substrate 
amino acids through hydrophobic interac- 
tions (see p. 28). 


C. Bisubstrate kinetics O 


Almost all enzymes—in contrast to the sim- 
plified description given on p.92—have more 
than one substrate or product. On the other 
hand, it is rare for more than two substrates to 
be bound simultaneously. In bisubstrate reac- 
tions of the type A + B > C+D, a number of 
reaction sequences are possible. In addition to 
the sequential mechanisms (see p.90), in 
which all substrates are bound in a specific 
sequence before the product is released, there 
are also mechanisms in which the first sub- 
strate A is bound and immediately cleaved. A 
part of this substrate remains bound to the 
enzyme, and is then transferred to the second 
substrate B after the first product C has been 
released. This is known as the ping-pong 
mechanism, and it is used by transaminases, 
for example (see p.178). In the Lineweaver— 
Burk plot (right; see p.92), it can be recog- 
nized in the parallel shifting of the lines when 
[B] is varied. 
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Inhibitors 


Many substances can affect metabolic pro- 
cesses by influencing the activity of 
enzymes. Enzyme inhibitors are particularly 
important here. A large proportion of 
medicines act as enzyme inhibitors. Enzyme- 
kinetic experiments are therefore an impor- 
tant aspect of drug development and testing 
procedures. Natural metabolites are also in- 
volved in regulatory processes as inhibitors 
(see p. 114). 


A. Types of inhibitor ® 


Most enzyme inhibitors act reversibly—i.e., 
they do not cause any permanent changes in 
the enzyme. However, there are also irrever- 
sible inhibitors that permanently modify the 
target enzyme. The mechanism of action of an 
inhibitor—its inhibition type—can be deter- 
mined by comparing the kinetics (see p.92) 
of the inhibited and uninhibited reactions (B). 
This makes it possible to distinguish compet- 
itive inhibitors (left) from noncompetitive 
inhibitors (right), for example. Allosteric 
inhibition is particularly important for meta- 
bolic regulation (see below). 

Substrate analogs (2) have properties sim- 
ilar to those of one of the substrates of the 
target enzyme. They are bound by the en- 
zyme, but cannot be converted further and 
therefore reversibly block some of the enzyme 
molecules present. A higher substrate concen- 
tration is therefore needed to achieve a half- 
maximum rate; the Michaelis constant K,, 
increases (B). High concentrations of the sub- 
strate displace the inhibitor again. The max- 
imum rate V,,ax is therefore not influenced by 
this type of inhibition. Because the substrate 
and the inhibitor compete with one another 
for the same binding site on the enzyme, this 
type of inhibition is referred to as compe- 
titive. Analogs of the transition state (3) usu- 
ally also act competitively. 

When an inhibitor interacts with a group 
that is important for enzyme activity, but does 
not affect binding of the substrate, the inhi- 
bition is non-competitive (right). In this case, 
K,, remains unchanged, but the concentration 
of functional enzyme [E],, and thus Vax, de- 
crease. Non-competitive inhibitors generally 
act irreversibly, by modifying functional 
groups of the target enzyme (4). 


“Suicide substrates” (5) are substrate ana- 
logs that also contain a reactive group. Ini- 
tially, they bind reversibly, and then they 
form a covalent bond with the active center 
of the enzyme. Their effect is therefore also 
non-competitive. A well-known example of 
this is the antibiotic penicillin (see p.254). 

Allosteric inhibitors bind to a separate 
binding site outside the active center (6). 
This results in a conformational change in 
the enzyme protein that indirectly reduces 
its activity (see p.116). Allosteric effects prac- 
tically only occur in oligomeric enzymes. The 
kinetics of this type of system can no longer 
be described using the simple Micha- 
elis-Menten model. 


B. Inhibition kinetics O 


In addition to the Lineweaver-Burk plot (see 
p.92), the Eadie-Hofstee plot is also com- 
monly used. In this case, the velocity v is 
plotted against v /[A]. In this type of plot, 
Vmax Corresponds to the intersection of the 
approximation lines with the v axis, while 
Km is derived from the gradient of the lines. 
Competitive and non-competitive inhibitors 
are also easily distinguishable in the Eadie— 
Hofstee plot. As mentioned earlier, competi- 
tive inhibitors only influence K,, and not 
Vmax: Lhe lines obtained in the absence and 
presence of an inhibitor therefore intersect on 
the ordinate. Non-competitive inhibitors pro- 
duce lines that have the same slope (K,, un- 
changed) but intersect with the ordinate at a 
lower level. Another type of inhibitor, not 
shown here, in which V,,,x and K,, are re- 
duced by the same factor, is referred to as 
uncompetitive. Inhibitors with purely uncom- 
petitive effects are rare. A possible explana- 
tion for this type of inhibition is selective 
binding of the inhibitor to the EA complex. 

Allosteric enzymes shift the target en- 
zyme’s saturation curve to the left (see 
p. 92). In Eadie—Hofstee and Lineweaver-Burk 
plots (see p.92), allosteric enzymes are recog- 
nizable because they produce curved lines 
(not shown). 
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98 Metabolism 


Lactate dehydrogenase: structure 


Lactate dehydrogenase (LDH, EC 1.1.1.27) is 
discussed in some detail here and on the 
next page as an example of the structure 
and function of an enzyme. 


A. Lactate dehydrogenase: structure O 


The active form of lactate dehydrogenase 
(mass 144 kDa) is a tetramer consisting of 
four subunits (1). Each monomer is formed 
by a peptide chain of 334 amino acids 
(36 kDa). In the tetramer, the subunits 
occupy equivalent positions (1); each mono- 
mer has an active center. Depending on met- 
abolic conditions, LDH catalyzes NADH-de- 
pendent reduction of pyruvate to lactate, or 
NAD*-dependent oxidation of lactate to pyru- 
vate (see p. 18). 

The active center of an LDH subunit is 
shown schematically in Fig. 2. The peptide 
backbone is shown as a light blue tube. Also 
shown are the substrate lactate (red), the 
coenzyme NAD” (yellow), and three amino 
acid side chains (Arg-109, Arg-171, and His- 
195; green), which are directly involved in the 
catalysis. A peptide loop (pink) formed by 
amino acid residues 98-111 is also shown. In 
the absence of substrate and coenzyme, this 
partial structure is open and allows access to 
the substrate binding site (not shown). In the 
enzyme lactate NAD* complex shown, the 
peptide loop closes the active center. The cat- 
alytic cycle of lactate dehydrogenase is dis- 
cussed on the next page. 


B. Isoenzymes O 


There are two different LDH subunits in the 
organism—M and H—which have a slightly 
different amino acid sequence and conse- 
quently different catalytic properties. As these 
two subunits can associate to form tetramers 
randomly, a total of five different isoenzymes 
of LDH are found in the body. 

Fig. 1 shows sections from the amino acid 
sequences of the two subunits, using the sin- 
gle-letter notation (see p.60). Acommon pre- 
cursor gene was probably duplicated at some 
point in evolution. The two genes then con- 
tinued to develop further independently of 
each other through mutation and selection. 


The differences in sequence between the M 
and H subunits are mainly conservative—i.e., 
both residues are of the same type, e.g. gly- 
cine (G) and alanine (A), or arginine (R) and 
lysine (K). Non-conservative exchanges are 
less frequent—e.g., lysine (K) for glutamine 
(Q), or threonine (T) for glutamic acid (E). 
Overall, the H subunit contains more acidic 
and fewer basic residues than the M form, and 
it therefore has a more strongly negative 
charge. This fact is exploited to separate the 
isoenzymes using electrophoresis (2; see 
pp. 78, 276). The isoenzyme LDH-1, consisting 
of four H subunits, migrates fastest, and the 
M, isoenzyme is slowest. 


The separation and analysis of isoenzymes 
in blood samples is important in the diagnosis 
of certain diseases. Normally, only small 
amounts of enzyme activity are found in se- 
rum. When an organ is damaged, intracellular 
enzymes enter the blood and can be demon- 
strated in it (serum enzyme diagnosis). The 
total activity of an enzyme reflects the se- 
verity of the damage, while the type of iso- 
enzyme found in the blood provides evidence 
of the site of cellular injury, since each of the 
genes is expressed in the various organs at 
different levels. For example, the liver and 
skeletal muscles mainly produce M subunits 
of lactate dehydrogenase (M for muscle), 
while the brain and cardiac muscle mainly 
express H subunits (H for heart). In conse- 
quence, each organ has a characteristic isoen- 
zyme pattern (3). Following cardiac infarction, 
for example, there is a strong increase in the 
amount of LDH-1 in the blood, while the con- 
centration of LDH-5 hardly changes. The iso- 
enzymes of creatine kinase (see p.336) are 
also of diagnostic importance. 
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Lactate dehydrogenase: 
mechanism 


The principles of enzyme catalysis discussed 
on p.90 can be illustrated using the reaction 
mechanism of lactate dehydrogenase (LDH) 
as an example. 


A. Lactate dehydrogenase: catalytic cycle O 


LDH catalyzes the transfer of hydride ions (see 
p. 32) from lactate to NAD* or from NADH to 
pyruvate. 


L-lactate + NAD* «pyruvate + NADH + H* 


The equilibrium of the reaction strongly fa- 
vors lactate formation. At high concentrations 
of lactate and NAD*, however, oxidation of 
lactate to pyruvate is also possible (see 
p.18). LDH catalyzes the reaction in both di- 
rections, but—like all enzymes—it has no ef- 
fect on chemical equilibrium. 

As the reaction is reversible, the catalytic 
process can be represented as a closed loop. 
The catalytic cycle of LDH is reduced to six 
“snapshots” here. Intermediate steps in catal- 
ysis such as those shown here are extremely 
short-lived and therefore dif cult to detect. 
Their existence was deduced indirectly from a 
large number of experimental findings—e. g., 
kinetic and binding measurements. 

Many amino acid residues play a role in the 
active center of LDH. They can mediate the 
binding of the substrate and coenzyme, or 
take part in one of the steps in the catalytic 
cycle directly. Only the side chains of three 
particularly important residues are shown 
here. The positively charged guanidinium 
group of arginine-171 binds the carboxylate 
group of the substrate by electrostatic inter- 
action. The imidazole group of histidine-195 is 
involved in acid-base catalysis, and the side 
chain of arginine-109 is important for the sta- 
bilization of the transition state. In contrast to 
His-195, which changes its charge during cat- 
alysis, the two essential arginine residues are 
constantly protonated. In addition to these 
three residues, the peptide loop 98-111 men- 
tioned on p.98 is also shown here schemati- 
cally (red). Its function consists of closing the 
active center after binding of the substrate 


and coenzyme, so that water molecules are 
largely excluded during the electron transfer. 

We can now look at the partial reactions 
involved in LDH-catalyzed pyruvate reduc- 
tion. 


In the free enzyme, His195 is protonated 
(1). This form of the enzyme is therefore de- 
scribed as E H*. The coenzyme NADH is 
bound first (2), followed by pyruvate (3). It 
is important that the carbonyl group of the 
pyruvate in the enzyme and the active site in 
the nicotinamide ring of the coenzyme should 
have a fairly optimal position in relation to 
each other, and that this orientation should 
become fixed (proximity and orientation of the 
substrates). The 98-111 loop now closes over 
the active center. This produces a marked 
decrease in polarity, which makes it easier 
to achieve the transition state (4; water ex- 
clusion). In the transition state, a hydride ion, 
H™ (see p.32), is transferred from the coen- 
zyme to the carbonyl carbon (group transfer). 
The transient—and energetically unfavora- 
ble—negative charge on the oxygen that oc- 
curs here is stabilized by electrostatic inter- 
action with Arg-109 (stabilization of the tran- 
sition state). At the same time, a proton from 
His-195 is transferred to this oxygen atom 
(group transfer), giving rise to the enzyme- 
bound products lactate and NAD* (5). After 
the loop opens, lactate dissociates from the 
enzyme, and the temporarily uncharged imi- 
dazole group in His-195 again binds a proton 
from the surrounding water (6). Finally, the 
oxidized coenzyme NAD* is released, and the 
initial state (1) is restored. As the diagram 
shows, the proton that appears in the reaction 
equation (NADH + H’) is not bound together 
with NADH, but after release of the lacta- 
te—i.e., between steps (5) and (6) of the 
previous cycle. 

Exactly the same steps occur during the 
oxidation of lactate to pyruvate, but in the 
opposite direction. As mentioned earlier, the 
direction which the reaction takes depends 
not on the enzyme, but on the equilibrium 
state—i.e., on the concentrations of all the 
reactants and the pH value (see p. 18). 
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102 Metabolism 


Enzymatic analysis 


Enzymes play an important role in biochem- 
ical analysis. In biological material—e.g., in 
body fluids—even tiny quantities of an en- 
zyme can be detected by measuring its cata- 
lytic activity. However, enzymes are also used 
as reagents to determine the concentrations 
of metabolites—e.g., the blood glucose level 
(C). Most enzymatic analysis procedures use 
the method of spectrophotometry (A). 


A. Principle of spectrophotometry O 


Many substances absorb light in the visible or 
ultraviolet region of the spectrum. This prop- 
erty can be used to determine the concentra- 
tion of such a substance. The extent of light 
absorption depends on the type and concen- 
tration of the substance and on the wave- 
length of the light used. Monochromatic 
light—i.e., light with a defined wavelength 
isolated from white light using a monochrom- 
ator—is therefore used. Monochromatic light 
with an intensity of Ig is passed through a 
rectangular vessel made of glass or quartz (a 
cuvet), which contains a solution of the ab- 
sorbing substance. The absorption A of the 
solution (often also referred to as its extinc- 
tion) is defined as the negative decadic loga- 
rithm of the quotient I/Ip. The Beer-Lambert 
law states that A is proportional to the con- 
centration c of the absorbing substance and 
the thickness d of the solution it passes 
through. As mentioned earlier, the absorption 
coef «cient « depends on the type of substance 
and the wavelength. 


B. Measurement of lactate dehydrogenase 
activity O 


Measurement of lactate dehydrogenase (LDH) 
activity takes advantage of the fact that while 
the reduced coenzyme NADH + H™ absorbs 
light at 340 nm, oxidized NAD* does not. Ab- 
sorption spectra (i.e., plots of A against the 
wavelength) for the substrates and the coen- 
zymes of the LDH reaction are shown in Fig. 1. 
Differences in absorption behavior between 
NAD* and NADH between 300 and 400 nm 
result from changes in the nicotinamide ring 
during oxidation or reduction (see p. 32). To 
measure the activity, a solution containing 
lactate and NAD* is placed in a cuvet, and 


absorption is recorded at a_ constant 
wavelength of 340 nm. The uncatalyzed LDH 
reaction is very slow. It is only after addition 
of the enzyme that measurable quantities of 
NADH are formed and absorption increases. 
Since according to the Beer-Lambert law the 
rate of the increase in absorption AA/At is 
proportional to the reaction rate Ac/At. The 
absorption coef cient ¢ at 340 nm or compar- 
ison with a standard solution can be used to 
calculate LDH activity. 


C. Enzymatic determination of glucose O 


Most biomolecules do not show any absorp- 
tion in the visible or ultraviolet spectrum. In 
addition, they are usually present in the form 
of mixtures with other—similar—compounds 
that would also react to a chemical test pro- 
cedure. These two problems can be avoided 
by using an appropriate enzyme to produce a 
colored dye selectively from the metabolite 
that is being analyzed. The absorption of the 
dye can then be measured. 

A procedure (1) that is often used to mea- 
sure glucose when monitoring blood glucose 
levels (see p. 160) involves two successive re- 
actions. The glucose-specific enzyme glucose 
oxidase (obtained from fungi) first produces 
hydrogen peroxide, HzO, which in the second 
step—catalyzed by a peroxidase—oxidizes a 
colorless precursor into a green dye (2). 
When all of the glucose in the sample has 
been used up, the amount of dye formed— 
which can be measured on the basis of its 
light absorption—is equivalent to the quantity 
of glucose originally present. 
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Coenzymes 1 


A. Coenzymes: definitions @ 


In many enzyme-catalyzed reactions, elec- 
trons or groups of atoms are transferred 
from one substrate to another. This type of 
reaction always also involves additional mol- 
ecules, which temporarily accept the group 
being transferred. Helper molecules of this 
type are called coenzymes. As they are not 
catalytically active themselves, the less fre- 
quently used term “cosubstrate” would be 
more appropriate. In contrast to substrates 
for which a given enzyme is usually specific 
(see p. 88), coenzymes cooperate with many 
enzymes of varying substrate specificity. We 
have rather arbitrarily divided the coenzymes 
here into group-transferring and redox coen- 
zymes. Strictly speaking, redox coenzymes 
also transfer groups—namely, reducing equiv- 
alents (see p. 32). 

Depending on the type of interaction with 
the enzyme, a distinction is made between 
soluble coenzymes and prosthetic groups. 
Soluble coenzymes (1) are bound like 
substrates during a reaction, undergo a chem- 
ical change, and are then released again. The 
original form of the coenzyme is regenerated 
by a second, independent reaction. Prosthetic 
groups (2), on the other hand, are coenzymes 
that are tightly bound to the enzyme and re- 
main associated with it during the reaction. 
The part of the substrate bound by the coen- 
zyme is later transferred to another substrate 
or coenzyme of the same enzyme (not shown 
in Fig. 2). 


B. Redox coenzymes 1 O 


All oxidoreductases (see p. 88) require coen- 
zymes. The most important of these redox 
coenzymes are shown here. They can act in 
soluble form (S) or prosthetically (P). Their 
normal potentials E” are shown in addition 
to the type of reducing equivalent that they 
transfer (see p. 18). 

The pyridine nucleotides NAD* and NADP* 
(1) are widely distributed as coenzymes of 
dehydrogenases. They transport hydride ions 
(2e- and 1 H’*; see p. 32) and always act in 
soluble form. NAD* transfers reducing equiv- 
alents from catabolic pathways to the respi- 
ratory chain and thus contributes to energy 


metabolism. In contrast, reduced NADP” is the 
most important reductant involved in biosyn- 
thesis (see p. 112). 

The flavin coenzymes FMN and FAD (2, 3) 
contain flavin (isoalloxazine) as a redox-active 
group. This is a three-membered, N-contain- 
ing ring system that can accept a maximum of 
two electrons and two protons during reduc- 
tion. FMN carries the phosphorylated sugar 
alcohol ribitol at the flavin ring. FAD arises 
from FMN through bonding with AMP. The 
two coenzymes are functionally similar. 
They are found in dehydrogenases, oxidases, 
and monooxygenases. In contrast to the pyri- 
dine nucleotides, flavin reactions give rise to 
radical intermediates (see p. 32). To prevent 
damage to cell components, the flavins al- 
ways remain bound as prosthetic groups in 
the enzyme protein. 

The role of ubiquinone (coenzyme Q, 4) in 
transferring reducing equivalents in the res- 
piratory chain is discussed on p. 140. During 
reduction, the quinone is converted into the 
hydroquinone (ubiquinol). The isoprenoid side 
chain of ubiquinone can have various lengths. 
It holds the molecule in the membrane, where 
it is freely mobile. Similar coenzymes are also 
found in photosynthesis (plastoquinone; see 
p. 132). Vitamins E and K (see p. 52) also be- 
long to the quinone/hydroquinone systems. 

L-Ascorbic acid (vitamin C, 5) is a powerful 
reducing agent. As an antioxidant, it provides 
nonspecific protection against oxidative dam- 
age (see p. 284), but it is also an essential 
cofactor for various monooxygenases and di- 
oxygenases. Ascorbic acid is involved in the 
hydroxylation of proline and lysine residues 
during the biosynthesis of collagen (see 
p. 344), in the synthesis of catecholamines 
(see p. 352) and bile acids (see p. 314), as 
well as in the breakdown of tyrosine (see 
p. 415). The reduced form of the coenzyme 
is a relatively strong acid and forms salts, 
the ascorbates. The oxidized form is known 
as dehydroascorbic acid. The stimulation of 
the immune system caused by ascorbic acid 
has not yet been fully explained. 
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Coenzymes 2 


A. Redox coenzymes 2 ® 


In lipoic acid (6), an intramolecular disulfide 
bond functions as a redox-active structure. As 
a result of reduction, it is converted into the 
corresponding dithiol. As a prosthetic group, 
lipoic acid is usually covalently bound to a 
lysine residue (R) of the enzyme, and it is 
then referred to as lipoamide. Lipoamide is 
mainly involved in oxidative decarboxylation 
of 2-oxo acids (see p.134). The peptide 
coenzyme glutathione is a similar disulfide/ 
dithiol system (not shown; see p. 284). 

lron-sulfur clusters (7) occur as prosthetic 
groups in oxidoreductases, but they are also 
found in lyases—e.g., aconitase (see p. 136) 
and other enzymes. Iron-sulfur clusters con- 
sist of 2-4 iron ions that are coordinated with 
cysteine residues of the protein (-SR) and 
with anorganic sulfide ions (S). Structures of 
this type are only stable in the interior of 
proteins. Depending on the number of iron 
and sulfide ions, distinctions are made be- 
tween [Fe2S>], [Fe3S4], and [Fe,S,4] clusters. 
These structures are particularly numerous 
in the respiratory chain (see p. 140), and 
they are found in all complexes except com- 
plex IV. 

Heme coenzymes (8) with redox functions 
exist in the respiratory chain (see p. 140), in 
photosynthesis (see p. 128), and in monooxy- 
genases and peroxidases (see p. 24). Heme- 
containing proteins with redox functions are 
also referred to as cytochromes. In cyto- 
chromes, in contrast to hemoglobin and myo- 
globin, the iron changes its valence (usually 
between +2 and +3). There are several classes 
of heme (a, b, and c), which have different 
types of substituent — R; to - R 3. Hemoglobin, 
myoglobin, and the heme enzymes contain 
heme b. Two types of heme a are found in 
cytochrome c oxidase (see p. 132), while 
heme c mainly occurs in cytochrome c, where 
it is covalently bound with cysteine residues 
of the protein part via thioester bonds. 


B. Group-transferring coenzymes 1 ® 


The nucleoside phosphates (1) are not only 
precursors for nucleic acid biosynthesis; many 
of them also have coenzyme functions. They 
serve for energy conservation, and as a result 


of energetic coupling (see p. 124) also allow 
endergonic processes to proceed. Metabolites 
are often made more reactive (“activated”) as 
a result of the transfer of phosphate residues 
(phosphorylation). Bonding with nucleoside 
diphosphate residues (mainly UDP and CDP) 
provides activated precursors for polysac- 
charides and lipids (see p. 110). Endergonic 
formation of bonds by ligases (enzyme class 
6) also depends on nucleoside triphosphates. 

Acyl residues are usually activated by 
transfer to coenzyme A (2). In coenzyme A 
(see p. 12), pantetheine is linked to 3’-phos- 
pho-ADP by a phosphoric acid anhydride 
bond. Pantetheine consists of three compo- 
nents connected by amide bonds—pantoic 
acid, £-alanine, and cysteamine. The latter 
two components are biogenic amines formed 
by the decarboxylation of aspartate and 
cysteine, respectively. The compound formed 
from pantoic acid and B—alanine (pantothenic 
acid) has vitamin-like characteristics for hu- 
mans (see p. 368). Reactions between the 
thiol group of the cysteamine residue and 
carboxylic acids give rise to thioesters, such 
as acetyl CoA. This reaction is strongly ender- 
gonic, and it is therefore coupled to exergonic 
processes. Thioesters represent the activated 
form of carboxylic acids, because acyl residues 
of this type have a high chemical potential 
and are easily transferred to other molecules. 
This property is often exploited in metabo- 
lism. 

Thiamine diphosphate (TPP, 3), in coopera- 
tion with enzymes, is able to activate alde- 
hydes or ketones as hydroxyalkyl groups and 
then to pass them on to other molecules. This 
type of transfer is important in the transketo- 
lase reaction, for example (see p. 152). Hy- 
droxyalkyl residues also arise in the decar- 
boxylation of oxo acids. In this case, they are 
released as aldehydes or transferred to lipo- 
amide residues of 2-oxoacid dehydrogenases 
(see p. 134). The functional component of TPP 
is the sulfur- and nitrogen-containing thiazole 
ring. 
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A. Redox coenzymes 2 
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Remarkably, embryos can begin to self- 
organize without implanting in a womb. 
Cells in this lab-grown embryo have begun 
to differentiate into types — purple cells 
here will become the embryo proper — and 
have started to form the amniotic cavity, 
which will enclose the embryo as it grows. 
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Ethical red line 


Beginning in the late 1970s, a group of 
ethicists and scientists advised that human 
embryos be grown in the lab for no longer 
than 14 days. The guidance has been 
codified into law in several countries. 


In animals, ‘organizer cells’ choreograph 
the formation of the embryo’s head-to-tail 
axis and the beginnings of its nervous 
system. Working with synthetic embryos 
made from human stem cells, researchers 
recently demonstrated for the first time the 
existence of these organizers in humans. 
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Coenzymes 3 


A. Group-transferring coenzymes 2 


Pyridoxal phosphate (4) is the most important 
coenzyme in amino acid metabolism. Its role 
in transamination reactions is discussed in 
detail on p. 178. Pyridoxal phosphate is also 
involved in other reactions involving amino 
acids, such as decarboxylations and dehydra- 
tions. The aldehyde form of pyridoxal phos- 
phate shown here (left) is not generally found 
in free form. In the absence of substrates, the 
aldehyde group is covalently bound to the e- 
amino group of a lysine residue as aldimine 
(“Schiffs base”). Pyridoxamine phosphate 
(right) is an intermediate of transamination 
reactions. It reverts to the aldehyde form by 
reacting with 2-oxoacids (see p. 178). 


Biotin (5) is the coenzyme of the carboxy- 
lases. Like pyridoxal phosphate, it has an 
amide-type bond via the carboxyl group 
with a lysine residue of the carboxylase. This 
bond is catalyzed by a specific enzyme. Using 
ATP, biotin reacts with hydrogen carbonate 
(HCO3 ) to form N-carboxybiotin . From this 
activated form, carbon dioxide (CO) is then 
transferred to other molecules, into which a 
carboxyl] group is introduced in this way. Ex- 
amples of biotindependent reactions of this 
type include the formation of oxaloacetic acid 
from pyruvate (see p. 154) and the synthesis 
of malonyl-CoA from acetyl-CoA (see p. 162). 


Tetrahydrofolate (THF, 6) is a coenzyme 
that can transfer C, residues in different oxi- 
dation states. THF arises from the vitamin folic 
acid (see p. 366) by double hydrogenation of 
the heterocyclic pterin ring. The C, units 
being transferred are bound to N-5, N-10, or 
both nitrogen atoms. The most important de- 
rivatives are: 

a) N°-formyl-THF and N!°-formyl-THF, in 
which the formyl residue has the oxidation 
state of a carboxylic acid; 

b) N°-methylene-THF, with a C, residue in 
the oxidation state of an aldehyde; and 

c) N°-methyl-THF, in which the methyl 
group has the oxidation state of an alcohol. 

C, units transferred by THF play a role in 
the synthesis of methionine (see p. 412), pu- 
rine nucleotides (see p. 188), and dTMP (see 
p. 190), for example. Due to the central role of 


THF derivatives in the biosynthesis of DNA 
precursors, the enzymes involved in THF me- 
tabolism are primary targets for cytostatic 
drugs (see p. 402). 


The cobalamins (7) are the chemically most 
complex form of coenzyme. They also repre- 
sent the only natural substances that contain 
the transition metal cobalt (Co) as an essential 
component. Higher organisms are unable to 
synthesize cobalamins themselves, and are 
therefore dependent on a supply of vitamin 
B,2 synthesized by bacteria (see p. 368). 

The central component of the cobalamins 
is the corrin ring, a member of the tetrapyr- 
roles, at the center of which the cobalt ion is 
located. The end of one of the side chains of 
the ring carries a nucleotide with the unusual 
base dimethylbenzimidazole. The ligands for 
the metal ion are the four N atoms of the 
pyrrole ring, a nitrogen from dimethylbenzi- 
midazole, and a group X, which is organo- 
metallically bound—i.e., mainly covalently. 


In methylcobalamin, X is a methyl group. 
This compound functions as a coenzyme for 
several methyltransferases, and among other 
things is involved in the synthesis of methio- 
nine from homocysteine (see p. 418). How- 
ever, in human metabolism, in which methio- 
nine is an essential amino acid, this reaction 
does not occur. 


Adenosylcobalamin (coenzyme B2) carries 
a covalently bound adenosyl residue at the 
metal atom. This is a coenzyme of various 
isomerases, which catalyze rearrangements 
following a radical mechanism. The radical 
arises here through homolytic cleavage of the 
bond between the metal and the adenosyl 
group. The most important reaction of this 
type in animal metabolism is the rearrange- 
ment of methylmalonyl-CoA to form succinyl- 
CoA, which completes the breakdown of odd- 
numbered fatty acids and of the branched 
amino acids valine and isoleucine (see 
pp. 166 and 414). 
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Activated metabolites 


Many coenzymes (see pp. 104ff.) serve to ac- 
tivate molecules or groups that are poorly 
reactive. Activation consists of the formation 
of reactive intermediate compounds in which 
the group concerned is located at a higher 
chemical potential and can therefore be 
transferred to other molecules in an exer- 
gonic reaction (see p. 124). Acetyl-CoA is an 
example of this type of compound (see p. 12). 

ATP and the other nucleoside triphosphate 
coenzymes not only transfer phosphate resi- 
dues, but also provide the nucleotide compo- 
nents for this type of activation reaction. On 
this page, we discuss metabolites or groups 
that are activated in the metabolism by bond- 
ing with nucleosides or nucleotides. Inter- 
mediates of this type are mainly found in 
the metabolism of complex carbohydrates 
and lipids. 


A. Activated metabolites ® 
1. Uridine diphosphate glucose (UDPglucose) 


The inclusion of glucose residues into poly- 
mers such as glycogen or starches is an ender- 
gonic process. The activation of the glucose 
building blocks that is required for this takes 
places in several steps, in which two ATPs are 
used per glucose. After the phosphorylation of 
free glucose, glucose 6-phosphate is isomer- 
ized to glucose 1-phosphate (a), reaction with 
UTP (b) then gives rise to UDPglucose, in 
which the anomeric OH group at C-1 of the 
sugar is bound with phosphate. This “energy- 
rich” compound (an acetal phosphate) allows 
exergonic transfer of glucose residues to gly- 
cogen (c; see pp. 156, 408) or other acceptors. 


2. Cytidine diphosphate choline (CDPcholine) 


The amino alcohol choline is activated for in- 
clusion in phospholipids following a similar 
principle (see p. 170). Choline is first phos- 
phorylated by ATP to form choline phosphate 
(a), which by reaction with CTP and cleavage 
of diphosphate, then becomes CDPcholine. In 
contrast to (1), it is not choline that is trans- 
ferred from CDPcholine, but rather choline 
phosphate, which with diacylglycerol yields 
phosphatidylcholine (lecithin). 


3. Phosphoadenosine phosphosulfate (PAPS) 


Sulfate residues occur as strongly polar 
groups in various biomolecules—e. g., in gly- 
cosaminoglycans (see p. 346) and conjugates 
of steroid hormones and xenobiotics (see 
p. 316). In the synthesis of the “activated sul- 
fate” PAPS, ATP first reacts with anorganic 
sulfate to form adenosine phosphosulfate 
(APS, a). This intermediate already contains 
the “energy-rich” mixed anhydride bond be- 
tween phosphoric acid and sulfuric acid. In 
the second step, the 3’-OH group of APS is 
phosphorylated, with ATP being used again. 
After transfer of the sulfate residue to OH 
groups (c), adenosine-3’,5’-bisphosphate re- 
mains. 


4. S-adenosyl methionine (SAM) 


The coenzyme tetrahydrofolate (THF) is the 
main agent by which C, fragments are trans- 
ferred in the metabolism. THF can bind this 
type of group in various oxidation states and 
pass it on (see p. 108). In addition, there is 
“activated methyl,” in the form of S-adenosyl 
methionine (SAM). SAM is involved in many 
methylation reactions—e.g., in creatine syn- 
thesis (see p. 336), the conversion of norepi- 
nephrine into epinephrine (see p. 352), the 
inactivation of norepinephrine by methyla- 
tion of a phenolic OH group (see p. 316), and 
in the formation of the active form of the 
cytostatic drug 6-mercaptopurine (see 
p. 402). 

SAM is derived from degradation of the 
proteinogenic amino acid methionine, to 
which the adenosyl residue of an ATP mole- 
cule is transferred. After release of the acti- 
vated methyl group, S-adenosyl homocys- 
teine (SAH) is left over. This can be converted 
back into methionine in two further steps. 
Firstly, cleavage of the adenosine residue 
gives rise to the non-proteinogenic amino 
acid homocysteine, to which a methyl group 
is transferred once again with the help of N°- 
methyl-THF (see p. 418). Alternatively, homo- 
cysteine can also be broken down into pro- 
pionyl-CoA. 
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Intermediary metabolism 


Hundreds of chemical reactions are con- 
stantly taking place in every cell, and taken 
together these are referred to as the metabo- 
lism. The chemical compounds involved in 
this are known as metabolites. Outside of 
the cell, almost all of the chemical changes 
in metabolites would only take place very 
slowly and without any specific direction. By 
contrast, organized sequences of chemical re- 
actions with a high rate of throughput, known 
as metabolic pathways, become possible 
through the existence of specific enzymes 
(see p. 88). 


A. Intermediary metabolism: overview @ 


A number of central metabolic pathways are 
common to most cells and organisms. These 
pathways, which serve for synthesis, degra- 
dation, and interconversion of important me- 
tabolites, and also for energy conservation, 
are referred to as the intermediary metabo- 
lism. 

In order to survive, all cells constantly re- 
quire organic and inorganic nutrients, as well 
as chemical energy, which is mainly derived 
from ATP (see below). Depending on the way 
in which these needs are satisfied, organisms 
can be classified into autotrophic and hetero- 
trophic groups. The autotrophs, which in- 
clude plants and many microorganisms, can 
synthesize organic molecules from inorganic 
precursors (CO2). An autotrophic lifestyle is 
possible through photosynthesis, for exam- 
ple (see p. 128). The heterotrophs—e. g., ani- 
mals and fungi—depend on organic substan- 
ces supplied in their diet. The schema shown 
on this page provides an overview of animal 
metabolism. 

The polymeric substances contained in the 
diet (proteins, carbohydrates, and nucleic 
acids—top) cannot be used by the organism 
directly. Digestive processes first have to de- 
grade them to monomers (amino acids, sug- 
ars, nucleotides). These are then mostly bro- 
ken down by catabolic pathways (pink ar- 
rows) into smaller fragments. The metabolites 
produced in this way (generally referred to as 
the “metabolite pool”) are then either used to 
obtain energy through further catabolic con- 
version, or are built up again into more com- 
plex molecules by anabolic pathways (blue 


arrows). Of the numerous metabolites in the 
pool, only three particularly important repre- 
sentatives—pyruvate, acetyl-CoA, and gly- 
cerol—are shown here. These molecules 
represent connecting links between the 
metabolism of proteins, carbohydrates, and 
lipids. The metabolite pool also includes the 
intermediates of the tricarboxylic acid cycle 
(6). This cyclic pathway has both catabolic and 
anabolic functions—i.e., it is amphibolic (vio- 
let; see p. 138). 

Waste products from the degradation of 
organic substances in animal metabolism 
include carbon dioxide (CO2), water (HO), 
and ammonia (NH3). In mammals, the toxic 
substance ammonia is incorporated into urea 
and excreted in this form (see p. 182). 

The most important form of storage for 
chemical energy in all cells is adenosine 
triphosphate (ATP, see p. 122). ATP synthesis 
requires energy—i.e., the reaction is ender- 
gonic. Conversely, cleavage of ATP into ADP 
and phosphate releases energy. Exergonic hy- 
drolysis of ATP, as a result of energetic 
coupling (see p. 16), makes energy-depend- 
ent (endergonic) processes possible. For ex- 
ample, most anabolic pathways, as well as 
movement and transport processes, are en- 
ergy-dependent. 

The most important pathway for the syn- 
thesis of ATP is oxidative phosphorylation 
(see p. 122). In this process, catabolic path- 
ways first form reduced cofactors (NADH+H’, 
QH>, ETFH>). Electrons are then transferred 
from these compounds to oxygen. This 
strongly exergonic process is catalyzed by 
the respiratory chain and used indirectly for 
the ATP synthesis (see p. 140). In anaerobic 
conditions—i.e., in the absence of oxygen— 
most organisms can fall back on ATP that 
arises in glycolysis (3). This less ef cient 
type of ATP synthesis is referred to as fermen- 
tation (see p. 146). 

While NADH exclusively supplies oxidative 
phosphorylation, NADPH+H*—a very similar 
coenzyme—is the reducing agent for anabolic 
pathways. NADPH + H™ is mainly formed in 
the pentose phosphate pathway (PPP, 1; see 
p. 152). 
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Regulatory mechanisms 


A. Fundamental mechanisms of metabolic 
regulation ® 


The activities of all metabolic pathways are 
subject to precise regulation in order to adjust 
the synthesis and degradation of metabolites 
to physiological requirements. An overview of 
the regulatory mechanisms is presented here. 
Further details are shown on pp. 116ff. 

Metabolite flow along a metabolic pathway 
is mainly determined by the activities of the 
enzymes involved (see p. 88). To regulate the 
pathway, it is suf cient to change the activity 
of the enzyme that catalyzes the slowest step 
in the reaction chain. Most metabolic path- 
ways have key enzymes of this type on which 
the regulatory mechanisms operate. The ac- 
tivity of key enzymes is regulated at three 
independent levels: 

Transcriptional control. Here, Biosynthesis 
of the enzyme protein is influenced at the 
genetic level (1). Interventions in enzyme 
synthesis mainly affect synthesis of the cor- 
responding mRNA-i.e., transcription of the 
gene coding for the enzyme. The term “tran- 
scriptional control” is therefore used (see 
pp. 118, 244). This mechanism is mediated by 
regulatory proteins (transcription factors) that 
act directly on DNA. The genes have a special 
regulatory segment for this purpose, known 
as the promoter region, which contains bind- 
ing sites (control elements) for regulatory 
proteins. The activity of these proteins is, in 
turn, affected by metabolites or hormones. 
When synthesis of a protein is increased by 
transcriptional control, the process is referred 
to as induction; when it is reduced or sup- 
pressed, it is referred to as repression. Induc- 
tion and repression processes take some time 
and are therefore not immediately effective. 

Interconversion of key enzymes (2) takes 
effect considerably faster than transcriptional 
control. In this case, the enzyme is already 
present at its site of effect, but it is initially 
still inactive. It is only when needed that it is 
converted into the catalytically active form, 
after signaling and mediation from second 
messengers (see p. 120) through an activating 
enzyme (E;). If the metabolic pathway is no 
longer required, an inactivating enzyme (E2) 
returns the key enzyme to its inactive resting 
state. 


Interconversion processes in most cases 
involve ATP-dependent phosphorylation of 
the enzyme protein by a protein kinase or 
dephosphorylation of it by a protein phospha- 
tase (see p. 120). The phosphorylated form of 
the key enzyme is usually the more active 
one, but the reverse may also occur. 

Modulation by ligands. An important vari- 
able that regulates flow through a metabolic 
pathway is precursor availability (metabolite 
A in the case shown here). The availability of 
precursor A increases along with the activity 
of the metabolic pathways that form A (3) and 
it decreases with increasing activity of other 
pathways that also consume A (4). Transport 
from one cell compartment to another can 
also restrict the availability of A. 

Coenzyme availability can also often have a 
limiting effect (5). If the coenzyme is regen- 
erated by a second, independent metabolic 
pathway, the speed of the second pathway 
can limit that of the first one. For example, 
glycolysis and the tricarboxylic acid cycle are 
mainly regulated by the availability of NAD* 
(see p. 146). Since NAD* is regenerated by the 
respiratory chain, the latter indirectly con- 
trols the breakdown of glucose and fatty acids 
(respiratory control, see p. 144). 

Finally, the activity of key enzymes can be 
regulated by ligands (substrates, products, 
coenzymes, or other effectors), which as allo- 
steric effectors do not bind at the active center 
itself, but at another site in the enzyme, 
thereby modulating enzyme activity (6; see 
p. 116). Key enzymes are often inhibited by 
immediate reaction products, by end prod- 
ucts of the reaction chain concerned (“feed- 
back” inhibition), or by metabolites from com- 
pletely different metabolic pathways. The 
precursors for a reaction chain can stimulate 
their own utilization through enzyme activa- 
tion. 
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Allosteric regulation 


The regulation of aspartate carbamoyltrans- 
ferase (ACTase), a key enzyme of pyrimidine 
biosynthesis (see p. 188) is discussed here as 
an example of allosteric regulation of enzyme 
activity. Allosteric effects are mediated by the 
substrate itself or by inhibitors and activators 
(allosteric effectors, see p. 114). The latter bind 
at special sites outside the active center, pro- 
ducing a conformational change in the en- 
zyme protein and thus indirectly lead to an 
alteration in its activity. 


A. Aspartate carbamoyltransferase: 
reaction O 


ACTase catalyzes the transfer of a carbamoyl 
residue from carbamoyl phosphate to the 
amino group of L-aspartate. The N-carbamoyl 
L-aspartate formed in this way already con- 
tains all of the atoms of the later pyrimidine 
ring (see p. 188). The ACTase of the bacterium 
Escherichia coli is inhibited by cytidine tri- 
phosphate (CTP), an end product of the ana- 
bolic metabolism of pyrimidines, and is ac- 
tivated by the precursor ATP. 


B. Kinetics O 


In contrast to the kinetics of isosteric (normal) 
enzymes, allosteric enzymes such as ACTase 
have sigmoidal (S-shaped) substrate satura- 
tion curves (see p. 92). In allosteric systems, 
the enzyme’s af nity to the substrate is not 
constant, but depends on the substrate con- 
centration [A]. Instead of the Michaelis con- 
stant K,, (see p. 92), the substrate concentra- 
tion at half-maximal rate ([A]o.s) is given. The 
sigmoidal character of the curve is described 
by the Hill coef ecient h. In isosteric systems, 
h=1, and h increases with increasing sig- 
moidicity. 

Depending on the enzyme, allosteric effec- 
tors can influence the maximum rate Vinyax, 
the semi-saturation concentration [A]o5, and 
the Hill coef cient h. If it is mainly Vmax that is 
changed, the term “V system” is used. Much 
more common are “K systems”, in which al- 
losteric effects only influence [A]o5 and h. 

The K type also includes ACTase. The inhib- 
itor CTP in this case leads to right-shifting of 
the curve, with an increase in [A]lo5 and h 
(curve II). By contrast, the activator ATP 


causes a left shift; it reduces both [A]o5 and 
h (curve III). This type of allosteric effect was 
first observed in hemoglobin (see p. 280), 
which can be regarded as an “honorary” en- 
zyme. 


C. R and T states O 


Allosteric enzymes are almost always oligo- 
mers with 2-12 subunits. ACTase consists of 
six catalytic subunits (blue) and six regulatory 
subunits (yellow). The latter bind the allo- 
steric effectors CTP and ATP. Like hemoglobin, 
ACTase can also be present in two conforma- 
tions—the less active T state (for “tense”) and 
the more active R state (for “relaxed”). Sub- 
strates and effectors influence the equili- 
brium between the two states, and thereby 
give rise to sigmoidal saturation behavior. 
With increasing aspartate concentration, the 
equilibrium is shifted more and more toward 
the R form. ATP also stabilizes the R confor- 
mation by binding to the regulatory subunits. 
By contrast, binding of CTP to the same sites 
promotes a transition to the T state. In the 
case of ACTase, the structural differences be- 
tween the R and T conformations are partic- 
ularly dramatic. In T — R conversion, the cat- 
alytic subunits separate from one another by 
1.2 nm, and the subunits also rotate around 
the axis of symmetry. The conformations of 
the subunits themselves change only slightly, 
however. 


D. Structure of a dimer O 


The subunits of ACTase each consist of two 
domains—i.e., independently folded partial 
structures. The N-terminal domain of the reg- 
ulatory subunit (right) mediates interaction 
with CTP or ATP (green). A second, Zn?*-con- 
taining domain (Zn** shown in light blue) 
establishes contact with the neighboring cat- 
alytic subunit. Between the two domains of 
the catalytic subunit lies the active center, 
which is occupied here by two substrate ana- 
logs (red). 
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Transcription control 


A. Functioning of regulatory proteins ® 


Regulatory proteins (transcription factors) are 
involved in controlling gene expression in all 
cells. These regulatory proteins bind to spe- 
cific DNA sequences and thereby activate or 
inhibit the transcription of genes (Tran- 
scription control). The effects of transcription 
factors are usually reversible and are often 
controlled by ligands or by interconversion. 

The nomenclature for transcription factors 
is confusing. Depending on their mode of ac- 
tion, various terms are in use both for the 
proteins themselves and for the DNA sequen- 
ces to which they bind. If a factor blocks tran- 
scription, it is referred to as a repressor; oth- 
erwise, it is called an inducer. DNA sequences 
to which regulatory proteins bind are referred 
to as control elements. In prokaryotes, control 
elements that serve as binding sites for RNA 
polymerases are called promoters, whereas 
repressor-binding sequences are usually 
called operators. Control elements that bind 
activating factors are termed enhancers, 
while elements that bind inhibiting factors 
are known as silencers. 

The numerous regulatory proteins that are 
known can be classified into four different 
groups (1-4), based on their mechanisms of 
action. Negative gene _ regulation—i.e., 
switching off of the gene concerned—is car- 
ried out by repressors. Some repressors only 
bind to DNA (1a) in the absence of specific 
ligands (L). In this case, the complex between 
the repressor and the ligand loses its ability to 
bind to the DNA, and the promoter region 
becomes accesible for binding of RNA poly- 
merase (1b). It is often the free repressor that 
does not bind to the DNA, so that transcrip- 
tion is only blocked in the presence of the 
ligand (2a, 2b). A distinction between two 
different types of positive gene regulation 
can be made in the same way. If it is only 
the free inducer that binds, then transcription 
is inhibited by the appropriate ligand (3). 
Conversely, many inducers only become ac- 
tive when they have bound a ligand (4). This 
group includes the receptors for steroid hor- 
mones, for example (see p. 378). 


B. Lactose operon O 


The well-investigated lactose operon of the 
bacterium Escherichial coli can be used here 
as an example of transcriptional control. The 
lac operon is a DNA sequence that is simul- 
taneously subject to negative and positive 
control. The operon contains the structural 
genes for three proteins that are required for 
the utilization of lactose (one transporter and 
two enzymes), as well as control elements that 
serve to regulate the operon. 

Since lactose is converted to glucose in the 
cell, there is no point in expressing the genes 
if glucose is already available. And indeed, the 
genes are in fact only transcribed when glu- 
cose is absent and lactose is present (3). This is 
achieved by interaction between two regula- 
tory proteins. In the absence of lactose, the lac 
repressor blocks the promoter region (2). 
When lactose is available, it is converted 
into allolactose, which binds to the repressor 
and thereby detaches it from the operator (3). 
However, this is still not suf cient for the 
transcription of the structural genes. For bind- 
ing of the RNA polymerase to take place, an 
inducer—the catabolite activator protein 
(CAP)—is required, which only binds to the 
DNA when it is present as a complex with 
3,5’-cyclo-AMP (cAMP; see p. 386). cAMP, a 
signal for nutrient deficiency, is only formed 
by E. coli in the absence of glucose. 

The interaction between the CAP-cAMP 
complex and DNA is shown in Fig. 4. Each 
subunit of the dimeric inducer (yellow or or- 
ange) binds one molecule of cAMP (red). Con- 
tact with the DNA (blue) is mediated by two 
“recognition helices” that interact with the 
major groove of the DNA. The bending of the 
DNA strand caused by CAP has functional sig- 
nificance. 

Transcription control is much more com- 
plex in eukaryotes (see p. 244). The number 
of transcription factors involved is larger, and 
in addition the gene activity is influenced by 
the state of the chromatin (see p. 238). 
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Hormonal control 


In higher organisms, metabolic and other 
processes (growth, differentiation, control of 
the internal environment) are controlled by 
hormones (see pp. 370ff.) 


A. Principles of hormone action @ 


Depending on the type of hormone, hormone 
signals are transmitted to the target cells in 
different ways. Apolar (lipophilic) hormones 
penetrate the cell and act in the cell nucleus, 
while polar (hydrophilic) hormones act on the 
external cell membrane. 

Lipophilic hormones, which include the 
steroid hormones, thyroxine, and retinoic 
acid, bind to a specific receptor protein inside 
their target cells. The complex formed by the 
hormone and the receptor then influences 
transcription of specific genes in the cell nu- 
cleus (see pp. 118, 244). The group of hydro- 
philic hormones (see p. 380) consists of hor- 
mones derived from amino acids, as well as 
peptide hormones and_ proteohormones. 
Their receptors are located in the plasma 
membrane. Binding of the hormone to this 
type of receptor triggers a signal that is trans- 
mitted to the interior of the cell, where it 
controls the processes that allow the hor- 
mone signal to take effect (signal transduc- 
tion; see pp. 384 ff.) 


B. Hormonal regulation of glucose 
metabolism in the liver ® 


The liver plays a major role in glucose homeo- 
stasis in the organism (see p. 310). If glucose 
deficiency arises, the liver releases glucose 
into the blood, and when blood sugar levels 
are high, it takes glucose up from the blood 
and converts it into different metabolites. 
Several hormones from both groups are in- 
volved in controlling these processes. A very 
simplified version of the way in which they 
work is presented here. Glycogen is the form 
in which glucose is stored in the liver and 
muscles. The rate of glycogen synthesis is 
determined by glycogen synthase (bottom 
right), while its breakdown is catalyzed by 
glycogen phosphorylase (bottom left). 
Regulation by interconversion (bottom). If 
the blood glucose level falls, the peptide 
hormone glucagon is released. This activates 


glycogen breakdown, releasing glucose, and 
at the same time inhibits glycogen synthesis. 
Glucagon binds to receptors in the plasma 
membrane (bottom left) and, with mediation 
by a G-protein (see p. 386), activates the 
enzyme adenylate cyclase, which forms the 
second messenger 3,5’-cyclo-AMP (cAMP) 
from ATP. cAMP binds to another enzyme, 
protein kinase A (PK-A), and activates it. 
PK-A has several points of attack. Through 
phosphorylation, it converts the active form 
of glycogen synthase into the inactive form, 
thereby terminating the synthesis of glyco- 
gen. Secondly, it activates another protein 
kinase (not shown), which ultimately con- 
verts the inactive form of glycogen phosphor- 
ylase into the active form through phosphor- 
ylation. The active phosphorylase releases glu- 
cose 1-phosphate from glycogen, which after 
conversion into glucose 6-phosphate supplies 
free glucose. In addition, via an inhibitor (I) of 
protein phosphatase (PP), active PK-A inhibits 
inactivation of glycogen phosphorylase. When 
the cAMP level falls again, phosphoprotein 
phosphatases become active, which dephos- 
phorylate the various phosphoproteins in the 
cascade described, and thereby arrest glyco- 
gen breakdown and re-start glycogen synthe- 
sis. Activation and inactivation of proteins 
through phosphorylation or dephosphoryla- 
tion is referred to as interconversion. 

In contrast to glucagon, the peptide 
hormone insulin (see p. 76) increases glyco- 
gen synthesis and inhibits glycogen break- 
down. Via several intermediates, it inhibits 
protein kinase GSK-3 (bottom right; for de- 
tails, see p. 388) and thereby prevents inacti- 
vation of glycogen synthase. In addition, in- 
sulin reduces the cAMP level by activating 
cAMP phosphodiesterase (PDE). 

Regulation by transcriptional control (top). 
If the liver’s glycogen reserves have been ex- 
hausted, the steroid hormone cortisol main- 
tains glucose release by initiating the conver- 
sion of amino acids into glucose (gluconeo- 
genesis; see p. 154). In the cell nucleus, the 
complex of cortisol and its receptor (see 
p. 378) binds to the promoter regions of var- 
ious key enzymes of gluconeogenesis and 
leads to their transcription. The active en- 
zymes are produced through translation of 
the mRNA formed. Control of the transcrip- 
tion of the gluconeogenesis enzyme PEP car- 
boxykinase is discussed on p. 244. 
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122 Metabolism 
ATP 
The nucleotide coenzyme adenosine 


triphosphate (ATP) is the most important 
form of chemical energy in all cells. Cleavage 
of ATP is strongly exergonic. The energy this 
provides (AG; see p. 16) is used to drive ender- 
gonic processes (such as biosynthesis and 
movement and transport processes) through 
energetic coupling (see p. 124). The other nu- 
cleoside triphosphate coenzymes (GTP, CTP, and 
UTP) have similar chemical properties to ATP, 
but they are used for different tasks in metab- 
olism (see p. 110). 


A. ATP: structure O 


In ATP, a chain of three phosphate residues is 
linked to the 5’-OH group of the nucleoside 
adenosine (see p. 80). These phosphate resi- 
dues are termed o, B, and y. The « phosphate 
is bound to ribose by a phosphoric acid ester 
bond. The linkages between the three phos- 
phate residues, on the other hand, involve 
much more unstable phosphoric acid anhy- 
dride bonds. The active coenzyme is in fact 
generally a complex of ATP with an Mg?* 
ion, which is coordinatively bound to the a 
and 8 phosphates (Mg?* ATP*~). However, 
the term “ATP” is usually used for the sake 
of simplicity. 


B. Hydrolysis energies ® 


The formula for phosphate residues shown in 
Fig. A, with single and double bonds, is not an 
accurate representation of the actual charge 
distribution. In ATP, the oxygen atoms of all 
three phosphate residues have similarly 
strong negative charges (orange), while the 
phosphorus atoms represent centers of posi- 
tive charge. One of the reasons for the insta- 
bility of phosphoric anhydride bonds is the 
repulsion between these negatively charged 
oxygen atoms, which is partly relieved by 
cleavage of a phosphate residue. In addition, 
the free phosphate anion formed by hydroly- 
sis of ATP is better hydrated and more strongly 
resonance-stabilized than the corresponding 
residue in ATP. This also contributes to the 
strongly exergonic character of ATP hydroly- 
SiS. 


In standard conditions, the change in free 
enthalpy AG® (see p. 18) that occurs in the 
hydrolysis of phosphoric acid anhydride 
bonds amounts to -30 to -35 kJ mol"! at 
pH 7. The particular anhydride bond of ATP 
that is cleaved only has a minor influence on 
AG° (1-2). Even the hydrolysis of diphos- 
phate (also known as pyrophosphate; 4) still 
yields more than -30 kJ mol~!. By contrast, 
cleavage of the ester bond between ribose and 
phosphate only provides -9 kJ mol"! (3). 

In the cell, the AG of ATP hydrolysis is sub- 
stantially larger, because the concentrations 
of ATP, ADP and P; are much lower than in 
standard conditions and there is an excess of 
ATP over ADP (see p. 18). The pH value and 
Mg** concentration also affect the value of AG. 
The physiological energy yield of ATP hydrol- 
ysis to ADP and anorganic phosphate (Pj) is 
probably around -50 kJ mol". 


C. Types of ATP formation @ 


Only a few compounds contain phosphate 
residues with a group transfer potential (see 
p. 18) that is high enough to transfer them to 
ADP and thus allow ATP synthesis. Processes 
that raise anorganic phosphate to this type of 
high potential are called substrate level phos- 
phorylations (see p. 124). Reactions of this 
type take place in glycolysis (see p. 150) and 
in the tricarboxylic acid cycle (see p. 136). 
Another “energy-rich” phosphate compound 
is creatine phosphate, which is formed from 
ATP in muscle and can regenerate ATP as 
needed (see p. 336). 

Most cellular ATP does not arise in the way 
described above (i.e., by transfer of phosphate 
residues from organic molecules to ADP), but 
rather by oxidative phosphorylation. This 
process takes place in mitochondria (or as 
light-driven phosphorylation in chloroplasts) 
and is energetically coupled to a proton gra- 
dient over a membrane. These H”* gradients 
are established by electron transport chains 
and are used by the enzyme ATP synthase as a 
source of energy for direct linking of anor- 
ganic phosphate to ADP. In contrast to sub- 
strate level phosphorylation, oxidative phos- 
phorylation requires the presence of oxygen 
(i.e., aerobic conditions). 
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Energetic coupling 


The cell stores chemical energy in the form of 
“energy-rich” metabolites. The most impor- 
tant metabolite of this type is adenosine tri- 
phosphate (ATP), which drives a large number 
of energy-dependent reactions via energetic 
coupling (see p. 16). 


A. Energetic coupling ® 


The change in free enthalpy AG° during hy- 
drolysis (see p. 18) has been arbitrarily se- 
lected as a measure of the group transfer 
potential of “energy-rich” compounds. How- 
ever, this does not mean that ATP is in fact 
hydrolyzed in energetically coupled reactions. 
If ATP hydrolysis and an endergonic process 
were simply allowed to run alongside each 
other, the hydrolysis would only produce 
heat, without influencing the endergonic 
process. For coupling, the two reactions have 
to be linked in such a way that a common 
intermediate arises. This connection is illus- 
trated here using the example of the gluta- 
mine synthetase reaction. 

Direct transfer of NH3 to glutamate is en- 
dergonic (AG° =+14kJ mol; see p. 18), 
and can therefore not take place. In the cell, 
the reaction is divided into two exergonic 
steps. First, the y-phophate residue is trans- 
ferred from ATP to glutamate. This gives rise 
to an “energy-rich” mixed acid anhydride. In 
the second step, the phosphate residue from 
the intermediate is substituted by NH3, and 
glutamine and free phosphate are produced. 
The energy balance of the reaction as a whole 
(AG° =-17 kJ mol') is the sum of the 
changes in free enthalpy of direct glutamine 
synthesis (AG° = 14 kJ mol!) plus ATP hy- 
drolysis (AG? = -31 kJ mol"), although ATP 
has not been hydrolyzed at all. 


B. Substrate-level phosphorylation ® 


As mentioned earlier (see p. 122), there are a 
few metabolites that transfer phosphate to 
ADP in an exergonic reaction and can there- 
fore form ATP. In ATP synthesis, anorganic 
phosphate or phosphate bound in an ester- 
like fashion is transferred to bonds with a 
high phosphate transfer potential. Reactions 
of this type are termed “substrate-level phos- 


phorylations,” as they represent individual 
steps within metabolic pathways. 

In the glyceraldehyde 3-phosphate dehy- 
drogenation reaction, a step involved in gly- 
colysis (1; see also C), the aldehyde group in 
glyceraldehyde 3-phosphate is oxidized into a 
carboxyl group. During the reaction, an anor- 
ganic phosphate is also introduced into the 
product, producing a mixed acid anhy- 
dride—1,3-bisphosphoglycerate. Phosphopyr- 
uvate hydratase (“enolase”, 2) catalyzes the 
elimination of water from 2-phosphoglycer- 
ate. In the enol phosphate formed (phosphoe- 
nol pyruvate), the phosphate residue—in con- 
trast to 2-phosphoglycerate—is at an ex- 
tremely high potential (AG° of hydrolysis: 
-62 kJ mol’). A third reaction of this type 
is the formation of succinyl phosphate, which 
occurs in the tricarboxylic acid cycle as an 
individual step in the succinyl CoA ligase re- 
action. Here again, anorganic phosphate is 
introduced into a mixed acid anhydride 
bond to be transferred from there to GDP. 
Succinyl phosphate is only an intermediate 
here, and is not released by the enzyme. 

In the literature, the term “substrate level 
phosphorylation” is used _ inconsistently. 
Some authors use it to refer to reactions in 
which anorganic phosphate is raised to a high 
potential, while others use it for the subse- 
quent reactions, in which ATP or GIP is 
formed from the energy-rich intermediates. 


C. Glyceraldehyde-3-phosphate 
dehydrogenase O 


The reaction catalyzed during glycolysis by 
glyceraldehyde-3-phosphate dehydrogenase 
(GADPH) is shown here in detail. Initially, 
the SH group of a cysteine residue of the 
enzyme is added to the carbonyl group of 
glyceraldehyde 3-phosphate (a). This inter- 
mediate is oxidized by NAD into an “en- 
ergy-rich” thioester (b). In the third step (c), 
anorganic phosphate displaces the thiol, and 
the mixed anhydride 1,3-bisphosphoglycerate 
arises. In this bond, the phosphate residue is 
at a high enough potential for it to be trans- 
ferred to ADP in the next step (not shown; see 
p. 150). 
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Energy conservation at membranes 


Metabolic energy can be stored not only in the 
form of “energy-rich” bonds (see p. 122), but 
also by separating electric charges from each 
other using an insulating layer to prevent 
them from redistributing. In the field of tech- 
nology, this type of system would be called a 
condenser. Using the same principle, energy is 
also stored (“conserved”) at cell membranes. 
The membrane functions as an insulator; 
electrically charged atoms and molecules 
(ions) function as charges. 


A. Electrochemical gradient ® 


Although artificial lipid membranes are al- 
most impermeable to ions, biological mem- 
branes contain ion channels that selectively 
allow individual ion types to pass through 
(see p. 222). Whether an ion can cross this 
type of membrane, and if so in which direc- 
tion, depends on the electrochemical gra- 
dient—i.e., on the concentrations of the ion 
on each side of the membrane (the concen- 
tration gradient) and on the difference in the 
electrical potential between the interior and 
exterior, the membrane potential. 

The membrane potential of resting cells 
(resting potential; see p.350) is -0.05 to 
-0.09 V—i.e., there is an excess negative 
charge on the inner side of the plasma mem- 
brane. The main contributors to the resting 
potential are the two cations Na® and Kk’, as 
well as Cl” and organic anions (1). Data on the 
concentrations of these ions outside and in- 
side animal cells, and permeability coef - 
cients, are shown in the table (2). 

The behavior of an ion type is described 
quantitatively by the Nernst equation (3). 
Awc is the membrane potential (in volts, V) 
at which there is no net transport of the ion 
concerned across the membrane (equilibrium 
potential). The factor RT/Fn has a value of 
0.026 V for monovalent ions at 25 °C. Thus, 
for kK", the table (2) gives an equilibrium po- 
tential of ca. -0.09 V—i. e., a value more or less 
the same as that of the resting potential. By 
contrast, for Na* ions, Ay, is much higher than 
the resting potential, at +0.07 V. Na” ions 
therefore immediately flow into the cell 
when Na” channels open (see p. 350). The 
disequilibrium between Na* and Kk" ions is 


constantly maintained by the enzyme Na‘/ 
K*-ATPase, which consumes ATP. 


B. Proton motive force O 


Hydronium ions (“H* ions”) can also develop 
electrochemical gradients. Such a proton gra- 
dient plays a decisive part in cellular ATP syn- 
thesis (see p. 142). As usual, the energy con- 
tent of the gradient depends on the concen- 
tration gradients—i.e., on the pH difference 
>pH between the two sides of the membrane. 
In addition, the membrane potential Ay also 
makes a contribution. Together, these two 
values give the proton motive force Ap, a 
measure for the work that the H* gradient 
can do. The proton gradient across the inner 
mitochondrial membrane thus delivers ap- 
proximately 24 kJ per mol H*. 


C. Energy conservation in proton gradients ® 


Proton gradients can be built up in various 
ways. A very unusual type is represented by 
bacteriorhodopsin (1), a light-driven proton 
pump that various bacteria use to produce 
energy. As with rhodopsin in the eye, the 
light-sensitive component used here is cova- 
lently bound retinal (see p. 358). In photosyn- 
thesis (see p. 130), reduced plastoquinone 
(QH2) transports protons, as well as electrons, 
through the membrane (Q cycle, 2). The for- 
mation of the proton gradient by the respira- 
tory chain is also coupled to redox processes 
(see p. 140). In complex III, a Q cycle is respon- 
sible for proton translocation (not shown). In 
cytochrome c oxidase (complex IV, 3), H* trans- 
port is coupled to electron flow from 
cytochrome c to Op. 

In each of these cases, the H* gradient is 
utilized by an ATP synthase (4) to form ATP. 
ATP synthases consist of two components—a 
proton channel (Fo) and an inwardly directed 
protein complex (F,), which conserves the 
energy of back-flowing protons through ATP 
synthesis (see p. 142). 
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Photosynthesis: light reactions 


Sunlight is the most important source of en- 
ergy for nearly all living organisms. With the 
help of photosynthesis, light energy is used to 
produce organic substances from CO, and 
water. This property of phototrophic organ- 
isms (plants, algae, and some bacteria) is ex- 
ploited by heterotrophic organisms (e. g., ani- 
mals), which are dependent on a supply of 
organic substances in their diet (see p. 112). 
The atmospheric oxygen that is vital to higher 
organisms is also derived from photosynthe- 
SiS. 


A. Photosynthesis: overview 0 


The chemical balance of photosynthesis is 
simple. Six molecules of COz are used to 
form one hexose molecule (right). The hydro- 
gen required for this reduction process is 
taken from water, and molecular oxygen is 
formed as a by-product (left). Light energy is 
required, since water is a very poor reducing 
agent and is therefore not capable of reducing 
CO>. 

In the light-dependent part of photosyn- 
thesis—the “light reactions ”"—H 0 molecules 
are split into protons, electrons, and oxygen 
atoms. The electrons undergo excitation by 
light energy and are raised to an energy level 
that is high enough to reduce NADP’. The 
NADPH+H* formed in this way, in contrast to 
H,0, is capable of “fixing” CO, reductive- 
ly—i.e., of incorporating it into organic bonds. 
Another product of the light reactions is ATP, 
which is also required for CO fixation. If 
NADPH+H", ATP, and the appropriate en- 
zymes are available, CO, fixation can also 
take place in darkness. This process is there- 
fore known as the “dark reaction.” 

The excitation of electrons to form NADPH 
is a complex photochemical process that 
involves chlorophyll, a tetrapyrrole dye con- 
taining Mg”* that bears an extra phytol resi- 
due (see p. 132). 


B. Light reactions © 


In green algae and higher plants, photosyn- 
thesis occurs in chloroplasts. These are organ- 
elles, which—like mitochondria—are  sur- 
rounded by two membranes and contain their 
own DNA. In their interior, the stroma, thyla- 


koids or flattened membrane sacs are stacked 
on top of each other to form grana. The inside 
of the thylakoid is referred to as the lumen. 
The light reactions are catalyzed by enzymes 
located in the thylakoid membrane, whereas 
the dark reactions take place in the stroma. 

As in the respiratory chain (see p. 140), the 
light reactions cause electrons to pass from 
one redox system to the next in an electron 
transport chain. However, the direction of 
transport is opposite to that found in the res- 
piratory chain. In the respiratory chain, elec- 
trons flow from NADH+H"* to O;, with the 
production of water and energy. 

In photosynthesis, electrons are taken up 
from water and transferred to NADP”, with an 
expenditure of energy. Photosynthetic electron 
transport is therefore energetically “uphill 
work.” To make this possible, the transport 
is stimulated at two points by the absorption 
of light energy. This occurs through two pho- 
tosystems—protein complexes that contain 
large numbers of chlorophyll molecules and 
other pigments (see p. 132). Another compo- 
nent of the transport chain is the cytochrome 
b/f complex, an aggregate of integral mem- 
brane proteins that includes two cytochromes 
(bsg3 and f). Plastoquinone, which is com- 
parable to ubiquinone, and two soluble pro- 
teins, the coppercontaining plastocyanin and 
ferredoxin, function as mobile electron car- 
riers. At the end of the chain, there is an 
enzyme that transfers the electrons to NADP”. 

Because photosystem II and the cyto- 
chrome b/f complex release protons from re- 
duced plastoquinone into the lumen (via a Q 
cycle), photosynthetic electron transport es- 
tablishes an electrochemical gradient across 
the thylakoid membrane (see p. 126), which is 
used for ATP synthesis by an ATP synthase. 
ATP and NADPH+H’", which are both needed 
for the dark reactions, are formed in the 
stroma. 
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Photosynthesis: dark reactions 


The “light reactions” in photosynthesis bring 
about two strongly endergonic reactions—the 
reduction of NADP* to NADPH+H* and ATP 
synthesis (see p. 122). The chemical energy 
needed for this is produced from radiant en- 
ergy by two photosystems. 


A. Photosystem II O 


The photosynthetic electron transport chain 
in plants starts in photosystem II (PS II; see 
p. 128). PS II consists of numerous protein 
subunits (brown) that contain bound pig- 
ments—i.e., dye molecules that are involved 
in the absorption and transfer of light energy. 

The schematic overview of PS II presented 
here (1) only shows the important pigments. 
These include a special chlorophyll molecule, 
the reaction center Pggo; a neighboring Meg?* 
free chlorophyll (pheophytin); and two bound 
plastoquinones (Qa and Qg,). A third quinone 
(Qp) is not linked to PS II, but belongs to the 
plastoquinone pool. The white arrows indi- 
cate the direction of electron flow from water 
to Qp Only about 1% of the chlorophyll mol- 
ecules in PS II are directly involved in photo- 
chemical excitation (see p. 128). Most of them 
are found, along with other pigments, in what 
are known as light-harvesting or antenna 
complexes (green). The energy of light quanta 
striking these can be passed on to the reaction 
center, where it can be utilized. 

In Fig. 2, photosynthetic electron transport 
in PS II is separated into the individual steps 
involved. Light energy from the light-harvest- 
ing complexes (a) raises an electron of the 
chlorophyll in the reaction center to an 
excited “singlet state.” The excited electron is 
immediately passed on to the neighboring 
pheophytin. This leaves behind an “electron 
gap” in the reaction center—i.e., a positively 
charged Pe¢go radical (b). This gap is now filled 
by an electron removed from an H20 mole- 
cule by the water-splitting enzyme (b). The 
excited electron passes on from the pheophy- 
tin via Qa to Qz, converting the latter into a 
semiquinone radical (c). Qg is then reduced to 
hydroquinone by a second excited electron, 
and is then exchanged for an oxidized qui- 
none (Qp) from the plastoquinone pool. Fur- 
ther transport of electrons from the plasto- 


quinone pool takes place as described on the 
preceding page and shown in B. 


B. Redox series O 


It can be seen from the normal potentials E° 
(see p. 18) of the most important redox sys- 
tems involved in the light reactions why two 
excitation processes are needed in order to 
transfer electrons from H,0 to NADP”. After 
excitation in PS II, E° rises from around -1 V 
back to positive values in plastocyanin 
(PC)—i.e., the energy of the electrons has to 
be increased again in PS I. If there is no NADP* 
available, photosynthetic electron transport 
can still be used for ATP synthesis. During 
cyclic photophosphorylation, electrons return 
from ferredoxin (Fd) via the plastoquinone 
pool to the b/f complex. This type of electron 
transport does not produce any NADPH, but 
does lead to the formation of an H® gradient 
and thus to ATP synthesis. 


C. Calvin cycle O 


The synthesis of hexoses from CO, is only 
shown in a very simplified form here; a com- 
plete reaction scheme is given on p. 407. The 
actual CO, fixation—i.e., the incorporation of 
CO, into an organic compound—is catalyzed 
by ribulose bisphosphate carboxylase/oxygen- 
ase (“rubisco”). Rubisco, the most abundant 
enzyme on Earth, converts ribulose 1,5-bis- 
phosphate, COz and water into two mole- 
cules of 3-phosphoglycerate. These are then 
converted, via 1,3-bisphosphoglycerate and 
3-phosphoglycerate, into glyceraldehyde 
3-phosphate (glyceral 3-phosphate). In this 
way, 12 glyceraldehyde 3-phosphates are syn- 
thesized from six CO. Two molecules of this 
intermediate are used by gluconeogenesis re- 
actions to synthesize glucose 6-phosphate 
(bottom right). From the remaining 10 mole- 
cules, six molecules of ribulose 1,5-bisphos- 
phate are regenerated, and the cycle then 
starts over again. In the Calvin cycle, ATP is 
required for phosphorylation of 3-phospho- 
glycerate and_ ribulose 5-phosphate. 
NADPH+H’, the second product of the light 
reaction, is consumed in the reduction of 1,3- 
bisphosphoglycerate to glyceraldehyde 3- 
phosphate. 
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Molecular models: 
membrane proteins 


The plates show, in simplified form, the struc- 
tures of cytochrome c oxidase (A; complex IV 
of the respiratory chain) and of photosystem | 
of a cyanobacterium (B). These two molecules 
are among the few integral membrane pro- 
teins for which the structure is known in de- 
tail. Both structures were determined by X- 
ray crystallography. 


A. Cytochrome c oxidase O 


The enzyme cytochrome c oxidase (“COX,” EC 
1.9.3.1) catalyzes the final step of the respira- 
tory chain. It receives electrons from the small 
heme protein cytochrome c and transfers 
them to molecular oxygen, which is thereby 
reduced to water (see p. 140). At the same 
time, 2-4 protons per water molecule formed 
are pumped from the matrix into the inter- 
membrane space. 

Mammalian COX (the illustration shows 
the enzyme from bovine heart) is a dimer 
that has two identical subunits with masses 
of 204 kDa each. Only one subunit is shown in 
detail here; the other is indicated by gray 
lines. Each subunit consists of 13 different 
polypeptides, which all span the inner mito- 
chondrial membrane. Only polypeptides | 
(light blue) and II (dark blue) and the linked 
cofactors are involved in electron transport. 
The other chains, which are differently ex- 
pressed in the different organs, probably 
have regulatory functions. The two heme 
groups, heme a (orange) and heme a; (red) 
are bound in polypeptide 1. The copper center 
Cu, consists of two copper ions (green), 
which are coordinated by amino acid residues 
in polypeptide II. The second copper (Cug) is 
located in polypeptide I near heme a3. 

To reduce an O, molecule to two molecules 
of H,0, a total of four electrons are needed, 
which are supplied by cytochrome c (pink, top 
left) and initially given off to Cua. From there, 
they are passed on via heme a and heme a3 to 
the enzyme’s reaction center, which is located 
between heme a3 and Cug. The reduction of 
the oxygen takes place in several steps, with- 
out any intermediate being released. The four 
protons needed to produce water and the H* 
ions pumped into the intermembrane space 


are taken up by two channels (D and K, not 
shown). The mechanism that links proton 
transport to electron transfer is still being 
investigated. 


B. Reaction center of Synechococcus 
elongatus O 


Photosystem I (PS I) in the cyanobacterium 
Synechococcus elongatus is the first system of 
this type for which the structure has been 
solved in atomic detail. Although the bacterial 
photosystem differs slightly from the systems 
in higher plants, the structure provides val- 
uable hints about the course of the light re- 
actions in photosynthesis (see p. 128). The 
functioning of the photosystem is discussed 
in greater detail on p. 130. 

The functional form of PS I in S. elongatus 
consists of a trimer with a mass of more than 
10° Da that is integrated into the membrane. 
Only one of the three subunits is shown here. 
This consists of 12 different polypeptides 
(gray-blue), 96 chlorophyll molecules (green), 
22 carotenoids (orange), several phylloqui- 
nones (yellow), and other components. Most 
of the chlorophyll molecules are so-called an- 
tenna pigments. These collect light energy 
and conduct it to the reaction center, which 
is located in the center of the structure and 
therefore not visible. In the reaction center, an 
electron is excited and transferred via various 
intermediate steps to a ferredoxin molecule 
(see p. 128). The chlorophylls (see formula) 
are heme-like pigments with a highly modi- 
fied tetrapyrrole ring, a central Mg?* ion, and 
an apolar phytol side chain. Shown here is 
chlorophyll a, which is also found in the re- 
action center of the S. elongatus photosystem. 

The yellow and orange-colored carot- 
enoids—e.g., carotene (see formula)—are 
auxiliary pigments that serve to protect the 
chloroplasts from oxidative damage. Danger- 
ous radicals can be produced during the light 
reaction—particularly singlet oxygen. Caroten- 
oids prevent compounds of this type from 
arising, or render them inactive. Carotenoids 
are also responsible for the coloring of leaves 
seen during fall. They are left behind when 
plants break down chlorophyll in order to 
recover the nitrogen it contains. 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


Energy Metabolism 133 





A. Cytochrome C oxidase 


Outer 
mitochondrial 
membrane 





Intermembrane space 
Cytochrome c 


Matrix 
mitochondrial 
membrane 


B. Photosystem | 


B-carotene 


» ~ 
~n et 
Mtn ace 
. , — Ay Am 


> 


Thylakoid membrane 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


134 Metabolism 


Oxoacid dehydrogenases 


The intermediary metabolism has multien- 
zyme complexes which, in a complex reaction, 
catalyze the oxidative decarboxylation of 2- 
oxoacids and the transfer to coenzyme A of 
the acyl residue produced. NAD* acts as the 
electron acceptor. In addition, thiamine di- 
phosphate, lipoamide, and FAD are also in- 
volved in the reaction. The oxoacid 
dehydrogenases include a) the pyruvate dehy- 
drogenase complex (PDH, pyruvate — acetyl 
CoA), b) the 2-oxoglutarate dehydrogenase 
complex of the tricarboxylic acid cycle (ODH, 
2-oxoglutarate — succinyl CoA), and c) the 
branched chain dehydrogenase complex, which 
is involved in the catabolism of valine, leu- 
cine, and isoleucine (see p. 414). 


A. Pyruvate dehydrogenase: reactions O 


The pyruvate dehydrogenase reaction takes 
place in the mitochondrial matrix (see 
p. 210). Three different enzymes [E1-E3] 
form the PDH multienzyme complex (see B). 

[1] Initially, pyruvate dehydrogenase [E1]| 
catalyzes the decarboxylation of pyruvate 
and the transfer of the resulting hydroxyethyl 
residue to thiamine diphosphate (TPP, 1a). The 
same enzyme then catalyzes oxidation of the 
TPP-bound hydroxyethyl group to yield an 
acetyl residue. This residue and the reducing 
equivalents obtained are then transferred to 
lipoamide (1b). 

[2] The second enzyme, dihydrolipoamide 
acetyltransferase [E2], shifts the acetyl residue 
from lipoamide to coenzyme A (2), with dihy- 
drolipoamide being left over. 

[3] The third enzyme, dihydrolipoamide de- 
hydrogenase [E3], reoxidizes dihydrolipo- 
amide, with NADH+H* being formed. The 
electrons are first taken over by enzyme- 
bound FAD (3a) and then transferred via a 
catalytically active disulfide bond in the E3 
subunit (not shown) to soluble NAD* (3b). 

The five different coenzymes involved are 
associated with the enzyme components in 
different ways. Thiamine diphosphate is 
non-covalently bound to E1, whereas lipo- 
amide is covalently bound to a lysine residue 
of E2 and FAD is bound as a prosthetic group to 
E3. NAD* and coenzyme A, being soluble 
coenzymes, are only temporarily associated 
with the complex. 


An important aspect of PDH catalysis is the 
spatial relationship between the components 
of the complex. The covalently bound lipo- 
amide coenzyme is part of a mobile domain 
of E2, and is therefore highly mobile. This 
structure is known as the lipoamide arm, and 
swings back and forth between E1 and E3 
during catalysis. In this way, lipoamide can 
interact with the TPP bound at E1, with solute 
coenzyme A, and also with the FAD that 
serves as the electron acceptor in E3. 


B. PDH complex of Escherichia coli O 


The PDH complex of the bacterium Escheri- 
chia coli has been particularly well studied. It 
has a molecular mass of 5.3. 10°, and with a 
diameter of more than 30 nm it is larger than 
a ribosome. The complex consists of a total of 
60 polypeptides (1, 2): 24 molecules of E2 
(eight trimers) form the almost cube-shaped 
core of the complex. Each of the six surfaces of 
the cube is occupied by a dimer of E3 compo- 
nents, while each of the twelve edges of the 
cube is occupied by dimers of E1 molecules. 
Animal oxoacid dehydrogenases have similar 
structures, but differ in the numbers of sub- 
units and their molecular masses. 


Further information 


The PDH reaction, which is practically irrever- 
sible, occupies a strategic position at the inter- 
face between carbohydrate and fatty acid me- 
tabolism, and also supplies acetyl residues to 
the tricarboxylic acid cycle. PDH activity is 
therefore strictly regulated (see p. 144). Inter- 
conversion is particularly important in animal 
cells (see p. 120). Several PDH-specific protein 
kinases inactivate the E1 components through 
phosphorylation, while equally specific pro- 
tein phosphatases reactivate it again. The 
binding of the kinases and phosphatases to 
the complex is in turn regulated by metabo- 
lites. For example, high concentrations of ace- 
tyl CoA promote binding of kinases and 
thereby inhibit the reaction, while Ca?* in- 
creases the activity of the phosphatase. Insu- 
lin activates PDH via inhibition of phosphor- 
ylation. 
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Tricarboxylic acid cycle: reactions 


The tricarboxylic acid cycle (TCA cycle, also 
known as the citric acid cycle or Krebs cycle) 
is a cyclic metabolic pathway in the mitochon- 
drial matrix (see p. 210). In eight steps, it oxi- 
dizes acetyl residues (CH3-CO-) to carbon di- 
oxide (CO). The reducing equivalents ob- 
tained in this process are transferred to 
NAD* or ubiquinone, and from there to the 
respiratory chain (see p. 140). Additional met- 
abolic functions of the cycle are discussed on 
p. 138. 


A. Tricarboxylic acid cycle ® 


The acetyl-CoA that supplies the cycle with 
acetyl residues is mainly derived from #4 
oxidation of fatty acids (see p. 164) and from 
the pyruvate dehydrogenase reaction. Both of 
these processes take place in the mitochon- 
drial matrix. 

[1] In the first step of the cycle, citrate 
synthase catalyzes the transfer of an acetyl 
residue from acetyl CoA to a carrier molecule, 
oxaloacetic acid. The product of this reaction, 
tricarboxylic acid, gives the cycle its name. 

[2] In the next step, tricarboxylic acid 
undergoes isomerization to yield isocitrate. 
In the process, only the hydroxyl group is 
shifted within the molecule. The correspond- 
ing enzyme is called aconitate hydratase 
(“aconitase”), because unsaturated aconitate 
arises as an enzyme-bound intermediate dur- 
ing the reaction (not shown; see p. 8). Due to 
the properties of aconitase, the isomerization 
is absolutely stereospecific. Although citrate is 
not chiral, isocitrate has two chiral centers, so 
that it could potentially appear in four iso- 
meric forms. However, in the tricarboxylic 
acid cycle, only one of these stereoisomers, 
(2R,3S)-isocitrate, is produced. 

[3] The first oxidative step now follows. 
Isocitrate dehydrogenase oxidizes the hy- 
droxyl group of isocitrate into an oxo group. 
At the same time, a carboxyl group is released 
as CO, and 2-oxoglutarate (also known as a- 
ketoglutarate) and NADH+H‘" are formed. 

[4] The next step, the formation of succinyl 
CoA, also involves one oxidation and one de- 
carboxylation. It is catalyzed by 2-oxogluta- 
rate dehydrogenase, a multienzyme complex 
closely resembling the PDH complex (see 


p. 134). NADH+H™ is once again formed in 
this reaction. 

[5] The subsequent cleavage of the thio- 
ester succinylCoA into succinate and coen- 
zyme A by succinic acid-CoA ligase (succinyl 
CoA synthetase, succinic thiokinase) is 
strongly exergonic and is used to synthesize 
a phosphoric acid anhydride bond (“substrate 
level phosphorylation ”, see p. 124). However, it 
is not ATP that is produced here as is other- 
wise usually the case, but instead guanosine 
triphosphate (GTP). However, GTP can be con- 
verted into ATP by a nucleoside diphosphate 
kinase (not shown). 

[6] Via the reactions described so far, the 
acetyl residue has been completely oxidized 
to CO>. At the same time, however, the carrier 
molecule oxaloacetate has been reduced to 
succinate. Three further reactions in the cycle 
now regenerate oxaloacetate from succinate. 
Initially, succinate dehydrogenase oxidizes 
succinate to fumarate. In contrast to the other 
enzymes inthe cycle, succinate dehydrogenase 
is anintegral protein ofthe inner mitochondrial 
membrane. It is therefore also assigned to the 
respiratory chain as complex II. Although suc- 
cinate dehydrogenase contains FAD as a pros- 
thetic group, ubiquinone is the real electron 
acceptor of the reaction. 

[7] Water is now added to the double bond 
of fumarate by fumarate hydratase (“fuma- 
rase”), and chiral (2S)-malate is produced. 

[8] In the last step of the cycle, malate is 
again oxidized by malate dehydrogenase into 
oxaloacetate, with NADH+H" again being pro- 
duced. With this reaction, the cycle is com- 
plete and can start again from the beginning. 
As the equilibrium of the reaction lies well on 
the side of malate, the formation of oxaloace- 
tic acid by reaction [8] depends on the 
strongly exergonic reaction [1], which imme- 
diately removes it from the equilibrium. 

The net outcome is that each rotation of 
the tricarboxylic acid cycle converts one ace- 
tyl residue and two molecules of H,0 into two 
molecules of CO,. At the same time, one GTP, 
three NADH+H"* and one reduced ubiquinone 
(QH>2) are produced. By oxidative phosphory- 
lation (see p. 122), the cell obtains around 
nine molecules of ATP from these reduced 
coenzymes (see p. 146). Together with the 
directly formed GTP, this yields a total of 10 
ATP per acetyl group. 
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Ultraviolet Blood Irradiation 


This is not an endorsement for this medical treatment; see your own physician for any medical problems. 
UV Blood Irradiation - educational purposes only, not medical advice. 


UBI--Irradiating Blood For Infections 


Application of Ultraviolet Blood Irradiation for Treatment of 
HIV and Other Blood borne Viruses 


by Dr. Carl SchleicherFoundation for Blood Irradiation 
Note:Dr. Schleicher died in 1999 


Abstract 


This paper describes an innovative method of inactivating 
blood-borne viruses using ultraviolet blood irradiation called 
UBI therapy. This process has shown impressive clinical 
results in treating hepatitis, HIV, and other currently 
untreatable viruses. The background, theory, and method of 
using UBI therapy is presented in this paper. This method offers a potential break-through in the treatment of viral 





diseases and bacteria, and is nontoxic, uses no drugs, and even has FDA certification, and thus is available now for 
use. 


Ultraviolet blood irradiation first evolved in the early 1930s as a means to treat persons afflicted with the poliovirus 
which was causing considerable anguish and fear similar to the advent of the HIV in the 1980s and continuing. Then in 
the 1950s the Salk vaccine wiped out polio in the U.S. and, as a result of this fact and other reasons, this process fell in 
disuse until recent years. This process has now been resurrected by the Foundation for Blood Irradiation (FFBI) which 
had been originally founded in the 1940s by the developers of this process, most of whom are now deceased, who left 
this to the next generation of researchers to continue. Much credit for the early develonment of this technoloayv aoes 
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Tricarboxylic acid cycle: functions 


A. Tricarboxylic acid cycle: functions ® 


The tricarboxylic acid cycle (see p. 136) is 
often described as the “hub of intermediary 
metabolism.” It has both catabolic and ana- 
bolic functions—it is amphibolic. 

As a catabolic pathway, it initiates the “ter- 
minal oxidation” of energy substrates. Many 
catabolic pathways lead to intermediates of 
the tricarboxylic acid cycle, or supply metab- 
olites such as pyruvate and acetyl-CoA that 
can enter the cycle, where their C atoms are 
oxidized to CO . The reducing equivalents 
(see p. 14) obtained in this way are then 
used for oxidative phosphorylation—i.e., to 
aerobically synthesize ATP (see p. 122). 


The tricarboxylic acid cycle also supplies 
important precursors for anabolic pathways. 
Intermediates in the cycle are converted into: 


e Glucose (gluconeogenesis; precursors: oxa- 
loacetate and malate—see p. 154) 

e Porphyrins (precursor: succinyl-CoA—see 
p. 192) 

e Amino acids (precursors: 2-oxoglutarate, 
oxaloacetate—see p. 184) 

e Fatty acids and isoprenoids (precursor: cit- 
rate—see below) 


The intermediates of the tricarboxylic acid 
cycle are present in the mitochondria only in 
very small quantities. After the oxidation of 
acetyl-CoA to COz, they are constantly regen- 
erated, and their concentrations therefore re- 
main constant, averaged over time. Anabolic 
pathways, which remove intermediates of the 
cycle (e.g., gluconeogenesis) would quickly 
use up the small quantities present in the 
mitochondria if metabolites did not reenter 
the cycle at other sites to replace the com- 
pounds consumed. Processes that replenish 
the cycle in this way are called anaplerotic 
reactions. 

The degradation of most amino acids is 
anaplerotic, because it produces either inter- 
mediates of the cycle or pyruvate (glucogenic 
amino acids; see p. 180). Gluconeogenesis is in 
fact largely sustained by the degradation of 
amino acids. A particularly important ana- 
plerotic step in animal metabolism leads 
from pyruvate to oxaloacetic acid. This ATP- 
dependent reaction is catalyzed by pyruvate 


carboxylase [1]. It allows pyruvate yielding 
amino acids and lactate to be used for gluco- 
neogenesis. 

By contrast, acetyl CoA does not have ana- 
plerotic effects in animal metabolism. Its car- 
bon skeleton is completely oxidized to CO, 
and is therefore no longer available for bio- 
synthesis. Since fatty acid degradation only 
supplies acetyl CoA, animals are unable to 
convert fatty acids into glucose. During peri- 
ods of hunger, it is therefore not the fat re- 
serves that are initially drawn on, but pro- 
teins. In contrast to fatty acids, the amino 
acids released are able to maintain the blood 
glucose level (see p. 308). 


The tricarboxylic acid cycle not only takes 
up acetyl CoA from fatty acid degradation, but 
also supplies the material for the biosynthesis 
of fatty acids and isoprenoids. Acetyl CoA, 
which is formed in the matrix space of mito- 
chondria by pyruvate dehydrogenase (see 
p. 134), is not capable of passing through the 
inner mitochondrial membrane. The acetyl 
residue is therefore condensed with oxalo- 
acetate by mitochondrial citrate synthase to 
form citrate. This then leaves the mitochon- 
dria by antiport with malate (right; see 
p. 212). In the cytoplasm, it is cleaved again 
by ATP-dependent citrate lyase [4] into acetyl- 
CoA and oxaloacetate. The oxaloacetate 
formed is reduced by a cytoplasmic malate 
dehydrogenase to malate [2], which then re- 
turns to the mitochondrion via the antiport 
already mentioned. Alternatively, the malate 
can be oxidized by “malic enzyme” [5], with 
decarboxylation, to pyruvate. The NADPH+H* 
formed in this process is also used for fatty 
acid biosynthesis. 


Additional information 


Using the so-called glyoxylic acid cycle, plants 
and bacteria are able to convert acetyl-CoA 
into succinate, which then enters the tricar- 
boxylic acid cycle. For these organisms, fat 
degradation therefore functions as an ana- 
plerotic process. In plants, this pathway is 
located in special organelles, the glyoxysomes. 
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A. Tricarboxylic acid cycle: functions 
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Respiratory chain 


The respiratory chain is one of the pathways 
involved in oxidative phosphorylation (see 
p. 122). It catalyzes the steps by which elec- 
trons are transported from NADH+H" or re- 
duced ubiquinone (QH2) to molecular oxygen. 
Due to the wide difference between the redox 
potentials of the donor (NADH+H™ or QH2) 
and the acceptor (O32), this reaction is strongly 
exergonic (see p. 18). Most of the energy re- 
leased is used to establish a proton gradient 
across the inner mitochondrial membrane 
(see p. 126), which is then ultimately used to 
synthesize ATP with the help of ATP synthase. 


A. Components of the respiratory chain ® 


The electron transport chain consists of three 
protein complexes (complexes I, Ill, and IV), 
which are integrated into the inner mitochon- 
drial membrane, and two mobile carrier mol- 
ecules—ubiquinone (coenzyme Q) and cyto- 
chrome c. Succinate dehydrogenase, which ac- 
tually belongs to the tricarboxylic acid cycle, 
is also assigned to the respiratory chain as 
complex Il. ATP synthase (see p. 142) is some- 
times referred to as complex V, although it is 
not involved in electron transport. With the 
exception of complex I, detailed structural in- 
formation is now available for every complex 
of the respiratory chain. 

All of the complexes in the respiratory 
chain are made up of numerous polypeptides 
and contain a series of different protein 
bound redox coenzymes (see pp. 104, 106). 
These include flavins (FMN or FAD in com- 
plexes I and Il), iron-sulfur clusters (in I, Il, 
and III), and heme groups (in II, III, and IV). 
Of the more than 80 polypeptides in the res- 
piratory chain, only 13 are coded by the mi- 
tochondrial genome (see p. 210). The remain- 
der are encoded by nuclear genes, and have to 
be imported into the mitochondria after 
being synthesized in the cytoplasm (see 
p. 228). 

Electrons enter the respiratory chain in var- 
ious different ways. In the oxidation of 
NADH+H* by complex I, electrons pass via 
FMN and Fe/S clusters to ubiquinone (Q). Elec- 
trons arising during the oxidation of succinate, 
acyl CoA, and other substrates are passed to 
ubiquinone by succinate dehydrogenase or 
other mitochondrial dehydrogenases via en- 


zyme-bound FADH, and the electron-trans- 
porting flavoprotein (ETF; see p. 164). Ubiq- 
uinol passes electrons on to complex III, which 
transfers them via two b-type heme groups, 
one Fe/S cluster, and heme c, to the small 
heme protein cytochrome c. Cytochrome c 
then transports the electrons to complex 
IV—cytochrome c oxidase. Cytochrome c oxi- 
dase contains redox-active components in the 
form of two copper centers (Cu, and Cug) and 
hemes a and a3, through which the electrons 
finally reach oxygen (see p. 132). As the result 
of the two-electron reduction of O,, the 
strongly basic O?~ anion is produced (at least 
formally), and this is converted into water by 
binding of two protons. The electron transfer 
is coupled to the formation of a proton gradi- 
ent by complexes ], III, and IV (see p. 126). 


B. Organization O 


Proton transport via complexes I, III, and IV 
takes place vectorially from the matrix into 
the intermembrane space. When electrons 
are being transported through the respiratory 
chain, the H* concentration in this space in- 
creases—i.e., the pH value there is reduced by 
about one pH unit. For each H,0 molecule 
formed, around 10 H” ions are pumped into 
the intermembrane space. If the inner mem- 
brane is intact, then generally only ATP syn- 
thase (see p. 142) can allow protons to flow 
back into the matrix. This is the basis for the 
coupling of electron transport to ATP synthe- 
sis, which is important for regulation pur- 
poses (see p. 144). 

As mentioned, although complexes I 
through V are all integrated into the inner 
membrane of the mitochondrion, they are not 
usually in contact with one another, since the 
electrons are transferred by ubiquinone and 
cytochrome c. With its long apolar side chain, 
ubiquinone is freely mobile within the mem- 
brane. Cytochrome c is water-soluble and is 
located on the outside of the inner membrane. 

NADH oxidation via complex I takes place 
on the inside of the membrane—i.e., in the 
matrix space, where the tricarboxylic acid 
cycle and B-oxidation (the most important 
sources of NADH) are also located. O2 reduc- 
tion and ATP formation also take place in the 
matrix. 
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A. Components of the respiratory chain 
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ATP synthesis 


In the respiratory chain (see p. 140), electrons 
are transferred from NADH or ubiquinol (QH2) 
to Oz. The energy obtained in this process is 
used to establish a proton gradient across the 
inner mitochondrial membrane. ATP synthe- 
sis is ultimately coupled to the return of pro- 
tons from the intermembrane space into the 
matrix. 


A. Redox systems of the respiratory chain 0 


The electrons provided by NADH do not reach 
oxygen directly, but instead are transferred to 
it in various steps. They pass through at least 
10 intermediate redox systems, most of which 
are bound as prosthetic groups in complexes 
I, III, and IV. The large number of coenzymes 
involved in electron transport may initially 
appear surprising. However, as discussed on 
p. 18, in redox reactions, the change in free 
enthalpy AG—i.e., the chemical work that is 
done—depends only on the difference in re- 
dox potentials AE between the donor and the 
acceptor. Introducing additional redox sys- 
tems does not alter the reaction’s overall en- 
ergy yield. In the case of the respiratory chain, 
the difference between the normal potential 
of the donor (NAD*/NADH+H‘, E° = -0.32 V) 
and that of the acceptor (0/H,0, E® = 
+0.82 V) corresponds to an energy difference 
AG°’ of more than 200 kJ mol"!. This large 
amount is divided into smaller, more 
manageable “packages,” the size of which is 
determined by the difference in redox poten- 
tials between the respective intermediates. It 
is assumed that this division is responsible for 
the astonishingly high energy yield (about 
60%) achieved by the respiratory chain. 

The illustration shows the important redox 
systems involved in mitochondrial electron 
transport and their approximate redox poten- 
tials. These potentials determine the path fol- 
lowed by the electrons, as the members of a 
redox series have to be arranged in order of 
increasing redox potential if transport is to 
occur spontaneously (see p. 32). 

In complex 1, the electrons are passed from 
NADH+H*" first to FMN (see p. 104) and then 
on to several iron-sulfur (Fe/S) clusters. These 
redox systems are only stable in the interior 
of proteins. Depending on the type, Fe/S clus- 
ters may contain two to six iron ions, which 


form complexes with inorganic sulfide and 
the SH groups of cysteine residues (see 
p. 286). Ubiquinone (coenzyme Q; _ see 
p. 104) is a mobile carrier that takes up elec- 
trons from complexes I and II and from re- 
duced ETF and passes them on to complex III. 
Heme groups are also involved in electron 
transport in a variety of ways. Type b hemes 
correspond to that found in hemoglobin (see 
p. 280). Heme c in cytochrome c is covalently 
bound to the protein, while the tetrapyrrole 
ring of heme a is isoprenylated and carries a 
formyl group. In complex IV, a copper ion (Cug) 
and heme az; react directly with oxygen. 


B. ATP synthase @ 


The ATP synthase (EC 3.6.1.34, complex V) that 
transports H* is a complex molecular ma- 
chine. The enzyme consists of two parts—a 
proton channel (F,, for “oligomycin-sensitive” ) 
that is integrated into the membrane; and a 
catalytic unit (F,) that protrudes into the ma- 
trix. The F, part consists of 12 membrane- 
spanning c-peptides and one a-subunit. The 
“head” of the F; part is composed of three a 
and three 6B subunits, between which there 
are three active centers. The “stem” between 
F, and F, consists of one y and one ¢ subunit. 
Two more polypeptides, b and 6, form a kind 
of “stator,” fixing the a and B subunits relative 
to the F, part. 

The catalytic cycle can be divided into 
three phases, through each of which the three 
active sites pass in sequence. First, ADP and P; 
are bound (1), then the anhydride bond forms 
(2), and finally the product is released (3). 
Each time protons pass through the F, chan- 
nel protein into the matrix, all three active 
sites change from their current state to the 
next. It has been shown that the energy for 
proton transport is initially converted into a 
rotation of the y subunit, which in turn cycli- 
cally alters the conformation of the o and B 
subunits, which are stationary relative to the 
F, part, and thereby drives ATP synthesis. 
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A. Redox systems of the respiratory chain 
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Regulation 


The amount of nutrient degradation and ATP 
synthesis have to be continually adjusted to 
the body’s changing energy requirements. 
The need to coordinate the production and 
consumption of ATP is already evident from 
the fact that the total amounts of coenzymes 
in the organism are low. The human body 
forms about 65 kg ATP per day, but only con- 
tains 3-4 g of adenine nucleotides (AMP, ADP, 
and ATP). Each ADP molecule therefore has to 
be phosphorylated to ATP and dephosphory- 
lated again many thousand times a day. 


A. Respiratory control @ 


The simple regulatory mechanism which en- 
sures that ATP synthesis is “automatically” 
coordinated with ATP consumption is known 
as respiratory control. It is based on the fact 
that the different parts of the oxidative phos- 
phorylation process are coupled via shared 
coenzymes and other factors (left). 

Ifa cell is not using any ATP, hardly any ADP 
will be available in the mitochondria. Without 
ADP, ATP synthase (3) is unable to break down 
the proton gradient across the inner mito- 
chondrial membrane. This in turn inhibits 
electron transport in the respiratory chain 
(2), which means that NADH+H* can no lon- 
ger be reoxidized to NAD”. Finally, the result- 
ing high NADH/NAD* ratio inhibits the tricar- 
boxylic acid cycle (C), and thus slows down 
the degradation of the substrate SH2 (1). Con- 
versely, high rates of ATP utilization stimulate 
nutrient degradation and the respiratory 
chain via the same mechanism. 

If the formation of a proton gradient is 
prevented (right), substrate oxidation (1) 
and electron transport (2) proceed much 
more rapidly. However, instead of ATP, only 
heat is produced. 


B. Uncouplers ® 


Substances that functionally separate oxida- 
tion and phosphorylation from one another 
are referred to as uncouplers. They break 
down the proton gradient by allowing H* 
ions to pass from the intermembrane space 
back into the mitochondrial matrix without 
the involvement of ATP synthase. Uncoupling 
effects are produced by mechanical damage 


to the inner membrane (1) or by lipid-soluble 
substances that can transport protons 
through the membrane, such as 2,4- 
dinitrophenol (DNP, 2). Thermogenin (uncou- 
pling protein-1, UCP-1, 3)—an ion channel 
(see p. 222) in mitochondria of brown fat tis- 
sue—is a naturally occurring uncoupler. 
Brown fat is found, for example, in newborns 
and in hibernating animals, and serves exclu- 
sively to generate heat. In cold periods, nor- 
epinephrine activates the hormone-sensitive 
lipase (see p. 162). Increased lipolysis leads 
to the production of large quantities of free 
fatty acids. Like DNP, these bind H” ions in the 
intermembrane space, pass the UCP in this 
form, and then release the protons in the 
matrix again. This makes fatty acid degrada- 
tion independent of ADP availability—i.e., it 
takes place at maximum velocity and only 
produces heat (A). It is becoming increasingly 
clear that there are also UCPs in other cells, 
which are controlled by hormones such as 
thyroxine (see p. 374). This regulates the 
ATP yield and what is known as the basal 
metabolic rate. 


C. Regulation of the tricarboxylic acid cycle ® 


The most important factor in the regulation of 
the cycle is the NADH/NAD* ratio. In addition 
to pyruvate dehydrogenase (PDH) and oxoglu- 
tarate dehydrogenase (ODH; see p. 134), cit- 
rate synthase and isocitrate dehydrogenase are 
also inhibited by NAD" deficiency or an excess 
of NADH+H". With the exception of isocitrate 
dehydrogenase, these enzymes are also sub- 
ject to product inhibition by acetyl-CoA, suc- 
cinyl-CoA, or citrate. 

Interconversion processes (see p. 120) also 
play an important role. They are shown here 
in detail using the example of the PDH com- 
plex (see p. 134). The inactivating protein 
kinase [1a] is inhibited by the substrate pyru- 
vate and is activated by the products acetyl- 
CoA and NADH+H". The protein phosphatase 
[1b]—like isocitrate dehydrogenase [3] and the 
ODH complex [4]—is activated by Ca**. This is 
particularly important during muscle con- 
traction, when large amounts of ATP are 
needed. Insulin also activates the PDH com- 
plex (through inhibition of phosphorylation) 
and thereby promotes the breakdown of glu- 
cose and its conversion into fatty acids. 
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Respiration and fermentation 


A. Aerobic and anaerobic oxidation of 
glucose O 


In the presence of oxygen (i.e., in aerobic 
conditions), most animal cells are capable of 
“respiring” various types of nutrient (lipids, 
amino acids, and carbohydrates)—i.e., using 
oxidative processes to break them down com- 
pletely. If oxygen is lacking (i. e., in anaerobic 
conditions), only glucose can be used for ATP 
synthesis. Although in these conditions glu- 
cose breakdown in animals already ends in 
lactate and only produces small quantities of 
ATP, it is decisively important for the survival 
of cells at times of oxygen deficiency. 


In aerobic conditions (left), ATP is derived 
almost exclusively from oxidative phosphor- 
ylation (see p. 140). Fatty acids enter the mi- 
tochondria with the help of carnitine (see 
p. 164), and are broken down there into CoA- 
bound acetyl residues. Glucose is converted 
into pyruvate by glycolysis (see p. 150) in the 
cytoplasm. Pyruvate is then also transported 
into the mitochondrial matrix, where it is 
oxidatively decarboxylated by the pyruvate 
dehydrogenase complex (see p. 134) to yield 
acetyl-CoA. The reducing equivalents (2 
NADH+H* per glucose) that arise in glycolysis 
enter the mitochondrial matrix via the malate 
shuttle (see p. 212). The acetyl residues that 
are formed are oxidized to CO; in the tricar- 
boxylic acid cycle (see p. 136). Breakdown of 
amino acids also produces acetyl residues or 
products that can directly enter the tricarbox- 
ylic acid cycle (see p. 180). The reducing 
equivalents that are obtained are transferred 
to oxygen via the respiratory chain as re- 
quired. In the process, chemical energy is re- 
leased, which is used (via a proton gradient) 
to synthesize ATP (see p. 140). 


In the absence of oxygen—i.e., in anaerobic 
conditions—the picture changes completely. 
Since Oz is missing as the electron acceptor 
for the respiratory chain, NADH+H* and QH, 
can no longer be reoxidized. Consequently, 
not only is mitochondrial ATP synthesis 
halted, but also almost the whole metabolism 
in the mitochondrial matrix. The main reason 
for this is the high NADH+H* concentration 
and lack of NAD’, which inhibit the tricarbox- 


ylic acid cycle and the pyruvate dehydro- 
genase reaction (see p. 144). B-Oxidation 
and the malate shuttle, which are dependent 
on free NAD‘, also come to a standstill. Since 
amino acid degradation is also no longer able 
to contribute to energy production, the cell 
becomes totally dependent on ATP synthe- 
sized via the degradation of glucose by 
glycolysis. For this process to proceed contin- 
uously, the NADH+H* formed in the cyto- 
plasm has to be constantly reoxidized. Since 
this can no longer occur in the mitochondria, 
in anaerobic conditions animal cells reduce 
pyruvate to lactate and pass it into the blood. 
This type of process is called fermentation 
(see p. 148). The ATP yield is low, with only 
two ATPs per glucose arising during lactate 
synthesis. 


To estimate the number of ATP molecules 
formed in an aerobic state, it is necessary to 
know the P/O quotient—i.e., the molar ratio 
between synthesized ATP (“P”) and the water 
formed (“O”). During transport of two elec- 
trons from NADH+H*‘ to oxygen, about 10 pro- 
tons are transported into the intermembrane 
space, while from ubiquinol (QH2), the num- 
ber is only six. ATP synthase (see p. 142) prob- 
ably requires three H* to synthesize one ATP, 
so that maximum P/O quotients of around 3 
or 2 are possible. This implies a yield of up to 
38 ATP per mol of glucose. However, the ac- 
tual value is much lower. It needs to be taken 
into account that the transport of specific me- 
tabolites into the mitochondrial matrix and 
the exchange of ATP* for ADP? are also 
driven by the proton gradient (see p. 212). 
The P/O quotients for the oxidation of 
NADH+H* and QHz> are therefore more in the 
range of 2.5 and 1.5. If the energy balance of 
aerobic glycolysis is calculated on this basis, 
the result is a yield of around 32 ATP per 
glucose. However, this value is also not con- 
stant, and can be adjusted as required by the 
cell’s own uncouplers (UCPs; see p. 144) and 
other mechanisms. 
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Energy Metabolism 


A. Aerobic and anaerobic oxidation of glucose 
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Enzymes 


Hexokinase 
6-Phosphofructokinase 
Glyceraldehyde-3(P)DH 
Phosphoglycerate kinase 
Pyruvate kinase 

Lactate dehydrogenase 
Pyruvate dehydrogenase 
Isocitrate dehydrogenase 
Oxoglutarate dehydrogenase 
Malate dehydrogenase 
Succinate dehydrogenase 


Succinate-CoA ligase 


DH = dehydrogenase 
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Fermentations 


As discussed on p. 146, degradation of glucose 
to pyruvate is the only way for most organ- 
isms to synthesize ATP in the absence of oxy- 
gen. The NADH+H* that is also formed in this 
process has to be constantly reoxidized to 
NAD* in order to maintain glycolysis and 
thus ATP synthesis. In the animal organism, 
this is achieved by the reduction of pyruvate 
to lactate. In microorganisms, there are many 
other forms of NAD* regeneration. Processes 
of this type are referred to as fermentations. 
Microbial fermentation processes are often 
used to produce foodstuffs and alcoholic bev- 
erages, or to preserve food. Features common 
to all fermentation processes are that they 
start with pyruvate and only occur under 
anaerobic conditions. 


A. Lactic acid and propionic acid 
fermentation O 


Many milk products, such as sour milk, yo- 
gurt, and cheese are made by bacterial lactic 
acid fermentation (1). The reaction is the same 
as in animals. Pyruvate, which is mainly de- 
rived from degradation of the disaccharide 
lactose (see p. 38), is reduced to lactate by 
lactate dehydrogenase [1]. Lactic acid fermen- 
tation also plays an important role in the 
production of sauerkraut and silage. These 
products usually keep for a long time, because 
the pH reduction that occurs during fermen- 
tation inhibits the growth of putrefying bac- 
teria. 

Bacteria from the genera Lactobacillus and 
Streptococcus are involved in the first steps of 
dairy production (3). The raw materials pro- 
duced by their effects usually only acquire 
their final properties after additional fermen- 
tation processes. For example, the character- 
istic taste of Swiss cheese develops during a 
subsequent propionic acid fermentation. In 
this process, bacteria from the genus 
Propionibacterium convert pyruvate to propi- 
onate in a complex series of reactions (2). 


B. Alcoholic fermentation O 


Alcoholic beverages are produced by the fer- 
mentation of plant products that have a high 
carbohydrate content. Pyruvate, which is 
formed from glucose, is initially decarboxy- 


lated by pyruvate decarboxylase [2], which 
does not occur in animal metabolism, to pro- 
duce acetaldehyde (ethanal). When this is re- 
duced by alcohol dehydrogenase [3], with 
NADH being consumed, ethanol [3] is formed. 

Yeasts, unicellular fungi that belong to the 
eukaryotes (3), rather than bacteria, are re- 
sponsible for this type of fermentation. Yeasts 
are also often used in baking. They produce 
CO, and ethanol, which raise the dough. 
Brewers’ and bakers’ yeasts (Saccharomyces 
cerevisiae) are usually haploid and reproduce 
asexually by budding (3). They can live both 
aerobically and anaerobically. Wine is pro- 
duced by other types of yeast, some of which 
already live on the grapes. To promote the 
formation of ethanol, efforts are made to gen- 
erally exclude oxygen during alcoholic fer- 
mentation—for example, by covering dough 
with a cloth when it is rising and by ferment- 
ing liquids in barrels that exclude air. 


C. Beer brewing O 


Barley is the traditional starting material for 
the brewing of beer. Although cereal grains 
contain starch, they hardly have any free sug- 
ars. The barley grains are therefore first al- 
lowed to germinate so that starch-cleaving 
amylases are formed. Careful warming of the 
sprouting grain produces malt. This is then 
ground, soaked in water, and kept warm for 
a certain time. In the process, a substantial 
proportion of the starch is broken down into 
the disaccharide maltose (see p. 38). The 
product (the wort) is then boiled, yeast and 
hops are added, and the mixture is allowed to 
ferment for several days. The addition of hops 
makes the beer less perishable and gives it its 
slightly bitter taste. Other substances con- 
tained in hops act as sedatives and diuretics. 
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Glycolysis 


A. Balance @ 


Glycolysis is a catabolic pathway in the cyto- 
plasm that is found in almost all organisms— 
irrespective of whether they live aerobically 
or anaerobically. The balance of glycolysis is 
simple: glucose is broken down into two mol- 
ecules of pyruvate, and in addition two mol- 
ecules of ATP and two of NADH+H* are 
formed. 

In the presence of oxygen, pyruvate and 
NADH+H* reach the mitochondria, where 
they undergo further transformation (aerobic 
glycolysis; see p. 146). In anaerobic condi- 
tions, fermentation products such as lactate 
or ethanol have to be formed in the cytoplasm 
from pyruvate and NADH+H’, in order to re- 
generate NAD‘ so that glycolysis can continue 
(anaerobic glycolysis; see p. 146). In the anae- 
robic state, glycolysis is the only means of 
obtaining ATP that animal cells have. 


B. Reactions O 


Glycolysis involves ten individual steps, in- 
cluding three isomerizations and four phos- 
phate transfers. The only redox reaction takes 
place in step [6]. 

[1] Glucose, which is taken up by animal 
cells from the blood and other sources, is first 
phosphorylated to glucose 6-phosphate, with 
ATP being consumed. The glucose 6-phos- 
phate is not capable of leaving the cell. 

[2] In the next step, glucose 6-phosphate is 
isomerized into fructose 6-phosphate. 

[3] Using ATP again, another phosphoryla- 
tion takes place, giving rise to fructose 1,6- 


bisphosphate. Phosphofructokinase is the 
most important key enzyme in glycolysis 
(see p. 144). 


[4] Fructose 1,6-bisphosphate is broken 
down by aldolase into the C3 compounds glyc- 
eraldehyde 3-phosphate (also known as glyc- 
eral 3-phosphate) and glycerone 3-phosphate 
(dihydroxyacetone 3-phosphate). 

[5] The latter two products are placed in 
fast equilibrium by triosephosphate isomerase. 

[6] Glyceraldehyde 3-phosphate is now 
oxidized by glyceraldehyde-3-phosphate de- 
hydrogenase, with NADH+H"* being formed. 
In this reaction, inorganic phosphate is taken 
up into the molecule (substrate-level phos- 


phorylation; see p.124), and_ 1,3-bisphos- 
phoglycerate is produced. This intermediate 
contains a mixed acid-anhydride bond, the 
phosphate part of which is at a high chemical 
potential. 

[7] Catalyzed by phosphoglycerate kinase, 
this phosphate residue is transferred to ADP, 
producing 3-phosphoglycerate and ATP. The 
ATP balance is thus once again in equilibrium. 

[8] As a result of shifting of the remaining 
phosphate residue within the molecule, the 
isomer 2-phosphoglycerate is formed. 

[9] Elimination of water from 2-phospho- 
glycerate produces the phosphate ester of the 
enol form of pyruvate—phosphoenolpyruvate 
(PEP). This reaction also raises the second 
phosphate residue to a high potential. 

[10] In the last step, pyruvate kinase trans- 
fers this residue to ADP. The remaining enol 
pyruvate is immediately rearranged into 
pyruvate, which is much more stable. Along 
with step [7] and the thiokinase reaction in 
the tricarboxylic acid cycle (see p. 136), the 
pyruvate kinase reaction is one of the three 
reactions in animal metabolism that are able 
to produce ATP independently of the respira- 
tory chain. 

In glycolysis, two molecules of ATP are ini- 
tially used for activation ([1], [3]). Later, two 
ATPs are formed per C3 fragment. Overall, 
therefore, there is a small net gain of 2 mol 
ATP per mol of glucose. 


C. Energy profile O 


The energy balance of metabolic pathways de- 
pends not only on the standard changes in 
enthalpy AG°, but also on the concentrations 
of the metabolites (see p. 18). Fig. Cshows the 
actual enthalpy changes AG for the individual 
steps of glycolysis in erythrocytes. 

As can be seen, only three reactions ([1], 
[3], and [10]), are associated with large 
changes in free enthalpy. In these cases, the 
equilibrium lies well on the side of the prod- 
ucts (see p. 18). All of the other steps are 
freely reversible. The same steps are also fol- 
lowed—in the reverse direction—in gluconeo- 
genesis (see p. 154), with the same enzymes 
being activated as in glucose degradation. The 
non-reversible steps [1], [3], and [10] are by- 
passed in glucose biosynthesis (see p. 154). 
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Pentose phosphate pathway 


The pentose phosphate pathway (PPP, also 
known as_ the _ hexose monophosphate 
pathway) is an oxidative metabolic pathway 
located in the cytoplasm, which, like glycoly- 
sis, starts from glucose 6-phosphate. It sup- 
plies two important precursors for anabolic 
pathways: NADPH+H+, which is required for 
the biosynthesis of fatty acids and isopren- 
oids, for example (see p. 168), and ribose 5- 
phosphate, a precursor in nucleotide biosyn- 
thesis (see p. 188). 


A. Pentose phosphate pathway: 
oxidative part O 


The oxidative segment of the PPP converts 
glucose 6-phosphate to ribulose 5-phosphate. 
One CO, and two NADPH+H" are formed in 
the process. Depending on the metabolic 
state, the much more complex regenerative 
part of the pathway (see B) can convert some 
of the pentose phosphates back to hexose 
phosphates, or it can pass them on to glycol- 
ysis for breakdown. In most cells, less than 
10% of glucose 6-phosphate is degraded via 
the pentose phosphate pathway. 


B. Reactions @ 


[1] The oxidative part starts with the oxida- 
tion of glucose 6-phosphate by glucose-6- 
phosphate dehydrogenase. This forms 
NADPH+H" for the first time. The second 
product, 6-phosphogluconolactone, is an in- 
tramolecular ester (lactone) of 6-phospho- 
gluconate. 

[2] A specific hydrolase then cleaves the 
lactone, exposing the carboxyl group of 
6-phosphogluconate. 

[3] The last enzyme in the oxidative part is 
phosphogluconate dehydrogenase [3], which 
releases the carboxylate group of 6-phospho- 
gluconate as CO, and at the same time oxi- 
dizes the hydroxyl group at C3 to an oxo 
group. In addition to a second NADPH+H*", 
this also produces the ketopentose ribulose 
5-phosphate. This is converted by an isomer- 
ase to ribose 5-phosphate, the initial com- 
pound for nucleotide synthesis (top). 

The regenerative part of the PPP is only 
shown here schematically. A complete reac- 
tion scheme is given on p. 408. The function 


of the regenerative branch is to adjust the net 
production of NADPH+H" and pentose phos- 
phates to the cell’s current requirements. Nor- 
mally, the demand for NADPH+H* is much 
higher than that for pentose phosphates. In 
these conditions, the reaction steps shown 
first convert six ribulose 5-phosphates to 
five molecules of fructose 6-phosphate and 
then, by isomerization, regenerate five glu- 
cose 6-phosphates. These can once again sup- 
ply NADPH+H* to the oxidative part of the 
PPP. Repeating these reactions finally results 
in the oxidation of one glucose 6-phosphate 
into six CO». Twelve NADPH+H*" arise in the 
same process. In sum, no pentose phosphates 
are produced via this pathway. 

In the recombination of sugar phosphates 
in the regenerative part of the PPP, there are 
two enzymes that are particularly important: 

[5] Transaldolase transfers C3 units from 
sedoheptulose 7-phosphate, a ketose with 
seven C atoms, to the aldehyde group of glyc- 
eraldehyde 3-phosphate. 

[4] Transketolase, which contains thiamine 
diphosphate, transfers Cy fragments from one 
sugar phosphate to another. 

The reactions in the regenerative segment 
of the PPP are freely reversible. It is therefore 
easily possible to use the regenerative part of 
the pathway to convert hexose phosphates 
into pentose phosphates. This can occur 
when there is a high demand for pentose 
phosphates—e.g., during DNA replication in 
the S phase of the cell cycle (see p. 394). 


Additional information 


When energy in the form of ATP is required in 
addition to NADPH+H", the cell is able to 
channel the products of the regenerative 
part of the PPP (fructose 6-phosphate and 
glyceraldehyde 3-phosphate) into glycolysis. 
Further degradation is carried out via the tri- 
carboxylic acid cycle and the respiratory chain 
to CO, and water. Overall, the cell in this way 
obtains 12 mol NADPH+H* and around 
150 mol ATP from 6 mol glucose 6-phos- 
phate. PPP activity is stimulated by insulin 
(see p. 388). This not only increases the rate 
of glucose degradation, but also produces ad- 
ditional NADPH+H"* for fatty acid synthesis 
(see p. 168). 
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Gluconeogenesis 


Some tissues, such as brain and erythrocytes, 
depend on a constant supply of glucose. If the 
amount of carbohydrate taken up in food is 
not suf cient, the blood sugar level can be 
maintained for a limited time by degradation 
of hepatic glycogen (see p. 156). If these re- 
serves are also exhausted, de-novo synthesis 
of glucose (gluconeogenesis ) begins. The liver 
is also mainly responsible for this (see p. 310), 
but the tubular cells of the kidney also show a 
high level of gluconeogenetic activity (see 
p. 328). The main precursors for gluconeo- 
genesis are amino acids derived from muscle 
proteins. Another important precursor is 
lactate, which is formed in erythrocytes and 
muscle proteins when there is oxygen de- 
ficiency. Glycerol produced from the degrada- 
tion of fats can also be used for gluconeogen- 
esis. However, the conversion of fatty acids 
into glucose is not possible in animal metab- 
olism (see p. 138). The human organism can 
synthesize several hundred grams of glucose 
per day by gluconeogenesis. 


A. Gluconeogenesis ® 


Many of the reaction steps involved in gluco- 
neogenesis are catalyzed by the same en- 
zymes that are used in glycolysis (see 
p. 150). Other enzymes are specific to gluco- 
neogenesis and are only synthesized, under 
the influence of cortisol and glucagon when 
needed (see p. 158). Glycolysis takes place 
exclusively when needed in the cytoplasm, 
but gluconeogenesis also involves the mito- 
chondria and the endoplasmic reticulum (ER). 
Gluconeogenesis consumes 4 ATP (3 ATP + 1 
GTP) per glucose—i.e., twice as many as gly- 
colysis produces. 


[1] Lactate as a precursor for gluconeogen- 
esis is mainly derived from muscle (see Cori 
cycle, p. 338) and erythrocytes. LDH (see 
p. 98) oxidizes lactate to pyruvate, with 
NADH+H* formation. 

[2] The first steps of actual gluconeogenesis 
take place in the mitochondria. The reason for 
this “detour” is the equilibrium state of the 
pyruvate kinase reaction (see p. 150). Even 
coupling to ATP hydrolysis would not be suf- 
ficient to convert pyruvate directly into phos- 
phoenol pyruvate (PEP). Pyruvate derived 


from lactate or amino acids is therefore ini- 
tially transported into the mitochondrial ma- 
trix, and—in a biotin-dependent reaction cat- 
alyzed by pyruvate carboxylase—is carboxy- 
lated there to oxaloacetate. Oxaloacetate is 
also an intermediate in the tricarboxylic acid 
cycle. Amino acids with breakdown products 
that enter the cycle or supply pyruvate can 
therefore be converted into glucose (see 
p. 180). 

[3] The oxaloacetate formed in the mito- 
chondrial matrix is initially reduced to ma- 
late, which can leave the mitochondria via 
inner membrane transport systems (see 
p. 212). 

[4] In the cytoplasm, oxaloacetate is re- 
formed and then converted into phospho- 
enol pyruvate by a GTP-dependent PEP car- 
boxykinase. The subsequent steps up to fruc- 
tose 1,6-bisphosphate represent the reverse 
of the corresponding reactions involved in 
glycolysis. One additional ATP per C3 frag- 
ment is used for the synthesis of 1,3-bisphos- 
phoglycerate. 

Two gluconeogenesis-specific phosphat- 
ases then successively cleave off the phos- 
phate residues from fructose 1,6-bisphos- 
phate. In between these reactions lies the 
isomerization of fructose 6-phosphate to glu- 
cose 6-phosphate—another glycolytic reac- 
tion. 

[5] The reaction catalyzed by fructose 
1,6-bisphosphatase is an important regulation 
point in gluconeogenesis (see p. 158). 

[6] The last enzyme in the pathway, glucose 
6-phosphatase, occurs in the liver, but not in 
muscle. It is located in the interior of the 
smooth endoplasmic reticulum. Specific 
transporters allow glucose 6-phosphate to 
enter the ER and allow the glucose formed 
there to return to the cytoplasm. From there, 
it is ultimately released into the blood. 


Glycerol initially undergoes phosphoryla- 
tion at C-3 [7]. The glycerol 3-phosphate 
formed is then oxidized by an NAD*-depen- 
dent dehydrogenase to form glycerone 3- 
phosphate [8] and thereby channeled into 
gluconeogenesis. An FAD-dependent mito- 
chondrial enzyme is also able to catalyze 
this reaction (known as the “glycerophos- 
phate shuttle”; see p. 212). 
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Glycogen metabolism 


Glycogen (see p. 40) is used in animals as a 
carbohydrate reserve, from which glucose 
phosphates and glucose can be released 
when needed. Glucose storage itself would 
not be useful, as high concentrations within 
cells would make them strongly hypertonic 
and would therefore cause an influx of water. 
By contrast, insoluble glycogen has only low 
osmotic activity. 


A. Glycogen balance ® 


Animal glycogen, like amylopectin in plants, is 
a branched homopolymer of glucose. The glu- 
cose residues are linked by an a1—4-glyco- 
sidic bond. Every tenth or so glucose residue 
has an additional «1—6 bond to another 
glucose. These branches are extended by 
additional o1—4-linked glucose residues. 
This structure produces tree-shaped mole- 
cules consisting of up to 50000 residues 
(M>1 10’ Da). 

Hepatic glycogen is never completely de- 
graded. In general, only the nonreducing ends 
of the “tree” are shortened, or—when glucose 
is abundant—elongated. The reducing end of 
the tree is linked to a special protein, glyco- 
genin. Glycogenin carries out autocatalytic 
covalent bonding of the first glucose at one 
of its tyrosine residues and elongation of this 
by up to seven additional glucose residues. It 
is only at this point that glycogen synthase 
becomes active to supply further elongation. 

[1] The formation of glycosidic bonds be- 
tween sugars is endergonic. Initially, there- 
fore, the activated form—UDP-glucose—is 
synthesized by reaction of glucose 1-phos- 
phate with UTP (see p. 110). 

[2] Glycogen synthase now transfers glu- 
cose residues one by one from UDP-glucose 
to the non-reducing ends of the available 
“branches.” 

[3] Once the growing chain has reached a 
specific length (> 11 residues), the branching 
enzyme cleaves an oligosaccharide consisting 
of 6-7 residues from the end of it, and adds 
this into the interior of the same chain or a 
neighboring one with o1—6 linkage. These 
branches are then further extended by glyco- 
gen synthase. 

[4] The branched structure of glycogen al- 
lows rapid release of sugar residues. The most 


important degradative enzyme, glycogen 
phosphorylase, cleaves residues from a non- 
reducing end one after another as glucose 
1-phosphate. The larger the number of these 
ends, the more phosphorylase molecules can 
attack simultaneously. The formation of glu- 
cose 1-phosphate instead of glucose has the 
advantage that no ATP is needed to channel 
the released residues into glycolysis or the 
PPP. 

[5] [6] Due to the structure of glycogen 
phosphorylase, degradation comes to a halt 
four residues away from each branching 
point. Two more enzymes overcome this 
blockage. First, a glucanotransferase moves a 
trisaccharide from the side chain to the end of 
the main chain [5]. A 1,6-glucosidase [6] then 
cleaves the single remaining residue as a free 
glucose and leaves behind an unbranched 
chain that is once again accessible to phos- 
phorylase. 

The regulation of glycogen metabolism by 
interconversion, and the role of hormones in 
these processes, are discussed on p. 120. 


B. Glycogen balance ® 


The human organism can store up to 450 g of 
glycogen—one-third in the liver and almost all 
of the remainder in muscle. The glycogen 
content of the other organs is low. 

Hepatic glycogen is mainly used to main- 
tain the blood glucose level in the postresorp- 
tive phase (see p. 308). The glycogen content 
of the liver therefore varies widely, and can 
decline to almost zero in periods of extended 
hunger. After this, gluconeogenesis (see 
p. 154) takes over the glucose supply for the 
organism. Muscle glycogen serves as an energy 
reserve and is not involved in blood glucose 
regulation. Muscle does not contain any glu- 
cose 6-phosphatase and is therefore unable to 
release glucose into the blood. The glycogen 
content of muscle therefore does not fluctuate 
as widely as that of the liver. 
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A. Glycogen metabolism 
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Regulation 


A. Regulation of carbohydrate metabolism ® 


In all organisms, carbohydrate metabolism is 
subject to complex regulatory mechanisms 
involving hormones, metabolites, and 
coenzymes. The scheme shown here (still a 
simplified one) applies to the liver, which 
has central functions in carbohydrate metab- 
olism (see p. 306). Some of the control mech- 
anisms shown here are not effective in other 
tissues. 

One of the liver’s most important tasks is to 
store excess glucose in the form of glycogen 
and to release glucose from glycogen when 
required (buffer function). When the glycogen 
reserves are exhausted, the liver can provide 
glucose by de novo synthesis (gluconeogene- 
sis; see p. 154). In addition, like all tissues, the 
liver breaks glucose down via _ glycolysis. 
These functions have to be coordinated with 
each other. For example, there is no point in 
glycolysis and gluconeogenesis taking place 
simultaneously, and glycogen synthesis and 
glycogen degradation should not occur simul- 
taneously either. This is ensured by the fact 
that two different enzymes exist for important 
steps in both pathways, each of which cata- 
lyzes only the anabolic or the catabolic reac- 
tion. The enzymes are also regulated differ- 
ently. Only these key enzymes are shown 
here. 

Hormones. The hormones that influence 
carbohydrate metabolism include the pepti- 
des insulin and glucagon; a glucocorticoid, 
cortisol; and a catecholamine, epinephrine 
(see p.380). Insulin activates glycogen 
synthase ([1]; see p. 388), and induces several 
enzymes involved in glycolysis [3, 5, 7]. At the 
same time, insulin inhibits the synthesis of 
enzymes involved in_ gluconeogenesis 
(repression; [4, 6, 8, 9]). Glucagon, the antag- 
onist of insulin, has the opposite effect. It 
induces gluconeogenesis enzymes [4, 6, 8, 9] 
and represses pyruvate kinase [7], a key en- 
zyme of glycolysis. Additional effects of glu- 
cagon are based on the interconversion of en- 
zymes and are mediated by the second mes- 
senger CAMP. This inhibits glycogen synthesis 
[1] and activates glycogenolysis [2]. 
Epinephrine acts in a similar fashion. The in- 
hibition of pyruvate kinase [7] by glucagon is 
also due to interconversion. 


Glucocorticoids—mainly cortisol (see 
p. 374)—induce all of the key enzymes in- 
volved in gluconeogenesis [4, 6, 8, 9]. At the 
same time, they also induce enzymes in- 
volved in amino acid degradation and thereby 
provide precursors for gluconeogenesis. Reg- 
ulation of the expression of PEP carboxy- 
kinase, a key enzyme in gluconeogenesis, is 
discussed in detail on p. 244. 

Metabolites. High concentrations of ATP 
and citrate inhibit glycolysis by allosteric reg- 
ulation of phosphofructokinase. ATP also 
inhibits pyruvate kinase. Acetyl-CoA, an inhib- 
itor of pyruvate kinase, has a similar effect. All 
of these metabolites arise from glucose 
degradation (feedback inhibition). AMP and 
ADP, signals for ATP deficiency, activate gly- 
cogen degradation and inhibit gluconeogene- 
sis. 


B. Fructose 2,6-bisphosphate @ 


Fructose 2,6-bisphosphate (Fru-2,6-bP) plays 
an important part in carbohydrate metabo- 
lism. This metabolite is formed in small quan- 
tities from fructose 6-phosphate and has 
purely regulatory functions. It stimulates gly- 
colysis by allosteric activation of phospho- 
fructokinase and inhibits gluconeogenesis by 
inhibition of fructose 1,6-bisphosphatase. 

The synthesis and degradation of Fru-2,6- 
bP are catalyzed by one and the same protein 
[10a, 10b]. If the enzyme is present in an un- 
phosphorylated form [10a], it acts as a kinase 
and leads to the formation of Fru-2,6-bP. After 
phosphorylation by cAMP-dependent protein 
kinase A (PK-A), it acts as a phosphatase [10b] 
and now catalyzes the degradation of Fru-2,6- 
bP to fructose 6-phosphate. The equilibrium 
between [10a] and [10b] is regulated by hor- 
mones. Epinephrine and glucagon increase 
the cAMP level (see p. 120). As a result of 
increased PK-A activity, this reduces the Fru- 
2,6-bP concentration and inhibits glycolysis, 
while at the same time activating gluconeo- 
genesis. Conversely, via [10a], insulin acti- 
vates the synthesis of Fru-2,6-bP and thus 
glycolysis. In addition, insulin also inhibits 
the action of glucagon by reducing the cAMP 
level (see p. 120). 
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Diabetes mellitus 


Diabetes mellitus is a very common metabolic 
disease that is caused by absolute or relative 
insulin deficiency. The lack of this peptide 
hormone (see p. 76) mainly affects carbohy- 
drate and lipid metabolism. Diabetes mellitus 
occurs in two forms. In type 1 diabetes (in- 
sulin-dependent diabetes mellitus, IDDM), 
the insulin-forming cells are destroyed in 
young individuals by an autoimmune reac- 
tion. The less severe type 2 diabetes (non- 
insulin-dependent diabetes mellitus, NIDDM) 
usually has its first onset in elderly individu- 
als. The causes have not yet been explained in 
detail in this type. 


A. Insulin biosynthesis © 


Insulin is produced by the B cells of the islets 
of Langerhans in the pancreas. As is usual with 
secretory proteins, the hormone’s precursor 
(preproinsulin) carries a signal peptide that 
directs the peptide chain to the interior of 
the endoplasmic reticulum (see p. 210). Proin- 
sulin is produced in the ER by cleavage of the 
signal peptide and formation of disulfide 
bonds. Proinsulin passes to the Golgi appara- 
tus, where it is packed into vesicles—the B- 
granules. After cleavage of the C peptide, ma- 
ture insulin is formed in the B-granules and is 
stored in the form of zinc-containing hexam- 
ers until secretion. 


B. Effects of insulin deficiency ® 


The effects of insulin on carbohydrate 
metabolism are discussed on p. 158. In sim- 
plified terms, they can be described as stim- 
ulation of glucose utilization and inhibition of 
gluconeogenesis. In addition, the transport of 
glucose from the blood into most tissues is 
also insulin-dependent (exceptions to this in- 
clude the liver, CNS, and erythrocytes). 

The lipid metabolism of adipose tissue is 
also influenced by the hormone. In these cells, 
insulin stimulates the reorganization of glu- 
cose into fatty acids. This is mainly based on 
activation of acetyl CoA carboxylase (see 
p.162) and increased availability of 
NADPH+H* due to increased PPP activity 
(see p. 152). On the other hand, insulin also 
inhibits the degradation of fat by hormone- 


sensitive lipases (see p. 162) and prevents the 
breakdown of muscle protein. 

The effects of insulin deficiency on metab- 
olism are shown by arrows in the illustration. 
Particularly noticeable is the increase in the 
glucose concentration in the blood, from 
5mM to 9mM (90mg dL!) or more 
(hyperglycemia, elevated blood glucose 
level). In muscle and adipose tissue - the two 
most important glucose consumers—glucose 
uptake and glucose utilization are impaired 
by insulin deficiency. Glucose utilization in 
the liver is also reduced. At the same time, 
gluconeogenesis is stimulated, partly due to 
increased proteolysis in the muscles. This in- 
creases the blood sugar level still further. 
When the capacity of the kidneys to resorb 
glucose is exceeded (at plasma concentrations 
of 9 mM or more), glucose is excreted in the 
urine (glucosuria). 

The increased degradation of fat that oc- 
curs in insulin deficiency also has serious ef- 
fects. Some of the fatty acids that accumulate 
in large quantities are taken up by the liver 
and used for lipoprotein synthesis (hyperlipi- 
demia), and the rest are broken down into 
acetyl CoA. As the tricarboxylic acid cycle is 
not capable of taking up such large quantities 
of acetyl CoA, the excess is used to form ke- 
tone bodies (acetoacetate and /#hydroxy- 
butyrate see p. 312). As H” ions are released 
in this process, diabetics not receiving ad- 
equate treatment can suffer severe metabolic 
acidosis (diabetic coma). The acetone that is 
also formed gives these patients’ breath a 
characteristic odor. In addition, large amounts 
of ketone body anions appear in the urine 
(ketonuria). 

Diabetes mellitus can have serious secon- 
dary effects. A constantly raised blood sugar 
level can lead in the long term to changes in 
the blood vessels (diabetic angiopathy), kid- 
ney damage (nephropathy) and damage to 
the nervous system (neuropathy), as well as 
to cataracts in the eyes. 
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Overview 


A. Fat metabolism O 


Fat metabolism in adipose tissue (top). Fats 
(triacylglycerols) are the most important en- 
ergy reserve in the animal organism. They are 
mostly stored in insoluble form in the cells of 
adipose tissue—the adipocytes—where they 
are constantly being synthesized and broken 
down again. 


As precursors for the biosynthesis of fats 
(lipogenesis), the adipocytes use triacylgly- 
cerols from lipoproteins (VLDLs and chylomi- 
crons; see p. 278), which are formed in the 
liver and intestines and delivered by the 
blood. Lipoprotein lipase [1], which is located 
on the inner surface of the blood capillaries, 
cleaves these triacylglycerols into glycerol 
and fatty acids, which are taken up by the 
adipocytes and converted back into fats. 

The degradation of fats (lipolysis) is cata- 
lyzed in adipocytes by hormone-sensitive 
lipase [2|—an enzyme that is regulated by 
various hormones by cAMP-dependent inter- 
conversion (see p. 120). The amount of fatty 
acids released depends on the activity of this 
lipase; in this way, the enzyme regulates the 
plasma levels of fatty acids. 

In the blood plasma, fatty acids are trans- 
ported in free form—i.e., non-esterified. Only 
short-chain fatty acids are soluble in the 
blood; longer, less water-soluble fatty acids 
are transported bound to albumin. 


Degradation of fatty acids in the liver (left). 
Many tissues take up fatty acids from the 
blood plasma in order to synthesize fats or 
to obtain energy by oxidizing them. The me- 
tabolism of fatty acids is particularly intensive 
in the hepatocytes in the liver. 

The most important process in the degra- 
dation of fatty acids is B-oxidation—a meta- 
bolic pathway in the mitochondrial matrix 
(see p. 164). Initially, the fatty acids in the 
cytoplasm are activated by binding to coen- 
zyme A into acyl CoA [3]. Then, with the help 
of a transport system (the carnitine shuttle 
[4]; see p. 164), the activated fatty acids enter 
the mitochondrial matrix, where they are 
broken down into acetyl CoA. The resulting 
acetyl residues can be oxidized to CO, in the 
tricarboxylic acid cycle, producing reduced 


coenzyme and ATP derived from it by oxida- 
tive phosphorylation. If acetyl CoA production 
exceeds the energy requirements of the hepa- 
tocytes—as is the case when there is a high 
level of fatty acids in the blood plasma (typical 
in hunger and diabetes mellitus)—then the 
excess is converted into ketone bodies (see 
p. 312). These serve exclusively to supply 
other tissues with energy. 


Fat synthesis in the liver (right). Fatty acids 
and fats are mainly synthesized in the liver 
and in adipose tissue, as well as in the kid- 
neys, lungs, and mammary glands. Fatty acid 
biosynthesis occurs in the cytoplasm—in con- 
trast to fatty acid degradation. The most im- 
portant precursor is glucose, but certain 
amino acids can also be used. 

The first step is carboxylation of acetyl CoA 
to malonyl CoA. This reaction is catalyzed by 
acetyl-CoA carboxylase [5], which is the key 
enzyme in fatty acid biosynthesis. Synthesis 
into fatty acids is carried out by fatty acid 
synthase [6]. This multifunctional enzyme 
(see p. 168) starts with one molecule of ace- 
tyl-CoA and elongates it by adding malonyl 
groups in seven reaction cycles until palmi- 
tate is reached. One CO, molecule is released 
in each reaction cycle. The fatty acid therefore 
grows by two carbon units each time. 
NADPH+H* is used as the reducing agent 
and is derived either from the pentose phos- 
phate pathway (see p. 152) or from isocitrate 
dehydrogenase and malic enzyme reactions. 

The elongation of the fatty acid by fatty acid 
synthase concludes at Cj, and the product, 
palmitate (16:0), is released. Unsaturated 
fatty acids and long-chain fatty acids can arise 
from palmitate in subsequent reactions. Fats 
are finally synthesized from activated fatty 
acids (acyl CoA) and glycerol 3-phosphate 
(see p. 170). To supply peripheral tissues, 
fats are packed by the hepatocytes into lipo- 
protein complexes of the VLDL type and re- 
leased into the blood in this form (see p. 278). 
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Fatty acid degradation 


A. Fatty acid degradation: B-oxidation ® 


After uptake by the cell, fatty acids are 
activated by conversion into their CoA deriva- 
tives—acyl CoA is formed. This uses up two 
energy-rich anhydride bonds of ATP per fatty 
acid (see p. 162). For channeling into the mi- 
tochondria, the acyl residues are first trans- 
ferred to carnitine and then transported 
across the inner membrane as acyl carnitine 
(see B). 

The degradation of the fatty acids occurs in 
the mitochondrial matrix through an oxida- 
tive cycle in which C units are successively 
cleaved off as acetyl CoA (activated acetic 
acid). Before the release of the acetyl groups, 
each CH2 group at C-3 of the acyl residue (the 
B-C atom) is oxidized to the keto group— 
hence the term f-oxidation for this metabolic 
pathway. Both spatially and functionally, it is 
closely linked to the tricarboxylic acid cycle 
(see p. 136) and to the respiratory chain (see 
p. 140). 


[1] The first step is dehydrogenation of acyl 
CoA at C-2 and C-3. This yields an unsaturated 
A’-enoyl-CoA derivative with a trans-config- 
ured double bond. The two hydrogen atoms 
are initially transferred from FAD-containing 
acyl CoA dehydrogenase to the electron-trans- 
ferring flavoprotein (ETF). ETF dehydrogenase 
[5] passes them on from ETF to ubiquinone 
(coenzyme Q), acomponent of the respiratory 
chain (see p. 140). Other FAD-containing mi- 
tochondrial dehydrogenases are also able to 
supply the respiratory chain with electrons in 
this fashion. 

There are three isoenzymes (see p. 98) of 
acyl CoA dehydrogenase that are specialized 
for long-chain fatty acids (12-18 C atoms), 
medium-chain fatty acids (4-14), and short- 
chain fatty acids (4-8). 

[2] The next step in fatty acid degradation 
is the addition of a water molecule to the 
double bond of the enoyl CoA (hydration), 
with formation of §-hydroxyacyl CoA. 

[3] In the next reaction, the OH group at C- 
3 is oxidized to a carbonyl group (dehydro- 
genation). This gives rise to B-ketoacyl CoA, 
and the reduction equivalents are transferred 
to NAD’, which also passes them on to the 
respiratory chain. 


[4] B-Ketoacyl-CoA is now broken down by 
an acyl transferase into acetyl CoA and an acyl 
CoA shortened by 2 C atoms (“thioclastic 
cleavage”). 

Several cycles are required for complete 
degradation of long-chain fatty acids—eight 
cycles in the case of stearyl-CoA (C18:0), for 
example. The acetyl CoA formed can then 
undergo further metabolism in the tricarbox- 
ylic acid cycle (see p. 136), or can be used for 
biosynthesis. When there is an excess of ace- 
tyl CoA, the liver can also form ketone bodies 
(see p. 312). 

When oxidative degradation is complete, 
one molecule of palmitic acid supplies around 
106 molecules of ATP, corresponding to an 
energy of 3300 kJ mol’. This high energy 
yield makes fats an ideal form of storage for 
metabolic energy. Hibernating animals such 
as polar bears can meet their own energy 
requirements for up to 6 months solely by 
fat degradation, while at the same time pro- 
ducing the vital water they need via the res- 
piratory chain (“respiratory water”). 


B. Fatty acid transport ® 


The inner mitochondrial membrane has a 
group-specific transport system for fatty 
acids. In the cytoplasm, the acyl groups of 
activated fatty acids are transferred to carni- 
tine by carnitine acyltransferase [1]. They are 
then channeled into the matrix by an acylcar- 
nitine/carnitine antiport as acyl carnitine, in 
exchange for free carnitine. In the matrix, the 
mitochondrial enzyme carnitine acyltransfer- 
ase catalyzes the return transfer of the acyl 
residue to CoA. 

The carnitine shuttle is the rate-determin- 
ing step in mitochondrial fatty acid degrada- 
tion. Malonyl CoA, a precursor of fatty acid 
biosynthesis, inhibits carnitine acyltransferase 
(see p. 162), and therefore also inhibits uptake 
of fatty acids into the mitochondrial matrix. 

The most important regulator of B-oxida- 
tion is the NAD*/NADH+H*’ ratio. If the respi- 
ratory chain is not using any NADH+H’, then 
not only the tricarboxylic acid cycle (see 
p. 136) but also B-oxidation come to a stand- 
still due to the lack of NAD*. 
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A. Fatty acid degradation: 3-oxidation 





Electron- 
transferring 
flavoprotein (ETF) 























Respiratory 
chain 










































































Acyl CoA 
(n -2 carbons) 










































































Acetyl CoA 


| 


Tricarboxylic acid cycle 









































Acyl-CoA dehydrogenase 1.3.99.3 














| 
A 
N 


2 | Enoyl-CoA hydratase 4.2.1.17 


























A Ree CS 


Respirato 
i i 4 if Bee gg co ivdrogenase 


Acetyl-CoA acyltransferase 2.3.1.16 












































ETF dehydrogenase [FAD, Fe4S,] 1.5.5.7 





B. Fatty acid transport 


Carnitine O Acyl 
O-palmitoyltransferase ee eraiGne 
2.3.1.21 


Carnitine Carnitine 


/ 


/ 


= Acyl 
[fj 


Acyl = “SS so — Acyl 
carnitine * carnitine 





Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


166 Metabolism 


Minor pathways of fatty acid 
degradation 


Most fatty acids are saturated and even-num- 
bered. They are broken down via B-oxidation 
(see p.164). In addition, there are special path- 
ways involving degradation of unsaturated 
fatty acids (A), degradation of fatty acids 
with an odd number of C atoms (B), a and w 
oxidation of fatty acids, and degradation in 
peroxisomes. 


A. Degradation of unsaturated fatty acids O 


Unsaturated fatty acids usually contain a cis 
double bond at position 9 or 12—e.g., linoleic 
acid (18:2; 9,12). As with saturated fatty acids, 
degradation in this case occurs via B-oxida- 
tion until the C-9-cis double bond is reached. 
Since enoyl-CoA hydratase only accepts sub- 
strates with trans double bonds, the corre- 
sponding enoyl-CoA is converted by an iso- 
merase from the cis-A’, cis- A° isomer into the 
trans-A’,cis-A° isomer [1]. Degradation by B- 
oxidation can now continue until a shortened 
trans-A’, cis-A* derivative occurs in the next 
cycle. This cannot be isomerized in the same 
way as before, and instead is reduced in an 
NADPH-dependent way to the trans-A*? com- 
pound [2]. After rearrangement by enoyl-CoA 
isomerase [1], degradation can finally be com- 
pleted via normal B-oxidation. 


B. Degradation of oddnumbered fatty acids O 


Fatty acids with an odd number of C atoms are 
treated in the same way as “normal” fatty 
acids—i.e., they are taken up by the cell with 
ATP-dependent activation to acyl CoA and are 
transported into the mitochondria with the 
help of the carnitine shuttle and broken 
down there by fB-oxidation (see p. 164). In 
the last step, propionyl CoA arises instead of 
acetyl CoA. This is first carboxylated by pro- 
pionyl CoA carboxylase into (S)-methylmalonyl 
CoA [3], which—after isomerization into the 
(R) enantiomer (not shown; see p. 411)—is 
isomerized into succinyl CoA [4]. 

Various coenzymes are involved in these 
reactions. The carboxylase [3] requires biotin, 
and the mutase [4] is dependent on coenzyme 
By2 (5’-deoxyadenosyl cobalamin; see p. 108). 
Succinyl-CoA is an intermediate in the tricar- 


boxylic acid cycle and is available for gluco- 
neogenesis through conversion into oxaloace- 
tate. Odd-numbered fatty acids from pro- 
pionyl-CoA can therefore be used to synthe- 
size glucose. 

This pathway is also important for rumi- 
nant animals, which are dependent on sym- 
biotic microorganisms to break down their 
food. The microorganisms produce large 
amounts of propionic acid as a degradation 
product, which the host can channel into the 
metabolism in the way described. 


Further information O 


In addition to the degradation pathways de- 
scribed above, there are also additional spe- 
cial pathways for particular fatty acids found 
in food. 

~ Oxidation is used to break down methyl- 
branched fatty acids. It takes place through 
step-by-step removal of C, residues, begins 
with a hydroxylation, does not require coen- 
zyme A, and does not produce any ATP. 

6 Oxidation—i.e., oxidation starting at the 
end of the fatty acid—also starts with a hy- 
droxylation catalyzed by a monooxygenase 
(see p. 316), and leads via subsequent oxida- 
tion to fatty acids with two carboxyl groups, 
which can undergo f-oxidation from both 
ends until Cg or Cg dicarboxylic acids are 
reached, which can be excreted in the urine 
in this form. 

Degradation of unusually long fatty acids. 
An alternative form of B-oxidation takes place 
in hepatic peroxisomes, which are specialized 
for the degradation of particularly long fatty 
acids (n > 20). The degradation products are 
acetyl-CoA and hydrogen peroxide (H203), 
which is detoxified by the catalase (see 
p. 32) common in peroxisomes. 


Enzyme defects are also known to exist in 
the minor pathways of fatty acid degradation. 
In Refsum disease, the methyl-branched phy- 
tanic acid (obtained from vegetable foods) 
cannot be degraded by a-oxidation. In Zell- 
weger syndrome, a peroxisomal defect means 
that long-chain fatty acids cannot be de- 
graded. 
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Fatty acid synthesis 


In the vertebrates, biosynthesis of fatty acids 
is catalyzed by fatty acid synthase, a multi- 
functional enzyme. Located in the cytoplasm, 
the enzyme requires acetyl CoA as a starter 
molecule. In a cyclic reaction, the acetyl resi- 
due is elongated by one C, unit at a time for 
seven cycles. NADPH+H‘” is used as a reducing 
agent in the process. The end product of the 
reaction is the saturated Cj, acid, palmitic 
acid. 


A. Fatty acid synthase ® 


Fatty acid synthase in vertebrates consists of 
two identical peptide chains—i.e., it is a ho- 
modimer. Each of the two peptide chains, 
which are shown here as hemispheres, cata- 
lyzes all seven of the partial reactions re- 
quired to synthesize palmitate. The spatial 
compression of several successive reactions 
into a single multifunctional enzyme has ad- 
vantages in comparison with separate en- 
zymes. Competing reactions are prevented, 
the individual reactions proceed in a coordi- 
nated way as if on a production line, and due 
to low diffusion losses they are particularly 
ef cient. 

Each subunit of the enzyme binds acetyl 
residues as thioesters at two different SH 
groups: at one peripheral cysteine residue 
(CysSH) and one central 4~phosphopante- 
theine group (Pan-SH). Pan-SH, which is very 
similar to coenzyme A (see p. 12), is cova- 
lently bound to a protein segment of the syn- 
thase known as the acyl-carrier protein (ACP). 
This part functions like a long arm that passes 
the substrate from one reaction center to the 
next. The two subunits of fatty acid synthase 
cooperate in this process; the enzyme is 
therefore only capable of functioning as a 
dimer. 

Spatially, the enzyme activities are ar- 
ranged into three different domains. 
Domain 1 catalyzes the entry of the substrates 
acetyl CoA and malonyl CoA by [ACP]-S- 
acetyltransferase [1] and _ [ACP]-Smalonyl 
transferase [2] and subsequent condensation 
of the two partners by 3-oxoacyl-[ACP]- 
synthase [3]. Domain 2 catalyzes the conver- 
sion of the 3-oxo group to a CH2 group by 3- 
oxoacyl-[ACP]-reductase [4], 3-hydroxyacyl- 
[ACP]-dehydratase [5], and enoyl-[ACP]-re- 


ductase [6]. Finally, domain 3 serves to release 
the finished product by acyl-[ACP]-hydrolase 
[7] after seven steps of chain elongation. 


B. Reactions of fatty acid synthase ® 


The key enzyme in fatty acid synthesis is ace- 
tyl CoA carboxylase (see p. 162), which pre- 
cedes the synthase and supplies the malonyl- 
CoA required for elongation. Like all carbox- 
ylases, the enzyme contains covalently bound 
biotin as a prosthetic group and is hormone- 
dependently inactivated by phosphorylation 
or activated by dephosphorylation (see 
p. 120). The precursor citrate (see p. 138) is 
an allosteric activator, while palmitoyl-CoA 
inhibits the end product of the synthesis 
pathway. 

[1] The first cycle (n = 1) starts with the 
transfer of an acetyl residue from acetyl CoA 
to the peripheral cysteine residue (Cys-SH). At 
the same time, 

[2] a malonyl residue is transferred from 
malonyl CoA to 4-phosphopantetheine (Pan- 
SH). 

[3] By condensation of the acetyl resi- 
due—or (in later cycles) the acyl residue—with 
the malonyl group, with simultaneous decar- 
boxylation, the chain is elongated. 

[4]-[6] The following three reactions (re- 
duction of the 3-oxo group, dehydrogenation 
of the 3-hydroxyl derivative, and renewed 
reduction of it) correspond in principle to a 
reversal of B-oxidation, but they are catalyzed 
by other enzymes and use NADPH+H*" instead 
of NADH+H* for reduction. They lead to an 
acyl residue bound at Pan-SH with 2n + 2 C 
atoms (n = the number of the cycle). Finally, 
depending on the length of the product, 

[1’] The acyl residue is transferred back to 
the peripheral cysteine, so that the next cycle 
can begin again with renewed loading of the 
ACP with a malonyl residue, or: 

[7] After seven cycles, the completed pal- 
mitic acid is hydrolytically released. 


In all, one acetyl-CoA and seven malonyl- 
CoA are converted with the help of 14 
NADPH+H* into one palmitic acid, 7 COz, 
6 H20, 8 CoA and 14 NADP”. Acetyl CoA car- 
boxylase also uses up seven ATP. 
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170 Metabolism 


Biosynthesis of complex lipids 


A. Biosynthesis of fats and phospholipids ® 


Complex lipids, such as neutral fats (triacyl- 
glycerols), phospholipids, and glycolipids, are 
synthesized via common reaction pathways. 
Most of the enzymes involved are associated 
with the membranes of the smooth endoplas- 
mic reticulum. 


The synthesis of fats and phospholipids 
starts with glycerol 3-phosphate. This com- 
pound can arise via two pathways: 

[1] By reduction from the _ glycolytic 
intermediate glycerone 3-phosphate (dihy- 
droxyacetone 3-phosphate; enzyme: glyc- 
erol-3-phosphate dehydrogenase (NAD+) 
1.1.1.8), or: 

[2] By phosphorylation of glycerol deriving 
from fat degradation (enzyme: glycerol kinase 
2.71.30). 

[3] Esterification of glycerol 3-phosphate 
with a long-chain fatty acid produces a 
strongly amphipathic lysophosphatidate (en- 
zyme: glycerol-3-phosphate acyltransferase 
2.3.1.15). In this reaction, an acyl residue is 
transferred from the activated precursor 
acyl-CoA to the hydroxy group at C-1. 

[4] Asecond esterification of this type leads 
to a phosphatidate (enzyme: 1-acylglycerol-3- 
phosphate acyltransferase 2.3.1.51). Unsatu- 
rated acyl residues, particularly oleic acid, 
are usually incorporated at C-2 of the glycerol. 
Phosphatidates (anions of phosphatidic acids) 
are the key molecules in the biosynthesis of 
fats, phospholipids, and glycolipids. 

[5] To biosynthesize fats (triacylglycerols), 
the phosphate residue is again removed by 
hydrolysis (enzyme: phosphatidate phospha- 
tase 3.1.3.4). This produces diacylglycerols 
(DAG). 

[6] Transfer of an additional acyl residue to 
DAG forms triacylglycerols (enzyme: diacyl- 
glycerol acyltransferase 2.3.1.20). This com- 
pletes the biosynthesis of neutral fats. They 
are packaged into VLDLs by the liver and re- 
leased into the blood. Finally, they are stored 
by adipocytes in the form of insoluble fat 
droplets. 


The biosynthesis of most phospholipids 
also starts from DAG. 

[7] Transfer of a phosphocholine residue to 
the free OH group gives rise to phosphatidyl- 
choline (lecithin; enzyme: 1-alkyl-2-acetyl- 
glycerolcholine phosphotransferase 2.7.8.16). 
The phosphocholine residue is derived from 
the precursor CDP-choline (see p. 110). Phos- 
phatidylethanolamine is similarly formed 
from CDP-ethanolamine and DAG. By 
contrast, phosphatidylserine is derived from 
phosphatidylethanolamine by an exchange of 
the amino alcohol. Further reactions serve to 
interconvert the phospholipids—e.g., phos- 
phatidylserine can be converted into phos- 
phatidylethanolamine by decarboxylation, 
and the latter can then be converted into 
phosphatidylcholine by methylation with S- 
adenosyl methionine (not shown; see also 
p. 409). The biosynthesis of phosphatidylino- 
sitol starts from phosphatidate rather than 
DAG. 

[8] In the lumen of the intestine, fats from 
food are mainly broken down into monoacyl- 
glycerols (see p. 270). The cells of the intesti- 
nal mucosa re-synthesize these into neutral 
fats. This pathway also passes via DAG 
(enzyme: acylglycerolpalmitoyl transferase 
2.3.1.22). 

[9] Transfer of a CMP residue gives rise first 
to CDP-diacylglycerol (enzyme: phosphatida- 
tecytidyl transferase 2.3.1.22). 

[10] Substitution of the CMP residue by 
inositol then provides phosphatidylinositol 
(PtdIns; enzyme: CDPdiacylglycerolinositol-3- 
phosphatidyl transferase 2.7.8.11). 

[12] An additional phosphorylation (en- 
zyme: phosphatidylinositol-4-phosphate kin- 
ase 2.7.1.68) finally provides phosphaditylino- 
sitol-4,5-bisphosphate (PIP2, PtdIns(4,5)P3). 
PIP, is the precursor for the second messen- 
gers 2,3-diacylglycerol (DAG) and _inositol- 
1,4,5-trisphosphate (InsP3, IP3; see p. 367). 

The biosynthesis of the sphingolipids is 
shown in schematic form on p. 409. 
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A. Biosynthesis of fats and phospholipids 


S Triacylglycerol Phosphatidylcholine 
a =j Choline 


= 
am -_ 


or 
ethanol- 


= (PP) amine 























Phosphatidylinositol 4-phosphate 









































Diacylglycerol 
= 
SP Foe 
a> 
Se) 
© 
Phosphatidylinositol 
Phosphatidate 
A 
apa] (P-P) 
10 ce) = 2-Monoacylglycerol 
Inositol 7 
Acyl CoA | 
Food 
CDP-diacylglycerol Lysophosphatidate 














ou 


¥ Acyl CoA 
4! N 1 -_ air << \ 
Glycerone 3-phosphate Glycerol Glycerol 


3-phosphate 














N 














Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


172 Metabolism 


Biosynthesis of cholesterol 


Cholesterol is a major constituent of the cell 
membranes of animal cells (see p. 216). It 
would be possible for the body to provide its 
full daily cholesterol requirement (ca. 1 g) by 
synthesizing it itself. However, with a mixed 
diet, only about half of the cholesterol is de- 
rived from endogenous biosynthesis, which 
takes place in the intestine and skin, and 
mainly in the liver (about 50%). The rest is 
taken up from food. Most of the cholesterol 
is incorporated into the lipid layer of plasma 
membranes, or converted into bile acids (see 
p. 314). A very small amount of cholesterol is 
used for biosynthesis of the steroid hormones 
(see p. 376). In addition, up to 1 g cholesterol 
per day is released into the bile and thus 
excreted. 


A. Cholesterol biosynthesis O 


Cholesterol is one of the isoprenoids, synthe- 
sis of which starts from acetyl CoA (see p. 52). 
In a long and complex reaction chain, the C:7 
sterol is built up from Cj components. The 
biosynthesis of cholesterol can be divided 
into four sections. In the first (1), 
mevalonate, a Cg, compound, arises from 
three molecules of acetyl CoA. In the second 
part (2), mevalonate is converted into isopen- 
tenyl diphosphate, the “active isoprene.” In 
the third part (3), six of these C; molecules 
are linked to produce squalene, a C39 com- 
pound. Finally, squalene undergoes cycliza- 
tion, with three C atoms being removed, to 
yield cholesterol (4). The illustration only 
shows the most important intermediates in 
biosynthesis. 

(1) Formation of mevalonate. The conver- 
sion of acetyl CoA to acetoacetyl CoA and then 
to 3-hydroxy-3-methylglutaryl CoA (3-HMG 
CoA) corresponds to the biosynthetic path- 
way for ketone bodies (details on p. 312). In 
this case, however, the synthesis occurs not in 
the mitochondria as in ketone body synthesis, 
but in the smooth endoplasmic reticulum. In 
the next step, the 3-HMG group is cleaved 
from the CoA and at the same time reduced 
to mevalonate with the help of NADPH+H*". 3- 
HMG CoA reductase is the key enzyme in cho- 
lesterol biosynthesis. It is regulated by repres- 
sion of transcription (effectors: oxysterols 
such as cholesterol) and by interconversion 


(effectors: hormones). Insulin and thyroxine 
stimulate the enzyme and glucagon inhibits it 
by cAMP-dependent phosphorylation. A large 
supply of cholesterol from food also inhibits 
3-HMG-CoA reductase. 

(2) Formation of isopentenyl diphosphate. 
After phosphorylation, mevalonate is decar- 
boxylated to isopentenyl diphosphate, with 
consumption of ATP. This is the component 
from which all of the isoprenoids are built 
(see p. 53). 

(3) Formation of squalene. Isopentenyl 
diphosphate undergoes isomerization to 
form dimethylallyl diphosphate. The two Cs 
molecules condense to yield geranyl diphos- 
phate, and the addition of another isopen- 
tenyl diphosphate produces farnesyl diphos- 
phate. This can then undergo dimerization, in 
a head-to-head reaction, to yield squalene. 
Farnesyl diphosphate is also the starting- 
point for other polyisoprenoids, such as doli- 
chol (see p. 230) and ubiquinone (see p. 52). 

(4) Formation of cholesterol. Squalene, a 
linear isoprenoid, is cyclized, with O2 being 
consumed, to form lanosterol, a C39 sterol. 
Three methyl groups are cleaved from this 
in the subsequent reaction steps, to yield the 
end product cholesterol. Some of these reac- 
tions are catalyzed by cytochrome P450 sys- 
tems (see p. 318). 

The endergonic biosynthetic pathway de- 
scribed above is located entirely in the smooth 
endoplasmic reticulum. The energy needed 
comes from the CoA derivatives used and 
from ATP. The reducing agent in the formation 
of mevalonate and squalene, as well as in the 
final steps of cholesterol biosynthesis, is 
NADPH+H". 

The division of the intermediates of the 
reaction pathway into three groups is charac- 
teristic: CoA compounds, diphosphates, and 
highly lipophilic, poorly soluble compounds 
(squalene to cholesterol), which are bound to 
sterol carriers in the cell. 
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A. Cholesterol biosynthesis 
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Protein metabolism: overview 


Quantitatively, proteins are the most impor- 
tant group of endogenous macromolecules. A 
person weighing 70 kg contains about 10 kg 
protein, with most of it located in muscle. By 
comparison, the proportion made up by other 
nitrogencontaining compounds is minor. The 
organism’s nitrogen balance is therefore pri- 
marily determined by protein metabolism. 
Several hormones—mainly testosterone and 
cortisol—regulate the nitrogen balance (see 
p. 374). 


A. Protein metabolism: overview @ 


In adults, the nitrogen balance is generally in 
equilibrium—i. e., the quantities of protein ni- 
trogen taken in and excreted per day are ap- 
proximately equal. If only some of the nitro- 
gen taken in is excreted again, then the bal- 
ance is positive. This is the case during growth, 
for example. Negative balances are rare and 
usually occur due to disease. 

Proteins taken up in food are initially bro- 
ken down in the gastrointestinal tract into 
amino acids, which are resorbed and distrib- 
uted in the organism via the blood (see 
p. 266). The human body is not capable of 
synthesizing 8-10 of the 20 proteinogenic 
amino acids it requires (see p. 60). These 
amino acids are essential, and have to be sup- 
plied from food (see p. 184). 

Proteins are constantly being lost via the 
intestine and, to a lesser extent, via the kid- 
neys. To balance these inevitable losses, at 
least 30 g of protein have to be taken up 
with food every day. Although this minimum 
value is barely reached in some countries, in 
the industrial nations the protein content of 
food is usually much higher than necessary. 
As it is not possible to store amino acids, up to 
100 g of excess amino acids per day are used 
for biosynthesis or degraded in the liver in 
this situation. The nitrogen from this excess 
is converted into urea (see p. 182) and ex- 
creted in the urine in this form. The carbon 
skeletons are used to synthesize carbohy- 
drates or lipids (see p. 180), or are used to 
form ATP. 

It is thought that adults break down 
300-400 g of protein per day into amino 
acids (proteolysis). On the other hand, ap- 
proximately the same amount of amino acids 


is reincorporated into proteins (protein bio- 
synthesis). The body’s high level of protein 
turnover is due to the fact that many proteins 
are relatively short-lived. On average, their 
half-lives amount to 2-8 days. The key en- 
zymes of the intermediary metabolism have 
even shorter half-lives. They are sometimes 
broken down only a few hours after being 
synthesized, and are replaced by new mole- 
cules. This constant process of synthesis and 
degradation makes it possible for the cells to 
quickly adjust the quantities, and therefore 
the activity, of important enzymes in order 
to meet current requirements. By contrast, 
structural proteins such as the histones, he- 
moglobin, and the components of the cyto- 
skeleton are particularly long-lived. 

Almost all cells are capable of carrying out 
biosynthesis of proteins (top left). The forma- 
tion of peptide chains by translation at the 
ribosome is described in greater detail on 
pp. 250-253. However, the functional forms 
of most proteins arise only after a series of 
additional steps. To begin with, supported by 
auxiliary proteins, the biologically active con- 
formation of the peptide chain has to be 
formed (folding; see pp. 74, 232). During 
subsequent “post-translational” maturation, 
many proteins remove part of the peptide 
chain again and attach additional groups— 
e.g., oligosaccharides or lipids. These pro- 
cesses take place in the endoplasmic reticu- 
lum and in the Golgi apparatus (see p. 232). 
Finally, the proteins have to be transported to 
their site of action (sorting; see p. 228). 

Some intracellular protein degradation 
(proteolysis) takes place in the lysosomes 
(see p. 234). In addition, there are protein 
complexes in the cytoplasm, known as pro- 
teasomes, in which incorrectly folded or old 
proteins are degraded. These molecules are 
recognized by a special marking (see p. 176). 
The proteasome also plays an important part 
in the presentation of antigens by immune 
cells (see p. 296). 
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Proteolysis 


A. Proteolytic enzymes 0 


Combinations of several enzymes with differ- 
ent specificities are required for complete 
degradation of proteins into free amino 
acids. Proteinases and peptidases are found 
not only in the gastrointestinal tract (see 
p. 268), but also inside the cell (see below). 

The proteolytic enzymes are classified into 
endopeptidases and exopeptidases, according 
to their site of attack in the substrate mole- 
cule. The endopeptidases or proteinases cleave 
peptide bonds inside peptide chains. They 
“recognize” and bind to short sections of the 
substrate’s sequence, and then hydrolyze 
bonds between particular amino acid residues 
in a relatively specific way (see p. 94). The 
proteinases are classified according to their 
reaction mechanism. In serine proteinases, 
for example (see C), a serine residue in the 
enzyme is important for catalysis, while in 
cysteine proteinases, it is a cysteine residue, 
and so on. 

The exopeptidases attack peptides from 
their termini. Peptidases that act at the N 
terminus are known as aminopeptidases, 
while those that recognize the C terminus 
are called carboxypeptidases. The dipepti- 
dases only hydrolyze dipeptides. 


B. Proteasome © 


The functional proteins in the cell have to be 
protected in order to prevent premature deg- 
radation. Some of the intracellularly active 
proteolytic enzymes are therefore enclosed 
in lysosomes (see p. 234). The proteinases 
that act there are also known as cathepsins. 
Another carefully regulated system for pro- 
tein degradation is located in the cytoplasm. 
This consists of large protein complexes (mass 
2 10° Da), the proteasomes. Proteasomes 
contain a barrel-shaped core consisting of 28 
subunits that has a sedimentation coef cient 
(see p. 200) of 20S.Proteolytic activity 
(shown here by the scissors) is localized in 
the interior of the 20-S core and is therefore 
protected. The openings in the barrel are 
sealed by 19-S particles with a complex struc- 
ture that control access to the core. 

Proteins destined for degradation in the 
proteasome (e.g., incorrectly folded or old 


molecules) are marked by covalent linkage 
with chains of the small protein ubiquitin. 
The ubiquitin is previously activated by the 
introduction of reactive thioester groups. 
Molecules marked with ubiquitin (“ubiquiti- 
nated”) are recognized by the 19S particle, 
unfolded using ATP, and then shifted into 
the interior of the nucleus, where degradation 
takes place. Ubiquitin is not degraded, but is 
reused after renewed activation. 


C. Serine proteases O 


A large group of proteinases contain serine in 
their active center. The serine proteases in- 
clude, for example, the digestive enzymes 
trypsin, chymotrypsin, and elastase (see 
pp. 94 and 268), many coagulation factors 
(see p. 290), and the fibrinolytic enzyme plas- 
min and its activators (see p. 292). 

As described on p. 270, pancreatic protein- 
ases are secreted as proenzymes (zymogens). 
Activation of these is also based on proteolytic 
cleavages. This is illustrated here in detail us- 
ing the example of trypsinogen, the precursor 
of trypsin (1). Activation of trypsinogen starts 
with cleavage of an N-terminal hexapeptide 
by enteropeptidase (enterokinase), a specific 
serine proteinase that is located in the mem- 
brane of the intestinal epithelium. The cleav- 
age product (f-trypsin) is already catalytically 
active, and it cleaves additional trypsinogen 
molecules at the sites marked in red in the 
illustration (autocatalytic cleavage). The pre- 
cursors of chymotrypsin, elastase, and car- 
boxypeptidase A, among others, are also acti- 
vated by trypsin. 

The active center of trypsin is shown in 
Fig. 2. A serine residue in the enzyme (Ser- 
195), supported by a histidine residue and 
an aspartate residue (His-57, Asp-102), nucle- 
ophilically attacks the bond that is to be 
cleaved (red arrow). The cleavage site in the 
substrate peptide is located on the C-terminal 
side of a lysine residue, the side chain of 
which is fixed in a special “binding pocket” 
of the enzyme (left) during catalysis (see 
p. 94). 
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Transamination and deamination 


Amino nitrogen accumulates during protein 
degradation. In contrast to carbon, amino ni- 
trogen is not suitable for oxidative energy 
production. If they are not being reused for 
biosynthesis, the amino groups of amino acids 
are therefore incorporated into urea (see 
p. 182) and excreted in this form. 


A. Transamination and deamination @ 


Among the NH» transfer reactions, trans- 
aminations (1) are particularly important. 
They are catalyzed by transaminases, and oc- 
cur in both catabolic and anabolic amino acid 
metabolism. During transamination, the 
amino group of an amino acid (amino acid 
1) is transferred to a 2-oxoacid (oxoacid 2). 
From the amino acid, this produces a 2-oxo- 
acid (a), while from the original oxoacid, an 
amino acid is formed (b). The NH2 group is 
temporarily taken over by enzyme-bound 
pyridoxal phosphate (PLP; see p. 106), which 
thus becomes pyridoxamine phosphate. 

If the NH» is released as ammonia, the 
process is referred to as deamination. There 
are different mechanisms for this (see p. 180). 
A particularly important one is oxidative 
deamination (2). In this reaction, the c-amino 
group is initially oxidized into an imino group 
(2a), and the reducing equivalents are trans- 
ferred to NAD* or NADP”. In the second step, 
the imino group is then cleaved by hydrolysis. 
As in transamination, this produces a 2-oxo- 
acid (C). Oxidative deamination mainly takes 
place in the liver, where glutamate is broken 
down in this way into 2-oxoglutarate and 
ammonia, catalyzed by glutamate dehydro- 
genase. The reverse reaction initiates biosyn- 
thesis of the amino acids in the glutamate 
family (see p. 184). 


B. Mechanism of transamination O 


In the absence of substrates, the aldehyde 
group of pyridoxal phosphate is covalently 
bound to a lysine residue of the transaminase 
(1). This type of compound is known as an 
aldimine or “Schiff base.” During the reac- 
tion, amino acid 1 (A, 1a) displaces the lysine 
residue, and a new aldimine is formed (2). The 
double bond is then shifted by isomerization. 


The ketimine (3) is hydrolyzed to yield the 2- 
oxoacid and pyridoxamine phosphate (4). 

In the second part of the reaction (see A, 
1b), these steps take place in the opposite 
direction: pyridoxamine phosphate and the 
second 2-oxoacid form a ketimine, which is 
isomerized into aldimine. Finally, the second 
amino acid is cleaved and the coenzyme is 
regenerated. 


C. NH3 metabolism in the liver @ 


In addition to urea synthesis itself (see 
p. 182), the precursors NH3 and aspartate are 
also mainly formed in the liver. Amino nitro- 
gen arising in tissue is transported to the liver 
by the blood, mainly in the form of glutamine 
(Gln) and alanine (Ala; see p. 338). In the liver, 
Gln is hydrolytically deaminated by glutami- 
nase [3] into glutamate (Glu) and NH3. The 
amino group of the alanine is transferred by 
alanine transaminase [1] to 2-oxoglutarate (2- 
OG; formerly known as o-ketoglutarate). This 
transamination (A) produces another gluta- 
mate. NHs3 is finally released from glutamate 
by oxidative deamination (A). This reaction is 
catalyzed by glutamate dehydrogenase [4], a 
typical liver enzyme. Aspartate (Asp), the sec- 
ond amino group donor in the urea cycle, also 
arises from glutamate. The aspartate 
transaminase [2] responsible for this reaction 
is found with a high level of activity in the 
liver, as is alanine transaminase [1]. 
Transaminases are also found in other tis- 
sues, from which they leak from the cells into 
the blood when injury occurs. Measurement 
of serum enzyme activity (serum enzyme di- 
agnosis; see also p.98) is an important 
method of recognizing and monitoring the 
course of such injuries. Transaminase activity 
in the blood is for instance important for di- 
agnosing liver disease (e.g., hepatitis) and 
myocardial disease (cardiac infarction). 
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Amino acid degradation 


A large number of metabolic pathways are 
available for amino acid degradation, and an 
overview of these is presented here. Further 
details are given on pp. 414 and 415. 


A. Amino acid degradation : overview 


During the degradation of most amino acids, 
the a-amino group is initially removed by 
transamination or deamination. Various 
mechanisms are available for this, and these 
are discussed in greater detail in B. The carbon 
skeletons that are left over after deamination 
undergo further degradation in various ways. 

During degradation, the 20 proteinogenic 
amino acids produce only seven different 
degradation products (highlighted in pink 
and violet). Five of these metabolites (2-oxo- 
glutarate, succinyl CoA, fumarate, oxaloace- 
tate, and pyruvate) are precursors for gluco- 
neogenesis and can therefore be converted 
into glucose by the liver and kidneys (see 
p. 154). Amino acids whose degradation sup- 
plies one of these five metabolites are there- 
fore referred to as glucogenic amino acids. 
The first four degradation products listed are 
already intermediates in the tricarboxylic acid 
cycle, while pyruvate can be converted into 
oxaloacetate by pyruvate carboxylase and thus 
made available for gluconeogenesis (green 
arrow). 

With two exceptions (lysine and leucine; 
see below), all of the proteinogenic amino 
acids are also glucogenic. Quantitatively, 
they represent the most important precursors 
for gluconeogenesis. At the same time, they 
also have an anaplerotic effect—i.e., they re- 
plenish the tricarboxylic acid cycle in order to 
feed the anabolic reactions that originate in it 
(see p. 138). 

Two additional degradation products (ace- 
toacetate and acetyl CoA) cannot be chan- 
neled into gluconeogenesis in animal metab- 
olism, as there is no means of converting 
them into precursors of gluconeogenesis. 
However, they can be used to synthesize ke- 
tone bodies, fatty acids, and isoprenoids. 
Amino acids that supply acetyl CoA or aceto- 
acetate are therefore known as ketogenic 
amino acids. Only leucine and lysine are 
purely ketogenic. Several amino acids yield 
degradation products that are both glucogenic 


and ketogenic. This group includes phenylala- 
nine, tyrosine, tryptophan, and isoleucine. 

Degradation of acetoacetate to acetyl CoA 
takes place in two steps (not shown). First, 
acetoacetate and succinyl CoA are converted 
into acetoacetyl CoA and succinate (enzyme: 
3-oxoacid-CoA transferase 2.8.3.5). Acetoacetyl 
CoA is then broken down by £-oxidation into 
two molecules of acetyl CoA (see p. 164), 
while succinate can be further metabolized 
via the tricarboxylic acid cycle. 


B. Deamination O 


There are various ways of releasing ammonia 
(NH3) from amino acids, and these are illus- 
trated here using the example of the amino 
acids glutamine, glutamate, alanine, and ser- 
ine. 

[1] In the branched-chain amino acids (Val, 
Leu, Ile) and also tyrosine and ornithine, deg- 
radation starts with a transamination. For ala- 
nine and aspartate, this is actually the only 
degradation step. The mechanism of transa- 
mination is discussed in detail on p. 178. 

[2] Oxidative deamination, with the forma- 
tion of NADH+H’, only applies to glutamate in 
animal metabolism. The reaction mainly takes 
place in the liver and releases NH3 for urea 
formation (see p. 178). 

[3] Two amino acids—asparagine and glu- 
tamine—contain acid-amide groups in the 
side chains, from which NH; can be released 
by hydrolysis (hydrolytic deamination). In the 
blood, glutamine is the most important trans- 
port molecule for amino nitrogen. Hydrolytic 
deamination of glutamine in the liver also 
supplies the urea cycle with NH3. 

[4] Eliminating deamination takes place in 
the degradation of histidine and serine. H20 is 
first eliminated here, yielding an unsaturated 
intermediate. In the case of serine, this inter- 
mediate is first rearranged into an imine (not 
shown), which is hydrolyzed in the second 
step into NH3 and pyruvate, with H20 being 
taken up. H2O does not therefore appear in 
the reaction equation. 
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A. Amino acid degradation: overview 
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Urea cycle 


Amino acids are mainly broken down in the 
liver. Ammonia is released either directly or 
indirectly in the process (see p. 178). The deg- 
radation of nucleobases also provides signifi- 
cant amounts of ammonia (see p. 186). 

Ammonia (NH3) is a relatively strong base, 
and at physiological pH values it is mainly 
present in the form of the ammonium ion 
NH, (see p. 30). NH3 and NHg are toxic, and 
at higher concentrations cause brain damage 
in particular. Ammonia therefore has to be 
effectively inactivated and excreted. This can 
be carried out in various ways. Aquatic ani- 
mals can excrete NH directly. For example, 
fish excrete NH via the gills (ammonotelic 
animals). Terrestrial vertebrates, including 
humans, hardly excrete any NH3, and instead, 
most ammonia is converted into urea before 
excretion (ureotelic animals). Birds and rep- 
tiles, by contrast, form uric acid, which is 
mainly excreted as a solid in order to save 
water (uricotelic animals). 

The reasons for the neurotoxic effects of 
ammonia have not yet been explained. It 
may disturb the metabolism of glutamate 
and its precursor glutamine in the brain (see 
p. 356). 


A. Urea cycle ® 


Urea (H2,N-CO-NH;) is the diamide of car- 
bonic acid. In contrast to ammonia, it is neu- 
tral and therefore relatively non-toxic. The 
reason for the lack of basicity is the molecule’s 
mesomeric characteristics. The free electron 
pairs of the two nitrogen atoms are delocal- 
ized over the whole structure, and are there- 
fore no longer able to bind protons. As a small, 
uncharged molecule, urea is able to cross bio- 
logical membranes easily. In addition, it is 
easily transported in the blood and excreted 
in the urine. 

Urea is produced only in the liver, in a cyclic 
sequence of reactions (the urea cycle) that 
starts in the mitochondria and continues in 
the cytoplasm. The two nitrogen atoms are 
derived from NH,’ (the second has previously 
been incorporated into aspartate; see below). 
The keto group comes from hydrogen carbo- 
nate (HCO3), or CO2 that is in equilibrium 


[1] In the first step, carbamoyl phosphate is 
formed in the mitochondria from hydrogen 
carbonate (HCO3 ) and NH,’, with two ATP 
molecules being consumed. In this com- 
pound, the carbamoyl residue (-O-CO-NH2) 
is at a high chemical potential. In hepatic 
mitochondria, enzyme [1] makes up about 
20% of the matrix proteins. 

[2] In the next step, the carbamoyl residue 
is transferred to the non-proteinogenic amino 
acid ornithine, converting it into citrulline, 
which is also non-proteinogenic. This is 
passed into the cytoplasm via a transporter. 

[3] The second NHp group of the later urea 
molecule is provided by aspartate, which 
condenses with citrulline into argininosucci- 
nate. ATP is cleaved into AMP and diphos- 
phate (PP;) for this endergonic reaction. To 
shift the equilibrium of the reaction to the 
side of the product, diphosphate is removed 
from the equilibrium by hydrolysis. 

[4] Cleavage of fumarate from argininosuc- 
cinate leads to the proteinogenic amino acid 
arginine, which is synthesized in this way in 
animal metabolism. 

[5] In the final step, isourea is released 
from the guanidinium group of the arginine 
by hydrolysis (not shown), and is immedi- 
ately rearranged into urea. In addition, orni- 
thine is regenerated and returns via the orni- 
thine transporter into the mitochondria, 
where it becomes available for the cycle 
once again. 

The fumarate produced in step [4] is con- 
verted via malate to oxaloacetate [6, 7], from 
which aspartate is formed again by transami- 
nation [9]. The glutamate required for reac- 
tion [9] is derived from the glutamate dehy- 
drogenase reaction [8], which fixes the sec- 
ond NH," in an organic bond. Reactions [6] 
and [7] also occur in the tricarboxylic acid 
cycle. However, in urea formation they take 
place in the cytoplasm, where the appropriate 
isoenzymes are available. 

The rate of urea formation is mainly con- 
trolled by reaction [1]. N-acetyl glutamate, as 
an allosteric effector, activates carbamoyl- 
phosphate synthase. In turn, the concentration 
of acetyl glutamate depends on arginine and 
ATP levels, as well as other factors. 
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184 Metabolism 


Amino acid biosynthesis 


A. Symbiotic nitrogen fixation O 


Practically unlimited quantities of elementary 
nitrogen (N2) are present in the atmosphere. 
However, before it can enter the natural nitro- 
gen cycle, it has to be reduced to NH3 and 
incorporated into amino acids (“fixed”). Only 
a few species of bacteria and bluegreen algae 
are capable of fixing atmospheric nitrogen. 
These exist freely in the soil, or in symbiosis 
with plants. The symbiosis between bacteria 
of the genus Rhizobium and _ legumes 
(Fabales)—such as clover, beans, and peas—is 
of particular economic importance. These 
plants are high in protein and are therefore 
nutritionally valuable. 

In symbiosis with Fabales, bacteria live as 
bacteroids in root nodules inside the plant 
cells. The plant supplies the bacteroids with 
nutrients, but it also benefits from the fixed 
nitrogen that the symbionts make available. 

The N>-fixing enzyme used by the bacteria 
is nitrogenase. It consists of two components: 
an Fe protein that contains an [Fe,S,] cluster 
as a redox system (see p. 106), accepts elec- 
trons from ferredoxin, and donates them to 
the second component, the Fe-Mo protein. 
This molybdenum-containing protein trans- 
fers the electrons to Nz and thus, via various 
intermediate steps, produces ammonia (NH3). 
Some of the reducing equivalents are trans- 
ferred in a side-reaction to H’. In addition to 
NH3, hydrogen is therefore always produced 
as well. 


B. Amino acid biosynthesis: overview ® 


The proteinogenic amino acids (see p. 60) can 
be divided into five families in relation to 
their biosynthesis. The members of each fam- 
ily are derived from common precursors, 
which are all produced in the tricarboxylic 
acid cycle or in catabolic carbohydrate metab- 
olism. An overview of the biosynthetic path- 
ways is shown here; further details are given 
on pp. 412 and 413. 

Plants and microorganisms are able to syn- 
thesize all of the amino acids from scratch, but 
during the course of evolution, mammals 
have lost the ability to synthesize approxi- 
mately half of the 20 proteinogenic amino 
acids. These essential amino acids therefore 


have to be supplied in food. For example, 
animal metabolism is no longer capable of 
carrying out de-novo synthesis of the aro- 
matic amino acids (tyrosine is only non-es- 
sential because it can be formed from phenyl- 
alanine when there is an adequate supply 
available). The branched-chain amino acids 
(valine, leucine, isoleucine, and threonine) as 
well as methionine and lysine, also belong to 
the essential amino acids. Histidine and argi- 
nine are essential in rats; whether the same 
applies in humans is still a matter of debate. A 
supply of these amino acids in food appears to 
be essential at least during growth. 

The nutritional value of proteins (see 
p. 360) is decisively dependent on their es- 
sential amino acid content. Vegetable pro- 
teins—e. g., those from cereals—are low in ly- 
sine and methionine, while animal proteins 
contain all the amino acids in balanced pro- 
portions. As mentioned earlier, however, 
there are also plants that provide high-value 
protein. These include the soy bean, one of the 
plants that is supplied with NH3 by symbiotic 
Np fixers (A). 

Non-essential amino acids are those that 
arise by transamination from 2-oxoacids in 
the intermediary metabolism. These belong 
to the glutamate family (Glu, Gln, Pro, Arg, 
derived from 2-oxoglutarate), the aspartate 
family (only Asp and Asn in this group, de- 
rived from oxaloacetate), and alanine, which 
can be formed by transamination from pyru- 
vate. The amino acids in the serine family (Ser, 
Gly, Cys) and histidine, which arise from in- 
termediates of glycolysis, can also be synthe- 
sized by the human body. 
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Nucleotide degradation 


The nucleotides are among the most complex 
metabolites. Nucleotide biosynthesis is elab- 
orate and requires a high energy input (see 
p. 188). Understandably, therefore, bases and 
nucleotides are not completely degraded, but 
instead mostly recycled. This is particularly 
true of the purine bases adenine and guanine. 
In the animal organism, some 90% of these 
bases are converted back into nucleoside 
monophosphates by linkage with phosphori- 
bosyl diphosphate (PRPP) (enzymes [1] and 
[2]). The proportion of pyrimidine bases that 
are recycled is much smaller. 


A. Degradation of nucleotides 0 


The principles underlying the degradation of 
purines (1) and pyrimidines (2) differ. In the 
human organism, purines are degraded into 
uric acid and excreted in this form. The purine 
ring remains intact in this process. In contrast, 
the ring of the pyrimidine bases (uracil, thy- 
mine, and cytosine) is broken down into small 
fragments, which can be returned to the me- 
tabolism or excreted (for further details, see 
p. 419). 

Purine (left). The purine nucleotide guano- 
sine monophosphate (GMP, 1) is degraded in 
two steps—first to the guanosine and then to 
guanine (Gua). Guanine is converted by de- 
amination into another purine base, xanthine. 

In the most important degradative path- 
way for adenosine monophosphate (AMP), it 
is the nucleotide that deaminated, and inosine 
monophosphate (IMP) arises. In the same way 
as in GMP, the purine base hypoxanthine is 
released from IMP. A single enzyme, xanthine 
oxidase [3], then both converts hypoxanthine 
into xanthine and xanthine into uric acid. An 
oxo group is introduced into the substrate in 
each of these reaction steps. The oxo group is 
derived from molecular oxygen; another reac- 
tion product is hydrogen peroxide (H202), 
which is toxic and has to be removed by 
peroxidases. 

Almost all mammals carry out further deg- 
radation of uric acid with the help of uricase, 
with further opening of the ring to allantoin, 
which is then excreted. However, the pri- 
mates, including humans, are not capable of 
synthesizing allantoin. Uric acid is therefore 
the form of the purines excreted in these 


species. The same applies to birds and many 
reptiles. Most other animals continue purine 
degradation to reach allantoic acid or urea 
and glyoxylate. 

Pyrimidine (right). In the degradation of 
pyrimidine nucleotides (2), the free bases ura- 
cil (Ura) and thymine (Thy) are initially re- 
leased as important intermediates. Both are 
further metabolized in similar ways. The pyri- 
midine ring is first reduced and then hydro- 
lytically cleaved. In the next step, Z-alanine 
arises by cleavage of COz and NH3 as the 
degradation product of uracil. When there is 
further degradation, (alanine is broken 
down to yield acetate, CO2, and NH3. Propio- 
nate, CO2, and NH3 arise in a similar way from 
Y-aminoisobutyrate, the degradation product 
of thymine (see p. 419). 


B. Hyperuricemia O 


The fact that purine degradation in humans 
already stops at the uric acid stage can lead to 
problems, since—in contrast to allantoin—uric 
acid is poorly soluble in water. When large 
amounts of uric acid are formed or uric acid 
processing is disturbed, excessive concentra- 
tions of uric acid can develop in the blood 
(hyperuricemia). This can result in the accu- 
mulation of uric acid crystals in the body. 
Deposition of these crystals in the joints can 
cause very painful attacks of gout. 

Most cases of hyperuricemia are due to 
disturbed uric acid excretion via the kidneys 
(1). A high-purine diet (e.g., meat) may also 
have unfavorable effects (2). A rare hereditary 
disease, Lesch-Nyhan syndrome, results from 
a defect in hypoxanthine phosphoribosyl- 
transferase (A, enzyme [1]). The impaired re- 
cycling of the purine bases caused by this 
leads to hyperuricemia and severe neurolog- 
ical disorders. 

Hyperuricemia can be treated with 
allopurinol, a competitive inhibitor of xan- 
thine oxidase. This substrate analogue differs 
from the substrate hypoxanthine only in the 
arrangement of the atoms in the 5-ring. 
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Purine and pyrimidine biosynthesis 


The bases occurring in nucleic acids are de- 
rivatives of the aromatic heterocyclic com- 
pounds purine and pyrimidine (see p. 80). 
The biosynthesis of these molecules is com- 
plex, but is vital for almost all cells. The syn- 
thesis of the nucleobases is illustrated here 
schematically. Complete reaction schemes 
are given on pp. 417 and 418. 


A. Components of nucleobases O 


The pyrimidine ring is made up of three com- 
ponents: the nitrogen atom N-1 and carbons 
C-4 to C-6 are derived from aspartate, carbon 
C-2 comes from HCO3’, and the second nitro- 
gen (N-3) is taken from the amide group of 
glutamine. 

The synthesis of the purine ring is more 
complex. The only major component is gly- 
cine, which donates C-4 and C-5, as well as N- 
7. All of the other atoms in the ring are in- 
corporated individually. C-6 comes from 
HCO; . Amide groups from glutamine provide 
the atoms N-3 and N-9. The amino group 
donor for the inclusion of N-1 is aspartate, 
which is converted into fumarate in the proc- 
ess, in the same way as in the urea cycle (see 
p. 182). Finally, the carbon atoms C-2 and C-8 
are derived from formyl groups in N!°- 
formyl-tetrahydrofolate (see p. 108). 


B. Pyrimidine and purine synthesis O 


The major intermediates in the biosynthesis 
of nucleic acid components are the 
mononucleotides uridine monophosphate 
(UMP) in the pyrimidine series and inosine 
monophosphate (IMP, base: hypoxanthine) in 
the purines. The synthetic pathways for pyri- 
midines and purines are fundamentally dif- 
ferent. For the pyrimidines, the pyrimidine 
ring is first constructed and then linked to 
ribose 5’-phosphate to form a nucleotide. By 
contrast, synthesis of the purines starts di- 
rectly from ribose 5’-phosphate. The ring is 
then built up step by step on this carrier mol- 
ecule. 

The precursors for the synthesis of the 
pyrimidine ring are carbamoyl phosphate, 
which arises from glutamate and HCO3° (1a) 
and the amino acid aspartate. These two com- 
ponents are linked to N-carbamoyl aspartate 


(1b) and then converted into dihydroorotate 
by closure of the ring (1c). In mammals, steps 
1a to 1c take place in the cytoplasm, and are 
catalyzed by a single multifunctional enzyme. 
In the next step (1d), dihydroorotate is oxi- 
dized to orotate by an FMN-dependent dehy- 
drogenase. Orotate is then linked with phos- 
phoribosyl diphosphate (PRPP) to form the 
nucleotide orotidine 5’-monophosphate 
(OMP). Finally, decarboxylation yields uridine 
5’-monophosphate (UMP). 

Purine biosynthesis starts with PRPP (the 
names of the individual intermediates are 
given on p. 417). Formation of the ring starts 
with transfer of an amino group, from which 
the later N-9 is derived (2a). Glycine and a 
formyl group from N'° formyl-THF then sup- 
ply the remaining atoms of the five-mem- 
bered ring (2b, 2c). Before the five-membered 
ring is closed (in step 2f), atoms N-3 and C-6 
of the later six-membered ring are attached 
(2d, 2e). Synthesis of the ring then continues 
with N-1 and C-2 (2g, 2i). In the final step (2j), 
the six-membered ring is closed, and inosine 
5’-monophosphate arises. However, the IMP 
formed does not accumulate, but is rapidly 
converted into AMP and GMP. These reactions 
and the synthesis of the other nucleotides are 
discussed on p. 190. 


Further information 


The regulation of bacterial aspartate 
carbamoyltransferase by ATP and CIP has 
been particularly well studied, and is dis- 
cussed on p. 116. In animals, in contrast to 
prokaryotes, it is not ACTase but carbamoyl- 
phosphate synthase that is the key enzyme in 
pyrimidine synthesis. It is activated by ATP 
and PRPP and inhibited by UTP. 

The biosynthesis of the purines is also 
regulated by feedback inhibition. ADP and 
GDP inhibit the formation of PRRPP from ri- 
bose-5’-phosphate. Similarly, step 2a is in- 
hibited by AMP and GMP. 
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Nucleotide biosynthesis 


De novo synthesis of purines and pyrimidines 
yields the monophosphates IMP and UMP, 
respectively (see p. 188). All other nucleotides 
and deoxynucleotides are synthesized from 
these two precursors. An overview of the 
pathways involved is presented here; further 
details are given on p. 417. Nucleotide syn- 
thesis by recycling of bases (the salvage path- 
way) is discussed on p. 186. 


A. Nucleotide synthesis: overview 0 


The synthesis of purine nucleotides (1) starts 
from IMP. The base it contains, hypoxanthine, 
is converted in two steps each into adenine or 
guanine. The nucleoside monophosphates 
AMP and GMP that are formed are then phos- 
phorylated by nucleoside phosphate kinases to 
yield the diphosphates ADP and GDP, and 
these are finally phosphorylated into the 
triphosphates ATP and GTP. The nucleoside 
triphosphates serve as components for RNA, 
or function as coenzymes (see p. 106). Con- 
version of the ribonucleotides into deoxyribo- 
nucleotides occurs at the level of the diphos- 
phates and is catalyzed by nucleoside diphos- 
phate reductase (B). 

The biosynthetic pathways for the pyrimi- 
dine nucleotides (2) are more complicated. 
The first product, UMP, is phosphorylated first 
to the diphosphate and then to the 
triphosphate, UTP. CTP synthase then converts 
UTP into CTP. Since pyrimidine nucleotides 
are also reduced to deoxyribonucleotides at 
the diphosphate level, CTP first has to be hy- 
drolyzed by a phosphatase to yield CDP before 
dCDP and dCTP can be produced. 

The DNA component deoxythymidine tri- 
phosphate (dTTP) is synthesized from UDP in 
several steps. The base thymine, which only 
occurs in DNA (see p. 80), is formed by meth- 
ylation of dUMP at the nucleoside monophos- 
phate level. Thymidylate synthase and its 
helper enzyme dihydrofolate reductase are 
important target enzymes for cytostatic drugs 
(see p. 402). 


B. Ribonucleotide reduction O 


2’'-Deoxyribose, a component of DNA, is not 
synthesized as a free sugar, but arises at the 
diphosphate level by reduction of ribonucleo- 


side diphosphates. This reduction is a com- 
plex process in which several proteins are 
involved. The reducing equivalents needed 
come from NADPH+H*. However, they are 
not transferred directly from the coenzyme 
to the substrate, but first pass through a redox 
series that has several steps (1). 

In the first step, thioredoxin reductase re- 
duces a small redox protein, thioredoxin, via 
enzyme-bound FAD. This involves cleavage of 
a disulfide bond in thioredoxin. The resulting 
SH groups in turn reduce a catalytically active 
disulfide bond in nucleoside diphosphate 
reductase (“ribonucleotide reductase”). The 
free SH groups formed in this way are the 
actual electron donors for the reduction of 
ribonucleotide diphosphates. 

In eukaryotes, ribonucleotide reductase is a 
tetramer consisting of two R1 and two R2 
subunits. In addition to the disulfide bond 
mentioned, a tyrosine radical in the enzyme 
also participates in the reaction (2). It initially 
produces a substrate radical (3). This cleaves a 
water molecule and thereby becomes radical 
cation. Finally, the deoxyribose residue is pro- 
duced by reduction, and the tyrosine radical is 
regenerated. 

The regulation of ribonucleotide reductase 
is complex. The substrate-specificity and ac- 
tivity of the enzyme are controlled by two 
allosteric binding sites (a and b) in the R1 
subunits. ATP and dATP increase or reduce 
the activity of the reductase by binding at 
site a. Other nucleotides interact with site b, 
and thereby alter the enzyme’s specificity. 
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Heme biosynthesis 


Heme, an iron-containing tetrapyrrole pig- 
ment, is a component of O2-binding proteins 
(see p. 106) and a coenzyme of various oxi- 
doreductases (see p. 32). Around 85% of heme 
biosynthesis occurs in the bone marrow, and a 
much smaller percentage is formed in the 
liver. Both mitochondria and cytoplasm are 
involved in heme synthesis. 


A. Biosynthesis of heme O 


Synthesis of the tetrapyrrole ring starts in the 
mitochondria. 

[1] Succinyl CoA (upper left), an intermedi- 
ate in the tricarboxylic acid cycle, undergoes 
condensation with glycine and subsequent 
decarboxylation to yield 5-aminolevulinate 
(ALA). The ALA synthase responsible for this 
step is the key enzyme of the whole pathway. 
Synthesis of ALA synthase is repressed and 
existing enzyme is inhibited by heme, the 
end product of the pathway. This is a typical 
example of end-product or feedback inhibi- 
tion. 

[2] 5-Aminolevulinate now leaves the mi- 
tochondria. In the cytoplasm, two molecules 
condense to form porphobilinogen, a com- 
pound that already contains the pyrrole ring. 
Porphobilinogen synthase is inhibited by lead 
ions. This is why acute lead poisoning is asso- 
ciated with increased concentrations of ALA 
in the blood and urine. 

[3] The tetrapyrrole structure characteristic 
of the porphyrins is produced in the next 
steps of the synthetic pathway. Hydroxyme- 
thylbilane synthase catalyzes the linkage of 
four porphobilinogen molecules and cleavage 
of an NH group to yield uroporphyrinogen III. 

[4] Formation of this intermediate step re- 
quires a second enzyme, uroporphyrinogen III 
synthase. If this enzyme is lacking, the 
“wrong” isomer, uroporphyrinogen I, is 
formed. 

The tetrapyrrole structure of uroporphyri- 
nogen III is still very different from that of 
heme. For example, the central iron atom is 
missing, and the ring contains only eight of 
the 11 double bonds. In addition, the ring 
system only carries charged R side chains 
(four acetate and four propionate residues). 
As heme groups have to act in the apolar 
interior of proteins, most of the polar side 


chains have to be converted into less polar 
groups. 

[5] Initially, the four acetate residues (R;) 
are decarboxylated into methyl groups. The 
resulting coproporphyrinogen Ill returns to 
the mitochondria again. The subsequent steps 
are catalyzed by enzymes located either on or 
inside the inner mitochondrial membrane. 

[6] An oxidase first converts two of the 
propionate groups (R2) into vinyl residues. 
The formation of protoporphyrinogen IX com- 
pletes the modification of the side chains. 

[7] In the next step, another oxidation pro- 
duces the conjugated x-electron system of 
protoporphyrin IX. 

[8] Finally, a divalent iron is incorporated 
into the ring. This step also requires a specific 
enzyme, ferrochelatase. The heme b or Fe-pro- 
toporphyrin IX formed in this way is found in 
hemoglobin and myoglobin, for example (see 
p. 280), where it is noncovalently bound, and 
also in various oxidoreductases (see p. 106). 


Further information 


There are a large number of hereditary or 
acquired disturbances of porphyrin synthesis, 
known as porphyrias, some of which can 
cause severe clinical pictures. Several of these 
diseases lead to the excretion of heme pre- 
cursors in feces or urine, giving them a dark 
red color. Accumulation of porphyrins in the 
skin can also occur, and exposure to light then 
causes disfiguring, poorly healing blisters. 
Neurological disturbances are also common 
in the porphyrias. 

It is possible that the medieval legends 
about human vampires (“Dracula”) originated 
in the behavior of porphyria sufferers (avoid- 
ance of light, behavioral disturbances, and 
drinking of blood in order to obtain heme— 
which markedly improves some forms of por- 


phyria). 
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Heme degradation 


A. Degradation of heme groups O 


Heme is mainly found in the human organism 
as a prosthetic group in erythrocyte hemoglo- 
bin. Around 100-200 million aged erythro- 
cytes per hour are broken down in the human 
organism. The degradation process starts in 
reticuloendothelial cells in the spleen, liver, 
and bone marrow. 

[1] After the protein part (globin) has been 
removed, the tetrapyrrole ring of heme is 
oxidatively cleaved between rings A and B 
by heme oxygenase. This reaction requires 
molecular oxygen and NADPH+H", and pro- 
duces green biliverdin, as well as CO (carbon 
monoxide) and Fe2*, which remains available 
for further use (see p. 286). 

[2] In another redox reaction, biliverdin is 
reduced by biliverdin reductase to the orange- 
colored bilirubin. The color change from pur- 
ple to green to yellow can be easily observed 
in vivo in a bruise or hematoma. 

The color of heme and the other porphyrin 
systems (see p. 106) results from their numer- 
ous conjugated double bonds. Heme contains 
a cyclic conjugation (highlighted in pink) that 
is removed by reaction [1]. Reaction [2] 
breaks the x system down into two smaller 
separate systems (highlighted in yellow). 

For further degradation, bilirubin is trans- 
ported to the liver via the blood. As bilirubin is 
poorly soluble, it is bound to albumin for 
transport. Some drugs that also bind to albu- 
min can lead to an increase in free bilirubin. 

[3] The hepatocytes take up bilirubin from 
the blood and conjugate it in the endoplasmic 
reticulum with the help of UDP-glucuronic 
acid into the more easily soluble bilirubin 
monoglucuronides and diglucuronides. To do 
this, UDP-glucuronosyltransferase forms ester- 
type bonds between the OH group at C-1 of 
glucuronic acid and the carboxyl groups in 
bilirubin (see p. 316). The glucuronides are 
then excreted by active transport into the 
bile, where they form what are known as 
the bile pigments. 

Glucuronide synthesis is the rate-deter- 
mining step in hepatic bilirubin metabolism. 
Drugs such as phenobarbital, for example, can 
induce both conjugate formation and the 
transport process. 


Some of the bilirubin conjugates are bro- 
ken down further in the intestine by bacterial 
y-glucuronidases. The bilirubin released is 
then reduced further via intermediate steps 
into colorless stercobilinogen, some of which 
is oxidized again into orange to yellow-col- 
ored stercobilin. The end products of bile pig- 
ment metabolism in the intestine are mostly 
excreted in feces, but a small proportion is 
resorbed (enterohepatic circulation; see 
p. 314). When high levels of heme degrada- 
tion are taking place, stercobilinogen appears 
as urobilinogen in the urine, where oxidative 
processes darken it to form urobilin. 

In addition to hemoglobin, other heme pro- 
teins (myoglobin, cytochromes, catalases, and 
peroxidases; see p. 32) also supply heme 
groups that are degraded via the same path- 
way. However, these contribute only about 
10-15% to a total of ca. 250 mg of bile pig- 
ment formed per day. 


Further information 


Hyperbilirubinemias. An elevated bilirubin 
level (> 10 mg_L"') is known as hyperbiliru- 
binemia. When this is present, bilirubin dif- 
fuses from the blood into peripheral tissue 
and gives it a yellow color (jaundice). The 
easiest way of observing this is in the white 
conjunctiva of the eyes. 

Jaundice can have various causes. If in- 
creased erythrocyte degradation (hemolysis) 
produces more bilirubin, it causes hemolytic 
jaundice. If bilirubin conjugation in the liver is 
impaired—e.g., due to hepatitis or liver cir- 
rhosis—it leads to hepatocellular jaundice, 
which is associated with an increase in un- 
conjugated (“indirect”) bilirubin in the blood. 
By contrast, if there is a disturbance of bile 
drainage (obstructive jaundice, due to gall- 
stones or pancreatic tumors), then conjugated 
(“direct”) bilirubin in the blood increases. Neo- 
natal jaundice (physiologic jaundice) usually 
resolves after a few days by itself. In severe 
cases, however, unconjugated bilirubin can 
cross the blood-brain barrier and lead to 
brain damage (kernicterus). 
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Structure of cells 


A. Comparison of prokaryotes and 
eukaryotes @ 


Present-day living organisms can be divided 
into two large groups—the prokaryotes and 
eukaryotes. The prokaryotes are represented 
by bacteria (eubacteria and archaebacteria). 
These are almost all small unicellular organ- 
isms only a few microns (10~° m) in size. The 
eukaryotes include fungi, plants, and animals 
and comprise both unicellular and multicel- 
lular organisms. Multicellular eukaryotes are 
made up of a wide variety of cell types that are 
specialized for different tasks. Eukaryotic cells 
are much larger than prokaryotic ones (vol- 
ume ratio approximately 2000 : 1). The most 
important distinguishing feature of these cells 
in comparison with the prokaryotes is the fact 
that they have a nucleus (karyon in 
Greek—hence the term). 

In comparison with the prokaryotes, eu- 
karyotic cells have greater specialization and 
complexity in their structure and functioning. 
Eukaryotic cells are structured into compart- 
ments (see below). The metabolism and syn- 
thesis of macromolecules are distributed 
through these reaction spaces and are sepa- 
rately regulated. In prokaryotes, these func- 
tions are organized in a simpler fashion and 
are Spatially closely related. 

Although the storage and transfer of ge- 
netic information function according to the 
same principle in the prokaryotes and euka- 
ryotes, there are also differences. Eukaryotic 
DNA consists of very long, linear molecules 
with a total of 10” to more than 10”° base pairs 
(bp), only a small fraction of which are used 
for genetic information. In eukaryotes, the 
genes (20000-50000 per genome) are usu- 
ally interrupted by non-coding regions (in- 
trons). Eukaryotic DNA is located in the nu- 
cleus, where together with histones and other 
proteins it forms the chromatin (see p. 238). 

In prokaryotes, by contrast, DNA is ring- 
shaped, much shorter (up to 5 10° bp), and 
located in the cytoplasm. Almost all of it is 
used for information storage, and it does not 
contain any introns. 


B. Structure of an animal cell @ 


In the human body alone, there are at least 
200 different cell types. The illustration out- 
lines the basic structures of an animal cell in 
an extremely simplified way. The details 
given regarding the proportion of the com- 
partments relative to cell volume (highlighted 
in yellow) and their numbers per cell fre- 
quency (blue) refer to mammalian hepato- 
cytes (liver cells). The figures can vary widely 
from cell type to cell type. 

The eukaryotic cell is subdivided by mem- 
branes. On the outside, it is enclosed by a 
plasma membrane. Inside the cell, there is a 
large space containing numerous components 
in solution—the cytoplasm. Additional mem- 
branes divide the internal space into 
compartments (confined reaction spaces). 
Welldefined compartments of this type are 
known as organelles. 

The largest organelle is the nucleus (see 
p. 208). It is easily recognized using the light 
microscope. The endoplasmic reticulum (ER), 
a closed network of shallow sacs and tubules 
(see pp. 226ff.), is linked with the outer mem- 
brane of the nucleus. Another membrane- 
bound organelle is the Golgi apparatus (see 
p. 228), which resembles a bundle of layered 
slices. The endosomes and exosomes are bub- 
ble-shaped compartments ( vesicles) that are 
involved in the exchange of substances be- 
tween the cell and its surroundings. Probably 
the most important organelles in the cell’s 
metabolism are the mitochondria, which are 
around the same size as bacteria (see 
pp. 210ff.). The lysosomes and peroxisomes 
are small, globular organelles that carry out 
specific tasks. The whole cell is traversed by a 
framework of proteins known as the cytoske- 
leton (see pp. 204ff.). 

In addition to these organelles, plant cells 
(see p. 43) also have plastids—eg., chloro- 
plasts, in which photosynthesis takes place 
(see p. 128). In their interior, there is a large, 
fluid-filled vacuole. Like bacteria and fungi, 
plant cells have a rigid cell wall consisting of 
polysaccharides and proteins. 
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A. Comparison of prokaryotes and eukaryotes 
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Cell fractionation 


A. Isolation of cell organelles O 


To investigate the individual compartments of 
the cell (see p. 196), various procedures have 
been developed to enrich and isolate cell or- 
ganelles. These are mainly based on the size 
and density of the various organelles. 

The isolation of cell components starts 
with disruption of the tissue being examined 
and subsequent homogenization of it (break- 
ing down the cells) in a suitable buffer (see 
below). Homogenization using the “Potter” 
(the Potter-Elvehjem homogenizer, a rotating 
Teflon pestle in a glass cylinder) is particularly 
suitable for animal tissue. This method is very 
gentle and is therefore used to isolate fragile 
structures and molecules. Other cell disrup- 
tion procedures include enzymatic lysis with 
the help of enzymes that break down the cell 
wall, mechanical disruption by grinding fro- 
zen tissue, cutting or smashing with rotating 
knives, large pressure changes, osmotic 
shock, and repeated freezing and thawing. 

To isolate intact organelles, it is important 
for the homogenization solution to be iso- 
tonic—i.e., the osmotic value of the buffer 
has to be the same as that of the interior of 
the cell. If hypotonic solutions were used, the 
organelles would take up water and burst, 
while in hypertonic solutions they would 
shrink. 

Homogenization is followed by coarse fil- 
tration through gauze to remove intact cells 
and connective-tissue fragments. The actual 
fractionation of cellular components is then 
carried out by centrifugation steps, in which 
the gravitational force (given as multiples of 
the earth’s gravity, g = 9.81 m_ s~*) is gradu- 
ally increased (differential centrifugation; see 
p. 200). Due to the different shapes and den- 
sities of the organelles, this leads to succes- 
sive sedimentation of each type out of the 
suspension. 

Nuclei already sediment at low accelera- 
tions that can be achieved with bench-top 
centrifuges. Decanting the residue (the 
“supernatant”) and carefully suspending the 
sediment (or “pellet”) in an isotonic medium 
yields a fraction that is enriched with nuclei. 
However, this fraction may still contain other 
cellular components as contaminants—e.¢g., 
fragments of the cytoskeleton. 


Particles that are smaller and less dense 
than the nuclei can be obtained by step-by- 
step acceleration of the gravity on the super- 
natant left over from the first centrifugation. 
However, this requires very powerful centri- 
fuges (high-speed centrifuges and ultracentri- 
fuges). The sequence in which the fractions 
are obtained is: mitochondria, membrane 
vesicles, and ribosomes. Finally, the superna- 
tant from the last centrifugation contains the 
cytosol with the cell’s soluble components, in 
addition to the buffer. 

The isolation steps are carried out at low 
temperatures on principle (usually 0-5 °C), to 
slow down degradation reactions—e.g., due 
to released enzymes and other influencing 
factors. The addition of thiols and chelating 
agents protects functional SH groups from 
oxidation. Isolated cell organelles quickly 
lose their biological activity despite these pre- 
cautions. Nevertheless, it is possible by work- 
ing carefully to isolate mitochondria that will 
still take up substrates for a few hours in the 
test tube and produce ATP via oxidative phos- 
phorylation. 


B. Marker molecules O 


During cell fractionation, it is very important 
to analyze the purity of the fractions obtained. 
Whether or not the intended organelle is 
present in a particular fraction, and whether 
or not the fraction contains other compo- 
nents, can be determined by analyzing 
characteristic marker molecules. These are 
molecules that occur exclusively or predom- 
inantly in one type of organelle. For example, 
the activity of organelle-specific enzymes 
(marker enzymes) is often assessed. The dis- 
tribution of marker enzymes in the cell re- 
flects the compartmentation of the processes 
they catalyze. These reactions are discussed in 
greater detail here under the specific organ- 
elles. 
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Centrifugation 


A. Principles of centrifugation O 


In a solution, particles whose density is higher 
than that of the solvent sink (sediment), and 
particles that are lighter than it float to the 
top. The greater the difference in density, the 
faster they move. If there is no difference in 
density (isopyknic conditions), the particles 
hover. To take advantage of even tiny differ- 
ences in density to separate various particles 
in a solution, gravity can be replaced with the 
much more powerful “centrifugal force” pro- 
vided by a centrifuge. 

Equipment. The acceleration achieved by 
centrifugation is expressed as a multiple 
of the earth’s gravitational force (g = 
9.81 m_ s~). Bench-top centrifuges can reach 
acceleration values of up to 15000 g, while 
highspeed refrigerated centrifuges can reach 
50000 g and ultracentrifuges, which operate 
with refrigeration and in a vacuum, can reach 
500000 g. Two types of rotor are available in 
high-powered centrifuges: fixed angle rotors 
and swingout rotors that have movable bucket 
containers. The tubes or buckets used for cen- 
trifugation are made of plastic and have to be 
very precisely adjusted to avoid any imbalan- 
ces that could lead to accidents. 

Theory. The velocity (v) of particle sedi- 
mentation during centrifugation depends on 
the angular velocity of the rotor, its effective 
radius (fer, the distance from the axis of rota- 
tion), and the particle’s sedimentation prop- 
erties. These properties are expressed as the 
sedimentation coefecient S (1 Svedberg, 
= 10° s). The sedimentation coef cient de- 
pends on the mass M of the particle, its shape 
(expressed as the coef cient of friction, f), and 
its density (expressed as the reciprocal 
density V, “partial specific volume”). 

At the top right, the diagram shows the 
densities and sedimentation coef cients for 
biomolecules, cell organelles, and viruses. 
Proteins and protein-rich structures have 
densities of around 1.3 g cm”?, while nucleic 
acids show densities of up to2 g cm”. Equi- 
librium sedimentation of nucleic acids there- 
fore requires high-density media—e. g., con- 
centrated solutions of cesium chloride (CsCl). 
To allow comparison of S values measured in 
different media, they are usually corrected to 
values for water at 20 °C (“Szow’” ). 


B. Density gradient centrifugation O 


Density gradient centrifugation is used to 
separate macromolecules that differ only 
slightly in size or density. Two techniques 
are commonly used. 

In zonal centrifugation, the sample being 
separated (e.g., a cell extract or cells) is placed 
on top of the centrifugation solution as a thin 
layer. During centrifugation, the particles 
move through the solution due to their 
greater density. The rate of movement basi- 
cally depends on their molecular mass (see A, 
formulae). Centrifugation stops before the 
particles reach the bottom of the tube. Dril- 
ling a hole into the centrifugation tube and 
allowing the contents to drip out makes it 
possible to collect the different particles in 
separate fractions. During centrifugation, the 
solution tube is stabilized in the tube by a 
density gradient. This consists of solutions of 
carbohydrates or colloidal silica gel, the con- 
centration of which increases from the sur- 
face of the tube to the bottom. Density gra- 
dients prevent the formation of convection 
currents, which would impair the separation 
of the particles. 

Isopyknic centrifugation, which takes 
much longer, starts with a CsCl solution in 
which the sample material (e.g., DNA, RNA, 
or viruses) is homogeneously distributed. A 
density gradient only forms during centrifu- 
gation, as a result of sedimentation and dif- 
fusion processes. Each particle moves to the 
region corresponding to its own buoyant den- 
sity. Centrifugation stops once equilibrium 
has been reached. The samples are obtained 
by fractionation, and their concentration is 
measured using the appropriate methods. 
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Cell components and cytoplasm 


The Gram-negative bacterium Escherichia coli 
(E. coli) is a usually harmless symbiont in the 
intestine of mammals. The structure and char- 
acteristics of this organism have been partic- 
ularly well characterized. E. coli is also fre- 
quently used in genetic engineering (see 
p. 258). 


A. Components of a bacterial cell ® 


A single E. coli cell has a volume of about 
0.88 um?. One-sixth of this consists of mem- 
branes and one-sixth is DNA (known as the 
“nucleoid”). The rest of the internal space of 
the cell is known as cytoplasm (not “cytosol”; 
see p. 198). 

The main component of E. coli—as in all 
cells—is water (70%). The other components 
are macromolecules (proteins, nucleic acids, 
polysaccharides), small organic molecules, 
and inorganic ions. The majority of the macro- 
molecules are proteins, which represent ca. 
55% of the dry mass of the cell. When a num- 
ber of assumptions are made about the dis- 
tribution and size (average mass 40 kDa) of 
proteins, it can be estimated that there are 
approximately 250000 protein molecules in 
the cytoplasm of an E. coli cell. In eukaryotic 
cells, which are about a thousand times larger, 
it is estimated that the number of protein 
molecules is in the order of several billion. 


B. Looking inside a bacterial cell O 


The illustration shows a schematic view in- 
side the cytoplasm of E. coli, magnified ap- 
proximately one million times. At this magni- 
fication, a single carbon atom would be the 
size of a grain of salt, and an ATP molecule 
would be as large as a grain of rice. The detail 
shown is 100 nm long, corresponding to 
about 1/600th of the volume of a cell in E. 
coli. To make the macromolecules clearer, 
small molecules such as water, cofactors, 
and metabolites have all been omitted from 
the illustration. The section of the cytoplasm 
shown contains: 


e Several hundred macromolecules, which 
are needed for protein biosynthesis—i.e., 
30 ribosomes, more than 100 protein fac- 


tors, 30 aminoacyl-tRNA synthases, 340 
tRNA molecules, 2-3 mRNAs (each of which 
is 10 times the length of the section shown), 
and six molecules of RNA polymerase. 

e About 330 other enzyme molecules, includ- 
ing 130 glycolytic enzymes and 100 en- 
zymes from the tricarboxylic acid cycle. 

e 30000 small organic molecules with 
masses of 100-1000 Da—e.g., metabolites 
of the intermediary metabolism and coen- 
zymes. These are shown at a magnification 
10 times higher in the bottom right corner. 

e And finally, 50000 inorganic ions. The rest 
consists of water. 


The illustration shows that the cytoplasm of 
cells is a compartment densely packed with 
macromolecules and smaller organic mole- 
cules. The distances between organic mole- 
cules are small. They are only separated by a 
few water molecules. 

All of the molecules are in motion. Due to 
constant collisions, however, they do not ad- 
vance in a straight path but move in zigzags. 
Due to their large mass, proteins are particu- 
larly slow. However, they do cover an average 
of 5 nm in 1 ms—a distance approximately 
equal to their own length. Statistically, a pro- 
tein is capable of reaching any point in a 
bacterial cell in less than a second. 


C. Biochemical functions of the cytoplasm ® 


In eukaryotes, the cytoplasm, representing 
slightly more than 50% of the cell volume, is 
the most important cellular compartment. It 
is the central reaction space of the cell. This is 
where many important pathways of the inter- 
mediary metabolism take place—e.g., glycol- 
ysis, the pentose phosphate pathway, the ma- 
jority of gluconeogenesis, and fatty acid syn- 
thesis. Protein biosynthesis (translation; see 
p. 250) also takes place in the cytoplasm. By 
contrast, fatty acid degradation, the tricarbox- 
ylic acid cycle, and oxidative phosphorylation 
are located in the mitochondria (see p. 210). 
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Cytoskeleton: components 


The cytoplasm of eukaryotic cells is traversed 
by three-dimensional scaffolding structures 
consisting of filaments (long protein fibers), 
which together form the cytoskeleton. These 
filaments are divided into three groups, based 
on their diameters: microfilaments (6-8 nm), 
intermediate filaments (ca. 10 nm), and mi- 
crotubules (ca. 25 nm). All of these filaments 
are polymers assembled from protein compo- 
nents. 


A. Actin ® 


Actin, the most abundant protein in eukary- 
otic cells, is the protein component of the 
microfilaments (actin filaments). Actin occurs 
in two forms—a monomolecular form (G actin, 
globular actin) and a polymer (F actin, fila- 
mentous actin). G actin is an asymmetrical 
molecule with a mass of 42 kDa, consisting 
of two domains. As the ionic strength in- 
creases, G actin aggregates reversibly to 
form F actin, a helical homopolymer. G actin 
carries a firmly bound ATP molecule that is 
slowly hydrolyzed in F actin to form ADP. 
Actin therefore also has enzyme properties 
(ATPase activity). 

As individual G actin molecules are always 
oriented in the same direction relative to one 
another, F actin consequently has polarity. It 
has two different ends, at which polymeriza- 
tion takes place at different rates. If the ends 
are not stabilized by special proteins (as in 
muscle cells), then at a critical concentration 
of G actin the (+) end of F actin will constantly 
grow, while the (-) end simultaneously de- 
cays. These partial processes can be blocked 
by fungal toxins experimentally. Phalloidin, a 
toxin contained in the Amanita phalloides 
mushroom, inhibits decay by binding to the 
(-) end. By contrast, cytochalasins, mold tox- 
ins with cytostatic effects, block polymeriza- 
tion by binding to the (+) end. 

Actin-associated proteins. The cytoplasm 
contains more than 50 different proteins 
that bind specifically to G actin and F actin. 
Their actin uptake has various different func- 
tions. This type of bonding can serve to regu- 
late the G actin pool (example: profilin), influ- 
ence the polymerization rate of G actin (vil- 
lin), stabilize the chain ends of F actin (fragin, 
Y-actinin), attach filaments to one another or 


to other cell components (villin, a-actinin, 
spectrin), or disrupt the helical structure of F 
actin (gelsolin). The activity of these proteins 
is regulated by protein kinases via Ca2* and 
other second messengers (see p. 386). 


B. Intermediate filaments O 


The components of the intermediate fila- 
ments belong to five related protein families. 
They are specific for particular cell types. Typ- 
ical representatives include the cytokeratins, 
desmin, vimentin, glial fibrillary acidic protein 
(GFAP), and neurofilament. These proteins all 
have a rod-shaped basic structure in the cen- 
ter, which is known as a superhelix (“coiled 
coil”; see keratin, p. 70). The dimers are ar- 
ranged in an antiparallel fashion to form tet- 
ramers. A staggered head-to-head arrange- 
ment produces protofilaments. Eight protofi- 
laments ultimately form an intermediary fil- 
ament. 

Free protein monomers of intermediate fil- 
aments rarely occur in the cytoplasm, in con- 
trast to microfilaments and microtubules. 
Their polymerization leads to stable polymers 
that have no polarity. 


C. Tubulins 0 


The basic components of the tube-shaped mi- 
crotubules are o- and f-tubulin (53 and 
55 kDa). These form a,B-heterodimers, which 
in turn polymerize to form linear protofila- 
ments. Thirteen protofilaments form a ring- 
shaped complex, which then grows into a 
long tube as a result of further polymeriza- 
tion. 

Like microfilaments, microtubules are dy- 
namic structures with (+) and (-) ends. The 
(-) end is usually stabilized by bonding to the 
centrosome. The (+) end shows dynamic 
instability. It can either grow slowly or 
shorten rapidly. GTP, which is bound by the 
microtubules and gradually hydrolyzed into 
GDP, plays a role in this. Various proteins can 
also be associated with microtubules. 
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206 Organelles 


Structure and functions 


The cytoskeleton carries out three major 
tasks: 


e It represents the cell’s mechanical scaffold- 
ing, which gives it its typical shape and 
connects membranes and organelles to 
each other. This scaffolding has dynamic 
properties; it is constantly being synthe- 
sized and broken down to meet the cell’s 
requirements and changing conditions. 

e It acts as the motor for movement of animal 
cells. Not only muscle cells (see p. 332), but 
also cells of noncontractile tissues contain 
many different motor proteins, which they 
use to achieve coordinated and directed 
movement. Cell movement, shape changes 
during growth, cytoplasmic streaming, and 
cell division are all made possible by com- 
ponents of the cytoskeleton. 

e It serves as a transport track within the cell. 
Organelles and other large protein com- 
plexes can move along the filaments with 
the help of the motor proteins. 


A. Microfilaments and intermediate 
filaments O 


The illustration schematically shows a detail 
of the microvilli of an intestinal epithelial cell 
as an example of the structure and function of 
the components of the cytoskeleton (see also 
C1). 

Microfilaments of F actin traverse the mi- 
crovilli in ordered bundles. The microfila- 
ments are attached to each other by actin-as- 
sociated proteins, particularly fimbrin and vil- 
lin. Calmodulin and a myosin-like ATPase con- 
nect the microfilaments laterally to the 
plasma membrane. Fodrin, another microfila- 
ment-associated protein, anchors the actin 
fibers to each other at the base, as well as 
attaching them to the cytoplasmic membrane 
and to a network of intermediate filaments. In 
this example, the microfilaments have a 
mainly static function. In other cases, actin is 
also involved in dynamic processes. These in- 
clude muscle contraction (see p. 332), cell 
movement, phagocytosis by immune cells, 
the formation of microspikes and lamellipo- 
dia (cellular extensions), and the acrosomal 
process during the fusion of sperm with the 
egg cell. 


B. Microtubules O 


Only the cell’s microtubules are shown here. 
They radiate out in all directions from a center 
near the nucleus, the centrosome. The tube- 
shaped microtubules are constantly being 
synthesized and broken down at their (+) 
ends. In the centriole, the (-) end is blocked 
by associated proteins (see p. 204). The (+) 
end can also be stabilized by associated pro- 
teins—e.g.. when the microtubules have 
reached the cytoplasmic membrane. 

The microtubules are involved in defining 
the shape of the cell and also serve as guiding 
tracks for the transport of organelles. To- 
gether with associated proteins (dynein, kine- 
sin), microtubules are able to carry out me- 
chanical work—e.g., during the transport of 
mitochondria, the movement of cilia (hair- 
like cell protrusions in the lungs, intestinal 
epithelium, and oviduct) and the beating of 
the flagella of sperm. Microtubules also play a 
special role in the mitotic period of cell divi- 
sion (see p. 394). 


C. Architecture O 


The complex structure and net-like density of 
the cytoskeleton is illustrated here using 
three examples in which the cytoskeletal 
components are visualized with the help of 
antibodies. 


1. The border of an intestinal epithelial cell 
is seen here (see also B). There are micro- 
filaments (a) passing from the interior of the 
cell out into the microvilli. The filaments are 
firmly held together by spectrin (b), an asso- 
ciated protein, and they are anchored to in- 
termediate filaments (c). 

2. Only microtubules are seen in this fibro- 
blast cell. They originate from the microtubule 
organizing center (centrosome) and radiate 
out as far as the plasma membrane. 

3. Keratin filaments are visible here in an 
epithelial cell. Keratin fibers belong to the 
group of intermediate filaments (see pp. 70, 
204; d = nucleus). 
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208 Organelles 


Nucleus 


A. Nucleus @ 


The nucleus is the largest organelle in the eu- 
karyotic cell. With a diameter of about 10 um, 
it is easily recognizable with the light micro- 
scope. This is the location for storage, replica- 
tion, and expression of genetic information. 

The nucleus is separated from the cyto- 
plasm by the nuclear envelope, which consists 
of the outer and inner nuclear membranes. 
Each of the two nuclear membranes has two 
layers, and the membranes are separated 
from each other by the perinuclear space. 
The outer nuclear membrane is continuous 
with the rough endoplasmic reticulum and 
is covered with ribosomes. The inner side of 
the membrane is covered with a protein layer 
(the nuclear lamina), in which the nuclear 
structures are anchored. 

The nucleus contains almost all of the cell’s 
DNA (around 1% of which is mitochondrial 
DNA). Together with histones and structural 
proteins, the nuclear DNA forms the chroma- 
tin (see p. 238). It is only during cell division 
that chromatin condenses into chromosomes, 
which are also visible with the light micro- 
scope. During this phase, the nuclear mem- 
brane temporarily disintegrates. 

During the phase between cell divisions, 
the interphase, it is possible to distinguish 
between the more densely packed hetero- 
chromatin and loose euchromatin using an 
electron microscope. Active transcription of 
DNA into mRNA takes place in the region of 
the euchromatin. A particularly electron- 
dense region is noticeable in many 
nuclei—the nucleolus (several nucleoli are 
sometimes present). The DNA in the nucleolus 
contains numerous copies of the genes for 
rRNAs (see p. 242). They are constantly under- 
going transcription, leading to a high local 
concentration of RNA. 


B. Nuclear pores @ 


The exchange of substances between the nu- 
cleus and the cytoplasm is mediated by pore 
complexes with complicated structures, 
which traverse the nuclear membrane. The 
nuclear pores consist of numerous proteins 
that form several connected rings of varying 
diameter. Low-molecular structures and small 


proteins can enter the nucleus without dif - 
culty. By contrast, larger proteins (over 
40 kDa) can only pass through the nuclear 
pores if they carry a nuclear localization se- 
quence consisting of four successive basic 
amino acids inside their peptide chains (see 
p. 228). mRNAs and rRNAs formed in the nu- 
cleus cross the pores into the cytoplasm as 
complexes with proteins (see below). 


C. Relationships between the nucleus and 
cytoplasm 0 


Almost all of the RNA in the cell is synthesized 
in the nucleus. In this process, known as 
transcription, the information stored in DNA 
is transcribed into RNA (see p. 242). As men- 
tioned above, ribosomal RNA (rRNA) is mainly 
produced in the nucleolus, while messenger 
and transfer RNA (mRNA and tRNA) are 
formed in the region of the euchromatin. En- 
zymatic duplication of DNA—replication—also 
only takes place in the nucleus (see p. 240). 

The nucleotide components required for 
transcription and replication have to be im- 
ported into the nucleus from the cytoplasm. 
Incorporation of these components into RNA 
leads to primary products, which are then 
altered by cleavage, excision of introns, and 
the addition of extra nucleotides (RNA matu- 
ration; see p. 242). It is only once these pro- 
cess have been completed that the RNA mol- 
ecules formed in the nucleus can be exported 
into the cytoplasm for protein synthesis 
(translation; see p. 250). 

The nucleus is not capable of synthesizing 
proteins. All of the nuclear proteins therefore 
have to be imported—the histones with which 
DNA is associated in chromatin, and also the 
so-called non-histone proteins (DNA poly- 
merases and RNA polymerases, auxiliary and 
structural proteins, transcription factors, and 
ribosomal proteins). Ribosomal RNA (rRNA) 
already associates with proteins in the nucle- 
olus to form ribosome precursors. 

A special metabolic task carried out by the 
nucleus is biosynthesis of NAD*. The immedi- 
ate precursor of this coenzyme, nicotinamide 
mononucleotide (NMN‘), arises in the cyto- 
plasm and is then transported into the nucle- 
olus, where it is enzymatically converted into 
the dinucleotide NAD”. Finally, NAD* then re- 
turns to the cytoplasm. 
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Structure and functions 


A. Mitochondrial structure O 


Mitochondria are bacteria-sized organelles 
(about 1 x 2 um in size), which are found in 
large numbers in almost all eukaryotic cells. 
Typically, there are about 2000 mitochondria 
per cell, representing around 25% of the cell 
volume. Mitochondria are enclosed by two 
membranes—a smooth outer membrane and 
a markedly folded or tubular inner mitochon- 
drial membrane, which has a large surface 
and encloses the matrix space. The folds of 
the inner membrane are known as cristae, 
and tube-like protrusions are called tubules. 
The intermembrane space is located between 
the inner and the outer membranes. 

The number and shape of the mitochon- 
dria, as well as the numbers of cristae they 
have, can differ widely from cell type to cell 
type. Tissues with intensive oxidative meta- 
bolism—e.g., heart muscle—have mitochon- 
dria with particularly large numbers of cris- 
tae. Even within one type of tissue, the shape 
of the mitochondria can vary depending on 
their functional status. Mitochondria are mo- 
bile, plastic organelles. 

Mitochondria probably developed during 
an early phase of evolution from aerobic bac- 
teria that entered into symbiosis with pri- 
meval anaerobic eukaryotes. This endosym- 
biont theory is supported by many findings. 
For example, mitochondria have a ring- 
shaped DNA (four molecules per mitochon- 
drion) and have their own ribosomes. The 
mitochondrial genome became smaller and 
smaller during the course of evolution. In hu- 
mans, it still contains 16569 base pairs, 
which code for two rRNAs, 22 tRNAs, and 13 
proteins. Only these 13 proteins (mostly sub- 
units of respiratory chain complexes) are pro- 
duced in the mitochondrion. All of the other 
mitochondrial proteins are coded by the nu- 
clear genome and have to be imported into 
the mitochondria after translation in the cy- 
toplasm (see p. 228). The mitochondrial en- 
velope consisting of two membranes also 
supports the endosymbiont theory. The inner 
membrane, derived from the former sym- 
biont, has a structure reminiscent of proka- 
ryotes. It contains the unusual lipid cardioli- 
pin (see p. 50), but hardly any cholesterol (see 
p. 216). 


Both mitochondrial membranes are very 
rich in proteins. Porins (see p. 214) in the 
outer membrane allow small molecules 
(< 10 kDa) to be exchanged between the cy- 
toplasm and the intermembrane space. By 
contrast, the inner mitochondrial membrane 
is completely impermeable even to small 
molecules (with the exception of Oz, CO, 
and H20). Numerous transporters in the inner 
membrane ensure the import and export of 
important metabolites (see p. 212). The inner 
membrane also transports respiratory chain 
complexes, ATP synthase, and other enzymes. 
The matrix is also rich in enzymes (see B). 


B. Metabolic functions O 


Mitochondria are also described as being the 
cell’s biochemical powerhouse, since—through 
oxidative phosphorylation (see p. 112)—they 
produce the majority of cellular ATP. Pyruvate 
dehydrogenase (PDH), the tricarboxylic acid 
cycle, B-oxidation of fatty acids, and parts of 
the urea cycle are located in the matrix. The 
respiratory chain, ATP synthesis, and enzymes 
involved in heme biosynthesis (see p. 192) are 
associated with the inner membrane. 

The inner membrane itself plays an impor- 
tant part in oxidative phosphorylation. As it is 
impermeable to protons, the respiratory 
chain—which pumps protons from the matrix 
into the intermembrane space via complexes 
I, Ill, and IV—establishes a proton gradient 
across the inner membrane, in which the 
chemical energy released during NADH oxi- 
dation is conserved (see p. 126). ATP synthase 
then uses the energy stored in the gradient to 
form ATP from ADP and inorganic phosphate. 
Several of the transport systems are also de- 
pendent on the H™ gradient. 

In addition to the endoplasmic reticulum, 
the mitochondria also function as an 
intracellular calcium reservoir. The mitochon- 
dria also play an important role in “pro- 
grammed cell death”’—apoptosis (see p. 396). 
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Transport systems 


Mitochondria are surrounded by an inner and 
an outer membrane (see p. 210). The outer 
membrane contains porins, which allow 
smaller molecules up to 10 kDa in size to 
pass. By contrast, the inner membrane is also 
impermeable to small molecules (with the 
exception of water and the gases Oz, COz, 
and NHs3). All of the other substrates of mito- 
chondrial metabolism, as well as its products, 
therefore have to be moved through the inner 
membrane with the help of special transport- 
ers. 


A. Transport systems @ 


The transport systems of the inner mitochon- 
drial membrane use various mechanisms. 
Metabolites or ions can be transported alone 
(uniport, U), together with a second substance 
(symport, S), or in exchange for another mol- 
ecule (antiport, A). Active transport—i.e., 
transport coupled to ATP hydrolysis—does 
not play an important role in mitochondria. 
The driving force is usually the proton gra- 
dient across the inner membrane (blue star) 
or the general membrane potential (red star; 
see p. 126). 

The pyruvate (left) formed by glycolysis in 
the cytoplasm is imported into the matrix in 
antiport with OH™. The OH ions react in the 
intermembrane space with the H* ions abun- 
dantly present there to form H20. This main- 
tains a concentration gradient of OH. The 
import of phosphate (H2PO;) is driven in a 
similar way. The exchange of the ATP formed 
in the mitochondrion for ADP via an adenine 
nucleotide translocase (center) is also depen- 
dent on the H* gradient. ATP with a quadruple 
negative charge is exchanged for ADP with a 
triple negative charge, so that overall one 
negative charge is transported into the H*- 
rich intermembrane space. The import of ma- 
late by the tricarboxylate transporter, which is 
important for the malate shuttle (see B) is 
coupled to the export of citrate, with a net 
export of one negative charge to the exterior 
again. In the opposite direction, malate can 
leave the matrix in antiport for phosphate. 
When Ca”* is imported (right), the metal cat- 
ion follows the membrane potential. An elec- 
troneutral antiport for two H* or two Na‘ 
serves for Ca2* export. 


B. Malate and glycerophosphate shuttles @ 


Two systems known as “shuttles” are avail- 
able to allow the import of reducing equiva- 
lents that arise from glycolysis in the cyto- 
plasm in the form of NADH+H". There is no 
transporter in the inner membrane for 
NADH+H‘ itself. 

In the malate shuttle (left)—which operates 
in the heart, liver, and kidneys, for exam- 
ple—oxaloacetic acid is reduced to malate by 
malate dehydrogenase (MDH, [2a]) with the 
help of NADH+H*". In antiport for 2-oxogluta- 
rate, malate is transferred to the matrix, 
where the mitochondrial isoenzyme for 
MDH [2b] regenerates oxaloacetic acid and 
NADH+H*. The latter is reoxidized by complex 
I of the respiratory chain, while oxaloacetic 
acid, for which a transporter is not available in 
the inner membrane, is first transaminated to 
aspartate by aspartate aminotransferase (AST, 
[3a]). Aspartate leaves the matrix again, and 
in the cytoplasm once again supplies oxalo- 
acetate for step [2a] and glutamate for return 
transport into the matrix [3b]. On balance, 
only NADH+H" is moved from the cytoplasm 
into the matrix; ATP is not needed for this. 

The glycerophosphate shuttle (right) was 
discovered in insect muscle, but is also active 
in the skeletal musculature and brain in 
higher animals. In this shuttle, NADH+H* 
formed in the cytoplasm is used to reduce 
glycerone 3-phosphate, an intermediate of 
glycolysis (see p.150) to glycerol 3-phos- 
phate. Via porins, this enters the intermem- 
brane space and is oxidized again there on the 
exterior side of the inner membrane by the 
flavin enzyme glycerol 3-phosphate dehydro- 
genase back into glycerone 3-phosphate. The 
reducing equivalents are passed on to the 
respiratory chain via ubiquinone (coenzyme 
Q). 

The carnitine shuttle for transporting acyl 
residues into the mitochondrial matrix is dis- 
cussed on p. 164. 
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Structure and components 


A. Structure of the plasma membrane 0 


All biological membranes are constructed ac- 
cording to a standard pattern. They consist of 
a continuous bilayer of amphipathic lipids ap- 
proximately 5 nm thick, into which proteins 
are embedded. In addition, some membranes 
also carry carbohydrates (mono- and oligo- 
saccharides) on their exterior, which are 
bound to lipids and proteins. The proportions 
of lipids, proteins, and carbohydrates differ 
markedly depending on the type of cell and 
membrane (see p. 216). 

Membrane lipids are strongly amphipathic 
molecules with a polar hydrophilic “head 
group” and an apolar hydrophobic “tail.” In 
membranes, they are primarily held together 
by the hydrophobic effect (see p. 28) and 
weak Van der Waals forces, and are therefore 
mobile relative to each other. This gives mem- 
branes a more or less fluid quality. 

The fluidity of membranes primarily de- 
pends on their lipid composition and on tem- 
perature. At a specific transition temperature, 
membranes pass from a semicrystalline state 
to a more fluid state. The double bonds in the 
alkyl chains of unsaturated acyl residues in 
the membrane lipids disturb the semicrystal- 
line state. The higher the proportion of unsa- 
turated lipids present, therefore, the lower the 
transition temperature. The cholesterol con- 
tent also influences membrane fluidity. While 
cholesterol increases the fluidity of semicrys- 
talline, closely-packed membranes, it stabil- 
izes fluid membranes that contain a high pro- 
portion of unsaturated lipids. 

Like lipids, proteins are also mobile within 
the membrane. If they are not fixed in place 
by special mechanisms, they float within the 
lipid layer as if in a two-dimensional liquid; 
biological membranes are therefore also de- 
scribed as being a “fluid mosaic.” 

Lipids and proteins can shift easily within 
one layer of a membrane, but switching be- 
tween the two layers (“flip/flop”) is not possi- 
ble for proteins and is only possible with dif- 
ficulty for lipids (with the exception of cho- 
lesterol). To move to the other side, phospho- 
lipids require special auxiliary proteins 
(translocators, “flipases”). 


B. Membrane lipids 0 


The illustration shows a model of a small 
section of a membrane. The phospholipids 
are the most important group of membrane 
lipids. They include phosphatidylcholine 
(lecithin), phosphatidylethanolamine, phos- 
phatidylserine, phosphatidylinositol, and 
sphingomyelin (for their structures, see 
p. 50). In addition, membranes in animal cells 
also contain cholesterol (with the exception 
of inner mitochondrial membranes). Glycoli- 
pids (a ganglioside is shown here) are mainly 
found on the outside of the plasma mem- 
brane. Together with the glycoproteins, they 
form the exterior coating of the cell (the gly- 
cocalyx). 


C. Membrane proteins ® 


Proteins can be anchored in or on membranes 
in various ways. Integral membrane proteins 
cross right through the lipid bilayer. The sec- 
tions of the peptide chains that lie within the 
bilayer usually consist of 20 to 25 mainly 
hydrophobic amino acid residues that form a 
right-handed a-helix. 

Type I and II membrane proteins only 
contain one transmembrane helix of this 
type, while type III proteins contain several. 
Rarely, type I and II polypeptides can aggre- 
gate to form a type IV transmembrane pro- 
tein. Several groups of integral membrane 
proteins—e. g., the porins (see p. 212)—pene- 
trate the membrane with antiparallel B-sheet 
structures. Due to its shape, this tertiary 
structure is known as a “B-barrel.” 

Type V and VI proteins carry lipid anchors. 
These are fatty acids (palmitic acid, myristic 
acid), isoprenoids (e.g., farnesol), or glycoli- 
pids such as glycosyl phosphatidylinositol 
(GPI) that are covalently bound to the peptide 
chain. 

Peripheral membrane proteins are associ- 
ated with the head groups of phospholipids 
or with another integral membrane protein 
(not shown). 
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Functions and composition 


The most important membranes in animal 
cells are the plasma membrane, the inner 
and outer nuclear membranes, the mem- 
branes of the endoplasmic reticulum (ER) and 
the Golgi apparatus, and the inner and outer 
mitochondrial membranes. Lysosomes, peroxi- 
somes, and various vesicles are also separated 
from the cytoplasm by membranes. In plants, 
additional membranes are seen in the plastids 
and vacuoles. All membranes show pola- 
rity—i.e., there is a difference in the composi- 
tion of the inner layer (facing toward the 
cytoplasm) and the outer layer (facing away 
from it). 


A. Functions of membranes @ 


Membranes and their components have the 
following functions: 


1. Enclosure and insulation of cells and or- 
ganelles. The enclosure provided by the 
plasma membrane protects cells from their 
environment both mechanically and chemi- 
cally. The plasma membrane is essential for 
maintaining differences in the concentration 
of many substances between the intracellular 
and extracellular compartments. 

2. Regulated transport of substances, 
which determines the internal milieu and is 
a precondition for homeostasis—i.e., the 
maintenance of constant concentrations of 
substances and physiological parameters. 
Regulated and selective transport of substan- 
ces through pores, channels, and transporters 
(see p. 218) is necessary because the cells and 
organelles are enclosed by membrane sys- 
tems. 

3. Reception of extracellular signals and 
transfer of these signals to the inside of the 
cell (see pp. 384ff.), as well as the production 
of signals. 

4. Enzymatic catalysis of reactions. Impor- 
tant enzymes are located in membranes at the 
interface between the lipid and aqueous 
phases. This is where reactions with apolar 
substrates occur. Examples include lipid 
biosynthesis (see p. 170) and the metabolism 
of apolar xenobiotics (see p. 316). The most 
important reactions in energy  conver- 
sion—i.e., oxidative phosphorylation (see 


p. 140) and photosynthesis (see p. 128)—also 
occur in membranes. 

5. Interactions with other cells for the pur- 
poses of cell fusion and tissue formation, as 
well as communication with the extracellular 
matrix. 

6. Anchoring of the cytoskeleton (see 
p. 204) to maintain the shape of cells and 
organelles and to provide the basis for move- 
ment processes. 


B. Composition of membranes @ 


Biological membranes consist of lipids, pro- 
teins, and carbohydrates (see p. 214). These 
components occur in varying proportions 
(left). Proteins usually account for the largest 
proportion, at around half. By contrast, carbo- 
hydrates, which are only found on the side 
facing away from the cytoplasm, make up 
only a few percent. An extreme composition 
is seen in myelin, the insulating material in 
nerve cells, three-quarters of which consists 
of lipids. By contrast, the inner mitochondrial 
membrane is characterized by a very low pro- 
portion of lipids and a particularly high pro- 
portion of proteins. 

When the individual proportions of lipids 
in membranes are examined more closely 
(right part of the illustration), typical patterns 
for particular cells and tissues are also found. 
The illustration shows the diversity of the 
membrane lipids and their approximate 
quantitative composition. Phospholipids are 
predominant in membrane lipids in compar- 
ison with glycolipids and cholesterol. Triacyl- 
glycerols (neutral fats) are not found in mem- 
branes. 

Cholesterol is found almost exclusively in 
eukaryotic cells. Animal membranes contain 
substantially more cholesterol than plant 
membranes, in which cholesterol is usually 
replaced by other sterols. There is no choles- 
terol at all in prokaryotes (with a few excep- 
tions). The inner mitochondrial membrane of 
eukaryotes is also low in cholesterol, while it 
is the only membrane that contains large 
amounts of cardiolipin. These facts both sup- 
port the endosymbiotic theory of the devel- 
opment of mitochondria (see p. 210). 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


Biological membranes 217 





A. Functions of membranes 






Boundary Controlled Signal re- Enzymatic Contact Anchor 
metabolite | ceptionand _ reactions with for cyto- 
transport transmission other cells skeleton 


B. Composition of membranes 





Membrane components Relative proportion of lipids 


©- 


Nerve cell: Plasma membrane 









Cardiolipin 





Liver cell: Plasma membrane 


Mitochondrion 
Inner membrane Both membranes 






























rie bpeulayr * 
[__] Lipids OO choline 

Phosphatidyl- Glycolipids 
[9] Carbohydrates Phospholipids < = serine ey 


L] Phosphatidyl- > 
ethanolamine [cholesterol 


Sphingomyelin * Other lipids 


[|__| Proteins 




















Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


> pl ) 0:06/0:53 


Removing Intestinal Worms & Parasites from Bodybuilders Colon in NY RE | Intestinal Worms 





218 Organelles 


Transport processes 


A. Permeability @ 


Only small, uncharged molecules such as 
gases, water, ammonia, glycerol, or urea are 
able to pass through biological membranes by 
free diffusion. With increasing size, even com- 
pounds of this type are no longer able to pass 
through. Membranes are impermeable to glu- 
cose and other sugars, for example. 

The polarity of a molecule is also impor- 
tant. Apolar substances, such as benzene, 
ethanol, diethyl ether, and many narcotic 
agents are able to enter biological membranes 
easily. By contrast, membranes are imperme- 
able to strongly polar compounds, particu- 
larly those that are electrically charged. To 
be able to take up or release molecules of 
this type, cells have specialized channels and 
transporters in their membranes (see below). 


B. Passive and active transport @ 


Free diffusion is the simplest form of mem- 
brane transport. When it is supported by in- 
tegral membrane proteins, it is known as fa- 
cilitated diffusion (or facilitated transport). 


1. Channel proteins have a polar pore 
through which ions and other hydrophilic 
compounds can pass. For example, there are 
channels that allow selected ions to pass (ion 
channels; see p. 222) and porins that allow 
molecules below a specific size to pass in a 
more or less nonspecific fashion (see p. 212). 

2. Transporters recognize and bind the 
molecules to be transported and help them 
to pass through the membrane as a result of a 
conformational change. These proteins (per- 
meases) are thus comparable with enzy- 
mes—although with the difference that they 
“catalyze” vectorial transport rather than an 
enzymatic reaction. Like enzymes, they show 
a certain affinity for each molecule trans- 
ported (expressed as the _ dissociation 
constant, Kg in mol L') and a maximum 
transport capacity (V). 


Free diffusion and transport processes fa- 
cilitated by ion channels and transport pro- 
teins always follow a concentration gradient— 
i.e., the direction of transport is from the 
site of higher concentration to the site of 
lower concentration. In ions, the membrane 


potential also plays a role; the processes are 
summed up by the term “electrochemical 
gradient” (see p. 126). These processes there- 
fore involve passive transport, which runs 
“downhill” on the slope of a gradient. 

By contrast, active transport can also run 
“uphill”’—i.e., against a concentration or 
charge gradient. It therefore requires an input 
of energy, which is usually supplied by the 
hydrolysis of ATP (see p. 124). The transporter 
first binds its “cargo” on one side of the mem- 
brane. ATP-dependent phosphorylation then 
causes a conformation change that releases 
the cargo on the other side of the membrane 
(see p. 220). A non-spontaneous transport 
process can also take place through coupling 
to another active transport process (known as 
secondary active transport; see p. 220). 

Using the transport systems in the mem- 
branes, cells regulate their volume, internal 
PH value, and ionic environment. They con- 
centrate metabolites that are important for 
energy metabolism and biosynthesis, and ex- 
clude toxic substances. Transport systems 
also serve to establish ion gradients, which 
are required for oxidative phosphorylation 
and stimulation of muscle and nerve cells, 
for example (see p. 350). 


C. Transport processes O 


Another classification of transport processes 
is based on the number of particles trans- 
ported and the direction in which they 
move. When a single molecule or ion passes 
through the membrane with the help of a 
channel or transporter, the process is de- 
scribed as a uniport (example: the transport 
of glucose into liver cells). Simultaneous 
transport of two different particles can take 
place either as a symport (example: the trans- 
port of amino acids or glucose together with 
Na* ions into intestinal epithelial cells) or as 
an antiport. Ions are often transported in an 
antiport in exchange for another similarly 
charged ion. This process is electroneutral 
and therefore more energetically favorable 
(example: the exchange of HCO; for Cl” at 
the erythrocyte membrane). 
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Transport proteins 


Illustrations B-D show transporters whose 
structure has been determined experimen- 
tally or established on analogy with other 
known structures. They all belong to group 
III of the a-helical transmembrane proteins 
(see p. 214). 


A. Transport mechanisms ® 


Some cells couple the “pure” transport forms 
discussed on p. 218—i.e., passive transport (1) 
and active transport (2)—and use this mech- 
anism to take up metabolites. In secondary 
active transport (3), which is used for exam- 
ple by epithelial cells in the small intestine 
and kidney to take up glucose and amino 
acids, there is a symport (S) located on the 
luminal side of the membrane, which takes up 
the metabolite M together with an Na” ion. 
An ATP-dependent Na” transporter (Na‘/K* 
ATPase; see p. 350) on the other side keeps 
the intracellular Na+ concentration low and 
thus indirectly drives the uptake of M. Finally, 
a uniport (U) releases M into the blood. 


B. Glucose transporter Glut-1 © 


The glucose transporters (Glut) are a family of 
related membrane proteins with varying dis- 
tribution in the organs. Glut-1 and Glut-3 
have a relatively high af nity for glucose (Kg 
= 1 mM). They occur in nearly all cells, and 
ensure continuous glucose uptake. Glut-2 is 
found in the liver and pancreas. This form has 
a lower af nity (Kg = 15-20 mM). The rate of 
glucose uptake by Glut-2 is therefore strongly 
dependent on the blood glucose level (nor- 
mally 4-8 mM). Transport by Glut-4 (Kg = 
5 mM), which is mainly expressed in muscle 
and fat cells, is controlled by insulin, which 
increases the number of transporters on the 
cell surface (see p. 388). Glut-5 mediates sec- 
ondary active resorption of glucose in the in- 
testines and kidney (see A). 

Glut-1 consists of a single peptide chain 
that spans the membrane with 12 a-helices 
of different lengths. The glucose is bound by 
the peptide loops that project on each side of 
the membrane. 


C. Aquaporin-1 O 


Aquaporins help water to pass through bio- 
logical membranes. They form hydrophilic 
pores that allow H20 molecules, but not hy- 
drated ions or larger molecules, to pass 
through. Aquaporins are particularly impor- 
tant in the kidney, where they promote the 
reuptake of water (see p. 328). Aquaporin-2 
in the renal collecting ducts is regulated by 
antidiuretic hormone (ADH, vasopressin), 
which via cAMP leads to shifting of the chan- 
nels from the ER into the plasma membrane. 

Aquaporin-1, shown here, occurs in the 
proximal tubule and in Henle’s loop. It con- 
tains eight transmembrane helices with dif- 
ferent lengths and orientations. The yellow- 
colored residues form a narrowing that only 
H,0 molecules can overcome. 


D. Sarcoplasmic Ca?* pump O 


Transport ATPases transport cations—they are 
“ion pumps.” ATPases of the F type—e. g., mito- 
chondrial ATP synthase (see p. 142)—use H* 
transport for ATP synthesis. Enzymes of the V 
type, using up ATP, “pump” protons into lyso- 
somes and other acidic cell compartments (see 
p. 234). P type transport ATPases are particu- 
larly numerous. These are ATP-driven cation 
transporters that undergo covalent phosphor- 
ylation during the transport cycle. 

The Ca?* ATPase shown also belongs to the 
P type. In muscle, its task is to pump the Ca?* 
released into the cytoplasm to trigger muscle 
contraction back into the sarcoplasmic retic- 
ulum (SR; see p. 334). The molecule (1) con- 
sists of a single peptide chain that is folded into 
various domains. In the transmembrane part, 
which is formed by numerous a-helices, there 
are binding sites for two Ca?" ions (blue) ATP 
is bound to the cytoplasmic N domain (green). 

Four different stages can be distinguished 
in the enzyme’s catalytic cycle (2). First, bind- 
ing of ATP to the N domain leads to the uptake 
of two Ca?* into the transmembrane part (a). 
Phosphorylation of an aspartate residue in the 
P domain (b) and dissociation of ADP then 
causes a conformation change that releases 
the Ca?* ions into the SR (c). Finally, dephos- 
phorylation of the aspartate residue restores 
the initial conditions (d). 
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lon channels 


Ion channels facilitate the diffusion of ions 
through biological membranes. Some ion 
channels open and close depending on the 
membrane potential (voltage-gated channels, 
A) or in response to specific ligands (ligand- 
gated channels, B). Other channels operate 
passively. In these cases, transport depends 
only on the concentration gradient (C). 


A. Voltage-gated Na’ channel O 


Voltage-gated Na* channels play a decisive 
part in the conduction of electrical impulses 
in the nervous system (see p. 350). These 
channels open when the membrane potential 
in their environment reverses. Due to the high 
equilibrium potential for Na* (see p. 126), an 
inflow of Na” ions takes place, resulting in 
local depolarization of the membrane, which 
propagates by activation of neighboring volt- 
age-dependent Na* channels. A spreading de- 
polarization wave of this type is known as an 
action potential (see p. 350). Externally di- 
rected K* channels are involved in the repola- 
rization of the membrane. In their function- 
ing, these resemble the much more simply 
structured K* channels shown in C. The Ca?* 
channels that trigger exocytosis of vesicles 
(see p. 228) are also controlled by the action 
potential. 

The voltage-gated Na* channels in higher 
animals are large complexes made up of sev- 
eral subunits. The a-subunit shown here me- 
diates Na* transport. It consists of a very long 
peptide chain (around 2000 amino acid resi- 
dues), which is folded into four domains, each 
with six transmembrane helices (left). The S6 
helices of all the domains (blue) together 
form a centrally located hydrophilic pore 
which can be made narrow or wide depend- 
ing on the channel’s functional status. The six 
S4 helices (green) function as voltage sensors. 

The current conception of the way in which 
the opening and closing mechanism functions 
is shown in a highly simplified form on the 
right. For the sake of clarity, only one of the 
four domains (domain IV) is shown. The S4 
helices contain several positively charged res- 
idues. When the membrane is polarized (a), 
the surplus negative charges on the inner side 
keep the helix in the membrane. If this attrac- 
tion is removed as a result of local depolariza- 


tion, the S4 helices are thought to snap up- 
wards like springs and thus open the central 
pore (b). 


B. Nicotinic acetylcholine receptor O 


Many receptors for neurotransmitters func- 
tion as ligand-gated channels for Na’, K* 
and/or Ca?* ions (see p. 354). The ones that 
have been studied in the greatest detail are 
the nicotinic receptors for acetylcholine (see 
p. 352). These consist of five separate but 
structurally closely related subunits. Each 
forms four transmembrane helices, the sec- 
ond of which is involved in the central pore in 
each case. The type of monomer and its ar- 
rangement in the complex is not identical in 
all receptors of this type. In the neuromuscu- 
lar junction (see p. 334), the arrangement 
oP yas is found (1). 

In the interior of the structure, acetylcho- 
line binds to the two o-subunits and thus 
opens the pore for a short time (1-2 ms). 
Negatively charged residues are arranged in 
three groups in a ring shape inside it. They are 
responsible for the receptor’s ion specificity. It 
is thought that binding of the neurotransmit- 
ter changes the position of the subunits in 
such a way that the pore expands (3). The 
bound acetylcholine dissociates again and is 
hydrolytically inactivated (see p. 356). The 
receptor is thus able to function again. 


C. K* channel in Streptomyces lividans O 


The only detailed structures of ion channels 
established so far are those of potassium 
channels like that of an outwardly directed 
K* channel in the bacterium Streptomyces liv- 
idans. It consists of four identical subunits 
(blue, yellow, green, and red), each of which 
contains two long a-helices and one shorter 
one. In the interior of the cell (bottom), the K* 
ions (violet) enter the structure’s central 
channel. Before they are released to the out- 
side, they have to pass through what is known 
as a “selectivity filter.” In this part of the 
channel, several C=O groups in the peptide 
chain form a precisely defined opening that 
is only permeable to non-hydrated kK" ions. 
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Membrane receptors 


To receive and pass on chemical or physical 
signals, cells are equipped with receptor pro- 
teins. Many of these are integral membrane 
proteins in the plasma membrane, where 
they receive signals from their surroundings. 
Other receptor proteins are located in inter- 
cellular membranes. The receptors for lipo- 
philic hormones are among the few that func- 
tion in a soluble form. They regulate gene 
transcription in the nucleus (see p. 378). 


A. Principle of receptor action @ 


Membrane-located receptors can be divided 
into three parts, which have different tasks. 
The receptor domain reacts specifically to a 
given signal. Signals of this type can be of a 
purely physical nature. For example, many 
organisms react to light. In this way, plants 
adapt growth and photosynthesis to light 
conditions, while animals need light recep- 
tors for visual processing (C; see p. 358). Me- 
chanoreceptors are involved in hearing and in 
pressure regulation, among other things. 
Channels that react to action potentials (see 
p. 350) can be regarded as receptors for elec- 
trical impulses. 

However, most receptors do not react to 
physical stimuli, but rather to signal mole- 
cules. Receptors for these chemical signals 
contain binding sites in the receptor domain 
that are complementary to each ligand. In this 
respect, they resemble enzymes (see p. 94). 
As the effector domain of the receptor is usu- 
ally separated by a membrane, a mechanism 
for signal transfer between the domains is 
needed. Little is yet known regarding this. It 
is thought that conformation changes in the 
receptor protein play a decisive part. Some 
receptors dimerize after binding of the ligand, 
thereby bringing the effector domains of two 
molecules into contact (see p. 392). 

The way in which the effector works differs 
from case to case. By binding or interconver- 
sion, many receptors activate special media- 
tor proteins, which then trigger a signal cas- 
cade (signal transduction; see p. 384). Other 
receptors function as ion channels. This is 
particularly widespread in receptors for neu- 
rotransmitters (see p. 354). 


B. Insulin receptor O 


The receptor for the hormone insulin (see 
p. 76) belongs to the family of 1-helix recep- 
tors. 

These molecules span the membrane with 
only one o-helix. The subunits of the dimeric 
receptor (red and blue) each consist of two 
polypeptides (« and $B) bound by disulfide 
bonds. The o-chains together bind the insulin, 
while the B-chains contain the transmem- 
brane helix and, at the C-terminus, domains 
with tyrosine kinase activity. In the activated 
state, the kinase domains phosphorylate 
themselves and also mediator proteins (re- 
ceptor substrates) that set in motion cascades 
of further phosphorylations (see pp. 120 and 
388). 


C. 7-helix receptors ® 


A large group of receptors span the mem- 
brane with a-helices seven times. These are 
known as 7-helix receptors. Via their effector 
domains, they bind and activate trimeric pro- 
teins, which in turn bind and hydrolyze GIP 
and are therefore called G proteins. Most G 
proteins, in turn, activate or inhibit enzymes 
that create secondary signaling molecules 
(second messengers; see p. 386). Other G pro- 
teins regulate ion channels. The illustration 
shows the complex of the light receptor rho- 
dopsin, with the associated G protein trans- 
ducin (see p. 358). The GTP-binding o-subunit 
(green) and the y-subunit (violet) of transdu- 
cin are anchored in the membrane via lipids 
(see p. 214). The B-subunit is shown in detail 
on p. 72. 


D. T-cell receptor ® 


The cells of the immune system communicate 
with each other particularly intensively. The 
T-cell receptor plays a central role in the acti- 
vation of T lymphocytes (see p. 296). The cell 
at the top has been infected with a virus, and 
it indicates this by presenting a viral peptide 
(violet) with the help of a class | MHC protein 
(yellow and green). The combination of the 
two molecules is recognized by the dimeric 
T-cell receptor (blue) and converted into a 
signal that activates the T cell (bottom) and 
thereby enhances the immune response to 
the virus. 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


A. Principle of receptor action 














Chemical signals 


Metabolites 
Hormones 
Neurotransmitters 
Mediators 
Odorants 

Tastants 

Other molecules 
Inorganic ions 











































Protein activated 
by ions 


B. Insulin receptor 


Insulin 


Tyrosine 
kinase 
domain 











Adaptor ! Adaptor 
protein protein 5% 
Receptor 


Protein kinase substrate Protein kinase 





C. 7-Helix receptors 


Lipid 


anchor 3 : 
a-Sub io >h 


Receptor 





unit 
GTP. 


B-Sub- 
unit 


y-Sub- 
unit 


Signaling 
substance _@y 


Activated 4 ai 
G 


receptor GDP 


Effector 
enzyme 


G protein 


—o—. O 


Second 
messenger 


TP Precursor 


~ Signal 
















Biological membranes 225 




















Physical signals 


Light 
Electrical impulses 
Mechanical stimuli 

















Activator 
Protein kinase 
lon channel 


Cellular response | 
G-protein 


receptor substrate 


































D. T-cell receptor 





Antigen-presenting cell 







MHC 
protein 
(class I) 


peptide 


T-helper cell 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


226 Organelles 


ER: structure and function 


The endoplasmic reticulum (ER) is an exten- 
sive closed membrane system consisting of 
tubular and saccular structures. In the area 
of the nucleus, the ER turns into the external 
nuclear membrane. Morphologically, a dis- 
tinction is made between the rough ER (rER) 
and the smooth ER (sER). Large numbers of 
ribosomes are found on the membranes of the 
rER, which are lacking on the sER. On the 
other hand, the sER is rich in membrane- 
bound enzymes, which catalyze partial reac- 
tions in the lipid metabolism as well as bio- 
transformations. 


A. Rough endoplasmic reticulum and the 
Golgi apparatus ® 


The rER (1) is a site of active protein 
biosynthesis. This is where proteins destined 
for membranes, lysosomes, and export from 
the cell are synthesized. The remaining pro- 
teins are produced in the cytoplasm on ribo- 
somes that are not bound to membranes. 

Proteins synthesized at the rER (1) are 
folded and modified after translation (protein 
maturation; see p. 230). They remain either in 
the rER as membrane proteins, or pass with 
the help of transport vesicles (2) to the Golgi 
apparatus (3). Transport vesicles are formed 
by budding from existing membranes, and 
they disappear again by fusing with them 
(see p. 228). 

The Golgi apparatus (3) is a complex net- 
work, also enclosed, consisting of flattened 
membrane saccules (“cisterns”), which are 
stacked on top of each other in layers. Pro- 
teins mature here and are sorted and packed. 
A distinction is made between the cis, medial, 
and trans Golgi regions, as well as a trans 
Golgi network (tGN). The post-translational 
modification of proteins, which starts in the 
ER, continues in these sections. 

From the Golgi apparatus, the proteins are 
transported by vesicles to various targets in 
the cells—e.g., to lysosomes (4), the plasma 
membrane (6), and secretory vesicles (5) that 
release their contents into the extracellular 
space by fusion with the plasma membrane 
(exocytosis; see p. 228). Protein transport can 
either proceed continuously (constitutive), or 
it can be regulated by chemical signals. The 
decision regarding which pathway a protein 


will take and whether its transport will be 
constitutive or regulated depends on the sig- 
nal sequences or signal structures that pro- 
teins carry with them like address labels (see 
p. 228). In addition to proteins, the Golgi ap- 
paratus also transports membrane lipids to 
their targets. 


B. Smooth endoplasmic reticulum @ 


Regions of the ER that have no bound ribo- 
somes are known as the smooth endoplasmic 
reticulum (sER). In most cells, the proportion 
represented by the sER is small. A marked sER 
is seen in cells that have an active lipid me- 
tabolism, such as hepatocytes and Leydig 
cells. The sER is usually made up of branching, 
closed tubules. 

Membrane-located enzymes in the sER 
catalyze lipid synthesis. Phospholipid synthe- 
sis (see p. 170) is located in the sER, for exam- 
ple, and several steps in cholesterol biosyn- 
thesis (see p. 172) also take place there. In 
endocrine cells that form steroid hormones, a 
large proportion of the reaction steps in- 
volved also take place in the sER (see p. 376). 

In the liver’s hepatocytes, the proportion 
represented by the sER is particularly high. 
It contains enzymes that catalyze so-called 
biotransformations. These are reactions in 
which apolar foreign substances, as well as 
endogenous substances—e. g., steroid hormo- 
nes—are chemically altered in order to inacti- 
vate them and/or prepare them for conjuga- 
tion with polar substances (phase I reactions; 
see p. 316). Numerous cytochrome P450 
enzymes are involved in these conversions 
(see p. 318) and can therefore be regarded 
as the major molecules of the sER. 

The sER also functions as an intracellular 
calcium store, which normally keeps the Ca?* 
level in the cytoplasm low. This function is 
particularly marked in the sarcoplasmic retic- 
ulum, a specialized form of the sER in muscle 
cells (see p. 334). For release and uptake of 
Ca?*, the membranes of the sER contain sig- 
nal-controlled Ca2* channels and energy-de- 
pendent Ca?* ATPases (see p. 220). In the lu- 
men of the sER, the high Ca?* concentration is 
buffered by Ca?*-binding proteins. 
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Protein sorting 


A. Protein sorting 


The biosynthesis of all proteins starts on free 
ribosomes (top). However, the paths that the 
proteins follow soon diverge, depending on 
which target they are destined for. Proteins 
that carry a signal peptide for the ER (1) follow 
the secretory pathway (right). Proteins that do 
not have this signal follow the cytoplasmic 
pathway (left). 

Secretory pathway. Ribosomes that syn- 
thesize a protein with a signal peptide for 
the ER settle on the ER (see p. 228). The pep- 
tide chain is transferred into the lumen of the 
rER. The presence or absence of other signal 
sequences and signal regions determines the 
subsequent transport pathway. 

Proteins that have stop-transfer sequences 
(4) remain as integral membrane proteins in 
the ER membrane. They then pass into other 
membranes via vesicular transport (see 
p. 226). From the rER, their pathway then 
leads to the Golgi apparatus and then on to 
the plasma membrane. Proteins destined to 
remain in the rER—e.g., enzymes—find their 
way back from the Golgi apparatus to the rER 
with the help of a retention signal (2). Other 
proteins move from the Golgi apparatus to 
the lysosomes (3; see p. 234), to the cell 
membrane (integral membrane proteins or 
constitutive exocytosis), or are transported 
out of the cell (9; signal-regulated exocytosis) 
by secretory vesicles (8). 

Cytoplasmic pathway. Proteins that do not 
have a signal peptide for the ER are synthe- 
sized in the cytoplasm on free ribosomes, and 
remain in that compartment. Special signals 
mediate further transport into the mitochon- 
dria (5; see p. 232), the nucleus (6; see p. 208) 
or peroxisomes (7). 


B. Translocation signals O 


Signal peptides are short sections at the N or C 
terminus, or within the peptide chain. Areas 
on the protein surface that are formed by 
various sections of the chain or by various 
chains are known as signal regions. Signal 
peptides and signal regions are structural sig- 
nals that are usually recognized by receptors 
on organelles (see A). They move the proteins, 
with the help of additional proteins, into the 


organelles (selective protein transfer). Struc- 
tural signals can also activate enzymes that 
modify the proteins and thereby determine 
their subsequent fate. Examples include lyso- 
somal proteins (see p. 234) and membrane 
proteins with lipid anchors (see p. 214). 

After they have been used, signal peptides 
at the N terminus are cleaved off by specific 
hydrolases (symbol: scissors). In proteins that 
contain several successive signal sequences, 
this process can expose the subsequent sig- 
nals. By contrast, signal peptides that have to 
be read several times are not cleaved. 


C. Exocytosis O 


Exocytosis is a term referring to processes 
that allow cells to expel substances (e. g., hor- 
mones or neurotransmitters) quickly and in 
large quantities. Using a complex protein ma- 
chinery, secretory vesicles fuse completely or 
partially with the plasma membrane and re- 
lease their contents. Exocytosis is usually 
regulated by chemical or electrical signals. As 
an example, the mechanism by which neuro- 
transmitters are released from synapses (see 
p. 348) is shown here, although only the most 
important proteins are indicated. 

The decisive element in exocytosis is the 
interaction between proteins known as 
SNAREs that are located on the vesicular 
membrane (v-SNAREs) and on the plasma 
membrane (t-SNAREs). In the resting state 
(1), the v-SNARE synaptobrevin is blocked by 
the vesicular protein synaptotagmin. When an 
action potential reaches the presynaptic 
membrane, voltage-gated Ca’* channels 
open (see p. 348). Ca?* flows in and triggers 
the machinery by conformational changes in 
proteins. Contact takes place between synap- 
tobrevin and the t-SNARE synaptotaxin (2). 
Additional proteins known as SNAPs bind to 
the SNARE complex and allow fusion between 
the vesicle and the plasma membrane (3). The 
process is supported by the hydrolysis of GIP 
by the auxiliary protein Rab. 

The toxin of the bacterium Clostridium bot- 
ulinum, one of the most poisonous substances 
there is, destroys components of the exocyto- 
sis machinery in synapses through enzymatic 
hydrolysis, and in this way blocks neurotrans- 
mission. 
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Protein synthesis and maturation 


A. Protein synthesis in the rER ® 


With all proteins, protein biosynthesis 
(Translation; for details, see p. 250) starts on 
free ribosomes in the cytoplasm (1). Proteins 
that are exported out of the cell or into lyso- 
somes, and membrane proteins of the ER and 
the plasma membrane, carry a signal peptide 
for the ER at their N-terminus. This is a section 
of 15-60 amino acids in which one or two 
strongly basic residues (Lys, Arg) near the N- 
terminus are followed by a strongly hydro- 
phobic sequence of 10-15 residues (see 
p. 228). 

As soon as the signal peptide (red) appears 
on the surface of the ribosome (2), an RNA- 
containing signal recognition particle (SRP, 
green) binds to the sequence and initially 
interrupts translation (3). The SRP then binds 
to an SRP receptor in the rER membrane, and 
in this way attaches the ribosome to the ER 
(4). After this, the SRP dissociates from the 
signal peptide and from the SRP receptor 
and is available again for step 3. This ender- 
gonic process is driven by GTP hydrolysis (5). 
Translation now resumes. The remainder of 
the protein, still unfolded, is gradually intro- 
duced into a channel (the translocon) in the 
lumen of the rER (6), where a signal peptidase 
located in the inner ER membrane cleaves the 
signal peptide while translation is still taking 
place (7). This converts the preprotein into a 
proprotein, from which the mature protein 
finally arises after additional post-transla- 
tional modifications (8) in the ER and in the 
Golgi apparatus. 

If the growing polypeptide contains a stop- 
transfer signal (see p. 228), then this hydro- 
phobic section of the chain remains stuck in 
the membrane outside the translocon, and an 
integral membrane protein arises. In the 
course of translation, an additional signal se- 
quence can re-start the transfer of the chain 
through the translocon. Several repetitions of 
this process produce integral membrane pro- 
teins with several transmembrane helices 
(see p. 214). 


B. Protein glycosylation O 


Most extracellular proteins contain covalently 
bound oligosaccharide residues. For example, 


all plasma proteins with the exception of al- 
bumin are glycosylated. Together with glyco- 
lipids, numerous glycoproteins on the cell 
surface form the glycocalyx. Inside the ER, 
the carbohydrate parts of the glycoproteins 
are cotranslationally transferred to the grow- 
ing chain, and are then converted into their 
final form while passing through the ER and 
Golgi apparatus. 

N-bound oligosaccharides (see p. 44) are 
always bound to the acid-amide group of as- 
paragine residues. If a glycosylation sequence 
(-Asn-X-Ser(Thr)-, where X can be any 
amino acid) appears in the growing peptide 
chain, then a transglycosylase in the ER mem- 
brane [1] transfers a previously produced core 
oligosaccharide consisting of 14 hexose 
residues en-bloc from the carrier molecule 
dolichol diphosphate to the peptide. 

Dolichol is a long-chain isoprenoid (see 
p. 52) consisting of 10-20 isoprene units, 
which is embedded in the ER membrane. A 
hydroxyl group at the end of the molecule is 
bound to diphosphate, on which the nuclear 
oligosaccharide is built up in an extended 
reaction sequence (not shown here in detail). 
The core structure consists of two residues of 
N-acetylglucosamine (GIcNAc), a branched 
group of nine mannose residues (Man) and 
three terminal glucose resides (Glc). 

As the proprotein passes through the ER, 
glycosidases [2] remove the glucose residues 
completely and the mannoses partially 
(“trimming”), thereby producing the man- 
nose-rich type of oligosaccharide residues. 
Subsequently, various glycosyltransferases [3] 
transfer additional monosaccharides (e.¢., 
GIcNAc, galactose, fucose, and N-acetylneura- 
minic acid; see p. 38) to the mannose-rich 
intermediate and thereby produce the com- 
plex type of oligosaccharide. The structure of 
the final oligosaccharide depends on the type 
and activity of the glycosyltransferases pre- 
sent in the ER of the cell concerned, and is 
therefore genetically determined (although 
indirectly). 
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Protein maturation 


After translation, proteins destined for the 
secretory pathway (see p. 228) first have to 
fold into their native conformation within the 
rER (see p. 230). During this process they are 
supported by various auxiliary proteins. 


A. Protein folding in the rER @ 


To prevent incorrect folding of the growing 
protein during protein biosynthesis, chaper- 
ones (see B) in the lumen of the rER bind to 
the peptide chain and stabilize it until trans- 
lation has been completed. Binding protein 
(BiP) is an important chaperone in the ER. 

Many secretory proteins—e.g., pancreatic 
ribonuclease (RNAse; see p. 74)—contain sev- 
eral disulfide bonds that are only formed ox- 
idatively from SH groups after translation. 
The eight cysteine residues of the RNAse can 
in principle form 105 different pairings, but 
only the combination of the four disulfide 
bonds shown on p. 75 provides active en- 
zyme. Incorrect pairings can block further 
folding or lead to unstable or insoluble con- 
formations. The enzyme protein disulfide iso- 
merase [1] accelerates the equilibration be- 
tween paired and unpaired cysteine residues, 
so that incorrect pairs can be quickly split 
before the protein finds its final conformation. 

Most peptide bonds in proteins take on the 
trans conformation (see p. 66). Only bonds 
with proline residues (—X-Pro-) can be 
present in both cis and trans forms. 

In the protein’s native conformation, every 
X-Pro bond has to have the correct conforma- 
tion (cis or trans). As the uncatalyzed transi- 
tion between the two forms is very slow, 
there is a proline cis-trans isomerase [2] in 
the ER that accelerates the conversion. 


B. Chaperones and chaperonins @ 


Most proteins fold spontaneously into their 
native conformation, even in the test tube. 
In the cell, where there are very high concen- 
trations of proteins (around 350 g_ L”), this 
is more dif cult. In the unfolded state, the 
apolar regions of the peptide chain (yellow) 
tend to aggregate—due to the hydrophobic 
effect (see p.28)—with other proteins or 
with each other to form insoluble products 
(2). In addition, unfolded proteins are suscep- 


tible to proteinases. To protect partly folded 
proteins, there are auxiliary proteins called 
chaperones because they guard immature 
proteins against damaging contacts. Chaper- 
ones are formed increasingly during tempera- 
ture stress and are therefore also known as 
heat-shock proteins (hsp). Several classes of 
hsp are distinguished. Chaperones of the 
hsp70 type (Dna K in bacteria) are common, 
as are type hsp60 chaperonins (GroEL/ES in 
bacteria). Class hsp90 chaperones have spe- 
cial tasks (see p. 378). 

While small proteins can often reach their 
native conformation without any help (1), 
larger molecules require hsp70 proteins for 
protection against aggregation which bind as 
monomers and can dissociate again, depend- 
ent on ATP (3). By contrast, type hsp60 chap- 
eronins form large, barrel-shaped complexes 
with 14 subunits in which proteins can fold 
independently while shielded from their en- 
vironment (4). The function of hsp60 has been 
investigated in detail in the bacterial 
chaperonin GroEL (right). The barrel has two 
chambers, which are closed with a lid (GroES) 
during folding of the guest protein. Driven by 
ATP hydrolysis, the chambers open and close 
alternately—i. e., the release of the fully folded 
protein from one chamber is coupled to the 
uptake of an unfolded peptide in the second 
chamber. 


C. Protein import in mitochondria @ 


Class hsp70 chaperones are also needed for 
translocation of nuclear-coded proteins from 
the cytoplasm into the mitochondria (see 
p. 228). As two membranes have to be 
crossed to reach the matrix, there are two 
translocator complexes: TOM (“transport 
outer membrane”) and TIM (“transport inner 
membrane”). For transport, proteins are un- 
folded in the cytoplasm and protected by 
hsp70. TOM recognizes the positively charged 
signal sequence at the protein’s N terminus 
(see p. 228) and with the help of the mem- 
brane potential threads the chains through 
the central pores of the two complexes. Inside 
TIM, further hsp70 molecules bind and pull 
the chain completely into the matrix. As with 
import into the ER, the signal peptide is pro- 
teolytically removed by a signal peptidase 
during translocation. 
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234 Organelles 


Lysosomes 


A. Structure and contents @ 


Animal lysosomes are organelles with a diam- 
eter of 0.2-2.0 um with various shapes that 
are surrounded by a single membrane. There 
are usually several hundred lysosomes per 
cell. ATP-driven V-type proton pumps are ac- 
tive in their membranes (see p. 220). As these 
accumulate H* in the lysosomes, the content 
of lysosomes with pH values of 4.5-5 is much 
more acidic than the cytoplasm (pH 7-7.3). 

The lysosomes are the cell’s “stomach,” 
serving to break down various cell compo- 
nents. For this purpose, they contain some 
4O different types of hydrolases, which are 
capable of breaking down every type of mac- 
romolecule. The marker enzyme of lysosomes 
is acid phosphatase. The pH optimum of lyso- 
somal enzymes is adjusted to the acid pH value 
and is also in the range of pH 5. At neutral pH, 
as in the cytoplasm, lysosomal enzymes only 
have low levels of activity. This appears to be a 
mechanism for protecting the cells from di- 
gesting themselves in case lysosomal enzymes 
enter the cytoplasm at any time. In plants and 
fungi, the cell vacuoles (see p. 43) have the 
function of lysosomes. 


B. Functions O 


Lysosomes serve for enzymatic degradation of 
macromolecules and cell organelles, which 
are supplied in various ways. The example 
shows the degradation of an overaged mito- 
chondrion by autophagy. To accomplish this, 
the lysosome encloses the organelle (1). Dur- 
ing this process, the primary lysosome con- 
verts into a secondary lysosome, in which the 
hydrolytic degradation takes place (2). Finally, 
residual bodies contain the indigestible resi- 
dues of the lysosomal degradation process. 
Lysosomes are also responsible for the degra- 
dation of macromolecules and particles taken 
up by cells via endocytosis and phagocyto- 
sis—e.g., lipoproteins, proteohormones, and 
bacteria (heterophagy). In the process, lyso- 
somes fuse with the endosomes (3) in which 
the endocytosed substances are supplied. 


C. Synthesis and transport of lysosomal 
proteins O 


Primary lysosomes arise in the region of the 
Golgi apparatus. Lysosomal proteins are syn- 
thesized in the rER and are glycosylated there 
as usual (1; see p. 228). The next steps are 
specific for lysosomal proteins (right part of 
the illustration). In a two-step reaction, ter- 
minal mannose residues (Man) are phos- 
phorylated at the C-6 position of the man- 
nose. First, N-acetylglucosamine 1-phosphate 
is transferred to the OH group at C-6 in a 
terminal mannose residue, and N-acetylglu- 
cosamine is then cleaved again. Lysosomal 
proteins therefore carry a terminal mannose 
6-phosphate (Man6-P; 2). 

The membranes of the Golgi apparatus 
contain receptor molecules that bind Man 
6-P. They recognize lysosomal proproteins 
by this residue and bind them (3). With the 
help of clathrin, the receptors are concen- 
trated locally. This allows the appropriate 
membrane sections to be pinched off and 
transported to the endolysosomes with the 
help of transport vesicles (4), from which pri- 
mary lysosomes arise through maturation (5). 
Finally, the phosphate groups are removed 
from Man 6-P (6). 

The Man 6-P receptors are reused. The fall 
in the pH value in the endolysosomes releases 
the receptors from the bound proteins (7) 
which are then transported back to the Golgi 
apparatus with the help of transport vesicles. 


Further information 


Many hereditary diseases are due to genetic 
defects in lysosomal enzymes. The metabo- 
lism of glycogen (— glycogenoses), lipids (= 
lipidoses), and proteoglycans (— mucopoly- 
saccharidoses) is particularly affected. As the 
lysosomal enzymes are indispensable for the 
intracellular breakdown of macromolecules, 
unmetabolized macromolecules or degrada- 
tion products accumulate in the lysosomes 
in these diseases and lead to irreversible cell 
damage over time. In the longer term, en- 
largement takes place, and in severe cases 
there may be failure of the organ affected— 
e.g., the liver. 
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Molecular genetics: overview 


Nucleic acids (DNA and various RNAs) are of 
central importance in the storage, transmis- 
sion, and expression of genetic information. 
The decisive factor involved is their ability to 
enter into specific base pairings with each 
other (see p. 84). The individual processes in- 
volved, which are summed up in an overview 
here, are discussed in more detail on the fol- 
lowing pages. 


A. Expression and transmission of genetic 
information @ 


Storage. The genetic information of all cells is 
stored in the base sequence of their DNA (RNA 
only occurs as a genetic material in viruses; 
see p. 404). Functional sections of DNA that 
code for inheritable structures or functions 
are referred to as genes. The 30 000-40 000 
human genes represent only a few percent of 
the genome, which consists of approximately 
5 10° base pairs (bp). Most genes code for 
proteins—i.e., they contain the information 
for the sequence of amino acid residues of a 
protein (its sequence). Every amino acid res- 
idue is represented in DNA by a code word (a 
codon) consisting of a sequence of three base 
pairs (a triplet). At the level of DNA, codons 
are defined as sequences of the sense strand 
read in the 5’-3’ direction (see p. 84). A DNA 
codon for the amino acid phenylalanine, for 
example, is thus TTC (2). 

Replication. During cell division, all of the 
genetic information has to be passed on to the 
daughter cells. To achieve this, the whole of 
the DNA is copied during the S phase of the 
cell cycle (see p. 394). In this process, each 
strand serves as a matrix for the synthesis 
of a complementary second strand (1; see 
p. 240). 

Transcription. For expression of a gene—i.e., 
synthesis of the coded protein—the DNA se- 
quence information has to be converted into a 
protein sequence. As DNA itself is not in- 
volved in protein synthesis, the information 
is transferred from the nucleus to the site of 
synthesis in the cytoplasm. To achieve this, 
the template strand in the relevant part of 
the gene is transcribed into an RNA (hnRNA). 
The sequence of this RNA is thus complemen- 
tary to that of the template strand (3), but— 
with the exception of the exchange of thy- 


mine for uracil—it is identical to that of the 
sense strand. In this way, the DNA triplet TTC 
gives rise in hnRNA to the RNA codon UUC. 

RNA maturation. In eukaryotes, the hnRNA 
initially formed is modified several times be- 
fore it can leave the nucleus as messenger 
RNA (mRNA, 4). During RNA maturation, 
superfluous (“intervening”) sequences (in- 
trons) are removed from the molecule, and 
both ends of the transcript are protected by 
the addition of further nucleotides (see 
p. 246). 

Translation. Mature mRNA enters the cyto- 
plasm, where it binds to ribosomes, which 
convert the RNA information into a peptide 
sequence. The ribosomes (see p. 250) consist 
of more than 100 proteins and several RNA 
molecules (rRNA; see p. 82). rRNA plays a role 
as a ribosomal structural element and is also 
involved in the binding of mRNA to the ribo- 
some and the formation of the peptide bond. 

The actual information transfer is based on 
the interaction between the mRNA codons 
and another type of RNA, transfer RNA 
(tRNA; see p. 82). tRNAs, of which there are 
numerous types, always provide the correct 
amino acid to the ribosome according to the 
sequence information in the MRNA. tRNAs are 
loaded with an amino acid residue at the 3’ 
end. Approximately in the middle, they 
present the triplet that is complementary to 
each mRNA codon, known as the anticodon 
(GAA in the example shown). If the codon UUC 
appears on the mRNA, the anticodon binds a 
molecule of Phe-t-RNA?"* to the mRNA (5) 
and thus brings the phenylalanine residue at 
the other end of the molecule into a position 
in which it can take over the growing poly- 
peptide chain from the neighboring tRNA (6). 

Amino acid activation. Before binding to 
the ribosomes, tRNAs are loaded with the 
correct amino acids by specific ligases (7; 
see p. 248). It is the amino acid tRNA ligases 
that carry out the transfer (translation) of the 
genetic information from the nucleic acid 
level to the protein level. 
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Genome 


A. Chromatin 0 


In the nuclei of eukaryotes (see p. 196), DNA is 
closely associated with proteins and RNA. 
These nucleoprotein complexes, with a DNA 
proportion of approximately one-third, are 
known as chromatin. It is only during cell 
division (see p. 394) that chromatin con- 
denses into chromosomes that are visible 
under light microscopy. During interphase, 
most of the chromatin is loose, and in these 
conditions a morphological distinction can be 
made between tightly packed heterochroma- 
tin and the less dense euchromatin. Euchro- 
matin is the site of active transcription. 

The proteins contained in chromatin are 
classified as either histone or non-histone 
proteins. Histones (B) are small, strongly basic 
proteins that are directly associated with 
DNA. They contribute to the structural organ- 
ization of chromatin, and their basic amino 
acids also neutralize the negatively charged 
phosphate groups, allowing the dense pack- 
ing of DNA in the nucleus. This makes it pos- 
sible for the 46 DNA molecules of the diploid 
human genome, with their 5 10° base pairs 
(bp) and a total length of about 2 m, to be 
accommodated in a nucleus with a diameter 
of only 10 um. Histones also play a central 
role in regulating transcription (see p. 244). 

Two histone molecules each of types H2A 
(blue), H2B (green), H3 (yellow), and H4 (red) 
form an octameric complex, around which 
146 bp of DNA are wound in 1.8 turns. These 
particles, with a diameter of 7 nm, are re- 
ferred to as nucleosomes. Another histone 
(H1) binds to DNA segments that are not di- 
rectly in contact with the histone octamers 
(“linker” DNA). It covers about 20 bp and sup- 
ports the formation of spirally wound super- 
structures with diameters of 30 nm, known as 
solenoids. When chromatin condenses into 
chromosomes, the solenoids form loops about 
200 nm long, which already contain about 
80 000 bp. The loops are bound to a protein 
framework (the nuclear scaffolding), which in 
turn organizes some 20 loops to form mini- 
bands. A large number of stacked minibands 
finally produces a chromosome. In the chro- 
mosome, the DNA is so densely packed that 
the smallest human chromosome already 
contains more than 50 million bp. 


The non-histone proteins are very hetero- 
geneous. This group includes structural pro- 
teins of the nucleus, as well as many enzymes 
and transcription factors (see p. 118), which 
selectively bind to specific segments of DNA 
and regulate gene expression and other pro- 
cesses. 


B. Histones O 


The histones are remarkable in several ways. 
With their high proportions of lysine and ar- 
ginine (blue shading), they are strongly basic, 
as mentioned above. In addition, their amino 
acid sequence has hardly changed at all in the 
course of evolution. This becomes clear when 
one compares the histone sequences in mam- 
mals, plants, and fungi (yeasts are single- 
celled fungi; see p. 148). For example, the 
H4 histones in humans and wheat differ 
only in a single amino acid residue, and there 
are only a few changes between humans and 
yeast. In addition, all of these changes are 
“conservative”—i.e., the size and polarity 
barely differ. It can be concluded from this 
that the histones were already “optimized” 
when the last common predecessor of ani- 
mals, plants, and fungi was alive on Earth 
(more than 700 million years ago). Although 
countless mutations in histone genes have 
taken place since, almost all of these evidently 
led to the extinction of the organisms con- 
cerned. 

The histones in the octamer carry N-termi- 
nal mobile “tails” consisting of some 20 amino 
acid residues that project out of the nucleo- 
somes and are important in the regulation of 
chromatin structure and in controlling gene 
expression (see A2; only two of the eight tails 
are shown in full length). For example, the 
condensation of chromatin into chromo- 
somes is associated with phosphorylation (P) 
of the histones, while the transcription of 
genes is initiated by acetylation (A) of lysine 
residues in the N-terminal region (see p. 244). 
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Replication 


For genetic information to be passed on dur- 
ing cell division, a complete copy of the ge- 
nome has to be produced before each mitosis. 
This process is known as DNA replication. 


A. Mechanism of DNA polymerases ® 


Replication is catalyzed by DNA-dependent 
DNA polymerases. These enzymes require a 
single strand of DNA, known as the tem- 
plate. Beginning at a short starting sequence 
of RNA (the primer), they synthesize a second 
complementary strand on the basis of this 
template, and thus create a complete DNA 
double helix again. The substrates of the 
DNA polymerases are the four deoxynucleo- 
side triphosphates dATP, dGTP, dCTP, and 
dTTP. In each step, base pairing first binds 
the nucleotide that is complementary to the 
current base in the template strand. The 
o-phosphate residue of the newly bound nu- 
cleoside triphosphate is then subjected to nu- 
cleophilic attack by the 3’-OH group of the 
nucleotide incorporated immediately previ- 
ously. This is followed by the elimination of 
diphosphate and the formation of a new 
phosphoric acid diester bond. These steps 
are repeated again for each nucleotide. The 
mechanism described means that the matrix 
can only be read in the 3’—5’ direction. In 
other words, the newly synthesized strand 
always grows in the 5/3’ direction. The 
same mechanism is also used in transcription 
by DNA-dependent RNA polymerases (see 
p. 242). Most DNA and RNA polymerases con- 
sist of more than 10 subunits, the role of 
which is still unclear to some extent. 


B. Replication in E. coli ® 


Although replication in prokaryotes is now 
well understood, many details in eukaryotes 
are still unclear. However, it is certain that the 
process is in principle similar. A simplified 
scheme of replication in the bacterium 
Escherichia coli is shown here. 

In bacteria, replication starts at a specific 
point in the circular DNA—the origin of repli- 
cation—and proceeds in both directions. This 
results in two diverging replication forks, in 
which the two strands are replicated simulta- 
neously. Numerous proteins are involved in 


the processes taking place in this type of fork, 
and only the most important are shown here. 
The two strands of the initial DNA (1) are 
shown in blue and violet, while the newly 
formed strands are pink and orange. 

Each fork (2) contains two molecules of 
DNA polymerase III and a number of helper 
proteins. The latter include DNA topoisomer- 
ases and_ single-strand-binding _ proteins. 
Topoisomerases are enzymes that unwind 
the superhelical DNA double strand (gyrase, 
topoisomerase IT) and then separate it into the 
two individual strands (helicase, topoisomer- 
ase I). Since the template strand is always read 
from 3’ to 5’ (see above), only one of the 
strands (known as the leading strand; violet/ 
pink) can undergo continuous replication. For 
the lagging strand (light blue), the reading 
direction is the opposite of the direction of 
movement of the fork. In this matrix, the 
new strand is first synthesized in individual 
pieces, which are known as Okazaki frag- 
ments after their discoverer (green/orange). 

Each fragment starts with a short RNA pri- 
mer (green), which is necessary for the func- 
tioning of the DNA polymerase and is synthe- 
sized by a special RNA polymerase ( “primase,” 
not shown). The primer is then extended by 
DNA polymerase III (orange). After 1000-2000 
nucleotides have been included, synthesis of 
the fragment is interrupted and a new one is 
begun, starting with another RNA primer that 
has been synthesized in the interim. The in- 
dividual Okazaki fragments are initially not 
bound to one another and still have RNA at 
the 5’ end (3). At some distance from the fork, 
DNA polymerase I therefore starts to remove 
the RNA primer and replace it with DNA com- 
ponents. Finally, the gaps still remaining are 
closed by a DNA ligase. In DNA double helices 
formed in this way, only one of the strands has 
been newly synthesized—i.e., replication is 
semiconservative. 

In bacteria, some 1000 nucleotides are re- 
plicated per second. In eukaryotes, replication 
takes place more slowly (about 50 nucleotides 

s-') and the genome is larger. Thousands of 
replication forks are therefore active simulta- 
neously in eukaryotes. 
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Transcription 


For the genetic information stored in DNA to 
become effective, it has to be rewritten 
(transcribed) into RNA. DNA only serves as a 
template and is not altered in any way by the 
transcription process. Transcribable segments 
of DNA that code for a defined product are 
called genes. It is estimated that the mamma- 
lian genome contains 30 000-40 000 genes, 
which together account for less than 5% of the 
DNA. 


A. Transcription and maturation of RNA: 
overview O 


Transcription is catalyzed by DNA-dependent 
RNA polymerases. These act in a similar way to 
DNA polymerases (see p. 240), except that 
they incorporate ribonucleotides instead of 
deoxyribonucleotides into the newly synthe- 
sized strand; also, they do not require a pri- 
mer. Eukaryotic cells contain at least three 
different types of RNA polymerase. RNA poly- 
merase I synthesizes an RNA with a sedimen- 
tation coef cient (see p. 200) of 45 S, which 
serves as precursor for three ribosomal RNAs. 
The products of RNA polymerase II are 
hnRNAs, from which mRNAs later develop, 
as well as precursors for snRNAs. Finally, 
RNA polymerase III transcribes genes that 
code for tRNAs, 5S rRNA, and certain snRNAs. 
These precursors give rise to functional RNA 
molecules by a process called RNA maturation 
(see p. 246). Polymerases II and III are inhib- 
ited by a-amanitin, a toxin in the Amanita 
phalloides mushroom. 


B. Organization of the PEP-CK gene O 


The way in which a typical eukaryotic gene is 
organized is illustrated here using a gene that 
codes for a key enzyme in gluconeogenesis 
(see p.154)—the phosphoenolpyruvate car- 
boxykinase (PEP-CK). 

In the rat, the PEP-CK gene is nearly 7 kbp 
(kilobase pairs) long. Only 1863 bp, distrib- 
uted over 10 coding segments (exons, dark 
blue) carry the information for the protein’s 
621 amino acids. The remainder is allotted to 
the promoter (pink) and intervening sequen- 
ces (introns, light blue). The gene’s promoter 
region (approximately 1 kbp) serves for reg- 
ulation (see p. 188). Transcription starts at the 


3’ end of the promoter (“transcription start” ) 
and continues until the polyadenylation se- 
quence (see below) is reached. The primary 
transcript (hnRNA) still has a length of about 
6.2 kbp. During RNA maturation, the non- 
coding sequences corresponding to the in- 
trons are removed, and the two ends of the 
hnRNA are modified. The translatable mRNA 
still has half the length of the hnRNA and is 
modified at both ends (see p. 246). 

In many eukaryotic genes, the proportion 
of introns is even higher. For example, the 
gene for dihydrofolate reductase (see p. 402) 
is over 30 kbp long. The information is dis- 
tributed over six exons, which together have a 
length of only about 6 kbp. 


C. Transcription process O 


As mentioned above, RNA polymerase II 
(green) binds to the 3’ end of the promoter 
region. A sequence that is important for this 
binding is known as the TATA box—a short A- 
and T-rich sequence that varies slightly from 
gene to gene. A typical base sequence (“con- 
sensus sequence”) is ...TATAAA... Numerous 
proteins known as basal transcription factors 
are necessary for the interaction of the poly- 
merase with this region. Additional factors 
can promote or inhibit the process (transcrip- 
tional control; see p. 244). Together with the 
polymerase, they form the basal transcription 
complex. 

At the end of initiation (2), the polymerase 
is repeatedly phosphorylated, frees itself from 
the basal complex, and starts moving along 
the DNA in the 3’ direction. The enzyme sep- 
arates a short stretch of the DNA double helix 
into two single strands. The complementary 
nucleoside triphosphates are bound by base 
pairing in the template strand and are linked 
step by step to the hnRNA as it grows in the 
5’—3’ direction (3). Shortly after the begin- 
ning of elongation, the 5’ end of the transcript 
is protected by a “cap” (see p. 246). Once the 
polyadenylation sequence has been reached 
(typical sequence: ...AATAA...), the transcript 
is released (4). Shortly after this, the RNA 
polymerase stops transcribing and dissociates 
from the DNA. 
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Transcriptional control 


Although all cells contain the complete ge- 
nome, they only use a fraction of the informa- 
tion in it. The genes known as “housekeeping 
genes,” which code for structural molecules 
and enzymes of intermediate metabolism, are 
the only ones that undergo constant tran- 
scription. The majority of genes are only ac- 
tive in certain cell types, in specific metabolic 
conditions, or during differentiation. Which 
genes are transcribed and which are not is 
regulated by transcriptional control (see also 
p. 118). This involves control elements (cis- 
active elements) in the gene’s promoter re- 
gion and gene-specific regulatory proteins 
(transcription factors, trans -active factors), 
which bind to the control elements and 
thereby activate or inhibit transcription. 


A. Initiation of transcription O 


In the higher organisms, DNA is blocked by 
histones (see p. 238) and is therefore not ca- 
pable of being transcribed without special 
positive regulation. In eukaryotes, it is there- 
fore histones that play the role of repressors 
(see p. 118). For transcription to be set in mo- 
tion at all, the chromatin first has to be re- 
structured. 

In the resting state, the lysine residues in 
the N-terminal “tail” of the histones (see 
p. 238) are not acetylated. In this state, which 
can be produced by histone deacetylases [1], 
the nucleosomes are stable. It is only the in- 
teraction of activator and regulator proteins 
with their control elements that allows the 
binding of coactivator complexes that have 
histone acetylase activity [2]. They acetylate 
the histone tails and thereby loosen the nu- 
cleosome structure suf ciently for the basal 
transcription complex to form. 

This consists of DNA-dependent RNA poly- 
merase II and basal transcription factors 
(TFILX, X = A - H). First, the basal factor TFIID 
binds to the promoter. TFIID, a large complex 
of numerous proteins, contains TATA box- 
binding protein (TBP) and so-called TAFs 
(TBP-associated factors). The polymerase is 
attached to this core with the help of TFIIB. 
Before transcription starts, additional TFs 
have to bind, including TFIJH, which has heli- 
case activity and separates the two strands of 
DNA during elongation. In all, some 35 differ- 


ent proteins are involved in the basal com- 
plex. This alone, however, is still not suf cient 
for transcription to start. In addition, positive 
signals have to be emitted by more distant 
trans-active factors, integrated by the coacti- 
vator/mediator complex, and passed on to the 
basal complex (see B). 

The actual signal for starting elongation 
consists of the multiple phosphorylation of a 
domain in the C-terminal region of the poly- 
merase. In phosphorylated form, it releases 
itself from the basal complex along with a 
few TFs and starts to synthesize hnRNA. 


B. Regulation of PEP-CK transcription O 


Phosphoenolpyruvate carboxykinase (PEP-CK), 
a key enzyme in gluconeogenesis, is regulated 
by several hormones, all of which affect the 
transcription of the PEP-CK gene. Cortisol, 
glucagon, and thyroxin induce PEP-CK, while 
insulin inhibits its induction (see p. 158). 

More than ten control elements (dark red), 
distributed over approximately 1 kbp, have so 
far been identified in the promoter of the PEP- 
CK gene (top). These include response ele- 
ments for the glucocorticoid receptor (GRE; 
see p. 378), for the thyroxin receptor (TRE), 
and for the steroid-like retinoic acid (AF-1). 
Additional control elements (CRE, cAMP-re- 
sponsive element) bind the transcription fac- 
tor C/EBP, which is activated by cAMP-de- 
pendent protein kinase A through phosphor- 
ylation. This is the way in which glucagon, 
which raises the cAMP level (see p. 158), 
works. Control element P1 binds the hor- 
mone-independent factor NF-1 (nuclear fac- 
tor-1). All proteins that bind to the control 
elements mentioned above are in contact 
with a coactivator/mediator complex (CBP/ 
p300), which integrates their input like a 
computer and transmits the result in the 
form of stronger or weaker signals to the basal 
transcription complex. Inhibition of PEP-CK 
transcription by insulin is mediated by an 
insulin-responsive element (IRE) in the vicin- 
ity of the GRE. Binding of an as yet unknown 
factor takes place here, inhibiting the binding 
of the glucocorticoid receptor to the GRE. 
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RNA maturation 


Before the hnRNA produced by RNA polymer- 
ase II (see p. 242) can leave the nucleus in 
order to serve as a template for protein syn- 
thesis in the cytoplasm, it has to undergo 
several modifications first. Even during tran- 
scription, the two ends of the transcript have 
additional nucleotides added (A). The sections 
that correspond to the intervening gene se- 
quences in the DNA (introns) are then cut out 
(splicing; see B). Other transcripts—e.g., the 
A5 S precursor of rRNA formed by polymerase 
I (see p. 242)—are broken down into smaller 
fragments by nucleases before export into the 
cytoplasm. 


A. 5’ and 3’ modification of mRNA O 


Shortly after transcription begins in eukary- 
otes, the end of the growing RNA is blocked in 
several reaction steps by a structure known as 
a “cap.” In hnRNAs, this consists of a GIP 
residue that is methylated at N-7 of the gua- 
nine ring. The B-phosphate residue of the cap 
is linked to the free 5’-OH group of the ter- 
minal ribose via an ester bond. After the 
“polyadenylation signal” has been reached 
(typical sequence: ...AAUAAA...; see p. 242), 
a polyadenylate “tail” consisting of up to 200 
AMP nucleotides is also added at the free 3’ 
end of the transcript. This reaction is cata- 
lyzed by a special polyadenylate polymerase. 
It is only at this point that the mRNA leaves 
the nucleus as a complex with RNA-binding 
proteins. 

Both the cap and the poly-A tail play a vital 
part in initiating eukaryotic translation (see 
p. 250). They help position the ribosome cor- 
rectly on the mRNA near to the starting co- 
don. The protection which the additional nu- 
cleotides provide against premature enzy- 
matic degradation appears to be of lesser im- 
portance. 


B. Splicing of hnRNA O 


Immediately after transcription, the hnRNA 
introns are removed and the exons are linked 
to form a continuous coding sequence. This 
process, known as splicing, is supported by 
complicated RNA-protein complexes in the 
nucleus, the so-called spliceosomes. The com- 
ponents of these macromolecular machines 


are called snRNPs (small nuclear ribonucleo- 
protein particles, pronounced “snurps”). 
SnRNPs occur in five different forms (U1, U2, 
U4, U5, and U6). They consist of numerous 
proteins and one molecule of snRNA each 
(see p. 82). 

To ensure that the RNA message is not 
destroyed, splicing has to take place in a 
very precise fashion. The start and end of 
the hnRNA introns are recognized by a char- 
acteristic sequence (...AGGT... at the 5’ end or 
...[CKUJAGG... at the 3’ end). Another impor- 
tant structure is the so-called branching point 
inside the intron. Its sequence is less con- 
served than the terminal splicing sites, but it 
always contains one adenosine residue (A). 
During splicing, the 2’-OH group of this resi- 
due—supported by the spliceosome (see 
C)—attacks the phosphoric acid diester bond 
at the 5’ end of the intron and cleaves it (b). 
Simultaneously, an unusual 2’—5’ bond is 
formed inside the intron, which thereby takes 
on a lasso shape (c; see formula). In the second 
step of the splicing process, the free 3’-OH 
group at the end of the 5’ terminal exon at- 
tacks the A-G bond at the 3’ end of the intron. 
As a result, the two exons are linked and the 
intron is released, still in a lasso shape (d). 


C. Spliceosome O 


As described above, it is residues of the 
hnRNA that carry out bond cleavage and 
bond formation during the splicing process. 
It is therefore not a protein enzyme that acts 
as a Catalyst here, but rather an RNA. Catalytic 
RNAs of this type are called ribozymes (see 
also p. 88). The task of the spliceosomes is to 
fix and orientate the reacting groups by es- 
tablishing base pairings between snRNAs and 
segments of the hnRNA. The probable situa- 
tion before the adenosine attack at the 
branching point on the 5’ splicing site (see 
B, Fig. b) is shown schematically on the right 
side of the illustration. In this phase, the U1 
snRNA fixes the 5’ splicing site, U2 fixes the 
branching site, and U5 fixes the ends of the 
two exons. 
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248 Molecular genetics 


Amino acid activation 


A. The genetic code ® 


Most of the genetic information stored in the 
genome codes for the amino acid sequences 
of proteins. For these proteins to be ex- 
pressed, a text in “nucleic acid language” 
therefore has to be translated into “protein 
language.” This is the origin of the use of the 
term translation to describe protein biosyn- 
thesis. The dictionary used for the translation 
is the genetic code. 

As there are 20 proteinogenic amino acids 
(see p. 60), the nucleic acid language has to 
contain at least as many words (codons). 
However, there are only four letters in the 
nucleic acid alphabet (A, G, C, and U or T). To 
obtain 20 different words from these, each 
word has to be at least three letters long 
(with two letters, there would only be 
4? = 16 possibilities). And in fact the codons 
do consist of three sequential bases (triplets). 

Figure 1 shows the standard code in “DNA 
language” (i.e., as a sequence of triplets in the 
sense strand of DNA, read in the 5’-3’ direc- 
tion; see p. 84), represented as a circular dia- 
gram. The scheme is read from the inside to 
the outside. For example, the triplet CAT codes 
for the amino acid histidine. With the excep- 
tion of the exchange of U for T, the DNA co- 
dons are identical to those of mRNA. 

As the genetic code provides 4° = 64 co- 
dons for the 20 amino acids, there are several 
synonymous codons for most amino acids— 
the code is degenerate. Three triplets do not 
code for amino acids, but instead signal the 
end of translation (stop codons). Another 
special codon, the start codon, marks the start 
of translation. The code shown here is almost 
universally applicable; only the mitochondria 
(see p. 210) and a few microorganisms devi- 
ate from it slightly. 

As an example of the way in which the 
code is read, Fig.2 shows small sections 
from the normal and a mutated form of the 
B-globin gene (see p. 280), as well as the cor- 
responding mRNA and protein sequences. The 
point mutation shown, which is relatively fre- 
quent, leads to replacement of a glutamate 
residue in position 6 of the B-chain by valine 
(GAG — GTG). As a consequence, the mutated 
hemoglobin tends to aggregate in the deoxy- 
genated form. This leads to sickle-shaped dis- 


tortions of the erythrocytes and disturbances 
of O2 transport (sickle-cell anemia). 


B. Amino acid activation O 


Some 20 different amino acid tRNA ligases in 
the cytoplasm each bind one type of tRNA 
(see p. 82) with the corresponding amino 
acid. This reaction, known as amino acid acti- 
vation, is endergonic and is therefore coupled 
to ATP cleavage in two steps. 

First, the amino acid is bound by the en- 
zyme and reacts there with ATP to form di- 
phosphate and an “energy-rich” mixed acid 
anhydride (aminoacyl adenylate). In the sec- 
ond step, the 3’-OH group (in other ligases it 
is the 2’-OH group) of the terminal ribose 
residue of the tRNA takes over the amino 
acid residue from the aminoacyl adenylate. 
In aminoacyl tRNAs, the carboxyl group of 
the amino acid is therefore esterified with 
the ribose residue of the terminal adenosine 
of the sequence ...CCA-3’. 

The accuracy of translation primarily de- 
pends on the specificity of the amino acid 
tRNA ligases, as incorrectly incorporated 
amino acid residues are not recognized by 
the ribosome later. A “proofreading mecha- 
nism” in the active center of the ligase there- 
fore ensures that incorrectly incorporated 
amino acid residues are immediately re- 
moved again. On average, an error only occurs 
once every 1300 amino acid residues. This is a 
surprisingly low rate considering how similar 
some amino acids are—e.g., leucine and iso- 
leucine. 


C. Asp-tRNA ligase (dimer) O 


The illustration shows the ligase responsible 
for the activation of aspartate. Each subunit of 
the dimeric enzyme (protein parts shown in 
orange) binds one molecule of tRNA“*? (blue). 
The active centers can be located by the 
bound ATP (green). They are associated with 
the 3’ end of the tRNA. Another domain in the 
protein (upper left) is responsible for “recog- 
nition” of the tRNA anticodon. 
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Translation I: initiation 


Like amino acid activation (see p. 248), pro- 
tein biosynthesis (translation) takes place in 
the cytoplasm. It is catalyzed by complex 
nucleoprotein particles, the ribosomes, and 
mainly requires GIP to cover its energy re- 
quirements. 


A. Structure of the eukaryotic ribosome ® 


Ribosomes consist of two subunits of different 
size, made up of ribosomal RNA (rRNA) and 
nearly 80 proteins (the number of proteins 
applies to rat liver ribosomes). It is customary 
to give the sedimentation coef cients (see 
p. 200) of ribosomes and their components 
instead of their masses. For example, the eu- 
karyotic ribosome has a sedimentation coef- 
ficient of 80 Svedberg units (80 S), while the 
sedimentation coef cients of its subunits are 
40 S and 60 S(S values are not additive). 

The smaller 40 S subunit consists of one 
molecule of 18 S rRNA and 33 protein mole- 
cules. The larger 60 S subunit contains three 
types of rRNA with sedimentation coef cients 
of 5 S, 5.8 S, and 28 S and 47 proteins. In the 
presence of mRNA, the subunits assemble to 
form the complete ribosome, with a mass 
about 650 times larger than that of a hemo- 
globin molecule. 

The arrangement of the individual compo- 
nents of a ribosome has now been deter- 
mined for prokaryotic ribosomes. It is known 
that filamentous mRNA passes through a cleft 
between the two subunits near the charac- 
teristic “horn” on the small subunit. tRNAs 
also bind near this site. The illustration shows 
the size of a tRNA molecule for comparison. 

Prokaryotic ribosomes have a similar struc- 
ture, but are somewhat smaller than those of 
eukaryotes (sedimentation coef cient 70S 
for the complete ribosome, 30 S and 50 S for 
the subunits). Mitochondrial and chloroplast 
ribosomes are comparable to prokaryotic 
ones. 


B. Polysomes ® 


In cells that are carrying out intensive protein 
synthesis, ribosomes are often found in a lin- 
ear arrangement like a string of pearls; these 
are known as polysomes. This arrangement 
arises because several ribosomes are translat- 


ing a single mRNA molecule simultaneously. 
The ribosome first binds near the start codon 
(AUG; see p. 248) at the 5’ end of the mRNA 
(top). During translation, the ribosome moves 
in the direction of the 3’ end until it reaches a 
stop codon (UAA, UAG, or UGA). At this point, 
the newly synthesized chain is released, and 
the ribosome dissociates again into its two 
subunits. 


C. Initiation of translation in E. coli O 


Protein synthesis in prokaryotes is in princi- 
ple the same as in eukaryotes. However, as the 
process is simpler and has been better studied 
in prokaryotes, the details involved in trans- 
lation are discussed here and on p. 252 using 
the example of the bacterium Escherichia coli. 

The first phase of translation, initiation, in- 
volves several steps. First, two proteins, ini- 
tiation factors IF—1 and IF—3, bind to the 30 S 
subunit (1). Another factor, IF-2, binds as a 
complex with GTP (2). This allows the subunit 
to associate with the mRNA and makes it 
possible for a special tRNA to bind to the start 
codon (3). In prokaryotes, this starter tRNA 
carries the substituted amino acid N- 
formylmethionine (fMet). In eukaryotes, it car- 
ries an unsubstituted methionine. Finally, the 
50 S subunit binds to the above complex (4). 
During steps 3 and 4, the initiation factors are 
released again, and the GIP bound to IF-2 is 
hydrolyzed to GDP and Pj. 

In the 70 S initiation complex, formylme- 
thionine tRNA is initially located at a binding 
site known as the peptidyl site (P). A second 
binding site, the acceptor site (A), is not yet 
occupied during this phase of translation. 
Sometimes, a third tRNA binding site is de- 
fined as an exit site (E), from which uncharged 
tRNAs leave the ribosome again (see p. 252; 
not shown). 
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Translation II: elongation and 
termination 


After translation has been initiated (see 
p. 250), the peptide chain is extended by the 
addition of further amino acid residues 
(elongation) until the ribosome reaches a 
stop codon on the mRNA and the process is 
interrupted (termination). 


A. Elongation and termination of protein 
biosynthesis in E. coli ® 


Elongation can be divided into four phases: 

[1] Binding of aminoacyl tRNA. First, the 
peptidyl site (P) of the ribosome is occupied 
by a tRNA that carries at its 3’ end the com- 
plete peptide chain formed up to this point 
(top left). A second tRNA, loaded with the 
next amino acid (Val-tRNA“ in the example 
shown), then binds via its complementary 
anticodon (see p. 82) to the mRNA codon ex- 
posed at the acceptor site (in this case GUG). 
The tRNA binds as a complex with a GTP- 
containing protein, the elongation factor Tu 
(EF-Tu) (1a). It is only after the bound GTP 
has been hydrolyzed to GDP and phosphate 
that EF-Tu dissociates again (1b). As the bind- 
ing of the tRNA to the mRNA is still loose 
before this, GIP hydrolysis acts as a delaying 
factor, making it possible to check whether 
the correct tRNA has been bound. A further 
protein, the elongation factor Ts (EF-Ts), later 
catalyzes the exchange of GDP for GTP and in 
this way regenerates the EF-Tu GTP com- 
plex. EF-Tu is related to the G proteins in- 
volved in signal transduction (see p. 384). 

[2] Synthesis of the peptide bond takes 
place in the next step. Ribosomal peptidyl- 
transferase catalyzes (without consumption 
of ATP or GIP) the transfer of the peptide 
chain from the tRNA at the P site to the NH> 
group of the amino acid residue of the tRNA at 
the A site. The ribosome’s peptidyltransferase 
activity is not located in one of the ribosomal 
proteins, but in the 28 S rRNA. Catalytically 
active RNAs of this type are known as ribo- 
zymes (cf. p. 246). It is thought that the few 
surviving ribozymes are remnants of the “RNA 
world”—an early phase of evolution in which 
proteins were not as important as they are 
today. 


[3] After the transfer of the growing pep- 
tide to the A site, the free tRNA at the P site 
dissociates and another GTP-containing elon- 
gation factor (EF-G GTP) binds to the ribo- 
some. Hydrolysis of the GTP in this factor 
provides the energy for translocation of the 
ribosome. During this process, the ribosome 
moves three bases along the mRNA in the 
direction of the 3’ end. The tRNA carrying 
the peptide chain is stationary relative to 
the mRNA and reaches the ribosome’s P site 
during translocation, while the next mRNA 
codon (in this case GUG) appears at the A site. 

[4] The uncharged Val-tRNA then dissoci- 
ates from the E site. The ribosome is now 
ready for the next elongation cycle. 

When one of the three stop codons (UAA, 
UAG, or UGA) appears at the A site, termi- 
nation starts. 

[5] There are no complementary tRNAs for 
the stop codons. Instead, two releasing factors 
bind to the ribosome. One of these factors 
(RF-1) catalyzes hydrolytic cleavage of the 
ester bond between the tRNA and the C-ter- 
minus of the peptide chain, thereby releasing 
the protein. 

[6] Hydrolysis of GIP by factor RF-3 sup- 
plies the energy for the dissociation of the 
whole complex into its component parts. 

Energy requirements in protein synthesis 
are high. Four energy-rich phosphoric acid 
anhydride bonds are hydrolyzed for each 
amino acid residue. Amino acid activation 
uses up two energy-rich bonds per amino 
acid (ATP — AMP + PP; see p. 248), and two 
GTPs are consumed per elongation cycle. In 
addition, initiation and termination each re- 
quire one GTP per chain. 


Further information 


In eukaryotic cells, the number of initiation 
factors is larger and initiation is therefore 
more complex than in prokaryotes. The cap 
at the 5’ end of mRNA and the polyA tail (see 
p. 246) play important parts in initiation. 
However, the elongation and termination 
processes are similar in all organisms. The 
individual steps of bacterial translation can 
be inhibited by antibiotics (see p. 254). 
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Antibiotics 


A. Antibiotics: overview O 


Antibiotics are substances which, even at low 
concentrations, inhibit the growth and repro- 
duction of bacteria and fungi. The treatment 
of infectious diseases would be inconceivable 
today without antibiotics. Substances that 
only restrict the reproduction of bacteria are 
described as having bacteriostatic effects (or 
fungistatic for fungi). If the target cells are 
killed, then the term bactericidal (or fungici- 
dal) is used. Almost all antibiotics are pro- 
duced by microorganisms—mainly bacteria 
of the genus Streptomyces and certain fungi. 
However, there are also synthetic antibacte- 
rial substances, such as sulfonamides and gy- 
rase inhibitors. 

A constantly increasing problem in antibi- 
otic treatment is the development of resistant 
pathogens that no longer respond to the 
drugs available. The illustration shows a few 
of the therapeutically important antibiotics 
and their sites of action in the bacterial me- 
tabolism. 

Substances known as intercalators, such as 
rifamycin and actinomycin D (bottom) are de- 
posited in the DNA double helix and thereby 
interfere with replication and transcription 
(B). As DNA is the same in all cells, intercalat- 
ing antibiotics are also toxic for eukaryotes, 
however. They are therefore only used as cy- 
tostatic agents (see p. 402). Synthetic inhib- 
itors of DNA topoisomerase II (see p. 240), 
known as gyrase inhibitors (center), restrict 
replication and thus bacterial reproduction. 

A large group of antibiotics attack bacterial 
ribosomes. These inhibitors of translation 
(left) include the tetracyclines—broad-spec- 
trum antibiotics that are effective against a 
large number of different pathogens. The ami- 
noglycosides, of which streptomycin is the 
best-known, affect all phases of translation. 
Erythromycin impairs the normal functioning 
of the large ribosomal subunit. Chlorampheni- 
col, one of the few natural nitro compounds, 
inhibits ribosomal peptidyltransferase. Fi- 
nally, puromycin mimics an aminoacyl tRNA 
and therefore leads to premature interruption 
of elongation. 

The B-lactam antibiotics (bottom right) are 
also frequently used. The members of this 
group, the penicillins and cephalosporins, are 


synthesized by fungi and have a reactive B- 
lactam ring. They are mainly used against 
Gram-positive pathogens, in which they in- 
hibit cell wall synthesis (C). 

The first synthetic antibiotics were the 
sulfonamides (right). As analogues of p-ami- 
nobenzoic acid, these affect the synthesis of 
folic acid, an essential precursor of the coen- 
zyme THF (see p. 108). Transport antibiotics 
(top center) have the properties of ion chan- 
nels (see p. 222). When they are deposited in 
the plasma membrane, it leads to a loss of ions 
that damages the bacterial cells. 


B. Intercalators O 


The effects of intercalators (see also p. 262) 
are illustrated here using the example of the 
daunomycin-DNA complex, in which two 
daunomycin molecules (red) are inserted in 
the double helix (blue). The antibiotic’s ring 
system inserts itself between G/C base pairs 
(bottom), while the sugar moiety occupies the 
minor groove in the DNA (above). This leads 
to a localized change of the DNA conforma- 
tion that prevents replication and transcrip- 
tion. 


C. Penicillin as a “suicide substrate” O 


The site of action in the B-lactam antibiotics is 
muramoylpentapeptide carboxypeptidase, an 
enzyme that is essential for cross-linking of 
bacterial cell walls. The antibiotic resembles 
the substrate of this enzyme (a peptide with 
the C-terminal sequence D-Ala—D-Ala) and is 
therefore reversibly bound in the active cen- 
ter. This brings the B-lactam ring into prox- 
imity with an essential serine residue of the 
enzyme. Nucleophilic substitution then re- 
sults in the formation of a stable covalent 
bond between the enzyme and the inhibitor, 
blocking the active center (see p. 96). In divid- 
ing bacteria, the loss of activity of the enzyme 
leads to the formation of unstable cell walls 
and eventually death. 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


Antibiotics 255 





A. Antibiotics: overview 

















Tetracycline . Sulfonamides 


Folate 
| synthesis | 
GB) Aminoglycosides 
Tetracyclines 
Erythromycin 
Puromycin 
Chloramphenicol 


Penicillins 
Cephalosporins 





a) Rifamycin -_—— 
ActinomycinD || 
Daunomycin =f 


Inner 
membrane 


R"-D-Ala- 
D-Ala 
(substrate) 


Penicillin 
(inhibitor) 


C/G pair 








G/C pair Serine residue 





. Enzyme-inhibitor Covalent acyl enzyme 
Daunomycin-DNA complex complex 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


256 Molecular genetics 


Mutation and repair 


Genetic information is set down in the base 
sequence of DNA. Changes in the DNA bases 
or their sequence therefore have mutagenic 
effects. Mutagens often also damage growth 
regulation in cells, and they are then also 
carcinogenic (see p. 400). Gene alterations 
(mutations) are one of the decisive positive 
factors in biological evolution. On the other 
hand, an excessive mutation frequency would 
threaten the survival of individual organisms 
or entire species. For this reason, every cell 
has repair mechanisms that eliminate most of 
the DNA changes arising from mutations (C). 


A. Mutagenic agents ® 


Mutations can arise as a result of physical or 
chemical effects, or they can be due to acci- 
dental errors in DNA replication and recombi- 
nation. 

The principal physical mutagen is ionizing 
radiation (a, B, and y radiation, X-rays). In 
cells, it produces free radicals (molecules 
with unpaired electrons), which are ex- 
tremely reactive and can damage DNA. 
Short-wavelength ultraviolet light (UV light) 
also has mutagenic effects, mainly in skin cells 
(sunburn). The most common _ chemical 
change due to UV exposure is the formation 
of thymine dimers, in which two neighboring 
thymine bases become covalently linked to 
one another (2). This results in errors when the 
DNA is read during replication and transcription. 

Only a few examples of the group of chem- 
ical mutagens are shown here. Nitrous acid 
(HNO; salt: nitrite) and hydroxylamine 
(NH20OH) both deaminate bases; they convert 
cytosine to uracil and adenine to inosine. 

Alkylating compounds carry reactive 
groups that can form covalent bonds with 
DNA bases (see also p. 402). Methylnitro- 
samines (3) release the reactive methyl cation 
(CH3"), which methylates OH and NH2 groups 
in DNA. The dangerous carcinogen benzo 
[a]pyrene is an aromatic hydrocarbon that is 
only converted into the active form in the 
organism (4; see p. 316). Multiple hydroxyla- 
tion of one of the rings produces a reactive 
epoxide that can react with NH» groups in 
guanine residues, for example. Free radicals 
of benzo[a ]pyrene also contribute to its tox- 
icity. 


B. Effects @ 


Nitrous acid causes point mutations (1). For 
example, C is converted to U, which in the 
next replication pairs with A instead of G. 
The alteration thus becomes permanent. Mu- 
tations in which a number of nucleotides not 
divisible by three are inserted or removed 
lead to reading errors in whole segments of 
DNA, as they move the reading frame (frame- 
shift mutations). This is shown in Fig. 2 using 
a simple example. From the inserted C on- 
wards, the resulting mRNA is interpreted dif- 
ferently during translation, producing a com- 
pletely new protein sequence. 


C. Repair mechanisms © 


An important mechanism for the removal of 
DNA damage is excision repair (1). In this 
process, a specific excision endonuclease re- 
moves a complete segment of DNA on both 
sides of the error site. Using the sequence of 
the opposite strand, the missing segment is 
then replaced by a DNA polymerase. Finally, a 
DNA ligase closes the gaps again. 

Thymine dimers can be removed by 
photoreactivation (2). A specific photolyase 
binds at the defect and, when illuminated, 
cleaves the dimer to yield two single bases 
again. 

A third mechanism is recombination repair 
(3, shown in simplified form). In this process, 
the defect is omitted during replication. The 
gap is closed by shifting the corresponding 
sequence from the correctly replicated second 
strand. The new gap that results is then filled 
by polymerases and ligases. Finally, the orig- 
inal defect is corrected by excision repair as in 
Fig. 1 (not shown). 
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258 Molecular genetics 


DNA cloning 


The growth of molecular genetics since 1970 
has mainly been based on the development 
and refinement of methods of analyzing and 
manipulating DNA. Genetic engineering has 
practical applications in many fields. For ex- 
ample, it has provided new methods of diag- 
nosing and treating diseases, and it is now 
also possible to create targeted changes in 
specific characteristics of organisms. Since bi- 
ological risks cannot be completely ruled out 
with these procedures, it is particularly im- 
portant to act responsibly when dealing with 
genetic engineering. A short overview of im- 
portant methods involved in genetic engi- 
neering is provided here and on the following 


pages. 


A. Restriction endonucleases @ 


In many genetic engineering procedures, de- 
fined DNA fragments have to be isolated and 
then newly combined with other DNA seg- 
ments. For this purpose, enzymes are used 
that can cut DNA and join it together again 
inside the cell. Of particular importance are 
restriction endonucleases—a group of bacterial 
enzymes that cleave the DNA double strand in 
a sequence-specific way. The numerous re- 
striction enzymes known are named using 
abbreviations based on the organism from 
which they originate. The example used 
here is EcoRI, a nuclease isolated from the 
bacterium Escherichia coli. 

Like many other restriction endonucleases, 
EcoRI cleaves DNA at the site of a palin- 
drome—i.e., a short segment of DNA in which 
both the strand and counter-strand have the 
same sequence (each read in the 5’—3’ direc- 
tion). In this case, the sequence is 5’-GAATTC- 
3’. EcoRI, a homodimer, cleaves the phos- 
phoric acid diester bonds in both strands be- 
tween G and A. This results in the formation of 
complementary overhanging or “sticky” ends 
(AATT), which are held together by base pair- 
ing. However, they are easily separated—e. g. 
by heating. When the fragments are cooled, 
the overhanging ends hybridize again in the 
correct arrangement. The cleavage sites can 
then be sealed again by a DNA ligase. 


B. DNA cloning O 


Most DNA segments—e.g., genes—occur in 
very small quantities in the cell. To be able 
to work with them experimentally, a large 
number of identical copies (“clones”) first 
have to be produced. The classic procedure 
for cloning DNA takes advantage of the ability 
of bacteria to take up and replicate short, 
circular DNA fragments known as plasmids. 

The segment to be cloned is first cut out of 
the original DNA using restriction endonu- 
cleases (see above; for the sake of simplicity, 
cleavage using EcoRI alone is shown here, but 
in practice two different enzymes are usually 
used). As a vehicle (“vector”), a plasmid is 
needed that has only one EcoRI cleavage site. 
The plasmid rings are first opened by cleavage 
with EcoRI and then mixed with the isolated 
DNA fragments. Since the fragment and the 
vector have the same overhanging ends, some 
of the molecules will hybridize in such a way 
that the fragment is incorporated into the 
vector DNA. When the cleavage sites are 
now closed again using DNA ligase, a newly 
combined (“recombinant”) plasmid arises. 

By pretreating a large number of host cells, 
one can cause some of them to take up the 
plasmid (a process known as transformation) 
and replicate it along with their own genome 
when reproducing. To ensure that only host 
bacteria that contain the plasmid replicate, 
plasmids are used that give the host resistance 
to a particular antibiotic. When the bacteria 
are incubated in the presence of this antibi- 
otic, only the cells containing the plasmid will 
replicate. The plasmid is then isolated from 
these cells, cleaved with EcoRI again, and the 
fragments are separated using agarose gel 
electrophoresis (see p. 262). The desired frag- 
ment can be identified using its size and then 
extracted from the gel and used for further 
experiments. 
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DNA sequencing 


A. Gene libraries O 


It is often necessary in genetic engineering to 
isolate a DNA segment when its details are not 
fully known—e.g., in order to determine its 
nucleotide sequence. In this case, one can use 
what are known as DNA libraries. A DNA li- 
brary consists of a large number of vector DNA 
molecules containing different fragments of 
foreign DNA. For example, it is possible to take 
all of the mRNA molecules present in a cell and 
transcribe them into DNA. These DNA frag- 
ments (known as copy DNA or cDNA) are then 
randomly introduced into vector molecules. 

A library of genomic DNA can be estab- 
lished by cleaving the total DNA from a cell 
into small fragments using restriction endo- 
nucleases (see p. 258), and then incorporating 
these into vector DNA. Suitable vectors for 
gene libraries include bacteriophages, for ex- 
ample (“phages” for short). Phages are viruses 
that only infect bacteria and are replicated by 
them (see p. 404). Gene libraries have the 
advantage that they can be searched for spe- 
cific DNA segments, using hybridization with 
oligonucleotides. 

The first step is to strongly dilute a small 
part of the library (10°-10° phages in a small 
volume), mix it with host bacteria, and plate 
out the mixture onto nutrient medium. The 
bacteria grow and form a continuous cloudy 
layer of cells. Bacteria infected by phages 
grow more slowly. In their surroundings, the 
bacterial “lawn” is less dense, and a clearer 
circular zone known as a plaque forms. The 
bacteria in this type of plaque exclusively 
contain the offspring of a single phage from 
the library. 

The next step is to make an impression of 
the plate on a plastic foil, which is then 
heated. This causes the phage DNA to adhere 
to the foil. When the foil is incubated with a 
DNA fragment that hybridizes to the DNA seg- 
ment of interest (a gene probe), the probe 
binds to the sites on the imprint at which 
the desired DNA is attached. Binding of the 
gene probe can be detected by prior radio- 
active or other labeling of the probe. Phages 
from the positive plaques in the original plate 
are then isolated and replicated. Restriction 
cleavage finally provides large amounts of the 
desired DNA. 


B. Sequencing of DNA O 


The nucleotide sequence of DNA is nowadays 
usually determined using the so-called chain 
termination method. In single-strand se- 
quencing, the DNA fragment (a) is cloned 
into the DNA of phage M13 (see p. 404), 
from which the coded single strand can be 
easily isolated. This is hybridized with a pri- 
mer—a short, synthetically produced DNA 
fragment that binds to 3’ end of the intro- 
duced DNA segment (b). 

Based on this hybrid, the missing second 
strand can now be generated in the test tube 
by adding the four deoxyribonucleoside tri- 
phosphates (dNTP) and a suitable DNA poly- 
merase (c). The trick lies in also adding small 
amounts of dideoxynucleoside triphosphates 
(ddNTP). Incorporating a ddNTP leads to the 
termination of second-strand synthesis. This 
can occur whenever the corresponding dNTP 
ought to be incorporated. The illustration 
shows this in detail using the example of 
ddGTP. In this case, fragments are obtained 
that each include the primer plus three, six, 
eight, 13, or 14 additional nucleotides. Four 
separate reactions, each with a different 
ddNTP, are carried out (c), and the products 
are placed side by side on a supporting mate- 
rial. The fragments are then separated by gel 
electrophoresis (see p. 76), in which they 
move in relation to their length. 

Following visualization (d), the sequence of 
the fragments in the individual lanes is simply 
read from bottom to top (e) to directly obtain 
the nucleotide sequence. A detail from such a 
sequencing gel and the corresponding protein 
sequence are shown in Fig. 2. 

In a more modern procedure, the four 
ddNTPs are covalently marked with fluores- 
cent dyes, which produce a different color for 
each ddNTP on laser illumination. This allows 
the sequence in which the individual frag- 
ments appear at the lower end of the gel to 
be continuously recorded and directly stored 
in digital form. 
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PCR and protein expression 


A. Polymerase chain reaction (PCR) 0 


The polymerase chain reaction (PCR) is an 
important procedure in genetic engineering 
that allows any DNA segment to be replicated 
(amplified) without the need for restriction 
enzymes, vectors, or host cells (see p. 258). 
However, the nucleotide sequence of the seg- 
ment has to be known. Two oligonucleotides 
(primers) are needed, which each hybridize 
with one of the strands at each end of the DNA 
segment to be amplified; also needed are suf- 
ficient quantities of the four deoxyribonucleo- 
side triphosphates and a special heat-tolerant 
DNA polymerase. The primers are produced 
by chemical synthesis, and the polymerase is 
obtained from thermostable bacteria. 

First, the starter is heated to around 90 °C 
to separate the DNA double helix into single 
strands (a; cf.p. 84). The mixture is then 
cooled to allow hybridization of the primers 
(b). Starting from the primers, complemen- 
tary DNA strands are now synthesized in 
both directions by the polymerase (c). This 
cycle (cycle 1) is repeated 20-30 times with 
the same reaction mixture (cycle 2 and sub- 
sequent cycles). The cyclic heating and cool- 
ing are carried out by computer-controlled 
thermostats. 

After only the third cycle, double strands 
start to form with a length equal to the dis- 
tance between the two primers. The propor- 
tion of these approximately doubles during 
each cycle, until almost all of the newly syn- 
thesized segments have the correct length. 


B. DNA electrophoresis O 


The separation of DNA fragments by electro- 
phoresis is technically simpler than protein 
electrophoresis (see p. 78). The mobility of 
molecules in an electrical field of a given 
strength depends on the size and shape of 
the molecules, as well as their charge. In con- 
trast to proteins, in which all three factors 
vary, the ratio of mass to charge in nucleic 
acids is constant, as all of the nucleotide com- 
ponents have similar masses and carry one 
negative charge. When electrophoresis is car- 
ried out in a wide-meshed support material 
that does not separate according to size and 
shape, the mobility of the molecules depends 


on their mass alone. The supporting material 
generally used in genetic engineering is a gel 
of the polysaccharide agarose (see p. 40). 
Agarose gels are not very stable and are there- 
fore poured horizontally into a plastic cham- 
ber in which they are used for separation 
(top). 

To make the separated fragments visible, 
after running the procedure the gels are 
placed in solutions of ethidium bromide. 
This is an intercalator (see p. 254) that shows 
strong fluorescence in UV light after binding 
to DNA, although it barely fluoresces in an 
aqueous solution. The result of separating 
two PCR amplificates (lanes 1 and 2) is shown 
in the lower part of the illustration. Compar- 
ing their distances with those of poly- 
nucleotides of known lengths (lane 3; bp = 
base pairs) yields lengths of approximately 
800 bp for fragment 1 and 1800 bp for frag- 
ment 2. After staining, the bands can be cut 
out of the gel and the DNA can be extracted 
from them and used for further experiments. 


C. Overexpression of proteins ® 


To treat some diseases, proteins are needed 
that occur in such small quantities in the or- 
ganism that isolating them on a large scale 
would not be economically feasible. Proteins 
of this type can be obtained by overexpression 
in bacteria or eukaryotic cells. To do this, the 
corresponding gene is isolated from human 
DNA and cloned into an expression plasmid 
as described on p. 258. In addition to the gene 
itself, the plasmid also has to contain DNA 
segments that allow replication by the host 
cell and transcription of the gene. After trans- 
formation and replication of suitable host 
cells, induction is used in a targeted fashion 
to trigger ef cient transcription of the gene. 
Translation of the mRNA formed in the host 
cell then gives rise to large amounts of the 
desired protein. Human insulin (see p. 76), 
plasminogen activators for dissolving blood 
clots (see p. 292), and the growth hormone 
somatotropin are among the proteins pro- 
duced in this way. 
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Genetic engineering in medicine 


Genetic engineering procedures are becom- 
ing more and more important in medicine 
for diagnostic purposes (A-C). New genetic 
approaches to the treatment of severe dis- 
eases are Still in the developmental stage 
(“gene therapy,” D). 


A. DNA fingerprinting O 

DNA fingerprinting is used to link small 
amounts of biological material—e.g., traces 
from the site of a crime—to a specific person. 
The procedure now used is based on the fact 
that the human genome contains non-coding 
repetitive DNA sequences, the length of which 
varies from individual to individual. Short 
tandem repeats (STRs) thus exist in which 
dinucleotides (e.g., -T-X-) are frequently re- 
peated. Each STR can occur in five to 15 differ- 
ent lengths (alleles), of which one individual 
possesses only one or two. When the various 
allele combinations for several STRs are de- 
termined after PCR amplification of the DNA 
being investigated, a “genetic fingerprint” of 
the individual from whom the DNA originates 
is obtained. Using comparative material—e. g., 
saliva samples—definite identification is then 
possible. 


B. Diagnosis of sickle-cell anemia using RFLP © 


This example illustrates a procedure for diag- 
nosing a point mutation in the B-globin gene 
that leads to sickle-cell anemia (see p. 248). 
The mutation in the first exon of the gene 
destroys a cleavage site for the restriction 
endonuclease MstlI (see p. 258). When the 
DNA of healthy and diseased individuals is 
cleaved with Mstll, different fragments are 
produced in the region of the B-globin gene, 
which can be separated by electrophoresis 
and then demonstrated using specific probes 
(see p. 260). In addition, heterozygotic car- 
riers of the sickle-cell gene can be distin- 
guished from homozygotic ones. 


C. Identification of viral DNA using RT-PCR O 


In viral infections, it is often dif cult to deter- 
mine the species of the pathogen precisely. 
RT-PCR can be used to identify RNA viruses. In 
this procedure, reverse transcriptase (see 
p. 404) is used to transcribe the viral RNA 
into dsDNA, and then PCR is employed to 


amplify a segment of this DNA with virus- 
specific primers. In this way, an amplificate 
with a characteristic length can be obtained 
for each pathogen and identified using gel 
electrophoresis as described above. 


D. Gene therapy ® 


Many diseases, such as hereditary metabolic 
defects and tumors, can still not be ad- 
equately treated. About 10 years ago, projects 
were therefore initiated that aimed to treat 
diseases of this type by transferring genes 
into the affected cells (gene therapy). The 
illustration combines conceivable and already 
implemented approaches to gene therapy for 
metabolic defects (left) and tumors (right). 
None of these procedures has yet become 
established in clinical practice. 

If a mutation leads to failure of an enzyme 
E1 (left), its substrate B will no longer be 
converted into C and will accumulate. This 
can lead to cell damage by B itself or by a 
toxic product formed from it. Treatment 
with intact E1 is not possible, as the proteins 
are not capable of passing through the cell 
membrane. By contrast, it is in principle pos- 
sible to introduce foreign genes into the cell 
using viruses as vectors (adenoviruses or ret- 
roviruses are mainly used). Their gene prod- 
ucts could replace the defective E1 or convert 
B into a harmless product. Another approach 
uses the so-called antisense DNA (bottom 
right). This consists of polynucleotides that 
hybridize with the mRNA for specific cellular 
proteins and thereby prevent their transla- 
tion. In the case shown, the synthesis of E2 
could be blocked, for example. 

The main problem in chemotherapy for 
tumors is the lack of tumor-specificity in the 
highly toxic cytostatic agents used (see 
p. 402). Attempts are therefore being made 
to introduce into tumor cells genes with prod- 
ucts that are only released from a precursor to 
form active cytostatics once they have 
reached their target (left). Other gene prod- 
ucts are meant to force the cells into apoptosis 
(see p. 396) or make them more susceptible 
to attack by the immune system. To steer the 
viral vectors to the tumor (targeting), at- 
tempts are being made to express proteins 
on the virus surface that are bound by tu- 
mor-specific receptors. Fusion with a tumor- 
specific promoter could also help limit the 
effect of the foreign gene to the tumor cells. 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


Genetic engineering 265 





A. DNA fingerprinting 


STR, z.B. 
TCTATCTGTCTG 


B. Diagnosis of sickle-cell anemia using RFLP 





















= 
































) F Normal 
Sickle-cell 
gene 


Evidence 











Mutation 
Locus 1 14 = 
Locus 2 12 — — 1 Normal (A/A) 
L 3 2 Heterozygotic (A/S) 
near kbp oe — 3 Homozygotic (S/S) 





Comparative 
fragments 










C. Evidence of viral DNA using RT-PCR 
RNA Hy- ss- — ds- 
brid DNA DNA Amplificate Standards 











senses Locus 1 





Locus 2 


Locus 3 


AN 


_ 
Reverse DNA polymerase 
transcriptase 









Tumor- Zao Viral vector 
specific with foreign DNA 
receptor / 


“Normal 
body cell 








Harmless 


product ®) 




















Gene 














product 

















Cytostatic 


cg 


# gl "in 
. eZ Cell 
Antisense ; Eom Sn 


DNA - proliferation 














1. For metabolic defects 2. For tumors 





Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


266 Tissues and organs 


Digestion: overview 


Most components of food (see p. 360) cannot 
be resorbed directly by the organism. It is only 
after they have been broken down into 
smaller molecules that the organism can 
take up the essential nutrients. Digestion re- 
fers to the mechanical and enzymatic break- 
down of food and the resorption of the result- 
ing products. 


A. Hydrolysis and resorption of food 
components @ 


Following mechanical fragmentation of food 
during chewing in the mouth, the process of 
enzymatic degradation starts in the stomach. 
For this purpose, the chyme is mixed with 
digestive enzymes that occur in the various 
digestive secretions or in membrane-bound 
form on the surface of the intestinal epithe- 
lium (see p. 268). Almost all digestive en- 
zymes are hydrolases (class 3 enzymes; see 
p. 88); they catalyze the cleavage of compo- 
site bonds with the uptake of water. 

Proteins are first denatured by the 
stomach’s hydrochloric acid (see p. 270), mak- 
ing them more susceptible to attack by the 
endopeptidases (proteinases) present in gas- 
tric and pancreatic juice. The peptides re- 
leased by endopeptidases are further de- 
graded into amino acids by exopeptidases. Fi- 
nally, the amino acids are resorbed by the 
intestinal mucosa in cotransport with Na* 
ions (see p. 220). There are separate transport 
systems for each of the various groups of 
amino acids. 

Carbohydrates mainly occur in food in the 
form of polymers (starches and glycogen). 
They are cleaved by pancreatic amylase into 
oligosaccharides and are then hydrolyzed by 
glycosidases, which are located on the surface 
of the intestinal epithelium, to yield mono- 
saccharides. Glucose and galactose are taken 
up into the enterocytes by secondary active 
cotransport with Na’® ions (see p. 220). In ad- 
dition, monosaccharides also have passive 
transport systems in the intestine. 

Nucleic acids are broken down into their 
components by nucleases from the pancreas 
and small intestine (ribonucleases and deoxy- 
ribonucleases). Further breakdown yields the 
nucleobases (purine and pyrimidine deriva- 
tives), pentoses (ribose and deoxyribose), 


phosphate, and nucleosides (nucleobase pen- 
tose). These cleavage products are resorbed 
by the intestinal wall in the region of the 
jejunum. 

Lipids are a special problem for digestion, 
as they are not soluble in water. Before enzy- 
matic breakdown, they have to be emulsified 
by bile salts and phospholipids in the bile (see 
p. 314). At the water-lipid interface, pancre- 
atic lipase then attacks triacylglycerols with 
the help of colipase (see p. 270). The cleavage 
products include fatty acids, 2-monoacylgly- 
cerols, glycerol, and phosphate from phospho- 
lipid breakdown. After resorption into the 
epithelial cells, fats are resynthesized from 
fatty acids, glycerol and 2-monoacylglycerols 
and passed into the lymphatic system (see 
p. 272). The lipids in milk are more easily 
digested, as they are already present in emul- 
sion; on cleavage, they mostly provide short- 
chain fatty acids. 

Inorganic components such as water, elec- 
trolytes, and vitamins are directly absorbed by 
the intestine. 

High-molecular-weight indigestible com- 
ponents, such as the fibrous components of 
plant cell walls, which mainly consist of cel- 
lulose and lignin, pass through the bowel un- 
changed and form the main component of 
feces, in addition to cells shed from the intes- 
tinal mucosa. Dietary fiber makes a positive 
contribution to digestion as a ballast material 
by binding water and promoting intestinal 
peristalsis. 

The food components resorbed by the epi- 
thelial cells of the intestinal wall in the region 
of the jejunum and ileum are transported 
directly to the liver via the portal vein. Fats, 
cholesterol, and lipid-soluble vitamins are 
exceptions. These are first released by the 
enterocytes in the form of chylomicrons (see 
p. 278) into the lymph system, and only reach 
the blood via the thoracic duct. 
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A. Hydrolysis and resorption of dietary constituents 
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Digestive secretions 


A. Digestive juices 0 


Saliva. The salivary glands produce a slightly 
alkaline secretion which—in addition to water 
and salts—contains glycoproteins (mucins) as 
lubricants, antibodies, and enzymes. 
a-Amylase attacks polysaccharides, and a li- 
pase hydrolyzes a small proportion of the 
neutral fats. c~-Amylase and lysozyme, a mu- 
rein-cleaving enzyme (see p. 40), probably 
serve to regulate the oral bacterial flora rather 
than for digestion (see p. 340). 

Gastric juice. In the stomach, the chyme is 
mixed with gastric juice. Due to its hydro- 
chloric acid content, this secretion of the gas- 
tric mucosa is strongly acidic (pH 1-3; see 
p. 270). It also contains mucus (mainly glyco- 
proteins known as mucins), which protects 
the mucosa from the hydrochloric acid, salts, 
and pepsinogen—the proenzyme (“zymogen”) 
of the aspartate proteinase pepsin (see 
pp. 176, 270). In addition, the gastric mucosa 
secretes what is known as “intrinsic factor”—a 
glycoprotein needed for resorption of vitamin 
Biz ( “extrinsic factor”) in the bowel. 

In the stomach, pepsin and related en- 
zymes initiate the enzymatic digestion of pro- 
teins, which takes 1-3 hours. The acidic gas- 
tric contents are then released into the duo- 
denum in batches, where they are neutralized 
by alkaline pancreatic secretions and mixed 
with cystic bile. 

Pancreatic secretions. In the acinar cells, 
the pancreas forms a secretion that is alkaline 
due to its HCO3° content, the buffer capacity 
of which is suf cient to neutralize the stom- 
ach’s hydrochloric acid. The pancreatic secre- 
tion also contains many enzymes that catalyze 
the hydrolysis of high-molecular-weight food 
components. All of these enzymes are hydro- 
lases with pH optimums in the neutral or 
weakly alkaline range. Many of them are 
formed and secreted as proenzymes and are 
only activated in the bowel lumen (see 
p. 270). 

Trypsin, chymotrypsin, and elastase are en- 
dopeptidases that belong to the group of ser- 
ine proteinases (see p. 176). Trypsin hydro- 
lyzes specific peptide bonds on the C side of 
the basic amino acids Arg and Lys, while chy- 
motrypsin prefers peptide bonds of the apolar 
amino acids Tyr, Trp, Phe, and Leu (see p. 94). 


Elastase mainly cleaves on the C side of the 
aliphatic amino acids Gly, Ala, Val, and Tle. 
Smaller peptides are attacked by carboxy- 
peptidases, which as exopeptidases cleave in- 
dividual amino acids from the C-terminal end 
of the peptides (see p. 176). 

~Amylase, the most important endoglyco- 
sidase in the pancreas, catalyzes the hydroly- 
sis of «14 bonds in the polymeric carbohy- 
drates starch and glycogen. This releases mal- 
tose, maltotriose, and a mixture of other oli- 
gosaccharides. 

Various pancreatic enzymes hydrolyze lip- 
ids, including lipase with its auxiliary protein 
colipase (see p. 270), phospholipase Az, and 
sterol esterase. Bile salts activate the lipid- 
cleaving enzymes through micelle formation 
(see below). 

Several hydrolases—particularly  ribo- 
nuclease (RNAse) and _ deoxyribonuclease 
(DNAse)—break down the nucleic acids con- 
tained in food. 

Bile. The liver forms a thin secretion (bile) 
that is stored in the gallbladder after water 
and salts have been extracted from it. From 
the gallbladder, it is released into the duode- 
num. The most important constituents of bile 
are water and inorganic salts, bile acids and 
bile salts (see p. 314), phospholipids, bile pig- 
ments, and cholesterol. Bile salts, together 
with phospholipids, emulsify insoluble food 
lipids and activate the lipases. Without bile, 
fats would be inadequately cleaved, if at all, 
resulting in “fatty stool” (steatorrhea). Re- 
sorption of fat-soluble vitamins would also 
be affected. 

Small-intestinal secretions. The glands of 
the small intestine (the Lieberkiihn and Brun- 
ner glands) secrete additional digestive en- 
zymes into the bowel. Together with enzymes 
on the microvilli of the intestinal epithelium 
(peptidases, glycosidases, etc.), these en- 
zymes ensure almost complete hydrolysis of 
the food components previously broken 
down by the endoenzymes. 
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Digestive processes 


Gastric juice is the product of several cell 
types. The parietal cells produce hydrochloric 
acid, chief cells release pepsinogen, and acces- 
sory cells form a mucin-containing mucus. 


A. Formation of hydrochloric acid @ 


The secretion of hydrochloric acid (H* and Cl") 
by the parietal cells is an active process that 
uses up ATP and takes place against a concen- 
tration gradient (in the gastric lumen, with a 
pH of 1, the H* concentration is some 10° 
times higher than in the parietal cells, which 
have a pH of 7). 

The precursors of the exported H” ions are 
carbon dioxide (CO) and water (H20). COz 
diffuses from the blood into the parietal cells, 
and in a reaction catalyzed by carbonate de- 
hydratase (carbonic anhydrase [2]), it reacts 
with H20 to form H* and hydrogen carbonate 
(HCO; ). The H” ions are transported into the 
gastric lumen in exchange for K* by a mem- 
brane-bound H*/K*-exchanging ATPase [1] (a 
transport ATPase of the P type; see p. 220). 
The remaining hydrogen carbonate is re- 
leased into the interstitium in electroneutral 
antiport in exchange for chloride ions (CI°), 
and from there into the blood. The Cl” ions 
follow the secreted protons through a chan- 
nel into the gastric lumen. 

The hydrochloric acid in gastric juice is 
important for digestion. It activates pepsin- 
ogen to form pepsin (see below) and creates 
an optimal pH level for it to take effect. It also 
denatures food proteins so that they are more 
easily attacked by proteinases, and it kills 
micro-organisms. 

Regulation. HCl secretion is stimulated by 
the peptide hormone gastrin, the mediator 
histamine (see p. 380), and—via the neuro- 
transmitter acetylcholine—by the autonomous 
nervous system. The peptide somatostatin 
and certain prostaglandins (see p. 390) have 
inhibitory effects. Together with cholecysto- 
kinin, secretin, and other peptides, gastrin 
belongs to the group of gastrointestinal hor- 
mones (see p. 370). All of these are formed in 
the gastrointestinal tract and mainly act in the 
vicinity of the site where they are formed— 
i.e., they are paracrine hormones (see p. 372). 
While gastrin’ primarily enhances HCl 
secretion, cholecystokinin and secretin mainly 


stimulate pancreatic secretion and bile re- 
lease. 


B. Zymogen activation 


To prevent self-digestion, the pancreas re- 
leases most proteolytic enzymes into the du- 
odenum in an inactive form as proenzymes 
(zymogens). Additional protection from the 
effects of premature activation of pancreatic 
proteinases is provided by proteinase inhibi- 
tors in the pancreatic tissue, which inactivate 
active enzymes by complex formation (right). 

Trypsinogen plays a key role among the 
proenzymes released by the pancreas. In the 
bowel, it is proteolytically converted into ac- 
tive trypsin (see p. 176) by enteropeptidase, a 
membrane enzyme on the surface of the en- 
terocytes. Trypsin then autocatalytically acti- 
vates additional trypsinogen molecules and 
the other proenzymes (left). 


C. Fat digestion ® 


Due to the “hydrophobic effect” (see p. 28), 
water-insoluble neutral fats in the aqueous 
environment of the bowel lumen would ag- 
gregate into drops of fat in which most of the 
molecules would not be accessible to pancre- 
atic lipase. The amphipathic substances in bile 
(bile acids, bile salts, phospholipids) create an 
emulsion in which they occupy the surface of 
the droplets and thereby prevent them from 
coalescing into large drops. In addition, the 
bile salts, together with the auxiliary protein 
colipase, mediate binding of triacylglycerol 
lipase [1] to the emulsified fat droplets. Acti- 
vation of the lipase is triggered by a confor- 
mation change in the C-terminal domain of 
the enzyme, which uncovers the active center. 

During passage through the intestines, the 
active lipase breaks down the triacylglycerols 
in the interior of the droplets into free fatty 
acids and amphipathic monoacylglycerols. 
Over time, smaller micelles develop (see 
p. 28), in the envelope of which monoacylgly- 
cerols are present in addition to bile salts and 
phospholipids. Finally, the components of the 
micelles are resorbed by the enterocytes in 
ways that have not yet been explained. 

Monoacylglycerols and fatty acids are re- 
assembled into fats again (see p. 272), while 
the bile acids return to the liver (enterohe- 
patic circulation; see p. 314). 
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Resorption 


Enzymatic hydrolysis in the digestive tract 
breaks down foodstuffs into their resorbable 
components. Resorption of the cleavage prod- 
ucts takes place primarily in the small intes- 
tine. Only ethanol and short-chain fatty acids 
are already resorbed to some extent in the 
stomach. 

The resorption process is facilitated by the 
large inner surface of the intestine, with its 
brush-border cells. Lipophilic molecules pen- 
etrate the plasma membrane of the mucosal 
cells by simple diffusion, whereas polar mol- 
ecules require transporters (facilitated diffu- 
sion; see p. 218). In many cases, carrier-medi- 
ated cotransport with Na” ions can be ob- 
served. In this case, the difference in the con- 
centration of the sodium ions (high in the 
intestinal lumen and low in the mucosal cells) 
drives the import of nutrients against a con- 
centration gradient (secondary active trans- 
port; see p. 220). Failure of carrier systems in 
the gastrointestinal tract can result in dis- 
eases. 


A. Monosaccharides @ 


The cleavage of polymeric carbohydrates by 
~-amylase [1] leads to _ oligosaccharides, 
which are broken down further by exoglyco- 
sidases (oligosaccharidases and disacchari- 
dases [2]) on the membrane surface of the 
brush border. The monosaccharides released 
in this way then pass with the help of various 
sugar-specific transporters into the cells of 
intestinal epithelium. Secondary active 
transport serves for the uptake of glucose 
and galactose, which are transported against 
a concentration gradient in cotransport with 
Na*. The Na* gradient is maintained on the 
basal side of the cells by Na*/K*-ATPase [3]. 
Another passive transporter then releases 
glucose and galactose into the blood. 
Fructose is taken up by a special type of trans- 
porter using facilitated diffusion. 


Amino acids (not illustrated) 


Protein degradation is initiated by proteina- 
ses—by pepsins in the stomach and by trypsin, 
chymotrypsin, and elastase in the small intes- 
tine. The resulting peptides are then further 
hydrolyzed by various peptidases into amino 


acids. Individual amino acid groups have 
group-specific amino acid transporters, some 
of which transport the amino acids into the 
enterocytes in cotransport with Na* ions (sec- 
ondary active transport), while others trans- 
port them in an Na’-independent manner 
through facilitated diffusion. Small peptides 
can also be taken up. 


B. Lipids @ 


Fats and other lipids are poorly soluble in 
water. The larger the accessible surface 
is—i.e., the better the fat is emulsified—the 
easier it is for enzymes to hydrolyze it (see 
p. 270). Due to the special properties of milk, 
milk fats already reach the gastrointestinal 
tract in emulsified form. Digestion of them 
therefore already starts in the oral cavity 
and stomach, where lipases in the saliva and 
gastric juice are available. Lipids that are less 
accessible—e. g., from roast pork—are emulsi- 
fied in the small intestine by bile salts and bile 
phospholipids. Only then are they capable of 
being attacked by pancreatic lipase [4] (see 
p. 270). 

Fats (triacylglycerols) are mainly attacked 
by pancreatic lipase at positions 1 and 3 of the 
glycerol moiety. Cleavage of two fatty acid 
residues gives rise to fatty acids and 2-mono- 
acylglycerols, which are quantitatively the 
most important products. However, a certain 
amount of glycerol is also formed by complete 
hydrolysis. These cleavage products are re- 
sorbed by a non-ATP-dependent process 
that has not yet been explained in detail. 

In the mucosal cells, long-chain fatty acids 
are resynthesized by an ATP-dependent ligase 
[5] to form acyl-CoA and then triacylglycerols 
(fats; see p. 170). The fats are released into the 
lymph in the form of chylomicrons (see 
p. 278) and, bypassing the liver, are deposited 
in the thoracic duct—i.e., the blood system. 
Cholesterol also follows this route. 

By contrast, short-chain fatty acids (with 
chain lengths of less than 12 C atoms) pass 
directly into the blood and reach the liver via 
the portal vein. Resorbed glycerol can also 
take this path. 
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Blood: composition and functions 


Human blood constitutes about 8% of the 
body’s weight. It consists of cells and cell frag- 
ments in an aqueous medium, the blood 
plasma. The proportion of cellular elements, 
known as hematocrit, in the total volume is 
approximately 45%. 


A. Functions of the blood @ 


The blood is the most important transport 
medium in the body. It serves to keep the 
“internal milieu” constant (homeostasis) and 
it plays a decisive role in defending the body 
against pathogens. 

Transport. The gases oxygen and carbon 
dioxide are transported in the blood. The 
blood mediates the exchange of substances 
between organs and takes up metabolic end 
products from tissues in order to transport 
them to the lungs, liver, and kidney for excre- 
tion. The blood also distributes hormones 
throughout the organism (see p. 370). 

Homeostasis. The blood ensures that a bal- 
anced distribution of water is maintained be- 
tween the vascular system, the cells (intra- 
cellular space), and the extracellular space. 
The acid-base balance is regulated by the 
blood in combination with the lungs, liver, 
and kidneys (see p. 288). The regulation of 
body temperature also depends on the con- 
trolled transport of heat by the blood. 

Defense. The body uses both non-specific 
and specific mechanisms to defend itself 
against pathogens. The defense system in- 
cludes the cells of the immune system and 
certain plasma proteins (see p. 294). 

Self-protection. To prevent blood loss 
when a vessel is injured, the blood has sys- 
tems for stanching blood flow and coagulat- 
ing the blood (hemostasis; see p. 290). The 
dissolution of blood clots (fibrinolysis) is 
also managed by the blood itself (see p. 292). 


B. Cellular elements O 


The solid elements in the blood are the eryth- 
rocytes (red blood cells), leukocytes (white 
blood cells), and thrombocytes (platelets). 

The erythrocytes provide for gas transport 
in the blood. They are discussed in greater 
detail on pp. 280-285. 


The leukocytes include various types of 
granulocyte, monocyte, and lymphocyte. All 
of these have immune defense functions (see 
p. 294). The neutrophil granulocytes, mono- 
cytes, and the macrophages derived from 
monocytes are phagocytes. They can ingest 
and degrade invading pathogens. The lympho- 
cytes are divided into two groups, B lympho- 
cytes and T lymphocytes. B lymphocytes 
produce antibodies, while T lymphocytes reg- 
ulate the immune response and destroy virus- 
infected cells and tumor cells. Eosinophilic and 
basophilic granulocytes have special tasks for 
defense against animal parasites. 

Thrombocytes are cell fragments that arise 
in the bone marrow from large precursor 
cells, the megakaryocytes. Their task is to 
promote hemostasis (see p. 290). 


C. Blood plasma: composition @ 


The blood plasma is an aqueous solution of 
electrolytes, nutrients, metabolites, proteins, 
vitamins, trace elements, and signaling sub- 
stances. The fluid phase of coagulated blood is 
known as blood serum. It differs from the 
plasma in that it lacks fibrin and other coag- 
ulation proteins (see p. 290). 

Laboratory assessment of the composition 
of the blood plasma is often carried out in 
clinical chemistry. Among the electrolytes, 
there is a relatively high concentration of 
Na‘, Ca?*, and CI" ions in the blood in compar- 
ison with the cytoplasm. By contrast, the con- 
centrations of K*, Mg**, and phosphate ions 
are higher in the cells. Proteins also have a 
higher intracellular concentration. The elec- 
trolyte composition of blood plasma is similar 
to that of seawater, due to the evolution of 
early forms of life in the sea. The solution 
known as “physiological saline” (NaCl at a con- 
centration of 0.15 mol L™') is almost isotonic 
with blood plasma. 

A list of particularly important metabolites 
in the blood plasma is given on the right. 
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Plasma proteins 


Quantitatively, proteins are the most impor- 
tant part of the soluble components of the 
blood plasma. With concentrations of be- 
tween 60 and 80g L"!, they constitute ap- 
proximately 4% of the body’s total protein. 
Their tasks include transport, regulation of 
the water balance, hemostasis, and defense 
against pathogens. 


A. Plasma proteins @ 


Some 100 different proteins occur in human 
blood plasma. Based on their behavior during 
electrophoresis (see below), they are broadly 
divided into five fractions: albumins and o,-, 
O2-, B- and y-globulins. Historically, the dis- 
tinction between the albumins and globulins 
was based on differences in the proteins’ 
solubility -albumins are soluble in pure 
water, whereas globulins only dissolve in 
the presence of salts. 

The most frequent protein in the plasma, at 
around 45 g_ L"', is albumin. Due to its high 
concentration, it plays a crucial role in main- 
taining the blood’s colloid osmotic pressure 
and represents an important amino acid re- 
serve for the body. Albumin has binding sites 
for apolar substances and therefore functions 
as a transport protein for long-chain fatty 
acids, bilirubin, drugs, and some steroid hor- 
mones and vitamins. In addition, serum albu- 
min binds Ca2* and Mg”" ions. It is the only 
important plasma protein that is not glycosy- 
lated. 

The albumin fraction also includes trans- 
thyretin (prealbumin), which together with 
other proteins transports the hormone thy- 
roxine and its metabolites. 

The table also lists important globulins in 
blood plasma, with their mass and function. 
The o- and B-globulins are involved in the 
transport of lipids (lipoproteins; see p. 278), 
hormones, vitamins, and metal ions. In addi- 
tion, they provide coagulation factors, pro- 
tease inhibitors, and the proteins of the com- 
plement system (see p. 298). Soluble antibod- 
ies (immunoglobulins; see p. 300) make up 
the y-globulin fraction. 

Synthesis and degradation. Most plasma 
proteins are synthesized by the liver. Excep- 
tions to this include the immunoglobulins, 
which are secreted by B lymphocytes known 


as plasma cells (see p. 302) and peptide hor- 
mones, which derive from endocrine gland 
cells. 

With the exception of albumin, almost all 
plasma proteins are glycoproteins. They carry 
oligosaccharides in N-and O-glycosidic bonds 
(see p. 44). N-acetylneuraminic acid (sialic 
acid; see p. 38) often occurs as a terminal 
carbohydrate among sugar _ residues. 
Neuraminidases (sialidases) on the surface of 
the vascular endothelia gradually cleave the 
Sialic acid residues and thereby release ga- 
lactose units on the surfaces of the proteins. 
These asialoglycoproteins (“asialo-” = without 
sialic acid) are recognized and bound by gal- 
actose receptors on hepatocytes. In this way, 
the liver takes up aged plasma proteins by 
endocytosis and breaks them down. The oli- 
gosaccharides on the protein surfaces thus 
determine the half-life of plasma proteins, 
which is a period of days to weeks. 

In healthy individuals, the concentration of 
plasma proteins is constant. Diseases in or- 
gans that are involved in protein synthesis 
and breakdown can shift the protein pattern. 
For example, via cytokines (see p. 392), se- 
vere injuries trigger increased synthesis of 
acute-phase proteins, which include C-reac- 
tive protein, haptoglobin, fibrinogen, comple- 
ment factor C-3, and others. The concentra- 
tions of individual proteins are altered in 
some diseases (known as dysproteinemias). 


B. Carrier electrophoresis ® 


Proteins and other electrically charged mac- 
romolecules can be separated using electro- 
phoresis (see also pp. 78, 262). Among the 
various procedures used, carrier electropho- 
resis on cellulose acetate foil (CAF) is partic- 
ularly simple. Using this method, serum pro- 
teins—which at slightly alkaline pH values all 
move towards the anode, due to their excess 
of negative charges—can be separated into 
the five fractions mentioned. After the pro- 
teins have been stained with dyes, the result- 
ing bands can be quantitatively assessed us- 
ing densitometry. 
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Lipoproteins 


Most lipids are barely soluble in water, and 
many have amphipathic properties. In the 
blood, free triacylglycerols would coalesce 
into drops that could cause fat embolisms. 
By contrast, amphipathic lipids would be de- 
posited in the blood cells’ membranes and 
would dissolve them. Special precautions are 
therefore needed for lipid transport in the 
blood. While long-chain fatty acids are bound 
to albumin and short-chain ones are dissolved 
in the plasma (see p. 276), other lipids are 
transported in lipoprotein complexes, of 
which there several types in the blood 
plasma, with different sizes and composition. 


A. Composition of lipoprotein complexes ® 


Lipoproteins are spherical or discoid aggre- 
gates of lipids and apoproteins. They consist 
of a nucleus of apolar lipids (triacylglycerols 
and cholesterol esters) surrounded by a sin- 
gle-layered shell approximately 2 nm thick of 
amphipathic lipids (phospholipids and cho- 
lesterol; the example shown here is LDL). 
The shell, in which the apoproteins are also 
deposited, gives the surfaces of the particles 
polar properties and thereby prevents them 
from aggregating into large particles. The 
larger the lipid nucleus of a lipoprotein 
is—i.e., the larger the number of apolar lipids 
it contains—the lower its density is. 
Lipoproteins are classified into five groups. 
In order of decreasing size and increasing 
density, these are: chylomicrons, VLDLs 
(very-low-density lipoproteins), [DLs (inter- 
mediate-density lipoproteins), LDLs (low- 
density lipoproteins), and HDLs (high-density 
lipoproteins). The proportions of apoproteins 
range from 1% in chylomicrons to over 50% in 
HDLs. These proteins serve less for solubility 
purposes, but rather function as recognition 
molecules for the membrane receptors and 
enzymes that are involved in lipid exchange. 


B. Transport functions 


The classes of lipoproteins differ not only in 
their composition, but also in the ways in 
which they originate and function. 

The chylomicrons take care of the transport 
of triacylglycerols from the intestine to the 
tissues. They are formed in the intestinal mu- 


cosa and reach the blood via the lymphatic 
system (see p. 266). In the peripheral vessel- 
s—particularly in muscle and adipose tis- 
sue—lipoprotein lipase [1] on the surface of 
the vascular endothelia hydrolyzes most of 
the triacylglycerols. Chylomicron breakdown 
is activated by the transfer of apoproteins E 
and C from HDL. While the fatty acids released 
and the glycerol are taken up by the cells, the 
chylomicrons gradually become converted 
into chylomicron remnants, which are ulti- 
mately removed from the blood by the liver. 


VLDLs, IDLs, and LDLs are closely related to 
one another. VLDLs formed in the liver (see 
p. 312) transport triacylglycerols, cholesterol, 
and phospholipids to other tissues. Like chy- 
lomicrons, they are gradually converted into 
IDL and LDL under the influence of lipoprotein 
lipase [1]. This process is also stimulated by 
HDL. Cells that have a demand for cholesterol 
bind LDL through an interaction between 
their LDL receptor and ApoB-100, and then 
take up the complete particle through recep- 
tor-mediated endocytosis. This type of trans- 
port is mediated by depressions in the mem- 
brane (“coated pits”), the interior of which is 
lined with the protein clathrin. After LDL 
binding, clathrin promotes invagination of 
the pits and pinching off of vesicles (“coated 
vesicles”). The clathrin then dissociates off and 
is reused. After fusion of the vesicle with ly- 
sosomes, the LDL particles are broken down 
(see p. 234), and cholesterol and other lipids 
are used by the cells. 


The HDLs also originate in the liver. They 
return the excess cholesterol formed in the 
tissues to the liver. While it is being trans- 
ported, cholesterol is acylated by lecithin cho- 
lesterol acyltransferase (LCAT). The cholesterol 
esters formed are no longer amphipathic and 
can be transported in the core of the lipopro- 
teins. In addition, HDLs promote chylomicron 
and VLDL turnover by exchanging lipids and 
apoproteins with them (see above). 
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Hemoglobin 


The most important task of the red blood cells 
(erythrocytes) is to transport molecular oxy- 
gen (O2) from the lungs into the tissues, and 
carbon dioxide (CO) from the tissues back 
into the lungs. To achieve this, the higher 
organisms require a special transport system, 
since Oz is poorly soluble in water. For exam- 
ple, only around 3.2 mL Oz is soluble in 1 L 
blood plasma. By contrast, the protein hemo- 
globin (Hb), contained in the erythrocytes, 
can bind a maximum of 220 mL Oz per 
liter—70 times the physically soluble amount. 

The Hb content of blood, at 140-180 gL"! 
in men and 120-160¢ L™! in women, is 
twice as high as that of the plasma proteins 
(50-80 g L'). Hb is therefore also responsi- 
ble for the majority of the blood proteins’ pH 
buffer capacity (see p. 288). 


A. Hemoglobin: structure ® 


In adults, hemoglobin (HbA; see below) is a 
heterotetramer consisting of two a-chains and 
two B-chains, each with masses of 16 kDa. 
The o- and B-chains have different sequences, 
but are similarly folded. Some 80% of the 
amino acid residues form a-helices, which 
are identified using the letters A-H. 

Each subunit carries a heme group (for- 
mula on p. 106), with a central bivalent iron 
ion. When O, binds to the heme iron 
(Oxygenation of Hb) and when Oj is released 
(Deoxygenation), the oxidation stage of the 
iron does not change. Oxidation of Fe?* to 
Fe?* only occurs occasionally. The oxidized 
form, methemoglobin, is then no longer able 
to bind O3. The proportion of Met-Hb is kept 
low by reduction (see p. 284) and usually 
amounts to only 1-2%. 

Four of the six coordination sites of the iron 
in hemoglobin are occupied by the nitrogen 
atoms of the pyrrol rings, and another is oc- 
cupied by a histidine residue of the globin 
(the proximal histidine). The iron’s sixth site 
is coordinated with oxygen in oxyhemoglobin 
and with H20 in deoxyhemoglobin. 


B. Hemoglobin: allosteric effects ® 


Like aspartate carbamoyltransferase (see 
p. 116), Hb can exist in two different states 
(conformations), known as the T form and 


the R form. The T form (for tense; left) and 
has a much lower O2 af nity than the R form 
(for relaxed; right). 

Binding of O2 to one of the subunits of the T 
form leads to a local conformational change 
that weakens the association between the 
subunits. Increasing O2 partial pressure thus 
means that more and more molecules convert 
to the higher-af nity R form. This coopera- 
tive interaction between the subunits in- 
creases the Oz af nity of Hb with increasing 
Oz concentrations—i.e., the QO, saturation 
curve is sigmoidal (see p. 282). 

Various allosteric effectors influence the 
equilibrium between the T and R forms and 
thereby regulate the O2 binding behavior of 
hemoglobin (yellow arrows). The most impor- 
tant effectors are CO., H’, and 2,3-bisphospho- 
glycerate (see p. 282). 


Further information 


As mentioned above, hemoglobin in adults 
consists of two o- and two B-chains. In addi- 
tion to this main form (HbA), o282), adult 
blood also contains small amounts of a second 
form with a higher O2 af nity in which the B- 
chains are replaced by 6-chains (HbAg, 0252). 
Two other forms occur during embryonic and 
fetal development. In the first three months, 
embryonic hemoglobins are formed, with the 
structure Coe and oz. Up to the time of 
birth, fetal hemoglobin then predominates 
(HbF, o2zy2), and it is gradually replaced by 
HbA during the first few months of life. Em- 
bryonic and fetal hemoglobins have higher O 
af nities than HbA, as they have to take up 
oxygen from the maternal circulation. 
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Gas transport 


Most tissues are constantly dependent on a 
supply of molecular oxygen (O2) to maintain 
their oxidative metabolism. Due to its poor 
solubility, O2 is bound to hemoglobin for 
transport in the blood (see p. 280). This not 
only increases the oxygen transport capacity, 
but also allows regulation of O2 uptake in the 
lungs and O3 release into tissues. 


A. Regulation of O2 transport ® 


When an enzyme reacts to effectors (sub- 
strates, activators, or inhibitors) with confor- 
mational changes that increase or reduce its 
activity, it is said to show allosteric behavior 
(see p. 116). Allosteric enzymes are usually 
oligomers with several subunits that mutually 
influence each other. 

Although hemoglobin is not an enzyme (it 
releases the bound oxygen without changing 
it), it has all the characteristics of an allosteric 
protein. Its effectors include oxygen, which as 
a positive homotropic effector promotes its 
own binding. The O2 saturation curve of he- 
moglobin is therefore markedly sigmoidal in 
shape (2, curve 2). The non-sigmoidal satura- 
tion curve of the muscular protein myoglobin 
is shown for comparison (curve 1). The struc- 
ture of myoglobin (see p. 336) is similar to 
that of a subunit of hemoglobin, but as a 
monomer it does not exhibit any allosteric 
behavior. 

CO2, H*, and a special metabolite of ery- 
throcytes—2,3-bisphosphoglycerate (BPG)— 
act as heterotropic effectors of hemoglobin. 
BPG is synthesized from 1,3-bisphosphogly- 
cerate, an intermediate of glycolysis (see 
p. 150), and it can be returned to glycolysis 
again by breakdown into 2—phosphoglycerate 
(1), with loss of an ATP. 

BPG binds selectively to deoxy-Hb, thereby 
increasing its amount of equilibrium. The re- 
sult is increased O> release at constant pO>. In 
the diagram, this corresponds to a right shift 
of the saturation curve (2, curve 3). COz and 
H* act in the same direction as BPG. Their 
influence on the position of the curve has 
long been known as the Bohr effect. 

The effects of CO, and BPG are additive. In 
the presence of both effectors, the saturation 
curve of isolated Hb is similar to that of whole 
blood (curve 4). 


B. Hemoglobin and CO, transport 0 


Hemoglobin is also decisively involved in the 
transport of carbon dioxide (CO2) from the 
tissues to the lungs. 

Some 5% of the CO; arising in the tissues is 
covalently bound to the N terminus of hemo- 
globin and transported as carbaminohemoglo- 
bin (not shown). About 90% of the CO; is first 
converted in the periphery into hydrogen car- 
bonate (HCO3_), which is more soluble (bot- 
tom). In the lungs (top), CO2 is regenerated 
again from HCO3° and can then be exhaled. 

These two processes are coupled to the 
oxygenation and deoxygenation of Hb. 
Deoxy-Hb is a stronger base than oxy-Hb. It 
therefore binds additional protons (about 
0.7 H* per tetramer), which promotes the for- 
mation of HCO; from CO, in the peripheral 
tissues. The resulting HCO3° is released into 
the plasma via an antiporter in the erythro- 
cyte membrane in exchange for Cl, and 
passes from the plasma to the lungs. In the 
lungs, the reactions described above then 
proceed in reverse order: deoxy-Hb is oxy- 
genated and releases protons. The protons 
shift the HCO3/CO, equilibrium to the left 
and thereby promote CO; release. 

Oz binding to Hb is regulated by H* ions 
(i.e., by the pH value) via the same mecha- 
nism. High concentrations of COz such as 
those in tissues with intensive metabolism 
locally increase the H* concentration and 
thereby reduce hemoglobin’s O, af nity 
(Bohr effect; see above). This leads to in- 
creased Oz release and thus to an improved 
oxygen supply. 

The adjustment of the equilibrium be- 
tween CO, and HCO3° is relatively slow in 
the uncatalyzed state. It is therefore acceler- 
ated in the erythrocytes by carbonate dehy- 
dratase (carbonic anhydrase) [1])—an enzyme 
that occurs in high concentrations in the 
erythrocytes. 
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Erythrocyte metabolism 


Cells living in aerobic conditions are depen- 
dent on molecular oxygen for energy produc- 
tion. On the other hand, O2 constantly gives 
rise to small quantities of toxic substances 
known as reactive oxygen species (ROS). 
These substances are powerful oxidation 
agents or extremely reactive free radicals 
(see p. 32), which damage cellular structures 
and functional molecules. Due to their role in 
O, transport, the erythrocytes are constantly 
exposed to high concentrations of O2 and are 
therefore particularly at risk from ROS. 


A. Reactive oxygen species @ 


The dioxygen molecule (O2) contains two un- 
paired electrons—i.e., it is a diradical. Despite 
this, Oz is relatively stable due to its special 
electron arrangement. However, if the mole- 
cule takes up an extra electron (a), the highly 
reactive superoxide radical (O02) arises. An- 
other reduction step (b) leads to the peroxide 
anion (07-), which easily binds protons and 
thus becomes hydrogen peroxide (H203). In- 
clusion of a third electron (c) leads to cleavage 
of the molecule into the ions 07> and O-. 
While 02> can form water by taking up two 
protons, protonation of O provides the ex- 
tremely dangerous hydroxy radical ( OH). A 
fourth electron transfer and subsequent pro- 
tonation also convert O- into water. 

The synthesis of ROS can be catalyzed by 
iron ions, for example. Reaction of Oz with 
FMN or FAD (see p. 32) also constantly pro- 
duces ROS.By contrast, reduction of O, by 
cytochrome c-oxidase (see p. 140) is “clean,” 
as the enzyme does not release the intermedi- 
ates. In addition to antioxidants (B), enzymes 
also provide protection against ROS: superox- 
ide dismutase [1] breaks down (“dispropor- 
tionates”) two superoxide molecules into Oz 
and the less damaging H20>. The latter is in 
turn disproportionated into Oz and H20 by 
heme-containing catalase [2]. 


B. Biological antioxidants ® 


To protect them against ROS and other radi- 
cals, all cells contain antioxidants. These are 
reducing agents that react easily with oxida- 
tive substances and thus protect more impor- 
tant molecules from oxidation. Biological 


antioxidants include vitamins C and E (see 
pp. 364, 368), coenzyme Q (see p. 104), and 
several carotenoids (see pp. 132, 364). Biliru- 
bin, which is formed during heme degrada- 
tion (see p. 194), also serves for protection 
against oxidation. 

Glutathione, a tripeptide that occurs in 
high concentrations in almost all cells, is par- 
ticularly important. Glutathione (sequence: 
Glu-Cys-Gly) contains an atypical y-peptide 
bond between Glu and Cys. The thiol group of 
the cysteine residue is redox-active. Two mol- 
ecules of the reduced form (GSH, top) are 
bound to the disulfide (GSSG, bottom) during 
oxidation. 


C. Erythrocyte metabolism ® 


Erythrocytes also have systems that can in- 
activate ROS (superoxide dismutase, catalase, 
GSH). They are also able to repair damage 
caused by ROS.This requires products that 
are supplied by the erythrocytes’ mainte- 
nance metabolism, which basically only in- 
volves anaerobic glycolysis (see p. 150) and 
the pentose phosphate pathway (PPP; see 
p. 152). 

The ATP formed during glycolysis serves 
mainly to supply Na*/K’-ATPase, which main- 
tains the erythrocytes’ membrane potential. 
The allosteric effector 2,3-BPG (see p. 282) is 
also derived from glycolysis. The PPP supplies 
NADPH+H’, which is needed to regenerate 
glutathione (GSH) from GSSG with the help 
of glutathione reductase [3]. GSH, the most 
important antioxidant in the erythrocytes, 
serves as a coenzyme for glutathione peroxi- 
dase [5]. This selenium-containing enzyme 
detoxifies H,02 and hydroperoxides, which 
arise during the reaction of ROS with unsatu- 
rated fatty acids in the erythrocyte mem- 
brane. The reduction of methemoglobin 
(Hb Fe?*) to Hb (Hb Fe?*, [4]) is carried out 
by GSH or ascorbate by a non-enzymatic 
pathway; however, there are also NAD(P)H- 
dependent Met-Hb reductases. 
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Iron metabolism 


A. Distribution of iron O 


Iron (Fe) is quantitatively the most important 
trace element (see p. 362). The human body 
contains 4-5 giron, whichis almost exclusively 
present in protein-bound form. Approximately 
three-quarters of the total amount is found in 
heme proteins (see pp. 106, 192), mainly he- 
moglobin and myoglobin. About 1% of the 
iron is bound in iron-sulfur clusters (see 
p. 106), which function as cofactors in the 
respiratory chain, in photosynthesis, and in 
other redox chains. The remainder consists 
of iron in transport and storage proteins 
(transferrin, ferritin; see B). 


B. Iron metabolism 0 


Iron can only be resorbed by the bowel in 
bivalent form (i.e., as Fe?*). For this reason, 
reducing agents in food such as ascorbate 
(vitamin C; see p. 368) promote iron uptake. 
Via transporters on the luminal and basal side 
of the enterocytes, Fe** enters the blood, 
where it is bound by transferrin. Part of the 
iron that is taken up is stored in the bowel in 
the form of ferritin (see below). Heme groups 
can also be resorbed by the small intestine. 

Most of the resorbed iron serves for the 
formation of red blood cells in the bone mar- 
row (erythropoiesis, top). As discussed on 
p. 192, it is only in the final step of hem bio- 
synthesis that Fe** is incorporated by ferro- 
chelatase into the previously prepared tetra- 
pyrrol framework. 

In the blood, 2.5-3.0 g of hemoglobin iron 
circulates as a component of the erythrocytes 
(top right). Over the course of several months, 
the flexibility of the red blood cells constantly 
declines due to damage to the membrane and 
cytoskeleton. Old erythrocytes of this type are 
taken up by macrophages in the spleen and 
other organs and broken down. The organic 
part of the heme is oxidized into bilirubin (see 
p. 194), while the iron returns to the plasma 
pool. The quantity of heme iron recycled per 
day is much larger than the amount resorbed 
by the intestines. 

Transferrin, a B-globulin with a mass of 
80 kDa, serves to transport iron in the blood. 
This monomeric protein consists of two sim- 
ilar domains, each of which binds an Fe?* ion 


very tightly. Similar iron transport proteins 
are found in secretions such as saliva, tears, 
and milk; these are known as lactoferrins 
(bottom right). Transferrin and the lactofer- 
rins maintain the concentration of free iron in 
body fluids at values below 10°! mol L71. 
This low level prevents bacteria that require 
free iron as an essential growth factor from 
proliferating in the body. Like LDLs (see 
p. 278), transferrin and the lactoferrins are 
taken up into cells by receptor-mediated 
endocytosis. 

Excess iron is incorporated into ferritin and 
stored in this form in the liver and other 
organs. The ferritin molecule consists of 24 
subunits and has the shape of a hollow sphere 
(bottom left). It takes up Fe?* ions, which in 
the process are oxidized to Fe** and then 
deposited in the interior of the sphere as fer- 
rihydrate. Each ferritin molecule is capable of 
storing several thousand iron ions in this way. 
In addition to ferritin, there is another storage 
form, hemosiderin, the function of which is 
not yet clear. 


Further information 


Disturbances of the iron metabolism are fre- 
quent and can lead to severe disease pictures. 

Iron deficiency is usually due to blood loss, 
or more rarely to inadequate iron uptake. 
During pregnancy, increased demand can 
also cause iron deficiency states. In severe 
cases, reduced hemoglobin synthesis can 
lead to anemia (“iron-deficiency anemia”). In 
these patients, the erythrocytes are smaller 
and have less hemoglobin. As their membrane 
is also altered, they are prematurely elimi- 
nated in the spleen. 

Disturbances resulting from raised iron 
concentrations are less frequent. Known as 
hemochromatoses, these conditions can 
have genetic causes, or may be due to re- 
peated administration of blood transfusions. 
As the body has practically no means of ex- 
creting iron, more and more stored iron is 
deposited in the organs over time in patients 
with untreated hemochromatosis, ultimately 
leading to severe disturbances of organ func- 
tion. 
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Acid—base balance 


A. Hydrogen ion concentration in the blood 
plasma ® 


The H* concentration in the blood and ex- 
tracellular space is approximately 40 nM 
(4 10-8 mol L'). This corresponds to a pH 
of 7.40. The body tries to keep this value con- 
stant, as large shifts in pH are incompatible 
with life. 

The pH value is kept constant by buffer 
systems that cushion minor disturbances in 
the acid-base balance (C). In the longer term, 
the decisive aspect is maintaining a balanced 
equilibrium between H* production and up- 
take and H" release. If the blood’s buffering 
capacity is not suf cient, or if the acid-base 
balance is not in equilibrium—e. g., in kidney 
disease or during hypoventilation or hyper- 
ventilation—shifts in the plasma pH value 
can occur. A reduction by more than 0.03 
units is known as acidosis, and an increase is 
called alkalosis. 


B. Acid—base balance @ 


Protons are mainly derived from two sour- 
ces—free acids in the diet and sulfur—contain- 
ing amino acids. Acids taken up with food— 
e.g., citric acid, ascorbic acid, and phosphoric 
acid—already release protons in the alkaline 
pH of the intestinal tract. More important for 
proton balance, however, are the amino acids 
methionine and cysteine, which arise from 
protein degradation in the cells. Their S atoms 
are oxidized in the liver to form sulfuric acid, 
which supplies protons by dissociation into 
sulfate. 

During anaerobic glycolysis in the muscles 
and erythrocytes, glucose is converted into 
lactate, releasing protons in the process (see 
p. 338). The synthesis of the ketone bodies 
acetoacetic acid and 3-hydroxybutyric acid 
in the liver (see p. 312) also releases protons. 
Normally, the amounts formed are small and 
of little influence on the proton balance. If 
acids are formed in large amounts, however 
(e. g., during starvation or in diabetes mellitus; 
see p. 160), they strain the buffer systems and 
can lead to a reduction in pH (metabolic 
acidoses; lactacidosis or ketoacidosis). 

Only the kidney is capable of excreting pro- 
tons in exchange for Na” ions (see p. 326). In 


the urine, the H® ions are buffered by NH3 and 
phosphate. 


C. Buffer systems in the plasma ® 


The buffering capacity of a buffer system de- 
pends on its concentration and its pK, value. 
The strongest effect is achieved if the pH 
value corresponds to the buffer system’s pK, 
value (see p. 30). For this reason, weak acids 
with pK, values of around 7 are best suited for 
buffering purposes in the blood. 

The most important buffer in the blood is 
the CO,/bicarbonate buffer. This consists of 
water, carbon dioxide (CO2, the anhydride of 
carbonic acid H2CO3), and hydrogen carbo- 
nate (HCO3, bicarbonate). The adjustment 
of the balance between CO, and HCO3° is 
accelerated by the zinc-containing enzyme 
carbonate dehydratase (carbonic anhydrase 
[1]; see also p. 282). At the pH value of the 
plasma, HCO3 and CO; are present in a ratio 
of about 20 : 1. However, the CO; in solution 
in the blood is in equilibrium with the gaseous 
CO in the pulmonary alveoli. The CO2/HCO3" 
system is therefore a powerful open buffer 
system, despite having a not entirely optimal 
pK, value of 6.1. Faster or slower respiration 
increases or reduces CO; release in the lungs. 
This shifts the CO2/HCO3° ratio and thus the 
plasma pH value (respiratory acidosis or alka- 
losis). In this way, respiration can compensate 
to a certain extent for changes in plasma pH 
values. However, it does not lead to the ex- 
cretion of protons. 

Due to their high concentration, plasma 
proteins—and hemoglobin in the erythro- 
cytes in particular—provide about one-quar- 
ter of the blood’s buffering capacity. The buf- 
fering effect of proteins involves contribu- 
tions from all of the ionizable side chains. At 
the pH value of blood, the acidic amino acids 
(Asp, Glu) and histidine are particularly effec- 
tive. 

The second dissociation step in phosphate 
(H2PO,/HPO,7) also contributes to the buf- 
fering capacity of the blood plasma. Although 
the pK, value of this system is nearly optimal, 
its contribution remains small due to the low 
total concentration of phosphate in the blood 
(around 1 mM). 
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Blood clotting 


Following injury to blood vessels, hemostasis 
ensures that blood loss is minimized. Initially, 
thrombocyte activation leads to contraction 
of the injured vessel and the formation of 
a loose clot consisting of thrombocytes 
(hemostasis). Slightly later, the action of the 
enzyme thrombin leads to the formation and 
deposition in the thrombus of polymeric fi- 
brin (coagulation, blood clotting). The coagu- 
lation process is discussed here in detail. 


A. Blood clotting ® 


The most important reaction in blood clotting 
is the conversion, catalyzed by thrombin, of 
the soluble plasma protein fibrinogen (factor 
I) into polymeric fibrin, which is deposited as 
a fibrous network in the primary thrombus. 
Thrombin (factor Ila) is a serine proteinase 
(see p. 176) that cleaves small peptides from 
fibrinogen. This exposes binding sites that 
spontaneously allow the fibrin molecules to 
aggregate into polymers. Subsequent covalent 
cross-linking of fibrin by a transglutaminase 
(factor XIII) further stabilizes the thrombus. 

Normally, thrombin is present in the blood 
as an inactive proenzyme (see p. 270). Pro- 
thrombin is activated in two different ways, 
both of which represent cascades of enzy- 
matic reactions in which inactive proenzymes 
(zymogens, symbol: circle) are proteolytically 
converted into active proteinases (symbol: 
sector of a circle). The proteinases activate 
the next proenzyme in turn, and so on. Sev- 
eral steps in the cascade require additional 
protein factors (factors III, Va and Villa) as 
well as anionic phospholipids (PL; see below) 
and Ca?* ions. Both pathways are activated by 
injuries to the vessel wall. 

In the extravascular pathway (right), tissue 
thromboplastin (factor III), a membrane pro- 
tein in the deeper layers of the vascular wall, 
activates coagulation factor VII. The activated 
form of this (VIIa) autocatalytically promotes 
its own synthesis and also generates the ac- 
tive factors [Xa and Xa from their precursors. 
With the aid of factor VIlla, PL, and Ca?*, factor 
IXa produces additional Xa, which finally— 
with the support of Va, PL, and Ca?*—releases 
active thrombin. 

The intravascular pathway (left) is prob- 
ably also triggered by vascular injuries. It 


leads in five steps via factors XIla, Xla, [Xa, 
and Xa to the activation of prothrombin. The 
significance of this pathway in vivo has been 
controversial since it was found that a genetic 
deficiency in factor XII does not lead to coag- 
ulation disturbances. 

Both pathways depend on the presence of 
activated thrombocytes, on the surface of 
which several reactions take place. For exam- 
ple, the prothrombinase complex (left) forms 
when factors Xa and II, with the help of Va, 
bind via Ca?* ions to anionic phospholipids in 
the thrombocyte membrane. For this to hap- 
pen, factors II and X have to contain the non- 
proteinogenic amino acid y-carboxygluta- 
mate (Gla; see p. 62), which is formed in the 
liver by post-translational carboxylation of 
the factors. The Gla residues are found in 
groups in special domains that create contacts 
to the Ca?* ions. Factors VII and IX are also 
linked to membrane phospholipids via Gla 
residues. 

Substances that bind Ca?" ions (e. g., citrate) 
prevent Gla-containing factors from attaching 
to the membrane and therefore inhibit 
coagulation. Antagonists of vitamin K, which 
is needed for synthesis of the Gla residues 
(see p. 364) also have anticoagulatory effects. 
These include dicumarol, for example. 

Active thrombin not only converts fibrino- 
gen into fibrin, but also indirectly promotes 
its own synthesis by catalyzing the activation 
of factors V and VIII. In addition, it catalyzes 
the activation of factor XIII and thereby trig- 
gers the cross-linking of the fibrin. 

Regulation of blood clotting (not shown). 
To prevent the coagulation reaction from be- 
coming excessive, the blood contains a num- 
ber of anticoagulant substances, including 
highly effective proteinase inhibitors. For 
example, antithrombin III binds to various ser- 
ine proteinases in the cascade and thereby 
inactivates them. Heparin, an anticoagulant 
glycosaminoglycan (see p. 346), potentiates 
the effect of antithrombin III. Thrombomodu- 
lin, which is located on the vascular endothe- 
lia, also inactivates thrombin. A glycoprotein 
known as Protein C ensures proteolytic deg- 
radation of factors V and VIII. As it is activated 
by thrombin, coagulation is shut down in this 
Way. 
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Fibrinolysis, blood groups 


A. Fibrinolysis ® 


The fibrin thrombus resulting from blood 
clotting (see p. 290) is dissolved again by 
plasmin, a serine proteinase found in the 
blood plasma. For this purpose, the pre- 
cursor plasminogen first has to be proteolyti- 
cally activated by enzymes from various tis- 
sues. This group includes the plasminogen 
activator from the kidney (urokinase) and tis- 
sue plasminogen activator (t-PA) from vascular 
endothelia. By contrast, the plasma protein 
Q2-antiplasmin, which binds to active plasmin 
and thereby inactivates it, inhibits fibrinoly- 
sis. 

Urokinase, t-PA, and streptokinase, a bac- 
terial proteinase with similar activity, are 
used clinically to dissolve thrombi following 
heart attacks. All of these proteins are ex- 
pressed recombinantly in bacteria (see 
p. 262). 


B. Blood groups: the ABO system @ 


During blood transfusions, immune reactions 
can occur that destroy the erythrocytes trans- 
fused from the donor. These reactions result 
from the formation of antibodies (see p. 300) 
directed to certain surface structures on the 
erythrocytes. Known as blood group antigens, 
these are proteins or oligosaccharides that can 
differ from individual to individual. More than 
20 different blood group systems are now 
known. The ABO system and the Rh system 
are of particular clinical importance. 

In the ABO system, the carbohydrate parts 
of glycoproteins or glycolipids act as antigens. 
In this relatively simple system, there are four 
blood groups (A, B, AB, and 0). In individuals 
with blood groups A and B, the antigens con- 
sist of tetrasaccharides that only differ in their 
terminal sugar (galactose or N-acetylgalactos- 
amine). Carriers of the AB blood group have 
both antigens (A and B). Blood group 0 arises 
from an oligosaccharide (the H antigen) that 
lacks the terminal residue of antigens A and B. 
The molecular causes for the differences be- 
tween blood groups are mutations in the gly- 
cosyl transferases that transfer the terminal 
sugar to the core oligosaccharide. 

Antibodies are only formed against anti- 
gens that the individual concerned does not 


possess. For example, carriers of blood group 
A form antibodies against antigen B (“anti-B”), 
while carriers of group B form antibodies 
against antigen A (“anti-A”). Individuals with 
blood group O form both types, and those 
with blood group AB do not form any of these 
antibodies. 

If blood from blood group A is transfused 
into the circulation of an individual with 
blood group B, for example, then the anti-A 
present there binds to the A antigens. The 
donor erythrocytes marked in this way are 
recognized and destroyed by the complement 
system (see p. 298). In the test tube, aggluti- 
nation of the erythrocytes can be observed 
when donor and recipient blood are incom- 
patible. 

The recipient’s serum should not contain 
any antibodies against the donor erythro- 
cytes, and the donor serum should not con- 
tain any antibodies against the recipient’s 
erythrocytes. Donor blood from blood group 
0 is unproblematic, as its erythrocytes do not 
possess any antibodies and therefore do not 
react with anti-A or anti-B in the recipient’s 
blood. Conversely, blood from the AB group 
can only be administered to recipients with 
the AB group, as these are the only ones with- 
out antibodies. 

In the Rh system (not shown), proteins on 
the surface of the erythrocytes act as antigens. 
These are known as “rhesus factors,” as the 
system was first discovered in rhesus mon- 
keys. 

The rhesus D antigen occurs in 84% of all 
white individuals, who are therefore “Rh-pos- 
itive.” If an Rh-positive child is born to an Rh- 
negative mother, fetal erythrocytes can enter 
the mother’s circulation during birth and lead 
to the formation of antibodies (IgG) against 
the D antigen. This initially has no acute ef- 
fects on the mother or child. Complications 
only arise when there is a second pregnancy 
with an Rh-positive child, as maternal anti-D 
antibodies cross the placenta to the fetus even 
before birth and can trigger destruction of the 
child’s Rh-positive erythrocytes (fetal erythro- 
blastosis). 
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Immune response 


Viruses, bacteria, fungi, and parasites that en- 
ter the body of vertebrates of are recognized 
and attacked by the immune system. Endog- 
enous cells that have undergone alterations— 
e.g., tumor cells—are also usually recognized 
as foreign and destroyed. The immune system 
is supported by physiological changes in 
infected tissue, known as inflammation. This 
reaction makes it easier for the immune cells 
to reach the site of infection. 

Two different systems are involved in the 
immune response. The innate immune system 
is based on receptors that can distinguish 
between bacterial and viral surface structures 
or foreign proteins (known as antigens) and 
those that are endogenous. With the help of 
these receptors, phagocytes bind to the patho- 
gens, absorb them by endocytosis, and break 
them down. The complement system (see 
p. 298) is also part of the innate system. 

The acquired (adaptive) immune system is 
based on the ability of the lymphocytes to 
form highly specific antigen receptors “on 
suspicion,” without ever having met the cor- 
responding antigen. In humans, there are sev- 
eral billion different lymphocytes, each of 
which carries a different antigen receptor. If 
this type of receptor recognizes “its” cognate 
antigen, the lymphocyte carrying it is acti- 
vated and then plays its special role in the 
immune response. 

In addition, a distinction is made between 
cellular and humoral immune responses. The 
T lymphocytes (T cells) are responsible for cel- 
lular immunity. They are named after the thy- 
mus, in which the decisive steps in their dif- 
ferentiation take place. Depending on their 
function, another distinction is made be- 
tween cytotoxic T cells (green) and helper T 
cells (blue). Humoral immunity is based on 
the activity of the B lymphocytes (B cells, light 
brown), which mature in the bone marrow. 
After activation by T cells, B cells are able to 
release soluble forms of their specific antigen 
receptors, known as antibodies (see p. 300), 
into the blood plasma. The immune system’s 
“memory” is represented by memory cells. 
These are particularly long-lived cells that 
can arise from any of the lymphocyte types 
described. 


A. Simplified diagram of the immune 
response O 


Pathogens that have entered the body—e.g., 
viruses (top)—are taken up by antigen-pre- 
senting cells (APCs) and proteolytically de- 
graded (1). The viral fragments produced in 
this way are then presented on the surfaces of 
these cells with the help of special membrane 
proteins (MHC proteins; see p. 296) (2). The 
APCs include B lymphocytes, macrophages, 
and dendritic cells such as the skin’s Langer- 
hans cells. 

The complexes of MHC proteins and viral 
fragments displayed on the APCs are recog- 
nized by T cells that carry a receptor that 
matches the antigen (“T-cell receptors”; see 
p. 296) (3). Binding leads to activation of the T 
cell concerned and selective replication of it 
(4, “clonal selection”). The proliferation of im- 
mune cells is stimulated by interleukins (IL). 
These are a group of more than 20 signaling 
substances belonging to the cytokine family 
(see p. 392), with the help of which immune 
cells communicate with each other. For exam- 
ple, activated macrophages release IL-1 (5), 
while T cells stimulate their own replication 
and that of other immune cells by releasing 
IL-2 (6). 

Depending on their type, activated T cells 
have different functions. Cytotoxic T cells 
(green) are able to recognize and bind virus- 
infected body cells or tumor cells (7). They 
then drive the infected cells into apoptosis 
(see p. 396) or kill them with perforin, a pro- 
tein that perforates the target cell’s plasma 
membrane (8). 

B lymphocytes, which as APCs present viral 
fragments on their surfaces, are recognized by 
helper T cells (blue) or their T cell receptors 
(9). Stimulated by interleukins, selective clo- 
nal replication then takes place of B cells that 
carry antigen receptors matching those of the 
pathogen (10). These mature into plasma cells 
(11) and finally secrete large amounts of 
soluble antibodies (12). 
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T-cell activation 


For the selectivity of the immune response 
(see p. 294), the cells involved must be able 
to recognize foreign antigens and proteins on 
other immune cells safely and reliably. To do 
this, they have antigen receptors on their cell 
surfaces and co-receptors that support recog- 
nition. 


A. Antigen receptors O 


Many antigen receptors belong to the immu- 
noglobulin superfamily. The common charac- 
teristic of these proteins is that they are made 
up from “immunoglobulin domains.” These 
are characteristically folded substructures 
consisting of 70-110 amino acids, which are 
also found in soluble immunoglobulins (Ig; 
see p. 300). The illustration shows schemati- 
cally a few of the important proteins in the Ig 
superfamily. They consist of constant regions 
(brown or green) and variable regions (or- 
ange). Homologous domains are shown in 
the same colors in each case. All of the recep- 
tors have transmembrane helices at the C 
terminus, which anchor them to the mem- 
branes. Intramolecular and intermolecular di- 
sulfide bonds are also usually found in pro- 
teins belonging to the Ig family. 

Immunoglobulin M (IgM), a membrane 
protein on the surface of B lymphocytes, 
serves to bind free antigens to the B cells. By 
contrast, T cell receptors only bind antigens 
when they are presented by another cell as a 
complex with an MHC protein (see below). 
Interaction between MHC-bound antigens 
and T cell receptors is supported by co-recep- 
tors. This group includes CD8, a membrane 
protein that is typical in cytotoxic T cells. T 
helper cells use CD4 as a co-receptor instead 
(not shown). The abbreviation “CD” stands for 
“cluster of differentiation.” It is the term for a 
large group of proteins that are all located on 
the cell surface and can therefore be identi- 
fied by antibodies. In addition to CD4 and 
CD8, there are many other co-receptors on 
immune cells (not shown). 

The MHC proteins are named after the 
“major histocompatibility complex”—the DNA 
segment that codes for them. Human MHC 
proteins are also known as HLA antigens (“hu- 
man leukocyte-associated” antigens). Their 
polymorphism is so large that it is unlikely 


that any two individuals carry the same set of 
MHC proteins—except for monozygotic twins. 

Class | MHC proteins occur in almost all 
nucleated cells. They mainly interact with cy- 
totoxic T cells and are the reason for the re- 
jection of transplanted organs. Class | MHC 
proteins are heterodimers (of ). The B subunit 
is also known as B2-microglobulin. 

Class Il MHC proteins also consist of two 
peptide chains, which are related to each 
other. MHC II molecules are found on all anti- 
gen-presenting cells in the immune system. 
They serve for interaction between these cells 
and CD4-carrying T helper cells. 


B. T-cell activation 


The illustration shows an interaction between 
a virus-infected body cell (bottom) and a CD8- 
carrying cytotoxic T lymphocyte (top). The 
infected cell breaks down viral proteins in 
its cytoplasm (1) and transports the peptide 
fragments into the endoplasmic reticulum 
with the help of a special transporter (TAP) 
(2). Newly synthesized class I MHC proteins 
on the endoplasmic reticulum are loaded 
with one of the peptides (3) and then trans- 
ferred to the cell surface by vesicular trans- 
port (4). The viral peptides are bound on the 
surface of the a) domain of the MHC protein 
in a depression formed by an insertion as a 
“floor” and two helices as “walls” (see smaller 
illustration). 

Supported by CD8 and other co-receptors, 
a T cell with a matching T cell receptor binds 
to the MHC peptide complex (5; cf. p. 224). 
This binding activates protein kinases in the 
interior of the T cell, which trigger a chain of 
additional reactions (signal transduction; see 
p. 388). Finally, destruction of the virus-in- 
fected cell by the cytotoxic T lymphocytes 
takes place. 
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Complement system 


The complement system is part of the innate 
immune system (see p. 294). It supports non- 
specific defense against microorganisms. The 
system consists of some 30 different proteins, 
the “complement factors,” which are found in 
the blood and represent about 4% of all 
plasma proteins there. When inflammatory 
reactions occur, the complement factors enter 
the infected tissue and take effect there. 

The complement system works in three 
different ways: 

Chemotaxis. Various complement factors 
attract immune cells that can attack and 
phagocytose pathogens. 

Opsonization. Certain complement factors 
(“opsonins”) bind to the pathogens and 
thereby mark them as targets for phagocytos- 
ing cells (e. g., macrophages). 

Membrane attack. Other complement fac- 
tors are deposited in the bacterial membrane, 
where they create pores that lyse the patho- 
gen (see below). 


A. Complement activation @ 


The reactions that take place in the comple- 
ment system can be initiated in several ways. 
During the early phase of infection, lipopoly- 
saccharides and other structures on the sur- 
face of the pathogens trigger the alternative 
pathway (right). If antibodies against the 
pathogens become available later, the anti- 
gen-antibody complexes formed activate the 
classic pathway (left). Acute-phase proteins 
(see p. 276) are also able to start the comple- 
ment cascade (lectin pathway, not shown). 

Factors C1 to C4 (for “complement”) belong 
to the classic pathway, while factors B and D 
form the reactive components of the alterna- 
tive pathway. Factors C5 to C9 are responsible 
for membrane attack. Other components not 
shown here regulate the system. 

As in blood coagulation (see p. 290), the 
early components in the complement system 
are serine proteinases, which mutually acti- 
vate each other through limited proteolysis. 
They create a self-reinforcing enzyme cas- 
cade. Factor C3, the products of which are 
involved in several functions, is central to 
the complement system. 


The classic pathway is triggered by the for- 
mation of factor C1 at IgG or IgM on the sur- 
face of microorganisms (left). C1 is an 18-part 
molecular complex with three different com- 
ponents (C1q, Clr, and Cl1s). C1q is shaped like 
a bunch of tulips, the “flowers” of which bind 
to the F, region of antibodies (left). This acti- 
vates Clr, a serine proteinase that initiates the 
cascade of the classic pathway. First, C4 is 
proteolytically activated into C4b, which in 
turn cleaves C2 into C2a and C2b. C4B and 
C2a together form C3 convertase [1], which 
finally catalyzes the cleavage of C3 into C3a 
and C3b. Small amounts of C3b also arise from 
non-enzymatic hydrolysis of C3. 

The alternative pathway starts with the 
binding of factors C3b and B to bacterial lipo- 
polysaccharides (endotoxins). The formation 
of this complex allows cleavage of B by factor 
D, giving rise to a second form of C3 conver- 
tase (C3bBb). 

Proteolytic cleavage of factor C3 provides 
two components with different effects. The 
reaction exposes a highly reactive thioester 
group in C3b, which reacts with hydroxyl or 
amino groups. This allows C3b to bind cova- 
lently to molecules on the bacterial surface 
(opsonization, right). In addition, C3b initiates 
a chain of reactions leading to the formation 
of the membrane attack complex (see below). 
Together with C4a and C5a (see below), the 
smaller product C3a promotes the inflamma- 
tory reaction and has chemotactic effects. 

The “late” factors C5 to C9 are responsible 
for the development of the membrane attack 
complex (bottom). They create an ion-perme- 
able pore in the bacterial membrane, which 
leads to lysis of the pathogen. This reaction is 
triggered by C5 convertase [2]. Depending on 
the type of complement activation, this en- 
zyme has the structure C4b2a3b or C3bBb3b, 
and it cleaves C5 into C5a and C5b. The com- 
plex of C5b and C6 allows deposition of C7 in 
the bacterial membrane. C8 and numerous C9 
molecules—which form the actual pore—then 
bind to this core. 
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Antibodies 


Soluble antigen receptors, which are formed 
by activated B cells (plasma cells; see p. 294) 
and released into the blood, are known as 
antibodies. They are also members of the im- 
munoglobulin family (Ig; see p. 296). Anti- 
bodies are an important part of the humoral 
immune defense system. They have no anti- 
microbial properties themselves, but support 
the cellular immune system in various ways: 

1. They bind to antigens on the surface of 
pathogens and thereby prevent them from 
interacting with body cells (neutralization; 
see p. 404, for example). 

2. They link single-celled pathogens into 
aggregates (immune complexes), which are 
more easily taken up by phagocytes (aggluti- 
nation). 

3. They activate the complement system 
(see p. 298) and thereby promote the innate 
immune defense system (opsonization). 

In addition, antibodies have become indis- 
pensable aids in medical and biological diag- 
nosis (see p. 304). 


A. Domain structure of immunoglobulin G @ 


Type G immunoglobulins (IgG) are quantita- 
tively the most important antibodies in the 
blood, where they form the fraction of y-glob- 
ulins (see p. 276). IgGs (mass 150 kDa) are 
tetramers with two heavy chains (H chains; 
red or orange) and two light chains (L chains; 
yellow). Both H chains are glycosylated (vio- 
let; see also p. 43). 

The proteinase papain cleaves IgG into two 
F,p fragments and one F, fragment. The F,, 
(“antigen-binding”) fragments, which each 
consist of one L chain and the N-terminal 
part of an H chain, are able to bind antigens. 
The F, (“crystallizable”) fragment is made up 
of the C-terminal halves of the two H chains. 
This segment serves to bind IgG to cell sur- 
faces, for interaction with the complement 
system and antibody transport. 

Immunoglobulins are constructed in a 
modular fashion from several immunoglobu- 
lin domains (shown in the diagram on the 
right in Q form). The H chains of IgG contain 
four of these domains (V y, C y1, C 42, and 
C3) and the Lchains contain two(C, and Vz). 
The letters C and V designate constant or 
variable regions. 


Disulfide bonds link the two heavy chains to 
each other and also link the heavy chains to 
the light chains. Inside the domains, there are 
also disulfide bonds that stabilize the tertiary 
structure. The domains are approximately 110 
amino acids (AA) long and are homologous 
with each other. The antibody structure evi- 
dently developed as a result of gene duplica- 
tion. In its central region, known as the 
“hinge” region, the antibodies are highly mo- 
bile. 


B. Classes of immunoglobulins ® 


Human immunoglobulins are divided into 
five classes. IgA (with two subgroups), IgD, 
IgE, IgG (with four subgroups), and IgM are 
defined by their H chains, which are desig- 
nated by the Greek letters «, 6, €, y, and u. By 
contrast, there are only two types of L chain 
(« and i). IgD and IgE (like IgG) are tetramers 
with the structure H>L,. By contrast, soluble 
IgA and IgM are multimers that are held 
together by disulfide bonds and additional 
J] peptides (joining peptides). 

The antibodies have different tasks. IgMs 
are the first immunoglobulins formed after 
contact with a foreign antigen. Their early 
forms are located on the surface of B cells 
(see p. 296), while the later forms are se- 
creted from plasma cells as pentamers. Their 
action targets microorganisms in particular. 
Quantitatively, IgGs are the most important 
immunoglobulins (see the table showing se- 
rum concentrations). They occur in the blood 
and interstitial fluid. As they can pass the 
placenta with the help of receptors, they can 
be transferred from mother to fetus. IgAs 
mainly occur in the intestinal tract and in 
body secretions. IgEs are found in low con- 
centrations in the blood. As they can trigger 
degranulation of mast cells (see p. 380), they 
play an important role in allergic reactions. 
The function of IgDs is still unexplained. Their 
plasma concentration is also very low. 
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Antibody biosynthesis 


The acquired (adaptive) immune system (see 
p. 294) is based on the ability of the lympho- 
cytes to keep an extremely large repertoire of 
antigen receptors and soluble antibodies 
ready for use, so that even infections involv- 
ing new types of pathogen can be combated. 
The wide range of immunoglobulins (Ig) are 
produced by genetic recombination and addi- 
tional mutations during the development and 
maturation of the individual lymphocytes. 


A. Variability of immunoglobulins 0 


It is estimated that more than 10° different 
antibody variants occur in every human 
being. This variability affects both the heavy 
and the light chains of immunoglobulins. 

There are five different types of heavy (H) 
chain, according to which the antibody classes 
are defined (o, 8, €, y, u), and two types of light 
(L) chain (« and A; see p. 300). The various Ig 
types that arise from combinations of these 
chains are known as isotypes. During immu- 
noglobulin biosynthesis, plasma cells can 
switch from one isotype to another (“gene 
switch”). Allotypic variation is based on the 
existence of various alleles of the same 
gene—i.e., genetic differences between indi- 
viduals. The term idiotypic variation refers to 
the fact that the antigen binding sites in the 
F,» fragments can be highly variable. Idiotypic 
variation affects the variable domains (shown 
here in pink) of the light and heavy chains. At 
certain sites—known as the hypervariable re- 
gions (shown here in red)—variation is partic- 
ularly wide; these sequences are directly in- 
volved in the binding of the antigen. 


B. Causes of antibody variety ® 


There are three reasons for the extremely 
wide variability of antibodies: 

1. Multiple genes. Various genes are avail- 
able to code for the variable protein domains. 
Only one gene from among these is selected 
and expressed. 

2. Somatic recombination. The genes are 
divided into several segments, of which there 
are various versions. Various (“untidy”) com- 
binations of the segments during lymphocyte 


maturation give rise to randomly combined 
new genes (“mosaic genes”). 

3. Somatic mutation. During differentiation 
of B cells into plasma cells, the coding genes 
mutate. In this way, the “primordial” germ- 
line genes can become different somatic genes 
in the individual B cell clones. 


C. Biosynthesis of a light chain O 


We can look at the basic features of the ge- 
netic organization and synthesis of immuno- 
globulins using the biosynthesis of a mouse « 
chain as an example. The gene segments for 
this light chain are designated L, V, J, and C. 
They are located on chromosome 6 in the 
germ-line DNA (on chromosome 2 in humans) 
and are separated from one another by in- 
trons (see p. 242) of different lengths. 

Some 150 identical L segments code for the 
signal peptide (“leader sequence,” 17-20 
amino acids) for secretion of the product 
(see p. 230). The V segments, of which there 
are 150 different variants, code for most of the 
variable domains (95 of the 108 amino acids). 
L and V segments always occur in pairs—in 
tandem, so to speak. By contrast, there are 
only five variants of the J segments (joining 
segments) at most. These code for a peptide 
with 13 amino acids that links the variable 
part of the « chains to the constant part. A 
single C segment codes for the constant part 
of the light chain (84 amino acids). 

During the differentiation of B lympho- 
cytes, individual V/J combinations arise in 
each B cell. One of the 150 L/V tandem seg- 
ments is selected and linked to one of the five 
J segments. This gives rise to a somatic gene 
that is much smaller than the germline gene. 
Transcription of this gene leads to the forma- 
tion of the hnRNA for the « chain, from which 
introns and surplus J segments are removed 
by splicing (see p. 246). Finally, the completed 
mRNA still contains one each of the L-V-J-C 
segments and after being transported into the 
cytoplasm is available for translation. The 
subsequent steps in Ig biosynthesis follow 
the rules for the synthesis of membrane- 
bound or secretory proteins (see p. 230). 
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Monoclonal antibodies, 
immunoassay 


A. Monoclonal antibodies O 


Monoclonal antibodies (MABs) are secreted 
by immune cells that derive from a single 
antibody-forming cell (from a single cell 
clone). This is why each MAB is directed 
against only one specific epitope of an immu- 
nogenic substance, known as an “antigenic 
determinant.” Large molecules contain several 
epitopes, against which various antibodies are 
formed by various B cells. An antiserum con- 
taining a mixture of all of these antibodies is 
described as being polyclonal. 

To obtain MABs, lymphocytes isolated from 
the spleen of immunized mice (1) are fused 
with mouse tumor cells (myeloma cells, 2). 
This is necessary because antibody-secreting 
lymphocytes in culture have a lifespan of only 
a few weeks. Fusion of lymphocytes with tu- 
mor cells gives rise to cell hybrids, known as 
hybridomas, which are potentially immortal. 

Successful fusion (2) is a rare event, but the 
frequency can be improved by adding poly- 
ethylene glycol (PEG). To obtain only success- 
fully fused cells, incubation is required for an 
extended period in a primary culture with 
HAT medium (3), which contains hypoxan- 
thine, aminopterin, and thymidine. Amino- 
pterin, an analogue of dihydrofolic acid, com- 
petitively inhibits dihydrofolate reductase and 
thus inhibits the synthesis of dTMP (see 
p. 402). As dTMP is essential for DNA synthe- 
sis, myeloma cells cannot survive in the pres- 
ence of aminopterin. Although spleen cells 
are able to circumvent the inhibitory effect 
of aminopterin by using hypoxanthine and 
thymidine, they have a limited lifespan and 
die. Only hybridomas survive culture in HAT 
medium, because they possess both the im- 
mortality of the myeloma cells and the spleen 
cells’ metabolic side pathway. 

Only a few fused cells actually produce 
antibodies. To identify these cells, the hybrid- 
omas have to be isolated and replicated by 
cloning (4). After the clones have been tested 
for antibody formation, positive cultures are 
picked out and selected by further cloning (5). 
This results in hybridomas that synthesize 
monoclonal antibodies. Finally, MAB produc- 
tion is carried out in vitro using a bioreactor, 


or in vivo by producing ascites fluid in mice 


(6). 


B. Immunoassay © 


Immunoassays are semiquantitative proce- 
dures for assessing substances with low con- 
centrations. In principle, immunoassays can 
be used to assess any compound against 
which antibodies are formed. 

The basis for this procedure is the anti- 
gen-antibody “reaction”—i. e., specific binding 
of an antibody to the molecule being assayed. 
Among the many different immunoassay 
techniques that have been developed—e.g., 
radioimmunoassay (RIA), and chemolumines- 
cence immunoassay (CIA)—a version of the 
enzyme-linked immunoassay (EIA) is shown 
here. 

The substance to be assayed—e. g., the hor- 
mone thyroxine in a serum sample—is pipet- 
ted into a microtiter plate (1), the walls of 
which are coated with antibodies that specif- 
ically bind the hormone. At the same time, a 
small amount of thyroxine is added to the 
incubation to which an enzyme known as 
the “tracer” (1) has been chemically coupled. 
The tracer and the hormone being assayed 
compete for the small number of antibody 
binding sites available. After binding has 
taken place (2), all of the unbound molecules 
are rinsed out. The addition of a substrate 
solution for the enzyme (a chromogenic solu- 
tion) then triggers an indicator reaction (3), 
the products of which can be assessed using 
photometry (4). 

The larger the amount of enzyme that can 
bind to the antibodies on the container’s 
walls, the larger the amount of dye that is 
produced. Conversely, the larger the amount 
of the substance being assayed that is present 
in the sample, the smaller the amount of 
tracer that can be bound by the antibodies. 
Quantitative analysis can be carried out 
through parallel measurement using stan- 
dards with a known concentration. 
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Liver: functions 


Weighing 1.5 kg, the liver is one of the largest 
organs in the human body. Although it only 
represents 2-3% of the body’s mass, it ac- 
counts for 25-30% of oxygen consumption. 


A. Diagram of a hepatocyte ® 


The 3. 10"! cells in the liver—particularly the 
hepatocytes, which make up 90% of the cell 
mass—are the central location for the body’s 
intermediary metabolism. They are in close 
contact with the blood, which enters the liver 
from the portal vein and the hepatic arteries, 
flows through capillary vessels known as si- 
nusoids, and is collected again in the central 
veins of the hepatic lobes. Hepatocytes are 
particularly rich in endoplasmic reticulum, 
as they carry out intensive protein and lipid 
synthesis. The cytoplasm contains granules of 
insoluble glycogen. Between the hepatocytes, 
there are bile capillaries through which bile 
components are excreted. 


B. Functions of the liver @ 


The most important functions of the liver are: 

1. Uptake of nutrients supplied by the in- 
testines via the portal vein. 

2. Biosynthesis of endogenous compounds 
and storage, conversion, and degradation of 
them into excretable molecules (metabolism). 
In particular, the liver is responsible for the 
biosynthesis and degradation of almost all 
plasma proteins. 

3. Supply of the body with metabolites and 
nutrients. 

4. Detoxification of toxic compounds by 
biotransformation. 

5. Excretion of substances with the bile. 


C. Hepatic metabolism @ 


The liver is involved in the metabolism of 
practically all groups of metabolites. Its func- 
tions primarily serve to cushion fluctuations 
in the concentration of these substances in 
the blood, in order to ensure a constant sup- 
ply to the peripheral tissues (homeostasis). 
Carbohydrate metabolism. The liver takes 
up glucose and other monosaccharides from 
the plasma. Glucose is then either stored in 


the form of the polysaccharide glycogen or 
converted into fatty acids. When there is a 
drop in the blood glucose level, the liver re- 
leases glucose again by breaking down glyco- 
gen. If the glycogen store is exhausted, glu- 
cose can also be synthesized by gluconeogen- 
esis from lactate, glycerol, or the carbon skel- 
eton of amino acids (see p. 310). 

Lipid metabolism. The liver synthesizes 
fatty acids from acetate units. The fatty acids 
formed are then used to synthesize fats and 
phospholipids, which are released into the 
blood in the form of lipoproteins. The liver’s 
special ability to convert fatty acids into ke- 
tone bodies and to release these again is also 
important (see p. 312). 

Like other organs, the liver also synthesizes 
cholesterol, which is transported to other tis- 
sues as a component of lipoproteins. Excess 
cholesterol is converted into bile acids in the 
liver or directly excreted with the bile (see 
p. 314). 

Amino acid and protein metabolism. The 
liver controls the plasma levels of the amino 
acids. Excess amino acids are broken down. 
With the help of the urea cycle (see p. 182), 
the nitrogen from the amino acids is con- 
verted into urea and excreted via the kidneys. 
The carbon skeleton of the amino acids enters 
the intermediary metabolism and serves for 
glucose synthesis or energy production. In 
addition, most of the plasma proteins are syn- 
thesized or broken down in the liver (see 
p. 276). 

Biotransformation. Steroid hormones and 
bilirubin, as well as drugs, ethanol, and other 
xenobiotics are taken up by the liver and in- 
activated and converted into highly polar me- 
tabolites by conversion reactions (see p. 316). 

Storage. The liver not only stores energy 
reserves and nutrients for the body, but also 
certain mineral substances, trace elements, 
and vitamins, including iron, retinol, and vi- 
tamins A, D, K, folic acid, and By. 
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A. Diagram of a hepatocyte 
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308 Tissues and organs 


Buffer function in organ meta- 
bolism 


All of the body’s tissues have a constant re- 
quirement for energy substrates and nu- 
trients. The body receives these metabolites 
with food, but the supply is irregular and in 
varying amounts. The liver acts here along 
with other organs, particularly adipose tissue, 
as a balancing buffer and storage organ. 

In the metabolism, a distinction is made 
between the absorptive state (well-fed state) 
immediately after a meal and the postabsorb- 
tive state (state of starvation), which starts 
later and can merge into hunger. The switch- 
ing of the organ metabolism between the two 
phases depends on the concentration of en- 
ergy-bearing metabolites in the blood (plas- 
ma level). This is regulated jointly by hor- 
mones and by the autonomic nervous system. 


A. Absorptive state @ 


The absorptive state continues for 2-4 hours 
after food intake. As a result of food digestion, 
the plasma levels of glucose, amino acids, and 
fats (triacylglycerols) temporarily increase. 

The endocrine pancreas responds to this by 
altering its hormone release—there is an in- 
crease in insulin secretion and a reduction in 
glucagon secretion. The increase in the insu- 
lin/glucagon quotient and the availability of 
substrates trigger an anabolic phase in the 
tissues—particularly liver, muscle, and adi- 
pose tissues. 

The liver forms increased amounts of gly- 
cogen and fats from the substrates supplied. 
Glycogen is stored, and the fat is released into 
the blood in very low density lipoproteins 
(VLDLs). 

Muscle also refills its glycogen store and 
synthesizes proteins from the amino acids 
supplied. 

Adipose tissue removes free fatty acids 
from the lipoproteins, synthesizes triacylgly- 
cerols from them again, and stores these in 
the form of insoluble droplets. 

During the absorptive state, the heart and 
neural tissue mainly use glucose as an energy 
source, but they are unable to establish any 
substantial energy stores. Heart muscle cells 
are in a sense “omnivorous,” as they can also 
use other substances to produce energy (fatty 


acids, ketone bodies). By contrast, the central 
nervous system (CNS) is dependent on glu- 
cose. It is only able to utilize ketone bodies 
after a prolonged phase of hunger (B). 


B. Postabsorptive state ® 


When the food supply is interrupted, the 
postabsorbtive state quickly sets in. The pan- 
creatic A cells now release increased amounts 
of glucagon, while the B cells reduce the 
amount of insulin they secrete. The reduced 
insulin/glucagon quotient leads to switching 
of the intermediary metabolism. The body 
now falls back on its energy reserves. To do 
this, it breaks down storage substances (gly- 
cogen, fats, and proteins) and shifts energy- 
supplying metabolites between the organs. 

The liver first empties its glycogen store 
(glycogenolysis; see p.156). It does not use 
the released glucose itself, however, but sup- 
plies the other tissues with it. In particular, 
the brain, adrenal gland medulla, and eryth- 
rocytes depend on a constant supply of glu- 
cose, as they have no substantial glucose re- 
serves themselves. When the liver’s glycogen 
reserves are exhausted after 12-24 hours, 
gluconeogenesis begins (see p. 154). The pre- 
cursors for this are derived from the muscu- 
lature (amino acids) and adipose tissue (glyc- 
erol from fat degradation). From the fatty 
acids that are released (see below), the liver 
starts to form ketone bodies (ketogenesis; see 
p. 312). These are released into the blood and 
serve as important energy suppliers during 
the hunger phase. After 1-2 weeks, the CNS 
also starts to use ketone bodies to supply part 
of its energy requirements, in order to save 
glucose. 

In muscle, the extensive glycogen reserves 
are exclusively used for the muscles’ own 
requirements (see p. 320). The slowly initi- 
ated protein breakdown in muscle supplies 
amino acids for gluconeogenesis in the liver. 

In adipose tissue, glucagon triggers lipoly- 
sis, releasing fatty acids and glycerol. The fatty 
acids are used as energy suppliers by many 
types of tissue (with the exception of brain 
and erythrocytes). An important recipient of 
the fatty acids is the liver, which uses them for 
ketogenesis. 
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310 Tissues and organs 


Carbohydrate metabolism 


Besides fatty acids and ketone bodies, glucose 
is the body’s most important energy supplier. 
The concentration of glucose in the blood (the 
“blood glucose level”) is maintained at 
4-6 mM (0.8-1.0 g L™'!) by precise regula- 
tion of glucosesupplying and glucose-utilizing 
processes. Glucose suppliers include the in- 
testines (glucose from food), liver, and kid- 
neys. The liver plays the role of a “glucostat” 
(see p. 308). 

The liver is also capable of forming glucose 
by converting other sugars—e. g., fructose and 
galactose—or by synthesizing from other me- 
tabolites. The conversion of lactate to glucose 
in the Cori cycle (see p. 338) and the conver- 
sion of alanine to glucose with the help of the 
alanine cycle (see p. 338) are particularly im- 
portant for the supply of erythrocytes and 
muscle cells. 

Transporters in the plasma membrane of 
hepatocytes allow insulin-independent trans- 
port of glucose and other sugars in both di- 
rections. In contrast to muscle, the liver pos- 
sesses the enzyme _ glucose-6-phosphatase, 
which can release glucose from glucose-6- 
phosphate. 


A. Gluconeogenesis: overview 


Regeneration of glucose (up to 250 g per day) 
mainly takes place in the liver. The tubule 
cells of the kidney are also capable of carrying 
out gluconeogenesis, but due to their much 
smaller mass, their contribution only repre- 
sents around 10% of total glucose formation. 
Gluconeogenesis is regulated by hormones. 
Cortisol, glucagon, and epinephrine promote 
gluconeogenesis, while insulin inhibits it 
(see pp. 158, 244). 

The main precursors of gluconeogenesis in 
the liver are lactate from anaerobically work- 
ing muscle cells and from erythrocytes, 
glucogenic amino acids from the digestive 
tract and muscles (mainly alanine), and 
glycerol from adipose tissue. The kidney 
mainly uses amino acids for gluconeogenesis 
(Glu, Gln; see p. 328). 

In mammals, fatty acids and other suppli- 
ers of acetyl CoA are not capable of being used 
for gluconeogenesis, as the acetyl residues 
formed during B-oxidation in the tricarbox- 
ylic acid cycle (see p. 132) are oxidized to CO 


and therefore cannot be converted into oxalo- 
acetic acid, the precursor for gluconeogenesis. 


B. Fructose and galactose metabolism ® 


Fructose is mainly metabolized by the liver, 
which channels it into glycolysis (left half of 
the illustration). 

A special ketohexokinase [1] initially phos- 
phorylates fructose into fructose 1-phos- 
phate. This is then cleaved by an aldolase 
[2], which is also fructose-specific, to yield 
glycerone 3-phosphate (dihydroxyacetone 
phosphate) and glyceraldehyde. Glycerone 
3-phosphate is already an intermediate of 
glycolysis (center), while glyceraldehyde 
can be phosphorylated into glyceraldehyde 
3-phosphate by triokinase [3]. 

To a smaller extent, glyceraldehyde is also 
reduced to glycerol [4] or oxidized to glycer- 
ate, which can be channeled into glycolysis 
following phosphorylation (not shown). The 
reduction of glyceraldehyde [4] uses up 
NADH. As the rate of degradation of alcohol 
in the hepatocytes is limited by the supply of 
NAD”, fructose degradation accelerates alco- 
hol degradation (see p. 320). 

Outside of the liver, fructose is channeled 
into the sugar metabolism by reduction at C-2 
to yield sorbitol and subsequent dehydration 
at C-1 to yield glucose (the polyol pathway; 
not shown). 

Galactose is also broken down in the liver 
(right side of the illustration). As is usual with 
sugars, the metabolism of galactose starts 
with a phosphorylation to yield galactose 
1-phosphate [5]. The connection to the glu- 
cose metabolism is established by C-4 epime- 
rization to form glucose 1-phosphate. How- 
ever, this does not take place directly. Instead, 
a transferase [6] transfers a uridine 5’-mono- 
phosphate (UMP) residue from uridine di- 
phosphoglucose (UDPglucose) to galactose 
1-phosphate. This releases glucose 1-phos- 
phate, while galactose 1-phosphate is con- 
verted into uridine diphosphogalactose (UDP- 
galactose). This then is isomerized into UDP- 
glucose. The biosynthesis of galactose also fol- 
lows this reaction pathway, which is freely 
reversible up to reaction [5]. Genetic defects 
of enzymes [5] or [6] can lead to the clinical 
picture of galactosemia. 
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312 Tissues and organs 


Lipid metabolism 


The liver is the most important site for the 
formation of fatty acids, fats (triacylglycerols), 
ketone bodies, and cholesterol. Most of these 
products are released into the blood. In con- 
trast, the triacylglycerols synthesized in adi- 
pose tissue are also stored there. 


A. Lipid metabolism @ 


Lipid metabolism in the liver is closely linked 
to the carbohydrate and amino acid metabo- 
lism. When there is a good supply of nutrients 
in the resorptive (wellfed) state (see p. 308), 
the liver converts glucose via acetyl CoA into 
fatty acids. The liver can also take up fatty 
acids from chylomicrons, which are supplied 
by the intestine, or from fatty acid-albumin 
complexes (see p. 162). Fatty acids from both 
sources are converted into fats and phospho- 
lipids. Together with apoproteins, they are 
packed into very-low-density lipoproteins 
(VLDLs; see p.278) and then released into 
the blood by exocytosis. The VLDLs supply 
extrahepatic tissue, particularly adipose tis- 
sue and muscle. 

In the postresorptive state (see p. 292)— 
particularly during fasting and _ starva- 
tion—the lipid metabolism is readjusted and 
the organism falls back on its own reserves. In 
these conditions, adipose tissue releases fatty 
acids. They are taken up by the liver and are 
mainly converted into ketone bodies (B). 

Cholesterol can be derived from two sour- 
ces—food or endogenous synthesis from ace- 
tyl-CoA. A substantial percentage of endo- 
genous cholesterol synthesis takes place in 
the liver. Some cholesterol is required for 
the synthesis of bile acids (see p. 314). In ad- 
dition, it serves as a building block for cell 
membranes (see p. 216), or can be esterified 
with fatty acids and stored in lipid droplets. 
The rest is released together into the blood in 
the form of lipoprotein complexes (VLDLs) 
and supplies other tissues. The liver also con- 
tributes to the cholesterol metabolism by tak- 
ing up from the blood and breaking down 
lipoproteins that contain cholesterol and cho- 
lesterol esters (HDLs, IDLs, LDLs; see p. 278). 


B. Biosynthesis of ketone bodies @ 


At high concentrations of acetyl-CoA in the 
liver mitochondria, two molecules condense 
to form acetoacetyl CoA [1]. The transfer of 
another acetyl group [2] gives rise to 
3-hydroxy-3-methylglutaryl-CoA (HMG CoA), 
which after release of acetyl CoA [3] yields 
free acetoacetate (Lynen cycle). Acetoacetate 
can be converted to 3-hydroxybutyrate by 
reduction [4], or can pass into acetone by 
nonenzymatic decarboxylation [5]. These 
three compounds are together referred to as 
“ketone bodies,” although in fact 3-hydroxy- 
butyrate is not actually a ketone. As reaction 
[3] releases an H® ion, metabolic acidosis can 
occur as a result of increased ketone body 
synthesis (see p. 288). 

The ketone bodies are released by the liver 
into the blood, in which they are easily solu- 
ble. Blood levels of ketone bodies therefore 
rise during periods of hunger. Together with 
free fatty acids, 3-hydroxybutyrate and ace- 
toacetate are then the most important energy 
suppliers in many tissues (including heart 
muscle). Acetone cannot be metabolized and 
is exhaled via the lungs or excreted with 
urine. 

To channel ketone bodies into the energy 
metabolism, acetoacetate is converted with 
the help of succinyl CoA into succinic acid 
and acetoacetyl CoA, which is broken down 
by f-oxidation into acetyl CoA (not shown; 
see p.180). 

If the production of ketone bodies exceeds 
the demand for them outside the liver, there 
is an increase in the concentration of ketone 
bodies in the plasma (ketonemia) and they are 
also eventually excreted in the urine (ketonu- 
ria). Both phenomena are observed after pro- 
longed starvation and in inadequately treated 
diabetes mellitus. Severe ketonuria with ke- 
toacidosis can cause electrolyte shifts and 
loss of consciousness, and is therefore life- 
threatening (ketoacidotic coma). 
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314 Tissues and organs 


Bile acids 


Bile is an important product released by the 
hepatocytes. It promotes the digestion of fats 
from food by emulsifying them in the small 
intestine (see p. 2770). The emulsifying com- 
ponents of bile, apart from phospholipids, 
mainly consist of bile acids and bile salts 
(see below). The bile also contains free cho- 
lesterol, which is excreted in this way (see 
p. 312). 


A. Bile acids and bile salts 0 


Bile acids are steroids consisting of 24 C atoms 
carrying one carboxylate group and several 
hydroxyl groups. They are formed from cho- 
lesterol in the liver via an extensive reaction 
pathway (top). Cytochrome P450 enzymes in 
the sER of hepatocytes are involved in many 
of the steps (seep. 318). Initially, the choles- 
terol double bond is removed. Monooxyge- 
nases then introduce one or two additional 
OH groups into the sterane framework. Fi- 
nally, the side chain is shortened by three C 
atoms, and the terminal C atom is oxidized to 
a carboxylate group. 

It is important that the arrangement of the 
A and B rings is altered from trans to cis dur- 
ing bile acid synthesis (see p. 54). The result 
of this is that all of the hydrophilic groups in 
the bile acids lie on one side of the molecule. 
Cholesterol, which is weakly amphipathic 
(top), has a small polar “head” and an ex- 
tended apolar “tail.” By contrast, the much 
more strongly amphipathic bile acid mole- 
cules (bottom) resemble disks with polar top 
sides and apolar bottom sides. At physiolog- 
ical pH values, the carboxyl groups are almost 
completely dissociated and therefore nega- 
tively charged. 

Cholic acid and chenodeoxycholic acid, 
known as the primary bile acids, are quanti- 
tatively the most important metabolites of 
cholesterol. After being biosynthesized, they 
are mostly activated with coenzyme A and 
then conjugated with glycine or the non-pro- 
teinogenic amino acid taurine (see p. 62). The 
acid amides formed in this way are known as 
conjugated bile acids or bile salts. They are 
even more amphipathic than the primary 
products. 

Deoxycholic acid and lithocholic acid are 
only formed in the intestine by enzymatic 


cleavage of the OH group at C-7 (see B). 
They are therefore referred to as secondary 
bile acids. 


B. Metabolism of bile salts @ 


Bile salts are exclusively synthesized in the 
liver (see A). The slowest step in their biosyn- 
thesis is hydroxylation at position 7 by a 7-a- 
hydroxylase. Cholic acid and other bile acids 
inhibit this reaction (end-product inhibition). 
In this way, the bile acids present in the liver 
regulate the rate of cholesterol utilization. 

Before leaving the liver, a large proportion 
of the bile acids are activated with CoA and 
then conjugated with the amino acids glycine 
or taurine (2; cf. A). In this way, cholic acid 
gives rise to glycocholic acid and taurocholic 
acid. The liver bile secreted by the liver be- 
comes denser in the gallbladder as a result of 
the removal of water (bladder bile; 3). 

Intestinal bacteria produce enzymes that 
can chemically alter the bile salts (4). The 
acid amide bond in the bile salts is cleaved, 
and dehydroxylation at C-7 yields the corre- 
sponding secondary bile acids from the pri- 
mary bile acids (5). Most of the intestinal bile 
acids are resorbed again in the ileum (6) and 
returned to the liver via the portal vein (en- 
terohepatic circulation). In the liver, the sec- 
ondary bile acids give rise to primary bile 
acids again, from which bile salts are again 
produced. Of the 15-30g bile salts that are 
released with the bile per day, only around 
0.5g therefore appears in the feces. This ap- 
proximately corresponds to the amount of 
daily de novo synthesis of cholesterol. 


Further information 


The cholesterol excreted with the bile is 
poorly water-soluble. Together with phos- 
pholipids and bile acids, it forms micelles 
(see p. 270), which keep it in solution. If the 
proportions of phospholipids, bile acids and 
cholesterol shift, gallstones can arise. These 
mainly consist of precipitated cholesterol 
(cholesterol stones), but can also contain 
Ca?* salts of bile acids and bile pigments (pig- 
ment stones). 
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316 Tissues and organs 


Biotransformations 


The body is constantly taking up foreign sub- 
stances (= xenobiotics) from food or through 
contact with the environment, via the skin 
and lungs. These substances can be natural 
in origin, or may have been synthetically pro- 
duced by humans. Many of these substances 
are toxic, particularly at high concentrations. 
However, the body has effective mechanisms 
for inactivating and then excreting foreign 
substances through biotransformations. The 
mechanisms of biotransformation are similar 
to those with which endogenous substances 
such as bile pigments and steroid hormones 
are enzymatically converted. Biotransforma- 
tions mainly take place in the liver. 


A. Biotransformations O 


Phase | reactions (interconversion reactions). 
Type I reactions introduce functional groups 
into inert, apolar molecules or alter functional 
groups that are already present. In many 
cases, this is what first makes it possible for 
foreign substances to conjugate with polar 
molecules via phase II reactions (see below). 
Phase I reactions usually reduce the biological 
activity or toxicity of a substance (“detoxifica- 
tion”). However, some substances only be- 
come biologically active as a result of the 
interconversion reaction (see, for example, 
benzo[a]pyrene, p. 256) or become more toxic 
after interconversion than the initial sub- 
stance (“toxification”). 

Important phase I biotransformation reac- 
tions include: 


e Hydrolytic cleavages of ether, ester, and 
peptide bonds. Example (1) shows hydrol- 
ysis of the painkiller acetylsalicylic acid. 

e Oxidations. Hydroxylations, epoxide for- 
mation, sulfoxide formation, dealkylation, 
deamination. For example, benzene is oxi- 
dized into phenol, and toluene (methylben- 
zene) is oxidized into benzoic acid. 

e Reductions. Reduction of carbonyl, azo-, or 
nitro- compounds, dehalogenation. 

e Methylations. Example (2) illustrates the 
inactivation of the catecholamine norepi- 
nephrine by methylation of a phenolic OH 
group (see p. 334). 

e Desulfurations. The reactions take place in 
the hepatocytes on the smooth endoplas- 
mic reticulum. 


Most oxidation reactions are catalyzed by 
cytochrome P450 systems (see p. 318). 
These monooxygenases are induced by 
their substrates and show wide specificity. 
The substrate-specific enzymes of the ste- 
roid metabolism (see p. 376) are exceptions 
to this. 


Phase Il reactions (conjugate formation). Type 
II reactions couple their substrates (bilirubin, 
steroid hormones, drugs, and products of 
phase I reactions) via ester or amide bonds 
to highly polar negatively charged molecules. 
The enzymes involved are transferases, and 
their products are known as conjugates. 

The most common type of conjugate for- 
mation is coupling with glucuronate (GIcUA) 
as an O-or N-glucuronide. The coenzyme for 
the reaction is uridine diphosphate glucuro- 
nate, the “active glucuronate” (see p. 110). 
Coupling with the polar glucuronate makes 
an apolar (hydrophobic) molecule more 
strongly polar, and it becomes suf ciently 
water-soluble and capable of being excreted. 
Example (3) shows the glucuronidation of 
tetrahydrocortisol, a metabolite of the gluco- 
corticoid cortisol (see p. 374). 

The biosynthesis of sulfate esters with the 
help of phosphoadenosine phosphosulfate 
(PAPS), the “active sulfate”, (see p. 110) and 
amide formation with glycine and glutamine 
also play a role in conjugation. For example, 
benzoic acid is conjugated with glycine to 
form the more soluble and less toxic hippuric 
acid (N-benzoylglycine; see p. 324). 

In contrast with unconjugated compounds, 
the conjugates are much more water-soluble 
and capable of being excreted. The conjugates 
are eliminated from the liver either by the 
biliary route—i.e., by receptor-mediated ex- 
cretion into the bile—or by the renal route, 
via the blood and kidneys by filtration. 


Further information 


To detoxify heavy metals, the liver contains 
metallothioneins, a group of cysteine-rich pro- 
teins with a high af nity for divalent metal 
ions such as Cd?*, Cu2*, Hg?*, and Zn". These 
metal ions also induce the formation of metal- 
lothioneins via a special metal-regulating el- 
ement (MRE) in the gene's promoter (see 
p. 244). 
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Cytochrome P450 systems 


During the first phase of biotransformation in 
the liver, compounds that are weakly chemi- 
cally reactive are enzymatically hydroxylated 
(see p. 316). This makes it possible for them to 
be conjugated with polar substances. The hy- 
droxylating enzymes are generally mono- 
oxygenases that contain a heme as the redox- 
active coenzyme (see p. 106). In the reduced 
form, the heme can bind carbon monoxide 
(CO), and it then shows characteristic light 
absorption at 450 nm. This was what led to 
this enzyme group being termed cytochrome 
P450 (Cyt P450). 

Cyt P450 systems are also involved in many 
other metabolic processes—e.g., the biosyn- 
thesis of steroid hormones (see p. 172), bile 
acids (see p.314), and eicosanoids (see 
p. 390), as well as the formation of unsatu- 
rated fatty acids (see p. 409). The liver’s red- 
dish-brown color is mainly due to the large 
amounts of P450 enzymes it contains. 


A. Cytochrome P450-dependent mono oxy- 
genases: reactions O 


Cyt P450-dependent monooxygenases cata- 
lyze reductive cleavage of molecular oxygen 
(Oz). One of the two oxygen atoms is trans- 
ferred to the substrate, while the other is re- 
leased as a water molecule. The necessary re- 
ducing equivalents are transferred to the actual 
monooxygenase by an FAD-containing auxili- 
ary enzyme from the coenzyme NADPH+H". 

Cyt P450 enzymes occur in numerous 
forms in the liver, steroid-producing glands, 
and other organs. The substrate specificity of 
liver enzymes is low. Apolar compounds con- 
taining aliphatic or aromatic rings are partic- 
ularly easily converted. These include endog- 
enous substances such as steroid hormones, 
as well as medical drugs, which are inacti- 
vated by phase I reactions. This is why Cyt 
P450 enzymes are of particular interest in 
pharmacology. The degradation of ethanol in 
the liver is also partly catalyzed by Cyt P450 
enzymes (the “microsomal ethanol-oxidizing 
system”; see p. 304). As alcohol and drugs are 
broken down by the same enzyme system, 
the effects of alcoholic drinks and medical 
drugs can sometimes be mutually en- 
hancing—even sometimes to the extent of 
becoming life-threatening. 


Only a few examples of the numerous Cyt 
P450-dependent reactions are shown here. 
Hydroxylation of aromatic rings (a) plays a 
central part in the metabolism of medicines 
and steroids. Aliphatic methyl groups can also 
be oxidized to hydroxyl groups (b). Epoxi- 
dation of aromatics (c) by Cyt P450 yields 
products that are highly reactive and often 
toxic. For example, the mutagenic effect of 
benzo[a]pyrene (see p. 244) is based on this 
type of interconversion in the liver. In Cyt 
P450 dependent dealkylations (d), alkyl sub- 
stituents of O, N, or S atoms are released as 
aldehydes. 


B. Reaction mechanism O 


The course of Cyt P450 catalysis is in principle 
well understood. The most important func- 
tion of the heme group consists of converting 
molecular oxygen into an especially reactive 
atomic form, which is responsible for all of the 
reactions described above. 

[1] In the resting state, the heme iron is 
trivalent. Initially, the substrate binds near the 
heme group. 

[2] Transfer of an electron from FADH) re- 
duces the iron to the divalent form that is able 
to bind an Oz molecule (2). 

[3] Transfer of a second electron and a 
change in the valence of the iron reduce the 
bound O3 to the peroxide. 

[4] A hydroxyl ion is now cleaved from this 
intermediate. Uptake of a proton gives rise to 
H,0 and the reactive form of oxygen men- 
tioned above. In this ferryl radical, the iron 
is formally tetravalent. 

[5] The activated oxygen atom inserts itself 
into a C-H bond in the substrate, thereby 
forming an OH group. 

[6] Dissociation of the product returns the 
enzyme to its initial state. 
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Ethanol metabolism 


A. Blood ethanol level @ 


Ethanol (EtOH, “alcohol”) naturally occurs in 
fruit in small quantities. Alcoholic drinks 
contain much higher concentrations. Their 
alcohol content is usually given as percent 
by volume. To estimate alcohol uptake and 
the blood alcohol level, it is useful to convert 
the amount to grams of ethanol (density 
0.79 kg L”'). For example, a bottle of beer 
(0.5L at 4% v/v alcohol) contains 
20 mL = 16 g of ethanol, while a bottle of 
wine (0.7L at 12% v/v alcohol) contains 
84 mL = 66 g ethanol. 

Ethanol is membrane-permeable and is 
quickly resorbed. The maximum blood level 
is already reached within 60-90 min after 
drinking. The resorption rate depends on var- 
ious conditions, however. An empty stomach, 
a warm drink (e.g., mulled wine), and the 
presence of sugar and carbonic acid (e.g., in 
champagne) promote ethanol resorption, 
whereas a heavy meal reduces it. Ethanol is 
rapidly distributed throughout the body. A 
large amount is taken up by the muscles and 
brain, but comparatively little by adipose tis- 
sue and bones. Roughly 70% of the body is 
accessible to alcohol. Complete resorption of 
the ethanol contained in one bottle of beer 
(16 g) by a person weighing 70 kg (distribu- 
tion in 70 kg 70/100 = 49 kg) leads to a 
blood alcohol level of 0.33 per thousand 
(7.2 mM). The lethal concentration of alcohol 
is approximately 3.5 per thousand (76 mM). 


B. Ethanol metabolism 0 


The major site of ethanol degradation is the 
liver, although the stomach is also able to me- 
tabolize ethanol. Most ethanol is initially oxi- 
dized by alcohol dehydrogenase to form etha- 
nal (acetaldehyde). A further oxidization, cata- 
lyzed by aldehyde dehydrogenase, leads to ace- 
tate. Acetate is then converted with the help 
of acetate-CoA ligase to form acetyl CoA, using 
ATP and providing a link to the intermediary 
metabolism. In addition to cytoplasmic alco- 
hol dehydrogenase, catalase and inducible 
microsomal alcohol oxidase (“MEOS”; see 
p. 318) alsocontribute to alesser extent to etha- 
nol degradation. Many of the enzymes men- 
tioned above are induced by ethanol. 


The rate of ethanol degradation in the liver 
is limited by alcohol dehydrogenase activity. 
The amount of NAD” available is the limiting 
factor. As the maximum degradation rate is 
already reached at low concentrations of 
ethanol, the ethanol level therefore declines 
at a constant rate (zero-order kinetics). The 
calorific value of ethanol is 29.4 kJ g~!. Alco- 
holic drinks—particularly in alcoholics—can 
therefore represent a substantial proportion 
of dietary energy intake. 


C. Liver damage due to alcohol 0 


Alcohol is a socially accepted drug of abuse in 
Western countries. Due to the high potential 
for addiction to develop, however, it is ac- 
tually a “hard” drug and has a much larger 
number of victims than the opiate drugs, for 
example. In the brain, ethanol is deposited in 
membranes due to its amphipathic proper- 
ties, and it influences receptors for neuro- 
transmitters (see p. 352). The effect of GABA 
is enhanced, while that of glutamate declines. 

High ethanol consumption over many 
years leads to liver damage. For a healthy 
man, the limit is about 60 g per day, and for 
a woman about 50 g. However, these values 
are strongly dependent on body weight, 
health status, and other factors. 

Ethanol-related high levels of NADH+H* 
and acetyl-CoA in the liver lead to increased 
synthesis of neutral fats and cholesterol. 
However, since the export of these in the 
form of VLDLs (see p. 278) is reduced due to 
alcohol, storage of lipids occurs (fatty liver). 
This increase in the fat content of the liver 
(from less than 5% to more than 50% of the 
dry weight) is initially reversible. However, in 
chronic alcoholism the hepatocytes are in- 
creasingly replaced by connective tissue. 
When liver cirrhosis occurs, the damage to 
the liver finally reaches an irreversible stage, 
characterized by progressive loss of liver 
functions. 
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Kidney: functions 


A. Functions of the kidneys @ 


The kidneys’ main function is excretion of 
water and water-soluble substances (1). This 
is closely associated with their role in regulat- 
ing the body’s electrolyte and acid-base bal- 
ance (homeostasis, 2; see pp.326 and 328). 
Both excretion and homeostasis are subject to 
hormonal control. The kidneys are also in- 
volved in synthesizing several hormones (3; 
see p. 315). Finally, the kidneys also playa role 
in the intermediary metabolism (4), particu- 
larly in amino acid degradation and gluconeo- 
genesis (see p. 154). 

The kidneys are extremely well-perfused 
organs, with about 1500 L of blood flowing 
through them every day. Approximately 180 L 
of primary urine is filtered out of this. Re- 
moval of water leads to extreme concentra- 
tion of the primary urine (to approximately 
one-hundredth of the initial volume). As a 
result, only a volume of 0.5-2.0 L of final 
urine is excreted per day. 


B. Urine formation @ 


The functional unit of the kidney is the neph- 
ron. It is made up of the Malpighian bodies or 
renal corpuscles (consisting of Bowman’s cap- 
sules and the glomerulus), the proximal tu- 
bule, Henle’s loop, and the distal tubule, 
which passes into a collecting duct. The hu- 
man kidney contains around one million 
nephrons. The nephrons form urine in the 
following three phases. 

Ultrafiltration. Ultrafiltration of the blood 
plasma in the glomerulus gives rise to primary 
urine, which is isotonic with plasma. The pores 
in the glomerular basal membrane, which are 
made up of type IV collagen (see p. 344), have 
an effective mean diameter of 2.9 nm. This al- 
lows all plasma components with a molecular 
mass of up to about 15 kDa to pass through 
unhindered. At increasing masses, molecules 
are progressively held back; at masses greater 
than 65 kDa, they are completely unable to 
enter the primary urine. This applies to almost 
all plasma proteins—which in addition, being 
anions, are repelled by the negative charge in 
the basal membrane. 

Resorption. All low-molecular weight 
plasma components enter the primary urine 
via glomerular filtration. Most of these are 


transported back into the blood by resorption, 
to prevent losses of valuable metabolites and 
electrolytes. In the proximal tubule, organic 
metabolites (e.g., glucose and other sugars, 
amino acids, lactate, and ketone bodies) are 
recovered by secondary active transport (see 
p. 220). There are several group-specific 
transport systems for resorbing amino acids, 
with which hereditary diseases can be 
associated (e.g., cystinuria, glycinuria, and 
Hartnup’s disease). HCO3,, Na’, phophate, 
and sulfate are also resorbed by ATP-depend- 
ent (active) mechanisms in the proximal tu- 
bule. The later sections of the nephron mainly 
serve for additional water recovery and regu- 
lated resorption of Na” and CI (see pp. 326, 
328). These processes are controlled by hor- 
mones (aldosterone, vasopressin). 

Secretion. Some excretable substances are 
released into the urine by active transport in 
the renal tubules. These substances include H* 
and K” ions, urea, and creatinine, as well as 
drugs such as penicillin. 

Clearance. Renal clearanceis used as a quan- 
titative measure of renal function. It is defined 
as the plasma volume cleared of a given sub- 
stance per unit of time. Inulin, a fructose poly- 
saccharide with a mass of ca. 6 kDa (see p. 40) 
that is neither actively excreted nor resorbed 
but is freely filtered, has a clearance of 
120mL min‘! in healthy individuals. 


Further information 


Concentrating urine and transporting it 
through membranes are processes that re- 
quire large amounts of energy. The kidneys 
therefore have very high energy demands. In 
the proximal tubule, the ATP needed is ob- 
tained from oxidative metabolism of fatty 
acids, ketone bodies, and several amino acids. 
To a lesser extent, lactate, glycerol, and citric 
acid are also used. In the distal tubule and 
Henle’s loop, glucose is the main substrate 
for the energy metabolism. The endothelial 
cells in the proximal tubule are also capable 
of gluconeogenesis. The substrates for this are 
mainly the carbohydrate skeletons of amino 
acids. Their amino groups are used as ammo- 
nia for buffering urine (see p. 311). Enzymes 
for peptide degradation and the amino acid 
metabolism occur in the kidneys at high lev- 
els of activity (e.g., amino acid oxidases, 
amine oxidases, glutaminase). 
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Urine 
A. Urine 0 


Water and water-soluble compounds are ex- 
creted with the urine. The volume and com- 
position of urine are subject to wide variation 
and depend on food intake, body weight, age, 
sex, and living conditions such as tempera- 
ture, humidity, physical activity, and health 
status. As there is a marked circadian rhythm 
in urine excretion, the amount of urine and its 
composition are usually given relative to a 24- 
hour period. 

A human adult produces 0.5-2.0 L urine 
per day, around 95% of which consists of 
water. The urine usually has a slightly acidic 
pH value (around 5.8). However, the pH value 
of urine is strongly affected by metabolic sta- 
tus. After ingestion of large amounts of plant 
food, it can increase to over 7. 


B. Organic components O 


Nitrogen-containing compounds are among 
the most important organic components of 
urine. Urea, which is mainly synthesized in 
the liver (urea cycle; see p.182), is the form in 
which nitrogen atoms from amino acids are 
excreted. Breakdown of pyrimidine bases also 
produces a certain amount of urea (see 
p. 190). When the nitrogen balance is con- 
stant, as much nitrogen is excreted as is taken 
up (see p. 174), and the amount of urea in the 
urine therefore reflects protein degradation: 
70 g protein in food yields approximately 
30 g urea in the urine. 

Uric acid is the end product of the purine 
metabolism. When uric acid excretion via the 
kidneys is disturbed, gout can develop (see 
p. 190). Creatinine is derived from the muscle 
metabolism, where it arises spontaneously 
and irreversibly by cyclization of creatine 
and creatine phosphate (see p. 336). Since 
the amount of creatinine an individual ex- 
cretes per day is constant (it is directly pro- 
portional to muscle mass), creatinine as an 
endogenous substance can be used to mea- 
sure the glomerular filtration rate. The 
amount of amino acids excreted in free form 
is strongly dependent on the diet and on the 
ef ciency of liver function. Amino acid deriv- 
atives are also found in the urine (e. g., hippu- 
rate, a detoxification product of benzoic acid). 


Modified amino acids, which occur in special 
proteins such as hydroxyproline in collagen 
and 3-methylhistidine in actin and myosin, 
can be used as indicators of the degradation 
of these proteins. 

Other components of the urine are conju- 
gates with sulfuric acid, glucuronic acid, gly- 
cine, and other polar compounds that are 
synthesized in the liver by biotransformation 
(see p. 316). In addition, metabolites of many 
hormones (catecholamines, steroids, seroto- 
nin) also appear in the urine and can provide 
information about hormone production. The 
proteohormone chorionic gonadotropin (hCG, 
mass ca. 36 kDa), which is formed at the onset 
of pregnancy, appears in the urine due to its 
relatively small size. Evidence of hCG in the 
urine provides the basis for an immunological 
pregnancy test. 

The yellow color of urine is due to uro- 
chromes, which are related to the bile pig- 
ments produced by hemoglobin degradation 
(see p. 194). If urine is left to stand long 
enough, oxidation of the urochromes may 
lead to a darkening in color. 


C. Inorganic components O 


The main inorganic components of the urine 
are the cations Na‘, K*, Ca?*, Mg?*, and NH,* 
and the anions Cl-, SO,2", and HPO,”", as well 
as traces of other ions. In total, Na* and Cl- 
represent about two-thirds of all the electro- 
lytes in the final urine. Calcium and magne- 
sium occur in the feces in even larger quanti- 
ties. The amounts of the various inorganic 
components of the urine also depend on the 
composition of the diet. For example, in 
acidosis there can be a marked increase in 
the excretion of ammonia (see p. 326). Excre- 
tion of Na‘, K*, Ca*, and phosphate via the 
kidneys is subject to hormonal regulation (see 
p. 330). 


Further information 


Shifts in the concentrations of the physiolog- 
ical components of the urine and the appear- 
ance of pathological urine components can be 
used to diagnose diseases. Important exam- 
ples are glucose and ketone bodies, which are 
excreted to a greater extent in diabetes 
mellitus (see p. 160). 
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Functions in the acid—base balance 


Along with the lungs, the kidneys are partic- 
ularly involved in keeping the pH value of the 
extracellular fluid constant (see p. 288). The 
contribution made by the kidneys particularly 
involves resorbing HCO3° and actively excret- 
ing protons. 


A. Proton excretion O 


The renal tubule cells are capable of secreting 
protons (H*) from the blood into the urine 
against a concentration gradient, despite the 
fact that the H* concentration in the urine is 
up to a thousand times higher than in the 
blood. To achieve this, carbon dioxide (CO2) 
is taken up from the blood and—together with 
water (H20) and with the help of carbonate 
dehydratase (carbonic anhydrase, [1])—con- 
verted into hydrogen carbonate (“bicarbo- 
nate,” HCO; ) and one H’. Formally, this yields 
carbonic acid H,CO3 as an intermediate, but it 
is not released during the reaction. 

The hydrogen carbonate formed in car- 
bonic anhydrase returns to the plasma, where 
it contributes to the blood’s base reserve. The 
proton is exported into the urine by secondary 
active transport in antiport for Na” (bottom 
right). The driving force for proton excretion, 
as in other secondary active processes, is the 
Na* gradient established by the ATPase in- 
volved in the Na*/K* exchange (“Na‘/K* AT- 
Pase”, see p. 220). This integral membrane 
protein on the basal side (towards the blood) 
of tubule cells keeps the Na* concentration in 
the tubule cell low, thereby maintaining Na* 
inflow. In addition to this secondary active H* 
transport mechanism, there is a V-type H*- 
transporting ATPase in the distal tubule and 
collecting duct (see p. 220). 

An important function of the secreted H* 
ions is to promote HCO3 resorption (top 
right). Hydrogen carbonate, the most impor- 
tant buffering base in the blood, passes into 
the primary urine quantitatively, like all ions. 
In the primary urine, HCO3° reacts with H* 
ions to form water and CO>, which returns 
by free diffusion to the tubule cells and from 
there into the blood. In this way, the kidneys 
also influence the CO3/HCO3° buffering bal- 
ance in the plasma. 


B. Ammonia excretion O 


Approximately 60 mmol of protons are ex- 
creted with the urine every day. Buffering 
systems in the urine catch a large proportion 
of the H* ions, so that the urine only becomes 
weakly acidic (down to about pH 4.8). 

An important buffer in the urine is the 
hydrogen phosphate/dihydrogen phosphate 
system (HPO,?-/H2PO,°). In addition, ammo- 
nia also makes a vital contribution to buffer- 
ing the secreted protons. 

Since plasma concentrations of free am- 
monia are low, the kidneys release NH3 from 
glutamine and other amino acids. At 
0.5-0.7 mM, glutamine is the most important 
amino acid in the plasma and is the preferred 
form for ammonia transport in the blood. The 
kidneys take up glutamine, and with the help 
of glutaminase [4], initially release NH3 from 
the amide bond hydrolytically. From the glu- 
tamate formed, a second molecule of NH3 can 
be obtained by oxidative deamination with 
the help of glutamate dehydrogenase [5] (see 
p. 178). The resulting 2-oxoglutarate is fur- 
ther metabolized in the tricarboxylic acid 
cycle. Several other amino acids—alanine in 
particular, as well as serine, glycine, and 
aspartate—can also serve as suppliers of am- 
monia. 

Ammonia can diffuse freely into the urine 
through the tubule membrane, while the am- 
monium ions that are formed in the urine are 
charged and can no longer return to the cell. 
Acidic urine therefore promotes ammonia ex- 
cretion, which is normally 30-50 mmol per 
day. In metabolic acidosis (e. g., during fasting 
or in diabetes mellitus), after a certain time 
increased induction of glutaminase occurs in 
the kidneys, resulting in increased NH3 excre- 
tion. This in turn promotes H* release and 
thus counteracts the acidosis. By contrast, 
when the plasma pH value shifts towards 
alkaline values (alkalosis), renal excretion of 
ammonia is reduced. 
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328 Tissues and organs 


Electrolyte and water recycling 


A. Electrolyte and water recycling O 


Electrolytes and other plasma components 
with low molecular weights enter the primary 
urine by ultrafiltration (right). Most of these 
substances are recovered by energy-depen- 
dent resorption (see p. 322). The extent of 
the resorption determines the amount that 
ultimately reaches the final urine and is ex- 
creted. The illustration does not take into ac- 
count the zoning of transport processes in the 
kidney (physiology textbooks may be referred 
to for further details). 

Calcium and phosphate ions. Calcium 
(Ca?*) and phosphate ions are almost com- 
pletely resorbed from the primary urine by 
active transport (i.e., in an ATP-dependent 
fashion). The proportion of Ca** resorbed is 
over 99%, while for phosphate the figure is 
80-90%. The extent to which these two elec- 
trolytes are resorbed is regulated by the three 
hormones parathyrin, calcitonin, and calci- 
triol. 

The peptide hormone parathyrin (PTH), 
which is produced by the parathyroid gland, 
stimulates Ca?* resorption in the kidneys and 
at the same time inhibits the resorption of 
phosphate. In conjunction with the effects of 
this hormone in the bones and intestines (see 
p. 344), this leads to an increase in the plasma 
level of Ca?* and a reduction in the level of 
phosphate ions. 

Calcitonin, a peptide produced in the C cells 
of the thyroid gland, inhibits the resorption of 
both calcium and phosphate ions. The result is 
an overall reduction in the plasma level of both 
ions. Calcitonin is thus a parathyrin antago- 
nist relative to Ca*. 

The steroid hormone calcitriol, which is 
formed in the kidneys (see p. 304), stimulates 
the resorption of both calcium and phosphate 
ions and thus increases the plasma level of 
both ions. 

Sodium ions. Controlled resorption of Na~ 
from the primary urine is one of the most 
important functions of the kidney. Na* resorp- 
tion is highly effective, with more than 97% 
being resorbed. Several mechanisms are in- 
volved: some of the Na® is taken up passively 
in the proximal tubule through the junctions 
between the cells (paracellularly). In addition, 
there is secondary active transport together 


with glucose and amino acids (see p. 322). 
These two pathways are responsible for 
60-70% of total Na” resorption. In the ascend- 
ing part of Henle’s loop, there is another 
transporter (shown at the bottom right), 
which functions electroneutrally and takes 
up one Na’ ion and one K’ ion together with 
two Cl ions. This symport is also dependent 
on the activity of Na*/K” ATPase [2], which 
pumps the Na” resorbed from the primary 
urine back into the plasma in exchange for kK”. 

The steroid hormone aldosterone (see 
p. 55) increases Na* reuptake, particularly in 
the distal tubule, while atrial natriuretic 
peptide (ANP) originating from the cardiac 
atrium reduces it. Among other effects, aldo- 
sterone induces Na’/K” ATPase and various 
Na* transporters on the luminal side of the 
cells. 

Water. Water resorption in the proximal 
tubule is a passive process in which water 
follows the osmotically active particles, par- 
ticularly the Na” ions. Fine regulation of water 
excretion (diuresis) takes place in the collect- 
ing ducts, where the peptide hormone vaso- 
pressin (antidiuretic hormone, ADH) operates. 
This promotes recovery of water by stimulat- 
ing the transfer of aquaporins (see p. 220) 
into the plasma membrane of the tubule cells 
via V2 receptors. A lack of ADH leads to the 
disease picture of diabetes insipidus, in which 
up to 30 L of final urine is produced per day. 


B. Gluconeogenesis @ 


Apart from the liver, the kidneys are the only 
organs capable of producing glucose by 
neosynthesis (gluconeogenesis; see p.154). 
The main substrate for gluconeogenesis in 
the cells of the proximal tubule is glutamine. 
In addition, other amino acids and also lac- 
tate, glycerol, and fructose can be used as 
precursors. As in the liver, the key enzymes 
for gluconeogenesis are induced by cortisol 
(see p. 374). Since the kidneys also have a 
high level of glucose consumption, they only 
release very little glucose into the blood. 
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Renal hormones 


A. Renal hormones @ 


In addition to their involvement in excretion 
and metabolism, the kidneys also have endo- 
crine functions. They produce the hormones 
erythropoietin and calcitriol and play a deci- 
sive part in producing the hormone angioten- 
sin Il by releasing the enzyme renin. Renal 
prostaglandins (see p. 390) have a local effect 
on Na’* resorption. 

Calcitriol (vitamin D hormone, 10,25-dihy- 
droxycholecalciferol) is a hormone closely re- 
lated to the steroids that is involved in Ca* 
homeostasis (see p. 342). In the kidney, it is 
formed from calcidiol by hydroxylation at C-1. 
The activity of calcidiol-1-monooxygenase [1 | 
is enhanced by the hormone _ parathyrin 
(PTH). 

Erythropoietin is a peptide hormone that is 
formed predominantly by the kidneys, but 
also by the liver. Together with other factors 
known as “colony-stimulating factors” (CSF; 
see p.392), it regulates the differentiation of 
stem cells in the bone marrow. 

Erythropoietin release is stimulated by hy- 
poxia (low pO). Within hours, the hormone 
ensures that erythrocyte precursor cells in the 
bone marrow are converted to erythrocytes, 
so that their numbers in the blood increase. 
Renal damage leads to reduced erythropoie- 
tin release, which in turn results in anemia. 
Forms of anemia with renal causes can now 
be successfully treated using erythropoietin 
produced by genetic engineering techniques. 
The hormone is also administered to dialysis 
patients. Among athletes and sports profes- 
sionals, there have been repeated cases of 
erythropoietin being misused for doping pur- 
poses. 


B. Renin—angiotensin system @ 


The peptide hormone angiotensin II is not 
synthesized in a hormonal gland, but in the 
blood. The kidneys take part in this process by 
releasing the enzyme renin. 

Renin [2] is an aspartate proteinase (see 
p. 176). It is formed by the kidneys as a pre- 
cursor (prorenin), which is proteolytically 
activated into renin and released into the 
blood. In the blood plasma, renin acts on 
angiotensinogen, a plasma glycoprotein in 


the o,-globulin group (see p. 276), which 
like almost all plasma proteins is synthesized 
in the liver. The decapeptide cleaved off by 
renin is called angiotensin I. Further cleavage 
by peptidyl dipeptidase A (angiotensin-con- 
verting enzyme, ACE), a membrane enzyme 
located on the vascular endothelium in the 
lungs and other tissues, gives rise to the 
octapeptide angiotensin Il [3], which acts as 
a hormone and neurotransmitter. The lifespan 
of angiotensin II in the plasma is only a few 
minutes, as it is rapidly broken down by other 
peptidases (angiotensinases [4]), which occur 
in many different tissues. 

The plasma level of angiotensin II is mainly 
determined by the rate at which renin is re- 
leased by the kidneys. Renin is synthesized by 
juxtaglomerular cells, which release it when 
sodium levels decline or there is a fall in blood 
pressure. 

Effects of angiotensin Il. Angiotensin II has 
effects on the kidneys, brain stem, pituitary 
gland, adrenal cortex, blood vessel walls, and 
heart via membrane-located receptors. It in- 
creases blood pressure by triggering vasocon- 
striction (narrowing of the blood vessels). In 
the kidneys, it promotes the retention of Na 
and water and reduces potassium secretion. 
In the brain stem and at nerve endings in the 
sympathetic nervous system, the effects of 
angiotensin II lead to increased tonicity (neu- 
rotransmitter effect). In addition, it triggers 
the sensation of thirst. In the pituitary gland, 
angiotensin II stimulates vasopressin release 
(antidiuretic hormone) and _ corticotropin 
(ACTH) release. In the adrenal cortex, it in- 
creases the biosynthesis and release of aldo- 
sterone, which promotes sodium and water 
retention in the kidneys. All of the effects of 
angiotensin II lead directly or indirectly to 
increased blood pressure, as well as increased 
sodium and water retention. This important 
hormonal system for blood pressure regula- 
tion can be pharmacologically influenced by 
inhibitors at various points: 

e Using angiotensinogen analogs that inhibit 
renin. 
e Using angiotensin I analogs that competi- 

tively inhibit the enzyme ACE [3]. 

e Using hormone antagonists that block the 
binding of angiotensin II to its receptors. 
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Muscle contraction 


The musculature is what makes movements 
possible. In addition to the skeletal muscles, 
which can be contracted voluntarily, there are 
also the autonomically activated heart muscle 
and smooth muscle, which is also involuntary. 
In all types of muscle, contraction is based on 
an interplay between the proteins actin and 
myosin. 


A. Organization of skeletal muscle 0 


Striated muscle consists of parallel bundles of 
muscle fibers. Each fiber is a single large mul- 
tinucleate cell. The cytoplasm in these cells 
contains myofibrils 2-3 um thick that can ex- 
tend over the full length of the muscle fiber. 

The striation of the muscle fibers is charac- 
teristic of skeletal muscle. It results from the 
regular arrangement of molecules of differing 
density. The repeating contractile units, the 
sarcomeres, are bounded by Z lines from 
which thin filaments of F-actin (see p. 204) 
extend on each side. In the A bands, there 
are also thick parallel filaments of myosin. 
The H bands in the middle of the A bands 
only contain myosin, while only actin is found 
on each size of the Z lines. 

Myosin is quantitatively the most impor- 
tant protein in the myofibrils, representing 
65% of the total. It is shaped like a golf club 
(bottom right). The molecule is a hexamer 
consisting of two identical heavy chains 
(2 x 223 kDa) and four light chains (each 
about 20 kDa). Each of the two heavy chains 
has a globular “head” at its amino end, which 
extends into a “tail” about 150 nm long in 
which the two chains are intertwined to 
form a superhelix. The small subunits are at- 
tached in the head area. Myosin is present as a 
bundle of several hundred stacked molecules 
in the form of a “thick myosin filament.” The 
head portion of the molecule acts as an 
ATPase, the activity of which is modulated 
by the small subunits. 

Actin (42 kDa) is the most important com- 
ponent of the “thin filaments.” It represents ca. 
20-25% of the muscle proteins. F-actin is also 
an important component of the cytoskeleton 
(see p. 204). This filamentous polymer is held 
in equilibrium with its monomer, G-actin. The 
other protein components of muscle include 
tropomyosin and troponin. Tropomyosin 


(64 kDa) attaches to F-actin as a rod-like 
dimer and connects approximately seven ac- 
tin units with each other. The heterotrimer 
troponin (78 kDa) is bound to one end of 
tropomyosin. 

In addition to the above proteins, a number 
of other proteins are also typical of 
muscle—including titin (the largest known 
protein), a-and /f-actinin, desmin, and 
vimentin. 


B. Mechanism of muscle contraction @ 


The sliding filament model describes the 
mechanism involved in muscle contraction. 
In this model, sarcomeres become shorter 
when the thin and thick filaments slide along- 
side each other and telescope together, with 
ATP being consumed. During contraction, the 
following reaction cycle is repeated several 
times: 


[1 ] In the initial state, the myosin heads are 
attached to actin. When ATP is bound, the 
heads detach themselves from the actin (the 
“plasticizing” effect of ATP). 

[2 | The myosin head hydrolyzes the bound 
ATP to ADP and P,, but initially withholds the 
two reaction products. ATP cleavage leads to 
allosteric tension in the myosin head. 

[3 ] The myosin head now forms a new 
bond with a neighboring actin molecule. 

[4 | The actin causes the release of the P;, 
and shortly afterwards release of the ADP as 
well. This converts the allosteric tension in 
the myosin head into a conformational 
change that acts like a rowing stroke. 


The cycle can be repeated for as long as ATP 
is available, so that the thick filaments are 
constantly moving along the thin filaments 
in the direction of the Z disk. Each rowing 
stroke of the 500 or so myosin heads in a thick 
filament produces a contraction of about 
10 nm. During strong contraction, the process 
is repeated about five times per second. This 
leads to the whole complex of thin filaments 
moving together; the H band becomes shorter 
and the Z lines slide closer together. 
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Control of muscle contraction 


A. Neuromuscular junction @ 


Muscle contraction is triggered by motor 
neurons that release the neurotransmitter 
acetylcholine (see p. 352). The transmitter dif- 
fuses through the narrow synaptic cleft and 
binds to nicotinic acetylcholine receptors on 
the plasma membrane of the muscle cell 
(the sarcolemma), thereby opening the ion 
channels integrated into the receptors (see 
p. 222). This leads to an inflow of Na‘, which 
triggers an action potential (see p. 350) in the 
sarcolemma. The action potential propagates 
from the end plate in all directions and con- 
stantly stimulates the muscle fiber. With a 
delay of a few milliseconds, the contractile 
mechanism responds to this by contracting 
the muscle fiber. 


B. Sarcoplasmic reticulum (SR) ® 


The action potential (A) produced at the neu- 
romuscular junction is transferred in the 
muscle cell into a transient increase in the 
Ca?* concentration in the cytoplasm of the 
muscle fiber (the sarcoplasm). 

In the resting state, the Ca** level in the 
sarcoplasm is very low (less than 107’ M). By 
contrast, the sarcoplasmic reticulum (SR), 
which corresponds to the ER, contains Cart 
ions at a concentration of about 10° M. The 
SR is a branched organelle that surrounds the 
myofibrils like a net stocking inside the 
muscle fibers (illustrated at the top using 
the example of a heart muscle cell). The high 
Ca?* level in the SR is maintained by Ca?*- 
transporting ATPases (see p. 220). In addition, 
the SR also contains calsequestrin, a protein 
(55 kDa) that is able to bind numerous Ca?* - 
ions via acidic amino acid residues. 

The transfer of the action potential to the SR 
is made possible by transverse tubules (T tu- 
bules), which are open to the extracellular space 
and establish a close connection with the SR. 
There is a structure involved in the contact be- 
tween the T tubule and the SR that was formerly 
known as the “SR foot” (it involves parts of the 
ryanodine receptor; see p. 386). 

At the point of contact with the SR, the 
action potential triggers the opening of the 
Ca** channels on the surface of the sarco- 
lemma. Calcium ions then leave the SR and 


enter the sarcoplasm, where they lead to a 
rapid increase in Ca?* concentrations. This in 
turn causes the myofibrils to contract (C). 


C. Regulation by calcium ions ® 


In relaxed skeletal muscle, the complex con- 
sisting of troponin and tropomyosin blocks 
the access of the myosin heads to actin (see 
p. 332). Troponin consists of three different 
subunits (T, C, and 1). The rapid increase in 
cytoplasmic Ca?* concentrations caused by 
opening of the calcium channels in the SR 
leads to binding of Ca?* to the C subunit of 
troponin, which closely resembles calmodulin 
(see p. 386). This produces a conformational 
change in troponin that causes the whole tro- 
ponin-tropomyosin complex to slip slightly 
and expose a binding site for myosin (red). 
This initiates the contraction cycle. After con- 
traction, the sarcoplasmic Ca** concentration 
is quickly reduced again by active transport 
back into the SR. This results in troponin los- 
ing the bound Ca" ions and returning to the 
initial state, in which the binding site for my- 
osin on actin is blocked. It is not yet clear 
whether the mechanism described above is 
the only one that triggers binding of myosin 
to actin. 


When triggering of contraction in striated 

muscle occurs, the following sequence of 

processes thus takes place: 

1. The sarcolemma is depolarized. 

2. The action potential is signaled to Ca?* 
channels in the SR. 

3. The Ca?* channels open and the Ca”* level 
in the sarcoplasm increases. 

4. Ca** binds to troponin C and triggers a 
conformational change. 

5. Troponin causes tropomyosin to slip, and 
the myosin heads bind to actin. 

6. The actin-myosin cycle takes place and the 
muscle fibers contract. 


Conversely, at the end of contraction, the fol- 

lowing processes take place: 

1. The Ca?* level in the sarcoplasm declines 
due to transport of Ca?* back into the SR. 

2. Troponin C loses Ca?* and tropomyosin re- 
turns to its original position on the actin 
molecule. 

3. The actin-myosin cycle stops and the 
muscle relaxes. 
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Muscle metabolism | 


Muscle contraction is associated with a high 
level of ATP consumption (see p. 332). With- 
out constant resynthesis, the amount of ATP 
available in the resting state would be used up 
in less than 1 s of contraction. 


A. Energy metabolism in the white and red 
muscle fibers ® 


Muscles contain two types of fibers, the pro- 
portions of which vary from one type of 
muscle to another. Red fibers (type I fibers) 
are suitable for prolonged effort. Their metab- 
olism is mainly aerobic and therefore depends 
on an adequate supply of Oz. White fibers 
(type II fibers) are better suited for fast, strong 
contractions. These fibers are able to form 
suf cient ATP even when there is little O, 
available. With appropriate training, athletes 
and sports participants are able to change the 
proportions of the two fiber types in the mus- 
culature and thereby prepare themselves for 
the physiological demands of their disciplines 
in a targeted fashion. The expression of func- 
tional muscle proteins can also change during 
the course of training. 

Red fibers provide for their ATP require- 
ments mainly (but not exclusively) from fatty 
acids, which are broken down via B-oxidation, 
the tricarboxylic acid cycle, and the respira- 
tory chain (right part of the illustration). The 
red color in these fibers is due to the mono- 
meric heme protein myoglobin, which they 
use as an O> reserve. Myoglobin has a much 
higher af nity for Oz than hemoglobin and 
therefore only releases its O2 when there is 
a severe drop in O, partial pressure 
(cf. p. 282). 

At a high level of muscular effort—e.g., 
during weightlifting or in very fast contrac- 
tions such as those carried out by the eye 
muscles—the Oz supply from the blood 
quickly becomes inadequate to maintain the 
aerobic metabolism. White fibers (left part of 
the illustration) therefore mainly obtain ATP 
from anaerobic glycolysis. They have supplies 
of glycogen from which they can quickly re- 
lease glucose-1-phosphate when needed (see 
p. 156). By isomerization, this gives rise to 
glucose-6-phosphate, the substrate for glycol- 
ysis. The NADH+H* formed during glycolysis 
has to be reoxidized into NAD” in order to 


maintain glucose degradation and thus ATP 
formation. If there is a lack of Oy, this is 
achieved by the formation of lactate, which 
is released into the blood and is resynthesized 
into glucose in the liver (Cori cycle; see 
p. 338). 

Muscle-specific auxiliary reactions for ATP 
synthesis exist in order to provide additional 
ATP in case of emergency. Creatine phosphate 
(see B) acts as a buffer for the ATP level. 
Another ATP-supplying reaction is catalyzed 
by adenylate kinase [1] (see also p.72). This 
disproportionates two molecules of ADP into 
ATP and AMP. The AMP is deaminated into 
IMP in a subsequent reaction [2] in order to 
shift the balance of the reversible reaction [1] 
in the direction of ATP formation. 


B. Creatine metabolism 0 


Creatine (N-methylguanidoacetic acid) and its 
phosphorylated form creatine phosphate 
(a guanidophosphate) serve as an ATP buffer 
in muscle metabolism. In creatine phosphate, 
the phosphate residue is at a similarly high 
chemical potential as in ATP and is therefore 
easily transferred to ADP. Conversely, when 
there is an excess of ATP, creatine phosphate 
can arise from ATP and creatine. Both proce- 
sses are catalyzed by creatine kinase [5]. 

In resting muscle, creatine phosphate 
forms due to the high level of ATP. If there is 
a risk of a severe drop in the ATP level during 
contraction, the level can be maintained for a 
short time by synthesis of ATP from creatine 
phosphate and ADP. In a nonenzymatic reac- 
tion [6], small amounts of creatine and crea- 
tine phosphate cyclize constantly to form cre- 
atinine, which can no longer be phosphory- 
lated and is therefore excreted with the urine 
(see p. 324). 

Creatine does not derive from the muscles 
themselves, but is synthesized in two steps in 
the kidneys and liver (left part of the illustra- 
tion). Initially, the guanidino group of argi- 
nine is transferred to glycine in the kidneys, 
yielding guanidino acetate [3]. In the liver, 
N-methylation of guanidino acetate leads to 
the formation of creatine from this [4]. The 
coenzyme in this reaction is S-adenosyl methi- 
onine (SAM; see p. 110). 
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Muscle metabolism II 


A. Cori and alanine cycle 0 


White muscle fibers (see p. 336) mainly ob- 
tain ATP from anaerobic glycolysis—i.e., they 
convert glucose into lactate. The lactate aris- 
ing in muscle and, in smaller quantities, its 
precursor pyruvate are released into the 
blood and transported to the liver, where lac- 
tate and pyruvate are resynthesized into glu- 
cose again via gluconeogenesis, with ATP being 
consumed in the process (see p. 154). The 
glucose newly formed by the liver returns 
via the blood to the muscles, where it can be 
used as an energy source again. This circula- 
tion system is called the Cori cycle, after the 
researchers who first discovered it. There is 
also a very similar cycle for erythrocytes, 
which do not have mitochondria and there- 
fore produce ATP by anaerobic glycolysis (see 
p. 284). 

The muscles themselves are not capable of 
gluconeogenesis. Nor would this be useful, as 
gluconeogenesis requires much more ATP 
than is supplied by glycolysis. As O2 deficien- 
cies do not arise in the liver even during in- 
tensive muscle work, there is always suf - 
cient energy there available for gluconeogen- 
esis. 

There is also a corresponding circulation 
system for the amino acid alanine. The alanine 
cycle in the liver not only provides alanine as 
a precursor for gluconeogenesis, but also 
transports to the liver the amino nitrogen 
arising in muscles during protein degrada- 
tion. In the liver, it is incorporated into urea 
for excretion. 

Most of the amino acids that arise in 
muscle during proteolysis are converted into 
glutamate and 2-oxo acids by transamination 
(not shown; cf.p.180). Again by transamina- 
tion, glutamate and pyruvate give rise to ala- 
nine, which after glutamine is the second im- 
portant form of transport for amino nitrogen 
in the blood. In the liver, alanine and 2-oxo- 
glutarate are resynthesized into pyruvate and 
glutamate (see p. 178). Glutamate supplies 
the urea cycle (see p. 182), while pyruvate is 
available for gluconeogenesis. 


B. Protein and amino acid metabolism O 


The skeletal muscle is the most important site 
for degradation of the branched-chain amino 
acids (Val, Leu, Ile; see p. 414), but other amino 
acids are also broken down in the muscles. 
Alanine and glutamine are resynthesized 
from the components and released into the 
blood. They transport the nitrogen that arises 
during amino acid breakdown to the liver 
(alanine cycle; see above) and to the kidneys 
(see p. 328). 

During periods of hunger, muscle proteins 
serve as an energy reserve for the body. They 
are broken down into amino acids, which are 
transported to the liver. In the liver, the car- 
bon skeletons of the amino acids are con- 
verted into intermediates in the tricarboxylic 
acid cycle or into acetoacetyl-CoA (see p. 175). 
These amphibolic metabolites are then avail- 
able to the energy metabolism and for gluco- 
neogenesis. After prolonged starvation, the 
brain switches to using ketone bodies in order 
to save muscle protein (see p. 356). 

The synthesis and degradation of muscle 
proteins are regulated by hormones. Cortisol 
leads to muscle degradation, while testo- 
sterone stimulates protein formation. Syn- 
thetic anabolics with a testosterone-like ef- 
fect have repeatedly been used for doping 
purposes or for intensive muscle-building. 


Further information 


Smooth muscle differs from skeletal muscle in 
various ways. Smooth muscles—which are 
found, for example, in blood vessel walls 
and in the walls of the intestines—do not 
contain any muscle fibers. In smooth-muscle 
cells, which are usually spindle-shaped, the 
contractile proteins are arranged in a less reg- 
ular pattern than in striated muscle. Contrac- 
tion in this type of muscle is usually not 
stimulated by nerve impulses, but occurs in 
a largely spontaneous way. Ca?* (in the form 
of Ca**-calmodulin; see p.386) also activates 
contraction in smooth muscle; in this case, 
however, it does not affect troponin, but acti- 
vates a protein kinase that phosphorylates the 
light chains in myosin and thereby increases 
myosin’s ATPase activity. Hormones such as 
epinephrine and angiotensin II (see p. 330) 
are able to influence vascular tonicity in this 
way, for example. 
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340 Tissues and organs 


Bone and teeth 


The family of connective-tissue cells includes 
fibroblasts, chondrocytes (cartilage cells), and 
osteoblasts (bone-forming cells). They are spe- 
cialized to secrete extracellular proteins, par- 
ticularly collagens, and mineral substances, 
which they use to build up the extracellular 
matrix (see p. 346). By contrast, osteoclasts 
dissolve bone matter again by secreting H* 
and collagenases (see p. 342). 


A. Bone 0 


Bone is an extremely dense, specialized form 
of connective tissue. In addition to its suppor- 
tive function, it serves to store calcium and 
phosphate ions. In addition, blood cells are 
formed in the bone marrow. The most impor- 
tant mineral component of bone is apatite, a 
form of crystalline calcium phosphate. 

Apatites are complexes of cationic Ca?* 
matched by HPO,?-, CO37, OH, or F as 
anions. Depending on the counter-ion, apatite 
can occur in the forms carbonate apatite 
Cajo(PO4)6CO3, as hydroxyapatite Cajo(PO4)¢ 
(OH), or fluoroapatite Cajo(PO4)¢F2. In addi- 
tion, alkaline earth carbonates also occur in 
bone. In adults, more than 1 kg calcium is 
stored in bone. 

Osteoblast and osteoclast activity is con- 
stantly incorporating Ca?* into bone and re- 
moving it again. There are various hormones 
that regulate these processes: calcitonin in- 
creases deposition of Ca’* in the bone matrix, 
while parathyroid hormone (PTH) promotes 
the mobilization of Ca2*, and calcitriol im- 
proves mineralization (for details, see p. 342). 

The most important organic components of 
bone are collagens (mainly type I; see p. 344) 
and proteoglycans (see p. 346). These form 
the extracellular matrix into which the apa- 
tite crystals are deposited (biomineralization). 
Various proteins are involved in this not yet 
fully understood process of bone formation, 
including collagens and phosphatases. Alka- 
line phosphatase is found in osteoblasts and 
acid phosphatase in osteoclasts. Both of these 
enzymes serve as marker enzymes for bone 
cells. 


B. Teeth O 


The illustration shows a longitudinal section 
through an incisor, one of the 32 permanent 
teeth in humans. The majority of the tooth 
consists of dentine. The crown of the tooth 
extends beyond the gums, and it is covered in 
enamel. By contrast, the root of the tooth is 
coated in dental cement. 

Cement, dentin, and enamel are bone-like 
substances. The high proportion of inorganic 
matter they contain (about 97% in the dental 
enamel) gives them their characteristic hard- 
ness. The organic components of cement, 
dentin, and enamel mainly consist of collagens 
and proteoglycans; their most important min- 
eral component is apatite, as in bone (see 
above). 

A widespread form of dental disease, ca- 
ries, is caused by acids that dissolve the min- 
eral part of the teeth by neutralizing the neg- 
atively charged counter-ions in apatite (see 
A). Acids occur in food, or are produced by 
microorganisms that live on the surfaces of 
the teeth (e.g., Streptococcus mutans). 

The main product of anaerobic degradation 
of sugars by these organisms is lactic acid. 
Other products of bacterial carbohydrate me- 
tabolism include extracellular dextrans (see 
p. 40)—insoluble polymers of glucose that 
help bacteria to protect themselves from their 
environment. Bacteria and dextrans are com- 
ponents of dental plaque, which forms on in- 
adequately cleaned teeth. When Ca?" salts 
and other minerals are deposited in plaque 
as well, tartar is formed. 

The most important form of protection 
against caries involves avoiding sweet sub- 
stances (foods containing saccharose, glucose, 
and fructose). Small children in particular 
should not have very sweet drinks freely 
available to them. Regular removal of plaque 
by cleaning the teeth and hardening of the 
dental enamel by fluoridization are also im- 
portant. Fluoride has a protective effect be- 
cause fluoroapatite (see A) is particularly re- 
sistant to acids. 
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342 Tissues and organs 


Calcium metabolism 


A. Functions of calcium @ 


The human body contains 1-1.5 kg Ca**, most 
of which (about 98%) is located in the mineral 
substance of bone (see p. 362). 

In addition to its role as a bone component, 
calcium functions as a signaling substance. 
Ca?* ions act as second messengers in signal 
transduction pathways (see p. 386), they 
trigger exocytosis (see p. 228) and muscle 
contraction (see p. 334), and they are indis- 
pensable as cofactors in blood coagulation (see 
p. 290). Many enzymes also require Ca?* for 
their activity. The intracellular and extracel- 
lular concentrations of Ca?* are strictly regu- 
lated in order to make these functions possi- 
ble (see B, C, and p. 388). 

Proteins bind Ca2* via oxygen ligands, par- 
ticularly carboxylate groups and carbonyl 
groups of peptide bonds. This also applies to 
the structure illustrated here, in which a Ca?* 
ion is coordinated by the oxygen atoms of 
carboxylate and acid amide groups. 


B. Bone remodeling ® 


Deposition of Ca?* in bone (mineralization) 
and Ca?* mobilization from bone are regu- 
lated by at least 15 hormones and hormone- 
like signaling substances. These mainly influ- 
ence the maturation and activity of bone cells. 

Osteoblasts (top) deposit collagen, as well 
as Ca** and phosphate, and thereby create 
new bone matter, while osteoclasts (bottom) 
secrete H® ions and collagenases that locally 
dissolve bone (bone remodeling). Osteoblasts 
and osteoclasts mutually activate each other 
by releasing cytokines (see p. 392) and 
growth factors. This helps keep bone forma- 
tion and bone breakdown in balance. 

The Ca?*-selective hormones calcitriol, par- 
athyroid hormone, and calcitonin influence 
this interaction in the bone cells. Parathyroid 
hormone promotes Ca”* release by promoting 
the release of cytokines by osteoblasts. In 
turn, the cytokines stimulate the develop- 
ment of mature osteoclasts from precursor 
cells (bottom). Calcitonin inhibits this process. 
At the same time, it promotes the develop- 
ment of osteoblasts (top). Osteoporosis, which 
mainly occurs in women following the men- 
opause, is based (at least in part) on a reduc- 


tion in estrogen levels. Estrogens normally 
inhibit the stimulation of osteoclast differen- 
tiation by osteoblasts. If the effects of estrogen 
decline, the osteoclasts predominate and ex- 
cess bone removal occurs. 

The effects of the steroid hormone calcitriol 
(see p. 330) in bone are complex. On the one 
hand, it promotes bone formation by stimu- 
lating osteoblast differentiation (top). This is 
particularly important in small children, in 
whom calcitriol deficiency can lead to miner- 
alization disturbances (rickets; see p.364). On 
the other hand, calcitriol increases blood Ca?* 
levels through increased Ca?* mobilization 
from bone. An overdose of vitamin D (chole- 
calciferol), the precursor of calcitriol, can 
therefore have unfavorable effects on the 
skeleton similar to those of vitamin deficiency 
(hypervitaminosis; see p. 364). 


C. Calcium homeostasis O 


Ca** metabolism is balanced in healthy adults. 
Approximately 1g Ca?* is taken up per day, 
about 300 mg of which is resorbed. The same 
amount is also excreted again. The amounts of 
Ca?* released from bone and deposited in it 
per day are much smaller. Milk and milk prod- 
ucts, especially cheese, are particularly rich in 
calcium. 

Calcitriol and parathyroid hormone, on the 
one hand, and calcitonin on the other, ensure 
a more or less constant level of Ca?* in the 
blood plasma and in the extracellular space 
(80-110 mg 2.0-2.6 mM). The peptide para- 
thyroid hormone (PTH; 84 AA) and the steroid 
calcitriol (see p. 374) promote direct or indi- 
rect processes that raise the Ca** level in 
blood. Calcitriol increases Ca** resorption in 
the intestines and kidneys by inducing trans- 
porters. Parathyroid hormone supports these 
processes by stimulating calcitriol biosynthe- 
sis in the kidneys (see p. 330). In addition, it 
directly promotes resorption of Ca?* in the 
kidneys (see p. 328) and Ca2* release from 
bone (see B). The PTH antagonist calcitonin 
(32 AA) counteracts these processes. 
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344 Tissues and organs 


Collagens 


Collagens are quantitatively the most abun- 
dant of animal proteins, representing 25% of 
the total. They form insoluble tensile fibers 
that occur as structural elements of the ex- 
tracellular matrix and connective tissue 
throughout the body. Their name (which lit- 
erally means “glue-producers”) is derived 
from the gelatins that appear as a decompo- 
sition product when collagen is boiled. 


A. Structure of collagens 0 


Nineteen different collagens are now known, 
and they are distinguished using roman nu- 
merals. They mostly consist of a dextro- 
rotatory triple helix made up of three poly- 
peptides (a-chains) (see p. 70). 

The triplet Gly-X-Y is constantly repeated in 
the sequence of the triple-helical regions— 
i.e., every third amino acid in such sequences 
is a glycine. Proline (Pro) is frequently found in 
positions X or Y; the Y position is often occu- 
pied by 4-hydroxyproline (4Hyp), although 
3-hydroxyproline (3Hyp) and 5-hydroxylysine 
(5Hyl) also occur. These hydroxylated amino 
acids are characteristic components of colla- 
gen. They are only produced after protein 
biosynthesis by hydroxylation of the amino 
acids in the peptide chain (see p. 62). 

The formation of Hyp and Hyl residues in 
procollagen is catalyzed by iron-containing 
oxygenases (“proline and lysine hydrox- 
ylase,” EC 1.14.11.1/2). Ascorbate is required 
to maintain their function. Most of the symp- 
toms of the vitamin C deficiency disease 
scurvy (see p. 368) are explained by disturbed 
collagen biosynthesis. 

The hydroxyproline residues stabilize the 
triple helix by forming hydrogen bonds be- 
tween the o-chains, while the hydroxyl 
groups of hydroxylysine are partly glycosy- 
lated with a disaccharide (-—Glc-Gall). 

The various types of collagen consist of 
different combinations of a-chains (a1 to a3 
and other subtypes). Types I, II, and III repre- 
sent 90% of collagens. The type | collagen 
shown here has the structure [o1(I)]2a2(1). 

Numerous tropocollagen molecules (mass 
285 kDa, length 400 nm) aggregate extracell- 
ularly into a defined arrangement, forming 
cylindrical fibrils (20-500 nm in diameter). 
Under the electron microscope, these fibrils 


are seen to have a characteristic banding pat- 
tern of elements that are repeated every 
64-67 nm. 

Tropocollagen molecules are firmly linked 
together, particularly at their ends, by cova- 
lent networks of altered lysine side chains. 
The number of these links increases with 
age. Type IV collagens form networks with a 
defined mesh size. The size-selective filtering 
effect of the basal membranes in the renal 
glomeruli is based on this type of structure 
(see p. 322). 


B. Biosynthesis ® 


The precursor molecule of collagen (prepro- 
collagen), formed in the rER, is subject to 
extensive post-translational modifications 
(see p. 232) in the ER and Golgi apparatus. 

Cleavage of the signal peptide gives rise to 
procollagen, which still carries large propep- 
tides at each end [1]. During this phase, most 
proline residues and some lysine residues of 
procollagen are hydroxylated [2]. The procol- 
lagen is then glycosylated at hydroxylysine 
residues [3]. Intramolecular and intermolecu- 
lar disulfide bonds form in the propeptides 
[4], allowing correct positioning of the pep- 
tide strands to form a triple helix [5]. It is only 
after these steps have been completed that 
procollagen is secreted into the extracellular 
space by exocytosis. This is where the N- and 
C-terminal propeptides are removed proteo- 
lytically [6], allowing the staggered aggrega- 
tion of the tropocollagen molecules to form 
fibrils [7]. Finally, several e-amino groups in 
lysine residues are oxidatively converted into 
aldehyde groups [8]. Covalent links between 
the molecules then form as a result of con- 
densation [9]. In this way, the fibrils reach 
their final structure, which is characterized 
by its high tensile strength and proteinase re- 
sistance. 
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Extracellular matrix 


A. Extracellular matrix ® 


The space between the cells (the interstitium) 
is occupied by a substance with a complex 
composition known as the extracellular 
matrix (ECM). In many types of tissue—e. g., 
muscle and liver—the ECM is only a narrow 
border between the cells, while in others it 
forms a larger space. In connective tissue, 
cartilage, and bone, the ECM is particularly 
strongly marked and is actually the functional 
part of the tissue (see p. 340). The illustration 
shows the three main constituents of the ex- 
tracellular matrix in a highly schematic way: 
collagen fibers, network-forming adhesive 
proteins, and space-filling proteoglycans. 

The ECM has a very wide variety of func- 
tions: it establishes mechanical connections 
between cells; it creates structures with spe- 
cial mechanical properties (as in bone, carti- 
lage, tendons, and joints); it creates filters 
(e.g., in the basal membrane in the renal cor- 
puscles; see p. 322); it separates cells and tis- 
sues from each other (e.g., to allow the joints 
to move freely); and it provides pathways to 
guide migratory cells (important for embry- 
onic development). The chemical composi- 
tion of the ECM is just as diverse as its func- 
tions. 

Collagens (see p. 344), of which there are 
at least 19 different varieties, form fibers, fi- 
brils, networks, and ligaments. Their charac- 
teristic properties are tensile strength and 
flexibility. Elastin is a fiber protein with a 
high degree of elasticity. 

Adhesive proteins provide the connections 
between the various components of the ex- 
tracellular matrix. Important representatives 
include laminin and fibronectin (see B). These 
multifunctional proteins simultaneously bind 
to several other types of matrix component. 
Cells attach to the cell surface receptors in the 
ECM with the help of the adhesive proteins. 

Due to their polarity and negative charge, 
proteoglycans (see C) bind water molecules 
and cations. As a homogeneous “cement,” 
they fill the gaps between the ECM fibers. 


B. Fibronectins O 


Fibronectins are typical representatives of 
adhesive proteins. They are filamentous 
dimers consisting of two related peptide 
chains (each with a mass of 250 kDa) linked 
to each other by disulfide bonds. The fibro- 
nectin molecules are divided into different 
domains, which bind to cell-surface receptors, 
collagens, fibrin, and various proteoglycans. 
This is what gives fibronectins their “molec- 
ular glue” characteristics. 

The domain structure in fibronectins is 
made up of a few types of peptide module 
that are repeated numerous times. Each of 
the more than 50 modules is coded for by 
one exon in the fibronectin gene. Alternative 
splicing (see p. 246) of the hnRNA transcript of 
the fibronectin gene leads to fibronectins with 
different compositions. The module that cau- 
ses adhesion to cells contains the characteristic 
amino acid sequence -Arg-Gly-Asp-Ser-. It is 
these residues that enable fibronectin to bind 
to cell-surface receptors, known as integrins. 


C. Proteoglycans ® 


Proteoglycans are giant molecule complexes 
consisting of carbohydrates (95%) and pro- 
teins (5%), with masses of up to 2. 10° Da. 
Their bottlebrush-shaped structure is pro- 
duced by an axis consisting of hyaluronate. 
This thread-like polysaccharide (see p. 44) 
has proteins attached to it, from which in 
turn long polysaccharide chains emerge. Like 
the central hyaluronate, these terminal poly- 
saccharides belong to the glycosaminoglycan 
group (see p. 44). 

The glycosaminoglycans are made up of 
repeating disaccharide units, each of which 
consists of one uronic acid (glucuronic acid 
or iduronic acid) and one amino sugar (N- 
acetylglucosamine or N-acetylgalactosamine) 
(see p. 38). Many of the amino sugars are also 
esterified with sulfuric acid (sulfated), further 
increasing their polarity. The proteoglycans 
bind large amounts of water and fill the 
gaps between the fibrillar components of 
the ECM in the form of a hydrated gel. This 
inhibits the spread of pathogens in the ECM, 
for example. 
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Signal transmission in the CNS 


A. Structure of nerve cells @ 


Nerve cells (neurons) are easily excitable cells 
that produce electrical signals and can react to 
such signals as well. Their structure is mark- 
edly different from that of other types of cell. 
Numerous branching processes project from 
their cell body (soma). Neurons are able to 
receive signals via dendrites and to pass 
them on via axons. The axons, which can be 
up to 1 m long, are usually surrounded by 
Schwann cells, which cover them with a 
lipid-rich myelin sheath to improve their 
electrical insulation. 

The transfer of stimuli occurs at the 
synapses, which link the individual neurons 
to each other as well as linking neurons func- 
tionally to muscle fibers. Neurotransmitters 
(see p. 352) are stored in the axonal nerve 
endings. These signaling substances are re- 
leased in response to electrical signals in or- 
der to excite neighboring neurons (or muscle 
cells). It is estimated that each neuron in the 
brain is in contact via synapses with approx- 
imately 10 000 other neurons. 

There is a noticeably high proportion of 
lipids in the composition of nerve cells, rep- 
resenting about 50% of their dry weight. In 
particular, there is a very wide variety of 
phospholipids, glycolipids, and sphingolipids 
(see p. 216). 


B. Neurotransmitters and neurohormones O 


Neurosecretions are classed into two groups: 
neurotransmitters are released into the syn- 
aptic cleft in order to influence neighboring 
cells (C). They have a short range and a short 
lifespan. By contrast, neurohormones are re- 
leased into the blood, allowing them to cover 
larger distances. However, the distinction be- 
tween the two groups is a fluid one; some 
neurotransmitters simultaneously function 
as neurohormones. 


C. Synaptic signal transmission @ 


All chemical synapses function according to a 
similar principle. In the area of the synapse, 
the surface of the signaling cell (presynaptic 
membrane) is separated from the surface of 
the receiving cell (postsynaptic membrane) 


only by a narrow synaptic cleft. When an ac- 
tion potential (see p. 350) reaches the presyn- 
aptic membrane, voltage-gated Ca** channels 
integrated into the membrane open and 
trigger exocytosis of the neurotransmitter 
stored in the presynaptic cell (for details, see 
p. 228). 

Each neuron usually releases only one type 
of neurotransmitter. Neurons that release 
dopamine are referred to as “dopaminergic,” 
for example, while those that release acetyl- 
choline are “cholinergic,” etc. The transmit- 
ters that are released diffuse through the 
synaptic cleft and bind on the other side to 
receptors on the postsynaptic membrane. 
These receptors are integral membrane pro- 
teins that have binding sites for neurotrans- 
mitters on their exterior (see p. 224). 

The receptors for neurotransmitters are 
divided into two large groups according to 
the effect produced by binding of the trans- 
mitter (for details, see p. 354). 

lonotropic receptors (bottom left) are 
ligand-gated ion channels. When they open 
as a result of the transmitter’s influence, 
ions flow in due to the membrane potential 
(see p. 126). If the inflowing ions are cations 
(Na‘, K*, Ca?*), depolarization of the mem- 
brane occurs and an action potential is trig- 
gered on the surface of the postsynaptic cell. 
This is the way in which stimulatory trans- 
mitters work (e.g., acetylcholine and gluta- 
mate). By contrast, if anions flow in (mainly 
Cl"), the result is hyperpolarization of the 
postsynaptic membrane, which makes the 
production of a postsynaptic action potential 
more dif cult. The action of inhibitory trans- 
mitters such as glycine and GABA is based on 
this effect. 

A completely different type of effect is ob- 
served in metabotropic receptors (bottom 
right). After binding of the transmitter, these 
interact on the inside of the postsynaptic 
membrane with G proteins (see p. 384), which 
in turn activate or inhibit the synthesis of 
second messengers. Finally, second messen- 
gers activate or inhibit protein kinases, which 
phosphorylate cellular proteins and thereby 
alter the behavior of the postsynaptic cells 
(signal transduction; see p. 386). 
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Resting potential and action 
potential 


A. Resting potential ® 


A characteristic property of living cells is the 
uneven distribution of positively and nega- 
tively charged ions on the inside and outside 
of the plasma membrane. This gives rise to a 
membrane potential (see p. 126)—i.e., there is 
electrical voltage between the two sides of 
the membrane, which can only balance out 
when ion channels allow the unevenly distrib- 
uted ions to move. 

At rest, the membrane potential in most 
cells is -60 to -90 mV. It mainly arises from 
the activity of Na’/K” transporting ATPase 
(“Na‘*/K* ATPase”), which occurs on practically 
all animal cells. Using up ATP, this P-type 
enzyme (see p. 220) “pumps” three Na” ions 
out of the cell in exchange for two Kk” ions. 
Some of the K* ions, following the concentra- 
tion gradient, leave the cell again through 
potassium channels. As the protein anions 
that predominate inside the cell cannot fol- 
low them, and inflow of Cl” ions from the 
outside is not possible, the result is an excess 
of positive charges outside the cell, while 
anions predominate inside it. 

An equilibrium potential exists for each of 
the ions involved. This is the value of the 
membrane potential at which there is no net 
inflow or outflow of the ions concerned. For 
K’ ions, the resting potential lies in the range 
of the membrane potential, while for Na* ions 
it is much higher at +70 mV. At the first op- 
portunity, Na* ions will therefore spontane- 
ously flow into the cell. The occurrence of 
action potentials is based on this (see B). 

Nerve cell membranes contain ion chan- 
nels for Na’, K*, Cl”, and Ca2*. These channels 
are usually closed and open only briefly to let 
ions pass through. They can be divided into 
channels that are regulated by membrane po- 
tentials (“voltage-gated”—e.g., fast Na” chan- 
nels; see p.222) and those regulated by 
ligands (“ligand-gated”—e. g., nicotinic acetyl- 
choline receptors; see p. 222). 


B. Action potential ® 


Action potentials are special signals that are 
used to transmit information in the nervous 
system. They are triggered by chemical stim- 


uli (or more rarely electrical stimuli). Binding 
of a neurotransmitter to an ionotropic recep- 
tor results in a brief local increase in the 
membrane potential from -60 mV to about 
+30 mV. Although the membrane potential 
quickly returns to the initial value within a 
few milliseconds (ms) at its site of origin, the 
depolarization is propagated because neigh- 
boring membrane areas are activated during 
this time period. 

[1] The process starts with the opening of 
voltage-gated Na* channels (see p. 222). Due 
to their high equilibrium potential (see A), Na* 
ions flow into the cell and reverse the local 
membrane potential (depolarization). 

[2] The Na” channels immediately close 
again, so that the inflow of positive charges 
is only very brief. 

[3] Due to the increase in the membrane 
potential, voltage-dependent kK” channels 
open and K" ions flow out. In addition, Na‘/ 
K* ATPase (see A) pumps the Na+ ions that 
have entered back out again. This leads to 
repolarization of the membrane. 

[4] The two processes briefly lead to the 
charge even falling below the resting poten- 
tial (hyperpolarization). The K* channels also 
close after a few milliseconds. The nerve cell 
is then ready for re-stimulation. 

Generally, it is always only a very small 
part of the membrane that is depolarized dur- 
ing an action potential. The process can there- 
fore be repeated again after a short refractory 
period, when the nerve cell is stimulated 
again. Conduction of the action potential on 
the surface of the nerve cell is based on the 
fact that the local increase in the membrane 
potential causes neighboring voltage-gated 
ion channels to open, so that the membrane 
stimulation spreads over the whole cell in the 
form of a depolarization wave. 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


351 


Brain and sensory organs 


A. Resting potential 


Organic 


Extracellular space 


anions 








Chloride 
channel 


Zo 
Bie 
wn 
ca = 
- Oo 
One 
au 


ep 


Often 
open 


Cytoplasm 


K° 


[1] Na®/K® ATPase 
3.6.1.37 





B. Action potential 











AYAINPUOd UO} 


at membrane ® ©) 
Na® 


*Charge reversal 








Action potential 


Resting a 


Depolarization 





Hyperpolarization 








oO 
+ 


* 
je 


1]U9}0d sueIqUa//| 





Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


352 Tissues and organs 


Neurotransmitters 


Neurotransmitters in the strict sense are sub- 
stances that are produced by neurons, stored 
in the synapses, and released into the synap- 
tic cleft in response to a stimulus. At the post- 
synaptic membrane, they bind to special re- 
ceptors and affect their activity. 


A. Important neurotransmitters 0 


Neurotransmitters can be classified into sev- 
eral groups according to their chemical struc- 
ture. The table lists the most important rep- 
resentatives of this family, which has more 
than 100 members. 

Acetylcholine, the acetic acid ester of the 
cationic alcohol choline (see p. 50) acts at 
neuromuscular junctions, where it triggers 
muscle contraction (see p. 334), and in certain 
parts of the brain and in the autonomous 
nervous system. 

Several proteinogenic amino acids (see 
p. 60) have neurotransmitter effects. A partic- 
ularly important one is glutamate, which acts 
as a Stimulatory transmitter in the CNS. More 
than half of the synapses in the brain are 
glutaminergic. The metabolism of glutamate 
and that of the amine GABA synthesized from 
it (see below) are discussed in more detail on 
p. 356. Glycine is an inhibitory neurotransmit- 
ter with effects in the spinal cord and in parts 
of the brain. 

Biogenic amines arise from amino acids by 
decarboxylation (see p. 62). This group in- 
cludes 4-aminobutyrate (y-aminobutyric 
acid, GABA), which is formed from glutamate 
and is the most important inhibitory trans- 
mitter in the CNS. The catecholamines norepi- 
nephrine and epinephrine (see B), serotonin, 
which is derived from tryptophan, and hista- 
mine also belong to the biogenic amine group. 
All of them additionally act as hormones or 
mediators (see p. 380). 

Peptides make up the largest group among 
the neurosecretions. Many peptide hormo- 
nes—e. g., thyroliberin (TRH) and angiotensin 
II—simultaneously act as transmitters. Most 
neuropeptides are small (3-15 AA). At their 
N-terminus, many of them have a glutamate 
residue that has been cyclized to form 
pyroglutamate (5-oxoproline, <G), while the 
C-terminus is often an acid amide (-NHz). 


This provides better protection against break- 
down by peptidases. 

Endorphins, dynorphins, and enkephalins 
are a particularly interesting group of neuro- 
peptides. They act as “endogenous opiates” by 
producing analgetic, sedative, and euphoriant 
effects in extreme situations. Drugs such as 
morphine and heroin activate the receptors 
for these peptides (see p. 354). 

Purine derivatives with neurotransmitter 
function are all derived from adenine-con- 
taining nucleotides or nucleosides. ATP is re- 
leased along with acetylcholine and other 
transmitters, and among other functions it 
regulates the emission of transmitters from 
its synapse of origin. The stimulatory effect 
of caffeine is mainly based on the fact that it 
binds to adenosine receptors. 


B. Biosynthesis of catecholamines 


The catecholamines are biogenic amines that 
have a catechol group. Their biosynthesis in 
the adrenal cortex and CNS starts from tyro- 
sine. 

[1] Hydroxylation of the aromatic ring ini- 
tially produces dopa (3,4-dihydroxyphenyl- 
alanine). This reaction uses the unusual 
coenzyme tetrahydrobiopterin (THB). Dopa 
(cf. p.6) is also used in the treatment of Par- 
kinson’s disease. 

[2] Decarboxylation of dopa yields dopa- 
mine, an important transmitter in the CNS. In 
dopaminergic neurons, catecholamine syn- 
thesis stops at this point. 

[3] The adrenal gland and adrenergic neu- 
rons continue the synthesis by hydroxylating 
dopamine into norepinephrine (noradrena- 
line). Ascorbic acid (vitamin C; see p.368) 
acts as a hydrogen-transferring coenzyme 
here. 

[4] Finally, N-methylation of norepineph- 
rine yields epinephrine (adrenaline). The 
coenzyme for this reaction is S-adenosylme- 
thionine (SAM; see p. 110). 


The physiological effects of the catechol- 
amines are mediated by a large number of 
different receptors that are of particular inter- 
est in pharmacology. Norepinephrine acts in 
the autonomic nervous system and certain 
areas of the brain. Epinephrine is also used 
as a transmitter by some neurons. 
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Receptors for neurotransmitters 


Like all signaling substances, neurotrans- 
mitters (see p. 352) act via receptor proteins. 
The receptors for neurotransmitters are inte- 
grated into the membrane of the postsynaptic 
cell, where they trigger ion inflow or signal 
transduction processes (see p. 348). 


A. Receptors for neurotransmitters ® 


A considerable number of receptors for neu- 
rotransmitters are already known and new 
ones are continuing to be discovered. The 
table only lists the most important examples. 
They are classified into two large groups ac- 
cording to their mode of action. 

lonotropic receptors are ligand-gated ion 
channels (left half of the table). The receptors 
for stimulatory transmitters (indicated in the 
table by a ©) mediate the inflow of cations 
(mainly Na‘). When these open after binding 
of the transmitter, local depolarization of the 
postsynaptic membrane occurs. By contrast, 
inhibitory neurotransmitters (GABA and gly- 
cine) allow CI to flow in. This increases the 
membrane’s negative resting potential and 
hinders the action of stimulatory transmitters 
(hyperpolarization, 0). 

Metabotropic receptors (right half of the 
table) are coupled to G proteins (see p. 386), 
through which they influence the synthesis 
of second messengers. Receptors that work 
with type G, proteins (see p. 386) increase 
the cAMP level in the postsynaptic cell 
([cAMP] ¢ ), while those that activate G; pro- 
teins reduce it ({cAMP] | ). Via type G, pro- 
teins, other receptors increase the intracellu- 
lar Ca?* concentration ([Ca?"] f ). 

There are several receptor subtypes for 
most neurotransmitters. These are distin- 
guished numerically (e.g., D; to Ds) or are 
named after their agonists—i.e., after mole- 
cules experimentally found to activate the 
receptor. For example, one specific subtype 
of glutamate receptors reacts to NMDA 
(N-methyl-D-aspartate), while another sub- 
type reacts to the compound AMPA, etc. 


B. Acetylcholine receptors ® 


Acetylcholine (ACh) was the neurotransmitter 
first discovered, at the beginning of the last 
century. It binds to two types of receptor. 


The nicotinic ACh receptor responds to the 
alkaloid nicotine contained in tobacco (many 
of the physiological effects of nicotine are 
based on this). The nicotinic receptor is iono- 
tropic. Its properties are discussed in greater 
detail on p. 222. 

The muscarinic ACh receptors (of which 
there are at least five subtypes) are metabo- 
tropic. Their name is derived from the 
alkaloid muscarine, which is found in the fly 
agaric mushroom (Amanita muscaria), for ex- 
ample. Like ACh, muscarine is bound at the 
receptor, but in contrast to ACh (see C), it is 
not broken down and therefore causes per- 
manent stimulation of muscle. 

The muscarinic ACh receptors influence the 
cAMP level in the postsynaptic cells (M,, M3 
and Ms increase it, while subtypes M2 and My 
reduce it). 


C. Metabolism of acetylcholine 0 


Acetylcholine is synthesized from acetyl-CoA 
and choline in the cytoplasm of the presynap- 
tic axon [1] and is stored in synaptic vesicles, 
each of which contains around 1000-10 000 
ACh molecules. After it is released by exocy- 
tosis (see p. 228), the transmitter travels by 
diffusion to the receptors on the postsynaptic 
membrane. Catalyzed by acetylcholinesterase, 
hydrolysis of ACh to acetate and choline im- 
mediately starts in the synaptic cleft [2], and 
within a few milliseconds, the ACh released 
has been eliminated again. The cleavage 
products choline and acetate are taken up 
again by the presynaptic neuron and reused 
for acetylcholine synthesis [3]. 

Substances that block the serine residue in 
the active center of acetylcholinesterase 
[2]—e.g., the neurotoxin E605 and other 
organophosphates—prevent ACh degradation 
and thus cause prolonged stimulation of the 
postsynaptic cell. This impairs nerve conduc- 
tion and muscle contraction. Curare, a para- 
lyzing arrow-poison used by South American 
Indians, competitively inhibits binding of ACh 
to its receptor. 
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Metabolism 


The brain and other areas of the central ner- 
vous system (CNS) have high ATP require- 
ments. Although the brain only represents 
about 2% of the body’s mass, it consumes 
around 20% of the metabolized oxygen and 
ca. 60% of the glucose. The neurons’ high en- 
ergy requirements are mainly due to ATP-de- 
pendent ion pumps (particularly Na*/K* AT- 
Pase) and other active transport processes 
that are needed for nerve conduction (see 
p. 350). 


A. Energy metabolism of the brain @ 


Glucose is normally the only metabolite from 
which the brain is able to obtain adequate 
amounts of ATP through aerobic glycolysis 
and subsequent terminal oxidation to CO, 
and H>0. Lipids are unable to pass the blood- 
brain barrier, and amino acids are also only 
available in the brain in limited quantities 
(see B). As neurons only have minor glycogen 
reserves, they are dependent on a constant 
supply of glucose from the blood. A severe 
drop in the blood glucose level—as can occur 
after insulin overdosage in diabetics, for ex- 
ample—rapidly leads to a drop in the ATP level 
in the brain. This results in loss of conscious- 
ness and neurological deficits that can lead to 
death. Oxygen deficiency (hypoxia) also fint 
affects the brain. The effects of a brief period 
of hypoxia are still reversible, but as time 
progresses irreversible damage increasingly 
occurs and finally complete loss of function 
(“brain death”). 

During periods of starvation, the brain after 
a certain time acquires the ability to use ke- 
tone bodies (see p. 312) in addition to glucose 
to form ATP. In the first weeks of a starvation 
period, there is a strong increase in the activ- 
ities of the enzymes required for this in the 
brain. The degradation of ketone bodies in the 
CNS saves glucose and thereby reduces the 
breakdown of muscle protein that maintains 
gluconeogenesis in the liver during starva- 
tion. After a few weeks, the extent of muscle 
breakdown therefore declines to one-third of 
the initial value. 


B. Glutamate, glutamine, and GABA ® 


The proteinogenic amino acid glutamate 
(Glu) and the biogenic amine 4-aminobuty- 
rate derived from it are among the most im- 
portant neurotransmitters in the brain (see 
p. 352). They are both synthesized in the 
brain itself. In addition to the neurons, which 
use Glu or GABA as transmitters, neuroglia are 
also involved in the metabolism of these sub- 
stances. 

Since glutamate and GABA as transmitters 
must not appear in the extracellular space in 
an unregulated way, the cells of the neuroglia 
(center) supply “glutaminergic” and “GABAer- 
gic” neurons with the precursor glutamine 
(Gln), which they produce from glutamate 
with the help of glutamine synthetase [1]. 

GABA neurons (left) and glutamate neu- 
rons (right) initially hydrolyze glutamine 
with the help of glutaminase [1] to form glu- 
tamate again. The glutamate neurons store 
this in vesicles and release it when stimu- 
lated. The GABA neurons continue the degra- 
dation process by using glutamate decarbox- 
ylase [3] to convert glutamate into the trans- 
mitter GABA. 

Both types of neuron take up their trans- 
mitter again. Some of it also returns to the 
neuroglia, where glutamate is amidated back 
into glutamine. 

Glutamate can also be produced again from 
GABA. The reaction sequence needed for this, 
known as the GABA shunt, is characteristic of 
the CNS.A transaminase [4] first converts 
GABA and 2-oxoglutarate into glutamate and 
succinate semialdehyde (-OOC-CH2-CH>2- 
CHO). In an NAD*-dependent reaction, the 
aldehyde is oxidized to succinic acid [5], 
from which 2-oxoglutarate can be regener- 
ated again via tricarboxylic acid cycle reac- 
tions. 

The function of glutamate as a stimulatory 
transmitter in the brain is the cause of what is 
known as the “Chinese restaurant syndrome.” 
In sensitive individuals, the monosodium glu- 
tamate used as a flavor enhancer in Chinese 
cooking can raise the glutamate level in the 
brain to such an extent that transient mild 
neurological disturbances can occur (dizzi- 
ness, etc.). 
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Sight 


Two types of photoreceptor cell are found in 
the human retina—rods and cones. Rods are 
sensitive to low levels of light, while the cones 
are responsible for color vision at higher light 
intensities. 

Signaling substances and many proteins 
are involved in visual processes. Initially, a 
light-induced cis-trans isomerization of the 
pigment retinal triggers a conformational 
change in the membrane protein rhodopsin. 
Via the G protein transducin, which is associ- 
ated with rhodopsin, an enzyme is activated 
that breaks down the second messenger 
cGMP. Finally, the cGMP deficiency leads to 
hyperpolarization of the light-sensitive cell, 
which is registered by subsequent neurons 
as reduced neurotransmitter release. 


A. Photoreceptor ® 


The cell illustrated opposite, a rod, has a 
structure divided by membrane discs into 
which the 7-helix receptor rhodopsin is inte- 
grated (see p. 224). In contrast to other recep- 
tors in the 7-helix class (see p. 384), rhodop- 
sin is a light-sensitive chromoprotein. Its pro- 
tein part, opsin, contains the aldehyde retinal 
(see p. 364)—an isoprenoid which is bound to 
the e-amino group of a lysine residue as an 
aldimine. 

The light absorption of rhodopsin is in the 
visible range, with a maximum at about 
500 nm. The absorption properties of the vis- 
ual pigment are thus optimally adjusted to 
the spectral distribution of sunlight. 

Absorption of a photon triggers isomeriza- 
tion from the 11-cis form of retinal to all- 
trans-retinal (top right). Within milliseconds, 
this photochemical process leads to an allos- 
teric conformational change in rhodopsin. 
The active conformation (rhodopsin* ) binds 
and activates the G protein transducin. The 
signal cascade (B) that now follows causes 
the rod cells to release less neurotransmitter 
(glutamate) at their synapses. The adjoining 
bipolar neurons register this change and 
transmit it to the brain as a signal for light. 

There are several different rhodopsins in 
the cones. All of them contain retinal mole- 
cules as light-sensitive components, the ab- 
sorption properties of which are modulated 
by the different proportions of opsin they 


contain in such a way that colors can also be 
perceived. 


B. Signal cascade @ 


Dark (bottom left). Rod cells that are not 
exposed to light contain relatively high con- 
centrations (70 uM) of the cyclic nucleotide 
cGMP (3’,5’-cycloGMP; cf. cAMP, p.386), 
which is synthesized by a guanylate cyclase 
([2], see p. 388). The cGMP binds to an ion 
channel in the rod membrane (bottom left) 
and thus keeps it open. The inflow of cations 
(Na‘, Ca") depolarizes the membrane and 
leads to release of the neurotransmitter glu- 
tamate at the synapse (see p. 356). 

Light (bottom right). When the G protein 
transducin binds to light-activated rhodop- 
sin* (see A, on the structure of the complex; 
see p. 224), it leads to the GDP that is bound to 
the transducin being exchanged for GTP. In 
transducin* that has been activated in this 
way, the GTP-containing o-subunit breaks 
off from the rest of the molecule and in turn 
activates a membrane cGMP phosphodiester- 
ase [1]. This hydrolyzes cGMP to GMP and 
thus reduces the level of free cGMP within 
milliseconds. As a consequence, the cGMP 
bound at the ion channel dissociates off and 
the channel closes. As cations are constantly 
being pumped out of the cell, the membrane 
potential falls and hyperpolarization of the 
cell occurs, which interrupts glutamate re- 
lease. 


Regeneration. After exposure to light, several 

processes restore the initial conditions: 

1. The a-subunit of transducin* inactivates 
itself by GIP hydrolysis and thus termi- 
nates the activation of cGMP esterase. 

2. The reduced Ca?* concentration causes ac- 
tivation of guanylate cyclase, which in- 
creases the cGMP level until the cation 
channels reopen. 

3. An isomerase [3] transfers all-trans -retinal 
to the 11-cis -form, in which it is available 
for the next cycle. A dehydrogenase [4] can 
also allow retinal to be supplied from vita- 
min A (retinol). 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


Brain and sensory organs 359 





A. Photoreceptor 


Light (h - v) 
‘e Cytoplasm 








11-cis-Retinal Opsin 





Interlamellar 
a space 
|_Cilium P 


Mitochon- 


drion : 
= B. Signal cascade 


oa, 


IN 


al 


‘S$: 
of 


° 
° 
ee} 





Nucleus 








Decreased release all-trans-Retinal 


of neurotransmitter 
, 


1 Rhadopsin® 


11-cis- Transducin 


a Retinal a GTP a +___ Transducin 
Lh P 3 GDP 
si 
ie E si GDP 









































Vitamin A 





[1] cGMP esterase 3.1.4.35 * activates 


* © 
|2| Guanylate cyclase 4.6.1.2 y £2 
= GTP GDP 


Retinol dehydrogenase 1.1.1.105 40 
2 












eo. @@ 9° ) Oo @ ¢€ 
oe 900° 9% %~e00e® Po® » 5 es o°e 


© Closes due to 
lack of CGMP 











Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


360 Nutrition 


Organic substances 


A balanced human diet needs to contain a 
large number of different components. These 
include proteins, carbohydrates, fats, minerals 
(including water), and vitamins. These sub- 
stances can occur in widely varying amounts 
and proportions, depending on the type of 
diet. As several components of the diet are 
essential for life, they have to be regularly 
ingested with food. Recommended daily min- 
imums for nutrients have been published by 
the World Health Organization (WHO) and a 
number of national expert committees. 


A. Energy requirement @ 


The amount of energy required by a human is 
expressed in kJ d7! (kilojoule per day). An 
older unit is the kilocalorie (kcal; 1 kcal = 
4.187 kJ). The figures given are recommended 
values for adults with a normal body weight. 
However, actual requirements are based on 
age, sex, body weight, and in particular on 
physical activity. In those involved in compet- 
itive sports, for example, requirements can 
increase from 12 000 to 17 000 kJ d™'. 

It is recommended that about half of the 
energy intake should be in the form of carbo- 
hydrates, a third at most in the form of fat, and 
the rest as protein. The fact that alcoholic bever- 
ages can make a major contribution to daily 
energy intake is often overlooked. Ethanol has 
a caloric value of about 30kJ g™' (see p. 320). 


B. Nutrients @ 


Proteins provide the body with amino acids, 
which are used for endogenous protein bio- 
synthesis. Excess amino acids are broken 
down to provide energy (see p. 174). Most 
amino acids are glucogenic—i.e., they can be 
converted into glucose (see p. 180). 

Proteins are essential components of the 
diet, as they provide essential amino acids 
that the human body is not capable of pro- 
ducing on its own (see the table). Some amino 
acids, including cysteine and histidine, are not 
absolutely essential, but promote growth in 
children. Some amino acids are able to sub- 
stitute for each other in the diet. For example, 
humans can form tyrosine, which is actually 
essential, by hydroxylation from phenylala- 
nine, and cysteine from methionine. 


The minimum daily requirement of protein 
is 37 g for men and 29 g for women, but the 
recommended amounts are about twice these 
values. Requirements in pregnant and breast- 
feeding women are even higher. Not only the 
quantity, but also the quality of protein is 
important. Proteins that lack several essential 
amino acids or only contain small quantities 
of them are considered to be of low value, and 
larger quantities of them are therefore 
needed. For example, pulses only contain 
small amounts of methionine, while wheat 
and corn proteins are poor in lysine. In con- 
trast to vegetable proteins, most animal pro- 
teins are high-value (with exceptions such as 
collagen and gelatin). 

Carbohydrates serve as a general and easily 
available energy source. In the diet, they are 
present as monosaccharides in honey and 
fruit, or as disaccharides in milk and in all 
foods sweetened with sugar (sucrose). Meta- 
bolically usable polysaccharides are found in 
vegetable products (starch) and animal prod- 
ucts (glycogen). Carbohydrates represent a 
substantial proportion of the body’s energy 
supply, but they are not essential. 

Fats are primarily important energy suppli- 
ers in the diet. Per gram, they provide more 
than twice as much energy as proteins and 
carbohydrates. Fats are essential as suppliers 
of fat-soluble vitamins (see p. 364) and as 
sources of polyunsaturated fatty acids, which 
are needed to biosynthesize eicosanoids (see 
pp. 48, 390). 

Mineral substances and trace elements, a 
very heterogeneous group of essential nu- 
trients, are discussed in more detail on 
p.362. They are usually divided into macro- 
minerals and microminerals. 

Vitamins are also indispensable compo- 
nents of the diet. The animal body requires 
them in very small quantities in order to syn- 
thesize coenzymes and signaling substances 
(see pp. 364-369). 
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362 Nutrition 


Minerals and trace elements 


A. Minerals @ 


Water is the most important essential inor- 
ganic nutrient in the diet. In adults, the body 
has a daily requirement of 2-3 L of water, 
which is supplied from drinks, water con- 
tained in solid foods, and from the oxidation 
water produced in the respiratory chain (see 
p. 140). The special role of water for living 
processes is discussed in more detail else- 
where (see p. 26). 

The elements essential for life can be div- 
ided into macroelements (daily requirement 
> 100 mg) and microelements (daily require- 
ment < 100 mg). The macroelements include 
the electrolytes sodium (Na), potassium (K), 
calcium (Ca), and magnesium (Mg), and the 
nonmetals chlorine (Cl), phosphorus (P), sul- 
fur (S), and iodine (I). 

The essential microelements are only re- 
quired in trace amounts (see also p.2). This 
group includes iron (Fe), zinc (Zn), manganese 
(Mn), copper (Cu), cobalt (Co), chromium (Cr), 
selenium (Se), and molybdenum (Mo). Fluo- 
rine (F) is not essential for life, but does pro- 
mote healthy bones and teeth. It is still a 
matter of controversy whether vanadium, 
nickel, tin, boron, and silicon also belong to 
the essential trace elements. 

The second column in the table lists the 
average amounts of mineral substances in 
the body of an adult weighing 65 kg. The daily 
requirements listed in the fourth column also 
apply to an adult, and are average values. 
Children, pregnant and breast-feeding wo- 
men, and those who are ill generally have 
higher mineral requirements relative to 
body weight than men. 

As the human body is able to store many 
minerals, deviations from the daily ration are 
balanced out over a given period of time. 
Minerals stored in the body include water, 
which is distributed throughout the whole 
body; calcium, stored in the form of apatite 
in the bones (see p. 340); iodine, stored as 
thyroglobulin in the thyroid; and iron, stored 
in the form of ferritin and hemosiderin in the 
bone marrow, spleen, and liver (see p. 286). 
The storage site for many trace elements is 
the liver. In many cases, the metabolism of 
minerals is regulated by hormones—for exam- 
ple, the uptake and excretion of HO, Na’, 


Ca?*, and phosphate (see p. 328), and storage 
of Fe** and I. 

Resorption of the required mineral sub- 
stances from food usually depends on the 
body’s requirements, and in several cases 
also on the composition of the diet. One ex- 
ample of dietary influence is calcium (see 
p. 342). Its resorption as Ca?* is promoted by 
lactate and citrate, but phosphate, oxalic acid, 
and phytol inhibit calcium uptake from food 
due to complex formation and the production 
of insoluble salts. 

Mineral deficiencies are not uncommon 
and can have quite a variety of causes—e. g., 
an unbalanced diet, resorption disturbances, 
and diseases. Calcium deficiency can lead to 
rickets, osteoporosis, and other disturbances. 
Chloride deficiency is observed as a result of 
severe Cl losses due to vomiting. Due to the 
low content of iodine in food in many regions 
of central Europe, iodine deficiency is wides- 
pread there and can lead to goiter. Magnesium 
deficiency can be caused by digestive disor- 
ders or an unbalanced diet—e.g., in alco- 
holism. Trace element deficiencies often re- 
sult in a disturbed blood picture—i. e., forms of 
anemia. 

The last column in the table lists some of 
the functions of minerals. It should be noted 
that almost all of the macroelements in the 
body function either as nutrients or electro- 
lytes. Iodine (as a result of its incorporation 
into iodothyronines) and calcium act as sig- 
naling substances. Most trace elements are 
cofactors for proteins, especially for enzymes. 
Particularly important in quantitative terms 
are the iron proteins hemoglobin, myoglobin, 
and the cytochromes (see p. 286), as well as 
more than 300 different zinc proteins. 
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364 Nutrition 


Lipid-soluble vitamins 


Vitamins are essential organic compounds 
that the animal organism is not capable of 
forming itself, although it requires them in 
small amounts for metabolism. Most vitamins 
are precursors of coenzymes; in some cases, 
they are also precursors of hormones or act as 
antioxidants. Vitamin requirements vary from 
species to species and are influenced by age, 
sex, and physiological conditions such as 
pregnancy, breast-feeding, physical exercise, 
and nutrition. 


A. Vitamin supply @ 


A healthy diet usually covers average daily 
vitamin requirements. By contrast, malnutri- 
tion, malnourishment (e.g., an unbalanced 
diet in older people, malnourishment in alco- 
holics, ready meals), or resorption disturban- 
ces lead to an inadequate supply of vitamins 
from which hypovitaminosis, or in extreme 
cases avitaminosis, can result. Medical treat- 
ments that kill the intestinal flora—e. g., anti- 
biotics—can also lead to vitamin deficiencies 
(K, By2, H) due to the absence of bacterial 
vitamin synthesis. 

Since only a few vitamins can be stored (A, 
D, E, By2), a lack of vitamins quickly leads to 
deficiency diseases. These often affect the 
skin, blood cells, and nervous system. The 
causes of vitamin deficiencies can be treated 
by improving nutrition and by administering 
vitamins in tablet form. An overdose of vita- 
mins only leads to hypervitaminoses, with 
toxic symptoms, in the case of vitamins A 
and D. Normally, excess vitamins are rapidly 
excreted with the urine. 


B. Lipid-soluble vitamins @ 


Vitamins are classified as either lipid-soluble 
or water-soluble. The lipid-soluble vitamins 
include vitamins A, D, E, and K, all of which 
belong to the isoprenoids (see p. 52). 
Vitamin A (retinol) is the parent substance 
of the retinoids, which include retinal and 
retinoic acid. The retinoids also can be synthe- 
sized by cleavage from the provitamin f-car- 
otene. Retinoids are found in meat-containing 
diets, whereas B-carotene occurs in fruits and 
vegetables (particularly carrots). Retinal is in- 
volved in visual processes as the pigment of 


the chromoprotein rhodopsin (see p. 358). 
Retinoic acid, like the steroid hormones, in- 
fluences the transcription of genes in the cell 
nucleus. It acts as a differentiation factor in 
growth and development processes. Vitamin 
A deficiency can result in night blindness, vis- 
ual impairment, and growth disturbances. 

Vitamin D (calciol, cholecalciferol) is the 
precursor of the hormone calcitriol (10,25-di- 
hydroxycholecalciferol; see p.320). Together 
with two other hormones (parathyrin and 
calcitonin), calcitriol regulates the calcium 
metabolism (see p. 342). Calciol can be syn- 
thesized in the skin from 7-dehydrocholes- 
terol, an endogenous steroid, by a photo- 
chemical reaction. Vitamin D deficiencies 
only occur when the skin receives insuf cient 
exposure to ultraviolet light and vitamin D is 
lacking in the diet. Deficiency is observed in 
the form of rickets in children and osteomala- 
cia in adults. In both cases, bone mineraliza- 
tion is disturbed. 

Vitamin E (tocopherol) and related com- 
pounds only occur in plants (e.g., wheat 
germ). They contain what is known as a chro- 
man ring. In the lipid phase, vitamin E is 
mainly located in biological membranes, 
where as an antioxidant it protects unsatu- 
rated lipids against ROS (see p. 284) and other 
radicals. 

Vitamin K (phylloquinone) and similar sub- 
stances with modified side chains are in- 
volved in carboxylating glutamate residues 
of coagulation factors in the liver (see 
p. 290). The form that acts as a cofactor for 
carboxylase is derived from the vitamin by 
enzymatic reduction. Vitamin K antagonists 
(e. g., coumarin derivatives) inhibit this reduc- 
tion and consequently carboxylation as well. 
This fact is used to inhibit blood coagulation 
in prophylactic treatment against thrombosis. 
Vitamin K deficiency occurs only rarely, as the 
vitamin is formed by bacteria of the intestinal 
flora. 
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366 Nutrition 


Water-soluble vitamins | 


The B group of vitamins covers water-soluble 
vitamins, all of which serve as precursors for 
coenzymes. Their numbering sequence is not 
continuous, as many substances that were 
originally regarded as vitamins were not later 
confirmed as having vitamin characteristics. 


A. Water-soluble vitamins | 0 


Vitamin B, (thiamine) contains two heterocy- 
clic rings—a pyrimidine ring (a six-membered 
aromatic ring with two Ns) and a thiazole ring 
(a five-membered aromatic ring with N and 
S), which are joined by a methylene group. 
The active form of vitamin B, is thiamine 
diphosphate (TPP), which contributes as a 
coenzyme to the transfer of hydroxyalkyl res- 
idues (active aldehyde groups). The most im- 
portant reactions of this type are oxidative 
decarboxylation of 2-oxoacids (see p. 134) 
and the transketolase reaction in the pentose 
phosphate pathway (see p. 152). Thiamine 
was the first vitamin to be discovered, around 
100 years ago. Vitamin B, deficiency leads to 
beriberi, a disease with symptoms that in- 
clude neurological disturbances, cardiac in- 
suf ciency, and muscular atrophy. 

Vitamin Bz is a complex of several vita- 
mins: riboflavin, folate, nicotinate, and pan- 
tothenic acid. 

Riboflavin (from the Latin flavus, yellow) 
serves in the metabolism as a component of 
the redox coenzymes flavin mononucleotide 
(FMN) and flavin adenine dinucleotide (FAD; 
see p. 104). As prosthetic groups, FMN and FAD 
are cofactors for various oxidoreductases (see 
p. 32). No specific disease due to a deficiency 
of this vitamin is known. 

Folate, the anion of folic acid, is made up of 
three different components—a _ pteridine 
derivative, 4-aminobenzoate, and one or 
more glutamate residues. After reduction to 
tetrahydrofolate (THF), folate serves as a 
coenzyme in the C; metabolism (see p. 418). 
Folate deficiency is relatively common, and 
leads to disturbances in nucleotide biosynthe- 
sis and thus cell proliferation. As the precur- 
sors for blood cells divide particularly rapidly, 
disturbances of the blood picture can occur, 
with increased amounts of abnormal precur- 
sors for megalocytes (megaloblastic anemia). 
Later, general damage ensues as phospholipid 


synthesis and the amino acid metabolism are 
affected. 

In contrast to animals, microorganisms are 
able to synthesize folate from their own com- 
ponents. The growth of microorganisms can 
therefore be inhibited by sulfonamides, which 
competitively inhibit the incorporation of 4- 
aminobenzoate into folate (see p. 254). Since 
folate is not synthesized in the animal organ- 
ism, sulfonamides have no effect on animal 
metabolism. 

Nicotinate and nicotinamide, together re- 
ferred to as “niacin,” are required for biosyn- 
thesis of the coenzymes nicotinamide ad- 
enine dinucleotide (NAD*) and nicotinamide 
adenine dinucleotide phosphate (NADP*). 
These both serve in energy and nutrient me- 
tabolism as carriers of hydride ions (see 
pp. 32, 104). The animal organism is able to 
convert tryptophan into nicotinate, but only 
with a poor yield. Vitamin deficiency there- 
fore only occurs when nicotinate, nicotin- 
amide, and tryptophan are all simultaneously 
are lacking in the diet. It manifests in the form 
of skin damage (pellagra), digestive distur- 
bances, and depression. 

Pantothenic acid is an acid amide consist- 
ing of B-alanine and 2,4-dihydroxy-3,3’-di- 
methylbutyrate (pantoic acid). It is a precur- 
sor of coenzyme A, which is required for acti- 
vation of acyl residues in the lipid metabolism 
(see pp. 12, 106). Acyl carrier protein (ACP; see 
p.168) also contains pantothenic acid as part 
of its prosthetic group. Due to the widespread 
availability of pantothenic acid in food (Greek 
pantothen = “from everywhere”), deficiency 
diseases are rare. 


Further information 


The requirement for vitamins in humans and 
other animals is the result of mutations in the 
enzymes involved in biosynthetic coenzymes. 
As intermediates of coenzyme biosynthesis 
are available in suf cient amounts in the 
diet of heterotrophic animals (see p. 112), 
the lack of endogenous synthesis did not 
have unfavorable effects for them. Microor- 
ganisms and plants whose nutrition is mainly 
autotrophic have to produce all of these com- 
pounds themselves in order to survive. 
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368 Nutrition 


Water-soluble vitamins II 


A. Water-soluble vitamins II 


Vitamin B, consists of three substituted pyr- 
idines—pyridoxal, pyridoxol, and _pyrid- 
oxamine. The illustration shows the structure 
of pyridoxal, which carries an aldehyde group 
(-CHO) at C-4. Pyridoxol is the corresponding 
alcohol (-CH20H), and pyridoxamine the 
amine (—CHNH3). 

The active form of vitamin Bg, pyridoxal 
phosphate, is the most important coenzyme 
in the amino acid metabolism (see p. 106). 
Almost all conversion reactions involving 
amino acids require pyridoxal phosphate, in- 
cluding transaminations, decarboxylations, 
dehydrogenations, etc. Glycogen phosphory- 
lase, the enzyme for glycogen degradation, 
also contains pyridoxal phosphate as a cofac- 
tor. Vitamin Be deficiency is rare. 

Vitamin B,2 (cobalamine) is one of the most 
complex low-molecular-weight substances 
occurring in nature. The core of the molecule 
consists of a tetrapyrrol system (corrin), with 
cobalt as the central atom (see p. 108). The 
vitamin is exclusively synthesized by micro- 
organisms. It is abundant in liver, meat, eggs, 
and milk, but not in plant products. As the 
intestinal flora synthesize vitamin By, strict 
vegetarians usually also have an adequate 
supply of the vitamin. 

Cobalamine can only be resorbed in the 
small intestine when the gastric mucosa se- 
cretes what is known as intrinsic factor—a 
glycoprotein that binds cobalamine (the ex- 
trinsic factor) and thereby protects it from 
degradation. In the blood, the vitamin is 
bound to a special protein known as trans- 
cobalamin. The liver is able to store vitamin 
B,2 in amounts suf cient to last for several 
months. Vitamin B,2 deficiency is usually 
due to an absence of intrinsic factor and the 
resulting resorption disturbance. This leads to 
a disturbance in blood formation known as 
pernicious anemia. 

In animal metabolism, derivatives of cobal- 
amine are mainly involved in rearrangement 
reactions. For example, they act as coenzymes 
in the conversion of methylmalonyl-CoA to 
succinyl-CoA (see p. 166), and in the formation 
of methionine from homocysteine (see p. 418). 
In prokaryotes, cobalamine derivatives also 
play a part in the reduction of ribonucleotides. 


Vitamin C is L-ascorbic acid (chemically: 
2-oxogulonolactone). The two _ hydroxyl 
groups have acidic properties. By releasing a 
proton, ascorbic acid therefore turns into its 
anion, ascorbate. Humans, apes, and guinea 
pigs require vitamin C because they lack the 
enzyme L-gulonolactone oxidase (1.1.3.8), 
which catalyzes the final step in the conver- 
sion of glucose into ascorbate. 

Vitamin C is particularly abundant in fresh 
fruit and vegetables. Many soft drinks and 
foodstuffs also have synthetic ascorbic acid 
added to them as an antioxidant and flavor 
enhancer. Boiling slowly destroys vitamin C. 
In the body, ascorbic acid serves as a reducing 
agent in variations reactions (usually hydrox- 
ylations). Among the processes involved are 
collagen synthesis, tyrosine degradation, cate- 
cholamine synthesis, and bile acid biosynthesis. 
The daily requirement for ascorbic acid is 
about 60 mg, a comparatively large amount 
for a vitamin. Even higher doses of the vita- 
min have a protective effect against infec- 
tions. However, the biochemical basis for 
this effect has not yet been explained. Vitamin 
C deficiency only occurs rarely nowadays; it 
becomes evident after a few months in the 
form of scurvy, with connective-tissue dam- 
age, bleeding, and tooth loss. 

Vitamin H (biotin) is present in liver, egg 
yolk, and other foods; it is also synthesized by 
the intestinal flora. In the body, biotin is co- 
valently attached via a lysine side chain to 
enzymes that catalyze carboxylation reac- 
tions. Biotin-dependent carboxylases include 
pyruvate carboxylase (see p. 154) and acetyl- 
CoA carboxylase (see p. 162). COz binds, using 
up ATP, to one of the two N atoms of biotin, 
from which it is transferred to the acceptor 
(see p. 108). 

Biotin binds with high — af nity 
(Ka = 10°'° M) and specificity to avidin, a pro- 
tein found in egg white. Since boiling dena- 
tures avidin, biotin deficiency only occurs 
when egg whites are eaten raw. 
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370 Hormones 


Basics 


Hormones are chemical signaling substances. 
They are synthesized in specialized cells that 
are often associated to form endocrine glands. 
Hormones are released into the blood and 
transported with the blood to their effector 
organs. In the organs, the hormones carry 
out physiological and biochemical regulatory 
functions. In contrast to endocrine hormones, 
tissue hormones are only active in the imme- 
diate vicinity of the cells that secrete them. 

The distinctions between hormones and 
other signaling substances (mediators, neuro- 
transmitters, and growth factors) are fluid. 
Mediators is the term used for signaling sub- 
stances that do not derive from special hor- 
mone-forming cells, but are form by many cell 
types. They have hormone-like effects in their 
immediate surroundings. Histamine (see 
p. 352) and prostaglandins (see p. 390) are 
important examples of these substances. 
Neurohormones and neurotransmitters are 
signaling substances that are produced and 
released by nerve cells (see p. 348). Growth 
factors and cytokines mainly promote cell 
proliferation and cell differentiation (see 
p. 392). 


A. Hormones: overview @ 


The animal organism contains more than 100 
hormones and hormone-like substances, 
which can be classified either according to 
their structure or according to their function. 
In chemical terms, most hormones are amino 
acid derivatives, peptides or proteins, or ste- 
roids. Hormones regulate the following pro- 
cesses: 
e Growth and differentiation of cells, tissues, 
and organs 
These processes include cell proliferation, 
embryonic development, and sexual dif- 
ferentiation—i.e., processes that require a 
prolonged time period and involve proteins 
de novo synthesis. For this reason, mainly 
steroid hormones which function via tran- 
scription regulation are active in this field 
(see p. 244). 
e Metabolic pathways 
Metabolic regulation requires rapidly act- 
ing mechanisms. Many of the hormones 
involved therefore regulate interconversion 
of enzymes (see p. 120). The main processes 


subject to hormonal regulation are the up- 
take and degradation of storage substances 
(glycogen, fat), metabolic pathways for bio- 
synthesis and degradation of central me- 
tabolites (glucose, fatty acids, etc.), and 
the supply of metabolic energy. 

e Digestive processes 
Digestive processes are usually regulated 
by locally acting peptides (paracrine; see 
p.372), but mediators, biogenic amines, 
and neuropeptides are also involved (see 
p. 270). 

e Maintenance of ion concentrations (ho- 
meostasis) 
Concentrations of Na’, K*, and Cl” in body 
fluids, and the physiological variables de- 
pendent on these (e.g. blood pressure), are 
subject to strict regulation. The principal 
site of action of the hormones involved is 
the kidneys, where hormones increase or 
reduce the resorption of ions and recovery 
of water (see pp. 326-331). The concentra- 
tions of Ca?* and phosphate, which form 
the mineral substance of bone and teeth, 
are also precisely regulated. 

Many hormones influence the above pro- 

cesses only indirectly by regulating the syn- 

thesis and release of other hormones (hormo- 

nal hierarchy; see p. 372). 


B. Hormonal regulation system @ 


Each hormone is the center of a hormonal 
regulation system. Specialized glandular cells 
synthesize the hormone from precursors, 
store it in many cases, and release it into the 
bloodstream when needed (biosynthesis). For 
transport, the poorly water-soluble lipophilic 
hormones are bound to plasma proteins 
known as hormone carriers. To stop the ef- 
fects of the hormone again, it is inactivated by 
enzymatic reactions, most of which take place 
in the liver (metabolism). Finally, the hor- 
mone and its metabolites are expelled via 
the excretory system, usually in the kidney 
(excretion). All of these processes affect the 
concentration of the hormone and thus con- 
tribute to regulation of the hormonal signal. 
Inthe effector organs, target cells receive the 
hormone’s message. These cells have hormone 
receptors for the purpose, which bind the hor- 
mone. Binding of a hormone passes informa- 
tion to the cell and triggers a response (effect). 
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372 Hormones 


Plasma levels and hormone 
hierarchy 


A. Endocrine, paracrine, and autocrine hor- 
mone effects O 


Hormones transfer signals by migrating from 
their site of synthesis to their site of action. 
They are usually transported in the blood. In 
this case, they are said to have an endocrine 
effect (1; example: insulin). By contrast, tissue 
hormones, the target cells for which are in the 
immediate vicinity of the glandular cells that 
produce them, are said to have a paracrine 
effect (2; example: gastrointestinal tract hor- 
mones). When signal substances also pass ef- 
fects back to the cells that synthesize them, 
they are said to have an autocrine effect (3; 
example: prostaglandins). Autocrine effects 
are often found in tumor cells (see p. 400), 
which stimulate their own proliferation in 
this way. 

Insulin, which is formed in the B cells of the 
pancreas, has both endocrine and paracrine 
effects. As a hormone with endocrine effects, 
it regulates glucose and fat metabolism. Via a 
paracrine mechanism, it inhibits the synthesis 
and release of glucagon from the neighboring 
A cells. 


B. Dynamics of the plasma level @ 


Hormones circulate as signaling substances in 
the blood at very low concentrations (107! to 
between 10-7 mol L”!). These values change 
periodically in rhythms that depend on the 
time of day, month, or year, or on physiolog- 
ical cycles. 

The first example shows the circadian 
rhythm of the cortisol level. As an activator 
of gluconeogenesis (see p. 158), cortisol is 
mainly released in the early morning, when 
the liver’s glycogen stores are declining. Dur- 
ing the day, the plasma cortisol level declines. 

Many hormones are released into the blood 
in a spasmodic and irregular manner. In this 
case, their concentrations change in an 
episodic or pulsatile fashion. This applies, for 
instance, to luteinizing hormone (LH, lutropin). 

Concentrations of other hormones are 
event-regulated. For example, the body re- 
sponds to increased blood sugar levels after 
meals by releasing insulin. Regulation of hor- 


mone synthesis, release, and degradation al- 
lows the blood concentrations of hormones to 
be precisely adjusted. This is based either on 
simple feedback control or on hierarchically 
structured regulatory systems. 


C. Closed-loop feedback control ® 


The biosynthesis and release of insulin by the 
pancreatic B cells (see p. 160) is stimulated by 
high blood glucose levels (> 5 mM). The in- 
sulin released then stimulates increased up- 
take and utilization of glucose by the cells of 
the muscle and adipose tissues. As a result, 
the blood glucose level falls back to its normal 
value, and further release of insulin stops. 


D. Hormone hierarchy @ 


Hormone systems are often linked to each 
another, giving rise in some cases to a hier- 
archy of higher-order and lower-order hor- 
mones. A particularly important example is 
the pituitary—-hypothalamic axis, which is con- 
trolled by the central nervous system (CNS). 

Nerve cells in the hypothalamus react to 
stimulatory or inhibitory signals from the CNS 
by releasing activating or inhibiting factors, 
which are known as liberins (“releasing hor- 
mones”) and statins (“inhibiting hormones”). 
These neurohormones reach the adenohy- 
pophysis by short routes through the blood- 
stream. In the adenohypophysis, they stimu- 
late (liberins) or inhibit (statins) the bio- 
synthesis and release of tropines. Tropines 
(glandotropic hormones) in turn stimulate pe- 
ripheral glands to synthesize glandular hor- 
mones. Finally, the glandular hormone acts on 
its target cells in the organism. In addition, it 
passes effects back to the higher-order hormone 
systems. This (usually negative) feedback influ- 
ences theconcentrations of the higher-order hor- 
mones, creating a feedback loop. 

Many steroid hormones are regulated by 
this type of axis—e.g., thyroxin, cortisol, es- 
tradiol, progesterone, and testosterone. In the 
case of the glucocorticoids, the hypothalamus 
releases corticotropin-releasing hormone 
(CRH or corticoliberin, a peptide consisting 
of 41 amino acids), which in turn releases 
corticotropin (ACTH, 39 AAs) in the pituitary 
gland. Corticotropin stimulates synthesis and 
release of the glandular steroid hormone cor- 
tisol in the adrenal cortex. 
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374 Hormones 


Lipophilic hormones 


Classifying hormones into hydrophilic and 
lipophilic molecules indicates the chemical 
properties of the two groups of hormones 
and also reflects differences in their mode of 
action (see p. 120). 


A. Lipophilic hormones @ 


Lipophilic hormones, which include steroid 
hormones, iodothyronines, and retinoic acid, 
are relatively small molecules (300-800 Da) 
that are poorly soluble in aqueous media. 
With the exception of the iodothyronines, 
they are not stored by hormone-forming cells, 
but are released immediately after being syn- 
thesized. During transport in the blood, they 
are bound to specific carriers. Via intracellular 
receptors, they mainly act on transcription 
(see p. 358). Other effects of steroid hor- 
mones—e.g., on the immune system—are 
not based on transcriptional control. Their 
details have not yet been explained. 


Steroid hormones 


The most important steroid hormones in ver- 
tebrates are listed on p.57. Calcitriol (vitamin 
D hormone) is also included in this group, 
although it has a modified steroid structure. 
The most important steroid hormone in in- 
vertebrates is ecdysone. 

Progesterone is a female sexual steroid be- 
longing to the progestin (gestagen) family. It is 
synthesized in the corpus luteum of the ova- 
ries. The blood level of progesterone varies 
with the menstrual cycle. The hormone pre- 
pares the uterus for a possible pregnancy. 
Following fertilization, the placenta also starts 
to synthesize progesterone in order to main- 
tain the pregnant state. The development of 
the mammary glands is also stimulated by 
progesterone. 

Estradiol is the most important of the 
estrogens. Like progesterone, it is synthesized 
by the ovaries and, during pregnancy, by the 
placenta as well. Estradiol controls the men- 
strual cycle. It promotes proliferation of the 
uterine mucosa, and is also responsible for the 
development of the female secondary sexual 
characteristics (breast, fat distribution, etc.). 


Testosterone is the most important of the 
male sexual steroids (androgens). It is synthe- 
sized in the Leydig intersitial cells of the 
testes, and controls the development and 
functioning of the male gonads. It also deter- 
mines secondary sexual characteristics in 
men (muscles, hair, etc.). 

Cortisol, the most important glucocorticoid, 
is synthesized by the adrenal cortex. It is in- 
volved in regulating protein and carbohydrate 
metabolism by promoting protein degrada- 
tion and the conversion of amino acids into 
glucose. As a result, the blood glucose level 
rises (see p. 152). Synthetic glucocorticoids 
(e.g., dexamethasone) are used in drugs due 
to their anti-inflammatory and immunosup- 
pressant effects. 

Aldosterone, a mineralocorticoid, is also 
synthesized in the adrenal gland. In the kid- 
neys, it promotes Na’* resorption by inducing 
Na‘/K* ATPase and Na® channels (see p. 328). 
At the same time, it leads to increased K* 
excretion. In this way, aldosterone indirectly 
increases blood pressure. 

Calcitriol is a derivative of vitamin D (see 
p. 364). On exposure to ultraviolet light, a 
precursor of the hormone can also arise in 
the skin. Calcitriol itself is synthesized in the 
kidneys (see p. 330). Calcitriol promotes the 
resorption of calcium in the intestine and in- 
creases the Ca** level in the blood. 


lodothyronines 


The thyroid hormone thyroxine (tetraiodo- 
thyronine, T,) and its active form triiodo- 
thyronine (T3) are derived from the amino 
acid tyrosine. The iodine atoms at positions 3 
and 5 of the two phenol rings are character- 
istic of them. Post-translational synthesis of 
thyroxine takes place in the thyroid gland 
from tyrosine residues of the protein thyro- 
globulin, from which it is proteolytically 
cleaved before being released. Iodothyronines 
are the only organic molecules in the animal 
organism that contain iodine. They increase 
the basal metabolic rate, partly by regulating 
mitochondrial ATP synthesis. In addition, they 
promote embryonic development. 
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376 Hormones 


Metabolism of steroid hormones 


A. Biosynthesis of steroid hormones O 


All steroid hormones are synthesized from 
cholesterol. The gonane core of cholesterol 
consists of 19 carbon atoms in four rings 
(A-D). The D ring carries a side chain of eight 
C atoms (see p. 54). 

The cholesterol required for biosynthesis of 
the steroid hormones is obtained from vari- 
ous sources. It is either taken up as a constit- 
uent of LDL lipoproteins (see p. 278) into the 
hormone-synthesizing glandular cells, or syn- 
thesized by glandular cells themselves from 
acetyl-CoA (see p. 172). Excess cholesterol is 
stored in the form of fatty acid esters in lipid 
droplets. Hydrolysis allows rapid mobilization 
of the cholesterol from this reserve again. 

Biosynthetic pathways. Only an overview 
of the synthesis pathways that lead to the 
individual hormones is shown here. Further 
details are given on p. 410. 

Among the reactions involved, hydroxyla- 
tions (H) are particularly numerous. These are 
catalyzed by specific monooxygenases (“hy- 
droxylases”) of the cytochrome P450 family 
(see p. 318). In addition, there are NADPH- 
dependent and NADP*-dependent hydrogena- 
tions (Y) and dehydrogenations (D), as well as 
cleavage and isomerization reactions (S, I). The 
estrogens have a special place among the ste- 
roid hormones, as they are the only ones that 
contain an aromatic A ring. When this is 
formed, catalyzed by aromatase, the angular 
methyl group (C-19) is lost. 

Pregnenolone is an important intermedi- 
ate in the biosynthesis of most steroid hor- 
mones. It is identical to cholesterol with the 
exception of a shortened and oxidized side 
chain. Pregnenolone is produced in three 
steps by hydroxylation and cleavage in the 
side chain. Subsequent dehydrogenation of 
the hydroxyl group at C-3 (b) and shifting of 
the double bond from C-5 to C-4 results in the 
gestagen progesterone. 

With the exception of calcitriol, all steroid 
hormones are derived from progesterone. Hy- 
droxylations of progesterone at C atoms 17, 
21, and 11 lead to the glucocorticoid cortisol. 
Hydroxylation at C-17 is omitted during syn- 
thesis of the mineralocorticoid aldosterone. 
Instead, the angular methyl group (C-18) is 
oxidized to the aldehyde group. During syn- 


thesis of the androgen testosterone from pro- 
gesterone, the side chain is completely re- 
moved. Aromatization of the A ring, as men- 
tioned above, finally leads to estradiol. 

On the way to calcitriol (vitamin D hor- 
mone; see p.342), another double bond in 
the B ring of cholesterol is first introduced. 
Under the influence of UV light on the skin, 
the B ring is then photochemically cleaved, 
and the secosteroid cholecalciferol arises (vi- 
tamin D3; see p.364). Two Cyt P450-depen- 
dent hydroxylations in the liver and kidneys 
produce the active vitamin D hormone (see 
p. 330). 


B. Inactivation of steroid hormones O 


The steroid hormones are mainly inactivated 
in the liver, where they are either reduced or 
further hydroxylated and then conjugated 
with glucuronic acid or sulfate for excretion 
(see p. 316). The reduction reactions attack 
oxo groups and the double bond in ring A. A 
combination of several inactivation reactions 
gives rise to many different steroid metabo- 
lites that have lost most of their hormonal 
activity. Finally, they are excreted with the 
urine and also partly via the bile. Evidence of 
steroids and steroid metabolites in the urine 
is used to investigate the hormone metabo- 
lism. 


Further information 


Congenital defects in the biosynthesis of ste- 
roid hormones can lead to severe develop- 
mental disturbances. In the adrenogenital 
syndrome (AGS), which is relatively common, 
there is usually a defect in 21-hydroxylase, 
which is needed for synthesis of cortisol and 
aldosterone from progesterone. Reduced syn- 
thesis of this hormone leads to increased for- 
mation of testosterone, resulting in masculin- 
ization of female fetuses. With early diagno- 
sis, this condition can be avoided by providing 
the mother with hormone treatment before 
birth. 
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378 Hormones 


Mechanism of action 


A. Mechanism of action of lipophilic 
hormones ® 


Lipophilic signaling substances include the 
steroid hormones, calcitriol, the iodothy- 
ronines (T3 and Ty), and retinoic acid. These 
hormones mainly act in the nucleus of the 
target cells, where they regulate gene tran- 
scription in collaboration with their receptors 
and with the support of additional proteins 
(known as coactivators and mediators; see 
p.244). There are several effects of steroid 
hormones that are not mediated by transcrip- 
tion control. These alternative pathways for 
steroid effects have not yet been fully ex- 
plained. 

In the blood, there are a number of trans- 
port proteins for lipophilic hormones (see 
p. 276). Only the free hormone is able to pen- 
etrate the membrane and enter the cell. The 
hormone encounters its receptor in the nu- 
cleus (and sometimes also in the cytoplasm). 

The receptors for lipophilic hormones are 
rare proteins. They occur in small numbers 
(103-10 molecules per cell) and show 
marked specificity and high affinity for the 
hormone (Kg = 10-°-10-'° M). After binding 
to the hormone, the steroid receptors are able 
to bind as homodimers or heterodimers to 
control elements in the promoters of specific 
genes, from where they can influence the 
transcription of the affected genes—i.e., they 
act as transcription factors. 

The illustration shows the particularly 
well-investigated mechanism of action for 
cortisol, which is unusual to the extent that 
the hormone-receptor complex already 
arises in the cytoplasm. The free receptor is 
present in the cytoplasm as a monomer in 
complex with the chaperone hsp90 (see 
p. 232). Binding of cortisol to the complex 
leads to an allosteric conformational change 
in the receptor, which is then released from 
the hsp90 and becomes capable of DNA bind- 
ing as a result of dimerization. 

In the nucleus, the hormone-receptor 
complex binds to nucleotide sequences 
known as hormone response elements 
(HREs). These are short palindromic DNA seg- 
ments that usually promote transcription as 
enhancer elements (see p. 244). The illustra- 
tion shows the HRE for glucocorticoids (GRE; 


“n” stands for any nucleotide). Each hormone 
receptor only recognizes its “own” HRE and 
therefore only influences the transcription of 
genes containing that HRE. Recognition be- 
tween the receptor and HRE is based on in- 
teraction between the amino acid residues in 
the DNA-binding domain (B) and the relevant 
bases in the HRE (emphasized in color in the 
structure illustrated). 

As discussed on p. 244, the hormone recep- 
tor does not interact directly with the RNA 
polymerase, but rather—along with other 
transcription factors—with a coactivator/me- 
diator complex that processes all of the sig- 
nals and passes them on to the polymerase. In 
this way, hormonal effects lead within a pe- 
riod of minutes to hours to altered levels of 
mRNAs for key proteins in cellular processes 
(“cellular response”). 


B. Steroid receptors O 


The receptors for lipophilic signaling substan- 
ces all belong to one protein superfamily. They 
are constructed in a modular fashion from 
domains with various lengths and functions. 
Starting from the N terminal, these are: the 
regulatory domain, the DNA-binding domain, a 
nuclear localization sequence (see p. 228), and 
the hormone-binding domain (see p. 73D). 

The homology among receptors is particu- 
larly great in the area of the DNA-binding 
domain. The proteins have cysteine-rich se- 
quences here that coordinatively bind zinc 
ions (A, Cys shown in yellow, Zn?* in light 
blue). These centers, known as “zinc fingers” 
or “zinc clusters,” stabilize the domains and 
support their dimerization, but do not take 
part in DNA binding directly. As in other tran- 
scription factors (see p. 118), “recognition 
helices” are responsible for that. 

In addition to the receptors mentioned in 
A, the family of steroid receptors also includes 
the product of the oncogene erb-A (see 
p. 398), the receptor for the environmental 
toxin dioxin, and other proteins for which a 
distinct hormone ligand has not been identi- 
fied (known as “orphan receptors”). Several 
steroid receptors—e.g., the retinoic acid re- 
ceptor—form functional heterodimers with 
orphan receptors. 
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380 Hormones 


Hydrophilic hormones 


The hydrophilic hormones are derived from 
amino acids, or are peptides and proteins 
composed of amino acids. Hormones with 
endocrine effects are synthesized in glandular 
cells and stored there in vesicles until they are 
released. As they are easily soluble, they do 
not need carrier proteins for transport in the 
blood. They bind on the plasma membrane of 
the target cells to receptors that pass the hor- 
monal signal on (signal transduction; see 
p. 384). Several hormones in this group have 
paracrine effects—i.e., they only act in the 
immediate vicinity of their site of synthesis 
(see p. 372). 


A. Signaling substances derived from amino 
acids 0 


Histamine, serotonin, melatonin, and the cat- 
echolamines dopa, dopamine, norepineph- 
rine, and epinephrine are known as “biogenic 
amines.” They are produced from amino acids 
by decarboxylation and usually act not only as 
hormones, but also as neurotransmitters. 

Histamine, an important mediator (local 
signaling substance) and neurotransmitter, is 
mainly stored in tissue mast cells and baso- 
philic granulocytes in the blood. It is involved 
in inflammatory and allergic reactions. “His- 
tamine liberators” such as tissue hormones, 
type E immunoglobulins (see p. 300), and 
drugs can release it. Histamine acts via vari- 
ous types of receptor. Binding to H; receptors 
promotes contraction of smooth muscle in the 
bronchia, and dilates the capillary vessels and 
increases their permeability. Via Hz receptors, 
histamine slows down the heart rate and pro- 
motes the formation of HCl in the gastric mu- 
cosa. In the brain, histamine acts as a neuro- 
transmitter. 

Epinephrine is a hormone synthesized in 
the adrenal glands from tyrosine (see 
p. 352). Its release is subject to neuronal con- 
trol. This “emergency hormone” mainly acts 
on the blood vessels, heart, and metabolism. It 
constricts the blood vessels and thereby in- 
creases blood pressure (via a, and a» recep- 
tors); it increases cardiac function (via B2 re- 
ceptors); it promotes the degradation of gly- 
cogen into glucose in the liver and muscles 
(via Bz receptors); and it dilates the bronchia 
(also via Bz receptors). 


B. Examples of peptide hormones and 
proteohormones ® 


Numerically the largest group of signaling 
substances, these arise by protein biosynthe- 
sis (see p. 382). The smallest peptide hor- 
mone, thyroliberin (362 Da), is a tripeptide. 
Proteohormones can reach masses of more 
than 20 kDa—e. g., thyrotropin (28 kDa). Sim- 
ilarities in the primary structures of many 
peptide hormones and_ proteohormones 
show that they are related to one another. 
They probably arose from common predeces- 
sors in the course of evolution. 

Thyroliberin § (thyrotropin-releasing — hor- 
mone, TRH) is one of the neurohormones of 
the hypothalamus (see p. 330). It stimulates 
pituitary gland cells to secrete thyrotropin 
(TSH). TRH consists of three amino acids, 
which are modified in characteristic ways 
(see p. 353). 

Thyrotropin (thyroid-stimulating _ hor- 
mone, TSH) and the related hormones 
lutropin (luteinizing hormone, LH) and 
follitropin (follicle-stimulating hormone, 
FSH) originate in the adenohypophysis. They 
are all dimeric glycoproteins with masses of 
around 28 kDa. Thyrotropin stimulates the 
synthesis and secretion of thyroxin by the 
thyroid gland. 

Insulin (for the structure, see p. 70) is pro- 
duced and released by the B cells of the pan- 
creas and is released when the glucose level 
rises. Insulin reduces the blood sugar level by 
promoting processes that consume _ glu- 
cose—e.g., glycolysis, glycogen synthesis, 
and conversion of glucose into fatty acids. By 
contrast, it inhibits gluconeogenesis and gly- 
cogen degradation. The transmission of the 
insulin signal in the target cells is discussed 
in greater detail on p. 388. 

Glucagon, a peptide of 29 amino acids, is a 
product of the A cells of the pancreas. It is the 
antagonist of insulin and, like insulin, mainly 
influences carbohydrate and lipid metabo- 
lism. Its effects are each opposite to those of 
insulin. Glucagon mainly acts via the second 
messenger cAMP (see p. 384). 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


Hydrophilic hormones 381 





A. Signaling substances derived from amino acids 













Hormone Sites of formation Sites of action Actions 


Roe Histamine a Width of bronchi} 
<"s.<e) stores ite 
be a Ca ee 
UY widt 

Mast cell permeability f 
\ Tass 

a N Gastric acid 

H Or secretion 

Basophilic by parietal cells f 


Histamine granulocyte Stomach 


Cardiac output f 


Width of 
blood vessels} 


Adrenal ae 
Blood pressure f 


(medulla 
_, Metabolism: 
Glycogenolysis + 
Adipose Blood glucose f 
Epinephrine tissue Muscle Lipolysis 


OH 





B. Examples of peptide hormones and proteohormones 










Hypothalamus Pituitary Thyrotropin 
oe - — secretion f 
Thyroliberin ES | \ GZ 
(TRH) S \ KD Neurotransmitter 






3AA action 







Thyrotropin 
(TSH) 
a chain 92 AA 


hain112 AA __-Adeno- Thyroid 
Poem hypophysis gland Thyroxine 


Insulin Glucose» Glucose 
A chain 21 AA ees? uptake by cells f 


B chain 30 AA o Blood glucose | 
Bcells = Glycogen Proteins Fats 






Synthesis and 
secretion of thyroxine f 




















Pancreas ty ty ty Storage compounds: 
’ formation 
Glucose Amino Fatty degradation | 
acids acids 








g Fats Glycogenolysis f 
Glucagon | Gluconeogenesist 
ek ae Fatty Bloodglucose ¢ 
Acells acids g 
Pancreas Ketone body 
Ketone formation ‘ 
bodies 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


382 Hormones 


Metabolism of peptide hormones 


Hydrophilic hormones and other water-solu- 
ble signaling substances have a variety of bio- 
synthetic pathways. Amino acid derivatives 
arise in special metabolic pathways (see 
p. 352) or through post-translational modi- 
fication (see p. 374). Proteohormones, like all 
proteins, result from translation in the ribo- 
some (see p. 250). Small peptide hormones 
and neuropeptides, most of which only con- 
sist of 3-30 amino acids, are released from 
precursor proteins by proteolytic degradation. 


A. Biosynthesis O 


The illustration shows the synthesis and pro- 
cessing of the precursor protein proopiome- 
lanocortin (POMC) as an example of the bio- 
synthesis of small peptides with signaling 
functions. POMC arises in cells of the adeno- 
hypophysis, and after processing in the rER 
and Golgi apparatus, it supplies the opiate- 
like peptides met-enkephalin and /-endor- 
phin (implying “opio-”; see p.352), three 
melanocyte-stimulating hormones (a-, B- and 
y-MSH, implying “melano-”), and the glan- 
dotropic hormone corticotropin (ACTH, im- 
plying “-cortin”). Additional products of 
POMC degradation include two lipotropins 
with catabolic effects in the adipose tissue 
(B- and y-LPH). 

Some of the peptides mentioned are over- 
lapping in the POMC sequence. For example, 
additional cleavage of ACTH gives rise to o- 
MSH and corticotropin-like intermediary 
peptide (CLIP). Proteolytic degradation of B- 
LPH provides y-LPH and B-endorphin. The 
latter can be further broken down to yield 
met-enkephalin, while y-LPH can still give 
rise to B-MSH (not shown). Due to the numer- 
ous derivative products with biological activ- 
ity that it has, POMC is also known as a poly- 
protein. Which end product is formed and in 
what amounts depends on the activity of the 
proteinases in the ER that catalyze the indi- 
vidual cleavages. 

The principles underlying protein synthe- 
sis and protein maturation (see pp. 230-233) 
can be summed up once again using the ex- 
ample of POMC: 

[1] As a result of transcription of the POMC 
gene and maturation of the hnRNA, a mature 
mRNA consisting of some 1100 nucleotides 


arises, which is modified at both ends (see 
p. 246). This mRNA codes for prepro-POMC— 
i.e., a POMC protein that still has a signal 
peptide for the ER at the N terminus (see 
p. 230). 

[2] Prepro-POMC arises through translation 
in the rough endoplasmic reticulum (rER). 
The growing peptide chain is introduced 
into the ER with the help of a signal peptide. 

[3] Cleavage of the signal peptide and other 
modifications in the ER (formation of disulfide 
bonds, glycosylation, phosphorylation) give 
rise to the mature prohormone (“pro-POMC”). 

[4] The neuropeptides and hormones men- 
tioned are now formed by limited proteolysis 
and stored in vesicles. Release from these 
vesicles takes place by exocytosis when 
needed. 

The biosynthesis of peptide hormones and 
proteohormones, as well as their secretion, is 
controlled by higher-order regulatory sys- 
tems (see p. 372). Calcium ions are among 
the substances involved in this regulation as 
second messengers; an increase in calcium 
ions stimulates synthesis and secretion. 


B. Degradation and inactivation 0 


Degradation of peptide hormones often starts 
in the blood plasma or on the vascular walls; 
it is particularly intensive in the kidneys. 

Several peptides that contain disulfide 
bonds (e.g., insulin) can be inactivated by 
reductive cleavage of the disulfide bonds (1). 
Peptides and proteins are also cleaved by 
peptidases, starting from one end of the pep- 
tide by exopeptidases (2), or in the middle of it 
by proteinases (endopeptidases, 3). Proteoly- 
sis gives rise to a variety of hormone frag- 
ments, several of which are still biologically 
active. Some peptide hormones and proteo- 
hormones are removed from the blood by 
binding to their receptors with subsequent 
endocytosis of the hormone-receptor com- 
plex (4). They are then broken down in the 
lysosomes. All of the degradation reactions 
lead to amino acids, which become available 
to the metabolism again. 
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384 Hormones 


Mechanisms of action 


The messages transmitted by hydrophilic sig- 
naling substances (see p. 380) are sent to the 
interior of the cell by membrane receptors. 
These bind the hormone on the outside of 
the cell and trigger a new second signal on 
the inside by altering their conformation. In 
the interior of the cell, this secondary signal 
influences the activity of enzymes or ion 
channels. Via further steps, switching of the 
metabolism, changes in the cytoskeleton, and 
activation or inhibition of transcription factors 
can occur (“signal transduction”) can occur. 


A. Mechanisms of action @ 


Receptors are classified into three different 
types according to their structure (see also 
p. 224): 

1. 1-Helix receptors (left) are proteins that 
span the membrane with only one o-helix. On 
their inner (cytoplasmic) side, they have do- 
mains with allosterically activatable enzyme 
activity. In most cases, these are tyrosine 
kinases. 

Insulins (see p. 388), growth factors, and 
cytokines (see p. 392), for example, act via 1- 
helix receptors. Binding of the signaling sub- 
stance leads to activation of internal kinase 
activity (in some cases, dimerization of the 
receptor is needed for this). The activated 
kinase phosphorylates itself using ATP (auto- 
phosphorylation), and also phosphorylates ty- 
rosine residues of other proteins (known as 
receptor substrates). Adaptor proteins that 
recognize the phosphotyrosine residues bind 
to the phosphorylated proteins (see pp. 388, 
392). They pass the signal on to other protein 
kinases. 

2. lon channels (center). These receptors 
contain ligand-gated ion channels. Binding of 
the signaling substance opens the channels 
for ions such as Na‘, K*, Ca2*, and Cl. This 
mechanism is mainly used by neurotrans- 
mitters such as acetylcholine (nicotinic recep- 
tor; see p.224) and GABA (A receptor; see 
p. 354). 

3. 7-Helix receptors (serpentine receptors, 
right) represent a large group of membrane pro- 
teins that transfer the hormone or transmitter 
signal, with the help of G proteins (see below), to 
effector proteins that alter the concentrations 
of ions and second messengers (see B). 


B. Signal transduction by G proteins @ 


G proteins transfer signals from 7-helix re- 
ceptors to effector proteins (see above). G 
protein are heterotrimers consisting of three 
different types of subunit (o, 6, and y; see 
p.224). The a-subunit can bind GDP or GIP 
(hence the name “G protein”) and has GTPase 
activity. Receptor-coupled G proteins are re- 
lated to other GTP-binding proteins such as 
Ras (see pp. 388, 398) and EF-Tu (see p. 252). 

G proteins are divided into several types, 
depending on their effects. Stimulatory G pro- 
teins (G,) are widespread. They activate ad- 
enylate cyclases (see below) or influence ion 
channels. Inhibitory G proteins (G,) inhibit ad- 
enylate cyclase. G proteins in the G, family 
activate another effector enzyme—phospholi- 
pase c (see p. 386). 

Binding of the signaling substance to a 7- 
helix receptor alters the receptor conforma- 
tion in such a way that the corresponding G 
protein can attach on the inside of the cell. 
This causes the a-subunit of the G protein to 
exchange bound GDP for GTP (1). The G pro- 
tein then separates from the receptor and 
dissociates into an o-subunit and a By-unit. 
Both of these components bind to other mem- 
brane proteins and alter their activity; ion 
channels are opened or closed, and enzymes 
are activated or inactivated. 

In the case of the B2-catecholamine recep- 
tor (illustrated here), the o-subunit of the G, 
protein, by binding to adenylate cyclase, leads 
to the synthesis of the second messenger 
cAMP. cAMP activates protein kinase A, which 
in turn activates or inhibits other proteins (2; 
see p.120). 

The By-unit of the G protein stimulates a 
kinase (BARK, not shown), which phosphory- 
lates the receptor. This reduces its af nity for 
the hormone and leads to binding of the 
blocking protein arrestin. The internal GTPase 
activity of the o-subunit hydrolyzes the 
bound GTP to GDP within a period of seconds 
to minutes, and thereby terminates the action 
of the G protein on the adenylate cyclase (3). 
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386 Hormones 


Second messengers 


Second messengers are intracellular chemical 
signals, the concentration of which is regu- 
lated by hormones, neurotransmitters, and 
other extracellular signals (see p. 384). They 
arise from easily available substrates and only 
have a short half-life. The most important 
second messengers are CAMP, cGMP, Ca>; in- 
ositol triphosphate (InsP3), diacylglycerol 
(DAG), and nitrogen monoxide (NO). 


A. Cyclic AMP 0 


Metabolism. The nucleotide cAMP (adenosine 
3’,5’-cyclic monophosphate) is synthesized 
by membrane-bound adenylate cyclases [1] 
on the inside of the plasma membrane. The 
adenylate cyclases are a family of enzymes 
that cyclize ATP to cAMP by cleaving diphos- 
phate (PP;). The degradation of cAMP to AMP 
is catalyzed by phosphodiesterases [2], which 
are inhibited by methylxanthines such as caf- 
feine, for example. By contrast, insulin acti- 
vates the esterase and thereby reduces the 
cAMP level (see p. 388). 

Adenylate cyclase activity is regulated by G 
proteins (G, and G;), which in turn are con- 
trolled by extracellular signals via 7-helix re- 
ceptors (see p. 384). Ca?*-calmodulin (see be- 
low) also activates specific adenylate cyclases. 

Action. cAMP is an allosteric effector of 
protein kinase A (PK-A, [3]). In the inactive 
state, PK-A is a heterotetramer (C,R2), the 
catalytic subunits of which (C) are blocked 
by regulatory units (R; autoinhibition). 
When cAMP binds to the regulatory units, 
the C units separate from the R units and 
become enzymatically active. Active PK-A 
phosphorylates serine and threonine residues 
of more than 100 different proteins, enzymes, 
and transcription factors. In addition to cAMP, 
cGMP also acts as a second messenger. It is 
involved in sight (see p. 358) and in the signal 
transduction of NO (see p. 388). 


B. Inositol 1,4,5-trisphosphate and 
diacylglycerol ® 


Type G, G proteins activate phospholipase C 
[4]. This enzyme creates two second messen- 
gers from the double-phosphorylated mem- 
brane’ phospholipid _phosphatidylinositol 
bisphosphate (PInsP2), i.e., inositol 1,4,5-tris- 


phosphate (InsP3), which is soluble, and diac- 
ylglycerol (DAG). InsP3 migrates to the endo- 
plasmic reticulum (ER), where it opens Ca?* 
channels that allow Ca* to flow into the cy- 
toplasm (see C). By contrast, DAG, which is 
lipophilic, remains in the membrane, where 
it activates type C protein kinases, which 
phosphorylate proteins in the presence of 
Ca?* ions and thereby pass the signal on. 


C. Calcium ions O 


Calcium level. Ca2* (see p. 342) is a signaling 
substance. The concentration of Ca?* ions 
in the cytoplasm is normally very low 
(10-100 nM), as it is kept down by ATP- 
driven Ca?* pumps and Na*/Ca?* exchangers. 
In addition, many proteins in the cytoplasm 
and organelles bind calcium and thus act as 
Ca** buffers. 

Specific signals (e. g., an action potential or 
second messenger such as InsP3 or cAMP) can 
trigger a sudden increase in the cytoplasmic 
Ca2* level to 500-1000 nM by opening 
Ca** channels in the plasma membrane or in 
the membranes of the endoplasmic or sarco- 
plasmic reticulum. Ryanodine, a plant sub- 
stance, acts in this way on a specific channel 
in the ER. In the cytoplasm, the Ca** level 
always only rises very briefly (Ca?* “spikes”), 
as prolonged high concentrations in the cyto- 
plasm have cytotoxic effects. 

Calcium effects. The biochemical effects of 
Ca?* in the cytoplasm are mediated by special 
Ca’*-binding proteins (“calcium sensors”). 
These include the annexins, calmodulin, and 
troponin C in muscle (see p. 334). Calmodulin 
is a relatively small protein (17 kDa) that oc- 
curs in all animal cells. Binding of four Ca?* 
ions (light blue) converts it into a regulatory 
element. Via a dramatic conformational 
change (cf. 2a and 2b), Ca?*-calmodulin enters 
into interaction with other proteins and mod- 
ulates their properties. Using this mechanism, 
Ca?* ions regulate the activity of enzymes, ion 
pumps, and components of the cytoskeleton. 
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388 Hormones 


Signal cascades 


The signal transduction pathways that medi- 
ate the effects of the metabolic hormone in- 
sulin are of particular medical interest (see A). 
The mediator nitrogen monoxide (NO) is also 
clinically important, as it regulates vascular 
caliber and thus the body’s perfusion with 
blood (see B). 


A. Insulin: signal transduction O 


The diverse effects of insulin (see p. 160) are 
mediated by protein kinases that mutually 
activate each other in the form of enzyme 
cascades. At the end of this chain there are 
kinases that influence gene transcription in 
the nucleus by phosphorylating target pro- 
teins, or promote the uptake of glucose and 
its conversion into glycogen. The signal trans- 
duction pathways involved have not yet been 
fully explained. They are presented here in a 
simplified form. 

The insulin receptor (top) is a dimer with 
subunits that have activatable tyrosine kinase 
domains in the interior of the cell (see p. 224). 
Binding of the hormone increases the tyrosine 
kinase activity of the receptor, which then 
phosphorylates itself and other proteins 
(receptor substrates) at various tyrosine re- 
sidues. Adaptor proteins, which conduct the 
signal further, bind to the phosphotyrosine 
residues. 

The effects of insulin on transcription are 
shown on the left of the illustration. Adaptor 
proteins Grb-2 and SOS (“son of sevenless”) 
bind to the phosphorylated IRS (insulin-re- 
ceptor substrate) and activate the G protein 
Ras (named after its gene, the oncogene ras; 
see p.398). Ras activates the protein kinase 
Raf (another oncogene product). Raf sets in 
motion a phosphorylation cascade that leads 
via the kinases MEK and ERK (also known as 
MAPK, “mitogen-activated protein kinase”) to 
the phosphorylation of transcription factors 
in the nucleus. 

Some of the effects of insulin on the carbo- 
hydrate metabolism (right part of the illustra- 
tion) are possible without protein synthesis. 
In addition to Grb-2, another dimeric adaptor 
protein can also bind to phosphorylated IRS. 
This adaptor protein thereby acquires phos- 
phatidylinositol-3-kinase activity (PI,;K) and, 
in the membrane, phosphorylates phospholi- 


pids from the phosphatidylinositol group (see 
p. 50) at position 3. Protein kinase PDK-1 
binds to these reaction products, becoming 
activated itself and in turn activating protein 
kinase B (PK-B). 

This has several effects. In a manner not yet 
fully understood, PK-B leads to the fusion 
with the plasma membrane of vesicles that 
contain the glucose transporter Glut-4. This 
results in inclusion of Glut-4 in the membrane 
and thus to increased glucose uptake into the 
muscles and adipose tissue (see p. 160). In 
addition, PK-B inhibits glycogen synthase kin- 
ase 3 (GSK-3) by phosphorylation. As GSK-3 in 
turn inhibits glycogen synthase by phosphor- 
ylation (see p. 120), its inhibition by PK-B 
leads to increased glycogen synthesis. Protein 
phosphatase-1 (PP-1) converts glycogen syn- 
thase into its active form by dephosphoryla- 
tion (see p. 120). PP-1 is also activated by 
insulin. 


B. Nitrogen monoxide (NO) as a mediator O 


Nitrogen monoxide (NO) is a short-lived rad- 
ical that functions as a locally acting mediator 
(see p. 370). 

In a complex reaction, NO arises from argi- 
nine in the endothelial cells of the blood ves- 
sels [1]. The trigger for this is Ca*-calmodulin 
(see p. 386), which forms when there is an 
increase in the cytoplasmic Ca?" level. 

NO diffuses from the endothelium into the 
underlying vascular muscle cells, where it 
leads, as a result of activation of guanylate 
cyclase [2], to the formation of the second 
messenger cGMP (see pp. 358, 384). Finally, 
by activating a special protein kinase (PK-G), 
cGMP triggers relaxation of the smooth 
muscle and thus dilation of the vessels. The 
effects of atrionatriuretic peptide (ANP; see 
p.328) in reducing blood pressure are also 
mediated by cGMP-induced vasodilation. In 
this case, cGMP is formed by the guanylate 
cyclase activity of the ANP receptor. 


Further information 


The drug nitroglycerin (glyceryl trinitrate), 
which is used in the treatment of angina 
pectoris, releases NO in the bloodstream and 
thereby leads to better perfusion of cardiac 
muscle. 
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390 Hormones 


Eicosanoids 


The eicosanoids are a group of signaling sub- 
stances that arise from the C-20 fatty acid 
arachidonic acid and therefore usually contain 
20 C atoms (Greek eicosa = 20). As mediators, 
they influence a large number of physiological 
processes (see below). Eicosanoid metabolism 
is therefore an important drug target. As 
short-lived substances, eicosanoids only act 
in the vicinity of their site of synthesis (para- 
crine effect; see p. 372). 


A. Eicosanoids O 


Biosynthesis. Almost all of the body’s cells 
form eicosanoids. Membrane phospholipids 
that contain the polyunsaturated fatty acid 
arachidonic acid (20:4; see p.48) provide the 
starting material. 

Initially, phospholipase Az [1] releases the 
arachidonate moiety from these phospholi- 
pids. The activity of phospholipase Aj is strictly 
regulated. It is activated by hormones and 
other signals via G proteins. The arachidonate 
released is a signaling substance itself. How- 
ever, its metabolites are even more important. 

Two different pathways lead from arachi- 
donate to prostaglandins, prostacyclins, and 
thromboxanes, on the one hand, or leuko- 
trienes on the other. The key enzyme for the 
first pathway is prostaglandin synthase [2]. 
Using up Oz, it catalyzes in a two-step reac- 
tion the cyclization of arachidonate to prosta- 
glandin Hp, the parent substance for the pros- 
taglandins, prostacyclins, and thromboxanes. 
Acetylsalicylic acid (aspirin) irreversibly ace- 
tylates a serine residue near the active center 
of prostaglandin synthase, so that access for 
substrates is blocked (see below). 

As a result of the action of lipoxygenases [3], 
hydroxyfatty acids and hydroperoxyfatty acids 
are formed from arachidonate, from which 
elimination of water and various conversion 
reactions give rise to the leukotrienes. The for- 
mulae only show one representative from each 
of the various groups of eicosanoids. 

Effects. Eicosanoids act via membrane re- 
ceptors in the immediate vicinity of their site 
of synthesis, both on the synthesizing cell 
itself (autocrine action) and on neighboring 
cells (paracrine action). Many of their effects 
are mediated by the second messengers cAMP 
and cGMP. 


The eicosanoids have a very wide range of 
physiological effects. As they can stimulate or 
inhibit smooth-muscle contraction, depend- 
ing on the substance concerned, they affect 
blood pressure, respiration, and intestinal and 
uterine activity, among other properties. In 
the stomach, prostaglandins inhibit HCl se- 
cretion via G, proteins (see p. 270). At the 
same time, they promote mucus secretion, 
which protects the gastric mucosa against 
the acid. In addition, prostaglandins are in- 
volved in bone metabolism and in the activity 
of the sympathetic nervous system. In the 
immune system, prostaglandins are impor- 
tant in the inflammatory reaction. Among 
other things, they attract leukocytes to the 
site of infection. Eicosanoids are also deci- 
sively involved in the development of pain 
and fever. The thromboxanes promote throm- 
bocyte aggregation and other processes in- 
volved in hemostasis (see p. 290). 

Metabolism. Eicosanoids are inactivated 
within a period of seconds to minutes. This 
takes place by enzymatic reduction of double 
bonds and dehydrogenation of hydroxyl 
groups. As a result of this rapid degradation, 
their range is very limited. 


Further information 


Acetylsalicylic acid and related non-steroidal 
anti-inflammatory drugs (NSAIDs) selectively 
inhibit the cyclooxygenase activity of prosta- 
glandin synthase [2] and consequently the 
synthesis of most eicosanoids. This explains 
their analgesic, antipyretic, and antirheumatic 
effects. Frequent side effects of NSAIDs also 
result from inhibition of eicosanoid synthesis. 
For example, they impair hemostasis because 
the synthesis of thromboxanes by thrombo- 
cytes is inhibited. In the stomach, NSAIDs in- 
crease HCI secretion and at the same time 
inhibit the formation of protective mucus. 
Long-term NSAID use can therefore damage 
the gastric mucosa. 
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392 Hormones 


Cytokines 


A. Cytokines 0 


Cytokines are hormone-like peptides and pro- 
teins with signaling functions, which are syn- 
thesized and released by cells of the immune 
system and other cell types. Their numerous 
biological functions operate in three areas: 
they regulate the development and homeosta- 
sis of the immune system; they control the 
hematopoietic system; and they are involved 
in non-specific defense, influencing inflamma- 
tory processes, blood coagulation, and blood 
pressure. In general, cytokines regulate the 
growth, differentiation, and survival of cells. 
They are also involved in regulating apoptosis 
(see p. 396). 

There is an extremely large number of cy- 
tokines; only the most important representa- 
tives are listed opposite. The cytokines 
include interleukins (IL), lymphokines, mono- 
kines, chemokines, interferons (IFN), and col- 
ony-stimulating factors (CSF). Via interleukins, 
immune cells stimulate the proliferation and 
activity of other immune cells (see p. 294). 
Interferons are used medically in the treat- 
ment of viral infections and other diseases. 

Although cytokines rarely show structural 
homologies with each other, their effects are 
often very similar. The cytokines differ from 
hormones (see p. 370) only in certain re- 
spects: they are released by many different 
cells, rather than being secreted by defined 
glands, and they regulate a wider variety of 
target cells than the hormones. 


B. Signal transduction in the cytokines O 


As peptides or proteins, the cytokines are hy- 
drophilic signaling substances that act by 
binding to receptors on the cell surface (see 
p. 380). Binding of a cytokine to its receptor 
(1) leads via several intermediate steps (2 -5) 
to the activation of transcription of specific 
genes (6). 

In contrast to the receptors for insulin and 
growth factors (see p. 388), the cytokine re- 
ceptors (with a few exceptions) have no ty- 
rosine kinase activity. After binding of cyto- 
kine (1), they associate with one another to 
form homodimers, join together with other 
signal transduction proteins (STPs) to form 
dimers, or promote dimerization of other 


STPs (2). Class I cytokine receptors interact 
with three different STPs (gp130, B,, and y,). 
The STPs themselves do not bind cytokines, 
but conduct the signal to tyrosine kinases (3). 
The fact that different cytokines can activate 
the same STP via their receptors explains the 
overlapping biological activity of some cyto- 
kines. 

As an example of the signal transduction 
pathway in cytokines, the illustration shows 
the way in which the IL-6 receptor, after bind- 
ing its ligand IL-6 (1), induces the dimeriza- 
tion of the STP gp130 (2). The dimeric gp130 
binds cytoplasmic tyrosine kinases from the 
Jak family (“Janus kinases,” with two kinase 
centers) and activates them (3). The Janus 
kinases phosphorylate cytokine receptors, 
STPs, and various cytoplasmic proteins that 
conduct the signal further. In addition, they 
phosphorylate transcription factors known as 
STATs (“signal transducers and activators of 
transcription”). STATs are among the proteins 
that have an SH2 domain and are able to bind 
phosphotyrosine residues (see p. 388). They 
therefore bind to cytokine receptors that have 
been phosphorylated by Janus kinases. When 
STATs are then also phosphorylated them- 
selves (4), they are converted into their active 
form and become dimers (5). After transfer to 
the nucleus, they bind—along with auxiliary 
proteins as transcription factors—to the pro- 
moters of inducible genes and in this way 
regulate their transcription (6). 

The activity of the cytokine receptors is 
terminated by protein phosphatases, which 
hydrolytically cleave the phosphotyrosine 
residues. Several cytokine receptors are able 
to lose their ligand-binding extracellular do- 
main by proteolysis (not shown). The extra- 
cellular domain then appears in the blood, 
where it competes for cytokines. This reduces 
the effective cytokine concentration. 
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394 Growth and development 
Cell cycle 
A. Cell cycle ® 


Proliferating cells undergo a cycle of division 
(the cell cycle), which lasts approximately 
24 hours in mammalian cells in cell culture. 
The cycle is divided into four different phases 
(Gy, S, G2, and M—in that sequence). 

Fully differentiated animal cells only divide 
rarely. These cells are in the so-called Go 
phase, in which they can remain permanently. 
Some Go cells return to the G, phase again 
under the influence of mitogenic signals 
(growth factors, cytokines, tumor viruses, 
etc.), and after crossing a control point (G, to 
S), enter a new cycle. DNA is replicated (see 
p. 240) during the S phase, and new chroma- 
tin is formed. Particularly remarkable in mor- 
phological terms is the actual mitosis (M 
phase), in which the chromosomes separate 
and two daughter cells are formed. The M and 
S phases are separated by two segments 
known as the G, and G, phases (the G stands 
for “gap”). In the G, phase, the duration of 
which can vary, the cell grows by de novo 
synthesis of cell components. Together, the 
G1, Go, S, and Gz phases are referred to as 
the interphase, which alternates in the cell 
cycle with the short M phase. 


B. Control of the cell cycle O 


The progression of the cell cycle is regulated 
by interconversion processes. In each phase, 
special Ser/Thr-specific protein kinases are 
formed, which are known as cyclin-depen- 
dent kinases (CDKs). This term is used be- 
cause they have to bind an activator protein 
(cyclin) in order to become active. At each 
control point in the cycle, specific CDKs asso- 
ciate with equally phase-specific cyclins. If 
there are no problems (e.g., DNA damage), 
the CDK-cyclin complex is activated by phos- 
phorylation and/or dephosphorylation. The 
activated complex in turn phosphorylates 
transcription factors, which finally lead to 
the formation of the proteins that are re- 
quired in the cell cycle phase concerned (en- 
zymes, cytoskeleton components, other CDKs, 
and cyclins). The activity of the CDK-cyclin 
complex is then terminated again by pro- 
teolytic cyclin degradation. 


The above outline of cell cycle progression 
can be examined here in more detail using the 
G>-M transition as an example. 

Entry of animal cells into mitosis is based 
on the “mitosis-promoting factor” (MPF). MPF 
consists of CDK1 (cdc2) and cyclin B. The in- 
tracellular concentration of cyclin B increases 
constantly until mitosis starts, and then de- 
clines again rapidly (top left). MPF is initially 
inactive, because CDK1 is phosphorylated and 
cyclin B is dephosphorylated (top center). The 
M phase is triggered when a protein phos- 
phatase [1] dephosphorylates the CDK while 
cyclin B is phosphorylated by a kinase [2]. In 
its active form, MPF phosphorylates various 
proteins that have functions in mitosis—e.¢., 
histone H1 (see p. 238), components of the 
cytoskeleton such as the laminins in the nu- 
clear membrane, transcription factors, mitotic 
spindle proteins, and various enzymes. 

When mitosis has been completed, cyclin B 
is marked with ubiquitin and broken down 
proteolytically by proteasomes (see p. 176). 
Protein phosphatases then regain control 
and dephosphorylate the proteins involved 
in mitosis. This returns the cell to the inter- 
phase. 


Further information 


The G,-S transition (not shown) is particu- 
larly important for initiating the cell cycle. It 
is triggered by the CDK4-cyclin D complex, 
which by phosphorylating the protein pRb 
releases the transcription factor E2F previ- 
ously bound to pRb. This activates the tran- 
scription of genes needed for DNA replication. 

If the DNA is damaged by mutagens or ion- 
izing radiation, the protein p53 initially delays 
entry into the S phase. If the DNA repair sys- 
tem (see p. 256) does not succeed in remov- 
ing the DNA damage, p53 forces the cell into 
apoptosis (see p. 396). The genes coding for 
pRb and p53 belong to the tumor-suppressor 
genes (see p. 398). In many tumors (see 
p. 400), these genes are in fact damaged by 
mutation. 
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Apoptosis 


A. Cell proliferation and apoptosis ® 


The number of cells in any tissue is mainly 
regulated by two processes—cell proliferation 
and physiological cell death, apoptosis. Both of 
these processes are regulated by stimulatory 
and inhibitory factors that act in solute form 
(growth factors and cytokines) or are pre- 
sented in bound form on the surface of neigh- 
boring cells (see below). 

Apoptosis is genetically programmed cell 
death, which leads to “tidy” breakdown and 
disposal of cells. Morphologically, apoptosis is 
characterized by changes in the cell mem- 
brane (with the formation of small blebs 
known as “apoptotic bodies”), shrinking of 
the nucleus, chromatin condensation, and 
fragmentation of DNA. Macrophages and 
other phagocytic cells recognize apoptotic 
cells and remove them by phagocytosis with- 
out inflammatory phenomena developing. 

Cell necrosis (not shown) should be distin- 
guished from apoptosis. In cell necrosis, cell 
death is usually due to physical or chemical 
damage. Necrosis leads to swelling and burst- 
ing of the damaged cells and often triggers an 
inflammatory response. 

The growth of tissue (or, more precisely, 
the number of cells) is actually regulated by 
apoptosis. In addition, apoptosis allows the 
elimination of unwanted or superfluous 
cells—e.g., during embryonic development 
or in the immune system. The contraction of 
the uterus after birth is also based on apop- 
tosis. Diseased cells are also eliminated by 
apoptosis—e.g., tumor cells, virus-infected 
cells, and cells with irreparably damaged 
DNA. An everyday example of this is the peel- 
ing of the skin after sunburn. 


B. Regulation of apoptosis O 


Apoptosis can be triggered by a number of 
different signals that use various transmission 
pathways. Other signaling pathways prevent 
apoptosis. 

At the center of the apoptotic process lies a 
group of specialized cysteine-containing as- 
partate proteinases (see p. 176), known as cas- 
pases. These mutually activate one another, 
creating an enzyme cascade resembling the 
cascade involved in blood coagulation (see 


p. 290). Other enzymes in this group, known 
as effector caspases, cleave cell components 
after being activated—e. g., laminin in the nu- 
clear membrane and snRP proteins (see 
p. 246)—or activate special DNases which 
then fragment the nuclear DNA. 

An important trigger for apoptosis is 
known as the Fas system. This is used by 
cytotoxic T cells, for example, which eliminate 
infected cells in this way (top left). Most of the 
body’s cells have Fas receptors (CD 95) on 
their plasma membrane. If a T cell is activated 
by contact with an MHC presenting a viral 
peptide (see p. 296), binding of its Fas 
ligands occurs on the target cell’s Fas recep- 
tors. Via the mediator protein FADD (“Fas- 
associated death domain”), this activates cas- 
pase-8 inside the cell, setting in motion the 
apoptotic process. 

Another trigger is provided by tumor ne- 
crosis factor-a (TNF-a), which acts via a sim- 
ilar protein (TRADD) and supports the endog- 
enous defense system against tumors by in- 
ducing apoptosis. 

Caspase-8 activates the effector caspases 
either directly, or indirectly by promoting 
the cytochrome c (see p. 140) from mitochon- 
dria. Once in the cytoplasm, cytochrome c 
binds to and activates the protein Apaf-1 
(not shown) and thus triggers the caspase 
cascade. Apoptotic signals can also come 
from the cell nucleus. If irreparable DNA dam- 
age is present, the p53 protein (see 
p. 394)—the product of a tumor suppressor 
gene—promotes apoptosis and thus helps 
eliminate the defective cell. 

There are also inhibitory factors that op- 
pose the signals that activate apoptosis. These 
include bcl-2 and related proteins. The ge- 
nomes of several viruses include genes for 
this type of protein. The genes are expressed 
by the host cell and (to the benefit of the 
virus) prevent the host cell from being pre- 
maturely eliminated by apoptosis. 
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Oncogenes 


Oncogenes are cellular genes that can trigger 
uncontrolled cell proliferation if their se- 
quence is altered or their expression is incor- 
rectly regulated. They were first discovered as 
viral (v-) oncogenes in retroviruses that cause 
tumors (tumor viruses). Viruses of this type 
(see p. 404) sometimes incorporate genes 
from the host cell into their own genome. If 
these genes are reincorporated into the host 
DNA again during later infection, tumors can 
then be caused in rare cases. Although virus- 
related tumors are rare, research into them 
has made a decisive contribution to our 
understanding of oncogenes and their func- 
tioning. 


A. Proto-oncogenes: biological role ® 


The cellular form of oncogenes (known as c- 
oncogenes or proto-oncogenes) code for pro- 
teins involved in controlling growth and dif- 
ferentiation processes. They only become on- 
cogenes if their sequence has been altered by 
mutations (see p. 256), deletions, and other 
processes, or when excessive amounts of the 
gene products have been produced as a result 
of overexpression. 

Overexpression can occur when amplifica- 
tion leads to numerous functional copies of 
the respective gene, or when the gene falls 
under the influence of a highly active pro- 
moter (see p. 244). If the control of oncogene 
expression by tumor suppressor genes (see 
p. 394) is also disturbed, transformation and 
unregulated proliferation of the cells can oc- 
cur. A single activated oncogene does not 
usually lead to a loss of growth control. It 
only occurs when over the course of time 
mutations and regulation defects accumulate 
in one and the same cell. If the immune sys- 
tem does not succeed in eliminating the 
transformed cell, it can over the course of 
months or years grow into a macroscopically 
visible tumor. 


B. Oncogene products: 
biochemical functions ® 


A feature common to all oncogenes is the fact 
that they code for proteins involved in signal 
transduction processes. The genes are desig- 
nated using three-letter abbreviations that 


usually indicate the origin of the viral gene 
and are printed in italics (e.g., myc for mye- 
locytomatosis, a viral disease in birds). Onco- 
gene products can be classified into the fol- 
lowing groups according to their functions. 


1. Ligands such as growth factors and 
cytokines, which promote cell proliferation. 

2. Membrane receptors of the 1-helix type 
with tyrosine kinase activity, which can 
bind growth factors and hormones (see 
p. 394). 

3. GTP-binding proteins. This group includes 
the G proteins in the strict sense and re- 
lated proteins such as Ras (see p. 388), the 
product of the oncogene c-ras. 

4. Receptors for lipophilic hormones mediate 
the effects of steroid hormones and related 
signaling substances. They regulate the 
transcription of specific genes (see 
p. 378). The products of several oncogenes 
(e.g., erbA) belong to this superfamily of 
ligand-controlled transcription factors. 

5. Nuclear tumor suppressors inhibit return 
to the cell cycle in fully differentiated cells. 
The genes that code for these proteins are 
referred to as anti-oncogenes due to this 
function. On the role of p53 and pRb, see 
p. 394. 

6. DNA-binding proteins. A whole series of 
oncogenes code for transcription factors. 
Particularly important for cell proliferation 
are myc, as well as fos and jun. The protein 
products of the latter two genes form the 
transcription factor AP-1 as a heterodimer 
(see p. 244). 

7. Protein kinases play a central role in intra- 
cellular signal transduction. By phosphor- 
ylating proteins, they bring about altera- 
tions in biological activity that can only 
be reversed again by the effects of protein 
phosphatases. The interplay between pro- 
tein phosphorylation by protein kinases 
and dephosphorylation by protein phos- 
phatases (interconversion) serves to regu- 
late the cell cycle (see p. 394) and other 
important processes. The protein kinase 
Raf is also involved in the signal transduc- 
tion of insulin (see p. 388). 
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B. Oncogene products: biochemical functions 
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Tumors 


A. Division behavior of cells 0 


The body’s cells are normally subject to strict 
“social” control. They only divide until they 
come into contact with neighboring cells; cell 
division then ceases due to contact inhibition. 
Exceptions to this rule include embryonic 
cells, cells of the intestinal epithelium (where 
the cells are constantly being replaced), cells 
in the bone marrow (where formation of 
blood cells takes place), and tumor cells. Un- 
controlled cell proliferation is an important 
indicator of the presence of a tumor. While 
normal cells in cell culture only divide 20-60 
times, tumor cells are potentially immortal 
and are not subject to contact inhibition. 

In medicine, a distinction is made between 
benign and malignant tumors. Benign tumors 
consist of slowly growing, largely differenti- 
ated cells. By contrast, malignant tumors 
show rapid, invasive growth and tend to 
form metastases (dissemination of daughter 
lesions). The approximately 100 different 
types of tumor that exist are responsible for 
more than 20% of deaths in Europe and North 
America. 


B. Transformation O 


The transition of a normal cell into a tumor 
cell is referred to as transformation. 

Normal cells have all the characteristics of 
fully differentiated cells specialized for a par- 
ticular function. Their division is inhibited 
and they are usually in the Gg phase of the 
cell cycle (see p. 394). Their external shape is 
variable and is determined by a strongly 
structured cytoskeleton. 

In contrast, tumor cells divide without in- 
hibition and are often de-differentiated—i. e., 
they have acquired some of the properties of 
embryonic cells. The surface of these cells is 
altered, and this is particularly evident in a 
disturbance of contact inhibition by neighbor- 
ing cells. The cytoskeleton of tumor cells is 
also restructured and often reduced, giving 
them a rounded shape. The nuclei of tumor 
cells can be atypical in terms of shape, num- 
ber, and size. 

Tumor markers are clinically important for 
detecting certain tumors. These are proteins 
that are formed with increasing frequency by 


tumor cells (group 1) or are induced by them 
in other cells (group 2). Group 1 tumor 
markers include tumor-associated antigens, 
secreted hormones, and enzymes. The table 
lists a few examples. 

The transition from a normal to a trans- 
formed state is a process involving several 
steps. 

1. Tumor initiation. Almost every tumor be- 
gins with damage to the DNA of an individual 
cell. The genetic defect is almost always caused 
by environmental factors. These can include 
tumor-inducing chemicals (carcinogens—e. g., 
components of tar from tobacco), physical 
processes (e.g., UV light, X-ray radiation; see 
p.256), or in rare cases tumor viruses (see 
p. 398). Most of the approximately 10’ cells 
in the human body probably suffer this type 
of DNA damage during the average lifespan, 
but it is usually repaired again (see p. 256). It 
is mainly defects in proto-oncogenes (see 
p. 398) that are relevant to tumor initiation; 
these are the decisive cause of transformation. 
Loss of an anti-oncogene (a tumor-suppressor 
gene) can also contribute to tumor initiation. 

2. Tumor promotion is preferential prolif- 
eration of a cell damaged by transformation. It 
is a very slow process that can take many 
years. Certain substances are able to strongly 
accelerate it—e. g., phorbol esters. These occur 
in plants (e.g., Euphorbia species) and act as 
activators of protein kinase C (see p. 386). 

3. Tumor progression finally leads to a 
macroscopically visible tumor as a result of 
growth. When solid tumors of this type ex- 
ceed a certain size, they form their own vas- 
cular network that supplies them with blood 
(angiogenesis). Collagenases (matrix metallo- 
proteinases, MMPs) play a special role in the 
metastatic process, by loosening surrounding 
connective tissue and thereby allowing tumor 
cells to disseminate and enter the blood- 
stream. New approaches to combating tumors 
have been aimed at influencing tumor angio- 
genesis and metastatic processes. 
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Cytostatic drugs 


Tumors (see p. 400) arise from degenerated 
(transformed) cells that grow in an uncon- 
trolled way as a result of genetic defects. 
Most transformed cells are recognized by 
the immune system and eliminated (see 
p. 294). If endogenous defense is not suf - 
ciently effective, rapid tumor growth can oc- 
cur. Attempts are then made to inhibit growth 
by physical or chemical treatment. 

A frequently used procedure is targeted 
irradiation with y-rays, which block cell re- 
production due their mutagenic effect (see 
p. 256). Another approach is to inhibit cell 
growth by chemotherapy. The growth-inhib- 
iting substances used are known as cytostatic 
drugs. Unfortunately, neither radiotherapy 
nor chemotherapy act selectively—i.e., they 
damage normal cells as well, and are there- 
fore often associated with severe side effects. 

Most cytostatic agents directly or indirectly 
inhibit DNA replication in the S phase of the 
cell cycle (see p. 394). The first group (A) lead 
to chemical changes in cellular DNA that im- 
pede transcription and replication. A second 
group of cytostatic agents (B) inhibit the syn- 
thesis of DNA precursors. 


A. Alkylating agents, anthracyclines O 


Alkylating agents are compounds capable of 
reacting covalently with DNA bases. If a com- 
pound of this type contains two reactive 
groups, intramolecular or intermolecular 
crosslinking of the DNA double helix and 
“bending” of the double strand occurs. Exam- 
ples of this type shown here are cyclophos- 
phamide and the inorganic complex cisplatin. 
Anthracyclines such as doxorubicin (adriamy- 
cin) insert themselves non-covalently be- 
tween the bases and thus lead to local alter- 
ations in the DNA structure (see p. 254 B). 


B. Antimetabolites O 


Antimetabolites are enzyme inhibitors (see 
p. 96) that selectively block metabolic pathways. 
The majority of clinically important cytostatic 
drugs act on nucleotide biosynthesis. Many of 
these are modified nucleobases or nucleotides 
that competitively inhibit their target enzymes 
(see p. 96). Many are also incorporated into the 
DNA, thereby preventing replication. 


The cytostatic drugs administered (indi- 
cated by a syringe in the illustration) are often 
not active themselves but are only converted 
into the actual active agent in the metabolism. 
This also applies to the adenine analogue 6- 
mercaptopurine, which is initially converted 
to the mononucleotide tIMP (thioinosine 
monophosphate). Via several intermediate 
steps, tIMP gives rise to tdGTP, which is in- 
corporated into the DNA and leads to cross- 
links and other anomalies in it. The second 
effective metabolite of 6-mercaptopurine is 
S-methylated tIMP, an inhibitor of amidophos- 
phoribosyl transferase (see p. 188). 

Hydroxyurea selectively inhibits ribonu- 
cleotide reductase (see p. 190). As a radical 
scavenger, it removes the tyrosine radicals 
that are indispensable for the functioning of 
the reductase. 

Two other important cytostatic agents tar- 
get the synthesis of DNA-typical thymine, 
which takes place at the level of the deoxy- 
mononucleotide (see p. 190). The deoxymo- 
nonucleotide formed by 5-fluorouracil or the 
corresponding nucleoside inhibits thymidy- 
late synthase. This inhibition is based on the 
fact that the fluorine atom in the pyrimidine 
ring cannot be substituted by a methyl group. 
In addition, the fluorine analogue is also in- 
corporated into the DNA. 

Dihydrofolate reductase acts as an auxiliary 
enzyme for thymidylate synthase. It is in- 
volved in the regeneration of the coenzyme 
N°,N’°-methylene-THF, initially reducing DHF 
to THF with NADPH as the reductant (see 
p. 418). The folic acid analogue methotrexate, 
a frequently used cytostatic agent, is an ex- 
tremely effective competitive inhibitor of di- 
hydrofolate reductase. It leads to the deple- 
tion of N°,N’°-methylene-THF in the cells and 
thus to cessation of DNA synthesis. 


Further information 


To reduce the side effects of cytostatic agents, 
new approaches are currently being devel- 
oped on the basis of gene therapy (see 
p. 264). Attempts are being made, for exam- 
ple, to administer drugs in the form of pre- 
cursors (known as prodrugs), which only be- 
come active in the tumor itself (“tumor tar- 
geting”). 
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Viruses 


Viruses are parasitic nucleoprotein complexes. 
They often consist of only a single nucleic acid 
molecule (DNA or RNA, never both) and a 
protein coat. Viruses have no metabolism of 
their own, and can therefore only replicate 
themselves with the help of host cells. They 
are therefore not regarded as independent 
organisms. Viruses that damage the host cell 
when they replicate are pathogens. Diseases 
caused by viruses include AIDS, rabies, polio- 
myelitis, measles, German measles, smallpox, 
influenza, and the common cold. 


A. Viruses: examples 0 


Only a few examples from the large number 
of known viruses are illustrated here. They are 
all shown on the same scale. 

Viruses that only replicate in bacteria are 
known as bacteriophages (or “phages” for 
short). An example of a phage with a simple 
structure is M13. It consists of a single- 
stranded DNA molecule (ssDNA) of about 
7000 bp with a coat made up of 2700 helically 
arranged protein subunits. The coat of a virus 
is referred to as a capsid, and the complete 
structure as a nucleocapsid. In genetic engi- 
neering, M13 is important as a vector for for- 
eign DNA (see p. 258). 

The phage T4 (bottom left), one of the larg- 
est viruses known, has a much more complex 
structure with around 170 000 base pairs (bp) 
of double-stranded DNA (dsDNA) contained 
within its “head.” 

The tobacco mosaic virus (center right), a 
plant pathogen, has a structure similar to that 
of M13, but contains ssRNA instead of DNA. 
The poliovirus, which causes poliomyelitis, is 
also an RNA virus. In the influenza virus, the 
pathogen that causes viral flu, the nucleocap- 
sid is additionally surrounded by a coat de- 
rived from the plasma membrane of the host 
cell (C). The coat carries viral proteins that are 
involved in the infection process. 


B. Capsid of the rhinovirus O 


Rhinoviruses cause the common cold. In these 
viruses, the capsid is shaped like an icosahe- 
dron—i.e., an object made up of 20 equilateral 
triangles. Its surface is formed from three dif- 
ferent proteins, which associate with one an- 


other to form pentamers and hexamers. In all, 
60 protein molecules are involved in the 
structure of the capsid. 


C. Life cycle of HIV ® 


The human immunodeficiency virus (HIV) 
causes the immunodeficiency disease known 
as AIDS (acquired immune deficiency syn- 
drome). The structure of this virus is similar 
to that of the influenza virus (A). 

The HIV genome consists of two molecules 
of ssRNA (each 9.2 kb). It is enclosed by a 
double-layered capsid and a protein-contain- 
ing coating membrane. HIV mainly infects T 
helper cells (see p. 294) and can thereby lead 
to failure of the immune system in the longer 
term. 

During infection (1), the virus’s coating 
membrane fuses with the target cell’s plasma 
membrane, and the core of the nucleocapsid 
enters the cytoplasm (2). In the cytoplasm, 
the viral RNA is initially transcribed into an 
RNA/DNA hybrid (3) and then into dsDNA (4). 
Both of these reactions are catalyzed by re- 
verse transcriptase, an enzyme deriving from 
the virus. The dsDNA formed is integrated 
into the host cell genome (5), where it can 
remain in an inactive state for a long time. 

When viral replication occurs, the DNA 
segment corresponding to the viral genome 
is first transcribed by host cell enzymes (6). 
This gives rise not only to viral ssRNA, but also 
to transcription of mRNAs for precursors of 
the viral proteins (7). These precursors are 
integrated into the plasma membrane (8, 9) 
before undergoing proteolytic modification 
(10). The cycle is completed by the release of 
new virus particles (11). 

The group of RNA viruses to which HIV 
belongs are called retroviruses, because DNA 
is produced from RNA in their replication cy- 
cle—the reverse of the usual direction of tran- 
scription (DNA — RNA). 
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Metabolic charts 


Explanations 


The following 13 plates (pp. 407-419) provide 
a concise schematic overview of the most 
important metabolic pathways. Explanatory 
text is deliberately omitted from them. 


These “charts”: 

e Contain details of metabolic pathways that 
are only shown in outline in the main text 
for reasons of space. This applies in partic- 
ular to the synthesis and degradation of the 
amino acids and nucleotides, and for some 
aspects of carbohydrate and lipid metabo- 
lism. 

e Offer a quick overview of a specific path- 
way, the metabolites that arise in it, and the 
enzymes involved. 

e Can be used for reference purposes and for 
revising material previously learned. 


The most important intermediates are shown 
with numbers in the charts. The correspond- 
ing compounds can be identified using the 
table on the same page. 

In addition, at each step the four-figure EC 
number (see p. 88) for the enzyme responsi- 
ble for a reaction is given in italics. The en- 
zyme name and its systematic classification in 
the system used by the Enzyme Catalogue are 
available in the following annotated enzyme 
list (pp. 420-430), in which all of the enzymes 
mentioned in this book are listed according to 
their EC number. The book’s index is helpful 
when looking for a specific enzyme in the 
text. 

In reactions that involve coenzymes, the 
coenzyme names are also given (sometimes 
in simplified form). Particularly important 
starting, intermediate, or end products are 
given with the full name, or as formulae. 


Example 


On p.407, the initial step of the dark reactions 
in plant photosynthesis (in the Calvin cycle) is 


shown at the top left. 
4.1.1.39 


@ @) 


In this reaction, one molecule of ribulose- 
1,5-bisphosphate (metabolite 1) and one mol- 
ecule of CO, (metabolite 2) give rise to two 
molecules of 3-phosphoglycerate (metabolite 
3). The enzyme responsible has the EC 
number 4.1.1.39. The annotated enzyme list 
shows that this refers to ribulose bisphosphate 
carboxylase (“rubisco” for short). Rubisco be- 
longs to enzyme class 4 (the lyases) and, 
within that group, to subclass 4.1 (the car- 
boxy-lyases). It contains copper as a cofactor 


([Cu]). 
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A. Biosynthesis of fats and membrane lipids 
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A. Synthesis of ketone bodies and steroids 
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Metabolic charts 411 
A. Degradation of fats and phospholipids 
Phospholipases 
CH, 
Aq 3.11.32 & 
Az 3.1.1.4 hea ern 
C 3043 i2ke 
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‘ ee 
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a a N | From uneven- 
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ni ADP Ni \ 
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vetoes > (eae 
NAD® i 
= Glucose ETFox | [ETFred | * ATP CO, ADP |& 
=] NADH a 
(6) Respiratory chain 


Pyruvate 


2.3.1.16 


Free fatty acid 
(9) Acyl CoA 
Shortened acyl CoA 
Carnitine 


(n) Acyl carnitine 


(a) Triacylglycerol 

(2) Diacylglycerol 

G) Monoacylglycerol 
(4) Glycerol 

(5) Glycerol 3-phosphate 


(6) Glycerone 3-phosphate 


(7) Phospholipid (8) 3-Hydroxyacyl CoA 






(2) 2,3-Dehydroacyl CoA 





























Respiratory 
chain 











3-Oxoacyl CoA 
(15) Acetyl CoA 


Propionyl CoA 


(7) (S)-Methylmalonyl CoA 
(R)-Methylmalonyl CoA 
Succinyl CoA 
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A. Biosynthesis of the essential amino acids 
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phan 


(1) Pyruvate Phosphoribosyl 
diphosphate 
(2) 2-Oxobutyrate 


G) 2-Aceto- (9) Aspartate 


2-hydroxybutyrate Aspartyl 4-phosphate 
(4) 2-Oxo-4-methylvalerate (11) Aspartate 4-semialdehyde 
(5) 2-Acetolactate (12) Homoserine 
(6) 2-Oxoisovalerate (13) Phosphohomoserine 
@) 2-Oxoisocaproate Phosphoenolpyruvate 
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—- | 
Trypto- a + + Po ae Phenyl- 


ce 
alanine 


(15) Erythrose 4-phosphate 


(16) 2-Oxo-3-deoxy- 
arabinoheptulosonate 
7-phosphate 


(a7) Chorismate 
Phenylpyruvate 


(19) Anthranilate 


(20) N-(Phosphoribosyl)- 
anthranilate 
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A. Biosynthesis of the non-essential amino acids 
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A. Amino acid degradation | 
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NH3 
NADH 
NADH ATP CO, ADP NAD@® 
©) oLL Ao 
CoA 2[H 
2-Oxoisovalerate G) 3-Hydroxyisobutyrate (i) Acetoacetate 
2-Oxo-3-methylvalerate (6) Methylmalonyl-semialdehyde Acetyl CoA 
(ic) 2-Oxoisocapronate @) (S)-Methylmalonyl CoA (7) Pyruvate 


Isobutyryl CoA (R)-Methylmalonyl CoA Acetaldehyde 
2-Methylbutyryl CoA (9) Succinyl CoA Urocanate 
2c) Isovaleryl CoA 2-Methyl-3-hydroxybutyryl CoA Imidazolone- 
Methylacrylyl CoA () 2-Methylacetoacetyl CoA a propionate 
Tiglyl CoA (12) Propionyl CoA 21) N-Formimino- 
Gc) 3-Methylcrotonyl CoA (3) 3-Methylglutaconyl CoA aver 
(4) 3-Hydroxyisobutyryl CoA 3-Hydroxy-3-methylglutaryl CoA 2) 2-Oxoglutarate 
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A. Amino acid degradation II 
Non-enzymatic C 
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(a) S-Adenosylmethionine Oxaloacetate 


Q) Homocysteine 
G) Cystathionine 
(4) 2-Oxobutyrate 
G) Propionyl CoA 
(6) Succinyl CoA 


@) Fumarate 
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(9) Cysteine sulfinate 
3-Sulfinylpyruvate 
(1) 2-Oxoadipate 
(2) Crotonyl CoA 


(3) 4-Hydroxyphenylpyruvate 


Homogentisate 





(15) 4-Maleylacetoacetate 


Fumarylacetoacetate 
(7) Acetoacetate 


Glutamate 4-semialdehyde 
A!-Pyrroline-5-carboxylate 


Ornithine 


21) 2-Oxoglutarate 
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A. Ammonia metabolism 
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A. Biosynthesis of purine nucleotides 
Ribose 5- “PRP 
phosphate _PRPP 
\/ N10-Formyl- 
THF 
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A. Biosynthesis of the pyrimidine nucleotides and C; metabolism 
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A. Nucleotide degradation 
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Annotated enzyme list 


Only the enzymes mentioned in this atlas are listed here, from among the more than 2000 
enzymes known. The enzyme names are based on the IUBMB’s of cial Enzyme nomenclature 
1992. The additions shown in round brackets belong to the enzyme name, while prosthetic 
groups and other cofactors are enclosed in square brackets. Common names of enzyme groups 
are given in italics, and trivial names are shown in quotation marks. 


Class 1: Oxidoreductases (catalyze reduction-oxidation reactions) 


Subclass 1.n: What is the electron donor? 
Sub-subclass 1.n.n: What is the electron acceptor? 


1.1 A -CH-OH group is the donor 

1.1.1 NAD(P)* is the acceptor (dehydrogenases, reductases) 
1.1.1.1 Alcohol dehydrogenase [Zn?*] 

1.1.1.3 Homoserine dehydrogenase 

1.1.1.8 Glycerol 3-phosphate dehydrogenase (NAD*) 

1.1.1.21 Aldehyde reductase 

1.1.1.27 Lactate dehydrogenase 

1.1.1.30 3-Hydroxybutyrate dehydrogenase 

1.1.1.31 3-Hydroxyisobutyrate dehydrogenase 


1.1.1.34 Hydroxymethylglutaryl-CoA reductase (NADPH) 
1.1.1.35 3-Hydroxyacyl-CoA dehydrogenase 


1.1.1.37 Malate dehydrogenase 

1.1.1.40 Malate dehydrogenase (oxaloacetate-decarboxylating, NADP” )—“malic enzyme” 
1.1.1.41 Isocitrate dehydrogenase (NAD*) 

1.1.1.42 Isocitrate dehydrogenase (NADP*) 

1.1.1.44 Phosphogluconate dehydrogenase (decarboxylating) 

1.1.1.49 Glucose 6-phosphate 1-dehydrogenase 

1.1.1.51 3(or 17)B-Hydroxysteroid dehydrogenase 

1.1.1.95 Phosphoglycerate dehydrogenase 


1.1.1.100 3-Oxoacyl-[ACP] reductase 

1.1.1.101 Acylglycerone phosphate reductase 
1.1.1.105 Retinol dehydrogenase 

1.1.1.145 3B-Hydroxy-A°-steroid dehydrogenase 
1.1.1.205 IMP dehydrogenase 


1.1.3 Molecular oxygen is the acceptor (oxidases) 
1.1.3.4 Glucose oxidase [FAD] 
1.1.3.8 L-Gulonolactone oxidase 


1.1.3.22 Xanthine oxidase [Fe, Mo, FAD] 
1.1.99.5 Glycerol-3-phosphate dehydrogenase (FAD) 


1.2 An aldehyde or keto group is the donor 
1.2.1 NAD(P)* is the acceptor (dehydrogenases) 
1.2.1.3 Aldehyde dehydrogenase (NAD*) 

1.2.1.11 Aspartate semialdehyde dehydrogenase 


12012 Glyceraldehyde 3-phosphate dehydrogenase 
1.2.1.13 Glyceraldehyde 3-phosphate dehydrogenase (NADP") (phosphorylating) 
1.2.1.24 Succinate semialdehyde dehydrogenase 


1.2.1.25 2-Oxoisovalerate dehydrogenase (acylating) 
1.2.1.38 N-Acetyl-y-glutamylphosphate reductase 
1.2.1.41 Glutamylphosphate reductase 
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1.2.4 
1.2.4.1 
1.2.4.2 


1.2.7 
1.2.7.2 


1.3 
1.3.1.10 
1.3.1.24 
1.3.1.34 
1.3.5.1 
1.3.99.3 
1.3.99.11 


1.4 
1.4.1.2 
1.4.3.4 
1.4.3.13 
1.4.4.2 


1.5 
1.5.1.2 
1.5.1.3 
1.5.1.5 
1.5.1.12 
1.5.1.20 
1.5.5.1 
1.5.99.8 


1.6 

16.4.2 
1.6.4.5 
1.6.5.3 


1.8 
1.8.1.4 


1.9 
1.9.3.1 


1.10 
1.10.2.2 


1.11 
1.11.1.6 
LATA? 
1.11.1.9 
1.11.1.12 


1.13 


1.13.11 
1.13.11.5 
1.13.11.20 
1.13.11.27 
1.13.11.n 


Annotated enzyme list 


A disulfide is the acceptor 
Pyruvate dehydrogenase (lipoamide) [TPP] 
Oxoglutarate dehydrogenase (lipoamide) [TPP] 


An FeJS protein is the acceptor 
2-Oxobutyrate synthase 


A -CH-CH- group is the donor 

Enoyl-[ACP] reductase (NADPH) 

Biliverdin reductase 

2,4-Dienoyl-CoA reductase 

Succinate dehydrogenase (ubiquinone) [FAD, Fe2S>2, Fe4S,4], “complex II 
Acyl-CoA dehydrogenase [FAD] 

Dihydroorotate dehydrogenase [FMN] 


” 


A -CH-NH2 group is the donor 

Glutamate dehydrogenase 

Amine oxidase [FAD], “monoamine oxidase (MAO)” 
Protein lysine 6-oxidase [Cu] 

Glycine dehydrogenase (decarboxylating) [PLP] 


A -CH-NH group is the donor 

Pyrroline-5-carboxylate reductase 

Dihydrofolate reductase 

Methylenetetrahydrofolate dehydrogenase (NADP*) 
1-Pyrroline-5-carboxylate dehydrogenase 
Methylenetetrahydrofolate reductase (NADPH) [FAD] 
Electron-transferring flavoprotein (ETF) dehydrogenase [Fe,S,] 
Proline dehydrogenase [FAD] 


NAD(P)H is the donor 

Glutathione reductase (NADPH) [FAD] 

Thioredoxin reductase (NADPH) [FAD] 

NADH dehydrogenase (ubiquinone) [FAD, Fe2S>, Fe4S,]—“complex I” 


A sulfur group is the donor 
Dihydrolipoamide dehydrogenase [FAD] 


A heme group is the donor 
Cytochrome c oxidase [heme, Cu, Zn] - “cytochrome oxidase, 


0 66 


complex IV” 


A diphenol is the donor 
Ubiquinol cytochrome c reductase [heme, Fe2S2]—“complex III” 


A peroxide is the acceptor (peroxidases) 
Catalase [heme] 

Peroxidase [heme] 

Glutathione peroxidase [Se] 

Lipid hydroperoxide glutathione peroxidase [Se] 


Molecular oxygen is incorporated into the electron donor (oxygenases) 


One donor, both O atoms are incorporated (dioxygenases) 
Homogentisate 1,2-dioxygenase [Fe] 

Cysteine dioxygenase [Fe] 

4-Hydroxyphenylpyruvate dioxygenase [ascorbate] 
Arachidonate lipoxygenases 
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1.14 Two donors, one O atom is incorporated into both (monooxygenases, hydroxylases) 
1.14.11.2 Procollagen proline 4-dioxygenase [Fe, ascorbate]—“proline hydroxylase” 
1.14.11.4 Procollagen lysine 5-dioxygenase [Fe, ascorbate|—“lysine hydroxylase” 


1.14.13.13  Calcidiol 1-monooxygenase [heme] 
1.14.15.4 Steroid 118-monooxygenase [heme] 


1.14.15.6 Cholesterol monooxygenase (side-chain-cleaving) [heme] 
1.14.16.1 Phenylalanine 4-monooxygenase [Fe, tetrahydrobiopterin] 
1.14.16.2 Tyrosine 3-monooxygenase [Fe, tetrahydrobiopterin] 
114.171 Dopamine B-monooxygenase [Cu] 


1.14.99.1 Prostaglandin H-synthase [heme] 
1.14.99.3 Heme oxygenase (decyclizing) [heme] 
1.14.99.5 Stearoyl-CoA desaturase [heme] 
1.14.99.9 Steroid 17a-monooxygenase [heme] 
1.14.99.10 Steroid 21-monooxygenase [heme] 


1.15 A superoxide radical is the acceptor 

1.15.11 Superoxide dismutase 

1.17 A -CH group is the donor 

1.17.4.1 Ribonucleoside diphosphate reductase [Fe]—“ribonucleotide reductase” 
1.18 Reduced ferredoxin is the donor 

1.18.1.2 Ferredoxin-NADP” reductase [FAD] 

1.18.6.1 Nitrogenase [Fe, Mo, Fe,S,] 


Class 2: Transferases (catalyze the transfer of groups from one molecule to another) 


Subclass 2.n: Which group is transferred? 


2.1 A C, group is transferred 

2.1.1 A methyl group 

2.1.1.2 Guanidinoacetate N-methyltransferase 

2.1.1.6 Catechol O-methyltransferase 

2.1.1.13 5-Methyltetrahydrofolate-homocysteine S-methyltransferase 
2.1.1.28 Phenylethanolamine N-methyltransferase 
2.1.1.45 Thymidylate synthase 

2.1.1.67 Thiopurine methyltransferase 

2.1.2 A formyl group 

2.1.2.1 Glycine hydroxymethyltransferase [PLP] 
2122 Phosphoribosylglycinamide formyltransferase 
24.2.3 Phosphoribosylaminoimidazolecarboxamide formyltransferase 
2.1.2.5 Glutamate formiminotransferase [PLP] 
2.1.2.10 Aminomethyltransferase 

2.1.3 A carbamoyl group 

ZA32 Aspartate carbamoyltransferase [Zn?*] 

2.1.3.3 Ornithine carbamoyltransferase 

2.1.4 An amidino group 

2.1.4.1 Glycine amidinotransferase 

2.2 An aldehyde or ketone residue is transferred 
2.2.1.1 Transketolase [TPP] 

ZN Transaldolase 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


2.3 


2.3.1 
2.3.1.1 
2.3.1.6 
2.3.1.12 
23:115 
2.3.1.16 
2.3.1.20 
2.3.1.21 
2.3.1.22 
2.3.1.24 
2.3.1.37 
2.3.1.38 
291.99 
2.3.1.41 
2.3.1.42 
2.3.1.43 


2.3.1.51 
2.3.1.61 
2.3.1.85 


2.3.2 
es PS 
2.3.2.12 
221d 


2.4 


2.4.1 
2.4.1.1 
2.41.11 
2.4.1.17 
2.4.1.18 
2.41.25 
2.4.1.47 
2.4.1.119 


2.4.2 
2.4.2.7 
2.4.2.8 
2.4.2.10 
2.4.2.14 


2.5 
2.5.1.1 
2.5.1.6 
2.5.1.10 
2.5.1.21 


2.6 


2.6.1 
2.6.1.1 
2.6.1.2 
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An acyl group is transferred 


With acyl-CoA as donor 

Amino acid N-acetyltransferase 

Choline O-acetyltransferase 

Dihydrolipoamide acetyltransferase [lipoamide] 
Glycerol 3-phosphate O-acyltransferase 
Acetyl-CoA acyltransferase 

Diacylglycerol O-acyltransferase 

Carnitine O-palmitoyltransferase 

Acylglycerol O-palmitoyltransferase 
Sphingosine N-acyltransferase 
5-Aminolevulinate synthase [PLP] 

[ACP] S-acetyltransferase 

[ACP] S-malonyltransferase 

3-Oxoacyl-[ACP] synthase 

Glycerone phosphate O-acyltransferase 
Phosphatidylcholine-sterol acyltransferase—“lecithin-cholesterol acyltransferase 
(LCAT)” 

Acylgylcerol-3-phosphate O-acyltransferase 
Dihydrolipoamide succinyltransferase 
Fatty-acid synthase 


An aminoacyl group is transferred 

y-glutamyltransferase 

Peptidyltransferase (a ribozyme) 

Protein-glutamine y-glutamyltransferase [Ca]—“fibrin-stabilizing factor” 


A glycosyl group is transferred 


A hexose residue 

Phosphorylase [PLP]—“glycogen (starch) phosphorylase” 
Glycogen (starch) synthase 

Glucuronosyltransferase 

1,4-a-Glucan branching enzyme 
4-o-Glucanotransferase 

N-Acylsphingosine galactosyltransferase 

Protein glycotransferase 


A pentose residue 

Adenine phosphoribosyltransferase 
Hypoxanthine phosphoribosyltransferase 
Orotate phosphoribosyltransferase 
Amidophosphoribosyl transferase 


An alkyl or aryl group is transferred 
Dimethylallyltransferase 

Methionine adenosyltransferase 
Geranyltransferase 

Farnesyl diphosphate farnesyltransferase 


A nitrogen-containing group is transferred 


An amino group (transaminases) 
Aspartate transaminase [PLP]—“GOT” 
Alanine transaminase [PLP]—“GPT” 
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2.6.1.3 Cysteine transaminase [PLP] 

2.6.1.5 Tyrosine transaminase [PLP] 

2.6.1.6 Leucine transaminase (PLP] 

2.6.1.11 Acetylornithine transaminase [PLP] 

2.6.1.13 Ornithine transaminase [PLP] 

2.6.1.19 4-Aminobutyrate transaminase [PLP] 

2.6.1.42 Branched-chain amino acid transaminase [PLP] 
2.6.1.52 Phosphoserine transaminase [PLP] 

2.7 A phosphorus-containing group is transferred (kinases) 
2.7.1 With -CH-OH as acceptor 

2.7.1.1 Hexokinase 

2.7.1.3 Ketohexokinase 

2.7.1.6 Galactokinase 

2.7.1.11 6-Phosphofructokinase 

2.71.19 Phosphoribulokinase 

2.7.1.28 Triokinase (triosekinase) 


2.7.1.30 Glycerol kinase 
2.7.1.32 Choline kinase 


2.71.36 Mevalonate kinase 
2.71.37 Protein kinase 
2.71.38 Phosphorylase kinase 
2.71.39 Homoserine kinase 
2.7.1.40 Pyruvate kinase 


2.7.1.67 1-Phosphatidylinositol-4-kinase 
2.7.1.68 1-Phosphatidylinositol 4-phosphate kinase 


2.7.1.82 Ethanolamine kinase 

2.71.99 [Pyruvate dehydrogenase] kinase 

2.7.1.105 6-Phosphofructo-2-kinase 

2.7.1.112 Protein tyrosine kinase 

2.7.2 With -CO-OH as acceptor 

Zt idio Phosphoglycerate kinase 

2.7.2.4 Aspartate kinase 

2.7.2.8 Acetylglutamate kinase 

2.7.2.11 Glutamate 5-kinase 

2.7.3 With a nitrogen-containing group as acceptor 
VE Bote Creatine kinase 

2.7.4 With a phosphate group as acceptor 

2.7.4.2 Phosphomevalonate kinase 

2.7.4.3 Adenylate kinase 

2.7.4.4 Nucleoside phosphate kinase 

2.7.4.6 Nucleoside diphosphate kinase 

2.7.6 A diphosphate residue is transferred 

2.7.6.1 Ribose phosphate pyrophosphokinase 

2.7.7 A nucleotide is transferred 

2.7.7.6 DNA-directed RNA polymerase—“RNA polymerase” 
VA DNA-directed DNA polymerase—“DNA polymerase” 
ZT UTP-glucose-l-phosphate uridyltransferase 
2.7.712 Hexose-1-phosphate uridyltransferase 

2.7.7.14 Ethanolamine phosphate cytidyltransferase 
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2.7.7.15 
2.7.7.41 
2.7.7.49 


2.7.8 
2.7.8.1 
2:1 0.2 
2.7.8.11 
2.7.8.16 
2.7.8.17 


Annotated enzyme list 


Choline phosphate cytidyltransferase 
Phosphatidate cytidyltransferase 
RNA-directed DNA polymerase—“reverse transcriptase” 


Another substituted phosphate is transferred 
Ethanolaminephosphotransferase 

Diacylglycerol cholinephosphotransferase 
CDPdiacylglycerol-inositol 3-phosphatidyltransferase 
1-Alkyl-2-acetylglycerol cholinephosphotransferase 
N-Acetylglucosaminephosphotransferase 


Class 3: Hydrolases (catalyze bond cleavage by hydrolysis) 


Subclass 3.n: What kind of bond is hydrolyzed? 


3.1 


3.1.1 
3.1.1.2 
3.1.1.3 
3.1.1.4 
3.1.1.7 
3.1.1.13 
3.1.1.17 
3.11.32 
3.1.1.34 


3.1.2 


3.12.14 


3.1.3 
3.1.3.1 
3.1.3.2 
3.1.3.4 
3.1.3.9 
3.1.3.11 
3.1.3.13 
3.1.3.16 
3.1.3.37 
3.1.3.43 
3.1.3.46 
3.1.3.n 


3.1.4 
3.1.4.1 
3.1.4.3 
3.1.4.4 
3.1.4.17 
3.1.4.35 
3.14.45 


3.1.21 
3.1.21.1 
3.1.21.4 


An ester bond is hydrolyzed (esterases) 


In carboxylic acid esters 

Arylesterase 

Triacylglycerol lipase 

Phospholipase Az 

Acetylcholinesterase 

Cholesterol esterase 

Gluconolactonase 

Phospholipase A, 

Lipoprotein lipase, diacylglycerol lipase 


In thioesters 3.1.2.4 
3-Hydroxyisobutyryl-CoA hydrolase 
Acyl-[ACP] hydrolase 


In phosphoric acid monoesters (phosphatases) 
Alkaline phosphatase [Zn7"] 

Acid phosphatase 

Phosphatidate phosphatase 

Glucose 6-phosphatase 

Fructose bisphosphatase 
Bisphosphoglycerate phosphatase 
Phosphoprotein phosphatase 
Sedoheptulose bisphosphatase 

[Pyruvate dehydrogenase] phosphatase 
Fructose-2,6-bisphosphate 2-phosphatase 
Polynucleotidases 


In phosphoric acid diesters (phosphodiesterases) 
Phosphodiesterase 

Phospholipase C 

Phospholipase D 

3’,5’-cNMP phosphodiesterase 

3’,5’-cGMP phosphodiesterase 
N-Acetylglucosaminyl phosphodiesterase 


In DNA 
Deoxyribonuclease | 
Site-specific deoxyribonuclease (type II)—“restriction endonuclease” 
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3.10.26-7 
3.1.26.4 
3.1.27.5 


3.2 


3.2.1 
32.11 
3.2.1.10 
S2ZAAT 
3.2.1.18 
3.2.1.20 
Se PAs) 
3.2.1.24 
3.2.1.26 
3.2.1.28 
3.2.1.33 
3.2.1.48 
3.2.1.52 
3.2.2.n 


3.3 
3.3.1.1 


3.4 


3.4.11 
3.4.11.n 


3.4.13 
3.4.13.n 


3.4.15 
3.4.15.1 


3.4.17 

3.4.17.1 
3.4.17.2 
3.4.17.8 


3.4.21 
3.4.21.1 
3.4.21.4 
3.4.21.5 
3.4.21.6 
3.4.21.7 
3.4.21.9 
3.4.21.21 
3.4.21.22 
3.4.21.27 
3.4.21.34 
3.4.21.35 
3.4.21.36 
3.4.21.38 
3.4.21.43 
3.4.21.47 
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In RNA 
Ribonuclease H 
Pancreatic ribonuclease 


A glycosidic bond is hydrolyzed (glycosidases) 


In O-glycosides 

o-Amylase 
Oligo-1,6-glucosidase 
Lysozyme 

Neuraminidase 
a-Glucosidase 
B-Galactosidase 

oa -Mannosidase 
6-Fructofuranosidase—“saccharase, 
o.,a.-lrehalase 
Amylo-1,6-glucosidase 
Sucrose a-glucosidase 
B-N-Acetylhexosaminidase 
Nucleosidases 


ym be 


invertase” 


An ether bond is hydrolyzed 
Adenosylhomocysteinase 


A peptide bond is hydrolyzed (peptidases) 


Aminopeptidases (N-terminal exopeptidases) 
Various aminopeptidases [Zn?*] 


Dipeptidases (act on dipeptides only) 
Various dipeptidases [Zn?*] 


Peptidyl dipeptidases (C-terminal exopeptidases, releasing dipeptides) 
Peptidyl-dipeptidase A [Zn?*]—“angiotensin-converting enzyme (ACE)” 


Carboxypeptidases (C-terminal exopeptidases) 
Carboxypeptidase A [Zn?"] 

Carboxypeptidase B [Zn?*] 
Muramoylpentapeptide carboxypeptidase 


Serine proteinases (endopeptidases) 

Chymotrypsin 

Trypsin 

Thrombin 

Coagulation factor Xa—“Stuart-Prower factor” 
Plasmin 

Enteropeptidase—“enterokinase” 

Coagulation factor VIla—“proconvertin” 

Coagulation factor IXa—“Christmas factor” 
Coagulation factor Xla—“plasma thromboplastin antecedent” 
Plasma kallikrein 

Tissue kallikrein 

Elastase 

Coagulation factor XIla—“Hageman factor” 

C3/C5 convertase (complement—classical pathway) 
C3/C5 convertase (complement—alternative pathway) 
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3.4.21.68 
3.4.21.73 


3.4.22 
3.4.22.2 


3.4.23 
3.4.23.1 
3.4.23.2 
3.4.23.3 
3.4.23.4 
3.4.23.15 


3.4.24 
3.4.24.7 


3.4.99 
3.4.99.36 


3.5 
3.5.1.1 
he 
3.5.1.16 
3.5.2.3 
25.257 
3.5.3.1 
3.5.4.6 
3.5.4.9 
3.5.4.10 


3.6 
3.6.1.6 
3.6.1.32 
3.6.1.34 
3.6.1.35 
3.6.1.36 
3.6.1.37 
3.6.1.38 


3.7 
3.7.1.2 


Annotated enzyme list 


Plasminogen activator (tissue)—“tissue plasminogen activator (t-PA)” 
Plasminogen activator (urine)—“urokinase” 


Cysteine proteinases (endopeptidases) 
Papain 


Aspartate proteinases (endopeptidases) 
Pepsin A 

Pepsin B 

Gastricsin (pepsin C) 

Chymosin 

Renin 


Metalloproteinases (endopeptidases) 
Collagenase 


Other peptidases 
Signal peptidase 


Another amide bond is hydrolyzed (amidases) 
Asparaginase 

Glutaminase 

Acetylornithine deacetylase [Zn7"] 
Dihydroorotase 

Imidazolonepropionase 

Arginase 

AMP deaminase 

Methylenetetrahydrofolate cyclohydrolase 
IMP cyclohydrolase 


An anhydride bond is hydrolyzed 

Nucleoside diphosphatase 

Myosin ATPase 

H*-transporting ATP synthase—“ATP synthase, 
H*-transporting ATPase 

H*/K*-exchanging ATPase 

Na‘/K*-exchanging ATPase—“Na*/K*-ATPase” 
Ca’*-transporting ATPase 


66 


complex V” 


A C-C bond is hydrolyzed 
Fumarylacetoacetase 


Class 4: Lyases (cleave or form bonds without oxidative or hydrolytic steps) 


Subclass 4.n: What kind of bond is formed or cleaved? 


4.1 


4.1.1 
4.1.1.1 
4.11.15 
4.11.21 
4.11.23 
4.11.28 
4.11.32 
4.1.1.39 


A C-C bond is formed or cleaved 


Carboxy-lyases (carboxylases, decarboxylases) 
Pyruvate decarboxylase [TPP] 

Glutamate decarboxylase [PLP] 
Phosphoribosylaminoimidazole carboxylase 
Orotidine-5’-phosphate decarboxylase 

Aromatic L-amino acid decarboxylase [PLP] 
Phosphoenolpyruvate carboxykinase (GTP) 
Ribulose bisphosphate carboxylase [Cu]—“rubisco” 
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4.1.2 Acting on aldehydes or ketones 

4.1.2.5 Threonine aldolase [PLP] 

4.1.2.13 Fructose bisphosphate aldolase—“aldolase” 

4.1.3.4 Hydroxymethylglutaryl-CoA lyase 

4.1.3.5 Hydroxymethylglutaryl-CoA synthase 

4.1.3.7 Citrate synthase 

4.1.3.8 ATP-citrate lyase 

4.1.3.18 Acetolactate synthase [TPP, flavin] 

4.1.99 Other C-C lyases 

4.1.99.3 Deoxyribodipyrimidine photolyase [FAD]—“photolyase” 
4.2 A C-O bond is formed or cleaved 

4.2.1 Hydrolyases (hydratases, dehydratases) 

4.2.11 Carbonate dehydratase [Zn?*]—“carbonic anhydrase” 
4.2.1.2 Fumarate hydratase—“fumarase” 

4.2.1.3 Aconitate hydratase [Fe,S,4]—“aconitase” 

4.2.1.11 Phosphopyruvate hydratase—“enolase” 


4.2.113 Serine dehydratase 

4.2.1.17 Enoyl-CoA hydratase 

4.2.1.18 Methylglutaconyl-CoA hydratase 
ADA22 Cystathionine B-synthase [PLP] 

4.2.1.24 Porphobilinogen synthase 

4.2.1.49 Urocanate hydratase 

4.2.1.61 3-Hydroxypalmitoyl-[ACP] dehydratase 
4.2.1.75 Uroporphyrinogen III synthase 


4.2.99 Other C—O lyases 
4,2.99.2 Threonine synthase [PLP] 
4.3 AC-N bond is formed or cleaved 
4.3.1 Ammonia lyases 4.3.1.3 
Histidine ammonia lyase 
4.3.1.8 Hydroxymethylbilane synthase 
4.3.2 Amidine lyases 4.3.2.1 
Argininosuccinate lyase 
4.3.2.2 Adenylosuccinate lyase 
4.4 A C-S bond is formed or cleaved 
44.11 Cystathionine y-lyase [PLP] 
4.6 A P-O bond is formed or cleaved 
4.6.1.1 Adenylate cyclase 
4.6.1.2 Guanylate cyclase 


Class 5: Ilsomerases (catalyze changes within one molecule) 


Subclass 5.n: What kind of isomerization is taking place? 


5.1 A racemization or epimerization (epimerases) 
5.1.3.1 Ribulose phosphate 3-epimerase 

5.1.3.2 UDPglucose 4-epimerase 

5.1.3.4 L-Ribulose phosphate 4-epimerase 

5.1.99.1 Methylmalonyl-CoA epimerase 
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5.2 

5.2.1.2 
5.2.1.3 
5.2.1.8 


5.3 

5.3.1.1 
5.3.1.6 
5.3.1.9 
333.9. 1 
5.3.3.8 
5.3.4.1 


5.4 
5.4.2.1 
5.4.2.2 
5.4.2.4 
5.4.99.2 


5.99 
5.99.1.2 
5.99.1.3 
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A cis-trans isomerization 
Maleylacetoacetate isomerase 
Retinal isomerase 

Peptidyl proline cis—trans-isomerase 


An intramolecular electron transfer 
Triose phosphate isomerase 

Ribose 5-phosphate isomerase 
Glucose 6-phosphate isomerase 
Steroid A-isomerase 

Enoyl-CoA isomerase 

Protein disulfide isomerase 


An intramolecular group transfer (mutases) 
Phosphoglycerate mutase 
Phosphoglucomutase 

Bisphosphoglycerate mutase 
Methylmalonyl-CoA mutase [cobamide] 


Another kind of isomerization 
DNA topoisomerase (type I)—“DNA helicase” 
DNA topoisomerase (ATP-hydrolyzing, type II)—“DNA gyrase” 


Class 6: Ligases (join two molecules with hydrolysis of an “energy-rich” bond) 


Subclass 6.n: What kind of bond is formed? 


6.1 
6.1.1.n 


6.2 

6.2.1.1 
6.2.1.3 
6.2.1.4 


6.3 
6.3.1.2 
6.3.2.6 
6.3.3.1 
6.3.3.2 
6.3.4.2 
6.3.4.4 
6.3.4.5 
6.3.4.13 
6.3.4.16 
6.3.5.2 
6.3.5.3 
6.3.5.4 
6.3.5.5 


6.4 

6.4.1.1 
6.4.1.2 
6.4.1.3 
6.4.1.4 


6.5 
6.5.1.1 


A C-O bond is formed 
(Amino acid)-tRNA ligases (aminoacyl-tRNA synthetases) 


A C-S bond is formed 

Acetate-CoA ligase 

Long-chain fatty-acid-CoA ligase 

Succinate-CoA ligase (GDP-forming)—“thiokinase” 


A C-N bond is formed 

Glutamate-NH3 ligase—“glutamine synthetase” 
Phosphoribosylaminoimidazolesuccinocarboxamide synthase (sorry! ) 
Phosphoribosylformylglycinamidine cycloligase 
5-Formyltetrahydrofolate cycloligase 

CTP synthase 

Adenylosuccinate synthase 

Argininosuccinate synthase 

Phosphoribosylamine glycine ligase 
Carbamoylphosphate synthase (NH3) 

GMP synthase (glutamine-hydrolyzing) 
Phosphoribosylformylglycinamidine synthase 
Asparagine synthase (glutamine-hydrolyzing) 
Carbamoylphosphate synthase (glutamine-hydrolyzing) 


A C-C bond is formed 

Pyruvate carboxylase [biotin] 
Acetyl-CoA carboxylase [biotin] 
Propionyl-CoA carboxylase [biotin] 
Methylcrotonyl-CoA carboxylase [biotin] 


A P-O bond is formed 
DNA ligase (ATP) 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


429 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 


Abbreviations 


Abbreviations for amino acids, p. 60 
For bases and nucleosides, p. 80 
For monosaccharides, p. 38 


AA Amino acid 

ACE Angiotensin-converting en- 
zyme (peptidyl-dipeptidase A) 

ACP Acyl carrier protein 

ACTH Adrenocorticotropic hormone 
(corticotropin) 

ADH Antidiuretic hormone (adiure- 
tin, vasopressin) 

ADP Adenosine 5’-diphosphate 

AIDS Acquired immunodeficiency 
syndrome 

ALA 5-Aminolevulinic acid 

AMP Adenosine 5’-monophosphate 

ANF Atrial natriuretic factor 

ANP Atrial natriuretic peptide 
(= ANF) 

ATP Adenosine 5’-triphosphate 

AVP Arginine vasopressin 

b Base 

bp Base pair 

BPG 2,3-Bisphosphoglycerate 

cAMP 3’,5’-Cyclic AMP 

CAP Catabolite activator protein 

CDK Cyclin-dependent protein 
kinase (in cell cycle) 

cDNA Complementary DNA 

CDP Cytidine 5’-diphosphate 

cGMP 3’,5’-Cyclic GMP 

CIA Chemoluminescence immuno- 
assay 

CMP Cytidine 5’-monophosphate 

CoA Coenzyme A 

CoQ Coenzyme Q (ubiquinone) 

CSF colony-stimulating factor 

CTP Cytidine 5’-triphosphate 

d Deoxy- 

Da Dalton (atomic mass unit) 

DAG Diacylglycerol 

dd Dideoxy- 

DH Dehydrogenase 

DNA Deoxyribonucleic acid 

dsDNA Double-stranded DNA 

EA Ethanolamine 

EIA Enzyme-linked immunoassay 

ER Endoplasmic reticulum 
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Flavin adenine dinucleotide 
Ferredoxin 

Free fatty acid 
N-formylmethionine 

Flavin mononucleotide 
Flavoprotein (containing FMN 
or FAD) 

y-Aminobutyric acid 
Guanosine 5’-diphosphate 
Glucose transporter 
Guanosine 5’-monophosphate 
Reduced glutathione 
Oxidized glutathione 
Guanosine 5’-triphosphate 
hour 


HAT medium Medium containing hypoxan- 


Hb 

HDL 
HIV 
HLA 


HMG-CoA 


thine, aminopterin, and thymi- 
dine 

Hemoglobin 

High-density lipoprotein 
Human immunodeficiency 
virus 

Human leukocyte-associated 
antigen 
3-Hydroxy-3-methylglutaryl- 
CoA 

Hexose monophosphate path- 
way 

Heterogeneous nuclear ribo- 
nucleic acid 
High-performance liquid chro- 
matography 

Heat-shock protein 
Intermediate-density lipopro- 
tein 

Intermediary filament 
Interferon 

Immunoglobulin 

Interleukin 

Inositol 1,4,5-trisphosphate 
Isopropylthiogalactoside 
Insulin-receptor substrate 
Kilodalton (10° atomic mass 
units) 

Michaelis constant 
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LDH 

LDL 

M 

Mab 

MAP kinase 


MHC 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 


Lactate dehydrogenase 
Low-density lipoprotein 
Molarity (mol L~') 
Monoclonal antibody 
Mitogen-activated protein 
kinase 

Major histocompatability 
complex 
Maturation-promoting factor 
Messenger ribonucleic acid 
Nucleotide with any base 
Oxidized nicotinamide adenine 
dinucleotide 

Reduced nicotinamide adenine 
dinucleotide 

Oxidized nicotinamide adenine 
dinucleotide phosphate 
Reduced nicotinamide adenine 
dinucleotide phosphate 
N-acetylneuraminic acid 
Nanometer (10~° m) 
2-Oxoglutarate dehydrogenase 
Polyacrylamide gel electropho- 
resis 

Pantetheine 
Phosphoadenosine 
phosphosulfate 

Polymerase chain reaction 
Pyruvate dehydrogenase 
Polyethylene glycol 
Phosphoenolpyruvate 

pH value 

Inorganic phosphate 

Protein kinase 

Pyridoxal phosphate 

Protein phosphatase 

Pentose phosphate pathway 
Plastoquinone 
5-Phosphoribosyl 1-diphos- 
phate 

Photosystem 

Parathyroid hormone 
Oxidized coenzyme Q (ubiqui- 
none) 


Reduced coenzyme Q (ubiqui- 
nol) 

Gas constant 

Rough endoplasmic reticulum 
Reticuloendothelial system 
Restriction fragment length 
polymorphism 
Radioimmunoassay 
Ribonucleic acid 

Reactive oxygen species 
Reversed phase (of silica gel) 
Ribosomal ribonucleic acid 
Svedberg (unit of sedimenta- 
tion coef cient) 

S-adenosyl L-homocysteine 
S-adenosyl L-methionine 
Sodium dodecylsulfate 
Smooth endoplasmic reticulum 
Stereospecific numbering 
Small nuclear ribonucleic acid 
Sarcoplasmic reticulum 
Single-stranded DNA 
Thyroxine-binding globulin 
Tetrahydrobiopterin 
Tetrahydrofolate 

Thin-layer chromatography 
Thiamine diphosphate 
Thyrotropin-releasing hor- 
mone (thyroliberin) 
Tris(hydroxymethyl)aminome- 
thane 

Transfer ribonucleic acid 
Thyroid-stimulating hormone 
(thyrotropin) 

Uridine 5’-diphosphate 
Uridine 5’-monophosphate 
Uridine 5’-triphosphate 
Ultraviolet radiation 

Maximal velocity (of an 
enzyme) 

Very-low-density lipoprotein 
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Quantities and units 


1. SI base units 


Quantity SI unit 
Length Meter 
Mass Kilogram 
Time Second 
Current strength Ampere 
Temperature Kelvin 
Light Candela 
Amount of substance Mol 
2 Derived units 
Quantity Unit Symbol 
Frequency Hertz Hz 
Volume Liter L 
Force Newton N 
Pressure Pascal Pa 
Energy, work, heat —_Joule J 
Power Watt W 
Electrical charge Coulomb C 
Voltage Volt V 
Concentration Molarity M 
Molecular mass Dalton Da 
Molar mass - - 
Molecular weight - M, 
Reaction rate V 
Catalytic activity Katal kat 
Specific activity - - 
Sedimentation Svedberg S 
coef cient 
Radioactivity Becquerel Bq 


3 Multiples and fractions 


Factor Prefix Sym- Example 


bol 
10° —s Giga. G GHz = 10° hertz 
10° Mega M MPa = 10° pascal 
10° —s Kilo’ —k kJ = 10° joule 
10% Milli m = mM=10-3mol L'! 
10° Micro uw uV = 10°° volt 
10°° = Nano n nkat = 10~° katal 
10°? Pico p pm = 10°!* meter 


Quantities and units 433 


Symbol Remarks 
m 1 yard (yd) = 0.9144 m 
1 inch (in) = 0.0254 m 
1A=10°'° m=0.1 nm 
kg 1 pound (Ib) = 0.4536 kg 
S 
A 
K °C (degree Celsius) = K - 273.2 
Fahrenheit: °C = 5/9 (°F - 32) 
Cd 
mol 
Derivation Remarks 
-1 
10° m 1 US. gallon (gal) = 3.785 L 
kg m s? 
N m? 1 bar = 10° Pa 
1 mmHg = 133.3 Pa 
N m 1 calorie (cal) = 4.1868 J 
Ie 
As 
W A’! 
mol L"! 
1.6605 10°°4¢ 
& 
- Nondimensional 
mol s"! 
mol s! 1 unit (U) = 1.67 10° kat 
kat (kg Usually: U (mg enzyme)! 
enzyme)! 
10° s 
Decays s"! 1 curie (Ci) = 3.7. 10'° Bq 


4 Important constants 


General gas R=8314J mol!’ Kk"! 


constant, R 
Loschmidt 
(Avogadro) 
number, N 
(number of 
particles per 
mol) 
Faraday constant F F = 96480C mol! 


N =6.0225 1073 


Koolman, Color Atlas of Biochemistry, 2nd edition © 2005 Thieme 
All rights reserved. Usage subject to terms and conditions of license. 
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I. Immunity is distinguished by the following features. 


A. The immune system, which protects the body against microbial invaders and en- 
vironmental agents, takes two forms. 
1. Innate immunity is available at birth and protects the newborn from patho- 
genic microbes. 
2. Adaptive or acquired immunity arises in the host as a consequence of expo- 
sure to a microbe or foreign substance. 


B. The life-style of the microbe determines the nature of the protective immune re- 
sponse. 
1. Extracellular microbes can be neutralized by antibodies and other soluble im- 
mune mediators. 
2. Elimination of intracellular pathogens requires their recognition by immune 
cells that can destroy pathogen-infected host cells. 


C. Both forms of immunity require a specific recognition of the pathogen or environ- 
mental agent and an ability to distinguish it from “self.” 


D. Innate immunity is a phylogenetically ancient defense mechanism designed for 
rapidly recognizing, lysing, or phagocytozing pathogenic microbes and signaling 
their presence to the host. 

1. The innate immune system recognizes microbial patterns that are widely dis- 
tributed across genera, rather than the discrete antigenic determinants that 
characterize a particular species of microbe (Chapter 2). 

2. Innate immunity does not require prior exposure to the offending agent and is 
not altered by a previous encounter with it. 

3. Innate immunity is expressed within minutes to hours, representing the first re- 
sponse of the host to microbial pathogens. 


E. The effector mechanisms used by the innate immune system to eliminate foreign 
invaders (eg, phagocytosis) are often the same as those used for immune elimina- 
tion during an adaptive immune response (Chapter 2). 


F. Many of the responses we consider to be part of the innate immune system also 
play a central role in inflammatory responses to tissue injury (Table 1-1). 


II. First lines of defense limit microbial survival. 


A. Physical and chemical barriers provide some of the first lines of innate defense 
by preventing microbial attachment, entry, or local tissue survival in a nonspecific 
manner. 


—— 
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Table |—!. Components shared by the innate immune and inflammatory systems. 


Component Innate Immune Effects Inflammatory Effects 


Chemoattraction of leukocytes | Chemoattraction of leukocytes 
Lysis, opsonophagocytosis and Increased vascular permeability 
clearance of microbes 


Complement activation Increased vascular permeability 
Leukocyte chemotaxis Leukocyte chemotaxis 


Delivery of immune mediators Delivery of inflammatory mediators to 
to sites of infection sites of damaged tissues 


Danger signaling Leukocyte adhesion, chemotaxis, and 
Phagocyte activation uptake of cellular debris 
Respiratory burst Phagocyte activation 

Fever 

Tissue healing 


Neutrophil granules Antimicrobial cationic peptides Extracellular matrix degradation 





1. The epithelium of the skin and mucous membranes provides a physical bar- 
rier. 

2. The mucocilliary movement of the lung epithelium and the peristalsis of the 
gastrointestinal tract move microbes and other foreign agents across mucosal 
surfaces and out of the body. 

3. The low pH and high fatty acid content of the skin inhibit microbial growth. 

4. The low pH of the stomach damages essential structures of microbes and limits 
their survival. 

5. Mucins associated with mucosal epithelia prevent microbial penetration and 
bind soluble immune factors (eg, antibody molecules). 

6. A variety of iron-binding proteins (eg, lactoferrin) compete with microbes for 
extracellular iron. 

a. Lactoferrin competes for iron in the extracellular space. 

b. The Nramp1 gene product enables host cells to acquire the Fe** ions neces- 
sary to generate reactive oxygen species. 

c. Nramp2 aids cells in depleting Fe** from the phagosome, thus inhibiting 
microbial survival. 


B. The normal flora found at epithelial surfaces provides a biological barrier to 
pathogenic microbes that attempt to survive at that site. 

1. Normal microbial flora competes with pathogens for nutrients and environ- 
mental niches, especially at external body surfaces, such as the skin, intestines, 
and lungs. 

2. Normal flora can induce innate immune responses in the epithelium that limit 
the survival of pathogenic microorganisms. 


—— 
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III. Pathogens that breach the primary barriers initiate an innate immune 
response. 


A. Pathogen-associated molecular patterns (PAMP) are recognized by innate im- 

mune cells and soluble mediators. 

1. PAMP are often highly charged surface structures or unique spatial arrange- 
ments of chemical groups (eg, sugar moieties) that are not seen on host tissues. 

2. PAMP are phylogenetically conserved structures that are essential for the sur- 
vival of microorganisms. 

3. Host cell receptors capable of recognizing PAMP are encoded within the 
germline and are phylogenetically conserved. 

a. Relatively few host cell surface receptors are required to recognize a wide 
range of pathogens. 

b. The Toll-like receptor (TLR) family is an important example of phyloge- 
netically conserved PAMP-specific host molecules (Table 1-2). 

4, A number of soluble host proteins also recognize PAMP. 

a. Mannose-binding protein (MBP) (also called mannose-binding lectin) 
binds to mannose residues of a particular spacing that is seen on microbial, 
but not mammalian, cells. 

(1) MBP serves as an opsonin promoting phagocytosis. 
(2) MBP promotes lysis and phagocytosis of microbes by activating comple- 
ment (Chapter 8). 
b. Lysozyme degrades the peptidoglycan layer of bacterial cell walls. 


Table |-—2. The Toll-like receptor (TLR) family. 


Microbial Ligands 


Bacterial CpG-containing DNA 
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B. The recognition of PAMP activates leukocyte functions. 
1. Phagocytic leukocytes (blood neutrophils and tissue macrophages) can recog- 
nize microbes directly through their mannose receptors, scavenger receptors, 
Toll-like receptors, or chemotactic receptors. 


a. 


The recognition of microbial chemotactic factors directs leukocytes to the 

site of infection. 

(1) Chemotactic factors can be either microbial or host in origin (Table 
1-3). 

(2) Chemotactic factors are recognized by seven transmembrane G protein- 
coupled receptors. 


. Opsonic receptors on leukocytes recognize host components that have 


bound to the surface of microbes. 


. Attachment of a microbe to the surface of a phagocyte is followed by its up- 


take by membrane invagination (Figure 1-1). 

(1) The microbe is ingested into a phagosome. 

(2) The phagosome fuses with an organelle called the lysosome to form a 
phagolysosome. 


. Intracellular killing of the microbe occurs within the phagolysosome. 


(1) Lysosomal hydrolytic enzymes (acidic proteases, lipases, and nucleases) 
degrade microbial structures. 
(2) Leukocyte cytoplasmic granules containing cationic antimicrobial pep- 
tides (defensins and cathelicidins) fuse with the phagolysosome. 
(a) These peptides act as disinfectants by disrupting the membrane 
functions of microorganisms. 
(b) Defensins recognize the highly charged phospholipids on the outer 
membranes of microbes. 
(c) Antimicrobial peptides of very similar structure have been found 
both in the vernix caseosa covering the skin of newborn humans and 
the skin secretions of frogs. 


Table !=—3. Chemotactic factors that attract innate immune cells. 


Cell Type 


Chemotactic Factors 


Neutrophil Bacterial lipoteichoic acid 


Bacterial formyl-methiony| peptides 
Complement peptide C5a 

Fibrinogen-derived peptides 

Leukotriene B, 

Mast cell-derived chemotactic peptide NCF-A 
Cytokines: interleukin-8 


Cytokines: transforming growth factor-$, monocyte chemotactic 
protein-| 


Lymphocyte Cytokines: macrophage inflammatory protein- | 
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Figure I-—I. Opsonophagocytosis and intracellular killing of a pathogen by a phago- 
cytic cell. |, Attachment; 2, ingestion (phagosome); 3, phagolysosome; 4, killing, di- 
gestion; 5, release. 





(3) In the presence of adequate oxygen, microbe recognition at the phago- 
cytic cell surface can initiate a respiratory burst, the one electron reduc- 
tion of molecular oxygen (Figure 1-2). 

(a) Reactive oxygen intermediates (oxidants and radicals) produced 
during this process irreversibly damage essential microbial structures. 

(b) The reaction begins with the respiratory burst oxidase, a multi- 
component membrane-associated enzyme. 

(c) This oxidase catalyzes the reduction of oxygen (O)) to the radical su- 
peroxide (O,.). 

(d) The dismutation of superoxide to form hydrogen peroxide (H,O;) 
is catalyzed by the enzyme superoxide dismutase (SOD). 

(e) In the presence of a halide (eg, chloride ion), neutrophil-specific 
myeloperoxidase catalyzes the production of hypohalite (eg, hypo- 
chlorite or bleach) and organic chloramines. 

(f In the presence of ferric ion, the highly reactive hydroxyl radical 
(OH_’) is formed from superoxide and hydrogen peroxide. 


CHRONIC GRANULOMATOUS DISEASE (CGD) IS A MUTATION 
OF THE RESPIRATORY BURST OXIDASE 





CLINICAL 
CORRELATION 






* Mutations in the subunits of the respiratory burst oxidase (also called NADPH oxidase) can lead toa 
decreased production of the superoxide radical by phagocytes. 


—p— 
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O, (Molecular oxygen) 


cD Respiratory 


burst oxidase 
Q,~ + (Superoxide) 


Superoxide 
dismutase (SOD) 


(Hydrogen peroxide) HO, + O, 
Cl”, myeloperoxidase (MPO) 
HOCl” <——> OCI” (hypochlorite) 


R-NH (organic amines) 


R-NHClI, R-NCl, 
(organic chloramines) 


H707 + 02°» 


Fe2* 


Figure I-2. The respiratory burst and 
0 + OH™ + OHe (Hydroxyl radical) reactive oxygen intermediates. 





Leukocytes of CGD patients fail to produce many of the oxidants that mediate killing of microorgan- 
isms within the phagolysosome. 

* CGD patients are at risk for acquiring opportunistic infections with microbes that would otherwise 
show low virulence in normal individuals. 

Because the phagocytosis of microbes is normal in these patients, some pathogens that are not killed 
replicate within the phagolysosome. 

* The host attempts to wall off leukocytes containing viable microbes by forming a structure called a 
granuloma in the lungs and liver. 


(4) Oxygen-independent intracellular killing is essential when tissue oxygen 
is limited, as in deep tissue abscesses. 
(5) Some phagocytic cells (eg, tissue macrophages) produce the radical ni- 
tric oxide (NO), which can damage microbial structures. 
(a) NO” is formed from L-arginine and oxygen through a reaction cat- 
alyzed by nitric oxide synthase (NOS): 


L-arginine-NH, + NADPH + O, ~ NO’ + L-citruline + NADP 


(6) In macrophages and hepatocytes, the inducible form of NOS 
(iNOS) catalyzes high level, sustained production of NO" that func- 
tions as an antimicrobial agent. 

(c) Only a few microbes (eg, Mycobacteria and Listeria species) are 
highly susceptible to NO’. 


—— 
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(d) When NO’ and O,° combine, they form peroxynitrite (ONOO ), 
an especially potent oxidant. 

2. Epithelial cells also produce the defensins. 

a. Defensins limit microbial survival at the mucosal surface of the lung, intes- 
tine, and genitourinary tract. 

b. Defensins are chemotactic for dendritic cells, monocytes, and T lympho- 
cytes that mediate mucosal defense. 

3. Intraepithelial T lymphocytes are found in the skin, lung, and small intestine. 
a. These cells bear germline gene-encoded antigen receptors (Chapter 6) that 

recognize conserved microbial glycolipids. 
b. Intraepithelial T cells mediate host protection by the secretion of cytokines 
that can activate phagocytic cells. 

4, Natural killer (NK) cells recognize host cells that are infected with intracellu- 
lar pathogens, such as viruses. 

a. NK cells bear two types of receptors, one for activating the cell and another 
for inhibiting its activation. 
(1) NK cell activating receptors are specific for host and microbial ligands. 
(2) NK cell inhibitory receptors are specific for major histocompatibility 
complex (MHC) molecules that are widely distributed on host tissues 
(Chapter 7). 
(3) When the inhibitory receptor binds host MHC molecules, activation of 
the NK cell is blocked. 
(4) When the expression of MHC molecules is decreased on host tissues, 
NK cells become activated through their activating receptors. 
(5) The expression of MHC is often decreased on virus-infected cells. 
b. Upon activation, NK cells can eliminate microbial pathogens by secreting 
cytokines, which activate macrophages. 
c. NK cells can also lyse infected host cells. 
d. NK cells also synthesize interferons (Chapter 12) that block the replication 
of viruses within infected cells. 

5. Natural killer T (NKT) cells bear many of the surface receptors present on 
NK cells as well as an unconventional form of the T cell antigen receptor 
(Chapter 6). 

a. Most NKT cells are specific for microbial glycolipids. 

b. NKT cells can produce cytokines capable of activating macrophages. 

c. NKT cells can express cytotoxic activity, although the role of this function 
in host defense is still unclear. 


C. The recognition of microbial pathogens signals “danger” to the host. 
1. TLRs (Table 1-2) initiate danger signaling when they bind microbial PAMP. 

a. Intracellular signal transduction initiated by TLR leads to the activation of 
transcription factors. 

b. For example, TLR4 mediates the recognition of bacterial lipopolysaccha- 
rides (LPS), which are common components of the outer membrane of 
gram-negative bacteria (Figure 1-3) 

c. TLR4 signaling results in the activation of the nuclear factor-KB (NF«B) 
and AP-1 transcription factors. 

d. Among the genes regulated by NFKB and AP-1 are those encoding proin- 
flammatory cytokines and their receptors, cell adhesion molecules, im- 
munoglobulins, and antigen receptors. 


—— 
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Figure I-3. Cellular responses to bacterial lipopolysaccharide (LPS) are mediated by toll-like recep- 
tor 4 (TLR4). CM, cytoplasmic membrane; LP, lipoprotein; LPS, lipopolysaccharide; OM, outer mem- 
brane; PG, peptidoglycan; PP, porin protein; PPS, periplasmic space. 








EXCESSIVE DANGER SIGNALING AND SEPSIS 


* Sepsis is a systemic host response to disseminated infection characterized by fever, tachycardia, 
tachypnea, hemodynamic dysfunction, coagulopathy, and multiorgan damage. 

* These processes result from microvascular changes, diminished tissue perfusion, and inadequate tissue 
oxygenation. 

* Sepsis represents excessive danger signaling on the part of the host; soluble and cellular mediators of 
innate immunity are produced in excess. 

* The cytokines interleukin (IL)-1, interferon (IFN)-y, and tumor necrosis factor (TNF)-« are important 
early mediators of sepsis. 

* Clinical trials using reagents (eg, antibodies) designed to neutralize any one of these mediators have 
been disappointing, probably owing to mediator redundancy. 


CLINICAL 
CORRELATION 






2. Cytokine genes are induced by danger signaling and are essential for appropri- 

ate innate immune responses to infection. 

a. Cytokines are peptide hormone-like mediators of immunity and inflamma- 
tion (Chapter 12). 

b. Cytokines are produced by a variety of immune cells and induce gene ex- 
pression, cell growth, and differentiation. 

c. Cytokines act through specific cytokine receptors, many of which activate 
gene transcription. 

d. Among the important effects of cytokines are fever, hematopoiesis, chemo- 
taxis, increased cell adhesion, changes in blood vessel function, antibody 
production, and apoptosis (Table 1-4). 


—p— 
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Table |—4. Cytokines that act as danger signals.* 


Cytokine 


Fever, leukocyte adhesion to endothelium, acute phase protein 
synthesis, respiratory burst, cachexia, cardiac suppression, dissemi- 
nated intravascular coagulation and shock 


Fever, leukocyte adhesion to endothelium, acute phase protein 
synthesis, B lymphocyte coactivation 


Antiviral state, coactivation of macrophages and NK cells, in- 
creased MHC expression 


Coactivation of macrophages, increased MHC expression 





“TNF, tumor necrosis factor; IL, interleukin; IFN, interferon; NK, natural killer; MHC, major histo- 
compatibility complex. 


e. The interferons (IFN) are a family of cytokines first noted for their antiviral 
activity. 
(1) IFN-o and IFN-B block virus replication within cells. 
(2) IFN-Y is a potent activator of macrophages for the killing of intracellular 
bacteria and fungi. 









DEFECTIVE IFN-y RECEPTOR FUNCTION LEADS TO OPPORTUNISTIC 
INFECTIONS 


* The killing of intracellular microbial pathogens by macrophages requires that the cells be activated by 
microbial or host signals, including cytokines. 


+ IFN-yis a potent macrophage activating cytokine that acts on cells through its receptor. 


* Point mutations in the human IFN-y receptor 1 gene impair signaling and macrophage activation for 
the killing of intracellular pathogens. 


CLINICAL 
CORRELATION 


Life-threatening infections with Mycobacterium and Salmonella species are common and can become 
widely disseminated throughout the body. 

* Because the receptors for IFN-c. and IFN-B are distinct from those that bind IFN-y, the affected individu- 
als do not suffer from increased viral infections. 


3. PAMP can activate the complement system of serum proteins. 
a. Several complement components can recognize highly charged microbial 
structures, such as bacterial LPS and surface mannose residues. 


—— 
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b. Peptides produced during complement activation mediate host defense and 
inflammatory functions, such as the chemotaxis of neutrophils, opsoniza- 
tion, and the lysis of microbial membranes. 

c. The activation of mast cell degranulation by complement peptides, called 
anaphylatoxins, leads to the release of an additional wave of inflammatory 
mediators that are stored in mast cell cytoplasmic granules (Chapter 13). 

4. The synthesis of acute phase proteins is a response to danger signaling. 

a. Many acute phase proteins are produced in the liver in response to the cy- 
tokines IL-1, IL-6, and TNF-a. 

b. C-reactive protein (CRP) binds to bacterial surface phospholipids, acti- 
vates complement, and serves as an opsonin. 

c. Increased fibrinogen in plasma increases the erythrocyte sedimentation 
rate (ESR), a clinical laboratory test indicative of acute inflammation. 

5. The coagulation and fibrinolysis systems are activated during acute infections 
and inflammation. 

a. Coagulation serves to localize infection by retaining microbes within a fibrin 
clot. 

b. Peptides derived from fibrinogen during fibrinolysis are chemotactic for 
neutrophils. 

c. Plasmin generated during fibrinolysis can activate the complement system. 









DYSREGULATION OF THE COMPLEMENT SYSTEM RESULTS IN ACUTE 
INFLAMMATION 


* Unabated activation of the complement system is potentially harmful to the host due to the produc- 

tion of inflammatory mediators. 

* An important regulator of the classic pathway of complement activation is the protease inhibitor C1 
inhibitor (C1 Inh). 

* Patients with hereditary angioedema (HAE) have significantly decreased levels of plasma C1 Inh. 

* Episodic activation of complement in HAE patients results in the production of complement peptides 
that increase vascular permeability. 

* The resulting subcutaneous and submucosal edema can lead to airway obstruction, asphyxiation, and 
severe abdominal pain. 


IV. Danger signals can promote the activation of antigen-specific T and B 
lymphocytes of the adaptive immune system. 


A. The nature of danger signaling depends on the type of microbe. 
1. Intracellular pathogens often induce innate signals (eg, IL-12) that promote the 
development of cellular immunity. 
2. Extracellular pathogens often favor induction of antibody responses to micro- 
bial antigens (Chapter 2). 


B. Danger signals activate T and B lymphocytes through their cell surface corecep- 
tors. 
1. The complement peptide C3d generated during an innate immune response is 
the ligand for the B cell coreceptor CR2. 
2. C3d costimulates B cells that have bound antigen through their antigen recep- 
tors (Chapter 8). 


—— 
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C. Cytokines produced by innate immune cells are important regulators of lympho- 
cyte activation during adaptive immune responses. 
1. IFN-o and IFN-B enhance T lymphocyte responses to microbial antigens by 
controlling the expression of MHC molecules (Chapter 7). 
2. IL-4 and IL-5 promote the production of certain classes of antibodies by B 
lymphocytes. 
3. IL-12 promotes differentiation of T lymphocytes. 


D. Adjuvants are substances that promote adaptive immune responses. 
1. Most adjuvants act by inducing danger signaling. 
2. Adjuvants can increase the expression of lymphocyte coreceptors. 
3. Adjuvants can induce the expression of ligands for lymphocyte coreceptors. 
4, Adjuvants can induce cytokine production or increased cytokine receptor ex- 
pression. 





CLINICAL PROBLEMS 


Ms. Jones is a retired secretary who has been admitted to the hospital for treatment of an 
apparent urinary tract infection. She is administered a third-generation cephalosporin an- 
tibiotic at approximately 1:00 PM, at which time she has a fever of 101°F, blood pressure 
of 110/60, and a pulse of 115. The patient tolerates the antibiotic well during the first 
hour, but when the nurse returns to her room at 3:00 PM, Ms. Jones’ vital signs have dete- 
riorated. Her blood pressure has decreased to 80/50, her pulse is now 128, and she no 
longer responds when called by name. Her physician concludes that Ms. Jones is septic. 


1. Which of the following treatments should be administered immediately? 
A. Increase the dose of antibiotic to control the infection. 

. Administer a vasodilator, such as verapamil. 

. Discontinue the antibiotic and administer intravenous fluids. 


. Administer TNF-& to control the infection. 


moanw 


. Administer complement components to control the systemic inflammatory re- 
sponse. 


Johnny is a 1-month-old healthy child who has not, as yet, received any childhood immu- 
nizations. He presents with his first episode of otitis media (middle ear infection) that is 
successfully treated with a 3-week course of antibiotics. 


2. Which one of the following immune components contributed the most to his clearing 
the infectious agent during the first few days of his infection? 


A. Antigen receptors on his B lymphocytes 

B. Toll-like receptors on his neutrophils 

C. Cytokines that promoted antibody formation 
D. T cell responses to bacterial antigens 

E. Memory B cells 


11 
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Recently a patient was identified who had a defect in IL-1 receptor-associated kinase 
(IRAK)-dependent cellular signaling associated with her TLR4 receptor. 


3. 


Which one of the following groups of pathogens would be expected to cause recurrent 
infections in this individual? 


A. Retroviruses, such as HIV-1 

B. Fungi that cause vaginal yeast infections 
C. Gram-negative bacteria 

D. Gastrointestinal viruses 


E. Insect-borne parasites 


Anaerobic bacteria are often cultured from infected deep tissue abscesses. 


4. 


If you were a neutrophil recruited to an anaerobic site to kill such a bacterium, which 
of the following substances would you most likely use? 


A. IL-12 

B. Nitric oxide 

C. Interferon-o 

D. Respiratory burst oxidase 
E. Cathelicidin 


You are part of a research team that is attempting to design a better vaccine for the preven- 
tion of tuberculosis, which is caused by the intracellular bacterial pathogen Mycobacterium 
tuberculosis. One of your colleagues suggests that you include an adjuvant in the vaccine 
formulation. 


5. 


Based on your knowledge of protective immunity to this pathogen, which one of the 
following would be a reasonable choice of an adjuvant component? 


A. A cytokine that promotes an IFN-Y response to mycobacterial antigens 

B. The complement peptide C3d, which will ensure adequate antibody production. 
C. Interleukin-10 

D. Bacterial lipopolysaccharide 


E. Lactoferrin 


oy 
mM” ee eee Oe eee 


ANSWERS 


1, 


The answer is C. Sepsis is a systemic inflammatory response to infection that results 
from exposure of the host to diverse microbial components expressing PAMP. With 
antibiotic treatment, large quantities of bacteria die and release these proinflammatory 
components, including bacterial LPS. The most important initial step is to discontinue 
antibiotic treatment until the septic episode has passed. Fluids are given to correct hy- 
potension, and severe cases may need to be treated with pressors (eg, dopamine) to 


—— 
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maintain blood pressure. The patient’s symptoms (hypotension, tachycardia, and hy- 
poxia) are indicative of extreme vasodilation, the loss of fluid to the extravascular tis- 
sues, and inadequate tissue oxygenation. TNF- is thought to be a major central 
mediator of systemic septic shock. The activation of complement would be expected to 
aggravate the systemic inflammatory response by further inducing vascular changes, hy- 
potension, and hypoxia. 


2. The correct answer is B. In a child of this age who has not previously been exposed to 
this bacterial pathogen or immunized against its antigens host defense is primarily me- 
diated by the innate immune system. Neutrophils play a central role in clearing bacteria 
and recognize molecular patterns on these pathogens via their TLR. By contrast, T and 
B lymphocytes mediate adaptive immunity (eg, antibody formation), which requires 
several days to develop in an immunologically naive individual. 


3. The correct answer is C. TLR4 is the signaling receptor for bacterial LPS, a component 
of the outer membrane of gram-negative bacteria. Patients with impaired TLR4 signal- 
ing are at risk for recurrent, life-threatening infections with gram-negative bacteria. 
TLR4 is not known to mediate protective responses to viruses, fungi, or parasites. 


4. The correct answer is E. In the absence of molecular oxygen, neither reactive oxygen 
species (eg, superoxide) nor NO can be produced in sufficient quantities to kill bacte- 
ria. Under these conditions, the neutrophil must rely on oxygen-independent killing 
mechanisms, such as the action of its antimicrobial granule peptides. 


5. The correct answer is A. Any cytokine that would promote the development of anti- 
gen-specific, IFN-y-producing lymphocytes would probably have a favorable effect. Pa- 
tients who cannot produce IFN-Y are at risk for developing mycobacterial infections. 
Interleukin-12 is a good example of an IFN-y-inducing cytokine. Because this 
pathogen resides within tissue macrophages in chronically infected individuals, 
macrophage activation for intracellular killing is an essential protective response to in- 
fection. 
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I. Adaptive immunity is distinguished by the following features. 


A. Unlike innate immunity, adaptive immunity is an acquired response to antigen 
that is initiated by the recognition of discrete antigenic determinants on foreign in- 


vaders (Table 2-1). 


B. The host is changed by its exposure to antigen; the individual becomes “immu- 
nized” against a particular antigen. 

1. The primary response to an antigen takes several days and requires antigen 
recognition, the activation and proliferation of T and B lymphocytes, and the 
differentiation of these cells into populations of effector lymphocytes. 

2. Sets of antigen-specific memory T and B cells are also generated that mediate 
secondary responses to the antigen at a later time. 

3. The long-term maintenance of memory and the return of lymphocytes to a 
nonactivated state are carefully controlled. 


C. T and B lymphocytes are the primary mediators of adaptive i immunity and recog- 

nize antigenic determinants by their cell surface antigen receptors. 

1. Receptors with specificity for autoantigens are expressed during the develop- 
ment of the adaptive immune system. 
a. Most lymphocytes with autoreactive receptors are deleted. 
b. Some autoreactive lymphocytes survive, but their activation is carefully con- 

trolled in the periphery. 

2. Whereas B cell receptors predominantly recognize soluble native antigens, 

T cell receptors recognize foreign antigens only on the surfaces of other host cells. 


D. Many of the effector cells and molecules that mediate antigen clearance in adap- 
tive immunity are the same as those that mediate protective innate immune re- 
sponses. 


II. Primary and secondary adaptive immune responses differ. 


A. Evidence of a primary immune response to an antigen appears only after an ini- 
tial lag phase (Figure 2-1). 
B. Antibody produced following active immunization is specific for the immuniz- 
ing antigen. 
C. The host has enormous diversity in its capacity to respond to different antigens. 
1. Estimates of the number of different antigen receptors potentially expressed by 
B or T cells range from 10° to 10”. 


14 
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Table 2—!. Comparison of the properties of innate andadaptive immunity. 


Property Innate Immunity 


Conserved, widely 
distributed microbial 
components 


Many cells: phagocytes, 
some lymphocytes, 
epithelial cells 


Response Uptake and clearance, 
danger signaling 





Adaptive Immunity 


Discrete, diverse antigenic 
determinants 
Antigen presentation 


Clearance, lysis, memory 


2. A diverse immune repertoire exists at birth in human beings and undergoes 
further changes based on the immunological experiences of the individual. 


D. Immunity mediated by lymphocytes or the antibodies they produce can be trans- 
ferred from an immune host to a naive recipient. 
1. The transfer of antibodies is called passive immunization. 
2. The transfer of immune cells is called adaptive immunization. 





Secondary 
response 
Antigen A Antigen A 
+ Antigen B 


Primary anti-A 
response 


Serum antibody concentration 








= 
fo) 
l 


Primary 
response 


Antibody concentration in serum, 
units per ml 

















Time, days 








Time after immunization, days 


Figure 2-I|. Time course of a typical primary and secondary antibody response. Ig, immunoglobulin. 
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NEWBORNS ACQUIRE MATERNAL IMMUNITY BY PASSIVE IMMUNIZATION 









* Newborns are passively immunized when their mothers transfer protective antibodies to them either 

across the placenta or through the colostrum and milk. Le) 
The relative importance of these two routes in various mammalian species is determined by the struc- 
ture of their placentas. 
Human beings have two cell layers separating fetal and maternal blood and actively transport mater- 
nal antibodies across the placenta. 
The class of antibody that is transported is immunoglobulin G (IgG) (Chapter 3) and it provides sys- 
temic antibody protection to the newborn. 
Colostral antibodies in humans are predominantly immunoglobulin A (IgA) and they protect the new- 
born intestinal tract from infectious pathogens. 
By contrast, the fetal calf receives no immunoglobulin from its mother during gestation, and is highly 
dependent upon suckling colostrum containing IgG antibodies during its first few days of life. 


E, Secondary responses to an antigen in immune animals differ from primary adap- 
tive immune responses (Figure 2-1). 
1. The lag period is shorter for the secondary response. 
2. The overall amount of antibody produced is greater in the secondary response. 
3. The class of antibody differs in the two responses. 
a. Primary antibody responses are mostly immunoglobulin M (IgM). 
b. Secondary antibody responses consist primarily of non-IgM classes, espe- 
cially IgG. 
c. The change that occurs in the class of antibody produced is called isotype 
switching and results in new functions being associated with the same anti- 
body specificity (Chapter 3). 
d. The longer duration of the secondary response reflects the large number of 
memory B cells that are activated and the longer half-life of IgG in circula- 
tion compared to IgM. 


III. Cells of the adaptive immune system are found in discrete lymphoid 
tissues and organs. 


A. Primary lymphoid organs are organs in which the antigen-independent develop- 
ment of lymphocytes occurs. 
1. The bone marrow is a major site of hematopoiesis and lymphopoiesis in both 
young and adult animals. 
2. Under the influence of the bone marrow stromal cells and growth factors, the 
various blood lineages develop. 


HEMATOPOIETIC GROWTH FACTORS CAN CORRECT IMMUNE DEFICIENCIES 









CLINICAL 
CORRELATION 


* Cyclic neutropenia is a 3-week oscillating deficiency in the production of blood neutrophils that can 
leave patients at risk for infections (Table 2-2). We) 
* The inherited form of the disease results from point mutations in the neutrophil elastase gene, suggest- 
ing that this protease participates in myelopoiesis. 
* Treatment with colony-stimulating factor for granulocytes (CSF-G) replenishes neutrophil num- 
bers in the blood during the neutropenic phase. 
* By contrast, severe congenital neutropenia, which is due to a mutation in the gene for the receptor 


for CSF-G, is not responsive to CSF-G therapy. 


—— 
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Table 2—2. Congenital leukocyte and lymphocyte deficiencies affecting immunity. 


Cell Type Subsets Normal Cell Numbers Congenital Deficiencies 
(10° per uL) in the Affecting the Number of 
Blood of Adults Cells in the Periphery 


Neutrophils Neonatal and cyclic 
neutropenia 
Monocytes 


Lymphocytes Total 0-4. Severe combined 
immune deficiency 
B cells 1-0. X-linked 
agammaglobulinemia 
T cells 2-3. DiGeorge syndrome 
CD4* T cells 2-1. MHC class II deficiency 
CD8* T cells 1-0. MHC class | deficiency 





* Colony-stimulating factors for other hematopoietic progenitor cells, including erythropoietin and in- 
terleukin-3, have become standard treatments for many selective hematopoietic deficiencies. 


3. Lymphocytes are also derived from a common self-renewing hematopoietic 
stem cell that gives rise to all blood cell lineages. 

a. In the appropriate inductive microenvironment, the pluripotent stem cell 
differentiates into a lymphoid progenitor cell (LPC). 

b. The LPC can become a progenitor T (pro-T) cell or a progenitor B (pro- 
B) cell. 

c. In human beings, B lymphopoiesis occurs primarily in the bone marrow 
(Chapter 9), but T lymphocyte development moves to the thymus at the 
pro-T cell stage (Chapter 10). 

d. An important process that accompanies T and B cell differentiation in the 
bone marrow and thymus is the expression of surface antigen receptors. 









DIGEORGE SYNDROME PATIENTS LACK A THYMUS 


* DiGeorge syndrome is a congenital condition arising from defective embryogenesis of the third and 
fourth pharyngeal pouches. 

* Patients with DiGeorge syndrome show abnormalities in the structure of their major blood vessels, 
heart, and parathyroids and evidence thymic hypoplasia. 

* Immunological abnormalities include severe lymphopenia (Table 2-2) at birth and early onset infec- 
tions by opportunistic viruses and fungi. 

* Antibody levels are normal at birth due to the transplacental passage of antibodies from the mother in 
utero. 

* The immune deficiencies of these children can be cured by thymic transplantation from a suitable 
donor. 


CLINICAL 
CORRELATION 


B. Secondary lymphoid organs are sites at which the host mounts adaptive immune 
responses to foreign invaders. 


—— 
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1. Secondary lymphoid organs and tissues include the spleen, lymph nodes, 

Peyer’s patches, and widely distributed lymphoid follicles. 

2. The lymph node is an encapsulated organ that receives antigens from subcuta- 

neous and submucosal tissues via its afferent lymphatics (Figure 2-2). 

a. B cells are concentrated in discrete primary and secondary follicles within 
the cortex of lymph nodes, where they undergo antigen-driven differentia- 
tion. 

b. Memory B cells develop within the germinal centers of the cortex. 

c. T cells are located primarily in the diffuse cortex (or paracortex), where 
they associate with dendritic cells. 

d. Cells enter the lymph nodes in large numbers by crossing the high endothe- 
lial layer of postcapillary venules located in the diffuse cortex. 

e. Terminally differentiated B cells, called plasma cells, are found in the 
medullary cords, where they produce large amounts of antibody during 
their limited life-span. 

f. Secreted antibodies exit the lymph nodes via the efferent lymphatics and 
eventually enter the blood stream. 

3. The spleen receives antigens through the blood circulation and contains areas 

functionally equivalent to those of the lymph nodes (Table 2-3). 

4. Other important peripheral lymphoid tissues include the Peyer’s patches and 
submucosa of the small intestine, which are sites in which mucosal antibody re- 


sponses are induced (Chapter 9). 


High endothelial Afferent lymphatic 


Capsule 


Germinal 
center 


Follicle 


Medullary 
cord 


Efferent lymphatic 


Artery Vein 


Figure 2-2. Schematic structure of a lymph node. 
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Table 2-3. Comparison of analogous structures in the lymph nodes and spleen. 


Lymph Node Spleen Function 


Periarteriolar 
lymphoid sheath 


High endothelium Marginal sinuses Site of entry of lymphocytes from the 
of postcapillary recirulating lymphocyte pool 
venules 


Efferent lymphatics Marginal sinuses Point of exit of effector lymphocytes to 
join the recirculating pool 





C. A recirculating lymphocyte pool of long-lived small lymphocytes continually 
travels between the various lymphoid tissues by a route that includes the blood 
and lymph (Figure 2-3). 

1. Recirculating lymphocytes enter the lymph nodes from the blood by crossing 
the high endothelial venules in the diffuse cortex. 

2. The cells exit the lymph nodes via the efferent lymphatics and migrate via the 
common thoracic duct to the blood stream. 

3. Lymphocytes can exit the blood circulation by crossing the endothelium at 
many locations. 


IV. The clonal selection theory of adaptive immunity proposes that an 
antigen selects and activates the appropriate clone of lymphocytes from a 
preformed diverse pool. 


A. The theory predicts the following: 

1. Each lymphocyte is precommitted to a particular antigen prior to encountering 
that antigen (Figure 2-4). 

2. Lymphocytes recognize their antigens with cell surface antigen receptors. 

3. The receptor on a given lymphocyte is specific for only one antigen. 

4. Antigen binding to the receptor induces the expansion of a clone of cells, all 
with identical receptor specificity. 

5. The antigen receptor on a given lymphocyte is uniform and identical to the an- 
tibody molecules secreted by the cell. 


B. The theory has proven correct for both B and T lymphocytes with the following 
exceptions: 
1. The B cell antigen receptor is actually a modified form of an antibody molecule 
(Chapter 4). 
2. The T cell antigen receptor is not an antibody molecule (Chapter 6). 
3. T cells do not secrete large amounts of their receptor molecules. 


—— 
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Figure 2-3. Route of recirculation of lymphocytes from blood to lymph. 














C. The production of a pool of memory lymphocytes ensures that a higher concen- 
tration of specific antibody is produced in a more rapid fashion during a sec- 
ondary response. 


D. Because lymphocytes with receptors specific for autoantigens (“forbidden 
clones”) are mostly deleted or inactivated during their differentiation, autoim- 
munity is rare. 


ae 
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Figure 2-4. Clonal selection theory of adaptive immunity. 


PERNICIOUS ANEMIA 


* Pernicious anemia (PA) is an organ-specific autoimmune disease characterized by a decreased ab- 
sorption of dietary vitamin B,p. 

* Vitamin B,2 is normally absorbed in the ileum as a complex with intrinsic factor, a protein synthesized 
by gastric parietal cells. 

+ Failure to absorb vitamin B, in PA results from an autoimmune attack on gastric parietal cells and the 
clearance of intrinsic factor by autoantibodies. 

* The resulting vitamin B,, deficiency results in impaired erythropoiesis (megaloblastic anemia). 


V. Lymphocytes express antigen receptors. 


A. The antigen receptor complexes of T and B lymphocytes are similar in structure 
and function (Figure 2-5). 
1. The B cell receptor (BCR) for antigen consists of a membrane form of anti- 
body and the accessory peptides Igo and Ig. 
a. The BCR recognizes discrete antigenic determinants (epitopes) on soluble 
antigens. 


ae 
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Figure 2-5. Antigen receptors on B and T lymphocytes. MHC, major histocompati- 
bility complex; TCR, T cell receptor; lg, immunoglobulin. 




















B. Iga and Ig mediate antigen-induced transmembrane signaling in B cells. 
1. The T cell receptor (TCR) complex consists of antibody-like peptides and sig- 
naling peptides. 
a. Unlike the BCR, the TCR can recognize only foreign antigens that are dis- 
played on the surfaces of other cells. 

(1) T cells recognize surface-bound small peptides that are derived by prote- 
olysis from native protein antigens. 

(2) The TCR recognizes determinants of the foreign peptide plus host cell 
surface molecules called major histocompatibility complex (MHC) 
molecules. 

(3) The cells on which these processed foreign peptides are displayed are col- 
lectively referred to as antigen-presenting cells (APC). 

b. The MHC regulates antigen recognition by T cells. 

(1) Only peptides that can bind to the host’s MHC molecules are recog- 
nized by T cells. 

(2) Two classes of MHC molecules control T cell antigen recognition in this 
fashion (Figure 2-6). 

(a) MHC class I is expressed on nearly all nucleated cells. 
(6) MHC class II is expressed on dendritic cells, macrophages, and B 
cells. 

(3) MHC restriction ensures that T cells will be activated by antigen only in 
proximity to other host cells. 

(a) T helper (Th) cells recognize antigen presented by MHC class II- 
expressing dendritic cells (DC), B cells, and macrophages. 


—— 
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Figure 2-6. Schematic of antigen presentation. MHC, major histocompatibility complex; ER, endo- 
plasmic reticulum; CTL, cytotoxic T lymphocyte; TAP, transporter of antigenic peptide. 





(b) Cytotoxic T (Tc) cells recognize antigen-expressing (eg, viral anti- 
gens), MHC class I-expressing host cells. 
c. The signaling peptides of the TCR are collectively referred to as CD3. 
d. The TCR complex is first expressed during T cell development in the thy- 
mus (Chapter 10). 






T CELL DEFICIENCIES DUE TO ABNORMAL CD3 EXPRESSION 


* Mutations in two different CD3 peptides (CD3y and CD3¢) have been described that decrease TCR ex- 
pression. 

* These patients show few peripheral T cells, susceptibility to viral and fungal infections, and autoimmu- 
nity. 

+ In addition to treatment for infections, these patients are candidates for hematopoietic stem cell trans- 
plantation, which can correct the defects. 

* This and other congenital immune deficiencies are described in detail at the Online Mendelian Inheri- 
tance in Man web site maintained by the National Library of Medicine (www.ncbi.nlm.nih.gov/omim). 


CLINICAL 
CORRELATION 
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C. Antigen presentation requires the processing and MHC-dependent display of 
antigenic determinants (Figure 2-6). 
1. Any nucleated cell can potentially present peptide antigens through MHC class I. 
a. T cells that recognize peptides + MHC class I bear a distinguishing cell sur- 
face coreceptor called CD8. 
b. Most CD8* T cells are cytotoxic. 
2. DC, B cells, monocytes, and macrophages express MHC class II and can pre- 
sent antigenic peptides via class II molecules. 
a. T cells that recognize peptides + MHC class II bear a distinguishing cell sur- 
face coreceptor called CD4. 
b. Most CD4"* T cells secrete cytokines that regulate the activation of other im- 
mune cells. 


VI. Lymphocytes bear a number of additional cell surface molecules that 
control their activation, migration, or effector functions. 


Table 2-4. Properties of CD markers.* 


CD Category Examples Expression Major Functions 


Binding lgG—antigen 
complexes 


Death-inducing 
receptors 


Phosphatase; regulates TCR 
signaling 


Complement Regulates complement 
receptors activation 


Blood group markers CD240D _ Erythrocytes Major Rh antigen 





“For a more complete list of CD markers, see Appendix |. TCR, T cell receptor; IL-2, interleukin 2; 
IgG, immunoglobulin G; TNF, tumor necrosis factor. 
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A. Coreceptors on lymphocytes promote signaling through the TCR and BCR. 
1. Coreceptors lower the threshold for lymphocyte activation through their anti- 
gen receptors. 
2. Coreceptors can act by modulating intracellular signaling pathways or increas- 
ing the expression of other receptors. 
B. T and B cells express a range of cytokine receptors that provides additional sig- 
nals for cell activation. 
C. Receptors that bind IgG molecules present in antigen—antibody complexes (Fe 
receptors) typically inhibit B cell activation. 
D. Cell adhesion molecules mediate lymphocyte migration between and within tis- 
sues and increase the binding between lymphocyte subsets. 
E. One method for cataloging cell surface molecules is the cluster of differentiation 


(CD) scheme that assigns a CD number to each unique cell surface molecule 
(Table 2-4, Appendix I, and www.hlda8.org/). 









CLINICAL 
CORRELATION 


ZW 


PHENOTYPING OF LYMPHOCYTE SUBSETS 


* Human lymphocyte subsets are routinely enumerated in the clinical laboratory by a technique known 
as flow cytometry (Chapter 5). 

* Monoclonal antibodies to the CD markers of interest (Table 2-4) are labeled with a fluorochrome and 
used to stain cells. 

* The flow cytometer detects labeled antibody binding to the cell and thereby enumerates surface CD 
molecules on blood cells or cells prepared from solid tissues (eg, tumors). 


* Abnormal lymphocyte numbers are associated with congenital or acquired immune deficiencies, infec- 
tions, and neoplastic conditions. 


* Leukemias and lymphomas can be typed and staged by defining the CD markers they express. 





CLINICAL PROBLEMS 


A 2-month-old male child presents with thrush (a yeast infection in the oral cavity), diar- 
thea, and failure to thrive. His complete blood count reveals a severe lymphopenia. Flow 
cytometry demonstrates a very low number of CD3* lymphocytes in his blood, but nor- 
mal numbers of membrane IgM* lymphocytes when compared to age-matched controls. 


1. Which one of the following represents the most likely underlying disease in this child? 
A. X-linked agammaglobulinemia (XLA) 
B. DiGeorge syndrome 
C. Neonatal neutropenia 
D. Myeloperoxidase deficiency 


E. Aplastic anemia 


A patient has a history of recurrent pneumonias that reappear within a week following 
completion of antibiotic therapy. She is found to have a deficiency in the expression of 
CD18. 


—— 
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2. Which of the following two clinical abnormalities would you most expect to find in 
such a patient? More than one answer may be correct. 


A. Lymphopenia 

. Leukocytosis 

. Recurrent viral infections 

. Recurrent bacterial infections 
. Abnormal BCR cell signaling 


. Agammaglobulinemia 


AOnmdow 


. Reduced T lymphocyte receptor expression 
3. Which of the following is a “pattern recognition receptor”? 
A. BCR 
B. Interleukin-1 receptor 
C. Fc receptor 
D. CD4 
E. Mannose receptor 
A patient presents with a lymphocytosis and enlarged lymph nodes, and a biopsy of the 


bone marrow is performed. Ninety percent of the patient’s bone marrow cells stain with a 
fluorescent antibody specific for CD3. 


4, Which of the following is a reasonable differential diagnosis? 
A. AIDS 
B. DiGeorge syndrome 
C. T cell leukemia 
D. Cytomegalovirus infection 


E. This is a normal laboratory finding. 


Patients with deficiencies in antibody production can often present with the same types of 
infections as are seen in patients with phagocytic cell deficiencies. 


5. Which of the following statements best explains this observation? 
A. Autoantibodies can remove phagocytic cells from the blood circulation. 
B. Plasma cells are the direct progenitors of certain phagocytic cells. 
C. Macrophages can differentiate into antibody-producing plasma cells. 
D. 


Antibodies are important opsonins that promote microbe recognition by phago- 
cytes. 


E. Antibodies are essential for the continued production of phagocytic cells by the 
bone marrow. 
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ANSWERS 


1. The correct answer is B. The finding of low lymphocyte counts in the blood (lym- 
phopenia) affecting only T cells suggests a deficiency in cell-mediated immunity sec- 
ondary to decreased T cell numbers, such as in thymic dysplasia (DiGeorge syndrome). 
This would be expected to lead to opportunistic infections by intracellular pathogens, 
such as the yeast Candida albicans. 


2. The correct answers are B and D. The CD18 gene encodes for an adhesion molecule, 
and patients with decreased CD18 expression show poor leukocyte adhesion to the vas- 
cular endothelium. The increase in leukocyte production seen during infections results 
in an increased number of leukocytes in the blood (leukocytosis). The resulting de- 
creased leukocyte migration to infection sites impairs clearance of extracellular bacterial 
pathogens. 


3. The correct answer is E. The mannose receptor recognizes the spatial arrangement of 
mannose residues that is found only on microbial surfaces. 


4, The correct answer is C. Finding large numbers of CD3* cells in the bone marrow is 
most likely indicative of neoplastic T cells (leukemia), because CD3 is normally ex- 
pressed only after the pro-T cell migrates to the thymus. 


5. The answer is D. Antibodies of certain classes can bind to microbial surface antigens 
and mark them for uptake by phagocytic cells. This is because phagocytes bear opsonic 
receptors that bind antibody-coated particles and signal an increased rate of uptake. 
Thus, patients who lack certain antibodies will show diminished phagocytic cell func- 
tion due to impaired opsonophagocytosis. 
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I. Antigens 
A. An antigen is a substance that can elicit an adaptive immune response. 


B. Most natural and medically important antigens are macromolecules or substances 
that can bind covalently to them. 


C. Naturally occurring antigens include proteins, polysaccharides, lipids, and nucleic 
acids. 


D. The region of an antigen that is recognized by the immune system is called an 
antigenic determinant or epitope. 


E. Antigens generally have two properties. 
1. Immunogenicity is the capacity to induce an immune response. 
a. Immunogenicity is determined by the molecular mass, molecular complex- 
ity (number of potential determinants), and conformation of an antigen. 
b. A high degree of phylogenetic disparity between an antigen and the host 
generally promotes immunogenicity. 
2. Antigenicity is the ability to bind specifically to antibody molecules or antigen 
receptors on lymphocytes. 
3. A hapten is a molecule that is antigenic, but not immunogenic. 
a. A hapten generally has a molecular mass of less than 10,000 Da. 
b. A hapten can become immunogenic if it is covalently attached (conjugated) 
to a carrier molecule. 
c. Some haptens can cause allergic dermatitis if they bind to proteins in the 
skin. 
d. Conjugating microbial epitopes (haptens) to carrier proteins is an effective 
approach to producing highly immunogenic vaccines. 









PENICILLIN IS A HAPTEN THAT CAN INDUCE IMMUNE-MEDIATED TISSUE 
DAMAGE 


CLINICAL 
CORRELATION 


* Penicillin G is a small drug (MW 356) that can bind to a variety of host proteins, including those on the 
surface of human erythrocytes. 


* Antipenicillin antibodies can be produced that cause autoimmune hemolytic anemia. 


* The Coombs test is used to determine if an anemia has an immune basis by determining whether im- 
munoglobulin G (IgG) antibodies are present on the patient’s erythrocytes. 


* The treatment of Coombs-positive anemias includes discontinuing the drug (hapten) and transfusing 
normal ABO-matched erythrocytes. 


28 
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F. Antigenic determinants that bind to antibodies and B cell antigen receptors are 
often different from those that bind to T cell antigen receptors (Table 3-1). 
1. Determinants recognized by antibodies or B cells are typically found on the ex- 
posed hydrophilic surface of an antigen molecule. 
2. Antigens that bind to the T cell antigen receptor typically do not possess their 
native conformation. 
a. Most antigens that stimulate T cells are proteins. 
b. For a protein to be recognized by a T cell it must be degraded into peptides 
and presented by an antigen-presenting cell (APC). 
c. T cell determinants are not limited to surface exposed regions of proteins 
and can be derived from internal hydrophobic protein domains. 


II. Antibodies 
A. All antibodies are immunoglobulins (Igs). 
B. Igs are a homologous family of proteins with considerable structural heterogene- 
ity. 
C. Most Igs migrate in the “gamma” region upon serum protein electrophoresis 
and are therefore called y-globulins (Figure 3-1). 


INTRAVENOUS IMMUNOGLOBULIN (IVIG) 









CLINICAL 
CORRELATION 


* Immunoglobulins (y-globulins) are routinely given to patients for the prevention or treatment of vari- 
ous diseases. 


+ IVIGs are often used to treat congenital antibody deficiencies and must be given repeatedly. 


* Because IVIG is greater than 95% IgG, its primary immune benefit in immunodeficient patients is to 
provide protection against extracellular microbial pathogens or their toxic products. 


* Some infectious diseases in normal individuals, such as rabies and hepatitis, can be effectively pre- 
vented with y-globulins prepared from specific immune donors that are administered shortly after a 
suspected infection. 


D. The structure of antibodies was first determined by studying Igs purified from the 
sera of patients with multiple myeloma. 


Table 3-1. Comparison of the antigenic determinants recognized by B and T lymphocytes. 


Property 


Examples Native proteins and _ Peptides 
carbohydrates 
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Figure 3-1. Serum protein electrophoresis. 





1. Multiple myeloma is a malignancy of a clone of Ig-producing plasma cells. 

2. Myeloma Igs (also called M proteins) are monoclonal and structurally homo- 
geneous. 

3. All M proteins belong to one of five structurally distinct Ig classes or isotypes. 

4, The most frequently encountered isotype among myeloma proteins is IgG. 


a. 


Cc 


IgG molecules have the molecular formula H,L, and show bilateral sym- 

metry (Figure 3—2). 

(1) Each IgG molecule contains two identical heavy (H) chains. 

(2) The H chains of IgG molecules are designated y chains and have a mo- 
lecular mass of approximately 50,000 Da. 

(3) H chains are linked to one another by inter-chain disulfide bonds. 

(4) Each IgG molecule contains two identical light (L) chains, each with a 
molecular mass of approximately 25,000 Da. 

(5) L chains are covalently linked to H chains by inter-chain disulfide 
bonds. 


. Intra-chain disulfide bonds in both H and L chains maintain protein folds 


that define Ig domains of approximately 110 amino acids in length (Figure 
3-2). 


There are two such domains in L chains and four in y H chains. 


5. There are a total of five classes or isotypes of human lg, designated IgG, IgM, 
IgA, IgE, and IgD (Table 3-2). 


a. Each Ig has the core molecular HL, structure and contains H chains 


b. 


unique to that isotype. 

IgG, IgM, IgA, IgE, and IgD have y, [, ©, €, and 6, H chains, respectively. 

(1) y, a, and 6 chains have molecular masses of 50,000-60,000 Da. 

(2) uw and € chains, which have an additional Ig domain, have molecular 
masses of 65,000—70,000 Da (Table 3—2). 


—— 
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Figure 3-2. Structure of an immunoglobulin (lg) G molecule. 








c. The IgG class is further subdivided into the IgG,, IgG), IgG3, and IgG, sub- 
classes. 
d. The IgA class is further subdivided into the IgA, and IgA, subclasses. 
6. All Igs can occur in two forms, secreted and membrane bound. 
7. There are two human L chain types, termed « and A. 
a. In any one immunoglobulin molecule, both L chains are either K or A. 
b. The overall K:A ratio for the Igs found in human serum is approximately 
60:40. 
8. Oligosaccharides are covalently attached to the carboxyl-terminal half of H 
chains, especially within and € chains. 


MULTIPLE MYELOMA 









CLINICAL 
CORRELATION 


* Patients with multiple myeloma can have extremely high levels of Igs in their plasma that are often first 
detected by serum protein electrophoresis (Figure 3-1). 


* Because their cancers are monoclonal and have a homogeneous charge, the abnormal M protein ap- 
pears on electrophoresis as a “spike.” 


* Each M protein has a single H chain class and a single L chain type. 

* Many patients with myeloma also have high concentrations of Ig L chains in their urine, which are pro- 
duced in excess by their myeloma cells. 

* In agiven patient, these Bence-Jones proteins are monoclonal, dimeric, and either « or A, but not 
both. 

* Finding a significant departure from the normal 60:40 «:A ratio in serum or urinary L chains is diagnos- 
tic ofa monoclonal gammopathy, such as myeloma. 

E. IgM and IgA molecules can exist as multimers (Figure 3-3). 
1. Serum IgM is a pentamer of the core HL, structure that is joined together by 
intersubunit disulfide bonds and stabilized by a 15-kDa joiner (J) chain. 


—— 
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Table 3-2. Properties of human immunoglobulin isotypes. 


Property 


Molecular mass? 900,000 150,000 190,000 
(secreted form) 


Serum concentration 
(mg/dL) 


Activates complement 
(classical pathway) 


Mucosal epithelial 
transport 


Binding to phagocyte 
Fc receptors 


Binding to Fc receptors 
on natural killer cells 


Antigen receptor of 
naive B cells 





*Refers to the predominant forms in serum and external secretions, not the form found on B cell sur- 
faces. 

’Secretory IgA found in external secretions is a dimer with an associated | chain and secretory com- 
ponent. 

“Recent evidence suggests Fc, receptors on neutrophils may mediate host defense against spiro- 
chetes. 


2. Serum IgA is primarily a monomer, but secretory IgA that is found in external 
secretions (eg, saliva and colostrum) is dimeric and contains a J chain polypep- 
tide. 

a. Dimeric IgA is synthesized in the intestinal submucosa and efficiently 
translocated across the mucosal epithelium. 


—— 


Pl om = 2:19/11:36 
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Figure 3-3. Polymeric immunoglobulins (lg). 





b. During the process of translocation, epithelial cells add a 70-kDa peptide, 
called a secretory component (SC), to the IgA molecule (Figure 3-3). 
(1D) SC protects secretory IgA from proteolytic digestion. 
(2) SC promotes the binding of secretory IgA to the mucous layer of the ep- 
ithelium. 


F, Amino acid sequencing of myeloma H and L chains shows that they have constant 
(C) and variable (V) regions. 
1. The amino-terminal half of an L chain is designated the variable light (V;) 
domain. 
a. Amino acid sequence diversity in V; domains is greatest within the three hy- 
pervariable regions, HV1, HV2, and HV3. 
b. HV regions are also called complementarity determining regions (CDR), 
because they comprise the walls of the antigen-binding cleft. 
2. The carboxyl-terminal half of an L chain is relatively constant and is designated 
as the constant light (C,) domain (C,, or C,). 
3. As with V;, domains, the amino-terminal Vy domains of H chains are highly 
variable when several H chains are compared. 
a. Vy domains contain three hypervariable regions. 
b. Viz domains that have different amino acid sequences generally have differ- 
ent specificities. 
4. The antigen-binding activity of an Ig depends on both its V}; and V;, domains. 
5. The three carboxyl-terminal Cy domains of IgG H chains are designated Cy1, 
Cy2, and C,,3. 
G. Structure and function in Igs are related. 
1. The distribution of Ig function within Ig domains was first revealed by study- 
ing proteolytic fragments of the molecules. 


—— 
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Enzymatic digestion of rabbit IgG antibodies with the protease papain yields 

three fragments. 

a. Two are identical antigen-binding fragments (Fab) consisting of the Vj, + 
Cy1 domains. 

b. Each Fab can bind one molecule of antigen. 

c. One Fe fragment is also generated and consists of the carboxyl-terminal half 
of the two disulfide-linked H chains (ie, the C2 + C43 domains in IgG). 

d. The Fe region mediates the opsonic activity of IgG antibodies by binding 
them to Fe receptors on phagocytic cells. 

The effector functions of antibodies depend on the structures of their Cy; do- 

mains. 

a. Many functions of antibodies are not expressed until they have bound their 
antigens, which induces conformational changes in the Cj; domains. 

b. Transplacental transport, transepithelial transport, and mast cell binding of 
Igs do not require prior binding of the Ig to its antigen. 

c. A hinge region in many C,; domains is responsible for the flexibility in an- 
tibody conformation necessary for cooperative antigen binding. 

The principal functions of IgG antibodies are to serve as opsonins, activate the 

complement system, provide fetal protection following transplacental trans- 

port, and inhibit B cell activation (Table 3-2). 

The principal functions of IgM antibodies are to serve as antigen receptors on 

naive B cells, activate the complement system, clear circulating antigen, and 

provide host defense at mucosal surfaces. 

The principal function of IgA antibodies is to provide antibody defense at mu- 

cosal surfaces. 

The principal function of IgE antibodies is to mediate allergic reactions by pro- 

moting mast cell degranulation. 

The principal function of IgD antibodies is to serve as an antigen receptor on 

naive B cells. 


ISOTYPE SWITCHING AND CONJUGATE VACCINES 


* Antibody production undergoes isotype switching late in the primary adaptive immune response 
(Chapter 2). 

* This associates new antibody functions with the same antibody specificity, a principle illustrated by the 
Haemophilus influenzae type b (Hib) conjugate vaccine. 

* Hib is one of the leading causes of bacterial nasopharyngeal infections in children and can progress to 
pneumonia and life-treatening meningitis. 

* Immune elimination of H influenzae requires antibodies to the polysaccharide capsule of this organism. 

* H influenzae capsular polysaccharide vaccines have not proven effective at eliciting opsonic IgG anti- 
bodies in children. 

* By contrast, the conjugate vaccine consisting of Hib capsular polysaccharides covalently linked to a 
foreign carrier protein (eg, the tetanus toxoid vaccine protein) is quite effective at inducing protective 
IgG antibodies in children. 

* Adescription of the Hib conjugate vaccine and other recommended pediatric vaccines can be found at 
www.cdc.gov/nip/recs/child-schedule.pdf. 


H. Natural antibodies appear early in life. 


1. 


Most natural antibodies belong to the IgM class of Igs. 


—— 









CLINICAL 
CORRELATION 


ZW 
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2. Many natural antibodies are produced in response to carbohydrate antigens 
present on microbial flora. 

3. Some natural antibodies also cross-react with carbohydrate structures on host 
cells. 

a. The isohemagglutinins, natural antibodies to the ABO blood group anti- 
gens, can mediate the destruction of transfused mismatched blood. 

b. Isohemagglutinins recognize the terminal sugar groups of the ABO polysac- 
charide antigens expressed by erythrocytes and endothelial cells (Figure 
3-4). 

(1) Three blood group antigens are defined by this sytem: A, B, and H. 

(2) Because the ABO genes are expressed in a codominant fashion, the po- 
tential ABO types are A, B, AB, and O. 

(3) Individuals produce isohemagglutinins specific for the ABO antigens 
that they lack (Table 3-3). 

(4) With regard to blood transfusions, the universal donor is type O, be- 
cause this individual lacks antigens that would be recognized by ABO- 
incompatible recipients. 

(5) The universal recipient is type AB, because this individual lacks anti- 
bodies that would destroy ABO-incompatible donor erythrocytes. 

c. Natural antibodies can also mediate the rejection of xenotransplants, or- 
gans exchanged between species (Chapter 17). 


III. Additional Ig heterogeneity 


A. Slight sequence variations can exist between immunoglobulin molecules of the 
same isotype (eg, IgG,) from different individuals. 
1. These inherited genetic markers reside within the Cy; or C;, domains of human 
Igs and are called allotypes. 
2. Antiallotype antibodies are sometimes produced following pregnancy, blood 
transfusions, or y-globulin therapy. 


(Glu Gal @p)Fuc (_)GalNAc 


A B 


Figure 3-4. Structures of the ABO blood group antigens. 
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Table 3-3. Antigens and antibodies of the ABO blood group system. 


Blood Group Type Genotypes Antigens Isohemagglutinins 


Anti-A and anti-B 





B. Igs of the same isotype can also be distinguished from one another by their V re- 
gions. 
1. An antibody of a given specificity has unique V;, + Vy domains, the combina- 
tion of which specifies its idiotype. 
2. An antibody molecule and the B cell receptor of the clone of B cells that pro- 
duced it have the same idiotype (Chapter 2). 
3. Antiidiotype antibodies can block the binding of antigen to its antibody. 


IV. Monoclonal Igs 


A. Monoclonal antibodies are only rarely produced in response to active immuniza- 
tion with natural antigens. 


B. In abnormal conditions called monoclonal gammopathies a single clone of B 
cells or plasma cells produces a monoclonal Ig. 

1. Malignant monoclonal gammopathies include multiple myeloma, non- 
Hodgkin’s lymphoma, and Waldenstrém’s macroglobulinemia. 

2. Benign monoclonal gammopathies include light chain disease and mono- 
clonal gammopathy of undetermined significance (MGUS), a condition 
that is common in the elderly. 

3. Bence-Jones proteins are monoclonal Ig L chains that are found in the urine. 
a. The exclusion properties of the renal glomeruli permit passage of L chains, 

but not H chains. 
b. These Bence—Jones proteins can accumulate in renal tubular epithelial cells, 
where they can cause necrosis. 


ABNORMAL IG SYNTHESIS AND CRYOPATHIES 









* The excess production of Ig L chains can result in a number of systemic effects, including cryoglobu- 
linemia, the microprecipitation of circulating proteins in the cold. 

* Complications of cryoglobulinemia involving Ig proteins include cyanosis of the digits, hemorrhage, 
thrombosis, and gangrene. 

* In B cell malignancies, cryoglobulins are monoclonal and can include intact M components or free L 
chains. 

* In addition to treatment of the primary disease (eg, myeloma), plasma exchange and cryophoresis 
(reinfusion of autologous plasma following removal of the cryoglobulins) have met with some suc- 
cess. 


—— 
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C. Hybridoma antibody technology allows production of a monoclonal antibody 

with a desired specificity. 

1. Hybridomas are produced by fusing a nonsecreting myeloma cell with B cells 
from an animal that has been immunized with an antigen of interest. 

2. Monoclonal antibody-producing hybridomas with the desired specificity are 
then identified, selected, and expanded in cell culture. 

3. Hybridoma antibodies show less cross-reactivity than conventional antisera and 
are preferred for diagnostic tests (Chapter 5). 


NOVEL ANTIBODY-MEDIATED THERAPIES 









CLINICAL 
CORRELATION 


* Immunotoxins are conjugates composed of lethal plant or microbial toxins covalently linked to anti- 
bodies that target the conjugate to specific cells or tissues (eg, leukemia cells). 


Bispecific antibodies are genetically engineered to contain Fab regions specific for two different anti- 
gens (eg, CD3 on T cells and a tumor target antigen). 


+ Humanized mouse hybridoma antibodies are genetically engineered to contain mouse Ig hyper- 
variable regions embedded in a human IgG antibody framework. 


* This minimizes the likelihood that the host will mount an immune response to the foreign mouse hy- 
bridoma antibody sequences. 


: Fusion proteins produced by covalently linking cytokine receptor domains to Ig molecules have ex- 
tended half-lives in circulation and have proven effective for the treatment of cytokine-mediated in- 
flammatory diseases. 


mo” OEE ee eee eee eee 


CLINICAL PROBLEMS 


You are considering treatment options for a 1-year-old child with a congenital immune 
deficiency. He has very low serum IgG levels and recurrent bacterial infections, and he 
lacks B cells in his peripheral lymph nodes. You decide to treat with IVIGs, which you re- 
alize may be required throughout his life. 


1. How often will you have to administer [VIG to maintain a consistent level of protec- 
tive immunity in this child? 


A. Twice per week 

B. Once per week 

C. Once every 3 weeks 
D. Once every 6 months 
E. Yearly 


A child is immunized by the intramuscular route at 2, 4, and 6 months of age with tetanus 
toxoid, a protein antigen. One week following each immunization her serum is collected 
and analyzed for antitoxoid antibodies. 


2. Which of the following properties would characterize the serum collected after the 
third immunization compared to that collected after the first immunization? 


—— 
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A. Increased specificity for tetanus toxoid 


B. Increased ability of the serum to promote the uptake of the toxoid by phagocytic 
cells 


C. Increased complement activation by antigen—antibody complexes formed with 
the serum 


D. Increased reactivity with autoantigens of the host 
E. Decreased binding of the toxoid 
An 80-year-old man presents with slight pain on urination, and his physician orders a test 


for protein in his urine. An elevated urinary protein level prompts the physician to request 
a urine protein electrophoresis, which shows a protein spike. 


3. Which of the following additional findings would be most consistent with a diagnosis 
of a benign monoclonal gammopathy? 


A. A high concentration of serum IgG and elevated B and y region proteins on pro- 
tein electrophoresis 


B. Elevated concentrations of « and A L chains in his serum 
C. A high :A ratio (100:1) among his urinary L chains 

D. An elevated erythrocyte sedimentation rate 

E. Recurrent bacterial infections 


Johnny is a 3-month-old infant in need of a blood transfusion. The blood bank has deter- 
mined that Johnny’s parents are both blood group type AB. 


4, Which of the following findings would indicate that Johnny has an ABO type different 
from that of his parents? 


A. His serum reacts with type O erythrocytes. 
B. His cells react with anti-A. 
C. His cells react with both anti-A and anti-B. 
D. His serum reacts with his father’s cells. 
E. His cells react with his mother’s serum. 
A researcher has produced an idiotype-specific antibody by immunizing a rabbit with an 


M protein purified from the serum of a myeloma patient. This antibody does not react 
with any other M protein tested. 


5. With which of the following structures would this antibody react? 
A. Fab fragment 
B. J chain 
C. Cy1 domain 
D. Fc fragment 
E. Fe receptor binding site 
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ANSWERS 


1. The correct answer is C. IVIG is a y-globulin preparation derived from pooled immune 
donor plasma and contains primarily IgG, which is what this patient lacks. The half- 
life of human IgG in the circulation is 23 days (approximately 3 weeks). 


2. The correct answer is B. One of the principal reasons for repeated immunizations is to 
induce Ig class switching (eg, a change from predominantly IgM to predominantly IgG 
production). This has the effect of introducing new functions associated with the addi- 
tional isotypes. For example, IgG (but not IgM) is a potent opsonin due to the pres- 
ence of Fc receptors on phagocytic cells that recognize Y heavy chains. 


3. The correct answer is C. To diagnose a monoclonal gammopathy the clinical labora- 
tory must demonstrate a predominance of one L chain (K or A) over the other, which 
would alter the normal 60:40 ratio. Monoclonal gammopathies appear on elec- 
trophoresis as a “spike,” whereas polyclonal gammopathies appear as an elevated 
amount of protein across a wide electrophoretic range (ie, the entire Y region). Mono- 
clonal gammopathy of undetermined significance is a common finding in patients in 
this particular age group. 


4. The correct answer is D. Johnny could theoretically be either A, B, or AB. If his serum 
reacts with his father’s cells, he must have either anti-A or anti-B in his serum. Either 
finding would indicate he has a blood type that is different from his parents, because 
AB individuals have no antibodies to ABO antigens. 


5. The correct answer is A. If this antibody is indeed specific for only this patient’s M pro- 
tein, it must be recognizing the V region of the Ig. The only structure listed that con- 
tains V region domains is the Fab fragment. 
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I. A fundamental problem posed by the unusual structure of immunoglob- 
ulin (Ig) molecules is solved by a novel genetic mechanism. 


A. Igs are unusual in that millions of different V region sequences exist among the 
pool of Ig polypeptide chains. 


B. These diverse V regions are found within polypeptides that show limited diversity 
in their C region sequences. 


C. The germ line genome of a species is not large enough to encode all of the poten- 
tial Ig V region sequences. 


D. To form the pool of Ig V region sequences a limited number of inherited Ig gene 
segments undergoes genetic recombination and random reassortment. 


1 


2. 


3. 
4, 


. The genetic capacity to generate the diverse family of Ig proteins exists within 


the germ line of every cell. 

Rearrangements of Ig DNA by somatic recombination occurs only in B cells 
and is a random pretranscriptional process. 

Diversity is generated prior to exposure to foreign antigen. 

Each member of the species has a similar potential repertoire of Igs. 


II. Ig genes are initially organized in a germ line configuration. 


A. There are three gene families (also referred to as loci) that encode Ig polypep- 
tides, the k, A, and H chain gene families. 


1. 
2. 


3. 


There are only 10-100 gene segments at each locus. 

Both the « and A chain loci contain constant (C), variable (V), and joiner (J) 

gene segments (Figure 4—1). F 

The H chain locus has a similar arrangement with a 5 cluster of Vy gene seg- 

ments, several J,; segments, a group of diversity (Dj) segments (not seen in 

the L chain loci), and nine Cy, segments. 

a. The Cy gene segments correspond to the nine classes and subclasses of 
human H chains. 

b. Each of the Cj; segments consists of a cluster of three or four exons encod- 
ing the different Cj, domains of secreted Ig H chains (Figure 3-2). 

c. One or two short exons follow these Cy, exon clusters that code the trans- 
membrane and cytoplasmic regions of membrane H chains. 


. Latent promoters are found upstream of each V,, Vy, and Vy segment. 


40 
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Figure 4-1. Germ line configuration of the three Ig gene families. 









Ig LOCUS DELETIONS 


* Deletion mutations affecting large regions of the human lg loci are known to exist. 


* Among a consanguineous population of Tunisians, several individuals with homozygous deletions in 
the H chain locus have been identified. 


* One haplotype has a multigene deletion of the entire C,1-to-C, segment (Figure 4-1). 

* An affected individual showed normal numbers of B cells in his peripheral lymphoid tissues, but his 
serum contained no detectable IgG,, IgG, IgG, or IgA. 

* In some instances of Ig locus deletions one Ig class can apparently compensate for the absence of an- 
other, thus preventing any increased susceptibility to infection. 


CLINICAL 
CORRELATION 


ZW 





III. The recombination of Ig gene segments precedes the expression of a 
complete Ig gene. 


A. Somatic recombination rearranges the order of the various segments within the L 
chain loci to create a functional Ig gene. 


B. Recombination generates diversity within the V regions of L chain polypeptides. 
1. For example, recombination at the « locus brings one V, segment, one J, seg- 
ment, and one C, segment into proximity with one another (Figure 4—2). 
2. Recombination involves the cleavage of double-stranded DNA and its religa- 
tion. 
3. A V(D)J recombinase catalyzes cleavage and is expressed only in lymphocytes. 
a. V(D)J recombinase consists of two components encoded by recombination 
activating gene 1 (Rag) and recombination activating gene 2 (Rag2). 
b. Mutations within Rag/ or Rag2 prevent the rearrangement of the Ig and T 
cell receptor (TCR) loci. 


ae 
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Figure 4-2. Somatic recombination and rearrangement of the « locus. 












RAG DEFICIENCY 


* Mutations in the Rag1 or Rag2 genes dramatically alter lymphocyte differentiation and cause severe 
combined immune deficiency (SCID). 

* SCID is characterized by T B-NK* lymphopenia, because neither immature B cells nor thymocytes sur- 
vive differentiation if they cannot successfully express their antigen receptor genes. 

* SCID is a pediatric emergency due to the rapid onset of fatal opportunistic infections by intracellular 
pathogens (primarily viral and fungal) early in postnatal life. 


CLINICAL 
CORRELATION 


WZ 





* Hematopoietic stem cell transplantation in the early neonatal period is a highly successful treatment 
for SCID. 


4, Sequences within the noncoding introns, called recombination signal se- 
quences, determine which gene segments can be juxtaposed by recombination. 

5. Additional enzymes catalyze the repair of these double-stranded DNA breaks. 

6. The joining of a V segment to a J segment (V-J joining) results in the looping 
out and loss of intervening V and J segments. 

7. Any J segments not joined to the V segment as well as intervening introns are 
excised at the RNA processing stage. 

8. The same processes occur at the A locus. 


—— 


1.2 Point of use water treatments (POUWTs) 


Point-of-use water treatments (POUWTs) are cost-effective methods to 
. ; 2 : Two 12-sachet strips of 
reduce water-associated disease burden.“ The P&G Purifier of Water is a P&G Purifier of Water 
scientifically proven and widely used PoUWT; it has provided over 6 billion (shown below) can supply 
a family with enough 
potable water for 
community development programs. As a combination flocculent — approximately 1 month. 


liters of potable water in more than 65 countries for both disaster relief and 


disinfectant technology, P&G Purifier of Water uses an approach similar to 
municipal water treatment facilities (flocculation, sedimentation, and 


disinfection) to eliminate 99.9% of pathogenic microorganisms as well as 





suspended matter contributing to turbidity. 


Several advantages make the P&G sachets an attractive option for use in emergency situations. 
Notably, their use great reduces burdens of transportation and cost. Each 4-gram sachet of P&G Purifier 
of Water costs 1 MXN and can purify 10L of water—enough to supply an entire household for one day. 
Other benefits include the product’s stability and long shelf-life (3 years) allowing it to be stockpiled in 
areas of frequent disasters, classification as non-hazardous material allowing for air shipment, robustness 
to treat even very turbid surface waters, and acceptability to users because of the visual improvement of 
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C. Recombination at the « and A loci occurs primarily in the bone marrow indepen- 
dent of any exposure to foreign antigen. 


D. Once rearranged, the « locus can be transcribed into a primary RNA transcript 

(Figure 4—2). 

1. Rearrangement permits the expression of the « locus by positioning promoters 
and enhancers close to one another and the transcriptional start site. 

2. Transcription ends at a stop codon that follows the rearranged C,, segment. 

3. Intervening RNA and nonjoined J, segments are removed by processing the 
primary RNA transcript. 

4, A messenger RNA (mRNA) is produced by splicing and is then polyadenylated 
and translated into a « chain polypeptide. 


E. The same process permits the expression of a rearranged A locus. 


CHROMOSOMAL TRANSLOCATIONS TO IG LOCI 









* Many malignant lymphoid cells, including Burkitt s lymphoma and multiple myeloma, show chromo- 
somal translocations that involve the Ig loci. We) 
* The high level of genetic recombination that occurs at Ig loci during lymphocyte development makes 
them particularly susceptible to these genetic abnormalities. 
* Particularly frequent are translocations that include oncogenes, such as c-myc. 
* Translocating genes for growth factors, various growth factor receptors, antiapoptosis genes (eg, 
bcl-2), and transcription factors to the transcriptionally active Ig loci can promote uncontrolled cell 
proliferation. 


F. The process of gene rearrangement at the H chain locus is slightly different (Fig- 
ure 4-3), 
1. The first rearrangement involves the joining of a D segment with a J segment 
(D-J joining). 
2. Following D-J joining, the V region is joined to the DJ segment by a second 
recombination. 
. Intervening D, J, and V regions are deleted during these recombinations. 
. H locus rearrangement occurs only in pre-B cells (Chapter 9). 
. Transcription yields a primary RNA transcript consisting of joined 
VuyDyJuCyCs segments. 
a. Transcription is initiated by promoters upstream of the joined Vj; segment. 
b. The first downstream stop codon for transcription is found downstream of 
the Cs segment. 
(1) There is no stop codon following the C, segment. 
(2) Primary transcripts from the rentanged H locus have the capacity to en- 
code complete Lt and 6 polypeptide chains. 
(3) The same V,,DyJ,;-encoding region is shared by the 1 and 6 mRNA (see 
below). 
6. A primary RNA transcript is synthesized, processed, polyadenylated, and 
translated into an Ig H chain. 
7. Assembly of H and L polypeptide chains occurs in the rough endoplasmic 
reticulum. 
8. Glycosylation and packaging for secretion occur within the Golgi. 


Wi iB Qo 


G. The random process of recombination that occurs within each B cell adds to the 
diversity of the entire B cell pool. 


—— 
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Figure 4-3. Ig H locus rearrangements. 





H. A relatively small pool consisting of several hundred V, D, and J segments recom- 
bines to generate a very large potential pool (> 10'°) of V region-encoding genes 


(Table 4-1). 


I. Allelic exclusion ensures that a single B cell expresses no more than one BCR. 
1. Diploid species have an opportunity to express both alleles at a given locus. 
2. Successful rearrangements at one allele signal inhibition of rearrangements at 
the homologous allele. 
a. If rearrangement at the first H-chain locus is nonproductive, rearrangement 
is attempted at the second H locus. 
b. If the first allele rearranges successfully, rearrangement at the second allele is 
inhibited. 


c. If both alleles fail to productively rearrange, the cell may undergo apoptosis. 


ae 
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Table 4-1. Various mechanisms contribute to the diversity in lg molecules. 


Mechanism 


A pool of V, D, 40 V segments 30 V segments 50 V segments 
and J segments 5 J segments 4 J] segments 27 D segments 
6 J segments 


Combinations of 
VD] joining 30x4=120 51x27x6=8262 


Significant Significant Significant 
amplification amplification amplification 


Nucleotide addition Significant Significant Significant 
or deletion amplification amplification amplification 


Combinations of 
H + L polypeptides* 


Somatic 
hypermutation? 





“This estimate of the potential lg repertoire does not include the amplification derived from imprecise 
joining and nucleotide additions or deletions. 

’The effects of these processes are difficult to estimate, can depend upon exposure to antigen, and af- 
fect both L and H chain gene expression (Chapter 9). BCR, B cell receptor. 


d. Successful rearrangement of either K allele inhibits rearrangements at both 
of the A loci. 


e. Failing to rearrange both K alleles signals rearrangement at the A locus. 
IV. Antibody diversity has a genetic basis. 


A. The immune repertoire of an individual is the sum of his or her Ig and TCR V 
regions. 
B. Several mechanisms contribute to the generation of the potential Ig repertoire 
(Table 4-1). 
1. Hundreds of V, D, and J segments are present in the germ line that can com- 
bine to code for Ig V regions. 
2. Combinatorial association of these segments in a random fashion adds diver- 
sity. 
3. Imprecise joining (joining flexibility) can generate several sequence varia- 
tions spanning the recombined region. 
4. Nucleotide addition or deletion can occur at joining sites during recombina- 
tion. 
a. Nucleotides are added by the enzyme terminal deoxynucleotidyltrans- 
ferase (TdT) to generate junctional diversity. 


—— 
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5. 
6. 


b. Because the HV3 region of Ig polypeptides is encoded by the sites of V(D)J 
joining, junctional diversity is greatest within this hypervariable region (Fig- 
ure 4-3). 

Combinatorial pairing of H and L polypeptide chains further expands the po- 

tential repertoire of Ig molecules. 

Somatic hypermutation of V region sequences and BCR editing (Chapter 9) 

add to the diversity of mature B cell specificities. 


C. The utilized repertoire of an individual can be different from the potential reper- 
toire of the species. 


1. 
2. 


3. 


6. 


Many recombinations are nonproductive and signal either cell death or a sec- 
ond recombination event. 

Some V regions show specificity for self antigens resulting in the deletion of the 
clone expressing those antigen receptors. 

Some H and L polypeptide chains do not pair to form functional antigen re- 
ceptors. 


. At any one time the host may not possess sufficient numbers of B cells to ac- 


commodate expression of all potential BCR of the species. 


. Any expansion in a clone of effector or memory B cells can reduce the size of 


the available repertoire by limiting the space for newly emerging naive B cells 
with novel specificities. 

The generation of memory B cells can increase the repertoire by signaling so- 
matic hypermutation of V regions (Chapter 9). 


V. A single B cell can express BCRs of different Ig classes. 


A. A mature naive B cell in the periphery expresses both —- and 6-containing mem- 
brane BCRs. 


1. 


The primary RNA transcribed from a rearranged H locus gene contains exons 

for both Wt and 6 constant regions (Figure 4-4). 

a. Differential processing of the RNA produces mRNAs that code for either UW 
or 8 H chains. 

b. The VDJ sequences of the two mRNA species are the same. 


. These two BCRs differ from one another only in their C,, domains. 


a. The V regions and L chains of the two BCRs are identical. 
b. The idiotypes and specificities of the two BCRs are identical. 


. At different stages in the differentiation of B cells (Chapter 9), RNA processing 


and translation determine whether membrane IgM, membrane IgD, or both 
are expressed by the cell. 


BICLONAL MYELOMA 


* Very rarely patients with multiple myeloma will synthesize two different M components in their 


plasma. 


* These monoclonal Igs belong to different Ig classes (eg, IgM and IgG) but typically have identical V re- 
gion sequences. 


* Antiidiotype antibodies specific for the combining site of one M protein react with the combining site of 
the second M protein. 


* The disease process of myeloma is thought to begin at the pre-B or immature B cell stage, at which 
time V(D)J sequences are being established by recombination. 


* Commitment to the H chain class occurs later, during which these rare multiple isotypic neoplasias arise. 


—— 









CLINICAL 
CORRELATION 
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Figure 4-4. B cell receptors (BCRs) containing u and/or 6 heavy chains. 


C5 
8&2 «83S M1 M2 


3" 


Poly-A site 3 Poly-A site 4 





B. Normal B cells maintain their specificity as they undergo Ig class switching 


following antigen stimulation. 


1. Class ( or isotype) switching refers to a change from the expression of IgM 


and IgD to the expression of one of the other isotypes (ie, IgG). 


a. Class switching involves a change in the Cy region of the heavy polypeptide 


chain of the Ig molecule. 
b. During class switching, the L chain remains the same. 


c. The Vy and V{ regions of the Ig, which determine specificity, remain the 


same during class switching. 


ae 
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Figure 4-5. Genetic basis for lg class switching. 





2. At the DNA level, Ig class switching involves a change in the order of the Cy 

segments (Figure 4-5). 

a. DNA between the rearranged VDJ segment and the new C,; segment is 
looped out by recombination. 

b. Class switching is irreversible, because the intervening DNA is excised and 
discarded. : 

c. Isotype switching always involves a new downstream (3) Cy gene segment. 

d. A switch from IgM and IgD to IgG expression, for example, can be followed 
by a second switch to another isotype (eg, IgE). 


C. Membrane Ig H chains differ from the secreted form of the same polypeptide only 
in the presence of membrane-spanning domains at their carboxy-termini (Figure 
4-4), 

1. A single primary RNA transcript is differentially processed to yield two differ- 
ent mRNAs that encode for either membrane or secreted heavy chains. 

2. All of the Ig isotypes have membrane and secreted forms. 

3. The membrane antigen receptor (BCR) and secreted antibody molecules of a 
clone of B cells have the same idiotype and specificity. 


VI. Defining the genetic basis for Ig diversity and expression explains much 
of the unique behavior of B cells (Table 4-2). 


A. B cells express antigen receptors that are membrane-bound forms of secreted anti- 
body molecules. 


B. Allelic exclusion ensures that the BCR expressed by a B cell is monospecific. 


ae 
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Table 4—2. Molecular correlates of the clonal selection theory. 


Prediction 


Lymphocytes are precommitted in Gene rearrangement occurs in each 
their antigen specificity. lymphocyte during its differentiation in the 
bone marrow and thymus. 


A single cell expresses receptors Rearrangements that lead to BCR* or 

with a uniform antigen specificity. TCR? expression are followed by the 
inhibition of further Ig or TCR locus 
rearrangements (allelic exclusion). 


All antigen receptors on a cell Each antigen receptor variant on a cell 
are uniform and identical. uses the same rearranged V region 
segments. 


Daughter cells retain the antigen Once expressed, V region genes are 
specificity of the parental cell. relatively stable in lymphocytes. 


The antigen receptor of a cell has a The same V regions are used to encode 
specificity identical to the antibody for membrane and secreted Ig molecules. 
the cell produces. 





“BCR, B cell receptor; TCR, T cell receptor. 


C. The antigenic specificity of a B cell is maintained throughout its life span despite 
clonal expansion, memory cell production, antibody secretion, and isotype switch- 
ing. 

D. T cells utilize many of the same mechanisms to express an even more diverse set of 
antigen receptors. 


CLINICAL PROBLEMS 


Marty is a 3-year-old patient who presents with a fever, labored breathing, and shortness of 
breath. Her history includes recurrent bacterial infections (sinusitis and otitis media) since 
1 year of age. She has been prescribed oral antibiotics as often as six times per year. After 
each course of treatment, the infections subside, but a recurrence of symptoms often fol- 
lows within several weeks. Laboratory tests indicate a mild neutropenia, but no other 
hematological abnormalities. Her serum IgG and IgA levels are far below those of age- 
matched controls, whereas her serum IgM levels are significantly elevated. When immu- 
nized with tetanus toxoid, a vaccine she has received before, she makes no detectable IgG 
antibody response. 


—— 
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1. Which of the following is the most likely cellular or molecular defect in this patient? 
A. Failure of her B cells to undergo Ig class switching 
B. A block in all B cell differentiation 
C. Rag! deficiency 
D. Toll-like receptor deficiency 
E. DiGeorge syndrome 
A 2-year-old patient presents with a history of infections that suggests an immune defect, 


and the clinical laboratory reports serum IgG levels one-third that of age-matched con- 


trols. The child is ABO blood type A. 
2. Which of the following findings would be more consistent with a diagnosis of H locus 
deletion affecting only C, segments than a complete absence of B cells? 
A. Decreased IgM levels in her serum 
B. The absence of follicles in her splenic white pulp 
C. The absence of Ig in her saliva 
D. The presence of B cells in the follicles of her lymph nodes 
E. The lack of isohemagglutinins in her serum 
You have isolated a population of plasma cells from a patient who was recently immunized 
with a protein vaccine. Her cells secrete IgG in vitro, but lack any membrane IgG. 
3. Which of the following accounts for this finding? 


A. DNA rearrangement following antigen stimulation deletes BCR-encoding gene 
segments. 


B. The Ig H chain locus does not code for a membrane form of ¥ chains. 


C. Differential RNA processing favors the synthesis of a secreted form of Y heavy 
chains. 


D. Plasma cells that secrete IgG express IgA on their surface. 
E. Only surface L chains are expressed by B cells. 
You have a patient with an IgG,k myeloma. Analysis of DNA from the myeloma cells in- 


dicates that the H and X alleles that he inherited from his father (paternal) have been re- 
arranged. 


4. Which of the following loci could still be in the germ line configuration in these cells? 
A. Maternal allele 
B. Maternal A allele 
C. Paternal 2 allele 
D. Maternal H allele 


E. All of the above loci could be in the germ line configuration. 


You have a patient with multiple myeloma and examine a preparation of cellular mRNA 
from the myeloma cells by Northern blotting. The probe you use detects a ViyDyJq; se- 
quence that is unique to this particular myeloma cell. The results of this experiment indi- 


—— 
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cate that the myeloma cells have four mRNA species of different sizes, each containing the 
target sequence. 


5. Which one of the following lists of Ig polypeptides is probably encoded by these four 
mRNAs? 


A. w, 5, y, and o H chains 

B. «, A, UL, and 6 chains 

C. Membrane UW, membrane 4, secreted UL, and secreted 6 H chains 
D. Secreted 1, 5, «, and A chains 

E. Secreted U1, 6, &, and € H chains 


ANSWERS 


1. The correct answer is A. Mary produces IgM, which rules out an absence of B cells or a 
Rag deficiency. The latter would cause a complete absence of both T and B cells, which 
would have resulted in the onset of viral and fungal infections shortly after birth. 
Mary’s history of infections, serum IgG and IgA levels, and diminished antibody re- 
sponse suggest that she lacks the ability to class switch from IgM production to the 
more “mature” isotypes (IgG and IgA). 


2. The correct answer is D. With y chain gene deletions, mature B cells are still produced 
and can be found in the periphery. They simply fail to synthesize IgG antibodies after 
antigen stimulation. With a complete absence of B cells, follicles in the lymph nodes 
and spleen fail to develop. 


3. The correct answer is C. Whereas mature B lymphocytes express membrane BCR mol- 
ecules, plasma cells do not normally express membrane Ig. This decision in the B cell 
lineage to express membrane Ig, secreted Ig, or both is made at the level of RNA pro- 
cessing. 


4. The correct answer is E. The H locus rearranges first, followed by either the K or A 
locus. If successful rearrangements had first been undertaken at the paternal H and « 
alleles, then the maternal H and X alleles would remain in the germ line arrangement. 
Because the « locus was successfully rearranged in this cell, both A alleles could have 
been suppressed and could have remained in the germ line configuration. 


5. The correct answer is C. Because the probe detects only mRNAs with VDJ sequences 
of H chains, light chain mRNA should not be detected. Messenger RNA for [t and 6 
chains could be expressed by one myeloma cell by differential splicing, and these 
mRNA would differ only in their Cy regions. U and 6 H chains have different molecu- 
lar masses, and their membrane forms, which are expressed by a portion of the 
myeloma cells, are longer than their secreted forms. 
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I. Interactions between antibodies and antigens are specific, reversible, and 
reach a state of equilibrium defined by the following equation: 


Ab + Ag S AbAg 


A. The molecular forces that contribute to the strength of antibody—antigen (Ab—Ag) 
binding include ionic bonding, hydrophobic interactions, hydrogen bonding, and 
van der Waals interactions. 

1. Affinity is a measure of the strength of binding between an antibody and a 
monovalent antigen. 

a. Antibody affinities are reflected in dissociation constants (K,) and typically 
range from 10° to 107!! M. 

b. The average affinity of an antiserum generally increases with repeated immu- 
nizations, a phenomenon referred to as affinity maturation (Chapter 9). 

c. As a general rule, immunoglobulin (Ig) G antibodies have higher affinities 
than IgM antibodies. 

2. Antibody avidity refers to the aggregate strength of Ab—Ag binding when mul- 
tiple antibody-combining sites of an antibody molecule interact with more than 
one determinant of a multivalent antigen. 

a. High avidity reactions are common with natural antigens that contain multi- 
ple copies of the same antigenic determinant (eg, polysaccharides). 

b. Because of their pentameric structure, IgM antibodies generally have a higher 
avidity than IgG antibodies. 

B. The specificity of Ab—Ag reactions is similar to the specificity that enzymes show 
for their substrates. 

1. Antibodies can distinguish between sterioisomeric forms of chemical groups. 

2. Cross-reactivity is the tendency of an antibody to react with more than one 
antigen. 

a. Cross-reactive antigens (eg, bovine and equine serum albumin) share the 
same or similar antigenic determinants. 

b. In general, polyclonal antisera are more cross-reactive than monoclonal an- 
tibodies. 

c. B cell and T cell receptors (BCR and TCR) can also show cross-reactivity 
(Chapter 6). 
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P&G Purifier of Water (formerly known as PUR™) is a powdered mixture that 
removes pathogenic microorganisms and suspended matter such as dirt, allowing r ey ( 


the purification of contaminated water into safe drinking water. PURIFICADOR 
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2.1. Ingredients and Mechanism 
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P&G Purifier of Water contains two main ingredients: 


e Calcium hypochlorite: a chlorine disinfectant for killing bacteria; and 





e Ferric sulfate: an iron salt coagulant for removing suspended matter, 


protozoa, and viruses. 


The powder also contains a buffer (clay and polymer) to provide thorough coagulation and flocculation. All 
of these ingredients are used by municipal systems in Mexico, the United States, and other nations 
around the world. The difference is that the P&G Purifier of Water provides these ingredients at the level 


of the household, rather than a centralized treatment facility. 


2.2. Safety and Efficacy 


P&G Purifier of Water is safe for long-term use by the entire family including infants. It is considered a 
‘protective’ technology by the World Health Organization (WHO) and produces a water quality that meets 
WHO guidelines. It was approved by COFEPRIS in 2011 (Appendix A). 


Field and laboratory studies have proven P&G Purifier of Water to remove: *° 


e 99.99999% of bacteria, including those that cause cholera and typhoid fever; 
e 99.99% of intestinal viruses, including those that cause hepatitis A; and 


e 99.9% of protozoa, including Giardia and Cryptosporidium. 


Numerous randomized, controlled health intervention studies conducted by the U.S. Centers for Disease 
Control and Prevention (CDC) and Johns Hopkins University have also shown P&G Purifier of Water to 
reduce diarrheal disease incidence by up to 90%, with an average of about 50%. ° ”® * "° Furthermore, 
P&G Purifier of Water can reduce levels of heavy metals (i.e. arsenic, lead) and chemical contaminants 
(i.e. pesticides) from water. ° More details about the efficacy of P&G Purifier of Water are provided 


on the following page. 
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CROSS-REACTIVITY AND CROSS-PROTECTION 









CORRELATION 

* Immunity induced by vaccination, infection, or environmental exposure to antigens can lead to either 
beneficial or deleterious immunological cross-reactions (Table 5-1). We) 

* Edward Jenner developed an effective means of eliciting cross-protective immunity to the variola 
(smallpox) virus by immunizing individuals with vaccinia virus, which causes cowpox. 

* The nonpathogenic mycobacterium bacille Calmette-Guérin (BCG) induces in vaccinees cross- 
protective immunity against the causative agent of tuberculosis, Mycobacterium tuberculosis. 

+ Allergic responses to cross-reactive determinants on birch pollen can lead to food allergies to apples, 
plums, and hazelnuts. 


C. When antibodies bind to their respective antigens, neither is covalently modified, 
although both can undergo important conformational changes. 

1. Some cell surface Fey receptors bind IgG Fc regions only after they have bound 
antigen. 

a. These Fcy receptors are generally of low affinity (Ky = 10°°-10-7 M) and me- 
diate opsonization by phagocytic cells. 

b. High affinity Fey and Fc€ receptors (Kj = 10°%-107'° M) can bind 
monomeric IgG and IgE, respectively, in the absence of antigen. 

c. High-affinity Fc receptors mediate placental transfer of monomeric IgG. 

2. The activation of complement by IgG and IgM antibodies requires antigen 
binding that reveals cryptic complement-binding sites within the C42 domains 
(Chapter 8). 

3. Membrane Igs that serve as antigen receptors on B cells undergo conforma- 
tional changes when their antigens are bound. 

a. This permits protein—protein interactions between the C-terminal domains 
of membrane H chains and two other members of the receptor complex, Iga 
and Igf. 

b. BCR-Igo-IgB interactions initiate transmembrane signaling in B cells 


(Chapter 9). 


Table 5-|. Clinically important immunological crossreactions. 


Antibody Specificity Cross-reactive Antigens _ Effect 


House dust mite 
allergens 


Methyldopa Rh antigens Autoimmune hemolytic 
anemia 
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D. A complex formed between an antibody and its antigen is often referred to as an 
immune complex. 

1. Both circulating and tissue-bound immune complexes have proinflammatory ef- 
fects (Chapter 13). 

2. Circulating soluble immune complexes typically form in antigen excess and de- 
posit in the skin, blood vessel walls, joint spaces, and basement membranes of 
renal glomeruli. 

3. A number of important laboratory tests can detect immune complexes in body 
fluids or tissues and aid in diagnosing immune complex diseases (Chapters 13 


and 16). 


II. The measurement of Ab—Ag reactions is the basis for many clinical 
diagnostic tests in immunology and microbiology (Table 5-2). 


A. Serology refers to techniques that measure the reactivity of serum antibodies with 
their antigens. 


Table 5-2. Selected applications of immunoassays in the clinical laboratory.* 


Measurement Specific Examples 


Immunoelectrophoresis 
Immunofixation 


Complement 
Individual components GIRG2NE3nGE4 
Total hemolytic activity 


Antibodies to infectious 
agents 
HIV ELISA, Western blot Anti-gp24, gp41, gp 120, 
gp 160 
Streptococcus Agglutination Anticapsular polysaccharide 
Treponema pallidum Agglutination VDRL test for syphilis 


Autoimmunity 
Anti-lg antibody 


Cell surface markers 
Normal lymphocytes Flow cytometry CD4, CD8, CD19 
Tumor cells Flow cytometry CD10 on leukemia cells 





“lg, immunoglobulin; ELISA, enzyme-linked immunosorbent assay; HIV, human immunodeficiency 
virus; VDRL, Venereal Disease Research Laboratory; ANA, antinuclear antibody; dsDNA, double- 
stranded DNA. 


—— 
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B. The relative concentration of an antibody is often expressed as a titer, which is the 
reciprocal of the greatest dilution of the antiserum that shows a reaction with its 
antigen. 


C. Particulate antigens agglutinate when combined with their antibodies. 
1. Hemagglutination occurs when antibodies to erythrocyte surface antigens 
cause aggregation of cells bearing the respective antigen. 
a. In blood typing, agglutinating antibodies of known specificities (eg, anti- 
RhD) are used to determine the antigenic phenotypes of prospective donors 
and recipients. 

b. In the major cross-match, cells from the donor are mixed with serum from 
the recipient as a means of detecting preformed recipient antidonor antibod- 
ies. 

2. The Coombs test (Chapter 16), a specialized hemagglutination test, detects an- 
tibodies on erythrocytes or platelets. 

a. In the Coombs test, the patient’s cells are mixed with the “Coombs 
reagent,” which is an antihuman IgG. 

b. IgG antibody-coated erythrocytes or platelets agglutinate in the presence of 
the Coombs reagent. 

c. Agglutination can indicate the presence of antibodies against haptens (eg, 
drugs) bound to the cell surface or antibodies specific for endogenous ery- 
throcyte antigens (eg, anti-RhD). 









RH DISEASE OF THE NEWBORN 
* Rh incompatibility between Rh-negative mothers and their Rh-positive children can lead to the pro- 
duction of antibodies by the mother that cause hemolytic anemia in the fetus. Le) 
+ First pregnancies are generally not affected, because the initial maternal IgM antibodies do not cross 
the placenta. 
* Subsequent pregnancies are at risk due to isotype switching to IgG in the mother. 
* A definitive diagnosis of Rh disease in an affected newborn can be made, in part, with the Coombs test, 
which detects IgG on the surface of the neonate’s erythrocytes. 


3. The species or strain of a bacterium can be determined by serological agglutina- 
tion tests. 

a. Serological typing provides a more rapid identification of a bacterial species 
or group (eg, group A Streptococcus or Salmonella serogroups) than does cul- 
turing the specimen. 

b. Agglutination assays can also reveal serotypes associated with specific diseases 
(eg, Escherichia coli serotype O157:H7 and hemorrhagic colitis). 


D. Soluble antigens present at high concentrations form visible precipitates when 
combined with their antibodies. 
1. Immunoprecipitation techniques are relatively insensitive and require micro- 
gram per milliliter to milligram per milliliter concentrations of antigen. 
2. Large insoluble Ab—Ag precipitates can be detected by light scatter using an in- 
strument known as a nephelometer. 
3. The amount of immune precipitate that forms is a function of the Ab:Ag ratio 
(Figure 5-1). 
a. At an optimum ratio, called equivalence, the maximum amount of precipi- 
tate is observed and neither free Ab nor free Ag is found in solution. 


—— 
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Figure 5-1. The precipitin curve. Ag, antigen; Ab, antibody. 








b. In the range of Ag excess, small soluble Ab;Ag, complexes are formed. 

c. Large complexes are typically cleared by phagocytic cells, whereas smaller sol- 
uble complexes can cause immune complex disease. 

4, Precipitated Ab—Ag complexes can also be visualized in agar gels. 

a. In agar gel immunodiffusion, solutions of Ab and Ag diffuse toward one 
another resulting in the formation of a visible precipitate at the diffusion in- 
terface (Figure 5—2). 

(1) A pattern of identity indicates that two antigens are identical with respect 
to the determinant(s) recognized by the antiserum. 

(2) A pattern of partial identity occurs when two antigens share some, but 
not all, of their antigenic determinants. 

(3) A pattern of nonidentity forms when two antigens have unique determi- 
nants not found in the other. 

b. Immunofixation, which combines the technique of electrophoresis with im- 
munoprecipitation, is used to analyze antigens in complex biological samples, 
such as serum (Figure 5-3). 

(1) Test samples are first electrophoresed in an agar gel. 

(2) The electrophoresed proteins are then detected with specific antibodies 
that precipitate the antigen. 

(3) These insoluble immune precipitates are stained with a protein stain. 


—— 
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Pattern of Pattern of partial Pattern of 
identity identity nonidentity 


Agi  Ag1,2 Ag 1,2 Ag 2,3 


Ab anti-1 Ab anti-1 Ab anti-1 


Ab anti-2 Ab anti-2 
Ab anti-3 


Figure 5-2. Agar gel immunodiffusion. Ag, antigen; Ab, antibody. 









POLYCLONAL AND MONOCLONAL GAMMOPATHIES 
CORRELATION 
* Hypergammaglobulinemia can occur following repeated immunization, infection, or abnormal B 

cell differentiation, including neoplasia. 
A polyclonal gammopathy generally signals infection, whereas a monoclonal gammopathy indi- 
cates a benign or malignant condition affecting a single clone of B cells. 
Benign monoclonal gammopathy of undetermined significance (MGUS) is common in the elderly, 
occurring at a frequency of approximately 3% in persons over 70 years of age. 
Because many monoclonal conditions are malignant, it is important to determine whether a hyper- 
gammaglobulinemia is monoclonal. 
Immunofixation is used to ascertain whether the elevated y-globulins have a single H chain class and L 
chain type, which means they are likely monoclonal. 
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Figure 5-3. Detection of a monoclonal gammopathy by immunofixa- 
tion. 
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E. Sensitive immunoassays are required to detect antigens that exist at low concentra- 
tions (picogram per milliliter to nanogram per milliliter) in clinical samples. 


1. 


N 


» 


Radioimmunoassays use radiolabeled antigens or antibodies. 

a. The competitive radioimmunoassay measures the ability of a test sample (eg, 
patient serum) to compete with a radiolabeled antigen for binding to an im- 
mobilized antibody. 

b. Immunoassays of this type require that dilutions of purified antigen be in- 
cluded as standards. 

c. The radioallergosorbant test is a radioimmunoassay that measures the con- 
centration of serum IgE antibody to a known allergen (Chapter 13). 

Enzyme-linked immunosorbent assays (EIA or ELISA) use enzyme-conju- 

gated antibodies (E-Ab) to detect antigens. 

a. The E-Ab—Ag complexes are detected by their ability to convert a chro- 
mogenic substrate into a colored product. 

b. Like radioimmunoassay (RIA), the ELISA can be used to measure antigen or 
antibody concentrations and shows sensitivity for antigens in solution in the 
picogram per milliliter range. 

c. Many home pregnancy tests use ELISA technology to detect human chori- 
onic gonadotropin in the urine. 

Immunoblotting (Western blotting) uses either radiolabeled or enzyme-conju- 

gated antibodies to detect antigens within a complex sample, such as serum or a 

tissue extract. 

a. The sample is first electrophoresed in a polyacrylamide gel under conditions 
that separate antigens according to their molecular weights. 

b. Separated proteins are then transferred from the gel to a membrane. 

c. The membrane is treated with an E-Ab. 

d. E-Ab—Ag complexes are detected by incubating the membrane with a chro- 
mogenic substrate, which forms an insoluble colored precipitate on the com- 
plex. 

e. Western blots are often used to confirm initial screening tests, such as an 
ELISA. 


F. Immunofluorescence assays use fluorescenated antibodies to detect tissue- or cell- 
bound antigens. 


1. 


ae YS oN 


Because of their specificity, the most popular antibodies for this purpose are 

monoclonal antibodies. 

The availability of multiple fluorochromes (dyes) enables polychromatic analysis 

of more than one antigen at a time. 

Specialized equipment (eg, a fluorescence or confocal microscope or flow cy- 

tometer) is required to detect the fluorescence emitted from the stained sample. 

Tissue immunofluorescence is routinely used to enumerate certain markers in 

tissue sections (eg, tumors). 

Flow cytometry is a specialized application of immunofluorescence in which 

individual cells in suspension are analyzed for the expression of a given 

marker(s)(Figure 5-4). 

a. The cell suspension (eg, blood) is first treated with the fluorescenated anti- 
body to label the cell subset of interest. 

b. The labeled cell suspension is then sprayed across the path of a laser to excite 
the fluorochrome. 


—— 
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Figure 5-4. Schematic of a flow cytometer. 





c. Individual cells are scored for their intensity of fluorescence emission. 

d. Flow cytometry is the preferred technique for enumerating CD markers on 
human cells (Appendix I). 

e. Polychromatic flow cytometry simultaneously detects multiple markers on 
a single cell (Figure 5—5). 

f. Individual cells expressing these markers can be physically purified by a mod- 
ification of flow cytometry called fluorescence-activated cell sorting 


(FACS). 






PHENOTYPING LYMPHOMAS AND LEUKEMIAS BY FLOW CYTOMETRY 


* An important application of flow cytometry is the phenotyping of hematological malignancies using 
monoclonal antibodies to various CD markers. 

* This approach can establish the number of different cell populations present in a sample, their lineage, 
and their stage of differentiation. 

* For example, a typical B cell chronic lymphocytic leukemia (B cell-CLL) expresses membrane Ig, CD5, 
CD19, CD20, and CD22. 

* By comparison, a plasmacytoma typically does not express membrane Ig, CD19, CD20, or CD22, but 
contains intracytoplasmic Ig. 


CLINICAL 
CORRELATION 


ZW 
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Figure 5-5. Multicolor flow cytometry analysis of human blood lymphocytes. 








CLINICAL PROBLEMS 


A 1-year-old child with a history of chronic sinusitis, otitis media, and pneumonia is sus- 
pected of having a primary immune deficiency. He has benefited from antibiotics and in- 
travenous immunoglobulins and shows a very low concentration of serum IgG and no 
IgM. Analysis of the patient’s lymph node cells by flow cytometry shows normal numbers 
of CD3* lymphocytes, but an absence of cells expressing membrane IgM. 


1. Which of the following diagnoses is most consistent with the data presented for this pa- 
tient? 


A. Severe combined immune deficiency (SCID) 
B. X-linked agammaglobulinemia (XLA) 
C. Selective IgG deficiency 
D. Light chain disease 
E. B cell chronic lymphocytic leukemia 
You decide to determine whether the patient in question 1 can mount a secondary anti- 


body response to tetanus toxoid. Ten days after immunizing with the toxoid, you measure 
the titer of serum antibodies to the foreign protein. 


2. Which of the following laboratory tests would be most appropriate for measuring this 
response? 


A. Flow cytometry 
B. ELISA 


C. Immunofluorescence 
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D. Immunoblotting (Western blotting) 
E. Immunodiffusion in gels 
You have a patient with recurrent infections and decide to examine a biopsy of her lymph 
node for potential structural abnormalities. Immunohistological staining reveals very few 
cells in the diffuse cortex that stain with a peroxidase-conjugated antibody to CD3 fol- 


lowed by a chromogenic peroxidase substrate. Unstained cells are present in the superficial 
cortex of the lymph node. 


3. Which of the following diseases is consistent with this finding? 
A. Toll-like receptor deficiency 
B. Severe combined immunodeficiency (SCID) 
C. Chronic granulomatous disease 
D. DiGeorge syndrome 
E. Multiple myeloma 


A 32-year-old patient presents with lymphopenia, but no other hematological abnormali- 
ties. He has mucocutaneous candidiasis, a yeast infection of the mucous membranes, and 
is seronegative for HIV-1 by ELISA. 


4, Which of the following flow cytometry findings with blood lymphocytes [peripheral 
blood mononuclear cells (PMBCs)] would nonetheless still support a diagnosis of HIV 
infection in this patient? 
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A. Panel A 
B. Panel B 
C. Panel’C 
D. Panel D 
E. Panel E 
A patient with multiple myeloma shows proteinuria, and you wish to characterize the uri- 


nary protein. Using immunodiffusion, you react a rabbit antiserum specific for human 
IgG with the patient’s serum and her urine. 


5. Which of the patterns shown below would suggest that the urinary protein is an Ig L 
chain? 


B Cc D 
e® .®@ e@® @ 
SN 4s a Fos 


A. Pattern A 
B. Pattern B 
C. Pattern C 
D. Pattern D 
E. Pattern E 


ANSWERS 


1. The correct answer is B. The history and flow cytometry data are consistent with an an- 
tibody deficiency that results from the absence of peripheral B cells. Although SCID 
would also show aberrant B cell differentiation, T cells would be absent in this disease 
as well. 


2. The correct answer is B. Among the choices, only ELISA is a quantitative assay. Im- 
munoblotting is not quantitative, and immunodiffusion requires high concentrations 
of antibody and antigen to visualize immune precipitates. 


3. The correct answer is D. DiGeorge syndrome (thymic dysplasia) results in a selective 
deficiency of T cells and an acellular appearance in T cell-dependent areas of the lymph 
nodes. 


—p— 
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4, The correct answer is D. There is a selective depletion of CD4* T cells in patients with 
HIV infections. For a comparison with the normal pattern, see panel A. The pattern in 
panel B is not typical for blood because it contains double-positive cells, which are nor- 
mally seen only in the thymus. 


5. The correct answer is C. The excess urinary proteins in myeloma are generally Ig L 
chains (Bence-Jones proteins), which would show a cross-reaction with the patient’s 
serum monoclonal Ig (M component). Because the serum Ig would contain antigenic 
determinants on their H chains not found on the urinary L chains, a pattern of partial 
identity would appear. 
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I. The T cell receptor (TCR) for antigen is a complex consisting of an 


antigen-specific heterodimer (TCR) and four additional peptides of the 
CD3 family (Figure 2-5). 


A. TCR structure is similar to that of the B cell receptor (BCR) (Table 6-1). 

1. The a, B, y, and 6 polypeptides are transmembrane proteins with short cyto- 
plasmic domains. 

2. TCR peptides have amino acid sequence homology with Ig peptides and be- 
long to the immunoglobulin gene superfamily. 

3. Each TCR peptide has a V domain and a C domain (eg, VyC,, in o chains), 
which are stabilized by intrachain disulfide bonds. 

4, The two V domains (eg, V,, + Vg) form a monovalent ligand-binding site much 
like an Ig Fab fragment. 

5. The membrane-distal face of the TCRo and TCRY6 receptors that contact 
their ligands has a flat conformation, rather than the cleft seen in immunoglob- 
ulins (Igs) (Figure 6-1). 

6. Of peripheral T cells 95% bear TCRs composed of of heterodimers; the re- 
maining T cells bear TCRs composed of ¥6 heterodimers. 

7. CD3 y, 5, €, and ¢ polypeptide chains are transmembrane signaling compo- 
nents of the receptor complex. 

8. The TCR is never expressed without CD3 peptides; the complete CD3 com- 
plex is never expressed on the cell surface without a TCR heterodimer. 


CD3 DEFICIENCY 


CLINICAL 
CORRELATION 






* Rare immune deficiencies affecting the expression of the TCR result from natural mutations in the CD3 
y and chains. 


* These patients present with severe lymphopenia at birth due to an inability of their thymocytes to sig- 
nal through an early form of the TCR called the pre-TCR, which requires CD3 for its expression. 


* Without a functional pre-TCR, immature thymocytes do not develop properly and cellular immunity is 
impaired (Chapter 10). 


* Opportunistic viral and fungal infections occur early in life and require aggressive treatment. 


B. The expression of TCR genes requires their rearrangement by recombination dur- 
ing cell differentiation in the thymus (Figure 6-2). 


64 
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Table 6—!. Distinguishing features of the BCR and TCR.* 


Feature 


Native epitopes of Processed peptides plus 
proteins, carbohydrates, | MHC or glycolipids plus 
lipids, nucleic acids 


Isotype switching 





“BCR, B cell receptor; TCR, T cell receptor; Ig, immunoglobulin; MHC, major histocompatibility com- 
plex. 


Figure 6-1. Model of a typical T cell receptor (TCR) showing the structure of the 
ligand-binding surface. MHC, major histocompatibility complex. (Adapted, with per- 
mission, from Garcia KC: An oBT cell receptor structure at 2.5 A and its Orientation 
in the TCR-MHC complex. Science 1996;274:209.) 
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Figure 6-2. Germ line and rearranged & and B T cell receptor (TCR) gene loci. 





1. The TCR genes are found at three genetic loci, 0/6, B, and y. 
2. Variable (V), joining (J), and constant (C) gene segments are found at each 
locus (Table 6-2). 
3. Diversity (D) segments are present within the B and 6 loci. 
C. The diversity of the TCR repertoire arises from genetic mechanisms that are simi- 
lar to those used to create a diverse set of Ig molecules. 


Table 6-2. TCR locus gene segments.* 





“TCR, T cell receptor. 
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1. There are several hundred V, D, and J segments that recombine randomly to 
create a pool of rearranged TCR V genes. 

2. Imprecise joining and nucleotide addition add diversity. 

3. Combinatorial association between the & and B or the y and 6 chains further 
expands the repertoire. 

4. TCR editing occurs infrequently, and there is no somatic hypermutation of 
TCR V region sequences as there is for BCR V region genes. 









TCR REARRANGEMENTS IN CANCER 
* The molecular diagnosis of human T cell leukemias and lymphomas is greatly aided by showing that 
they are monoclonal and express a TCR with a uniform V,, or Vp region. Wy, 
* This can be accomplished by molecular techniques, such as the polymerase chain reaction (PCR), that 
demonstrate the proliferating cells have rearranged a uniform TCR V,, or Vg segment. 
* This type of molecular approach aids in early diagnosis and monitoring the status of the neoplastic 


clone during therapy. 


D. The natural ligand for the TCR is a foreign peptide plus a host MHC molecule. 
1. The TCR recognizes peptides derived from foreign protein antigens that are 
bound to a major histocompatibility complex (MHC) molecule and presented 
by an antigen-presenting cell (APC). 
2. The complementarity determining regions (CDRs) of the TCR make contact 
with amino acid residues of both the peptide and the MHC molecule (Figure 
6-1). 
E. Superantigens produced by microbes can bind the TCR and the MHC outside 
the peptide-binding site. 
1. Staphylococcus and Streptococcus species produce exotoxins that act as superanti- 
gens. 
2. Microbial superantigens cross-link TCR Vg regions to MHC class II molecules. 
3. Binding of superantigens to the TCR induces polyclonal activation of T cells. 









TOXIC SHOCK SYNDROME 


* Toxic shock syndrome (TSS) is a systemic disease associated with vaginal or surgical wound infec- 
tions with the gram-positive bacterium Staphylococcus aureus. 

* S aureus produces a superantigen, called toxic shock syndrome toxin (TSST), which activates CD4* 
T cells to produce massive quantities of inflammatory cytokines. 

* The systemic nature of the inflammatory response manifests as fever, coagulopathies, extreme hy- 
potension, skin rash and exfoliation, and diarrhea. 


CLINICAL 
CORRELATION 


ZW 


F. Natural killer T (NKT) cells express an unusual form of the TCR. 

1. Invariant NKT cells (iNKT cells) express a uniform chain composed of a 
single V,, region called V,,24. 

2. The B chain of the iNKT cell TCR is created by recombination using only a 
subset of the Vg gene segments. 

3. The known ligands of the iNKT cell TCR are glycolipids that are presented by 
CD1 molecules, not MHC molecules (Chapter 7). 

4, iNKT cells produce cytokines and become cytotoxic when activated through 
their TCR. 


—— 
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II. Optimum T cell activation by antigen requires TCR stimulation and 
signals derived from the APC. 


A. Compared to antibodies, TCRs bind their ligands with relatively low affinity (Ky 
10*-10° M). 

B. The binding between a T cell and its APC is strengthened by the T cell adhesion 
molecules LFA-1 and CD2 (Table 6-3). 


C. Coreceptors on T cells augment the intracellular signal transduction pathways 

that are initiated by the TCR-CD3 complex. 

1. Many coreceptors promote TCR signaling by phosphorylating immunotyro- 
sine activation motifs (ITAMs) of CD3. 

2. T cells that express TCR specific for peptide-MHC class IT complexes use CD4 
as a signaling coreceptor. 

3. T cells that express TCR specific for peptide-MHC class I complexes use CD8 
as a coreceptor. 

4, CD28 provides important coactivation signaling for T cells. 

5. CD154 is a ligand for the CD40 coreceptor found on B cells. 


D. Cytokines provide a second source of costimulatory signals (Chapter 12). 









HYPER IGM SYNDROME 


CLINICAL 
CORRELATION 


WZ 


* Children with X-linked hyper IgM syndrome show elevated levels of serum IgM, but extremely low 
concentrations of IgG, IgA, and IgE. 


* Their activated T cells lack CD154, which results in impaired Th cell function and B cell signaling. 
* Impaired Ig class switching in B cells results in elevated IgM antibody levels. 


* With the failure to produce opsonizing IgG antibodies, infections with pyogenic (pus-forming) bacteria 
are common in these patients. 


Table 6-3. Adhesion molecules and coreceptors on T cells.* 


T Cell Coreceptor — Ligand on APC Cells That Express the Receptor Ligand 


Dendritic cells, activated B cells, 
macrophages 


Dendritic cells, B cells, macrophages, 
others 





“APC, antigen-presenting cell; LFA-1, lymphocyte function-associated antigen |; ICAM, intercellular 
adhesion molecule; MHC, major histocompatibility complex. 
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III. Signaling through the TCR leads to gene transcription. 
A. The binding of the TCR to it ligand recruits the CD3 peptides to the «8 chains 


via charge interactions in their transmembrane domains. 


B. ITAMs in the cytoplasmic tails of CD3 peptides are sites for the assembly of sig- 
naling intermediates, including the kinase C-associated protein-70 kDa (ZAP- 
70) (Figure 6-3). 

1. ZAP-70 becomes phosphorylated and, in turn, phosphorylates phospholipase 

Cy (PLCy). 

a. PLCy hydrolyzes the membrane phospholipid phosphatidylinositol 4,5- 
biphosphate (PIP;) producing diacylglyceride (DAG) and inositol 1,4,5- 
triphosphate (IP3). 

(1) DAG activates protein kinase C (PKC), which activates the nuclear 
factor-KB (NFB) transcription factor pathway (Figure 6-4). 

(2) IP; mobilizes intracellular Ca**, which activates calmodulin. 

(3) Ca**/calmodulin-dependent enzymes, including the phosphatase cal- 
cineurin, are activated. 

(4) Calcineurin mediates dephosphorylation of the latent transcription fac- 
tor nuclear factor of activated T cells (NFAT). 

2. ZAP-70 also phosphorylates adapter proteins that lead to the activation of the 
G protein-mediated Ras/Rac pathways. 
a. Mitogen-activated protein (MAP) kinases are then activated. 
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Figure 6-3. Intracellular signaling events accompanying T cell activation. PLC, phospholipase C; PIP, 
phosphatidylinositol 4,5-biphosphate; PKC, protein kinase C; ZAP-70, C-associated protein-70 kDa; 
LAT, linker for activation of T cells; DAG, diacylglyceride; IP3, inositol |,4,5-triphosphate. 
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Figure 6-4. Transcription factors that mediate T cell signaling. NF, nuclear factor; NFAT, nuclear 
factor of activated T cells; GTP, guanosine triphosphate; ERK, extracellular signal-regulated kinase; 
JNK, Jun N-terminal kinase; IL, interleukin. 








b. The MAP kinases phosphorylate and activate the AP-1 family of transcrip- 
tion factors (Figure 6-4). 


C. The transcription factors NFKB, NFAT, and AP-1 act coordinately to initiate the 
transcription of important T cell genes. 
1. NFAT regulates the transcription of the interleukin (IL)-2, IL-4, interferon 
(IFN)-y, and tumor necrosis factor (TNF)-© genes. 
2. NFKB transcription factors induce the expression of the IL-2, IFN-y, and 
TNF-© genes. 
3. AP-1 activates transcription of the IL-2 and many other cytokine genes. 






CYCLOSPORINE AND TRANSPLANTATION 


* Cyclosporine and the related drug FK-506 (Tracolimus) have proven effective in managing allograft re- 
jection episodes that are mediated by activated T cells. 

* Both drugs inhibit the cellular phosphatase calcineurin and thereby diminish NFAT activation and cy- 
tokine gene expression. 

* The use of these powerful immunosuppressive drugs has allowed clinical transplantation to be per- 
formed successfully even when some genetic disparity exists between donor and host (Chapter 17). 


CLINICAL 
CORRELATION 


WZ 





ae 
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D. ee augment signaling initiated by the TCR (Figure 6-3). 
1. CD4 and CD8 binding to MHC molecules recruits the kinase Lek to the TCR 
complex. 
2. Lck then phosphorylates the CD3¢ ITAM residues, which promotes ZAP-70 
recruitment to the complex. 
3. CD28 coreceptor binding to its ligand, B7 on dendritic cells, recruits PLCy to 
the cell membrane. 
4, TCR ligation in the absence of coreceptor signaling can lead to anergy (unre- 
sponsiveness) in T cells. 
a. Clonal anergy is important in maintaining unresponsiveness to certain self 
antigens (Chapter 16). 
b. Conversely, the loss of clonal anergy among T cells that bear receptors for 
autoantigens can result in autoimmunity. 


IV. The functions of antigen-activated T cells emerge after several cycles of 
cell division and differentiation. 


A. Most activated CD4* T cells express helper activity by secreting cytokines that act 
on other immune system cells. 
1. The CD4* T helper population can be further subdivided into the Th1 and 
Th2 cell subsets based upon the cytokines they secrete (Table 6-4 and Figure 
6-5). 


Table 6-4. Thl and Th2 CD4* T cell subsets.? 


Cytokine ThI Cells Th2 Cells Principal Functions 


Macrophage activation 
Inhibition of IL-4 effects 


B cell activation; Ig class switching; mast cell 
growth; inhibition of Thl pathway 


B cell activation; Ig class switching; eosinophil 
growth and differentiation 


Inhibition of macrophage and lymphocyte 
activation 


Induction of mucus secretion; inhibition of 
IFN-y action 





‘IL, interleukin; IFN, interferon; LT, lymphotoxin; TNF, tumor necrosis factor; GM-CSF, granulocyte 
macrophage colony-stimulating factor; Ig, immunoglobulin. 
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Figure 6-5. Cross-regulation of the Thl and Th2 cell subsets. IL, interleukin. 








a. The Th1 cell subset produces cytokines primarily associated with cell- 
mediated immunity (ie, cytotoxic T cell growth and macrophage activation). 
b. The Th2 cell subset produces cytokines primarily associated with humoral 
immunity (ic, B cell activation, proliferation, differentiation, and Ig class 
switching). 
2. Some of the cytokines produced by the two Th cell subsets promote the devel- 
opment of their respective subset. 
a. IL-4 is an important inducer of the Th2 response. 
b. IFN-Y favors the development of a Th1 response. 
3. Each subset produces at least one cytokine that inhibits the functions of the 
other subset pathway (Figure 6-5). 
a. IL-10 and IL-4 produced by Th2 cells inhibit IL-12 production by APCs. 
b. IL-4 antagonizes the macrophage-activating effects of IFN-Y. 
c. IFN-y produced by Th1 cells inhibits the proliferation of the Th2 cell sub- 
set. 
d. IFN-y antagonizes the B cell-activating effects of IL-4. 
4, Dedicated transcription factors mediate the genetic control of Th1/Th2 devel- 
opment. 
‘ T-bet is activated by IFN-y and promotes Th1 cell development. 
b. GATA-3 favors the development of a Th2 cell response. 


B. Several populations of T cells express cytotoxic activity against foreign target cells 
(Table 6-5). 
1. Conventional CD8* cytotoxic T lymphocytes (CTL) kill targets expressing 
foreign peptides and MHC class I molecules. 
2. Some CD4"* T cells are cytotoxic for targets expressing foreign peptides and 
MHC class II molecules. 


—— 
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Table 6-5. Cytotoxic lymphocytes." 


Property NKT Cell NK Cell 


Peptides + Lipids and 
MHC class | glycolipids + CDI 


CD8, CD4, and NK cell markers 
NK cell markers (eg, CD161) 


Cytotoxicity Cytotoxicity and Cytotoxicity and cytokine 
and cytokine cytokine production 
production production 


Pathogens Viruses and Unknown Viruses 
recognized intracellular 
bacteria 





“For a description of the diverse NK cell receptors and their ligands, see Chapter 10. CTL, cytotoxic 
T cells; NKT, natural killer T; NK, natural killer; TCR, T cell receptor. 


3. iNKT cells are cytotoxic against cells expressing glycolipid antigens presented 
by CD1 molecules. 
4, All of these cytotoxic T cells require direct contact with their target cells and 
induce death by apoptosis (Figure 6-6). 
a. CTL reorient their killing components toward the cellular pole in contact 
with their target cell. 
b. Membrane-bound cytosolic granules of the cytotoxic cell then fuse with the 
cell membrane. 
(1) Perforin is a granule protein that polymerizes in the target cell mem- 
brane and facilitates the delivery of granzymes. 
(2) Granzymes are serine proteases that cleave caspases and initiate apopto- 
sis in the target cell. 
c. Fas ligand, which is expressed on activated T cells and NKT cells, can in- 
duce apoptosis. 
(1) Fas ligand binds to a widely distributed receptor called Fas. 
(2) Fas contains death domains that recruit and activate the cytosolic cas- 
pases within the target cell. 
d. Cytotoxic cells secrete TNF-0 and lymphotoxin (LT), which bind to TNF 
receptors. 
(1) TNF receptors contain death domains that recruit adaptor proteins and 
activate caspases. 
(2) TNF receptors can also activate transcription factors that regulate gene 
expression (Chapter 12). 
5. After delivering a lethal hit, the cytotoxic cell dissociates from its target cell and 
repeats the process with another target cell. 


—— 
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Figure 6-6. Conjugate formation and cell-mediated lysis by a cytotoxic T cell 
(CTL). (1) CTL-target cell contact, (2) granule fusion, (3) degranulation, (4) perforin 
insertion into target cell membrane, (5) polymerization of perforin, (6) pore forma- 
tion 
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CLINICAL PROBLEMS 


Infection of cells with certain herpes viruses leads to a decrease in the expression of class I 
MHC molecules by the infected cells. 


1. For which of the following cytotoxic cells would this decrease its ability to recognize the 
virus-infected cell? 


A. CD4* T cell 

B. CD8* T cell 

C. NK cell 

D. NKT cell 

E. NK and NKT cell 
A patient in renal failure received a kidney transplant from an unrelated donor. The pa- 
tient was treated immediately with cyclosporine. Three weeks posttransplant, he devel- 


oped an infection with cytomegalovirus that was attributed to his immunosuppressive 
therapy. 


2. A decrease in which of the following responses would best explain this type of oppor- 
tunistic infection? 


A. Transcriptional activation in B cells 
B. Ca”* mobilization in macrophages 
C. Cytokine gene expression in T cells 
D. Neutrophil chemotaxis 


E. Signaling through the BCR 
Ronald is a 2-year-old boy who presents with a 1-year history of recurrent sinus infections 
caused by gram-positive bacteria, including Group A streptococci. He has not had infec- 
tions with viruses or fungi. He was successfully treated with antibiotics in the past, but his 
infections often returned after treatment ended. Laboratory tests indicate an elevated titer 
of anti-A and anti-B isohemagglutinins, but an IgG level that is less than 5% of the nor- 
mal level for his age. 


3. Which of the following mechanisms or diseases would be most consistent with this 
clinical picture? 


A. Bruton’s X-linked agammaglobulinemia 
B. A deficiency of ZAP-70 

C. DiGeorge syndrome 

D. A lack of CD154 expression 

E. HIV-1 infection 


Mary is an 11-year-old child with asthma. Allergy skin testing has revealed allergic reac- 
tions to 10 different household and outdoor allergens. 


—— 
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4. If you were to design an experimental therapy directed at reducing cytokine production 


in this disease, which of the following cytokines would be the best target of this ther- 
apy? 

A. IL-1 

B. IL-2 

C. IL-4 

D. IL-8 

E. IL-12 


A patient with recurrent viral infections has normal numbers of blood lymphocytes, but 
the cells do not express granzymes when activated in vitro. 


5. A mutation in the gene encoding which of the following signaling intermediates would 


produce this phenotype? 
A. Lek 

B. Fas 

C. MyD88 

D. ZAP-70 

E. Btk 


ANSWERS 


1. 


The correct answer is B. Among the choices, only CD8* T cells require MHC class I 
molecules for their recognition of viral peptide antigens. The expression of this protein 
can be inhibited by viruses that interfere with the synthesis of B,-microglobulin, which 
is shared by MHC class I and CD1 molecules (Chapter 7). 


. The correct answer is C. Cyclosporine inhibits the phosphatase calcineurin, which is 


important in activating the transcription factor NFAT. NFAT regulates a number of 
cytokine genes in T cells, including those that coinduce virus-specific CD8* cytotoxic 
T cells to differentiate (eg, IL-2). 


. The correct answer is D. Elevated IgM antibody together with very low or absent IgG 


is an indication that the patient’s B cells do not switch Ig class efficiently. This is typi- 
cal of hyper IgM syndrome type 1, the congenital absence of CD154. The patient does 
not lack B cells, but fails to receive the proper signal from Th cells. 


. The correct answer is C. IL-4 plays a central role in the development of allergy by pro- 


moting Ig class switching to IgE and inducing more Th2 helper cells that produce IL-4. 
Mast cells are the source of inflammatory mediators in asthma, and their growth is also 
promoted by IL-4 (Chapter 13). 


. The correct answer is D. ZAP-70 deficiency causes a decreased signaling in both CD4* 


and CD8* T cells. Granzyme expression is a marker for activated cytotoxic lymphocytes. 


—— 
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I. The principal function of the major histocompatibility complex (MHC) 
of genes is to regulate antigen recognition by T cells. 


A. In the thymus, MHC molecules determine the content of the T cell receptor 
(TCR) repertoire. 
1. Clones of thymocytes expressing TCRs that recognize foreign peptide antigens 
presented by the host’s own MHC molecules are retained (Chapter 10). 
2. Clones of thymocytes with TCRs that recognize peptide antigens presented by 
nonhost MHC molecules are deleted. 
3. Mature thymocytes leave the thymus bearing TCRs capable of recognizing for- 
eign peptides + self MHC in the periphery. 


B. In the postthymic environment, the MHC controls antigen recognition by ma- 

ture T cells. 

1. The TCR recognizes antigenic peptides in the periphery only when they are 
complexed with a self MHC molecule. 
a. Antigen recognition by T cells is “MHC restricted.” 
b. The TCR has a dual specificity for “altered self” (ie, self MHC + a foreign 

peptide). 

2. MHC genes are immune response genes that determine the magnitude of T 

cell activation by foreign protein antigens. 


C. MHC genes control the activation of natural killer (NK) cells by two mechanisms 
(Chapter 10). 
1. MHC gene products present peptides to NK cell activating receptors. 
2. MHC glycoproteins are also recognized by inhibitory receptors that suppress 
NK cell activation. 


D. The MHC serves as the most important genetic barrier to organ transplantation 
between two unrelated individuals of a species. 
1. In organ transplantation, the MHC molecules on a donor’s tissues can be 
viewed by the recipient’s T cells as foreign. 
a. In this context MHC molecules are alloantigens, antigens expressed by 
some, but not all, members of a species. 
b. MHC alloantigens stimulate vigorous T cell responses leading to graft rejec- 


tion (Chapter 17). 


77 
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II. MHC genes encode two classes of polypeptides that control antigen 
recognition by T cells. 


A. MHC class I gene products present foreign peptides to CD8* T cells. 
1. Antigen recognition by CD8* T cells is restricted by MHC class I molecules. 
2. Only peptides bound to MHC class I molecules activate CD8* T cells. 
3. The three MHC class I genetic loci in human beings are called /uman leukocyte 
antigen-A (HLA-A), HLA-B, and HLA-C. 
4. Each HLA class I gene encodes an ~45-kDa © polypeptide chain. 
a. Class I & chains are always expressed on the cell surface noncovalently asso- 
ciated with a 12-kDa invariant chain called B2-microglobulin (Figure 7-1). 
b. Class I & chains are integral membrane proteins with three external do- 
mains. 
(D) Amino acids within the membrane-distal &1 and 0&2 domains are highly 
variable. 


Class | MHC 
Peptide-binding cleft 


Peptide 


Class Il MHC 
Peptide-binding cleft 


Figure 7-1. Structure of major histocompatibility complex (MHC) molecules. 82m, B2-microglobulin. 
(Top: Adapted, with permission, from Bjorkman PJ: Structure of the human class | histocompatibility 
antigen, HLA-A2. Nature 1987;329:506.) (Bottom: Adapted, with permission, from Brown JH: Three- 
dimensional structure of the human class II histocompatibility antigen HLA-DRI. Nature 
1993;364:33.) 





6193ch07.qxd_mg 2/6/06 12:55 PM Page 79 


N 


Oh) Chapter 7: Major Histocompatibility Complex 79 


(2) The a1 and 2 domains determine the peptide-binding specificity and 
alloantigenicity of class I. 
(3) The membrane proximal &3 domain and B,-microglobulin stabilize the 
overall structure. 
5. MHC class I molecules possess a single peptide-binding groove within the 1 
and 2 domains (Figure 7-1). 
a. Contact residues within the groove determine specificity. 
b. The typical peptide that binds to a class I molecule is 9-11 amino acids in 
length. 
c. MHC class I-binding peptides contain terminal hydrophobic residues that 
anchor them into the groove. 
d. Each MHC class I molecule shows “promiscuous binding” in that it can 
bind several different peptides. 


B. The principal function of MHC class II molecules in the periphery is to present 
a antigens to CD4* T cells. 
1. Antigen recognition by CD4* T cells is MHC class II restricted. 
2. Only foreign peptides bound to MHC class II molecules can activate CD4* T 
cells. 
3. The MHC class II genes in human beings are found in three genetic regions 
called HLA-DP, HLA-DQ, and HLA-DR. 
4. Each class II genetic region contains one or more o and B genes. 
a. The class II & and B loci encode for 33- and 28-kDa polypeptide chains, re- 
spectively. 
b. The class II molecules form a heterodimeric cell surface glycoproteins 
(Figure 7-1). 
c. Each chain has a membrane-distal domain (ie, 01 or B1) that is highly vari- 
able. 
d. The 1 and B1 domains of class II molecules contain the peptide-binding 
roove. 
é These regions of sequence variability also prescribe the alloantigenic nature 
of class II molecules. 
5. The peptide-binding groove of a typical class II molecule is similar in structure 
to that of a class I molecule. 
a. Contact residues in the binding groove determine binding specificity. 
b. MHC class II molecules typically bind 12-15 amino acid peptides that can 
extend beyond the limits of the groove. 
c. Like class I, class II molecules show binding promiscuity. 
C. Class I and class If! MHC genes belong to the Ig supergene family. 
D. MHC class III genes do not control T cell activation directly. 
1. Class HI genes include those for the complement proteins C2, C4, and Factor 
B (Chapter 8). 
2. The gene for tumor necrosis factor (TNF)-0 is also found in the class II MHC 
family. 


ALTERED MHC-BINDING PEPTIDE LIGANDS 


CLINICAL 
CORRELATION 






* The nature of a T cell response to a peptide antigen can be altered by changing only a few of the con- 
tact residues of the peptide that interact with the TCR. 


—— 
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* These altered peptide ligands include “superagonistic” peptides that can enhance T cell activation, 
which would be useful in designing antitumor immunotherapy. 

* Similarly, altered peptide ligands can theoretically be designed that would inhibit unwanted T cell acti- 
vation, such as that seen in autoimmune diseases. 


III. MHC molecules show extensive functional diversity due to polygeny and 
genetic polymorphism. 
A. Polygeny refers to the existence of multiple genetic loci that have similar func- 
tions. 
1. Three MHC class I gene loci, HLA-A, HLA-B, and HLA-C, control antigen 
presentation to CD8* T cells. 
2. Many MHC class I] genetic loci control antigen presentation to CD4* T cells 
(eg, DPal, DPa2, DPB1, and DPB2). 
3. The existence of multiple MHC gene products increases the number of foreign 
peptides that can be presented to T cells. 


B. Polymorphism within the MHC refers to the existence of multiple alleles of a 
gene within a population (Table 7-1). 
. Each class I allele encodes an © chain. 
. Each class II allele encodes either an & or a B chain. 
. A diploid individual can express at most two allelic products at each MHC 
locus (ie, in the heterozygote). 
. The B,-microglobulin gene is ot polymorphic. 
. Polymorphism has a greater effect on HLA diversity within the species than 
within an individual (Table 7-2). 
a. Thus, in the human population there is the capacity to present an enormous 
number of antigenic peptides. 
b. Each individual of that population has a much narrower potential repertoire 
of MHC-encoded molecules. 


C. HLA diversity is sufficient for recognizing most protein antigens. 
1. Each allelic product (eg, HLA-A1) can bind multiple peptides. 
2. Each cell expresses multiple allelic forms (Figure 7-2). 


Wr BS WON = 


Table 7—!. Examples of polymorphism at the HLA loci. 


MHC Class HLA Locus Number of Alleles 


HLA-DPA| 
HLA-DPB| 
HLA-DQAI 
HLA-DQB| 
HLA-DRB| 
HLA-DRB3 
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Table 7-2. The basis for diversity among immunoglobulins and MHC molecules. 


Feature Immunoglobulin Genes MHC Genes 


Repertoire of an 6 class | alleles 
individual 6 class II alleles 


Repertoire of the > 400 class | alleles 
species > 500 class II alleles 


Diversity mechanisms Large pools of germ-line Heterozygosity 


V, D, J segments Codominant expression 
Combinatorial joining of Polygeny 

V, D, J segments Polymorphism 
Imprecision in joining sites 
Nucleotide additions at 

joining sites 
Somatic hypermutation 
Combinatorial association 

of H and L polypeptides 





3. Mounting a successful response to a limited number of antigenic 
epitope-MHC complexes is apparently adequate to protect the host. 


IV. MHC genes are inherited as a closely linked group of loci and are 
codominantly expressed (Figure 7-3). 


A. HLA class I loci are clustered at the 3’ end of the complex on chromosome 6. 
1. Each class I locus encodes an o chain, which is paired with B,-microglobulin 
prior to surface expression (Figure 7-4). 


Macrophage Fibroblast 
Al 


Figure 7-2. Patterns of expression of HLA class | and class II genes. 
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Human: HLA (chromosome 6) 


Class II MHC loci “Class III’ MHC loci Class | MHC loci 
DP DM DQ DR 
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Proteasome genes; Complement Cytokines: Class I-like genes 
TAP 1, 2 proteins: C4, LTB, TNF-a, and pseudogenes 


Mouse: H2 (chromosome 17) ( ee B, C2 as 


K DM I-A I-E D L 
Class | Class II MHC loci “Class III’ MHC loci Class | MHC loci 
MHC locus 


Figure 7-3. Genetic map of the HLA complex. MHC, major histocompatibility complex; TAP, trans- 
porter in antigen processing; LT, lymphotoxin; TNF, tumor necrosis factor. 





B. The class II loci are clustered at the 5’ end of the complex and code for either an 
or a B chain. 
1. Different o& and B gene products from a given region (eg, DP) can pair with 
one another to form heterodimeric products. 
2. Additional loci between the DP and DQ regions encode proteins that function 
in antigen presentation (see below). 
C. The closely linked genes of the MHC are inherited in a Mendelian fashion. 
1. The constellation of linked MHC genes on a given chromosome is called a 
haplotype (Table 7-3). 
2. Haplotype inheritance ensures that certain predictions can be made about HLA 
relationships within families (Figure 7—5). 
a. Assuming no genetic recombination has occurred, parents are always hap- 
loidentical with their children. 
b. Each child has a 75% chance of haploidentity with a sibling. 
c. Each child has a 25% chance of complete HLA identity with a sibling. 





Principal loci 


X E 


= B.-microglobulin 








HLA-A,B,C heterodimers 








Figure 7-4. HLA class | heterodimers. 
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containing related genes 


An open reading frame that encodes 
for an HLA peptide 


One of the alternative sequences 
at a locus 
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across the entire HLA complex on 
one chromosome 





D. Individuals inherit parental MHC genes in their germ line DNA. 
1. The specificity of an individual’s T cells is an inherited trait. 
2. The MHC loci do zot rearrange prior to expression (Table 7-2). 


E. MHC loci are expressed in a codominant fashion (Figure 7—2). 
1. All six allelic products of the HLA class I loci are expressed in the heterozygote. 

a. Each MHC class I heterodimer is expressed on all nucleated cells, except 
cells of the trophoblast. 

b. Any nucleated cell that expresses MHC class I molecules can present peptide 
antigens to CD8* T cells. 

c. Each MHC class II heterodimer is expressed on all dendritic cells, B cells, 
and macrophages. 

d. Any such cell can present peptide antigens to CD4* T cells. 


Father Mother 


A1, B2, DR4=- @ A3, B7, DRO= &@ 


A1, B12, DRS = (6) A7, B7, DR6= @ 


€o Ce bd 


Figure 7-5. Inheritance of HLA genes within a family. 
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F. The expression of MHC class II genes is coordinately controlled by tissue-specific 
transcription factors, including the class II transactivator (CIITA). 
1. Constitutive expression of MHC class II is seen in B cells, monocytes, 
macrophages, and dendritic cells (“professional antigen-presenting cells”). 
2. Several other cell types (eg, epithelial cells) can be induced to express class II 
molecules by inflammatory signals. 









COORDINATED EXPRESSION OF MHC CLASS II 


CLINICAL 
CORRELATION 


ZW 


* An autosomal recessive condition expressed in infants called bare lymphocyte syndrome (BLS) type 
2 is characterized by lymphopenia, diarrhea, and a variety of opportunistic infections. 


* These patients have significantly decreased numbers of blood CD4* T cells, and show decreased cellu- 
larity in their peripheral lymphoid tissues. 


* HLA-DP, DQ, and DR molecules are essentially absent from their tissues. 
* Inmany BLS type II patients, the expression of CIITA is defective. 


V. Two distinct pathways of antigen presentation ensure that foreign 
peptide antigens are presented by the proper MHC molecule to the 
appropriate T cell subset (Table 7—4 and Figure 7-6). 


A. Intracellular microbes (eg, viruses and intracellular bacteria) express protein anti- 
gens that are presented on class I molecules to CD8* T cells. 
1. Antigen presentation involves the degradation of these foreign proteins follow- 
ing their synthesis within the cytosol. 
2. The resulting peptides are directed to newly synthesized class I molecules in the 
endoplasmic reticulum. 


Table 7—4. Pathways of antigen processing and presentation." 


Source Essential Cellular 
Pathway of Antigen Components Typical Antigens Processed 


Endogenous MHC class | & chains Viral capsule proteins and 
B,-Microglobulin nucleoproteins 
Ubiquitin Proteins derived from 
Proteasome intracellular bacteria 
TAP-1,2 
Chaperones (calnexin, 
tapasin, calreticulin) 


Class Il Exogenous MHC class Il « and Proteins derived from 
B chains extracellular pathogens 


li chain Traditional protein vaccines 
CLIP 
HLA-DM 





“TAP, transporter associated with antigen processing; CLIP, class Il-associated invariant chain peptide. 


—— 
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Figure 7-6. Antigen processing by the class | and class II pathways. ER, endoplasmic reticulum; TAP, 
transporter associated with antigen processing; MHC, major histocompatibility complex; CLIP, class 


Il-associated invariant chain peptide. 
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3. 


These endogenous protein antigens are expressed on MHC class I and recog- 
nized by CD8* T cells. 


B. Extracellular microbes activate CD4* T cells by expressing antigenic peptides 
that are presented on MHC class II molecules. 


1. 
2. 
3. 
4. 


The uptake of these exogenous antigens can be accomplished by phagocytosis, 
endocytosis, or receptor-mediated endocytosis. 

Antigen processing and presentation require an intracellular pathway that de- 
grades proteins within an endosome. 

The resulting peptides are directed to an exocytic vesicle containing newly 
synthesized class II molecules. 

These exogenous protein epitopes are then presented by the class II molecules 


to CD4* T cells. 


C. Components of the class I (endogenous or cytosolic) antigen presentation 
pathway are dedicated to proteolysis, peptide sizing, peptide transport, and pro- 
tein targeting. 

1. The foreign protein antigen is first covalently attached to the small peptide 


ubiquitin via the €-amino group of lysine residues of the antigen molecule 


(Figure 7-6). 


. Ubiquitination targets the protein for degradation by the multicatalytic pro- 


teasome. 

a. The proteasome subunits LMP-2 and LMP-7, in part, determine substrate 
cleavage specificity. 

b. LMP-2 and LMP-7 are encoded by genes in the MHC (Figure 7-3). 

c. Peptides that leave the cylindrical proteasome vary in size and charge. 


. Peptides that will fit the binding groove of MHC class I molecules are trans- 


ported from the cytosol to the endoplasmic reticulum. 

a. The transporter associated with antigen processing (TAP) complex me- 
diates peptide transport across the ER membrane. 

b. TAP selects peptides of the appropriate length (9-11 amino acids) with hy- 
drophobic ends. 

c. The genes encoding the TAP complex, TAP-I and TAP-2, reside in the 
MHC (Figure 7-3). 


. Newly synthesized MHC class I o chains are present in the ER membrane as- 


sociated with Bj-microglobulin and the chaperone proteins calnexin, tapasin, 

and calreticulum. 

a. Chaperones direct the trafficking of MHC class I molecules to the TAP 
complex. 

b. Dissociation of the chaperones enables the loading of peptides into the 
MHC class I molecules. 


. The MHC class I-peptide complex is then directed to the membrane for ex- 


pression. 

a. The absence of B,-microglobulin precludes surface expression of MHC class 
I molecules. 

b. The absence of a peptide in the binding groove of MHC class I prevents its 
surface expression. 

c. Pathogenic intracellular microbes often block the class I pathway by inhibit- 
ing B,-microglobulin synthesis or TAP function. 


—— 
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6. In the absence of foreign antigenic peptides, MHC class I molecules are always 


loaded with se/f peptides. 









BARE LYMPHOCYTE SYNDROME TYPE 1 

* Mutations in either the TAP1 or TAP2 gene prevent the transport of cytosolic peptides into the ER and 
result in incomplete peptide loading. We) 

* Patients with these mutations do not express HLA-A, B, and C molecules on their nucleated cells, be- 
cause class | molecules cannot be expressed unless they are loaded with peptide. 

* These patients also fail to develop CD8* T cells due to a defect in positive selection in the thymus (Chap- 
ter 10). 

* The resulting immunodeficiency is not as severe as severe combined immunodeficiency (SCID), but can 
lead to opportunistic viral infections. 

* Patients with BLS type 1 generally show normal numbers of circulating lymphocytes due to the normal 
development of the CD4* T cell subset. 


D. Peptides presented by MHC class II molecules are generally derived from extracel- 
lular proteins that are taken up by antigen-presenting cells. 
1. Following uptake into an endocytic or phagocytic vesicle, the organelle be- 
comes increasingly acidic with time. 
2. Hydrolytic enzymes of the endolysosomes and phagolysosomes mediate prote- 
olysis of the antigen. 
3. These vesicles then fuse with exocytic vesicles containing newly synthesized 
MHC class II molecules. 
a. Newly synthesized class II molecules are associated with a chaperone mem- 
brane protein called the invariant chain (Ii) . 
b. Ii ensures proper folding and protects the binding groove of the class II het- 
erodimer. 
4, When the vesicles fuse, the li chain is degraded into a small peptide, called a 
class II-associated invariant chain peptide (CLIP). 
5. HLA-DM catalyzes the removal of CLIP and the binding of appropriately 
sized antigenic peptides. 
6. The loaded MHC class II molecule is then directed to the cell surface. 


VI. There are notable associations between specific HLA phenotypes and the 
susceptibility for certain diseases (Table 7-5). 


A. The relative risk of hereditary hemochromatosis is higher in individuals with the 
HLA-A3 + B14 haplotype than in the general population. 
1. Persons with this haplotype have an elevated incidence of mutations in a non- 
classical MHC class I molecule called HLA-H (also known as HFE). 
2. HLA-H appears to regulate the function of the transferrin receptor, thereby af- 
fecting the absorption of dietary iron in the stomach and small intestine. 
3. Thus, certain mutations in HLA-H result in a chronic systemic exposure to ex- 
cess iron resulting in hereditary hemochomatosis. 
B. HLA associations are particularly common among autoimmune diseases. 
1. HLA-B27 expression is associated with an increased relative risk of spondy- 


larthropathies. 
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Table 7-5. Disease associations with HLA phenotypes. 


Disease HLA Antigen or Haplotype Relative Risk 





a. Spondylarthropathies are characterized by inflammation of the joints and 
characteristic extraarticular tissues. 

b. Individuals expressing HLA-B27 have an increased relative risk of develop- 
ing the autoimmune conditions ankylosing spondylitis and Reiter’s syn- 
drome (Table 7-5). 

c. Relative risk is the prevalence of the disease in those carrying the HLA 
marker compared to the prevalence of the disease among the general popula- 
tion. 

d. A number of microbial antigens cross-react with HLA-B27-peptide com- 
plexes, suggesting an infectious etiology for these autoimmune diseases. 


CLINICAL PROBLEMS 


The HLA genetic system was used in a civil case to resolve a paternity suit. The case in- 
volved a woman who sued an acquaintance for child support for her newborn twins. The 
court ordered tissue typing (serological identification of the HLA markers; Chapter 17) of 
the mother, the two children, and the defendant. Partial results of the typing are shown 


below. 

Individual HLA-A Markers HLA-B Markers 
Mother I BI2 0 
Son tis Er SJ 
Daughter s | 290 
Defendant = 338 tsi 78 00 


1. Assuming there has been no recombination within the HLA complex, which haplotype 
did the son inherit from his mother? 


—— 
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A. HLA-Al + HLA-A2 
B. HLA-Al + HLA-B7 
C. HLA-Al + HLA-B8 
D. HLA-A3 + HLA-B7 
E. HLA-B8 + HLA-B7 


2. Assuming no recombination within the HLA complex, which haplotype did the 
daughter inherit from her mother? 


A. HLA-2 + HLA-B12 
B. HLA-2 + HLA-A5 
C. HLA-B12 + HLA-B9 
D. HLA-A2 + HLA-B9 
E, HLA-A5 + HLA-B12 


3. Which of the following is a paternal haplotype that could have been inherited by one of 
the children from the defendant? 


A. HLA-A3 + HLA-B7 
B. HLA-Al + HLA-B8 
C. HLA-A2 + HLA-B9 
D. HLA-A5 + HLA-B9 
E. HLA-Al + HLA-B7 
4, Based on these data alone, which of the following could be true? 
A. The son cannot be related to the defendant. 
B. The daughter cannot be related to the defendant. 
C. Neither child is related to the defendant. 
D. Both children could be related to the defendant. 
E. The two children have different fathers. 


Below is a pedigree showing the HLA phenotypes of the Smith family. This is the second 
marriage for both the father and the mother. 


5. Which of the five children shown here is most likely the child of a previous marriage 
involving the mother? 


Father Mother 
HLA-A1, A7 HLA-A5, A7 
HLA-B8, B12 HLA-B28, B32 


Daughter #1 Daughter #2 Son #1 Son #2 Son #3 


HLA-A1, A7 HLA-A1, A7 HLA-A1, A5 HLA-A1, A5 HLA-A1, A5 
HLA-B8, B32 HLA-B3, B32 HLA-B12, B28 HLA-B12, B28 HLA-B8, B28 
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James is a 13-year-old child in need of a kidney transplant. He is the third of 14 children 
all with the same parents. 


6. What are the chances that one of his siblings will be fully HLA compatible with James? 


A. There is almost no chance this will occur. 

B. 1 chance in 13 

C. 1 chance in 4 

D. 1 chance in 2 

E. All of his siblings would be HLA compatible. 





ANSWERS 


1. The correct answer is C. A haplotype is a group of linked genes (eg, HLA-Al + HLA- 
B8) on one chromosome. In this case, the maternal haplotype can be derived by noting 
that these are the only HLA antigens shared between the mother and the son. 


2. The correct answer is A. As with the son, these are the only HLA antigens shared with 
the mother. Thus, the son and daughter define the two maternal haplotypes, HLA-Al 
+ B8 and HLA-A2 + B12. 


3. The correct answer is A. If Al, B8, A2, and B12 are of maternal origin, then the re- 
maining HLA antigens were derived from the father. What is surprising in this case is 
that only the HLA-A3 + HLA-B7 haplotype is represented in the defendant’s type. 


4. The correct answers are B and E. Based on HLA typing it is safe to conclude that the 
daughter is not related to the defendant. Because these children are fraternal twins, it 
can only be concluded that the two children had different fathers. This is a case of ap- 
parent superfecundity, which occurs when two ova are produced during one ovulation 
cycle and become fertilized by sperm from two different fathers. 


5. The correct answer is daughter #2. Analysis of the pedigree indicates that the haplo- 
types of the father are Al + B8 and A7 + B12. The mother’s haplotypes are A7 + B32 
and A5 + B28. Daughter #2 bears the maternal haplotype A7 + B32, but the paternal 
haplotype does not correspond to those of the father. Therefore, the child must be 
from a previous marriage. 


6. The correct answer is C. Based on Medelian inheritance in a codominant system, there 
is a 25% chance of full haplotype identity between siblings, assuming no recombina- 
tions or mutations. 
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I. Complement is a primitive immune effector and amplification system 
consisting of more than two dozen serum proteins. 


A. Complement components are designated by a “C” followed by a number (eg, C1) 
or the word “Factor” followed by an upper case letter (eg, Factor B). 


B. The biological functions of complement include cell membrane lysis, opsoniza- 
tion, activation of inflammatory responses, clearance of immune complexes, and 
B cell activation. 
1. Many of the biological activities are mediated by cell surface complement re- 
ceptors. 
2. The complement system can be activated during either innate or adaptive im- 
mune responses. 


C. Complement system proteins become enzymatically or biologically active when 
they are cleaved, form multimers, or bind to other biomolecules. 


II. The complement system can be activated by three different pathways 
(Table 8-1). 


A. In each pathway, complement is activated by the recognition of molecular pat- 
terns, on either antibody molecules or microbial components. 


B. All three activation pathways share a set of core elements that includes C3, C5, 

and the so-called terminal components C6—C9 (Figure 8-1). 

1. Initiation of each of the pathways requires recruitment or assembly of a serine 
protease. 

2. The critical second step is the cleavage of C3 by C3 convertase to form the 
peptide fragments C3a + C3b. 

3. Then C5 is cleaved by a C5 convertase. 

4, Amplification at each step results from the cleavage of multiple substrate mol- 
ecules by these two convertases. 


C. The three pathways can be distinguished by their processes of initiation, their 
unique components, their unique functions, and the manner by which they are 
regulated (Table 8-1). 

D. The classical pathway of complement activation is initiated by antigen—anti- 
body complexes. 

1. Only immunoglobulin (Ig) M and IgG antibodies participate in classical path- 
way activation. 


91 
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Table 8-|. Three pathways of complement activation.* 


Property Classical Pathway Lectin Pathway Alternative Pathway 


IgG- or IgM-containing Microbial mannose 
immune complexes residues 


Factor B, Factor D, Factor P, 
Factor H 


Innate immunity; positive 
feedback amplification; 
C3 tickover function 


Unique regulators Cl Inh Factor H 





“lg, immunoglobulin; MBL, mannose-binding lectin, MASP, MBL-associated serine protease; CI Inh, Cl inhibitor. 


2. Activation begins with the binding of the Clq peptide to the Cj; domains of 1 
and Y heavy chains (Figure 8-2). 
a. Clq is a hexamer that cross-links two adjacent binding sites located on the 
Cy domains of t or Y Ig heavy chains. 
b. IgM antibodies are more efficient than IgG antibodies in binding Clq, be- 
cause the pentameric nature of IgM ensures that two Cy; domains will be in 
close proximity to one another. 





| ; 1 


ajor 
© amplification ) C3b C5 C5b 
step 


Cas ee ee eee 


C3 convertase C5 convertase 


Classical Alternative Lectin 
pathway pathway pathway 


Membrane 
attack complex 


Figure 8-|. The core elements shared by the three pathways of complement acti- 
vation. 
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C3b or 
C3 (H,0) 


Factor @) | 
MBL-MASP © LD C3bB 


Factor D b 


@) 


C4b2a 


Classical pathway Lectin pathway 


Figure 8-2. The initiation steps in the three pathways of complement activation. 
MBL—MASP, mannose-binding lectin-MBL-associated serine protease. 





3. Once bound, Clq recruits two copies each of Clr and Cls to form an active 
enzyme. 

4, The Clqr s, complex can cleave C4 to yield peptides C4a and C4b.' 

5. Clqrysy then cleaves C2 to yield the C2a + C2b peptides. 
a. C2a binds to C4b to produce C4b2a, the classical C3 convertase. 
b. This enzyme complex can cleave C3 to yield C3a + C3b. 

6. Multiple copies of peptides are produced at each cleavage step. 









HEREDITARY ANGIOEDEMA 
* Hereditary angioedema is a autosomal dominant trait characterized by acute, nonpainful, nonpru- 
ritic, and nonerythematous swelling of the skin and mucous membranes. Le 
* Edema of the bowel wall can be painful, and laryngeal swelling is potentially life-threatening due to 
asphyxiation. 
The genetic defect is a decrease or absence of the complement regulatory protein, C1 Inhibitor (C1 
Inh), that regulates C1qrzs,, Hageman factor, kallikrein, and plasmin. 
* Unabated complement activation through the classical pathway appears to contribute to the acute 
angioedema, although the precise biochemical mediator has not been defined. 


E. The lectin pathway of complement activation shares properties and compo- 
nents with the classical pathway (Figure 8-2). 


"A common convention in the complement field is the use of an overbar to designate enzymati- 
cally active complement components or complexes (eg, C1qm85 or C4b2a). For simplicity, this 
convention has been omitted here. 





—— 
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1. Activation is initiated by the binding of mannose-binding lectin (MBL) to 
microbial carbohydrate residues. 
a. MBL is another name for mannose-binding protein (Chapter 1). 
b. MBL recruits and binds MBL-associated serine protease (MASP), an en- 
zyme with substrate specificity similar to that of Cl qrys). 
2. MASP cleaves C4 and C2 to form the lectin pathway C3 convertase, C4b2a. 


F. The alternative pathway of complement activation is initiated by at least three 
different mechanisms (Figure 8-2). 
1. Highly charged microbial surface patterns, including polysaccharides, can bind 
C3 


2. In fluid phase, C3 can spontaneously hydrolyze with water to form an interme- 
diate designated C3(H,O). 

. The C3b peptide, derived from the classical or lectin pathways, can activate the 
alternative pathway directly. 

. Bound C3, C3(H,O), or C3b then binds Factor B. 

. Bound B is then cleaved by the constitutively active enzyme Factor D to pro- 
duce Ba + Bb. 

. C3Bb, C3(H,O)Bb, and C3bBb are the alternative pathway C3 convertases. 
a. Whereas C3(H,O)Bb is unstable, the other two complexes are relatively sta- 

ble. 

b. C3bBb can be further stabilized by binding Factor P. 

7. The ability of the alternative pathway C3 convertases to generate more C3b 

constitutes a feedback amplification loop (Figure 8-3). 


Any C3b 
source 


C3b 


B 
Factor D 
Ba 


C3bBb) (C3 convertase) 


Nn Wer & 


} C3b 
C3a 


Figure 8-3. The positive feedback amplification loop of the alternative pathway. 
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8. Another unique feature of the alternative pathway is called C3 tickover. 
a. C3 constantly interacts with H,O in fluid phase to form C3(H,O), an ini- 
tiator of alternative pathway activation. 
b. However, the C3(H,O) intermediate is very unstable. 


G. The peptides C3b and C4b can establish stable sites for further complement acti- 
vation by covalently binding to appropriate surfaces. 
1. C3b and C4b contain internal thioester bonds that can be rearranged to form 
ester or amide linkages with biomolecules. 
2. These sites also provide covalently attached ligands for complement receptors. 


III. The terminal steps in complement activation are shared by the three 
pathways. 


A. C3 convertases are converted to C5 convertases by the binding of C3b (Table 
8-1). 
B. The C5 convertases cleave C5 generating C5a + C5b. 
1. C5a is a biologically active peptide that mediates chemotaxis and mast cell acti- 
vation (see below). 
2. C5b is the first component of the membrane attack complex (MAC) (Figure 
8-4). 
a. The assembly of the MAC does not require proteolysis. 
b. The assembled C5b678 complex can intercalate into the lipid membranes of 
both microbial and host cells. 
c. The C5b678 complex recruits multiple copies of C9 to form a stable mem- 
brane pore. 
d. Membrane disruption and rapid cell lysis result. 


IV. The activation of complement is controlled at several levels (Table 8-2). 


A. Some regulatory elements inhibit the formation of or dissociate active enzyme 
complexes. 
1. Many such inhibitors (eg, C1 Inh and C4b-BP) block early pathway initiation. 
2. Other inhibitors prevent the inadvertent lysis of host cells. 
3. Components, such as HRF, CD59, or decay accelerating factor (DAF), are 
species specific and block complement activation on host, but not microbial, 
membranes. 


Poly-C9 


Q @ 
J @ 


C5b67 
Membrane attack complex 


Figure 8-4. Terminal steps in complement activation. 
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Table 8-2. Regulation of the complement system. 


Regulator 


C4b-binding 
protein (C4bBP) 


accelerating 
factor (DAF) 


Anaphylatoxin 
inhibitor (Al) 


Hemologous 
restriction 
factor (HRF) 





Pathway Affected Mechanism of Action 


A serine protease inhibitor that dissociates 
Cl rps, from Clq 


Prevents formation of the classical and lectin 
pathway C3 convertase by blocking binding of 
C4b to C2a 


Prevents formation of C3 convertases by 
blocking the binding of C3b to Factor B or 
the binding of C4b to C2a 


Accelerates the decay of the C3 convertases 
C4b2a and C3bBb 


Cleaves C3b and C4b to produce iC3b and 
iC4b, respectively 


Cleaves and inactivates the anaphylatoxins 
C3a, C4a, and C5a 


Prevents membrane insertion of the C5b67 
complex 


Prevents binding of poly-C9 to the C5b678 
complex 


B. Several regulatory factors inactivate biologically active complement peptides by 


proteolysis. 


1. Anaphylatoxin inhibitor (AI) cleaves the terminal arginine residues of pep- 
tides C3a, C4a, and C5a, rendering them inactive. 
2. Factor I cleaves C3b and C4b, destroying their ability to form C3 convertases. 


C. Some factors (eg, S protein) prevent membrane attack by blocking the assembly 


of a mature MAC. 


TRANSGENIC PIGS, MEMBRANE ATTACK, AND XENOTRANSPLANTATION 


* The worldwide shortage of organs suitable for clinical transplantation has stimulated research on the 
transplantation of organs between species (xenotransplantation). 


CLINICAL 
CORRELATION 






—— 
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* The early rejection of xenografts, including pig grafts in human beings, appears to be mediated by nat- 
ural human antibodies and complement. 

* The membranes of pig cells appear to be particularly susceptible to membrane attack, because their 
complement regulatory proteins do not inhibit human complement components (eg, C3 convertases 
and MAC). 

* Anovel approach to this dilemma has been to create transgenic pigs expressing human complement 
regulatory proteins (eg, DAF). 

+ If successful, these animals could be developed as a source of organs for clinical transplantation. 


V. The biological activities of the complement system depend on the action 
of its peptides and assembled complexes (Table 8-3). 


A. Membrane damage is caused by the assembly of the MAC in a lipid bilayer. 

1. This is an important mechanism of host cell lysis in transfusion reactions, 
transplantation rejection, and autoimmunity. 

2. The MAC can lyse the exposed outer membranes of Gram-negative bacteria. 

3. Membrane damage caused by MAC is similar to that caused by perforin pro- 
duced by cytotoxic T cells (Chapter 6). 
a. Poly-C9 and poly-perforin produce membrane pores. 
b. Perforin and C9 show considerable amino acid sequence homology. 









FACTOR | DEFICIENCY 


* Because Factor | destroys C3 convertases by cleaving C3b and C4b, it regulates complement activation 
at a key amplification step. 
* The importance of Factor I in this regard is illustrated by individuals with hereditary Factor | deficiency. 


CLINICAL 
CORRELATION 


Table 8-3. Summary of important complement components and complexes." 


Classical Pathway 


Enzymatic MBL-MASP Factor D 
components C4b2a C3bBb 
C4b2a3b C3bBb3b 


Biologically active 
peptides or 
complexes 


Important Factor P 
regulatory C4b-BP Factor | Factor | 
components Factor | Factor H 





*MBL-MASP, mannose-binding lectin-MBL-associated serine proteases; Cl Inh, Cl inhibitor; C4b-BP, 
C4b binding protein. 


—— 
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* These patients suffer from recurrent pyogenic infections, including meningococcal meningitis. 


* The treatment of these patients with recombinant Factor | provides some relief during acute infections, 
but its long-term clinical effectiveness is unknown. 


B. Many complement peptides exert their biological effects through cell surface com- 


ay a receptors (CR) (Table 8-4). 


4, 
5. 


1. Complement receptor 1 (CR1) mediates the clearance of circulating immune 


complexes that bear C3b or C4b. 

a. Erythrocytes bear the highest densities of CR1 and mediate the greatest 
share of immune complex clearance. 

b. The complexes are delivered to the liver, where they are taken up by Kupffer 
cells. 


. CR2 mediates B cell coactivation when C3d-coated antigens cross-link CR2 


and BCR (Figure 8-5). 


. The opsonic activity of C3b, iC3b, C4b, and iC4b is due to the binding of 


particles coated with these peptides to CR1, CR3, and CR4. 

The C3a/4a receptor (CR3a/4aR) mediates mast cell degranulation (Chapter 
13). 

C5aR is a G protein-coupled seven transmembrane chemotactic receptor that 
mediates the chemoattraction of neutrophils. 


C. Microbes have developed elaborate mechanisms of immune evasion by targeting 
the complement system and diminishing its biological activities. 


1. 


Herpes simplex virus produces a glycoprotein (C) that promotes C3 decay. 


Table 8-4. Complement receptors. 


Complement Cell Expressing Principal Biological 
Receptor Ligands the Receptor Activities 





Erythrocytes, Clearance of immune 
phagocytic cells complexes 


C3b, iC3b i Immune complex binding, 
C4b, iC4b opsonophagocytosis, cell 
adhesion 


Immune complex binding, 
opsonophagocytosis, cell 
adhesion 


Degranulation leading to 
inflammatory mediator release 


Neutrophils Chemotaxis 
Mast cells Degranulation and mediator 
release 
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| ] PI3-kinase 











Figure 8-5. Signaling through the B cell coreceptor by binding C3d. lg, im- 
munoglobulin; Pl3-kinase, phosphatidylinositol-3-kinase. 








2. The long, branching polysaccharide chains of bacterial surface lipopolysaccha- 
rides are thought to direct complement activation away from the outer lipid 
membrane (Figure 1-3). 

3. Pseudomonas aeruginosa produces a protease that cleaves C3b. 


VI. Complement plays a central role in the pathogenesis of human disease. 


A. Serum complement levels can be markedly decreased in immune complex dis- 

eases. 

1. The circulating levels of C1, C2, C3, and C4 decline when immune complexes 
containing IgM or IgG antibodies activate the classical pathway. 
a. Total complement activity is measured in complement hemolytic 50% 

(CH, 9) units. 

b. Standard CH<, assays measure the activity of the classical pathway. 

2. Regularly measuring total serum complement can be an effective means of 
monitoring the therapy of immune complex diseases. 


B. C3b often deposits within tissues and induces inflammation (Chapter 13). 


C. Primary deficiencies of complement components cause inflammatory and infec- 
tious diseases. 
1. Inherited deficiencies (generally autosomal recessive) of most of the individual 
complement components have been described. 


—— 
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2. Deficiencies of the early classical and alternative pathways (eg, C1, C2, C4, and 
Factor B) are most often associated with an increased risk of bacterial infections. 

3. The absence of C9 has only a minimum effect on infection rates. 

4, Patients with congenital deficiencies of C5, C6, C7, or C8 have an increased 
risk of disseminated Neisseria infections (eg, meningitis). 

5. These observations would suggest that complement-dependent lysis of bacteria 
is /ess important to the host than is its role in the chemotaxis and opsonophago- 
cytosis by neutrophils. 


D. Paroxysmal nocturnal hemoglobinuria (PNH) is a condition characterized by 
episodes of intravascular hemolysis and hemoglobinuria. 
1. Patients’ erythrocytes are particularly sensitive to complement-mediated lysis. 
2. PNH patients lack the GPI-linked membrane proteins DAF and CD59. 

a. Membrane C3 convertases are not well controlled, resulting in the deposi- 
tion of C3b (Table 8-2). 

b. Assembly of the MAC is also not regulated at the cell membrane. 

E. Leukocyte adhesion defect type 1 (LAD-1) is a deficiency in the expression of 
complement receptors CR3 and CR4. 
1. LAD-1 involves a mutation in the B, integrin CD18 (Table 8-5). 
2. CD18 normally forms heterodimers with CD11a, CD11b, or CD11c. 

a. The CD1la—CD18 dimer is the adhesion molecule LFA-1, which facilitates 
neutrophil binding to endothelial cells and leukocyte emigration from the 
blood. 

b. The CD11b—CD18 and CD11c-CD18 dimers are CR3 and CR4, respec- 
tively, which are adhesion and opsonic receptors on phagocytic cells. 

3. LAD-1 patients suffer from recurrent pyogenic infections. 


COMPLEMENT DEFICIENCIES AND AUTOIMMUNITY 


* Patients with deficiencies of the early classical pathway components (eg, C2 and C4) have an increased 
incidence of autoimmune disorders, especially lupus-like nephritis. 


* This may reflect their inability to clear immune complexes that contain C3b generated by the classical 
pathway. 


* Conversely, patients with immune complex-mediated autoimmunity often show depressed levels of 
C1, C2, C3, and C4 during acute attacks. 


* C1qr.5z, C4b, C2a, and C3b are removed from the circulation when immune complexes are cleared by 
CR1-expressing erythrocytes. 


Table 8-5. Leukocyte adhesion defect type |.* 


CD18 Heterodimeric Partner Receptor Formed Receptor Ligands 


iC3b, iC4b 





*LFA-1, lymphocyte function-associated antigen-|; |CAM-I, intercellular adhesion molecule |. 
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CLINICAL PROBLEMS 


A patient presents with recurrent joint pain and renal insufficiency, which is associated 
with immune complex deposition in these organs. It is determined that the patient does 
not clear IgG-containing immune complexes from the circulation at a normal rate. 


1. A defect in which of the following complement receptors would most contribute to this 
latter finding? 


A. CRI 
B. CR2 
C. CR3 
D. CR4 


E. CRS 
Mary is a 2-year-old child with a history of recurrent upper respiratory tract infections. 
She has normal serum Ig levels for her age, and her complete blood count (CBC) and tests 
for neutrophil functions are normal. The total complement activity of her serum is normal 


in terms of supporting the lysis of antibody-coated erythrocytes. However, her serum com- 
plement is not activated by bacterial lipopolysaccharide (LPS). 


2. Which of the following primary deficiencies of the complement system would be most 
consistent with these findings? 


A. C2 deficiency 

B. Factor D deficiency 
C. MBL deficiency 

D. Cl Inh deficiency 
E. DAF deficiency 


A 4-year-old child is referred to you with a diagnosis of leukocyte adhesion defect. She has 
a history of recurrent bacterial infections, including pneumonias and skin abscesses. Radi- 
ology demonstrates granuloma-like lesions in her lung and liver. However, the data in the 
table below suggest this condition has not been properly diagnosed. 


3. Which element of the table is inconsistent with a diagnosis of LAD? 


CD Marker Patient (%) Normal Range (%) 
CD2 76 75-93 
CD3 75 60-85 
CD4 52 30-65 
CD8 26 20-52 
CDI la 65 62-85 
CD18 73 70-86 
CDI9 12 7-17 
CD45 52 44-62 
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A. CD2 
B. CD3 
C.CBY9 
D. CD11la 
E. CD45 
A pediatric patient presents with recurrent staphylococcal infections (pneumonias, sinusi- 


tis, and otitis media). Because many of her immune parameters are normal, you hypothe- 
size that she has a defect in her complement system. 


4. For which of the following complement components or receptors would a deficiency 
produce this pattern of recurrent infections? 


A. C2 
B. C6 
C. G8 
D. CR1 
E, CD59 
A patient with the immune complex autoimmune disease systemic lupus erythematosus 


(SLE) is experiencing significant symptoms, including a worsening of her skin rash and ev- 
idence of impaired renal function. 


5. If you were to test her serum complement levels during this acute phase of disease, 
which of the following would be most consistent with a worsening clinical course? 


A. A decline in C9 levels 

B. A decline in C3 and C4 levels 
C. An increase in Factor P levels 
D. An increase in Cl Inh levels 
E. A decline in C7 levels 


ANSWERS 


1. The correct answer is A. Complement receptor CR1 is responsible for clearing immune 
complexes from the circulation by binding to C3b or iC3b. While CR3 and CR3 show 
the same ligand specificity, the substantially larger number of CR1 receptors expressed 
by numerous erythrocytes in the blood make this receptor the primary vehicle of im- 
mune complex clearance. 


2. The correct answer is B. Of the choices, only Factor D is unique to the alternative 
pathway of complement, which is activated by bacterial LPS. A deficiency of Factor D 
prevents cleavage of Factor B, which is essential for producing the alternative pathway 
C3 convertase. 


—p— 
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3. The correct answer is D. This patient appears to express normal levels of all of the CD 
markers shown here. This would mor be expected of a patient with LAD type 1. Such 
patients lack CD18, which impairs the expression of CD11a, CD11b, and CD1 1c. 


4, The correct answer is A. Of the components listed, only deficiencies in C2, C6, and C8 
result in an increased susceptibility to bacterial infections. With C6 and C8, the 
pathogens are members of the Neisseria genus and certain other gram-negative bacteria. 
Defects in early classical components, such as C2, result in recurrent pyogenic infec- 
tions by gram-positive bacteria, such as staphylococci. 


5. The correct answer is B. Lupus is an autoimmune disease in which complement is 
activated by IgG autoantibodies via the classical pathway. This can lead to an acute de- 
pletion in the early classical components, such as C1, C2, C3, and C4. The concentra- 
tions of the terminal components are affected much less. 
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I. The development of a diverse, self-tolerant population of antigen-specific 
B cells is central to creating an adaptive immune system. 


A. The initial events of lymphopoiesis occur in the fetal liver and bone marrow and 
do not require exposure to foreign antigens. 


1. 


2. 


Hematopoietic stem cells (HSC), which express CD34, are pluripotent and 
can become any of the blood cell lineages (eg, erythroid, lymphoid, myeloid). 
Lineage commitment is determined by the hematopoietic inductive microen- 
vironment, which includes stromal cell ligands and growth factors (Chapter 
12). 


. Interleukin-7 (IL-7) is an important growth factor for B and T lymphocyte 


development. 


. Lymphocyte lineage commitment is indicated by the formation of the lym- 


phoid progenitor cell. 


. Commitment to the B lymphocyte lineage occurs at the progenitor B (pro-B) 


cell stage (Table 9-1). 

a. Most pro-B cells express CD19 as do all subsequent cells of the B cell lin- 
eage. 

b. Recombination activating genes 1 and 2 (Ragl, Rag2) and terminal de- 
oxynucleotidyltransferase (TdT) are expressed in preparation for im- 
munoglobulin (Ig) locus rearrangements. 

c. The Ig H chain locus is rearranged by VDJ recombination, but H chain 
polypeptides are not expressed. 


. The pro-B cell differentiates into a precursor-B (pre-B) cell, which expresses a 


pre-B cell receptor (BCR). 

a. The pre-BCR consists of a membrane Lt chain, an invariant surrogate L 
chain, and Iga and IgB polypeptides. 

b. Signaling through the pre-BCR induces allelic exclusion at the Ig H locus 
and rearrangement of the K locus. 


. The pre-B cell differentiates into an immature B cell expressing an authentic 


BCR. 

a. The BCR complex consists of membrane | chains, « or A light chains, and 
the Igo and Igfs polypeptides. 

b. Immature B cells exit the bone marrow and complete their differentiation 
into mature B cells in the periphery. 

c. Most immature B cells die in the periphery unless they encounter antigen. 
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Table 9-|. Stages of antigen-independent B cell differentiation." 


HSC Pro-B Pre-B Immature B- Mature B 


Negative selection 





“HSC, hematopoietic stem cells; lg, immunoglobulin; Rag!, Rag2, recombination activating genes | and 
2; Tdt, terminal deoxynucleotidyltransferase; Btk, Bruton’s tyrosine kinase. 


8. Mature B cells express two forms of the BCR, membrane IgM and membrane 

IgD (Chapter 4). 

a. B-1 B cells are among the first peripheral B cells and are found predomi- 
nantly in the peritoneal and pleural cavities. 

b. B-1 B cells produce natural antibodies thought to be induced by microbial 
flora. 

c. B-1 B cells have a limited BCR repertoire. 
(D Most B-1 B cells produce low-affinity IgM antibodies specific for poly- 

saccharide antigens. 

(2) The BCRs of B-1 B cells contain relatively conserved V regions. 


B. Selection occurs at several differentiation checkpoints and determines the periph- 
eral B cell repertoire. 
1. Positive selection rescues bone marrow B cells from apoptosis (“death by ne- 
glect”) (Table 9-2). 
a. Positive selection occurs at the pre-B and immature B cell stages. 
b. Selection requires signaling through the pre-BCR or BCR. 
c. The pre-BCR signals differentiation to the immature B cell stage and the 
BCR promotes differentiation into mature B cells. 
d. Positive selection through the BCR probably involves low affinity binding 
to self-ligands. 


—— 
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Table 9-2. Positive and negative selection of developing B cells.’ 
Positive Selection Negative Selection 


Stage of B cell Pre-B cell 
development Immature B cell 


Events triggered Allelic exclusion of Apoptosis 


by selection H locus BCR editing 
Proliferation of pre-B Secondary « locus 
cells rearrangement 
« locus rearrangement 


Outcome Advancement to immature Elimination of 
B cell stage autoreactive B cell 
clones 
Monoclonal expression Replacement of 
of uw chain autoreactive BCRs 
BCR expression 





*BCR, B cell receptor. 


X-LINKED AGAMMAGLOBULINEMIA 









CLINICAL 
* X-linked agammaglobulinemia (XLA) is a congenital immune deficiency characterized by the lack of 
peripheral B cells. We) 
* Agammaglobulinemia becomes apparent only after maternal IgG disappears during the first year of 
life. 
* XLA patients have a mutation in the gene coding for Bruton’s tyrosine kinase (Btk). 
* Btk is first required for signaling by the pre-BCR at the pre-B cell stage and mediates positive selection. 
* A similar phenotype exists in patients with H locus deletions that prevent functional chain synthesis 
and pre-BCR expression. 


2. Negative selection mediates removal of autoreactive B cell clones. 
a. Negative selection establishes self-tolerance. 
b. Negative selection occurs at the immature B cell stage and is mediated by 
high-affinity BCR binding of self antigens. 
c. Negative selection can signal either apoptosis or anergy within B cells. 
d. Negative selection can stimulate BCR editing. 
(1) The cell undergoes a second light chain locus rearrangement. 


—— 
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(2) The second rearrangement replaces the L chain of the self-reactive BCR. 
(3) The B cell undergoes another round of selection based on its new BCR. 


II. In the periphery, antigen induces further differentiation of mature B cells 
into antibody-producing plasma cells and memory cells. 


A. Antigen enters the spleen, lymph nodes, and submucosal lymphoid follicles via 
the blood, the lymph, or by transport across the mucosal epithelium, respectively. 


B. A single antigen-reactive B cell can give rise to thousands of daughter cells 
through 10—-12 cell doublings. 


C. Activated B cells differentiate into sessile plasma cells that live for only a few days. 
1. Differential RNA processing ensures that plasma cells synthesize secreted, 
rather than membrane, Igs (Chapter 4). 
2. The progeny of a single B cell can synthesize up to 10'” antibody molecules. 


D. Antigen-specific, long-lived memory B cells also arise during B cell clonal expan- 

sion in lymph node germinal centers. 

1. Follicular dendritic cells promote memory B cell development by retaining 
antigens over long periods of time. 

2. Germinal center development is T cell dependent. 

3. Memory B cells undergo Ig isotype switching. 

4, Memory B cells mediate secondary responses characterized by the following: 
a. A requirement for less antigen to induce the response. 
b. A shorter lag period before antibody is detected. 
c. Higher average affinity of the antibodies produced. 
d. The presence of additional Ig isotypes. 


E. Affinity maturation accompanies memory B cell development. 
1. Affinity maturation is an increase in the average affinity of an antibody re- 
sponse over time. 
2. Affinity maturation is T cell dependent. 
3. Affinity maturation requires somatic hypermutation of Ig V region genes. 
a. Proliferating B cell clones bear mutations in the complementarity determin- 
ing regions of their BCRs. 
b. The average affinities of the antibodies these cells produce increase by 10- to 
100-fold. 
c. Cells that express mutated, high-affinity BCRs are positively selected by 
antigen for additional cycles of proliferation. 


III. Antigen-induced activation of B cells is mediated through the BCR, 
coreceptors, and cytokine receptors (Figure 9-1). 
A. The BCRs on mature naive B cells are membrane IgM and IgD. 
B. Memory B cells utilize membrane IgG, IgA, or IgE as their BCRs. 


C. Each of these BCRs signals through Iga and Ig and intermediates that are simi- 
lar to those used by the T cell receptor (TCR) (Chapter 6) (Table 9-3). 


D. Signaling is initiated by clustering of the BCR complex. 
1. Polyvalent antigens with repeating identical determinants can activate B cells 
without coreceptor signals. 


2. Most native protein antigens contain univalent epitopes that do not mediate 
BCR cross-linking. 


—— 
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Figure 9-|. Cooperative signaling for B cell activation by antigen. Ag, antigen; 
BCR, B cell receptor; TCR, T cell receptor; MHC, major histocompatibility com- 
plex; IL, interleukin. 
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Table 9-3. Analogous components of the TCR and BCR signaling pathways.* 


Signaling Event 
or Intermediate TCR Associated BCR Associated 


Clustering of receptors TCRop or TCRYS 
in the membrane with CD3 peptides 


Phosphorylation Phosphorylation of Phosphorylation of 
of ITAMs CD3 ITAMs by Lck Iga and IgB ITAMs 
by Src kinases 


Effector kinase 
recruitment and 
activation 


Phospholipase 
activation 


Ca2* mobilization Ca?* mobilization 
PKC activation PKC activation 


PKC activation of 
i<B kinase 


Rac, Ras activation 
of MAP kinases phosphorylation phosphorylation 


Effects 


Concentrate subsequent 
signaling mediators 


Binding sites for 
downstream adaptor 
proteins and kinases 


Phosphorylates down- 
stream adapters and 
kinases 


Transcriptional activation 
through NFAT 


Transcriptional activation 
through NF«B 


Transcriptional activation 
through NF«B 
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*TCR, T cell receptor; BCR, B cell receptor; Ig, immunoglobulin; ITAM, immunotyrosine activation motif; ZAP-70, C-as- 


sociated protein-70 kDa; PLC, phospholipase C; PIP2, phosphatidylinositol 4,5-biphosphate; IP3, inositol triphosphate; 


DAG, diacylglycerol; PKC, protein kinase C; MAP, mitogen-activated protein. 


3. Igo and Ig transmit BCR signals across the cell membrane. 


a. The cytoplasmic domains of Iga and IgB contain immunotyrosine activa- 


tion motifs (ITAM) (Figure 9-2). 


b. Src family kinases phosphorylate ITAM tyrosine residues. 


4, The tyrosine kinase Syk is recruited to the phosphorylated ITAMs, becomes 
phosphorylated, and phosphorylates downstream adapter proteins (eg, BLNK) 


and latent kinases. 


a. Btk kinase is recruited to BLNK and activates phospholipase Cy (PLCy). 
(1) PLCy hydrolyzes the membrane phospholipid phosphatidylinositol 4,5- 
biphosphate (PIP) to form inositol triphosphate (IP3) and diacylglycerol 


(DAG). 


(2) IP mobilizes intracellular Ca’* and activates calcineurin. 


(3) Calcineurin activates the transcription factor NFAT by dephosphoryla- 


tion. 


—— 
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PLCy activation GTP/GDP exchange 
on Ras, Rac 
Increased cytosolic Ca2* Diacylglycerol (DAG) RaseGTP RaceGTP 


Ca?*-dependent enzymes ERK, JNK 








Figure 9-2. B cell receptor (BCR) signaling. PLC, phospholipase C; GTP, 
guanosine triphosphate; GDP, guanosine diphosphate; PKC, protein kinase C. 





(4) Protein kinase C is activated by DAG, which indirectly induces the 
degradation of IB, the inhibitor of NF«KB. 
(5) The transcription factor NFKB is activated. 
b. The guanosine triphosphate/guanosine diphosphate (GTP/GDP) exchange 
proteins Rac and Ras are activated. 
(1) Rac and Ras activate mitogen-activated protein (MAP) family kinases. 
(2) The MAP kinases activate the AP-1 family of transcription factors (eg, 
Fos and Jun) by phosphorylation. 
5. NFAT, NF«B, and AP-1 translocate to the nucleus and initiate gene transcrip- 
tion by binding to their respective enhancers. 
6. The transcription of Ig, coreceptor, and cytokine receptor genes is initiated or 
increased. 


E. Coreceptors enhance signals delivered through the BCR (Table 9-4). 
1. Contact with T helper cells is required for coreceptor signaling. 


—— 
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Table 9-4. Important receptors and coreceptors on B cells.* 


Receptor or Coreceptor Ligand Biological Response 


Positive selection of pre-B cells 
Self antigens Positive and negative selection of 
immature B cells 
Foreign antigens _—_ Activation of peripheral mature 
B cells 


Coactivation of mature B cells 
Enhancement of BCR signaling 


Coactivation of mature B cells 
Enhancement of BCR signaling 


Differentiation of cycling B cells 
Increased Ig synthesis 


Chemotaxis of germinal center 
B cells 





“BCR, B cell receptor; IL, interleukin; |g, immunoglobulin. 


a. The chemokine CCL7 mediates chemoattraction of B cells to the outer edge 
of germinal centers where they bind Th cells. 

b. Contact-dependent signaling is promoted by major histocompatibility 
complex (MHC) class II, on B cells, which is bound by the TCR. 

c. T cell contact-dependent signaling promotes B cell proliferation, increases 
MHC class II expression, induces coreceptor, cytokine receptor, and 
chemokine receptor expression, promotes affinity maturation, and in- 
duces Ig class switching. 

2. CD154 (CD40 ligand or CD40L) on CD4* Th cells coactivates B cells by 
binding to CD40. 

a. CD40 signals B cells to switch Ig class by H chain gene locus rearrange- 
ment. 

b. Mutations in the CD154 gene can block T cell-induced Ig class switching in 
B cells (hyper-IgM syndrome type 1). 

3. Complement activation during innate and adaptive immune responses can 

generate the B cell coreceptor ligand C3d (Figure 8-5). 

a. C3d can covalently bind to antigens. 

b. C3d-antigen complexes cross-link the BCR with CR2, which is composed 
of the CD19 and CD21 peptides. 
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c. Src kinases associated with CR2 promote BCR signaling through phospho- 
rylation. 









SWITCH RECOMBINASE DEFICIENCY 
* Ig class switching involves a DNA recombination event mediated by the recombinase activation-in- 
duced cytidine deaminase (AID). We) 
* Mutations in the AID gene have been described and result in impaired antigen-induced isotype switch- 
ing, somatic hypermutation in B cells, and affinity maturation of the antibody response. 
* The resulting phenotype, designated hyper-IgM syndrome type 2, resembles the X-linked CD154 defi- 
ciency known as hyper-IgM syndrome type 1. 


F. Cytokines produced by T helper cells promote B cell activation. 
1, Interleukin (IL)-2, IL-4, and IL-5 promote B cell proliferation. 
2. IL-6 enhances the differentiation of activated B cells into antibody-producing 
plasma cells. 
3. IL-2, IL-4, and IL-6 promote antibody synthesis by activated B cells and 
plasma cells. 
4, Several cytokines promote Ig class switching. 
a. Switch cytokines promote specific switch recombinase interactions with 
specific switch sites within the Ig H gene locus (Chapter 4). 
b. IL-4 and IL-13 promote switching to IgE. 
c. Interferon (IFN)-Y promotes switching to IgG, and IgG;. 
d. IL-5 and transforming growth factor-$ (T'GF-f) induce switching to IgA. 









ANTICYTOKINE THERAPIES FOR CONTROLLING B CELL ACTIVATION 


CLINICAL 
CORRELATION 


* Monoclonal antibodies capable of neutralizing cytokines or blocking their receptors have potential for Wie) 
the treatment of allergic or neoplastic diseases involving B cells. 

* For example, atopic allergies could theoretically be treated by blocking B cell switching to IgE synthesis 
with anti-IL-4 or anti-IL-13. 

* Another application undergoing clinical trials is the use of anti-IL-6 or anti-IL-6 receptor antibodies to 


inhibit the growth and Ig production of myeloma cells. 


IV. Foreign polysaccharides, glycolipids, and nucleic acids induce antibody 

production without the need for T cell help. 

A. These T-independent (TI) antigens contain repeating epitopes that cross-link 
multiple BCRs on a single B cell. 

B. Some TI antigens (eg, bacterial LPS) also coactivate B cells through Toll-like re- 
ceptors (Chapter 1). 

C. Some TI antigens [eg, lipopolysaccharide (LPS)] can activate complement and 
coactivate B cells through CR2. 


D. Because TI antigens are not presented by antigen-presenting cells (APCs), they do 
not activate CD4* Th cells. 
E. The responses to TI antigens differ from responses to foreign proteins. 
1. There is little Ig class switching in TI antibody responses; IgM and IgG, anti- 
bodies predominate. 
2. A limited repertoire of antibody-mediated effector functions results. 


—— 
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3. Memory B cell populations are not formed and affinity maturation through 
somatic hypermutation does not occur. 
4, High-titered antibody responses are not seen on secondary challenge. 


SELECTIVE IGG, DEFICIENCY 









* IgG, isacommon subclass of antibody produced in response to T-independent antigens in humans. 

* Antibody responses to protein antigens are predominantly of the |gG, subclass. 

* Children with selective IgGy subclass deficiency have difficulty clearing bacteria that express polysac- 
charide capsules (eg, Streptococcus pneumoniae and Haemophilus influenzae). 

* The increased survival of encapsulated bacteria in IgG,-deficient patients suggests that other 
(sub)classes of Igs do not provide sufficient host defense against these organisms. 


V. Antibody responses at mucosal surfaces are mediated by a specialized set 
of B cells that synthesizes IgA antibodies. 


A. Most of the IgA in the body is synthesized in the small intestine. 


B. IgA-secreting plasma cells are most abundant within the lamina propria of the 
submucosum and produce 2 g of Ig per day. 


C. The secretory form of IgA is the central mediator of mucosal humoral immunity. 
1. Secretory IgA is dimeric and contains J chain and secretory component 
(SC) (Chapter 3). 
a. The ©, k, A, and J chains of dimeric IgA are produced by mucosal B cells. 
b. Secretory component is synthesized by the intestinal epithelial cell. 
2. Secretory component mediates transepithelial transport of IgA. 
a. On the basolateral surface of epithelial cells, a precursor of SC called poly- 
Ig receptor is expressed (Figure 9-3). 
b. The poly-Ig receptor binds the polymeric Igs (IgA and IgM). 
c. The loaded receptor is internalized into endosomes, which are translocated 
to the apical cell surface. 
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Figure 9-3. Transport of dimeric immunoglobulin A (IgA) by poly-lg receptor. 
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d. Proteolytic cleavage of the poly-Ig receptor releases secretory component 
with its polymeric Ig attached. 


D. At the mucosal surface, secretory IgA neutralizes toxins and allergens and prevents 
microbial entry. 


SELECTIVE IGA DEFICIENCY 









CLINICAL 
CORRELATION 


* Selective IgA antibody deficiency is the most common antibody deficiency in humans with frequencies 
as high as 1:333 reported in some populations. 

* This deficiency is characterized by recurrent bacterial and viral infections originating at mucosal sur- 
faces (respiratory, gastrointestinal, and genitourinary tract infections). 

* Increased incidences of food allergies, autoimmunity, and certain types of cancers have also been re- 
ported in these patients. 


* However, half of all persons with this deficiency are asymptomatic. 
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Figure 9-4. Induction of a mucosal immunoglobulin A (IgA) antibody response. M, 
microfold; PP, Peyer’s patch; MLN, mesenteric lymph node. 
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* The absence of increased rates of infection in the unaffected subset of |gA-deficient individuals proba- 
bly reflects the translocation of secretory IgM by the poly-lg receptor. 


E. Mucosal IgA antibody responses are initially induced within submucosal Peyer’s 

patches of the small intestine (Figure 9-4). 

1. The epithelium overlying the patch is composed of specialized nonvillous ep- 
ithelial cells, called M cells, which efficiently transport antigens to lymphoid 
cells within the patch. 

2. Peyer’s patch Th cells produce IL-5 and TGF-B, two IgA switch cytokines. 

3. B cells activated in the Peyer’s patches migrate via draining lymph nodes into 
the lymph and blood. 

4. Circulating IgA-expressing B cells then seed the intestine and other mucosal- 
associated lymphoid tissues (MALT). 

5. By this process, the recognition of enteric antigens leads to the production and 
transport of secretory IgA at multiple mucosal tissue sites. 









MUCOSAL AND PARENTERAL VACCINES 


CLINICAL 
CORRELATION 


WZ 


In the 1950s two competing vaccines were produced against the polio virus. 

The parenteral (Salk) vaccine was injected by the intramuscular route and induced IgG antibody pro- 
duction. 

These antibodies prevented disease by neutralizing virus particles in transit from the gastrointestinal 
tract to the nervous tissues. 


The Sabin vaccine was an inactivated virus, and oral immunization resulted in secretory IgA responses 
in the gut-associated lymphoid tissues. 


Secretory IgA antibodies prevented viral attachment and entry into intestinal epithelial cells. 


Current recommendations are for children to receive the parenteral vaccine at 2, 4, and 6 months of 
age (www.cdc.gov/nip/recs/child-schedule.PDF). 


CLINICAL PROBLEMS 


A patient is shown to have a mutation in his Btk tyrosine kinase gene. 


1. Which of the following stages of lymphocyte differentiation is blocked in this patient? 
A. Differentiation of mature B cells into plasma cells 
B. Generation of memory B cells 
C. Differentiation of pre-B cells into immature B cells 
D. Negative selection of mature B cells 


E. Activation of mature B cells 


A patient presents with recurrent bacterial infections and is found to have low serum levels 
of IgA and IgG, but elevated concentrations of serum IgM. Flow cytometry of his lymph 
node cells reveals an absence of CD 154. 
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2. In which of the following areas of the lymph node would this cell surface marker nor- 


mally be found? 

A. Medullary cords 

B. Diffuse cortex 

C. Germinal centers 

D. High endothelial cells of the venules 


E. Subcapsular sinuses 


Lymphocytes from an immunodeficient patient are found to lack mRNA for AID. 


3. 


Which of the following lymphocyte subsets would be expected to be absent in this pa- 
tient? 


A. Lymph node B cells expressing membrane IgG 
B. CD4* T lymphocytes in the blood 

C. Natural killer (NK) cells in the spleen 

D. All lymphocytes in peripheral lymphoid tissues 
E. CD19* B cells in the bone marrow 


You have a patient with recurrent infections, but normal T cell function. 


4. 


Which of the following laboratory tests would help you determine if this immune defi- 
ciency is due to an absence of B cells? 


A. Radioimmunoassay 

B. Flow cytometry 

C. Enzyme-linked immunosorbent assay (ELISA) 
D. Immunofixation 


E. Coombs test 


A lymph node biopsy stained with hematoxylin and eosin shows numerous germinal cen- 
ters in the superficial cortex. 


5. 


Which of the following best describes the source of this biopsy tissue? 

A. A patient who lacks CD154 

B. A patient who lacks Rag] 

C. A patient who has been immunized repeatedly with a protein vaccine 
D. 


A patient who has been immunized repeatedly with streptococcal polysaccha- 
rides 


E. A newborn 
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ANSWERS 


1. The correct answer is C. Whereas the Btk kinase is used for both BCR and pre-BCR 
signaling, an absence of Btk is manifest first in pre-B cells. The mutation causes defec- 
tive positive selection of pre-B cells and apoptotic death. There are no peripheral im- 
mature or mature B cells in Btk-deficient individuals, a condition known as XLA. 


2. The correct answer is B. CD154 would normally be found on Th cells in the diffuse or 
deep cortex. Its absence is indicative of hyper-IgM syndrome type 1. 


3. The correct answer is A. The switch recombinase AID is normally expressed in B cells 
that are undergoing Ig isotype switching. 


4. The correct answer is B. Only flow cytometry would be able to demonstrate the ab- 
sence of B cells. The other techniques would not distinguish between an absence of B 
cells and the inability of those cells to secrete antibody. 


5. The correct answer is C. Germinal center development is antigen, Th cell, and CD40 
dependent. The antigen must be a T-dependent antigen, such as a protein. Polysaccha- 
ride antigens do not induce germinal center formation, and newborns have generally 
not encountered protein antigens in utero that elicit this type of response. 


ch10.qxd 2/6/06 03:13 PM Page 118 





I. The development of T lymphocytes is similar to that of B cells, although 


unique events occur in the inductive environment of the thymus. 
A. Thymic maturation does not require exposure to foreign antigen. 


B. Like B cells, T cells are derived from pluripotent hematopoietic stem cells in the 
fetal liver and bone marrow, which differentiate into common lymphoid progen- 
itor cells and progenitor T (pro-T) cells (Table 10-1). 


C. The pro-T cell begins its migration from the bone marrow to the thymus during 
the first trimester of human pregnancy. 


D. In the thymus the cells are called thymocytes and undergo considerable cell divi- 
sion and apoptotic death. 
1. Differentiation is induced by stromal cells and growth factors. 
a. Epithelial cells, macrophages, and dendritic cells provide both contact- 
dependent and secreted signals. 
b. Interleukin (IL)-7 is a key growth-promoting factor for thymocytes. 
c. Major histocompatibility complex (MHC) molecules promote thymocyte 
growth and apoptosis. 
2. Thymocytes are subjected to both positive and negative selection based on the 
specificity of their T cell receptors (TCRs). 


E. The production of mature T cells occurs throughout life, but the thymus becomes 
less important as it atrophies with age. 


THE BUBBLE BOY 









CLINICAL 
CORRELATION 


WZ 


* In the 1976 movie “Boy in a Bubble,” a child with a severe immunodeficiency avoided life-threatening 
infections by living in a pathogen-free plastic tent. 

° A number of molecular defects can cause this condition, known as severe combined immune defi- 
ciency. 

* These include mutations in the genes for the Rag recombinases, adenosine deaminase, and the y chain 
of the IL-2 receptor (Chapter 16). 


* The microbial pathogens that establish early opportunistic infections in these children include intracel- 
lular fungi, viruses, and bacteria. 


* While B cell differentiation can also be directly or indirectly affected (depending on the mutation), ma- 
ternal IgG provides immune protection early in life. 


* Hematopoietic stem cell transplantation provides the only practical cure. 
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Double Single Naive Mature 
Positive Positive 


TCR DNA Germline Germline Rearranged _Rearranged Rearranged Rearranged B 
Bandachain and a chain and © chain 


CD4* or CD8* CD4* or CD8* 


Anatomic site Bone Thymus 
marrow 


Response Positive Positive and Negative Activation 
to TCR selection negative selection 
ligation selection 





*“Tdt, terminal deoxynucleotidyltransferase. 


II. Thymocyte differentiation is accompanied by the generation of the TCR 
repertoire and the establishment of functional cell subsets. 


A. Four important events in the development of the T cell lineage occur. 
1. TCRaB and TCRY6 genes are rearranged by recombination (Chapter 6) and 
are expressed. 
2. The MHC restriction specificity of the T cell lineage is established. 
3. Thymocytes with autoreactive TCRs are eliminated. 
4, Two major functional T cell subsets (CD4* and CD8’) are generated. 


B. Clonal proliferation, apoptotic death, and differential gene expression accompany 
thymocyte differentiation. 
1. Pro-T cells migrate to the superficial cortex and become part of the pool of 

double-negative (CD4CD8 ) thymocytes (Table 10-1 and Table 10-2). 

a. Pro-T cells begin to express recombination activating genes 1 and 2 (Ragl, 
Rag2) and terminal deoxynucleotidyltransferase (TdT) in preparation for 
TCR locus rearrangements. 

b. In most pro-T cells, the B locus undergoes D-J rearrangement. 

c. Approximately 5% of the descendants of these cells will express y8 TCRs 
and the remainder will become TCRaP*. 

2. Pro-T cells then differentiate into pre-T cells, in which V—DJ, joining occurs 
and a B chain polypeptide is expressed. 


—— 
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Table |0-2. The major subsets of the TCRof lineage of thymocytes." 


Thymocyte Subset Surface Phenotype Major Events or Properties 


Double negative 
Pro-T cell CD4 CD8 TCR™ TdT*Rag!,2°; D-J, rearrangement 
Pre-T cell CD4 CD8 TCR CD3*pre-TCR™ Ragl,2*; V-DJ, rearrangement 


V-J,, rearrangement 


Positive and negative selection 


Single positive 
CcD4* CD4*CD8 CD3*TCRap* Negative selection 
CD8* CD4 CD8*CD3*TCRaf* Negative selection 


“TCR, T cell receptor. 


a. A pre-TCR is expressed that contains a B chain plus a pre-Ta chain and 
CD3 peptides. 
b. Activation of pre-T cells through the pre-TCR stimulates cell proliferation, 
B locus allelic exclusion, & locus rearrangement, and the expression of CD4 
and CD8. 
3. Double positive thymocytes express TCRaB with CD3 peptides. 
a. Ragl,2 are expressed for a second time to facilitate rearrangement of the & 
locus. 
b. TCRo binding to MHC molecules signals further maturation. 
(1) Rag1,2 genes become silent. 
(2) Positive and negative selection occurs as the cells transition to a single 
positive (CD4°8" or CD4 8°) state. 
4. Single positive cells emerge from the thymus and undergo further maturation 
in the peripheral lymphoid tissues. 
5. The maturation of thymocytes can be monitored by polychromatic flow cy- 
tometry (Figure 10-1). 
a. Using antibodies to CD4 and CD8, each with a different fluorochrome, 
four cell subsets can be identified. 
(1) Double negative (CD4-CD8 ) cells are the pro-T and pre-T cells. 
(2) Double positive (CD4*CD8°) cells express TCRaB or TCRy6 and are 
positively and negatively selected based on their TCR specificities. 
(3) Single positive (CD4*CD8° or CD4-CD8)) cells are fairly mature and 
ready to exit the thymus. 
b. A similar analysis of peripheral T cells would identify only the two single- 
positive subsets. 


SIGNIFICANCE OF ORAL THRUSH IN INFANTS 


* A cardinal clinical sign of defective cellular immunity in a neonate is the appearance of mucocuta- 
neous candidiasis or thrush. 


—— 








CLINICAL 
CORRELATION 
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Figure 10-1. Identification of the major subsets of thymocytes by flow cytometry. 
(Courtesy of Thomas Yankee, University of Kansas Medical Center) 


* Oral thrush is uncommon in immunocompetent individuals. 

* This painful condition is caused by a superficial infection by the opportunistic yeast Candida albicans, 
which is normal flora in the oral cavity. 

* The most frequent immune deficiency causing neonatal thrush is AIDS. 

* However, any cellular immune deficiency, including severe combined immunodeficiency (SCID), selec- 


tive T cell deficiencies (eg, DiGeorge syndrome, CD3 mutations), and MHC deficiencies, can increase the 
risk of thrush. 


III. Host MHC molecules determine the specificities of the TCRs that survive 
thymic selection. 


A. The potential repertoire of TCRaB and TCRY6 receptors is determined by the 
quasirandom recombination events within the DNA that codes for TCR V re- 
gions (Chapter 6). 

B. The utilized repertoire of TCRs results from the selection of receptors with the 
ability to recognize foreign peptides presented by the MHC of the host. 


C. The affinity with which thymocyte TCRs bind MHC molecules in the thymus 
determines whether positive or negative selection will occur. 
1. In the absence of binding, thymocytes undergo death by neglect. 
2. Low-affinity TCR-MHC interactions trigger positive selection. 
3. High-affinity TCR binding to MHC signals negative selection. 


D. Positive selection promotes the development of thymocytes with TCRs specific 

for foreign peptides plus the host’s own MHC molecules. 

1. Cells bearing TCRs specific for non-self MHC (ie, that of another individual) 
die by neglect. 

2. Positive selection occurs at the double-positive thymocyte stage and induces 
differentiation to the single-positive phenotype. 
a. Double-positive thymocytes with TCRs that bind to self MHC class I mole- 

cules are induced to become CD4-CD8". 


—— 
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b. Double positive thymocytes with TCRs that bind to MHC class IT mole- 
cules become CD4*CD8 single positive. 

c. Clones that express TCRs specific for nonhost MHC class I or II are not 
positively selected and die by default. 

d. The majority of developing thymocytes are not positively selected and un- 
dergo apoptosis. 









MHC DEFICIENCIES PREVENT POSITIVE SELECTION 


CLINICAL 
CORRELATION 


ZW 


Two important groups of immune deficiency diseases result from inefficient positive selection of thy- 
mocytes. 

Bare lymphocyte syndrome (BLS) type 1 and type 2 (Chapter 7) are congenital deficiencies in which 
MHC class | and class Il molecules, respectively, are not expressed. 

The absence of MHC molecules precludes positive selection of double positive thymocytes and the cor- 
responding T cell subset fails to develop. 

For example, BLS type 2 patients are lymphopenic, because CD4* T cells, which normally constitute the 
majority of T cells in the blood, do not develop. 

The differential diagnosis of BLS type 2 requires exclusion of HIV-1 infection, which is a much more 
common cause of decreased CD4:CD8 ratios (Chapter 15). 


E. Negative selection eliminates potentially harmful thymocyte clones that bear 
high affinity receptors for self peptides plus self MHC molecules. 
1. Negative selection establishes central tolerance to self antigens (Chapter 16). 
2. Negative selection occurs at the double positive-to-single positive transition. 
3. Both MHC class I and class II can signal negative selection. 
4. Coreceptor signaling through CD4 and CD8 promotes negative selection. 
5. The death signal during negative selection is delivered through Fas—Fas ligand 

interactions between thymocytes and stromal cells of the thymus. 


F. Four potential outcomes result from the binding of peptide-MHC complexes by 
TCRs. 
1. Thymocyte clones are induced to proliferate and differentiate (positive selec- 
tion). 
2. Thymocyte clones undergo apoptosis (negative selection). 
3. Peripheral T cells proliferate and differentiate in response to foreign antigens. 
4, Peripheral T cells can become anergic (peripheral tolerance) if coreceptor sig- 


naling is lacking (Chapter 16). 









DEFECTIVE THYMIC APOPTOSIS 


* Apoptotic death regulates thymocyte selection and T cell activation in the periphery. 


* Autoimmune lymphoproliferative syndrome (ALPS) (also known as Canale-Smith syndrome) is a 
defect in the apoptosis of activated T cells. 


* In most patients a mutation exists in the gene coding for Fas (CD95). 


* Patients present with greatly enlarged lymph nodes, splenamegaly, and autoimmunity (eg, Coombs- 
positive hemolytic anemias). 


* Affected individuals also show lymphocytosis and an elevated number of double negative 
(TCRaB*CD4 CD8)) T cells in the blood. 


* Similar phenotypes occur with patients bearing mutations in Fas ligand or certain caspase genes. 


CLINICAL 
CORRELATION 


—— 
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IV. Cell surface adhesion molecules, coreceptors, and cytokine receptors 
regulate T cell activation in the periphery. 


A. Cell adhesion molecules promote T cell homing to specific tissues by binding to 
ligands on vascular endothelial cells and matrix proteins. 

1. T cells express integrins, such as lymphocyte function-associated antigen-1 
(LFA-1), that mediate lymphocyte homing to sites of infection and inflamma- 
tion. 

2. Specialized integrins direct T cells to mucosal lymphoid tissues. 

3. Integrins increase the avidity of binding between T cells and their antigen-pre- 
senting cells. 

4. Integrins promote binding between cytotoxic T cells and their target cells. 


B. Coreceptors are induced and recruited to the immunological synapse that forms 
between a T cell and its antigen-presenting cell. 
1. The cell surface expression of coreceptors and their ligands is often regulated to 
avoid the unwanted activation of resting T cells. 
2. Receptor clustering brings coreceptors in proximity to TCRs. 
3. Receptor clustering promotes synergy between intracellular signaling pathways. 
4, CD4 and CD8 are coreceptors that bind to nonpolymorphic residues of MHC 
class II and class I molecules, respectively. 
a. The T cell-specific kinase Lek is associated with CD4 and CD8 in the 
membrane. 
b. Lck phosphorylates immunotyrosine activation motif (ITAM) residues on 
CD3 peptides. 
c. Thymocytes lacking Lck are not positively selected at the double-positive 
stage. 
5. CD28 and cytotoxic T lymphocyte-associated protein 4 (CTLA-4) 
(CD152) on T cells modify TCR signaling. 
a. The costimulatory ligands for these coreceptors are members of the B7 
family and are expressed on antigen-presenting cells. 
b. Ligation of CD28 on naive T cells by B7 induces phosphatidylinositol-3- 
kinase activation. 
c. Stimulation of T cells through CD28 activates NF«B. 
d. CTLA-4 is expressed on activated T cells and mediates negative signaling 
when B7 is bound. 
6. CD154 is a coreceptor for CD4* Th cells. 


C. Cytokine receptors augment or inhibit T cell responses to antigen. 
1. The expression of cytokine receptors is often induced by antigen and corecep- 
tor stimulation. 
2. IL-2 is a growth factor for activated CD4* and CD8* T cells. 
3. IL-4 promotes the differentiation of the Th2 subset from naive, antigen- 
stimulated CD4* T cells. 
4, Interferon (IFN)- promotes the differentiation of the Th1 subset of T cells. 
5. IL-10 and transforming growth factor (TGF-) inhibit the activation of Th1 
cells. 
6. IFN-y inhibits the activation of Th2 cells. 


D. Different types of costimulatory and cytokine signals are derived from different 
types of antigen-presenting cells (Table 10-3). 


—— 
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Table |0—3. Differences between APCs related to T cell activation.’ 


Property Dendritic Cell B Cell Macrophage 


BCR-mediated Endocytosis and 
endocytosis phagocytosis 


MHC class Il 
expression 


Costimulatory 
ligand expression 


T cells activated Naive, effector and Effector and Effector and memory 
memory memory 





“APC, antigen-presenting cells; BCR, B cell receptor. 


1. Dendritic cells are particularly effective at activating naive CD4* T cells, be- 
cause they express B7 and MHC class II constitutively. 

2. B cells have the advantage of being able to capture limited quantities of antigen 
through their BCR, which aids in activating memory T cells with high-affinity 
TCRs. 

3. Macrophages can phagocytize particulate antigens and present their epitopes 
to T cells. 


V. The activation of mature T cells by antigen in the periphery leads to 
clonal expansion and differentiation into effector and memory cell 
subsets. 


A. The frequency of T cells specific for a given antigen changes during an immune 
response. 
1. Clonal frequencies among resting naive T cells is approximately 10°. 
2. The frequency of antigen-specific T cells increases to 10~ at the peak of the ex- 
pansion phase. 
3. Memory cells for a given antigen exist at a frequency of 10“. 


B. CD4* helper T cells (Th cells) can be subdivided into two subsets (Figure 6-5). 
1. Th1 cells mediate cellular immunity to intracellular microbial pathogens by 
the secretion of cytokines [eg, IL-2, IFN-y, and tumor necrosis factor (TNF)- 
Q] that promote T cell growth and activate macrophages and neutrophils. 
2. Th2 cells promote humoral immunity to extracellular microbial pathogens by 
producing cytokines (IL-4, IL-5, and IL-13) that activate B cells. 


C. Memory T cells divide at a low rate and recirculate for decades. 
1. The chemokine receptor CCR7 and certain adhesion molecules facilitate mem- 
ory T cell migration into lymph nodes. 
2. The antigen-presenting cell (APC) signals required to activate a memory T cell 
with antigen are different than those required by naive T cells (Table 10-2). 
3. Memory T cells become a greater proportion of the T cell pool with age. 


—— 
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D. Regulatory T (Treg) cells inhibit immune responses (Chapter 11). 
1. Treg cells are most often CD4* and express CD25, the @ chain of the high- 
affinity IL-2 receptor. 
2. Treg cells produce the inhibitory cytokines IL-10 and TGF-B. 
3. Treg cells contribute to the maintenance of self tolerance (Chapter 16). 


E. Several subsets of T cells and related lymphocytes are cytotoxic (Table 10-4). 
1. Cytotoxic T lymphocytes (CTL) are induced by antigen, terminally differen- 
tiated and short lived. 
a. Most CTL are CD8* and MHC class I restricted. 
b. Cytotoxic CD4* cells exist, but are MHC class II restricted. 
c. Both TCRaB and TCRy6 T cells can be cytotoxic. 
d. Cytotoxicity is mediated by the granzyme-perforin pathway, the Fas—Fas 
ligand pathway, and the TNF receptor pathway (Chapter 6). 
2. The y6 T cell subset shows specificity for pathogens associated with epithelial 
surfaces. 
a. YS T cells are intraepithelial lymphocytes that accumulate in the skin, 
small intestine, lung, and genitourinary tract. 
b. Most TCRy6* cells do not express CD4 or CD8. 
c. TCRy6 is specific for nonpeptides, including glycolipids that represent 
pathogen-associated molecular patterns. 


d. TCR is not MHC restricted. 
Table 10-4. A comparison of conventional T cells, y5 T cells, NKT cells, and NK cells.’ 
Conventional 
Property 6 T Cell NKT Cell NK Cell 
Spleen, lymph 


nodes, lymphoid 
follicles 


Receptor type TCRaB+CD3 TCRy6+CD3 Invariant TCRaB 


Inhibitory 
KIR 
Lectins 


Receptor Peptide +MHC Microbial Microbial Activating 
specificity class | or class Il __ glycolipids glycolipids IgG antibody 
Stress-induced Stress-induced 
host ligands host ligands 
There are two recep- Inhibitory 
tor types and two HLA-A,B,C 
receptor specificities: 
activating and inhibitory 





*NKT, natural killer T; TCR, T cell receptor; MHC, major histocompatibility complex; KIR, killer in- 
hibitory receptor; IgG, immunoglobulin G. 


—— 


ch10.qxd 2/6/06 03:13 PM Page 126 


126 USMLE Road Map: Immunology ee) 


e. Signaling through TCRy$ is similar to that of TCRop. 

f. yO T cells can be cytotoxic or cytokine producing. 

3. Natural killer T (NKT) cells express both TCRs and NK cell markers. 

a. The invariant TCROP of NKT cells is restricted by CD1 and specific for 
microbial glycolipids. 

b. NKT cells respond rapidly to antigen and produce IL-4 and IFN-y. 

F. Although not thymus derived, NK cells share a number of properties with T cells 
and NKT cells. 
1. NK cells recognize host cells infected with intracellular microbial pathogens 
using unique receptors. 

a. NK cell inhibitory receptors recognize MHC class I molecules and deliver 
signals that are dominant over NK cell-activating receptor signals. 

b. NK cell-activating receptors recognize host cell ligands that are present on 
infected or stressed cells. 

c. When host cells fail to express MHC class I (as during virus infections), the 
inhibitory signal is lost and the NK cell becomes activated. 

d. Activating receptors signal through their ITAMs and inhibitory receptors 
utilize immunotyrosine inhibitory motifs (ITIMs) to transmit intracellular 
signals. 

e. The functions of NK cells are promoted by cytokines. 
2. NK cells mediate innate immunity by producing cytokines (eg, IFN-y) and 
killing infected target cells without the need for clonal expansion. 
3. Important coactivating signals for NK cells include IL-12 and IFN-o/B. 









CHEDIAK—HIGASHI SYNDROME 


CLINICAL 
CORRELATION 


ww 


* Chediak-Higashi Syndrome (CHS) is a rare autosomal recessive condition characterized by recurrent 
infections and poor NK cell activity. 


* The genetic defect resides in the gene for lysosomal trafficking regulator (LYST) and causes a fusion 
of cytoplasmic granules in NK cells, neutrophils, monocytes, and other granule-containing cells. 


* CHS NK cells bind normally to their target cells, but killing is absent. 


* The immune deficiencies of CHS patients are probably more related to defective neutrophil function 
than impaired NK cell activity. 





CLINICAL PROBLEMS 


You have a patient with enlarged lymph nodes, splenamegaly, and anemia. During an im- 
munological work-up you find that the patient has a slight lymphocytosis. You perform 
multicolor flow cytometry after staining the patient’s blood lymphocytes with antibodies 
to CD3, CD4, and CD8. Shown below are CD3* blood lymphocytes stained for CD4 
(x-axis) and CD8 (y-axis) expression. 
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1. Which of the patterns shown above would suggest an apoptosis defect is responsible for 
this patient’s disease? 


AA 
B. B 
CC. 
D. D 
ELE 


A patient with BLS type 1 presents with a herpes virus infection. His blood lymphocytes 
are found to kill autologous virus-infected target cells rapidly in vitro. 


2. Which of the following cell types is probably mediating this killing? 
A. CD8* T cells 
B. ¥6 T cells 
C. Macrophages 
D. NK cells 
E. B cells 


You are a member of a cardiac transplantation team in a medical school and meet with 
second-year medical students to explain the surgical procedure and posttransplantation 
therapy. One of the drugs you review is cyclosporine. 


—— 
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3. Which of the following would be a reasonable summary of its immunosuppressive ef- 
fect? 


A. The drug kills dividing T and B cells in metaphase. 

B. The drug inhibits antigen processing by dendritic cells. 

C. The drug inhibits IL-2 gene transcription in T cells. 

D. The drug blocks NK cell recognition of foreign HLA antigens. 
E. The drug inhibits HLA class I expression by cardiac muscle cells. 


Mutations in either Rag] or Rag2 cause severe immunodeficiencies in human beings. 


4, Which of the following cell types would show normal numbers in a patient with a 
Rag deficiency? 


A. CD3* cells with a CD4 coreceptor 

B.. CD19" cells 

C. Single positive thymocytes 

D. Lymphocytes with a coreceptor specific for C3d 

E. Cells with an inhibitory receptor specific for MHC class I 


Johnny is an 8-month-old child with recurrent viral and fungal infections. His blood lym- 
phocytes can bind IL-2, and his macrophages can bind IFN-Y in vitro. It has been deter- 
mined that his parents are both heterozygous for a mutation in the ZAP-70 gene known 
to disrupt the activity of this kinase. 


5. Assuming Johnny has inherited this mutation from both parents, which of his cells 
should be normal 


A. Monocytes and macrophages 
B. TCROB T lymphocytes 

C. TCRy6 T lymphocytes 

D. NK cells 

E. NKT cells 





ANSWERS 


1. The correct answer is A. This pattern is abnormal in the sense that the blood contains 
large numbers of double negative T lymphocytes (CD3*CD4 CD8°). Normally, dou- 
ble negative CD3* cells are found only in the thymus (panel E). This finding suggests 
altered thymic selection and peripheral homeostasis of T cell subsets secondary to de- 
fective apoptosis induced by the Fas—Fas ligand system (ie, autoimmune lymphoprolif- 
erative syndrome). The normal pattern for blood CD3* cells is shown in panel D. 


—— 
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2. The correct answer is D. NK cells recognize virus-infected and neoplastic cells that lack 
MHC class I, which is characteristic of cells from patients with BLS type 1. 


3. The correct answer is C. Cyclosporine inhibits the Ca?*/calmodulin-dependent phos- 
phatase calcineurin, which leads to decreased TCR-initiated dephosphorylation of the 
latent transcription factor NFAT. With diminished NFAT activation, IL-2 and IL-4 
gene transcription is decreased, which has a general immunosuppressive effect on acti- 
vated T cells. 


4. The correct answer is E. TB-NK* SCID is caused by Rag recombinase deficiency. The 
patients have normal numbers of NK cells, which bear inhibitory receptors for MHC 
class I molecules. 


5. The correct answer is A. All of the lymphocyte subsets listed use ZAP-70 as a signaling 
intermediate for receptor-induced cell activation. 
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I. The immune response is regulated at the level of antigen recognition by 
mechanisms designed to distinguish self from nonself. 


A. The innate immune system recognizes pathogen-associated molecular patterns 
that are not seen on host tissues. 


B. The adaptive immune system recognizes nonself epitopes using T and B cell re- 
ceptor repertoires that have been selected for their specificity during lymphocyte 
differentiation. 


C. Both systems are imperfect, and immune responses to self components can arise 
even in healthy individuals (Chapter 16). 
1. Toll-like receptors recognize self components derived from damaged tissues 
(eg, heat shock proteins). 
2. Antibody production against self antigens occurs frequently without any ad- 
verse effect. 


II. Antigen-presenting cells (APCs) control the induction of adaptive immune 
responses. 
A. The constellation of major histocompatibility complex (MHC) molecules ex- 
pressed by an APC determines the peptides it can present. 
B. Coreceptor signals derived from APCs influence the type of immune response 
induced. 
1. Whereas mature dendritic cells (DC) activate CD4* Th cells, immature DC ac- 
tivate CD4* Treg cells. 
2. CD28 binding of B7 molecules induces Th cell activation, whereas cytotoxic T 
lymphocyte-associated protein 4 (CTLA-4) binding of B7 molecules inhibits 
Th cell activation. 
C. Cytokines influence APC functions and lymphocyte activation. 
1. Interferon (IFN)-y and tumor necrosis factor (TNF)- increase MHC class II 
expression and APC function. 
2. Macrophage- and DC-derived interleukin (IL)-12 promotes Th1 cell activation. 
3. IL-4 produced by T cells and mast cells promotes Th2 cell differentiation. 


III. When an immune response does occur, its duration is limited, and the 
immune system returns to a basal homeostatic state. 


A. As antigen is cleared from the body, lymphocyte activation subsides. 
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B. Antigen-activated lymphocytes undergo activation-induced cell death. 
1. Activated T lymphocytes express both Fas and Fas ligand, which signals apop- 
totic death. 

a. The cytoplamic domains of Fas contain death domains that bind adapter 
proteins, recruit and activate caspases, and trigger apoptosis. 

b. Fas deficiency in humans causes autoimmune lymphoproliferative syn- 
drome (ALPS) (Chapter 10), the failure of activated T cells to undergo 
apoptosis. 

2. Oxidant production by activated cells initiates cell death through the endoge- 
nous apoptosis pathway. 


C. Effector lymphocytes, neutrophils, and macrophages are relatively short lived. 
D. Memory B and T cells show only low levels of proliferation. 


E. Antibodies regulate immune responses to their antigens. 

1. Maternal antibodies that cross the placenta can interfere with the immuniza- 
tion of the newborn in the first few months of life. 

2. Complement-activating antibodies enhance B cell activation through the CR2 
coreceptor (Chapter 9). 

3. Immune complexes containing immunoglobulin G (IgG) can also inhibit B 
cell activation (Figure 11-1). 
a. IgG antibody-antigen complexes can simultaneously bind to the Fey recep- 

tor IIB (FeyRIIB) and BCR. 

b. BCR cross-linking to FcyRIIB blocks B cell receptor (BCR) signaling. 

(D) The cytoplasmic tail of FcyRIIB contains immunotyrosine inhibitory 
motifs (ITIMs), which recruit Src homology 2 domain-containing in- 
ositol polyphosphate 5-phosphatase (SHIP). 

(2) SHIP disrupts phospholipase Cy (PLCy) and Bruton’s tyrosine kinase 
(Btk) activation. 


RHOGAM THERAPY 


CLINICAL 
CORRELATION 






* Hemolytic disease of the newborn (erythroblastosis fetalis) is caused when an Rh-negative 
mother produces IgG antibodies to the Rh antigens of her fetus. 

* Fetal anemia and jaundice occur when these antibodies cross the placenta. 

* To prevent this condition, Rh-negative mothers are given Rhogam (Rh-specific y-globulin) during and 
immediately after pregnancy. 

* Rhogam prevents immunization of the mother by clearing fetal erythrocytes from her blood circula- 
tion. 

* Rhogam also cross-links the BCR and FcyRIIB on maternal B cells and inhibits maternal B cell activation. 


4. IgG immune complex binding to macrophage FeyRI (CD64) also induces the 
release of IL-10, transforming growth factor (TGF)-fB, and prostaglandin 
E, (PGE,), all of which inhibit lymphocyte activation. 

5. Antibodies produced against the idiotypic determinants of a BCR can inhibit B 
cell activation. 

a. Autoantibodies against idiotypes are produced regularly during adaptive im- 
mune responses. 

b. Antiidiotype antibodies can block B cell activation by cross-linking the BCR 
to FcyRUB. 


—— 
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Immune 
complex 


FV antibody 


FcyRIl 


Figure | 1-1. Mechanism by which immune complexes inhibit B cell activation. 
BCR, B cell receptor. 


6. When high circulating antibody concentrations are achieved, the rate of Ig ca- 
tabolism also increases. 


INTRAVENOUS IMMUNOGLOBULIN (IVIG) THERAPY IN MULTIPLE MYELOMA 


* Multiple myeloma is characterized by pancytopenia due to the depression of hematopoiesis by the ma- 
lignant cells within the bone marrow. 

* This causes a functional hypogammaglobulinemia (ie, decreased production of useful antibodies) 
and increases the risk of infections. 

* Prophylactic treatment with IVIG has not always proven useful for correcting this defect. 

* The extremely high circulating levels of the M component cause an elevated clearance rate for all Ig, 
which limits the lifespan of exogenous IVIG. 


IV. CD4*CD25* regulatory T cells (Treg cells) mediate immune homeostasis. 


A. Treg cells suppress immune responses by several mechanisms. 
1. They consume IL-2 and deprive other lymphocytes of its growth-promoting 
activity. 
2. Treg alk inhibit activated T cells by cell-cell contact and the secretion of the 
inhibitory cytokines IL-10 and TGF-B. 
3. Treg cells are induced late in immune responses and act by suppressing T cell 
effector functions. 


B. Treg cells prevent immune-mediated diseases. 
1. Treg cells limit host tissue damage that might otherwise occur during exuber- 
ant immune responses to microbes. 
2. Treg cells assist in the maintenance of self tolerance and prevent autoimmunity. 


ae 












CLINICAL 
CORRELATION 





chll.qxd 2/7/06 07:55 AM Page 133 


N 


2 Chapter 11: Regulation of Immune Responses 133 


THE IMMUNOLOGICAL ENIGMA OF PREGNANCY 









* In human pregnancies, the fetus is generally considered a semiallograft (ie, half of its tissue antigens 

are genetically foreign to the mother) (Chapter 17). We) 
It is not clear why such a foreign tissue graft is not rejected by the mother, but several mechanisms ap- 
pear to contribute to fetal survival. 
Trophoblastic cells that form the fetal interface with the maternal circulation are devoid of most HLA 
antigens and certain costimulatory molecules, such as B7. 
Inhibitory factors, including IL-10, B7 isoforms, death receptor ligands, and PGE,, are expressed at high 
levels at sites of implantation. 
Some fetal cells do cross the placenta and are tolerated by the mother’s immune system for years after 
pregnancy, suggesting a central immune anergy. 


V. Polymorphisms exist in genes that regulate immune functions. 


A. Dozens of genes that control immune cell differentiation and activation have been 
described, some of which will be discussed in Chapter 16. 
1. The majority of heritable defects in adaptive immunity have been genetically 
mapped, and the gene products have been identified. 
2. Much less is known about human genetic polymorphisms or mutations linked 
to defects in innate immunity. 


B. Functionally significant mutations and polymorphisms in genes affecting comple- 
ment components, components of antigen presentation pathways, cytokines, cy- 
tokine receptors, and Ig switch recombinases have been described. 


VI. Dysregulation of the immune system can cause immunological diseases. 


A. Autoimmunity occurs when self-tolerance is lost (Chapter 16). 
1. T cells specific for autoantigens can be activated when coreceptor ligands (eg, 
B7) are abnormally expressed. 
2. B cells that produce high affinity autoantibodies can be activated by costimula- 
tory signals derived from infection. 
3. Defects in apoptosis (eg, Fas mutations) can result in a failure to delete autore- 
active T cells. 


B. Adaptive immune responses to microbial antigens can cross-react with self tissue 
antigens and cause immune-mediated tissue damage. 









RHEUMATIC FEVER 


CLINICAL 
CORRELATION 


* Rheumatic fever in school age children is a complication secondary to pharyngitis caused by the bac- 
terium Streptococcus pyogenes. 


* Damage to the heart and joints appears 2-4 weeks after the pharyngitis. 
* Antibodies produced against the streptococcal M protein cross-react with cardiac autoantigens. 
» Autoantibodies to myosin, keratin, and laminin play a key role in cardiac valve damage. 


C. Atopic allergies result when excessive immune responses are made to relatively in- 
nocuous environmental antigens (Chapter 13). 
1. Immune dysregulation causes Th2 polarization. 
2. IgE antibody production favors acute inflammatory responses. 


D. Immune responses to microbes can exceed what is necessary to clear the pathogen. 
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1. Inflammatory bowel disease results from immune responses to microbial flora 
that initiate chronic inflammation. 

2. Infectious mononucleosis is caused by an excessive CD8* T cell response to 
Epstein—Barr virus antigens that damages host tissues. 









SEPSIS REVISITED 
* Sepsis is a systemic inflammatory response to infection and one of the leading causes of death among 

hospitalized patients. Le) 
The disease also illustrates what happens when immune mechanisms designed to protect the host are 
excessively activated (Figure 11-2). 
A complex pathogenesis results from the activation of multiple host defense systems by pathogenic 
and opportunistic microbes. 
Bacterial components, including lipopolysaccharide (LPS), can activate the complement, coagulation, 
and fibrinolysis systems. 
Macrophage activation for the production of proinflammatory cytokines (eg, TNF-a) and arachidonic 
acid metabolites results from Toll-like receptor stimulation. 
Endothelial and smooth muscle cells are activated, resulting in coagulopathies, severe hypotension, 
impaired organ perfusion, and hypoxic tissue damage. 
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Figure | 1-2. Pathogenesis and clinical definitions associated with the sepsis process. 
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CLINICAL PROBLEMS 


Clinical vaccine trials using a nine-amino acid peptide immunogen from an HIV-1 glyco- 
protein have been performed. The vaccine is effective at inducing high-affinity IgG virus- 
neutralizing antibodies in only a subset of healthy adult vaccinees. 


1. Which of the following immune properties probably characterizes the responsive indi- 
viduals? 


A. They share HLA class II genes. 

B. They lack Treg cells. 

C. They are high producers of IL-10. 
D. They lack IL-2 receptors. 

E. They are all over 70 years of age. 


A patient with lupus presents with impaired renal function, and a biopsy shows IgG and 
C3b deposits in the renal glomerulus. The patient’s serum contains antibodies to her 
DNA and erythrocytes. Her total IgG is significantly elevated (1900 mg/dL). 


2. Which of the following best explains the hypergammaglobulinemia seen in this pa- 
tient? 


A. Reduced clearance of IgG by the damaged kidney 

B. Destruction of Treg cells by anti-DNA antibodies 

C. Polyclonal B cell activation by numerous self antigens 
D. An opportunistic virus infection 


E. Depletion of serum complement 
Mary is a 2-year-old child with an unremarkable medical history, but presents today with 
enlarged cervical lymph nodes. Her complete blood count shows lymphocytosis 
(10,500/uWL) and her serum contains elevated concentrations of IgG and IgM. Flow cy- 
tometry indicates that her CD3* lymphocytes are 25% CD4* and 20% CD8*. She has no 
history of recurrent infections and no evidence of a current infection or cancer. 


3. Which of the following is the most likely basis for Mary’s immune abnormalities? 
A. HIV-1 infection 
B. IgA deficiency 
C. Thymic hypoplasia (DiGeorge syndrome) 
D. An apoptosis defect (Fas deficiency) 
E. A monoclonal gammopathy 


A 2-month-old healthy child is immunized with a new bacterial protein vaccine as part of 
a clinical trial. His pretmmunization titer of IgG antibody to the vaccine protein is 1:16, 
and the titer is unchanged 2 weeks postimmunization. 


—— 
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4, Which of the following is a likely explanation for this observation? 
A. The child has had an infection with the bacterium during gestation. 


B. Maternal antibody to the bacterial protein blocked active immunization of the 
child. 


C. The child has severe combined immune deficiency. 
D. The child has a Th cell defect that prevents Ig class switching. 
E. Children cannot make antibodies at this age. 


ANSWERS 


1. The correct answer is A. The high responding vacinees probably share HLA antigens 
that can present the peptide vaccine. Because this is an exogenous antigen, class II mol- 
ecules would be involved. Presumably, the HLA class II molecules of the nonrespon- 
ders failed to bind and present the peptide. 


2. The correct answer is C. Elevated IgG levels in this patient are probably due to poly- 
clonal B cell activation by autoantigens. Most patients of this type produce autoanti- 
bodies to a wide range of self antigens, suggesting that they have defects in general im- 
mune regulation mechanisms. 


3. The correct answer is D. Mary has an unusual pattern of T cell markers. Only 45% of 
her T cells express either CD4 or CD8; the remaining T cells are apparently double 
negative. This is a classic sign of ALPS (Chapter 10). The condition arises from a defect 
in apoptosis among T cells resulting from a Fas mutation. Her elevated immunoglobu- 
lins probably represent autoantibodies against a range of self antigens, because self- 
reactive T cells are not controlled by Fas-mediated apoptosis. 


4, The correct answer is B. The IgG antibodies present prior to immunization were prob- 
ably maternally derived, because children of this age do not synthesize much IgG. The 
fact that the titer did not increase following immunization seems to indicate that the 
maternal antibodies interfered with B cell activation. This would occur if the vaccine 
and preformed maternal antibodies formed immunosuppressive immune complexes 


and cross-linked the BCR and FcyRIIB. 
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I. Cytokines mediate cell-cell communication in the immune system. 


A. Cytokines are 8- to 25-kDa polypeptides that include interleukins (IL), 
chemokines, growth factors (GF), interferons (IFN), and colony-stimulating 
factors (CSF) (Appendix II). 


B. Most cytokines are designed for rapid, short-term effects. 
1. They are often secreted immediately after their synthesis. 
2. Their short half-lives in circulation reflect the action of inactivators and bind- 
ing proteins. 


C. Cytokines typically act over short distances. 
1. Many cytokines (eg, IL-2) have autocrine effects; they act on the cells that pro- 
duce them. 
2. Other cytokines have localized paracrine effects; one cell produces a cytokine 
that acts on a nearby cell. 
3. Cell-cell contact promotes the action of cytokines. 
4. A few cytokines show endocrine effects; they act at a distance after secretion 
into the blood stream. 
a. Tumor necrosis factor (TNF)- produced by tissue macrophages during 
bacterial infections can have systemic inflammatory effects. 
b. IL-1B produced during inflammation or infections causes fever by its en- 
docrine effects on the hypothalamus. 


D. Cytokines activate cells through specific high-affinity receptors. 
1. Dissociation constants for cytokine receptors are in the picomolar range. 
2. Receptors for cytokines that mediate acute inflammatory or innate immune re- 
sponses are typically constitutively expressed. 
3. Receptors for lymphocyte-activating cytokines are often induced. 
4, The same receptor for a given cytokine may have significantly different effects 
when expressed on different cell types. 


E. The most common cellular response to a cytokine is the rapid initiation of gene 
transcription. 


F. Cytokines have redundant biological effects (Table 12-1). 
1. This ensures that a deficiency of one cytokine does not eliminate an essential 
biological function. 
2. Cytokine redundancy frustrates anticytokine therapies. 


G. Most cytokines are pleiotropic; they exhibit several functions. 


137 
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Table |2-!. Redundancies between TNF-o and IL-1." 


Response 


Induction of apoptosis 





*TNF, tumor necrosis factor; IL, interleukin. 


H. When combined, cytokines can have synergistic effects. 
1. One cytokine may induce the expression of receptors for the second cytokine. 
2. Distinct cytokine receptor signaling pathways can converge at the same cellular 
response (eg, NFKB activation). 


I. Cytokines can amplify a biological response by inducing additional cytokine syn- 
thesis (Figure 12-1). 
J. Certain cytokines antagonize the effects of other cytokines. 
1. IFN-y inhibits the effects of IL-4 on B cells. 
2. IL-10 and transforming growth factor (TGF)-f antagonize the effects of IFN-y 
on macrophages. 


K. There are dedicated inhibitors of cytokines. 
1. IL-1 receptor antagonist (IL-1ra) is produced by the same cells that secrete 
IL-1 and binds to the same receptor. 
2. The amino-terminus of TGF-B maintains the secreted cytokine in a latent 
form until it is removed by proteolysis. 









TUBERCULOSIS IN RHEUMATOID ARTHRITIS 


CLINICAL 
CORRELATION 


WZ 


* Rheumatoid arthritis (RA) is an autoimmune disease characterized by inflammation of the joints and 
a progressive loss of joint function. 


* New therapies for RA include the use of anticytokine reagents to block the action of TNF-a or IL-1B. 


* For example, Etanercept is a recombinant protein consisting of a portion of a TNF receptor (p75) fused 
to the Fc portion of human immunoglobulin (Ig) G to prolong its circulating half-life. 


—— 
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Figure 12-1. A cytokine cascade. NK, natural killer; IFN, interferon. 





* Combining an anti-TNF-a and an anti-IL-1 drug in these patients increases the risk of pulmonary tu- 
berculosis. 


* This finding emphasizes the importance of using anticytokines under conditions that inhibit inflam- 
mation without impairing innate host defenses. 


II. Macrophages, natural killer (NK) cells, and NKT cells are important sources 
of proinflammatory cytokines that also mediate innate immunity (Table 
12-2). 


ae 
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Table |2-2. Cytokines that mediate innate immunity and acute inflammation.* 


Important 
Biological Function Cytokines Specific Examples 


Induces ICAM-1 expression on 
endothelium 


Recruits blood monocytes 
Recruits blood neutrophils 


Induction of other Promotes macrophage activation 
inflammatory mediators for IL-1 and TNF-a production 


Acute phase protein Activates hepatocytes and Kupffer 
synthesis cells to produce fibrinogen and 
complement components 


Activates neutrophils for 
superoxide production 

Activates macrophages for NO 
production 


Inhibits TNF-c synthesis by IFN-y- 
activated macrophages 


Apoptosis Apoptosis of tumor cells 
Activation induced cell death in 
T cells 





“TNF, tumor necrosis factor; ICAM, intercellular adhesion molecule; TGF, transforming growth fac- 
tor; IL, interleukin; IFN, interferon; LT, leukotriene. 


A. These cells bear receptors that recognize both conserved microbial structures and 
endogenous ligands derived from damaged host cells. 
1. Macrophages express Toll-like receptors (TLRs) (Table 1-2). 
2. NK cells and NKT cells recognize exogenous and endogenous ligands from in- 
fected, stressed, or injured host cells (Table 10-4). 


B. The cytokines produced by these cells signal danger to phagocytes and endothelial 
cells. 
1. TNF-o has the following functions. 
a. It stimulates the expression of adhesion molecules and integrins on en- 
dothelial cells and leukocytes, respectively. 
b. It primes neutrophils and macrophages for respiratory bursts and NO pro- 
duction. 
c. It induces the synthesis of acute phase proteins. 
d. It induces apoptosis through its death domain-containing receptor. 


—— 
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2. IL-1 has the following functions. 
a. It is redundant with TNF-o (Table 12-1). 
b. It synergizes the effects of TNF-a. 
c. It induces fever by stimulating the hypothalmus. 
3. IL-12 has the following functions. 
a. It coactivates NK cells and T cells. 
b. It coinduces IFN-y production and cytotoxicity by NK cells and NKT 
cells. 
c. It induces the differentiation of CD4* Th1 cells. 
4, IFN-Y (type II interferon) has the following functions. 
a. It activates macrophages. 
b. It induces the production of other proinflammatory cytokines, including 
TNF-a, IL-1, IL-6, and the chemokine CCL4. 
c. It promotes major histocompatibility complex (MHC) class II gene ex- 
pression. 
d. It promotes the differentiation of CD4* Th1 cells. 
5. Type I interferons (IFN-c/B) have the following functions. 
a. They block virus replication by autocrine signaling. 
b. They increase MHC class I expression. 
c. At low levels they coactivate macrophages. 
d. At high concentrations they inhibit macrophage and lymphocyte activation. 
6. Chemokines have the following characteristics. 
a. Chemokines are chemotactic cytokines that are produced rapidly in re- 
sponse to the danger signals associated with infection and inflammation. 
b. They attract cells to sites of infection or inflammation. 


C. The proinflammatory effects of these cytokines are balanced by antiinflamma- 
tory cytokines (eg, IL-10), cytokine-binding proteins, and receptor antago- 
nists (see above). 

D. The amount of a cytokine that is secreted determines its overall effects. 

1. In low to moderate levels of production, proinflammatory cytokines initiate 
important innate mechanisms of host defense. 
2. When produced at high concentrations, proinflammatory cytokines cause the 
systemic inflammatory response syndrome (SIRS). 
a. Sepsis is a form of SIRS initiated by infection (Chapter 11). 
b. SIRS can be induced by any stimulus that activates large numbers of inflam- 
matory cells and mediators. 









SYSTEMIC INFLAMMATORY RESPONSE SYNDROME (SIRS) 


CLINICAL 
CORRELATION 


ZW 


* SIRS is defined as a constellation of clinical signs and symptoms, including hyperthermia (> 38°C) or 
hypothermia (< 36°C), tachycardia (> 90 bpm), tachypnea (> 20 breaths/min), and/or altered 
white blood cell (WBC) counts (> 12,000/L or < 4,000/pL). 


* Septicemia (microbes in the blood stream) and microbial toxemia (toxins in the blood stream) are 
among the leading causes, in which case the syndrome is called sepsis or septic shock. 


* Regardless of the initiating event, proinflammatory cytokines play a central role. 
* Multiorgan dysfunction, including acute respiratory distress syndrome, is a common sequela. 
* Mortality rates when multiorgan failure is present approach 90%. 


—— 
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E. Cytokines of innate immunity are secreted in a temporal sequence. 
1. TNF-© is produced early and promotes leukocyte localization at sites of infec- 
tion. 
2. Chemokines are produced early as a means of recruiting leukocytes to affected 
tissue sites. 
3. Cytokines that activate phagocytes (eg, IFN-y) are produced somewhat later. 


III. Cytokines of adaptive immunity provide coactivating signals for lympho- 
cytes and regulate antigen-presenting cells. 


A. Cytokines that induce humoral immunity are concerned with B cell recruitment, 
activation, growth, and differentiation. 

1. IL-2 from CD4* Th1 cells induces B cell proliferation and increases Ig and J 
chain synthesis. 

2. IL-4 from CD4* Th2 cells promotes Ig class switching to IgE, induces the 
differentiation of naive CD4* T cells into Th2 cells, and antagonizes IFN-y- 
driven Ig class switching to IgG3. 

3. IL-5 and TGF-B promote the synthesis of IgA by B cells. 

4, The chemokine CCL7 directs antigen-stimulated B cells to T-dependent areas 
of the lymph nodes. 

5. The coactivating effects of IL-4 on B cells are balanced by the inhibitory effects 
of IEN-Y. 


B. Cytokines that promote cellular immunity induce the activation, growth, and/or 
differentiation of T cells, NK cells, NKT cells, and macrophages. 
1. IL-2 has the following characteristics. 
a. It is an autocrine growth factor for many CD4* and CD8* T cells. 
b. It enhances the cytotoxic activity of NK cells and conventional CD8* T cells. 
c. It costimulates T cells for the production of IL-4, IL-5, and IFN-y. 
d. It promotes the development of Treg cells. 
e. It induces autocrine activation-induced cell death in T cells (Chapter 11). 
2. IFN-Y has the following characteristics. 
a. It is primarily produced by CD4* Th1 cells and CD8* T cells during adap- 
tive immune responses. 
b. It activates macrophage intracellular killing of microbes. 
c. It increases both class I and class II antigen presentation pathways by in- 
creasing MHC, transporter associated with antigen processing (TAP) pro- 
tein, the proteasome subunits, and HLA-DM expression (Chapter 7). 
d. It promotes Th1 polarization by naive CD4* T cells. 
e. It inhibits Th2-associated humoral immunity. 









DEFICIENCY IN IFN-y SIGNALING 


* Genetic deficiencies have been described for either chain of the heterodimeric IFN-y receptor. 

* Patients with these defects are susceptible to infections by viruses and Mycobacterium and Salmo- 
nella species, two intracellular bacterial pathogens. 

* The same phenotype is associated with defects in the expression of either IL-12 or the IL-12 receptor, il- 
lustrating the importance of IL-12 as an inducer of IFN-y. 


3. Lymphotoxin (LT or TNF-B) has the following characteristics. 
a. It is produced by activated T cells. 


—— 


EXPLORING Athossnene 


he atmosphere is divided into four layers: the 

troposphere, the stratosphere, the mesosphere, 
and the thermosphere. The thermosphere is further 
divided into the ionosphere and the exosphere. 


The thermosphere extends from 80 km 
above Earth’s surface outward into 
space. It has no definite outer limit. 


Mesosphere 50 to 80 km 


Most meteoroids burn up in the mesos- 
phere, producing meteor trails. 


Rain, snow, storms, and most 
clouds occur in the troposphere 


Phone calls and television 
pictures often reach you by 
way of communications 
satellites that orbit Earth in 
the exosphere. 


lonosphere 

80 to 550 km 

lons in the ionosphere 
reflect radio waves back to 
Earth. The aurora borealis 
occurs in the ionosphere. 


The ozone layer in the 
stratosphere absorbs ultra- 
violet radiation. 
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b. It has many of the same proinflammatory and apoptosis-inducing effects as 
TNF-a. 


4. TGF-B is chemotactic for blood monocytes. 


IV. Cytokines, referred to as colony-stimulating factors (CSFs) or poietins, 
coordinate the diverse process of hematopoiesis (Figure 12-2). 


A. Stem cell factor (SCF) and IL-3 have broad growth-promoting effects on multi- 
ple blood cell lineages. 


B. Lymphopoiesis is regulated by IL-7 (T and B cells), IL-2 (T cells), and IL-15 
(NK cells). 
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Figure 12-2. Cytokines that regulate hematopoiesis. IL, interleukin; GM-CSF, 
granulocyte/macrophage colony-stimulating factor; CFU, colony-forming unit. 
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C. Myelopoiesis is controlled by erythropoietin (EPO) (erythrocytes), thrombopoi- 
etin (platelets), IL-5 (eosinophils), granulocyte/macrophage (GM)-CSF and 
G-CSF (neutrophils), and GM-CSF and M-CSF (monocytes). 

D. Recombinant CSFs are now used routinely to correct certain defects in 
hematopoiesis. 


ANEMIA AND ERYTHROPOIETIN 









CLINICAL 
CORRELATION 


* Anemia is a reduction in red cell mass and has anumber of causes, including depressed erythropoiesis. 


* Chronic diseases, such as renal failure, malignancy, autoimmune diseases, and certain infections, are 
often accompanied by decreased EPO production. 


* For the treatment of anemia associated with end-stage renal disease, EPO has replaced blood transfu- 
sions as a therapy. 


* Repeated transfusions of whole blood to prospective renal transplant recipients often immunizes them 
against the HLA antigens of the blood donors. 


* This can result in antibody-mediated hyperacute rejection of a subsequent transplant (Chapter 17). 


V. Chemokines, a diverse family of chemotactic cytokines, regulate normal cell 
traffic, tissue architecture, and inflammatory cell recruitment. 


A. Chemokines establish a chemical concentration gradient that is sensed by the cell. 


B. They induce the expression of leukocyte integrins that mediate leukocyte binding 
to and migration between vascular endothelial cells. 

C. Chemokines induce cytoskeletal changes that mediate cell migration. 

D. The two largest chemokine families are designated CCL# or CXCL# (distin- 
guished by the arrangement of their cysteine residues) (Table 12-3). 
1. CCL chemokines attract monocytes, lymphocytes, and eosinophils. 
2. Most CXCL chemokines attract neutrophils, although some act on lympho- 

cytes. 


Table |2-3. Examples of CC and CXC chemokines and their receptors.* 


Chemokine (Ligand) Also Known as Receptors Cells Attracted 


Eosinophils, basophils, 
Th2 cells 


CXCLIO 





“MIP, macrophage inflammatory protein; NK, natural killer; DC, dendritic cells; ENA-78, epithelial 
neutrophil-activating protein 78; IL, interleukin; IP-10, interferon-y-inducible protein 10. 
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E. Chemokine production is induced by a variety of immune and inflammatory 
stimuli, including TNF-a, IL-1B, IFN-y, and IL-4. 

F. Cellular responses to chemokines are mediated by seven-transmembrane, G pro- 
tein-coupled cell surface receptors designated CCR# or CXCR#. 


G. Some chemokine receptors serve as coreceptors for virus entry. 
1. HIV-1 uses both CCR5 and CXCR4 as coreceptors with CD4. 
2. The tissue distribution of these chemokine receptors specifies the tissue tropism 
of a particular HIV-1 clone. 


VI. Cytokines activate cells by binding to high-affinity receptors (Table 
12-4) 


A. Cytokine receptors induce gene expression by activating latent cytosolic transcrip- 
tion factors. 


B. The type I (hematopoietic) receptors activate the Janus kinase (Jak) signaling 

pathway. 

1. Jak is a family of receptor-associated tyrosine kinases that is activated upon re- 
ceptor clustering. 

2. Jak phosphorylation of cytokine receptors recruits signal transducers and acti- 
vators of transcription (STAT) peptides. 

3. Jak phosphorylates STAT peptides and the peptides dimerize. 

4, Dimerization of STAT results in nuclear localization, DNA binding, and tran- 
scriptional activation. 


Table | 2-4. Cytokine receptor families.* 


Receptor Family Ligands Signaling Mechanism 


IL-2, 3,4,5, 6,7, Jak activation of latent, preformed 
12, 1, U5s STAT transcription factors 
G-CSF, GM-CSF 


Jak activation of latent, preformed 
STAT transcription factors 


Binding of adapter proteins and 
activation of NF«B and AP-| 

Binding of adapter proteins and 
activation of caspases 


Binding of adapter proteins and 
activation of latent NF«B 


Seven-transmembrane Chemokines GTP exchange 
G protein coupled Activation of PLC and PI3K 





‘IL, interleukin; Jak, Janus kinase; STAT, signal transducers and activators of transcription; GM-CSF, 
granulocyte/macrophage colony-stimulating factor; IFN, interferon; TNF, tumor necrosis factor; LT, 
leukotriene; SCF, stem cell factor; PLC, phospholipase C; PI3K, phosphatidylinositol-3 -kinase. 


—— 
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5. The receptors for IL-2, 3, 4, 6, 7, 12, and 13, G-CSF, and GM-CSF utilize 
the Jak/STAT pathway for signaling. 


C. Type II interferon-like receptors for IFN-o/B, IFN-y, and IL-10 also signal 
through Jak/STAT. 


D. The TNF receptor family utilizes adapter proteins to activate diverse signaling 
pathways. 
1. When adapter proteins with death domains are recruited, caspase activation 
signals apoptosis. 
2. When adapters without death domains are recruited, kinase activation results 
in the activation of NFKB. 


E. The Ig superfamily of receptors, such as the IL-1 receptor, activates NF«B using 
specialized adapter proteins (eg, MyD88) (Figure 1-3). 


F. G protein-coupled chemokine receptors signal through phospholipase C (PLC), 
phosphatidylinositol- 3-kinase (PI3K), and guanosine triphosphate (GTP) ex- 
change proteins. 

G. Different forms of the IL-2 receptor show different affinities for IL-2. 

1. Resting T cells, B cells, and NK cells express the B and yc chains of IL-2R, 
which shows a moderate affinity for IL-2 (10 M). 

2. Activated T cells express an additional & chain in their IL-2R, which increases 
receptor affinity to 107'! M. 


COMMON y CHAIN (yC) DEFICIENCY 





CLINICAL 
CORRELATION 






* Whereas cytokine deficiencies are extremely rare, an X-linked recessive cytokine receptor defect is the 
most common cause of severe combined immune deficiency. 


* Mutations in the common y chain (yc) impair the development of T cells and NK cells, because the re- 
ceptors for IL-2, IL-4, IL-7, and IL-15 share the yc subunit. 


* The resulting TB*NK phenotype places these infants at risk for infections with intracellular pathogens. 


CLINICAL PROBLEMS 


A 5-month-old male patient presents with enlarged lymph nodes, and a biopsy shows 
acid-fast bacteria, a feature of infections with mycobacteria. The patient shows a normal 
complete blood count (CBC) and differential, normal T and B cell subsets by flow cytom- 
etry, and normal serum Ig levels when referenced to age-matched controls. 


1. For which of the following cytokines would a mutation in its receptor explain this clin- 
ical picture? 


A. IL-1 
B. IL-2R 
C. TNF-a 
D. IFN-y 
E. IL-10 
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2. Which of the following additional cytokine deficiencies would produce a similar phe- 
notype? 
A. IL-12 deficiency 
B. IL-7 deficiency 
C. IL-15 deficiency 
D. SCF deficiency 
E. IL-4 deficiency 


A patient who received a cardiac transplant from an unrelated donor is given the drug cy- 
closporine to control rejection of his allograft. 


3. Which of the following receptors signals through an intermediate that is sensitive to the 
drug cyclosporine? 


A. IL-1 receptor 

B. IL-2 receptor 

C. T cell receptor (TCR) 

D. TLR4 

E. CXCR4 
The blood lymphocytes of a 6-month-old child with recurrent, complicated viral and fun- 
gal infections do not respond normally to IL-2 and IL-4 in vitro. The patient currently has 


thrush and a cytomegalovirus (CMV) infection. The patient has a single gene mutation 
that explains all of these findings. 


4, Which of the following immune functions might you expect to be normal in this 


child? 
A. Neutrophil ingestion of bacteria 
B. NK cell killing of virus-infected cells 
C. T cell activation by antigen + antigen-presenting cells (APCs) 
D. Ig class switching by B cells cultured with the patient’s T cells 
E. Killing of CMV-infected cells by CD8* cells 
A menstruating teenager presents to the emergency room in shock and is diagnosed as suf- 


fering from toxic shock syndrome secondary to a vaginal infection with the bacterium 
Staphylococcus aureus. 


5. Which of the following cytokines is both key to host defense against this organism and 
a central mediator of toxic shock pathogenesis? 


A. IL-10 
B. TNE-o 
C13 
D. TGF-B 
E. IL-5 


chl2.qxd 2/6/06 01:12 PM Page 148 


148 USMLE Road Map: Immunology % j 


N 


= 


ANSWERS 


1 


. The correct answer is D. Mutations in the IFN-YR result in susceptibility to intracellu- 


lar pathogens (bacterial and fungal) early in life. This probably results from the failure 
to activate infected macrophages, a cell type commonly infected by these pathogens. 


. The correct answer is A. Because of its role as a coinducer of IFN-Y, IL-12 is also essen- 


tial for the induction of cellular immunity to intracellular bacterial pathogens, such as 
the mycobacteria. Defects in the IL-12R produce a similar clinical picture. 


. The correct answer is C. None of the cytokine receptors signals through a cyclosporine- 


sensitive pathway, although the production of IL-2 and IL-4 by activated T cells is in- 
hibited by the drug. Cyclosporine inhibits calcineurin and the activation of nuclear 
factor of activated T cells (NFAT), which induces transcription of genes in T and B 
cells. 


. The correct answer is A. The only known gene defect that could interfere with re- 


sponses to both IL-2 and IL-4 is a mutation in the yc chain of the IL-2R and IL-4R. 
This defect also blocks IL-15R signaling, which would result in an absence of NK cells. 
The overall phenotype in the periphery would be TB*NK . 


. The correct answer is B. TNF- is a key mediator of both toxic (Chapter 6) and septic 


shock (Chapters 1 and 12). Toxic shock is initiated when superantigens produced by 
certain microbes, including the gram-positive Staphylococcus, activate Th cells and 
macrophages by cross-linking TCRs to MHC class II molecules. Massive cytokine pro- 
duction results when both cell types are activated. 
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I. Robust immune responses, even to relatively nonthreatening antigens, 
can cause host tissue damage. 


A. An allergy (or hypersensitivity) is an adaptive immune response to an environ- 
mental antigen that damages tissues and causes organ dysfunction. 
1. Allergy is mediated by specific antibodies and/or effector T cells. 
2. The signs and symptoms of allergy include watery eyes, runny nose, sneezing, 
coughing, wheezing, and pruritic (itchy) hives. 
3. An allergen is an antigen that can produce these signs and symptoms (Table 
13-1). 
4, Typical allergens include pollens, animal dander, insect venoms, and foods. 
B. Atopic allergies are familial, rapid, and strong reactions mediated by im- 
munoglobulin (Ig) E. 
1. Atopy is a heritable predisposition to produce IgE antibodies and other allergic 
mediators in response to environmental antigens. 
2. Atopic conditions are more common in developed countries with high levels of 
air pollutants and closed living spaces. 
3. Common manifestations of atopic allergies are allergic rhinitis, allergic 
asthma, atopic dermatitis, and allergic anaphylaxis. 


C. Anaphylaxis is a systemic form of allergy involving the cardiovascular, respiratory, 

cutaneous, and gastrointestinal systems. 

1. Anaphylactic shock includes hypotension, tissue hypoxia, and the loss of con- 
sciousness. 

2. Anaphylactoid shock is similar in its presentation, but is not mediated by IgE. 
a. IgG antibodies mediate systemic anaphylactoid reactions. 
b. Complement-mediated mast cell activation produces anaphylaxis-like symp- 

toms. 


D. Allergies can develop to inhaled, ingested, or injected antigens or antigens en- 

countered by contact with the skin (Table 13-1). 

1. Tree and grass pollens induce seasonal rhinitis and conjunctivitis. 

2. Peanuts, shellfish, eggs, and dairy products often cause food allergies. 

3. Insect and snake venoms and injected drugs (eg, penicillin) can cause allergic 
anaphylaxis. 

4, Plant resins (eg, poison ivy pentadecacatechol), industrial chemicals, and 
metals can cause allergic contact dermatitis. 


149 
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Table |3-!. Common allergies and allergens. 


Clinical Manifestations Typical Sources of Allergens 


Atopic allergic rhinitis and Tree and grass pollens, mold spores, mites in house 
allergic asthma dust, pet dander 


Pharmaceuticals, organic and inorganic compounds, 
enzymes, microbial agents, dyes, plant products, 
shellfish, animal products 


Foods (shellfish, nuts, seeds), drugs (polypeptide 
hormones, enzymes, haptenic drugs, opiates), insect 
venoms 


Nickel and other metals, formaldehyde, epoxy resins, 
neomycin cream, benzocaine, plant resins 


Drug allergies B-Lactam antibiotics, NSAIDs? 





“NSAIDs, nonsteroidal antiinflammatory drugs. 


E. Gell and Coombs first described the four major mechanisms of immune tissue in- 

jury that underlie human hypersensitivies (Table 13-2). 

1. The mechanisms differ in terms of the nature of the antigen, the immune com- 
ponents involved in their pathogenesis, and the nature and onset of clinical 
symptoms. 

2. Antigenic specificity is mediated by antibodies and/or T cells. 

3. Tissue damage results from the activation of complement, mast cells, neu- 
trophils, macrophages, or lymphocytes. 

4, Immune tissue injury mediated by the innate immune system is not included 
in the Gell and Coombs classification scheme. 


F. Immune tissue injury mediated by adaptive immunity requires two phases. 
1. Sensitization occurs on first exposure to the allergen (Figure 13-1). 
a. Antibody production and/or the proliferation of T cells occur during the 
sensitization phase. 
b. Antibody can either bind to cellular Fe receptors or remain in the circula- 
tion, depending on Ig class. 
c. Tissue damage is not generally seen during the sensitization phase. 
2. During the elicitation phase, antibodies or immune T cells recognize the aller- 
gen and trigger effector mechanisms. 
a. For example, large numbers of memory CD4* Th1 cells are activated to pro- 
duce cytokines. 
b. Allergen—antibody complexes activate complement to produce inflamma- 
tory peptides. 


—— 
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Table |3-2. The Gell and Coombs classification of immune tissue injury mediated by adaptive immunity.* 


Time from Cellular Soluble 
Exposure to Form of Immune Immune Clinical 
Response the Antigen Antibodies Mediators Mediators Examples 


Minutes Protein or Mast cells, Histamine, Atopic allergies 
hapten- basophils, proteases, Allergic asthma 
protein eosinophils eicosinoids, 

cytokines, 
chemokines 


Transfusion 
reactions 


MHC-bound APCs, T cells, IL-2, IFN-y, — Allergic contact 
peptide NK cells, chemokines dermatitis 
macrophages 





“lg, immunoglobulin; MHC, major histocompatibility complex; APC, antigen-presenting cells; NK, natural killer; IL, inter- 
leukin; IFN, interferon. 


c. Mast cells with IgE antibodies bound to their surface Fc receptors degranu- 
late when allergen is encountered. 


G. Innate immunity also causes localized tissue damage, but does not require a prior 
exposure to the foreign agent (ie, a sensitization phase). 
1. The tissue damage seen in septic arthritis is caused by the activation of neu- 
trophils recruited to an infected joint. 
2. Innate immune tissue injury can be elicited by relatively nontoxic microbial 
products, such as bacterial DNA or cell wall lipopolysaccharide (LPS). 
a. Sepsis is an acute systemic inflammatory response to infection mediated by 
danger signals and the excessive production of inflammatory mediators. 
b. Responses to components of nonpathogenic microbial flora can induce 
organ-specific inflammatory tissue damage. 
(1) Crohn’s disease is thought to be initiated by innate immune responses 
to intestinal microbial flora. 
(2) Ulcerative colitis appears to involve a similar imbalance of the mucosal 
immune system. 


CROHN’S DISEASE 









CLINICAL 
CORRELATION 


* Crohn's disease (CD) is a chronic transmural inflammation of the large and small bowel that begins 
with the loss of epithelial barrier function in the intestine. 
* Some CD patients have mutations in the Nod2 antimicrobial protein, which diminishes their ability to 


clear bacteria that breach the epithelium. 


—— 


6193ch13.qxd_mg 2/6/06 01:11 PM Page 152 


N 


152 USMLE Road Map: Immunology & 


la 
{ 
\ 
\ rd 


Allergen 














Plasma cell 


wf \ 
/ SY 
IgE antibody 


Sensitized 
mast cell 


PR 


Small blood vessel Smooth muscle — Mucous gland Sensory-nerve Blood platelets Eosinophils 
endings 

Figure 13-1. The sensitization and elicitation phase of immediate type immune tissue injury. IL-4, 

interleukin 4; IgE, immunoglobulin E. 





* Aberrant innate immune responses develop in the gastrointestinal tract to the intestinal flora. 

* Activated macrophages and Th1 cells produce excessive interleukin (IL)-12, interferon (IFN)-y, and 
tumor necrosis factor (TNF)-. 

* Sustained macrophage and neutrophil activation contributes to chronic inflammation. 


* Blocking the action of TNF-a with monoclonal antibodies to the cytokine has proven effective in the 
treatment of CD. 


II. Type I (immediate-type) immune tissue injury (Table 13-2) is a rapid 
response to environmental antigens mediated by IgE antibodies and 
vasoactive inflammatory mediators released by mast cells. 
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A. The antigens that elicit these responses are proteins or haptens (eg, drugs) that 
can bind to proteins. 
1. The allergens are presented by major histocompatibility complex (MHC) class 
II molecules and activate CD4* Th2 cells. 
2. Th2 cells produce IL-4 and IL-13, which induce class switching to IgE. 


B. The propensity to make high-titer IgE antibodies to environmental allergens is, in 
part, genetically determined. 
1. Multiple genes control susceptibility to allergy and asthma. 
2. Among the traits that appear to be genetically controlled are total IgE levels, 
Th2 polarization, and mast cell and eosinophil growth. 


C. Allergen-specific IgE antibodies bind to Fce receptor I (FceRI) on tissue mast 
cells. 
1. FceRI is a very high-affinity receptor (Kg = 10 pM). 
2. The activation of mast cells through FceRI requires receptor cross-linking by 
multideterminant antigens. 
3. Because the antibodies displayed on mast cells are specific for many different 
epitopes, polyvalent protein antigens can cross-link surface Fc€RI molecules. 


D. The tissue distribution and density of mast cells as well as the surface density of 
FceRI determine the distribution of tissue injury. 
1. The route of immunization (eg, respiratory versus gastrointestinal) determines 
the local distribution of antibody specificities on tissue mast cells. 
2. Mucosal and connective tissue mast cells produce distinct patterns of inflam- 
matory mediators. 


HYPER-IgE SYNDROME 









CORRELATION 
* Hyper-IgE syndrome or Job’s syndrome is an immune deficiency characterized by recurrent and se- 
vere staphylococcal skin abscesses and pneumonia. 
* Th1:Th2 imbalance results in a decreased production of IFN-y, a cytokine that normally inhibits Th2 re- 
sponses, such as switching to IgE production. 
* These patients can also show pruritic dermatitis, but increased allergy is not common, despite exceed- 


ingly high serum IgE levels (> 2000 IU/mL). 


E. Signaling through FceRI results in three mechanisms of inflammatory mediator 
release (Figure 13-2). 
1. Preformed mediators stored in cytoplasmic granules are released when mast 
cells degranulate. 
a. Allergen binding triggers FceRI clustering. 
b. Phospholipase Cy (PLCy) is recruited to the immunotyrosine activation 
motifs (ITAMs) of the FceRI and is activated. 
c. Protein kinase C (PKC) is then activated by diacylglycerol and phosphory- 
lates myosin light chains. 
d. Cytoskeleton changes are induced that promote granule exocytosis and the 
release of granule constituents. 
(1) The preformed vasoactive amine histamine (Table 13-3) is released. 
(2) Heparin, the proteases chymase and tryptase, and chemotactic peptides 
that recruit neutrophils and eosinophils are also released from granules. 
e. Degranulation can be inhibited by maintaining elevated levels of intracellu- 


lar cyclic AMP (cAMP). 


—— 
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Figure 13-2. Fce receptor | (FceRI) signaling in mast cells. PIP;, phosphatidylinositol 4,5-biphosphate; 
DAG, diacylglyceride; PLCy, phospholipase Cy; IP3, inositol |,4,5-triphosphate; PLA,, phospholipase A,; 
MAP, mitogen-activated protein; PKC, protein kinase C; PGD,, prostaglandin D,; LT, leukotriene; 
TNF, tumor necrosis factor. 








2. FceRI cross-linking also activates phospholipase A, (PLA,). 

a. PLA, cleaves phosphatidylcholine to form arachidonic acid. 

b. Arachidonic acid is metabolized by the cyclooxygenase and lipoxygenase 
pathways to form prostaglandins (PGs) and leukotrienes (LTs), respec- 
tively. 

3. The de novo expression of cytokine genes is induced by the activation of tran- 
scription factors. 

a. Nuclear factor of activated T cells (NFAT), nuclear factor-«B (NFKB), 
and AP-1 are activated in mast cells. 

b. The genes for IL-3, IL-4, IL-5, IL-6, IL-13, and TNF-© are transcribed. 


—— 
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Table |3-3. Inflammatory mediators derived from activated mast cells.* 


Preformed or Proinflammatory Mast Cell Signaling 
Newly Synthesized Mediators Effects Intermediates 


Preformed mediators Histamine Itchy sensation, PLCy, Ca?* mobilization, PKC 
Heparin vasodilation, increased _ activation, myosin phosphoryla- 
Tryptase vascular permeability, tion, granule exocytosis 
Chymase bronchoconstriction, 
mucus secretion, 
leukocyte chemotaxis, 
gut peristalsis 


Newly synthesized PAF, prosta- Vasodilation, increased PLA, activation, arachidonic acid, 
mediators glandins vascular permeability, COX-2 
(PGD,), bronchoconstriction, NF«B, NFAT, and AP-| 
leukotrienes eosinophil chemotaxis, activation 
(LTC,) mucus secretion, 
IL-3, IL-4, platelet aggregation, 
IL-5, IL-6, ICAM-I expression, 
TNF-a, mast cell growth, 
eotaxin Th2 cell differentiation 





*E-CFA, eosinophil chemotactic factor of anaphylaxis; N-CFA, neutrophil chemotactic factor of ana- 
phylaxis; PLCy, phospholipase Cy; PKC, protein kinase C; PAF, platelet-activating factor; IL, inter- 
leukin; TNF, tumor necrosis factor; ICAM, intercellular adhesion molecule; PLA,, phospholipase A,; 
COX, cyclooxygenase; NF«B, nuclear factor kB; NFAT, nuclear factor of activated T cells. 









IgE-INDEPENDENT MAST CELL ACTIVATION 


* Several agents can activate mast cells without binding as allergens to cell surface IgE. 


* Certain drugs (morphine, codeine, calcium ionophores, vancomycin, radiocontrast agents) can acti- 
vate mast cells directly and induce anaphylaxis. 


The anaphylatoxins C3a, C4a, and C5a trigger mast cell degranulation. 

The neuropeptides substance P and somatostatin mediate cholinergic triggering of asthma by acti- 
vating mast cells. 

Lectins, such as those found in some foods, can bind carbohydrate residues on IgE and induce adverse 
reactions to foods. 


F. The signs and symptoms of allergy reflect the action of mast cell mediators on tar- 

get tissues (Table 13-3). 

1. Most of the inflammatory effects of histamine in allergy are mediated through 
binding of histamine to H, histamine receptors. 
a. H, receptors are G protein coupled and activate adenylate cyclase. 
b. Adenylate cyclase activation leads to a transient increase in intracellular 

cAMP concentrations. 
2. The effects of histamine depend on the cell type affected. 


—— 


6193ch13.qxd_mg 2/6/06 01:11 PM Page 156 


N 


156 USMLE Road Map: Immunology + 


eS 
¢ 
), 


a. Histamine relaxes smooth muscle cells in peripheral blood vessels causing 
vasodilation. 

b. Histamine induces bronchospasms in the lungs and peristalsis in the in- 
testines by stimulating smooth muscle contraction. 

c. Histamine causes contraction of vascular endothelial cells resulting in in- 
creased vascular permeability and edema. 

3. Tryptase and chymase are serine proteases stored in granules. 

a. The circulating levels of tryptase are a clinical measure of recent mast cell 
degranulation. 

b. Tryptase induces mucus secretion in the lungs. 

c. Tryptase can activate certain matrix metalloproteases. 

d. Tryptase cleaves plasminogen to form plasmin, which cleaves C3. 

4, Mast cell granules contain two chemotactic peptides. 

a. Eosinophil chemotactic factor of anaphylaxis (E-CFA) attracts 
eosinophils to the lung in asthma and to the intestine in certain parasitic in- 
fections. 

b. Neutrophil chemotactic factor of anaphylaxis (N-CFA) recruits neu- 
trophils that contribute to tissue damage. 

5. Proteoglycans, including heparin and chondroitin sulfate, are granule con- 
stituents to which other mast cell mediators are bound. 


SYSTEMIC ALLERGIC ANAPHYLAXIS 


* The allergens that typically induce systemic anaphylaxis include drugs, insect venoms, and certain 
foods. 

* Key target organs include the cardiovascular, pulmonary, gastrointestinal, and cutaneous systems. 

* Typical signs and symptoms of anaphylatic shock include generalized pruritis, apprehension, hypoten- 
sion, abdominal cramping, tachycardia, tachypnea, and hives. 

* Timely injection of epinephrine is life saving. 

* Drugs that inhibit the late phase of anaphylaxis are essential to avoid a secondary shock response sev- 
eral hours later. 


6. Three groups of lipid mediators contribute to allergic responses. 
a. Platelet activating factor (PAF) is derived from the PLA;-mediated hydrol- 
ysis of membrane phospholipids. 
(1) PAF is produced by mast cells, basophils, and endothelial cells. 
(2) PAF induces vasodilation, bronchoconstriction, and increased vascu- 
lar permeability. 
b. PGs are derived from the metabolism of arachidonic acid via the cyclooxy- 
genase (COX) pathway. 
(1) COX-2 is the principal mast cell cyclooxygenase. 
(2) PGD, is the principal prostaglandin produced. 
(3) PGD, causes vasodilation and bronchoconstriction. 
c. LTs are derived from arachidonic acid by the lipoxygenase pathway. 
(1) LTC,, LTD,, and LTE, are the principal leukotriene mediators of al- 
ler 
(2) LTC, is produced by mucosal mast cells, but not connective tissue mast 
cells (eg, in the skin). 
(3) LTC, is a major cause of bronchoconstriction. 


—— 
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7. Cytokines are expressed by mast cells following transcription. 
a. IL-3 and IL-4 promote the growth of mast cells. 
b. IL-4 and IL-13 induce B cell class switching to IgE. 
c. IL-5 is a chemotactic factor for eosinophils. 
d. IL-4 promotes eosinophil growth. 
e. TNF-o facilitates leukocyte chemotaxis by inducing vascular intercellular 
adhesion molecule (ICAM)-1 and leukocyte integrin expression. 
f. Cytokines mediate many of the late-phase allergic responses. 









ALLERGIC ASTHMA 


CLINICAL 
CORRELATION 


WW 


The allergic form of asthma is caused by IgE-mediated immunity to inhaled allergens. 

Th2 polarization probably begins early in life. 

Asthmatic “attacks” can be triggered by either intrinsic signals (eg, cold outside air or exercise) or ex- 
trinsic signals (ie, allergens). 

Chronic mast cell activation leads to persistent mediator release, bronchoconstriction (chest tight- 
ness), mucus secretion, and eosinophil recruitment and activation. 


Eosinophils damage the mucosal epithelium, cause perivascular edema, and initiate lung tissue re- 
modeling. 

Mucus plugging of the bronchi results in the hyperinflation of the lungs, an inability to expire air, and 
expiratory wheezing. 

Early intervention is designed to diagnose and treat the underlying allergic conditions. 


As the disease progresses, more aggressive treatment to control chronic inflammation (eg, corticos- 
teroids) must be considered. 


G. The proper diagnosis of atopic allergies requires a careful patient history and al- 
lergy skin testing. 
1. The diagnostic gold standard for allergy is the skin test. 
a. Allergen injected into the skin induces histamine release, localized edema 
(wheal), and a zone of erythema (flare) within 20 minutes. 
b. Negative and positive controls (eg, saline and histamine, respectively) are es- 
sential to validate the test. 
2. The radioallergosorbant test (RAST) is useful for measuring the circulating 
levels of IgE antibodies to known allergens (Chapter 5). 


HAY FEVER 









CLINICAL 
CORRELATION 


* Allergic rhinitis or hay fever can be a perennial or seasonal condition. 


* For example, in the Midwest, ragweed pollenosis shows a well-delineated season with symptoms ap- 
pearing first in mid-August and lasting through the first frost. 


* Rhinitis presents as sneezing, nasal congestion, and watery, itchy eyes. 
* Typical allergens include pollens, fungal spores, animal dander, and house mites. 


* The accurate identification of the allergen requires a careful patient history combined with skin testing 
using standardized allergens. 


H. Prophylaxis and treatment of allergic conditions take many forms. 
1. The first approach to prophylaxis is to avoid the allergen. 
2. Immunotherapy is an effort to divert the immune system away from IgE- 
mediated triggering of mast cells. 
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a. The patient receives repeated intradermal injections of the allergen over sev- 
eral months. 
b. Some patients produce IgG and IgA antibodies that compete with allergenic 
IgE. 
c. The IgE antibody levels in some patients decrease by unknown mechanisms. 
d. A Th2 to Th! shift in immunity to the allergen may occur. 
3. Antibodies to the Fc portion of IgE (omalizumab) are beneficial for treating se- 
vere allergic asthma (Table 13-4). 
a. The antibodies decrease circulating levels of IgE. 
b. They decrease the density of FceRI on tissue mast cells. 
4, Desensitization is a therapy designed to establish a temporary block of aller- 
gen-induced mast cell mediator release. 
a. Desensitization is most often used when no alternative therapy exists for a 
patient with a drug allergy. 
b. The patient is given the allergenic drug in incrementally increasing doses be- 
ginning with a subclinical dose. 
c. Desensitization probably results from the gradual, controlled release of mast 
cell mediators. 
d. The desensitized state persists only while the drug is given. 


Table |3-4. Pharmacological treatment of allergy." 


Examples Mechanisms of Action Clinical Uses 


Diphenhydramine, Allergic rhinitis, urticaria, 
fexofenadine anaphylaxis 


Epinephrine, 
albuterol 


Beclomethasone, Blocks PLA, and Allergic rhinitis, asthma, 
methylprednisolone cytokine expression anaphylaxis 


Mast cell Allergic rhinitis 
stabilizers Asthma 


Leukotriene Zafirlukast Blocks LT action Asthma 
receptor 
antagonists 





“IgE, immunoglobulin E; NSAIDs, nonsteroidal antiinflammatory drugs; PG, prostaglandin; PLA,, phos- 
pholipase A); LT, leukotriene. 
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5. Inhibiting mast cell degranulation is effective against allergy. 

a. Cromolyn sodium inhibits Ca** influx, an important step in FceRI signal- 
in 

b. Theophylline maintains high intracellular cAMP levels in mast cells. 

c. Nonsteroidal antiinflammatory drugs (NSAIDs) (eg, indomethasone) in- 
hibit arachidonic acid metabolism. 

d. Hydrocortisone acts at multiple steps in mast cells. 
(1) It inhibits histamine synthesis from histidine. 
(2) It inhibits the activation of PLA). 
(3) The drug blocks NF«B activation by increasing the expression of its in- 

hibitor IB. 


FOOD ALLERGIES 


* Food intolerance can be IgE dependent or IgE independent. 

* Most adults show the IgE-dependent form, whereas significant numbers of infants or children have 
food intolerance that is not IgE mediated. 

* Common allergens include proteins of peanuts, soybeans, shellfish, milk, and eggs. 

* Oropharyngeal symptoms (pruritis and urticaria in the mouth) appear first followed by nausea, cramp- 
ing, vomiting, flatulence, and diarrhea. 

+ Urticarial rashes and even anaphylaxis can result from allergic reactions to foods. 

* IgA deficiency increases the childhood risk of developing IgE-mediated food allergies. 


6. Some drugs block the effects of allergic mediators. 

a. The B-adrenergic receptor agonist epinephrine blocks histamine action. 

b. Epinephrine is life saving in acute allergic anaphylaxis. 

c. The B,-receptor agonist albuterol is an effective bronchodilator used for the 
treatment of allergic asthma. 

d. Antihistamines include the H, receptor antagonists (eg, diphenhydramine 
and chlorpheniramine). 

e. Leukotriene receptor antagonists are used to treat asthma. 

f. Hydrocortisone and other corticosteroids also block inflammatory gene ex- 
pression in target cells. 


III. Type II (cytotoxic) immune tissue injury results from the recognition of 
cell- or tissue-bound antigens by IgG and IgM antibodies (Table 13-2). 


A. Tissue damage generally requires hours or days to become evident. 


B. IgM and IgG antibodies activate complement through the classical pathway. 
1. Tissue damage can result from the formation of the membrane attack com- 
plex C5b-9. 
. C5a is chemotactic for neutrophils. 
- C3a, C4a, and C5a are anaphylatoxins that directly activate mast cells. 
- Phagocytic cells can cause tissue damage when they attach to IgG- or iC3b- 
coated tissues and cells. 


BR QW hb 


C. Anemia is a common effect of cytotoxic immune tissue injury directed toward ery- 
throcyte antigens. 
1. Transfusion reactions result when mismatched blood is transfused to a patient 
with a preformed antibody. 


—— 
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2. Rh disease of the newborn is due to maternal IgG antibodies that cross the 
placenta and bind to fetal Rh antigens. 

3. A number of autoimmune diseases (eg, Coombs-positive hemolytic anemias 
and thrombocytopenias) are mediated by host antibodies reacting with au- 
toantigens (Chapter 16). 


D. Damage to solid tissues and extracellular matrix is also mediated by cytotoxic im- 
mune tissue injury. 
1. Hyperacute graft rejection is mediated by anti-HLA antibodies. 
2. Autoantibodies in Goodpasture syndrome react with type IV collagen of the 
glomerular basement membrane. 


E. The diagnosis of type II immune tissue injury is often based on detecting an ab- 
normal distribution of IgG. 
1. The Coombs test detects Ig on erythrocytes. 
2. Immunofluorescence can detect IgG deposition within tissues. 


IV. Type III (immune complex) tissue injury results when soluble 
antigen—antibody complexes form in the blood and deposit in tissues. 
A. Immune complex deposition in the kidneys causes nephritis. 
B. Immune complexes in the joints result in arthralgia and arthritis. 
C. Immune complexes in the skin cause a range of lesions, including rashes. 


D. Immune complex deposition in blood vessel walls causes vasculitis, purpura, and 
edema. 


E. IgG-containing immune complexes activate complement in tissues. 
1. C5a attracts neutrophils to sites of immune complex deposition. 
2. iC3b serves as an adhesion ligand promoting neutrophil binding. 
3. The membrane attack complex damages cells. 
4. Immune complex formation often causes a transient decrease in the serum lev- 


els C1, C2, C3, and C4. 


F. Diagnosis involves the detection of antibodies in the serum or affected tissues. 


SERUM SICKNESS 
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* Serum sickness was first described in the preantibiotic era as a reaction to horse antitoxins given re- 
peatedly for the treatment of toxin-mediated infectious diseases. 


* The condition can arise after antibody production to either protein [eg, intravenous immunoglobulins 
(IVIG), foreign monoclonal antibodies, vaccines] or nonprotein (eg, penicillin or sulfonamides) anti- 
gens. 


* Serum sickness typically becomes evident 1-3 days after exposure to the antigen. 

* Signs and symptoms include fever, rash, hypotension, anaphylactoid purpura, lymphadenopathy, 
myalgia, arthralgia, and nephritis. 

* The treatment of anaphylactoid syndrome is the same as that for anaphylaxis, ie, discontinuance of 
the antigen and administration of epinephrine, antihistamines, and corticosteroids. 


V. Type IV (delayed-type) immune tissue injury is a manifestation of cell- 
mediated immunity to haptens or protein antigens. 


A. The immunologically specific component of delayed-type hypersensitivity 
(DTH) is the Th1 cell, rather than antibody. 
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1. Allergens must be proteins or chemically reactive groups capable of binding co- 
valently to proteins. 

2. Important cytokines include IL-1, TNF-a, IL-2, IL-12, IFN-y, and the CCL 
group of chemokines (Chapter 12). 


B. Host tissue damage is mediated by cytotoxic T lymphocytes, natural killer (NK) 
cells, macrophages, and a range of soluble inflammatory mediators. 
1. Macrophages and Th1 cells produce the proinflammatory cytokines IL-1, IL-2, 
IFN-y, and TNF-a. 
2. Macrophages produce eicosinoids (LTs and PGs), hydrolytic enzymes, and re- 
active oxygen species. 


C. The important clinical manifestations of type IV hypersensitivity show delayed 
onset (2-3 days) and include contact dermatitis. 
1. Plant resins (eg, poison ivy pentadecacatechol), metals (eg, nickel) and chemi- 
cals (eg, cosmetics) cause a variety of rashes. 
2. Industrial exposure to certain drugs, including antibiotics, can cause type IV 
hypersensitivities. 


D. Delayed-type hypersensitivity (DTH) skin lesions are initially characterized by 


their indurated (firm) nature, rather than the edematous (fluid-filled) lesions of 
atopic allergy. 


E. The diagnosis of allergic contact dermatitis is aided by the patch test. 
1. Solutions of test allergens are placed on absorbent skin patches. 
2. The extent of induration and erythema beneath each patch is determined 
48-72 hours later. 





CLINICAL PROBLEMS 


A 44-year-old school teacher who paints houses in the summer presents in early June with 
erythematous, indurated, and blistering lesions limited to his hands and forearms. The le- 
sions typically appear each summer within several days of beginning to use painting prod- 
ucts, including solvents and epoxy resins. He indicates that he does not wear protective 
gloves when working with these chemicals. The lesions disappear several weeks after he re- 
turns to his teaching position in the fall. 


1. Which of the following represents a likely step in the pathogenesis of this disease? 
A. Activation of Cl 
B. Chemotaxis of neutrophils 
C. Induction of IgE antibodies 
D. Antigen presentation by the MHC class II pathway 


E. Immune complex deposition 


2. Which of the following test results would best fit the clinical findings in this case? 
A. A positive skin test after 20 minutes with a dilute solution of epoxy resin 


B. A positive skin patch test with a dilute solution of epoxy resin 


—— 
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C. Decreased serum levels of C1, C2, C3, and C4 

D. A decreased CD4:CD8 ratio 

E. Elevated serum tryptase 
Jim received penicillin for pneumonia several years ago and presented last week with what 
appeared to be an allergic reaction to the drug when it was taken for a sinus infection. The 
next day after beginning oral penicillin, Jim’s eyelids became puffy and his abdomen was 
covered with itchy, nearly confluent hives. After the administration of diphenhydramine 
and hydrocortisone his condition improved. Laboratory tests performed on his acute 


serum showed an elevated level of tryptase and decreased C1 and C3. A skin test with 
penicillin was negative. 


3. Which of the elements of this case suggests this reaction was caused by circulating IgG 
antibody—drug complexes, rather than IgE antibody to penicillin? 


A. His plasma tryptase level was elevated. 

B. His symptoms were corrected by administering antihistamines. 

C. His Cl and C3 levels were decreased. 

D. His skin lesions were pruritic (itchy). 

E. He showed evidence of altered vascular permeability. 
Jesse is a 10-year-old child who complains of chest tightness and wheezing after gym class 
and upon exposure to cold outside air. He experiences sneezing, nasal itching, and nasal 
congestion indoors and following contact with his friend’s dog. His allergist has deter- 
mined by skin testing that he is allergic to oak pollen, Bermuda grass, house dust, and dog 
dander. His pulmonary function tests indicate a forced expiratory volume in 1 second 


(FEV,) < 60% of the expected value for his age and a peak flow rate of 180 L/min (normal 
> 350 L/min). 


4, Which of the following drugs would be most beneficial in alleviating Jesse’s pulmonary 
symptoms? 


A. Albuterol 

B. Anti- TNF-& monoclonal antibody 

C. IVIG 

D. Cyclosporin 

E. Recombinant IL-4 
Anna is a 7-year-old child who presents with itchy, erythematous, indurated lesions on her 
forearms and legs 3 days after a camping trip with her classmates. Her mother treats Anna 


with antihistamines, which reduces the itching sensation, but does not correct the skin le- 
sions. 


5. What additional therapy would probably benefit this child? 
A. Albuterol by inhaler 
B. Topical corticosteroids 


C. Epinephrine 


145 13 20 52 65 200 


Since the 260 unit Tzolkin is the keeper of the 13:20 frequency, its sacred math is naturally 
13x20=260. the power of 13 is found in the movement of the 13 tones of creation(see the 


return of 13) inthe wavespell, and the power of 20 is found in the measure of the 20 day 
yvinal cycle of the Solar Tribes. These two cycles are 
the most essential and basic patterns to begin tracking 


Tzolkin is a teacher and quide of the 
mathematical and energetic 
principles of the universe. It has 
been called "one of the greatest 
jewels of human talent of all ages. "It 
is a cosmic matrix that embodies the a: 
sacred geometries of the 64 DNA 
codons and the I-Ching workings 
One of its main purposes is to 
activate the full realization of human 
potential. This is accomplished by 
aligning the 64 DNA codes into 
conscious, telepathic entrainment 
with the correct timing frequency of 
the universal whole. 


when using the calendar system. 


Tzolkin speaks the language of 
the cycles of 'Hunab Ku’. Hunab 
Ku is the Mayan term for "the 
Principle of _——-~.__ intelligent 
energy : that 
pervades the 

entire 


The Hunab Ku 


universe." The One Giver of 
Movement and Measure, 


The number yi is sacred for it 
is equal to the human gestation 
period of approximately nine 
months(9 moons). We perceive 
and feel each specific tzolkin 
cycle as our own gestation 
period, therefore we are birthed 
anew as each cycle closes and 
begins again, always at a higher 
level on the natural spiral of life 
and evolution 


Each square onthe Tzolkin is a 
combination of a particular one 
of the 13 tones of Creation and 
one of the 20 Solar Tribes. This 
specific combination manifests 
a Unique access point into the 
movement and measure of 4th 
dimensional time, depending 
on which tone & tribe are 
occurring. 


The Maya used this sacred 
calendar to track the exact 
movements of all of the heavenly 
bodies. The number 260 is like a 
cosmic common denominator 
which unifies all orbiting bodies 





The Tzolkin is a radial matrix. 
Radial means that it is a matrix 
of non linear energy flows that 
radiate out fram a center. The 
central column of the Tzalkin is 
symbolic of the void, the field of 
pure potentiality and infinite 
possibility. Although the 
Tzolkin's image appears to be 
on a linear grid, as you study 
the deeper intricacies of the 
matrix, you'll find a very 
different result. Welcome to the 
true nature of time! 





For example, almost all eclipses 
relate by a number of days who's 
factor is 260, and one synodic 
revolution of the red planet Mars 
is 780 days which Is 

exactly 3x 260=760 


There are 52 black squares in the Tzolkin, 
Each representing a heightened energetic 
pattern. These are known as galactic 
activation portals. The configuration of 
the ‘Loom’ as it is called, closely resembles 
the DNA Helix of the human genetic 
structure. 
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ANSWERS 


1. The correct answer is D. The patient’s history suggests this is an occupational exposure 
to a contact allergen in solvents. The indurated nature of the lesions suggests mononu- 
clear cell infiltration into the skin, and the time necessary for their development (sev- 
eral days) is consistent with allergic contact dermatitis. 


2. The correct answer is B. The standard diagnostic test for allergic contact dermatitis is 
the patch test. Dilute solutions of well-standardized test allergens are available that can 
be placed on the skin. It is essential that the test samples be dilute enough to not cause 
primary irritant reactions on the skin. 


3. The correct answer is C. This clinical picture would normally be attributed to a type I 
hypersensitivity reaction mediated by IgE antibodies. However, two aspects of his reac- 
tion suggest this is not the pathogenic mechanism. First, he did not test positive to the 
allergen in an immediate-type skin test. Second, his complement levels were decreased, 
suggesting the activation and depletion of complement by circulating antigen—antibody 
complexes. It should also be noted that his symptoms did not appear immediately. 


4. The correct answer is A. Albuterol is a B,-receptor agonist and is used as a bronchodila- 
tor in asthma. It acts by antagonizing histamine-induced signaling in the lung. Jesse’s 
pulmonary dysfunction results from his lungs being hyperinflated. In addition, his 
breathing is impaired by bronchoconstriction and mucus plugging. 


5. The correct answer is B. The time to onset of symptoms and the indurated nature of 
the lesions suggest this is a case of poison ivy rash. Corticosteroids are administered 
topically to inhibit macrophage and lymphocyte activation in the skin, which are two 
features of delayed-type contact dermatitis. 
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I. Only a subset of the immune responses we make to microbes is 
protective. 


A. Neutralizing antibodies are very effective at controlling infectious agents and 
limiting the effects of their toxins. 
1. Antibodies can prevent viral entry into and uncoating within host cells. 
2. Neutralizing antibodies against microbial exotoxins (eg, tetanus toxin) block 
toxin binding to host cells. 
3. Seroconversion refers to the appearance of antibodies to a microbial pathogen 
in a patient. 
a. Seroconversion can aid in the diagnosis of a specific infectious disease. 
b. Alternatively, seropositivity may simply indicate a prior encounter with the 
organism (or a cross-reacting species), rather than an ongoing or recent in- 
fection. 


B. The clearance of extracellular microbes is primarily mediated by opsonophagocy- 
tosis. 
1. Opsonins include antibodies, complement peptides, and soluble pattern recog- 
nition molecules (Chapter 1). 
2. Opsonic receptors also initiate microbial killing mechanisms. 


C. Killing of microbes can occur either outside or inside immune cells. 
1. Extracellular pathogens that are small enough to be phagocytized (eg, bacteria) 
are killed within phagocytic cells. 
2. Large extracelluar pathogens (eg, filamentous fungi) are killed when phagocytes 
adhere to the surface of the microbe. 


o 


The resolution of an infection requires the complete eradication of the infectious 

agent. 

1. Patients with underlying cellular immune defects often do not resolve infec- 
tions well. 

2. Infections often reappear in these patients after antimicrobial therapy is discon- 
tinued. 

3. Unresolved infections can also persist in normal individuals if the microbe (eg, 
Mycobacterium tuberculosis) establishes a latent infection. 


so 


Innate and adaptive immunity provide distinct forms of protection. 
1. Innate immunity to microbes is essential early in an infection and lowers the 
early microbial burden in the host. 


164 
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2. Innate immunity is more important in immunologically naive hosts (eg, 
neonates) who lack adaptive immunity to the pathogen. 

3. Adaptive immunity arises late in primary infections and often mediates resolu- 
tion of infections. 

4, Adaptive immunity can mediate lifelong specific protection against a particular 
pathogen. 

5. Adaptive immunity is the objective of our current vaccines. 


WORLDWIDE INFECTION RATES 









CLINICAL 
CORRELATION 


ZW 


Each year infectious diseases account for one-third of all deaths worldwide. 


* Infectious diseases that are prevalent in developing countries are often not common in the United 
States. 


For example, tens of millions of individuals worldwide have schistosomiasis, leishmaniasis, and tuber- 
culosis. 


* Malaria, tuberculosis, and AIDS each causes several million deaths each year. 


* Because of the complexity of these organisms and the relatively low level of research on these 
pathogens, effective vaccines have been slow to emerge. 


II. The specific protective immune response to a microbial pathogen 
depends on the life-style of the microorganism (Tables 14-1 and 14-2). 


A. Protection against extracellular pathogens (eg, most bacteria) requires killing of 
the microbe within an intracellular organelle by phagocytic cells. 


B. Large extracellular pathogens (eg, filamentous fungi) are killed when phagocytes 
direct these antimicrobial responses to the extracellular environment. 


C. Protective responses to obligate intracellular microbes limit microbial replica- 
tion or kill the infected cell as a means of destroying the microbe. 


D. While in the extracellular phase of their life cycle, obligate and facultative intra- 
cellular microbes can be neutralized and cleared from the host by antibodies and 
complement. 


III. At least eight distinct immune mechanisms are known to provide 
protection against microbial pathogens. 


A. Membrane lysis is most effective against microbes with outer membranes (eg, 
ee negative bacteria) or lipid envelopes (eg, enveloped viruses). 
1. Among the gram-negative bacteria, Neisseria species are among the most sus- 
ceptible to complement-mediated membrane attack. 
2. Antimicrobial peptides appear to act by damaging the outer membranes of 
bacteria. 


B. Opsonophagocytosis is primarily directed at extracellular bacteria, fungi, and 
parasites. 
1. Most opsonic receptors signal phagocytes for increased antimicrobial activity. 
2. Pyogenic bacteria are particularly susceptible to opsonophagocytic clearance 


and killing. 


C. Microbial killing by neutrophils is essential for elimination of extracellular mi- 
crobes. 


—— 
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Protective Mechanisms 


Macrophage-mediated 
intracellular killing 


Eosinophil-mediated 
cytotoxicity 


Inhibition of intracellular 
replication 


NK cell-mediated 
cytotoxicity 


N 


Lo 
Sy 
f 


Immune Components 


Defensins, cathelicidins 
Complement 


Neutrophils, 
macrophages 

Opsonic receptors 
(CR3, FcR) and 
ligands (iC3b, IgG) 


Phagolysosomes; 
reactive oxygen 


IgM, IgG, IgA antibodies 
Immune complex 
clearance 


IgM, IgG, IgA antibodies 
Phagocytic cells, mucus 


Neutrophils, 
macrophages 


ThI cells, NK cells, 
IFN-y, nitric oxide 


CD8* T cells, MHC 
class |, CD4* Th cells, 
and IL-2 


Eosinophils, IgE 
antibodies, FceR 


NK cells, MHC class | 


—o— 


Table |4-|. Protective immune responses to infectious agents." 


Groups of Pathogens 


Extracellular 
pyogenic bacteria 
and yeasts 


Extracellular bacteria 
and yeasts 


Exotoxin-producing 
microbes 


Respiratory and 
gastrointestinal viruses 


Filamentous fungi, 
parasites 


Obligate or facultative 
intracellular pathogens 


Viruses and many 
intracellular bacteria 
and fungi 


Intestinal parasites 
(helminths) 


Many viruses 


Specific Pathogens 


Pseudomonas aeruginosa 
Neisseria species 


Staphylococcus, Strepto- 
coccus, Pseudomonas 
species 


Many catalase-negative 
bacteria and fungi 


Clostridium tetani, 
Staphylococcus aureus, 
Escherichia coli 


Rhinoviruses, aden- 
oviruses, rotaviruses 


Histoplasma capsulatum, 
Candida albicans 


Mycobacterium tuberculo- 
sis, Listeria monocytogenes, 
Candida albicans, Histo- 
plasma capsulatum 


Herpes simplex virus, 
Listeria monocytogenes 


Herpesviruses 





“lg, immunoglobulin; NK, natural killer; IFN, interferon; MHC, major histocompatibility complex. 
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Table | 4-2. Important protective immune components organized by microbe class." 


Immune Extracellular Intracellular 
Component Bacteria Bacteria Viruses Fungi Parasites 


Unknown Unknown 


(cytokines) (cytokines) (lysis) 





@NK, natural killer. 


1. Reactive oxygen species (eg, hydrogen peroxide) mediate killing of many aer- 
obic microbes. 

2. A more limited range of microbes (eg, Lysteria, Mycobacterium species) is killed 
by reactive nitrogen species (eg, nitric oxide). 

3. For the killing of anaerobic microbes, oxidants are less important than antimi- 
crobial peptides and lysosomal hydrolases. 


Ss) 


Intracellular microbes (eg, Mycobacterium, Legionella, Listeria, Salmonella, and 

Francisella species) that replicate within mononuclear phagocytes are particularly 

susceptible to Th1-type cellular immunity. 

1. Macrophage activation by Th] cytokines is a key step. 

2. A combination of reactive oxygen and nitrogen metabolites and oxygen-inde- 
pendent mediators mediates killing. 


a 


Toxin neutralization is important in decreasing the severity of infectious diseases 
mediated by endo- and exotoxins. 


F. Virus neutralization is particularly important in blocking virus attachment to 
mucosal surfaces and in clearing viruses from the blood stream. 
1. Secretory immunoglobulin (Ig) A antibodies protect against inhaled and in- 
gested viruses. 
2. IgG antibodies reduce viremia and block virus spread. 
3. Antibodies are particularly important for viruses (eg, rabies, polio) that require 
hematogenous dissemination. 


—— 
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G. Cytotoxic T cells (CTL) provide protection against intracellular pathogens whose 
antigens are presented by major histocompatibility complex (MHC) class I mole- 
cules. 

1. Most virus-infected cells are susceptible to CTL attack. 

2. Microbes that block the class I pathway of antigen presentation (eg, herpes- 
viruses) can evade CT L-mediated clearance. 

3. Intracellular bacteria that escape the phagosome (eg, Listeria, Francisella) are 
also subject to detection by CTL. 


H. Natural killer (NK) cells also protect against pathogen-infected host cells. 
1. NK cells can recognize and kill infected host cells in which the microbe has in- 
hibited MHC class I expression. 
2. NK cells produce type I interferons (IFN-, B) early in infection. 
a. IFN-o, B establishes an antiviral state within infected cells. 
b. IFN-a, B induces RNase L and protein kinase R, which degrade viral 
mRNA and block translation, respectively. 


= 


. Eosinophils use IgE antibodies to attack extracellular parasites (eg, intestinal 
worms) by antibody-dependent cellular cytotoxicity (ADCC). 
III. The nature of opportunistic infections in immunocompromised patients 
can reveal important protective immune responses (Table 14-3). 
A. Infections with intracellular pathogens are common in patients lacking Th1 cell, 
CTL, NK cell, or macrophage functions. 


B. Microbes that replicate within the cytosol (eg, viruses) are particularly problematic 
for patients with CTL or MHC class I defects. 


Table |4-3. Common infections in the immunocompromised patient.” 


T Cells B Cells Phagocytic Cells Complement 


Mycobacterium, Stahpylococcus, Staphylococcus, Staphylococcus, 
Listeria Streptococcus, Streptococcus, Streptococcus, 
Haemophilus Haemophilus Neisseria 


Candida, 
Histoplasma, 
Pneumocystis 


CMV, HSV, Enteroviruses, 
VZV, EBV, JC influenza, RSV 


Principal Macrophage, Virus neutrali- Phagocytosis, Membrane attack, 
mechanisms NK cell, and zation, opsono- intracellular killing chemotaxis and 
CTL activation phagocytosis opsonophagocytosis 





“CMV, cytomegalovirus; HSV, herpes simplex virus; VZV, varicella-zoster virus; EBV, Epstein-Barr virus; RSV, respiratory 
syncytial virus; NK, natural killer; CTL, cytotoxic T cell. 


—— 
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C. Opportunistic infections with extracellular bacteria (eg, Staphylococcus aureus) and 
some cytolytic viruses (eg, influenza viruses) are common in antibody-deficiency 
states. 


D. Extracellular bacteria and fungi commonly infect patients with neutrophil de- 
fects, including deficiencies in oxidant production or granule expression. 


E. Patients with complement deficiencies cannot lyse gram-negative bacteria and en- 
veloped viruses or clear extracellular microbes. 


IV. Microbial immune evasion mechanisms have evolved to circumvent the 
most important protective responses by the host. 


A. Antigenic variation allows bacteria, viruses, and parasites to avoid immune recog- 
nition. 

1. Point mutations in antigenic proteins (antigenic drift) occur in influenza and 
human immunodeficiency virus (HIV)-1 by error-prone nucleic acid replica- 
tion. 

2. Other organisms, including Neisseria gonorrhea and Trypanosoma cruzii, scram- 
ble the genes that encode their major surface antigens. 

3. More substantial changes in antigens (antigenic shift) occur by genetic recom- 
bination between related viruses. 


B. Adopting an intracellular life cycle is a microbial response to immune elimina- 
tion mediated by antibody and complement. 
1. The host response to this microbial strategy has been to evolve CTL and NK 
cells capable of recognizing a microbe-infected cell. 
2. Antigen presentation can be viewed as a host adaptation to intracellular micro- 
bial parasitism. 


C. Disguising microbial antigens prevents immune recognition and attack. 

1. Schistosomes coat themselves with host MHC molecules. 

2. Plasmodium species (etiological agents of malaria) infect erythrocytes that do 
not express MHC molecules. 

3. Many bacteria (eg, Streptococcus pneumoniae and Haemophilus influenzae) ex- 
press thick polysaccharide capsules that disguise their more antigenic cell wall 
components. 

4, The long polysaccharide chains of bacterial lipopolysaccharide (LPS) molecules 
direct complement activation away from the bacterial outer membrane. 









ANTIGENIC SHIFT IN THE INFLUENZA A VIRUS 


CLINICAL 
CORRELATION 


WZ 


The influenza A virus is responsible for periodic worldwide pandemics. 


Protective immunity to this virus depends on the production of neutralizing antibodies to two surface 
glycoproteins, neuraminidase (N) and hemagglutinin (H). 


* Antigenic drift is the gradual change in the N and H serotypes by mutation. 


* Regular monitoring of the N and H gene sequences determines the serotype of the predominant in- 
fluenza virus each flu season, and an appropriate vaccine is produced. 


Occasionally, a major antigenic shift occurs due to reassortment of genomes between different in- 
fluenza virus strains, including those of animals. 

The 1957 “Asian flu” pandemic resulted from the sudden emergence of new H and N serotypes by ge- 
netic reassortment between antigenically distinct influenza viruses. 


—— 
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D. Suppression of the immune response is another common approach to evasion. 

1. HIV-1 infects and depletes CD4* T cells. 

2. Herpesviruses, HIV-1, and adenoviruses inhibit MHC expression or trans- 
porter associated with antigen processing (TAP) function and thereby depress 
CTL activation. 

3. Many viruses produce proteins that mimic inhibitory cytokines or bind to acti- 
vating cytokines (eg, Epstein—Barr virus and poxviruses, respectively). 

4. Protein A produced by staphylococci binds IgG Fc regions. 

5. Streptococcus pyogenes produces a C5a peptidase. 

6. N gonorrhea produces a protease that degrades secretory IgA. 

7. Legionella and Listeria species avoid intracellular killing by blocking phago- 
some-lysosome fusion or escaping from the phagosome, respectively. 


V. Effective vaccines augment protective host responses to infection. 


A. Vaccines do not typically prevent infections, although they reduce the severity of 
infectious diseases. 


B. Most existing vaccines are preemptive; they must be given prior to infection 


(Table 14-4). 


Table !4=4. Recommended immunizations for children.* 


Diphtheria, tetanus, 
pertussis 


Hepatitis A At risk At risk 





“Adapted from www.cdc.gov/nip/recs/child-schedule.htm#printable. The different shades denote the different number of 
immunizations (eg, children should receive three immunizations with the hepatitis B vaccine). 


—p— 
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1. Only a few vaccines (eg, rabies, hepatitis) are therapeutic vaccines that can be 
used to treat an infected patient. 

2. Rabies is a slowly progressing infection that does not outpace the immune re- 
sponse. 


C. All existing vaccines are directed at epitopes, not microbial patterns, and induce 
adaptive immunity. 


D. We have very few vaccines against complex microbes (eg, parasites). 
E. Most of our best vaccines induce neutralizing antibodies. 


F. Routine pediatric vaccines (Table 14—4) are designed to prevent life-threatening 

infectious diseases of childhood. 

1. These diseases typically outpace the ability of the neonate to mount an ade- 
quate protective immune response. 

2. Immunization is also valuable when the dose of a microbial toxin (eg, tetanus 
toxin) sufficient to cause disease is far less than the immunizing dose. 

3. Some vaccines (eg, H influenzae type b conjugate vaccine) are designed to elicit 
opsonic IgG antibodies that would not normally be made during an infection 
in children. 


G. Practical issues dictate the design and use of vaccines. 
1. Live attenuated vaccines can cause disease in an immunodeficient individual 
and should be avoided. 
2. Repeated immunizations are required to attain high-titered, long-lasting pro- 
tective immunity or to compensate for antigenic shift. 
3. Multiple immunizations are necessary to induce Ig isotype switching (eg, IgG 
antibody formation). 






COMMON COLDS IN CHILDREN 





CORRELATION 

* Children normally contract five or six colds (upper respiratory tract infections) each year. 

* This frequency is increased by exposure to day care centers and cigarette smoke, allergies and asthma, We) 

cystic fibrosis, congenital immune defects, and ciliary dyskinesia. 

* Several hundred different viruses can cause the common cold, including the rhinoviruses, influenza 
viruses, adenoviruses, and respiratory syncytial virus. 

* The development of a vaccine for this disease has been hampered by the wide variety of antigenically 
distinct agents responsible for these infections. 


4, The design of a vaccine should theoretically reflect the principal protective re- 

sponse desired in the host (Table 14-5). 

a. Immunization against intracellular pathogens requires a live vaccine that du- 
plicates the intracellular infection. 

b. Live attenuated vaccines are useful when inducing a CTL response. 

c. Polyvalent vaccines (eg, Neisseria species) are useful when multiple 
serotypes of a pathogen cause disease. 

d. Subunit vaccines (eg, hepatitis B) are effective when inducing immunity to 
surface antigens or toxins. 

e. Conjugate vaccines (eg, H influenzae type b) promote the production of 
IgG antibodies to T-independent epitopes. 

f. Mucosal immunization (eg, influenza nasal vaccine) can protect against 
respiratory or gastrointestinal pathogens. 


—— 
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Table | 4-5. Types of vaccines. 


Type of Vaccine Examples 


Oral polio, varicella; mumps, measles, rubella, bacillus 
Calmette-Guerin (BCG) 


Polyvalent S pneumoniae 












NOVEL VACCINE STRATEGIES 


CLINICAL 
CORRELATION 


WV 


Molecular biological techniques provide the means for isolating genes from microbial pathogens and 
expressing them in relatively safe viral vectors. 

This permits the construction of polyvalent vaccines carrying genes for a large number of microbial 
antigens. 

Adjuvant activity can be included by also expressing genes for human cytokines (eg, switch cytokines 
or Th] cell-inducing cytokines) and costimulatory molecules. 

DNA vaccines are another approach that could be used to induce T cell-mediated immunity by direct- 
ing microbial protein expression associated with host MHC. 


CLINICAL PROBLEMS 


A 15-month-old child is seen by his pediatrician for a cough, congestion, and fever of 
39°C. He has a rapid pulse, appears ill, and is unresponsive. His white blood cell count is 
elevated. His mother seems unsure of his immunization history, but recalls only two visits 
to the county health clinic for immunizations. The pediatrician prescribes the antibiotic 
ampicillin, and the child’s condition improves substantially over the next few days. 


1. A routine pediatric vaccine for which of the following pathogens might have prevented 
this condition? 


A. Rabies 

B. Poliovirus 

C. Legionella pneumophila 

D. Haemophilus influenzae type b 
E. Hepatitis B 


Pacal Votan’s Samadhi 1352 
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3 Messengers of the Awakening 
Becomin 
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The main body of the 
crystal is a six-faceted 
lattice, 


Each end of the 
double-terminated 
crystal has six more 
facets each. 
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There are a total of 18 
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universe. The crystal is 
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It is a history rehearsed 
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6193ch14.qxd_mg 2/6/06 01:15 PM Page 173 


N 


ae Chapter 14: Protective Immunity and Vaccines 


—T 


Harry is aware that he has a congenital deficiency of the C6 complement peptide. 


2. For which of the following infectious agents is Harry particularly susceptible? 


A. Streptococcus pneumoniae 
B. Neisseria meningitidis 
C. Clostridium tetani 


D. Mycobacterium tuberculosis 


E. Clostridium difficile 


Donald has a defect in his IFN-y receptor resulting from an inherited mutation in one of 
the receptor-encoding genes. 


3. 


Which of the following pathogens would most likely cause recurrent infections in this 


child? 

A. Pseudomonas aeruginosa 
B. Streptococcus pyogenes 
C. Staphylococcus aureus 
D. Legionella pneumophila 


E. Neisseria meningitidis 


A 1-day-old child born of an uncomplicated full-term pregnancy presents with jaundice. 
The mother is Rh*, and the newborn is not anemic. Suspecting a congenital virus infec- 
tion, viral serology on a sample of the child’s serum is ordered. High-titered IgG antibod- 
ies to cytomegalovirus are found. 


4, 


What can be concluded from these clinical and laboratory findings? 

A. The patient has a congenital cytomegalovirus (CMV) infection. 

B. The infant suffers from Rh disease of the newborn. 

C. The child should be immunized immediately to limit CMV infection. 
D. The infant should be given broad-spectrum antibiotics. 

E. The positive CMV serology reflects the immune status of the mother. 


Milind is a 56-year-old immigrant from India who is brought to the emergency room with 
a cough that produces blood-containing sputum. He has a positive skin test with tuber- 
culin purified protein derivative (PPD), and his chest x-ray shows lesions typical of my- 
cobacterial pneumonia. He indicates that he was immunized with bacillus Calmette— 


Guerin (BCG) as a child. 


5. 


What is the nature of this vaccine? 
A. Subunit vaccine 

B. Conjugate vaccine 

C. Live attenuated vaccine 

D. Recombinant vaccine 


E. Polyvalent vaccine 
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ANSWERS 


1, 


2. 


4. 


The correct answer is D. H influenzae is a gram-negative bacterium that can cause mild 
nasopharyngeal infections. In young children, these conditions can progress to menin- 
gitis, and vaccination has proven effective at reducing morbidity and mortality. Multi- 
ple immunizations in children are recommended by 15 months of age (Table 14-4). 


The correct answer is B. Neisseria species are among the most susceptible to comple- 
ment-mediated lysis by the C5b-9 membrane attack complex due to the structure of 
their outer membranes. The other organisms listed do not have classic outer mem- 
branes. 


The correct answer is D. Only Legionella pneumophila is an intracellular pathogen. De- 
fective IFN-Y signaling would impair Th1 cellular immunity, especially the activation 
of macrophages. This bacterium establishes an intracellular infection within resting 
macrophages and is killed when macrophages become activated. 


The correct answer is E. High-titered antibodies to CMV in a newborn’s serum most 
likely reflect IgG that has crossed the placenta from the mother. Vaccinating the child 
at this point would not limit the infection, and there currently is no CMV vaccine. 


The correct answer is C. The BCG strain is a live bovine mycobacterium that induces 
cross-protective immunity to other Mycobacterium species in humans. Its effectiveness 
derives from its ability to establish life-long Th1-type cellular immunity against my- 
cobacterial antigens, but protection is variable among vaccines. 
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I. Primary immune deficiency diseases in human beings are generally rare, 
inherited conditions affecting a defined immune component (Figure 15-1 


and Table 15-1). 


A. The term congenital is also used to describe these diseases, because they are in- 
herited and become apparent early in life. 


B. Recurrent infections are the most common clinical presentation. 


1. 


The nature of the infections in an immunocompromised patient can provide 

important clues for establishing a diagnosis. 

a. These infections are often with opportunistic pathogens, which do not 
pose problems for healthy individuals. 

(1) Opportunistic agents generally show low virulence. 
(2) Many opportunistic microbes are normal flora. 

b. The infections may resist aggressive antimicrobial therapy or may not re- 
solve (Chapter 14) after the completion of the therapy. 

c. The infection may progress more rapidly than it would in an immuno- 
competent individual of the same age. 

d. The course of the infections may be unusual in severity or organ involve- 
ment. 

e. The infections may occur much earlier in life (eg, during the first week) 
than would be seen in a normal child. 

f. The infections may show delayed onset in infancy (eg, after 6 months of 
life), reflecting the normal decline of maternal antibody acquired during 
pregnancy. 

g. Similar infections may have occurred within a family, especially among 
male infants. 

h. The infections may follow shortly after immunization with a live vaccine. 

In adults, recurrent infections more often indicate an acquired or secondary 

immune deficiency. 

a. A history of high risk behavior for human immunodeficiency virus 
(HIV)-1 infection (intravenous drug abuse, unprotected sex with an in- 
fected partner) supports a diagnosis of an acquired immune deficiency. 

b. Chemotherapy for cancer or occupational exposure to ionizing radiation 
increases the risk of immunodeficiency. 

c. Patients who are receiving immunosuppressive therapy for autoimmune 
disease or following transplantation are at risk for recurrent infections. 
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Figure |5-I. Primary immune deficiencies. 
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Table |5-!. Examples of selective primary T and B cell deficiencies.* 


Clinical 
Presentation 


Molecular or 
Cellular Defect 


Category 


of Deficiency Examples 


Infections with 
extracellular 
bacteria commenc- 
ing at 6-9 months 
of age 

Sinopulmonary in- 
fections and 
diarrhea; increased 
incidence of ato- 
pic allergies 

Elevated IgM; little or 
no IgG or IgA; 
absence of lg class 
switching; bacterial 
infections 


Btk kinase 
mutation 


Antibody or 
humoral immunity 


Selective IgA Varied 


deficiency 


CD154 or AID 
mutations 


Hyper-lgM 
syndrome 


Parathyroid defi- 
ciency; heart 
defects; early 
onset of fungal 
and viral infec- 
tions; lymphopenia 

Transcription of Absence of HLA-D 
HLA class Il expression; oppor- 
genes tunistic viral and 
fungal infections; 
CD4* T cell 
lymphopenia 

Recurrent viral and 
fungal infections; 
depressed cellular 
immunity 


DiGeorge 
syndrome 


T cell or cellular 


immunity epithelium 


ZAP-70 
mutation 


Deficiency 
of TCR 
signaling 


Therapies 


Antibiotics, IVIG 


Antibiotics 


Antibiotics, IVIG 


Antimicrobial agents; 
thymic transplant 


Antimicrobial agents; 
stem cell transplant 


Antimicrobial agents; 
stem cell transplant 
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“XID, X-linked immunodeficiency; Btk, Bruton’s tyrosine kinase; |g, immunoglobulin; IVIG, intravenous immunoglobulin; 


AID, activation-induced cytidine deaminase; BLS-II, bare lymphocyte syndrome type II; TCR, T cell receptor; ZAP-70, 


C-associated protein-70. 


3. Conversely, the successful resolution of an infection aids in establishing a dif- 


ferential diagnosis of immune deficiency diseases. 


a. Children who resolve a viral infection (eg, chickenpox) in a normal manner 


are not likely to be deficient in T cells. 


b. Patients who do not have a history of recurrent bacterial infections proba- 


bly have normal neutrophil function. 


—— 
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4, The nature of the infectious agent can suggest the type of selective immune 
deficiency. 

a. Patients with primary antibody, phagocytic cell, or complement deficien- 
cies present with recurrent infections involving extracellular bacteria and 
certain fungi. 

b. Patients with primary T cell or combined [T cell plus antibody and/or nat- 
ural killer (NK) cell] immune deficiencies present with recurrent infections 
involving viruses, intracellular bacteria, fungi, and certain parasites. 


C. A differential diagnosis is essential for determining appropriate therapy. 
1. Antibody, phagocytic cell, and complement deficiencies present with similar 
types of infections, but require distinct therapies. 
2. Similarly, deficiencies in recombination activating gene 1 (Rag1), transporter 
associated with antigen processing (TAP)-1, and thymus development present 
with similar opportunistic virus infections. 


II. Antibody deficiencies are the most common immune deficiency state in 
infants and children, accounting for nearly half of all conditions (Table 
15-2). 

A. The prevalence of these diseases ranges from a few reported cases to 1 case per 
350 individuals. 
B. Antibody deficiencies range from generalized agammaglobulinemia to selective 
immunoglobulin (Ig) (sub)class deficiencies (eg, IgG, deficiency). 
C. Some patients with normal serum levels of Igs fail to make antibodies to impor- 
tant microbial antigens. 
D. The most frequent antibody deficiencies represent a failure to synthesize or se- 
crete Ig, rather than an absence of B cells. 
1. Selective IgA deficiency is the most common primary immune deficiency 
with a frequency of 1 in 350. 
a. In some patients, IgA is synthesized but not secreted. 


Table |5-2. Distinguishing features of primary antibody deficiencies.* 


Disease Distinguishing Features 


Most common primary immune deficiency; many affected 
individuals are asymptomatic; IVIG contraindicated 


Impaired antibody responses to bacterial polysaccharide 
antigens; recurrent infections with encapsulated bacteria 


Transient hypogamma- _— Delayed onset of IgM and IgG production; IVIG con- 
globulinemia of infancy _ traindicated; recurrent sinopulmonary infections 


months of age; X-linked; pyogenic bacterial infections 





“lg, immunoglobulin; IVIG, intravenous immunoglobulin; XLA, X-linked agammaglobulinemia. 


—— 
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b. Nearly half of IgA-deficient patients are asymptomatic due to the transloca- 
tion of IgM across the mucosal epithelium. 
2. Selective IgG, deficiency is a common form of IgG deficiency. 
a. These patients do not respond to polysaccharide vaccines. 
b. Infections with encapsulated bacteria are common. 
3. Transient hypogammaglobulinemia of infancy is a condition that can lead 
to infections toward the end of the first year of life. 
a. These infants have normal numbers of mature B cells. 
b. They show delayed IgG secretion that becomes apparent as maternal IgG 
levels subside (ie, at 6-8 months of age). 
c. Otitis media, pneumonia, and diarrhea are common. 


E. B cells are absent in only a few antibody deficiency diseases. 

1. X-linked agammaglobulinemia (XLA) is a mutation in the gene for Bruton’s 
tyrosine kinase (Btk). 
a. B cell development is blocked at the pre-B cell stage. 
b. XLA patients have a peripheral phenotype of T*B NK’. 
c. Normal levels of serum IgG are present at birth and wane over time. 
d. XLA patients suffer from recurrent infections with pyogenic (pus-forming) 

extracellular bacteria. 

2. A similar phenotype is seen in patients with Ig H chain locus deletions that 
prevent the expression of a functional | chain. 

3. Iga deficiency blocks B cell development at the pre-B stage. 

4, «-chain deficiency blocks the differentiation of k-bearing B cells. 


F. Most antibody deficiencies can be diagnosed using simple laboratory tests. 
1. Except for certain rare conditions (eg, XLA), the measurement of B cell num- 
bers is not essential to establishing a diagnosis. 
. Ig concentrations can be measured by nephelometry (Chapter 5). 
. Isohemagglutinin titers reflect the ability to produce antibody. 
. Responses to the tetanus toxoid and pneumococcal polysaccharide vaccines 
provide information on memory and naive B cell function. 
5. A differential diagnosis requires the elimination of phagocytic cell and com- 
plement deficiencies. 


BS Q No 


G. The treatment of B cell deficiencies addresses both infections and the underlying 
hypogammaglobulinemia. 
1. Antibiotics are given to treat bacterial infections. 
2. Intravenous immunoglobulins (IVIG) restore antibody levels. 
a. Because the half-life of IgG is approximately 3 weeks, IVIG must be given 
frequently. 
b. IVIG is prepared from the pooled sera of immune donors. 
c. IVIG therapy is not recommended for children with transient hypogamma- 
globulinemia of infancy or patients with selective IgA deficiency. 
3. Because IVIG is relatively safe and effective, stem cell transplantation is rarely 
performed to correct B cell deficiencies. 





IVIG AND SELECTIVE IGA DEFICIENCY 


CLINICAL 
CORRELATION 






* Selective IgA deficiency is an important exception to the general use of IVIG to treat antibody deficien- 
cies. 


* The use of IVIG in these patients carries a risk of anaphylactic or anaphylactoid shock. 


—— 
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* This is thought to result from the tendency of these patients to produce IgE and IgG antibodies to IgA 
that is present in the IVIG preparations. 


* Such antibodies mediate type | and type III hypersensitivity responses to IVIG. 


III. Patients with primary T cell (T B*NK*) and combined (TB NK’, T™ 
B'NK , or TB NK ) immune deficiencies acquire infections in their first 


few weeks of life. 


A. These infections are pediatric emergencies. 

1. The infectious agents include viruses, fungi, and other intracellular 
pathogens. 

2. Many of the organisms that infect T cell-deficient patients (eg, Cryptosporid- 
ium, Pneumocystis, Leishmania species) show low virulence and only rarely 
cause disease in the general population. 

3. The infections in T cell-deficient patients are often disseminated and rapidly 
progressing. 









GRAFT-VERSUS-HOST DISEASE (GVHD) IN PREGNANCY 

CORRELATION 

* GVHD is typically seen only in stem cell transplantation (Chapter 17). 

* Tcells of the donor recognize and attack the recipient's tissues. We) 

* Because pregnancy provides an opportunity for maternal T cells to recognize fetal HLA antigens inher- 
ited from the father, GVHD can also occur in this setting. 

* Because the fetal immune system is sufficiently mature to destroy maternal T cells that cross the pla- 
centa, the disease is rarely seen in normal pregnancies. 

* However, when fetuses have congenital T cell deficiencies, GVHD can occur. 


* GVHD also occurs when fresh whole blood is transfused to a T cell-deficient child. 


B. Selective T cell deficiencies are due to blocks in thymocyte differentiation and/or 
receptor-initiated cell signaling (Table 15-3). 
1. DiGeorge syndrome is a rare thymic hypoplasia due to dysmorphogenesis of 
the third and fourth pharyngeal pouches. 
a. Embryonic abnormalities are also seen in the heart, major vessels, parathy- 
roid, and facial structures. 
b. Antibody deficiency results from the absence of Th cells. 
c. T cell lymphopenia and opportunisitic viral and fungal (eg, Pneumocystis) 
infections result. 
2. Defects in T cell receptor (TCR)-initiated signaling (Chapter 6) cause defi- 
ciencies in cell-mediated immunity. 
a. Loss-of-function mutations exist in CD3C, Lck, and C-associated protein- 
70 (ZAP-70). 
b. Defective positive selection in the thymus causes peripheral lymphopenia 
with a T B*NK* phenotype. 
3. Bare lymphocyte syndrome type I (BLS-I) is a selective deficiency of CD8* 
cells. 
a. This condition is caused by mutations in the TAP proteins. 
b. Major histocompatibility complex (MHC) class I expression and posi- 
tive selection in the thymus are impaired. 
c. The peripheral lymphocyte phenotype is CD4*CD8 B*NK". 


—— 


6193ch15.qxd_mg 2/6/06 01:17 PM Page 181 


N 


ee 1 , Chapter 15: Immune Deficiency States 181 


Table |5-3. Distinguishing features of primary T cell deficiencies." 


Disease Distinguishing Features 


Lymphopenia with hypoparathyroidism, cardiac and facial 
defects; corrected by thymic transplant 


ZAP-70 or CD3C Absence of both CD4* and CD8*° T cell function with nor- 
deficiency mal numbers of B cells and NK cells 


Absence of HLA class | expression and decreased numbers 
of CD8* T cells 


Absence of HLA class Il expression and decreased numbers 
of CD4* T cells 


Absence of CD154; elevated IgM antibody responses; 
decreased IgG and IgA 


AID deficiency Elevated IgM antibody responses; normal expression of 
CD154 and CD40 





*ZAP-70, C-associated protein-70; NK, natural killer; BLS, bare lymphocyte syndrome; IL, interleukin; 
IFN, interferon; Ig, immunoglobulin; AID, activation-induced cytidine deaminase. 


4, Bare lymphocyte syndrome type II (BLS-II) results in a CD4‘CD8*B*NK* 
phenotype. 
a. These patients have mutations in transcription factors, such as CIITA, that 
coordinately regulate MHC class II gene expression. 
b. Positive selection of CD4* thymocytes is impaired. 
c. The activation of peripheral CD4* T cells is blocked. 
5. A family of related Th 1 cell deficiencies is caused by deficient cytokine sig- 
naling. 
a. Interleukin (IL)-12 and IL-12 receptor defects block Th1 cell differentia- 
tion and activation. 
b. Interferon (IFN)-y receptor deficiency blocks macrophage activation. 
c. Recurrent infections with intracellular bacteria (eg, Mycobacterium and Sal- 
monella species) result. 
6. The absence of the coreceptor CD40 or its ligand, CD 154, causes hyper-IgM 
syndrome type 1. 
a. This leads to a deficiency of the Th2 signals necessary for Ig class switching 
in B cells (Chapter 6). 
b. Patients have elevated levels of IgM antibodies, but no IgG, IgA, or IgE. 
7. Hyper-IgM syndrome type 2 results from a mutation in the gene for activa- 
tion-induced cytidine deaminase (AID) (Chapter 9). 
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a. T helper cell signaling for Ig class switching is absent. 
b. Somatic hypermutation and affinity maturation in B cells are also im- 
paired. 


C. Severe combined immune deficiency (SCID) is caused by a number of differ- 
ent genetic mutations (Table 15-4). 


1. 


The X-linked recessive form of SCID is most prevalent. 

a. It is caused by an absence of the common y chain (yc) of the receptors for 
IL-2, IL-4, IL-7, IL-9, and IL-15. 

b. Abnormal development of T cells and NK cells results in a TB*NK™ phe- 
notype. 


. The same phenotype (T B*NK’) is seen in deficiencies of Janus kinase 3 


(Jak3), which mediates signaling from these receptors. 


. Mutations in the gene coding for the enzyme adenosine deaminase (ADA) 


cause SCID. 

a. ADA catalyzes the breakdown of intracellular adenosine and deoxyadeno- 
sine. 

b. Excess adenosine inhibits methyltransferase reactions in T cells, B cells, and 
NK cells resulting in a TB NK’ phenotype. 


. Mutations in the Rag] and recombination activating gene 2 (Rag2) genes 


block T and B cell development by preventing TCR and B cell receptor 
(BCR) gene rearrangements. 

a. Lymphocyte differentiation is blocked at the pre-T and pre-B cell stages. 

b. The lymphocyte phenotype in this condition is TB NK*. 


. Wiscott—Aldrich syndrome (WAS) is a condition characterized by thrombo- 


cytopenia and immune deficiency. 


. Perforin and granzyme deficiencies manifest as decreased T cell and NK cell 


cytotoxic activity. 


Table |5-4. Distinguishing features of primary SCID.* 


Overall Cellular 


Gene Mutation Phenotype Distinguishing Features 


Rare, but otherwise indistinguishable from yc 
deficiency 


Decline in the numbers of all lymphocyte sub- 
sets over time 


Ragl, Rag2 TBNK* Absence of peripheral T and B cells from birth; 
normal NK cells 





‘Jak3, Janus kinase 3; ADA, adenosine deaminase; Rag!, Rag2, recombination activating genes | and 2; 
NK, natural killer. 
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19:19 Crystal Matrix 6D Meditation Tool 


Instructions: 
You need 2 double terminated 
Quartz Crystals 


1. The sequence begins on day 1 of the 
Dreamspell year. July 26th 

2. Place Crystal 1 on day 1 

3. Place Crystal 2 on day 241, 

4. Each day move the crystals one step, 
following the spiral to the centre. 

5. Crystal 1 walks the full 19:19 spiral to 
the centre. 

6. Crystal 2 walks the 11:11 spiral to 

the centre, then returns to base. 
coordinate 241. 

7. On day 241 of the solar year, 

Crystal one and Crystal two meet. 2 for 1. 
8.The crystals then walk together to the 
centre of the matrix, top of the pyramid. 
Hunab KU... 


Sequence of 19 


1. Each day represents an angel. Each 
angel represents a facet of the crystal, 

a circle of the Flow of Life, a point of the 
12 Star Light Key 

2. Each day you should draw or visualise 
this process. 

3. On day 19 you should release/transmit 
LOVE to the centre of the Earth. 

4. Day 19 represents the ruling Angel of 
the crystal.The Centre of the crystal. The 
19th Angel is how to communicate with 
the telepathic grid that interlinks the 
planets, the stars, the dimensions. 

5. Day 361, the centre of the matrix 
represents the full power of the 19:19, 
the fractal centre of the telepathic inter 
dimensional matrix. 

6. After this day you should spend 

4 days of contemplation/void meditation 
before starting the sequence again. 
7.Upon completing the sacred sequence 
you will be ready for the next step. The 
7D AlphaOmega revelation. 


You can find more information about this 
tool and others from the blog: 
http://galacticwizard34.wordpress.com 
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D. The diagnosis of T cell and combined immune deficiencies depends on recog- 
nizing the typical infections that characterize these conditions and measuring 
lymphocyte numbers and functions. 


1. 


5. 
6. 


Infections begin in the first few months of life. 


. Lymphopenia is common. 


2 
3. 
4. 


Measuring anti-HIV antibodies or viral load is essential when a T cell defi- 
ciency is suspected. 

Measuring CD3, CD4, CD8, CD19, and CD154 expression by flow cytome- 
try can help detect lymphocyte subset deficiencies. 

T cell proliferation in response to polyclonal activators (the plant mitogen 
phytohemagglutinin) can be measured in vitro. 

Delayed-type hypersensitivity (DTH) skin tests (eg, intradermal or patch test- 
ing) are used to evaluate CD4* Th1 cell responses to common microbes. 


E. Therapy includes antiviral and antifungal agents and hematopoietic stem cell re- 
placement. 


1. 
2. 


3. 


Thymus transplantation is effective in treating DiGeorge syndrome. 

Stem cell transplantation (Chapter 17) is effective for SCID and selective T 
cell deficiency patients. 

Gene therapy is being tested for some of these immune deficiencies (eg, ADA 
deficiency). 


. Other therapies are contraindicated. 


a. T cell-deficient patients should not be immunized with live viral vaccines. 
b. All blood products (whole blood, platelets, and plasma) should be irradi- 


ated prior to transfusion. 


GENE THERAPY FOR IMMUNE DEFICIENCIES 


* The identification of specific genetic mutations that cause immunodeficiency diseases provides the op- 
portunity to correct these conditions by gene therapy. 


* The most promising approach appears to be “repairing” the defective gene within the patient’s own 
hematopoietic stem cells by retroviral transfer followed by reinfusion. 


» ADA deficiency was the first human disease treated by gene therapy in the 1990s. 


* Other immune deficiencies that have been considered include yc deficiency, leukocyte adhesion defect 
(LAD; CD18 deficiency), and chronic granulomatous disease (respiratory burst deficiency). 


IV. Primary phagocytic cell deficiencies result from decreased cell number, 
abnormal cell adhesion and migration, defective intracellular granules, or 
impaired intracellular killing mechanisms (Table 15-5). 


A. Cyclic neutropenia is caused by a mutation in the neutrophil elastase gene. 


1. 
2. 


Neutropenia (< 200 cells/UL) occurs periodically. 
Treatment with recombinant colony-stimulating factor-granulocyte (CSF-G) 
has proven effective. 


B. LAD is characterized by poor leukocyte adhesion to the vascular endothelium, de- 
layed wound healing, and defective complement-dependent opsonophagocytosis. 


1. 


LAD type 1 is a mutation in the gene for CD18, a B2 integrin family mem- 

ber (Chapter 8). 

a. Patients show chronic leukocytosis involving neutrophils and fail to phago- 
cytize iC3b-coated particles. 


—— 









CLINICAL 
CORRELATION 
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Table |5-5. Distinguishing features of phagocytic cell deficiencies.’ 


Distinguishing Features 


Chronic leukocytosis; absence of CD18-containing re- 
ceptors; limited neutrophil extravasation and pus for- 
mation; impaired iC3b-mediated phagocytosis 


Formation of giant fused granules in neutrophils and 
NK cells 


Absence of superoxide production; infections with 
catalase-positive microbes; granulomas 


Decreased IFN-y synthesis; IgE levels, skin abscesses 
without erythema or tenderness 


ThI pathway defects Impaired macrophage activation 





*CSF-G, colony-stimulating factor-granulocyte; IFN, interferon; LAD, leukocyte adhesion defect; NK, 
natural killer; CGD, chronic granulomatous disease. 


b. Diagnosis is aided by demonstrating the absence of CD11 or CD18 on 
blood leukocytes. 
2. LAD type 2 is a defect in fucose metabolism that impairs selectin function. 
3. LAD type 3 is a defect in selectin expression. 
4, LAD type 4 is caused by a mutation in the rac signaling molecule activated by 
CD18. 


C. Chediak—Higashi syndrome (CHS) results from the excessive fusion of granules 
in a number of granulated cells, including leukocytes. 
1. The defect is caused by a mutation in a regulator of lysosomal trafficking. 
2. CHS cells show poor chemotaxis and impaired NK cell function. 


D. Neutrophil-specific granule deficiencies, including the absence of & and B de- 
fensins, result in impaired intracellular killing of microbes. 






IMMUNE DEFICIENCY IN JOB’S SYNDROME 





CLINICAL 
CORRELATION 


ZW 


* Job’s syndrome (hyper-IgE syndrome; Chapter 13) is characterized by highly elevated levels of serum 
IgE, eczema, and sinopulmonary and skin infections. 


* Given the elevated IgE levels, atopic dermatitis is a common misdiagnosis. 
* Infections can cause deep skin and lung abscesses. 
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* An unusual characteristic of the skin lesions is the absence of erythema, tenderness, and warmth, simi- 
lar to the appearance of the skin boils of the biblical character Job. 

* Amarked decrease of IFN-y production by these patients may explain both the elevated IgE levels and 
the impaired phagocyte responses to infection. 


E. Chronic granulomatous disease (CGD) is a heterogeneous condition caused by 

a defective respiratory burst oxidase. 

1. Mutations in any of four subunit genes have been reported. 

2. Diagnosis is based on the nitroblue tetrazolium (NBT) dye reduction test for 
oxidant production. 

3. CGD is characterized by bacterial and fungal infections, especially Staphylo- 
coccus and Aspergillus species. 

4, Granulomas form in the lungs, liver, and spleen when microbes that cannot 
be killed are “walled off.” 

5. Prophylactic antibiotics, recombinant IFN-Y, and granulocyte transfusions are 
beneficial. 

6. Stem cell transplantation is potentially curative. 


F. Myeloperoxidase (MPO) deficiency causes a block in the production of hypo- 
halous acids. 


G. Aggressive treatment with antibiotics is necessary to control infections in phago- 
cytic cell deficiencies. 
1. Some conditions benefit from prophylactic antimicrobial agents. 
2. Recombinant cytokines are of value in treating cyclic neutropenia and CGD. 
3. Leukocyte transfusions during acute infections are beneficial. 
4. Stem cell transplantation is potentially curative in CGD, Chediak—Higashi 
syndrome, and LAD. 


ANTIBIOTICS AND PHAGOCYTE DEFICIENCIES 


* Neutrophil deficiencies tend to manifest as gingivitis and periodontal diseases, cutaneous infections 
and abscesses, pneumonias, and/or granulomas caused by multiple infectious agents. 

* While IFN-y deficiency affects macrophage function and results in infections primarily with intracellu- 
lar bacterial pathogens, diverse types of pathogens cause infections in Chediak—Higashi syndrome or 
cyclic neutropenia. 

* Prophylactic antimicrobial therapy is less effective when infections are caused by diverse microbial 
species. 


V. Inherited deficiencies in the complement system cause both infectious and 
noninfectious diseases (Table 15-6). 


A. Rare deficiencies in all of the individual components have been described. 
1. A deficiency of mannose-binding protein (MBP) is the most common single 
component defect. 
2. C2 deficiency is the most common deficiency affecting the classical pathway. 


B. Deficiencies in the classical, lectin, or alternative pathways can increase the sus- 
ceptibility to bacterial and some viral infections. 
1. Early pathway deficiencies result in recurrent pyogenic infections. 
2. Defects in the terminal components C5—C8 lead to disseminated Neisseria in- 
fections. 
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Table |5-6. Primary deficiencies in the complement system. 


Type of Deficiency Components Involved _ Clinical Characteristics 


Classical pathway Gliqirs; €4,'e2 Lupus nephritis 
Bacterial, viral, and fungal 
infections 


Neisseria infections 
Pyogenic infections 


Paroxysmal nocturnal 
hemoglobinuria 


Leukocyte adhesion, pyogenic 
infections, delayed wound healing 





C. Defects in the expression of the complement regulatory components cause 
both infectious and noninfectious diseases. 

1. Factor I deficiency increases the risk of pyogenic infections, including 
meningococcal meningitis. 

a. Unrestrained complement activation leads to C3 consumption (Chapter 8). 
b. Exogenous Factor I provides relief in acute disease. 

2. Factor H deficiency also results in increased complement activation, C3 de- 
pletion, and an increased risk of infection. 

3. Cl inhibitor (C1 Inh) deficiency (hereditary angioedema) and C4b-BP 
deficiency are characterized by episodic cutaneous and submucosal edema. 

a. Both conditions result in unabated activation of the classical complement 
pathway. 

b. A C2-derived peptide is thought to cause increased vascular permeability 
and localized edema in hereditary angioedema. 

c. Cl Inh also regulates the production of bradykinin, which can have a simi- 
lar effect on endothelial permeability. 

4, Paroxysmal nocturnal hemoglobinuria (PNH) is due to a failure of cells to 
express glycosylphosphatidylinositol (GPI)-linked membrane proteins, includ- 
ing CD59 and CD55 (decay accelerating factor). 

a. CD59 blocks insertion of C8 and C9 into the membrane. 

b. CD55 inhibits C3 and C5 convertases on the cell surface. 

c. Erythrocytes of PNH patients are highly susceptible to complement- 
mediated lysis. 
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D. Complement deficiencies and autoimmunity are often associated with one an- 

other. 

1. Patients with defects in the early classical pathway components often develop 
a lupus-like nephritis. 

2. Circulating immune complexes in autoimmunity deplete the early classical 
components. 

3. Autoantibodies to complement components (eg, anti-Clq) are sometimes 
produced by patients with systemic lupus erythematosus (SLE) (Chapter 16). 

4. Patients with SLE, Sjégren’s syndrome, and autoimmune hemolytic anemias 
often show decreased expression of complement receptor 1 (CR1) on their 
erythrocytes. 


E. The treatment of complement deficiencies focuses primarily on controlling infec- 
tions and correcting acute symptoms. 
1. Aggressive antibiotic therapy is the first objective for infections. 
2. Plasma infusion or injection of individual components (eg, recombinant C1 
Inh) has some clinical value for acute disease. 
3. The various treatments for autoimmunity associated with complement defi- 
ciencies are discussed in Chapter 17. 


VI. Inherited innate immune defects can cause inflammatory or infectious 
diseases. 


A. An increased susceptibility to infections results from mutations in interleukin-1 
receptor-associated kinase (IRAK) of the Toll-like receptors. 


B. Mutations in mannose-binding lectin increase the risk of infection, especially in 
the presence of other chronic diseases (eg, cystic fibrosis). 


C. Deficiencies in the antimicrobial Nod proteins (Chapter 1) are thought to con- 
tribute to the induction of inflammatory bowel disease. 


VII. Acquired or secondary immune deficiency states typically show adult 
onset. 


A. Acquired immune deficiencies can also result from infections. 
1. Acquired immune deficiency syndrome (AIDS) is the most prevalent im- 
mune deficiency in the United States. 
a. CD4* T cells are depleted by the lymphotrophic virus human immunode- 
ficiency virus-1 (HIV-1). 
b. Th] cell functions are particularly affected. 
c. Opportunistic infections with intracellular pathogens (Table 15-7) are the 
primary causes of morbidity and mortality. 
2. Transient neutropenia in children is seen in some viral (eg, measles) and bac- 
terial (eg, tuberculosis) infections. 
3. A number of microbial pathogens (eg, herpesviruses) have developed immune 
evasion mechanisms that cause selective immunosuppression of the host 


(Chapter 14). 


B. Immune deficiency can arise secondary to therapy. 
1. Splenectomy impairs the ability to produce antibodies. 
a. Splenectomized patients are at increased risk for sepsis. 
b. Splenectomy decreases IgG antibody responses to polysaccharide vaccines. 
2. Immunosuppressive drugs increase the risk of infections. 
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Table |5-7. Opportunistic pathogens causing infections in AIDS. 


Bacteria 


Viruses Parasites 


Mycobacteria Pneumocystis Herpes simplex Toxoplasma 


Salmonella 


Cryptococcus Cytomegalovirus Cryptosporidium 
Candida Varicella-Zoster Leishmania 





. Many chemotherapeutic agents used to treat malignancies are immuno- 


suppressive. 


. Drugs that block allograft rejection (Chapter 17) also inhibit immune re- 


sponses to microbial pathogens. 


. Corticosteroids increase the risk of infection when used at high doses or 


over long periods of time. 


. Disease-modifying antirheumatic drugs (DMARDS) used for treating 


chronic autoimmune diseases carry a similar risk of increasing infection rates. 


. The use of certain anticytokine reagents can inhibit protective immunity 


to specific pathogens [eg, antitumor necrosis factor (TNF)-a antibodies 
and tuberculosis]. 


C. Cancer is a common cause of secondary immune deficiencies. 
1. Malignancies that grow within the bone suppress hematopoiesis, including 
lymphopoiesis and granulopoiesis. 
2. Lymphoid malignancies (eg, lymphomas) inhibit normal lymphocyte func- 
tions in the peripheral lymphoid tissues. 
3. Cancer cells often produce excessive quantities of cytokines and growth factors 
that cause immune imbalance. 


D. Protein-losing enteropathies, extensive burns, and nephrotic syndrome result 
in protein loss, hypogammaglobulinemia, and hypocomplementemia. 


E. Common variable immune deficiency is a heterogeneous syndrome that shows 

early or adult onset. 

1. B cell numbers are normal, but plasma cells are infrequent and antibody pro- 
duction is impaired. 

2. T cell numbers and subsets are also typically normal, but cellular immunity 
can be decreased. 

3. Bacterial agents constitute the greatest threats of infection, which resemble 
those seen in XLA. 





CLINICAL PROBLEMS 


A 4-year-old child is referred with the diagnosis of type 1 LAD. She has a history of recur- 
rent bacterial infections, including pneumonias and skin abscesses. Radiography demon- 
strates granuloma-like lesions in her lungs and liver. However, the data in the following 
table suggest this condition has not been properly diagnosed. 


—— 


6193ch15.qxd_mg 2/6/06 01:17 PM Page 189 


N 


e y- ) Chapter 15: Immune Deficiency States 189 


1. Which of the elements in the table is inconsistent with a diagnosis of type 1 LAD? 


CD Marker Patient (%) Normal Range (%) 

CD20 HTD 
CS a 
C4285 
cB KS 
CDlla 65 BB 
CIB 8B 
cDI9 IPT 
co M62 


A. The CD2 value 
B. The CD19 value 
C. The CD1 1a value 
D. The CD45 value 
E. The CD3 value 


A 3-month-old child presents with a history of persistent diarrhea and oral thrush begin- 
ning at age 3 weeks and has developed signs and symptoms consistent with Pneumocystis 
carinii pneumonia. Both he and his parents are HIV negative based on serological and 
polymerase chain reaction (PCR) testing. Complete blood counts demonstrate profound 
lymphopenia. 
2. Which of the following blood cell types should show normal numbers if this condition 

was caused by a Rag deficiency? 

A. CD3* cells with a CD4 coreceptor 

B. CD19 cells 

C. Single-positive thymocytes 

D. Memory B cells 

E. NK cells 


An 8-month-old male child has an apparent antibody deficiency. The diagnosis has been 
narrowed to two possibilities. 


3. Measuring which of the following immune parameters would distinguish hyper-lgM 
syndrome (type 1) from X-linked agammaglobulinemia? 


A. IgG levels in the serum 
B. CD19* cells in the blood 
C. IL-2 production by the patient’s lymphocytes in vitro 
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D. NK cell-mediated cytotoxicity in vitro 

E. IgA levels in the saliva 
A pediatric patient has a history of recurrent infections, and it is hypothesized that she has 
a defect in the neutrophil-mediated killing of phagocytized bacteria. 
4, Which of the following laboratory assays would most directly test this hypothesis? 

A. Complement fixation test 

B. Quantitative test for serum Igs 

C. NBT dye reduction test 

D. Flow cytometry for CD18 expression 

E. Complete blood count and differential 
An adolescent with a history of childhood upper respiratory tract infections and diarrhea 
continues to have recurring sinusitis, which is attributed to Pseudomonas aeruginosa, a 
gram-negative bacterium. Laboratory tests over the past 5 years have repeatedly indicated 
that he has normal T cell numbers (based on CD3, CD4, and CD8), normal serum com- 
plement levels and activity, and normal serum IgM and IgG levels for his age. Isohemag- 
glutinin titers are normal. Neutrophil numbers and function (chemotaxis, 
opsonophagocytosis, and respiratory burst) are all normal. His IgG antibody response to 


tetanus toxoid challenge is also within the normal range. He shows 4+ reactions in delayed 
hypersensitivity skin tests against several common fungal antigens. 


5. What therapy is appropriate for this patient? 

A. Antibiotics only 

B. Antibiotics and IVIG 

C. Antibiotics, [VIG, and stem cell transplantation 

D. Stem cell transplantation 

E. Antibiotics and IFN-y 
Johnny is an 8-month-old child with recurrent fungal and viral infections. His blood lym- 
phocyte numbers are normal and they bind IL-2 in vitro. It has been determined that his 


parents are both heterozygous for a mutation in their ZAP-70 genes that can explain 
Johnny’s disease. 


6. In addition to antimicrobial agents to treat his infections, what therapy should be con- 
sidered for Johnny? 


A. Thymus transplant 

B. IVIG and all of the pediatric vaccines 
C. Recombinant IL-2 

D. Stem cell transplantation 


E. Besides antimicrobial agents, there is no effective therapy for this patient. 
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ANSWERS 


1. The correct answer is C. The diagnosis of LAD type 1 requires demonstrating that the 
patient lacks CD18 or any of the @ chains that pair with the CD18 B chain (ie, 
CD11a, CD11b, or CD11c). This patient has normal levels of CD11a, which means 
she does not have LAD type 1. 


2. The correct answer is E. Rag-deficient SCID patients show a TB NK’ overall lympho- 
cyte phenotype. 


3. The correct answer is B. In hyper-IgM syndrome, normal numbers of B cells are pre- 
sent in the periphery. However, they do not receive the normal signaling from Th cells 
due to a defect in the coreceptor ligand CD154. In XLA the absence of the Btk kinase 
blocks B cell differentiation at the pre-B cell stage, and the patients have no peripheral 
CD19" B cells. 


4, The correct answer is C. The NBT dye reduction test measures cellular production of 
oxidants, which are important in the oxygen-dependent killing of microbes by neu- 
trophils (Chapter 1). The other tests could confirm phagocyte dysfunction as well, but 
would not directly relate to intracellular killing function. 


5. The correct answer is A. This patient lacks any clear evidence of an immune deficiency 
that would explain his recurrent bacterial infections. There is no rationale for stem cell 
transplantation, and there is no antibody defect that would suggest giving IVIG. Only 
conventional antibiotic therapy is indicated for the treatment of the infection. 


6. The correct answer is D. ZAP-70 deficiency affects TCR-initiated signaling in his T 
cells. Replacing the defective T cells with normal T cell precursors would theoretically 
be of value here. 
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I. Tolerance is an acquired condition of specific unresponsiveness to an 
antigen. 


A. Autotolerance (unresponsiveness to self antigens) is established within B and T 
lymphocytes as they encounter self antigens during development. 
1. Self tolerance is antigen specific and can be induced either in a primary lym- 
phoid organ or in the periphery. 
2. Autotolerance continues to be established throughout life, even after the thy- 
mus atrophies. 


B. Three mechanisms contribute to the induction of tolerance. 
1. Clonal deletion results in the apoptosis of specific B and T cell clones. 

a. Clonal deletion generally occurs among immature B and T cells through a 
process called negative selection (Chapters 9 and 10). 

b. Deletion requires antigen recognition by immature lymphocytes through 
their B cell receptor (BCR) or T cell receptor (TCR). 

2. Clonal anergy is a form of unresponsiveness in lymphocytes caused by antigen 
recognition in the absence of essential stimulatory coreceptor signals. 

a. Antigen presentation by antigen-presenting cells (APCs) that lack the B7 
ligand for the CD28 coreceptor induces T cell anergy. 

b. Antigen presentation by cells that engage the inhibitory cytotoxic T lym- 
phocyte-associated protein 4 (CTLA-4) coreceptor can also induce T cell 
anergy. 

3. Tolerance, including autotolerance, can also be mediated by active suppressor 
cells in the periphery. 

a. Regulatory T cells (Treg cells) mediate unresponsiveness to specific anti- 
gens. 

b. Treg cells are induced in both the thymus and the periphery by autoanti- 
gens. 

c. Suppression is generally mediated by the production of inhibitory cytokines, 
such as interleukin (IL)-10 and transforming growth factor (TGF)-B. 


C, Autotolerance is established at two levels. 
1. Central tolerance to self antigens is established during the differentiation of B 
and T cells in the bone marrow and thymus, respectively. 
a. Central tolerance results in the deletion of autoreactive clones (negative se- 
lection). 
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b. Self-specific B cells can be rescued from clonal deletion by undergoing sec- 
ondary immunoglobulin (Ig) locus rearrangements (BCR editing.) 
2. Peripheral tolerance involves all three mechanisms of tolerance induction— 
deletion, anergy, and suppression. 
a. The induction of autotolerance in the periphery continues throughout life. 
b. Because quiescent autoreactive B and T cell clones reside in normal individ- 
uals, autoimmunity is common. 


TRANSPLANTATION TOLERANCE 


It isnot uncommon for transplant recipients to become tolerant to their foreign organ grafts over time, 
despite significant genetic disparities with the organ donor. 

Pretransplantation lymphoablation appears to favor the induction of tolerance, as does the establish- 
ment of donor-recipient chimerism when donor bone marrow cells are provided. 

The continual exposure of the recipient to the HLA antigens of the donor may also induce active sup- 
pressor cells, including Treg cells. 

Blocking CD28/B7 and CD40/CD154 costimulatory signaling may be another mechanism for inducing 
specific unresponsiveness to allografts. 

The ultimate goal of inducing transplantation tolerance is to reduce the dependence on powerful im- 
munosuppressive therapies in the posttransplant period. 


II. Autoimmunity results from the loss of self tolerance. 


A. The molecular mimicry theory of autoimmunity proposes that autoimmunity 


C 


occurs when microbial antigens cross-react with self antigens. 

1. Antibodies to the M protein of Streptococcus pyogenes that are induced during 
infection can react with cardiac autoantigens of the sarcolemma and heart 
valves and cause rheumatic fever. 

2. Antibodies to Treponema pallidum induced during syphilis can cross-react with 
human fibronectin and collagen. 

3. Antibodies to the insulin receptor are induced during papilloma virus infec- 
tions. 


The costimulatory theory of autoimmunity proposes that silent autospecific 

lymphocytes are activated when tissues inappropriately express stimulatory core- 

ceptor ligands. 

1. Major histocompatibility complex (MHC) class II molecules are expressed by 
pancreatic B cells in type 1 diabetes mellitus. 

2. Microglial cells of patients with multiple sclerosis express B7. 


Autoimmunity is induced when cryptic or sequestered autoantigens that are 

normally not seen by the immune system are released to the periphery. 

1. Autoimmune uveitis is thought to develop when ocular antigens released from 
a damaged eye induce immune damage to the contralateral eye. 

2. Autoantigens of spermatogonia can be recognized as nonself if they are later re- 
leased from the testes by vasectomy. 


Modified self antigens can induce autoimmune responses. 

1. Autoimmune hemolytic anemias result when drugs bind to erythrocyte surface 
proteins. 

2. Autoantibodies to the Fc domains of IgG molecules (rheumatoid factors) are 
often produced in rheumatoid arthritis. 


—— 
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VASECTOMY AND AUTOIMMUNE ORCHITIS 


* Vasectomy is the most common means by which men elect permanent sterilization for the purpose of 


contraception. 


* Vasectomy does not halt spermatogenesis, and sperm can become accessible to the immune system 


following the procedure. 


* Sperm-agglutinating antibodies develop in over 50% of vasectomized males. 
+ Epididymitis and orchitis mediated by autoantibodies occur at a rate of 5-6%. 


III. Autoimmunity often exists without overt autoimmune disease. 


A. The elderly commonly produce low-affinity autoantibodies that do not cause dis- 


ease. 


B. Witebsky’s postulates establish a set of criteria for designating a disease as au- 


toimmune in nature. 

1. Autoantibodies or autoreactive T cells must be demonstrated in the patient. 

2. The autoantigen(s) must be identified. 

3. Immunizing a laboratory animal with the autoantigen must induce a compara- 
ble autoimmune response and autoimmune disease. 

4, The disease manifestations must be transferable to a naive recipient with au- 
toantibody or autospecific T cells. 


C. Several human diseases appear to satisfy Witebsky’s postulates. 


1. Myelin-specific T cells of the type found in multiple sclerosis can transfer dis- 
ease to laboratory rats and mice. 

2. The lesions found in myasthenia gravis can be duplicated in animals by the 
transfer of patient serum. 

3. Harrington’s experiments with idiopathic thrombocytopenia purpura clearly 
identify this condition as an autoimmune disease. 


WILLIAM HARRINGTON AND IDIOPATHIC THROMBOCYTOPENIA PURPURA 


* In 1951, a young hematologist named William Harrington was caring for a group of patients with 


bleeding disorders and low platelet counts. 
Dr. Harrington proposed that their thrombocytopenia was immune based. 


After injecting himself with the plasma of one of his patients, he developed severe, but transient throm- 
bocytopenia. 


Because his megakaryocytes were spared destruction, he eventually recovered. 
This experiment firmly established that autoantibodies can cause human disease. 


D. The diagnosis of autoimmune diseases is aided by laboratory tests. 


1. Some tests detect tissue-bound autoantibodies. 

a. Antibodies to glomerular basement membrane antigens in Goodpasture’s 
disease show a characteristic linear distribution in the kidney by immuno- 
fluorescence. 

b. By contrast, the “lumpy-bumpy” appearance of IgG in the glomerulus is 
typical of immune complex autoimmune diseases (eg, systemic lupus ery- 
thematosus or SLE). 

2. Many laboratory tests are designed to detect circulating autoantibodies. 

a. Antinuclear antibodies (ANA) are detected by immunofluorescence. 
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(1) The autoantigens include DNA, histones, and nucleolar proteins. 
(2) These antibodies are seen in SLE, Sjégren’s syndrome, and scleroderma. 
b. Antineutrophil cytoplasmic antigen (ANCA) is characteristic of certain 
forms of autoimmune nephritis and vasculitis (eg, Wegener's granulomato- 
sis). 
c. Rheumatoid factor (RF) is common to rheumatoid arthritis and a number 
of other autoimmune diseases. 
(D RF is an autoantibody to the Fc region of IgG. 
(2) RF is mostly IgM anti-IgG, but IgG and IgA autoantibodies have also 
been described. 
d. The Coombs test detects IgG antibodies on erythrocytes and platelets. 
(D These antibodies can be specific for endogenous or exogenous (ie, hap- 
tenic) cell surface antigens. 
(2) “Coombs-positive” is synonymous with immune-based when used to de- 
scribe an anemia. 
3. Tests that measure the serum concentrations of complement can be used to 
follow the status of autoimmune diseases. 
a. Complement activity is often depressed during acute exacerbations of im- 
mune complex autoimmune diseases. 
b. Measuring complement levels can be useful for monitoring the success of 
therapy. 


IV. The spectrum of autoimmune diseases ranges from those that are organ 
specific to those that are essentially systemic in nature. 


A. In organ-specific autoimmune diseases symptoms reflect the distribution of the 
target autoantigen(s). 
1. Hashimoto’s thyroiditis, pernicious anemia, and Addison’s disease are examples 
of organ-specific autoimmune diseases. 
2. The organ-specific disease manifestations of these conditions (eg, thyroid dys- 
function) are important clues to their diagnosis. 


B. Systemic autoimmune diseases (ic, the rheumatological disorders) typically in- 
volve the skin, kidneys, muscles, joints, and blood vessels. 
1. Tissue damage is widely distributed. 
2. Symptoms can reflect the deposition of soluble immune complexes, which is an 
important step in disease pathogenesis. 









AUTOIMMUNE POLYENDOCRINE SYNDROME 


CLINICAL 
CORRELATION 


« Autoimmune polyendocrine syndrome (APS) type 1 is a rare condition caused by a mutation in the We) 
gene for the transcription factor autoimmune regulator (AIRE). 

* Patients present with chronic mucocutaneous candidiasis, hypoparathyroidism, and/or adrenal insuf- 
ficiency. 

+ AIRE is expressed in thymic epithelial cells and may control induction of self tolerance. 


* Twenty percent of affected individuals develop type 1 diabetes mellitus. 


C. Tissue damage and symptoms in autoimmune diseases can change with time, be- 
cause autoantibody responses become increasingly polyspecific. 
1. The initial autoantibody is specific for a dominant self epitope. 
2. Autoimmunity broadens with time by epitope spreading (Figure 16-1). 


—— 


6193ch16.qxd_mg 2/6/06 01:20 PM Page 196 


N 


196 USMLE Road Map: Immunology GS 


> 
J 


Immunodominant 
epitope 














Intramolecular Intermolecular 
spreading spreading 


vot} 


Figure 16—I. Epitope spreading in autoimmunity. 








a. B cells specific for the initial epitope elicit new responses by presenting addi- 
tional epitopes on the same antigen (intramolecular spreading). 

b. B cells specific for the epitopes of the first autoantigen can cross-react with a 
second autoantigen (intermolecular spreading). 


V. One of four pathogenic mechanisms underlies the development of most 
autoimmune diseases (Table 16-1). 


A. Antireceptor autoantibodies can cause autoimmune disease. 
1. Myasthenia gravis is a neurological condition presenting as muscle weakness 
and fatigue. 
a. Manifestations include diplopia, dysphonia, and difficulty swallowing, 
breathing, and walking. 
b. Antagonistic antibodies to the acetylcholine receptor block neurotransmis- 
sion at motor end plates. 
2. Grave’s disease is mediated by agonistic antibodies to the thyroid-stimulating 
hormone (TSH) receptor. 
a. Anti-TSH receptor antibodies are diagnostic. 
b. Hyperthyroidism and thyroid hyperplasia are common. 
c. Females are affected seven times more often than males. 
d. Many patients require thyroid ablation by radiotherapy or surgery. 


B. Cytotoxic immune tissue injury is the basis for many forms of organ-specific au- 
toimmune disease. 
1. Coombs-positive hemolytic anemias and thrombocytopenias result from the 
immune lysis and/or clearance of blood cells. 
a. Complement plays a central role in cell destruction. 
b. “Cold reactive antibodies” are IgM and show high avidity. 
(1) They are more commonly found after certain infections (eg, my- 
coplasma). 
(2) They typically induce intravascular hemolysis. 
c. “Warm reactive antibodies” are IgG and have a lower avidity. 
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Antireceptor 
autoantibody 


Cytotoxic immune injury 


Immune complex tissue 
injury 


Cellular immune 
tissue injury 


Examples 
Myasthenia gravis 
Grave’s disease 


Pernicious anemia 
Addison’s disease 


Coombs-positive 
hemolytic anemia 


Crohn’s disease 
Goodpasture’s disease 


Pemphigus vulgaris 


Rheumatic fever 
Sjogren’s syndrome 


Thrombocytopenia 
purpura 


Drug-induced 
serum sickness 
Rheumatoid arthritis 


Systemic lupus 
erythematosus 


Diabetes mellitus 
(type !) 

Hashimoto’s 
thyroiditis 

Multiple sclerosis 
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Table |6—!. Major pathogenic mechanisms underlying autoimmune diseases. 


Initial Target 
Autoantigen 


Acetylcholine 
receptor 
Thyroid-stimulating 
hormone receptor 
Intrinsic factor 
Adrenal cell antigens 


Endogenous erythro- 
cyte antigens or 
haptens 

Unknown 


Basement 
membrane collagen 
Desmosome antigens 
in the skin 


Cardiac muscle 
antigens 

Nucleoproteins 
Ro and La 

Platelet integrins 


Drug hapten 
Unknown 


Nucleic acids, 
nucleoproteins 


B cell antigens 


Thyroglobulin; 
thyroid peroxidase 
Myelin proteins 


Distinguishing Clinical 
Features 


Muscle fatiguability 
Hyperthyroidism; goiter 


Vitamin B,, deficiency 
Adrenal insufficiency 


Intravascular hemolysis, 
clearance, and anemia 


Transmural colitis and 
ileitis, ulceration 
Nephritis, pneumonitis 


Blistering skin lesions, 
immunoglobulin G 
staining on epidermal 
cells 

Heart valve damage 


Dry eyes and mouth 


Hemorrhagic purpura 


Vasculitis, hemorrhage, 
arthralgia, nephritis 
Synovitis, arthritis, carti- 
lage and bone loss 
Malar skin rash, arthral- 
gia, anemia, arthritis, 

nephritis 


Hyperglycemia; pancre- 
atic B cell loss 
Hypothyroidism 


Progressing sensory 
deficits, fatigue, 
weakness 





(1) These antibodies cause Fc receptor-mediated clearance of erythrocytes. 
(2) They are often induced by drugs that bind to cell surface proteins. 
2. The direct Coombs test detects IgG antibodies on a patient’s erythrocytes. 
3. The indirect Coombs test detects circulating IgG autoantibodies that can 
react with endogenous erythrocyte antigens (eg, Rh). 


—— 
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4, Drug-induced autoimmune hemolytic anemias are caused by several mecha- 
nisms. 
a. Penicillin induces direct Coombs-positive anemias. 
(1) The drug binds directly to the erythrocyte surface and induces an an- 
tidrug antibody. 
(2) These conditions improve when the drug is discontinued. 
b. Methyldopa induces anemias that are direct and indirect Coombs 
positive. 
(1) This drug induces an antidrug antibody that cross-reacts with an Rh 
antigen. 
(2) Treatment may require immunosuppression and/or plasmapheresis to 
remove the autoantibodies. 
c. Other drugs can induce autoantibodies that form immune complexes with 
the drug. 
(1) The immune complexes can bind to the erythrocyte surface through 
CRI (Chapter 8). 
(2) Such conditions are direct and indirect Coombs positive. 
(3) Treatment may require immunosuppression and/or plasmapheresis to 
remove the immune complexes. 
Goodpasture’s disease is mediated by IgG antibodies to basement membrane 
antigens, which together with neutrophils cause nephritis and pneumonitis. 
a. Autoantibodies in this disease are directed at epitopes of type IV collagen 
that are found in basement membranes. 
b. Treatment involves antiinflammatory and immunosuppressive drugs and 
plasmapheresis. 
c. End-stage renal disease may require kidney transplantation. 


dt 









CLINICAL 
CORRELATION 
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INFECTIONS AND AUTOIMMUNITY 


* An increased incidence of infection is not always seen in autoimmune diseases. 

* However, when autoimmunity adversely affects the integrity of an epithelial barrier (eg, Crohn’s dis- 
ease or Sj6gren’s syndrome) opportunistic infections can occur. 

* Complement consumption in immune complex autoimmune diseases can also impair host responses 
to infectious agents. 


Immunosuppressive therapies for autoimmunity increase the risks of infection. 


Paradoxically, with a decrease in the overall infection rate in developed countries, an increase in the in- 
cidence of allergy and autoimmune disease has occurred. 

* This may reflect the failure of a microbe-poor environment to induce adequate inhibitory immune re- 
sponses (eg, Treg cells) that prevent allergy and autoimmunity. 


C. Immune complex-mediated diseases share certain clinical features. 
1. Drug-induced serum sickness results when antibodies to drugs (eg, penicillin) 
form soluble immune complexes with their antigens. 
a. These complexes deposit in the skin, blood vessel walls, joints, and kidneys, 
activate complement, and recruit inflammatory cells. 
b. Vasculitis, hemorrhage, arthralgia, skin rashes, and nephritis are among the 
principal clinical findings. 
2. SLE is one of the most common autoimmune disease in women 20-40 years of 
age, especially African-Americans (Table 16-2). 


—— 
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Approximate Incidence 
Female to Male Ratios (per 100,000) 


Diabetes mellitus 
(type !) 


Rheumatoid 
arthritis 


Hashimoto’s 
thyroiditis DR3, DR4, DR5 





“SLE, systemic lupus erythematosus. 


a. The condition is characterized by fever, arthralgia, nonerosive arthritis, 
myalgia, photosensitivity, skin rashes, anemia, and glomerulonephritis. 

b. The autoantibodies produced in patients with SLE become increasingly 
polyspecific with epitope spreading. 
(1) Antibodies to double-stranded DNA are diagnostic. 
(2) Additional autoantibodies are produced against nuclear antigens (his- 

tones, ribonuclear proteins) and erythrocyte surface antigens. 

c. Immunofluorescence staining for immune complexes or C3b in the kidney 
shows a “lumpy-bumpy” pattern. 

d. Therapy for this condition is directed at reducing pain, inflammation, and 
autoantibody production (Table 16-3). 

3. Rheumatoid arthritis is the most common autoimmune disease in the United 

States today. 

a. Patients usually first present with morning stiffness and joint pain. 

b. Synovitis results from the infiltration of lymphocytes and macrophages and 
synovial growth in the form of a pannus. 

c. Th1 cells infiltrate the joint and contribute to macrophage and osteoclast 
activation. 


—— 
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Table |6-3. Therapies used to treat autoimmune diseases." 


Treatment Diseases 


Reduce circulating Grave’s disease, hemolytic 
autoantibodies and immune anemias, SLE 
complexes 


Inhibit lymphocyte activation 
and proliferation 


Block proinflammatory Crohn’s disease (TNF-c), RA, 
cytokine effects (IL-1B or TNF-c) 


Removal or replacement Crohn’s disease, Hashimoto’s 
of damaged tissues thyroiditis, RA 


Transfusion and transplantation Organ or tissue replacement Hemolytic anemias, type | 
diabetes mellitus 





“SLE, systemic lupus erythematosus; NSAIDs, nonsteroidal antiinflammatory drugs; RA, rheumatoid arthritis; TNF, 
tumor necrosis factor; IL, interleukin. 


d. Macrophages activate matrix metalloproteases and osteoclasts, which leads 
to cartilage and bone erosion. 

e. Immune complexes, including rheumatoid factor, are present in the joint 
spaces. 

f. Therapy includes immunosuppression, synovectomy, and joint replacement 


(Table 16-3). 


D. Cell-mediated autoimmune diseases do not require autoantibodies. 
1. Multiple sclerosis is a neurodegenerative condition resulting from central ner- 
vous system (CNS) demyelination by activated macrophages. 
a. Inflammation is initiated by CD4* T cells specific for myelin autoantigens 
(myelin basic protein, myelin oligodendrocyte glycoprotein). 
b. Th1 cytokines recruit and activate T cells and macrophages. 
c. MHC class II and the B7 coreceptor ligand are induced on astrocytes and 
microglia. 
2. Type 1 (immune-mediated) diabetes mellitus involves the destruction of 
pancreatic islet B cells and hyperglycemia. 
a. Target autoantigens include the insulin receptor, B cell granule proteins, 
and insulin. 
b. Increased HLA-DR expression on cells is common. 


—— 
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c. CD4* Th1 cells, CD8* T cells, and macrophages infiltrate the islets and in- 
duce B cell apoptosis. 
d. Insulin replacement by injection, pancreas transplantation, or islet cell trans- 
plantation is the preferred therapy. 
3. Sjégren’s syndrome is a disease involving T cell-mediated damage to lacrimal 
and salivary glands that leads to dry eyes and dry mouth (sicca symptoms). 


moO” eee eee eee 


CLINICAL PROBLEMS 


A patient recently diagnosed with SLE is experiencing significant symptoms of 3 weeks 
duration that include edema and skin rash. Her serum blood urea nitrogen (BUN) and 
creatinine levels are increased, and a biopsy of her kidney shows IgG and C3b at the 
glomerular basement membrane. Her serum complement levels are monitored over time. 


1. Which of the following findings would be most consistent with a worsening clinical 
2 
course? 


A. A decline in C9 levels 

B. A decline in C3 and C4 levels 

C. An increase in Factor P levels 

D. An increase in Cl inhibitor (C1 Inh) levels 
E. A decline in C7 levels 


2. Of the following laboratory test findings, which would have been most useful in mak- 
ing the initial diagnosis of this disease? 


A. A positive ANA 

B. A positive cross-match 

C. Bence—Jones urinary proteins 

D. A positive mixed lymphocyte reaction 


E. Antibodies to myelin basic protein 


Helen’s physician has prescribed methyldopa for the treatment of her hypertension. She 
visits the outpatient medicine clinic several months later complaining of fatigue and has a 
noticeable pale color in the palms of her hands. Her hemoglobin is 9.5 g/dL (normal range 
= 13-15 g/dL). 


3. What laboratory test should be ordered to determine if her anemia is due to an anti- 
body? 
A. HLA typing 
B. Antithyroglobulin 
C. Coombs test 
D. ANA 


E. Major cross-match 
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Bill is a 30-year-old man who presents with lower right quadrant abdominal pain, a 10- 
pound weight loss over the past month, fever, and nonbloody diarrhea. Barium enema 
contrast imaging indicates mucosal swelling of the wall of the ileum and ascending colon. 
A biopsy of the colon shows the presence of transmural granulomatous inflammation. 
Laboratory tests indicate mild anemia, leukocytosis, and decreased total serum protein and 
albumin, which suggest anorexia. 


4, Which of the following therapies would be expected to be most beneficial in treating 
this condition? 


A. Plasmapheresis 
B. Anti-tumor necrosis factor (TNF)-a 
C. Recombinant C1 Inh 
D. Appendectomy 
E. Antifungal agents 
A 72-year-old man complains of bilateral swelling and pain in the joints of his hands and 


feet. Several of his proximal phalangeal joints are noticeably deformed. A radiograph of the 
right hand shows a narrowing of the joint spaces in three digits. 


5. Which of the following additional findings would support a diagnosis of rheumatoid 
arthritis? 


A. A decreased erythrocyte sedimentation rate 
B. Serum antibodies to double-stranded DNA 
C. Antibodies to IgG in the serum 

D. A positive response to antibiotics 

E. Autoantibody to the TSH receptor 


ANSWERS 


1. The correct answer is B. Acute episodes in lupus are accompanied by complement de- 
pletion by activation of the classical pathway. This leads to a decline in the serum levels 


of Cl, C2, C3, and C4. 


2. The correct answer is A. Over 95% of lupus patients have antinuclear antibodies. The 
other choices do not fit a diagnostic approach to autoimmunity, except choice E. Anti- 
bodies to myelin are typical of multiple sclerosis, but not SLE. 


3. The correct answer is C. The most appropriate test for establishing an immune basis 
for an anemia is the Coombs test, which detects IgG antibodies on erythrocytes. This 
patient’s fatigue is most likely related to her low erythrocyte mass. 


4. The correct answer is B. This case fits the classic signs and symptoms of Crohn’s dis- 
ease and the imaging and laboratory data support this diagnosis. Chronic inflammation 
is maintained by the activation of a Th] type of cytokine production, including IL-12, 
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interferon (IFN)-y, and TNF-a. Anti-TNF-o has proven effective in treating Crohn’s 
disease in many patients. 


5. The correct answer is C. Although not diagnostic of this condition, the presence of 
rheumatoid factor certainly distinguishes rheumatoid arthritis from several other forms 
of arthritis. Lupus patients can develop arthritis, but the condition of not erosive in na- 
ture. Increased sedimentation rates are common in acute disease. 
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I. The principles of transplantation predict the survival of transplanted 
tissues. 


A. Tissue or organs transplanted within an individual are accepted. 


1. 
2. 


Such grafts are called autografts. 
Examples of autografts include skin transplants to treat local burns and cos- 
metic hair follicle transplantation to treat hair loss. 


B. Grafts exchanged between genetically identical individuals are accepted. 


1. 
2. 


These grafts are called isografts. 
The donor and recipient are isogeneic or syngeneic to one another. 


C. Grafts between genetically dissimilar individuals are rejected. 


1. 
2. 


The donor and recipient are allogeneic to one another. 


The grafts are referred to as allografts. 


D. Grafts exchanged between species are normally rejected. 


1. 
2. 


The donor and recipient are xenogeneic. 
The grafts are called xenografts. 


E. Foreign histocompatibility antigens initiate graft rejection. 


1. 


2. 


3. 


Major histocompatibility complex (MHC) alloantigens (ic, human HLA) 

are the strongest stimuli for inducing allograft rejection. 

Minor histocompatibility antigens and tissue-specific antigens can mediate 

graft rejection. 

a. Vascular endothelial cells express ABO antigens that can stimulate hypera- 
cute rejection. 

b. Endothelium-specific antigens can trigger graft rejection. 

MHC alloantigens are recognized directly by large numbers of cross-reacting 

CD4* and CD8* T cells (Figure 17-1). 

a. Most T cell receptors (T'CRs) cross-react with allogeneic forms of MHC. 

b. Up to 15% of all peripheral T cells can be activated by a single MHC al- 
loantigen. 


. Multiple MHC incompatibilities lead to more vigorous graft rejection than 


does a disparity at a single locus (Figure 17-2). 


. Disparities at MHC class I + MHC class II loci induce greater responses than 


does either a class I or a class II difference alone. 


. Prior immunization can increase the pace of allograft rejection. 
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Viral peptide Peptide from 
Am allogenic cell me) 


Class | MHC—_ 


HLA-A1 HLA-A2 
Virus-infected self cell Allogenic cell 


Figure 17-1. Recognition of an allogeneic major histocompatibility complex (MHC) 
molecule by T cells. CTL, cytotoxic T lymphocyte; TCR, T cell receptor. 





a. “First set” rejection occurs within days because the number of T cells acti- 
vated by a foreign graft is large. 
b. Repeated exposure to the same MHC alloantigens (eg, through blood 
transfusions) can cause even more rapid rejection (“second set” rejection). 
F. The fate of allografts varies somewhat depending on the nature of the tissue or 
organ transplanted (Table 17-1). 





—e— Living related | 
allografts 


Graft failure rate (%) 


—e Cadaveric 
allografts 
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Number of HLA mismatches 


Figure 17-2. Influence of HLA on 5-year allograft failure rates. 
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Table | 7-!. Special considerations related to particular forms of transplantation. 


Organ or Tissue 
Transplanted Considerations 


95% overall success rate after | year when living related kid- 
neys are used; diabetes is the most frequent cause of end- 
stage renal failure 


Reserved for imminently life-threatening cardiac disease; often 
combined with lung transplantation; relaxed criteria for donor 
selection due to organ shortage and effectiveness of cy- 
closporin 


Transfusions are typically tolerated despite HLA disparity; pre- 
formed anti-HLA antibodies can cause transfusion reactions 


Less requirement for HLA typing; evidence that tolerance to 
allogeneic transplants develops with time; contraindicated in 
certain malignancies, viral hepatitis, and human immunodefi- 
ciency virus (HIV) infection 


Prevention of secondary effects of diabetes; whole organ, seg- 
mental, or isolated islet cell transplantation possible 


Hematopoietic Concern for graft-versus-host disease and infections; graft- 
stem cells versus-tumor effect beneficial 


Cornea Benefits from the privileged status of the anterior chamber 





CORNEAL TRANSPLANTS 


* Approximately 40,000 corneal transplants are performed in the United States each year. 


The donors are not routinely matched with recipients for HLA, and recipients do not receive systemic 
immunosuppression following transplantation. 

The immunologically privileged status of the anterior chamber of the eye results in a low level of graft 
rejection (~10%). 

Immune privilege is maintained by a lack of lymphatic drainage and the expression of Fas ligand 
(Chapter 6) on corneal endothelial and epithelial cells. 

Invading activated T cells expressing Fas are killed by binding to ocular Fas ligand. 

When they occur, rejection episodes can be treated with topical corticosteroids. 


II. Allograft rejection involves a diverse set of immune mediators (Figure 
17-3). 


A. CD4* Th1 cells activate various effector cells by secreting cytokines. 


—— 
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Figure 17-3. Mediators of allograft rejection. MHC, major histocompatibility complex; Ty, T helper; 
IL, interleukin; Tc, cytotoxic T cell; IFN, interferon; TNF, tumor necrosis factor; NK, natural killer; 
ADCC, antibody-dependent cell-mediated cytotoxicity. 





1. Th1 cells recognize allogeneic HLA-DP, DQ, and DR molecules. 
2. The Thl cell subset produces interleukin (IL)-2, interferon (IFN)-y, and 
tumor necrosis factor (TNF)-, which activate cytotoxic T cells, natural killer 
(NK) cells, and macrophages. 
B. CD4* Th2 cells are activated by allogeneic MHC class II molecules. 
1. The Th2 cytokines IL-4 and IL-5 induce growth, class switching, and anti- 
body production by B cells. 


—— 
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2. Antibodies specific for allogeneic donor MHC molecules can mediate hyper- 
acute rejection (see below). 

3. Immunoglobulin (Ig) G alloantibodies can promote antibody-dependent 
cellular cytotoxicity (ADCC) by NK cells and macrophages. 


C. Cytokines that mediate allograft rejection are also produced by NK cells (IFN- 
y), CD8* T cells (IFN-y), and macrophages (TNF-q). 


D. CD8* cytotoxic T cells recognize allogeneic MHC class I molecules. 
1. Killing is mediated by the perforin-granzyme, Fas—Fas ligand, and TNF re- 
ceptor pathways (Chapter 10). 
2. Rejection is due to apoptotic cell death in the transplanted tissues. 


E. Macrophages kill donor cells with oxidants, hydrolytic enzymes, and TNF-a. 
F. NK cells kill by recognizing the absence of self MHC class I molecules. 


III. Three mechanisms of allograft rejection exist. 


A. Hyperacute allograft rejection occurs within minutes to hours and is mediated 
by preformed antibodies in the recipient. 
1. The principal target antigens include allogeneic HLA and ABO, both of 
which are expressed on the donor’s vascular endothelial cells. 
2. Anti-HLA antibodies are produced in response to pregnancy, blood transfu- 
sions, or prior transplants. 
3. These IgM and IgG antibodies activate complement through the classical 
pathway. 
a. C5a attracts neutrophils to the allograft. 
b. iC3b promotes neutrophil attachment and activation. 
c. C3a, C4a, and C5a activate mast cells, which increases the inflammatory 
response within the graft. 
4. Activated neutrophils, monocytes, and NK cells damage the endothelium. 
5. Activation and damage to the vascular endothelium cause important hemody- 
namic changes in the allograft. 
a. Tissue factor is expressed by endothelial cells and initiates thrombosis. 
b. Endothelial cell damage promotes platelet activation, thrombosis, infarc- 
tion, edema, and hemorrhage. 


B. Acute allograft rejection occurs over weeks to months and is mediated by CD4* 


Thl cells, CD8* cytotoxic T cells, NK cells, and macrophages that infiltrate the 
graft. 


C. Chronic allograft rejection occurs over months to years. 
1. Fibrosis, infarction, and ischemia are common features. 
2. Chronic rejection is difficult to control by immunosuppression. 


IV. Graft rejection can be predicted or prevented by matching the donor 
and recipient histocompatibility antigens (Table 17-2). 


A. Tissue typing determines the tissue antigens expressed by prospective donors 
and recipients and any preformed immunity to those antigens. 
1. ABO matching is essential for preventing endothelial damage by isohemag- 
glutinins. 
2. Preformed antibodies to ABO are detected with the major cross-match (incu- 
bating donor cells in recipient serum). 


—— 
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Table | 7-2. Prospective HLA typing for the transplantation of solid organ allografts. 


Mediator of Rejection 


CD8* Cytotoxic 
CD4* Th Cells T Cells 


ABO; HLA-A, B, 
C, DP, DQ, DR 


Important typing Type and match  Typeand match Major cross-match 
procedures HLA-DP, HLA-A, B, C to detect anti- 
DQ, DR ABO and 
Perform mixed anti-HLA 
lymphocyte 
reaction (MLR) 





TRANSPLANTATION ACROSS ABO INCOMPATIBILITIES 









CORRELATION 

* Conventional wisdom advises against transplanting organs when an ABO incompatibility exists be- 
tween the donor and recipient. We) 

* This restriction has limited the number of cardiac transplants, especially those involving infants with 
congenital heart defects. 

* Recently, it was discovered that ABO incompatibility need not prevent the transplantation of HLA- 
matched hearts into very young children. 

* The isohemagglutinins that mediate hyperacute rejection develop slowly over time in the neonate. 

* The antigenic stimulus for inducing isohemagglutinins appears to be the cross-reacting polysaccha- 
rides of microbial flora. 

* The delayed appearance of these natural antibodies reflects a gradual acquisition of commensal or- 
ganisms during the initial months of postnatal life. 


3. HLA typing is performed by molecular techniques [eg, polymerase chain re- 
action (PCR)]. 
a. The best donor-recipient pair is selected based on similarities between their 
HLA genotypes. 
b. HLA typing and matching can minimize acute rejection. 
c. Extensive matching of HLA types is not as important in liver transplants as 
in kidney transplants (Table 17-1). 
d. The shortage of heart allografts and the effectiveness of cyclosporine in car- 
diac transplantation obviate the need for extensive HLA typing. 
e. HLA typing is important for identifying haplotype segregation within a 
family (Figure 7-7). 
f. Transplantation using organs from deceased donors may not afford an op- 
portunity for detailed tissue typing. 
g. High-resolution typing of HLA-D region antigens is important in stem cell 
transplantation to avoid graft-versus-host disease (GVHD). 
4, Preformed anti-HLA antibodies are detected with a major cross-match. 


—— 
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a. Such antibodies can be formed against either class I or class II alloantigens. 
b. The major cross-match can prevent hyperacute rejection. 
5. The mixed lymphocyte reaction (MLR) detects T cell-mediated reactivity 

between donor and recipient (Figure 17—4). 

a. The assay measures the recognition of allogeneic MHC by coculturing the 
lymphocytes from two individuals. 

b. The MLR also predicts the potential for GVHD following stem cell trans- 
plantation. 









TRANSPLANTATION WAITING LISTS 


* Recent national data (www.ustransplant.org) indicate that over 80,000 patients in the United States 
are waiting for organ transplants, anumber that has doubled in less than 10 years. 


* Nearly 60,000 patients await kidney transplantation, while only 15,000 renal transplants are per- 
formed each year. 
* Two-thirds of prospective kidney transplant recipients spend over a year on the waiting list. 


CLINICAL 
CORRELATION 


* The median time until transplantation is over 3 years. 


V. Xenotransplantation has the potential to address the shortage of available 
donor organs and tissues. 


A. The species providing a xenotransplant to a human patient is determined by 
organ physiology as well as social and ethical concerns. 
1. Kidneys from minipigs are suitable for transplantation into humans, based on 
anatomical and physiological considerations. 
2. Pigs are also suitable for genetic manipulation (see the Clinical Correlation on 
transgenic pigs in Chapter 8). 
B. Xenotransplantation carries the risk of transmitting zoonotic infections. 
1. Retroviruses similar to human immunodeficiency virus type 1 (HIV-1) are a 
particular concern. 
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Figure | 7-4. Mixed lymphocyte reaction. *Blood mononuclear cells. 





6193ch17.qxd_mg 2/6/06 01:23 PM Page 211 


N 


Oy a Chapter 17: Transplantation 211 


2. Immunosuppressed transplant recipients are at increased risk for such infec- 
tions. 


C. The primary immunological barrier to xenotransplantation appears to be hyper- 

acute rejection. 

1. Natural IgM antibodies against widely distributed ABO-like carbohydrate 
xenoantigens are present in nearly all species. 

2. These antibodies activate complement and initiate neutrophil-mediated dam- 
age to vascular endothelial cells. 

3. Because the membrane complement regulatory proteins [eg, decay-accelerat- 
ing factor (DAF)] of the pig do not inhibit the human C3 convertases, uncon- 
trolled complement-mediated damage also occurs. 


D. T cells that recognize the MHC molecules of the xenogeneic species are also acti- 
vated and mediate strong rejection responses. 


VI. Hematopoietic stem cell (HSC) transplantation provides a therapy for 
hematopoietic disorders, immune deficiencies, and cancer (Table 17-3). 


A. HSCs bear the CD34 marker and can be purified from bone marrow cells. 
1. HSCs can also be purified from peripheral blood after mobilization in the 
donor by injection of colony-stimulating factor-granulocyte (CSF-G). 
2. For the treatment of malignant conditions, autologous HSCs can be collected 
during remission and transplanted at a later time. 


B. Several potential outcomes of stem cell transplantation must be balanced. 
1. Rejection of an HSC transplant can be minimized by tissue typing. 
2. GVHD represents a significant risk in HSC transplantation beginning at the 
first month posttransplantation. 
a. Acute GVHD presents as a sunburn-like rash, hepatosplenomegaly, jaun- 
dice, elevated billirubin, and diarrhea. 
b. GVHD occurs when the recipient expresses HLA antigens not present on 
the donor. 


Table | 7-3. Diseases treated by hematopoietic stem cell transplantation. 


Defects in 
Hematopoiesis Immune Deficiencies Malignancies 


Severe combined 
immune deficiency 


Wiscott—Aldrich 
syndrome 


Leukocyte adhesion 
defect 


Pure red cell aplasia Chediak—Higashi Multiple myeloma 
syndrome 
Hyper-lgM syndrome 
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c. GVHD requires donor T cells capable of responding to allogeneic HLA of 
the recipient. 

d. GVHD is most evident when the recipient is immunosuppressed or geneti- 
cally incapable of rejecting donor T cells. 

e. GVHD can be anticipated by tissue typing in the direction of donor anti- 
host. 

3. Despite the negative effects of GVHD, donor T cells can also have a beneficial 
graft-versus-tumor effect in malignant diseases. 

4, The use of preconditioning regimens (eg, chemotherapy prior to transplanta- 
tion) and powerful immunosuppressive drugs increases the risks of oppor- 
tunistic infections. 

a. Depending on the degree of myeloablation, early infections can be severe 
and can be caused by viruses, fungi, and bacteria. 

b. Common pathogens include cytomegalovirus, herpes simplex virus, Can- 
dida albicans, and Aspergillus species. 

c. Neutrophil functions are generally restored first. 

d. Prophylactic therapies include antimicrobial agents, laminar flow rooms, 
intravenous immunoglobulin (IVIG), and pediatric vaccines after lympho- 
cyte reconstitution. 


VII. Posttransplantation immunosuppressive therapy primarily targets lym- 
phocyte activation, growth, and differentiation and inhibits inflammation 
(Table 17-4). 


Table | 7-4. Immunosuppressive drugs used in transplantation.* 


Targets Clinical Use 


Cyclosporine A (CsA), 
tacrolimus (FK506), 
sirolimus (rapamycin) 


ALG, ATG, daclizumab Lymphocytes Organ transplantation 





“ALG, antilymphocytic globulin; ATG, antithymocyte globulin. 
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A. Cyclosporine and related drugs block calcineurin-dependent activation of nu- 
clear factor of activated T cells (NFAT) in T cells and inhibit cytokine (eg, IL-2) 
production (Chapter 6). 


B. Azathioprine and methotrexate are cytotoxic to lymphocytes. 
1. Azathioprine inhibits DNA synthesis. 
2. Methotrexate is a folate antagonist. 
3. The drugs are also used to treat autoimmune diseases (Chapter 16). 


C. Antibodies against lymphocytes or their receptors block signaling and cause lym- 
phocyte death. 
1. OKT3 is an antibody to CD3 used in pancreas transplantation. 
2. Antilymphocyte globulin and antithymocyte globulin deplete T cells. 
3. Daclizumab is an antibody against the IL-2 receptor (CD25), which inhibits 
lymphocyte proliferation. 


D. Corticosteroids inhibit inflammation (eg, neutrophil and macrophage activa- 
tion) associated with graft destruction. 

E. Mycophenolate mofetil inhibits purine metabolism and blocks lymphocyte pro- 
liferation. 

F. All of these drugs are essentially nonspecific in the sense that they inhibit protec- 
tive immune responses while suppressing graft rejection. 


CLINICAL PROBLEMS 


Mary is a 52-year-old woman with end-stage renal disease secondary to diabetes. She re- 
ceived an allogeneic renal transplant 2 months ago and has progressed to a maintenance 
dose of immunosuppressive therapy. However, within the last week she has been experi- 
encing a progressive decline in renal function [decreased urine output, elevated blood urea 
nitrogen (BUN) and creatine] and currently has a temperature of 39°C. Her kidney is now 
tender, painful, and swollen. A renal biopsy shows a dense interstitial mononuclear infil- 
tration. 


1. Which of the following is most likely responsible for the change in her clinical course 
over the past week? 


A. An opportunistic viral infection 

B. Renal toxicity due to her immunosuppressive drugs 
C. Graft-versus-host disease 

D. Acute allograft rejection 

E. Diabetic nephropathy 


Two months after having received an allogeneic stem cell transplant for the treatment of 
acute lymphoblastic leukemia, a patient presented with diarrhea and a blistering, erythe- 
matous appearance to the skin of his anterior neck and back. Serum chemistry revealed el- 
evated liver enzymes and billirubin, and the liver and spleen appeared enlarged on physical 
examination. 


—— 
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2. Which of the following diseases or pathogenic mechanisms is most likely causing this 
clinical picture? 


A. Rejection of the transplant 

B. Autoantibody production against the patient’s lymphocytes 
C. Deposition of immune complexes in the skin and liver 

D. A reaction to his immunosuppressive drugs 


E. Graft-versus-host disease 


As a treatment for end-stage renal disease, xenotransplantation involves unique clinical 
challenges not seen in allotransplantation. 


3. Which of the following mechanisms is more common in the rejection of renal 
xenografts than renal allografts? 


A. Production of IgE antibodies 

B. Activation of HLA class I-restricted CD4* T cells 
C. Binding of anti-HLA antibodies to donor tissues 
D. Activation of complement by natural antibodies 


E. Attraction of eosinophils into the graft 


The HLA phenotypes of a family, including a patient who requires a kidney transplant, 
are listed below. 


Mother 1,7 8,12 45 

Father Ey ey 46 
Daughter#1 LT (tt BK 
Daughter#2 LT 4h 
Sn#l LS 128 45 
Sn#2 320 
Patient i 828002020 44000 ¢€C SS 


4. All other considerations being equal, which of the family members is best suited as the 
transplant donor? 


A. Daughter #1 
B. Daughter #2 
C. Mother 
D. Son #1 
E. Son #2 
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5. Which of the donors above would be most appropriate to donate stem cells to the pa- 
tient if that were the indicated therapy? 


A. Daughter #1 
B. Daughter #2 
C. Mother 
D. Son #1 
E. Son #2 


ANSWERS 


1. The correct answer is D. This is a typical description of acute renal allograft rejection. 
The histopathology confirms rejection, but does not fit a virus infection or diabetic 
nephropathy (hyaline thickening of the glomerular capillaries). 


2. The correct answer is E. GVHD is common in allogeneic stem cell transplantation and 
involves the liver, spleen, gastrointestinal tract, and skin. 


3. The correct answer is D. Although allografts can also undergo hyperacute rejection ini- 
tiated by isohemagglutinins, this rarely occurs due to the now routine use of the major 
cross-match. Hyperacute rejection is currently the major initial barrier to successful 
xenografting. 


4. The correct answer is B. Daughter #2 has only a single disparity at one MHC class I 
locus. Particularly important in selecting a donor-recipient pair is avoiding disparities 
at both class I and class II loci. 


5. The correct answer is B. The most important consideration in selecting a stem cell 
donor is avoiding GVHD, which is primarily induced by donor cells that recognize 
HLA-D region alloantigens of the recipient. The second consideration in selecting a 
donor for stem cell transplantation is the survival of the graft, which is dictated by the 
same rules that govern solid organ transplantation. 
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Appendix |. CD markers and their functions.* 


CD Marker Principal Functions 


Ligand on T cells for CD40 





“NKT, natural killer T; TCR, T cell receptor; MHC, major histocompatibility complex; 
LPS, lipopolysaccharide; IL, interleukin; MAC, membrane attack complex; APC, antigen- 
presenting cell. 
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Appendix II. Cytokines.’ 


Cytokine Principal Functions 


Growth and differentiation of myeloid lineage cells 





‘IL, interleukin; TNF, tumor necrosis factor; NK, natural killer; lg, immunoglobulin; IFN, interferon; 
TGF, transforming growth factor; CSF, colony-stimulating factor; M, macrophage; G, granulocyte. 
See also Table 12-3 for a list of important chemokines. 


WIKIPEDIA 
Abiogenesis 


Abiogenesis, or informally the origin of life,l4I[5llnote 1] js 
the natural process by which life arises from non-living matter, 
such as simple organic compounds. [6I4III8] While the details of 
this process are still unknown, the prevailing scientific 
hypothesis is that the transition from non-living to living entities 
was not a single event, but a gradual process of increasing 
complexity that involved molecular  self-replication,  self- 
assembly, autocatalysis, and the emergence of cell 
membranes.!91/ll] Although the occurrence of abiogenesis is 
uncontroversial among scientists, there is no single, generally 
accepted model for the origin of life, and this article presents 





several principles and hypotheses for how abiogenesis could have 


The earliest known life-forms on Earth are 
putative fossilized microorganisms, found in 
hydrothermal vent precipitates, that may have 
lived as early as 4.28 billion years ago, relatively 


occurred. 


Researchers study abiogenesis through a combination of 


molecular biology, paleontology, astrobiology, oceanography, soon after the oceans formed 4.41 billion years 
biophysics, geochemistry and biochemistry, and aim _ to ago, and not long after the formation of the Earth 
determine how pre-life chemical reactions gave rise to life.!'2 4.54 billion years ago.{l2] 


The study of abiogenesis can be geophysical, chemical, or 

biological,!"5]_ with more recent approaches attempting a 

synthesis of all three,!"4 as life arose under conditions that are strikingly different from those on Earth today. Life 
functions through the specialized chemistry of carbon and water and builds largely upon four key families of chemicals: 
lipids (fatty cell walls), carbohydrates (sugars, cellulose), amino acids (protein metabolism), and nucleic acids (self- 
replicating DNA and RNA). Any successful theory of abiogenesis must explain the origins and interactions of these classes 
of molecules.!'5! Many approaches to abiogenesis investigate how self-replicating molecules, or their components, came 
into existence. Researchers generally think that current life on Earth descends from an RNA world,!'®! although RNA- 
based life may not have been the first life to have existed.[17JI18] 


The classic 1952 Miller—Urey experiment and similar research demonstrated that most amino acids, the chemical 
constituents of the proteins used in all living organisms, can be synthesized from inorganic compounds under conditions 
intended to replicate those of the early Earth. Scientists have proposed various external sources of energy that may have 
triggered these reactions, including lightning and radiation. Other approaches ("metabolism-first" hypotheses) focus on 
understanding how catalysis in chemical systems on the early Earth might have provided the precursor molecules 
necessary for self-replication.!"9] Complex organic molecules occur in the Solar System and in interstellar space, and these 
molecules may have provided starting material for the development of life on Earth./20l2 122123] 


The biochemistry of life may have begun shortly after the Big Bang, 13.8 billion years ago, during a habitable epoch when 
the age of the universe was only 10 to 17 million years.!#4Il25] The panspermia hypothesis suggests that microscopic life was 
distributed to the early Earth by space dust,!2°! meteoroids,!?”! asteroids and other small Solar System bodies and that life 
may exist throughout the universe.!28] The panspermia hypothesis proposes that life originated outside the Earth, but does 
not definitively explain its origin. 


Nonetheless, Earth remains the only place in the universe known to harbour life,!291I$°l and fossil evidence from the Earth 
informs most studies of abiogenesis. The age of the Earth is about 4.54 billion years;/31[82][33] the earliest undisputed 
evidence of life on Earth dates from at least 3.5 billion years ago,/$4I1$5II36] and possibly as early as the Eoarchean Era 
(between 3.6 and 4.0 billion years ago), after geological crust started to solidify following the molten Hadean Eon. In May 
2017 scientists found possible evidence of early life on land in 3.48-billion-year-old geyserite and other related mineral 
deposits (often found around hot springs and geysers) uncovered in the Pilbara Craton of Western Australia.[37I[38I[39]I40] 
However, a number of discoveries suggest that life may have appeared on Earth even earlier. As of 2017, microfossils, or 
fossilised microorganisms, within hydrothermal-vent precipitates dated from 3.77 to 4.28 billion years old found in 
Quebec, Canadian rocks may harbor the oldest record of life on Earth, suggesting life started soon after ocean formation 
4.4 billion years ago.![21I411421I43] according to biologist Stephen Blair Hedges, "If life arose relatively quickly on Earth ... 
then it could be common in the universe."[441[451I46] 
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Early geophysical conditions on Earth 


The Hadean Earth is thought to have had a secondary 
atmosphere, formed through degassing of the rocks that 
accumulated from planetesimal impactors. At first, it 
was thought that the Earth's atmosphere consisted of 
hydrogen compounds—methane, ammonia and water 
vapour—and that life began under such reducing 
conditions, which are conducive to the formation of 
organic molecules. According to later models, suggested 
by study of ancient minerals, the atmosphere in the late 
Hadean period consisted largely of water vapour, 
nitrogen and carbon dioxide, with smaller amounts of 
carbon monoxide, hydrogen, and sulfur compounds.(47] 
During its formation, the Earth lost a significant part of 
its initial mass, with a nucleus of the heavier rocky 
elements of the protoplanetary disk remaining.|*®] As a 
consequence, Earth lacked the gravity to hold any 
molecular hydrogen in its atmosphere, and rapidly lost 
it during the Hadean period, along with the bulk of the 
original inert gases. The solution of carbon dioxide in 
water is thought to have made the seas slightly acidic, 
giving it a pH of about 5.5. The atmosphere at the time 
has been characterized as a "gigantic, productive 
outdoor chemical laboratory."49] It may have been 
similar to the mixture of gases released today by 
volcanoes, which still support some abiotic 
chemistry.|*91 


Oceans may have appeared first in the Hadean Eon, as 
soon as two hundred million years (200 Ma) after the 
Earth was formed, in a hot 100 °C (212 °F) reducing 
environment, and the pH of about 5.8 rose rapidly 
towards neutral.!§°l This has been supported by the 
dating of 4.404 Ga-old zircon crystals from 
metamorphosed quartzite of Mount Narryer in the 
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Western Australia Jack Hills of the Pilbara, which are 

evidence that oceans and continental crust existed within 150 Ma of Earth's formation.5"! Despite the likely increased 
volcanism and existence of many smaller tectonic "platelets," it has been suggested that between 4.4 and 4.3 Ga (billion 
year), the Earth was a water world, with little if any continental crust, an extremely turbulent atmosphere and a 
hydrosphere subject to intense ultraviolet (UV) light, from a T Tauri stage Sun, cosmic radiation and continued bolide 
impacts. [21 

The Hadean environment would have been highly hazardous to modern life. Frequent collisions with large objects, up to 
500 kilometres (310 mi) in diameter, would have been sufficient to sterilize the planet and vaporize the ocean within a few 
months of impact, with hot steam mixed with rock vapour becoming high altitude clouds that would completely cover the 
planet. After a few months, the height of these clouds would have begun to decrease but the cloud base would still have 
been elevated for about the next thousand years. After that, it would have begun to rain at low altitude. For another two 
thousand years, rains would slowly have drawn down the height of the clouds, returning the oceans to their original depth 
only 3,000 years after the impact event.[53] 


Earliest biological evidence for life 


The most commonly accepted location of the root of the tree of life is between a monophyletic domain Bacteria and a clade 
formed by Archaea and Eukaryota of what is referred to as the "traditional tree of life" based on several molecular studies 
starting with C. Woese.!>4] A very small minority of studies have concluded differently, namely that the root is in the 
Domain Bacteria, either in the phylum Firmicutes!®5) or that the phylum Chloroflexi is basal to a clade with 
Archaea+Eukaryotes and the rest of Bacteria as proposed by Thomas Cavalier-Smith.!°6! More recently Peter Ward has 
established an alternative view which is rooted in abiotic RNA synthesis which becomes enclosed within a capsule and 
then creates RNA ribozyme replicates. It is proposed that this then bifurcates between Dominion Ribosa (RNA life), and 
after the loss of ribozymes RNA viruses as Domain Viorea, and Dominion Terroa, which after creating a large cell within a 
lipid wall, creating DNA the 20 based amino acids and the triplet code, is established as the last universal common 
ancestor or LUCA, of earlier phylogenic trees.!>”] 


The earliest life on Earth existed more than 3.5 billion years ago, 41135136] 
during the Eoarchean Era when sufficient crust had solidified following the 
molten Hadean Eon. The earliest physical evidence so far found consists of 
microfossils in the Nuvvuagittuq Greenstone Belt of Northern Quebec, in 
"banded iron formation" rocks at least 3.77 billion and possibly 4.28 billion 
years old.!‘l58] This finding suggested that there was almost instant 
development of life after oceans were formed. The structure of the microbes 





was noted to be similar to bacteria found near hydrothermal vents in the 


Precambrian stromatolites in the 
Siyeh Formation, Glacier National 
Park. In 2002, a paper in the 
scientific journal Nature suggested 
that these 3.5 Ga (billion years) old 
geological formations contain 


modern era, and provided support for the hypothesis that abiogenesis began 


near hydrothermal vents. 421["] 


Also noteworthy is biogenic graphite in 3.7 billion-year-old metasedimentary 
rocks from southwestern Greenland!°*! and microbial mat fossils found in 3.48 


fossilized cyanobacteria microbes. billion-year-old sandstone from Western Australia.!©°ll6"] Evidence of early life 
This suggests they are evidence of in rocks from Akilia Island, near the Isua supracrustal belt in southwestern 
one of the earliest life forms on Greenland, dating to 3.7 billion years ago have shown biogenic carbon 
Earth. isotopes.!62I63] In other parts of the Isua supracrustal belt, graphite inclusions 


trapped within garnet crystals are connected to the other elements of life: 
oxygen, nitrogen, and possibly phosphorus in the form of phosphate, providing 
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further evidence for life 3.7 billion years ago.!®4! At Strelley Pool, in the Pilbara region of Western Australia, compelling 
evidence of early life was found in pyrite-bearing sandstone in a fossilized beach, that showed rounded tubular cells that 
oxidized sulfur by photosynthesis in the absence of oxygen.!6°l[66II67] Further research on zircons from Western Australia 
in 2015 suggested that life likely existed on Earth at least 4.1 billion years ago.|44I[681[69] 

Traditionally it was thought that during the period between 4.28!"Il2] and 3.8 Ga, changes in the orbits of the giant planets 
may have caused a heavy bombardment by asteroids and comets!”°! that pockmarked the Moon and the other inner 
planets (Mercury, Mars, and presumably Earth and Venus). This would likely have repeatedly sterilized the planet, had life 
appeared before that time.!49] Geologically, the Hadean Earth would have been far more active than at any other time in its 
history. Studies of meteorites suggests that radioactive isotopes such as aluminium-26 with a half-life of 7.17x10° (717 
thousand) years, and potassium-40 with a half-life of 1.250x109 (1.25 billion) years, isotopes mainly produced in 
supernovae, were much more common.!”"] Internal heating as a result of gravitational sorting between the core and the 
mantle would have caused a great deal of mantle convection, with the probable result of many more smaller and more 
active tectonic plates than now exist. 


The time periods between such devastating environmental events give time windows for the possible origin of life in the 
early environments. If the deep marine hydrothermal setting was the site for the origin of life, then abiogenesis could have 
happened as early as 4.0 to 4.2 Ga. If the site was at the surface of the Earth, abiogenesis could only have occurred 
between 3.7 and 4.0 Ga.!7! 

In 2016, a set of 355 genes likely present in the Last Universal Common Ancestor (LUCA) of all organisms living on Earth 
was identified.!”9I A total of 6.1 million prokaryotic protein coding genes from various phylogenic trees were sequenced, 
identifying 355 protein clusters from amongst 286,514 protein clusters that were probably common to LUCA. The results 
"depict LUCA as anaerobic, CO.-fixing, H.-dependent with a Wood—Ljungdahl pathway, N.-fixing and thermophilic. 
LUCA’s biochemistry was replete with FeS clusters and radical reaction mechanisms. Its cofactors reveal dependence upon 
transition metals, flavins, S-adenosyl methionine, coenzyme A, ferredoxin, molybdopterin, corrins and selenium. Its 
genetic code required nucleoside modifications and S-adenosylmethionine-dependent methylations." The results depict 
methanogenic clostridia as a basal clade in the 355 phylogenies examined, and suggest that LUCA inhabited an anaerobic 
hydrothermal vent setting in a geochemically active environment rich in H5, CO, and iron.!”4] M.D. Brazier has shown that 
early micro-fossils came from a hot world of gases such as methane, ammonia, carbon dioxide and hydrogen sulphide, 
which are toxic to much current life.!75] Another analysis of the conventional threefold tree of life shows thermophilic and 
hyperthermophilic bacteria and archaea are closest to the root, suggesting that life may have evolved in a hot 


environment.!/6l 


Conceptual history 


Spontaneous generation 


Belief in spontaneous generation of certain forms of life from non-living matter goes back to Aristotle and ancient Greek 
philosophy and continued to have support in Western scholarship until the 19th century.!””! This belief was paired with a 
belief in heterogenesis, i.e., that one form of life derived from a different form (e.g., bees from flowers).!78! Classical 
notions of spontaneous generation held that certain complex, living organisms are generated by decaying organic 
substances. According to Aristotle, it was a readily observable truth that aphids arise from the dew that falls on plants, flies 
from putrid matter, mice from dirty hay, crocodiles from rotting logs at the bottom of bodies of water, and so on.!”9l In the 
17th century, people began to question such assumptions. In 1646, Sir Thomas Browne published his Pseudodoxia 
Epidemica (subtitled Enquiries into Very many Received Tenets, and commonly Presumed Truths), which was an attack 
on false beliefs and "vulgar errors." His contemporary, Alexander Ross, erroneously refuted him, stating: "To question this 


[spontaneous generation], is to question Reason, Sense, and Experience: If he doubts of this, let him go to A/gypt, and 
there he will finde the fields swarming with mice begot of the mud of Nylus, to the great calamity of the 
Inhabitants."[801[81] 


In 1665, Robert Hooke published the first drawings of a microorganism. Hooke was followed in 1676 by Antonie van 
Leeuwenhoek, who drew and described microorganisms that are now thought to have been protozoa and bacteria.[®2] 
Many felt the existence of microorganisms was evidence in support of spontaneous generation, since microorganisms 
seemed too simplistic for sexual reproduction, and asexual reproduction through cell division had not yet been observed. 
Van Leeuwenhoek took issue with the ideas common at the time that fleas and lice could spontaneously result from 
putrefaction, and that frogs could likewise arise from slime. Using a broad range of experiments ranging from sealed and 
open meat incubation and the close study of insect reproduction he became, by the 1680s, convinced that spontaneous 
generation was incorrect.!8°] 

The first experimental evidence against spontaneous generation came in 1668 when Francesco Redi showed that no 
maggots appeared in meat when flies were prevented from laying eggs. It was gradually shown that, at least in the case of 
all the higher and readily visible organisms, the previous sentiment regarding spontaneous generation was false. The 
alternative seemed to be biogenesis: that every living thing came from a pre-existing living thing (omne vivum ex ovo, 


Latin for "every living thing from an egg"). 


In 1768, Lazzaro Spallanzani demonstrated that microbes were present in the air, and could be killed by boiling. In 1861, 
Louis Pasteur performed a series of experiments that demonstrated that organisms such as bacteria and fungi do not 
spontaneously appear in sterile, nutrient-rich media, but could only appear by invasion from without. 


The belief that self-ordering by spontaneous generation was impossible begged for an alternative. By the middle of the 
19th century, the theory of biogenesis had accumulated so much evidential support, due to the work of Pasteur and others, 
that the alternative theory of spontaneous generation had been effectively disproven. John Desmond Bernal, a pioneer in 
X-ray crystallography, suggested that earlier theories such as spontaneous generation were based upon an explanation 


that life was continuously created as a result of chance events. |*41 


Etymology 


The term biogenesis is usually credited to either Henry Charlton Bastian or to Thomas Henry Huxley.!®5! Bastian used the 
term around 1869 in an unpublished exchange with John Tyndall to mean "life-origination or commencement". In 1870, 
Huxley, as new president of the British Association for the Advancement of Science, delivered an address entitled 
Biogenesis and Abiogenesis.!®5l In it he introduced the term biogenesis (with an opposite meaning to Bastian's) as well as 
abiogenesis: 


And thus the hypothesis that living matter always arises by the agency of pre-existing living 
matter, took definite shape; and had, henceforward, a right to be considered and a claim to be 
refuted, in each particular case, before the production of living matter in any other way could be 
admitted by careful reasoners. It will be necessary for me to refer to this hypothesis so 
frequently, that, to save circumlocution, | shall call it the hypothesis of Biogenesis; and | shall 
term the contrary doctrine—that living matter may be produced by not living matter—the 
hypothesis of Abiogenesis.|8° 


Subsequently, in the preface to Bastian's 1871 book, The Modes of Origin of Lowest Organisms, 8”! Bastian referred to the 
possible confusion with Huxley's usage and explicitly renounced his own meaning: 


A word of explanation seems necessary with regard to the introduction of the new term 
Archebiosis. | had originally, in unpublished writings, adopted the word Biogenesis to express 


the same meaning—viz., life-origination or commencement. But in the mean time the word 
Biogenesis has been made use of, quite independently, by a distinguished biologist [Huxley], 
who wished to make it bear a totally different meaning. He also introduced the word 
Abiogenesis. | have been informed, however, on the best authority, that neither of these words 
can—with any regard to the language from which they are derived—be supposed to bear the 
meanings which have of late been publicly assigned to them. Wishing to avoid all needless 
confusion, | therefore renounced the use of the word Biogenesis, and being, for the reason just 
given, unable to adopt the other term, | was compelled to introduce a new word, in order to 
designate the process by which living matter is supposed to come into being, independently of 
pre-existing living matter. |8® 


Louis Pasteur and Charles Darwin 


Louis Pasteur remarked, about a finding of his in 1864 which he considered definitive, 
"Never will the doctrine of spontaneous generation recover from the mortal blow struck 
by this simple experiment."891[90] One alternative was that life's origins on Earth had 
come from somewhere else in the universe. Periodically resurrected (see Panspermia, 
above) Bernal said that this approach "is equivalent in the last resort to asserting the 
operation of metaphysical, spiritual entities... it turns on the argument of creation by 
design by a creator or demiurge."!9'] Such a theory, Bernal said, was unscientific. A 
theory popular around the same time was that life was the result of an inner "life force", 
which in the late 19th century was championed by Henri Bergson. 





The idea of evolution by natural selection proposed by Charles Darwin put an end to 
these metaphysical theologies. In a letter to Joseph Dalton Hooker on 1 February 
1871,!7] Darwin discussed the suggestion that the original spark of life may have begun Charles Darwin in 1879 

in a "warm little pond, with all sorts of ammonia and phosphoric salts, light, heat, 

electricity, &c., present, that a proteine compound was chemically formed ready to 

undergo still more complex changes." He went on to explain that "at the present day such matter would be instantly 
devoured or absorbed, which would not have been the case before living creatures were formed." He had written to 
Hooker in 1863 stating that, "It is mere rubbish, thinking at present of the origin of life; one might as well think of the 
origin of matter." In On the Origin of Species, he had referred to life having been "created", by which he "really meant 


‘appeared’ by some wholly unknown process", but had soon regretted using the Old Testament term "creation" [9%] 


“Primordial soup" hypothesis 


No new notable research or hypothesis on the subject appeared until 1924, when Alexander Oparin reasoned that 
atmospheric oxygen prevents the synthesis of certain organic compounds that are necessary building blocks for the 
evolution of life. In his book The Origin of Life,!4195 Oparin proposed that the "spontaneous generation of life" that had 
been attacked by Louis Pasteur did in fact occur once, but was now impossible because the conditions found on the early 
Earth had changed, and preexisting organisms would immediately consume any spontaneously generated organism. 
Oparin argued that a "primeval soup" of organic molecules could be created in an oxygenless atmosphere through the 
action of sunlight. These would combine in ever more complex ways until they formed coacervate droplets. These droplets 
would "grow" by fusion with other droplets, and "reproduce" through fission into daughter droplets, and so have a 
primitive metabolism in which factors that promote "cell integrity" survive, and those that do not become extinct. Many 
modern theories of the origin of life still take Oparin's ideas as a starting point. 


Robert Shapiro has summarized the "primordial soup" theory of Oparin and J. B. S. 
Haldane in its "mature form" as follows:!%°! 


1. The early Earth had a chemically reducing atmosphere. 


2. This atmosphere, exposed to energy in various forms, produced simple organic 
compounds ("monomers"). 


3. These compounds accumulated in a "soup" that may have concentrated at various 
locations (shorelines, oceanic vents etc.). 


4. By further transformation, more complex organic polymers — and ultimately life — 
developed in the soup. 
About this time, Haldane suggested that the Earth's prebiotic oceans (quite different 
from their modern counterparts) would have formed a "hot dilute soup" in which 
organic compounds could have formed. Bernal called this idea biopoiesis or biopoesis, 
the process of living matter evolving from self-replicating but non-living 





molecules, !®41971 and proposed that biopoiesis passes through a number of 


intermediate stages. Alexander Oparin (right) in 
his laboratory, 1938 


One of the most important pieces of experimental support for the "soup" theory came 

in 1952. Stanley L. Miller and Harold C. Urey performed an experiment that 

demonstrated how organic molecules could have spontaneously formed from inorganic precursors under conditions like 
those posited by the Oparin-Haldane hypothesis. The now-famous Miller-Urey experiment used a highly reducing 
mixture of gases — methane, ammonia, and hydrogen, as well as water vapour — to form simple organic monomers such as 
amino acids.!%8] The mixture of gases was cycled through an apparatus that delivered electrical sparks to the mixture. After 
one week, it was found that about 10% to 15% of the carbon in the system was then in the form of a racemic mixture of 
organic compounds, including amino acids, which are the building blocks of proteins. This provided direct experimental 
support for the second point of the "soup" theory, and it is around the remaining two points of the theory that much of the 
debate now centres. 


Bernal showed that based upon this and subsequent work there is no difficulty in principle in forming most of the 
molecules we recognize as the necessary molecules for life from their inorganic precursors. The underlying hypothesis 
held by Oparin, Haldane, Bernal, Miller and Urey, for instance, was that multiple conditions on the primeval Earth 
favoured chemical reactions that synthesized the same set of complex organic compounds from such simple precursors. A 
2011 reanalysis of the saved vials containing the original extracts that resulted from the Miller and Urey experiments, 
using current and more advanced analytical equipment and technology, has uncovered more biochemicals than originally 
discovered in the 1950s. One of the more important findings was 23 amino acids, far more than the five originally 
found.!991 However, Bernal said that "it is not enough to explain the formation of such molecules, what is necessary, is a 
physical-chemical explanation of the origins of these molecules that suggests the presence of suitable sources and sinks for 


free energy."!100 


More recent studies, in October 2017, support the notion that life may have begun right after the Earth was formed as 


RNA molecules emerging from "warm little ponds".!461 


Proteinoid microspheres 


In trying to uncover the intermediate stages of abiogenesis mentioned by Bernal, Sidney W. Fox in the 1950s and 1960s 
studied the spontaneous formation of peptide structures (small chains of amino acids) under conditions that might 
plausibly have existed early in Earth's history. In one of his experiments, he allowed amino acids to dry out as if puddled in 
a warm, dry spot in prebiotic conditions. He found that, as they dried, the amino acids formed long, often cross-linked, 
thread-like, submicroscopic polypeptide molecules now named "proteinoid microspheres" .107] 


In another experiment to set suitable conditions for life to form, Fox collected volcanic material from a cinder cone in 
Hawaii. He discovered that the temperature was over 100 °C (212 °F) just 4 inches (100 mm) beneath the surface of the 
cinder cone, and suggested that this might have been the environment in which life was created—molecules could have 
formed and then been washed through the loose volcanic ash into the sea. He placed lumps of lava over amino acids 
derived from methane, ammonia and water, sterilized all materials, and baked the lava over the amino acids for a few 
hours in a glass oven. A brown, sticky substance formed over the surface, and when the lava was drenched in sterilized 
water, a thick, brown liquid leached out. The amino acids had combined to form proteinoids, and the proteinoids had 
combined to form small globules that Fox called "microspheres". His proteinoids were not cells, although they formed 
clumps and chains reminiscent of cyanobacteria, but they contained no functional nucleic acids or any encoded 
information. Based upon such experiments, Colin S. Pittendrigh stated in December 1967 that "laboratories will be 
creating a living cell within ten years," a remark that reflected the typical contemporary naivety about the complexity of 
cell structures. 191 


Current models 


There is no single, generally accepted model for the origin of life. Scientists have proposed several plausible hypotheses, 
which share some common elements. While differing in the details, these hypotheses are based on the framework laid out 
by Alexander Oparin (in 1924) and by J. B. S. Haldane (in 1925), who postulated the molecular or chemical evolution 
theory of life.!1°] According to them, the first molecules constituting the earliest cells "were synthesized under natural 
conditions by a slow process of molecular evolution, and these molecules then organized into the first molecular system 
with properties with biological order".!1°9] Oparin and Haldane suggested that the atmosphere of the early Earth may have 
been chemically reducing in nature, composed primarily of methane (CH,), ammonia (NH3), water (HO), hydrogen 
sulfide (H.S), carbon dioxide (CO.) or carbon monoxide (CO), and phosphate (PO,7°), with molecular oxygen (O.) and 
ozone (O3) either rare or absent. According to later models, the atmosphere in the late Hadean period consisted largely of 


nitrogen (N,) and carbon dioxide, with smaller amounts of carbon monoxide, hydrogen (H,), and sulfur compounds;!11 


[105] it was not as chemically reducing as Oparin and Haldane supposed. In 


while it did lack molecular oxygen and ozone, 
the atmosphere proposed by Oparin and Haldane, electrical activity can produce certain small molecules (monomers) of 


life, such as amino acids. The Miller—Urey experiment reported in 1953 demonstrated this. 


Bernal coined the term biopoiesis in 1949 to refer to the origin of life.!196] Tn 1967, he suggested that it occurred in three 
"stages": 


1. the origin of biological monomers 

2. the origin of biological polymers 

3. the evolution from molecules to cells 
Bernal suggested that evolution commenced between stages 1 and 2. Bernal regarded the third stage — discovering 
methods by which biological reactions were incorporated behind a cell's boundary — as the most difficult. Modern work on 
the way that cell membranes self-assemble, and the work on micropores in various substrates may be a halfway house 


towards the development of independent free-living cells.!10711081[109] 


The chemical processes that took place on the early Earth are called chemical evolution. Since the end of the nineteenth 
century, 'evolutive abiogenesis' means increasing complexity and evolution of matter from inert to living state.!1°] Both 
Manfred Eigen and Sol Spiegelman demonstrated that evolution, including replication, variation, and natural selection, 
can occur in populations of molecules as well as in organisms.!49] Spiegelman took advantage of natural selection to 
synthesize the Spiegelman Monster, which had a genome with just 218 nucleotide bases, having deconstructively evolved 
from a 4500-base bacterial RNA. Eigen built on Spiegelman's work and produced a similar system further degraded to just 
48 or 54 nucleotides — the minimum required for the binding of the replication enzyme.!"""1 


Following on from chemical evolution came the initiation of biological evolution, which led to the first cells.49! No one has 
yet synthesized a "protocell" using simple components with the necessary properties of life (the so-called "bottom-up- 
approach"). Without such a proof-of-principle, explanations have tended to focus on chemosynthesis.!"!2] However, some 
researchers work in this field, notably Steen Rasmussen and Jack W. Szostak. Others have argued that a "top-down 
approach" is more feasible. One such approach, successfully attempted by Craig Venter and others at J. Craig Venter 
Institute, involves engineering existing prokaryotic cells with progressively fewer genes, attempting to discern at which 
point the most minimal requirements for life are reached.!131[™41I115] 


The NASA strategy on abiogenesis states that it is necessary to identify interactions, intermediary structures and 
functions, energy sources, and environmental factors that contributed to the diversity, selection, and replication of 
evolvable macromolecular systems.!'1®] Emphasis must continue to map the chemical landscape of potential primordial 
informational polymers. The advent of polymers that could replicate, store genetic information, and exhibit properties 
subject to selection likely was a critical step in the emergence of prebiotic chemical evolution.!" 


In October 2018, researchers at McMaster University announced the development of a new technology, called a Planet 
Simulator, to help study the origin of life on planet Earth and beyond.!1171I"81[1191[120] T+ consists of a sophisticated climate 
chamber to study how the building blocks of life were assembled and how these prebiotic molecules transitioned into self- 
replicating RNA molecules.!7] 


Chemical origin of organic molecules 


The elements, except for hydrogen and helium, ultimately derive from stellar nucleosynthesis. On 12 October 2016, 
astronomers reported that the very basic chemical ingredients of life — the carbon-hydrogen molecule (CH, or 
methylidyne radical), the carbon-hydrogen positive ion (CH+) and the carbon ion (C+) — are largely the result of 
ultraviolet light from stars, rather than other forms of radiation from supernovae and young stars, as thought earlier.!12"] 
Complex molecules, including organic molecules, form naturally both in space and on planets.2°! There are two possible 


sources of organic molecules on the early Earth: 


1. Terrestrial origins — organic molecule synthesis driven by impact shocks or by other energy sources (such as UV light, 
redox coupling, or electrical discharges; e.g., Miller's experiments) 


2. Extraterrestrial origins — formation of organic molecules in interstellar dust clouds, which rain down on 
planets.!122II123] (See pseudo-panspermia) 
Based on recent computer model studies, the complex organic molecules necessary for life may have formed in the 
protoplanetary disk of dust grains surrounding the Sun before the formation of the Earth.!'24Il'25] According to the 
computer studies, this same process may also occur around other stars that acquire planets. (Also see Extraterrestrial 


organic molecules). 


Estimates of the production of organics from these sources suggest that the Late Heavy Bombardment before 3.5 Ga 
within the early atmosphere made available quantities of organics comparable to those produced by terrestrial 


sources, [126][127] 


It has been estimated that the Late Heavy Bombardment may also have effectively sterilized the Earth's surface to a depth 
of tens of metres. If life evolved deeper than this, it would have also been shielded from the early high levels of ultraviolet 
radiation from the T Tauri stage of the Sun's evolution. Simulations of geothermically heated oceanic crust yield far more 
organics than those found in the Miller-Urey experiments (see below). In the deep hydrothermal vents, Everett Shock has 
found "there is an enormous thermodynamic drive to form organic compounds, as seawater and hydrothermal fluids, 
which are far from equilibrium, mix and move towards a more stable state."!'78] Shock has found that the available energy 


is maximized at around 100 — 150 


degrees Celsius, precisely the 
temperatures at which the 
hyperthermophilic bacteria and 


thermoacidophilic archaea have been 
found, at the base of the phylogenetic 
tree of life closest to the Last Universal 
Common Ancestor (LUCA).!1291 


The accumulation and concentration of 
organic molecules on a_ planetary 
surface is also considered an essential 
early step for the origin of life.!'6 
Identifying and understanding the 
mechanisms that led to the production 
of prebiotic molecules in various 


environments is critical for establishing 
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the inventory of ingredients from which 
life originated on Earth, assuming that 
the abiotic production of molecules ultimately influenced the selection of molecules from which life emerged.!"16 


Chemical synthesis 


While features of self-organization and self-replication are often considered the hallmark of living systems, there are many 
instances of abiotic molecules exhibiting such characteristics under proper conditions. Stan Palasek suggested based on a 
theoretical model that self-assembly of ribonucleic acid (RNA) molecules can occur spontaneously due to physical factors 
in hydrothermal vents.!1°°l Virus self-assembly within host cells has implications for the study of the origin of life,!191] as it 
lends further credence to the hypothesis that life could have started as self-assembling organic molecules. !1921I133] 

Multiple sources of energy were available for chemical reactions on the early Earth. For example, heat (such as from 
geothermal processes) is a standard energy source for chemistry. Other examples include sunlight and electrical 
discharges (lightning), among others.!*9] Computer simulations also suggest that cavitation in primordial water reservoirs 
such as breaking sea waves, streams and oceans can potentially lead to the synthesis of biogenic compounds.!"*4I 
Unfavourable reactions can also be driven by highly favourable ones, as in the case of iron-sulfur chemistry. For example, 
this was probably important for carbon fixation (the conversion of carbon from its inorganic form to an organic 
one).!note 2] Carbon fixation via iron-sulfur chemistry is highly favourable, and occurs at neutral pH and 100 °C (212 °F). 
Iron-sulfur surfaces, which are abundant near hydrothermal vents, are also capable of producing small amounts of amino 
acids and other biological metabolites.!49! 


As early as the 1860s, experiments have demonstrated that biologically relevant molecules can be produced from 
interaction of simple carbon sources with abundant inorganic catalysts. In particular, experiments by Butlerov (the 
formose reaction) showed that tetroses, pentoses, and hexoses are produced when formaldehyde is heated under basic 
conditions with divalent metal ions like calcium. The reaction was scrutinized and subsequently proposed to be 
autocatalytic by Breslow in 1959. Similar experiments (see below) demonstrate that nucleobases like guanine and adenine 
could be synthesized from simple carbon and nitrogen sources like hydrogen cyanide and ammonia. 


Formamide produces all four ribonucleotides and other biological molecules when warmed in the presence of various 
terrestrial minerals. Formamide is ubiquitous in the Universe, produced by the reaction of water and hydrogen cyanide 
(HCN). It has several advantages as a biotic precursor, including the ability to easily become concentrated through the 
evaporation of water.!195Il'96] although HCN is poisonous, it only affects aerobic organisms (eukaryotes and aerobic 
bacteria), which did not yet exist. It can play roles in other chemical processes as well, such as the synthesis of the amino 
acid glycine.|491 


In 1961, it was shown that the nucleic acid purine base adenine can be formed by heating aqueous ammonium cyanide 
solutions.!'37] Other pathways for synthesizing bases from inorganic materials were also reported.!"98 Leslie E. Orgel and 
colleagues have shown that freezing temperatures are advantageous for the synthesis of purines, due to the concentrating 
effect for key precursors such as hydrogen cyanide.!199] Research by Stanley L. Miller and colleagues suggested that while 
adenine and guanine require freezing conditions for synthesis, cytosine and uracil may require boiling temperatures.!"40l 
Research by the Miller group notes the formation of seven different amino acids and 11 types of nucleobases in ice when 
ammonia and cyanide were left in a freezer from 1972 to 1997.!1411[142] Other work demonstrated the formation of s- 
triazines (alternative nucleobases), pyrimidines (including cytosine and uracil), and adenine from urea solutions subjected 
to freeze-thaw cycles under a reductive atmosphere (with spark discharges as an energy source).!'43] The explanation 
given for the unusual speed of these reactions at such a low temperature is eutectic freezing. As an ice crystal forms, it 
stays pure: only molecules of water join the growing crystal, while impurities like salt or cyanide are excluded. These 
impurities become crowded in microscopic pockets of liquid within the ice, and this crowding causes the molecules to 
collide more often. Mechanistic exploration using quantum chemical methods provide a more detailed understanding of 
some of the chemical processes involved in chemical evolution, and a partial answer to the fundamental question of 
molecular biogenesis.!1441 

At the time of the Miller—Urey experiment, scientific consensus was that the early Earth had a reducing atmosphere with 
compounds relatively rich in hydrogen and poor in oxygen (e.g., CH, and NH, as opposed to CO, and nitrogen dioxide 
(NO.)). However, current scientific consensus describes the primitive atmosphere as either weakly reducing or 
neutral!"451[146] (see also Oxygen Catastrophe). Such an atmosphere would diminish both the amount and variety of amino 
acids that could be produced, although studies that include iron and carbonate minerals (thought present in early oceans) 
in the experimental conditions have again produced a diverse array of amino acids.!'45] Other scientific research has 


focused on two other potential reducing environments: outer space and deep-sea thermal vents. !1471I148][149] 


The spontaneous formation of complex polymers from abiotically generated monomers under the conditions posited by 
the "soup" theory is not at all a straightforward process. Besides the necessary basic organic monomers, compounds that 
would have prohibited the formation of polymers were also formed in high concentration during the Miller—Urey and 
Joan Oré experiments.!'°°l The Miller—Urey experiment, for example, produces many substances that would react with 


the amino acids or terminate their coupling into peptide chains.!191] 


A research project completed in March 2015 by John D. Sutherland and others found that a network of reactions 
beginning with hydrogen cyanide and hydrogen sulfide, in streams of water irradiated by UV light, could produce the 
chemical components of proteins and lipids, as well as those of RNA,!'92II159] while not producing a wide range of other 
compounds.!'54] The researchers used the term "cyanosulfidic" to describe this network of reactions.!199] 


Autocatalysis 


Autocatalysts are substances that catalyze the production of themselves and therefore are "molecular replicators." The 
simplest self-replicating chemical systems are autocatalytic, and typically contain three components: a product molecule 
and two precursor molecules. The product molecule joins together the precursor molecules, which in turn produce more 
product molecules from more precursor molecules. The product molecule catalyzes the reaction by providing a 


complementary template that binds to the precursors, thus bringing them together. Such systems have been demonstrated 
both in biological macromolecules and in small organic molecules.!'55Il'56] Systems that do not proceed by template 
mechanisms, such as the self-reproduction of micelles and vesicles, have also been observed, 156] 


It has been proposed that life initially arose as autocatalytic chemical networks.!'5/] British ethologist Richard Dawkins 
wrote about autocatalysis as a potential explanation for the origin of life in his 2004 book The Ancestor's Tale.!'98] In his 
book, Dawkins cites experiments performed by Julius Rebek Jr. and his colleagues in which they combined amino 
adenosine and pentafluorophenyl esters with the autocatalyst amino adenosine triacid ester (AATE). One product was a 
variant of AATE, which catalyzed the synthesis of themselves. This experiment demonstrated the possibility that 
autocatalysts could exhibit competition within a population of entities with heredity, which could be interpreted as a 


rudimentary form of natural selection.!159II160] 


In the early 1970s, Manfred Eigen and Peter Schuster examined the transient stages between the molecular chaos and a 
self-replicating hypercycle in a prebiotic soup.!'®"] In a hypercycle, the information storing system (possibly RNA) 
produces an enzyme, which catalyzes the formation of another information system, in sequence until the product of the 
last aids in the formation of the first information system. Mathematically treated, hypercycles could create quasispecies, 
which through natural selection entered into a form of Darwinian evolution. A boost to hypercycle theory was the 
discovery of ribozymes capable of catalyzing their own chemical reactions. The hypercycle theory requires the existence of 
complex biochemicals, such as nucleotides, which do not form under the conditions proposed by the Miller—Urey 
experiment. 


Geoffrey W. Hoffmann has shown that an early error-prone translation machinery can be stable against an error 
catastrophe of the type that had been envisaged as problematical for the origin of life, and was known as "Orgel's 


paradox". (162][163][164] 


Hoffmann has furthermore argued that a complex nucleation event as the origin of life involving both polypeptides and 
nucleic acid is compatible with the time and space available in the primitive oceans of Earth!'®] Hoffmann suggests that 
volcanic ash may provide the many random shapes needed in the postulated complex nucleation event. This aspect of the 
theory can be tested experimentally. 


Homochirality 


Homochirality refers to a geometric uniformity of some materials composed of chiral units. Chiral refers to 
nonsuperimposable 3D forms that are mirror images of one another, as are left and right hands. Living organisms use 
molecules that have the same chirality ("handedness"): with almost no exceptions, |166] amino acids are left-handed while 
nucleotides and sugars are right-handed. Chiral molecules can be synthesized, but in the absence of a chiral source or a 
chiral catalyst, they are formed in a 50/50 mixture of both enantiomers (called a racemic mixture). Known mechanisms 
for the production of non-racemic mixtures from racemic starting materials include: asymmetric physical laws, such as the 
electroweak interaction; asymmetric environments, such as those caused by circularly polarized light, quartz crystals, or 


[167] 


the Earth's rotation, statistical fluctuations during racemic synthesis, and spontaneous symmetry 


breaking. !1681I169][170] 

Once established, chirality would be selected for.!1”1] A small bias (enantiomeric excess) in the population can be 
amplified into a large one by asymmetric autocatalysis, such as in the Soai reaction.!"72! In asymmetric autocatalysis, the 
catalyst is a chiral molecule, which means that a chiral molecule is catalyzing its own production. An initial enantiomeric 
excess, such as can be produced by polarized light, then allows the more abundant enantiomer to outcompete the 
other, 173] 


Clark has suggested that homochirality may have started in outer space, as the studies of the amino acids on the 
Murchison meteorite showed that L-alanine is more than twice as frequent as its D form, and L-glutamic acid was more 
than three times prevalent than its D counterpart. Various chiral crystal surfaces can also act as sites for possible 
concentration and assembly of chiral monomer units into macromolecules.!'”4ll'75] Compounds found on meteorites 
suggest that the chirality of life derives from abiogenic synthesis, since amino acids from meteorites show a left-handed 
bias, whereas sugars show a predominantly right-handed bias, the same as found in living organisms.!"7 


Self-enclosement, reproduction, duplication and the RNA 
world 


Protocells 


A protocell is a self-organized, self-ordered, spherical collection of lipids proposed as a 
stepping-stone to the origin of life.['77] A central question in evolution is how simple 
protocells first arose and differed in reproductive contribution to the following 
generation driving the evolution of life. Although a functional protocell has not yet been 


achieved in a laboratory setting, there are scientists who think the goal is well within 
reach, [178][179][180] 


Self-assembled vesicles are essential components of primitive cells.!17”] The second law 
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of thermodynamics requires that the universe move in a direction in which entropy 


increases, yet life is distinguished by its great degree of organization. Therefore, a 





boundary is needed to separate life processes from non-living matter.!'®"] Researchers 

The three main structures 
phospholipids form 
spontaneously in solution: 


the liposome (a closed 
energy storage. Such cooperative interactions between the membrane and its bilayer), the micelle and the 


Irene A. Chen and Jack W. Szostak amongst others, suggest that simple 
physicochemical properties of elementary protocells can give rise to essential cellular 
behaviours, including primitive forms of differential reproduction competition and 


encapsulated contents could greatly simplify the transition from simple replicating bilayer. 

molecules to true cells.!179! Furthermore, competition for membrane molecules would 

favour stabilized membranes, suggesting a selective advantage for the evolution of 

cross-linked fatty acids and even the phospholipids of today.!'79! Such micro-encapsulation would allow for metabolism 
within the membrane, the exchange of small molecules but the prevention of passage of large substances across it.!'82] The 
main advantages of encapsulation include the increased solubility of the contained cargo within the capsule and the 
storage of energy in the form of a electrochemical gradient. 


A 2012 study led by Armen Y. Mulkidjanian of Germany's University of Osnabriick, suggests that inland pools of 
condensed and cooled geothermal vapour have the ideal characteristics for the origin of life.!"89! Scientists confirmed in 
2002 that by adding a montmorillonite clay to a solution of fatty acid micelles (lipid spheres), the clay sped up the rate of 
vesicles formation 100-fold.!1°° 


Another protocell model is the Jeewanu. First synthesized in 1963 from simple minerals and basic organics while exposed 
to sunlight, it is still reported to have some metabolic capabilities, the presence of semipermeable membrane, amino acids, 
phospholipids, carbohydrates and RNA-like molecules.!'®4I185] However, the nature and properties of the Jeewanu 
remains to be clarified. 


Electrostatic interactions induced by short, positively charged, hydrophobic peptides containing 7 amino acids in length or 
fewer, can attach RNA to a vesicle membrane, the basic cell membrane.!"861 
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RNA world 


The RNA world hypothesis describes an early Earth with self- 
replicating and catalytic RNA but no DNA or proteins.!"88! Tt 
is widely accepted that current life on Earth descends from an 
RNA world, !161l1891 although RNA-based life may not have 
been the first life to exist.!171[8] This conclusion is drawn from 
many independent lines of evidence, such as the observations 
that RNA is central to the translation process and that small 
RNAs can catalyze all of the chemical groups and information 


[181190] The structure of the 


transfers required for life. 
ribosome has been called the "smoking gun," as it showed 
that the ribosome is a ribozyme, with a central core of RNA 
and no amino acid side chains within 18 angstroms of the 
active site where peptide bond formation is catalyzed.!"7! The 
concept of the RNA world was first proposed in 1962 by 
Alexander Rich,!'9'l and the term was coined by Walter 


Gilbert in 1986.(181[192] 





Molecular structure of the ribosome 30S subunit from 
Possible precursors for the evolution of protein synthesis Thermus thermophilus.""871 Proteins are shown in 
include a mechanism to synthesize short peptide cofactors or blue and the single RNA chain in orange. 
form a mechanism for the duplication of RNA. It is likely that 
the ancestral ribosome was composed entirely of RNA, 
although some roles have since been taken over by proteins. Major remaining questions on this topic include identifying 
the selective force for the evolution of the ribosome and determining how the genetic code arose.!93} 


Eugene Koonin said, "Despite considerable experimental and theoretical effort, no compelling scenarios currently exist for 
the origin of replication and translation, the key processes that together comprise the core of biological systems and the 
apparent pre-requisite of biological evolution. The RNA World concept might offer the best chance for the resolution of 
this conundrum but so far cannot adequately account for the emergence of an efficient RNA replicase or the translation 
system. The MWO ["many worlds in one"] version of the cosmological model of eternal inflation could suggest a way out 
of this conundrum because, in an infinite multiverse with a finite number of distinct macroscopic histories (each repeated 


an infinite number of times), emergence of even highly complex systems by chance is not just possible but inevitable."!"%41 


Viral origins 


Recent evidence for a "virus first" hypothesis, which may support theories of the RNA world, has been suggested.!195] [196] 
One of the difficulties for the study of the origins of viruses is their high rate of mutation; this is particularly the case in 
RNA retroviruses like HIV.!197] A 2015 study compared protein fold structures across different branches of the tree of life, 
where researchers can reconstruct the evolutionary histories of the folds and of the organisms whose genomes code for 
those folds. They argue that protein folds are better markers of ancient events as their three-dimensional structures can be 
maintained even as the sequences that code for those begin to change.!'%! Thus, the viral protein repertoire retain traces 
of ancient evolutionary history that can be recovered using advanced bioinformatics approaches. Those researchers think 
that "the prolonged pressure of genome and particle size reduction eventually reduced virocells into modern viruses 
(identified by the complete loss of cellular makeup), meanwhile other coexisting cellular lineages diversified into modern 
cells.!198] The data suggest that viruses originated from ancient cells that co-existed with the ancestors of modern cells. 


These ancient cells likely contained segmented RNA genomes.!'95ll199] Although the virus-first hypothesis is highly 
controversial today, some astrobiologists have suggested looking for viruses on other celestial bodies such as Mars if they 


do emerge before cells. [29°] 


RNA synthesis and replication 


A number of hypotheses of formation of RNA have been put forward. As of 1994, there were difficulties in the explanation 
of the abiotic synthesis of the nucleotides cytosine and uracil.2°'l Subsequent research has shown possible routes of 
synthesis; for example, formamide produces all four ribonucleotides and other biological molecules when warmed in the 
presence of various terrestrial minerals.!195ll196 Early cell membranes could have formed spontaneously from proteinoids, 
which are protein-like molecules produced when amino acid solutions are heated while in the correct concentration of 
aqueous solution. These are seen to form micro-spheres which are observed to behave similarly to membrane-enclosed 
compartments. Other possible means of producing more complicated organic molecules include chemical reactions that 
take place on clay substrates or on the surface of the mineral pyrite. 


Factors supporting an important role for RNA in early life include its ability to act both to store information and to 
catalyze chemical reactions (as a ribozyme); its many important roles as an intermediate in the expression of and 
maintenance of the genetic information (in the form of DNA) in modern organisms; and the ease of chemical synthesis of 
at least the components of the RNA molecule under the conditions that approximated the early Earth. Relatively short 
RNA molecules have been synthesized, capable of replication.2°! Such replicase RNA, which functions as both code and 
catalyst provides its own template upon which copying can occur. Jack W. Szostak has shown that certain catalytic RNAs 
can join smaller RNA sequences together, creating the potential for self-replication. If these conditions were present, 
Darwinian natural selection would favour the proliferation of such autocatalytic sets, to which further functionalities could 
be added.!2] Such autocatalytic systems of RNA capable of self-sustained replication have been identified.2°4] The RNA 
replication systems, which include two ribozymes that catalyze each other's synthesis, showed a doubling time of the 
product of about one hour, and were subject to natural selection under the conditions that existed in the experiment.!2°] 


In evolutionary competition experiments, this led to the emergence of new systems which replicated more efficiently.!17] 


This was the first demonstration of evolutionary adaptation occurring in a molecular genetic system.21 

Depending on the definition, life started when RNA chains began to self-replicate, initiating the three mechanisms of 
Darwinian selection: heritability, variation of type, and differential reproductive output. The fitness of an RNA replicator 
(its per capita rate of increase) would likely be a function of its intrinsic adaptive capacities, determined by its nucleotide 
sequence, and the availability of resources.!2°6lI20/] The three primary adaptive capacities may have been: (1) replication 
with moderate fidelity, giving rise to both heritability while allowing variation of type, (2) resistance to decay, and (3) 
acquisition of process resources.!2°6I[207] These capacities would have functioned by means of the folded configurations of 
the RNA replicators resulting from their nucleotide sequences. 


Carl Zimmer has speculated that the chemical conditions, including the presence of boron, molybdenum and oxygen 
needed for the initial production of RNA, may have been better on early Mars than on early Earth.!2°8[2091l219] T¢ so, life- 
suitable molecules originating on Mars may have later migrated to Earth via meteor ejections. 


Pre-RNA world 


It is possible that a different type of nucleic acid, such as PNA, TNA or GNA, was the first to emerge as a self-reproducing 
molecule, only later replaced by RNA./2"I[212] Larralde et al., say that "the generally accepted prebiotic synthesis of ribose, 
the formose reaction, yields numerous sugars without any selectivity."2'9] and they conclude that their "results suggest 


that the backbone of the first genetic material could not have contained ribose or other sugars because of their instability." 
The ester linkage of ribose and phosphoric acid in RNA is known to be prone to hydrolysis. "41 


Pyrimidine ribonucleosides and their respective nucleotides have been prebiotically synthesized by a sequence of reactions 
which by-pass the free sugars, and are assembled in a stepwise fashion by using nitrogenous or oxygenous chemistries. 
Sutherland has demonstrated high yielding routes to cytidine and uridine ribonucleotides built from small 2 and 3 carbon 
fragments such as glycolaldehyde, glyceraldehyde or glyceraldehyde-3-phosphate, cyanamide and cyanoacetylene. One of 
the steps in this sequence allows the isolation of enantiopure ribose aminooxazoline if the enantiomeric excess of 
glyceraldehyde is 60% or greater.2'5] This can be viewed as a prebiotic purification step, where the said compound 
spontaneously crystallized out from a mixture of the other pentose aminooxazolines. Ribose aminooxazoline can then 
react with cyanoacetylene in a mild and highly efficient manner to give the alpha cytidine ribonucleotide. 
Photoanomerization with UV light allows for inversion about the 1' anomeric centre to give the correct beta 
stereochemistry.!2"6] In 2009 they showed that the same simple building blocks allow access, via phosphate controlled 
nucleobase elaboration, to 2',3'-cyclic pyrimidine nucleotides directly, which are known to be able to polymerize into RNA. 
This paper also highlights the possibility for the photo-sanitization of the pyrimidine-2',3'-cyclic phosphates.@17] 


Origin of biological metabolism 


Metabolism-like reactions could have occurred naturally in early oceans, before the first organisms evolved.!9ll218] 
Metabolism may predate the origin of life, which may have evolved from the chemical conditions in the earliest oceans. 
Reconstructions in laboratories show that some of these reactions can produce RNA, and some others resemble two 
essential reaction cascades of metabolism: glycolysis and the pentose phosphate pathway, that provide essential 
precursors for nucleic acids, amino acids and lipids.!21*! A study at the University of Diisseldorf created phylogenic trees 
based upon 6 million genes from bacteria and archaea, and identified 355 protein families that were probably present in 
the LUCA. They were based upon an anaerobic metabolism fixing carbon dioxide and nitrogen. It suggests that the LUCA 
evolved in an environment rich in hydrogen, carbon dioxide and iron.!219] Following are some observed discoveries and 


related hypotheses. 


lron—sulfur world 


In the 1980s, Giinter Wachtershduser, encouraged and supported by Karl R. Popper, !22°ll221[222] postulated his iron— 
sulfur world, a theory of the evolution of pre-biotic chemical pathways as the starting point in the evolution of life. It 
systematically traces today's biochemistry to primordial reactions which provide alternative pathways to the synthesis of 
organic building blocks from simple gaseous compounds. 


In contrast to the classical Miller experiments, which depend on external sources of energy (simulated lightning, 
ultraviolet irradiation), "Wachtershaéuser systems" come with a built-in source of energy: sulfides of iron (iron pyrite) and 
other minerals. The energy released from redox reactions of these metal sulfides is available for the synthesis of organic 
molecules, and such systems may have evolved into autocatalytic sets constituting self-replicating, metabolically active 
entities predating the life forms known today.!9l218] Experiments with such sulfides in an aqueous environment at 100 °C 
produced a relatively small yield of dipeptides (0.4% to 12.4%) and a smaller yield of tripeptides (0.10%) although under 
the same conditions, dipeptides were quickly broken down.!223] 


Several models reject the self-replication of a "naked-gene", postulating instead the emergence of a primitive metabolism 
providing a safe environment for the later emergence of RNA replication. The centrality of the Krebs cycle (citric acid 
cycle) to energy production in aerobic organisms, and in drawing in carbon dioxide and hydrogen ions in biosynthesis of 
complex organic chemicals, suggests that it was one of the first parts of the metabolism to evolve.[224] Concordantly, 
geochemist Michael Russell has proposed that "the purpose of life is to hydrogenate carbon dioxide" (as part of a 


"metabolism-first," rather than a "genetics-first," scenario).|225ll226] Physicist Jeremy England of MIT has proposed that 
life was inevitable from general thermodynamic considerations: "... when a group of atoms is driven by an external source 
of energy (like the sun or chemical fuel) and surrounded by a heat bath (like the ocean or atmosphere), it will often 
gradually restructure itself in order to dissipate increasingly more energy. This could mean that under certain conditions, 


matter inexorably acquires the key physical attribute associated with life."!2271l228] 


One of the earliest incarnations of this idea was put forward in 1924 with Oparin's notion of primitive self-replicating 
vesicles which predated the discovery of the structure of DNA. Variants in the 1980s and 1990s include Wachtershauser's 
iron-sulfur world theory and models introduced by Christian de Duve based on the chemistry of thioesters. More abstract 
and theoretical arguments for the plausibility of the emergence of metabolism without the presence of genes include a 
mathematical model introduced by Freeman Dyson in the early 1980s and Stuart Kauffman's notion of collectively 
autocatalytic sets, discussed later that decade. 


Orgel summarized his analysis by stating, "There is at present no reason to expect that multistep cycles such as the 
reductive citric acid cycle will self-organize on the surface of FeS/FeS, or some other mineral."!?29! It is possible that 
another type of metabolic pathway was used at the beginning of life. For example, instead of the reductive citric acid cycle, 
the "open" acetyl-CoA pathway (another one of the five recognized ways of carbon dioxide fixation in nature today) would 
be compatible with the idea of self-organization on a metal sulfide surface. The key enzyme of this pathway, carbon 
monoxide dehydrogenase/acetyl-CoA synthase, harbours mixed nickel-iron-sulfur clusters in its reaction centres and 
catalyzes the formation of acetyl-CoA (similar to acetyl-thiol) in a single step. There are increasing concerns, however, that 
prebiotic thiolated and thioester compounds are thermodynamically and kinetically unfavourable to accumulate in 
presumed prebiotic conditions (i.e. hydrothermal vents).!29°l It has also been proposed that cysteine and homocysteine 
may have reacted with nitriles resulting from the Stecker reaction, readily forming catalytic thiol-reach poplypeptides./291] 


Zn-world hypothesis 


The Zn-world (zinc world) theory of Armen Y. Mulkidjanian!2°2] is an extension of Wachtershduser's pyrite hypothesis. 
Wachtershauser based his theory of the initial chemical processes leading to informational molecules (RNA, peptides) on a 
regular mesh of electric charges at the surface of pyrite that may have facilitated the primeval polymerization by attracting 
reactants and arranging them appropriately relative to each other.[?3%] The Zn-world theory specifies and differentiates 
further.|2921[234] Hydrothermal fluids rich in H,S interacting with cold primordial ocean (or Darwin's "warm little pond") 
water leads to the precipitation of metal sulfide particles. Oceanic vent systems and other hydrothermal systems have a 
zonal structure reflected in ancient volcanogenic massive sulfide deposits (VMS) of hydrothermal origin. They reach many 
kilometres in diameter and date back to the Archean Eon. Most abundant are pyrite (FeS.), chalcopyrite (CuFeS.), and 
sphalerite (ZnS), with additions of galena (PbS) and alabandite (MnS). ZnS and MnS have a unique ability to store 
radiation energy, e.g. from UV light. During the relevant time window of the origins of replicating molecules, the 
primordial atmospheric pressure was high enough (>100 bar, about 100 atmospheres) to precipitate near the Earth's 
surface, and UV irradiation was 10 to 100 times more intense than now; hence the unique photosynthetic properties 
mediated by ZnS provided just the right energy conditions to energize the synthesis of informational and metabolic 
molecules and the selection of photostable nucleobases. 


The Zn-world theory has been further filled out with experimental and theoretical evidence for the ionic constitution of the 
interior of the first proto-cells before archaea, bacteria and proto-eukaryotes evolved. Archibald Macallum noted the 
resemblance of body fluids such as blood and lymph to seawater;!295 however, the inorganic composition of all cells differ 
from that of modern seawater, which led Mulkidjanian and colleagues to reconstruct the "hatcheries" of the first cells 
combining geochemical analysis with phylogenomic scrutiny of the inorganic ion requirements of universal components of 


modern cells. The authors conclude that ubiquitous, and by inference primordial, proteins and functional systems show 


affinity to and functional requirement for Kt, Zn2*, Mn?*, and phosphate. Geochemical reconstruction shows that the 
ionic composition conducive to the origin of cells could not have existed in what we today call marine settings but is 
compatible with emissions of vapour-dominated zones of what we today call inland geothermal systems. Under the oxygen 
depleted, CO,-dominated primordial atmosphere, the chemistry of water condensates and exhalations near geothermal 
fields would resemble the internal milieu of modern cells. Therefore, the precellular stages of evolution may have taken 
place in shallow "Darwin ponds" lined with porous silicate minerals mixed with metal sulfides and enriched in K*, Zn?*, 


and phosphorus compounds./2761l2371 


Deep sea vent hypothesis 


The deep sea vent, or alkaline hydrothermal vent, theory posits that life may have 
begun at submarine hydrothermal vents, 278239] William Martin and Michael Russell 
have suggested "that life evolved in structured iron monosulphide precipitates in a 
seepage site hydrothermal mound at a redox, pH, and temperature gradient between 
sulphide-rich hydrothermal fluid and iron(II)-containing waters of the Hadean ocean 
floor. The naturally arising, three-dimensional compartmentation observed within 
fossilized seepage-site metal sulphide precipitates indicates that these inorganic 
compartments were the precursors of cell walls and membranes found in free-living 
prokaryotes. The known capability of FeS and NiS to catalyze the synthesis of the 
acetyl-methylsulphide from carbon monoxide and methylsulphide, constituents of 
hydrothermal fluid, indicates that pre-biotic syntheses occurred at the inner surfaces of 
these metal-sulphide-walled compartments,..."'24°] These form where hydrogen-rich 





fluids emerge from below the sea floor, as a result of serpentinization of ultra-mafic 


Deep-sea hydrothermal 
olivine with seawater and a pH interface with carbon dioxide-rich ocean water. The vent or black smoker 


vents form a sustained chemical energy source derived from redox reactions, in which 
electron donors (molecular hydrogen) react with electron acceptors (carbon dioxide); 
see Iron—sulfur world theory. These are highly exothermic reactions. |238llnote 3] 


Michael Russell demonstrated that alkaline vents created an abiogenic proton motive force (PMF) chemiosmotic 
gradient, 24°! in which conditions are ideal for an abiogenic hatchery for life. Their microscopic compartments "provide a 
natural means of concentrating organic molecules," composed of iron-sulfur minerals such as mackinawite, endowed 
these mineral cells with the catalytic properties envisaged by Wachtershauser.!224] This movement of ions across the 
membrane depends on a combination of two factors: 


1. Diffusion force caused by concentration gradient—all particles including ions tend to diffuse from higher concentration 
to lower. 


2. Electrostatic force caused by electrical potential gradient—cations like protons H* tend to diffuse down the electrical 
potential, anions in the opposite direction. 
These two gradients taken together can be expressed as an electrochemical gradient, providing energy for abiogenic 
synthesis. The proton motive force can be described as the measure of the potential energy stored as a combination of 
proton and voltage gradients across a membrane (differences in proton concentration and electrical potential). 


Jack W. Szostak suggested that geothermal activity provides greater opportunities for the origination of life in open lakes 
where there is a buildup of minerals. In 2010, based on spectral analysis of sea and hot mineral water, Ignat Ignatov and 
Oleg Mosin demonstrated that life may have predominantly originated in hot mineral water. The hot mineral water that 
contains bicarbonate and calcium ions has the most optimal range.!24"] This case is similar to the origin of life in 
hydrothermal vents, but with bicarbonate and calcium ions in hot water. This water has a pH of 9-11 and is possible to 
have the reactions in seawater. According to Melvin Calvin, certain reactions of condensation-dehydration of amino acids 


and nucleotides in individual blocks of peptides and nucleic acids can take place in the primary hydrosphere with pH 9-11 
at a later evolutionary stage.!242] Some of these compounds like hydrocyanic acid (HCN) have been proven in the 
experiments of Miller. This is the environment in which the stromatolites have been created. David Ward of Montana 
State University described the formation of stromatolites in hot mineral water at the Yellowstone National Park. 
Stromatolites survive in hot mineral water and in proximity to areas with volcanic activity.249] Processes have evolved in 
the sea near geysers of hot mineral water. In 2011, Tadashi Sugawara from the University of Tokyo created a protocell in 
hot water.|244] 


Experimental research and computer modelling suggest that the surfaces of mineral particles inside hydrothermal vents 
have catalytic properties similar to those of enzymes and are able to create simple organic molecules, such as methanol 
(CH,OH) and formic, acetic and pyruvic acid out of the dissolved CO, in the water. |2491I246] 


The research reported above by William F. Martin in July 2016 supports the thesis that life arose at hydrothermal 
vents, |2471248] that spontaneous chemistry in the Earth’s crust driven by rock—water interactions at disequilibrium 
thermodynamically underpinned life’s origin!#49l25°l and that the founding lineages of the archaea and bacteria were H2- 
dependent autotrophs that used CO2 as their terminal acceptor in energy metabolism." Martin suggests, based upon 


this evidence that LUCA "may have depended heavily on the geothermal energy of the vent to survive" .[2521 


Thermosynthesis 


Today's bioenergetic process of fermentation is carried out by either the aforementioned citric acid cycle or the Acetyl-CoA 
pathway, both of which have been connected to the primordial Iron—sulfur world. In a different approach, the 
thermosynthesis hypothesis considers the bioenergetic process of chemiosmosis, which plays an essential role in cellular 
respiration and photosynthesis, more basal than fermentation: the ATP synthase enzyme, which sustains chemiosmosis, is 


proposed as the currently extant enzyme most closely related to the first metabolic process.|251l254] 


First, life needed an energy source to bring about the condensation reaction that yielded the peptide bonds of proteins and 
the phosphodiester bonds of RNA. In a generalization and thermal variation of the binding change mechanism of today's 
ATP synthase, the "first protein" would have bound substrates (peptides, phosphate, nucleosides, RNA 'monomers') and 
condensed them to a reaction product that remained bound until after a temperature change it was released by thermal 
unfolding. 


The energy source under the thermosynthesis hypothesis was thermal cycling, the result of suspension of protocells in a 
convection current, as is plausible in a volcanic hot spring; the convection accounts for the self-organization and 
dissipative structure required in any origin of life model. The still ubiquitous role of thermal cycling in germination and 
cell division is considered a relic of primordial thermosynthesis. 


By phosphorylating cell membrane lipids, this "first protein" gave a selective advantage to the lipid protocell that 
contained the protein. This protein also synthesized a library of many proteins, of which only a minute fraction had 
thermosynthesis capabilities. As proposed by Dyson,!'*! it propagated functionally: it made daughters with similar 
capabilities, but it did not copy itself. Functioning daughters consisted of different amino acid sequences. 


Whereas the Iron—sulfur world identifies a circular pathway as the most simple, the thermosynthesis hypothesis does not 
even invoke a pathway: ATP synthase's binding change mechanism resembles a physical adsorption process that yields 
free energy, rather than a regular enzyme's mechanism, which decreases the free energy. It has been claimed that the 


emergence of cyclic systems of protein catalysts is implausible.|2°S] 


Other models 


Clay hypothesis 


Montmorillonite, an abundant clay, is a catalyst for the 
polymerization of RNA and for the formation of 
membranes from lipids.!257] A model for the origin of 
life using clay was forwarded by Alexander Graham 
Cairns-Smith in 1985 and explored as a plausible 
mechanism by several  scientists.25°] The clay 
hypothesis postulates that complex organic molecules 
arose gradually on pre-existing, non-organic replication 
surfaces of silicate crystals in solution. 


At the Rensselaer Polytechnic Institute, James P. Ferris' 
studies have also confirmed that clay minerals of 
montmorillonite catalyze the formation of RNA in 
aqueous solution, by joining nucleotides to form longer 
chains. |259] 


In 2007, Bart Kahr from the University of Washington 
and colleagues reported their experiments that tested 
the idea that crystals can act as a source of transferable 
information, using crystals of potassium hydrogen 
phthalate. "Mother" crystals with imperfections were 
cleaved and used as seeds to grow "daughter" crystals 
from solution. They then examined the distribution of 
imperfections in the new crystals and found that the 
imperfections in the mother crystals were reproduced in 
the daughters, but the daughter crystals also had many 
additional imperfections. For gene-like behaviour to be 
observed, the quantity of inheritance of these 
imperfections should have exceeded that of the 
mutations in the successive generations, but it did not. 
Thus Kahr concluded that the crystals "were not faithful 
enough to store and transfer information from one 


generation to the next."[260] 


Gold's "deep-hot biosphere" model 
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In the 1970s, Thomas Gold proposed the theory that life first developed not on the surface of the Earth, but several 


kilometres below the surface. It is claimed that discovery of microbial life below the surface of another body in our Solar 


System would lend significant credence to this theory. Thomas Gold also asserted that a trickle of food from a deep, 


unreachable, source is needed for survival because life arising in a puddle of organic material is likely to consume all of its 


food and become extinct. Gold's theory is that the flow of such food is due to out-gassing of primordial methane from the 


Earth's mantle; more conventional explanations of the food supply of deep microbes (away from sedimentary carbon 


compounds) is that the organisms subsist on hydrogen released by an interaction between water and (reduced) iron 


compounds in rocks. 


Panspermia 


Panspermia is the hypothesis that life exists throughout the universe, distributed by meteoroids, asteroids, comets, !26"] 


planetoids, 22! and, also, by spacecraft in the form of unintended contamination by microorganisms. !2631[264] 


The panspermia hypothesis does not attempt to explain how life first originated, but merely shifts it to another planet or a 
comet. The advantage of an extraterrestrial origin of primitive life is that life is not required to have formed on each planet 
it occurs on, but rather in a single location, and then spread about the galaxy to other star systems via cometary and/or 
meteorite impact.!265] Evidence to support the hypothesis is scant, but it finds support in studies of Martian meteorites 
found in Antarctica and in studies of extremophile microbes’ survival in outer space tests.[2661[267][268][269] (See also: List of 


microorganisms tested in outer space.) 


Extraterrestrial organic molecules 


An organic compound is any member of a large class of gaseous, liquid, or solid 

chemicals whose molecules contain carbon. Carbon is the fourth most 

abundant element in the Universe by mass after hydrogen, helium, and H 
oxygen.!2’0l Carbon is abundant in the Sun, stars, comets, and in the 

atmospheres of most planets.2’"] Organic compounds are relatively common | 

in space, formed by "factories of complex molecular synthesis" which occur in 

molecular clouds and circumstellar envelopes, and chemically evolve after C ‘1 ly 
reactions are initiated mostly by ionizing radiation. !2°ll2/2II2731I274] Based on a“ N H 
computer model studies, the complex organic molecules necessary for life may H 

have formed on dust grains in the protoplanetary disk surrounding the Sun H 
before the formation of the Earth.!'24] According to the computer studies, this 

[124] 


same process may also occur around other stars that acquire planets. Methane is one of the simplest 


. oie ; ; organic compounds 
Observations suggest that the majority of organic compounds introduced on 


Earth by interstellar dust particles are considered principal agents in the 

formation of complex molecules, thanks to their peculiar surface-catalytic activities.@5lI?’6l Studies reported in 2008, 
based on 72C/18C isotopic ratios of organic compounds found in the Murchison meteorite, suggested that the RNA 
component uracil and related molecules, including xanthine, were formed extraterrestrially.2’1?78l On 8 August 2011, a 
report based on NASA studies of meteorites found on Earth was published suggesting DNA components (adenine, guanine 
and related organic molecules) were made in outer space.[275ll279[280] Scientists also found that the cosmic dust 
permeating the universe contains complex organics ("amorphous organic solids with a mixed aromatic—aliphatic 
structure") that could be created naturally, and rapidly, by stars.(281I[2821[283] sun Kwok of The University of Hong Kong 
suggested that these compounds may have been related to the development of life on Earth said that "If this is the case, life 


on Earth may have had an easier time getting started as these organics can serve as basic ingredients for life."!251] 


Glycolaldehyde, the first example of an interstellar sugar molecule, was detected in the star-forming region near the centre 
of our galaxy. It was discovered in 2000 by Jes Jorgensen and Jan M. Hollis.!284] In 2012, Jorgensen's team reported the 
detection of glycolaldehyde in a distant star system. The molecule was found around the protostellar binary IRAS 16293- 
2422 400 light years from Earth.!25ll86ll287] Glycolaldehyde is needed to form RNA, which is similar in function to DNA. 
These findings suggest that complex organic molecules may form in stellar systems prior to the formation of planets, 
eventually arriving on young planets early in their formation.!88! Because sugars are associated with both metabolism and 
the genetic code, two of the most basic aspects of life, it is thought the discovery of extraterrestrial sugar increases the 
likelihood that life may exist elsewhere in our galaxy.|2®4] 


NASA announced in 2009 that scientists 
had identified another fundamental 
chemical building block of life in a comet for 
the first time, glycine, an amino acid, which 
was detected in material ejected from comet 
Wild 2 in 2004 and grabbed by NASA's 
Stardust probe. Glycine has been detected 
in meteorites before. Carl Pilcher, who leads 
the NASA Astrobiology Institute 
commented that "The discovery of glycine in 





a comet supports the idea that the 





i fundamental building blocks of life are 
Sesubaecued The Cg buckyball is a complex 


molecule that has been detected in 
nebulae. 


glycolaldehyde in stardust prevalent in space, and strengthens the 
argument that life in the universe may be 
common rather than rare."!789l Comets are 
encrusted with outer layers of dark material, thought to be a tar-like substance 
composed of complex organic material formed from simple carbon compounds after reactions initiated mostly by ionizing 
radiation. It is possible that a rain of material from comets could have brought significant quantities of such complex 
organic molecules to Earth.[29°ll2911[292] Amino acids which were formed extraterrestrially may also have arrived on Earth 
via comets./9I It is estimated that during the Late Heavy Bombardment, meteorites may have delivered up to five million 
tons of organic prebiotic elements to Earth per year.!49 
Polycyclic aromatic hydrocarbons (PAH) are the most common and abundant of the known polyatomic molecules in the 
observable universe, and are considered a likely constituent of the primordial sea. 2912941295] Tn 2010, PAHs, along with 
fullerenes (or "buckyballs"), have been detected in nebulae.!296lI297] In March 2015, NASA scientists reported that, for the 
first time, complex DNA and RNA organic compounds of life, including uracil, cytosine and thymine, have been formed in 
the laboratory under outer space conditions, using starting chemicals, such as pyrimidine, found in meteorites. 
Pyrimidine, like PAHs, the most carbon-rich chemical found in the Universe, may have been formed in red giant stars or 
in interstellar dust and gas clouds.!2°*! A group of Czech scientists reported that all four RNA-bases may be synthesized 


from formamide in the course of high-energy density events like extraterrestrial impacts.|299 


Lipid world 


The lipid world theory postulates that the first self-replicating object was lipid-like.80°ll$°"l }t is known that phospholipids 
form lipid bilayers in water while under agitation—the same structure as in cell membranes. These molecules were not 
present on early Earth, but other amphiphilic long-chain molecules also form membranes. Furthermore, these bodies may 
expand (by insertion of additional lipids), and under excessive expansion may undergo spontaneous splitting which 
preserves the same size and composition of lipids in the two progenies. The main idea in this theory is that the molecular 
composition of the lipid bodies is the preliminary way for information storage, and evolution led to the appearance of 
polymer entities such as RNA or DNA that may store information favourably. Studies on vesicles from potentially prebiotic 
amphiphiles have so far been limited to systems containing one or two types of amphiphiles. This in contrast to the output 
of simulated prebiotic chemical reactions, which typically produce very heterogeneous mixtures of compounds.!"771 Within 
the hypothesis of a lipid bilayer membrane composed of a mixture of various distinct amphiphilic compounds there is the 
opportunity of a huge number of theoretically possible combinations in the arrangements of these amphiphiles in the 
membrane. Among all these potential combinations, a specific local arrangement of the membrane would have favoured 
the constitution of a hypercycle,!9°2I[9031 actually a positive feedback composed of two mutual catalysts represented by a 


membrane site and a specific compound trapped in the vesicle. Such site/compound pairs are transmissible to the 
daughter vesicles leading to the emergence of distinct lineages of vesicles which would have allowed Darwinian natural 
selection.[9%1 


Polyphosphates 


A problem in most scenarios of abiogenesis is that the thermodynamic equilibrium of amino acid versus peptides is in the 
direction of separate amino acids. What has been missing is some force that drives polymerization. The resolution of this 
problem may well be in the properties of polyphosphates.!$°5I$°6] polyphosphates are formed by polymerization of 
ordinary monophosphate ions PO,~%. Several mechanisms of organic molecule synthesis have been investigated. 
Polyphosphates cause polymerization of amino acids into peptides. They are also logical precursors in the synthesis of 
such key biochemical compounds as adenosine triphosphate (ATP). A key issue seems to be that calcium reacts with 
soluble phosphate to form insoluble calcium phosphate (apatite), so some plausible mechanism must be found to keep 


calcium ions from causing precipitation of phosphate. There has been much work on this topic over the years, but an 
[307] 


interesting new idea is that meteorites may have introduced reactive phosphorus species on the early Earth. 


PAH world hypothesis 


Polycyclic aromatic hydrocarbons (PAH) are known to be 
abundant in the universe, 2991l2941[295] including in the interstellar 
medium, in comets, and in meteorites, and are some of the most 


complex molecules so far found in space.!2”"] 





Other sources of complex molecules have been postulated, es 
including extraterrestrial stellar or interstellar origin. For The Cat's Paw Nebula lies inside the Milky Way 


example, from spectral analyses, organic molecules are known to Galaxy and is located in the constellation 
be present in comets and meteorites. In 2004, a team detected Scorpius. 


Green areas show regions where radiation from 
hot stars collided with large molecules and small 


dust grains called "polycyclic aromatic 
PAHs has also been proposed as a precursor to the RNA world in hydrocarbons" (PAHs), causing them to fluoresce. 


traces of PAHs in a nebula.!9°%l In 2010, another team also 
detected PAHs, along with fullerenes, in nebulae.|29°) The use of 


the PAH world hypothesis. The Spitzer Space Telescope has (Spitzer space telescope, 2018) 

detected a star, HH 46-IR, which is forming by a process similar 

to that by which the Sun formed. In the disk of material 

surrounding the star, there is a very large range of molecules, including cyanide compounds, hydrocarbons, and carbon 
monoxide. In September 2012, NASA scientists reported that PAHs, subjected to interstellar medium conditions, are 
transformed, through hydrogenation, oxygenation and hydroxylation, to more complex organics—"a step along the path 
toward amino acids and nucleotides, the raw materials of proteins and DNA, respectively."!9°9l[$19] Further, as a result of 
these transformations, the PAHs lose their spectroscopic signature which could be one of the reasons "for the lack of PAH 
detection in interstellar ice grains, particularly the outer regions of cold, dense clouds or the upper molecular layers of 
protoplanetary disks."[9091[310] 

NASA maintains a database for tracking PAHs in the universe.!2’"I8"] More than 20% of the carbon in the universe may 
be associated with PAHs,|27'Jl271l possible starting materials for the formation of life. PAHs seem to have been formed 
shortly after the Big Bang, are widespread throughout the universe,/29ll24ll295] and are associated with new stars and 


exoplanets. 271] 
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Radioactive beach hypothesis 


Zachary Adam claims that tidal processes that occurred during a time when the Moon was much closer may have 
concentrated grains of uranium and other radioactive elements at the high-water mark on primordial beaches, where they 
may have been responsible for generating life's building blocks.!$12] According to computer models, !9"3! a deposit of such 
radioactive materials could show the same self-sustaining nuclear reaction as that found in the Oklo uranium ore seam in 
Gabon. Such radioactive beach sand might have provided sufficient energy to generate organic molecules, such as amino 
acids and sugars from acetonitrile in water. Radioactive monazite material also has released soluble phosphate into the 
regions between sand-grains, making it biologically "accessible." Thus amino acids, sugars, and soluble phosphates might 
have been produced simultaneously, according to Adam. Radioactive actinides, left behind in some concentration by the 
reaction, might have formed part of organometallic complexes. These complexes could have been important early catalysts 
to living processes. 


John Parnell has suggested that such a process could provide part of the "crucible of life" in the early stages of any early 
wet rocky planet, so long as the planet is large enough to have generated a system of plate tectonics which brings 
radioactive minerals to the surface. As the early Earth is thought to have had many smaller plates, it might have provided a 
suitable environment for such processes.!3"41 


Thermodynamic dissipation 


The 19th-century Austrian physicist Ludwig Boltzmann first recognized that the struggle for existence of living organisms 
was neither over raw material nor energy, but instead had to do with entropy production derived from the conversion of 
the solar spectrum into heat by these systems.[°'5] Boltzmann thus realized that living systems, like all irreversible 
processes, were dependent on the dissipation of a generalized chemical potential for their existence. In his book "What is 
Life", the 20th-century Austrian physicist Erwin Schrédinger!>"6! emphasized the importance of Boltzmann’s deep insight 
into the irreversible thermodynamic nature of living systems, suggesting that this was the physics and chemistry behind 
the origin and evolution of life. However, irreversible processes, and much less living systems, could not be conveniently 
analyzed under this perspective until Lars Onsager,3"7! and later Ilya Prigogine,!$8] developed an elegant mathematical 
formalism for treating the "self-organization" of material under a generalized chemical potential. This formalism became 
known as Classical Irreversible Thermodynamics and Prigogine was awarded the Nobel Prize in Chemistry in 1977 "for his 
contributions to non-equilibrium thermodynamics, particularly the theory of dissipative structures". The analysis of 
Prigogine showed that if a system were left to evolve under an imposed external potential, material could spontaneously 
organize (lower its entropy) forming what he called "dissipative structures" which would increase the dissipation of the 
externally imposed potential (augment the global entropy production). Non-equilibrium thermodynamics has since been 
successfully applied to the analysis of living systems, from the biochemical production of ATP 3"9! to optimizing bacterial 
metabolic pathways 82°] to complete ecosystems.|$21[822][323] 


In his "Thermodynamic Dissipation Theory of the Origin and Evolution of Life",241I5251[326I[327] Karo Michaelian has 
taken the insight of Boltzmann and the work of Prigogine to its ultimate consequences regarding the origin of life. This 
theory postulates that the hallmark of the origin and evolution of life is the microscopic dissipative structuring of organic 
pigments and their proliferation over the entire Earth surface.!827] Present day life augments the entropy production of 
Earth in its solar environment by dissipating ultraviolet and visible photons into heat through organic pigments in water. 
This heat then catalyzes a host of secondary dissipative processes such as the water cycle, ocean and wind currents, 
hurricanes, etc.[8251[328] Michaelian argues that if the thermodynamic function of life today is to produce entropy through 
photon dissipation in organic pigments, then this probably was its function at its very beginnings. It turns out that both 
RNA and DNA when in water solution are very strong absorbers and extremely rapid dissipaters of ultraviolet light within 
the 230-290 nm wavelength (UV-C) region, which is a part of the Sun's spectrum that could have penetrated the prebiotic 
atmosphere.!°29! In fact, not only RNA and DNA, but many fundamental molecules of life (those common to all three 


domains of life) are also pigments that absorb in the UV-C, and many of these also have a chemical affinity to RNA and 
DNA.!8901[331] Nucleic acids may thus have acted as acceptor molecules to the UV-C photon excited antenna pigment 
donor molecules by providing an ultrafast channel for dissipation. Michaelian has shown using the formalism of non- 
linear irreversible thermodynamics that there would have existed during the Archean a thermodynamic imperative to the 
abiogenic UV-C photochemical synthesis and proliferation of these pigments over the entire Earth surface if they acted as 
catalysts to augment the dissipation of the solar photons.!°92] By the end of the Archean, with life-induced ozone 
dissipating UV-C light in the Earth’s upper atmosphere, it would have become ever more improbable for a completely new 
life to emerge that didn’t rely on the complex metabolic pathways already existing since now the free energy in the photons 
arriving at Earth’s surface would have been insufficient for direct breaking and remaking of covalent bonds. It has been 
suggested, however, that such changes in the surface flux of ultraviolet radiation due to geophysical events affecting the 
atmosphere could have been what promoted the development of complexity in life based on existing metabolic pathways, 
for example during the Cambrian explosion [383] 


Many salient characteristics of the fundamental molecules of life (those found in all three domains) all point directly to the 
involvement of UV-C light in the dissipative structuring of incipient life.!226] Some of the most difficult problems 
concerning the origin of life, such as enzyme-less replication of RNA and DNA, homochirality of the fundamental 
molecules, and the origin of information encoding in RNA and DNA, also find an explanation within the same dissipative 
thermodynamic framework by considering the probable existence of a relation between primordial replication and UV-C 
photon dissipation. Michaelian suggests that it is erroneous to expect to describe the emergence, proliferation, or even 
evolution, of life without overwhelming reference to entropy production through the dissipation of a generalized chemical 
potential, in particular, the prevailing solar photon flux. 


Multiple genesis 


Different forms of life with variable origin processes may have appeared quasi-simultaneously in the early history of 
Earth./8%4] The other forms may be extinct (having left distinctive fossils through their different biochemistry—e.g., 
hypothetical types of biochemistry). It has been proposed that: 


The first organisms were self-replicating iron-rich clays which fixed carbon dioxide into oxalic and other 
dicarboxylic acids. This system of replicating clays and their metabolic phenotype then evolved into the 
sulfide rich region of the hotspring acquiring the ability to fix nitrogen. Finally phosphate was incorporated 
into the evolving system which allowed the synthesis of nucleotides and phospholipids. If biosynthesis 
recapitulates biopoiesis, then the synthesis of amino acids preceded the synthesis of the purine and 
pyrimidine bases. Furthermore the polymerization of the amino acid thioesters into polypeptides preceded 
the directed polymerization of amino acid esters by polynucleotides.[935! 


Fluctuating hydrothermal pools on volcanic islands or proto-continents 


Armid Mulkidjanian and co-authors think that the marine environments did not provide the ionic balance and 
composition universally found in cells, as well as of ions required by essential proteins and ribozymes found in virtually all 
living organisms, especially with respect to K*/Na* ratio, Mn2*, Zn?* and phosphate concentrations. The only known 
environments that mimic the needed conditions on Earth are found in terrestrial hydrothermal pools fed by steam 
vents.[238] Additionally, mineral deposits in these environments under an anoxic atmosphere would have suitable pH (as 
opposed to current pools in an oxygenated atmosphere), contain precipitates of sulfide minerals that block harmful UV 
radiation, have wetting/drying cycles that concentrate substrate solutions to concentrations amenable to spontaneous 
formation of polymers of nucleic acids, polyesters!%%] and depsipeptides,!°9”] both by chemical reactions in the 


hydrothermal environment, as well as by exposure to UV light during transport from vents to adjacent pools. Their 
hypothesized pre-biotic environments are similar to the deep-oceanic vent environments most commonly hypothesized, 
but add additional components that help explain peculiarities found in reconstructions of the Last Universal Common 
Ancestor (LUCA) of all living organisms.|$38] 

Bruce Damer and David Deamer have come to the conclusion that cell membranes cannot be formed in salty seawater, 
and must therefore have originated in freshwater. Before the continents formed, the only dry land on Earth would be 
volcanic islands, where rainwater would form ponds where lipids could form the first stages towards cell membranes. 
These predecessors of true cells are assumed to have behaved more like a superorganism rather than individual structures, 
where the porous membranes would house molecules which would leak out and enter other protocells. Only when true 
cells had evolved would they gradually adapt to saltier environments and enter the ocean.!$991 


Colin-Garcia et al. (2016) discuss the advantages and disadvantages of hydrothermal vents as primitive environments.|295] 


They mention the exergonic reactions in such systems could have been a source of free energy that promoted chemical 
reactions, additional to their high mineralogical diversity which implies the induction of important chemical gradients, 
thus favoring the interaction between electron donors and acceptors. Colin-Garcia et al. (2016) also summarize a set of 
experiments proposed to test the role of hydrothermal vents in prebiotic synthesis.|?38] 


Information theory 


A theory that speaks to the origin of life on Earth and other rocky planets posits life as an information system in which 
information content grows because of selection. Life must start with minimum possible information, or minimum possible 
departure from thermodynamic equilibrium, and it requires thermodynamically free energy accessible by means of its 
information content. The most benign circumstances, minimum entropy variations with abundant free energy, suggest the 
pore space in the first few kilometres of the surface. Free energy is derived from the condensed products of the chemical 


reactions taking place in the cooling nebula.[340 
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Notes 


1. Also occasionally called biopoiesis. 


2. The reactions are: 


FeS + HS — FeS» + 2H* + 2e7 
FeS + HS + CO, > FeS> + HCOOH 


3. The reactions are: 
Reaction 1: Fayalite + water — magnetite + aqueous silica + hydrogen 
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A new perspective on radiation 
resistance based on Deinococcus 


radiodurans 





Michael J. Daly 


Abstract | In classical models of radiation toxicity, DNA is the molecule that is most 
affected by ionizing radiation (IR). However, recent data show that the amount of 
protein damage caused during irradiation of bacteria is better related to survival 
than to DNA damage. In this Opinion article, a new model is presented in which 
proteins are the most important target in the hierarchy of macromolecules affected 
by IR.A first line of defence against IR in extremely radiation-resistant bacteria might 
be the accumulation of manganese complexes, which can prevent the production 
of iron-dependent reactive oxygen species. This would allow an irradiated cell to 
protect sufficient enzymatic activity needed to repair DNA and survive. 


One early goal of radiobiology was to 
explain why most organisms are so sensitive 
to X-rays and y-rays. A whole-body expo- 
sure of just 10 Gy (gray; absorbed radiation 
dose) is lethal to most vertebrate animals, 
including humans’, and most bacteria’ can- 
not survive 200 Gy. Invertebrate animals 

are more resistant if the adult form has no 
somatic cell division (for example, fruit flies, 
which are largely post-mitotic)’, and can 
survive 500 Gy. The freshwater invertebrate 
animal Philodina roseola’, the water bear 
Milnesium tardigradum* and the round- 
worm Caenorhabditis elegans can tolerate 
3,000-5000 Gy, but are rendered sterile. As 
a haploid, the basidiomycete fungus Ustilago 
maydis carries a single set of chromosomes 
per cell in the G2 phase (after its chromo- 
somes have been duplicated but before cell 
division) and can withstand ~3,600 Gy*. The 
archaeal species Pyrococcus furiosus’ and 
Halobacterium sp. NRC-1 (REF. 8) can resist 
~3,000 and ~5,000 Gy, respectively, whereas 
some bacteria from the Deinococcus- 
Thermus group can survive doses of more 
than 12,000 Gy”. Perhaps if we knew why 
some cells are so resistant to radiation, we 
could find ways to protect people from 
atomic radiation. 








In the 1950s, DNA, lipids and proteins 
were proposed to be the main targets of 
ionizing radiation (IR) in cells. By the mid 
1960s, ‘death by DNA damage’ became the 
predominant paradigm of radiation toxic- 
ity’. In the decades that followed, radiation 
biologists attempted to explain the extreme 
IR resistance of radioresistant organisms 
that can withstand extraordinary genome 
fragmentation and DNA base damage. This 
damage is caused by reactive oxygen spe- 
cies (ROS), the chemical agents that are 
principally responsible for cellular radiation 
damage" (BOX 1). 

Because the fate of an irradiated cell 
ultimately depends on whether its genome 
is preserved, most studies have focused on 
how DNA that is damaged during irradia- 
tion is repaired''""*. DNA double-strand 
breaks (DSBs) are presumed to be the 
most lethal damage, although they are sig- 
nificantly less frequent than single-strand 
breaks (SSBs) and DNA base damages. IR 
damage that affects only one strand (for 
example, SSBs or damage to DNA bases) 
can be repaired using the undamaged com- 
plementary strand as a template, but DSBs 
provide little guidance for mending without 
mutagenesis, as neither of the two strands 


is intact. Non-mutagenic repair of DSBs is 
dependent on the presence of at least two 
sets of chromosomes per cell'*"’, although 
genome multiplicity by itself is insufficient 
for radioresistance. For example, Escherichia 
coli contains 4-8 haploid genomes per cell 
during exponential growth but cannot sur- 
vive 200 Gy, which causes approximately 
4 DSBs per haploid genome”. Because the 
linear density of genomic DSBs inflicted 
per Gy per Mbp (0.004-0.01) is similar for 
diverse organisms*”’*'*"'5, during irradia- 
tion, cells with small genomes suffer fewer 
DSBs than cells with large genomes. For 
example, an acute dose of 1,000 Gy that 
inflicts ~30 DSBs in a 3 Mbp chromosome 
would be expected to inflict ~150 DSBs 
ina 15 Mbp chromosome. Therefore, cell 
survival would be predicted to decline as 
genome size increases, but significantly 
improve as ploidy increases to more than 
two. A similar result emerged for radiation- 
induced DNA base damage: the differences 
in base lesion yields for resistant and sensi- 
tive bacteria exposed to ultraviolet C (UVC) 
radiation (265 nm) or y-rays were not nearly 
sufficient to account for the differences in 
bacterial survival’?”. 

UVC causes substantial direct dam- 
age to both DNA and proteins in vivo’. 
For proteins, UVC disrupts certain types 
of disulphide bonds and causes protein 
aggregation”'. Antioxidants can increase the 
survival of cells exposed to UVC”'. Thus, 
although cellular macromolecules are clearly 
not protected from direct damage caused by 
either UVC” or IR®"’, any antioxidants in 
the cells would also be expected to help avert 
ROS-mediated toxicity that is secondary to 
the radiation itself; for example, caused by 
damaged proteins involved in energy metab- 
olism”. Irradiated Deinococcus radiodurans 
is predicted to rid itself of damaged proteins 
using an expanded family of subtilisin-like 
proteases” that are expected to be highly 
expressed. 

Radiation-resistant organisms suffer from 
similar levels of genomic damage follow- 
ing irradiation as sensitive organisms, but 
they can survive the formation of hundreds 
of IR-induced DSBs per genome?*?!*"'#1°18, 
The first reports of homologous recombina- 
tion in an extremely IR-resistant organism 
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PERSPECTIVES 


Box 1| Primary reactive oxygen species generated and their cellular targets 





H,O is the most abundant chemical found in living cells. The primary source of reactive oxygen 
species (ROS) generated in irradiated cells is the radiolysis of H,O, which generates HO’, H* and 
©, (REFS 11,69) (see the figure, Equation 1). HO’ radicals react with each other to generate H,O,, 
(REFS 11,69) (see the figure, Equation 2), which can diffuse throughout the cell’***. Dissolved O., 
either derived from the atmosphere or generated endogenously, reacts with e”,_ to form O,~ 

(REFS 11,34,69) (see the figure, Equation 3), which can reform H,O, in the presence of H* (REF. 69) 
(see the figure, Equations 4 and 5). Whereas H,O, and O,~ are relatively inert, HO* are extremely 
oxidizing, indiscriminately reacting with organic molecules and oxidizing DNA, RNA, lipids and 
proteins''**. However, the short lifetime of the HO” precludes damage to molecules beyond a few 
Angstroms from where HO’ is formed. For DNA, as the dose of ionizing radiation (IR) increases, the 
linear density of base damages and single strand breaks (SSBs) increases on both strands, which 
gives rise to double-strand breaks (DSBs). In addition to the widespread ‘indirect damage’ caused in 
cells by IR-induced ROS, IR also can inflict ‘direct damage’ when macromolecules absorb X-ray and 
y-ray photons". A dose of IR typically causes 40 times more SSBs than DSBs*"". A secondary source 
of HO’ in cells during irradiation is the Fenton reaction, which is one of the most powerful oxidizing 
reactions known and involves the catalytic decomposition of H,O, by ferrous ions (HO, + Fe* > 
Fe** + OH + HO’)" (FIG. 3); the analogous reaction with MniII) does not occur**. In contrast to HO’, 
the reactivity of O,” is high only for selected targets: small inorganic prosthetic Fe—S groups of 
some proteins*”*". The damaging potential of O,~ is greater than that of H,O, for Fe-S groups 
because O,” is negatively charged. 





Sources of ionizing radiation 

e Radionuclides (for example, “°U (y and a), °’Cs (y and B-)F and ®°Co (y and B}‘) 

¢ Cosmos (for example, stars and y-ray bursts) 

¢ Medical procedures (for example, computerized axial tomography (CAT) scans and radiotherapies) 


y-rays and X-rays 


4 yy 


























Representative primary radiolytic reactions and rate constants (theoretical) 
Reaction Rate constant 
(moles per second) 
1) HO > HO* (hydroxyl radical) + H* (proton) + cm (hydrated electron) BO 10r 
2) 2 HO* + H,O, (hydrogen peroxide) 6.0 x 10° 
One 2 Oy (superoxide) 2.0 x 10° 
4) H'+ 0," + HO, (hydroperoxyl radical) 2.0 x 10° 
5) HO, + H*-> H,O, 2.0 x10” 
6) e__ + HO, > HO*+ OH (hydroxide ion) HIS 10)” 
aq 2 
7) HO* + HO,* > H,O+ O, 6 x 10° 
8) HO, + HO* > H,O+ 0, +H" 27x10" 
9) H' + OH--> H,O 144 x 10" 
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were for U. maydis, which carries two sets 

of chromosomes per cell and can survive 
~6,000 Gy as a diploid®'’. The only other 
extremely IR-resistant organism in which 
the physical products of homologous recom- 
bination during genome reassembly have 
been mapped following irradiation is the 
bacterium D. radiodurans (BOX 2), which 

as a polyploid (4-10 haploid genome cop- 
ies per cell) can survive ~17,000 Gy'*'>** 
(FIG. 1a). U. maydis and D. radiodurans rely 
on efficient systems for genome reassembly 
and require the induction of DNA-repair 
genes’*”>, Homologous recombination 
processes in these organisms depend on 
proteins that actively promote pairing of 
DNA, which results in efficient exchange 
of genetic information between homologous 
DNA regions'*"’. Over the past two decades, 
several hypotheses to explain the efficiency 
of homologous recombination in D. radio- 
durans have been proposed, building on the 
idea that D. radiodurans maintains a novel 
chromosome alignment that keeps homolo- 
gous regions together and facilitates access of 
broken ends to homologous templates!*?*””. 
However, a series of molecular studies on 
irradiated D. radiodurans cells showed 

that high levels of recombination between 
homologous DSB fragments originated from 
widely separated genomic locations'*'***”*, 
and cryoelectron microscopy of vitreous 
sections of D. radiodurans showed that DNA 
fragments in the cells were mobile’’. Thus, 
IR-induced DSB fragments in D. radiodurans 
are not immobilized and the structural form 
of its nucleoids does not seem to have a key 
role in radioresistance”. Indeed, sensitiv- 

ity to DSB damage can increase when the 
mobility of broken DNA ends is restricted”. 

Early on, it became evident that the 
enzymes which mediate DNA repair in 
D. radiodurans were probably not unique". 
For example, a highly IR-sensitive mutant of 
D. radiodurans that contains a mutated DNA 
polymerase I gene (polA) was fully restored 
by expression of the corresponding gene 
from the IR-sensitive E. coli*. 

The nature of extreme IR resistance in 
Deinococcus spp. thus remains unclear and 
is made even more curious by their impres- 
sive ability to resist desiccation'’*’*** and UV 
radiation*”*'. Hypotheses that explain why 
repair proteins (either native or introduced 
by genetic engineering from IR-sensitive 
bacteria) in D. radiodurans cells function 
better after irradiation than repair proteins 
in other organisms generally fall into two 
categories. First, a subset of uncharacterized 
genes encode proteins that somehow facili- 
tate the homologous recombination systems 
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of D. radiodurans'*3**, or second, the accu- 
mulation of near-millimolar concentrations 
of Mn” in cells somehow prevents protein 
oxidation during irradiation, with the result 
that sufficient repair enzymes survive radia- 
tion damage and allow subsequent DNA 
repair '©??7634, 

This Opinion article considers how, 
after exposure to huge doses of y-rays, or to 
months of desiccation and exposure to UV 
sunlight in a desert, some bacteria retain 
sufficient protein activity to reconstitute 
their DNA. I propose that the accumulation 
of Mn** complexes in resistant organisms 
decreases the cellular concentration of ROS 
formed during irradiation. This in turn pre- 
vents IR-induced protein oxidation, which 
leaves sufficient recombination activity in 
place to repair the DSBs in the genome and 
enable survival. 


The Deinococcus paradox 

D. radiodurans was the first extremely 
IR-resistant organism to be sequenced”. 
Surprisingly, DNA-repair proteins in 

D. radiodurans seemed to be unremark- 
able, as the D. radiodurans genome encoded 
approximately the same number and types 
of DNA-repair proteins as IR-sensitive 
bacteria*”*. Similarly, the sequencing of 
genomes of the IR-resistant organisms 
Bacillus pumilus*’, U. maydis®, P. roseola’, 

P. furiosus®’ and Halobacterium sp. NRC-1 
(REF. 38) did not provide clear insights into IR 
resistance mechanisms. Although the global 
transcriptional response to IR in D. radio- 
durans involved the upregulation of many 
novel genes, hundreds of characterized genes 
that were unrelated to DNA repair were also 
induced”. At least 12 novel D. radiodurans 
genes with discernible functional relevance 
to the preservation of genome integrity were 
knocked out, and the resulting mutants were 
characterized for IR resistance. Remarkably, 
there was no drastic change in the level of IR 
resistance of most of the mutants, indicat- 
ing that few of the putative resistance genes, 
at least individually, make a substantial 
contribution to the recovery of irradiated 

D. radiodurans”, For example, DdrA is a 
protein that binds to and protects the 3’ ends 
of DNA from nuclease degradation in vitro, 
but 50% of D. radiodurans ddrA~ mutant 
cells survived 10,000 Gy in an undefined 
rich medium”. Furthermore, a whole- 
genome analysis of gene gain and gene loss 
between Deinococcus geothermalis (BOX 2) 
and D. radiodurans, which are equally resist- 
ant to radiation”®, failed to produce a coher- 
ent picture of the systems that were thought 
to be important for survival. Instead, the 





number of novel genes that were thought 
to be implicated in recovery from IR in 
these Deinococcus species was substantially 
reduced”. 


Challenging radiation dogma 

Because individual proteins are typically 
present at much higher levels than their cor- 
responding genes, IR damage to one protein 
is not a lethal event, unlike an unrepaired 
DSB. As a dose of IR that causes indiscrimi- 
nate cellular DNA damage should damage 

a similar portion of proteins in the same 
cell", the tacit assumption has been that 
IR-induced cell death is mainly mediated 
by DNA damage. However, recent investi- 
gations contradict this radiation dogma”. 


Box 2 | Where Deinococcus bacteria roam 


PERSPECTIVES 


Whereas a specific dose of IR causes similar 
numbers of DSBs in sensitive and resistant 
bacteria®!*!’”, sensitive bacteria are more 
susceptible to oxidative protein damage 
than resistant bacteria*™ (FIG. 2). Based on 
this finding, I propose that the ability of 
IR-resistant organisms to minimize protein 
damage from IR allows them to retain suf- 
ficient DNA-repair functions to restore the 
chromosomal damage. I further argue that 
extremely IR-sensitive bacteria, such as_ 
Shewanella oneidensis, which are killed by 
IR doses (40 Gy) that cause less than 1 DSB 
per genome, do not survive mainly owing 
to protein damage****'. Only for the few 
organisms that are extremely resistant to 
IR owing to their ability to protect proteins 








Representatives of the extremely radiation- 
resistant family Deinococcaceae can typically 
survive acute exposures to ionizing radiation 
(212,000 Gy (gray; absorbed radiation dose)), 
ultraviolet (=1,000 J per m2), and desiccation 
(years)'*737632,79, and can grow under harsh 
conditions of chronic irradiation (50 Gy per 
hour)®. Only approximately 30 distinct species 
have been described, despite their apparent 
ancient derivation’’. The first member to be 
isolated was Deinococcus radiodurans (see the 
figure), originally named Micrococcus 
radiodurans’. This bacterium belongs to the 
Deinococcus—Thermus group, which is 
putatively related to cyanobacteria and is 





deeply branched in bacterial phylogenetic trees”’. To date, the natural distribution of the 
deinococci has still not been explored systematically. Members have been isolated worldwide but 


have diverse and patchy distributions”. 


Awide range of natural and man-made environments on the Earth are characterized by their 
physical extremes of temperature, pressure and radiation. These harsh environments are different 
from the preferred environments of life typically encountered by humans, but can be colonized by 
Deinococcus. Some species live in highly radioactive soils at nuclear waste sites” and alpine 
environments”, some have settled on sandstone, marble and ice in Antarctica’’, and others are 
ubiquitous microbial inhabitants of deserts**. High temperatures and pressures also do not seem to 
be an obstacle to their survival. Deinococcus geothermalis was originally isolated from a hot spring 
in Italy’®, and D. geothermalis DNA has been extracted from deep-ocean subsurface environments 


(68-118 meters below the sea floor)’’. 


The astonishing survival of Deinococcus bacteria following irradiation has given rise to some 
whimsical descriptions of their derivation, including that they had an extraterrestrial origin’®. 
Whole-genome comparisons of D. geothermalis with D. radiodurans and two Thermus species, 
however, have firmly established that the evolutionary steps which led to the Deinococcus— 
Thermus group occurred in their terrestrial ancestors”°. D. geothermalis requires little more than 
some carbohydrates and oxygen to grow”. By contrast, D. radiodurans is metabolically less 
proficient. D. radiodurans requires a rich source of amino acids and vitamin B3 analogues in 
addition to sugars and oxygen for growth”, representing biosynthetic deficiencies predicted by its 
genome sequence”*. It is remarkable, therefore, that D. radiodurans has been isolated from 


nutrient-poor radioactive environmental waste sites and from deserts*”’*. Indeed, numerous other 
Deinococcus species isolated from an elephant, a llama, a duck and a fish have similar growth 
requirements”. The picture that has emerged for the life cycle of most Deinococcus species is one 
that comprises a cell-replication phase that requires nutrient-rich conditions, such as in the gut of 
an animal”, followed by release, drying and dispersal. Dried deinococci can endure for years, and 
if blown by winds through the atmosphere would be expected to survive and land worldwide 
—some becoming encased in ice, some becoming entombed in dried desert soils and some even 
ending up in the stomachs of humans®. 





NATURE REVIEWS | MICROBIOLOGY 


VOLUME 7 | MARCH 2009 | 239 


© 2009 Macmillan Publishers Limited. All rights reserved 


PERSPECTIVES 


Deinococcus 
radiodurans 











Deinococcus 
geothermalis 


Halobacterium sp. NRC-1 


Enterococcus faecium 
Thermus thermophilus 


Escherichia coli 


Log CFU survival 
bo 


Pseudomonas putida 





‘|| Neisseria gonorrhoeae 








Shewanella oneidensis 








kGy 


Figure 1 | Relationship between survival following exposure to ionizing 
radiation and intracellular manganese and iron contents. a | lonizing 
radiation (IR) survival curves for whole-genome sequenced strains that 
encode a similar repertoire of DNA-repair proteins®*?°*’. Standard growth, 
irradiation (°°Co at 0 °C) and recovery conditions were used"®. b | Intracellular 
manganese to iron concentration ratios. For cells cultured under standard 
growth conditions, total manganese and iron contents were determined 
by inductively coupled plasma mass spectrometry”. D,, represents the IR 
dose that reduces the number of viable cells by 90%. Other manganese to 
iron ratios and D,, survival values reported recently for novel IR-resistant 
desert bacteria® include Deinococcus radiodurans 7b-1 (D,, = 13 kGy; 
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manganese:iron = 0.14), Deinococcus sp. 1A1 (D,, = 17 kGy; manganese:iron 
= 0.15), Deinococcus sp. 5A5 (D,, = 15 kGy; manganese:iron = 0.38), 
Deinococcus sp. 1A6 (D,, = 7 kGy; manganese:iron = 0.15), Deinococcus sp. 
3B1(D,, = 10.5 kGy; manganese:iron = 0.12), alphaproteobacterium 4A4 
(D,, = 1.5 kGy; manganese:iron = 0.07) and alphaproteobacterium 4A6 
(D,, = 1.5 kGy; manganese:iron = 0.15). We did not investigate the distri- 
bution of manganese or iron in the desert strains, nor did we evaluate 
the extent of cell grouping before irradiation, which can significantly 
increase D,, survival values based on colony forming unit (CFU) 
assays’°”*, Part b is modified, with permission, from REF. 81 © (2006) 
Elsevier Science. 





from the indirect effects of IR (BOX 1) is sur- 
vival ultimately determined by the level of 
DNA damage”. In the early 1970s, Holliday’s 
work on IR-induced homologous recombi- 
nation strongly supported the notion that 
the most radiosensitive targets in extremely 
IR-resistant U. maydis cells were single 
genes'’, an inference that has been applied 
by others to IR toxicity in general. 


Resistance to DNA-damaging agents 

In addition to IR and UV, D. radiodurans is 
profoundly resistant to the lethal and muta- 
genic effects of many redox-active (ROS- 
mediated) xenobiotics, such as mitomycin C”, 
an antibiotic produced by Streptomyces that 
is known for its ability to cross-link DNA. 
Whereas E. coli is readily mutated by mito- 
mycin C, D. radiodurans cells that survive 
mitomycin C treatment show approximately 
the same low level of mutagenesis that 
occurs during one normal round of replica- 
tion®!’. Thus, E. coli has an error-prone 
DNA-repair pathway but D. radiodurans 
apparently does not*'. Under our model, 

I attribute error-prone DNA repair to 
ROS-damaged enzymes, which passively 
promote mutations by repair malfunction™. 
By contrast, D. radiodurans and E. coli are 
equally sensitive to the mutagenic effects of 


N-methyl-N'-nitro-N-nitrosoguanidine, a 
direct mutagen*'” that was used to construct 
most D. radiodurans mutants prior to 1990 
(REF. 31). Because DNA-repair-defective 

D. radiodurans mutants (such as recA and 
polA mutants) are approximately as sensi- 
tive to IR, UV and indirect (ROS-mediated) 
mutagens as repair-defective E. coli?*°*!", 
accurate repair of DNA in D. radiodurans 
might require little more than protection 
against protein oxidation and genome mul- 
tiplicity. I attribute protein protection in 

D. radiodurans to the presence of high levels 
of manganese complexes'*™*. In radiation- 
resistant fungi and cyanobacteria, it is pos- 
sible that resistance is conferred by different 
sorts of antioxidants, perhaps based on 
melanin“ and trehalose*, respectively. 


Manganese within resistant bacteria 

As no clear explanation has been inferred 
from the genome sequences of IR-resistant 
organisms for their survival capabilities, 
there have been no reliable physiological 
predictors of the ability of a cell to toler- 
ate IR. In 1976, Bruce and colleagues 
reported that D. radiodurans accumulates 
substantially more manganese than the 
IR-sensitive bacterium Micrococcus luteus*. 
Furthermore, the IR-resistant bacterium 


Lactobacillus plantarum'**’, which lacks 

the enzyme superoxide dismutase, and 
Synechocystis sp. PCC 68034 (REF. 48) 
accumulated exceptionally high levels of 
manganese”. The growth of IR-resistant 
bacteria was reported to be relatively inde- 
pendent of iron compared with IR-sensitive 
bacteria'®. This set of reports led my research 
team to examine the relationship between 
manganese and iron accumulation and 
bacterial radioresistance’®. FIGURE 1b shows 
the correlation between IR resistance and 
the ratio of intracellular manganese to iron 
concentrations for eight bacteria and one 
archaeon. For example, D. radiodurans 
(manganese:iron = 0.24) accumulates 157 
times more manganese and 3.3 times less 
iron than the IR-sensitive S. oneidensis 
(manganese:iron = 0.0005)'°. Bacteria with 
high manganese to iron ratios are extremely 
resistant to IR-induced protein oxidation, 
whereas bacteria with low manganese to 
iron ratios are hypersensitive to protein 
oxidation!®*** (FIG. 2). Measurement of the 
accumulation of protein carbonyl groups™ 
revealed that Mn* accumulation in bacteria 
specifically prevented protein oxidation, but 
did not affect DSB levels’’. This led to the 
hypothesis that manganese-accumulating 
bacteria have an enhanced capacity to 
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Figure 2 | In vivo ionizing radiation-induced oxidative protein damage. 
a | Western blot immunoassay of protein-bound carbonyl groups in cell 
extracts prepared from bacteria irradiated to 4 kGy (°°Co at 0 °C; 20 ug of a 
protein sample (soluble fraction) was loaded per lane). Coomassie repre- 
sents a coomassie-stained polyacrylamide denaturing gel, whereas carbo- 
nyl represents the corresponding western blot, which reveals the presence 
(black) or absence of protein oxidation (no signal). Carbonyl groups (alde- 
hydes and ketones) are widely used as markers of irreversible protein 
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damage, which cannot be repaired and represents a small fraction of the 
total oxidative protein damage**. b | Relationship between bacterial survival 
(D, 5 the ionizing radiation dose that reduces the number of viable cells by 
90%) and relative protein carbonylation following exposure of the strains to 
4 kGy. Carbonylation in relative units was quantified: the intensity profile of 
a particular lane (part a; carbonyl) was generated from previously published 
digitized membrane images**. DNPH, 2,4-dinitrophenylhydrazine. Part a is 
modified from REF. 34. 





prevent the formation of iron-dependent 
ROS (through the Fenton reaction)'®”?** 
(FIG. 3). As the ability of manganese to pro- 
tect the cell becomes depleted, DNA-repair 
systems and other essential cellular enzymes 
are expected to become increasingly sub- 
jected to damage”. This model explains 
the ability of orthologues from radiosensi- 
tive bacteria to complement D. radiodurans 
DNA-repair mutants, in which manganese 
complexes in D. radiodurans shield proteins 
irrespective of their origin™. It also explains 
the long ‘shoulders’ of IR-response curves 
for extremely resistant organisms (FIG. 1a), 
which are ultimately overwhelmed and 
killed owing to the hundreds of recalci- 
trant DSBs per cell*” rather than protein 
damage™. 


Biological evidence 

Direct evidence for a biological role of 
manganese accumulation in IR resistance 
comes from studies of D. radiodurans, which 
actively transports manganese into the cell'®. 
Mn** sensing occurs widely in bacteria and 
influences both Mn** homeostasis and genes 
involved in the oxidative stress response”'. 
D. radiodurans possesses two of the three 
types of known Mn”* transporters: one from 
the Nramp (natural resistance-associated 


macrophage) family and one from the ATP- 
dependent ABC-type transporter family’’. 
The third type of manganese transporter, the 
unique P-type ATPase with a high specificity 
for Mn”, has been detected in L. plantarum, 
but has not been found in D. radiodurans. 
Manganese transport in D. radiodurans is 
predicted to be regulated by a transcriptional 
regulator of the MntR-DtxR (manganese 
transport regulator—-diphtheria toxin repres- 
sor) family by a metal-binding motif that 

is more closely related to the Mn**-binding 
configuration than the Fe’* form!**!. 
Repression of manganese transport in 

D. radiodurans is predicted to be controlled 
by TroR”. 

When D. radiodurans was grown in 
conditions that limit manganese accumula- 
tion, the manganese to iron ratio of the cells 
decreased from 0.24 to 0.04, and the cells 
became highly sensitive to IR and highly sus- 
ceptible to IR-induced protein oxidation, but 
there were no other obvious effects on other 
traits'**. Furthermore, when D. radiodurans 
cells with normal manganese levels were 
irradiated under conditions that were known 
to perturb manganese-dependent ROS 
scavenging in vitro, such as high pH, the 
cells lost their ability to prevent IR-induced 
protein oxidation and became sensitive to 


IR™. Increasing evidence indicates that accu- 
mulated manganese ions can act as chemical 
antioxidant protectants by decreasing the 
levels of ROS to prevent oxidative stress. 
This mode of ROS control is not specific for 
radiation-resistant organisms, but is appli- 
cable to diverse settings. Addition of manga- 
nese can rescue yeast and bacterial mutants 
that are deficient in ROS-scavenging 
enzymes*'*’, and manganese supplementa- 
tion can restore the lifespan of short-lived 

C. elegans mutants*. Mitochondria accumu- 
late high Mn** concentrations®, and the 
level of carbonylated proteins, which is rec- 
ognized as a marker of oxidative stress, is 
reduced in animal cells® treated with Mn”*. 


Manganese and iron in IR resistance 

The effects of radiation in cells are mediated 
primarily through ROS. Dissolved oxygen, 
either derived from the atmosphere, gener- 
ated endogenously from IR-induced H,O, 
by redox-cycling of iron, manganese and/or 
other biologically relevant transition metals, 
or produced enzymatically (for example, 

by the intracellular decomposition of HO, 
by catalase), reacts rapidly with electrons 
released during water radiolysis"! to form 
superoxide (O,,*>) (BOX 1; FIG. 3). Because O,” 
does not easily cross membranes, it can 
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Figure 3 | Model of ionizing radiation-driven manganese and iron redox cycling. Under ionizing 
radiation (IR), Fe* and Fe* redox cycling is predicted to generate HO” and O,~, whereas Mn** and Mn** 
redox cycling is predicted to favour O,* scavenging without HO” production. Catalase is a common 
enzyme that catalyses the decomposition of H,O, to O, and H,O. Thus, under anaerobic or aerobic 
irradiation conditions, in a cascade of events, 0,” would damage and inactivate enzymes with exposed 
Fe-S clusters*’, thereby triggering the release of Fe”*, and ‘free’ Fe** would promote IR-driven Fe** and 
Fe** redox cycling. Fe-S clusters participate in a range of biochemical processes, including electron 
transfer, substrate binding and activation, redox catalysis, DNA replication and repair, regulation of gene 
expression, and tRNA modification. Thus, Mn** and Mn** redox cycling is predicted to prevent the pro- 
liferation of iron-dependent reactive oxygen species and protect diverse cellular functions’***. 
Radiolysis of water exposed to ionizing radiation’ (BOX 1), H,O +y-IR> HO" +H" +e", 5 primary radio- 
lytic reaction yielding H,O, (REF. 11), 2 HO*> H,O,; IR-induced superoxide”, O, + ies O,*; Fenton 
reaction™, HO, + Fe**> HO* + OH + Fe?*; Haber—Weiss reaction"!, Fe?* + HO,"> Fe2* + O,+ H* and 2 Fe* 
+ HO, > 2 Fe**+ O,+ 2 H*; manganese oxidation**“°??9*, Mn** + 07 +2Ht> H,O,+ Mn?*; manganese 


reduction**“*"*, 2 Mn** + H,O, > 2 Mn* + O, + 2 H*. Figure modified from REF. 34. 





transiently build up in cells under aerobic or 
anaerobic irradiation conditions™. Although 
O,* does not react with DNA or most pro- 
teins, it can damage and inactivate enzymes 
with exposed 2Fe-2S or 4Fe-4S clusters, 
which contain Fe** and can therefore trigger 
the release of ferrous ions (Fe’*)*’. In turn, 
when Fe** ions are made accessible to H,O, 
they can catalyse Fenton reactions” (FIG. 3). 
Thus, O,* is not readily consumed by other 
cellular targets and the damaging potential 
of O,* lingers for Fe-S clusters. I have pro- 
posed that Mn” ions that accumulate in 
resistant bacteria form complexes that shield 
Fe-S cluster-containing proteins from 
O,*-related ROS generated during irradiation 
(FIG. 3). By preventing the release of Fe’* from 
Fe-S-cluster containing proteins, the global 
collateral damaging effects of Fenton chem- 
istry during irradiation would be minimized, 
allowing enzyme systems involved in recovery 
to survive and function efficiently”. 
Because Mn” has a higher reduction 
potential than Fe** (REF. 51), Mn”* is less likely 
than Fe** to donate an electron to reduce 
another molecule. Fe** thus catalyses the 
Fenton reaction, whereas the analogous 


reaction between Mn* and H,O, does not 
occur®’. All of the proposed benefits of man- 
ganese accumulation compared with iron 
accumulation in irradiated cells are related 
to the limitation of Fenton chemistry (FIG. 3). 
Like iron, manganese can cycle between the 
divalent and trivalent oxidation states**"!. 

In contrast to Fe** and Fe** redox cycling, 
Mn* and Mn* redox cycling during IR is 
predicted to favour O,* scavenging without 
hydroxyl radical (HO*) production” (FIG. 3). 
Because the intrinsic reduction potentials of 
Mn” and Fe” are similar to those of many 
common biological compounds, each metal 
can be recruited, by carefully choosing the 
liganding environment, to perform biologi- 
cally useful redox catalysis*'. For example, as 
Mn** increases to millimolar concentrations, 
complex formation with ligands such as 
phosphate promotes catalytic O,*" scaveng- 
ing during IR**°*. Indeed, Mn** efficiently 
scavenges for ROS at near-millimolar con- 
centrations in vitro. Fridovich and Archibald 
demonstrated that Mn” scavenges O,,*" in 
phosphate buffer”, and Stadtman and col- 
leagues detected Mn”*-dependent dispropor- 
tionation of H,O, in bicarbonate buffer that 


contained amino acids*’, which endowed 
the mixtures with peroxidatic and catalatic 
activities’'. Because Mn” is innocuous under 
conditions (notably aerobic environments) 
where Fe’* tends to promote ROS, cells can 
tolerate high cytoplasmic concentrations 

of Mn?‘ with virtually no negative redox 
consequences*’, unlike other biologically rel- 
evant redox-active metals. The IR-resistant 
bacteria L. plantarum, Synechocystis sp. PCC 
6803 and D. radiodurans have intracellular 
Mn” concentrations that range from 1 to 30 
mM'6*51, Electronic paramagnetic reso- 
nanice spectroscopy'* and X-ray-absorption 
near-edge structure spectroscopy™ revealed 
that manganese exists predominantly as diva- 
lent ions in D. radiodurans. An ample supply 
of Mn” would also ensure that the demands 
for this cation by manganese-dependent 
ROS-scavenging enzymes are met“, and in 
cells in which iron is limited or sequestered, 
accumulated Mn” ions might function- 

ally replace Fe** as mononuclear cofactors 

in enzymes, thereby protecting the active 
sites®. Thus, the accumulation of intracellular 
Mn and its cofactors (for example, phos- 
phate) might constitute chemical antioxidant 
protectants. 


Location, location, location 

The manganese-based protection hypoth- 
esis (FIG. 3) requires a global distribution of 
this metal within cells. X-ray fluorescence 
microspectroscopy showed that manganese 
is dispersed throughout D. radiodurans 
cells, but surprisingly, iron, as well as cop- 
per, which also catalyses the conversion of 
H,O, to HO’ in vitro, is sequestered between 
dividing cells (FIG. 4). By contrast, in S. onei- 
densis cells iron is dispersed throughout the 
cell”. Because of the sequestration of iron, 
the manganese to iron ratio in the cytosol 
of D. radiodurans is probably even higher 
than 0.24. 

Banding patterns for oxidized proteins 
in carbonyl assays for sensitive bacteria 
exposed to IR** (FIG. 2a) revealed that some 
proteins are highly oxidized, whereas other 
proteins in the same cells are undamaged. 
By contrast, all proteins in D. radiodurans 
cells are resistant to IR-induced oxidation. 
However, proteins purified from D. radio- 
durans are not resistant to oxidation when 
irradiated in vitro*. As H,O, generated dur- 
ing irradiation diffuses throughout a cell, 
any Fe** encountered (bound or unbound) 
would produce a torrent of ROS that would 
react with their immediate neighbours 
until either the HO, was exhausted or the 
iron was removed*”*'. Owing to the short 
lifetime of HO’ (BOX 1), HO* cannot damage 
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Learning the synchronic codes of time gives our lives an entirely new 
context by which to live. In the synchronic order, the simplest level is the 
20 seals, the 13 tones and the 28-day cycle. This is where we start. We 
can build from there to begin to see a richness of organization of time 
that we have not known before. 


Each day, note the daily solar seal and galactic tone. Find the guide and 
daily affirmation in this little booklet (pages 18-20). Meditate on this. 
Then locate the daily solar seal on the Planet Holon, and also on your 
finger or toe. Locate the tone of the day in one of the 13 articulations of 
your body (page 15). Find the daily kin number on the Tzolkin/Harmonic 
Module on the back of this booklet. 


Note the 52 shaded squares—these are known as galactic activation 
portals, and represent extra high frequency days. To learn more about 
the synchronic codes see the Star Traveler’s 13 Moon Almanac of 
Synchronicity, available at www.lawoftime.org. 


WHY USE THE THIRTEEN MOON CALENDAR? 


A calendar is a template of time. Daily use of the 13 Moon/28-day calendar 
raises our frequency out of the artificial matrix and helps reorient our 
mind toward a higher reality. The changeover of the aeons has everything 
to do with shifting timing frequencies, and thus, renewing our minds. To 
change our mental state or quality of thoughts, we must first change our 
vibrational frequency. 


The significance of the 13 Moon calendar does not lie in its visible surface, 
but rather in the fact that it is a threshold and a door that connects us 
to the vast web of synchronicity that underlies all manifestations. Daily 
use of the 13 Moon calendar increases incidences of synchronicity by 
deepening your intuitive awareness of the interconnectedness of people 
and events. 


The 13 Moon/28-day calendar represents a harmonic timespace matrix. 
It takes the moon 28 days to orbit the Earth; it makes this orbit 13 times 
each year. The standard of measure is the 28-day cycle, called a moon, 
because it is the median between the 29.5-day synodic cycle of the moon 
(new moon to new moon) and the 27.1|-day sidereal cycle of the moon. 
Hence, it is a measure of Earth’s solar orbit using the 28-day lunar standard. 


This creates a perfect orbital measure of 13 moons of 28 days, totaling 
364 days, or 52 perfect weeks of 7 days each. Because the 365th day is 
no day of the moon or week at all, it is known as the “Day out of Time” —a 
day to celebrate peace through culture and time is art! 
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Figure 4 | X-ray fluorescence maps of the quali- 
tative distribution and concentration gradi- 
ents of various metals and non-metals in 
Deinococcus radiodurans. The tetracoccus was 
harvested from a mid-logarithmic culture in 
undefined rich medium, imaged and quantified 
as described previously”, The central panelis a 
transmission electron micrograph (TEM) of the 
tetracoccus after X-ray fluorescence (XRF) imag- 
ing. The panels that surround the TEM are the 
element distribution images of indicated metals 
and non-metals, which qualitatively depict high 
and low X-ray fluorescent intensities as indicated 
by the colour key (bottom): red represents the 
highest element concentration and black repre- 
sents the lowest element concentration. A math- 
ematical model of the original morphology of the 
cells was constructed in approximate likeness to 
the tetracoccus to determine the distribution of 
the elements**. XRF analysis measurements were 
made using the hard X-ray microprobe beamline 
2ID-D at the Advanced Photon Source, Argonne 
National Laboratory, Chicago, USA, under previ- 
ously described conditions*”. Figure modified 
from REF. 34. 





molecules beyond a few Angstroms from 
the ferrous ion where they are generated. 
One predicted repercussion is that proteins 
with predominantly negatively charged 
surfaces would become the focal points 

of Fenton chemistry during irradiation 
because they attract Fe**. This indicates 
that iron-dependent IR damage in sensitive 
cells is highly localized at the molecular 
level. By contrast, HO generated directly 
by the radiolysis of water would cause glo- 
bal, indiscriminate cellular damage (FIG. 3). 
The proposed perspective on IR toxicity 
has converged with a theory of eukaryotic 
ageing that postulates a causal relationship 
between oxidative protein damage and the 
decline of physiological functions and met- 
abolic processes: carbonylation of specific 
proteins increases almost exponentially as 


animals age®’. This model could also help 
us to understand the toxicity of redox- 
active heavy metals (for example, Cr** and 
Hg”*) and hypochlorous acid (bleach), both 
of which would also be expected to knock 
down the activity of proteins they encounter 
ina selective manner™. 

This leaves the question of why chro- 
mosomal and plasmid DNA in extremely 
resistant bacteria are not similarly protected 
but instead are damaged with a similar dose 
dependence as DNA in sensitive bacteria’. 
Only 3% of a typical bacterial nucleoid by 
mass is DNA; the multitude of small proteins 
in the nucleoid that are involved in chro- 
mosomal condensation provide substantial 
shielding from HO* generated by radiolysis. 
In the presence of cations (for example, Ca’* 
and K*), the genome is compacted by 1,000- 
fold by reducing the electrostatic repulsion 
between the negative charges of DNA®®. 
When packaged in IR-resistant or [R-sensitive 
bacteria, DNA is more than 20 times as resist- 
ant to IR damage as when the same DNA 
is purified and irradiated in water’. Thus, 
DNA that is highly condensed in different 
organisms might be similarly susceptible to 
IR-induced DNA damage because of a com- 
bination of excluded water volume effects and 
the abundance of proteins®. In this context, 
DNA would remain prone to the direct dam- 
aging effects of IR, but might be out of reach 
of most of the indirect damage caused by HO* 
generated by radiolysis (BOX 1). Provided that 
any iron atoms associated with DNA-binding 
proteins were tightly coordinated, and any 
Fe** or Fe** released within nucleoids was 
quickly removed and caged inside proteins, 
such as DPS (DNA protection during starva- 
tion)®’, DNA in bacterial nucleoids would be 
generally less prone to Fenton chemistry than 
regions of a cell where proteins with exposed 
Fe-S groups predominate. 


Summary 

Based on the radiochemistry of Mn** 

in vivo and in vitro****, I propose that a 
combination of Mn” with ligands, such 

as phosphate*”**, and perhaps other small 
molecules, spontaneously form intracel- 
lular complexes that act as potent catalytic 
scavengers**°!*? of O,*" and related 

ROS (FIG. 3). Mn** complexes are therefore 
expected to provide immediate cytosolic 
protection from IR-induced ROS. By 
shielding proteins with exposed Fe-S 
groups in particular, Mn** complexes would 
prevent the proliferation of iron-dependent 
ROS during irradiation in a way that is 

not highly dependent on the induction of 
enzymes, stage of growth or temperature 
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over a range at which cells are metabolically 
active. It must be emphasized, however, 
that the fate of an irradiated cell in this 
‘death by protein damage’ model rests not 
only on the level of protein oxidation, but 
also on the number of genome copies per 
cell and genome size. Cells that are pro- 
ficient at homologous recombination but 
lack systems that can rejoin random DSB 
ends" (for example, non-homologous end 
joining) would not benefit from high levels 
of protein protection during irradiation if 
their genome copy number was less than 
two, as one DSB would be lethal. For poly- 
ploid cells, however, the presence of chemi- 
cal antioxidant protectants of DNA-repair 
proteins would be expected to substantially 
increase the number of DSBs an organism 
could survive following irradiation. 

A recent report shows that the dose- 
response relationship for desiccation 
killing in bacteria isolated from desert 
environments parallels the levels of protein 
damage and manganese to iron ratios”. 
Therefore, desiccation resistance also 
seems to depend on the abundance of cel- 
lular manganese complexes that protect 
proteins. The relative contribution to sur- 
vival of accumulated Mn” ions compared 
with ROS-scavenging processes that have 
been classically attributed to enzymes has 
been explored for IR. Based on experimen- 
tal analyses in D. radiodurans, Mn** accu- 
mulation trumps enzymatic ROS defence 
systems by far'’; the genes that encode the 
constitutively and highly expressed ROS- 
scavenging enzymes sodA and katA can be 
disrupted in D. radiodurans with little effect 
on IR resistance, but the Mn** transporter 
gene (nramp) is essential”. The possibility 
that proteins with exposed Fe-S clusters 
are the most vulnerable macromolecules 
in irradiated cells (FIG. 3) warrants careful 
further investigation because of the practi- 
cal implications. If the predictive power of 
IR-induced protein damage on bacterial 
survival extends to human cells exposed 
to low doses of IR, various analytical tech- 
niques could be applied to biodosimetry, 
which could be used to identify and quan- 
tify proteins that are covalently modified 
by ROS. 

The ability of a complex eukaryotic 
genome to undergo extensive repair and 
rebuilding from the most extreme genomic 
insults is underscored by a recent report 
that diploid yeast cells can survive 250 
IR-induced DSBs per cell'®. This has led to 
the idea that higher eukaryotes could be 
made more resistant to IR. In 1968, Serianni 
and Bruce reported radioprotection of 
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E. coli (strain B/r) by a radioresistant fac- 
tor extracted from D. radiodurans, but the 
nature of the protective agents and their cel- 
lular targets were not identified®. Based on 
insights presented in this Opinion article, 
delivery of D. radiodurans Mn** complexes 
into cells would be expected to protect pro- 
teins from oxidative damage and thereby 
increase survival. Several prominent ques- 
tions now remain: can the putative antioxi- 
dant Mn” complexes of D. radiodurans be 
purified and identified and can they be used 
to prevent radiation injury and other forms 
of oxidative stress in human cells? 


Michael J. Daly is at the Uniformed Services 
University of the Health Sciences, Bethesda, 
Maryland 20814, USA. 

e-mail: mdaly@usuhs.edu or mdaly@usuhs.mil 


doi:10.1038/nrmicro2073 
Published online 27 January 2009 





|. Thornley, M. J. Radiation resistance among bacteria. 
J. Appl. Bacteriol. 26, 334-345 (1963). 

2. Parashar, V., Frankel, S., Lurie, A. G. & Rogina, B. The 
effects of age on radiation resistance and oxidative 
stress in adult Drosophila melanogaster. Radiat. Res. 
169, 707-711 (2008). 

3. Gladyshev, E. & Meselson, M. Extreme resistance of 
bdelloid rotifers to ionizing radiation. Proc. Natl Acad. 
Sci. USA 105, 5139-5144 (2008). 

4. Horikawa, D. D. et al. Radiation tolerance in the 
tardigrade Milnesium tardigradum. Int. J. Radiat. Biol. 
82, 843-848 (2006). 

5. Johnson, T. E. & Hartman, P. S. Radiation effects on 

ife span in Caenorhabditis elegans. J. Gerontol. 43, 

B137-B141 (1988). 

6. Holloman, W. K., Schirawski, J. & Holliday, R. Towards 

understanding the extreme radiation resistance of 

Ustilago maydis. Trends Microbiol. 15, 525-529 

2007). 

7. DiRuggiero, J., Santangelo, N., Nackerdien, Z., Ravel, J. 

& Robb, F. T. Repair of extensive ionizing-radiation DNA 

damage at 95°C in the hyperthermophilic archaeon 

Pyrococcus furiosus. J. Bacteriol. 179, 4643-4645 

1997). 

8. Kottemann, M., Kish, A., lloanusi, C., Bjork, S. & 
DiRuggiero, J. Physiological responses of the 
halophilic archaeon Halobacterium sp. strain NRC1 to 
desiccation and gamma irradiation. Extremophiles 9, 
219-227 (2005). 

9. Daly, M. J., Ouyang, L., Fuchs, P. & Minton, K. W. 

In vivo damage and recA-dependent repair of plasmid 
and chromosomal DNA in the radiation-resistant 
bacterium Deinococcus radiodurans. J. Bacteriol. 
176, 3508-3517 (1994). 

0. Hutchinson, F. The molecular basis for radiation effects 
on cells. Cancer Res. 26, 2045-2052 (1966). 

1. von Sonntag, C. The Chemical Basis of Radiation 
Biology (Taylor & Francis, London, 1987). 

2. Daly, M. J. & Minton, K. W. Interchromosomal 
recombination in the extremely radioresistant 
bacterium Deinococcus radiodurans. J. Bacteriol. 
177, 5495-5505 (1995). 

3. Holliday, R. Early studies on recombination and DNA 
repair in Ustilago maydis. DNA Repair 3, 671-682 
(2004). 

4. Cox, M. M. & Battista, J. R. Deinococcus radiodurans 
— the consummate survivor. Nature Rev. Microbiol. 3, 
882-892 (2005). 

5. Daly, M. J. & Minton, K. W. An alternative pathway of 
recombination of chromosomal fragments precedes 
recA-dependent recombination in the radioresistant 
bacterium Deinococcus radiodurans. J. Bacteriol. 
178, 4461-4471 (1996). 

6. Daly, M. J. et al. Accumulation of Mni(II) in 
Deinococcus radiodurans facilitates gamma-radiation 
resistance. Science 306, 1025-1028 (2004). 

7. Gerard, E., Jolivet, E., Prieur, D. & Forterre, P. 

DNA protection mechanisms are not involved in the 
radioresistance of the hyperthermophilic archaea 
Pyrococcus abyssi and P. furiosus. Mol. Genet. 
Genomics 266, 72—78 (2001). 











20 


21, 


22 


23 


24. 


25 


26 


27 


28 


29. 


30. 


51, 


32. 


53. 


34. 


35. 


36. 


37 


41. 


42. 


43. 


Argueso, J. L. et al. Double-strand breaks 
associated with repetitive DNA can reshape the 
genome. Proc. Natl Acad. Sci. USA 105, 
11845-11850 (2008). 

Setlow, D. M. & Duggan, D. E. The resistance of 
Micrococcus radiodurans to ultraviolet radiation: 
ultraviolet-induced lesions in the cell’s DNA. Biochim. 
Biophys. Acta 87, 664-668 (1964). 

Kish, A. et al. Salt shield: intracellular salts provide 
cellular protection against ionizing radiation in the 
halophilic archaeon, Halobacterium salinarum NRC-1. 
Environ. Microbiol. 5 Jan 2009 

(doi: 10.1111/j.1462-2920.2008.01828.x). 

Chan, H. L. et al. Proteomic analysis of UVC 
irradiation-induced damage of plasma proteins: serum 
amyloid P component as a major target of photolysis. 
FEBS Lett. 580, 3229-3236 (2006). 

Ghosal, D. et a/. How radiation kills cells: survival of 
Deinococcus radiodurans and Shewanella oneidensis 
under oxidative stress. FEMS Microbiol. Rev. 29, 
361-375 (2005). 

Makarova, K. S. et a/. Genome of the extremely 
radiation resistant bacterium Deinococcus 
radiodurans viewed from the perspective of 
comparative genomics. Microbiol. Mol. Biol. Rev. 65, 
44-79 (2001). 

Daly, M. J. & Minton, K. W. Recombination between a 
resident plasmid and the chromosome following 
irradiation of the radioresistant bacterium Deinococcus 
radiodurans. Gene 187, 225-229 (1997). 

Liu, Y. et al. Transcriptome dynamics of Deinococcus 
radiodurans recovering from ionizing radiation. Proc. 
Natl Acad. Sci. USA 100, 4191-4196 (2003). 
Makarova, K. S. et al. Deinococcus geothermalis: the 
pool of extreme radiation resistance genes shrinks. 
PLoS ONE 9, e955 (2007). 

Daly, M. J. & Minton, K. W. Resistance to radiation. 
Science 270, 1318 (1995). 

Eltsov, M. & Dubochet, J. Fine structure of the 
Deinococcus radiodurans nucleoid revealed by 
cryoelectron microscopy of vitreous sections. 

J. Bacteriol. 187, 8047-8054 (2005). 

Dimitrova, N., Chen, Y. C., Spector, D. L. & de Lange, T. 
53BP1 promotes non-homologous end joining of 
telomeres by increasing chromatin mobility. Nature 
456, 524-528 (2008). 

Gutman, P. D., Fuchs, P. & Minton, K. W. Restoration 
of the DNA damage resistance of Deinococcus 
radiodurans DNA polymerase mutants by Escherichia 
coli DNA polymerase | and Klenow fragment. Mutat. 
Res. 314, 87-97 (1994). 

Minton, K. W. DNA repair in the extremely 
radioresistant bacterium Deinococcus radiodurans. 
Mol. Microbiol. 13, 9-15 (1994). 

Fredrickson, J. K. et al. Protein oxidation: key to 
bacterial desiccation resistance? [SME J. 2, 393-403 
(2008). 

Zahradka, K. et al. Reassembly of shattered 
chromosomes in Deinococcus radiodurans. Nature 
443, 569-573 (2006). 

Daly, M. J. et al. Protein oxidation implicated as the 
primary determinant of bacterial radioresistance. 
PLoS Biol. 5, e92 (2007). 

White, O. et al. Genome sequence of the radioresistant 
bacterium Deinococcus radiodurans R1. Science 286, 
1571-1577 (1999). 

Gioia, J. et al. Paradoxical DNA repair and peroxide 
resistance gene conservation in Bacillus pumilus 
SAFR-032. PLoS ONE 2, e928 (2007). 

Cohen, G. N. et a/. An integrated analysis of the 
genome of the hyperthermophilic archaeon 
Pyrococcus abyssi. Mol. Microbiol. 47, 1495-1512 
(2003). 

Ng, W. V. et al. Genome sequence of Halobacterium 
species NRC-1. Proc. Natl Acad. Sci. USA97, 
12176-12181 (2000). 

Koonin, E. V. Chance and necessity in cellular response 
to challenge. Mol. Syst. Biol. 3, 107 (2007). 

Harris, D. R., Ngo, K. V. & Cox, M. M. The stable, 
functional core of DdrA from Deinococcus radiodurans 
R1 does not restore radioresistance in vivo. 

J. Bacteriol. 190, 6475-6482 (2008). 

Qiu, X. et al. Transcriptome analysis applied to survival 
of Shewanella oneidensis MR-1 exposed to ionizing 
radiation. J. Bacteriol. 188, 1199-1204 (2006). 
Sweet, D. M. & Moseley, B. E. The resistance of 
Micrococcus radiodurans to killing and mutation by 
agents which damage DNA. Mutat. Res. 34, 175-186 
(1976). 

Sommers, C. H. & Rajkowski, K. T. Inactivation of 
Escherichia coli JM109, DH5a, and 0157:H7 


44. 


45. 


46. 


47. 


48. 


49. 


50: 


Bi, 


52: 


53. 


54. 


55 


56. 


Si, 


58. 


59. 


60. 


62. 


63. 


64. 


65. 


66. 


suspended in Butterfield’s phosphate buffer by 
gamma radiation. J. Food Sci. 73, M87—M90 (2008). 
Dadachova, E. & Casadevall, A. lonizing radiation: 
how fungi cope, adapt, and exploit with the help of 
melanin. Curr. Opin. Microbiol. 11,525-531 
(2008). 

Shirkey, B. et al. Genomic DNA of Nostoc commune 
(Cyanobacteria) becomes covalently modified during 
long-term (decades) desiccation but is protected from 
oxidative damage and degradation. Nucleic Acids Res. 
31, 2995-3005 (2003). 

Leibowitz, P. J., Schwartzberg, L. S. & Bruce, A. K. 
The in vivo association of manganese with the 
chromosome of Micrococcus radiodurans. 
Photochem. Photobiol. 23, 45—50 (1976). 

Hastings, J. W., Holzapfel, W. H. & Niemand, J. G. 
Radiation resistance of lactobacilli isolated from 
radurized meat relative to growth and environment. 
Appl. Environ. Microbiol. 52, 898-901 (1986). 
Domain, F., Houot, L., Chauvat, F. & Cassier-Chauvat, C. 
Function and regulation of the cyanobacterial genes 
lexA, recA and ruvB: LexA is critical to the survival of 
cells facing inorganic carbon starvation. Mol. 
Microbiol. 53, 65-80 (2004). 

Archibald, F. S. & Fridovich, I. The scavenging of 
superoxide radical by manganous complexes: in vitro. 
Arch. Biochem. Biophys. 214, 452-463 (1982). 
Keren, N., Kidd, M. J., Penner-Hahn, J. E. & Pakrasi, 
H. B. A light-dependent mechanism for massive 
accumulation of manganese in the photosynthetic 
bacterium Synechocystis sp. PCC 6803. Biochemistry 
41, 15085-15092 (2002). 

Kehres, D. G. & Maguire, M. E. Emerging themes in 
manganese transport, biochemistry and pathogenesis in 
bacteria. FEMS Microbiol. Rev. 27, 263—290 (2003). 
Sanchez, R. J. et al. Exogenous manganous ion at 
millimolar levels rescues all known dioxygen-sensitive 
phenotypes of yeast lacking CuZnSOD. J. Biol. Inorg. 
Chem. 10, 913-923 (2005). 

Jakubovics, N. S. & Jenkinson, H. F. Out of the iron 
age: new insights into the critical role of manganese 
homeostasis in bacteria. Microbiology 147, 
1709-1718 (2001). 

Lin, Y. T. et al. Manganous ion supplementation 
accelerates wild type development, enhances stress 
resistance, and rescues the life span of a short-lived 
Caenorhabditis elegans mutant. Free Radic. Biol. 
Med. 40, 1185-1193 (2006). 

Puskin, J. S. & Gunter, T. E. lon and pH gradients across 
the transport membrane of mitochondria following 
Mni(II) uptake in the presence of acetate. Biochem. 
Biophys. Res. Commun. 51, 797-803 (1973). 
Oweson, C., Skdld, H., Pinsino, A., Matranga, V. & 
Hernroth, B. Manganese effects on haematopoietic 
cells and circulating coelomocytes of Asterias rubens 
(Linnaeus). Aquat. Toxicol. 89, 75-81 (2008). 

Imlay, J. A. lron—sulphur clusters and the problem 
with oxygen. Mol. Microbiol. 59, 1073-1082 
(2006). 

Barnese, K., Gralla, E. B., Cabelli, D. E. & Valentine. 
J. S. Manganous phosphate acts as a superoxide 
dismutase. J. Am. Chem. Soc. 130, 4604-4606 
(2008). 

Berlett, B. S., Chock, P. B., Yim, M. B. & Stadtman, 

E. R. Manganese(II) catalyzes the bicarbonate- 
dependent oxidation of amino acids by hydrogen 
peroxide and the amino acid-facilitated dismutation of 
hydrogen peroxide. Proc. Natl Acad. Sci. USA 87, 
389-393 (1990). 

Archibald, F. S. & Fridovich, |. Manganese, superoxide 
dismutase, and oxygen tolerance in some lactic acid 
bacteria. J. Bacteriol. 146, 928-936 (1981). 

Imlay, J. A. Cellular defenses against superoxide and 
hydrogen peroxide. Annu. Rev. Biochem. 77, 
755-776 (2008). 

Marshall, M. J. et al. c-Type cytochrome-dependent 
formation of U(IV) nanoparticles by Shewanella 
oneidensis. PLoS Biol. 4, e268 (2006). 

Levine R. L. & Stadtman E. R. Oxidative modification 
of proteins during aging. Exp. Gerontol. 36, 
1495-1502 (2001). 

Winter, J., Ibert, M., Graf, P. C., Ozcelik, D. & Jakob, U. 
Bleach activates a redox-regulated chaperone by 
oxidative protein unfolding. Cell 135, 691-701 
(2008). 

Reyes-Lamothe, R., Wang, W. & Sherratt, D. 
Escherichia coli and its chromosome. Trends 
Microbiol. 16, 238-245 (2008). 

Maeshima, K. & Eltsov, M. Packaging the genome: the 
structure of mitotic chromosomes. J. Biochem. 143, 
145-153 (2008). 





244 | MARCH 2009 | VOLUME 7 


© 2009 Macmillan Publishers Limited. All rights reserved 


www.nature.com/reviews/micro 


67. Cuypers, M. G., Mitchell, E. P., Romao, C. V. & 
McSweeney, S. M. The crystal structure of the Dps2 
from Deinococcus radiodurans reveals an unusual 
pore profile with a non-specific metal binding site. 

J. Mol. Biol. 371, 787-799 (2007). 

68. Serianni, R. W. & Bruce, A. K. Role of sulphur in 
radioprotective extracts of Micrococcus radiodurans. 
Nature 218, 485-487 (1968). 

69. Lin, L.-H. et al. The yield and isotopic composition of 
radiolytic H,, a potential energy source for the deep 
subsurface biosphere. Geochim. Cosmochim. Acta 69, 
893-903 (2005). 

70. Rainey, F. A. et al. Extensive diversity of 
ionizing-radiation-resistant bacteria recovered from 
Sonoran desert soil and description of nine new 
species of the genus Deinococcus obtained from a 
single soil sample. Appl. Environ. Microbiol. 71, 
5225-5245 (2005). 

71. Blasius, M., Sommer, S. & Hubscher, U. Deinococcus 
radiodurans: what belongs to the survival kit? Crit. 
Rev. Biochem. Mol. Biol. 43, 221-238 (2008). 

72. Anderson, A., Nordan, H., Cain, R., Parrish, G. & 
Duggan, D. Studies on a radioresistant micrococcus. I. 
Isolation, morphology, cultural characteristics, and 
resistance to gamma radiation. Food Technol. 10, 
575-578 (1956). 

73. Fredrickson, J. K. et al. Geomicrobiology of high level 
nuclear waste contaminated vadose sediments at the 
Hanford Site, Washington State. App/. Environ. 
Microbiol. 70, 4230-4241 (2004). 

74. Callegan, R. P. et al. Description of four novel 
psychrophilic, ionizing radiation-sensitive Deinococcus 
species from alpine environments. /nt. J. Syst. Evol. 
Microbiol. 58, 1252-1258 (2008). 

75. Hirsch, P. et al. Deinococcus frigens sp. nov., 
Deinococcus saxicola sp. nov., and Deinococcus 
marmoris sp. nov., low temperature and draught- 
tolerating, UV-resistant bacteria from continental 
Antarctica. Syst. App!. Microbiol. 27, 636-645 

2004). 

76. Ferreira, A. C. et al. Deinococcus geothermalis sp. nov. 

and Deinococcus murrayi sp. nov., two extremely 

radiation resistant and slightly thermophilic species 

from hot springs. Int. J. Syst. Bacteriol. 47, 939-947 

1997). 

77. Kimura, H., Asada, R., Masta, A. & Naganuma, T. 

Distribution of microorganisms in the subsurface of 

the manus basin hydrothermal vent field in Papua New 

Guinea. Appl. Environ. Microbiol. 69, 644-648 

2003). 

78. Pavlov, A. K., Kalinin, V. L., Konstantinov, A. N., 
Shelegedin, V. N. & Pavlov, A. A. Was earth ever 
infected by martian biota? Clues from radioresistant 
bacteria. Astrobiology 6, 911-918 (2006). 

79. Brim, H., Venkateswaran, A., Kostandarithes, H. M., 
Fredrickson, J. K. & Daly, M. J. Genetic development 
of D. geothermalis for bioremediation of high 
temperature radioactive waste environments. Appl. 
Environ. Microbiol. 69, 4575-4582 (2003). 

80. Bik, E. M. et al. Molecular analysis of the bacterial 
microbiota in the human stomach. Proc. Natl Acad. 
Sci. USA 103, 732-737 (2006). 

81. Daly, M. J. Modulating radiation resistance: 
insights based on defenses against reactive 
oxygen species in the radioresistant bacterium 
Deinococcus radiodurans. Clin. Lab. Med. 26, 
491-504 (2006). 








Acknowledgements 
Work on protein oxidation in the Daly laboratory is sup- 
ported by grant FA9550-07-1-0218 to M.J.D. from the Air 
Force Office of Scientific Research. The author thanks E.K. 
Gaidamakova and V.Y. Matrosova for assistance with the 
figures. 





DATABASES 

Entrez Genome Project: http://www.ncbi.nlm.nih.gov/ 
entrez/query.fcgi?db=genomeprj 

Bacillus pumilus | Caenorhabditis elegans | Deinococcus 
geothermalis | Deinococcus radiodurans | Escherichia coli | 
Halobacterium sp. NRC-1 | Lactobacillus plantarum | 
Micrococcus luteus | Pyrococcus furiosus | Shewanella 
oneidensis | Synechocystis sp. PCC 68034 | Ustilago maydis 


FURTHER INFORMATION 
Michael J. Daly’s homepage: http://www.usuhs.mil/pat/ 
deinococcus/index_20.htm 


ALL LINKS ARE ACTIVE IN THE ONLINE PDF 























PERSPECTIVES 





OPINION 


Antimicrobial peptides: linking 
partition, activity and high 
membrane-bound concentrations 





Manuel N. Melo, Rafael Ferre and Miguel A. R. B. Castanho 


Abstract | An increasing amount of information on the action of antimicrobial 
peptides (AMPs) at the molecular level has not yet been translated into a 
comprehensive understanding of effects in bacteria. Although some biophysical 
attributes of AMPs have been correlated with macroscopic features, the 
physiological relevance of other properties has not yet been addressed. Pertinent 
and surprising conclusions have therefore been left unstated. Strong 
membrane-binding and micromolar therapeutic concentrations of AMPs indicate 
that membrane-bound concentrations may be reached that are higher than 
intuitively expected, triggering disruptive effects on bacteria. 


Antimicrobial peptides (AMPs) represent a 
wide range of short, cationic, gene-encoded 
peptide antibiotics that can be found in 
virtually every organism’. Different AMPs 
display different properties, and many 
peptides in this class are being intensively 
researched not only as antibiotics, but also 
as antivirals**, templates for cell-penetrating 
peptides*, immunomodulators’ and 
antitumoural drugs’. 

Despite sharing a few common features 
(for example, cationicity, amphipathic- 
ity and short size), AMP sequences vary 
greatly, and at least four structural groups 
(a-helical, B-sheet, extended and looped) 
have been proposed to accommodate the 
diversity of the observed AMP conforma- 
tions”*. Likewise, several modes of action as 
antibiotics have been proposed, and there is 
debate about whether the primary target of 
many of these peptides is the cell membrane 
or whether the primary target is cytoplasmic 
invasion and disruption of core metabolic 
functions’. 

Several bilayer interaction and disruption 
models have been proposed for those AMPs 
that depend on membrane interference 
for their antimicrobial activity’? (FIG. 1). 
However, it is now becoming obvious that 
such models might be too rigid to account 
fully for the many interactions that these 
small molecules can establish in a complex 
environment, such as the cell membrane. The 
limitations of the previously proposed mod- 
els have been exposed in molecular dynamics 
simulations of AMPs interacting with phos- 
pholipid bilayers. Observations from these 


studies included multiple coexistent struc- 
tures (frequently unrelated to clean a-helices 
or B-sheets), nonspecific peptide—peptide 
interactions and membrane perturbation 
dictated by stochastic events’? (FIG. 1). The 
advantage of this indefinite behaviour is that 
bacteria seem to find it hard to circumvent 
AMP action, which is certainly a reason 
behind the multistep mutations usually 
required for resistance to evolve"®. 

Independently of the chosen membrane 
perturbation model, an implicit concen- 
tration threshold is always required for 
disruption (FIG. 1). This is supported by 
several observations, in model systems, 
of phenomena related to such threshold 
crossings'*'”", Nevertheless, AMP con- 
centrations that are close to full membrane 
coverage, which are often considered 
unphysiological conditions, are a frequent 
requisite for such observations (TABLE 1). 

In this Opinion, we survey reports of 
threshold events of AMPs and propose 
a correlation between these events and 
properties such as bactericidal concentra- 
tion and membrane binding. We use this 
relationship to support our view, which 
reconciles existing interaction models with 


Independently of the chosen 
membrane perturbation model, 
an implicit concentration 
threshold is always required 
for disruption. 
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Transmission electron microscopy revealed that the nucleoid of the extremely radioresistant bacteria 
Deinococcus radiodurans may adopt an unusual ring shape. This led to the hypothesis that the tight toroidal 
package of the D. radiodurans genome might contribute to radioresistance by preventing diffusion of ends of 
double-stranded DNA breaks. The molecular arrangement of DNA in the nucleoid, which must be determined 
to test this hypothesis, is not discernible by conventional methods of electron microscopy. We have applied 
cryoelectron microscopy of vitreous sections and found that the DNA arrangement in D. radiodurans differs 
from toroidal spooling. Diffuse coralline nucleoids of exponentially growing D. radiodurans do not reveal any 
particular molecular order. Electron-dense granules are generally observed in the centers of nucleoids. In 
stationary-phase cells, the nucleoid segregates from cytoplasm and DNA filaments show locally parallel 
arrangements, with increasing aspects of cholesteric liquid crystalline phase upon prolonged starvation. The 
relevance of the observed nucleoid organization to the radiation resistance of D. radiodurans is discussed. 





Deinococcus radiodurans is a gram-positive, nonsporulating 
bacterium which usually grows in tetrad form. This organism is 
interesting because of its extreme resistance to DNA damage 
induced by ionizing radiation (4). It exhibits detectable survival 
after irradiation of 15,000 Gy (4) and grows continuously at 60 
Gy/h (25). The unusual radiation resistance of D. radiodurans 
results from its ability to repair the genome, containing more 
than a hundred double-stranded DNA breaks, without muta- 
tions and loss of genome integrity (4, 32). The double-stranded 
DNA break repair in D. radiodurans is recA-dependent (10), 
but an explanation for its remarkable efficiency is yet to be 
found. 

Initial analysis of D. radiodurans by transmission electron 
microscopy was performed in the 1970s (39, 40). Analysis fo- 
cused mainly on the structure of the cell wall, in which a 
periodic S layer was described and characterized in detail (5, 
38, 40). Methods available at that time did not reveal an un- 
usual structure which could contribute to the radioresistance of 
D. radiodurans. 

Interest in the organization of D. radiodurans has reawak- 
ened with recent advances in transmission electron microscopy 
techniques. Levin-Zaidman et al. (29). applied rapid freezing 
and freeze-substitution for their study of D. radiodurans nucle- 
oids. They found that its nucleoid adopts an unusual ring 
shape. It is known that in vitro DNA tends to form toroidal 
aggregates in the presence of condensing agents (21). In these 
toroids, DNA molecules are condensed in a closely packed 
hexagonal arrangement (20). Levin-Zaidman at al. assumed 
that the ring-shaped nucleoid of D. radiodurans has basically 
the same structure. The hypothesis has been made that the 
toroidal shape facilitates repair of the fragmented genome 
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because its densely packed structure prevents double-stranded 
DNA break ends from diffusing (13, 29). 

The molecular arrangement of the DNA in the D. radio- 
durans nucleoid must be determined in order to test this hy- 
pothesis. Conventional methods of electron microscopy do not 
reveal the arrangement of DNA in bacteria, even when rapid 
freezing and freeze-substitution study are used because the 
bacterial chromatin aggregates during dehydration in the or- 
ganic solvents, which are necessary in such preparations (23). 
Obtaining the fine structure of bacterial chromatin requires 
that fully hydrated specimens be observed. 

Cryoelectron microscopy of vitreous sections (CEMOVIS) 
enables transmission electron microscopy observation of fully 
hydrated biological material. This method relies on vitrifica- 
tion of biological samples by rapid cooling, similar to the tech- 
nique used in freeze-substitution. Then, instead of replacing 
the solidified water with an organic solvent and embedding the 
specimen in resin, native, unstained vitreous samples are cut at 
—140°C into thin sections which are observed in a cryoelectron 
microscope at even lower temperatures (2). CEMOVIS has 
been successfully applied to different biological samples, in- 
cluding bacteria. A number of new structural details not pre- 
served by other methods of electron microscopy have been 
visualized in the cell envelope and extracellular matrixes of 
bacteria (3, 30, 31). 

Single isolated DNA molecules can be visualized in a thin 
layer of vitreous water (12), but tracing DNA inside the 
crowded environment of a living cell remains a challenging task 
even if the structure is perfectly preserved by vitrification. Only 
when the DNA filaments are ordered and favorably oriented it 
is possible to determine their arrangement. CEMOVIS re- 
solved the local DNA package in human and horse spermato- 
zoa (36). It therefore seems probable that, if there is an or- 
dered DNA package in D. radiodurans, it should be revealed in 
vitreous sections. 

In this study we used CEMOVIS to examine the structure 
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FIG. 1. (A, B, C) Vitreous sections of typical D. radiodurans tetrads from exponentially growing (A), stationary-phase (B), and long-stationary- 
phase (C) cultures were imaged with high defocus (5 to 10 wm) to obtain strong contrast favorable for general morphology mapping. Knife marks 
(white arrows) and crevasses (Cr) are cutting artifacts. H, surface contamination with hexagonal ice. The cytoplasm of some adjacent cells in the 
tetrad is interconnected through incomplete septa (S). A large electron-dense granule (DG) is visible inside the exponentially growing cell. The 
small granules are ribosomes (R). In the central part of the exponentially growing and stationary-phase cells, ribosome-free areas (RFA) are seen 
and are outlined in one cell of the tetrad. Note the dispersed coralline shape of the ribosome-free areas in exponentially growing cells (A) and the 
compact roundish shape in stationary-phase cells (B). Some membranous structures (M) are the only distinguishable structures in the highly dense 
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of nucleoids in exponentially growing and stationary-phase 
D. radiodurans. We found that nucleoids of exponentially 
growing bacteria have diffuse coralline shapes and do not show 
a visible molecular order. Electron-dense granules are gener- 
ally observed in the center of nucleoids. In stationary-phase 
cells, the nucleoid segregates from the cytoplasm and DNA 
filaments show locally parallel arrangements, with increasing 
aspects of cholesteric liquid crystalline phase upon prolonged 
starvation. The possible relevance of the observed nucleoid 
organization to the radiation resistance of D. radiodurans and 
to the hypothesis of Levin-Zaidman et al. will be discussed. 


MATERIALS AND METHODS 


D. radiodurans strain SARK was grown in TGY broth (0.8% Bacto tryptone, 
0.1% glucose, 0.4% yeast extract) at 30°C with vigorous shaking. Exponentially 
growing bacteria were collected after 10 to 12 h of growth at an optical density 
at 600 nm of 0.4 to 0.6. Stationary-phase and long-stationary-phase bacteria were 
collected after 4 days and 12 days of incubation, respectively. Bacteria were 
harvested by centrifugation with a Sorvall RS28S centrifuge for 5 min at 3,000 
rpm. A soft pellet of bacteria was suspended with the same volume of 30% 
dextran (42 kDa, Sigma-Aldrich, St. Louis, MO), mixed by pipetting, and high- 
pressure frozen within 5 min in a Leica EMPACT (Leica, Vienna, Austria) 
apparatus. Thin frozen hydrated sections were obtained with a diamond 
cryoknife (Diatome, Biel, Switzerland) in a Leica FCS Ultracut S cryomicrotome 
with a nominal cutting feed of 50 nm at — 140°C as described previously (3). For 
plunge freezing, 5 wl of bacterial suspension was placed on a holey carbon grid 
and frozen by plunging into liquid ethane, as described (1). 

Grids containing thin frozen-hydrated sections or vitrified thin layers were 
mounted in a Gatan 626 cryospecimen holder (Gatan, Warrendale, PA) and 
observed below — 180°C in Philips CM12 and CM100 cryoelectron microscopes 
(FEI, Eindhoven, The Netherlands) operating at an acceleration voltage of 80 
kV. Electron micrographs were recorded on Kodak SO-136 electron image films 
or a 1K Multiscan charge-coupled device camera (Gatan, Warrendale, PA) or 2K 
TemCam charge-coupled device camera (TVIPS GmbH, Gauting, Germany). 
Negatives were digitalized using an Imacon Flextight Precision III scanner (Ima- 
con, Redmond, WA). The contrast of micrographs was adjusted with Adobe 
Photoshop. No other image correction was performed. Fourier transforms of 
images were made with the Image J program (National Institutes of Health 
[http://rsb.info.nih.gov/ij/]). 


RESULTS 


General morphology of D. radiodurans. The cell morphology 
of D. radiodurans was checked immediately before vitrification 
by phase-contrast light microscopy. In all cultures D. radio- 
durans cells were observed mainly in tetrads, but diplococci 
were also seen occasionally. 

D. radiodurans was well visible in vitreous sections. Figure 1 
shows typical tetrads from exponentially growing (A), station- 
ary-phase (B), and long-stationary-phase (C) cultures. The cy- 
toplasm of the adjacent cells in the tetrad was either separated 
or interconnected through incomplete septa. Cutting artifacts 
such as compression, knife marks (white arrows), and crevasses 
are seen in the sections. Compression appears as a shortening 
of cell dimensions along the direction of cutting, resulting in 
the elliptical shape of the bacteria. The cutting direction is 
revealed by series of knife marks (Fig. 1A, B, and C, white 
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arrows), which are irregularities in the thickness of sections 
originating from unevenness of the cutting edge of the knife. 
Crevasses are fissures perpendicular to the cutting direction. 
These cutting-induced artifacts are still frequent in vitreous 
sections (3) and must be considered during the interpretation 
of images. 

A cell envelope is clearly visible around D. radiodurans cells. 
In regions of favorable orientation three sharp, high-contrast 
layers and one diffuse dense layer are visible in the cell enve- 
lope (Fig. 1A, B, and C). Such organization of the cell envelope 
is observed in all types of cultures. Figure 1D shows a magni- 
fied fragment of the cell envelope. The innermost sharp layer 
is the cytoplasmic membrane, while the intermediate one is the 
outer membrane. The outermost layer is the S-layer in which a 
periodic organization is seen on cross-sections and a hexagonal 
order on tangential sections (not shown). The diffuse dense 
layer is seen in the periplasmic space. It is most pronounced 
in long-stationary-phase cells. The outer membrane and the 
S-layer surround the entire tetrad and do not enter the septa. 
Irregularities in the structure of the outer part of the cell 
envelope, appearing as bubbles and wrinkles of the outer mem- 
brane and S-layer, are often observed in vitreous sections 
(Fig. 1C, black arrowheads). 

Internal organization of cells differs in exponentially grow- 
ing, stationary-phase, and long-stationary-phase cells. Multi- 
ple small granules and one or several large electron-dense 
granules are visible inside exponentially growing cells (Fig. 1A). 
The small granules are identified as ribosomes from their char- 
acteristic size and appearance. Ribosomes are distributed un- 
evenly within the cell volume. The highest concentration of 
ribosomes is seen at the cell periphery. In the central part of 
the cell, individual ribosomes or small groups of ribosomes are 
spaced by ribosome-free areas. In a majority of exponentially 
growing cells these ribosome-free areas have a dispersed cor- 
alline shape (Fig. 1A, outlined). 

Electron-dense granules are located in the central part of 
exponentially growing cells. Electron-dense granules have 
an elliptical shape in vitreous sections (Fig. 1A, dg). The 
large diameter of electron-dense granules rarely exceeds 400 
nm. The small diameter of the ellipse is oriented along the 
cutting direction. This suggests that electron-dense granules 
are spherical bodies deformed into an elliptical shape by 
cutting-induced compression. In order to check whether 
electron-dense granules are an artifact of incubation with 
the cryoprotector, we performed plunge-freezing of whole- 
mount bacteria directly in culture medium. The thickness of 
the bacteria frozen in vitreous thin layers is too large for 
high-resolution imaging with a normal-voltage microscope, 
but due to their high electron density, electron-dense gran- 
ules are nevertheless well visible (Fig. 1E, white arrows). 
This proves that electron-dense granules are a natural com- 
ponent of exponentially growing cells. 


content of long-stationary-phase cells (C) in these imaging conditions. Irregularities in the structure of the outer part of the cell envelope (black 
arrowheads) are often observed in vitreous sections. (D) Magnified fragment of the cell envelope. The cytoplasmic membrane (CM), the diffuse 
dense layer (DL), the outer membrane (OM), and the outermost periodic S-layer (S) of the cell wall are distinguishable in vitreous sections. (E) 
Whole-mount exponentially growing tetrad plunge-frozen in culture medium. Note electron-dense granules (white arrows). Scale bars: A, B, and 


C, 500 nm; D, 100 nm; E, 1 wm. 
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(R), and other granules are visible. The space between the granules is disordered. Inset: Fourier transform of the outlined region. Scale bars: image, 


100 nm; Fourier transform, (5 nm)~'. 


Vitreous biological material is prone to beam damage. 
Irradiation with the electron beam changes the structure of 
the biological material. The ultimate state of damage is 
apparent as bubbling. We found that electron-dense gran- 
ules begin to bubble simultaneously or soon after cell mem- 
branes, whereas ribosome-free areas are the most bubbling- 
resistant regions of cells. 

In typical stationary-phase cells (Fig. 1B) electron-dense 
granules are not observed and ribosomes are excluded from 
the central part of the cells, forming large unified ribosome- 
free areas. These ribosome-free areas have a roundish shape 
and homogenous contents. Ribosome-free areas in adjacent 
stationary-phase cells can be interconnected (Fig. 1B). 

On a few occasions, in both exponentially growing and sta- 
tionary-phase cells, we found ring-shaped ribosome-free areas 
with an island of ribosome-rich cytoplasm in the center. 

The content of a typical long-stationary-phase cell (Fig. 1C) 
has a high electron density, which makes it difficult to identify 
the internal components. Ribosomes and electron-dense gran- 
ules are not distinguishable in long-stationary-phase cells. Oc- 
casionally some membranous structures are seen inside long- 
stationary-phase cells. 

Interestingly, the bacterial populations in stationary-phase 
and long-stationary-phase cultures are not completely uniform. 
About 1% of the cells in a stationary-phase culture and few 
cells in a long-stationary-phase culture present aspects typical 
of exponentially growing cells; diffuse ribosome-free areas and 
electron-dense granules. 

Fine structure of the nucleoid seen on vitreous sections. It is 
known from studies of freeze-substituted bacteria stained with 


osmium amine (19) that the bacterial nucleoid is located in 
ribosome-free areas. Hence, the ribosome-free regions visible 
in vitreous sections of exponentially growing and stationary- 
phase cells of D. radiodurans can be identified with the 
nucleoid. 

Contrary to what happens in stained embedded specimens, 
the average density of the various regions of D. radiodurans is 
about the same everywhere, except in the dense granules. Im- 
aging conditions favoring phase contrast over large areas must 
be used in order to obtain a significant contrast between the 
nucleoid and the rest of the bacteria. 

Such conditions, implying high defocus (5 to 10 wm), have 
been used for recording Fig. 1 A to C. They are, however, not 
adequate for high-resolution observations. In order to reveal 
the molecular arrangement of the DNA in the nucleoid, a 
defocus compatible with the expected distances of few nano- 
meters has been used (<3 pm). 

Exponentially growing cells. Figure 2 shows a high-resolu- 
tion view of the central region of an exponentially growing cell. 
Electron-dense granules are recognized because of the high 
contrast. As well as electron-dense granules, ribosomes and 
other granules, which can be transcription or replication com- 
plexes, are visible. The space between granules is disordered, 
and Fourier transform of the image does not reveal any pre- 
dominant distance (Fig. 2, inset). Together these results sug- 
gest a dispersed, actively transcribed nucleoid without ordered 
compaction. 

Stationary-phase cells. At high resolution, compact, roughly 
circular ribosome-free areas of stationary-phase cells do not 
appear to be homogenous any more, and specific textures 
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become apparent in them (Fig. 3A). The “dotted” pattern 
(Fig. 3B) consists of highly contrasting dots and lines which are 
clustered and, in several cases, form regularly spaced arrays 
(Fig. 3B, underlined with white). The “stripy” pattern is 
formed from longer and partially parallel lines (Fig. 3C) with 
lower contrast than the dots in the dotted pattern. Figures 3D 
and 3E show an intermediate case between dotted and stripy 
patterns which simultaneously contains dots and short and 
longer lines. 

The high contrast of the dots suggests an accumulation of 
density along most of the section with a thickness averaging 70 
nm. The diameter of the dots is in the range of 2 to 2.5 nm. 
Taken together, these aspects are characteristic of a DNA 
fragment seen along the viewing direction (6, 27). The dotted 
pattern can only be seen as a bundle of locally parallel DNA 
filaments whose direction is perpendicular to the section plan. 
The stripy patterns confirm the local parallel orientation of the 
DNA. They appear when the bundle is tilted with respect to 
the viewing direction. The Fourier transform reveals no rein- 
forced dimensions in the ribosome-rich area (cytoplasm, Fig. 3A, 
left inset), whereas distances corresponding to 4 to 6 nm are 
reinforced in the ribosome-free regions. This characteristic 
order is best seen in the dotted regions (maximum at ca. 
4.8 nm; Fig. 3A, right inset) and in the stripy areas. 

The regions with local order do not entirely occupy ribo- 
some-free areas. The clusters of dots and lines are spaced by 
regions without definable structure (Fig. 3B, C, and D, aster- 
isks). The aspects of the local order are less pronounced in 
some nucleoids (Fig. 3E). 

Long-stationary-phase cells. The crowded interior of long- 
stationary-phase cells does not allow us to distinguish the ri- 
bosome-containing area from the ribosome-free area at low 
magnification. Nevertheless, the specific organization of the 
central region of the cell revealed at higher resolution is similar 
to the dotted-stripy pattern observed in stationary phase 
(Fig. 4). The lines are frequently organized in arches charac- 
teristic of a cholesteric arrangement (8). This suggests that the 
DNA in the nucleoids of long-stationary-phase cells has a 
higher degree of order than in stationary-phase cells. The Fou- 
rier transform shows that the average interfilament distance 
corresponds to 4 nm (Fig. 4, inset), which is slightly shorter 
than in stationary-phase cells. 


DISCUSSION 


CEMOVIS revealed aspects of D. radiodurans structure 
which are not resolved by conventional electron microscopy 
embedding and sectioning techniques. For example, the peri- 
odic structure and hexagonal order of the S-layer of the cell 
envelope are directly seen in vitreous sections, whereas they 
were previously observed only on biochemically isolated 
S-layers or on freeze-etched cells (5, 37, 38). 

Another characteristic aspect of native D. radiodurans struc- 
ture is the dense spherical granules (electron-dense granules). 
Recent structural studies did not report electron-dense gran- 
ules (9, 29), although early freeze-etching studies described 
spherical structures reminiscent of electron-dense granules in 
their size and location (37). Thornley et al. also observed dense 
granules in resin sections on a few occasions, but their content 
was often lost during cutting (39). It seems, therefore, that 
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electron-dense granules do exist in D. radiodurans but they are 
optimally preserved only in frozen-hydrated material. 

Electron-dense granules are located in the central part of 
exponentially growing bacteria in the nucleoid region. This 
addresses a question about the possible chromatin nature of 
electron-dense granule. However, their high sensitivity to 
beam-induced bubbling suggests that they do not have a high 
nucleic acid concentration, since aromatic-rich materials are 
radiation resistant (11). Due to structural similarity, Thornley 
et al. (39) associated electron-dense granules with polyphos- 
phate granules observed in other species of bacteria. Phos- 
phate, in combination with proteins, would account for the 
high density and radiation sensitivity of the granules. The pre- 
cise composition of electron-dense granules, however, remains 
to be identified. 

CEMOVIS successfully revealed aspects of the molecular 
arrangement of DNA within D. radiodurans nucleoids. The 
diffuse coralline nucleoids of exponentially growing cells do 
not show any particular order. We attribute this to the high 
transcriptional and replication activity required for active 
growth. A local order first appears in stationary-phase cells in 
the form of bundles of locally parallel DNA filaments with an 
average interfilament distance of 4.8 nm. Upon prolonged star- 
vation the aspect of cholesteric liquid crystalline order is ob- 
served and the average interfilament distance shortens to 4.0 
nm. The gradual increase in the local order together with 
reduction of the interfilament distance suggests a liquid crys- 
talline organization of the D. radiodurans nucleoid. 

It is known that liquid crystalline phases of DNA spontane- 
ously assemble in vitro with increasing DNA concentration 
(26). In bacteria, the increased DNA concentration leading to 
liquid crystallization may result from accumulation of high- 
copy plasmids (34), but this is not the case for stationary-phase 
cells of D. radiodurans, in which DNA content per cell is lower 
than in exponentially growing cells (18). Since at stationary 
phase the nucleoid segregates to a compact round domain 
excluding ribosomes, the crowding of DNA can be originated 
by its redistribution into the confined part of the cell volume. 
This effect can be related to the fact that cholesteric liquid 
crystalline nucleoids were found in starving Escherichia coli 
lacking Dps, an abundant starvation-induced unspecific DNA 
binding protein (16). In contrast, wild-type E. coli and strains 
overexpressing Dps show nucleoid compaction by formation of 
DNA-Dps cocrystals with a specific structural appearance dif- 
ferent from that observed in D. radiodurans (15, 16). It can 
therefore be concluded that the segregation and compaction of 
the D. radiodurans nucleoid can be driven by a decrease of 
protein-DNA binding in the stationary phase. In addition, an 
unusually high concentration of Mn?* ions found in D. radio- 
durans (9, 28) can facilitate liquid crystalline compaction by 
compensating for repulsive forces between DNA molecules. 

A minority of cells in stationary-phase cultures of D. radio- 
durans have the typical morphology of exponentially growing 
cells. We attribute this morphological polymorphism to the 
presence of mutants gaining a growth advantage during the 
extended stationary phase (14). 

Nucleoid shapes that can be interpreted as rings have been 
found in only a few cases. This observation argues against the 
results of other researchers showing an abundance of ring-like 
nucleoids, which were considered DNA toroids (29). We sus- 
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FIG. 4. Nucleoid of long-stationary-phase cells shows the aspect of cholesteric arrangement: arches (dashed lines) formed by dots and lines 
(defocus, 1.6 wm). H, surface contamination with hexagonal ice. Inset: Fourier transform of the marked region. Scale bars: image, 100 nm; Fourier 


transform, (5 nm)’. 


pect that conventional studies have misinterpreted the dis- 
persed nucleoids as DNA toroids when the central electron- 
dense granule is lost during sample preparation and the 
resolution is insufficient to define the molecular arrangement. 
Our high-resolution analysis reveals that the DNA arrange- 
ment in nucleoids of D. radiodurans differs from toroidal 
DNA spooling both in actively growing and in stationary- 
phase cultures. 

Diffuse coralline nucleoids without a specific molecular or- 
der observed in exponentially growing D. radiodurans are sim- 
ilar to those of nonradioresistant bacteria (7, 19, 30). Never- 
theless, exponentially growing cells of D. radiodurans are 
known to tolerate 5,000 Gy (33). Stationary-phase cultures 
have a radioresistance approximately three times higher, but 
this increase already occurs at the beginning of the stationary- 
phase (24) and is therefore independent of the ordered ge- 
nome compaction which appears with the aging of the culture. 
This suggests that the arrangement of the nucleoid does not 
play a key role in the radioresistance of D. radiodurans. Even 
if it does, the mechanism must differ from the one proposed by 
Levin-Zaidman et al. (29), in which the dense toroidal package 
prevents separation of double-stranded DNA break ends, thus 
favoring efficient repair. 

We have found that the dense toroidal package probably 
does not exist in D. radiodurans. Furthermore, we observed 


that the ordered condensation of DNA, leading to cholesteric 
organization, always remains changing and dynamic. It might 
well be that the diffusibility of DNA fragments is reduced in 
liquid crystals but that is the nature of this type of order; they 
still remain mobile. This is confirmed by experiments in \ 
phage DNA cyclization in the presence of polyamines, which 
show that DNA ends remains mobile in most condensed liquid 
crystalline phases (22). The hypothesis that the liquid crystal- 
line order of DNA is not directly related to radioresistance is 
also supported by the fact that dinoflagellata, whose genome is 
normally in the form of cholesteric liquid crystal (35), are not 
unusually radioresistant. 

The fact that the segregation of the nucleoid from the ribo- 
some-rich cytoplasm is already complete at the early phase of 
DNA ordering suggests that nucleoid separation is the basic 
structural change accompanying the transition to the stationary 
phase. Therefore it could be relevant to the increase in radio- 
resistance at the beginning of stationary phase. This idea is 
supported by fact that the nucleoids of radiation-sensitive bac- 
teria remain coralline and dispersed at stationary phase (17, 
41), whereas the nucleoids of radioresistant bacterial species 
are more localized (41). We speculate that the segregation of 
nucleoids reduces the damage caused by free radicals gener- 
ated in the cytoplasm by radiation (17). 

The molecular arrangement of DNA revealed in the nucle- 


WHAT IS THE LAW OF TIME? 3D AND 4D TIME 


The Law of Time is a universal law and principle. It states that time is the 
factor that synchronizes everything in the universe. In other words we 
all move through our life and we sometimes experience ourselves as 
“having it together” and we sometimes experience ourselves as “not 
having it together.” When we are “together” everything is synchronized; 
this is when we are in “synch” with the Law of Time. This is natural law. 


As a purely fourth-dimensional construct, the synchronic order can be 
understood as being etheric, like a dream, or a highly structured element 
of the imaginal realm. This is not the same as molecular structures and 
dimensions of space that define the third dimension. 


The third dimension is coordinated by constructs of linear time, inclusive 
of constructs of duration. In fourth-dimensional time, constructs of duration 
have meaning only insomuch as they are coordinated by the harmonic codes 
of the synchronic order. We greatly limit our consciousness by strictly 
following linear constructs of time. 


The traditional Julian/Gregorian calendar is an example of a construct of 
duration in linear time. It corresponds to the duration of the cycle of the 
orbit of Earth around the sun. However, its patterns do not fully correspond 

to a harmonic order. This calendar has 52 weeks,a number that conforms 
to a harmonic frequency (7 x 52 = 364 = 13 x 28), but the order of the 
weeks do not conform to the number of days in each of the |2 months 
(months of 28, sometimes 29, 30 or 31 days). 


These irregularities of shifting order of days of the weeks and irregular 
order of days per month have long term effects on the mind once they 
are accepted as normal. On top of this the names of the months are 
irrational (September, the ninth month, means “7”, October, the tenth 
month means “8”, etc.). The subconscious and conscious minds register 
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oid of D. radiodurans cannot directly serve as a structural 
support for DNA repair. We believe that the unusual efficiency 
of the latter in D. radiodurans is more likely to have a physio- 
logical than a structural basis. Nevertheless, nucleoid segrega- 
tion at the stationary phase can be protective and requires 
further study. 
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DEINOCOCCUS RADIODURANS — 
THE CONSUMMATE SURVIVOR 





Michael M. Cox* and John R. Battista* 





In 1956, Anderson ef al.' isolated a novel vegetative 
bacterium from canned ground meat that had been 
y-irradiated at 4,000 Gray (Gy), a dose that is approx- 
imately 250 times higher than that typically used to 
kill Escherichia coli. The authors named this species 
Micrococcus radiodurans because of its superficial 
morphological similarity to members of the genus 
Micrococcus. However, research on M. radiodurans 
over the next 30 years resulted in reclassification of 
this species and its closest relatives into a distinct 
phylum within the domain Bacteria’. The genus 
name — Deinococcus — was based on the Greek 
adjective ‘deinos, which means strange or unusual’; 
an apt description for an organism with an ability to 
survive genetic damage that sets it apart from much 
of the life on Earth. 

Treatment of Deinococcus radiodurans with high 
levels of 1onizING RADIATION can produce hundreds 
of genomic double-strand breaks (TABLE 1), but the 
genome is reassembled accurately before initiation 
of the next cycle of cell division. The extraordinary 
capacity of Deinococcus spp. to reconstitute their 
genomes has inspired a small but growing commu- 
nity of researchers who are interested in the relevant 
mechanisms that are used to achieve this. In recent 
years, investigation of the biology and biochemistry of 
Deinococcus spp. has accelerated, catalysed by the avail- 
ability of genome information and the development 


Abstract | Relatively little is known about the biochemical basis of the capacity of Deinococcus 
radiodurans to endure the genetic insult that results from exposure to ionizing radiation and 
can include hundreds of DNA double-strand breaks. However, recent reports indicate that this 
species compensates for extensive DNA damage through adaptations that allow cells to avoid 
the potentially detrimental effects of DNA strand breaks. It seems that D. radiodurans uses 
mechanisms that limit DNA degradation and that restrict the diffusion of DNA fragments that 
are produced following irradiation, to preserve genetic integrity. These mechanisms also 
increase the efficiency of the DNA-repair proteins. 


of genetic tools. Evidence has accumulated for both 
passive and enzymatic contributions to genome res- 
titution (FIG. 1), which provides a framework for our 
discussion in this review. 


lonizing-radiation resistance 
Of all the phenotypes associated with prokaryotes, 
resistance to ionizing radiation is one of the most dif- 
ficult to rationalize in terms of natural selection. As 
there are no naturally occurring environments known 
that result in exposures exceeding 400 mGy per year’, 
it is unlikely that species evolved mechanisms to 
protect themselves against the effects of high-dose 
ionizing radiation per se. Instead, it seems that the 
damage introduced by y-irradiation shares features 
with the damage that results from other stresses to 
which bacteria have adapted. For example, desicca- 
tion introduces many DNA double-strand breaks into 
the genomes of D. radiodurans’® and members of the 
cyanobacterial genus Chroococcidiopsis''. Both organ- 
isms are tolerant to desiccation and are resistant to the 
potentially lethal effects of ionizing radiation, which 
might indicate that the radioresistance of these species 
is a fortuitous consequence of their ability to tolerate 
desiccation-induced strand breaks. 

TABLE 2 lists members of six bacterial phyla that are 
resistant to ionizing radiation. The Deinococcaceae 
are the best-known family on this list, and have been 
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Table 1 | Double-strand breaks formed in E. coli and D. radiodurans 


Species* Genomes DNAdouble-strand Average distance 
per cell breaks? at D,, between lesions 

Escherichia coliK12 4-5 8-9 530,000 bp 

Deinococcus 8-10 275 10,000 bp 


radiodurans R1 





*In each study, actively growing aerobic cultures were irradiated and the number of double-strand 
breaks determined using neutral sucrose-gradient centrifugation. *For D. radiodurans this is lesions 
per unit length of chromosome | (2.64 Mb). Chromosome | is used because it is the largest target 
within the cell. Calculations are based on a measured rate of 1 DNA double-strand break per 10 
Gray per 5x10° Da of double-stranded DNA. D,,, the dose at which 37% of the cells survive. 


lonizing radiation 








studied for five decades. Little has been learnt about the 
other bacterial species listed, other than their capacity to 
tolerate ionizing radiation. Draft genome sequences of 
Rubrobacter xylanophilus and Kineococcus radiotolerans 
have been released in the past year, but detailed analyses 
of these sequences have not yet been reported. 

There is no clear pattern of evolution among 
ionizing-radiation-resistant species (FIG. 2). The scat- 
tered appearance of ionizing-radiation resistance 
among distinct prokaryotic lineages indicates two 
possibilities. First, radioresistance could be a ves- 
tige of DNA-repair mechanisms that were present 
in ancestral species and have been retained in those 
organisms that continue to require this phenotype. 
This explanation assumes that the ancestor’s ability 
to cope with DNA damage has been lost by most 
descendents, and predicts that the molecular mecha- 
nisms of radioresistance should be similar among 
ionizing-radiation-resistant species. Second, given 
the infrequent occurrence of ionizing-radiation resist- 
ance, it is possible that this phenotype has arisen in 
unrelated species through horizontal gene transfer, or 
possibly convergent evolution. Much as birds and bats 
evolved wings despite distinct evolutionary origins, it 


DNA double- 
strand breaks 





Figure 1 | Potential contributions to the recovery from radiation damage in 
Deinococcus radiodurans. The schematic depicts a D. radiodurans tetracoccus. 

The nucleoid in each compartment is highly condensed and maintains its overall architecture 
after irradiation. High levels of Mni(Il) might contribute to the recovery from DNA damage. 

A wide range of enzymes probably also contribute to genome reconstitution. 


is possible that these diverse prokaryotic cells adapted 
differently to a similar selective pressure and that there 
might be multiple mechanisms of radioresistance. 
This latter possibility seems more probable, as fewer 
independent evolutionary events (the loss of resistance 
from each species being considered a separate event) 
would be required to generate the handful of known 
radioresistant species. 

Radiation resistance is not restricted to the domain 
Bacteria. Several HypERTHERMOPHILIC archaea (members 
of the Euryarchaeota and Crenarchaeota) show extreme 
ionizing-radiation resistance’*""’, in some cases (for 
example, Thermococcus gammatolerans) comparable 
to that of Deinococcus radiodurans". 


The Deinococcaceae 

The Deinococcaceae family comprises 11 validly 
described species — D. radiodurans, Deinococcus 
proteolyticus, Deinococcus radiopugnans, Deinococcus 
grandis, Deinococcus radiophilus, Deinococcus geo- 
thermalis, Deinococcus murrayi, Deinococcus indi- 
cus, Deinococcus frigens, Deinococcus saxicola and 
Deinococcus marmoris — all grouped in a single genus, 
Deinococcus'*'*. Deinococci do not form spores and 
are non-motile. Most species grow best in rich media 
at temperatures between 30 and 37°C, with a doubling 
time between 1.5 and 3 hours. However, D. geotherma- 
lis and D. murrayi are true thermophiles, with optimal 
growth temperatures of 45-55°C. With the exception 
of D. grandis, which is rod-shaped, all Deinococcus spe- 
cies are spherical cells that exist singly or as pairs and 
tetrads in liquid culture. 

To date, D. radiodurans has received more attention 
than the other deinococci. The genome of D. radiodurans 
strain Rl (ATCC BAA-816) has been sequenced?” and 
can be accessed at the TIGR Comprehensive Microbial 
Resource database (see Online links box). The D. radio- 
durans chromosome is 3.28 Mb, with a GC content of 
66.6%. There are nine types of short nucleotide repeats, 
ranging in size from 60 to 215 bp, found at 295 sites 
that are randomly scattered in the genome. The genome 
is segmented and consists of a 2.64-Mb chromosome 
(chromosome I), a 0.41-Mb chromosome (chromo- 
some II), a 0.18-Mb megaplasmid and a 0.045-Mb 
plasmid”. D. radiodurans has between 4 and 10 genome 
copies per cell, depending on the stage of the bacterial 
growth phase”. 

The y-irradiation survival curves of actively grow- 
ing cultures of D. radiodurans R1 have a shoulder 
of resistance up to 5,000 Gy, and until this dose is 
achieved there is no measurable loss of viability in the 
irradiated culture. Under these conditions, the D,, dose 
(BOx 1) for D. radiodurans R1 is approximately 6,500 
Gy. Assuming that there are eight genome copies per 
cell in these cultures, a 5,000-Gy dose will introduce 
approximately 1,600 double-strand breaks per cell. As 
this dose is sublethal, it can be inferred that potentially 
catastrophic deletions and genome rearrangements 
occur at low frequencies. Although there is no formal 
proof, it seems that the process of double-strand-break 
repair in D. radiodurans is error-free. 
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Table 2 | Species of ionizing-radiation-resistant bacteria 


Species Representative Phylum Refs 
D,, value* 

Methylobacterium 1,000 Gray a.-Proteobacteria 80,81 
radiotolerans 

Kocuria rosea 2,000 Gray Actinobacteria 4,8 
Acinetobacter radioresistens 2,000 Gray y-Proteobacteria 82 
Kineococcus radiotolerans 2,000 Gray Actinobacteria 83 
Hymenobacter actinosclerus 3,500 Gray Flexibacter-Cytophaga-— 84 

Bacteroides 

Chroococcidiopsis spp. 4,000 Gray Cyanobacteria 11 
Rubrobacter xylanophilus 5,500 Gray Actinobacteria 85 
Deinococcus radiodurans R1 10,000 Gray Deinococcus-Thermus 86 
Rubrobacter radiotolerans 11,000 Gray Actinobacteria 85 





*The D,, defines the dose that is needed to eradicate 90% of the irradiated population. The D,, 
values for a given species vary substantially depending on growth conditions. The values provided 
are for actively growing oxygenated cultures. 


TABLE 1 compares the number of double-strand 
DNA breaks that occur in the large chromosome of 
D. radiodurans R1 (REF. 25) and the E. coli K12 (REF. 26) 
genome at the D,, radiation dose. The difference is 
striking: compared with E. coli K12, D. radiodurans tol- 
erates approximately 30-fold more DNA double-strand 
breaks before succumbing to the damage. Clearly, 
D. radiodurans R1 cells have mechanisms to avoid the 
lethal effects of double-strand breaks that are absent 
in E. coli. 

Whatever the mechanisms that D. radiodurans uses, 
they do not prevent DNA damage. Recent evidence 
from two groups of researchers has shown that meas- 
urable double-strand breaks form at the same rate in 
E. coliand D. radiodurans if cultures are irradiated under 
identical conditions?”*, which makes the existence of a 


mechanism that blocks the formation of strand breaks 
in the D. radiodurans genome unlikely. In contrast 
to most other cells, D. radiodurans has the ability to 
efficiently and accurately repair that damage. 

The observation that D. radiodurans cannot pas- 
sively prevent DNA damage does not rule out the 
possibility that other passive mechanisms contribute 
to the capacity of the cell to tolerate DNA damage. 
Experimental evidence indicates that the recovery of 
D. radiodurans from substantial DNA damage relies on 
both passive features of deinococcal physiology and a 
robust complement of repair enzymes. There are sev- 
eral mechanisms that have the potential to contribute 
to ionizing-radiation resistance. For example, there is 
a clear requirement for RecA-dependent homologous 
recombination — this process has been examined and 
reviewed extensively”**. 

In this review, we do not attempt to attribute the 
contribution to recovery from DNA damage that is 
made by each different mechanism, and the reader 
should bear in mind that new recovery mechanisms 
might still await discovery. 


Passive contributions to radioresistance 

Genome copy number. Cells with increased numbers 
of genome copies have enhanced resistance to ioniz- 
ing radiation’. The extra genetic material is thought 
to protect the cell in two ways. First, when multiple 
genomes are present, there are additional copies of cru- 
cial loci that improve the chance of the cell surviving 
irradiation. The probability of inactivating a specific 
gene in an organism is given by P=1-(1-1/M)! (where 
M is the total number of genes present, and L is the 
number of inactivating lesions per genome). For a spe- 
cific dose of radiation, the probability of inactivating all 
the copies of a specific gene is equivalent to PX, where 
N is the number of gene copies present (assuming that 
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Deinococcus radiodurans 
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HYPERTHERMOPHILIC Figure 2 | A 16S-rRNA-gene-sequence-based phylogeny of the main lineages of the domain Bacteria. The branches in 
Organisms that have an optimal red are those in which ionizing-radiation-resistant taxa have been described. The scale bar represents 10 inferred nucleotide 
growth temperature above 80°C. substitutions per 100 nucleotides. 
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Box 1 | High-energy radiation and its effect on DNA 





Ionizing radiation is radiation with sufficient energy to ionize molecules. There are two types of ionizing radiation, 
both produced by the decay of radioactive elements: electromagnetic (X- and y-radiation that form part of the 
electromagnetic spectrum that includes visible light and radio waves) and particulate (a.- and B-particles). Different 
types of ionizing radiation deposit energy in matter at different rates. «- and B-particles produce ionization by 
collisions, depositing their energy within a short range after entering matter. y-rays are photons that generate ions by 
several types of energy-absorption events (most commonly by the Compton effect, an increase in the wavelength of 
electromagnetic radiation when it collides with electrons in matter, see the figure) and can penetrate deeply into a 
cell or tissue. Ion production is accompanied by the release of energetic electrons (see the figure), and multiple ions 
and electrons can be generated in one event. The figure shows the tracks of three different types of ionizing 
radiation. Small dots indicate energy deposition events. The inset depicts the ejection of an electron from an atom to 
generate an ion, mediated by an encounter with a y-ray photon. The y-ray transfers part of its energy to a valance 
electron, which is thereby ejected from the nucleus to create an ion. The scattered y-ray can undergo additional 
Compton effects within the matter. 

Ions react with other molecules to produce free radicals on a nanosecond timescale. In water, the products include 
highly reactive hydroxyl radicals. Typically, each energy deposition event can generate 2-5 radical pairs within a 
radius of a few nm. 

The energy deposited (the dose absorbed by the cell, tissue or other matter) is measured in rads or in Gray 
(SI measurement; 100 rad = 1 Gray). The radioresistance of microorganisms is compared by measurement of the D,, 
dose (the dose at which 37% of the cells survive). At the D,_ dose, each cell on average has experienced a lethal event 
(those that survive are balanced by other cells with two or more lethal events). 

The ions and free radicals produced as radiation passes through matter react rapidly and modify molecules. Of all the 
effects, genome damage probably has the greatest impact on cell viability. The reasons for this are threefold. First, 
genomic DNA occupies the largest fraction of the cell volume, and will therefore be ‘hit’ most often. Second, the genome 
is present in lower copy numbers than other molecules — there is little redundancy. Third, and most importantly, the 
genome regulates all cellular functions, so loss of any portion is catastrophic for a single-celled organism. 

Ionizing radiation generates multiple types of DNA damage. As much of the damage results from the action of 
hydroxyl radicals, the spectrum of damage is similar to that produced by oxidative damage associated with 
endogenous aerobic metabolism. In DNA, the nucleobase is most often modified, and many dozens of different 
structural modifications to the bases have been characterized. However, 10-20% of the time the sugar-phosphate 
moiety is affected, which can lead to a single-strand break. The 5’ and 3’ ends at these breaks are usually 
phosphorylated, indicating that one or more nucleotides have been excised at the break site. The 3’ ends sometimes 
include a glycolate moiety derived from fragmentation of the deoxyribose. 

Most of the lesions are accurately repaired by robust DNA-repair systems present in all cells, but double-strand 
breaks are the most difficult to repair, and therefore the most lethal. They can arise when single-strand breaks occur 
by chance in close proximity on opposite strands, when a cluster of hydroxyl radicals introduce strand breaks in both 
strands at one location, or when the cell attempts to enzymatically excise damaged bases present in close proximity 
on both strands. Double-strand breaks can result in significant loss of genetic information and, if not repaired, will 
prevent replication of the prokaryotic genome. How an organism deals with double-strand breaks lies at the heart of 
that organism’s capacity to survive radiation exposure. 








High linear energy transfer 








Low linear energy transfer 


there is one copy of each gene on each genome copy, 
N is equal to the number of genome copies). If 100 
inactivating lesions are randomly introduced into 
a single copy of the D. radiodurans genome (2,897 
genes), the probability of inactivating any specific 
gene on that genome copy is 3.4%. The probability of 
inactivating all the copies of the same gene is reduced 
to 0.12% when two genomes are present, and to 0.004% 
when there are three genomes. 


Redundant genetic information also functions as 
a reserve that can be used to repair DNA segments 
that are damaged (or degraded) beyond repair. In 
E. coli K12, repair of DNA double-strand breaks only 
occurs during the exponential growth phase in rich 
media, when cells contain multiple chromosomes”®, 
and diploid and tetraploid yeast are more resistant to 
ionizing radiation than isogenic haploid strains”. It has 
been hypothesized that genetic redundancy contributes 
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Figure 3 | A tetrad of Deinococcus radiodurans. An 
epifluorescence image of stationary-phase D. radiodurans R1. 
DNA is stained with DAPI and appears blue in the figure; the 
membrane is stained with the dye FM4-64 and appears red. 





to the radioresistance of Deinococcus spp., although 
this idea has not been tested. The number of genome 
copies in D. radiodurans has never been reported to 
be less than four, and cells have the same survival rate 
whether they contain four or ten genome copies”. The 
contribution of genome redundancy to radioresistance 
in D. radiodurans (relative to other mechanisms) is 
unclear. Many bacteria contain more than one genome 
copy, particularly during exponential growth. For 
example, E. coli contains between five and 18 genome 
equivalents during exponential-phase growth**, and 
Azotobacter vinelandii can accumulate more than 100 
genome copies”. Neither species is radioresistant, so 
genetic redundancy alone does not account for radio- 
resistance. Nevertheless, repair of DNA double-strand 
breaks by recombination requires the presence of more 
than one genome”, so it seems probable that genome 
redundancy is necessary for genome repair. 


Nucleoid organization. The nucleoids of stationary- 
phase D. radiodurans cells (FIG. 3) are arranged as a 
tightly structured ring*’ that remains unaltered by 
high-dose irradiation*'. Minsky and colleagues” have 
suggested that this structure passively contributes to 
D. radiodurans radioresistance by preventing the frag- 
ments that are formed by double-strand breaks from 
diffusing apart during repair, which maintains the 
linear continuity of the genome even when it is frag- 
mented. Although intellectually appealing, this hypo- 
thesis is controversial and has been criticized because 
the prevalence of ring-like nucleoids under different 
growth conditions does not always correlate with 
ionizing-radiation resistance’””*'. A recent examina- 
tion of the nucleoids of members of the radioresistant 
genera Deinococcus and Rubrobacter revealed a high 
degree of genome condensation — regardless of nucle- 
oid shape — relative to the more radiosensitive species 
E. coli and Thermus aquaticus*', which could indicate 
that species with a condensed genome might be better 
protected from ionizing radiation. 


Manganese content. Daly and colleagues examined 
the effects of the high concentrations of Mn(II) that 
can accumulate in D. radiodurans” on the capacity 
of these cells to survive irradiation. When D. radio- 
durans cultures are starved of Mn(II), their resist- 
ance to ionizing radiation decreases”. The numbers 
of DNA double-strand breaks formed are the same 
for a specific dose of ionizing radiation both in the 
presence or absence of Mn(II), so Mn(II) does not 
prevent DNA damage”. Instead, cellular damage that 
results from exposure to high radiation doses is better 
tolerated if Mn(I1) is present. 

Most DNA damage that occurs after exposure to 
ionizing radiation results from the generation of reac- 
tive oxygen species (ROS) and the hydrolytic cleavage 
of water. Intracellular Mn(IJ) can be protective by 
scavenging ROS. For example, Lactobacillus plantarum 
lacks the protective enzyme superoxide dismutase, 
and instead substitutes with intracellular Mn(II) con- 
centrations of 20-25 mM***. As the levels of double- 
strand breaks in D. radiodurans seem to be unaffected 
by Mn(II), any scavenging of ROS must protect macro- 
molecules other than DNA. Daly et al.’”** have pro- 
posed that Mn(II) accumulation prevents superoxide 
and related ROS that are produced during irradiation 
from damaging proteins. If this is the case, bacteria 
that do not accumulate sufficient Mn(II) might suc- 
cumb to ionizing-radiation-induced protein damage 
before DNA is significantly damaged™. 

Alternatively, the increased Mn(II) concentration 
could contribute to the condensation of the D. radio- 
durans genome*’, DNA can be condensed in vitro by 
adding multivalent cations to an aqueous solution of 
DNA — the cations neutralize the repulsion of phos- 
phate groups in the DNA backbone“. In this way, the 
proposals of Daly””“ and Minsky*’* could be related 
and have similar positive consequences in the context 
of genome reconstitution. 


Regulation of cellular responses to extensive radiation 
damage. When D. radiodurans is exposed to ionizing 
radiation, a well characterized sequence of physio- 
logical events take place, including rapid cessation 
of DNA replication. At sublethal doses, the duration 
of the replication delay always exceeds the time that is 
required to repair the DNA damage that caused inhi- 
bition of replication’”’. The capacity to inhibit DNA 
replication is not unlike the DNA-damage checkpoints 
of eukaryotes — mechanisms that sense DNA damage 
and initiate a delay in the cell cycle until the damage is 
repaired’. However, the existence of a DNA-damage 
checkpoint operating in D. radiodurans has not been 
formally established. 


Potential enzymatic contributions to repair 

Ultimately, DNA strand breaks must be enzymatically 
repaired, and Deinococcus spp. can use novel repair 
processes. In 1996, Daly and Minton provided evidence 
for a genome-repair process that involved a temporal 
progression through at least two distinct stages*’. 
Substantial chromosome repair occurs during the first 
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EPISTASIS GROUP 

This occurs when two or more 
genes control a phenotype. The 
combined effect of mutations in 
these genes on a phenotype 
deviates from the sum of their 
individual effects. 





Table 3 | Selected Deinococcus radiodurans proteins with putative functions in DNA repair 





Protein Region of homology 
Ligase (DnlJ) |11-669/671 Escherichia coli, 
29-681/708 D. radiodurans 
PolA 5-924/928 E. coli, 
43-952/965 D. radiodurans 
PriA 202-729/731 E. coli, 
404-922/924 D. radiodurans 
RecA 4-324/353 E. coli, 
16-336/362 D. radiodurans 
RecD 30-598/609 E. coli, 
218-705/716 D. radiodurans 
RecF 3-330/358 E. coli, 
6-326/360 D. radiodurans 
RecG 6-693/694 E. coli, 
107-777/785 D. radiodurans 
RecJ 68-570/579 E. coli, 
3-461/685 D. radiodurans 
RecN 2-553/553 E. coli, 
34-564/564 D. radiodurans 
RecO 7-157/242 E. coli, 
10-159/224 D. radiodurans 
RecQ 9-600/608 E. coli, 8-605/824 
D. radiodurans; 557-605/608 E. coli, 
680-728/824 D. radiodurans; 
549-606/608 E. coli, 768-825/824 
D. radiodurans 
RecR 1-199/202 E. coli, 
1-196/220 D. radiodurans 
RuvA 1-199/203 E. coli, 
1-197/201 D. radiodurans 
RuvB 13-332/337 E. coli, 
2-321/333 D. radiodurans 
RuvC 4-168/174 E. coli, 
3-166/179 D. radiodurans 
SbcC 27-1082/1049 E. coli, 
22-896/909 D. radiodurans 
SbcD 1-293/400 E. coli, 
24-319/417 D. radiodurans 





% identity % similarity Comments 

42 57 - 

35 49 - 

26 42 - 

or 72 - 

27 40 N-terminal extension in 
D. radiodurans 

28 43 - 

39 53 N-terminal extension in 
D. radiodurans 

34 ‘oil C-terminal extension in 
D. radiodurans 

31 49 - 

18 34 Low homology; required 
PSI-BLAST 

46, 36, 33 63, 64, 59 HRDC domain repeated 
three times in 
D. radiodurans 

42 \6) C-terminal extension in 
D. radiodurans 

33 49 - 

56 15 A second orthologue with 
weaker similarity is present 

33 51 - 

21 35 - 

28 46 C-terminal changes 





For each protein, the region of homology is indicated as residue numbers, followed by the total number of residues in the protein. 
The gene for the single-stranded-DNA-binding protein (SSB) is described in the text. No homology found for DnaC, Dna’, PriB, PriC, 


RecB, RecC, RecE, RecT or SbcB. 


1.5 hours after D. radiodurans is treated with a high 
dose of ionizing radiation, through RecA-independent 
repair processes. Almost one-third of the double-strand 
breaks were repaired in this phase. RecA-dependent 
recombinational DNA repair becomes important sev- 
eral hours after irradiation, and predominates in the 
later stages of genome reconstitution*'. Proteins that 
are known to be potentially important in genome- 
repair processes are listed in TABLE 3. 

A search for novel genes that are induced in 
response to ionizing radiation and desiccation, using 
genome-based microarrays, provided new evidence for 
both RecA-independent and RecA-dependent path- 
ways of double-strand-break repair*'. In exponentially 
growing cells, 72 genes are induced three-fold or more 
after y-irradiation. Seventy-three loci were induced 


during recovery from extended desiccation, and 33 of 
these genes were also induced following irradiation. 
The five genes most highly induced in response to 
both stresses were identical and encode proteins of 
unknown function. Inactivation of these loci — ddrA, 
ddrB, ddrC, ddrD and pprA — produces phenotypes 
that are relevant for genome repair. Genetic analyses 
defined three xpistasis Groups that affect ionizing- 
radiation resistance, and established that two of the 
loci (ddrA and ddrB) contribute to radioresistance 
through different RecA-independent processes. 
The pprA and recA loci form a third epistasis group, 
indicating that the pprA gene product interacts with 
RecA. Identification of these novel loci indicates that 
there are new mechanisms with an important role in 
genome repair of D. radiodurans post-irradiation. 
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Figure 4 | Synthesis-dependent strand annealing. A mechanism of error-free double-strand- 
break repair that is initiated by creating 3’ overhangs from the ends of the broken DNA duplex 
(green in the figure). One of these 3’ ends invades a homologous region on an undamaged 


sister duplex (blue in the figure) 


, priming DNA synthesis and creating a D-loop that acts as a 


template or DNA synthesis primed by the other 3’ end. If displaced, the newly synthesized DNA 
can anneal, closing the double-strand break. Newly synthesized DNA is coloured red. 








NON-HOMOLOGOUS END 
JOINING 

One of several pathways that 
can be used to repair 
chromosomal double-strand 
DNA breaks. The process is 
non-homologous because 
adjacent broken strands are 
fused by direct end-to-end 
contact without regard to 
sequence homology. Therefore, 
non-homologous end joining is 
error-prone because it results in 
joining of the breaks without a 
template. 


DNA end protection. The ddrA locus was the first 
of the five new genes to be characterized*. Deletion 
of ddrA function results in a modest increase in radia- 
tion sensitivity in cells grown in rich media. However, 
when cells are irradiated and then starved, deletion of 
ddrA results in a 100-fold loss of viability over 5 days 
compared with wild-type cells. The loss in viability 
of the ddrA mutant is accompanied by a dramatic 
decrease in genomic DNA content by nucleolytic 
degradation. The DdrA protein binds to the 3’ ends 
of single-stranded DNA in vitro and protects them 
from nucleolytic degradation”. 

DdrA seems to function as a DNA-end-protection 
system. As double-strand breaks occur, DdrA (and per- 
haps other proteins) binds to the exposed DNA ends 
and prevents nuclease digestion of the chromosomal 
DNA. This strategy is particularly useful in the genome 
repair that occurs after desiccation. DNA repair uses a 
lot of metabolic energy, but cells recovering after desic- 
cation in an environment that lacks nutrients would not 
have the opportunity to repair DNA damage. As DNA 
strand breaks occur, nuclease action could degrade 
genomic DNA. By protecting the broken DNA ends, 
cells could preserve genomic DNA until conditions 
become suitable for cell growth and DNA repair. 


Bioinformatics initially failed to identify any DdrA 
homologues, but further bioinformatics investiga- 
tion revealed that DdrA was distantly related to the 
eukaryotic Rad52 protein and to the prokaroytic Red, 
Erf and RecT proteins’, so additional functions for 
DdrA have not been ruled out. 


RecA-independent double-strand-break repair. Both 
NON-HOMOLOGOUS END JOINING (NHEJ) and single-strand 
annealing (SSA) pathways have been hypothesized to 
function in D. radiodurans. Minsky and colleagues” 
suggested that NHEJ would be a useful process for 
the repair of double-strand breaks in the context of 
a condensed chromosome, in which ends might not 
be free to diffuse away from each other. An NHEJ 
system has been identified in Bacillus subtilis™ and is 
probably present in other bacteria. Two other labo- 
ratories also recently suggested that NHEJ occurs in 
D. radiodurans****. PprA and PolX are two proteins 
with predicted activities that are consistent with the 
existence of NHEJ***. However, classical NHEJ sys- 
tems are generally error-prone” and seem unsuited 
to the accurate genome repair that is observed in 
Deinococcus spp. Patterns of recombination between 
plasmids and the re-circularization of integrated plas- 
mids in irradiated Deinococcus cells are not consistent 
with NHEJ". 

Plasmid repair and re-circularization of genome- 
integrated plasmids during the RecA-independent 
phase of DNA double-strand-break repair in 
D. radiodurans is dependent on homology, indicat- 
ing that SSA might have a role*’. Recent research has 
suggested a compelling model for genome restitu- 
tion in this species, in which the related but more 
efficient process called synthesis-dependent single- 
strand annealing (SDSA) plays a necessary part 
(M. Radman, personal communication). It provides 
evidence that D. radiodurans R1 uses SDSA as a first 
step in genome re-assembly. During SDSA, the 3’ end 
of a strand derived from a DNA double-strand break 
invades the homologous region of a sister duplex 
(FIG. 4). The invading 3’ end is used to prime DNA 
synthesis, unwinding the sister duplex and enlarging 
the D-loop. The displaced strand in the undamaged 
complex anneals to the remaining free 3’ end cre- 
ated by the double-strand break. As each 3’ end 
primes complementary DNA synthesis, the result- 
ing newly synthesized strands can anneal, sealing 
the breach in the damaged duplex in an error-free 
manner. This work shows that all RecA-independent 
genome assembly requires extensive polA-dependent 
DNA synthesis, and that the pattern of nucleotide 
incorporation, as measured by density labelling 
post-irradiation, indicates a distributive mode of 
replication that is consistent with SDSA. The amount 
of newly synthesized DNA recorded during this 
phase of post-irradiation recovery indicates that the 
tails are longer than expected based on precedent in 
other species that exhibit SDSA. The authors suggest 
that the long tails assure precise annealing, ensuring 
an error-free recovery. 
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Figure 5 | Inverse DNA-strand exchange promoted by the Deinococcus radiodurans 
RecA protein. Instead of forming a filament on single-stranded DNA and then reacting with a 
homologous duplex, strand exchange is initiated by a filament formed on duplex DNA. 





At least one additional RecA-independent path- 
way mediated by the DdrB protein is present in 
D. radiodurans*. Although DdrB has not yet been char- 
acterized in vitro, deletion of ddrA and ddrB produces 
a mutant that is significantly more sensitive to ionizing 
radiation than either ddrA or ddrB mutants, indicating 


that DdrA and DdrB have complementary activities. 


Recombinational DNA repair. Any ends that lack 
overlapping sequence or other means to guide accurate 
repair require recombinational repair using redundant 
genome information. Studies of the roles of the clas- 
sical proteins involved in bacterial recombinational 
DNA repair in D. radiodurans have been initiated 
(TABLE 3), including studies of recombinase A (RecA), 
single-strand-binding protein (SSB), recombinase D 
(RecD), DNA polymerase I, recombinase R (RecR) 


and recombinase O (RecO). 


The D. radiodurans RecA protein (361 amino acids, 
M, 38,013) is 57% identical (72% similar) to the E. coli 
RecA protein (352 amino acids, M. 37,842). In vitro, the 
protein promotes all of the key recombinogenic activities 
of RecA-class recombinases. It forms filaments on DNA, 
hydrolyses ATP and dATP in a DNA-dependent fashion 
and promotes DNA-strand exchange**. However, the 
D. radiodurans RecA protein has one distinct function. 
The DNA strand-exchange reactions of the E. coli RecA 
protein, and all other homologues examined to date, are 
ordered so that the single-stranded DNA is generally 
bound first, before the double-stranded DNA is bound. 
This order of DNA binding makes sense from a biologi- 
cal standpoint, as the RecA protein must be targeted to 
single-strand gaps at stalled replication forks and other 
damaged DNA sites. By contrast, the D. radiodurans 
RecA protein promotes an obligate inverse DNA- 
strand-exchange reaction”, binding the duplex DNA 
first and the homologous single-stranded DNA sub- 
strate second (FIG. 5). It is probable that this reaction 
pathway reflects the function of D. radiodurans RecA 
in double-strand-break repair, although its significance 


is not yet clear. 


Based on the properties of an E142K mutant of 
D. radiodurans RecA (also known as RecA424), Satoh 
et al. suggested that the effect of D. radiodurans RecA 
on double-strand-break repair primarily reflected a 
regulatory rather than a recombination function. The 
mutant protein does not complement the null pheno- 
type ofa recA knockout in E. coli, but does have residual 
regulatory functions associated with RecA. Strains har- 
bouring the E142K mutation seem to retain resistance 
to y-irradiation. However, the E142K mutation does 
retain significant DNA-strand-exchange activity in some 
assays, and more work is needed to define the function of 
RecA in D. radiodurans. Assuming that D. radiodurans 
must locate and splice together overlapping segments of 
its chromosomes to reconstruct a functional genome, 
a DNA-pairing activity such as that provided by RecA 
would be at the centre of such a process. 

The ssb gene in D. radiodurans was originally 
annotated as a tripartite gene, with two frameshifts 
required to form a functional open reading frame 
(ORF) for translation””*'°. However, this locus seems 
to be specific to the D. radiodurans R1 strain that was 
sequenced (ATCC BAA-816), as it differs substantially 
from that of the D. radiodurans R1 type strain (ATCC 
13939). In the type strain, the ssb locus is a single 
continuous ORF that encodes the largest bacterial 
SSB polypeptide identified to date. It has two oligo- 
nucleotide/oligosaccharide-binding (OB) folds rather 
than the one present in most bacterial SSB proteins, 
and it functions as a dimer rather than a tetramer™. 
The gene is highly homologous to ssb genes found in 
Thermus species, to which D. radiodurans is closely 
related. The D. radiodurans SSB protein is efficient at 
stimulating the DNA-strand exchange that is promoted 
by RecA proteins from both E. coli and D. radiodurans, 
being more active than the E. coli SSB in both cases. 
The atomic structure of D. radiodurans SSB has been 
solved®. This protein could be important in chromo- 
some repair. The concentration of the D. radiodurans 
SSB is an order of magnitude higher than the normal 
in vivo levels of the SSB protein in E. coli. 

Less is known about other classical repair proteins in 
D. radiodurans. In the absence of a recB or recC gene, the 
recD gene product has been characterized. The D. radio- 
durans RecD protein has a 5’ to 3’ helicase activity, in 
common with the RecD subunit of the E. coli RecBCD 
enzyme. It can unwind short (20 bp) duplexes if a 
5’ single-strand tail is adjacent. The atomic structure 
of the D. radiodurans RecO protein has been solved”, 
but nothing is known about its function. Similarly, the 
structure of the Deinococcus RecR protein has been 
determined. 

Narumi and colleagues have shown that purified 
PprA protein can bind to duplex DNA with strand 
breaks in vitro, protect the strands from nuclease 
digestion and facilitate the ligation of duplex DNA 
fragments”. They speculate that PprA is part of a deino- 
coccal NHEJ system, although this role seems incon- 
sistent with the absence of mutations observed after 
irradiation in this species. As with most D. radiodurans 
proteins, PprA characterization is at an early stage. 
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these irregularities as “normal”, and consequently the society becomes 
unconsciously locked into self-defeating patterns of irresolvable irregularity 
and irrationality. 


Add this calendar to the mechanical 60-minute clock and it creates an artificial 
timing program: 12:60 (12 months, 60 minutes). Living in artificial time 
disconnects us both as a species and individually from our true nature. 


The 13:20 frequency is a bridge to assist our emergence from the dense 
space of consciousness to the magnificent simplicity and magic of natural 
time. The 13 Moon/28-day calendar is a cosmic mechanism that creates a 
frequency which matches the solar frequency. The 13:28 frequency locks 
in perfectly with the 13:20 frequency to create a 52-year solar galactic 
loop, which is the measure of Sirius B in its orbit around Sirius A. The 
beginning date, July 26, corresponds to the heliacal rising of Sirius. 


Keep in mind that the 365-day matrix and the 260-day matrix are the two 
main programs you are tracking simultaneously. Note: The 260-kin (day) 
cycle correlated with the 365-day cycle of the 13 Moon calendar creates 
a cycle of 18,980 days or 52 years during which no two days repeat. This 
is called the Solar-Galactic Cycle. 


SHIFTING FREQUENCY 


Our frequency can be changed through the re-patterning that comes from 
using the 13 Moon/28-day calendar and the synchronic order. Learning 
the synchronic codes gives our present center of consciousness a new 
and constructive context to view events in our life and on the planet. 
Many memories are based on faulty perceptions due to living in an artificial 
timespace matrix. It is important to see the underlying synchronic web 
that weaves our lives and all life in the universe. In time, the energy of the 
vitalized harmonic focus of the synchronic order displaces the anomalies 
of the conditioned past. The synchronic order is a matrix of living 
intelligence; it is a fourth-dimensional order of reality based on the Law 
of Time. Welcome to the New Time! 
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Figure 6 | A proposed mechanism that might contribute to the tolerance of 
radiation damage in Deinococcus radiodurans. Potential double-strand breaks (DSBs) 
are constrained, held together by proteins and/or their local environment, so that many 
breaks scored as DSBs in in vitro assays are cryptic in the cell. IR, ionizing radiation; 

eOH, hydroxyl radical. 





A new proposal for radiation tolerance 

To the list above, we add one more mechanism, which 
is a new proposal (FIG. 6). It is particularly difficult to 
explain the accurate repair of the hundreds of scattered 
repeat elements in the D. radiodurans genome” 
after the introduction of hundreds of double-strand 
breaks. How does D. radiodurans avoid the potentially 
disruptive recombination events that could occur 
between these repeated elements to maintain the con- 
tinuity of its genome? We speculate that D. radiodurans 
uses a strategy that potentially combines elements of 
many of the systems described in this review to avoid 
this problem — including the condensed nucleoid 
structure first highlighted by Minsky** and the high 
concentrations of Mn(II) ions discussed by Daly*”* 
— thereby improving the cell’s capacity to tolerate 
ionizing radiation. 

Many DNA double-strand breaks arise from the 
juxtaposition of two single-strand breaks that form 
as a function of the distance in base pairs between 
these breaks (Box 1). In general, the further apart the 
single-strand breaks, the less likely it is that the DNA 
ends will separate to form a double-strand break. We 
suggest that a significant contribution to the observed 
tolerance of ionizing radiation in D. radiodurans could 
arise if many of the measured double-strand breaks 
that occur are cryptic in vivo. In other words, some 
fraction of the measured double-strand breaks could 
actually be held together so that the separation of the 
DNA ends never really occurs in the cell. This pro- 
posal assumes that the organism has a mechanism to 
stabilize opposed breaks, constraining the intervening 
base pairs so that actual separation of the two DNA 
ends does not occur. This idea is distinct from pro- 
posals*** in which the ends separate and are repaired 
by NHEJ. The cryptic breaks we propose would be 


scored as double-strand breaks during the processing 
and analysis of genomic DNA because the conditions 
necessary to stabilize the paired single-strand breaks 
are lost when the cell is disrupted. However, in situ the 
DNA strands are not separated. Unlike classical NHE], 
repair of these cryptic breaks would be effectively tem- 
plated, as genomic continuity would never be lost. 

This proposal envisions a specialized system oper- 
ating in the condensed chromosome that prevents the 
formation of double-strand breaks at those sites where 
some base pairing is present. Opposed single-strand 
breaks would be repaired using a set of enzymes that 
could deal with the close proximity of the breaks in 
opposing strands without affecting this base pairing. 
By this mechanism, the linear continuity of the gnome 
sequence, including regions rich in short nucleotide 
repeats, would be preserved at many potential sites of 
double-strand breaks in a manner that is error-free. 
Experimentally, this process would be indistinguish- 
able from a non-mutagenic type of NHEJ. If such a 
system exists, the repair would be accurate and RecA- 
independent, passively reducing the cell’s dependence 
on recombinational DNA repair and the accompanying 
homology search at any break site that is stabilized in 
this manner. 

Examples from the literature indicate that the cell 
might use two alternative, but not mutually exclu- 
sive, mechanisms to stabilize base pairing between 
opposed single-strand breaks. First, D. radiodurans 
might encode proteins that hold the DNA together. 
Second, the intracellular ionic composition could 
be sufficient to physically limit dissociation of DNA 
base pairs. If proteins are responsible, we assume that 
they will be functionally analogous to the structural- 
maintenance-of-chromosomes (SMC) proteins that 
are present in many eukaryotic and prokaryotic spe- 
cies”. In eukaryotes, these proteins are referred to 
as cohesins and condensins, and the significance of 
their role in genome stabilization and DNA repair is 
becoming apparent”. The stability of annealed comple- 
mentary DNA is dependent on the ionic strength of the 
medium in which the DNA is dissolved, and increased 
intracellular Mn(II) concentrations”’ might help to 
hold DNA that contains several single-strand breaks 
together. Freifelder and Trumbo” have shown that 
high-ionic-strength media stabilize opposed breaks 
separated by as little as two base pairs 

A system for the repair of cryptic double-strand 
breaks might exist in many organisms. Conceptually, 
the damage that is caused by high-dose ionizing 
radiation is similar to the damage that would occur 
if a type II restriction enzyme was expressed in vivo. 
A large number of opposed single-strand breaks 
would be formed and would produce double-strand 
breaks unless stabilized. In yeast, the prolonged 
expression of EcoRI produces thousands of breaks 
but results in a surprisingly modest (2-3 fold) loss of 
viability”. Similarly, prolonged artificial expression 
of the yeast mating-type-specific HO endonuclease 
results in only a 35% loss of viability” in strains that 
have four HO-sensitive chromosomal loci. Survival 
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in these strains does not depend on homologous- 
recombination systems. Lethal fragmentation of 
chromosomes only occurs in cells that have defective 
NHE)J or checkpoint-control systems. Even E. coli 
cells are surprisingly resistant to EcoRI-mediated 
chromosomal cleavage as long as the appropriate 
DNA ligases are not inactivated”. Once the cryptic 
breaks are repaired, breaks where the ends have sepa- 
rated could be repaired by additional processes such 
as SSA and recombinational DNA repair. 


Conclusion 

The extraordinary phenotypes of D. radiodurans 
have encouraged a host of rather fanciful descrip- 
tions of the origin of this organism. Stories of the 
arrival of this species on earth on a comet, or arising 
through mutations owing to mankind’s attempts to 
harness nuclear power, are readily available on the 
internet (See Online links box). These ideas are likely 
to flourish until this remarkable organism is better 
understood. D. radiodurans has a readily documented 
evolutionary origin within the domain Bacteria. It is 
clearly related to the rest of life on this planet, carrying 
out all of the fundamental processes that have been 
characterized in prokaryotes. 


Our interpretation of the literature published to 
date on the Deinococcaceae suggests no extraordinary 
survival strategies, or at least no single ‘magic bullet’ 
that provides a complete explanation for the phenom- 
enon. Instead, enhanced radioresistance seems to be 
the consequence of an evolutionary process that has 
coordinated various passive and active mechanisms, 
enabling survival from stresses such as desiccation. 
The almost ubiquitous classical DNA-repair pathways, 
perhaps with some specialized properties, seem to be 
augmented by novel features of deinococcal nucleoid 
structure and metabolism. It is currently difficult to 
predict which mechanism(s) will be most important in 
radioresistance, or even whether all of the contributing 
mechanisms have been discovered. Each of the many 
enhancements could individually have a modest effect, 
but collectively they mediate radioresistance. These 
changes need not be unique to D. radiodurans, but 
might be present in other organisms. 

Therefore, the capacity of the deinococci to deal with 
stresses that cause massive genetic damage might not be 
as strange or as unusual as it once seemed. The combi- 
nation of repair strategies is sophisticated and effective, 
but the individual strategies delineated so far are based 
on mechanisms present in many other organisms. 
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Symmetry and its spontaneous breaking is a central 
theme in modern physics. Perhaps no symmetry is more 
fundamental than time-translation symmetry, since time- 
translation symmetry underlies both the reproducibility of 
experience and, within the standard dynamical frame- 
works, the conservation of energy. So it is natural to con- 
sider the question, whether time-translation symmetry 
might be spontaneously broken in a closed quantum- 
mechanical system. That is the question we will consider, 
and answer affirmatively, here. 

Here we are considering the possibility of time crystals, 
analogous to ordinary crystals in space. They represent 
spontaneous emergence of a clock within a time-invariant 
dynamical system. Classical time crystals are considered in 
a companion Letter [1]; here the primary emphasis is on 
quantum theory. 

Several considerations might seem to make the possi- 
bility of quantum time crystals implausible. The 
Heisenberg equation of motion for an operator with no 
intrinsic time dependence reads 


(WlO|V) = iCVILH, Olly) =, 0. (1) 


where the last step applies to any eigenstate VY, of H. This 
seems to preclude the possibility of an order parameter that 
could indicate the spontaneous breaking of infinitesimal 
time-translation symmetry. Also, the very concept of 
“ground state” implies the state of lowest energy, but in 
any state of definite energy (it seems) the Hamiltonian 
must act trivially. Finally, a system with spontaneous 
breaking of time-translation symmetry in its ground state 
must have some sort of motion in its ground state, and is 
therefore perilously close to fitting the definition of a 
perpetual motion machine. 

Ring particle model.—And yet there is a familiar 
physical phenomenon that almost does the job. A super- 
conductor, in the right circumstances, can support a stable 
current-carrying ground state. Specifically, this occurs if 
we have a superconducting ring threaded by a flux that is a 
fraction of the flux quantum. If the current is constant then 
nothing changes in time, so time-translation symmetry is 
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not broken, but clearly there is a sense in which something 
is moving. 

We can display the essence of this situation in a simple 
model, that displays its formal structure clearly. Consider 
a particle with charge g and unit mass, confined to a 
ring of unit radius that is threaded by flux 27a/q. 
The Lagrangian, canonical (angular) momentum, and 
Hamiltonian for this system are, respectively, 


L =1¢° + ad, T= +a, 


‘ ; (2) 

f= ir, = a)". 
74, through its role as generator of (angular) translations, 
and in view of the Heisenberg commutation relations, is 
realized as —i re Its eigenvalues are integers /, associated 


with the states |/) = e’’*. For these states we have 
(éll)=l-a, (Al) =3l- a). (3) 


The lowest energy state will occur for the integer /, that 
makes / — a smallest. If a is not an integer, we will have 


(Iglbllo) = lo — a # 0. (4) 


The case when a is half an odd integer requires special 
consideration. In that case we will have two distinct states 
lat 5) with the minimum energy. We can clarify the 
meaning of that degeneracy by combining two simple 
observations. First, that the combined operation G,; of 
multiplying wave functions by e’** and changing a — 
a + k, for integer k, in the Lagrangian leaves the dynamics 
invariant. Indeed, if we interpret a in L as embodying a 
constant gauge potential, G, is a topologically nontrivial 
gauge transformation on the ring, corresponding to 
the multiply valued gauge function A—A+VA, 
A = kd/q. Note that the total flux is not invariant under 
this topologically nontrivial gauge transformation, which 
cannot be extended smoothly off the ring, so L is modi- 
fied. Second, that the operation of time-reversal T, imple- 
mented by complex conjugation of wave functions, takes 
|!) + | — 2) and leaves the dynamics invariant if simulta- 
neously a — —a. Putting these observations together, we 
see that the combined operation 
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T = GyqT (5) 


leaves the Lagrangian invariant; it is a symmetry of 
the dynamics and maps |/) — |2a@ — 1). T interchanges 
| + a)— |1+ a@). Thus the degeneracy between those 
states is a consequence of a modified time-reversal sym- 
metry. We can choose combinations |@ + 3) + |a — 3) that 
simultaneously diagonalize H and T; for these combina- 
tions the expectation value of ¢ vanishes. 

Returning to the generic case: For @ that are not half- 
integral time-reversal symmetry is not merely modified, 
but simply broken, and there is no degeneracy. How do we 
reconcile (/p|@|Jo) # 0 with Eq. (1)? The point is that 4, 
despite appearances, is neither the time-derivative of 
a legitimate operator nor the commutator of the 
Hamiltonian with one, since ¢, acting on wave functions 
in Hilbert space, is multivalued. By way of contrast, op- 
erators corresponding to single-valued functions of @¢, 
spanned by trigonometric functions O, = e'*?, do satisfy 
Eq. (1) for the eigenstates |‘) = |/). 

Wave functions of the quantized ring particle model 
correspond to the (classical) wave functions that appear 
in the Landau-Ginzburg theory of superconductivity. 
Those wave functions, in turn, heuristically describe 
the wave function for macroscopic occupation of the 
single-particle quantum state appropriate to a Cooper 
pair, regarded as a particle. Under this correspondence, 
the nonvanishing expectation value of @ for the ground 
state of the ring particle subject to fractional flux maps onto 
the persistent current in a superconducting ring. 

Symmetry breaking and observability.—The choice of a 
ground state that violates time-translation symmetry 7 
must be based on some criterion other than energy mini- 
mization. But what might seem to be a special difficulty 
with breaking 7, because of its connection to the 
Hamiltonian, actually arises in only a slightly different 
form for all cases of spontaneous symmetry breaking. 
Consider, for example, the breaking of number (or dually, 
phase) symmetry. We characterize such breaking through a 
complex order parameter, ®, that acquires a nonzero 
expectation value, which we can take to be real: 


(0|B|0) = v # 0. (6) 


We also have states |~) related to |0) by the symmetry 
operation. These are all energetically degenerate and mu- 
tually orthogonal in the appropriate “‘infinite volume” 
limit (see immediately below), and satisfy 


(a|®|o) = ve’. (7) 


The superposition 
2a 
la) « [dole (8) 
0 


is energetically degenerate with all the |o), and it is 
symmetric, with 
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(Q|B|Q) = 0. (9) 


[Normalization of |Q) depends on how the limit is taken. If 
we arrange (a|a’) — 6(o — a’), then the proportionality 
constant is (277)~!.] 

Why then do we prefer one of the states |) as a 
description of the physical situation? The reason is closely 
related to the emergent orthogonality of the different |o) 
states, as we now recall. We envisage that our system 
extends over a large number N of identical subsystems 
having correlated values of the long-range order parameter 
o, but otherwise essentially uncorrelated. Then we can 
express the total wave function in the form 


N 
W(x... %y) ~ [] vox). (10) 
j=1 


J 


For different values a, a’ we have therefore 
N 

(Wo) = [Teo Gply (x) = (Fetal 0 (11) 
j=l 


for a! # o and large N, since |f,.,| < 1. Similarly, for any 
finite set of local observables (that is, observables whose 
arguments include only upon a finite subset of the x;), we 
have 


(Wi! | O1(x%q)Or(xp) Stal Iv) x Cee ae —0 (12) 


for o’ # a. Since the off-diagonal matrix elements vanish, 
any world of local observations (including ‘‘observations”’ 
by the environment) can be described using a single |c) 
state. Averaging over them, to produce |Q), is a purely 
formal operation. Measurement of a nonsinglet observable 
will project onto a |) state. 

This analysis, which elaborates [2], brings out several 
relevant points. The physical criterion that identifies useful 
“ground states” is not simply energy, but also robust 
observability—that is, relevance to the description of ob- 
servations in a world of mutually communicating observ- 
ers. Mathematically, that requirement is reflected in the 
orthogonality of the Hilbert spaces built upon |) states by 
the action of physical observables. The large N limit is 
crucial for spontaneous symmetry breaking. It is only in 
that infinite degree of freedom, or (as it is usually called) 
infinite volume, limit, that the |) states and their Fourier 
transforms |j) « fdoe'/’|o), with definite charge j, be- 
come degenerate, and the former are preferred. Important 
for present purposes: The preceding discussion applies, 
with only symbolic changes, when we consider possible 
breaking of time-translation 7 in place of phase symmetry. 

Soliton model.—After these preparations, it is not diffi- 
cult to construct an appropriate model. We consider a large 
number of ring-particles with an attractive interaction. 
Heuristically, we can expect that they will want to form a 
lump and, in view of Eq. (4), that they will want to move. 
So we can expect that the physical ground state features a 
moving lump, which manifestly breaks 7. 
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To make contact with the argument of the previous 
section, we need an appropriate notion of locality. We 
assume that the particles have an additional integer label, 
besides the common angle @, and that the local physical 
observables are of finite range in that additional label. One 
can imagine an array of separate rings, displaced along an 
axis, so that the coordinates of particle j are (@, x = ja). 
Note that with this interpretation, the basic interaction is 
infinitely long ranged, and would have to be specially 
engineered. I will revisit this issue below, after describing 
the construction. 

An appropriate Hamiltonian is 











N 1 r N 
BS 2g OOP ag 2 Ob ey) 
J JFK, 
o1 
= D5 (ti @ + Vidi... bn), (13) 
j=l 


with the understanding that H acts on periodic functions, 
so the 6 interaction is well defined. (Here the discrete index 
appears as a subscript.) 

We work in the mean field approximation, taking a 
product ansatz 


N 
V(o1,---, bn) = [] ¥(¢,), (14) 
j=l 


and solving an approximate one-body equation for w. To 
get such an equation, we define an effective potential 








N 
Vee. (1... dn) = Dd» 
a (15) 
wb) = | Tddv (Ov ody. 
k#j 
so that 
(W1Vere IY) = (WIV). (16) 
Then the effective Schrodinger equation for V, 
Ov (fl 
ars = (3 a a) + Ven), (17) 
reduces to the one-body nonlinear Schrédinger equation 
i. 2 2 
iT = 5 (te —@w—AlP C8) 


for w. 

Consider first the case a = 0. Eq. (18) can be solved for 
a Stationary state in terms of the Jacobi dn elliptic function, 
with 


b(g, 1) = e bol + B), 


2 
E= -ra(i ar =) (19) 


oh) = rdn(rVAq, Fk), 
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with B a disposable parameter. To fix the parameters k, r 
we must impose 277 periodicity in @ and normalize yo. 
Those conditions become 


E(k’) = aN 


K(k?) = arVA (20) 
2r 


in terms of the complete elliptic integrals E(k”), K(k?). We 
can solve E(k?) K(k?) = 3 for k’, given A. The minimum 
value of the left-hand side occurs at k = 0 and corresponds 
to A= 4. Here dn(u,0) reduces to a constant, and 
€ =—1/4. As A increases beyond that value k rapidly 
approaches 1, as does E(k’). dn(u,k*) > sechu and 
€ — —A*/8 in that limit. Of course the constant solution 
with € = —A/2z7 exists for any value of A, but when A 
exceeds the critical value the inhomogeneous solution is 
more favorable energetically. These results have simple 
qualitative interpretations. The hyperbolic secant is the 
famous soliton of the nonlinear Schrédinger equation on 
a line. If that soliton is not too big it can be deformed, 
without prohibitive energy cost, to fit on a unit circle. The 
parameter £ reflects spontaneous breaking of (ordinary) 
translation symmetry. Here that breaking is occurring 
through a kind of phase separation. 

Our Hamiltonian is closely related, formally, to the Lieb- 
Liniger model [3], but because we consider ultraweak 
(~ 1/N) attraction instead of repulsion, the ground state 
physics is very different. In general low-dimensional 
models of spontaneous symmetry breaking are subject to 
derangement by fluctuations [4]. Since our extremely inho- 
mogeneous approximate ground state does not support 
low-energy, long-wavelength modes (apart from overall 
translation, but note that the mass of the lump is growing 
with NV), it has no serious infrared sensitivity. It would be 
interesting to the model with attractive couplings more 
deeply, and at finite coupling. In any case, it is not difficult 
to realize the same ideas in higher-dimensional models, such 
as the Wigner crystal briefly mentioned below (and now 
analyzed in depth as a proposed experiment [5]). In finite 
systems the correlation time will be finite, of course, but in 
interesting cases it becomes very long. Its growth with 
system size might, by analogy with more familiar cases 
[6], be algebraic rather than exponential for some low- 
dimensional systems. 

Now since nonzero a@ can be interpreted as magnetic flux 
through the ring, we might anticipate, from Faraday’s law, 
that as we turn it on, starting from a = 0, our lump of charge 
will feel a simple torque. (Note that since Faraday’s law is a 
formal consequence of the mathematics of gauge potentials, 
its use does not require additional hypotheses.) We can also 
apply ‘“‘gauge transformations’’, as in the discussion around 
Eq. (5). These observations are reflected mathematically in 
the following construction: For any /, we solve 


OW, 1 
F _ 
ot 2 





(—idg — a, — Al? hy (21) 
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with 


WG.1) = HH + + at, Nie 


2 

=i (ia, — lord +29, a) 
As in the noninteracting ring particle model, the lowest 
energy is obtained by minimizing /) + a, for integral Ip. 
This will supply appropriate y. If @ is not an integer 
w1,(¢, t) will be a moving lump, and time-translation sym- 
metry will have been spontaneously broken. If @ is half an 
odd integer, then its 7 symmetry is spontaneously broken too. 

This example exhibits several characteristic features of 
natural 7 breaking [1]. The lump moves along a constant 
energy trajectory. The parameter 8, which parameterizes 
an orbit of (ordinary) translation symmetry, changes at a 
constant rate; both 7 and translation symmetry are broken, 
but a combination remains intact. 

Now let us return to address the conceptual issues alluded 
to earlier, around locality. Our model Hamiltonian was 
nonlocal, but we required observables to be local. That 
schizophrenic distinction can be appropriate, since the 
Hamiltonian might be—and, for our rather artificial dynam- 
ics, would have to be—carefully engineered, as opposed to 
being constructed from easily implemented, natural observ- 
ables and interactions, which are local. However it is not 
unlikely that the assumption of all-to-all coupling, adopted 
for mathematical convenience, could be relaxed, in particu- 
lar, by locating the rings at the nodes of a multidimensional 
lattice and limiting the couplings to a finite range. 

Were we literally considering charged particles confined 
to a common ring, and treating the electromagnetic field 
dynamically, our moving lump of charge would radiate. 
The electromagnetic field provides modes that couple to all 
the particles, and in effect provide observers who mani- 
festly violate the framework of Eq. (12). That permits, and 
enforces, relaxation to a |k) state. Simple variations can 
ameliorate this issue, e.g., use of multipoles in place of 
single charges, embedding the system in a cavity, or simply 
arranging that the motion is slow. A more radical variation, 
that also addresses the unrealistic assumption of attraction 
among the charges, while still obtaining spatial nonuni- 
formity, would be to consider charged particles on a ring 
that form—through repulsion—a Wigner lattice. 

Imaginary-time crystals.—In the standard treatment of 
finite temperature quantum systems using path integral 
techniques, one considers configurations whose argu- 
ments involve imaginary values of the time, and imposes 
imaginary-time periodicity in the inverse temperature 
8 = 1/T. In this setup the whole action is converted, in 
effect, into a potential energy: time derivatives map onto 
gradients in imaginary time, which is treated on the same 
footing as the spatial variables. 

At the level of the action, there is symmetry under 
translations in imaginary time (iTime). But since iTime 
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appears, in this formulation, on the same footing as the 
spatial variables, it is natural to consider the possibility that 
for appropriate systems the dominant configurations in the 
path integral are iTime crystals. Let the iTime crystal have 
preferred period A. When £ is an integer multiple of A the 
crystal will fit without distortion, but otherwise it must be 
squeezed or stretched, or incorporate defects. Periodic 
behavior of thermodynamics quantities in 1/7, with period 
A, arise, and provide an experimental diagnostic. In- 
tegration over the collective coordinate for the broken 
symmetry contributes to the entropy, even at zero tempera- 
ture. Inspired by the spatial crystal—iTime crystal analogy, 
one might also consider the possibility of iTime glasses 
(Glasses), which would likewise have residual entropy, 
but no simple order, or iQuasicrystals. 

Comments.—(1). It is interesting to speculate that a 
(considerably) more elaborate quantum-mechanical sys- 
tem, whose states could be interpreted as collections of 
qubits, might be engineered to traverse, in its ground 
configuration, a programmed landscape of structured states 
in Hilbert space over time. 

(ii). Fields or particles in the presence of a time crystal 
background will be subject to energy-changing processes, 
analogous to crystalline Umklapp processes. In either case 
the apparent nonconservation is in reality a transfer to the 
background. (In our earlier model, O(1/N) corrections to 
the background motion arise.) 

(iii). Many questions that arise in connection with any 
spontaneous ordering, including the nature of transitions 
into or out of the order at finite temperature, critical di- 
mensionality, defects and solitons, and low-energy 
phenomenology, likewise pose themselves for time crys- 
tallization. There are also interesting issues around the 
classification of space-time periodic orderings (roughly 
speaking, four dimensional crystals [7]). 

(iv). The ac Josephson effect is a semimacroscopic 
oscillatory phenomenon related in spirit to time crystalli- 
zation. It requires, however, a voltage difference that must 
be sustained externally, so it is not a ground state effect. 

(v). Quantum time crystals based on the classical time 
crystals of [1], which use singular Hamiltonians, can be 
constructed by combining the ideas of this Letter with 
those of [8,9]. The appearance of swallowtail band struc- 
tures in [10], and emergence of complicated frequency 
dependence in modeling finite response times [1], as in 
[11], suggest possible areas of application. 

I thank B. Halperin, Hong Liu, J. Maldacena, and 
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Helium-3, *He. 








Chemical Purity =99.9995% 
Isotopic Enrichment 299.9 atom% 


*He is the very rare stable isotope of ordinary helium. All “He produced today comes from the slow degradation of the 
radioisotope tritium, *He is principally shipped and used in gaseous form in neutron detectors, spectrometers, medical 
imaging, ring lasers, dilution refrigerators, and ultra low temperature physics research. Helium-3 is an odorless, 


colorless, and tasteless high pressure gas. 


Physical and chemical properties 





Chemical purity 


299.9995% Total impurities as specified below <5ppm 





Isotopic enrichment *He atomic fraction (%) 


299.9 Atom% 





Molecular weight 


3.016g/mol 





Gas density @ 21.1°C (70°F) (“NTP”): 


0.0078 Lb/ft; (0.125 Kg/m3) (0.125 G/Itr) 





@ 0°C (“STP”): 


0.0084 Lb/ft; (0.135 Kg/m3) (0.135 G/Itr) 














Boiling point @ 1 atm -269.96°C 
Freezing/Melting point @ 1 atm: None 

Solubility in water vol/vol at 20°c (68°F) and 1 atm: 8.61 M,/1 kg water 
Gas Density 0.125g/L 





Critical pressure: 


-2.7 Psia (0.186 Bar) 





Coefficient water/Oil distribution: 


Not applicable 





Odor threshold: 


Helium-3 is odorless 





Appearance, odor and state: 


Colorless, odorless gas 





Chemical Purity 





COMPONENT 


SPECIFICATIONS (MOLE/MOLE) 























Oxygen (ppm) <1 
Nitrogen (ppm) <1 

Carbon Dioxide (ppm) <0.5 
Carbon Monoxide (ppm) <1 

Argon (ppm) <0.5 
Water (ppm) <0.1 
Activity (uCi/cc) <1.3 x 10-7 
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Cylinder Specifications 

















Size Water Volume Maximum Gas Contained 
Lecture Bottle (Linde 2) 0.42L 50L 

6 (Linde 6) 1.451 200L 

5 (Linde 10) BL 400L 

4 (Linde 30) 8L 1100L 


U.S. Shipping information 





U.S. Dot proper shipping name 


Helium, compressed 





Hazard class number and description: 


2.2 (Non-flammable gas) 











UN identification number: UN 1046 
U.S. DOT shipping label(s) required: Non-flammable gas 
CAS number 7440-59-7 





Linde Electronics and Specialty Gases 


One Greenwich Street, Suite 100, Stewartsville, NJ 08886 
Phone +1.908.329-9700 or +1.800.932-0624, Fax +1.908.329-9740, www.lindeus.com 





Linde North America Inc. is a member of The Linde Group. Linde is a trading name used by companies within the Linde Group. The Linde logo is a trade- 


mark of The Linde Group. © The Linde Group 2012. 
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WIKIPEDIA 
Helium-3 


Helium-3 (#He, see also helion) is a light, non-radioactive isotope of helium 
with two protons and one neutron (common helium having two protons and 
two neutrons). Its hypothetical existence was first proposed in 1934 by the 
Australian nuclear physicist Mark Oliphant while he was working at the 
University of Cambridge Cavendish Laboratory. Oliphant had performed 
experiments in which fast deuterons collided with deuteron targets 
(incidentally, the first demonstration of nuclear fusion).!"] Helium-3 was 
thought to be a radioactive isotope until it was also found in samples of natural 
helium, which is mostly helium-4, taken both from the terrestrial atmosphere 
and from natural gas wells.!*] Other than protium (ordinary hydrogen), 
helium-3 is the only stable isotope of any element with more protons than 
neutrons. 


Helium-3 occurs as a primordial nuclide, escaping from the Earth's crust into 
the atmosphere and into outer space over millions of years. Helium-3 is also 
thought to be a natural nucleogenic and cosmogenic nuclide, one produced 
when lithium is bombarded by natural neutrons, which can be released by 
spontaneous fission and by nuclear reactions with cosmic rays. Some of the 
helium-3 found in the terrestrial atmosphere is also a relic of atmospheric and 
underwater nuclear weapons testing. 


Much speculation has been made over the possibility of helium-3 as a future 
energy source. Unlike most other nuclear fusion reactions, the fusion of 
helium-3 atoms releases large amounts of energy without causing the 
surrounding material to become radioactive. However, the temperatures 
required to achieve helium-3 fusion reactions are much higher than in 
traditional fusion reactions,!*] and the process may unavoidably create other 
reactions that themselves would cause the surrounding material to become 


radioactive./4] 


The abundance of helium-3 is thought to be greater on the Moon than on 
Earth, having been embedded in the upper layer of regolith by the solar wind 


Helium-3, 3He 





General 

Name, Helium-3, He-3,2He 
symbol 
Neutrons 1 
Protons 2 

Nuclide data 
Natural 0.000137% (% He 
abundance on Earth) 
Half-life stable 
Parent 3H (beta decay of 
isotopes tritium) 


Isotope mass 3.0160293 u 
Spin Vo 


Complete table of nuclides 


over billions of years,!*! though still lower in abundance than in the solar system's gas giants. |61l”] 
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Physical properties 


Because of its low atomic mass of 3.02 atomic mass units, helium-3 has some physical properties different from those of 
helium-4, with a mass of 4.00 atomic mass units. Because of the weak, induced dipole—dipole interaction between the 
helium atoms, their microscopic physical properties are mainly determined by their zero-point energy. Also, the 
microscopic properties of helium-3 cause it to have a higher zero-point energy than helium-4. This implies that helium-3 
can overcome dipole—dipole interactions with less thermal energy than helium-4 can. 


The quantum mechanical effects on helium-3 and helium-4 are significantly different because with two protons, two 
neutrons, and two electrons, helium-4 has an overall spin of zero, making it a boson, but with one fewer neutron, helium-3 
has an overall spin of one half, making it a fermion. 


Helium-3 boils at 3.19 K compared with helium-4 at 4.23 K, and its critical point is also lower at 3.35 K, compared with 
helium-4 at 5.2 K. Helium-3 has less than half the density of Helium-4 when it is at its boiling point: 59 gram per liter 
compared to the 125 gram per liter of helium-4—at a pressure of one atmosphere. Its latent heat of vaporization is also 
considerably lower at 0.026 kilojoules per mole compared with the 0.0829 kilojoules per mole of helium-4.[8l9] 


Fusion reactions 


(D-p) 
3He can be produced by the low temperature fusion of 7H + tp — 3He + Com parison of neutronicity of 


y + 4.98 MeV. If the fusion temperature is below that for the helium sl 0][11][12][13][14] 


reaction 
nuclei to fuse, the reaction produces a high energy alpha particle which 
quickly acquires an electron producing a stable light helium ion which Reactants Products Q n/MeV 


can be utilized directly as a source of electricity without producing | First-generation fusion fuels 


dangerous neutrons. 2D + 2D — 3He+ n 3.268 0.306 
aah ; : MeV 
3He can be used in fusion reactions by either of the reactions 7H + 3He ; : 
— 4He + }p + 18.3 MeV, or 3He + 3He — 4He + 2 4p+ 12.86 MeV. D+*D ged iP 4.032 0 
MeV 
The conventional deuterium + tritium ("D-T") fusion process produces 2p + 3T ye 1 n 17.571 0.057 
energetic neutrons which render reactor components radioactive with MeV 


activation products. The appeal of helium-3 fusion stems from the ; . 

: : . : . : Second-generation fusion fuel 
aneutronic nature of its reaction products. Helium-3 itself is non- 
radioactive. The lone high-energy by-product, the proton, can be 7D+%He = 4He + 1p 18.354 0 


contained using electric and magnetic fields. The momentum energy of MeV 


this proton (created in the fusion process) will interact with the 
containing electromagnetic field, resulting in direct net electricity 
generation.|"5] 


Because of the higher Coulomb barrier, the temperatures required for 
?H + 3He fusion are much higher than those of conventional D-T 
fusion. Moreover, since both reactants need to be mixed together to 
fuse, reactions between nuclei of the same reactant will occur, and the 


Third-generation fusion fuels 


3He + 3He > 4Ho4 21p 12.86 0 
MeV 

MB+1p 9 3 4He 8.68 0 
MeV 


Net result of D burning (sum of first 4 
rows) 


D-D reaction (7H + 7H) does produce a neutron. Reaction rates vary 





no neutrons; the charged protons produced can be contained 


6D — 2(4Het+n 43.225 0.046 
with temperature, but the D-%He reaction rate is never greater than +p) MeV 
3.56 times the D-D reaction rate (see graph). Therefore, fusion using D- 
3He fuel at the right temperature and a D-lean fuel mixture, can Curren’ nucioal tial 
produce a much lower neutron flux than D-T fusion, but is not clean, et == 2 RPS ~200 0.001 
negating some of its main attraction. 2.5n MeV 
The second possibility, fusing *He with itself (7He + 3He), 
requires even higher temperatures (since now both reactants = na? aaa ature Sn 163 
have a +2 charge), and thus is even more difficult than the D-3He v 1 
reaction. However, it does offer a possible reaction that produces - 


\ 


(av) 


using electric and magnetic fields, which in turn results in direct 
3He + 3He fusion 
demonstrated in the laboratory and has immense advantages, but 


electricity generation. is feasible as 





commercial viability is many years in the future.!"6 





reactivity 


temperature [billion Kelvin] 


The amounts of helium-3 needed as a replacement for 


conventional fuels are substantial by comparison to amounts , ; ; 
The fusion reaction rate increases rapidly with 


temperature until it maximizes and then gradually 
drops off. The DT rate peaks at a lower 
temperature (about 70 keV, or 800 million kelvins) 
and at a higher value than other reactions 
commonly considered for fusion energy. 


currently available. The total amount of energy produced in the 
2D + 3He reaction is 18.4 MeV, which corresponds to some 493 
megawatt-hours (4.93x108 W-h) per three grams (one mole) of 
3He If the total amount of energy could be converted to electrical 
power with 100% efficiency (a physical impossibility), it would 
correspond to about 30 minutes of output of a gigawatt electrical 
plant per mole of 3He. Thus, a year's production (at 6 grams for each operation hour) would require 52.5 kilograms of 
helium-3. The amount of fuel needed for large-scale applications can also be put in terms of total consumption: electricity 
consumption by 107 million U.S. households in 2001!"7] totaled 1,140 billion kW-h (1.14x1015 W-h). Again assuming 100% 
conversion efficiency, 6.7 tonnes per year of helium-3 would be required for that segment of the energy demand of the 
United States, 15 to 20 tonnes per year given a more realistic end-to-end conversion efficiency. 


Neutron detection 


Helium-3 is a most important isotope in instrumentation for neutron detection. It has a high absorption cross section for 
thermal neutron beams and is used as a converter gas in neutron detectors. The neutron is converted through the nuclear 


reaction 


n+ He — °H + 1H + 0.764 MeV 


into charged particles tritium ions (T, 3H) and Hydrogen ions, or protons (p, 1H) which then are detected by creating a 
[18] 


charge cloud in the stopping gas of a proportional counter or a Geiger-Muiller tube. 
Furthermore, the absorption process is strongly spin-dependent, which allows a spin-polarized helium-3 volume to 
transmit neutrons with one spin component while absorbing the other. This effect is employed in neutron polarization 
analysis, a technique which probes for magnetic properties of matter. !19[20l21)[22] 

The United States Department of Homeland Security had hoped to deploy detectors to spot smuggled plutonium in 
shipping containers by their neutron emissions, but the worldwide shortage of helium-3 following the drawdown in 
nuclear weapons production since the Cold War has to some extent prevented this.!23] As of 2012, DHS determined the 
commercial supply of boron-10 would support converting its neutron detection infrastructure to that technology.|241 


Cryogenics 


A helium-3 refrigerator uses helium-3 to achieve temperatures of 0.2 to 0.3 kelvin. A dilution refrigerator uses a mixture 
of helium-3 and helium-4 to reach cryogenic temperatures as low as a few thousandths of a kelvin. [25] 


An important property of helium-3, which distinguishes it from the more common helium-4, is that its nucleus is a 
fermion since it contains an odd number of spin ¥, particles. Helium-4 nuclei are bosons, containing an even number of 
spin ¥, particles. This is a direct result of the addition rules for quantized angular momentum. At low temperatures (about 
2.17 K), helium-4 undergoes a phase transition: A fraction of it enters a superfluid phase that can be roughly understood 
as a type of Bose-Einstein condensate. Such a mechanism is not available for helium-3 atoms, which are fermions. 
However, it was widely speculated that helium-3 could also become a superfluid at much lower temperatures, if the atoms 
formed into pairs analogous to Cooper pairs in the BCS theory of superconductivity. Each Cooper pair, having integer 
spin, can be thought of as a boson. During the 1970s, David Lee, Douglas Osheroff and Robert Coleman Richardson 
discovered two phase transitions along the melting curve, which were soon realized to be the two superfluid phases of 
helium-3.!26ll27] The transition to a superfluid occurs at 2.491 millikelvins on the melting curve. They were awarded the 
1996 Nobel Prize in Physics for their discovery. Tony Leggett won the 2003 Nobel Prize in Physics for his work on refining 
understanding of the superfluid phase of helium-3.!2°! 


In a zero magnetic field, there are two distinct superfluid phases of 3He, the A-phase and the B-phase. The B-phase is the 
low-temperature, low-pressure phase which has an isotropic energy gap. The A-phase is the higher temperature, higher 
pressure phase that is further stabilized by a magnetic field and has two point nodes in its gap. The presence of two phases 
is a clear indication that 3He is an unconventional superfluid (superconductor), since the presence of two phases requires 
an additional symmetry, other than gauge symmetry, to be broken. In fact, it is a p-wave superfluid, with spin one, S=1, 
and angular momentum one, L=1. The ground state corresponds to total angular momentum zero, J=S+L=o (vector 
addition). Excited states are possible with non-zero total angular momentum, J>o, which are excited pair collective 
modes. Because of the extreme purity of superfluid 3He (since all materials except 4He have solidified and sunk to the 
bottom of the liquid 3He and any +He has phase separated entirely, this is the most pure condensed matter state), these 
collective modes have been studied with much greater precision than in any other unconventional pairing system. 


Medical lung imaging 


Helium-3 nuclei have an intrinsic nuclear spin of ¥%, and a relatively high magnetogyric ratio. Helium-3 can be 
hyperpolarized using non-equilibrium means such as spin-exchange optical pumping.!2°! During this process, circularly 
polarized infrared laser light, tuned to the appropriate wavelength, is used to excite electrons in an alkali metal, such as 
caesium or rubidium inside a sealed glass vessel. The angular momentum is transferred from the alkali metal electrons to 


the noble gas nuclei through collisions. In essence, this process effectively aligns the nuclear spins with the magnetic field 


in order to enhance the NMR signal. The hyperpolarized gas may then be stored at pressures of 10 atm, for up to 100 
hours. Following inhalation, gas mixtures containing the hyperpolarized helium-3 gas can be imaged with an MRI scanner 
to produce anatomical and functional images of lung ventilation. This technique is also able to produce images of the 
airway tree, locate unventilated defects, measure the alveolar oxygen partial pressure, and measure the 
ventilation/perfusion ratio. This technique may be critical for the diagnosis and treatment management of chronic 
respiratory diseases such as chronic obstructive pulmonary disease (COPD), emphysema, cystic fibrosis, and asthma.!90 


Industrial production 


Production, sales and distribution of helium-3 in the United States are managed by the US Department of Energy (DOE) 
Isotope Program.!$1) Virtually all helium-3 used in industry today is produced from the radioactive decay of tritium. 
Tritium is a radioactive isotope of hydrogen and is typically produced by bombarding lithium-6 with neutrons in a nuclear 
reactor. The lithium nucleus absorbs a neutron and splits into helium-4 and tritium. Tritium decays into helium-3 with a 
half-life of 12.3 years, so helium-3 can be produced by simply storing the tritium until it undergoes radioactive decay. 


Tritium is a critical component of nuclear weapons and historically it was produced and stockpiled primarily for this 
application. The decay of tritium into helium-3 reduces the explosive power of the fusion warhead, so periodically the 
accumulated helium-3 must be removed from warhead reservoirs and tritium in storage. Helium-3 removed during this 


process is marketed for other applications. 


For decades this has been, and remains, the principal source of the world's helium-3.'82] However, since the signing of the 
START I Treaty in 1991 the number of nuclear warheads that are kept ready for use has decreased!*5ll94] This has reduced 
the quantity of helium-3 available from this source. Helium-3 stockpiles have been further diminished by increased 
demand,!*5! primarily for use in neutron radiation detectors and medical diagnostic procedures. US industrial demand for 
helium-3 reached a peak of 70,000 liters (approximately 8 kg) per year in 2008. Price at auction, historically about 
$100/liter, reached as high as $2000/liter!®®l Since then, demand for helium-3 has declined to about 6000 liters per year 
due to the high cost and efforts by the DOE to recycle it and find substitutes. 


The DOE recognized the developing shortage of both tritium and helium-3. and began producing tritium by lithium 
irradiation at the Tennessee Valley Authority's Watts Bar Nuclear Generating Station in 2010.!°5! In this process tritium- 
producing burnable absorber rods (TPBARs) containing lithium in a ceramic form are inserted into the reactor in place of 
the normal boron control rods!°7] Periodically the TPBARs are replaced and the tritium extracted. 


Currently only one reactor is used for tritium production but the process could, if necessary, be vastly scaled up to meet 
any conceivable demand simply by utilizing more of the nation's power reactors. Substantial quantities of tritium and 
helium-3 could also be extracted from the heavy water moderator in CANDU nuclear reactors. 951/38] 


Natural abundance 


Solar nebula (primordial) abundance 


One early estimate of the primordial ratio of 3He to He in the solar nebula has been the measurement of their ratio in the 
atmosphere of Jupiter, measured by the mass spectrometer of the Galileo atmospheric entry probe. This ratio is about 
1:10,000, °°! or 100 parts of 3He per million parts of 4He. This is roughly the same ratio of the isotopes as in lunar regolith, 
which contains 28 ppm helium-4 and 2.8 ppb helium-3 (which is at the lower end of actual sample measurements, which 
vary from about 1.4 to 15 ppb). However, terrestrial ratios of the isotopes are lower by a factor of 100, mainly due to 
enrichment of helium-4 stocks in the mantle by billions of years of alpha decay from uranium and thorium. 


Terrestrial abundance 


3He is a primordial substance in the Earth's mantle, considered to have become entrapped within the Earth during 
lanetary formation. The ratio of He to +He within the Earth's crust and mantle is less than that for assumptions of solar 

Pp ry p 

disk composition as obtained from meteorite and lunar samples, with terrestrial materials generally containing lower 


3He/*He ratios due to ingrowth of +He from radioactive decay. 


3He has a cosmological ratio of 300 atoms per million atoms of 4He (at. ppm),!*°] leading to the assumption that the 
original ratio of these primordial gases in the mantle was around 200-300 ppm when Earth was formed. A lot of ‘He was 
generated by alpha-particle decay of uranium and thorium, and now the mantle has only around 7% primordial helium,!4°] 
lowering the total 3He/‘+He ratio to around 20 ppm. Ratios of 3He/*He in excess of atmospheric are indicative of a 
contribution of 3He from the mantle. Crustal sources are dominated by the +He which is produced by the decay of 
radioactive elements in the crust and mantle. 


The ratio of helium-3 to helium-4 in natural Earth-bound sources varies greatly./4"ll42] Samples of the lithium ore 
spodumene from Edison Mine, South Dakota were found to contain 12 parts of helium-3 to a million parts of helium-4. 
Samples from other mines showed 2 parts per million.441] 


Helium is also present as up to 7% of some natural gas sources, 4°] and large sources have over 0.5% (above 0.2% makes it 
viable to extract).!44] The fraction of 2He in helium separated from natural gas in the U.S. was found to range from 70 to 
242 parts per billion.!95lI45] Hence the US 2002 stockpile of 1 billion normal m3!*4) would have contained about 12 to 43 
kilograms of helium-3. According to one expert, about 26 m? or almost 5 kg of 3He is available annually for separation 
from the US natural gas stream. If the process of separating out the 3He could employ as feedstock the liquefied helium 
typically used to transport and store bulk quantities, estimates for the incremental energy cost range from US$34 to $300 
per liter NTP, excluding the cost of infrastructure and equipment.!°*] Algeria's annual gas production is assumed to 
contain 100 million normal cubic metres!*4! and this would contain between 7 and 24 m3 of helium-3 (about 1 to 4 
kilograms) assuming a similar 3He fraction. 


3He is also present in the Earth's atmosphere. The natural abundance of He in naturally occurring helium gas is 
1.38 x 10~© (1.38 parts per million). The partial pressure of helium in the Earth's atmosphere is about 0.52 Pa, and thus 
helium accounts for 5.2 parts per million of the total pressure (101325 Pa) in the Earth's atmosphere, and 3He thus 
accounts for 7.2 parts per trillion of the atmosphere. Since the atmosphere of the Earth has a mass of about 5.14 x 1015 
tonnes,/46 the mass of 3He in the Earth's atmosphere is the product of these numbers, or about 37,000 tonnes of 3He. 


3He is produced on Earth from three sources: lithium spallation, cosmic rays, and beta decay of tritium (3H). The 
contribution from cosmic rays is negligible within all except the oldest regolith materials, and lithium spallation reactions 
are a lesser contributor than the production of 4He by alpha particle emissions. 


The total amount of helium-3 in the mantle may be in the range of 0.1-1 million tonnes. However, most of the mantle is 
not directly accessible. Some helium-3 leaks up through deep-sourced hotspot volcanoes such as those of the Hawaiian 
Islands, but only 300 grams per year is emitted to the atmosphere. Mid-ocean ridges emit another 3 kilogram per year. 
Around subduction zones, various sources produce helium-3 in natural gas deposits which possibly contain a thousand 
tonnes of helium-3 (although there may be 25 thousand tonnes if all ancient subduction zones have such deposits). 
Wittenberg estimated that United States crustal natural gas sources may have only half a tonne total.'4”] Wittenberg cited 
Anderson's estimate of another 1200 metric tonnes in interplanetary dust particles on the ocean floors.'*®! In the 1994 
study, extracting helium-3 from these sources consumes more energy than fusion would release.!491 


Extraction from extraterrestrial sources 


Materials on the Moon's surface contain helium-3 at concentrations between 1.4 and 15 ppb in sunlit areas, lS"! and may 
contain concentrations as much as 50 ppb in permanently shadowed regions.!’! A number of people, starting with Gerald 
Kulcinski in 1986,/52] have proposed to explore the moon, mine lunar regolith and use the helium-3 for fusion. Because of 
the low concentrations of helium-3, any mining equipment would need to process extremely large amounts of regolith 
(over 150 million tonnes of regolith to obtain one gram of helium 3),/°%! and some proposals have suggested that helium-3 
extraction be piggybacked onto a larger mining and development operation. 


The primary objective of Indian Space Research Organisation's first lunar probe called Chandrayaan-I, launched on 
October 22, 2008, was reported in some sources to be mapping the Moon's surface for helium-3-containing minerals.“ 
However, no such objective is mentioned in the project's official list of goals, although many of its scientific payloads have 


noted helium-3-related applications. [5556] 


Cosmochemist and geochemist Ouyang Ziyuan from the Chinese Academy of Sciences who is now in charge of the Chinese 
Lunar Exploration Program has already stated on many occasions that one of the main goals of the program would be the 
mining of helium-3, from which operation "each year, three space shuttle missions could bring enough fuel for all human 
beings across the world."5’] In January 2006, the Russian space company RKK Energiya announced that it considers 
lunar helium-3 a potential economic resource to be mined by 2020,!°8] if funding can be found.[59l60] 


Mining gas giants for helium-3 has also been proposed. |61] The British Interplanetary Society's hypothetical Project 
Daedalus interstellar probe design was fueled by helium-3 mines in the atmosphere of Jupiter, for example. Jupiter's high 
gravity makes this a less energetically favorable operation than extracting helium-3 from the other gas giants of the solar 


system, however. 


Not all authors feel the extraterrestrial extraction of helium-3 is feasible. Dwayne Day, writing in The Space Review, 
identifies some major obstacles to helium-3 extraction from extraterrestrial sources for use in fusion, and questions the 
feasibility of extraterrestrial extraction when compared to production on Earth.!62! 


Power generation 


A second-generation approach to controlled fusion power involves combining helium-3 (3,He) and deuterium (7,H). This 
reaction produces a helium-4 ion (4,He) (like an alpha particle, but of different origin) and a high-energy proton 
(positively charged hydrogen ion) (‘,p). The most important potential advantage of this fusion reaction for power 
production as well as other applications lies in its compatibility with the use of electrostatic fields to control fuel ions and 
the fusion protons. High speed protons, as positively charged particles, can have their kinetic energy converted directly 
into electricity, through use of solid-state conversion materials as well as other techniques. Potential conversion 
efficiencies of 70% may be possible, as there is no need to convert proton energy to heat in order to drive a turbine- 
powered electrical generator. 


There have been many claims about the capabilities of helium-3 power plants. According to proponents, fusion power 
plants operating on deuterium and helium-3 would offer lower capital and operating costs than their competitors due to 
less technical complexity, higher conversion efficiency, smaller size, the absence of radioactive fuel, no air or water 
pollution, and only low-level radioactive waste disposal requirements. Recent estimates suggest that about $6 billion in 
investment capital will be required to develop and construct the first helium-3 fusion power plant. Financial breakeven at 
today's wholesale electricity prices (5 US cents per kilowatt-hour) would occur after five 1-gigawatt plants were on line, 
replacing old conventional plants or meeting new demand.|®?! 


The reality is not so clear-cut. The most advanced fusion programs in the world are inertial confinement fusion (such as 
National Ignition Facility) and magnetic confinement fusion (such as ITER and Wendelstein 7-X). In the case of the 


former, there is no solid roadmap to power generation. In the case of the latter, commercial power generation is not 


expected until around 2050.!64I In both cases, the type of fusion discussed is the simplest: D-T fusion. The reason for this 
is the very low Coulomb barrier for this reaction; for D+He, the barrier is much higher, and it is even higher for 3He—3He. 
The immense cost of reactors like ITER and National Ignition Facility are largely due to their immense size, yet to scale up 
to higher plasma temperatures would require reactors far larger still. The 14.7 MeV proton and 3.6 MeV alpha particle 
from D-#He fusion, plus the higher conversion efficiency, means that more electricity is obtained per kilogram than with 
D-T fusion (17.6 MeV), but not that much more. As a further downside, the rates of reaction for helium-3 fusion reactions 
are not particularly high, requiring a reactor that is larger still or more reactors to produce the same amount of electricity. 


To attempt to work around this problem of massively large power plants that may not even be economical with D-T fusion, 
let alone the far more challenging D—?He fusion, a number of other reactors have been proposed — the Fusor, Polywell, 
Focus fusion, and many more, though many of these concepts have fundamental problems with achieving a net energy 
gain, and generally attempt to achieve fusion in thermal disequilibrium, something that could potentially prove 
impossible,!§5] and consequently, these long-shot programs tend to have trouble garnering funding despite their low 
budgets. Unlike the "big", "hot" fusion systems, however, if such systems were to work, they could scale to the higher 
barrier "aneutronic" fuels, and therefore their proponents tend to promote p-B fusion, which requires no exotic fuels like 
helium-3. 


References in science fiction 


Several science fiction works have featured helium-3 extraction on the moon, including the films Moon (2009) and Iron 
Sky (2012), the manga and corresponding anime Planetes, the video game Anno 2205 (2015) and the novel Luna: New 
Moon (2015). The novel Morning Star (Pierce Brown, 2016) features helium-3 mining on Phobos (a moon of Mars), while 
his novel Red Rising (2014) features helium-3 extraction from Mars itself. The titular mech of Godzilla vs. Mechagodzilla 
II is powered by heavy hydrogen and helium-3 in pellet form. 


See also 


= Colonization of the Moon 
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Scientists unveil new form of matter: time crystals 
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0 most people, crystals mean diamond bling, semiprecious gems or perhaps the jagged amethyst or quartz 
crystals beloved by collectors. 


To Norman Yao, these inert crystals are the tip of the iceberg. 


If crystals have an atomic structure that repeats in space, like the carbon lattice of a diamond, why can’t crystals also 
have a structure that repeats in time? That is, a time crystal? 


In a paper published online last week in the journal Physical Review Letters, the UC Berkeley assistant professor of 
physics describes exactly how to make and measure the properties of such a crystal, and even predicts what the various 
phases surrounding the time crystal should be — akin to the liquid and gas phases of ice. 





A one-dimensional chain of ytterbium ions was turned into a time crystal by physicists at the University of 
Maryland, based on a blueprint provided by UC Berkeley’s Norman Yao. Each ion behaves like an electron 
spin and exhibits long-range interactions indicated as arrows. (Image courtesy of Chris Monroe) 


This is not mere speculation. Two groups followed Yao’s blueprint and have already created the first-ever time crystals. 
The groups at the University of Maryland and Harvard University reported their successes, using two totally different 
setups, in papers posted online last year, and have submitted the results for publication. Yao is a co-author on both 
papers. 


Time crystals repeat in time because they are kicked periodically, sort of like tapping Jell-O repeatedly to get it to jiggle, 
Yao said. The big breakthrough, he argues, is less that these particular crystals repeat in time than that they are the first 
of a large class of new materials that are intrinsically out of equilibrium, unable to settle down to the motionless 
equilibrium of, for example, a diamond or ruby. 


“This is anew phase of matter, period, but it is also really cool because it is one of the first examples of non-equilibrium 
matter,” Yao said. “For the last half-century, we have been exploring equilibrium matter, like metals and insulators. We 
are just now starting to explore a whole new landscape of non-equilibrium matter.” 


While Yao is hard put to imagine a use for a time crystal, other proposed phases of non-equilibrium matter theoretically 
hold promise as nearly perfect memories and may be useful in quantum computers. 


An ytterbium chain 


The time crystal created by Chris Monroe and his colleagues at the University of Maryland employs a conga line of 10 
ytterbium ions whose electron spins interact, similar to the qubit systems being tested as quantum computers. To keep 
the ions out of equilibrium, the researchers alternately hit them with one laser to create an effective magnetic field and 
a second laser to partially flip the spins of the atoms, repeating the sequence many times. Because the spins interacted, 
the atoms settled into a stable, repetitive pattern of spin flipping that defines a crystal. 









Time crystals were first proposed in 2012 by 0.30% onanter a 5 Ta 


Nobel laureate Frank Wilczek, and last year 


theoretical physicists at Princeton University 0.25 eH 4 
and UC Santa Barbara’s Station Q ' a 
independently proved that such a crystal 0.2 mah a 
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could be made. According to Yao, the UC 
Berkeley group was “the bridge between the € 0.15 
theoretical idea and the experimental 
implementation.” 0.10 He - 
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mechanics, electrons can form crystals that 
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translation symmetry of the orderly, three- ; 

dimensional array of atoms, Yao said. This & 

breaks the symmetry of the material and This phase diagram shows how changing the experimental 
leads to unique and stable properties we parameters can ‘melt’ a time crystal into a normal insulator or 
define as a crystal. heat up a time crystal to a high temperature thermal state. 


Norman Yao graphic. 
A time crystal breaks time symmetry. In this 


particular case, the magnetic field and laser 
periodically driving the ytterbium atoms produce a repetition in the system at twice the period of the drivers, 
something that would not occur in a normal system. 


“Wouldn’t it be super weird if you jiggled the Jell-O and found that somehow it responded at a different period?” Yao 
said. “But that is the essence of the time crystal. You have some periodic driver that has a period ‘T’, but the system 
somehow synchronizes so that you observe the system oscillating with a period that is larger than ‘T’.” 


Yao worked closely with Monroe as his Maryland team made the new material, helping them focus on the important 
properties to measure to confirm that the material was in fact a stable or rigid time crystal. Yao also described how the 
time crystal would change phase, like an ice cube melting, under different magnetic fields and laser pulsing. 


The Harvard team, led by Mikhail Lukin, set up its time crystal using densely packed nitrogen vacancy centers in 
diamonds. 
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Ms PREFACE 


In February 2009 a report entitled Strengthening Forensic Science in the United 
States: A Path Forward was issued by the National Research Council (NRC) 
of the National Academy of Sciences. The committee members who wrote the 
report included scientists, judges, lawyers, statisticians, and forensic scientists. The 
authors of the report recognized that there is an ongoing need to assure that evi- 
dence analysis is held to the highest standards and that what is reported in writing 
and in testimony must be reliable and credible. Forensic science is a large umbrella 
science consisting of many subdisciplines, including serology, forensic DNA analy- 
sis, toxicology, document examination, hair and fiber analysis, arson investigation, 
firearms and toolmarks, explosives analysis, blood spatter pattern analysis, digital 
evidence, impression evidence, forensic pathology, forensic anthropology, forensic 
odontology, and others. Crime scene personnel are trained to identify and collect 
biological and physical evidence for subsequent laboratory analysis. This evidence 
can shed light on events leading up to and during the commission of a crime. Often, 
evidence collected at a crime scene can be associated with either a victim or a sus- 
pect. Criminals can often be linked to the crime scene and/or to the victim. At the 
same time, those falsely accused can be excluded or exonerated based on reliable 
analysis of physical evidence. Following scientific analysis, the criminalist writes a 
report and will testify in a court of law. The testimony of an expert witness must be 
unbiased, accurate, and based on a sound scientific foundation. The admissibility 
of novel scientific evidence must be determined prior to expert testimony. The use 
of a novel scientific method to analyze evidence and the subsequent testimony that 
describes the results of such testing can be challenged for a variety of reasons. 
The Strengthening Forensic Science (SFS) report recognized that not all forensic 
disciplines were at the same level with respect to standards and reliability. This 
problem is based in part on insufficient funding for forensic research and lack of 
oversight by any national organization. Although ASCLD-LAB accredits forensic 
laboratories, American Board of Criminalistics (ABC) certifies forensic analysts, 
and the National Institute of Justice provides funding for some forensic research 
projects, techniques and principles used in many forensic disciplines are not at 
the same level of reliability as that achieved by DNA scientists. The science of 
using DNA for human identification dates back to the work of Alec Jeffries, who 
applied restriction fragment length polymorphism analysis for this purpose in the 
mid-1980s. This major breakthrough was complemented by a second breakthrough 
technique, polymerase chain reaction, developed by Kary Mullis. He used this 
in vitro method to amplify a relatively small number of template nucleic acid 
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molecules (derived from biological evidence) into billions of copies for subsequent 
identification of the DNA donor. These procedures are considered highly reliable 
and are admissible in all courts in the United States. 

The SFS report spells out 13 recommendations that if accomplished would cer- 
tainly expand funded research and establish the reliability of non-DNA forensic 
evidence analysis. 


Congress should establish a new National Institute of Forensic Science (NIFS), 
which would involve itself with research and education, the forensic science 
disciplines, physical and life sciences, measurements and standards, and testing 
and evaluation. 

NIFS should establish standard terminology and standards to be used in report- 
ing and testifying about the results of forensic testing. 

NIFS should competitively fund research in forensic science to address the 
accuracy, reliability, and validity of the subdisciplines. 

NIES, through congressional funding, should provide funding to remove public 
forensic labs from the administrative control of law enforcement agencies or 
prosecutors’ offices. 





NIFS should encourage research on observer bias and sources of human error 
in forensic examinations. 

Congress should fund (through NIFS) the development of tools to advance 
measurement, validation, reliability, information sharing, and proficiency test- 
ing in forensic science and to establish protocols for forensic examinations, 
methods, and practices. 

Laboratory accreditation and analyst certification should be mandatory. 
Forensic laboratories should establish routine quality control and quality assur- 
ance programs to ensure the accuracy of forensic analyses. 

NIEFS should establish a national code of ethics for all forensic disciplines. 
Congress should provide funding to NIFS to work with appropriate organiza- 
tions and educational institutions to improve and develop graduate education 
programs and to provide scholarships and fellowships with emphasis on devel- 
oping research methods and methodologies applicable to forensic science 
practice. 

NIFS should support replacing coroner systems with medical examiner sys- 
tems to improve medicolegal death investigation. 

Congress should provide funds for NIFS to launch a new effort to achieve 
nationwide fingerprint data interoperability. 

Congress should provide funding for NIFS to help forensic scientists manage 
and analyze evidence from events that affect homeland security. 


The full SFS report, which describes all of the above, is available through the 
National Academies Press, 500 Fifth Street N.W., Washington, DC 20001. 

Some of the issues faced by forensic experts who write official reports and 
present courtroom testimony about their analysis are (1) whether or not the 
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techniques of the discipline are founded on a sound scientific foundation, so that 
the experimental findings are accurate and reliable; (2) whether or not there is any 
significant possibility of human error or analyst bias that could potentially taint 
the results; and (3) whether or not rigorous standards have been established for 
interpreting the results. 

The authors of the SFS report believe that with the exception of DNA, no 
subdiscipline of forensic science is sufficiently reliable that a unique identification 
can be made of physical evidence: for example, “This bullet was fired from this gun 
and from no other gun in the world’; or “This fingerprint was left by this person 
and by no other person”; or “This tire track impression was made by this tire and 
by no other tire”. What is the statistical basis for such a statement? What is the 
measurement error rate? What is the human error rate? How should conclusions 
be expressed in a report or in testimony? 

With all of this in mind, I invite you to read through the various chapters in 
this book and keep in mind that the subject matter is about science and technology 
and not about art. Keep in mind how the expert comes to a conclusion and how 
that conclusion is reported. What is the statistical basis for the expert’s report and 
testimony? Can the expert testify to a high degree of scientific certainty that the 
questioned and known specimens have a common origin? I leave that to the reader 
to decide. 

This handbook begins with a review of forensic environmental chemistry which 
involves the use of trace chemical techniques for investigating environmental 
spills in an effort to determine if there is any civil or criminal liability. The 
field can be broken down into two broad areas based on the techniques used 
to determine liability: chemical fingerprinting and spatial association. In chemi- 
cal fingerprinting, complex mixtures of chemicals or chemical isotopes are used 
to associate a spill or environmental release with a specific source. In spatial 
association, a geographical information system and geochemical techniques are 
used to attribute the location of a contaminant with a possible source in physical 
space. 

Chapter 2 addresses the principles and issues that exist in the forensic analysis 
of explosives. It lays out the foundation for proper handling of evidence, which 
is critical to identifying and convicting the criminal. Evidence at the scene of an 
explosion, especially a large explosion, offers some unique challenges. Basic prin- 
ciples of evidence collection, handling, storing, and identifying various explosives 
are discussed herein. 

Chapter 3 is a review of arson and fire debris analysis. The isolation and identi- 
fication of ignitable liquid residues (ILRs) from fire debris is a critically important 
aspect of arson investigation. This chapter covers common techniques for the isola- 
tion and identification of ILRs. Analytical procedures have become more sensitive, 
and results of testing play a very important role during litigation in a criminal 
or civil court. Quality control is an important component in fire debris analysis. 
Reports of findings should be written in a scientific manner describing the fire 
under investigation, evidence handling, a description of the evidence and where it 
was collected, the isolation procedure and what testing was done and with what 


xviii PREFACE 


kind of equipment, observations made, and conclusions, with a discussion of the 
meaning of the results. 

Chapter 4 reviews the forensic examination of soils. Soils and sediment are 
excellent sources of trace evidence in both criminal and civil cases because there are 
an almost unlimited number of identifiable soil types based on the content of rocks, 
minerals, glasses, and human-made particles and chemicals. Forensic examination 
commonly identifies the original geographic location of soils associated with a 
crime, thus assisting an investigation. Studies of soil and related material samples 
associated with a suspect and crime scene can produce evidence that the samples 
had or did not have a common source, thus indicating whether or not a suspect 
was ever at a particular location. Gathering intelligence for criminal and civil 
investigations, as well as gem and art fraud studies, often use the methods of 
forensic geology 

Chapter 5 deals with the analysis of paint evidence. Paint and coatings often 
appear in criminal, civil, and art-authenticity investigations. This chapter reviews 
the current methodologies and approaches used by forensic paint examiners to 
analyze this type of physical evidence as well as the problems that they may 
encounter. Fragments of multilayered in-service paint are one of the most complex 
types of materials encountered in the forensic science laboratory. They consist of 
both organic and inorganic components heterogeneously distributed in very small 
samples, often on the order of only 1 square millimeter. These characteristics dictate 
the requirements of the analytical chemistry approaches to be used, and they can 
present a formidable challenge to the forensic analyst responsible for classification 
of the materials and an evaluation of their evidential significance. Several case 
examples are presented to illustrate these concepts. 

Chapter 6 describes analytical techniques used for the forensic examination of 
writing and printing inks. The analysis and identification of writing and printing 
inks and toners are generally very important in document examination, especially 
when used in conjunction with a reference library. Inks can be differentiated based 
on the chemistry of colorants, solvents, resins, and additives. Instrumental analysis, 
including GC-MS, HPLC, and FT-IR and Raman spectroscopy, can often be used 
following visual examination, microscopic observation, and thin-layer chromatog- 
raphy. Analysis of toners can be performed with XRF, SEM-—EDS, or pyrolysis GC. 
Although chemical analysis of materials used to create documents can provide vast 
amounts of relevant information and strongly support associations between ques- 
tioned and known materials, in nearly all cases, the data obtained will not support 
a conclusion that identifies a particular writing instrument of printing device. 

Chapter 7 describes the role of vibrational spectroscopy in forensic chemistry. 
Spectroscopy is the study of the interaction of electromagnetic radiation with 
matter to determine the molecular structure of a solid sample or one dissolved 
in a specific solvent. This interaction depends on the intrinsic properties of the 
sample material and can be classified by the energy of the probing electromagnetic 
radiation. Energy can be in the form of ultraviolet, visible, or infrared light, as 
well as other forms of energy. Infrared spectroscopy is a good technique to use to 
identify such fibers as acrylics, nylons, or polyesters or paints or alkyds, acrylics, 
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or nitrocellulose. The size of the sample may require the use of microscopic 
infrared spectroscopy, and the nature of the sample may indicate the use of 
external reflection spectroscopy or attenuated total reflectance spectroscopy. These 
techniques are reviewed as well as related methods of sample identification. 

Chapter 8 discusses the important science of forensic serology, an important 
area of modern forensic science. The primary activity of the forensic serologist is 
the identification of bodily fluids, as these fluid stains are commonly associated 
with violent criminal cases. Proving the presence of blood, semen, saliva, and so 
on, can often confirm alleged violent acts. 

Chapter 9 reviews the field of forensic DNA analysis. It describes how DNA 
became a valuable forensic tool in identifying the source of physical evidence left 
at a crime scene. The use of restriction fragment length polymorphism analysis in 
the mid-1980s was replaced by the use of the polymerase chain reaction (PCR) 
method, which is more sensitive, requiring far less high-molecular-weight DNA, 
uses less hazardous materials, and is faster and more economical. PCR-STR-based 
genetic profile typing methods have improved in sensitivity over the past 20 years 
and have become a basic tool in the crime lab. Where nuclear DNA is insufficient 
to generate a full genetic profile, mitochondrial DNA can sometimes be used to 
provide identifying information. Also described are low-copy-number procedures 
and the typing of single-nucleotide polymorphisms within the human genome. 

Chapter 10 reviews current and future uses of DNA microarrays in forensic 
science. DNA microarrays have revolutionized basic research in molecular and cel- 
lular biology, biochemistry, and genetics. Through hybridization of labeled probes, 
this high-throughput technology allows the screening of tens or even hundreds of 
thousands of data points in a single run. The technology is most advanced with 
nucleic acids, but protein and antibody microarrays are coming of age as well. 
Because of the unique ability to screen for large numbers of molecules, such as 
DNA sequences, simultaneously, the potential utility to forensic investigations is 
tremendous. Indeed, progress has been made demonstrating that microarrays are 
powerful tools for use in the forensic laboratory. As the technology matures and 
associated costs come down, the day that microarray analysis becomes a routine 
part of the forensic toolkit draws nearer. 

Chapter 11 reviews the problem of date-rape drugs such as MDMA, fluni- 
trazepam, and ketamine, with an emphasis on GHB. Recreational, predatory, and 
lethal doses, metabolism, and diagnostic metabolites are described. Similarities to 
and differences from the effects and metabolism of ethanol are also discussed. The 
advantages of field tests to detect date-rape drugs, and limitations of antibodies and 
advantages of enzymes for field testing, are discussed. The development of a rapid 
enzymatic test for the detection of GHB is described. 

Chapter 12 covers forensic and clinical issues in alcohol analysis. Ethanol, a 
clear volatile liquid that is soluble in water and has a characteristic taste and odor, 
is a central nervous system (CNS) depressant and causes most of its effects on 
the body by depressing brain function. CNS depression is correlated directly with 
the concentration of alcohol in the blood (BAC). The Estimation of a person’s 
blood alcohol concentration is based on important parameters such as body weight, 
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ethanol concentration of the beverage consumed and number of beverages con- 
sumed, and length of time and pattern of the drinking. Because men and women 
have different body water amounts (men average 68% and women 55%), there 
are differences between the ethanol concentration achieved in men and women of 
similar weight for the same amount of alcohol. Various methods are described that 
can help to determine BAC in the field as well as in the laboratory. 

Chapter 13 discusses fundamental issues of postmortem toxicology. The basic 
principles of forensic postmortem toxicology are presented. This chapter covers the 
acquisition and usefulness of different specimens, current analytical techniques, and 
the interpretation of findings. Special problems associated with the interpretation of 
drug levels include the conditions of the specimens and the effects of postmortem 
redistribution, postmortem drug changes, pharmacogenomics, drug interactions, and 
embalming fluid. 

Chapter 14 reviews a field of growing importance in forensic science, entomo- 
toxicology: drugs, toxins, and insects. Forensic entomology is gaining widespread 
acceptance within the forensic sciences as one method of estimating a portion of 
the postmortem interval by utilizing the time of insect colonization of a body, also 
known as the period of insect activity. Additionally, insect evidence can be utilized 
as alternative toxicology samples in cases where no other viable specimens exist. 
This subfield, known as entomotoxicology, can provide useful qualitative informa- 
tion to investigators as to the presence of drugs in the tissues at the time of larval 
feeding. The presence of drugs can alter the developmental period of the insects 
and should always be taken into consideration by the forensic entomologist. The 
relationship between toxicology and forensic entomology is also examined. 
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Forensic Environmental Chemistry 


ANTHONY CARPI and ANDREW J. SCHWEIGHARDT 
John Jay College of Criminal Justice, The City University of New York, New York 


Summary Forensic environmental chemistry involves the use of trace chemical 
techniques for investigating environmental spills in an effort to determine civil 
or criminal liability. The field can be broken down into two broad areas based 
on the techniques used to determine liability: chemical fingerprinting and spatial 
association. In chemical fingerprinting, complex mixtures of chemicals or chemical 
isotopes are used to associate a spill or environmental release with a source. In 
spatial association, geographical information systems and geochemical techniques 
are used to attribute the location of a contaminant with a possible source in physical 
space. 
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2 FORENSIC ENVIRONMENTAL CHEMISTRY 
1.1 INTRODUCTION 


As technology for trace chemical analysis has expanded in recent decades, so has its 
application to criminal and civil casework. This has transformed traditional forensic 
investigations and has expanded their applicability to less traditional areas, such 
as those involving environmental crimes. Prior to 1950, environmental law in the 
United States was based on tort and property law and was applied to a very limited 
number of incidents. Driven by growing environmental awareness in the 1950s and 
1960s, the U.S. Congress passed the first Clean Air Act in 1963. This was followed 
by a slow but steady string of further developments, including the founding of the 
Environmental Protection Agency (EPA) in 1970 and the passage of the Clean 
Water Act in 1972, the Endangered Species Act in 1973, and the Comprehensive 
Environmental Response, Compensation, and Liability Act (Superfund) in 1980. 
International law began to address environmental issues with the signing of the 
Convention on International Trade in Endangered Species of Wild Fauna and Flora 
(CITES) in 1975 and other international treaties. These early milestones have been 
bolstered by recent amendments, new agencies, and renewed funding, all of which 
make up a series of laws and regulations that define criminal practices and govern 
civil liability cases involving the environment. Increased legislation and improved 
enforcement have led to a significant decrease in easily identifiable environmental 
disasters, such as when the Cuyahoga River in Cleveland, Ohio burst into flames 
in 1969 as a result of industrial discharge. As these visible issues have diminished, 
environmental scientists have found themselves faced with questions that are more 
difficult to identify and are more intractable in nature. This has led, in turn, to 
advances in the investigative techniques used to investigate environmental crimes. 

It is impossible to pinpoint the exact birth date of forensic environmental science. 
However, one source attributes the origin of the term environmental forensics to 
the scientific contractor Battelle in the late 1990s (Haddad, 2004). One of the com- 
pany’s specialties is forensic environmental chemistry, and the company provides 
services in hydrocarbon fingerprinting, contamination identification, and product 
identification. Regardless of when the field was named, most sources would agree 
that the field began gathering momentum about 30 years ago. Since that time, vari- 
ous subdivisions have emerged. Some of these divisions have their roots in diverse 
areas such as geology, toxicology, biology, physics, and chemistry. As such, the 
term environmental forensics might be considered a misnomer for two reasons. The 
first is the tendency of the word forensics to be semantically confusing, because 
it has no real meaning when used in this context. The second is the loss of the 
word science, for this serves as a necessary reminder of the field’s vast and diverse 
capabilities, spanning across not just one but many sciences. 

The term environmental forensics is often misapplied to what should rightfully 
be called forensic environmental chemistry. For example, environmental forensics 
has been defined as “the systematic investigation of a contaminated site or an event 
that has impacted the environment,” a definition that is clearly biased toward the 
chemistry perspective (Stout et al., 1998). The broad capabilities of the field are 
unnecessarily simplified to the question: Who caused the contamination, and when 
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did it occur? (Ram et al., 1999). Surely this is not the only question that environ- 
mental forensics is capable of answering. Nevertheless, this mindset has persisted 
because it is acknowledged and reaffirmed repeatedly. Many of the shortfalls of the 
earlier definitions of environmental forensics have been identified and amended in 
subsequent definitions. Many of these revisions offer a more generic, all-inclusive 
definition. One source defines forensic environmental science simply as “litigation 
science” (Murphy, 2000); another as “environmental ‘detective work’ ... operating 
at the interface junction points of several main sciences including chemistry and 
biochemistry, biology, geology and hydrogeology, physics, statistics, and model- 
ing” (Petrisor, 2005). Vives-Rego (2004) defines it not just as the environmental 
application of chemistry, biology, and geology, but as “science and the art of deduc- 
tion.” Finally, Carpi and Mital (2000) define it as “the scientific investigation of a 
criminal or civil offense against the environment.” These updated definitions more 
accurately reflect the capabilities of forensic environmental science beyond the 
chemistry realm. In particular, the definition provided by Carpi and Mital (2000) 
specifically includes the use of DNA to solve crimes perpetrated against wildlife 
and plant life. In this chapter we focus on the specific subarea of forensic envi- 
ronmental chemistry and leave to another source the broader description of the 
methods and techniques that apply to environmental forensics. 

However one chooses to define this growing field, one thing is certain: Forensic 
environmental science is filling the significant niche left void by forensic science 
and environmental science. Due in large part to its close association with the core 
sciences, forensic environmental science has experienced significant growth since 
its inception, especially in recent years. Aside from technological achievements in 
the past 30 years, several important advances have helped propel forensic envi- 
ronmental science from a burgeoning offshoot of forensic science to a scientific 
discipline in its own right. One such advancement was the founding of the journal 
Environmental Forensics in 2000 (Taylor & Francis, London). Although research 
pertaining to forensic environmental science occurred before the journal existed, 
the journal can be credited with offering a place for environmental research that 
falls under the forensic science umbrella. Thus, Environmental Forensics provides 
a forum to facilitate the exchange of information, ideas, and investigations unique 
to forensic environmental science (Wenning and Simmons, 2000). 

Forensic environmental science has become such a diverse field that it is difficult 
to find a single work that adequately covers all its subdisciplines. The literature 
on the subject that enjoys the most success does so because it focuses on a spe- 
cific area of forensic environmental science. As such, in this chapter we focus on 
forensic environmental chemistry. Our aim is to elaborate on several key areas of 
forensic environmental chemistry, perhaps where other resources have been unable 
to or have failed to do so. In particular, we focus on chemical fingerprinting and its 
subsidiaries, such as hydrocarbon fingerprinting, isotope fingerprinting, and com- 
plex mixture fingerprinting. Chemical fingerprinting attempts to individualize a 
chemical and trace it back to its origin. This technique has become increasingly 
important not only to identify that a chemical spill has indeed occurred, but also 
to identify the party responsible. We also focus on spatial analysis for the purpose 
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of source attribution. Several cases are discussed that are illustrative of the capa- 
bilities of spatial analysis and chemical fingerprinting as they pertain to forensic 
environmental chemistry. 


1.2 CHEMICAL FINGERPRINTING 


Chemical fingerprinting is a subsidiary of forensic environmental chemistry that 
examines the constituents of a mixture for the purpose of creating a unique chem- 
ical signature that can be used to attribute the chemicals to their source. At one 
time it was sufficient to arrive at a generic classification and quantitation of the 
chemical mixture so that appropriate remediation measures could be designed and 
implemented. However, modern analytical techniques that are focused on individu- 
alizing and associating a mixture with a source have become increasingly popular, 
both for liability reasons and because of the recognition and attempt to appor- 
tion liability when multiple and/or temporally distant parties may be responsible 
for chemical contamination. The main objectives of chemical fingerprinting are to 
characterize, quantitate, and individualize a chemical mixture (Alimi et al., 2003). 
In this section we provide the reader with a review of some of the constituents of 
a mixture that are useful for assembling a chemical fingerprint as well as the tech- 
niques used to screen for these constituents. The efficacy of these analytes and of 
detection techniques are evaluated by illustrating their application in several cases. 


1.2.1_ Hydrocarbon Mixtures 


The majority of chemical spills involve hydrocarbon mixtures; as a result, many 
techniques are tailored for these mixtures (Sauer and Uhler, 1994). Early techniques 
were used simply to quantify the total petroleum hydrocarbon concentration, but 
modern techniques must be capable of quantification as well as identification and 
individualization (Zemo et al., 1995). The latter two are especially important for 
litigation purposes. However, identification and individualization may also provide 
for the design of a more effective remediation plan that accounts for dispersal, 
weathering, and degradation of the chemical mixture (Zemo et al., 1995). 

Petroleum hydrocarbon mixtures may be broadly classified into three general 
groups. Petrogenic hydrocarbons are present in crude oil or its refined products. 
Pyrogenic hydrocarbons are the combusted remnants of petrogenic hydrocarbons 
and other by-products. Biogenic hydrocarbons are those that arise from more recent 
natural processes: for example, swamp gas or the volatile hydrocarbon mixtures 
released by decaying plant or animal tissue exposed to anaerobic conditions. Within 
each of these three broad groups, hydrocarbons are generally separated into three 
types: saturated aliphatics (alkanes), unsaturated aliphatics (alkenes, etc.), and aro- 
matic hydrocarbons. Aromatic hydrocarbons include both light petroleum products 
[e.g., benzene, toluene, ethylbenzene, and xylenes (BTEX)] and heavier products 
such as polycyclic aromatic hydrocarbons. 

Analytical techniques such as gas chromatography are usually adequate for 
differentiating among petrogenic, pyrogenic, and biogenic hydrocarbon mixtures 
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because of the unique ratios of alkanes, alkenes, and aromatic structures that can 
be expected in these mixtures. Furthermore, gas chromatography can be used to 
differentiate different grades of petrogenic hydrocarbons because crude mixtures 
have a variety of hydrocarbon components (i.e., unresolved complex mixtures), 
which often present themselves as a “hump” on a chromatogram, whereas more 
refined mixtures have less variety in their components. Retention time for var- 
ious petrogenic compounds is affected by the structure of these compounds: for 
example, gasoline elutes first (C4 to Cj2), along with Stoddard solvents (C7 to C12), 
which are followed by middle distillate fuels (Cj9 to C24), and crude mixtures (up 
to C4p) (Zemo et al., 1995). Crude oil mixtures contain a diverse array of hydro- 
carbons and, on average, are comprised of 15 to 60% paraffins and isoparaffins, 
30 to 60% naphthenes, and 3 to 30% aromatics, with the remainder of the mixture 
being composed of asphaltenes and various trace compounds (Bruce and Schmidt, 
1994). Pyrogenic hydrocarbon mixtures can be recognized on the chromatogram 
because large molecules undergo combustion first, leaving behind a disproportion 
of smaller molecules. However, pyrogenic compounds are more difficult to attribute 
to a source because the chemical signature is further removed from the original 
petrogenic source (Bruce and Schmidt, 1994). Steranes and hopanes are often used 
as target analytes when the focus of a study is biogenic hydrocarbons, because 
these analytes are more resistant to many more forms of weathering than are other 
biogenic components (Alimi et al., 2003). 

Although it is worthwhile to classify a mixture as petrogenic, pyrogenic, or 
biogenic in origin, this is commonly not enough. To arrive at a unique chemical 
signature, the analysis must extend beyond identifying the class characteristics of a 
mixture. Modern methods often involve the examination of ancillary components of 
a mixture, such as dyes, additives, stable isotopes, radioactive isotopes, biomarkers, 
polycyclic aromatic hydrocarbons (PAHs). PAH homologs, and metabolized PAHs. 
It is customary to screen for many of these analytes with the intent of providing 
the most comprehensive chemical signature possible. Before selecting a suite of 
analytes, it is wise first to consider if these analytes may already have been present 
at a location (due to a prior contamination or natural processes) and if these analytes 
are highly susceptible to degradation. Indeed, the characteristics of a good chemical 
marker are that it is resistant to degradation and that it can uniquely identify the 
hydrocarbons released from other sources (Sauer and Uhler, 1994). 

The first step in confirming hydrocarbon contamination is accomplished by 
screening for saturated hydrocarbon molecules such as pristane and phytane. These 
are isoparaffins that are resistant to degradation and are highly indicative of hydro- 
carbon contamination (Sauer and Uhler, 1994). Pristane and phytane usually rep- 
resent themselves to the right of C;7 and Cig peaks on a chromatogram. Fresh 
hydrocarbon mixtures have prominent C,7 and Cjg peaks in relation to pristane 
and phytane peaks, whereas the converse is true for degraded mixtures (Bruce and 
Schmidt, 1994; Morrison, 2000b). Due to the proportionality between the ratios of 
these compounds and the extent of degradation, the ratios of pristane and phytane 
to the Cj7 and Cig peaks are often used to estimate the degree of weathering. 
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1.2.2 Polycyclic Aromatic Hydrocarbons 


Polycyclic aromatic hydrocarbons (PAHs) are hydrocarbon compounds with two to 
six rings. Homologs of the PAH compounds may be similar to the parent compound 
except that they are substituted for by one or more alkyl groups. The ratio of two 
PAHs to two other PAHs is sometimes expressed in double-ratio plots, in which 
certain regions of the plot are diagnostic for one source or another. It is also 
becoming increasingly common to screen for metabolized PAHs (as well as BTEX 
compounds), whose structures differ predictably from the original PAH. PAHs are 
often very useful in studies involving weathered mixtures, because the complex 
structure of PAHs makes them more resistant to degradation. The rate of degradation 
is proportional to the complexity of the ring structure, with the compounds having 
the fewest number of rings degrading first (Alimi et al., 2003). Some target parent 
PAH compounds and their alkyl homologs are shown in Table 1.1. 

One of the most prominent applications of PAH analysis has been the study of 
the Exxon Valdez oil spill. The spill occurred when the tanker hull was punctured 
as it ran aground on March 24, 1989, releasing some 10.8 million gallons of 
oil into Prince William Sound, Alaska. The oil released was dispersed by water 
currents and a windstorm that followed the spill a few days later, and concern 


TABLE 1.1 Target Parent PAH Compounds and Their Alkyl 
Homologs 


Naphthalenes 
Co-naphthalene (N) 
C,-naphthalenes (N1) 
C)-naphthalenes (N2) 
C3-naphthalenes (N3) 
C4-naphthalenes (N4) 


Phenanthrenes 
Co-phenanthrene (P) 
C,-phenanthrenes (P1) 
C)-phenanthrenes (P2) 
C3-phenanthrenes (P3) 
C4-phenanthrenes (P4) 


Chrysenes 
Co-chrysene (C) 
C,-chrysenes (C1) 
Co-chrysenes (C2) 
C3-chrysenes (C3) 
C4-chrysenes (C4) 

EPA priority pollutant 
Biphenyl (Bph) 
Acenaphthylene (Acl) 
Acenaphthiene (Ace) 
Anthracene (An) 
Fluoranthene (Fl) 


Dibenzothiophenes 
Co-dibenzothiophene (D) 
C,-dibenzothiophenes (D1) 
C2-dibenzothiophenes (D2) 
C3-dibenzothiophenes (D3) 


Fluorenes 
Co-fluorene (F) 
C,-fluorenes (F1) 
C2-fluorenes (F2) 
C3-fluorenes (F3) 


Source: Alimi et al. (2003). 


Pyrene (Py) 
Benzo[a Janthracene (BaA) 
Benzo[b ]fluoranthene (BbF) 
Benzo[k |fluoranthene (BkF) 
Benzol[e ]pyrene (BeP) 


Benzo[a]pyrene (BaP) 
Perylene (Pe) 
Indeno[1,2,3-cd]pyrene (IP) 
Dibenz[a,h]anthracene (DA) 
Benzo[ghi |perylene (BP) 


CHEMICAL FINGERPRINTING 7 


was raised over the dispersal of the oil into adjacent bodies of water (Galt et al., 
1991). Many of these concerns were seemingly corroborated by the detection of oil 
in neighboring bays. However, it was speculated that some of the oil detected in 
these neighboring waters may have been from biogenic sources, petrogenic sources 
from previous spills, or pyrogenic sources from hydrocarbons that had previously 
undergone combustion. A massive effort was mounted to identify the extent to 
which Exxon was responsible for oil detected in these adjacent waters. 

The study immediately focused on components of oil that were the most resistant 
to degradation, such as PAHs and biomarkers. A substantial part of the investigation 
focused on evaluating the effects of weathering on the Exxon Valdez cargo if it was 
to be accurately differentiated from other sources (Figure 1.1). As expected, lighter 
components of the oil matrix were preferentially lost to weathering. With the effects 
of weathering understood, the investigation then turned to PAH analysis. Two PAHs 
that were focused on for distinguishing different crude mixtures were phenanthrenes 
and dibenzothiophenes; chrysenes were used to differentiate crude from refined 
mixtures because chrysenes are removed during the refining process (Boehm et al., 
1997). The ratios of the PAH compounds to one another were particularly useful 
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Figure 1.1 Effects of weathering on (a) saturated hydrocarbons and (b) aromatic hydro- 


carbons from the Exxon Valdez spill. N, naphthalenes; F, fluorenes; P, phenanthrenes; D, 
dibenzothiophenes; C, chrysenes (Boehm et al., 1997). 
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because the concentrations of the PAHs will change with weathering; however, the 
ratio of one PAH to another generally remains constant (Boehm et al., 1997). In 
this case, researchers created a double-ratio plot comparing dibenzothiophenes to 
phenanthrenes in order to distinguish PAHs of the Exxon Valdez spill from PAHs 
of other sources (Figure 1.2). As seen in the figure, the double-ratio plot showed 
distinct clustering of oil samples from different sources, allowing a differentiation to 
be made. When the PAHs in neighboring bays were analyzed, some were attributed 
to the Exxon Valdez spill, but many were found to have originated from other 
sources, both natural and anthropogenic (Boehm et al., 1998). 

PAHs have also been used to study contamination at former manufactured gas 
plant (MGP) facilities. Prior to the use of natural gas, MGPs made coal gas to 
use as fuel. Former MGP sites are evaluated for contamination by screening for 
PAHs that would have been introduced to the environment as coal tar, which is 
a by-product of the coal gas manufacturing process. This can sometimes be a 
difficult task because the sites often contain PAHs that may be unrelated to the 
MGP, having been introduced via other natural and anthropogenic avenues. The 
investigations are further complicated because similar PAH signatures are obtained 
for MGP coal tar residues and background residues. Although the composition of 
the PAHs contained in MGPs and background sources may be similar, the PAH 
ratios and patterns (i.e., petrogenic or pyrogenic) can be used to differentiate PAHs 
from different sources. One study examined the ratios and patterns of PAHs for 
the purpose of distinguishing MGP PAHs from background PAHs in soil samples 
collected in and around a stream near an MGP (Costa et al., 2004). 

PAHs may be present either as unsubstituted parent compounds or as a substi- 
tuted alkyl homolog (see Table 1.1 for examples). Petrogenic patterns of PAHs are 
recognized because they contain a bell-shaped distribution of the parent PAH and 
its homologs where concentration of the single- or double-substituted homologs 
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Figure 1.2 Double-ratio plot showing how the ratio of PAHs (dibenzothiophenes to 
phenanthrenes) can be diagnostic for one source or another (Boehm et al., 1997). 
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are highest, and concentrations decrease as one moves in either direction toward 
the unsubstituted parent or toward the complex, multisubstituted homolog (see 
Figure 1.4 for an example). Pyrogenic patterns of PAHs are recognized because 
they contain a distribution in which the parent PAH is more abundant, due to 
preferential combustion of the substituted homologs. Researchers observed a pyro- 
genic pattern in PAH residues derived from the MGP site in question (Figure 1.3), 
but samples collected from an adjacent stream indicated a mix of petrogenic and 
pyrogenic PAHs (Figure 1.4). 
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trations of substituted homologs of the parent compounds indicate the pyrogenic origin 
of the sample (Costa et al., 2004). 
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The researchers then turned to high-molecular-weight PAH ratios to determine 
if the pyrogenic pattern observed in the stream was from weathered MGP residues 
or from recent background contamination. Several PAHs were chosen to create 
double-ratio plots in which certain sections of the plot were diagnostic for either 
the MGP, background sources, or a mix of the two. A comparison of samples from 
the streambed surface (Figure 1.5) and samples from the streambed subsurface 
(Figure 1.6) indicated that most of the surface (i.e., newer) PAHs were derived 
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Figure 1.5 Double-ratio plot used to distinguish site-related, background, and mixed 
PAH signatures in streambed surface samples (Costa et al., 2004). 
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Figure 1.6 Double-ratio plot used to distinguish site-related, background, and mixed 
PAH signatures in streambed subsurface samples (Costa et al., 2004). 
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from background sources, whereas most of the subsurface (i.e., older) PAHs were 
derived from the MGP site. Results of studies such as this can help to draw attention 
to other potential sources of contamination in order achieve the most efficacious 
remediation effort. 


1.2.3 Biomarkers 


Biomarkers such as steranes and hopanes are hydrocarbon remnants of deceased 
organisms that are useful in chemical fingerprinting because they are extremely 
resistant to weathering (Alimi et al., 2003). Thus, biomarkers can often be useful 
to individualize a hydrocarbon mixture when saturated hydrocarbons and PAHs 
have already been degraded (Sauer and Uhler, 1994). A comprehensive list of 
biomarkers that are useful in hydrocarbon mixture studies is provided by Alimi 
et al. (2003). 


1.2.4 Additives 


Inorganic compounds are often added to hydrocarbon mixtures to serve as anti- 
knock agents, octane boosters, corrosion inhibitors, and anti-icers (Kaplan, 2003). 
Additives are not present in crude mixtures, of course, so their presence is indica- 
tive of a refined mixture (Bruce and Schmidt, 1994). Because refining practices and 
additives change over time, and since these changes have been well documented, 
the presence of particular additives in a hydrocarbon mixture can be highly indica- 
tive of a certain time frame during which a sample was produced. For example, 
lead was first added to gasoline in 1923, and its concentration in gasoline decreased 
steadily until it was phased out in U.S. automobile fuels in 1995 (Kaplan, 2003). 
Other gasoline additives that have predictably appeared and disappeared through- 
out history are methylcyclopentadienyl manganese tricarbonyl (MMT) and methyl 
tert-butyl ether (MTBE). The chronology of some popular additives has been thor- 
oughly documented in several sources (Morrison, 2000a,b; Kaplan, 2003). Some 
additives, such as lead, have been used over large time frames, but the concentration 
of lead in gasoline has varied predictably over the years. Although this can be used 
to arrive at a reasonable estimate of time of manufacture of the hydrocarbon mix- 
ture in question, it is not an infallible method because additive concentrations are 
often reported based on a pooled standard, which ignores batch-to-batch variation 
(Morrison, 2000a). 

The use of additives for dating a release can be complicated by the fact that 
additives may be discontinued in certain countries or for certain applications, but 
may still be used in others. Additives that are supposedly absent in a mixture may 
also be present in very dilute amounts. The utility of additives in dating manufacture 
or release dates is greater than their capacity to individualize a mixture. This is 
because many companies often purchase additives from the same manufacturer. 
These additives are then added unaltered into various hydrocarbon mixtures, so 
many different mixtures may have the same additives present (Morrison, 2000a). 
Further complications when screening for old additives may be encountered because 
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these compounds often contain oxygen, which contributes to their rapid weathering 
over time (Morrison, 2000b). 


1.2.5 Isotopes 


When complex hydrocarbon mixtures cannot be identified by analysis of stable 
components, the mixtures can be identified by analysis of stable isotopes within 
the mixture. Stable isotopes are often analyzed with respect to one another. In 
other words, the ratio of one stable isotope to another stable isotope within the 
same mixture can often be unique, thereby allowing for the creation of an isotope 
signature. In contrast to stable isotopes, unstable isotopes decay predictably such 
that the degree of decay can be correlated with the age of the mixture. Analysis 
of unstable isotope decay is often referred to as a long-term method because it is 
capable of estimating release dates thousands of years prior. Unstable isotopes are 
also useful because their decay is independent of environmental factors such as 
weathering (Kaplan, 2003). 

Isotopes can be useful in chemical fingerprinting in two ways. The ratio of two 
isotopes can be compared as a means of individualization because no two mixtures 
will have exactly the same ratio of two isotopes. Carbon and lead isotope ratios 
are commonly used for source identification. Radioactive isotopes are also useful 
for dating a release because these isotopes have known rates of decay that are 
independent of environmental conditions. 

Carbon isotopes were used in one study to determine the origin of soil gas 
methane near the site of a prior gasoline spill (Lundegard et al., 2000). The inves- 
tigation was triggered by the detection of high methane levels near a service station 
where approximately 80,000 gallons of gasoline had been spilled 20 years earlier. 
Initially, it was speculated that the methane was due to the bacterial degradation of 
the gasoline, but the investigators were considering other possibilities. Suspicion 
was raised because high levels of methane were detected outside the original gaso- 
line plume, and in some cases the levels detected outside the plume were higher 
than those within the plume (Figure 1.7). 

The initial hypothesis of methane generation by bacterial degradation of the 
gasoline was also challenged because this is not a common degradation pathway. 
For gasoline to be fermented to methane, it would first have to be converted to the 
necessary precursor compounds for methanogenesis by fermentation (Lundegard 
et al., 2000). Although the generation of methane via this pathway is possible, the 
investigators were considering more plausible origins of the methane that, coinci- 
dentally, were unrelated to the gasoline spill. One of the potential origins considered 
was the biodegradation of organic matter. 

The methanogenesis of petrogenic compounds can be distinguished from that 
of organic compounds from biogenic origins through the use of °C, which is a 
stable carbon isotope. Differentiating the methanogenesis of petrogenic and organic 
compounds is accomplished based on the idea that older, petrogenic compounds 
have lower quantities of °C isotopes than does newer organic matter. The process 
of methanogenesis significantly reduces the amount of !3C present in the original 


CHEMICAL FINGERPRINTING 13 





21 
22 0.21 26 








+2 
100 feet 




































| original (Tow 30m 
{ gasoline 22 
plume @% methane 
‘\ 
47@ 913 iy 
@15 : 





Figure 1.7 Service station map showing methane concentrations within and surrounding 
the original plume (Lundegard et al., 2000). 


organic matter, but the °C in the nascent methane remains stable regardless of 
environmental conditions (Lundegard et al., 2000). The study indicated that wood 
fill from beneath the service station site and gasoline from within the original plume 
had indistinguishable '°C quantities. 

Another way of differentiating methane from petrogenic and biogenic sources is 
through the use of '*C, which is a naturally occurring radioactive isotope of carbon 
taken up by all living organisms. The age of the source from which the methane 
was formed can be predicted because '4C has a half-life of about 5700 years, 
and therefore it will still be detectable in methane formed from biogenic organic 
matter less than 50,000 years old. The hypothesis that methane originated from 
the degradation of biogenic organic matter was corroborated by the '4C analysis, 
which indicated that the highest '*C levels were detected outside the original plume 
(Figure 1.8). The level of '*C in petrogenic hydrocarbons is zero, so the researchers 
concluded that the methanogenesis must be of biogenic origins. This hypothesis 
was further supported because a review of the site history indicated that the area 
consisted of organic fill, including wood and sawdust. 


1.2.6 Tracers 


When none of the analytes discussed previously are amenable to the case at hand, 
techniques that rely on tracers can sometimes be used for forensic tracking of envi- 
ronmental chemicals. A tracer can be any molecule that is diagnostic of one source 
but not others. Sometimes, multiple tracers are used to augment the significance 
of the results. One study used organic tracers to determine the origin of gas- and 
particle-phase air pollutants in two California cities (Schauer and Cass, 2000). The 
objective of the study was to determine the primary source(s) of air pollutants in 
Fresno and Bakersfield, California. The results and chemical composition of sam- 
ples collected at the two locations were compared to those collected at a remote 
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site located at the Kern Wildlife Refuge and distant from anthropogenic sources 
of air pollutants. Previous tests for air pollutants have used generic compounds to 
draw connections between air pollutants and their sources (Harley et al., 1992). 
However, some of the analytes used in these other studies are not exclusive to a 
particular source. The researchers in the California study aimed to develop a more 
accurate method for tracing the origin of the air pollutants. Atmospheric sam- 
ples in the two cities were collected, as well as single-source control samples that 
consisted of combustion emissions from gasoline-powered motor vehicles, diesel 
engines, hardwood combustion, softwood combustion, and meat-cooking opera- 
tions. Tracers that were unique to sources and those that were common between 
multiple sources were chosen both to fingerprint and then apportion emissions in 
particulate samples with mixed origins. Further criteria used to choose tracers were 
(1) that they were not selectively removed from the environment, and (2) that they 
were not formed by atmospheric reactions to any significant extent. The researchers 
used direct measurements of these tracer compounds to draw conclusions about the 
source of particulate pollutants in the areas indicated. 

Specific tracers were used to apportion the results obtained from specific sources. 
For example, the compound levoglucosan was found to be specific to wood com- 
bustion, so the concentration of levoglucosan in proportion to other constituents in 
a mixed sample could be used to apportion the contribution of wood combustion 
to particulate loading in an area (see Figure 1.9). Based on the concentrations of 
the other tracers in the samples, the relative contributions of each source (e.g., 
automobiles, wood combustion) were apportioned (Figure 1.10). Low levels of 
pollutants derived from anthropogenic sources at the remote site were noteworthy. 
The researchers concluded that local anthropogenic emissions (particularly auto- 
mobile exhaust) were responsible for the majority of air pollutants in the two urban 
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Figure 1.9 Ambient concentrations of various air pollution tracer compounds in samples 
(Schauer and Cass, 2000). 


environments, whereas naturally occurring dusts were primary contributors at the 
remote site. 

Inorganic compounds can also be used for forensic chemistry purposes. One 
study used metal tracers to identify dust that resulted from the collapse of the World 
Trade Center (WTC) buildings (Scott et al., 2007). The analysis of particulate matter 
arising from this catastrophic event has been an area of great interest because there 
are significant health implications associated with inhalation of the dust. Substantial 
amounts of the dust were transferred from the collapse to nearby buildings, so the 
objective of the research was to develop a method based on metal tracer detection 
to determine which buildings were most affected, and for those that were severely 
affected, to determine if appropriate remediation efforts had been undertaken. 

Techniques employed included screening for human-made vitreous fibers, as 
well as trace metals, including As, Cd, Cr, Cu, Pb, Mn, Ni, V, and Zn. Trace 
metal detection was found to be more applicable to the identification of WTC 
dust because the atmosphere and buildings around the WTC were probed routinely 
for these metals after the collapse (Scott et al., 2007). Although these metals can 
originate from other sources as well, the researchers expected trace metals to be 
detected in quantities and ratios that were unique to WTC dust. 
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Figure 1.10 Source apportionment to particulate air pollution in two urban areas and 
one remote site in California (Schauer and Cass, 2000). 


Concentrations of the nine metals in WTC dust as reported by four studies were 
compared to concentrations in background dust collected from Arizona. A dis- 
criminant analysis model was used to classify each sample as having originated 
from WTC or background dust based on the relative concentrations of the nine 
metals (Figure 1.11). The analysis indicated that WTC dust had elevated levels of 
Cr and Mn and low levels of As, Cd, and Cu compared to background dust. The 
researchers were able to demonstrate that trace metals could be used to distinguish 
pure WTC dust from background dust with 94% accuracy; however, mixed dust 
samples had lower levels of accuracy (Scott et al., 2007). 


1.2.7 Methods of Detection 


One of the most widely used techniques in chemical fingerprinting for hydrocar- 
bons is gas chromatography. This is based on the concept that each compound has 
a unique structure and will therefore be retained differentially in the gas chromato- 
graph before being eluted. As long as other parameters (e.g., temperature, column 
length, column packing) are held constant, any differences in retention time can be 
attributed to the structure of the compound (Bruce and Schmidt, 1994). Mixtures 
contain many different compounds, so a gas chromatogram represents a chemi- 
cal fingerprint of all the chemical constituents in a mixture. Gas chromatography 
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Figure 1.11 Comparison of trace metal fingerprints in dust from the WTC (white bars) 
and from background (striped) (Scott et al., 2007). 


is often combined with other techniques to achieve a more detailed analysis. For 
example, a gas chromatograph is commonly used as a preliminary separation tech- 
nique that is followed by detection using mass spectroscopy. Some researchers even 
use two-dimensional gas chromatography (GC x GC) to achieve superior resolution 
(Gaines et al., 1999). A good review of the literature focusing on these techniques 
is provided by Suggs et al. (2002). The potential weaknesses and vulnerabilities of 
these techniques are discussed by Morrison (2000b). 

Although many of the aforementioned techniques are highly effective, they often 
have a deleterious impact on the sample. That is, substantial portions of the sample 
are often destroyed in the course of the analysis. Sample destruction may not be a 
major concern in other disciplines, but evidence is sometimes limited in forensic 
investigations, and what little sample may be available often attains the status of 
a precious and rare commodity. Another example of when the destruction of a 
sample is avoided is when the sample itself is, quite literally, a rare commodity, 
such as an archaeological treasure or artifact. For samples of limited quantity or 
prized value, less invasive methods of analysis are often sought. 

One study that warranted the use of a minimally invasive technique involved the 
analysis of ancient tools made of obsidian (Tykot, 2002). The purpose of the anal- 
ysis was to evaluate the Mediterranean sources and trade routes of obsidian tools 
without damaging them. To bolster the results and to compensate for the poten- 
tial weaknesses of certain techniques, this study relied on a series of methods, 
including scanning electron microscopy (SEM), x-ray fluorescence (XRF), neu- 
tron activation analysis (NAA), and inductively coupled plasma mass spectroscopy 
(ICP-MS). The elemental compositions indicated by the four techniques were used 
to construct possible sources and distributions of obsidian. The results helped lend 
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credence to the theory of a vast distribution network for the tools rather than the 
lone source theory that was once promulgated. 


1.2.8 Weathering 


When screening for various analytes, one variable that must be kept in mind is 
weathering. This is the process by which the chemical signature of a mixture is 
altered due to evaporation, dispersal, biodegradation, or oxidation of certain compo- 
nents of the mixture. Short-chain hydrocarbons are most vulnerable to weathering 
mainly because their simple structure makes them susceptible to degradation, par- 
ticularly to biodegradation (Alimi et al., 2003). Compounds with more complex 
structures are generally more resistant to weathering. Weathering generally occurs 
at predictable rates such that the age of the mixture can be estimated accurately 
based on the relative amount of weathering of short-chain hydrocarbons to larger, 
more resistant molecules. However, weathering can vary because of site-specific 
differences in environmental conditions (Morrison, 2000b). The compounds that 
exhibit the greatest longevity are generally the most useful for estimating the 
degree of weathering and therefore the age of a particular compound. Isotopes, 
BTEX compounds, PAHs, and biomarkers have all been used with varying degrees 
of success for determining the extent of weathering of hydrocarbon samples. 

Certain studies have focused on families of constituents of oil that are resistant to 
degradation, specifically paraffins, isoparaffins, aromatics, naphthenes, and olefins, 
all of which generally range from three to 13 carbons (Kaplan et al., 1997). These 
compounds, commonly referred to as PLANO compounds, are useful because their 
ratios vary among different hydrocarbon mixtures. For example, fuels of different 
grades and octane levels are composed of unique ratios of PLANO compounds. 
PIANO analysis is particularly useful to spatial analysis because the concentration 
of the various PIANO constituents and additives has changed over time, due to 
evolving oil refining practices, varying octane levels, and increasingly stringent 
legal regulations (Davis et al., 2005). 


1.3 SPATIAL ASSOCIATION OF ENVIRONMENTAL INCIDENTS 


Spatial analysis is used to associate a pollutant release or plume with a source by 
tracing back its geographic point of origin to a particular place in space or time. 
This approach is often thought of as one of the more esoteric areas of forensic 
environmental chemistry; however, this reputation is, for the most part, undeserved 
because spatial analysis is inherently simple and straightforward. Spatial analysis 
applies all of the usual tools of forensic environmental chemistry to a spatial prob- 
lem. For example, spatial analysis relies on many of the analyses with which we 
are familiar, such as those that screen for various hydrocarbons, fuel additives, 
isotopes, and biomarkers. However, spatial analysis attempts to determine more 
than the source and content of a particular contamination. Spatial analysis goes 
further by elucidating not only the “what” and “who” of a chemical contamination 
incident, but also the “where” and “for how long.” 
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Spatial analysis of chemical transport involves integrating the results of chem- 
ical analyses with spatial and sometimes historical information about a site. For 
example, Carpi et al. (1994) examined the spatial distribution of airborne mercury 
pollution around a municipal solid-waste incinerator. The study used transplanted 
and prepared samples of sphagnum moss as biological monitors of air pollutants. 
Clean moss samples were distributed to 16 sites within a 5-km (3.1-mi) radius of 
the waste incinerator, plus one remote site about 20 km (12.4 mi) away. Samples 
of the moss at each of these stations were collected in duplicate every 2 weeks for 
about three months. The samples were analyzed by cold vapor atomic absorption 
spectroscopy for mercury contamination in two ways: Each sample was split and 
half was analyzed as received and the other half was first oven-dried at 105°C for 
24 h before analysis. 

Higher concentrations of mercury were correlated with sites closest to the incin- 
erator, which then led the researchers to use meteorological data from the nearest 
weather service station [38 km (23.6 mi) away] to determine if mercury near the 
incinerator could indeed be traced back to the incinerator. It was determined that 
plants from sites with the highest levels of mercury were downwind of the incin- 
erator. A locally weighted spatial statistics technique called kriging was used to 
develop regression surfaces for the pollutants over the area and these regression 
surfaces showed that proximity to the incinerator accounted for a high degree of 
the variability in mercury concentrations with location (Opsomer et al., 1995). The 
study benefited by incorporating topographical data to support the conclusions. 

Interestingly, the mercury concentration in moss from the remote site was 
approximately equivalent to the mercury detected in some of the samples within 
the 5-km radius of the incinerator. However, comparison of the undried to dried 
moss samples demonstrated that the volatility of mercury at the remote site, and 
thus chemical species of mercury accumulating in samples at the remote site, 
was significantly different than it was near the incinerator. Samples collected near 
the incinerator demonstrated relatively low volatility, and indeed incinerators are 
known to emit high levels of HgClo, which has a low volatility (Carpi, 1997). 
In contrast, mercury at the remote site demonstrated high volatility, indicating 
that the form of mercury in the samples was primarily volatile elemental mercury. 
The authors conducted a site history at the remote site that revealed that whereas 
the site was distant from any anthropogenic source of mercury, it was close to a 
recently flooded reservoir system, and flooding of land is known to release naturally 
occurring elemental mercury from soil. 

Spatial analysis can sometimes be complicated if samples have been collected 
sporadically or randomly, or if the data are otherwise incomplete. Such was the 
case in a study that investigated unusually high radiocesium ('3’Cs) levels in a 
river basin near the Chernobyl nuclear power plant (Burrough et al., 1999). An 
explosion occurred at the power plant in April 1986 and released radioactive mate- 
rials to large areas surrounding the plant. After the explosion, '*’Cs levels in the 
contaminated areas generally decreased due to radioactive decay and various envi- 
ronmental factors that resulted in dispersal and dilution. However, some locations 
near a river basin exhibited high or increasing levels of '*’Cs after the explosion. 
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The research attempted to find a correlation between hydrological events (e.g., 
flooding) and spatial and temporal variations in '*’Cs contamination by using a 
method of statistical analysis involving geographical information systems (GISs) 
(Burrough, 2001). 

GIS was used to construct various maps showing soil types, land cover, and 
proximity of the flooded areas to main rivers. Using the maps to inspect the spatial 
distribution of '°’Cs over the contaminated area was complicated because sam- 
ples were collected only in 1988, 1993, and 1994. The sparsely collected samples 
necessitated data interpolation, in which new data points were created to augment 
existing data points. However, interpolation of GIS data can sometimes be unreal- 
istic unless the propagation of errors is understood through the use of geostatistics. 
Ultimately, the use of a GIS and geostatistics in this study helped to establish 
that there was a relationship between flood events in the river basin and high 
concentrations of !3’Cs. 

GISs have been used for many years, but it has only recently been suggested 
that a GIS be combined with geostatistics, for the precise reasons illustrated in the 
case above. The GIS technique was developed to automate the mapmaking process 
by aiding in storage, retrieval, analysis, and display of spatial data (Burrough, 
2001). The flaw in the GIS method is that it analyzes the attributes of an object 
or surface but does not consider spatial variation. Geostatistics has been proposed 
as the perfect complement to GISs because geostatistics is more realistic, in that it 
considers chance, uncertainty, and incompleteness in a data set (Burrough, 2001). 
Unfortunately, the fundamental differences between the two fields, combined with 
the fact that GISs were not designed with geostatistics in mind, have often caused 
some recalcitrance when the combination of GISs and geostatistics is suggested 
(Wise et al., 2001). The benefits of using both methods have only begun to be 
appreciated, mostly because the advantages can no longer be ignored. Geostatistics 
stands to profit from the union primarily because a visual interpretation of the data 
is made available. GISs will benefit because they often rely on data sets that are 
incomplete and uncertain, and geostatistics offers a method for interpolating such 
data and understanding the error (Burrough, 2001). 

Spatial analysis is a blend of many techniques that are not necessarily exclusive 
to spatial analysis. At times, its boundaries may even seem amorphous. Spatial 
analysis may be regarded as superior to other disciplines that share these techniques 
because only spatial analysis attempts to discern both the spatial and temporal extent 
of a contamination. Other disciplines merely apply these techniques to determine 
the identity of the contaminant. Spatial analysis is likely to be relied on increasingly 
in the future as a supplement to more conventional techniques when there is a need 
to identify the source and dispersal pattern of widespread contamination. 


REFERENCES 


Alimi, H., Ertel, T., et al. (2003). Fingerprinting of hydrocarbon fuel contaminants: liter- 
ature review. Environ. Forensics, 4(1):25—-38. 


REFERENCES 21 


Boehm, P. D., Douglas, G. S., et al. (1997). Application of petroleum hydrocarbon chem- 
ical fingerprinting and allocation techniques after the Exxon Valdez oil spill. Mar. 
Pollut. Bull., 34(8):599-613. 

Boehm, P. D., Page, D. S., et al. (1998). Study of the fates and effects of the Exxon Valdez 
oil spill on benthic sediments in two bays in Prince William Sound, Alaska: 1. Study 
design, chemistry, and source fingerprinting. Environ. Sci. Technol ., 32(5):567—576. 

Bruce, L. G., and Schmidt, G. W. (1994). Hydrocarbon fingerprinting for application in 
forensic geology; review with case studies. AAPG Bull., 78(11):1692-—1710. 

Burrough, P. A. (2001). GIS and geostatistics: essential partners for spatial analysis. 
Environ. Ecol. Stat., 8(4):361-—377. 

Burrough, P. A., van der Perk, M., et al. (1999). Environmental mobility of radiocaesium 
in the Pripyat Catchment, Ukraine/Belarus. Water Air Soil Pollut., 110(1):35-55. 
Carpi, A. (1997). Mercury from combustion sources: a review of the chemical species 
emitted and their transport in the atmosphere. Water Air Soil Pollut., 98(3-—4): 

241-254. 

Carpi, A., and Mital, J. (2000). Expanding use of forensics in environmental science. 
Environ. Sci. Technol ., 34(11):A262—A266. 

Carpi, A., Weinstein, L. H., et al. (1994). Bioaccumulation of mercury by sphagnum moss 
near a municipal solid waste incinerator. J. Air Waste Manag. Assoc., 44(5):669-672. 

Costa, H. J., White, K. A., et al. (2004). Distinguishing PAH background and MGP 
residues in sediments of a freshwater creek. Environ. Forensics, 5(3):171—182. 

Davis, A., Howe, B., et al. (2005). Use of geochemical forensics to determine release 
eras of petrochemicals to groundwater, Whitehorse, Yukon. Environ. Forensics, 6(3): 
253-271. 

Gaines, R. B., Frysinger, G. S., et al. (1999). Oil spill source identification by comprehen- 
sive two-dimensional gas chromatography. Environ. Sci. Technol., 33(12):2106—2112. 

Galt, J. A., Lehr, W. J., et al. (1991). Fate and transport of the Exxon Valdez oil spill: 4. 
Environ. Sci. Technol. 25(2):202—209. 

Haddad, R. I. (2004). Invited editorial: What is environmental forensics? Environ. Foren- 
sics, 5(1):3. 

Harley, R. A., Hannigan, M. P., et al. (1992). Respeciation of organic gas emissions and 
the detection of excess unburned gasoline in the atmosphere. Environ. Sci. Technol., 
26(12):2395—2408. 

Kaplan, I. R. (2003). Age dating of environmental organic residues. Environ. Forensics, 
4(2):95-141. 

Kaplan, I. R., Galperin, Y., et al. (1997). Forensic environmental geochemistry: differenti- 
ation of fuel-types, their sources and release time. Org. Geochem., 27(5—6):289-317. 

Lundegard, P. D., Sweeney, R. E., et al. (2000). Soil gas methane at petroleum contami- 
nated sites: forensic determination of origin and source. Environ. Forensics, 1(1):3—10. 

Morrison, R. D. (2000a). Application of forensic techniques for age dating and source 
identification in environmental litigation. Environ. Forensics, 1(3):131-—153. 

Morrison, R. D. (2000b). Critical review of environmental forensic techniques: II. Environ. 
Forensics, 1(4):175-195. 

Murphy, B. L. (2000). Editorial. Environ. Forensics, 1(4):155. 

Opsomer, J. D., Agras, J., et al. (1995). An application of locally weighted regression to 
airborne mercury deposition around an incinerator site. Environmetrics , 6(2):205—219. 


Eleventh Moo: 


May 2 to May 29, 2o12 aS SPECTRAL MOON —_ 


Totem Animal: Serpe 
How do | release 5s et go? 







@ ra) 


Kin 235 Kin 236 Kin 237 
Kin 242 Kin 243 gees | | Kin 244 Kin 245 — Kin 246 ne 
ee |G 5113 5/14 
i ” eeee 19 









Twelft 

May 30 to ele ne 26, ele 
Totem Animal: Rab 

How can I dedicate a self to 
all that @ 


© © 


h 
Kin 3 Kin 4 Kin S in — 

CEL 
Kin? sess Kin 10 —_— a a Kin 13 oa Kin 14 . Kin 15 as 
“ 89 al lo af | C) 12@B)! 135|| 148) 4. 

6/6 6/7 6/8 6/9 6/10 }(@ 6/1 6/12 
Tinie = Tin i7 ecoe || Kins “T kin 19 _t- | ‘| kin 21 ne 

6/13 6/14 6115 _}\_6/16 6/18 ~~ 
Kin 23 = Kin 24 ein Kin 25 oe Kin 26 on Kin 27 ‘ Kin 28 mT Kin 29 rer 
ing 

6/20 6/21 6/22 6/23 6/24 6/25 6/26 = 














© 


22 FORENSIC ENVIRONMENTAL CHEMISTRY 


Petrisor, I. (2005). Sampling and analyses: key steps of a forensics investigation. Environ. 
Forensics, 6(1):1. 

Ram, N. M., Leahy, M., et al. (1999). Environmental sleuth at work. Environ. Sci. Technol., 
33(21):464-469. 

Sauer, T. C., and Uhler, A. D. (1994). Pollutant source identification and allocation: 
advances in hydrocarbon fingerprinting. Remediation, 5(1):25—46. 

Schauer, J. J., and Cass, G. R. (2000). Source apportionment of wintertime gas-phase 
and particle-phase air pollutants using organic compounds as tracers. Environ. Sci. 
Technol., 34(9):1821-—1832. 

Scott, P. K., Unice, K. M., et al. (2007). Statistical evaluation of metal concentrations as 
a method for identifying World Trade Center dust in buildings. Environ. Forensics, 
8(4):301-311. 

Stout, S. A., Uhler, A. D., et al. (1998). Environmental forensics unraveling site lia- 
bility: an interdisciplinary analytical approach can unravel environmental liability at 
contaminated sites. Environ. Sci. Technol., 32(11):260A—264A. 

Suggs, J. A., Beam, E. W., et al. (2002). Guidelines and resources for conducting an envi- 
ronmental crime investigation in the United States. Environ. Forensics, 3(2):91-113. 

Tykot, R. H. (2002). Chemical fingerprinting and source tracing of obsidian: the central 
Mediterranean trade in black gold. Acc. Chem. Res., 35(8):618—627. 

Vives-Rego, J. (2004). Environmental forensics: a scientific service at the service of justice 
and society. Environ. Forensics, 5(3):123-—124. 

Wenning, R. J., and Simmons, K. (2000). Editorial. Environ. Forensics, 1(1):1. 

Wise, S., Haining, R., et al. (2001). Providing spatial statistical data analysis functionality 
for the GIS user: the SAGE project. Int. J. Geogr. Inf. Sci., 15:239—254. 

Zemo, D. A., Bruya, J. E., et al. (1995). The application of petroleum hydrocarbon fin- 
gerprint characterization in site investigation and remediation. Ground Water Monit. 
Remediation, 15(2):147—156. 


Ms CHAPTER 2 


Principles and Issues in Forensic 
Analysis of Explosives 


JIMMIE C. OXLEY 


University of Rhode Island, Chemistry Department, DHS Center of Excellence for Explosives 
Detection, Mitigation, and Response, Kingston, Rhode Island 


MAURICE MARSHALL 
(Formerly) Forensic Explosives Laboratory, Defence Science and Technology Laboratory, 
Fort Halstead, Sevenoaks, Kent, UK 


SARAH L. LANCASTER 


Forensic Explosives Laboratory, Defence Science and Technology Laboratory, Fort Halstead, 
Sevenoaks, Kent, UK 


Summary Proper handling of evidence is critical to identifying and convicting a 
criminal. Evidence at the scene of an explosion, especially a large explosion, offers 
some unique challenges. Basic principles of evidence collection, handling, storing, 
and identifying are discussed herein. 
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24 PRINCIPLES AND ISSUES IN FORENSIC ANALYSIS OF EXPLOSIVES 
2.1 INTRODUCTION 


Many types of laboratories engage in chemical analysis. In forensic science labora- 
tories, a wide variety of chemical, biological, and physical analyses are undertaken. 
The principal difference between forensic analysis and more general analysis is the 
degree of certainty required of the results. The technical issues depend on the nature 
of the sample: in particular, on whether bulk samples or invisible traces are being 
sought. Bulk samples are considered to be anything that is visible to the naked eye 
and can range from micrograms to several kilograms of material. 

The most obvious difference between analyses of bulk versus trace samples is 
the relationship between the sample and the environment. Sometimes the desired 
analyte may be in the environment, and sometimes a species in the environment 
(e.g., water, oxygen, iron particles) may degrade the sample or affect the results. 
The analyte in the environment is not generally an issue in bulk samples. In trace 
samples, the amount of contamination may be large enough to distort results. Thus, 
if the sample contains a tiny amount of the analyte sought and the environment 
contains a large concentration of that species, extreme precautions will need to be 
taken to protect the sample and exclude contact with the environment. Conversely, 
if the sample contains a large concentration of the analyte and the environment 
a tiny amount, the issue is trivial. An understanding of the composition of the 
background environment is therefore highly desirable, but not always possible. 
This needs to be considered when reporting results. 

A robust and well-designed trace analysis protocol is likely to involve (1) phys- 
ical separation between the analyst and the sample; (2) the use of disposable items 
for handling, packaging, and containment; (3) appropriate blank and control sam- 
ples; and (4) environmental monitoring. The precise detail of the measures will 
depend on the environmental challenge to the integrity of the analysis, and it is 
often possible to strengthen one protective technique to counter the weakness or 
absence of another. 

Although explosives are, of course, simply chemicals or chemical mixtures, in 
some respects their analysis is easier because many explosives (e.g., the organic 
explosives) are rarely found in the general public environment. In response to the 
Provisional Irish Republican Army (PIRA) bombing campaign on the mainland 
(1970s to 1990s), the United Kingdom (UK) led the way in protocols pertaining 
to explosive evidence. Over the course of a decade four studies were produced 
documenting explosives in the environment: two on background levels of military 
explosives and two on levels of inorganic ions (Crowson et al., 1996; Walker et al., 
2001; Cullum et al., 2004; Sykes and Salt, 2004). Of 670 samples collected on the 
British mainland, only eight showed traces of organic explosives. A recent repeat 
of this study in the United States showed that only three out of 333 samples had 
traces of high explosives (Laboda et al., 2008). Both the UK and U.S. studies 
showed nitrates at the microgram level in 20 to 30% of the samples. 

Much attention has quite correctly been paid to issues of cross-contamination in 
the analysis of explosive traces because of the generally very serious nature of the 
criminal offences involved. However, in reality, all forensic trace analyses need to 
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be protected against the risk of compromise by ill-founded suspicions of all types 
of cross-contamination. There should, of course, be no such suspicion that is well 
founded! Trace analysis procedures need to be designed, tested, and validated to 
ensure that positive evidence is produced showing the integrity of the results. This 
applies whether the sample is a few nanograms of explosive or a few nanograms 
of DNA. 

This is a field where contamination of evidence can easily occur due to the 
wide range of vapor pressures exhibited by explosive formulations. Did the Madrid 
bombing use Goma 2 ECO or Titadyn? The answer is critical because it would 
point to one or another terrorist group. Dinitrotoluene (DNT) and nitroglycerin 
were found as part of the evidence. Was it in the explosives used to make the 
terrorist devices, or was it a result of cross-contamination during storage since 
DNT is highly volatile? 


2.2 SAMPLE COLLECTION 


Unfortunately, forensic chemists do not always have control over the vital aspect 
of collection and packaging of the materials they must examine. There is a world 
of difference between the effort and preplanning required for dealing with a large 
bombing attack and that required for the investigation of a bombing of a mailbox or 
single residence. Most forensic scientists will only deal with the latter. Nonetheless, 
preplanning will be worthwhile. Clean containers and packaging materials should 
be procured and stockpiled ready for use. Examples of such items are disposable 
scoops, scrapers, dustpans, and brushes, as well as metal cans and nylon bags of 
various sizes. Similarly, collection devices such as brushes, scoops, scrapers, and 
vacuum pumps and filters should be obtained. Minivacuums can be constructed 
from disposable plastic tubing, syringe filters, and plastic syringes. 

Preferably all items used for collection should be subjected to quality assurance 
tests before use. The easiest way to ensure the cleanliness of tools used for collec- 
tion of trace explosive evidence is to use disposable items from a known supplier 
which have just come from the box. If possible, a statistical sample of each item 
should be prescreened before operational employment. However, if a prescreen 
is not possible, a more rigorous regime of analysis of blank and control samples 
can be substituted. It is to be understood that this may entail the risk of loss of 
evidence if a control is analyzed as being positive. It should also be noted that 
suitable control samples should still be obtained, even with the use of prescreened 
materials. 

Swabbing to collect trace explosive evidence is a common practice. Swabs may 
be pre-prepared using solvent-washed cotton balls that are either dry or have been 
wetted with a solvent (Jenkins and Yallop, 1970). Although ideally the swabs 
should be premade and preanalyzed, necessity may drive the investigator to use 
improvised swabs (e.g., alcohol-wetted hand-wipes, facial tissues, paper towels). 
Although swabbing is a superficially simple technique, in fact a plethora of inter- 
acting variables and issues need to be considered. A key issue is to identify the 
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type of explosive being sought: for example, inorganic or organic? Another issue 
is practicality and generality. Although it is arguably possible to design swabbing 
protocols that are optimized for the collection of particular explosives, our experi- 
ence is that it is better to design for the widest possible application. Bomb scenes 
are generally places of chaos where decision making is handicapped by lack of 
information, and it is operationally much better to avoid the need to make choices 
by providing sample collection kits of general application. 

In the UK in the early 1970s, dry swabs, water-wetted swabs, and solvent- 
wetted swabs were all used for collecting different types of residue. Subsequently, 
it was realized that the choice of dry or water- or solvent-wetted swabs was usually 
little better than guesswork prior to laboratory analysis. Furthermore, the choice 
of solvent or water was less significant than it first appeared. Although the sol- 
ubility of diverse inorganic and organic explosive species varies dramatically in 
water and organic solvents, the small amounts present in trace samples means that 
the actual concentration that has to be dissolved in the swabbing solvent is rather 
low. Moreover, too strong a solvent will not necessarily recover more explosive 
residue; rather, it will merely pick up more unwanted background material, thereby 
complicating the subsequent preanalytical cleanup and concentration in the labora- 
tory. Another very important consideration in the choice of a swabbing solvent is 
toxicity. These various issues led the UK to adopt a 50:50 ethanol—water mixture 
in their swab kits. This was found to provide recovery of a broad spectrum of 
both inorganic and organic explosive traces and to be compatible with subsequent 
laboratory protocols (Douse, 1985; Warren et al., 1999). 

Very large samples do not lend themselves to solvent washing. Large containers 
for solvent extraction may be available, but plastics may allow interferents to 
elute. Generally, borosilicate glass rather than plastic containers are preferred, but 
extraction of ions from soda glass can also be a problem. Since large containers 
are generally not available, large samples should be swabbed. The swabs found in 
premise kits could be used. (Premise kits are useful if prepared ahead of time. They 
contain clean, validated swabs; disposable gloves; tweezers; and a solvent such as 
ethanol—water 50:50. A control in a premise kit would be a solvent-wetted but 
unused swab. Like hand kits, premise kits are heat sealed under positive pressure.) 

Driven by the pressures of dealing with the long-term PIRA campaign, the UK 
has pioneered the use of premade, screened kits for both hand testing and premise 
screening. In addition, in a pilot program hair kits have been prepared specifically 
for explosives, and some laboratories include materials for hair sampling in kits 
used for the recovery of gunshot residue. 

Every effort should be made to ensure that the investigator does not contaminate 
the scene. This includes using fresh, disposable tweezers to handle and manipulate 
swabbing materials and donning disposable outerwear before entering the scene. 
Ideally, different investigators should obtain samples from the crime scene and a 
suspect’s premise to eliminate the possibility of cross contamination (of explosives 
traces and other types of evidence, such as DNA or fiber). If this is not possible 
and the same investigators are screening the scene and the suspect’s premises, they 
need to take steps to ensure that (1) they do not inadvertently transfer contamination 
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between scenes, and (2) they provide objective documented evidence to prove the 
efficacy of their measures to prevent cross-contamination. Such measures might 
include, for example, use of disposable overalls, gloves, hats, hoods or hairnets, 
and bootees or overshoes; handwashing, hairwashing, or whole-body showers, and 
possibly the taking of personal control swabs or personal checking with airport- 
style explosive screening instruments. In addition, attention needs to be paid to 
the cleaning or overwrapping of personal items such as spectacles, hair bands, 
wristwatches, and jewelry. These are excellent potential sources of trace evidence 
from suspects and present a risk of cross contamination for the scene examiner and 
the laboratory scientist. The simplest approach is, of course, the best; do not wear 
such items to a scene. 

Searching a scene for bulk and trace evidence involves somewhat different 
approaches. The investigator generally is called upon by law enforcement to iden- 
tify bulk explosives based on visual identification. This is likely to come about 
because police have entered a suspect’s premises and found something that seems 
suspicious, have intercepted an attempted bombing and disrupted the device, or 
have discovered a device that fails to function or functions inefficiently, such as 
a poorly constructed pipe bomb. Trace explosive evidence is not evident; that is, 
it is invisible to the investigator or the collector of evidence. Both the collector 
and the investigator must rely on good training, sense, and good luck. It is vital 
that collection material and people be shown to be free of contamination prior to 
entering a scene. 

At the scene of an explosion, the investigator will start by attempting to identify 
the seat of the explosion. Generally, this will be indicated by the presence of 
a crater. A crater is not always formed, such as in the case of a low level of 
explosives; if a disperse-phase (gas-phase) explosion has occurred; or if a high- 
explosive condensed-phase explosion has occurred either in midair or on a frangible 
surface that has been destroyed in the process. The location of the explosion seat 
may also be identified by tracking back from the patterns of physical damage at the 
scene, such as the marks made by objects that have been moved, or from patterns 
of fragment penetration in nearby items. 

Once the explosion seat has been located, the investigator can begin to look for 
likely places to find explosive residue. The best candidates will be substrates that 
were close to the explosion when it happened. The obvious first step is to take sam- 
ples from the crater left by the explosion. However, most of the residue is expected 
to be found “near,” not “in,” the crater where it has been thrown, spalled from the 
exploding charge, or where it has condensed out of the fireball onto relatively 
colder surfaces. Nearby metallic items such as door frames and furniture, window 
frames, and light fittings are such surfaces and should be examined. In general, if 
a surface shows evidence of explosive damage or disruption [i.e., microcratering, 
pitting, or sooting (either visible to the naked eye or through a low-power lens)], it 
may be a good source of explosive residue. In the search for explosives at a bomb 
scene, impermeable surfaces offer the best chance of finding explosive residue for 
the majority of explosives. However, for very volatile explosives, such as triacetone 
triperoxide (TATP), the issue is the rapid loss of the explosive from surfaces due to 
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evaporation or sublimation. In these circumstances, an absorbent, porous substrate 
(e.g., carpet or wood) is likely to retain the volatile explosive much longer than is 
a hard surface such as metal. In any case, sealed packaging is critical for retaining 
this evidence. As discussed below, for most explosives evidence nylon bags are 
preferable. Because one does not know a priori which type of explosive has been 
used, the on-scene investigator must take samples that cover either possibility. 

In the case of a car bombing, such as a booby trap attack intended to kill the 
occupants, the preferred option would be to package the vehicle and take it to the 
forensic laboratory. Whether the vehicle is examined at the scene or in the lab, 
the first step is to identify the seat of the explosion and then take samples from 
both the nonporous surfaces, such as plastic and metal, and the porous surfaces, 
such as carpet and upholstery. If a vehicle, a car or truck, was used to contain the 
bomb, explosive residue will probably be found on those scattered vehicle parts 
that were in close proximity or contact with the explosive before detonation; thus, 
depending on the initial location of the bomb, residues are likely on parts from the 
trunk or passenger compartment, whereas they are generally not to be found on the 
engine block. 

When searching for evidence that explosives may have been stored or hidden in 
a location or a suspect’s premises, the investigator will look for explosive traces in 
likely storage places. Apart from cupboards and shelving, other locations, such as 
hidden spaces behind removable paneling in bathrooms, should also be sampled. In 
some instances, dusty surfaces may reveal the outline of containers that have been 
removed. If it is suspected that a premises has been used for explosives manufacture 
or processing, it will also be worthwhile to remove the pipes and waste traps from 
sinks and washbasins to see if any explosive residue has collected there. 

If manufacture or chemical synthesis is suspected, clearly any obvious items 
of laboratory equipment will be seized for examination. However, amateur experi- 
menters and makers of improvised explosives are also quite likely to press ordinary 
domestic equipment into service: for example, kitchen mixing bowls, cooking 
spatulas, measuring cylinders or jugs, food processors and stirrers, and scales or 
balances. All of these should be examined for explosive residue. In the absence of 
any obvious laboratory work area at a suspect’s premises, it is often worthwhile 
to swab the kitchen work surfaces for traces of explosives residue, paying particu- 
lar attention to cracks or crevices where residues might have been missed by any 
cleaning efforts. Discovery of clandestine laboratories presents a number of diffi- 
cult issues for an investigator. First and foremost is the likelihood that unknown 
hazardous materials are present, often in unlabeled containers. Second is the very 
real risk of booby traps and antihandling devices. The investigator will wish at 
an early stage to assess whether a clandestine laboratory is likely to be drug or 
explosives related. The presence of technical literature dealing with one or the 
other subject can help. In addition, the chemical synthesis of most illicit drugs is 
chemically more complex than that of the common organic explosives. Hence, as 
an initial guide, an elaborate laboratory with complex equipment is more likely to 
be drug than explosive related. It should be noted that there have been examples 
of drug laboratories being booby trapped with explosive devices precisely to guard 
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against the arrival of law enforcement. For example, packets wrapped to appear as 
illegal drugs were in reality Armstrong’s mixture, an extremely sensitive formula- 
tion used in toy caps and party poppers. Moreover, the first encounter with TATP 
in a criminal context in the United States was in booby traps in a drug laboratory 
(Christian, 2005). 

Frequently, the investigator needs to collect evidence from a suspect’s per- 
son. Typically, the options are hands, hair, clothing, jewelry, and glasses. The 
law enforcement investigator and forensic examiner will be familiar with the use 
of pre-prepared kits for examining hands for gunshot residue. The principle can 
be extended to explosive residues, but the design details must be modified. Hair 
is washed much less frequently than hands; furthermore, it has been shown that 
explosive handlers can be allowed to wash their hair and in some instances still 
exhibit detectible levels of contamination. Examination of hair for trace explosives 
can be performed simply by combing the hair with a comb on which clean gauze 
has been threaded. After multiple passes through hair, the gauze can be disen- 
gaged from the comb and extracted with solvent for chemical analysis (Sanders 
et al., 2002; Oxley et al., 2005,2007a,b). Chemical digestion of hair is performed 
when looking for evidence of drug use, but such procedures have not yet been 
investigated for explosives. 

Clothing evidence has been pivotal in a number of high-profile cases. The Okla- 
homa City bomber, Timothy McVeigh, had traces of pentaerythritol tetranitrate 
(PETN) on his clothing; and Ressam Amad, the would-be millennium bomber, had 
acid burns and other traces of explosives on his trousers. In high-profile cases it 
is usual not only to confiscate and examine the clothing worn when the suspect 
was apprehended, but also the entire contents of his wardrobe as well as bags, 
backpacks, and holdalls, which may have been used to transport devices. It is com- 
monplace when a person is handling items for him to wipe his hands on the seat 
of his trousers. Other common hand movements that potentially transfer residue 
from hands to clothing are adjusting the knees of one’s trousers when sitting down 
or putting hands in one’s pockets. All these spots are good places to look for 
explosives traces. 

As mentioned previously, jewelry, rings, bracelets, watch straps, hair bands, and 
glasses are likely to be worn for long periods of time with no rigorous attempts 
at cleaning. These readily become contaminated with any explosive handled by a 
suspect and are likely to retain traces in crevices over long periods of time. This is a 
positive feature in terms of finding evidence of malfeasance and a negative feature 
in preventing the investigator from contaminating the evidence. Generally, these 
items are seized and solvent washed, preferably with the aid of an ultrasonic bath, 
although items such as leather watch straps can be wiped with a solvent-wetted 
swab rather than being solvent washed. 


2.3 PACKAGING 


Without the proper packaging, all the effort made in the collection of evidence 
is for naught. Selection of container material should be done well in advance of 
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need and should consider the size of the object to be collected and the degree 
of isolation required between the sample and the environment. For example, does 
the sample need to be protected against sorption of external vapors? Or is it a 
potential source of vapors that might be lost as evidence or contaminate other 
samples? Some samples, of course, should not be sealed in nonpermeable bags; 
these included dried or wet blood, which may be subject to attack by bioorganisms, 
as well as items likely to undergo chemical decomposition and generate gaseous 
decomposition products. 

Small samples are usually sealed in nylon bags with the neck twisted and taped, 
doubled over twice, and taped again. Of the plastics commonly available, nylon is 
the most impervious to vapors; commercial evidence bags are usually polyethylene. 
Large samples, such as cars, light fixtures, or window and door frames, which may 
have trace residue and might show evidence of explosive cratering, should be sealed 
in polymer sheeting (tarpaulins) and taped together with adhesive tape. Medium- 
sized samples that will not be analyzed for trace explosives can be packed in plastic 
tubs or crates with lids, evidence seals, and labels. 

It is likely that the collection of evidence at the scene will result in contamination 
of the outside of the collection container. For this reason, after the initial bagging 
at the scene, a second bagging should occur well away from the scene at an 
established workstation. Some laboratories actually perform a third bagging upon 
receipt at reception to contain any external contamination picked up in transit 
(or at the scene) and to prevent any contamination from the nontrace areas of the 
laboratory itself. An on-site workstation outside the target premises can be produced 
simply by laying out clean disposable paper at a convenient spot protected from the 
elements [e.g., the back of a police van (assuming it is known and can be shown 
not to have contained explosives or firearms)]. If it is known that evidence of trace 
explosives is to be sought and operational constraints allow time for preplanning, 
it may be worthwhile considering hiring clean vehicles and prescreening them to 
ensure the absence of explosive contamination before the operation. 

Opening the evidence at the forensic laboratory requires as much thought as 
does packaging it. If the sample has been triple-wrapped, its wrappings need to 
be removed sequentially as it moves to progressively cleaner areas. The multiple 
layers of packaging are pealed off sequentially with gloved hands in a manner 
that ensures no transfer of contamination from the outside world into the trace 
area. This means that fresh gloves are used at each step. The innermost layer of 
packaging is not opened until the item is in a location guaranteed to be free from 
contamination. 


2.4 SORTING 


The Forensic Explosive Laboratory in the UK, which has had a great deal of 
experience processing debris from large bombing events, has found it useful to use 
large, lidded plastic bins for large pieces of evidence. At the height of the PIRA 
bombing campaign, stashes of these bins were maintained at various locations 
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in England. With huge volumes of debris it was found much easier to locate the 
anomalies if the debris were sorted into bits of similar size. Therefore, in the field or 
directly on returning to the analytical facility, they presorted what was considered 
the most promising debris. The goal of such sorting was to find pieces derived 
from the bomb or its container. 


2.5 DOCUMENTATION 


A great deal of material is required to fully document a crime scene: for example, 
photographs and drawings as well as notes and logbooks. Every item of evidence 
that is collected needs to be uniquely labeled and controlled. Each person involved 
in evidence collection and labeling must have a notebook to keep track of the 
exhibit references he or she has generated. For forensic purposes the collection 
and packaging procedure needs to ensure evidential continuity and integrity, with a 
properly documented chain of custody. This is usually accomplished by attaching 
a signature seal and receipt that is countersigned as the item passes from hand to 
hand. As one might expect, modern electronic solutions have been tested in some 
jurisdictions with the aim of supplanting the traditional paper-and-ink systems. 
Although barcode labels and electronic scanners are widely used in retailing, this 
technique is more easily implemented in the laboratory than in the field. 

Adequate documentation is essential to the satisfactory progress of a case. Con- 
versely, it is all too easy to generate superfluous paperwork, with accompanying 
nugatory effort. In the late 1980s it was normal in the UK to divide a bomb scene 
into numerous zones, often on a grid pattern, and expend much effort recording the 
fact that a particular item was found in a specific zone. Eventually, the pressure 
of work generated by a massive terrorist bombing campaign forced an evaluation 
of such practices. It was realized that it was rarely, if ever, possible to draw any 
useful evidential conclusion from such detailed information about the location of 
bomb debris. The key piece of information for a court was that a specific item 
had been found at the bomb scene. Consequently, the practice of zoning at bomb 
scenes was curtailed dramatically. Typically, a scene might use the area around 
the crater and other natural boundaries for zoning, or if the scene was a building, 
perhaps divided according to rooms and whether the evidence was recovered from 
inside or outside the building. 


2.6 ENVIRONMENTAL CONTROL AND MONITORING 


As stated in Section 2.1, the precautions necessary to protect sample integrity 
depend on the challenges presented by the environment. For example, does the 
environment contain significant amounts of the target analyte so that contamination 
of the sample becomes a real rather than a theoretical risk? This issue is particularly 
relevant when handling trace rather than bulk evidence. To protect the integrity of 
the sample, a rigorous protocol is needed to ensure laboratory cleanliness, com- 
plemented by a measuring regime to demonstrate that the requisite standards of 
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cleanliness have actually been achieved and maintained. The process begins with 
the initial design of the laboratory. The laboratory layout should impose barriers 
between the unknown outside environment and the controlled trace environment. 
Physical features include airlocks, filtered air with positive pressure, and a separate 
antechamber through which personnel must enter or exit, in the process changing 
into clean, disposable overgarments, removing watches, jewelry, and eyeglasses. 


The antechamber. In the antechamber, personnel will wash hands and other 
exposed skin and don hair covers, disposable overalls, shoe covers, and gloves. 
They should also ensure cleanliness by a quick screen using explosive detection 
instrumentation [e.g. ion mobility spectrometry (IMS)]. Pens, papers, watches or 
other jewelry, and eyeglasses should be left here. Duplicates should be waiting on 
the other side of the airlock in the trace examination room. Administrative controls 
include access control to ensure that only appropriately trained or supervised per- 
sonal can enter the trace laboratory. In fact, since every entry and egress represents 
a theoretical contamination risk, the number of people entering the analysis area 
should be minimized. A log of visits should be maintained. It is from this antecham- 
ber that the forensic chemist and the sample, still wrapped in its innermost layer 
of packaging, enter the trace laboratory. 


The trace laboratory. A regular cleaning schedule is necessary. The primary 
defense is a filtered air system, whose performance is monitored both by differential 
pressure gauges and atmospheric particulate monitors. Floors should be washed 
at least once a week with strong alkaline detergent. One approach to ensuring 
cleanliness is to predefine a number of squares (e.g., 50 cm x 50 cm) on the 
floor which are regularly swabbed for contamination (e.g., weekly). The tops and 
insides of cupboards and drawers and air intakes need a less frequent scheduled 
cleaning and screening. The goal is to see that every surface is cleaned and tested 
for contamination at a known interval. It is important that the forensic chemist 
hypothesizes where contamination might accumulate. Analytical instruments may 
be elevated on small blocks to facilitate cleaning under each instrument. It is 
useful if instruments and materials can be dedicated to a particular stage in the 
analysis. As far as possible, disposable tools should be used. For example, the trace 
laboratory should have its own paper and pens, which are used only once. Wrenches, 
screwdrivers, and beakers should be cleaned by heating in an oven (~ 250°C) 
and either storing the materials in the oven or removing then and wrapping them 
individually in nylon bags until use. 

At the beginning of the work cycle, the analytical bench should be cleaned: for 
example, with alkaline detergent solution and ethanol, and wiped down with paper 
towels. A fresh disposable benchtop surface, such as butcher paper, aluminum foil, 
or Benchkote, should be used for each sample. The forensic chemist should change 
gloves frequently, at least between samples. To provide evidence that no contamina- 
tion is present, the forensic chemist should take control swabs of the work surface, 
the front of her suit and gloved hands, and the disposable benchtop surface. These 
are considered control samples; they are necessary to show that contamination has 
not occurred (Hiley, 1998; Crowson et al., 2001; Beardah et al., 2007). 
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2.7 STORAGE 


Like most evidence, aging can result in loss or contamination of explosives evi- 
dence. A rapid turnaround time is important. In the UK during the PIRA terrorist 
campaign, the Forensic Explosives Laboratory, responsible for analysis of trace 
and other evidence, pledged a 6 hour turnaround time for a single hand-test kit and 
two weeks for a preliminary report, regardless of the type of case. 

Storage conditions are also critical; for example, the first bombings using TATP 
were in Israel. Even in cases where intelligence pointed to the use of TATP, foren- 
sic examiners found no residue. Subsequent studies showed that TATP is so highly 
volatile that evidence should be thoroughly sealed and, ideally, examined imme- 
diately, to maximize the chances of recovery and detection. Sealing and storing at 
subambient temperatures are not always necessary but can hardly hurt explosive 
evidence. (Note: Samples with moist blood or other biological media present may 
be subject to bacterial growth if sealed without the additional precaution of sub- 
ambient temperature. However, consideration should then be given to the effect of 
thawing on the other materials.) 


2.8 ANALYSIS 


Bulk analysis may be of visible particles of an explosive and/or its combustion 
products, but it may be of bomb components, such as timers, fuses, wiring, or tape. 
The analysis is usually performed to identify the material and to make comparisons, 
for example, between a material recovered from a crime scene and one recovered 
from a suspect’s premises. At best, it is only possible to say that two materials 
are different or to list those aspects in which they are similar. However, to make 
such a statement, it is necessary to have a well-founded understanding of the 
likely variations in a material and the practical significance of such variations. This 
highlights the value of reference collections and surveys of items and materials 
likely to be encountered in case work (e.g., carpets, car paints, accelerants, and 
explosives). Comprehensive databases or reference collections are useful for all 
sorts of bomb-making gear (e.g., pipes, timers, tapes, and batteries). 

In some cases the explosive material used in the bomb can be seen. Inefficient 
devices such as those using smokeless powder or black powder often leave visible 
residue. High explosives usually leave residue, too, but since it is not visible to 
the human eye, it may not make the multiple down-selects to end up in the final 
analytical protocol. In efficient bombs, the residual explosive has probably been 
thrown out from the surface of the bobmb—spalled off the surface (Kelleher, 2002). 
Thus, looking just outside the crater may be more productive than looking at 
evidence inside the crater. 

Visible explosive particles should first be examined intact (i.e., with nondestruc- 
tive techniques, as clues are available at this point). Although prilled ammonium 
nitrate is made at several hundred locations around the world, there are wide vari- 
ations in prill shape (to be determined visually) and prill coating (to be determined 
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analytically). With the proper reference collection, such variations may make it 
possible to trace the material back to its original manufacturer. 

For bomb scene materials with no visible residue, prescreening for trace explo- 
sives may be possible using an explosive detector. In practice, this approach is less 
labor-saving than it first appears and, more important, runs the risk of inadvertent 
contamination of valuable trace evidence or the inadvertent exclusion of evidence 
with traces of material not detected by the specific detector. Otherwise, the more 
accurate but laborious approach is a multistep extraction of the debris to separate 
organic from polar species. One approach is to extract the debris with the aid of 
an ultrasonic bath using a solvent for both polar and nonpolar species. If one uses 
a strong solvent, such as acetone or acetonitrile, all of the explosive residue will 
dissolve, but so will many unwanted species, which serve to obscure the analysis 
and clog the system. The Forensic Explosives Laboratory in the UK has settled on 
a technique using a relatively weak solvent system. 

The debris is extracted with ethanol—water (50:50) and run through a glass 
pipette containing a few grams of a solid adsorbent such as Chromosorb 104. The 
packing retains the common organic explosives (e.g., TNT, PETN) and allows 
the polar species to elute. This polar fraction is analyzed by ion chromatography 
looking for species such as nitrates (ammonium or uronium) or chlorates. The Chro- 
mosorb column is then eluted with ethyl acetate to extract the organic species. These 
are analyzed by gas chromatograph (GC) or liquid chromatography (LC), depend- 
ing on the anticipated volatility of organic explosives suspected (see Figure 2.1). 
For example, the thermal stability of hexamethylene triperoxide diamine (HMTD) 
is so poor that LC is the preferred technique; otherwise, samples break down in 
the inlet port of the GC. Obviously, the GC or LC can be attached to a variety of 
detectors. For GC, an electron capture detector (ECD) is the most sensitive detec- 
tor, and a thermal energy analyzer (TEA), which analyzes for nitro groups, is the 
most specific. If LC is used, a mass selective detector (MSD) is usually employed. 
This has the added feature of providing orthogonal confirmation: not only retention 
time but also fragmentation patterns. While the field of mass spectroscopy (MS) is 
developing rapidly, for the common benchtop GC-electron ionization—MS, most 
explosives rarely exhibit a parent peak (P). Identification is based on fragmenta- 
tion patterns, where P—OH is often observed. Yinon has discussed this extensively 
(Yinon and Zitrin, 1981, 1993; Yinon, 2007). An MS database of explosives is 
available online at http://expdb.chm.uri.edu, but it is essential that forensic scien- 
tists also create their own libraries using their own experimental conditions, as 
mass spectral fragmentation patterns are highly dependent on the exact conditions 
under which they are obtained. 

Orthogonal techniques are defined as two techniques for which sample iden- 
tification is based on completely different principles (e.g., infrared spectroscopy 
and mass spectroscopy). In practice, finding two absolutely orthogonal techniques 
is rarely achievable; rather, in practice, significantly different techniques are used 
(e.g., using two different GC columns which yield significantly different retention 
times). The more orthogonal the techniques, the higher the level of confidence in 
the assignment of identity. 
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Figure 2.1 Chromatogram of explosive calibration standard. 


In developing the analytical protocols discussed above, it is important to use 
standard solutions with known concentrations of explosives. Mixed standards are 
useful. Not only do they demonstrate the system suitability and performance across 
the entire range of explosive species being sought, but the mixed standard can never 
be confused as the real result. For high precision in retention results, a retention 
time marker [e.g., musk tibetine or fluoronitrotoluene (for GC)] should be added 
to both sample and standard solutions. 

Although forensic samples are rarely quantified, if accurate quantification is 
desired, explosive recoveries should be determined. A good approach is to use the 
method of standard additions. This involves dividing the sample into two parts, 
spiking one part of the sample with a reasonable amount of explosive, typically 
between one-third and two-thirds of the amount estimated to be present in the 
sample, then performing the standard workup on the original and spiked samples 
and determining what percentage of the spike was recovered. 

Isotope ratio mass spectroscopy (IRMs) applied to forensic evidence is a vibrant 
research area at the time of this writing. Much work is needed to establish repro- 
ducibility of results and degree of variability among “identical” samples. In prin- 
ciple it is easy to say that if two samples differ in some significant respect, they 
are in fact different. However, the converse is not true. One can never state with 
absolute forensic certainty that two items are identical. All one can do is to list all 
those features in which the two samples match. In practice there comes a point at 
which a reasonable person will conclude that a match has been established beyond 
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a reasonable doubt. Thus, it may be possible, in a few years, that with the aid of 
foreseeable improvements in isotope ratio mass spectrometry, one could testify that 
a sample of explosive recovered from a pipe bomb at a scene matches a sample 
of explosive recovered from a mixing bowl at a suspect’s premises and that it is 
highly probable that the samples came from the same original batch of explosive. 
This issue of the definition of a match is a more general one for forensic science, 
and would benefit from wider consideration, and preferably agreement within the 
judicial system. The obvious parallel is the long-established UK criterion that for 
two fingerprints to match, at least 16 points of agreement must be identified. Other 
jurisdictions accept a lower figure; for example, in the United States, 12 points are 
considered sufficient. For this to become possible, large reference collections and 
databases will become essential, and possibly the very expensive IRMS instrument 
will become so widely purchased that the price will become affordable to every 
forensic lab (much as has happened with GC-MS). Rapid improvements in elec- 
tronic instrumentation suggest that the limitation in precision currently encountered 
in this technique may be attributed to the chemical methods used in the sample 
preparation. 


2.9 RECORDS 


While keeping good records of work is always useful, it is absolutely essential 
in a forensic laboratory. The written record becomes a legal document. Whether 
the employee leaves the laboratory or is not called to testify for five years, every 
step of the procedure and every aspect of the results, including negative results, are 
extremely important to document. Given the fugacity of electronic records, it is wise 
to archive all materials in the form of printed paper. Such paper records should, 
of course, be signed and dated by the scientist producing them. Records should 
include the printouts from various instruments: chromatograms with standards, mass 
spectral fragmentation patterns, infrared spectra. 

ISO 9001 requires that all quality-related records be retained for a minimum of 
seven years. Although this would apply to forensic evidence, some jurisdictions 
require much longer document retention (e.g., 20 years in the UK for explosive 
offenses). 


2.10 QUALITY ASSURANCE 


For forensic work only techniques and methods of proven validity should be used. 
These methods should be documented in the form of standard methods or stan- 
dard operating procedures (SOPs) to which the laboratory staff can refer readily. 
Similarly, only persons of proven competence should be allowed to report foren- 
sic results, and these people should be subjected to periodic proficiency tests. 
Requirements for personnel training and method validation are found, for example, 
in ASCLD (American Society of Crime Laboratory Directors) protocols and ISO 
17025 (for laboratory work) and ISO 17020 (for scenes). 
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To create a new laboratory protocol, the developer should undertake any neces- 
sary research and precision and validation studies, producing both a draft method 
and a report documenting his or her findings. Once the method is accepted, the 
originator would be expected to become the first trainer in this protocol; it would 
be sensible to bear the latter requirement in mind when selecting a scientist to 
undertake the method research and development. Elements that should be part of 
the new method are a clear statement of precision based on a statistical study of 
replicate analyses; procedures for calibration, preparation of standards, traceability 
and uncertainty of measurements; and guidance as to the interpretation of results 
for forensic purposes. 


2.11 SAFETY AND OTHER ISSUES 


For a newly set up explosive laboratory, a number of issues will arise. These 
include acquisition of pure explosive standards, explosive storage, licensing and 
regulatory compliance, and disposal of hazardous materials. 

Generally, licensing and approved storage are required before any explosive 
can be acquired or stored. Once storage is available, it will be necessary to find 
an entity that can provide pure explosive standards. Most commercial explosives 
have been formulated with plasticizers, stabilizers, phlegmatizers, and so on. In 
consequence, commercial explosives will contain significantly less than 100% of 
the desired explosive. It may be necessary to synthesize the desired explosive 
or recrystallize a commercial explosive. The physical properties of this explosive 
must be characterized and recorded. Differential scanning calorimetry (DSC) allows 
the determination of material purity, provided that the materials have observable 
melting points (see Figure 2.2). It should be noted that the purified explosive, 
freed from the additives present in commercial products, may be significantly more 
hazardous. 

Waste from the explosive laboratory will represent various types of hazards: 
explosive; flammable; toxic; biological; sharps. Proper arrangements need to be 
made for disposal for each of these waste streams. In general this will require the 
services of specialist contractors. Explosive laboratories attached to explosive firing 
ranges may be able to send their explosive waste for disposal. In large facilities, 
this is typically achieved by incineration. However, for small amounts of explosive 
and in most laboratories, the best option is chemical destruction. Suitable methods 
may be found in the literature. 

One point that has yet to be mentioned is the fact that many explosives are 
toxic. This should be obvious from a historic point of view since nitrate esters are 
used to treat angina, and cyclonite (RDX) was patented for use as a rat poison. 


CONCLUSION 


Forensic analysis differs from routine chemical analysis in the critical nature of the 
results and the fact that the results and documentation of it may come under severe 
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Figure 2.2 Differential scanning calorimetric scan of unknown black solid (suspected 
of being an explosive). (See insert for color representation.) 


scrutiny. For trace analysis, every pathway for contamination must be anticipated 
and mitigated. The differences in analyte concentration between sample and envi- 
ronment must be characterized and proper barriers put in place. There are only two 
standards in forensic analysis: perfect and useless. 
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Summary _ The isolation and identification of ignitable liquid residues (ILRs) 
from fire debris are critically important aspects of arson investigation. In this chapter 
we describe common techniques for the isolation and identification of ILRs. Ana- 
lytical procedures have become more sensitive, and results of testing play a very 
important role during litigation in a criminal or civil court. Quality control is an 
important component in fire debris analysis. Reports of findings should be written 
in a scientific manner, describing the fire under investigation, evidence handling, 
a description of the evidence and where it was collected, the isolation procedure 
and what testing was done with what kind of equipment, observations made, and 
conclusions, with a discussion of the meaning of the results. 
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Residues” that appears in the author’s textbook, Scientific Protocols for Fire Investigation (CRC 
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3.1. INTRODUCTION 


The laboratory analysis of fire debris is one of the most important hypothesis 
tests that can be performed in an investigation, especially when the investigator 
forms a hypothesis that the fire was set using ignitable liquids. It has been widely 
acknowledged that making a determination that ignitable liquids were used in a 
fully involved compartment is not valid based on visual observation alone (NFPA 
921, 2011). A laboratory analysis is necessary. Even when the compartment is not 
fully involved, and there is an exceptional burn pattern similar to the one shown 
in Figure 3.1, the investigator still needs to determine the identity of the ignitable 
liquid. 

In the past, the laboratory analysis was referred to as “the icing on the cake,” 
because by the time samples were collected, the fire investigator had already 
decided what caused the fire, and the stated purpose of the laboratory analysis 
was merely to help determine the identity of the flammable or combustible liquid 
used to start the fire. Investigators were accustomed to receiving negative reports 
from their laboratory, even when they “knew” that a fire had been intentionally set 
with ignitable liquids. 

In those days, the term ignitable liquid had not yet been coined. Flammable or 
combustible liquids were generally referred to as accelerants, even by people in 
the laboratory who had no idea how such liquids may have been used. Many of 
the findings were, in fact, false negatives, because laboratory methods were not 
sensitive enough to detect ignitable liquid residues at low levels. The sensitivity 
has improved dramatically since this author began distilling fire debris in 1974, so 
much so that it is now possible to detect the petroleum products that are a natural 
part of the background. Many fire investigators, however, still distrust negative 
reports from laboratories, based on this earlier experience. 

The development of analytical procedures has paralleled the development of 
standards for fire debris analysis. The first vague outline of a standard was not 
published until 1982 (AA Notes, 1982), and prior to that, analysts would report 
that a sample contained “an oily liquid” that exhibited “sufficient similarities” to a 
known sample of gasoline or kerosene or diesel fuel. What was sufficient, however, 
was not clearly defined until there were standards. 
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Figure 3.1 “Obvious pour pattern.” The only surface that was burned in this mobile 
home was the floor. There were no furnishings in the house. The carpet was tested and 
found to be positive for the presence of a medium petroleum distillate such as mineral spir- 
its or charcoal lighter fluid. This is a unique case where visual observation alone can lead 
to valid conclusions about what caused the pattern. (See insert for color representation.) 


3.2 EVOLUTION OF SEPARATION TECHNIQUES 


Paul Kirk reported in 1969 that the normal manner of isolating a liquid accelerant 
from other materials is “to distill the liquid from a solid residue in a current 
of steam.” Kirk reported that the distillate would then be subjected to fractional 
distillation, flash point, refractive index, or density determination, but that a better 
procedure was to employ a gas-liquid chromatograph. Kirk stated, “From all of 
these laboratory procedures, the most important single piece of information that is 
made available is that a foreign flammable liquid was present at the fire scene. This 
alone is strong evidence for arson, at least after the possibility of accidental placing 
of the liquid is eliminated” (Kirk, 1969). The operative word here is foreign. 
Figure 3.2 shows a steam distillation apparatus for the isolation of ignitable 
liquid residue from fire debris. In this classical separation technique, the debris is 


44 ANALYSIS OF FIRE DEBRIS 


Heo Our 


H2eO In 









Vapors 
Condense on 
Cold Surfaces 


Distilled H2e© 
is Recycled 


Distilled ILR 


Distilled H2=© 


Steam Pius 
iLR Vapors 


Debris in 
Boiling VVater 


Hot Plate 


Steam Distillation 


Figure 3.2 Steam distillation apparatus. The sample is boiled. Vapors condense on a 
“cold finger” and fall into the trap, which allows the water to recycle while the immiscible 
oil layer builds up on top of the water column. 


covered with water and boiled, and the steam and other vapors are condensed in a 
trap that recycles the water and allows any nonmiscible oily liquids to float on top. 
There is actually a visible layer of liquid isolated from the sample. More often than 
not, this layer consisted of a drop or two, or simply a rainbow film on top of the 
column of water. This could be extracted with a solvent and analyzed, but even so, 
steam distillation was not a very sensitive technique. If the sample did not exhibit 
a detectable petroleum odor, steam distillation was almost always ineffective at 
isolating any ignitable liquid. Despite its lack of sensitivity, steam distillation did 
have the advantage, given a sufficiently concentrated sample, to produce a visible 
layer of liquid that could be shown to a jury. 

In 1969, Kirk suggested that the debris could be heated in a closed container and 
the internal gaseous phase could be sampled and analyzed by gas chromatography, 
but indicated that he was unaware of its use in routine analyses (Kirk, 1969). 
By the mid-1970s, this technique, known as heated headspace (Figure 3.3), was 
used routinely but had sensitivity limitations similar to those of steam distillation 
and, because of the low volatility of higher-molecular-weight compounds, was 
ineffective at isolating the heavier components of common combustible liquids 
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Figure 3.3 Using a gastight syringe to withdraw a sample of headspace from a fire 
debris sample. The headspace sample, about 500 |1L, is injected directly into the GC-MS 
injection port. 


such as diesel fuel. Heated headspace (Kirk called it a “shortcut’”) is still used as 
a screening tool in some laboratories today. 

The first quantum jump in sensitivity took place in 1979, when two chemists 
from the Bureau of Alcohol and Firearms Philadelphia laboratory reported in the 
Arson Analysis Newsletter on the separation process known as dynamic headspace 
concentration. They used a dry nitrogen purge and a vacuum pump to draw 
ignitable liquid vapors from a heated sample through a Pasteur pipette filled with 
activated coconut charcoal (Chrostowski and Holmes, 1979). The vapors were 
rinsed off the charcoal using carbon disulfide and analyzed by gas chromatog- 
raphy. Over the next decade, the apparatus for conducting this type of analysis 
resulted in the publication of many articles describing newer and more wonderful 
apparatuses. Dynamic headspace concentration is still a recognized analytical tech- 
nique, but because it is both destructive and complicated, it is not used by many 
laboratories. 

In 1982, Juhala made the case for using passive headspace concentration on 
fire debris, wherein an adsorbent package is placed in the sample container and 
heated up. He used charcoal-coated copper wires and Plexiglas beads, and reported 


46 ANALYSIS OF FIRE DEBRIS 


an increase in sensitivity of two orders of magnitude over distillation and heated 
headspace analysis (Juhala, 1982). Many laboratories had just completed setting 
up their dynamic systems; however, adoption of passive headspace concentration 
took some time, but gradually its advantages made it the dominant method of sep- 
aration. Dietz reported on an improved package for the adsorbent called C-bags 
(Dietz, 1993), but these quickly gave way to activated carbon strips (ACSs), which 
required much less preparation. In 1993, Waters and Palmer reported on the essen- 
tially nondestructive nature of ACS analysis, performing up to five consecutive 
analyses on the same sample with little discernible change and no change in the 
ultimate classification of the residue (Waters and Palmer, 1991). This separation 
technique is the method of choice in most laboratories today. Figure 3.4 is a concep- 
tual drawing of the procedure for passive headspace concentration, and Figure 3.5 
is a photograph of a typical adsorption device, which consists of a 10 mm x 10 mm 
square of finely divided activated charcoal impregnated on a polytetrafluoroethy- 
lene (PTFE) strip. The technique was actually adapted from the industrial hygiene 
industry. Charcoal disk badges are worn by employees to determine their exposure 
to hazardous chemicals. The charcoal adsorbs a wide variety of organic compounds. 

Solid-phase microextraction (SPME) represents yet another kind of passive 
headspace concentration technique. The SPME fiber is a more active adsorber of 
most ignitable liquid residues than is an activated carbon strip. Exposing an ACS 
to the headspace of a sample at elevated temperatures for 16 h allows for the isola- 
tion of less than 0.1 \wL of ignitable liquid residue if there is no competition from 





























Figure 3.4 Schematic drawing of passive headspace concentration using an activated 
carbon strip. Vapors are produced by heating the container with debris to 80°C. The ACS 
adsorbs the vapors for 16 h, then is rinsed with diethyl ether spiked with 100 ppm, and 
the resulting solution is analyzed by GC-MS. 
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Figure 3.5 Close-up view of an activated carbon strip. 


the substrate. A SPME fiber can accomplish the same task in 20 min or less. The 
advantages and disadvantages of the various separation techniques are discussed 
later in the chapter. 


3.3 EVOLUTION OF ANALYTICAL TECHNIQUES 


As the ability of the separation step to isolate smaller quantities of ignitable liquid 
residue improved, the sensitivity of the analytical instruments improved as well. In 
the 1950s and 1960s, extracts were analyzed by infrared (IR) or ultraviolet (UV) 
spectroscopy (Midkiff, 1982), but because most extracts were mixtures, these tech- 
niques were neither very sensitive nor very specific. The IR spectrum of gasoline 
looks very much like the IR spectrum of kerosene. Gas chromatography (GC) using 
pattern recognition techniques became the analytical method of choice beginning 
in the late 1960s. GC is actually a separation technique rather than an identifica- 
tion technique, but unlike separating the ignitable liquid residue from the sample 
matrix, GC works by separating similar compounds in an extract from each other. 

In the 1970s, GC commas, the engine that makes the technique work, were 
glass or metal tubes, 4 z in. in diameter by 6 to 10 ft long. Chemists typically 
purchased empty columns and packed the columns themselves, using a coated 
powdery substance (stationary phase). It was known that ¢-in. columns provided 
better resolution than qin. columns, but these had to be made from metal, and 
the chemist could not see inside the tube to check for gaps. These columns were 
usually purchased already packed. As the column manufacturers experimented with 
narrower and narrower columns, they went back to drawn-glass tubes coated on 
the inside with the oily stationary phase. There were problems with these early 


capillary columns, not the least of which was the forensic science community’s 
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resistance to change. As the bugs were worked out, capillary columns became the 
standard choice, but as late as 1990, packed columns were contemplated in ASTM 
E1387, Standard Test Method for Flammable or Combustible Liquid Residues in 
Extracts from Fire Debris Samples by Gas Chromatography. In the 1995 edition 
the standard “recommended,” but did not require, capillary columns. The 2001 
edition requires “A capillary, bonded phase, methylsilicone or phenylmethylsilicone 
column or equivalent. Any column length or temperature program conditions may 
be used provided that each component of the test mixture is adequately separated” 
(ASTM E1387-01, 2001). Today, very few laboratories use packed columns. 

Gas chromatography detectors originally measured the change in thermal con- 
ductivity (TC) of the effluent from the column. Flame ionization detection (FID) 
improved the sensitivity by a couple of orders of magnitude over TC detectors. In 
a flame ionization detector, there is a hydrogen flame burning between two charged 
plates. As indicated by the flow of current between the two plates, the electrical 
conductivity changes when a hydrocarbon compound comes through the hydrogen 
flame and is burned. 

Some laboratories were using gas chromatography—mass spectrometry as early 
as 1976 (GC-MS) (Stone, 1976). At that time, mass spectrometers were expen- 
sive, not terribly reliable, and required a computer (this was before the days of 
the personal computer, when computers took up half of the room), and GC-MS 
was the exception rather than the rule. With the earlier instruments, the operator 
watched a stripchart recorder and pushed a button to collect a mass spectrum when 
a peak indicated that a compound was coming off. This was a very labor-intensive 
process. There were people who argued that chemists had an obligation to use the 
best technology available, and the advantages of GC-MS over GC-FID required 
that MS be used. One of the leading proponents of GC-MS was Jack Nowicki, 
who also noted that GC-MS would make the previous accelerant classification 
system obsolete (Nowicki, 1990). He was eventually proved correct. Most labora- 
tories stayed with the FID methods because of the difficulties with implementing 
GC-MS and because they felt comfortable with their ability to read patterns using 
FID alone. By the early 1980s, mass spectrometry was still expensive, but its use 
had become more widespread in fire debris analysis, particularly in the better- 
funded laboratories. Public laboratories acquired GC-MS instruments for use in 
drug identification, and this was another reason that they became available for fire 
debris analysis. The instrumentation of the 1980s was more automated and could 
collect a mass spectrum several times per second, even if no peak was eluting. 
This resulted in a much more efficient process, but the data files were very large. 
Today’s GC-MS, collecting data every tenth of a second, uses sophisticated soft- 
ware to keep the file size to around a megabyte, an amazing feat considering that 
18,000 spectra may be collected during a single run. 

In 1982, Martin Smith published an article about a technique he had developed, 
called mass chromatography, which utilized a computer to separate the mass spec- 
tral signals according to the functional groups of the compounds that produced 
them. This technique allowed chemists to view many simple and easy-to-recognize 
patterns as opposed to looking at one large complicated pattern (Smith, 1982). 
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Today this powerful analytical tool is known as extracted ion profiling or extracted 
ion chromatography and forms the basis of most identifications. 

The development of the personal computer made it possible for average laborato- 
ries to control a mass spectrometer, and the instrument manufacturers responded to 
the demand by producing benchtop models with increasing sensitivity and extraor- 
dinary robustness. The quadrupole mass filter, which is at the heart of the most 
popular mass selective detectors, has no moving parts. Only those parts of the 
instrument required to maintain a vacuum are subject to mechanical problems. 


3.4 EVOLUTION OF STANDARD METHODS 


As fire debris analysis technology improved, so did the approach of the foren- 
sic science community to the problems encountered by analysts. Arson Analysis 
Newsletter continued publication through 1984, and much valuable information 
was exchanged. Through this informal journal, forensic scientists analyzing fire 
debris had a means of communicating with each other that was unavailable to sci- 
entists in many other disciplines. In 1982, based on work conducted at the Center 
for Fire Research at the National Bureau of Standards (NBS) (now the NIST) and 
the ATF National Laboratory, an accelerant classification system was published 
(AA Notes, 1982). Not only was there a description of five classes recognized as 
“usually identifiable by GC-FID patterning alone when recovered from fire debris,” 
but the authors (who were not named in the publication but are believed to include 
Philip Wineman and Mary Lou Fultz) also published minimum requirements for 
class identification. This was the first time that anyone explained what “sufficient 
similarities” should mean and was a watershed moment in the history of fire debris 
analysis. Although the original publication of the classification system stated that 
the final report was not yet available and that the results of the evaluation would 
be printed in a future issue of the Arson Analysis Newsletter, that never happened. 
The classification system was used informally for the next six years. 

The International Association of Arson Investigators (IAAI) has had, almost 
since its beginning, a standing committee of forensic scientists and engineers that 
it called upon to advise fire investigators about laboratory analysis issues. In 1987, 
IAAI President John Primrose approached the Forensic Science Committee and 
requested that it produce a position paper on what should appear in a laboratory 
report. It quickly became apparent to members of the committee that in order 
to prescribe the contents of a report, it would first be necessary to set down an 
acceptable method of analysis. Four sample preparation techniques (steam distil- 
lation, headspace analysis, solvent extraction, and dynamic headspace—purge and 
trap) were the separation techniques described. Gas chromatography with flame 
ionization detection, photo ionization, or mass spectral detection was required. 
Although the publication was called a “guideline,” it contained the following sen- 
tence: “Unless a petroleum distillate has been identified by the pattern recognition 
techniques described below, it has not been sufficiently identified” (IAAI Forensic 
Science Committee, 1988). The guidelines then reproduced the NBS—ATF classifi- 
cation and identification scheme and described how some materials would not fall 
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within the guidelines. Isoparaffinic hydrocarbons were cited as one example of an 
ignitable liquid not described in the guidelines. At that time, the only place that 
a fire debris chemist would be likely to encounter isoparaffinic hydrocarbons was 
in Gulflite charcoal starter fluid. With the introduction of the IAAI guidelines, fire 
debris chemists became accustomed to the idea that they needed to follow standard 
methods. In the private sector, laboratories advertised to the membership of the 
IAAI, their main source of clients, that they followed the guidelines. Laboratories 
that did not follow the guidelines lost business. 

In 1990, ASTM Committee E30 on Forensic Sciences took the IAAI guide- 
lines and formulated them into six different standards for the preparation, cleanup, 
and analysis of fire debris extracts. ASTM E1387, the Standard Test Method for 
Flammable or Combustible Liquid Residues in Extracts from Fire Debris Samples 
by Gas Chromatography, was published originally in 1990. In 1995, the cumber- 
some phrase “flammable or combustible liquid” was changed to “ignitable liquid.” 
In 1993, Committee E30 enlisted the aid of Martin Smith, Jack Nowicki, and sev- 
eral other prominent chemists to draft a Guide for Fire Debris Analysis by Gas 
Chromatography—Mass Spectrometry. The guide was revised in 1997, and in 2001 
it was “promoted” to a standard test method. 

The ignitable liquid classification scheme from 1982 was updated in an attempt 
to keep up with the ever-changing output of the petrochemical industry. New prod- 
ucts were constantly being brought on line, including “environmentally friendly” 
alternatives to solvents such as mineral spirits and fuels such as charcoal lighter 
fluid. When ASTM E1387 was first published, a “Class 0” was added to the orig- 
inal classification scheme to account for the liquids that did not fit into one of the 
five original classes. Further classification within Class 0 was, however, possible, 
so Classes 0.1 through 0.5 appeared in ASTM E1387-95. By the time the next 
revision was due, Class 0.6 had been created for de-aromatized distillates, but the 
committee realized it was time for a change, as the miscellaneous classes now 
outnumbered the original classes. In 2000, the system was completely redesigned, 
resulting in nine differently named but no longer numbered classes, with subdivi- 
sions of light (C4a—Cy), medium (Cg—C;3), and heavy (Cg—C29+) in eight of those 
nine classes (ASTM E1618-10, 2010). 

In 2009, after much discussion, Committee E30 on Forensic Sciences made 
the decision that analysis of ILRs by GC alone no longer represented the “best 
practice.” ASTM E1387 was allowed to expire and become a “historical” stan- 
dard. Most fire debris analysts had long ago made the transition to GS-MS. As of 
this writing, gas chromatography-mass spectrometry is the only generally accepted 
method for analyzing ignitable liquid residues. 

The last 30 years have seen dramatic improvements in separation technology, 
in analytical technology, and in the scientific community’s approach to fire debris 
analysis. In 1999, the U.S. Department of Justice Office of Law Enforcement Stan- 
dards produced a report entitled Forensic Sciences: Review of Status and Needs, 
compiled by more than 40 eminent forensic scientists. In reviewing the state of 
the art, fire debris analysis was described as “a sub discipline of trace analysis that 
is in good standing because there is sufficient published work on the analysis and 
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interpretation of the material involved. Standard guides for the examination and 
interpretation of chemical residues in fire debris have been published through the 
consensus process of ASTM Committee E30 on Forensic Science. These standard- 
ization documents are often quoted in the scientific literature, helping to meet the 
requirements of the legal community” (U.S. Department of Justice, 1999). Most of 
the other forensic disciplines discussed in this review were reported as still need- 
ing standardization and/or validation of standard methods. Fire debris analysts can 
point to a history of standardization that existed even before the Daubert court 
made it a necessity. 


3.5 ISOLATING THE RESIDUE 


3.5.1 Initial Sample Evaluation 


Once the receipt of a sample has been documented, and the chain of custody pro- 
tected (as described in ASTM E1492-05, 2005) the first critical step in the analysis 
of fire debris is the selection of a separation technique. Choosing an inappropriate 
technique could result in a false negative, a misidentification, or the destruction of 
evidence. The first step in this selection process (and the first step in any chemical 
analysis process) is to look at the sample. One purpose of looking at the sample is 
to ensure that it is what it purports to be. Sample characteristics will determine the 
most appropriate method for isolating any ignitable liquid residues (ILRs) that may 
be present. Once the visual examination has taken place, the next step is a “nasal 
appraisal.” Occupational safety experts will no doubt frown on this recommenda- 
tion, but it can be done carefully. There is no need to put one’s nose in the can, 
even though the analyst can be reasonably certain that the fire investigator who 
collected the sample has already done exactly that. Unless the sample is a liquid 
sample for comparison purposes, it can be safely appraised by removing the lid, 
and waving the hand gently over the top of the sample to see if it exhibits any 
obvious odors. If there is an odor present, it becomes possible to do a rapid and 
accurate analysis by removing a small piece of the sample and extracting it with 
solvent. If the odor is very strong, it is advisable to remove a small piece of the 
sample and place it into a separate container for analysis. 


3.5.2 ILR Isolation Method Selection 


Solvent extraction according to ASTM E1386 is an appropriate method for rinsing 
out empty containers, for extracting small aliquots of samples with a high con- 
centration of ILR, and for isolating residues from very small samples. Not every 
investigator who comes to the laboratory will have the experience and knowledge 
to know how to find the best samples, and it is not unusual for an inexperienced 
investigator to bring in a sample in a film canister. 

The vast majority of samples, however, are likely to be samples of burned build- 
ing materials, floor coverings, and furnishings that do not exhibit a strong odor 
and are best analyzed by passive headspace concentration, as described in ASTM 
E1412 (ASTM E1412-07, 2007). This technique is essentially nondestructive. If the 
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analyst decides to use another technique later, running passive headspace concen- 
tration will not interfere with that. 

Other methods of isolation have been studied thoroughly over the last 30 
years, and although they have some utility, none match the advantages of passive 
headspace concentration using an activated carbon strip. Headspace sampling, 
described in ASTM E1388, which involves warming the container and sampling 
the vapors in the headspace directly and then injecting those vapors into the 
gas chromatograph, is a good screening technique, but it does not result in the 
production of an archiveable extract, nor does it detect compounds much heavier 
than Cis (ASTM E1388-05, 2005). Dynamic headspace concentration, described 
in ASTM E1413, was useful in demonstrating the effectiveness of adsorption 
or elution as a valid approach to ILR isolation, but it is destructive, requires 
far more attention than passive headspace concentration, and the apparatus can 
be cumbersome and finicky. It is no more sensitive than passive headspace 
concentration, and it is possible for breakthrough, loss of analyte out the effluent 
end of the tube, to occur (ASTM E1413-07, 2007). The only advantage that it 
offers is speed. If the results can be reported in 24 h, there is no advantage at 
all. Most laboratories (unfortunately) take several days or weeks to report on 
a fire debris analysis, due to sample backlogs. Solid-phase microextraction is 
another alternative, but like dynamic headspace concentration, it is very labor 
intensive and, like headspace sampling, does not have the potential to produce an 
archiveable sample that can be analyzed again (ASTM E2154-01, 2008) Using 
passive headspace concentration results in a solution that can be injected many 
times, and when the carbon strip is left in the solution, it will gradually readsorb 
ignitable liquid residues as the eluting solvent evaporates. (Juhala reported the 
readsorption by small portions of the activated charcoal that fell off his Plexiglas 
beads in 1982.) The solution can be reconstituted years later if a second look at 
the sample is desired. Because of the transient nature of many fire debris sample 
containers, the archived activated carbon strip is often the best evidence after a 
few years have passed. 

The only equipment required for passive headspace concentration is a convec- 
tion oven, vials, ACS strips, and a solvent dispenser. Caseload will determine the 
required oven size. In our laboratory, the convection oven can hold up to ten 
1-gallon cans and more than twenty 1-quart cans. 

Every laboratory should optimize the parameters in its ACS procedure to make 
sure that they are getting the best results possible. “Good” results from ACS are 
those where the chromatogram of the concentrated headspace vapors of a standard 
closely matches the chromatogram of that same standard in the eluting solvent. 

A 10 mm x 10 mm carbon strip is the minimum size recommended. This 100- 
mm” strip can easily accommodate the headspace vapors from 10 wL of any 
ignitable liquid placed on a Kimwipe in a 1-quart can. It is possible to overload 
carbon strips, and this results in the preferential adsorption of heavier hydrocarbons 
over light hydrocarbons and of aromatics over aliphatics, but this effect is generally 
not large enough to affect the identification. Usually, samples that are capable of 
overloading the carbon strip will exhibit a strong odor, and the analyst can take an 
aliquot of the sample or reduce the analysis time. 
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FIND YOUR GALACTIC SIGNATURE 


Your galactic signature is your password into fourth- 
dimensional time. The day you were born on the |3 Moon calendar 
is coded by your Galactic Signature. Your Galactic Signature is one of the 
260 different possibilities in the Harmonic Module/Tzolkin (shown on the 
back of this booklet). 


By playing the role of your galactic signature, you allow yourself—your mind, 
body and spirit—to vibrate to that particular frequency and you broadcast 
it out to everyone around you. This is your gift to the world. 


To find your Galactic Signature, follow the instructions below: 


1. What year were you born? Find the number next to the year you 
were born on the Year Tablet. 


2. Take the Year Number you found and add it to the number next to 
the month you were born on the Month Tablet. 


3. Now add the number of the day of the month that you were born. 
Example: lf you were born on November 28, add 28. (Leap Days: If you 
were born on February 29 before noon local time, use February 28. If 
you were born after noon local time, use March 1!) 


4. The total you have is the kin number of your Galactic Signature! 
(If the number you have is greater than 260 you need to subtract 260). 


5. Look at the Tzolkin on the back of this booklet and find your kin 
number, this gives you your Solar Seal and Galactic Tone, which 
combined is your Galactic Signature! 


6. The Galactic Signature is always read:“‘Color, Tone, Seal” 
Example: “Red Overtone Moon”’ 


7. Now you can go to page 18 to cast your Code Spell! 


Welcome to Timeship Earth 2013! 
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Figure 3.6 One-quart can equipped with a pressure relief device, a short strip of cello- 
phane tape over a small hole pierced in the lid. 


For samples with a high water content, there exists a danger that the vapor 
pressure in the sample container will cause the lid to pop off. This has the potential 
to contaminate the sample oven. A pressure relief device is easy to construct for 
such samples. Puncture a small hole in the lid, and cover with cellophane tape. 
Figure 3.6 shows a can so equipped. 

The adsorption time of a typical ACS procedure is 16 h. The analyst is encour- 
aged to experiment with different adsorption times and temperatures, with the goal 
of finding a balance between the maximum recovery and the minimum time nec- 
essary. Sixteen hours is convenient because the samples can be put in the oven at 
4:00 p.m. and taken out at 8:00 a.m. the next day. One of the major advantages 
of ACS is that it requires very little attention from the analyst. Once the strip is 
in the can and the can is in the oven, nothing is going to happen until it is time 
to take the strip out of the can, put it in the vial, and add the eluting solvent. At 
this point in the analysis, however, the analyst must be extremely attentive to the 
procedure. Once the carbon strips are taken out of the sample container, they have 
an identical appearance. It is at the point of placing the strips into their vials that 
an unrecoverable error can occur—a strip can be misidentified. The analyst should 
not allow himself or herself to be distracted by phone calls or other people in the 
lab. The operative word here is focus. 

Many laboratories use a pre-concentration step, wherein they add approximately 
500 tL of solvent to the strip in a vial; then after the strip has had a chance to 


> 


54 ANALYSIS OF FIRE DEBRIS 


equilibrate, it is removed and the solvent is evaporated down to 100 wL or so. This 
will result in a fivefold increase in concentration, but that increase can usually be 
achieved electronically with very little loss of signal or increase in noise. The first 
analysis, in this analyst’s view, does not require the pre-concentration step. That 
can be accomplished at a later time, if necessary, but pre-concentration runs the risk 
of skewing the results if not done very carefully. The only safe way to evaporate 
the solvent is to blow a stream of dry nitrogen over it. Heating the solvent is a bad 
idea, because lower-molecular-weight compounds are likely to be lost. 


3.5.3 Solvent Selection 


The solvent used for the elution is another critical choice, not so much in terms of 
the quality of results but in terms of the analyst’s quality of life. The most popular 
eluting solvent is carbon disulfide, a highly toxic, carcinogenic, teratogenic, smelly, 
nasty liquid that will ignite upon exposure to boiling water. It does work very well 
to elute aromatics and aliphatics approximately equally from ACSs, but so does 
diethyl ether. Studies indicate that carbon disulfide is superior to diethyl ether, or to 
pentane, the other solvent recommended by ASTM Committee E30 (Newman and 
Dolan, 2001), but if standards are prepared using diethyl ether, the slight change 
in the chromatographic profile does not affect the identification. Armstrong and 
Lentini (1997) found only marginal differences between diethyl ether and carbon 
disulfide when applied to carbon strips exposed to 10-jL samples of ignitable 
liquid residues. Comparing the relative health risks makes diethyl ether an obvious 
choice for this analysis. 

Carbon disulfide was originally selected as a fire debris solvent because of its 
high desorption efficiency and its relatively quiet signal when passing through a 
flame ionization detector. When using a mass spectral detector, the advantage of 
its low signal disappears because the detector is turned off while the solvent is 
passing through. 

Some concerns have been expressed about the capability of diethyl ether to form 
explosive peroxides, but that will not occur if the ether is kept in a refrigerator 
and used on a regular basis. Explosions of cans of ether have only been reported 
when those cans have been allowed to sit for years, unused, in the back of an 
unrefrigerated stockroom. Carbon disulfide, diethyl ether, and pentane are all highly 
flammable; however, with respect to fire, carbon disulfide poses the greatest risk, 
as it has the lowest ignition temperature and the broadest flammable limits (NFPA 
325, 1994). Finally, carbon disulfide costs almost 10 times what the other solvents 
cost. A comparison of the properties of the three solvents recommended by ASTM 
E1412 is shown in Table 3.1. 


3.5.4 Internal Standards 


There are two places in the analysis of fire debris where the use of internal stan- 
dards is appropriate. Addition of an internal standard to the sample itself allows the 
analyst to develop at least a qualitative feel for the “tenacity” of the sample and for 


TABLE 3.1 Elution Solvent Comparison’ 


Flash point 

Lower elution limit 
(LEL) (vol% in air) 

Upper elution limit 
(UEL) (vol% in air) 

Specific gravity 

Boiling point 

Autoignition temp. 


Carbon Disulfide 
—30°C (—22°F) 
1.0 

50.0 


1.3 
40°C (115°F) 
90°C (194°F) 
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Diethyl Ether 
—45°C (—49°F) 
1.9 
48.0 


0.7 
35°C (95°F) 
180°C (356°F) 


Pentane 
—40°C (—40°F) 
1.5 
78 


0.9 
36°C (97°F) 
260°C (500°F) 


Exposure limit, TWA? 4 ppm 400 ppm 600 ppm 
Exposure limit, STEL® 12 ppm 500 ppm 750 ppm 
Carcinogenic yes no no 

Teratogenic yes no no 

IDLH 500 ppm 19,000 ppm (LEL) = 15,000 ppm (LEL) 
FID signal small large very large 

Cost per liter“ $399.7.70 $44.25 $38.10 


“Refer to your laboratory’s hazard communication literature or MSDS for more complete information. 
>Time-weighted average for an 8-h exposure. 

°Short-term exposure limit (up to 15 min). 

4Source: J.T. Baker, online catalogue, Aug. 18, 2007. All prices are for case quantities of Ultra 
Resi—analyzed grade. 


the effectiveness of the isolation procedure. In our laboratory, this is accomplished 
by the addition of 0.5 tL of 3-phenyltoluene (actually, 20 iL of a 2.5% solution of 
3-phenyltoluene in ether). In the eluting solvent, we use a second internal standard 
consisting of 0.1% (100 ppm) perchloroethylene. If the 3-phenyltoluene does not 
appear in the chromatogram, this means that we have an exceedingly tenacious 
sample (some samples come equipped with their own active sites, which can com- 
pete very effectively with the ACS for analyte molecules) and suggests that the 
tenacity of the sample might be the reason that the chromatogram appears so flat. 
If the perchloroethylene peak does not appear, or is significantly reduced in height, 
something has gone wrong with the injection. 

Comparison of the signal from the sample to the perchloroethylene signal allows 
for a semiquantitative determination of the amount of ILR present. For 10-jL 
standards of known ignitable liquids isolated according to ASTM E1412, the two 
internal standard peaks are roughly on the same order of magnitude as the sample 
peaks. Essential blanks include the 3-phenyltoluene applied to filter paper and the 
blank strip eluted with the spiked solvent. Some analysts may perceive the danger 
of being accused of “contaminating” a sample, but this is easily overcome by 
having a proper blank in the file. The advantages of using internal standards far 
outweigh this disadvantage. 
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3.5.5 Advantages and Disadvantages of Isolation Methods 


Two drawbacks have been cited for use of the ACS method, the time required to 
perform the adsorption, and the relative lack of sensitivity compared to SPME. If 
laboratories were in the habit of providing same-day service, the first argument 
might have merit. Turnaround times generally range from two days to two months. 
In that context, a 16-h versus a 15-min analysis time is meaningless. With respect 
to sensitivity, the ACS method is capable of routinely detecting 0.1 \tL of ignitable 
liquid from a nontenacious background, which should be low enough. Our goal is to 
help the fire investigator understand whether a foreign ignitable liquid was present 
at the fire scene. We now have the ability to detect the solvent in polyurethane 
finish five years or more after it has been applied to a hardwood floor. We have no 
need to be more sensitive than that. A technique that is capable of adsorbing sig- 
nificant quantities of ignitable liquid residue in 15 min is also capable of becoming 
contaminated much more easily than a carbon strip that might take 16 h to come 
to equilibrium with a dilute sample. 

The use of a “screening” technique for fire debris samples is an issue that each 
laboratory should address. There is usually not a need to screen samples, since an 
ACS separation is likely to be more sensitive. A sample that tests negative on a 
quick headspace analysis (per ASTM E1388) needs to be tested further anyway. 
If a request is made to look for light oxygenates (alcohols, acetone) or to get a 
ballpark estimate of analyte concentration (other than through a “nasal appraisal’), 
running a headspace can be useful. Screening techniques also allow for a swift, 
if less than definitive, result. For routine analyses, however, passive headspace 
concentration, conducted according to ASTM E1412, should be the norm. Solvent 
extraction, as described in ASTM E1386, is appropriate for sampling aliquots of 
very strong samples or for extracting very small samples or empty containers 
(ASTM E1386-10, 2010). 

Steam distillation may be selected in the odd case where it is desired to produce 
a neat liquid extract of the fire debris. The benefit of this is that a vial of the 
liquid can be brought into a courtroom, shown to a jury, lit on fire on a Q-tip, and 
passed around. Because steam distillation is appropriate only on very concentrated 
samples, however, it is preferable to make sure that the sample is preserved, and the 
sample itself can be passed around for the jury to smell. For the most part, steam 
distillation is a technique whose time has come and gone. The last reapproval 
of an ASTM steam distillation standard took place in 2001, and the Committee 
on Forensic Sciences in 2006 took the decision to allow the standard to expire. A 
comparison of the advantages and disadvantages of the various isolation techniques 
is shown in Table 3.2. 


3.6 ANALYZING THE ISOLATED ILR 


Despite the improvements in separation and detection technology, the overall 
approach to identification of ignitable liquid residues is the same as it was in the 
early 1970s. A chromatogram from the sample is compared with chromatograms 
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TABLE 3.2 Comparison of ILR Isolation Techniques 


Method 


E1385, steam 
distillation 


E1386, solvent 
extraction 


E1388, headspace 
sampling 


E1412, passive 
headspace 


E1413, dynamic 
headspace using 
activated charcoal 

E1413, dynamic 
headspace using 
Tenax 

E2154, solid-phase 
microextraction 


Advantages 


Produces a visible liquid, 
simple to explain 


Useful for small samples 
and empty containers, 
does not cause significant 
fractionation, useful for 
distinguishing heavy 
petroleum distillates from 
each other 

Rapid, more sensitive to 
lower alcohols, 
nondestructive 

Requires little analyst 
attention, sensitive, 
nondestructive, produces 
archiveable sample, 
inexpensive 

Rapid, sensitive, produces 
archiveable sample, 
inexpensive 

Rapid, sensitive 


Rapid, highly sensitive, 
useful for field sampling 
with portable GC-MS 


Disadvantages 


Labor intensive, destructive, not 
sensitive, requires expensive 
glassware 

Labor intensive, expensive, 
co-extracts nonvolatile 
substances, increased risk of 
fire, solvent exposure, 
destructive 


No archiveable sample, not 
sensitive to heavier compounds, 
poor reproducibility 

Requires overnight sampling time 


Labor intensive, subject to 
breakthrough, destructive 


Labor intensive, requires thermal 
desorption, no archiveable 
sample, destructive 

Labor intensive, expensive, 
requires special injection port, 
reuse of fibers, no archiveable 
sample 


from known standards, and the analyst determines whether there are “sufficient 
similarities” to make an identification. What has changed is the quantity of 
information available because of the increased resolution provided by capillary 
columns and the ability to obtain a mass spectrum up to 10 times per second, as 
well as reaching a consensus on the meaning of “sufficient.” So, although there is 
more information to compare, the technique is still one of pattern recognition and 
pattern matching. 

An argument can be made that when one looks at a mass spectrum, one is 
looking at structural details rather than simply matching patterns, but the patterns 
still have to match. The same argument has been made about structural elucidation 
in the use of FTIR for drug identification. Although it would be nice to think that 
analysts routinely consider molecular structure, the day-to-day operation is one of 
pattern matching. 

There exists a specific skill set that is required to compare chromatographic 
patterns. This skill set must be learned carefully and used routinely if it is to 
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remain sharp. Pattern recognition is one “scientific” skill that has historically been 
problematic. Although fire debris analysts use the same equipment as drug analysts, 
the drug analyst typically looks for a single peak with a particular retention time. 
The fire debris analyst must compare an entire pattern of peaks produced by a 
sample to the pattern of peaks produced by a standard. This exercise includes 
a comparison of inter- and intragroup peak heights and can be quite complex. 
Although it is true that many drug analysts also conduct ignitable liquid residue 
analyses, a different set of skills is involved. 

Fire debris analysis also involves a set of skills different from those employed 
by environmental scientists, who are typically trying to quantify the components of 
an oil spill or contaminants at a Superfund site. Environmental methods typically 
assume the presence of gasoline or other petroleum products, then look for benzene, 
toluene, ethylbenzene, and xylene (BTEX) to quantify the amount present. Unless 
they are trying to identify the source of the spill, environmental analysts are usually 
not employing the same skill set used by fire debris analysts. 

If one thinks about the nature of many petroleum products and the processes that 
are going on when those products are isolated from debris samples, one can begin 
to understand why chromatographic patterns look the way they do. Many petroleum 
products are straight-run distillates, particularly the medium and heavy petroleum 
distillates. The overall pattern of these products is a Gaussian (bell-shaped) distribu- 
tion of peaks, dominated by the normal alkanes. The patterns produced by kerosene 
and diesel fuel have been likened to a stegosaurus, because the chromatograms bear 
a passing resemblance to the dinosaur’s dorsal fin. (Actually, a spinosaurus’ sail 
back fin more closely resembles the pattern, but stegosaurus is the term of art.). A 
medium petroleum distillate produces the same pattern, shrunken and coming off 
early. 

A fractionation process similar to distillation occurs in the isolation of an 
ignitable liquid residue from a sample. This is caused by the very low vapor pres- 
sure of ILR components above Cjg and by the selective adsorption of the heavier 
hydrocarbons on complex substrates. Hydrocarbons up to C23 can be captured from 
diesel fuel placed on a noncompeting substrate such as filter paper. That same fuel 
placed on charred wood, however, may exhibit a pattern that ends at Cig. If com- 
pounds do not get into the air in the headspace, they will not be adsorbed onto the 
carbon strip. The tenacity of the sample needs to be considered, particularly when 
trying to distinguish between kerosene and diesel fuel. 

This author learned pattern recognition the old-fashioned way: running dozens, 
then hundreds of standards, and learning what the patterns looked like. Today’s 
analysts are fortunate in that the ASTM standards give examples of many of the 
patterns that an analyst is likely to see in positive samples, and there exists a detailed 
compilation of literally hundreds of patterns available in a standard text (Newman 
et al., 1998). Both the ASTM standards and the GC-MS Guide to Ignitable Liquids 
provide sufficient information to allow the analyst to set up an instrument to provide 
patterns that look very much like the ones in the texts. Although these texts are an 
important resource, it is imperative that every fire debris analysis laboratory have its 
own library of ignitable liquid residues. This provides for patterns with exactly the 
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TABLE 3.3 Ions Used for Extracted Ion Chromatography 





Ion Compounds Ion Compounds 

57 Alkanes 119 C4 alkylbenzenes 

83 Cycloalkanes 131 Methyl, dimethylindans 
91 Toluene, xylenes 142 Methylnaphthalenes 
105 C3 alkylbenzenes 156 Dimethylnaphthalenes 
117 Indan, methylindans 


same retention times and mass spectra with exactly the same fragmentation patterns. 
The in-house library is also a quality assurance tool, which lets the analyst know 
when there has been some drift in the instrument, when a sensitivity loss has taken 
place, and when it is time to run a new set of standards. Whatever approach is 
taken, it will take time to develop the ability to recognize ILR patterns. 

The mass spectrometer provides the ability to simplify what can be very complex 
and confusing patterns. This is a result of the ability of the data analysis software 
to separate out only those peaks having particular ions present in the pattern. For 
example, if one wants to look at the alkanes, one only needs to obtain an extracted 
ion chromatogram for m/z (mass/charge ratio) 57, hereafter referred to as ion 57, 
and most of the balance of the components will disappear. It is thus possible to break 
down a total ion chromatogram (TIC) into its component parts—see Table 3.3. 

Although there are more patterns to learn, they are simpler patterns and easier 
to remember. This approach to data analysis, known as mass chromatography, 
was first proposed by Smith in 1982. There are basically two ways to approach 
mass chromatography: the single-ion approach and the multiple-ion approach. 
Dolan (2004) has proposed referring to the single-ion chromatograms as extracted 
ion chromatograms (EICs) and multiple-ion chromatograms as extracted ion 
profiles (EIPs). 

When working with software that scales the extracted ion chromatogram or 
profile to the tallest peak, some caution is advised when using multiple ions. To 
the extent that the second, third, and fourth ions contribute to a pattern, they tend 
to make it more complicated, thus defeating some of the purpose of extracting the 
ions in the first place. To the extent that these additional ions do not change the 
pattern, they may convince the analyst that he or she is seeing more than is actually 
present. Finally, to the extent that these additional ions are present at substantially 
lower concentrations, they would be better observed on their own rather than in 
the profile. Figure 3.7 is a comparison of ion 57 from a kerosene standard versus a 
profile based on ions 57, 71, 85, and 99. The profile is slightly more complicated, 
but since ion 57 is the base peak for almost every component in the chromatogram, 
the ion 57 profile is the tallest. 

Another example is shown in Figure 3.8, which presents ions 128, 142, and 
156, the naphthalenes, from a gasoline sample. In the top chart, the ions are com- 
bined into a profile, which although it gives the analyst an idea about the relative 
abundance of the three ions, shows very little detail for the dimethylnaphthalenes 
represented by ion 156. When the extracted ions are presented separately, the ana- 
lyst still gets the quantitative data by reading the abundance numbers next to the 
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Figure 3.7 Ion profiling versus ion chromatography. Comparison of (a) the ion 57 chro- 
matogram with (b) the ion profile combining ions 57, 71, 85, and 99 from a kerosene 
standard. The four ions in the profile are plotted in the merged format. Plotted individually, 
they are all very similar, with ion 57 presenting the tallest peaks. 
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Figure 3.8 Jon chromatography versus ion profiling. Comparison of the ion profile of 
the naphthalenes from a gasoline standard (top chart). Compare with the detail provided 
by presenting the three ions (128, 142, and 156) separately. 
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Y-axis, but also gets to see the fine details in the shape of the peaks at the right 
side of the chart. 

A similar example is shown in Figure 3.9(a). These charts show ions 91, 105, and 
119 from a 75% evaporated gasoline standard. The effect is even more pronounced 
at 90% evaporation, shown in Figure 3.9(b), when the ion 91 peaks are smaller. 
Whether an analyst chooses extracted ion chromatography or extracted ion profiling 
is largely a matter of taste. It is easier for this author to use the simpler patterns 
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Figure 3.9 Ion profiling versus ion chromatography. (a) Comparison of ion profiles from 
75%-evaporated gasoline. The top chart shows a combination of ions 91, 105, and 119. The 
next three charts show those ion chromatograms plotted independently. (b) Comparison of 
ion profiles from 90%-evaporated gasoline. The top chart shows a combination of ions 91, 
105, and 119. The next three charts show those ion chromatograms plotted independently. 
Note the improvement in the level of detail presented for the xylenes. 
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MONTH TABLET 
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January 0 

February 3| 

March 59 
April 90 
May 120 
June 151 
July 18| 
August 212 
September 243 
October 13 
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Examples: 


October 9, 1940. John Lennon 
92+ 13+9=114. 1OWizard 


August 16, 1987. Harmonic Convergence 
87 + 212 + 16= 315 - 260= 55. 3 Eagle 


December 21, 2012. Closing of the Cycle 
112 + 74+ 21 = 207. 12 Hand 


July 26, 2013. Galactic Synchronization, 
(Launching of Timeship Earth 2013) 
217 + 181 + 26 = 424 - 260 = 164 
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and avoid the eyestrain required to see the smaller peaks in the profiles. The typical 
set of six ion chromatograms used in our laboratory to document the presence of 
gasoline is shown in Figure 3.10, and the set of three ion chromatograms used for 
distillates is shown in Figure 3.11. Details of each are discussed below. 


3.6.1 Criteria for Identification 


Most of the chromatograms that an analyst uses to make a positive identification 
of an ignitable liquid residue will match (exhibit “sufficient similarities” to the 
standard) at the level of the TIC. Samples with low concentrations of ILR, high 
backgrounds, or both, can sometimes yield a positive identification for ILR if the 
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Figure 3.10 Typical set of six ion chromatograms used in our laboratory to document 
the presence of gasoline. Ions we use are 105 for C3 alkylbenzenes, 119 for C4 alkyl- 
benzenes, 117 for indan and methyl indans, 131 for dimethyl indans, 142 for 2- and 
1-methylnaphthalene, and 156 for dimethylnaphthalenes. 
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Figure 3.11 Typical set of three ion chromatograms used in our laboratory to document 
the presence of distillates. These are the ion 57, 83, and 105 chromatograms from Smokey 
Bear charcoal lighter, a medium petroleum distillate. 


analyst is very careful. Usually, but not always, if the TIC from the sample does not 
match the TIC from the standard, the sample is likely to be negative (determined 
to contain no detectible ignitable liquid residue). Examples of cases where this is 
not true are presented following this general discussion of criteria for identification 
of an ILR in routine cases. 

ASTM E1618 identifies eight classes of ignitable liquids identifiable by 
GC-MS: 


. Gasoline 

. Petroleum distillates 

. Isoparaffinic products 

. Aromatic products, including dearomatized distillates 


nA kW NY Fe 


. Naphthenic—paraffinic products 
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6. N-Alkane products 
7. Oxygenated solvents 
8. Miscellaneous 


With the exception of gasoline and oxygenated solvents, each of the classes 
above can be placed into one of three ranges: light (C4—Co), medium (Cg—C)3), 
and heavy (Cg—C29+). This standard presents criteria for identifying the various 
kinds of compounds (alkanes, cycloalkanes, aromatics, and condensed ring aromat- 
ics) found in each one of the nine classes. The alkanes include both straight-chain 
and branched hydrocarbons, and can be extracted using ion 57. The cycloalka- 
nes are mostly substituted cyclohexanes, which can be seen by extracting ion 83. 
Cycloalkanes also have a strong ion at 55, and as the length of the substituted 
alkane increases, ion 57 begins to dominate the mass spectra. Aromatics means 
alkyl-substituted benzenes with a single ring. These can be extracted using ions 
91, 105, and 119. Ion 91 will show toluene and xylenes, ion 105 will show xylenes 
and C3 alkylbenzenes, and ion 119 will show Cy alkylbenzenes. There will be some 
overlap in the extracted ion chromatograms, as shown in Figure 3.9. Condensed 
ring aromatics refers to indans and naphthalenes. Indans have a five-membered 
ring attached to a benzene ring, and may be substituted. The naphthalenes that 
we usually see are naphthalene itself, 2- and 1-methyl naphthalene (written in that 
order because that is the order of elution from a nonpolar column), and the dimethyl 
naphthalenes. Naphthalene presents a single peak when ion 128 is extracted. There 
are two peaks for the methyl naphthalenes seen when ion 142 is extracted, and 
there are eight peaks in the dimethyl naphthalene chromatogram seen when ion 
156 is extracted. The indans can be visualized by extracting ions 117 and 131. 


Identification of Gasoline The composition of petroleum products as found 
in fire debris is influenced by three factors: crude oil parentage, the effects of 
petroleum refining processes, and the effects of weathering. Gasoline is the way it 
is largely because of the second of these influences, petroleum refining. Although 
all crude stocks contain aromatics, aliphatic hydrocarbons comprise the bulk of 
most crude oils. Because the aliphatics cause knocking in gasoline engines, the 
value of the crude stock is enhanced by cracking, making small molecules out of 
larger ones, and by reformation through a process of dehydrogenation. Toluene and 
xylenes are the most abundant compounds produced in these processes. Gasoline 
does contain numerous light aliphatics (as light as butane) present when gasoline is 
first pumped, but by the time it has been through a fire, most of the lighter (<C7) 
aliphatics have evaporated. Consequently, toluene is usually one of the first tall 
peaks seen in a sample of gasoline, and once the gasoline has weathered to 50% 
or more, the toluene peak is much shorter than the C3 alkyl benzene or xylene 
peaks. Gasoline changes considerably as it evaporates, which is what makes it one 
of the more difficult classes to identify. When a Gaussian distribution of normal 
alkanes changes because of evaporation, it is still a Gaussian distribution of normal 
alkanes, just a heavier one. Most of the samples of gasoline that this author has 
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seen in samples of fire debris have been more than 75% evaporated. (Estimating 
the degree of evaporation is discussed later.) 

Gasoline is, in this author’s experience, the most frequently misidentified 
ignitable liquid residue. That is because many of the compounds present in 
gasoline as it comes from the pump are also produced when polymers, such as 
poly(vinyl chloride) (PVC) and polystyrene, degrade as a result of exposure to 
heat. The key to avoiding misidentifications is making sure that the ratios between 
groups of compounds and within groups of compounds are consistent with the 
standard. Toluene is a very common pyrolysis product. Note that the polymer 
need not be an aromatic one to produce aromatic pyrolysis products. In fact, the 
pyrolysis products of PVC, because of the way it responds to heat, consist almost 
entirely of aromatics (Stauffer, 2003). It is an unusual fire debris sample that does 
not contain toluene at some level. Since it is one of the first gasoline compounds 
to evaporate, one does not expect to see a tall toluene peak in the absence of 
equally tall xylene peaks in a sample that is positive for gasoline. Figure 3.12 
shows the chromatogram of a 10-L standard of gasoline adsorbed using an 
activated charcoal strip and eluted with diethyl ether spiked with 100-ppm 
perchloroethylene. The toluene and xylene peaks are almost equally tall. If a fire 
debris sample contains toluene from gasoline, it will be accompanied by xylenes 
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Figure 3.12 Total ion chromatogram of fresh gasoline; 10 wL was spotted on a piece of 
filter paper and the headspace was concentrated using ASTM E1412. The eluting solvent 
was diethyl ether spiked with 100 ppm of perchloroethylene, shown here eluting between 
toluene and the xylenes. 
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and the higher peak groupings of gasoline. Toluene that is not so accompanied 
comes from something other than gasoline. 

Xylenes are also produced by the decomposition of plastics, but unlike toluene, 
the xylenes can be examined for correct intergroup ratios. Figure 3.13 shows ion 
91, the base ion for xylenes, from gasoline in three different stages of evaporation, 
kerosene, and a medium petroleum distillate. The relative ratios for the three peaks 
are almost indistinguishable. Note that the ethylbenzene peak in the 50% evapo- 
rated gasoline is slightly lower. This trend continues as the degree of evaporation 
increases, but generally, one will find that if the xylenes in a sample are from 
an ignitable liquid, they will exhibit this characteristic ratio. Note that there are 
three isomers of xylene, ortho-, meta-, and para-, but that the three peaks seen in 
the chromatograms actually represent four compounds, because meta- and para- 
xylene cannot be resolved except in the longest columns (ethyl benzene followed 
by the three xylenes). If xylenes are found in ratios other than the one shown 
in Figure 3.13, particularly if ethyl benzene is the tallest peak in the group, one 
can safely conclude that neither gasoline nor any other petroleum product was the 
sole source of the xylene. If styrene is present at a higher concentration than the 
ethylbenzene, one is certainly looking at polymer decomposition products. 

The next group to consider is the C3 alkyl benzenes. This is by far the most 
important of the patterns in any sample of gasoline. Like the xylenes, it is also 
found in all petroleum products from which the aromatics have not been removed, 
and unless evaporation has decreased the concentration of the lighter compounds, 
the peak ratios will always be the same. This is the group identified in the 1982 
guidelines (and in every standard since) as “the m-ethyltoluene pseudocumene five- 
peak group.” This group appears in many samples that contain no gasoline, and it is 
the failure to exhibit the proper ratio of peaks that is sometimes the analyst’s only 
clue that he or she is looking at data that can easily be misinterpreted. The group 
of peaks must be present to identify gasoline, but sometimes it is overemphasized, 
and sometimes it is “seen” where it really is not present. Figure 3.14 shows one 
such sample, where there was a misidentification of gasoline. The figure shows the 
suspect sample at the top, as well as four standards that exhibit the proper ratios 
of components in the C3 alkyl benzene group. As with the xylenes, meta- and 
para-ethyl toluene cannot be resolved, although the resolution is somewhat better 
here than in the xylenes—we see a shoulder. In nearly all cases where the C3 
alkyl benzene group is, in fact, present as a component of a petroleum product, the 
pseudocumene peak will be the tallest. Because most of the residues encountered in 
gasoline will be highly evaporated, the pseudocumene peak will be the tallest peak 
on the chart—both the TIC and the EIC. Note that in the questioned sample at the 
top of Figure 3.14(a), it is the second peak that is the tallest, not the pseudocumene 
peak. The first peak has the same retention time as m- and p-ethyltoluene, but the 
shape is wrong, and the mass spectrum indicates that the peak actually represents 
benzaldehyde. The mass spectrometer unequivocally identified the second peak in 
the questioned sample as 1,3,5-trimethylbenzene, but the third peak, which may 
have represented o-ethyltoluene, also contained a significant 118 ion, indicating the 
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Figure 3.13 lon chromatogram for ion 91 from gasoline in three different stages of 
evaporation, kerosene, and a medium petroleum distillate. Note that the relative ratios for 
the three peaks in the xylene group are almost indistinguishable. Evaporation causes the 
ethylbenzene peak in the 50%-evaporated gasoline to be slightly shorter. 
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Figure 3.14 Study of the C3 alkylbenzene group. (a) The top chromatogram shows an 
unknown sample. This is followed by gasoline in three stages of evaporation, and fresh 
diesel fuel. The TIC of the unknown did not look like gasoline, but based on this EIP 
and a few other ion chromatography comparisons, an analyst called the sample positive 
for gasoline. 
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(c) 


Figure 3.14 (Continued) The mass spectra shown in parts (b) to (e) show that two of the 
peaks, | and 3, were not gasoline components (b). Mass spectrum and library match of the 
first peak in the top chart shown in part (a). This peak actually represents benzaldehyde, 
not m-ethyltoluene. (c) Mass spectrum of the second fully resolved peak in the top chart 
shown in part (a). As with gasoline, this peak is identified as 1,3,5-trimethylbenzene (d). 
Mass spectrum of the third major peak in the chart shown at the top of part (a). This 
mass spectrum changed across the peak but clearly contained a-methylstyrene. 1-Decene, 
a common decomposition product, was also suggested by the spectrum. There may be 
some o-ethyltoluene coeluting as well, but that cannot be demonstrated (e). Comparison 
of the mass spectrum fourth peak in the chart shown in part (a) with 1,2,4-trimethyl 
benzene (pseudocumene). This is a reasonably straightforward match. 
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presence of «-methylstyrene, a common pyrolysis product. Phenol, which exhibits 
a base peak at 94, is also a confounding compound that elutes in the range of the 
five-peak group. Simply matching the components when the ratios are not right can 
lead to misidentifications . The odds against three background components coeluting 
in exactly the right concentrations to skew the peaks in this group are pretty high. 
Three other samples from the same fire scene were similarly misidentified, and 
exhibited similar peak ratios and mass spectral characteristics. As with almost all 
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misidentifications, there was not a good pattern match with the TIC. Extracted ion 
chromatography or extracted ion profiling can be very useful; however, the analyst 
should remember that it is a spectral as well as a chromatographic technique. 
The individual mass spectra should be examined, especially when the peak ratios 
are “off.” 

A word about the use of the mass spectrometer beyond generating mass chro- 
matograms is in order. Most analysts will use the mass selective detector or mass 
spectrometer as a tool for generating extracted ion chromatograms and extracted ion 
profiles. Obviously, if one is looking at very simple mixtures or single components, 
the mass spectrum is necessary in order to make an identification. A sometimes- 
overlooked function of the mass spectrometer is the evaluation of extracted ion 
chromatograms and profiles. As we saw in Figure 3.14(a), an extracted ion chro- 
matogram with the intragroup ratios just slightly “off’ has the potential to be 
misleading. Figure 3.14(b) to (e) show the mass spectra of each of those five 
peaks, as well as the library’s best match. The first peak, which is coincident with 
m-ethyl toluene, has a large peak at m/z 77, but no such ion is present in the 
spectrum of m-ethyl toluene. There may be some m-ethyl toluene hidden under 
this peak, but there is definitely some benzaldehyde as well. 

One way to determine whether there are coeluting compounds under a chromato- 
graphic peak is to examine the mass spectra at different points across the peak. If 
the peak represents a pure compound, the mass spectrum will change little, if at 
all. In Figure 3.14(c), the second peak in the five-peak group is a nearly-perfect 
match for 1,3,5-trimethylbenzene, which is the third peak in the five-peak group 
required to identify gasoline. The third peak, whose mass spectrum is shown in 
Figure 3.14(d), clearly contains more than one substance, but the strong peak at 
118, as well as the retention time, indicates that a-methylstyrene is coeluting. Like 
the second peak, the fourth peak is a pure compound and a nearly perfect match 
for pseudocumene. (The mass spectra of all of the aromatics in this group are quite 
similar. In fact, using a library search usually results in a list of match candidates 
that includes all four members of the group.) Because the peak ratios are off, and 
especially because two of the four peaks in the ion 105 chromatogram represent 
compounds not found in gasoline, it must be concluded that the first identification 
was in error. 

Background subtraction is a tool found in most data analysis software and can 
frequently resolve questions as to whether a particular compound is really there. A 
detailed evaluation of the quality of the spectra underlying a mass chromatogram, 
whether it is a single-ion extraction or a multiple-ion profile, should be carried out 
periodically just to keep the analyst in practice, but it should be carried out routinely 
on any sample where either the peak ratios or retention times are “just a little off.” 
Note in Figure 3.14(a) that when a sample is sufficiently evaporated, the peaks 
at the left side of the chart begin to diminish. This result is expected. The initial 
guidelines for identifying gasoline stated that the m-ethyl toluene/pseudocumene 
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five-peak group was still present in gasolines that had lost 90% of their fresh 
weight. In fact, this group does not disappear until the gasoline is more than 98% 
evaporated. If this group cannot be positively identified, an analyst is on very thin 
ice indeed when identifying a sample as containing gasoline. In such a case, there 
must be a peak-for-peak match of all of the higher peak groupings. As with many 
of the other components of gasoline, this five-peak group is present in almost all 
petroleum products from which the aromatics have not been removed. The bottom 
chart in Figure 3.14(a) is from unevaporated diesel fuel. 

The C, alkyl benzenes are best viewed by extracting ion 119. Because there are 
more ways to build a C4 alkyl benzene than a C3, this is a more complex pattern, 
but it is present in almost all petroleum products. Figure 3.15 shows the patterns 
found in highly evaporated gasoline, as well as in kerosene and diesel fuel, which 
are produced by the presence of the C, alkyl benzenes. Note that in kerosene and 
diesel fuel, this pattern is more complex than in gasoline. 

The next group of compounds that must be present in order to make a solid 
identification of gasoline is the indans. These can be extracted using ions 117 
and 131. The doublet at 11.3 and 11.5 min in the ion 117 chart is, in this ana- 
lyst’s experience, always present. It has traditionally not been an absolute require- 
ment of the ASTM standards, but it probably should be. The standard states, 
“Indan (dihydroindene) and methylindans are usually present.” The first tall peak 
in the 117 chart is indan, appearing at 9.4 min. Figure 3.16 shows the peak 
groupings characteristic of gasoline for the indans, methylindans, and dimethyl 
indans. Like the C3 alkyl benzenes, the indans and alkyl-substituted indans can 
be found in roughly the same proportions in gasoline that is 98% evaporated. 
Other petroleum products, particularly the distillates, contain indans and methylin- 
dans, but their mass chromatographic patterns are more complex than the ones for 
gasoline. 

The next group of compounds that should be present in a sample identified as 
containing gasoline is the methyl- and dimethylnaphthalenes. Naphthalene is also 
present, but naphthalene is so common that its presence in a sample is meaningless. 
2-Methylnaphthalene elutes before 1-methylnaphthalene and is almost always more 
abundant than the 1-methylnaphthalene. In any case where this ratio is reversed, the 
extract should be considered suspect. The boiling point of the methylnaphthalenes 
is high enough that the ratio, unlike xylenes or C3 alkyl benzenes, is unlikely 
to be affected by evaporation. All petroleum products are likely to contain both 
the naphthalenes and the dimethylnaphthalenes, and the ratios should be highly 
comparable to each other. 

There are some aromatic products in the marketplace that meet almost all of the 
ASTM criteria for the identification of gasoline. Such products are used as solvents 
for stains, insecticides, adhesives, and industrial and commercial products. The way 
to differentiate these aromatic products from gasoline is to look for the presence 
of alkanes. All gasolines contain high percentages of alkanes when fresh, but even 
highly evaporated gasolines will contain some branched alkanes. Straight-chain 
hydrocarbons are an unusual finding in gasoline, because they are undesirable 
components that cause knocking when burned in gasoline engines. [Knocking is 
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Figure 3.15 CC, alkylbenzenes represented by ion 119 in gasoline in three different 
stages of evaporation, 50%-evaporated kerosene, and unevaporated diesel fuel. All samples 
were prepared by spotting 10 L on a piece of filter paper, and processed using ACS 
adsorption—elution. 
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Figure 3.16 Jon chromatograms for indan, the methylindans, and dimethylindans found 
in 75%-evaporated gasoline. 


the premature detonation of a fuel and occurs more readily with straight-chain 
hydrocarbons than with branched-chain hydrocarbons or aromatics. Resistance to 
knock is known as the octane rating. Octane rating is based on a scale of 0 to 100, 
where 0 is the resistance to knock of 100% n-heptane and 100 is the resistance 
to knock of 100% iso-octane (2,2,4-trimethylpentane). N-Octane actually has an 
octane rating below zero.] 


Identification of Distillates Most distillates likely to be encountered in fire 
debris are straight-run distillates from crude oil. They have not been subjected to 
cracking or reforming, so they lack the high aromatic content found in gasoline, 
but aromatics are still present. The distillates are characterized by an abundance of 
normal alkanes, along with branched alkanes and cycloalkanes. 

Distillates are usually easy to recognize, except for light petroleum distillates, 
which might be missed unless the analyst checks for them in every sample before 
calling it negative for ILR. Because of their high volatility, they tend to be present 
at low concentrations in fire debris samples and are typically found on the left side 
of the chart, where they may be mistaken for decomposition products. This is a 
particular hazard when the higher-boiling components are decomposition products. 
Light petroleum distillates (LPDs) do not generally exhibit the Gaussian distribu- 
tion seen in medium and heavy petroleum distillates (MPDs and HPDs). When 
the peaks that elute prior to 8 min are examined, and the analyst sees a mixture 
of cycloalkanes, branched alkanes, and perhaps some normal alkanes in the C7 
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through Co range, an LPD should be suspected. The analyst should have in the 
library as many LPDs as possible, because unlike the heavier distillates, the patterns 
tend to vary from one to the other,. Figure 3.17(a) shows three different brands 
of cigarette lighter fluid, each exhibiting a different pattern of peaks. The recom- 
mended extracted ion profiles for LPDs are 57, 55, 83, and 91, which can be seen 
in Figure 3.17(b). This particular LPD is unusual in that it contains xylenes but 
no toluene is present. Because of their high volatility, LPDs are not persistent in 
the environment and are not usually expected to be found as background material. 
There are some cleaning agents and automotive products that contain LPDs, but 
if the sample was collected from somewhere other than the garage, the workshop, 
or under the kitchen sink, a finding of LPD generally indicates the presence of a 
foreign ignitable liquid. 

This is not the case with medium or heavy petroleum distillates, which are 
far more common in our environment (Lentini et al., 2000). A typical medium 
petroleum distillate, Sparky charcoal lighter fluid, is shown in Figure 3.18(a). The 
ions necessary to make a valid identification of a medium petroleum distillate are 
57 and 83, shown in Figure 3.18(b). The analyst should also check for ion 105 or 
91, to be certain that the aromatics have not been removed, in which case the ILR 
can be identified as a dearomatized distillate. One does not notice much difference 
between the TIC and the ion 57 EIC, because distillates are dominated by the 
normal and branched alkanes. The alkylcyclohexanes, which elute about midway 
between the normal alkanes, present an overall appearance similar to that of the 
alkane chromatogram. If the normal alkanes are not present, or if they are present 
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Figure 3.17 (a) Total ion chromatograms of three different brands of cigarette lighter 
fluid. (b) Ion chromatograms of ions 57, 55, 83, and 91 from a standard of Ronson lighter 
fluid. 
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Figure 3.17 (Continued) 
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Figure 3.18 Total ion chromatogram of (a) a typical medium petroleum distillate, Sparky 
charcoal lighter fluid, and (b) extracted ion profiles for ions 57 and 83. 


at approximately the same concentration as the branched alkanes, an isoparaffinic 
product should be suspected. When the cycloalkanes are present at an abundance 
greater than about 20% of the abundance of the alkanes, a naphthenic—paraffinic 
source is indicated. In most distillates, the cycloalkanes will be present at about 5 to 
10% of the concentration of the normal and branched alkanes. Medium petroleum 
distillates cover a wide range of products and may be used as fuels, such as lamp 
oil or charcoal starter, or as solvents, such as mineral spirits or insecticide carriers. 
This wide range of products and formulations requires that the library of reference 
materials include numerous MPDs. 

Heavy petroleum distillates (HPD) include kerosene and diesel fuel. Except 
for HPDs that are formulated for specific applications, such as jet fuel, the carbon 
number range of heavy petroleum distillates can vary. Thus, unless one has a sample 
of the unevaporated liquid, it is difficult to determine the degree of evaporation 
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Figure 3.19 Total ion chromatograms showing a comparison of kerosene and diesel 
fuel. 


of the residue isolated from a sample. In northern parts of the country, diesel fuel 
sold in the winter may actually be kerosene. 

Figure 3.19 shows a comparison of kerosene and diesel fuel. These distillates 
come with internal carbon number markers, in the form of pristane and phytane. 
Pristane is 2,6,10,14-tetramethyl pentadecane (Cj9H49) and it elutes immediately 
after normal heptadecane. Phytane is 2,6,10,14-tetramethyl hexadecane (C29H.2) 
and it elutes immediately after normal octadecane. (Although pristane and phytane 
elute immediately after two normal hydrocarbons, they come from different sources. 
The n-alkanes started out as fatty acids, but pristane and phytane started out as parts 
of the chlorophyll molecule.) Thus, one can identify the two doublets on the high 
side of the bell-shaped curve and can count carbons up and down from there. In 
Figure 3.19 these doublets occur at 12 and 12.5 min. Kerosene, which is a known 
standard that has been evaporated to 50% of its original volume, covers the range 
Ci; to Cj9, while the diesel fuel range is C2 to C2. If the kerosene is evaporated 
further, it will look more like the diesel fuel. Had the diesel fuel been evaporated 
less, it would look more like the kerosene. 

As with the medium petroleum distillates, interpretation of a finding of heavy 
petroleum distillates should be approached with caution. There are numerous house- 
hold products that contain HPDs, including many of the same kinds of products in 
which MPDs are found. The safer charcoal lighters are made from kerosene rather 
than mineral spirits. They are safer because of their higher flash point. Figure 3.20 
shows a total ion chromatogram of lemon oil furniture polish. This polish has a 
carbon number range from C12 to C22, with C;7 being the tallest peak on the chart. 
The limonene peak at the left side of the chart could easily be attributed to a pine 
substrate. Pinenes and limonene are very common in samples containing structural 
(coniferous) wood. If found in a fire debris sample, this particular furniture polish 
could easily be misreported as diesel fuel. 
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Figure 3.20 Total ion chromatogram of lemon oil furniture polish. This sample could 
easily be reported out as diesel fuel. 


It is not necessary for a liquid to be present in order for a distillate to be 
detected. Figure 3.21(a) shows the total ion chromatogram of a piece of pine wood 
that was stained with Minwax finish 10 months before it was subjected to headspace 
concentration. The naturally occurring terpenes, a- and B-pinene and d-limonene, 
are the dominant peaks on the chart, but the mineral spirits solvent is still clearly 
visible. When ions 57 and 83 are extracted, the terpenes disappear, to yield the 
charts shown in Figure 3.21(b). These results show the critical necessity of asking 
for comparison samples, particularly when samples of flooring are submitted for 
analysis. The flooring does not need to be recently painted to exhibit the distillate 
solvent used to apply the floor coating. This author has reported finding distillates 
24 months after application (Lentini, 2001) and has detected distillates in samples 
of finished flooring and furniture up to 10 years old. There is no reason to believe 
that these solvents do not persist indefinitely, trapped in either the wood matrix or 
in the polymer coating matrix. 

In addition to true distillates, there are some distillate-like residues produced as 
the result of decomposition of other products. Asphalt is what is left at the bottom 
of the distillation pot after all of the volatiles have been distilled from crude oil. It 
contains hydrocarbons ranging from C39 to Ceo. When these long-chain hydrocar- 
bons undergo pyrolysis, they do so in much the same way as that of the long-chain 
hydrocarbons in polyethylene, via random scission. This results in the production 
of normal alkanes in the range Co to Cyg (Lentini, 1998). When these pyrolysis 
products are present in fire debris and subjected to headspace concentration, they 
produce a chromatogram that can be and has been mistaken for the chromatogram 
of a heavy petroleum distillate. Such a chromatogram is shown in Figure 3.22(a). 
In 1982 it was reported that roof shingles could produce “accelerant-like residues,” 
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Figure 3.21 Total ion chromatogram of (a) a piece of pine wood stained with Minwax 
Finish 10 months prior to its analysis, and (b) extracted ion profiles for ions 57 and 83. 


and at that time, there existed no reliable methods for distinguishing HPDs from 
asphalt shingle residues (Lentini and Waters, 1982). The increased use of capil- 
lary columns allowed for the occasional visualization of a “double-peak kerosene,” 
sometimes called “pseudokerosene,” but even with capillary columns, it was not 
uncommon for asphalt residue to be misidentified as a liquid petroleum distillate. 
This author learned how to make the differentiation in 1995 in connection with 
the investigation of an insurance claim that had been erroneously denied because 
of a finding of HPDs where none should have been present. Figure 3.22(b) shows 
how the distinction is made. One compares ion 57 with ion 55. If a second peak 
appears in front of the n-alkane peak, or if a small peak grows larger, we can 
conclude (particularly after we collect the mass spectrum) that the second peak is 
the 1-olefin. A sample such as this must be classified as asphalt smoke condensate 
or asphalt decomposition residue. 

The amount by which the olefin peak “grows” will vary depending on the sam- 
ple. When one looks at kerosene and diesel fuel, the only difference in appearance 
between the ion 55 chart and the ion 57 chart is that the abundance of ion 55 is 
lower. The relative abundances of the individual peaks with respect to each other 
do not change. 

Another way to distinguish asphalt decomposition products from HPDs is to 
look for the cycloalkanes. They are not present in asphalt decomposition products. 
A Gaussian pattern will be observed when ion 83 is extracted, but this is due 
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Figure 3.22 Total ion chromatogram of (a) asphalt smoke residue of the type that can be 
mistaken for a petroleum distillate, and (b) extracted ion profiles for ions 57 and 55. The 
growth of the peak in front of the normal alkane when comparing 55 to 57 demonstrates 
the presence of alkenes, which allows the identification of the residue as a decomposition 
product rather than a foreign petroleum distillate. 











entirely to the presence of the olefins. The ion 83 and ion 55 ion chromatograms 
show the same peaks. Asphalt smoke condensates also contain little if any pristane 
and phytane. 

Polyethylene is another substance that produces a distillate-like appearance in the 
chart, but if the capillary column has any resolution at all, it will be obvious that one 
is looking at polyethylene residue rather than at a distillate. Figure 3.23(a) shows 
the total ion chromatogram of polyethylene smoke condensate. All of the peaks are 
doublets and most are actually triplets, owing to the presence of the 1,(m — 1)-diene 
in the mixture. When one looks at ion 57 and compares it with ion 55, as shown 
in Figure 3.23(b), the growth in the olefin peak is obvious relative to the alkane 
peak. The diene peak also grows, because the dienes contain more ion 55 than ion 
57. Lubricating oils are subject to the same decomposition processes as asphalt and 
polyethylene, and the smoke condensates of lubricating oils appear similar. 
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Figure 3.23 Total ion chromatogram of (a) polyethylene smoke condensate. The first 
peak in each doublet is the alkene; the second is the alkane. Pristane, phytane cycloalka- 
nes, and aromatics are all absent. (b) Ion 57 EIC, and (c) ion 55 EIC. In the ion 55 
chromatogram, a third peak, representing the n, (n — 1)-diene, appears. 











A careful examination of the chromatographic and mass spectral data will pre- 
vent the analyst from misidentifying decomposition products as distillates, but 
automation of pattern recognition is coming and presents some dangers if not 
handled properly. As with all computer “answers,” one should always do a “reality 
check.” The same pattern recognition software that allows a mass spectrum from 
an unknown compound to be matched against the spectra of 100,000 compounds 
can be applied to chromatograms. The chromatogram is converted using Microsoft 
Excel into a bar graph that has the same general appearance as a mass spectrum. 
This graph can then be compared against a library of known ignitable liquids that 
have been transformed similarly. As with the mass spectral libraries, “extra” peaks 
do not necessarily keep the database from recognizing a “match.” The polyethylene 
smoke condensate chart shown in Figure 3.23(a), matched up against a database 
that contains only ignitable liquids, will yield a match of exceptionally high quality 
for diesel fuel. This is why it is necessary to populate ignitable liquid libraries used 
for this purpose with known background chromatograms. The chart would make 
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an even better match for polyethylene smoke condensate, but only if it is available 
in the database. 


Identifying Other Classes of Products The remaining classes of ignitable 
liquid residues can frequently be identified by what is and is not present. A dearom- 
atized distillate, for example, will have a signal from the aromatics that is less than 
1% of the signal from the aliphatics. Otherwise, it will look the same with respect 
to both the alkanes and the cycloalkanes. Because of environmental regulations 
governing the aromatic content of distillates, there has been, since 1973, an ASTM 
standard for this determination. ASTM D3257-07 is entitled Standard Test Meth- 
ods for Aromatics in Mineral Spirits by Gas Chromatography (ASTM D3257-07, 
2007) and uses a specified test blend for calibration. If the calculation of aromatic 
content is an issue, a forensic scientist might avoid a Daubert challenge by using 
this established method rather than by devising a new one. 

The normal alkane products are very easy to recognize, as long as one makes 
sure that one is looking at a homologous series of normal alkanes as opposed 
to a homologous series of aldehydes or some other group of homologues that 
are pyrolysis or decomposition products. Groups of compounds that differ from 
each other only in that they have one additional CH2 group look pretty much the 
same as a series of normal alkanes, and require some caution. Figure 3.24 shows 
a series of normal alkane products marketed by Exxon, as well as a sample of 
Lamplight Farms ultrapure lamp oil, which also consists of normal alkanes. One 
common source of normal alkanes is carbonless forms (NCR paper). The bottom 
chromatogram in Figure 3.24 shows the chromatogram of concentrated headspace 
vapors from a 2-in. x 2-in. square of a carbonless form. These forms contain 
microspheres filled with normal alkane solvent that, when broken, causes color 
to develop in the ink. There are only a few microliters per square foot, but this 
concentration is easily detectable. Figure 3.25 is a scanning electron micrograph, 
showing the bottom side of a carbonless form. It should be noted that the alka- 
nes found in carbonless forms are usually accompanied by a pair of substituted 
biphenyls. Normal alkane products are also found in some brands of linoleum 
floor covering. Any time that a sample is collected from a floor likely to have 
linoleum in its structure (kitchen, bathroom, laundry room), a finding of normal 
alkanes is probably not meaningful. A comparison sample is an absolute necessity in 
such cases. 

Isoparaffinic hydrocarbons are made by removing the normal hydrocarbons with 
a molecular sieve. These liquids are becoming more common as petrochemical 
manufacturers move to more environmentally friendly and odor-free replacements 
for the straight-run distillates, such as mineral spirits. Similar to the isoparaffinic 
hydrocarbons are the naphthenic—paraffinic products, which are characterized by 
an abundance of cycloalkanes. Whereas one might expect to find cycloalkanes 
present at less than 5% in the isoparaffinic hydrocarbons, they may be present at 
up to 30% in naphthenic—paraffinic products. The distinction requires looking at 
the ion profiles for the cycloalkanes versus the alkanes, as well as looking at the 
abundance numbers on the left side of the chart. Figure 3.26 shows a comparison 
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Figure 3.24 Jon 57 chromatogram of three Exxon Isopar products, compared with an 
ACS extract from a carbonless form, and the ACS extract of a 10-j.L sample of Lamplight 
Farms ultrapure lamp and candle oil. 


ANALYZING THE ISOLATED ILR 87 





Figure 3.25 Scanning electron micrograph of the underside of a carbonless form. The 
microspheres range in size from 2 to 20 ym and are filled with normal alkanes. 


2.6M 
oO i Exxon Isopar H 





lon 57 

















60K 


lon 83 




















6.50 ~~ —-7.50 











Figure 3.26 Comparison of the alkane (ion 57) and cycloalkane (ion 83) chromatograms 
from Exxon Isopar H. The cycloalkane peaks are only about 2% of the height of the 
branched alkane peaks. 
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Figure 3.27 Comparison of the alkane (ion 57) and cycloalkane (ion 83) chromatograms 
from Vista LPA 170, a naphthenic—paraffinic product. The height of the cycloakane peaks 
is about 30% of the height of the branched alkane peaks. 


of the ion 57 and ion 83 chromatograms from Isopar H, a common solvent used 
in cosmetics and other household products. Compare this to Figure 3.27, which 
compares those same ion chromatograms from a naphthenic—paraffinic solvent, 
Vista LPA 170. Instead of having an ion 83 chromatogram that is 2% the height of 
the ion 57 chromatogram, the ion 83 is more than 30% of the height of the ion 57 
chromatogram in the naphthenic—paraffinic solvent. Also, note that the tall peaks 
in the ion 57 chromatogram from the naphthenic—paraffinic product are not normal 
alkanes, but are branched alkanes. 

Another way to make the distinction between the isoparaffinic products and the 
naphthenic -—paraffinic products is to take an average mass spectrum. Representative 
isoparaffinic products are shown in Figure 3.28. A average mass spectrum of any 
of these looks very much like the mass spectrum of a single alkane. Ion 57 is 
the base peak, and the other fragments are spread out in a Gaussian distribution 
with a spacing of 14 mass units between them. A typical isoparaffin average mass 
spectrum, that of Isopar L, taken over a 3-min portion of the chromatogram, is 
shown in Figure 3.29. 
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Figure 3.28 Total ion chromatograms of six isoparaffinic hydrocarbon products, Exxon 
Isopars E, G, H, K, L, and M. 
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Figure 3.29 Average mass spectrum taken from Isopar L, over the range of 9 to 12 min. 
This spectrum has an appearance very similar to that of a branched alkane. 


The same exercise can be performed on the naphthenic—paraffinic products, 
several of which are shown in Figure 3.30. The average mass spectrum of a typical 
naphthenic—paraffinic product, shown in Figure 3.31, looks quite different from 
that of the isoparaffinic product. While it still exhibits a base peak of 57, there will 
be a greater abundance of ions 55, 69, and 83 than in the isoparaffinic product. 

The identification of other ignitable liquid residues requires an individual 
examination of the peaks in the chromatogram. It is possible to find just about 
any single compound in just about any sample. Findings of alcohols, turpentines, 
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Figure 3.30 Total ion chromatograms of four naphthenic—paraffinic products: Vista LPA, 
LPA 140, LPA 170, and LPA 210. The numbers in the product names correspond approx- 
imately to flash points. 
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Figure 3.31 Average mass spectrum of Vista LPA taken from 8 to 17 min.. 


aromatic solvents, and other “flammable” liquids need to be undertaken with great 
caution. ASTM E1618 recommends not making an identification of these single 
compounds unless they are present in such concentrations that the signal is at least 
two orders of magnitude greater than the background. Just about every fire debris 
sample will contain methanol. Just about every fire debris sample will contain 
toluene. Unless these substances are present at concentrations sufficiently high for 
the analyst to feel comfortable saying they are not native to the background, they 
should not be reported. 


3.6.2 Improving Sensitivity 


The techniques used routinely to isolate and analyze ignitable liquid residues are 
quite sensitive. In samples with nontenacious substrates, it is possible to detect as 
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little as one-tenth of 1 «tL of ignitable liquid residue such as gasoline in | kg or 
more of debris. The task gets a little more difficult when there are active surfaces 
in the fire debris, such as charcoal, but an activated carbon strip is more tenacious 
than most debris that one is likely to encounter. 

Before attempting to improve the sensitivity of the detection method, it is use- 
ful to have some idea about how much sensitivity one already has. This is best 
accomplished by preparing serial dilutions of an ignitable liquid with an internal 
standard, and comparing the signals to those generated by extracts from known 
amounts of ignitable liquid run through the laboratory’s adsorption or elution pro- 
cess. In our laboratory we typically use 10-wL standards. The liquid is applied to 
a piece of filter paper in a 1-quart can, and the filter paper is subjected to ACS 
headspace concentration, just like any debris sample. When exposed to 10 wL 
of 75% evaporated gasoline, a 10 mm x 10 mm carbon strip eluted with 500 pL 
of diethyl ether spiked with 100 ppm of perchloroethylene yields a concentration of 
approximately 1000 ppm. This is easily detectable. (This translates to a recovery 
rate of about 5%; 500 tL at 1000 ppm equals 0.5 L recovered out of 10 wL 
placed in the sample can.) One microliter in the sample can yields a concentration 
of approximately 100 ppm in the eluate: again, very easily detectable. At 0.1 iL 
(10 ppm in the eluate), the signal is noisy and it becomes difficult to extract accept- 
able ion chromatograms except for ion 105, showing the C3 alkyl benzenes. To 
obtain better ion chromatograms, a number of different strategies can be followed. 
The lower limit of detection is formally defined as that concentration of analyte that 
will give a signal that is twice the background level; for this analyst, the detection 
limit is that concentration of analyte that produces a signal large enough to feel 
comfortable about a determination. One can lower the detection limit either by 
increasing the signal or by decreasing the background noise. Increasing the signal 
can be accomplished in a number of ways. One obvious way is to increase the 
concentration of the analyte. In the case of fire debris eluates from C-strips, this is 
accomplished by evaporating off some of the solvent. This strategy is not without 
its costs. It is time consuming and must be done very carefully if one is to avoid 
losing the analyte along with the solvent. No heat should be used in this process. 
At some point, the volume of the solution becomes too small to be handled by an 
autosampler, and this requires manual injection. Although it can be done, easier 
ways exist to increase the signal. Another obvious strategy is simply to increase the 
size of the injection. Normally, we inject 1 w~L. When we are looking at samples 
of low concentration, we inject 2 WL. 

One way to increase the signal dramatically is to run the gas chromatograph 
in the splitless mode. (Running splitless is one reason that SPME techniques are 
so sensitive.) Most laboratories use a split ratio of 20:1 to 50:1. This dilution of 
the sample improves resolution. Turning off the split will increase the amount of 
analyte presented to the detector, and the signal will increase by up to a factor of 10. 
The only cost is likely to be a small decrease in resolution. 

Another way to increase the signal from the ions of interest in order to produce 
better ion chromatograms is to increase the dwell time, the time that the detector 
spends looking at a particular ion. This is accomplished by using the selected ion 
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monitoring (SIM) mode on a quadrupole instrument. In the full-scan mode, we 
typically look from 33 to 300 amu, resulting in a dwell time of less than 1 ms per 
ion. If we ask the instrument to look only at the ions in which we are interested, 
we can increase the dwell time dramatically. The detector response will increase in 
proportion to the square root of the dwell time (i.e., if one increases the dwell time 
by a factor of 4, the signal strength will increase by a factor of 2. Our instrument 
performs 5.24 scans/s in the full-scan mode, resulting in a dwell time of 0.7 ms. 
In the SIM mode, there is only about one scan per second, resulting in somewhat 
rougher peaks, but with a dwell time of 50 ms (an increase of about 70-fold), the 
signal will increase by about a factor of 8. It is not the increasing signal that is the 
most attractive feature of SIM, however. It is the reduction in noise. “Changing 
channels” 267 times per scan (1400 times per second) generates an abundance of 
noise in the instrument. This is known as housekeeping noise. If one looks only at 
the 23 ions listed in Table 3.4, the noise is reduced by a factor of 60 or more. 

Figure 3.32 shows a comparison of the noise generated in the full-scan mode 
versus the noise generated in the SIM mode. It is easy to see that even with a much 
smaller signal, the peaks of interest will be plainly visible. 

The price to be paid for this increase in sensitivity is a decrease in specificity. 
(There is no such thing as a free lunch.) The mass spectra produced in the SIM 
mode do not contain enough ions for a library to match. The analyst can, however, 
make certain that the ion of interest is the base peak for a particular compound, and 
make sure that a “qualifier ion” is present. The abbreviated spectrum from a SIM 
peak can be compared with the SIM spectrum from a known compound, but that 
is as far as it can go. For this reason, the analyst should apply more rigid criteria 
when trying to determine whether a SIM pattern exhibits “sufficient similarities” 
to a standard pattern. 

Figure 3.33 shows a comparison of a 10-ppm standard of 75% evaporated gaso- 
line run in the full-scan mode, in the full-scan splitless mode, and in the SIM mode. 
Looking at just the total ion chromatograms, one might conclude that the SIM mode 
does not add value compared to the splitless mode, but when one generates the 


TABLE 3.4 Ions Used for SIM 








Ion Compounds Ion Compounds 

31 Methanol 117 Indan, methylindans 
43 Alkanes 118 Methylstyrene 

45 Ethanol 119 C4 alkylbenzenes 

55 Alkenes, cycloalkanes 120 C3 alkylbenzenes 

57 Alkanes 128 Naphthalene 

69 Alkenes 131 Methyl, dimethylindans 
71 Alkanes 133 Cs alkylbenzenes 

83 Cycloalkanes, alkenes 134 C4 alkylbenzenes 

85 Alkanes 142 Methylnaphthalenes 
91 Ci, C2 alkylbenzenes 156 Dimethylnaphthalenes 
104 Styrene 168 3-phenyltoluene 

105 C3 alkylbenzenes 





The Violet Flame Soul Transmutation 3 
Facilitated by Father Saint Germain 


“| am the Violet Flame in action in Now, 
| am the Violet Flame to light alone | bow; 
lam the Violet Flame Shining every hour, 
| arm the Violet Flame in mighty cosmic power; 
|am the Violet Flame blazing like a sun, 
| am the Violet Flame freeing everyone.” 


| invoke the Violet Flame to Heal my Soul, 
| invoke the Violet Flame to make me Whole; 
| invoke the Violet Flame to dissolve my Grief, 
| invoke the Violet Flame to purify my Belief; 

l invoke the Violet Flame to consume my Pain, 
| invoke the Violet Flame to dissolve my Shame; 
| invoke the Violet Flame to dissolve my Hate, 
| invoke the Violet Flame to clean my Slate; 

l invoke the Violet Flame to consume my Fear, 
| invoke the Violet Flame to dissolve my Tears; 
| invoke the Violet Flame to heal my Hurt, 
| invoke the Violet Flame to heal my Heart; 
| invoke the Violet Flame to help me Forgive, 
| invoke the Violet Flame to help me Live! 


eee 
| AM THE VIOLET FLAME FOR ALL TO SEE! 
| AM THE VIOLET FLAME THAT SETS ME FREE! 
| AM THE VIOLET FLAME THAT HEALS MY SOUL! 
| AM THE VIOLET FLAME THAT MAKES ME WHOLE! 
| AM THE VIOLET FLAME TO HEAL THE EARTH! 


| AM THE VIOLET FLAME OF SOUL REBIRTH! 


Beloved Violet Flame | LOVE YOU (x3) 
Beloved Violet Flame | BLESS YOU (x3) 
Beloved Violet Flame | THANK YOU (x3) 


“| invoke, decree & dream-awake with every breath that | breath 
the VIOLET FIRE transmuting my WHOLE being!” 
-Ascended Master Astarious Miraculli — Spirit Rap 
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Figure 3.32 Comparison of the baseline noise generated by a full scan with that gener- 
ated in the SIM mode. (See insert for color representation.) 
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Figure 3.33 10-ppm solution of 75%-evaporated gasoline. (a) Run in the full-scan mode 
with a 20:1 split ratio. In each of these three charts the off-scale peak at 5.5 min is 
the perchloroethylene internal standard. (b) Run in the full-scan mode with a splitless 
injection. The abundance is increased by about a factor of 5 over the split injection. (c) 
Run in the SIM mode with a 20:1 split ratio. The abundance is not increased compared 
to the scan mode, but the noise is reduced significantly. 
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six extracted ion profiles for gasoline, the SIM chromatograms clearly outshine 
those produced in the full-scan mode, even with no split. This is demonstrated in 
Figure 3.34. 

This process of increasing sensitivity can be taken even one step further, by 
using a splitless injection and selected ion monitoring, although in doing so, we 
are approaching territory where findings of lower and lower amounts may not be 
meaningful. Figure 3.35 shows the six gasoline ions from a solution of 0.1-ppm 
standard of 75% evaporated gasoline. This is roughly equivalent to a sample con- 
taining 0.001 wL of gasoline (1 nL!). Even at a concentration in the eluate of 
0.01 ppm (10 ppb), the baseline does not go completely flat in the SIM split- 
less mode. 

By simply using the tools available, we can see that the sensitivity of the analysis 
can be increased by four orders of magnitude. It does not seem to this analyst that 
lowering the detection limit further than this would be worthwhile. Table 3.5 shows 
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Figure 3.34 Six ion chromatograms produced by a 10-ppm solution of 75% evaporated 
gasoline run in the full-scan mode, with splitless injection; (b) run in the SIM mode, with 
a 20:1 split ratio.. 
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(b) 
Figure 3.34 (Continued) 


a rough order-of-magnitude calculation of the detection limits available using the 
techniques described above. 


3.6.3 Estimating the Degree of Evaporation 


Estimating the degree of evaporation is a task that an analyst is occasionally asked 
to perform. Usually, evaporation is not an issue, and frequently, even if it is an issue, 
estimating how much of the original volume of a sample may have evaporated is 
difficult. Comparing degrees of evaporation may be helpful in source or common 
source determinations, as will be discussed later. 

Unless we know what the ignitable liquid was to start with, it is next to impossi- 
ble to determine how much it has evaporated. This is particularly true for distillates, 
which may range from C7 through C)2 in one batch and Coy through Cj3 in the next 
batch of the same product. Similarly, kerosene and diesel fuel formulations change 
with latitudes and seasons. So, unless there is a container that is suspected of being 
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Figure 3.35 Six gasoline ions produced by a 2-wL splitless injection of a solution of 
0.1 ppm 75%-evaporated gasoline. 


TABLE 3.5 Detection Limits for Four Instrumental Configurations 


Method LLD (Solution)% LLD (Sample)’ 
Full scan, split 20 : 1, 1-jL injection 100 (ppm) 1.0(uL) 
Full scan, splitless, 1-L injection 10 0.1 

SIM, split 20 : 1, 2-wL injection 1 0.01 

SIM, splitless, 2-jtL injection 0.1 0.001 


“Concentration at which this analyst feels comfortable calling a sample positive. 
» Assumes little or no competition from the sample, and a 5% recovery rate. 


the source of the residue, this is a task that simply cannot be accomplished, with 
the possible exception of gasoline. 

Fresh from the pump, gasolines look pretty much alike, particularly with respect 
to major components, and they change in a reasonably predictable fashion as a 
result of exposure to fire. The issue of evaporation frequently arises in the con- 
text of trying to decide whether gasoline was present in a sample before the fire 
or introduced during or after the fire. It sometimes happens that firefighters bring 
gasoline-powered equipment to fire scenes, and it is sometimes necessary to elim- 
inate such equipment as the source of residue found in a debris sample. A number 
of different techniques can be brought to bear on this question. The simplest way to 
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make the estimation is to compare the total ion chromatograms. In fresh gasoline, 
toluene will be the tallest peak, and there will be numerous light (Cs to Cg) alkane 
peaks to the left of the toluene peak. By the time that gasoline is 25% evaporated, 
many of these light alkane peaks have disappeared. Also, in a 25%-evaporated 
gasoline sample, the tallest peak is the m- and p-xylene peak. 

The analyst’s library of gasolines should include gasoline in many stages of 
evaporation, as well as fresh gasoline. In our laboratory, we keep gasoline standards 
on file at 0-, 25-, 50-, 75-, 90-, 98- and 99%-evaporated. Performing a rough 
estimation of the degree of evaporation happens every time we identify gasoline, 
simply because it is necessary to put a hard copy of at least one standard in the 
file (ASTM E1618), and it is desirable for the reference chromatogram to match 
the sample chromatogram as closely as possible. 

By the time gasoline is 50% evaporated, the toluene peak is significantly shorter 
than the m- and p-xylene peak, and in fact, is shorter than the ethylbenzene peak. 
The pseudocumene peak, meanwhile, has grown so that it is almost as tall as the m- 
and p-xylene peak. At 75% evaporation, the pseudocumene peak is the tallest peak 
in the chart, and the toluene peak has almost disappeared. At 90% evaporation, the 
toluene peak is gone and the xylenes are far shorter than the C3 alkylbenzenes. The 
C, alkylbenzenes, meanwhile, have grown as tall as most of the C3 alkylbenzenes, 
but pseudocumene is still the tallest peak in the chart. By the time the sample is 
90% evaporated, the C4 alkylbenzenes are taller than the C3 alkylbenzenes. 

A more quantitative technique for estimating evaporation involves use of the 
mass spectrometer. Collecting the average mass spectrum from Cg to C13 (about 3 
to 13 min in our laboratory) yields an average that changes predictably from one 
stage of evaporation to the next. In fresh gasoline, ions 91 and 105 are the tallest, 
followed by 119, 43, 57, and 71. The 43 fragment is produced by the light branched 
alkanes to the left of toluene. At 25% evaporation, 91 and 105 still dominate the 
mass spectrum, but the 57 ion is now taller than the 43. At 50% evaporation, ion 
91 is no longer equal to 105, and 119 and 120 exceed the height of ion 57. 

At 90% evaporation, the 119 ion is almost equal in size to the 105 ion, and 
ion 134 is beginning to catch up with ion 91. At 98% evaporation, ion 119 is the 
tallest, followed by 105, 134, and 91. Figure 3.36 shows these six average mass 
spectra. Keep in mind that the substrate can contribute to the spectra, thus making 
this approach more difficult in some cases. 

Any attempt to estimate evaporation should be done by comparing “apples to 
apples.” Although it is hoped that the analyst has optimized the isolation process 
so that an eluate from an ACS looks like the liquid in solution that has not gone 
through the ACS process, standards should be eluates rather than solutions pre- 
pared simply by diluting the liquids. Further, samples and standards should have 
approximately equal concentrations. More concentrated samples tend to appear 
more evaporated, due to the effects of displacement (Newman et al., 1996). 

There are certain substrates that hold certain compounds preferentially, and 
substrate effects need to be considered before reporting a sample as having a 
problematic evaporation level. Concrete, for example, tends to retain lighter hydro- 
carbons, making residues appear less evaporated than the fire scene conditions 
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Figure 3.36 Average mass spectra from 3 to 13 min of fresh gasoline, followed by the 
same spectrum taken for gasoline evaporated 25, 50 75, 90, and 98%. 


would indicate. One of the more important reasons for estimating the degree of 
evaporation is to allow for an “apples to apples” comparison when attempting to 
match a questioned sample to a known source. 


3.6.4 Identity of Source 


The ability to match a weathered ignitable liquid residue with a proposed source 
of unburned ignitable liquid has eluded fire debris analysts until just recently. 
The environmental forensics community has developed some tools to identify the 
sources of petroleum spills, but they have the advantage of having huge quantities 
of material available for characterization. Petroleum hydrocarbons contain trace 
quantities of biomarkers, substances that have changed little since they were first 
synthesized inside a living organism. The relative amounts of these biomarkers 
frequently allows for the identification of the source of a major spill. Polycyclic 
aliphatic and aromatic hydrocarbons are also useful in “fingerprinting” hydrocar- 
bons. Examination of additives, such as oxygenates, or in the case of old gasolines, 
the alkyl lead compounds, can also provide clues as to the identity of the source 
of a spill. 

There are three levels of “control” on the composition of petroleum. The pri- 
mary control is the genesis of the petroleum: its “genetic” features, including its 
geographic location, the original source of the fuel (terrestrial or marine), and the 
conditions in the rock where the oil resided for millions of years. 
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The second level of control affecting the hydrocarbon fingerprint is processes 
imposed on the hydrocarbon by the refiner. Activities such as distillation, hydro- 
carbon cracking, isomerization, alkylation, and blending change the composition of 
the fuel. The tertiary controls are those that occur after the petroleum product leaves 
the refiner. The most important tertiary control of interest to fire debris analysts 
is, of course, weathering, or evaporation. Mixing in the service station tank is also 
critical. Because the tanks are seldom empty, each time a new delivery is made, the 
fuel service station tank assumes a new temporary identity. For a more extended 
discussion on chemical fingerprinting in the environmental forensic science arena, 
see Introduction to Environmental Forensics (Murphy and Morrison, 2002). 

Some of the early work to identify the source of ignitable liquid residues from 
fire debris was done by Dale Mann (1987a,b). Using a 60-m column, Mann learned 
that it was possible to make comparisons on samples of fresh gasoline and to cor- 
rectly identify the source by examining the relative ratios of the light hydrocarbons, 
ranging from n-pentane to n-octane. It is, unfortunately, exactly these hydrocar- 
bons that are lost before a gasoline is even 25% evaporated. Mann’s second paper 
describes the limitations of making comparisons between ignitable liquid residues 
and fresh samples, due to the contamination of residues with pyrolysis products, 
changes introduced by the isolation method, and the loss of volatiles resulting 
from weathering. Comparison of residues with fresh sources was, therefore, not 
studied frequently after Mann’s extensive work. More recently, however, Dolan 
and Ritacco reported that they had devised a way to measure the relative abun- 
dances of 20 peak pairs in gasolines and were able to identify the source of 30 
samples that were evaporated to 25% and 50%. This process uses the relative 
abundances of branched alkanes that occur generally in the center of the gasoline 
chromatogram. Because the peaks are sequential, eluting only a few seconds apart, 
the relative ratios are not affected significantly by evaporation. The peaks examined 
are all minor components. The major components of gasoline are similar enough 
to each other that they are not useful in discriminating between sources (Dolan and 
Ritacco, 2002). 

Following up on this work, Wintz and Rankin applied principal components 
analysis only to learn that while the ratios within the pairs show little if any change 
between unevaporated and 50%-evaporated gasoline, only a few of those pairs were 
actually useful in distinguishing between one gasoline source and another, and some 
of those pairs occurred in the light petroleum distillate range, and so are unlikely 
to be found in gasolines evaporated to more than 50% (Wintz and Rankin, 2004). 

Further work by Barnes and Dolan identified six ratios of sequentially eluting 
minor components in 50% evaporated gasoline and four ratios in 75% evaporated 
gasoline. Using these ratios, they were able to discriminate successfully among 16 
gasoline samples evaporated 50% and 10 gasoline samples evaporated 75%. They 
used a blind study to confirm the ability of the technique to identify the source of 
three gasolines correctly matched against a library of 10 candidate sources. The 
technique uses a 60-m column, and is automated using a target compound program. 
The program takes the abundance of the base peak from the mass spectrum of each 
compound of interest and divides the base peak abundance of the later eluting 


100 ANALYSIS OF FIRE DEBRIS. 


compound by the base peak abundance of the earlier eluting compound. As well as 
this technique appears to work, the authors state that it is most useful for eliminating 
a source, and caution that the analyst’s statement of conclusions reflect that a 
common origin is indicated but is not a certainty. (Barnes et al., 2004). 

A somewhat simpler approach, using an analysis of naphthalene, methyl, and 
dimethylnaphthalenes has been reported by Sandercock and Du Pasquier in a 
three-part series published in 2003 and 2004 (Sandercock and Du Pasquier, 2003, 
2004a,b). The column used was an everyday 30-m HP-5 column of the type used 
for routine fire debris analysis. A SIM method was used, and in order to have all of 
the peaks capable of being integrated at the same approximate level of precision, 
the signal for naphthalene and the methylnaphthalenes was selectively reduced 
by monitoring ions 127 and 129 rather than 128 for naphthalene, and 141 and 
143 rather than 142 for methylnaphthalene. The base peak of 156 was used for 
the dimethylnaphthalenes. Sandercock and Du Pasquier started their research by 
pretreating the gasoline with an alumina column to separate out both polynuclear 
aromatic hydrocarbons and the polar alkylphenols, but learned that the alkylphenols 
did not provide much help in discriminating among different samples. The PAH 
ratios do not change significantly upon evaporation and seem to be a characteristic 
imparted by the refinery. 

One way to compare any type of ILR to a suspected source, or to see if 
two ILRs within the same class came from the same source is to compare the 
average molecular weights. When exposed to a fire, ignitable liquid evaporates, 
and its average molecular weight necessarily increases. No predictable experience 
will cause the average molecular weight of the fire-exposed liquid to decrease. 
If the suspected source of an ignitable liquid, which was not exposed to the 
fire, exhibits a higher average molecular weight than the residue extracted 
from samples collected at the scene, the suspected source can be conclusively 
eliminated. 

In doing comparisons of gasolines or any ignitable liquid, the best approach takes 
the proposed source liquid, evaporates some of it so that it matches the residue in 
terms of carbon number range, and then subjects it to the same separation procedure 
that was applied to the questioned sample. Once this has been accomplished, a 
detailed examination of the finer points in the chromatogram can be carried out. 

A really good match between chromatograms not only matches the peaks but 
also matches the valleys. Examining multiple extracted ion chromatograms for both 
quality and quantity is a necessary step when doing comparisons. This practice 
has been codified with respect to the analysis of distillates heavier than kerosene 
in ASTM D5739-06, Standard Practice for Oil Spill Source Identification by Gas 
Chromatography and Positive Ion Electron Impact Low Resolution Mass Spectrom- 
etry (ASTM D5739-06, 2006). The approach in this method compares 24 extracted 
ion chromatograms of polynuclear aromatics and certain biomarkers. Although this 
method is not applicable to kerosene and lighter mixtures such as gasoline, the 
general approach seems workable. Given the state of the art, it is probably a good 
thing that comparisons are not frequently requested. 
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3.7 REPORTING PROCEDURES 


The analyst’s report can be one of the most important documents generated during 
the investigation of a fire. The report should therefore be written carefully enough 
so that readers are not misled. The objective of fire debris analysis is to determine 
whether any foreign ignitable liquid residue is present in a sample. 

The report from a forensic science laboratory is supposed to be a scientific report. 
As such, it should include an introduction, a section detailing the test methods and 
results, and a discussion and conclusion section, if necessary. The laboratory report 
should also state what was done with the evidence. There is an unfortunate tendency 
in some agencies to provide checklists and merely state “positive for gasoline” or 
“negative for accelerants” rather than preparing a real laboratory report. Reading 
such a report, a reviewer cannot tell whether the analyst used a GC-MS or a Ouija 
board! 

Given that it is now possible to store templates with all possible results in 
them, the excuse that it is “too time-consuming” to prepare an understandable 
narrative report is unacceptable. Although laboratory reports are intended to assist 
investigators, they should also be understandable to people asked to review the 
work. At a minimum, a report should include the following: 


¢ Identification of the fire in question. 

¢ A description of the how the sample was delivered to the laboratory, when, 
and by whom. 

¢ A description of the samples, including container size, substrate material, and 
a reported location from where the sample was collected. 

¢ A description of the isolation procedure used to separate the ILR from the 
sample substrate. 

¢ A description of the analytical technique applied to the sample extract. 

¢ The results of the analysis of the data. 

¢ A discussion of the meaning of the results if there is any chance of misinter- 
pretation or misuse. 


In the discussion section, the analyst can provide examples of potential sources 
for whatever ignitable liquid residues may have been identified. This is also an 
appropriate place to put in a disclaimer about the possibility that the ILR may not 
be foreign to the background. 


¢ A conclusion or bottom line understandable even to an attorney is a helpful 
thing. 

e A sentence stating what has happened to the sample. 

If a substance is found that is natural or incidental to the background, it is the 


analyst’s job to say so. ASTM E1618 allows for the inclusion of disclaimers on 
both positive and negative reports. With respect to negative reports, a disclaimer to 
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the effect that negative results do not preclude the possibility that ignitable liquids 
were present at the fire scene is suggested as an aid to help readers avoid misunder- 
standing the report. Similarly, in the case of a positive report, the standard states: 
“It may be appropriate to add a disclaimer to the effect that the identification of an 
ignitable liquid residue in a fire scene does not necessarily lead to the conclusion 
that a fire was incendiary in nature. Further investigation may reveal a legitimate 
reason for the presence of ignitable liquid residues.” Certainly, a finding of gaso- 
line in the living room is noteworthy. It is not so noteworthy to find gasoline in 
the basement near the chain saw. On occasion, it seems that the fire debris analyst 
is too eager to “help” with an arson investigation. Reporting a sample as being 
“positive” when all the analyst has identified is background compounds is neither 
helpful nor morally defensible. Karen and Paul Stanley of Akron, Ohio, were falsely 
accused of setting a fire that killed their infant son. The fire debris samples were 
submitted to a laboratory that reported finding turpentine in a sample consisting of 
charred Douglas fir. The laboratory analyst had absolutely no business reporting 
turpentine, or at the very least, should have reported the finding of turpentine with 
a huge disclaimer stating that the turpentine was indistinguishable from naturally 
occurring turpentine found in coniferous woods. The case was dismissed after the 
prosecutor understood the significance (or lack thereof) of the chemist’s findings 
(Trexler, 2002). 

A similar case of an analyst being too “helpful” occurred in a homicide case 
in Georgia, where the laboratory analyst reported finding “toluene, a flammable 
liquid” on a suspect’s “clothing.” Actually, the “clothing” included a pair of tennis 
shoes, and the examination of a new pair of tennis shoes directly from the shoestore 
revealed the presence of a high concentration of toluene. A closer examination of 
the first analysis revealed that in addition to toluene, diethylene glycol and butylated 
hydroxytoluene (BHT) were also present in the suspect’s shoes and the exemplar 
shoes in identical relative proportions. Less than a year earlier, there had been a 
presentation on the analysis of suspects’ shoes in arson cases at an AAFS seminar 
(Cherry, 1996). Perhaps if the analyst had attended that presentation (or read the 
proceedings), the toluene would have been reported properly as being native to the 
sample background, or more appropriately, not reported at all. Typical positive and 
negative reports from our laboratory are shown as Figure 3.37. 


3.8 RECORD KEEPING 


Each case file that includes a positive identification of an ignitable liquid residue 
should contain not only the sample charts but also a standard to which that sample 
can be compared. This means that both the sample and the standard should be 
printed with the same time scale, so that the data can easily be reviewed. Even 
if there is no criminal prosecution, the analyst should be aware that many fire 
cases involve civil litigation, so the case file should be kept for a reasonable period 
of time. 

Electronic data files should also be protected and stored. There are only a few 
versions of GC-MS software in widespread use, so it is possible for one analyst 


ag 


x 





S 


© 


The most fundamental, plus powerful, healing technique available on Earth is 
the Violet Transmuting Flame or Violet Consuming Flame 
facilitated by Father Saint Germain in this past century. 
This gift has made it possible for hundreds and thousands of students to heal themselves 
and progress through stages of soul evolution much more easily. 
Jesus brought us this knowledge but was removed from us by those who knew that this 
knowledge, if applied, would set us free. 


Step 1. Pour your Love to your presence. Ask your presence to draw the Violet Flame from its 
electronic body (etheric double) and from the great central Sun. 
You | am presence has divine authority to do so. 


Step 2. Now turn your attention to the Mighty Saint Germain. Pour your love to him in his Violet 
Flame temple in the 5" dimension of the Earth. |f possible hold an image of Saint Germain and his 
temple. Call on Saint Germain to pour the Violet Flame in through and around you. 

You can also call on the assistance of Arcturus, Archangel Zadkiel and the God and Goddess of Purity. 





Step 3. Turn to face the Violet planet, a Sun out in space, ruled by Arcturus. These great beings have 
been working with a dispensation to assist us in connecting with the Violet Flame and to strengthen 
the stream of our consciousness to begin to feel it. 

Keep your attention on the Violet planet for 3 minutes. 


Invoke the flame to come into every condition of our life to change it into a miracle of LOVE, where 
there is no absence of light, no absence of intelligence and only God’s perfection! 
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File No. Lab File # Date Page 1 of 1 











Fire Investigator 
Agency 
Address 

City, State ZIP 


Subject 

Incident # (Claim # 78910) 
Your File # 23456. 

Victim (Insured): Name. 
Date Of Loss: July 28, 2004. 
Analysis of Fire Evidence. 


Background 


On August 3, 2004, John Lentini of ATS received from client via UPS the following: 


Item 1. A one-quart can containing debris identified as removed from the north end of 
the laundry room. 


Item 2. A one-quart can containing debris identified as removed from the center of the 
laundry room. 


ATS was requested to analyze the samples for ignitable liquid residues. 


Test Methods and Results 


The samples were separated according to ASTM Practices E1412-07 and E1386-05, and 
analyzed according to ASTM Standard Method E1618-10. 


Gas chromatographic/mass spectrometric (GC/MS) analysis of concentrated headspace 
vapors from Item 1 reveals the presence of components having retention times and mass 
spectra characteristic of components of known weathered gasoline. 


GC/MS analysis of a solvent extract from Item 2 reveals the presence of components having 
retention times and mass spectra characteristic of components of known weathered gasoline. 


Conclusion 
Gasoline was present in both samples. 
Sample Disposition 


Samples have been returned to client via UPS. 


Prepared by. John J. Lentini, F-ABC 





Reviewed by. P. E. Rogers, Senior Chemist 





Figure 3.37 (a) Typical positive report from our laboratory; (b) typical negative report 
from our laboratory. 
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Fire Investigator 
Agency 
Address 

City, State ZIP 
Subject 


Incident # (Claim # 78910) 
Your File # 23456. 

Victim (Insured): Name. 
Date Of Loss: July 21, 2004. 
Analysis of Fire Evidence. 
Background 


On August 4, 2004, John Lentini of ATS received from client via UPS the following: 


Item 1. A one-quart can containing burned carpet and pad identified as removed 
from the north end of the south bedroom. 


Item 2. A one-quart can containing debris identified as removed from the center of the 
living room. 


ATS was requested to analyze the samples for ignitable liquid residues. 


Test Methods and Results 


The samples were separated according to ASTM Practices E1412-07 and E1386-05, and 
analyzed according to ASTM Standard Method E1618-10. 


Gas chromatographic/mass spectrometric (GC/MS) analysis of concentrated headspace 
vapors from Items 1 and 2 fails to reveal the presence of any ignitable liquid residues. 


These results do not eliminate the possibility that ignitable liquids were present at the fire 
scene. 


Sample Disposition 


Samples have been returned to client via UPS. 


Prepared by John J. Lentini, F-ABC 





Reviewed by P. E. Rogers, Senior Chemist 





Figure 3.37 (Continued) 
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to review another’s raw data. Such reviews should be facilitated by preservation of 
the data. Instrumental data such as tune reports or spectrum scans should be kept, if 
only to keep track of the performance of the instrument. Certainly, if a case file has 
matching standards and samples, there is no need to review the tune report for that 
particular week. No matter what happened, the instrument tune parameters would 
not cause a false positive. Blanks, on the other hand, should be stored somewhere, 
particularly for those cases where the detection limit of the procedure is being 
reduced. 


3.9 QUALITY ASSURANCE 


The factors affecting the overall quality of a laboratory’s work product are numer- 
ous. For this reason, accreditation programs have been set up so that an outside 
agency can verify that a laboratory is performing appropriately. Each laboratory 
should have a detailed written procedure for the examination of fire debris. As part 
of the quality assurance program, fire debris analysts should participate in profi- 
ciency testing at least once a year. This can be internal or external, but certainly, 
external proficiency testing carries more credibility. Proficiency tests are available 
from a number of commercial suppliers, but it is not necessary to actually purchase 
proficiency tests. Groups of analysts can form round-robin groups and take turns 
preparing samples for each other. Because it is not necessary to demonstrate one’s 
ability to place a strip in a can, samples can be prepared by exposing 10 strips to 
the same sample, then just mailing the strips. By doing regular proficiency tests or 
round robins, analysts can monitor their own performance, and laboratory directors 
can be assured that their analysts are performing adequately. 

Individual professional development and continuing education is an important 
component of any quality assurance program. Analysts should take the time to 
keep up with the literature and should attend professional meetings when possible. 
Although the science of fire debris analysis is reasonably settled, this is an interest- 
ing field with a large cadre of professionals who perform and publish research on 
a continuing basis. Keeping up with this research is a professional responsibility. 

The ultimate sign that an analyst is keeping up with the profession is the decision 
to become certified. The American Board of Criminalistics offers a certification in 
fire debris analysis. Certification can be maintained only by continuing education 
and annual participation in external proficiency testing. Becoming certified is a way 
for an analyst to demonstrate that he or she cares about professional development. 
Supporting individual certification is a way that a laboratory director can assure 
his or her employees that the agency also cares. 


CONCLUSION 


The isolation and identification of ignitable liquid residues from fire debris sam- 
ples is an important part of the fire investigation process. The fire debris analyst 
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should be familiar with the common techniques of fire investigation and under- 
stand the language used by investigators. The analyst must also understand the 
stakes involved. If an ignitable liquid residue is identified, a hypothesis that a 
fire was incendiary may be supported, and a long litigation process may ensue in 
either civil or criminal court. The laboratory results are often the deciding factor 
in a prosecutor’s decision to indict or an insurance company’s decision to resist 
a claim. 

The technology for fire debris analysis has improved dramatically over the last 
20 years, to the point where our methods are now as sensitive as they need to 
be, and possibly more sensitive than they need to be. The analytical procedure 
requires focus and creativity, but also adherence to the generally accepted criteria 
for making an identification. The analysis should be conducted and reported in such 
a way that it is capable of being reviewed by another analyst. There is no reason that 
a reviewing analyst should reach a different conclusion, and such reviews should 
not only be expected but be welcomed. Science is based on “multiple witnessing.” 
Fire debris analysts need to be acutely aware of the stakes involved in what they 
are doing and of the need to communicate effectively about the meaning of their 
findings. 
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Summary Soils and sediment constitute excellent trace evidence in both crim- 
inal and civil cases because there are an almost unlimited number of identifiable 
soil types based on the content of rocks, minerals, glasses, human-made particles, 
and chemicals. Forensic examination commonly identifies the original geographic 
location of soils associated with a crime, thus assisting an investigation. Studies 
of soil and related material samples associated with a suspect and crime scene can 
produce evidence that the samples had or did not have a common source, thus 
indicating whether or not the suspect was ever at a particular place. Gathering 
intelligence and mine, gem, and art fraud studies often use the methods of forensic 


geology. 


4.1 Introduction 110 
4.2 Murder and the pond 111 
4.3 Oil slicks and sands 113 
4.4 Medical link 114 
4.5 Examination methods 114 
4.5.1 Color 115 
4.5.2 Particle-size distribution 117 
4.5.3 Stereo binocular microscope 120 
4.5.4 Petrographic microscope 122 
4.5.5 Refractive index 124 
4.5.6 Cathodoluminescence 124 
4.5.7. Scanning electron microscope 125 
4.5.8 X-Ray diffraction 126 
4.6 Chemical methods 127 
4.6.1 FTIR and Raman spectroscopy 128 
4.7 Looking ahead 129 
References 130 


Forensic Chemistry Handbook, First Edition. Edited by Lawrence Kobilinsky. 
© 2012 John Wiley & Sons, Inc. Published 2012 by John Wiley & Sons, Inc. 


109 


110 FORENSIC EXAMINATION OF SOILS 
4.1 INTRODUCTION 


As with so many other types of physical evidence, forensic geology began with 
the writings of Sir Arthur Conan Doyle, who wrote the Sherlock Holmes series 
between 1887 and 1927. He was a physician who apparently had two motives: 
writing salable literature and using his scientific expertise to encourage the use of 
science as evidence. 

In 1893, Hans Gross, an Austrian forensic scientist, wrote a handbook for exam- 
ining magistrates (Gross, 1893) in which he suggested that “perhaps the dirt on 
someone’s shoes could tell more about where a person had last been than toilsome 
inquiries.” It was only a matter of time before these ideas from an author of fiction 
and a criminalists’ handbook would appear in a courtroom. 

In 1908, a German chemist, Georg Popp, undertook the study of soil evidence in 
the homicide case of Margarethe Filbert. In this case Popp was able to demonstrate 
that soil samples from two locations associated with the crime had characteristics 
similar to the sample collected from the suspect’s shoes. In addition, using soil from 
the suspect’s shoes he was able to show a sequence of events in soil accumulation 
that was consistent with the theory of the crime, and he found no soil evidence 
that supported the suspect’s alibi (Thorwald, 1967). 

A century later, the use of geologic materials in criminal and civil cases is 
commonplace (Pye and Croft, 2004). Public and private laboratories around the 
world have trace evidence examiners qualified to examine soil, glass, and related 
material (Murray, 2011; Pye, 2007; Ruffell and McKinley, 2008). 

Forensic geology studies vary in scope. A common type of investigation involves 
identifying a material that is key to a case: for example, examining pigments in 
a painted picture or material in a sculpture when authenticity or value is at issue. 
Identification is also important in questions of mining, mineral, or gem fraud to 
determine if the material is what its sellers claim it to be. Identification of fire- 
resistant safe insulation on a person or individual’s property may provide probable 
cause for further investigation. 

Beyond identification, forensic geologists can also look at the source of particular 
material. Here the examiner needs a broad knowledge of the geology and the best 
geologic and soil maps to answer questions. For example, if the soil on a body 
does not match the location where the body is found, from where was the body 
moved? Similarly, examiners can compare two samples, one associated with the 
suspect and the other collected from the crime scene, to see if they had a common 
source. For example, does the soil on the suspect’s shoe have characteristics similar 
to those of the soil type collected at the crime scene? 

Another new developing area of forensic geology is its use in intelligence work. 
For example, a person may claim never to have been to a particular location, but 
is then found with rocks from that spot, thus linking the person to the location. 
Remember the outcrop you saw behind Osama bin Laden on your television screen 
after 9/11? What was the location? A geologist who has done field work in the 
area would be able to locate that outcrop, and that actually happened: A geologist, 
John Shroder, was able to identify the region where bin Laden had been sighted in 
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Afghanistan in 2001. As with all class evidence, geologic evidence rarely provides 
a unique solution for which the geologic mind cannot imagine another possibility 
(Murray, 2005). But there are some exceptions, as illustrated in the following 
two cases. 


4.2 MURDER AND THE POND 


The murder of John Bruce Dodson produced one of the most interesting cases in 
the entire history of forensic geology. Here, the geologic evidence is unequivocal, 
in that it tied the suspect directly to the crime and eliminated the suspect’s alibi. 
Most important, the investigator of the crime recognized the potential importance 
of the geologic evidence and arranged for an examination of that evidence. The 
testimony of the forensic geologist was critical to the prosecution of the case. The 
case began on October 15, 1995, when John Dodson was found dead while on 
a hunting trip with his wife of three months, Janice. The scene was high in the 
Uncompahgre Mountains of western Colorado. 

At first glance it appeared to be a hunting accident. However, the autopsy 
revealed two bullet wounds to the body and one bullet hole through John’s orange 
vest. The investigation showed that the Dodsons were camped near other hunters, 
one of whom was a Texas law enforcement officer. He responded to Janice’s frantic 
call that her husband had been shot. She was standing about 200 yards from the 
camp in a grassy field along a fence line. The officer determined that John was 
dead and started the process of getting help. Prior to calling for help, Janice had 
returned to her camp and removed her hunting coveralls, which were covered with 
mud from the knees down. She later told investigators that she had stepped into 
a mud bog along the fence near the camp. Investigators found a. 308-caliber shell 
case approximately 60 yards from the body. In addition, they found a. 308-caliber 
bullet in the ground on the other side of the fence, which created a direct line from 
the location of the case to the body to the bullet. 

Janice’s ex-husband, J. C. Lee, was camped three-fourths of a mile from the 
Dodsons. Janice knew that the site was his favorite camp location. He naturally 
came under suspicion. However, Lee was hunting far away from camp with his 
boss at the time of the shooting. Most important, Lee reported to investigators 
that while he was out hunting, someone had stolen his. 308 rifle and a box 
of. 308 cartridges from his tent. Winter comes early at 9000 ft in the Umcom- 
pahgre, and little more could be done at the scene. However, investigators Bill 
Booth, Dave Martinez and Wayne Bryant returned during the summers of 1996, 
1997, and 1998 and searched for the rifle and other evidence. They tried to search 
every place a weapon could have been hidden. They combed the entire area, includ- 
ing ponds, with metal detectors in the hope of finding the rifle; it has never been 
found. During the final search of the pond near Janice’s ex-husband’s camp, Al 
Bieber of NecroSearch International commented that the mud in and around a cat- 
tle pond near Lee’s camp was bentonite, a clay that someone brought to the pond 
to stop the water from seeping out of the bottom. That evening, Booth and Mar- 
tinez were camped near the crime scene. They were discussing the evidence in the 
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Figure 4.1 Pond lined with bentonite clay where Janice Dodson got clay on her shoes 
and pants when she went to steal the rifle that she used to kill her husband, John. (See 
insert for color representation. ) 


case when investigator Booth said, “The mud.” He was referring to the dried mud 
that was found on Janice Dodson’s clothing. If Janice had obtained the rifle from 
Lee’s camp, she would probably have stepped or fallen into the bentonite clay 
that drained across the road from the cattle pond (see Figure 4.1). Remembering 
Janice’s statement that she was returning to camp on the morning of the crime and 
stepped into a mud bog near her camp, Booth and Martinez decided they needed to 
obtain dried mud samples from the bog near the Dodsons’ camp, the area around 
a pond nearby the camp, and the human-made pond and runoff near Lee’s camp. 

Booth and Martinez packaged the dried mud from each location and sent the 
samples along with the dried mud that had been recovered from Janice’s overalls 
to the laboratory section of the Colorado Bureau of Investigation in Denver, where 
it was examined by Jacqueline Battles, a forensic scientist and lab agent. She 
concluded and later testified to the fact that the dried mud found on Janice Dodson’s 
clothing was consistent with the dried mud recovered from the pond near Lee’s 
camp. The dried mud that had been recovered from Janice’s overalls was found 
not to be consistent with the mud bog or the pond near her camp. This was a 
breaking point in the case that allowed Booth and Martinez to put Janice Dodson 
in her ex-husband’s camp around the time that his rifle had been stolen. There are 
no other bentonite-lined ponds in the area and no bentonite deposits. 

Booth and Martinez went to Texas and served an arrest warrant on Janice. 
She was extradited to Colorado, tried in court, and convicted in the murder of John 
Bruce Dodson. The jury understood the results that followed Booth’s insightful “the 
mud” exclamation. Janice is now serving a life sentence without the possibility of 
parole in Colorado’s state prison for women. An appreciation of the value of soil 
evidence and the collection of that evidence was critical in this case. 
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4.3 OIL SLICKS AND SANDS 


A case that illustrates many of the issues comparing soil and related material 
occurred in Canada a few years ago. The body of 8-year-old Gupta Rajesh was 
found alongside a road outside Scarboro, Ontario. The back of his shirt had a smear 
of oily material, and the preliminary conclusion was that he was the victim of a 
hit-and-run accident, with the oily material coming from the undercarriage of a 
vehicle. But examination of the oily material and the particles suspended in it by 
forensic geologist William Graves of the Centre of Forensic Sciences in Toronto 
told a different story. 

Investigators had collected samples of oily material on the floor of an indoor 
concrete parking garage where a suspect, Sarbjit Minhas, parked her Honda auto- 
mobile. Analysis of the samples showed that the sand and other particles within 
the oil from the victim’s clothes and the parking garage were similar. Analysis of 
the oil from the victim’s shirt and garage floor showed them to be both similar and 
different from oil collected on the floor of 10 other garages in the area. 

Particles in samples from the victim’s clothes and the suspect’s parking place 
provided considerable information. The sand from both samples was sieved and 
subsamples produced of the various size grades for the two samples. When com- 
pared after the oil had been removed, the color of each pair of subsamples was 
identical. 

Additionally, the heavy minerals in both samples were similar, and three distinct 
types of glass were found in the two samples: amber glass, tempered glass, and 
lightbulb glass. Each of the different glasses was identical in refractive index value 
(the amount that a ray of light bends when passing through the glass into another 
medium). Small particles of yellow paint with attached glass beads were found in 
both samples. This type of paint is often found on center stripes of highways and 
reflects light. 

Graves concluded that there was a high probability that the body of Gupta 
Rajesh had been in contact with the concrete floor of the garage at the place where 
the suspect parked her car. Interestingly, the same oil and particles were found in 
the suspect’s Honda. Whether the oil and particles on the victim came from inside 
the vehicle or the floor of the garage, the presence and distinctiveness of the samples 
still strongly associated those two areas with the victim. Minhas was tried in the 
Superior Court of the Province of Ontario in November 1983 and convicted, with 
help from testimony by Graves. 

This case illustrates an important concept in the presentation of soil evidence and 
perhaps all physical evidence, except DNA. We have become awed and impressed 
by the high probabilities that result from DNA evidence. Some people expect 
that other types of evidence should have similar statistical information. But in 
the Minhas case, we see a conclusion based on at least 10 different materials and 
observations. Because we do not know the probability of a tempered glass fragment, 
a particular group of heavy minerals, or sand of the same color being on a particular 
parking place in a concrete garage in Scarboro, Ontario—and in all likelihood we 
will never know—a frequency statistic cannot be generated. A useful database of 
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sands, particles, glass, oils, and heavy minerals would be too difficult to generate. 
Additionally, it may not apply to any one specific case because of the variability of 
mineral particles—the very distinctiveness that makes geologic materials such good 
evidence. Thus, we rely on the skilled and honest examiner to reach a conclusion 
expressed in words rather than in numbers to inform the jury or judge so that 
they can reach a verdict. In this way the expert is a teacher, instructing the judge, 
attorneys, and jury in the basic concepts and premises that allow them to do the 
work they do. The triers of fact must be schooled in the methods of production of 
the evidence (how light bulb glass is made, for example), the procedures used to 
analyze it, and what makes the evidence significant. That understanding will lead 
the courts to an appreciation of unquantifiable evidence and give the jury a basis 
for weighing its significance (Houck, 1999). 


4.4 MEDICAL LINK 


A recent case does not fit the pattern of most soil evidence but clearly illustrates the 
contribution being made by forensic geologists. Washington State Patrol forensic 
geologist Bill Schneck became involved in the investigation into the serious illness 
of a small child caused by arsenic poisoning. The suspected person was absolved 
when an examination of the child’s house revealed a number of mineral specimens 
left in the house and the yard by a former occupant who was a mineral collector. 
Many of those specimens were arsenopyrite, an iron arsenic sulfide. The child had 
been eating and chewing on the material. This case is a good reminder that lead is 
not the only material that can cause health problems in children. 


4.5 EXAMINATION METHODS 


The value of any type of physical evidence depends in large part on how many 
different types that can be characterized exist on this Earth and how they are 
distributed. The value of soil evidence rests on the fact that there are an almost 
unlimited number of rock types, mineral types, fossils, and artificial rock material, 
including glass and brick and concrete. In addition, it is not uncommon for soil 
material to have incorporated human-made particles such as plastics, metals, and 
chemicals such as fertilizer and pesticides. 

Various instruments, methods, and procedures are used to study minerals, rocks, 
soils, and related materials for forensic purposes. These methods are used to collect 
data from the various questioned and known samples, which are then used to make 
a judgment as to comparison or lack of comparison. The evidential value of some of 
these methods is greater than others. However, they are all standard methods long 
accepted for use in the identification of material. Because of the extreme diversity of 
soils and related material, the examiner may decide that in a particular case some 
other method will provide information that will assist in reaching a conclusion. 
Because soils often have added particles, such as fibers, hair, and/or paint chips, 
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these can be collected for examination by experts in those forensic science fields 
(Junger, 1996). One of the reasons that microscopic examination is so important is 
that it is only way that particles of other forms of evidence can be found and unusual 
mineral particles discovered. We must remember that examination is focused on 
determining whether two samples have the same properties and thus have the 
possibility of having a common source. That determination is greatly strengthened 
when rare and unusual minerals and particles are found. The experienced forensic 
geologist can express an opinion based on experience and education (Stam, 2002). 
The strength of that opinion is often based on knowledge of the rarity of particular 
minerals, rocks, particles, and related properties. 


4.5.1. Color 


Color is one of the most important identifying characteristics of minerals and soils 
(Dudley, 1975; Sugita and Marumo, 1996; Guedes et al., 2009). Minerals form 
a mosaic of grays, yellows, browns, reds, blacks, and even greens and brilliant 
purples. Virtually all possible colors of the visible light spectrum are represented. 
With most geologic materials and soils, the native minerals contribute directly to 
the soil color. This is particularly true with stream deposits, windblown silts, and 
other recent formations that have been in place a comparatively short period of 
time. If sands along a river channel are examined, the color of each sand grain 
can generally be recognized individually; however, after a deposit has weathered 
for a long period of time, there is a degree of leaching, accumulation, and/or 
movement of substances within the soil. Soil particles become stained, coated, and 
impregnated with mineral and organic substances, giving the soil an appearance 
different from its original one. The mineral grains, especially the larger ones, are 
generally coated. In most situations the coatings on the soil particles consist of 
iron, aluminum, organic matter, clay, and other substances. The coloring of the 
coatings alone can give some indication as to the history of the sample. 

The “redness” of a soil depends not only on the amount of iron present but also 
on its state of oxidation, with a highly oxidized condition tending to have a more 
reddish color. The iron on the coatings of the particles probably is in the form 
of hematite, limonite, goethite, lepidocrocite, and other iron-rich mineral forms. 
Black mineral colors in the soil are generally related to manganese or various iron 
and manganese combinations. Green colors are generally due to concentrations of 
specific minerals rather than of the mineral coatings. For example, some copper 
minerals, chlorite, and glauconite are usually green. Deep blue to purple coloration 
in the soil is generally due to the mineral vivianite, an iron phosphate. 

Apart from the mineral colors in the soil are those that result from organic 
matter. The organic litter on the soil surface is generally black. Humus percolates 
through the mineral horizons, giving various dark colors. In some instances the 
iron and humic acids combine to form a dark reddish brown to nearly black color. 
To have some uniformity in descriptions of the color of geologic materials and 
soils, certain standards have been established. The color standards most frequently 
used in the United States are those of the Munsell Color Company. The color 
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standards are established on three factors: hue, value, and chroma. Hue is the 
dominant spectral color, value is the lightness color, and chroma is the relative 
purity of the spectral color. Soil and rock colors are generally recorded as, for 
example, 7.5YR5/2 (brown). The 7.5YR refers to the hue, 5 the value, and 2 
the chroma. This standardization of colors offers some degree of uniformity, but 
moisture content will also affect the color of the soil, as will light intensity and 
wavelength. Soil color is different in natural light than in fluorescent and different 
still in incandescent light. If a soil is air dry, it may be recorded as yellow, but 
if moist the recording may be yellowish brown. Moisture added to a dry soil will 
usually result in a more brilliant appearance. It is therefore important to record not 
only the color of the soil but also an estimate of the “wetness factor” at the time 
of the recording. 

In the 1970s, investigators at the UK Home Office Forensic Science Service 
studied the use of color as an examination method and made many contributions 
to establishing the study of color as an important first step. Soil, being a mixture 
of materials of various sizes and compositions, contains individual minerals of 
different colors. If soil is fractionated into various sizes—coarse sand, medium 
sand, fine sand, silt, and clay—there is a tendency for the finer-sized particles to 
exhibit more red or reddish-brown colors as opposed to grays and yellows in the 
coarser fractions. In considering coarser sand particles, the matrix will commonly 
have a speckled appearance, with the quartz and feldspar particles being gray or 
yellowish; but the heavy minerals such as ilmenite and magnetite will generally be 
black. Sand particles from soils of recent origin, such as recent glacial or stream 
deposits, usually retain their original mineral appearance and we can usually detect 
a mosaic of colors. But sand fractions from the old landscapes commonly have 
coatings of clay, and the sand grains may be iron stained, which results in a more 
uniform color of the entire matrix. Soil grains veneered with organic matter give 
the particles a dark gray appearance. It is important first to record the color of the 
untreated soil sample and then to remove the organics so that the true color and 
appearance of the sand grains can be studied. 

In studying soil samples for forensic purposes, the sample is normally dried 
at approximately 100°C and viewed with natural light, preferably coming from a 
northerly direction. A north-facing window is a good location for such observations. 
Such studies should be made on samples that have the same general size distribution 
of particles. The color of samples prepared from the individual sieved-out particle- 
size ranges gives important additional data. Two or more samples, collected for 
study, can be compared directly by the observer (see Figure 4.2). It is then possible 
to use a color chart with the samples to determine the Munsell color numbers for 
precise description of the color. 

Instrumental determination of color provides more quantitative information and 
can now be done with a precision which exceeds that the human eye. Pye Associates 
of Great Britain have found that rapid, reliable, and highly reproducible results are 
achieved using the Minolta CM-2002 photospectrometer. This instrument covers the 
visible wavelength range 400 to 700 nm, providing a number of light source types 
and observer angles, and producing a range of color indices, including Munsell hue, 
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Item 6 
Control Soil from Grave Soil from undercarriage 





Figure 4.2 Two soil samples available for examination for color comparison. (See insert 
for color representation. ) 


value, and chroma; L*a*b* indices; and reflectance data and curves. Calibration 
of the instrument is carried out for every analysis to black, white, and CERAM II 
color standard materials. 


4.5.2 Particle-Size Distribution 


The determination of the distribution of particle sizes in a sample can often provide 
significant evidence. This determination is often produced for a variety of reasons: 
(1) to produce samples for comparison studies that are similar, in which case the 
control sample may contain some larger or smaller particles that are not present in 
the sample being questioned or an associated sample, and they must be removed; 
(2) the samples may be broken down into subsamples in which all the particles 
are in the same size range for mineral or color studies; or (3) a determination 
of the distribution of particle sizes may be produced as a method of comparison. 
A diagram showing the distribution of grain sizes can be used as a presentation 
and in many cases may be of evidential value (see Figure 4.3). For example, when 
abrasive particles have been introduced into machinery for the purpose of sabotage, 
the size distribution of the particles may be diagnostic of the material, assuming 
that changes in particle size have not taken place in the machinery. 

The basic methods used for the separation of sizes are (1) passing the sample 
through a nest of wire sieves, with the size of the openings decreasing from top 
to bottom; (2) determining the rate of settling of the grains in a fluid, which is a 
measure of the size of the particles; and (3) instruments that measure the size of 
particles in a microscopic view and record the number of particles of each size. 
The distribution of particle sizes is then plotted on a diagram. 
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Figure 4.3 Nest of sieves used to separate particles into different size grades and a 
diagram showing the size distribution of particles. (See insert for color representation.) 


Before making a mechanical analysis to determine the size distribution of par- 
ticles, it is necessary to disperse the soil. Individual soil particles tend to stick 
together in the form of aggregates. Cementing agents of the aggregates must be 
removed; otherwise, a cluster of silt and clay particles would have the physical 
dimensions of sand or gravel. Cementing agents consist of organic matter, accu- 
mulated carbonates, and iron oxide coatings, and in some situations there is a 
mutual attraction of particles by physicochemical forces. 
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If carbonates have cemented the particles together, it is desirable to pretreat 
the sample with dilute hydrochloric acid to remove the carbonates. The sample 
is then treated with hydrogen peroxide to remove the organic cementing agents. 
All samples must be treated in the same way, and it must be determined before 
treatment that important information will not be lost, such as dissolving carbonate 
cement from grains that should be treated as single grains. It is almost always 
desirable to determine the size distribution of soil by sieving in a liquid, usually 
water. Dry sieving of the entire sample is generally unsatisfactory because the 
small particles tend to cluster together, and clay tends to adhere to larger particles. 
Sometimes a dispersing agent is added to the water. 

A number of methods can then be used to determine the size distribution of the 
finer particles in a dispersed suspension. The hydrometer method is a rapid method 
for determining the percentage of sand, silt, and clay in a sample. It is based on 
the principle of a decreasing density of the suspension as the solid particles settle 
out. This method, although rapid and accurate, is unsatisfactory if we want to make 
a subsequent examination of the various size ranges, because there is actually no 
physical separation of the various-sized particles. 

One of the most accurate and satisfactory procedures for fractionating soil sam- 
ples is by the pipette method. This consists of pretreating the sample as is done 
in the hydrometer method, dispersing the soil in water, and calculating the time 
required for various-sized particles to settle out from the suspension. The principle 
is based on the fact that the rate of settling depends on the size of the mineral 
matter, with larger particles settling at a more rapid rate. The procedure is based 
on Stokes’ law: V = (2/9)gr?(d — d')/n, where V is the velocity of fall in cen- 
timeters per second g the acceleration due to gravity, r the radius of the particle 
in centimeters, d the density of the particle in grams per cubic centimeter, d’ is 
the density of the fluid in grams per cubic centimeter, and n the viscosity of the 
fluid in poise. Although this method is generally considered the most satisfactory 
in regard to accuracy, it is not infallible. Several assumptions are made: that all 
particles have the same shape and that all the soil particles have the same density, 
neither of which is usually the case. Nevertheless, the pipette method is generally 
considered to be the best available mechanical method. 

In making a mineral analysis of a sample, one fact becomes apparent: the sample 
contains different groups of minerals within various size ranges. Sands are made 
up of a set of minerals that are usually completely different from those within 
the clay size range. Therefore, in comparative analysis it is important to make 
comparisons within the same size ranges. It can be quite deceptive to compare 
the minerals found in one size range in one sample with a different size range in 
another sample. 

When a transfer is made from a soil it is unlikely that the transferred sample 
is truly representative of the distribution of sizes that existed at that place. For 
this reason two samples that are to be compared using grain size distribution may 
not show exactly the same distribution of grain sizes. The method can be useful 
in coming to a conclusion of comparison or lack of comparison but is seldom 
definitive in itself. 
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Figure 4.4 Forensic scientist using a binocular microscope to identify particles in a soil 
sample. 


4.5.3 Stereo Binocular Microscope 


The stereo binocular microscope can be a most useful tool to the forensic geologist 
(see Figure 4.4). After an analysis of color has been made, the information that 
can be obtained by examination of soil samples with this instrument makes it the 
logical first step in the direct examination of particles. 

Light microscopes are generally of two types, transmitted light and reflected 
light. In transmitted light microscopes, the light source is placed beneath the spec- 
imen, which must be transparent. Biological microscopes that are used in studying 
tissue are of this type. Reflected light microscopes have a light source above the 
object, and the surface features of the particle are viewed. Such a microscope is 
essentially a stationary, higher-power magnifying glass. Most of these microscopes 
have two sets of lenses, and thus the object is viewed in three dimensions, that is, 
in stereo. The magnification of a microscope is determined by multiplying the mag- 
nification of the ocular lens, commonly 10x, by the magnification of the objective 
lens, which differs from microscope to microscope but seldom exceeds 10x. This 
gives a maximum magnification of approximately 100x. The objectives may be 
individual lenses of fixed magnification, or in some microscopes a zoom objective 
is used. Such lenses can change magnification continuously from less than |x to 
about 5x. Most viewing with stereo binocular microscopes is done at magnifica- 
tions between 10x and 40x. Some of these microscopes are seated on a base that 
contains a second light source so that objects can be viewed in both transmitted 
and reflected light. When the transmitted light is polarized, the microscope may be 
used for both stereo reflected light viewing and low-power transmitted polarizing 
light studies. 


© 
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Objects as small as approximately 10 j1m in diameter can be viewed with a 
stereo binocular microscope. The upper limit is determined by how large a sample 
can fit under the instrument so that the surface of pebbles and cobbles can easily 
be viewed. The sample is normally placed on a tray having a dull black finish 
for ease of viewing light-colored minerals or a white finish for viewing dark- 
colored minerals. Various inserts are available for these microscopes that permit 
measurement of the size of objects or provide grids that aid in counting the various 
particles. The sample tray may have an etched grid that serves a similar purpose. 
Trays are available with various gummed surfaces that hold the grains in place for 
ease of counting. 

In examining a soil sample or similar material, the scientist will commonly 
first examine the entire sample as it is received and observe the types of grains 
and particles. Recording a general impression of the material is normally done 
at this time. It is not uncommon to observe in soil samples nonmineral materials 
such as fibers, metals, paint, glass, and plastics. These objects can have important 
evidential value. In some situations they can be the most important parts of the 
sample. Materials such as metals, hair, fibers, paint, and plastic are removed for 
further examination by specialists. Plant particles can be of great value. The total 
amount of plant material is in general relatively useless for forensic purposes. 
However, identification of the individual grasses, seeds, leaves, and the like can be 
most useful. 

Preliminary examination of the entire sample with the binocular microscope is 
normally very difficult. The mixture of particles of all sizes commonly obscures 
the grains and makes identification difficult. The presence of organic material con- 
tributes to this problem. The sample must be cleaned for the study of minerals and 
rock. Sieving of the samples removes the larger particles and most of the larger 
organic fragments. If the sample is washed carefully in water, the lighter organic 
particles will generally float and can be removed and saved for study. Treatment 
with hydrogen peroxide will remove the fine organic matter and clean the sample. 
The use of ultrasonic cleaners is dangerous in many cases. Many times the scien- 
tist has taken a sample that contained chips of red shale before ultrasonic cleaning 
and found that the sample contained thousands of silt-sized quartz grains and clay 
minerals after cleaning and that the shale chips had been broken up into its com- 
ponents. If the rocks and minerals are of a type that would not be disaggregated 
by ultrasonic cleaning, the method can be most useful. 

With a clean sample, the experienced scientist can identify the rocks and minerals 
at sight or by using simple tests. In addition, it is possible to observe the texture 
and coatings on the surface of the grains. Properties of grains such as shape, 
rounding, weathering, inclusions, color, and polish can be observed and recorded. 
The counting of different types of grains is especially important. When we record 
our information in numbers, it is normally more useful than qualitative impressions. 
However, the samples may be so different on first examination that further work 
is not useful because a determination of comparison could never be made. The 
number or percentage of different types of grains is an extremely important tool 
in determining comparison or lack of comparison. In counting grains of different 


122 FORENSIC EXAMINATION OF SOILS 


types, it is important that the sample counted be representative of the whole sample, 
that the identification be consistent and accurate, and that the same grain not be 
counted twice because the sample moved. The latter problem can usually be avoided 
by placing the sample on a gummed surface or by removing the grains as they 
are counted and placing each grain, as it is removed, in a container or gummed 
individual tray. Most important is the judgment and caution used by the scientist, 
whatever method is used. 


4.5.4 Petrographic Microscope 


A petrographic microscope differs in detail from an ordinary compound microscope 
(see Figure 4.5). However, its primary function is the same: to produce an enlarged 
image of an object placed on the stage. The magnification is produced by a com- 
bination of two sets of lenses, the objective and the ocular. The function of the 
objective lens, at the lower end of the microscope tube, is to produce an image that 
is sharp and clear. The ocular lens merely enlarges this image. For mineralogical 
work, three objectives—low, medium, and high power—are normally used. The 
magnification produced by objectives is usually 2 (low), 10x (medium), and 50x 
(high). Oculars have different magnifications, usually 5x,7x, 10x, 15x, and 20x. 
The total magnification of the image is determined by multiplying the magnifica- 
tion of the objective by that of the ocular as follows: 50x times 10x = 500x (see 
Figure 4.2). 

Oculars normally contain a crosshair that is useful for locating grains under high 
power when changing objectives. A condensing lens system is normally provided 
under the stage for use with high magnification and for assisting the viewing of 
the various optical effects produced by minerals. Petrographic microscopes have 
a rotating stage and a polarizing filter under the stage that transmits light usually 
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Figure 4.5 Forensic scientist using a petrographic microscope to identify particles. 
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vibrating in a N-S (front-to-back) direction. Above the stage a second, removable 
polarizing filter is placed in the tube of the microscope. It transmits light usually in 
an E-W (left-to-right) direction. When the upper filter is inserted, light is blocked 
out from passing through the microscope. In this case the filters, which are called 
polars, are said to be crossed. Only when an anisotropic material, that is, a material 
that is not isotropic (meaning that it forms in the isometric crystal system or is 
amorphous), is placed on the microscope stage under crossed polars can it be seen. 
The effect of the anisotropic mineral is to rotate the N-S vibrating light from the 
lower polarizing filter, thus permitting some of it to pass the upper E-W polarizing 
filter. When the stage is rotated, there will be four positions when the vibration 
directions in an anisotropic crystal will line up with the N-S and E-W direction. 
At these positions the crystal is said to be at extinction and will appear black and 
thus not be seen. 

In identifying mineral grains under the petrographic microscope, it is common 
to use the immersion method. Mineral grains are placed on a microscope slide 
in a liquid of known refractive index. These liquids are available commercially. 
The range 1.46 to 1.62, with a difference of 0.02 between adjacent liquids, serves 
most purposes. When the grain is viewed, a narrow line of light is commonly 
seen surrounding the grain. If the distance between the objective and the sample is 
increased slightly, usually by raising the tube of the microscope, the line of light, 
called a Becke line, will move in the direction of the higher refractive index. If 
the mineral has a higher refractive index, the Becke line will move into the grain. 
If the liquid of known refractive index is higher, the Becke line will move away 
from the grain into the liquid. 

By trial and error with different liquids, a match is found. At this point the grain 
will be almost invisible in the liquid. In most cases the refractive index of the grain 
is found to fall between the refractive indexes of two liquids, and the value can be 
estimated by an experienced observer. 

The petrographic microscope is an important tool in many aspects of forensic 
work and is the best method for a study of the optical properties of rocks and 
minerals. A study of individual mineral grains or thin sections of rocks and related 
material is easily accomplished by anyone trained in the use of the instrument. A 
thin section is a thin slice of rock mounted on a glass slide. The slice is normally 
30 jm in thickness and may be prepared from a solid rock or loose material 
impregnated with plastic. The rock is cut with a diamond saw and the surface 
polished. This polished surface is cemented to a glass microscope slide with an 
adhesive of known refractive index such as epoxy or Canada balsam. A saw cut 
is then made parallel to the glass, leaving a wafer of rock cemented on the slide. 
Grinding of the wafer proceeds until it is thinned to approximately 30 jvm. A thin 
class cover is then glued onto the polished rock surface to protect the rock and 
improve viewing with the microscope. Most rocks are transparent at this thickness 
and can be viewed in transmitted light (see Figure 4.6). Loose mineral grains of 
the same general size, also commonly mounted in epoxy or Canada balsam on a 
microscope slide, are covered with a thin platelet of glass (cover glass) and studied. 
This is the method used when the heavy minerals, that is, those minerals with high 
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Figure 4.6 Photomicrograph of a rock thin section as viewed through a petrographic 
microscope, Note the different minerals with different sizes and shapes. (See insert for 
color representation. ) 


specific gravity (such as rutile, garnet, zircon, and tourmaline), are separated from 
the more common lighter minerals (such as quartz and feldspar) by settling in a 
heavy liquid such as sodium polytungstate or one of the other tungsten-based heavy 
liquids and studied. 


4.5.5 Refractive Index 


The index of refraction of a transparent material is the ratio of the velocity of light in 
a vacuum, normally considered to be 1, to the velocity of light in the material being 
analyzed. Thus, a refractive index of 2.4553 means that light travels 2.4553 times 
as fast in a vacuum than in the transparent material. The measurement of refractive 
index, which is one of the most important methods for the comparison of glass, 
may be made using the Becke line method discussed for minerals. Most forensic 
laboratories today use the semiautomated refractive index instrument GRIM 11 for 
glass identification (see Figure 4.7). 


4.5.6 Cathodoluminescence 


The instrument used for cathodoluminescence is a luminoscope that is attached as 
a stage on a microscope or a scanning electron microscope. The specimen—for 
example, mineral grains or a thin section—is bombarded with a beam of electrons 
generated by the instrument. When the electrons strike the surface of the specimen, 
an optical luminescence is produced, which is seen as a display of colors. The colors 
and their intensity depend in large part on very small changes in the concentration of 
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Figure 4.7 Forensic geologist using GRIM 11 instrumentation to determine the refractive 
index of a glass. 


trace impurities, the minerals present, and where the trace impurities are located in 
the structure of the minerals. Thus, the method has wide application in determining 
or observing a variety of differences in mineral grains that otherwise appear similar. 


4.5.7 Scanning Electron Microscope 


The scanning electron microscope (SEM) has a wide range of magnifications, gen- 
erally from 25x to over 650,000 and can record something as small as 1.5 nm. 
Needless to say, most of the work of the forensic geologist falls well within these 
limits. This instrument became commercially available in the mid-1960s and has 
been introduced rapidly in forensic work, especially in the study of gunshot residues 
and various other very small particles. It has the advantage that the surface of a 
sample may be viewed directly. However, an ultrathin coating of carbon or gold 
plated on the specimen improves the quality of the picture. The depth of field is 
very large, and most SEM pictures have an excellent three-dimensional appear- 
ance. In using the instrument it is possible to change magnification easily and thus 
study the appearance of the surface from very low to very high magnification. 
Differences in very small fossils that were not previously known can now be seen 
during routine examination. Surface features of individual grains of minerals such 
as quartz can be seen and shown to have many different types of scratches, pitting, 
and mineral growth. Some of these features may be useful in telling us the past 
history of the individual grain. It is not uncommon to observe other minerals, such 
as clay flakes, filling the scratches and thus adding another characteristic that can 
be useful in comparing the minerals. 

When using these powerful instruments in forensic work, it is well to keep in 
mind that no two objects are ever exactly the same. No two sand grains are ever 
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exactly alike when studied under the high magnifications of an electron microscope. 
This is true even if they have been side by side for the past million years. Observa- 
tions made with these instruments can be very useful for establishing similarity or 
dissimilarity between samples. However, the very power of the instruments permits 
the possibility of their abuse in the hands of the unscrupulous. If we were to do a 
complete chemical analysis of a total person by the most modern methods in the 
morning and repeat the analysis on the same person in the afternoon, we would 
find chemical differences. However, this would not demonstrate that we had ana- 
lyzed two different people. Similarly, the demonstration of small differences in soil 
does not prove in itself that they do not compare. It is equally true that showing 
a common similarity among soil samples, such as their both containing quartz, the 
most common mineral in soil and sediment, is poor evidence on which to base a 
comparison. The professional judgment of the scientist thus becomes increasingly 
important when these powerful instruments are used. 

Scanning electron microscopes have the ability to determine the elemental com- 
position of the particles being examined. This is possible because x-rays are 
produced when the electron beam of the microscope strikes a target. The scan- 
ning electron microscope can be coupled to an x-ray analyzer. The emitted x-rays 
are sorted by their energy or wavelength values, which are related to specific ele- 
ments, and the analyzer produces information that identifies the elements present 
in the material being viewed. The amount of each element present is determined by 
the intensity of the emitted x-rays. Thus, the examiner can determine the chemical 
composition of the individual particle or particles being viewed. 


4.5.8 X-Ray Diffraction 


X-ray diffraction is one of the most important and reliable methods of identifying 
the composition of geologic, soil, and other crystalline substances (see Figure 4.8). 
The method is based on the arrangement of atoms, ions, and molecules within 
the specimen. The sample is analyzed by passing x-rays through a crystal and 
measuring the angle of the diffracted x-rays. Each crystalline material has its own 
distinctive x-ray pattern. The x-ray diffraction pattern of a sample is controlled by 
the internal structure of the specimen. The diffraction pattern can be collected on 
film, on an image plate, or by using an electronic detector. The interpretation of x- 
ray patterns under normal situations is a comparatively simple matter. Two factors 
are of prime importance in the interpretation: the d-spacing from d in Bragg’s law, 
which is expressed in angstroms (A; 1 x 10~® centimeter or 0.0039 millionths of 
an inch), and the intensity. 

There are at least two avenues for interpreting x-ray diffraction data: The first 
involves measuring the d values and intensities and comparing this information 
with published lists of data on minerals. The second involves comparing the x-ray 
pattern directly with the pattern produced by a known mineral. If a comparison 
between samples is to be made, there are situations in which the x-ray diffrac- 
tograms themselves may be compared without actual identification of the substance. 
This is obviously less useful as evidence than actual identification. 
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Figure 4.8 Forensic geologist using an x-ray diffractometer to identify minerals. 


Among the strong points favoring the use of x-ray diffraction patterns is that 
they record the crystal structure. If two substances, diamond and graphite, were 
analyzed chemically, they would be identical because both are composed of pure 
carbon, but x-ray diffractograms of the two minerals would be quite different. 
Many samples are mixtures of two or more substances. If substances are analyzed 
chemically, some difficulties may be encountered because the actual chemical form 
of the substances at times cannot be established. As an example, we can use a 
mixture of two salts, sodium chloride and potassium nitrate. If the composition 
of the sample were determined by the usual chemical methods, it would reveal 
sodium, potassium, chloride, and nitrate; but what were the original compounds? 
Were they sodium chloride and potassium nitrate, sodium nitrate and potassium 
chloride, or a mixture of four salts? An x-ray diffractogram of such a salt mixture 
would tell us specifically the form of the salt. 

X-ray diffraction is used as the principal tool in the modern identification of 
clay minerals. The chemical composition of clays generally tells us very little as to 
the nature of clay substances, but the possibilities of identification of clays by x-ray 
diffraction are almost unlimited. Clays, as well as other crystalline substances, can 
be x-rayed, and if identification is desired, the composition of the sample can be 
ascertained by measuring the diffraction patterns from a standard reference book 
or from reference cards. 


4.6 CHEMICAL METHODS 


There are a large number of instruments and methods that measure the chemi- 
cal composition of organic and inorganic materials. There are times where these 
methods can be very useful and provide valuable information. For example, the 
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chemical composition of glass is often a valuable addition to the optical and 
physical properties. Identification of organic compounds in a soil such a fertil- 
izer adds an entirely new dimension to the list of properties used in determining 
comparison. 

Methods for determining the amounts and types of elements in a sample may 
rely on the fact that as one of its properties, an element selectively emits or adsorbs 
light. This is the basis for emission spectroscopy and atomic adsorption spectropho- 
tometry. Neutron activation analyses is a nondestructive method that produces a 
detection sensitivity of one-billionth of a gram. This method requires a nuclear 
reactor to bombard the sample with neutrons. The resulting gamma-ray radioac- 
tivity is measured to identify the elements present and their amounts. Needless 
to say, this method is expensive to operate and maintain and leaves the samples 
radioactive. Organic compounds contain carbon, and their identification requires 
different methods. There are several techniques for separating out the various com- 
pounds in a mixture. Generally, these methods depend on the relative amounts of 
the gas phase of a compound and the liquid phase under fixed conditions. That 
amount is a characteristic property of each compound. Because those compounds 
that have a higher tendency to go to the gas phase will move faster away in a 
given time, the distance they move in that time identifies and separates the com- 
pounds. These methods are generally called chromatography. Identification is also 
done using spectrophotometers, which measure the light-adsorbing properties of a 
compound. Mass spectrometers have the ability to uniquely identify compounds if 
analyzed under proper laboratory procedures. This instrument bombards the sam- 
ple with high-energy electrons, causing the molecules to lose electrons and become 
positively charged. This is an unstable state and the molecules immediately break 
up into fragments. The instrument then passes the fragments through an electric 
or magnetic field where they are separated according to their masses. This permits 
the specific identification of the compounds because the distribution of masses is 
a unique property. 


4.6.1 FTIR and Raman Spectroscopy 


Fourier transform infrared spectroscocopy (FTIR) and Raman spectroscopy are 
nondestructive analytical tools that are commonly applied to the identification of 
minerals and material of organic origin. They are often combined with a micro- 
scope, thus facilitating the identification of a very small object or part of a sample. 
The nondestructive aspect is important because most owners do not appreciate 
removing part of their art object or gems for analyses. In addition, in crimi- 
nal cases the sample may be very small and removal of material for analysis 
might leave little remaining for additional study or verification. In applying these 
methods, a source generates light across the spectrum of interest. The sample 
absorbs light according to its chemical properties. A detector collects the radi- 
ation that passes through the sample. Computer software analyzes the data col- 
lected and the results are compared with known spectra of inorganic and inorganic 
materials. 
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4.7 LOOKING AHEAD 


The last several years have witnessed a tremendous increase in both the quantity 
and quality of forensic examination of soil and related material. There are now 
three comprehensive books on the subject, and the reader is encouraged to use 
them as source material (Murray, 2011; Pye, 2007; Ruffell and McKinley, 2008). 
The future will depend on how well we address a series of issues that include the 
following: 


1. New methods are being developed that take advantage of the discriminat- 
ing power inherent in earth materials. The opportunities appear to lie primarily in 
quantitative mineral identification. For this reason, the development of quantita- 
tive x-ray diffraction techniques that will provide quantitative data on the mineral 
composition of a sample would seem to be an important direction for research. 


2. Considerable effort must be devoted to defining appropriate sampling meth- 
ods and the training of those who collect samples. Communicating to law enforce- 
ment personnel the potential evidential value of soil and related material is partic- 
ularly important, because unless the evidence is collected there will never be an 
opportunity for forensic examination. 


3. There is a tremendous need for studies that attempt to demonstrate the diver- 
sity of soils. Such studies provide the opportunity for establishing worthwhile 
information on the distribution of the various soil types. The information should 
be data based and widely distributed. 


4. There must be a continuing effort at all levels to improve the qualifications 
of examiners in forensic geology. 


5. A problem has developed that result from the availability of new instruments 
that provide increasingly detailed measurements or observations, such as the scan- 
ning electron microscope. These instruments are capable of discriminating between 
individual grains. When you discriminate between individual grains, you lose the 
ability to say that the sample being examined was once part of, and thus had a 
common source with, another sample. When this is done, the entire concept of 
comparison is eliminated and the evidential value is lost. The forensic geologist 
must choose methods that provide the maximum discriminating power between 
samples without falsely excluding samples that are in fact associated. 


The real future of the science lies with education: the education of the inves- 
tigator and evidence collector that earth materials can make a major contribution 
to justice if they are both collected and studied properly. The real challenge of 
yesterday, today, and tomorrow is the production of the best evidence by the most 
skillful and objective people to serve the cause of justice. Our system of justice 
is still run by people, people who are human and in many cases people who are 
trained advocates. Those who the courts honor by allowing them to express an 
opinion, the expert scientific witnesses, must rise to the highest standard. If they 
don’t, the advocates may find ways to remove the privilege and return to a legal 
world populated only by human witnesses reciting their stories from memory. 
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Summary Paint and coatings often appear in criminal, civil, and art authenticity 
investigations. In this chapter we review the current methodologies and approaches 
used by forensic paint examiners to analyze this type of physical evidence as well 
as the problems that they may encounter. Fragments of multilayered in-service paint 
are one of the most complex types of materials encountered in the forensic science 
laboratory. They consist of both organic and inorganic components heterogeneously 
distributed in very small samples, often on the order of only 1 mm? in size. Each 
layer is an entity onto itself and its autonomy must be maintained throughout the 
analysis. These characteristics dictate the requirements of the analytical chemistry 
approaches to be used, and they can present a formidable challenge to the forensic 
analyst responsible for the classification of the materials and an evaluation of 
their evidential significance. Several case examples are presented to illustrate these 
concepts. 
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5.1. INTRODUCTION 


The body of Wendy Coffield, 16, was discovered in the Green River, south of 
Seattle, on July 15, 1982. In the months to follow, the bodies of several more 
young women were found in or near the Green River. By the early 1990s, the 
total number of victims believed to be associated with this unsolved case had 
reached 60 or more, and investigators were faced with the very real possibility 
that the most prolific serial killer in U.S. history would never be apprehended. 
In 2001, based on recently developed DNA technology, semen samples collected 
from three of the victims were found to be those of Gary L. Ridgway, a paint 
detailer at a local truck manufacturing plant. Ridgway pleaded not guilty when 
charged with homicide, claiming that he only had sex with the victims. Although 
usable DNA evidence was not recovered from any of the other bodies, hundreds 
of very small colored spherical particles were found on the clothing of four of 
them as well as on the clothing of two of the victims associated with Ridgway’s 
DNA (Palenik, 2007). Similar particles were found on Ridgway’s work clothing 
and in his home and work environments. These particles were identified as dried 
droplets produced from the plume of spray paint, and the paint was found to have 
an acrylic urethane composition. In the early 1980s, this formulation was not used 
at all on North American original automotive finishes and it would also have been 
quite unusual for architectural coatings, with the possible exception of certain var- 
nishes, but these would not have been pigmented as were the samples found on 
the bodies. The paint was identified as Imron, a DuPont high-end specialty prod- 
uct not sold to the general public; more specifically, it was found to be Imron 
that had been manufactured before 1984. This product had been used at the truck 
plant where Ridgway was employed, and the paint evidence was the basis for 
charging him with four additional counts of homicide. In 2003, Gary L. Ridg- 
way pleaded guilty to 48 counts of homicide, prompted by his desire to avoid 
the death penalty and his fear of a conviction in the face of more physical evi- 
dence linking him to the victims. Ridgway’s attorney was quoted in the press as 
stating that the paint evidence was crucial in his client’s decision to change his 
plea. 
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This example illustrates the value of paint as physical evidence and as an inves- 
tigative tool, and although the majority of cases involving paint may not be in 
the national limelight, this important category of trace evidence provides crucial 
links in criminal investigations and prosecutions on a daily basis. Typically, foren- 
sic paint examiners are asked to perform a comparison of two or more samples 
to determine if they could share a common origin. The samples may result from 
transfer of paint from one item to another, as may occur when a vehicle strikes 
another vehicle, a building or road structure (such as a guardrail), or an individual. 
If the object that is struck also has a painted surface, a double transfer may result, 
with each item now having paint from the other. Other circumstances may also 
facilitate a transfer, as when a crowbar is used to pry open a window, safe, or 
some other item with a painted surface; a bullet or other projectile strikes a painted 
surface; a person or object comes into contact with wet paint; or when paint par- 
ticles are transferred from the clothing of one person to another due to contact. 
The latter two transfer scenarios are believed to have occurred in the Green River 
cases. 

In other instances, an unknown paint chip is recovered from the scene of a hit- 
and-run accident or from clothing of a victim struck by a vehicle, and the forensic 
paint examiner is asked to try to identify the type of vehicle involved. On a few 
occasions, the paint examiner may be asked to determine if a material is paint, and 
if so, the type of the paint and its possible relevance to the circumstances of the 
investigation. 

In the Green River cases, elements of all three types of examinations (compar- 
ison, vehicle identification, and determination if paint) were involved. After the 
unknown colored particles were removed from the victims’ clothing, the trace ana- 
lyst first had to determine what they were. Finding them to be dried droplets of spray 
paint, the analyst next had to determine their chemical composition and whether 
the specimens were similar to those associated with the suspect. Based on chemical 
composition, an original automotive finish—which usually serves as the basis for 
identifying the type of vehicle involved in a hit-and-run incident—appeared very 
unlikely. The nature of the paint, dried droplets of spray paint, also suggested that 
an original automotive finish was probably not involved, as the nearest automotive 
assembly plant was thousands of miles away. Nonetheless, an identification of the 
paint was sought to assess the significance of the match that was found between 
the specimens from the suspect and the victims. In this case, this resulted in the 
determination not only of the specific brand of paint that was involved, but also of 
a time frame for when it was manufactured. 

One other type of examination that the forensic paint examiner may be asked to 
perform concerns whether a painting or some other artifact is a forgery. Although 
authenticity in such cases cannot be established by paint composition alone, in 
certain instances, forgeries can. If a painting or other artifact that was supposed to 
have been made on a certain date or during a certain time period contains pigments 
or other paint components that were first available only after this date or period, 
the painting or artifact could not have been produced when purported (assuming 
that no modern restorations were performed). 
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How the forensic paint examiner goes about accomplishing these varied tasks 
is described in this chapter. We begin with an overview of paint chemistry and 
color science, briefly describe the types of coatings encountered, and discuss some 
issues and concerns specific to paint evidence of which analysts must be cognizant. 
The various analytical methods that are used to examine paint evidence and the 
types of information that these methods provide are then described. Since cor- 
rect interpretation of analytical data is the cornerstone of formulating appropriate 
conclusions, we discuss analytical methods in some depth. Because data collected 
for two or more samples are frequently compared, differences that may occur and 
their significance are central issues in forensic science. Aspects of a particular 
analysis that can significantly affect data—such as sample preparation, instrument 
parameters used, nature of the samples, and possible alterations of samples caused 
by the analysis process—are therefore emphasized. We conclude by presenting 
three more case examples to illustrate the concepts discussed and to demonstrate 
further the wide variety of analyses that an examination of paint evidence may 
entail. 


5.2 PAINT CHEMISTRY AND COLOR SCIENCE 


Paint is a film or coating that serves both decorative and protective functions. 
In the coatings industry, paint usually refers to a pigmented coating, but in this 
chapter it is synonymous with the term coating. Dried paint consists of three 
components: a binder, pigments, and additives. The binder comprises the matrix 
that holds the paint together, within which are suspended very small particles of 
pigments and additives. The binder consists of an organic polymer that not only 
forms a strong film but also adheres to the substrate to which it is applied. A 
pigment is a finely powdered compound or mixture that imparts color, opacity, or 
other essential properties (such as luster or texture) to the paint. An additive is a 
substance added to a paint (usually in a small quantity) to improve its properties; it 
includes components such as corrosion inhibitors, catalysts, ultraviolet absorbers, 
and plasticizers. Plasticizers are moderate-weight organic compounds (often esters) 
or polymers that serve to fill the spaces between adjacent polymer chains, making 
the product more flexible and less brittle. 


5.2.1. Binders 


The polymers that are used for paint binders include acrylics, alkyds, polyesters, 
urethanes, epoxies, vinyls, cellulosics, and silicones (Morgans, 1990; Ryland, 
1995; Thornton, 2002). Binder polymers may consist of single repeating units 
(homopolymers); two or more units, usually in a random order (copolymers); 
different homopolymer or copolymer units joined together (block copolymers); 
or homopolymers, copolymers, or block copolymers associated in the same binder 
matrix but without covalent bonds between them. Depending on the binder, 
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the polymer chains may be linear, branched, cross-linked, or a combination of 
these, and many of the polymers cited may constitute the main backbone chain, 
a side chain, or a cross-linking chain (Oil and Colour Chemists’ Association, 
1983). Binders are typically manufactured by a chemical company, such as 
Rohm & Haas or Union Carbide, and then sold to a paint manufacturer, such 
as Sherwin-Williams or Inmont, for incorporation into the paint batch. There 
are exceptions to this trend with large companies such as DuPont, which has 
facilities to manufacture the binders as well as divisions devoted solely to paint 
manufacture. 

Several different processes are used to create binders from polymers or 
monomers. One straightforward method involves a preformed polymer, usually 
linear, which is dissolved in an appropriate solvent. A film of the paint is formed 
by simple solvent evaporation and this type of paint is referred to as a lacquer. 
The adjacent polymer chains of the binder are held together by relatively weak 
forces (van der Waals and polar forces), so such paints can be redissolved in 
appropriate solvents. 

One lacquer that many readers may be familiar with is nitrocellulose, since it is 
the main binder of most fingernail polishes. Nitrocellulose is a linear polymer that is 
produced by forming nitric acid esters with roughly two-thirds of the free hydroxyl 
groups of cotton (cellulose). It is soluble in acetone, ethyl acetate, and other organic 
solvents but forms a rather brittle film by itself, so a plasticizer is also used in the 
formulation. An additional polymer, such as tosylamide—formaldehyde, may be 
included to improve adhesion to the fingernail surface (Drahl, 2008). As a lacquer, 
fingernail polish is readily removed using acetone or other solvents. A nitrocellulose 
lacquer was used for the first production-line automobiles, manufactured in the 
1920s (Fettis, 1995). 

A second method of forming binders also involves a mostly preformed polymer, 
but in this case, small micelles of the polymer are suspended in the paint solvent 
(similar to fat globules dispersed in milk) rather than forming a true solution. 
These colloidal systems are known as emulsion or dispersion finishes, although 
when water is used as the medium and architectural coatings are involved, they 
are more commonly referred to as latex paints. Upon evaporation of the solvent, 
the micelles coalesce to form a film and further polymerization occurs. Depending 
on the specific polymer used, the film formed from this process may be an enamel 
(a finish that is not soluble in most solvents) or a lacquer. Solubility usually 
reflects polymer structure, with lacquers normally comprised of linear chains 
whereas enamels exhibit considerable cross-linking. Other methods of forming 
binder polymers are also used. 

One of the most common automotive paint binders is the acrylic melamine 
enamel, which has served as a staple for North American automobile finish layers 
during the past 40 years or so (Rodgers et al., 1976a; Ryland, 1995; Suzuki, 
1996a; Ryland et al., 2001). The polymer chain of this binder is comprised of 
a sequence of acrylic copolymers, and methylated, butylated, or isobutylated 
melamine—formaldehyde is used to cross-link the acrylic backbone (Nylen and 


136 ANALYSIS OF PAINT EVIDENCE 


Sunderland, 1965; McBane, 1987; Fettis, 1995). This composition is shown 
schematically in Figure 5.1; eight different acrylic copolymers are depicted to 
illustrate the variety that may be used, although in practice, no more than five are 
normally found in a single formulation (Nylen and Sunderland, 1965). The various 
copolymers are chosen to impart specific properties, such as hardness, flexibility, 
durability, adhesion, gloss, and water and chemical resistance. Although not an 
acrylic, styrene is also frequently incorporated into the backbone. In addition to 
specific copolymer composition, the properties of this binder are determined by 
the extent of cross-linking. Original automotive paints are baked to cure the finish, 
that is, to promote the cross-linking process, and also to increase gloss. 


5.2.2 Pigments 


Pigments are distinguished from dyes in that they are insoluble in most solvents, 
and in particular they are insoluble in the solvent used for the paint itself. Dyes, 
in contrast, are soluble, and they are not used in most paints, as they are less 
durable than pigments and also because they are usually too transparent; it would be 
difficult and probably cost prohibitive to try to incorporate enough dye into a paint 
to make it opaque. Dyes also suffer from one other serious drawback regarding 
tint control. The optical properties of a color-imparting agent (such as hue and 
tinctorial strength) depend on particle size, particle-size distributions, and crystal 
structure (Braun, 1993). Many common paint pigments exhibit polymorphism; that 
is, they can occur in more than one crystal structure, and in some cases, two 
different crystal structures of the same pigment will exhibit quite different hues. 
Particle size, particle-size distributions, and specific crystal structures cannot be 
controlled when a dye recrystallizes from solution; hence, a color-imparting agent 
that is insoluble in the paint must be used. 

Even with the use of pigments, paint formulators must be aware of the effects 
of polymorphism. Copper Phthalocyanine Blue (Figure 5.2) is a very common 
organic pigment used in automotive and other paints and it can occur in any of 
four different crystal forms (Lewis, 1995). The polymorph of this pigment that is 
used in most paints is treated to prevent its slow conversion to another crystal form 
that has a green rather than a blue hue, as most consumers do not appreciate their 
blue vehicle turning green with age. 

The most common pigment used in paint is titanium dioxide. This compound 
occurs in three polymorphic forms, rutile, anatase, and brookite, but only the first 
two are used in paints. Rutile is, by far, the more common of the two, both because 
of its slightly greater index of refraction and, especially, its greater durability to 
light exposure and heat. Rutile serves to make a paint opaque, that is, to make 
it white (or a lighter color—adding a large amount of rutile to a red paint, for 
example, makes it pink). A binder that is cured to form a dried film is normally 
transparent, but the presence of numerous small particles of rutile causes light 
incident on this medium to scatter in all directions. Rutile is effective at scattering 
light because its index of refraction (~2.7) is quite high compared to that of paint 
binders (~1.5). 
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Figure 5.1 Composition of an acrylic melamine enamel binder commonly used in auto- 
motive finish layers. 


Particles of a substance that have the same index of refraction as the paint binder 
will not produce any optical effects, but they do serve to add bulk to a paint. Pig- 
ments that have indices of refraction that are close to that of the binder are thus 
referred to as extender pigments. They are sometimes used to modify the optical, 
physical, or chemical characteristics of paint, such as gloss, surface texture, vis- 
cosity, strength, chemical resistance (weatherability), or abrasion resistance. Some 
of the more common extender pigments used in paints include talc, kaolin (clay), 
calcite (calcium carbonate), quartz (silicon dioxide), mica, and barytes (barium 
sulfate), all of which have indices of refraction near 1.6. 

The vast majority of pigments used in paint produce color by selective absorption 
of certain wavelengths of visible light. Most inorganic pigments are comprised of 
transition metal complexes or salts, and their visible absorption properties arise 
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from electronic transitions of valence electrons in d orbitals (Judd and Wyszecki, 
1975). Electronic transitions between d orbitals of isolated atoms are not allowed 
by selection rules, but they may become “weakly allowed” when these orbitals 
form ligand bonds. 

Organic pigments are flat planar systems with extensive conjugation (Figure 5.2) 
and light absorption involves 1-electron transitions. These are allowed transitions, 
and organic pigments are strong absorbers of visible light. Organic pigments there- 
fore have higher tinctorial strengths than inorganic pigments. In regard to other 
pigment properties, organic pigments tend to produce brighter and more vivid col- 
ors, have smaller particle sizes, are less opaque, are less durable to long-term 
light exposure, and are more expensive than inorganic pigments (Oil and Colour 
Chemists’ Association, 1983). 

In attempting to mimic the iridescence of pearls, butterfly wings, and some 
other visually striking objects in nature, chemists have devised several special- 
ized pigments for use in cosmetics, paints, and other products. Most such effect 
pigments produce colors by means of light interference (Droll, 1999). A common 
example of this is the change in color of an oil slick when viewed from differ- 
ent angles. The oil slick consists of a very thin layer of hydrocarbons on water, 
and interference between light waves reflected from the top of this film and from 
the oil—water interface produces different colors, depending on the angle at which 
the film is viewed, the thickness of the film, and its index of refraction. This 
results from constructive and destructive interference between the two reflected 
rays. Pearlescent and certain colored and color-shifting pigments are based on 
this principle, and they consist of refractive laminated flakes that are oriented 
mostly horizontally in the paint. Color-shifting pigments based on very small 





Figure 5.2 Structure of Copper Phthalocyanine Blue (Pigment Blue 15), a very com- 
mon organic pigment used in automotive and other paints. Note that this structure is 
only one of several canonical structures and that the four isoindole ring systems are 
equivalent. 
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striated plates acting as miniature diffraction gratings have also been introduced 
recently. 

The types of pigments and pigment combinations that are used in a particular 
paint depend very heavily on the applications of the paint and the visual effects 
that are desired. All white and light-colored exterior paints normally contain large 
amounts of rutile, while varnishes, automotive clearcoats, and other transparent fin- 
ishes contain little or no pigmentation. Metallic paints must have a semitransparent 
finish so that the metal flakes, which are usually composed of aluminum metal, can 
be observed. Organic pigments are usually more prevalent in such paints, as they 
are more transparent than inorganic pigments, owing to their smaller particle sizes 
and lower indices of refraction. Extender pigments are normally used to control 
luster in paints, and architectural finishes with low lusters contain large amounts of 
such pigments. More details regarding paint composition, manufacture, and use are 
described by Nylen and Sunderland (1965), Oil and Colour Chemists’ Association 
(1983, 1984), Morgans (1990), Lambourne and Strivens (1999), and Bentley (2001). 


5.3 TYPES OF PAINT 


There is no such thing as a universal finish, as even when discounting consumer 
tastes regarding color and type of finish, there is no single binder or binder and 
pigment combination that will meet all of the varied demands of every paint appli- 
cation. Certainly, this is a beneficial situation for the forensic scientist since, as we 
saw, the composition of a paint can tell us a lot about its uses, and it is this very 
wide diversity that makes paint so valuable as evidence. 

Paint composition is ultimately a compromise between various conflicting per- 
formance characteristics, economic issues, and environmental and safety concerns. 
It is not possible, for example, for a paint to have an extremely hard finish and 
to be quite flexible at the same time. An epoxy with a bisphenol A component 
is often used for automotive undercoats and many indoor applications because of 
its excellent adhesion and other desirable properties, but it is not durable enough 
with respect to light exposure to be used in automotive finish layers. Acrylics and 
alkyds have been used extensively for automotive finish layers, providing a hard 
durable finish on rigid metal and plastic substrates, but they are not used (by them- 
selves) on flexible plastic automobile bumper covers because they are too brittle 
and would crack readily when subjected to the minor collisions that the bumper 
itself is designed to withstand. 


5.3.1 Automotive Finish Systems 


The demands of an automotive finish are among the most stringent of any type 
produced in the coatings industry. Appearance is paramount for a consumer product, 
where utility often takes a back seat to status, and visually, automotive finishes 
are the most diverse in the industry (Panush, 1975; Ehlich, 1988). Such paints 
span the entire spectrum of colors from black to white (both of which are also 
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popular choices), with virtually everything in between, and more than half of the 
original finishes contain some sort of “effect” pigment flake (metallic, pearlescent, 
interference, or diffraction). About the only color that is not used in an original 
automotive finish is nonmetallic pink (“shocking pink’’), but even that hue may be 
found in some fleet or special-order original finishes. Flat and satin finishes are rare 
and the overwhelming majority of automotive finishes have high gloss. Durability 
(color and gloss retention) is a very important consideration, and vehicle paints 
also have very demanding mechanical requirements, such as chip, corrosion, and 
chemical resistance. They are carefully applied as highly engineered layer systems, 
with each layer serving a specific purpose. Binder formulations are highly complex 
and a broad variety of polymer types are employed. 


5.3.2 Architectural Coatings (Structural Paints or House Paints) 


Architectural paints are the second most common type of paint encountered in the 
forensic science laboratory. Unlike automotive paints, they are seldom designed to 
be applied as layer systems; consequently, layer colors and sequences will vary 
with the whim of the customer. They are designed either for interior or exte- 
rior application, and a good portion of their design is targeted at ease of use. 
This affects choices as to the binders and pigments to be used, the additives to 
control viscosity and, consequently, film buildup; and the additives to control sta- 
bility during storage after use. There are two general chemical classifications for 
the binders; water-based (latexes) and oil-based. The latexes permit easy cleanup 
with soap and water, a big selling point for the home user. The oil-based sys- 
tems require mineral spirits or turpentine for cleanup. Only three major binders are 
used, although there are many variations within each major class. The latex binders 
include the poly(vinyl acetate)—acrylic (PVA—acrylic) and acrylic resins, while 
the oil-based binders are almost solely alkyd resins. There are some poly(vinyl 
acetate)—polyethylene binders on the latex market, but they command a very small 
share of the sales (less than 2%), as do some newer latex paints with low con- 
centrations of alkyd resin incorporated. Unlike the case of automotive finishes, 
appearance other than color is not paramount. This results in a highly competitive 
market with many more manufacturers than exist for automotive paints. Almost 
an infinite number of colors are available, but many fall into the off-white or pas- 
tel classes, employing very low concentrations of coloring pigments. The paints 
are pigmented at the retail store and offered in a series of gloss levels, includ- 
ing flat, satin, eggshell, semigloss, and high gloss. The pigment is added to a 
tint base, which is a I- or 5-gallon can of white paint of the chosen binder type 
and gloss type. Even the high-gloss paints do not approach the gloss levels of 
automotive finish coats. It is extremely unusual for these paints to include effect 
pigments. 

It is difficult to specifically place certain finishes in this general class of coatings; 
however, some applications deserve mention. Wood coatings, such as colorless 
varnishes, are of note, with most binders being alkyds or urethanes and some 
having acrylic copolymers incorporated as well. 
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5.3.3 Other Coatings 


The third most common type of paint encountered in the forensic science laboratory 
falls into the class of maintenance paints. These finishes are designed primarily 
for their protective properties and functional characteristics, with color and gloss 
quality being of secondary importance. They are quite diverse and may be found 
as coatings on tools, appliances, lawn and garden tools, circuit boxes, safes, ATM 
devices, valves, bridges, traffic signs, and so on. Considering the applications, 
it does not take too much imagination to deduce why they are encountered as 
evidence. The binders and pigments used cover a broad range, with original finishes 
demanding durability similar to that of automotive coatings. They may be high 
gloss and may also have effect pigment in them, but rarely interference decorative 
flake. 

Trade-sale spray paints, the type found on the shelves of your local hardware or 
home improvement store, are yet another general class of end-use product encoun- 
tered in the forensic science laboratory. Binders typically include alkyds, acrylics, 
nitrocelluloses, urethanes, and epoxies. Some silicone binders may be found as well. 
The finishes may have effect pigments incorporated in them; however, application 
methods are obviously not nearly as controlled as in the automotive industry. 


5.4 PAINT EVIDENCE INTERPRETATION CONSIDERATIONS 


Although one often thinks of paint as a “wet” medium that is applied and allowed 
to dry, the forensic paint examiner deals predominately with cured in-service paint 
films. There may, however, be occasions where a can of paint or spray paint is 
submitted as evidence and the paint examiner is asked to determine if the contents 
of the can could have been the source of a paint film. In these instances, the paint 
examiner will prepare a film of dried paint for comparison. 

In a comparison case, two samples are typically received for analysis, referred 
to as known and questioned specimens. The former denotes the reference sample, 
which usually has a known origin (e.g., a vehicle suspected of being involved in a 
hit-and-run incident), and this is to be compared to sample recovered from a scene 
(a paint chip from a hit-and-run location) or a suspect, or some other source that 
may provide a link between events and individuals. 

Although it may seem like a straightforward process to compare two paint sam- 
ples, the forensic paint examiner deals with real-world specimens that are often 
far from ideal for analysis. Because of the nature of the events that usually pro- 
duce paint evidence, the questioned specimens are often quite small, such as those 
recovered in the Ridgway case. The paint may have been in service for many 
years, subjected to weathering, marring, contamination, repaints, and so on. These 
processes result in what is decidedly a double-edged sword as far as interpretation 
of evidence is concerned. They can make obtaining and interpreting data a very 
demanding task; at the same time, however, some of the unique characteristics that 
they might confer to a paint can be quite significant if similar features are found 
on both known and questioned samples. 
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There are many factors that the forensic paint examiner must consider when 
interpreting data for paint comparisons. Many of these arise from the inhomo- 
geneities in paint, not only at the microscopic level but at the macroscopic level 
as well. Many readers have probably seen the effects of weathering on an interior 
house paint arising from differences in exposure to light: the paint behind a picture 
on the wall may have a different hue compared to the same paint that has been 
exposed to sunlight. Bleaching and other effects may be even more pronounced 
for automotive paints, where, for example, the roof has received considerably more 
exposure to sunlight and other environmental conditions than has the vertical side of 
a fender. The original paint systems on many automobiles are likely to be varied to 
begin with, considering that some have two tone colors, and as noted, paint systems 
used on metal substrates may differ from those used on plastic bumpers and other 
plastic parts. Another possible source of inhomogeneity of an original automotive 
finish commonly arises from factory touch-ups. These occur when a portion of the 
vehicle is damaged during the assembly process and must be repaired and refin- 
ished before leaving the plant. A nonfactory repaint will usually result in even more 
heterogeneity when only a portion of the vehicle is refinished, as typically occurs. 
Refinished areas may also differ due to removal of one or more previous layers 
as a result of sanding. Paint systems therefore cannot automatically be excluded 
as having a common origin, even if the number of layers does not match. For 
cases involving paint from a spray can, differences in paint composition can also 
occur, depending on whether the can has been shaken or not prior to use (Zeichner 
et al., 1992). Assessing heterogeneity in samples—and its significance—is a major 
portion of the forensic paint examiner’s task. 

These considerations emphasize the importance of having appropriate reference 
samples when comparisons are made, and the various circumstances of which the 
forensic paint analyst must be cognizant when interpreting paint evidence. Unfor- 
tunately, appropriate reference samples are not always available, and the condition 
of the questioned samples can be an analytical chemist’s nightmare. Sample size, 
sample heterogeneity, layer smearing, or contamination by the substrate onto which 
the specimen was transferred epitomize some of the difficulties that may confront 
the paint examiner. Such realities, as well as the lack of comprehensive databases 
for all types of paints, underscore the reasons why the conclusions that the forensic 
paint examiner can draw run the gamut from unequivocal to simply unattainable. 


5.5 ANALYTICAL METHODS 


As discussed, dried paint is a complex matrix comprised of a variety of mostly non- 
volatile and inert inorganic and organic ingredients spanning a very wide range of 
concentrations, and most paints that forensic analysts examine are insoluble enam- 
els. It is thus not surprising that paint examiners typically use a battery of different 
methods to obtain as much information as practical to characterize, differentiate, 
identify, and compare such evidence. Methods that provide maximum discrimina- 
tion between paints are sought and it is desirable that the suite of methods chosen 
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provides complementary information. At the same time, the forensic paint examiner 
finds it helpful to have some overlap in this information, because by themselves, 
the methods may provide only limited data for identifying certain components or 
else provide general class characteristics rather than unequivocal data to identify 
each component conclusively. Methods that are nondestructive are preferred, both 
to preserve the evidence and to allow further testing using other techniques. If 
destructive methods are used, they are normally performed after the nondestructive 
methods. The choice of methods that are used may also be dictated by the type of 
paint that is encountered, as well as its size and nature (e.g., the analysis of a paint 
smear versus the analysis of paint from the entire door of a vehicle). 


5.5.1 Microscopic Examinations 


As mentioned previously, paint evidence can be found as smears on clothing, 
smears on objects, minute fragments fused to the surface of an object, or frag- 
ments contained in the surface debris recovered from an object. As with any trace 
evidence, microscopy is necessary in finding and examining the specimen. If you 
cannot find the material, you obviously cannot analyze it. Furthermore, if you can- 
not accurately characterize its form and structure, no matter what sophisticated 
analytical techniques you may have at your disposal, the analysis will ultimately 
not generate complete and accurate results. The initial instrument of choice for 
searches and preliminary characterization of recovered specimens is the stereomi- 
croscope. This technique provides a three-dimensional view, with magnifications 
on the order of 5 to 60 times the object’s actual size. It has a broad field of view, 
permitting relatively large areas to be searched microscopically. Furthermore, it 
offers long working distances providing ample room to manipulate the specimen 
for observation and sample preparation for subsequent examination techniques. 
Unlike other common types of materials encountered as trace evidence, such 
as fibers, glass, plastics, adhesives, rubbers, foams, metals, and most composites, 
paint evidence often has a laminate structure comprised of multiple complex layers. 
Stereomicroscopy provides the initial view of this layer structure. Layer colors, 
order, textures, and relative thicknesses are often the initial clue as to the general 
source of origin of the specimen. Did it originate from a motor vehicle or from an 
architectural application? Is it more likely a maintenance coating, such as might be 
found on tools, commercial door frames, or electrical junction boxes? This initial 
information is important for several reasons. First, it lets the examiner know what to 
expect from the sample. Thorough background knowledge of all types of coatings 
is essential. If you are going to perform a forensic comparison of any material, 
first know your product. In the case of paint, it is important to know how it is 
manufactured, how it is applied to the substrate, of what is it composed, and what 
types of common manufacturing irregularities may be encountered. All become 
important in knowing what to look for and in recognizing what is unusual. 
Second, it permits the examiner to deduce from where the sample may have 
originated. This is commonly an integral question in the investigation, whether it 
be a hit-and-run investigation or a homicide investigation involving forced entry to 
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a structure. For example, there is usually little benefit in analyzing an architectural 
paint in detail when it comes from the debris recovered from the surface of a hit- 
and-run victim. Finally, it permits the examiner to know which pool of background 
knowledge to access when evaluating the evidential significance of a sample. Just as 
one does not want to testify that the layer structure of an architectural paint discov- 
ered in a homicide investigation is unusual based on their background knowledge of 
automotive paint layer structures, one equally does not want to attempt to determine 
the year/make/model vehicle origin of an architectural paint sample discovered in 
debris recovered from the garments of a hit-and-run victim. All these points may 
seem unwittingly basic, but striving to accomplish them is anything but. 

To appreciate the microscopical methods used in forensic paint examinations, it 
is probably necessary first to discuss some of the attributes of the various end-use 
categories described previously (e.g., automotive, architectural, maintenance, and 
trade-sale spray paints). Due to the specialized nature of the forensic examination 
of cultural artifacts, this topic is not addressed, although many of the techniques 
to be discussed are employed in that endeavor as well. 


Automotive Paints Automotive paints consist of finish coats applied over 
primer coats and generally fall into two distinct categories, original finishes and 
refinishes. Original finishes consist of the multiple paint layers applied at the factory 
at the time of manufacture. Refinishes commonly refer to either single or multiple 
layers applied after the vehicle leaves the factory (i.e., aftermarket applications). 
Refinishes applied at the factory, however, present a third category. Although these 
systems employ a reapplication of paint layers, the material used commonly has the 
same composition as that used in the original application. As might be expected, it 
is valuable to be able to recognize these three categories when assessing the evi- 
dential significance of a transfer, and various types of microscopy play an integral 
part in making those decisions. 

Finish coats impart the visual appearance to the paint system and are the upper- 
most layers of the coating. They are found as either monocoats, clearcoat/basecoats, 
or tricoats. Monocoats consist of opaque layers designed to have high gloss and 
color. Both the clearcoat/basecoat and tricoat systems have a transparent layer on 
top that is typically colorless but may be lightly tinted. This is followed by a single 
colored and opaque basecoat layer in the former system or a transparent or translu- 
cent colored layer followed by the opaque basecoat layer in the latter system. Any 
one of these finish coat layers other than the clearcoat may have decorative flake 
dispersed throughout. The decorative flake is commonly either some form of alu- 
minum flake, pearlescent flake, or interference flake. Stoecklein (2002) describes 
the latter in detail. 

Below the finish coats are primers, designed to be an interface between the finish 
coats and the substrate material. They serve several functions, including adhesion, 
ease of sanding for leveling out imperfections, and corrosion resistance. There may 
be anywhere from one to four or five of these layers present; however, the most 
common layer structures employ only one or two. The primers may usually be 
distinguished from the finish coats, as they are opaque and include much higher 
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concentrations of extender pigment. This in turn gives them a lower gloss and more 
particulate appearance. Color-coordinated primers are designed to have a similar 
color to the basecoat above them and often have slightly lower concentrations 
of extender pigment present. Figure 5.3 depicts the most common original finish 
layer systems. The primer-surfacer is a primer that is often present between the 
base primer and the finish coats. The term surfacer is added to the name in order to 
describe its primary function, a layer that is easily sanded to produce an acceptably 
smooth surface on which to apply the finish coats. Traditionally, it appeared in a 
rather limited color palette, consisting of various shades and tints of gray, black, or 
red-browns. Since the mid-1990s, some vehicle manufacturers began using colors 
coordinated to the general color of the monocoat or basecoat. Further descriptions 
of these systems may be found in Fettis (1995), Ryland (1995), Thornton (2002), 
and Streitberger and Dossel (2008). Anticorrosion treatment of the steel used in 
automotive panels leaves a characteristic pattern on the bottom of original primers 
commonly referred to as “orange peel,” similar in appearance to that shown in 
Figure 5.4. Weathering of the surface of the top layer can result in oxidation of 
the resin and pigment and sometimes cracking of the surface. Improper refinish 
techniques may result in dirt or foreign material trapped between layers and visible 
at the interface between the layers. Occasionally, poor painting procedures result 
in foreign overspray paint droplets deposited on the surface of a topcoat. 


Architectural (Structural) Paints Forensic laboratories may also have a 
substantial caseload, dealing with architectural paints ranging from cases involving 


clear coat — 


color coat (opaque) (colorless/transparent) 


base coat (opaque) 


x—z——Ey 
primer-surfacer ——_—* primer-surfacer 
primer ee Ae 











MONOCOAT SYSTEM CLEAHBASE SYorEM - ee” to 
primer and primer-surfacer : 
coordinated 
y, —t—i“‘OCOCS xy 
clear coat 
clear coat — 


(colorless/transparent) Sea tinted clear coat 


—_ oS 
base coat (opaque) SS SY base coat (opaque) 
primer "| , primer-surfacer 


primer 


CLEAR/BASE SYSTEM - F 
: . TRICOAT SYSTEM moving to 
single primer color 


coordinated 








Figure 5.3 Diagrammatic representation of common original automotive finish layer 
structures. (See insert for color representation.) 
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Figure 5.4 Stereomicroscopic view of the underside of the original base primer from 
an automotive application revealing the characteristic “orange peel” appearance. Magni- 
fication of 20x. (See insert for color representation.) 


forced entry to those dealing with debris recovered from either a suspect’s or 
a victim’s garments. There is seldom a predesigned system of layers in these 
samples—the layer colors, textures, and chemistry changing with the whim of 
the consumer. The variety of finishes encountered can range from flat wall paints 
to colorless glossy varnishes on wood. The flat wall paints contain very high 
concentrations of extender pigments. Even semigloss to high-gloss wall paints 
are characterized by the presence of some extender pigment, with the grain size 
being much larger than that encountered in vehicle primers. The surfaces are 
typically somewhat rough, even though they may have a relatively high gloss, and 
the pigment dispersion is heterogeneous compared to automotive finishes. One 
can often see clumps of undispersed coloring pigment throughout the paint layer. 
Latex paints have a softer texture than automotive paints and when treated with a 
bit of chloroform form a gummy residue during solvent evaporation, quite unlike 
automotive paints treated in the same manner. It is unusual to encounter decorative 
flake, except for the occasional use of retail spray paints for finishing architectural 
accessories. In those cases, the decorative flake is usually quite dense in distribution 
compared to that found in most automotive applications. On occasion, a portion of 
the substrate material will cling to the bottom layer of the paint fragment. Discovery 
of wood or wallboard obviously indicates that the application was not automotive. 
Consecutive applications of light pastel or off-white colors that are similar to one 
another in color and texture are sometimes encountered and present difficulty dis- 
cerning between layer interfaces. Microscopy is the basic tool for recognizing these 
characteristics. 
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Maintenance and Trade-Sale Spray Paints Maintenance and trade-sale 
spray paints have microscopic characteristics that lie somewhere between archi- 
tectural finishes and automotive finishes. In the case of tools or commercial metal 
door frames, they are often coated with both a primer and a finish coat. The finish 
coats may be high gloss, resembling automotive monocoats. Their surfaces typi- 
cally will have rough pitted spots over larger areas, but these may not be noticeable 
in small samples. The chemistry used in the paints is similar to that employed in 
the automotive industry and hence the textures are quite similar. Often, the layers 
are quite a bit thinner than automotive paint layers and may be brittle, giving rise to 
a suspicion that the origin is both nonautomotive and nonarchitectural. In the case 
of trade-sale spray paints, they are usually encountered as thin layers applied to the 
surface of existing finish systems and frequently display significant heterogeneity 
in pigment dispersion. This layer structure suggests nonautomotive applications. 


5.5.2 Physical Nature of the Transfer 


In addition to the various morphological characteristics attributable to different end- 
use types of paint, the physical nature of paint transfers encountered in forensic 
investigations plays a significant role in the choice of examination techniques. In a 
majority of automotive paint cases, the samples are quite small and multilayered, as 
depicted in Figures 5.5 and 5.6. Both the microscopical and analytical techniques 
chosen for comparisons must be compatible with this sample size and morphology, 
keeping in mind that each layer contains a wealth of morphological and both organic 
and inorganic chemical information. Some evidence will have numerous layers, 
suggesting the possibility of encountering another source with a corresponding 





Figure 5.5 Paint fragment placed on the date of a penny for sample size perspective. 
(See insert for color representation.) 


148 ANALYSIS OF PAINT EVIDENCE 





Figure 5.6 Cross section of a seven-layer automotive paint sample mounted on a micro- 
scope slide with a 1.56 refractive index mounting media and coverslip and viewed with 
transmitted brightfield light on a polarized light microscope. Layers 1 and 3 are clearcoats, 
layers 2 and 4 are basecoats with a decorative flake in them, and layer 5 is a color- 
coordinated primer followed by two additional primers (layers 6 and 7). (See insert for 
color representation.) 


layer structure is extremely remote (Tippett et al., 1968; Gothard, 1976; Ryland 
and Kopec, 1979; Gothard and Maynard, 1996; Willis et al., 2001; Edmondstone 
et al., 2004; Wright et al., 2011). In such instances, further chemical analyses may 
not be deemed necessary (ASTM, 2007). In the case of larger paint fragments, 
be they automotive or not, the examiner must guard against damaging the edges 
and surfaces of the evidence since the potential for comparison of the fractured 
edge contours and the paint chip surface configurations with an appropriate known 
source hold the possibility of a physical correspondence that is definitive, unlike 
any compositional comparison. If such a correspondence is found, the analyst will 
conclude that the paint fragment whose origin is in question originated from and 
was at one time a part of the paint on the known exhibit. 

Paint transfers also occur in the form of smears onto substrates. One such 
example is a multiple-layer architectural paint smeared onto a tool used to gain 
entry to premises. Mixing of the smeared layers and contamination of the transfer 
by the material on the tool’s surface become serious analytical issues. Microscopy 
offers the initial means to evaluate and mitigate the impact of these problems on 
subsequent analytical techniques. Another such example is an automotive paint 
smeared onto the clothing of a hit-and-run victim. In such instances, it is often dif- 
ficult to discern by stereomicroscopic examination alone whether the thin transfer 


ANALYTICAL METHODS 149 


is paint or plastic from a vehicle part. Other microscopic techniques and perhaps 
analytical techniques are usually necessary to draw a conclusion. Application of 
those techniques is often thwarted by contamination of the paint smear by the 
underlying synthetic fabric. Polyester and acrylic fibers have chemical characteris- 
tics similar to those of many paint binders, and the abrasion transfer process often 
generates heat that melts, mixes, and fuses the substrate fiber polymers into the 
paint transfer. 

As described earlier, paint transfers may also occur with uncured paint. If the 
transferred paint dries following the transfer, microscopy is the only way to ascer- 
tain that it was wet when deposited. That little bit of additional information can 
be extremely valuable in an investigation, as evidenced in the Green River cases. 
Occasionally, tiny droplets of spray paint will float through the air at an auto- 
motive refinish facility and land on the painted surface of a nearby vehicle. This 
is obviously not good quality control and represents an unusual situation, not to 
mention that the color and chemistry of the contaminating paint is somewhat ran- 
dom. Recognizing these tiny cured droplets on the surface of both questioned and 
known paint chips represents a very unusual characteristic that adds immensely to 
the associative evidence afforded by the corresponding paint fragments alone. The 
transfer may also occur from a person rubbing against a freshly painted object. A 
transfer such as this seldom finds its way into the forensic laboratory, but it may. 
Recognizing this type of transfer is often of value when searching for automotive 
paint transfers on the clothing of a hit-and-run victim. If a paint smear is found 
that was transferred in a wet condition, it is probably not from the striking vehicle 
and routinely turns out to be an architectural paint. As another example, one of the 
authors (SGR) examined a case where the suspect of a sexual assault rolled over 
the victim’s palette of paints she was using while painting at a secluded area on the 
beach. The significance of the numerous corresponding colors and chemistries of 
paints discovered on the suspect’s clothing was reinforced further by the fact that 
the paints were transferred in an uncured condition. All of these transfers demon- 
strate very smooth surfaces and rounded edges at the perimeters of the deposits 
upon stereomicroscopic examination. The rounded edges are a result of flow during 
the curing process and are not present in abraded transfers of cured paint. Even 
when glossy automotive paint partially melts onto the fabric of a hit-and-run vic- 
tim’s garments as a result of heat generated from friction, the surface of the paint 
is not smooth nor are the corners at the perimeters rounded from flow. 


5.5.3 Microscopy 


With an understanding of the sample attributes present in a forensic paint exam- 
ination, let us now focus in a bit more detail on the types of microscopy and 
sample preparation available to permit evaluation of those attributes. Stereomi- 
croscopy affords views of the bulk sample on all sides, including the intact bulk 
layer structure. The small surface area of thin layers, the rough surface of neigh- 
boring layers, and the interplay of neighboring layer colors make it difficult to view 
all layers definitively. Smoothing the surface of the cross-sectional view will help 
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Figure 5.7 Peeling of successive layers to expose larger surface areas permits visual- 
ization of unusual characteristics, such as this thin mottled primer—surfacer between the 
white finish coat and the light gray primer. Stereomicroscopic view at 10x magnification. 
(See insert for color representation.) 


somewhat, whether done manually with a sharp blade or polished using abrasives. 
This does not solve the problem of color rendition of small surface areas or the 
interplay of neighboring layer colors. Typically, the sample is carved manually 
from either the top or bottom layer to expose larger areas of each layer, includ- 
ing those on the interior of the sample. Portions of these carvings may be saved 
for subsequent testing. The carving and subsequent increased layer-area exposure 
permit stereomicroscopic evaluation of colors, textures, pigment heterogeneity, dec- 
orative flake size, shape and color in reflected light, and layer interface materials 
and their distribution (such as the mottled primer-surfacer between the topcoat and 
base primer shown in Figure 5.7). However, very thin layers may be missed by this 
method, especially if they are colorless and transparent. It is also difficult to see the 
transition from a basecoat to a color-coordinated primer (especially black on black 
or white on white) or the transition from one layer to another in a multilayered 
white architectural paint fragment. 

To solve this problem, it is advisable to prepare thin cross sections like that in 
Figure 5.6. This can sometimes be done manually or by embedding a specimen in 
a plastic medium and then cutting very thin cross sections with a microtome. The 
sample can be observed on the stereomicroscope, but it is often advisable to view it 
at greater magnification on a transmitted light compound microscope. This can be 
accomplished on a simple compound microscope, on a polarized light microscope, 
or in the case of comparisons on a properly color-balanced compound comparison 
microscope. The cross sections are placed on a microscope slide and covered with 
a drop of mounting medium having a refractive index substantially different from 
the 1.50 to 1.52 of most paint resins. This permits the boundaries of colorless 
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clearcoat layers to be observed distinctly. A coverslip is then placed on top, and the 
preparation is ready for viewing. It permits critical evaluation of layer structure, 
layer inclusions, and pigment color and distribution throughout the thickness of the 
layers. It can often allow classification of an automotive paint layer as a finish coat 
or a primer, primers having a much more particulate appearance, and is invaluable 
in discovering tricoat layer structures. In the case of some multiple-layer low-gloss 
white architectural paints, even this method does not reveal layer interfaces 
clearly. In that case, it is often of value to observe the cross section using a 
reflected light fluorescence microscope with a variety of excitation wavelengths, 
as reported by Allen (1994). This technique may also be of value in distinguishing 
similarly colored automotive paint primers, as described by Stoecklein (1994). 

Aluminum decorative flakes and some interference decorative flakes cannot be 
distinguished when paints containing them are viewed with reflected light using a 
stereomicroscope. Transmitted light brightfield microscopy, however, can be used 
to differentiate the two types by observing thin peels cut from the finish coats that 
have been placed on a microscope slide with mounting medium and a coverslip. As 
reported by Stoecklein (2002), many types of interference flakes are based on mica 
substrates, which are transparent in transmitted light, unlike the opaque aluminum 
metallic flake (see Figure 5.8). Furthermore, the interference flakes that are opaque 
typically have sharp-lined geometric shapes, unlike the opaque aluminum flake 
profiles, which resemble a flake of cornflakes cereal or a sand dollar. 





Figure 5.8 Transmitted light microscopic view of a thin peel of an automotive finish 
coat having two types of decorative flake: mica-based interference flake and aluminum 
flake. The hand-cut peel is mounted in Norland Type 64 optical adhesive on a microscope 
slide with coverslip and viewed at 250 magnification on a polarized light microscope 
with the polars uncrossed. (See insert for color representation.) 
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Observation of thin sections of paint on a polarized light microscope employing 
crossed polars can also aid in recognizing or even identifying anisotropic extender 
pigments. If noted in an automotive paint layer, it is a strong indication that the 
layer is a primer, not a finish coat. If observed in a thin peel of an architectural 
or spray paint, the grain size may be large enough to permit identifications using 
basic optical characteristics, as demonstrated by Kilbourn and Marx (1994). 

The value of using various microscopic techniques in analyzing paint samples 
has been demonstrated over the years by a number of authors. McCrone (1979) 
describes the use of polarized light microscopy in characterizing particulate matter 
encountered in the forensic science laboratory, while Hammer (1982) describes 
the use of transmitted light microscopy for automotive paints. Stoecklein (1994) 
discusses the value of various microscopic techniques for examining automotive 
paints, and the ASTM Standard Guide for Forensic Paint Analysis and Compar- 
ison (ASTM, 2007) further details the basic use of microscopy in forensic paint 
examinations in general. 


5.5.4 Microspectrophotometry 


Although not all coatings are colored, paint is generally considered to be a pig- 
mented liquid or liquefiable composition which is converted to a solid film after 
application as a thin layer. Coloring pigments may be either inorganic or organic, 
and both impart color to the film. Color by its basic definition involves the absorp- 
tion and reflection of visible light. Beyond observation with the human eye, what 
more intuitive way is there for the chemist to measure and compare this character- 
istic than with visible light absorption spectrophotometry? 

The comparison of color is one of the first steps taken in a forensic paint com- 
parison. The human eye is a very discriminating sensor, being able to distinguish 
anywhere from over 100,000 to several million colors (Hunter, 1975; Boynton, 
1979); hence, its value as a discriminating tool for paint evidence cannot be overem- 
phasized. However, it is possible to formulate paints that appear the same color 
to the human eye, yet are comprised of different pigment combinations. Analyti- 
cal instruments that permit the chemist and industrial technologist to discriminate 
such colors have been available for six decades. The ultraviolet—visible (UV-Vis) 
absorption spectrophotometer is known to every undergraduate chemistry and biol- 
ogy major. It is sensitive to the different degrees to which various wavelengths of 
visible and UV light are absorbed by a material, most typically a solution of the 
material contained in a UV-transparent cuvette. If two solutions are the same color 
but contain different chromophores, they will typically produce differing visible 
absorption spectra. And, of course, the solutions may have no color at all, yet con- 
tain organic molecules that have differing aromatic structures and thereby produce 
differing UV spectra. The chromophores in the organic pigments used in paints are 
typically rich in aromatic and conjugated ring systems and as such often produce 
characteristic UV absorption spectra. 

UV-Vis spectrophotometry therefore seems to be a natural choice to include 
in an analytical scheme to compare paint samples. However, the task is not as 
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simple as it may seem. As mentioned previously, the sample is typically dissolved 
in a solvent to decrease its absorption to a level within the dynamic range of the 
spectrometer’s detector when performing UV-Vis absorption spectrophotometry. 
Many paint binders, the resins that bind the pigments together and adhere to the 
substrate, are insoluble in most common organic and aqueous solvents that do not 
affect the chromophore chemically. In those instances the only way to achieve the 
aforementioned goal is to make the solid sample very thin, which is often done by 
slicing or crushing the specimen. However, we also know that it is important to 
control the pathlength of the samples being compared, because Beer’s law states 
that the absorbance is proportional to the pathlength. This is no easy task when 
slicing or crushing two samples. Hence, the Standard Guide for Microspectropho- 
tometry and Color Measurement in Forensic Paint Analysis (Scientific Working 
Group for Materials Analysis, 2007) recommends that for detailed comparisons of 
thin sections of paint the specimens be prepared by cutting the two simultaneously 
using microtomy. This procedure involves embedding the two samples in a liquid 
resin, curing the resin, and then mounting the block in a microtome and cutting at 
controlled thicknesses to produce the same pathlength for both sections. This solves 
the first problem of dealing with solid specimens; however, most forensic samples 
present the examiner with a second issue. The samples are quite small and often 
multilayered. How is one to introduce this sample to a UV-Vis spectrophotometer? 

Microspectrophotometers (MSPs) allow for objective measurement of the color 
of small or microscopic samples and are more precise and quantitative than the 
more subjective results of visual microscopical color comparisons. As the name 
suggests, they are UV-Vis spectrophotometers incorporated into microscopes (see 
Figure 5.9). The design of such instruments is difficult, for typical microscope 





Figure 5.9 CRAIC model QDI 1000 ultraviolet—visible microspectrophotometer with 
Cassegrainian optics and a semiconductor array detector. 
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objectives are made of glass, which does not transmit UV light. Additionally, 
the amount of light transmitted through the small apertures required to define the 
area of interest in microscopic samples is quite limited and the sensitivity of the 
photometric detectors must be high while at the same time controlling deterioration 
of the signal-to-noise ratio. The first problem has been solved either by using non- 
UV-absorbing glass to make the microscope objectives (which is very expensive) 
or by using Cassegrainian objectives, which are constructed of mirrors and never 
pass the beam of light through any glass. The latter suffer from inferior image 
quality and control of the light path. The second problem has been solved by using 
very sophisticated focusing optics and highly stabilized photomultiplier tubes or 
by using fast-response semiconductor array detectors, which permit co-addition 
and averaging of the signals collected. In either design, the specimen is mounted 
in a non-UV-light-absorbing mounting medium (typically, glycerin), placed on a 
quartz microscope slide with a quartz coverslip, and then placed on the MSP’s 
stage. The area of interest is physically defined by adjustable or fixed apertures 
viewed in the same field of view as the specimen and then background and sample 
measurements are made. The instrument software ratios the two, and plots of the 
resulting absorption or percent transmittance spectrum are obtained. 

As might be expected, analysis of solid samples is not as straightforward as solu- 
tion absorption spectrophotometry. There are microscopical concerns, such as light 
path focusing, sample focusing, and diffraction at specimen edges; spectrometer 
concerns, such as appropriate calibration standards for wavelength and photometric 
accuracy; and specimen concerns, such as microheterogeneity and sampling area. 
Eyring (2002), Stoecklein (2001), and the Standard Guide for Microspectrophotom- 
etry and Color Measurement in Forensic Paint Analysis (Scientific Working Group 
for Materials Analysis, 2007) discuss all these concerns in detail. Given the con- 
cern for controlling path length and the effect that it has on the interpretation of 
results, perhaps a brief discussion of sample microtomy might be in order. 

Microtomy is a technique employed to prepare thin sections of controlled thick- 
ness using a microtome, a mechanical instrument designed especially for this 
purpose. The discipline finds its primary roots in the histology laboratory; however, 
its application also finds its way into the field of materials science. For the purpose 
of paint fragment sectioning, a basic instrument will suffice. Most laboratory or 
medical supply vendors will carry the array of available equipment, ranging from 
basic manual models using steel knives to motorized automatic models using cryo- 
static freezing to attain submicrometer sections. A used rotary microtome with a 
sharp steel blade will perform adequately, although the use of glass knives will 
produce sections that do not have striae (from knife blade sharpening) and are 
much less prone to curling while being cut. The use of glass knives will require a 
knife maker, special microtomy glass, and a glass knife microtomy stage. A typical 
rotary microtome with a glass knife can be seen in Figure 5.10 and with a steel 
knife in Figure 5.11. 

The choice of embedding medium is just as important as the choice of 
microtome. The sample(s) will be placed in this liquid resin and then the resin 
will be cured to form a rigid block that is placed into the microtome sample jig for 
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Figure 5.10 Microm manual rotary microtome with glass knife stage and universal 
sample holder. 


Universal holder 
with clamp to 
hold block 





Figure 5.11 Microm rotary microtome with a steel knife stage and the sample block 
held in a universal specimen holder. 


sectioning. It is recommended that the embedding medium be approximately the 
same hardness as the specimen to be sectioned for optimum results. If it is too soft, 
the specimen will be dislodged from the embedding medium when encountering 
resistance with the blade. If it is too hard the blade will quickly be dulled and 
produce poor-quality sections. Both Stoecklein (2001) and Derrick (1995) provide 
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guidance on these topics. For those familiar with this technique, one of the authors 
of this chapter SGR finds that a UV-curing optical adhesive (UV-74 Lens Bond, 
Summers Optical Co., Fort Washington, PA) works quite nicely, permitting the 
examiner to place some embedding medium resin in the well of the mold and to 
cure it for approximately 6 s with a high-intensity UV light to form a thin skin 
on which to place the first paint fragment. This permits critical positioning of the 
paint chip so that it will be parallel to the remaining chips placed in the block. 
After positioning the first chip, some additional embedding resin is added and then 
flash-cured for about 6 s to form another partially cured surface. The next paint 
chip is then positioned and more resin added. This process is continued until the 
block has been completed. After adding the final aliquot of resin, the mold is cured 
under high-intensity UV light for approximately 6 to 10 min. It is then removed 
from the mold and all sides are exposed to the UV light to remove the tack from 
the optical adhesive. The block is then ready to be cut at this time or within a 
day or two, as depicted in Figure 5.12. Typically, excess resin is trimmed away 
manually to expose the specimens near the surface. The block is then secured in 
the microtome jig and trimmed even further using the steel blade until a position 
very close to the specimens is reached. The microtome knife stage is then switched 
to the glass knife stage, where the final sections are produced. Three-micrometer 
sections are cut for brightfield microscopy and UV-Vis microspectrophotometry, 
while 5-\1m sections may be cut for Fourier transfer—infrared (FT-IR) microspec- 
troscopy. Either the remaining block with the exposed paint chip surfaces or a very 
thick section (20 1m) may be used for subsequent scanning electron microscopy 
in conjunction with energy-dispersive x-ray spectrometry (SEM-—EDS) analyses. 
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Figure 5.12 Representation of two automotive paint fragments embedded in the same 
microtome sectioning block (right) and of the top view of the silicone mold used to form 
the block (left). Dimensions are in mm. (See insert for color representation.) 
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Although this sample preparation approach may seem very appealing given 
the minimal sample manipulation of the native paint fragment, the production 
of controlled-thickness paint sections, and the control of surface topography 
and orientation (critical factors in SEM-—EDS analyses), there are drawbacks 
to the preparation of samples by microtomy alone. First, very small areas of 
the sample are exposed in cross section. This forces the analyst to deal with 
microheterogeneity problems, since large analytical areas cannot be used to 
average heterogeneity. Cured paint is simply not homogeneous on the microscopic 
scale. Second, difficulties in control of the analytical area may be encountered 
when using an infrared microscope, due to diffraction produced with the small 
imaging apertures required, and in SEM—EDS analyses due to excited volumes 
crossing over into neighboring layers. These concerns are discussed by Ryland 
(1995), Henson and Jergovich (2001), Bartick (2010), and in the Standard Guide 
for Using Scanning Electron Microscopy/X-Ray Spectrometry in Forensic Paint 
Examination (Scientific Working Group for Materials Analysis, 2002). 

As with most spectrophotometric methods of analysis of solid specimens, 
visible-light microspectrophotometry can be performed in the reflectance mode as 
well as in the transmission mode. This approach offers the lure of apparent minimal 
sample preparation but has notable disadvantages compared to transmission 
analyses. The signal-to-noise ratio is typically lower in reflectance measurements, 
and there are sample geometry, spectral distortion, and reproducibility concerns. 
The sample surface must be sufficiently smooth so as to have ridges and valleys 
measuring less than the size of the particles contained therein. If not, light is 
scattered randomly and signal targeting and signal-to-noise quality are lost. To 
achieve this goal, the sample must be polished on a microscopic level using a 
series of abrasives typically performed on embedded samples, much as would 
be encountered in the preparation of samples for microtomy. In addition, it 
is critical that the specimen(s) surfaces be oriented parallel to the reflectance 
objective of the microspectrophotometer, as failure to do so results in variation in 
spectral features. For certain monocoats containing high concentrations of strongly 
absorbing pigments (such as Copper Phthalocyanine Blue), specular reflection 
distortion of the measurement can occur (Suzuki, 2010). This process produces 
more reflection for strongly absorbing wavelengths and results in a bronzing 
effect (this phenomenon can also occur for some dark blue inks, which appear 
to have a metallic bronze sheen when viewed at certain angles). For metallic 
paints, the incident beam can undergo either direct reflection from a metal flake or 
diffuse reflectance from the paint matrix, and differences in the ratios of these two 
processes also affect spectral reproducibility. Hence, it is much more difficult to 
achieve precision with reflectance techniques than with transmission techniques. 
Discussion of this shortfall can be found in Eyring (2002), Stoecklein (2001), and 
in the Standard Guide for Microspectrophotometry and Color Measurement in 
Forensic Paint Analysis (Scientific Working Group for Materials Analysis, 2007). 

Despite the intuitive application of microspectrophotometry to forensic paint 
comparisons, the technique is not widely used. Reports from paint proficiency tests 
offered by Collaborative Testing Services (2007) over a three-year span indicate 
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only 7 to 15% of the participating laboratories used microspectrophotometry in the 
examinations. These rates are similar for both architectural and automotive paint 
samples. The limited application is understandable for either white or pastel flat 
architectural paints, for they have little color present and are loaded with extender 
pigments. However, this does not explain the limited use for automotive exem- 
plars. Perhaps this can be traced to the fact that little work has been published to 
demonstrate the improved discrimination of this method over the classical micro- 
scopical and instrumental techniques. This is not surprising given the complexity 
of automotive paint formulations and layer systems. If different paint manufactur- 
ers used different pigments to achieve the same color, it is quite likely that other 
chemical differences would be present in the formulations as well (Contos and 
Ryland, 2001). That is not to say that very careful analyses may not have the abil- 
ity to distinguish between batches, where slight color adjustments have been made 
to achieve an acceptable final color and appearance, as presented by Stoecklein 
and Palenik (1998). Similar analyses may even be able to discriminate between 
the quantity of UV absorbers remaining in the clearcoats of two cars painted with 
the same paint-layer system but subjected to varying degrees of exposure to the 
sun (Stoecklein and Fujiwara, 1999). In the case of automotive paints, Kopchick 
and Bommarito (2006) demonstrated that apparently achromatic finish coats can be 
discriminated by visible microspectrophotometry, although the study did not eval- 
uate which of those finishes were also distinguishable by other routine analytical 
examinations. This rationale for automotive finish coats should not be carried over 
into the realm of other end-use paints, such as household spray paints, where the 
variation in binders and layer structures is much more limited. 

As the number of available organic pigments expands and the diversity in binder 
formulations appears to be diminishing due to company mergers, international mar- 
kets, and environmental concerns, it is argued that pigment identification may take 
on a new role in forensic paint examinations. This may be in the arena of com- 
parisons or even in the task of provenance determinations. Certainly, with some 
care in sample preparation and access to high-magnification objectives, microspec- 
trophotometry has the ability to focus on individual pigment grains in situ and 
effect identifications based on collections of known pigment spectra. The future 
will tell what benefits and acceptance this approach holds. 


5.5.5 Infrared Spectroscopy 


This technique involves measuring the absorptions of a sample in the infrared 
region, which consists of electromagnetic radiation with frequencies lower than 
that detected by the human eye. The frequencies in this region are denoted by 
the wavenumber, which is the reciprocal of the wavelength given in centimeters 
(cm7'); the region of primary interest is between 4000 and 200 cm7!. 

The infrared absorption process results in an increase in the quantized vibrational 
energies of the molecules of the sample. Some of the energies are localized in 


vibrational modes involving specific chemical bonds of the compound, and these 
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absorptions often occur over a narrow and characteristic range in the infrared 
region. Other vibrational modes may involve the entire molecule or large portions 
of the molecule, and their absorptions occur over a wide range of frequencies 
and tend to be characteristic of the molecule as a whole. For organic compounds, 
the former class of absorptions allows an analyst to determine the presence of 
functional groups, whereas the latter allows the differentiation—and hence the 
identification—of even closely related compounds. Organic chemists thus use this 
technique for both diagnostic and identification purposes. 

For inorganic compounds containing predominantly covalent bonds (such as 
silica and other framework silicates), a somewhat similar situation occurs, although 
these infrared absorptions tend to occur at lower frequencies than for organic 
compounds with absorption breadths that are often broader. For salts involving 
cations or anions with covalent bonds (such as NH4t or CO3~7), characteristic 
absorptions of these ions also occur, although they tend to be less distinct than 
those of organic compounds since they are often broader and far fewer in number. 
The only compounds that do not absorb in the region examined by infrared 
spectroscopy are homonuclear diatomic molecules (most of which are gases such 
as Nz and Op), and simple inorganic salts that do not contain covalent bonds 
(such as KBr and CsI, which are used as windows for infrared spectroscopy). 

All of the components of paint thus produce infrared absorptions, and infrared 
spectroscopy is one of the main tools used by both the coatings chemist and the 
forensic analyst to determine the overall composition of paint. For most paints, the 
binders that are used can be identified by these means, as well as the pigments that 
are present in high concentrations. The notable exception to this occurs for some 
architectural coatings with low lusters, as these typically contain large quantities 
of inorganic extender pigments, the strong broad absorptions of which typically 
obscure most binder absorptions. 


Paint Analysis Methods The two main sampling accessories that are used 
with FT-IR spectrometers to obtain paint spectra are the diamond anvil cell 
(DAC) and the infrared microscope. Less often, attenuated total reflectance (ATR) 
may also be used. Both high- and low-pressure DACs are used for the analysis of 
paint evidence, although the latter has become the main device used in the United 
States, due to its thinner windows, ability to be used on an infrared microscope, 
and lower cost. Paint samples are pressed between the two |-mm-thick diamond 
windows (known as anvils) of the DAC, or they may be pressed onto a single 
window. Although the DAC requires much larger samples than can be analyzed 
with the infrared microscope, one of the main advantages of this accessory is 
that when used on an extended-range FT-IR spectrometer, the lower frequency 
(far-infrared) absorptions of the sample can be observed. 

An infrared microscope accessory allows the paint examiner to choose a small 
rectangular area of the sample to be analyzed by the spectrometer while viewing 
the paint specimen optically. Areas as small as 20 by 20 «zm can be analyzed, 
and multilayered paint specimens can be cross-sectioned, then each layer analyzed 
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Figure 5.13 Infrared spectra of rutile, anatase, and two yellow nonmetallic automo- 
tive monocoats from the Reference Collection of Automotive Paints. The monocoats are 
identified by their Reference Collection codes: (A) rutile; (B) anatase; (C) LC81H0506; 
(D) KC81H0506. Both monocoats have acrylic melamine enamel binders with styrene 
and contain rutile, Nickel Titanate, and an organic pigment. KC81H0506 also contains 
hydrous ferric oxide. [From Suzuki (1996b); copyright © ASTM International; reprinted 
with permission. ] 
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sequentially. The main advantages of the infrared microscope are thus its size 
and sequential analysis capabilities. Care must be exercised when performing a 
sequential analysis to set the edge of the aperture as far from the adjacent layer or 
layers as possible. This minimizes the amount of stray light from an adjacent layer 
or layers (caused by diffraction) that might contribute to the spectrum of the layer 
of interest. This is not an easy task in the case of thin layers. 

One drawback of the infrared microscope arises from the sensitive detectors that 
must be used with this accessory, as they have limited spectral ranges. Their low- 
frequency cutoff points vary between 700 and 450 cm™! and there is an inverse 
relationship between sensitivity and range; the wider the range, the less sensitive 
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Figure 5.14 Infrared spectra of 10 different paint binders or paints that consist primarily 
of binders; three of the paints also contain significant amounts of rutile. (A) Acrylic lac- 
quer. (B) Acrylic melamine enamel that contains styrene and an acrylonitrile copolymer. 
(C) Acrylic epoxy clearcoat (an acrylic melamine enamel with a small amount of styrene; 
the minor aliphatic epoxy component does not produce a characteristic infrared absorp- 
tion). (D) Alkyd (orthophthalic alkyd). (E) Nitrocellulose. (F) Epoxy (aromatic) with an 
ester modifier. (G) Acrylic urethane with a small amount of melamine. (H) An acrylic ure- 
thane used in automotive refinishes that contains rutile; the weak absorption at 2270 cm! 
is due to unreacted isocyanate starting material. (I) Polyester melamine enamel (isophthalic 
alkyd) that contains rutile. (J) Polyester (terephthalic alkyd) that contains rutile. 
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the detector. Many infrared microscopes are thus equipped with the most sensitive 
detector, even with its narrower range. This does not adversely affect the identifi- 
cation of most paint binders, but it does limit the identification of those inorganic 
pigments that have most or all of their absorptions below 700 cm~!. Differentiation 
of the two polymorphs of titanium dioxide used in paints (rutile and anatase), for 
example, requires the observation of low-frequency absorptions between 500 and 
300 cm! (see Figure 5.13A and 5.13B). The infrared microscope spectrum of a 
white automotive monocoat that contains rutile is depicted in Figure 5.14H, and 
only the shoulder of its absorption is observed (the detector used for this analysis 
has a cutoff point at 680 cm~'). Spectra of two other paints that were collected 
using a DAC on an extended-range instrument are shown in Figure 5.14LJ, and as 
can be seen, both contain rutile and not anatase. Another very common inorganic 
pigment used in paints is ferric oxide (Fe2O3, rust-colored). The three absorptions 
of this pigment occur below 700 cm7! (Figure 5.15A) and they may be observed 
in the spectrum of a maroon nonmetallic automotive monocoat that contains this 
pigment (Figure 5.15B). The number of Fe2O3 absorptions that are observed using 
an infrared microscope will depend on the specific range of the detector, but none 
will be observed using the most sensitive detector. 

ATR is a reflectance method that is utilized in either a single-pass accessory or 
as an objective of an infrared microscope. Paint samples are simply pressed against 
an ATR element, which is a refractive infrared-transparent material such as zinc 
selenide or diamond. ATR has a very shallow penetration depth that is proportional 
to wavelength, so ATR spectra have stronger relative intensities for the lower- 
frequency absorptions than those of transmission spectra. ATR spectra of paints 
containing inorganic constituents may also exhibit considerable distortions of the 
absorptions of these constituents. This occurs because ATR penetration depths also 
depend on indices of refraction of the sample, and inorganic compounds typically 
exhibit large changes in their indices of refraction across an absorption band. 

Because of the very shallow ATR penetration depths, thin slices of paint do 
not have to be prepared and paint specimens can be analyzed intact, allowing 
spectra of the outer layers of a multilayered paint chip to be readily obtained. An 
ATR objective of an infrared microscope also provides the best means to analyze 
paint smears that are too thin to be physically removed from the substrate. Such 
smears can be analyzed in situ, although the spectra obtained by this method should 
always be compared to those of the substrate since, even with a shallow penetration 
depth, absorptions of the substrate may be observed in the resulting spectra. If this 
occurs, it is possible that only the lower-frequency absorptions of the substrate will 
be observed since these frequencies are more likely to reach the substrate. An ATR 
spectrum of a thin smear of an automotive clearcoat layer onto a light-colored 
paint, for example, may well exhibit a “tail” of a rutile absorption (as seen in 
Figure 5.14h). Although the clearcoat does not contain rutile, the substrate paint 
does, so the differential nature of the analysis process must always be considered 
when interpreting such spectra. This point was emphasized in a case involving 
several smears of automotive paint, which were analyzed using ATR (Giang et al., 
2002). 
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Figure 5.15 Infrared spectra of two iron oxide pigments and two automotive monocoats 
from the Reference Collection of Automotive Paints that contain these pigments. (A) 
Ferric oxide, Fe203. (B) Maroon nonmetallic acrylic melamine enamel with styrene that 
contains ferric oxide. (C) Hydrous ferric oxide, FEO* OH. (D) Yellow nonmetallic acrylic 
lacquer that contains hydrous ferric oxide. [From Suzuki (1996b); copyright © ASTM 
International; reprinted with permission. ] 


More details regarding the ATR analysis process are described by Mirabella 
(1993), while the differences between ATR and transmission paint data are noted 
by Ryland et al. (2001) and discussed in general by Suzuki (2010). Bartick et al. 
(1994) describe some forensic applications using an ATR objective of an infrared 
microscope. Paint analyses using the DAC (Schiering, 1988; Suzuki, 2010) and the 
infrared microscope (Allen, 1992; Ryland, 1995; Bartick, 2010) are also described 
in more detail elsewhere. 
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Binder Analyses One of the most common binders that the forensic paint exam- 
iner is likely to encounter is the acrylic melamine enamel (Figure 5.1) since, as 
noted, it is often used in automotive finish layers (basecoats and clearcoats). The 
absorptions of this binder are thus discussed in some detail to illustrate the types 
of information that forensic paint examiners can deduce from infrared spectra, as 
well as the limitations of this technique. 

The spectrum of a typical acrylic melamine enamel binder is shown in 
Figure 5.16, and the characteristic absorptions that paint analysts use to identify 
components of this binder are indicated. The main absorptions of the acrylic 
component are the ester carbonyl stretching absorption at 1730 cm7! and the 
series of C—O stretching absorptions between 1300 and 900 cm~!. The latter 
are somewhat more characteristic of acrylics than the ester carbonyl absorption, 
since spectra of almost all paint binders contain an ester absorption (produced 
either by the binder or binder-related components). Melamine produces a broad 
absorption near 1550 cm™~! and a sharper, weaker absorption at 815 cm7! due 
to vibrations of the triazine ring (Figure 5.1), and these two absorptions are 
observed in spectra of other binders containing melamine (such as the polyester 
melamine enamel of Figure 5.14]). Styrene, present in most acrylic melamine 
enamels, may produce three sets of absorptions (Figure 5.16): (1) weak or very 
weak ==C—H stretching absorptions above 3000 cm7!; (2) two very weak 
overtone-combination bands between 2000 and 1800 cm~! which appear as 
“blips”; and (3) weak to medium ==C—H out-of-plane bending vibrations at 760 
and 700 cm7! (Figure 5.16). 

Some of the variations that are observed between spectra of acrylic melamine 
enamels arise from differences in the relative amounts of melamine or styrene 
present, as well as differences in the acrylic copolymers that are used. One means 
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Figure 5.16 Infrared spectrum of a typical acrylic melamine enamel binder with styrene. 
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to gauge the relative amount of melamine present is to compare the intensity of 
the carbonyl stretching absorption at 1730 cm~! (which reflects the presence of 
all of the acrylic copolymers that comprise the backbone) to that of the adjacent 
melamine 1550 cm™! absorption. Care must be exercised when judging relative 
infrared intensities, as a nonlinear logarithmic scale is involved in the percent 
transmittance presentation. Variations may be introduced when working with sam- 
ples of differing thicknesses or nonpristine samples of limited sizes. Nonetheless, 
noticeable differences in this ratio may occur, as seen by comparing the spectra 
of the two automotive monocoats depicted in Figures 5.17A, and 5.17B; a more 
dramatic difference is seen by comparing Figure 5.14B and 5.14C. Although the 
binder of Figure 5.14C is referred to as an acrylic epoxy by PPG, the manufacturer 
of this paint, the aliphatic epoxy component does not produce significant infrared 
absorptions for characterization, and in terms of its composition, the spectrum 
is indicative of an acrylic melamine enamel with a relatively small amount of 
melamine (and a small amount of styrene). 

Styrene is found in the vast majority of acrylic melamine enamels used for 
automotive finishes, and its levels may also vary. The 760/700 cm~! styrene pair 
may appear to be quite weak when there is a large amount of rutile present, as seen 
in Figure 5.13C,D. This is a consequence of the logarithmic nature of the percent 
transmittance scale, which produces a compression of absorption intensities when 
baselines are low. The other absorptions of styrene (—C—H stretches above 3000 
cm7! and the two overtone-combination band “blips” between 2000 and 1800 
cm7!), however, are easily seen in Figure 5.13C,D. The three sets of styrene 
absorptions can be seen in spectra of the acrylic melamine enamels depicted in 
Figures 5.14B, 5.15B, 5.17B and 5.18C. They may not all be observed, however, 
when small amounts of styrene are present (Figures 5.14C, 5.17A, and 5.18B) or 
when large amounts of rutile or other pigments are present (Figure 5.19A, 5.19F). 
Styrene is used in other binders, and this same set of absorptions may be observed 
in their spectra; styrene —=C—H stretches and the two “blips” are seen, for example, 
in the spectrum of the acrylic urethane automotive refinish of Figure 5.14H. 

Several different acrylic copolymers are used to create the backbone of an acrylic 
melamine enamel (Figure 5.1), and in some cases this produces differences in their 
infrared spectra (Rodgers et al., 1976a). The differences occur mainly in the C—O 
stretching region between 1300 and 900 cm7! (Figure 5.16), as can be seen by com- 
paring these absorptions in Figure 5.17A and 5.17B and Figure 5.18B and 5.18C. 
These differences are empirical, that is, they do not permit one to identify which set 
of copolymers is present. However, acrylonitrile, which contains the —C=N group 
(see Figure 5.1), produces a sharp nitrile stretching peak at 2240 cm~!, which does 
allow one to identify the presence of this copolymer (Suzuki, 1996a). Although 
weak, this absorption is readily identified (see Figure 5.14B) because it occurs in 
a region usually devoid of other significant features. 

Another common acrylic binder that was used for many General Motors 
vehicles from the 1960s to the early 1990s is acrylic lacquer (Ryland, 1995). 
Although it, too, contains a mixture of acrylic copolymers, the main copolymer 
is poly(methyl methacrylate) (Plexiglas) and the infrared spectrum of this binder 
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Figure 5.17 (A) Infrared spectrum of a yellow nonmetallic acrylic melamine enamel 
automotive monocoat with styrene, DC76H0043, which contains a large amount of rutile 
and a small amount of Chrome Yellow (the Chrome Yellow absorption is marked with its 
frequency). (B) Infrared spectrum of a yellow nonmetallic acrylic melamine enamel auto- 
motive monocoat with styrene, NN78H0476, which contains a large amount of Chrome 
Yellow. (C) Raman spectrum of NN78H0476. (D) Raman spectrum of Chrome Yellow. 
(E) Raman spectrum of DC76H0043. (F) Infrared spectrum of Chrome Yellow. G. Raman 
spectrum of rutile. [From Suzuki and Carrabba (2001); copyright © ASTM International; 
reprinted with permission. ] 
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Figure 5.18 (A) Infrared spectrum of Prussian Blue. (B) Infrared spectrum of a dark 
blue nonmetallic acrylic melamine enamel automotive monocoat with styrene, NC84 0830, 
which contains a large amount of Prussian Blue. (C) Infrared spectrum of a dark blue 
nonmetallic acrylic melamine enamel automotive monocoat, KN82L0830, which contains 
a small amount of Prussian Blue; this paint has the same color as NC84 0830. (D) Raman 
spectrum of KN82L0830. (E) Raman spectrum of NC84 0830. (F) Raman spectrum of 
Prussian Blue. [From Suzuki and Carrabba (2001); copyright © ASTM International; 
reprinted with permission. ] 
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Figure 5.19 Infrared spectra of paints and pigments. (A) Red nonmetallic acrylic 
melamine enamel monocoat with styrene that contains Molybdate Orange and 
Quinacridone Red Y. (B) Automotive undercoat with an ester epoxy binder that contains 
rutile and kaolin. (C) Kaolin. (D) Nonmetallic black automotive monocoat with styrene 
that contains talc. (E) Talc. (F) Red nonmetallic acrylic melamine enamel monocoat 
with styrene that contains rutile, ferric oxide, Quinacridone Red Y, and Benzimidazolone 
Orange. (G) Calcium carbonate (Calcite). (H) Flat interior latex house paint that contains 
calcite, a silicate, and titanium dioxide or some other oxide. (I) Poly(vinyl acetate). (J) 
Satin interior latex paint that contains rutile and a small amount of kaolin. (K) Molybdate 
Orange. 
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(Figure 5.14A) bears a gross similarity to that of this plastic. Binders referred to 
simply as “acrylics” are also used in automotive and other paints and have spectra 
similar to that of Figure 5.14C (the “acrylic epoxy’), except that melamine may 
not be present, or there may be more styrene (Rodgers et al., 1976a). 

The spectra of some other paint binders are depicted in Figure 5.14D to J 
and Figure 5.191 to illustrate the diversity of their absorption patterns. These are 
spectra of the binders themselves or of paints that contain little or no observable 
pigment absorptions (except for the paints of Figure 5.14H to J, which contain large 
amounts of rutile). Figure 5.14D,I,J are spectra of an alkyd (orthophthalic alkyd) 
binder, an automotive undercoat with a polyester (isophthalic alkyd) melamine 
binder and rutile, and a beige paint from a three-ring binder hole punch consisting 
of a polyester (terephthalic alkyd) binder and rutile. The compositions of the three 
binders differ primarily in the substitution pattern of two ester groups on an aromatic 
ring, which are ortho, meta, and para, respectively, and they produce distinct 
absorption patterns. All three binders are polyesters, but for historical and chemical 
reasons, different nomenclatures have been used to describe them, and the term 
polyester has been used for two distinct compositions. 

The nominal polymers of three other paint binders—nitrocellulose, epoxy, and 
urethane—do not by themselves contain an ester carbonyl group, but when used 
in paints, they almost always have a modifier (copolymer, block copolymer, cross- 
linking chain, side chain, or plasticizer) that does. The spectrum of nitrocellulose is 
depicted in Figure 5.14E. As noted, a film of this polymer by itself is quite brittle 
and it is always used with a block copolymer such as an alkyd or a plasticizer; the 
absorptions of nitrocellulose, however, are often the strongest in spectra of such 
binders. The epoxy binders used in paints are aromatic epoxies based on bisphenol 
A and are actually polyethers; they always contain a modifier such as an acrylic, 
alkyd, or polyester, so an ester carbonyl absorption is observed in their spectra 
(Figure 5.14F). 

Urethanes are carbamates with the R;O—(C=O)—NHR), functional group, 
which has a C=O stretching absorption that occurs below 1700 cm~!. This char- 
acteristic absorption of urethanes is usually manifested as either a doublet with 
the ester carbonyl absorption (Figure 5.14G) or as a shoulder to the ester peak 
(Figure 5.14H), and is accompanied by the urethane C—N stretch absorption at 
1520 to 1530 cm™!. The spectra of a few urethanes may also have a weak to 
medium absorption in the region 2270 to 2260 cm! (Figure 5.14H) produced 
by an isocyanate (R—N==C=O) functional group (Suzuki, 1976a). An isocyanate 
compound is used as the starting material for most urethanes, and its presence 
in the paint represents unreacted precursor. Like the nitrile group of acrylonitrile 
(Figure 5.14B), this absorption is usually readily identified because so few com- 
pounds absorb in this region. (The very weak triplet of absorptions near 2200 cm~! 
in Figure 5.14C,G,I, are artifacts; the paints were sandwiched between both DAC 
anvils, and this may result in what appear to be weak absorptions caused by differ- 
ences in reflection from the diamond faces.) The acrylic urethane of Figure 5.14G 
also appears to contain a small amount of melamine, evidenced by the shoulder 
band near 1550 cm! and the very weak sharp peak at 815 cm7!. Figure 5.191 
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is the spectrum of poly(vinyl acetate) (PVA); a PVA~acrylic binder is the most 
common used in latex house paints, and the spectrum of this binder is primarily 
that of PVA since the acrylic component is minor and its absorptions generally 
overlap those of PVA. 

The identification of paint binders based on their infrared absorptions is treated 
in more detail by Ryland (1995), who also presents an automotive paint binder 
classification flowchart for their identification based on certain key absorptions. 
Flowcharts are intended primarily for use with paints lacking significant pigment 
absorptions or for use by analysts who already possess some pattern recognition 
skills for absorptions of common binders and pigments. Some caution should thus 
be exercised in their use and it should be remembered that as new products evolve, 
their spectral characteristics may not be reflected in existing flowcharts. Nonethe- 
less, they may be a useful aid when used with the proper precautions, and an 
updated chart used for the identification of automotive paint binders is presented 
in Figure 5.20. 

Several new binders were introduced for automotive paints during the period 
from roughly the mid-1980s to the mid-1990s. A collaborative study using infrared 
spectroscopy was therefore conducted to determine the discriminating characteris- 
tics of this technique for black nonmetallic basecoat/clearcoat finishes used in the 
1990s (Ryland et al., 2001). Such finishes lack most of the microscopic discrim- 
inating features described previously, and carbon black, which does not produce 
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Figure 5.20 Automotive paint binder classification flowchart based on infrared absorp- 
tions. Updated from an earlier version published in Ryland (1995). 
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discrete infrared absorptions, is typically the only pigment used. Binder composi- 
tion thus assumes a much greater role as a means to distinguish such finishes, and 
this collaborative study confirmed the suitability of using infrared spectroscopy for 
this purpose and demonstrated the reproducibility of infrared spectra acquired by 
numerous laboratories using different instrumentation. 


Inorganic Pigment Analyses Because colored inorganic pigments are gener- 
ally weak absorbers of visible light and strong absorbers of infrared radiation, high 
concentrations are used in some paints, and their absorptions may be prominent in 
the spectra of these paints. In addition to ferric oxide (Figure 5.15A,B), there are 
two other common iron-containing inorganic pigments, hydrous ferric oxide and 
Prussian Blue. The spectrum of hydrous ferric oxide (FeO + OH), a yellow pigment, 
is shown in Figure 5.15C. Absorptions of this pigment may be seen in the spectrum 
(Figure 5.15D) of a yellow nonmetallic automotive paint with an acrylic lacquer 
binder (compare to Figure 5.14A). 

Prussian Blue, which has a dark blue hue (Navy Blue), is comprised of iron 
and other salts of the [Fe(CN)¢]*~ anion; its spectrum is depicted in Figure 5.18A 
(Suzuki, 1996a). The strongest absorption of this pigment is the cyano (C=N_) 
stretching peak at 2090 cm™!, which like the acrylonitrile (Figure 5.14B) and iso- 
cyanate (Figure 5.14H) peaks, occurs in a region where it can readily be observed. 
It is easily seen in the spectra of two blue nonmetallic automotive monocoats 
(Figure 5.18B,C) that contain this pigment; both paints have acrylic melamine 
enamel binders with styrene. 

The lead chromates are another important family of colored inorganic pigments, 
comprised of Chrome Yellow, Molybdate Orange, and_ silica-encapsulated 
versions of the two (Suzuki, 1996b). The spectrum of Chrome Yellow, a bright 
yellow-orange inorganic pigment that consists of lead chromate with a lesser 
amount of lead sulfate (PbCrO4-xPbSO.), is shown in Figure 5.17F. The 
absorptions of this pigment can be seen in the spectrum (Figure 5.17B) of a bright 
yellow-orange nonmetallic automotive monocoat, which has an acrylic melamine 
enamel binder with styrene. Molybdate Orange is comprised of lead chromate, 
lead molybdate, and lead sulfate (PbCrO4-x PbMoO4-yPbSO4) and its spectrum 
consists of one main absorption near 860 cm7! (Figure 5.19K), in the same 
region as the Chrome Yellow absorption (Figure 5.17F). When present in high 
concentrations, the minor differences in the absorptions of Chrome Yellow and 
Molybdate Orange may be observed in some paint spectra, although this is usually 
not the case when low concentrations are used. Figure 5.19A is the spectrum 
of a red nonmetallic automotive topcoat with an acrylic melamine enamel 
binder and styrene that contains Molybdate Orange together with an organic 
pigment. 

Three of the most common inorganic extender pigments used in paints are 
kaolin (Figure 5.19C), talc (Figure 5.19E), and calcium carbonate (Figure 5.19G). 
Kaolin and talc are silicates that contain hydroxyl groups involving little or no 
hydrogen bonding, hence the frequencies of the O—H stretches are relatively high 
(above 3650 cm7!) and the bands are quite sharp. Although weak, these peaks are 
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thus conspicuous and are often easy to detect in paint spectra. The spectrum of 
an automotive undercoat with an epoxy binder is depicted in Figure 5.19B, and 
absorptions of both rutile (Figure 5.13B) and kaolin can be seen. The spectrum of 
the satin latex paint depicted in Figure 5.19J also contains weak kaolin absorptions, 
along with strong absorptions of rutile. All of the absorptions of talc (Figure 5.19E) 
are observed in the spectrum of the black nonmetallic acrylic melamine enamel 
automotive monocoat with styrene shown in Figure 5.19D. This paint is quite 
unusual in that it has a flat finish, whereas almost all automotive finishes have a 
high gloss. The presence of such a large amount of talc is, in fact, the reason for 
this lack of luster, as this extender pigment is serving as a flatting agent. 

Calcium carbonate has two common polymorphic forms, calcite and aragonite, 
both of which may be used in paints. The spectra of the two can be distinguished 
(Infrared Spectroscopy Committee of the Chicago Society for Coatings Technol- 
ogy, 1980), and the spectrum of calcite, the more common of the two, is shown in 
Figure 5.19G. This spectrum lacks the sharp O—H “handles” seen in the spectra 
of kaolin or talc, but it does have two very weak peaks at 2515 and 1797 cm™!. 
When calcite is used in high concentrations in paint, the two are often conspic- 
uous in spectra because the former is too low in frequency for a C—H stretch 
and the latter is quite high for a carbonyl stretching absorption. The two can be 
seen in the spectrum of a flat interior latex house paint (Figure 5.19H), which 
contains a very large amount of calcite, a silicate (probably silica), and titanium 
dioxide or some other oxide. As noted, paints having low lusters typically contain 
large amounts of inorganic pigments, and their broad and strong absorptions often 
obscure binder features in paint spectra. Only two of the PVA absorptions below 
2000 cm~! (Figure 5.191) are observed in Figure 5.19H. In contrast, most of the 
PVA absorptions are observed in the spectrum of an interior latex house paint that 
has a satin finish (Figure 5.19J). Although characterization of the binder is ham- 
pered for such low-luster paints, the prominent absorptions of the extender pigments 
are an important means to differentiate such paints, since the concentrations and 
combinations of these pigments vary considerably. 


Organic Pigment Analyses Organic pigments can be identified by their 
absorptions in certain paint infrared spectra, although these features are typically 
weaker than those of inorganic pigments. Organic pigment peaks are narrower 
than most binder or inorganic pigment absorptions, and they occur over a wider 
spectral range than inorganic pigments. They are mostly observed in spectra of 
some paints that have bright vivid colors (characteristic of many automotive 
finishes), however, and are rarely seen in spectra of paints with pastel or pale 
shades and blue hues (Suzuki, 2010). 

Figure 5.19A,F show spectra of two bright red automotive monocoats that 
contain absorptions of both organic and inorganic pigments (Suzuki and Marshall, 
1998); both paints have acrylic melamine enamel binders with styrene, and the 
organic pigment absorptions are the sharp features not observed in the spectrum of 
this binder (Figure 5.16). Analysts who are not familiar with binder absorptions, 
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however, would probably find it very difficult to distinguish binder features 
from those of either inorganic pigments or organic pigments. The spectrum of 
Figure 5.19F, in fact, contains significant absorptions of two inorganic pigments 
and two organic pigments. Familiarity with binder absorption patterns is thus the 
most important skill for paint analysts to acquire, followed by familiarity with 
common inorganic pigment absorptions. Organic pigments, in contrast, are best 
identified by comparisons to literature reference spectra rather than by trying to 
memorize their absorptions. 

Some of the organic pigments or classes of organic pigments that have been iden- 
tified in automotive finishes using infrared spectroscopy include benzimidazolones 
(Suzuki and Marshall, 1997), quinacridones (Suzuki and Marshall, 1998), DPP 
Red BO and Thioindigo Bordeaux (Suzuki, 1999a), Isoindolinone 3R, Isoindoline 
Yellow, and Anthrapyrimidine Yellow (Suzuki, 1999b), and perylenes (Masson- 
net and Stoecklein, 1999a). Other spectra of organic pigments may be found in 
the various editions of An Infrared Spectroscopy Atlas for the Coatings Industry 
(Infrared Spectroscopy Committee of the Chicago Society for Coatings Technol- 
ogy, 1980; Infrared Spectroscopy Atlas Working Committee, 1991). These volumes 
are also the most comprehensive compilations of spectra of other paint ingredients, 
including binders, inorganic pigments, and additives. 

Color is the most distinguishing feature of certain types of paints, particularly 
automotive finishes (Ryland and Kopec, 1979). It is thus desirable that the analyt- 
ical methods that are used in addition to microscopy and microspectrophotometry 
provide as much discrimination as possible between paints having very similar col- 
ors. For paints of the same color where different binders are used, there will clearly 
be differences in their infrared spectra. Similar pigment formulations are often used 
to produce the same color; however, this is not always the case, even when simi- 
lar binders are used. Different pigments or pigment combinations may be used to 
produce the same color, as illustrated by the spectra of Figures 5.13C,D,B,C, and 
Figures 5.19A,F. These are spectra of pairs of original automotive monocoats from 
two different suppliers used for a specific color on a particular vehicle model. As 
discussed previously, the monocoats of Figure 5.18B,C both contain Prussian Blue, 
but with significantly different concentrations. Figure 5.19A, 5.19F show spectra 
of two automotive monocoats with bright orange-red nonmetallic hues (referred 
to in the industry as “Fire Engine Red”). The first paint (Figure 5.19A) contains 
Molybdate Orange and Quinacridone Red Y; the second (Figure 5.19F) contains 
rutile, ferric oxide, Quinacridone Red Y, and Benzimidazolone Orange. The main 
difference between the spectra of Figure 5.13C and 5.13D is a peak of hydrous 
ferric oxide (Figure 5.15C) in the latter spectrum (the other peaks of this pigment 
are mostly obscured). 

Rodgers et al. performed most of the early work on the forensic identification 
of automotive paint constituents using infrared spectroscopy, and their series of 
papers serves as an excellent introduction to this subject (Rodgers et al., 1976a—c). 
A statistical method has been applied to evaluate the significance of minor 
differences in the infrared spectra of some automotive topcoats to determine their 
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value as evidence (Zieba and Pomianowski, 1981). The infrared spectra of various 
automotive refinish paints were examined and considerable variations in their 
compositions were noted, as well as differences in the types of refinish binders 
compared to those of original finishes (Percy and Audette, 1980). A collaborative 
study involving the infrared analysis of automotive undercoats has demonstrated 
that even when two or more pigments are present, it is usually possible to 
identify the pigments and the major binder components based on their absorptions 
(Norman et al., 1983). Buzzini et al. (2005) used infrared spectroscopy to analyze 
paint on 207 crowbars that had been seized as evidence. The purpose of this study 
was to determine the types and frequencies of such paints. Simulations involving 
crowbars and painted wood surfaces were also conducted, and it was found that 
paint transfers, including surface to tool and tool to surface, were common. 

The infrared analysis of paint evidence has been described in review treatments 
by Ryland (1995) and Beveridge et al. (2001). The analysis of paint using FT-IR 
spectroscopy has also been reviewed from the perspective of the coatings chemist 
(Hartshorn, 1992). General guidelines for forensic paint analyses are outlined in 
the Standard Guide for Using Infrared Spectroscopy in Forensic Paint Examinations 
(Scientific Working Group for Materials Analysis, 2009). 


Vehicle Identification The identification of an unknown paint recovered 
from the scene of a hit-and-run incident requires a suitable reference collection 
or database. Until 1990, paint examiners in the United States relied on the 
Reference Collection of Automotive Paints (Collaborative Testing Services, 1989), 
a comprehensive collection of original finishes used on American automobiles 
manufactured between 1974 and 1989. Many of the automotive paints discussed 
in this chapter are from this collection, and they are referred to by their 
Reference Collection of Automotive Paints identification codes. The codes provide 
information about the paint manufacturer, binder composition, and the year that 
formulation was first used. The Reference Collection of Automotive Paint Technical 
Data booklet (Collaborative Testing Services, 1989) provides a list of the vehicle 
models for which each such paint may have been used. 

As an example, the two dark blue nonmetallic monocoats with spectra shown in 
Figure 5.18B (NC84 0830) and 5.18C (KN82L0830) have the same color, which is 
indicated by the “0830” numerals. Older paints have a letter color code and the “L” 
of KN82L0830 signifies that this paint was classified as blue. The “N” of NC84 
0830 indicates that the paint was manufactured by BASF Inmont, while the “C” 
denotes an acrylic enamel binder; this paint was first manufactured in 1984 based 
on the “84.” KN82L0830 was manufactured by Glasurit America, has a nonaqueous 
dispersion enamel binder, and was first produced in 1982. This paint was used on 
some 1982 Jeeps and on American Concords, Eagles, and Spirits. NC84 0830 was 
used on some 1984 Jeep Cherokees and on American Alliances, Eagle 30s, Eagle 
SX4s, and Encores. 

Although a useful aid for identifying domestic vehicles, the Reference Collection 
of Automotive Paints had two major limitations. It did not include the complete 
finish system, including primers and other undercoats, nor did it include paint 
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from imported vehicles. In addition, after 1989 the only comprehensive original 
automotive paint finish coat collection in the United States was maintained by the 
FBI Laboratory. In 1994, a committee of international forensic paint examiners, 
then known as TWGPAINT (now part of SWGMAT, the Scientific Working Group 
for Materials Analysis), addressed this issue. TWGPAINT obtained funding to 
expand an existing database maintained by the Royal Canadian Mounted Police 
(RCMP) Laboratories, known as the Paint Data Query (PDQ) system. 

The goal of the PDQ system is to compile data for the complete original finish 
systems of all vehicles in North America, domestic and import, with infrared 
data collected for each individual layer of the finish system. The system includes 
both text and spectral search capabilities, and users input data about binders and 
pigments, as well as color information, from an unknown original automotive 
finish. When all of these factors are included in the search, it has generally been 
found that the list of possible vehicles is quite short. Often, the list consists only 
of vehicles manufactured during a short time period at one specific assembly 
plant. More information regarding the PDQ system is discussed elsewhere (Buckle 
et al., 1997; Beveridge et al., 2001; Ryland et al., 2006). 


5.5.6 Raman Spectroscopy 


Like infrared spectroscopy, Raman spectroscopy involves vibrational transitions 
of the molecules of a sample. Raman spectra are generated by an entirely differ- 
ent mechanism, however, involving inelastic scattering of a monochromatic laser 
source. The laser may have any frequency in the near-ultraviolet, visible, or near- 
infrared region, and the interaction of this radiation with the molecules of the sample 
can be viewed as an oscillating electric field driving a dipole (the molecules). This 
generally results in elastic scattering (Rayleigh scattering), where the scattered 
radiation has the same frequency. Inelastic scattering (Raman scattering) occurs 
when some of the energy is transferred to vibrational modes of the molecules of 
the sample. As a result, the scattered radiation has less energy, and this difference 
is equal to the energy of the vibrational transition that occurs. A Raman spectrum 
is a plot of the intensity of the scattered radiation versus its frequency, with the 
abscissa depicting the Raman shift, the difference in frequency (in wavenumbers) 
between the laser line and the scattered radiation. 

The Raman effect is quite weak, and the vast majority of the scattered light 
(by a factor or 10° or so) occurs as Rayleigh scattering. Florescence is a much 
more efficient process than Raman scattering, and if it occurs (caused either by the 
analyte itself or by impurities), it may overwhelm the much weaker Raman peaks. In 
addition to fluorescence, the other main difficulty that may occur when attempting 
to obtain a Raman spectrum of paint arises from the absorption of the laser light 
by the sample. This can cause localized heating and possibly destruction of the 
sample, so that low laser power levels and defocused beams are normally used. 

Dispersive charge-coupled device (CCD) array and Fourier transform (FT) 
Raman spectrometers are the two main types of Raman instruments commer- 
cially available. The former uses gratings to separate different wavelengths 
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of Raman-scattered light, which is then dispersed onto a CCD detector array. 
Dispersive CCD spectrometers use near-ultraviolet or visible lasers. FT—Raman 
spectrometers employ an FT-IR interferometer in lieu of a dispersing device, 
a near-infrared laser, and a separate near-infrared detector. Because Raman 
scattering is proportional to the fourth power of the frequency of the scattered 
radiation, Raman spectral peaks are stronger when they occur in the visible region 
compared to the near-infrared region. CCD detector arrays are also more sensitive 
than near-infrared detectors, so dispersive CCD instruments are inherently more 
sensitive devices than are FT—Raman spectrometers. Since fluorescence is the 
main problem encountered with Raman spectroscopy, however, FT—Raman 
systems may be more applicable for some samples. Both types of instruments 
may be fitted with a microscope attachment that allows selection of the area 
to be examined while viewing the sample optically, analogous to an infrared 
microscope. 

Essentially no sample preparation is required with Raman spectroscopy when 
examining many paints, other than ensuring that the surface is clean. The specimen 
is simply positioned at the focal point of the instrument collection optics. Using 
a Raman microscope, sequential analyses of individual layers of cross-sectioned 
multilayered paint can be conducted. Unlike infrared microscopy, thin sections do 
not have to be prepared, and spectral contributions from adjacent layers are much 
less of a concern. For the most part, the technique is nondestructive, although it is 
possible to create small craters in the paint when laser power levels are too high. 
Because clearcoat layers are mostly transparent to the incident laser, Raman spectra 
of basecoats can often be obtained without removing the clearcoat. 

A Raman spectrum is generally quite distinct from an infrared spectrum of the 
same compound. For a few very symmetric compounds, in fact, the transitions that 
are observed in a Raman spectrum cannot be observed using infrared spectroscopy, 
and vice versa. Although this is usually not the case, the two techniques are still 
very complementary, particularly when they are applied to a complex matrix such 
as a paint that contains inorganic and organic components spanning a wide range of 
concentrations. Symmetric vibrational modes may produce no infrared absorptions 
or only weak ones, whereas they often give strong Raman scattering peaks. As 
noted for pigments, inorganic compounds may produce broad infrared absorptions, 
but their Raman scattering peaks are usually narrow. Many inorganic pigments 
are much stronger Raman scatterers than binders. In certain instances, pigments 
(usually organic) that can absorb the laser light produce significantly enhanced 
Raman scattering, known as the resonance Raman effect (Johnson and Peticolas, 
1976), and even when present in very low concentrations, Raman peaks of such 
pigments may be observed. Raman spectra of paints are thus typically much simpler 
than corresponding infrared spectra, as they are usually dominated by pigment 
features. 

Some of the differences that are observed between infrared and Raman 
spectra of paints can be seen by comparing Figures 5.17A, and 5.17E, 5.17B 
and 5.17C, 5.18B and 5.18E, and 5.18C and 5.18D. These are infrared and 
Raman spectra, respectively, of four automotive monocoats, and the Raman 
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spectra were acquired using a dispersive CCD system (Suzuki and Carrabba, 
2001). As discussed previously, Figure 5.17B is the infrared spectrum of a yellow 
acrylic melamine enamel with styrene that contains Chrome Yellow. The Raman 
spectrum of this paint (Figure 5.17C), however, is predominantly that of Chrome 
Yellow (Figure 5.17D), and binder peaks are almost totally absent. Figure 5.17A 
is the infrared spectrum of another yellow acrylic melamine enamel with styrene 
that contains a large amount of rutile. A small amount of Chrome Yellow is 
also present, but the weak infrared absorption at 868 cm7! cannot be definitely 
attributed to this pigment since it may also be due to either Molybdate Orange 
(Figure 5.19K) or a binder feature (Figure 5.18B). The Raman spectrum of this 
paint, however, indicates clearly that Chrome Yellow is present along with rutile 
(Figure 5.17G), as the Raman spectrum of Molybdate Orange has a doublet with 
equal intensities near 362 cm~! (Suzuki and Carrabba, 2001) rather than a singlet. 
The sloping baseline of Figure 5.17E is caused by fluorescence. 

Copper Phthalocyanine Blue is by far the most common blue pigment used in 
automotive paint as well as many other paints. Copper Phthalocyanine Blue has a 
very high tinctorial strength (unlike Prussian Blue), so the concentrations of this 
pigment used in paint are quite low. Consequently, infrared absorptions of Copper 
Phthalocyanine Blue are rarely observed in paint spectra. As discussed previously, 
Figure 5.18B,C show infrared spectra of two dark blue nonmetallic automotive 
monocoats with the same color, but they have noticeably different intensities for the 
Prussian Blue cyano absorption. The difference in concentration of Prussian Blue 
is actually greater than might be inferred from the two spectra, as a logarithmic 
scale is involved and weak peaks appear stronger than in a linear scale. How can 
two paints have the same color if there is much more pigment present in one of 
them? A good guess would be that there is another blue pigment in the paint of 
Figure 5.18C. In fact, the pigment is Copper Phthalocyanine Blue, but the only 
manifestation of its presence in the infrared spectrum of Figure 5.18C is a weak 
sharp absorption at 730 cm7! (sandwiched between the two styrene absorptions at 
760 and 700 cm~'). The Raman spectrum of this paint (Figure 5.18D), however, 
is predominantly that of Copper Phthalocyanine Blue, which produces resonance- 
enhanced peaks (Palys et al., 1995). Prussian Blue, in contrast, is not a particularly 
strong Raman scatterer. Its peaks (Figure 5.18F) are seen in the Raman spectrum 
of the paint with the larger quantity of Prussian Blue (Figure 5.18E), but are barely 
perceptible in the Raman spectrum with the lesser amount (Figure 5.18D). 

Massonnet and Stoecklein (1999b) collected FT—Raman spectra of some yellow, 
orange, and red organic pigments used in automotive finishes along with spectra of 
some red paints that contain some of these pigments. De Gelder et al. (2005) also 
examined automotive paints using FT—Raman spectroscopy and concluded that 
the Raman peaks of organic pigments in basecoats provide the best discrimination. 
Raman peaks of rutile, calcite, and barium sulfate in spectra of undercoats were also 
found useful for characterization. Unlike infrared spectroscopy, however, Raman 
spectroscopy is not useful for detecting a wide variety of inorganic pigments. In 
their study of pigments in automotive paint, Suzuki and Carrabba (2001) found that 
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silicates (talc, kaolin, quartz, and others) do not produce significant Raman peaks, 
even when present in high concentrations. 

In three studies, Bell et al. examined the discriminating capabilities of Raman 
spectroscopy for house paints using a dispersive CCD spectrometer. In the first 
study (Bell et al., 2005a), the spectra of 51 lilac-colored house paints were col- 
lected and compared. The three components producing the strongest Raman peaks 
of these paints were rutile, Copper Phthalocyanine Blue, and a bluish-violet diox- 
azine pigment, Pigment Violet 23. In their two other studies, a combination of 
infrared and Raman spectroscopy was used to study the discrimination between 
binders used in house paints (Bell et al., 2005b) and between white house paints 
(Bell et al., 2005c). These studies reiterated the complementary nature of the two 
techniques. 

Kendix et al. (2004) examined some historical (nineteenth century) house paints 
using a Raman microscope. Some of the inorganic pigments that they identified 
include calcium carbonate, barium sulfate, lead carbonate, rutile, and anatase. The 
rutile-to-anatase ratio varied considerably in these older paints, and differences in 
this ratio were readily detected because the two pigments produce discrete narrow 
Raman peaks; in contrast, such differences are difficult to observe using infrared 
spectroscopy—compare Figure 5.13A and 5.13B. Buzzini and Massonnet (2004) 
analyzed 40 green spray paints using a combination of infrared and dispersive 
CCD Raman spectroscopy and found that this combination allowed discrimination 
of most of the 40, although when used alone, infrared spectroscopy provided a 
higher discrimination power than did Raman spectroscopy. Resonance Raman peaks 
of two green phthalocyanine pigments, Pigment Green 7 and Pigment Green 36, 
were identified in some spectra. Buzzini et al. (2006) discussed six case examples 
involving automotive, household, and spray paints in which the combination of 
infrared and dispersive CCD Raman spectroscopy also proved useful. 





5.5.7 Pyrolysis Gas Chromatography and Pyrolysis Gas 
Chromatography- Mass Spectrometry 


Pyrolysis gas chromatography (PyGC) and pyrolysis gas chromatography in con- 
junction with mass spectrometry (PyGC-—MS) are additional techniques used to 
examine and compare the organic portion of a cured coating: the binder and 
additives. In analytical pyrolysis, the sample is subjected to a sufficiently high 
temperature under controlled conditions in an oxygen-free environment so that its 
constituent molecules break down into smaller fragments. Those molecular frag- 
ments (pyrolyzates) are then swept into an analytical instrument, most commonly a 
gas chromatograph, where they are separated chromatographically and detected by 
either a flame ionization detector (FID) or a mass selective detector (MSD) upon 
eluting from the chromatography column. The FID offers a relatively inexpen- 
Sive, sensitive, and broadly applicable means for the detection of analytes eluting 
from the column. The data obtained from such a detector can provide a pattern of 
pyrolyzates that can be used either to identify the class of polymer that is present 
or to perform a detailed comparison of resin compositions. If a MSD is used in 
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Figure 5.21 Typical pyrolysis gas chromatograph—mass spectrometer (PyGC—MS) 
equipped with an inductively heated pyrolysis probe, pyrolysis interface, and single cap- 
illary column having a mass selective detector (MSD). 


place of a FID, much more information can be obtained from the sample. In addi- 
tion to the pattern information obtained with the FID, the data acquired from a 
MSD can be used for the potential identification of select compounds of interest. 
This often aids in identifying the class of polymer that is present. Of course, this 
additional information comes at a price, as the MSD is considerably more expen- 
sive than the FID. A typical PYGC-—MS system is shown in Figure 5.21, and an 
inductively heated pyrolysis probe that inserts into the pyrolysis interface on the 
gas chromatograph in Figure 5.22. 

Why pyrolyze the sample in the first place? Paint binders consist of high- 
molecular-weight polymers that are simply too large to volatize and introduce 
into a gas chromatograph. Even if the resin is soluble in a volatile organic sol- 
vent such as acetone or chloroform, the polymer chains are still of extremely high 
molecular weight and cannot be volatized when injected into the standard injection 
port of a gas chromatograph. By thermally fragmenting the polymers, pyrolyzates 
are produced that are amenable to volatization and chromatographic separation 
in a vaporous state. The technique requires little sample (on the order of 10 to 
20 jg) and can be performed on most solid polymeric specimens. One may ask 
why gel permeation chromatography or high-pressure liquid chromatography could 
not be used, to avoid fragmentation of the polymers. These techniques may be suit- 
able in polymer laboratories but are less so when dealing with real-world forensic 
samples. First, they require the sample to be in solution, a feat unachievable for 
a majority of cured, cross-linked paint resins. Second, these techniques typically 
require a substantial quantity of polymer, which is not available from each layer 
of most multilayered forensic paint specimens. Finally, these techniques do not 
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Figure 5.22 Chemical Data Systems inductively heated pyrolysis probe which inserts 
into the pyrolysis interface mounted on the gas chromatograph injection port. 


provide chromatographic characteristics that are specific to the component poly- 
meric species and hence do not maximize discrimination. 

Perhaps the more pressing question is why use PyGC or PyGC-—MS at all? 
As we have seen earlier, infrared spectroscopy is a versatile nondestructive tech- 
nique available to most laboratories which provides spectral data that permit both 
discrimination and classification of most binders. Furthermore, often it simulta- 
neously provides spectral data characterizing the major inorganic constituents in 
a paint. Demonstrating its discriminating capabilities, Contos and Ryland (2001) 
reported 97.5% of the 80 possible pairs of similarly colored Reference Collection 
of Automotive Paints (Collaborative Testing Services, 1989) finish coats having 
no decorative flake were discriminated by infrared spectroscopy. Edmondstone et 
al. (2004) reported on a discrimination study of 260 randomly acquired automo- 
tive paints, yielding 32,670 possible pairs for comparison. Samples were initially 
discriminated by microscopical comparison of their finish coat colors, which dif- 
ferentiated all but 28 of the 32,670 possible pairs. Following attenuated total 
reflectance (ATR) FT-IR microspectroscopic analyses of these 28 indistinguishable 
pairs’ clearcoats, only two pair could not be distinguished. Subsequent transmission 
FT-IR microspectroscopy of the two pairs’ primers served to discriminate another 
one of the pairs. Obviously, the technique is capable of substantial discrimination. 

Infrared spectroscopy does have limitations in the analysis of coating samples. 
The first is in the discrimination of binders consisting of a mixture of similarly 
structured polymers. This occurs in the acrylics and alkyds used in automotive 
paints, in the acrylics used in architectural latex paints, and in the alkyds used 
in architectural oil-based paints and household spray paints. When performing 
infrared spectroscopy on a paint resin, the spectrum is comprised of the resulting 
absorptions of each component in the polymeric mixture, overlaid upon one 
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another. Detection of characteristics arising from minor components in the mixture 
is difficult to achieve when the spectra of the individual polymers are all similar to 
one another. PyGC, on the other hand, employs a chromatographic separation of 
the pyrolyzates generated from the mixture, permitting detection of characteristics 
produced from even small amounts of organic components. One such example can 
be seen in Figures 5.23 and 5.24. The transmission infrared spectra of two different 
acrylic-melamine enamel automotive finish coats are displayed in Figure 5.23. 
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Figure 5.23 Transmission infrared spectra of two different acrylic-melamine enamel 
automotive finish coats that have the same color. The arrows point out reproducible 
spectral differences. 
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They are quite similar, with small differences noted by the arrows. The pyrograms 
of the same two are displayed in Figure 5.24, presenting no difficulty in 
differentiating the two. Another example is given in Figures 5.25 and 5.26, these 
also being two automotive acrylic—-melamine enamel finish coats produced by the 
same paint manufacturer in the same year in the same color. Again, the pyrograms 
demonstrate little difficulty in differentiating the two. As mentioned previously, the 
same type of situation can occur in the alkyd enamels, where the same diacid and 
polyol are used as precursors, but the drying oils are different. Burke et al. (1985), 
Fukuda (1985), Cassista and Sandercock (1994), and Ryland (1995) all have noted 
the capacity of PyGC to detect binder variations that go unnoticed, or are at least 
questionable, when samples are analyzed by infrared spectroscopy alone. 

The second major limitation of infrared spectroscopy is a consequence of one of 
the aforementioned benefits of the technique. In paints that are heavily loaded with 
extender or coloring pigment, the absorptions resulting from the binder are masked 
by those that are detected simultaneously from the pigment (Figure 5.19H). Thus, 
little is present to discriminate between differing binders when performing compar- 
isons. These include some automotive primers, flat architectural paints, flat house- 
hold spray paints, and some low-gloss maintenance finishes. On the other hand, 
PyGC in effect performs an automatic extraction prior to analysis. Upon pyrolysis 
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Figure 5.24 Pyrograms of the same two finishes whose infrared spectra are depicted in 
Figure 5.23. Arrows indicate obvious reproducible differences between the two. The X 
axis is labeled in minutes and the Y axis is relative intensity. 
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Figure 5.25 Transmission infrared spectra of two different acrylic-melamine enamel 
automotive finishes having the same color. Both were manufactured by PPG for use on 
the same year vehicle line; however, one is a low-solvent-emission formulation while the 
other is not. 
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Figure 5.26 Pyrograms of the same two finishes whose infrared spectra are depicted 
in Figure 5.25. Arrows indicate some of the reproducible differences between the two 
finishes. The X axis is labeled in minutes and the Y axis is relative intensity. 


at an appropriate temperature, the organic portion of the paint is volatilized, frag- 
mented, and passed onto the gas chromatograph while the inorganic portion of the 
paint remains behind, effectively eliminating any inorganic interference. 

It becomes apparent that unlike many other types of trace evidence, paint 
presents some complex analytical chemistry challenges that demand the use of 
several analytical techniques to properly characterize its composition. PyGC offers 
distinct advantages over infrared spectroscopy, but is not without its limitations as 
well. It requires approximately 10 to 20 wg of sample, on the order of 10 times 
more than is required for an infrared microscope. In the case of smeared architec- 
tural exemplars or very tiny multilayered automotive paint fragments, which are 
increasingly becoming the norm, PyGC is simply not an option. Furthermore, it is 
destructive and the organic portion of the sample cannot be reclaimed for further 
analytical examinations. The inorganic portion of the sample can be reclaimed; 
however, it has suffered potential deterioration due to exposure to high tempera- 
tures. It is much more time consuming than infrared spectroscopy, as the typical run 
takes approximately 30 to 45 min plus an additional 15 min or more to clear out the 
column between analyses. It has rather poor long-term reproducibility, making it 
a poor choice for databasing. However, the discrimination benefits are compelling 
given certain types of specimens, particularly when used in a comparative mode. 

A variety of pyrolysis accessories are available on the market, including 
inductively heated filament, Curie point, and furnace. Their design, benefits, and 
shortfalls are discussed by Wampler (2006). In the inductively heated filament 
type, the sample is placed either on a platinum ribbon probe or in a quartz tube 
contained within a platinum filament coil probe and inserted into a heated interface 
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attached to the injection port of the gas chromatograph. Heat is supplied by 
electrical resistance in the platinum element with both the rate of heating and the 
final temperature being controlled by the electrical power supplied by the control 
module. Sophisticated electrical circuitry is used to control the rate of heating 
reproducibly, and the final temperature is calibrated for each pyrolysis probe. Upon 
completion of analysis, the sample is heated to a very high temperature to clean the 
platinum ribbon or the quartz tube. An overwhelming majority of instruments used 
in forensic laboratories in the United States are of the inductively heated filament 
type, such as that depicted in Figure 5.22. In the Curie point type, the sample is 
either wedged into a crimped metal alloy wire or placed inside a neatly folded 
metallic foil pack. The metal carrier along with the sample is then placed into the 
pyrolysis probe, which houses a radio-frequency (RF) coil. When power is supplied 
to the RF coil, the metallic carrier quickly heats to its Curie point temperature, 
that temperature being determined by the metal alloy being used in the carrier. 
A number of alloys are available, providing an array of fixed final temperatures. 
Upon completion of analysis, the Curie point wire is either cleaned of any residual 
inorganic material or the Curie point foil is simple removed and discarded. In the 
furnace type, the sample is placed in a carrier which drops into an inductively 
heated furnace held at an adjustable final pyrolysis temperature. Following analysis, 
the residual sample containing any inorganic residue is removed with the carrier. 
No matter what the design, the basic principles of effective, reproducible pyroly- 
sis are the same. The specimen must be small enough to be pyrolyzed completely, 
yet large enough to provide sufficient pyrolyzates to be detected by the analyt- 
ical instrument following pyrolysis. Precision will suffer if the samples are not 
pyrolyzed completely, since differing quantities of pyrolyzates will be produced 
from run to run. The specimen must be heated to the final pyrolysis temperature 
both quickly and at a reproducible rate. An overwhelming amount of the frag- 
mentation occurs in the first few milliseconds of the run, and the temperatures 
experienced by the samples must be reproducible at this point as well as at the 
final temperature, or the pyrolyzates will differ. The final temperature will deter- 
mine the amount of energy available for cleaving the bonds and obviously must 
be reproducible as well. It is typically minimized so that higher-molecular-weight 
pyrolyzates are produced, being more characteristic of their polymeric source, while 
being kept high enough to assure complete pyrolysis. The latter can be checked 
quickly by initiating another run following the sample run and its “bakeout’” to see 
if any additional material is eluted. If pyrolysis was complete, no material should 
be eluted. Most paint resins are pyrolyzed in the range 650 to 750°C. In addition, 
small thin specimens are more desirable than large thick specimens. The outer 
surface of the specimen is exposed to the pyrolysis heat first and this is where 
the initial pyrolyzates are formed. If the specimen is thick, the inner portion will 
remain cooler and the newly formed species will have a tendency to condense on 
these surfaces and form secondary pyrolysis species, which tend to be much less 
reproducible than the initial pyrolyzate species. It is best that the energy sweep 
rapidly through sample to prevent the formation of temperature gradients. Finally, 
the placement of the samples must be reproducible such that they are exposed to 
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the same thermal environment every time. This is quite critical in the inductively 
heated filament pyrolysis probes. 

These concepts should be kept in mind when preparing paint samples for PyGC 
analysis. Samples should be single-layer peels if possible, not thick, intact layered 
fragments. Replicate analyses are essential if one is to establish precision and then 
use that range of variation to judge if one material produces a pyrolysis pattern 
similar to that of another. Precision will change from one type of resin to another. 
For example, pyrograms of acrylic resins are much more reproducible than those of 
alkyds. Samples should also be of approximately the same mass. This can usually 
be deduced from size as long as the morphology of the specimens is similar. 

The data produced are in the form of the familiar chromatogram, with eluted 
material producing peaks displayed on an x-axis of time. The y-axis is proportional 
to the quantity of material eluted, although this is reflected more accurately in 
individual peak areas. The chromatograms are typically quite complex, as can 
be seen in the Figure 5.27 flame ionization—detected pyrogram of an automotive 
acrylic—melamine binder. The thermal fragmentation of one polymeric species 
will produce numerous characteristic pyrolyzate fragments, not just one peak. The 
concept is akin to electron impact mass spectrometry, where a beam of electrons 
breaks the molecule apart into fragments which are then recorded by the mass 
spectrometer’s analyzer. This fragmentation pattern is quite characteristic of the 
parent molecule and is often thought of as being a definitive identification of the 
material. In PyGC the polymer is fragmented by thermal energy and the resulting 
fragments (pyrolyzates) are quite characteristic of the parent polymer. It is not 
simply gas chromatography with a liquid injection of a solution of intact molecules; 
it is a fragmentation process that imparts uniqueness to the pattern. This pattern 
(the pyrogram) can be used for comparison (i.e., to ascertain if one paint is like the 
other); or it can be used for classification (i.e., to ascertain what kind of material it 
is). To achieve the latter, the analyst must have pyrograms collected from the full 
array of materials of interest since the classification is based on pattern similarity 
to a known material, not primary molecular information. This shortfall of PyGC 
is often overcome by incorporating a mass spectrometer as the detector. Primary 
molecular information can then be acquired for the pyrolyzates, which leads to 
pyrolyzate identification and subsequently, to polymer classification. This is not to 
say that PYGC-—MS is more discriminating than PyGC when comparing two resins, 
merely that it will produce additional information that often permits classification 
(identification) of the polymer. Remember, pyrolysis of one polymeric species does 
not just produce one fragment. It produces many fragments, as demonstrated in the 
pyrogram of pure polystyrene in Figure 5.28. One would be hard pressed to find 
another material that produces the same thermal fragmentation pattern. 

In using PyGC-MS to classify polymers, it is important to keep in mind that the 
monomer used to construct the polymer is not necessarily what is detected following 
pyrolysis. Some copolymers, such as the acrylates, fragment primarily back to 
their monomeric form. An example can be seen in the Figure 5.29 pyrogram of 
an acrylic—melamine enamel automotive finish (Figure 5.1). The various acrylates 
and styrene used to construct the binder are readily apparent. On the other hand, 
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Figure 5.27 Pyrogram of an automotive acrylic-melamine enamel analyzed on a pyrol- 
ysis gas chromatograph equipped with an inductively heated pyrolysis probe, a 25-m 
medium-bore free fatty acid phase (FFAP) fused-silica capillary column and a flame 
ionization detector. 


there is no indication of the presence of melamine other than the presence of n- 
butanol, a cleavage fragment from the butylated melamine cross-linker. Another 
example can be found in the pyrolysis of poly(vinylacetate). Vinyl acetate is not 
the major pyrolyzate detected, but instead it is acetic acid. One can deduce why 
that pyrolysis fragment is produced in the degradation of poly(vinylacetate), but 
the classification is not straightforward. In other instances, the deduction is not 
nearly as easily understood. Pyrolysis of an isophthalate-based polyester resin yields 
benzene, toluene, and benzoic acid as primary pyrolyzates, with no intact indication 
of the meta-substituted aromatic monomer. This point has been demonstrated by 
numerous authors, such as Challinor (2001, 2006) and Learner (2004). 

In an effort to solve this problem to some degree, Challinor (1995) reviewed 
previous work he published using tetra-methylammonium hydroxide (TMAH) in a 
methanol solution to stabilize pyrolysis frgments as soon as they form (Challinor, 
1989, 1991a,b). A small quantity of the solution is placed on the sample prior to 
introducing it into the pyrolysis chamber, and upon pyrolysis the reagent forms the 
stabilized methyl esters of the fragile pyrolysis fragments most characteristic of 
the mother polymer’s precursors. For example, this approach permits recognition 
of the intact methyl esters of the diacids and polyols used to form polyester and 
alkyd resins as well as the fatty acids comprising the various drying oils used 
to cross-link alkyd resins. This information is difficult to come by using infrared 
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Figure 5.28 Pyrogram of pure polystyrene pyrolyzed at 750°C in an inductively heated 
pyrolysis probe and chromatographed on a PyGC-—MS system using a 30-m narrow-bore 
5% phenyl! methyl! siloxane fused-silica capillary column. The pyrogram consists of many 
other pyrolyzates in addition to the styrene peak (1), including methyl styrene (2), toluene 
(3) and ethyl benzene (4). Some of the longer retention time pyrolyzates are dimmers and 
trimers of these pyrolyzates (5). 


spectroscopy alone, especially in the case of polyester resins employing a mixture 
of ortho-, iso-, and tere- substituted phthalates or alkyd resins formed from similar 
diacids and polyols but different drying oils. 


5.5.8 Elemental Analysis Methods 


The two yellow nonmetallic automotive monocoats with spectra depicted in 
Figure 5.13C and D appear to contain rutile, but both actually contain a mixture 
of rutile and Nickel Titanate, a yellow inorganic pigment closely related to rutile 
(Suzuki and McDermot, 2006). Nickel Titanate and other titanate pigments are 
formed by partial replacement of titanium in the rutile crystal lattice by two other 
transition metals (Hackman, 1988). For Nickel Titanate (which has the formula 
20TiO2-Sb205-NiO), antimony and nickel are used. The elements present in some 
other titanate pigments are apparent from their names: Chromium Antimony 
Titanate, Nickel Niobium Titanate, Chromium Niobium Titanate, and Manganese 
Antimony Titanate. The titanates and rutile all have similar infrared spectra, so 
titanate absorptions in paint spectra can easily be mistaken for those of rutile. 
Elemental analysis, used in conjunction with infrared spectroscopy, is therefore 
required to detect and differentiate members of this pigment family. 

Based on the infrared data of Figure 5.19H, calcium from the calcium carbon- 
ate and silicon from the silicate should be present. If silicates other than silica 
are present, other silicate elements might be observed, such as aluminum from 
kaolin, magnesium from talc, or aluminum and potassium from mica. Titanium 
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Figure 5.29 PyGC-—MS program of an acrylic—-melamine enamel automotive finish. 


The major pyrolyzate peaks are (1) n-butanol, (2) methyl methacrylate, (3) styrene, (4) 
2-hydroxyethyl acrylate, (5) n-butyl methacrylate, and (6) 2-ethylhexyl acrylate. 


dioxide (Figure 5.13A,B) appears to be present in this paint, but the additional 
low-frequency absorptions of calcium carbonate and the silicate render interpreta- 
tion of this region ambiguous at best. Other oxides, such as zinc oxide and antimony 
oxide, might be used in house paint, and they also produce broad absorptions in 
this region. 

As noted previously, the detectors used on infrared microscopes have cutoff 
energies that deny the analyst important information about inorganic pigments (both 
coloring and extender) in the region below 700 cm™~!. Elemental analysis aids in 
counteracting this limitation by providing comparative data related to the elements 
comprising these extender pigments. For example, if a paint contains a mixture of 
kaolin, hydrous silica, and mica, detection of the silica and mica will be difficult, 
if not impossible, using an infrared microscope. However, elemental analysis will 
not only reveal differences in the quantities of kaolin and silica present based on 
the relative intensities of the silicon and aluminum signals, but will also reveal 
characteristics of the mica based on the potassium signal. 

Elemental analyses therefore serve to confirm, augment, and clarify the data 
obtained by infrared spectroscopy and other methods. Further information about the 
paint may be provided by the detection of elements not revealed by other methods. 
When such elements are found, however, the lack of definitive corresponding 
molecular structural information necessarily limits the degree to which they can 
be attributed to specific compounds. Since paint data are typically used in a 
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comparative mode, this limitation is not usually a serious issue. At the same time, 
the presence of some elements can be revealing when trying to determine the type 
of coating involved, as some elements are found only in certain types. Information 
about the possible sources of various elements can also aid in interpretation when 
differences between known and questioned samples occur, as may arise from 
contaminants or from actual differences. Some knowledge of the possible origins 
of paint elements is therefore essential, as this can have a bearing on the nature and 
strengths of the conclusions that can be drawn. In the following discussion, only 
elements with atomic numbers of 9 (fluorine) or higher are considered since lower 
atomic number elements are of more limited value for forensic paint examinations. 

Detectable elements in paint may arise from binders, although they are much 
more prevalent in pigments and additives. Except for acrylic silanes and silicones, 
which contain silicon, other common binders do not contain detectable elements 
that are an integral component of the polymer structure (although such elements 
might be present in a binder formulation as a catalyst or other additive). In contrast, 
virtually all inorganic pigments (both coloring and extender) and many organic 
pigments contain elements that can be detected. Tabulations of these materials can 
be found in sources such as Morgans (1990) and Thornton (2002). Some of the 
elements that are observed for a particular pigment, however, are actually from 
compounds closely associated with their formulation and not from the pigment 
itself. Two of the most common paint pigments, rutile and Copper Phthalocyanine 
Blue, illustrate this point. 

The surface of a rutile (TiO2) particle is capped with hydroxyl groups. In the 
presence of water and oxygen and with exposure to ultraviolet light, the hydroxyl 
groups catalyze the production of free radicals, which can lead to degradation of 
the binder (Morgans, 1990). Individual particles of rutile intended for outdoor use 
(including all automotive paints) are therefore coated (encapsulated). The most 
common encapsulating agent is silica (SiOz), but alumina (Al2.O3) or zirconia 
(ZrO) may also be used. In addition, rutile is usually treated with alumina to 
prevent flocculation (the formation of pigment agglomerates or clusters). There- 
fore, silicon and aluminum will usually be observed along with titanium when 
analyzing outdoor paints containing rutile. Rutile that is encapsulated with zir- 
conia may also contain tin oxide (Tyler, 2000), and titanium, zirconium, and tin 
were found in a zirconia-encapsulated rutile product that was analyzed by XRF 
(Suzuki and McDermot, 2006). Some formulations of lead chromate pigments are 
also silica-encapsulated to minimize reactions of the chromate anion, an oxidizing 
agent. 

As noted, Copper Phthalocyanine Blue can exist in four different crystal forms, 
and the most common formulation (known as Pigment Blue 15:2) is stabilized to 
prevent both polymorphic conversion and flocculation. The exact nature of the sta- 
bilization process is proprietary, but it usually includes incorporation of chlorinated 
and sulfonated forms of this pigment (Lewis, 1995). Consequently, in addition to 
copper, chlorine and sulfur are usually found in paints containing Copper Phthalo- 
cyanine Blue. The green phthalocyanine pigments, Pigment Green 7 and Pigment 
Green 36, have the same structures as Copper Phthalocyanine Blue (Figure 5.2) 
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except that the aromatic rings are highly chlorinated, or highly chlorinated and 
brominated. These pigments are normally not treated, so paints containing Pigment 
Green 7 or Pigment Green 36 will contain copper and chlorine, or copper, chlorine, 
and bromine, respectively. 

Encapsulation coatings, antiflocculating agents, and stabilizers are often bound 
intimately to the pigment particles. Some pigments, however, might also contain 
small quantities of a diluting agent. These may be added to adjust the tinctorial 
strength, which is done to ensure that the hue of a particular pigment lot falls 
within a specified tolerance range. Barium sulfate is commonly used for this, and 
since it is also a common extender pigment and antisettling additive, its levels in 
paint can span a very wide concentration range. 

Metallic and pearlescent pigments, which are common in automotive finishes, 
always contain one or more detectable elements. The most common metallic pig- 
ment consists of aluminum flakes. Aluminum flakes used in aqueous dispersion 
basecoats are treated with phosphate surfactants (Bentley, 2001), so phosphorus 
may be detected in addition to aluminum. Gold-bronze metallic pigments have a 
composition ranging from pure copper to pure zinc or various alloys (brass) of 
the two, and these produce various hues (Thornton, 2002). Stainless steel metallic 
pigments contain chromium, nickel, molybdenum, and manganese, in addition to 
iron. Zinc metallic pigments may contain traces of iron, lead, and cadmium, and 
nickel metal pigments may contain traces of iron and sulfur. 

Mica-based pearlescent pigments may include laminates of rutile, ferric oxide, 
chromium oxide, or zirconia, so in addition to silicon and other elements of mica, 
titanium, iron, zirconium, or a combination may be observed. Some pearlescent pig- 
ments are based on bismuth oxychloride, so bismuth and chlorine may be observed 
in addition to elements of the laminates. The elements of mica (muscovite, the most 
common form) include potassium, aluminum, and silicon, but micas often include 
several other minerals, and elements of these might also be present. Chromatic shift 
interference pigments consist of a core low-refracting dielectric material with a thin 
coating of a semitransparent highly reflecting layer. The core may transmit light or 
it may be reflective. Core materials include silicon dioxide, aluminum oxide, mag- 
nesium fluoride, and aluminum, while outer coatings include aluminum, chromium, 
or even molybdenum sulfide, thus expanding the list of detectable elements even 
further. 

Driers are used to catalyze reactions involved in cross-linking between double 
bonds of a substance, such as unsaturated fatty acids. Elements of driers may thus 
be found in paints with binders such as alkyds, which use the fatty acids found in 
drying oils. Driers are probably the source of the greatest variety of elements in 
paint, and some of the elements that have been used or are currently used include 
(in order of increasing atomic number) potassium, calcium, vanadium, chromium, 
manganese, iron, cobalt, zinc, zirconium, cadmium, tin, barium, lanthanum, cerium, 
and lead. Other transition metals probably have also been used. Unfortunately, their 
concentrations are quite low, typically 0.1% by weight or less. Some of the elements 
cited do not function as driers by themselves but do so only when used with others, 
as discussed by Morgans (1990) and Thornton (2002). 
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Contaminants that might be introduced during the paint manufacturing process 
are another possible source of elements. Pigment dispersion techniques rely on 
various grinding media, which have included steel or porcelain balls, glass or 
zirconia beads, sand, and other objects (Bentley, 2001). Such media require periodic 
replacement due to wear, and their fragments are introduced into the paint. Although 
this might be expected to result in a very minor component, highly variable levels 
of zirconium were found in a number of automotive paints of various colors using 
XRF analysis (Suzuki and Marshall, 1998). Various sources of this element were 
thus considered. Most of the paints with zirconium contained little or no rutile, 
and tin was not found, so a zirconia-encapsulated rutile product was ruled out. 
Driers were another possible source of zirconium, but for an automotive paint, 
they would probably be found in an alkyd; all of the paints involved had either 
acrylic melamine enamel or acrylic lacquer binders. In addition, if zirconium were 
used as a drier, it would usually occur with cobalt (Morgans, 1990), but cobalt was 
not detected. Wear from zirconia dispersion beads thus became the prime suspect, 
and the paint manufacturers who were contacted concurred that this was the most 
likely source. 

Preservatives, particularly fungicides used in exterior architectural coatings, are 
another source of elements. Some of the elements that have been used, or are 
currently used, in fungicides and other preservatives include chlorine, copper, 
chromium, zinc, iodine, mercury, and other heavy metals, although the recent trend 
has been to avoid heavy metals due to health concerns. 

Silicates (talc, kaolin, quartz, diatomaceous silica, synthetic silica, mica, ben- 
tonite, asbestine, wollastonite, montmorillonite, etc.) are very common extender 
pigments. As noted, extender pigments are frequently used in low-luster finishes 
and automotive undercoats since in addition to lowering the cost of the paint by 
adding bulk, they serve as flatting or delustering agents. Synthetic silica and treated 
montmorillonite are used as thickening agents for paints with low viscosities, such 
as automotive clearcoats, where they help to keep the wet paint of a thick layer on 
a vertical surface from dripping; talc is used as an antisettling agent to help keep 
other pigments suspended in the liquid medium; mica is used in pearlescent paints; 
silica is used to encapsulate certain pigments; silicates are minor components of 
some inorganic pigments, such as ochres (which are mainly ferric oxide or hydrous 
ferric oxide); and so on. 

Not surprisingly, silicon is a common element in paint. In some cases, the 
presence of other elements associated with the source of the silicon might serve to 
clarify its origin. Magnesium, for example, is present in talc [Mg3SiaOj9(OH)2], 
and aluminum in kaolin [AlzSi205(OH)4]. For some minerals, including talc, cation 
substitution is a common occurrence. Magnesium (Mg?*) and iron (Fe**) can occur 
interchangeably in these minerals since they have the same charge and the same 
size. Talc may thus contain iron even though its nominal formula may not indicate 
this. Since the function of extender pigments is not usually affected adversely 
by minor impurities, there are probably many other impurities in them as well, 
although they may be present in levels below the detection limits of the method 
used for analysis. 
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Silicon in paint can thus originate from any number of components, including 
binders (silanes), extender pigments, mica-containing pearlescent pigments, impu- 
rities in other pigments, encapsulating agents, products of dispersion bead wear, 
and additives serving a wide variety of functions. This element can therefore occur 
in virtually any type of coating, including every layer of an automotive finish. It 
is also a very common element in soil, so the condition of the sample(s) must be 
evaluated carefully to decide if it may be present as a result of contamination from 
material that is external to the paint. 

Although detectable elements are less common for organic pigments, they do 
occur. Twenty-nine pigments were examined in four studies of organic pigments 
used in automotive paint (Suzuki and Marshall, 1997, 1998; Suzuki, 1996a,b). Ten 
contain chlorine, one chlorine and sulfur, one chlorine and nickel, one sulfur, one 
nickel, one copper, and one fluorine. Chlorine is therefore relatively common (12 
of 29) in organic pigments. This element, which is usually present as a substituent 
on an aromatic ring, is serving at least two functions (Lewis, 1995). It imparts 
insolubility to a pigment and is used to modify the color of a base structure by 
changing its chromophore (as evidenced by the effects of chlorine and bromine 
substitution on the phthalocyanine ring). 

Extensive lists of pigments are presented in compilations by Crown (1968) and 
Eastaugh et al. (2004), and the detectable elements of pigments can be obtained 
from their chemical formulas. It should be noted, however, that components that 
might be associated with some of their formulations are not included, and these 
may contain additional elements. Nolan and Keeley (1979) also compiled classes 
of paint elemental constituents based on their frequency encountered in SEM—EDS 
analysis of random samples. 


Scanning Electron Microscopy/Energy-Dispersive X-Ray Spectrometry 
SEM-EDS is the main method used in U.S. forensic science laboratories for ele- 
mental analysis of paint evidence (Henson and Jergovich, 2001; Ryland et al., 
2006). This instrument can be used both as an imaging device with very high 
magnifications (greater than 100,000 in some cases) and as a means to obtain 
elemental profiles for selected areas of a sample. Elemental data for individual 
layers of multilayered paint specimens can be collected sequentially and the high 
magnifications of the microscope permit the analysis of very small samples. The 
range of elements that can be detected simultaneously with an EDS analysis is 
extremely wide and, with an appropriate detector window, all elements of atomic 
number six (carbon) or higher can be identified. The detector has a broad dynamic 
range and the technique may be nondestructive to the specimen. It is, however, 
limited to a minimum detection level of approximately 0.1% by weight for median 
atomic weight elements. 

The terminology energy-dispersive x-ray spectrometry is intended to distinguish 
it from a related technique, wavelength-dispersive x-ray spectrometry (WDS). 
These two methods employ different mechanisms to measure x-ray energies. 
Both may be mounted on a scanning electron microscope. In a WDS instrument, 
X-rays are separated by wavelength using a crystal, which serves as a diffraction 
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grating. Multielemental analysis is much slower than with EDS and higher beam 
currents are required to produce enough x-rays to be detected; however, sensitivity 
is increased tenfold and the improved resolution provides a solution to the peak 
overlap problems experienced in the EDS analysis of some elements. In an EDS 
system, a solid-state silicon—lithium (SiLi) detector not only counts the number 
of x-ray photons that arrive at the detector, but also measures their energies. An 
x-ray photon in the SiLi detector loses its energy in a series of steps, after which a 
number of electrons are promoted from the valence band to the conduction band. 
This number is proportional to the original energy of the photon and is measured 
electronically. The total number of photon counts for a given characteristic energy 
is proportional to the quantity of the element present in the sample. 

For an SEM—EDS analysis, samples that are nonconductive, such as paint, must 
be coated with a film of a conducting material, usually carbon. This prevents the 
material from developing a negative charge during analysis, which would cause 
it to repel further electrons. Most instruments are operated in a high vacuum, as 
atmospheric gases not only impede the electron beam, but also absorb the lower- 
energy x-rays. Variable-pressure SEMs are available at a nominal increase in cost 
and make it unnecessary to coat a specimen. By leaking just a small amount of 
air or selected gas into the specimen chamber, the charge on the uncoated sample 
is dissipated. This does, however, result in a slightly diminished signal from the 
sample and a slight loss in control of the analytical area due to spread of the 
electron beam diameter. 

The operation of an SEM-—EDS instrument is not unlike that of a cathode ray 
tube (CRT) monitor. An electron beam, directed and focused by electric and mag- 
netic fields, traces a raster pattern on the selected rectangular area of interest of 
the sample. An image is formed by measuring the intensity of electrons ejected 
by the sample as the beam traverses the selected area. Analogous to an optical 
image, lighter areas of the image correspond to a higher flux of electrons. Two 
detectors located at different positions relative to the sample are used to collect 
secondary electrons and backscattered electrons. Secondary electrons result from 
ionization of atoms of the sample near the surface and have relatively low ener- 
gies. Backscattered electrons, in contrast, have nearly the same energy as that of 
the incident beam. Backscattering results when an incident electron passes very 
close to an atomic nucleus, and the strong electric field of the nucleus swings the 
much lighter electron around, sending it in the opposite direction. Backscattering 
increases with atomic number, so an SEM image based on backscattered electrons 
provides a compositional map, with lighter areas representing domains comprised 
of heavier atoms. Imaging of paint specimens in this mode provides a consider- 
able advantage over other elemental analysis techniques since it provides a rapid 
visual assessment of heterogeneity (Figure 5.30) and aids in selecting appropriate 
analytical sizes and locations. 

The energy of the electrons striking the sample is set by the analyst, and this is 
an important parameter for x-ray analysis because it determines the energy range of 
the x-rays that can be produced. An electron that is accelerated through a voltage 
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Figure 5.30 SEM backscatter image of an architectural paint layer exposed by peeling 
back the layer above. Note the visual rendering of the large extender pigment grain 
heterogeneity. 


potential of 20,000 V (20 kV) acquires an energy of 20,000 electron volts (20 keV). 
The range of possible voltages for an SEM—EDS is typically between | and 40 kV, 
although voltages higher than 25 kV are generally not used with paint because of 
the excessive heat that may be generated and the increased depth of the beam’s 
penetration. X-ray energies are also measured in electron volts, and the range of 
an SEM-EDS x-ray detector is typically from 0.1 to 40 keV. The flux of x-rays 
reaching the detector is controlled by the electron beam current. 

When the electron beam strikes the sample, x-rays are generated by two differ- 
ent mechanisms. The first involves a process known as bremsstrahlung, a German 
word meaning “braking radiation.” When a charged particle accelerates (meaning 
that it increases or decreases its velocity or is deflected from a straight path), it 
can produce radiation. In the case of the electron beam of an SEM—EDS instru- 
ment, electrons are decelerated and their paths deflected as they interact with the 
sample. The bremsstrahlung x-rays that result from this have a continuum of ener- 
gies, ranging from zero to that of the incident electron, and this is manifested as a 
broad background (having a roughly skewed semicircular shape) in all EDS spectra. 
Bremsstrahlung backgrounds can be seen in the EDS spectra of Figures 5.31A,B, 
5.32C, and 5.33. In general, a matrix having a low average atomic number compo- 
sition, such as an automotive finish coat, will have a much higher bremsstrahlung 
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Figure 5.31 (A) SEM-EDS spectrum of a yellow nonmetallic automotive monocoat, 
DC82H0913, which contains rutile and Benzimidazolone Yellow 3G. (B) SEM—EDS 
spectrum of a white automotive monocoat, DC82A0044, which contains rutile. An elec- 
tron beam voltage of 20kV was used for both SEM-—EDS analyses. (C) Structure of 
Benzimidazolone Yellow 3G. [From Suzuki and Marshall (1997); copyright © ASTM 
International; reprinted with permission. ] 


background than that having a relatively higher average atomic number compo- 
sition, such as an automotive primer or architectural paint. This decreases the 
elemental minimum detection levels in the former. 

The second type of x-rays produced is referred to as characteristic x-rays. This 
process begins with ionization of the atoms of the sample, and the electrons of 
the incident beam must have sufficient energies to remove electrons from one of 
the first three shells of an atom. Atomic shells are designated as K, L, or M, 
corresponding to electrons in orbitals of the first three principal quantum numbers. 
The K shell is comprised of Is electrons, the LZ shell of 2s and 2p electrons, and the 
M shell of 3s, 3p, and 3d electrons. Following removal of an electron from one of 
these shells, a “hole” is created in the atom and an electron from a higher-energy 
shell decays to fill the vacancy and bring the atom to a lower-energy state. In so 
doing, it emits an x-ray having an energy equal to the energy difference between 
the two shells. The 2s and 2p electrons have different energies, as do the 3s, 3p, and 
3d electrons. Consequently, the L to K shell decays represented by 2s — Is and 
2p — Is have different energies, as do the various transitions from the M to the L 
shell. There is therefore more than one x-ray energy produced when an electron is 
removed from a particular shell. The x-rays emitted by electrons decaying to fill 
the K shell are referred to as the K series, with analogous definitions for the L and 
M series. 

X-rays produced by individual transitions of a series may have very similar ener- 
gies that cannot be resolved by the SiLi detector, In the case of heavier elements, 
separate peaks occur for the K series and for the L series. The lower-energy peak 
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Figure 5.32) XRF and SEM-EDS spectra of three red nonmetallic automotive monocoats 
depicted between | and 20 keV. The two XRF spectra were obtained using a tin secondary 
target. (A) XRF spectrum of DC77E0054; the infrared spectrum of this paint is shown 
in Figure 19f. (B) XRF spectrum of NW77E0054; the infrared spectrum of this paint 
is shown in Figure 19A. (C) SEM-—EDS spectrum of DB76E0076, acquired using an 
electron beam voltage of 22kV. (From Suzuki and Marshall, 1998; copyright © ASTM 
International; reprinted with permission.) 


of the K series (known as K,) typically has an intensity roughly six times that of 
the second peak (known as Kg), whereas the two peaks of the L series have more 
nearly equal intensities. All of the peaks observed in Figure 5.31A are from the K 
series, and the two L-series peaks of lead can be seen in Figure 5.32C (compare 
to the same peaks of lead obtained by XRF in Figure 5.32A and 5.32B). M series 
transitions cannot be resolved and only one peak is observed. Experienced paint 
examiners can usually distinguish between peaks of the three series, but instrument 
software may also be used to aid in this task, as they include markers that indicate 
the positions and relative intensities of K, L, and M peaks for each element. 

As the atomic number increases, the inner-shell electrons become more tightly 
bound to the nucleus, lowering their energies, and the energy differences between 
adjacent shells increase. There is thus a regular increase in the energies of each 
series as the atomic number increases (Mosley’s law); the differences in energies 
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between peaks of adjacent elements also increases with atomic number. Conse- 
quently, there is no element for which K, L, and M peaks can all be observed in 
the range 0.1 to 40 keV, although for some elements, two series are observed. As 
noted, electron energies much above 25 keV may damage the paint specimens or 
penetrate too deeply into its surface, so only about half of the detectable range is 
used in any case. Even with this more limited range, detection of a single element 
present in sufficient concentration is not a problem, and this is also often true when 
several elements are present. However, due to overlap of K, L, and M peaks in the 
low-energy region, certain combinations of elements may be difficult to determine. 

This is illustrated by the EDS spectrum (Figure 5.32C) of a red nonmetallic auto- 
motive monocoat that contains Molybdate Orange (PbCrO4-x PbMoO,-yPbSO.), 
for which peaks of lead, chromium, molybdenum, and sulfur are expected. L-series 
peaks of lead and K-series peaks of chromium are observed, but the K -series peaks 
of molybdenum are not (compare to Figure 5.32B, which is the XRF spectrum of 
another paint that contains Molybdate Orange). L-series peaks of molybdenum do 
occur in the range of the instrument, but in this case they are buried in the strongest 
peak of Figure 5.32C. This peak represents an overlap of the M peak of lead, the L 
peaks of molybdenum, and the K peaks of sulfur, so the presence of molybdenum 
and sulfur cannot be definitely established in this case. This confluence of K, L, 
and M peaks of three elements of a single pigment is extremely unusual (if not 
unique), but it does illustrate the interpretation difficulties that overlapping peaks 
can present. 

Secondary electrons arise from atoms very near the surface of the sample, and 
backscattered electrons originate from somewhat greater depths. SEM images thus 
reveal predominately surface characteristics. The electron beam, however, pene- 
trates beyond these relatively shallow depths. As it interacts with the sample, it 
begins to lose its directionality and individual electron paths become more random. 
Consequently, the morphology of the volume from which x-rays originate is not a 
well-defined narrow cylinder, but rather, has a hemispherical or a teardrop shape, 
depending on beam energy, sample composition, and x-ray energies. 

The interactions of the electrons with the sample also affect their energies. 
An electron beam energy of 22 keV was used to acquire the EDS spectrum of 
Figure 5.32C, and this energy is sufficient to ionize a K-shell electron of molyb- 
denum, but no K-series peaks of this element are observed. The sample contains 
much more lead than molybdenum, and lead requires even less energy to ionize its 
L-shell electrons, yet the lead L-series peaks are quite weak. The intensities of the 
lead L-series peaks and the molybdenum K-series peaks can be increased slightly 
by employing a higher beam excitation potential, ideally 2.5 times the minimum 
required to ionize the electrons in those shells. However, as mentioned earlier, there 
are drawbacks to doing this. 

The preferential excitement of the lower-atomic-number elements of a sample 
is a characteristic feature of an SEM—EDS analysis. It results from the numerous 
interactions that the electron beam experiences as it travels through the sample, 
constantly losing energy. Consequently, most of these electrons can only excite 
elements of lower atomic numbers. Low-atomic-number elements are thus readily 
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observed in SEM-—EDS spectra, as may be seen for the K-series peaks of carbon, 
nitrogen, oxygen, and fluorine of Figure 5.31A (which is the spectrum of a yellow 
nonmetallic automotive monocoat). Some of the carbon is from the thin coating 
used to make the sample conductive, while the fluorine is from a yellow organic 
pigment, Benzimidazolone Yellow 3G (Figure 5.31C). 

Figure 5.31B is the SEM-—EDS spectrum of a white nonmetallic automotive 
monocoat that contains a large quantity of rutile, and in addition to the titanium 
peak of rutile, the silicon and aluminum from the encapsulation coating and the 
antiflocculating agent, respectively, are also observed. Similar ratios of these three 
elements are observed for the spectrum of the yellow monocoat (Figure 5.31A), 
which also contains a large amount of rutile. It is also instructive to note that the 
aluminum and silicon are not originating from a clay extender pigment that also 
might be suspected as a source from the SEM-—EDS spectrum alone. 

Because of the differences in the sample domains that are responsible for image 
formation and generation of x-rays, SEM-—EDS analysts should always remember 
the caveat, “What you see is not always what you get.” It is especially important 
to remember when analyzing individual layers of an intact multilayered paint. 

Four different methods have been used to obtain SEM—EDS data for individual 
layers of multilayered paint samples, each with its merits, limitations, and degree of 
skill (and patience) required to obtain optimal results. In the first, each paint layer is 
excised and analyzed separately. This requires a fair amount of sample preparation, 
but it is the only method for which analysts can be assured that elements of adjacent 
layers are not being observed. A second procedure involves what is referred to 
as the stair-step method since after preparation of a specimen, it has a steplike 
appearance when viewed from the side. This method also requires a considerable 
amount of sample preparation, as beginning with what will be the bottom layer, a 
rectangular portion consisting of all of the overlaying layers is removed, exposing 
a portion of the bottom layer. An adjacent rectangle is then removed, exposing 
a portion of the next-to-bottom layer, and so on. The sample is positioned in the 
SEM-EDS instrument, so that all of the exposed layers are perpendicular to the 
beam. Analysis of very thin layers may yield x-rays from a underlying layers, and 
it may help to reduce electron beam energies to determine if this is the case. 

The last two methods involve cutting a cross section through the layers and 
situating this cut surface perpendicular to the SEM-—EDS beam. This can be done 
without any further sample preparation, or the sample can be embedded in a medium 
that hardens and the surface of the cross section polished. Care must be taken in 
either case to ensure that the surface is situated horizontally and that the cut was 
made perpendicular to the layers, so that electrons traveling straight down do not 
encounter another layer. Embedding and polishing require considerable sample 
preparation, but this process also yields the most reproducible results regarding 
relative ratios of EDS x-ray peaks. Embedding, however, makes removal of the 
sample difficult, if not impossible, should there be a need for further analysis. For 
either type of cross-sectional analysis, a major concern is the possibility that the 
EDS analysis volume may extend into an adjacent layer or into two adjacent layers. 
To minimize this possibility, long narrow rastering areas with edges as far from 
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Figure 5.33 SEM-EDS analysis of the base primer in an automotive paint cross section 
block cut by microtomy. The red box superimposed on the e-coat primer defines the visual 
boundaries of the analytical area. (See insert for color representation.) 


the adjacent layers as practical are used, as depicted in Figure 5.33. Regardless of 
which of the four methods is used, it is important that both questioned and known 
samples be subjected to the same procedures. 

As mentioned, the analytical area is typically chosen by scanning the electron 
beam over a large defined area to average out the effects of heterogeneity, a constant 
concern in paint samples. The relative success of this endeavor is assessed by 
comparing spectra collected from one area of a layer to another of the same layer. 
If the analytical area is large enough to average out the lack of precision introduced 
by heterogeneity, the spectra will appear like one another. The SEM offers another 
mode of sample collection called the spot mode. This approach is quite valuable in 
analyzing particulate material in the matrix, such as metallic flake and interference 
pigment flake (the rich elemental and morphological information contained in these 
pigments was described previously). The beam is targeted on the particle of interest 
and is held stationary, as seen in Figure 5.34. The excitation voltage is typically 
reduced in an attempt to keep the excited volume within the boundaries of the target 
particle, keeping in mind the necessity to maintain enough energy to effectively 
excite the elements of interest. In addition to analyzing effect pigment flake in 
paints, the same method may be used to enhance the inferred identification of other 
pigments in the paint. If a large area is scanned and barium, sulfur, magnesium, 
aluminum, and silicon are detected, this merely informs the analyst that these 
elements are present in the layer in their respective relative ratios. Should spot 
mode be used in addition to this technique, it can be demonstrated that the barium 
and sulfur are associated with one particulate population, magnesium and silicon 
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Figure 5.34 SEM-—EDS spot analysis of interference pigment flake in situ. The flake is 
visualized by viewing the exposed layer in the backscatter mode. The red + indicates the 
beam target spot. (See insert for color representation.) 


are associated with another, and aluminum and silicon are associated with a third. 
This significantly strengthens the deduction that the paint layer contains barium 
sulfate, talc, and clay extender pigments. Although these are typically recognized 
in infrared spectra collected down to at least 450 cm7!, it may not be apparent in 
situations where there is a significant quantity of titanium dioxide present, and one 
of the extenders is present in a low concentration relative to the others. 

More information about SEM—EDS instrumentation is given by Goldstein et al. 
(1992), while the preparation of paint samples for SEM—EDS analysis is discussed 
in more detail by Ryland et al. (2006). An introduction to paint analysis using 
an SEM-EDS analysis is given by Wilson and Judd (1973), and Henson and 
Jergovich (2001) provide an extensive review of this topic. General guidelines 
for such analyses are outlined in the Standard Guide for Using Scanning Electron 
Microscopy/X-Ray Spectrometry in Forensic Paint Examination (Scientific Working 
Group for Materials Analysis, 2002). 


X-Ray Fluorescence Spectrometry XRF spectrometry is the second most 
frequently used method in the United States for the elemental analysis of paint 
evidence (Henson and Jergovich, 2001; Ryland et al., 2006). Fluorescence refers to 
a process whereby atoms or molecules absorb electromagnetic radiation, then reemit 
radiation with lower energies. In XRF spectrometry, as opposed to SEM-—EDS, 
X-rays are used to ionize atoms instead of electrons. It should be noted, however, 
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that the emission process is the same for both techniques. XRF spectra might 
therefore be expected to mirror EDS spectra, but this is generally far from the 
case. As we saw, the forte of an EDS analysis is the detection of lighter elements. 
XRF spectrometry, in contrast, is better suited for the identification of heavier 
elements, so the two are complementary. There is no need to coat samples for an 
XRF analysis, and if only the heavier elements are sought, sample chambers do not 
have to be evacuated. XRF instruments with the lowest detection limits (tens of 
parts per million or lower in some cases) require considerably larger samples than 
are required for an SEM-—EDS analysis, while micro-XRF systems, which have 
higher detection limits, allow smaller samples. There are concerns regarding the 
increased beam penetration experienced when using x-rays as opposed to electrons; 
consequently, the current approach for individual layer analysis favors preparation 
of individual layer peels. When comparing spectra of layers excised from small 
multilayered samples, one must also be concerned with the inherent imprecision 
introduced by critical depth effects experienced in samples of different thicknesses 
(Howden et al., 1977). 

As with an EDS analysis, the energies of the x-rays used for excitation must be 
sufficient to ionize K, L, or M electrons. With x-rays, however, the most efficient 
means to do this is with an x-ray energy that is slightly greater than the minimum 
required (known as an absorption edge), and as x-ray energies increase beyond this 
value, the excitation efficiencies decrease. 

X-rays for XRF excitation are generated in an x-ray tube. The tube consists 
of a metal anode or target, typically rhodium, housed in a vacuum. A voltage 
between | and 50 or 60 kV is used to accelerate a beam of electrons toward the 
target. Analogous to what occurs in an SEM—EDS instrument, bremsstrahlung and 
characteristic x-rays of rhodium are produced. Depending on the voltage used, 
Rhodium L peaks, or K and L peaks, are generated. All XRF instruments may use 
x-rays from the tube for excitation. Since the distribution of x-ray energies from 
the tube includes the broad bremsstrahlung continuum, this serves to excite a wide 
range of elements. 

For some instruments, an alternative mode of excitation is possible using sec- 
ondary targets, which consist of several elements spanning a range of atomic 
numbers. X-rays from the tube are directed toward a selected secondary target, 
causing it to emit K-series peaks. These x-rays are then used to excite the sample, 
and since Ky is more intense than Kg, this amounts to using mostly monochromatic 
radiation for excitation. Since this is the most effective means to excite a particular 
element or small group of elements with similar atomic numbers, this mode pro- 
vides the lowest detection limits, particularly for heavier elements. To achieve this 
for a wide range of elements, however, analyses using several different secondary 
targets are required. The intensities of x-rays produced by secondary targets are 
limited, so relatively large samples and long collection times are normally required 
for paint samples. Secondary targets are not available on micro-XRF spectrometers, 
which use collimators or focus optics to produce beam diameters between 300 and 
10 jm. Micro-XRF instruments with selectable filters that improve the detection 
limits for selected elemental ranges are now available. Appropriate thin elemental 
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(metal) films are positioned selectively in front of the x-ray tube to reduce the 
bremsstrahlung continuum and/or characteristic tube x-ray lines striking the sam- 
ple. This in turn reduces the x-ray scatter background or eliminates the scattered 
x-ray tube lines emanating from the specimen and still leaves enough higher con- 
tinuum x-rays to excite the elements of interest. Like secondary target instruments, 
however, much longer data collection times are required. 

The complementary nature of an EDS and XRF analysis can be seen by 
comparing Figure 5.32B,C, which are spectra of two red automotive monocoats 
(NW77E0054 and DB76E0076) that contain Molybdate Orange. For the XRF 
analysis (Figure 5.32B) a tin secondary target (Ky = 25.2 keV) was used, while 
an electron beam energy of 22 keV was used to obtain the EDS spectrum 
(Figure 5.32C). DB76E0076, which was analyzed by EDS, contains more 
Molybdate Orange than NW77E0054, judging from relative infrared absorption 
intensities. Note that even with an XRF analysis (Figure 5.32B), the presence 
of the sulfur of Molybdate Orange cannot be determined because of the overlap 
discussed earlier. In these situations additional techniques may be employed, such 
as wavelength-dispersive x-ray spectrometry (WDS). 

The XRF spectrum of a second automotive paint (DC77E0054) that has the 
same color as NW77E0054 is shown in Figure 5.32A. The infrared spectra of 
these two paints (Figure 5.19A,F) were discussed previously and it is informa- 
tive to see how the infrared and elemental analysis data correlate. NW77E0054 
(Figures 5.19A and 5.32B) contains Molybdate Orange and Quinacridone Red Y. 
Quinacridone Red Y does not contain any detectable elements, but peaks of all of 
the elements of Molybdate Orange, except for sulfur, are observed in the XRF spec- 
trum of NW77E0054. DC77E0054 contains rutile, ferric oxide, Quinacridone Red 
Y, and Benzimidazolone Orange, and its XRF spectrum (Figure 5.32A) has peaks 
of titanium (rutile), iron (ferric oxide), and chlorine (Benzimidazolone Orange). A 
small quantity of lead is also observed, and analyses using other secondary tar- 
gets and longer collection times detected very small amounts of molybdenum and 
chromium. The presence of a small quantity of Molybdate Orange is thus indicated, 
although its absorptions (Figure 5.19K) are not observed in the infrared spectrum 
of this paint (Figure 5.19F). 

The XRF spectra have reiterated the value of elemental analysis when used 
in conjunction with infrared spectroscopy and other methods, and the additional 
information about the paint that may be obtained. They were obtained, however, 
with secondary targets using large pristine samples, and the data were collected 
overnight. Micro-XRF systems are currently better suited for most case samples, 
since much smaller specimens can be analyzed with sensitivities intermediate 
between those of an EDS and a secondary target XRF analysis. These sensitiv- 
ities are still sufficient to detect low concentrations of tinting pigments or even 
drier metals having concentrations on the order of 0.005% by weight. Other inno- 
vations have continued to allow smaller samples to be subjected to XRF analyses. 
A micro-XRF attachment for an SEM-—EDS instrument, for example, has recently 
been introduced. It consists of an x-ray tube using poly capillary focus optics to 
form an excitation beam diameter of 40 zm. Fluorescent x-rays are detected using 
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the SiLi detector of the SEM—EDS system. There are, however, concerns for back- 
ground scatter levels on samples mounted on carbon substrates and for isolation of 
layers given the increased penetration of x-rays versus electrons from the SEM. 

Fiber optic x-ray guide tubes are also used on a new micro-XRF spectrometer 
that produces spot sizes as small as 10 tm. Kanngiesser et al. (2005) demonstrated 
the feasibility of analyzing individual layers of a multilayered paint sample using a 
micro-XRF instrument with a 10-j1m spot size, but this required use of synchrotron 
radiation. This new system focuses x-rays from a conventional x-ray tube without 
the need for a synchrotron. 

Jenkins (1999) provides more information about XRF spectrometry theory and 
instrumentation. Howden et al. (1977) examined the discrimination of white, red, 
and green single-layer household paints using XRF spectrometry. All of the red 
and green paints could be distinguished by this means and the white paints were 
divided into nine groups. Haag (1977) used XRF spectrometry to study elemental 
profiles of automotive paint chips. Zieba-Palus and Borusiewicz (2006) examined 
several multilayered paint samples using a combination of infrared and Raman 
microscopy and micro-XRF spectrometry. The discrimination of black (Govaert 
et al., 2001) and red (Govaert and Bernard, 2004) spray paints was examined 
using a combination of optical microscopy, infrared spectroscopy, and XRF 
spectrometry. 


Other Elemental Analysis Methods Several other elemental analysis tech- 
niques have been used for the analysis of paint. Emission spectrography was one of 
the first such methods used in forensic science, but it has been supplanted by induc- 
tively coupled plasma emission spectroscopy (ICP-ES) and its even more sensitive 
offspring, inductively coupled plasma mass spectrometry (ICP-MS). ICP methods, 
however, require samples that are soluble—not an easy task for most coatings, 
which are enamels that contain pigments designed to be insoluble. Neutron acti- 
vation analysis (NAA), which is gamma-ray emission spectrometry of nuclei in 
excited states, is probably the most esoteric of the methods that have been applied 
to paint. NAA requires a neutron source such as a nuclear reactor, and although not 
destructive, it produces, at least temporarily, a radioactive sample. Like an SEM, 
an electron microprobe analysis uses an electron beam to produce characteristic 
x-rays, but this method has few, if any, advantages over SEM—EDS analysis. A 
proton beam is used in a related technique known as proton-induced x-ray emis- 
sion or particle-induced x-ray emission (PIXE). This method has lower detection 
limits for many elements compared to an SEM-—EDS analysis, but like an electron 
microprobe instrument, it lacks the imaging capabilities of an SEM-—EDS system. 
Thornton (2002) provides a more detailed review of these methods as applied to 
paint. 

Two relatively new techniques show some potential as future tools for the exam- 
ination of paint evidence, as both allow trace levels of a wide variety of elements 
to be detected. Major issues regarding reproducibility occur with both techniques, 
however, and they are currently used primarily for qualitative analyses. 

Total-reflection x-ray fluorescence spectrometry (TXRF) is a variation of a con- 
ventional XRF analysis where a grazing incident angle (<0.1°) of an x-ray beam 
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is used for excitation (Klockenkamper et al., 1992). A standing wave is produced, 
and this results in significantly enhanced (parts per billion) sensitivities. TXRF has 
been used for several elemental analyses of artists’ paints and other pigmented 
historical or archeological objects (Klockenkamper et al., 2000). 

Laser ablation inductively coupled plasma mass spectrometry (LA-ICP-MS) is 
an alternative method for detecting trace elements in materials that cannot easily 
be subjected to a conventional ICP-MS analysis. A pulse from a laser is used to 
vaporize a sample and create an aerosol, which is swept into the plasma torch of 
the ICP-MS instrument. The high temperatures of the plasma (>6000°C) produce 
mostly monoatomic ions, so that the mass spectrometer yields elemental analysis 
data. Hobbs and Almirall (2003) examined the feasibility of using this method for 
the analysis of automotive paint. Typically, a suite of suspected elements must 
be selected prior to analysis. While a number of elements were identified at trace 
levels, their relative ratios varied considerably between results obtained from suc- 
cessive pulses. More stability was found in primer layers; however, the diameter of 
the ablation crater had to be increased to approximately 200 zm to improve pre- 
cision. There is a “charred” discolored zone that extends approximately 300 pm 
beyond this crater, and precision of analysis within this zone has currently not 
been assessed. This has a practical impact on sampling, as replicate analyses would 
require a sample much larger than 1 mm?. Assuming that the precision concerns 
can be overcome, there is some potential for batch discrimination of automotive 
primers resulting from the variation of trace elements contained as contaminants in 
different lots of the minerals used as extender pigments. The same holds true for 
architectural paint tint bases, although full-thickness 1-mm? samples are seldom 
encountered in casework. 

Deconinck et al. (2006) also examined automotive paint using LA-ICP-MS, 
although their work focused on demonstrating inaccuracies suffered by quadrapole- 
based ICP-MS instruments, due to spectral interferences during trace element depth 
profiling of multilayered paint samples. They concluded that a high-resolution sec- 
tor field—based mass spectrometer would be required to avoid such problems. Like 
the earlier study by Hobbs and Almirall, this technique was found useful for qual- 
itative analyses, but it did not resolve issues of reproducibility and quantitative 
analyses on small samples. Although it was stated that four-layered car paints of 
the same color produced by different manufacturers could be discriminated from 
one another using the technique proposed, improved discrimination over current 
methodology was not documented. 


5.5.9 Other Methods 


X-Ray Diffraction Like emission spectrography, XRD was one of the first meth- 
ods used for the analysis of inorganic components in paint evidence. The term x-ray 
diffraction actually refers to two related methods. In one, usually referred to as 
x-ray crystallography, a single crystal is analyzed using an incident monochro- 
matic x-ray beam, and the three-dimensional pattern of spots that results from 
reflection from various crystal planes is analyzed. The planes are formed by the 
particular arrangement that individual atoms or ions assume in the crystal, and they 
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are not only peculiar to each compound but also differ for each crystal structure of a 
polymorphic substance. X-ray crystallography is used predominantly for molecular 
structural determinations, although it has also been used for analytical chemistry. 

The technique that is used for the analysis of paint is powder XRD, which is 
applicable to materials that consist of, or contain, crystalline substances where the 
orientations of individual crystals of the sample are random. To further ensure 
that the orientations are completely isotropic, the sample is rotated during anal- 
ysis. Instead of a pattern of spots, x-rays are reflected from the sample in cones 
with apices at the sample. The cones are characterized by their angles relative to 
the direction of the incident beam and their intensities. A graph of an XRF pow- 
der diffraction pattern, known as a diffractogram, is produced with the abscissa 
representing the angle of reflection (actually 20, or twice this angle), and the ordi- 
nate depicting the intensities of the reflected x-rays. In principle, all of the major 
crystalline components of paint can be identified by powder XRD. Some paint 
binders may exhibit localized regions of crystallinity, but because they lack large- 
scale regularities in their structures, binders cannot be identified by these means. 
Reflections from crystal planes arise from x-ray scattering from individual atoms 
or ions; such scattering is caused by the electrons of the sample, so the intensity of 
X-ray scattering increases with atomic number. Organic pigments are therefore weak 
scatterers of x-rays, so powder XRD analyses are limited primarily to inorganic 
pigments. 

Because of its limited scope and past requirements for relatively large samples 
and long analysis times, powder XRD has not been widely used for forensic paint 
examinations. Newer instruments, however, are capable of analyzing paint sam- 
ples as small as 20 jm in reasonable periods of time with essentially no sample 
preparation. Unlike an elemental analysis, powder XRD provides molecular struc- 
tural information, and for some paints, it provides more definitive data than either 
infrared or Raman spectroscopy. Silicates, for example, cannot be identified by 
Raman spectroscopy, and when large quantities of extender pigments are present 
in paint (as typically occurs for low-luster house paints; see Figure 5.19H), their 
strong broad infrared absorptions usually overlap, hampering identification of indi- 
vidual pigments. Powder XRD diffractogram peaks, in contrast, are quite narrow 
and because there are no contributions from binders or most organic pigments, rel- 
atively simple patterns occur for paint. This is illustrated by Figure 5.35A, which 
is the diffractogram of a paint that contains significant quantities of four com- 
mon extender pigments (Snider, 1992). Diffractograms of two of these, kaolin and 
quartz, are shown in Figure 5.35B and 5.35D, respectively, along with that of 
hydrous ferric oxide (Figure 5.35C). Different polymorphs of a given compound 
are readily distinguished by powder XRD, so mixtures of such polymorphs can 
also be identified easily. 


Laser Desorption Mass Spectrometry LDMS is a relatively new technique 
that, unlike its cousin LA-ICP-MS, provides molecular structural information. Both 
techniques use a pulse from a laser to volatilize and ionize samples, but in LA- 
ICP-MS, all molecular species are destroyed in the plasma. In LDMS, much less 
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Figure 5.35 Powder XRD diffractograms of a test paint and three common inorganic 
paint pigments: (A) test paint that contains rutile (35%), calcite (30%), kaolin (20%), 
and quartz (15%); (B) kaolin; (C) hydrous ferric oxide; (D) quartz. [From Snider (1992); 
copyright © ASTM International; reprinted with permission. ] 


vigorous conditions are used to vaporize and ionize paint constituents, which are 
then introduced directly into a mass spectrometer. No sample preparation is required 
other than separating individual layers of a multilayered paint if they are to be 
subjected to analysis. 

Stachura et al. (2007) demonstrated the feasibility of using LDMS to identify 
some organic and inorganic pigments in automotive paints. Positive and negative 
ions were examined, and both mass spectra were found to be useful since they 
provided different types of information. Molecular ions of Copper Phthocyanine 
Blue with expected isotopic ratios were identified in mass spectra obtained for 
a blue automotive paint. Lesser amounts of molecular ions of the mono- and 
dichloro-substituted compounds were also observed, from the stabilizers discussed 
previously. Of all the methods that have been described, this is the only one that 
has elucidated the nature of these stabilizers. 
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5.6 EXAMPLES 


5.6.1 Example 1 


The body of Veronica Hill was found several feet off the side of a little-traveled 
dirt road in Daytona Beach, Florida. Her clothed body was wrapped in a peach- 
colored sheet, a floral print white sheet, and an old blanket. The cause of death 
was determined to be blunt trauma to the head. There was no evidence of sexual 
assault. Subsequent investigation disclosed that she frequently had sex with men 
in exchange for money, and several of her recent acquaintances were identified by 
the clientele in establishments she frequented. Time lines pointed to one primary 
suspect, David Cartwright. He appeared quite cooperative upon questioning and 
agreed that the police could search his apartment and garage after obtaining the 
appropriate paperwork. He acknowledged being with Ms. Hill in the past, but 
claimed that he was not with her on the night of her death. 

Mr. Cartwright’s apartment appeared to be in order, with no signs of struggle 
or evidence of Ms. Hills’ suspected presence. Even had such evidence been dis- 
covered, it would have been of little value, as Mr. Cartwright already said he had 
known her and she had previously been to his apartment. In searching the garage, a 
strong scent of chlorine bleach was noted along with signs of a recent acid wash of 
the concrete floor. A search for blood resulted in failure. Examination of his 1984 
Toyota pickup truck revealed that it was customized both inside and out. It had 
a relatively new coat of deep purple paint with a distinctive sparkling effect. The 
interior had the headliner and seats covered with purple imitation fur and there 
was evidence that the bed area of the truck had at one time also had a similar 
treatment. The rear of the cab had previously been removed and a truck bed cover 
was welded to the cab, modifying the pickup truck into somewhat of a sport utility 
vehicle. The purple faux fur fabric lining was torn from the bed of the truck as 
well as from the sides of the compartment. The roof’s interior still had the fabric 
present as a custom headliner. Mr. Cartwright explained that he was in the process 
of refurbishing the interior, and a search failed to reveal the presence of blood 
stains. Mr. Cartwright shared photos of the interior of the custom vehicle prior 
to his removal of the appointments and acquaintances related that the work must 
have been done recently, as the interior was intact just the prior week. He was an 
avid do-it-yourself customizer as evidenced by the paint and refinish supplies in 
his garage. 

Witness statements and cell phone logs continued to point to Mr. Cartwright 
and Ms. Hill being together the night of her demise. He held to his claim of not 
being with her but had no alibi, since he was home alone that night. No murder 
weapon had been discovered and there was no DNA evidence. Examination of the 
sheets and blanket in which Ms. Hill’s body was wrapped revealed an odd pattern 
of apparent oversprayed black paint on one of the sheets and the blanket. There 
were straight lines with no paint on one side and thin overspray on the other. One 
even had a curve at the top of it, as if something was placed on the fabric and 
spray-painted. There were two other round spray areas on the blanket, as if a can 
of spray paint was being tested or the nozzle cleared. These areas were cut out and 
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the adhering surface debris from the remainder of the fabrics was collected and 
searched stereomicroscopically. This search disclosed the presence of numerous 
purple synthetic fibers, some appearing to be long and furlike in shape. Compari- 
son of these fibers to various standards taken from the headliner, side compartment 
liners, and seat covers of Mr. Cartwright’s customized truck revealed several corre- 
sponding types. There were three different types that were alike generically (acrylic, 
modacrylic, and polyester) in addition to their microscopical morphology and color. 
Morphology was compared by polarized light microscopy, fluorescence comparison 
microscopy, and brightfield comparison microscopy. Color was compared by com- 
parison brightfield microscopy and microspectrophotometry. Of course, one could 
argue that Ms. Hill had probably been in Mr. Cartwright’s truck and could have 
had some of the fibers on her clothing from previous contact. However, the number 
of fibers found was striking; and they were found not only on the victim’s clothing 
but on the outer blanket and sheets as well. Also, there was the paint overspray. 

Stereomicroscopical examination of the overspray areas on the outer blanket and 
the floral sheet used to wrap the body revealed tiny droplets of cured paint fused 
to the fibers comprising the fabrics. The surfaces of the droplets were smooth and 
tapered down to the shaft of the fibers, indicating that the paint had been applied wet 
and then cured on the fabric as opposed to being abraded onto the fabric’s surface. 
Examination by polarized light microscopy (PLM) and FT-IR microspectroscopy 
revealed that the droplets consisted of a black urethane-modified alkyd enamel 
paint with interference decorative flake present, providing a purple tint. This paint 
was encased with a clear, colorless coating that was also a urethane-modified alkyd 
enamel, similar to the underlying black layer in binder chemical characteristics. The 
binder chemistry and compatible layer system of the two paints suggested a vehicle 
refinish paint. Refinish paints are particularly valuable evidence, due to the number 
of manufacturers and the variety of binder types marketed by each manufacturer. 
Considering the combination of these two factors, there are over 30 differentiable 
binder formulations for each color offered. 

No potential sources of this paint were discovered in Mr. Cartwright’s 
garage; however, there were numerous overspray areas on the concrete walls and 
cabinetry. One such area consisted of a black urethane-modified alkyd enamel paint 
containing interference decorative flake, providing a purple tint. It was the same 
color as the paint on the blanket around the victim’s body. Examination of paint 
samples collected from his 1984 Toyota truck disclosed that the uppermost finish 
coat consisted of a clear colorless urethane-modified alkyd enamel with either 
metallic decorative flake or both metallic and pearlescent flake distributed sparsely 
throughout. This was followed by a black urethane-modified alkyd enamel contain- 
ing interference decorative flake providing a purple tint. Numerous refinish layers 
were present below these topcoats, varying in layer structure from one panel of the 
vehicle to another. Comparison of the top two paints with the paint overspray found 
on the blanket and the garage wall revealed that they are like one another with 
respect to their colors, binder characteristics, and pigment characteristics, including 
the elemental characteristics of the interference decorative flake present in the 
black basecoat. Stereomicroscopy, comparison brightfield microscopy, comparison 
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polarized light microscopy, infrared spectroscopy, and scanning electron 
microscopy in conjunction with energy-dispersive x-ray spectroscopy were all 
used in the comparisons. PyGC was not used, due to the limited quantity of paint 
present in the overspray transfers. 

As with many cases involving trace circumstantial evidence, the two layers of 
paint overspray discovered on the blanket and sheet wrapped around Ms. Hill’s 
body corresponding to the paint on Mr. Cartwright’s vehicle and garage wall was 
certainly not definitive proof of the association in and of itself. Paint is a mass- and 
batch-produced material and typically escapes the realm of source individualization. 
But on the other hand, considering that the paint on the body’s wrappings was 
applied as a wet spray of a compatible two-layer vehicle refinish paint system 
which coincided with the outermost finish on Mr. Cartwright’s vehicle along with 
the presence of the numerous unusual fibers of varying types found on the body’s 
wrappings that also coincided to the upholstery in Mr. Cartwright’s vehicle makes 
for very compelling evidence of an association. 


5.6.2 Example 2 


By far the most common type of paint examination encountered in public forensic 
science laboratories involves vehicle paint transferred in hit-and-run cases. There 
are two types of investigations. In the first, a victim’s clothing and/or possessions 
are examined for the presence of automotive paint in order to determine the year, 
make, and model of the striking vehicle. This investigative lead information is 
provided to authorities to aid in the search for a suspect vehicle. In the second, paint 
exemplars taken from a suspect vehicle (knowns) are compared to paint transfers 
found on the victim to determine whether or not the suspect vehicle could have 
been the source of the paint transferred. Occasionally, the investigations become 
very challenging, such as in a 2002 “cold case” from a city on the east coast of 
Florida, where the suspect vehicle of a hit-and-run fatality was a white 1977 GMC 
van that had been discovered in a salvage yard eight months after the incident 
occurred. 

The suspect had sold the van for parts shortly after the accident, and many 
accessories were missing (see Figure 5.36). It had been stripped of all interior parts, 
front-end exterior lamps, lenses, and side rear-view mirrors. All windows had been 
broken and removed. No fabric marks were found on the vehicle. There was some 
body damage to the front passenger side of the vehicle, especially the right-front 
fender and hood; however, other panels on the vehicle were also damaged. The 
exterior passenger side of the vehicle had been spray painted white by hand, as 
evidenced by the thin coating where the paint had run down the surface of the door 
and quarter panel. 

The accident scene had pieces of broken amber plastic side marker lens, pieces 
of broken side-view mirror glass, pieces of broken headlight glass, and a right 
exterior rear-view mirror assembly strewn about. The victim was injured primarily 
by blunt trauma to the rear of the head, apparently from being struck by the mirror 
assembly. Search of the victim’s clothing revealed the presence of white paint 
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Figure 5.36 The suspect 1977 GMC van recovered from a salvage yard. (See insert for 
color representation.) 


deposits fused to the back of the victim’s jeans. Numerous borosilicate headlight 
glass fragments and nontempered window glass fragments were found in the surface 
debris recovered from the clothing, along with several fragments of multilayered 
paint fragments having a white topcoat. 

Examination of the suspect vehicle revealed rust-encrusted mounting points for 
an exterior right rear-view mirror, which corresponded in general configuration to 
the mirror mount found at the scene. However, no detailed characteristics remained 
at the mounting sites due to the corrosion present. This was associative evidence, 
but far from definitive. The pieces of amber plastic side maker lens were similar 
to the red lenses remaining on the rear of the vehicle. Both they and the exterior 
side-view mirror assembly were consistent with the types used on mid- to late- 
1970 to early-1980 General Motors (GM) vans and panel trucks. No headlight, 
mirror, or window glass remained in the vehicle for use as standards to compare to 
the glass fragments recovered from the victim’s garments. Following comparisons 
by stereomicroscopy, polarized light microscopy, FT—IR microspectroscopy of all 
layers, PyGC of the finish coats, and SEM—EDS of all layers, it was found that 
the paint chips fused to the rear of the victim’s jeans had two-layer structures 
corresponding to the finishes on the right front fender and hood of the suspect 
vehicle. One panel has a three-layer original finish paint system underneath a poorly 
applied refinish paint (see Figure 5.37), while the other has a two-layer refinish 
paint system (see Figure 5.38). The two types of corresponding paint, along with 
the parts found at the scene, provide strong evidence of an association between the 
victim and the suspect 1977 GMC van. 

The forensic examiner’s task often does not end with the completion of exam- 
inations in the laboratory and authoring a report of the findings. He or she may 
be called to court to give testimony not only of what was found but also of its 
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Figure 5.37 Layer structure of the paint from the passenger side door and quarter panel 
of the 1977 GMC van. (See insert for color representation.) 
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Figure 5.38 Layer structure of the paint from the right side of the hood of the 1977 
GMC van. (See insert for color representation.) 


significance. Although the work on this case could have stopped at this point, a 
search of the Paint Data Query (PDQ) International Original Automotive Paint 
database was undertaken to further evaluate how many other vehicles may have 
had the same original finish as that on the 1977 GMC van produced in GM’s 
Lordstown, Ohio plant. The original finish paint layer structure consists of a white 
acrylic-melamine enamel topcoat over a black alkyd—melamine enamel primer- 
surfacer over a reddish-brown styrene—acrylic enamel primer. There is a thin white 
vinyl toluene—acrylic—alkyd enamel layer on the surface of the original topcoat. 
This surface paint binder is typical of a household spray paint. The characteristics 
of the remaining three original automotive finish layers were entered into the PDQ 
database and searched. Although there was no record of a finish system exactly 
like that on the Lordstown, Ohio—manufactured 1977 GMC van in this case, all 
queries did lead to General Motors products manufactured between 1977 and 1980. 
A further search of these “hits” removed the possibility of the finish coat being an 
acrylic lacquer, thus restricting the possibilities to GM trucks and vans, with the 
exception of several types of cars being manufactured in California. Insistence on 
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the color and chemistry of the base electro-coat primer in the PDQ search, even 
without the black primer-surfacer, points to 1977 to 1980 GM trucks or vans. 

To what end did this additional work bring the examiner? Testimony would 
surely stress that two types of paint were found on the victim that correspond to 
the coatings on the front passenger side of the suspect vehicle. One is a refinish and 
the other is an original finish with a repaint on its surface (determined by their layer 
structures and chemistry). Furthermore, the binder chemistry of the latter refinish is 
consistent with a household spray paint. When asked the question, “But how many 
other vehicles could have an original paint like this common white finish on them?” 
the examiner can now respond, “In the case of the three-layer original finishes found 
in the questioned and known samples in this case, a search of an automotive paint 
database containing over 14,000 original-finish layer systems used over the past 30 
years resulted in similar paint layer systems being found only on vehicles produced 
by General Motors from 1977 to 1980, primarily vans and trucks.” 


5.6.3 Example 3 


Human use of pigments for paintings, decorations, and other ritual purposes has a 
very long history. The earliest known cave paintings, for example, are well over 
30,000 years old. The pigments used for these were predominantly inorganic com- 
pounds (especially ferric oxide and hydrous ferric oxide), although a few naturally 
occurring organic compounds, such as chlorophyll from plants, were also used. 
The vast majority of synthetic pigments were not available until the early twenti- 
eth century, and this is certainly the case for synthetic paint binders. When dealing 
with art and other painted or pigmented objects, the presence of synthetic pigments 
and binders is therefore one of the most definitive markers used by art conserva- 
tion and provenance chemists to indicate either a modern restoration or a forgery. 
Introduction dates for earlier paint components, however, can also serve to limit 
the time periods when they could have been used. Although some inorganic pig- 
ments have been used for tens of thousands of years, their modern formulations 
have characteristic signatures that serve to distinguish them from their ground min- 
eral counterparts. Modern pigments, for example, have definite particle size and 
particle-size distributions, morphologies, specific crystal structures in the case of 
polymorphic substances, additives, and so on. 


The Shroud of Turin There has probably never been an object analyzed by a 
forensic science laboratory that has generated more controversy than the Shroud 
of Turin. The shroud is a linen cloth that appears to bear the image of a man. It 
is believed by some to be the cloth that was placed on Jesus Christ prior to his 
burial, with the image formed by blood, secretions, or other means. The shroud is 
kept at the Cathedral of Saint John the Baptist in Turin, Italy. 

In 1977, a team of scientists was selected to study the shroud, with this 
investigation given the designation Shroud of Turin Research Project (STURP). 
One of the STURP team members was Walter McCrone (1916-—2002), a leading 
microscopist and founder of the McCrone Research Institute and McCrone 
Associates in Chicago. McCrone’s main tool for this investigation was polarized 
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light microscopy, although he confirmed his findings using a variety of other 
analytical methods. In 1979, based on his analyses, McCrone concluded that there 
is no blood on the shroud and that the image is produced by a paint consisting 
of a collagen tempera binder pigmented with red ochre (mainly ferric oxide) and 
vermilion (mercuric sulfide) (McCrone and Skirius, 1980; McCrone, 1980, 1981). 
This was a common paint composition during the fourteenth century and McCrone 
stated that “the Shroud is a beautiful painting by an inspired medieval artist.” 

McCrone was the only STURP team member to reach this conclusion, and when 
other members learned that he disagreed with them, his samples were confiscated 
and he was removed from the team. When his conclusions became public, he 
received hate mail and death threats. In 1989, three independent radiocarbon stud- 
ies of the shroud were conducted at the University of Arizona, Oxford University, 
and the Swiss Federal Institute of Technology. The data from all three laboratories 
were consistent and indicated that the shroud originated from the time period 1260 
to 1390 (Damon et al., 1989), confirming McCrone’s earlier claim. More details of 
this case are described in Judgement Day for the Shroud of Turin (McCrone, 1999b). 
In 2000, the American Chemical Society acknowledged McCrone for his contribu- 
tions to chemical microscopy—specifically citing his studies on the shroud—by 
honoring him with the American Chemical Society Award in Analytical Chem- 
istry. 


The Vinland Map The Vinland map is purported to be a fifteenth-century doc- 
ument that was discovered in 1957. Its authenticity gained some credibility from 
the fact that at one time it was probably bound together with another ancient doc- 
ument of undisputed authenticity. The map depicts most of the world, including 
Europe and Asia, Africa, Greenland, and a large island west of Greenland labeled 
“Vinland” (North America). The map was donated to Yale University, but before 
accepting it, the university had it examined by two museum curators and a librar- 
ian, who pronounced it authentic. Unfortunately, this was done in secret and other 
specialists were not consulted. 

In the scientific community, the Vinland map has probably generated more 
controversy than the Shroud of Turin, owing to both its content and its chemical 
composition. The map depicts Greenland as an island with a shape that is quite 
accurate, considering that in the fifteenth century it was thought to be a peninsula, 
and there were no recorded passages of ships around the island until the twentieth 
century. Some of the Latin names cited on the map were not believed to have been 
used until hundreds of years later. 

One of the main factors that has continued to fuel the Vinland map controversy 
is the radiocarbon dating analysis, which indicates the map parchment to be from 
the 1423 to 1445 time period, consistent with its purported date of origin. The map, 
however, has a coating of an unidentified substance from the 1950s. The British 
Museum examined the map in 1967 and found that it appeared to have been drawn 
with two superimposed lines consisting of black and yellow inks, and was unlike 
any that had been examined previously. 

In 1972, Yale University sent the map to McCrone Associates for chemical anal- 
ysis of the ink. Walter McCrone found that the map was produced with a yellow 
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line overlaid with a black line in the middle (McCrone, 1976). McCrone indicated 
that this was done with considerable skill, but he did find segments where the 
yellow and black lines were not parallel. The use of two lines was apparently done 
to simulate the natural weathering of medieval black iron-containing inks, which 
would develop such an appearance as the ink migrated slowly along the parch- 
ment fibers. Using polarized light microscopy, SEM—EDS, transmission electron 
microscopy (TEM), XRD, and other methods, McCrone identified anatase in the 
yellow ink, with the anatase having morphologies, particle sizes, and particle-size 
distributions consistent with those of modern formulations. Anatase was first used 
as an ink pigment in the 1920s and may have a yellow hue from iron impurities. 
McCrone thus concluded that the Vinland map could not have been produced when 
purported. 

Proponents of the authenticity of the Vinland map have argued that since anatase 
is present in trace quantities in some of the components of inks used in the medieval 
period, McCrone’s findings do not support a forgery. However, there have been 
no investigations into the microscopic characteristics of anatase found in such 
documents to show that these impurities cannot be distinguished from modern 
formulations, which was the key to McCrone’s findings. In 1991, McCrone per- 
formed a second examination of the map ink. Using an infrared microscope, he 
identified the ink binder as gelatin, probably made from animal skin (McCrone, 
1999a). Although this does not rule out a medieval origin, McCrone confirmed that 
significant quantities of anatase are present. This had become an issue since his 
first study, as an examination of the ink using PIXE suggested that the titanium 
levels were too low to be from anatase in the ink (Cahill et al., 1987). However, 
a 2002 study using a Raman microscope confirmed that a significant amount of 
anatase is present in the yellow ink, and found that most of the black ink consists 
of carbon (Brown and Clark, 2002). Such inks would not be expected to produce 
yellowing with age, which is characteristic of iron-containing inks. 

Judging from the titles of two letters to Analytical Chemistry and a recent review 
article— Evidence That the Vinland Map Is Medieval (Olin, 2003), The Vinland Map 
Ink Is NOT Medieval (Towe, 2004), and Analysing the Vinland Map: A Critical 
Review of a Critical Review (Towe et al., 2008)—the heated controversy over the 
authenticity of this document will probably not end any time soon. McCrones’s 
detailed examinations of the anatase particles of the yellow ink, however, provide 
convincing evidence for a modern pigment rather than a natural contaminant in a 
medieval pigment. 


A Trove of Previously Undiscovered Paintings by Jackson Pollock? 
In 2002, Alex Matter reported his discovery of more than 20 previously unknown 
paintings that he attributed to the American abstract expressionist artist Jackson Pol- 
lock (1912-1956). He found them in a storage locker belonging to his deceased 
father, who had been a friend of Pollock’s. Based on the style of the paintings 
and an inscription on the paper wrapper in which the paintings were said to have 
been discovered, at least one leading expert on Pollock’s work concluded that the 
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collection was genuine. This expert felt that “there are too many things about them 
that are pure Jackson” (Kennedy, 2005). In preparation for an exhibition that fea- 
tured the paintings, the owners sent them to the Harvard University Art Museum 
Laboratory, the Museum of Fine Arts (Boston) Laboratory, and to Orion Analyt- 
ical LLC in Massachusetts for paint analysis. Scientists at these laboratories also 
examined previous known paintings by Jackson Pollock as a comparison (Martin, 
2008). 

The following are some of the paint components that were identified in most of 
the paintings that were analyzed: (1) an acrylic binder with styrene, (2) Benzimi- 
dazolone Yellow 4G (Pigment Yellow 151), (3) Benzimidazolone Orange (Pigment 
Orange 62), (4) rutile-coated mica pearlescent pigments, (5) iron oxide—coated 
mica pearlescent pigments, and (6) DPP Red BO (Pigment Red 254). These compo- 
nents were identified by infrared spectroscopy, with additional methods, including 
microscopy and elemental analysis, used to identify the pearlescent pigments. Ben- 
zimidazolone Yellow 4G, Benzimidazolone Orange, and DPP Red BO were first 
identified in automotive paints. Because they were fairly new, their introduction 
dates and their first known use for American vehicles were also reported to aid 
forensic paint examiners interpret data from unknown paint chips recovered from 
hit-and-run scenes. The art provenance chemists performing the Pollock studies 
relied on these automotive paint studies, as well as others (Martin, 2008). 

None of the six paint components cited was found in previous known works 
by Pollock. More revealing, however, are the commercial introduction dates for 
the six: (1) 1961, (2) 1969, (3) 1971, (4) 1978, (5) 1979, and (6) 1983 (Martin, 
2008). All six were therefore introduced after Pollock’s death in 1956, and all 
three laboratories concluded that the paintings containing these compounds could 
not have been produced by Pollock. 
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Summary _ The analysis and identification of writing and printing inks and ton- 
ers is generally very important in document examination, especially when used in 
conjunction with a reference library. Inks can be differentiated based on the chem- 
istry of colorants, solvents, resins, and additives. Instrumental analysis, including 
GC-MS, HPLC, and FT-IR and Raman spectroscopy, can often be used following 
visual examination, microscopic observation, and thin-layer chromatography. Anal- 
ysis of toners can be performed with XRF, SEM-—EDS, or pyrolysis GC. Although 
chemical analysis of materials used to create documents can provide vast amounts 
of relevant information and strongly support associations between questioned and 
known materials, in nearly all cases the data obtained will not support a conclusion 
that identifies a particular writing instrument or printing device. 
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6.1 INTRODUCTION 


Crimes that involve questioned documents can include matters of national secu- 
rity (National Commission on Terrorist Attacks Upon the United States, 2004), 
homicides, and various types of document fraud. In all cases it is imperative for 
investigators and forensic scientists to recognize the realm of examinations that 
can be conducted on documents and the potential information that may be gleaned 
from their findings. A questioned document (QD) is defined by Lindblom (2006) as 
“".,. any material containing marks, symbols, or signs that convey meaning or mes- 
sage.” Documents can present themselves in numerous formats, including letters, 
envelopes, packages, calendars, diaries, currencies, identification cards, financial 
documents, contracts, wills, and business records. Forensic document examiners 
(FDEs) can also evaluate a variety of evidence that does not fall into the tradi- 
tional category of a document, but requires similar expertise, such as written entries 
found on the body of a victim, or a threat written or painted on a wall. 

General acceptance of handwriting analysis to identify a suspected author dates 
back several decades. While handwriting evaluations are a valuable QD exam- 
ination, there is a gamut of nonhandwriting examinations that require chemical 
analyses. Given the variation of materials encountered on a questioned document 
and the diversity of analytical techniques available, the purpose of this chapter is 
to provide an overview of the chemical procedures that may be used for document 
examination. The authors have chosen to highlight some common procedures that 
may be employed to gather information from documents submitted for forensic 
analysis. The appropriate scientific procedure is heavily dependent on the com- 
position of the material being analyzed. Often, documents are created using a 
combination of inks and paper. Correction fluid, adhesives, stains, and various 
other materials may be encountered on a document as well. 


6.2 INK 


Ink is one of the most common materials used in the production of a docu- 
ment. Although there are various types of writing and printing inks, chemical and 
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instrumental techniques remain similar when attempting to characterize their basic 
components. Typically, the goal of such examinations is to determine the source 
of the manufacturer, compare questioned and known items, and ascertain when the 
document was produced and/or decipher alterations, erasures, and obliterations. 


6.2.1 Ink Composition 


All inks, in their basic form, are composed mainly of a colorant(s) suspended in 
a vehicle (solvents and resins). There are also other organic and inorganic ingre- 
dients that may be present in inks, which can include antioxidants, preservatives, 
wetting agents, lubricants, and trace elements, but these typically form a small 
fraction of the overall formulation. Nevertheless, their importance should not be 
discounted because it is possible that a combination of these components allows 
otherwise similar inks to be discriminated. Before delving into the various analyt- 
ical approaches for the examination and characterization of inks, it is necessary to 
gain an understanding of the major components. 


Colorants Colorants are a crucial part of all inks because without them, inks 
would not be discernible under visible light (approximately 380 to 780 nm). The 
molecular composition of the colorants will dictate how certain wavelengths of 
visible light are absorbed and reflected, thereby influencing their color. Depending 
on the vehicle and its interaction with the colorant, two types of colorants can be 
used: dyes and/or pigments. Dyes are generally considered to be compounds with 
highly conjugated resonance structures. Their molecular weights can vary from 
the low hundreds to the high thousands. Dyes can be classified according to their 
chemical structure or how they are applied to material. It is beyond our scope in 
this chapter to adequately review the various types of dyes. The most compre- 
hensive volume regarding dye information is The Colour Index, published by the 
Society of Dyers and Colourists and the American Association of Textile Chemists 
and Colorists (1971). Dyes may be listed by their International Union of Pure and 
Applied Chemistry (TUPAC) name, Chemical Abstracts Services (CAS) number, 
or the Colour Index (C.I.) name. The Colour Index divides dyes into a series of 
large groups: acid dyes, azoic dyes (monoazo-, diazo-, triazo-), basic dyes, devel- 
opers dyes, direct dyes, disperse dyes, fluorescent brighteners, food dyes, ingrain 
dyes, leather dyes, mordant dyes, natural dyes, oxidation bases, phthalocyanine 
dyes, reactive dyes, reducing agents, solvent dyes, sulfur dyes, and vat dyes. These 
colorants are used in many industries to yield colors on an array of substrates; how- 
ever, solvent dyes and pigments are the most commonly used colorants in writing 
instruments. Acid dyes and reactive dyes are also used, but less frequently. The 
molecular structures of a common phthalocyanine dye and a monoazo reactive dye 
are shown in Figure 6.1. 

The major distinguishing feature between dyes and pigments is that the latter 
consists of fine particles of insoluble material that are suspended in the vehicle. 
Pigments are generally considered more stable and long-lasting than dyes because 
pigments are less prone to photodecomposition (lightfast) and are insoluble in 
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Be on 


Copper Phthalocyanine C.I. Acid Orange 6 (mono)-azo dye 





Figure 6.1 Molecular structures of copper phthalocyanine and a monoazo reactive dye 
that can be found in writing and printing inks. 


water (waterfast). Their color can be derived from a metal-centered complex and is 
generally less vibrant than dyestuffs. Additionally, pigments are more opaque than 
dyes, so the colorant is more efficient at masking any underlying material. There 
are five major categories of pigments: organic pigments, toners, lakes, extended 
pigments, and inorganic pigments. Toners, lakes, and extended pigments are all 
precipitated from an aqueous solution in conjunction with some catalyst(s). 


Solvents The fluid portion of ink that suspends and delivers the colorant to the 
substrate is known as the vehicle. Vehicles are necessary to carry the color from the 
cartridge to the paper. Once on the paper, the solvent undergoes a series of changes 
over a fixed period of time, causing the colorant to dry onto the paper. Changes that 
occur to the solvent—ink mixture over time can include polymerization, evaporation, 
oxidation, or photodecomposition. These modifications to the original chemical 
composition of the ink have been the focus of methodologies that are employed 
when attempting to date a document. A more extensive discussion of ink aging 
will be covered in the ink analysis section of this chapter. 

Although much of the specific information on each company’s ink formula- 
tions is proprietary, there are some standard chemicals that are used as vehicles. 
Glycols, alcohols, and water are the most commonly found solvents in use for 
pens today (Brunelle and Crawford, 2003). 2-Phenoxyethanol (2-PE), ethanol, 
1-phenoxypropan-2-ol, benzyl alcohol, and many more solvents can also be used as 
vehicles. The choice of which solvent or solvents to use often relies on properties 
related to the writing instrument. The writing instrument type (e.g., fountain pen, 
ballpoint, felt-tip marker), composition of the ink cartridge, region of sale (e.g., 
dry, humid), and type of colorants and resins are all considerations when attempt- 
ing to determine the type of solvent(s) to be used. The desired properties for a 
single formulation are often achieved through a combination of several vehicles. 
Other considerations, such as the solubility of the colorants in the vehicles, are 
also critical, since vehicles are the primary means of delivering the colorant to the 
substrate. 


Resins and Additives Resins, which can be natural or synthetic, are incorpo- 
rated into inks to provide them with a desired viscosity and a means to bond 
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the ink and the substrate as the ink dries. Normally, the resinous material is 
dissolved into the vehicle to create a solution in which colorants can be added. 
Phthalates, ketone resins, styrene-type resins, phenol-type resins, rosin-type resins, 
and poly(vinylpyrrolidones) are just a few plasticizers that find use in ink formu- 
lations as binding resins (U.S. patent 7,462,229). Along with the resins, additives 
such as biocides, surfactants, lubricants, corrosion inhibitors, preservatives, buffers, 
and diluting agents are included in ink formulations to enhance properties of the 
ink (Brunelle and Crawford, 2003). Biigler et al. (2005) used thermal desorption 
and gas chromatography—mass spectrometry (GS—MS) to characterize ballpoint 
pen inks. Table 6.1 is a summary of the resins and solvents found in a population 
of 25 inks. 


TABLE 6.1 Summary of Resins and Solvents Found in 25 Different 
Ballpoint Inks Analyzed Using Thermal Desorption and 
Gas Chromatography—Mass Spectrometry 


Year of 
Manufacturer Introduction Color Resin Class“ Solvents? 
1 1997 Black AF PE, PDE, N -methylpyrrolidone 
2 2000 Blue AF PE, PDE 
1 2000 Black AF PE 
3 2000 Blue AF PE, PDE 
2000 Black CF PE, PDE 
4 2000 Black AF PE, PDE 
5 2001 Blue CF PE, dipropylene glycol 
1999 Black AF PE, PDE, ethyl diethylene glycol 
6 2002 Black Alkyd PE 
fi 2002 Black Alkyd PE, PDE, propylene glycol 
8 2003 Blue AF PE, PDE, diisopropylene glycol 
2003 Black AF PE, PDE, ethyl diglycol 
9 2003 Blue CF, Alkyd PE, PDE, hexylene glycol 
2003 Black AF PE, PDE, hexylene glycol 
10 2003 Blue Alkyd PE, butylene glycol 
11 2003 Blue Alkyd PE, PDE, benzyl alcohol 
12 2003 Blue AF PE, PDE, butylene glycol 
2003 Black AF, Alkyd PE, PDE, butylene glycol 
13 2004 Blue AF PE, benzyl] alcohol 
2004 Black Unknown PE, benzyl alcohol 
14 2005 Blue Alkyd PE, benzyl] alcohol 
2005 Black Alkyd PE, benzyl! alcohol 
15 2005 Blue — CF, Alkyd PE, PDE 
2005 Black CF, Alkyd PE, PDE 
2005 Blue CF PE, PDE, trioctylphthalate 


Source: Adapted, in part, with permission, from the Journal of Forensic Sciences, Vol. 50, No. 5, 
copyright © ASTM International. 

“AF, acetophenone—formaldehyde resin; CF, cyclohexanone—formaldehyde resin. 

>PE, 2-phenoxyethanol; PDE, 2-(2-ethoxy) ethoxybenzene. 
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TABLE 6.2(a) Ink Formulation Containing Glycol 


U.S. patent: 4,077,807 Formula 
Ethylene glycol monopheny! ether 20.0 
1,3-Butylene glycol 20.0 
Fatty acid (oleic acid type) 12.0 
Solvent Blue 5 dye (such as Victoria Pure 6 Blue BO base) 5.0 
Solvent Violet 8 dye (such as Methyl 4 Violet base) 5.0 
Resin, ketone condensation type 35.0 
Resin, poly(vinylpyrrolidone) type 3.0 
Corrosion inhibitor 1.0 
Antioxidant 2.0 
Parts by weight 103.0 


TABLE 6.2(b) Series of Ink Formulas Containing Benzyl Alcohol, Antioxidants, 
and Corrosion Inhibitors 


Formula 
U.S. patent: 4,077,807 A B C D 
Benzyl alcohol 22.0 22.00 22.0 22.0 
Ethylene glycol phenyl ether 22.0 22.0 22.0 22.0 
Oleic acid 12.0 120 12.0 12.0 
1,2-Propylene glycol 4.7 4.7 4.7 4.7 
Blau Base KG (Solvent Blue 64, BASF) 15.9 15.9 15.9 15.9 
Victoria Blue base F4R (Solvent Blue 2, BASF) 75 75 75 75 
Hexane triol phthalate resin 15.9 15.9 15.9 15.9 
2,2-Methylene bis(4-methyl-6-tertiary-)butylphenol 0.0 2.0 0.0 2.0 
(antioxidant) 

Benzotriazole (corrosion inhibitor) 0.0 0.0 0.1 0.1 

Parts by weight 100.0 102.0 100.1 102.1 


Additional information on specific ink formulations can often be found in 
patents. Tables 6.2 and 6.3 depict the chemical profiles of several inks obtained 
from U.S. patents 4,077,807 and 4,097,290. 


6.3 INK ANALYSIS 


The information obtained from forensic ink examinations can be a critical com- 
ponent of a case, but the analysis process can be extraordinarily complex. We 
have chosen to generically describe modern techniques that pertain to more com- 
monly encountered inks such as writing instruments and office machine printers 
(i.e., photocopiers, laser printers, and inkjet printers). Ink analysis revolves around 
classifying and identifying the various components of ink: colorants, vehicles, and 
additives. It is very rare to identify a questioned ink as coming from a specific pen 
or printer, so in most cases, conclusions are reached about the formulation of the 
ink. Being a mixture, an analytical profile for the ink formulation can be developed 
using an assortment of instrumental techniques on the various components. 
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Numerous formulations of writing inks are available to the general public, 
thereby greatly decreasing the frequency of occurrence of any particular ink formu- 
lation. Personal preferences (e.g., fountain, ballpoint, roller, and gel pens), changes 
in technological features, cost considerations, and the availability of raw materi- 
als are some examples of why so many writing inks exist. Furthermore, most ink 
companies spend substantial resources on research and development. As a result, 
many of these formulations are considered proprietary and kept secret. It is also 
important to recognize the significance when two inks are determined to be chem- 
ically indistinguishable or “match” each other. As outlined in Section 9.3 in the 
ASTM’s Standard Guide for Test Methods for Forensic Writing Ink Comparison 
(ASTM E1422-05, 2005): 


When the comparison of two or more ink samples by optical or chemical analyses, 
or both reveals no significant, reproducible, inexplicable differences and there is 
significant agreement in all observable aspects of the results, it may be concluded 
that the ink samples match at the level of analysis and that the results indicate that 
the ink samples are of the same formula or two similar formulas with the same 
non-volatile components. 


Determining the significance of a match can be further interpolated when the ana- 
lyst has a reference collection for comparison as outlined in the ASTM’s Standard 
Guide for Writing Ink Identification (ASTM E1789-11). The U.S. Secret Service 
(USSS) and the Internal Revenue Service (IRS) jointly maintain the largest known 
forensic collection of writing inks in the world. The collection includes more than 
10500 samples of ink that date back to the 1920s and has been obtained from var- 
ious manufacturers throughout the world. Pen and ink manufacturers are contacted 
on an annual basis and requested to submit any new formulations of inks, along 
with appropriate information, so that the new standards can be chemically tested 
and added to the reference collection. In addition, writing pens are obtained on 
the open market and compared with the library of standards to identify additional 
inks that may not have been formally submitted by a manufacturer. Maintenance of 
the library is a formidable task that obviously requires significant resources and is 
not often practical for most forensic laboratories. Consequently, the USSS gener- 
ally considers offering forensic assistance (made on a case-by-case request) to law 
enforcement agencies requesting the analyses of writing inks. The Bavarian State 
Bureau of Investigation in Munich, Germany also maintains a reference collection 
of over 6000 writing inks (personal communication, Dec. 4, 2009). 

Requests for ink analysis typically comprise three types. The first may involve 
comparing two or more inks to determine if the formulations match each other. 
This may help to ascertain if any of the written entries were added or altered. 
The second is to attempt to identify the writing ink on a questioned document 
and provide investigative information regarding the possible source of the ink. The 
third and most challenging request is to establish when the written entries were 
created to help determine if they are authentic with respect to the purported date 
of preparation of a document(s). This type of request, usually referred to as ink 
dating, is addressed in further detail in a separate discussion. The first two tasks 
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can be achieved by comparing the questioned ink(s) with an adequate collection of 
standards, as described previously. 

Prior to conducting chemical analysis, it is important to determine how the 
entries on a document were produced (e.g., writing instrument, inkjet printer, toner- 
based office machine). Without this knowledge it will be difficult to select an 
appropriate analytical scheme. Moreover, there are physical and optical character- 
istics of inks that, when in combination with the chemical properties, allow one 
to form an analytical profile of the ink. It is important to recognize that it is the 
combination of physical, optical, and chemical results that will allow one to make 
more accurate and objective conclusions. 


6.3.1. Physical Examinations 


Physical examinations include the determination of the color and type of ink. Deter- 
mining the type of ink (e.g., ballpoint, felt tip, fountain pen) often requires training 
and experience in the evaluation of morphological characteristics using a stere- 
omicroscope (approximately 5x to 50x). It is important to establish the type of 
writing instrument used to make a questioned entry, as this dictates the extrac- 
tion solvent necessary for a chemical ink examination. There are various types of 
writing instruments and writing inks, but generally, inks are separated into three cat- 
egories: nonaqueous or glycol-based (ballpoint), fluid (porous, felt or fiber tips, gel, 
and roller pens), and fountain pens. Definitive microscopic differentiation of these 
three categories of inks is possible in most cases due to their unique morphological 
characteristics on a substrate. Although there are a variety of writing instruments 
that utilize fluid inks (e.g., gel pens, roller pens, felt-tip markers), their physical 
properties are not always definitively discernible. In addition to class characteris- 
tics, individual characteristics may be identified, thereby making the microscopic 
examination a necessary part of the procedure. As an example, Figure 6.2 illus- 
trates a damaged ballpoint casing and the microscopic scratching that appears on 





(a) (b) 


Figure 6.2 (a) Damaged ballpoint pen casing. (b) Visual defects generated by damaged 
writing instrument. (See insert for color representation.) 
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the paper. Such damage to the writing tip may be used to help associate a suspect 
writing instrument with the questioned document. 


Morphological Characteristics in the Written Line When examining a 
written line, the first step is to make a distinction between absorbent and nonab- 
sorbent (or semiabsorbent) ink. Inks that are water based will absorb into the paper 
fibers, providing nearly uniform coverage of the substrate over the width of the 
stroke. Semiabsorbent inks such as ballpoint inks generally do not penetrate the 
fibers as much but merely rest on top of the paper fibers. 

Hesitations, or pauses in the flow of writing, are also indicative of a particular 
type of writing mechanism. While related to vehicle composition, the absorbing 
inks tend to saturate and bleed into surrounding paper fibers when the pen is left 
in contact with the paper for a period of time. To a lesser extent, gel pens exhibit 
some bleeding, while ballpoint pens yield no bleed when left in contact with a 
piece of paper for an extended period of time. Figure 6.3 shows ballpoint ink, 
which exhibits no bleed, and a gel ink with minimal bleed. Both the felt-tipped 
and roller ball inks bleed significantly on paper. 

Strokes of each type of writing instrument are shown in Figure 6.4. Both ball- 
point ink, and to a lesser extent gel inks, fail to provide complete coverage of the 
paper fibers because they are semi- or nonabsorbent. Roller ball inks and felt-tipped 
(porous) inks are absorbent and therefore fully penetrate most porous substrates, 
creating uniform coverage. 

Additional characteristics observed in the written line can further distinguish 
writing instruments. For example, fountain pens are often noted for their shading 
and, when the ink is in short supply, for the appearance of two lines. When there 
is insufficient ink, the two separate nibs will appear on the substrate as two parallel 
lines. This phenomenon can also be observed if significant pressure is applied to 
the fountain pen nib. 

Ballpoint inks tend to have a sheen and provide incomplete inking across the 
paper fibers. Gooping, the release of a large volume of ink in a small area, is unique 
to ballpoint inks. Striations are voids in the inking that are a result of the ball not 
rolling through the ink supply prior to being rolled over the paper. Striations that 





Figure 6.3 Characteristics of the written line from various writing instruments. (See 
insert for color representation. ) 
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FT Gel 


Figure 6.4 Written lines from various writing instruments. (See insert for color repre- 
sentation. ) 


result from the ball are seen only in ballpoint inks because they do not absorb 
like other ball mechanism inks (gel, roller ball). The ballpoint mechanism typically 
leaves a writing groove in the substrate. 

Non-ballpoint (porous-tipped) inks are noted for their complete coverage across 
the width of the inked line. No grooves in the substrate are found and the ink 
tends to bleed if there is hesitation. There are instances where a felt-tipped pen 
may become degraded and stray fibers on the tip will leave stray markings off the 
main inked line. 

Gel pens, which utilize a ballpoint mechanism, tend to have heavy saturation at 
the edge of the written line and less saturation in the center. Since little pressure 
is needed to apply ink to the substrate, the writing groove present is typically not 
as deep as one would expect to find from a ballpoint pen. Neither gooping nor 
striations are visualized. 

Writing instruments can often leave information that is pertinent to a handwriting 
examination. Determining the direction of stroke is a valuable forensic examination. 
The ink saturation on gel pens, porous-tipped pens, steel pens, and fountain pens 
makes determination of the direction of stroke challenging. Fountain and steel pens 
may, in some instances, indicate a direction of stroke, as writers tend to apply more 
pressure on the downstroke (Hilton, 1982). As pressure is applied to the nib-tipped 
pens, the nibs separate and the one visible line may become two. The striations in 
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Figure 6.5 Ballpoint pen striations. (See insert for color representation.) 


ballpoint pens are the best indicator for the direction of stroke. When a ballpoint 
pen is rotated around the curve of a letter, it often leaves striations on the paper 
where the inking is incomplete. The striation works its way from the inside of 
the curve outward. In effect, the thinnest part of the “top” of the curve is always 
pointing in the direction of the stroke. Figure 6.5 illustrates the direction of stroke 
of a ballpoint pen. Table 6.4 lists the various physical characteristics that can be 
used to identify the type of writing instrument. 


6.3.2 Optical Examinations 


An optical examination, also referred to as a filtered light examination (FLE) or 
video spectral analysis (VSA), can provide valuable insight regarding the overall 
composition of an ink. The presence of colorants and other materials will directly 
affect the manner in which an ink absorbs, reflects, and transmits electromag- 
netic radiation. Ultraviolet (UV) and infrared (IR) radiation are forms of energy 
that can be used to examine inks on a document. Near-infrared reflectance (IRR) 
and infrared luminescence (IRL) properties can help significantly when evaluating 
properties of an ink. Instruments designed specifically for the purpose of a fil- 
tered light examination are best suited for document analysis. Foster & Freeman, 
Projectina, and other manufacturers provide equipment suited for such analyses. 


TABLE 6.4 Summary of the Various Characteristics Typically Found in 
Writing Inks 


Gooping? Complete Inking? Writing Groove? Ink Bleed? 


Fountain pen —_— Some Yes Yes 
Ballpoint pen Yes —_ Yes — 
Porous pen — Yes —_ Yes 
Roller ball pen — Yes Yes Yes 
Gel pen — Some Yes Some 
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Drexler and Smith (2002) have described a self-made apparatus that can be manu- 
factured using off-the-shelf equipment, and Richards (1977) provides a basic model 
for the application of infrared and ultraviolet techniques. Modern commercial equip- 
ment typically incorporates the use of a charge-coupled device (CCD), providing 
users with the opportunity to examine and save images electronically. When illu- 
minating a sample, there are two ways in which the sample can give off energy. 
The first involves the energy from the illuminant being reflected to the detector. 
The second way to detect energy from a sample is through luminescence. Lumines- 
cence is the absorption of energy at one wavelength and the reradiation of energy 
at another, typically longer, wavelength. The greatest advantage in examining the 
luminescence of a sample is the ability to filter out the incident energy on the 
sample. By filtering out the illuminant, the detector displays only energy that has 
been reradiated at a longer wavelength. When ink examinations are conducted, both 
IRL and IRR properties of the ink are recorded. While IRR and IRL properties 
are often used to determine the regions of interest on a document, they are rarely 
used to eliminate inks under comparison. Inks that exhibit varying IRR and IRL 
properties generally contain dyes in the formulation. Typically, dyes do not absorb 
IR radiation, whereas pigments do. Therefore, pigments will appear black at long 
wavelengths, whereas dyes often seem to disappear (transmit) in the IR region. 
When dyes become transparent in the IR region, the underlying substrate often 
reflects the incident energy, making it seem as though the ink has disappeared. It is 
important to note that a FLE can be completed before or after chemical analysis is 
conducted on the ink components. Since ink is a complex combination of chemicals, 
competing colorants can often reabsorb IRL from other colorants. Some compo- 
nents exhibiting IRL may be visible only after they are separated using chemical 
analysis, as other components can mask the luminescence. Figure 6.6 demonstrates 
two inks used for a check alteration with different IRL properties. 

An evaluation using optical methods should always be considered, especially 
when the request is to compare two or more entries, or when evaluating multiple 
entries on a page. Often, VSA will be used to evaluate if the writing ink on a page 
is homogeneous. Determining homogeneity may be necessary if further chemical 





Figure 6.6 Altered check created using two inks with different IRL properties. 
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testing is warranted. It is not practical to sample and chemically analyze all entries 
in most cases, so VSA is used as a screening tool. Additionally, it may be possible 
to detect if there have been any changes to the document or written entries, such as 
addition of solvents or materials, alterations, insertions, obliterations, and deletions 
using a FLE. It is critical to emphasize that if two inks cannot be differentiated via 
their IRR, IRL, and UV properties, this is not conclusive evidence that they are a 
match as described in the ASTM’s Standard Guide for Test Methods for Forensic 
Writing Ink Comparison (ASTM E1422-05, 2005). It is not uncommon that different 
inks will exhibit similar or even identical optical properties. Furthermore, when 
performing such examinations, caution must be taken in rendering conclusions 
if the evaluations are made on different substrates. The substrate can have an 
overwhelming effect by masking or absorbing the energy that is reradiated from 
the ink. 


6.3.3 Chemical Examinations 


Determining the chemical components present in a writing ink is a critical piece for 
developing an overall profile. The first stage of analysis typically involves extraction 
of the ink into the appropriate solution. Often, inks with different extractabilities 
will have different components. Extracting the same inks that have undergone 
different aging processes, were stored in different environmental conditions, or were 
found on different substrates may yield different extractabilities. It is important for 
an analyst to evaluate ink extractability in order to verify that the ink colorants 
are being extracted appropriately. Occasionally, some non-ballpoint inks may not 
extract in an aqueous solvent mixture. These are usually pigment-based fluid inks. 

Typically, ballpoint inks are extracted with organic solvents such as pyridine, 
methanol, or acetonitrile. Fluid inks can be extracted with a mixture of ethanol 
and water (1:1), but this is not always the ideal extracting solvent since some 
fluid inks are non-aqueous-based (e.g., permanent markers). Recently unpublished 
research suggests that a tetrahydrofuran (THF) and water mixture (4:1) may be 
suitable for both ballpoint and fluid inks. In some instances, inks may have to be 
extracted in other solvents, depending on the formulation. While it is necessary to 
maintain a single solvent or solvent system across a reference collection for search- 
ing purposes, there are numerous solvents that can be utilized when conducting an 
intraplate comparison. Figure 6.7 shows the variations in dyes that are extracted 
based on the assortment of extraction solvents that were used. 


Thin-Layer Chromatography Thin-layer chromatography (TLC) is one of the 
most widely used and generally accepted scientific methodologies employed to 
compare and help characterize ink formulations. TLC is an effective and efficient 
method for separating and identifying colorants. For example, two or more ques- 
tioned inks can be compared to determine if they are the same, or questioned 
inks can be associated to a known standard. However, it must be emphasized that 
TLC is only one portion of an analytical scheme, and the “profile” of an ink is 
achieved only by using the results from a series of physical, optical, and chemical 
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canieala vn) = 


























Figure 6.7 Different banding patterns based on changes to extraction solvent. (See insert 
for color representation. ) 


examinations. In 1999, Roux et al. conducted studies on black and blue ballpoint 
inks using a FLE, TLC, and reflectance visible microspectrophotometry (MSP). 
The authors concluded that “the power of the individual techniques to discriminate 
inks between and within brands, models and batches varied, the most informative 
techniques being TLC > FLE > MSP.” They showed that filtered light examinations 
of blue inks (n = 49) and black inks (nm = 42) resulted in a discriminating power 
(DP) of 0.83 and 0.96, respectively. After conducting TLC and in conjunction with 
FLE, the DP was 0.98 for blue and 0.99 for black, where 


DP = number of discriminated pairs 
~~ number of possible pairs 


TLC for writing inks has been discussed extensively by Brunelle and Crawford 
(2003), Witte (1963), Brunelle and Pro (1972), Brunelle and Reed (1984), Kelly 
and Cantu (1975), and Aginsky (1993a). TLC analysis begins by removing an ink 
sample from a document and subsequently extracting the ink in an appropriate 
solvent. The extract is then applied to a silica-coated TLC plate (glass or plastic 
backing) and placed in a solvent-equilibrated glass chamber containing a solvent or 
mixture of solvents. A mixture of solvents, often referred to as a solvent system, is 
often employeed to gain timely separation of ink components across the retardation 
factor range. The sample components then migrate up the plate via capillary action. 
Typically, the colorants (e.g., dye components) that are present in the ink sample 
will separate into colored bands or spots. 


Other Instrumentation There are numerous research papers regarding the use 
of instrumental methodologies for the analysis of ink that have been published. The 
use of gas chromatography—mass spectrometry (GC-MS) and high-performance 
liquid chromatography (HPLC) for the characterization and/or dating of inks has 
been discussed by Tebbett et al. (1992), Aginsky (1994, 1996), Andrasko (2001a), 
Gaudreau and Brazeau (2002), Hofer (2004), LaPorte et al. (2004), Wilson et al. 
(2004), and Biigler et al. (2005). In addition, spectroscopic techniques such as 
Fourier transform—infrared (FT-IR) and Raman spectroscopy have been studied 
for the characterization of inks by Humecki (1985), Merrill and Bartick (1992), 
and Andermann and Neri (1998). All of these instrumental methods may help 
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further delineate an ink formulation into its individual components, but it is not 
always necessary. One must take into consideration the environmental changes 
that can significantly affect the noncolorant components over a period of time 
immediately following their application to the paper. In cases where a standard 
reference collection is available, an ink may be determined to match a standard 
from a database to the exclusion of all others, and further discrimination may not 
be warranted. 

It is critical to understand some fundamental concepts regarding the analysis of 
inks submitted for forensic examination. First, many inks are composed of volatile 
and semivolatile components that will evaporate as an ink ages. Therefore, some 
components that are present in a fresh sample of ink may not be detectable in 
an aged sample using GC-MS. Although obtaining a supplemental volatile profile 
may increase the degree of discrimination, limitations may include solvent loss over 
time or other external factors, such as exposure to high temperatures, light, and/or 
humidity. Therefore, caution is warranted when making interpretations of quali- 
tative, and especially quantitative, data from instrumental techniques. In addition, 
there are some commonly utilized dyes that can photodecompose. Triarylmethanes 
(e.g., methyl violet) are one such group of dyes. They undergo a photochemical 
reaction that can be “influenced by the concentration of the reactants, the reaction 
medium, the temperature, the wavelength and intensity of the light” (Weyermann, 
2005). Second, when inks are applied to a substrate such as paper, there can be 
numerous interfering components in the paper that can affect data interpretation. 
Modern papers can contain optical brighteners, resins, and fillers that can inhibit 
the analysis of inks. Many inks absorb into the substrate, making FT-IR a difficult 
methodology, due to the significant contribution of some paper components to IR 
spectra. Even with spectral subtraction of a paper blank, there may still be an over- 
whelming effect from some paper ingredients. However, these matrix challenges 
do not preclude use of the aforementioned technologies. Rather, the implication 
is that the examiner must consider these variables and the type of request when 
choosing the appropriate instrumental technique. 

In summary, developing a single standardized analytical approach to ink anal- 
ysis can be challenging, but physical, optical, and TLC examinations should be 
routine. GC-MS, HPLC, and FT-IR should be considered, but will be dependent 
on the type of ink, the necessity for further discrimination, and other practical 
considerations, such as the age of the document. 


6.3.4 Ink Dating 


Cantu (1995, 1996) has outlined analytical approaches for determining the age of an 
ink on a questioned document through both static and dynamic methods. The static 
approach to ink dating generally applies to methods that are based on comparisons 
with a standard reference collection of inks to determine the first date of production. 
Numerous ink formulations have been introduced commercially in the past several 
decades. With the appropriate information and documentation acquired from an ink 
manufacturer, a database can be used to render more reliable conclusions. 
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The dynamic approach includes methods that incorporate procedures for the pur- 
pose of measuring the physical and/or chemical properties of an ink that change 
with time. The changes that occur over a given period of time can generally 
be referred to as aging characteristics. Different approaches to measuring the 
age of an ink once it has been placed on a document have been discussed in 
the literature by Gaudreau and Brazeau (2002), Hofer (2004), Humecki (1985), 
Cantu (1987), Brunelle (1992, 1995), Aginsky (1993a, 1998), Andermann and Neri 
(1998), Brazeau et al. (2000), and Andrasko (2001b, 2003). 

When an ink is applied to a substrate and begins “drying,” it undergoes numerous 
changes due to solvent evaporation, oxidation, polymerization, and/or photodecom- 
position. These processes can change the chemical composition of the ink on the 
substrate. Given the diversity of inks, substrates, and environmental exposure fac- 
tors, the complexity of determining what process or processes directly affect the 
rate at which the ink dries is extremely difficult. The real challenge lies in finding 
a suitable analytical procedure to isolate the appropriate component for analysis. 
Brunelle and Crawford (2003) provide a comprehensive review of various method- 
ologies that have been attempted; however, to date, no single ink-dating procedure 
that has been found to be reliable for all types of inks. 

The use of GC-MS for volatile analysis of ballpoint inks in an attempt to 
determine the age of inks on paper has been studied and reviewed in the literature 
for more than a decade. Much of the research on volatiles has focused on the 
analysis of 2-phenoxyethanol (2-PE; also referred to as ethylene glycol monophenyl 
ether, 1-hydroxy-2-phenoxyethane, B-hydroxyethylphenyl ether, Dowanol EP, and 
Phenyl Cellosolve). 2-PE is a volatile organic compound commonly used as a 
principal vehicle in the majority of ballpoint writing inks. Furthermore, it is used 
in many ink formulations because it is stable in the presence of acids and alkalis. 
It is nonhygrosopic, nonhazardous, economical, and especially good at dissolving 
resins and nigrosine (a common solvent black dye used in writing ink formulations). 
In 1985, Stewart conducted a preliminary study on ballpoint ink aging and the 
relationship to volatile organic compounds. Beshanishvily et al. (1990) were the 
first to discuss the identification of 2-PE as it relates to the aging of inks. Since then, 
Aginsky (1993b) reported that “... significant aging [takes] place over a period of 
about three months. After this period until the age of fifteen years the extent of 
the extraction of the volatile component (phenoxyethanol) from the ink entries has 
been kept at a level of about 20%.” Aginsky also describes the ink drying process 
and surmises that volatile components stop evaporating from a dried sample of 
ink unless they are freed by heating or a solvent extraction. In 2008, Biigler et al. 
published a procedure for assessing the age of some ballpoint pen inks using 
GC-MS coupled with thermal desorption to evaluate the quantity of 2-PE. 

Ideally, ink tags would be the most reliable method for the dating of inks. Tags 
can be added to formulations in the form of fluorescent compounds or rare earth 
elements, and were incorporated into some formulations beginning about 1970 until 
1994. Factors have precluded some ink manufacturers from participating in such a 
program, including, but not limited to, insufficient resources, low priority, and/or 
disagreement about the type of tag utilized. This is not to say that a widespread 
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tagging agenda is unachievable. On the contrary, efforts continue to convince ink 
companies to add tags to their formulations. As recently as November 2002, a 
major ink manufacturer began adding tags to its ink in collaboration with the U.S. 
Secret Service. 


6.4 OFFICE MACHINE SYSTEMS 


For the purpose of this discussion, we have chosen to limit the discussion of office 
machine systems to those that utilize inkjet or toner technology because they are 
the most commonly encountered printing and copying devices accessible to the 
general public. Although documents produced via typewriting and dot matrix are 
not as ubiquitous as some of the other office machine systems mentioned, this does 
not preclude their importance in some investigations. Occasionally, physical print 
defects from typewriters, dot matrix, and thermal printers may arise in the printed 
material and should be examined carefully. Individual and class characteristics from 
these machines can be important identifying features. 


6.4.1 Inkjet Ink 


Formulating an inkjet ink to create a high-quality image is an obviously complex 
task. Inkjet inks for small office/home office (SOHO) machines can have very 
complex formulations to create acceptable images. In fundamental terms, a well- 
designed inkjet ink should be able to withstand high heat, dry quickly so as not 
to smear, have nearly photographic quality, and be light- and water-fast. Since 
inkjet-printed documents comprise a significant portion of all documents created in 
the SOHO market and ink formulations are complex, manufacturers utilize a great 
deal of their resources on the research and development of inks. 

Inkjet ink poses several differences as compared to writing inks. Writing ink 
colorants are mixed together in a single ink formulation to provide a single colored 
line. Color inkjet, however, is a combination of multiple single-color ink formula- 
tions, and each ink formulation can contain one or more colorants. Currently, many 
SOHO inkjet office machine systems comprise four color printers, incorporating 
cyan, magenta, yellow, and black (CMYK) into a single print head. The colors 
can come from either a three-reservoir tricolor cartridge or three single-reservoir 
cartridges. Typically, the black ink formulation is independent of the colors. Small 
droplets of ink are jetted onto the substrate to produce a broad range of colors. 
Figure 6.8 shows microscopic images of inkjet printing on plastic. 

Inkjet ink manufacturers typically use acid, direct, and reactive dyes in their 
formulations. Acid dyes (e.g., azo, anthraquinone, triphenylmethane, azine, and 
xanthene) are water-soluble anionic dyes that have a wide gamut of hues. Direct 
dyes (e.g., phthalocyanines) have a variety of bright hues, some of which are 
fluorescent, as well as possessing relatively good light and water fastness properties. 
Within the past decade, reactive dyes have been added to some formulations because 
they contain desired chromophores. This class of dyes link very strongly with 
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Figure 6.8 Inkjet droplets on a plastic substrate. (See insert for color representation.) 


cellulosic fibers when heated and they are found in some magentas. Understandably, 
manufacturers keep their formulations proprietary, which can result in more diverse 
formulations and thus in greater potential for forensic discrimination. Table 6.5 is 
a list of various ingredients that are generally used in inkjet ink formulations. 


6.4.2 Inkjet Ink Analysis 


Many of the same forensic examinations that can be conducted on writing inks may 
also be completed for inkjet inks. Inkjet inks are typically treated as non-ballpoint 
pen inks, as they often share similar ink solvents and characteristics. Pagano et al. 
(2000) presented methodologies for the analysis of jet inks and the different chro- 
matographic systems utilized. Furthermore, LaPorte and Ramotoski (2003) discuss 
how color inks vary from one manufacturer to the next, making it possible to com- 
pare with known standards. LaPorte (2004) also discusses a multifaceted approach 
to the examination of inkjet printed documents that encompasses physical, optical, 
and chemical examinations. The U.S. Secret Service maintains the largest known 
forensic collection of inkjet standards in the world. This collection is composed of 
print and inkjet ink samples for hundreds of printers and cartridges. 

Physical examinations are performed on a printed document to determine the 
printing process employed. Using at least 10 magnification, inkjet printing appears 
as a series of irregularly spaced colored dots with some peripheral bleeding. As 
with writing inks, a FLE is often conducted on inkjet inks. As part of the optical 
examination, properties of IRR and IRL are noted. Some inkjet inks are formulated 
using dye-based colorants while others utilize pigments, either in combination or as 
a replacement to dyes. The selection of colorant (pigment or dye) affects the IRR 
and IRL properties that are exhibited by the ink. The FDE should exercise caution 
when evaluating fluorescence and/or absorbance characteristics since inkjet inks 
may be quenched or enhanced on different types of paper. Optical examinations 
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TABLE 6.5 Some Common Ingredients That May Be Found in an Inkjet 
Formulation, Their Purpose, and Approximate Percentage of the Total Weight 


Inkjet Ingredient Purpose Composition (wt%) 

Colorant Provides the desired color and aesthetic 2-8 
properties 

Solvent Vehicle that dissolves or suspends the colorant 35-80 
(e.g., water, alcohol) 

Humectant Inhibits evaporation (e.g., diethylene glycol) 10-30 

Surfactant Lowers the surface tension of the ink to 0.1-2.0 
promote wetting (e.g., Surfynol 465) 

Penetrant Allows ink to penetrate fibers and promote 1-5 
ambient drying (e.g., pentane-1,5-diol) 

Viscosity modifier Added to increase viscosity and can be a 1-3 
humectant (e.g., long-chain glycols) 

Dye solubilizer Helps maintain dye solubility in the solvent 2-5 


because of evaporation in the nozzle (e.g., 
n-methylpyrrolidone) 


Dispersant Maintains pigment suspensions [e.g., Derussol 3-8 
carbon black (Degussa)] 

Fixative Helps maintain image permanence and smear 1-3 
resistance (e.g., water-soluble latex) 

pH buffer Maintains overall pH to promote colorant 0.1-1.0 


stability in the vehicle [e.g., Trizma base 
(Aldrich Chemical)] 


Chelation agent Used to complex metal ions (e.g., 0.1-0.5 
ethylenediaminetetraacetic acid) 

Biocide Kills bacterial growth in aqueous inks [e.g., 0.1-0.3 
Dowicil (Dow Chemical)] 

UV blocker Increase lightfastness [e.g., Tinuvin 171 1-5 


(Ciba-Geigy) ] 


can sometimes demonstrate that two or more different inkjet formulations were used 
to prepare a document(s), but this does not necessarily mean that multiple printers 
were utilized. It is possible for a single printer to use more that one type of inkjet 
cartridge or for a cartridge to be refilled with a different ink. Some companies, other 
than the original manufacturer of an office machine, produce compatible cartridges 
and ink for aftermarket use that are chemically different from those of the original 
equipment manufacturer (OEM). 

Forensic analysis of inkjet inks centers around TLC. In addition to the physical 
and optical examinations, chemical analysis is an efficient analytical method for 
classifying inkjet inks. It is important to note that inkjet individualization based on 
colorant combinations is extremely difficult, due to the interchangeability of inkjet 
cartridges. Manufacturers often utilize the same dye combinations through several 
designs of ink cartridges. Given the complexity of the ink, gross changes in formu- 
lation are rare. Investigative research on inkjet inks has shown that plastic-backed 
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TLC plates seem to be as, if not more, efficient at separating the colorants over 
a fixed distance. Therefore, most TLC comparisons of inkjet inks are completed 
on plastic-backed TLC plates. It is critical that TLC plates be visualized with an 
UV source, minimally short wave (254 nm) and long wave (366 nm), since some 
inkjet inks incorporate proprietary rhodamine dyes. 

TLC is only one of several chemical techniques used for examining inkjet inks. 
However, there has been limited research focusing on other methods of instrumental 
analyses. Mazella (1999) used diode array MSP to measure the cyan and magenta 
components in the range 380 to 760 nm on 70 different brands and models of inkjet 
printers. Doherty (1998) performed a battery of chemical tests, including tests for 
waterfastness, solubility, and TLC, on documents produced with various inkjet 
printers. To date, this has been the most comprehensive study on the examination 
and classification of office machine systems that utilize inkjet technology. 


6.4.3 Toner Printing 


Laser printers and photocopiers commonly utilize a resinous, powderlike mate- 
rial referred to as toner, which is fused to the paper using heat and/or pressure. 
Toners consist primarily of organic resins, polymers, and colorants such as car- 
bon black, nigrosines, phthalocyanines, azo-pigments, and quinacrodone (Pagano, 
2000). Although manufacturers have a selection of resins to choose from, styrene 
acrylate copolymer and polyester resins are frequently used. Liquid toners, which 
are often formulated with a hydrocarbon carrier solvent to deliver extremely fine 
particles to the substrate surface before the liquid evaporates, can also be utilized. 
Particle-size ranges are approximately 1 to 3 zm for liquid toner and from 6 to 
18 jm for dry toner. The size of the toner particle obviously affects the maximum 
print resolution. 

Laser printers and photocopiers function similarly, such that each contains a 
rotating drum with a photoconductive coating. The surface of the drum is illumi- 
nated by a light source controlled by a series of signals based on the image, causing 
the exposed areas to be charged. As the drum rotates, oppositely charged toner is 
deposited, thus adhering to the illuminated areas that have been charged with a 
positive potential. When the paper passes through the machine, an electrical cur- 
rent imparts a static electrical charge onto the paper. The paper then passes through 
a series of rollers and comes in contact with the rolling drum, causing the toner to 
be transferred to the paper, resulting in the creation of text or image(s). Since the 
nonimage areas of the drum are not charged, they do not attract oppositely charged 
toner and result in white areas on the paper. Afterward, heat and/or pressure is 
applied to fuse the toner permanently. For a multicolored process, the same steps 
are repeated for each color component (i.e., cyan, magenta, and yellow). 

Two different types of toner are currently produced: conventional toner and 
chemically prepared toners (CPTs) (Figure 6.9). Conventional toners are created 
by mixing the colorant(s) into a large batch of polymer. The fine toner powder 
is then broken away from the large homogeneous mass. CPTs, on the other hand, 
are grown chemically from small particles. CPTs have gained favor in recent years 
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Figure 6.9 (a) Conventional toner. (b) Chemically prepared toner. (See insert for color 
representation. ) 


due to their more uniform particle-size distributions and shapes. The CPT process 
allows smaller toner particles to be generated, affording CPTs higher resolutions 
than conventional toners. 

Black toners can be differentiated further based on whether they are mono or dual 
component. Monocomponent toners incorporate the colorant and the resin into the 
same large particle. To do so, Fe, Oy, is often used, giving the monocomponent toner 
a magnetic property. Dual-component toners are typically composed of smaller 
toner particles and larger developer particles. Although some dual-component par- 
ticles have magnetic properties, they are not as strong as monocomponent toners. 
Since dual-component toners have smaller toner particle sizes, they provide better 
resolution. 


6.4.4 Toner Analysis 


The analytical scheme for analyzing toners will depend on whether an extensive 
library is available or if the request is simply to compare a questioned document 
with other documents or a known printing device. At this time, we are not aware of 
an extensive collection of black toners that are used for law enforcement purposes, 
but this does not preclude the possibility that a laboratory has its own internal 
collection. Various instrumental approaches can be used to analyze toners, and 
potentially to create a collection of standards, such as pyrolysis GC-MS (Munson, 
1989), FT-IR (Andrasko, 1994), x-ray fluorescence (XRF), and SEM-energy- 
dispersive spectroscopy (SEM—EDS). TLC can also be used to analyze toners and 
may prove beneficial when conducting comparisons between multiple documents 
or suspect office machines. Toners can be extracted with chloroform to characterize 
extractable colorants from the CMY and black components. Given that a number 
of black toners are carbon black, the forensic value of TLC analysis of black toner 
can be minimal; however, there are other dyes used in combination with carbon 
black that may be visualized on a TLC plate. It is highly recommended to visualize 
developed TLC plates using an UV source. Most important, the results can be used 
to corroborate other tests and findings. 
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TLC can be followed with additional methods, but it is critical to understand 
that the analytical procedures described are not sufficient to individualize a specific 
printer or copier. It is possible that a manufacturer, or even model, may be distin- 
guished; however, the results are only good enough for discrimination at the class 
level. XRF analysis can be useful in providing the elemental composition of the 
toner. The presence and percentage concentration of iron is often a distinguishing 
factor. 

Determining that a toner is iron based (monocomponent) can also be of foren- 
sic value, and an excellent area of further research is investigating if quantitative 
elemental analysis (e.g., Fe) can be used to discriminate toners from different man- 
ufacturers or models from the same manufacturer. Scanning electron microscopy 
(SEM) is also a useful analytical technique, as it provides the high magnification 
necessary for examining fusing characteristics. Additionally, the method of pro- 
duction used in making the toner can be surmised based on quality images of 
particle morphology. Given that CPT toners have seen significant use only in the 
past decade or so, determining that a toner is a CPT is an excellent method for 
roughly dating a document. 

Brandi et al. (1997) offer an extensive discussion and study of toner analysis 
using diffuse reflectance infrared Fourier transform spectroscopy (DRIFTS), 
SEM-EDS, and pyrolysis gas chromatography (PyGC). They concluded that 
DRIFTS was highly discriminating, sensitive, and reproducible after 55 different 
toners were classified into 15 distinct classes. SEM—EDX was also used to 
analyze the inorganic contents of 50 toners, subsequently placed into 22 separate 
classes. The best approach was the combination of the aforementioned techniques, 
resulting in the characterization of 30 distinct groups of toners. Finally, the 
authors concluded that “PyGC, with the equipment available, did not appear 
to provide any greater differentiating power than infrared spectroscopy, gave 
poor reproducibility, and was a time consuming technique.” However, they do 
acknowledge that a better pyrolysis technique and the use of a mass spectrometer 
would result in a more discriminating method. 


CONCLUSION 


The chemical analysis of questioned documments has been relied upon in forensic 
laboratories for over 50 years. TLC has proven to be a reliable method for the dis- 
crimination and identification of some writing and printing inks, especially when 
used in conjunction with a reference collection. GC-MS is an excellent supple- 
mental procedure and may provide additional information about other components, 
but the interpretation of the chromatographic and spectral data must be approached 
with great caution. Inks undergo a drying process that can take place over several 
months or, possibly, years. Moreover, inks have variable compositions, making the 
drying processes of different inks nonuniform. This property, in combination with 
the unknown ink—paper interactions when combined with different substrates and 
not knowing the storage conditions of a questioned document, result in significant 
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challenges when attempting to characterize and date inks using GC-MS. HPLC and 
FT-IR can provide additional molecular information, but there has been limited 
research in the areas of dating inks and characterizing non-ballpoint and printing 
inks via these methods. Office machines that utilize inkjet and toner technology 
are ubiquitous and commonly the focus of investigations involving a multitude 
of crimes. The approach to chemical analyzing inkjets and toners is similar to 
procedures used for writing inks such that physical, microscopic, and TLC exam- 
inations should be a minimum. The gamut of instrumental approaches that follow 
can vary depending on previous results and the extent of discrimination needed to 
formulate a reliable conclusion, but it must be recognized that in nearly all cases, 
the data obtained will not support a conclusion that identifies a particular writing 
instrument or printing device. Although the information that can be attained from 
printing and writing inks is based on reliable and generally acceptable analytical 
methods, it is critical that any person conducting the tests described in this chapter 
have sufficient training in the physical and microscopic examination of documents. 
The results from the physical exams help determine how to proceed with chemical 
methods of analysis, but more important, the combination of all results is necessary 
to draw relevant and useful conclusions. 
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Summary Spectroscopy is the study of the interaction of electromagnetic radi- 
ation with matter to determine the molecular structure of a solid sample or one 
dissolved in a specific solvent. This interaction depends on the intrinsic properties 
of the sample material and can be classified by the energy of the probing electro- 
magnetic radiation. Energy can be in the form of ultraviolet, visible, or infrared 
light, as well as other forms of energy. One can detect transmitted, absorbed, and/or 
reflected light. Due to the wide scope of samples typically found in a forensic inves- 
tigation, a variety of spectroscopic techniques may be needed. Infrared spectroscopy 
is a good technique to use to identify fibers such as acrylics, nylons, or polyesters, 
or paints or alkyds, acrylics, or nitrocellulose. The size of the sample may require 
the use of microscopic infrared spectroscopy, and the nature of the sample may 
indicate the use of external reflection spectroscopy or attenuated total reflectance 
spectroscopy. In the chapter we review these techniques as well as related methods 
of sample identification. 
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7.1 INTRODUCTION TO VIBRATIONAL SPECTROSCOPY 


Molecular spectroscopy is the study of interaction of electromagnetic radiation 
with matter to elucidate information on molecular structure and dynamics, the 
environment of the sample molecules and their state of association, interactions with 
solvents, and many other topics (Graybeal, 1988; Colthup et al., 1990; Schrader, 
1995). This interaction depends on the intrinsic properties of the material, classified 
by the frequency range (energy) of the probing electromagnetic radiation, such as 
ultraviolet—visible (UV-Vis), infrared (Kocak et al., 2006). 

The intrinsic properties of a material that govern its interaction with electro- 
magnetic radiation are described by its complex refractive index (Kocak et al., 
2006). Usually represented as having a real part, the refractive index, and an imag- 
inary part, the absorption index. The complex refractive index of a material is a 
function that describes the response of the material to the electromagnetic radiation 
applied. The refractive and absorption indices are both functions of the frequency of 
the electromagnetic radiation applied (Kocak et al., 2006). Different spectroscopic 
probes are used to observe and measure the interactions between material and 
the radiation applied. These measured observables (e.g., transmittance, reflectance, 
emittance), which are in principle expressible in terms of the intrinsic properties 
of the material, the molecular composition of the substance, and the wavelength of 
the illuminating radiation, will determine the type and nature of the spectroscopic 
technique selected. Due to the wide scope of samples under investigation, a variety 
of spectroscopic techniques are needed. Selection of the appropriate technique will 
minimize the time needed for analysis and investigation (Diem, 1993; Schrader, 
1995; Mirabella, 1998). 

Molecules consist of atoms that have a certain mass, which are connected by 
elastic covalent bonds. As a result, they can perform periodic motions and continual 
vibrations relative to each other. The energies associated with these vibrations are 
quantized; within a molecule, only specific vibrational energy levels are allowed 
(Colthup et al., 1990; Levine, 1991). For a molecule to absorb radiation, the 
frequency of the illuminating electromagnetic radiation must match the natural 
frequency of a bond vibration (Colthup et al., 1990). This phenomenon is similar 
to the example of a child on a swing: energy is transferred to the swing only if 
the frequency and the phase of the energy delivered match the frequency of swing 
movement. 
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This field of spectroscopy in which the vibration of molecules is involved is 
called vibrational spectroscopy (Colthup et al., 1990; Diem, 1993; Schrader, 1995). 
Vibrational spectroscopy involves different methods, the most important of which in 
observing the vibration of molecules are infrared and Raman spectroscopy. Depend- 
ing on the nature of the vibration, which is determined by the symmetry of the 
molecule (Cotton, 1990); vibrations may be active or forbidden in the infrared or 
Raman spectrum (Cotton, 1990; Levine, 1991; Diem, 1993). 

The infrared and Raman spectra of two molecules are different depending on 
whether these molecules have, for whatever reason, different constitutions, iso- 
topic distributions, configurations or conformations, or environments (Diem, 1993; 
Schrader, 1995). Vibrational spectroscopy detects the characteristic vibrational fre- 
quencies of molecules, which provide detailed information about chemical bonding 
and hence the molecular structure. Consequently, its most common application is 
in the analysis and identification of small particles. As such, the technique lends 
itself easily to the study of forensic materials such as controlled drug substances, 
automotive paint chips, inks, fragments of polymers, textile fibers, papers, inorganic 
compounds, adhesives, and explosives. In this chapter we describe different sam- 
pling techniques and methods involved in both infrared and Raman spectroscopy, 
along with their forensic applications. 


7.2 INFRARED SPECTROSCOPY 


Infrared spectroscopy is in principle based on arrangements similar to those of any 
other spectroscopy: a radiation source, such as globar or another infrared-emitting 
source, is directed at a sample (Kocak, 1998; Griffiths and de Haseth, 2007). This 
infrared radiation, which is in the mid-infrared-region range (approximately (400 
to 4000 cm~!), interacts with a molecule and its chemical bonds (see Figure 7.1). 
Most organic functional groups have vibrational and rotational frequencies in the 
mid infrared region. After interaction with the sample, the infrared radiation is 
collected by an infrared-sensitive detector, such as a deuterated triglycine sulfate 
(DTGS) or mercury cadmium telluride (MCT) detector (Kocak, 1998; Griffiths and 
de Haseth, 2007) and in infrared imaging, a focal-plane array (FPA) detector (Lewis 
and Levin, 1995). 

In classical dispersive infrared instrumentation, a Czerny Turner monochrometer 
(Ingle and Crouch, 1988; Strobel and Heineman, 1989; Skoog et al., 2007) is used 
to disperse the infrared light into a single wavelength to plot the spectrum of 
intensity versus wavelength or wavenumber (Ingle and Crouch, 1988). In modern 
Fourier transform instrumentation, a Michelson interferometer is used. Based on 
the development of interferometry, Michelson developed the interferometer in 1880 
to study the speed of light (Kocak, 1992; Griffiths and de Haseth, 2007). Using 
the Michelson interferometer, an interferogram is created by the interference of 
two or more radiation beams (Ingle and Crouch, 1988; Kocak, 1998; Griffiths 
and de Haseth, 2007). As a result, all frequencies are detected at once in the 
time or distance domain. The two domains of time or distance and frequency 
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Figure 7.1 Basic principles of IR spectroscopy. (See insert for color representation.) 


contain the same essential information, and they are interconvertable by fast Fourier 
transformation (Kocak, 1998; Griffiths and de Haseth, 2007). The spectrum is then 
plotted as intensity versus wavelength or wavenumber. 

Infrared spectroscopy is an important technique for the identification of a class 
of compound groups or an individual compound present within a specimen. For 
example, it can be used to identify fibers as acrylics, nylons, or polyesters, or 
paints as alkyds, acrylics, nitrocellulose, and so on (Kirkbride, 2000). It has a 
great advantage over other techniques in its ability to obtain structural information 
that might be difficult to elicit using other techniques. Spectral data representing 
absorption at specified wavelengths of infrared light characterize chemical and 
structural groups within the sample, thus providing a molecular “fingerprint” and 
a tool for sensitive and fast sample composition determination. This allows the 
technique to be used in the characterization of stereoisomers. For example, it can 
be a very efficient technique to discriminate between positional isomers of aromatic 
substances such as various isomers of dimethoxyamphetamine or trimethyl benzene, 
as well as between other stereoisomers: for example, the isomeric group cocaine, or 
the group butyl nitrate, isobutyl nitrate, or isoheroin and heroin (Kirkbride, 2000). 
In drug determination, infrared spectroscopy can be an important tool to distinguish 
between a free organic and a salt because they have different spectral properties. The 
N—H stretch in an amine salt is found between 2500 and 3000 cm~!, whereas the 
N—H stretch in its free base is above 3000 cm~!. Therefore, the spectral properties 
for drug free bases and their salts are very different within the frequency range of 
N—H stretch (Kirkbride, 2000; Alzate et al., 2006). 

The limit of detection for this technique is usually in the microgram range; this 
limit may be lowered by using microscope infrared techniques (see below). The 
technique is relatively rapid and requires minimal sample preparation, which makes 
it economical and time efficient. 
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7.3. INFRARED SAMPLING TECHNIQUES 


7.3.1. Transmission Spectroscopy 


The term transmission spectroscopy is used to denote the qualitative and quantita- 
tive measurement of the transmittance or absorbance of a material as a function of 
the wavelength or wavenumber (Ingle and Cronch, 1988; Mirabella, 1998; Griffiths 
and de Haseth, 2007). The technique involves passing a parallel beam of infrared 
light through a sample placed in the light beam of the spectrometer, and the trans- 
mittance of the radiation is measured (see Figure 7.2). This relationship between 
the incident electromagnetic beam and the pathlength and the concentration of 
absorbing media is described by Lambert—Beer’s law (Swinehart, 1962): 


I 
A= —log— = abc 
Ip 


where A is the absorbance, J the intensity of the light, a the absorptivity or extinc- 
tion coefficient, b the length of the beam in the absorbing medium, and c the 
concentration of the absorbing species. The resulting spectrum depends on the path- 
length or sample thickness, the absorption coefficient of the sample, the reflectivity 
of the sample, the angle of incidence, the polarization of the incident radiation, 
and, for particulate matter, on particle size and orientation. 

Transmission spectroscopy was the only method in general use until the early 
1960s. Thus, large libraries of transmission spectra are readily available. These 
are frequently used for comparison of spectra obtained by other techniques, even 
though the frequency response differs between techniques, depending on factors 
described below. This technique can be used for solid, liquid, and gas sampling. 
However, to produce useful spectra, in many cases the analyst must engage in 
a careful and sometimes lengthy sample preparation. The choice of the sample 
compartment, or cell, is ofen critical. This can cause variations in peak shapes and 
intensities; for example, a small bubble in a liquid cell will distort intensity ratios 
(Harrick Scientific Corp., 1987; Mirabella, 1998). 


7.3.2 External Reflection Spectroscopy 


External reflection spectroscopy is the application of infrared spectroscopy on the 
characterization of the light reflected from a smooth surface, such as metals, semi- 
conductors, and liquids (Harrick Scientific Corp., 1987; Mirabella, 1998; Humecki, 
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Figure 7.2 Transmitted light as a function of the material and wavelength. 
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1995). This technique can analyze two classes of samples. The first consists of 
a highly reflecting substrate (usually, a metal) upon which a material has been 
deposited (films, contaminants, etc.). The sample beam is reflected from the metal 
and interacts with film. Since the metal is largely noninteracting, the result is actu- 
ally an absorption spectrum of the film. This application is sometimes referred to 
as reflection—absorption or double transmission (Schrader, 1995; Mirabella, 1998; 
Griffiths and de Haseth, 2007). A second type of external reflection study is referred 
to as specular reflection, which is the front-surface reflection from the exterior sur- 
face of a material. In specular reflection the angle of reflection equals the angle 
of incidence. These angles are measured from the normal to the reflecting sur- 
face. In practice, most external reflection experiments involve a combination of 
reflection—absorption and specular reflection components from the sample. Since 
spectral features will differ in the two, it is important to consider these possibilities 
when interpreting external reflection spectra. 

External reflection spectra depend on polarization, angle of incidence, and the 
substrate’s optical properties (see Figure 7.3) (Kortiim, 1969; Harrick Scientific 
Corp., 1987). The sensitivity of reflected light increases with p-polarized incident 
light; the phase shift of the reflected light varies with angle of incidence, and 
hence at large angles of incidence with p-polarized light an optimum sensitivity is 
obtained. For s-polarized light, the electric field at all angles of incidence has very 
small values at the interface, resulting in less sensitivity (Harrick Scientific Corp., 
1987). 

To convert reflectance spectra into absorption-like proportional spectra a 
Kramers—Kronig transformation (Kocak et al., 2006) should be employed, 
which is easy to accomplish nowadays, owing to readily available software 
and computerized spectrometers. Because reflection methods require little or no 
sample preparation, they are used as frequently as traditional methods. It is a 
nondestructive method for the measurement of surfaces and coatings without 
sample preparation. In forensic science it is useful to analyze and distinguish illicit 
drugs such as cocaine. Koulis et al. (2001) collected and compared the external 
reflection spectra of cocaine salt and cocaine base. 


7.3.3 Attenuated Total Reflectance 


The use of internal reflection in infrared (IR) spectroscopy was first suggested by 
Fahrenfort and Harrick independently in 1959 (Harrick, 1987; Mirabella, 1998). In 
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Figure 7.3. External reflection. 
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the internal reflection mode, an infrared transmissive material with a higher index 
of refraction than the sample is brought into contact with the sample. The higher- 
refractive-index material is defined as the internal reflection element (IRE). Typical 
IREs are ZnSe (refractive index: 2.4), Ge (refractive index: 4.0) and diamond 
(refractive index: 2.4). In most forensic applications, diamond internal reflection 
elements are used since they are more durable. 

The radiation from the spectrometer’s source is directed onto the interface 
between the sample and the IRE at an incident angle such that the radiation is 
totally internally reflected (see Figure 7.4). This process causes what is referred 
to as an evanescent wave to be produced a few micrometers beyond the surface 
of the IRE (Harrick, 1987; Schrader, 1995; Griffiths and de Haseth, 2007). The 
evanescent wave is absorbed and attenuated by the sample at the characteristic 
wavelength corresponding to an IR absorption band, producing an attenuated total 
reflectance (ATR) spectrum. Because the magnitude (the depth of penetration) of 
the evanescent wave is small, only a few micrometers, ATR is a surface analytical 
technique and particularly useful for strongly absorbing or thick samples. Several 
factors can affect the depth of penetration, such as the refractive index of the sam- 
ple and the crystal, the angle at which the radiation is brought into the crystal, 
and the wavelength of the radiation (Harrick, 1987; Harrick Scientific Corp., 1987; 
Griffiths and de Haseth, 2007). Data obtained from ATR measurements are differ- 
ent from the data obtained in transmission measurements. Therefore, they should 
be compared only for general qualitative purposes. It is worth noting however, 
that these differences between the two techniques are caused by optical differences 
rather than compositional ones. 

In contrast to external reflection spectroscopy, which requires smooth surface 
properties, ATR spectroscopy can be used for any surface brought into intimate 
contact with the internal reflection element. The technique has found a large scope 
of applications for the analysis of a variety of sample types in a wide spectral 
range. 

For forensic applications, ATR can be utilized in the analysis of pressure- 
sensitive adhesive tapes (Merrill, 2000). Duct tapes are used in binding victims 
of violent crimes, and other tapes can be used in packing drugs and illegal mate- 
rials. Using ATR spectroscopy the major chemical components of these can be 
determined and leads to the characterization of tapes submitted as evidence to 
determine if two samples are similar or distinguishable. The brand and the origin 
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Figure 7.4 Attenuated total reflectance. 
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of these tapes can also sometimes be determined. It is worthy to note that ATR 
is a nondestructive technique. However, it may be semidestructive in some cases 
because the pressure applied to establish a good contact between the sample and 
the crystal may crush the sample. 


7.3.4 Diffuse Reflectance Spectroscopy 


Diffuse reflectance is the radiation that penetrates a specimen to a shallow depth 
and reemerges after scattering off within the sample. It is based not only on reflec- 
tion and refraction but also on diffraction. These emerging photons from the sample 
will be collected and analyzed using an infrared detector (see Figure 7.5). Since 
scattering of the radiation within the sample is an essential phenomenon of the 
diffuse reflectance technique, it is suitable for inhomogeneous samples that exist as 
powders or can be converted to powder form. This technique permits the sampling 
of a solid that has been properly reduced in size, either neat or mixed (~ 10%) with 
nonabsorbing powder such as KBr or KCI. The process requires grinding and dilut- 
ing the sample with KBr or KCI to ensure deeper penetration of the incident light 
into the sample (Harrick Scientific Corp., 1987; Schrader, 1995; Mirabella, 1998). 

The diffuse reflectance technique offers the advantage of having a wide solid 
sampling range; this in particular is useful when a very wide range of solid samples 
need to be analyzed, as in forensic laboratories. Suzuki and Gresham (Suzuki et al., 
1986b) demonstrated a broad study for the use of the diffuse reflectance technique in 
forensic analysis. They analyzed the antidepressant drug Alprazolam and obtained 
the spectral results at two extreme concentrations with a lower limit of 20 wg. In 
general, the diffuse reflectance technique offers several advantages, among them 
minimal sample preparation, a high degree of sensitivity (less than 100 ng in some 
cases), and its suitability for very weakly absorbing samples. 

Kubelka and Munk (Suzuki et al., 1986a) were first to describe the effect on paint 
layers of the pigment particles or other scattering inclusions. This model leads to 
the well-known Kubilka—Munk equation, which is used for the conversion of the 
measured reflectance spectrum to an absorption-like proportional representation. 
Almost all modern Fourier transfer (FT)—IR instrument software packages now 


contain this conversion program. 
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Figure 7.5 Diffuse reflectance. 
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7.3.5 Infrared Microspectroscopy 


The conventional light microscope is an important analytical instrument that is used 
frequently by forensic scientists, and they are familiar with the technique. It is used 
in the examination of criminal evidence, including illicit drug crystals, paints, hair 
and textile fibers, bullets, and documents. These microscopic images are powerful 
data for the legal evidence, and people without technical backgrounds may have 
some understanding of the interpretation of the data. 

The difficulty that may occur is in distinguishing data obtained from a visual 
microscope: when, for example, two colored fibers may appear similar under micro- 
scopic analysis but are actually stained with two different dyes; or two textile fibers 
may appear similar under visual microscopical analysis but differ in their molecular 
composition. A cross section of a polymer may show a uniform microstructure but 
may have gone through photooxidative degradation. 

Combining a conventional light microscope with infrared spectroscopy tech- 
niques enables an analyst to obtain an infrared spectrum, or “molecular fingerprint,” 
of a sample and overcome the difficulties of discriminating the molecular dif- 
ferences mentioned above (Katon and Sommer, 1992; Griffiths and de Haseth, 
2007). Using infrared microspectroscopy, it is easily possible to obtain high-quality 
infrared spectra for chemical composition of an unknown substance as small as 
about micrometers in area. This enables the analyst to obtain the spectral mapping 
of the specimen and identify the area within. Spectral mapping involves collecting 
spectra within a region of a sample while maintaining the spatial resolution inher- 
ent in infrared microscopy. Spectra collected at a series of positions can be located 
spatially within the sample. By mapping these data with respect to a particular 
band of infrared light, the spatial distribution of the specific chemical components 
in the sample can be obtained. 

Application of IR spectral mapping can readily define the presence and dis- 
tribution of components of a nonhomogeneous specimen (e.g., drug distribution 
in human hair). This area of research has been the subject of considerable work, 
and many interesting results have been obtained (Kalasinsky, 1993). Microscopic 
probing of small areas within longitudinally microtomed hair sections provides a 
profile of deposition of a drug along a growth line, and thus individual hairs may 
reveal the hydrophobic or hydrophilic characteristics of a substance. 

Infrared microspectroscopy can record specular, diffuse, internal, or ATR spectra 
in addition to conventional transmission techniques. It is only the sample itself that 
determines the choice of the type of analysis technique. Infrared microscopy can be 
employed in the analysis of small samples of paint, as from motor vehicle accidents; 
in the case of hit-and-run offenses, for example, one may find small paint chips on 
the clothes of the victim. A paint chip is embedded and a thin section is produced 
on a microtome and analyzed. This paint chip analysis can lead to identifying 
the car type, model, and production year by searching the car paint chip library. 
Other forensic examples could be single textile fibers as evidence of contact and 
concentrated extracts of low-dosage drugs (Krishnan and Hill, 1990). 
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7.4 RAMAN SPECTROSCOPY 


Like infrared spectroscopy, Raman spectroscopy probes the vibrational states of 
complex molecules. However, in Raman spectroscopy the excitation mechanism is 
different from that of infrared spectroscopy. Raman is concerned with the scattering 
of radiation by the sample rather than absorption of radiation (Herzberg, 1945; 
Gerrard, 1994; Schrader, 1995). In a Raman spectrometer the sample is irradiated 
with an intense source of a monochromatic (laser beam) light with much more 
energy than that required to cause a transition between vibrational energy states. 
Since the energy of the illuminating radiation does not correspond to a molecular 
energy level, no absorption transition will occur. This type of interaction between 
the illuminating light and the molecule, where no absorption takes place, is called 
scattering (see Figure 7.6). This type of scattered light, which produces photons 
with the same energy, or color, as exciting radiation is called Rayleigh scattering 
(Gerrard, 1994; Schrader, 1995). 

In Rayleigh scattering there will be an elastic collision between the incident 
photon and the molecule. Since as a result of this type of collision the rotational 
and vibrational energy of the molecule is unchanged, the energy and therefore the 
frequency of the scattered photon is the same as that of the incident photon. This 
appears as the strongest component of the scattered radiation. In 1928, C. V. Raman 
described another type of scattering, now known as the Raman effect. Raman scat- 
tering, however, occurs when the molecule does not return to the same energy level 
from which it originated but ends up in the excited state. As a result, the scattered 
photon no longer has the same energy or frequency as that of the exciting photon. 
The Raman effect can be described as an inelastic collision between the incident 
photon and the molecule where, as a result of the collision, the vibrational and 
rotational energy of the molecule is changed by an amount AE, where AE is the 
difference between incident and scattered radiation. This change will cause a small 





Figure 7.6 The Raman effect: [Illuminating light is not absorbed but is scatterred. (See 
insert for color representation.) 
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fraction of the scattered radiation to exhibit shifted frequencies that correspond to 
the sample’s vibrational transitions. Lines shifted to energies lower than the source 
are produced by ground-state molecules, while lines at higher frequency are due to 
molecules in excited vibrational states. These lines, the result of inelastic collision 
of the light with the sample, are called Stokes and anti-Stokes bands, respectively. 
Since molecules of the sample are in the ground state, at room temperature less 
energy from the source radiation is more favorable than energy gain, and the Stokes 
band is more intense (see Figure 7.7) (Herzberg, 1945; Diem, 1993; Gerrard, 1994; 
Schrader, 1995). 

The strength of the Raman signal is weak and is inversely proportional to the 
fourth power of the wavelength of the incident radiation. Therefore, in Raman it 
is desirable to utilize radiation of relatively short wavelength in the visible region. 
This may induce fluorescence in the specimen. Fluorescence is likely to block the 
weak Raman signal and is highly undesirable. A red He—Ne laser (at 632 nm), near- 
infrared (NIR) diode laser (at about 785 nm), and an Nd:YAG laser (at 1064 nm) 
can be employed to somewhat reduce this problem and to inhibit fluorescence effect 
(Turrell and Corset, 1996). 

Although both Raman and IR spectroscopy methods probe vibrational states of 
a specimen, they are both used for qualitative analysis and for molecular structure 
elucidations, the mechanism of origin of the two techniques is completely different 
and the two do not produce identical spectra. Infrared absorption can be detected 
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Figure 7.7 The Raman principle. (See insert for color representation.) 
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if the dipole moment in a molecule is changed during the normal vibration. The 
intensity of an infrared absorption band depends on the change in the dipole moment 
during this vibration (Colthup et al., 1990). 

A Raman active vibration, on the other hand, can be detected if the polariz- 
ibility in a molecule is changed during the normal vibration (Colthup et al., 1990; 
Schrader, 1995). The polarizibility is a measure of how readily the electrons within 
the molecule are displaced by the electric field of the incident light. The intensity of 
a Raman band depends on the change of polarizibility during the vibration (Colthup 
et al., 1990; Schrader, 1995). Therefore, infrared spectroscopy is a very useful probe 
for those molecules that contain functional groups such as C—O, C—N, N—H, 
and O—H. Infrared spectroscopy provides little information on nonpolar bonds 
such as C—C, C=C, and N—N. Raman spectroscopy, on the other hand, can pro- 
vide useful information in relation to polarizibility of the bond. Nonpolar bonds, 
particularly double and triple bonds, yield strong Raman bands. Therefore, Raman 
is considered to be more useful in fiber identification and comparison, as most 
fibers are composed of long chains of C—C bonds or aromatic rings. Also, Raman 
techniques are useful for many dyes and pigments, such as aromatic rings or azo 
linkage. 

Raman spectroscopy has several advantages in the analysis, which can be dif- 
ficult with IR spectroscopy, particularly when dealing with samples of forensic 
evidence where the chance of losing or destroying the sample is critical. This is 
particularly important when analyzing fiber samples mounted on a glass slide for 
visual microscope analysis. Light microscopy analysis requires embedding the sam- 
ple on a glass slide. Because glass absorbs strongly in the infrared, the fiber needs 
to be removed from the slide and cleaned prior to IR analysis. This may involve 
a high risk of losing a evidentiary sample. In Raman spectroscopy, however, one 
can analyze the sample directly without removing it from the slide (Bartick, 2002). 

Raman spectroscopy has long been utilized in forensic research laboratories. 
However, recent advanced developments in instrumentation have brought about its 
use in forensic laboratories. The instrumentation has advanced significantly over 
the last 10 years compared to what it was 20 to 30 years ago. The spectrum can 
be acquired more rapidly and the technique has become more sensitive and easier 
to use. During the last few years, Raman spectroscopic imaging has become one 
of the most popular topics of spectroscopy. 


7.5 RAMAN SPECTROSCOPIC TECHNIQUES 


7.5.1 Surface-Enhanced Raman Spectroscopy 


Surface-enhanced Raman spectroscopy (SERS) is a Raman spectroscopic technique 
that provides greatly enhanced Raman signal (typically, 10°- to 10°-fold) from 
Raman-active analyte molecules that have been adsorbed onto colloidal metallic 
surfaces (e.g., on colloidal Ag prepared with citrate), in the particle-size range 25 
to 500 nm (Diem, 1993; Schrader, 1995; Campion and Kambhampati, 1998). The 
importance of SERS is its surface selectivity and high sensitivity. Conventional 
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Raman spectroscopy is insensitive for surface studies because the photons of the 
incident laser light simply propagate through the bulk, and the signal from the bulk 
overwhelms any Raman signal from the analytes at the surface. SERS selectivity 
at the surface overcomes this problem. 

Surface-enhanced Raman scattering arises from two mechanisms: electromag- 
netic and chemical enhancement. Usually, the electromagnetic effect is dominant, 
the chemical effect contributing enhancement only in the range of an order or two 
of magnitude, but this depends on the surface features of SERS-activated substrate 
(Campion and Kambhampati, 1998). Electromagnetic enhancement is dependent 
on the presence of the metal surface’s roughness features, while chemical enhance- 
ment involves changes to the adsorbate electronic states due to chemisorption of 
the analyte. The magnitude of the electromagnetic enhancement also depends on 
the intrinsic characteristics of the metal: Ag, Cu, Au, Pt, and so on. The magni- 
tude of electromagnetic enhancement may vary for each of them. The potential 
used (i.e., the voltage) will also have an effect on both the electromagnetic and 
chemical mechanisms of enhancement. 


7.5.2 Resonance Raman Scattering 


Resonance Raman enhancement occurs if the energy of the photon of the exciting 
laser beam is close to the energy of an electronic transition of the sample. Intensity 
enhancement can occur by a factor of 10? to 10° compared with normal Raman 
scattering (Diem, 1993). Resonance Raman is used in forensic chemistry to achieve 
detection limits of 10~° to 10-8 M. 


7.5.3 Coherent anti-Stokes Raman Spectroscopy 


In coherent anti-Stokes Raman spectroscopy (CARS), the sample is illuminated by 
two lasers, one of them with a fixed wavelength, usually referred to as the pump 
laser, and a second tunable laser beam, referred to as the Stokes frequency. The 
pump beam excites the molecule to the first virtual Raman level. The second laser, a 
tunable probe beam, stimulates the Stokes transition. The pump then again excites 
the molecule to a higher virtual level, but starting from the higher vibrational 
state. Finally, the molecule decays back to the ground state, emitting an anti- 
Stokes photon (Diem, 1993). CARS produces the same Raman signals as those of 
conventional Raman spectroscopy, but at levels four to five orders of magnitude 
greater. 


7.5.4 Confocal Raman Spectroscopy 


Confocal Raman extracts information about the interior of a sample, pinpointing the 
exact location of an element embedded inside a sample (Everall, 2004a, 2004b). 
Laser radiation is focused on a spot with the help of a microscope objective. 
Advantages of confocal Raman are (1) that it extracts information from a small 
point within the interior of a large sample, (2) that there is better axial and lateral 
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resolution than with a conventional microscope, (3) that stray light is rejected, 
which avoids interference and eliminates fake peaks, and (4) superior rejection of 
fluorescence. 


7.6 APPLICATIONS OF VIBRATIONAL SPECTROSCOPY 
IN FORENSIC ANALYSIS 


Vibrational spectroscopy has long played a significant role in both research and 
applications of forensic science. Indeed, the technique has become one of the 
important tools in many fields of forensic science. A wide range of applications to 
physical evidence involved in crime investigations have been developed, including 
examining everything from drugs and paints, fibers, explosives, polymers, and inks 
to documents. Vibrational spectra has also been an effective tool for analyzing 
samples collected from crime scenes, such as blood, fabrics, and soil particles. 

De Gelbder et al. (2005) utilized the Raman spectroscopy technique for the 
analysis of automotive paints to determine the origin of the paint and hence the type 
of automobile. Determining the origin of the paint is important forensic evidence 
in many car accidents, particularly in hit-and-run cases. 

Several researchers have used vibrational spectroscopic techniques to analyze 
other types of paints, including white household paints (Bell et al., 2005), which 
are considered important forensic evidence. However, unlike automotive paints, 
which can be distinguished by color or type, many household paints cannot be 
distinguished based on color because they are white. Therefore, the composition of 
the paint needs to be discriminated, and Raman spectroscopy is a useful tool for 
this purpose. Bell et al. (2005) have demonstrated that Raman spectroscopy has a 
considerable potential for the analysis of white paints. 

Vibrational spectroscopy is an effective tool for an analysis of evidence sam- 
ples for the presence of explosive materials, and many vibrational spectroscopy 
techniques have been used for this purpose (Bartick, 2002). Bartick and Mount 
(2001) demonstrated the use of Raman and infrared spectroscopy in the analysis 
of suspect explosive components submitted as case evidence (Bartick and Mount, 
2001). Samples of evidence were taken from the home of a suspect who was 
under suspicion for producing bombs. The evidence included all the components 
needed to prepare an extremely unstable explosive material, hexamethylenetriper- 
oxideamine (HMTD). One of the major components found was a bottle labeled 
Welloxide, a liquid stabilizer developer. Welloxide is a hair-coloring developer 
that contains hydrogen peroxide. Hydrogen peroxide is one of the components 
used to produce HMTD. Batrick at el. analyzed Welloxide using IR and Raman 
spectroscopic methods to determine if there was sufficient H2O2 to produce HMTD. 
As a result, they concluded that there was sufficient H2O2 in the suspect’s pos- 
session to produce a bomb. Raman spectroscopy, however, was their method of 
choice, which showed the distinct presence of hydrogen peroxide’s O—O stretch- 
ing peak at 876 cm~'document. The infrared spectrum, on the other hand, was not 
observable until the water spectrum was subtracted, and the peak of interest was 
still weak. 
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Characterization of drug-packing plastic bags is important forensic evidence in 
the courtroom to trace the origin of a package. Causin et al. (2006) have utilized the 
ATR infrared spectroscopic technique to differentiate and discriminate apparently 
similar plastic shopping bags that were used to pack individual doses. Their study 
showed that using ATR spectroscopy in combination with other techniques is a 
useful technique to discriminate mass-produced plastic bags and to trace the source 
of illicit drug doses with significant results. 

ATR is also an important technique in the analysis of pressure-sensitive tapes. 
Merrill (2000) utilized the ATR technique with single-reflection diamond IRE to 
analyze four different types of pressure-sensitive adhesive tapes, including duct 
tapes, electric tape, packing tape, and office tape. 

Maynard et al. (2001) used the diffuse reflectance IR spectroscopy technique 
to study personal lubricants found in sexual assault cases. Using extracts from 
the lubricant specimen, they were able to define classes and subclasses of these 
lubricants. The samples used were categorized in groups of three bases: siloxane-, 
poly(ethylene glycol)-, and glycerin-based lubricants. The infrared results indicated 
that the base component of each lubricant does not change over the course of three 
months, and it is possible to identify lubricant traces at least three months after 
preparing a sample for analysis. 

Kimberley et al. (2004) demonstrated the possible use of Raman microspec- 
troscopy to determine the presence of drugs on U.S. dollar bills, which requires 
minimum sample handling and preserves the sample for further analysis. They 
were able to measure Raman spectra and identify individual crystals on the cur- 
rency in a heterogeneous mixture of three compounds: benzocaine, isoxsuprine, 
and norephedrine. 

Documents involving fraud and threatening letters produced on printers and 
copy machines have been an important concern for forensic investigators. Tracing 
the model and the origin of the printer or the copy machine is an important hint 
for crime scene investigators. Merrill et al. (2003) were able to track the origin of 
a packaged bomb with an address label mailed to a victim’s address. Investigators 
suspected that the bomb was mailed by an employee at a company that had 400 
copiers of 61 different models. They requested 61 documents copied from the avail- 
able 61 models, and they prepared the sample by heating the back of the paper onto 
aluminum foil attached to a glass microscope slide. Spectra were obtained using 
microscopic reflection—absorption IR spectroscopy, where the IR beam reflected 
from the aluminum foil to the detector. Analyzing the documents and comparing 
the spectra to the ink obtained from the address label allowed the investigators to 
trace the model of the copier and the suspect. 
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Summary Forensic serology is an important component of modern forensic 
science. The primary activity of forensic serologists is the identification of bodily 
fluids. Bodily fluid stains are commonly associated with violent criminal cases. 
Proving the presence of bodily fluids can confirm alleged violent acts for an 
investigation. 
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8.1 INTRODUCTION 


Forensic serology is an important component of modern forensic science. The pri- 
mary activity of forensic serologists is the identification of bodily fluids. It focuses 
on identifying the presence of blood, semen, saliva, or other bodily fluids in a ques- 
tioned sample (DeForest et al., 1983; Gaensslen, 1983; Lee et al., 2001; Shaler, 
2002; Greenfield and Sloan, 2005; Jones, 2005; Kobilinsky et al., 2005; Saferstein, 
2007; Li, 2008). Bodily fluid stains are commonly associated with violent criminal 
cases. For example, the identification of blood evidence is often necessary for cases 
involving homicide, aggravated assault, sexual assault, and burglary. Proving the 
presence of blood can confirm alleged violent acts for an investigation. The identi- 
fication of semen and saliva is especially important for the investigation of sexual 
assault cases. For example, the presence of a suspect’s semen stains on a victim’s 
clothing can confirm an alleged sexual activity, and the presence of a suspect’s 
saliva stains on a victim’s sex organ can confirm alleged oral copulation. In this 
chapter we focus on the identification of blood, semen, and saliva evidence. 

In certain specific circumstances, the identification of other bodily fluids, 
although less frequently encountered than blood, semen, and saliva evidence, can 
have probative value for criminal investigations. The identification of urine can be 
important for an investigation of alleged assault with urination. The identification 
of vaginal secretions, menstrual blood, and fecal materials can be important for 
the investigation of sexual assault cases. For example, the identification of vaginal 
secretions may be important for the investigation of an alleged vaginal rape with 
a foreign object. Determining whether bloodstains are attributed to vaginal trauma 
or menstrual bleeding may be necessary in cases of alleged rape. The identification 
of fecal samples can be important for cases involving anal rape. 

Forensic serology can be considered the process of examining and identifying 
biological evidence, which occurs prior to the individualization of the biological 
evidence. Individualization of biological evidence is used to determine whether or 
not a bodily fluid sample has come from a particular person. Today, individualiza- 
tion can be achieved by using forensic DNA analysis. However, the identification of 
bodily fluid cannot be omitted or replaced by forensic DNA analysis. For example, 
if a stain from a victim’s clothing was processed with forensic DNA analysis for a 
sexual assault case and the DNA profile of the stain was found to match an alleged 
suspect, then based on the DNA profiling results alone, one may conclude that 
the suspect’s DNA was found on the victim’s clothing, thus, establishing a link 
between the suspect and the victim. However, if forensic serology testing identified 
the biological stain as a semen stain, one can conclude that semen was found on 
the clothing taken from the victim and that the suspect is the source of DNA from 
the semen stain. Thus, it appears that a sexual act may have occurred. 

The identification of bodily fluid can be carried out using presumptive and 
confirmatory assays to test that the sample is the bodily fluid in question. The 
advantages of presumptive assays are that these assays are sensitive, rapid, and 
simple. A positive reaction of a presumptive assay indicates the possibility of the 
presence of the bodily fluid in question. However, presumptive assays are not very 
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specific. Therefore, they should not be considered to be conclusive to the presence 
of a type of bodily fluid. In contrast, a negative assay suggests that the questioned 
bodily fluid is absent. Thus, they can be used as a screening method and narrow 
down biological stains prior to other types of analyses, such as forensic DNA 
testing. Moreover, these assays can be used as a search method to locate biological 
stains at the crime scene. Additional assays, such as confirmatory assays, should 
be conducted afterward if necessary. Confirmatory assays are more specific for the 
bodily fluid in question. These assays are employed to identify bodily fluids with 
higher certainty than presumptive assays. However, confirmatory assays are more 
time consuming than presumptive assays. 


8.2 IDENTIFICATION OF BLOOD 


The identification of blood can be performed using presumptive and confirmative 
assays (Figure 8.1). The most commonly utilized presumptive assays among foren- 
sic laboratories are oxidation—reduction reaction assays. The presence of blood can 
then be confirmed further using confirmatory assays. The most commonly utilized 
confirmatory assays are microcrystal assays. 

Currently, since time and budget constraints often exist, confirmatory assays for 
blood identification are infrequently performed. A reddish-brown stain identified 
through visual examination is usually tested by using presumptive assays. If the 
presumptive assay of the alleged blood stain is positive, the stain is then analyzed 
further by forensic DNA analysis. This approach can only derive a conclusion 
that the results indicate the presence of blood. Therefore, if sufficient amounts 
of biological materials are available, confirmatory assays should be performed if 
possible. Thus, if the confirmatory assay is positive, one can conclude that blood 
was identified from the evidence. Additional tests to determine if blood evidence 
originated from a human or animal source can be performed as necessary and are 
discussed in Section 8.3. 

The blood volume of a normal human is approximately 8% of the body weight. 
The fluid portion of the blood is called plasma. The cellular portion of the blood, 
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Figure 8.1 Example of the protocol for processing blood samples. 
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which is suspended in the plasma, consists of erythrocytes (also called red blood 
cells), leucocytes (also called white blood cells), and thrombocytes (also called 
platelets). Most presumptive and confirmatory assays of blood identification are 
based on the detection of hemoglobin. Hemoglobin is the protein responsible for 
the transportation of oxygen and is located in the erythrocytes. The majority of 
adult human hemoglobin consists of four subunits, two a and two B subunits (des- 
ignated as a2B2). Each hemoglobin subunit contains a heme molecule (also called 
ferroprotoporphyrin). The heme molecule consists of a protoporphyrin IX and a 
ferrous (Fe**) iron atom (Figure 8.2). 


8.2.1 Oxidation—Reduction Reactions 


This type of presumptive assay for blood identification is based on the biochem- 
ical properties of the heme molecule, which can catalyze an oxidation—reduction 
reaction. In an oxidation—reduction reaction, changes occur in the oxidation state 
of chemicals. For example, during the reaction, an oxidant becomes reduced and 
a reductant becomes oxidized. In the presumptive assays for blood identification, 
oxidation often coincides with the loss of hydrogen, and reduction often coincides 
with the gain of hydrogen. An example of an oxidation—reduction reaction for 
blood identification is shown in Figure 8.3(a). 

In an oxidation—reduction reaction for blood identification assays, the most 
commonly used reductants are phenolphthalein, leucomalachite green, tetramethyl- 
benzidine, and luminol (Lee, 1982; Gaensslen, 1983; Sutton, 1999; Greenfield and 
Sloan, 2005; Laux, 2005; Marie, 2008). Additionally, hydrogen peroxide is usu- 
ally employed as an oxidant. In the presence of heme, a colorless reductant is 
oxidized, forming a product with color or chemiluminescence. Thus, a positive 
reaction indicates the possible presence of blood. 





Figure 8.2 Chemical structure of heme. A heme molecule, also called ferroprotopor- 
phyrin, consists of a protoporphyrin IX and a ferrous (Fe?*) iron atom. 


IDENTIFICATION OF BLOOD =.273 
Reduced 
Oxidant Oxidant 
Reductant Heme Oxidized Reductant 
(Colorless) (Color/chemiluminescence) 


HO ; : OH 
HO 


(a) 


HO. ; ; Oo 


H20> 2H,0 
COOH Heme. COOH 
Phenolphthalin Phenolphthalein 
Reduced Oxidized 
(Colorless) (Pink) 
(b) 
N(CH3}s N(CH4) 
HO, 2H2O | 
\ Heme A 
N(CH3)2 NCH, 
Leuco Malachite Green Malachite Green 
Reduced Oxidized 
(Colorless) (Blue-Green) 
(c) 
H3C. CH; H3C CH; 
H205 2H,0 
HN NH2 Heme HN NH 
H3C CH; H3C CH; 
Tetramethylbenzidine Tetramethylbenzidine 
Reduced Oxidized 
(Colorless) (Blue) 


(d) 


Figure 8.3 Oxidation—reduction reaction and presumptive assays for blood identifi- 
cation: (a) oxidation—reduction reaction as a basis for presumptive assays for blood 
identification; chemical reactions of (b) Kastle-Meyer assay, (c) leucomalachite green 
assay, (d) tetramethylbenzidine assay, and (e) luminol assay. 
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Figure 8.3. (Continued) 


For example, the Kastle-Meyer assay utilizes colorless phenolphthalin as a 
reductant. In an oxidation—reduction reaction catalyzed by heme, phenolphthalin 
can be oxidized to phenolphthalein. Phenolphthalein shows a pink color in alkaline 
conditions [Figure 8.3(b)]. The Leucomalachite green assay utilizes the leuco base 
form of malachite green, which is colorless. It can be oxidized in the presence of 
heme to produce malachite green, which shows a green color [Figure 8.3(c)]. The 
reaction is carried out under acid conditions. In the tetramethylbenzidine assay, 
the oxidation of tetramethylbenzidine can be catalyzed by heme to produce a green 
color under acidic conditions [Figure 8.3(d)]. The Hemastix assay (Miles Laborato- 
ries) is a portable tetramethylbenzidine assay kit that can be used in laboratories and 
at crime scenes. In a /uminol assay, oxidation of luminol (3-aminophthalhydrazide), 
catalyzed by heme, emits a chemiluminescent light [Figure 8.3(e)]. Thus, the assay 
can be performed in the dark. Luminol reagents can be sprayed at crime scenes to 
search for alleged bloodstains. A positive reaction not only locates the blood but 
also detects the patterns, such as footprints, fingerprints, and splatter patterns. This 
method can help to pinpoint the location of even small traces of blood. Addition- 
ally, it is useful for crime scenes that have been cleaned up and where the blood 
evidence has been tampered with, leaving no visible stains. 

The assays discussed above are very sensitive and able to detect blood samples 
with up to a 10~>-fold dilution. However, they are not blood specific and possibly 
lead to false-positive results. For example, a false-positive reaction can be caused by 
the presence of chemicals that are strong oxidants (such as certain metal salts), even 
in the absence of heme. Plant peroxidases can also catalyze the oxidation reaction 
in the absence of heme. Thus, peroxidase-containing plants (such as horseradish) 
can cause a false-positive result. The presumptive assays can be carried out using 
the swabbing method. A small amount of the questioned stain is transferred onto a 
moistened cotton swab. Additionally, a substance control (swabbing a nonstained 
area adjacent to the stained area) can be prepared. The test is conducted in two 
steps. First, a drop of the testing reagent (reductant) is added onto the swab with 
the blood sample. If color develops, it is an indication of a false-positive reaction. 
If no color develops, the assay can be continued by adding a drop of oxidant 
reagent (e.g., 3% hydrogen peroxide) onto the swab. The presence of blood results 
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in an immediate development of color, while the absence of blood results in no 
development of color. 


8.2.2 Microcrystal Assays 


In microcrystal assays, blood crusts from a bloodstain are treated chemically to 
convert native heme to heme derivatives. These heme derivatives can form crystals 
with distinctive morphologies. The crystal morphology of heme derivatives can 
be examined by using microscopic observation. As a result, the presence of the 
crystals of heme derivatives confirms the presence of blood. One disadvantage 
of microcrystal assays is that these assays are less sensitive than the presumptive 
assays for blood identification. The most commonly utilized microcrystal assays 
are Takayama and Teichmann crystal assays (Lee, 1982; Gaensslen, 1983). Under 
normal physiological conditions, the ferrous ion of the heme can form six bonds: 
four bonds with the nitrogen of protoporphyrin IX, one bond with oxygen, and 
one bond with a hemoglobin subunit. In the Takayama crystal assay, blood crusts 
are treated in an alkaline condition with pyridine and a reducing sugar, such as 
glucose, that is capable of reducing other chemicals. Following the treatment, pink- 
colored pyridine ferroprotophorphyrin crystals form and can be observed under a 
microscope [Figure 8.4(a)]. In the Teichmann crystal assay, blood crusts are treated 
with glacial acetic acid and salts with heating. Brown-colored prismatic crystals of 
ferriporphyrin chloride form. Ferriporphyrin chloride is a heme derivative in which 
the iron is in the ferric (Fe**) state [Figure 8.4(b)]. 


8.2.3 Other Assays for Blood Identification 


Other confirmatory assays for detecting the presence of hemoglobin are available to 
confirm the presence of blood. For example, human hemoglobin can be detected by 
using immunological methods with antihuman hemoglobin antibodies. This type of 
assays is discussed in Section 8.3. Additionally, hemoglobin can be identified using 
chromatographic and electrophoretic methods based on the mobility characteristics 
of hemoglobin, and spectrophotometric methods based on the characteristic light 
spectrum absorbed by hemoglobin. 

Recently, RNA-based assays have been developed and can potentially be uti- 
lized for the identification of blood (Juusola and Ballantyne, 2003; Nussbaumer 
et al., 2006). These assays can detect specific types of messenger RNA (mRNA) 
that are only present in erythrocytes. Messenger RNA is transcribed from a gene 
and is then translated to produce a protein. The erythrocyte-specific genes utilized 
for blood identification are HBAI, PBGD, and SPTB (Table 8.1). HBAJ encodes 
for the human hemoglobin a1 subunit, which is abundant in erythrocytes. PBGD 
encodes for porphobilinogen deaminase, an erythrocyte-specific isoenzyme of the 
heme biosynthesis pathway. SPTB encodes f-spectrin, which is a subunit of the 
major protein of the erythrocyte membrane skeleton. These assays are carried out 
using the reverse transcription polymerase chain reaction (RT-PCR) technique to 
detect erythrocyte-specific mRNA for blood identification. The RT-PCR usually 
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(b) 


Figure 8.4 Chemical structures of heme derivatives: (a) pyridine ferroprotoporphyrin 
(R = pyridine) and (b) ferriprotoporphyrin chloride. 


consists of two steps (Figure 8.5). In the first step, an mRNA strand is used as a 
template for the synthesis, carried out by reverse transcriptase, of a DNA strand of 
complementary sequence, which is referred to as complementary DNA (cDNA). In 
the second step, the resulting cDNA is amplified and the amplified products can 
then be detected. The advantages of RNA-based assays are that this technique is 
sensitive and can be used to detect very small quantities of mRNA. Additionally, 
this technique is specific and can detect erythrocyte-specific mRNA. Moreover, the 
technique is adaptable to automation. The disadvantage of this technique is that the 
mRNA present in the sample can be degraded by endogenous ribonucleases. 
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TABLE 8.1 Use of RNA-Based Assays for Bodily Fluid Identification’ 


Bodily Gene Gene 
Fluid Symbol Product Description 


Blood HBAI Hemoglobin a1 Hemoglobinal subunit abundant in 
erythrocytes; transports oxygen 
PBGD  Porphobilinogen Erythrocyte-specific isoenzyme of the heme 


deaminase biosynthesis pathway 
SPTB B-Spectrin Subunit of the major protein of the erythrocyte 
membrane skeleton 
Semen KLK3 Kallikrein 3 Also called prostate-specific antigen (PSA) 
PRM! __ Protamine 1 DNA-binding proteins involved in 
condensation of chromatin of spermatozoa 
PRM2 _ Protamine 2 DNA-binding proteins involved in 
condensation of chromatin of spermatozoa 
Saliva HTN3  Histatin 3 Histidine-rich protein involved in the 
nonimmune host defense in the oral cavity 
STATH — Statherin Inhibitor of the precipitation of calcium 


phosphate salts in the oral cavity 


Source: Adapted from Li (2008). 
“Tissue-specific genes for identification of bodily fluid are shown. 
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Figure 8.5 RT-PCR technique for bodily fluid identification. The synthesis of cDNA 
from mRNA can be carried out using reverse transcriptase, and the resulting cDNA is 
amplified using DNA polymerase. 


However, the degree of mRNA degradation, measured by the RT-PCR tech- 
nique, can potentially be used for determining the age of a bloodstain (Anderson 
et al., 2005). It is known that mRNA in a blood stain degrades over time after the 
blood stain is deposited. Thus, the age of a blood stain deposited at a crime scene 
can be estimated by measuring the detection level of mRNA. This estimation can 
provide investigative leads, such as when the crime occurred and the length of the 
postmortem interval. 
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8.3 SPECIES IDENTIFICATION 


Once a stain is identified as blood, the determination of the origin of a blood stain 
is critical in forensic casework. The blood sample is tested to determine if it is 
of human or nonhuman origin. Thus, species identification assays can be useful as 
a screening method to exclude or eliminate nonhuman stains that are not related 
to the investigation. Thus, if the blood stain is nonhuman, it is not necessary to 
analyze the stain further. However, if the case involves animals, it may be necessary 
to identify the species of the blood sample. Currently, species identification is 
performed infrequently in forensic laboratories. A blood stain is usually processed 
for DNA profiling analysis. The DNA isolated is quantified using techniques that 
detect only higher-primate DNA. Thus, the detection of the DNA can indicate that 
the donor of a blood stain is of human origin, based on the assumption that the 
crimes involving primate blood are extremely rare in the United States. 

The majority of assays for species identification use antibody-based techniques. 
Antibodies are capable of binding to antigens (substances that trigger the gener- 
ation of antibodies). For example, antihuman antibodies are antibodies bound to 
human antigens and can be used to determine if the sample is a human blood 
sample. To produce antihuman antibodies, human antigens are usually introduced 
into a host animal. The host animal generates specific antibodies against the human 
antigens. The blood is then removed from the host animal to prepare antibodies. 
The resulting antibody is a polyclonal antihuman antibody containing a mixture of 
antibodies against various human antigens. Additionally, purified human proteins 
can be used to generate monoclonal antibodies. Monoclonal antibodies are spe- 
cific, homogeneous, and react with a single determinant site of the antigen. The 
antihuman antibodies utilized should not cross-react with commonly encountered 
animals but usually have cross-reactivity with higher primates. However, this is 
not a great concern, due to the fact that crimes involving primates are very rare. 
An antibody against animal antigens can also be produced using a similar method 
for determining the animal species in question. 

One commonly employed assay is the immunochromatographic assay 
(Table 8.2). Additional assays that can be utilized are the Ouchterlony assay and 
the crossed-over immunoelectrophoresis assay, which relies on the binding of an 
antigen to an antibody causing the formation of a visible precipitate. 


8.3.1. Immunochromatographic Assays 


A schematic immunochromatographic membrane device is shown in Figure 8.6. 
The mechanism of the immunochromatographic assays is illustrated in Figure 8.7. 
The samples can be prepared by cutting out a portion of a stain or scraping off 
stains from a surface. The sample is then extracted with a small volume of buffer. 
The extracted sample is loaded into the sample well of the immunochromato- 
graphic device. The loaded sample diffuses across the nitrocellulose membrane. 
The presence of antigens in the sample results in a colored line at the test zone. 
The immunochromatographic device also utilizes a control zone to ensure that the 


© 


SPECIES IDENTIFICATION 279 


TABLE 8.2 Commonly Used Immunochromatographic Assays for 
Forensic Application 


Forensic Application Assay Antigen 
Blood identification, _ ABAcard HemaTrace (Abacus Hemoglobin 
species Diagnostics) 
identification RSID-Blood (Independent Forensics) Glycophorin A 


Semen identification © ABAcard p30 (Abacus Diagnostics) — Prostate-specific antigen 
RSID-Semen (Independent Forensics) Semenogelin 
Saliva identification | RSID-Saliva (Independent Forensics) Human salivary 
a-amylase 


Source: Adapted from Li (2008). 
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Figure 8.6 Immunochromatographic device. Examples of negative and positive results 
are shown. 


sample has diffused properly along the test strip. Thus, the presence of antigens 
results in a line at the control zone as well. The assay is considered valid only if the 
line in the control zone is observed. In contrast, the absence of antigens results in a 
line in the control zone only. However, a false-negative result may occur in a sam- 
ple consisting of a very high concentration of antigens. This false-negative result is 
known as the high-dose hook effect. Nevertheless, immunochromatographic assays 
are rapid, specific, and sensitive and can be used in both laboratory and field tests 
for species identification. 

Most of these assays are based on the detection of human erythrocyte proteins 
(Lee, 1982; Gaensslen, 1983; Greenfield and Sloan, 2005). For example, purified 
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(a) (b) (c) 


Figure 8.7 Immunochromatographic assay. (a) Dye-labeled antibody (Ab) is placed in 
the sample well. (b) Sample containing antigen (Ag) is loaded into the sample well 
and binds to the labeled antibody. This antigen—antibody complex diffuses along the 
immunochromatographic membrane device. (c) The antigen—antibody complex is captured 
by an immobilized antibody at the test zone, which forms a colored line for observation. 


human hemoglobin can be used to generate antihuman hemoglobin antibodies that 
detect human hemoglobin. Commercially produced immunochromatographic kits 
are available, such as the ABAcard HematTrace kit (Abacus Diagnostics, Califor- 
nia). The range of normal blood hemoglobin concentration is 121 to 165 mg/mL. 
The ABAcard HemaTrace kit can detect very low levels of hemoglobin (as low 
as 0.07 jtg/mL), and specificity studies have shown that the kit is specific for 
higher primates, including humans. Another immunochromatographic assay utilizes 
antibodies, recognizing human glycophorin A (GPA). Glycophorin A is a human 
erythrocyte membrane antigen. The RSID-Blood kit (Independent Forensics, Hill- 
side, IL), a commercially produced glycophorin A immunochromatographic kit, is 
available. The sensitivity of the RSID-Blood kit can be as low as 100 nL of human 
blood. Species specificity studies have shown that there is no cross reactivity with 
various animal species, including nonhuman primates. 


8.3.2 Ouchterlony Assay 


This assay can be performed in an agarose gel supported by a glass slide or polyester 
film (Lee, 1982; Greenfield and Sloan, 2005). Wells are created by punching holes 


SPECIES IDENTIFICATION 281 


in the gel layer at desired locations. For example, a pattern with six wells sur- 
rounding a center well may be used. An antibody (such as the antihuman antibody) 
is loaded into the central well with the stain extracts and controls are loaded into 
the surrounding wells. The diffusion of the antigen and the antibody from the 
wells is allowed to occur during incubation. In a positive reaction, a line of pre- 
cipitate forms between each antigen well and the antibody well (Figure 8.8). The 
gel can then be stained with a dye to enhance the visibility of the line of pre- 
cipitate. This assay can also analyze more than one antigen in the same assay 
to determine if the samples in question are from the same or different species 
of origin. 


8.3.3 Crossed-Over Immunoelectrophoresis 


Crossed-over immunoelectrophoresis is also known as_ counterimmunoelec- 
trophoresis (Lee, 1982; Greenfield and Sloan, 2005). In this method, an agarose 
gel is prepared which contains sample wells opposing each other (Figure 8.9). 
The antibody and questioned samples are loaded into the wells by pairs. The 
antihuman antibody is loaded into the wells proximal to the anode, and questioned 
samples are loaded into the wells proximal to the cathode. The gel electrophoresis 
is then carried out. During the electrophoresis, the antigen present in a question 
sample, carrying a negative charge, migrates toward the anode. In contrast, 
the antibody migrates toward the cathode as a result of flow of fluid. In a 
positive reaction, a precipitate line forms between the opposing antigen and 
antibody wells. 
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Figure 8.8 Result of an Ouchterlony assay. A precipitate line is observed between a 
human blood sample and an antihuman antibody. 
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Figure 8.9 Result of a crossover electrophoresis. A precipitate line is observed between 
a human blood sample and an antihuman antibody. 


8.4 IDENTIFICATION OF SEMEN 


Normal semen contains seminal fluid and sperm cells (also called spermatozoa). 
The seminal fluid is a mixture of secretions from male accessory glands largely 
from the seminal vesicles and prostate. Spermatozoa count ranges from 10’ to 108 
(spermatozoa/mL of semen) among healthy males. Abnormality in spermatozoa 
count can be observed among males. For example, oligospermia refers to the 
condition of a male with an abnormally low spermatozoa count. Aspermia refers to 
the condition of a male with no spermatozoa. However, the secretion of the seminal 
fluid is not affected among these males. A vasectomy is a surgical procedure that 
blocks spermatozoa from reaching the distal portions of the male reproductive tract. 
A vasectomized male can still produce seminal fluid. 

To search for seminal stains on evidence, visual examination of evidence can 
be facilitated by utilizing alternate light sources. The presence of semen can then 
be indicated by presumptive assays that detect enzymes present in seminal fluid. 
The presence of semen can be confirmed by performing confirmatory assays. The 
most commonly used confirmatory assays are microscopic examination of sperma- 
tozoa and immunochromatographic assays that utilize antibody-detecting antigens 
present in seminal fluid. Recently, RNA-based assays have been developed and are 
potentially useful for semen identification. 


8.4.1. Visual Examination 


The visual examination of semen stains can be facilitated by using alternate light 
sources (Jones, 2005). Semen stains fluoresce when irradiated with alternate light 
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sources. For example, excitation wavelengths from 450 to 495 nm can be used. 
Fluorescence emitted from a seminal stain can be visualized with colored goggles. 
Thus, a fluoresced stain indicates the presence of semen and can be tested further 
using acid phosphatase assays. 


8.4.2 Acid Phosphatase Assays 


Semen contains high concentrations of acid phosphatase, which is secreted pri- 
marily from the prostate gland. Thus, acid phosphatase is a useful marker for the 
identification of semen (Gaensslen, 1983; Greenfield and Sloan, 2005; Jones, 2005). 
The most commonly used acid phosphatase assays in forensic laboratories are col- 
orimetric and fluororimetric assays. These assays are based on the principle that 
acid phosphatase can catalyze a hydrolysis reaction to remove a phosphate group 
from a substrate. 

The acid phosphatase is water soluble and can be transferred from a stain by 
rubbing the questioned stain area with a moistened cotton swab. The swab can 
then be used for acid phosphatase assays. The most commonly used colorimetric 
assay for forensic applications is the use of a-naphthyl phosphate as the substrate 
[Figure 8.10(a)]. The substrate reagent is added to the swab prepared as described 
above. In the presence of acid phosphatase, the hydrolysis of a-naphthyl phosphate 
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Figure 8.10 Chemical structures of acid phosphatase substrates: (a) a-naphthyl phos- 
phate and (b) 4-methylumbelliferone phosphate. 
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occurs. By subsequently adding brentamine Fast Blue B solution, a purple precip- 
itate forms at the sites of acid phosphatase activity. The immediate color change 
to purple indicates the presence of semen. 

The fluororimetric assay of acid phosphatase detection is highly sensitive and 
is generally used for mapping semen stains located on evidence. A piece of moist- 
ened filter paper is used to transfer the acid phosphatase from the evidence. The 
moistened filter paper is overlaid in close contact with the evidence, such as a 
garment. The filter paper is then lifted from the evidence. Background fluores- 
cence on the filter paper is examined in a dark room with long-wave ultraviolet 
(UV) light. Any background fluorescence should be marked. The filter paper can 
then be sprayed with the 4-methylumbelliferone phosphate reagent [Figure 8.10(b)]. 
In the presence of acid phosphatase, the hydrolysis of the phosphate residue on 
4-methylumbelliferone phosphate occurs, which immediately generates fluores- 
cence under UV light. Semen stains can be visualized as fluorescent areas on 
the filter paper. 

The presumptive assays described above cannot distinguish completely between 
prostatic acid phosphatase and non-prostatic acid phosphatase isoenzymes (multiple 
forms of acid phosphatase). For example, interference due to contamination with 
acid phosphatase present in vaginal secretions can occur in specimens collected 
from victims. Thus, the presence of semen should be confirmed by the performance 
of confirmatory assays. 


8.4.3 Microscopic Examination of Spermatozoa 


To prove the presence of semen, light microscopic identification of spermatozoa 
can be carried out (Jones, 2005). The morphology of human spermatozoa can be 
characterized as the head, the middle piece, and the tail structures (Figure 8.11). 
The head contains a nucleus and an acrosomal cap (a membranous compartment at 
the tip of the head). The head is attached to the midpiece, where the mitochondria 
are located. The midpiece is attached to the tail, which is a flagellum responsible 
for the motility of a spermatozoon. 

To prepare a sample for microscopic examination, it is necessary to transfer 
spermatozoa from a questioned stain to a microscope slide. A small portion of a 
stain is cut and extracted with water followed by gentle vortexing. This suspension 
containing spermatozoa is then placed onto a slide and is air-dried with low heat. 
To facilitate the microscopic observation of spermatozoa, a histological staining 
method, using the Christmas tree stain, is utilized to stain the spermatozoa held 
on the slide. This staining technique utilizes a combination of two dyes. Nuclear 
fast red is a red dye that stains the nucleus and acrosomal cap of the spermatozoa. 
Picroindigocarmine is a green dye that stains the neck and tail portions of the 
sperm. As a result, the nucleus and acrosomal cap are red, while the sperm tails 
and midpiece are green. In addition to spermatozoa, a victim’s epithelial cells can 
often be observed if the sample is collected from the victim. The epithelial cells 
are stained blue-green with red nuclei. Today, the spermatozoa from such a slide 
can be separated from the victim’s epithelial cells by utilizing the laser capture 


IDENTIFICATION OF SEMEN 285 


Acrosome 
Head 
Nucleus 
Mitochondria Midpiece 
Tail 








Figure 8.11 Structure of a spermatozoon. 


microdissection technique. After the spermatozoa are located on the slide, the head 
portion of the spermatozoa can be captured. The DNA of the spermatozoa can then 
be isolated for forensic DNA analysis. 


8.4.4 Immunochromatographic Assays 


These assays (Jones, 2005) utilize antibodies specific for proteins present in semen 
such as the prostate-specific antigen (PSA) and seminal vesicle—specific antigens. 
PSA (also known as P30 and Kallikrein 3) is a serine protease with a molecular 
weight of 30 kDa. PSA is produced in the prostate gland and secreted into the semi- 
nal fluid. Low levels of PSA can also be found in blood, fecal material, milk, sweat, 
and urine. Therefore, it can be a concern when a questioned sample is contaminated 
with those biological materials. Commercially produced immunochromatographic 
kits are available, such as the ABAcard p30 (Abacus Diagnostics, California). In 
this device, antihuman PSA antibodies are utilized. The assay is carried out by 
loading an extracted sample into the sample well. The presence of human PSA 
results in a pink line at both the test zone and the control zone, while the absence 
of human PSA results in a pink line in the control zone only. However, the high- 
dose hook effect, which may cause false-negative results, as described previously, 
occurs when high quantities of seminal fluid are tested. 

Seminal vesicle—specific antigens (also known as semenogelins) are the major 
seminal vesicle—secreted proteins in semen and form a coagulum upon ejaculation. 
In humans, semenogelin I (SgI) and semenogelin II (SgII) are two major forms 
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of semenogelins. They are present primarily in tissues of the male reproduction 
system and secreted into seminal fluid. The seminal semenogelin concentration is 
much higher than seminal PSA concentration. Therefore, the semenogelin test can 
achieve higher sensitivity than the PSA test. Additionally, semenogelin I and II 
are present in low amounts in several other tissue types, such as skeletal muscle, 
kidney, colon, and trachea tissues. However, this is not a great concern since these 
tissue samples are usually not analyzed for semen detection. 

Commercially produced immunochromatographic kits are available, such as the 
RSID-Semen kit (Independent Forensics, Hillside, IL), in which antisemenogelin 
antibodies are utilized. The assay is carried out by loading an extracted sample 
into the sample well. The presence of semenogelins results in a pink line at both 
the test zone and control zone, while the absence of semenogelins results in a 
pink line in the control zone only. The RSID-Semen kit can detect seminal fluid 
with 5 x 10*-fold dilution. However, the high-dose hook effect occurs when high 
amounts of seminal fluid are tested. 


8.4.5 RNA-Based Assays 


Recently, RNA-based assays have been developed for the identification of semen 
(Juusola and Ballantyne, 2003; Nussbaumer et al., 2006). These assays can detect 
specific mRNA that is present exclusively in the spermatozoa and the male acces- 
sory glands. For example, the tissue- or cell-specific genes utilized for seminal fluid 
identification are KLK3, PRM/, and PRM2. KLK3 encodes for human PSA. PRM/ 
and PRM2 encode for protamine | and protamine 2, respectively. Protamines are 
DNA-binding proteins involved in the condensation of chromatin in spermatozoa. 


8.5 IDENTIFICATION OF SALIVA 


The human salivary glands produce 1.0 to 1.5 L of saliva a day. Saliva is a fluid 
composed mostly of water, but also contains small amounts of electrolytes, proteins, 
and enzymes. Salivary amylase is one of the enzymes that can be found in saliva. 
The biochemical function of the amylase is to cleave polysaccharides, such as 
starch, which is a major component of one’s diet. Thus, the identification of the 
amylase indicates the presence of saliva. Two major amylase isoenzymes (multiple 
forms of amylase) can be found in humans: human salivary a-amylase (HSA) and 
human pancreatic a-amylase (HPA). HSA is produced in the salivary glands and 
HPA is produced in the pancreas. In addition to saliva, a low level of amylase 
activity is found in other bodily fluids, such as blood, milk, perspiration, semen, 
tears, and vaginal secretions. 

Visual examinations using alternate light sources can facilitate the search for 
saliva stains (Jones, 2005). The identification of saliva is carried out by detecting 
amylase in a questioned sample (Gaensslen, 1983; Greenfield and Sloan, 2005; 
Jones, 2005). These assays can be divided into presumptive and confirmatory 
assays. Presumptive assays measure the enzymatic activity of amylase. These assays 
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are not HSA specific and cannot distinguish HSA and its isoenzymes. They are 
not conclusive as to the specific presence of saliva in a sample. False positives 
can occur due to contamination by HPA and amylases from plant and bacterial 
sources. The confirmatory assays, including direct detection of HSA proteins, are 
more specific than the presumptive assays. Additionally, RNA-based assays (Juu- 
sola and Ballantyne, 2003) can potentially be useful as a confirmatory assay for 
saliva identification. 


8.5.1 Visual and Microscopic Examination 


The search for saliva stains can be facilitated by using alternate light sources. Saliva 
stains fluoresce when irradiated with alternate light sources. For example, a 470-nm 
excitation wavelength can be used. Fluorescence emitted from a saliva stain can 
be visualized with colored goggles. However, the intensity of fluorescence emitted 
from saliva stains is less than that of seminal stains. Furthermore, a microscopic 
examination can be carried out to identify buccal epithelial cells from the stain. 
The presence of buccal epithelial cells indicates a saliva stain. 


8.5.2 Identification of Amylase 


Starch-lodine Assay This assay is based on the principle that iodine (Iz) 
reacts with starch and develops a dark blue color. In the presence of amylase, 
starch is cleaved to monosaccharides or disaccharides. The monosaccharides or 
disaccharides do not react with iodine to develop color. The assay can be carried 
out in a starch-containing agarose gel with sample wells. The questioned sample 
is then loaded into the sample well. The gel is incubated and then stained with an 
iodine solution. The starch-containing gel is stained blue. If amylase is present in 
the sample, it diffuses out from the sample well and cleaves starch in the gel as it 
diffuses. A clear area around the sample well indicates amylase activity. The size 
of the clear area is proportional to the amount of amylase present in the sample. 
Therefore, the amount of amylase present in a questioned sample can be estimated 
by comparing it to a standard curve (Figure 8.12). 


Phadebas Assay Phadebas (Pharmacia) reagent is an insoluble blue 
dye—labeled amylase substrate commonly used in forensic laboratories. In the 
presence of amylase, the dye motif of substrates can be cleaved. The cleaved 
dye motif is soluble in water and develops a blue color. The amylase reaction 
can be terminated at an alkaline pH by adding a sodium hydroxide solution. The 
degree of coloration can be measured (as optical density) at 620 nm using a 
spectrophotometer and is proportional to the amount of amylase. Then the number 
of amylase units present in a sample can be determined by comparing the degree 
of coloration to a standard curve. 

Amylase tests can also be used to locate possible saliva stains on evidence 
through the process of amylase mapping. To perform this process, a piece of filter 
paper containing Phadebas reagent is placed over the evidence to be tested. The 
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Figure 8.12 Starch—iodine assay for identification of amylase. (a) A series of known 
concentrations of amylase standards are applied. (b) The size of the clear area resulting 
from amylase activity is plotted and a liner standard curve (in log scale) can be constructed. 
The standard curve can be used to determine the amount of amylase present in a questioned 
sample. 


paper is dampened slightly by spraying it with distilled water. The amylase is 
water soluble and can be transferred from evidence to the moistened filter paper. 
The amylase transferred to the filter paper reacts with the Phadebas reagent and 
develops a blue color which corresponds to the site of the saliva stain. 


Immunochromatographic Assays Commercially produced immunochro- 
matographic kits are available, such as the RSID-Saliva kit (Independent 
Forensics). With this device, anti- HSA antibodies are utilized. The assay is carried 
out by loading an extracted sample into the sample well. The presence of HSA 


REFERENCES 289 


results in a pink line at both the test zone and the control zone, while the absence 
of HSA results in a pink line in the control zone only. The sensitivity of the 
RSID-Saliva kit can be as low as 1 wL of saliva. 


8.5.3 RNA-Based Assays 


Recently, RNA-based assays have been developed for the identification of saliva. 
These assays can detect specific mRNA that is present exclusively in cells of the 
oral cavity. Specifically, the tissue- or cell-specific genes utilized for saliva identifi- 
cation are HTN3 and STATH . HTN3 encodes histatin 3, which is a protein involved 
in the nonimmune host defense in the oral cavity. STATH encodes statherin, which 
is a salivary protein inhibiting the potentially harmful precipitation of calcium 
phosphate salts in the salivary glands and the oral cavity. 
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Summary In this chapter we describe how DNA became a valuable forensic 
tool in identifying the source of physical evidence left at a crime scene. The use of 
restriction fragment length polymorphism analysis in the mid-1980s was replaced 
by polymerase chain reaction (PCR) methods, which were more sensitive, requiring 
far less high-molecular-weight DNA; used less hazardous materials; and were more 
rapid and more economical. PCR-short tandem repeat—based genetic profile typing 
methods have improved in sensitivity over the past 20 years and have become a 
basic tool in the crime lab. Where nuclear DNA is insufficient to generate a full 
genetic profile, mitochondrial DNA can be used to provide identifying information. 
The chapter also covers low-copy-number procedures and the typing of single- 
nucleotide polymorphisms within the human genome. 
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9.1 INTRODUCTION 


9.1.1 Background on DNA Typing 


The structure of DNA was first elucidated by Watson and Crick in 1953. It was 
shown to take the form of a double helix made by two parallel strands, each of 
which is composed of four different nucleotides (Figure 9.1) linked together in 
a specific sequence (Watson and Crick, 1953). While the sequence of the DNA 
nucleotides is virtually identical in every cell in a person’s body, different people 
differ in portions of their DNA sequences, and each sequence difference is known as 
a polymorphism. In addition, certain sequences of nucleotides are repeated numer- 
ous times, frequently one after another, and because people may differ in the 
number of times that each of these tandem sequence repeats is repeated, there are 
even more polymorphisms between individuals. It is the examination of such a 
DNA sequence or repeat number (length) polymorphism that is the basis of DNA 
identification. 

DNA profiling or typing (originally called DNA fingerprinting ) was first used for 
forensic purposes in the 1980s. The methodology, first described by Alec Jeffreys, 
used the differences in length of DNA regions created by variations in numbers of 
repeated sequences to distinguish between individuals (Jeffreys et al., 1985). The 
repeated regions of DNA that Jeffreys examined are called variable number tandem 
repeats (VNTRs) and the DNA profiling technique that he developed is called 
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Figure 9.1 DNA structure. The two parallel strands of DNA take the form of a double 
helix, with each strand composed of four different nucleotides. A is adenine, T is thymine, 
G is guanine, and C is cytosine. 


restriction fragment length polymorphism (RFLP). RFLP uses restriction enzymes, 
which cut the DNA at specific sequences of bases called restriction endonuclease 
recognition sites, to chop up large pieces of double-stranded DNA in a specific 
manner. RFLP identifies people by the pattern their DNA segments make when 
they are separated by size and then hybridized with complementary DNA probes. 
Because different people may differ in the particular endonuclease recognition sites 
that are present in their DNA and may also differ in the number of repeats that are 
present between their recognition sites, the length and therefore the pattern of the 
various DNA fragments produced by the restriction enzyme digestion will differ 
from person to person when separated by size. 

After the polymerase chain reaction (PCR) was developed in the mid-1980s 
(Saiki et al., 1985; Mullis, 1990), DNA typing methods began incorporating PCR 
technology and RFLP was phased out for forensic DNA identification. Because 
PCR-based methods increase the copy number of DNA fragments to the millions 
or billions, they greatly reduce the amount of crime scene DNA necessary for 
DNA identification. In addition, because PCR-based methods are used to amplify 
relatively small DNA fragments, there is no need for the undegraded DNA required 
for RFLP. Although the first PCR-based tests used for human identification did not 
have a high power of discrimination, over the years DNA typing technology has 
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evolved into the current PCR-based methods, which examine short tandem repeat 
(STR) loci and have powers of discrimination of one in more than a trillion. 


9.1.2 DNA Structure 


In the Watson and Crick model of DNA structure, each of the two parallel strands 
forming the double helix is made of linked nucleotides. Each nucleotide contains 
a phosphate group, a five-carbon sugar (deoxyribose), and one of four nitrogen- 
containing bases: adenine, thymine, guanine, or cytosine, referred to as A,T, G, and 
C, respectively. A and G are double-ringed purines and T and C are single-ringed 
pyrimidines (Figure 9.2). The nucleotides in DNA are linked by bonds (phospho- 
diester) between the 3’-hydroxyl and 5’-hydroxyl groups of the deoxyribose sugars 
and the phosphate groups, forming a sugar phosphate backbone on the outside 
of the double helix [Figure 9.3(a)]. The bases project into the inside and each 
strand is connected to what is called its complementary strand by hydrogen bond- 
ing between specific bases. In this complementary base pairing, adenine always 
pairs with thymine (by forming two hydrogen bonds) and guanine always pairs 
with cytosine (by forming three hydrogen bonds) (Figure 9.3). There are about 10 
nucleotide pairs for each turn of the helix. Polynucleotides are read from the 5’ 
end to the 3’ end; since the two polynucleotide chains of the helix run in opposite 
5’-to-3’ directions, they are said to be antiparallel [Figure 9.3(b)]. 





Adenine Guanine 


Figure 9.2 Pyrimidines and purines in DNA. The single-ring pyrimidines, thymine (T) 
and cytosine (C), are shown in the upper panel, and the double-ring purines, adenine (A) 
and guanine (G), are shown in the lower panel. 
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Figure 9.3 Complementary base pairing in DNA structure. (a) A sugar phosphate back- 
bone is on the outside and the four different bases are on the inside of the DNA molecule 
(left panel). (b) There is base pairing by hydrogen bonding between complementary bases 
A and T (with two hydrogen bonds) and G and C (with three hydrogen bonds) and both 
strands run from 5’ to 3’ in opposite directions. 


9.1.3. Nuclear and Mitochondrial DNA Organization 


Within most human cells DNA is present in both the nucleus and the cytoplasm; 
cytoplasmic DNA is found in energy-producing organelles called mitochondria. 
Although the DNA found in these two different locations has the same basic double- 
stranded structure, many differences exist as well. 

Nuclear DNA molecules form linear chromosomes and mitochondrial DNA 
(mtDNA) molecules form circular chromosomes. Whereas nuclear chromosomes 
are present as pairs (homologs), with one chromosome of each pair received from 
each parent, mtDNA is inherited uniparentally only through the maternal line. 
While the nucleus of a typical human cell contains 46 chromosomes made up of 
22 pairs of nonsex chromosomes (autosomes) and two sex chromosomes, the total 
number of mitochondria in a cell varies greatly with the type of cell and its stage of 
development. Although a set of 23 nuclear chromosomes contains about 3.1 billion 
nucleotides, the total number of nucleotides in a single mitochondrial chromosome 
is only 16,569. 

Both nuclear and mitochondrial chromosomes contain coding sequences 
(nucleotides that make up the genes) and noncoding nucleotide sequences whose 
function is largely unknown. But while the coding and noncoding sequences are 
distributed intermittently along the length of each nuclear chromosome, in the 
mitochondrial genome the coding and noncoding areas are separate from each 
other. The noncoding portion of mtDNA is known as the control region (also 
known as the D-loop or displacement loop) and it contains about 1100 base pairs 
(bp), which encompass the two polymorphic hypervariable regions (HV1 and 
HV2) that are generally used for forensic mtDNA sequencing analysis (Figure 9.4). 
HV1 occupies positions 16,024 to 16,365, and HV2 occupies positions 73 to 340 
in the control region of the mitochondrial chromosome. 
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Figure 9.4 Mitochondrial DNA: a schematic representation of the 16,569 bp of the 
circular mitochondrial DNA genome. Both heavy (H-, outer circle) and light (L-, inner 
circle) strands are indicated, as are the positions of HV1 (composed of bp 16,024 to 
16,365) and HV2 (composed of bp 73 to 340), which are the regions used in forensic 
mtDNA sequencing. 
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In addition to differences in organization and number, there are differences in 
the way that nuclear and mitochondrial DNA molecules are transferred from one 
generation to the next. Nuclear chromosomes, which are inherited from both par- 
ents, undergo genetic recombination, whereas mitochondrial chromosomes, which 
are inherited from only one parent, do not. 


9.2 METHODOLOGY 


9.2.1 Sample Collection and DNA Extraction 


The isolation of genomic DNA from crime scene evidence samples is complicated 
by variations in both the quality and quantity of the material that is to be examined. 
Samples used for DNA analysis may be taken from varied materials, such as fabric, 
contact swabs, or cigarette butts, and the DNA in these samples may originate from 
various sources (e.g., blood, saliva, semen, skin). To serve as evidence in court, 
the biological material must be collected carefully and a chain of custody must be 
established. In addition, reference DNA samples are necessary to provide material 
for comparison to crime scene evidence; these can come from convicted offenders, 
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suspects, and/or people who may have left their DNA at the scene merely because 
they happened to be in the area (elimination specimens). 

As methodologies improve, crime scene evidence samples containing less and 
less DNA (such as those from single fingerprints) are being analyzed. When samples 
contain very little DNA, purification methods must yield the maximum amount of 
DNA in the smallest volume possible. Samples containing very small amounts of 
DNA (usually <100 pg) fall into a category known as low-copy-number DNA 
(Gill et al., 2000). 

The first step in DNA analysis, DNA extraction, involves isolation of the DNA 
and its separation from other cell components. (Where applicable, cells may first 
be separated from their substrate swab or fabric by agitation in a minimal amount 
of liquid.) There are various possible DNA extraction methods, and when dealing 
with crime scene samples, the type of evidence and the amount of DNA it contains 
will help determine the extraction method used. Common forensic DNA extraction 
methods include the use of Chelex beads, solid-phase commercial kits, or organic 
extraction. [Various methods for manual sample preparation and extraction are 
described in detail by Butler (2005, Chap. 3).] Whatever extraction method is 
used, care must be taken to avoid contamination between the samples as well as 
contamination by extraneous DNA. 

For many years most crime labs used the Chelex method for DNA extraction. 
Chelex is an ion-exchange resin that protects DNA by binding to magnesium ions, 
thereby inhibiting the function of the magnesium, which requires enzymes that 
destroy DNA. Cells are first broken open and their DNA released by boiling the 
cellular material in the presence of Chelex beads. After the centrifugation step that 
follows, the Chelex and all cellular components except the DNA form a tight pellet 
at the bottom of the tube. The supernatant liquid containing the extracted DNA is 
then transferred to a new tube and usually stored frozen at —20°C or —80°C until 
it is used for analysis. 

There is currently a backlog of samples from convicted offenders that must be 
analyzed and entered into the national database. To ease this backlog and to analyze 
reference and elimination samples, many laboratories now use commercial kits 
and/or robotic instruments to prepare these samples, which have abundant DNA 
and are of a similar type. In addition, new methods and equipment that greatly 
improve DNA recovery are now available for sample collection, extraction, and 
quantification, including individualized collection and extraction kits and robotic 
extraction methodologies (see Brettell et al., 2005, 2007, 2009). 


9.2.2 DNA Quantification 


Because methods for DNA analysis usually require that the DNA be within a 
specific concentration range, the amount of human DNA present in an extracted 
sample must be measured before analysis. In most of the methods used for deter- 
mining DNA concentration, results for extracted DNA are compared to those for 
calibrated standards that contain known quantities of DNA. Recent DNA quan- 
tification methods have moved from slot blot, to real-time (rt) or quantitative (q) 
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PCR-based methodology; rtPCR-based methods are more exact than blot-based pro- 
cedures and can quantify samples with much lower DNA concentrations. Because 
rtPCR measures the change in fluorescence due to the increase in amplified product 
that occurs during the initial PCR cycles, it not only quantifies the DNA but indi- 
cates how much amplifiable DNA is present in the sample (Butler, 2005, Chap. 4). 
Kits such as the Quantifiler Human DNA Quantification kit from Applied Biosys- 
tems, Inc. are now being used to determine the amount of human DNA present 
in a sample by rtPCR. In addition, a Quantifiler Duo Quantification kit (Applied 
Biosystems), which simultaneously quantifies total human and human male DNA, 
has recently been validated (Barbisin et al. 2009). 


9.2.3 Polymerase Chain Reaction 


PCR is a process that amplifies DNA and makes millions to billions of copies of 
a specific DNA sequence through the use of primers. Primers are short segments 
of DNA (usually 18 to 30 nucleotides in length) that specify which region of the 
DNA will be copied. For each sequence amplified, two different primers (a forward 
and a reverse) are used; each primer attaches to a complementary region on one of 
the two separated DNA strands and designates the beginning or end of the DNA 
segment to be copied (Figure 9.5). By constructing primers with the appropriate 
nucleotide sequences, any specific segment of DNA may be amplified. In addition 
to the primer and the template DNA that is to be copied, a sample undergoing PCR 
must contain a special type of DNA polymerase which has its optimum function 
at high temperatures (e.g., Taq polymerase, which comes from bacteria native to 
hot springs), the four building blocks of DNA in a deoxynucleotide triphosphate 
(dNTP) form (i.e., dATP, dTTP, dGTP, and dCTP), a buffer solution, and salts 
(e.g., MgCly) necessary for the DNA polymerase to function. 

The PCR process is similar to cellular DNA replication, but with PCR it is 
temperature changes that accomplish amplification of the DNA. A PCR cycle (see 
Figure 9.5) consists of three steps. Each cycle starts with a denaturation step where 
the double-stranded DNA sequence to be copied is separated into two strands 
by heating to a temperature of about 94°C. The temperature is lowered to about 
60°C in the next step, annealing, and the two primers bind by complementary 
base pairing to each of the single-stranded segments of the target DNA. In the last 
step, extension, the temperature is raised to about 72°C and the DNA polymerase 
replicates the DNA by adding the appropriate nucleotide bases (dNTPs) through 
complementary base pairing. By doubling the amount of DNA with each cycle, the 
total amount increases exponentially as PCR progresses. The three-step PCR cycle 
is usually repeated 28 to 30 times for standard forensic DNA analysis. 


9.2.4 Short Tandem Repeats 


Currently, forensic DNA identification is usually done by PCR-based analysis of 
short tandem repeat (STR) loci. With PCR of STRs, only small quantities of bio- 
logical material are necessary and the small PCR product size (about 100 to 500 bp) 
allows even partially degraded DNA to give full DNA profiles. 
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Figure 9.5 DNA amplification by polymerase chain reaction (PCR). A PCR cycle con- 
sists of the three steps depicted above, which involve changes in the temperature of the 
sample. In the first step, denaturation, the two DNA template strands are separated by 
heat. In the next step, annealing, the sample is cooled to a temperature appropriate for 
the two primers (forward and reverse) to bind. In the last step, extension, the temperature 
of the sample is raised to the optimal temperature for the DNA polymerase to extend the 
primers and produce a copy of each DNA template strand. In each cycle, the number of 
DNA molecules (containing the sequence between the two PCR primers) doubles and the 
number of copies increases geometrically. [From Butler (2005), copyright ©2005 Elsevier 
Academic Press, Fig. 4.2.] 


STRs (also known as microsatellite DNA) are loci that contain units of short 
sequences of DNA (two to seven, usually four nucleotides long) that are tandemly 
repeated (Figure 9.6) anywhere from about a half dozen to several dozen times 
(see Butler, 2005, Chap. 5). There is a great deal of variation in the human popu- 
lation in the number of times the units of four bases are repeated in an STR, and 
this length variability is used to distinguish between DNA profiles. Polymorphic 
STR sequences, which vary throughout the population in the number of repeat 
units displayed, can be found in all parts of the genome, including introns, exons, 
and flanking portions of coding areas of the DNA as well as in extragenic areas 
(Economou et al., 1990; Edwards et al., 1991; Beckman and Weber, 1992). There 
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Figure 9.6 Schematic representation of a short tandem repeat (STR) locus. Most STR 
loci used for forensic DNA analysis contain units of four bases (tetranucleotides) which 
are repeated one after another. The repeat portion of the locus is surrounded by flanking 
regions that contain the DNA segments to which the primers bind. One of the primers 
(usually the forward one) is labeled with a fluorescent dye of a particular color so that 
the alleles of the STR being amplified can be identified when its size overlaps with that 
of a different STR. 


are probably more than | million STRs in the human genome, and among the more 
than 20,000 tetranucleotide STR loci that have been characterized (Butler, 2006), 
a set of 13 core loci have been selected for use in forensic DNA profiling in the 
United States. These 13 STRs are required for a full DNA profile to be uploaded 
into the FBI’s Combined DNA Index System (CODIS) database. The existence of 
these core loci allows equivalent genetic information to be shared by national, and 
in many cases international, databases. The 13 core STR loci are used for various 
forms of human identity testing, including DNA databasing, forensic casework, 
missing persons/mass disaster victim identification, or parentage testing. 

For each of the 13 core STR loci, a person inherits one maternal allele and one 
paternal allele. Because these loci are either located on different chromosomes or far 
enough apart on the same chromosome, the 13 core STR loci assort independently 
of each other during cell division. This allows their population frequencies to be 
multiplied by each other to obtain a high power of discrimination. 

In addition to their presence on autosomal chromosomes, STRs are also found 
on the sex chromosomes. Y-chromosome STRs, which are present only in males, 
have been studied for many years as aids in forensic DNA analysis, and commercial 
kits are now available for their detection. Since Y chromosomes are inherited 
uniparentally and only one Y chromosome is present in a male individual, Y-STRs 
do not have the power of discrimination of core autosomal STRs. However, Y- 
STRs are frequently used to gain additional information when full autosomal STR 
profiles are lacking and to help distinguish DNA profiles in samples containing 
both male and female DNA and/or mixtures of DNA from more than one male. 
STRs can also be found on X chromosomes and, although not used for forensic 
DNA typing, many of these have been identified and characterized (Gomes et al., 
2009; also see Brettell et al., 2005, 2007, 2009). 


9.2.5 PCR of STRs 


The primers used for PCR-based STR analysis are complementary to the regions 
that lay outside (flank) the area of the tandem repeats (Figure 9.6), and one of the 
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two PCR primers is labeled with a fluorescent dye. PCR amplification is usually 
performed on multiple STR loci simultaneously (i.e., by multiplexing). Different 
fluorescent dyes are used to label the loci that overlap in size so that these STRs can 
also be distinguished by color. Simultaneous amplification of many loci enables a 
high power of discrimination to be attained in a single test without the use of too 
much DNA (e.g., only | ng or less of starting material is necessary). Commercial 
kits containing fluorescent-labeled primers are available for both autosomal STR 
and Y-STR analysis. 

Numerous multiplex STR test kits are available for DNA typing. Newer multi- 
plex kits increase the number of genetic loci that may be amplified and analyzed 
simultaneously. To analyze all 13 CODIS loci plus the sex-typing locus, amel- 
ogenin, many laboratories use a combination of two commercial kits, either the 
AmpF/STR Cofiler and AmpF/STR Profiler Plus, or the GenePrint PowerPlex 
1.1 and GenePrint PowerPlex 2.1. Some labs use a newer multiplex kit (i.e., the 
AmpF/STR Identifiler or the PowerPlex 16 System), which can amplify the 13 core 
STR loci plus amelogenin and two extra STR loci in a single reaction. AmpF/STR 
kits are manufactured by Applied Biosystems Inc. (ABI) and PowerPlex kits by 
Promega Corp. Four different fluorescent dyes are used in the ABI Profiler and 
Cofiler kits and in all the Promega kits, while the ABI Identifiler kit uses five dyes. 

Commercial kits for STR analysis come with solutions of labeled primers whose 
relative concentrations are appropriate for multiplexing and a “master mix” in which 
buffers, dNTPs, and necessary salts are already included. The ease and consistency 
achieved by these kits in generating STR profiles on the same set of core STR 
loci make national sharing of criminal DNA profiles possible. In addition, STR 
kits supply fragment sizing standards as well as allelic ladders containing common 
STR alleles that have been previously sequenced and characterized for the number 
of repeat units. The sizing standards are used to determine PCR product size, 
while the allelic ladders calibrate fragment size in relation to STR repeat number 
for genotyping purposes. 


9.2.6 Separation and Sizing of STR Alleles 


Electrophoresis exposes DNA to an electrical field that is used to separate DNA 
fragments. Because of its negative charge in solution, DNA always moves from a 
negative to a positive electrode when current is applied. Two types of electrophore- 
sis, Slab gel and capillary electrophoresis (CE), have been used for forensic DNA 
analysis. In slab gel electrophoresis, the separation method that was used for RFLP 
analysis and for early STR analysis, the DNA samples are placed in separate lanes 
(depressions) on a gel covered with a buffer solution. When current is applied, 
shorter DNA pieces move faster than longer pieces and the DNA fragments in 
each lane are separated by size. Bands of DNA are formed by fragments of the 
same size migrating together. Sample bands are compared to those of DNA frag- 
ment sizing standards (and/or a ladder of common STR alleles) and the length of 
the DNA in each band is estimated by matching the distance it traveled to a ladder 
standard that traveled a similar distance. The DNA bands formed in RFLP were 
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detected by hybridization to labeled probes, while STR gel detection first involved 
silver staining of bands. More recent methodologies for STR analysis by either gel 
electrophoresis or CE use detection of PCR primers labeled with different color 
fluorescent dyes. 

In forensic DNA labs today, CE is the method generally used for STR profil- 
ing. The separation, detection, and analysis of STR fragments of different sizes is 
accomplished using CE instruments such as the single-capillary ABI 310 or the 
16-capillary ABI 3100 Genetic Analyzers made by Applied Biosystems Inc. (But- 
ler et al., 2004); laboratories with very high throughput may use the ABI 3700 
Genetic Analyzer, which has 96 capillaries that operate simultaneously. 

CE is fairly similar to gel electrophoresis, except that the separation of fragments 
takes place in a long narrow glass tube or capillary that is filled with a polymer 
solution. Samples containing PCR amplified, fluorescently labeled STRs are first 
added to the capillary and when the current is applied the smaller fragments move 
faster in the polymer than the larger ones. As they pass through the capillary, 
the STR fragments are exposed to a laser beam that causes the fluorescent dyes 
in their primers to emit light of specific wavelengths. Sizing standard fragments 
labeled with a different dye color are also added to each sample tube. This allows a 
comparison of test sample fragment movement (measured as migration time) with 
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Figure 9.7 Allelic ladders for the AmpF/STR Identifiler kit (Applied Biosystems). This 
allelic ladder, which includes a total of 205 alleles, is used for genotyping a multiplex 
PCR reaction involving 15 STRs and the sex-typing test for amelogenin (AMEL). The 
kit uses five dyes, the colors of which are shown in the upper right portion of each panel. 
The upper four panels show possible alleles for each locus, and the bottom panel shows 
the peaks produced by the internal DNA sizing standard that is used with this kit. [From 
Butler (2005), copyright ©2005 Elsevier Academic Press, Fig. 5.6.] 
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Figure 9.8 Electropherogram showing results for a 1-ng genomic DNA sample produced 
using the PowerPlex 16 (Promega) kit. This multiplex kit uses four dyes, the colors of 
which are shown in the upper right portion of each panel, for the labeling of 15 STRs and 
the amelogenin (AMEL) sex-typing locus. The top panel is an overlay of all four lower 
panels, including the red lower panel for the internal DNA sizing standard. [From Butler 
(2005), copyright ©2005 Elsevier Academic Press, Fig. 5.5.] 


that of the sizing fragments. A fluorescently labeled allelic ladder sample made up 
of most of the known alleles for a particular locus is present in the same run and 
serves as the standard for naming the genotype of the alleles. The allelic ladder 
for the widely used AmpF/STR Identifiler kit (Applied Biosystems) is shown in 
Figure 9.7. It contains 205 of the alleles present in the 16 loci that are amplified 
together. These loci represent 15 STRs plus an amelogenin sex-typing assay. 

CE data are presented in the form of an electropherogram (e.g., Figure 9.8) 
which shows a series of peaks, each of which represents the relative fluorescence 
of an amplified fragment (allele) plotted as relative fluorescence units (rfu) versus 
migration time (which is related to size). [Figure 9.8 is an electropheragram of 
results obtained using the PowerPlex 16 System (Promega), which also amplifies 
the 13 core loci, two extra STRs, and amelogenin in a single reaction.] In addition, 
CE instrument software calculates the size and genotype of the various alleles 
in the electropherograms. A peak is identified as a particular allele based on its 
fluorescent color emission and its length in base pairs, which should match that 
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Figure 9.9 Detection of a microvariant allele for D3S1358. When genotyping STRs, 
alleles are named by a comparison of sample peaks to those of allelic ladders. The 
sample in the top panel is compared to the allelic ladder for the D3S1358 locus shown 
in the bottom panel. (Peaks are labeled with the allele number by use of an internal 
sizing standard.) The allele labeled 15.2 in the top panel does not match any of the ladder 
alleles. It is a microvariant whose size is two bases larger than allele 15 in the ladder. 
(www.cstl.nist.gov/STRbase) 





of a fragment in the allelic ladder. Alleles that do not match ladder standards are 
known as off-ladder or microvariant alleles; these are usually far less common than 
those in the allelic ladder and therefore may be more statistically significant for 
human identification. Standard STR allele genotypes are named for the number of 
repeats they contain. Microvariant alleles contain an incomplete repeat (fewer than 
four bases) in addition to complete repeats and therefore fall between two allelic 
ladder standards; they are named by giving the number of full repeats followed by 
a decimal and then the number of bases in the incomplete repeat (see Figure 9.9). 

Like any other experimental, scientific procedure, DNA analysis, requires the 
inclusion of controls. Negative controls are samples that do not contain any DNA 
but are subjected to all the same procedures as the samples being analyzed. (Neg- 
ative controls monitor contamination starting from amplification, whereas reagent 
blanks, which are frequently used in mitochondrial DNA analysis, are negative 
controls that monitor contamination starting from extraction.) When no contamina- 
tion is present, these controls will be negative for DNA. Substrate controls may be 
run if applicable, and these are specimens taken from an area adjacent to the area 
(stain) of interest to ensure that the DNA found in the sample did not come from its 
underlying fabric. Unlike negative controls, a substrate control may contain DNA 
which may or may not be relevant to the case. To indicate that the test is being 
done correctly, a known positive control must be included with every analysis and 
must produce the expected alleles. If negative controls are shown to contain DNA, 
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or if a positive control does not produce the alleles expected, the test is considered 
inconclusive and the analysis of all samples must be repeated. 

DNA fragments of different sizes, whether they come from a heterozygous STR 
locus or from different STR loci, have different migration times and are therefore 
distinguishable by CE. For identification purposes, discrimination power increases 
as more STR loci are studied, and as stated above, at least 13 STRs are required for 
a DNA profile to be uploaded into the CODIS offenders database. By amplifying 
multiple STR loci in the same PCR reaction and running them together in the same 
capillary, evidence is conserved and time and effort expended for DNA analysis 
are decreased. Many of the alleles of the 13 core STR loci overlap in size, and 
because of this, primers for each of these overlapping loci must be labeled with 
different fluorescent dyes so that they may be distinguished from one another. 


9.2.7 Combined DNA Index System (CODIS) Database 


The 13 core loci that are currently the basis of the U.S. CODIS database were 
selected in November 1997. The national CODIS database or national DNA index 
system (NDIS) contains profiles that have been uploaded from various state DNA 
testing laboratories through their respective systems. A laboratory that wishes to 
enter data into the CODIS database must meet certain standards to ensure the 
reliability of its test results. 

The national database includes the following 13 core STR loci: D3S1358, 
D16S539, THO!, TPOX, CSFIPO, D7S820, VWA, FGA, D8S1179, D21S11, 
D18S51, D5S818, and D13S317. All 13 of these loci are highly polymorphic, and 
11 of them are located on different chromosomes. Although CSF1PO and D5S818 
are on the same chromosome, they are far enough from each other to assort inde- 
pendently during cell division. None of the core loci are located in coding regions, 
so they have no functional significance. 

Several databases make up CODIS, including a convicted offender database, an 
evidentiary database, and other specialized databases. DNA obtained from crime 
scene evidence is included in the evidentiary database. Offenses that require sub- 
mission of a DNA specimen to the convicted offender database vary from state to 
state, and the data uploaded to CODIS must meet certain standards. State and local 
data that differ from those meeting CODIS standards can be used on a local level 
only. Although most states originally included only those offenders who had been 
convicted, and usually only those convicted of violent felonies, some states either 
now include or will soon include profiles of all persons arrested for any serious 
criminal activity. 

Most European countries (including the United Kingdom) uses 10 core STR loci 
in their DNA databases, and these include eight of the CODIS loci: VWA, FGA, 
THO1, D8S1179, D21S11, D18S51, D3S1358, and D16S539 (Butler, 2006). The 
two remaining European core STR loci (D2S1338 and D19S433) can be amplified 
with the AmpF/STR Identifiler kit, which amplifies a total of 15 STR loci in one 
reaction (Collins et al., 2004). 
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9.2.8 Frequency and Probability 


STR analysis may demonstrate that the genetic profile from the crime scene sample 
differs from that of the suspect and thus excludes or eliminates the suspect as a 
potential donor of the evidence. However, if the genetic profiles of the suspect and 
the crime scene sample are the same, the suspect is included. Thus, DNA evidence 
can either link a suspect to a crime scene or prove that a person accused incorrectly 
is innocent of a crime. As of August 2009, 273 prisoners have been exonerated 
from crimes they did not commit through the use of DNA evidence. 

If there is a DNA match, the meaning of that match must be determined. 
The probability of finding an identical genetic profile in a particular population 
depends on the frequency of the profile in that population. Because the United 
States is populated by people from all over the world, it is sometimes difficult to 
establish the population or populations of origin for a person. The FBI lists the 
following five large ethnic groups in their CODIS database: (1) African-American, 
(2) Asian-American, (3) European-American, (4) Southeastern-Hispanic, and (5) 
Southwestern-Hispanic. 

Many data are available giving the frequencies of the core STR alleles in various 
populations groups, and Table 9.1 shows the frequencies of the most common alleles 
of some CODIS STR loci in a Caucasian (European-American) population using 
data from a study conducted by Butler et al. (2003a). 

To calculate the probable or expected frequency of a heterozygote in a pop- 
ulation, one would multiply the individual allele frequencies by each other and 
then multiply that product by 2. Since there are two different ways that a het- 
erozygote can be formed (i.e., either one of the two alleles could have come 
from either the sperm or the egg), the product of the allele frequencies must 
be doubled. Homozygote probability is calculated differently since only one set 


TABLE 9.1 STR Allele Frequencies, U.S. Population Data’ 


Caucasian African-American Hispanic 

Locus Allele (n = 302) (n = 258) (n = 140) 
CSFIPO 10 0.21689 0.25681 0.23214 
11 0.30132 0.24903 0.29286 

12 0.36093 0.29767 0.35714 

TPOX 8 0.53477 0.37209 0.47143 
9 0.11921 0.17829 0.10357 

11 0.24338 0.21899 0.27500 

FGA 21 0.18543 0.11628 0.16786 
22 0.21854 0.19574 0.15000 
23 0.13411 0.17054 0.13571 

VWA 16 0.20033 0.24806 0.26429 
17 0.28146 0.24225 0.21786 


Source: Data from Butler et al. (2003a). 


“Frequencies for some of the most frequent alleles are given for four CODIS loci. Alleles with 
highest frequencies are indicated in bold. 
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of circumstances (i.e., where both the sperm and the egg carry the same allele) 
leads to homozygote formation. Thus, the frequency of the homozygous allele is 
multiplied by itself or squared. As an example, in the Caucasian population in 
Table 9.1, the probability of a person being a 12,11 heterozygote for the CSFIPO 
locus would be 0.36093 x 0.30132 x 2 (or 0.10876), while the probability that 
they are an 8,8 homozygote for the TPOX locus would be 0.53477 x 0.53477 
(or 0.28598). 

To determine the probability of a “random match” for a genetic profile which 
contains, for example, two of the 13 STRs, the frequency calculated for each of 
the two genotypes is multiplied by the other because the two loci are inherited 
independently. Because the chance of multiple genotypes occurring together in the 
same person is the product of their individual probabilities, calculations of this 
type follow what is known as the product rule. Thus, the frequency of a person 
possessing the genotype for CSF1PO and TPOX described in the paragraph above 
would be 0.10876 x 0.28598, or 0.03110. As a genotype for an additional STR is 
added to a profile, its frequency is multiplied by the product of the frequencies of 
the other STRs examined. 

For the European-American population, the probability of a random match for 
the genotype that includes all of the most frequent alleles of the 13 CODIS STRs 
greatly exceeds the entire population on Earth. Thus, one can say with virtual 
certainty that this genetic profile would be unique on this planet. In addition, all 
other profiles for the 13 core STRs in the various population groups provide virtual 
certainty that a particular genetic profile is unique. (There are various web sites that 
will calculate the random match probability for any core STR profile; see Butler, 
2006.) 


9.3 PROBLEMS ENCOUNTERED IN STR ANALYSIS 


9.3.1 Low-Copy-Number DNA 


Blood or semen stains recovered from violent crime scenes usually contain more 
than enough DNA to perform traditional STR analysis. To obtain amplification 
of all of the STR alleles present, most commercial STR kits require that starting 
samples contain from 0.5 ng (500 pg) to 2 ng of DNA. If full profiles could be 
obtained for samples with much less DNA, a greater range of evidence samples 
could be analyzed and many more nonviolent crime investigations might be solved 
by DNA profiling. More and more crime labs are now performing DNA analysis 
on crime scene samples such as contact swabs and fingerprints which contain very 
little DNA. 

DNA that is present in a very small amount (i.e., less than 100 pg) is known 
as low-copy-number (LCN) DNA (Gill et al., 2000; Gill, 2001). Since there are 
about 6 pg of DNA in a typical human diploid cell, a LCN sample would contain 
fewer than 17 cells. To analyze samples containing LCN amounts of DNA, the 
sensitivity of the assay must be increased. This is usually done by increasing to 
about 34 cycles the number of PCR cycles from the 28 or 30 that are suggested for 
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most commercial STR kits. Since increased sensitivity also increases the potential 
for analyzing contaminating DNA, extra care should be taken with LCN DNA 
analysis. 

There are also numerous artifacts that frequently arise with LCN DNA analysis 
that may interfere with interpretation of the DNA profile (Gill et al., 2000). Because 
such a small quantity of DNA is present in a LCN sample, less than a full comple- 
ment of the genome may be available for amplification in each PCR reaction; since 
it is only the loci that are amplified in the first rounds of PCR that will probably 
show up in the final DNA profile, repeated amplifications of the same LCN sample 
may give different results. This phenomenon, known as stochastic variation, occurs 
frequently with LCN DNA analysis. Sometimes only one of the two alleles of a 
heterozygous STR locus will be amplified, and the locus will mistakenly appear 
in the profile as homozygous (allele dropout). Other times, an entire STR locus 
may fail to amplify (locus dropout), or extra alleles may appear (allele drop-in). 
Because of the stochastic variation of these amplification artifacts, PCR of LCN 
DNA samples is usually done three times, and the only alleles that are reported are 
those that are present in at least two of the three profiles produced from the same 
sample (Gill et al., 2000). 

Additional complications occur with LCN DNA because the smaller amount of 
input DNA and the increased sensitivity of the PCR amplification make contamina- 
tion artifacts such as allele drop-in much more likely. Thus, ultraclean laboratories 
and DNA-free reagents must be used for LCN DNA analysis. In addition, with 
LCN DNA it is possible that all the DNA in the original sample was not connected 
to the crime under investigation; the DNA may have come into the evidence sam- 
ple by secondary transfer: that is, from people with whom the offender had contact 
before touching the evidence, or from other people who may have touched the 
item before the evidence was collected. Thus, LCN DNA analysis results must be 
interpreted with extreme caution. 

Many crime labs in the United States are now analyzing material with LCN 
amounts of DNA for leads in burglary cases. In England, where LCN DNA analysis 
was pioneered, forensically relevant DNA profiles have been generated successfully 
from items such as discarded tools, matchsticks, and weapon handles. Increased 
use of LCN DNA analysis by crime labs has led to the development of various 
testing and interpretation protocols (e.g., Caragine et al., 2009; Gill et al., 2009), 
and there is still controversy surrounding the use of LCN DNA typing techniques 
(Buckleton, 2009). 


9.3.2 Degraded DNA and Reduced-Size (Mini) STR Primer Sets 


DNA degradation refers to the breakdown of relatively large fragments of DNA 
into smaller fragments, and there are various processes (e.g., physical, oxidative, 
or biological) that may contribute to this degradation. As fragments get smaller in 
size, the target DNA sequences that are used for the PCR amplification reaction 
are also broken down and the larger alleles of a locus may decrease in peak height 
in the electropherogram. If the larger allele for a heterozygous STR is missing, 
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Figure 9.10 Schematic of mini-STR primer positions. Mini STRs are created when 
primer binding sites (black rectangles) are moved closer to the repeat region in order to 
shorten the length of the amplified product. The upper portion of the figure shows possible 
primer positions for a hypothetical traditional STR, while the lower portion shows possible 
primer positions for a miniSTR with the same number of repeats. 


the locus would appear erroneously to be homozygous, and with larger STRs, the 
entire locus could be missing from the profile. In order to have complete PCR 
amplification, the full target sequence must be present in the regions where the 
primers anneal as well as in the portion of DNA between the primer binding sites 
(Hoss et al., 1996). 

Frequently, when the DNA in a forensic sample is present in fragmented form, 
a full DNA profile cannot be obtained using standard methodology. This problem 
has been addressed by the development of reduced-size STR primer sets known as 
miniplexes , in which the primer sequences have been moved as close as possible to 
the repeat region (Figure 9.10) so that smaller STR fragments can be formed (Wie- 
gand and Kleiber, 2001; Butler et al., 2003b). Reduced-size primer sets were first 
developed for the analysis of STRs by matrix-assisted laser desorption ionization 
time-of-flight (MALDI-TOF) mass spectrometry, a technique that required shorter 
DNA fragments for accurate sizing without ladder standards (Butler et al., 1998). 
Primers for reduced-size STRs also held promise as being better for analyzing 
degraded DNA and they were used, along with other methods of DNA analysis, 
to aid in the identification of victims of the World Trade Center disaster. Recent 
studies comparing mini-STRs with standard STRs and single-nucleotide polymor- 
phism (SNP) assays (see below) found that miniSTRs were usually most effective 
for the analysis of degraded DNA (Dixon et al., 2006). 

Mini-STRs are becoming an important tool for the analysis of degraded DNA 
in forensic casework samples. Mini primer sets which produce PCR products rang- 
ing in size from 50 to 150 bp have been developed for 26 non-CODIS STR 
markers (Coble and Butler, 2005; Opel et al., 2007; Hill et al., 2008), and a com- 
mercial kit for mini-STR amplification of CODIS loci, the AmpFISTR MiniFiler 
PCR Amplification kit, is now available from ABI. This kit contains reagents for 
the mini-STR amplification of the eight largest CODIS loci, which would be the 
first to drop out in a degraded DNA sample. The MiniFiler kit has recently been 
validated according to FBI/National Standards and SWGDAM guidelines (SWG- 
DAM, 2000) and was shown to have significant performance improvements over 
standard STR kits in models of DNA degradation and PCR inhibition (Mulero 
et al., 2008). 
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9.3.3 PCR Inhibition 


Sometimes substances that interfere with the PCR reaction are present in a forensic 
sample and coextract with the DNA; the presence of these inhibitors may prevent 
amplification of some loci or even all the loci. PCR inhibitors may interfere with 
either the DNA itself or with the polymerase enzyme. Such inhibitors may be 
present in crime scene DNA samples that were deposited on wood, soil, fabrics, 
and so on. In addition, hemoglobin in blood, melanin in hair, and certain textile 
dyes in fabrics, such as that from blue jeans, are inhibitors that coextract with DNA 
and are frequently present in forensic casework samples (see Besseti, 2007). 

The following methods are among those that can be used to decrease PCR 
inhibition: the DNA sample, and therefore the template, may be diluted so that 
the inhibitors are also diluted; extra DNA polymerase may be added to over- 
come inhibition, or bovine serum albumen or betaine may be added to minimize 
or prevent PCR inhibition; a filtration step may be performed prior to PCR to 
separate the extracted DNA from the inhibitor [see Raadstom et al. (2004) for a 
review]. 

Larger STR loci are more sensitive than smaller loci to PCR inhibition. Because 
of this, resulting profiles from samples containing inhibitors frequently resemble 
those of degraded DNA, where larger loci are likely to drop out before smaller 
ones do. Mini-STR primers, which produce smaller amplified fragments and work 
well with degraded DNA, may therefore be useful for obtaining full-STR profiles 
when PCR inhibitors are present. 


9.3.4 Interpretation of Mixtures of DNA 


If an evidence sample contains a mixture of DNA from more than one person, 
the profile observed may be confusing and complicated. Mixtures may contain 
DNA from multiple victims, multiple assailants, victim(s) and assailant(s), or from 
a single person plus contaminating DNA. If more than two peaks are found for 
a particular STR locus, the sample is probably a mixture. However, there are 
cases where three alleles for a single locus (triallelic pattern) may actually be 
present in a single individual (Butler, 2006), and there are also biological and 
technological artifacts (described below) that can produce extra peaks. Thus, one 
must first examine the overall genetic profile in order to determine whether a 
mixture is present. 

Even a two-peak locus that appears to be heterozygous could, in fact, be a 
mixture from (1) two contributors each of whom is homozygous for a different 
allele, (2) two contributors both of whom are heterozygous for the same alleles at 
this locus, or (3) a combination of one contributor who is homozygous and a second 
who is heterozygous for that locus. If equal amounts of DNA from each person 
are present, then in the third case one of the two alleles will produce a peak that 
is three times higher than the other. If the mixture comes from two homozygotes, 
relative peak heights for the two alleles will depend on how much DNA from each 
person was present in the mixture. 
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Since results obtained when DNA mixture components are combined in different 
ratios are confusing and contain variable peak heights that require further interpre- 
tation, it has been suggested that manual interpretation of mixtures not be attempted 
unless the mixture is the only evidence sample available (Butler 2005, Chap. 7). To 
aid in mixture interpretation, computer programs are now available to help deter- 
mine mixture components and ratio; ABI is currently developing GeneMapper ID-X 
Software Mixture Analysis Tool software for this purpose. 


9.3.5 Null Alleles and Allele Dropout 


Even with a l-ng sample of undegraded DNA, there are times when one allele 
from a person with a heterozygous genotype is not amplified during PCR and the 
person appears erroneously to be homozygous for that locus. Allele dropout such as 
this usually occurs because of mutations (sequence polymorphisms) in the flanking 
region of an STR locus; a mutation in the primer-binding site may prevent one 
of the primers from annealing, or a mutation close to the primer binding site may 
block the extension of new DNA during amplification. The presence of alleles 
with such mutations, known as null alleles, can cause errors in the interpretation of 
STR profiles. However, because the flanking sequence around the tandem repeats 
is fairly stable and usually not prone to sequence polymorphism, null alleles are 
rather rare. If a null allele is present and different primers are used for different 
amplifications, it is possible to obtain a heterozygous genotype with one primer set 
and an apparent homozygote with another. Since different multiplex kits generally 
use different primers for the same locus, mutations in or near one of the primer 
binding sites could produce apparently different genotypes with the different kits. 
Primer concordance studies have been conducted to examine this phenomenon and, 
in a comparison of the PowerPlex 16 kit to the Profiler Plus and COfiler kits, allele 
dropout due to a primer mismatch was found in 22 of 2000 samples in seven 
of the 13 core STR loci (Budowle and Sprecher, 2001). In addition, because the 
new MiniFiler STR kit uses new primers with different primer binding sites, it 
was recently tested for the concordance of its results with those for primers from 
conventional STR kits (Hill et al., 2007). 

Since two identical samples amplified using the same kits will always produce 
the same genotype results, all samples from the same case should, wherever possi- 
ble, be tested with the same multiplex primers. However, because DNA database 
samples (e.g., those of convicted offenders) may have been obtained using a dif- 
ferent kit containing primers which differ from those used on the evidence sample, 
in such a case a database search for an exact match would overlook the true per- 
petrator if a null allele were present for a primer in one kit but not in the other. 
To overcome this problem, it has been suggested that fewer stringent match cri- 
teria be used in database searches, such as a match of 25 rather than 26 of 26 
alleles (Butler, 2005, Chap. 6). In addition, if a primer binds to a region where a 
polymorphism that produces a null allele is known to occur in some people, the 
null allele problem may be solved by including “degenerate primers.” These are 
multiple primers for the same locus, each of which will bind to one of the sequence 


312 FORENSIC DNA ANALYSIS 


polymorphisms that may be present for that primer binding site. The AmpFISTR 
kits contain degenerate primers for the D16S539 locus, which was found to have 
sequence polymorphism for its primer binding site; degenerate primers for VWA 
and D8S1179 are also present in some commercial kits (see Butler, 2005, Chap. 6). 


9.3.6 Factors Causing Extra Peaks in Results Observed 


Electropherograms should always be examined manually to determine that all peaks 
called are real and not due to artifacts produced during fragment amplification, 
separation, or detection. Stutter and incomplete adenine addition are two biological 
artifacts that can cause extra peaks to appear on an electropherograms while pull- 
up (bleed-through), dye bobs, and spikes are among the technological artifacts that 
can produce extra peaks (see Figure 9.11 and below). 


9.3.7 Stutter Product Peaks 


Additional small peaks, several bases shorter than each STR allele peak, are usually 
present on STR electropherograms. Called stutter product peaks, these are formed 
during PCR when the STR loci are copied by the DNA polymerase. Stutter peaks 
have been shown to contain one repeat unit less than the true allele peak (Walsh 
et al., 1996) and they occur because of slipped-strand mispairing during primer 
extension, which causes either the primer or the template strand to slip, so that one 
repeat forms a loop that is not base-paired (Hauge and Litt, 1993). (Stutter peaks 
that are one repeat unit larger than the true allele can occur but are rarely seen.) 
Stutter peaks can affect DNA profile interpretation, and when mixtures of DNA 
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Figure 9.11 Various biology- (left panel) and technology-related artifact peaks that can 
be observed with STR typing. [From Butler (2005) copyright ©2005 Elsevier Academic 
Press, Fig. 15.4.] 
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from two or more sources are present, it can be difficult to determine whether a 
small peak is a real allele from a minor contributor or a stutter product peak. 

Although stutter peak height is proportionally different for each of the different 
STRs, it is almost always less than 15% of that of the actual allele. Stutter height 
usually ranges from about 2 to 14% of the adjacent true peak, and the genotyping 
software does not call peaks in this peak height range. 


9.3.8 Nontemplate Addition (Incomplete Adenylation) 


The Taq polymerase used in PCR frequently adds an extra adenine (A) nucleotide 
to the 3’ end of a PCR product as it is copying the template strand. This nontemplate 
addition can lead to the formation of a PCR product that is one base longer than 
the template DNA. Thus, a peak for an STR may contain two fragments differ- 
ing in size by only a single adenine base, and this can lead to the formation of 
electropherograms containing split peaks, broad peaks, or peaks with shoulders. 
Since sharper peaks increase the accuracy of allele calls by genotyping software, 
it is preferential to have all peaks either +A or —A rather than a mixture of both. 
The production of PCR products that all contain an additional adenine can be 
accomplished by adding an incubation step at 60 or 72°C after the PCR cycles are 
completed (Kimpton et al., 1993). A final extension step is therefore included in 
most PCR protocols so that there is enough time for the DNA polymerase to fully 
adenylate all PCR products. To ensure that accurate calls are made, allelic ladder 
fragments are also adenylated completely. 


9.3.9 Technological Artifacts 


Pull-up, also known as bleed-through or matrix failure, may appear on an elec- 
tropherogram as a low peak in the same position as a very high allelic peak of a 
different color. Pull-up is caused by spectral overlap and occurs if the linear range 
of detection is exceeded due to sample overloading; a peak of a different color 
pulls up or bleeds through in the same position. 

Spikes are sharp peaks that appear as vertical lines. They may be caused by air 
bubbles in the capillary or by voltage spikes and are easy to distinguish from true 
peaks since they occur at the same position in all colors. 

Dye blobs form peaks that are broader and lower than allele peaks. They are 
caused by fluorescent dyes coming off their primers and moving through the cap- 
illary independently. Dye blobs will possess the spectrum of one of the primer 
labeling dyes. 


9.3.10 Single-Nucleotide Polymorphism Analysis of 
Autosomal DNA SNPs 


A single-nucleotide polymorphism (SNP) is a single base difference between indi- 
viduals at a particular point in the genome. The human genome contains millions 
of SNPs (Stoneking 2001), and many have been used for years as markers to track 
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genetic diseases. In addition, SNPs are frequently used together with STR analysis 
for DNA identification, especially with degraded DNA samples where a complete 
STR profile cannot be obtained. Both SNP and mini-STR analysis (along with mito- 
chondrial DNA sequencing) were among the methods used in the identification of 
victims of the World Trade Center disaster (Biesecker et al. 2005). 

Whereas STR analysis involves differences in the numbers of multiples of four 
base repeats, a SNP involves only one differing nucleotide; thus, PCR products 
from SNPs can be much smaller than those of STRs, making them appropriate for 
analyzing degraded DNA. However, SNPs are not as informative as STRs since 
usually only two different nucleotides will be present for a particular SNP, whereas 
with STRs more than five variations in the number of repeated tetranucleotides can 
be found at most loci. Thus, to achieve the same random match probability provided 
by the 13 CODIS STRs, many more SNP markers would have to be analyzed. It 
has been estimated that 50 to 100 SNPs would probably have to be analyzed to 
have the same discrimination power as 10 to 16 STRs (Chakraborty et al., 1999; 
Gill, 2001; Gill et al., 2004). 

Because SNPs have lower mutation rates than those of STRs, they are more 
likely to become fixed in a population and therefore may be potentially useful in 
predicting phenotypes such as the ethnic origin of an offender. Most of the work 
on such phenotypic SNPs has, thus far, been related to pigmentation, and certain 
SNPs have been found to be linked to red hair and fair skin (see Budowle and van 
Daal, 2008). 


9.3.11 Methods Used for SNP Analysis 


SNPs are frequently analyzed by minisequencing, sometimes called SNaPshot, 
a variation of the typical DNA sequencing method of Sanger et al. (1977) that 
is described in more detail below for mitochondrial DNA (mtDNA) analysis. In 
minisequencing the SNP and the DNA region immediately surrounding it are ampli- 
fied, and this PCR product is then used in a PCR reaction where only one new 
nucleotide, the one that defines the SNP, is added after the primer binds. In this sec- 
ond PCR, a special type of nucleotide [a dideoxynucleotide triphospate (ddNTP)] 
is used to stop amplification immediately, and each of the four different ddNTPs is 
labeled with a different fluorescent dye so that the nucleotide present in the SNP 
can be identified. In addition, SNP analysis can be performed as a multiplex so 
that many SNPs can be identified simultaneously. This is done by adding a varying 
number of extra nucleotides to the 5’ end of the primer (usually, poly T) so that 
each primer, and therefore each PCR product, differs from the others by several 
nucleotides, and fragments can then be separated by size (Tully et al., 1996; Vallone 
et al., 2004). 

Other assays used to detect SNPs are variations of techniques used in DNA 
microarrays (described below in more detail for mtDNA). These arrays consist of 
many single-stranded DNA probes (fragments representing possible SNPs) attached 
to a matrix or membrane in a known position in a tightly spaced grid (microarray) 
or in a linear fashion (linear arrays). The regions of interest are labeled during 
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amplification of the DNA sample (many SNPs can be amplified at once), and 
the labeled PCR product is then hybridized to the array. Only DNA that is com- 
plementary to the various probes will bind to the array and after developing the 
label, be detectable after washing. By examining which positions on the array 
are labeled, the sequences (or SNPs) present in the original DNA sample can be 
determined. 


9.3.12 Mitochondrial DNA Analysis 


DNA evidence samples may be too limited in amount or too degraded for con- 
ventional nuclear DNA analysis or even mini-STR analysis. MtDNA analysis is 
frequently used to determine the origin of this type of sample. Before miniplex 
STR primers were developed, mtDNA analysis was the only way to generate any 
identity information from degraded DNA samples, and it is still used for analysis 
when there is not enough nuclear DNA or when the nuclear DNA is so degraded 
that mini-STR analysis is impossible. 

Because mitochondrial DNA is inherited from only one parent and therefore does 
not undergo genetic recombination, mtDNA analysis provides much less genetic 
identity information than does analysis of nuclear DNA. However, because so many 
more copies of mtDNA are present in a cell, its analysis can frequently provide 
information when nuclear DNA cannot. While each cell contains only two copies of 
each nuclear DNA chromosome (one maternal and one paternal), mtDNA is present 
in hundreds to thousands of copies per cell. The average cell contains about four 
or five (with a range of | to 15) copies of mtDNA in each mitochondrion, with an 
estimated average of 500 mtDNA molecules per cell (Satoh and Kuroiwa, 1991). 

In addition to the higher number of copies present, other factors contribute 
to the survival of mtDNA under conditions where nuclear DNA may be highly 
degraded. The circular nature of the mitochondrial chromosome protects the DNA 
from enzyme degradation, as does its encapsulation in a double-walled structure 
within the cell (Butler 2005, Chap. 10). These factors have enabled the success of 
mtDNA analysis in determining the origin of bones, teeth, and ancient remains. 

MtDNA is inherited maternally; thus, all children inherit their mtDNA sequence 
from their mother and the mtDNA of a male is not passed along. Women have the 
same mtDNA profile as their siblings, male and female, their children, their grand- 
children, and all their maternal relatives. Because the mitochondrial genome does 
not undergo the type of recombination events that occur in nuclear DNA, unless a 
mutation occurs, mtDNA is transmitted unchanged in sequence from generation to 
generation. 

Mitochondrial chromosomes are closed circles of double-stranded DNA that 
contain 16,569 base pairs (bp) numbered in a clockwise direction (Figure 9.4). 
There is an asymmetric distribution of guanines, the heaviest of the four DNA 
nucleotides, on the two complementary strands of mtDNA. The strand with the 
most guanines is known as the heavy (H-) strand and the other as the light (L-) 
strand. The 16,569 bp of the mitochondrial genome include 37 genes that code for 
products used in mitochondrial structure and function (exons). There are no introns 
and very few nucleotides between the coding regions. 
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The mitochondrial genome also contains a noncoding control region that is 
1122 bp in length and contains the origin of replication for one of the two mtDNA 
strands. The replication of mtDNA begins in the H-strand of the control region. 
There are two segments of the control region DNA that are highly polymorphic, 
and these are called hypervariable (HV1 and HV2) regions (see Figure 4). HV1 
is 342 bp long and HV2 is 268 bp long. For forensic mtDNA analysis, all 610 
of the HV region bases are sequenced. Unrelated individuals have been shown to 
vary about | to 2% in their hypervariable control region DNA, meaning that 7 to 
10 nucleotides of these 610 bases are different (Budowle et al., 1999). 


9.4 METHODOLOGY FOR mtDNA ANALYSIS 


9.4.1 Preparation of Samples 


Because it is present in higher copy number and because its analysis requires more 
PCR cycles, mtDNA is more sensitive to contamination than nuclear DNA. Thus, 
care should be taken to avoid contamination by other mtDNA, and the extraction of 
mtDNA should be performed in a very clean laboratory environment. In addition, 
the analysis of reference samples should be done after all evidence samples have 
been processed completely. Reagent blanks and negative controls should also be 
run to monitor levels of exogenous DNA that may be present in reagents and/or 
the laboratory environment. 

There is usually very littke DNA present in the materials that require mtDNA 
analysis in forensic cases (e.g., hair, teeth, and bones). In the past, mtDNA was 
frequently quantified indirectly by assuming a fixed ratio between nuclear and 
mtDNA and taking a fraction of the nuclear DNA; however, there are now methods 
for the direct measurement of mtDNA using rtPCR (e.g., Meissner et al., 2000; 
Andreasson et al., 2002). In addition, because the type of sample used for mtDNA 
analysis frequently contains PCR inhibitors that can be coextracted with the DNA, 
purification of mtDNA is usually more extensive than that needed for nuclear DNA. 


9.4.2 MtDNA Sequencing Methods 


The FBI began to examine mtDNA sequences for identification purposes in June of 
1996. For forensic analysis, dideoxynucleotide (ddNTP) sequencing (Sanger et al., 
1977) is the method generally used to determine the order of the nucleotides in 
HV1 and HV2, the hypervariable areas of the control region. However, because 
of the extensive amount of time and labor required for sequencing, more rapid 
screening methods (described below) are frequently used first, to exclude samples 
that do not match. 

MtDNA sequencing uses the same CE instruments that are used for STR anal- 
ysis; however somewhat different PCR and CE analysis strategies are used. First, 
the DNA of each hypervariable region is amplified, usually using 34 to 38 cycles, 
many more than the 28 to 30 cycles commonly used for nuclear DNA amplifi- 
cation. (Since PCR inhibitors such as melanin can be present in hair samples for 
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mtDNA analysis, extra Jaq polymerase is sometimes added to overcome this inhi- 
bition.) The PCR product for each region is then individually amplified in another 
PCR reaction. In this PCR, self-terminating nucleotides that stop DNA replication 
(ddNTPs) are present in addition to the usual dNTP building blocks (Sanger et al., 
1977). In the methods currently used with CE sequencing (see Figure 9.12), the 
four ddNTPs are each labeled with a different color fluorescent dye. When a ddNTP 
is added to a segment of DNA instead of a dNTP, the extension of the DNA stops 
immediately and no new nucleotides are added. Because both dNTPs and ddNTPs 
are present in the PCR reaction, different amplification products are terminated at 
different points on the DNA template, thereby forming a mixture that contains a 
series of DNA fragments, each differing by one base pair in length. CE is then 
used to separate the PCR fragments by length, and because each fragment contains 
the label of the last base added (in the form of a fluorescent ddNTP), the sequence 
of bases is obtained for the entire DNA region examined. 


9.4.3 Reference Sequences 


Following sequencing, the mtDNA sequence of each questioned (evidence) and 
known (e.g., suspect) sample is compared to a reference sequence and the differ- 
ences found at specific sites are noted. Human mtDNA was first sequenced in 1981 
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Figure 9.12 DNA _ sequencing using fluorescent dideoxynucleotide triphosphates 
(ddNTPs). A primer that anneals next to the specific DNA region to be sequenced is 
extended by DNA polymerase. Since each sample contains a mixture of dNTPs and 
ddNTPs for each of the possible nucleotides, some of the extension products continue 
to be extended, while others are stopped by incorporation of a ddNTP. Each ddNTP is 
labeled with a different dye, and this allows each extension product to be distinguished 
by color. The separation of extension products by size allows the DNA sequence to be 
deduced. [From Butler (2005), copyright ©2005 Elsevier Academic Press, Fig. 10.5.] 
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(Anderson et al., 1981), and this sequence, known as the Anderson or Cambridge 
Reference Sequence (CRS), has been used as the reference sequence for forensic 
mtDNA analysis. Sequencing results are reported in terms of variation from the 
control region on the L-strand of the CRS. Only the bases that deviate from the 
reference sequence are reported, and all others are assumed to be the same. For 
example, a sample differing from the CRS because it has a G instead of an A at 
position 1620 in the HV1 region would be listed as 1620 G in the sequence report. 
In the absence of mutation, mtDNA coming from the same person or from a per- 
son with the same maternal lineage is expected to have the same DNA sequence 
and therefore the same differences from the reference sequence. Software pack- 
ages such as Sequencher (Gene Codes Corp., Michigan) are available to align and 
compare sequences to the reference sequence and to each other. 

The same material that was used to generate the CRS was sequenced again in 
1999. Although 11 differences in nucleotides were reported, none of these differ- 
ences were in the control region (Andrews et al., 1999). Thus, for the HV1 and 
HV? regions that are used for forensic mtDNA analysis and reporting, the revised 
CRS (rCRS) does not differ from the CRS. One difference that was found upon 
resequencing was the loss of a cytosine at position 3106, making the rCRS stan- 
dard now used one base shorter than the CRS (16,568 vs.1659 bp). To keep base 
numbers consistent with those reported previously, a deletion is reported for the 
rCRS at position 3107. Thus, all numbering is the same as in the original sequence, 
and each base is assigned a number from | to 16,569. 


9.4.4 Screening Assays for mtDNA 


The regions of the mtDNA genome that are sequenced are those that show the 
most variability between individuals: the hypervariable control regions, HV1 and 
HV2. Rapid screening techniques for mtDNA have been developed to determine 
quickly which samples can be excluded and therefore do not have to be sequenced. 
Although the variations in mtDNA are scattered throughout HV1 and HV?2, there are 
certain hypervariable sites and regions (hotspots) where most of the variation occurs 
(Stoneking, 2000), and rapid screening methods concentrate primarily on these 
hotspots. Mitochondrial SNPs have been examined in these areas (Kline et al., 2005) 
and minisequencing methods (Tully et al., 1996) similar to that described above for 
nuclear chromosomal SNPs (e.g., SNaPshot technology) is sometimes used for this 
purpose (Quintans et al., 2004). In addition, many popular screening methods make 
use of sequence-specific oligonucleotide (SSO) probes (Stoneking et al., 1991), and 
these have been used in reverse dot blot and linear array assays (Comas et al., 1999; 
Gabriel et al., 2003). Rather than sequencing the entire hypervariable regions, SSO 
probes examine the most polymorphic sites in HV1 and HV2 through hybridization 
of PCR products to oligonucleotide probes designed to base-pair with the different 
sequence variants. 

Roche Applied Sciences has developed the Linear Array Mitochondrial DNA 
HVI/HVII Region-Sequence Typing kit. This assay uses SSO probes to distinguish 
19 polymorphic sites in 10 different locations within the control region, and it 
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Figure 9.13 Roche linear array mitochondrial DNA HVI/HVII region-sequence typing 
kit panel results. Samples | to 4 are quality control DNA samples; sample 5 is a negative 
control; sample HL-60 is positive control DNA [HL-60 (NIST) SRM 2392.1]. (Reprinted 
with permission from Roche Applied Science.) 





can do so in only 6 to 8 hours. The primer mix that comes with the kit contains 
four biotin-labeled primers that amplify the HV1 and HV2 regions simultaneously. 
Typing of the DNA is accomplished by hybridizing the labeled PCR products to 
panels containing 33 DNA probes which are striped in 31 lines, and then performing 
a reaction that produces a color product where fragments containing the biotin- 
labeled primers have hybridized (see Figure 9.13). In all regions examined, probe 
1 is always the Anderson sequence (CRS). This kit has been used successfully for 
the examination of forensic mtDNA samples (Divne et al., 2005). 


9.4.5 Interpretation of mtDNA Sequencing Results 


There are FBI guidelines for interpreting mitochondrial sequence comparisons. 
Known and questioned samples are compared to the rCRS and a comparison of the 
two samples can result in an exclusion, a failure to exclude, or an inconclusive find- 
ing. Following are the guidelines recommended by the Scientific Working Group 
on DNA Analysis Methods for analyzing mitochondrial sequence data (SWGDAM, 
2003). 


Exclusion: 


If there are two or more differences in the base sequence of the known and the 
questioned sequences, one can conclude that there is no common origin between 
the two specimens and there is an exclusion. 


Failure to exclude: 


a. If there is no difference in sequence between the questioned and the known 
samples, one cannot exclude a common origin. 

b. If there is heteroplasmy (described below) at the same site for both the known 
and questioned samples and there are identical bases at every other position, 
one cannot exclude a common origin. 
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c. If there is heteroplasmy (described below) at one position in one sample but 
not in the other, and every base at the other positions is identical, one cannot 
exclude a common origin. 

d. If there is an ambiguous base (usually denoted as “N’’) at a specific position 
in either or both samples and identical bases at every other position, one 
cannot exclude a common origin for the two samples. 


Inconclusive: 


If there is only one base difference between the known and the questioned 
sequence, this result is inconclusive. 


9.4.6 Statistics: The Meaning of a Match for mtDNA 


” 


When mtDNA analysis shows a “failure to exclude,” a statistical calculation is 
required to find the meaning of a match. Unlike the 13 core nuclear STR loci 
whose individual frequencies can be multiplied because they assort independent of 
each other during cell division, all sites of the mitochondrial genome, and therefore 
all mtDNA polymorphisms, are linked on the single mitochondrial chromosome. 
The method currently used to describe the frequency of mtDNA sequences is the 
counting method; for example, if after the examination of 4000 samples a particular 
sequence appears for the first time, the frequency of this genetic profile is said to 
be | in 4001. If the sequence had been found once before, the frequency would 
be indicated as 2 in 4001. Although statistics such as these may not accurately 
reflect the actual frequency of any sequence because the population studied may 
be relatively small in size, the counting method is still the primary method used 
in forensic cases. Another way to express the frequency of mtDNA sequences is 
by providing 95% confidence limits and providing the upper and lower limits (the 
highest and lowest frequency estimates) to indicate the range of possible values for 
the actual frequency of the profile in the relevant population. 

A major problem with mtDNA typing occurs because many sequences fall into 
categories called “most common types.” These are particular sequences for HV1 
and HV2 that are present in a disproportionately large portion of the population 
studied. As an example, an analysis of data for more than 1600 persons found that 
although the sequences for more than 50% of them were unique for the database, 
the most common type, which has the same sequence as the rCRS, was present 
7.1% of the time. In addition, more than 20% of this Caucasian data set was made 
up of only 18 mtDNA types (Coble et al., 2004). There are numerous databases 
containing collections of mitochondrial sequence information (Butler, 2005, Chap. 
10; Parson and Diir, 2007), and the FBI has compiled published mtDNA sequence 
data into the mtDNA population database (CODIS). 


9.4.7 Heteroplasmy 


Heteroplasmy is defined as the presence in a single person of more than one 
mitochondrial DNA type at a particular base position in the mtDNA sequence. Het- 
eroplasmy can occur in sequence and/or length. Sequence heteroplasmy is detected 
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when two nucleotides appear at a single site as overlapping peaks in a sequenc- 
ing electropherogram. Length heteroplasmy occurs most often in the hypervariable 
regions in areas where there are long stretches of cytosines (C-stretches), that is, in 
positions 16,184 to 16,193 in HV1 and in positions 303 to 310 in HV2, and there 
are differing numbers of C’s within the same sample. 

Heteroplasmy can occur in the known and/or the questioned sample. If hetero- 
plasmy at a specific position is found in both samples, this might help indicate an 
inclusion because heteroplasmy at a specific position can be an important identify- 
ing characteristic. 

Heteroplasmy has been shown to differ from tissue to tissue in the same person 
(e.g., hair and blood may show different levels and types of heteroplasmy) (Salas 
et al., 2001). There may also be heteroplasmy differences in mtDNA populations 
between a person’s other cells, and also differences within a single cell or within one 
mitochondrion (Butler, 2005, Chap. 6). All persons are thought to be heteroplasmic 
at some level, even if it is below the level of detection (Comas et al., 1995; Tully 
et al., 2000). High rates of heteroplasmy are not surprising since the mutation rate 
in mtDNA is much higher than the rate in nuclear genes; some regions of the 
mitochondrial genome have been shown to evolve at 6 to 17 times the rate of 
single-copy nuclear genes (Tully, 1999). In addition, although there is only one 
copy of a nuclear gene present within a human egg, that egg may contain 100,000 
copies of the mitochondrial genome (Chen et al., 1995). Thus, multiple mutations 
and a good deal of heteroplasmy, some of which may be undetectable, could be 
present in a person. 


9.4.8 The Future of DNA Analysis 


As of June 2010, the National DNA Index (NDIS) portion of the FBI CODIS 
database contained almost 8.5 million profiles from convicted offenders and 
more than 324,318 forensic (evidentiary) profiles (see http://www.fbi.gov/hq/ 
lab/codis/clickmap.htm for updates). Since STR analyses form the bulk of the 
profiles already present in CODIS as well as in other DNA databases throughout 
the world, changing to another type of DNA profiling would probably make 
current data unusable without reanalysis. Thus, STR typing is expected to continue 
as the preferred DNA profiling method for many years to come (Gill et al., 2004; 
Butler et al., 2007). However, since profiles from reduced-size core STRs are 
fully compatible with existing database information and because mini-STRs can 
broaden the range of degraded samples that can be analyzed, mini-STR analysis 
may eventually replace STR typing analysis with currently used primers (Gill 
et al., 2004). In addition, DNA markers such as SNPs will probably continue to 
be used along with STRs in order to obtain additional information about particular 
samples. In addition to the possibility of providing phenotype information 
(Budowle and van Daal 2008), SNPs are helpful in mtDNA testing and Y-SNPs 
can serve as lineage markers for Y-chromosome analysis (Butler et al., 2007). 
Forensic DNA analysis is a rapidly progressing field, and new instruments are 
constantly being developed. Most of the advances currently being made in DNA 
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analysis instrumentation are related to increasing the number of samples that can be 
processed at once (throughput), decreasing processing time and/or decreasing the 
size of the instruments that are used. To help speed up the analysis of reference sam- 
ples, robotic instruments that automate DNA extraction and processing are being 
developed, and many are already in use in high-throughput laboratories. In addition, 
there is always a need for new user-friendly data analysis software and “expert” 
software to lessen the manual input required for accurate data interpretation. 

The miniaturization of instruments used for forensic DNA analysis is a popular 
area of current research. Miniature thermal cyclers and small microchip capillary 
electrophoresis devices are being developed that greatly shorten analysis time and 
reduce the consumption of sample and of expensive reagents (Yeung et al., 2006; 
Greenspoon et al., 2007; Liu et al., 2007). A microfabricated capillary array elec- 
trophoresis device was recently tested and found to be appropriate for separating 
STRs (Greenspoon et al., 2008). The ultimate aim of equipment miniaturization is 
to produce instruments capable of integrating sample preparation, PCR, and DNA 
analysis which are also small enough and portable enough to be used at the scene of 
a crime or mass disaster. A prototype of such an instrument was recently developed 
and tested at a mock crime scene (Liu et al., 2008). 
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Summary DNA microarrays have revolutionized basic research in molecular 
and cellular biology, biochemistry, and genetics. Through hybridization of labeled 
probes, this high-throughput technology allows the screening of tens or even hun- 
dreds of thousands of data points in a single run. The technology is most advanced 
with nucleic acids, but protein and antibody microarrays are coming of age as well. 
Because of the unique ability to screen for large numbers of molecules, such as 
DNA sequences, at once, the potential utility to forensic investigations is tremen- 
dous. Indeed, progress has been made demonstrating that microarrays are powerful 
tools of use to the forensic laboratory. As the technology matures and associated 
costs come down, the day that microarray analysis becomes a routine part of the 
forensic toolkit draws nearer. 
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10.1 INTRODUCTION 


Perhaps once each decade, a technique or technology emerges that revolutionizes 
scientific research in a way that makes scientists wonder what we ever did without 
it. In the area of molecular biology, restriction enzymes and molecular cloning, 
and the polymerase chain reaction, come to mind as examples. More recently, 
the development of DNA microarray technology is just such an event, allowing 
molecular research to advance with a rapidity and precision unimaginable just a few 
years ago (Schena et al., 1995; Shoemaker et al., 2001). Indeed, like polymerase 
chain reaction (PCR) before it, microarrays have quickly become a seemingly 
irreplaceable implement in the arsenal of nearly all areas of molecular and genetic 
research. And as research continues, microarrays are now poised to have a similar 
impact on molecular forensic investigations. 


10.2 WHAT IS A DNA MICROARRAY? 


Simply put, DNA microarrays are small pieces of glass, usually the size of a stan- 
dard microscope slide, onto which tiny spots of DNA have been “printed.” The 
DNA spots on a given microarray, or chip, could number in the hundreds, thou- 
sands, or even hundreds of thousands, allowing a user to probe a given sample 
quantitatively for the presence of countless specific DNA sequences simultane- 
ously (Schena et al., 1998). In basic research, myriad uses of the DNA microarray 
platform have evolved, and microarrays printed with other macromolecules, pro- 
teins and antibodies especially, have been developed as well (but are not discussed 
here) (Schena et al., 1998; Hoheisel, 2006; Hughes et al. 2006; Wu and Dewey, 
2006; Hall et al., 2007; Werner, 2007; Klenkar and Liedberg, 2008). The infor- 
mation gained in a single cDNA microarray, for example, is equivalent to that of 
many thousands of gene-specific Northern blots or reverse transcription (RT)-PCR 
analyses (Allison et al., 2006; Ness, 2006). Thus, by the sheer volume of data 
obtained in a single run, it is no surprise that microarray technology has had such 
a revolutionary effect on basic research (Shoemaker et al., 2001). Table 10.1 lists 
the five major types of DNA microarray and their most common applications. 
The use of microarrays in forensics is largely still at the developmental stage, 
but as research into this area continues, new and powerful possibilities are rapidly 
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TABLE 10.1 Common Types of DNA Microarrays 


Type of Microarray Printed Spots Specific Use 

cDNA microarray 18 to 30-mers, complementary (a) Analysis of mRNA/miRNA 
to coding open reading transcription (expression 
frames profiling) 


(b) mRNA splicing analysis 
Promoter microarray PCR products or oligos from Transcription factor location 


known gene promoters analysis 
Entire chromosome Varies widely; high resolution: (a) Transcription factor 
tiling 15-25 bp spanning every location analysis 


~35 bp of genomic sequence (p) Analysis of transcription 


Comparative genomic 60-mers from throughout the Detection of gene deletion or 


hybridization genome (coding and amplification (e.g., during 
noncoding) cancer) 
SNP microarrays 25-mers Detection of SNP alleles 


emerging. In this chapter we first summarize the basics of microarray technology 
and the well-established uses in basic research. Then we detail some of the forensic 
applications of microarrays that are currently under development. Along the way 
we provide insight into future possibilities for the use of microarrays in forensic 
science. 


10.2.1 cDNA Microarray 


The most expansive use of DNA microarrays in scientific laboratories around the 
world is in the technique of expression profiling (Mandruzzato, 2007). Microar- 
rays for this purpose are spotted with DNA molecules, usually 30 to 50-mers, 
representing complementary DNA sequences from within the coding regions of 
known or predicted genes (Kreil et al., 2006; Larsson et al. 2006). This platform 
has been developed so extensively that current high-end cDNA chips bear mil- 
lions of spots, or probes, representing every currently known and predicted coding 
region in the human genome with multiple spots each. Entire or nearly entire 
genome coverage has also been achieved for mouse, rat, chicken, sheep, dog, cat, 
cow, macaque, Xenopus (frog), zebrafish, Drosophila melanogaster, Caenorhab- 
ditis elegans, maize, wheat, rice, barley, grape, cotton, tomato, soybean, sugar- 
cane, Arabidopsis thaliana, plasmodium, several species of yeast, Escherichia coli, 
Staphylococcus aureus, and many other microorganisms, plants, animals, and fungi 
(Affymetrix web site). 

cDNA microarrays allow researchers to take a “snapshot” of the gene expression 
profile, at the level of messenger RNA (mRNA), of a given cell population, as 
shown in Figure 10.1. Obviously, the utility of this approach is best found in 
the comparison of two populations: for example, cancer cells vs. tissue-matched 
normal cells, pre- and postviral infection, or pre- and postexposure to a drug or 
poison. In this way, the alterations of gene expression that occur as a result of such 
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Figure 10.1 Expression profiling by cDNA microarray. Total RNA is isolated from 
living cells, followed by conversion of mRNA into single-stranded cDNA by reverse 
transcription using poly(dT) primers. Next, the cDNA is made double-stranded to serve as 
a template for in vitro transcription using biotinylated NTPs. The cRNA is then fragmented 
and hybridized onto the microarray platform. cRNA is visualized using a fluorophore- 
confugated streptavidin moiety and the microarrays are scanned at high resolution to 
allow quantitation of the fluorescent signal. 


treatment conditions can be observed. Following repeated experiments in various 
settings, contexts, and conditions, a profile of gene expression events emerges. 
Furthermore, genes for micro-RNAs as well as many known and predicted mRNA 
splice variants can be discriminated using this same type of chip, and the complexity 
of the expression profiling data gleaned from microarrays is steadily increasing 
(Cuperlovic-Culf et al., 2006; Hughes et al., 2006; Kreil et al., 2006; Valencia- 
Sanchez et al., 2006). It might even be said that our ability to acquire vast amounts 
of exceedingly complex data is far outpacing our ability to interpret the data. 


10.2.2 Other Types of DNA Arrays 


Expression profiling is but one application of DNA microarray technology, con- 
cerned exclusively with coding regions of the genome. Promoter microarrays are 
another, displaying DNA sequences representative of gene promoter regions, that is, 
transcription start sights and proximal sequences of | to 10 kb (Ren and Dynlacht, 
2004; Blais et al., 2005). Obviously, these types of arrays are not useful for expres- 
sion studies but, rather, to probe exactly which genes a given transcription factor 
is physically associated with, at a certain point in time, through a technique called 
ChIP-on-chip or location analysis (Buck and Lieb, 2004; Blais et al., 2005; Lee 
et al., 2006). Other microarrays harbor sequences spanning an entire human chro- 
mosome, usually called tiled arrays due to the printing pattern of short sequence 
intervals, or tiles (Ishkanian et al., 2004; Graf et al., 2007). These arrays have 
several uses, including the comprehensive mapping of RNA transcripts and splice 
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variants and chromosome-wide (and eventually true genome-wide) location analy- 
sis for transcription factors (Ji and Wang, 2005; Carninci, 2006; Huber et al., 2006). 
One dramatic example, research using these entire-chromosome arrays, has unex- 
pectedly demonstrated that much more of the “noncoding” regions of the human 
genome are transcribed than thought previously (Bertone et al., 2004; Johnson et al., 
2005). The last major type of DNA array is the comparative genomic hybridization 
(CGH) array (du Manoir et al., 1993; Kallioniemi et al., 1993). These types of 
arrays contain DNA sequences, both coding and noncoding, from throughout the 
genome and are used to detect changes in DNA copy number (gene deletion or gene 
amplification) that are frequently seen in human cancer and certain genetic diseases 
(Houldsworth and Chaganti, 1994; Yang et al., 2006; Stjernqvist et al., 2007). 

These gene expression arrays, promoter arrays, tiling arrays, and CGH arrays 
are the most dominantly used microarray platforms in basic molecular research, 
including toxicogenomics (discussed below) (Ness, 2006). But for most forensic 
applications, the scrutiny at hand is of small discrete differences in closely related 
DNA sequences that differentiate one individual from another or one strain of 
bacteria from a close relative. Neither cDNA nor tiling arrays are appropriate for, 
or capable of, analyzing these subtle DNA differences. Thus, several varieties of 
microarrays for exactly this purpose have been developed, such as single-nucleotide 
polymorphism (SNP) arrays and resequencing arrays, which are discussed below. 
Because they are simply glass slides with spots of DNA, microarrays are easily 
customized to the application at hand, and countless clever variations have been 
documented (Mendoza et al., 1999; Lorenz et al., 2003; Dondeti et al., 2004; 
Thomson et al., 2004; Newton et al., 2005; McGrath et al., 2007). As development 
costs continually decrease, some laboratories even routinely print their own custom 
microarrays specific for their area of research and the experimental questions of 
interest (Ren et al., 2002; Cam et al., 2004; Balciunaite et al., 2005; Blais and 
Dynlacht, 2005a,b; Acosta-Alvear et al., 2007). 


10.2.3 The Birth of ““-Omics” 


The complete sequencing of the human genome (and that of many other species) 
has affected nearly every field of biological research (Lander et al., 2001; Ven- 
ter et al., 2001). Microarray technology is one of the major applications in which 
these enormous volumes of sequence data are put to direct use (Schena et al., 
1998; Shoemaker et al., 2001; Hoheisel, 2006). Indeed, this sequence informa- 
tion, hand-in-hand with the required bioinformatics, was a necessary prerequisite 
for the development of microarray technology (Schena et al., 1995, 1998; Heller 
et al., 1997). With this new ability to perform such global genome-wide studies, 
entirely new scientific disciplines have materialized, and indeed, a new vocabu- 
lary has emerged. This is most recognizable by the addition of the suffix ‘“-ome” 
or “-omics” onto various terms which implies that a global “in total” approach 
is being applied: for example, genome/genomics, proteome/proteomics, transcrip- 
tome, kinome, lipidome, metallome, spliceome, phosphoylome, and glycome (Pals- 
son, 2002; Bishop, 2003, Chaussabel, 2004; Figeys, 2004). Obviously, these new 
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“disciplines” are simply technological approaches to research within existing sci- 
entific fields, which are represented by their respective prefixes: for example, 
metabolomics and toxicogenomics (Aardema and MacGregor, 2002; Dettmer and 
Hammock, 2004). A new era of molecular research is clearly upon us, the -omics 
era, and microarrays are at the forefront of this information wave (Chauard et al., 
2002; Abu-Issa and Kirby, 2004; Kiechle et al., 2004). In the next few pages we 
detail how current and future research will bring the -omics wave into the realm 
of forensic science through the use of DNA microarrays. 


10.3 DNA MICROARRAYS IN TOXICOGENOMICS 


No area of research has experienced a more profound impact due to advances in 
microarray technology than the field of genomics (Schena et al., 1998; Bueno-Filho 
et al., 2006). Stated simply, genomics is the study of the structure and function 
of DNA and DNA sequences on the genome scale. The field of genomics and, 
similarly, microarray technology, is intimately connected to the success of the 
mass sequencing of the human genome (and that of other species) (Schena et al., 
1998; Belacel et al., 2006; Lerman et al., 2007). Toxicogenomics is a subdisci- 
pline of genomics that is concerned with deciphering the impact of exogenous 
molecules such as drugs, poisons, and xenobiotic compounds on gene expression 
(Lovett, 2000; Aardema and MacGregor, 2002; Gershon, 2002; Hamadeh et al., 
2002; Gatzidou et al., 2007). As this name implies, this field was the result of a 
merger between traditional toxicology research and functional genomics: microar- 
rays are the platform that made this merger possible (Neumann and Galvez, 2002; 
Pennie, 2002; Ulrich and Friend, 2002; Irwin et al., 2004). 

Mechanistic toxicology is the attempt to decipher why and how a drug or poison 
does what it does. In this way, toxicology is closely related to pharmacology in 
the search for a “mechanism of action.” Predictive toxicology attempts to use 
this physiological information to make predictions about the toxicity of a related 
or novel molecule. Toxicogenomics has greatly accelerated both approaches and 
deepened our understanding of the biological perturbations caused by chemical 
compounds (Cunningham, 2006; Fielden and Kolaja, 2006). Drugs and poisons 
are now grouped in increasingly narrow categories based on common induction 
of discrete cellular gene expression changes (Oberemm et al., 2005). By aligning 
physiological response to chemical structures, reliable predictions can be made 
regarding the toxic effects of a previously untested compound (Raghavan et al., 
2005; Fielden and Kolaja, 2006; Martin et al., 2006). 

Forensic toxicology is often concerned with the converse situation: the identifi- 
cation of a poisoning agent (which itself may be difficult or impossible to detect), 
based on the biological effects of that agent. This is often a tenuous process, but 
a more complete picture of toxin-induced gene expression responses, achieved 
by microarrays, gives forensic researchers much more to work with in the hunt 
for specific telltale biomarkers (Lettieri, 2006). Indeed, significant progress has 
been made in the elucidation of a toxicological “fingerprint” for several drugs and 
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toxins, including arsenic, chromium, nickel, cadmium, methapyriline, clofibrate, 
hexachlorobenzene, doxorubicin, 5-fluorouracil, and acetaminophen [reviewed by 
Lettieri (2006)]. The dominant type of microarray technology employed in toxi- 
cogenomics is the cDNA microarray for expression profiling (Figure 10.1), although 
other types of microarrays, such as splicing arrays and CGH arrays, have revealed 
important pharmacological effects as well (Lee et al., 2005). 


10.3.1. Sharing Information 


For the voluminous amounts of data gleaned from toxicogenomic studies to be truly 
useful to the community at large, there must be in place a rigorous common method 
of analyzing and sharing data. There are several national and international efforts 
to do just that. The first critical milestone in the creation of public databases for 
genomic data was the establishment of the MIAME (minimum information about 
a microarray experiment) guidelines, developed by the European Bioinformatics 
Institute (EBI) (Brazma et al., 2001). These guidelines provide a common lan- 
guage through which researchers around the world can understand each other’s 
experimental data. Following these guidelines, several publicly accessible reposi- 
tories for microarray data have been created, the largest being the Gene Expression 
Omnibus (GEO) (Edgar et al., 2002; Barrett and Edgar, 2006). Within the field of 
toxicology, the National Center for Toxicology (NCT) within the National Insti- 
tute of Environmental Health Science (NIEHS) is developing the Chemical Effects 
in Biological Systems (CEBS) knowledge base (Waters et al., 2003). CEBS, and 
its counterpart at the EBI, tox-MIAMExpress, aim to compile and integrate vast 
amounts of genomic data and thus build a complete picture of the complex bio- 
logical response to toxicological agents and provide that information to the public 
(Brazma et al., 2003, 2006). 


10.3.2 Forensic Application 


Our ability to apply what is learned in experimental toxicogenomics to forensic 
toxicology rests not only on our understanding of the biological response to a 
given chemical agent, but also on our ability to detect that response in biological 
tissues, which often present themselves as evidence in very trace amounts or in 
degraded condition (Nygaard and Hovig, 2006). This presents a serious problem for 
gene expression analysis, as mRNA is arguably the most labile biological macro- 
molecule of all. But this challenge is certainly not insurmountable and does not 
apply whatsoever to freshly harvested samples, as is also often possible in forensic 
practice. But even when access to fresh tissue sample is not possible, conceiv- 
able breakthroughs in microarray technology could one day allow recreation of 
gene expression information. For example, research into chemical modifications of 
DNA histones has revealed that gene expression is heavily influenced by chromatin 
architecture, and the precise structure—function relationships of the “histone code” 
are being teased out methodically (Jenuwein et al., 2001; Turner, 2002). 

It seems increasingly likely that scientists will one day be able to infer with rela- 
tive certainty the level of active transcription of a given gene simply by examining 
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the chromatin structure of the gene promoter (Gilmore and Washburn, 2007). This 
is relevant to forensic investigations because chromatin is formed by DNA—protein 
interactions and is far more stable than mRNA. Further, genome-wide scanning of 
chromatin structure by microarray is already possible through the technology of 
modified histone-specific ChIP-on-chip (or location analysis) (Roh et al., 2004; 
Huebert et al., 2006). Regardless of the approach taken to scrutinize gene expres- 
sion, the unparalleled multiplex capacity of microarrays will be absolutely essential 
for detecting these residual biological “fingerprints” of drug exposure in a tissue 
because it will probably involve the altered expression of hundreds of genes. Exam- 
ining a small number of genes would be far too ambiguous for forensic casework. 
Without microarrays, the immense labor of examining the expression of hundreds 
of genes manually makes it difficult to envision the reasonable forensic utility of 
establishing gene expression signatures in response to drug or toxin exposure. 


10.4 DETECTION OF MICROORGANISMS USING MICROARRAYS 


DNA microarrays are powerful tools for the rapid detection and identification of 
microorganisms, and there are countless scenarios in which the identification of 
a potentially infectious agent is of paramount importance. Indeed, the improved 
detection of biothreats tropic to humans, livestock, or agricultural plants is a major 
focus of research efforts at the Centers for Disease Control, the Food and Drug 
Administration, the National Institutes of Health, the Department of Health and 
Human Services, and countless nongovernmental research centers. Beyond mali- 
cious and bioterrorism-related scenarios, rapid pathogen identification has enormous 
lifesaving potential in the area of infectious disease diagnostics. Furthermore, and 
particularly relevant to the current text, precise recognition of microorganisms can 
be crucial to the investigation of criminal activity. Examples include the detection 
of microorganisms in deliberate or accidental biopoisoning, and the analysis of bac- 
terial flora to scrutinize or match samples of soil, water, and biological specimens 
or fluids. 

Microarrays are particularly well suited for these purposes for at least three rea- 
sons. First, the ability to multiplex with microarrays (i.e., screen for multiple targets 
simultaneously) far exceeds that of any other method. Second, because there is no 
need for time-consuming bioassays or decision-tree iterative protocols, microar- 
rays are usually far faster than most currently dominant strategies. Finally, and 
most powerfully, microarray platforms can be designed intelligently such that little 
or no prior knowledge of the nature of the microorganism being detected is neces- 
sary. All of these advantages have already been demonstrated, as we discuss below. 
Although microarray technology is not yet commonplace in the forensic analysis 
of microorganisms, the rapid development and declining costs of the technology 
will probably lead to increased utilization. 


10.4.1. Historical Perspective 


Since the invention of the microscope, classifying the various types of microscopic 
life has challenged and fascinated microbiologists. But the association of various 
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bacteria and fungi with illness brought these classification and identification efforts 
into the realm of public health. (Because they are even smaller than the maximum 
resolving power of light microscopes, viruses were not discovered until centuries 
later.) The Gram stain, which distinguishes bacteria into two classes based on cell 
wall characteristics, was among the first biochemical techniques in the classification 
of bacteria and is still in use today. Microscopic size and physical appearance 
(circular, rod, or corkscrew shape); colony size, shape, and color; growth rate; 
nutritional requirements; toxicity to laboratory animals; and even traits such as 
odor once helped scientists tell one species of bacteria from another. Needless to 
say, all of these methods are laborious and none distinguishes closely related strains 
or species. 

More recently, serological methods have largely supplanted these descriptive 
techniques. Briefly, serotyping is the classification of bacteria based on the presence 
of certain “markers,” usually receptor proteins, that can be detected easily using 
antibody-based procedures such as ELISA (enzyme-linked immunosorbant assay) 
(Yolken, 1978). For some pathogenic bacteria, detection assays are designed toward 
the very receptor that comprises the pathogenic component (Ashkenazi and Cleary, 
1989; Munoz et al., 1990; Hearty et al., 2006). This important feature affords these 
assays a reasonable chance of success in detecting most virulent strains (of that 
particular species), even, potentially, novel ones. For this reason, along with the 
rapidity, ease, and negligible expense, serotyping is likely to remain a dominant 
means of identifying and classifying bacteria (Cebula et al., 2005a). 


10.4.2 DNA Fingerprinting 


In an effort to distinguish closely related strains of microorganisms, microbiologists 
and forensic specialists are working to establish a working library of strain-specific 
genetic fingerprints or signatures (Pannucci et al., 2004). These are akin to the 
DNA fingerprinting that is conducted for identity confirmation of humans using 
short tandem repeat (STR) or SNP analysis. Knowing the unique genetic features 
harbored by various strains of pathogenic and benign bacteria, viruses, and fungi 
will allow investigators to quickly screen biological samples for the presence of 
these known agents and discriminate between harmless flora and their close virulent 
relatives. 

Several approaches have been taken in an effort to establish DNA fingerprints 
for individual bacterial strains. RFLP (restriction fragment length polymorphism) 
analysis of bacterial rRNA genes is one example but fails to distinguish closely 
related strains or even species (Brindley et al., 1991; Pebay et al., 1992; Alonso 
et al., 1993; Sriprakash and Gardiner, 1997). RFLP analysis of the entire bacterial 
chromosome, followed by PFGE (pulse-field gel electrophoresis) is a more dom- 
inant technique in bacterial DNA fingerprinting (Linhardt et al., 1992; Gundisch 
et al., 1993). However, the very large DNA fragments generated by this tech- 
nique (2 to 5 Mbp) cannot be resolved with great precision. Thus, strain-specific 
mutations and even larger genomic rearrangements (due to recombination events) 
could result in no detectable difference in the RFLP fingerprint. In that case, two 
significantly divergent strains could be indistinguishable by RFLP. Conversely, 
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an otherwise insignificant or even silent mutation that happens to reside within 
a restriction site could result in a markedly different RFLP fingerprint with lit- 
tle or no phenotypic difference. This slight genetic difference hardly gives rise to 
a distinct bacterial strain. The point made by both cases is that RFLP analysis 
simply compares relative sizes of random chunks of the genome. Thus, while 
perfectly appropriate for identification of humans, RFLP analysis is somewhat 
clumsy for the identification of rapidly evolving and mutating microorganisms. 
DNA sequence—based methods would be inherently more discriminating and yield 
far more information about discrete genetic differences between closely related 
microbiota. 

More recently, amplification-based approaches have emerged that track 
amplification fragment length polymorphisms (AFLPs) (Janssen et al., 1996; Lin 
et al., 1996). While some employ random priming and others target specific 
genomic regions, the readout is again a “fingerprint” of random fragment sizes 
(Vaneechoutte, 1996). These techniques have proven to be sufficiently discrimi- 
nating to differentiate closely related strains of bacteria and races of fungi (Keim 
et al., 1997; Kis-Papo et al., 2003; Hynes et al., 2006). But once again, because the 
objects of these analyses are (1) chunks of DNA (bands on a gel), not sequences, 
and (2) totally unrelated to any phenotypic difference, such as pathogenicity, these 
techniques offer very little genetic insight into the nature of the microorganism of 
interest. In this new era of high-throughput entire-genome sequencing, sequence- 
independent techniques for genetic characterization of organisms seem blunt 
indeed. 


10.4.3 DNA Fingerprinting by Microarrays 


Microarray technology has now been employed in an effort to establish genetic 
fingerprints for microorganisms (Willse et al., 2005; Doran et al., 2007). One such 
example involves the amplification of established repetitive extragenic palindromic 
(REP) sequences, followed by hybridization onto a small microarray harboring 
about 200 random nonamers (Willse et al., 2004). This approach was successful in 
clearly distinguishing 25 closely related strains of Salmonella enterica (Willse et al., 
2004). A microarray-based genetic fingerprinting system offers distinct advantages 
over electromobility-based systems. First, the increased complexity of the finger- 
print allows much greater precision and statistical confidence, important features 
for any forensic technology that must withstand scrutiny in a court of law. Sec- 
ond, microarrays afford the potential to screen for hundreds of strains of hundreds 
of species simultaneously. Third, fingerprints from previously unobserved isolates 
could be compared to those of known strains and some knowledge of genetic 
heritage could be inferred. Indeed, bioinformatic methods of designing robust and 
precise DNA fingerprinting arrays for pathogen detection are maturing (Satya et al., 
2008). However, similar to other fingerprinting methods, while microarray finger- 
prints of repetitive sequences could provide clues into the nature of known or 
novel microbes, important phenotypic characteristics, such as virulence, could not 
be predicted with confidence. 
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10.4.4 DNA Sequence-Based Detection 


Single-nucleotide polymorphisms (SNPs) represent the smallest and most discrete 
genetic difference between two living organisms. These single-base-pair differences 
can result in a slightly different protein product (a nonsynonymous SNP) or not (a 
synonymous SNP), based on the degeneracy of the genetic code. Regardless, the 
comparison of SNPs between closely related strains of bacteria, viruses, or fungi 
allows a much more thorough appreciation of genetic differences and facilitates 
the recapitulation of evolutionary lineage (Bochner, 2003). The importance of this 
cannot be overstated. Consider the hypothetical example of the emergence of a 
novel strain of Salmonella enterica in a poultry packing plant; considering its 
unique RFLP or AFLP pattern would provide little information other than that this 
strain is not one that has been observed previously. In contrast, a SNP analysis 
would reveal which known strains of Salmonella are the closest genetic relatives to 
this new strain, and thus a quick and reasonably accurate prediction could be made 
as to whether or not this new strain is a health hazard. (Prediction of virulence is 
discussed further in the next section.) 

The painstaking process of using SNPs derived from sequencing data to classify 
strains of bacteria into groups based on hereditary relationships involves statistical 
analyses, cladisitics, and computer-assisted hierarchical clustering [see Cebula et al. 
(2005a,b) for two excellent reviews]. Nevertheless, to date, SNP analyses have been 
used to resolve and identify strains of Bacillus anthracis, Mycobacterium tubercu- 
losis, Helicobacter pylori, Escherichia coli, Shigella dysenteriae, and Salmonella 
enterica (Levy et al., 2004; Pearson et al., 2004; Cebula et al., 2005b; Filliol et al., 
2006; Van Ert et al., 2007). The most famous example is that of the SNP analysis 
used to confirm that the multiple B. anthracis samples of the fall 2001 anthrax 
terrorist attack were of the same genetic strain (Hoffmaster et al., 2002). 


10.4.5 Where DNA Microarrays Come In 


Microarrays afford the possibility of rapid and thorough SNP analyses without 
having to perform actual sequencing reactions. One such technique, known as 
resequencing, first involves the amplification (and fluorescent labeling) of several 
specific regions of interest (i.e., those with well-established strain-specific SNPs) 
from a sample containing an unknown bacterial strain (Hacia, 1999). Target ampli- 
con size is kept relatively small, about 200 bp, and amplicons are denatured and 
fragmented prior to hybridization. The probe spots on the microarray are small 
oligonucleotides around 25 bp in length containing a variable SNP at the central 
position. Each SNP of interest comprises eight spots on the chip: all four possible 
variations of the SNP, in both DNA strand orientations. Thus, for each biological 
sample, the two brightest spots will correspond to the SNP version harbored by 
that particular bacterium, virus, and so on. Of course, the beauty of the microarray 
is that an essentially unlimited number of SNPs could be analyzed in a single scan 
(Zwick et al., 2005; Malanoski et al., 2006; Wang et al., 2006). Further, selec- 
tions of SNPs from many hundreds or even thousands of bacterial species could be 
printed on a single array. Thus, one could easily envision a single microarray that 
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provides coverage for all known enteric bacteria, for example. It is worth noting 
that because the resequencing technique involves an amplification step with a fairly 
small amplicon, only minute amounts of starting material are required. 

An approach similar to resequencing, called minisequencing , represents another 
microarray-based method of SNP analysis (Huber et al., 2001; Lindroos et al., 
2002). However, the small amplicons containing the SNPs of interest are not flu- 
orescently labeled. Further, the 25-bp probes on the microarray do not harbor 
the SNP itself. Rather, they are the 25 bp of sequence immediately 5’ of the 
SNP base. Either prior to hybridization (in-solution minisequencing), or following 
hybridization (in situ minisequencing), of the targets to the probes, DNA polymer- 
ization reactions are performed to extend the probes, but only chain-terminating 
di-deoxynucleotides (fluorescently labeled) are provided. Thus, the DNA poly- 
merase can only add one base to the probes before chain termination, but this 
n-+ 1 position will correspond to the SNP base with a coded fluorescent label 
for each of the four possible bases, as revealed by confocal fluorescent scanning 
of the chip (see Figure 10.2). The minisequencing approach has two advantages 
over resequencing. First, it only requires two spots for each SNP rather than eight. 
(Again, both DNA strands are analyzed as an internal duplicate sample.) Second 
and more important, the data scan of different color fluorescent spots is unam- 
biguous and far more straightforward to analyze and interpret than the single-color 
scanning of resequencing. However, the additional chemistry and manipulation of 
the polymerization step adds cost, labor, and experimental variability, important 
considerations in the search for a highly automated high-throughput platform for 
forensic application. 


10.4.6 Looking Forward: Genetic Virulence Signatures 


Bioinformatics researchers are currently mining the ever-increasing volumes of 
complete genome sequences from various strains of bacteria in search of “viru- 
lence signatures” (Pannucci et al., 2004). The rationale for this search is twofold. 
First, if a given DNA motif could be established as “necessary” for virulence (and 
thus present in all pathogenic strains, absent in all innocuous strains), this would 
represent a potentially momentous breakthrough for the basic scientists investi- 
gating mechanisms of microbial pathogenesis. Second, and more germane to the 
forensics realm, knowing the “virulence signature” of pathogenic strains of E. coli, 
for example, would give investigators a robust tool in detecting the appearance of 
those pathogens, even, at least in theory, those that have not yet been discovered 
or are the product of malevolent bioengineering. 

It goes without saying that the “training set” of sequence data regarding these 
virulence signatures would need to be monitored and updated continually as more 
strains, of both the pathogenic and benign variety, emerge. Experimental validation 
of the pathogenic mechanisms of virulence-associated DNA sequences should be 
sought in as timely a manner as possible because of the potential to “overfit’” the 
sequence data, honing in on sequences that are merely correlative and thus not in 
any way connected with pathogenesis. Examples of “red herring” sequences could 
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Figure 10.2 SNP analysis by in-solution minisequencing using a four-color microarray. 
(A) First, the genomic regions containing the target SNPs are amplified by small-amplicon 
PCR. (B) Then minisequencing reactions are carried out in solution using only di- 
deoxynucleotides (fluorescently labeled). (C) The sequencing primers hybridize with the 
3’ end oriented one base upstream of the SNPs. (D) The sequencing primers are extended 
by one labeled base, complementary to each SNP. (E) The mixture is denatured and 
hybridized to a microarray printed with DNA sequences containing the SNPs. (F) The 
microarray containing thousands of SNPs is scanned and each spot is called based on 
fluorescence. 


lead to potentially disastrous false-negative readouts during the screening of an 
unknown. This potential pitfall can only be overcome by experimental rigor and 
the diligent reporting and sharing of sequence data. 

Although traditional sequencing efforts and “shotgun sequencing” had previ- 
ously been at the forefront of the search for bacterial and viral genetic finger- 
prints and virulence signatures, the emergence of relatively low-cost whole-genome 
sequencing is poised to accelerate this research dramatically (Lorenz, 2002; Read 
et al., 2003; Pannucci, et al., 2004; Dorrell et al., 2005; Afset et al., 2006; Burrack 
and Higgins, 2007). Comparative genomics and bioinformatics, followed by experi- 
mental validation, will probably illuminate the key genomic elements that confer the 
pathogenic phenotype(s) for each organism. Indeed, in a spectacularly successful 
example, a detailed virulence signature for Staphylococcus aureus has been estab- 
lished, corresponding to genetic elements in 84 different genes, including those for 
antibioitic resistance (Spence et al., 2008). Such information is immediately appli- 
cable toward building a robust and extremely sensitive microarray that could be 
used to detect the presence of a virulent form of S. aureus with relative certainty. 
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Once established and validated, virulence signatures for multiple pathogens 
(each in tens or hundreds of naturally occurring degenerate permutations) can be 
spotted onto DNA microarrays. Because the spot density capability of DNA chips 
is so high and increasing (currently > 1,000,000 unique probes per chip is possible), 
it is conceivable that a single chip could harbor the virulence signatures of thou- 
sands of different pathogens, allowing broad but precise screening of biological 
samples in a single pass. 

Although the use of microarrays in the forensic identification of microorganisms 
is still in its infancy, the enormous advantages justify further development of this 
technology. As costs continue to decline and access increases, it is not inconceivable 
that microarrays will, one day soon, become indispensables tools for the rapid and 
reliable identification of microbial strains. 


10.5 PROBING HUMAN GENOMES BY DNA MICROARRAYS 


The identification of human beings by “DNA fingerprint” has, in a relatively short 
time, revolutionized forensic science and criminal proceedings (Higuchi et al., 1988; 
Kobilinsky and Levine, 1988; Lee et al., 1994). This revolution cannot possibly 
be overstated. However, recent advances in molecular biology and genomics have 
made possible even further development of forensic DNA technology. Despite this, 
the extent of DNA technology in most forensic laboratories is currently limited 
to “DNA fingerprinting” for matching an unknown biological sample to that of a 
known person. In that regard, DNA microarrays offer several advantages over tradi- 
tional STR analysis, including adding significant automation, quantitative analysis, 
and statistical power, as well as further extending the technique to even smaller 
and more degraded DNA samples than is currently possible. In addition, looking 
beyond, DNA microarrays may one day allow forensic investigators to transform an 
unknown and therefore unhelpful DNA sample into a crucial clue for investigating 
crime. 


10.5.1 STR Analysis 


Short tandem repeat (STR) analysis is the current technique of choice for identifying 
unique individual markers of a given DNA sample, and in most cases provides 
such immense discriminating power that the U.S. and British judicial systems fully 
accept STR results into a court of law, provided that the technical execution is 
within established protocols. This technique exploits the polymorphic nature of 
some repetitive sequences within the human genome, called microsatellite DNA. 
These regions consist of a simple DNA sequence, 3 to 7 bp in length, that is 
repeated anywhere from 3 to 15 times. [There exists examples of both shorter and 
longer repeats (satellite or minisatellite DNA) and regions where many hundreds or 
thousands of repeats exist in tandem, but these are not typically part of forensic STR 
analysis.] Biallelic in nature (one each on the paternal and maternal chromosome), 
these microsatellites, or STRs, are highly polymorphic and stably inherited. That 
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is, a given person will have two alleles for a given STR (e.g., 12 and 8 repeats 
on each of a pair of homologous chromosomes, one inherited from her biological 
mother, the other from her father), and one will be passed on to each of her children 
at random. Thus, two nonrelated individuals will have a very low probability of 
having the same two alleles for this given STR. Even siblings have only a 25% 
chance of inheriting the same two numbers of repeats for each and every STR. 
When examining multiple STRs, the likelihood that two different individuals will 
harbor the same alleles drops dramatically with each additional STR included in the 
analysis. Accordingly, the standard U.S. Department of Justice’s CODIS protocol 
calls for an examination of 13 established STR loci, which places the statistical odds 
of two nonidentical individuals having the same two alleles for all 13 loci at less 
than 2 x 107!°, a number whose reciprocal is more than 10,000 times more than 
the number of human persons who have ever walked the Earth (Lee et al., 1994; 
McEwen, 1995; Budowle et al., 1999; Ruitberg et al., 2001). (Government officials 
are currently deliberating an increase in the number of CODIS STR loci to 20.) 

Clearly, the discovery, development, and careful propagation of STR analysis 
represented an unparalleled triumph in the application of molecular biology to 
criminal justice, and it may be tempting to think that current abilities of DNA 
analysis already meet or exceed their usefulness, with no further improvement 
necessary. However, a critical examination of current techniques in STR analy- 
sis reveals several compelling reasons to pursue further development in this area. 
First, the approach of STR analysis itself could benefit with increased automa- 
tion, multiplexing, and high-throughput capabilities, as current protocols call for 
extensive sample handling and manipulation and significant technician labor. In 
addition to the costs of time and labor, these manipulations bring opportunities 
for experimental error which could potentially jeopardize the trustworthiness of 
a given DNA match. Although the PCR amplifications can now be multiplexed 
routinely and efficiently (reducing labor and handling), traditional STR analysis 
still requires forensic researchers to electro-resolve the PCR products and make 
judgments regarding relative mobility rates of these DNA fragments, as compared 
to known DNA standards. The result is a DNA “fingerprint” that is somewhat 
qualitative, rather than strictly quantitative, as is most desirable when objectivity 
is of such supreme importance. 

Without altering the basic premise, small DNA microarrays can be used in the 
execution of traditional STR analysis. A major challenge in any microarray-based, 
and thus hybridization-based, approach to forensic STR analysis is the detection of 
subtle differences in sequence repeat number. For example, while discriminating 
between 3 and 15 repeats would be relatively straightforward, it is exceedingly 
difficult to discriminate between 9 and 10 repeats using differential hybridization 
onto a standard microarray with the necessary degree confidence. Accordingly, 
researchers have devised two creative solutions to this obstacle. First, electronically 
active microarrays can be utilized to establish and fine-tune an extremely high 
stringency hybridization environment (Radtkey et al., 2000). In this way, even the 
subtlest differences in hybridization energies can be exaggerated and the results 
are clear spot calls on the microarray, indicating the exact repeat number for each 
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STR with precision. For this reason, the technology of electronic microarrays has 
found its way into several microarray platforms (including forensic SNP analysis, 
discussed below) and development continues (Heller, 2002). 

More recently, a second approach to array-based STR analysis has been reported 
that involves the use of standard glass microarrays and a sequence of enzymatic 
steps (Kemp et al., 2005). In this somewhat complicated method, called variable- 
length probe array (VLPA), the microarray spots harbor single-stranded probes 
containing STRs of various lengths (repeat numbers) bound to the microarray sur- 
face at their 5’ end. Following amplification and 5’ fluorescent labeling of STR 
regions in the target DNA sample, the labeled amplicons are hybridized to the 
microarray. Obviously, the targets will hybridize to probes with both more and 
fewer numbers of STR repeats than those of the target itself. To ensure proper 
alignment at each STR set, complementary clamp sequences are included at the 
5’ end of the probe DNAs and the 3’ end of the target sequences. Thus, at probe 
spots containing fewer repeats than the hybridized target sequence, the 5’ end of 
the target DNA (which contains the label) will overhang. At probe spots contain- 
ing more repeats than the target DNA, the spotted 3’ end of the probe DNA will 
overhang the target DNA. Next, the slides are treated with S1 endonuclease, which 
digests single-stranded DNA. Thus, all overhangs are removed and, importantly, 
the fluorescent label will be released from any target DNA that is bound to a probe 
spot containing an STR sequence that is shorter (fewer repeats) than the target 
DNA. Conversely, the fluorescent label will remain on all target DNAs that are 
bound at spots containing probes of equal or greater length, despite the digestion 
of the 3’ end of probe DNAs that are longer than the target DNA. For example, 
if a target DNA sample contains 11 repeats of a given STR, fluorescent signals 
of approximately equal intensities would be detected at probe spots harboring 11, 
12, 13, 14,... repeats, but no signal whatsoever would be detected at probe spots 
harboring 10, 9, 8, 7,... repeats. Although it is not yet clear how this system can 
delineate heterozygous alleles, a major advantage of this approach is that the spot 
calls are unambiguous (signal or no signal) and thus easy to automate in a high- 
throughput manner. Creative use of the clamp sequence could also allow a great 
deal of multiplexing of many samples simultaneously. 

A third microarray-based approach toward STR analysis that has been reported 
involves the use of the branch migration capabilities of double-stranded DNA. 
This assay begins similarly to VLPA with hybridization of labeled target DNA to 
probes of varying length using a clamp sequence to ensure alignment. Next, a suc- 
cession of two competing probes in opposite orientations initiate branch migration 
to displace probe-target interactions that are not perfect matches for the number 
of tandem repeats. Thus, array scanning will elicit signal from only one spot per 
STR allele, and heterozygosity can be detected and delineated using an algorithm 
specially designed for this system (Pourmand et al., 2007). In summary, several 
options for array-based STR analysis have been developed, each with distinct 
advantages and caveats. The major advantage of any microarray-based platform is 
the enormous potential for rapid high-throughput screening of thousands of samples 
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simultaneously. And as microarray costs continue to decline, the feasibility of their 
routine use in forensic applications increases. 


10.5.2 SNP Analysis 


Although the power of STRs in forensic investigations is truly remarkable, there are 
limitations to STR analysis that warrant continued research in alternative technolo- 
gies. Specifically, because each STR locus is first amplified in a PCR reaction, there 
is a lower limit for required template, beneath which amplification is too inefficient 
and unreliable for forensic purposes. This minimum sample size is indeed minute, 
allowing complete DNA profiles to be collected from scant physical evidence such 
as one intact hair follicle. However, biological material that serves as a template 
in a PCR reaction is consumed in the process, and when the amount of sample 
is limiting, as is often true in forensic investigations, there is little or no margin 
for error. Currently, the lower limit of input DNA to achieve a reliable CODIS 
(FBI’s Combined DNA Index System) DNA profile is between 100 and 200 pg of 
pristine human genomic DNA (Lorente et al., 1997; Krenke et al., 2002; Leclair 
et al., 2003). With 6 pg of DNA in each human nucleus, this means that in the best 
of circumstances and with flawless technique, a biological sample must contain 
at least 15 to 30 intact cells with undamaged DNA. Although this is certainly an 
impressive level of detection, the collection of trace forensic evidence often falls 
below this standard in quantity or quality of DNA. Following the death of a human 
cell, DNA begins the steady process of decay, and trace DNA specimens from hair 
or dead skin cells collected at a crime scene are often not of adequate quality for 
any type of STR analysis. 

Single-nucleotide polymorphism (SNP) analysis provides an alternative to STR 
analysis with much lower requirements of quantity and quality of input DNA, thus 
allowing further reduction of the threshold requirements of biological material from 
which a quality DNA profile can be extracted (Walsh, 2004; Nygaard and Havig, 
2006). This increased sensitivity arises due to the amplification of significantly 
smaller amplicons. Unavoidably, forensic STR analysis involves the amplification 
of repeat sequences as large as 400 bp, and there is a direct relationship between 
the size of an amplicon and the amount of intact template DNA required for 
efficient amplification. Because SNPs are a single base in length, amplicons can be 
designed that are less than 50 bp in length. Thus, SNP analysis is far more robust 
than STR analysis with trace and/or degraded DNA samples. However, because 
there are only four possible alleles for each SNP (A, T, C, or G), rather than 7 
to 22 possible alleles for each CODIS STR, a far greater panel of SNPs must be 
examined in order to achieve discriminating power similar to that of forensic STR 
analysis. For the level of certainty required of a criminal prosecution, at least 50 
SNPs would be needed for a positive identification, and a panel of about 100 SNPs 
would probably be appropriate for a universal forensic protocol. It is this large 
number of individual loci that need to be examined that has probably discouraged 
more widespread application of SNP analysis in forensic DNA matching. However, 
microarrays circumvent this challenge completely, and hundreds or even thousands 
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of SNPs could be analyzed simultaneously with relative ease. Further, clamping 
sequences or a similar mechanism could facilitate complete SNP screening for 
multiple (even hundreds) of different biological samples on a single chip. 

Human SNP analysis by microarray is already a well-established technology, 
although application is limited primarily to basic research and clinical diagnosis 
of genetic diseases. Further, the current dbSNP database at the National Institutes 
of Health contains millions of documented SNPs in the human population (NCBI 
web site, http://www.ncbi.nlm.nih.gov/projects/SNP/). Thus, it will not require great 
strides to bring the technology of SNP microarrays to the forensic realm. Indeed, 
electronically active arrays have already proven their utility in forensic applications 
(Borsting et al., 2004, 2005; Huang et al., 2004; Tsang et al., 2004). Exactly 
which cadre of SNPs will perform best for forensic purposes remains to be seen, 
but among the most important considerations are high variability of alleles in the 
human population and ease of amplification in a large multiplex PCR. The latter 
factor is determined by the genomic “neighborhood” of each SNP and must be 
tested empirically. A microarray-based strategy for detecting SNPs involves either 
resequencing or minisequencing (see Section 10.4.4 and Figure 10.2). Although 
to date, current reports of forensic SNP analysis by microarray have utilized in- 
solution minisequencing prior to hybridization, resequencing microarrays could 
prove just as powerful and would involve less labor and manipulation (Allen and 
Divne 2005; Divne and Allen, 2005). 


10.5.3 Exploring an Unknown Genome? 


Consider the example, as happens often, when a DNA sample collected from a 
crime scene does not match with a known DNA profile in any database or from a 
possible suspect. Currently, the unknown DNA sample would then be considered 
a “dead end,” useful only for screening additional suspect(s), if they are somehow 
identified by further criminal investigation. However, the DNA sample itself is an 
entire genome, containing much more information than the simple DNA finger- 
prints that are used to match samples. Within the DNA sequence of a genome 
is all the genetic information necessary to build that person, and only that per- 
son. Thus, a DNA sample with no known matches could be far from a dead-end. 
It could potentially tell us much about the perpetrator him- or herself, including 
such genetic traits as eye color, hair color, race and ethnic origin, approximate 
height/weight/build, and genetic diseases or predispositions. When investigating a 
crime, such information could be extremely valuable for narrowing down over- 
whelmingly large pools of suspects into just a few people or one person. Focusing 
on a smaller suspect pool would greatly reduce the disturbance of innocent people, 
as well increase the likelihood that detectives could discover additional evidence 
implicating the guilty party. Further, if a suspect pool was narrowed to a suffi- 
ciently small number of people, a court of law could then compel the collection of 
DNA samples to facilitate a comprehensive match. 

Forensic research into the precise genetic basis for physical traits such as 
race/ethnic origin and eye color is already proceeding rapidly (Frudakis et al., 
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2003; Rowold and Herrera, 2003; Sturm and Frudakis, 2004; Amorim and Pereira, 
2005; Ray et al., 2005; Sobrino and Carracedo, 2005; Wetton et al., 2005; Lao 
et al., 2006; Kayser et al., 2008). However, information of this type will be most 
valuable to forensic science when many traits are analyzed at once; for example, 
“the DNA sample left at the crime scene was from a woman of mixed Cen- 
tral European and East Asian descent, with green eyes, blonde natural hair color, 
medium build, projected height between 5’6” and 5’9” and strong predisposition 
for asthma.” Even accepting the caveat that many of these characteristics will fluc- 
tuate and are influenced by environment in combination with genetics, it is easy 
to imagine the power of such information when investigating a crime. However, 
this area of forensic research is still in its infancy, awaiting rigorous research, and 
must be accompanied by careful consideration of the social and ethical concerns 
that are raised by such an approach. Notwithstanding, there exists no technological 
or scientific barrier to the development of this approach. 


CONCLUSION 


The genomics revolution, led by microarray technology, has already informed 
various subdisciplines in forensic science, most notably toxicogenomics and SNP 
analysis, and further microarray-catalyzed innovation is surely afoot. One of the 
hallmark features of the genomics era is the staggering scale and speed with 
which research and technology development is now progressing. Thus, the wait 
might not be as long as one would think. It can now be said that the revolutionary 
potential of microarray technology rivals that of PCR. However, the potential 
application to forensics is much broader than just DNA fingerprinting and human 
ID. It will be interesting to observe how quickly potential becomes reality and 
innovative research becomes the gold standard. A currently limiting factor, both in 
terms of research and in application, is the seemingly exorbitant cost of microarray 
printing, fluidics, and high-resolution scanners. However, these costs are steadily 
decreasing and the ability to strip and reuse microarrays would dramatically slash 
research costs (although it would not be appropriate for casework). Further, the 
need to purchase and maintain such microarray instrumentation, including array 
printers, fluidics stations, and even scanners, is being alleviated by a more “full 
service” approach, for both in-stock and custom arrays, from the major microarray 
companies. As declining costs bring microarray technology within reach for 
more research laboratories, increased numbers of thorough forensic validation 
studies can be performed and published. Hopefully, this will persuade forensic 
practitioners that the technology is not just powerful but reliable as a bona fide 
tool for forensic casework. 


REFERENCES 


Aardema, M. J., and MacGregor, J. T. (2002). Toxicology and genetic toxicology in 
the new era of “toxicogenomics”: impact of “-omics” technologies. Mutat. Res., 
499:13-25. 


Me CHAPTER 11 


Date-Rape Drugs with 
Emphasis on GHB 


STANLEY M. PARSONS 


Department of Chemistry and Biochemistry, Program in Biomolecular Science and 
Engineering, Neuroscience Research Institute, University of California, 
Santa Barbara, California 


Summary The date-rape drugs y-hydroxybutyrate (GHB), 3,4-methylenedioxy- 
methamphetamine, flunitrazepam, and ketamine are discussed with an emphasis 
on GHB. Recreational, predatory, and lethal doses, why polydosing is dangerous, 
metabolism including membrane transport, and diagnostic metabolites are covered. 
Similarities to and differences from the effects and metabolism of ethanol are also 
discussed. The advantages of field tests to detect date-rape drugs, and limitations of 
antibodies and advantages of enzymes for field tests, are described. Development 
of a rapid enzymatic test for GHB is described. 


11.1. Introduction 357 
11.2. Molecular mechanisms of action 357 
11.2.1 | Receptors and transporters 357 
11.2.2 Real GHB receptors 359 
11.3. Societal context of date-rape agents 361 
11.3.1 Acute effects of date-rape agents on cognition and behavior 361 
11.3.2 Medicinal uses of date-rape drugs 361 
11.3.3 Self-abuse 362 
11.3.4 Date rape, death, and regulation 363 
11.4 Metabolism fundamentals 363 
11.4.1 | Complexity in unraveling metabolism of GHB-related 
compounds 363 
11.4.2 Isozymes in GHB-related metabolism 364 
11.4.3. Subcellular compartmentalization of enzymes, transporters, and 
substrates 364 
11.4.4 Dynamics and equilibria for enzymes and transporters 365 
11.4.5 Thermodynamics-based analysis of metabolic flux 366 


Forensic Chemistry Handbook, First Edition. Edited by Lawrence Kobilinsky. 
© 2012 John Wiley & Sons, Inc. Published 2012 by John Wiley & Sons, Inc. 


355 


356 


11.5 


11.6 


11.7 


11.8 
11.9 
11.10 
11.11 
11.12 
11.13 


11.14 
11.15 
11.16 
11.17 


11.18 


11.19 


11.20 


© 


DATE-RAPE DRUGS WITH EMPHASIS ON GHB 


11.4.6 Metabolism of endogenous GHB versus ingested GHB and 
prodrugs 

11.4.7. Directionality of in vivo and in vitro enzymatic activity 

11.4.8 | Transporters and enzymes mediating GHB-related metabolism 


Biosynthesis of endogenous GHB 

11.5.1 First step for GHB biosynthesis in the known pathway 
11.5.2 Second step for GHB biosynthesis in the known pathway 
1135.3 Third step for GHB biosynthesis in the known pathway 
11.5.4 Which step in GHB biosynthesis is rate limiting? 

11,35 Are there other biosynthetic pathways to endogenous GHB? 
Absorption and distribution of ingested GHB 

11.6.1 Gastrointestinal tract 

11.6.2. Blood 


Initial catabolism of GHB 

11.7.1. Transport into mitochondria 

11.7.2 Iron-dependent alcohol dehydrogenase ADHFel 
11.7.3. Poorly characterized catabolism of GHB 


Chemistry of GHB and related metabolites not requiring enzymes 
Experimental equilibrium constants for redox reactions of GHB 
Estimated equilibrium constants for redox reactions of GHB in vivo 
Different perspectives on turnover of endogenous GHB are consistent 
Disposition of succinic semialdehyde 


Conversion of prodrugs to GHB and related metabolites 

11.13.1 y-Butyrolactone 

11.13.2 1,4-Butanediol 

Subcellular compartmentalization of GHB-related compounds 
Comparative catabolism of ethanol, 1,4-butanediol, fatty acids, and GHB 
Catabolism of MDMA, flunitrazepam, and ketamine 

Detection of date-rape drugs 

11.17.1 Compounds diagnostic for dosing by synthetic date-rape drugs 
11.17.2 Compounds diagnostic for dosing by GHB 

11.17.3. Gold-standard testing 

11.17.4 Many applications for reliable field tests 

11.17.5 Hospital emergency department example 

11.17.6 Preparation of a sample for delayed analysis 

11.17.7 Time window available to detect dosing 

11.17.8 Extending the time window 

Special circumstances of GHB 

11.18.1 Industrial connection 

11.18.2 Enzymes acting on GHB in bacteria, yeast, and plants 

11.18.3 Possible accidental intoxication by GHB in the future 
Considerations during development of field tests 

11.19.1 Shortcomings of antibody-based screens for simple analytes 
11.19.2 Advantages of enzyme-based screens for simple natural analytes 


Development of an enzymatic test for GHB 
11.20.1 Sensitivity required for the hospital emergency department 


367 
367 
367 


368 
368 
368 
371 
373 
374 
376 
376 
377 
377 
377 
377 
319 
380 
380 
381 
384 
385 


386 
386 
387 
388 
389 
390 
390 
390 
390 
391 
392 
392 
393 
393 
394 
395 
395 
395 
395 
396 
396 
397 


399 
399 


© 


MOLECULAR MECHANISMS OF ACTION 357 


11.20.2 Choice of enzyme 399 
11.20.3 Reliable field test for GHB 400 
Conclusion 402 
Notes 404 
References 406 


11.1. INTRODUCTION 


Prominent examples of date-rape drugs are the natural compound y-hydroxybutan- 
oic acid (GHB) and the synthetic compounds 3,4-methylenedioxymethamphetamine 
(MDMA), 5-(2-fluorophenyl)-1,3-dihydro-1-methyl-7-nitro-2H-1,4-benzodiazepin- 
2-one (flunitrazepam), and 2-(2-chlorophenyl)-2-(methylamino)cyclohexanone 
(ketamine) (Figure 11.1; Scott-Ham and Burton, 2005; Saint-Martin et al., 2006; 
Abanades et al., 2007a; Juhascik et al., 2007). These compounds are grouped in 
ignominy because they can be administered surreptitiously in the relatively small 
amounts required to make a person compliant with sexual assault. Ethanol has 
similar effects, but generally it is not called a date-rape drug because it is legal 
and knowingly consumed. The term agent as used here refers to ethanol and 
date-rape drugs, whereas the term drug is restricted to date-rape drugs. 

In this chapter we discuss primarily date-rape drugs.! We also touch on ethanol 
just enough to point out some similarities, differences, and interactions between 
ethanol and date-rape drugs. As GHB is a research topic of special interest to 
the author, it is emphasized throughout. Much important progress has been made 
recently in understanding the physiology, biochemistry, cell biology, and molec- 
ular biology relevant to these agents. Important progress has also been made in 
developing better methods to detect dosing. The goals of this chapter are to unify 
the biological and chemical perspectives of date-rape drugs and to improve our 
ability to detect dosing. The wide range of subjects covered has required the use 
of footnotes to explain specialized terminology. References are numerous, but to 
keep the number of them reasonable, they are not comprehensive (apologies to 
authors not cited). A number of recent excellent reviews of individual date-rape 
drugs and forensic methods to detect them may be consulted for more citations: 
Maitre et al., 2000; Palmer, 2004; Wong et al., 2004a,b; Britt and McCance-Katz, 
2005; Gonzalez and Nutt, 2005; Drasbek et al., 2006; Pardi and Black, 2006; Snead 
and Gibson, 2006; Wedin et al., 2006; Wolff and Winstock, 2006; Colado et al., 
2007; Kintz, 2007; Seamans, 2008; Sinner and Graf, 2008. 


11.2 MOLECULAR MECHANISMS OF ACTION 


11.2.1. Receptors and Transporters 


To cause cognitive and behavioral effects, psychotropic agents must interact 
with neuroreceptors or neurotransporters in the central nervous system. This 
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Figure 11.1 Structures of some synthetic date-rape drugs and their major metabolites 
found in human urine. 


requirement means that the agents must pass through the blood-brain barrier to 
come into contact with neurons. A neuroreceptor generally spans the cytoplasmic 
membrane of a neuron, and the active site faces the extracellular space so that it 
can bind to a neurotransmitter coming from there. A neurotransporter can span 
either the cytoplasmic membrane or the membrane of a synaptic vesicle’ inside a 
neuron. 

The blood-brain barrier is breached by nonspecific diffusion for ethanol, fluni- 
trazepam, and ketamine (Adachi et al., 2005; Cuadrado et al., 2007). It is breached 
by specific transport for MDMA, metabolites of MDMA, and GHB (Drewes et al., 
2001; Bhattacharya and Boje, 2004; Escobedo et al., 2005). Thus, access by the 
latter compounds to brain potentially is saturable and inhibitable. More will be said 
later about transport versus nonspecific diffusion of GHB and related molecules. 
Some date-rape agents have actions in the periphery, but such actions won’t be 
discussed much, except for metabolism. 

Once they have reached neurons in the brain, the agents have many effects. 
Recent research indicates that ethanol acts primarily by means of a limited number 
of molecular mechanisms (Vengeliene et al., 2008). Prominent among them is 
a three-way, synergistic interaction of ethanol, neurosteroids*, and the inhibitory 
neurotransmitter y-aminobutanoic acid (GABA) on separate sites in the ionotropic 
GABAag receptor. Together these agents promote opening of the chloride channel 
in the receptor at concentrations of GABA lower than otherwise required (Herd 
et al., 2007; Mody et al., 2007; Mody, 2008).* Open chloride channels make most 
neurons resistant to electrical stimulation. This three-way synergy is especially 
effective at a subtype of the GABAg receptor located outside of synapses, where 
extracellular GABA concentrations are low but do not fluctuate much. As GABA, 
receptors are distributed throughout the brain, the result of ethanol consumption is 
widespread tonic (i.e., persistent) neural depression. 
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GHB is present naturally in brain at concentrations that depend on the region 
(Doherty et al., 1978; Vayer et al., 1988). Values range up to about 10 4M, averaged 
across tissue compartments. At the >100-fold-higher concentrations reached in 
sexual assault and self-abuse situations, GHB is a partial agonist for GABAg, the 
metabotropic receptor (Gobaille et al., 1999; Lingenhoehl et al., 1999; Wong et al., 
2004a,b).> Activation of GABAg receptor inhibits the release of neurotransmitters 
from nerve terminals by several intracellular second-messenger mechanisms (Ulrich 
and Bettler, 2007). GHB does not produce the full range of its behavioral effects in 
mice that have one of the two subunit types in GABAg receptors deleted from the 
genome (Bettler and Braeuner-Osborne, 2004; Gassmann and Bettler, 2007). The 
observation confirms involvement of GABAg receptors in GHB effects in vivo. 

GHB increases neurosteroid levels three- to fivefold when it activates GABAg 
receptors (Barbaccia et al., 2002; Biggio et al., 2007). Increased neurosteroid levels 
in turn potentiate opening of chloride channels in GABAg receptors. Thus, high 
doses of GHB directly or indirectly activate both major classes of GABA receptor. 
These actions produce molecular, cellular, and behavioral responses partially over- 
lapping those produced by ethanol and GABAergic drugs® such as flunitrazepam, 
another date-rape drug discussed in this chapter (see below; Baker et al., 2008; 
Helms et al., 2008; Carter et al., 2009). 

Activation of GABA receptors by GHB is entangled with the possibility that a 
small fraction of ingested GHB or GHB prodrug is converted to GABA itself by 
reversal of the biosynthetic pathway from GABA to GHB (Figure 11.2; Sections 
11.5.2 and 11.5.3) (Collier and De Feudis, 1970; Vayer et al., 1985a; Hechler et al., 
1997; Gobaille et al., 1999). Such reversal is thermodynamically feasible. GABA 
derived from GHB potentially could act on all GABA receptors, including recently 
discovered GABAa-p (also known as GABAc; Schmidt, 2008). However, reversal 
is controversial (Mohler et al., 1976; Snead et al., 1989; Crunelli et al., 2006; 
Ren and Mody, 2006). It might not occur when membrane barriers are intact, and 
the issue is unresolved. Action of GHB on recently identified GHB receptors is 
described in Section 11.2.2. 

Other date-rape drugs have different molecular mechanisms of action. Fluni- 
trazepam binds to an allosteric site in both synaptic and nonsynaptic GABA, 
receptors, where it potentiates GABA action to depress the central nervous sys- 
tem (Brenneisen and Raymond, 2001). MDMA (and/or an MDMA metabolite) 
interacts with several types of transporter to cause release of the neurotransmitter 
5-hydroxytryptamine (also known as serotonin) and the neurotransmitter-hormone 
oxytocin.’ In addition, extensive use of MDMA can cause permanent neuronal 
damage, probably by promoting the formation of reactive oxygen species such as 
hydrogen peroxide and hydroxyl radical (de la Torre et al., 2004)! Ketamine is 
an antagonist at the NMDA type of receptor for the excitatory neurotransmitter 
glutamate (Raeder, 2003).8 


11.2.2 Real GHB Receptors 


The mechanisms described above do not involve a receptor selective for GHB. 
Two forms of the human GHB receptor (GHBh1 and C12K32) have been cloned, 
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Figure 11.2. Known metabolism of GHB and its prodrugs. Chemical structures are shown 
above or next to the names or abbreviations. Reversible steps between metabolites are 
shown with paired half-head arrows and irreversible steps with a single arrow. An arrow 
longer than a paired arrow indicates the favored direction. Enzymes catalyzing the reac- 
tions alphabetically labeled are listed in Table 11.2. Reaction a: GABA transaminase 
makes SSA in mitochondrial matrix. Reaction b: ALDHSA1 in mitochondrial matrix oxi- 
dizes SSA to succinic acid that enters the tricarboxylic acid cycle. Reaction c: AKRIA1 
and AKR7A2 reduce SSA in cytoplasm. This step requires transport of SSA from mito- 
chondrial matrix (Figure 11.3). Reaction d: ADHFel oxidizes GHB in mitochondrial 
matrix after transport of GHB into matrix. The reaction probably is irreversible because 
reaction b is very fast. Untested is the possibility that irreversible w-oxidation of GHB 
by cytochrome P450 and catalase also occurs (Section 11.15). Reaction e: y-Lactonase 1 
in blood and liver hydrolyzes GBL. Reaction f: One or more unidentified ADHs oxidize 
BD in the periphery. A different, irreversible oxidative mechanism that might involve 
cytochrome P450 and catalase occurs in brain (Section 11.15). Reaction g: Cyclization 
is spontaneous. Reaction h: Unidentified ALDH in the periphery. A different oxidative 
mechanism also might exist by analogy to the metabolism of ethanol (Section 11.15). 
Reaction 1: An intermediate in the pyruvate decarboxylase reaction in mitochondria prob- 
ably forms 5-keto-4-hydroxyhexanoic acid that then is reduced. a- and f-oxidation of 
GHB also occur, possibly in mitochondria, peroxisomes, and smooth endoplasmic retic- 
ulum (Section 11.15). 


expressed, and characterized preliminarily (Kemmel et al., 2006; Andriamampandry 
et al., 2007). Both forms bind to physiologically relevant, sub-jtM concentrations 
of GHB to regulate intracellular second messengers. The receptors also bind to 
the specific antagonist NCS-382, but not to GABA. GHBhI expressed in a het- 
erologous host quickly desensitizes after exposure to a saturating concentration of 
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GHB, whereas C12K32 does not.’ A putative GHB receptor, which is of uncertain 
significance because it has aberrant pharmacological properties, has also been 
cloned from rat (Andriamampandry et al., 2003). 

The cloning of the human receptors, combined with prior discoveries of 
neurotransmitter-like properties of GHB, such as its storage by synaptic vesicles, 
establishes GHB as a classical neurotransmitter (Kemmel et al., 1998; Muller 
et al., 2002). The full significance of neuro-signaling by endogenous GHB is not 
known (Ticku and Mehta, 2008). The terms de novo and endogenous are used 
here as synonyms. They mean not arising from ingested GHB or GHB prodrug. 
Whether GHB receptors in vivo desensitize during dosing with exogenous GHB, 
and what the physiological consequences of such desensitization would be, are 
not known. Characterization of these properties is just beginning (Coune et al., 
2010). 


11.3. SOCIETAL CONTEXT OF DATE-RAPE AGENTS 


11.3.1 Acute Effects of Date-Rape Agents on Cognition and Behavior 


Ethanol reduces social inhibition, increases suggestibility, and at large doses induces 
sedation and amnesia (Vengeliene et al., 2008). GHB increases libido and sug- 
gestibility, causes euphoria, relaxation, and reduction of social inhibitions, and at 
large doses induces sedation and amnesia (Drasbek et al., 2006; Kueh et al., 2008). 
Flunitrazepam induces hypnosis, sedation, anxiolysis, and at large doses, amne- 
sia (Lane et al., 2008). MDMA causes mild euphoria and stimulates feelings of 
love, empathy, and connection to other people (Colado et al., 2007). Ketamine 
produces analgesia, anesthesia, and hallucinations (Rowland, 2005). Despite differ- 
ences in the molecular mechanisms of action and required doses (Sections 11.2.1, 
11.2.2, and 11.3.3), the agents are similar to each other in producing mental states 
that make victims compliant with sexual assault (Elliott, 2008; Lawyer et al., 
2010). 


11.3.2 Medicinal Uses of Date-Rape Drugs 


Date-rape drugs have been used to treat clinical indications. For example, GHB 
is used for sleep disorders and alcohol-withdrawal syndrome (Agabio and Gessa, 
2002; Johnston et al., 2003; Pardi and Black, 2006; Robinson and Keating, 2007; 
Castelli, 2008; Caputo et al., 2009). GHB might also be useful in cancer treat- 
ment and protection from or functional recovery after focal cerebral ischemia 
(Sadasivan et al., 2006; Emi et al., 2007; Gao et al., 2008). Flunitrazepam has 
been used for insomnia and anxiety (Matsuo and Morita, 2007), and ketamine has 
been used for pain (Okon, 2007; Morton, 2008). MDMA is being tested for treat- 
ment of posttraumatic stress disorder (Parrott, 2007; Vastag, 2010). Accordingly, 
the compounds are manufactured by reputable pharmaceutical companies and are 
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available through prescription. Unfortunately, they also are available from illicit 
sources. 


11.3.3 Self-Abuse 


Date-rape agents frequently are ingested voluntarily without medical supervision 
(http://www.drugabuse.gov/Infofacts/clubdrugs.html). Some people engage in this 
behavior because they perceive the cognition- and behavior-altering properties of 
the agents to be compatible with recreation (Camacho et al., 2005; Griffiths and 
Johnson, 2005; Abanades et al., 2007a; Kim et al., 2007b; Horowitz et al., 2008; 
Lee and Levounis, 2008). Common oral doses for recreational use by people who 
have not developed tolerance are given in Table 11.1. Effective doses differ over 
a 50,000-fold range for the various agents! 

In addition to having cognitive and behavioral effects, GHB stimulates release 
of human growth hormone (Volpi et al., 2000; Gonzalez and Nutt, 2005). Some 
bodybuilders consume it in huge amounts (18 to 250 g/day divided into multi- 
ple doses) in an effort to increase muscle mass. The practice results in tolerance 
and addiction, and severe withdrawal symptoms occur when addicted individuals 
attempt to discontinue use (Bennett et al., 2007; LeTourneau et al., 2008; Wojtow- 
icz et al., 2008). In rats, the addiction decreases membrane fluidity and increases 
GABA reuptake from extracellular space in brain (Bhattacharya et al., 2006). GHB 
greatly alters the levels of some brain proteins (van Nieuwenhuijzen et al., 2010). 
It increases the acetylation of histone H3, thereby causing epigenetic modifica- 
tion of gene expression (Klein et al., 2009). The latter observations demonstrate 
physiological adaptation consistent with addiction. 


TABLE 11.1 Effective Oral Doses for Human Beings* 


Compound LDso (mg/kg) Recreation (mg/kg) Roe 
Ethanol 5000° 500° 10 
GHB 400 50 8 
GBL/BD? 200 25 8 
MDMA 30 2 16 
Flunitrazepam 0.4 0.01 30° 
Ketamine 40 1 >38 


Source: Data from Miller (1979), Wang and Bai (1998), Gable (2004), Carai et al. (2006), and 
http://toxnet.nlm.nih.gov/. Effective doses for rodents are higher. 


“The numbers apply to normal, healthy, and otherwise undrugged human adults of either gender 
who have not developed tolerance. 

>This amount corresponds to about 0.6% ethanol in physiological fluids. 

°This amount corresponds to consumption of about one-half bottle of wine. 

4GBL and 1,4-butane diol (BD) are quickly converted to GHB in the body (Sections 11.13.1 
and 11.13.2). Effective doses are lower than for GHB because the compounds are absorbed faster 
(Table 11.5). Safety factors are similar, however. 

“Rounding errors create the apparent discrepancy relative to the ratio computed from numbers on 
the left. 
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11.3.4 Date Rape, Death, and Regulation 


In chemical assault for the purpose of date rape, the perpetrator attempts to deliver a 
high recreational dose that incapacitates the victim. However, date-rape agents can 
be lethal. The estimated oral LDso values for human beings who have not developed 
tolerance are given in Table 11.1. The ratio of the LDso to the recreational dose 
(i.e., the safety factor) is also given for each agent. Some agents have small safety 
factors, particularly ethanol, GHB, and its prodrugs y-butyrolactone (GBL) and 
1,4-butanediol (BD) (Sections 11.13.1 and 11.13.2). Because different agents have 
mostly different molecular targets that can interact with each other physiologically, 
these agents have the potential to synergize and push the central nervous system 
into an extremely depressed state. Deaths occur at doses of combined agents that 
are difficult to predict and often much lower than those required for single agents 
(Jonasson et al., 2000; Lalonde and Wallage, 2004; Mazarr-Proo and Kerrigan, 
2005; Jones et al., 2007; Verschraagen et al., 2007; Hovda et al., 2008; Knudsen 
et al., 2008; Akins et al., 2009). To impede drug-assisted date-rape and possible 
death, most national governments restrict access to date-rape drugs. Proscription 
has created a need for reliable analytical procedures to detect the compounds and 
their metabolites. 


11.4 METABOLISM FUNDAMENTALS 


11.4.1. Complexity in Unraveling Metabolism of 
GHB-Related Compounds 


Because it is a neurotransmitter, GHB is degraded (catabolized) and biosynthe- 
sized (anabolized) at more-or-less constant low rates in mammals. Conceptually, 
such turnover can be divided into two phases, one starting with and one ending 
with GHB. In contrast, when GHB is ingested, catabolism starts with a very high 
concentration and proceeds at a high rate. The cascade of steps that ensues can be 
conceptualized as parallel to that followed in the catabolism of endogenous GHB. 
However, is it precisely the same or partially different when much higher con- 
centrations are involved? When prodrug GBL or BD is ingested, rapid metabolic 
activation generates a higher concentration of GHB. Activation can be conceptu- 
alized as being parallel to the de novo biosynthesis of GHB, except that the steps 
are different. Overall, a full understanding of the actions of GHB and GHB-related 
compounds in vivo requires descriptions of at least four distinguishable phases of 
metabolism. The intellectual and experimental overlay of these phases onto each 
other creates much more complexity than exists for other date-rape drugs, each of 
which undergoes only one catabolic phase. 

To provide the reader with the concepts needed to resolve uncertainties encoun- 
tered in GHB metabolism, the rest of Section 11.4 covers some relevant funda- 
mentals. In addition to its utility in defining metabolic pathways with certainty, 
information at the substantial level of detail presented in this chapter is important 
because it will probably reveal new ways to detect dosing and to mitigate the 
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adverse effects of an overdose. Indeed, the potential payoff motivates the compre- 
hensive approach taken. 


11.4.2 lIsozymes in GHB-Related Metabolism 


Before the tools of recombinant DNA, cell biology, and genomic sequences were 
available, research on GHB metabolism was extraordinarily difficult. In part, this 
occurred because of the existence of isozymes, which catalyze the same type of 
reaction on the same type of chemical functional group in different substrates. 
For example, isozymic alcohol dehydrogenases catalyze the oxidation of alcohols 
(GHB is an alcohol) to carbonyl compounds. Isozymes are encoded by different 
genes.!° Moreover, enzymes catalyze reversible reactions in both directions. In the 
case of biosynthesis and catabolism of GHB, it can be unclear in which direction 
a reversible reaction proceeds in vivo. 

Isozymes often resemble each other in molecular weight, net charge, and other 
physicochemical properties due to evolutionary kinship. Isolation of an enzymatic 
activity from a natural source such as brain, kidney, or liver can produce a mixture 
of isozymes. Mixtures are especially likely when isozymes form heterooligomers 
with each other. Unfortunately, some in vitro data are compromised by lack of 
convincing isozymic identity and/or homogeneity. Many of the isozymes discussed 
in the chapter now have been expressed in and isolated from a heterologous host 
such as the bacterium Escherichia coli, which is methodology that produces a 
single isozyme. Where the issue is critical, we cite only references not suffering 
from isozyme ambiguity. 

Genomic and mRNA sequences reveal that more forms of many enzymes exist 
than formerly realized, including the enzymes that catalyze reduction and oxidation 
(redox) reactions in GHB-related pathways. There are nine functional human genes 
for NAD*-dependent alcohol dehydrogenases (ADHs), 14 for NADPH-dependent 
aldo-keto reductases (AKRs), and 23 for NAD(P)t-dependent aldehyde dehydro- 
genases (ALDHs) (http://www. ihop-net.org/; http://www.med.upenn.edu/akr; Hyn- 
dman et al., 2003; Hoffmann and Valencia, 2004; Vasiliou and Nebert, 2005; Jin and 
Penning, 2007). ADHs generally bind NAD* in preference to NADP*, and thus 
they catalyze oxidation of alcohols using primarily NAD* rather than NADP? in 
vivo. AKRs generally bind NADPH in preference to NADH, and thus they catalyze 
reduction of aldehydes and ketones primarily using NADPH rather than NADH in 
vivo. In contrast, many aldehyde dehydrogenases catalyze oxidation of aldehydes 
to carboxylic acids using either NAD+ or NADPT*.!! 


11.4.3 Subcellular Compartmentalization of Enzymes, 
Transporters, and Substrates 


An isozyme can be located in the same or different cellular and subcellular com- 
partments as another isozyme of the same superfamily. It can have multiple natural 
substrates, some better than others. Also, a metabolite of interest might be a good 
substrate for several isozymes when characterized in vitro. When complexity in 
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substrate—isozyme relationships exists in vitro, one cannot choose on the basis 
of substrate selectivity alone which isozyme functions in a particular pathway in 
vivo.!? Rather, the choice can require knowledge of organ, cellular, and subcellu- 
lar locations for both substrates and isozymes. Also, the levels of expression and 
cofactors, and the values for Michaelis—Menten parameters, can be important.!* 

If a pathway flows through a noncytosolic compartment such as the mitochon- 
drion, a candidate isozyme and its substrate must be in that compartment. Delivery 
of a protein to the compartment requires an appropriate intracellular trafficking 
signal. If the signal is coded in the amino acid sequence, which it usually is, it is 
coded in the mRNA sequence also. Delivery of the substrate is spontaneous if it is 
hydrophobic enough to pass through membranes rapidly by nonspecific diffusion. 
However, if a substrate is highly polar or ionic (e.g., GHB; Section 11.14), delivery 
requires an appropriate transporter in the compartmental membrane. Isoporters also 
exist.!4 


11.4.4 Dynamics and Equilibria for Enzymes and Transporters 


A transporter and an enzyme are similar to each other in that both are catalysts and 
both exhibit Michaelis—Menten constants for reaction in the forward and reverse 
directions. However, they can respond to substrate analogs very differently. For an 
enzyme, a binding analog of a substrate is always an inhibitor with respect to the 
substrate, as it blocks binding by substrate. For a transporter, membrane sidedness 
opens an additional possibility (Figure 11.3). Suppose that the rate at which the 
empty binding site for substrate reorients across the membrane is slower than the 
rate for the filled binding site. Such behavior is common. The steady-state rate for 
transport is limited by the rate of the slowest step, so it is limited in this case by 
reorientation of the empty binding site to begin a new transport cycle. Binding of an 
analog to the empty binding site facing the trans side of the membrane can speed 
the steady-state rate for transport of substrate by creating fast exchange between 
the substrate and the analog. Alternatively, if an analog binds but is not a substrate, 
it will slow the rate of substrate transport. 

A proposed reaction in a metabolic pathway, whether catalyzed by an 
enzyme or a transporter, cannot have a very unfavorable equilibrium constant 
in order to function. The constant is important in part because of the Haldane 
relationship, which for a saturable, single-substrate single-product reaction is 
Keq = Vimaxforward K Mproduct / VimaxreverseKMsubstrate (Cleland, 1982). The symbols 
have the conventional meanings defined in Michaelis—Menten kinetics. The 
Haldane relationship is valid even for crude preparations of enzyme or transporter. 
When Keg < 1, Vinaxforward OF KMproduct (Or both terms) is small relative to the 
corresponding term in the denominator. When Vinaxforward 18 small, the reaction is 
intrinsically slow. When Kmproduct is small (which means tight binding), product 
inhibition can prevent the enzyme or transporter from combining with more 
substrate. In either case, the reaction proceeds slowly, or not at all, in the direction 
written. This conclusion is important when analyzing incompletely characterized 
enzymes and transporters, as the Keg value often can be estimated even when 
Michaelis—Menten values are unknown. 
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Figure 11.3. Trans-stimulation and inhibition of succinic semialdehyde efflux from mito- 
chondria. The transporter for mitochondrial efflux of SSA is unknown, but it might be 
a member of the MCT family, which as a group has low substrate selectivity (Section 
11.6.1). A hypothetical transport cycle starts with an empty binding site for substrate fac- 
ing mitochondrial matrix (T; in the cycle on the left) or a drug-loaded binding site facing 
mitochondrial matrix (T; - Drug; in cycle on right). The cycle on the left is rate limited 
by slow reorientation of an empty transporter to generate T;. The cycle on the right runs 
faster than the cycle on the left if a drug molecule in cytoplasm (Drug,) binds to To, 
and reorientation of the T, - Drug, complex and exchange to T; - SSA; are fast. The cycle 
would not run at all if a drug molecule binds and stops reorientation of the transporter. 
Both transport cycles are driven clockwise by net flow of substrates thermodynamically 
downhill. 


11.4.5 Thermodynamics-Based Analysis of Metabolic Flux 


But what minimal value for K.g makes a reaction favorable enough for metabolism? 
Thermodynamics-based analysis of metabolic networks incorporating mass and 
flux balances provides insights (Beard and Qian, 2005; Henry et al., 2007). The 
concentrations of substrates and products common to many steps in metabolism, 
such as [Ht], [NAD*], [NADP*], [NADH], and [NADPH], are set by the network 
as a whole. Homeostasis often maintains them constant even in the face of large 
metabolic stress. If this condition applies, relevant concentrations can be substituted 
into the overall expression for K.g. Substitution produces a modified Kz, value equal 
to the concentration of reaction-specific product divided by the concentration of 
reaction-specific substrate that would be present at equilibrium. If the modified 
Keg 1s > 1, robust flux in the forward direction occurs because the reaction seeks 
equilibrium for which [product]/[reactant] > 1. If the modified Keg value is < 1, 
flux in the reverse direction would occur if there is a source of reactant (which 
is the product of forward-direction flux) from the network. The principles apply 
whether reactions in vivo reach equilibrium or are in steady state. 

A cell can often overcome a single modified Keg < 1 in a multistep pathway 
in order to produce flux in the forward direction. It does so by adjusting the 
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steady-state concentrations of the reaction-specific substrate and product to make 
the free-energy change at that step negative (think LeChatelier’s principle). How- 
ever, when modified Keg < 1, mass and flux constraints in the network preclude 
adjustments sufficient to obtain forward-direction flux (Feist et al., 2007). In this 
chapter, modified Keg < 10~* is assumed to be too unfavorable to support normal in 
vivo metabolism in the direction written. This value is a low threshold requirement, 
as it is smaller than the modified Keg values for all dehydrogenase and reductase 
reactions of the tricarboxylic acid (TCA) cycle and glycolysis. In a similar but 
inverse manner, modified Keg = 10* will be taken as irreversible in vivo. 


11.4.6 Metabolism of Endogenous GHB versus Ingested 
GHB and Prodrugs 


Metabolism of endogenous GHB occurs within a metabolic network, and it is 
subject to the modified K.g threshold and mass and flux balances outlined in Section 
4.5. In contrast, because concentrations of ingested GHB (and its prodrugs) are not 
limited by anabolism, the catabolism of ingested GHB is not subject to the network 
restrictions. A large in vivo concentration of exogenous GHB might overcome 
high Ky and subthreshold values for modified Keg at steps that endogenous GHB 
cannot overcome. Thus, catabolism of ingested GHB and prodrugs might follow 
multiple pathways (Sections 11.7.3 and 11.15), whereas catabolism of endogenous, 
low-concentration GHB probably follows mostly a single high-affinity pathway. 


11.4.7. Directionality of in Vivo and in Vitro Enzymatic Activity 


Reversible reactions producing no significant flux in the forward direction in vivo 
often can be made to run in that direction in vitro. This phenomenon occurs because 
constraints on [H*], [oxidant], [reductant], and pathway-specific [reactant] and 
[product] are much less restrictive in vitro than they are in vivo. Typically, the 
initial velocity for an enzymatic reaction is characterized in nearly saturating con- 
centrations of substrates, the absence of products, and optimal nonphysiological 
pH. Demonstration of an enzymatic reaction under such conditions does not mean 
that the reaction functions in vivo. On the other hand, barring an unknown acti- 
vation requirement, an enzyme that does not catalyze a reaction of interest under 
otherwise optimized conditions in vitro is unlikely to function in vivo. 


11.4.8 Transporters and Enzymes Mediating 
GHB-Related Metabolism 


Transporters carrying GHB across plasma membranes of human beings for absorp- 
tion by the body and metabolism by organs are listed in Table 11.2. Enzymes 
mediating GHB-related metabolism in human beings are listed in Table 11.3. 
Some of the listings are certain and some are speculative, as explained in the 
text. The table includes accession numbers for annotated amino acid sequences 
at the National Center for Biotechnology Information (NCBI). It also includes 
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TABLE 11.2 Some Monocarboxylate Transporters for GHB in 
Cytoplasmic Membranes“ 


Abbreviation Synonym NCBI Accession 
MCTI? SLCI6A1 NP_003042 
MCT2? SLC16A7 060669 

McT4 SLC16A4 NP_004687 
SMCTI° SLC5A84 NP_666018 
SMCT2° SLCSA12 QIEHB4 


“All of these transporters have low substrate affinity and selectivity. 
7 H*-dependent monocarboxylate transporters 1, 2, and 4. 
°Sodium-coupled monocarboxylate transporters | and 2. 

4 Also known as the sodium iodide-related cotransporter. 


identification numbers for three-dimensional atomic-resolution structures in the 
Protein Data Bank (PDB) when they are known (http://www.ncbi.nlm.nih.gov/; 
http://www.rcsb.org/pdb/home/home.do). Inspection of Tables 11.2 and 11.3 con- 
firms that impressive progress in knowledge of the molecular and cellular biology 
of GHB-related pathways has been made, but much more remains to be done. 
The structures of known and probable chemical intermediates in the pathways are 
shown in Figure 11.2. 


11.5 BIOSYNTHESIS OF ENDOGENOUS GHB 


11.5.1 First Step for GHB Biosynthesis in the Known Pathway 


A well-documented de novo pathway for the biosynthesis of GHB in brain orig- 
inates primarily with glutamate. The pathway is shown in Figure 11.2. Gluta- 
mate decarboxylases 1 and 2 yield GABA in mitochondrial matrix. The enzymes 
are isozymes of each other, and the relative frequency of occurrence of cDNA 
clones reveals that the mRNAs are highly to well expressed in all human tissues 
(http://www.ncbi.nlm.nih.gov/IEB/Research/Acembly/). Minor amounts of GABA 
also arise by deamination of the polyamines spermine, ornithine, and putresine 
(Tillakaratne et al., 1995). 


11.5.2 Second Step for GHB Biosynthesis in the Known Pathway 


GABA transaminase reacts GABA with 2-oxoglutarate to produce succinic semi- 
aldehyde (SSA) plus glutamate in mitochondrial matrix (Figure 11.2). The reaction 
transfers the pro-(S')-hydrogen from GABA (Santaniello et al., 1978). Only one 
gene exists for human GABA transaminase. The mature polypeptide is 472 amino 
acids long, M, 53.3 kDa, and a soluble homodimer (Schousboe et al., 1980; 
Kugler, 1993; Rao and Murthy, 1993). The relative frequency of cDNA clones 
has revealed that the mRNA is expressed at high to moderate levels in essentially 
all human tissues (http://www.ncbi.nlm.nih.gov/IEB/Research/Acembly/).!> GABA 
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and 2-oxoglutarate (a TCA cycle intermediate) are present in essentially all organs 
(Tanaka, 1985; Zambonin et al., 1991; Abe et al., 1998). Thus, SSA is probably 
produced in all organs, although this speculation has not been tested. Because SSA 
is the immediate precursor to GHB (below), it would be of interest to determine 
SSA levels in all organs of the mammalian body now that a quantitative analytical 
method has been developed (Struys et al., 2005a). 

The overall equilibrium constant from GABA to SSA is 0.04 (Van Bemmelen 
et al., 1985). As [2-oxoglutarate]/[glutamate] in mitochondrial matrix is ~15, the 
modified Keg value is ~0.6 (Wiesner et al., 1988). Although modified Keg < 1, 
the reaction can readily be made to run robustly in the forward direction by low- 
ering the SSA concentration. Lowering indeed occurs by irreversible and rapid 
conversion of SSA to succinate by SSA dehydrogenase (isozyme ALDHSA1, 
Section 11.12). 

Other than from catabolism of ingested GHB or GHB prodrug, the only 
significant source of SSA known in mammals is GABA by means of the 
transaminase reaction. A very minor source is catabolism of vitamin Bg 
(http://www.genome.ad.jp/kegg/pathway.html). Another theoretically possible 
source is 2-oxoglutarate, which in turn is derived from many metabolites. The 
enzyme 2-oxoglutarate decarboxylase is part of the 2-oxoglutarate dehydrogenase 
complex in the TCA cycle. It makes SSA bind covalently to thiamine pyrophos- 
phate, which then transfers the SSA to dihydrolipoyl acyltransferase, also in the 
dehydrogenase complex. The transfer reaction is a form of substrate channeling 
in which a newly made product molecule is passed directly into the active site 
of another enzyme without dissociation of free product into solution. There 
has been no report of the SSA intermediate escaping from the 2-oxoglutarate 
dehydrogenase complex, although the possibility appears not to have been tested 
at the level of accuracy required to detect the small amount of free SSA used for 
the production of endogenous GHB (Section 11.5.3). Human beings and other 
mammals contain a gene and mRNA coding for 2-oxoglutarate decarboxylase-like 
hypothetical mitochondrial protein (i.e., OGDHL) of uncertain function that could 
possibly release SSA (Bunik and Degtyarev, 2008). Formation of free SSA by 
2-oxoglutarate decarboxylase not part of a 2-oxoglutarate dehydrogenase complex 
is a robust reaction in some microbial species. 


11.5.3 Third Step for GHB Biosynthesis in the Known Pathway 


In brain, a very small fraction (~0.1%) of the SSA made from GABA is reduced 
to GHB (Gold and Roth, 1977; Rumigny et al., 1981). The remaining 99.9% is 
oxidized to succinate (Section 11.12). The only enzymes known to be capable 
of reducing aldehydes to alcohols in mammals are AKRs acting in their forward 
(reductive) direction and ADHs acting in their reverse (reductive) direction 
(http://www.genome.ad.jp/kegg/pathway.html). Among human AKRs._ tested, 
only AKRIA1 and AKR7A2 reduce SSA at a significant rate in vitro (Cash 
et al., 1979). Among tested mammalian ADHs, only ADHFel reduces SSA at 
a significant rate in vitro (Section 11.7.2). Reduction of SSA by an enzyme that 
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prefers NADH over NADPH has not been demonstrated to exist in mammals. 
Nevertheless, it can be inferred potentially to exist from a single observation of 
apparent NADt-dependent oxidation of GHB by a mammalian extract (Lyon et al., 
2007). For reasons discussed in Sections 11.7.2, 11.7.3, and 11.10, however, only 
AKRIAI and AKR7A2 currently are realistic candidates for GHB biosynthesis. 

The AKRIAI polypeptide is 325 amino acids long, M, 36.6 kDa, and a sol- 
uble monomer. The atomic-resolution structure has been determined (El-Kabbani 
et al., 1994). The AKR7A2 polypeptide is 359 amino acids long, M,39.6 kDa, 
and a soluble dimer of 79 kDa. It also is known as aflatoxin B1 aldehyde reduc- 
tase (AFAR; Ireland et al., 1998; Schaller et al., 1999), !6 The atomic-resolution 
structures of AKR7A2 and the mouse ortholog (Akr7a5) have been determined 
(Debreczeni et al., 2005; Zhu et al., 2006). AKRIAI has a k, value for SSA five- 
fold higher than that of AKR7A2, but AKR7A2 has a Ky value for SSA 11-fold 
lower (20 1M) than that of AKR1A1 (230 1M) (O’Connor et al., 1999).!7 Thus, 
the catalytic efficacies (Kcat/Km) are very similar to each other. However, AKR7A2 
is twofold faster at low concentrations of SSA, and AKRIAI is fivefold faster at 
high concentrations. The analysis does not take into account different levels of 
expression of the enzymes in vivo. 

Which of the isozymes is likely to dominate GHB biosynthesis? To begin the 
analysis, consider the distribution of endogenous GHB. It is found in brain, heart, 
kidney, liver, lung, skeletal muscle, and brown fat of human beings and rodents 
(Nelson et al., 1981; Maitre, 1997; Moriya and Hashimoto, 2005; Richard et al., 
2005; Zacharis et al., 2008). GHB is not restricted to the nervous system, but its 
nonnervous role is not understood. In brain, GHB is located primarily in cytosol and 
synaptic vesicles, as indicated by subcellular fractionation of homogenates (Snead, 
1987; Muller et al., 2002). Brown fat contains an especially high concentration 
(37 nmol/g), which suggests the possibility that GHB is catabolized slowly in this 
tissue. A question regarding detection of dosing presents itself. Does the brown fat 
of dosed human adults take up ingested GHB (or converted prodrug) and retain it 
longer than other tissues do? If so, is biopsy of brown fat an acceptable forensics 
technique for living human beings (van Marken Lichtenbelt et al., 2009)? 

Only trace levels of endogenous GHB occur in blood and cerebrospinal fluid. 
The very low levels mean that transfer of GHB from organs that make it to organs 
that do not is unlikely. Such transfer would require high-affinity (Ky < 1 wM) 
uptake of GHB with high selectivity to prevent competitive inhibition of uptake 
by other common monocarboxylic acids present in blood and cerebrospinal fluid. 
However, a transporter having these properties has not been described (Section 
11.6.1). Tissues that contain endogenous GHB thus make it. They must contain 
both the biosynthetic enzymes and the initial, pathway-specific substrate, which 
in the only well-documented de novo pathway to GHB is SSA generated from 
mitochondrial GABA. However, if another significant pathway to GHB exists in 
human beings, it is possible that an intermediate of that pathway could be passed 
from one organ to another through blood or cerebrospinal fluid (below). 

Immunostaining for human AKRIA1 and AKR7A2 proteins and their rodent 
orthologs indicates that AKR7A2 and its orthologs are present in essentially 
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all tissues but that AKRIA1 and its orthologs are not (Ireland et al., 1998; 
O’Connor et al., 1999; Kelly et al., 2000; Grant et al., 2001; Hedberg et al., 
2001; Picklo et al., 2001a,b; Hinshelwood et al., 2002, 2003; Fung et al., 2004; 
Cui et al., 2009).'8 Assays for mRNA and relative frequencies for cDNA clones 
coding for AKRIA1 and AKR7A2 reveal that both mRNAs are present at 
very high to significant levels in essentially all human tissues (http://genome. 
ucsc.edu/; http://bioinfo2.weizmann.ac.il/cgi-bin/genenote/home_page.pl; _http:// 
www.ncbi.nlm.nih.gov/IEB/Research/Acembly/).!? Why do the cellular distri- 
bution maps for mRNA and protein corresponding to AKRIAI disagree? It is 
possible that immunostaining of AKRIA1 in some tissues does not occur because 
the major epitopes are masked (Shi et al., 1995).?° On the other hand, comparisons 
between the transcriptome and the proteome of human beings often exhibit poor 
correlations. The disjunction suggests that control mechanisms responding to 
different physiological imperatives operate at the transcriptional and proteomic 
levels of expression (Rogers et al., 2008). More research would be required to 
determine whether substantially more AKR7A2 than AKRIAI truly is present 
in vivo. This situation presumably would mean AKR7A2 rather than AKRIAIL 
dominates GHB biosynthesis, as in fact has been concluded by some researchers 
(Rumigny et al., 1981). The results reported in Section 11.5.4 support this 
possibility. They also indicate, however, that it probably does not matter which of 
these AKRs dominates in different cell types. 


11.5.4 Which Step in GHB Biosynthesis is Rate Limiting? 


In cultured human SH-SY5Y neuroblastoma cells, suppression of AKR7A2 
expression with siRNA causes about a 90% decrease in AKR7A2 protein and SSA 
reductase activity, but only a 35% decrease in the amount of GHB (Lyon et al., 
2007).2! The compound zopolrestat, a selective inhibitor of AKRIAI1 activity, 
blocks only about one-half of the 10% residual SSA reductase activity in an 
extract from suppressed cells, even when the SSA concentration is saturating for 
AKRIAI1. Apparently, SH-SYSY cells express only a small amount of AKRIAIL 
(<5% of the total SSA reductase activity), although they make substantial 
amounts of GHB whether or not AKR7A2 is fully expressed.”* The results 
are consistent with rate-limiting AKR7A2 activity in normal GHB biosynthesis 
and induction of an unknown AKRIA1-independent pathway when AKR7A2 is 
suppressed. 

However, there is a simpler hypothesis. The results are also consistent with 
neither AKR7A2 nor AKRIAI activity being rate limiting to GHB biosynthesis. 
Instead, the rate-limiting step could be presentation of SSA for reduction. In this 
scenario, about 10% residual SSA reductase activity in SH-SY5Y cells could be 
sufficient to support 65% of the normal rate of GHB biosynthesis. 

To assess the feasibility of this model, subcellular compartmentalization of SSA 
reduction must be analyzed. AKR7A2 and AKRIAI, and their rodent orthologs, 
have been shown to be in cytosol or adsorbed to cytosolic surfaces of nuclear, Golgi, 
and mitochondrial membranes (Claros and Vincens, 1996; Andriamampandry et al., 
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1998; Witzmann et al., 1998; O’Connor et al., 1999; Picklo et al., 2001a; Kelly 
et al., 2002, 2004; Keenan et al., 2006; Lyon et al., 2007).23.24 Moreover, reduction 
by NADPH is nearly 1000-fold more favorable in cytosol than in mitochondrial 
matrix (Section 11.10). Both factors argue that SSA is reduced in cytosol. This 
conclusion requires that SSA made in mitochondria be exported to cytosol before 
it is reduced to GHB. 

Presentation of SSA to AKRIAI and AKR7A2 could be a complex process. It 
might require three steps, and none of them has been well characterized. 


1. Assuming that the GABA transaminase reaction is the only significant source 
of SSA (Section 11.5.2), a possible rate-limiting step is escape of newly 
made SSA from substrate channeling in a complex formed between GABA 
transaminase and ALDHS5A1, as discussed in Section 11.12. Such potential 
channeling should not be confused with the known channeling that occurs in 
the glutamate dehydrogenase complex (Section 11.5.2). 

2. A definitely required and possibly rate-limiting step is transport of SSA out 
of mitochondrial matrix. The transport might be performed by the same trans- 
porter that takes exogenous GHB into mitochondria for catabolism (Section 
11.7.1). Alternatively, it might be performed by an unknown transporter. 

3. Another possible rate-limiting step is dehydration of SSA hydrate. The frac- 
tion of SSA that hydrates spontaneously to form gem-diol during steady-state 
metabolism in vivo is not known. It could be as much as one-half (Section 
11.8). Hydrated and nonhydrated forms of SSA probably are transported out 
of mitochondrial matrix at different rates, and such discrimination could influ- 
ence the fraction of the SSA in cytoplasm that is unhydrated and available 
for reduction. 


Overall, because the hypothesis is parsimonious, it seems likely that the rate- 
limiting step in biosynthesis of endogenous GHB is presentation of reducible SSA 
to AKRIAI and AKR7A2 in cytoplasm. However, the slow molecular process 
within the presentation requirement is unidentified. 


11.5.5 Are There Other Biosynthetic Pathways to Endogenous GHB? 


Some experimental observations have been interpreted to support the existence of 
a GABA-independent pathway to endogenous GHB: 


1. Substantial amounts of endogenous GHB are found in organs containing 
< 1% as much GABA as brain has (Drummond and Phillips, 1974; Nelson 
et al., 1981). The implication is that such organs do not contain enough 
GABA to explain their GHB contents. 

2. Anticonvulsants and inhibitors of glutamate decarboxylase and GABA 
transaminase affect levels of GABA and GHB in rat brain paradoxically 
(Snead et al., 1982). 

3. Exogenous BD is converted quickly to GHB (Section 11.13.2) by a pathway 
that does not involve GABA (Snead et al., 1989). Free and chemically bound 
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forms of BD have been reported to be present in undosed human beings and 
rats at about one-tenth the amount of GHB, as required if BD were part of a 
biosynthetic pathway to GHB (Barker et al., 1985; Poldrugo et al., 1985). 

4. NADt-dependent ADH activity that is able to oxidize exogenous BD 
increases in SH-SYSY cells treated with siRNA suppressing AKR7A2, as if 
ADH activity were up-regulated by a feedback mechanism sensing levels of 
GHB or AKR7A2 (above). 


Although many of them have nagged the field for years, the observations and 
their interpretations are ambiguous or uncertain. Observation | is not compelling 
because GHB biosynthesis in the “reference” organ brain is very curious. Only | 
part in 1000 of GABA-derived SSA is transported to cytosol to become GHB 
(Sections 11.5.3 and 11.12). Low levels of GABA characteristic of peripheral 
organs could support the formation of relatively large amounts of GHB if (1) 
the presentation of reducible SSA to AKRIAI and AKR7A2 in cytoplasm is rate 
limiting, and (2) a larger fraction of mitochondrial SSA is presented for reduction in 
those organs than in brain. Even a 100-fold increase would decrease mitochondrial 
flux of SSA to succinate only 10%! 

The results of an experiment monitoring metabolism of [2,3,3,4,4—7Hs] glutamic 
acid to SSA and GHB are informative (Niwa et al., 1983). A high concentration 
of unlabeled GHB and about one-third additional [*H4]GHB are present in spent 
culture medium after incubation of primary kidney cells in a minimum essen- 
tial medium containing 2 mM pt-[?Hs]glutamic acid. GHB is barely detectable 
after similar incubation of primary liver cells. Instead, high concentrations of SSA 
are found. The observation is consistent with the approximately 17-fold greater 
amount of GHB in intact kidney (22 to 28 nmol/g) compared to intact liver (1.4 
to 1.6 nmol/g), even though these organs contain similar amounts of GABA (21 
and 15 nmol/g, respectively) (Drummond and Phillips, 1974; Nelson et al., 1981). 
As there are many metabolic sources of glutamic acid, the presence of excess deu- 
terium atoms in about one-fourth of the GHB indicates that most GHB secreted by 
kidney cells comes from glutamic acid. Different partitioning ratios at metabolic 
branch points in the conversion of glutamate to GHB probably account for different 
GHB/GABA ratios in different organs. 

The experiment also observed small amounts of 4-hydroxy-2-butenoic acid in 
both spent media. The compound does not arise from GHB or glutamic acid, as 
it did not contain excess deuterium. Brain and kidney contain the compound at 
levels one-sixth to one-half of the amounts of GHB (Niwa et al., 1982; Vayer 
et al., 1985b). Possibly, 4-hydroxy-2-butenoic acid can be reduced in vivo to 
GHB, but the conversion has not been demonstrated. This possibility should be 
tested. 

Observation 2 used drugs and inhibitors thought at the time to act primarily 
on ion channels and enzymes. However, the analysis did not consider the 
role of the mitochondrial exporter for SSA. Aminooxyacetic acid, valproic 
acid, and 3-mercaptopropionic acid are three of the compounds utilized in the 
study, and they are monocarboxylic acids. As discussed in Section 11.4.3 and 
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illustrated in Figure 11.3, depending on how they interact with the unknown 
exporter for SSA, monocarboxylic acids could either stimulate or inhibit the rate 
of SSA export and thus GHB biosynthesis. Unfortunately, there is no information 
available on this issue for the compounds used. All of the “inhibitors” utilized are 
now known to be much less selective than once thought (Meldrum and Rogawski, 
2007), and their effects on the known pathway for GHB biosynthesis cannot be 
predicted. 

Regarding observation 3, recent mass spectrometric analyses have not found 
BD in human beings, rats, or mice (Sakurada et al., 2002; Richard et al., 2005; 
http://www.metabolibrary.ca/). Extracts of plants contain minor amounts of long- 
chain diesters of BD, so trace BD in mammals might arise from diet, which could 
change through time (Bergelson, 1969). However, a trace dietary source is unlikely 
to support a robust alternative pathway to GHB, and such a source certainly cannot 
do so in cultured SH-SY5Y cells. A report that GBL is present in the brains of 
undosed rats at about one-tenth the amount of GHB (Snead et al., 1989) also has 
not been confirmed by more recent literature. 

Finally, observation 4 is not compelling either, as no demonstration has been 
reported that the ADH activity induced in SH-SY5SY cells is selective for BD. 
Overall, available data do not make a persuasive case that a second pathway for 
biosynthesis of endogenous GHB exists in human beings. 


11.6 ABSORPTION AND DISTRIBUTION OF INGESTED GHB 


11.6.1 Gastrointestinal Tract 


The first signs of intoxication by GHB can appear in as little as 10 min, which 
suggests that the stomach absorbs some GHB (Tanaka et al., 2003). Strong behav- 
ioral disturbances and peak concentrations of GHB in blood occur between 0.5 
and 2 h, which is > the time required for gastric emptying (Poggioli et al., 1999; 
Carter et al., 2006b; Abanades et al., 2007b; Goodwin et al., 2009). Thus, the small 
intestine absorbs most of each ingested dose of GHB. 

Intestinal absorption probably is mediated by Ht-dependent monocarboxylate 
transporters (MCTs) and sodium-coupled monocarboxylate transporters (SMCTs) 
located in apical and basolateral membranes of epithelial cells in the stomach and 
small intestine (Table 11.2; Goddard, 1998; Iwanaga et al., 2006; Ganapathy et al., 
2008). SMCTs and MCTs transport a wide range of metabolites involved in energy 
metabolism. Substrates include lactic acid, pyruvic acid, B-pb-hydroxybutanoic acid, 
acetoacetic acid, and butanoic acid. The transporters are found throughout the 
human body, including in the blood—brain barrier and nerve terminals (Benavides 
et al., 1982; Halestrap and Price, 1999; Tunnicliff, 2002; Enerson and Drewes, 
2003; Nishimura and Naito, 2005; Pierre and Pellerin, 2005; Simpson et al., 2007; 
Wang and Morris, 2007; Morris and Felmlee, 2008; Cui and Morris, 2009). SMCTs 
and MCTs exhibit moderate to low affinity and low selectivity for substrates. The 
Ky values for GHB are 30 to 700 iM for different SMCTs and 1 to 10 mM for 
different MCTs. 
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11.6.2 Blood 


Liver, kidney, lung, heart, brain, brown fat, white fat, skeletal muscle, and pancreas 
catabolize exogenous GHB (Kleinzeller, 1944; Roth and Giarman, 1966; Khizh- 
nyak, 1976; Lettieri and Fung, 1976; Shumate and Snead, 1979; Struys et al., 
2006b; Lenz et al., 2008). Because they express different amounts and mixes of 
SMCTs and MCTs, different organs probably dominate uptake (and catabolism) of 
different doses of GHB. However, when fatal dosing occurs with GBL, the post- 
mortem amounts of GHB per gram of tissue are within a factor of 2 of each other 
for all organs (Lenz et al., 2008). 


11.7 INITIAL CATABOLISM OF GHB 


11.7.1. Transport into Mitochondria 


After GHB is taken into cells, where is it catabolized? Mitochondria isolated from 
rat liver and kidney convert GHB to SSA, and the rate increases when the mito- 
chondria are disrupted (Gibson and Nyhan, 1989). The observations suggest that 
(1) metabolizing enzyme(s) is(are) in mitochondrial matrix, and (2) transport of 
GHB into mitochondrial matrix is capacity limited. The latter term is synonymous 
with the existence of rate limitation at high doses of GHB. Mitochondrial uptake 
probably is mediated by an isoform of the MCT family (Gladden, 2007; Yoshida 
et al., 2007; Hashimoto and Brooks, 2008; Hashimoto et al., 2008). Comprehensive 
characterization of the roles that intracellular transporters have in GHB catabolism 
would be welcomed. 


11.7.2 lron-Dependent Alcohol Dehydrogenase ADHFe1 


An atypical alcohol dehydrogenase called ADHFel initiates one pathway for 
mitochondrial catabolism of GHB (Kaufman et al., 1988).?° Antibody against 
recombinantly tagged ADHFel heterologously expressed in a mammalian cell 
line stains mitochondria intensely (Kim et al., 2007a).2° mRNA for ADHFel 
is expressed at very high or significant levels in essentially all human and 
mouse tissues and in SH-SYSY cells (Deng et al., 2002; Kardon et al., 2006; 
Kim et al., 2007a; Lyon et al., 2009; http://www.genecards.org/cgi-bin/carddisp. 
pl?gene=ADHFE1 &search=adhfel; —http://www.ncbi.nlm.nih.gov/IEB/Research/ 
Acembly/). Four alternatively spliced mRNAs encoding different putative isoforms 
of the enzyme (M,. = 50.3, 45.1, 32.5, and 27.4 kDa) have been detected (Deng 
et al., 2002; http://www.uniprot.org/uniprot/Q8IW W8#Q8IWW8-2). Two of the 
isoforms encode an N-terminal targeting sequence for import by mitochondria, and 
two do not, suggesting that some ADHFel is in matrix and some in cytosol. The 
two-compartment hypothesis has not been tested carefully, however, and it could 
have important consequences for the location of GHB catabolism. Because the 
dehydrogenase activity characterized requires unique oxidants (not a nicotinamide, 
o-quinone, or flavin cofactor; see below), it can be detected unambiguously. It 
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has been found in homogenates of liver, kidney, heart, brain, skeletal muscle, and 
lung of rats. 

The active site of ADHFe! probably contains tightly bound iron in the +2 oxi- 
dation state [i.e., Fe(I]) or Fe?*+] (Gibson and Nyhan, 1989; Kaufman and Nelson, 
1991; Struys et al., 2004; 2006a; Kardon et al. 2006). However, this statement 
is an inference based on sequence homology with iron-dependent alcohol dehy- 
drogenases isolated from microorganisms. No chemical analysis of mammalian 
ADHFel for metal ions has been reported, as the enzyme has not been purified 
to homogeneity. The enzyme prefers to use 2-oxoglutarate as the oxidant, from 
which stoichiometric D-2-hydroxyglutarate [also known as (R)-2-hydroxyglutarate] 
results. The activity does not require added nicotinamide cofactor. Nevertheless, the 
sequence contains the NAD(P)-binding motif G-X-G-X-X-G, where G is glycine 
and X is any amino acid (Wierenga et al., 1985). Presumably, a nicotinamide cofac- 
tor is very tightly bound, but again this statement is an inference. Such a cofactor 
would have to cycle between its oxidized and reduced states as the enzyme binds 
to and reacts with GHB or 2-oxoglutarate in alternating fashion (Figure 11.4). 
This kinetic mechanism couples the thermodynamics of GHB oxidation to free 
[2-oxoglutarate]/[D-2-hydroxyglutarate] and not free [NAD(P)* /[NAD(P)H].7” 

ADHFel has interesting substrate selectivity, as GHB, D-2-hydroxyglutarate, 
L-3-hydroxybutanoic acid, and L-lactic acid are substrates for the oxidative reaction. 
SSA, 2-oxoglutaric acid, 2-oxoadipic acid, oxaloacetic acid, pyruvic acid, and 2- 
oxobutanoic acid are substrates for the reductive reaction. The substrates are listed 
here in order of decreasing preference (Kaufman et al., 1988; Struys et al., 2005b). 
Although the reaction couple between GHB and SSA presumably proceeds best 
in vitro, it produces no net chemical change. The next best reaction couple is 
GHB/2-oxoglutarate, which is why we assume here that ADHFel in vivo uses 
2-oxoglutarate preferentially to oxidize GHB. The reverse reaction between the 
SSA/D-2-hydroxyglutarate couple can be made to proceed in vitro. However, it is 
very unlikely to occur in vivo, as the modified equilibrium constant probably is 
<_ 1 (Section 11.10) and the concentration of SSA is low (Section 11.12). 


oO 1°] 
Le) A 8 9 
>) Nl 9 Oo 
HO A~A, —“ 
GHB 2-oxoglutaric acid 
ADHFel*NAD* ADHFel*NADH ADHFel*NAD* 
o ° Qo 
e 9 
H+ OAK,2 ovo 
OH 
SSA D-2-hydroxyglutaric acid 


Figure 11.4 ADHFel-catalyzed reaction. The asterisks indicate very tight complexes 
that do not release NAD* or NADH. Substrate-binding steps are implicit. GHB and 
2-oxoglutarate are preferred substrates, but they are not the only substrates. 
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The known substrates differ in the length of the carbon chain, the terminal 
or internal position of the redox site, and the number of carboxylate groups. 
The great diversity in structures suggests that unidentified substrates exist. How- 
ever, 2-hydroxyisovalerate, 3-hydroxyisovalerate, malate, 3-hydroxyglutarate, L-2- 
hydroxyglutarate, lactate, glycolate, and 2-hydroxybutanoic acid are not substrates. 
Ky values for 2-oxoglutaric acid differ up to 70-fold when the enzyme is pre- 
pared from liver, fibroblasts, or kidney (Struys et al., 2005b). A smaller variation 
occurs for SSA (Kaufman et al., 1988). This observation, combined with the exis- 
tence of alternatively spliced mRNAs (above), raises the possibility that different 
organs predominantly express isoforms of ADHFel that have different substrate 
selectivities (and possibly cofactor requirement). 


11.7.3 Poorly Characterized Catabolism of GHB 


Additional pathways for catabolism of GHB do exist, but they are poorly char- 
acterized. When the GHB load in rodents and human beings is large, some of it 
is converted to 2,4-dihydroxybutanoic acid (also known as 3-deoxytetronic acid) 
and 3,4-dihydroxybutanoic acid (also known as 2-deoxytetronic acid) by a- and 
B-hydroxylations, respectively (Figure 11.2; Walkenstein et al., 1964; Lee, 1977; 
Jakobs et al., 1981; Niwa et al., 1982; Vayer et al., 1985b; Brown et al., 1987; 
Vamecq and Poupaert, 1990; Gibson et al., 1998; Shinka et al., 2002, 2003). These 
metabolites are also derived from sugars and fatty acids, so they are not distinc- 
tive for dosing by GHB (http://www.metabolibrary.ca/). Enzymes and subcellular 
compartments that might mediate a- and B-hydroxylations of GHB are discussed 
in Section 11.15. 

An NAD*-dependent GHB dehydrogenase activity has been reported in a crude 
preparation of mitochondria from human SH-SYSY cells (Lyon et al., 2007). 
Unfortunately, the activity was not otherwise characterized. Could it be due to 
an alternatively spliced ADHFel that requires NAD*? 

“NADP*-dependent dehydrogenase” was suggested to catalyze oxidation of 
GHB using tightly coupled reduction of D-glucuronate (Kaufman et al., 1979; 
Kaufman and Nelson, 1991). The name is confusing, as it names an oxidizing 
agent rarely used by the ADH superfamily in vivo (Section 11.10). The reaction 
proposed is similar in concept to obligatorily coupled oxidation of GHB and reduc- 
tion of 2-oxoglutarate catalyzed by ADHFel1. In vitro, p-glucuronate does stimulate 
oxidation of GHB under certain conditions. However, the effect apparently is an 
artifact of optimized conditions that efficiently capture binary NADPt enzyme or 
NADPH-enzyme complexes with GHB or pD-glucuronate, respectively. Under in 
vivo—like conditions for substrate concentrations and pH, bound NADPH has time 
to dissociate and join the pool of free NADPH. Such dissociation couples GHB 
oxidation to free [NADPt]/[NADPH] and not free [p-glucuronate]/[L-gulonate]. 
Ironically, NADP*-dependent dehydrogenase is biosynthetic AKRIA1 discussed 
in Section 11.5.3. Moreover, the suggested coupling between the oxidation of GHB 
and the reduction of D-glucuronate has been tested comprehensively in rats and 
found wanting (Bhattacharya and Boje, 2007). Because critical information was 
not available when it was proposed, the hypothesis should be gently retired. 
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11.8 CHEMISTRY OF GHB AND RELATED METABOLITES 
NOT REQUIRING ENZYMES 


A surprisingly large number of spontaneous reactions affects the stability, enzymatic 
kinetics, equilibrium constants, or subcellular compartmentalization of GHB-related 
compounds and reactions. GHB cyclizes to GBL with elimination of water, and 
GBL hydrolyzes to GHB over a period of several days at pH 2 to form an equilib- 
rium mixture consisting of about one-third GHB and two-thirds GBL (Ciolino et al., 
2001; Perez-Prior et al., 2005). At pH 7.4, the reactions require months to form 
an equilibrium mixture containing 1.5% GBL (Fishbein and Bessman, 1966). They 
are too slow to be of physiological significance, but they can become important 
during long-term storage of urine and blood for forensic analysis. 

At 37°C and neutral pH, SSA covalently hydrates in about 1 min to form an 
equilibrium mixture consisting of approximately equal amounts of the free aldehyde 
and gem-diol (Le Henaff, 1967; Pocker and Dickerson, 1969). Dehydration occurs 
at a similar rate. Enzymes catalyzing reduction or oxidation of SSA act only on the 
free aldehyde (Miller and Pitts, 1967; O’Connor et al., 1999). Thus, dehydration 
can be the rate-limiting step for reduction or oxidation of SSA (Deetz et al., 1984; 
Marchitti et al., 2008). Hydrated SSA is likely to form in vivo primarily when 
newly synthesized SSA must be transported to a different compartment before the 
next covalent change to SSA occurs. This circumstance probably arises during 
biosynthesis of endogenous GHB (Section 11.5.4). 

In tris(hydroxymethyl)aminomethane (Tris) buffer, SSA rapidly forms the 
imine (also known as the Schiff base) (Hauptmann and Gabler, 1968; Ogilvie and 
Whitaker, 1976). In organic solvent and thus possibly in fat droplets of adipocytes, 
SSA rapidly cyclizes to form an equilibrium mixture consisting of about one-third 
4-hydroxybutyrolactone and two-thirds open-chain SSA (Jaeger et al., 2008). 
The cyclization does not occur in water at pH 7. A cyclic trimer of SSA called 
1,3,5-trioxane—2,4,6-tripropanoic acid forms in organic solvent but not in dilute 
aqueous solution (Carriere, 1921). If 4-hydroxy-GBL is formed by cytochrome 
P450—mediated hydroxylation of GBL, it will undergo spontaneous ring opening 
to SSA. The presumed y-hydroxybutyraldehyde intermediate of BD catabolism 
cyclizes in water to form the hemiacetal (Section 11.13.2). 


11.9 EXPERIMENTAL EQUILIBRIUM CONSTANTS FOR REDOX 
REACTIONS OF GHB 


The reactions considered in this section reversibly interconvert GHB and 
SSA. Irreversible oxidations (e.g., to form 2,4-dihydroxybutanoic acid, 3,4- 
dihydroxybutanoic acid, or succinic acid; see Section 11.15) are not considered. 
A reversible reaction exhibits an equilibrium constant that is independent of the 
enzyme used to establish the equilibrium or even whether an appropriate enzyme 
exists. The experimental constant (Keg) obtained from literature sources has been 
adjusted in this section to pH 7.0 to yield a Experimental constants were 
obtained at 25°C and not 37°C, but the temperature effect is small. 
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A Keg value for the reaction catalyzed by bacterial NAD*-dependent GHB 
dehydrogenase in the direction toward SSA has been determined (Nirenberg and 
Jakoby, 1960). Unfortunately, Tris buffer was used, and spontaneous formation of 
the imine made oxidation of GHB much more favorable than it would be in vivo. 
Nevertheless, there is a way to estimate a relevant value. As the structures of 
the alcohol functional groups in GHB and other simple primary alcohols (except 
methanol) are essentially the same as each other, the K., values for oxidation to 
aldehydes by NAD* must be essentially the same. They are available for ethanol, 
3-hydroxypropionate, and 1-butanol in phosphate or pyrophosphate buffer 
(Goldberg et al., 1993). Adjusted to pH 7.0, the values are 9.97 x 10-°,9 x 1079, 
and 9.1 x 107°, respectively, which as expected are essentially the same. Accord- 
ingly, the average value (9.5 x 107>) is assumed for Rey in the NADt-dependent 
oxidation of GHB. Formation of aldehyde hydrate is ignored, as the reaction 
occurs to the same extent for all of these aldehydes and is physiological. Also, the 
reciprocal of Ke for the NAD*-dependent oxidation of GHB gives Kea for the 
NADH-dependent reduction of SSA to GHB, or 1.1 x 104. 

Because the reduction potentials for NADP* and NAD? are essentially the 
same, the Key values for the NADP-dependent reactions are essentially the same 
as for the NAD-dependent reactions, namely 9.5 x 10~° for NADP*-dependent 
oxidation of GHB and 1.1 x 10* for NADPH-dependent reduction of SSA to GHB 
at pH 7.0.7? 

Keg for the reaction between GHB and 2-oxoglutarate catalyzed by ADHFel 
has not been determined. However, the sum of the NAD*-dependent GHB 
dehydrogenase-catalyzed and NAD*-dependent p-2-hydroxyglutarate dehydro- 
genase-catalyzed reactions in opposite directions is the ADHFel-catalyzed 
reaction. Keg for the half-reaction to form D-2-hydroxyglutarate in phosphate 
buffer is 6.8 x 10* (Buckel and Miller, 1987). Ke for the reaction cat- 
alyzed by ADHFel is the product of the constants for the half-reactions, or 
(9.5 x 107>)(6.8 x 10+) = 6.5. The prime in Kn is not strictly needed because 
the equilibrium is independent of pH. For simplicity of nomenclature it will be 
retained. 

Key for this reaction can also be calculated using published Michaelis—Menten 
parameters and the Haldane relationship for a two-substrate, two-product 
enzyme (Ko = Vimaxforward K Mproduct! KMproduct2 / Vmaxreverse K Msubstrate! KMsubstrate2)- 
For ADHFel from human liver, the estimate is 7.5, and for ADHFel from rat 
kidney, it is 12 (Kaufman et al., 1988; Struys et al., 2005b). All three of the 
values calculated are reassuringly similar. The average of 8.7 is taken here for Ke, 
in the ADHFe! reaction. 


11.10 ESTIMATED EQUILIBRIUM CONSTANTS FOR REDOX 
REACTIONS OF GHB IN VIVO 


This section incorporates into Ka expressions the pH and [oxidant]/[reductant] 
values found in vivo. The resulting numbers are modified equilibrium constants 
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that predict [SSA].q/[GHB]eq values for cytosolic and mitochondrial compart- 
ments. They differ >10!°-fold, depending on the direction of reaction, type of 
oxidant or reductant, and the subcellular compartment. The values are instructive 
in determining which class of redox enzyme in which compartment can function 
at a particular metabolic step. Modified equilibrium constants do not inform 
among isozymes utilizing the same [oxidant] and [reductant] reaction couple, 
however. 

In mitochondrial matrix, pH = 7.7, free [NAD*]/[NADH] ~ 7.7 (coinci- 
dentally the same number as the pH), and free [NADP*|/[NADPH] ~ 12.°° 
In cytosol, the values are pH = 7.4, free [NAD*]/[NADH] ~ 1164, and free 
[NADP*]/[NADPH] ~ 0.014 (Veech et al., 1969; Zhang et al., 2002; Balut 
et al., 2008). Free [NADt]/[NADH] and free [NADP*]/[NADPH] exclude 
enzyme-bound forms, which substantially exceed the free forms and distort many 
published ratios. The uncertainty in the ratios is about twofold, which in the 
current discussion is small (Lin and Guarente, 2003). Moreover, dosing of rats 
with GHB does not affect cytosolic [NAD*]/[NADH] or [NADPT* ]/[NADPH], 
although minor alkalosis occurs (MacMillan, 1979). Thus, metabolic homeostasis 
is nearly maintained. Although extensive analyses of NAD and NADP levels in 
different organs are not available, mitochondrial redox states in normal brain, heart, 
kidney, liver, and testis are similar to each other (Mayevsky and Chance, 2007). 
Published values for pH, free [NAD*]/[NADH], and free [NADP |/[NADPH] 
in cytosol and mitochondrial matrix should be applicable to all major organs. 
Adjustment of Ke values to incorporate pH, free [NAD*]/[NADH], and free 
[NADP*]/[NADPH] yields K™!°, K°°, Km, and Koy'°>! values in the reducing 
or oxidizing direction in mitochondrial matrix or cytosol (each as indicated) 
(Table 11.4). No reversible GHB metabolism is known to occur in other subcellular 
compartments. 

Reactions catalyzed by NAD*-dependent ADHs are addressed first. For oxida- 
tion of GHB, Bas =~ 3.7 x 1073 and KS)’ © 2.8 x 107!. The reaction is unfa- 
vorable in both compartments, but not so unfavorable that similar reactions do not 
occur. For example, NAD?™ oxidizes malate to oxaloacetate in the mitochondrial 
matrix (ko ~ 4 x 1074, or about 10-fold smaller than estimated here for GHB) 
and NAD? oxidizes ethanol to acetaldehyde in cytosol in ~2.8x 107!, or 
equal to that estimated here for GHB). It is clear that NAD* could oxidize GHB 
in both cytosol and mitochondrial matrix. Whether it does depends on additional 
factors discussed in Sections 11.11 and 11.15. 

The reciprocals of the constants for oxidation of GHB by NAD* give the con- 
stants for reduction of SSA by NADH. They are go ~ 2.7 x 10° and jon x 
3.6 x 10° = 3.6. The reaction is favorable in both compartments. However, of six 
human ADH isozymes that have been tested in vitro under conditions even more 
favorable to reduction than exist in vivo, none catalyzes the reduction of SSA 
(Deetz et al., 1984). Why? Apparently, none of the isozymes forms a productive 
complex with SSA. Also, no other well-documented mammalian NADH-dependent 
ADH reduces SSA. Not only must the modified equilibrium constant be acceptable 
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TABLE 11.4 Modified Equilibrium Constants for Reactions Interconverting GHB 
and Succinic Semialdehyde* 














Reduction Reaction Enzyme? ee ah 

SSA + NADH + Ht © NAD*-dependent GHB 27x10? 3.6x 10° 
GHB + NAD* dehydrogenase (reverse) 

SSA + NADPH + Ht @ SSA reductase 18x10? 1.5 x 10° 
GHB + NADPt 

Oxidation Reaction Enzyme Kwito Ko 

GHB + NAD* = NAD*-dependent GHB 3.7x 10-3 2.8 x 107! 
SSA + NADH + Ht dehydrogenase 

GHB + NADPt ~ NADP*-dependent GHB 5.7% 10 6.710% 
SSA + NADPH + H* dehydrogenase or SSA 

reductase (reverse) 
GHB + 2-oxoglutarate <> 2-Oxoglutarate-dependent > 8.7° - 


SSA+ D-2-hydroxyglutarate GHB transhydrogenase 


“All equilibrium constants are unitless. The experimentally determined, pH-independent, overall 
equilibrium constant at 25°C from the literature was adjusted to pH 7.0 (footnote 28). Then the 
constants were adjusted to mitochondrial and cytoplasmic conditions to give Kio, KON, Kmito, and 
K&° in the reducing and oxidizing directions, respectively, by the reductant and oxidant couple 
indicated (footnote 31). The values apply to most or all organs. Values less than 10~+ probably 
cannot support metabolism in the direction written, and values greater than 10* probably produce 
irreversible reaction (Section 11.4.5). 

>The enzyme names are phenomenological descriptions and not assigned isozyme names. 

°This value is a lower boundary based on [2-oxoglutarate]/[D-2-hydroxyglutarate] > 1. The actual 
value probably is > 870 (Section 11.10). 


in vivo, but an isozyme that binds SSA productively must exist for the reaction to 
occur. 

Reactions catalyzed by AKRs are addressed next. For reduction of SSA and 
other simple aldehydes by NADPH, K,@!° ~ 1.8 x 10? and K-° © 1.5 x 10°. The 
reaction is strongly favorable in both compartments. Cytosolic reduction probably 
is irreversible, as Ko is well above the threshold of 10* for irreversibility (Section 
11.4.5)! But is a human AKR known that catalyzes this reaction? Yes, AKRIAI 
and AKR7A2 do so (Section 11.5.3). 

The reciprocals of | oa and x for AKRs give the constants for oxidation 
of GHB and other simple alcohols by NADP*. They are K™° = 5.7 x 1073 and 
ke =~ 6.7 x 10~°. The reaction is unfavorable in both compartments. Neverthe- 
less, as ce is © 10-fold more favorable than for oxidation of malate (although 
by NAD*), oxidation of GHB by NADP* in mitochondrial matrix probably could 
occur. Whether it does occur depends on additional factors discussed in Section 
11.11. In contrast, NADP*t-dependent oxidation of GHB in cytosol is nearly 1000- 
fold less favorable than in mitochondrial matrix and well below the 10~* threshold 
for function (Section 11.4.5). Cytosolic NADPt-dependent GHB dehydrogenase 


has very little chance of functioning in vivo. 
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The oxidation of GHB by 2-oxoglutarate catalyzed by ADHFel in mitochon- 
drial matrix is addressed next. Free [2-oxoglutarate]/[D-2-hydroxyglutarate] con- 
trols Ko The ratio is not known. Nevertheless, a useful boundary on its value 
can be set. FAD-dependent (not NAD*-dependent) p-2-hydroxyglutarate dehy- 
drogenase is present in human and rat mitochondrial inner membrane facing the 
matrix (Rzem et al., 2004). Mutations in the gene lead to a human disorder called 
p-2-hydroxyglutaric aciduria, which presents with up to 30-fold increase in the 
concentration of D-2-hydroxyglutarate in urine (Struys, 2006; Wickenhagen et al., 
2009). The phenotype tells us that FAD-dependent p-2-hydroxyglutarate dehydro- 
genase controls free [2-oxoglutarate]/[D-2-hydroxyglutarate]. Moreover, the ratio 
in normal people is > 1, as otherwise a reservoir of 2-oxoglutarate sufficient to 
produce the observed large increase in [D-2-hydroxyglutarate] when the dehydro- 
genase is blocked would not exist. The physiological observations are consistent 
with biochemical determinations that oxidations by FAD-dependent ADHs are 
> 100-fold more favorable than oxidations by NAD*-dependent ADHs (Gold- 
berg and Alberty, 2008). Because [2-oxoglutarate]/[D-2-hydroxyglutarate] surely 
is > 1,K™ for ADHFel surely is > 8.7, and it probably is > 870 (Table 11.4). 
Thus, the reaction of GHB with 2-oxoglutarate catalyzed by ADHFe1! probably is 
very favorable in vivo. However, it is reversible in vitro (Section 11.7.2). 

If isoforms of ADHFel exist that prefer an oxidant other than 2-oxoglutarate 
or are present in cytoplasm, perhaps as a result of alternative splicing of the 
mRNA (Section 11.7.2), the calculation just presented could change. Reduction 
of SSA catalyzed by ADHFel! in vivo has not been proposed, and as already indi- 
cated, it is very unlikely to occur due to a low SSA concentration. It will not be 
addressed. 


11.11. DIFFERENT PERSPECTIVES ON TURNOVER 
OF ENDOGENOUS GHB ARE CONSISTENT 


Cytosolic reduction of SSA to GHB catalyzed by NADPH-dependent AKRs, and 
oxidation of GHB to SSA in mitochondrial matrix catalyzed by ADHFel, are 
strongly favored among reactions interconverting SSA and GHB. This conclu- 
sion is consistent with most of what is known about substrate selectivity by AKR 
and ADH isozymes, subcellular distributions of isozymes, and the presence of 
MCTs in mitochondrial inner membrane. If one hypothesizes that transport of SSA 
out of mitochondrial matrix is rate limiting for biosynthesis of endogenous GHB, 
and transport of GHB into mitochondrial matrix is rate limiting for degradation 
of exogenous but not endogenous GHB, a generally consistent picture emerges. 
Endogenous GHB is made by excess AKRIAI and AKR7A2 activity in cytosol. 
Because its concentration is low, cycling endogenous GHB probably is degraded 
almost entirely by ADHFel1. In contrast, exogenous GHB probably saturates mito- 
chondrial uptake and/or ADHFe1 activity. Under these conditions, other pathways 
for catabolism of GHB set in, as evidenced by the formation of products other than 
SSA. Several possible alternative catabolic pathways are discussed in Section 11.15. 
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11.12 DISPOSITION OF SUCCINIC SEMIALDEHYDE 


Most SSA is irreversibly and rapidly oxidized to succinate by SSA dehydrogenase 
in mitochondrial matrix (Ryzlak and Pietruszko, 1988).*2 GABA aminotransferase, 
which in the absence of ingested GHB or GHB prodrug makes most and perhaps all 
SSA, might form a complex with SSA dehydrogenase (Hearl and Churchich, 1984). 
Such a complex could allow most newly made SSA to be transferred directly into 
the active site of SSA dehydrogenase without dissociation into free solution. In this 
event, escape from channeling would be required for export of GABA-derived SSA 
from mitochondria (Section 11.5.2). The idea is untested, but such an escape could 
be the rate-limiting step in GHB biosynthesis and a regulatory control point. More 
should be learned about the reported complex between GABA aminotransferase 
and SSA dehydrogenase. 

Even though the selectivity of ALDH isozymes for SSA has not been stud- 
ied systematically, ALDH5A1 can be assigned to SSA dehydrogenase activity 
in vivo (Marchitti et al., 2008). The primary reason is that rare genetic defects 
map to the ALDHSA1 gene in human beings, cause GHB aciduria, and block 
SSA dehydrogenase activity (Knerr et al., 2007; Malaspina et al., 2009). The 
enzyme has been expressed in E. coli, purified to homogeneity, and character- 
ized as a soluble homotetramer of 58 kDa monomers 544 residues long (Kang 
et al., 2005). It strongly prefers NAD* over NADP*, and the Ky value for SSA is 
~6 M. The protein and mRNA are present in essentially all organs at levels that 
correlate approximately with those for GABA transaminase, which is consistent 
with the possible existence of substrate channeling between GABA transaminase 
and ALDHSA1 (Miller and Pitts, 1967; Chambliss et al., 1995a,b; Tillakaratne 
et al., 1995; http://www.ncbi.nlm.nih.gov/IEB/Research/Acembly/). Two isoforms 
of ALDHSA1 presumably exist, although they have not been observed directly, 
as alternative splicing in the coding region of the mRNA occurs (Blasi et al., 
2002). Both isoforms are predicted to contain N-terminal mitochondrial targeting 
sequences (Claros and Vincens, 1996). Succinate resulting from ALDHS5A1 activity 
enters the tricarboxylic acid cycle for final disposition, which includes conversion 
to a-amino acids and CO, (Figure 11.2). 

Mice carrying deletion of the orthologous gene (Aldh5Sal) have been created as 
a model for human GHB aciduria (Hogema et al., 2001; Pearl et al., 2009). The 
block causes levels of GHB and GABA in urine and organ extracts to increase as 
much as about 20- and threefold, respectively (Gibson et al., 2002; Gupta et al., 
2004; Chowdhury et al., 2007). The different percent increases support the notion 
that different GHB/GABA ratios can arise from causes not related to the existence 
of a GABA-independent pathway to endogenous GHB (Section 11.5.5). Metabolic 
profiles of people and mice lacking ALDHSAI activity are similar to those of 
genetically normal people who ingest large amounts of GHB (Brown et al., 1987; 
Gibson et al., 1997; Shinka et al., 2002, 2003; Struys et al., 2006a,b; Sauer et al., 
2007). 

Human beings and mice lacking SSA dehydrogenase activity produce a small 
amount of 4,5-dihydroxyhexanoic acid and its y-lactone [both compounds occur as 
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(4R,5R) and (45, 5R) stereoisomers] (Brown et al., 1987; Gibson et al., 2002). The 
reaction probably occurs by condensation of SSA with the nucleophilic thiamine- 
bound acetyl intermediate created by pyruvate decarboxylase in the pyruvate dehy- 
drogenase complex (Shaw and Westerfeld, 1968; Brown et al., 1987). Resulting 
5-oxo-4-hydroxyhexanoic acid [in a mixture of (4R) and (4S)] could then be 
reduced by an AKR at the 5-oxo center. Spontaneous cyclization would produce 
the y-lactone. The condensates are not found in baboons acutely dosed with GHB, 
however, which suggests that they might not be satisfactory markers for acute dos- 
ing of people (Struys et al., 2006b). Moreover, the y-lactone, which is also known 
as solerole, is found in many foods and beverages, further indicating that these 
compounds are not satisfactory markers for GHB dosing (Krajewski et al., 1995; 
Aubert et al., 2003; Rocha et al., 2005). 

The atomic-resolution structure of human ALDH5S5A1 has been obtained (Kim 
et al., 2009). The enzyme is controlled by redox modulation. It is active when two 
cysteine residues in the active site are reduced and is inactive when the cysteines are 
oxidized to the disulfide. Reactive oxygen species such as H2O2 cause formation of 
the disulfide. This phenomenon links GHB catabolism to other oxidative physiology 
(Mamelak, 2007). GABAa and NMDA receptors are regulated by redox modulation 
as well, thereby creating the potential for high-order physiological synergism from 
abuse of GHB, flunitrazepam, ketamine, and ethanol (Pan et al., 2000; Ikonomidou 
et al., 2000)! Indeed, GHB recently was shown to increase oxidative stress in vivo 
by decreasing defenses to oxidative insults (Sgaravatti et al., 2007, 2009). 


11.13 CONVERSION OF PRODRUGS TO GHB AND 
RELATED METABOLITES 


11.13.1  y-Butyrolactone 


Exogenous GBL is rapidly converted to GHB in human beings, baboons, cats, 
and rodents (Roth and Giarman, 1966; Richard et al., 2005; Lenz et al., 2008, 
Goodwin et al., 2009). It is thus a prodrug that is hydrolyzed by y-lactonase present 
primarily in blood and liver (Figure 11.2; Ingels et al., 2000; Teiber et al., 2003; 
Draganov et al., 2005). There are three y-lactonase isozymes in human beings, 
but GBL is hydrolyzed overwhelmingly by y-lactonase 1 in vitro (Billecke et al., 
2000). The enzyme is very nonselective and targets many xenobiotic compounds, 
as it hydrolyzes phosphotriesters, aryl carboxylate esters, carbonates, and lactones. 
There is very little y-lactonase activity in hen, rat, and rabbit brains (Monroy- 
Noyola et al., 2007). The low activity in brain, combined with the good ability 
of low-polarity GBL to permeate membranes nonspecifically (Section 11.14) and 
pass into the periphery (Sgaragli and Zilletti, 1970; Abraham et al., 1995), probably 
explains why GBL injected into a cerebral ventricle has no behavioral effect in cat, 
rabbit, and rat (Gessa et al., 1967; Carter et al., 2006a). 

GBL is predicted by a computer-based, expert toxicological system to undergo 
hydroxylations by cytochrome P450 to give 3-hydroxy-GBL and 4-hydroxy-GBL 
(Rosenkranz, 2001). Although not tested, both of these compounds probably 
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would be hydrolyzed by a y-lactonase. Also, 4-hydroxy-GBL will undergo 
spontaneous ring opening to SSA. Hydrolysis of 3-hydroxy-GBL produces 
3,4-dihydroxybutanoic acid, which is made as well by B-oxidation of GHB and 
metabolism of carbohydrates and fatty acids. It would be of interest to determine 
whether 3,4-dihydroxybutanoic acid arising from GBL and exogenous GHB 
differs in chirality from 3,4-dihydroxybutanoic acid arising from carbohydrates 
and fatty acids (Sakata, 1990). 


11.13.2 1,4-Butanediol 


Similar to GBL, exogenous BD is rapidly converted to GHB in human beings, 
rodents, and baboons. It thus is a prodrug (Figure 11.2; Maxwell and Roth, 1972; 
Vree et al., 1978; Poldrugo and Snead, 1984; Snead et al., 1989; Ingels et al., 2000; 
Richard et al., 2005; Irwin, 2006; Kapadia et al., 2007; Goodwin et al., 2009). 
Metabolism of BD in the periphery is inhibited by pyrazole and 4-methylpyrazole, 
which are inhibitors of many Zn2+ -dependent ADHs (Bessman and McCabe, 1972; 
Quang et al., 2004; Carai et al., 2006). Partially purified ADHs, probably contain- 
ing mixtures of isozymes obtained from human and horse livers, oxidize BD in 
vitro (Pietruszko et al., 1978). In contrast, metabolism of BD injected into a cere- 
bral ventricle of rat is not inhibited by pyrazole (Poldrugo and Snead, 1986; Snead 
et al., 1989). Ethanol competitively inhibits BD metabolism in both the periph- 
ery and brain. The findings suggest that BD is metabolized by (1) ADH in the 
periphery, similarly to ethanol, and (2) a non-ADH pathway in brain that ethanol 
also follows (Gerak et al., 2004; Nishimura and Naito, 2005). As 4-methylpyrazole 
blocks the behavioral effects of peripherally administered BD in mice, most BD 
metabolism occurs in the periphery (Carai et al., 2002; Quang et al., 2002). The 
metabolic competition between BD and ethanol has been simulated numerically, 
and metabolism of BD has been shown to be capacity limited (Fung et al., 2008). 
A weak correlation between slower metabolism of BD in human beings and a 
common allele of ADH1B has been reported (Thai et al., 2007).*? Nevertheless, 
no compelling evidence supports assignment of BD dehydrogenase to a particular 
ADH isozyme. A moderate rate of conversion of BD to GHB in brain, combined 
with the good ability of low-polarity BD to permeate membranes nonspecifically 
(Section 11.14) and pass into the periphery (Abraham et al., 1995), probably 
explains why BD injected into a cerebral ventricle has no behavioral effect in rat 
(Carter et al., 2006a). 

The first step in conversion of BD to GHB, no matter what the enzymatic 
mechanism, presumably produces y-hydroxybutyraldehyde. About 86% of this 
compound spontaneously cyclizes in aqueous solution to the hemiacetal called 
2-hydroxytetrahydrofuran (Hurd and Saunders, 1952). However, neither the open- 
chain nor the hemiacetal form has been identified in human beings or rodents. A 
search for these compounds, or a distinctive condensate of them (as occurs for SSA, 
Section 11.12), could be rewarding. Such a metabolite might be more metabolically 
stable than are BD and GHB and serve as an indicator of dosing after BD has dis- 
appeared from blood and urine. The open-chain form of y-hydroxybutyraldehyde 
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is probably oxidized to GHB by an ALDH, as the ALDH inhibitor disulfiram 
partially blocks the behavioral effects of BD in mice (Carai et al., 2002). The 
cyclized hemiacetal form could be oxidized to GBL, but whether this occurs 
in vivo (e.g., catalyzed by a cytochrome P450 or catalase; see Section 15) is 
not known. 


11.14 SUBCELLULAR COMPARTMENTALIZATION OF 
GHB-RELATED COMPOUNDS 


The logarithm to the base 10 of the distribution coefficient D (log D) measures par- 
titioning of a compound between octanol and water at a given pH and 25°C. At a pH 
of about 7, the GHB-related compounds GABA, SSA, GHB, 2,4-dihydroxybutanoic 
acid, 3,4-dihydroxybutanoic acid, and 4,5-dihydroxyhexanoic acid each carry one 
or two electrical charges, and they have — log D values of > 2.65 (Table 11.5). In 
vivo these compounds are subject to compartmentalization controlled by membrane 
transporters. This restriction in turn means that only certain isozymes can access 
the compounds. 

In contrast, ingested GHB is exposed to intragastric pH between | and 4, depend- 
ing on the person, time of day, and presence or absence of food in the stomach (van 
Herwaarden et al., 1999). Because its pK, value is 4.72, GHB is predominantly 
protonated and uncharged while it is in the stomach (Tao et al., 2008). Protonated 
GHB has a — log D = 0.70, which is 200-fold less polar than unprotonated GHB 
is (Table 11.5). This value approaches that for ethanol (— log D = 0.19), which the 
stomach absorbs nonspecifically (Levitt et al., 1997). Thus, the stomach probably 
absorbs some ingested GHB nonspecifically. Ingested GHB is not exposed to the 
acid in the stomach long enough to cyclize to GBL (Sections 11.6.1 and 11.8). 


TABLE 11.5 Octanol—Water Partition Coefficients 


GHB Related — log D¢ Prodrug Related — log D*¢ 
GABA 3.14 GBL 0.76 
SSA 2.65 BD 1.02 
GHB 3.01, 0.70* 4-Hydroxybutyraldehyde 0.57 
2,4-Dihydroxybutanoate 4.18 2-Hydroxytetrahydrofuran? 0.93 
3,4-Dihydroxybutanoate 4.79 

4,5-Dihydroxyhexanoate 3.63 


“-Log D values are for pH 7 and 25°C, except for the GHB value marked with *, which applies to pH 
1-3 (GHB is mostly protonated and uncharged in this pH range in the stomach). The acids are named 
to indicate they are charged. Estimates were done by SciFinder Scholar with Advanced Chemistry 
Development (ACD/Labs) Software V8.14 for Solaris. Larger positive values mean less solubility 
in octanol, which correlates approximately with less nonspecific permeation through membranes. 
Compare these values with the values for ethanol (0.19) and acetaldehyde (0.16), which quickly and 
nonspecifically permeate biological membranes by partitioning into and across the lipid bilayer. 
>Cyclized 4-hydroxybutyraldehyde in the hemiacetal form. 
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GBL, BD, and the probable BD metabolites 4-hydroxybutyraldehyde and 
2-hydroxytetrahydrofuran are uncharged and have small —logD values at all 
physiological values of pH (Table 11.5). These molecules probably permeate 
membranes nonspecifically (Roth and Giarman, 1966; Lenz et al., 2008). BD 
has been shown to permeate barrier epithelia resistant to polar but uncharged 
molecules (Wright and Pietras, 1974). Thus, ingested GBL and BD are absorbed 
rapidly and efficiently by the stomach (Arena and Fung, 1980; Perez-Prior et al., 
2005; Thai et al., 2007; Fung et al., 2008; Hicks and Varner, 2008; Goodwin 
et al., 2009). Poor compartmentalization is especially relevant to BD, which 
consequently has access to many, perhaps all, isozymes that could act on it during 
its presumed two-step conversion to GHB (Section 11.13.2). 


11.15 COMPARATIVE CATABOLISM OF ETHANOL, 
1,4-BUTANEDIOL, FATTY ACIDS, AND GHB 


Most ethanol consumed by human beings is catabolized in the stomach and liver, 
which use primarily NAD*-dependent cytosolic ADH1B and ADHIC for the initial 
step to acetaldehyde (Lee et al., 2006). However, these organs also use hydrogen 
peroxide (H2O2)-dependent catalase located in peroxisomal matrix and NADPH- 
and oxygen (O2)-dependent cytochrome P450 2E1 located on the cytosolic face of 
smooth endoplasmic reticulum for the initial step to acetaldehyde. Some ethanol 
is catabolized by the brain, which uses primarily catalase and cytochrome P450 
2E1 (Zimatkin et al., 2006; Hipolito et al., 2007). In the catalase reaction, H2O2 is 
reduced to two water molecules as the alcohol group is oxidized to the aldehyde 
group. In the cytochrome P450 reaction, one of the O atoms from O) attacks Cl 
of ethanol to form hydrated acetaldehyde, and the other O atom is reduced to H2O 
by NADPH. These reactions are irreversible. Human beings have one gene for 
catalase but > 58 genes for cytochrome P450s. Overall, human beings use three 
types of enzymatic reactions to oxidize ethanol to acetaldehyde. The prominence 
of each type depends on the organ, and due to different Ky values, probably the 
dose of ethanol. Does similar parallelism occur in the catabolism of BD and GHB? 

Observations presented in Section 11.13.2 strongly suggest that metabolism of 
BD in the periphery and brain proceeds along the same pathways that ethanol 
uses. Consistent with this hypothesis, BD is oxidized in vitro to formaldehyde 
and uncharacterized products by cytochrome P450 in rat liver microsomes (Cle- 
jan and Cederbaum, 1992),34 The BD isomer 2,3-butandiol is oxidized in vitro 
to 3-hydroxy-2-butanone by catalase (Magner and Klibanov, 1995). Unidentified 
isozymes of NADt-dependent ADH also act on BD in vitro (Section 11.13.2). 
Thus, all three types of enzymes acting on ethanol in human beings also act on 
BD or BD isomer in vitro. 

Similar studies should be carried out on GHB, which can be conceptu- 
alized as either a primary alcohol such as ethanol or a small fatty acid. As 
a primary alcohol, catalase and cytochrome P450 could convert GHB to 
SSA. As a fatty acid, catalase and cytochrome P450 could convert GHB to 
2,4-dihydroxybutanoic acid by a-hydroxylation (Poulos et al., 1993; Alderson 
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et al., 2004; http://pfam.sanger.ac.uk/family?acc=PF00067). Also as a fatty acid, 
mitochondria and peroxisomes could convert GHB to 3,4-dihydroxybutanoic acid 
by B-hydroxylation (Visser et al., 2007). In addition, a cytochrome P450 might 
convert GHB to SSA by w-oxidation (Orrenius, 1969). As discussed in Section 
11.7.3, large amounts of 2,4-dihydroxybutanoic acid and 3,4-dihydroxybutanoic 
acid, respectively, are formed after dosing by GHB. No in vitro test of whether 
catalase or cytochrome P450 acts on GHB has been reported. However, GHB 
competitively inhibits demethylation of N -nitrosodimethylamine by rat cytochrome 
P450 2E1 with an ICso value of 1.4 mM, which implies that it probably is 
bound to the active site (Wang et al., 1995). The ICso value is similar to the 
concentrations of GHB reached during dosing. 

Overall, there are ample hints that exogenous BD and GHB follow multiple 
catabolic pathways in human beings. It would be of great interest to characterize 
them systematically in vitro and in vivo. GBL probably will follow GHB pathways, 
as it is rapidly hydrolyzed in vivo (Section 11.13.1). 


11.16 CATABOLISM OF MDMA, FLUNITRAZEPAM, AND KETAMINE 


Because MDMA, flunitrazepam, and ketamine are not natural compounds, there are 
no biosynthetic pathways for them. The constraints of a metabolic network do not 
apply (Section 11.4.5). Even the Haldane relationship does not apply, as most of the 
steps are irreversible and do not have a Keg. For MDMA the major end metabolite 
is 4-hydroxy-3-methoxymethamphetamine sulfate ester, for flunitrazepam it is 7- 
aminoflunitrazepam, and for ketamine it is norketamine (Figure 11.1) (Feng et al., 
2007). 


11.17 DETECTION OF DATE-RAPE DRUGS 


11.17.1. Compounds Diagnostic for Dosing by Synthetic 
Date-Rape Drugs 


Because MDMA, flunitrazepam, and ketamine, and their metabolites are not part of 
natural metabolism, the presence of any one of them in a physiological sample is 
per se evidence for ingestion of the drug. However, as flunitrazepam and ketamine 
are used occasionally in medicine, evidence of dosing is not necessarily evidence 
of drug-assisted sexual assault or self-abuse. The context must be considered in 
reaching a conclusion. 


11.17.2 Compounds Diagnostic for Dosing by GHB 


p-2-hydroxyglutaric acid, 4,5-dihydroxyhexanoic acid, and SSA have strong, direct 
metabolic links to GHB (Figure 11.2; Sections 11.7.2 and 11.12). Nevertheless, 
none of these metabolites currently is a good marker of dosing, as the endoge- 
nous levels in undosed human beings are only partially characterized. Variance in 
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endogenous levels of 2,4-dihydroxybutanoic acid and 3,4-dihydroxybutanoic acid, 
and of their breakdown products (formic acid, 3-hydroxypropanoic acid, glycolic 
acid, and acetic acid), is very large because of person-to-person differences in 
metabolism and diet. Elevated levels provide little evidence for dosing by GHB 
(Chalmers et al., 1976). GBL and BD are excreted at detectable levels only if they 
per se have been ingested and not after GHB has been ingested (McCusker et al., 
1999; Blanchet et al., 2002; Lora-Tamayo et al., 2003; Wood et al., 2004; Shima 
et al., 2005).* 

The amount of GHB present in blood and urine taken from undosed normal 
people has been comprehensively characterized, and it is always less than 5 and 
10 g/mL, respectively (Elliott, 2003; LeBeau et al., 2006). Persons suffering 
from uncontrolled diabetes excrete large amounts of the GHB isomers a- and B- 
hydroxybutanoic acid, but they excrete no excess GHB (Shima et al., 2005). Persons 
suffering from SSA dehydrogenase deficiency excrete large amounts of the GHB, 
but the frequency of this disorder is so low that it can be ignored in testing of the 
public for dosing (Koelker et al., 2008). Even though 96 to 99% of ingested GHB 
or prodrug typically undergoes catabolism, the current best physiological marker 
for dosing by these substances is a value of GHB above 5 or 10 j1g/mL in serum 
or urine, respectively (Villain et al., 2003; Yeatman and Reid, 2003; Crookes et al., 
2004; Kasprzak et al., 2006; LeBeau et al., 2006). As discussed above for other 
date-rape drugs, evidence of dosing is not necessarily evidence for drug-assisted 
sexual assault or self-abuse, as GHB is occasionally used in medicine. The context 
must be considered. 


11.17.3 Gold-Standard Testing 


Most regional forensic laboratories and many large clinical laboratories conduct 
gold-standard tests for date-rape drugs and their metabolites. Such tests include, 
but are not limited to, such techniques as spiking of a urine sample with deuter- 
ated drug or metabolite, extraction into organic solvent, chemical derivatization 
to improve physical properties, high-performance liquid or gas chromatography 
to reduce background signals, and mass spectrometry to quantitate isotope dilu- 
tion (Kastrissios et al., 2005; Rendle, 2005; de Oliveira et al., 2007; Kraemer and 
Paul, 2007; Langman, 2007; Maurer, 2007; Musshoff and Madea, 2007a,b; Piz- 
zolato et al., 2007; Pragst, 2007; Samyn et al., 2007; Smith et al., 2007; Snow, 
2007; Tagliaro et al., 2007; de Paoli and Bell, 2008; Gong et al., 2008). Such 
sophisticated methods can provide superior sensitivity as well as quantitative and 
unambiguous results that constitute evidence of dosing suitable to systems of jus- 
tice. However, the certitude that these methods provide is gained at high cost. 
Expensive instrumentation, highly trained persons to maintain the instruments and 
perform the tests, relatively slow turnaround, and substantial operating costs are 
characteristic. For these reasons, gold-standard testing must be strongly justified by 
circumstances. It is usually not used for routine screening and not available outside 
high-end laboratories. 
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11.17.4 Many Applications for Reliable Field Tests 


Rapid, reliable, inexpensive, and semiquantitative testing by responsible principals 
could clarify many situations in which illicit drugs are suspected. Such test results 
assist in making rapid decisions and taking immediate appropriate action. The 
principals include staff persons working in hospitals and medical clinics, narcotics 
enforcement, prisons, and probation departments. The public also has an interest in 
reliable and easy detection of illicit drugs in bars, schools, and households. These 
and similar circumstances are termed “field” situations in this chapter to distinguish 
them from laboratory situations. 

An international panel has recommended that at least two uncorrelated test meth- 
ods be used to document presence of an illicit drug when the evidence is to be 
presented to a judicial system. The result of a validated field test can qualify for 
one of the methods if it is supported by the result from a gold standard, category 
A test (Santos, 2007). An opportunity for synergism exists here, as gold-standard 
testing can be made to be faster, more efficient, and less expensive by targeting 
the illicit drug putatively identified in a field test (Cone and Huestis, 2007; Peters, 
2007). 


11.17.5 Hospital Emergency Department Example 


Because their molecular mechanisms of action are generally different, each agent 
causes some distinctive symptoms after an overdose. However, when agents are 
co-ingested, as often occurs, mixed symptoms are produced (Ricaurte and McCann, 
2005; Wu et al., 2006; Van Sassenbroeck et al., 2007; Munir et al., 2008). A medical 
doctor can find it difficult to reach a correct diagnosis based on symptoms and oral 
history alone when dealing with possible polydosing (Bjornaas et al., 2006; Liechti 
et al., 2006; Devlin and Henry, 2008). 

A hypothetical scenario that illustrates the need for both field and gold-standard 
testing is the following. A disheveled and comatose woman is brought into a 
hospital emergency department by a friend who does not know what happened. 
Staff members are aware that recent cases of sexual assault in the city involved 
date-rape drugs, and they want to test immediately for candidate drugs and ethanol. 
Rapid discovery of specific agents has many benefits. A correct diagnosis would 
be more likely, and appropriate treatment could be selected quickly. Expensive 
and unnecessary tests for head trauma, metabolic disorders, central nervous system 
infection, and increased intracranial pressure might be avoided. Also, physiological 
samples could be collected and preserved for gold-standard testing if warranted: 
for example, when sexual assault was suspected (Zvosec et al., 2007). Field and 
gold-standard testing are not competitive; they are complementary. 

Rapid tests for ethanol are available, of course. Field tests based on antibody 
recognition of MDMA, ketamine, flunitrazepam, and other date-rape drugs are also 
available. They require 10 to 20 min to complete (Kunsman et al., 1996; Salamone 
and Tsai, 2002; Negrusz et al., 2005), and many suppliers are available (http://www. 
varianinc.com/cgi-bin/nav?products/dat/index&cid=KJOQJOKKFJ; http://www.bio 
compare.com/jump/2831/Immunoassays.html). Antibody test kits typically are 
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cross-reactive for the major metabolites of a drug. The ketamine kit, for example, 
picks up both ketamine and norketamine. Cross-reactivity for the metabolites 
extends the window of time available for detection of dosing, as metabolites can 
linger in persons longer than the original drug does. 

Unfortunately, no reliable field test for GHB is currently available. Purported 
tests exist, but they are very insensitive, based on unreliable or poorly selective 
chemistry, or require unrealistically ideal conditions. They should not be used by a 
responsible principal (Meyers and Almirall, 2004; Grossman et al., 2005; Beynon 
et al., 2006; Child and Child, 2007; Quest and Horsley, 2007). A sensitive and 
reliable field test for GHB is described in Section 11.20.3. 


11.17.6 Preparation of a Sample for Delayed Analysis 


If a physiological fluid is to be tested for a date-rape drug, it should be obtained 
as soon as possible after a suspected incident, as any drug will be subject to 
metabolism and excretion (Kastrissios et al., 2005; Drummer, 2007). However, for 
many reasons that include short-term amnesia caused by the drug, victims often 
do not report suspected assault until one or more days after an incident. A victim 
usually will have ingested only a single dose of the drug. The combination of a 
single dose and significant delay before the report greatly increases the sensitivity 
required to detect dosing. If testing is to be done days to months after sampling, 
such as often occurs for gold-standard analysis, the sample must be stored properly 
to avoid degradation, sequestration, or artifactual generation of analyte (El Mahjoub 
and Staub, 2000; Clauwaert et al., 2001; Hijazi et al., 2001; Elliott et al., 2004; 
Holmgren et al., 2004; Berankova et al., 2006; LeBeau et al., 2007; Saude and 
Sykes, 2007). When a physiological fluid is prepared properly and stored no more 
than several days in a refrigerator, large errors generally do not occur. However, 
“proper” depends on both the matrix and analyte. Also, enzymatic treatment to 
release covalently conjugated analyte can be important for some types of analytes 
in order to increase sensitivity. The ability of staff members to properly prepare 
a physiological fluid for gold-standard analysis would benefit from the knowledge 
gained in a positive field test. 


11.17.7 Time Window Available to Detect Dosing 


The window of time available to detect dosing depends on the drug. After single 
effective doses, MDMA, flunitrazepam, and ketamine are routinely detectable in 
urine for 1.5 to 4 days. Extremely sensitive gold-standard detection methods can 
extend the time window significantly. Also, metabolites often are detectable for 
even longer (Verstraete, 2004; Adamowicz and Kala, 2005). 

In contrast, single doses of GHB are detectable above the threshold values of 5 
and 10 jtg/mL in serum or urine, respectively, for as little as 3 h and as long as 12h 
in different persons (Section 11.17.2; Palatini et al., 1993; Kavanagh et al., 2001; 
Borgen et al., 2003; Brenneisen et al., 2004; Haller et al., 2006; Bodson et al., 2008). 
The time window is quite variable in part because large doses can be detected for 
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disproportionately longer time periods, as absorption, metabolism, and elimination 
of GHB are limited by physiological capacity (Palatini et al., 1993; Scharf et al., 
1998; Bhattacharya and Boje, 2007; Odujebe et al., 2007; Jones et al., 2009). Also, 
metabolism rates are affected by diet and ethanol (Poldrugo et al., 1989; Kaufman 
and Nelson, 1991; Karch et al., 2001; Borgen et al., 2003; Haller et al., 2006; Thai 
et al., 2007; Wang et al., 2008). Time courses have been simulated numerically 
(Bhattacharya and Boje, 2006). In summary, physiological fluids must be sampled 
in < 12h of possible consumption in order to detect GHB above threshold. Merely 
increasing the sensitivity of testing does not solve the problem of a limited time 
window for GHB. 


11.17.8 Extending the Time Window 


Several relatively new gold-standard technologies extend the time available to 
detect dosing. One technology utilizes hair, which incorporates a circulating drug 
when the strands are being formed. In this technique, full-length hairs are obtained 
from a person, cleaned, and cut into 3-mm segments 4 to 5 weeks after putative 
dosing. The segments are dissolved, and the solubilized hair is analyzed by tan- 
dem mass spectrometry. If the person was dosed, the protocol produces a peak 
in drug concentration for the hair segment formed when the dosing occurred, and 
baseline values for hair segments that flank the segment that was formed during 
dosing. A single GHB dosing of a human being has been detected in this manner 
(Kintz, 2007). 

Another applicable technology is gene expression profiling by DNA microar- 
ray analysis. Blood mRNAs for the proteins epiregulin (member of the epider- 
mal growth factor family) and PEA-15 (phosphoprotein enriched in astrocytes of 
15 kDa) were significantly elevated 48 h after mice were given a single large dose 
of GHB (Larson et al., 2007). Also, the Fos transcription factor is greatly elevated 
in rat brain after a high dose of GHB, although samples of brain normally would 
not be tested in living human beings (van Nieuwenhuijzen et al. 2009). Because 
Fos is widely distributed, Fos mRNA in the periphery is also probably elevated, 
although this hypothesis has not been tested. The effects of MDMA and ketamine 
on mRNA levels in rodent brain have been studied by gene expression profiling 
(Thiriet et al., 2002; Funada et al., 2005; Lowe et al., 2007). The method has great 
promise for forensic science. However, there remain the hurdles of (1) identifying 
suitable sources of mRNA, (2) identifying at least one mRNA that is diagnostic 
for a target drug, (3) establishing baseline values for mRNAs in the person tested, 
and (4) reducing statistical variation enough to make results accurate. 

Gene expression profiling illustrates one reason why detailed knowledge of 
metabolic pathways might be valuable to forensic science. The RNAs coding for or 
regulating the expression of isoceptors, isozymes, and isoporters linked to a target 
drug are the most likely to respond to dosing. For example, mRNAs for MCTs 
(Section 6.1) and Fos in white blood cells are available from fresh blood, and one 
of them might be responsive to dosing by GHB. 
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11.18 SPECIAL CIRCUMSTANCES OF GHB 


11.18.1. Industrial Connection 


GHB differs from other date-rape drugs in one more important respect. Because 
of their rapid and efficient conversion to GHB in the body, GBL and BD have 
psychotropic effects very similar to those of GHB. Yet because GBL and BD are 
used by industry for multiple legitimate purposes, they are inexpensive, widely 
available, and weakly controlled. Chemical mixtures containing < 70% GBL 
recently were exempted (http://openregs.com/regulations/view/103806/exempt_ 
chemical_mixtures_containing_gamma-butyrolactone). As a result, GBL and BD 
increasingly are being adopted as alternatives to GHB in drug-assisted sexual 
assault and self-abuse (Kapadia et al., 2007; Thai et al., 2007; Wood et al., 2008). 
The rapid test for GHB described below will not detect GBL or BD. However, it 
will flag their ingestion by detecting excess GHB in serum or urine. 


11.18.2 Enzymes Acting on GHB in Bacteria, Yeast, and Plants 


Many physiologically stressed bacteria and yeast biosynthesize polymers containing 
GHB. The polymers are a carbon- and energy-storage material (Moore et al., 2005; 
Song et al., 2005, Bach et al., 2009).*° Polymerization requires activation of the 
GHB carboxyl group, which can be done by butyrate kinase, 4-hydroxybutyrate- 
CoA transferase, or 4-hydroxybutyryl-CoA synthetase (AMP forming) (Cary et al., 
1988; Valentin et al., 2000; Huber et al., 2008). When environmental conditions 
become favorable to growth, microorganisms hydrolyze stored polymer to mobilize 
the carbon. Some species of bacteria also consume tetrahydrofuran, which is an 
environmental pollutant and a common solvent, by oxidizing it to GBL and then 
hydrolyzing the GBL to GHB (Kohlweyer et al., 2000). In all characterized cases, 
GHB is brought into central metabolism by an Fe(II)-containing ADH that uses 
dissociable NAD* as the hydride acceptor. These enzymes have sequences similar 
to human ADHFel1 (Section 11.7.2). Also, some plants use GHB as a redox ballast 
to survive periods of anoxia, and they make it with SSA reductase (Breitkreuz 
et al., 2003; Hoover et al., 2007). Only one isozyme is known for each of these 
enzymes. 


11.18.3 Possible Accidental Intoxication by GHB in the Future 


The possibility of accidental intoxication by GHB is increasing from an ironic 
source. Researchers have engineered microorganisms and plants to make large 
amounts of polymers containing GHB and/or BD monomers. Such polymers can 
resemble polyethylene and polypropylene in their rheological properties and are 
termed bioplastics (Van der Walle et al., 2001). Bionolle and Ecoflex are commer- 
cial examples (Gross and Kalra, 2002).°7 

Although currently minor, the fraction of plastics containing GHB and/or BD 
monomers could increase dramatically. The possibility arises because “synbio” 
organisms can make them from renewable low-value inputs such as corn stover and 
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sewage sludge (Zhang and Wang, 1994; Tsunemasa, 1998; Poirier, 2001; Rabetafika 
et al., 2006). Bioplastics require less input of energy and valuable feedstocks than 
petroleum-based plastics do (Kurdikar et al., 2000; Efe et al., 2008). Moreover, 
bioplastics are hydrophilic polyesters that are biodegradable by esterases found in 
soil-dwelling microorganisms. Some bioplastics are even compostable, meaning 
that they are degraded completely in only a few months (Tokiwa and Prana- 
muda, 2001; Deguchi et al., 2002; Abou-Zeid et al., 2004). Composting reduces 
the volume of waste that must be accommodated by landfills, which are increas- 
ingly scarce (Davis and Song, 2006). The combined virtues of renewability and 
biodegradability might encourage much greater use of bioplastics containing GHB 
and/or BD in the future (Dornburg et al., 2004; Okino, 2005a,b; Kale et al., 2007; 
http://www. bioplastics24.com/). 

If disposal facilities were to contain large amounts of bioplastics, leachate 
from them will contain monomers, including GHB and BD. The concentrations 
in primary leachate will probably be low and nontoxic, assuming that both the 
bioplastics and drainage meet professional specifications (http://www.astm.org/ 
Standard/index.shtml). However, concentrations could increase to intoxicating 
levels if leachate were allowed to form puddles that evaporate, as GHB and BD 
are not very volatile and are chemically stable. Bacteria in the puddles might not 
efficiently scavenge GHB and BD, due to lack of micronutrients or preferential 
use of better carbon sources, such as glucose derived from plasticized starch 
also present in the disposal facility (Greer, 2006). This scenario is most likely 
to occur around residential compost piles. Dosing of neighborhood wildlife and 
omnivorous children by decomposing bioplastics might become a significant 
problem, thanks to green products. Regular environmental monitoring for GHB 
and BD could become a necessity. 


11.19 CONSIDERATIONS DURING DEVELOPMENT OF FIELD TESTS 


11.19.1 Shortcomings of Antibody-Based Screens for 
Simple Analytes 


Many field tests for date-rape drugs are based on binding of free drug and its 
metabolites to an antibody preparation (Singh et al., 2006). Although the method 
works well for complex synthetic molecules having multiple points of contact 
between the analyte and the antibody combining site, it often does not work for 
simple analytes.*® The reasons are easy to identify. To make a small molecule 
immunogenic, it must be covalently “conjugated” to a large carrier such as a pro- 
tein. Conjugation in this case causes a big perturbation in analyte structure. Thus, 
antibodies often bind to the conjugated analyte better than to the free analyte 
(Benacerraf and Paul, 1970). Moreover, most antibodies used in forensic science 
are polyclonal, which means that preparation begins with the blood obtained from 
an immunized animal. Many different amino acid sequences and three-dimensional 
structures are present in the antibody combining sites. Polyclonal heterogeneity has 
adverse consequences on analyte selectivity, as discussed below. 
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Another type of antibody is monoclonal, which means that the preparation is 
obtained from an amplified clonal line of an antibody-producing cell. One amino 
acid sequence and one three-dimensional structure are present in all of the anti- 
bodies made by the clonal line. A different clonal line generated against the same 
analyte will in general secrete an antibody having a different amino acid sequence 
exhibiting a different three-dimensional structure in the antibody combining site. 
Thus, cocaine has been found by x-ray crystallography to bind in different confor- 
mations and orientations to different monoclonal antibodies (Pozharski et al., 2005). 
The result implies that an analyte binds to individual members of a polyclonal 
preparation in many different ways. 

It follows that within the diversity of complexes that form with an analyte, a 
preparation of polyclonal antibodies can also bind many analogs of the analyte. 
From highest to lowest affinity, the potential complexes will include conjugated 
analyte, structural relatives of conjugated analyte, free analyte, and metabolites 
and other analogs of free analyte. Indeed, the ability of a polyclonal preparation to 
recognize a drug and its metabolites depends on antibody heterogeneity. Moreover, 
if a polyclonal preparation is purified with an immunoaffinity step, which will of 
necessity use conjugated analyte, the final preparation is biased even more away 
from binding free analyte and toward binding conjugated analyte (Choi et al., 1999). 
It is not surprising that complex mixtures of antibody combining sites exposed to 
complex mixtures of small molecules, none of which were the actual immunogen, 
often produce the worst possible outcome for a small-molecule screen: namely, a 
high rate of false positives and negatives. 


11.19.2 Advantages of Enzyme-Based Screens for 
Simple Natural Analytes 


Enzymes can provide a solution to the shortcomings of antibodies in the detection 
of simple analytes. First, there is no need to conjugate the analyte covalently. Thus, 
misdirection toward analyte conjugates and their analogs does not happen. Second, 
an enzyme has a single amino acid sequence and three-dimensional structure, 
thereby eliminating binding-site heterogeneity that decreases substrate selectivity. 
Third, most enzymes have evolved to discriminate against metabolites similar in 
structure to the substrate desired. Such discrimination is important to minimize 
crosstalk between pathways (Hartl et al., 1985; Hartl, 1989; Galperin et al., 1998).3? 
In contrast, immunization has no mechanism to discriminate against metabolites 
resembling the conjugated analyte. Fourth, substrate bound in an enzymatic active 
site must form the near attack conformation (NAC) before it can react (Bruice, 
2002). The NAC is accessed by librational dynamics, which are optimized by 
evolution. The NAC theory is complementary to the better known theory that an 
enzyme binds to the transition state for a reaction tighter than to the ground state. 
In both theories, protein dynamics contribute to selectivity in catalysis. In contrast, 
protein dynamics play no consequential role in an ordinary antibody—analyte 
complex. In summary, enzymes possess numerous mechanisms for molecular 
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discrimination that antibodies in general and polyclonal antibodies in particular do 
not have. 

Enzyme-based screens also have a time advantage that can be important in 
field applications. Positive results start to become known within seconds of mixing 
reagents and a test sample when a high concentration of analyte is present. In con- 
trast, antibody-based screens require some sort of previsualization processing such 
as lateral flow chromatography or blocking of nonspecific protein adsorption to 
suppress background before the results can be read. An immunochemical method 
such as enzyme-linked immunosorbant assay (ELISA), which uses an enzyme to 
amplify the signal arising from analyte, does not negate the requirement for pre- 
visualization processing. In addition, enzymes often have a cost advantage. The 
complementary DNA sequence for an enzyme is cloned into an expression vector 
only one time, and the vector is used to transform bacteria only one time. Trans- 
formed bacteria can be propagated indefinitely and used to produce the enzyme in 
a genetically “tagged” form established by the vector. The tag is a polypeptide or 
protein chosen to allow facile purification of the resulting “fusion protein” by affin- 
ity chromatography at moderate cost. In contrast, polyclonal antibodies usually are 
obtained from immunized animals in a relatively time-consuming and expensive 
process. Monoclonal antibodies are even more expensive to produce. 

The preceding observations suggest rules of thumb for choosing between an 
antibody and an enzyme for the development of a field test. An enzyme should 
be considered for a small natural metabolite, as a cognate enzyme must exist and 
an antibody has a high probability of failure. GHB is an example of this type of 
analyte. To avoid false positives the enzyme must be highly selective for analyte 
in the samples to be tested. Because of low selectivity, an enzyme that acts on 
xenobiotics usually would not be appropriate. Also, some readily implemented 
method must exist to visualize test results outside a laboratory. 

An antibody should be considered for a structurally complex or large analyte, as 
the problem of immunological perturbation by conjugation is lessened. If the analyte 
is manufactured by synthetic organic chemistry, an enzyme selective for it will not 
exist in nature. MDMA, flunitrazepam, and ketamine are examples of this type of 
analyte. Also, even if the analyte is natural, the cloning, expression, and isolation 
of a cognate enzyme might not be practical, or the enzymatic reaction might not 
be easy to visualize in the field. An antibody might then be the best recourse. 
Cocaine is an example of this type of analyte. The pathway for its biosynthesis 
is not known with certainty, and thus an enzyme possibly having good selectivity 
for cocaine cannot be identified with certainty. Human carboxylesterase 1 and 
cytochrome P450 act on cocaine, but they are low-selectivity enzymes targeting 
many xenobiotic compounds (Ladona et al., 2000; Humphrey and O’Hagan, 2001; 
Bencharit et al., 2003). 

Of course, no rule of thumb is infallible. Some analytes are large natural prod- 
ucts, and new tools such as diabodies, aptamers, and directed evolution are being 
developed continually in the search for new types of biosensors (Fickert et al., 
2006; Poyot et al., 2007). 
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11.20 DEVELOPMENT OF AN ENZYMATIC TEST FOR GHB 


11.20.1 Sensitivity Required for the Hospital Emergency Department 


Patients presenting to a hospital emergency department because of possible drug 
overdose are in crisis (Chin et al., 1998). Only moderate sensitivity is required to 
detect a drug if it is a major cause of the distress, as the amount in the patient’s 
system at that moment must be large. In the case of GHB, levels of 30 to 600 wg 
GHB/mL of serum and 400 to 6000 jpg GHB/mL of urine have been found by gold- 
standard analyses of samples that have been prepared and stored correctly (Louagie 
et al., 1997; Sporer et al., 2003; Couper et al., 2004; Elliott, 2004; Van Sassenbroeck 
et al., 2007). These levels are well within the capabilities of typical enzyme-based 
tests. In the potentially life-and-death context of a hospital emergency department, 
a rapid test with good sensitivity is better than a slow test with superior sensitivity . 


11.20.2 Choice of Enzyme 


As footnoted above, attempts to develop a field test based on antibody recogni- 
tion of GHB have failed. An enzyme-based test is an attractive alternative. Three 
enzymes that act on GHB have been characterized well enough to consider. They 
are vertebrate NADPH-dependent SSA reductase (AKRIA1 or AKR7A2), verte- 
brate 2-oxoglutarate—dependent ADHFel, and bacterial Fe(II)-containing NAD*- 
dependent GHB dehydrogenase (Sections 11.5.3, 11.7.2, and 11.18.2). To use a 
reductase, the reaction would have to be run in the reverse direction using NADPT 
as oxidant. 

What considerations can help us decide which of these enzymes might be suit- 
able? The oxidation catalyzed by ADHFel is thermodynamically favorable, but 
ADHFel has only moderate selectivity for GHB among common metabolites. It 
would be susceptible to false-positive results when testing physiological fluids and 
other complex matrices. This possibility is decisively unfavorable, leaving ver- 
tebrate SSA reductase and bacterial ADH to consider. The overall equilibrium 
constants are the same, providing no thermodynamic basis to choose between them 
(Section 11.9). A search of online databases containing DNA and protein sequences 
reveals many putative SSA reductases and GHB dehydrogenases, as deduced by 
sequence homology (http://www.ncbi.nlm.nih.gov/; http://www.uniprot.org/). How- 
ever, sequence homology is much better at predicting the chemistry carried out than 
the preferred substrate (Hulo et al., 2006). Unless substrate selectivity has been stud- 
ied by direct biochemical methods, one cannot be sure which substrate is preferred. 

A search of online databases for enzymatic substrates, followed by thorough 
reading of the primary literature, reveals that only a few SSA reductases and 
GHB dehydrogenases have been characterized biochemically. Examples of 
these databases are BRENDA (http://www.brenda-enzymes.info/) and KEGG 
(http://www.genome.ad.jp/kegg/pathway.html). Abstracts of primary literature are 
freely accessible in PubMed (http://www.ncbi.nlm.nih.gov/) or by subscription 
to SciFinder Scholar  (http://www.cas.org/products/sfacad/index.html). Most 
SSA reductases have high affinity for SSA and low affinity for GHB, which 
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promotes fast and complete reduction of moderate concentrations of SSA but 
slow and incomplete oxidation of moderate concentrations of GHB, a decidedly 
unfavorable property (Keenan et al., 2006). This characteristic narrows the 
choice of enzyme to bacterial GHB dehydrogenase. Moreover, because a single 
isozyme is likely, and cloning and expression are usually easier, a bacterial 
enzyme is preferred to an enzyme from a eukaryotic organism such as an 
animal, plant, or yeast. The air-stable Fe(II)-containing NAD*-dependent GHB 
dehydrogenase from the bacterium Ralstonia eutropha meets all criteria (Valentin 
et al., 1995). The properties of this family of enzymes have been summarized 
(http://pfam.sanger.ac.uk/family?acc=PF00465). GHB dehydrogenase from the 
bacterium Clostridium kluyveri has also been characterized biochemically. 
However, it is unacceptable because it is rapidly inactivated by oxygen, which 
would be a major liability in a field test (Wolff and Kenealy, 1995). 

The GHB dehydrogenase reaction is not visible to the unaided eye. This cir- 
cumstance means that a secondary reaction must be coupled to the reaction to 
visualize the results of the test. Fortunately, the electron pair stored in NADH can 
be used by a well-known “turnkey” reaction that reduces a large number of col- 
orless prodyes to intensely colored products (Berridge et al., 2005). All required 
reagents are commercially available. Such a coupled secondary reaction also helps 
solve another problem. Oxidation of GHB with NAD* is significantly unfavorable 
at neutral pH (Section 9). Unless something is done to compensate, only a frac- 
tion of the GHB in a test sample will react, and it will do so slowly because of 
the asymptotic approach to equilibrium. Both properties are decidedly undesirable. 
However, the turnkey reactions are so favorable that the resulting two-step reaction 
is favorable overall. 


11.20.3 Reliable Field Test for GHB 


To develop the test, the gene for GHB dehydrogenase in R. eutropha was copied 
from total genomic DNA using appropriate primers and polymerase chain reaction. 
The resulting DNA was purified, end-trimmed with restriction enzymes, and fused 
to the gene for the affinity-tag glutathione S-transferase, which is under the control 
of a lactose promoter in the commercial expression vector pGEX-2T. E. coli was 
transformed with the recombinant vector to produce and isolate large quantities of 
fusion protein that links glutathione S-transferase to GHB dehydrogenase. About 
150 mg of purified fusion protein typically is obtained from 1 L of bacterial cul- 
ture in a fast procedure utilizing an affinity matrix containing covalently bound 
glutathione (Bravo et al., 2004). 

A solution assay at pH 8.5 in 2-amino-2-methyl-1,3-propanediol buffer was 
devised for quantitative research using a laboratory spectrometer. The higher pH 
value decreases the concentration of product Ht and makes the reaction more 
favorable (Fig. 5). The buffer is Tris-like, resulting in formation of the imine 
of SSA as it is formed. Formation of imine (Section 11.8) pulls GHB oxidation 
thermodynamically and prevents product inhibition due to SSA buildup. The 
NADH produced by the GHB dehydrogenase reaction is used to reduce (with the 
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Figure 11.5 Coupled assay for GHB. NAD* and GHB dehydrogenase from Ralstonia 
eutropha oxidize GHB to SSA in the first step. Because it is otherwise unfavorable, 
the reaction is run under pulling conditions. A Tris-like buffer (2-amino-2-methyl-1,3- 
propanediol) that also forms the imine of SSA is utilized at pH 8.5. In addition, diaphorase 
uses NADH made in the first step to reduce nearly colorless XTT to a soluble orange dye 
for a laboratory assay using a spectrometer or MTT to an insoluble purple dye deposited 
on a dipstick for a field assay. Different prodyes that yield different colors and solubility 
are available. 


aid of the electron transfer enzyme diaphorase) a prodye called XTT [sodium 3,3- 
[(phenylamino)carbony]]-3,4-tetrazolium-bis(4-methoxy-6-nitro)benzenesulfonic 
acid hydrate] to form a soluble orange dye (Amax 450 nm) and regenerate NAD* 
(Figure 11.5). This reaction also pulls GHB oxidation thermodynamically and 
removes product inhibition due to NADH buildup. Thus, the assay implements 
five strategies to make it favorable, faster, and visible. 

Michaelis—Menten parameters were determined in 1 mM NAD. The Ky value 
for GHB is 2.19+0.13 mM and the Viyax value is 0.049 + 0.001 absorbance/min 
per microgram of fusion protein. The lowest concentration of GHB reported in 
the urine of emergency department patients (~400 j1g/mL) corresponds to about 
4 mM. The Ky value is well matched to this concentration, thus providing a rapid 
and sensitive detection of GHB. 

Ethanol is a weakly binding alternative substrate of the enzyme, having an esti- 
mated Ky value of 413 + 14 mM, or 200 times higher than for GHB. The affinity 
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is low enough that ethanol concentrations realistically found in physiological fluids 
do not produce false-positive results. Recent research has shown that other simple 
alcohols, such as methanol, 1-propanol, 2-propanol, 1-butanol, and 1-pentanol, are 
significantly worse substrates than ethanol is (Vinckier et al., 2011). 

Multiple studies agree that GHB arising from ingested GHB or GHB prodrug is 
concentrated about 10-fold in urine relative to blood (Liu et al., 2006). Thus, urine 
rather than serum is preferred for dose testing. If allowed to react for about 2 h in 
1 mL of coupled assay buffer, all of the GHB in a small sample of spiked normal 
human urine (10 tL) is reacted. The amount of orange color produced is linearly 
dependent on the amount of GHB. No substances in urine contribute significantly 
to color development, even after 2 h of reaction. This variation of the test, called 
an endpoint assay, has a limit of detection of 37 ~g GHB/mL urine (total A459 
to background A4s9 = 2 to 1). The same procedure using urine containing 0.47% 
(w/v) ethanol gives the same results, confirming that a realistic concentration of 
ethanol in urine does not interfere with the endpoint assay. 

The solution assay uses a spectrophotometer and is not as fast or convenient 
as a dipstick assay that can be used in the field. To develop a prototype for a 
dipstick, formation of an insoluble purple dye by reduction of the soluble prodye 
MTT (3-[4,5-dimethylthiazol-2-yl]-2,5-diphenyltetrazolium bromide) was used 
(Figure 11.5). Small samples (10 «tL) of water, normal human urine, or normal 
human urine containing 0.63% (w/v) ethanol and having different concentrations 
of spiked GHB were spotted onto paper, after which assay reagent (10 wL) was 
spotted. The test is developed for no longer than 2 min to avoid false-positive 
results. No significant color develops in the absence of GHB, and strong purple 
color develops within a few seconds for samples containing concentrations of 
GHB typically present in urine during an overdose. Color development is fast 
because both the test sample and reagents are diluted very little. The three 
tested matrices gave the same results, demonstrating that neither urine nor a 
physiologically high concentration of ethanol interfere (Figure 11.6). The precision 
around the cutoff was also assessed. Of 20 samples for each condition, none were 
positive in the absence of GHB, 25% were positive (and 75% were negative) at 
20 pg GHB/mL, 75% were positive at 50 jg GHB/mL, and all were positive 
at 100 17g GHB/mL and more. Thus, a concentration of GHB four times lower 
than the lowest concentration found in the urine of patients suffering from GHB 
overdose is detected every time. A dipstick test strip not requiring spotting of 
reagents before use is under development for long shelf life and use in hospital 
emergency departments (Harper et al., 2008). 


CONCLUSION 


Impressive progress in understanding the fundamental molecular and cellular biol- 
ogy of date-rape drugs has been made in recent years. Nevertheless, many important 
questions remain. The roles of RNA and regulation of enzymatic activity and gene 
expression have been studied only a little. For example, does protein phosphory- 
lation regulate the metabolism of date-rape drugs? Use of cultured human cells 
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Figure 11.6 Prototype of a dipstick assay for GHB. Ten-microliter samples containing 
the concentrations of GHB indicated were spotted onto white-paper circles lying in wells 
of a microtiter plate. Ten microliters of assay reagent containing buffer, GHB dehydro- 
genase, NAD*, diaphorase, and MTT prodye was spotted onto a circle of filter paper in 
each well, and color was allowed to develop for 2 min at 23° C. Row A, GHB in water; 
row B, GHB in normal human urine; row C, GHB in normal human urine containing 
0.63% (w/v) ethanol. [From Bravo et al. (2004); used with permission.] (See insert for 
color representation.) 





and genetically modified mice should be especially effective tools to answer these 
questions. In the case of GHB and its prodrugs, the cellular, subcellular, and enzy- 
matic mechanisms for catabolism are not fully understood. Even when a particular 
isozyme or isoporter has been implicated in GHB catabolism (e.g., mitochondrial 
ADHFe1), we do not know whether it dominates other isozymes or isoporters under 
all relevant conditions in all relevant cell types, and whether it is rate limiting to 
the pathway. Neuronal signaling by GHB under normal and overdose conditions 
is not understood. Thus, potential consequences of GHB overdose that manifest in 
subtle, delayed, or synergistic damage have not been identified. 

Impressive progress in the forensic science of date-rape drugs has also been 
made in recent years. Especially sensitive analytical methods have been developed. 
A surrogate for drugs and their metabolites in the form of perturbed mRNA levels 
has been discovered. The window of time available to detect dosing has been greatly 
extended. In the case of GHB, new metabolites have been found that are potentially 
diagnostic, and more probably remain to be found. An enzyme-based test for GHB 
has been developed that fills a gap in field tests for date-rape drugs. Moreover, the 
demand for forensic expertise in date-rape drugs will probably increase in the future 
due to (1) the possible need for comparison of two uncorrelated test methods in 
judicial proceedings, (2) development of new tests based on increased knowledge 
of biology, and (3) greater need for environmental testing. It is a rewarding and 
exciting time to be working in forensic science! 


Acknowledgments 


The author thanks fellow researchers David Harris and Dawn Bravo for their 
insights and hard work, Lawrence Kobilinsky for his invitation to contribute to this 


404 


© 


DATE-RAPE DRUGS WITH EMPHASIS ON GHB 


book, Karl Sporer, Elizabeth Ellis, Toshimitsu Niwa, and Aaron Rowe for com- 
ments on the manuscript draft, Zachary Golden for alerting me to new statuatory 
law, Don Aue for ab initio calculations of stabilities for GHB metabolites in water, 
Tetsuya Kawamura for translation services, and Leslie D. Odell for extraordinary 
editorial assistance. 


NOTES 


10. 


11. 


12. 


. GHB also is known as Xyrem and “grievous bodily harm’; MDMA as ecstasy; 


flunitrazepam as Rohypnol and roofies; and ketamine as Ketanest and special K. 


. Synaptic vesicles are small and spherical or ellipsoidal and reside inside nerve termi- 


nals. They store concentrated neurotransmitter for evoked release as a quantum. 


. The central and peripheral nervous systems can synthesize neurosteroids at higher 


levels in females than in males. This difference might help explain why women 
often are more susceptible to ethanol at equivalent body burdens. An example of a 
neurosteroid is allopregnanolone. 


. Subtypes of GABA, receptor located inside synapses are not as responsive to ethanol 


as the subtype located outside synapses, which contains the 5-subunit. 


. The GABAg receptor modulates intracellular second messengers. An agonist activates 


a receptor. In this case, a high concentration of GHB activates the GABAg receptor 
similarly to a low concentration of GABA. 


. GABAergic means GABA-like or GABA-potentiating. 
. All neurotransmitters are agonists, even if transported instead of secreted out of a 


neuron. 


. An antagonist does not activate a receptor when it binds, but it inhibits binding of 


agonist, thus preventing activation by agonist. 


. Desensitization means that the receptor becomes unresponsive to agonist, even though 


no antagonist is present. Many different molecular and cellular mechanisms can medi- 
ate desensitization by receptors. 

Isozymes (also known as paralogs) usually, but not always, have partially conserved 
sequences. The following examples illustrate nomenclature for the dehydrogenases 
and reductases discussed here. AKR1AI is listing | (the last “1”) in family 1 (the 
first “1”, having > 40% sequence identity among members) and subfamily A (>60% 
sequence identity among members) of the AKR superfamily. This enzyme is also 
commonly called aldehyde reductase, as it reduces a wide range of aldehydes. Sim- 
ilar nomenclature is used for ADHs and ALDHs by replacing “AKR” with “ADH” 
or “ALDH,” as appropriate. AKR1IAI has no necessary relationship to ADH1IAI1. 
An isozyme could have several isoforms that arise from alternative splicing of the 
pre-mRNA. 

This occurs because oxidation of an aldehyde to a carboxylate is irreversible. The 
reduction potential of an NADt/NADH or NADPT/NADPH couple is not very 
important in an irreversible oxidation. A few mammalian alcohol dehydrogenases 
use non-nicotinamide redox cofactors such as flavins. 

For example, SSA is a good substrate for AKRIAI and AKR7A2 (Section 11.5.3). 
AKRIAI also prefers the natural substrates 4-hydroxynonenal, methylglyoxal, 16- 
oxoestrone, D-glyceraldehyde, and p-glucuronic acid. AKR7A2 also prefers the nat- 
ural substrates aflatoxin B1 aldehyde and 16-oxoestrone. 
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14. 


15. 


16. 


17. 


18. 


19. 


20. 


21. 


22. 


23. 
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When two enzymes act on the same substrate, one of them can dominate at a 
low concentration of substrate and the other one at a high concentration if the 
Michaelis—Menten parameters for the two enzymes (and potentially also for an inter- 
vening transporter) have appropriate relationships. This possibility is relevant for GHB 
and its metabolites, as concentrations in vivo change > 100-fold between normal and 
dosed conditions. 


Similar to isozymes, isoporters are transporters coded by different genes, and they 
often exhibit conservation of sequence and transport mechanism. Different isoporters 
usually have different preferred substrates. 

However, mRNA levels often do not correlate quantitatively with protein levels, due 
in part to regulation of translation and differences in protein stability. 

Amazingly, both SSA and aflatoxin B1 are preferred substrates for AKR7A2/AFARI, 
even though the structures of SSA and aflatoxin B1 differ greatly. The observation 
warns us that in the absence of experimental evidence, one cannot eliminate the 
possibility that an isozyme having a preferred substrate very different in structure 
from SSA nevertheless also prefers SSA. 

AKR7A2 sometimes is called the low-Ky SSA reductase. 


An ortholog is the same enzyme in a different species. It will have a somewhat 
different sequence, due to species divergence, but its functional properties are usually 
very similar. 

DNA microarray analysis determines the amount of specific mRNAs in total MRNA 
isolated from a tissue. Single-stranded synthetic DNA is anchored to thousands of 
microscopic spots in an indexed two-dimensional pattern on the surface of a “chip.” 
The DNA on each spot is complementary to a different mRNA. A preparation of total 
mRNA (or its DNA complement) is hybridized to the chip-bound DNA, after which 
each spot optically reveals the amount of hybridization. 

Epitope masking can occur when tissue fixatives react with and destroy an epitope 
or when the epitope is dependent on native conformation destroyed by denaturing 
electrophoresis, as occurs in Western blots. 

Small interfering RNA (siRNA) blocks effective expression of a specific gene by 
inducing cellular degradation of the mRNA transcribed from that gene. 

A low level of AKRIA1 in SH-SY5Y cells is not necessarily indicative of the amounts 
in vivo, as transformed cells are disregulated. 

Golgi is a subcellular organelle that among other tasks forms synaptic vesicles that 
secrete neurotransmitters from nerve terminals. 

Isoforms can have different amino acid sequences even though they arise from the 
same gene. This often occurs by alternative splicing of the mRNA. The total number 
of isoforms for ADHs, AKRs, and ALDHs thus exceeds the 46 genes for these 
enzymes by an unknown margin. 

ADHFel! is also known as HOT (hydroxyacid-oxoacid transhydrogenase) and ADH8. 
However, the latter designation has been used by some authors for retinol dehydro- 
genase, which is a completely different enzyme from ADHFel. 

Genetic tagging attaches a peptide to a protein to make a fusion protein that is to be 
expressed heterologously. In this case, an epitope tag recognized by a commercially 
available antibody was attached to ADHFel. 

Square brackets around a chemical name indicate the activity of the chemical species, 
which we approximate as molar concentration. 


© 


406 DATE-RAPE DRUGS WITH EMPHASIS ON GHB 


28. The ratio of the multiplicative concentrations of all chemical products divided 
by the multiplicative concentrations of all chemical reactants present at equilib- 
rium is equal to Keg. Thus, for ADH-catalyzed oxidation of an alcohol, Keg = 
[aldehyde].g[NADH ]eq [H* Jeg /({alcohol eq [NAD* ]eq), which has net units of molar. 
The apparent value of Keg for the reaction at pH 7.0 is given by oe = Keg/ [10-7°M], 
which is unitless. Similar equations apply to other reactions considered in this chapter. 

29. A reported equilibrium constant of Ken = 5.8 for reduction of SSA must be in error 
(Hearl and Churchich, 1985). 

30. At the pH and [NADt]/[NADH] prevailing in mitochondria, [aldehyde ]eg/[alcohol Jeg 
= Kyi = K{,(10-7°M]/[10-"7M]) (INAD* Imito/[NADH]mito) = (9.5 x 1075) 
(10°.7)(7.7) = 3.7 x 1073. The free-energy change for the reaction is given by 


AGmitc — _2.3RT log K@°, where the symbols have their usual meanings. Anal- 
ogous expressions apply to NADP*-dependent reactions, reverse reactions, and 
cytoplasm. 


ak equilibrium constant for oxidation of GHB modified for the pH and ratio of 
oxidant to reductant prevailing in cytosol; joes equilibrium constant for reduction 
of SSA modified for the pH and ratio of reductant to oxidant prevailing in cytosol; 
Ko equilibrium constant for oxidation of GHB modified for the pH and ratio of 
oxidant to reductant prevailing in mitochondrial matrix; ke. equilibrium constant 
for reduction of SSA modified for the pH and ratio of reductant to oxidant prevailing 
in mitochondrial matrix. 

32. Oxidation of an aldehyde to a carboxylic acid is irreversible in part because three 
driving forces are present that are not present in the oxidation of alcohols: neutraliza- 
tion of the carboxylic acid proton, electronic delocalization of the negatively charged 
carboxylate, and strong hydration of the carboxylate. 

33. An allele is a mutant (or wild-type) form of a gene. 

34. Microsomes are vesicles created from shearing of endoplasmic reticulum by homog- 
enization of an organ such as liver, which is rich in endoplasmic reticulum. They are 
rich in P450 isozymes. 

35. From this point onward in the chapter, any time that consequences of dosing by GHB 
are discussed, it should be assumed that similar, and perhaps even more extreme, 
consequences attach to dosing by GBL or BD. 

36. Such species include Ralstonia eutropha, Azotobacter vinelandii, Escherichia coli, 
Clostridium kluyveri, and Pseudomonas putida. Poly(GHB) is also known as poly(y- 
butyrolactone). 

37. The trademark Bionolle is registered to Showa Highpolymer Co., Ltd. The chemical 
name is poly(butylene succinate). Butylene refers to 1,4-butanediol diester. Ecoflex 
is registered to BASF Group. The chemical name is poly(butylene adipate). 

38. Several companies have attempted to raise antibodies that are selective for GHB, 
which is a small molecule in the immunogenic context, but they failed (personal 
communications to SMP). 


39. Enzymes that act on xenobiotics are exceptions. 
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Summary Ethanol is a clear volatile liquid that is soluble in water and has 
a characteristic taste. Ethanol is a central nervous system (CNS) depressant and 
causes most of its effects on the body by depressing brain function. CNS depression 
correlates directly to the concentration of alcohol in the blood. The estimation of 
blood alcohol concentration for a person is based on important parameters such 
as body weight, ethanol concentration of the beverage consumed and number of 
such beverages consumed, and length of time and pattern of the drinking. Because 
men and women have different body water amounts (men average 68% and women 
55%), there are differences between the ethanol concentration achieved in men and 
women of similar weight for the same amount of alcohol. Various methods are 
described that can help to determine blood alcohol concentration in the field as 
well as in the laboratory. 
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12.1 INTRODUCTION 
Alcohol (Ethanol: CH3;CH,OH) Disposition 


Half-life: plasma half-life, dose dependent 

Volume of distribution: about 0.6 L/kg 

Distribution in blood: plasma/whole blood ratio = 1.2 
Saliva: plasma/saliva ratio is about 0.93 

Protein binding: in plasma, not significantly bound 


Ethyl alcohol has been consumed by humans for millennia and is probably one 
of the oldest and most commonly consumed drugs in most societies. A very high 
percentage of the adult population regularly consumes some form of alcohol to 
varying degrees. Approximately 10% use alcohol to an extent that may result 
in the manifestation of adverse heath effects. People who regularly consume six 
or more drinks per day are known to have higher mortality rates, and alcohol 
contributes to deaths in a variety of ways, including violence, accidents, and other 
drug-related deaths. Acute ethanol intoxication and its effect is the single most 
commonly encountered subject in forensic toxicology today. The blood alcohol 
concentration is commonly determined in medicolegal and forensic cases, and it 
is the ethanol in blood that is correlated with impairment of human performance. 
Ethanol is a product of fermentation by the action that yeasts on sugars found in 
fruit and grains. The content of alcoholic beverages varies for different types of 
drinks (see Table 12.1). 

Alcohols are a class of organic chemicals that are characterized by the presence 
of a hydroxyl group (OH) on the hydrocarbon chain of the molecule (Figure 12.1). 
They all share common properties and ethanol is one of many alcohols. Other 
commonly encountered alcohols are methanol and isopropanol. Ethanol is a clear 
volatile liquid that is soluble in water and has a characteristic taste. As a drug, 
ethanol falls into the category of a central nervous system (CNS) depressant (Gar- 
riott, 2003). This means that the predominant effects of alcohol are to depress brain 
function. CNS depression is directly correlated to the concentration of alcohol in 
the blood (BAC). In a progressive manner, as the BAC rises, so does the degree of 
CNS depression. The most common reported units for BAC (%) are expressed as 
grams of ethanol per 100 mL of blood. Therefore, a BAC of 0.05 g/dL is equiv- 
alent to 0.05%. The American Medical Association has defined the BAC where 
impairment begins to be 0.04%, but for some functions it may be much lower. In 
most states in the United States a person is legally intoxicated at a BAC of 0.08% 
and is considered to be impaired at 0.05%. The consequences of impairment are 
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TABLE 12.1 Alcohol Content of Various Beverages 
Beverage Alcohol Content (%) 


Beers (lager) 3.2—4.0 
Ales 4.5 
Porter 6.0 
Stout 6.0—8.0 
Malt liquor 3.2—7.0 
Sake 14.0-16.0 
Table wines 7.1-14.0 
Sparkling wines 8.0—14.0 
Fortified wines 14.0—24.0 
Brandies 40.0—43.0 
Whiskies 40.0—75.0 
Vodkas 40.0—50.0 
Gin 40.0—48.5 
Rum 40.0—95.0 
Tequila 45.0—50.5 

ri 
CH30H CH3CH2z0H  CH3CHs,CH2,0H CH3CHCH3 
Methanol Ethanol Propanol lsopropanol 


b.p.64.7°C b.p.78.4°C __b.p. 97-98°C b.p. 82.5°C 


Figure 12.1 Structure of common alcohols. 


the major reasons for the intense forensic interest in alcohol consumption. The 
individual assessment of impairment due to acute alcohol intoxication is of great 
medical—legal importance and is a complex matter that is influenced by many 
factors. There is significant variation between individual persons and their alcohol- 
related effects, but for the most part, predictable effects at various levels of BAC 
are encountered for a large percentage of the general population (Table 12.2). 

It must be emphasized that a specific individual would show signs that can be 
markedly different for the ranges that are indicated. As already noted, many tolerant 
individuals may show little sign of physical impairment at the higher end of the 
table, although significant cognitive, judgmental, and psychological impairment 
may reasonably be presumed to be present. 


12.2 BLOOD ALCOHOL CONCENTRATION 


The estimation of blood alcohol concentration must be based on important 
parameters such as body weight, ETOH concentration of the beverage consumed 
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TABLE 12.2 Stages of Alcohol Intoxication 
BAC (g/100 mL 


of blood or 

g/210 L of breath) Stage Clinical Symptoms 

0.01-—0.05 Subclinical Behavior nearly normal by ordinary observation 
0.03-0.12 Euphoria Mild euphoria, sociability, talkativeness 


Increased self-confidence; decreased 
inhibitions Diminution of attention, judgment 
and control Beginning of sensory-motor 
impairment Loss of efficiency in finer 
performance tests 

0.09-0.25 Excitement Emotional instability; loss of critical judgment 
Impairment of perception, memory and 
comprehension Decreased sensatory response; 
increased reaction time Reduced visual acuity; 
peripheral vision and glare recovery Altered 
sensory-motor coordination; impaired balance 
Drowsiness 

0.18—0.30 Confusion Disorientation, mental confusion; dizziness 
Exaggerated emotional states Disturbances of 
vision and of perception of color, form, 
motion and dimensions Increased pain 
threshold Increased muscular loss in 
coordination; staggering gait; slurred speech 
Apathy, lethargy 

0.25—0.40 Stupor General inertia; approaching loss of motor 
functions Markedly decreased response to 
stimuli Marked muscular coordination 
impairment; inability to stand or walk 
Vomiting; incontinence Impaired 
consciousness; sleep or stupor 

0.35—0.50 Coma Complete unconsciousness Depressed or 
abolished reflexes Subnormal body 
temperature Incontinence Impairment of 
circulation and respiration Possible death 

0.45+ Death Death from respiratory arrest 


(Table 12.3), number of alcoholic beverages consumed, and length and pattern of 
the drinking. 

Other factors that will affect the rate of absorption from the gastrointestinal 
tract will further affect the final BAC curve (Morgan Jones and Vega, 1972; Karch, 
1997; Drummer, 1999; Garriott, 2003). Approximation of the time frame of when 
the alcohol was consumed is usually of crucial importance (Morgan Jones and Vega, 
1972; Karch, 1997). It is also essential to determine if the subject’s BAC was on the 
ascending or descending limb of the BAC curve. The blood alcohol concentration 
reached after drinking depends not only on the volume of ethanol consumed but 
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TABLE 12.3 Estimated BAC by Number of Drinks in Relation to Body Weight* 
Number of Drinks 


Body 

Weight (It) 1 2 3 4 5 6 7 8 9 10 11 12 

100 .038 .075 113 .150 .188 .225 .263 .300 .338 .375 .413 .450 
110 .034 .066 103.137 .172 .207 .241 .275 309 .344 .379 .412 
120 031 .063 .094 .125 .156 .188 .219 .250 .281 .313 .344 .375 
130 029° .058 .087 .116 .145 .174 .203 .232 .261 .290 .320 .348 
140 027 .054 .080 .107 .134 .161 .188 .214 .241 .268 .295 .321 
150 025 .050 .075 .100 .125 .151 .176 .201 .226 .251 .276 .301 
160 023. .047 .070 .094 .117 .141 .164 .188 .211 .234 .258 .281 
170 022 .045 .066 .088 .110 .132 .155 .178 .200 .221 .244 .265 
180 021 .042 .063 .083 .104 .125 .146 .167 .188 .208 .229 .250 
190 .020 .040 .059 .079 .099 .119 138 158 179 198 .217 .237 
200 019 .038 .056 .075 .094 113 .131 .150 .169 .188 .206 .225 
210 018 .036 .053 .071 .090 .107 .125 143 .161 .179 .197 215 
220 017 .034 .051 .068 .085 .102 .119 .136 .153 .170 .188 .205 
230 .016 .032 .049 .065 .081 .098 .115 .130 .147 .163 .180 .196 
240 016 .031 .047 .063 .078 .094 .109 125 .141 .156 .172 .188 


“One standard drink equals: 120z regular beer, 50z table wine, 1.o0z 80 proof liquor (National 
Highway Traffic Safety Administration (NHTSA)). 


also on the speed and pattern of drinking and the rates of absorption, distribution, 
metabolism, and excretion (ADME) of ethanol, all of which in turn may be affected 
by a multitude of other factors (Drummer, 1999). Age, gender, race, body mass 
index, presence of other drugs, beverage type, food, genetics, and health status 
are a few examples of factors that can alter the ADME of ethanol and hence are 
important considerations when interpreting BAC levels in a person (Millar et al., 
1992; Jones and Jonsson, 1994; Ammon et al., 1996; Karch, 1997; Drummer, 1999; 
Garriott, 2003). Once ethanol is absorbed it is distributed throughout the body via 
the blood to other tissues. Ethanol is distributed to the body water, and the greater 
the water contents of a tissue, the greater the ethanol concentration. The individual 
factors that determine BAC are body weight and adiposity, and distribution ratio 
(based on the total body water content) of ethanol. It follows that the concentration 
of alcohol within a person depends primarily on the amount of alcohol he or she 
drinks, the person’s drinking pattern and total body water, and various other life 
and environmental issues. 

Because men and women have different body water amounts (men average 68% 
and women 55%), there are differences between the ethanol concentration achieved 
in men and women of similar weight for the same amount of alcohol consumed. In 
other words, if a man and a woman of the same weight drink equivalent amounts 
of ethanol, the female will have a higher BAC on average. Similarly, if two men 
of different body weights drink the same amount of ethanol, the lighter man will 
have a higher BAC compared to the heavier man, and so on. In general, the less 
you weigh, the more you will be affected by a given amount of alcohol, all other 
factors assumed to be equal for this purpose. 


TABLET SIXTEEN: TELEKTONON 16-Year Chronograph 


Day-Out-of-Time AD 2013 
Gather Your Star Bundles 
of Galactic Creation 


13 Moons Resonant Storm Year 16, Adventure Year 13 
= 13 Kin Warrior Wavespell 16 of Intelligence 


Galactic Genesis: Timeship Earth 2013 


Exploring the Cube of the Law 


Cube 16, Warrior Intelligence: 
Consciousness Divine Source Tel Ek Ton On, 
instinctual internalizing intelligence 


Year 16: Resonant Storm, 

Thirteenth Year of the Second Creation 
Oxlahuntiku Adventure Wavespell, tone 13, 
Cycle of Self-Perfection, Camelot sequence 
four, the Altar of the Stone sings, end of 
13-Baktun cycle, Second Creation Fulfilled, 
Fourth Seed-Storm Year Bundle gathered. 


Realm of the Ninth Lord of Time: 
Guardian of "On," indestructible power 
of the 144,000 within the Cube: 

New Heaven, New Earth, 

Divine Self-Perfection. 


Monkey Genesis, Yellow Southern 
Castle: Court of Intelligence, Warrior 
Wavespell 16, "Intelligence," -4,487 to 
-3,187, Camelot fulfilled, universal 
redemption becomes way of evolution. 


Adventure Planet, S-P Saturn: 
Radialize the tunnels connecting 
Heaven and Earth. 


Fourth Quarter, Southern Star Quadrant 
Cube harmonics inseparabie from 
chromocellular activation, Star Bundle 16, 
64 UR Runes, 64 Codon sequences 
complete; 832 Weekly Codons cubed = 
Cube of Self-Perfection 


Eighth Stage, Way of Wielding Power 
Complete: Cosmic Awareness invokes 
CA Planetary Manitou. Galactic Brain 


RESPECT YOURSELF AND complete on Earth: 2013, Heaven on Earth. 
DO THE SAME FOR OTHERS 


Blue Western 
Quarter 


Weeks 27-39 


Resonant Moon 15 
to Planetary Moon 21 


Yellow Southern 
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Reaching 
the Source 


x 


Weeks 40-52 ; 


Planetary Moon 22 
to Cosmic Moon 28 


CA Manitou Woven 


|. CA Template complete 


White Northern 
Quarter 


Mind Enduring 


— 


=) 
Weeks 14-26 


Self-Existing Moon 8 
to Resonant Moon 14 


= 144 
Perfection 


Red Easte of Man 
Quarter 


Kem fee bem ese net 


Weeks 1-13 


Magnetic Moon 1 
to Self-Existing Moon 7 


WARRIOR INTELLIGENCE - Cube 16, Day 22 
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The volume of distribution for ethanol was first expressed by Widmark using a 
formula that still bears his name (Garriott, 2003): 


R 
fa TE. 
08 


where A is the volume of pure ethanol consumed, W the body weight, R the 
distribution ratio, C the blood ethanol concentration, and 0.8 the specific gravity 
of ethanol. 

There is a time lag from the period of intake of alcohol until the peak blood 
alcohol concentration is reached. This is regulated by the rate of alcohol absorption 
after oral intake. As described above, alcohol absorption is affected by numerous 
factors. Because of these factors, the time to reach peak blood alcohol concen- 
trations varies greatly and can range between 15 min and 2 h. Hence, if alcohol 
absorption is not complete, peak alcohol levels will not yet be reached. The BAC 
is a balance between absorption and elimination of ethanol (Winek and Esposito, 
1985). 

There can be a threefold variation in ethanol elimination rates among individ- 
uals. Gender, age, body weight, and even the time of day can influence the rate 
of ethanol metabolism. To back-extrapolate from a blood alcohol concentration at 
one time to a value at an earlier time, one needs to know an accurate value for 
the ethanol elimination rate, which is difficult in view of the large interindivid- 
ual variability in ethanol elimination kinetics. Also, to back-extrapolate, one uses 
linear kinetics, which may not be accurate, especially for the concentration range 
under consideration. The variability in individual rates of ethanol elimination, the 
difficulty in knowing exactly when absorption of ethanol was completed and how 
rates of ethanol elimination can change at different blood ethanol concentrations, 
cast some uncertainty on such retrograde calculations to an earlier blood ethanol 
concentration. 

Since BAC is a function of the balance between how much is entering the 
blood versus how much is cleared or removed, the liver, via metabolism, plays 
a very important role. The liver removes most of the ethanol via oxidation, with 
lesser amounts excreted in the breath, urine, feces, and saliva or converted to ethyl 
glucuronide (Figure 12.2). The cytochrome P450 enzymes in liver microsomes 
catalyze the conversion of ethanol to acetaldehyde and water in the presence of 
molecular oxygen and NADPH (Figure 12.3). The toxic acetaldehyde product is 
quickly converted to acetic acid via acetaldehyde dehydrogenase, as shown in 
Fig. 2. The rate at which ethanol is cleared from the blood varies from one person 
to another. Heavy drinkers and alcoholics tend to eliminate alcohol much faster than 
does the inexperienced drinker. In most people the rate of clearance from blood 
ranges from 0.01 to 0.025% per hour, and is even higher in some very tolerant 
drinkers, with a mean of about 0.017%. This is very important for the forensic 
toxicologist. 

Assume, for example, that an accident occurs at midnight and the alcohol content 
of a blood sample taken from the driver at a hospital at 2:00 A.M. (two hours later) 
was found to be 0.07%. Does this mean that the level was below 0.08% at the 
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Breath Urine Sweat (5%)<— CH3,CH,OH + NAD* —> Ethyl glucuronide (1%) 
i alcohol dehydrogenase 


CH3CHO + NADH + H* 





CH3CHO + NAD+ 
i aldehyde dehydrogenase 





CH,COOH + NADH + H* 


CO, <q —> H,O 


Figure 12.2 General scheme for ethanol oxidation. (a) <10% ethanol excreted in breath, 
sweat, and urine; (b) ~90% ethanol removed by oxidation; (c) most of this ethanol oxi- 
dation occurs in the liver; (d) ethanol cannot be stored in the liver; (e) no major feedback 
mechanisms to pace the rate of ethanol metabolism to the physiological conditions of the 
liver cell. 


CYP2E1 
NADPH + CH3CH,0H —> NADP* + CH3CHO + 2H,O0 
+ Op + H* 
Ethanol Acetaldehyde 


Figure 12.3 Microsomal (cytochrome P450) oxidation of ethanol in the liver. 


time of the accident? Well...it depends. Let’s assume that the person stopped 
drinking at a time prior to the accident, so that all the ethanol was absorbed from 
the person’s gastrointestinal tract at midnight (time lag). We can extrapolate the 
BAC to the time of the accident as follows: Using the average rate of 0.017 g/dL 
per hour for two hours, the BAC two hours earlier (12:00 midnight) would yield 
a BAC of 0.104 g/dL, using the average “burn-off” rate of 0.017 g/dL per hour. 
Under these circumstances this person would be considered legally intoxicated at 
the time of the accident. On the other hand, if the person stopped drinking very 
shortly before the time of the accident, the BAC would still be rising at midnight 
and would continue to rise and peak sometime between midnight and 2:00 a.m. This 
clearly complicates the estimation of what the level would have been at midnight, 
and caution needs to be applied to such assessments. Therefore, a considerable 
range of BACs may be possible, depending on the drinking pattern, and this must 
be taken into consideration when interpreting the data. 


12.3. ALCOHOL IMPAIRMENT AND DRIVING SKILLS 
Driving or operating automobiles or any other vehicles while under the influence of 


alcohol is dangerous and perhaps the most commonly encountered forensic issues 
associated with this drug. Legislation around the country has enacted various rules 
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mandating fines and penalties for driving under the influence of alcohol. Alcohol 
is a central nervous system depressant. The precise mechanism by which alcohol 
affects cognition and psychomotor control is not known completely, but the fact 
that it does so is very well documented and is well understood by most members of 
the public. To appreciate the effects of alcohol on driving skill, the complexity of 
driving itself must be recognized. Driving is a multifaceted process that requires a 
combination of hand-eye coordination, psychomotor function, muscle control, and 
cognitive function. Furthermore, driving is a divided-attention task, and the driver 
does not have the comfort of focusing exclusively on any one of these components, 
but rather, must concentrate on all simultaneously (i.e., monitoring a number of 
sensory inputs and responding appropriately with all the changing circumstances). 
Alcohol use can affect the implementation of individual tasks, and its effects are 
therefore more pronounced on more complex tasks, of which driving is a perfect 
example. 

Alcohol causes a slowing of nerve conduction, which results in slower reac- 
tion times, difficulty in processing information, and thus impaired performance in 
divided-attention tasks. People are clearly affected differently at different BAC val- 
ues for various reasons discussed previously. Sometimes the effects of alcohol are 
not apparent without specialized testing and must be elicited by tasks that challenge 
those abilities (see field sobriety tests for impairment). A person can be affected 
by alcohol to the extent that it can impair driving skills before overt signs of intox- 
ication (e.g., staggering and slurred speech) materialize. The BAC value at which 
driving ability is affected by alcohol use is a recurrent issue confronting forensic 
toxicologists, although most toxicologists agree that any person with a BAC above 
0.1 g/dL would have impaired driving skills, and those above 0.2 g/dL would show 
signs of overt intoxication on close inspection, even by a nonexpert. 

The pharmacology and toxicology of alcohol differ from person to person. Vari- 
ous behaviors and physiological functions affected by ethanol result in impairment 
of driving skills, including reaction time, tracking, vigilance or concentrated atten- 
tion, divided attention, information processing, visual functioning, perception, and 
psychomotor functions. Detrimental effects on reaction time are known to occur 
at BAC values in excess of 0.07 g/dL. Bloods levels of ethanol ranging from 
0.012 to 0.12 g/dL increase the reaction time more than threefold and BAC values 
over 0.12 g/dL impair reaction times even further. With more complicated tasks 
that require more than one attentive task occurring simultaneously (e.g., driving), 
increased reaction time is even more evident. This situation is known to occur with 
the impairing effects of ethanol on driving skills. Driving requires that a person 
control speed, track position, and maintain lane control, and monitor various out- 
side signals visually and react to them, all of which are impaired by increasing 
BAC. Since alcohol is a central nervous system depressant, it affects a wide range 
of these functions. (Connors and Maisto, 1980; Linnoila et al., 1980; Moskowitz 
et al., 1985; Steele and Josephs, 1988; Maylor et al., 1989 Lipscomb and Nathan, 
1980). Statistics consistently show that the crash risk is increased significantly when 
BAC values are above 0.04 g/dL. Several studies with automobile simulators have 
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shown that risk taking is affected at higher levels of alcohol, described as 0.106 g/dL 
(Mongrain, 1974). 

The area most often showing the greatest impairment with alcohol consump- 
tion is divided-attention performance. Driving is a task that requires considerable 
divided attention, and decrements have been shown to occur with BAC as low as 
0.02 g/dL and worsens with increasing BAC. The second-fastest rise in impair- 
ment occurs with tracking performance, which can occur at or below 0.05 g/dL. 
Driving is a time-sharing task that requires two activities: compensatory tracking 
and visual search. Divided-attention tasks are particularly sensitive to the effects of 
rising BAC, and such impairment may begin to occur at very low levels of BAC 
(<0.02 g/dL) for some people. There is sufficient evidence to suggest that BAC 
values of 0.05 g/dL and above are capable of producing impairment of the major 
components of driving skills, including reaction time, tracking, divided-attention 
performance, information processing, visual functions, and psychomotor impair- 
ment (Nito et al., 1964; Money et al., 1965; Aschan and Gergstedt, 1975; Baloh 
et al., 1979; Fagan et al., 1987). A major factor that determines the magnitude of 
such impairing effects in a person is tolerance (see the discussion below). Tolerance 
to some of the impairment parameters of ethanol can occur, but the extent to which 
it develops is very difficult to predict (Levine et al., 1975; Lipscomb et al., 1980; 
Wilson et al., 1984; Niaura et al., 1988). However, it is known that the impairing 
effects of alcohol on experienced versus naive drinkers is attenuated for some of 
these tasks in heavy drinkers. Even so, serious effects of alcohol on driving skills 
occur in all subjects at BAC levels of 0.10 g/dL or higher, and cognitive function 
will also be affected in these subjects. 


12.4 FIELD SOBRIETY TESTS 


Field sobriety tests, including the walk and turn, one-leg stand, and horizontal 
gaze nystagmus, are commonly used in field testing to detect impairment (Aschan, 
1958). Fundamentally, these are only screening tests that presumptively detect 
impairment and must be followed by some other analytical measurement of blood 
alcohol content directly or via extrapolation. Horizontal gaze nystagmus is more 
reliable at predicting blood alcohol content than the walk and turn and the one- 
leg tests. Field sobriety testing is generally applicable to blood alcohol levels of 
0.08 g/dL and above. At lower levels more studies are needed. Consequently, at 
levels lower than 0.08 g/dL, field sobriety tests will not be helpful. Furthermore, the 
field sobriety test must take into account factors such as prescription medications 
or altered health status, such as neurological or orthopedic problems. 
Pharmacologically what happens when a person starts to drink alcohol? At first, 
as the BAC begins to rise, there is an apparent stimulatory effect. The person 
may become more talkative and they may seem more social and have increased 
self-confidence. This effect is not a stimulatory effect of ethanol but a depression 
of the inhibitory centers of the brain. As the BAC increases, impairment of judg- 
ment, decision making, perception, motor function, and reaction time occurs. The 
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impairment of motor function and muscular coordination starts to affect the abil- 
ity to walk, speak, and maintain balance. Significant and progressive reduction in 
mental and physical abilities continues as the BAC rises and the person is visibly 
intoxicated. In relatively low-tolerant or inexperienced drinkers, a BAC value over 
0.30% can result in loss of consciousness and possible death, and with concentra- 
tions rising over 0.40%, death becomes increasingly likely. Chronic heavy use leads 
to a high incidence of brain damage, liver disease, heart disease, stroke, metabolic 
disorders, and oral, lung, and liver cancers, and abuse during pregnancy increases 
the risk of fetal malformations and development of fetal alcohol syndrome. 

Tolerance is the lessening of the effectiveness of a drug after a period of pro- 
longed or heavy use (Levine et al., 1975; Lipscomb et al., 1980; Wilson et al., 
1984; Niaura et al., 1988). Studies have shown that chronic alcohol users can 
have as much as twice the tolerance for alcohol as an average person. Tolerance 
develops from two separate mechanisms: dispositional (or metabolic) and func- 
tional. Metabolic tolerance occurs because the drug is metabolized or inactivated 
at a faster rate after prolonged use (Lipscomb and Nathan, 1980). Thus, a given 
dose produces a lower BAC value. Functional tolerance is an actual change in a 
person’s sensitivity to the drug at an organ or biochemical system level. With func- 
tional tolerance, greater amounts of the drug are required to elicit similar effects 
with increasing use of the drug. It is important to note that even in heavy users 
of alcohol, impairment is clearly measurable at the BAC levels that are currently 
used for traffic law enforcement. Tolerance is not complete for all systems and 
may be marked in some but not others. However, it is significant to note that even 
though cognitive impairment is present, many highly tolerant persons are capable 
of engaging in physical activities and actions (including fighting) at levels that 
would result in unconsciousness or even death in nontolerant persons. 


12.5 BLOOD ALCOHOL MEASUREMENTS 


Early blood alcohol testing involved distillation methods based on alcohol from 
the blood, followed by oxidation and titration. One of the carryovers of these 
techniques is the use of whole blood as the sample of choice for legal blood alcohol 
determinations in body fluids. Although popular up until the 1970s, such methods 
have largely been replaced by enzymatic and gas chromatographic methods (Jones 
and Pounder, 1997). 


12.5.1 Enzymatic Methods 


Enzymatic methods are attractive because they can be automated readily and thus 
allow for high-throughput analysis. Typically, enzymatic ethanol determinations are 
often done as part of a test panel on plasma or serum for other clinical chemistry 
parameters. This is often done in a medical laboratory setting and is not consid- 
ered “forensic” testing. The use of plasma is an important consideration, since 
the reports issued by hospital laboratories often do not specify the specimen type. 
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Plasma contains more water than whole blood, and correspondingly more alcohol 
per milliliter. The accepted practice for converting a plasma or serum alcohol into 
a whole blood alcohol is to divide by 1.18, although a range of 1.10 to 1.30 gives 
a 95% confidence interval for the corresponding whole BAC. The fact that there 
is a range associated with this conversion makes measurement directly in whole 
blood the method of choice. 

Enzymatic methods rely on the enzyme-specific oxidation of ethanol to acetalde- 
hyde with alcohol dehydrogenase. This oxidation requires reduction of the cofactor 
oxidized nicotinamide—adenine dinucleotide (NAD*) to NADH, which is accompa- 
nied by a change in absorbance that can be monitored spectrophotometrically. Enzy- 
matic methods can be susceptible to interference from other alcohols oxidized by 
the same enzyme, but the differential kinetics of these reactions lends some speci- 
ficity to the method. When calibrated using the appropriate standards, conducted in 
duplicate, and analyzed alongside matrix-matched controls with acceptable results, 
enzymatic oxidation can be an acceptable forensic method of determining BAC. 
These precautions are rarely followed in a clinical setting, however, and the use 
of hospital alcohol results for forensic purposes should be interpreted with this 
limitation in mind. 


12.5.2 Headspace Gas Chromatography 


By far the most popular, precise, and accurate method of determining blood alco- 
hol is by gas chromatography (GC). This technique has the advantages of being 
semiautomatable, extremely reproducible, and compatible with multiple sample 
types. Currently, both packed column and capillary column procedures are popular 
and acceptable for forensic blood alcohol analysis. GC assays provide the greatest 
amount of flexibility and specificity in analyzing for these volatile compounds. 
Direct injection of biological samples into GC columns has been used in the past 
as the method of sample introduction. This typically leads to column contamination 
and decreased performance. 

The incorporation of headspace sampling into the method prevents the buildup 
of nonvolatile contamination at the head of the column and helps to maintain 
consistent performance and extend column lifetime. Analysis time and resolution 
are two critical factors when developing a GC assay for ethanol. Analysis time for 
each sample should be as short as possible, while maintaining baseline resolution 
for all analytes. 

An aliquot of blood (200 jtL) in sodium fluoride and potassium oxalate is 
removed in duplicate to test for ethanol and other volatiles of low relative molecular 
mass. This is performed by mixing the blood using an automated pipettor or diluter 
with 2 mL of a 3 M NaCl solution that contains 1.0 g/L of 1-propanol as the 
internal standard. The mixed sample is dispensed into a 10-mL septum-topped vial 
and sealed. The vials are loaded into an automated headspace autosampler attached 
to a GC equipped with flame ionization detection (FID) in duplicate. Each sample 
is run in combination with a set of contemporaneous calibrators (0.4, 0.8, 1.6, 
and 3.2 g/L), a blank following the highest standard, and an externally purchased 
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reference control after every tenth sample. The preservatives are important in this 
analysis. The sodium fluoride is an enzyme poison that will retard the formation 
or degradation of alcohol by bacteria. This is especially important in postmortem 
casework in which there is significant opportunity for bacterial contamination after 
death or at autopsy. It is less significant in blood drawn under sterile conditions from 
a living person. The potassium oxalate is an anticoagulant, which ensures that the 
blood remains homogeneous and does not separate into red cells and serum, since 
the water-enriched serum sample would contain more ethanol than would the whole 
blood. Since GC—mass spectrometry (GC-MS) is typically not used to test volatiles 
of low relative molecular mass, the use of complementary GC columns for duplicate 
testing is highly desirable, since (as in this case) the retention times obtained as a 
result of the different selectivity of the two columns provide an added dimension in 
the identification of a compound. Frequent calibration is desirable, but not essential. 
However, if a laboratory performs quantifications using a historical calibration 
curve, the reliability of the curve should be checked frequently with appropriate 
and comprehensive controls. Control samples obtained from and certified by an 
external vendor allow the laboratory to demonstrate the accuracy of its procedure 
by comparison with other laboratories. 

When blood samples are analyzed for forensic purposes, civil or criminal, 
a standard procedure is to make duplicate determinations (Gullberg and Jones, 
1994; Andreasson and Jones, 1996). The concentration of blood alcohol should be 
reported with the confidence limits such as 95% or 99% (Goldstein, 1983; Jones 
and Schubertz, 1989). Therefore, it is crucial that in hospital laboratories, the cali- 
bration of standards test by biological specimens along with the unknowns be done 
and kept on record for forensic evidence (Fraser, 1986). Cases have been thrown 
out of court due to the absence of the raw standardization data. Analyses done by 
a clinical toxicology laboratory and a certified forensic lab are dissimilar. Forensic 
laboratories perform analyses on samples of whole blood, whereas clinical labora- 
tories usually measure plasma or serum ethanol concentration. The water content 
of plasma and serum is higher than that of whole blood and therefore requires an 
appropriate conversion (Winek and Carfagna, 1987; Frajola, 1993). Typically, the 
range is between 15 and 20% for plasma as compared to whole blood, and this 
conversion factor should be used in forensic work (Rainey, 1993). This difference 
may be significant in some cases, and should not be missed. 


12.5.3 Breath Alcohol Testing 


Driving under the influence (DUI or DWI) of alcohol and drugs is one of the most 
significant issues associated with abuse of these materials. Several testing strategies 
have been developed and introduced to assess the role of alcohol intoxication in 
impaired driving and to detect and prosecute offenders. Alcohol is still the drug 
that contributes most often to impaired driving. The smell of alcohol beverages on 
the breath has long been recognized as an indication that a person has consumed 
ethanol. Alcohol is eliminated unchanged in the breath and hence provides a means 
by which alcohol can be measured in the body. Breath alcohol instruments were 
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developed to provide a fast and easy way of monitoring BAC indirectly. Analysis 
of a person’s expired air provides an indirect way of monitoring volatile substances 
in the pulmonary blood. Breath has become the biological specimen of choice for 
measuring alcohol concentration in association with the enforcement and prosecu- 
tion of drivers suspected of being impaired. Some of the reasons for this preference 
include: 


¢ Breath collection is generally considered to be noninvasive. 

¢ Rapid and inexpensive analysis allows for timely results, often as a field test. 
e Analysis is straightforward and requires minimal operator training. 

¢ Analysis does not require sophistcated laboratory equipment to obtain results. 


These factors have combined to establish breath alcohol analysis as the most 
common forensic analysis employed in drunk-driving enforcement and workplace 
alcohol testing. Typically applied as a field test by a trained user, the interpretation 
of results begins with a clear understanding of the purpose of such measurement. 
Two classes of instrument for breath alcohol analysis can be distinguished, based on 
whether the results are intended for qualitative screening or as evidentiary testing 
for prosecution purposes. For example, prearrest screening breath tests clearly have 
a different purpose from that of the subsequent evidential breath test, which may 
be used as binding evidence in court. The serious implications associated with a 
drunk-driving conviction necessitate, at a very minimum, a sound forensic breath 
test protocol, which includes: 


Trained and qualified instrument operators 

At least 15 min of pre-exhalation observation 

Internal instrument standards to verify calibration 

Collection of duplicate breath samples 

Appropriate agreement (1i.e., +10% of the mean) between duplicates 
External control standards 

Blank tests performed between all measurments 

Appropriate printout of all data 


SaaS ee eS eee 


Error detection systems 


S 


Instruments evaluated periodically according to an established quality assur- 
ance procedure to ensure optimal analytical performance, including accuracy, 
precision, linearity, and critical-system evaluations (e.g., acetone detection, 
radio-frequency interference detection, mouth alcohol detection) 


12.5.4 Breath Alcohol Instrumentation 


Ethanol is detectable in the breath and hence provides a means by which evidentiary 
testing can be accomplished to provide direct onsite collection and analysis of blood 
alcohol concentration for forensic purposes, principally for traffic law enforcement. 
The important characteristic of ethanol that allows for its measurement in the field 
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is that ethanol is volatile. The theory that provides the foundation for such testing 
is based scientifically on the fact that the distribution of ethanol between the blood 
and the alveolar air obeys Henry’s law. Therefore, at a given temperature, a direct 
relationship exists between the amount of alcohol (volatile substance) dissolved in 
blood (liquid) and the amount of alcohol in the vapor above the solution (alveolar 
air). At the temperature of expired air (34°C), the amount of ethanol in 2100 mL 
of alveolar air is assumed to be equivalent to the amount of ethanol in 1 mL 
of venous blood. Various instruments have been developed to take advantage of 
this ratio (2100: 1). Various handheld devices are available for roadside testing 
and prearrest screening. For more controlled quantitative analysis of BrAC for 
evidential purposes, the instruments are much larger and more sophisticated, and 
include ways to check calibration, analyze alcohol free air, and produce hardcopies 
of the results. The best-known and most robust chemical handheld roadside breath 
alcohol screening tests generally utilize a fuel cell—based technology. These sensors 
oxidize ethanol to acetaldehyde and in the process produce free electrons, with the 
electric current generated directly proportional to the amount of alcohol present in 
the sample. Other alcohols present in the breath, such as methanol and isopropanol, 
also undergo chemical oxidation, although at different rates. Acetone (e.g., untreated 
diabetes) exhaled in the breath is not oxidized and will not cause a false positive. 
However, if acetone levels are exceedingly high, isopropanol can be formed in 
the body by reduction of acetone. Also for alcohol, enzymatic tests with a color 
endpoint have been developed for the field measurement of saliva alcohol. Such 
tests may have some potential value as screening tests in instances where the subject 
cannot provide breath, such as if injured and immobile. 

In 1938, Rolla Harger developed the first commercially available forensic breath 
alcohol instrument intended for law enforcement applications, called the Drunk-o- 
meter. To use the Drunk-o-meter, the person being tested blew into a balloon and the 
air in the balloon was then released into a chemical solution containing potassium 
permanganate. If there was alcohol in the breath, the chemical solution changed 
color. The greater the color change, the more alcohol in the breath. The level of 
alcohol in a person’s blood could then be estimated by a simple equation. This was 
a wet chemistry method based on optical measurement of the color change that 
occurred in potassium permanganate resulting from the oxidation of alcohol in the 
breath sample. This was largely replaced by the much more portable Breathalyzer 
developed in the 1950s. The Breathalyzer also utilized a colorimetric technique fol- 
lowing the oxidation of alcohol in a potassium dichromate solution. As concerns 
began to develop that there was a lack of specificity and accuracy of wet chemi- 
cal methods, instruments that employed the optical absorption of infrared energy 
according to Beer’s law began to replace these methods for most forensic appli- 
cations during the 1970s. Several variations of the infrared technology have been 
applied, including the use of multiple wavelengths to increase the specificity for 
ethanol. Most evidential breath-testing instruments used today identify and measure 
the concentration of alcohol by its absorption of infrared energy at wavelengths 
of 3.4 and/or 9.5 um, which correspond, respectively, to the C—H and C—O 
vibration stretching in the ethanol molecules. 
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During the 1980s, fuel cell technology emerged as a useful analytical method in 
forensic breath alcohol measurement. Although fuel cells have been employed typ- 
ically in screening devices, their technology has improved dramatically in recent 
years. Selectivity has been enhanced in one modern evidential instrument, the 
Alcotest 7110 (Draeger Instruments, Durango, CO), which now employs both 
infrared and fuel cell methodologies to quantify ethanol in breath and represents 
the first dual technology breath alcohol instrument. Employing two different and 
independent measuring systems, infrared spectroscopy and electrochemical cell 
technology, it provides the highest level of forensic and legal veracity. Such true 
dual-sensor instruments are now readily available on the market. By means of 
these instruments, both the electrochemical sensor and the infrared-optical sensor 
operating at 9.5-1.m-wavelength quantify BrAC. 

Modern breath alcohol instruments offer several advantages over their predeces- 
sors. The modern instruments are computerized, which greatly reduces the potential 
for operator error and ensures compliance with specific protocol requirements. In 
addition, automated instruments enable rapid analysis, error detection, ensured com- 
pliance with breath sampling parameters, automated purging of sample chamber 
and signal processing, regulation of test protocol and sequence, data collection and 
hardcopy printout of results. Measurement quality control is enhanced, therefore, 
by allowing only those test results that fully conform with predetermined standards 
to be printed out and to qualify as evidence in court. Contemporary instruments 
also allow features of “intelligent measurement” to be incorporated. These fea- 
tures permit the instrument to “make decisions” regarding test performance, run, 
or analytical properties. Data collection features also allow for the development of 
control charts and other methods to evaluate instrument and programmed perfor- 
mance over time. Various forms of data analysis can provide relevant information 
to the courts and enhance confidence in the results. Many features of the emergent 
analytical technology have been integrated advantageously into forensic breath test 
instruments. 


12.5.5 Conversion from BrAC to BAC 


The extrapolation from breath alcohol content to blood alcohol content level at the 
time of accident or arrest is one of the most important steps in the forensic process. 
While the conversion process takes into account simple mathematical conversion, 
it is imperative to understand that in most cases the extrapolation of the amount 
of blood alcohol concentration to a time other than the time when the specimen of 
body fluid or breath was taken from the subject is applicable only to the average 
person in a normal physical condition and may not be relevant otherwise. Current 
research has shown that there are multiple variables, such as blood breath ratio, 
absorption rates of alcohol, elimination rates of alcohol, and difference in total 
body water (Winek and Esposito, 1985; Karch, 1997). The analyst should be aware 
that the BAC/BrAC ratio of alcohol changes as a function of time after drinking, 
depending on whether the test was done on the absorptive or postabsorptive phase 
of the alcohol curve, which my have an important bearing on the interpretation of 
these results. 
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12.5.6 Urine and Saliva 


Urine has been used in some jurisdictions as a specimen for forensic alcohol test- 
ing. It is amenable to analysis by both the enzymatic and chromatographic methods 
described above. Its major limitations are collection and interpretation. Urine col- 
lection, if observed, raises privacy issues, and if not observed, raises issues of 
chain of custody and the potential for adulteration, substitution or dilution. With 
respect to interpretation, urinary alcohol concentration is an indirect measure of 
BAC. Urine is formed in the kidneys as an ultrafiltrate of blood. As with plasma, 
therefore, a factor must be applied to account for the higher water content. Of 
more importance, however, is the fact that since urine is formed over time, the 
urine alcohol concentration is an average corresponding to the blood concentration 
over the time during which the urine was formed and collected in the bladder. Since 
this can cover an appreciable amount of time (up to several hours), even a urine 
sample corrected for water content may not reflect the true BAC at the time of urine 
collection. To correct for this, for forensic purposes urine is generally collected for 
analysis about an hour after an initial void. The subject is directed to empty his or 
her bladder, after which he or she is allowed a period of time (approximately an 
hour) during which new urine corresponding to their current BAC is formed and 
collected for testing. Such complications and the associated problems of interpre- 
tation mean that urine alcohol determination is not a preferred forensic approach, 
although it is acceptable in many jurisdictions. Problems with interpretation are 
generally legislated away with a statutory per se urine alcohol offence. 

Saliva or oral fluid is a plasma ultrafiltrate produced through the parotid and other 
glands in the oral cavity. Drugs, including alcohol, that are present in the blood will 
also be found in the saliva (Jones, 1981, 1993). Care must be taken when examining 
oral fluid for alcohol because it can be subject to contamination from drugs and 
alcohol simply present in the oral cavity. The length of time of the contamination 
depends on the drug’s lipophilicity and water solubility. Mouth alcohol is generally 
dissipated by absorption and exhalation within 15 min. This is why at least a 15- 
to 20-min observation and waiting period is stipulated prior to the subject being 
offered an evidential breath test, and a similar waiting period is essential for a test 
of salivary alcohol. A number of companies have marketed oral fluid alcohol test 
kits, which are based on the principle of enzymatic oxidation. These are to be used 
as screening devices because their quantitative accuracy is variable. 

Generally, from an analytical standpoint there is a good correlation between 
circulating blood alcohol and oral fluid alcohol concentrations, and a properly 
collected and preserved oral fluid sample can be subjected to an analysis, usually 
by headspace GC, with good-quality results. Samples are usually collected in a 
tube with minimal headspace to prevent loss, together with appropriate preservative 
(enzyme inhibitor) to prevent postcollection alcohol production. 


12.5.7 Ethyl Glucuronide 


This is a compound formed from a minor metabolic pathway of ethanol (Yegles 
et al., 2004). Less than 1% of ingested ethanol is conjugated in the liver with 


BLOOD ALCOHOL MEASUREMENTS 451 


glucuronic acid to form a water-soluble compound that is present in blood and 
excreted in urine. It has also been detected in hair, and this is currently being used 
in some alcohol and drug monitoring plans clinically (Jurado et al., 2004; Skip- 
per et al., 2004). Ethyl glucuronide is a stable compound and a specific indicator 
for ethanol ingestion and has been applied to some forensic applications; how- 
ever, measurement of EG levels in both blood and urine do not bear a constant 
relationship to BAC (Schmitt et al., 1997; Bergstrom et al., 2003; Jurado et al., 
2004; Skipper et al., 2004; Yegles et al., 2004). The demonstration of EG in a 
specimen only indicates recent (within the last 40 h or even longer) ingestion of 
ethanol, which limits its use. It is capable of determining whether or not the person 
had been drinking in the recent past. A serum ethyl glucuronide concentration of 
greater than 5 mg/L when the BAC is less than 0.10 g/dL has been suggested as 
representing alcohol misuse (Drummer, 1999). 


12.5.8 Postmortem Determination of Alcohol 


One of the primary roles of the forensic toxicologist is to determine the role of drugs 
and alcohol in establishing a cause of death (Pounder and Jones, 2006). Ethanol is 
a major analyte in postmortem forensic determinations (Turkel and Clifton, 1957; 
Zumwalt et al., 1982). Commonly, the forensic toxicologist must opine on the role 
that alcohol may have played in a forensic case in both criminal and civil cases. 
This includes traumatic injuries such as motor vehicle accidents, alcohol poisoning, 
criminal behavior and human performance toxicology, and occupational incidents, 
to name but a few. There are major issues associated with the interpretation of the 
analytical alcohol results on samples obtained at autopsy. These are mostly due 
to the lack of homogeneity of blood samples, postmortem alcohol production or 
loss, and disruption of the gastrointestinal tract following traumatic injury, resulting 
in the release of alcohol into the surrounding tissues. However, with proper care, 
ethanol analysis can be accomplished with high confidence on postmortem samples. 
Postmortem forensic analysis is discussed in detail in Chapter 13, so the topic is 
only summarized here. 

Blood is the usual specimen provided for postmortem ethanol analysis. The 
site from which postmortem blood is collected is important (Plueckhahn, 1968; 
Prouty and Anderson, 1987). The preferred site is the femoral vein. Blood from 
the pericardial sac or chest cavity can have falsely elevated alcohol levels due to 
postmortem diffusion of alcohol from the stomach (Plueckhahn and Ballard, 1967; 
Pounder and Smith, 1995). As with antemortem blood, samples should be collected 
into containers with appropriate preservative (sodium fluoride) and anticoagulant 
(potassium oxalate), depending on how the analysis is to be performed. Because 
of ethanol’s uniform distribution through the body, other fluids and tissues can 
be used for analysis as well. Vitreous fluid from within the eye consists of 99% 
water with small amounts of salts and mucoproteins. It is in an enclosed space and 
is not normally subject to contamination by microorganisms, and these specimens 
are easily collected at autopsy. Vitreous is important because due to its anatomical 
location, it is usually well preserved after death and is generally unaffected by 
postmortem changes. The high water content of vitreous means that measured 
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ethanol levels should be comparable to blood levels. The ratio of blood to vitreous 
concentration is between 0.57 and 0.96, with a value of 0.85 the most commonly 
used best estimate. Blood has a lower water content than vitreous, so the expectation 
is that the equilibrium blood vitreous alcohol ratio will be less than 1. In cases where 
the blood/vitreous ratio exceeds 1 it is likely that death occurred while the person 
was in the absorptive phase and before diffusion equilibrium had been obtained, 
and this observation may be of forensic significance (Sturner and Coumbis, 1966; 
Felby and Olson, 1969; Kraut, 1995; Yip, 1995). 

Urine collected from the bladder like vitreous is resistant to postmortem 
contamination by microorganisms. Postmortem alcohol production in urine occurs 
only when the urine contains large amounts of glucose (diabetes) or there was a 
urinary tract infection during life (Drummer, 1999). Urine is easily sampled at 
autopsy provided that the bladder is intact. A urine alcohol measurement does not 
reflect the alcohol content of urine at any point in time (i.e., time of death). It 
may be a useful specimen to use to assess possible prior consumption of alcohol. 
Urine concentrations are generally similar to those of blood but may vary 
considerably and should not be used to predict BAC without incurring a large 
error. As long as this is recognized, urinary alcohol estimation can be a useful 
measurement. 


12.5.9 Quality Assurance of Alcohol Testing 


Monitoring of the day-to-day performance of the collection, storage, and analytical 
methodology is a vital component of a proper forensic alcohol analysis (Moffat 
et al., 2004). The laboratory must have the highest confidence that the quality of 
the data produced is of utmost precision and accuracy because the results are often 
used for criminal prosecution or civil litigation. Use of a range of replicate deter- 
minations is an important means of controlling the quality assurance of test results. 
All specimens are carefully inspected when they arrive and the condition is noted. 
When needed, preservatives and anticoagulant are used to inhibit enzyme activity 
to prevent post-collection microbiological production of alcohol and blood clot- 
ting in the samples, respectively. Proper labeling is essential, with all the required 
identifying information to be included in a suitable label. The collection container 
must be properly sealed to prevent unauthorized tampering or loss of sample dur- 
ing transport and storage. For specimens that are stored, appropriate refrigeration 
(—4°C) of the samples is needed to prevent loss of the volatile alcohol, and the 
rate of lost alcohol during this time needs to be established. Calibration and mea- 
surements of controls and standards must be completed and documented by the 
measuring laboratory, and copies of the analytical data, including chromatograms 
should be maintained in a secure storage facility so they are available for scrutiny 
or produced as evidence. The laboratory performing the alcohol analysis must be 
properly accredited and must participate in external proficiency testing to establish 
that all results produced are precise and accurate. Failure to do so greatly reduces 
the confidence in the data produced and may result in the data being inadmissible 
in court. 
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13.1 INTRODUCTION 


One aspect of forensic chemistry is forensic toxicology, the discipline that analyzes 
biological fluids and tissues for the presence of drugs and poisons, determines their 
concentration, and interprets the findings. The results may be helpful in determining 
whether one or more drugs played a role in a person’s injury, illness, behavior, or 
death. Thus, forensic toxicology can be divided into clinical toxicology, human per- 
formance toxicology, employment drug testing, and postmortem toxicology. This 
fascinating and challenging profession draws on the disciplines of pharmacology 
and of biochemical, analytic, and organic chemistry. It is not our purpose here to 
present an inclusive detailed treatise on forensic toxicology, as excellent source 
materials of this nature are available. Methods for the extraction of drugs from 
various tissues and the analytical procedures used for the detection and measure- 
ment of drug concentration have been described in many textbooks and reference 
books (Chamberlain, 1995; Wong and Sunshine, 1997; Levine, 2006; Smith et al., 
2007), as have the effects of drugs (Marquardt et al., 1999; Brunton, et al., 2005; 
Klaassen, 2008). The reader interested in pursuing these topics in more detail is 
encouraged to utilize these and all other relevant sources of information. 

In this chapter we focus on a special area of forensic toxicology: postmortem 
toxicology. We wish to present to the forensic scientist an overview of the current 
key issues involved in the practice of postmortem toxicology. Several earlier articles 
discussing this particular area of forensic science are cited (Prouty and Anderson, 
1990; Hilberg et al., 1999b; Drummer, 2004, 2007; Skopp, 2004; Dolinak, 2005; 
Levine, 2006; Rodda and Drummer, 2006; Spitz and Spitz, 2006; Watterson et al., 
2006; Karch, 2007; Garriott, 2008). 

Postmortem forensic toxicology is an essential and integral component of any 
comprehensive medicolegal investigation into the cause and contributing circum- 
stances of death. As such, it is essential that it be carried out appropriately and 
efficiently in order to provide the necessary information. An inclusive toxicological 
investigation encompasses knowledge of case history, specimen selection, choice of 
extraction procedures, application of multiple analytic techniques, and interpretation 
of findings. 
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Postmortem toxicology involves the analysis of tissues and fluids taken from 
cadavers, either shortly after death or from decomposed or exhumed bodies, and 
also from formalin-fixed specimens. Each presents special situations that must be 
taken into consideration to ensure proper interpretation of the data. Drug samples, 
drug paraphernalia, and prescription items may also be found at the site of death 
and usually become part of the postmortem toxicological examination. 

Postmortem tissues taken from a person who had been confined to a hospital for 
an extended period may have limited value because of drug clearance occurring 
over a period of time prior to death. However, the analysis of antemortem blood and 
urine, when available and especially if taken around the time of hospital admission, 
may become essential in postmortem protocols when there has been a prolonged 
period of survival, or when extensive administration of transfusions occurred prior 
to death. 

Knowledge of the case history is very important. The circumstances surrounding 
the death or the indicated use of specific agents may require the use of non- 
routine procedures to check for the possible presence of certain classes of drugs 
or poisons that are not necessarily included in the routine protocols. Examples 
of such substances are digoxin and other cardiac glycosides, insulin, quaternary 
ammonium muscle relaxants, water-soluble or very highly polar compounds [e.g., 
y-hydroxybutyrate (GHB)], and salts of heavy metals. Such substances have been 
encountered in homicidal or other criminal poisonings, and some following thera- 
peutic treatments. There must be knowledge as to appropriate specimen selection 
and preservation. Certain specimens may be particularly appropriate for a particu- 
lar drug or where the condition of the body is a factor. Issues such as postmortem 
redistribution of drug from its site at the time of death (discussed below) and 
postmortem drug stability or transformation play key roles both in the choice 
of specimen as well as in the subsequent interpretation of findings (Drummer, 
2004; Skopp, 2004). Cases involving decomposed, dismembered, embalmed and 
exhumed bodies require special attention in order to maximize the utilization of 
such specimens as are available at autopsy. 

Once an analyte has been detected in bodily fluids and tissues, questions arise. 
Is the concentration of analyte reflective of its concentration at the time of death, 
or is it higher or lower than at the time of death? Conditions that can alter drug 
concentration include changes resulting from human enzymes, bacterial enzymes, 
pH, temperature, and hydrolysis. Do the levels of drug found represent an overdose, 
intentional or otherwise, or a therapeutic level? Are tolerance and/or pharmacoge- 
nomics issues? Information as to the interval of time between death and the finding 
of the body, or information concerning therapeutic treatments of the person prior to 
death, is often not available. An additional factor to be considered when interpret- 
ing drug levels is the situation when a decedent had received significant amounts 
of replacement fluids prior to death. This is not, however, a simple “dilution” effect 
since the infusion of fluid results in efforts to reestablish new equilibrium between 
tissues and blood. Thus, the forensic toxicologist must consider a host of factors 
in reaching a decision as to the manner and cause of death. A primary objective 
of this chapter is to discuss those factors that can make it difficult to interpret 
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postmortem toxicological findings in deciding whether or not a drug played a role 
in causing a person’s death. 


13.2 TISSUE AND FLUID SPECIMENS 


Postmortem specimens taken at autopsy may include blood, urine, bile, cere- 
brospinal fluid, vitreous humor, gastric contents, meconium, various organs, bone, 
teeth, hair, and nails. If an autopsy is not performed, the postmortem specimens 
collected usually include peripheral blood, urine, and vitreous humor. 


13.2.1. Blood 


It needs to be emphasized that postmortem blood, even if obtained quickly after 
death, has already been affected by processes that occur at the time of death, 
such as loss of cell membrane potential and the initiation of hemolysis. Other 
postmortem processes begin early on and generally increase with increasing post- 
mortem interval. Hence, any sample of postmortem blood is not physiologically 
or toxicologically equivalent to a clinical sample. Proper selection of the sites for 
blood sampling is crucial because of the phenomenon of postmortem redistribution. 
This is defined as the postmortem movement of drug away from its location at the 
time of death to another site in the body. Several basic mechanisms are believed 
to be involved (Pélissier-Alicot et al., 2003). 

One mechanism is diffusion of drug from inside cells into the surrounding blood. 
This starts with loss of integrity of the cell membrane, which occurs at the moment 
of death and generally results in unregulated flow of substances, both endogenous 
and exogenous, out of cells. Because of this mechanism, postmortem blood is not 
used for the determination of electrolytes and glucose. 

A second mechanism is release of drug from certain tissue depots and the subse- 
quent formation of drug concentration gradients directed toward blood in the heart 
chambers. Of particular importance is antemortem accumulation of drug in lung 
tissue, which can act as a depot for many drugs, especially those that are lipid 
soluble. The postmortem release of drugs from lung depots results in the move- 
ment of drug via the pulmonary veins into the heart chambers. Such postmortem 
diffusion generally occurs with those drugs that have high volumes of distribution 
(=3 L/kg) and attain high lung levels; however, there is no hard-and-fast rule for 
this (Hilberg et al., 1999a). The release of drug from tissue depots is believed to 
involve the disruption of nonspecific drug—macromolecular binding as a result of 
pH changes and denaturation. Those drugs that concentrate in heart tissue will be 
released directly into heart blood, and sampling from the chambers would give an 
incorrect concentration of drug in blood at the time of death. It is known, however, 
that highly lipophilic drugs may move from blood into adipose tissue. 

A third mechanism is the diffusion of drug away from the gastrointestinal and 
hepatic systems, which ultimately enters heart blood. This mechanism is particularly 
relevant when death occurs in the nonequilibrium phase; that is, significant amounts 
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of drug are still present in the stomach, intestines, and in the portal vein—hepatic 
system. Thus, for example, ethanol from the gastrointestinal tract can redistribute to 
the pericardial and also to the pleural fluids (Plueckhahn, 1967). Thus, it is essential 
that when blood is taken for analysis, a sample be drawn from peripheral sites 
such as the femoral veins (or subclavian veins), as quantitation on femoral blood 
is considered to be the most reliable measure of the antemortem concentration just 
prior to death (Dalpe-Scott et al., 1995; Hilberg et al., 1999b). However, whenever 
possible, the results derived from femoral blood should be compared with results 
from other tissues and fluids. 

The production of gases during decomposition and the resulting pressures can 
result in the mixing of blood from different sites (Prouty and Anderson, 1990). A 
sample of femoral blood may contain blood from the inferior vena cava, and cardiac 
blood may contain blood from the vena cava, subclavian, pulmonary, and aortic 
vessels. Other factors that make interpretation of postmortem blood data difficult 
include the degree of hemolysis, or any other changes in the blood matrix. There- 
fore, unlike clinical toxicology, where blood is separated into plasma or serum, 
whole blood is almost always analyzed in postmortem toxicology. Analysis of 
blood clots, especially after trauma such as head injury, may be useful for deter- 
mining drug exposure prior to death, especially in cases of prolonged survival, 
during which time the circulating blood may have been cleared of drug. The con- 
centration of drug in a blood clot may reflect the concentration in blood at the 
time of clotting, assuming that formation occurred at the time of injury. But care 
in quantitative interpretation is important since the consistency of the clot differs 
from that of circulating blood, because formation of the clot cannot always be 
assumed to be instantaneous (where there is a survival time before death) and 
because clots themselves may partially break down and release drug. 


13.2.2 Urine 


Unless death is so rapid as to preclude the drug from being excreted into the 
bladder, urine is useful for initial screening for the different classes of drugs and 
for their metabolites. Finding drugs in urine indicates prior usage but cannot itself 
be used to indicate any level of impairment or the concentration of drug in blood 
prior to death. Urine analysis presents fewer problems than blood analysis; for 
example, urine does not readily support bacterial growth. 


13.2.3 Vitreous Humor and Cerebrospinal Fluid 


Analysis of vitreous humor serves several useful roles. It must be emphasized, how- 
ever, that vitreous humor is useful only when bodily decomposition has not set in. 
There is some evidence that determination of potassium levels in vitreous humor 
may be useful in some cases for approximating the postmortem interval (PMI). 
Potassium levels rise as the interval between death and collection of a sample 
increases; the correlation, however, is not always accurate (Stephens and Richards, 
1987). More recent studies (Mufioz et al., 2001, 2002; Madea and Rédig, 2006) have 
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demonstrated that certain statistical treatments of the data observed provide a some- 
what more accurate estimation of the PMI. Nonetheless, the relationship between 
the concentration of vitreous potassium and PMI remains a controversial issue. 

Vitreous humor has been used to analyze for the presence of many drugs and 
alcohol (Hepler and Isenschmid, 1998; Jones, 1998). Vitreous humor contains very 
little protein compared to blood and tissues. Only free drug in blood enters the 
vitreous humor, and since most drugs exhibit at least some significant degree of 
binding to proteins and other macromolecules in blood, vitreous drug levels are 
lower than those in femoral blood. Vitreous humor is a protected site; usually, 
there is little bacterial contamination and therefore little fermentation. Thus, it may 
be useful for determining whether the presence of alcohol in tissues was due to 
consumption prior to death or formed as a result of postmortem fermentation. Vit- 
reous humor is a good backup sample for blood ethanol. The levels of alcohol in 
vitreous humor pre- and post-embalming are in fairly good agreement (Scott et al., 
1974; Coe, 1976). Since the pre- and post-embalming samples in these studies 
were taken within a relatively short interval of each other, one cannot draw con- 
clusions about the effects of embalming fluid over long periods of time. However, 
caution must be exercised whenever inferring a blood alcohol level from vitreous 
humor. The vitreous/blood (femoral) ratio of alcohol can be a very useful indicator 
of whether death occurred in the absorptive or post-absorptive state. At equilib- 
rium (post-absorptive state), the ratio of vitreous alcohol to blood alcohol averages 
about 1.10 to 1.20 (Garriott, 2008). But if death occurs during the absorptive state 
(rising blood alcohol level), this ratio will be lower, possibly even less than 1.00. 
Postmortem redistribution from ocular tissue into vitreous humor may also occur. 

Vitreous humor can be very useful for the determination of such antemortem 
conditions as hypo- or hypernatremia, dehydration or uremic conditions, and hyper- 
glycemia. Vitreous glucose is known to decline, often erratically, with increasing 
postmortem interval, thus making determination of hypoglycemia generally imprac- 
tical, if not impossible. However, under certain very limited conditions, a precipi- 
tously low level found very shortly after death may be indicative of insulin overdose 
(Coe, 1972, 1974). 

Many drugs are known to enter the cerebrospinal fluid (CSF). Absent blood, 
CSF has been found useful for the qualitative determination of drugs. Analysis of 
CSF may reveal recent use of heroin, as 6-monoacetylmorphine has a longer half- 
life in this specimen than that of other fluids (Jenkins and Lavins, 1998; Engelhart 
and Jenkins, 2007). 


13.2.4 Gastric Contents 


The entire gastric contents should be taken for analysis and the total weight 
should be recorded. Any undigested tablets or other medicinals should be ana- 
lyzed separately. The total amount of drug present in gastric contents, including 
any undigested material, is of forensic importance because it may be useful in 
interpreting the manner of death (i.e., it may be indicative of suicidal overdose). 
Since gastric content is normally acidic, detecting trace amounts of basic drugs 
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in stomach contents may be due to back diffusion into the stomach as well as 
representing residual drug following ingestion. 


13.2.5 Meconium 


Exposure to maternal substance abuse during gestation is associated with many 
adverse social and significant perinatal complications, including a high incidence 
of stillbirths, premature rupture of the embryonic sac membranes, maternal hem- 
orrhage, spontaneous abortion, fetal distress, and increased rate of mortality and 
morbidity (developmental and cognitive impairment) (Ostrea et al. 1989; Moriya 
et al., 1994; Moore and Negrusz, 1995; Ostrea, 2001). Previously, the history of 
in utero exposure to drugs was based on urinalysis and on maternal self-reporting, 
which may be unreliable, due to patient denial about addiction or fear of the con- 
sequences (Ostrea et al., 1989; Coles et al. 2005). In stillbirth infants and in infants 
that die after birth, meconium may be the specimen of choice for drugs of abuse 
testing because of the difficulty in obtaining urine specimens, and the use of organs 
may have limited value if the mother had stopped using drugs several days before 
delivery (Moriya et al., 1994). 

Meconium, the first fecal matter of the neonate, which is normally expelled from 
the intestine during the first 24 to 48 h after birth, is a thick greenish-black material 
composed of epithelial cells, digestive tract secretions, and residue of swallowed 
amniotic fluid (Ostrea et al., 1992; Moore and Negrusz, 1995). Drugs accumulate in 
meconium either by direct deposition from bile or through swallowing of amniotic 
fluid (Ostrea et al., 1992; Moore and Negrusz, 1995; ElSohly et al., 1999b; Ortega 
Garcia et al., 2006). 

Meconium starts to accumulate in the intestines between weeks 12 and 16 of 
gestation and can provide a long history of in utero drug exposure as well as indicate 
during which period of gestation drug use took place (Callahan et al., 1992; Ostrea 
et al., 1994; Ortega Garcia et al., 2006). Unlike urine, blood, and gastric contents, 
which allow the detection of drug exposure for 2 to 3 days, meconium extends 
this window to about 20 weeks (Ostrea et al., 1989; Abusada et al., 1993; Moore 
and Negrusz, 1995). Lewis et al. (1995) reported that meconium analysis detected 
threefold more cocaine-exposed babies than urinalysis did. 

Meconium is readily available, and only a small sample is required for complete 
analysis, including confirmation analysis (Ortega Garcia et al., 2006). Meconium 
testing does have some limitations. It is often an unfamiliar specimen in the clinical 
laboratory, being a sticky material that is more difficult to work with than urine and 
requires a thorough preliminary cleanup procedure prior to any analytical assay. 

Solid-phase extraction (SPE) has been used to isolate drugs and metabolites 
from meconium, and both immunoassay and chromatographic techniques have been 
used for the screening of drugs in meconium. Preliminary screening results must 
be confirmed by gas chromatography—mass spectrometry (GC-MS). Coles et al. 
(2007) compared GC-MS with LC-—MS-MS (liquid chromatography—tandem 
mass spectrometry) and found that LC-MS-—MS has increased specificity and 
decreased interference rate, reporting fewer false-positive results. Marin et al. 
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(2008) developed a LC—-MS-MS procedure that can detect and quantitate many 
benzodiazepines in meconium. 

Various drugs and their metabolites that are found in neonatal or maternal urine 
have also been detected in meconium. Samples containing cocaine and/or cocaethy- 
lene also contained benzoylecgonine and m-hydroxybenzoylecgonine. The presence 
of cocaethylene in meconium suggests that both cocaine and alcohol were used 
during pregnancy (Callahan et al., 1992; Abusada et al., 1993; Steele et al., 1993; 
Moriya et al., 1994; ElSohly et al., 1999a). One study of postmortem analysis of 
three fetuses that had been exposed to cocaine showed the presence of cocaine 
in the meconium of a 17-week-old fetus, suggesting that fetal exposure can be 
determined early in gestation and in the very premature fetus. At this time, meco- 
nium contained a higher concentration of drugs than did neonatal urine (Ostrea 
et al., 1994). 

Moore and Negrusz (1995) and Coles et al. (2005) found that some samples 
of meconium contained both 11-nor-A?-tetrahydrocannabinol-9-carboxylic acid 
(THC-COOH) and 11-hydroxy-A?-THC (11-OH-THC). Using trimethylsilyl 
derivatization and GC-MS, hydrocodone and hydromorphone were detected in 
meconium along with codeine and morphine (Moore et al., 1995). The level of 
codeine, hydrocodone, and hydromorphone increased dramatically following acid 
hydrolysis, while the morphine level also increased but not as significantly. 


13.2.6 Brain 


The brain is a good repository for lipophilic drugs such as anesthetics and hydrocar- 
bons, whereas many polar compounds are not able to pass the blood-brain barrier 
in significant amounts. Clearly, psychotropic drugs enter the brain easily and their 
levels in brain are useful for determining the manner of death. Brain is also used 
as a backup specimen for blood alcohol. At equilibrium, the brain alcohol/blood 
alcohol ratio is about 0.85, but this number may be lower if death occurs during 
the period of a rising blood alcohol. Brain cocaine levels are useful for evaluating 
cocaine-related deaths (Bertol et al., 2008). From a few minutes to about 3 h after 
exposure, the brain/blood ratio for cocaine is approximately 4 to 10 (Spiehler and 
Reed, 1985). The ratio of brain to blood cocaine in cases of death within 3 to 6 h 
of exposure is approximately 0.4 to 0.8. These ratios may be different, however, 
in persons who had used cocaine chronically. 


13.2.7 Liver and Bile 


The liver concentrates most parent drugs and also metabolites, ethanol being the 
notable exception. There is an extensive body of data on the range of hepatic drug 
levels in therapeutic, toxic, and lethal cases. Bile is a good source for many drugs 
and their metabolites, in particular opioids and benzodiazepines, and because of 
its storage in the gallbladder, it may be the only specimen where residual drugs 
or metabolites may be detected when absent from other tissues. Bile may be use- 
ful in those cases where a prolonged interval elapsed between the last intake of 
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drug and death. However, bile may contain high concentration of drug in cases 
of acute overdose where death occurs while large amounts of drug are still in the 
gastrointestinal tract and in the portal system. 


13.2.8 Lung, Spleen, Kidney, and Skin 


The analysis of lung tissue is useful in cases involving volatile substances such 
as gases (other than carbon monoxide), anesthetics, and solvents. Because spleen 
concentrates red blood cells, it may be useful as a last resort specimen for deter- 
mining cyanide- or carbon monoxide—bound hemoglobin. Since cyanide derived 
from antemortem toxic exposure may be lost rapidly with advanced decomposition, 
spleen may be the only organ where toxicologically significant levels of cyanide 
may still be found. Where a routine blood sample is not available or is not con- 
sidered usable, spleen may be used cautiously to estimate antemortem exposure 
to carbon monoxide. Analysis of kidney tissue is useful for detecting heavy met- 
als. Analysis of unburned skin may be useful for detecting use of accelerants in 
arson-related cases. 


13.2.9 Muscle 


Muscle tissue is not a routine specimen, but is particularly useful in cases of 
advanced decomposition because skeletal muscle, being more slowly affected by 
decomposition, may still be present when little or no other soft tissue is present. 
Great care must be exercised when interpreting the findings quantitatively. For 
skeletal muscle, there is little postmortem toxicology data from which one can 
draw conclusions relating drug level and cause of death. The studies that have been 
done on fresh skeletal muscle indicate that the data are best used qualitatively. Of 
interest is the fact that cocaine, which is unstable in blood, has been detected in 
numerous cases in decomposed but dry skeletal muscle. 


13.2.10 Bone, Teeth, Nails, and Hair 


It is known that many drugs and heavy metals become incorporated in bone, teeth, 
nails, and hair. These tissues will not necessarily, however, contain drugs or toxic 
substances if death occurred rapidly after intake or administration, but are good 
indicators of chronic dosing. They are usually not analyzed postmortem except for 
exhumed, badly decomposed, or skeletonized bodies. Teeth are useful for analysis 
in bodies that have been badly burned. There is an extensive body of data on the 
incorporation of drugs and heavy metals into hair, which is used primarily in clinical 
toxicology. Hair can be cut into segments and analyzed individually to determine 
a time pattern of drug usage. Since hair grows at a rate of approximately | cm per 
month, one can approximate when drug usage was discontinued. Hair may reflect a 
single acute dose, depending on the drug and dose involved, provided that sufficient 
time has elapsed to allow entry of drug into the hair. In this regard the analysis of 
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hair follicles may be particularly useful. Hair analysis requires careful and proper 
preliminary washing steps to remove as much as possible of any substances present 
as a result of external contamination. 


13.2.11 Other Materials for Analysis 


1. Injection site. If an injection site can be located, analysis may reveal useful 
qualitative and quantitative data. Since a drug may have come to what appears 
to be an injection site via the circulation, other skin samples should be taken 
for comparison. 


2. Insect larvae/maggots. Larvae and maggots feed on decomposing tissue and 
will incorporate into their systems drugs that are in the tissues they consume. 
Collection of these insect specimens from decomposed or skeletonized bodies 
may provide much useful qualitative information. 


3. Nasal swabs. Results from swabbing of the nasal cavities must be interpreted 
cautiously. Drugs are normally secreted into nasal mucosa. Finding small 
amounts of drug on a swab does not necessarily mean that the person snorted 
drugs prior to death. The amount of drug detected will help determine if 
snorting is a likely explanation. 


13.3 SPECIMEN COLLECTION AND STORAGE 


For all samples, proper collection of the sample in adequate amounts, and proper 
use of preservatives and storage containers (e.g., glass, plastic, nylon, foil) along 
with proper storage temperature are essential (Skopp, 2004). It is recommended that 
glass containers be used for liquids and glass or plastic containers for tissue and 
gastric contents. However, it must be noted that the use of certain types of plastic 
containers for storage can result in the loss of THC—COOH (Stout et al., 2000). 
Blood should be collected in tubes containing at least 1 to 2% sodium fluoride as 
preservative and stored at 0 to 4°C. This will inhibit bacterial growth and enzyme 
activity, which can either produce alcohol or reduce the concentration of alcohol 
in alcohol-containing specimens. Without preservative, bacterial action at room 
temperature is likely, and alcohol production by bacteria can reach concentrations 
up to 0.10 to 0.15 g/dL. Sodium fluoride will also inhibit cholinesterase activity, 
which can metabolize cocaine and other ester-containing substances. Blood speci- 
mens held for long periods can be frozen. Tissues may be stored for short periods 
at 0 to 4°C. Most drugs are stable at this temperature range, but some drugs (e.g., 
cocaine) are labile. Tissues may also be frozen. However, the freezing and thaw- 
ing of tissues before processing is not recommended, as this can rupture cells and 
cause a loss of drug-containing fluid. Where short- or long-term freezing is uti- 
lized, frozen tissues should be rapidly cut and weighed. Vitreous humor and urine 
can be stored at 0 to 4°C or frozen. Meconium stored at room temperature for 
24 h shows a loss of drug, in particular cocaine and cannabinoids. Meconium can 
be stored at —15°C for nine months without loss of drug concentration (Ostrea, 
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2001). Samples to be analyzed for volatile substances other than alcohol must be 
stored frozen and, when appropriate, in hermetically sealed containers. If volatile 
substances are suspected in a death, the pathologist should submit duplicate sam- 
ples so that analysis can be performed for nonvolatile drugs as well as for volatile 
compounds. It should be emphasized that blood and other fluids should be collected 
in such a manner as to minimize the headspace area in the collection vessel. All 
other biological-containing evidence should be sealed and stored frozen. 


13.4 EXTRACTION PROCEDURES 


Choice of the extraction procedures will determine the recovery of analytes from the 
tissue matrix, and improper selection may result in failure to recover adequately or 
even to detect one or more agents. The use of liquid—liquid extraction procedures 
requires careful selection of solvent and pH in relation to the analytes targeted. 
The polarity of the extracting solvent, or solvent mixture, should be similar to the 
polarity range of the target analytes. The pH used for the extraction of acidic and 
basic compounds should be 2 units below and above, respectively, the pK, value 
of the analyte. Neutral drugs are not dependent on pH. However, when performing 
a general unknown analysis, the selection of solvent and pH should be done so 
as to obtain satisfactory recovery of a wide range of possible analytes, keeping in 
mind such factors as pH-related drug stability, drugs such as amphetamines that 
require very high basic pH, and the requirements of amphoteric compounds. The 
use of solid-phase extraction (SPE) generally requires protein-free extracts. SPE 
has a high versatility, owing to the broad range of columns available: polar, nonpo- 
lar, ion-exchange, and mixed-mode. Columns typically used for general unknown 
procedures consist of a combination of nonpolar and cation-exchange components. 
SPE can be very useful for the isolation of highly polar or water-soluble drugs 
and metabolites. It should also be noted that the condition or state of the biologi- 
cal matrix being extracted (i.e., “fresh”, decomposed, or embalmed) can affect the 
amount recovered (see below), and this needs to be taken into account when inter- 
preting findings (Skopp, 2004). Experience has shown that many different types 
and classes of drugs and toxic metals can be recovered from exhumed bodies even 
after long periods of interment (Skopp, 2004). Great caution must be exercised, 
however, in the interpretation of all such findings. 


13.5 ANALYTICAL TECHNIQUES 


Knowledge of the basic theory, range of applicability to forensic samples, and 
the analytic limitations of all techniques currently utilized (i.e., immunoassay, 
chromatography, spectrometry, and spectroscopy) is essential. Immunoassays and 
chromatographic procedures are screening techniques, and all presumptive posi- 
tives must be confirmed. The standard technique for confirmation is one or more 
of the modes of mass spectrometry, usually coupled with gas chromatography (GC) 
or liquid chromatography (LC). 
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It is beyond the scope of this chapter to discuss in detail the principles and appli- 
cations of these analytic technologies. However, the following brief comments are 
relevant. There are ongoing advances in both GC and high-performance liquid chro- 
matographic (HPLC) technology, resulting in the availability of more versatile and 
stable columns providing higher resolution and greater ranges of class retentivity. 

The use of HPLC is gaining increasing popularity for several reasons. The 
development of mixed-mode or multimechanism columns for HPLC allows for 
the retention of drugs over a broad range of polarity. These columns incorporate 
both nonpolar and polar moieties. An analyst can choose from a multitude of nor- 
mal, reversed-phase, and mixed-mode types of columns and, accordingly, tailor 
a separation. Compounds that do not chromatograph well on routinely used low- 
to intermediate-polarity GC columns because of high polarity or size or thermal 
instability will as a rule be effectively and conveniently separated by LC systems. 
In many cases this eliminates the need for derivatization required for GC. LC is 
essential for quaternary ammonium muscle relaxants such as tubocurarine and pan- 
curonium. It has long been used for the acidic barbiturates (commonly analyzed 
along with neutral drugs as the acid/neutral fraction), and it has many advantages 
for the analysis of benzodiazepines (Levine, 2006; Marin et al., 2008). It is being 
applied increasingly to the routine analysis of basic drugs. Although still under 
development, the appearance of ultrafast or high speed HPLC does promise to 
increase the efficiency of obtaining effective and reliable separations with a very 
short run time. This involves the use of shorter columns, higher linear velocities, 
smaller porous particle size (ranging from less than 2 to 2.2 jtm in size), and 
significantly higher operating pressures. It also generally requires cleaner sample 
extracts. LC is now commonly coupled to mass spectrometry by means of electro- 
spray ionization or atmospheric pressure chemical ionization interfaces, and this is 
being used very effectively. 

GC is, of course, still used very widely as a screening technique for basic 
drugs. Headspace GC is the standard method for routine analysis of the “volatile” 
fraction (i.e., ethanol, methanol, isopropanol, and acetone). A wide variety of 
columns of low, intermediate, and high polarity is available. As with LC, there 
is now available fast-track GC, which promises to bring effective separations in 
much shorter time. Fast GC typically involves the use of very rapid column heat- 
ing systems, which provide much faster increases in temperature, higher carrier 
gas pressures, and very fast signal acquisition systems. Column length will vary, 
but 5-m columns are frequently used. Derivatization may be necessary for the 
following reasons: improvement of chromatographic characteristics, resolution of 
coeluting compounds, elimination of thermal instability, and in some cases, as with 
amphetamines, to produce a derivative with a much more characteristic mass spec- 
tral fragmentation pattern than is found with the underivatized compound. Where 
derivatization is necessary, this involves the replacement of “active” hydrogen 
with an alkyl, acyl (especially polyfluorinated acyls), or silyl group. A particular 
advantage to the use of polyfluorinated derivatives is that it allows for highly sen- 
sitive detection using an electron capture detector. One common application of this 
procedure is the gas chromatography—mass spectrometry analysis of cannabinoids. 
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There have been very significant developments in mass spectrometry technol- 
ogy which have dramatically increased its power and applicability for confirmation. 
The use of tandem MS, ramped fragmentation (smart fragmentation), simultaneous 
acquisition of both scan and select ion monitoring data, and the development of 
hybrid mass spectrometers have all expanded and improved the confirmatory pro- 
cess. Very fast mass scanning systems are available and required for use with fast 
chromatographic screening techniques. The use of current time-of-flight mass spec- 
trometers can provide extremely accurate mass detection to differentiate compounds 
with similar masses. 

Although generally no longer done routinely as part of a general unknown, 
the analysis of metals may be indicated based on the circumstances or suspicions 
associated with a particular case. Homicidal poisoning with certain metal salts 
(i.e., thallium or arsenic) is still encountered. The analysis of metals starts with 
digestion of the biological matrix. Wet ashing may involve refluxing the sample 
with a mixture of strong inorganic acids (i.e., a mixture of nitric, sulfuric, and 
perchloric acids), or for more volatile metals may involve just incubation with the 
acid solution. Dry ashing, which involves heating in a muffle furnace at elevated 
temperature to produce an ash residue, which is then treated with 5% nitric acid to 
dissolve the metals, cannot be used for mercury and other volatile metals and is used 
for selected metals only as appropriate. In general, mercury requires the use of cold 
vapor techniques. The state-of-the-art instrumental technique is inductively coupled 
plasma mass spectrometry, which provides very high sensitivity over the mass 
range of metals of forensic interest. However, graphite furnace atomic absorption 
spectroscopy (AAS) is still very widely used, and cold vapor AAS is the preferred 
technique for mercury. 

The analysis of carboxyhemoglobin and the other hemoglobin species is today 
typically and conveniently achieved with the use of CO-oximeters, which involve 
automatic spectrophotometric determinations (Lee et al., 2002, 2003; Lewis et al., 
2004). Thermocoagulated, putrified, and contaminated blood samples can pose 
potential problems. In such cases, sample pretreatment before oximetry has been 
found effective. Alternatively, the use of headspace GC on carbon monoxide 
released from the sample after treatment with liberating agents or the applica- 
tion of derivative spectroscopy to the sample itself can provide acceptable results 
(Perrigo and Joynt, 1989). 

Cyanide may be determined conveniently by headspace GC using a nitrogen— 
phosphorus detector after liberation from the biological matrix under acidic condi- 
tions. Spectrophotometric and fluorometric procedures are also available (Felscher 
and Wulfmeyer, 1998; Gambaro et al., 2007). 

It is essential that there be maintenance of all the accepted standards for quality 
assurance and quality control throughout the entire testing process from sample 
receipt and accession through all the analytic operations and continuing to sample 
storage, release, and disposal. This includes the generation and maintenance of all 
reports necessary to document every aspect of the processes. Proper maintenance 
logs must also be kept for all analytic instrumentation involved. If it should be 
necessary to convey test results verbally to an authorized party, then the results 
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and any specific information given should be recorded appropriately to avoid any 
future misunderstandings. 


13.6 INTERPRETATION 


The interpretation of postmortem findings is becoming increasingly complex. This 
is due to such factors as postmortem redistribution, significant differences in indi- 
vidual rates of metabolism arising from genetically based polymorphic variations in 
metabolic enzymes, the type and condition of the specimen, drug interactions aris- 
ing from the concurrent use of multiple drugs, and a particular person’s tolerance 
for a specific drug or class of drugs and cross tolerance. 


13.6.1. Postmortem Redistribution 


The mechanisms and consequences of postmortem redistribution were discussed 
earlier. The effects of postmortem redistribution increase with increasing post- 
mortem interval, but the mechanism involving unregulated flow of drug out of 
cells becomes significant at the moment at which death occurs. In general, it has 
been observed that cardiac blood has a higher concentration of drug than that of 
peripheral blood, although the magnitude of the change depends on the physio- 
chemical properties of the drug, its volume of distribution, whether death occurred 
under equilibrium or nonequilibrium conditions, the organ concentrations, and the 
length of the postmortem interval. Variations in the cardiac/peripheral ratio can be 
very significant, even for a given drug (Dalpe-Scott et al., 1995; Anderson and 
Muto, 2000). The general importance of always including a sample of peripheral 
blood has been noted. If peripheral blood is not available, the interpretation of 
findings based only on cardiac blood is frequently perilous, and, in such situations 
tissue concentrations, especially liver, are necessary to minimize the possibility 
of an erroneous conclusion. Postmortem redistribution may also occur between 
organs, as high levels of drug from liver, lung, stomach, and heart are released to 
neighboring sites (Moriya and Hashimoto, 1999). Where there has been traumatic 
injury to the organs (i.e., laceration or rupture of the stomach, intestines, liver, etc.), 
there is a high potential for contamination from drug that may be present in the 
affected organ and now spills out into adjacent areas. Sampling of multiple sites 
and testing of different specimens may be necessary to resolve such issues. 

In cases involving alcohol when blood is not available postmortem, blood alco- 
hol levels can be estimated from correlation data derived from studies comparing 
alcohol levels in blood with those in other postmortem tissues. The state of alcohol 
absorption (pre- or post-absorptive) can be determined by analyzing the stomach 
contents for alcohol, and the results are then helpful in deciding which tissue to 
use for the correlation (Backer et al., 1980). 

Because of the complex processes involved in postmortem redistribution, cal- 
culation from a single postmortem blood sample of a dose of drug taken by the 
deceased prior to death is unwise, and it is especially dangerous when using a 
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single cardiac sample (Prouty and Anderson, 1990; Hilberg et al., 1999b). Back 
calculation of a dose from even a femoral blood concentration using a clinically 
derived plasma-based steady-state volume of distribution is strongly discouraged, 
as it can lead to an erroneous conclusion. The volume of distribution itself for 
a given drug can show wide interpersonal variation, and its use postmortem is 
contraindicated. Conversion of postmortem blood levels to time-of-death plasma 
or serum levels cannot be carried out accurately or reliably. Furthermore, in many 
cases (i.e., where an intentional or accidental overdose is involved), it cannot be 
assumed that a steady-state distribution existed at the time of death. The experi- 
enced toxicologist may, however, using data from different specimens, cautiously 
estimate what approximate minimum dose was taken or give a reasonable opinion 
as to whether “therapeutic” or overdose quantities were taken or administered. 


13.6.2 Pharmacogenomics 


The interpretation of postmortem drug levels as they relate to cause of death 
requires careful assessment of all the particulars of a case. Toxicologic analysis 
should consider genetic influences on the concentration of drug found. The field of 
pharmacogenomics attempts to explain a person’s metabolic capabilities for drug 
metabolism in relation to the genotype. Poisoning, intentional or otherwise, may be 
the result of genetically influenced altered metabolism. A person’s genetic makeup 
may also influence the transport of drugs across membranes and the interaction of 
drugs with receptors. All of these effects will play a role in attaining a concen- 
tration of drug in blood as well as the person’s response to a given drug (Kupiec 
et al., 2006). The use of pharmacogenomics for understanding drug reactions and 
drug-related deaths has been termed molecular autopsy (Jannetto et al., 2002). 
A person’s genetic makeup has already entered the clinical area and will be uti- 
lized increasingly in the future prior to prescribing medication to better maintain 
therapeutic levels. 

There are many metabolic pathways for the metabolism of drugs and other xeno- 
biotics. Basically, they are divided into phase I and phase II pathways. Phase I is 
responsible for oxidation, reduction, and hydrolysis reactions, preparing the metabo- 
lite for conjugation reactions by phase II enzymes. The final product is usually more 
water soluble than the parent drug and can easily be eliminated. Most phase I reac- 
tions are carried out by the cytochrome P450 (CYP450) monooxygenase enzyme 
system, located primarily in the liver but also less extensively in other tissues 
(Omiecinski et al. 1999). These heme-containing proteins are located in the smooth 
endoplasmic reticulum, and many of the isoenzymes exhibit genetic polymorphism. 
A list of the various isoenzymes and their substrates, along with inhibitors and 
inducers of the isoenzymes, is available (Flockhart, 2007). The CYP450 system 
may play a role in explaining drug-induced deaths by two different mechanisms. 

First, based on a person’s genomic makeup, one can be a “slow” or a “fast” 
metabolizer. Another classification of variants is ultrarapid, extensive, intermediate, 
or poor metabolizer. Those with the slow polymorphic form can accumulate high 
levels of drug that could result in death, even from therapeutic doses. About 25 to 
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30% of all xenobiotics are metabolized by one isoenzyme, CYP2D6 (debrisoquine 
hydroxylase); 5 to 10% of Caucasians have low levels of CYP2D6 or lack it com- 
pletely, and doses of medications metabolized by this isoenzyme must be reduced 
(Kupiec et al., 2006; Roden et al., 2006). On the other hand, persons with multiple 
copies of the gene for CYP2D6 must be given higher doses to maintain therapeutic 
blood levels. The following examples will serve to illustrate the importance of such 
genetic variations. 

Oxycodone, the opioid prescribed for relief of pain, is metabolized by CYP2D6. 
Three mutations of the polymorphic gene encoding for this isoenzyme have been 
identified and may play a role in oxycodone toxicity (Jannetto et al., 2002). 
Methadone, another opioid, is metabolized by CYPIA2, CYP3A4, and CYP2D6. 
Again, genetic variants of CYP2D6 showed a trend, although it is not statistically 
significant, toward poor metabolism of methadone, and higher levels were found 
in these people than in nonvariant controls (Wong et al., 2003). Fentanyl, another 
opioid used for relief of pain and as an anesthetic during surgery, is metabolized 
by CYP3A4 and CYP3AS5. Variant alleles of the genes encoding these proteins are 
known and again may play a role in fentany] toxicity (Jin et al., 2005). The response 
to the anticoagulant warfarin (coumadin) is dependent on cytochrome metabolism. 
Approximately 6% of the variation in response to warfarin is due to variation in the 
gene encoding CYP2C9, and 27% of the variation in response is due to variation 
in the gene VKORCI encoding the warfarin target, vitamin K epoxide reductase 
(Berg, 2007). The metabolic rates of amphetamine and of methamphetamine are 
dependent on CYP2D6 activity, and genetic polymorphism for ring hydroxylation 
of amphetamine has been reported (Miranda-G et al., 2007). 

Second, since different drugs can be metabolized by the same enzyme, taking 
two such drugs at the same time may lead to competition, with one drug being 
less metabolized than would occur had it been taken alone. This could result in an 
increase in drug concentration, leading to toxicity and even death. Such a result 
could also occur if one drug inhibits its own or another metabolic enzyme involved 
with other drugs. Such effects have been reported with the antidepressant selec- 
tive serotonin reuptake inhibitors (SSRIs) that are both metabolized by CYP2D6 
and inhibit CYP2D6 (Goeringer et al., 2000). The inhibitory effect of ethanol 
on the metabolism of certain other drugs, e.g. barbiturates when both are taken 
concurrently is well known. The inhibition of CYP3A4 by the antifungal agent 
ketoconazole results in terfenadine-induced cardiac toxicity. High concentrations 
of parent drug may therefore be due to a low rate of metabolism, to metabolic 
competition by other drugs, or to inhibition of the enzyme by one drug, allowing 
the second drug to increase in concentration. It must be remembered that frequently 
more than one CYP450 enzyme is involved in the metabolism of a given drug, and 
inhibition or induction of a nonprimary pathway may be significant. 


13.6.3 Drug Interactions 


Polydrug use can result in additive, synergistic, potentiating, inhibitory, or antago- 
nistic interactions, and may involve inhibition or induction of metabolic enzymes 
by one agent affecting the clearance and effects of others. Some examples were 
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noted earlier. Other common examples are the frequently encountered difficulties 
in interpretation of methadone and other drug abuse—related deaths (Milroy and 
Forrest, 2000; Corkery et al., 2004; Jonsson et al., 2007). The widespread use of all 
types of over-the-counter herbal products, domestic and imported, is an additional, 
potential complicating factor. Many of these products are known to contain com- 
ponents that interact with prescribed medications or may contain unlisted drugs 
or toxic substances (Ang-Lee et al., 2001; Saper et al., 2004; Hu et al., 2005; 
Dasgupta and Bernard, 2006; Woo, 2008). For example, some imported products 
may contain toxic licit medications which are not listed on the label. Other prod- 
ucts have been shown to contain toxic metals. Many of these components may 
not be routinely detectable in standard analytical protocols. It is hoped that the 
more stringent regulations issued by the U.S. Food and Drug Administration in 
June 2007 concerning the importation of these products will reduce this danger, 
but toxicological vigilance is crucial (U.S. Food and Drug Administration, 2007). 


13.6.4 Drug Stability and Decomposed Tissue 


The postmortem chemical stability (or the lack thereof) of a drug or toxin or of the 
metabolites is a function of the combined effects of the chemical’s structure, the 
length of the postmortem interval, the conditions of temperature, bacteria, oxygen, 
water, pH, and so on, to which the body has been subjected, and the particular 
matrix containing the agent. The reader is referred to the references cited for a 
comprehensive discussion of all these issues as they pertain to many different 
drugs (Grellner and Glenewinkel, 1997; Drummer, 2004, 2007; Skopp, 2004). 

The interpretation of toxicological findings in decomposed, exhumed, or 
embalmed (discussed below) bodies requires special vigilance. Decomposed 
bodies reflect the processes of autolysis and putrefaction. Autolysis, digestion by 
natural enzymes, occurs more readily in tissues with a high enzyme content, such 
as the pancreas and stomach. Tissues with a low content of digestive enzymes, 
such as heart and liver, are less readily autolyzed. Autolysis leads to liquefaction 
of the tissues, which can then mix with blood and result in erroneous conclusions. 
Putrefaction, destruction of tissue by bacteria, depends on the bacteria that are 
present, the temperature and oxygen content of the environment in which the 
body is located, and the substrates available for bacterial action. The intestine 
is particularly susceptible to putrefaction and bacterial fermentation, and is not 
normally used for postmortem analysis. 

Ethanol can be produced because of fermentation in decomposing bodies, but 
can also decrease from initial antemortem levels due to chemical, microbial, and 
evaporative processes occurring with decomposition (Kugelberg and Jones, 2007). 
Postmortem changes are known to cause a rapid loss of the high levels of cyanide 
associated with fatal poisoning, but cyanide is also subject to varying postmortem 
production, particularly in deteriorating bodies (Skopp, 2004). Artifactual produc- 
tion of cyanide has also been found to occur in some blood samples from fire 
death cases, and extreme caution must be exercised in the interpretation of such 
levels. Cyanide can be a significant component of some toxic fire gases that cause 
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or contribute to death, but in such instances it must be reasonably shown that it 
derived from pyrolysis of nitrogenous material (e.g., nitrogen containing plastics) 
present in the fire environment. 

Toxicologically significant concentrations of y-hydroxybutyrate (GHB) may also 
be produced endogenously in postmortem fluids (Elliott, 2001, 2004; Moriya and 
Hashimoto, 2005; Berankova et al., 2006). GHB is a sedative-hypnotic agent not 
currently approved for routine use in the United States. It is, however, available 
from different sources, and is encountered both as a drug of abuse and as an 
agent in drug-facilitated sexual assault. Clearly, very serious misinterpretations 
can occur unless the potential ranges of postmortem production are taken into 
account. 

The finding of a low or negative drug level in decomposed samples cannot 
be assumed to mean that no antemortem significance was involved. However, 
the presence in relatively intact or preserved exhumed specimens of significantly 
high levels of drug or toxin may be cautiously interpreted as being consistent 
with antemortem overdose, whatever was the circumstance of administration. In 
some cases where there are suspicions of the involvement of criminal poisoning, 
resulting in analysis of exhumed remains, the qualitative detection of a poison 
or of an agent not known to have been used by or prescribed to the deceased 
may be deemed sufficient to corroborate such allegations. This assumes, of course, 
that the idea may reasonably be eliminated that the source of any such agent was 
external contamination of exposed, buried remains or any of the other processes that 
may produce analytes, as discussed above. When dealing with buried but exposed 
remains or those in deteriorated coffins (often containing groundwater, soil, and 
other debris), appropriate controls from the areas in proximity to the remains should 
always be taken by the forensic investigator. An important example is when such 
remains are to be examined for metal content, where it is essential that control 
samples of soil and groundwater be tested. 


13.6.5 Effects of Embalming Fluid 


The effects of embalming fluid, which contains formaldehyde and small amounts 
of formic acid, on different classes and types of drugs is varied and complex 
(Rohrig, 1998; Cingolani et al., 2001-2005; Skopp, 2004). Many basic drugs (.e., 
primary and secondary amines) are known to undergo varying degrees of methy- 
lation when the tissue containing them has been treated with formalin-containing 
solutions. Methylation will result in variable loss of the original compound as 
well as the appearance of a new methylated compound. In some cases the methy- 
lated compound may be the nonprescribed parent drug of the actual antemortem 
drug that has the demethylated structure. Primary amine drugs can be converted 
to secondary amines, and drugs containing a secondary amine can be methylated 
by formaldehyde to form N-methyl derivatives. This has been reported for the 
conversion of nortriptyline to amitriptyline, desipramine to imipramine, and fenflu- 
ramine to N-methylfenfluramine (Gannett et al., 2001). Sertraline was converted 
to N-methylsertraline (Suma and Sai Prakash, 2006). Methamphetamine converts 
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to N,N-dimethylamphetamine. It may also be noted here that the analysis of 
formalin-fixed tissue should always be accompanied by the appropriate use of 
formalin-spiked calibrators. Caution must be exercised in general when interpret- 
ing findings from any formalin-fixed tissue matrix as opposed to data derived from 
“fresh” tissue. These chemical conversions may make it difficult to determine the 
original concentration of the parent drug. Nonetheless, a wide variety of drugs and 
toxins have been detected in exhumed bodies, and this is often a crucial factor in 
the investigation. Exhumed bodies often present a combination of problems, due 
to decomposition and the effects of embalming fluid. Occasionally, the toxicolo- 
gist must analyze stored formalin-fixed specimens. One must consider that drugs 
from the fixed tissue will diffuse into the formalin, thereby decreasing the tissue 
concentration of drug. 


CONCLUSION 


The concentration of drug found at the time of sampling from postmortem speci- 
mens is the result of many factors, some relating to the host, some to postmortem 
changes, and some to the physicochemical properties of the analyte, and may not 
represent the concentration of drug at the time of death. Thus, a negative finding 
does not always mean that drugs were not involved; and a finding of high levels 
of drug does not always mean that an overdose occurred. The decedent may have 
been tolerant of the drug in question and may have required or been using higher 
doses. Analysis and comparison of drug levels in both blood and tissue (e.g., liver 
or brain) may be necessary and should be done whenever possible for accurate 
interpretation of quantitative findings. Finding therapeutic levels of drug may be 
the result of drug loss due to the factors listed above. Where postmortem exposure 
to formalin-containing solutions has occurred, finding parent drug may be the result 
of metabolites having been converted back to the parent drug. Estimating the dose 
of drug consumed from postmortem data is often unreliable, as discussed above. 
Also, finding several drugs raises the issue of additive or synergistic effects or 
drug interactions in causing death. Clearly, the longer the delay between the time 
of death and the taking of samples, the less accurate may be the interpretation of 
the role the drugs played in causing the death. 

In summary, the forensic toxicologist is presented with a broad spectrum of 
case findings, ranging from those that point readily toward a particular opinion 
concerning whether or not one or more substances had a role in the cause of 
death, to those where the complexity or circumstances do not allow for a definitive 
interpretation or conclusion. In the latter case, the toxicologist must always resist 
pressure from those seeking to obtain an opinion not supported by the facts. Where 
there is uncertainty in interpretation, it is the obligation of the toxicologist to make 
known to the inquiring party the scientific basis for the uncertainty and all possible 
conclusions. The toxicologist must never forget that the role of the forensic scientist 
is first to obtain the most reliable data possible and then, accurately and impartially, 
interpret and educate the participants in the medicolegal process. 
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Summary Forensic entomology is gaining widespread acceptance within the 
forensic sciences as one method to estimate a portion of the postmortem interval 
by utilizing the time of insect colonization of the body, also known as the period of 
insect activity. Additionally, insect evidence can be utilized as alternative toxicol- 
ogy samples in cases where no other viable specimens exist. This subfield, known 
as entomotoxicology, can provide useful qualitative information to investigators as 
to the presence of drugs in the tissues at the time of larval feeding. The presence of 
drugs can also alter the developmental period of the insects and should always be 
taken into consideration by the forensic entomologist. In this chapter we examine 
the relationship between toxicology and forensic entomology. 
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484 —ENTOMOTOXICOLOGY: DRUGS, TOXINS, AND INSECTS 
14.1 INTRODUCTION 


The use of entomological evidence in a legal investigation can provide extraor- 
dinarily valuable information that may otherwise be overlooked. Most often, the 
utility of an insect in a forensic investigation is to assist investigators in establishing 
the postmortem interval. More specifically, the period of the postmortem interval is 
often termed the period of insect activity (PIA) or the time of colonization (TOC) 
and can be thought of as the minimum postmortem interval. It is often expressed 
as the minimum time period necessary to allow the insects collected to develop to 
the life stage in which they were discovered. 

Several different approaches exist in making this determination; they range from 
insect succession to estimations based on larval length, larval weight, and the accu- 
mulated degree hour (or degree day) methodology. Each of these techniques has 
advantages and disadvantages. One of the most common issues in forensic ento- 
mology is that the investigator is not able to determine exactly what the climate 
conditions were at the death scene during the entire postmortem period. Since 
insect growth and development are heavily influenced by ambient temperatures, 
the difficulty in accounting for the conditions at the scene prior to the discovery 
introduces some uncertainty in application. Thus, the forensic entomologist must 
account for this variability when providing estimations of the time since coloniza- 
tion. If such variability is addressed properly, forensic entomology can be applied 
with an impressive degree of accuracy and precision. 

Generally, this variability is accounted for by the extrapolation of meteorological 
recording station data from nearby locations. However, other factors can play a 
role in the influence and alteration of larval insect growth. One of these factors, 
often unaccounted for by the forensic entomologist, is the presence of various 
metabolites of illicit drugs and poisons within the insect that can alter its expected 
time of development. Such chemical compounds, if present in the host tissue and 
consumed by the larvae, may alter insect development by hours or days. 

The term Entomotoxicology was first used in 1994 to describe the interface of 
entomology, forensic science, and toxicology, and we are only now beginning to 
understand how various drugs and toxins interact with a developing insect to alter 
the rate of development of various life stages. In its relatively short history, the 
discipline of entomotoxicology has been very broadly applied. The deposition of 
metals within the larvae has assisted in pinpointing human remains to a possible 
point of origin, or to corroborate or refute suspect and witness statements as to 
the activities of the victim prior to death. However, the most common utilization 
has been the detection of various chemical compounds from the larvae long after 
suitable soft tissues, blood, and urine from the body have decomposed or been 
consumed by the insects present (Nolte et al., 1992) (Table 14.1). 


14.2 THE FLY AND FORENSIC SCIENCE 


For many millennia, humans have been aware of, known, and understood the role 
of flies in the ecosystem. The first mention of the flies most commonly used in 
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TABLE 14.1 Drug Compounds Recovered from Calliphoridae 
and Sarcophagidae Larvae 


Calliphoridae Sarcophagidae 
Alimenmazine Amitrptyline 

Amitrptyline Barbiturates 

Arsenic Cocaine (benzoylecgonine) 
Barbiturates Heroin 

Bromazepam Malathion 

Clomipramine Methamphetamines 
Cocaine (benzoylecgonine) Mercury 

Laudanum phencyclidine 
Levomepromazine 3,4-Methylenedioxymethamphetamine 
Mercury 

Morphine 

Oxazepam 

Phenobarbital 

Triazolam 


present-day criminal investigations was in the fourteenth tablet of Harra-Hubulla, 
a list of wild animals from the time of Hammurabi 3600 years ago. The Egyptians 
also keenly understood the metamorphosis of flies, as indicated by the Papyrus 
Gizeh No. 18026:4:14 (Cairo, Egyptian Museum CG 58009), found in the mouth 
of a mummy, which bore the inscription: “The maggots will not turn into flies 
within you (Golénischeff 1927).” 

The blowflies (Calliphoridae), flesh flies (Sarcophagidae), and house flies 
(Muscidae) are the most forensically important flies. These flies are most often 
the first insects to find and colonize remains. The blowfly can travel up to 20 km 
a day in search of an appropriate food source. A female can lay several batches of 
about 250 eggs each, depending on her size and health. Once a female has begun 
oviposition, other females will also lay in the same area, resulting in a mass of 
several thousand eggs. The eggs usually hatch within 24 hours and immature 
larvae penetrate the interior of the remains to avoid desiccation and predation. 
As the larvae feed and mature, they pass through three stadia: first, second, and 
third instars. In doing so, their feeding mass can reach temperatures of 50°C. 
Once the larvae stop feeding, they wander from the food source to find a suitable 
place to pupate, during which the soft-bodied larvae become shorter, wider, rigid, 
and dark. Once metamorphosis is complete, the adult flies will emerge from the 
casing, inflate their wings, and become sclerotized (Figure 14.1). (Kamal, 1958; 
Greenberg, 1991). 


14.2.1. History of Forensic Entomology, Toxicology, and the 
Rise of Entomotoxicology 


The Washing Away of Wrongs, a thirteenth-century Chinese manual on forensic and 
legal medicine, considered the oldest in existence from any civilization, detailed 
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Figure 14.1 Life cycle of Musca domestica, showing complete metamorphosis. These 
life stages are typical of all Muscidae and Calliphoridae. (Photo courtesy of Clemson 
University; U.S. Department of Agriculture Cooperative Extension Slide Series.) (See 
insert for color representation.) 


the death investigation of a man with a wound apparently inflicted by a sickle. The 
investigator gathered the local farmers with their sickles. In the hot afternoon sun, 
flies gathered on one sickle, indicating blood residue and incriminating the owner of 
that sickle. After interrogation and in light of the evidence, the owner of the sickle 
“knocked his head on the ground and confessed” to the murder (McKnight, 1981). 
In the late nineteenth century, scientists began to study and characterize the activi- 
ties of arthropods and their application to death investigations. The first observation 
of insects on human remains in which the death was attributed to arsenic poisoning 
was in 1890. F. M. Webster noted that Conicera sp. were noted to have developed 
on remains buried for over two years. Analysis of the stomach contents proved that 
the poisoning was via arsenic. He noted that it was not surprising that these flies 
could develop on tissues laced with arsenic because “they are doubtless tenacious 
of life.” Unfortunately, it is not apparent that he foresaw the forensic science appli- 
cation of their presence (Webster, 1890). In 1894, the French entomologist Mégnin 
pioneered the use of forensic entomology by painstakingly outlining and describing 
the eight successive waves of arthropod invasions on a corpse (Nuorteva, 1977; 
Keh, 1985; Smith, 1986). Those eight stages are still commonly recognized today. 


THE FLY AND FORENSIC SCIENCE 487 


Nonetheless, major issues still arose for forensic entomologists. Wide variabil- 
ity in geographical, topological, and environmental conditions led to even more 
widely variable insect species and behaviors for any given situation. These variable 
conditions made a well-characterized foundation of workable information diffi- 
cult to attain. Differences between the entomologists’ experimental conditions and 
actual forensic cases also compounded the problem of making useful correlations. 
Ultimately, a more thorough understanding of the basic principles as well as the 
limitations of using insects in forensic investigations was the result of the cor- 
roborative work of pathologists, biologists, detectives, and entomologists. These 
collaborative works had a significant impact in a variety of cases: 


Estimation of postmortem interval (PMI) by determining the life-cycle stage of 
the insects present on a body in conjunction with the stage of faunal procession 
(Bergeret, 1955; Nuorteva, 1977; Hall et al., 1986; Smith, 1986; Catts and 
Goff, 1992; Catts, 1992; Hall and Doisy, 1993). 


Estimation of PMI from the degree of insect colonization resulting from the 
degree of body exposure (totally exposed, partially covered, or completely 
buried) (Nuorteva, 1977; Smith, 1986). 


Acquittal of a person based on larval migration data (Nuorteva, 1977). 


Determination that a body had been moved from the original crime scene by 
identifying insects on that body not indigenous to the discovery area, thereby 
determining the area from which it was moved (Benecke, 1998). 


Linkage of suspects to the scene of a crime due to insect bites found on their 
bodies from insects specific to the vicinity where the body was discovered 
(Prichard et al., 1986). 

Determination of child abuse, neglect of the elderly, or disease or infection 
state from insect colonization prior to death (Goff, 1991; Benecke, 1998; 
Benecke and Lessig, 2001). 


Individualization of human DNA from insect gut contents (Lord et al., 1998). 


Interestingly, Mathiew Orfila, a pathologist who is often credited as the father of 
modern toxicology, can potentially be credited with the first systematic observation 
of insect succession in a human cadaver (Greenberg, 1991). He documented 30 
arthropods from a corpse and noted that live insects were recovered from bodies 
that were exhumed for several years. Bergeret (1955) is credited with the first case 
in which entomological evidence was utilized to create a time line. However, it 
turns out his assessment of the entomological evidence may have been incorrect; the 
period of insect activity could have been much shorter. Citations for the application 
of entomology to toxicological analysis did not begin to appear until the early 
1970s. Nuorteva described a case in which the mercury concentration in larvae 
feeding on a corpse was used to determine if the deceased had lived in an area 
with high mercury pollution (Nuorteva, 1977). Subsequently, the deposition of 
copper, iron, and zinc and their effects on adult flies and larvae was demonstrated, 
and the bioaccumulation and effect of mercury on larvae was fully characterized 
(Sohal and Lamb, 1977; Nuorteva and Nuorteva, 1982). 
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The first examination of fly larvae from human remains for qualitative identifi- 
cation of drugs was proposed by Beyer et al. in 1980. In this case, Calliphoridae 
larvae were used to assist investigators in proving a suicide via an overdose of 
pentobarbital (Beyer et al., 1980). In this case fly larvae were used to determine 
the source of poisoning in a severely decomposed body that had no other source for 
a toxicological specimen (Beyer et al., 1980). Gunatilake and Goff (1989) utilized 
larvae collected from a body to aid in proving that a case involved poisoning by 
ingestion of malathion. This chemical was detected in the larvae as well as from 
body fat and gastric contents. 

In 1990, Pascal Kintz published a landmark study from a 1987 case illustrating 
a “new” toxicological method of investigation which demonstrated the usefulness 
of entomological evidence. In this case example, larval concentrations of five drugs 
(triazolam, oxazepam, phenobarbital, alimenmazine, and clomipramine) were com- 
pared to concentrations in human heart, liver, lung, spleen, and kidney tissue as well 
as bile. In all cases, the drugs known to be in the human tissue were recovered form 
the larvae. One year later, in 1988, Kintz reported a case in which a severely decom- 
posed corpse was found and insects were utilized as an alternative toxicological 
specimen because no other suitable tissue was available (Kintz et al., 1990). 

Introna et al. (1990) collected livers from 40 decedents known to be positive for 
opiates (morphine) and colonized the tissues with eggs of Calliphora vicina. Upon 
analysis of the larvae and tissue via radioimmunoassay, the opiate concentration 
in the larvae correlated with that of the tissues on which they fed. Subsequently, 
investigations in entomology and toxicology illustrated the two important areas in 
forensic entomotoxicology: the effects of drugs on insect life cycles and the use of 
insects as an alternative toxicological sample (Goff et al., 1989, 1994). 

The potential growth of entomotoxicology in casework can be moderately pre- 
dicted based on the statistics that illustrate the increase in the abuse of illicit and 
prescription drugs in the past decade. The past decade has seen an increase in the 
abuse of illicit and prescription drugs. In a three-year time span alone (2000—2002), 
use of illicit drugs has increased from 6.3% to 8.3% in persons older than 12 years 
(NHS Survey, 2002). In 2000, 43% of emergency room visits were due to the 
misuse of prescription drugs (SAMHA, 2003). Not only have drug-related emer- 
gency room episodes and subsequent deaths increased (SAMHA 2003; DAWN, 
2003), but a clear correlation exists among crime, violence, and drug usage. Of the 
approximate 14,000 homicides in the United States in 1998, 4.8% of them were 
murders committed during a narcotics felony (ONDCP, 2000). In the end, with 
this growth in potential must come research to support widespread acceptance and 
understanding of the expansive scope of applications and utility. 


14.2.2 Drugs and the Fly Life Cycle 


Sometimes, entomological evidence is used in death investigations as a tool to better 
understand the circumstances leading to death. Insects can be used to date a crime 
scene or estimate a PMI by applying the known developmental rates of insects and 
the successional patterns of different insect species on the remains (Smith, 1986; 
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Goff et al. 1988; Catts and Goff, 1992; Goff, 1993; Catts, 1992; Goff and Lord, 
1994). As mentioned previously, the PMI estimation is an approximation of the 
time of colonization of the cadaver by insects. The succession of insects on car- 
rion can be complicated by many geographical and environmental conditions, such 
as plant cover, water covering the body, inclement weather, and/or temperature 
(Nuorteva, 1977; Smith, 1986; Goff et al., 1988; Catts and Goff, 1992; Schoenly 
et al., 1992, 1996; Goff, 1993; Hall and Doisy, 1993; Catts, 1992; LaMotte and 
Wells, 2000). The time required for an insect to reach any developmental stage at 
certain environmental conditions has been well characterized, particularly for foren- 
sically important insects (Kamal, 1958; Greenberg, 1990a,b; Goff, 1991; Greenberg, 
1991; Byrd and Butler, 1997, 1998; Anderson, 2000; Byrd and Allen, 2001). The 
time of colonization can be estimated using either of these techniques singularly 
or in combination. However, it is most common to use the stage of development 
in conjunction with meteorological data. This technique is most frequently referred 
to as the accumulated degree method. This method compares the temperature with 
the time of development and is often used to estimate the time of colonization and 
subsequent minimum postmortem interval. 

Additionally, the stage of development or age can be determined by measuring 
the insect larvae’s total length, crop length, or weight. Weight and crop length are 
the least useful estimates of age because broad variations result from the amount of 
food available, changes in the physiology of the developing larvae, and the lack of a 
well-defined informational database (Greenberg 1990a, 1991; Wells and LaMotte, 
1995). The methods that utilize larval length and/or accumulated degree hours 
(which can incorporate larval length) are the most commonly used, particularly 
since an appreciable database has been developed (Greenberg, 1991; Goff, 1993; 
Byrd and Allen, 2001; Byrd and Castner, 2001). 

Before Sohal and Nuorteva ushered in studies to investigate the effects of drugs 
on insects, Introna reported a solitary investigation in Japan in 1958 which found 
that flies were attracted to carrion differently depending on the poison ingested 
(Introna et al., 2001). Since then, Goff and Bourel have made strides in under- 
standing the deposition and affects of drugs and toxins on forensically important 
insects. In 1989, Goff worked a case with Gunatilake in which a man expired from 
malathion intoxication. The man had been missing eight days, but the entomology- 
based PMI estimation was five days. Goff and Gunatilake concluded that the 
malathion had shortened the duration of the larval stage and that the pesticide 
retarded the succession of insects on the body (Gunatilake and Goff, 1989). Goff has 
also explored the effects of amitriptyline, cocaine, heroin, phencyclidine, metham- 
phetamine, and 3,4-methylenedioxymethamphetamine (MDMA) on fly larvae. He 
found that amitriptyline had no effect on the rate of development of Parasar- 
cophaga ruficornis larvae but prolonged the migratory stage. Amitriptyline also 
caused the body lengths and weights to be greater than those of the control larvae 
(Goff et al., 1993). Cocaine shortened total developmental times for Boettcherisca 
peregrine larvae and puparia. He found that heroin accelerated the growth rate of 
the B. peregrine larvae and that phencyclidine did not affect the rate of devel- 
opment for P. ruficornis larvae but shortened the migratory phase. Finally, Goff 
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concluded that methamphetamine and MDMA generally shortened the duration of 
the feeding larval stage for P. ruficornis, and methamphetamine caused the larvae 
to grow significantly smaller than the control (Goff et al., 1989, 1992, 1994, 1997). 
Interestingly, Bourel found that morphine, a drug structurally similar to heroin, 
slowed the developmental rate of larvae for Lucilia sericata (Bourel et al., 1999). 
Ultimately, these results indicated three potentially significant points: (1) that drugs 
can affect developmental rates, contrary to expectations; (2) that the same drugs 
may affect different fly species differently; and (3) that PMI estimations could 
potentially be miscalculated if drug effects are not taken into account. 


14.2.3. Why Use Insects as a Toxicological Specimen? 


Invariably, some death investigations involve human remains that are severely 
decomposed or need to be exhumed after embalming and burial. Typical post- 
mortem specimens for a toxicological analysis include brain, liver, kidney, heart 
blood, peripheral blood, vitreous humor, bile, urine, and gastric contents (Poklis 
et al., 1998; Levine, 1999). The tissue alteration and breakdown that results during 
the process of decomposition can make some toxicological testing methods more 
challenging. In some cases, the tissue samples are rendered unsuitable for analysis, 
or they are simply no longer present in the body. The most common problem in 
warm and humid climates is that no soft tissue remains on which to perform a tox- 
icological analysis (Levine et al., 2000). Additionally, when a body is embalmed, 
the tissues are fixed, and blood and urine are typically no longer available. Toxico- 
logical analyses on embalmed tissue can and will result in drug concentrations that 
are difficult to interpret (Hanzlick, 1994; Alunni-Perret et al., 2003). Therefore, in 
these extreme cases, alternative specimens often need to be examined. 

Properly preserved or freshly collected larvae can be treated as any other tissue 
for toxicological analysis (Beyer et al., 1980; Poklis et al., 1998; Levine et al., 
2000). Two important premises underscore the utility of entomotoxicology. 


1. When larvae feed, they shred the food source with mouth hooks and deposit 
the meal into a crop, which generally “reflects the adaptive imperative to eat 
now and digest later” (Greenberg, 1991). 


2. Any drug detected in larvae could only have come from the body on which 
it was feeding (Beyer et al., 1980). 


Beyer’s case was a landmark in forensic entomotoxicology as the first case that 
used larvae as the sole source for a toxicological analysis. Toxicological analyses 
were performed on larvae found on a skeletonized body after the badly decom- 
posed soft tissue was deemed unsuitable for analyses. Phenobarbital was identified 
in the larvae using thin-layer chromatography and gas chromatography—mass spec- 
trometry (Beyer et al., 1980). In 1987, Kintz also used larvae as a toxicological 
specimen in a case of completely putrified remains. Despite the severe decompo- 
sition, organs were identified and analyzed for drugs. The concentrations of drugs 
(triazolam, oxazepam, phenobarbital, alimemazine, and clomipramine) in the lar- 
vae were compared to the concentrations in the body’s bile, heart, liver, lung, and 
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spleen. Kintz stated that they could not establish a correlation between the larval 
drug concentrations and organ concentrations. However, he concluded that “the 
application of the toxicological investigations in maggots will surely increase” and 
that the performance of these analyses on living material “is always more suitable” 
(Kintz et al., 1990). In 1989, larvae were used to detect the organophosphate sus- 
pected as the cause of death of a severely decomposed man (Gunatilake and Goff, 
1989). In 1990, Introna reported results from the first systematic study in ento- 
motoxicology in which he found a direct and significant correlation between the 
concentration of morphine in the food source and the larvae (Introna et al., 1990). 
In 1992, Nolte investigated a case in which he collected fly larvae and skeletal 
muscles from an almost completely skeletonized corpse for toxicological analysis. 
This was the first reported case in which cocaine and benzoylecgonine were recov- 
ered from fly larvae. Nolte concluded that the larvae were better specimens for 
toxicological analyses because the skeletal muscle contained tissue decomposition 
products which interfered with the analyses (Nolte et al., 1992). It is important to 
understand that the half-life of cocaine in human tissue is 0.7 to 1.5 h, depending 
on the route of administration (Baselt, 2004). Therefore, Nolte concluded that the 
detection of cocaine and its metabolites in larval tissue suggests the use of cocaine 
in the immediate hours before death. However, while finding that both the parent 
drug and its metabolite in the larvae could indicate drug usage immediately prior 
to death, other contributing factors, such as route of administration, dosage, and 
postmortem redistribution, will impinge on this conclusion, making it difficult or 
impossible to interpret the findings of drugs in larvae. During Goff’s studies to 
better understand the effects of drugs on the insect life cycle, he found a direct 
correlation between the concentration of the drugs heroin, methamphetamine, and 
MDMA in the food source and the larvae. On the other hand, he observed no cor- 
relation between the two with phencyclidine (Goff et al., 1991, 1992, 1994, 1997). 

Since the late 1990s, several attempts have been made to understand the impli- 
cations of larval drug concentrations. Wilson and Sadler found that the larvae 
eliminated amitriptyline, nortriptyline, trimipramine, and trazodone and that the 
ratios of larvae to food source drug concentrations were widely variable (Wilson 
et al., 1993; Sadler et al., 1995, 1997a). Sadler also investigated barbiturates and 
other analgesics with variable results. He found that acetaminophen was eliminated 
from the larvae and that the ratios of larvae to food source drug concentrations 
were also widely variable for the barbiturates amphetamine and sodium salicylate. 
Ultimately, he concluded that his solid-phase drug extraction procedure was not 
rigorous enough (Sadler et al., 1997b). Most recently, Hédouin performed a whole 
animal study and found a correlation between mature larval morphine concentra- 
tions and the tissues (Hédouin et al., 1999, 2001). 

A case in Maryland reported in 2000 underscores the growing importance of 
more thoroughly understanding the utility of fly larvae as an alternative toxico- 
logical specimen. In this case, larvae and the only soft tissue (a portion of calf 
muscle) from mostly skeletonized remains were analyzed for drugs. Secobarbital 
was found in the larvae but not in the skeletal muscle. If a large amount of drug 
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was ingested which led immediately to death, the drug had insufficient time to dis- 
tribute to the calf muscle in any appreciable concentration. Second, the presence 
of decompositional fluids in the muscle potentially complicated the analysis. Had 
the larvae not been available for analysis, the prescription bottle found near the 
deceased would have only served as circumstantial evidence (Levine et al., 2000). 


14.2.4 Drug Extraction Methods 


If using entomological evidence as a toxicological specimen, larvae and pupae can 
be treated similarly to human specimens. Standard operating procedures for drug 
extractions from human tissue and fluid in a toxicology laboratory are a reasonable 
starting point for elucidating an optimum drug extraction procedure for what can be 
considered a fairly novel and certainly different biological matrix, insects. However, 
an extraction procedure for any given drug will probably have to be modified 
to compensate for the entomological matrix. For example, Sadler admits that he 
applied methods routinely used in his laboratory to extract barbiturates from urine 
to extract the same from larvae, but conceded that his inconclusive results were 
due to needing a more rigorous drug extraction technique. 

When extracting drugs from larvae, the first consideration should be the large 
fat body of the larvae (Downer, 1981; Gullan and Cranston, 1994; Elzinga, 1999). 
Lipophilic drugs can potentially be sequestered in this fat body, requiring extraction 
solvents that are more lipophilic and back-extractions to adequately separate the 
matrix from the drug. Additionally, in order to actually extract the drugs from 
the larval matrix (the fat body, the hemocoel, and hemolymph), the pK, of the 
drug must be considered carefully using the Henderson—Hasselbach equation for 
acidic drugs, 





pH = pK, + log au0 
[BH*] 
and for basic drugs (Levine, 1999), 
pH => pKa + log aa 
[HA] 


Assuming that a drug will be mostly ionized in an aqueous-based biological fluid, 
the initial pH of the aqueous fluid should be adjusted so that the drug is no longer 
ionized. Once the drug is deionized, it can be sequestered into a hydrophobic sol- 
vent, thereby effectively extracting it from the biological matrix. Some cellular 
components in the matrix may also become sequestered in the hydrophobic extrac- 
tion solvent (particularly the fat body), requiring a back extraction or a “cleanup” 
extraction. The cleanup extraction can be executed by changing the pH to drive the 
drug back into an aqueous layer, leaving hydrophobic cellular components behind 
in the solvent. Since the drugs need to be in an organic solvent for instrumen- 
tal analysis, a final pH adjustment will deionize the drugs, allowing their final 
sequestering in a hydrophobic solvent. 


THE FLY AND FORENSIC SCIENCE 493 


14.2.5 Qualitative Versus Quantitative 


Several studies have demonstrated the correlation between the dose and the concen- 
tration of drug within the larval body. However, researchers have differed greatly 
in their interpretation of the meaning of this correlation. In application, the quan- 
titative evaluation of drug concentration in larvae in actual forensic casework is 
quite limited. One of the primary reasons for this limitation is because of the dif- 
ficulty in determining exactly where the larvae have fed, since the absorption and 
distribution of a drug will vary among skeletal muscle and organ tissues. Thus, 
the location of larval feeding is of critical importance. However, due to the larval 
movement on the body while feeding, it is difficult (if not impossible) to determine 
on which tissues the larvae have fed. Although it is possible for an investigator to 
document the location of larvae as they are collected, it is not known which tissue 
or tissues were utilized as a food source prior to collection. 

Although the rates of drug deposition in the larval body are not known for most 
species, most commonly, homogenates of the entire larval body are used. It is not 
known if the drugs and their metabolites are localized in the fat bodies, puparium, or 
chitinous exoskeleton of the adult (Nolte, 1992). However, much of the published 
research on entomotoxicology indicates that ingested chemicals can be recovered 
from the soft tissues of the larvae, pupae, and chitinous exterior of the pupal case. 
As a result, initial studies on the application of entomotoxicology to casework were 
promising. The window of opportunity for the detection of chemical compounds 
in human remains could be extended for days or even weeks by utilizing larvae 
and puparia. If the chitinous pupa stage had formed, chemicals ingested by the 
feeding larvae could be detected in the puparial casings years after the insect itself 
had completed development. In one particular death investigation case, the authors 
detected the metabolites of cocaine from the puparium two years after the death of 
the victim. 

However, the quantitative use of insects as toxicological specimens in actual 
casework is problematic. Tracqui et al. (2004) analyzed 29 cases in which organic 
compounds were known to be present. These compounds were detected in both 
the human tissue and the insect body. However, no correlation between the drug 
concentration in the human versus larval samples were noted. Additionally, it was 
found that interlarvae and intersite variations in drug concentrations were not repro- 
duced between samples. Therefore, arthropod larvae are, at best, most appropriate 
for qualitative analyses in a toxicological investigation and unreliable and unsuit- 
able as a toxicological sample used to interpret the episode of intoxication prior to 
death based on a quantitative analysis. 

The method of calculating the accumulated degree hours to estimate the time 
since colonization is as follows (Byrd and Castner, 2001): 


1. Accumulated degree hours are calculated for the crime scene using temper- 
ature data gathered for a specified period of time prior to the collection of 


larval evidence. 


accumulated degree hours = ADH = (T — B)(t) 
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where T is the mean temperature (°C)' B the minimum threshold develop- 
ment temperature and f the time in hours. 


2. Larval evidence is measured (mm) and compared to species developmental 
charts (larval length vs. time, or instar molt vs. time) generated at specific 
temperatures to obtain the ADH required for that size. 


3. The ADH required, which is given in the developmental chart, is compared 
to the ADH calculated at the scene to age the larvae and “date” the scene. 


14.2.6 Changes in Insect Development: Toxins and Drugs 


Nourteva and Nourteva (1982) were the first to demonstrate a negative effect on 
larvae from toxic compounds with the larval food source. However, Goff et al. 
(1989) was the first to show an altered developmental rate for larvae feeding on 
tissues containing illicit drugs. Goff’s study was the first to show that cocaine, 
metabolized in tissue and ingested by larvae, would shorten the developmental 
time expected. Subsequent studies by Goff et al. (1993, 1994) have demonstrated 
significant differences in rates of development for P. ruficornis and B. peregrina 
(Diptera: Sarcophagidae). These developmental changes potentially can be of criti- 
cal importance when estimating the time since colonization. Few studies have been 
conducted on this effect for the Calliphoridae, which are typically the predominate 
flies on human remains in the early postmortem period. 

With this said, the alteration of insect development by drugs and toxins is prob- 
lematic on several levels. Often, the forensic entomologist is not aware of the 
postmortem toxicology results and does not know to take drug-induced alterations 
into consideration when developing a window for time of colonization. Second, 
a thorough investigation of all major drugs has not been undertaken with every 
species of forensically important fly. Therefore, the entomologist has no foundation 
on which to make adjustments in the time of colonization range. Most important, 
while some studies have suggested that the developmental rate of some larvae is 
affected by some drugs, the interpretation of the data must be considered carefully. 
It is possible that alteration in the life cycle due to drugs or toxins on board is well 
within the standard error in life-cycle development of drug-free larvae. 


14.2.7. The Future of Entomotoxicology 


Considered generally, the published literature is only a preliminary treatise of the 
interface between entomology, toxicology, and medicolegal death investigation. 
More research is needed on drug accumulation and retention in insect physiology. 
However, it is clear that the use of entomotoxicology as a quantitative measure is 
not yet suitable for application in forensic casework. Such a circumstance is unfor- 
tunate because the technical application of the premise works well, as the amount 


*Collected from a nearby weather station. If provided, hourly temperatures may be gathered to 
calculate ADH and provide a defined window for age assessment of the larvae. 
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of drug compound within the larval body can be determined with great accuracy 
and precision. Using larvae as a toxicological specimen is readily put into practice 
because the analysis takes no specialized equipment beyond what is necessary for 
a standard toxicology analysis for human or animal tissue. Therefore, most any 
postmortem forensic toxicology laboratory possesses the equipment necessary for 
the testing. From the technical viewpoint, entomotoxicology looks promising. 

However, it is the biology and behavior of the insect itself that may limit its 
application in forensic investigations. Entomologists must first conduct fundamental 
research on larval feeding and aggregation behavior. Currently, entomologists do 
not fully understand larval movement and distribution within the maggot mass, 
which often forms during the actively feeding third instar. After simple visual 
observation of the larval feeding and aggregation behavior, it is obvious that the 
larvae are in constant motion. Individual larvae seem to spend time in the center 
as well as the periphery of the mass. However, the movement of a single larva 
within the mass has not been tracked with great accuracy, and no studies have been 
published on the positional effect on the intensity of larval feeding. With standard 
entomological procedures currently in practice, it is unknown on what tissues the 
collected larvae have fed. 

The absorption, distribution, metabolism, and elimination of drugs are well doc- 
umented for most drugs and provides for the understanding of postmortem tissue 
distributions. However, since larval feeding locations are unknown in applied case- 
work, the resulting larval concentration proves meaningless under current collection 
and analytical protocols. Insect larvae do accumulate drugs and toxins within bodies 
as a result of their feeding. Therefore, the qualitative analysis of these compounds 
may provide valuable information to forensic investigators. 

Forensic entomologists are able to provide vast amounts of information to 
other forensic investigators based on the comparatively limited nature of currently 
published data sets. Biological variation may lead to cautious, conservative, and 
“incomplete” answers to many commonly posed questions from investigators. A 
tremendous amount of research must be conducted to better understand the patterns 
and implications of natural variables, particularly as they affect forensic investi- 
gations in the entire scope of forensic entomology, but specifically with regard to 
toxicology. As the knowledge base expands and more becomes known about larval 
behavior, entomotoxicology may one day become a valuable quantitative tool. 
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DIY - MAKE YOUR OWN ORGONITE 


Making orgonite is easy! 


This is the most important thing | 
have to tell you in this chapter. 

A lot of people on the internet and 
elsewhere are spending a lot of 
time and money to make you 
believe it’s otherwise. 

Orgonite always works, even if 
you think you got it all wrong. Also 
the designs of the basic orgonite 
tools are very error tolerant. When 
you read about the mix having to be 
50/50, that just means that you pour 
a bucket full of resin into a bucket 
full of aluminium filings. People 
have asked me_ the _ weirdest 
question about how to determine 
the exact volume of the filings since 
they come in this woolly state 
and.... 


It’s much easier than that! 

Making beautiful orgonite takes 
more practice and is not that easy, 
but as much as we all love to make 
things beautiful, a rough and dirty 
TB will neutralise a cell phone tower 
(death force transmitter) just as well 
as a high gloss one with neatly 
arranged gemstone inlays. At first 
you will need to source resin. Most 
of us work with simple polyester 
resin. This comes in_ different 
qualities. Preferable is the “clear 
casting” quality that is also used to 
embed butterflies and dried flowers 
into nice clear blocks, often used as 
key rings or for other decorative 
purposes. We buy this’ from 
industrial wholesalers who cater for 
the boat building and swimming 
pool manufacturers. If you have no 
idea where to get resin in your 


town, phone the guys who work 
with fibreglass and ask them where 
they buy their stuff. Polyester resin 
stinks a bit when it’s curing because 
of the chemical reaction and 
release of solvents, so you should 
always work outside or in a very 
well ventilated room. 

If you plan to do this regularly, get 
yourself a protective mask (against 
organic fumes like for spray 
painters) or build a fan into your 
room that guarantees at least a 40 
x per hour air change. 

The resin needs to be mixed with 
a catalyst that will bring about the 
chemical reaction that makes the 
resin cure into a crystalline clear 
substance. Please follow’ the 
instructions of the manufacturer 
regarding percentage of catalyst to 
be used etc. 

Many people have tried other 
substances as a matrix to suspend 
the metal filings in, such as 
beeswax, sugar, tree resins and 
epoxy resins. 

The epoxy and tree resins (when 
they are treated in a way that they 
can be cured to a _ non sticky 
crystalline matrix) seem to work ok, 
but we haven’t tried it. We have 
learned to handle the polyester well 
and find it works so fantastic that 
we need not look for alternatives. 
Even sugar seems to work but is of 
course not exactly weatherproof for 
outside application. 

Beeswax has been a _ great 
disappointment even though it’s still 
periodically brought up by people 
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who don’t like the notion of using a 
“chemical” material to restore the 
natural energy balance. 

See it in a different way: Isn't it 
fun, that we can defeat the plans for 
global control by the self proclaimed 
elite, using exactly the addictive 
substances that are most pivotal in 
their global enslavement policies: 
Mineral oil (resin) and sugar. 

Next you will need lots of 
aluminium shavings. (Some _ call 
them filings) You can get these at 
machine shops that work with 
aluminium a lot such as window 
manufacturers sign makers etc... 

A lot of people who have read 
Wilhelm Reich’s works are very 
prejudiced against aluminium 
because of some observations that 
Reich made in connection with his 
orgone accumulators. He spoke out 
strongly against aluminium use in 
accumulators, but nobody in our 
network has so far found any 
evidence that this would hold true 
for orgonite. 

Don has also built many classical 
Reich-style |= accumulators — with 


aluminium and also found no 
adverse effects. Could it be that 
another factor, as yet unknown, 
created the negative results, Reich 
was reporting? 

Last but not least you will need 
crystals. Clear quartz crystals that 
is. But they can also be milky or 
otherwise of “inferior quality”. 

We have even used white and 
completely opaque quartz chips we 
found on a mountain near the track 
we were driving on, to add into 
some improvised TBs that we had 
to make when we ran out of ammo 
in Namibia in September 2004. 
They worked well. 

For TBs, any small crumbs of 
crystal breakage will suffice. For 
HHGs use _ single terminated 
crystals, that is crystals with one 
naturally formed tip. 

For CBs one should preferably 
use double terminated crystals, 
which means they have a natural tip 
in both directions. Even when 
multiple small tips point all in one 
direction we still speak of single 
terminated. 


The easiest to start with: making TBs 


TBs or Tower Busters are the 
easiest to make. That's why | 
strongly recommend you start with 
them. You will get a feeling for 
working with resin that way which 
will come in handy when you start 
making the more sophisticated 
pieces. We make our TBs in 
standard muffin forms, but you 
can use anything that will hold 
approximately 100-150 ml (3-5 


oz.) of resin and shavings. Plastic or 
paper cups are also popular. 

If you want to re-use the mould, we 
strongly recommend that you wax it 
before pouring. We use “silicone 
release wax” which we get from the 
place that sells the resin and catalyst. 
Baking fat will work as well. 

We use aluminium filings. (or 
sometimes they’re also called 
shavings) Other metals work as well. 
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We get best results when the 
shavings are not to big or small 
and sufficiently loose so that the 
resin can run in between them. 


Shavings the way we like them 


Apart from the shavings and resin, 
the mandatory ingredient is 
quartz. 

You don’t have to use A-grade 
tips. Any quartz breakage even of 
a milky or opaque quality will do. 
We have used white quartz 
pebbles collected from the road 
with great success on_ our 
Namibia Exhibition when we were 
out of TBs at some point. 

We like to add some low grade 
amethyst because we _ get it 
cheaply and it makes them nicer. 





Also we like to add a few crumbs of 
black tourmaline. If available, 


powdered pyrite makes any orgonite 
much stronger in sheer power. 

But again: simplicity is the rule. You 
do not need any crystals other than 
quartz in order to achieve stunning 
results. 





Typical ingredients the way we make our TBs 


The best resin for orgonite is 
polyester resin of the so called “clear 
casting” quality. It's the same that is 
used to cast Insects or leaves into 
decorative key ring pendants and the 
like. Make sure you get to the 
industrial suppliers. 





Putting the crystals in 


Otherwise you pay a fortune for small 
quantities. 
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If you don’t know where to find 
those suppliers, talk to the guy 
who work with _ fibreglass. 
(Swimming pool and boat builders 
for example) The will know. 

We start with a thin layer of 
filings and place the crystals on 
top of this little nest. That way 
they will end up _ being 
approximately at the centre of the 
finished TB. 





Top layer 


We top up to just under the rim. If 
you want to add some crushed 
pyrite or tourmaline, you can 
sprinkle it over the top layer in the 
end. 

Now we can start the pouring 
procedure. We need the resin, 
and a suitable quantity of catalyst. 
The Resin suppliers normally sell 
special measuring bottles for the 
catalyst and we recommend that 
you get one if it’s not supplied for 
free. We also recommend that 
you use industrial strength rubber 
gloves for the larger works while 
surgical latex gloves are good for 
finer work. If you plan to do this 
more often you _ should get 
yourself a mask with filter against 
organic solvent vapours. You 


don’t really need that if you can work 
outside. 





Wear a mask if you frequently do this inside. 
Make sure rooms are well ventilated. 





A 


Use bucket with measurements 


Pour sufficient quantity of resin into a 
bucket with measurements. 
For one standard muffin tray we use 
approximately 1.1-1.2 litres. 
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Measure needed quantity of catalyst 


With most makes of resin the 
standard mix is 2% catalyst at 
20°C. But beware: temperature 
and size of the piece you want to 
pour influence the need for 
catalyst. The hotter it gets or the 
bigger the piece, the least catalyst 
you need. Refer to resin 
manufacturers manual for exact 
quantities. 





Pour catalyst into resin 


Stir thoroughly! 









Pour into small jug with snout for easier pouring 
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And start pouring 


Since the resin takes a while to 
sink in you will have to pour in 
several passes. It is always good 
to have a few more objects 
prepared by the side that can take 
any surplus resin in case you may 
have miscalculated the quantity. 
You have (depending on the 
make of the resin and room 
temperature etc.) 15-25 minutes 
to do this. That is normally not a 
problem. If you feel that the resin 
is becoming like jelly before you 
are finished, quickly mix the 
remaining resin with metal filings 
to make at least some kind of 
usable orgonite. Keeping your 


The next step: 


For making HHGs you want a 
conical mould. We are using 
ordinary household funnels 
because the ones we get have a 
nice proportion with the base as 
well as the height being 100mm. 
But many other forms have been 
successfully tried: from conical 
paper party hats to cocktail glasses. 

You have to close the nozzle in 
some elegant way. We used to do 
that with window putty which could 


bucket and jugs clean helps to avoid 
premature gelling. 





Continue until muffin pan is filled to the rim 


When the process is finished, you 
have to wait a while. The resin will 
nor start its chemical reaction during 
which it will get quite hot. If you have 
used the right amount of catalyst, the 
TBs should be easily removed after 
curing by just turning the pan upside 
down. A few gentle taps with a rubber 
hammer are sometimes needed. 

If the mix has not cured properly 
(too cold or not enough catalyst) it 
can be put in direct sunlight to give it 
some after-curing. 


making HHGs 


be shaped any way we wanted but 
are now making a small cone of 
masking tape that we insert with the 
sticky side facing outward. 

Apart from the filings you need 5 
single terminated crystals of 30- 
40mm _ length. Additional healing 
stones are optional. We _ use 
crushed black tourmaline and a few 
of our low grade amethyst pebbles 
to beautify the energy emanating 
from the HHG. 
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Household funnels 





Nozzle closed with masking tape 


f 


SONOS poo 


Our ingredients: 5 mandatory crystals, optional 
amethyst and tourmaline. 


We start by putting a few filings into 
the top in order to make a nest for 
the top crystal. We want all crystals 





to be embedded in the orgonite. 
See the following picture sequence 
for the further procedure. 





Place top crystal into nest with tip facing 
downward (up in finished HHG) 





Add more filings and some of the optional 
additional stones if you wish 
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Add more stones as you build up in layers 
(optional) 





Place the bottom crystals in a cross formation. St : 

art pourin 
Leave enough space for the crystals to be pean 
covered with a thin layer of filings 





Cover crystals Repeat several times until no more air bubbles 
come up and funnel is filled to the rim. 
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This is how the finished product comes out of 
the mould. 


Now you only need to break the 
rough edge with a file now (or a 
sanding disk) and sand it until 
smooth. That’s only if you want to 
make it into a nice piece of art of 
course. The full power is there 
without the cosmetics. 

Of course any other conical 
mould will do the job. Cocktail 
glasses, party hats — anything will 
do. 

There are other variations to the 
theme such as the ones that Done 
makes nowadays. They only have a 
crystal in the tip and a clockwise 
spiral (from the bottom up) is 
replacing the 4 bottom crystals. 


Finally: Build your own CB 


Again, this is only one way to make 
a functioning orgonite CB. 
Following these instructions will 
give you enough of a feel for the 
matter to deviate from the 
procedure wherever you feel it 
would lead to better results. 

The standard pipe length according 
to the inventor of this device, is 6’ or 
approximately 1800mm. 

The recommended pipe diametre 
for a standard CB is 28mm which is 
almost but not entirely identical to 
the US 1-1/4” 

The crystals may already be fitted 
inside the short pipe ends. We 
mostly insert them afterwards and 
fix them with a bit of resin. 

In Don’s original instruction they 
are wrapped into a short piece of 
garden hose and glued into the 
bottom end of the pipe. 





That’s what goes into the bucket 


The short pipe ends should be 
closed with a stop fitting (standard 
from plumbing suppliers) or a 
copper plate soldered on. (See 
picture below) It is intended that the 
pipes form a resonant cavity, so the 
bottom should not be open. One 
could use thin foils to close it. 
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Short pipe ends with bottom plates and 
connectors soldered on 


We use 3 of our standard spacer 
disks to connect the long pipe ends 
to a stable rig. We have found that 
better than inserting special 
spacers into the bucket as in Don’s 
original instruction. 


Long pipe ends forming a stable rig 
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This is how we make our disks. All dimensions 
are in mm. 








Stick short pipe ends onto the rig 
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Insert into bucket 


You may have noticed that we have 
already prepared a bottom plate in 
a previous pouring session. We 
don’t want the pipes to go through 
to the very bottom but rather want 
them embedded in orgonite. We 
make that plate approximately 
20mm thick. 


Place the rig upright 








Apply some preliminary bracing 


We always put it up next to a table. 
After applying some bracing, we 
start to make sure that it’s really 
standing upright and the distance to 
the border of the bucket is equal on 
all sides. It helps when the floor is 
level of course. Otherwise you 
should use a piece of wood levelled 
with some wedges as floor. By 
looking at the pipes from various 
directions with one squinted eye, 
you can also ensure that they are 
parallel and not “drilled”. 

Laozu’s vortex buster is 
something else. There you want the 
pipes “drilled” in a spiralling motion. 
So don’t be afraid if you don’t get 
them totally straight. Your CB will 
work nevertheless. 

It is amazing how error tolerant 
these designs are. As long as you 
end up with 6 copper tubes with 
some sort of crystal in the closed 
bottom, sticking in a bucketful of 
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resin-metal mix in a halfway circular 
arrangement, you will have a 
powerful working cloud buster at 
hand. 


rr 





Now you can start filling up with filings 


We fill up to about 2/3 of the 
intended height. This allows us to 
pour a substantial amount of resin 
in one go which will be pushed into 
the filings by it’s own gravity. We 
put in some “misfired” TBs or other 





orgonite that hasn’t passed the 
quality test. That way we can 
prevent cracks even when pouring 
in one go. Some people still advise 
to pour in layers. We don't really 
like it because it takes very long 
and resin always runs behind the 
finished parts, resulting in an 
uneven and messy surface. 





Pouring 


It is advisable to pour only from one 
side so that air can still escape on 
the other side. It helps to have a 
translucent bucket because then 
you can see how far the resin has 
penetrated. 

Depending on the texture of your 
metal filings, you may also premix 
the orgonite and pour the mix of 
filings and liquid resin. That way 
you can prevent air bubbles much 
easier, but it is also more messy. 
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Resin almost down to the bottom 


Once the resin has saturated all the 
filings, we fill up with filings to 1cm 
under desired height which is in the 
middle of the connectors. We do 
that quickly, so we can still use the 
same resin “wet in wet”. 





Fill up and pour to centre of connectors 


It is important to do that in one 
session with the same _ resin. 
Otherwise you'll have to wait about 
2 hours and get the problems 
described previously when pouring 
in layers. 





This is how the raw CB base will look like 


In most cases you will find that the 
surface of the raw base might need 
a final “glazing” coat for aesthetic 
purposes. 

The easiest way to do that is by 
just taping a rim with masking tape. 
Small irregularities in the tape will 
be filed and sanded away afterward 
when you break the sharp edge. 





Pouring a smooth top coating with tape 
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This is how our finished cloudbusters look like. 


Yours may look slightly different. 

It is very difficult to build a “bad” 
one. In Uganda we built one with 
the only copper tubing we could get 
and that was 22 mm on a roll. We 
had to straighten it by hand on a 
concrete floor, so it was never 
straight and we had no end caps, 
only chocolate paper to seal the 
pipes at the bottom.. 

We also had no pure quartz crystals 
but only amethyst with some quartz 
veins. Despite it’s irregular shape 
its influence was perceptible for 
hundreds of kilometres around it’s 
location in Kampala. 


SP-Crystals and Mobius coils 


Text based on Ryan McGinty’s 
Article on www.ethericwarriors.com 
with permission of the author. 
Photos courtesy of Ryan Mc Ginty 


The Items you will need: 


1 cordless drill.1 spool of 30 gauge 
aluminium wire from Radioshack, 
comes in red, blue and white in 
50ft. Do not get the magnet wire 
that is copper. The copper is very 
stiff while wrapping also the enamel 
insulator easily scrapes off causing 
minute shortages. 1 crystal. 

First select a length of wire that 
will be appropriate for the size of 
crystal. Very small crystals will need 
only three feet of wire, larger ones 
with a diameter of 1 inch or larger 
will need 20-25 feet or more, the 
hole spool for giant crystals. 





Fold the wire in half, then fold that 
in half again. Basically folding the 
wire into quarters. 
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Now take the end where both ends 
are bent, place them into the 


locking chuck of your cordless drill. 
The easiest way to keep them 
together evenly in the drill is by 
starting a small twist to hold them 
together. 





Set the drill direction so that it will 
remove a screw. (Lefty loosie) With 
your other hand, hold onto the end 
with the two leads. Make sure you 
keep good tension while the drill is 
rotating. This will minimize 
irregularities. If the wire is longer 
than your arm span, have someone 
help hold it or clamp it to a sturdy 
stand. 





You'll know the wire is correctly 
wound when the thread angles are 
at 45 degrees. 





Hold your crystal and wire like so. 
You will be doing a counter clock 
wire wrap that works upward. 





Here is how you start your first knot. 
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Notice that the knot goes over, 
down, up-around. It’s basically a 
square knot. Keep this knot a little 
loose because you'll need the 


space for the remaining knots. 





Now repeat the process. You'll 
notice the wire working upward. 
While the knot keeps getting larger. 
Start pulling the wire tight. 








Here is how it looks going around a 
third time. Each time you start a 
new knot you start just before the 
last one. Remember to keep the 
wraps tight. This will ensure you 
don’t have any wires overlapping on 
the back. 








Here is the finished result. You'll 
notice that the knots start right after 
the last one begun. Use glue to 
hold wires in place, a hot glue gun 
or goop works great. Strip the ends 
and you got your self an SP! 8-) 
If you notice the knots getting too 
difficult to overlap then start another 
row the same way as the first. Pull 
the excess just a little above the 
first Mobius wrap, wrap the wire 
around CCW then do the knot and 
keep repeating as many times as 
needed. It’s basically a simple 
pattern that keeps _ repeating. 





324 


Appendix 





IV. FURTHER READING 


The following books and websites can help to understand the perspective 
from which this book is written and further the depth of your enquiry into 
some subjects marginally touched here. This does not mean that the 
author identifies with or endorses all particular views expressed in these 
sources. 


Books 


By Dr. Wilhelm Reich: 
Character analysis 

Mass psychology of fascism 
The function of the orgasm 
The discovery of the orgone 
The cancer biopathy 

Ether, god and devil 
Cosmic superimposition 
Contact with outer space 


About Dr. Wilhelm Reich: 
Wilhelm Reich — the evolution of his work - David A. Boadella 
Der Traumvater - Peter Reich 


Orgone and related: 
The Life Etheric with Carol Croft — Don Croft 
Die Wiederentdeckung des Lebendigen — Prof. Bernd Senf 


Science and secret technology 

The Tao of physics — Fritjof Capra 

PSI — Ostrander, Schroeder 

The world weather guide — Pearce, Smith, 1993 

Lost science — Gerry Vassilatos 

Scalar waves - Prof. Konstantin Meyl 

Wholeness and the implicate order — David Bohm 

The holographic universe _ Michael Talbot 

The self aware Universe — Amit Goswami Ph.D. 

The coming Energy revolution, by Jeanne Manning 

HAARP the ultimate weapon of the conspiracy — Jerry E. Smith 
Angels don’t play this HAARP — Nick Begich 

Underwater and underground bases — Richard Sauder Ph. D. 
Death in the air — Dr. Leonard G. Horowitz 
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Reich of the Black Sun (Nazi secret weapons) — Josph P Farell 
Fire from Ice (cold fusion) — Eugene F. Mallove 


Natural power lines and power spots 
Points of cosmic energy — Blanche Merz 
The new view over Atlantis — John Michell 


Mythology and the origins of mankind 
Indaba my children — Credo Mutwa 
The 12" Planet — Zecharia Sitchin 


Alternative history: 

Rule by Secrecy — Jim Marrs 

None dare call it conspiracy — Gary Allen 

And the truth shall set you free — David Icke 

The biggest secret — David Icke 

Secrets of the Federal Reserve — Eustace Mullins 

Liquid conspiracy — George Piccard 

Wall Street and the rise of Hitler — Jeremy F. Sutton 

Die CIA und der 11 September — Andreas von Bulow 

The conspirators — Secrets of an Iran Contra insider — Al Martin 


Medicine 

Inventing the AIDS virus — Peter H. Duesberg 

Emerging viruses — AIDS and Ebola — Dr. Leonard G Horowitz 
The cure for all diseases — Huda R. Clark 


Websites (URLs were accurate at time of writing) 


On Orgonite and related issues: 


www.ethericwarriors.com 
www.orgonise-africa.net 
www.cb-forum.com 
www.worldwithoutparasites.com 


Conspiracy research and suppressed news: 
(read with discernment) 


www.educate-yourself.org 
www.whatreallyhappened.com 
www.prisonplanet.com 
www.chemtrailcentral.com 
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3 Dr. Wilhelm Reich, The Function of the Orgasm 
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David Icke, “And the Truth shall set you free” 
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Adventures Unlimited Press 

8 Zacharia Sitchin, “The 12ths Planet” and other books from his “Earth Chronicles” cycle. 

’ The Bible, authorised King James Version, World Bible Publishers, lowa, USA 
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the truth shall set you free” and others for the structure and history of the secret society network 
and its pervasive influence on our society past and present. 

° See James E. Ewart, “MONEY”, Principia Publishing, Seattle1998 

1° G. Edward Griffin, “The Creature from Jekyll Island — A Second Look at the Federal Reserve” 

" Eustace Mullins, “The Secrets of the Federal Reserve” (Out of print) 

"2 Check www.thematrix.com or go to the next video store to get the movie. 

The sequels Matrix II and III don’t have that quality of being “hidden documentaries” of what’s really 
going on. They rather distract from the message of the original movie. 

See “Wall Street and the Rise of Hitler” by Jeremy Sutton, Buccaneer books, New York 1976 

4 See Herman and Chomsky “Manufacturing Consent” for a scholarly analysis of the mechanisms 
used to manipulate “open societies’. 

*® See Cathy O’Brian with Mark Phillips “Tranceformation of America” for a compelling account of a 
surviving Government Mind Control Victim. 

6 See www.centerpointe.com for more details 

See http://www.whale.to/a/electrical_h.html for more links to resources on electronic mind control. 
18 See Dr. Leonard G. Horowitz, “Death in the Air’, Tetrahedron Publishing Group 2001 

° See for example www.carnicom.com for a knowledgeable presentation of the chemtrail 
programme yet with a fear inducing debilitating twist to it. This is typical for the way in which the 
Illuminati run their damage control operations once certain aspects of the conspiracy become 
obvious to a large number of people. 

?°1 egend also has it that large parts of the black order that constituted the occult inner core of the 
3" Reich and it’s technical elite were evacuated to a large base on Antarctica and several secret 
bases in South America and high polar regions of Canada, Alaska and Greenland, where they 
allegedly continue to operate. 

a Gerry Vassilatos “Lost Science”, Adventure Unlimited Press 

22 SD. Kirlian and V. Kirlian, "Photography and Visual Observation by Means of High-Frequency 
Currents, (Russian) Journal of Scientific and Applied Photography, Vol. 6 No. 6. 

3 Sheila Ostrander and Lynn Schroeder, Psychic Discoveries Behind the Iron Curtain (Englewood 
Cliffs, New Jersey, Prentice-Hall, 1970) 

4 www.ethericwarriors.com is the most authentic website for orgonite application and etheric 
warfare against the New World Order with many onward links and the more than 90 episodes of 
“The Adventures of Don and Carol Croft”. The site features a forum with invited members who are 
all active gifters. 

5 See www.donebydooney.com 

78 See www.ethericwarriors.com or www.cb-forum.com (in German) 

af “Indaba, My Children” by Credo Vuzamazulu Mutwa, Payback Press, Great Britain 1998, first 
published 1964 in South Africa by Blue Crane Books 

“Song of The Stars, the Lore of a Zulu Shaman” by Credo Vuzamazulu Mutwa 1996, Station Hill 














Openings, Barrytown Ltd. 
2° «Profiles Of Healing — Vuzamazulu Credo Mutwa: Zulu High Zanusi”, Texts by Credo V. Mutwa, 
edited by Bradford Keeney, Ringing Rocks Press 2001 
3° “The Reptilian Agenda”, Credo Mutwa interviewed by David Icke, published by Bridge if Love 
Foundation and available through www.davidicke.com 

3" See page 274, “The Social System of the Zulus” by Eileen Jensen Krige, Shuter &Shooter, 
Pietermaritzburg 1950, first published in 1936 

2 See “Hearing Visions — Seeing Voices” by Mmatshilo Motsei, Cape Town 2004 

3 See http:/Awww.geocities.com/saufor/ 

34 Vélkermord an den Herero?:Widerlegung einer Luge by Claus Nordbruch, Grabert Verlag, 
Tubingen, Germany 2004 

° See for example: Michael Gienger ,Healing Crystals: The A-Z guide to 430 Gemstones” or 
“Crystal Power, Crystal Healing: The complete Handbook” 


The Orgone Revolution 


During the last few years, a small 
but growing group of people 
worldwide has started a peaceful 
revolution: planet-wide 
environmental healing with orgone 
energy. 

Based on easy-to-replicate 
inventions of US inventor and 
researcher Don Croft, a network of 
individuals has started to take 
active responsibility for their 
environment. 

In Operation Paradise Georg 
Ritschl, a German architect who 
lives in South Africa, provides an 
introduction to the subject of 
orgone energy, including a history 
fo) tat- mere] acex=16)qtalcele(e am (nel m= lale me) 
FTe)e)|fer=\tto) aloe 

Showcasing his own experience 
based on work in more than 10 
African countries, Ritschl 


demonstrates how orgone energy 
tools can neutralise the negative 
influence of electromagnetic 
pollution, weather manipulation 
based on HAARP-related 
technologies and the ubiquitous 
to create paradise 


chemtrails, 


when applied in sufficient 
quantities at critical places. 

The book includes basic DIY 
instructions for 4 important orgone 
Kale) i=s 


e The Cloudbuster 

« The Tower Buster 

e The Holy Hand Grenade 
e The SP-crystal 


This book is essential reading for 
anyone who is interested in holistic 
healing and the convergence of 
advanced science with the mystical 
world view. 

It is also a book for all those who are 
worried about the tendencies of a 
small elite to create a worldwide 
Orwellian Superstate by means of 
secret manipulation of world 
events, centralisation, and secret 
chemical and electronic warfare 
against humankind. 


It is time to reclaim planet earth for 
humanity. The compelling 
message of this book is: 


Together we can create 
Paradise! 
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What is orgonite? 


The word "Orgonite" refers to a new class of materials which are composed of a mixture of metallic particles suspended in an organic medium. The term 
"Orgonite" was coined by Karl Welz, the man who is generally credited with inventing it. Though initially intended by Welz to refer only to his commercial 
product, the name stuck- and has come into usage by most people familiar with the material. So... | suppose in the mind of Karl Welz and few other 
folks, orgonite means Welz's individual recipe, but to most others it has come to mean any material produced using the same basic conceptual 
approach. In any case, it refers to an orgone matrix material, as opposed to a layered orgone accumulator. To a degree, a piece of orgonite will act as 
an orgone accumulator in that it will tend to attract orgone from the area around it, but with an added dimension. The added dimension is that it will 
process the orgone energy as it interacts with it, whereas an orgone accumulator more simply condenses orgone energy. 


There are many variations on the basic concept of suspending the metal within the organic element (as opposed to using thin layers of organic and 
metallic substances like in an orgone accumulator), and many other substances which can be added to the mixture to make it more potent, or to 
specialize it for different applications. Most of the people producing orgonite wind up developing their own exact recipes, | use several different recipes 
for slightly different applications. At the end of the day, the basic, fundamental ingredients of orgonite are metal particles and an organic medium to 
suspend them in, usually resin. 


A wide range of metaphysical disciplines all work with the same energy, know it by various names ... (orgone, odic force, reiki energy, prana, chi, etheric 
energy, bio energy, bio magnetic energy, huna energy, animal magnetism, soft electrons, mass free electricity, radiesthetic color, astral energy, 4th 
dimensional energy, emotional body energy, life force energy, and no doubt a bunch of other names | have never even heard of) ... and so far orgone 
matrix material has proven itself a to be a readily adaptable and highly functional conceptual approach for work in these areas. Orgonite, (by any name) 
both releases orgone energy when stimulated by other forms of energy, and has the capacity to change orgone from one state to another. It is especially 
suited to taking the energy from an unhealthy state into a healthy, balanced state, and/or adding a selected property to the orgone energy which it 
processes. This makes it useful in a wide range of applications, from alternative health through to radionics and other traditional metaphysics. 


Organic substances attract ORgone energy and soak it up like a sponge, while metallic substances tend to repel it. Basically, ORgonite pulls in the 
ORgone energy, and while the energy is inside the device, The metal particles and organic resin both push and pull on it in all directions at the same 
time. This puts the energy in a scrambled, chaotic state. When the energy comes back out of the device, it collapses back into an organized, defined 
state .As a side effect of being scrambled and put back together, it comes out clean! DOR is converted back into OR as it passes through the orgonite. 
(DOR=Deadly ORgone Radiation... Harmful ORgone. OR=ORgone Energy, the Healthy kind) 


Orgone matrix material, or orgonite, has not only the property of changing OR (Orgone) from one form to another, but also the property of ‘generating’ 
OR when stimulated by other kinds of energy... like light, sound, physical motion, or electricity. When using a matrix of randomly arranged particles 
instead of orderly layers of the two substances (metal and organic) you get a different effect. Some benefits of using a matrix are: 


A: Increased efficiency (higher proportionate orgone potential to mass) compared to a traditional ORAC. 


B: Changes DOR (harmful ORgone) to OR (Healthy ORgone)... When orgone passes/percolates through the matrix, it is in effect reduced to its 
component polarities of + (positive/masculine/hot), 0 (zero point/omni potential/infinite), and - (negative/feminine/cool). It is then recombined, and re- 
emitted. The act of being broken down into its positive and negative charges and recombined basically flashes it across the 0 state and has the effect of 
restoring the orgone to a ‘base’ state, i.e.. it is no longer ‘healthy’ or ‘unhealthy’ orgone, it is no longer orgone of any specific ‘color’, rather it comes out 
of the matrix material as more or less undifferentiated orgone. That which makes the orgone ‘colored’ or differentiated is (oversimplified a tad) basically 
encoded in the proportions of +/-, (+/-)0, and in oscillation rate between + and -. When the orgone exits the matrix material, the conditions which ‘force’ it 
to exist in an undefined state no longer exist, and so it collapses back into a defined state, and is 'colored' to varying degree by the exact composition of 
the matrix material and any minerals/other substances included in the matrix. 


C: Orgonite does not actually generate orgone, in the truest sense of the word, but | suppose that is a technicality. Orgonite, when excited with other 
forms of energy, both converts a portion of the energy used to excite it into orgone energy, and draws additional orgone energy from the Aether (the 
cosmic omni potential 'pool' of orgone energy that has yet to be 'put to work' in 3D terms), and puts it to work as orgone manifest in 3D terms. Thus for 
practical intents and purposes, orgonite 'generates' ORgone on demand when excited by scalar waves, magnetic fields, heat, sound, light, electrical 
energy, kinetic energy, etc. 


HHGs and TBs 


The type of orgone device which is commonly called a 'Holy hand grenade’ is a medium-sized device which attracts harmful ORgone energy, converts it 
to healthy ORgone energy, and emits it again as a flow of healthy orgone energy. This is different from other orgone devices used up until this point, 
which had the ability to block or collect harmful energy, but not convert it to healthy energy. The device gets it's name from an old Monty Python movie ; 
)... When placed in an area, buried, or placed in a body of water, the ORgonite Holy hand grenade will act to continuously clean the ORgone energy 
within a surprisingly large radius (average 3/4 mile radius from the device). A TB (Towerbuster) does basically the same thing on a little bit smaller scale. 
The effective range of a towerbuster is generally somewhere around 1/4 mile. 


A basic TB is a small (3 to 8 ounce volume), usually cylindrical or conical mass of orgonite with a quartz crystal embedded in it. Generally the xtal is on 
the verticals axis if the device is tall, and on the horizontal axis if it disk-shaped. A basic HHG is a little larger (usually 8 to 32 ounce volume), usually 
conical or pyramidal mass of orgonite with 5 double terminate quartz xtals embedded in it, one of them on the vertical axis and four of them on the 
horizontal axis. The vertical xtal is near the small end of the device, and the horizontal xtals are arranged radially, near the wide end of the device. Don 
Croft invented these two devices to counteract the adverse physical and mental health effects of HAARP, GWEN, ELF, SCALAR and HPRF 
transmission towers. In addition to serving well for this purpose, the HHG and TB devices are highly effective multipurpose energy cleaners. Think of 
them as air freshener for your aura. 


To use one of these devices, simply place the device within an area and leave it alone. If possible, it increases the effectiveness to put them into a body 
of water or bury them in the earth. It is not necessary to bury them or put them in water, and most folks who use them have a few in their homes, to 
provide a constant cleaning action for the orgone envelope in their living space. With the HHGs, it helps a bit to align the device with the magnetic field of 
the earth, so that one of the xtals in the base of the unit points north. People who are familiar with natural energy vortices, Curry and Hartman lines, Ley 
lines, and so forth have been using these devices to restore many of the earth's energy centers to healthy state. This process is generally referred to as 
‘gifting’ or ‘towerbusting’. As should be no surprise to anyone familiar with orgone (by any name) , many of us have noticed beneficial changes in the 
behavior of people within the effective range of such devices, whether they are aware of its presence or not. They are, in effect- getting the same sort of 
emotional healing and balancing (and in some cases the commensurate physical benefits) that one would expect from more traditional methods of life 
energy therapy. For several years | used xtals for basic pain relief and first aid in energy work on myself, and now | use something which is basically a 
fancy TB. 


These devices can also be used as meditation aids, used by holding it between the hands while meditating, or by sitting near it while meditating. They 
can also be carried on the person in order to afford a constant cleaning action for your personal energy fields, and provide shielding against various 
forms of energy assault, ranging from psychic attack to EM pollution. And, while the devices can be used as intent amplifiers /radionics boosters, IMO 
there are more specialized orgonite devices which perform that task better. | have noticed that suspending water over the top of an HHG does charge it 
with orgone energy, and | regularly use this kind of charged water as a general tonic, | find that it has beneficial effects both physically and energetically 
(vitality, clarity of thought, emotional balance). 


One thing which the HHGs and TBs seem to be good at is serving as a basic life energy therapy device, to speed healing and, in some cases, relieve 
pain. | of course am not a doctor, and am not giving you medical advice, and that applies to everything on this site, bla bla bla. There are several folks 
who find a TB or a slightly modified TB to be very useful (when held in the practitioner's hand or over the problematic body area on the person being 
treated) in Reiki, Reflexology, Massage Therapy, healing hands, and so on and so forth (these are all systems which effect healing by working with the 
human body's orgone energy). 


Unlike orgone accumulators, These devices do not have to be carefully protected from EM pollution and DOR. They convert DOR to OR, so | think it is a 
good idea for most everyone to make at least one or two and put them in their homes, and enjoy the benefits of a healthy life energy environment where 
they live. As with some of the other similar devices which are already in use, these devices have applications in agriculture and alternative health, in 
addition to their primary function as an 'energy cleaner'- a device which processes life energy and removes harmful properties in so doing. Every day, we 
all take a bath in more energy pollution than most folks care to think about, ranging from huge uses of metaphysics with some very nasty intent behind it, 
to the modern phenomenon of technological assault on natural weather patterns (HAARP), The human mind and body (GWEN), and the harmful effects 
that various more mundane electrical systems have on life energy. These devices have been shown time and again to have a beneficial effect on the life 
energy of a given area, being adapted to many uses beyond the original purpose for them, and for which they are still heavily and successfully used, 
which is to restore natural weather patterns to the environment around us by mitigating or nullifying the effects of weather control technology. 


| have seen no evidence that HHGs or TBs will become saturated with DOR from prolonged exposure, but | have seen that such devices have a 
processing capacity, and that capacity may be exceeded. | have been able to deal with that in most cases by simply using more devices. The capacity of 
the device is determined by the mass of the device, (larger mass of orgonite = more capacity) the way the internal components are assembled, and the 
composition of the orgonite itself. | have not found it necessary to move the HHGs and TBs around in order to keep them working, but | have noticed that 
doing so excites them and 'stirs things up' quite a bit. The exception to this is when you are using them to create a perimeter or clean field in or around 
your home or another area, in which case you ought to install them by placing them, rotating them clockwise until it ‘feels right’... and then try to avoid 
moving them. Once moved, it takes some time for the fields to re-establish themselves. Where several devices are linked together to create a shield or 
ley line, moving one causes the whole thing to wobble. Stimulating one of them also stimulates the whole of the field in which the linked devices are 
included. If you have an SP, or a wand, or even a favorite xtal you use for a beamer you can go around the perimeter clockwise and touch each of the 
TBs with the tip of your device as you go around. This assists in linking the devices together. 


The reason they work better when buried is that the orgonite works a bit more efficiently when in contact with the earth, since the orgone 'resistance' of 
air is slightly higher than the orgone 'resistance' of earth. Therefore, when the energy flows through the HHG or TB, it can flow a little more quickly if it 
is buried, because it has a huge potential (the earth or the body of water) to which it is grounded. Even if you do not bury them, just tossing TBs into a 
problem area works fine, burying them is a boost, and not absolutely necessary. Good thing, because there are many places where burying them is 
impractical. If possible, toss them where they will land in water (best) or on earth, as opposed to pavement. Drop one in your annoying neighbor's 
bushes hahaha ... 


Orgone Accumulators, Orgone generators and Orgonite 





The basic difference between orgone accumulators (ORACs) and orgonite is that orgonite processes orgone energy, whereas ORACs condense orgone 
energy. Some devices employ orgonites processing ability to 'generate' orgone from other forms of energy, and some devices employ orgonites 
processing ability to change orgone from one state to another. Examples of this latter use are changing orgone that is in an unhealthy state into a orgone 
that is in a healthy state, or converting orgone into the state which is most suitable for a given purpose at a given time (say, for therapy or radionics, 
etc.). 


An orgone generator is a device that both collects orgone, and translates other forms of energy into orgone energy. It is possible, using orgonite, to 
convert heat, light, sound, scalar, kinetic, electrical and magnetic energies into orgone energy. Some people call orgone cleaners ‘orgone generators’, 
and in fact the man who invented orgonite has patented the term orgone generator, so indeed there are people who would define these terms differently 
than | do. However, | am trying to make the point that there are different functions involved, and as long as you are aware of them | suppose it does not 
matter what you call the, except for the sake of convenience in establishing a cohesive terminology with respect to orgonomy. Orgonomy, by the way, is 
aname for the study and application of orgone energy. 


(Sigh), now... Orgonite does not actually generate orgone, in the truest sense of the word, but | suppose that is a technicality. Orgonite, when excited 
with other forms of energy, both converts a portion of the energy used to excite it into orgone energy, and draws additional orgone energy from the 
Aether (the cosmic omni potential 'pool' of orgone energy that has yet to be ‘put to work' in 3D terms), and puts it to work as orgone manifest in 3D 
terms. Thus for practical intents and purposes, orgonite 'generates' ORgone on demand when excited by scalar waves, magnetic fields, heat, sound, 
light, electrical energy, kinetic energy, etc. 


An orgone cleaner is a device that allows orgone to pass through it, and in the passing revitalizes the orgone energy. In addition to revitalizing the 
orgone, cleaner devices which employ orgonite or other similar conceptual approaches selectively remove and add qualities form the orgone. Again, 
there will be more articles at some point in the future which go into this matter further, but for now bear in mind that a cleaner is different from both a 
generator and an accumulator. HHGs, TBs, and Chembusters are examples of orgone cleaners. Also, it bears mentioning that orgonite-based orgone 
cleaners are not filters, though if overloaded of insufficiently grounded they will still function as filters. A filter picks the bad stuff out and collects it, and 
you have to periodically clean or replace the filter. Some folks have found that when their HHGs are not grounded well enough, the they have to 
periodically refresh them by sitting them on the earth or in running water for a few hours. But, if the HHG is in contact with earth or moving water, or 
connected electrically to the house electrical ground (I'll be producing a kit for this so you can modify your HHG easily at home... still in the testing 
phase, looks promising so far... and of course I'll post instruction so you can do it even if you do not want to buy it from me hahaha), then the HHG 
actually converts the bad stuff into good stuff, as opposed to just filtering it out. That is the chief benefit of orgonite-based orgone cleaners, and that is 
what they are designed to do, and that is what they do when they are constructed and installed properly. 


An orgone accumulator is rather like a big capacitor. It is a device, usually in the form of a closed container, which collects the orgone energy from the 
surrounding area and stores it inside the container. Like a capacitor, an ORAC will collect as much orgone ‘pressure’ as it can hold, and then it will 
release some of the orgone so that more can come in. Therefore, it runs cyclically, if often the cycles may be days and months apart, instead of the 
fractions of a second which we call Hertz when considering the cycle duration of electrical capacitors. Unlike orgonite, an ORAC does not process the 
orgone, so it can collect a store of orgone on the inside of it which is either good for you or bad for you, depending on the condition of the orgone energy 
fields in which it is located. It will just collect whatever kind of orgone energy is around it. It is a good idea to have an HHG or TB inside your ORAC if you 
plan to build one, since most of our electrical grid produces a kind of orgone energy that is unhealthy, and ORACs operated within the EM fields 
produces by electrical appliances or high tension power lines tend to become saturated with this unhealthy orgone. Thanks to the higher levels of 
masonry for the decision that 60 Hz is the frequency of alternating current we use in North America. In terms of pulse rate, orgone is not in a healthy 
state when it pulses at 60 cycles per second (orgone energy will often pulse in sympathy to an electrical current which passes through it. 60 cycle 
electricity passes through the earth's orgone fields and puts them into a state which is more or less inimical to most living organisms). Of the places in 
your home to place an HHG, near your electrical mains (don't shock yourself and don't sue me. i mean to put it near the mains, not electrically connected 
to them) or fuse box is a likely candidate. 


An ORAC is able to collect the energy because the sides of the container are composed of alternate layers of metallic and organic material. This 
arrangement of layers produces something like an orgone ‘diode’. It is easier for the orgone to travel one direction through the lamination of metallic and 
organic layers, and much harder for it to travel in the other direction. So, like a diode, the layers move orgone in one direction. Build a box out of this 
material, and it will collect and condense orgone on the inside, since it can get into the box much more easily than it can get out. The ORAC was 
invented by Wilhelm Reich about 70 years ago. 


Another thing to bear in mind is that TBs, HHGs, and chembusters will, to some degree, respond to the energy environment around them, becoming 
more active when there is a lot of DOR or unbalanced, harmful life energy around them, and less active (unless excited) when there is little problematic 
energy around them. They also respond to large potentials of healthy life energy when they are near them, and will often appear to sit inactive when the 
energy around them is relatively clean and undisturbed. If you are using an HHG to charge water, for example, it is a good idea to use sound or light to 
stimulate it, so that you can make sure it is active. Assuming you have the proportions of metal and resin correct, and the particle size of the metal is 
within working parameters, It is not possible for a TB or HHG to become saturated with DOR the same way as an ORAC because the orgonite has a 
quality of processing the orgone from one state to another, whereas an ORAC does not. | and several other use TBs to keep our ORACS clean, and 
(with a TB in it) | have been using a small cylindrical ORAC less than two miles from a large power line without any problems, this for years now (a/o mar 
2004). 
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Chembusters and Cloudbusters 





There is a lot of controversy on this subject now, and to be honest | consider it important to distinguish between a Croft-style Chembuster and a Reich- 
style Cloudbuster. After having had a chance to experiment with both devices, | find that they are indeed different in function. A Cloudbuster is a device 
invented by Wilhelm Reich about seventy years ago, and it uses orgone energy to influence weather patterns. It is basically an array of parallel pipes 
which are in turn connected by means of rubber or other organic hoses to either an ORAC or a body of moving water. It relies on the circulation of 
orgone energy within the water bodies of the earth to clean the orgone by virtue of the action of moving water over stone, this action takes place in 
riverbeds especially. A Chembuster (or Croft-style Cloudbuster) is a slightly different device, which is based on the Cloudbuster in that it uses a parallel 
array of pipes to channel orgone energy, in order to affect the weather patterns in the area around it. The main difference between a Cloudbuster and a 
Chembuster are that a Chembuster has a ballast of orgonite, while a Cloudbuster is grounded directly from the pipes to the earth, or water. And since 
orgonite processes orgone energy instead of simply collecting it or moving it around a Chembuster cleans the orgone as it passes through. A 
cloudbuster does not. 


Although both Cloudbusters and Chembusters generally pull orgone in the form of DOR down from the atmosphere and channel it into the Earth, it is 
possible for both devices to work in the opposite direction and send orgone form the Earth into the atmosphere. In both cases, it is the changing orgone 
fields which affect weather patterns. | do not approve of novices using Reich-style Cloudbusters, but | do approve of just about anyone using 
Chembusters. This is because a Chembuster is a great deal more user-friendly than a Cloudbuster. A Cloudbuster, used carelessly, can cause 
tornadoes, imbalances in the earth's orgone fields, and torrential rains or severe droughts. It is nonetheless a very useful device, but one which requires 
knowledge both of meteorology and orgonomy in order to operate beneficially. The Chembuster, on the other hand, functions more like a 'safety release 
valve' between the earth and atmosphere, so that it becomes more active when there is a large unbalance in the ambient orgone fields and less active 
when the energy around it is in a balanced and healthy state. 


| have some other articles coming which go into this matter further, but for now suffice it to say that you can cause problems with a Cloudbuster if you do 
not know what you are doing, but this is not true of a Chembuster, and that is because a Chembuster uses orgonite and quartz crystals to clean the 
orgone as it passes through, whereas a Cloudbuster does not. It is possible to further enhance the function of a Chembuster by grounding it to the earth. 
After experimenting with it for some time, | generally ground the orgonite base of my Chembuster instead of grounding the pipes, because if you ground 
the pipes, then the device will appear to work more rapidly, but what it is actually doing is dumping the excess 

DOR into the ground rather than cleaning it. In my opinion, grounding the copper pipes directly is no better than a Reich style cloudbuster, because it is 
just dumping the DOR into the ground. If you are doing this, then you ought to add some HHGs and TBs or equivalent right near the ground wire where it 
enters the ground. Also, a wet ground is better than a dry ground. It is better to ground the Chembuster to moving water or wet earth than to dry earth. If 
you are grounding it to dry earth, you should use a long wire to maximize contact with the earth. You can either attach a length of copper wire to the 
orgonite, or just cut the bottom out of your bucket and let the orgonite touch the earth. 


Orgonite Density 


Not all orgonite is the same. The size of the particles used makes a lot of difference to the finished product. Below is a short description of some of the 
different grades of orgonite with which | have worked. Orgonite can be used for different devices, and the intended function of the device determines 
what kind of orgonite is best to use. Different materials offer differing amounts of resistance to the orgone as it flows through it, and the different grades 
of orgonite have sequentially higher 'orgone resistance’ values. 


LD - Low Density Orgonite 


Low Density orgonite offers very little resistance to the orgone as it flows through the device. This means that the device is not very suited to cleaning 
the orgone, it will not convert DOR to OR with much efficiency. But, since it attracts the orgone and allows it to flow through it very easily, low density 
orgonite is useful for sending and receiving orgone energy, and for collecting and moving orgone energy from one place to another. One place | often 
use LD orgonite is to make a channel or layer of LD orgonite within an orgone device, which acts like a wire to conduct the orgone along a chosen path 
inside the device. LD orgonite also works well as an orgone ‘antenna’ to send and receive orgone energy within a network of devices. LD orgonite does 
not work well on its own for making TBs and HHGs, but a thin layer of LD or VLD (Very Low Density) orgonite at the base of an HHG or TB assists the 
device in grounding to the earth more efficiently. LD orgonite will release some orgone when excited, but not very much. 


MD - Medium Density orgonite 


MD orgonite offers enough orgone resistance to foster the cleaning action for which orgonite is well known, and works as a material from which to make 
TBs and HHGs. MD orgonite has a dense enough matrix to convert DOR to OR, but does not work very efficiently in an orgone-on-demand generator. It 
offers low enough orgone resistance to function well in a passive mode, and high enough orgone resistance to still afford the 'scrubbing' action which is 
desirable. MD orgonite will release some orgone energy when excited by external energy sources, but like LD orgonite, still not very much. The orgone 
resistance is low enough in MD orgonite that much of the energy used to excite it either passes through it or is attenuated. It is more suited to use in 
devices which are meant to operate in a passive mode. TBs, HHGs and Chembusters are generally meant to operate in a passive mode. While MD 
orgonite may not be the absolute best thing from which to make TBs and HHGs, it will work nonetheless. 


MHD - Medium High Density orgonite 


MHD orgonite is imo the most efficient type of orgonite from which to make TBs, HHGs, Chembusters and other devices which operate in a passive 
mode. MHD orgonite offers just low enough orgone resistance to operate in a passive mode, but offers high enough orgone resistance to maximize the 
‘scrubbing’ action while still in a passive mode. MHD orgonite will convert DOR to OR efficiently without being excited by external energy sources (other 
than a potential of DOR to convert into OR). Because of its higher density, MHD orgonite will also release orgone when excited, and it will do so with 
more efficiency than MD orgonite. MHD orgonite works well to construct devices which are intended to operate in both passive and active modes. The 
spaces between the larger particles are filled with smaller particles. This is also the grade of orgonite that | make my HHGs and TBs from now. See the 3 
small pics below? MHD orgonite can be gotten by either using smaller particles, as in the two cases on the left and center, or by adding superfine 
particles to the resin and then using larger metal particles which would ordinarily produce MD orgonite. Either way will produce MHD orgonite. | use 
about 2 teaspoons of mineral ‘flour’ to a liter of resin. 


HD - High Density orgonite 


HD orgonite offers a much higher orgone resistance than MD or MHD orgonite. The scrubbing action provided by HD orgonite is plentiful, provided it is 
excited in some way. TBs and HHGs made from HD orgonite need to be placed in an area with extreme inimical energy problems if they are to do much. 
They also benefit from being electrically grounded, though | suppose it is not absolutely necessary. TBs and HHGs made from HD orgonite can be a bit 
smaller than ones made from MHD orgonite, and still do the same job, provided they are excited in some way, either by external energy sources or by a 
LARGE potential of DOR to convert into OR. One place in which TBs and HHGs made from HD orgonite work well is on or near household electrical 
appliances. To make a long story short, HD orgonite processes orgone more efficiently than MHD orgonite, but you need to ‘push on it' in order for the 
orgone to go through it very fast at all. There are few if any large particles, and that there is not very much space between them. HD orgonite does not 
work very well for devices which are meant to operate in a passive mode, but it does work well for devices which are meant to operate in an active, or 
‘powered’ mode. HD orgonite works well to make orgone-on-demand generators which convert other forms of energy such as heat, light, sound, EM or 
scalar waves into orgone. HD orgonite works well to make intent amplifiers. HD orgonite can also be used inside an orgone device made from lower 
density orgonite to control the pattern of energy flow by offering more resistance at select places inside the device, acting like an 'orgone pressure valve' 
so that orgone will not pass through it until it has reached a sufficient intensity. HD orgonite is the highest density at which orgonite will work both in the 
passive and active modes, but is more suited to the active or 'powered' mode. 


XHD - Extra High Density orgonite 


XHD orgonite does not work very well in a passive mode, and does not appear to be doing much of anything until it is excited by some form of external 
energy. When excited by heat, light, physical motion, sound, EM fields, electrical current, scalar waves, etc., XHD orgonite is VERY efficient at producing 
orgone energy. XHD orgonite has uses in the internal composition of orgone devices built from lower densities of orgonite, just like HD orgonite, but is 
especially suited to making orgone-on-demand generators which are designed to operate in an active or 'powered' mode. Note the particle size, all of the 
have gone through a 1 mm sieve, the largest are about 1.5 x 1 mm, and the majority of the particles are in the form of a fine powder like flour. When 
making HD or XHD orgonite, you can add the organic part of the orgonite in the form of small particles, and just use enough resin to hold the mass 
together. While XHD orgonite works very well for making devices which operate in an active mode, it does not work very well at all for devices which 
operate in a passive mode, except as a small part of the finished device. 


Different materials for making orgonite 


While many people now use polyester resin and metal particles from a machine shop, there are many different materials from which orgonite can be 
made. In my experience, not all of these combinations produce a very durable substance, but in some cases produce more orgone than the basic 
polyester resin and metal filing mixture 


Cheap orgonite from waste paint 


An extremely cost-effective and colorful variety of orgonite with which | have been experimenting. The orgonite is not especially durable, and needs to be 
kept indoors or recast in plastic resin to seal it from the elements. It is made from old latex paint (often free at recycling depots) and commercially 
available waste paint hardener ( about $3.00 CDN for enough to do 2/3 of a gallon). The waste paint hardener is in the form of a small packet of crystals 
which, when mixed into the paint, cause it to solidify. The metal has to be mixed into the paint prior to adding the hardener, since it turns stiff almost 
immediately. The mixture then takes several weeks to dry fully in a large casting like the 3.5" blue TB (with kyanite from revted ;) shown. This can be 
quickened by making the mixture and spreading it out into a thin sheet, allowing it to dry, and crumbling it into small pieces like the two shown on the 
right of the picture. The small pieces can then be combined in different colors and recast with just enough resin to hold them together. Doing it this way, 
you can reduce the cost of polyester resin by 50 to 70 percent, but it takes a lot longer. 


Another orgonite recipe is made from polyester autobody filler, mixed with metal shavings and a little aluminum roof patch paint. You have to work 
quickly, and mix in the metal and paint before adding the catalyst to the autobody filler. While this kind of orgonite is not ideal for TBs and HHGs, it has 
the advantage of not leaking out of small holes in the molds, and therefore is useful for some hard-to-cast shapes, as it can be forced into the mold in 
small amounts with a spoon or spatula. 


A few notes about using fine powders in orgonite 





You don't need to have NASA grade powdered quartz or ultra fine metal particles. You can use them, but you can also make your own. | make most of 
my own. One source of copper powder that is easy to get is copper spray paint. Get the cheap kind that rubs off on your fingers after its dry. It is 
basically metal flakes, solvent, and a little oil. When the solvent evaporates, you are left with fine metal flakes and a little oil. Just spray it into the resin 
and mix thoroughly. Of course, you have to mix the fine powders into the resin before you pour. Also, if you are using any of the following powders (and 
probably a few | don't know about)... 


copper 
paramagnetic earth with high iron content 

rust (iron oxide) 

white polyester pigment (titanium oxide) 

decomposed chalcopyrite (oxidized copper and iron and sulphur) 
decomposed iron pyrite (oxidized iron and sulphur) 


... then you have to add a bit more catalyst than you normally would, since the copper and paramagnetic earth (some kinds, anyway) slow down the 
curing (of POLYESTER resin) quite a lot. 


There is no answer the question 'which is better, powder or shavings' because the two give different effects. That's kind of like asking whether apples or 
oranges are better. In short, for an orgone generator (which technically an HHG is NOT) powder is better. For an orgone FILTER/CLEANER (which is 
what an HHG is) powder can be used as an additive, and you will get a bit more out of it. 


If you are trying to make HD orgonite at home, and have problems with the powder settling out, then you can do two things: 1... use less resin! 2... add 
the organic to the mix in a powdered form and then just use enough resin to stick it all together. To make the higher densities of orgonite, you have to 
actually mix the ingredients, you cannot just pour the resin over them. Mix all the dry stuff up in a vessel, and then add it to catalyzed resin. Use enough 
powder that you get a slurry, like oatmeal. Just use a little resin. However, for hhgs and tbs, unless you are gonna put them in a really bad spot or make 
sure to ground them by burying or tossing in water... you don't want it to be ALL powders. HD max, not XHD. Also, you can make the TBs a bit smaller if 
they are made from HD than the minimum size they would need to be if they were made from MD. A CB made with HD is a bit different because the 
pipes create a bit of flow, so there is something to push (or pull) the orgone through the orgonite. Depending on how you have it set up and configured, it 
may work really well, or not very well at all. Even so, it is possible to get the density too high and 'plug up' the device. | have had that happen before. If 
you can figure out a way to stimulate it enough, then it will work. One thing you can do is increase the diameter of the pipes a bit to compensate for the 
density of the ballast. The push or pull provided by the pipes of a CB can act as stimulation for the orgonite if it is of sufficient intensity. 


There is one density rating that belongs to the orgonite. Then there is another density rating that belongs to the device as a whole. Ideally, the orgonite 
density of a TB should be as high as you can get it before it starts to 'plug up’. If you make it too dense, and expect it to work in a passive role, then you 
will get all discouraged perhaps and say ‘it doesn't work’... but that will be because you are basically trying to use a pressure release valve set at 500 psi 
to relieve 20 psi of peak pressure, understand? Orgonite made with fine particles (high density) works just fine, as long as you use it right. ;) 


Anyway, for a TB, the orgonite density should be as high as you can get it and still work, but the overall device density should be a bit lower, so that it 
will allow energy to flow through it relatively easily. A simple way to say this is the more orgone resistance the device has the better it cleans, but the less 
orgone resistance the device has, easier energy can flow through it. So you have to find the 'sweet spot' in that range. Imo, for things like TBs and HHGs 
(as opposed to radionics outputs, pulsers, powerwands, etc) that 'sweet spot' is what | call 'MHD' which stands for 'medium high density’. | also make HD 
(high density) towerbusters, and they work great... as long as they are deployed CORRECTLY which means being either: 


A... right on top (metaphorically speaking) of the tower, or on top of your monitor, or TV, or something else which makes a lot of EM noise... 
or B... well buried and spread out a bit in the pattern of gifting. 


For HHGs and TBs, what most of us do is to use fine powders as an additive to larger metal particles. Doing this enables us to adjust the density of the 
orgonite to hit that 'sweet spot’ and/or add other energy signatures to the output of the device. So, some people say ‘powders are garbage, they don't 
work' because they try to make TBs with only powders, the density is too high, and (no surprise) it doesn't work. And others say 'well, Welz uses 
powders so they must be good’. Well... Welz doesn't make devices that have to function in a passive sense, or at least that's not what he's known for. He 
is not known for making HHGs and TBs. Welz makes devices that use EM (Electro-Magnetic) stimulation to translate EM into orgone, which he then 
integrates into a radionics machine's output stage. That's why he uses HD/XHD orgonite in his devices. And that's why in devices like my pulsers, ring 
generators, and so forth, | also use higher densities. 





Ingredients for orgonite 


Here are some of the ingredients | have worked with in orgonite, and a brief description of their properties according to my opinion and observations. All 
pronunciations of usefulness for a given purpose are my own views and based on my own perceptions. | am not giving you medical advice. | am not a 
medical doctor, but there's a good chance you may be ;) Experiment and form your own opinions. | will do my best to update this page from time to time. 
By no means are all possible ingredients listed here, nor are all the possible effects of the ingredients listed here. This list is my opinion, and is a work in 
progress. There are many different ingredients being used in orgonite. There are many different recipes of orgonite being used. Some perform better 
than others all around, and some perform better for a single purpose. In terms of energy work and metaphysics, whatever minerals are included in the 
orgonite will, to some degree, impart their energy qualities to the orgonite. The same holds true so far for the energy effects of hertzian frequencies, 
sounds, colors of light and energy impressions via reiki work or other traditional metaphysical discipline in application. The rate of success with this 
effect, the orgone signature programmed into the orgonite while it cures, seems to vary. In other words, say you have a little piece of turquoise that you 
like to use for body work. Or perhaps it is rose quartz. | dunno, it's up to you. Say this little piece of turquoise you have is 1 cc. 1 cubic centimeter. Say 
you cast it inside of 10 cc of orgonite. Well, now it's like you have between 1.5 and 7.5 cc of turquoise to work with. Suppose you are really finicky and 
you match the recipe of the orgonite to the turquoise, use minerals and metals that the turquoise likes in the orgonite, and maybe charge the orgonite 
with the energy signature of turquoise while it cures. Now, it's like you have 11 or 12 cc of turquoise to work with, all from that little 1 cc chunk of 
turquoise cast inside the orgonite. There are people in the world who know a lot more about the specific effects of various frequencies and minerals than 
| do, and in fact there is really a substantial body of information on the web dealing with the specific energy effects of minerals, colors, and frequencies. 
Point being, most or all of this knowledge is transferable to working with orgonite, and orgonite is complimentary to these already well established means 
of working with energy (sounds, colors, frequencies, minerals, etc.). 


NOTE - Primary indicates that it can be the main ingredient of it's type, and secondary indicates that it can be used as an addition to the orgonite, but 
should not imo be used as the main ingredient of it's type.. For example, a TB would have to have at least 1 primary ingredient each (or equivalent not 
listed in the tables below) from the minerals, metals, and organics tables below. Coloration refers to the 'colors' of orgone that a given substance is 
harmonic to. | am using the same old 7 spectral colors system with which so many of us are familiar. 


Minerals for orgonite: 


Mineral Coloration Primary || Secondary Effect 





Focuses and directs energy within the orgonite. Holds a program. 
The basic standby in TBs and HHGs, pulsers, succor punches, 


Quartz Crystal All chembusters, radionics machines and other orgone devices. Is like 
the master crystal which will respond to some degree to virtually any 
orgone energy signature, regardless of color or frequency. 
Enhances overall function of the orgonite. Increases the output and 

Quartz Powder All responsiveness of the orgonite. Can be used to adjust the density of 


the orgonite. 


Provides some coloration. Useful for healing. Useful for cleansing 
and invigorating.. Holds a program. Similar effects to kyanite but a bit 
more gentle. 
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Selenite Crystal White, Blue, Cream 


Selenite Powder White, Blue, Cream 


useful for healing and cleansing. Can be used to adjust the density of 
the orgonite. 


Focuses and directs energy within the orgonite. A workable 
substitute for quartz in TBs and HHGs, with the condition that it 
significantly colors the output into the blue and violet range. 

Produces a surprisingly sharp energy considering it is mostly in the 
blue range. Useful for cleansing. Similar to selenite bit more sharp 
and stronger cleansing influence. Holds a program sometimes, but 
program parameters are limited to those harmonic to the coloration of 
the mineral. 


Violet, Blue, Silver, 


Kyanite Crystal White 


Enhances overall function of the orgonite. Increases the output and 
responsiveness of the orgonite. Can be used to adjust the density of 
the orgonite. Retains most of the properties of kyanite xtals. 


Violet, Blue, Silver, 


Kyanite Powder White 


[ft | | 


Citrine Crystal Gold, White, Yellow, Red 


sometimes, but program parameters are limited to those harmonic to 
the coloration of the mineral. Useful for cleansing and invigorating. 














Focuses and directs energy within the orgonite. A workable 
substitute for quartz in TBs and HHGs, with the condition that it 

y significantly colors the output into golds, yellow and some reds, 
depending on how darkly colored the specimen is. Holds a program 




















Minerals cont. 


Citrine Powder 


Amethyst Crystal 


Amethyst Powder 


Rose Quartz Crystal 


Rose Quartz Powder 


Smoky Quartz 


Turquoise 


Hematite 


Lapis Lazuli 


Garnet 


Ae 


Fluorite 











Gold, Yellow, Red 


Violet, Blue, White, Gold 


Violet, Blue, Gold 


Pink, White, Red, Violet 


Pink, Red, Light Blue 


Gold, Brown, Green, 
White 


Blue 


Black, White 


Gold, Blue, Red, Violet 


Red 


Blue, Green, Violet 
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Enhances overall function of the orgonite. Increases the output and 

responsiveness of the orgonite. Can be used to adjust the density of 
the orgonite. Provides some coloration to the orgonite. Gives a nice 

warm feel to the energy. 


Focuses and directs energy within the orgonite. A workable 
substitute for quartz in TBs and HHGs, with the condition that it 
significantly colors the output into the violet and gold range. Useful 
for healing, and for divining, and for cleansing. Holds a program 
sometimes, but program parameters are limited to those harmonic to 
the coloration of the mineral. Useful for divining. Useful also for self- 
searching. 


Enhances overall function of the orgonite. Increases the output and 
responsiveness of the orgonite. Can be used to adjust the density of 
the orgonite. Imparts some of the effects of amethyst xtals to the 
orgonite. 


Focuses and directs energy within the orgonite. A workable 
substitute for quartz in TBs and HHGs, with the condition that it 
significantly colors the output into the red range, but a light red, more 
like pink. Soothing and healing energy, surprisingly mellow 
considering it is mostly in the red range. Holds a program sometimes, 
but program parameters are limited to those harmonic to the 
coloration of the mineral. Invigorating. 


Enhances overall function of the orgonite. Increases the output and 


responsiveness of the orgonite. Can be used to adjust the density of 
the orgonite. Gives a people-friendly, smooth feel to the energy. 
Invigorating. 


Focuses and directs energy within the orgonite. A workable 
substitute for quartz in TBs and HHGs, with the condition that it 
significantly colors the output into the reds and browns and golds. 
Strongly masculine energy. Useful for diving and protecting. 


Soothing and healing, useful for pain reduction and physical healing. 


Strong feminine energy, good for healing and regrowth on many 
levels. Some shielding action but imo more useful for stimulating 
recovery from injuries physical or energetic. Strong synergy with 


blood coral and hematite. Increases orgonite's connection to water. 


Strong connection to the earth imparts a 'stability' to the energy from 
the orgonite. Increases orgonite's capacity to drain away harmful 
energy by increasing device's mean energy flow capacity. Use as a 
grounding stone in place of / in addition to electrically grounding the 
orgonite to earth. Strong synergy with many minerals, especially imo 
turquoise and blood coral. Somewhat invigorating. 


Very high energy output from this stone for a variety of possible 
uses. Too much to go into here. Potent and worth reading upon 
elsewhere. Invigorating. Manifesting. 


Provides coloration into the red range. Synergy with amethyst. 


Provides coloration into the green range, and sometimes into the 
blue or violet range. Rounds the feel of the energy. Assist orgonite 
with absorbing program while curing. Useful for healing. Does not 
hold and execute program terribly well, but stores an impression 
rather well. Useful as a means of transferring energy signatures from 
one device to another or storing them for future use. Increases 
orgonite's connection to water. 











Minerals cont. 


Mica 


Paramagnetic Earth Chunk 





Azurite 


Malachite 


Agate 


Pearls 


Bloodstone 


Glass 


Quarizite 


ee 


Quartzite Powder 





Blood Coral 


Tourmaline Red 


Tourmaline Green 


il 


Tiger Eye 


Pyrite Chunk 
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Green, White 


Varies, Generally 
includes Red and up the 
spectrum to a variable 
height. 


Blue, White, Violet 


Green 


Yellow, Brown, Gold, 
White 





Gold, Silver, Cream 


Red, Green 


White, All 
White, All 
Red 


Red, Blue 


Green, Blue 


Brown, Gold, Yellow, 
Red 





Dark Red, Gold, White, 
Black 
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Enhances overall function of the orgonite. Increases the output and 
responsiveness of the orgonite. Can be used to adjust the density of 
the orgonite. Sharpens the feel of the energy from the orgonite. Can 
be used as an organic. Provides coloration into the high green range. 
An energy “astringent”. 


Strongly increases orgonite's mean output. Provides some grounding 


action similar to hematite, pyrite and chalcopyrite. Increases 
orgonite's responsiveness to electromagnetic stimulation. Sometimes 
invigorating, sometimes soothing. Depends on actual earth being 
used. 


Provides strong coloration into the blue and violet ranges. Similar to 


kyanite in that it is a sharp blue, not a soft blue. Strong synergy with 
malachite. 


Provides coloration into the green range. Strong synergy with azurite. 


A relatively sharp kind of green energy, useful for cleansing and 
invigorating. 


Focuses and directs energy within the orgonite. substitute for Quartz 


in a pinch, but tends to flow more slowly than if quartz were used. 
Strong connection to earth and fire, useful for some 
protective/shielding influences. 


Imparts a lovely smooth 'creamy' feel to the energy hahaha. Useful 
for cleansing and invigorating. Increases orgonite connection to 
water somewhat. Helps to bridge between fire and water. 


Very masculine energy. Coloration into both green and red ranges. 
Useful for soul- search and overcoming obstacles. Tends to be 
invigorating, perhaps too much so for some. 


Focuses and directs energy within the orgonite. A poor substitute for 


quartz xtal, but useful as a means of controlling energy flow within a 
device, especially if faceted. Tends to give the energy a bit of a 
rounding/mellowing effect, and gives some coloration of the orgone if 
it is colored glass. 


Focuses and directs energy within the orgonite. A slightly Better 
substitute for quartz Than Cut Glass, But still not as good as quartz. 
Recommend using at least 3X the mass you would if you were using 
Quartz Xtal. 


Enhances overall function of the orgonite. Increases the output and 
responsiveness of the orgonite. Can be used to adjust the density of 
the orgonite. 


Provides coloration into the red range. Strong synergy with turquoise 


and hematite. A gentle masculine to balance the strong feminine of 
turquoise. Increases orgonite connection to water somewhat. 


Provides coloration into the red range. Gentler than garnet. 


Provides coloration into the green range. Gentle and soothing 
energy. 


Increases orgonite's capacity to drain away harmful energy by 
increasing device's mean energy flow capacity. Use as a grounding 
stone in place of / in addition to electrically grounding the orgonite to 
earth. Useful for manifestation and repelling unwanted influences. 
Useful also for self-searching. 


Increases orgonite's capacity to drain away harmful energy by 
increasing device's mean energy flow capacity. Use as a grounding 
stone in place of / in addition to electrically grounding the orgonite to 
earth. 
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Metals for orgonite: 


Metal 


Gold 


Copper 


Brass 


|It 


Pty Ty yey Ey PT 
EPRI 


Cobalt (in blue glass) 


Bronze 


Aluminum 


Titanium 


Steel 


lron 


Bismuth 


Lead 


HT 


Zinc 


Iron Pyrite 


Chalcopyrite 








Coloration 


Gold, White, All 
All, Blue, Red 
Gold, Silver, White, Blue 


Blue, Silver, White 
Red, Gold, Blue, Red 


All, White, Blue 
White, Silver, Gold 
Blue, Red, Black 


Red, Blue, Black 


Blue, Brown 


Black, Silver 


Silver, Blue 


Dark Red, Gold, White, 
Black 


Gold, Red, Blue, White 











Primary 











Secondary 





Gives a smooth feel to the energy. Strong synergy with steel or iron. 


High and subtle effects. Quite potent, but may be difficult for some to 


through device by increasing dynamic action within orgonite matrix. 


Provides stability to the energy signature of the orgonite. A relatively 


Provides stability to the energy signature of the orgonite. A very low 


Very low response range. Provides some stability to energy signature 





Effect 


High frequencies. Healing, and lifting of mind upwards. Head in the 
clouds. Useful for divining, soul-searching, overcoming obstacles, 
and of course purification. Increases orgonite's response to intent 
stimulation. 


Very wide response range of frequencies. Boosts flow of orgone 
through device by increasing dynamic action within orgonite matrix. 


feel. Good for clearing. Not so good for grounding. Increases 
orgonite's response to intent stimulation. Boosts flow of orgone 


Provides strong coloration into the blue range. Increases orgonite's 
connection to water. Boosts flow of orgone through device by 
increasing dynamic action within orgonite matrix. 


Similar to brass but a bit lower on the scale. Increases orgonite's 
response to intent stimulation. A bit more grounding influence than 
brass. 


Similar to copper but a second to copper in terms of the feel of the 
energy. A wide range of frequency response and coloration. Strong 
synergy with steel or iron. 


Very high frequencies, and relatively sharp energy. Good for 
dissolving blockages / clearing / energy astringent. Boosts flow of 
orgone through device by increasing dynamic action within orgonite 
matrix. 


low response range. Provides some grounding influence. Increases 
orgonite's responsiveness to EM stimulation. 


response range. Provides more grounding influence than steel. 
grounding influence. Increases orgonite's responsiveness to EM 
stimulation. 


Strongly increases orgonite's response to magnetic stimulation. 
Some grounding influence. Boosts flow of orgone through device by 
increasing dynamic action within orgonite matrix. Increases orgonite's 
responsiveness to intent stimulation. 


of orgonite. Some synergy with copper and gold. 


Increases synergy between magnetic and non magnetic metals. 
Strong synergy with copper. Strong catalyst in energy terms, good for 
manifestation. Boosts flow of orgone through device by increasing 
dynamic action within orgonite matrix. 


Provides a grounding, stable note to the energy form the orgonite. 
Gentler and a bit rounder feel to the energy than steel or iron. 


Provides some grounding and some uplifting action to the energy 
form the orgonite. Since it is a combination of iron and copper, it 
possesses the synergy between these two metals in its natural form. 
Gives a pleasant smooth and potent energy if used alone, mellows 
the output and increases the response range of the orgonite if used 
as an additive. 
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Metals cont. 


Paramagnetic Earth Powder 


Organics for orgonite: 





Organic 


Pitch 


Beeswax 


Paraffin Wax 


Carnuba Wax 


Latex Paint with hardener 
added 


Flour 
Acrylic Plastic 


Polyester resin 


Vegetative Matter 


Hair 


Blood 


Dirt 


Incense 


Sugar 


Honey 


Carbon 








Varies, Generally 


includes Red and up the 
spectrum to a variable 


height. 





Primary 


Pte 


v 


EET 





Secondary 


A workable if not ideal organic primary. Energy output is less than pitch or polyester, and device 
must be contained somehow. Works better when cold. 


Adds a soft, high frequency overtone to the orgonite. 
Adds a strong grounding influence to the orgonite. 





Strongly increases both the orgonite's connection to the earth, and 
the orgonite's responsiveness to EM stimulation. Increases the 
orgonite's responsiveness to intent stimulation in some cases. May or 


may not carry it's own potent energy signature to impart to the 
orgonite. Varies greatly from place to place. Boosts flow of orgone 
through device by increasing dynamic action within orgonite matrix. 





Comments 





Wonderful smooth feeling energy. A bit nicer than polyester resin, but less durable. Better imo 
as a primary than a secondary. | make a fair amount of stuff out of pitch. Will melt in the sun so 
must be kept indoors or buried. Is ideal for water gifting. Does not dissolve in water. Absorbs a 
charge well during curing. Strong connection to earth and water. 








Much less functional in orgonite as primary than natural wax. Dunno why. 


A little mixed into the pitch gives it a bit 'brighter' feel. 





Gives a warm, comfortable, people-friendly feel to the energy when mixed with polyester based 
orgonite. Often provides coloration according to the color of the paint, but not always. Depends 
on the chemistry of the paint. With waste paint hardener added, it is a slightly better primary than 
wax, but not much. Excels as a secondary with polyester., Useful as a means of transferring 
energy signature form one botch of orgonite to another, for lightening the weight of the orgonite, 
or for adjusting the density of the orgonite. Absorbs a charge well during curing. 





Gives a warm, comfortable, people-friendly feel to the energy when mixed with polyester based 
orgonite. Can be used to adjust the density of the orgonite. 


A somewhat smoother feeling yet much more expensive alternative to polyester resin. 


The basic standby against which | measure other organics. Provides some coloration according 
to the chemistry of the resin. Absorbs a charge well during curing. 


Imparts to varying degrees the energy signature of the plants used to the orgonite. Useful for 
reproducing in orgonite the effects of various herbs. Recommend using well dried, evenly and 
finely shredded vegetative matter. 


Can be used to permanently link a body of orgonite to an individual. Caution advised. Useful for 
custom work or tailoring a device to a specific user. 


Can be used to permanently link a body of orgonite to an individual. Caution advised. Useful for 
custom work or tailoring a device to a specific user. 





In small amounts can be used to adjust the density. Increases the orgonite's connection to earth. 


Can be used to impart the energy signature of a given incense to the orgonite, if not always the 
smell. 


Have not tried this myself yet, but some are reporting success with sugar (hard candy) as an 
alternative to polyester, similar to pitch. 
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Recipes for orgonite: 


Here are some different kinds of orgonite | have been playing with. All pronunciations of usefulness for a given purpose are my own views and based on 
my own perceptions. | am not giving you medical advice. | am not a medical doctor, but there's a good chance you may be ;) Experiment and form your 
own opinions. You are responsible for your own safety. Note - "resin" in recipes refers to catalyzed resin, if applicable. In some recipes, extra catalyst is 
needed, and given as a percentage value above the regular mix ration. Eg. catalyst +10% means to use the normal amount of catalyst, plus an extra 
10% on top of that. The normal resin / catalyst ration for your resin is generally marked on the side of the container you bought your resin in. Particle 
sizes are given as follows : fine = 0 - 1mm dia., small = 1 - 5 mm dia., large = 5 - 15 mm dia. Proportions of ingredients are approximate. 





Basic LD 


Ingredient 









Copper - Fine 


Quartz Powder - 
Fine 


Catalyst 





Basic MHD 


Ingredient 







Aluminum - Large 
Steel - Small 


Quartz Powder - 
Fine 





Basic HD 


Ingredient 
Steel - Small 
Secondary metal - 
Fine 
(copper or pyrite or 
bronze suggested) 

Resin 
Catalyst 
(if using copper or 


paramagnetic earth 


) 


Secondary Mineral 
- Fine 


Secondary Organic 
- Small 





Amount in parts 


05 - .1 
.05 - .1 


{ 


+50% 


Amount in parts 
1.5 
1 


01 - .25 


To fill molds 


Amount in parts 
1 


1-.25 


75 - 1.15 


+50% 


t.25 


1-.25 























Process Comments 












Useful for creating a path of lower resistance 
inside of a device, in order to control the flow 

f energy. On a more basic note, all HHGs and 
BS benefit from a thin layer of something like 
his at their base. Also works nice as cosmetic 
econd coat for orgonite pieces, and has a bit 
more output than if just resin were used for the 
econd coat. Also some applications in linking 
modules for radionics devices. 


Mix the catalyst into resin. Add all other 
ingredients, stirring continually and pour 
into mold. 












Comments 





Process 







A good all-purpose orgonite recipe. Other 


Mix dry steel and aluminum together. f > 
witems can be added as desired. 


Place mixture into molds. Add xtals / 
other internal components as applicable. 
Mix catalyst and resin. Add Quartz 
Powder to catalyzed resin and stir 
thoroughly. Pour resin Over metal 
particles and allow to seep down. 
Repeat layers as necessary. 


Process Comments 


good basic recipe for use in either heavy- 
uty TBs and HHGs, or in actively stimulated 
rgone generators. Different primary and 


Mix all dry ingredients together econdary ingredients can be used as desired. 


thoroughly. Add catalyzed resin a bit at a 
time until there is enough resin to just 
cover the surface of the particles. The 
mixture should have the consistency of 
thick oatmeal, and have just enough 
resin that all the particles are covered. 
Allow it to sit for a few minute. If there is 
more than 1/8" (2mm) of resin covering 
the surface of the particles, add more 
steel until the mixture is an even thick 
slurry like oatmeal. Pour into molds. Stir 
constantly, including while pouring. 
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Basic XHD 
Ingredient 


Primary Metal - 
Fine 


Secondary Metal - 
Fine 


Resin 


Secondary Organic 
- Fine 


Quartz Powder - 
Fine 


Secondary Mineral 
- Fine 


Catalyst if using 
copper 


Basic EHD 
Ingredient 


Primary Metal - 
Small 


Secondary Metal - 
Fine 


Resin 


Quartz Powder - 
Fine 

Secondary Mineral 
- Small 


Secondary 
Organic - Fine 


(wheat flour 
suggested) 








Amount in parts 


+ 30% - 50% 


Amount in parts 


75-14 








Process 


The particles must be fine enough to 
suspend in the resin. One way to deal 


with it if this is not the case is to catalyze 


the resin, wait until it gels, and quickly 
mix in the other ingredients. Another is 
to use a thickening agent. In some 
cases, the thickening agent and the 
secondary organic can be the same. 


Premix all dry ingredients thoroughly, 
and the add the dry ingredients to the 
catalyzed resin, stirring continually. Add 
the dry ingredients a bit at a time. You 
should get a creamy thick liquid that 
pours slowly into the molds and still is 
liquid enough to smooth itself off at the 
surface. If the particles are settling out, 
there is too much resin. Usually, resin to 
dry ingredients should be about 1 to 1, 
sometimes a little more or less 
depending on the absorbency of the 
secondary organic. 


Process 


Mix the catalyst into the resin. Add the 
fine ingredients to the resin. If it is not 


thick enough at this point to suspend the 


primary metal particles, add a bit more 
flour until it is. 


Mix all the small ingredients into the 
resin, a bit at a time. It should come out 
looking like a thick slurry, with bits of 
metal visible in it. The metal should not 
all pile up on the bottom. Internal 
components of devices (like crystals) 
need to be supported in some way 
during curing since this orgonite will 
most likely not hold them in place during 
curing like MHD will. 























Comments 


A useful recipe for making orgone generators 
designed to be driven by outside power 
sources like zappers, magnetic pulsers, 
radionics machines and so forth. Also useful in 
making small orgonite devices to be carried in 
fa pocket and handled a lot. 


Comments 


It may take a bit of messing around to get this 
recipe working right, but it has (especially 

hen made with wheat flour) a gentle, people 
riendly feel to it. This orgonite is good for 
many things, since it basically behaves like 
MHD. EHD stands for expanded high density. 
ood for devices which are meant to be used 
indoors in living space, and / or handled by 
people a lot. Useful for both passive and active roles. 
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PRESENTING THE LAST LEVEL OF EACH SQUARE WHICH IS CONTAINED WITHIK THIS BOOK. 









SQUARE = 19. GROUP ~ 1. 
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CORWER 2 = 1844. 
CORNEA 3 = 1844, 
CORNER 4 = 1644. 
CORNER S = 1844. 
CORMER 6 = 1644, 


This completes square 19 data. 


SQUARE 6 = 40 SQUARES. 
SQUARE 7 ~ 48 SQUARES. 
SQUARE 6 ~ 56 SQUARES. 
SQUARE 9 ~ 64 SQUARES. 
SQUARE 10 ~ 72 SQUARES. 
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CORNER 7 = 1844. 
CORETR B = 1844. 
CORRER 9 = 1844. 
CORNER 10 ~ 1044, ex6 

TOTAL OF SQUARES TO FILL = 36). 
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Wood Sprite™ 
Ingredient 
Pitch Resin 


Chalcopyrite or 
Pyrite - Small 


Aluminum - Large 
Steel - Small 


Paramagnetic 
Earth - Small or 
Large 


Dried Crumbled 
Sage or Chaparral 
- Small 





Citrine - Fine 






White Light 
Ingredient 










Aluminum - Large 


Titanium Oxide 
White Pigment 





Steel or Iron - 
Small 





Copper or 
Chalcopyrite - 
Small 








Catalyst 


Chocolate Shine™ 
Ingredient 


Steel - Small or 
Large 


Brass or Copper - 
Fine 


Paramagnetic 
earth - Fine 


Citrine Powder - 
Fine 


Quartz Powder - 
Fine 


Resin 


Catalyst 





Amount in parts 
2.5-3 


5 


1.5 


Amount in parts 
1 


Enough to make 
resin opaque 


25 


25 


To fill molds 


+50% 


Amount in parts 


Process Comments 


A lot of work, but well worth it. Strong 
onnection to the earth, have gotten many 
‘obvious reactions from animals when gifting 
his kind of orgonite to natural energy centers. 
Iso a nice kind to have indoors if protected 
orm hot sun. Mixture will melt if exposed to 
high heat. 


Melt the pitch slowly over a heat source 
with no open flame. The fumes from 
melting pitch may be flammable. Don't 
burn yourself, wear gloves. Once the 
pitch is melted, Premix all the dry 
ingredients except for the citrine. Add 
the dry ingredients to the pitch and stir 
well. Then add the citrine. Spoon 
carefully into molds and allow to 

cool. You generally have a few minutes 
only before the mixture sets up once 
removed from the heat. 












Charge with either sunlight or a charged 
water bath (or both) while cooling. 















Process Comments 


«Produces a kind of MHD which is useful for 
repelling unwanted entities / energies. Also 
useful for clearing blockages. Energy tends to 
feel uplifting (as opposed to grounding) and 
_* “somewhat astringent. 


Mix the catalyst Into the resin along with 
the pigment. The resin should come out 
bright white and opaque. Place the 
Large metal in the molds and sprinkle a 
little of the small metal over it. Place 
xtals if applicable and pour in enough 
resin to cover the metal. 





Charge during curing with 741 Hz. 





Process Comments 













osmetically appealing and highly EM 
responsive HD or MHD orgonite. Good for 

BS and HHGS as well as generators. Has a 
arm feel to the energy. Especially suited for 
ork on Geopathic lines, ley lines, Curry / 
Hartman lines etc. Provided the paramagnetic 
earth of is sufficient quality, this general recipe 
has been proven to reduce EMF by 
onventional testing. 


Mix all the fine ingredients together. Mix 
catalyst into resin and add fine 
ingredients. If the steel particles are 
large, then place them in the mold and 
pour the resin mixture over them stirring 
as you pour. If the steel particles are 
small, add them to the resin mixture and 
stir constantly as you pour the mixture 
into the molds. 


Charge with 15Hz and / or Schumann 
frequencies while curing. 
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Ivory 
Ingredient 
Copper - Fine 


Titanium Oxide 
Pigment 


Paramagnetic 
Earth - Fine 


Copper or 
Chalcopyrite - 
Small 


Iron or Steel - 
Small 


Selenite - Small 
Resin 


Catalyst 


Water Baby™ 
Ingredient 


Blue latex paint 
with or without 
charged water 
added. Paint must 
be dried out and 
crumbled. 


Chalcopyrite or 
copper - Small or 
Large 


Blue food dye. 


Kyanite Powder 


Turquoise - Large 


Resin 








Amount in parts 
05 


Enough to make 
resin opaque 


05 


+100% 


Amount in parts 


10 drops per L of 


paint. 
.01 


At least 1 chunk 
per unit. 


To fill molds 





Process 


Mix all the dry ingredients together. Add 
the pigment to the resin along with the 
catalyst. Sift the dry ingredients into the 
resin, mixing continually, until you have 
an event consistency. You should have 
a slurry with the consistency of oatmeal. 


Pour into molds and allow to set. This 
recipe will usually support the internal 
components at least somewhat, but is 
still thin enough to pour into complex 
shapes. 


Charge with both high and low fregs 
while curing. 


Process 


The paint is a separate preparation that 
has to be done ahead of time. Mix 10 
drops per liter blue food dye with paint. 
Then mix the kyanite powder into the 
paint. Then mix at least .01 part charged 
water to 1 part paint and dye mixture. 
Add hardener to paint and / or spread 
paint out on Wax paper to dry. 


The paint has to be dry enough you can 
crumble it into pieces. It does not have 
to be fully dry as you will be encasing it 
in resin. Once the paint has dried 
enough, crumble it into pieces about 5- 
15mm dia. (1/4" to 1/2"). 


Mix the blue paint crumbs and the metal 
(copper) together. Add catalyst to resin 
and resin. Place metal mixture in molds 
and pour resin over the metal. 


Use turquoise or blue glass as the 
secondary mineral. 


Charge with the sound of running water 
while curing, and if possible with 
moonlight or other silvery blue light. In 
general, charge in with cool energy as 
opposed to hot energy. 





Comments 















= Produces HD orgonite that tends to exude a 
milky white color of orgone. Useful for 
applications in reiki healing hands radionic 
herapy body work etc. Useful for removing 
blockages and stimulating energy circulation. 
Orgonite tends to have affinity for human body 
and sunlight. Useful for active roles. 


Comments 


Produces MHD or HD with a strong affinity for 
ater. Also can repeat the energy signature of 
harged water which was added to the paint. 
aste paint hardener or other granular, 
absorbent material is useful to speed the 
drying out process. Generally the paint takes 
several weeks to fully dry, so | set a bunch on 
at time. 














This kind of orgonite is pretty to look at if it 
comes out right, and it is well suited to water gifting. It also has the 
quality of not containing any ferromagnetic materials, which is 
useful for some applications. It is a bit less responsive to EM 
stimulation than other kinds of orgonite, but it works very well for 
charging water when placed in proximity to a glass vessel of water. 


pd 
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Orgonite and the curing process 


In other articles, i have mentioned a few times that charging the orgonite while the resin is curing has a large effect. Here, i will go into that in a bit more 
detail. All information given here is based on my own experiments / perceptions, and/or things which other researchers / orgonite users / colleagues 
have confirmed. | am not a medical doctor, and you are responsible for your own discretion. 


To start out with, not all organic components are not equally responsive to charging while the resin cures. Polyester resin, acrylic resin and pitch all 
demonstrate this property in significant degrees. The waxes seem a lot less responsive in this area, something which i attribute to the formation of 
crystalline structures within the resin while solidification takes place. Polyester resin, for example, is well know in conventional scientific circles to have 
significant electromagnetic attenuation properties. That means that it absorbs electromagnetic energy. Since energy is never created or destroyed and 
only changes form, the energy soaked up by the resin has to go somewhere, doesn't it? 


After experimenting for a couple of years, i can comfortably say that the way orgonite is treated during construction creates at least a 70% difference in 
the finished product. In other words, by paying some attention to the thoughts, emotions, energies, ect to which the orgonite is exposed when you make 
it, you can generally get at least 70% more functionality than you would if you did not pay attention to these factors. 


Now, i would like to point out that the beauty of orgonite is that you can get that 30% functionality, regardless of how you make it. It is not NECESSARY 
to charge the resin while it cures, it is an improvement. And in many cases, 30% functionality is more than enough to make a significant difference. But if 
the orgonite can be made yet more potent, why not do so? If you can optimize the orgonite to work with a specific ailment, or to do a chosen task, then it 
only seems prudent to do so. 


There are, imo, 2 main ways in which the orgonite absorbs a charge / program while it is curing. One way is through the person making it, and the way 
that they influence the energy while handling the materials. Another way is to expose the orgonite to energies generated by various metaphysical tools 
while it cures. Obviously, both of these approaches encompass many different techniques. Both of these approaches can be used either alone, or in 
combination with each other. Myself, i generally use a combination of the two. 


It is also possible for the orgonite to turn out with either a sympathetic or a counteractive effect. The frequencies used in the following description are just 
examples. So, if you expose orgonite to a hertzian frequency of say 15kHz, generated by a device of some kind, the orgonite will become more 
responsive to that 15kHz frequency. The fact that the orgonite is now more responsive to 15kHz can be applied in one of two primary ways, depending 
on what thoughts and intent you expose it to, or what other frequencies are present. If you expose the resin to 15kHz and leave it at that, the finished 
orgonite will tend to amplify the 15kHz frequency effects when stimulated by it. It will tend to produce that frequency effect as part of it's output, 
converting other energies it is stimulated with INTO the frequency effect of 15kHz. The same applies if you expose the resin to both a weak 10Hz signal 
and a strong 15kHz signal. It will tend to ‘capture’ the act of 10Hz being drowned out by 15kHz, and have that function programmed into it. Doing it that 
way, you are getting a sympathetic effect towards 15kHz. 


But suppose you flip it around the other way. Suppose you expose the resin to a 15kHz signal, and at the same time give it a clear mental impression 
that you want to dampen out and get rid of 15kHz. If you do it that way, you will get a counteractive effect, in proportion to the clarity of the mental 
impression you give the resin. It will tend to respond well to 15kHz, but instead of amplifying 15kHz, it will dampen it out, and convert 15kHz into other 
energy 'colors' or frequencies. The same applies if you were to expose the orgonite to a strong 10Hz signal and a weak 15kHz signal. It would then 
capture the act of 15kHz being drowned out by 10Hz, and have that function as a ‘program’. 


In reality, the way that different frequencies interact with each other has arguably a bigger effect that the volume of each signal. There are frequencies 
that are harmonic to 15kHz, and they tend to boost it. There are frequencies that are discordant to 15kHz, and they tend to dampen it. So, both the 
relative strength of each signal and the effects of signals on each other produce an effect. 


By default, orgonite seems to produce a sympathetic effect to that which excites it during curing. In other words, if you want to get a counteractive effect, 
you have to 'tell' it you want a counteractive effect. This, doubtless, is why some towerbusters have a greater effect than others. Many people are 
programming the orgonite with a counteractive effect to the tower's signals, whether or not they are consciously aware of it. Many other people are not, 
and so the orgonite is running at varying degrees of efficiency. Rather than criticizing, it is my hope that this will help people all around to improve their 
orgonite manufacture. 


People who are already doing reiki, visualization, or other traditional metaphysical disciplines will find that whatever energy they put into the mixture will, 
to some degree at least, become a permanent part of the finished orgonite's energy signature. This applies, of course, whether or not a person is 
consciously using metaphysical discipline of some variety. Even if a person is not consciously directing energy into the orgonite while it cures, their 
thoughts and emotions, the state of their mind, the things they are thinking about while working with the materials... these all have some effect on the 
finished product. It appears to me (so far) that consciously directing your energy into the orgonite often produces a greater change in the finished 
product than not. The exception to this would be states of great emotional intensity. If you are in a state of emotional excitement, then a part of that 
emotional energy will be picked up and integrated into the orgonite. 


So, if you are a person who uses prayers, affirmations, declarations, visualization, intent or the like, then you can program your orgonite with these 
techniques. One thing to bear in mind if using minerals other than quartz crystals is the kinds of jobs that various minerals are suited to doing. For 
example, if you are making orgonite and programming it to get rid of toxins in the body, then you could make that process either more efficient or less 
efficient, depending on what minerals you include. If you include minerals that have the effect of stimulating the body to release toxins, then the mineral 
and the program are harmonic. If you use a mineral that stimulates the body to absorb energy but program the orgonite with a purgative effect, then the 
result will generally be a bit less effective. In short, the orgone output spectrum of the finished orgonite is defined by a COMBINATION of the ingredients 
and the programming, so it pays to give a little thought to how you put those 2 factors together. 
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So what if you are making orgonite and you inadvertently put a bunch of nasty thoughts / emotions into it? Well, they WILL affect it somewhat, but not 
enough to reduce its effectiveness beyond the 30% line, in my experience. They will make it work less well, but not stop it from working entirely imo. One 
thing i have discovered is that say, for example, you think ‘issue X is horrible’. well, you don't want the orgonite to enhance the horrible nature of issue X, 
obviously. But once you have thought that thought, it is difficult if not impossible to take it back. So give the orgonite a counteractive program with 
respect to issue X. Immediately think another thought, namely, that you wish to direct the healing / clearing properties of the orgonite toward issue X, 
and work on the problem. This produces orgonite that works specifically (counteractively) on issue X. Not a bad recovery from a little slip of the mind. 
Practitioners of radionics will likely be familiar with this concept, point being the concept is of course transferable to orgonite manufacture. 


Another example. Some time ago i made some orgonite TBs which had a few flies fall into the resin while it was curing. | didn't think it that important, 
though maybe i felt a little sorry for the flies. The orgonite came out with a sympathetic effect towards houseflies. It was amazing to watch how they just 
couldn't leave it alone. They would be buzzing around the light bulb, and kept stopping and landing on the TBs, which i must admit i found rather 
annoying. But at the same time, others have reported success using TBs to get rid of problematic insect infestations, by including a sample of the insect 
in the orgonite. Whether they knew it or not, and i must assume they did, they included the intent that they wanted a counteractive effect. And they saw 
that the insect infestation was reduced. The difference between my TBs attracting the insects cast inside them, and their TBs repelling the insects cast 
inside them was simply the difference between a counteractive effect and a sympathetic effect. Again, those familiar with metaphysics will probably find 
this familiar territory. 


Bearing that in mind, i am sure you will understand why programming the resin with the intent that you want to counteract the inimical health effects of 
the HAARP and GWEN towers is worthwhile. Also perhaps this sheds some light on why there exists such variance in the observable effects of TBs. 
Without the intent to get a counteractive effect (since if you live in area with towers the resin is exposed to the signal from the towers while it cures) you 
will get the cleansing effect in the 30% range. But if you add the simple thought that you want the orgonite to have a counteractive effect, you will get 
much more efficiency, up to several hundred percent improvement. 


Rather than going into detail about how to do visualization or focus your intent, i will just say that your emotions are a big part of it. For example, if you 
are making orgonite to help your sore back, then you want to make sure that the orgonite is programmed by imagining a healthy back, free from pain. Or 
perhaps imagining a sore back turning into a comfortable, pain-free back. You do not want to program the orgonite with you wondering if it will work. 
That saps efficiency. So if you have doubts, well that just means you are human. We can not always instantly finish up with our doubts or uncertainty. 
But we can put them out of our minds for a few minutes. And in those few minutes when we have put our doubts out of our mind and have stopped 
thinking about them, that is the time to do your intent or programming or visualization. For posterity, the same thing applies with prayers, affirmations, 
declarations, etc., with or without orgonite. 


Ideally, you want to charge the orgonite for the duration of time it takes to cure. This may or may not be possible. | have found so far that with the mental 
impressions, it is best to do it at least 3 times. Since polyester resin actually continues to cure for a long time after it has solidified, you generally have 
about a 3 day window of opportunity to charge the resin, though the initial period when it is solidifying appears to be the most critical. Once the plastic 
has cured, you cannot reprogram the resin, but you can reprogram the crystals embedded within it. You can also direct the energy that the orgonite is 
producing to a given task with your intent. Directing the output from the orgonite is different than charging the resin. Using your orgonite's energy output 
is giving the output a job to do. Charging the resin while it cures is defining what the output will be. 


When using a machine to program the orgonite, depending on how strong the machine is, a ten to 15 minute period of exposure is often enough to 
produce an effect, but where possible i often give it up to 72 hours of exposure. 


If you have a radionics machine, succor punch, pulser, wand, or some other kind of intent amplifier / orgone generator, you can use that to either charge 
the orgonite or enhance the mental impression (intent) that you give the orgonite. You can also set your favorite xtal (if you work with xtals) near it while 
it cures and use that to charge the resin. Varying methods of charging give varying degrees of success. Any kind of attention to the charging process will 
produce a more effect than none, i find. 


One way you can charge the resin is to devise some means of connecting a quartz crystal wrapped with a mobius coil to the output of your pc sound 
card. | have a bit of info about one such device on the ring generator page (http://www .litttemountainsmudge.com/ringgenerator.htm ). Even a smaller 
device such as a succor punch, connected to the output of a pc sound card, provides a very versatile apparatus for charging orgonite. If you are unable 
to set up something like that, then even using a tone generator and exposing the orgonite to the sound produced will charge the resin. | am amazed at 
orgonite's ability to accept a program and repeat it almost indefinitely. 


Roberto Forcen, at his site Voicesync (http:/www.voicesync.org/ ), has some very impressive sound analysis and sound generation software. One of his 
programs that i have worked with a fair amount is called mineral sounds. In his own words, it 'Generates resonant three octave compound tones from a 
list of more than 3000 minerals. Tones are generated using powder X-ray Diffraction parameters.' What i can say is that when i fist started playing with it, 
i was very impressed. When i run the sounds from this program through my big mobius-driven orgone generators, the energy produced is very similar in 
‘feel’ and in 'color' to the energy from the minerals themselves. Aside from using it to program orgonite with the effects of a mineral i would like to have, 
but don't have on hand (not quite the same as having the actual mineral in the orgonite but close if you let it run several hours), i use it to compliment the 
ingredients of the orgonite. For example, if the orgonite contains steel, copper and quartz, i will open multiple copies of this program and charge the 
orgonite with the sounds of iron, copper, quartz, and gold. This gives the orgonite a lot more power when it is finished. 


Sunlight is another wonderful thing to expose the resin to while it cures, and so is moonlight. These two methods of charging the orgonite are already in 
widespread use. Especially with exposing the resin to sunlight, you will often notice a difference in the visible color of the resin when it has cured, 
indication that you are in fact doing something and this is not all hocus pocus... ;) 


Astrology also has a certain amount of influence on the orgonite, though not one with which i often work. Using a large orgone generator to charge it can 


drown out some of the astrological effects, it would appear. One batch i did during the harmonic concordance came out very nice, and it appears to have 
captured some of the intense catalytic energy of the harmonic concordance. 
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Another way you can do it is to pour the orgonite outdoors, preferably in contact with the earth, in a clean vortex or ley line. This way tends to both 
stimulate the vortex or ley line and program the orgonite with a permanent link to the area in which it was poured. Alternately, you can add some dirt or 
wood chips from the vortex to the orgonite and pour it elsewhere. | have used this technique to link together a few different medicine wheels in the area. 
Possibly, it could be used to create and/or divert energy lines in the earth's body, leading to or from the vortex. 


While i was proofreading this article, i phoned my friend of several years Chris Gozdzik from diviningmind.com (http://www.diviningmind.com/ ), and 
asked him if he thought i had left out anything glaringly obvious. He reminded me about linking, which is another way that you can do several things with 
orgonite, including charging it while it cures. Basically, if you link the orgonite to the energy from an existing large source of energy, either by a sample of 
the source or clear visualization, then the orgonite will not only pick up the energy from the existing source as a program, but will also have a permanent 
link to the energy source. Thanks, Chris :) 


And 2 final notes- If you are building a ring generator, power radionics machine, or other large power-driven orgone generator, first decide what 
frequencies you plan to use to drive it with. At least pick out a few of the ones you plan to use a lot. Then, charge the orgonite for the generator with the 
frequencies it will be running at. This increases power in the finished generator. Example, the pulsers run at 5075Hz and 32kHz, so whatever other 
programming i give them during curing, i give them a good zap of these two frequencies also. 


Many of us have noted that orgonite, once cast, sometimes takes a certain amount of time 'start working’. Charging during curing dramatically reduces 
the amount of time that it takes a device to 'start working’. 


Well, that about takes up the time i have today, but here are a few of my favorite hertzian frequencies for charging orgonite, and some the effects i have 
observed with them. 


741Hz (sine wave) - This is one of the solfeggio tones, and is quite potent imo. When i first started using it i immediately felt a buildup of energy and 
subsequent release in the solar plexus and heart chakras. It may be a bit intense for some people at first, but they should rapidly acclimatize. It appears 
to have the effect it is reported to by others, that of assisting with finding the solution to a problem. | use it a fair amount these days, and thanks to 
whomever it was that posted about it on the yahoo cloudbusters (http://groups.yahoo.com/group/cloudbusters/ ) forum some time ago. 


528Hz (sine wave) - This is another one of the solfeggio tones, and it has proven useful for me in manifestation. 


5075Hz (square wave) - A frequency i chose myself for use in the driver circuits of the pulsers. It tends to have a grounding, stabilizing effect. | use it as 
a multipurpose frequency to drive generators, and to help me calm down when i get cranky ;) 


32kHz (Square wave) - Another frequency i chose for use in the pulsers, tends to have the opposite effect than 5075Hz, but meshes well with 5075Hz. | 
use it for removing blockages in body work, for shielding from energy attacks, and for an aid in the mental 'reach upwards' involved in meditation and 
remote viewing. When set to a frequency higher than 20 kHz, NCH toner produces a lower harmonic of target frequency. Since square waves especially 
produce many harmonics ranging up and down the scale, imo you are still getting this frequency (or one close to it) as a harmonic when you use a pc 
sound card connected to a coil and xtal. 


15Hz (square wave) - The frequency many people use to drive their succor punches ( http://www.educate-yourself.org/ ). It tends to have a solid, 
relatively stable effect. Of the low frequencies, it is one commonly used today. It is potent, though imo benefits from the company of a higher frequency. 
Useful for shielding from energy attacks. Also, if you have a 15Hz driven SP, then charging your orgonite with 15Hz will increase the responsiveness of 
your orgonite to your SP. 


32Hz/31.7Hz (square or sine wave) - A frequency i first heard of from (i believe) Bruce Stenulson (http://;www.stenulson.net/energy/doras.htm ). It has 
proven very useful as an aid in programming quartz crystals. Because of it's tendency to carry programming information / intent from the user to a quartz 
crystal, it is useful imo for intent amplification, and as a general purpose frequency for driving mobius-powered orgone generators. 


68.635kHz (square or sine wave) - This one of the Hodowanec frequencies. Now, since the upper end of the sound card is well below this frequency, i 
am not actually getting this frequency when i put it into the NCH toner (http://www.nch.com.au/tonegen/ ) program that i use as a signal generator. When 
set to a frequency higher than 20 kHz, NCH toner produces a lower harmonic of target frequency. Since square waves especially produce many 
harmonics ranging up and down the scale, imo you are still getting this frequency (or one close to it) as a harmonic. When run through the nch toner, 
and a mobius/quartz driven orgone generator, it produces an emission of orgone that is almost all in the violet range. Violet orgone is both soothing and 
cleansing, good for soul-searching as well as healing. 
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EHD Orgonite — Another step 


As mentioned earlier, one can produce MHD or MD orgonite either by allowing the particle size to determine density (as in using larger, curly metal 
shavings, such as one would find in the average TB) or by adding the organic to the mixture in a particulate form. In fact, when making HD or higher 
densities, you basically have to add the organic in a particle form, along with the metal, since there is not enough space between the metal particles 
(when they are really small) to produce a ratio close to 50/50 between the metal and organic ingredients. Some time ago | began going a step further 
and using metal (fine and superfine particles) that would ordinarily produce HD and adding enough organic to bring the density of the orgone matrix 
material down to MHD or MD. The material produced this way has some very interesting differences from the standard TB / HHG mixture of curly 
shavings and polyester resin. 


It appears that the matrix thus derived has a lot more capacity to store orgone than regular MHD. A given mass of EHD (Expanded High Density) orgone 
matrix material will have a slower rate at which the orgone flows through it than the same mass of regular MHD, and it will have a higher overall orgone 
field strength than the same mass of regular MHD, even though the density and the resistance afforded to the orgone as it flows through is about the 
same. | attribute the slower flow rate of EHD not to a difference in resistance from MHD, but to the fact that adding the organic element in both liquid and 
particle form increases the overall energy storage capacity of the matrix somehow. This effect is observed much more when superfine metal particles 
are used along with fine metal and organic particles, as opposed to using fine metal and organic particles alone. 


After experimenting with several different organic particles, | have settled on flour as preferred material for the time being. One could use wheat flour, 
wood flour or other finely powdered absorbent organic substance. The particles should be absorbent enough that they combine with the polyester resin 
to produce a thick liquid the consistence of stiff pancake batter. The organic powder is mixed into the resin along with catalyst initially. The metal is 
added last, beginning with the superfine particles and finishing with the fine particles. For a readily available source of superfine metal particles, | 
suggest cheap metal spray paint. Just add extra catalyst and spray the paint directly on the surface of your resin in the mixing container. Another source 
of superfine metal particles are the bronzing powders and other metal powders sold by crafts stores for plating. 


| have noticed that especially when the organic material is a fibrous material, the orgone matrix material both takes much longer to absorb a charge 
during curing, and absorbs much more of a charge than regular MHD. It absorbs a program, intent or energy signature with much higher fidelity than 
regular MHD. It also takes longer to accumulate enough energy to begin working. Regular MHD that | make is usually finished the curing process and 
has ‘come online’ by about 3 days after casting. EHD seems to take until about 5 to 7 days after casting to be finished the curing process and ‘powered 


up’. 


EHD is also efficient for use in power driven orgone generating devices such as powerwands and ring generators and pulsers. It also affords the 
cleaning action of converting unhealthy orgone to healthy orgone, but the charging and curing process is much more determinative of the end result, in 
terms of cleaning capacity, than with MHD. In General, since it takes so long to store a charge and stores such a high potential of orgone, the energy it is 
subjected to while curing are much more an influence on the finished product than with regular MHD. | would not recommend making EHD orgonite 
without working in a clean energy environment. Provided you can supply a clean environment or preferably a clean and charged environment in 
bioenergy terms, EHD will produce TBS that have a higher output that regular TBs and are more ‘ergonomic’, they feel a bit more alive in the hand. If 
you make TBs from EHD but do not have a clean energy environment to cast them in, then you will get TBs that are not very efficient at doing anything 
until you pick them up and play with them, at which point you will still likely be able to feel a strong surge of energy when you hold them in your hand. 


For personal orgone devices meant to be held in the hands or carried in a pocket, | now prefer EHD to the other recipes | formerly used. 


EHD lends itself not so well to making conventional towerbusters which are designed to be high flow filter cleaners. It lends itself very well to making 
power driven generators or to making TBs and HHGs for indoor use and human contact. It is like taking a snapshot of an energy field (the field in which it 
cures), and then it will sit there and broadcast an image of that energy field, continuously and with respectable intensity. It will covert other forms of 
energy into the energy signature (that snapshot) that it has as it’s output. So, if you can handle the programming and charging end of it, it will turn out 
much more potent per cubic inch than regular MHD. Instead of producing devices which are simple filter/cleaner devices, making TBs with EHD produce 
SELECTIVE filter devices, in that they selectively convert orgone into the orgone signature they have as their output. That’s why the charging / curing 
process is so much more critical with EHD. 


Though it produces an orgone energy field of higher intensity that MHD, EHD has an output that is much less chaotic than MHD, and the chaotic energy 
fields are much more contained within the physical matrix than with regular MHD. With regular MHD, the wave fronts of orgone energy collide within the 
device as they are reflected by curved surfaces which are relatively close together. The waves of orgone energy inside EHD orgone matrix material react 
less directly with each other, especially the waves reflected by the more widely spaced fine particles. It’s like instead of the waves smacking into each 
other up close, the matrix has to build enough pressure until the energy ARCS across between the more widely spaced fine particles. All the while, the 
superfine particles afford the waves the opportunity for up-close collisions but to a lesser degree, providing a stable basis for the matrix, if that makes 
any sense to you. For this reason, EHD made without superfine and fine particles will not work very well at all. 


The mixture should be thick enough that the fine metal particles (say between .5 and 2 mm dia.) are fully suspended in the resin and do not settle out at 
all. The mixture should be just thin enough that it smoothes itself off at the surface when vibrated, but it should be thick enough that you have to vibrate it 
to get it to smooth over on the surface. You should be able to count 20 to 50 of the suspended fine metal particles in a square inch of surface area. 
There should be enough of the superfine metal particles that when wet, the mixture appears to be slight shiny and metallic. When the mixture cures, the 
surface will become dusty and opaque but a bit of sanding and a clear coat takes care of that. The mixture also takes longer to chemically cure than 
regular MHD, especially if copper or iron is the superfine metal. Extra time should be allowed for curing. EHD to be exposed to the elements should be 
protected with a clear coat of spray lacquer or poly resin. 


So, in short, as long as it is programmed by a competent energy worker, it works really good for TBs and HHGs designed for human contact as 


opposed to agricultural and other nature gifting or tower busting. It also works pretty well for generators which will be excited in some active way while in 
use. And, it absorbs a charge of higher potential and with higher fidelity during the curing process. 
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Simple HHG instructions 


Quantity per HHG: 





Item: 

- Double terminate Quartz Crystal - 5 (or 1 DT and 4 STs) 

- Polyester Resin & enough Catalyst to cure it - About 6 Ounces 

- Metal particles - About 5 Ounces of metal particles 





- Suitable container to use for a mold 
- Small Jar or Can to sit the funnel in (hold it upright) 





- 1 (min. 4" dia. plastic funnel) 
-1 





Note: While there are many other suitable vessels which could serve as mold for this device, | have used a plastic funnel for this example as it is readily 
available in most places and relatively durable. In any case, the same technique of construction applies regardless of the container used for a mold, 
which can be in the shape of a pyramid, cone, cylinder or hemisphere, so long as it has a volume at least great that of a as a cone 4" wide x 4" tall. 
Presently, pyramids and cones are the shape this device is most often built in. 


1. - Cut the tip off of the funnel and tape over the hole at the small end of the funnel with aluminum tape (preferable) or 
d parcel tape. Electrical tape, duct tape & masking tape do not work as well for this as aluminum tape. In some way, plug 
2 the hole so that the resin does not leak out. 
>\C 


{ 








NV 2. - Sit the funnel in the jar so that it is upright and more or less level. 


x. 








3. - Coat the inside of the funnel with a thin layer of vegetable oil, to keep the resin from sticking to the mold 
(funnel). Wipe away the excess oil with a brush or clean cloth. 
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4. - Put about 1" of metal particles in the bottom of the mold. 


5. - Place one of the Quartz crystals in the tip of the mold, so that it is upright as shown. This one really should be a 
double terminate, but if you only have a single terminate, put it with the point towards the tip of the funnel. If it is a double 
terminate, the best tip of the crystal should be pointing towards the tip of the funnel, where you covered the hole with 
tape. 


Mix enough resin and catalyst (be sure to mix well, min. 1 minute of mixing) to come up level with the surface of the metal 
filings. Pour the resin in and let it run down into the metal filings. Gently shake or tap the mold to release bubbles. 


6. - Put in some more metal particles, enough to fill the mold about 1/2 to 2/3 full. 





7. - Place the other 4 Quartz crystals on top of the metal filings as shown. They should be arranged like the spokes of 
a wheel. The better points of the crystals should be pointing towards the outside of the mold. If you have to, you can 
use single terminate crystals here, and put them with the points either facing in or out (facing out is preferable). Mix 
some more resin and catalyst, and pour in enough to come up level with the surface of the metal filings again. Gently 
tap or shake the mold to release bubbles, and let the resin run down into the metal filings. 
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8. - Add some more metal filings, enough to almost (but not quite) fill the mold. Leave about 1/4 inch of empty space at 
the top of the mold as shown. 


9. - Now, pour in enough resin to finish filling the mold. Let the resin run down into the metal filings, adding a little at a 
time. Use enough resin to completely cover the metal filings, so that there is a thin layer at the top of the mold which is 
only resin, no metal. The layer of resin only should be about 1/4" thick. Take a moment to adjust the molds so that they 
are more or less level at this point. 





Chime for curing 


10. - Allow the resin to cure. Keep it warm if possible, cure in a well-ventilated area, and if possible, expose the resin to 
sunlight while it is curing. If you have a tone generator or other sonotherapy (healing using sound) device, then you can 
expose the resin to that as well while it cures. 











Copper SBB coll 
Hematite, or magnet 
Add Quariz or Pyrite to ORgonite 


11. - Remove the molds from the jars, turn 
them upside down, and give them a smack to 
release the brand new HHG you just made. If 
the mold sticks, you can either use a thin 
bladed knife to push in between the mold and the resin, or you can try spraying penetrating oil around the edges 
where the mold meets the resin. Dropping it on the floor sometimes works, but sometimes it breaks the resin. There 
are many ways to modify an HHG for enhanced effects, but the basic model shown above will work just fine the way 
it is. This is one modification which is easy to perform when you are casting the Hhgs. Use an Amethyst point instead 
of a DT Quartz crystal for the vertical crystal... add a copper SBB coil to the base of the unit, just at the edge of the 
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metal filings as shown... add a small piece of hematite, pyrite, or a small permanent magnet to the SBB coil as shown (generally | put the N pole of the 
magnet facing toward the tip of the HHG)... and mix some crushed quartz, crushed Amethyst, or crushed Pyrite in with the metal particles before you 


cast it. 


Simple TB Instructions 
Quantity per Tower Buster: 
Item: 


- Quartz Crystal -1 
- Polyester Resin & enough Catalyst to cure it - About 3 Ounces 
- Metal particles - About 3 Ounces of metal particles 


- 1 (min. volume about 4 ounces) 














- Suitable container to use for a mold 





1 - Line the containers you will use for molds 
with a light coat of vegetable oil. This prevents 
the resin from sticking. Wipe the excess oil off 
with a brush or clean cloth. cover the surface 
of the mold evenly. 





2 - Put about 1" of metal particles in the bottom of each mold. 


3. - Place the quartz crystal in each mold, using the metal filings to hold it in position. put the crystal in the center of the mold, and if the crystal has a 
good point on it, most folks put the point towards what will be the top of the unit. 


4. - Mix enough resin and catalyst to fill each mold level with the metal filings you have placed in the bottom. Pour 
enough resin into each mold to come up level with the top of the metal filings. Make sure to mix the resin and catalyst 
well (mix for about 1 full minute) before you pour it into the molds. Allow the resin to run down into the metal filings. 
Tap the mold lightly or stir carefully to remove bubbles. 


5. - Add another inch or so of metal filings to each container, enough to cover the crystal. 





6. - Mix and add enough resin to cover the metal filings you have placed in the molds. It will not harm the function 
of the device if some metal filings stick out the bottom, but it is a good idea to use enough resin to fully encase the 
metal filings. Allow the resin to run down into the metal filings. Tap the mold lightly or stir carefully to remove 


bubbles. 
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3 = 3506. es) COReLe 5 ~ 

This completes square 10 date. 
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7. - Allow the resin to cure. Keep it warm if possible, cure in a well-ventilated area, and if possible, expose the resin 
7 f , to sunlight while it is curing. If you have a tone generator or other sonotherapy (healing using sound) device, then you 
Me torcuring can expose the resin to that as well while it cures. 





8. - Turn the molds upside down, and give them a smack to release the brand new TB you just made. If the mold 
sticks, you can either use a thin bladed knife to push in between the mold and the resin, or you can just tear the paper 
away. Dropping it on the floor sometimes works, but sometimes it breaks the resin. It will not harm the function of the 
device to leave the paper mold on, but it may be more aesthetically appealing to remove it. 





Mobius coils and quartz crystals 


Many people have also lately begun using devices in conjunction with orgonite or not, which employ a mobius coil and quartz crystal. The coil can 
either have it’s leads simply shorted together, or, more efficiently, be connected to a signal generator circuit or radionics machine. Doing this is like 
turbo charging your crystal. 


One name this kind of device has become commonly known by as a succor punch, this is the name don Croft gave to it when he made it public 
domain. Since then, many variants of this device have been adapted for use in general metaphysics as an intent amplifier or powered wand. There are 
several different ways to make a mobius coil, the basic concept is that you want to have magnetic fields canceling each other out by intersecting at 90 
degrees. This is accomplished by winding the coil in such a way that the wires cross each other at or close to 90 degrees. Then, when a current is put 
through the coil, either by induction of by direct stimulation with a signal generator (a common circuit used for these coils is the Beck or Clark or Croft 
style ‘Zapper’ devices invented for bioelectrification) the magnetic fields created by the wires cross at 90 degrees and cancel each other out. When the 
magnetic fields cancel each other out, they are converted into scalar energy. High voltages are not required in order to produce orgone emissions form 
the crystal, and could be dangerous. Low voltages are commonly used for this type of device. 


The scalar energy then excites the crystal and the crystal produces much more orgone energy output that it would without the coil. The frequency used 
to stimulate such a device is often determinative of the exact effects, but any signal put through it will produce orgone energy output form the crystal as 
well as RF emissions. This basic device is at the core of a new generation of rife-style devices, since a pulsed orgone/scalar wave is more efficient at 
stimulating the human body that either radio waves or ultrasonics. Audio signal will also be translated into orgone/scalar waves when put through this 
type of coil, and people who use sound therapy will find that inserting this device into their apparatus markedly increases the effects. On the following 
pages, | have included the instructions for making the style of mobius coil that | use most. 


With regard to using an audio signal instead of a simple hertzian frequency to drive this kind of coil, it appears that the underlying emotional current of 
the audio signal is translated into a pulser orgone / scalar emission. This is quite useful for things like sound therapy and manifestation. However, one 
should exercise care in the choice of audio signal used, | would stay with the classical music for example instead of heavy metal hahaha. In contrast to 
a TB or HHG, devices like this can do great good or great harm, depending especially on what kind of intent one is projecting into the device (which 
intent will be picked up and amplified by the crystal) and what frequencies are used to drive the device. Some frequencies that | know are safe to use 
are (in Hz) 15, 32, 741, 5075, 5100, 15000, 32000, and 68635. This device is at the core of the large orgone generators | use to charge and program 
orgonite while the resin is curing. There is a lot of information available on the web about the biological effects of different hertzian frequencies, 
especially with the Royal Raymond Rife crowd. A device like this will afford a low cost, low — tech, but highly functional output for a Rife style treatment 
system, without requiring the use of high voltage, plasma tubes, or expensive function generators, since it can be driven by the audio output of a home 
pc, substituting software for the function generator generally used to drive Rife machines. 
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As for the waveforms being used to drive the coils, bear in mind that using a frequency to drive a mobius coil has slightly different requirements than 
just using the properties of a sound. There is a reason that most Zapper circuits used to drive these coil employ a square wave. 


When using a frequency for driving scalar producing coils, most of us have generally gotten our minds around the concept that we want to have 
magnetic fields canceling each other out, so they can be converted into scalar potentials and scalar waves. Well, another concept which applies is 
magnetic flux. The more rapid the magnetic flux, the more scalar energy you are going to coax out of your mobius coil. Magnetic flux is what you call it 
when you have a magnetic field that is changing. 


Now in a waveform, when you look at that little wavy line, think of it as a line traced by something bobbing up and down, perhaps a pencil if you prefer. 
And the magnetic field is changing as the pencil goes up and down, understand? As the wave passes by you, the pencil traces it's path and bobs up 
and down in time with the highs and lows of the waves. How high the pencil goes up and how low the pencil goes down is called amplitude. How long 
the waves are is called frequency, as in ‘how frequently does a wave pass by you' in a given time. The base unit of time used to measure this is the 
second, and a Hertz (Hz) means "waves per second”. 


so... a sine wave, which has a smooth and equal curve... work great for some applications where you are just using the sound. It also works to 
generate scalar waves in a mobius coil, but not as efficiently as a square or sawtooth wave. One difference is that a square wave produces more 
harmonics in the circuit than a sine wave does. In some cases a sine wave is therefore less efficient in terms of input power to output power, but it is 
more pure and produces a more ‘pure tone’ which is advantageous in some cases. The magnetic flux is not very abrupt with a sine wave. 


For driving mobius coils, a square wave works best of the ones | have experimented with. See, in a square wave, the pencil does not go smoothly up 
and down (like it does in the sine wave)... it sits still for a little while, and then it jerks up, and then it sits still again for a while and then it jerks down. 


And therefore the magnetic field changes very suddenly, that is to say the magnetic flux is much more abrupt in a square wave than in a sine wave. A 
sawtooth wave, or a triangle wave... is kind of in the middle. (between square waves and sine waves). A sawtooth wave is far better to use in a mobius 
coil than a sine wave, from my testing so far. The sine wave produces energy that is much more mellow. You have to crank the power up quite a bit to 
get similar effects to a square wave. 


Triangle waves also will work, but a sawtooth wave seems to work a bit better than a triangle wave. Also, if possible, the leading edge of the sawtooth 
should not be too spiked. | suppose that phi in relation to the amplitude of the wave would be a good height for the spike at the leading edge of the 
sawtooth wave, but | cannot say for sure at this time. | do know that imo judging from the amount of energy they produce when put through the same 
device, square waves are best, followed by sawtooth, followed by triangles, followed by sine waves 


Tachyon braking, as it applies to scalar wave generation, is basically a fancy way to say that when you are generating scalar waves in a coil, there is 
also something else happening. See, there is in the aether an infinite potential of scalar energy which already exists ( as opposed to the scalar energy 
you are 'generating' by converting em fields into scalar energy). When you take magnetic energy and convert it to scalar energy, you also tap into that 
aether potential and draw on it a little, adding the scalar energy from the aether to the scalar energy you have just produced with your coil. 


This in fact is the basic working principle of the majority of the 'free energy' devices out there. That is how you appear to, and in fact do... get more 
energy out that you put in, because you are tapping on the aether and drawing on it. The 'tachyons' (little bits of energy, or particles in a high energy 
state, depending on the way you want to look at them) are subject to a process called tachyon braking. They 'brake' (slow down) and change state into 
something else. From a metaphysics perspective, the energy reduces it's vibratory rate and therefore manifests as another, lower form of energy, 
which appears to pop out of nowhere. Rampa, Cayce, and a jillion others refer to this in metaphysics teaching, the slowing down of energy to produce 
effects.. 


So then if you are trying to get electricity out of it, you want the tachyons to pop out of nowhere as electrical potential. But, if you are only taking the 
process as far as generating scalar waves to excite quartz or orgonite, then the tachyon breaking just makes your mobius coil appear to be more 
powerful than it actually is hahaha because the scalar energy produced by tachyon breaking adds to the scalar energy produced by em fields canceling 
each other out in the coil. 


The more abrupt the magnetic flux is, the more scalar energy you draw from the aether and add to the scalar energy you are generating with your coil. 
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a) 20' to 60 
First - Make yourself a "mobius Cable" to wind the coil 
from. While you can wind a mobius coil from single (2) Fold once 
strands of wire, it certainly seems to be a lot more potent 
when you use a cable made in the manner described = 
here to wind the coil from. Take a length of wire, and G3) i 
double it back on itself twice as shown to the right. Pull a Fold qgon 
little slack out at the ends of the wire, this will be the 
leads of the coil when it is finished. You should leave 
yourself at least 2" for leads, and it is a good idea to give 
yourself 6" or so, you can always trim the leads to the 
required length when the coil is finished. It is much (4) 
easier to use a drill to twist the wires than doing it by 
hand. Run the drill in reverse and you will get a 
clockwise twist to the cable. | recommend that you wind 
the coil itself clockwise also. 


1. - Starting with the end of the cable which does not 
have the leads, make a circle in the clockwise direction 
about the size you want your finished coil to be. You can 
wind the coil around a core (xtal for your SP) or you can 
wind the coil by itself if you are using stiffer wire. 


2. - When you complete the first wrap, feed the wire 
through the center of the circle so it wraps around itself 
in the clockwise direction as shown. Use a little glue (hot 
melt or silicone preferable) to hold the wire in place 
where it crosses over itself. 


3. - Start winding the wire around the circle in the 
clockwise direction again. 


4. - Go around the circle about one third of the way, and 
wrap the cable around itself again, just like in step 3. 


Go around the circle another third of the way, and do the 
same thing again. You should have 3 wraps around the 
cable for each time you go around the circle. 
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5. - Continue this way, repeating step 4, until you have 
used up all of the cable. As shown to the right, stay on 
the same side of the previous wrap with each new 
revolution. 


The ‘knots’ will run together. 


When you are finished, use a little glue to hold the end of 
the cable in place. 


The coil should look like this when you are finished. 





Hopefully, the pictures will be of more use to you than the words, as it is really quite 
simple to do, just a little cumbersome to try and explain in words. Basically, you just keep 
wrapping the cable around itself (clockwise) as you go around the circle. With a little 
practice, you will find that the windings form a pattern, and if you make a mistake it will 
be obvious as it does not fit the pattern. This coil tends to hold its shape better than the 
single knot style, and | generally just wind it by itself, not on a core. You should measure 
the diameter of the object you wish to place in the coil as a core when it is finished, and 
start with a circle a little larger than the diameter of the intended core. 






| recommend using a Quartz, 'Moquis Marble’, or Kyanite core for mobius coils, as the energy generated by a mobius coil (scalar waves) can be 
biologically disruptive when in its raw state. This information is primarily intended for those who wish to use mobius coils as a means of exciting Quartz 
crystals or ORgonite, and you are responsible for your own safety. By making this coil you agree not 
to hold me responsible for any damages your experiments may cause to persons or property. 
Mobius coils generate scalar waves. Scalar waves can interfere with and/or damage electronics 
when high voltage is put through them. For the purposes of ORgone research, low voltages are 
sufficient to drive mobius coils. 
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High performance — simple construction orgone generator — the Ring Generator 


The design illustrated here is crude in execution and simple in construction. That's the point. My later versions of this device are more evolved than the 
one illustrated here, but | want to emphasize clearly that a device like this will work really well if you put it together right. This was my main generator for 
some time. | have posted the design here so that anyone who wants can have heavy-duty orgone generation capability without having to pay for a 
professionally built unit. It has been my experiences that the do it yourselfers will buy what they want to buy and build what they want to build anyways. 
A professionally built unit has many refinements over this crude design, but if you wanna do it yourself, here is a way to get a kick-ass if unrefined 
machine from stuff you probably already have... for about 50 bucks US, not counting the cost of the xtal. Interested? 


This is a generator design | have been using for some time now. The design given here is highly adaptable, and can be modified to suit your needs. The 
pics here are from the first one that | built, and | used it for about 8 months for various things, with great success. The versions of this design | am using 
now are larger and more refined, but the pics shown here are the actual device which | used as my main generator for several months. In fact, the 
device is simple enough that it may be somewhat anticlimactic for you when you see how it's made. 


The main things that | used this device, and continue to use devices based on this design... for, are as follows: 


1- Heavy duty radionics applications, I.E. using the generator to send energy to persons or other entities through the Aether. Have done healing work, 
remote influence of persons and events, and in one case used this exact device to cut through the spells of a 'nameless' but well-known metaphysics 
practitioner like a hot knife through butter. Do not ask me for further details about who and when and why, because | will not provide them. It is 
immaterial. What matters is that the device works. | use the device for some of the radionics undertakings that require a lot of juice but not so much 
finesse. Finesse comes with refinement of the design and user skill. 


2- Heavy duty orgone generation requirements, I.E. weather manipulation experiments, charging of water or other material, or psionics / intent 
amplification. You will have to figure out how to do that yourself, which if you are familiar with metaphysics should not be too difficult for you. The only 
input to it from you is by your intent, but you can reach out with your mind and direct the energy from this device same as with any other orgone 
generator. The frequency used to drive the device makes a lot of difference, and the use of select frequencies or audio signals to achieve desired results 
is amain aspect of using this device. 


3- Charging and programming orgonite while the resin is curing, or cleaning, charging and programming quartz crystals. This use is the main reason why 
| am posting this design instead of limiting myself to offering much larger and more refined versions of it for sale. In due time | will come out with a 
production model of this device, but in the meantime it can radically improve the quality of orgonite made by the home orgone crafter. The production 
model of this device will contain much more orgonite that the one shown here. Pulsers can be used to charge resin while it cures as well. This device is 
a lot more powerful than a pulser, but less user friendly. Not everyone is going to be making enough orgonite to get their money's worth out of a unit like 
this when | decide to start selling the, but most people are definitely going to get their 50 bucks worth of use out of a homebuilt unit like this if they make 
much orgonite. Again, Pulsers, Powerwands and SPs are PORTABLE and therein lies one of their main beauties. This device is not portable, but rather 
requires both a stationary setup and the input of electrical power, and well as a home computer and an old stereo amplifier to drive it. This device offers 
more flexibility as well in that you can easily change out the core xtal for pretty much anything you want. Some materials may not be especially healthy 
for you when you expose them to scalar waves, and you are responsible for your own decision to make and use this device. Depending on how much 
voltage you put through it you may or may not harm electronics in the area. | have found that relatively low voltages on the RingGen suffice. 





Some shots of a Ring 
Generator built by a man 
named David in New Jersey. 
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This is what you need to construct this device: 
- 30 feet minimum of 18 to 15 gage copper wire. 


- One large quartz crystal. There is a picture to the right of the xtal | used for the device shown. It does not have to be a nice DT like the one | used, but it 
should be about that size. In a pinch, you can also use several; smaller xtals together to get about the same amount of xtal mass. | got this xtal from 
ZSL, a generous gift on his part. He got it from the crystal man (in Canada). Another good place to get xtals is from revted (in America). 


- 6 Plastic binder straps. 

- Some aluminum tape. 

- Enough stuff to make at least 1 liter of orgonite. 
- The rings from 2 mason jar lids. 


- Asmall shelving unit made from metal mesh of some kind. | used an old LP record rack, flipped upside down. You could make one from pieces of 
window screen stretched across a frame, or see what you can find in your garage or the second hand store. It should be a shelf that has the individual 
shelves made out of a metal GRID or SLATS, so that there is an open mesh, not solid pieces of metal. On the next one | make, | will probably use 
copper screens for the mesh. | have not tried using aluminum for the shelves, but | think steel or copper would be better for the shelves. Steel works 
well, | can attest to that. 


- A large diameter hemispherical piece of metal to use as a reflector. | used the canister lid of an old steam cleaning rental unit | happened to have, you 
could use a large wok lid, or a large metal mixing bowl. It does not have to be a perfect parabolic curve, and aluminum will work for the reflector. Again, 
on the next one | make | will probably try to use copper. | imagine | will have to form a piece of copper sheet into a reflector. The reflector | am using right 
now is about 24" diameter, | would recommend it be at least 18" diameter. The metal should be bare on the inside of the reflector, it can be covered with 
paint or enamel on the outside. 


- A long section of speaker wire (2 wires) to connect the device to your PC. 


- A household stereo, boom box, or any other audio equipment that has an amplifier built into it, and also has a line in or auxiliary input jack so you can 
route the signal from your PC's sound card through it. | use an ancient 8-track player that has a 50 watt amplifier in it. 


- Adapters to connect you PC sound output to the line in of the amplifier. 


- Tone generator software for your PC. You can download it off the web, and there are some links provided on the links page of this site where you can 
find it. Roberto Forcen's stuff is amazing, as soon as | can afford it | will be sending him something for his efforts, in the meantime | can at least give him 
a plug, his site is called voicesync. He has wonderful donaware for sound generation and analysis. Also, NCH toner is a very adaptable and functional 
tone generator for your PC with a range from 1 to about 20,000 Hz with control over the waveform. You can also run multiple copies of the program and 
generate multiple tones at the same time. 











Building it... Step 1 - 


Build yourself a large mobius coil. Make it big enough you can fit a large xtal in the core, about 2.5" to 3" 

diameter. It does not have to be a fancy xtal. It can be single point. On the old device shown here | used 

a single knot mobius coil, but on my new one | am using the continuous knot style. Secure the coil with 

‘plastic binders to prevent it from losing it's shape. The coil shown here is from 15 gage magnet wire, and 

“swhile | recommend using at least 18 gage, it does not have to be magnet wire. magnet wire just works a 
little better. It isn't necessary to use magnet wire. 
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Step 2 - 


Using aluminum tape, connect 2 mason jar lid rings to the coil as shown. Work the tape firmly into 
place, and use at least one full wrap of tape all the way around,. This is not only for the effect of a 
metal shroud on the coil, it is to keep the orgonite from leaking into the coil. Do your best to line the 
rings up evenly with each other, so that the ring on one end is parallel to and plumb with the ring on 
the other end. Pull the leads from the coil out through the center, or if you want to be more precise you 
can form a little hole in the tape to pass the leads through, and fill the hole with glue so it doesn't leak. 


Step 3 - 


Find a suitable mold that is cylindrical, and deep enough to come up to the top of the coil assembly 
you have just built. It should be at least deep enough that you can cast orgonite up to the top of the 
coil assembly, and wide enough that there is at least one inch of orgonite all the way around the 
outside of the coil. On the generator | use now there is a lot more orgonite than on the old one shown 
here. The old one shown here worked well enough to impress me several times with its effectiveness. 
Coat the mold with release agent of some form, regular vegetable oil or WD40 will both work fine. If 
you are using orgonite made from polyester autobody filler, you do not have to seal the bottom of the 
coil assembly to the mold. If you are using orgonite made from resin, you will have to seal the bottom 
of the coil assembly to the mold so resin does not leak under the coil assembly into the cavity at the 
center. You want to cast a ring of orgonite with a hollow center where the coil is. A little hot melt glue 
works well for this (sealing it), since it will keep the resin from leaking into the hole, and is easily removable. It also sets fast, so you don't have to wait for 
it to dry like you would silicone or goop glue. 


Cast it with MHD, HD or XHD orgonite. Allow the orgonite to cure, and remove the coil cast in 
orgonite from the mold. You should now have a hollow cylinder of orgonite with a coil in the center of 
it. Place the cylinder with the coil in the center of the reflector as shown below. You can fasten it with a 
little glue if you want. Then place the reflector on the lowest shelf of the metal shelving unit as shown. 
The quartz xtal goes in the hole inside the coil, as | imagine ought to be obvious. You can also easily 
remove and change xtals this way. | have a large cluster of kyanite which | use inside the coil too, 
gives a great energy. Let your imagination be your guide. Experiment with using different minerals and 
other things inside the coil, but be aware that not everything you put in there will work as well as a quartz xtal. A safer way to experiment is to ADD 
things in there with the quartz xtal, and see what kind of orgone they produce before you try them alone. Now you're ready to hook it up. If you want to, 
you can line the metal shelf up with the compass directions (I.E. so that one side of it faces north) but this is not necessary, it just makes it work a bit 
more efficiently). The metal shelves and reflector should be insulated from each other electrically, or at least that is the way | find it works best so far. 
The metal rings on the ends of the cylinder do not have to be electrically insulated from the metal of the reflector. 


Not only do the metal screens seem to act like an broadcast antenna / amplifier, they also work really slick for making orgonite. Later on, when making 
orgonite, fire up the generator and put your molds on them while the resin is curing. The metal in the shelves pulses in rhythm to the scalar energy 
coming off the coil, and although | guess | still haven't figured out exactly why, they emit a strong stream of orgone as well. Further refinements to the 
design would involve, among other things, the proportions of the metal shelves in relation to the rest of the assembly. 
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frequencies: 15 Hz, 32 Hz, 5075 Hz. Obviously, one could build a more refined device based on this 





If you are going to use the device for radionics, then use the metal shelves as your witness well. 
You can also use the cavity inside the coil as witness well, but the energy sent to target that way 
may not be beneficial unless there is a quartz xtal in the coil along with it. If you just want to 
generate a big cloud of healthy orgone, then drop a large TB inside the coil and fire it up. If you 
have a wand or orgone beamer of some form, you can put that inside the coil and supercharge it. 


This is basically how you hook it up. You want to take the signal from your PC's sound card, route it 
through your amplifier, and then run it through the coil in the device. There are several ways you can do 
this, and no doubt those of you familiar with electronics will see that there are better ways than the method 
| have illustrated. | chose this method for this page because it is simple. Just use the adapter to connect 
the sound output from your PC to the line in or aux input of the amplifier. Then take one of the wire pairs 
leading to a speaker from the stereo, and cut ONE of the wires leading to the speaker. Leave the other 
wire intact. Preferably, use the positive wire. Then, connect the leads of the coil in the device to either end 
of the speaker wire which you have cut. This has the downside that you have to listen to the sounds being 
generated, but it PROTECTS YOUR AMPLIFIER from blowing. Mobius coils have very low resistance, 
and if you connect it directly to the amplifier output without having enough resistance you may damage 
your amp. The resistance in the method of connection shown is provided by the speaker. The current 
comes from the PC, is amplified by the amp, then goes through the coil. After it leaves the coil it goes 
through the speaker and back into the circuit. 


Alternately, you could add a resistor to the mobius coil to give it enough resistance so that the amp would 
not perceive it as a short. In order to do this, you would need to find out what resistance your speakers 
are. Usually the speakers are marked (inside the speaker box on the back of the speaker magnet) with a 
little number beside an ohm symbol. This is the resistance. An ohm symbol looks like a little "O" with the 
bottom cut off and two little tails (Greek letter omega). 


Again, alternately, you could connect the coil directly to 
your pc sound card by adding 8 ohm resistance to the 
mobius coil, as | gather 8 ohm is the standard resistance 
for small speakers like the ones used in PCs. In fact, | may 
be offering this (the ability to plug it directly into your PC 
sound output) as an option on the Pro Model Pulsers at 
some point in the future. For devices the size of the one 
shown on this page, | think it is better to have the extra 
power provided by the amp. If you use a device like this to 
charge your orgonite while it cures, you can increase the 
potency of your orgonite significantly. Some suggested 


general concept, but hey, | can't give away all of my trade secrets ;). Besides, lots of folks won't mind that 
it looks hokey as long as it works 
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Constable, James DeMeo, Robert McCullough, and, of course, 
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Tamer(olUrelelerciaiaremeomlarilec-vaet-MyUct-ldal-]am ey-1at-) gal MO aul ys 
investigations by backyard experimenters as myself only confirm 
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WY WAoM TAMU ct- tals] mre) eXcle- ie) al-meir-lacclem [amit \ mem boicloM-lalem-vare(-tem ial 
September of 1997, and although seventeen months may seem 
insignificant to the years of research conducted by others, the 
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fo] oj Kolexe) Mico) mi dal-M ecole lUleqi(e)ameoyme(-t-J1u-(em-litiles-) elal-) elem ola-tel]elir-1ilelam 


Mie-CelitCoyar-lme)a-(eat(et-\-m lames(olecelelel-idiale Mec-valccla-lem-lcelelacem dal: Mere) acer-y ol 
of orgone energy, claimed by its discoverer, Wilhelm Reich, to be a 
raT=Xef-Jautne) elem lic-Mce)qe-M-1acciea [ale m olanve-dier-| mm el (e) (ele | (er-] mr-lale, 
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'Cof=¥-To] Varo) ae [olal-)pur-lalem@lay-Va Lela m(elaelolal-M-> Cellcclomeh’me-lelley-CeadhV- 
energy), all have specific effects upon these systems, which are 

ro (-X-Yotgley-(e lam ial-mieli(o)iUlale Mevit-la 


physical le} (o) Foye] (er-]| 


IN (eYor= hom lelal (on 
affinity for water, 
lat=ye{=)aiixe)e)(emm e)[6[>) 
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stagnation of 
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Abiogenesis of 
'o)(eyalswm tiare|iiare] 
ViVclanaliamela 
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Tal ats lalexstss 
healthy growth 
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stimulates cilia 
movement. 


Destimulates 


cilia, slows 
Taltslcomeli 
roy aVie(=1a 
dehydrates 
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psychological 


Free flow of 
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being, vitality, 
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PRESENTING THE LAST LEVEL OF EACH SQUARE WHICH IS CONTAINED WITHIN THIS BOOK. 


SQUARE 22 data continue... 


SQUARE 1 ~ 15%. £ SQUARE 1 ~ & SQUARES. CORMER 2 = 1594. xl 
SQUARE 2 = 4782. ex3 SQUARE 2 = 12 SQUARES CORMER 3 =~ 1594. exl 
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SQUARE « 23. GROUP = 1. 


LEVEL ~ 138. 
TOTAL OF SQUARES TO FILL ~ 529. 


VALUE bed 8763. Sun had 201549. OPTIONS = 48. 





SQUARE 1 «= 381. t 
SQUARE 2 « WAS. oxB 


SQUARE 1 = 1 SQUARE. 
SQUARE 2 = 8 SQUARES. 


CORBER 2 = 1524. ext 


SQUARE 3 = 6096. 
SQUARE & = 9144. 
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SQUARE 3 = 16 SQUARES. 
SQUARE & =~ 24 SQUARES. 


CORNER 3 = 1524. ext 


CORMER 4 =~ 1524. 
COPHLR S = 1524. 


SQUARE S = 12192. ex32 SQUARE 5 = 32 SQUARES. CORMCR 6 ~ 1524. ex4 
SQUARE 6 = 15240, ex40 SQUARE 6 ~ 40 SQUARES. CORNER 7 = 3526. exh 
SQUARE 7 = 18288. ex48 8 «=©6SQUARE 7 = 48 SQUARES. CORNER 8 ~ 1524. ex 
SQUARE 6 ~ 21336. ex56 SQUARE 8 ~ S6 SQUARES. CORBER 9 = 1524, ex 


SQUARE @ = 24384. ex64 
SQUARE 10 «= 27432. x72 
SQUARE 11 =~ 30480. ¢xB0 SQUARE 1] ~ 80 SQUARES. 
SQUARE 12 ~ 33528. x88 SQUARE 12 = 88 SQUARES. 


This completes square 23 data. 
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electromagnetic Causes severe weather 
sources. thirst. patterns, haze 


Densely positive 
Ke) al comme) xetelal=) 
dangerously excited 
by alpha radiation 
Oranur | (as found in smoke 
detectors), 
decomposes 
aalials\eclism Alcon e)Keluia 
melanor. 


Along with Tameleliceliate tse 
symptoms of | creates an 
ire Telr-hire)al atmosphere of | Shred-like 
sickness, aggression, fol =Tere) aa) efessyit(e)a) 
clears life- hysteria, fo) mes (0]U(0m-10 [0 [-1> 
forms within | claustrophobia, | cobalt-blue sky. 
Smite me) i Tale 

effect. uneasiness. 








All three forms of orgone have specific atmospheric effects due to 
RMT aLN-Varct-Wr-lailaliavmuce] myc: 1\-1mmed i welare Mere)aler:lalag-ld(o)at-Meoy me lelole ie 

fo} ge fo) al=Wr-la-mr-Lerere) aay ox-Tal(-tem oh’mu'ccl(:) eur: lale moni mel:Jal-Ji(:t-m ohVar-laa(e lL AvamN 
req Colle Maco) am» ¢-1a1] 0) (- Mm CM- Wy oLeled.(-1moyme(-Jal-t-Meo)aelolat-M-val-vae hiam elUimtal:) 

TUL a wole late lave meoylec- M1 avmere) ai t-liat-m- Mle (-)merelaler-lalie-lilelammaCerere)cellale mo) 
(od F-T-X-JLomeg (ole lel olel-ic-] mm aat-Le) ava lame)ae(:) mio) mr: Mes (olelem Comme olUL-) Mm c-We) ae [o)al) 
content must be "drawn" away by some means. 


MYC Ks ontar-Leved(ol-Valmtar-lm@-1eleia mr Manl:t-larmur-McolUlare mm AI lAt-)itama<-1 (elm: lale, 
his associates observed that pipes pointed at a lake before them 
influenced the shape of waves upon the water. Years later, Reich 
capitalized upon this effect by relieving what was then known as 
iat-m PLO) ae —tail-lael(-vareaamelelatare MUal(am calm lalar-leyicclalcme) malemc-lelele- lve ay 
in Rangeley, Maine, became victims to "DOR sickness." He sought 
TEAM Coma (eM dal-M-1u-t- Me) miei two (-r-Lelhyame)aelolat-Muiallevamar-lo male) meal hy 

J (od.¢=Jal=Xe Mm al tmere mn’ (eo) a.¢-) aM ol UL mr-] (xe Mer- 1 U-Y-Yo Mm dal-M-ye- ld com- (exon Ul eal elt-liceyal 
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CK: Mexelauig-] eyd(e) amereyai) eley-{-(e me) m au'(:) \Y(-Mexe) eo) o\:] amo) ol-S-Mm-y- (e10 IM Eto lw am 
rol FTaat-1\-)mr- Lace mm UMM Co) ale Mm ales-t-m ololace)iam-valel-mv cla: Mexelalal-veqicvom ia 

roy Ver- VIC) ol =», @-1(:Lea ta (or-] er-]e)(:t-m al (eam (-1a-Mel ge) e)e\:lom lam: Mm (-1| mice) 
siphon the DOR from the sky toward the water within the well. After 
‘iCeCollare Maat-Ma-ve|(e)aMe)m PLO) sem da(-Med(elelelelUl-ic-may'r--McolUlaleMcomel-MUly-1i0) 
ico) mm -Tital:lem el molelelediale Melmmelac\V{-laldiale mellem lamin: Ma-ye (elim) meX-\U- 10-1 
years, Reich offered his services in preventing forecasted 
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Wat-miatcvoya’mey-lallacemes(oleceleler-jdiale Mlanvce) hc-vom-Munlelaleiiit-Jalt-1m elelaced| ol(-m 
orgone flows from low potential to high. In practice, this meant that 
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running water. Since much orgone was already present in the water 
contacting the pipes, much more so than within the cloud, when 
the pipes were aimed at the center of the cloud, the orgone by 
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naT=y-lat-Me) mm alc e-lece)\Z- elalaced| el(-Mar-laele-lihmilew item ixelsimed(olecemcom el] ey: 
Valo Malcom tal MUc-1(-) mm CoM ol-MileJal-vemr- WiC WV 


SX eV (ed aM tar-le(cme-lame-Larl(oye bya exc1au(-\:lame- Mile laidaliace maelet-m-lalemed(elelelelUl-1\-) em 
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fe lahdatiare Maekeme(ol-\-m-Yomlamaal-Mic-(eii(elameoym-m-t-(e]alemmanl-Meq(elelololelqi-ys 
extends its influence over tens of minutes -- an hour is the usual 

role Wao lUleclitolammMarelrelamirejaliliare mactel-metar-lalal:/mulecamele-r-l-l 
narele[arinele(=s- Meo) m-Jal-vae \Vmsar-lamed(olele|olUt-ic-e Mim Malelmeliai(elllimcem-y-(- 
Mia hYar- Meg (olele]olUt-3\-1 am ol voreleler-s-M- Muale)a-m-|e) ey-lac-Talmevar-lale(-Mlam-dar-] ol-mel mr: 
req KoleloMdar-Vamilelalaaliare maclel-me(oMm Mm (Malormaal-MysT-le/sli(e(-Melm-VAl-1 Ke hd 
involved, but rather the rate of energy flow. With the cloudbuster's 
cI Fo)WY(=] mm e-1-Meoy me) ae fe)at- mJ) elaveyaliale Mm aat-Meqar-Ceyi(er-liNVar-\vce) MV lace Mes (olU (em ar-b> 
FW royale l-1amdiau(-Mcoma-t-yelelarem Com aal-mlaiilel-laler-Me)m- Mei(elele)elut-ic:] mre) el-le-1ke)m 
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roy eX: Mm alelasley:)meoym el] el-t-mmr- lao Maal-M-).¢1/M-lm Vallee mdal: Meg (olecelelel-ac-) am (3 
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TaviceccaCer-Movmmdar-Mes(olULelelbl-ii-) mmm daC-MI-lae(-]mdal-Me-dCommaal-m (olale(-] mm aul: 
range. Requirements of fast-running water hint at the mechanism 
OMA alreqa med colecelolUccic-le-MmaUlaceai(o)a Mm omiellNMelale(-Je-)r-lalemalehwmtal-1r-1| 
tubes pointed at the sky can change it, one must realize that 
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Negative ion generators also freshen the air, stimulate 
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body. 
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Taito) are mit) 
victims. 
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water. 
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fo) kof) al=¥r-1 a=) 
slower rate. 
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actually be electricity with one exception: several behaviors of 

ro} ce foyat-Mer-lalarelmel-MilliNa:>.4e)(-llal-em oh’ dal-m olahie-J(er-We) mm (olaly<-la(elam-lle)al-m 
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First, however, let's analyze the ionic aspects of orgone before we 
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visualize the interaction between a cloudbuster and its target as 
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One requirement when cloudbusting is fast running water, as 
mentioned above. The simplest of this type is a copper pipe with a 
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To allow full emersion of the pipe's end into water, a tub can be 
used: 


Wo gemr- Co hVe-Tater-vem-lalom-vis(el(-Jaimexelavile[Ule-lurelarmlan eo) hA-m-lceliilr4 [are maal-y 
water into a fine mist before injecting them into the tube. A make- 
alum ced (olamed Mm talemay OCoMeldlP4-\-Me- Marcelcolard-lem-limalelalelli(-is 
commonly found at Wal-Mart for $15 during the winter season. A 
si{=>. 4] o) (==> ¢ek-laler-le)(-Mares-t-m Mere) alal-veat-lemineliimeal-malelail(elii(-)m com dal: 


pipe: 


At the molecular level, neutral streams of water are atomized by the 
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ionized; when water is split into smaller globules, charge 

Tan) ex- 1 F-laker:s-meleren| mm Ouic:la mm ialeye:mal:(el-1 ah 2M (eo) al-wr-la-m el mereleler-lemaar-la 
positive ones as in a rainstorm, where raindrops splashing on the 
ref cele lave m-Jatele) Mey gmal-yer-14h-) Nmelat-lae (ce mel ae) e)(-10-m (ime le-MiiiCliles 
JUCed aM = /alel ne) osm ar- WAM ol-t-1AMet-1-1 0m Come [Led ar-1ae(-M-J oy- 1a CMe) m=) (-leqtalegiayg 

Wy olelamexo)air-KermuUiqamial-mel collared Mm AUital iam sat-mes(olele| ol bl-1\-1m-m ol|ol-mmraleceda) 
ro) ma dal-m okos-JLdNV{- Mi (o]at-M-1aoMe lmelelare(-Vemmela-y-lilale MIM -Vicclei@-MilL\-is 
mechanism by which negatively ionized water droplets are 

re) Coke [Ulex:Yom-lalemce)aex-leMine)iimaal-Mitley4(-Meym-Mei(elele|olbl-1\-) mmm Mal (3 
explains why fast-running water is a recommendation: the faster 
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the water, the larger the spray, and the more ionized droplets are 
created. 


Coy atmwa(:¥-\Y{c a dal-Med(oleceleluccii-) mm comeli-t-J] ey-1(- Minicom ac-m- lances) olat-)a-mr- lace! 
interact with an aimed target, the cloud. Precision to which these 
oy atm: = Mer-| or-1e)(- Moya el-1iale mr-lltet-1em-Jar-l| Mel: mel (Yell l-t-1-Te mm el-](e)iVAim ce) aml ma) 
e-VelColal(omabiacer-latt:Jalr-l (cm aar-1m->.4 elt: Tam tale ola-teri-J(e) mm Oxelalar-lavmce 

> 4 ol-Yeae- toler Ma at-mlolarmeomalelm@-dinile)hmelaiiar-l\wr- WAIL <M-J tale). ine) ti =| 
roy] ox-Mam oLULmere)al:Va-Valahvmc-y- (eva M dal-yi mm e-lae (=) alam: mere) al ier: Mm alerm@ ey:t-late llc 
ro) Ke) (-Yeq Ce) am @]alex-M ual: Mi (e)at-Mu-r-(am- Mi e-1c:) me lae) (“1m lam dal-Med (lb (emma aly 
FeTare (=) bY at-tenae-V meine) e)(-1MQuialleqaM Mu-r-li har: Mere) |(:\ead(o)a Mey mal-ver-Lahc-) 

fol fo) o)(-1e-wr-lnolelalemr-m elos-Ji hac mexolace(-Var-r-1afelamaleced(-10l-Mmaal-Mmcolr-] metar-1ue[-) 
Lol fare 4:1 ce) MMM) o) Tim al com-daar-li(:)mmaccter-l¢hV(-] hmezat-lae(-cemelxe)e)(-1c-macel wT] 
small enough to be classified as water vapor, which is invisible to 
the naked eye except for its filtering effect of the sun's rays 
for-LUL-JLale Mole] my q¥m-M ol lU(-Mall(-mw Weg (oleleMer-laMaal-Ve-1(e)a-Mol-Muil-le (2m Ke) 
"disappear" when its water droplets have been ionized by the 
cloudbuster's ions into invisible water vapor. Conversely, a section 
Co} imo) (UL-m-).a¥amolerede] ol(-oMinloy-1ahvm oh MmUlalice) aati Ny medit-lae(-tem elec-JiahcMU Tl 
YF: ) oXe) aa Co) at-wmor- lam ol: Mait-Le-m comerey-|(-s-Yer-M alco Mvst-d/ 0) (“MW r-1 4c] mel Ke) 0) (21k) 
ialcelelelamaccelig-lipz-lilolamonmial-mlal-ie-CeatCelamUitamiil-Mes(elecelelbi-1(-1 a) 
negative ions: 


CS 2 O-© 


Water drops let 


A - ow 


Om 
Fount Clow dbu stev 


SY -Yer-Uf-{-Me) e) oLex-Ji\-t-Mr- Late: lea mr-lalem-Ji tall (-lem a) =) mre \) me) Ute Leatelamr-lale| 
X=) oLUL-JCe) ao) im Og ar-1ae(-s-) Mm t-1 ue (MAU 1\-) mol ge) e)(:1e-Mer-laM-Vital:)mm el: tar-(e(-mKe) 
Jo) TL Malcom Aw come) maitela-Ma-y eL-villale MucL-)marc-| eke) matte) (LeU) (-\- emo) mm (ear 4-10, 
YEW K=Y m=] ole) mm navo)(-\etel(-x-Mer-laMol-Mal-1Uiie-lip4:(em-lale mer: [UL--(e Mi comerey-|(-1-fer-) 
Tal com: mea (olece 
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WM al:Ja-1ce)a- Wan Come(:t-)4ge)’ar- Meg (oleleMmagt-Mes(olULelolb-1i-) mm -w-Titil-em- 1m tal: 
foi (ol Uo Mur: Tale maal-M le) al-me|(-t-Yeledr-1c-¥| m 


itvis ble water Vator 


Ole ml amore) aay o)(-1-mr-lela-X-]anl-val maw ii aa mes (-t-x-J (emeg (olUCeloler-idlale Mm e)ge)colere) B 


Co) YM darel am (ol at-wr-l am Cale) Zam com ol-M ey-Taar-liNVmu-t- elolardie)(-Mcolmn(-r-Lial-ys 
modifying effects, one can see why waterless cloudbuster units are 


roXex-¥-J] 0) (= am Na d\Ce) mv at :t- Mt Oxo) al-}r- 10) (<M ales-t-M Ce) ad MMe l-ie-Ti(-ce mam tals 
LoXoro) melo) siMeyMmial-M meldelacM Co) at-m Maclerelailinl-Jarem cele ma-y-(e Mm co) mi 

re) ali kex-xe) elalier-]Mlar-dielaitw-lalem e)meviel-y-Maleliilel-1meym elaleicelele-lelal-)e 
mentions waterless units called “"blue-bellies", which are in 
X-S-Y< 1 alex- mo) ae ol at-m- level tal Uit- ike) e-myUe-] eo) el-lem-leelelalemaat-MColui:]mar-limeli 
LeAYAOm o}[el-M-Taremolelelalo mis ivn Mell (erm t-|el-Mm are) mi dales-Y-MJalemelomalelm@ dale 
what an "orgone accumulator" is, visit the PORE webpage. Orgone 
rVexeqU laa Ui t-1ke) eM la mexe)an] ores-{-1e Mey Mm t-hY,-1e-Meolme)aet-lallem-lalemlarelaet-lalies 
Wircl<:lar-lemaies-)mexelatlaivolalhmecelacelam-lalem-j\-1-] mu ole) Mlam-licclmar-lalare 

EM (:1e-mmeolUCedale- Mere) avile[Ule-iicelameumiar-lclal- lM m-y-l(em CoM ol-Verelant-Metal-lae[-10) 
dale) ce Celal-Mmr-laremer-Celr-i(-Mdal-Melae le) al-mcome)e)(-\eik-mal-T-|maal-) 
accumulator. Any physics student can see that alternating layers of 
aT=ir-]mr-lale Ml arctelt-ice) muce) aatl-w- Mer: or- [el] co) mm =\’mdlace(-Meolm | «wm ole)xelUt-w-lale| 
LOL EAA C:>.qNUl a Mme-JU Le aMr-LexelUltalUlt-ike)e-mer-iial:]mm-1(-Yeqaa(er-] M-Val-ae \Var-lalem-iilit 
rere) al-it-lalmil-v(e me) meqar-lae(-(em- lm (e) team Mal: MYol Ul cex- Moya dal -Medar-lae(- (3 
gravity, known by Townsend Brown and George Hodowanec to 

fo) coXe LU Cet-M-Y:) | dreqat-1 ue (-Meolam- mer-|ey-lelivo) mm AUal-Vame-lame-(exeleiialelt-ke) mts 
vee] e) ol-Xemr-laelelatemr- my o)] elmo) r-t-jd(eme) min(-1c-]M- lM lam ial: Me) aece)a(-Man (eo) (er: lalolm 
uakexe(=1mel-1(e)''A 
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metal pif 


the pipe will emit ions just as a regular cloudbuster, except without 
the need for water. 


WMalecm ela lated| o)(-mer-lamialetcmel-M-le)e)i(-lemaalaelerelam- Malle lamcelic-le(-Mcelal 
fefeYal:Ve-1ke) ml arct-vac-ye Ml alco dal-M-vale me) m-Mttl=1r-1 me) mm e)t--id(em e)|el-m-lalem-lital-e) 
at the sky. This method allows, in effect, a power-cloudbuster to be 
exo) ak-jigUieri-Xo Mm alcoramal-\:(el-melal hia com ol-m ole) iaic-le Mey) am ol [Ue lel-le Mm lamm-lace| 
monitored. 


However, a question arises as to how so few ions can impact the 
roC=MV{-V fo) olanl-almeymanlelace(:laal-r-Cermerelanlelromraliaaleleccmes(olecel-malelarela-\el-Meyi 
yards in height). The answer to this question is easily apparent and 
stems from the same reason why, under Chaos theory, the air 
rerU aa -JaieMel-Valcde- lice Mm oar Moleiac-laihvmir-le)elialemicmualarecmerelelce| 
{eV al dUr-li Nv (-x- Lom Com dal-mcolauir-lilolame)m-Malelaaler-la(-mmer(elUCemel(-\-1 (0) oail-lal m 
and weather, for that matter, is extremely chaotic and volatile to the 
Yaar Vi {=x} mare (eq ce) eM Wed (ol U Lol olel-1c-1 mM (0) a Mer- lam: (ei mr-[--M- Merge lelt-lMmialele(-1g 
Tamer 1Uediale Maaliiiceyar-wey me) tal-) mmc 1<-y mvc] ele) mite) (:(eL0] (:\-m co Merey-|(:t-Ler- La ire | 
ro aF- Tia acy-Kead(olammnaleca mL <-med(olelem-y-T-Yellaremeniiirdlale Mel ava (er-Mel xe) e)el-ve 
ixe)ane-lin e)e-Tal-t-Mlaicemed(olelel-w-|(-tomela-v-1\-M- Mevar-llamact-(eqilelam 
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Unlike the butterfly effect, however, where the trigger's effect is 

fod aCe} Momma a= M1ac-(e1e-Moy mes (olUlelelUtciilaleM-1e- Mere) alige) i(-(omeonvme-lellelal (es 
means through the mind of the cloudbuster operator. This is an 

> <1 10] (= Mey mere) al-Yed (ole l-Jal-\-t-M-Vii-lene [ale Meg ar-(os- Mam Mal- Maite) c-Meqat-(e)d (ear) 
system is, the more easily consciousness can both saturate and 
influence it. A cloud, or the weather itself, is quite chaotic. Just as a 
YoqU1 |e) Ko) m—Jar-|el:t-w- Mile Ole mV iiaMmaleMmar-lalel-Me-Yome(ol-\--Meq(olucelolUy(-1g 

vo) of=¥ ¢-1 Ke) mJ ar-|el-m-MerloleCo Mm Wile malcmarliavemlalvom- Mir: l(- Maile): Mere) alelUleihi(-) 
Com co) gunt-iiceame) melt-y-ey-ldcolammeleimarei Mm Uidalellimial-Mal-)| Mey maltcm cole) (Mme) i 
course. 


Lod Cob To] ol el-jx:]e-m-1a-MaleMelini:la-yi) em (e)al-me(omm on m=) lel-laler: Meo) m talc) ig 

1 (-You dd (er-] me) ce) ol-Vad(-\- Mm lal cie-(ea muda L-) melee) o)(-10- lamer (olecel-mmolUl mimics 
the consciousness factor that tips the scale of the "butterfly effect" 
one way or the other, towards a thunderhead with a straight 
Coxe) (Ul ail ame) mr: Mell aY{-1emelal-Mm ce) mm:>.¢-l0] e)(- Mme) alec dalc Marl ialem at: tm: M-y el-ter[-|| 
foro} al al=Xeai(olam comes ar-(olt(om-y\c-1-]tl-melO(-M Comimey:liale Mialcvii(e(-valmr-larel 

JULI Gare Amel ay olactel(eat-le)(-Mmaat-mel(olecelelUl-ic:] mre) el-1e- lke) m@—Matllacemer-1a) 
Tapiceccdacer-M talc Me) dal-Vauty-Melal ela-Xel(ert-le)(-me(-a-1(e) olait-Talme) meq (ole lel-) 
without a cloudbuster, but unless he were extremely competent in 
rek= Tee) ex-p¥ceg ate) (ole | (or: Mict-1 Pm alM-iicolacmVelel(oMmel-Mlamc-llaMuciaeleimial:) 
LaT=¥] ome) me-JU Cedar: e(-\ (er: a MolalWmdalaolelelamial-Mlaicclarc(e-Me)mullalem-lire| 
marcCeqaliat-m are im talc M-hVcle- le [om el:]e-Yo)amer-lamr-(eval(-\V(-M al M-y el-(ear- Levi t-1e 
icS-LO1|e-Moy mes (olUCololeccia late m 


Oo] cefolaT-m im inleccw-meredialellaliicelameymirliarem-lalemColammiUales-t-M-1ic-(ei ewe lale (=) 
ixolarMuZare)i ham (olalcom(e)lel-mere)ce)al-)mcom-valdin-d ham os-\iQeqale)fore(er-Tm(-laitela(elar-). 
lasatelalale) B 


i (eVidalcl am olUigc Me) aecedate)iuhvmace) mm olUlaom e)a-v-1-1al mel: WV ae-tel(-Valet-Mer- la) 
comprehensively describe or explain the process of cloudbusting, 
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LolUi mr- Mexelanleliar-li(olame)medaeloyareyiahvame-Lellolal(ex-mmr-lalem-Xer(-)aler-Mer-1a mm Ol ales:) 
FYer-Tia mm im mexelarcdii(cvarer-MaalgolerelsmudalCeusmigeiiaMMa-\-r-1(-1ep 


Part Il: Macrobusting 


WAWAW A aalelalesli@lalsye 
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PRESENTING THE LAST LEVEL OF EACH SQUARE CONTAINED WITHIN THIS BOOK. 


2191 (2197: 2168 = 4. GROUP = 2. LEVEL = 2187. VALUC = 8774. 

Soon Siestotee ies TOTAL SQUARES TO BE FILLED = 16 SQUARES. SUK = 35096. 

| 2194 [7192/2201 |2187} OPTIONS = 10. 

2189 [2199|2190|2196| SQUARE 1 = 8774 e SQUARE 1 = 4 SQUARES. 
SQUARE 2 = 26322 ¢€x3 SQUARE 2 = 12 SQUARES. 

CORNER 2 = 8774 ¢xl. This completes square 4 data. 


TO Fill « 25. SUK = 43850. 


¢ SQUARE 1 = 1 SQUARE. 
@x68 SQUARE 2 = 8 SQUARZS. 
€x16 SQUARE 3 = 16 SQUARES. 





CORNER 2= 7016. e¢x4. 


This completes square 5 dsta. 













SQUARE = 6. GROUP ~ 3. LEVEL =~ 1465. VALUE ~ 8765. SUM ~ 52614. 





Tota. oF RiS TOFML = 3. OPTIONS « 3s. 
SQUARE 1 = S846. £ SQUARL 1 = 4 SQUARES.  CORSER 2 = S846. ext. 


SQUARE 2 ~ 17538. x3 SQUARE 2 « 12 SQWARTS. CORBER 3 ~ 5846. oxi. 
SQUARE 3 ~ 292730. x5 SQUARE 3 ~ 20 SQUARES. 
This coupletes square 6 date. 


Squart ~« 7. GROUP =~ 1. LEVEL « 1230. WALUE =~ S771. SUR = 61406. 
TOTAL OF SQUARES TO FILL « 49. OPTIONS = 16. 

souaet 1 ~ 1253. « SQUARE 1 = 1 SQUARE. CORNER 2 ~ S012. exé. 
SQUARE 2 = 10024. 28  ‘SQUASE 2 = 8 SQWAWES. CORNER 3 ~ S012. ext 
SQUARE 3 ~ 20048. @ul6 ‘SQUAKE 3 = 16 SQUARES. COREER 4 = S012. ons. 
SQUARE 4 ~ 3OO72. on24 SQUARE 4 =~ 24 SQUARTS. 

This coepletes square 7? data. 


SQUARE ~ 6. GROUP ~ 2. LEVEL ~ 3066. VALUE ~ 8772. 
TOT STO FILL = 64. OPTIONS ~ 18. SUR = 70176. 


MO78}I116 | SQUARE 1 =~ 4386. ¢ SQUARE 1 = & SQUARES. 
SQUARE 2. =< 13158. ¢x3 SQUARE 2 ~ 12 SQUARTS. 
SQUARE 3~ 21930. gxS SQUARE 3 ~ 20 SQUARES. 
SQUARE 4 =~ 30702. ox? SQUARE 4 ~ 78 SQUARES. 
COMMER 2~ 4386. onl CORNER 3 ~46386 ext 
CORBER 4 = 4386. ex! 





| $80) 991) 1002/1033] 934] 945) 956] 967) 978! Seu =o et 

99071001] 1032] 947! S44] 955) S66] 977] 979] TOTAL SQUAALS TO FTLt ~ 81. CPIIONS ~ 20. SUR ~ 788%. 
969) SQUARE 3-974. ¢ SQUARE 1 ~ 3 SQUARE. 

SQUARE 2 7792. x8 SQUARE 2 ~ 8 SQUARES. 

SQUARE 3 = 15584. exl6 SQUARE 3 ~ 16 SQUARES. 

7 SQUARE 4 ~ 23376. n2 & = 26 SQUARES, 


SQUARE 
SQUARE S = 31168. ¢232 SQUARE S =~ 32 SQUARES. 
CORNER 2~ 3896. ent CORNER 4 ~ 3896. xs 
CORSER 2 ~ 3696. ext CORBER S = 3896. ont 


This cospletes square 9 data. 





The Orgone Accumulator Handbook 


by James DeMeo, Ph.D., with a foreword by Eva Reich, M_D., and an 
appendix examining new experimental evidence demonstrating the 
effectiveness of the orgone energy accumulator. 


Learn how to concentrate and work 
with orgone (life) wecrgy 3 using Pi Pi 
readily-available materials. A limitless 
supply is Mca available from the atmos- 
pupre These experimental devices have 

een shown to stimulate plant growth and 
human physiology in controlled studies. 


The orgone accumulator is based on dis- 
coveries by the late Dr, Wilhelm Reich, 
whose work remains vital and of Ms in- 
terest, despite unprecedented hostility to his 
scientific research. ae a eos decision 
unique in American his Sine ks were 
ordered burned by the U. Federal govern- 
ment in 1957. Dr, Reich reported medical 
benefits for his patients who used the aocu- 
mulators. 


In this edition Dr. DeMeo updates infor- 
mation on the construction of orgone ener- 
gy blankets, shooters, box-type accumula- 
tors, bion packs and “draw buckets” for at- 
fn alg Ae with many instruc- 
tional diagrams and photographs, as well 
as a complete bibliography and resource 
guide for research. 





About the Author: James DeMeo has been researching the topie of the 
life energy, and specifically the works of Dr, Wilhelm Reich since 1970, 
He has authored or edited dozens of published articles, books and re- 
search compendiums (including Saharasia, Heretic’s Notebook, On 
Wilhelm Reich & Orgonomy, and the German-language Nach Reich) 
which subjected Reich’s ideas to rigorous testing. DeMeo formally stud- 
ied Environmental Science and Geography at Florida International Univy., 
and the Univ. of Kansas, where he earned 

aA his Ph.D. He served on the Faculty of Ge- 
em) 5129: ography at Illinois State Univ. and the 
1) || Univ. of Miami, and founded the Orgone 

| | Biophysical Research Luboratory in 1978. 

List Price: $12.95 











‘Books by James DeMeo 


* Saharasia; The 4000 BCE Origins of Child Abuse, 
Sex-Repression, Warfare and Social Violence 
In the Deserts of the Old Worid 


* (Editor) Heretic’s Notebook: Emotions, Protocells, 
Ether-Drift and Cosmic Life-Energy, with New 
Research Supporting Wilhelm Reich 


* The Orgone Accumulator Handbook: Construction 
Plans, Experimental Use, and Protection Against 
Toxic Energy (Second revised edition) 

* (Editor) On Wilhelm Reich and Orgonomy 

* (Co-Editor with Bernd Senf) Nach Reich: Neue 
Forschungen zur Orgonomie: Sexualékonomie, 
Die Entdeckung der Orgonenergie 


* Bibliography on Orgone Biophysics: 1934 to 1986 
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Cover; NASA photo of Apollo 12 astronaut walking on the 
surface of the moon (see Life Magazine; 12 Dec. 1969). His body 
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visible expression of the human orgone (life) energy field. 
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“We consider the discovery of the orgone energy among 
the greatest events in human history."— from a letter to the 
American Medical Association, signed by 17 medical doc- 
tors in 1949. 


“THE ORGONE ACCUMULATOR IS THE MOST IM. 
PORTANT SINGLE DISCOVERY IN THE HISTORY OF 
MEDICINE, BAR NONE” — Theodore P. Wolfe, M.D., from 
Emotional Plague Versus Orgone Biophysics, 1948. 


“It is justifiable that the discovery of orgone energy and 
its medical applications by means of the orgone accumula- 
tor, the orgone shooter, bionous earth, and orgone water have 
opened up an abundance of new and, it appears, amazingly 
good prospects.” — Wilhelm Reich, M.D. from The Cancer 
Biopathy (Discovery of the Orgone, Volume 2), 1948. 


“What would you say of the leading philosophers here to 
whom I have offered a thousand times of my own accord to 
show my studies, but who with the lazy obstinacy of a serpent 
who has eaten his full have never consented to look at the 
planets, the moon, or telescope? To such people philosophy is 
a kind of book... where the truth is to be sought not in the Uni- 
verse or in nature, but (I use their own words) by comparing 
texts.” — Galileo Galilei, Italian astronomer of the 1600s 
who proved that the Earth moved in the heavens, shortly be- 
fore being prosecuted and tortured by the Catholic Church. 


*...the orgone energy does not exist."~ Judge John D. 
Clifford, from a 1954 U.S. court ruling in which all of Dr. 
Reich's books and research journals were banned, and or- 
dered burned in incinerators; Reich was sent to a Federal 
Penitentiary, where he died. 
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1. Foreword 


At last, thirty two years after the 1957 death of Wilhelm 
Reich, human beings can begin to study orgonomy like any 
other body of knowledge, helped by the Orgone Accumulator 
Handbook. This concise and informative book contains in a 
nutshell a condensed, clear account of the discovery, made 
usable by all who are interested in the cosmic life energy. 
Herein is printed: the scientific definition of the orgone en- 
ergy; the history of how the steps of observation, experimen- 
tation, and theoretical insight led Reich to practical applica- 
tions; the principles for construction and experimental uses 
of the orgone energy accumulator, with detailed suggestions 
for needed material, layering, and dimensions; and final- 
ly a very useful reference list. Professor J. DeMeo shows his 
thorough knowledge of the subject, which as yet is banned 
and omitted from the 20th Century academic curriculum, ex- 
cept for a few pioneering lecture courses (in New York and 
West Berlin). 

Wilhelm Reich said that even though the life energy had 
been known for thousands of years, he managed to make it 
concretely usable, and that the era of its applications has just 
started. However, this Handbook is the first printed materi- 
al in recent years on specifically how to concentrate the en- 
ergy from the Earth's atmosphere. It is usable for a laborato- 
ry course on the subject of cosmic life energy. This material 
could be comprehended by intelligent high school or college 
students. It answers my almost fifty year old hope, for the in- 
clusion of life energy facts in the body of knowledge that all 
aducated people on Earth should learn in their schooling. 
Thank you James DeMeo. 


Eva Reich, M.D. 
West Berlin, March 1989 
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2. Author’s Preface 


When I was 12 years old, a favorite uncle of mine died a 
suffering death from lung cancer, The doctors had removed 
one of his lungs, and for a few months he lingered, being in- 
capable of talking or moving very much, and in a great deal 
of pain. My aunts would not allow the children to see him in 
such sorry shape, except for one time, when he was dressed 
up for the entire family, which had gathered to quietly say 
good-bye. I was very sad when he died. When I was 15, my 
mother was diagnosed as having breast cancer. I was by her 
bed in the hospital when she recovered from surgery, and 
when she was told that her breast had been amputated in a 
radical mastectomy. I will never forget the look on her face. 
She survived the surgery, but the emotional resignation 
which she carried, and which preceded her cancer by several 
decades, was never diagnosed or discussed. Friends of our 
family had urged us to look into some alternative treatments 
for cancer, but everybody believed that the doctors in the hos- 
pital knew best. Listed as a “survivor” in the cancer statis- 
tics, my mother progressively declined after the surgery, 
and died about eight years later, having refused to undergo 
additional surgery. 

My experience with relatives dying of cancer is not unu- 
sual, as degenerative disease is now at epidemic levels, The 
statistics today demonstrate that the “war on cancer” has 
been lost, and that in spite of all the radical surgeries, drugs 
and radiation treatments, patients today survive no longer 
or more frequently than they did in the 1950s. Indeed, dege- 
nerative disorders have today spread into youthful age 
groups and populations where they once were rare. Scientific 
evidence does not exist to support the assertion that surgery, 
radiation, and chemotherapy are effective forms of treat- 
ment for cancer, and traditional medicine today gives hard- 
ly more than lip service to preventative considerations. 
These troubling facts become all the more disturbing when 
one begins to study the various alternative, non-invasive 
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and non-toxic cancer therapies, Dismissed for decades as 
“quackery” by organized medicine, most of these therapies 
appear to be reasonably or even remarkably effective. Their 
advocates and practitioners have often taken great risks to 
bring what they believe are safe and effective treatments to 
sick people. The organized medical community, with finan- 
cial links to the pharmaceutical industry, has not cared to 
seriously look into these techniques, Instead, the techniques 
have been unwarrantedly attacked, and pseudo investiga- 
tions have been launched, with predictable outcomes: clinics 
have been shut by brute police force, through court orders; 
medical records and research protocols have been seized, 
and jail sentences have been handed out. Books have also 
been burned. In this context, a great fraud has been perpe- 
trated upon the American people, and upon our courts and le- 
gal system, by the larger organized medical associations, 
and related government bureaucracies. 

In this short Handbook, | cannot give a history of these 
antiscientific and unethical abuses, but a few articles and 
books on the question are listed in the reference section. 
Clearly, a major reason for the impotence of modern medi- 
cine in dealing with degenerative diseases lies in the fact 
that the organized medical community has used police-state 
tactics to suppress important new findings, and the unortho- 
dox practitioner, irrespective of any scientific evidence that 
exists. In fact, the most well documented and effective unor- 
thodox therapies have been the most hotly attacked. Many, 
many promising therapies have been suppressed over the 
years, through an emotional collusion, and some outright 
conspiracy for economic motives, between medical inter- 
ests, drug companies, plague journalists, prejudiced aca- 
demics, and puritanical government bureaucrats and judg- 
es. In this process, the truth has been trampled badly, and the 
methods of science, discarded. 

The most clear and telling example of how these social 
forces combine to kill a new discovery, and its discoverer, is 
the case of Dr. Wilhelm Reich and his orgone energy accu- 
mulator. Reich had been one of Freud’s younger co-workers, 
and was a prime mover in the early psychoanalytic move- 
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ment in Vienna and Berlin. However, his ideas were more 
revolutionary than those of the older psychoanalysts. He 
forcefully argued that human misery and mental illness 
were partly the result of social conditions, which could be 
changed to prevent neurosis. He urged reform in laws re- 
garding the abusive treatment of children, and in the eco- 
nomic plight of women. He formed a viable social and polit- 
ical movement in pre-Hitler Germany, which urged re- 
forms in laws restricting divorce and access to contracep- 
tion, which were both then illegal. He championed the rights 
of young unmarried people to a healthy sexual life, and a 
loosening of the father’s power and dominance over the fam- 
ily. He wrote extensively about these matters in the 1920s 
and 1930s, and exposed the roots of the Nazi movement in the 
obedience-demanding, patriarchal, sex-negative German 
family structure, For his writings on genitality, and his 
anti-fascist activities, Reich was eventually expelled from 
Frend’s inner circle, and also from the International Psy- 
choanalytic Association. German psychoanalysis was at 
that time leaning towards appeasement of the Nazis, and 
some analysts, such as Carl Jung, even became spokesper- 
sons or apologists for National Socialism. Reich was even- 
tually placed on both Hitler’s and Stalin's death lists in the 
1930s, and had to flee to Scandinavia, and Jater from there to 
the United States. His writings were condemned to flames 
in both Germany and Russia. 

By the time Reich arrived in the United States, in 1939, he 
had made a number of major scientific discoveries, and 
quickly attracted a group of young, enthusiastic scientists 
and doctors to assist with his work, The American period of 
his research, which lasted until his death in 1957, was partic- 
ularly productive, in spite of the later court actions against 
him. It was during this period that Reich experimentally 
clarified, and made practical use of the biological and at- 
mospheric life energy, which he called the orgone energy, 
The orgone energy, Reich observed, was a real, physical en- 
ergy, which radiated from microbes, animals, humans, and 
from inorganic materials as well. it charged living crea- 
tures, yet also existed in the atmosphere in a free form. It 
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could be accumulated in special enclosures, where it could be 
observed, felt, and measured. 

Reich’s orgone energy experiments attracted the hostile 
criticisms of many in the medical community, and a smear 
campaign in the press triggered an investigation by the U.S. 
Food and Drug Administration (FDA). In its efforts to stop 
Reich’s work, the FDA did not seek to responsibly or accur- 
ately reproduce his experimental findings. Instead, FDA 
bureaucrats relied upon gossip and rumor, ignored availa- 
ble published evidence, and secured the testimony of “expert” 
witnesses who had no real familiarity with or interest in the 
scientific facts involved. Many breaches of the scientific 
method, and of legal, moral, and scientific ethics occurred, 
as government officials, and a number of psychiatrists, an- 
alysts, and physicists, sought to put an end to his work. 

We also know a lot more today about the inner workings 
of the FDA regarding the Reich case, given that several 
scholarly reviews of FDA files, using the Freedom of Infor- 
mation Act, have taken place. These are cited in the refer- 
ence section. Reich originally offered to cooperate with the 
FDA investigators regarding the orgone energy. But they re- 
fused his offer, as they were hot to “get Reich” on whatever 
charges they could, and had been urged in this direction by 
various highly-placed individuals within the medical com- 
munities. The Bulletin of the Menninger Clinic, and the 
Journal of the American Medical Association, for example, 
participated in the spreading of false gossip and rumors re- 
garding Reich’s work. Reich was aware of these unethical 
actions, and a number of his co-workers had been profes- 
sionally hurt by the lies, and by the actions of the FDA. At no 
time did any governmental or private scientific or medical 
organization attempt to seriously review or replicate his ex- 
periments. 

These kinds of attacks made Reich understandably fu- 
rious, such that when the FDA finally sought a Complaint for 
Injunction against his activities, he refused to appear in 
court, to act, as he put it, “as a ‘defendant’ in matters of basic 
natural scientific research”. Instead, he wrote a compelling 
Response (“Motion to Dismiss") to the judge. Reich’s refusal 
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to grant authority to the courts regarding the validity of his 
orgone research prompted a legal over-reaction, the likes of 
which we usually associate with despotic societies. In a judi- 
cial ruling that is, to the best of my knowledge, unique in 
American history, the FDA sought and obtained a Federal 
Court Decree of Injunction, which ruled that the orgone ener- 
fy “does not exist”. The court ordered a ban on the interstate 
shipment of books bearing the word “orgone”. This included 
books into which the forbidden word appeared only in the 
preface, or introductory remarks. Additionally, all books 
and research journals discussing the orgone energy in de- 
tail were ordered destroyed, and devices using the energy, 
dismantled or destroyed. (Case #1056, March 19, 1954, US 
District Court, Portland, Maine, Judge John D. Clifford, Jr.) 


“BANNED, until expunged of all references to the orgone 
energy: 
The Discovery of the Orgone 
Vol. I, The Function of the Orgasm 
Vol. II, The Cancer Biopathy 
The Sexual Revolution 
Ether, God and Devil 
Cosmic Superimposition 
Listen, Little Man 
The Mass Psychology of Fascism 
Character Analysis 
The Murder of Christ 
People in Trouble 


BANNED and ORDERED DESTROYED: 

The Orgone Energy Accumulator, Its Scientific and 
Medical Use 

The Oranur Experiment 

The Orgone Energy Bulletin 

The Orgone Energy Emergency Bulletin 

International Journal of Sex-Economy and Orgone 
Research 

Internationale Zeitschrift fur Orgonomie 

Annals of the Orgorie Institute” 
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And so, in the late 1950s and early 1960s, Reich’s books 
and research journals, eyen those which were “only” 
banned, were periodically seized by FDA agents and Feder- 
al Marshals, and burnt in incinerators in Maine and New 
York. No scientific or professional organizations, journal- 
ists or writer's unions publicly objected to the book burnings, 
or acted to help Reich, whose laboratory headquarters was 
invaded by FDA agents, who destroyed instruments with 
axes. In addition to the above actions, the court ordered Reich 
to cease “disseminating information” on the orgone energy, 
effectively censoring his writing and speaking on the sub- 
ject. Several years later, Reich was charged with Contempt 
of Court when his assistant committed a technical violation 
of the Injunction, at a time when Reich was more than a 
thousand miles away, engaged in field work in the deserts 
of Arizona. Though he appealed all the way to the Supreme 
Court, Reich lost the case, and was incarcerated in Lewis- 
burg Federal Penitentiary, where he died in 1957. His death 
in prison occurred two weeks prior to his parole date, at a 
time when he was happily anticipating his freedom, and a 
life in Switzerland with his new wife. 

Whatever we may think of Reich’s response to the court, 
challenge, the principles upon which he stood were very im- 
portant, and date back at least to Galileo's trial by fire with 
the Catholic Church. The lesson from Galileo's time was that 
no Court, Tribunal, or religious or scientific organization 
on Earth has the capacity to say, on the basis of textual com- 
parisons or divine revelation, just what is or is not Natural 
Law. The results of an experiment cannot be judged by those 
who have never reproduced it, and the unresearched opin- 
ions of scientists are no better than the unresearched opin- 
ions of anyone else, be they members of the American Medi- 
cal Association, the National Academy of Sciences, or the 
same Country Club attended by the President. Galileo urged 
his critics to “look into the telescope”, to verify his observa- 
tions in a most direct and simple way. But they refused to do 
80 on moral principle, and derisively mocked him. Reich's 
critics have taken the same approach, in their adamant refu- 
sal to reproduce his experiments, and in most cases, to even 
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review the published evidence. Today, over 30 years since 
Reich’s death, his most vocal critics still take the same anti- 
scientific approach, and condemn what they have not per- 
sonally read or investigated. 

Based upon these historical facts, it is clear that the FDA, 
and indeed, all courts, academic bodies, and governmental 
agencies of all kinds, have forever relinquished any right to 
say anything about what the average citizen may or may not 
do with respect to the orgone energy accumulator. The dis- 
covery of the orgone is in much safer hands among the aver- 
age citizen, than in the hands of the various politicians, 
academies of science, and medical organizations. This 
Handbook is therefore not primarily directed towards an ac- 
ademic or medical audience. Instead, the case of Dr. Wil- 
helm Reich and the orgone energy accumulator is taken di- 
rectly to the general public. Like the sunlight, the air and 
water, the orgone energy is a part of nature, existing every- 
where, and ought to be available to everyone, free of restric- 
tive regulation and control. As an invention, the orgone ac- 
cumulator is also now in the public domain, unpatentable, 
and cannot be dominated by any single individual or cor- 
poration. It is also still perfectly legal for citizens to build, 
own, and use ergone accumulators. 

Of course, with this right comes a great deal of responsi- 
bility, as the proper use and maintenance of an accumulator 
makes both social and environmental demands upon its 
owner. The cosmic orgone energy ocean is, like our air, 
food, and water, fast becoming contaminated and poisoned, 
and swift action by concerned people is required if life on the 
planet is to continue, This Handbook will give a basic over- 
view of the orgone energy, the accumulator, and the con- 
struction and safe use of orgone accumulating devices. For 
the more precise scientific details and data, the reader is en- 
couraged to obtain and review the published materials listed 
in the Reference and Information sections. 

Three years after Reich’s death, the trustees of his estate 
arranged for republication of his works. Today, most of his 
books have been republished, or are available in libraries, 
and through other sources. A group of Reich’s co-workers 
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also founded the American College of Orgonomy, and by 
1967 had published the first issue of the Journal of Orgono- 
my. Since that time, interest in Reich's works has gradually 
increased, and many new studies verifying his findings on 
the orgone energy, and the accumulator, have taken place. 
College courses focusing upon Reich’s life and works now 
exist, and he has been the subject of many reviews, biogra- 
phies, and films. A younger generation of scientists and 
health practitioners is rediscovering Reich, and new jour- 
nals devoted to orgone research or bioenergetic functions 
have appeared in the USA, Germany, France, Italy, Eng- 
land, Canada, and Japan. One major new study on the accu- 
mulator from Germany is summarized in the Appendix. 
The effort to kill the discovery of the orgone has fuiled. 
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irritated protoplasm. It can be registered on specially adapt- 
ed Geiger counters. The orgone also is the medium through 
which electromagnetic disturbances are transmitted, much 
in the manner of the older concept of aether, though it is not, 
itself electromagnetic in nature. 

Streamings of orgone energy within the Earth’s atmos- 
phere affect changes in air circulation patterns; atmospher- 
ic orgone functions underlie the buildup of storm potentials, 
and influence air temperature, pressure, and humidity, 
Cosmic orgone energy functions also appear to be at work in 
space, affecting gravitational and solar phenomena. Still, 
the mass-free orgone energy is not any one of these physico- 
mechanical factors, or even the sum of them. The properties 
of the orgone energy derive more from life itself, much in 
the manner of the older concept of a vital force, or élan vital; 
unlike those older concepts, however, the orgone also has 
been found to exist in a mass-free form, in the atmosphere 
and in space. It is primary, primordial cosmic life energy, 
while all other forms of energy are secondary in nature. 

In the living world, orgone energy functions underlie 
major life processes; pulsation, streaming, and charge of 
the biological orgone determines the movements, actions, 
and behavior of protoplasm and tissues, as well as the 
strength of “bioelectrical” phenomena, Emotion is the ebb 
and flow, the charge and discharge of the orgone within the 
membrane of an organism, just as weather is the ebb and 
flow, the charge and discharge of the orgone in the atmos- 
phere. Both organism and weather respond to the prevailing 
character and state of the life energy. Orgone energy func- 
tions appear across the whole of creation, in microbes, ani- 
mals, stormclouds, hurricanes, and galaxies. Orgone ener- 
gy not only charges and animates the natural world; we are 
immersed in a sea of it, much as a fish is immersed in wa- 
ter. More, it is the medium which communicates emotion 
and perception, through which we are connected to the cos- 
mos, and made kin to all that is living. 
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4, Wilhelm Reich’s Discovery 
of the Orgone Energy, 
and Invention of the 
Orgone Accumulator 


Reich's initial work on the question of a biological ener- 
gy began in the 1920's, when he was a student of Sigmund 
Freud, the originator of psychoanalysis. Freud’s early theo- 
ries on human behavior discussed in metaphorical terms the 
energy of the drives, which he termed the libido. While 
Freud and most other analysts eventually ceased using this 
term, Reich found it to be a very useful concept, and he con- 
tinued to seek evidence for this force, which governed hu- 
man emotion, behavior, and sexuality, 

Reich’s extensive clinical work led to the observation of 
vegetative streamings or currents of emotional energy in 
the body, which occurred in healthy individuals during 
states of great relaxation, as following a strong release of 
emotion, or after a very gratifying genital orgasm. The 
free, uninhibited expression of emotion, and natural sexual 
excitation and gratification during orgasm were identified 
by Reich as expressions of unimpeded energetic movement 
in the body. When the individual experienced great pain, as 
from childhood traumas, when the emotions were rigidly 
suppressed and held back (“big boys don’t ery”, “nice girls 
don’t get angry”), or when chronic sexual stasis and starva- 
tion was experienced, the entire nervous system and muscu- 
lature participated in the process of emotional suppression, 
or warding off of feeling. This “holding back” of feeling 
was also accompanied by a greater or lesser anxious retreat 
from pleasurable, or even potentially pleasurable situations, 
which would otherwise stir up suppressed and unpleasant 
feelings. Reich observed that when this kind of response to 
feeling and pleasure became chronic, so too did the individ- 
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ual experience a chronic stiffening and desensitization of 
the body, along with a reduction in respiration and contact- 
fulness. 

This chronic neuromuscular armoring, as Reich called 
it, was not a natural condition, though it had a certain ra- 
tional survival value for situations of pain and trauma. 
When the armoring became chronic, however, as a way of 
life, it would thwart the individual's natural biological 
functioning, and affect their behavior even in circumstanc- 
es where pain or trauma was not likely. The armoring ef- 
fectively perpetuated the individual’s pleasure-avoiding be- 
haviors and emotion-censoring attitudes. Deep seated fears, 
and pressures to conform to the prevalent armored form of 
social life, usually prevented the individual from moving 
towards emotional health, or taking effective steps to change 
their situation. The bulk of Reich’s early writings focused 
upon these social, sexual, and emotional concerns. 

Reich also argued that the heterosexual genital orgasm 
played a central regulatory role in the energy economy of the 
individual, as a means to periodically discharge accumu- 
lated bioenergetic tension. The more intense the orgastic 
discharge of accumulated bioenergy, the more gratified, re- 
laxed and pleasurably expansive one felt afterward. When 
sexual urges and other emotions were chronically frustrat- 
ed, dammed-up, and repressed, however, great internal ten- 
sion could build up to a bursting point, where neurotic symp- 
toms or sadistic urges would appear. Reich developed thera- 
peutic techniques for releasing dammed-up emotional ener- 
gy within his patients, techniques which led to the release of 
long-buried feelings, and to a greater capacity for pleasure 
in life, particularly genital pleasure. As his patients became 
more healthy sexually, and as they reported an increase in 
genital gratification, he observed that their neurotic symp- 
toms disappeared, as the quantity of dammed-up emotion 
and sexual tension was reduced. Some of Reich’s early con- 
tributions to psychoanalytic theory and technique were at 
first weleomed. But later on, as he increasingly focused 
upon the consequences of child abuse and sexual repression, 
the more conservative analysts rejected and attacked him. 


14 





The Orgone Accumulator Handbook 





Reich eventually left psychoanalysis altogether, and he ar- 
ticulated his work under the new term, Sex-Economy. 

Reich’s early observations regarding human behavior, 
emotions, the orgasm, and vegetative streaming sensations 
strongly suggested a real, tangible nature to the emotional 
energy. He later used sensitive millivoltmeters to confirm 
this point of view, and to quantify bioelectrical energy cur- 
rents, and their emotional correlates. However, he was con- 
vinced that the very low levels of observed bioelectrical ac- 
tivity could not fully explain the powerful energy forces ob- 
served in human behavior. This was particularly so regard- 
ing chronic immobilizing psychic disturbances in catatonic 
and other completely withdrawn mental patients. When 
their emotions were finally broken lose, these patients would 
experience a tremendous outpouring of sadness or rage. Af- 
terward, they would also experience a dramatic relaxation 
of musculature, a spontaneous deepening of respiration, and 
a return to more contactful lucidity. In these cases, the pa- 
tient’s emotional energy was held down and bound up, until 
finally set free in the clinical setting. These observations of 
energy bound, and energy released, were reinforced by par- 
allel observations regarding the discharge function of the 
orgasm. Based upon these kinds of observations, the ques- 
tion of exactly how and from where the organism acquired 
its emotional energy, and its exact nature, became increas- 
ingly important. 

It was at this point in his research that Reich was forced 
to flee Germany for Scandinavia, following Hitler's rise to 
power. In Norway, Reich sought to find a way to confirm his 
model of human functioning. Pleasure, he observed, was 
identified by an increasing bioelectrical charge at the skin 
surface, while anxiety was accompanied by a loss of this 
same peripheral bioelectrical charge. Persons with a deep 
respiration and a relaxed posture would, he observed, regu- 
larly give stronger readings at the millivoltmeter than con- 
tracted, anxious, highly armored persons, who had a life- 
history of trauma, abuse, repressed emotion, and ungrati- 
fied sexuality. As a child grew to adulthood, and became ha- 
bituated or conditioned towards pleasure-seeking, or pleas- 
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ure-avoiding (pain seeking) behaviors, so too would their 
skin charge, and other physiological measures, reflect a 
corresponding high or low energy charge. This movement 
of the organism, and their energy charge, in a direction 
“toward” or “away” from the world, he argued, was the result 
of one's life history. Life naturally moved towards pleasure, 
but retreated, and shrunk from pain. Chronic painful exper- 
ience would eventually armor the organism, and make it 
difficult for them to reach out, towards the painful world. 
From this central set of observations, he postulated that a 
similar process could be duplicated and observed in lower 
organisms, such as the snail, earthworm, or even micro- 
scopic ameba. 

Reich noted that the ameba had no “nervous system”, or 
*brain”, as with the higher animal, yet it expanded towards 
or contracted away from its environment in a manner simi- 
lar to the higher animals. He believed that many of the func- 
tions attributed to the brain were really functions of whole- 
body processes, involving the participation of the autonomic 
nervous system, but primarily being the result of the ener- 
getic forces he had documented in a clinical and laboratory 
setting. These currents of biological energy, he argued, 
functioned the same in all living creatures, and he sought to 
test the idea by making millivolimeter measurements of 
ameba during states of expansion and contraction. Reich 
went to the University of Oslo Microbiological Institute, and 
asked to obtain a culture of ameba. He was told that these 
kinds of simple organisms were never kept on hand in 
stored cultures, because they could be cultured directly from 
a moss or grass infusion. Reich was fully aware of the air 
germ theory, but was surprised to hear this, as the theory had 
not at that time been used to explain the genesis of more com- 
plex microbes, such as ameba and paramecium. These more 
complex microbes cannot be cultured directly from the air, 
for example. 

Reich made the moss and grass infusions, but also made 
extended and careful microscopical observation of the pro- 
cess whereby the ameba developed. He did not see spores on 
the grass blades, swelling up to become new ameba. Instead, 
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he observed that the moss and grass itself would disintegrate 
and break down into small blue-green vesicles. The tiny 
vesicles would, over a period of several days, develop and 
clump together, after which a new membrane would form 
around the clump; the clump of vesicles would roll and pul- 
sate inside the membrane for a period, and eventually the 
whole thing would move away on its own, having turned into 
a new ameba. Moreover, Reich observed that a number of 
materials, both organic and inorganic, would, when al- 
lowed to disintegrate and swell in a sterile nutrient solution, 
form the tiny blue-green vesicles. These observations were 
greeted by the university microbiologists with skepticism, 
and Reich developed a series of stringent control tests to an- 
swer their objections, and to more clearly demonstrate the 
observable process. These control procedures involyed 
lengthy autoclaving of nutrient solutions, and heating over 
flame, to incandescence, of the materials placed im the ste- 
rile nutrient medium. His control procedures and observa- 
tions on this question were repeated and confirmed by other 
scientists of the day, and were presented to the French Acad- 
emy of Science in 1938. But this did little to satisfy his crit- 
ics, who shamelessly refused to reproduce the experiments, 
while simultaneously attacking him in the Norwegian 
newspapers. 

Reich used very high magnifications, around 3500 to 
4500 power, but not the usual microbiological stains or proce- 
dures which kill the life in the specimen. These facts made 
Reich’s preparations very different from those of the average 
microbiologist, who to this day still kill and stain their prep- 
arations with a religious fervor, and see little value to ob- 
serving living microbes in the light microscope above 1000 
power. Standard electron microscope images, for example, 
can not be made of living specimens. 

Reich gave a new name to the unusual microscopic vesi- 
ele he had discovered: the bion. Bions of similar size, shape, 
and motility would appear in the light microscope when var- 
ious materials were subject to a process of slow swelling and 
disintegration, or when substances were heated to incandes- 
cence, and then immersed into sterile nutrient solutions. 
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Boiling, autoclaving, or heating samples to glowing incan- 
descence would not eliminate the bions from the cultures, but 
could actually liberate them in greater numbers. Reich also 
studied the process of disintegration and decay of foodstuffs 
in the microscope, and noted that similar bionous processes 
were at work. The bions exhibited a bluish coloration, and 
radiant energy effects were likewise observed. It was dur- 
ing these microscopic observations of the bions that Reich 
first discovered the orgone radiation, and later, the principle 
of the orgone energy accumulator. 

Like his findings on human behavior, Reich’s bion ex- 
periments are far too intricate and important to be fully re- 
viewed here, but it can be noted that they have been widely 
replicated by various scientists around the world. Classical 
microbiology of today has made confirming discoveries of 
very similar small vesicles, though Reich's priority has yet 
to be acknowledged. His findings on the bions also resolved 
two parallel riddles, the origins of protozoa from disinte- 
grated dead plant tissue in the natural environment, and the 
origins of protozoan cancer cells from the energetically 
(emotionally) deadened tissues of the human body. Reich ob- 
served similar processes at work in both dead grass and 
deadened animal tissue: disintegration into bions, followed 
by a spontaneous reorganization of bions into protozoan 
forms. In both cases, of soil or tissues, Reich argued that the 
process was initiated by a loss of life energy charge of the tis- 
sues, followed by putrefaction and disintegration. 

One special bion preparation, made from pulverized 
beach sand heated to incandescence and immersed into a 
sterile nutrient broth, yielded a powerful radiant energy 
phenomena. Lab workers developed conjunctivitis if they 
observed the preparations too long, while a skin inflamma- 
tion could be developed by placing the bion solution close to 
the skin for a period. Working for extended hours in the lab- 
oratory, Reich developed a dark tan through his clothing, in 
the middle of winter, The radiation imparted a magnetic 
charge to nearby iron or steel implements, and a static 
charge to nearby insulators, such as rubber gloves, Film 
stored in nearby metal laboratory cabinets spontaneously 
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fogged. He noted that whatever this bion radiation was, it 
was rapidly attracted to metals, but just as rapidly reflected 
away, or dissipated into the surrounding air. Organic ma- 
terials, however, absorbed this radiation and held onto it. At- 
tempts to identify the new radiation using traditional nucle- 
ar or electromagnetic radiation detectors failed. 

Reich also noted that the air in rooms containing the spe- 
cial bion cultures would feel “heavy” or charged. When ob- 
served at night, in full darkness, the air would visibly scin- 
tillate and glow with a pulsing energy. He attempted to cap- 
ture the energy radiating from his bion cultures inside a 
special cubical enclosure lined with sheet metal, which he 
felt would reflect and trap the radiations inside. As expected, 
the special metal-lined enclosure trapped and amplified the 
effects of the bion radiation. However, to his amazement, he 
found that the radiation was also present in the experimental 
enclosure even when the bion cultures were removed. In 
fact, there was nothing which could be done to make the ob- 
served radiation “go away”. The special metal-lined enclo- 
sure appeared to pull the same form of radiation from the air 
which previously had been observed coming from the bion 
cultures. 

Reich eventually became convinced that the special en- 
closures were capturing a free atmospheric form of the same 
energy that he also observed coming from living organ- 
isms. He called the newly discovered energy the orgone, 
and he developed ways to amplify the energy accumulating 
affects of the enclosure, mainly through multiple layering of 
the metallic and organic materials. No electricity, magne- 
tism, electromagnetism, or nuclear radiations were em- 
ployed in these accumulating structures, which were entire- 
ly passive in design. The special enclosures were thereafter 
called orgone energy accumulators. 

The full sweep of Dr. Reich’s clinical findings, his ex- 
periments with bioelectricality, the bions, on biogenesis and 
the origins of the cancer cell, and his discovery of the orgone 
energy and the orgone energy accumulator, cannot be given 
here, but a few points are summarized. The orgone accumu- 
lator was found to have specific life-positive effects upon 
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plants and animals exposed to the concentrated life force in- 
side it. A host of quantifiable effects upon the physical prop- 
erties of the air, or other materials charged up inside the ac- 
cumulators, were also discovered and documented, Reich 
and his co-workers published a host of research articles on 
the orgone energy accumulator, its unusual physical proper- 
ties, and its life-positive biomedical effects. These effects 
have been repeatedly confirmed, and a research tradition in 
orgone biophysics continues to this day. Briefly, we may 
identify some of the known properties of the orgone energy, 
and effects of the orgone energy accumulator. 


Properties of the Orgone Energy: 

A) Ubiquitous, fills all space. 

B) Mass-free; cosmic, primordial in nature. 

C) Penetrates all matter, but at different rates of speed. 

D) Spontaneously pulsates, expands and contracts, and 
flows with a spinning wave characteristic. 

E) Directly observable and measurable. 

F) Negatively entropic. 

G) Strong mutual affinity and attraction to/by water. 

H) Accumulated naturally by living organisms through 
foods, water, breath, and through the skin. 

I) Mutual excitation and attraction of separate orgone 
energy streams, or of separate systems charged with 
orgone. 

J) Excitability via secondary energies (nuclear, 
electromagnetism, electrical sparking, friction). 
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Physical effects of a strong orgone charge: 

K) Slightly higher air temperature as compared to 
surroundings. 

L) Higher electrostatic potential, with a slower 
electroscopical discharge rate as compared to 
surroundings. 

M) Higher humidity and lower water evaporation rates 
as compared to surroundings. 

N) Squelching of ionization effects inside gas-filled 
ionization Geiger-Muller tubes. 

Q) Development of ionization effects inside non- 
ionizable vacuum tubes (0.6 micron pressure or 
lower), 

P) Ability to impede and absorb electromagnetism. 


Biological effects of a strong orgone charge: 

Q) General vagotonic, expansive effect on entire 
system. 

R) Sensations of tingling and warmth at skin surface. 

S) Increased core and skin temperature, flushing. 

T) Moderation of blood pressure and pulse rate. 

U) Increased peristalsis, deeper respiration. 

V) Increased germination, budding, flowering and 
fruiting of plants. 

W) Increased rates of tissue growth, repair, and wound 
healing, as determined through animal studies and 
human clinical trials. 

X) Increased field strength, charge, integrity of tissues 
and immunity. 

Y) Greater energy level, activity, and liveliness. 
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A three-ply accumulator in the author's laboratory. A 
ten-ply charger, with attached funnel shooter, is at the lower 
left. This charger normally sits inside the larger accumu- 
lator, under a wooden bench inside the accumulator. 
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5. Objective Demonstration of 
the Orgone Energy 


A number of techniques have been developed over the 
years to document, measure, and objectify the orgone ener- 
gy. These techniques are briefly listed, but the interested 
reader is directed to the references for more specific details. 


A) Bioelectric Fields: Reich identified various bioelec- 
trical phenomenon which he felt demonstrated a more pow- 
erful energy current at work in the body, The small milli- 
volt currents of “bioelectricality”, he argued, were only a 
small portion of this stronger energy current in the body, 
which he identified as being both emotional and sexual in 
nature, and which was later objectively identified as the or- 
fone energy. 

B) Radiant Effects from Bion Cultures: Special bion 
cultures derived from beach sand emitted a powerful radia- 
tion which could be felt and seen in darkrooms. This radia- 
tion did not register on instruments for detecting nuclear or 
electromagnetic energies. Additionally, the radiation could 
fog film, impart a static charge to insulators, and a magnet- 
ie charge to steel laboratory implements. 

C) Darkroom and Atmospheric Observations, the Orgo- 
noscope: Reich also observed and categorized various ob- 
servable phenomena which could be seen by the dark- 
adjusted eye in the open air of darkrooms. Scintillating fog- 
like forms, and dancing, luminescent pin-points of light 
were observed, and numerous techniques were developed 
which demonstrated their real, objective nature. One of these 
techniques involved the development of a new instrument, 
the orgonoscope, which used hollow tubes, lenses, and a fluo- 
rescent screen for magnifying the various subjective light 
phenomena. Large room-sized orgone accumulators were 
also constructed, and observations made in these amplified 
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and clarified many of the effects. A special corpuscular or- 
gone unit was identified, whose lawful behavior changed ac- 
cording to cosmic and meteorological factors. These macro- 
scopic particles were also observed in the daytime sky with 
the unaided eye, as a generally common phenomenon, visi- 
ble to most people once they were pointed out. The Earth was 
observed to possess its own orgone energy envelope, or ener- 
gy field, much as did individual living creatures. 

D) X-Ray Photographs: Reich observed that the x-ray 
“ghost” phenomenon (spontaneous, unexplained fogging of 
x-ray films) could be explained as an effect of the orgone ra- 
diation, or life energy. He published several photos where 
the ghosts were purposefully created by excitation of orgone 
energy within the field of the x-ray machine. 

E) Visible Light Photographs: Reich observed that his 
special radiating bion cultures would fog film stored in 
nearby metal cabinets. Culture dishes of radiating bions set 
directly upon the film would also render an image of the cul- 
ture dish and its contents. More recently, Thelma Moss of 
UCLA has shown that life energy field photos can be made 
without electrical stimulation (as with Kirlian techniques), 
by energy field enhancement; living objects placed directly 
on a film for a few days within a darkened orgone aceumu- 
lator will, under the proper conditions, render an image. 

F) The Orgone Energy Field Meter: Reich developed 
this device to measure the strength of energy fields. Using a 
Tesla coil and special accumulator-like metal plates, the de- 
vice could quantify the differences in energy level between 
people or objects. 

G) The Orgone Energy Pulsation Demonstrator: Reich 
demonstrated that the energy field pulsations of a large met- 
al sphere were capable of setting into motion a smaller me- 
tallic/organie pendsiisim suspended nearby. 

H) i 
An accumulator will spontaneously develop a slightly high- 
er temperature than either its surroundings or a control en- 
closure, on those sunny and clear days when the orgone 
charge at the Earth’s surface is strong. The effect vanishes 
during stormy, rainy weather, when the orgone charge at the 
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Earth’s surface is weak (but strong in the Atmosphere). The 


results of this temperature experiment, which has been repli- 
cated many times, demonstrates that the orgone energy 
functions in opposition to the second law of thermodynam- 
ics, 

T) The Accumulator Electrostatic Effects: An electro- 
scope kept inside an orgone accumulator will dissipate its 
charge more slowly than an identical one kept in the open 
air, or inside of a control enclosure, A partly charged, or un- 
charged static electroseope which is kept inside an accumu- 
lator will sometimes spontaneously charge itself up, As with 
the temperature differential effect, the electrostatic effects 
vanished during rainy or overcast weather, when the orgone 
charge at the Earth’s surface is weak. 

J) The Accumulator Jonization Suppression/ 
Amplification Wffect: Geiger-Muller tubes and counters 
charged up inside a very strong accumulator for several 
weeks or months tend to go “dead” for a period, but may 
eventually yield an erratic count rate for background. Spe- 
cial vacuum tubes, which Reich had constructed and called 
vacor tubes (which mimic the design of the Geiger-Muller 
tube but are evacuated well below the level at which ioniza- 
tion could occur), will initially not yield any counts when 
hooked to a radiation detector. After charging up inside a 
very strong accumulator for weeks or months, however, 
these same vacor tubes will begin to yield very high counts 
per minute for background, even at very low exciting voltag- 
es. The results of this experiment run counter to the classical 
interpretation of the ionization effect inside the Geiger- 
Muller tube, and hence, to the classical particulate interpre- 
tation of radioactive decay. 

K) The Accumulator Humiditv/Water Evaporation Ef- 
fect (EVo-EV): More recent studies have suggested that an 
accumulator tends to attract a slightly higher humidity into 
itself, and suppress the evaporation of water from an open 
vessel inside. As with other accumulator phenomena, this 
effect also diminishes or vanishes during rainy weather. 

L) Atmospheric Energetic Pulsation, and the Reversed 
Orgonotic Potential: Based upon observations of the ther- 
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mal, electroscopical, and ionization characteristics of the 
orgone accumulator, Reich identified a patterned and law- 
ful energetic cycle at work within the atmosphere and ener- 
gy field of the Earth. These observations likewise led to the 
identification of a reversed potential at work in the orgone 
energy, running counter to thermodynamic principles, 
which explained why natural orgonotic systems 
(organisms, weather systems, planets) maintained a higher 
concentration of energy than their surrounding environ- 
ments. The stronger of two orgonotic systems will drain en- 
ergy from the weaker system, and increase its own potential 
or charge, until the weaker system is drained, or some max- 
imum capacity level is achieved. Discharge may occur 
thereafter. Under sunny, clear weather, the orgone charge at 
the Earth’s surface is quite strong, and in a state of expan- 
sion, preventing any significant growth of clouds. Where 
overcast or stormy conditions prevail, the orgone charge at 
the Earth's surface is weak, while the charge in the atmos- 
phere is strong and in a state of general contraction. This 
loss of charge at the Earth's surface during rainy weather 
slows down the activity of living creatures, and the accumu- 
lator will not function well at those times. 

M) The Millivoltmeter: Virtually all objects and or- 
ganisms within a given environment, to include the air, 
water, and the Earth itself, have a charge that will increase 
and decrease in a cyclical or pulsatory manner, timed to 
cosmic and meteorological factors. In living creatures, high 
potentials produce more active physical and emotional peri- 
ods, while low potentials signal less active periods. In Na- 
ture, high atmospheric potentials signal cloudy periods with 
stronger storms, while high Earth potentials signal cloud- 
free conditions. The tiny currents are excellent predictors of 
powerful biological or environmental processes, but are 
themselves too slight and weak to be the causative agent. 
Reich, and other researchers who have examined these 
small voltage potentials (such as H.S. Burr), viewed them as 
indicative of a more powerful, ubiquitous natural phenome- 
na which energetically linked together the Sun, Moon, 
Earth, weather systems, and all living creatures. 
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Plant Growth Enhancement Studies: Seeds and 
plants correctly charged up inside an accumulator demon- 
strate higher growth rates and yields of fruit. This is one 
of the more telling, and widely replicated experiments 
with the orgone accumulator. In my own trials, I have seen 
a six-fold increase in the length of mung bean sprouts in- 
side a strong accumulator, as compared to a control group 
of sprouts. Germination rates, growth rates, budding, flow- 
ering and fruiting can be increased by charging seeds or 
growing plants directly inside the accumulator. The seeds 
can be sprouted directly inside the accumulator, or charged 
up for a few hours, days, or weeks prior to planting. 
Growth enhancement effects may also ocour when the wa- 
ter alone is charged, and then externally given to the 
plants. 

QO) Non-Human Animal Studies: Controlled studies 
on the effects of orgone radiation from an accumulator on 
cancer mice and wounded mice have been performed. 
These studies generally confirm Reich's earlier argu- 
ments that tissues with a stronger energetic charge will 
heal more quickly, and develop tumors more slowly, or not 
at all, as compared to energetically weakened tissues. 
These findings invalidate many aspects of the DNA theory 
of cellular differentiation, which appears to be more direct- 
ly under the structuring influence of the organism's own 
life energy field. 

P) Human Studies: Aside from those clinical trials 
performed by Reich and his co-workers in the 1940s and 
1950s, very little work has been done in the USA regarding 
the bioeffects of the accumulator on humans. All research 
into these questions was halted by medical police actions 
in the 1950s. Recent studies from Germany, however, have 
confirmed such bioeffects, In general, a person sitting in- 
side an accumulator will feel a yariety of warm, glowing, 
or sometimes tingling sensations at the skin surface; their 
body core temperature will rise and skin flush, while blood 
pressure and pulse rate will trend towards moderate lev- 
els, being neither too high or low. When properly used, it 
has a distinct vagotonic, enlivening effect. The chapter on 
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“Physiological and Biomedical Effects”, as well as the Ap- 
pendix article, will provide details on these questions. 
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6. Discovery of an Unusual 
Energy by Other Scientists 


Studies by various natural scientists have, over the 
years, demonstrated energetic principles at work in the nat- 
ural world which are similar to the orgone energy. Early 
Chinese medicine acknowledged the existence of such a 
force, called Chi, and the traditional method of acupuncture 
is based upon the existence of such an energy principle with- 
in the human body, Acupuncture points do not correspond di- 
rectly with nerve endings, and the most able acupuncturists 
de not rely upon the Western models of physiology to explain 
its effects. Given the absence of a vital energy principle, 
Western medicine cannot explain acupuncture, and has re- 
sisted its adoption in the United States. Acupuncture further- 
more works on animals, invalidating invocation of the pla- 
cebo effect; ancient texts from India have also referred to the 
life energy, called Prana, and provide maps of Nila points 
(similar to acupuncture points) on elephants. The texts from 
ancient China and India speak about an energy that is taken 
in through the breath, and flows through the body along the 
various meridians. Health is constituted by a free, unim- 
peded flow of this energy, while sickness occurs when the 
flow of vital energy is blocked. This is very similar to 
Reich’s ideas on the orgone energy, though the Asian sources 
say little about the free expression of emotion; they also often 
advocated a conscious control of emotions and sexual feel- 
ing (orgasm avoidance). In contrast, Reich demonstrated 
that such chronic restraint or self-control was the reason 
why the life energy became blocked or dammed up in the 
first place. 

In the Western tradition, the vitalists of the eighteenth 
and nineteenth centuries also discussed the existence of a bi- 
ological energy or life force, which was called animal mag- 
netism, the odic force, psychic force, élan vital, and so on. 
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Indeed, Mesmer spoke of animal magnetism as an atmos- 
pheric fluid which surrounded, charged, and animated liv- 
ing creatures, and could be projected across a distance by a 
therapist. Mesmer was a teacher of Charcot, who was, in 
turn, the teacher of Freud, who was one of Reich's early men- 
tors. Reich also studied with other vitalists, such as Kam- 
merer and Bergson, and the vitalist tradition has persisted 
as a quietly spoken minority viewpoint in biology. Besides 
Reich, the more recent advocates of a vital or dynamic ener- 
gy principle in nature included the late Harold 8. Burr of 
Yale University. Burr argued for the existence of a powerful 
electrodynamic field at work in nature, affecting both 
weather and living creatures. The biologist Rupert Shel- 
drake has similarly developed a theory on morphogenetic 
fields which also takes from this tradition. Like Burr's 
work, Sheldrake’s theory provides a dynamic, energetic ex- 
planation for inheritance, making the biochemical DNA 
theory unnecessary. Most recently, editors for the academic 
publication New Scientist called Sheldrake’s book the “best 
candidate for burning” they had seen in a while. 

The surgeon Robert O. Becker developed these prior 
principles to a most amazing state of advancement. His ear- 
ly research led to the development of a class of devices for the 
electrical stimulation of bone healing and pain relief, His 
later work took these principles, and developed them to the 
point that he could artificially stimulate the regenerative 
growth of amputated limbs of laboratory mice, in a manner 
similar to the way in which a salamander or spider will re- 
grow a lost limb. This kind of regrowth is by nature limited 
only to less complex creatures, and does not generally exist 
among mammals, such as mice, rabbits, and humans, Re- 
growth of an amputated limb had never been previously 
demonstrated in a mouse, or any mammal! for that matter. 
Becker's work was a severe blow for both the biochemical 
DNA theory of cellular regulation, and the theory that the bi- 
oelectrical field of a creature was just a meaningless “by- 
product” of chemical metabolism, like the electric field sur- 
rounding a running automobile engine. His work proved 
that the energy field of the animal was a primary determi- 
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nant of growth and repair, as was the case with Reich's 
work, Becker was preparing to replicate the limb regrowth 
experiments on humans, when the biomedical community 
reacted with severe outrage against him, pulling dirty tricks 
of all sorts to have his research funding cancelled, and his 
laboratory shut down. 

Ancther vitalist of our era is Bjorn Nordenstrom, direc- 
tor of the Karolinska Radiological Institute in Sweden. Nor- 
denstrom, like Reich, made a study of the x-ray “ghost” phe- 
nomena, which is an unusual spontaneous fogging of x-ray 
films. It appears as a wispy, smoke-like or blob-like form on 
the x-ray images of patients, and sometimes can be seen on 
the monitors of airport baggage x-ray equipment. It cannot 
be predicted, and most radiologists consider it to be a nui- 
sance. However, Nordenstrom studied it, and observed dis- 
tinct patterns correlated to his patient’s bioelectrical fields, 
Like Reich, he also discovered and measured currents of bi- 
oelectricality in the body. His meticulous research was sum- 
marized in a book titled Biologically Closed Electric Cir- 
cuits: Clinical, Experimental, and Theoretical Evidence for 
an Additional Circulatory System. After being heavily ad- 
vertised in medical journals in the USA, it sold less than 200 
copies, evidencing a contempt among mainstream medical 
doctors for any new findings that would support the principle 
of a life energy, even one of a purely bioelectrical nature. 
Unable to find support for his work in the West, Norden- 
strom recently went to China to pursue his clinical research. 

Other biological scientists have inferred the existence of 
such a vital energy principle, on the basis of their experi- 
mental work. When they provide good confirming evi- 
dence, they are hotly attacked, The French scientist Louis 
Kervran, for example, spent years developing very elegant 
and simple experiments demonstrating that the basic ele- 
ments of chemistry were being transmuted by living crea- 
tures. Chickens fed a diet free of calcium, for example, 
would not lay mushy or fragile eggs, unless dietary silica 
was restricted. With a restricted silica intake, however, they 
laid mushy and fragile eggs, and it did not matter how much 
calcium they ate. Likewise, laboratory mice would heal 
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broken bones very quickly when fed a diet high in organic 
silica, but not so fast when silica was minimized and only 
calcium was provided. These experiments strongly suggest- 
ed that dietary silica was being transmuted into calcium in 
the bodies of animals. Kervran also experimentally demon- 
strated other likely transmutations, and other scientists in 
Europe and Japan confirmed his findings. He eventually 
came to the conclusion that there had to be some unknown 
form of powerful biological energy at work to drive the 
transmutations. But when he wrote to a prominent Ameri- 
can scientist for assistance in obtaining equipment for an 
important experiment, he was impolitely told to go “read an 
introductory textbook on biology”. In the United States, Kery- 
ran is better known among homeopathic doctors and organic 
farmers than by university professors. However, if Kervran 
is right-and the experimental evidence suggests that he is— 
then the texthooks of biochemistry will need to be rewritten, 
As Kervran pointed out, biology and biochemistry are two 
entirely different disciplines and should not be confused. 
Biology is concerned with observable fact, while biochemis- 
try attempts to explain observed facts by a chemical theory 
which assumes elemental constancy. And it is with this ba- 
sic assumption that part of the error lies. 

Another French scientist, Jacques Benveniste, actually 
demonstrated such an energy principle at work in homeo- 
pathic dilutions. His experimental work was successfully 
replicated by independent laboratories in other countries, to 
satisfy his obstinate critics. But that was not good enough. 
For making this offending discovery, which lent some sup- 
port to homeopathic physicians (who are often prosecuted and 
jailed in the United States), the science journal Nature dis- 
patched a “hit squad” of fraud investigators, debunking ma- 
gicians, and skeptical editors to his laboratory, under the 
guise of “evaluating” his laboratory procedures, The Nature 
Science cops made a mess of Benveniste’s lab, distracting 
laboratory workers, performing slight-of-hand tricks, and 
shouting, before finally being told to leave, Nature subse- 
quently tried to smear Benveniste in their editorials, but did 
not factually refute his work through replication of experi- 
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ments, Such is the warp and weave of traditional academic 
science in the 1980s. 

In the atmospheric sciences, the tradition of dynamic 
energy forces which affect entire regions was preserved for a 
period by older weather forecasters, who used streamline, 
rather than frontal theory to predict weather, Streamline 
analysis more coherently focused upon streaming move- 
ments of air, or jet streams as they are called today. For 
example, when you lock at the dynamic images of clouds, as 
seen from a satellite in space, you do not see “fronts”. But you 
do see streaming movements of clouds. Reich independently 
discovered the basic configurations of these streams, years 
before the first weather satellites were launched. Likewise, 
the older atmospheric scientists often argued for a great 
interconnectivity in the atmosphere. Charles G. Abbot, head 
of the Smithsonian Astrophysical Observatory in the 1950s, 
used related energetic concepts to predict the weather months 
into the future. But he was ignored and ridiculed for his 
findings, in spite of their uncanny accuracy. Irving Lang- 
muir, one of the originators of cloudseeding techniques, once 
objectively demonstrated that cloudseeding in New Mexico 
would trigger rain storms all the way into Ohio, and he 
warned his fellow workers about this danger. Thecloudseeders 
of today, funded by millions in Federal dollars, act as if 
Langmuir's work never took place, and refuse to replicated 
his simple experiment. They deny the existence of long 
distance effects from cloudseeding, knowing that if such 
effects became public knowledge, they would be forced to 
stop. 

Among the physical scientists, the idea of an energy in 
space was embodied in the concept of an aether, which dates 
back hundreds of years. The theologian/physicist Isaac New- 
ton forcefully argued that this aether had to be static, in order 
to prevent it from directly participating in the movement and 
ordering of the heavens. That role, Newton argued, belonged 
only to the anthropomorphic God (who at that time was 
demanding that unbelievers be ruthlessly tortured and burned 
at the stake). And, over the years, a dead, unmoving aether 
has never been detected. However, an aether with more 
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dynamic properties was objectively demonstrated by the 
physicist Dayton Miller. Miller also explained why prior 
attempts to measure the aether had failed. First, he observed 
that the aether is entrained at the Earth’s surface, and moves 
faster at higher altitudes than lower altitudes. Prior at- 
tempts to measure its movement had taken place only at 
lower altitudes, or in heavy stone buildings or basement 
locations. Second, Miller’s aether was reflected by metals, 
and prior attempts to measure it used instruments with the 
critical parts housed inside metal enclosures. Miller found 
that by doing the crucial aether-drift experiments on a moun- 
tain top, inside a flimsy building without metals or dense 
window materials, thatit was readily detectable and measur- 
able. He made over 200,000 separate measurements, over the 
course of 30 years of investigation. Contrast this to the 
famous Michelson-Morley experiment, which involved a grand 
total of six hours of actual measurement time, made over four 
days in 1887. The Michelson-Morley experiment is widely 
misquoted as having completely failed in the detection of the 
aether. It was a hinge-point in the sciences, after which the 
idea of the aether was given up entirely for the “empty space” 
theories of relativity and quantum dynamics. 

Miller’s extensive work on the aether question was never 
rebutted when he was alive, but his research was contemptu- 
ously compared with “searching for perpetual motion”. After 
his death, the adherents of the empty space theory breathed 
a heavy sigh of relief. Today, every physics textbook starts 
out with the falsehood that “the aether was never measured 
or demonstrated”. It should be pointed out that the theories 
of relativity and quantum dynamics, plus the expanding 
universe and “big bang” theories, are utterly shattered by the 
discovery of an energy in space, and many physicists, who 
cling to their theories religiously, simply refuse to look at this 
kind of evidence. Worse, the discipline of physics has become 
a military-oriented growth industry, with multi-billion dol- 
lar funding for the sustenance of nuclear power and bomb- 
making technology, for fusion plants, particle accelerators, 
and “star wars” experiments. This kind of research has not 
brought forth any real benefits or fruits for humankind, but 
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has become a self-perpetuating “research industry”, a multi- 
billion dollar edifice which, like the medico- 
pharmaceutical industry, is threatened to the core by these 
discoveries of a primary, cosmic life energy. The physics 
community has unfortunately reacted to these new findings 
with the same arrogance and viciousness that characterizes 
the medical communities’ reaction to the life energy. Ein- 
stein’s followers, for example, have recently been accused, 
in print, of very nasty stab-in-the-back tactics of censorship 
and suppression. An entire new journal, Scientific Ethics, 
for a short period at least began to expose the whole stinking 
mess. 

Of great interest for Reich’s work is that Miller’s dy- 
namic aether was more active at higher altitudes, and re- 
flected by metals. The capacity to be reflected by metals, with 
a more active state at higher altitudes, are basic properties of 
the orgone energy, as independently discovered by Reich. 
The orgone also satisfies many other of the basic properties 
and functions of an aether, being ubiquitous and mass-free, 
and by providing a medium for the transmission of electro- 
magnetic excitation. However, the orgone also spontaneous- 
ly pulses, superimposes, and directly participates in the 
creation of both matter and life. But even without using the 
taboo word “aether”, or the more offending word “orgone”, 
another group of physicists have detected or inferred the ex- 
istence of dynamic energy currents at work in deep space. 
For example, the American astrophysicist Halton Arp made 
so many photographs of energy/matter bridges between deep- 
space objects, where those energy/matter bridges should not 
have been there, that he was actually banned from using the 
big American telescopes. His simple photos demolished the 
theories of empty space, the expanding universe, and the “big 
bang” with a single shutter click. So great was the hatred 
against his work that he ultimately had to go to Germany to 
continue with his research, Hannes Alfven, another famous 
physicist, also deeply offended his contemporaries by sug- 
gesting, like Reich, that space was filled with streaming 
currents of plasmatic energy. The space scientists to this 
day refuse to send satellite probes where he says they should, 
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as to do so might confirm that space is energetically rich. In 
fact, physics of today is in a state of turmoil, and is desper- 
ately trying to explain away the newer evidence for an ener- 
gy in space, to preserve the big bang theory, relativity, quan- 
tum dynamics, and the billions of dollars of research money 
that supports the “empty space” religion, and its institutional 
priesthood. 

Few of the above ideas, nor the findings on sunspot- 
weather correlations, are given much funding or investiga- 
tion today. Science journals still routinely carry the false 
statement that “no mechanism” has been found for solar- 
terrestrial correlations, just as physics textbooks carry the 
falsehood that “the aether had never been detected”. And it is 
true that these relationships cannot be true, nor do they make 
any sense, from the standpoint of the “empty space” theories 
of physics. They require a medium in the atmosphere and in 
space, through which excitations and influences can pass, 
independent from thermal or pressure phenomena, a force 
which propagates in the atmosphere faster than air currents, 
and which can likewise quickly propagate influences 
across the depths of space. Again, Reich’s orgone energy fits 
such a description. 

Other research has been done to show that living crea- 
tures, and the physical chemistry of water, are sensitive to 
weather or cosmic factors in a manner than cannot be ex- 
plained according to simple mechanical phenomena, such 
as light, temperature, humidity, or pressure. Frank Brown, 
of Northwestern University, spent decades demonstrating 
that the biological clocks of various living creatures were 
sensitive to lunar cycles and other cosmic forces. Nobody 
could refute him when he was alive, but today, after his 
death, his findings are widely ignored. Likewise the works 
of the Italian chemist, Giorgio Piecardi, who demonstrated 
that the physical chemistry of water was changed by magne- 
tism, sunspots, and other cosmic phenomena. His work 
helped to fuel an interest in the magnetic treatment of water 
in Europe, leading to new methods for reducing scale depos- 
its in household plumbing, and in industrial boilers. Mag- 
netism, correctly applied, can alter the solubility character- 
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istics of water, allowing dissolved substances to remain in 
solution at concentrations higher than normal for a given 
temperature. In the USA, these findings have been greeted 
with derision, as every physics textbook says magnetism 
has no effect upon water. Also, almost every chemical labo- 
ratory uses magnetic stirring devices to mix their chemical 
solutions, instead of the “old-fashioned” hand-operated 
glass stirring rods; these magnetic stirring devices would, 
if Piceardi is correct (and he is) alter the chemistry, precipi- 
tate quantity, and titration curves for every chemical reac- 
tion exposed to them. And so, the new findings are ignored 
in the USA, while abroad, new products based upon the dis- 
covery are entering the marketplace. Simple magnetic wa- 
ter treatment systems for the home are now common in Eu- 
rope, replacing in many cases the ion-exchange water sof- 
teners, with their bags and bags of salt. In the USA, mean- 
while, the water softener industry, in collusion with dogmat- 
ic academics and politicians, has managed to have laws 
passed in a few states to forbid the sale of magnetic water 
treatment devices. 

Piccardi’s work extends beyond the issue of simple mag- 
netic treatment of water, however. At one point he attempted 
to isolate an unknown cosmic energy which was affecting 
his chemical experiments, in a manner similar to strong 
magnetism. In order to block out the unknown radiation, 
which was correlated to sunspots, he constructed an electro- 
magnetic shield around his experiments, in the form of an 
Barth-grounded metal box enclosure. Then, in order to sta- 
bilize the temperature inside the metal box, he placed a layer 
of wool around the outside. To his amazement, the metal box 
did not extinguish the cosmic phenomena, but amplified it. 
He and his co-workers spent decades performing chemical 
experiments inside similar enclosures, which mirror the 
construction of Reich’s orgone energy accumulator. This 
independent corroboration of the orgone accumulator princi- 
ple by Piccardi was also confirmed, though in a less direct 
manner, by the biologist Brown. Brown observed that herme- 
tically sealed metal enclosures, with a constant pressure, 
temperature, light and humidity inside, would not extin- 
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guish cosmic influences upon biological clocks, but would 
instead allow them to be more clearly observed, or even add 
an unusual dimension to their behavior. For example, in- 
side the metal box, the metabolism of potatoes followed a cy- 
cle that correlated with lunar, solar, and galactic parame- 
ters. Potato metabolism additionally demonstrated a corre- 
lation to local weather; not the weather today, but the weather 
two days into the future! In the enclosure, the energized pota- 
to would respond to external energetic factors in the enyiron- 
ment which were also determinants of future weather 
events. 

The above are just a few of the kinds of evidence that ex- 
ist for an energetic principle similar, or identical to the or- 
gone energy. In many cases, these researchers had not 
Known of Reich's work. In a few, they hated Reich’s guts, 
and would hardly tolerate mention of his name by their stu- 
dents! And yet, the facts speak powerfully for a corroboration 
of Reich’s orgone energy. It must be stated, however, that 
Reich’s discovery on the orgone energy is far more inelu- 
Sive, comprehensive, and tangible than any of the above con- 
cepts. In addition to having been quantified, photographed, 

and measured, the orgone can be seen, felt, and, as noted in 
this hook, accumulated within special experimental enclo- 

sures. 
An additional word must also be given regarding the re- 
sponse of the scientific and academic communities to these 
new discoveries. The reader will note that most, if not all, of 
the above researchers were hotly attacked, or isolated and ig- 
nored for their findings, irrespective of their credentials, 
reputations, or the amount of evidence they provided. This 
emotional reaction, of ranning away from or attacking dis- 
turbing new ideas, was explained by Reich as being the re- 
sults of a specific emotional disorder, which he called the 
emotional plague. Virtually all scientists who have verified 
portions of this common natural energy principle have been 
assaulted by special emotional plague characters, who build 
their reputations not upon work or research, but upon politi- 
cal power, and the number of scalps they have taken. Gossip, 
slander, political tactics, the sneak attack, and even manip- 
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mi ulation of the courts and police are standard tactics of the 

. plague. Their secret goal, like the Grand Inquisitors of the 
Church, is to kill disturbing new findings, and the men and 
women who make them. The history of science is filled with 
. evidence for this kind of behavior. The reader is encouraged 
. | to read Reich’s discussion on the emotional plague, in Cha- 





| racter Analysis (8rd Ed.), People in Trouble, and The Mur- 
| der of Christ, as it still constitutes the major obstacle in the 
| way of human social progress, and scientific research. 
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7. General Principles for 
Construction and 


Experimental Use of the 
Orgone Energy Accumulator 


A) The interior surface of all accumulators must be 
composed of bare metal. Paints, varnishes or coatings on the 
metal will interfere with the accumulating effect, though 
zine galvanizing does not. 

B) The outer, exterior surface of all accumulators must 
be composed of an orgone-absorbing, generally organic, 
non-metallic substance. 

C) Metals and non-metallic materials may be alternat- 
ed in multiple layers within the walls of the accumulator for 
stronger energy accumulation. The more layers, the more 
powerful the accumulator, though one does not simply double 
the strength by doubling the layers. A three ply accumulator 
will have about 70% of the strength of a ten ply accumulator 
(one “ply” consists of a layer of metal plus a layer of non- 
metal). Accumulators of different sizes may also be nested 
one inside another, to develop an even stronger charge. 
Points A and B above must be strictly followed, however. In 
multiple ply accumulators, you can double-up the final outer 
organic, non-metal layer, and the innermost metal layer, 
for additional energy accumulating capacity. 

D) A major common error made by some who reproduce 
Reich’s orgone accumulator experiments is the use of inap- 
propriate accumulator materials. For accumulators used on 
living systems, and particularly for human use, copper, alu- 
minum, and other non-ferrous materials must be complete- 
ly avoided as they yield toxic effects, Similarly, certain 
types of polyurethane foams, rigid or soft, do not have a good 
effect upon the living system when used in an accumulator. 
Any type of material impregnated with formaldehyde, or 
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made with other highly toxic glues or resins should not be 
used, 


Good non-metals Poor or toxic non-metals 
wool, raw cotton wood or plywood 

acrylic, styrene plastic urethane or polyurethane 
celotex (soundboard) pressboard (very hard) 
cork sheeting organic materials containing 
glasswool, fibreglass formaldehyde, asbestos, 
rock wool or other toxic chemicals 
bees wax, candle wax 

soil, water 

Good metals Poor or taxic metals 

steel or iron, sheet, screen aluminum, sheet or screen 
galvanized stecl lead 

steel wool copper 


stainless steel 
steel/tin can alloy 


E) Some individuals have experimented with accumn- 
lators composed of buried metal boxes, surrounded with rich 
dark soil, free of pesticides and herbicides. The larger of 
these kinds of accumulators give the appearance of a root 
cellar or “burial mound”. Some authors familiar with an- 
cient archaeological sites have even speculated that the life 
energy principles were known and used by ancient peoples. 
Certain ancient mounds and structures have a layered char- 
acteristic, using clay soils or stone of high iron content, cov- 
ered over with other layers of organic-rich soils or peat. 

F) An exceptionally powerful accumulator can be made 
by using bees wax or other dielectrical materials for the out- 
er, non-metallic layers. These materials may be quite ex- 
pensive for a larger accumulator, and are also fragile. If 
you use a fragile or crumbly material for the outer non- 
metal layer, you can coat the outer surface with clear shel- 
lac. This has been tried by many people, and does not appear 
to interfere with the accumulation or life enhancing quali- 
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ties of the energy. Never use shellac on the interior surfaces, 
however. 

G) Experiments have demonstrated that the shape of the 
accumulator is a factor of lesser importance than its materi- 
al composition. However, accumulators made in the shapes 
of cones, pyramids, or tetrahedrons have yielded occasional 
unexplainable life-negative effects. Unless one is testing 
for such effects, accumulators should be constructed in rec- 
tangular, cubical, or cylindrical shapes. These have given 
the best results, and are also easier to construct, One anec- 
dote here: in 1980, the author was in Egypt, and went into the 
Great Pyramid of Cheops. While inside, I was struck down 
by a most intense choking, and could not get a breath. The 
feeling was relieved by emptying my canteen of water over 
my head and chest. Later, I heard reports of whole groups of 
tourists being similarly stricken, to the point that some peo- 
ple had fainted away, and had to be resuscitated outside. I 
cannot say if this is an effect of poor ventilation or not, but in 
my own case, I was the only one out of 8 people in a tour group 
to be badly affected. Given my observations of stunted and 
killed seedlings within conical and pyramidal accumula- 
tars, it seems possible to me that these effects are the result of 
a toxic accumulation or overcharge effect. More work needs 
to be done to clarify these factors related to shape, as well as 
accumulator use in energetically stagnated environments, 
such as deserts. See the chapter on “Warnings and Dan- 
gers” for more details. 

H) Corners of accumulators do not have to be precisely 
constructed, nor do layers have to be air tight or precisely fit- 
ted, though one certainly wishes to have as neat and clean of 
construction as possible. In some cases, I have seen metal 
boxes loosely wrapped with layered steel wool and cotton, 
felt, or wool, Also, some have used tin cans, as used for food 
preservation, wrapped with plastic, and then placed inside 
another larger can which was, in turn, wrapped with more 
plastic. These tin-cans were nested inside each other to 
make reasonably efiective four or five ply accumulators, for 
seed charging or other purposes. They do not look especially 
neat or “scientific”, but they do function. 
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I) Accumulators should be kept where fresh air can cir- 
culate, The door or lid to the accumulator should also be kept 
partly open when not in use. Its interior may be kept fresh 
and sparkling by keeping an open basin of water sitting in- 
side when not in use. Periodically wipe the interior and ex- 
terior clean with a damp cloth. 

J) Larger accumulators used by humans or farm ani- 
mals are best kept outdoors under a sheltered area, where 
rain will not fall on it. Good air circulation and sunlight 
will assist with the accumulation affect. The best location 
for accumulator research would be inside a large wooden 
barn in the countryside, away from all kinds of electrical 
transmission lines, electromagnetic devices, and nuclear 
facilities. This finding on the best environment for the life 
energy is in full agreement with more recent findings on 
house ecology, wherein a constructed habitat is critically re- 
viewed for toxic effects upon its inhabitants. See the 
“Warnings and Dangers” chapter for more details. 

K) The accumulator will not develop a strong charge 
during wet, rainy weather. On such days, the orgone charge 
at the Earth’s surface is very low, most of it being taken up 
into the storm clouds overhead or at a distance. The strong- 
est orgone charge is found in the accumulator on clear, sun- 
ny days, when the orgone charge at the Earth's surface is 
also quite strong. 

L) Orgone accumulators used at higher altitudes tend to 
yield stronger charges than at lower altitudes; lower lati- 
tudes may yield stronger charges than higher latitudes; low- 
er humidity atmospheres tend to yield stronger charges than 
higher humidity atmospheres. Periods with many sunspots 
and solar flares coincide with periods of stronger orgone 
charge, as compared to periods with few sunspots and flares. 
Alignments between the Earth, Sun and Moon, during full 
and new moon periods, appears to yield a stronger, more ex- 
cited charge in the atmosphere, and within the accumulator. 

M) If you run a controlled experiment with the accumu- 
lator, do not place any relevant instruments immediately 
adjacent to it. Remember that the accumulator has an ener- 
gy field, and will partially influence nearby objects in a 
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manner similar to those kept inside it. The electrical or 
electromagnetic fields of various instruments might also 
disturb or otherwise affect an accumulator, making this 
caution doubly important for the research scientist. 

N) Do not use any household electrical appliances con- 
nected to a wall plug inside or near to the accumulator. Nei- 
ther should portable computers, TV sets, or other radiating 
devices be used. These will disturb the energy inside. The 
interior metal walls also conduct electricity, and there may 
be a danger of electrical shock. For human-sized accumula- 
tors, use a battery powered reading lamp if light is desired, 
or place a strong lamp just outside the door opening. Many 
people use such a light to read a book while sitting inside. 
Radio receivers do not appear to have a negative effect if 
used in the room, but the effects of “walkman” type headsets 
inside the accumulator are unknown. 

O) For experimental accumulators, realize that any or- 
ganic or moisture-bearing materials which are placed in- 
side will absorb the orgone charge. Do not unnecessarily 
store or bring items inside an accumulator. 

P) For human sized accumulators, one wishes the exter- 
ior walls to be no more than 2 to 4 inches from the skin sur- 
face. When sitting inside, it is best to partially or completely 
disrobe, as heavy clothing will interfere with absorption of 
the orgone radiation. A wooden chair or bench may be used 
as dry lumber is a relatively poor absorber of the orgone. 
Metal chairs are also OK, but may be uncomfortably cold to 
sit on. 

Q) NOTE: A too-frequent or too-long use of the accumu- 
lator may lead to symptoms of overcharge, such as pressure 
in the head, slight nausea, general ill-feelings or dizziness. 
In such a case, leave the accumulator immediately and rest 
in the fresh air for a moment. Such symptoms will go away 
in a few minutes. However, Reich warned persons with a 
history of overcharged biopathies to use the accumulator only 
with caution, and then only for shorter periods. These over- 
charged biopathies include: hypertension, decompensated 
heart diseases, brain tumors, arteriosclerosis, glaucoma, 
epilepsy, heavy obesity, apoplexia, skin inflammations, and 
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conjunctivitis. 

R) The question of “how much is enough” is related to 
one’s own energy level, and is primarily a subjective deter- 
mination, different for each individual. No one ever tells 
you how much water to drink to quench a thirst. You simply 
drink until you have the feeling of “having enough”. The 
same is true regarding the use of the accumulator. When 
you have the feeling of “enough”, then get out. With most peo- 
ple, this will be sometime after they have reached the point 
where their own energy field is gently luminating, or glow- 
ing with a warm excitement at their skin surface, and after 
sweating has commenced, If you are unsure about these 
kinds of feelings, be patient, as with some people, it may re- 
quire many sessions before they ¢an really feel the energetic 
effects. A good rule of thumb is to limit the sitting period to 
no longer than about 30 to 45 minutes. It may be used more 
than once a day, however. One should not attempt to “nap” 
inside for prolonged periods. Additional information on 
these biveffects is given in the chapter on “Physiological and 
Biomedical Effects”. 

8) The qualitative state of the orgone, as well as its abso- 
lute charge, are constantly varying at any given location on 
the Earth’s surface. Weather cycles cause the accumulator to 
vary its charge, and toxic environmental conditions 
(oranur and dor, see below) may periodically or chronically 
contaminate the accumulator, making its use potentially 
unsafe. Experimental use of the accumulator therefore de- 
mands that one learn about weather cycles and other envi- 
ronmental factors. 
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8. Warnings and Dangers: 
The Effects of Oranur and Dor 


A common problem with use of the accumulator is the 
difficulty in finding an energetically clean environment 
in which to use it. The orgone energy in thé atmosphere is 
very sensitive to certain kinds of disturbance and agitation. 
Much in the manner of living protoplasm, orgone energy 
can be excited or irritated, and certain environmental in- 
fluences can drive it towards a toxic condition. If the ener- 
getic atmosphere in your home or neighborhood has been 
made toxic in this manner, use of an accumulator is disad- 
vised, or advised only with great caution, as it will be very 
difficult to accumulate anything except a toxic charge. 

For example, orgone accumulators, particularly those 
intended for biological experiments or human use, should 
never be used in rooms with the following orgone-irritating 
devices: 


electric blankets (even if only plugged in, and off) 

diathermy, x-ray machines 

sparking electric motors 

induction devices or coils 

other electromagnetic devices 

ionization-type radioactive smoke detectors 

clocks, wristwatches, or other devices containing 
radioactive, glow-in-the-dark materials 
(phospholuminescent materials, which work on the 
principle of absorbed visible light, are OK) 

other radioactive materials, or strong chemical fumes 
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Orgone accumulators should not be used even in the 
same buildings where the more powerful of the above kinds 
of devices (such as x-ray machines) are used, or were re- 
cently used. Experiments by Reich, and more recently by 
others in large German hospitals, have demonstrated that x- 
ray equipment will destroy the life-enhancing effects of the 
orgone radiation. Additionally, there is a persistence effect, 
wherein toxic energetic conditions remain for a time after 
the irritating devices are shut down and removed from a 
room or building. Orgone accumulators should likewise not 
be used in the immediate neighborhoods or vicinities where 
the following facilities are located: 





airport radar systems 
cellular telephone or microwave relay towers 
very high-tension power lines 
AM, FM, or TV broadcast towers 
nuclear power plants, storage facilities, 
or nuclear waste dumps 
military installations with nuclear bomb storage 
past or present nuclear bomb testing areas 


Reich and others associated with him made warnings 
about these devices in the 1940s and 1950s, but only today do 
we see epidemiological studies corroborating their life- 

negative effects. Part of this problem has hinged upon the 
difficulty that, by simply demonstrating a correlation be- 
tween two events, you do not prove causality. One has to show 
or demonstrate just what the mechanism is, and objectively 
demonstrate each step between the two correlated events, be- 
fore cause and effect are proven. This is in most cases a very 
wise policy, but it is very unevenly applied in the world of the 
‘sciences. Orthodox theorems are rarely subjected to valid 
critical review based upon their failures to meet this strict 
criteria (eg, “bad genes”, “viruses”, etc.), while unorthodox 
theories are denied funding or simply thrown out or repre- 
ssed for whatever weaknesses they may have. Industrial 
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polluters may also raise this issue to avoid taking respon- 
sibility for the environmental damage they have done. 

Regarding energetic questions, according to the best 
calculations of the physical scientists, low-level radiation 
ought not to have a deleterious effect upon the living sys- 
tem. The energy present in the low-level radiation, as de- 
tected with conventional radiation detection instruments, 
is simply not sufficient to do significant damage. And yet, 
the damage occurs. I emphasize the concern about 
“conventional radiation detection instruments”, because a 
major fallacy of physics is that if an instrument does not 
measure an environmental disturbance, then no distur- 
bance has occurred. The error here lies in the false as- 
sumption that their energy detection instruments must be 
detecting 100% of any disturbance. This unprovable as- 
sumption is, of course, challenged by biclogical or epidemi- 
ological evidence which demonstrates that an effect does 
exist. There is furthermore a great distrust of the body in 
the modern sciences, in that average people who are made 
sick by our modern energy radiating devices often are not 
believed, or are viewed suspiciously, 

It is precisely here that Reich’s findings on the orgone 
energy provide a clarification, as the life energy (and dis- 
turbances within it) cannot be detected with ordinary nucle- 
ar or electromagnetic sensing instruments. One has to 
modify the instrument to pick it up, or use entirely differ- 
ent methods. The orgone is also an interconnecting energy 
continuum, which provides a connection between the of- 
fending facility or appliance (nuclear plant, microwave 
tower, fluorescent light, TV set) and the living creature 
that is affected. As the local orgone energy field of the 
Earth, or the energy field of a home is badly disturbed and 
agitated by these devices, so too does the orgone energy 
field of a person in that environment become disturbed, 

Modern physics partly acknowledges these connections, 
in that all nuclear bombs, nuclear reactors, and related fa- 
cilities are said to radiate unshieldable, undetectable, theo- 
retical neutrinos in tremendous quantities. These neutri- 
nos race out from the facilities, penetrating all forms of ra- 
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be done only on a very crisp, clear, and sparkling day, when 
the orgone charge at the Earth’s surface, and in the accumu- 
lator, is quite strong and lively. Otherwise, charging may 
have to take place for slightly longer periods. Also note that 
seeds can be overcharged; attempts at charging seeds for 30 
days or more often result in little difference between con- 
trols and charged seedlings, or even stunted growth. 

E) Orgone Charging of Potted Plants: This can be done 
by charging up seeds prior to planting, as discussed above, or 
by charging up soil or water before using. One can also 
make a “wrap around” accumulator, using a metal can with 
the ends removed, and plastic and steel wool layers wrapped 
around the outside, Be sure that the final outside layer of 
plastic is fairly thick, and do not use aluminum materials. 
Leave the steel wool in a fluffy condition; don't compress it. 

: The life-positive 
effects of the accumulator may also be observed i in the way it 
enhances seed sprouting. Build an accumulator to house 
your seed sprouting apparatus. Store one sprout container in 
a darkened area away from the orgone accumulator, and 
another inside the darkened orgone accumulator. Make 
sure the temperature, ventilation, and light exposure of the 
two groups is identical and, once again, keep both groups 
away from oranur-producing devices. Measure the quantity 
of seeds going into each container, and make sure the quan- 
tity of water in each is about the same. Observe and record 
any subsequent differences in growth and taste. The accu- 
mulator group should have a greater growth and yield. 

G) Laboratory Seed Sprouting Experiments: Obtain two 
small shallow glass dishes with a flat bottom, or two shallow 
glass laboratory culture dishes, about 4" diameter with a 1" 
lip. Into each dish place around 20 or 30 dry mung beans, to 
form a single layer of beans on the bottom of the dish. Add a 
measured quantity of water to each dish, which only halfway 
covers up the beans. The tops of the beans should remain ex- 
posed to the air, while the bottoms are wet, Place one dish of 
beans into a small but strong orgone accumulator, and the 
other dish into a control wood or cardboard enclosure of sim- 
ilar dimensions, but with no metals. Cover both the accumu- 
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lator and control enclosure with a layer of black plastic, to 
seal them against any intruding light. Place the enclosures 
in a well-ventilated area, of equal temperature, and out of 
the direct sunlight. The enclosures should be in nearly iden- 
tical environments with respect to light and temperature, but 
not placed closer to each other than about a meter. Again, no 
oranur-producing devices should be nearby. Each day, open 
the enclosures up and add as much water as is needed to keep 
the bean dishes wet to approximately the same height as orig- 
inally was necessary to cover the beans halfway. If one dish 
begins to grow more quickly it will require more water, and 
this should be provided on demand. After one of the dishes of 
sprouts has reached about 4” high, record your observations 
of germination rate, length or weight of sprouts, general ap- 
pearance, and other characteristics. Contrast the two groups. 
The accumulator group should have a greater growth and 
germination rate. 


154 Frequency Distribution of Mung Bean Sprout Lengths 


— % controls 
— %1+10 ply 


10 





Contrast of mung bean sprout lengths between a group 
sprouted inside an orgone accumulator, and a group sprout- 
ed inside a control enclosure. (from DeMeo, J.: “Seed 
Sprouting Inside the Orgone Accumulator”, J. Orgonomy, 
12:253-258, 1978) 
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Free Energy From Air Circuit 


(c) VoltsXAmps. com, —— 





Last year | found a United States Patent that showed how to collect ambient energy right from the air. | finally decided to build 
this curcuit just to see what it could do. 
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H) Passive Life Energy Photographs: Orgone energy 
field photographs can be made in a manner similar to that 
used to make Kirlian electrophotos, except that no electricity 
is needed. The techniques given here were developed by 
Thelma Moss, who pioneered the techniques of energy field 
electrophotography. From Dr, Moss’ descriptions, you will 
need either a darkroom and photo lab, or access to a camera 
shop which can develop individual sheets of photo print pa- 
per. First, obtain some light-sensitive color or black and 
white print paper, making sure you do not open the package 
except in complete darkness. Obtain also a separate, empty, 
light-tight film box in which you can run your experiments. 
While in the dark, remove a piece of film paper and place it 
on the bottom of the empty film box. On top of the sheet of film, 
place a flower bud, leaf, piece of fruit, sprouting seedling, 
magnet, or other energized, living, or once-living object. 
Close the box and wrap it completely inside an orgone ener- 
gy blanket, or place it inside a strong orgone accumulator. 
Make sure the film box is light-tight; cover it and the blanket 
with black plastic, or otherwise insure that no outside light 
will reach the film. Wait a day or two, or up to a week, and 
then develop the photo paper. You should see exposure pat- 
terns on the film that have radiated from the object you used 
in the experiment. Try different exposure times and film 
types; remember that on rainy days, the orgone charge is 
weaker and may take longer to expose the film. Make note of 
weather conditions during the trials. These photos should 
yield patterns similar to those seen on Kirlian electrophoto- 
graphs, except that here, no electrical field was introduced. 
These are 100% life energy photographs, orgone-enhanced 
and directly recorded on film, 

1) The Accumulator Temperature Differential Effect: 
Reich demonstrated that the warm glow felt inside the accu- 
mutator possessed an objective aspect which could be meas- 
ured with a sensitive thermometer, An air-tight orgone ac- 
cumulator will spontaneously warm up the air inside itself 
by a few tenths of a degree, up to several degrees. This tem- 
perature increase will make the accumulator interior 
slightly warmer than the surrounding air temperature, or 
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use a sheet metal lining only in aceumu- 
lator 


The To-T Experiment: The orgone accumulator (right) 
and control (left) must be matched as closely as possible with 
respect to size, ventilation, and thermal dynamics for quan- 
titative orgone energy experiments. The interior and exteri- 
or of the control enclosure should be the same size and di- 
mensions as the accumulator, with identical lid dimen- 
sions. However, sheet metal and steel wool should not be 
used in the control enclosure. While metals are used in con- 
struction of the accumulator, they are strictly excluded from 
construction of the control. In the control, additional plastic 
or fibreglass layering is used in the place of steel wool. The 
thermal resistance and heat capacity must be as closely 
matched as possible. A similar set of environmental condi- 
tions must also be maintained for the two enclosures. 
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the air temperature inside a thermally-balanced control en- 
closure which does not use metals in its construction, This 
experiment, called the To-T (temperature in the orgone ac- 
cumulator minus temperature of the control) was considered 
by Reich to be a proof of the orgone energy, and a violation of 
the second law of thermodynamics. Albert Einstein once 
replicated the experiment and called it a “bomb in physics”; 
a fascinating booklet titled The Einstein Affair documents 
the correspondence between Reich and Einstein on the mat- 
ter. A definitive evaluation of the To-T experiment requires 
the construction of thermally balanced accumulator and 
control enclosures, careful monitoring of weather and enyi- 
ronmental temperatures, sensitive thermometers capable of 
recording down to tenths of a degree, and prolonged syste- 
matic measurements. Those who wish to reproduce this ex- 
periment should consult the published reports given in the 
reference section for details. It is an area ripe for innovative 
investigation, and I strongly encourage the experimentalist 
to carefully seek out this effect. 

J) The Accumulator Electrostatic Effects: Obtain or 
build a simple aluminum or gold leaf static electroscope. If 
you do not know what this is, instructions can be found in a 
good library. Make sure that the electroscope is calibrated 
with degree markings, from 0 to 90, such that its degree of de- 
flection can be accurately measured. By running a plastic 
rod or comb through your dry hair, you can gather a signifi- 
cant static electrical charge and transfer it to the electro- 
scope. Using a stopwatch, or a watch with a second hand, de- 
termine how long it takes for the electroscope to slowly lose 
its charge into the air, through a predetermined deflection 
angle. For example, you want to know how long it will take 
for the electroscope to discharge from a 50 to a 30 degree an- 
gle. You therefore should charge the electroscope up to a de- 
flection angle greater than 50 degrees, waiting until it dis- 
charges to the 50 degree mark. Once this happens, you can 
count the number of elapsed seconds that pass until it reaches 
30 degrees. The time elapsed is the electroscopical discharge 
rate. On sunny days, the discharge rate will be quite slow, 
while on rainy days, the discharge rate will be very quick, 
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so quick that you might not even be able to measure it. If you 
time the electroscopical discharge rate inside an orgone ac- 
cumulator, you will find that it takes a longer time to dis- 
charge in the accumulator than in the open air. The differ- 
ence between the discharge rate inside the accumulator, and 
the discharge rate in the open air, is called the electroscopi- 
cal discharge rate differential. This differential will be 
large on clear, sunny days, and minimal or zero on rainy 
overcast days. On rare occasions, an electroscope that is 
only weakly charged, or even completely discharged, may-- 
if allowed to soak inside an orgone accumulator-- 
spontaneously charge itself up to a higher level. All of these 
effects will vanish on rainy, overcast days. For more de- 
tails, see the citations in the “Reference” section. 
K) : : 


This experiment requires a sensitive weighing scale that 
can measure to fractions of a gram. It also requires an accu- 
mulator and a thermally-balanced control enclosure of sim- 
jlar dimensions. For this control, do not use water-absorbent 
materials in the interior; instead, line the interior of the 
control with a non-metallic waterproofing material, such as 
plastic, enamel or varnish. Obtain and weigh two small, 
identically shaped and sized glass dishes of about 4” diame- 
ter and 1" high. Weight the dishes when empty, clean and 
dry. Next, add identical quantities of water to each vessel, 
filling them about halfway, and weigh again, calculating 
via subtraction the weight of water in each dish. Place one 
vessel of water inside the orgone accumulator, elevated on a 
small wood block, such that the bottom of the dish does not 
come into direct contact with the metal interior of the accu- 
mulator. The lid of the accumulator should be shut, but fixed 
open with a crack such that air may circulate. It should not 
be placed in a windy or sunlit area, however. Place the sec- 
ond vessel of water inside the control enclosure in a similar 
manner, on an identical wood block, and also prop its lid 
open. Place it in a location at least a meter away from the or- 
gone accumulator, but with similar light, temperature, and 
wind characteristics. You may wish to drape a piece of black 
plastic over both the aceumulator and control, in order to 
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— 1 ply orac 


Grams of Water per Day 





| September October 1976 
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om RAIN 


Water Evaporation Curve, EVo-EV: The curves identify 
the amount of water evaporated each day from a one cubic 
foot, ten ply orgone accumulator, and a similar one ply ac- 
cumulator, minus the amount evaporated from a control en- 
closure. As the accumulator builds up its charge on clear, 
sunny days, it suppresses the evaporation of water inside it- 

. self. The control enclosure, however continues to evaporate 

moisture at a relatively high rate, up to several grams per 

|| day more than the accumulator, On wet, stormy days, the ef- 

| fect vanishes as orgone charge is lost at the Earth’s surface, 

being taken up into the stormclouds. Disturbances in the 

regularity of the curve may also occur, such as (above) when 

radioactive fallout arrived at the laboratory site causing the 

| accumulator to go temporarily “dead”. (from DeMeo, J.: 

“Water Evaporation Inside the Orgone Accumulator”, J. 
Orgonomy, 14:171-175, 1980) 
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contro] for slight differences in light. Wait exactly 24 hours 
and remove the dishes of water, being careful not to spill 
any. Carefully weigh the dishes and compute the evaporative 
loss for the 24 hour period. Make this measurement once per 
day, preferably in the late evening, such that you can deéter- 
mine the amount of water evaporated each day from each 
container. You should find that the control enclosure evapo- 
rates significantly more moisture on clear, sunny days, 
when the accumulator suppresses water evaporation. On 
rainy days, when the accumulator no longer builds up a 
charge, the evaporation in the accumulator and control will 
be nearly identical. Subtract the quantity of water evaporat- 
ed in the orgone accumulator from the quantity evaporated 
in the control for each 24 hour period. This quantity, called 
EVo-EV, will reveal the changing quantity of orgone energy 
charge in the local atmosphere, and in the accumulator. The 
evaporative values on any one day are less interesting than 
the dynamic manner in which the evaporation differential 
increases and decreases, according to the orgone energy 
charge at the Harth’s surface. 
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14. Questions and Answers 


- Q: If the orgone energy really exists, why don't we hear 
about it from scientists working in the universities? 

A: Scientists working in the universities and research 
institutions have engaged in verifying research on the 
bions, orgone accumulator, and cloudbuster, and on the bioe- 
lectrical aspects of life, which Reich also pioneered. For ex- 
ample, Dr. James DeMeo, author of this Handbook, did re- 
search on the weather-related aspects of Reich’s discoveries 
while he was a graduate student and Instructor at the Uni- 
versity of Kansas. He continued with that research while a 
member of the faculty at Illinois State University and the 
University of Miami. Mischenich and Gebauer, of the Uni- 
versity of Marburg in West Germany, recently completed a 
double-blind, controlled study on the physiological effects of 
the orgone accumulator on humans. Other scholars with a 
research or historical interest in the works of Wilhelm 
Reich have held positions at Harvard University, Temple 
University, the State University of New York, York Univer- 
sity, McGill University, and elsewhere. Other research sci- 
entists have repeatedly verified and confirmed Reich’s 
findings, Workshops and courses devoted to his works are 
now held at a few colleges and universities in the USA. Non- 
etheless, the history of science repeatedly shows that large 
institutions do not easily accommodate innovative research 
which may force radical changes in the major theories of 
science. 


- @: Can an accumulator be used during wet or cloudy 
weather? 

A: Use of an accumulator during wet weather condi- 
tions will not be harmful, but it will be less effective, as the 
charge is significantly lower or absent at those times. It is 
best to use it during clear and sunny weather, when the at- 
mospheric orgone energy continuum is strong and expan- 
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sive, and the charge at the Earth’s surface is greater. 


- Q: These accumulating devices are quite simple to con- 
struct. Aren't a lot of them accidentally constructed? 

A: A lot of “accumulators” are being constructed, with- 
out knowledge of the people involved. Every mobile home or 
house with a metal skin or side paneling will accumulate a 
charge, and a toxic one if aluminum is used. Oranur, and 
other toxic effects appear to readily occur in such houses, 
which are filled with all the modern orgone disturbing elec- 
tromagnetic appliances, such as TV sets, microwave ovens, 
fluorescent lights, and so forth. Epidemiological studies that 
would address these general observations have never been 
performed. 


- Q: I have an old styrofoam beverage cooler. Can I line 
| it with aluminum fotl and make an accumulator? 

A: You can try this, but don’t expect any firm results un- 
less you comprehend and take into consideration virtually 
all of the procedures and warnings given in this Handbook. 
Styrofoam and aluminum are life-negative accumulating 
materials. If you run a biological experiment, you may 
wind up demonstrating only a life negative effect. For the 
scientist interested in orgone energy, these considerations 
are even more crucial and cannot be ignored. 





- Q: My accumulator gave very good charge the first 
months when it was in use, but now does not yield a good 
charge any more. Why is this? 

A; It is likely that the accumulator has been contami- 
nated with dor. Some researchers have noted this effect, 
where the accumulator goes temporarily “dead”, and hence 
keep their accumulators outdoors, sheltered from rain, but in 
the fresh air, with the lids or doors open so that air can circu- 
late inside quite freely. You may be able to refresh a “dead” 
accumulator by wiping it inside and out with a damp cloth, 
every day for a week or so. Also, keep a bow! of water, or a 
draw bucket with draw tubes, inside it when it is not in use. 
Change the water in this bucket every day, Also, be certain 


105 























James DeMeo 


that the accumulator is not near any of the oranur-producing 
devices previously identified, and that your neighborhood is 
as oranur-free as possible, The accumulator can also be 
sun-charged, by allowing it to sit in the direct sunlight for a 
few days. These steps should eliminate any dorish tenden- 
cies, and “rekindle” the charge. 


- Q: I have heard that sitting inside an accumulator will 
make a person more sexually potent. Is this true? 

A: This is mostly a false rumor propagated by Reich’s 
enemies, who wrote smear articles in the 1940s and 1950s 
that branded Reich a lunatic, the accumulator a “sex box", 
and put false words into his mouth about the ability of the ac- 
cumulator to restore lost sexual potency. However, Reich 
never made such a claim; in fact, he continually stressed 
the emotional and psychological foundations of sexual dys- 
function, which could not be touched by treatment in an accu- 
mulator. 


- Q: Is the orgone energy accumulator legal? Can I get in 
trouble with the law for building or using one? 

A: There is no law against orgone energy, or the orgone 
energy accumulator. You may build, own, and use the blan- 
ket or accumulator in your own home, or elsewhere, as you 
choose. It can also be legally used for the self-treatment of 
any health-related condition, just as you can make very be- 
neficial soups, purchase vitamins, or take soaking baths, 
without asking a doctor or the police. Understand, however, 
that forces within the medical community, pharmaceutical 
industry, and government are hard at work to make it ille- 
gal for you to do these things. If you are concerned about pro- 
tecting your health freedoms, you should join forces with 
those social organizations that are working to preserve or 
extend those freedoms. The price of liberty is eternal vigi- 
lance! 
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The above images are from the circuit | built. Most of the text and info comes direct from the US4628299filed by Joseph Tate. 
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The Amazing Ambient Power Module 
Parts List for the APM-2 


Four 1N34 germanium diodes (Radio shack #276-1123) ~ Figure 1, X1, X2, X3, & X4 
Two 0.2 mfd 50 V ceramic capacitors ~ Figure 1, Cl & C2 

Two 100 mfd 50V electrolytic capacitors (Radio Shack #272-1016) ~ Figure 1, C3 & C4 
Copper wire for antenna & ground connections 


Introduction 


The Ambient Power Module (APM) is a simple electronic circuit which, when connected to antenna and earth ground, will 
deliver low voltage up to several milliwatts. The amount of voltage and power will be determined by local radio noise levels 
and antenna dimensions 


Generally a long wire antenna about 100' long and elevated in a horizontal position about 30' above ground works best. A 
longer antenna may be required in some locations. Any type copper wire, insulated or not, may be used for the antenna. More 
details about the antenna and ground will be discussed further on. 


The actual circuit consists of two oppositely polarized voltage doublers (Figure 1). The DC output of each doubler is connected 
in series with the other to maximize voltage without using transformers. Single voltage doublers were often found in older TV 
sets for converting 120 VAC to 240 VDC. In the TV circuit the operating frequency is 60 Hz. 


FIG. 1 
APM-2 SCHEMATIC DIAGRAM 
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15. Construction of a 2-Ply 
Orgone Energy Blanket 


The orgone energy blanket is the most simple to con- 
struct of all the orgone charging and accumulating devices. 
They can be made at any size, and can be easily transported. 
You can use small ones while resting, or place large ones 
under and over a person who is immobilized in a bed. Like a 
standard accumulator, orgone blankets are not meant to be 
used for any prolonged period, though one can rest or nap 
with one if there is a need, In my experience, people will, 
even when sleeping, push off an uncomfortable orgone blan- 
ket just as they would a regular blanket. The following steps 
tell how to make an orgone energy blanket with final di- 
mensions of 2° by 2’. 


A) Obtain enough 100% wool fabric, or acrylic felt, to 
make three 2’ x 2' squares. Also obtain several pack- 
ages of very fine (“000 or “0000”) steel wool pads. 


B) Lay a 2’ x 2' piece of fabric on a flat surface. Cover the 
exposed top surface of this fabric with a layer of steel 
wool, from unwrapped steel wool pads. Spread the 
steel wool out, so that it is not too thick. You should be 
He to see parts of the underlying fabric here and 
there. 


C) On top of the steel wool, lay another 2’ x 2’ piece of fab- 
ric. 


D) Cover the exposed top surface of this second fabric 
piece with another layer of steel wool. 


E) Finish with another 2’ x 2’ piece of fabric, placed on 
top of the last steel wool layer. You now should have 
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Spread steel wool loosely on section of cloth. Trim 
edges as shown. 








Rolls of steel wool can be purchased from manufacturers, 
or common steel wool pads, of “000” or “0000” grade, can be 
obtained at most hardware or paint stores. 
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Particle masks should be worn during construction to 
avoid breathing fine steel dust. 
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A functional orgone accumulating blanket showing the 
alternating layers of steel wool and cloth, 








111 





James DeMeo 











Finish off your blanket with a trim to keep everything to- 
gether. Several quilt-stitches should be added to keep the in- 
sides from shifting around, 








Q) 


H) 
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three pieces of fabric, with two layers of steel wool 
sandwiched in between. 


Trim, stitch, and finish the borders, according to 
your own tastes and sewing skills. 


Keep and use the blanket in an environment similar 
to that advised for a regular accumulator, away from 
any TV sets, microwave ovens, fluorescent lights, or 
other electromagnetic or radioactive gadgets. Never 
use an orgone blanket with an electric blanket. It 
can be stored on a hangar in the open air, or even in- 
side a larger accumulator for greater charging. 


Do not ever wash or dry clean your orgone blanket, 
as the steel wool will rust! Spot clean only with a 
slightly damp sponge. 


Reich once made very heavy orgone blankets, com- 
posed of galvanized steel wire mesh, and alternating 
layers of wool and steel wool. While these work quite 
well, I find them to be uncomfortable and difficult to 
use. They do not appear to be any more effective than 
the simple design given here. 
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16. Construction of a 5-Ply 
Garden Seed Charger; The 
“Coffee Can” Accumulator 


One can make a simple garden seed charger from a 
cleaned food container can or coffee can, using additional 
steel wool and fabric materials. 


A) 


B) 


C) 


D) 


E) 


Empty a large coffee can or other steel or steel/tin 
food container (no aluminum!), clean it, remove all 
labels, and dry thoroughly. Make sure you save the 
cut-out metal lid, or make a replacement from anoth- 
er can, or from galvanized steel sheet metal. Use a 
can large enough to hold all the seeds you will be 
charging. 


Obtain several yards of good 100% wool, or acrylic 
felt fabric. You will need enough fabric to go around 
the can about 5 times, plus enough for 5 round top 
pieces, and 5 similar bottom pieces. 


Purchase several packages of very fine grade (“000" 
or “0000") steel wool. You will need enough un- 
wrapped steel wool to cover an area equal to that of the 
fabric. Again, unwrap the steel wool pads as you 
need them, and spread it out. 


Cut the fabric into a very long strip which is as wide 
as the can is tall. The length of this long strip should 
be about 6 times the circumference of the can. As you 
may not have a single strip of fabric this long. You 
can splice several pieces together. 


Lay the long fabric strip out flat, and spread a thin 


layer of steel wool on top of it. Lay the empty can on 
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one end of the steel wool/fabric strip and roll the can 
up inside the strip. Stop when the strip has been 
wrapped around the can about five times or more. 
Add a final layer of fabric to the outside, and stitch or 
tape it in place so that it will not unravel. 





F) Measure the diameter across the top of the can, in- 
cluding the wrappings of fabric and steel wool. Cut 
out 10 circles of fabric material of this same diame- 
ter, 5 for the top, 5 for the bottom. 


G) Sandwich steel wool between the fabric circles such 
that you have 4 layers of steel wool between 5 layers of 
fabric. Make two of these fabric/steel wool sandwich- 
es, one of which will be used to cover the bottom of the 
can, and the other for the top. 





H) Take the metal disk cut from the top of the can and 
file smooth any jagged edges. Punch two small nail 
holes near the center, about 1/4" apart. Using a heavy 
upholstery or knitting needle, thread some heavy 
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twine, wire, or yarn through the center of one of the 
steel wool/fabric sandwiches, and bring the twine 
through the holes in the metal can lid. Secure the can 
lid to the center of the steel wool/fabric sandwich. 
The steel wool/fabric sandwich should be about 2" 
wider in diameter than the metal can lid. 





I) Using heavy thread, loosely stitch together the edges of 
the top stee! wool/fabric sandwich (the one sewn to the 
metal can lid). Also loosely stitch the edges of the bot- 
tom steel wool/fabric sandwich together, and sew it to 
the bottom edge of the stee! wool/fabric strip, wound 
around the can. Except for the top opening, the metal 
can should now be encased in the steel wool/fabric 
material. 


J) Find a heavy pillowcase, laundry bag, or other larger 
cylindrical non-metallic container in which to keep 
the entire charger. Or, if you are good with a needle 
and thread, stitch together your own fabric cover for 
the charger. The main thing is that the outer layer of 
fabric, and any open ends of fabric showing pieces of 
steel wool, should not be subject to “knocking about” 
or moisture, such that it starts to fall apart or rust, 


K) Review the section on seed charging, in the “Simple 
Experiments” chapter for instructions and addition- 
al ideas on the use of your charger. Or, as an alter- 
native to constructing this accumulator, you could 
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store your seeds inside a large metal cookie tin 
which would then be wrapped up inside the multiple 
folds of a very large orgone blanket, or be stashed in- 
side one of the other, larger accumulators. Just real- 
ize that the greater the number of plys, and the great- 
er the absolute quantity of materials going into the 
construction of the accumulator “pile”, the stronger 
will be the charge. At the author’s laboratory, for 
instance, the small 5- ply coffee can charger is stored 
inside the 10-ply, one-cubic foot accumulator, which 
in turn is stored inside the 3-ply large accumulator. 
This is a total of 18 plys, and yields a charge which is 
readily sensible. 
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The APM operates at radio frequencies, receiving most of its power from below 1 MHz. The basic circuit may be combined with 
a variety of voltage regulation schemes, some of which are shown in Figure 2. Using the APM-2 to charge small NiCad 
batteries provides effective voltage regulation as well as convenient electrical storage. This is accomplished by connecting the 
APM-2 as shown in Figure 2B. 


VOLTAGE REGULATORS 
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Charging lead acid batteries is not practical because their internal leakage is too high for the APM to keep up with. Similarly, 
this system will not provide enough power for incandescent lights except in areas of very high radio noise. 


It can be used to power small electronic devices with CMOS circuitry, like clocks and calculators. Smoke alarms and low 
voltage LEDs also can be powered by the APM. 


Figure 3 is a characteristic APM power curve measured using various loads from 0-19 kOhm. This unit was operating from a 
100' horizontal wire about 25' high in Sausalito CA. As can be seen from the plot, power drops rapidly as the load resistance 
decrease from 2 kOhm. This means that low voltage, high impedance devices, like digital clocks, calculators and smoke 
alarms are the most likely applications for this power source. Some applications are shown in Figures 4 through 7. 


page 3/14 











James DeMeo 


17. Construction of a 10-Ply 
Orgone Energy Accumulator 


A very powerful, one-cubic foot, 10-ply accumulator can 
be made following the instructions below. 


A) 


B) 


C) 


Cut six galvanized steel, 27 gauge sheet metal 
squares, measuring 1’ x 1'. Use heavy tape, on the 
outer metal walls only, to construct a metal cube. 
Leave the top of the cube open, and do not tape it into 
place. The interior of the cube should remain bare 
metal, without any tape showing. 


Use very fine (“000” or “0000") steel wool, and heavy 
clear plastic acrylic carpet protector material for 
construction of the plys. The clear plastic carpet pro- 
tector is the same material used in model homes to 
protect carpets from wear, and is often sold on rolls 
in hardware and department stores. It is not cheap, 
but works very well. The clear plastic carpet runner 
should have rows of small tips on the side which nor- 
mally faces down on the carpet; these tips work very 
nicely for holding the steel wool in place. Celotex 
(soundboard) should be used for the final outer layer, 
with wood corner strips. The final outer celotex may 
additionally be coated with bees wax and/or shellac 
to increase charging. 


Ten alternating layers of plastic and steel wool 
roughly measure 2" in thickness. This being the 
case, you should construct the outer celotex casing in 
the shape of a cube, the interior dimensions of which 
will be 16" x 16" x 16". Cut six celotex panels with the 
following dimensions: 





Celotex Panels: 


D) 


E) 


F) 
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top: 17" x17" 
bottom: 17" x17" 
2sides: 17" x 16" 
2 sides: 16” x16" 





Use small nails and glue to fasten five of the six celo- 
tex panels together, to make a cube shape. Again, as 
with the metal box, do not attach the top. Add extra 
glue to the edges of the assembled celotex box, and al- 
low it to dry before proceeding. 


Using a mitre box, eut wood corner strips for the out- 
side edges of the celotex box. Nail and glue these 
wood corner strips to the celotex box for added 
strength, 


Cut 20 square pieces of plastic carpet runner, 16" x 
16". Put ten of these squares aside for later use. Lay 
the other ten squares one at. a time inside the bottom of 
the celotex box, tips facing up. In between each plastic 
square place a layer of steel wool, taken from un- 
wrapped steel wool pads. When finished, the top of the 
last plastic square will face upward in the bottom of 
the celotex box, and it should also be covered with 
steel wool. 
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G) Place the galvanized steel sheet metal cube inside the 


celotex box, on top of the ten plys of plastic and steel 
wool. If you have constructed the celotex box correct- 
ly, the top of the metal cube should be about 2” below 
the top of the celotex box, and a space of about 2” 
should exist between the sides of the metal cube and 
the interior sides of the celotex box. 


H) Cut 20 pieces of plastic, 12" x 16", and 20 more pieces, 


12" x 12". These will be used to fill the side spaces be- 
tween the metal cube and the celotex. Layer each 
plastic piece with steel wool, and stack into bunches 
of ten layers each. Do this on a flat surface before at- 
tempting to place them into a vertical position, in be- 
tween the celotex and metal boxes. 


I) Place the two stacks of 16" x 12" plastic/steel wool be- 


tween the celotex and metal cube, on opposite sides of 
the metal cube. An outer layer of plastic should lay 
against the inner wall of the celotex box, while an 
inner layer of steel wool should rest against the out- 
side of the metal box. The upper edge of the plastic 
should be nearly flush with the upper edge of the met- 
al cube, both of which should remain about 2" below 
the upper edize of the celotex box. 


J) Place the two stacks of 12" x 12" plastic/steel wool in 


the two remaining spaces between the celotex and 
metal cube, as given in the previous step. 


K) Take the 10 remaining pieces of 16" x 16" plastic car- 


L) 


pet runner and layer them with steel wool. Stack 
them up and set them aside. Unlike prior stacks, 
however, do not finish the final plastic layer with 
steel wool. 


Take the remaining square of galvanized sheet met- 
al, and drill or punch small holes in each corner, 
about 1/2" from each corner. The holes should be 
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A one-cubic foot, 10-ply accumulator with attached funnel. 
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large enough to accommodate a long but narrow 
screw, 


M) Find a rough wood or carpeted surface to work on. 


N) 


O) 














Lay the stack of plastic/steel wool squares on the last 
piece of celotex. Center it on the celotex; there should 
be about 1/2” of celotex appearing all around the 
stack. Now place the sheet metal square (with the 
holes) on top of the plastic/steel-wooV/celotex stack, 
and center it also. There should be about 2" of plastic 
extending beyond the edge of the metal square on 
each side. Use some masking tape to temporarily 
hold the celotex/plastic/steel stack together, 


Using an ice pick, carefully make four vertical holes 
through the plastic/steel wool stack, and through the 
celotex, using the corner holes in the sheet metal 
square as a guide. Do not use a drill, as the steel wool 
will spindle around the drill bit, 


Using four skinny bolts, along with nuts and LARGE 
washers, secure the metal square and plastic/steel 
wool stack against the celotex square. Use a bolt no 
longer than necessary, such that the bolt ends will 
not protrude significantly. When completed, this 
whole lid assembly should fit snugly on top of the ce- 
lotex box. The metal plate attached to the lid should 
closely, but not perfectly, align with the metal cube 
interior. With the lid in place, only bare metal 
should face to the interior of the accumulator. 


For handles, first firmly glue a flat, wide and long 
wood strip to two outer sides of the celotex cube, near to 
the top. When completely dry, serew wood or metal 
handles to these wood strips. A handle should also be 
attached to the upper, outer side of the lid assembly, 
using a similar support mechanism. The celotex is 
simply too lightweight to accept screws or nails 
alone. You may likewise install a hinge between the 





R) 
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lid assembly and the box, or coaster wheels to the 
bottom, but these are not necessary. 


For additional charging strength, the outer celotex 
walls may be coated with melted bees wax or paraf- 
fin (not really necessary), but in any case should 
be given several coats of protective natural shellac. 


For additional charging strength, store this cubical 
accumulator in the bottom part of a larger, human- 
sized accumulator, under the bench that you nor- 
mally sit upon. Be sure to maintain a clean and 
uncontaminated environment for your accumula- 
tor, as per the points given in the previous chapters. 
Prop the lid open when not in use, and store in a 
clean, dry place, without electromagnetic or nucle- 
ar contamination. 
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18. Construction of an Orgone 
Shooter Funnel 





The shooter funnel is similar to other accumulating 
devices, but has an open face allowing for external irradi- 
ation of objects. It is often connected to a larger box accu- 
mulator, but this is not absolutely necessary. 





A) Obtain a galvanized steel funnel with about 6” di- 
ameter at the large end, from a hardware, farm 
supply, or auto supply store. Auto supply stores 
sometimes sell these with a flexible metal hose al- 
ready attached, for dispensing oil into a car en- 
gine, and this may help in the later attachment to a 
box accumulator. 








B) Coat the outer metal surface of the funnel with a 

layer of melted bees-wax, or with strips of black 
plastic electrical tape, leaving exposed the bare met- 
| al surface of the funnel interior. 





C) If desired, the small “draining” end of the funnel 
can be attached to a 3/4" or 1" diameter length of 
hollow, flexible metal “greenfield BX” cable (use 
galvanized steel, not aluminum). The other end of 
the cable is then run into the interior of a small box 
accumulator, through a hole in its side or lid. Wrap 
the outer surface of the flexible metal cable with 
black-plastic electrical insulation tape. (See page 
121.) Your shooter funnel will then draw orgone 
down the cable to the funnel opening, increasing its 
radiating strength. Or, simply store the shooter 
funnel inside a box-type accumulator, to keep it 
charged up. 
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19. Construction of an Orgone 
Shooter Wand 


The shooter wand is a very simple means for demon- 
strating the subjective sensations of the orgone radiation, 
and also for irradiation of orgone energy into body cavities. 
Simply store the completed shooter wand inside a well main- 
tained accumulator, and remove it for use when necessary. 
Under relaxed conditions, most people can hold this wand in 
the hand, or place it on the solar plexus or upper lip, and 
readily feel the soft radiant glow of the orgone energy, 


A) Obtain a pyrex test tube of about 3/4” to 1" diameter, 
and 6" to 9" long, from a laboratory or medical sup- 
ply company. 


B) Fill the test tube full 
of fine grade (“000" 
or “0000") steel 
wool. Compress to a reasonable firmness. 





C) Seal the open end of the test tube with a rubber stopper, 
and tape it shut with plastic electrical tape. 


D) Place the shooter wand inside a small orgone accu- 
mulator for a period of several days or weeks before 
using. Keep it stored inside the accumulator in be- 
tween uses. 


E) If you use the shooter wand to irradiate the throat or 
other body cavities, or if the pyrex glass otherwise be- 
comes soiled, wipe the glass clean with isopropyl al- 
cohol prior to putting it back inside the accumulator, 
The wand should always be alcohol cleaned and air 
dried prior to being replaced into the accumulator for 
charging. 
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| 20. Construction of a Large 3-Ply 
Orgone Energy Accumulator 








| This accumulator is large enough to sit in, and is com- 
posed of 6 large rectangular panels. Each panel is made 
from a wood frame, galvanized steel sheet metal (27 gauge), 
steel wool, fibreglass (without aluminum backing), and ce- 
lotex (soundboard). One side of each wood frame is faced 
with galvanized steel, the other with celotex, and the three al- 
ternating layers of fibreglass and steel wool are sandwiched 
in between, 


A) First compute the size of the panels for an accumula- 
tor that will fit your personal needs, adding the ne- 
cessary dimensions for overlap between the various 
panels. The side panels and back panel should phys- 
ically sit on the edges of the bottom panel. The back 
panel should snuggle between the two side panels. 
The top panel should overlap and rest upon both side 
panels and the back panel, covering them. The door 
panel should, like the back panel, snuggle between 
the side panels when it is shut, 1 believe this arrange- 
ment is the simplest possible, and most efficient to 
build. Dimensions are given below for accumulators 
to accommodate people of varying sitting heights, but 
of average weight. As the distance of the body surface 
from the metal walls increases, there will be a reduc- 
tion in effectiveness of the accumulator. The dimen- 
sions of the accumulator should be carefully selected 
to meet your needs, An additional 1/2” clearance is 
provided in the width dimension (1/4" each side), 
such that the door will open and shut freely. 
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Panel Large Medium = Smail 
Top: 29.5" x35" 26.5"x%32" 23.5" x28" 
Bottom: 29.5" x 35" 26.5°x32" 23.5" x 28" 


Left side: 35" x 58” 32”x54" 28” x 50” 
Right side: 35" x58" 32"x54" 28"x 50" 


Back: 25" x 58” 22" x 54" 19" x 50” 
Door: 25" x 52” 22"x48" 19" x 44" 
Height: 58" 54" 50" 
Width: 25" ap" 19" 
Depth: 31” 28" 24" 


You_will need: 

Height = height sitting erect in a chair + about 3" 
Width = shoulder width + about 4” (2” each side) 
Breadth = sitting, knee to back distance + about 3" 


B) Make wood frames of 3/4” x 1-1/2" pine (called “one 


C) 


D 


— 


by two” in lumber yards), like picture frames, such 
that the outer edges conform to the computed dimen- 
sions for your accumulator panels. Nail and glue all 
joints. 


Arrange the open wood frames together, as they will 
be when the accumulator is complete, to make sure 
that all dimensions have been properly calculated 
and cut, If there is an error in your calculations, now 
is the time to find out, before the more expensive celo- 
tex and galvanized sheet metal have been cut. 


Cut the celotex panels to size, from 1/2" or 3/4" thick 
celotex sheet, to cover fully one side of each wood 
frame. Nail and glue the celotex panels to each wood 
frame. Use 1/4" plywood instead of celotex for the bot- 
tom panel (and only the bottom panel), 
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FIG. 3 AMP Power Envelope 
Volts vs. Resistance 
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Figure 4 ~ A digital clock is shown powered by the APM-2. The 1.5 volt clock draws 28 microamps. Its position on the power 
envelope curve would be off the scale to the right and almost on the bottom line, dissipating only 42 microwatts. 
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bled Wood Frames for Accumulator Panels 
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E) 
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Cut batts of 1/4" thick fibreglass material to size and 
place a layer inside each of the open panel frames. 
Use gloves and a mask to protect yourself. Do not 
compress. Avoid lumps and holes, You can use wool, 
cotton, acrylic felt, or rock wool instead, if you wish, 
but for a large accumulator like this, the costs will be 
higher, and the accumulation will not be signifi- 
cantly stronger. These other materials may yield a 
different “feel” to the orgone charge, and if that is 
important to you, the cost may be justified. 


F) Unroll very fine (*000" or “0000") steel wool pads and 


G) 


H) 


place a layer inside each of the open panel frames, on 
top of the fibreglass. Leave it fluffy, at around the 
same thickness as when unrolled, in as uniform a 
layer as possible. Some steel wool comes in large 
rolls which, if you can get it, will speed up construc- 
tion for large accumulators. 


Repeat steps E and F, placing a new layer of fibre- 
glass on top of the previous steel wool layer, and an- 
other layer of steel wool on top of that. 


Again repeat steps E and F, placing another new 
layer of fibreglass on top of the previous steel wool 
layer, and another layer of steel wool on top of that. 


I) You should now have three alternating layers of fibre- 


glass and steel wool contained in the open frame of 
each panel. The final layer facing you should be 
composed of steel wool. The panels should also be 
filling up, and may need to be slightly compressed 
before the final layer of galvanized steel sheet metal 
can be added. If you have used some other type of 
non-metallic material than fibreglass, and if the 
material lies loosely in the frame, you may have 
problems with slumping of the plys when the panels 
are finally sealed and placed in upright position. If 
this is the case, now is the time to do something to pre- 
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End Cross-Section of Side, Top, Back and Door Accumulator Panels 


Thin side to inside of accumulator 
Galvanized Stee! sheet metal 





SSS SSS SSD steel wool 
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Soundboard (Celotex) 
painted side out 


This side to outside of accurnulutor 


End Croes-Sevtion of Bottom Accumulator Panel 


This side to inside of acenmtt lator 


Galvanised Steel sheet metal 
1/4" Plywood for support 
stoe] wool 
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Front View, full-size 3-ply accumulator 





For Warmer, Tropical Climates: Use door with 3” canvec- 
tion gaps at top and bottom, as per measurements on p.127. 
(Photo on p.23.) If needed, tack screen strips to door top and 
botiom, across gaps, to keep out insects. 

For Cooler or Cold Climates: Use full height door with 
small window. (Photo on back cover) Before cutting door 
materials, adjust door measurements (p.127) to only 1/4” less 
than height of side panels. Before assembling door, cut 

ing 6" square openings in door sheet metal and celo- 
tex, centered at face height, then frame opening with 1x2" 
wood strips. Complete assembly as per instructions. 

Use hinges with removable hinge pins for easier assembly 
and take-down. Secure inside of door with hook and eye. 
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vent slumping, 


J) Cut the galvanized steel sheet metal to size such that it 
fits over the open part of each panel, overlapping and 
covering the wood frames. Use the lightest sheet met- 
al available, such as 27 gauge, which can be cut with 
hand shears for trimming, and still add to structural 
strength of the panels, For the bottom (floor) panel, 
add a layer of 1/4" plywood under the sheet metal, for 
additional weight support. Nail it securely onto the 
wood frames, using a small hole punch if necessary. 
Small steel tacks should easily penetrate through the 
sheet metal. After nailing, use file or shears to trim 
all sharp metal corners. As an alternative to gal- 
vanized steel sheet metal, some people have effective- 
ly used galvanized steel wire mesh, or wire screen. 
This is cheaper to use, and can be secured to the wood 
frame with a heavy duty staple gun. The steel wool 
should be visible through the screen. 





K) Assemble and secure the panels together. Start by se- 

curing one side panel to the bottom panel, by using an 

“L” shaped metal brace at the front and rear of the 

side panel, near the bottom. Use screws, such that the 
= accumulator can be taken 
apart later for easy moving. 
Secure the other side panel in a 
similar fashion, followed by 
the back panel. The back pan- 
el must be secured indepen- 
dently by small metal braces, 
placed between the wood 
frames of the bottom and back. 
Add the top panel, and secure it 
to the sides and back in a sim- 
ilar manner. The accumulator should now be quite 
sturdy, and is almost complete. 





L) Carefully mark and drill holes for door hinges and 
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attach them to the door panel and side panel. Make 
sure you center the door in a way that leaves equal 
space at the top and bottom, either for convection 
gaps (for the vented door style), or as clearance to 
allow the door to freely swing open and shut (for the 
full-height windowed door style). Use hinges with 
removable pins so that you can easily take the door 
off when moving the accumulator. After fixing the 
door to the side panel, it should open fully and close 
snugly, without binding. 


M) Attach a hook and eye to the door and side panel op- 


N) 


0) 


posite the hinge, such that the person sitting inside 
can secure it shut. Finally, add several coats of 
natural shellac to the outer exposed celetox, to pro- 
tect it from humidity and add to its accumnulating 
strength. 


Your accumulator is now complete, except for a 
seat. You should have a seat which will allow you to 
place other accumulator chargers underneath. For 
this purpose, you might wish to specially construct a 
wooden bench. Wood is a good material to use, as it 
does not absorb the orgone energy significantly, 
and is not cold to the touch. Do not use woods that 
have been soaked in preservative or formaldehyde, 
however. Metal chairs are OK, but will be quite cold 
to sit on unless covered with a light fabric. 


You may also wish to construct a chest board, or or- 
gone pillow, for use inside the accumulator. As you 
sit inside, notice that there is a great distance from 
your chest to the front metal wall. This large 
distance inhibits orgone irradiation to your chest. 
An additional, small accumulator panel, similar 
to those used for the wall panels, could be construct- 
ed for use inside the larger box, to bring the radia- 
tion closer to the chest. However, a simpler way is 
to use a bundle of cotton, wool, or acrylic felt, rolled 
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P) 


into a large pillow shape with equal layers of steel 
wool. The final outer layer should be composed of 
steel wool, and the entire bundle is then placed in- 
side a thin cotton pillowcase. It should be large 
enough that it fits very snugly into the pillowcase. 
By holding this orgone pillow close to the chest, 
while you are in the accumulator, it will irradiate 
those frontal areas of your body that are not so well 
irradiated by the accumulator walls. Leave the or- 
fone pillow inside the accumulator when not in use, 
to keep it charged up. You can also use this pillow 
outside of the accumulator, in a manner similar to 
the orgone blanket, with equally good results. 


Do not connect electrical appliances to the accumula- 
tor. Follow the cautions given in the previous chap- 
ters. You can read a book while inside the accumu- 
lator, but should use either a strong external light 
source (to shine a beam of incandescent light into 
the accumulator), or you can use a battery-powered 
reading light inside. Again: no fluorescent lights, 
television sets, heating blankets or pads, or other 
electrical or electromagnetic devices!! 











The Orgone Accumulator Handbook 





poor materials for orgone accumulator construction remain wn- 
changed and time-tested. 


Cautionary Note on New 
“Wireless” Electromagnetic Gadgets 

On the subject of safe use of the accumulator (see Part II), 
we may add the following: Over the last decade, there has been 
an increased use of new “high tech” devices for telecommunica- 
tions purposes which actively emit potentially toxic low-levels 
of electromagnetic radiation: cellular telephones and cell-phone 
relay systems (often located in populated areas) emit micro- 
wave radiations at potentially toxic levels, as well as new re- 
mote-control apparatus which employ active far infrared (close 
to microwave) frequencies, such as inventory scanners and yari- 
ous kinds of “wireless” technology. In all cases, orgone accumu- 
lators should not be located near to any of these devices, nor 
should any human being wish to live, work or sleep near them 
either! New electromagnetic devices should be viewed as con- 
trary for safe use of orgone devices unless proven otherwise. 
On the other hand, various passive infra-red sensing devices 
(such as automated outdoor security lights) pose no problems, 





Sprouted Mung Beans: Left side, Orgone-Charged. 
Right side, Controls. (Experimental protocol p.96-97) 
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New Publications and Controlled 
Studies on the Human Bio-Effects 
of the Orgone Energy Accumulator 

In recent years, mainstream publishers in Germany have 
expressed a growing interest in the works of Wilhelm Reich, 
and on the subject of his research findings (an interest not cur- 
rently shared by any mainstream American publisher). Some 
examples of this interest are given below. 

Appendix I of this Handbouk (page 148-155) presents an 
extended abstract describing the first double-blind controlled 
study of human physiological response to the orgone accumula- 
tor, as undertaken by Stefan Mischenich and Rainer Gebauer. 
Their study was completed in 1986 at the University of Marburg 
in Germany. Dr. Miischenich subsequently wrote a major book 
on this same subject. (in the German language): 

Stefan Miischenich, Der Gesundheitshegriff im Werk des 
Arztes Wilhelm Reich (The Concept of Health inthe Warks of Dr. 
Wilhelm Reich), Doktorarbeit am Fachbereich Humanmedizin 
der Philipps-Universitat Marburg, Verlag Garich & 
Weiershauser, Marburg 1995, 425 pages. ISBN 3-922906-54-0. 

In more recent years, another similar double-blind and con- 
trolled study was undertaken at the University of Vienna by 
Ginter Hebenstreit, producing similar positive results. The 
Hebenstreit study; like that of Miischenich and Gebauer, used 
an orgone accumulator, a control dummy-box that looked like 
an accumulator, and a relaxation-chair in which test, subjects 
were evaluated both before and after exposure to either the ac- 
cumulator or control enclosure. It produced positive results, | 
am informed, Unfortunately, we do not have any printed proto- 
cols, but can give the exact, citation for those who wish to obtain 
and read the original German-language publication: 

Ginter Hebenstreit, Der Orgonakkumulator Nach Wilhelm 
Reich. Eine Experimentelle Untersuchung zur Spannungs- 
Ladungs-Formel, Diplomarbeit zur Erlangung des Magister- 
grades der Philosophie an der Grung- und Integrativ- 
wissenschaftlichen Fakultat der Universitat Wien, 1995. 

Another German-language title of significance was pub- 
lished in 1998, containing the contributed research papers of 
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40 different scientific-professional authors on the subject of 
Wilhelm Reich’s social and biophysical findings, to include many 
| papers on the subject of bions, orgone energy, and the orgone 
| energy accumulator: 
| James DeMeo & Bernd Senf, Editors, Nach Reich: Neue 
Forschungen zur Orgonomie: Sexualikonomie, Die Enideckung 
Der Orgonenergie (After Reich: New Research in Orgonomy: Sex- 
Economy, Discovery of the Orgone Energy), Zweitausendeins 
Verlag, Frankfurt, 1998. 898 pp, ISBN 3-86150-239-9. 





An Orgone Energy Darkroom (room-sized accumulator) at the 
Orgone Biophysical Research Lab's high-altitude Greensprings 
Center near Ashland, Oregon. This structure is made in the 
form of a large accumulator, with a metal-lined interior and 
under-layering of fiberglass. Inside are several human-sized 
orgone accumulators and experimental chargers. The strength 
| of the atmospheric orgone energy charge inside such can, orgene 

room is dramatically increased. The orgone energy can be more 

easily felt and observed with the eye, and registers more clearly 
| in experiments and with measuring apparatus, 
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FiG. > APM charging a battery 





Antenna 





Figure 6 shows a clock which has the APM-2 built into it so it is only necessary to connect the antenna and ground wires 
directly to the clock. The antenna for this clock, which is a low frequency marine type, is shown in Figure 7.These antenna are 
expensive, not generally available, and usually don't work any better than the long wire mentioned above. But it may be 
necessary to use them in urban areas where space is limited and radio noise is high. 


— ——————— 
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The Orgone Accumulator Handbook 





About the 
Orgone Biophysical Research Lab 
(OBRL) and Greensprings Center 





The Orgone Biophysical Research Lab is a non-profit science 
research and educational foundation, established in 1978. Over 
| the years, OBRL has supported various laboratory and field 
research projects, educational lectures and seminars in both 
the USA and overseas, focused upon the sex-economic and or- 
gone biophysical discoveries of the late, great natural scientist, 
Wilhelm Reich, OBRL also publishes a journal, Pulse of the 
Planet, on an irregular basis, The founder and director of OBRL, 
James DeMeo, has been investigating and extending Dr. Reich's 
original findings in beth the social and natural sciences since 
1971, Early in 1995, the Greensprings Center was established 
in a vibrant forested region of rural Oregon, to provide a better 
foundation for continued public outreach and in-depth study of 
orgone energy functions in nature. The Center also has the West 
Coast's only Orgone Energy Darkroom, for experiments requir- 
ing a higher energy charge, and for direct visual observation of 
orgone energy functions. New books (described at right) are also 
occasionally published, and public educational programs, the 
Greensprings Seminars, are held each summer. Accomplished 
scholars in the field of orgonomy are invited each year to share 
their knowledge and experience with interested students and 
professionals from around the world. Yearly seminars include: 
Bions, Biogenesis and the Reich Blood Test, The Orgone Energy 
Accumulator, and Guided Independent Study. Contact OBRL 
for an informative brochure and publications catalog, and to 
get on the international mailing list for seminar announcements. 
Orgone Biophysical Research Lab 
Greensprings Center, PO Box 1148 
Ashland, Oregon 97520 USA 
Tel/Fax: 541-552-0118 Email: demco@mind.net 
f 





OBRL’s Global Internet Web Site: 
http:/iwww.orgonelab.org 
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Additional Publications Available 
(Contact OBRL for ordering information) 


Heretic’s Notebook (Pulse of 
the Planet #5); Emotions, 
Protocells, Ether-Drift and 
Cosmic Life-Energy, with New 
Research Supporting Wilhelm 
Reich, Edited by James DeMeo 
Contains 28 insightful essays and 
research articles by 17 different authors, 
on natural childbirth, sexuality, 
==! archaeology of early human violence, 
Reich’s orgonomic functionalism, exposés on Reich’s detractors, 
Giordano Bruno's work, bion-biogenesis research, Dayton Miller's 
ether-drift discoveries, emotional effects in REG (psychokinesis) 
experiments, new detector for orgone energy, dowsing research, 
cloudbusting desert-greening experiments in Africa, plant growth 
stimulation in the orgone accumulator, the orgone energy motor 
and “free energy”, plus UFO research, book reviews, and much 
more, with color cover photos, text- photos and illustrations. 
272 pages, Large format $24 Softcover 





SAHARASIA: The 4000 BCE 
|| Origins of Child-Abuse, 
3 Sex-Repression, Warfare and 
Ma Social Violence, In the 

a Deserts of the Old World, 
1 by James DeMeo 
3) Dr. DeMeo'smagnum opus on the origins 
| of human violence and biophysical 
armoring, the first geographical, cross- 
cultural study ofhuman behavior around 
~ the world, using Wilhelm Reich’s sex- 
economic discoveries as a basic starting point, presenting world 














maps of different behaviors and social institutions. Source- 
regions (Arabia and Central Asia) for patriarchal authoritarian 
culture were identified, and migratory-diffusion patterns were 
traced, back in time, to pinpoint where and how the human 
tragedy began. Solves the riddle of the origins of human violence 
and armoring. A breakthrough in the scientific study of human 
sexuality, psychology and anthropology, and must-reading for 
every parent, student, professor and clinical worker in the field 
of human health and behavior. 454 pages, with over 100 maps, 
photos, and illustrations. Large format with vivid full-color 
cover, extensive bibliography and index. Softcover $34 
Author-Signed Limited Hardhound First Edition $90 


On Wilhelm Reich and 
Orgonomy 

(Pulse of the Planet #4) 
Edited by James DeMeo 


Contains Reich's milestone articles on 
psychic and somatic (mind-body) 
processes, and on the bioelectrical aspects 
of human emotion and sexuality, with 
articles by R.D. Laing on Reich, and a 
discussion on Reich’s work in Denmark 
when he fled Nazi terror in Germany and 
was also expelled from the International Psychoanalytic 
Association. Other papers discuss: Reich's research on biogenesis 
and discovery of the microscopical bion; the discovery of orgone 
(life) energy, and the orgone energy accumulator. Also featured 
are articles about the Food & Drug Administration’s attack upon 
Reich, and their present-day war against the natural health 
movement; the deadly effects from nuclear power plants, and an 
illuminating scientific challenge to the HIV theory of AIDS — 
plus other reports on current life energy research, weather 
anomalies from nuclear bomb tests, a cloudbusting desert- 
greening experiment in Israel, provocative book reviews, and 
more! 176 pp. Large format $20 Softcover. 





PLANS 


FOR 
CONSTRUCTING 


AN 


ORGONE 
ENERGY 
ACCUMULATOR 


Notes Regarding the Use of the Orgone Accumulator 


The Orgone Accumulator is built so as to collect the natural energy of 
the atmosphere (Orgone Energy) and to make this energy about five times 
more concentrated inside the accumulator than in the outside air. Since 
orgone is the same energy that is in the bodies of all living organisms, the 
accumulator has the effect of increasing the body energy of the user-- 
increasing the natural charge of the user's tissue and blood--thus 
strengthening the user's resistance to disease. 


Orgone is not electricity, and the orgone accumulator has no electrical 
connections. WARNING: DO NOT ALLOW EXPOSED ELECTRICAL 
WIRES TO COME IN CONTACT WITH THE ACCUMULATOR! 


The accumulator should be used once or twice daily as follows: the user 
should sit inside the accumulator lightly clothed or without clothing until 
the user becomes quite warm, or for roughly 15 to 45 minutes. The effect 
of the orgone will be best if the user relaxes, breathing out deeply but not 
forcefully. Slight dizziness or heaviness in the head is a signal to come out. 
Fresh air will eliminate such effects immediately. 


In humid weather, the normal time of use should be lengthened, as 
there is then less orgone in the atmosphere. Air the room in which the 
accumulator is kept every day, for the increased orgone concentration 
tends to make the air in the room heavy. 


The funnel end from the shooter box-seat is used for local application 
of orgone. This unattached end should be held close to, but not quite 
touching, the region in question for between two and ten minutes, 
depending on the sensitivity of the region. If it is used on the eyes, they 
should be kept closed. A slight burning sensation in the region that is being 
treated is a signal that the body has had enough for the time being. In 
general, the tube should only be used until the area becomes warm. The 
shooter box-seat tube can be used several times a day. 


© Copyright 1991 by Mary Boyd Higgins as Trustee of the Wilhelm Reich Infant Trust Fund 
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Questions Regarding the Use of the Orgone Accumulator 


Does it lessen the effect of the accumulator if any part of the body 
comes in direct contact with the metal walls? 

It is better if no part of the body touches the metal walls. However this 
cannot always be avoided and it does not lessen the effect to any 
considerable degree. 


If two or three people use an accumulator rapidly in succession, is the 
orgone "used up"; does the last one to use it get energy? 

The effect of the orgone accumulator consists of a mutual excitation of 
the orgone energy which is concentrated within the accumulator and the 
body-orgone energy of the user. It can be assumed that the successive use 
of the accumulator by several persons will not lessen the efficacy. 


Should you spend more or less time in the accumulator, depending on the 
humidity? 

Since the orgone energy concentration in the atmosphere diminishes with 
high humidity, it is advisable to prolong the use of the accumulator on 
very humid days. 


Does the funnel for the pipe of the tube box have to be metal? 
Yes, since plastic or other non-metallic material will tend to "hold" 
orgone energy, while the metal will give it off immediately. 


Can you use the tube box inside a larger accumulator for reasons of 
more intensity, or is it more advisable to use it outside? 

The concentration of orgone energy in the tube box will be stronger if it 
is used within the larger accumulator. 


Is it all right to take objects into the accumulator while using it, such 
as books, magazines, notebook, pen, pillow? 

There is no objection to taking reading or writing material into the 
accumulator or knitting or needlework, etc. We would advise against 
taking pillows into the accumulator because they will soak up orgone 
energy and thus divert it from the body. 


Is it all right to paint the accumulator to match walls? 

As long as the paint does not contain lead or other metals, the 
accumulator can be painted in any color. It may also be covered with 
wallpaper. 


PO 


If one makes one's accumulator light-tight and then sits inside it, is it 
possible to see the orgone energy light phenomena that are described 

in The Cancer Biopathy? 

No; bodily evaporation under these conditions creates too much 
humidity and the orgone phenomena cannot be seen when the humidity is 
high. 


What is the difference in strength between a one layer and three 
layer accumulator? 

The one layer accumulator, has an orgone concentration, measured 
electroscopically, of about 3 times that of the surrounding 
atmosphere. The three layer accumulator, has an orgone 
concentration of about 4 to 5 times that of the surrounding 
atmosphere. However, the concentration of the orgone energy does 
not increase proportionally with the numbers of layers. Thus a 
tenfold accumulator will have a concentration of approximately 6 
times that of the surroundings. 


My accumulator does not fit tightly together. Does this in any way 
lessen the effectiveness? 

Occasionally when an accumulator is dismantled and put together 
again, the walls do not close tightly. These cracks, even if they are as 
large as one inch, do not in any way affect the strength of the 
accumulator. In fact, experimental accumulators have been built with 
openings at the top and bottom for circulation purposes. 


Can paper, felt or material other than fiberglass be used for the non- 
metallic layers of the accumulator? 

Experiments have been made with other materials. However, all 

these materials are liable to absorb humidity, whereas the fiberglass will 
not absorb any humidity. Too strong an absorption of humidity 

would definitely lower the strength of the accumulator. 


If you go into the accumulator with a fever, is the fever increased? 

In most cases, experience shows that the fever will be slightly increased 
while the person uses the accumulator, but that the temperature will drop 
below the previous level after the use of the accumulator. 


Is there any special time of day when the accumulator is more effective 

than at other times? 

Electroscopic measurements show the greatest concentration of orgone 
energy between 12 noon and 2 p.m. However, these variations in a given day 
are so small that it will not make any significant difference at what time of the 
day the accumulator is used. It can easily be regulated by timing. 





Construction of a Three-Fold Orgone Energy Accumulator 
1. General information 


a. The accumulator is made of six panels which are to be screwed together. 
All panels except the bottom are constructed in the same manner, and differ only in 
dimensions. Each panel consists of an inner surface of galvanized sheetmetal and an 
outer non-metallic surface of celotex which encloses a braced wood frame and 
alternate layers of fiberglass and steelwool. 


b. The materials specified may, if necessary, be replaced by other 
materials: 1/4" plexiglass or 1/4" upsonite along with a 1/4" fiberglass layer may be 
used in place of the 1/2" celotex. If substitutions are made, some adjustments in 
dimensions of the frames may be necessary. 


c. Consult the accompanying drawings and tables for dimensions, 
construction details, etc. 


2. Construct the frames 


a. Cutthe1 1/8" x1 1/2" clear pine to the specified lengths ( see fig. 1). 
Cut a 1/2" x 1/2" rabbet into one side of each piece (see fig. 2). The bottom panel 
frame requires two 1/4" x 1/2" rabbets (see fig. 3). Mitre the corners and join with 
carpenters’ glue and 8-penny finish nails. 


b. Brace each frame with two pieces of 1 1/8" x 1" clear pine (see fig. 4). 
Join with two 2 1/2" #8 drywall screws. The top and bottom frame do not need 


bracing. 
3. Attach the outer surface 


a. Cut the celotex to fit inside the rabbets of each frame except for the 
bottom frame. Fasten in place with 1" galvanized wire nails. 


1. For a five-fold accumulator, increase the dimensions of the frames to allow for four more 1/4" 
layers, two layers of fiberglass and two layers of steelwool. 


2. The 1/2" celotex (which has one side coated with white primer paint) may be known as: white 
construction board, soundboard, etc. It is basically a composite of wood fibers. Flakeboard, 


chipboard, etc. are not the same product and are too dense. There is a styrofoam product with the 
trademark name Celotex; do not use this. 


3. fiberglass building insulation 


4. What is referred to as 5/4" stock by the building industry actually measures 1 1/8 inch. 





b. Cut two pieces of 1/4" finish grade plywood to fit inside the rabbets of 
the bottom frame. Fasten one piece in place with 1" galvanized wire nails. 


4. Place the steelwool and fiberglass in the panels 


a. Place a layer of steelwool upon the celotex inside one of the frames. 
Steelwool pads (oo fine or finer) when unrolled are the correct thickness. Make the 
layer as uniform as possible; leave the steel wool fluffy. 


b. Next place a layer of fiberglass about 1/4" thick upon the steelwool 
layer. Avoid lumps and holes. Do not compress the fiberglass. The standard 3 1/2" 
x 15" fiberglass insulation comes in a roll with either a paper or foil backing. Peel 
off the paper or foil. This type of fiberglass is difficult to peel evenly. Try to peel it 
carefully into roughly 1/4" thick pieces. Too much unevenness in the layering will 
cause the sides of the accumulator to bulge. (There is a fiberglass insulation that 
peels more uniformly but might be difficult to purchase. It is a Manville product 
called 1/2" duct liner. It comes in a roll 48" wide by 100 feet long and may be 
available at your local heating and airconditioning shop.) 


c. In a similar manner place the remaining alternate layers of 
steelwool and fiberglass in position ( see fig 2). 


d. Place the steelwool and fiberglass layers in the other panels. 


e. The bottom panel has a different number of layers. Start with a layer of 
fiberglass upon the 1/4" plywood inside the frame (see fig. 3). 


3. Attach the inner surfaces 


a. Cut the sheetmetal slightly smaller than the frames. You might need to 
have the 26 or 28 gage galvanized sheetmetal cut at a sheetmetal shop. It can be cut 
by hand, but the results may be too rough. File the edges smooth and round the 
corners. Cut a 9" x 12" hole for the window in one of the 53" x 24" sheets. Figure 4 
will give the exact location. 


b. Drill 1/8" holes at 1" intervals around the edge of the sheetmetal. They 
should be 1/4" from the edge. 


C: Nail the pieces of sheetmetal to the frames with 3/4" galvanized wire 
nails. Nail the remaining piece of 1/4" plywood to the bottom frame before nailing 
the final piece of sheetmetal over it. (See fig. 3) 


5. Wear protective clothing and a dust mask when handling the steelwool and fiberglass. 
6. Steelwool in long rolls can be purchased from an industrial supplier. 
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The builder has a choice of wiring techniques which may be used to construct the module. It may be hand wired onto a 
terminal strip, laid out on a bread board, experiment board, or printed circuit. Figure 8 shows some of the different ways of 
constructing the APM-2. 


Figure 8A is constructed on a screw strip terminal; Figure 8B is constructed on a perforated breadboard; Figure 8C is built on a 
standard experiment board; Figures 8D, 8E, and 8F are all printed circuits; Figure 8F is made up on a solder strip terminal. 


rh.o8d,U, uu, U, BI my 





If you wish to make only one or two units, hand wiring will be most practical, either on a terminal strip or breadboard. 
Assembly on the terminal strip (Figure 8A) can be done easily and without soldering. It is important to get the polarity correct 
on the electrolytic capacitor. The arrow printed on the side of the capacitor points to negative. 


Figure 9 is a closer view of the terminal strip with an illustration of the components and how they are connected. 
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6. Attach supports to the bottom panel 


a. Cut two pieces of 1 1/8" x 1 1/2" clear pine 25" long. 


b. Screw them into the outer surface of the panel. (See fig 3.) 
c. Nail two furniture slides to the undersurface of each support. 
fe Assemble the accumulator 


Accuracy is necessary in fastening the sides, top, bottom and door of the 
accumulator. You will want to be able to take apart and put back together your 
accumulator in the event that you need to transport it. It is very bulky when 
assembled. 


a. Pre-drill holes for the 2 1/2" #10 flathead philips screws with a 3/16" 
drill bit. So that the screw heads will countersink, drill a 1/2" hole 1/4" deep. 
Figure 5 gives the locations of these holes. 


b. Lay the two side panels upright on their long sides. Place the bottom 
panel upright against the bottom ends of the two side panels and screw together. 
Then place the top panel upright against the top ends of the two side panels and 
screw together. Place the back panel onto the side panels between the overlaps of the 
top and bottom panels and screw together (figure 5). 


G. Turn the box over onto its back and place the door on the side panels. 
Make sure that the door is flush with the top of the box (this will leave a one-inch 
gap at the bottom to allow air circulation). Mount the hinges to the side panel and to 
the door (fig. 6). You can hang the door to open either left or right. 


d. Now stand the accumulator up. 


e. You will need a hook and eye to hold the door closed while you sit in 
the accumulator. Place it where most convenient. 


8. Assemble the seat for the accumulator 
You have two options. The simplest is to suspend a piece of 3/4" x 14" x 22" 


wood on two supports fastened to the lower support braces of the two side panels. 
The other option is to turn the seat into a combination shooter box and chest panel. 


Construct the shooter box-seat 


a. Construct two panels in a manner similar to the other panels as 
explained in sections 2 through 6. 1/4" finish grade plywood is needed for the top 
and front of the seat panels ( fig. 7). 


b. Prepare supports to hold the shooter box-seat panels. Cut four pieces of 
1 1/8" x 1 1/2" pine 12 1/2" long. Fasten two 12 1/2" pieces to the lower supports in 
the side panels with 2" #8 drywall screws. Then fasten the other two pieces 
vertically between the horizontal support and the floor of the accumulator with 2" 
screws. Fasten one 14" x 21 3/4" panel to the horizontal cleat A with 2 1/2" drywall 
screws. The other 14" x 21 3/4" panel will rest against the vertical cleats B (fig. 8). 
Do not fasten this panel. Attach a cabinet pull (metal or ceramic) to the front of this 
panel so you can easily remove it to use as a chest panel (fig. 9). 


9. Construct a shooter funnel for the box seat 


a. Take a four-foot length of 3/8" steel Greenfield casing. (Greenfield 
casing can be purchased from an electrical supply store. If you can't find it, you can 
substitute #12 BX electrical cable, but remove the wiring from the flexible metal 


casing before using.) 


b. Insert the spout of a 3" diameter galvanized sheetmetal funnel into one 
end of the flexible metal casing. Wrap carefully the outside of both the flexible 
casing and the funnel with plastic electricians tape, so that no metal is showing. Drill 
a 5/8" hole through the top back corner of the accumulator box seat's top panel. 
Push the flexible tubing into the space below. 


10. Optional 


In order to draw stagnant orgone energy from the accumulator and shooter 
box seat: 


a. You will need approximately three 48" lengths of 3/8" Greenfield 
casing. Use more or less than three depending on individual circumstances. 


b. Drill three 5/8" holes (in a vertical row) through the wood frame of one 
of the side panels. Make sure that one hole will lead into the shooter box seat. 
Insert the three casings into the three holes. Make sure that the casings don't 
protrude inside of the accumulator. 


7. Greenfield casing is a convenient hollow flexible metal tube. IT IS NOT an electrical connection 
and should NOT be used as one. 


c. Place the loose ends of the three casings into a pail of clean water. 
You need to change the water every week. 


HHHHHHH 
The principle of the accumulator box can be adapted to different shapes for 
specific needs. An orgone blanket, or a collar for the neck, or a large funnel for 
the breast can be made as long as the principle of alternating layers of non-metallic 
and metallic materials is maintained. 


8. The inner surface should be made of a flexible metal screen instead of galvanized 
sheetmetal. Screen made from galvanized steel or stainless steel is good. Screen made 
from copper, aluminum and other metals that are not body-own are NOT recommended. 


MATERIALS LIST 


ITEM 
1/2" celotex 


galvanized sheetmetal 
(26 or 28 gage) 


" " 


fiberglass insulation 


steelwool (oo fine or finer) 
1/4" plywood ( finish grade) 
clear white pine: 1 1/8" x 1 1/2" 
i . . 11/8 x 1" 
2 1/2" #10 philips flathead wood screws 
2 1/2 #8 drywall screws 
2" #8 drywall screws 
3" non-mortise or surface mounted hinges 
hook and eye 
nail-on furniture glides 
nails: 3/4" galvanized wire nails 
1" galvanized wire nails 
6-penny finish nails 
carpenters’ glue 
For the shooter box seat panels: 


galvanized sheet metal 
(26 or 28 gage) 


clear white pine: 1 1/8" x 1 1/2" 
3" diameter galvanized sheetmetal funnel 
3/8" Greenfield flexible metal casing 


electricians’ tape (plastic tape) 





APPROXIMATE QUANTITY 


four 4' x 8' sheets 


2 pieces 53" x 26 1/2" 
2 pieces 53" x 24" 
2 pieces 28" x 24" 


3 1/2" x 15"(1 roll or 
40 linear feet) 


200 pads or 10 Ibs. 
one 4' x 8' sheet 
80 linear feet 

20 linear feet 

30 pes. 

30 pes. 

10 pes. 

one pair 

one 2" 

4 pes. 

3 02. 

3 02. 


2 Ibs. 


one small bottle 


2 pieces 13" x 20 3/4" 


16 linear feet 
one 
16 feet 


one roll 


(FIG.\) TABLE OF DIMENSIONS 
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Abstract 


Bacteriophages are an attractive tool for application in the therapy of bacterial infections, for biological control of bacterial contamination 
of foodstuffs in the alimentary industry, in plant protection, for control of water-borne pathogens, and control of environmental 
microflora. This review is mainly focused on structures governing phage recognition of host cell and mechanisms of phage adsorption and 


penetration into microbial cell. 





Key words: bacteriophage receptors, phage penetration mechanism 





Introduction 


Currently, the bacteriophage phenomenon may be 
regarded from different viewpoints. On one hand, 
bacterial viruses pose a grave challenge to industries 
based on bacterial agents applied in dairy processing, 
production of enzymes, antibiotics, solvents, insecti- 
cides, lactic and acetic acid, and various bacterial 
preparations when massive concentrations of bio- 
mass at active growth phase create favorable condi- 
tions for propagation of phages often responsible for 
lysis of industrial cultures. On the other hand, bacte- 
riophages are objects that are attractive for application 
in medicine and veterinary practice for therapy of 
bacterial infections in humans and domestic animals. 
Bacterial viruses may also be used for biological con- 
trol of bacterial contamination of foodstuffs in alimen- 
tary industry, agriculture; for control of water-borne 
pathogens, clinical pathogens causing aerogenic infec- 
tions; control of environmental microflora, etc. 

Solution of industrial bacteriophage problems and 
search for practical virus application require fundamen- 
tal studies to analyze interactions between bacterio- 
phage and host cell and to elucidate correlations of 
viral infection process in bacterial cell. Such inter- 
actions are rather complicated and do not always result 
in cell lysis. Now phage-cell relations are considered 


as process consisting of several sequential stages: 
phage adsorption on host cell surface and penetration 
of phage nucleic acid into cell, intracellular synthesis 
of virus components and assembly of virions, lysis of 
bacterial cell and phage release. 

Adsorption is a key stage in virus recognition of 
sensitive host cell, i.e. specificity of phage infection 
is defined at this moment. Since bacteriophages, like 
any other viruses are obligate intracellular parasites, 
successful penetration into bacterial cell is an essential 
condition for continuation of their life cycle. This re- 
view is mainly focused on structures governing phage 
recognition of host cell and mechanisms of phage ad- 
sorption and penetration into microbial cell. 


Bacteriophage receptors on cell surface 


A specific bacteriophage strain is known to be able 
to infect a narrow host range or a concrete microbial 
species or strain. Such specificity in interaction of 
phage with bacterial cell is determined by specificity 
of adsorption, which in turn is dependent on the nature 
and structural peculiarities of receptors on bacterial cell 
surface (Braun and Hantke, 1997). In addition, a vital 
role is attributed to receptor localization on cell sur- 
face, their amount and density at various cell wall sites. 


* Corresponding author: G. Novik, Institute of Microbiology, National Academy of Sciences of Belarus, Kuprevich 2, 
220 141 Minsk, Belarus; phone (+375-17) 2678620; e-mail: galina_novik@mbio.bas-net.by 
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The nature of receptors contacting bacteriophages 
is different for representatives of diverse taxonomic 
groups and is largely defined by composition of host 
cell wall and surface structures. 

Receptors localized in cell wall of gram-negative 
bacteria. The outer membrane of gram-negative bac- 
teria differs in structure from the inner membrane and 
from the plasma membrane of gram-positive micro- 
organisms. One of the distinctive features is its high 
permeability caused by increased levels of integral 
proteins forming transport channels — up to 20 000 per 
cell (Nikaido, 2003). Another distinction is the pres- 
ence in external lipid layer of a unique glycolipid 
— lipopolysaccharide (LPS) — typically exclusive for 
gram-negative bacteria. Proteins localized in mem- 
brane and various LPS sites may serve as bacterio- 
phage receptors. In many cases phages require mol- 
ecules of both types for adsorption (Lindberg, 1973). 

Protein receptors. Proteins of outer membrane 
may be subdivided into 5 classes: 1) structural pro- 
teins interacting with peptidoglycan layer; 2) specific 
and non-specific porins forming membrane channels; 
3) enzymes; 4) substrate receptors with high affinity; 
5) transport proteins responsible for secretion. 

Among structural proteins serving as receptors for 
virus adsorption, transmembrane protein OmpA was 
characterized. This protein comprises 8 antiparallel 
B-structures fixed inside membrane by non-covalent 
link to peptidoglycan layer with the free C-terminal 
vertex (Koebnik, 1999a; 1999b; Vogel and Jahnig, 
1986). Mutants lacking the protein are distinguished 
by spherical shape and labile outer membrane. It was 
also shown that OmpA is involved in process of bac- 
terial conjugation (Schweizer and Henning, 1977). 

OmpA protein-LPS complex is capable to inhibit 
phage Tulb (coliphage isolated from effluents). Bind- 
ing of bacteriophage with protein-LPS complex occurs 
reversibly, and precipitation of this complex with Mg” 
leads to irreversible phage attachment. Apart from pro- 
tein, the LPS molecule is not able to inhibit phage par- 
ticles (Datta et al., 1977). OmpA protein inhibits bacte- 
riophage K3 in the solution, while mutants defective in 
this protein are resistant to phage infection (Van Alpen 
et al., 1977; Scurray et al., 1974). Such findings testify 
to the receptor role of the protein with respect to Tulb 
and K3, yet phage-recognising sites are located at dif- 
ferent areas of the molecule. This assumption is sup- 
ported by the existence of mutants producing sufficient 
amount of OmpA protein and sensitive to phage K3 but 
showing resistance to phage Tulb (Henning et a/., 1978). 

Porins were one of the first outer membrane pro- 
teins of gram-negative microorganisms to be charac- 
terized in detail (Nakae, 1976). These protein com- 
plexes are composed of 3 subunits forming the channel 
in bacterial membrane. Major proteins of this type in 
E. coli cells are OmpC and OmpF. 
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OmpC serves as a receptor for phages Hy2, ss4, 
Tulb and T4 (Scurray et al., 1974; Yu and Mizushima, 
1982). Phage T4 utilized the protein as a receptor 
in combination with cell wall LPS. It was shown 
in experiments with LPS and OmpC mutants that 
absence of at least one receptor resulted in reduced 
efficiency of infection, whereas loss of both receptors 
induced bacteriophage resistance. Protein gp37 shap- 
ing tail fibers governs receptor recognition in phage T4 
(Montag et al., 1990; Heller, 1990). The region is made 
up by approximately 14 amino acid residues and con- 
tains a large amount of histidine residues, responsible 
for OmpC recognition. 

OmpF is a receptor for phage T2 (Riede et al., 
1985; Hantke, 1978). In contrast to T4 phage, the 
receptor recognizing site is located within the hyper- 
variable region of protein gp38 attached to terminal 
part of protein gp37. Instead of hystidine bases, gp38 
includes glycine sequences (up to 9 residues) at ter- 
minal and internal loci. Protein receptors in the cell 
wall of Shigella and E. coli were revealed for bac- 
teriophage T6 (Jesaitis and Goebel, 1952; Michael, 
1968). Manning and Reeves demonstrated that E. coli 
with tsx gene mutation displayed resistance to bacte- 
riophage T6 infection and in subsequent papers they 
isolated and purified protein Tsx (product of tsx gene) 
controlling the transport of nucleotides and proved its 
receptor function (Manning and Reeves, 1976; 1978). 

Selective transport protein LamB is the receptor 
for phage A (Randall-Hazelbauer and Schwartz, 1973). 
Unlike non-selective porins OmpC and OmpF, this 
protein forms a narrow channel specific for transport 
of maltose and derived polymers, using aromatic posi- 
tively charged aminoacid residues (Charbit ef al., 
1998). Bacteriophage A recognizes LamB via protein 
gpJ — the factor defining host range of this phage. 

Among enzymes localized in the outer membrane 
are proteases OmpT and OmpX which may serve as 
receptors for T-like phages with host range mutations 
M1 and Ox2, respectively (Hashemolhosseini ef al., 
1994a; 1994 b). Proteins TonA (later renamed FhuA) 
and TonB serve as receptors for phages T7, T5 and 80. 

Receptors with high substrate affinity are compo- 
nents of active transport system. Their function is to 
carry out solid binding of substances below demand 
by passive transport system, namely vitamin B12 and 
iron ions as chelating agents (Frost and Rosenberg, 
1975; Hancock et al., 1976; Bassford et al., 1976). 

Secretory transport proteins accomplish the func- 
tion similar to substrate receptors, but in opposite 
direction, i.e. they transport diverse compounds out of 
the cell. So far phages using this protein type as recep- 
tors have not been detected. 

Lipopolysaccharide receptors. In addition to pro- 
teins, LPS is another constituent of the outer membrane 
in gram-negative bacteria serving as a receptor for 
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The breadboard unit is shown in Figure 10 with all components on one side and all connections on the other. All you need is a 
2" x 2" piece of perforated breadboard (Radio Shack #276-1395) and the components on the parts list. Push component wires 
through the holes and twist them together on the other side. Just follow the pattern in the photo, making sure to observe the 
correct polarity on the electrolytic capacitors and the diodes. The ceramic capacitors may be inserted in either direction. 
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The experiment board unit is assembled by simply pushing the component leads into the board as shown in Figure 11. This 
unit is powering a small red LED indicated by the arrow. 
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3 Receptors, adsorption and penetration of bacteriophage 


bacteriophage adsorption. LPS is a complex polymer 
made up of monosaccharides and fatty acids. Struc- 
turally, it incorporates 3 parts — lipid A, core and 
O-chain (side chain, O-antigen). Lipid A usually is 
a disaccharide composed of two D-glycosamine moi- 
eties linked by B-1,6-bond with attached fatty acids (up 
to 8 residues) mediated by ester or amide group. Lipid 
A performs the role of hydrophobic anchor fixing in 
plasmatic membrane the whole construction bound 
via short oligosaccharide core to O-chain consisting 
of polymeric carbohydrate links (Wilkinson, 1996). 

There are two types of LPS: Smooth (S) type is 
characterized by typical LPS structure, i.e. compris- 
ing lipid A, core and side chain. 

Rough (R) type lacks O-chain but contains lipid A 
and the core. 

Some bacteriophages might adsorb to both LPS 
types. Phages specific to S-type LPS display an ex- 
tremely narrow host range specificity determined by 
large variability of O-antigen structure in bacteria of 
different taxonomic groups. Bacteriophages recogniz- 
ing R-type and vice versa show a broader host range 
since the structure of LPS core is rather conservative in 
various species and genera of gram-negative bacteria. 

A common feature of bacteriophages fixing to LPS 
O-chain is that their adsorption results in specific enzy- 
matic cleavage of polysaccharide chain. ¢!° and P22 
may be referred to such phages possesing endo- 
rhamnosidase activity and ability to lyse the bond 
Rha-1 — 3-Gal in O-antigen of Salmonella anatum 
and Salmonella typhimirium, respectively (Takeda and 
Uetake, 1973; Kanegasaki and Wright, 1973; Iwashita 
and Kanegasaki, 1973; 1976; Eriksson and Lindberg, 
1977; Eriksson et al., 1979). Bacteriophage @1 (Reske 
et al., 1973) infecting Salmonella johannesbury is 
characterized by endo-1,3-N-galactoseaminidase acti- 
vity (Chaby and Girard, 1980; Girard and Chaby, 1981). 

Bacteriophage Q8 adsorbed on the surface of E. coli 
O8 shows endomannosidase activity, breaking down 
Man-1 — 3-Man link between repeating oligosaccha- 
rides and releases prevailing levels of hexa- and 
nonasaccharides (Reske et al., 1973; Prehm and Jann, 
1976; Wallenfels and Jann, 1974). It was demon- 
strated for bacteriophage Sf6 isolated from strain 
Salmonella flexneri serotype 3a that its adsorption is 
associated with hydrolysis of Rha-1 — 3-Rha bond in 
O-chain of LPS (Lindberg et al., 1978). Virus H-F6S 
is able to bind to S. flexneri strains containing O-chain 
in LPS. Mutant strains lacking O-antigen are resistant 
to phage H-F6S but they are sensitive to other phages, 
like T3, T4, T7, with the respective receptors lying in 
the area of LPS core. It seems in wild-type strains 
these areas are hidden by O-chain complicating access 
for bacteriophages. 

In common, bacterial viruses adsorbing to O-anti- 
gen chain of LPS in gram negative bacteria recognize it 
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via enzyme localized at the tail end, which upon recog- 
nition and attachment hydrolyzes one of the bonds in 
polysaccharide chain of O-antigen. Besides, described 
bacteriophages have a similar morphology — hexago- 
nal head, short tail with base plate where spikes are 
localized. According to Bradley classification they are 
referred to group C (Bradley, 1967), and to podoviridae 
family according to modern classification. 

Position of a receptor in O-chain of S-type of LPS 
is described for phage 2. This bacteriophage infecting 
wild type strain of Pseudomonas aeruginosa B1 is 
affiliated to group B according to Bradley classifica- 
tion and to siphoviridae family according to modern 
classification because it has a long expanded tail 
(Bartell et al., 1971). This phage displays depoly- 
merase activity owing to the constituent enzyme. After 
treatment of bacterial cells with purified enzyme iso- 
lated from virion, bacteria P aerurinosa lose phage 
sensitivity (Castillo and Bartell, 1976). 

As mentioned above, structure of R-type LPS is 
limited by lipid A and the core region. In some mu- 
tant strains the structure of LPS core could be incom- 
plete which according to a series of reports may result 
from disruption in core biosynthesis process occurring 
at different stages. Such structural aberrations could 
severely affect bacteriophage adsorption. For instance, 
phage FO lysing wild-type Sa/monella strains contain- 
ing LPS with complete core. N-acetylglucosamine 
residue linked to the rest of the chain with w-1,2-bond 
is located at its terminal position. Mutants lacking this 
terminal glucosamine moiety are resistant to viral in- 
fection, and LPS isolated from such strains would not 
inactivate bacteriophage FO (Lindberg, 1967; Lindberg 
and Hellerovist, 1971). 

Phages ®X174, S13 and 6SR also require full LPS 
core for Salmonella and Shigella adsorption, with cer- 
tain distinctions. Phage ®X174 infects S. typhimirium 
strains showing on outer membrane surface LPS with 
complete core not protected by O-antigen. Mutants 
lacking terminal N-acetylglucosamine are still able to 
bind virus, although at lesser degree. On the other hand, 
absence of terminal glucosamine residue does not in- 
fluence adsorption of phage S13 (Jazwinski ef al., 
1975). Whole core terminating in glucosamine is 
essential for optimal adsorption of phage 6SR to cells 
of S. typhimirium and S. flexneri. Yet, mutants of 
S. typhimirium defective in core biosynthesis or mu- 
tants of S. flexneri containing LPS with disaccharide 
composed of glucose and heptose moieties at its ter- 
minal position are also sensitive to phage infection, 
but at a lower rate (Lindberg and Hellerovist, 1971). 

The afore-mentioned phages behave in different 
way with respect to E. coli. Bacteriophage ®X174 
lysing E. coli C loses ability to adsorb to LPS lacking 
in its core terminal galactose residue (Feige and Stirm, 
1976). Similarly, strain FE. coli K12 sensitive to phage 
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6SR contains glucose moiety in the terminal position 
of LPS core (Picken and Beacham, 1977). 

It is well known that receptors for T-phages, spe- 
cifically T3, T4 and T7 are components of R-type LPS 
of Shigella and Esherichia (Jesaitis and Goebel, 1952; 
Michael, 1968; Weidel, 1958). Phage T3 is adsorbed 
on the surface of S. flexneri mutants harboring core 
terminated with glucose linked to heptose by glyco- 
side bond. The LPS isolated from these strains pos- 
sesses the highest inactivating capacity towards this 
virus. Phage T7 adsorbs best on S. flexneri mutants 
with core terminated with galactose residue bound to 
glucose. Mutant strains E. coli K12 with core ending 
up in heptose and glucose are able to adsorb phages 
T3 and T7 (Picken and Beacham, 1977). The highest 
inactivating potential for phage T4 was displayed by 
LPS isolated from S. flexneri possesing in the core 
terminal disaccharide glucose-heptose. Mutants with 
complete core are also sensitive to phage T4 infec- 
tion but inactivating ability of their LPS is lower. In 
E. coli B cells the optimal receptor proved to be LPS 
containing Glu-1—>3-Glu-1—>3-Hep in core terminal 
position (Prehm et al., 1976). 

Summing up, structure of LPS core responsible 
for recognition of the same bacteriophage may differ 
in bacteria of various microbial species and genera 
as demonstrated above by phages ®X174, 6SR, T3, 
T4 and T7. It appears that major role in the recep- 
tor formation is played by spatial configuration 
around terminal glycosidic bond rather than terminal 
residue in polysaccharide chain of the core (Feige and 
Stirm, 1976). 

Receptors localized in cell wall of gram-positive 
bacteria. Cell wall of gram-positive bacteria signifi- 
cantly differs from the gram-negative species both in 
structure and chemical composition. The main compo- 
nent is peptidoglycan making up from 40 to 90% of the 
cell dry weight. Peptidoglycan is a heteropolymer com- 
posed of disaccharide monomer formed by N-acetyl- 
glucosamine and N-acetylmuramic acid. A tetrapeptide 
most often having the following structure: L-alanine 
— D-glutamic acid — L-diaminopimelic acid — D-alanine 
is attached to a hydroxy group of N-acetylmuramic 
acid. This tetrapeptide mediates covalent links between 
peptidoglycan fibers so that cell wall represents a solid 
cover adjacent to the cell plasma membrane. 

Teichoic acids are the other vital constituents of 
gram-positive microorganisms. They are water-soluble 
polymers comprising glycerol or ribitol moieties linked 
together by phosphodiester bond and traversing pepti- 
doglycan layer in direction perpendicular to the sur- 
face of plasmatic membrane. Most teichoic acids con- 
tain large ratio of D-alanine bound to free hydroxy 
groups, but other substitutes, like N-acetyl-D-gluco- 
samine or D-glucose are found more often. Teichoic 
acids constitute the bulk of bacterial surface antigens. 
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Examined bacteriophages specific to Staphylococ- 
cus aureus, namely phages 3C, 52A, 71, 77, 79 and 
80 are irreversibly inactivated by a complex of pepti- 
doglycan and teichoic acids supplemented in addition 
by tetrapeptide attached to muramic acid. Reversible 
adsorption may be achieved during phage binding 
with teichoic acids connected with glycan fibers but 
irreversible procedure requires presence of tetrapep- 
tide in the complex. Presence of N-acetylglucosamine 
in teichoic acid formula and O-acetyl groups in mu- 
ramic acid residue is also essential for phage adsorp- 
tion (Lindberg, 1973; Coyettl and Gheysen, 1968; 
Chatterjee, 1969; Gheysen eft al., 1968; Murayama 
et al., 1968; Shaw and Chatterjee, 1971). 

Microorganisms of the genus Bacillus have the 
structure of peptidoglycan and teichoic acids similar 
to that of S. aureus. The only distinction is that 
N-acetylglucosamine as component of teichoic acids 
is substituted for D-glucose (Jazwinski et al., 1975). 
Due to this structural resemblance phages specific for 
S. aureus may adsorb on the surface of B. subtilis 
(Rakieten and Rakieten, 1937). D-glucose moiety 
plays a key role for adsorption of bacteriophages spe- 
cific for B. subtilis. Phages 1, 25, ©29, SP3, SP10, 
SP02 and p were not able to adsorb on the surface 
of B. subtilis mutants lacking D-glucose in teichoic 
acid composition (Glacer et al., 1966; Hemphill and 
Whiteley, 1975; Young, 1968; Lindberg, 1973). Yet, 
some phages could infect bacterial cell without 
glycosylated teichoic acids in case growth occurred 
on the surface of solid nutrient media rather than in 
submerged culture (Yasbin et al., 1976). 

Protein GamR involved in adsorption of phage y 
was identified in cell wall of B. anthracis. This pro- 
tein is probably the component of cobalt transport sys- 
tem. B. cereus and B. thuringiensis also display on the 
surface GamR-like proteins. Only B. cereus is sensi- 
tive to phage y infection although electron micro- 
scope studies have shown adsorption of phage particles 
to cells of both microbial species. It appears, missing 
additional surface structures in B. thuringiensis cells 
are indispensable for cell penetration and further 
phage propagation (Davison et al., 2005). 

Bacteriophages specific for Lactobacillus del- 
brueskii are inactivated by lipoteichoic acids isolated 
from cell wall of this microbial species. Inactivation 
degree depends on available D-alanine and L-glucose 
residues bound to fee hydroxyl groups of teichoic 
acids. An increase in D-alanine level results in reduced 
inactivating ability of lipoteichoic acids and their pre- 
liminary incubation with glucose-specific lectin ConA 
leads to complete inhibition of phage adsorption 
(Raisanen et al., 2007). 

Bacteriophages infecting Lactococcus lactis ini- 
tially adsorb to polysaccharide cell wall. For some 
phages this step is irreversible (Monteville e¢ al., 1994; 
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Schafer et al., 1991; Valyasevi et al., 1990; Valyasevi 
et al., 1994). Rhamnose, glucose and galactose moi- 
eties, as a part of extracellular polysaccharides are 
responsible for primary recognition and attachment of 
phage virions. Phage eb7 is characterized by adsorp- 
tion to glucosamine or galactosamine residues (Keogh 
and Pettingill, 1983). Viruses of lactic acid strepto- 
cocci belonging to group 2c and phage kh require 
specific protein (a phage infection protein) for irre- 
versible secondary binding with bacterial cell wall 
(Monteville et al., 1994; Babu etal., 1995; Geller 
et al., 1993; Valyasevi et al., 1991). 

Receptors localized in capsular polysaccharides, 
pili and flagella. Many bacteriophages are attracted 
to bacterial pili, flagella, capsular and slime polysac- 
charides as receptors. Among viruses adsorbing to 
flagella several agents have been reported including 
phage x infecting representatives of Enterobacteriacae 
family — Salmonella, Serratia, and E. coli, phage PBS7 
attached to B. subtilis, B. pumilus, B. licheniformis, 
phage PBP7 specific to B. pumilis, phage 7—7—1 infects 
R. lupine (Shade et al., 1967; Lovett, 1972; Lotz et al., 
1977). The phages have the same mechanism of ad- 
sorption, where the virion is fixed to the distal part of 
flagella via tail fibers. This adsorption stage is revers- 
ible; electron microscopic photos show that phage 
attachment does not result in release of nucleic acid 
from capside. Further on the virion moves closer to cell 
surface ultimately binding irreversibly to the baseplate 
of flagella. 

Phages DAcM4 and ®AcS2 infecting Asticca- 
caulis biprosthecum also specifically adsorb to flagella 
via site connecting head and tail of the phage whereas 
distal part of the tail remains free for adsorption to 
the surface of bacterial cell (Pate et al., 1973). The 
attached virion is able to move along flagella towards 
cell and also may adsorb to the surface of neighbor cell. 

Many bacteria have external protective layers in 
the form of capsules or slime. Such layer may block 
access of bacteriophage to receptor localized in the 
cell wall or may be used for adsorption of phages, 
particularly those which fail to attach to bacteria de- 
void of capsules (Chakrabarty et al., 1967; Park, 1956). 

One of the bacteriophage receptors located in cap- 
sules of gram-negative bacteria is Vi-antigen typical for 
representatives of Salmonella, Citrobacter and E. coli. 
The polymer consists of residues of N-acetyl-D- 
galactosaminuronic acid linked by «1,4-bond and par- 
tially O-acetylated (Luderitz et al., 1968). Studies on 
interaction of phage II with isolated Vi-antigen dem- 
onstrated that virion adsorption was accompanied by 
enzymatic cleavage of side acetyl groups while total 
chain depolymerisation did not occur (Taylor, 1965; 
1966). The enzyme catalytically governing this reac- 
tion is localized in phage tail. Deacetylated Vi-polysac- 
charide loses capacity of further phage binding, but 
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this property is recovered after reverse acetylation. It 
should be noted that such interaction is reversible, 
while components of bacterial cell wall are essential 
for irreversible binding. 

Adsorption of other phages to capsular polysac- 
charides is also associated with enzymatic activity but 
in this case it is aimed at depolymerisation of main 
chain. Enzymes displaying endoglucosidase activity 
were characterized for phages of E. coli K29 and 
phage of Klebsiella K11 (Stirm ef al., 1971a; 1971b). 
Virus K2 hydrolyzes capsule of Aerobacter aerogenesis 
using glucane hydrolase (Yurewicz et al., 1971) split- 
ting «1, 3-bond between galactose residues. A com- 
mon feature of these phages is their similar virion 
morphology and the interaction of phages with capsu- 
lar polysaccharides is a reversible process. The capsule 
acts as areceptor for initial phage attachment whereas 
cell wall components are essential for irreversible 
binding (Taylor, 1966; Stirm et al. 1971b). 

Viruses of 2 types are present among bacterio- 
phages that are able to adsorb to pili of RNA-contain- 
ing viruses with isometric capsid and DNA-containing 
viruses in the form of filaments. A peculiarity of such 
phages is that they use as receptors only sex pili of 
bacteria, able to adsorb several hundred phage virions. 
Phages P17, M12, fr, QB, f2, f4 infecting E. coli 
are most thoroughly studied among RNA-containing 
viruses. All above-mentioned phages composed of vast 
amount of identical subunits are about 27 nm in diam- 
eter (Hohn and Hohn, 1970). The second capside com- 
ponent is protein A responsible for recognition and 
adsorption of virion to pili (Roberts and Steitz, 1967). 
This protein is available in virion as one copy and 
upon RNA injection it penetrates into host cell with 
nucleic acid (Steitz, 1968a; 1968b; Krahn et al., 1972). 

DNA-containing filamentous phages recognizing 
pili as receptors may be subdivided into 2 groups: 
Ff and If phages adsorbing to terminal parts of F 
and I pili, respectively (Meynell and Lawn, 1968; 
Schlesinger, 1932). Unlike RNA-containing phages, 
only few virions may adsorb to one pilus. Binding is 
also mediated by protein A, similar to RNA phage 
case (Meynell and Lawn, 1968). 


Mechanisms of phage adsorption and penetration 


Rate of adsorption is the value characteristic of each 
phage-host pair and it may vary depending on concen- 
tration of phage/host. Since bacteriophages do not have 
specific structures responsible for virion motion and, 
consequently, they cannot move independently, the 
adsorption process is the result of random phage-cell 
collision described by active mass law (Schlesinger, 
1932). It appears therefore that as concentration of viri- 
ons and bacterial cells grows, the number of random 


150 


collisions tends to rise which, in turn, leads to higher 
adsorption rate. 

Rate of adsorption is also determined by a series 
of diverse non-specific physical-chemical factors 
(pH, temperature, presence in the media of certain 
substances and ions) and depends on host physio- 
logical state and cultural conditions (Hershey et al., 
1994; Delbruck, 1940; Quiberoni and Reinheimer, 
1998; Sillankorva et al., 2004). 

Virion adsorption on host cell surface is usually 
illustrated as the process consisting of 2 stages: re- 
versible and irreversible binding. It should be noted 
that molecular mechanisms of interaction at both 
stages of adsorption are specific for different phage- 
host systems and they may vary significantly in rep- 
resentatives of diverse taxonomic groups. 

As a tule, penetration of nucleic acid takes place 
after irreversible adsorption phase. Mechanisms of 
this process are specific for each phage, or phage 
group. Electrochemical membrane potential, ATP 
molecules, enzymatic splitting of peptidoglycan layer 
or all three factors may be vital for penetration of ge- 
netic material inside the bacterial cell. 

Processes of adsorption and phage penetration into 
cells are investigated in most detail for viruses of 
E. coli, namely T4, T5, T7 (Letellier et al., 2004). 
Some findings are available on processes of adsorption 
and penetration of viruses incorporating plasmatic 
membrane. Below these mechanisms will be consid- 
ered separately for each virus. 

T4-like phages. Initial stage of adsorption for 
T4-like bacteriophages consists in reversible attach- 
ment of long tail fibers to specific receptors on the 
surface of outer membrane. It is necessary for suc- 
cessful infection that 3 or more of tail fibers could 
adsorb to cell surface since they play a critical role in 
triggering conformational changes of phage tail essen- 
tial for DNA penetration into the cell (Crawford and 
Goldberg, 1977; 1980; Arscott and Goldberg, 1976). 

After phage gets attached to the cell via long fibers, 
baseplate changes its shape and as a result it takes 
stellar conformation. Finally 6 short fibers are gener- 
ated and they irreversibly adsorb to heptose moiety in 
LPS core (Riede et al., 1985, Montag etal., 1987). 
Conformational alteration of baseplate simultaneously 
launches contraction of tail sheaths so that inner hol- 
low tube punctures bacterial outer membrane (Moody, 
1973). To facilitate penetration through peptidogly- 
can layer, enzyme lysozyme — an integral part of base- 
plate protein gp5 is localized at the end of the tube. 
X-ray spatial analysis of the complex has revealed 
that domain responsible for peptidoglycan degrada- 
tion is located at C-terminal part of spike-form struc- 
ture (Kanamaru et al., 2002). Contact of this site with 
phosphatidylglycerol of the inner membrane is a signal 
for DNA transport along tail tube and its introduction 
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into the cell. Specific mechanism of DNA penetration 
via inner membrane remains to be elucidated, yet it 
is clear that phage tail does not penetrate through 
inner membrane and the process requires electro- 
chemical potential on the inner membrane (Labedan 
and Goldberg, 1979). 

Bacteriophage T7. Phage T7 infection results in 
restructuring of tail proteins making up a cylinder 
shape inside phage head. This structure consists of 
3 protein gpl6 copies, 12 protein gp15 copies and 
18 protein gp 14 copies. In addition, phage head con- 
tains 2 other proteins playing a key role in DNA trans- 
port into the cell — gp13 and gp7.3. DNA molecule is 
spiraled onto the cylinder formed within the capsid. 

Initially, phage T7 interacts with bacterial LPSs via 
tail fibers. As soon as such contact occurs, the signal 
triggering irreversible virion binding is transmitted 
into phage capsid. Phage tail, tail fibers and protein 
gp13 are involved in signal transfer. Irreversible bind- 
ing is associated with degradation of proteins gp13 
and gp7.3 while proteins gp14—16 pass through phage 
tail channel and shape the pathway across bacterial 
cell wall (Molineux, 2001; 2005). N-terminal part of 
gp16 is homologous to bacterial lytic enzyme trans- 
glycosylase making a major contribution in the restruc- 
turing of the peptidoglycan layer. Perhaps this domain 
is responsible for penetration of formed tubular struc- 
ture through peptidoglycan to the inner membrane. 

DNA transport via the channel slows down when 
the first 850 base pairs get into the cell. The reason is 
protein gp16 serves as a special clip retarding rate 
of DNA penetration. The essence of this mechanism is 
that partial DNA uptake initiates transcription process 
and produces inhibitor of cell restrictases. Slow pene- 
tration of nucleic acid allows to synthesize this inhibit- 
ing factor earlier than DNA sites sensitive to restric- 
tases appear inside the cell (Molineux, 2001; 2005). 

T5 and similar phages. Bacteriophage T5 in- 
cludes hexagonal head 90 nm in size and long flex- 
ible tail around 200 nm. Protein FhuA localized in 
cellular outer membrane and engaged in transport 
of iron into the cell acts as a receptor for this phage. 
Adsorption to such protein is energy-sparing and 
irreversible, leading to DNA release in absence of other 
factors (Letellier et al., 2004). 

It was shown that besides irreversible adsorption, 
TS is able to bind reversibly to O-antigen of bacterial 
LPS (Heller and Braun, 1979; 1982). Irreversible 
binding accelerates DNA introduction into host cell 
but it is not a crucial factor in adsorption process. This 
conclusion was made after it was proven that loss of 
tail fibers by the phage and lack of LPS O-chain in 
bacteria would not affect plating efficiency. 

The precise mechanism of DNA cellular uptake 
has not been established so far. It is known that injec- 
tion of genetic material proceeds in 2 stages. Introduc- 
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tion of 8% DNA into cytoplasm causes a pause lasting 
4 minutes (Lanni, 1965; 1968). Entered viral DNA 
controls synthesis of proteins responsible for degra- 
dation of bacterial DNA and switching off its tran- 
scription. Later DNA transport is resumed and the rest 
of nucleic acid is transferred inside bacterial cell. 

Phages T1 and #80 use the same transport protein 
FhuA as a receptor, although adsorption to it requires 
energy. Electrochemical proton gradient generated on 
inner membrane of bacterial cell by electron transport 
chain is applied as energy source. Electrochemical po- 
tential is transmitted to outer membrane via media- 
tion of protein TonB. Its N-terminal part is anchored 
to cell inner membrane, while C-terminal interacts 
with FhuA receptor. Specific mechanism of energy 
transfer and mechanism of DNA transport into bacte- 
rial cell remains to be decoded. 

Bacteriophages incorporating plasmatic mem- 
brane. Bacterial viruses structurally comprising lipid 
bilayer attract vivid interest due to large diversity of 
mechanisms engaged in viral infection of host cell. For 
instance, morphologically identical DNA-containing 
phages PRD1 and PM2 use different receptors for ad- 
sorption, have distinct cell penetration mechanisms and 
infect different hosts. Bacteriophage PRD1 is charac- 
terized by a relatively broad host range, including 
E. coli, P. aeruginosa, S. enteric, but it can infect only 
strains carrying conjugative plasmids of N, P or W type 
(Olsen et al., 1974). These plasmids encode bacte- 
riophage receptor (Lyra et al., 1991). Capsid in the 
form of an icosahedron is constituted from 24 copies 
of protein P3, and each vertex is crowned with spikes 
consisting of proteins P2, PS and P31 (Benson ef al., 
1999; Butcher et al., 1995; Mindich et al., 1982; Grahn 
et al., 1999; Rydman et al., 1999). Membrane vesicle 
surrounding double-stranded DNA is inside the capsid. 
Protein content in the membrane is approximately 50%. 

At the first stage of adsorption the phage is revers- 
ibly bound to cell receptor via protein P2 and as a re- 
sult spiky protein complex (P2, P5, P31) and a part of 
capsid proteins (P3) are released. Such modifications 
produce a hole in capsid envelope (Rydman et al., 
1999). Further on phage membrane within the capsid 
is subjected to structural regrouping, yielding tubular 
tail penetrating into the bacterial cell via outer mem- 
brane and peptidoglycan layer (Lundstrom et al., 1979; 
Bamford and Mindich, 1982). Two proteins possessing 
lytic activity — P7 and P15 are localized in the newly 
generated membrane tube. These proteins acting con- 
certedly break down peptidoglycan at the penetration 
site, generating small holes (Rydman and Bamford, 
2000). Reaching internal membrane, bacteriophage- 
derived tube fuses with it, releasing DNA into cyto- 
plasm. The process is accompanied by massive extra- 
cellular secretion of potasstum ions and ATP molecules 
(Daugelavicius et al., 1997). 
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Phage PM2 also includes intracapsid membrane 
vesicle surrounding double-stranded DNA molecule 
(Espejo and Canelo, 1968). Penetration mechanism of 
genetic material in host cell is not thoroughly investi- 
gated but available data indicate that it differs signifi- 
cantly from that in phage PRD1. Adsorption to host 
cell surface is followed by capsid dissociation into 
protein constituents. Increased membrane permeability 
for lipophylic molecules of gramicidine B is also ob- 
served, pointing to potential fusion with bacteriophage 
membrane (Kivela et al., 2004). Protein P7 possessing 
lytic activity and probably playing an important role 
in the process of penetration through peptidoglycan 
layer was identified in membrane vesicle (Kivela et al., 
2004). Penetration of genetic material inside the cell 
is associated with depolymerisation of the microbial 
inner membrane. 

RNA-containing bacteriophage 6 entering P. sy- 
ringae cell, apart from nucleic acid, should inject 
RNA-dependent-RNA-polymerase because the host 
cell does not contain enzymes able to transcribe viral 
RNA. Structural peculiarity of this phage is the 
presence of outer lipid-protein envelope surrounding 
a capsid with confined complex — RNA plus RNA- 
polymerase (Bamford et al., 1976; Butcher et al., 
1997; Kenney etal., 1992; Vidaver etal., 1973; 
Daugelavicius et al., 2005). Main receptors for phage 
6 are type IV pili (Bamford ef al., 1976; Vidaver 
et al., 1973) where phage is attached via protein P3 
(Daugelavicius et al., 2005; Romantschuk and Bam- 
ford, 1985). Integral protein P6 localized in plasmatic 
membrane of the virion initiates fusion of host outer 
membrane and phage lipid envelope (Daugelavicius 
et al., 2005; Bamford et al., 1987). As a result of such 
membrane integration the virus capsid with contained 
nucleic acid floods into the periplasmic space. Endo- 
peptidase P5 localized in the capsid envelope splits 
the peptidoglycan layer at the point of attack and the 
virus nucleocapsid reaches the internal membrane of 
the bacteria, (Daugelavicius et al., 2005., Caldentey 
and Bamford, 1992; Mindich and Lehman, 1979). 
According to electron microscopy observations, the 
final stage of virus penetration into bacterial cell en- 
visages generation of membrane vesicle incorporat- 
ing phage nucleocapsid (Peisajovich and Shai, 2002). 
The process is similar to viral endocytosis in humans 
and animals (Smith and Helentus. 2004). Mechanisms 
of disclosing vesicle in host cytoplasm and virion 
decoating are not well established to date. 

DNA-containing phage Bam35 infects cells of 
gram-positive bacteria B. thuringiensis and contains 
plasmatic membrane located within the capsid. The 
mechanism of phage penetration into the cell is not 
fully investigated. It is known that N-acetylmuramic 
acid residue — a cell wall component — serves as 
a receptor. Penetration through the peptidoglycan layer 
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is related to enzymes gp26 and gp30 localized in the 
capsid envelope. The transport of genetic material 
across the plasmatic membrane depends on presence 
of bivalent cations in the media, whereas phage adsorp- 
tion and degradation of peptidoglycan are not depen- 
dent (Gaidelyte et al., 2006). 


Conclusions 


The process of bacteriophage adsorption to a recep- 
tor on cell surface is the first stage in virus-host inter- 
action. Adsorption phase defines phage-host specific- 
ity and mechanisms governing resistance of bacteria 
to virus infection. The nature of receptor, aspects of 
its chemical composition and spatial configuration, 
structure of viral receptor-binding protein and specific 
interaction mechanisms -— all these factors play a key 
role in shaping stable bacteriophage-host population. 

In early studies on phage-host interactions it was 
assumed to regard processes of adsorption and penetra- 
tion of nucleic acid into bacterial cell separately from 
each other as different stages of a virus life cycle. The 
massive amount of data collected so far evidences a deep 
correlation between virus adsorption and penetration 
into bacterial cell. Irreversible adsorption stage virtu- 
ally always initiates penetration of genetic material 
inside host cell. It appears desirable therefore to con- 
sider the first phase of interaction between virus and 
bacterial cell as a complex process comprising adsorp- 
tion, structural alterations of virus and host cell wall 
and transport of nucleic acid into the cell. 

It should be stated that analysis of literature find- 
ings indicates a large diversity of bacteriophage-host 
populations with respect to nature and structure of the 
receptor, virus antireceptor and molecular mechanisms 
of virion-cell interactions. It supports the conclusion 
that investigation of structural-functional aspects and 
interaction mechanisms for specific phage-host popu- 
lation is indispensable and doubts feasibility of creat- 
ing general model embracing the whole spectrum of 
existing bacterial viruses and their hosts. 
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Chapter 7 


Bacteriophage 





Bacteriophage or phage for short are viruses that infect only bacteria. In contrast 
to cells that grow from an increase in the number of their components and reproduce 
by division, viruses are assembled from pre-made components. Viruses are nucleic 
acid molecules surrounded by a protective coating. They are not capable of generat- 
ing energy and reproduce inside of cells. The nucleic acid inside the coating, called 
the phage genome in a bacteriophage, encodes most of the gene products needed 
for making more phage. The phage genome can be made of either double- or 
single-stranded DNA or RNA, depending on the bacteriophage in question. The 
genome can be circular or linear. The protective coating or capsid surrounding the 
phage genome is composed of phage-encoded proteins. 

Many important discoveries have been made using phage as model systems. From 
the discovery that a nonsense codon stopped protein synthesis to the first develop- 
mental switch to be understood at the molecular level, phage have proven to be very 
useful. In this chapter, we will look at phage development using T4, 4 (lambda), P1, 
and M13 as examples. Each of these phage infect E. coli. We will examine specific dis- 
coveries using these phage or specific properties of the phage that have made them 
particularly useful to biologists. 


The structure of phage 


All phage have a chromosome encased in a capsid that is composed of phage-encoded Discovery of phage 
proteins. For many phage types, the capsid is attached to a tail structure that is also 
made from phage-encoded proteins. T4 and P1 contain a linear double-stranded DNA 1915 by prederick Twortand 
genome enclosed in a capsid and attached to a tail (Fig. 7.1a). The T4 genome is 172 1917 by Felix d’Herelle. Both 
kb, while P1 is a smaller phage with a genome of 90 kb. The T4 capsid is an elongated men discovered phage when 
icosahedron. T4 has a very elaborate tail structure including a collar at the base of the the bacteria they were working 
head and a rigid tail core surrounded by a contractile sheath. The core and sheath are Sean sae Tare ete 
attached to a hexagonal base plate. Also attached to the tail plate are tail pins and six eons Be ae 
kinked tail fibers. P1 also has an icosahedral capsid, a tail with a contractile sheath, a culture, invisible by light 
base plate, and tail fibers. A contains a linear double-stranded DNA genome of 48.5 kb, microscopy, and would go 
acapsid, anda tail (Fig. 7.1b). The finished capsid is again shaped like an icosahedron through the smallest filter they 
whereas the tail is a thin flexible tube that ends in a small conical part and a single tail had. d’Herelle cond the term 
fiber. M13 contains a circular single-stranded DNA genome of 6407 nucleotides sur- pegs iege eg ampiagian 

‘ P ; entity that eats bacteria. 
rounded by five phage-encoded proteins (Fig. 7.1c). The M13 chromosome is coated 


Phage were first described in 
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Fig. 7.1 The structures of (a) T4, 
(b) A, and (c) M13. 





Tail plate 


] Conical part 
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Tail pins —Tail fiber 


by asingle layer of ~2700 subunits of gene VIII encoded protein (gpVIID) giving it a fil- 
amentous appearance, the reason M13 is also known as a filamentous phage. At 
one end of the filament are bound the M13 proteins encoded by genes VII and IX 
(gpVI and gpIX) and at the other end are bound the M13-encoded gene III and VI pro- 
teins (gpI and gpVI). 


The lifecycle of a bacteriophage 


All phage must carry out a specific set of reactions in order to make more of them- 
selves. First, the phage must be able to recognize a bacterium that it can multiply in by 
binding to the bacterial cell surface. Next, the phage must inject its genome and the 
genome must be protected from the bacterial nucleases in the cytoplasm. The phage 
genome must be replicated, transcribed, and translated so that a large number of 
genomes, capsid proteins, and tail proteins, if present, are produced at the same or 
nearly the same time. Complete phage particles are then assembled and the phage 
must get back out of the bacterium. Different phage use different strategies to carry 
out each of these reactions. 
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Phage are very choosy as to what bacteria they infect. This is referred to as the host 
range of the phage. For example, A only infects certain E. coli, whereas Spol1 phage 
infect only Bacillus subtilis. Several phage types may infect a single bacterial species. 
E. colican be infected by A, M13, P1, T4, and Mu phages, to name a few. 

The number of phage that can be released from one bacterium after infection and 
growth by one phage is known as the burst size. Every phage has a characteristic 
burst size. Different phage also take different amounts of time to go through one 
growth cycle. We know when a phage has successfully reproduced when we are able 
to detect plaques or circular areas with little or no bacterial growth on an agar plate 
covered with a thin layer of bacteria. 

Once bound to the cell, the phage must get its genome into the cytoplasm. The rate 
of phage DNA transport can be very rapid. It is different for different phages but can 
reach values as high as 3000 base pairs per second. In contrast, two other methods for 
getting DNA from the outside of the cell to the cytoplasm (conjugation, Chapter 10 
and transformation, Chapter 11) transfer the DNA at a rate of approximately 100 
bases per second. In many cases the details of how a phage genome gets into the cyto- 
plasm are not known. From the information we do have, it is clear that not just one 
mechanism is used. 


Lytic-Lysogenic options 


The process of a phage infecting a bacterium and producing progeny is referred toas a 
lytic infection. Some phage, like T4, are only capable of lytic growth. Some phage are 
also capable of maintaining their chromosome ina stable, silent state within the bac- 
teria. This is called lysogeny. Phage that are capable of both a lytic and lysogenic 
pathway are called temperate phage. P1 and A are temperate phage. M13 is unusu- 
al because phage continually exit from a bacterium without killing it. For this reason, 
M13 is not considered to have a true lysogenic state and is not a temperate phage. 
When the bacterium contains a silent phage chromosome, it is referred to as a lyso- 
gen. The incorporated phage genome is referred to as a prophage. 


The A lifecycle 


adsorption 


Phage identify a host bacterium by binding or adsorbing to a specific structure on the 
surface of the cell. Many different cell surface structures can be used as binding sites. 
The basics of adsorption are that a specific structure on the surface of the phage inter- 
acts with a specific structure on the surface of the bacterium. 4 binds to an outer mem- 
brane protein called LamB via a protein that resides at the tip of the A tail called the J 
protein. LamB normally functions in the binding and uptake of the sugars maltose 
and maltodextrin. 


4 DNA injection 


Initially, A binds to LamB and the binding is reversible. This step requires only the A 
tail and the LamB protein. Next, the bound phage undergoes a change and the bind- 
ing to LamB becomes irreversible. The nature of the change is unknown but it requires 
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Fig. 7.2 The structure of the A 
DNA in the phage capsid (a) and 
after circularization in the 
cytoplasm (b). The DNA 
circularizes via the cos site. 
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that a phage head be attached to the phage tail. Next the A DNA is ejected from the 
phage and taken up by the bacterium. The DNA in the phage head is very tightly 
packed. If the condensed state of the phage DNA is stabilized, ejection of the DNA 
does not occur. The addition of small positively charged molecules such as putrescine 
to the phage counteracts the negatively charged DNA and stabilizes the DNA in the 
phage head. This implies that the tight packing of the DNA is used to help eject the 
DNA from the phage particle. When 4 DNA is put into the capsid, one end known as 
the left end is inserted first. When the 4 DNA comes out of the phage head, the right 
end exits first. Unlike phage T4 (see below), no change in the A tail structure is seen 
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when the DNA is ejected. In addition to LamB, ) also uses an inner membrane protein 
called PstM to gain entry to the cytoplasm. How the ’ DNA physically traverses the 
peptidoglycan and periplasm and gets through PtsM is not known. 


Protecting the 1 genome in the bacterial cytoplasm 


What protection the phage genome needs in the cytoplasm depends on the physical 
state of the injected nucleic acid. 4 contains a linear double-stranded DNA molecule 
in its capsid. In the bacterial cytoplasm, dsDNA molecules are subject to degradation 
by exonucleases that need a free end to digest the DNA. The first event that happens 
to newly injected } DNA is that the DNA circularizes to prevent it from being 
degraded. 

i has a specific site on its DNA, termed the cos site, which it uses to circularize the 
DNA (Fig. 7.2). The cos site is a 22 bp sequence that is cut asymmetrically when thea 
DNA is packaged (see below). The cut cos site has a 12 bp overhang. There is one cut cos 
site at the left end of the A genome and another cut cos site at the right end of the A 
genome (Fig. 7.2a). When thea DNA is injected into the cytoplasm, the cut cos sites at 
either of the linear 4 genome anneal (Fig. 7.2b). A host enzyme, DNA ligase, seals the 
nicks at either end of the cos site generating a covalently closed, circular 1 genome. 
The host encoded enzyme, DNA gyrase, supercoils the A molecule. 


What happens to the A genome after 
it is stabilized? 


The A genome contains six major promoters known as P, 
for promoter leftward, P, for promoter rightward, Pp, for 
promoter for repressor establishment, Pp, for promoter 
for repressor maintenance, P, for promoter for integra- 
tion, and P,, for secondary rightward promoter (Fig. 7.3). 
After the genome is circularized and supercoiled, tran- 
scription begins from P, and Pp. Aseries of genes known as 
early genes are transcribed and translated. These gene 
products are the initial proteins needed for further phage 
development. E. coli RNA polymerase interacts with P, to 
give rise to a short MRNA transcript that is translated into 
the N protein (Fig. 7.4a). E. coli RNA polymerase interacts 
with P, to give rise to a short mRNA transcript that is 
translated into the Cro protein (Fig. 7.4a). 

The N protein is able to extend transcription when RNA 
polymerase encounters a sequence in the DNA that tells it 
to stop. For this reason, N is called an anti-termination 
protein. N allows RNA polymerase to transcribe through 
the t, and t,, termination signals resulting in the synthe- 
sis of longer mRNA transcripts (Fig. 7.4b). The longer 
transcripts from P, encode the O, P, and CII proteins, and 
asmall amount of another anti-terminator, the Q protein. 
From P,, CIII, the recombination proteins Gam and Red and a small amount of Xis ; 

major promoters on thea 
and Int are made. genome and the direction in 

The N protein anti-terminates by binding to RNA polymerase after a specific base which they specify mRNA 
pair sequence, located upstream of the transcriptional termination site, has been _ production. 
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Fig. 7.3 The location of the six 
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Fig. 7.4 The first transcription and translation events that take place —_ be produced. From Pa, Cro, CII, O, P, and Q proteins will be produced. 
on the A genome after infection. (a) Transcription from P,; leadstothe —_(c) Nbinds to the nutL site on the DNA. In conjunction with four 
production of N protein. Transcription from P, leads to Cro protein. bacterial proteins, NusA, NusB, NusD, and NusE, N allows RNA 

(b) N is an anti-terminator that allows RNA polymerase to read polymerase to read through the terminator t,. 

through the t, and t,, terminators. From P,, N and CIII proteins will 


transcribed into MRNA (Fig. 7.4c). This sequence is called nut for N utilization. Other 
E. coli proteins contribute to anti-termination. These proteins have been named Nus, 
for N utilization substance. 

At this point, all of the players needed to make the lytic-lysogenic decision have 
been made. CII and CIII are needed for lysogenic growth. Cro and Q are needed for 
lytic growth. The O and P proteins are used for replicating the A DNA. 


Vand the lytic-lysogenic decision 


The decision between lytic or lysogenic growth for 4 was the first developmental 
switch understood at the molecular level. At the most basic level, the decision de- 
pends on the amounts of two phage-encoded proteins called CI (pronounced C-one) 
and Cro, and their binding to their promoter control regions (Fig. 7.5). When Cl is 
bound, the expression of the lytic genes is repressed and the phage follows the 
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Fig. 7.5 Cland Cro are the proteins responsible for the two developmental fates of A. (a) Cl leads to 
lysogeny and Cro leads to lytic growth. (b) Both Cl and Cro bind to two operator regions, Op and O,. Og 
overlaps with both P, and P,y,. O; overlaps with P,. (c) Og is required for the switch between 
developmental pathways. It is composed of three 17 base pair sequences called Op,, Og, and Op3. They 
are similar in sequence but not identical. (d) CI binds to Og, first then Og). It will bind to Og, but only at 
very high concentrations. When CI binds to Og, it represses transcription from P, and activates it from 
Pay Cl binding to Og is actually required for P,,, to be activated. CI binding leads to lysogeny. (e) Cro also 
binds to Op;, Og, and Og; but in the opposite order from CI. Cro binds to Og; first then O,, and at high 
concentrations Op,. Cro binding to Og; inhibits P,,, and leads to lysogeny. 


lysogenic pathway (Fig. 7.5a). For this reason, CI is also known as CI repressor or 
i repressor. The expression and binding of Cro leads to lytic development. 

Cro is made from P, and Cl is made from either Pp, or Pp,,. Both Cro and CI bind to 
the same DNA sequences called operators (Fig. 7.5b). 4 contains two operators that 
bind Cro and CI. One, called Og, overlaps the P,,, and P, promoters. The other, called 
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Fig. 7.6 The CII protein is the 
major player in the switch 
between lytic and lysogenic 
growth. CII is unstable and 
rapidly degraded by the host- 
encoded HflA protease. Inactive 
CII leads to lytic growth. CII can 
be protected by the phage- 
encoded CII protein. Active CII 
leads to lysogenic growth. 
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O,, is behind the P, promoter. O, is a major player in the lytic-lysogenic decision, 
while O, is not part of the decision. 

Og is composed of three 17 base pair sequences called Og,, Og, and Op; (Fig. 7.5¢). 
CI repressor binds to Op, 10 times better than it binds to O,, or O,;. Atincreasing con- 
centrations of CI, it will bind to O,, and eventually to O,,. When Cl is bound to Og, it 
stimulates the P,,, promoter and the production of CI repressor and inhibits the P, 
promoter and the production of Cro, leading to lysogeny (Fig. 7.5d). Cro also binds to 
Oxy, Ops, and Op; but in the reverse order from CI repressor. Cro binds to Og, first, then 
Op, and finally at high concentrations to Op,. When Cro is bound to Op, it inhibits 
the P,,, promoter and the production of CI, leading to lytic growth (Fig. 7.5e). This is 
the basis for either lytic or lysogenic growth. 

How does the phage switch between these two developmental pathways? The 
major protein involved in the switch is another phage-encoded protein called CI 
(pronounced C-two, Fig. 7.6). CII activates the Pp, and P; promoters. This leads to the 
production of repressor and the Integrase protein, which is also needed for lysogeny 
(Fig. 7.6b). The gene for CII (cI) resides just to the right of the cro gene. When A infects 
a cell, transcription automatically begins from P, and P, using host proteins. Tran- 
scription from P, leads to production of both the Cro and CII proteins. If CII is active 
it will lead to production of Cl and Integrase and lysogeny. If CI is inactive then Cro 
will repress P,,,, preventing expression of Cl and leading to lytic growth. 

The CII protein is inherently unstable. Several factors influence this feature of the 
protein. CII is degraded by the bacterial-encoded HflA protease. When cells are 
actively growing in nutrient-rich conditions, the amount of HflA in the cell is high, 
leading to degradation of CII and lytic growth. When cell are growing slowly, HflA 
levels are low, leading to stabilization of CII, production of CI, and lysogeny. In this 
manner, CIJ is used to monitor the health of the cell and impact the lytic-lysogenic 
decision accordingly. It is thought that A wants to produce more phage when cells are 
healthy, nutrients are plentiful, and the prospect of completing phage development 
is good. Lysogeny is a better 
bet when cells are growing 
() poorly. CI is also stabilized 

Degradation by HfLA Cl Protection by Clll by aphage-encoded protein 
- called CHI. CII is produced 


ye <= from P, by infecting phage. 


Lysogeny 


Lytic growth 


The A lysogenic 
pathway 


If CII prevails, CI will be 
produced, initially from the 
Ppp promoter and eventu- 
ally from the P,,, promoter. 
CI activates Pp, ensuring 
that a continuous supply of 
Clis made. CI also activates 
the P,; promoter, leading to 
the production of the Inte- 
grase protein. The recombi- 
nation of 4 DNA into the 
chromosome occurs at a 
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specific site in the 7A DNA 
called attP and at a specific 
site in the bacterial chro- 
mosome called attB (Fig. 
7.7). The recombination of 
X DNA into the chromo- 
some requires Integrase and 
the host-encoded IHF pro- 
tein (for integration host 
factor). Once in the chro- 
mosome, the phage DNA is 
bounded by hybrid att sites 
called attL and attR. The 
reverse of this reaction, 
recombination of 4 DNA 
out of the chromosome re- 
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Xis 


Fig. 7.7 X recombines into the 
chromosome using a specific site 
on the phage called attP anda 
specific site on the bacterial 
chromosome called attB. When 
the A DNA is in the 
chromosome, it is bounded by 
attL and attR, which are hybrid 
attP/attB sites. 


E. coli DNA 

















quires Int, IHF, and a third protein Xis (for excision and pronounced excise). Because 
the recombination always occurs at specific sites and requires very specific enzymes, 
itis known as a site-specific recombination event (Chapter 5). Once the A DNA is 
recombined into the chromosome, it is replicated and stably inherited by daughter 
cells as part of the bacterial chromosome. The attB site on the chromosome lies be- 
tween the gal and bio genes and does not disrupt either gene. When A DNA has re- 
combined into the bacterial chromosome it is quiescent, except for the continued 


production of CI from P,y,. 


What prevents the expression of the late genes coding for lytic function? The ex- 
pression of late genes is prevented by the action of the A repressor. \ repressor binding 
to the operator sequences O, and O, blocks transcription from P, and Pp. Since P, is 
blocked, the A Q protein is not made and transcription of the late genes does not 


occur. 


The A lytic pathway 


If enough of the Q protein accumulates in the cell, RNA polymerase will continue its 
transcription from a third promoter, P,,, located in front of the Q gene (Fig. 7.8). This 
extends transcription into the late genes located downstream of Q. The late genes en- 
code the proteins needed to complete the lytic infection including the head, tail, and 


lysis proteins. 





Fig. 7.8 The Q protein which is 
made from P, when N is present 
is a second anti-termination 
protein. It acts on the qut site 
and allows transcription 
through tp. Q is necessary for 
synthesis of the head and tail 
genes. 
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Fig. 7.9 X has two modes of 
DNA replication: theta 
replication (a) and rolling circle 
replication (b). Theta replication 
occurs early in infection and 
rolling circle replication occurs 
late in infection. Rolling circle 
replication produces 
concatamers for packaging into 
phage heads. 





DNA replication during the A lytic pathway 


After the infecting A DNA has been converted to a double-stranded circular molecule, 
it replicates from a specific origin using both the phage-encoded O and P proteins and 
bacterial-encoded proteins. Replication proceeds bidirectionally, much like the E. coli 
chromosome. This form of replication produces molecules that look like the Greek 
letter theta and is called theta replication (Fig. 7.9a). Later in lytic development, A 
switches to a second mode of replication called rolling circle replication. 

Rolling circle replication of 1 DNA commences when an endonuclease, en- 
coded by A exo, cuts one strand of the covalently closed circular double-stranded DNA 
molecule (Fig. 7.9b). The cut strand is called the plus strand. The 5’ end of the cut plus 
strand is peeled away from the intact minus strand. DNA polymerase adds deoxyri- 
bonucleotides to the free 3’ OH of the cut plus strand using the intact circular minus 
strand as the template. This produces new plus strands through a process of continu- 
ally elongating the original plus strand. The new plus strands are used as a template to 
synthesize new minus strands. Rolling circle replication produces long DNA mole- 
cules containing multiple phage genomes called concatamers. 


Making A phage 


The structure of the fin- 
ished capsid is determined 
by the physical characteris- 
tics of the structural pro- 
teins that they are made 
from and the phage and 
host proteins used for as- 
sembly. Assembly of the 
capsids requires at least 
10 phage-encoded proteins 
and two host-encoded pro- 
teins. The final capsid is 
made up of eight proteins, 
E, D, B, W, FIL, B*, X1, and 
X2. Initially, B, C, and Nu3 
(all phage proteins) form a 
small, ill-defined initiator 
structure (Fig. 7.10a). This 
structure is a substrate for 
the host-encoded GroEL 
and GroES proteins. GroEL 
and GroES act on proteins 
ra or protein complexes and 


help remodel them. The 
5! 
_— Newly synthesized DNA 
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ee ___e 
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major coat protein, E, is 
added to this structure to 
form an immature phage 
head (Fig. 7.10b). The 
immature phage head is 
converted to the mature 


PYF7 


3/21/05 





7:59 PM Page 115 


Bacteriophage 


Convert B —— B* 
FuseE+C — Digest to X1, X2 


ie aes 


cos 


W + FIL 


Infective 


/ phage 


Fig. 7.10 The assembly pathway for A. (a) The initiator structure for the head is composed of the B, C, and 
Nu3 proteins. (b) E, the major head protein, is added to this structure. Nu3 is degraded, B is cleaved toa 
smaller form (B*), and Eand C are fused and cleaved at a new position to form X1 and X2. This forms the 
immature phage head. (c) The immature phage head is now ready for DNA from a concatamer. The D 
protein is added to the capsid at this point. (d) Packaging starts at a cos site and proceeds to the next cos 
site. (e) The DNA is inserted into the capsid and sealed inside by the W and FI proteins. (f) Tails are added 
to the full capsid to form a phage. 
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phage head by the degradation of Nu3, the cleavage of B to B*, and the fusion of C pro- 
tein and some E protein followed by the cleavage of the fused protein into two new 
proteins, X1 and X2 (Fig. 7.10c). 

The mature phage head is now ready for DNA. As the DNA is inserted into the phage 
head, it expands and the D protein is added to the surface of the capsid. A DNA cannot 
be packaged from a monomer of A DNA but only from concatamers usually produced 
by rolling circle replication (Fig. 7.10c). The DNA is cut at one cos site by aA encoded 
enzyme and put into the phage head. Terminase binds to a cos site and to a phage 
head, cuts the cos site, and inserts that end of the A DNA into the phage head (Fig. 
7.10d). Terminase cuts the cos site asymmetrically, leaving the 12 base pair overhang. 
The terminase enzyme then tracks along the concatamer of A DNA until it reaches a 
second cos site. As terminase tracks, the DNA is inserted into the phage head. When a 
second cos site is reached, terminase cuts the DNA and the last bit of DNA is inserted 
into the phage head (Fig. 7.10e). 

This phage head with newly inserted DNA is unstable and not able to join to phage 
tails. The W and FI proteins are added to the base of the full head (Fig. 7.10e). This 
both stabilizes the DNA-containing head and builds the connector to which the tail 
will bind. Tails add spontaneously to this structure (Fig. 7.10f). 

Tails are constructed from 12 gene products. Like the capsids, the tails are formed 
from an ill-defined initiator complex. This complex requires the J, I, L, K, H, G, and M 
phage proteins. They are added to the complex in the order listed beginning with the 
J protein. For this reason, it is thought that tails are built from the tip that recognizes 
the bacterium towards the end that binds to the phage head. Once the initiator struc- 
ture is formed, the major tail protein, V, is added. The H protein is used as a measuring 
stick and determines how long the tail will be. Once the tails reaches the correct 
length, the U protein is added to prevent further growth and the H protein is cleaved. 
The Z protein is added last and is required to make an infectious phage. A tail without 
Z will bind to a full phage head but the resulting particle is not infectious. 

The A phage packaging system packages DNA molecules on the basis of the cos 
sites rather than on the basis of the length of the DNA molecule. Varying lengths of 
DNA molecules, within set limits, can be packaged as long as the molecule contains 
a cos site at both ends. If the distance between the two cos sites is less than ~37 kb, 
the resulting phage particle will be unstable. When the DNA is inside the capsid, it 
exerts pressure on the capsid. Likewise the capsid exerts an inward force on the 
DNA. If there is not enough DNA inside the capsid, it will implode from the inward 
force of the capsid. If the distance between the two cos sites is too far (~52 kb), then the 
capsid will be filled before the second cos is reached. The tail cannot be added because 
the DNA hanging out of the capsid is in the way and no infectious phage particle is 
produced. 


Getting out of the cell—the) S and R proteins 


The A Rand S proteins are required for 4 to release progeny phage into the environ- 
ment. The R protein is an endolysin that degrades the peptidoglycan cell wall and 
allows the phage to escape from the cell. The S protein forms a hole in the inner 
membrane to allow the endolysin to gain access to the cell wall. After the hole is 
formed, approximately 100 intact 4 phage particles are released into the environ- 
ment. The entire lytic cycle lasts ~35 minutes. 
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Induction of A by the SOS System 


When a A lysogen is treated with ultraviolet light (UV), 
~35 minutes later the cells lyse and release phage. What 
does the UV do to the cell? UV damages the DNA and trig- 
gers a cellular response called the SOS response to deal 
with this damage (Fig. 7.11). The RecA protein, which is 
normally used for homologous recombination, is activat- 
ed and binds to the LexA protein. The activated RecA 
complexed to LexA induces LexA to cleave itself. This 
leads to the activation of a number of genes whose prod- 
ucts repair the DNA damage in the cell. 4 has tapped into 
this system through the CI protein. CI repressor can inter- 
act with activated RecA, leading to the cleavage of CI. This 
leads to expression of the phage lytic genes and phage 
production. The rational for this response is that 4 does 
not want to risk staying in a cell that has DNA damage and 
may not survive. 


(c) 


Superinfection 


If a cell is a A lysogen, another A phage that infects is not 
able to undergo lytic development and produce phage. 
The incoming phage can inject its DNA, however, the DNA is immediately shut down 
and no transcription or translation of the A initiates. A lysogens are immune to infec- 
tion by another A phage particle, which is called superinfection. Superinfection is 
blocked because the lysogen is continuously producing CI repressor. The lysogen 
actually produces more repressor than it needs to shut down one phage. This extra 
repressor binds to the superinfecting phage DNA at O, and O, and prevents 
transcription from P, and Pp. 


Restriction and modification of DNA 


A simple experiment with A leads to the discovery of how bacteria tell their own DNA 
from foreign DNA. A is capable of making plaques on two different types of E. coli, E. 
coliK12 and E. coli C. If is grown on E. coli K12, it will form plaques on E. coli K12 or 
E. coli C with equal efficiency. If A is grown on E. coli C, it will form plaques on E. coli C 
but if it is plated on E. coli K12, only a few phage will form plaques. The efficiency of 
forming plaques or efficiency of plating (EOP) is decreased by 10,000-fold. This is 
known as restriction. If the E. coliC grown phage that did plaque on E. coli K12 are 
replated on E. coli K12, the EOP is 1. This is known as modification. The few phage 
that survive the replating on E. coli K12 have been modified so that they can effici- 
ently plate on E. coli K12. 

While this originated as a curiosity of phage growth, it has proven to be essential for 
many molecular techniques. Further investigation showed that the protein responsi- 
ble for restriction, a restriction enzyme or restriction endonuclease, actually 
recognizes a specific DNA sequence and cleaves the DNA on both strands. The cut or 
digested DNA is sensitive to nucleases that degrade DNA. The modification part of the 
system is a protein that specifically modifies the DNA sequence recognized by the re- 
striction enzyme and prevents the DNA from being digested. E. coli K12 has a restric- 
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Fig. 7.11 The SOS response 
induces A. UV treatment of cells 
(a) damages the DNA and leaves 
stretches of single-stranded DNA 
(b). The single-stranded DNA 
activates RecA (c). Activated 
RecA interacts with CI, leading 
to cleavage of CI and induction 
of the A lysogen (d). Activated 
RecA also interacts with LexA 
and leads to LexA inactivation 
(e). LexA inactivation leads to 
expression of anumber of genes, 
including some DNA repair 
enzymes. 
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Pathogenicity in 
Vibrio cholera 


Cholera is caused by the 
bacterium, Vibrio cholera. 
Many of the genes that make 
this bacteria pathogenic or 
disease causing are part of a 
prophage located in the V. 


cholera chromosome. This 
prophage bears striking 
resemblance to M13 and other 
filamentous phage. It is 
possible that the transmission 
of these pathogenic genes is as 
simple as the phage moving 
from one bacterial species to 
another sensitive bacterial 
species. 
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tion/modification system and E. coli C does not. This explains the original observa- 
tion with A growth. If a bacterium carries the restriction enzyme, it must also carry the 
modification enzyme so that the bacterial chromosome is not digested and degraded. 
The restriction/modification system allows a bacterium to tell DNA from its own 
species from foreign DNA. Many different bacteria contain restriction/modification 
systems that recognize different DNA sequences. The restriction enzymes are purified 
and used in vitro to cleave DNA at specific DNA sequences, depending on the recog- 
nition sequence of the enzyme in question. Restriction enzymes are used to cleave 
and clone DNA fragments as described in Chapter 14. 


The lifecycle of M13 


M13 adsorption and injection 


M13 adsorbs to the tip of the F pilus, a hair-like structure on the surface of some bac- 
teria. It can only infect bacteria that carry an F or F-like conjugative plasmid that en- 
codes the proteins that make up the F pilus (see Chapter 10). For the filamentous 
phage, it is known that infection is initiated by the binding of gplIlI to the tip of the F 
pilus. GpIII then interacts with the inner membrane protein TolA. Two additional 
facts about gplIlI suggest a mechanism for phage DNA entry. GpIII contains amino 
acid sequences that are fusogenic or promote localized fusion of two membranes and 
gplll is capable of forming pores in membranes that are large enough for DNA to go 
through. If each of these properties of gpI are important for phage entry, then the 
phage could bind to the F pilus, promote fusion of the membranes, and use gpllI to 
form holes in the membrane to gain entry into the cytoplasm. 


Protection of the M13 genome 


The M13 DNA that ends up in the cytoplasm is a circular single-stranded DNA mole- 
cule. The strand present in phage particle is known as the plus or + strand. After entry 
into the cytoplasm, the + strand DNA is immediately coated with an E. coli single- 
stranded DNA binding protein known as SSB. The SSB coating protects the DNA from 
degradation. 


M13 DNA replication 


The M13 plus strand is converted to a double-stranded molecule immediately upon 
entry into E. coli (Fig. 7.12). Synthesis of the complementary strand is carried out en- 
tirely by E. coli’s DNA synthesis machinery. The complementary strand is called the 
minus or—strand. Only the minus strand is used as the template for mRNA synthesis 
and ultimately it is the template for the translation of the encoded M13 gene prod- 
ucts. The SSB that coats the plus strand upon entry of the DNA into the E. coli cyto- 
plasm fails to bind to ~60 nucleotides of the molecule (Fig 7.12c). These nucleotides 
form a hairpin loop that is protected from nuclease degradation. M13 gplll from the 
phage is found associated with the hairpin loop. The hairpin loop is recognized by E. 
coliRNA polymerase asa DNA replication origin and is used to initiate transcription of 
a short RNA primer (Fig. 7.12d). The RNA primer is extended by E. coli DNA poly- 
merase III to create the minus strand (Fig. 7.12e). The RNA primer is eventually re- 
moved by the exonuclease activities of E. coli DNA polymerase I. The gap is filled in by 
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the S’ to 3’ polymerizing activity of the same DNA poly- 
merase. E. coli ligase forms the final phosphodiester bond 
resulting in a covalently closed double-stranded circular 
M13 chromosome. The double-stranded form of M13 
chromosome is called the replicative form (RF) DNA. 

The RF form is replicated by rolling circle replication 
similar to the mechanism used by the 4 chromosome (see 
Fig. 7.9b). The M13 gene II encoded protein is an endonu- 
clease that nicks the plus strand of the RF DNA ata specific 
place to initiate the replication process for M13 RF DNA. 
Approximately 100 copies of M13 RF DNA are made. 
While the M13 chromosomeis being replicated, the genes 
encoding the coat proteins are being transcribed and 
translated. When M13 gpV protein accumulates to suffi- 
cient levels, a switch from synthesizing RF DNA to syn- 
thesizing the plus strand occurs. GpV blocks the synthesis 
of the minus strand, presumably by displacing SSB on the 
plus strand and preventing the plus strand from being 
used as a template. The plus strand is circularized. 


+ Strand 


KN \\ gplll 


M13 phage production and release from the cell 


M13 phage particles are assembled and released from 
E. coli cells through a process that does not involve lysing 
E. coli or disrupting cell division (Fig. 7.13). The gpV 
coated plus strand makes contact with the bacterial inner 
membrane (Fig. 7.13a). This interaction requires a specific packaging sequence on the 
DNA and gpVII and gpIX. The protein-coated DNA traverses the membrane and gpV 
is replaced by gpVIII in the process (Fig. 7.13b). GpVIII is found in the membrane. 
When the last of the phage particle crosses the membrane, gplIII and gpVI are added. 
M13 phage are continually released from actively growing infected E. coli. 


The lifecycle of P1 


Adsorption, injection, and protection of the genome 


P1 adsorbs to the terminal glucose on the lipopolysaccharide present on the outer sur- 
face of the outer membrane. The P1 tail can contract, suggesting that P1 might inject 
its DNA into the cell like T4 (see below). Once inside the cell, P1 DNA circularizes by 
homologous recombination. Circularization can occur by recombination because 
when the phage DNA is packaged, 107% to 112% of the phage genome is incorporat- 
ed into a capsid. This ensures that every phage DNA molecule has between 7 and 12% 
homology at its ends; a property called terminal redundancy (Fig. 7.14). The ter- 
minal redundancy is used to circularize the genome. 


P1 DNA replication and phage assembly 


Like A, early P1 replication takes place by the theta mode of replication. Later in 
infection, P1 switches to rolling circle replication, again like 4 (see Fig. 7.9). At 
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Fig. 7.12 The conversion of the 
M13 plus strand to a double- 
stranded DNA molecule. The 
plus strand enters the cell (a and 
b) with gpIlIl attached. It is 
immediately coated with host 
SSB (c). RNA polymerase 
synthesizes a short primer (d) 
and DNA polymerase 
synthesizes the minus strand. 
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Fig. 7.13 M13 is released from 
the cell without lysing the 
bacterium. (a) The plus strand, 
coated with gpV interacts with 
the membrane through gpVII 
and gpIX. (b) As the DNA 
traverses the membrane, the gpV 
is replaced by gpVIII. 
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approximately 45 minutes 
after infection, the cells are 
filled with concatamers of 
phage DNA, assembled 
phage heads, and assem- 
bled phage tails. Now as- 
sembly of the complete 
phage must take place. A 
protein made from the 
phage genome recognizes a 
site on the concatamers of 
phage DNA called the pac 
site (Fig. 7.15). The protein 
cuts the DNA, making a 
double-stranded end. This 
end is inserted into a phage 
head. The DNA continues 
to be pushed inside the 
head until the head is full, a 
process termed headfull 
packaging. Once the first 
phage head is filled, anoth- 
er empty phage starts 
packaging. Experiments 
indicate that up to five 
headfulls of DNA can be 
packaged sequentially from a single pac site at 100% efficiency. An additional five 
headfulls of DNA can be packaged although the efficiency gradually decreases over 
these last five headfulls to only about 5%. While each phage head contains the same 
genes, the gene order changes. This is known as circular permutation of the 
genome (Fig. 7.14). After the head is full of DNA, a double- 
stranded cut is made and a tail is attached. This part of 
phage development is very much an assembly line. P1 is 
thought to encode an endolysin and holin to use in lysing 


creulany the cell, similar to those described for A. 


permuted 
molecules 


The location of the P1 prophage 
in a lysogen 


Terminal redundancy 


Fig. 7.14 P1 genomes are both 
circularly permuted and 
terminally redundant. Terminal 
redundancy means that the 
same sequences are present on 
both ends of one DNA molecule. 
Circular permutation means 
that the order of the genes on 
each DNA molecule is different 
but every DNA molecule 
contains the same genes. 





Prophages can be physically located in one of two places 
in a lysogen. In the case of A, the phage genome is recom- 
bined into the bacterial chromosome. P1 is maintained in the cytoplasm as a stably 
inherited extrachromosomal piece of DNA or plasmid (see Chapter 9). P1 contains 
an origin for DNA replication and once the phage genome is converted to circular, 
double-stranded DNA, it can be established as a plasmid. 


P1 transducing particles 


One unusual aspect of P1 development is the formation of transducing particles 
or phage particles that contain chromosomal DNA instead of phage DNA. The E. coli 
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Concatomers 


chromosome contains many pseudopac sites or sites that can be used to initiate 
packaging of host chromosomal DNA into maturing phage. These pseudopac sites are 
used much less frequently than the phage pac sites but they are used. The resulting 
phage carry random pieces of the chromosome in place of phage genomes. The 
ability to package any piece of chromosomal DNA instead of phage DNA makes P1 a 
generalized transducing phage. Transducing particles are used to move pieces 
of host chromosomal DNA from one strain to another for the purposes described 
in Chapter 8. 


The lifecycle of T4 


T4 adsorption and injection 


For T4, the phage binds to the lipopolysaccharide. The tips of the tail fibers contact 
the cell first (Fig. 7.16). Once the phage has bound to the cell, the base plate rearranges 
creating a hole in the base plate. The outer sheath contracts and the internal tube goes 
through the outer membrane, peptidoglycan, and periplasm and comes close to the 
cytoplasmic membrane. The DNA is injected and crosses the cytoplasmic membrane 
in about 30 seconds. Not all phage that have the structure of T4 inject their DNA this 
way. Some phage such as T7, have tails that cannot contract. The T7 genome is only 
40 kb but takes 9 to 12 minutes to cross into the cytoplasm. For T7, a small portion of 
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Fig. 7.15 P1 packages DNA 
from a pac site (a) and packages 
between 7 and 12% more than 
one P1 genome, until the phage 
head is full (b and c). Once the 
phage head is full, a 
preassembled head is added (d). 
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Fig. 7.16 Injection of T4 DNA 
into the cell. (a) T4 “looks” fora 
susceptible bacterium with its 
tail fibers. (b) The tail fibers 
recognize the membrane first. (c) 
The tail spikes interact with the 
membrane. (d) The tail sheath 
contacts, driving the internal tail 
tube through the outer 
membrane, peptidoglycan, and 
to the inner membrane where 
the DNA is released. 





genome (about 8%) crosses both membranes, the peptidoglycan and periplasm, and 
enters the cytoplasm. After a 4-minute lag during which two proteins encoded by 
this piece of DNA are synthesized, the rest of the phage DNA enters the 
cytoplasm. Binding of these two phage proteins to the DNA is thought to pull the 
DNA into the cytoplasm. 

Once T4 DNA is in the cell cytoplasm, it specifies a highly organized and coordin- 
ated program of gene expression. A group of genes with similar promoters, called the 
early genes, are transcribed and translated by host enzymes. One early gene enco- 
ded protein activates a second set of promoters for the middle genes. A different 
early gene encoded protein shuts off synthesis of the early genes. One product of 
middle transcription is required to activate the late genes. The early genes encode 
the proteins needed for DNA synthesis and late genes encode the proteins needed to 
build the capsid and tail structures. Many phage stage the expression of their genes 
in this temporal fashion to ensure proper construction of the phage particles. 

The T4 genome does not contain cytosine residues. All of the cytosines are modified 
by hydroxymethylated. Several of the early genes encode proteins that degrade the 
cytosine-containing host DNA. The phage DNA is protected from degradation. The 
T4 genome, like P1 is both circularly permuted and terminally redundant. T4 has 
about 3% terminal redundancy. Unlike P1, T4 does not appear to use this terminal re- 
dundancy to circularize upon infection. T4 begins replication immediately after the 
early gene products are made. T4 replicates as a linear molecule and uses replication 
and recombination to both replicate the entire genome and to make concatamers to 
package into phage heads (Fig. 7.17). Like other phage, capsids, tails, and con- 
catamers of phage DNA are premade and assembled into infectious phage particles 
late in phage development. 
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Fig. 7.17 T4 replicates its DNA using both replication and recombination. (a) Linear T4 DNA molecules 
are injected into the cytoplasm of the host. (b) DNA replication begins at an origin and proceeds 
bidirectionally to the ends. However, because of DNA polymerase’s requirement for a primer, a piece of 
the DNA at one end of the molecule cannot be replicated and remains single stranded. (c) This piece of 
single-stranded DNA can invade duplexed DNA at any place where it has homology, like the initial 
reaction in recombination. (d) DNA replication of this molecule will lead to concatamers of the phage 
genome. Depending on where strand invasion takes place, branched molecules can also be formed. T4 
packages its DNA out of the concatamers. The displaced single strands are free to strand invade the 
concatamer structures. 


T4rII mutations and the nature of the genetic code 


The study of two genes in T4 has contributed significantly to our understanding of the 
genetic code and the nature of the gene. In the late 1950s and 1960s the understand- 
ing of the nature of the gene was in its infancy. The prevailing thought was that the 
gene was the smallest genetic unit and it was inherited as a unit. The chemical nature 
of DNA had just been described by Watson and Crick. The relationship between DNA 
and the gene was not understood. Seymour Benzer used the T4 rll locus and genetic 
logic to describe several key features of the gene. 

rll encodes two proteins, A and B. Several thousand point mutations and deletions 
were isolated in these two genes. These mutations were put to good use. A phage car- 
rying one mutation anda phage carrying a second mutation were mixed together and 
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Fig. 7.18 The T4 rll locus was 
used to conduct studies on the 
nature of the gene. (a) rll is 
composed of two genes A and B 
that are normally made into 
separate proteins. (b) A specific 
deletion was described from the 
mapping studies. This deletion 
(called 11589) fused the A and B 
genes, leaving A nonfunctional 
but B functional. (c) Some 
mutations in A, called missense 
mutations did not interfere with 
B function. (d) Other mutations 
in A did interfere with B 
function. These mutations were 
said to be “nonsense” and 
interfered with the production 
of B. 


The RNA phage MS2 


MS2 isa typical phage 
containing an RNA genome. 
MS2 binds to the F pilus. It has 
a genome of 3569 nucleotides 
and encodes only four 
proteins: the coat protein, an 
RNA-directed RNA 
polymerase, a lysin and an 
adsorption protein. MS2 has 
an icosahedral capsid 
composed mainly of one type 
of protein with a few molecules 
of a minor protein in it. 








grown on an appropriate 
host to determine if any of 
the offspring had recom- 
bined back to wild type. 
Many of these phage 
crosses were carried out and 
used to construct a map 
of where the mutations 
resided in the rll locus. 

Several conclusions were 
drawn from these studies. 
Deletion mutations were 
defined as mutations that 
could not generate wild- 
type recombinants when 
crossed with more than one 
of the other mutations. 

A Deletion mutations were 
xX missing a part of the gene. 
In the thousands of crosses 
x*— that were carried out, the 
| frequency of obtaining 
B still functional wild-type recombinants 
was predictable based on 
the positions of the starting 
mutations. This led to the 
conclusion that DNA was a 
linear molecule across the 
length of the geneandnota 
branched molecule. If DNA 
was branched, then the 
recombination frequencies 
should be very different 
when one mutation resided on one side of a branch and the other mutation resided 
on the opposite side of the branch. Using the recombination frequencies, it was de- 
termined that recombination can take place within a gene and not just outside of it as 
had been thought. This changed the definition of a gene from the unit of heredity 
that mutated to altered states and recombined with other genes. It is now recognized 
that the gene is a functional unit that must be intact in the DNA to lead to a specific 
characteristic or phenotype. Each of these studies shed more light on the behavior of 
the gene and the nature of mutations. 

One of the deletions fused the A gene to the B gene such that the A gene was not 
functional but the B gene was (Fig. 7.18). Some of the point mutations in A could be 
crossed onto the same phage that carried the deletion. Ifa point mutation in A did not 
affect the activity of B in the fused genes then the point mutation was interpreted to 
be a missense mutation. Missense mutations could cause a change in the genetic code 
without affecting the production of the protein product. Other point mutations in A 
did affect the activity of B. These were interpreted to be nonsense mutations or 
changes that stopped the production of the B protein. These studies led directly to the 
modern concepts of a gene and how it functions. 
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Bacteriophage are a very diverse group of viruses. simplicity of phage have made them favorite model 
Their genomes can be made from either DNAorRNA. _ systems to study many biological processes. While it 
They can be linear or circular, single stranded or may appear that phage carry out some processes 
double stranded. Phage have evolved many different using baroque mechanisms, it usually turns out that 
ways to carry out the limited number of steps ina other biological systems share these mechanisms. For 
phage infection. All phage must recognize the correct | example, the unusual mechanism used to replicate T4 
bacterium to infect, get their genome inside the cell, DNA is also used to help maintain bacterial and 
replicate the genome, transcribe and translate the eukaryotic chromosomes. 

genome, and assemble phage particles. The relative 


1 What processes must be carried out by all phage to produce progeny? 

2 What is the phenotype of aA mutant containing a defective cl gene? 

3 Which regulatory proteins and promoters are crucial in )’s decision- 
making process? Which regulatory proteins and promoters are crucial in i’s 
lytic pathway? Which regulatory proteins and promoters are crucial in A's 
lysogenic pathway? Describe the roles for all identified participants. 

4 Anew phage from local sewage was recently isolated that infects laboratory 
strains of E. coli. How would you determine if this new phage is a temperate or 
lytic phage using simple genetic tests? 

5 Contrast and compare the lytic pathway for 1 and M13 phage. What do 
they do that is similar? What do they do that is different? 

6 Contrast and compare rolling circle replication and theta mode replication. 
What components of the machinery are similar? What components of the 
machinery are different? When would one type of mechanism be preferable 
to the other type? Why? 

7 How does T4 gets its DNA from the phage head into the cytoplasm? 

8 How do restriction/modification systems function? 

9 How do different phage protect their DNA in the cell cytoplasm? 

10 Why is M13 not considered a temperate phage? 
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BACTERIOPHAGE 


Bacteriophages are viruses that parasitize bacteria. Bacteriophages were jointly discovered by Frederick 
Twort (1915) in England and by Felix d'Herelle (1917) at the Pasteur Institute in France. Felix d'Herelle 
coined the term “Bacteriophage”. Bacteriophage means to eat bacteria, and are called so because 
virulent bacteriophage can cause the compete lysis of a susceptible bacterial culture. They are commonly 
referred as “phage”. Phages are obligate intracellular parasites that multiply inside bacteria by making 
use of some or all of the host biosynthetic machinery. They occur widely in nature and can readily be 
isolated from feces and sewage. There are at least 12 distinct groups of bacteriophages, which are very 
diverse structurally and genetically. 


Examples of phages: 

T-even phages such as T2, T4 and T6 that infect E.coli 
Temperate phages such as lambda and mu 

Spherical phages with single stranded DNA such as Phix174 
Filamentous phages with single stranded DNA such as M13 
RNA phages such as Qbeta 


VVVVV 


Composition: 

Depending upon the phage, the nucleic acid can be either DNA or RNA but not both. The nucleic acids of 
phages often contain unusual or modified bases, which protect phage nucleic acid from nucleases that 
break down host nucleic acids during phage infection. Simple phages may have only 3-5 genes while 
complex phages may have over 100 genes. Certain phages are known have single stranded DNA as 
their nucleic acid. 


Morphology: 

Most phages range in size from 24-200 nm in 

length. T4 is among the largest phages; it is 

approximately 200 nm long and 80-100 nm wide. All 

phages contain a head structure, which can vary in 

size and shape. Some are icosahedral (20 sides) 
Collar others are filamentous. 
The head encloses nucleic acid and acts as the 
protective covering. Some phages have tails 
attached to the phage head. The tail is a hollow tube 
through which the nucleic acid passes during 
infection. T4 tail is surrounded by a contractile 
sheath, which contracts during infection of the 
bacterium. At the end of the tail, phages like T4 
have a base plate and one or more tail fibers 
attached to it. 
The base plate and tail fibers are involved in the 
binding of the phage to the bacterial cell. Not all 
phages have base plates and tail fibers. 
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Life cycle: 


Adsorption: The first step in the infection process is the adsorption of the phage to the bacterial cell. This 
step is mediated by the tail fibers or by some analogous structure on those phages that lack tail fibers. 
Phages attach to specific receptors on the bacterial cell such as proteins on the outer surface of the 
bacterium, LPS, pili, and lipoprotein. This process is reversible. One or more of the components of the 
base plate mediates irreversible binding of phage to a bacterium. 


Penetration: The irreversible binding of the phage to the bacterium results in the contraction of the sheath 
(for those phages which have a sheath) and the hollow tail fiber is pushed through the bacterial envelope. 
Some phages have enzymes that digest various components of the bacterial envelope. Nucleic acid from 
the head passes through the hollow tail and enters the bacterial cell. The remainder of the phage remains 
on the outside of the bacterium as “ghost”. Even a non-susceptible bacterium can be artificially infected 
by injecting phage DNA by a process known as transfection. 





_—_ 
os me: 
Penetration 
Landing Attachment Tail contraction and unplugging DNA injection 


Depending on the life cycle, phages can either by lytic (virulent) or lysogenic (temperate). While lytic 
phages kill the cells they infect, temperate phages establish a persistent infection of the cell without killing 
it. In lytic cycle the subsequent steps are synthesis of phage components, assembly, maturation and 
release. 


Lytic phage undergoing generalized transduction 
% 
- a ney SRO) 
[ o-Co-&a- 


Adsorption of a lytic Intraduction of phage Multiplication of phage — Packaging of phage DNA 

phage on bacterium OM. into host bacterium DNA and production of Into capsid and accidental 
phage capsids packaging of hast DNA inta 

“ 
[ ao Be 

The transduced chramosomal Infection of another bacterium Lysis of cell with release of mature 

fragment exchanges genes by a phage containing bacterial phages, many with own OMA and 

with host chromosome by chromosomal DNA few with hast chromosomal DNA, 

recombination, thus conferring fragqrnents 

new properties © Sridhar Rao 


© Sridhar Rao P.N (www.microrao.com) 


Lytic cycle: 

Lytic or virulent phages are phages, which multiply in bacteria and kill the cell by lysis at the end of the 
life cycle. Soon after the nucleic acid is injected, the phage cycle is said to be in eclipse period. During 
the eclipse phase, no infectious phage particles can be found either inside or outside the bacterial cell. 
Eclipse phase represents the interval between the entry of phage nucleic acid into bacterial cell and 
release of mature phage from the infected cell. This phase is devoted to synthesis of phage components 
and their assembly into mature phage particles. 


The phage nucleic acid takes over the host biosynthetic machinery and phage specified m-RNA's and 
proteins are made. In some cases the early phage proteins actually degrade the host chromosome. 
Structural proteins (head, tail) that comprise the phage as well as the proteins needed for lysis of the 
bacterial cell are separately synthesized. Nucleic acid is then packaged inside the head and then tail is 
added to the head. The assembly of phage components into mature infective phage particle is known as 
maturation. In Lysis and Release Phase the bacteria begin to lyse due to the accumulation of the phage 
lysis protein and intracellular phage are released into the medium. It is believed that phage enzymes 
weaken the cell wall of bacteria. The number of particles released per infected bacteria may be as high 
as 1000. The average yield of phages per infected bacterial cell is known as burst size. 


Lysogenic cycle: 

Lysogenic or temperate phages are those that can either multiply via the lytic cycle or enter a dormant 
state in the cell. In most cases the phage DNA actually integrates into the host chromosome and is 
replicated along with the host chromosome and passed on to the daughter cells. This integrated state of 
phage DNA is termed prophage. This process is known as lysogeny and the bacteria harboring prophage 
are called lysogenic bacteria. Since the prophage contains genes, it can confer new properties to the 
bacteria. When a cell becomes lysogenized, occasionally extra genes carried by the phage get 
expressed in the cell. These genes can change the properties of the bacterial cell. This process is known 
as lysogenic conversion or phage conversion. 


Significance of lysogenic conversion includes: 

e Lysogenic phages have been shown to carry genes that can modify the Salmonella O antigen. 

e Toxin production by Corynebacterium diphtheriae is mediated by a gene carried by a beta phage. 
Only those strains that have been converted by lysogeny are pathogenic. 

e Clostridium botulinum, a causative agent of food poisoning, makes several different toxins, 2 of 
which are actually encoded by prophage genomes. 

e Lysogenised bacteria are resistant to superinfection by same or related phages. This is known as 
superinfection immunity. 


The lysogenic state of a bacterium can get terminated anytime when it exposed to adverse conditions. 
This process is called induction. Conditions that favor the termination of the lysogenic state include: 
desiccation, exposure to UV or ionizing radiation, exposure to mutagenic chemicals, etc. The separated 
phage DNA then initiates lytic cycle resulting in cell lysis and releases of phages. Such phages are then 
capable of infecting new susceptible cells and render them lysogenic. 


Phage Genetics: 

The transfer of genetic elements from one bacterium to another by a bacteriophage is termed as 
transduction. Transduction can be generalized or specialized. The generalized transduction is seen in 
lytic cycle where segments of bacterial DNA are packaged inside phage capsid instead of phage DNA. 
When such phages infect new bacterial cells, the bacterial DNA is injected inside. This piece of DNA may 
then transfer genes to the host chromosome by recombination. Any bacterial gene may be transferred in 
generalized transduction. Generalized transduction is usually seen in temperate phages that undergo 
lytic cycle. Only those genes that are adjacent to the prophage are transferred in specialized 
transduction. 
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Antenna Requirements 


The antenna needs to be of sufficient size to supply the APM with enough RF current to cause conduction in the germanium 
diodes and charge the ground coupling capacitors. It has been found that a long horizontal wire works best. It will work better 
when raised higher. Usually 20-30 feet is required. Lower elevations will work, but a longer wire may be necessary. 


In most location, possible supporting structures already exist. The wire may be stretched between the top of a building and 
some nearby tree or telephone pole. If live wires are present on the building or pole, care should be taken to keep your 
antenna and body well clear of these hazards. 


To mount the wire, standard commercial insulators may be sued as well as homemade devices. Plastic pipe makes an 
excellent antenna insulator. Synthetic rope also works very well, and has the advantage of being secured simply by tying a 
knot. It is convenient to mount a pulley at some elevated point so the antenna wire may be pulled up to it using the rope 
which doubles as an insulator (Figure 16). 
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Significance of bacteriophages: 
o Transduction is responsible for transfer of drug resistance, especially in Staphylococci 
Lysogenic conversion is responsible for acquisition of new characteristics 
Random insertion into bacterial chromosome can induce insertional mutation 
Epidemiological typing of bacteria (phage typing) 
Lambda phage is a model system for the study of latent infection of mammalian cells by 
retroviruses 
o Phages are used extensively in genetic engineering where they serve as cloning vectors. 
o Libraries of genes and monoclonal antibodies are maintained in phages 
o They are responsible for natural removal of bacteria from water bodies 


Last edited on June 2006 
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What Makes Bacteriophage Safe? 


Phages are viruses that infect bacteria. Phage therapy is the application of phages to 
humans or to environments to reduce densities of specific bacteria, including, especially, 
the destruction of pathogenic bacteria. In this report we consider phage-therapy safety 
issues. We note, first, that species barriers minimize the direct phage interaction with 
human tissues, particularly by preventing specific interactions such as the phage infection 
of human cells. Phage impact on human health therefore would occur primarily through 
indirect effects, such as via the phage infection of bacteria making up human normal 
flora. However, in most cases the application of phages to bacteria-containing 
environments (including humans) makes a quantitative difference, not a qualitative one, 
since phages already exist in many environments, including water, soil, food, and even 
among human normal flora. Plausible risks associated with any phage exposure should be 
limited to the killing of otherwise helpful bacteria (already a tradeoff associated with 
chemical antibiotic usage), modification of specific bacteria to a higher virulence (a real 
but addressable concern), or due to bacterial toxins associated with phage preparations. 
These hazards may be mitigated by employing phage therapeutics (1) with narrow host 
ranges, (ii) that are unable to display lysogeny, (111) that do not carry toxin genes, (iv) that 
display minimal tendency towards DNA transduction between bacteria, and (v) which are 
purified away from bacterial toxins. In other words, exclusion of those traits already 
observed among many naturally occurring phages with which we make contact on a daily 
basis. Indeed, following over 80 years of study of phage-animal and phage-human 
interaction, no evidence has surfaced suggesting that the application of specific phages to 
the human body will impact negatively on human health. 


SPECIES BARRIERS 


The human condition is such that biological features of our environment normally are 
relatively benign. This relative safety occurs in part because most microorganisms are 
limited in their ability to invade the human body, with contact to the skin less invasive 
than contact with mucous membranes, contact with mucous membranes less invasive 
than penetration into body tissues, and penetration into body tissues less invasive than 
penetration into body cells. Furthermore, in order for microorganisms to cause disease 
they generally must adhere to host tissues, penetrate those tissues, and then produce some 
kind of chemical (e.g., a toxin) that either interferes with a normal body process or 
otherwise directly damages the body. Most of the time microbes, even human pathogens, 
are not successful in one or more of these steps and, as a consequence, even though 
microorganisms are constantly probing our body’s defenses, for the most part these 
microbes do not make us sick (89). The primary protections our bodies employ against 
non-human pathogens are collectively known as species barriers (a.k.a., genetic or 
species immunity). That is, microorganism penetration, replication, or damage will fail to 
occur due to (i) an absence of specific molecules required for adherence to host tissues, 
(ii) a lack of specific mechanisms by which penetration into host tissues may be effected, 
(111) an absence of toxin production or a lack of human-tissue specificity of any toxins 
produced, (iv) metabolic (i.e., biochemical) incompatibilities that interfere with 
microorganism (particularly viral) replication, and (v) metabolic incompatibilities that 


interfere with toxin production by potentially pathogenic microbes. As a consequence of 
these hurdles, the vast majority of microorganisms that humans encounter are incapable 
of bypassing normal, non-specific defenses against pathogen reproduction and then, 
should penetration inadvertently occur, nevertheless are incapable of effecting disease. 


Viruses are well represented among the microorganisms that commonly surround us, but 
the vast majority of viruses, so far as science can tell, are incapable of penetrating 
sufficiently into human cells or tissues to render us harm, or are incapable of damaging 
human cells or tissues even given penetration. Indeed, of the approximately 90 virus 
families that are recognized by the International Committee on Taxonomy of Viruses 
(ICTV), only 19 families cause human disease’. In modern biology viruses are typically 
differentiated in terms of their modes of replication, their type of genomes (e.g., RNA vs. 
DNA), chemical characteristics of their capsids, their morphology as viewed by an 
electron microscope, their impact on infected-cell (or tissue) anatomy (or histology), and, 
most recently, the actual sequence of the nucleotides making up their genes and even 
entire genomes (e.g., 123). Historically, however, viruses were first distinguished in 
terms of their host range (the host species they are capable of infecting) and, given 
infection of a given species, their tissue tropism (tropism is a description of the tissues a 
pathogen is capable of infecting). Thus, from the classic five-kingdom system of 
organismal classification we commonly differentiate animal viruses from plant viruses 
from protozoan viruses from fungal viruses from bacterial viruses. The ICTV—based 
more on research emphases rather than actual viral diversity— today differentiates virus 
hosts into eight basic categories: archaebacteria, bacteria, eukaryotic algae, protozoa, 
fungi, plants, invertebrate animals, and vertebrate animals. 


It is rare for pathogens of one kingdom to infect and give rise to disease in another 
kingdom. Exceptional are a few plant-pathogenic bacteria, such as Pseudomonas 
aeruginosa (175) and Burkholderia cepacia (59), which are also pathogenic to humans. 
Another example is the bacterium Legionella which normally exists as a protozoan 
pathogen, but when spread through contaminated air-conditioning systems can cause 
atypical pneumonia (84, 151). Additional human or animal pathogens that potentially 
have protozoan reservoirs include Listeria, certain mycobacteria, coliform bacteria, and 
perhaps even Escherichia coli O157 (13). Unlike the above examples of kingdom- 
jumping bacteria, however, there is no evidence of a kingdom-jumping virus (85). The 
explanation for this rarity is an extension of the idea of species barriers: molecular 
differences between host species from different kingdoms (e.g., bacteria hosts vs. human 
hosts) are even greater than those found between different species within the same 
kingdom (e.g., bovine hosts vs. human hosts). Consequently, though emerging infectious 
diseases and known zoonoses often have a viral etiology (e.g., AIDS, ebola, influenza, 
sin nombre virus, SARS...), not only is it typically assumed that the reservoir or original 


' See www.ncbi.nlm.nih.gov/ICT Vdb/Ictv/fr-fst-h.htm for a list of virus families. Human viruses are found 
among families Adenoviridae, Arenaviridae, Bunyaviridae, Caliciviridae, Coronaviridae, Filoviridae, 
Flaviviridae, Hepadnaviridae, Herpesviridae, Orthomyzoviridae, Papovaviridae, Paramyxoviridae, 
Parvoviridae, Picornaviridae, Poxviridae, Reoviridae, Retroviridae, Rhabdoviridae, and Togaviridae. See 
http://www.kcom.edu/faculty/chamberlain/Website/Lects/VIRAL.HTM for basic descriptions of virion 
morphologies as well as associated diseases. 








host is an animal (essentially by definition for a zoonosis), it is also typically the case that 
the source animal is either a vertebrate—and an endothermic vertebrates at that (e.g., 
mice, bats, chimpanzees, etc.)—or an arthropod, perhaps in combination with vertebrate 
host (e.g., yellow fever and West Nile virus). Even the notoriously broad host-ranged 
rabies virus is limited to infecting mammals. There are, however, two virus families, 
Reoviridae and Rhabdoviridae, that possess some members capable of infecting animals 
and other members capable of infecting plants. Individual viruses, though, are limited in 
their host range to animal or plant hosts but not some combination of both’. See (68) for 
additional discussion of the relationship, such as it exists, between bacteriophages and 
viruses of eukaryotic organisms. 


BACTERIOPHAGE 


The viruses of “Kingdom” Bacteria were first described as invisible entities capable of 
destroying bacterial cultures and that, like the plant viruses discovered before them (e.g., 
tobacco mosaic virus), would remain infectious even after suspensions were passed 
through filters designed to remove bacteria (43, 48, 148). Since the action of bacterial 
viruses resembled the “eating” of bacterial cultures, the word “phage”, which means to 
eat or devour in Greek, was chosen to describe this phenomenon. It was only decades 
after their discovery that all researchers accepted bacteriophage as viral. As a 
consequence, bacterial viruses, even today, are better known as bacteriophages or, 
simply, as phages. 


Though not visible to the naked eye, or even through powerful bright-field light 
microscopes, nevertheless we are surrounded by these phages. A single drop of seawater 
can hold literally millions of phages (e.g., 166), and an inadvertent mouthful can contain 
as many phages as there are people in the U.S. Indeed, total virus estimates worldwide 
are 10°” to 10°! (e.g., 68). That is equivalent to 100 million to 1 billion virus particles 
currently present on Earth for every star in the universe (155) or over 
100,000,000,000,000,000,000 (100 quintillion = 100 billion billion) for every human 
(~10 billion) who has ever lived. 


The vast majority of phages, so far as virologists understand, are incapable of harming 
humans. This is because (1) not all phages are temperate, that is, able to establish 
“lysogenic” relationships with bacteria, which are symbioses in which the chromosome 
of a temperate phage becomes integrated into the chromosome of a bacterium.; (ii) 
relatively few temperate phages have been shown to cause bacterial lysogens to display 
phage-coded bacterial virulence factors (160); (iii) the species these phages are capable of 
infecting (their host range) does not include humans; (iv) many or most of these phages 
display limited host ranges even among bacteria and therefore, unless specifically 
targeted, may be incapable of infecting the bacteria making up the typical human normal 


* Family Reoviridae includes the plant viruses Fiji disease virus, rice dwarf virus, and rice ragged stunt 
virus, as well as the vertebrate viruses aquareovirus A, bluetongue virus, Colorado tick fever virus, 
mammalian orthoreovirus, and rotavirus A. Family Rhabdoviridae includes the plant viruses lettuce 
necrotic yellows virus and potato yellow dwarf virus as well as the vertebrate viruses bovine ephemeral 
fever virus, infectious hematopoietic necrosis virus, rabies virus, and vesicular stomatitis Indiana virus. 


flora; (v) most of these phages are not even capable of penetrating to the bulk of normal 
flora—i.e., that found in the alimentary canal—due to the protective action of gastric 
juices and intestinal proteases, the protein-digesting enzymes; (vi) even given penetration 
to and infection of normal body bacteria, many phages, such as those incapable of 
establishing lysogenic relationships with bacteria, do not facilitate changes in bacteria 
phenotypes that result in changes to bacterial virulence; and (vii) given an absence of 
bacterial infection there is no evidence that natural bacteriophages otherwise serve as 
anything other than benign—and transient—components of normal flora. 


Analysis of titers of viable phages in foods and water is routinely done, and over the past 
two decades increasing efforts have been made to ascertain total viral counts, particularly 
in aquatic systems (e.g., 166), and recently also in soil (9). In the latter study the total 
number of virus particles (with most assumed to be bacteriophages) were at least 10’/g 
and, as the authors speculate based upon estimates of soils to which a known density of 
phages had been added, perhaps range as high 10° viruses/g. In other words, 10 billion 
naturally occurring viruses may be present in a 100-gram handful of untreated soil. 
Phages that infect the bacterium Escherichia coli and related bacteria (fecal coliforms )— 
normal constituents of human flora—are even commonly employed as indicators for 
fecal contamination of water (e.g., 30). That is, fecal contamination may be ascertained 
by determining counts of phages (coliphages) that are actively capable of infecting these 
bacteria. That utility is possible because the intestinal contents or feces of certain 
domestic animals (cows and pigs) and humans contain large amounts of coliphages (141). 
For cattle, chickens, and other domesticated animals, for example, coliphage counts are 
frequently found (mean counts among different animals) in the range of 10* to 10’ (10 
thousand to 10 million) per gram of feces (1). Fecal contamination, as always, is a 
concern during food production and coliphages have also been proposed as indicators for 
the fecal contamination of foods, e.g., of carrots (51), ground beef and poultry meat (72), 
and animal feed (94). Phages, in short, are a normal part of the human environment, and, 
in Table 1, we review recent phage isolations directly from humans as well as the 
immediate human environment. See (2) for a review of phage types and their prevalence 
in various environments. 


PHAGE THERAPY 


Phage therapy refers to the process of applying phages to bacteria-containing ecosystems 
to reduce deleterious bacterial populations. Recently phage therapy has been subject to 
numerous reviews (4, 8, 17, 35, 39, 49, 70, 81, 82, 92, 99, 131, 143, 146, 147, 149). 
Historically phage therapy has focused on the application of phages to human bodies to 
combat bacterial diseases, as well as application to vehicles of pathogen transmission 
such as water (for reviews of the history of phage therapy see 99, 131, 148, 149). 
Application to humans (as well as animal models) has ranged from local (e.g., specific 
areas of skin) to gastrointestinal (usually following oral delivery) to systemic (e.g., 
intravenous, intraperitoneal, or intramuscular). Systemic application may be employed to 
combat bacteremias and septicemias, or to deliver phages systemically to more-localized 
infections. 


Phage therapy held great promise during the first half of the 20" century, particularly 
within a world in which alternative antibacterial therapies were rare, unknown, or 
otherwise toxic. A lack of understanding of phage biology—combined with the discovery 
of safe and effective chemical antimicrobials (i.e., antibiotics)—resulted, however, in a 
decline in interest in phage therapy, particularly by Western medicine. By contrast, 
extensive use of phages to treat human disease continued to occur within the former 
Soviet Union and Poland (136-138), as well as France (e.g., 158). The Eliava Institute of 
Bacteriophage, Microbiology, and Virology in Tbiliisi, Georgia, of the former Soviet 
Union has been using phage therapy since 1934 (120). Examples of diseases treated with 
phages include dysentery, food poisoning, typhoid fever, burns, blood poisoning, and 
infections of the skin, throat, and urinary tract. Phages were administered by drinking, 
swallowing tablets, aerosols, topical application to lesions, intravenous injections, and in 
combination with antibiotics. Phages were also used as antiseptics in operating rooms, on 
surgical instruments, and as prophytics in lesions during surgery. As many as eleven 
thousand children were given phages as prophytics for many years. No evidence of 
adverse reactions of any kind to humans has been reported. 


Even in the West, and even though we know that specific temperate phages can 
contribute to specific diseases [e.g., cholera and hemolytic uremic syndrome, as caused 
by Vibrio cholera and Escherichia coli O157:H7, respectively (160)], there is no 
evidence that exposure to phage virion particles, even ones normally associated with 
disease-causing bacteria, can actually result in the occurrence of human disease (e.g., 49). 
Indeed, one can identify numerous circumstances, and evidence, consistent with a 
conclusion that the majority of phage exposure is not inherently risky to human health 
nor, necessarily, even aberrant from the normal human experience. Indeed, in the U.S., 
tens of millions of individuals have received live virus vaccines that were contaminated 
with phages, including polio, measles, mumps, and rubella vaccines. Recipients of 
contaminated vaccines showed no detrimental effects. Because of concern about the 
safety of phage contaminated vaccines, Milstien et al. (100) isolated phages from a 
vaccine, produced them in high titer and injected 10'” into 6-8 week old monkeys. No 
adverse reactions to the monkeys were observed. Petricciani et a/. (115) concluded from 
additional animal testing that phage contaminated vaccines for humans posed no real 
threat to public health. 


Phage therapy may be defined more broadly than just the application of phages to human 
bodies to combat bacterial disease. Indeed, at its most inclusive “phage” therapy 
represents the application of specific pathogens (e.g., such as phages, which are 
pathogens of bacteria) to selectively reduce or eliminate pathogen-susceptible organisms 
from specific environments, including natural environments (e.g., forests, lakes, etc., as 
well as the bodies of humans and other animals), artificial environments (e.g., farms, 
factories, offices, hospitals, etc.), or even laboratory environments (e.g., to reduce 
streptomycete numbers on soil dilution plates; 83). In other words, phage therapy is 
simply another form of biological control—the use of one organism to suppress another; 
and like other biological controls, the application of phage therapy holds a potential to 
reduce the usage of anti-pest chemicals, which in the case of phages means a reduction in 
the application of chemical antibiotics. 


Phage therapies can be classified into five categories in terms of the likelihood and nature 
of human contact. They are: 


Category I | Human exposure to the environment to which phages have been applied is 
unlikely and therefore human exposure to the applied phages is rare; 


Category II Human exposure to the environment is likely, but human exposure to 
applied phages is greatly reduced; 


Category III Human exposure to the environment is likely and human exposure to 
phages is somewhat likely; 


Category IV Phages are directly applied to humans, but without deliberate introduction 
of phages deeply into human tissues; 


Category V___ Phages are deliberately introduced deeply into human tissues. 
See Table 2 for a classification of published phage-therapy studies by category. 


Category I. Phage (or viral) therapy has been proposed for the control of bacterial 
disease in non-food plants (53), of various aquatic algal blooms (45, 127) of 
microbiofouling of marine heat exchanges (78, 128), and in various guises to remove 
bacteria from non-food organisms growing in tissue culture such as white-clover 
protoplasts (61, 132). Also consistent with a category I application of phages is phage 
employment as living tracers, e.g., for following the movement of groundwater or as 
indicators of fecal contamination from specific sources. For such application it is relevant 
to this discussion that a stated advantage of phage employment as water tracers is that 
phages “are neither toxic nor pathogenic for other living organisms as they penetrate only 
a specific bacterial host” (126). Similarly, sewage treatment plants contain high densities 
of phages, most of which are readily capable of infecting bacteria normally associated 
with human flora—and a few of those phages can carry bacterial virulence factors (104, 
105, 153, 154) and are potentially aerosolized (19, 29, 34)—-yet there is little concern of 
any association between sewage phages and human disease. This is probably due to little 
human contact with raw sewage and because well-treated sewage effluent can display 
significant reductions in the viability of phage contaminants (36, 125, 154). However, 
total counts of naturally present viruses in even treated sewage effluent can still be 
enormous [e.g., greater than 10°/ml total count in a sewage-works lagoon; (22)]. 
Naturally present viable coliphages found in effluent or sewage-contaminated waters, can 
range up to 1,000 or more per ml (1). 


Category II. In category I, phage densities upon human contact have been significantly 
reduced due to long time frames between phage application and human contact, or 
because of various means of processing (e.g., cleaning and disinfection) that have been 
applied prior to human contact or, more specifically, prior to phage contact with 
consumers. In Table 2 over 25 studies are listed that are described as category II uses of 
phages. Note that most of these studies address the application of phages in agricultural 
settings, typically to eliminate bacteria associated with diseases affecting production, 
though additionally with phages employed to reduce loads of potential human pathogens. 


Reduction in the phage load of foods can occur both pre- and post-harvest, with category 
II application of phages occurring only pre-harvest. Pre-harvest reduction in phage load 
occurs due to natural tendencies for phages to decay—due to exposure to sunlight, UV 
radiation, desiccation, and various chemical and biological antagonists (6, 116, 133, 134, 
150, 165, 167)—such that densities decline unless active phage replication occurs. Phage 
viable counts typically decline in many ecosystems, given an absence of specific host 
bacteria (and therefore a potential for phage replication)—indeed, phage numbers can 
decline even given the presence of host bacteria if phage application is done with high 
ratios of phages to bacteria. Since replication can only occur within phage-susceptible 
bacteria, and the consequence of phage therapy is the destruction of phage-susceptible 
bacteria, phage populations tend to decline following both successful and unsuccessful 
phage therapy. For example, therapeutic phages applied to chicken-feed pellets incubated 
at 37°C display an approximately 100-fold decline in phage number over a two-week 
period (135). 


Post harvest one can expect that processing, whether post-harvest washing (oftentimes 
washing includes addition of sodium hypochlorite to the wash water) or subsequent 
cooking, should result in dramatic declines in both phage viability and total phage 
numbers. This is particularly so since post-harvest processes are often designed with a 
reduction in microbial load in mind. Various studies have explored the ability of 
hypochlorite, for example, to impact on phage viability (23, 27, 67, 76, 77, 95, 119, 129, 
145). See (93) for phage removal from strawberries and (112) for a comparison of the 
impact of hypochlorite on phage suspended in broth vs. milk. 


Category III. Category III currently consists mostly of proposed post-harvest 
applications of phages to foods as a means of reducing the content of potential human 
bacterial pathogens on food or as a means of interfering with the life cycles of microbes 
capable of affecting food quality. Since the risk of food spoilage should continue right up 
to consumer contact, and since the ability to process foods is reduced the closer those 
foods get to the consumer (i.e., reduced likelihood that phages may be effectively washed 
or otherwise eliminated via disinfection), the likelihood of human contact with phages 
should be much greater than with category II application. In cases where phages target 
potential human pathogens one could envisage that greatest pathogen-killing efficacy 
could occur where efforts to eliminate phages prior to human contact are not employed 
(since phage removal would be equivalent to anti-pathogen removal). In cases where 
phages target food-spoilage agents, one similarly might expect a reluctance to remove 
such agents prior to consumer contact, either because those agents would be employed 
primarily to prevent spoilage prior to consumer purchase (e.g., during transportation from 
factory to store, with minimal processing expected in stores) or to prevent spoilage 
following purchase by the consumer. Thus there exist numerous circumstances for which 
phages, and even phage infectivity, would be advantageously maintained even given a 
high likelihood of human contact with high numbers of viable phage. 


Though cooking should eliminate phages from some foods (e.g., from meats), in fact not 
all food to which phages may be applied necessarily are cooked prior to consumption. 


Furthermore, handling of foods prior to cooking should result in a spread of phages to 
hands as well as to common utensils. However, the same could be said for any 
microorganism found on meats, including pathogenic bacteria that, of course, often are 
found in association with store-bought meats [and hence the proposal to employ phages 
to combat potential bacterial pathogens found on meat (50)]. On the other hand, 
proposals to treat fresh-cut fruit with phages to reduce loads of Salmonella enteritidis 
(88), assuming no subsequent cooking, could result in significant consumer exposure to 
applied phages. Also potentially included in this category (II) could be the application of 
phages to workplaces, e.g., as a means of reducing the danger of exposure to agents of 
bioterrorism (e.g., anthrax; 161), which would also result in significant exposure of 
humans to phages. 


Of significant relevance to considerations on the environmental impact of phage 
application at the category III level is this pronouncement (75) from the Director, Office 
of Food Additive Safety, Center for Food Safety and Applied Nutrition, of the Food and 
Drug Administration (FDA): 


The Food and Drug Administration (FDA) is announcing that Intralytix, 
Inc., has filed a petition proposing that the food additive regulations be 
amended to provide for the safe use of a mixture of bacteriophages as an 
antimicrobial agent on foods, including fresh meat, meat products, fresh 
poultry, and poultry products... The agency has determined under 21 CFR 
25.32(r) that this action is of a type that does not individually or 
cumulatively have a significant effect on the human environment. 
Therefore, neither an environmental assessment nor an environmental 
impact statement is required. [emphasis mine] 


This pronouncement serves as an indication of the level of concern of the FDA to the 
casual interaction between humans and phages, which, apparently, is thought neither 
“individually or cumulative [to] have a significant effect.” 


Categories IV and V. Though we distinguish these categories into two, it is relevant to 
point out that phages appear to have some propensity to systemically circulate within 
animal bodies despite only local application [(122, 139, 162) and possibly (163)], plus 
may be able to exit systemic circulation at low levels into the gastrointestinal lumen, 
perhaps via liver uptake followed by elimination in bile (171). Phage DNA (M13) and 
other DNAs also may be taken up into systemic circulation from the gastrointestinal tract, 
albeit at relatively low levels, plus, originating in the gastrointestinal tract, ultimately can 
even cross placental barriers (46, 130). Access of normal flora to systemic circulation— 
resulting particularly in bacteremias—may not be unusual, especially given acute or 
chronic injury to normal barriers (91). Thus, categories IV and V basically define 
opposite ends of a spectrum of deliberate phage exposure to humans in which systemic 
circulation of phages occurs either with a lower probability or to a lesser extent 
numerically (category IV) or in which invasive administration of phages occurs 
presumably with higher phage exposure within body tissues (category V). Included in 
category IV thus are topical (including to wounds), oral, and intranasal phage application. 


Included in category V are intravenous, intraperitoneal, and intramuscular applications of 
phages. 


Consideration of the many potential interactions between phages and human tissue has 
long been a subject of research, as recently reviewed (58, 99). We can divide up phage- 
human interactions into a number of areas: (i) Propensity for phages to bypass barriers to 
microbe invasion of body tissues (e.g., gastric juices, as considered above); (11) 
propensity and mechanisms by which phages are actively removed from the body, 
particularly from systemic circulation; (iii) fate of phages that have been removed from 
circulation; (iv) potential for phages to infect body cells including exchanging DNA and 
expressing genes; and (v) interaction of phages with specific immunity, particularly in 
terms of antibody-mediated immunity as well as the phage potential to serve as allergens. 
Nevertheless, there is no evidence that even purposeful phage application to human 
bodies negatively impacts human health (49). Furthermore, there is no evidence that 
application of phages, even with systemic application, can harm treated animals (140, 
141). 


SUMMARY 


Phage therapies generally are a safe means of combating the proliferation of dangerous 
and destructive bacteria. This report classifies phage therapies into five categories, 
distinguished by the likelihood and nature of phage-human contact. Category I is defined 
in terms of very low likelihoods of human contact with phage-containing environments. 
Categories III through V are defined in terms of increasing likelihood of invasive phage- 
human contact. Category II, by contrast, represents phage application for which phage- 
human contact could occur but, by design, such contact has been rendered unlikely. 
Though there exist numerous means by which phages can interact with human tissue or 
human normal flora, in fact there is no evidence that damage to human health can occur 
via any of these means. The feasibility of the application of procedures to protect the 
public from pathogens should be a risk/benefit assessment and if the benefit far 
outweighs the potential hazards then a procedure should be considered for adoption. As 
an alternative to chemical antibiotics for the removal of pathogenic bacteria, the high 
degree of safety associated with phage therapy suggests a low risk-to-benefit ratio. 
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Figure 17 is an illustration of a horizontal wire antenna using a building and tree for supports. 


FIG. 17 
Horizontal Wire Installation 








Grounding 


Usually a good ground can be established by connecting a wire to the water or gas pipes of a building. Solder or screw the 
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1. Introduction 


Viruses are extremely small infectious particles that are not visible in a light microscope, and 
are able to pass through fine porcelain filters. They exist in a huge variety of forms and 
infect practically all living systems: animals, plants, insects and bacteria. All viruses have a 
genome, typically only one type of nucleic acid, but it could be one or several molecules of 
DNA or RNA, which is surrounded by a protective stable coat (capsid) and sometimes by 
additional layers which may be very complex and contain carbohydrates, lipids, and 
additional proteins. The viruses that have only a protein coat are named “naked”, or non- 
enveloped viruses. Many viruses have an envelope (enveloped viruses) that wraps around 
the protein capsid. This envelope is formed from a lipid membrane of the host cell during 
the release of a virus out of the cell. 


Viruses interacting with different types of cells in living organisms produce different types 
of disease. Each virus infects a certain type of cell which is usually called “host” cell. The 
major feature of any viral disease is cell lysis, when a cell breaks open and subsequently 
dies. In multicellular organisms, if enough cells die, the entire organism will endure 
problems. Some viruses can cause life-long or chronic infections, where the viruses continue 
to replicate in the body despite the host's defence mechanisms. The other viruses cause 
lifelong infection because the virus remains within its host cell in a dormant (latent) state 
such as the herpes viruses, but the virus can reactivate and produce further attacks of 
disease at any time, if the host’s defence system became weak for some reason (Shors, 2008). 


Viruses have two phases in their life cycle: outside cells and within the cells they infect. 
Viral particles outside cells could survive for a long time in harsh conditions where they are 
inert entities called virions. Outside living cells viruses are not able to reproduce since they 
lack the machinery to replicate their own genome and produce the necessary proteins. 
Viruses can infect host cells, recognising their specific receptors on the cell surface. The viral 
receptors are normal surface host cell molecules involved in routine cellular functions, but 
since a portion of a molecular complex on the viral surface (typically spikes) has a shape 
complementary to the shape of the outer soluble part of the receptor, the virus is able to 
bind the receptor and be attached to the host cell's surface. After receptor-mediated 
attachment to its host the virus must find a way to enter the cell. Both enveloped and non- 
enveloped viruses use proteins present on their surfaces to bind to and enter the host cell 
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employing the endocytosis mechanism (Lopez & Arias, 2010). The endocytic vesicles 
transport the viral particles to the perinuclear area of the host cell, where the conditions for 
viral replication are optimal. The other way of infection is to inject only the viral genome 
(sometimes accompanied by additional proteins) directly into the host cytoplasm. 


The viruses are very economical: they carry only the genetic information needed for 
replication of their nucleic acid and synthesis of the proteins necessary for their 
reproduction (Alberts et al., 1989). Interestingly, the survival of viruses is totally dependent 
on the continued existence of their host, since after infection the viral genome switches the 
entire active host metabolism to synthesise the virion components. Without living host cells 
viruses will not be able to produce their progeny. 


With the discovery of the electron microscope it became possible to study the morphology 
of viruses. The first studies immediately revealed that viruses could be distinguished by 
their size and shape, which became the important characteristics of their description. 
Viruses may be of a circular or oval shape, have the appearance of long thick or thin rods, 
which could be flexible or stiff. Some viruses have distinctive heads and a tail. The smallest 
viruses are around 20 nm in diameter and the largest around 500 nm. 


The viruses that infect and use bacteria resources are classified as bacteriophages. Often we 
refer to them as “phages”. The word “bacteriophage” means to eat bacteria, and is so called 
because virulent bacteriophages can cause the compete lysis of a susceptible bacterial 
culture. Bacteriophages, like bacteria, are very common in all natural environments and are 
directly related to the numbers of bacteria present. As a consequence they represent the 
most abundant ‘life’ forms on Earth, with an estimated 10° bacteriophages on the planet 
(Wommack & Colwell, 2000). Phages can be readily isolated from faeces and sewage, thus 
very common in soil. Sequencing of bacterial genomes has revealed that phage genome 
elements are an important source of sequence diversity and can potentially influence 
pathogenicity and the evolution of bacteria. The number of phages that have been isolated 
and characterised so far corresponds to only a tiny fraction of the total phage population. 
Since bacteriophages and animal cell viruses have many similarities phages are used as 
model systems for animal cell viruses to study steps of the viral life cycle and to understand 
the mechanisms by which bacterial genes can be transferred from one bacterium to another. 


1.1 Discovery of bacteriophages 


Bacteriophages were discovered more than a century ago. In 1896, Ernest Hanbury Hankin, 
a British bacteriologist (1865 -1939), reported that something in the waters of rivers in India 
had unexpected antibacterial properties against cholera and this water could pass through a 
very fine porcelain filter and keep this distinctive feature (Hankin, 1896). However, Hankin 
did not pursue this finding. In 1915, the British bacteriologist Frederick Twort (1877-1950), 
Superintendent of the Brown Institution of London, discovered a small agent that killed 
colonies of bacteria in growing cultures. He published the results but the subsequent work 
was interrupted by the beginning of World War I and shortage of funding. Felix d'Herelle 
(1873-1949) discovered the agent killing bacteria independently at the Pasteur Institute in 
France in 1917. He observed that cultures of the dysentery bacteria disappear with the 
addition of a bacteria-free filtrate obtained from sewage. D'Herelle has published his 
discovery of “an invisible, antagonistic microbe of the dysentery bacillus" (d'Herelle, 1917). 
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In 1923, the Eliava Institute was opened in Tbilisi, Georgia, to study bacteriophages and to 
develop phage therapy. Since then many scientists have been involved in developing 
techniques to study phages and using them for various purposes. In 1969 Max Delbriick, 
Alfred Hershey and Salvador Luria were awarded the prestigious Nobel Prize in Physiology 
and Medicine for their discoveries of the replication of viruses and their genetic structure. 


1.2 Why do we need to study bacteriophages? 


The first serious research of phages was done by d’Herelle which inspired him to do first 
experiments using phages in medicine. D'Herelle has used phages to treat a boy who had 
bad disentheria (d'Herelle, 1917). After administration of phages the boy successfully 
recovered. Later d'Herelle and scientists from Georgia (former USSR) have created an 
Institute to study the properties of bacteriophages and their use in treating bacterial 
infections a decade before the discovery of penicillin. Unfortunately a lack of knowledge on 
basic phage biology and their molecular organisation has led to some clinical failures. At the 
end of 1930s antibiotics were discovered; they were very effective, and nearly wiped out 
studies on the medical use of phages. However, a new problem of bacterial resistance to 
antibiotics has arisen after many years of using them. Bacteria adapted themselves to 
become resistant to the most potent drugs used in modern medicine. The emergence of 
modified pathogens such as Mycobacterium tuberculosis, Enterococcus faecalis, Staphylococcus 
aureus, Acinetobacter baumannii and Pseudomonas aeruginosa, and methicillin-resistant S. 
aureus (MRSA) has created massive problems in treating patients in hospitals (Coelho et al., 
2004, Hanlon, 2007; Burrowes et al., 2011) and the time required to produce new antibiotics 
is much longer than the time of bacterial adaptation. Modern studies on the phage life cycle 
have revealed a way for their penetration through membrane barriers of cells. These results 
are important in the development of methods for using bacteriophages as a therapeutic 
option in the treatment of bacterial infections (Brussow & Kutter, 2005). Phages, like many 
other viruses, infect only a certain range of bacteria that have the appropriate receptors in 
the outer membrane. The antibiotic resistance of the bacteria does not affect the infectious 
activity of a phage. Knowledge of the phage structure, understanding the mechanism of 
phage-cell surface interaction, and revealing the process of switching the cell replication 
machinery for phage propagation would allow the design of phages specific for bacterial 
illnesses. 


2. Classification of bacteriophages 


All known phages can be divided in two groups according to the type of infection. One 
group is characterised by a lytic infection and the other is represented by a lysogenic, or 
temperate, type of infection (Figure 1). In the first form of infection the release of DNA 
induces switching of the protein machinery of the host bacterium for the benefit of 
infectious agents to produce 50-200 new phages. To make so many new phages requires 
nearly all the resources of the cell, which becomes weak and bursts. In other words, lysis 
takes place, causing death of the host bacterial cell. As result new phages are released into 
the extracellular space. The other mode of infection, lysogenic, is characterised by 
integration of the phage DNA into the host cell genome, although it may also exist as a 
plasmid. Incorporated phage DNA will be replicated along with the host bacteria genome 
and new bacteria will inherit the viral DNA. Such transition of viral DNA could take place 
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through several generations of bacterium without major metabolic consequences for it. 
Eventually the phage genes, at certain conditions impeding the bacterium state, will revert 
to the lytic cycle, leading to release of fully assembled phages (Figure 1). Analysis of phages 
with lysogenic or lytic mode of infection has shown that there is a tremendous variety of 
bacteriophages with variations in properties for each type of infection. Moreover, under 
certain conditions, some species were able to change the mode of infection, especially if the 
number of host cells was falling down. Temperate phages are not suitable for the phage 
therapy. 


Lysogenic 
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Fig. 1. Two cycles of bacteriophage reproduction. 1 - Phage attaches the host cell and injects 
DNA; 2 - Phage DNA enters lytic or lysogenic cycle; 3a - New phage DNA and proteins are 
synthesised and virions are assembled; 4a -Cell lyses releasing virions; 3b and 4b - steps of 
lysogenic cycle: integration of the phage genome within the bacterial chromosome (becomes 
prophage) with normal bacterial reproduction; 5- Under certain conditions the prophage 
excises from the bacterial chromosome and initiates the lytic cycle. (Copyright of E.V. Orlova) 


Classification of viruses is based on several factors such as their host preference, viral 
morphology, genome type and auxiliary structures such as tails or envelopes. The most up- 
to-date classification of bacteriophages is given by Ackermann (2006). The key classification 
factors are phage morphology and nucleic acid properties. The genome can be represented 
by either DNA or RNA. The vast majority of phages contain double strand DNA (dsDNA), 
while there are small phage groups with ssRNA, dsRNA, or ssDNA (ss stands for single 
strand). There are a few morphological groups of phages: filamentous phages, isosahedral 
phages without tails, phages with tails, and even several phages with a lipid-containing 
envelope or contain lipids in the particle shell. This makes bacteriophages the largest viral 
group in nature. At present, more than 5500 bacterial viruses have been examined in the 
electron microscope (Ackermann, 2007) (Figure 2). 


Pleomorphic and filamentous phages comprise ~190 known bacteriophages (3.6% of phages) 
and are classified into 10 small families (Ackermann, 2004). These phages differ significantly in 
their features and characteristics apparently representing different lines of origin. Pleomorphic 
phages are characterized by a small number of known members that are divided into three 
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Fig. 2. Images of bacteriophages. A - filamentous phage B5 (Inoviridae) infects 
Propionibacterium freudenreichi; negatively stained with 2% uranyl acetate (UA) (Chopin et al., 
2002, reproduced with permission of M.C. Chopin); B - Sulfolobus neozealandicus droplet- 
shaped virus (Guttaviridae) of the crenarchaeotal archaeon Sulfolobus, negatively stained by 2% 
UA (Arnold et al., 2000, reproduced with permission of W. Zillig); C - Acidianus filamentous 
virus 1 (Lipothrixviridae) with tail structures in their native conformation, negatively stained 
with 3% UA (Bettstetter et al., 2003, reproduced with permission of D. Prangishvili); D - 
Bacteriophage T4 (Myoviridae), in vitreous ice (Rossmann et al., 2004, reproduced with 
permission of M.G. Rossman); E - Bacteriophage SPP1 (Siphoviridae), negative stain 2% UA 
(Lurz et al., 2001, reproduced with permission of R. Lurz); F - Bacteriophage P22 (Podoviridae) 
in vitreous ice (Chang et al., 2006, reproduced with permission of W. Chiu). Bars are 50 nm. 
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families that need further characterization. Plasmaviridae (dsDNA) includes phages with 
dsDNA that are covered by a lipoprotein envelope and therefore can be called a nucleoprotein 
granule. Members of the Fusseloviridae family have dsDNA inside a lemon-shaped capsid with 
short spikes at one end; Guttavirus phage group (dsDNA) is represented by droplet-shaped 
virus-like particles (Figure 2B, Arnold et al., 2000). 


There are phages with helical or filamentous organization. The Inoviridae (ssDNA) family 
includes phages that are long, rigid, or flexible filaments of variable length and have been 
classified by particle length, coat structure and DNA content. The Lipothrixviridae (dsDNA) 
phages are characterized by the combination of a lipoprotein envelope and rod-like shape 
(Figure 2C). The Rudiviridae (dsDNA) family represents phages that are straight rigid rods 
without envelopes and closely resemble the tobacco mosaic virus. 


The next group of phages have capsids with an isosahedral shape. Phages from the 
Leviviridae family have ssRNA genome packed in small capsids and resemble enteroviruses. 
The known phages that form Corticoviridae family contain three molecules of dsRNA and, 
which is unusual, RNA polymerase. Phages with icosahedral symmetry for the capsids and 
a DNA genome compose the next three families Microviridae, Cystoviridae and Tectiviridae. 
The first includes small virions with a single circular ssDNA. The second family is currently 
represented only by a maritime phage, PM2, and has a capsid formed by the outer layer of 
proteins with an inner lipid bilayer (Huiskonen et al., 2004). The capsid contains a dsDNA 
genome. The last family, Tectiviridae, is characterised by presence of the lipoprotein vesicle 
that envelops the protein capsid with dsDNA genome. These phages have spikes on the 
apical parts of the envelope. 


Myoviridae Siphoviridae Podoviridae 






dsDNA 


Connector 


Adsorption 
apparatus 


Fig. 3. Tailed phage families (copyright of E.V. Orlova). 


The tailed phages were classified into the order Caudavirales (dsDNA) (Figure 2D,E,F) 
(Ackermann, 2006). Tailed phages can be found everywhere and represent 96% of known 
phages and are separated into three main phylogenetically related families. Tailed phages 
are divided into three families: A - Myoviridae with contractile tails consisting of a sheath 
and a central tube (25% of tailed phages); B - Siphoviridae , long, noncontractile tails (61%); C 
- Podoviridae , short tails (14 %). Since the tailed phages represent the biggest population of 
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bacteriophages they are easy to find and purify; they are the most studied family both 
biochemically and structurally. For this reason the following part of the review will 
concentrate on results and analysis of the tailed bacteriophages. 


3. Organisation of tailed bacteriophages 
3.1 General architecture of bacteriophages 


The basic structural features of bacteriophages are coats (or capsids) that protect the genome 
hidden inside a capsid and additional structures providing interface with a bacterium 
membrane for the genome release. The Caudovirales order of bacteriophages is characterised 
by dsDNA genomes and by the common overall organisation of the virus particles 
characterized by a capsid and a tail (Figure 3). Different phage species can vary both in size 
from 24-400 nm in length and genome length. Their DNA sequences differ significantly and 
can range in the size from 18 to 400 kb in length. 


Structures obtained by electron microscopy (EM) do not typically provide detailed information 
on the atomic components owing to methods used for visualisation of particles. However, EM 
has allowed visualisation of these minuscule particles and morphological analysis. Each virion 
has a polyhedral, predominantly icosahedral, head (capsid) that covers the genome. The heads 
are composed of many copies of one or several different proteins and have a very stable 
organisation. A bacteriophage tail is attached to the capsid through a connector which serves 
as an adaptor between these two crucial components of the phage. The connector is a hetero- 
oligomer composed of several proteins (Lurz et al., 2001; Orlova et al., 2003). Connectors carry 
out several functions during the phage life cycle. They participate in the packaging of dsDNA 
into the capsid, and later they perform the function of a gatekeeper: locking the capsid exit of 
the phage, preventing leakage of DNA which is under high pressure and later, after a signal 
transmitted by the tail indicating that the phage is attached to the bacterium, the connector will 
be open allowing the release of DNA into the bacterium (Plisson et al., 2007). The tail and its 
related structures are indispensable phage elements securing the entry of the viral nucleic acid 
into the host bacterium during the infectivity process. The tail serves both as a signal 
transmitter and subsequently as a pipeline through which DNA is delivered into the host cell 
during infection. The tails may be short or long, the latter are divided into contractile and non- 
contractile tails. The long tails are typically composed of many copies of several proteins 
arranged with helical symmetry. All types of tails have outer appendages attached to the 
distant end of the tail and often include a baseplate with several fibres and a tip, or a needle 
that has specificity to the membrane receptors of the bacterium (Leiman et al., 2010). As soon 
the receptor has been found by the tail needle, which happens during multiple short living 
reversible attachments to the bacterium, the baseplate and tail fibres are involved in the 
binding of the phage to the bacterial outer membrane that makes the attachment irreversible 
(Christensen, 1965; Sao-José et al., 2006). The docking (irreversible attachment) of the phage 
induces opening of the phage connector and release of the genome through the tail tube into 
the bacterial cell. 


3.2 DNA and its packaging 


The virions of the bactriophage Caudovirales have a genome represented by linear molecules 
of dsDNA. The length of genome varies significantly between the phages . DNA is 
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translocated through the central channel of the portal protein located at one vertex of the 
capsid. The portal complex provides a docking point for the viral ATPase complex 
(terminase). The terminase bound to the portal vertex forms the active packaging motor that 
moves the viral dsDNA inside the capsid. Encapsidation is normally initiated by an 
endonucleolytic cleavage at a defined sequence (pac) of the substrate DNA concatemer 
although some phages like T4 do not use a unique site for the initial cleavage. Packaging 
proceeds evenly until a threshold amount of DNA is reached inside the viral capsid. At the 
latter stages of packaging the increasingly dense arrangement of the DNA leads to a steep 
rise in pressure inside the capsid that can reach ~6 MPa (Smith et al., 2001). The headful 
cleavage of DNA is imprecise leading to variations in chromosome size of more than 1 kb 
(Casjens & Hayden, 1988; Tavares et al., 1996). The mechanism of packaging requires a 
sensor that measures the amount of DNA headfilling and a nuclease that will cleave DNA as 
soon the head is full. Termination of the DNA packaging is coordinated with closure of the 
portal system to avoid leakage of the viral genome. In tailed bacteriophages this is most 
frequently achieved through the binding of head completion proteins (or adaptor proteins). 
The complex of the portal dodecamer and these proteins composes the connector (Lurz et 
al., 2001; Orlova et al., 2003). After termination of the first packaging cycle initiated at pac 
(initiation cycle), a second packaging event is initiated at the non-encapsidated DNA end 
created by the headful cleavage and additional cycles of encapsidation follow. Some 
packaging series can yield 12 or more encapsidation events revealing the high processivity 
of the packaging machinery (Adams et al., 1983; Tavares et al., 1996). 


4. Methods for study of bacteriophages 


Microbiology and bacteriology were the first methods used to investigate viruses. Studies 
related to the life cycle of prokaryotic and eukaryotic microorganisms such as bacteria, 
viruses, and bacteriophages are combined into microbiology. This includes gene expression 
and regulation, genetic transfer, the synthesis of macromolecules, sub-cellular organization, 
cell to cell communication, and molecular aspects of pathogenicity and virulence. The earlier 
studies of phages were based on microbiological experiments including immunology. 
Nowadays the research of the biological processes is not limited to biochemical analysis and 
microbiology. To understand processes of virus/cell communication and interaction one 
often needs information on the molecular level and conformational changes of the 
components under different conditions. Gel filtration or Western blotting provides 
information for a protein on the macromolecular level such as size, molecular mass, binding 
to an antibody etc. These experiments will display how the proteins will change their 
characteristics with several chemical modifications and analysing what kind of change 
occurred, one could draw a conclusion for the structure. At the cellular level, optical 
microscopy can reveal the spatial distribution and dynamics of molecules tagged with 
fluorophores. 


4.1 X-ray crystallography and NMR of phages 


The methods of X-ray crystallography and NMR spectroscopy provide detailed information 
on molecular structure and dynamics. However, X-ray crystallography requires the growth 
of protein crystals up to 1 mm in size from a highly purified protein. Crystal growth is an 
experimental technique and there are no rules about the optimal conditions for a protein 
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solution to result in a good protein crystal. It is extremely difficult to predict good 
conditions for nucleation or growth of well-ordered crystals of large molecular complexes. 
In practice, the best conditions are identified by screening multiple probes where a wide 
variety of crystallization solutions are tested. Structural analysis of viral proteins by 
crystallographic methods was very successful when separate proteins were studied. 
Protein crystals contain trillions of accurately packed identical protein molecules. When 
irradiated by X-rays, these crystals scatter X-rays in certain directions producing 
diffraction patterns. Computational analysis of that diffraction produces atomic models of 
the proteins. Viruses are much bigger than single proteins and may comprise thousands 
of components; it is difficult to pack them into crystals, and when successful, crystals have 
large unit cell dimensions (unit cell is an elementary part, from which the crystal is 
composed). Because of that the diffraction from virus crystals is far weaker than that of 
single proteins. It was an extremely challenging task to crystallise viruses for 
crystallographic studies although some icosahedral viruses were crystallised and the 
atomic structures have been obtained (Harrison, 1969; Grimes et al., 1998; Wikoff et al., 
2000). Nowadays X-ray analysis has provided a wealth of information on atomic structures 
of many small protein components of large viruses including bacteriophages (Rossmann et 
al., 2005). 


Nuclear Magnetic Resonance (NMR) is another very powerful method of structural analysis 
allowing studying dynamics of samples in solution. NMR methodology, combined with the 
availability of molecular biology and biochemical methods for preparation and isotope 
labelling of recombinant proteins has dramatically increased its usage for the 
characterization of structure and dynamics of biological molecules in solution. In NMR, a 
strong, high frequency magnetic field stimulates atomic nuclei of the isotopes H!, D2, C!3, or 
N‘5 and measures the frequency of the magnetic field of the atomic nuclei during its 
oscillation period before returning back to the initial state. NMR is able to obtain the same 
high resolution using different properties of the samples. NMR measures the distances 
between atomic nuclei, rather than the electron density in a molecule. Protein folding 
studies can be done by monitoring NMR spectra upon folding or denaturing of a protein in 
real time. However, NMR cannot deal with macromolecules in the mega-Dalton range, the 
upper weight limit for NMR structure determination is ~ 50 kDa. 


4.2 Electron microscopy of tailed bacteriophages 


For microbiological research, light microscopy is a tool of great importance in studies of the 
biology of microorganisms. However, light microscopy is not able to provide a high enough 
magnification to see viruses. The modern development and use of synchrotrons has 
revealed the structures of spherical viruses, nonetheless obtaining virus crystals remained 
problematic, especially for bacteriophages. EM has become a major tool for structural 
biology over the molecular to cellular size range. Bacteriophages do not have exact 
icosahedral symmetry since they have different appendages facilitating interactions and 
infection of the host cells, a fact that makes them very challenging objects for 
crystallography and their size makes them unsuitable for NMR. Members of the Caudovirales 
phage family with dsDNA genome are especially difficult to crystallise because they have 
tails. Here EM has become a tool of choice for structural analysis of these samples. 
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The simplest method for examining isolated viral particles is negative staining, in which a 
droplet of the suspension is spread on an EM support film and then embedded in a heavy 
metal salt solution, typically uranyl acetate (Harris, 1997). The method is called negative 
staining because the macromolecular shape is seen by its exclusion of stain rather than by 
binding of stain. During the last two decades other methods became widely used and 
demonstrated their efficiency when samples where fixed in the native, hydrated state by 
rapid freezing of thin layers of aqueous sample solutions at liquid nitrogen temperatures 
(Dubochet et al., 1988). Such rapid cooling traps the biological molecule in its native, 
hydrated state but embedded in glass-like, solid water - vitrified ice. This procedure 
prevents the formation of ice crystals, which would be very damaging to the specimen. EM 
images of particles are used to calculate their three-dimensional structures (Jensen, 2010). 


EM was a major tool used in analysis of phage morphology and initiated a process of 
classification of viruses. The development of cryogenic methods has enabled EM imaging to 
provide snapshots of biological molecules and cells trapped in a close to native, hydrated 
state. High symmetry of the complexes is an advantage, but single particles of molecular 
mass -0.5-100 MDa with or without symmetry (e.g. viruses, ribosomes) can now be studied 
with confidence and can often reveal fine details of the 3D structure. The resulting images 
allow information not only on quaternary structure arrangements of macromolecular 
complexes but the positions of their secondary structural elements like helices and beta- 
sheets (Rossmann et al., 2005). 


4.3 Hybrid methods 


The components of bacteriophages and their interactions have to be identified and analysed. 
This can be done by localisation of known NMR or X-ray structures of individual viral 
proteins and nucleic acids combined with biochemical information to identify them in the 
EM structures. Electron cryo-microscopy and three-dimensional image reconstruction 
provide a powerful means to study the structure, complexity, and dynamics of a wide range 
of macromolecular complexes. One has to use different approaches for several reasons: there 
are limitations of the individual methods; some complexes do not crystallise; phages, being 
multi-protein complexes, have different conformational organisation at different conditions. 
Therefore all known structural and biochemical methods have to complement each other to 
generate structural information. When atomic models of components or subassemblies are 
accessible, they can be fitted into reconstructed density maps to produce informative 
pseudoatomic models. If atomic structures of the components are not known, it is helpful to 
perform homology modelling so that the generated models could be fitted into the EM 
maps. Fitting atomic structures and models into EM maps allows researchers to test 
different hypotheses, verify variations in structures of viruses and effectively increase the 
EM map resolution creating pseudo-atomic viral models (Lindert et al., 2009). 


5. Examples of bacteriophage structures 


In spite of the great abundance of the tailed phages, details of their organisation have 
emerged only during the last decade. The progress in structural studies of phages as a 
whole entity was slow because of their flexibility and complex organisation. The additional 
hindrance arises from intricate combination of different oligomerisation levels of the phage 
elements. Fully assembled capsids have at least 5-fold symmetry or more often, icosahedral 
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symmetry where multiple structural units form a regular lattice with 2, 3, and 5 rotational 
symmetries. All known portal proteins were found to be dodecameric oligomers; tails have 
overall 6- or 3-fold rotational symmetry, the multiple repeats of major proteins have helical 
arrangement. The proteins related to the receptor sensor system at the far end of the tail 
could be in 6, 3, or only one copy. The information on the relative amount of different 
protein components has been revealed by biochemical and structural methods such as X-ray 
analysis of separate components. Development of hard and software has led to new imaging 
systems of better quality, new programs allowing processing of bigger data sets comprising 
hundreds of thousand images. The modern strategy is based on hybrid methods where 
structure determination at high resolution of isolated phage components is combined in 
three-dimensional maps of lower resolution obtained by electron microscopy. Electron 
microscopy by itself has reached such level of quality that for the complexes with 
icosahedral symmetry it has became nearly routine to obtain structures at 4-5 A resolution 
(Hryc et al., 2011; Zhou, 2011; Grigorieff & Harrison, 2011) 


5.1 Phage T4 


The T4 phage of the Myoviridae family infects E. coli bacteria and is one of the largest 
phages; it is approximately 200 nm long and 80-100 nm wide with the capsid in a shape of 
an elongated icosahedron. The phage has a rigid tail composed of two main layers: the inner 
tail tube is surrounded by a contractile sheath which contracts during infection of the 
bacterium. The tail sheath is separated from the head by a neck. Phages of Myoviridae family 
have a massive baseplate at the end of the tail with fibres attached to it. The tail fibres help 
to find receptors of a host cell and provide the initial contact; during infection the tail tube 
penetrates an outer bacterial membrane to secure the pathway for genome to be injected into 
the cell. 


The capsid of the T4 phage is built with three essential proteins: gp23* (48.7 kDa), which 
forms the hexagonal capsid lattice; gp24* (the * designates the cleaved form of the protein 
when the prohead matures to infectious virus) forms pentamers at eleven of the twelve 
vertices, and gp20, which forms the unique dodecameric portal vertex through which DNA 
enters during packaging and exits during infection. 3D-reconstruction has been determined 
at 22 A resolution by cryo-EM for the wild-type phage T4 capsid forming a prolate 
icosahedron (Figure 4, Fokine et al., 2004). The major capsid protein gp23* forms a 
hexagonal lattice with a separation of ~140 A between hexamer centres. The atomic 
structure of gp24* has been determined by X-ray crystallography and an atomic model for 
gp23* was built using its similarity to gp24* (Fokine et al., 2005). The capsid also contains 
two non-essential outer capsid proteins, Hoc and Soc, which decorate the capsid surface. 
The structure of Soc has been determined by X-ray crystallography and shows that Soc has 
two capsid binding sites which, through binding to adjacent gp23* subunits, reinforce the 
capsid structure (Qin et al., 2010). The failure of gp24* to bind Soc provides a possible 
explanation for the property of osmotic shock resistance of the phage (Leibo et al., 1979). The 
3D maps of the empty capsids with and without Soc (Iwasaki et al., 2000) have been 
determined at 27 and at 15 A resolution, respectively. 


Single molecule optical tweezers and fluorescence studies showed that the T4 motor 
packages DNA at a rate of up to 2000 bp/sec, the fastest reported to date of any packaging 
motor (Fuller et al., 2007). FRET-FCS studies indicate that the DNA gets compressed during 
the translocation process (Ray et al., 2010). 
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Fig. 4. Structures of T4 (cryo-EM) and HK97 (X-ray analysis) phages (reproduced with 
permission of M.G. Rossmann and J. E. Johnson). Ribbon diagrams compare the structure 
of HK97 (gp5) with the structure of the T4 gp24 capsid protein. Phages and sections are ona 
different scale. 


Tails of Myoviridae phages have a long, non-contractible tube surrounded by a contractile 
sheath. Bacteriophage T4 has a tail sheath that is composed of 138 copies of gp18 (Leiman et 
al., 2004). The tail tube inside the sheath is estimated to be assembled from as many gp19 
subunits as there are gp18 subunits in the sheath (Moody & Makowski, 1981). The tail 
sheath has helical symmetry with a pitch of 40.6 A and a twist of 17.2° (Kostyuchenko et al., 
2005). The tail sheath contraction can be divided into several steps. Previous studies of 
partially contracted sheath showed that conformational changes of the sheath are 
propagated ‘upwards’ starting from the disk of the gp18 subunits closest to the baseplate 
(Moody 1973). The cryo-EM reconstructions showed that during contraction, the tail sheath 
pitch decreases from 40.6 A to 16.4 A and its diameter increases from 24 nm to 33 nm 
(Figure 4, Leiman et al., 2004; Kostyuchenko et al., 2005). The combination of X-ray model 
and EM structures show that gp18 monomers remain rigid during contraction and move 
about 50 A radially outwards while tilting 45° clockwise, viewed from outside the tail. 
During contraction of the tail the interactions between neighbouring subunits within a disk 
are broken so that the subunits from the disk above get inserted into the gaps formed in the 
disk below (Aksyuk et al., 2009). 


The baseplate with the cell-puncturing device of the T4 phage is an ultimate element of the 
phage. This is an extremely complex multiprotein structure on the far end of the tail and 
represents multifunctional machinery that anchor the phage on the bacteria surface and 
provide formation of the DNA entrance into the bacteria. This important part of the phage 
structure is of ~27 nm in height and 52 nm in diameter at its widest part. The baseplate 
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conformation is coupled to that of the sheath: the dome shape conformation is associated 
with the extended sheath, whereas the flat “star” conformation is associated with the 
contracted sheath that occurs in the T4 particle after attachment to the host cell. Short 
treatment of bacteriophage T4 with 3 M urea resulted in the transformation of the baseplate 
to a star-shape and subsequent tail sheath contraction (Kostyuchenko et al., 2003). During 
that switch the baseplate diameter increases to 61 nm and the height decreases to 12 nm 
although the protein composition of the baseplate does not change. It is composed of ~150 
subunits of a dozen different gene products (Leiman et al., 2010). Proteins gp11, gp10, gp7, 
gp8, gp6, gp53, and gp25 form one sector of 6-fold structure. The central hub of the 
baseplate is formed by gp5, gp27, and gp29 and probably includes gp26 and gp28. Assembly 
of the baseplate is completed by attaching gp9 and gp12 to form the short tail fibres, and 
also gp48 and gp54 that are required to initiate polymerization of the tail tube, a channel for 
DNA (Leiman et al., 2010). 


T4 tail has three types of fibrous proteins: the long tail fibres, the short tail fibres, and 
whiskers. Long tail fibres and short tail fibres are attached to the baseplate and whiskers 
extending outwardly in the region of the tail connection to the capsid. The long tail fibres, 
which are ~145 nm long and only ~4 nm in diameter, are primary reversible adsorption 
devices (Figure 4, Kostyuchenko et al., 2003). Each fibre consists of the rigid proximal 
halves, formed by gp34, and the distal ones composed by gp36 and gp37. The distal part of 
the fibre has a rod-like shape about 40 nm long that is connected to the first half of the fibre 
through the globular hinge. Gp35 forms a hinge region and interacts with gp34 and gp36. 
The N-terminal globular domain of gp34 interacts with the baseplate. Short tail fibres are 
attached to the baseplate by the N-terminal thin part, while the globular C-terminus binds to 
the host cell receptors (Boudko et al., 2002). The structure of this domain of the short tail 
fibres was determined by X-ray crystallography (Tao et al., 1997) 


5.2 HK97 


HK97 is a temperate phage from Escherichia coli which was isolated in Hong Kong by 
Dhillon (Dhillon & Dhillon, 1976). It shares a host range with the Lambda phage (Dhillon et 
al., 1976). HK97 has an isometric head and a long, flexible, non-contractile tail representing 
Siphoviridae family (Dhillon et al., 1976). The HK97 phage has multi step pathway of self- 
assembly revealing two forms of procapsids of ~470 A in diameter. Capsid protein gp5 (42 
kDa) forms capsids, with icosahedral symmetry characterised by T = 7 (Hendrix, 2005). A 
part of the gp5 (102 amino acids from the N terminus) plays the role of a scaffold, which is 
cleaved by gp4 (the phage protease) at maturation of the capsid (Conway at al., 1995). The 
first low resolution structures have shown conformation changes reflecting transition of the 
HK97 procapsids into expanded capsids (Conway at al., 1995). The diameter of procapsids 
during transition into the heads increases from 470 A to 550 A while the thickness of the 
capsid shell changes from 50 A to ~ 25 A. 


The first atomic structure of a capsid for the tailed phage was only published in 2000. Gps, if 
expressed alone, assembles into a portal-deficient version of prohead I. Co-expressing gp5 
with the gp4 protease, which cleaves gp5 scaffolding domain, produces Prohead II that 
expands into the icosahedral head II (the diameter is ~650 A) without DNA and portal 
complex; and it was used for the crystallisation. The crystal structure of the dsDNA 
bacteriophage HK97 mature empty capsid was determined at 3.6 A resolution using 
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icosahedral symmetry (Wikoff et al., 2000). The capsid crystal structure shows how an 
isopeptide bond is formed between subunits, arranged in topologically linked, covalent 
circular rings (Figure 4). The structure of the HK97 gp5 coat protein has revealed a new 
category of virus fold: it is mixture alpha-helices and beta-sheets organised into three 
domains that are not sequence contiguous (Figure 4). Domain A is located close to the centre 
of the hexamers and pentamers of the capsid. Domain P (peripheral) provides contacts 
between adjacent molecules within pentamers and hexamers. The third domain, represented 
by the E-loop, is an extension through which each subunit of the HK97 capsid is covalently 
linked to two neighbouring subunits. The bond organization explains why the mature HK97 
particles are extraordinarily stable and cannot be disassembled on an SDS gel without 
protease treatment (Popa et al., 1991; Duda, 1998). 


5.3 SPP1 


SPP1 is a virulent Bacillus subtilis dsDNA phage and belongs to the Siphoviridae family. The 
virion is composed of an icosahedral, isometric capsid (~60 nm diameter) and a long, 
flexible, non-contractile tail. The SPP1 genome length is 45.9 kb. The procapsid (or prohead) 
of SPP1 consists of four proteins: the scaffold protein gp11, the major capsid protein gp13, 
the portal protein gp6, and a minor component gp7. The inside of the capsid is filled with 
gp11 which exits the procapsid during DNA packaging. Gp13 and the decoration protein 
gp12 form the head shell of the mature SPP1 capsid. 


The portal protein is located at a 5-fold vertex of the icosahedral phage head and serves as 
the entrance for DNA during packaging. The structure of gp6 as a 13-subunit assembly was 
determined by EM and X-ray at 10 and 3.4 A resolution correspondingly (Orlova et al., 2003; 
Lebedev et al., 2007). The 13-mer portal complex has a circular arrangement with an overall 
diameter of ~165 A and a height of ~110 A. A central tunnel pierces the assembly through 
the whole height. The portal protein monomer has four main domains: crown, wing, stem, 
and clip. The crown domain consists of three alpha-helices connected by short loops and has 
40 additional C-terminal residues that are disordered in the X-ray structure. Mutations in 
the crown indicate the importance of this area for DNA translocation (Isidro et al., 2004a, 
b).The wing region is formed by alpha-helices flanked on the outer side by a beta-sheet. The 
stem domain connects the wing to the clip domain. It consists of two alpha-helices that are 
conserved in phi29 and SPP1 phages; a similar arrangement of helices was found in the P22 
portal protein (Simpson et al., 2000; Guasch et al., 2002; Lebedev et al., 2007; Olia et al., 
2011). The clip domain forms the base of the portal protein and is expected to be exposed to 
the outside of the capsid during viral particle assembly. The three-dimensional structures of 
the portal proteins of SPP1, phi29, and P22 phages demonstrate a strikingly similar fold. 
Although there is no detectable amino-acid sequence similarity between proteins, they have 
a nearly identical arrangement of two helices forming stem domains and in the clip domain 
which form a tightly packed ring of three stranded beta-sheets each made up of two strands 
from one subunit and one strand from an adjacent subunit. 


After termination of DNA incorporation the portal pore needs to be rapidly closed to 
prevent leakage of the viral chromosome. In SPP1 this role is played by the head completion 
proteins gp15 and gp16 that bind sequentially to the portal vertex forming the connector 
(Lurz et al., 2001). Disruption of the capsids yielded connectors composed of gp6, gp15 and 
gp16. The connector is an active element of the phage that is involved into packaging the 
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viral genome, serves as an interface for attachment of the tail, and controls DNA release 
from the capsid. The connector of Bacillus subtilis bacteriophage SPP1 was found to be a 12- 
fold cyclical oligomer (Lurz et al., 2001), though isolated gp6 is a cyclical 13mer. The 
structure of the connector was determined at 10 A resolution, using cryo-EM (Figure 5, 
Orlova et al., 2003). Both the isolated portal protein and the gp6 oligomer in the connector 
reveal a similar arrangement of four main domains, the major changes take place in the clip 
domain through which gp15 contacts gp6. The connector structure shows that gp15 serves 
as an extension of the portal protein channel where gp16 binds. The central channel is closed 
by gpl6 physically blocking the exit from the DNA-filled capsid (Orlova et al., 2003). 
Structures of SPP1 gp15 and gp16 monomers were determined by NMR and together with 
gp6 were docked into the EM map of the connector (Figure 5, Lhuillier at al., 2009). The 
channel of the connector will be opened when the virus infects a host cell. Comparison of 
the structures before and after assembly, provides details on the major structural 
rearrangements (gp15) and folding events (gp15 and gp16) that accompany connector 
formation. 
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Fig. 5. Surface representation of SPPlphage connector (top left, Orlova et al., 2003), tail tip 
(bottom left, Plisson et al., 2007) and P22 phage tail machine (top right, Lander et al., 2009). 
The fit of the atomic coordinates into each connector is shown as a cut open view adjacent to 
its corresponding surface view. The portal proteins are shown in blue, the adaptor proteins 
in crimson, gp16 of SPP1 and the tail spikes of P22 are shown in green. (Copyright of E.V. 
Orlova) 


The 160-nm-long tail of the SPP1 phage is composed of two major tail proteins (MTPs), gp17.1 
and gp17.1*, in a ratio of about 3:1. They share a common amino-terminus, but the latter 
species is ~10 kDa more than gp17.1. The polypeptide sequence, identical in the two proteins is 
responsible for assembly of the tail tube while the additional module of gp17.1* shields the 
structure exterior exposed to the environment. The carboxyl-terminus domain of MTPs shares 
homology to motifs of cellular proteins (Fraser et al., 2006) or to phage components (Fortier et 
al., 2006) involved in binding to cell surfaces. Structures of the bacteriophage SPP1 tail before 
and after DNA ejection were determined by negative stain electron microscopy. The results 
reveal extensive structural rearrangements in the internal wall of the tail tube. It has been 
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proposed that the adsorption device-receptor interaction triggers a conformational switch that 
is propagated as a domino-like cascade along the 160 nm -long helical tail structure to reach 
the head-to-tail connector. This leads to opening of the connector, culminating in DNA exit 
from the head into the host cell through the tail tube (Plisson et al., 2007). 


The tail tip is attached to the cap structure that closes the tail tube (Figure 5). The absence of 
a channel for DNA traffic in the tip implies that it must dissociate from the cap for DNA 
passage to the cytoplasm during infection. The structural data show that the tail tip does not 
have a channel for DNA egress and that the signal initiated by interaction of the tip with the 
bacterial receptor causes release of the tip from the tail cap. Reconstructions were performed 
for two states of the tail: before and after DNA ejection. The cap structure was reconstructed 
separately from the tip and the main area of the tail. The reconstructions of the cap together 
with the first four rings of the tail tube demonstrate that the tail external diameter (before 
DNA ejection) tapers from ~110 to ~40A at the capped extremity and changes symmetry 
from six-fold to three-fold. This arrangement provides a sturdy interface between the tail 
tube and the three-fold symmetric tip. Opening of the dome-shaped cap involves loss of the 
tip and movement of the cap subunits outwards from the tail axis, creating a channel with 
the same diameter as the inner tail tube (Plisson et al., 2007). 


5.4 Phi29 


The Bacillus subtilis bacteriophage phi29 (Podoviridae family) is one of the smallest and 
simplest known dsDNA phages. The bacteriophage phi29 (Figure 6) is a 19-kilobase (19-kb) 
dsDNA virus with a prolate head and complex structure. Proheads consist of the major 
capsid protein gp8, scaffolding protein gp7, head fibre protein gp8.5, head-tail connector 
gp10, and a pRNA oligomer. Mature phi 29 heads are 530A long and 430A wide, and the tail 
is 380A long. The packaging of DNA into the head involves, besides the portal protein, other 
essential components such as an RNA called pRNA and the ATPase p16, required to 
provide energy to the translocation machinery. Once the DNA has been packaged, pRNA 
and p16 are released from the portal protein. In the mature phi29 virion, the narrow end of 
the portal protrudes out of the capsid and attaches to a toroidal collar (gp11). The collar has 
a diameter of about 130A and is surrounded by 12 appendages that function to absorb the 
virion on host cells (Anderson et al., 1966). A thin, 160A -long tube, with an outer diameter 
of 60A, leads away from the centre of the collar (Hagen et al., 1976). The outer end of the tail 
(gp9) has a cylindrical shape and bigger diameter of ~ 80A. 


The three-dimensional structure of a fibreless variant has been determined to 7.9 A 
resolution allowing the identification of helices and beta-sheets (Figure 6, Morais et al., 2005, 
Tang et al., 2008). For the prolate capsid phi29 there was not the advantage of using 
icosahedral symmetry for structural analysis, its cryo-EM three-dimensional reconstructions 
have been made of mature and of emptied bacteriophage phi29 particles without making 
symmetry assumptions (Xiang et al., 2006). Possible positions of secondary elements for gp8 
indicate that the folds of the phi29 and bacteriophage HK97 capsid proteins are similar 
except for an additional immunoglobulin-like domain of the phi29 protein: the gp8 residues 
348-429 are 32% identical to the group 2 bacterial immunoglobulin domain (BIG2) 
consensus sequence (Morais et al., 2005; Xiang et al., 2006). The BIG2 domain is found in 
many bacterial and phage surface proteins related to cell adhesion complexes (Luo et al., 
2000; Fraser et al., 2006). The asymmetrical reconstruction of the complete phi29 has 
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revealed new details of the asymmetric interactions and conformational dynamics of the 
phi29 protein and DNA components (Tang et al., 2008). 


The DNA packaging motor is located at a unique portal vertex of the prohead and contains: 
the head-tail connector (a dodecamer of gp10); the portion of the prohead shell that 
surrounds the connector, a ring of 174-base prohead RNAs (pRNA), and a multimer of gp16, 
an ATPase that first binds DNA-gp3 and then assembles onto the connector/ pRNA complex 
prior to packaging. The wide end of the portal protein contacts the inside of the head, 
whereas the narrow end protrudes from the capsid where it is encircled by the pentameric 
pPRNA. The structure of the isolated phi29 portal complex has been studied by atomic force 
microscopy and electron microscopy (EM) of two-dimensional arrays (Carazo et al., 1985) 
and X-ray crystallography (Simpson et al., 2000; Guasch et al., 2002). X-ray crystallographic 
studies of the phi29 portal showed that it is a cone-shaped dodecamer with a central channel 
(Simpson et al., 2000). The three-dimensional crystal structure of the bacteriophage phi29 
portal has been refined to 2.1A resolution (Guasch et al., 2002). This 422 kDa oligomeric 
protein is part of the DNA packaging motor and connects the head of the phage to its tail. 
Each monomer of the portal dodecamer has an elongated shape and is composed of a 
central, mainly alpha-helical domain (stem domain) that includes a three-helix bundle, a 
distal a/b domain and a proximal six-stranded SH3-like domain (Simpson et al., 2000). The 
portal dodecamer has a 35 A wide central channel, the surface of which is mainly 
electronegative. The narrow end of the head-tail portal protein is expanded in the mature 
virus. Gene product 3, bound to the 5’ ends of the genome, appears to be positioned within 
the portal, which may potentiate the release of DNA-packaging machine components, 
creating a binding site for attachment of the tail (Tang et al., 2008). 


The process of DNA packaging is an extremely energy consuming act because electrostatic 
and bending repulsion forces of the DNA must be overpowered to package the DNA to 
near-crystalline density. Force-measuring laser tweezers were used to measure packaging 
activity of a single portal complex in real time where one microsphere has been used to hold 
on to a single DNA molecule as they are packaged, and the other was bound to the phage 
and fixed (Smith et al., 2001). These experiments have demonstrated that the portal complex 
is a force-generating motor which can work against loads of up to 57 pN, making it one of 
the strongest molecular motors reported to date. Notably, the packaging rate decreases as 
the prohead is filled, indicating that an internal force builds up to 50 pN owing to DNA 
confinement. These results suggest that the internal pressure provides the driving force for 
DNA injection into the host cell for the first half of the injection process. 


The structure of the phi29 tail has revealed that 12 appendages protruding from the collar 
like umbrella with 12 ribs that end in ‘tassels’ (Xiang et al., 2006). Two of the 12 appendages 
are extended radially outwards (the ‘up’ position), whereas the other 10 have their tassels 
‘hanging’ roughly parallel to the virus major axis. The adsorption capable ‘appendages’ 
were found to have a structure homologous to the bacteriophage P22 tail spikes. Two of the 
appendages are extended radially outwards away from the long axis of the virus, whereas 
the others are around and parallel to the phage axis. The appendage orientations are 
correlated with the symmetry mismatched positions of the five-fold related head fibres. The 
tail in the mature capsids, that have lost their genome have an empty central channel (Xiang et 
al., 2006). Comparisons of these structures with each other and with the phi29 prohead 
indicate how conformational changes might initiate successive steps of assembly and infection. 
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Fig. 6. Surface representation of EM structures. The Phi29 capsid is in green, the tassels are 
shown in magenta and blue, the tail is also in blue. The complete phage is shown at 16 A 
(left) and a mutant phage without spikes at 8 A (right, Tang et al., 2008) (Image copyright of 
E.V. Orlova). P22 phage is shown at 7 A resolution (reproduced with permission of J. E. 
Johnson) and Epsilon15 is at 4.5 A (Tang et al. 2011; Jiang et al., 2008, reproduced with 
permission of W. Chiu) 


5.5 P22 


Bacteriophage P22 infects Salmonella enterica serovar Typhimurium and is a prototypical 
representative of the Podoviridae family. The mature P22 virion presents an icosahedral T = 
71 capsid about 650 A in diameter. The bacteriophage P22 procapsid comprises hundreds of 
copies of the gp5 coat and gp8 scaffolding proteins, multiple copies of three ejection proteins 
(gp7, gp16, gp20, also known as pilot proteins), and a unique multi-subunit gene 1 (gp1) 
portal (Prevelige, 2006). 


Single-particle cryo-EM has been used to determine the P22 procapsid structure initially at 
low resolution then improved from 9 A to 3.8 A resolution (Figure 6, Jiang et al., 2006; Jiang 
et al., 2008; Chen et al., 2011). The procapsids were isolated from cells infected with mutants 
defective in DNA packaging and representing the physiological precursor prior to DNA 
packaging and capsid maturation. Coat protein gp5 is organized as pentamers and skewed 
hexamers as previously reported for the GuHCl treated procapsid (Thuman-Commike et al., 
1999; Parent et al., 2010). The high resolution structure allowed Ca backbone models for 
each of the seven structurally similar but not identical copies of the gp5 protein in the 
asymmetric unit to be built. The analysis has shown that gp5 has fold similar to the HK97 
coat protein (Jiang et al., 2008). 


The first structures of the P22 assembly-naive portal formed from expressed subunits (gp1) 
were obtained at ~ 9 A resolutions by cryo-EM (Lander et al., 2009). Later two atomic 
structures were obtained for the P22 portal protein: one is for a fragment of the portal, 1-602 
aa (referred to as the ‘portal-protein core’), bound to 12 copies of tail adaptor factor gp4 (Olia 
et al., 2006; Lorenzen et al., 2008). The second was the full-length P22 portal protein (725aa) 
at 7.5 A resolution. To solve three independent crystal forms of the complex gp1/gp4 to a 
resolution of 9.5 A, the EM structure of P22 tail at 9.4 A resolution has been extracted 
computationally from the P22 tail complex and used as molecular replacement model. The 
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high resolution atomic structure of the P22 portal protein has been obtained using a 
combination of multi- and intra crystal non-crystallographic-symmetry averaging, and by 
extension of EM phases to the resolution of the best diffracting crystal form (3.25 A). The P22 
portal complex is a ~0.96 MDa ring of 12 identical subunits, symmetrically arranged around 
a central channel of variable diameter, with an overall height of ~350 A (Lander et al., 2009; 
Olia et al., 2011). A lower-resolution structure of the full-length portal protein unveils the 
unique topology of the C-terminal domain, which forms a ~200 A long alpha-helical barrel. 
This domain inserts deeply into the virion and is highly conserved in the Podoviridae family. 
The quaternary structure of the P22 portal protein can be described as a funnel-shaped core 
~170 A in diameter, connected to an ~200 A long, mostly a-helical tube formed by the C- 
terminal residues 603-725, which resembles a rifle barrel (Olia et al., 2011). The portal core is 
similar in topology to other portal proteins from phage SPP1 (Lebedev et al., 2007) and 
phi29 (Simpson et al., 2000; Guasch et al., 2002), but presence of the helical barrel is the first 
example of a dodecameric tube in a portal protein. Gp4 binds to the bottom of the portal 
protein, forming a second dodecameric ring ~75 A in height (Olia et al., 2011). 


In Podoviridae, the mechanisms of bacteria cell penetration and genome delivery are not well 
understood. P22 uses short, non-contractile tails to adsorb to the host cell surface. The tail 
machine comprises the tail spike, gp9; the tail needle, gp26; and the tail factors gp4 and gp10 
(Tang et al., 2005). Protein gp4 serves as an adaptor between portal protein and tail 
elements. The tail has a special fibre known as the “tail needle” that likely functions as a cell 
membrane piercing device to initiate ejection of viral DNA inside the host. The structure of 
the intact tail machine purified from infectious virions has been obtained by cryo-EM at ~ 9 
A resolution (Figure 5, Lander et al., 2009). The structure demonstrated that the protein 
components are organized with a combination of 6-fold (gp10, trimers of gp9), and 3-fold 
(gp26, gp9) symmetry (Lander et al., 2009). The combined action of an adhesion protein 
(tailspike) and a tail needle (gp26) is responsible for binding and penetration of the phage 
into the host cell membrane (Bhardwaj et al., 2011a). Gp26 probably plays the dual role of 
portal-protein plug and cell wall-penetrating needle, thereby controlling the opening of the 
portal channel and the ejection of the viral genome into the host. In Sf6, a P22-like phage 
that infects Shigella flexneri, the tail needle presents a C-terminal globular knob (Bhardwaj et 
al., 2011b). This knob, absent in phage P22 but shared in other members of the P22-like 
genus, represents the outermost exposed tip of the virion that contacts the host cell surface. 
In analogy to P22 gp26, it was suggested that the tail needle of phage Sf6 was ejected 
through the bacterial cell membrane during infection and its C-terminal knob is threaded 
through peptidoglycan pores formed by glycan strands (Bhardwaj et al., 2011a; 2011b). 


5.6 Epsilon 15 


The Gram-negative Salmonella anatum is the host cell for bacteriophage Epsilon15 (¢15, 
Podoviridae family). The ~40kb Epsilon15 dsDNA is packed within the isometric icosahedral 
capsid with a diameter of ~680 A. The virion capsid contains 11 pentons and 60 hexons 
made from the major capsid protein gp7 and a small decoration protein gp10 (12-kDa). 
Single-particle cryo-EM was used about ten years ago to determine the first structures of 
icosahedral viruses to subnanometre resolutions (Jiang et al., 2006). A 9.5 A density map 
was generated from EM data using icosahedral symmetry. In the average subunit map, the 
locations of three helices were identified. Now the structure of the epsilon15 capsid has been 
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refined to a 4.5 A resolution (Figure 6, Jiang et al., 2008). The quality of the map allowed 
tracing the backbone chain of gp7. Comparison of the models has shown local discrepancies 
between subunits at the N- terminus and the E-loop in different subunits of gp7 within the 
hexamers of the capsid. Interestingly, a connection between E-loops of neighbouring 
subunits possibly exists, but the resolution was not sufficient to reveal it. Moreover, 
additional density was located between the gp7 monomers. This density has been assigned 
to the gp10 decoration protein that consists mainly of beta-sheets and two short alpha- 
helices. A back-to-back dimer of gp10 is positioned at the two-fold axes and makes contact 
with six gp7 subunits through the N-termini and the E-loops. It was suggested that gp10 
‘staples’ the underlying gp7 capsomeres to cement the gp5 cage so that it withstands the 
pressure from packed dsDNA (Jiang et al., 2008). 


The Epsilon15 capsid volume can accommodate up to 90kb dsDNA. Since the Epsilon15 
genome is only ~40kb, there is ample space for a protein core of this size in the capsid 
chamber. The core has a cylindrical shape with a length of ~200 A and diameter of ~180 A. 
The protein core may facilitate the topological ordering of the dsDNA genome during 
packaging and/or release as suggested for T7 core. At the virion's tail vertex, six tails pikes 
attach to a central 6-fold-symmetric tail hub of the length ~170 A. This hub may be 
equivalent to Salmonella typhimurium bacteriophage P22's hub. The hub is connected to the 
portal ring inside the capsid. The Epsilon 15 genome winds around the core, with a short 
segment of terminal DNA passing through the axis of the core and portal (Jiang et al., 2006) 


6. Conclusions 


Bacteriophages represent an example of amazing molecular machines with powerful motors 
energised by ATP hydrolysis and puncturing devices allowing to inject viral genome into 
the host cells. As more and more phage structures been studied a general theme emerges 
pointing to a common bacteriophage ancestor from which they all inherited essentially the 
same capsid protein fold and other elements of their organisation: capsids, tails, portal 
complexes, tail fibres, and other components. The number of phages that were discovered, 
purified, and studied by biochemical, and biophysical methods increased tremendously 
during the last decade. New technologies used for their studies both on the microbiological 
and molecular levels made it possible to analyse their evolutionary relationship and origins 
of the host range specificity. One of the powerful techniques in the structural biology of 
phages is the modern cryo-EM that recently allowed to reach close to atomic resolution level 
of details in the EM reconstructions (Hryc et al., 2011; Zhou, 2011; Grigorieff & Harrison, 
2011). Understanding of the mechanisms which determine the host-range is required to 
solve many practical questions related to infectious human and animal diseases caused by 
bacteria, and quality food and its production (e.g. dairy products). A study conducted in 
Japan has demonstrated the efficiency of phages against bacterial infections of cultured fish 
(Nakai & Park, 2002). The use of bacteriophage as antimicrobial agents is based on the lytic 
phages that kill bacteria via lysis, which destroys the bacterium and makes its adaptation 
nearly impossible. High bacteriophage resistance for external factors is important for the 
stability of phage preparations. However, this stability is disadvantageous for industry 
when maintenance of the active bacterial strains is important. 


Comparative studies demonstrate that bacteriophages have many common features on the 
molecular level and common principle of interaction with a bacterium cell, although 
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components that trigger adsorption of phages to the host cell and the genome release are 
host dependent. Phage infection also depends on the availability of specific receptors on the 
cell surface, and investigation of the structure and biosynthesis of the bacterial cell 
membrane may be undertaken using phage-resistant mutants. Therefore there is a need to 
carry out further studies on phages, identifying receptors of targeted bacteria and 
environmental features that affect phage activity (Jonczyk et al., 2011). The growing interest 
of the pharmaceutical and agricultural industries in phages requires more information on 
phage interactions, survivability and methods of their preservation. Structural studies 
revealed many similarities between bacteriophages and animal cell viruses. The chances of 
success in using bacteriophages as model systems for animal cell viruses and eventually as 
medical therapy are much better given our current extensive knowledge of bacteriophage 
biology following the advances in their molecular structural biology. 
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1. Introduction 


Monophyletic theory of the origin of life postulates that all cellular organisms have evolved 
from a common ancestor. This is based on nucleotide sequence analyses of rRNA genes, 
which all cellular organisms possess (Woese et al., 1975). On this basis and supported by 
other observations, the first common ancestor dates back to ~ 3.7 billion years. However, the 
scenario is not equivalent for the viruses, since they lack these genetic elements. In fact, 
there is such substantial diversity in viral genome structures (dsDNA, dsRNA, ssDNA, 
ssRNA) that it has proven extremely difficult to answer several key evolutionary questions. 
Do they co-evolve with their hosts? How do viruses first infect a new species? When was the 
first virus? Thus, a polyphyletic origin of viruses has been proposed (Bamford, 2003). It has 
been proposed that this could have been even before the appearance of the first cell. 
Although Boyer et al. (2010) have suggested that the eukaryote viruses may have appeared 
just after or simultaneously with the emergence of modern eukaryote lineages. However, 
there are other proposals which state that as new species appeared (of any of these three 
domains: Eukarya, Archaea and Bacteria), and after a certain period of time, their new 
infective viruses emerged. Nevertheless, information about common ancestor(s) related to 
viruses is still an enigma. Similarly, if we ask the same question for bacteriophages, or 
simply, when did the first lambdoid phage emerge? The answer is also unknown. Even with 
the support of bioinformatics and phage genomic knowledge, and quite possibly due to the 
lack of specific strategies and/or design methodologies, and phage genomic complexity the 
problem has not yet been resolved. 


In this chapter, in an attempt to address this issue in grosso modo, we propose the analysis of 
two genomic regions of lambdoid phages, regions that are dissimilar regarding their 
nucleotide variability and stability: (1) The variable and not essential region that confers 
immunity to the lysogenic bacteria against phage superinfection counterparts, and is related 
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to repressor; (2) The conserved and essential region for development that is related to the 
gene encoding the "Receptor-Binding Protein" (RBP), and which is involved in the process of 
infection onset. To begin to understand even a fraction of what was the common ancestor of 
lambdoid phages and the changes that had to occur to generate the diversity of lambdoid 
phages could be informative both of lambda biology and virus evolutionary processes in 
general. 


2. Diversity of immunity regions in lambdoid phages 


We reported the isolation and characterization of a collection of 47 lambdoid phages from 
human fecal samples (Kameyama et al., 1999). To determine the immunity group to which 
each phage belonged to; their lysogenic strains (lysogens) were constructed and then 
challenged with each lambdoid phage. The physiological study of growth indicates that 
for two phages belonging to the same immunity group, each lysogen should prevent 
growth of the other phage. For example, as we know each lysogens A and B are resistant 
to their respective phages, and if the lysogen A is resistant to phage B infection, and 
lysogen B to phage A, then both phages (A and B) belong to the same immunity group 
(Fig. 1D). 
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A) When lysogens are sensitive to the other phages but are resistant to their homologous phages they 
are referred as heteroimmune. B) The lysogen A is resistant to phage B, this indicates that lysogen A 
must have another exclusion system than the repressor. C) Similar example as B, but it is referred to the 
lysogen B. D) If both lysogens (A and B) are resistant to phages A and B infections, this result strongly 
suggests that they belong to the same immunity group. The numbers -2, -4, -6 and -8 represent different 
dilutions of phage lysate that can be tested on the strain. Presence (+) or absence (-) of phage growth can 
be determined by infecting with a series of phage lysate dilutions. 


Fig. 1. Possible combinations between phages (A and B) and their lysogens. 
It is simple to understand when two lysogens A and B are resistant to their respective 


homologous phages, but are sensitive to the phages B an A, respectively, this indicates that 
both phages (A and B) belong to different immunity group (Fig. 1A). A different scenario 
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would be if lysogen A is resistant to phage B, this would indicate that lysogen A must have 
another exclusion system different to the repressor (Fig. 1B). The same case is applied for 
lysogen B (Fig.1C). From this study (Kameyama et al., 1999), it was possible to classify 19 
different immunity groups (Fig. 2), of which 9 out of 19 (~ 50%) had to represent a unique 
individual. 


Members per/group 





Immunity |! ll IV Vo VE VIL VI XXXL XIE XIN XIV XV_ XVI XVIE XVII XIX XX 
group 


Phages were classified into nineteen immunity groups following the phage-lysogen cross test as 
previously reported by Kameyama et al. (1999). Phage groups were classified according to phage 
number per group. Black bars represent FhuA-receptor dependent phages; striped and white bars are 
phages that were unable to grow in strain MCR106 (AlamB) and MH760 (ompC) cells, respectively 
(Taken from Hernandez-Sanchez, et al., 2008). 


Fig. 2. Frequency distribution of nineteen lambdoid phage-infection immunity groups. 


It is noteworthy that the immunity group XVIII (lambda phage belongs to this group) is 
comprised by 6 individuals. To determine whether the lambda specific repressor CI was 
present in all of them, we proceeded to evaluate its physiological function. For this, the 
strain LK1683, derived from the E. coli W3110 with a cryptic lambda prophage and the 
genotypic main feature: N::Kan, clgsz7 (Kameyama et al., 1999) was used. As expected, 
lambda phage was not developed at 32 °C, since at this temperature the Clgs7 repressor is 
active, but lambda phage developed normally at 42 °C, as Clss7 from lysogenic strain is 
heat-inactivated. If the 5 individuals of the group XVIII all had the same lambda CI 
repressor, one would expect that their behavior were similar to that shown by lambda. 
Indeed, 4/5 phages of this group were unable to develop at 32 °C, while at 42 °C they did. 
One phage did not develop because it is temperature-sensitive, since it did not develop 
even in the wild type strain at 42 °C. In addition, Degnan et al. (2007) sequenced more 
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than 5,000-bp of the immunity region of several lambdoid phages and among them the 
mEp234 and mEp332 (belonging to the immunity group XVIII, from our collection). They 
found that the mEp234 and mEp332 sequences coded for repressors almost identical to 
that of lambda CI with equivalent function, although respect to the Rex Region sequences 
they were different. The CI functional assay findings, are supported by genetic and 
sequencing data, therefore the classification of immunity lambdoid phage groups is 
reliable. 


3. The gene coding for the "Receptor-Binding Protein" (RBP), which 
recognizes FhuA is borne by most lambdoid phages 


The structural morphology of lambda and most lambdoid phages is characterized by a non- 
contractile and flexible tail, which is necessary for infection. At the onset and in order to 
carry out infection, gpJ lambda protein [equivalent to the Receptor-Binding Protein (RBP) 
for other phages], and located in the distal part of the tail, recognizes an outer membrane 
protein (OM), the trimeric maltoporin LamB (Gurnev et al., 2006). In other lambdoid phages, 
such as $80, HK022, mEp167, they all recognize the ferrichrome-Fe*+ receptor (FhuA) 
(Guihard et al., 1992; Uc-Mass et al., 2004). In an approach to identify the most common 
receptors FhuA, LamB and OmpC used by lambdoid phages from our collection, we used 
three different deficient E. coli mutants fhuA-, lamB- and ompC: for the physiological assay. It 
was found that 37 out of 43 phages (~85%) used FhuA, since they are not able to infect strain 
C600 (fnuA-), but they can whenever this strain is complemented with a plasmid expressing 
FhuA (Hernandez-Sanchez et al., 2008). These results clearly indicate that most of the 
lambdoid phages require FhuA to penetrate into bacteria. 


4. The cor gene is present in half of the lambdoid phages population 


cor gene product is involved in phage exclusion, in those that require FhuA receptor for 
infection. Thus, cor excludes lambdoid phages $80, HK022, mEp167, etc., and non lambdoid 
phages T1, T5, etc. (Kozyrev & Rybchin, 1987; Malinin et al., 1993; Matsumoto et al., 1985; 
Uc-Mass et al., 2004), being all of them FhuA dependent. cor gene and the gene encoding 
RBP (gene p21 for phage N15 and gene p23 to HK022), are separated by two ORFs 
(Wietzorrek et al., 2006), and these are located in the cluster of genes that encode tail 
proteins. Because of this tight physical and functional association, we asked how many of 
the lambdoid phages contain cor? The answer was obtained by amplifying a 155 bp 
intragenic region of cor by PCR. We found that 25 out of 43 (~58%) phages bore it. To verify 
that the products corresponded to cor region, 4 PCR fragments were taken randomly and 
sequenced. Alignment analysis confirmed that the amplified region corresponded to cor 
gene (Hernandez-Sanchez et al., 2008). 


5. Identification of Nus-dependent non-lambdoid phages group 


During the characterization of the first isolated phages from our collection, a new group of 
phages emerged. As part of the selection strategy, the potential lambdoid phages were 
challenged with 4 isogenic nus mutant strains nusA1, nusB5, nusD026 and nusE71. Pre- 
selection of potential lambdoid phages was carried out considering those phages that failed 
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to grow at least in a couple of these mutants (Kameyama et al., 1999). Of these, 97 phages 
were selected. However, in the course of the characterization, a group of them (48 phages) 
did not recombine, nor hybridize with the lambda DNA, nor were recognized by antibodies 
directed against lambda structural proteins, nor their prophages were induced with light 
UV, and most failed to develop at 32 °C (Kameyama et al., 2001). However, this group of 
non-lambdoids shares an essential feature with lambdoid phages and that is the 
requirement for Nus factors to grow, suggesting that these phages may have an anti- 
termination mechanism homologous to that reported for lambdoid phages. Regarding 
growth cross-test assay, unlike the great diversity found in lambdoid phages, all of them 
had a single immunity! It is amazing how any of these lysogens has the ability to exclude 
any of the 48 phages of this group. 


6. Discussion 


We can infer from phage-lysogen cross test that lambdoid phage immunity groups are 
diverse and rich. If we consider that 9 out of the 19 groups had a unique representative, this 
could indicate that the number of different groups of immunity should be much larger. 
However, taking into account that the sample of the population of phage analyzed is small, 
it is not possible to infer probabilistically the number of possible different immunities in the 
region. A completely different scenario was obtained when testing the requirement of 
different bacterial receptors. It was found that 37 out of 43 require the E. coli FhuA receptor 
for infection. As mentioned above, the gene encoding RBP is essential, therefore nucleotide 
changes in this gene may be deleterious, and then it can be considered highly conserved. On 
the other hand, the bacterium E. coli use the FhuA receptor for iron assimilation through 
the ferrichrome-Fe*+ transport system. Interestingly, although the bacterium E. coli 
contains the genes fhuA, fhuB, fhuC and fhuD in an operon, for the ferrichrome-Fe** 
transport, it lacks of the genes for the biosynthesis of ferrichrome. Hence, in nature, the 
ferrichrome is produced by other species such as Ustilago maydis, and is taken in by E. coli 
for growth. This argument suggests that E. coli had to acquire the fhu operon at some 
stage of its evolution. Provided that most of lambdoid phages are FhuA dependent and 
considering that the gene encoding RBP would be highly conserved, as its product 
requires a perfect match with its receptor, it is likely that the first lambdoid phage had to 
require the FhuA receptor to infect its host E. coli. In addition, if we consider the argument 
that the fhu operon was acquired at some stage during E. coli evolution, then, the origin of 
the first lambdoid phage must not be older than that of its host E. coli! This idea though 
highly speculative, if true, it would support the proposal that viruses appeared after new 
cellular species emerged. 


On the other hand, even having a great variety of phage immunity groups, it is still not 
possible to propose a putative origin of the first repressor, because the major constraint is 
present in the sample population. However, the dynamics of changes can be appreciated by 
the wide range of immunities provided. 


Also it is interesting the analysis of cor gene implication. It has been proposed that cor is a 
moron that at some point of phage evolution was obtained (Juhala et al., 2000). Morons are 
autonomous genetic modules that are expressed from the repressed prophage probably 
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acquired by horizontal transfer (Juhala et al., 2000). However, given the proximity to the 
gene encoding RBP and the high percentage that is present in the population (more than 
50%), it would be more likely that cor associated with the RBP gene were acquired together 
in the formation of new phage. Unlike the RBP gene, cor is not essential, making easier to 
explain why cor is missing in a sector of the population. 


It is also interesting to take into account the other group of 48 phages that emerged as a new 
group with a unique immunity, and knowing that this region must be very variable (as well 
as has been indicated for lambdoid phages), this may suggest that this group was recently 
created. However, other explanations are possible. For example the acquisition of the unique 
immunity region as a possible recombination with a different phage, since its repressor must 
be different to that of lambdoid phages, in which this is not inducible by UV light. Based on 
the phage numbers, one can infer that they are successful as lambdoid phages in nature. It is 
also a notable observation that only a single group or family of phages in Brucella abortus has 
been observed (personal communication of Flores, V). This idea complements the proposal 
that viruses appeared after emerging of the species. 


New data will be needed to generate more precise and convincing answers. It should be 
noted that host participation can be critical in certain tasks, and finally given the great 
diversity of the viruses, these studies should be carried out according to each one of the 
family or group of viruses concerned. 


It is clear that this chapter would be subject to polemic, as would any different or relatively 
new idea proposed to explain viral evolution. Indeed, it will serve to enhance, refine, or 
change approaches to shed more precise answers in this topic. 
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1. Introduction 


Advances in biochemistry-based analysis of biotic systems depend on improved procedures 
for the sorting of the non-covalently joined macromolecular assemblies that are obtained by 
the expelling of cellular contents. The development of preparative ultracentrifugation, for 
example, made possible the discovery of both ribosomes and various intracellular organelles 
(reviewed in Alberts et al., 2002). Some biotic systems depend on assembly more than one 
might conclude at first (reviewed in Kurakin, 2007). Improving this biochemistry-based 
analysis is an ongoing process, given that (1) multi-molecular, assembly-derived mechanisms 
are not yet understood, including (especially) the mechanisms of biological motors 
(reviewed in Howard, 2009; Myong & Ha, 2010) and (2) one reasonably projects that 
components of current biotic systems have abiotic ancestors that were also non-covalently 
joined assemblies, the understanding of which is potentially essential for understanding the 
origins of life (Koonin, 2009; Serwer, 2011). 


Separately, advances in analysis of environmental microbial systems depend on improved 
procedures for the propagation and sorting of individual microorganisms following their 
extraction from the environment. Improving microbial propagation/isolation/sorting 
remains an ongoing process (for example, Ferrari et al., 2008; Sait et al., 2002; Serwer et al., 
2009), given that only a small fraction (< 0.01) of environmental microbes have been 
propagated (Ferrari et al., 2008 and included references). I review here some advances in the 
use of agarose and agar gels for both (1) biochemistry-based sorting of macromolecular 
assemblies and (2) detection, propagation and sorting of unusual environmental viruses, 
with focus on bacterial viruses (bacteriophages), abbreviated phages. 


1.1 Basics 


Fractionation-based sorting and characterization of macromolecular assemblies is a strategy 
complementary to biochemical assay-based determining of the activities of single, 
unassembled macromolecules. The unassembled macromolecules include many that 
function when assembled with molecules of other types. The use of these two strategies is 
illustrated by the analysis of mechanisms of DNA replication. The proteins involved 
invariably include a single protein with DNA polymerase activity. In contrast to the original 
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thought, the process of DNA replication is so complex that numerous proteins of other types 
are also involved via a multi-molecular complex, usually called a replisome (reviews: 
Hamdan & Richardson, 2008; Langston et al., 2009). However, replisomes are difficult to 
isolate from cells and tend to dissociate during isolation. Thus, investigators usually replace 
sorting-based biochemistry with in vitro replisome assembly, followed by analysis of the 
transitions that occur in vitro. Nonetheless, if appropriate procedures can be developed, in 
theory, one might (1) isolate replisomes from a cell, (2) fractionate the replisomes by the 
extent of DNA replication and then (3) perform a biochemical/biophysical analysis of the 
replisome at each of the various stages of replication. Once this is done, a fluorescence-based 
signature can be developed for each state observed in the sorted replisomes. The signatures 
would provide a way to observe the progression of replisome-associated DNA replication in 
vivo. 


To develop the tools needed for a sorting-based analysis of any biochemical system, we 
have focused on a multi-molecular, biotic system for which sorting has been relatively 
productive, because the multi-molecular complexes involved (1) are relatively stable, (2) are 
relatively uniform in surface characteristics and (3) can be fractionated by the extent of the 
biochemical process being analyzed. This system packages the double-stranded DNA of a 
phage after the phage DNA has been replicated in a phage-infected cell. For all studied 
double-stranded phages, DNA packaging is initiated by a protein capsid (procapsid) pre- 
assembled without interaction with DNA. This procapsid is called capsid I in the case of the 
related phages, T3 and T7. Capsid I converts to a larger, more phage-like capsid during 
DNA packaging (capsid II for T3/T7; Figure 1,a-b) and can be made to package DNA in 
vitro, after isolation of capsid I from a lysate of infected cells (reviews: Aksyuk & Rossmann, 
2011; Catalano, 2000; Fujisawa, & Morita, 1997; Serwer, 2010). Subsequent steps in DNA 
packaging begin with capsid II and some are described in Section 1.2. 


Returning to the topic of propagation-/isolation-based analysis of environmental phages, we 
have focused on developing and using procedures to propagate and isolate phages that are not 
isolated by conventional procedures. Our new procedures isolate phages that are 
unconventional in that they have one or more of the following characteristics: (1) propagation- 
associated aggregation, (2) unusually large size, (3) inactivation by dilution and (4) absence of 
sufficient propagation in liquid culture to produce cellular lysis in visible amount. The core 
procedure is based on initial isolation by incubation of soil samples in a medium-containing, 
dilute (0.1-0.2%) agarose overlay (Figure 2a; reviewed in Serwer et al., 2009). This procedure 
continues by platinum needle transfer only, as illustrated in Figures 2,b-d. As described in 
Section 5, the pores of the agar gels typically used for a phage plaque-supporting gel are too 
small for propagating some (maybe most) large or aggregating phages. 


After presentation of some details of both DNA packaging and phage isolation in the 
remainder of Section 1, I will describe the studies of the gels and gel electrophoresis used for 
these studies. Understanding of these gels was (and presumably will be) essential to 
improving the use of them. 


1.2 Some details 


Past work on the sorting of infected cell-derived macromolecular assemblies has produced a 
hypothesis for the sequence of T3/T7 DNA packaging events. The solid arrows of Figure 1 
indicate this proposed sequence, as derived from the fractionation-based sorting of particles 
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Fig. 1. Bacteriophage T3/T7 DNA packaging. The solid arrows connect intermediates that 


have been deduced from observed intermediates. Dashed arrows indicate the observed 
intermediates. 


produced during packaging and found in lysates of infected cells. These latter particles will 
be called intermediates whether or not altered during fractionation. The isolated, 
fractionated intermediates include incompletely packaged DNA _ (ipDNA)-containing 
capsids (ipDNA-capsids). The ipDNA-capsids were originally sorted by ipDNA length via 
buoyant density-based ultracentrifugal fractionation (Fang et al., 2008). The ipDNA-capsids 
were then identified and the capsid further characterized by agarose gel electrophoresis 
(AGE) of intact particles (Fang et al., 2008), as further described in Section 3. A dashed arrow 
in Figure 1 connects a fractionated and characterized ipDNA-capsid to an intermediate 
proposed to exist during DNA packaging in vivo. The detection of ipDNA-capsid II by AGE 
was simplified by the fact that the AGE-migration of ipDNA-capsid II is independent of the 
length of ipDNA. In general, the migration of any particle during AGE depends only on the 
characteristics of the particle’s surface, not on what is packaged inside. This point is 
discussed in more detail in Section 3. 


The use of advanced procedures of AGE revealed that the protein shell of at least some 
ipDNA-capsid II does eventually undergo changes as ipDNA becomes longer. These 
changes produce intermediates at (d) and (e) in Figure 1. In brief, the changes at (d) and (e) 
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suggest that the T3/T7 DNA packaging motor has two cycles, the second of which changes 
the capsid’s shell and acts as a back-up cycle when the first stalls. The details (Serwer et al., 
2010; Serwer & Wright, 2011) are not reviewed here because they are complex enough to be 
distracting to the main objectives. 


2. Gel-forming polymers 
2.1 Basics 


Gels have spaces through which molecules migrate either by thermal motion or by response 
to an external potential gradient. The potential gradient is typically, but not necessarily, 
electrical. Agar gels, although initially (and still: Rasmussen & Morrissey, 2007) used as a 
supporting matrix for food, were subsequently found to be similarly useful as a supporting 
matrix for bacterial colonies. The bacterial colonies typically grew on the surface, but use of 
dilute (0.4%) agar in the presence of a complex medium was found to permit Salmonella 
typhimurium to swim through the gel. This swimming was used to assay transfer of genes 
needed for motility (Stocker et al., 1953). Thus, the pore size of the medium-containing 0.4% 
agar gel, while not precisely defined by these studies, could be estimated to be at least as 
large as the width of the bacteria, assumed to be ~ 500 nm. Smaller pores would not have 
allowed the bacteria to migrate to the interior of the gel. 









Medium 
Molten agarose 
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Fig. 2. Phage isolation. (a) Post-incubation initial plate with soil (irregular black objects) 
embedded in a dilute agarose overlay and phage-induced zones of clearing (arrows) ina 
host lawn. (b) Needle transfer via stabs (arrow) to the bottom agar of a new Petri plate. (c) 
Pouring of a new overlay. (d) Post-incubation secondary plate with single phage plaques 
one of which is being used for cloning. Further details are reviewed in Serwer et al. (2009) 
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The cause of the relatively large pores of some polysaccharide gels is the lateral aggregation 
of the polysaccharide polymer to form multi-chain “pillars” that provide gel strength while 
forming a mesh with relatively large pores. The existence of the pillars is qualitatively 
confirmed by simply observing the light scattering of a gel. Agarose gels are typically turbid 
because of the pillars (Rees, 1972). In contrast, polyacrylamide gels of the same total 
concentration and conventional cross-linker concentrations are not turbid (Chen and 
Chrambach, 1979). The turbidity of an agarose gel decreases as (1) the temperature of 
gelation and buffer ionic strength decrease, and (2) the agarose molecular weight increases 
(Griess et al, 1993; Griess et al., 1998; Serwer & Griess, 1999), with an associated decrease in 
the radius of the effective pore (Pr). If one adds consideration of the agarose source-, 
purification- and derivatization-dependence of Px (Griess et al., 1989; Griess et al., 1998), one 
can only conclude that Pg-dependent results from different studies cannot be compared 
quantitatively unless one is willing to tolerate the likelihood of Pz errors of at least 100%. In 
general, quantitative comparisons should be performed with internal standards. 


2.2 Some details 


The gels to be discussed here are cast by cooling solutions of either agar or agarose that had 
been dissolved by boiling. Agar is a -linked alternating co-polymer of two sugars; 
negatively charged groups are attached in variable amount to the sugars. Agar is obtained 
from red seaweed. Agarose is a sub-fraction of agar that has a relatively low density of 
charged groups (reviewed in Rees, 1972). The extent of residual charge is often used to name 
agarose preparations via the field-induced flow of buffer that gel-attached charged groups 
cause (electro-osmosis, abbreviated EEO; Griess et al., 1989). The minimum agarose 
concentration for gel formation varies somewhat with agarose EEO, and agarose chain 
length but can be as low as 0.03% for a high-strength agarose, when the gel is supported at 
its sides by embedding in a more concentrated gel (Serwer et al., 1988). 


If one extrapolates previous determinations of Pg to 0.03% agarose, one finds that micron- 
sized particles can enter agarose gels. If entry into the gel is to be driven by a potential 
gradient, the entry will become limited by trapping of a micron-sized particle in the pores 
that are relatively small, if the potential gradient is too high in magnitude. The trapping 
occurs because of the relatively low thermal motion of particles this large (Serwer et al., 
1988; Serwer & Griess, 1998). Nonetheless, by use of an electrical potential gradient 
relatively low in magnitude (0.5 V/cm; 2.0 V/cm is too high), intact (alive) cells of the 
bacterium, Escherichia coli, have been subjected to agarose gel electrophoresis and 
fractionated by length (Serwer et al., 1988). 


On the other hand, one lowers Pg by raising agarose gel concentration, a process that is 
assisted, if necessary, by lowering the average agarose chain length and, therefore, reducing 
viscosity (Griess et al., 1993). The studies reported below have not been limited by 
difficulties in attaining any P_ needed. 


3. Gel electrophoresis 
3.1 Electrophoretic principles and some of their applications 


Fractionation by gel electrophoresis depends on two characteristics of a roughly spherical 
particle being fractionated. The first characteristic is the average, per area, of the particle’s 
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surface electrical charge that is not counter ion-neutralized (o). The force produced by 
application of an electrical potential is proportional to o (Shaw, 1969; Stellwagen et al., 
2003). Therefore, the terminal velocity (v) induced by an electrical potential is also 
proportional to o. The magnitudes of o and v typically decrease as the concentration of 
counter ions increases, because of the increase in surface charge neutralization, as described 
by the Debye-Hiickel theory (Bull, 1971). The ionic strength of electrophoresis is kept 
relatively low both to increase the magnitude of v and to lower the heat produced during 
electrophoresis. A result is that adding any salt to an electrophoresis buffer reduces the force 
on the particle and, therefore, v. 


This effect causes band spreading when a sample is in a relatively high ionic strength 
solution and electrophoresis is to be conducted at lower ionic strength. The relatively high 
ionic strength of the sample, coupled with diffusion of sample ions into the electrophoresis 
buffer, will cause band spreading because the leading edge of the sample will initially have 
a v higher in magnitude than v of the rest of the sample. Because v is usually (not always) 
proportional to the electrical potential gradient (E), I will sometimes refer to the v/E ratio, 
rather than v. The v/E ratio is also called the electrophoretic mobility (1). 


This band spreading becomes important when, to avoid loss of particles during dialysis, one 
wants perform AGE of particles that are in concentrated (2-4 M) solutions of cesium chloride. 
This situation arises after preparative fractionation by ultracentrifugation in a cesium chloride 
density gradient. Band spreading is avoidable, however, if AGE is performed with the gel 
submerged beneath the electrophoresis buffer (Submerged gel electrophoresis). Submerged 
gel electrophoresis is a standard procedure with which I assume that the reader is familiar. 
After loading samples for submerged gel AGE, one avoids sample salt-induced band 
spreading by waiting for 1.0-1.5 hours before starting electrophoresis. In this time, salt ions 
dialyze into the electrophoresis buffer. This procedure was based on the previous 
observation that dialysis of 2-4 M cesium chloride from 0.5 inch dialysis tubing is complete 
by 30 minutes, as judged by measuring the refractive index of the cesium chloride solution 
after removing it from the dialysis tubing (unpublished data). 


Although submerged gel AGE of nucleic acids is almost always done without attempting to 
control pH gradients, this absence of control is not a good idea when proteins are the 
samples. Without a counter-measure, a pH gradient is unavoidable because hydrogen gas is 
released at the cathode, thereby raising the pH, and oxygen gas is released at the anode, 
thereby lowering the pH. Proteins titrate much more than nucleic acids in the pH range of 
the pH gradient generated during submerged gel AGE. The result of this protein titration is 
likely to be disastrous. Informally, I have been told of failures of AGE and, in some cases, 
pH gradients would probably have caused failure even if other aspects were in order. 


The most efficient way to prevent a pH gradient with a submerged agarose gel is to circulate 
the electrophoresis buffer from one buffer tank to the other. The buffer flows back to the 
source tank across the surface of the submerged gel. One can also reduce the pH gradient by 
reducing the height of the buffer, but not so much that the cross-sectional area of the buffer 
starts to fluctuate. To avoid buffer circulation-induced washing of the sample out of sample 
wells, the circulation is started after the electrophoresis. The details of timing and circulation 
speed are empirically determined for each system. We circulate at ~ 100 ml/minute, 
beginning at 30 minutes after the start of electrophoresis at 1 V/cm, with a phosphate 
buffer, pH 7.4 and a buffer height of about 0.8 cm. 
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3.2 Other factors that determine procedure 


Any particle can be fractionated by AGE if the particle (1) is electrically charged in the buffer 
used, (2) is small enough to fit into the pores of the gel and is not electrophoretically 
trapped, (3) does not adhere to the gel and (4) is not damaged or dissociated by the process 
of electrophoresis. Particle-gel adherence and particle dissociation are the most likely causes 
of failure if the aspects from the previous section are in order. Particle-gel adherence is 
generally the case when particles either are found either to be broadly distributed near the 
origin or to forma sharp band at the origin edge of the agarose gel. 


Responses to particle-gel adherence include changing the composition of the gel, overloading 
the binding sites by increasing particle concentration (Serwer & Hayes, 1982) and proteolytic 
cleavage of the gel-binding region of the particle (Serwer et al., 1982). Responses to dissociation 
include cross-linking, which is necessary in the case of microtubules, for example. Cross-linked 
microtubules do migrate during AGE, but dissociate if not cross-linked (Serwer et al., 1989). 


3.3 Sieving during AGE 


As solid, spherical particles migrate through a gel, they experience both hydrodynamic and 
steric effects of the presence of fibers that form the gel. If a sphere is almost as large as the 
effective pore of the gel, motion will be restricted to the point that the particle hardly moves. 
As the particle becomes smaller, the “sieving” effect of the fibers decreases and the particle 
undergoes more rapid motion. Eventually, while never zero, the sieving effect becomes so 
small that it changes almost imperceptibly with a percentage change in particle radius that 
caused a large change in sieving for larger spheres. So, to increase the sieving-based 
resolution by radius of a spherical particle, one decreases P¢ (increases gel concentration), 
but stops before the pores are so small that the particles do not migrate. One pays for the 
increase in sieving-based resolution with an increase in the time of fractionation. A 
quantitative analysis of these effects for spheres is in Griess et al. (1989). 


The effect of particle shape on gel sieving has been investigated for rod-shaped viruses. 
Without discussing the quantitative details, the lessons learned are the following. (1) Sieving 
effects do not discriminate a rod from a sphere when the 0.5xrod length/ Pz ratio is below ~1 
(Griess et al., 1990). (2) For a rod-shaped particle with length in this range, the effective 
radius that best describes the gel electrophoretic sieving is determined by assuming that the 
rod has a surface area (in contrast to either a length or a volume) equal to that of a sphere 
that exhibits the same sieving (Griess et al., 1990). (3) At smaller Pg values, a rod (unlike a 
sphere) has a gel electrophoretic » that increases in magnitude as the magnitude of E 
increases. This effect can be exploited to help identify rod-shaped particles after AGE 
(Serwer et al., 1995). 


3.4 One-dimensional gel electrophoresis 


A frequent application of gel electrophoresis is sodium dodecylsulfate (SDS) polyacrylamide 
gel electrophoresis (GDSPAGE) of proteins (Studier, 2000). This procedure starts with boiling 
of the proteins in the presence of SDS, a negatively charged ionic detergent. The SDS binds 
to the proteins and produces a surface that has a o that is assumed be the same for all 
proteins, based on empirical measurements of SDS binding (Reynolds & Tanford, 1970). 
Thus, even though both o and sieving determine py, the assumed uniformity of o makes 
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possible the interpretation of SDSPAGE patterns via sieving only. That is why SDSPAGE, 
even though one-dimensional, is useful for estimating the molecular weight of a protein. 


Uniformity of o is usually also assumed during the AGE of DNA and RNA. This 
assumption is based on the uniformity of the phosphate backbone and remains accurate 
until end-effects occur as double-stranded DNA fragments are shortened (Stellwagen et al., 
2003). Thus, DNA fractionations are usually interpreted via sieving, without considering 
possible changes in o. The sieving effects are complicated by flexibility and, in some cases, 
by either branched or circular conformation (Akerman, & Cole, 2002; Brewer, & Fangman, 
1991). Conformation-dependent effects on ion binding and, therefore, o, also occur for 
unusually bent DNA molecules (Stellwagen et al., 2005). Both circular DNA and DNA 
bound to solid objects undergo elevated E-induced trapping effects. These trapping effects 
are the basis for pulsed field-based separations (Akerman, & Cole, 2002; Gauthier & Slater, 
2003, for example) that are outside of the area of this review. 


One electrophoretic direction (dimension) is usually used for both SDSPAGE and nucleic acid 
gel electrophoresis (1d-AGE in the case of agarose gels). However, the electrophoretic profile 
does not have a unique interpretation, if both o and particle dimension vary among particles 
subjected to 1d-AGE. To achieve a unique interpretation, based on both o and particle 
dimensions (effective radius for a sphere), a second dimension of electrophoresis is added. 


3.5 Separate analysis of o and effective radius: a second dimension 


To separately measure both the effective radius (Rg) and the o of roughly spherical particles 
fractionated by AGE, one must add a second dimension (2d-AGE). Figure 3 illustrates a 2d- 
AGE procedure whereby one performs the first dimensional electrophoresis in a relatively 


ei Well 





Fig. 3. Illustration of 2d-AGE. A sample is layered in the sample well and subjected to 
electrophoresis (arrow I indicates direction) through a dilute first dimension gel (diagonal 
bars) and, then, at a right angle (arrow II indicates direction) through a more concentrated 
second dimension gel. 
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dilute agarose gel so that 1 is determined primarily by o. The dilute, first dimensional gel is 
stabilized by embedding it in a more concentrated gel used for the second dimension. To 
perform the second dimensional electrophoresis, the field/gel angle is rotated by 90° and 
electrophoresis is repeated with a second dimensional gel that is much more concentrated 
than the first dimensional gel. 


The key to the 2d-AGE-based analysis of Re is that the percentage change in yu is 
independent of o, when one compares 1 in the second dimension with up in the first, as first 
empirically confirmed in Serwer et al. (1986). Geometrically, this relationship implies that all 
particles of any given Rx are on one line (called a size line) that extends from the effective 
origin of electrophoresis (O in Figure 3) through the center of the band formed by a particle. 
As the angle (8) between this line and the direction of the first electrophoresis decreases, Rg 
increases, as illustrated in Figure 3. The value of o is proportional to the distance migrated 
in the first dimension, as illustrated in Figure 3. With the use of standards of size known by 
small-angle x-ray scattering (Serwer et al., 1986; Serwer et al., 1989), differences in Re as 
small as 0.5% have been resolved by using Pg values close to the R¢’s of the particles 
analyzed (Casjens et al., 1992). 


An advantage of 2d-AGE is that patterns can be interpreted for particles heterogeneous in 
either o or Rg (or both). This aspect was originally demonstrated for vaccine conjugates 
heterogeneous in Rg (Serwer & Hayes, 1986) and has been developed in quantitative detail, 
given that these conjugates are of high utility (Tietz, 2007, 2009). More recently, the use of 
2d-AGE with particles heterogeneous in both o and R¢ has been used to detect ipDNA- 
capsids of new type. These new ipDNA-capsids are at positions (d) and (e) in the pathway 
of Figure 1. Details are in Serwer et al. (2010) and Serwer and Wright (2011). 


4. Use of 1d-AGE to determine the kinetics of assembly in vivo 


Major advantages of AGE are (1) the efficiency of fractionation of multiple samples and (2) 
the efficiency and accuracy of the quantification, via either autoradiography or 
fluorography, of the amount of radioisotope in each of several fractionated and detected 
particles. Thus, one can observe the kinetics of the passage of radiolabel through various 
intermediates, for the purpose of both determining the order of intermediate appearance 
and analyzing the mechanism of assembly and associated function. The efficiency makes 
this analysis possible not only for the wild type process, but also for the same process as it 
occurs for a mutant, with the 1d-AGE typically performed in a single agarose slab gel (see 
Serwer & Watson, 1982). 


4.1 An example of information previously obtained 


This strategy was previously used for determining the effects on the assembly of phage T7 
capsid I of removing the protein (called the connector or portal protein; Figure 1) that 
connects the gp10-containing shell with the tail of the mature phage. T7 proteins are labeled 
by gp, followed by gene number, as reviewed in Pajunen et al. (2002); comparable genes in 
T3 and T7 are given the same number. The T3 and T7 connectors are 12-mers of gp8. 
Although gp8 was in a position that suggested a role in nucleating shell assembly (Figure 1), 
genetic removal of gp8 had no detectable effect on the initial kinetics of capsid I assembly. 
That is to say, gp8 is not part of the nucleus for shell assembly. However, capsid I assembly 
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terminated prematurely in the absence of gp8 (Serwer & Watson, 1982). In these 
experiments, we analyzed completely unfractionated lysates of T7-infected E. coli by 1d- 
AGE. 


Connector-independent shell assembly nucleation was subsequently also observed for 
phage P22, by use of rate zonal centrifugation in a sucrose gradient, rather than 1d-AGE, to 
assay for procapsids (Bazinet & King, 1988). Phages P22 and T7 are basically unrelated, but 
both have icosahedral shells with a triangulation number of 7 (P22: Chang et al., 2006; T7: 
Fang et al., 2008). Thus, the connector apparently has evolved after the shell. I note that the 
nucleus for shell assembly, whatever it is (a proposal is in Serwer, 1987), is likely to have at 
least 6 independent components, which implies a 6t* order nucleation reaction, at least. The 
formation of a nucleus will, therefore, have a very high dependence on effective capsid 
protein concentration and, therefore, on excluded volume. Therefore, studies of in vitro shell 
assembly must be performed under conditions that mimic in vivo assembly, if any 
interpretation of what happens in vivo is intended. This in vivo-first priority cannot logically 
be reversed. 


Finally, I note that herpes simplex virus also has a connector and that the herpes simplex 
virus connector (portal) is also not the nucleus for shell assembly, based on experiments 
similar in concept to those performed for phages (Newcomb et al., 2005). The work on 
phages preceded the work on herpes simplex virus by about 20 years largely because of the 
relative simplicity and speed of propagating and performing genetics with phages. 
Combining the simplicity and speed of work on phages with the simplicity and speed of 
AGE is a powerful addition to genetics. 


4.2 Utilizing chromatographical effects during electrophoresis 


Although the basics of 1d-AGE and 2d-AGE are well defined and standardized, the 
transformations of macromolecular assemblies have complex determinants and are 
generally unpredictable. Thus, 1d-AGE and 2d-AGE analysis of macromolecular assemblies 
should be interpreted with as little bias as possible. The data are primary and have 
sometimes been surprising, as illustrated in the previous section. The following, additional 
surprise occurred while we were determining the kinetics of T7 capsid I assembly by 1d- 
AGE. We found that some of the assembled, radiolabeled capsid protein appeared only near 
the origin of the agarose gels. This observation appeared, at first, to be a liability in that one 
could not initially characterize this material. However, the apparent liability rapidly became 
an asset when we discovered that these particles were capsid-like, as found by digestion 
with protease. Protease digestion converted these “agarose gel adherent” particles to 
particles that migrated as capsid II. One can only anticipate that non-standardized 
responses, such as this one, will be needed for most, if not all, comparable analyses of the 
biochemistry of multi-molecular complexes. 


Knowing that the T7 agarose-adherent particles were capsid-like, we determined the 
kinetics of their formation in the presence and absence of the gp8 connector. The results 
were the following (Serwer & Watson, 1982). (1) In the presence of the gp8 connector, the 
agarose-adherent particles first increased in amount and then decreased, i.e., the agarose- 
adherent particles behaved as though either they or, more likely, related capsid I-like in vivo 
particles (that decayed to agarose adherent particles), were intermediates in the assembly of 
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capsid I. (2) In the absence of the gp8 connector, the agarose-adherent particles increased in 
amount progressively, before and after the assembly of capsid I was terminated, as though 
the agarose-adherent particles had now become an end product of abortive assembly. These 
observations supported the previous conclusion that the gp8 connector did not nucleate 
shell assembly. In addition, the apparent conversion from intermediate to abortive end 
product in the absence of the gp8 connector was interpreted by the assumption that the 
connector was necessary for correction of errors of shell assembly. A role of the connector in 
assembly error correction explains why mis-assembled shells continued to accumulate in the 
absence, but not in the presence, of the connector (Serwer et al., 1982; Serwer & Watson, 
1982). Apparently, analysis of in vivo procapsid assembly has not subsequently advanced 
past this point (recent review: Aksyuk & Rossmann, 2011). 


To give some idea of the uniqueness of the data that can be obtained by AGE, I mention that 
(unpublished) efforts to purify the agarose adherent particles in large amount failed because 
these particles are lost as aggregates when the scale of the lysates was increased. We made 
this observation by mixing radiolabeled particles (from a small lysate) with relatively large 
lysates; the radiolabeled particles had been partially purified by rate zonal sucrose gradient 
centrifugation. That is to say, 1d-AGE (with and without protease digestion) is, thus far, the 
only way to identify these particles. 


5. Propagation of large phages: a use of P_ values 


Recent surprises in microbiology include the discovery of “giant” eukaryotic, double- 
stranded DNA viruses with genomes larger than 1 million base pairs (reviews: Claverie et 
al., 2009; Colson & Raoult, 2010). These giant viruses, originally thought to be cells, really 
are viruses based on the packaging of the genome in an icosahedral capsid shell assembled 
from subunits that have sequence similarity with the major shell protein of other viruses, 
including Paramecium Bursaria Chlorella Virus 1 (Azza et al., 2009). The first of these viruses, 
Acanthamoebae polyphaga Mimivirus, has shell-associated spikes that extend to an outer 
radius of 373 nm (Klose et al., 2010). This large radius is presumably the reason that no 
plaque assay was initially reported and, to my knowledge, has still not been reported. Based 
on previous determinations of Pr, a plaque assay should be possible for these viruses, as 
described in detail in Section 5.1, below. 


The work on gel concentration-dependence of the formation of plaques by relatively large 
viruses began with the largest known phage, called phage G (for giant). Phage G makes only 
very small plaques in the traditional plaque supporting, 0.4-0.7% agar gels. However, the 
dimensions of phage G were roughly the same as the Px of the plaque-supporting agar gels. 
When relatively dilute agarose gels are used to propagate phage G, this phage was found to 
make large plaques that, when confluent, produce an overlay that is an excellent preparative 
source of phage G (Serwer et al., 2009). 


5.1 Pe values 


The considerations of Sections 2.1 and 2.2 already suggest that Pg values of plaque- 
supporting gels can be made high enough to form plaques of Mimivirus and related giant 
viruses. The culmination of a series of sieving-based measurements of Pg produced the 
following equation that describes the relationship between P¢ (in nm) and the percentage, A, of 
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the LE (low EEO) agarose usually used; gels were formed at ~25 °C in buffer that contained 
0.025 M sodium phosphate, pH 7.4, 0.001 M MgCl (Griess et al., 1989). Pe = 148A 87, This 
relationship predicts that LE agarose gels with A below about 0.34% are dilute enough for 
plaque formation by mimivirus; a concentration ~ 2x lower is appropriate for an initial test. 
This relationship also predicts that a 0.25%LE agarose gel is the most concentrated LE 
agarose gel with a Px; value large enough so that mobile Salmonella cells, assumed to have a 
diameter of about 500 nm, migrate through the gel. This A value is lower than the 0.4% used 
by Stocker et al. (1953) for bacterial migration, as discussed in Section 2.1. Higher EEO 
agarose preparations, which should better mimic the agar used in Stocker et al. (1953), form 
gels with an even lower maximal A for migration of bacteria (Griess et al., 1989). Thus, the 
medium present in the 0.4% agar gels of Stocker et al. (1953) appears to have caused an 
increase in Pr. 


As discussed in Section 2.2, the value of Pg increases as the temperature of gelation 
increases, as judged by both sieving during gel electrophoresis and electron microscopy of 
thin sections. We have applied this principle to the propagation of a phage that is both large 
(shell radius ~ 50 nm; tail length ~ 486 nm) and aggregating and found that, indeed, plaque 
size increases as the temperature of gelation increases for the plaque-supporting gel (Serwer 
et al., 2009). That is to say, (1) the electrophoretic sieving and the apparent sieving during 
plaque formation move, as expected, in the same direction with change in Pg and (2) a 
plaque assay should be a possibility for Mimivirus, unless a trapping effect is encountered. 


In the case of Mimivirus, however, the possibility of gravitational field-induced arrest of 
motion exists. If 1g sedimentation causes trapping of Mimivirus in gels, then buoying 
Mimivirus should make plaque formation possible in appropriately dilute agarose, plaque- 
supporting gels. 


5.2 Gel-supported propagation of new phages: large and aggregating phages 


Evidence exists that the viruses thus far isolated and propagated are not any more than 1% 
and probably much less of the total in the environment. This evidence includes the 
sequences of environmental viral RNA and DNA obtained without propagating the viruses 
involved (metagenomics: reviewed in Casas & Rohwer, 2007). We have used dilute agarose 
gel propagation to isolate several phages that cannot be propagated in any other way, 
including propagation in traditional agar gels and liquid enrichment culture. Several of 
these phages undergo extensive aggregation during plaque formation (Serwer & Wang, 
2005; Serwer et al., 2009), which suggests that these phages would not be detected by 
metagenomics, because of loss during procedures (filtration, low speed centrifugation, for 
example) that are used to remove bacteria. 


Virus aggregation is a well-known phenomenon, potentially important to new frontiers in 
virology. Historically, virus aggregation was important because of its potential (occasionally 
realized) to inhibit antibody neutralization of several eukaryotic viruses (Wallis, C. & 
Melnick, 1967). The need for revised procedures in the isolation of some, including 
aggregating, phages suggests that revised procedures will also be needed for the isolation of 
some not-yet-isolated eukaryotic viruses. As is usually the case, the advances needed are 
most rapidly explored with phages. 
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Dr. Gary A. Griess made large contributions to our current knowledge gel electrophoresis, 
as apparent from the attached manuscript. These contributions were in several areas, 
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complications of cancer on April 28, 2008. He had received an undergraduate degree in 
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established a collaboration that began with work on the biophysical characterization of 
phages. We soon developed a focus on the structure and sieving of gels. Gary provided 
essential computational, biophysical and experimental aspects of this work, much of which 
depended on his creativity and ingenuity. He was also very generous with his assistance to 
others in all laboratories of our department. We all miss him. This manuscript is dedicated 
to Gary. 
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1. Introduction 


Less than 1% of the world's fresh water accessible for direct human uses is found in lakes, 
rivers, reservoirs and those underground sources that are shallow enough to be tapped at an 
affordable cost. Only this amount is regularly renewed by rain and snowfall, and is 
therefore available on a sustainable basis (Berger, 2003). 


More than a billion people have limited access to safe drinking water; over 2 million die 
each year from water-related diarrhea, which is one of the leading causes of mortality and 
morbidity in less economically developed countries (UNICEF and WHO, 2009). In more 
economically developed countries, increasing demands on water resources raise concerns 
about sustainable provision of safe drinking water. In 2008, supply and protection of water 
resources was identified as the top strategic priority of North American water professionals 
(Runge and Mann, 2008). This is not surprising given the rapidly expanding competition for 
existing water supplies from industrial, agricultural and municipal development, as well as 
the vital needs to protect human health and ecosystem functions. The challenge of 
sustaining supply is further exacerbated by changes in water quality and availability as a 
direct or indirect result of population growth, urban sprawl, climate change, water 
pollution, increasing occurrence of natural disasters, and terrestrial and aquatic ecosystem 
disturbance. 


Most of the world population depends on groundwater for their supplies. Due to the 
proximity of groundwater to sources of microbial contamination, the increasing occurrence 
of extreme climate events and the lack of adequate disinfection, groundwater is responsible 
for a large percentage of the waterborne outbreaks of disease worldwide (WHO, 2004; 2011). 
For example, between 1999 and 2000, 72% of drinking water outbreaks of disease were 
associated with groundwater. Although the number of groundwater-associated disease 
outbreaks associated in the United States decreased during 2001-02, the proportion of 
outbreaks associated with groundwater increased to 92% from 87% (Tufenkji and Emelko, 
2011). As a result of such outbreaks and the economic implications of waterborne illness, 
stricter water quality regulations to protect public health have been implemented in many 
countries. Significant examples of such regulations include the Surface Water Treatment 
Rules (GWTR -1989a; 2002) and the Ground Water Rule (2006) by the U.S. Environmental 
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Protection Agency (USEPA); the revised Bathing Water Directive (2006/7/EC) and the Water 
Framework Directive (200/60/EC) by the European Union. The pressure generated by such 
regulations has increased the need to quantitatively understand and describe microbial 
pathogen transport and survival in various natural and engineered environments, including 
treatment systems. 


Monitoring the fate and transport of all of the various microorganisms that can cause 
outbreaks of waterborne disease is cost prohibitive; accordingly, representative organisms 
such as “indicators” of pathogenic contamination or “surrogates” for the transport and 
survival of pathogens in various environments are sought. While indicators often originate 
from the same source and act as signals of pathogen presence, surrogates may or may not be 
derived from the same source as pathogens and are often introduced into natural and 
engineered environments to pseudoquantitatively assess pathogen fate and _ transport. 
Commonly used surrogates for such investigations include several bacteria, aerobic and 
anaerobic bacterial endospores, numerous bacteriophages, microbe-sized microspheres, 
chemically inactivated protozoa, and nonpathogenic, fluorescently labeled bacteria and 
protozoa (Tufenkji and Emelko, 2011). Bacteriophages meet many of the requirements of 
“ideal” surrogates because they have many characteristics that are similar to those of 
mammalian viral pathogens (i.e., size, shape, morphology, surface chemistry, isoelectric 
points, and physiochemistry), are unlikely to replicate in environments such as the 
subsurface due to a lack of viable hosts and other limiting factors, pose little risk to the 
health of humans, plants, and animals, and are easier and less expensive to isolate and 
enumerate relative to enteric viruses (Tufenkji and Emelko, 2011). All of these factors 
contribute to the utility of bacteriophages as surrogates for microbial pathogen transport 
and fate in source waters and in drinking water treatment processes. 


This chapter focuses on the utility of bacteriophages as surrogates for the fate and transport 
of microbial pathogens of health concern in source and drinking waters, with particular 
reference to: (1) indicating the presence of enteric viruses in natural waters, (2) contributing 
to microbial source tracking, (3) evaluating the effectiveness of water treatment processes 
such as disinfection and filtration, and (4) elucidating the mechanisms involved in the fate 
and transport of enteric viruses in natural or engineered filtration media. Present knowledge 
acquired through laboratory and field approaches is reviewed and further research needs 
are identified to respond to current and future challenges in this field. 


1.1 Major waterborne microbial pathogens of concern 


Although water-transmitted microbial pathogens include bacteria, protozoa, helminthes and 
viruses, the groups of major threat to human health in freshwater supplies are pathogenic 
protozoa and enteric viruses (Schijven and Hassanizadeh, 2000) (Table 1). The protozoans 
Cryptosporidium and Giardia are among the major causal agents of diarrhoeal disease in 
humans and animals worldwide, and can even potentially shorten the life span of 
immunocompromised hosts (WHO, 2004). Their resistant forms (cysts or oocysts) are shed 
in large numbers by infected animals or humans and are ubiquitous in surface water. They 
are resistant to harsh environmental conditions and to chemical disinfectants at concentrations 
commonly used in water treatment plants to reduce bacterial contamination (LeChevallier et 
al., 1991; Rose, 1997; Karanis et al. 2002; Aboytes et al., 2004). Their small size (Giardia cysts 8- 
13 um and Cryptosporidium oocysts 4-6 um) and infectious dose (as low as a single organism - 
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Health Canada, 2004), also contribute to waterborne disease transmission. Several studies 
have revealed little or no correlation between bacterial fecal indicator and protozoan 
(oo)cyst densities in source surface waters (reviewed by Health Canada, 2004). These 
observations highlight the need for: (1) routine monitoring of surface waters for protozoan 
(0o0)cysts or for reliable indicators of their presence and infectivity, and (2) implementation 
of improved drinking water technologies to effectively protect public health. 








Group Pathogen Disease 
Enteric viruses Poliovirus Meningitis, paralysis, fever 
Echovirus Meningitis, 
diarrhea, rash, fever, respiratory 
disease 
Coxsackievirus A Meningitis, herpangina, fever, 
respiratory disease 
Coxsackievirus B Myocarditis, congenital heart 


anomalies, pleurodynia, 
respiratory disease, fever, rash, 
meningitis 

New enteroviruses (types 68-71) Meningitis, encephalitis, acute 
hemorrhagic conjunctivitis, fever, 
respiratory disease 


Hepatitis A Hepatitis 
Enterovirus 72 Infectious hepatitis 
Norovirus Diarrhea, vomiting, fever 
Calcivirus Gastroenteritis 
Astrovirus Gastroenteritis 
Reovirus Not clearly established 
Rotavirus Diarrhea, vomiting 
Adenoviruses Respiratory disease, eye infections, 
gastroenteritis 
Snow mountain agent Gastroenteritis 
Epidemic non-A non B hepatitis Hepatitis 
Enteric Protozoa 
Acanthamoeba spp Amoebic encephalitis or 
keratitis 
Cryptosporidium parvum 
Entamoeba histolytica amoebic dysentery 
Giardia lambia Giardiasis 
(gastrointestinal disease) 
Naegleria fowleri Amoebic meningoencephalitis 


Toxoplasm gondii Toxoplasmosis 





Table 1. Water-transmitted microbial pathogens of major concern in drinking water 
(adapted from: Azadpour-Keeley et al., 2003; CDC, 2003). 


The collective designation “enteric viruses” includes more than 140 serological types that 
multiply in the gastrointestinal tract of both humans and animals (AWWA, 2006). Enteric 
viruses associated with human waterborne illness include noroviruses, hepatitis A virus 
(HAV), hepatitis E virus (HEV), rotaviruses and _ enteroviruses (polioviruses, 


60 Bacteriophages 





coxsackieviruses A and B, echoviruses and four ungrouped viruses numbered 68 to 71) 
(AWWA, 2006). Enteric viruses are widespread in sewage and some have been detected in 
wastewater, surface water and drinking water (Gerba and Rose 1990; Payment and Franco, 
1993; AWWA, 2006). Although they cannot multiply in the environment, they can survive for 
several months in fresh water and for shorter periods in marine water (Health Canada, 2004). 


Enteric viruses are the most likely human pathogens to contaminate groundwater because 
they are shed in enormous quantities in feces of infected individuals (10° to 10!°/g) (Melnick 
and Gerba, 1980) and their extremely small size (20 to 100 nm) allows them to infiltrate soils, 
eventually reaching aquifers (Borchardt et al., 2003) (Fig. 1). Depending on physicochemical 
and virus-specific factors (e.g. size and isoelectric point), viruses can move considerable 
distances in the subsurface environment (Vaughn et al., 1983; Bales et al. 1993) and persist 
for several months in soils and groundwater (Keswick et al., 1982; Gerba and Bitton, 1984; 
Yates et al., 1985; Sobsey et al., 1986; Gerba and Rose, 1990; John and Rose, 2005). 
Enteroviruses also have been shown to be more resistant to disinfection than indicator 


bacteria (Melnick and Gerba, 1980; Stetler, 1984; LAWPRC, 1991). 
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Fig. 1. Migration and survival of viruses and protozoa in the subsurface (adapted from 
Keswick and Gerba 1980 with permission). 


1.2 Source water protection and treatment 


In general the multiple-barrier approach to water treatment including watershed or 
wellhead protection, optimized treatment including disinfection, a well-maintained 
distribution system, monitoring the effectiveness of treatment, and safe water storage, is the 
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best approach for reducing the risk of infection to acceptable or non-detectable levels 
(Health Canada, 2004). Surface and groundwater protection from microbial contamination 
largely depend on adequate land use policies related to: (1) waste and wastewater 
management practices, (2) the interaction of contaminated surface water with 
groundwater supplies (including artificial recharge with treated wastewater) and (3) the 
effective placement and protection of drinking water wells. Pathogenic protozoa and 
enteric viruses are considered priority microbial contaminants in drinking water 
legislation because of the significant role they play in waterborne disease outbreaks and 
the associated risks to public health, their extended survival in the environment, their 
considerable resistance to conventional water disinfection processes compared to bacteria, 
and the often poor or lacking correlation with traditional bacterial water quality indicator 
numbers. 


Commonly used free chlorine concentrations and contact times applied in drinking water 
treatment are effective in inactivating enteric viruses (Thurston-Enriquez et al. 2003; Health 
Canada 2004). Ozone is generally considered more efficient against both protozoa and 
enteric viruses than chlorine or chlorine dioxide (Erickson and Ortega 2006). UV light 
disinfection, although highly effective for inactivation of protozoa, is not as efficient at 
inactivating viruses as more traditional chlorine-based disinfection processes (Health 
Canada, 2004). More recently, the combined performance of UV light and chlorine has been 
suggested as more effective for reclaimed water disinfection than the use of each process 
separately (Montemayor et al., 2008). 


Effective “green” ways to remove existing and emerging pathogens and produce safe 
drinking water at lower cost have received much attention in recent years. These include the 
passage of surface water and/or groundwater through porous media in the subsurface 
during processes such as riverbank filtration, dune recharge, aquifer storage and recovery, 
and deep well injection. The need to develop regulations to protect public health coupled 
with the infeasibility of concentration-based criteria for all known waterborne pathogens 
has resulted in the evolution of regulatory approaches for water quality and treatment that 
rely on performance indicators and surrogates and assume specific levels of pathogen 
reduction through well-operated treatment systems (Tufenkji and Emelko, 2011). 


1.3 Global quest for an effective pathogen indicator 


Because routine monitoring for pathogens is usually costly and often unrealistic, the use 
of surrogate parameters (i.e. microbial indicators) to predict the presence of pathogens in 
water and model their behavior has long been pursued. For decades fecal bacterial 
indicators (e.g. fecal coliforms and E.coli) have been useful to identify fecal contamination 
to indicate the probable presence of microbial pathogens in water (Payment and Locas, 
2011). However, their concentrations rarely correlate well with those of pathogens. Thus, 
bacterial indicators may signal the probable presence of pathogens in water, but they 
cannot predict precisely their level of occurrence (Payment and Locas, 2011). They are also 
not reliable pathogen surrogates because when compared with both virus and protozoa, 
bacterial indicators are less persistent in the aquatic environment and less resistant to 
disinfection and removal by other water treatment processes (IAWPRC 1991; Payment 
and Franco, 1993). 
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Some enteroviruses have been evaluated for monitoring environmental waters and tracking 
sources of water pollution (Metcalf, 1978; Goyal, 1983; Payment et al., 1985). However, the 
limitations associated with their use soon became apparent: (1) they are not constant 
inhabitants of the intestinal tract and are excreted only by infected individuals and small 
children, (2) laboratory methods for their detection and quantification are time-consuming, 
expensive, require high expertise and are restricted to some enteroviruses subgroups, and 
(3) virion size, surface characteristics and resistance to external agents such as disinfectants 
vary among subgroups. Some studies have suggested using adenoviruses as an index of 
human pollution because they have been shown to be more persistent and present in greater 
numbers than enteroviruses in sewage and fecal contaminated aquatic environments (Pina 
et al. 1998, Thurston-Enriquez et al. 2003). 


When sewage is the source of enteric viruses and protozoa, spores of the anaerobic 
bacterium Clostridium perfringens have been suggested as suitable indicators of the presence 
and behavior of these pathogens in aquatic environments (Payment and Franco, 1993). Both 
Bacillus spp. aerobic endospores and Clostridium perfringens spores have been used as 
models for the removal of protozoa (o0)cysts and enteric viruses by drinking water 
treatment processes (Payment and Franco 1993, Rice et al. 1996). 


Increasing awareness of the shortcomings of fecal bacteria as indicators of the presence of 
pathogenic viruses and protozoa in the environment has attracted attention to the potential 
value of bacteriophages that infect enteric bacteria as indicators and surrogates for 
evaluating the presence and behavior of human pathogenic viruses in aquatic environments 
and during water treatment (Noonan and McNabb, 1979; Stetler, 1984; Gerba, 1987; 
Havelaar, 1987; Havelaar et al., 1993). However, while phage meet many of the 
requirements as surrogates for enteric viruses and are useful in certain situations, they are 
not universal indicators, models or surrogates for enteric viruses in water environments 
because several disadvantages can be associated with their use (further discussed in section 
3). For example, enteric viruses have been detected in treated drinking water supplies that 
yielded negative results for phages, even in presence-absence tests on 500 mL water 
samples (Ashbolt et al., 2001). 


Many years of research gradually elucidated that variations in pathogen input, dilution, 
retention, and die-off in water environments result in conditions in which 
relationships/correlations between any pathogen and any indicator may be random, site- 
specific, and/or time-specific (Grabow, 1996; Payment and Locas, 2011). As a consequence, 
the present general scientific consensus is that there is no universal indicator of microbial 
water quality. Each specific situation, set of conditions, and objectives of study require a 
great deal of judgment to select the best group(s) of pathogen indicator(s) and/or 
surrogate(s) to be used most effectively (Table 2). Improved molecular detection techniques 
(e.g. PCR amplification or hybridization) based on host specificity of targeted viral and 
protozoan pathogens and surrogates in environmental samples may soon enable more 
reliable source tracking and improved public health surveillance (Scott et al. 2002; Fong and 
Lipp, 2005). Similarly, in-line microbial and chemical analytical systems installed at critical 
treatment points may replace microbial indicators and may provide continuous monitoring 
and reliable data, facilitating decision making. To further assist in process evaluation, efforts 
also have been made to eliminate ambiguities in the term “microbial indicator”. Several 
subgroups based on function have been recognized and are now commonly used in the 
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literature, such as: process indicators or surrogates (useful for demonstrating the efficiency 
of a process), fecal indicators (that indicate the presence of fecal contamination and imply 
that pathogens may be present), and index or virus models (indicative of pathogen presence 
and behavior respectively) (Ashbolt et al. 2001). 





Group Use (publisher use indents) 





E. coli - Indicator of recent fecal pollution and of potential 
presence of enteric pathogens in water 


Enterococci - Indicators of fecal pollution and indirectly of the potential 
presence of enteric viruses in groundwater 


Somatic coliphages - Index of sewage contamination 
- Process indicators - helpful as viral surrogates in 
evaluating efficiency of drinking water treatment 
- Some useful as pathogenic viruses models and tracers in 
transport studies in the subsurface and groundwater 


F-RNA phages - Index of sewage contamination 
- Index and models of human enteric viruses in 
contaminated freshwater and shellfish 
- Process indicators- helpful as viral surrogates in 
evaluating efficiency of drinking water treatment 
- Useful in microbial source tracking 
- Some useful as pathogenic viruses models and tracers in 
transport studies in the subsurface and groundwater 


Phages of B. fragilis - Indicators of human fecal pollution 
- Useful in microbial source tracking 


C. perfringens spores - Fecal indicators of both recent and past contamination in 
surface waters. 
- Process indicators - helpful as viral and protozoan 
(oo)cysts surrogates in evaluating drinking water treatment 
efficiency (e.g. disinfection) 





Table 2. Most commonly used pathogen surrogates and their uses (Sources: Havelaar et al. 
1993, Health Canada 2004, Payment and Locas 2011) 


2. Multifunctionality of bacteriophages 


Estimated to be the most widely distributed and diverse entities in the biosphere (McGrath 
and van Sinderen, 2007), bacterial virus, bacteriophages or phage can be found in all 
environments populated by bacterial hosts, such as soil, water and animal guts. Their 
unique characteristics bring several advantages to their use as pathogen surrogates (Table 
3). Phages have been successfully used in a variety of environmental applications as follows: 


e As fecal indicators - the environmental occurrence and persistence of some groups 
relate to health risks associated with fecal pollution and the potential occurrence of 
enteric pathogens in aquatic environments (Havelaar, 1987; IAWPCR, 1991; Leclerc et 
al., 2000; Morinigo et al., 1992; Lucena et al., 2006; Lucena and Jofre, 2010). As a result 
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Advantages 


i. Have no known impact on the environment 

ii. Are non-toxic and non-pathogenic for humans animals or plants 

iii. Have a specific affinity to their bacterial host 

iv. Are reasonably similar to mammalian viral pathogens in size, shape, morphology, 
surface properties, mode of replication and persistence in natural environments 

v. Are colloidal in nature which makes them more adequate virus models then dissolved 
tracers 

vi. Are stable over periods of several months under laboratory conditions, 

vii. Can be detected and enumerated by rapid and inexpensive methods with low 
detection limits (1 to 2 phage per mL) 

viii. Can be prepared in large quantities at high concentrations 

ix. Specific phage groups are similar to specific pathogenic viral groups allowing the use 
of phage cocktails to simultaneously target several groups of concern. 


Disadvantages 


i. Are excreted by a certain humans and animals all the time while pathogenic viruses 
are excreted by infected individuals for a short period of time (depending on the 
epidemiology of viruses, outbreaks of infection, and vaccination). Consequently there 
is no direct correlation between numbers of phages and viruses excreted by humans 

ii. A wide range of different phage can be detected by methods for somatic coliphages 

iii. At least some somatic coliphages may replicate in water environments 

iv. Enteric viruses have been detected in water environments in the absence of coliphages 

v. Pathogenic human enteric viruses are excreted almost exclusively by humans, while 
bacteriophage used in water quality assessment are excreted by humans and animals. 

vi. The microbiota of the gut, diet and physiological state of animals seems to affect the 
numbers of coliphages in their feces 

vii. The composition and numbers of phages excreted by humans is variable (e.g. patients 
under antibiotic treatment excrete lower numbers than healthy or non- medicated 
individuals) 

viii. As water flows through porous media in the subsurface or engineered filtration 
processes phage can attach, detach, and re-attach by physico-chemical filtration 
mechanisms. 











Table 3. Advantages and disadvantages of the use of bacteriophages as viral pathogen 
surrogates and tracers in aquatic environments (Sources: Havelaar et al., 1993; Ashbolt et al., 
2001; Bateman et al., 2006). 


phage infecting enteric bacteria are now accepted as useful indicators in water quality 
control and included in some regulations as required parameters. For example, coliphages 
are used in the US Water Ground Rule (USEPA, 2006), the drinking water quality 
regulation for the Canadian Province of Quebec (Anonymous, 2001) and a few USA states 
regulations regarding required quality for reclaimed water for certain uses (USEPA, 2003). 
e In microbial source tracking (MST) or identification of fecal contamination sources by 
genotypic, phenotypic, and chemical methods, phage have proven useful based on their 
host specificity (Hsu et al. 1995; Hsu et al., 1996; Simpson et al., 2003; Jofre et al., 2011). 
By identifying problem sources (animal and human) and determining the effect of 


10/27/2017 FM Crystal Radio 


FM Crystal Radios? 
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I have heard, even from a physicist, that it is impossible to build FM crystal radios. On the other hand some experimenters 
claim that they have built them. This argument intrigued me to try and build an FM crystal radio, which I have done 
successfully. To my surprise, the result is an astounding performer, pulling in four local stations in Tucson. When 
connected as a receiver to a good sound system the sound fidelity is as good or better than more expensive AM radios. In 
fact, it sounds "high-fidelity". 





This picture shows the Solomon FM Crystal Set in an acrylic display case. I made the set specifically to fit inside this case 
(the case came first). 


My definition of a crystal radio is one that is not powered, except by the radio transmission itself and employs a crystal 
detector. So, it should work without any batteries or AC power. An FM crystal receiver must be able to detect and receive 
FM signals well enough to be heard in earphones without any such extra power. 


This FM receiver is an amazing performer. It has crystal clear reception (pun intended), good sensitivity, but only 
fair selectivity. This set was a discovery for me. I started out by designing and building the normal AM sets. Then 
one day while testing the "Mystery" set (see my other web links), to my surprise, in addition to the expected 
panoply of AM stations, I heard a very faint signal that I could not tune out. At first, it seemed too weak to identify. 
When I tuned out all the AM stations, I was astonished to hear the announcement "KiiM FM, 99.5"! This is a 
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implemented remedial solutions MST is of special interest in waters used for recreation 
(primary and secondary contact), public water supplies, aquifer protection, and 
protection and propagation of fish, shellfish and wildlife (Simpson et al., 2003). 

e As process indicators phage groups are often successfully employed as enterovirus 
surrogates in evaluating the effectiveness of water treatment processes and final 
product quality. This is the case with filtration and disinfection (Stetler et al., 1984; 
Payment et al., 1985; Havelaar et al., 1993; Duran et al., 2003; Davies-Colley et al., 2005; 
Persson et al., 2005; Abbaszadegan et al., 2008). 

e Ascomprehensive pathogenic virus indices, phages are not very useful. This is because 
their numbers seldom seem to correlate to pathogenic viruses numbers in water 
samples when conventional statistics are applied (Lucena and Jofre, 2010). However, in 
the future the application of advanced mathematical models to new databases may 
reduce uncertainty and provide better information about relationships between phage 
and pathogenic virus numbers (Lucena and Jofre, 2010). 

e As viral models and tracers, bacteriophages are often used at both field and laboratory 
scales as biocolloids to estimate the fate and transport of pathogenic viruses in surface and 
subsurface aquatic environments and through natural and manmade saturated and 
unsaturated porous media. This use of phage as surrogates for pathogen transport applies 
to protection of surface and groundwater supplies from microbial contamination, 
assessment of potential health risk from pathogens in groundwater and design of more 
efficient treatment systems in removing pathogens from drinking water supplies (Sen, 
2011). 


3. Main bacteriophage groups used in environmental studies 


Three bacteriophage groups, somatic coliphages, male-specific F-RNA phages and Bacteroides 
fragilis phages, have been proposed and are frequently used as surrogates for pathogenic 
viruses in environmental studies (IAWPRC, 1991; WHO, 2004; Lucena and Jofre, 2010). 
However, because each group has its pros and cons as a representative of enteric virus 
presence and behavior in aquatic environments and water treatment processes, no agreement 
has been reached on which of the three groups best fulfills the index/indicator function. 


3.1 Somatic coliphages 


Somatic coliphages are the most numerous and most easily detectable phage group in the 
environment. It is a heterogeneous group whose members infect host cells (E.coli and other 
Enterobactereacea) by attaching to receptors located in the bacterial cell wall. Their numbers 
are low in human feces (often <10 g-!), but abundant in untreated domestic sewage (104 to 
105 particles g-!) and in animal feces (Havelaar et al., 1986). 


Somatic coliphages are not usually considered good fecal indicators because some of their 
hosts are unlikely to be of fecal origin (Hsu et al. 1996), and some of these phage are able to 
multiply in waters not subjected to fecal pollution (Gerba, 2006). However, some authors 
argue that the number of somatic phage that replicate in environmental waters is negligible 
(Jofre, 2009). Moreover, they are not predictive indicators of virus presence or absence in 
groundwater (Payment and Locas, 2011), though some somatic phage such as T-4, T-7, 
®X174, and PRD-1 have proven useful as viral surrogates of fate and transport in laboratory 
investigations, pilot trials, and validation testing (WHO, 2004; Lucena and Jofre, 2010). 
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Phage Family name Type Lipid pH». Hosts Phage Size/Shape 
(%) 
T2,T4,T6 Myoviridae Somatic 0 — E. coliand other Cubic capsid 
Linear Enterobateriaceae (icosahedral or 
ds-DNA elongated), long 
contractile tail, 95 x 
65 nm (EM) 
T5,A Siphoviridae Somatic 0 _ E. coliand other Cubic capsid 
Linear Enterobateriaceae (icosahedral), long 
ds-DNA non-contractile tail 
(150 nm), 54-60 nm 
(EM) 
T3, T7 Podoviridae Somatic 0 - E. coliand other Cubic capsid 
Linear Enterobateriaceae (icosahedral), short 
ds-DNA non-contractile tail, 
54-61 nm (EM) 
PM2 Corticoviridae Somatic 13 7.3 Pseudomonas sp., Cubic capsid 
Linear Pseudoalteromona (icosahedral), with 
ds-DNA S sp. spikes in vertices, no 
tail, 60 nm (EM) 
PRD-1 * Tectiviridae Somatic 16 4.5 S. typhimurium Cubic capsid 
Circular and other (icosahedral), no tail, 
ds-DNA Enterobactereaceae 63 nm (EM) 
82 + 6 nm (DLS) 
PR772** Tectiviridae F-specific — 3.8-  E. coliand other Cubic capsid 
Linear 4.2 Enterobateriaceae (icosahedral), no tail, 
ds-DNA 63 nm (EM) 
MS2,QB  Leviviridae _ F-specific 0 3952 E. coliand Cubic capsid 
Linear Salmonella sp. (icosahedral), no tail, 
ss-RNA 20-30 nm (EM) 
@X174 Microviridae Somatic 0 6.6 Pseudomonas sp., Cubic capsid 
Circular Pseudoalteromona (icosahedral), with 
ss-DNA S sp. spikes in vertices, no 
tail, 27 nm(EM) 
SJ2, fd, Inoviridae F-specific 0 - E. coli and Filamentous or rod- 
M13 Circular Salmonella sp. shaped, 810 x 6nm 
ss-RNA (EM) 
Bacteroides Siphoviridae Linear 0 — Bacteroides Icosahedral head (60 
fragillis ds-DNA fragillis HSP40 nm), flexible non- 
phages contractile tail, 150 x 


8 nm (EM) 





EM - electron microscopy analysis (measures physical diameter of dry particles) 
DLS - dynamic light scattering analysis (measures hydrodynamic size of particles in a fluid) 


pHzpc - zeta potential charge 


Table 4. Characteristics of bacteriophages commonly used as pathogenic virus surrogates in 
environmental studies (adapted from Mesquita et al., 2010). 
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Bacteriophage PRD-1 (Table 4) in particular has emerged as an important viral model for 
studying microbial transport through a variety of subsurface environments. Its popularity is 
due to its similarity to human adenoviruses in size (~62nm) and morphology (icosahedric), 
its relative stability over a range of temperatures and low degree of attachment in aquifer 
sediments (Harvey and Ryan, 2004; Ferguson et al., 2007). 


3.2 F-RNA bacteriophages 


F or male specific RNA bacteriophages are a homogeneous group of phage that attach to 
fertility fimbriae (F-pili or sex-pili) produced by male bacterial cells (possessing an F- 
plasmid) in certain stages of their growth cycle. Since the F-plasmid is transferable to a wide 
range of Gram-negative bacteria, F-specific bacteriophages may have several hosts besides 
E.coli (Havelaar 1987). This group ranks second in abundance in water environments 
although its persistence in surface waters, mainly in warm climates is low (Chung and 
Sobsey, 1993; Mocé-Llivina et al., 2005). 


F-RNA bacteriophages have been most extensively studied due to their similarity (in size, 
shape, morphology and physiochemistry) to many pathogenic human enteric viruses, 
namely enteroviruses, caliciviruses, astroviruses and Hepatitis A and E virus (Jofre et al., 
2011) (Table 4). These phages are infrequently detected in human and animal feces (103 g+) 
or in aquatic environments despite their frequent detection in wastewater (108 to 104 mL*) 
(Havelaar et al., 1986; Gerba, 2006). Further research is needed to clarify if their consistently 
higher concentrations in sewage relative to feces are the result of direct environmental input 
or multiplication. If the latter is true, F-RNA bacteriophages may not be acceptable fecal 
pollution indicators (Havelaar et al., 1990). Jofre et al. (2011) suggested that the 
environmental multiplication of these phages is unlikely, however, because F-pili 
production only occurs at temperatures above 25°C and replication does not occur in 
nutrient-poor environments and requires a minimum host density of 104 colony forming 
units (cfu) per mL. 


The presence of F-RNA phage in high numbers in wastewater and their resistance to 
chlorination contribute to their usefulness as process indicators, indices of sewage pollution, 
and conservative models of human viruses in water and shellfish (Havelaar et al., 1993; 
Havelaar, 1993; Love and Sobsey, 2007). They are also promising in microbial source 
tracking since they can be subdivided in four antigenically distinct serogroups. Because 
those predominating in humans (groups II and III) differ from those predominating in 
animals (groups I and IV), it is possible to distinguish between human (higher public health 
risk) and animal wastes by serotyping or genotyping F-RNA coliphage isolates (Hsu et al., 
1995; Hsu et al., 1996; Scott et al., 2002). 


F-RNA bacteriophages MS2 and f2 (Table 4) are morphologically similar to enteroviruses 
and are frequently used to study viral resistance to environmental stressors, disinfection and 
other treatment processes (Havelaar, 1986, Havelaar et al., 1993; WHO, 2004). These phage 
have been shown to attach poorly to soil particles and survive relatively well in 
groundwater (Goyal and Gerba, 1979; Yates et al., 1985; Powelson et al., 1990). As a result, 
Havelaar (1993) described F-RNA phage as a “worst case” virus model for virus transport in 
soil. Bacteriophage transport in the subsurface is reviewed in section 5 of this chapter. 
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Together, somatic and F-specific bacteriophages counts in water samples are usually 
designated as “total coliphage count”. Some bacterial strains can be used to enumerate both 
simultaneously (Guzman et al., 2008). Their enumeration may be a good alternative for 
determination of viral contamination in poorly contaminated waters such as groundwater 
and drinking water or in double disinfection water treatments (Lucena and Jofre, 2010). 


3.3 Bacteriophages of Bacteroides fragilis 


Bacteriophages of Bacteroides fragilis and other Bacteroides species rank third in abundance in 
natural waters. They have been suggested as potential indicators of human viruses in the 
environment by Tartera and Jofre (1987). Their host Bacteroides fragilis is a strict anaerobic 
bacterium abundant in human feces. These bacteriophages attach to the host bacteria cell 
wall and have narrow host range. They occur only in human feces (108 g7) and in 
environmental samples contaminated with human fecal pollution (Havelaar et al., 1986). 
Consequently they are useful in microbial source tracking, helping to differentiate human 
from animal contamination (Ebdon et al. 2007; Lucena and Jofre, 2010). In contrast with 
other phage they are absent from natural habitats and unable to multiply in the 
environment (Tartera et al., 1989). They also decay in the environment at a rate similar to 
that of enteric viruses. The main drawbacks associated with their use as routine fecal 
indicators, are that: (1) their host is a strict anaerobe requiring complex and tedious 
cultivation methodology, (2) their numbers in water may be low requiring concentration 
from large volumes, and (3) different hosts are needed for different geographic areas. Within 
this group, the most commonly used bacteriophages in environmental and treatment 
resistance studies are B40-8 and B56-3 (Lucena and Jofre, 2010). 


4. Available methodology for bacteriophage detection, enumeration and 
propagation 


Relatively simple and reliable methods for detection, isolation, enumeration and 
characterization of bacteriophages from natural sources are available in the literature. These 
include classic culture-based techniques using liquid or solid bacteriological media, as well 
as more recent physico-chemical, immunological, immunofluorescence, electron 
microscopy, and molecular methods. However, a lack of methodology standardization and 
quality control has for decades limited the use of phage data for comparison studies. This 
situation has improved since the publication of standardized plaque assays and 
presence/absence methods in the USA and Europe. For somatic coliphages (APHA, EWWA, 
and WEF, 2005; EPA, 2001a; 2001b), F-specific RNA phages (ISO, 1995; ISO, 2000; EPA, 
2001a; 2001b) and bacteriophages infecting Bacteroides fragilis (ISO, 2001). 


Sobsey et al. (1990) developed a simple, inexpensive and practical procedure for the 
detection and recovery of F-RNA bacteriophages from low turbidity water using mixed 
cellulose and acetate filters with 47 mm diameter and 0.45 um pore size. A slightly modified 
version of this method has shown excellent performance for recovery of somatic and F- 
specific phages, and bacteriophages of Bacteroids fragilis in up to 1L water samples (Mendez 
et al., 2004). Rapid bacteriophage detection methods involving enrichment steps followed by 
latex agglutination or bioluminescence (Love and Sobsey, 2007) and molecular approaches 
have also been developed and recently reviewed by Jofre et al. (2011). 
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Specific methods for the production of the large-volume, high-titer purified bacteriophage 
suspensions that are necessary for many types of environmental fate and transport studies 
were, until very recently, difficult to find in the refereed literature. Given that system 
chemistry and other surface-related characteristics of phage particles, may substantially 
contribute to observations of their environmental fate and transport behavior in many types 
of porous media filtration systems used for water treatment (Pieper et al., 1997; Harvey and 
Ryan, 2004; Cheng et al. 2007), it is critical to consider the impacts of the 
propagation/ purification protocol on those factors. In response to this need, a selected 
sequence of rapid, reliable, and cost-effective procedures to propagate and purify high-titer 
bacteriophage suspensions has recently been proposed (Mesquita et al., 2010). This 
methodology emphasizes the most important factors required to ensure maximum 
bacteriophage yields, minimum change on phage particles surface characteristics, and low 
dissolved organic carbon (DOC) concentration in the final suspensions. 


Many of the methods routinely used to quantify microscopic discrete particles such as 
bacteriophages are known to yield highly variable results arising from sampling error and 
variations in analytical recovery (i.e., losses during sample processing and errors in 
counting); thereby leading to considerable uncertainty in particle concentration or logio- 
reduction estimates (Emelko et al., 2008; 2010; Schmidt et al., 2010). For example, sampling 
error is substantially greater than analytical error when organisms are present in relatively 
low concentrations; in these cases, improved sampling (ie., resulting in counts of 
approximately 10 or more organisms in a sample or, in some cases, several replicates) 
substantially contributes to reducing uncertainty. In contrast, when organisms are present in 
higher and homogeneous concentrations, uncertainty in concentration estimates can be 
reduced by decreasing analytical errors (Emelko et al., 2008; 2010). Emelko et al. (2010) 
demonstrated that uncertainty in concentration and removal estimates derived from 
microbial enumeration data can be addressed when these errors are properly considered 
and quantified. The development and use of such quantitative approaches is an essential 
component of strategies (e.g., the monitoring of surrogate parameters/pathogens, 
experimental design, and data analysis) for better evaluating microorganism transport and 
fate in source and treated drinking waters. 


5. Bacteriophages contribution to predicting pathogen transport in filtration 
porous media 


In the last two centuries a large number of field studies have evaluated the transport of 
bacteriophages in the subsurface (especially through the vadose zone) at different field sites 
around the world (Rossi, 1994; Collins et al., 2006; Pieper et al., 1997; Bales et al., 1997; Dowd 
et al., 1998; Rossi et al., 1998; Sinton et al., 1997; Ryan et al., 1999; Auckenthaler et al., 2002; 
McKay et al., 2000; Schijven and Hassanizadeh, 2000; Schijven, 2001; Harvey and Harms, 
2002; Ryan et al., 2002; Harvey and Ryan, 2004; Blanford et al., 2005; Harvey et al., 2007; 
Ferguson et al., 2007). PRD-1, MS-2 and ®X174 have also been extensively used at controlled 
laboratory conditions to elucidate physicochemical effects on virus transport through a 
variety of porous media (Bales et al., 1991; Bales et al., 1993; Schulze-Makuche et al., 2003; 
Zhuang and Jin, 2003; Han et al., 2006; Sadeghi et al., 2011). 


Based on existing data, major environmental factors affecting enteric viruses and phage 
survival and transport through soil, porous media and in groundwater have been identified 


70 Bacteriophages 





(Table 5). Due to the complexity of interactive factors controlling survival and transport 
there is great variability among study outcomes, however. It is, at present, generally 
accepted that the main processes for viral removal in water filtration through porous media 





Factors Findings 





1. Temperature - a major controlling factor for virus inactivation usually with greater 
inactivation at temperatures above 20°C. This may be due to more rapid denaturation 
of viral capsid proteins or potential degradation of extracellular enzymes with 
increased temperature 

2. Native Microbial activity - Inactivation rates have often been reported to be lower in 
the absence of groundwater bacteria possibly because bacterial enzymes and protozoa 
may destroy viral capsid protein. However, other studies have found the opposite to 
be true. 

3. Moisture content - Different viruses and phage (MS2 and PRD-1) have been reported 
to have different inactivation rates in groundwater, saturated, unsaturated and dry 
soils. Migration seems to increase under saturated flow conditions. 

4. Nutrients - addition when native organisms are present seems to determine decreased 
viral inactivation. Possibly because the nutrients offered protection from inactivation 
by enzymatic attack or acted as alternate nutrient sources for the native bacteria 

5. Aerobic and anaerobic condition - Anaerobic conditions have been shown to slow 
down poliovirus and coxsackievirus inactivation. It has been suggested this is 
potentially an interactive factor with the impact of native microorganisms since low 
oxygen will minimize negative microbial activity., 

6. pH - most enteroviruses are stable over a pH range of 3 to 9, survival may be 
prolonged at near neutral; low pH favors virus attachment and high pH detachment 
from soil particles 

7. Salt species and concentration - some viruses are protected from inactivation by 
certain cations: the reverse is also true. Generally increasing the concentration of ionic 
salts and cation valences enhances virus attachment. 

8. Association with soil and other particles - in many cases viral survival is prolonged 
by attachment to soil, although the opposite has also been observed. Usually virus 
transport through the soil is slowed or prevented by association with particles. 
However, attachment to solid surfaces appears to be virus-type-dependent 

9. Soil properties - effects on survival are probably related to the degree of virus 
attachment: greater virus migration is usually observed in coarse-textured soils, while 
there is a high degree of virus retention by the clay fraction of soil. 

10. Virus type - particle-structure may be a deciding factor in attachment/ detachment 
and inactivation by physical, chemical and biological factors. 

11. Organic matter (OM) - may protect virus from inactivation or reversibly retard virus 
infectivity. Soluble OM seems to compete with virus particles for attachment sites on 
soil. 

12. Hydraulic conditions - increasing hydraulic loads and flow rates usually increase 
virus transport. 











Table 5. Major factors determining viral survival and transport in the subsurface and in 
groundwater (adapted from: Azadpour-Keeley et al., 2003; John and Rose, 2005). 
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are physio-chemical attachment/detachment and inactivation (Keswick and Gerba, 1980; 
Yates et al., 1987; Bales et al, 1991; 1997; Gitis et al., 2002; Tufenkji and Emelko, 2011). Virus 
attachment and inactivation depend on the type virus, as well as on the physico-chemical 
properties of the water and soil or filtration media grain (Schijven and Hassanizadeh, 2000; 
Tufenkji and Emelko, 2011). Physical and physico-chemical processes such as advection, 
dispersion, diffusion, and physico-chemical filtration all contribute to attenuation of virus 
concentrations (Schijven and Hassanizadeh 2000; Tufenkji and Emelko, 2011). Various 
physico-chemical forces may be involved in the attachment of viruses to soil or filtration 
media particles including, hydrogen bonding, electrostatic attraction and repulsion, Van der 
Waals forces and covalent ionic interaction (Murray and Parks; 1980). Straining (i.e. physical 
blocking of movement) may come into play in some environments as well (Bradford et al., 
2006). 


The unsaturated or vadose zone (i.e. the layer between the land surface and the 
groundwater table) where much of the subsurface contamination originates, passes through, 
or can be eliminated before it contaminates surface and subsurface water resources has 
gained particular attention in recent years. In unsaturated conditions, additional and more 
complex mechanisms are involved in pathogen transport such as: variability in ionic 
strength , pH and water content, particle capture at the water-gas interface, particle capture 
at the solid-water-gas interface, and preferential flow or retention in the immobilization 
zone (Sen, 2011). Biological processes such as growth and decay, active attachment or 
detachment, survival, random mobility and chemotaxis are also believed to strongly affect 
virus transport in saturated and unsaturated porous media (Sen, 2011). Less information is 
available regarding the fate of pathogenic protozoa in the vadose zone (Harvey et al., 1995; 
Harvey et al., 2002; Hancock et al., 1998; Brush et al., 1999; Harter et al., 2000; Darnault et al., 
2004; Davies et al., 2005), however, the physico-chemical processes that affect virus fate and 
transport also apply to protozoan cysts and oocysts during soil transport, albeit to a 
different extent (Schijven and Hassanizadeh, 2000). 


The growing database of information concerning phage attachment, inactivation and 
transport behavior in porous media has led to their use as viral surrogates in mathematical 
models used to describe viral transport within physically or geochemically heterogeneous 
granular media at environmentally-relevant field scales (Rehmann et al., 1999; Schijven and 
Hassanizadeh, 2000; Schijven et al., 2000; Bhatacharjee et al., 2002; Schijven et al., 2010). As 
they continue to improve, such models may become useful tools in decision making related 
to in public health protection because they may ultimately be incorporated into quantitative 
microbial risk assessment to: (1) access groundwater vulnerability, especially of highly 
vulnerable geological settings (i.e. fractured rock aquifers, cross-connecting bore holes, or 
leaking well cases in sandstone and shale aquifers) in combination with significant sources 
of contamination (i.e. wastewater treatment plants, septic tanks and animal manure), (2) 
simulate the transport of viruses from a contamination source at or near the surface to a 
groundwater abstraction well, and (3) evaluate set back distances from abstraction wells 
from potential contamination sources for source protection (Schijven et al. 2010). 


6. Conclusions and recommendations for future research 


Considerable progress has been made in understanding how suitable bacteriophages are as 
surrogates for pathogenic enteric viruses. As a result, they have become invaluable tools in 
environmental research and are often successfully used in a variety of applications, namely: 
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The use of somatic and F-specific coliphages as indices of water contamination by 
sewage and as process indicators in the evaluation of drinking water and the efficacy of 
drinking water treatment processes. 

The use of F-specific bacteriophages as indices and models of human enteric viruses in 
contaminated water, shellfish and agricultural products and in microbial source 
tracking. 

The use of particular somatic and F-specific bacteriophages to improve the understanding 
of the multiple physical, chemical and biological processes affecting biocolloid transport 
in saturated and unsaturated subsurface environments. 

The use of bacteriophages of B. fragilis as indicators of human fecal contamination and 
in microbial source tracking. 


Additional research efforts are needed in the following areas: 


Use of more sensitive and reliable methodologies (i.e. standardized cultural procedures, 
molecular and other techniques) to minimize the variance between reported and actual 
numbers of bacteriophages in field and laboratory studies and allow the development 
of more complete and reliable databases. 

Use of more consistent experimental procedures to reduce variability among 
researchers’ findings. Standardized protocols are required for the preparation 
(propagation, concentration and purification) of bacteriophages to be used in laboratory 
and field scale studies, as well the use of phage from well known sources such as the 
American Type Culture Collection (ATCC) or the Canadian Felix d’Herelle Reference 
Center for Bacterial Viruses to avoid differences in the viruses themselves. 

Evaluation of the complex interactions of native groundwater organisms with 
introduced enteric microbes (including enteric bacteriophage) and the environmental 
factors that influence them. 

Evaluation of the impact of viral structure and surface properties on attachment/ 
detachment and inactivation of virus particles in various environments. 

Improved understanding of the transport and survival of both bacteriophages and 
pathogenic enteric viruses in surface water and the subsurface is needed; not only at 
laboratory scale to clarify the generic mechanisms involved, but also at field scale at 
settings with specific environmental conditions (water matrixes, flow regimes, 
hydrogeological and filtration media characteristics, etc.) in an attempt to clarify 
conflicting evidence previously reported on the extent of inactivation and 
immobilization of viruses by some physico-chemical and biological factors. 
Development of sound databases reflecting the occurrence, persistence and transport of 
viral particles in natural environments and water treatment systems that can be used to 
improve mathematical models of microbial fate and transport. 

Development of microbial fate and transport models taking into account the many 
factors affecting virus fate and transport under various conditions applicable to: 
improve viral contamination control in specific environments, ensure compliance with 
current water quality regulations, help in the selection and control of treatment 
processes and ultimately improve public health protection. 

Further investigation of the usefulness of bacteriophages for source tracking purposes. 
Taking advantage of the stringent host specificity of some phage groups and the speed, 
high specificity and sensitivity of molecular detection methods in order to better 
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by Benoit GILLES 


In order for them to multiply, nature has endowed living organisms with a wide 
diversity of reproductive systems. In insects, one of these strategies is 
parthenogenesis. This is based on the development of individuals from unfertilized 
gametes, thus without the need for fertilization. This strategy is interesting for more 
than one reason: it is evidenced by the declination of a multitude of forms 
(thelytokia, arrhenotokia and deuterotokia) and its appearance on multiple 
occasions during evolution, within unrelated and phylogenetically distant taxa and 
species. 
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Description of the different types of parthenogenesis 
|) Thelytokia 


Corresponding to parthenogenesis sensu stricto, thelytokia is characterized by the fact that all the unfertilized 


eggs emitted by a female insect in turn only produce a female diploid progeny. 


Thelytoic parthenogenesis can result in two distinct genetic systems: one based on mitosis (apomixis) and the 


other on meiosis (automixis). 


+ Lapomixie is the simplest system: female offspring are genetically similar to the mother, the absence of 
meiosis prevents any chromosomal rearrangement (genetic mixing). Mother and daughter can thus be 
considered as clones 

+ L’automixie involves the meiosis process, diploidy is restored without the contribution of a gamete (without 
fertilization). This process can be carried out in several ways: 1) duplication of the genome before meiosis, 
creating a cell with 4n chromosomes (4 sets of chromosomes): 2) fusion of the two nuclei during meiosis; 3) a 


haploid nucleus resulting from meiosis is duplicated by mitosis to fuse again with itself 


ll) Arrhenotokism 

In arrhenotokic parthenogenesis, progeny from unfertilized eggs consist only of male individuals (opposite 
system to thelytokia). There are two distinct genetic systems: 1) haplodiploid, males are haploid (1 set of 
chromosomes) and females are diploid (2 sets of chromosomes): 2) diploid, males and females are derived 
from diploid eggs as for thelycan parthenesis. 


Ill) Deuterotokia 


Deutherotokic parthenogenesis produces unfertilized eggs from both males and females. 
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country music FM station here in Tucson. It was all over the dial, untunable, but the much louder AM signals 
masked it when they were tuned in. 


I set myself the task of trying to improve the FM reception. I tried some simple circuit modifications that did not 
seem to improve anything. Then I connected a dipole antenna instead of the AM antenna I normally use. Suddenly, 
the FM signal was much clearer, although still weak. By using the audio output and sound system amplifier, I was 
even more amazed that four different FM stations came in loud (or rather medium) and clear. I found that changing 
the telescoping antenna length and position I could tune the stations in and out. They were KRQ, KLPX, KiiM, and 
KHYT all local FM stations with transmitters nearby. Their reception was also affected by the length and position 
of the audio output cable. 


After doing some research, I discovered that there was a physical theory that claimed that FM reception was 
possible and even probable using the same circuit as an AM receiver. The theory is called "slope detection". So, I set 
out to find circuit improvements. A web search yielded little, mostly theory. But there was enough information that 
I thought I could make some modifications to the AM circuits to make them more tunable to FM signals and less 
tunable to AM. Since FM operates at higher frequencies, all I had to do, I thought, was make the coil and caps 
smaller. After much "tinkering" I arrived at the current circuit. 


The circuit looks identical to a classic AM crystal circuit but is even simpler to build. The components were reduced in 
dimension to resonate at higher frequencies. This was done by experimenting with smaller and smaller coils and capacitors. 
The antenna is also much reduced in size (from that of AM) to resonate at higher frequencies (the antenna is crucial). The 
air variable capacitor I used has two trimmers in it which should be adjusted for best reception.I have found that a 
commonly available vernier dial and knob will fit the capacitor nicely. See end of article for a picture of the variable. C3 is 
a ceramic capacitor of 18 pf, but may be anywhere from 10 to 50pf. A detected FM signal is converted to AM due to an 
effect called slope detection that modulates amplitude. 


This FM Crystal Set works best near the transmitter (I have not tested it beyond about 10 miles). Secondly, the sound level 
is quiet, especially without an amplifier. A quiet room is needed for listening with earphones. One must be willing to move 
the set around to find a location for the best reception of signals. However, in addition to listening with high impedance 
earphones (crystal or otherwise), the set can be connected directly to an audio amplifier's low level magnetic input which 
can then play amplified through a sound system at any volume -- sounds GREAT. In fact, I recommend starting tests with 
the FM crystal set by connecting it to the low-level phono inputs of a receiver or preamplifier. (Nowadays, many receivers 
don't even have a phono input!) That way you can crank up the volume, which makes it more likely to find the FM stations. 
If no signals are detected, I also recommend connecting an external "rabbit ear" antenna or hanging a short wire (12 inches 
or sO) in various positions next to the internal antenna. The variable length of rabbitt ears can help to tune in stations. 


No additional wiring or antenna is necessary (the antenna is optimized in length for FM.) 
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Parthenogenetic reproduction modes (Source : Rabeling & Kronauer, 2013) 





Appearance of parthenogenesis 


A parthenogenetic system can appear in various ways. The most singular case is based on the interaction 
between certain groups of insects and endosymbiotic bacteria such as Wolbachia, Rickettsia and Cardinium — 
the most widely represented being Wolbachia pipientis — causing cytoplasmic incompatibilities causing either 
the cessation of the development of diploid embryos, or the thelytokia, or the feminization of males, their death. 


These bacteria often play a role in sex conversion and modify the sex ratio in favour of females. 


Many insect species are monosexed (their population is composed of only one sex). These species occur in 
isolated environments such as islands or high-altitude regions. They perform a geographic parthenogenesis, 


demonstrating the adaptive power of this type of reproduction. 


»Parthenogenesis in hemimetaboles (or heterometaboles) 


Hemimetazole insects federate species whose metamorphosis is said to be incomplete: the adult stage is 
reached gradually during the development cycle by successive moulting, the larvae possessing most of the 


attributes of adults, except sexual and parasexual organs (link article (https://passion- 


entomologie.fr/metamorphosis-in-insects/)). A” 
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Odonata (dragonflies) : only the species /schnura hastata (Caenagrionidae), found in the Azores, has been 


described as parthenogenetic (thelytoic type). 


Orthoptera (locusts, crickets and grasshoppers) : the species Locusta migratoria and Schistocerca gregaria 
have the ability to spontaneously generate female offspring from unfertilized eggs: thycoparthenogenesis. 
Haploid gametes become diploid gradually during development. For Loxoblemmurs frontalis, the only species in 
the Gryllidae family to practice parthenogenesis, thelytokia is induced by the presence of bacteria Wolbachia. 


It is without intervention of Wolbachia in grasshoppers Saga pedo (Tettigonidae). 


Phasmatodea (Phasms) : parthenogenesis is quite common. For 
example, the genus 7imema, endemic to California, is composed 
of 5 species all related and descended from the same lineage. 
However, rare fertile males could be collected, their presence 
being estimated at less than 0.2% of the population. The sexual 
determination of phasms is based on a system where individuals 
carrying a pair of autosome chromosomes (XX) are female and 
those with only one copy of the X are male (XO), (in humans the 
system is XX-XY), males develop via spontaneous loss of the X 
chromosome during oogenesis. Other species also reproduce 
only by parthenogenesis such as Bacillus rossius and Clonopsis 


gallica (species found in southern France). 


Blattoptera (formerly Isoptera) (termites) : several groups 
optionally use thelycan parthenogenesis through a_ ploidy 


restoration process similar to that found in Reticulitermes 





speratus and R. virginicus (automiscie). This type of termites is 


known to harbour Wolbachia, whether the colonies are 


parthenogenetic or bisexual, suggesting that there is no Phasme du genre Timema — Santa Barbara — 
; : Californie (Source : Alice Abela 
correlation between the two reproductive modes. (https://bugguide.net/node/view/1051212)) 


Mantodea (mantes) (lien_(https://passion-entomologie.fr/the-mantodea-synthesis-on-these-insects- 
by-nicolas-moulin/)): only two species, Miomantis savignyi and Bruneria borealis, carry out parthenogenesis 


(thelytoque), mandatory parthenogenesis in B borealis. 


Hemiptera (cicadas, aphids and bedbugs) : this order offers an abundant diversity of parthenogenetic 
systems within a large number of families such as Aclerdidae, Diaspididae, Aphididae or Anthocoridae. For 
example, several species of Fulgores (Delphacidae) belonging to the genera Delphacodes and 
Ribautodelphax use thelytokia and pseudogamy (females mate with males but the offspring are entirely 


, gas ; “A. 
female). The intervention of Wolbachia in the parthenogenesis process has been demonstrated ‘in 
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Delphacodes kuscheli but not in other species. A multitude of forms of parthenogenesis occur between 
species of the Coccidae and Diapsididae families: arrnenotokism with males that may be diploid or haploid, 


and deuterotokism. 


Some aphid species (Aphidimorpha) have a cyclic reproductive mode, changing from bisexual to 
parthenogenetic depending on the season. Thus, in spring, a female aphid (founder) multiplies by 
parthenogenesis in order to rapidly colonize the environment, then, in autumn, reproduction becomes sexual, 


resulting in the production of fertilized eggs that overwinter in the vegetation. 


Oo a) / A partir du mois de mars, les oeuls &losent et 
rar libérent des pucerons femelles appelées les fondatrices. 


q 


Pendant tout I'été, les fondatrices érigent 
des colonies par clonage. Elles peoduisent des pucerons femelies 
asenuées pat parthénogeneése, sans intervention d'un male 






A partir du mois d'octobre, les femelies pucerons 
fécondées par des males, pondent des oeufs dans les arbres 
Sy passent alors tout I hiver 


: . La parthénogendse se met 3 produire des males et des femelles sexués, 
= ~ 
\ on probablement 2 cause du raccourcissement des jours 
¢ 


et de la baisse des températures 





Aphid life cycle (Source: ) 


With regard to “real’ bedbugs, there are no cases of parthenogenesis revealed. However, two species have 
optional use of telytokism: Calliodis maculipennis (neotropical species of the Anthociridae family) and 
Campyloneura virgula (Miridae). Surprisingly, a parthenogenetic population of C. maculipennis located on the 
island of Trinidad has been discovered, while the populations of the mainland, Mexico and Guyana, are 


gendered. 


Life cycle of the aphid (eng/ish) 
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Parthenogenesis in holometabolas 


The holometabol group characterizes species using a so-called complete metamorphosis phase where the 


passage to adulthood requires a chrysalis (butterfly) or pupa (flies) phase during which the larvae are totally 


transformed (lien article (https://passion-entomologie.fr/metamorphosis-in-insects/)). 


Hollo-metabolas make up the vast majority of insect species diversity: 800,000 species divided into 11 orders 


such as Diptera, Coleoptera, Lepidoptera or Hymenoptera. 


The Hymenoptera (wasps, bees, ants), with nearly 150,000 species described, constitutes one of the most 
diversified insect orders. Parthenogenesis is common to all species of the order, thus encompassing the 
greatest diversity of tyoes of parthenogenesis. The most common and ancestral is arrhenotokism combined 
with haplodiploidy. Females thus have the ability to fertilize or not their eggs and can adjust the sex ratio of 
their offspring: a diploid egg will give a sterile female or worker and a haploid egg a male (see illustration 


below). However, mechanisms may vary between taxa. 


The transition from arrhenotopic to thelytoic parthenogenesis is relatively frequent due to the absence of a 
sexual chromosome making it possible to restore diploidy through an apomictic or automictic process. For 
example, the species Diplolepis eglanteria (Cynipidae) is a small wasp that uses apomixis, and Apis mellifera 


capensis a, on the other hand, uses self-mixing. 


Cataglyphis hispanica, Paratrechina longicornis, Vollenhovia emeyri and Wasmannia auropunctata are 
derived from sexual reproduction while the new queens come from parthenogenetic thelycan eggs. The study 
of the reproductive mode of Wasmannia auropunctata revealed a unique case of a dual parthenogenetic 


system (arrhenotokic and thelytok). It was discovered in 2005 that males, derived from fertilized e@ys, 
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expressed only the paternal genome, 
with the maternal genome 
disappearing (except the 
mitochondrial genome) through a 
mechanism that remains — partly 
unknown. This process indicates that 
male offspring are cloned (see 


illustration opposite). 


So far as these workers are sterile, this 
sexual reproduction does not lead to 
the mixing of male and female 
genomes in the next generation. This 
lack of gene flow between males and 
females leads to genetic 
differentiation and separate 


evolution of the two genomes. This 
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Queen Wasmannia auropunctata and sterile workers — As with many ants 
species, the queen is more imposing than the workers (Source : Alex Wild 
(https: www.alexanderwild.com/Ants/Taxonomic-List- of-Ant- 





Genera/Wasmannia/i-2sssQXxb/A)) 


raises the question as to the classification of a possible distinction between these two sexes as two distinct 


species, one of which would only consist of males! In addition, males can be considered as parasites exploiting 


females, where the production of sterile workers ensures the protection and supply of the colony. 


A Hyménoptéres sociaux 


A 


reine male 


a 
c d 


males ouvrieres reines 


gametes 


Fécondation 
(sauf a et e) 


zygote 


https://passion-entomologie.fr/parthenogenesis-in-insects-synthesis/ 


B  Wasmannia auropunctata 


reine male 


i Mba 


6 g f 
reines ouvrieres males 


7/11 


2/11/2019 Parthenogenesis in insects: synthesis - Passion Entomologie 


“Classic” reproductive system of social hymenoptera (A) and ant Wasmannia auropunctata (B) 
(Source: Erudit.org (https://www.erudit.org/fr/revues/ms/2005-v21-nll-ms1020/on950ar/)) 


At 30% of parasitoid wasp species (article link (https://passion-entomologie.fr/two-wasps-a-caterpillar- 





and-a-cabbage-leaf/)) Cynipidae and Chalcidoidea, thelytokia is caused by endosymbiotic microorganisms 


of the genus Wolbachia, Caradinium and Rickettsia. 


The order of Coleoptera accounts 
Micromalthus debilis life cycle 
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for 30% of insect species, or 380,000 
species of which only 600 species 


(20 families) are parthenogenetic. 
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(https://passion- 


Life cycle of Micromalthus debilis (Link article (https://passion- 
entomologie.fr/the-incredible-life-cycle-of-micromalthus-debilis/)) 


entomologie.fr/the-incredible-life-cycle-of-micromalthus-debilis 


So, the species Reesa vesopulae (Dermestidae), present throughout the nearctic region, is strictly 
parthenogenetic, as are the majority of North American populations of Cis fuscipes (Ciidae) and Aelus meliillus 
(Elateridae). In Chrysomelidae, the species Bromius obscurus is represented by diploid bisexual populations in 
North America and other apomictic triploids in Europe. The two European weevil species (Curculionidae), 
Polydrus mollis and Otiorhynchus scaber are mainly thelytoics, although some populations are bisexual 


diploids in small localities. 


In Lepidoptera, despite more than 170,000 species described, only two dozen species practice 
parthenogenesis. These species are mainly Lymantriidae and Psychidae (11 species). There is a gendered form 
of Dahlica triquetrella in Central Europe, while several diploid and tetraploid thelytok populations are 


widespread throughout Europe and North America. 
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Flies (Dipteran Orders), parthenogenesis has appeared in at least 11 families with more than 150 000 species : 
Chironomidae, Hybotidae, Agromyzidae, Cecidomyiidae, Psychodidae, Sciaridae, Ctenostylidae, 
Lonchopteridae, Simuliidae, Ceratopogonidae and Chamaemyliidae. Half of the Chironomidae taxa studied 
appear parthenogenetic. This strategy seems to have been selected to survive extreme environmental 
conditions, particularly cold (altitude and latitude), such as Fretmoptera murphyi (Antarctica) and 
Micropsectra sedna (Canada). Others, such as Cladotanytarsus aeijparthenus and Paratanytarsus grimmii live 


in polluted or acidic waters. 


Troglocladius hajdi and Lymnophyes minimus living in the Gough and Nightingale Islands south of the Atlantic 
Ocean, or Monopelopia caraguata, Phtytelmatoclaadius delarosai and Polypedilum parthenogeneticum which 
live in small puddles (water accumulated in the leaf axil, trunk cavity, etc.)) located on terrestrial plants: 


phytotelme, from ancient Greek phyto- plant tefma-— pond. 


Sources: 


+ Gokhman V. & Kuznetsova V. (2017) : Parthenogenesis in Hexapoda : holometabolous insects. J. Zoo! Syst Evol 


Res, 56:23-34 (link(https://onlinelibrary.wiley.com/doi/pdf/10.1111/jzs.12183)) 


* Vershinina A.O. & Kuznetsova V. (2016) : Parthenogenesis in Hexapoda : entognatha and non- 
holometabolous insects. J. Zool Syst Evol Res, 54:257-268 (link 


(https://onlinelibrary.wiley.com/doi/abs/10.1111/jzs.12141)) 
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Chapter 5 
Reproduction of Earthworms: Sexual Selection 
and Parthenogenesis 


Dario J. Diaz Cosin, Marta Novo, and Rosa Fernandez 


5.1 Introduction 


Earthworms are generally considered to be cross-fertilization hermaphrodites (.e., 
using reciprocal insemination, transferring, and receiving sperm in the same copu- 
lation). Although not all earthworms use this reproductive strategy, the best known 
species, Lumbricus terrestris, is a cross-fertilization hermaphrodite and this strat- 
egy seems to be the most widespread in earthworms. Nevertheless, cases of self- 
fertilization have been reported in earthworms; Dominguez et al. (2003) discussed 
that Eisenia andrei individuals bend themselves, allowing their spermathecal pores 
to contact the ventral zone of their clitellum. The sperm is then transported from the 
male pores to the spermathecae. This finding explains why 33% of isolated indivi- 
duals in this study produced viable cocoons. 

However, hermaphroditism is not the only reproductive mechanism and 
more parthenogenetic earthworms are being discovered all the time, most of 
which are polyploid. Parthenogenetic reproduction is very frequent in the family 
Lumbricidae, with more than 30 parthenogenetic species occurring in North 
America (Reynolds 1974). Parthenogenesis has also been reported in families 
such as Megascolecids, but has not been observed in other families, including 
Glossoscolecids. 

“Asexual” reproduction by means of bipartition, stolonisation, budding, or 
similar processes has not been observed in earthworms and their ability to regener- 
ate is limited. There are several reproductive models: discontinuous, semicontin- 
uous, or continuous. In Hormogaster elisae, male and female gametogenesis are 
synchronized, beginning in autumn and ending in the summer. Male funnels are full 
of spermatozoa and the spermathecae contain spermatozoa throughout the year, but 
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two peaks of reproduction have been observed, with the largest peak occurring in 
the spring and the second peak occurring in autumn (Garvin et al. 2003). 

An excellent description of the earthworm reproductive system can be found in 
general zoology volumes and monographs such as Jamieson (2006), so it will be 
only succinctly described in the present chapter. Earthworms are usually hermaph- 
rodites in which the testes and ovaries are accompanied by a series of organs with a 
male or female function. The female components typically include the ovaries 
(generally one pair in the 13th segment), ovisacs (in the 14th segment), oviducts, 
female pores (in the 14th segment), and spermathecae (of variable position and 
number). Male components typically include the testes and male funnels (in most 
cases, there are two pairs in the 10th and 11th segments and singularly a single pair 
in the 11th segment), seminal vesicles (of variable number, with 2-4 occurring in 
segments 9-12), deferent ducts, and male pores surrounded by atrial glands that are 
more or less developed. Other organs, such as testicular sacs (Lumbricus and 
Octolasium), accessory glands (prostates), or the thecal glands associated with the 
spermathecae, may also be present. 

Some of the external reproductive organs, such as the clitellum, tubercula 
pubertatis, and sexual papillae, are developed at sexual maturity. The sexual 
papillae include modified genital chaetae and chaetal glands, which could be used 
to inject substances into the partner (see Sect. 8.2.2). 

The union during copulation, which could last between 69 and 200 min in 
L. terrestris, is secured by tubercula and quetae. Copulation can occur at the surface 
in epigeic and anecic earthworms, which increases the depredation risk, and also 
occurs in deeper layers of the soil in the case of endogeic species. The more 
primitive type of copulation seems to be a simple juxtaposition of the male pores 
of one individual and the spermathecal pores of the other, with the direct transfer of 
spermatozoa. The presence of a penis has been observed in some cases, which in 
reality seems to be just an elevated papilla, as in the case of some Pheretima 
species. 

In most of the species in the Lumbricidae family and in other families, the 
clitellum moves backwards and seminal groves are developed from the male pores 
to the tubercula pubertatis. Spermatozoa flow through the seminal groves to get into 
the partner’s spermathecae pores. Details of sperm transfer are not well known with 
the exception of a few species such as Pheretima sp., in which, according to Tembe 
and Dubash (1961), the sperm appears to be transferred sequentially, passing first to 
the anterior spermathecae and later to the posterior ones. 

Bouché (1975) indicated that spermatophores have been observed in more than 
20 species of lumbricids. Spermatophores are small capsules that adhere to the body 
wall and can be iridescent and full of spermatozoa. Their function is not clear. It has 
been suggested that the spermatophores may play a role in sperm transfer (Edwards 
and Bohlen 1996), thus avoiding sperm digestion in the spermathecae and fertiliz- 
ing the ova during cocoon formation Michiels (1998). Nevertheless, Monroy et al. 
(2003) showed that spermatophores have no effect on the reproductive success of 
Eisenia fetida and were not able to demonstrate the specific function of these 
capsules. 
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Complex precopulatory behaviors have been described in partner selection in 
some species, including L. terrestris, in which individuals perform visits to their 
neighbors’ burrows (Nuutinen and Butt 1997; Michiels et al. 2001, see Sect. 8.2.1). 
Development is direct in earthworms. Fertilization occurs within cocoons and one 
or more juveniles are produced for each cocoon. 

The presence of parthenogenesis in earthworms was first observed many years 
ago, thanks to the contributions of authors such as Omodeo (1951), Casellato 
(1987), Jaenicke and Selander (1979) and Victorov (1997), among others. 

Reynolds (1974) pointed out that in North America 35 species are anphimictic, 
11 probably sexual, 4 facultative parthenogenetic, 1 possibly parthenogenetic, and 
30 parthenogenetic. Casellato (1987) cited 25 parthenogenetic species or subspe- 
cies (12 of which had even ploidy numbers and 13 of which showed odd ploidy) and 
Victorov (1997) pointed out that in Russia, the number of polyploids almost equals 
the number of diploids, with a ratio of 46 polyploids: 52 diploids. He observed that 
polyploids (in cases of sympatry) tend to occupy the margins of the distribution 
areas. According to Edwards and Bohlen (1996), the association between partheno- 
genesis and high polyploidy in earthworms produces an unexpected level of 
heterozygosity, an advantageous condition that provides resistance to environmen- 
tal stress. 


5.2 Sexual Selection in Cross-Fertilization Earthworms 


In simultaneous hermaphrodites, a trade-off between male and female sexual 
functions is expected because the two sexes share limited resources from the 
same individual. In addition, the strategy that maximizes fitness is different for 
the male and female functions. This has been explained previously by Bateman 
(1948), who showed that the higher the number of partners, the higher the fitness for 
the male function because it produces small sperm cells. Nevertheless, female 
function maximizes its fitness by seeking high quality mates because it produces 
large eggs and this function has to invest in cocoon production. As a consequence, 
there is a conflict between the sexes. Indeed, Porto et al. (2008) found a negative 
relationship between the present investment in male function and the future fertility 
of the female function in their research on E. andrei. Sexual selection is expected to 
occur because of female function as long as a sufficient number of mates are 
available. 


5.2.1 Precopulatory Sexual Selection 


Copulation is very costly and involves sperm and mucus production and long 
periods of time. Consequently, precopulatory selection is expected in environments 
where the density of earthworms is high. 
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One of the factors that could influence precopulatory sexual selection is the 
female fecundity of the partner, which may be related to body size. Large earth- 
worms have not been found to produce more cocoons (Tato et al. 2006; Butt and 
Nuutinen 1998) but they do tend to produce heavier cocoons and larger offspring 
(Michiels et al. 2001). Size-assortative mating was indeed observed in the field for 
the epigeic E. fetida (Monroy et al. 2005) and for the endogeic H. elisae (Novo et al. 
in press), as well as in laboratory experiments for the anecic L. terrestris (Michiels 
et al. 2001). Earthworms selected similar-sized partners. Because every earthworm 
seeks a bigger partner, equilibrium is finally reached, resulting in partners with a 
similar weight, thus balancing the expectations of both mates on female and male 
functions. In the particular case of epigeic and anecic worms, which can copulate at 
the surface, this general tendency could be reinforced by a trade-off; worms can 
either select a bigger, more fecund partner or a smaller partner, which would 
decrease the risk of predation. 

In ongoing laboratory experiments with H. elisae, we have observed that there is 
no such size selection in virgin individuals, although the bigger virgin individuals 
always managed to copulate so they seem to be more desirable. 

Aside from size, reciprocation is sought from a potential partner. In simulta- 
neous hermaphrodites, the primary purpose of mating is to fertilize the eggs of their 
partners, rather than to fertilize their own eggs. Therefore, the conflict of two 
earthworms copulating would be the amount of sperm that each of them is allowed 
to give (Michiels 1998). 

Finally, the quality of the place where cocoons are deposited after copulation 
and the suitability of the burrow for offspring development (i.e., the moisture or 
litter content) could be important factors for precopulatory assessment. Ortiz- 
Ceballos and Fragoso (2006) studied parental care in Pontoscolex corethrurus 
and Balanteodrilus pearsei. They found that both species build up a chamber that 
they periodically clean and surround with fresh casts where a single cocoon is 
deposited. Grigoropoulou et al. (2008) observed that L. terrestris deposits the 
cocoons inside burrows, which may offer a protective location from the physical 
environment or may represent parental investment as they were also found to be 
coated with earthworm casts. These casts could be a means of maintaining the 
moisture content or protecting cocoons from predators. 

The mechanism through which earthworms choose a mate, assess size, test 
reciprocity, or assess the burrow quality of their potential partners remains 
unknown, although there are some data on these factors. Chemical cues have 
been suggested in earthworms as a mechanism of finding and attracting the mate 
(Olive and Clark 1978; Edwards and Bohlen 1996). 

Grove and Cowley (1926) suggested the existence of a courtship in EF. fetida as 
they observed short and repeated touches between partners before mating. This type 
of contact, executed with the prostomium, was also observed by Nuutinen and Butt 
(1997) in L. terrestris and could last 90 min. The prostomium has been described as 
a sensory lobe with many chemoreceptors or sensory cells (Wallwork 1983). 

During contact, the clitellum and associated structures could be indicators of 
female functionality and glandular margins of the male pores could be indicators 
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of male functionality. These structures could provide a means of evaluating the 
partner and assuring reciprocation. Reciprocation can also be assured by increasing 
the copulation time, which would prevent the partner from copulating with other 
earthworms. In addition, Nuutinen and Butt (1997) observed that L. terrestris 
visited the potential mate’s burrow by inserting its anterior segments, but retaining 
the posterior segments in their own burrows, as a mechanism to evaluate the 
quality. 

In case of the size assessment, it is also suggested that assortative mating could 
be due to a physical incompatibility of the copula among individuals of different 
sizes (Michiels et al. 2001), although this incompatibility would only result from 
large differences in size. 

These selective forces depend on other factors, such as the density of earth- 
worms or the distance of potential mates. Indeed, the low dispersal ability of these 
animals provides a restriction in the number of available mates. Earthworms have 
low migration rates, with observed natural dispersal rates of only 1.4—9 m year! 
(Ligthart and Peek 1997; Hale et al. 2005) and are therefore expected to mate with 
partners living in their vicinity. In addition, in the case of the earthworms who 
copulate at the surface, a smaller distance to the partner would also minimize the 
risk of predation. There is evidence for this selective limitation produced by 
distance. Nuutinen and Butt (1997) investigated burrow visit patterns in L. terrestris 
and found that the nearer the burrow opening was, the more visits the worms made 
to assess the potential partner quality. In addition, Sahm et al. (2009) showed mate 
choice in the same species for its closest partner and Novo et al. (in press) found that 
H. elisae do not move long distances to find mating partners. Nevertheless, this low 
dispersal could cause inbreeding, which is generally accepted to be unadaptative 
and would reduce the fitness of the offspring. Partner selection has not been found 
to be dependent on relatedness (i.e., kin recognition), and Novo et al. (in press) did 
not find a correlation between mating probabilities and the level of heterozygosity 
in H. elisae. Regarding this, differential investment in offspring is thought to occur 
(Velando et al. 2006, see Sect. 8.2.2). 

Finally, parasite concentrations may influence mate choice, since they can have 
a negative effect on earthworm growth as shown by Field and Michiels (2005) for 
the association between Monocystis and L. terrestris. In addition, earthworm skin 
color could be positively correlated with parasite concentration (Field et al. 2003), 
which could be a sign used to evaluate partners. Nevertheless, Sahm et al. (2009) 
failed in an attempt to show a relationship between parasite concentration and mate 
choice, and more studies are needed to assess this correlation. 


5.2.2 Postcopulatory Sexual Selection 


In spite of the precopulatory sexual selection, multiple mating is common in 
earthworms (Monroy et al. 2003; Sahm et al. 2009; Novo et al. in press) and all 
the allosperm received is stored and sometimes mixed (Novo et al. in press) in the 
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spermathecae. Therefore, postcopulatory sexual selection such as sperm competi- 
tion (Parker 1970) or cryptic female choice (Thornhill 1983) could be expected. 

The sperm remains viable in the spermathecae until fertilization. Butt and 
Nuutinen (1998) observed that L. terrestris was capable of successfully maintaining 
the received sperm up to 6 months. Meyer and Bowman (1994) reported that 
E. fetida continued cocoon production for up to 12 months after the earthworms 
were isolated from their partner, although these authors did not measure viability. 
Garvin et al. (2003) reported spermathecae full of spermatozoa during diapause in 
H. elisae. This would be advantageous for species with poor dispersal capacities or 
for species that occur in low densities that can copulate at any time of the year. 

The maintenance of sperm for such a long time implies the existence of some 
kind of preservation mechanism. There is evidence suggesting that the spermathe- 
cal epithelium actively contributes to the successful maintenance of sperm by 
providing a favorable luminal environment (Grove 1925; Varuta and More 1972) 
or by producing nourishing substances (Vyas and Dev 1972; Jamieson 1992; Novo 
et al. (unpublished data)) 

A possible mechanism for postcopulatory sexual selection developed by the 
recipient is sperm digestion. Richards and Fleming (1982) observed spermatozoal 
phagocytosis by the spermathecae of the facultative parthenogenetic Dendrobaena 
subrubicunda and other lumbricids. This is likely related to the removal of aging or 
aberrant sperm during the months when cocoon production was minimal. Novo 
et al. (unpublished data) found sperm degeneration in the central area of spermathe- 
cae from H. elisae (Fig. 5.1a, b). These authors also observed sperm intrusions into 
the epithelium of spermathecae with high sperm contents, although these intrusions 
seemed to occur in areas where the sperm sought more nutrients rather than 
phagocytosis processes (Fig. 5.1c). Future ultrastructure studies will shed light on 
these mechanisms. 





Fig. 5.1 Histological preparations of the spermathecae from H. elisae. Sperm degeneration (a and 
b in detail). Sperm intrusions in the epithelium of the spermathecae (c) 
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Another strategy for cryptic female choice could be the differential storage of the 
received allosperm within the spermathecae. The recipient can control the storage of 
sperm by increasing the complexity of these organs. Different species of earthworms 
have different numbers of spermathecae (Sims and Gerard 1999), although Novo 
et al. (in press) demonstrated using microsatellite markers that the four spermathe- 
cae from H. elisae contained sperm from the same individuals. Grove and Cowley 
(1926) observed that the transmission of sperm in E. fetida typically occurs on both 
sides of the individual, whereas in L. terrestris some individuals were found to have 
spermatophores on only one side of their body (Butt and Nuutinen 1998). 

Moreover, some earthworms present different sperm loads within a single 
spermathecae. This has been observed in some hormogastrids (Qiu and Bouché 
1998), and in Megascolides australis, in which spermatozeugmata (i.e., sperm in 
orientated bundles) were reported by Van Praagh (1995). In addition, the sper- 
mathecae may include one or more diverticula that arise from the duct (Butt and 
Nuutinen 1998). 

Finally, the amount of sperm stored in each spermatheca could be controlled, 
and this occurs for L. terrestris, which predominantly store sperm in the two 
posterior spermathecae when there is no injection of allohormones (Koene et al. 
2005, see later). Garvin et al. (2003) also observed that the second pair of sper- 
mathecae seems to be the main recipient of spermatozoa in H. elisae. However, 
Velando et al. (2008) showed that F. andrei distributes the sperm equally among the 
four spermathecae. 

Cryptic female choice may also be achieved through differential investment in 
offspring. Velando et al. (2006) found that E. andrei adjusted the breeding effort to 
the degree of mate relatedness, showing that inbreeding and outbreeding cause a 
strong reduction of cocoon production, especially in genetic lines with high repro- 
ductive rates. 

Sexual selection drives the evolution of strategies that increase the chances of 
fertilization for the donated sperm as a means of increasing paternity. Some of these 
strategies have been observed in earthworms. Velando et al. (2008) reported a 
behavior that could promote sperm competition in E. andrei, which can have a high 
degree of control over their own ejaculate volume after evaluating their partners. 
This species donated three times as much sperm as they did normally when mating 
with a nonvirgin mate. Moreover, such increases were greater when the worms 
mated with larger partners. Marifo et al. (2006) also showed a sperm trade in 
E. andrei, which adjusted the amount of sperm they release to the volume they 
receive from their mating partner during copulation. In addition, the total sperm 
volume they found in the spermathecae was correlated to the recipient’s body mass, 
indicating that this adjustment is in accordance with the quality of the partner. 

Koene et al. (2002) proposed that during mating, L. terrestris use their copula- 
tory setae to pierce their partner’s skin to inject an allohormone produced by the 
setal glands which manipulates the reproductive physiology of the partner and 
damages the body wall. The injection of this substance provokes a higher uptake 
of sperm, a more equal sperm distribution over the four spermathecae, and an 
increase the amount of time occurring before the next mating. The damage caused 
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by the injection itself could incur a considerable cost that inhibits another mating 
(Koene et al. 2005). 


5.3 Parthenogenesis 
5.3.1 Definition 


Parthenogenesis is a very wide collective concept. Historically, classical authors 
addressed this concept on several occasions; although not defining the concept or 
providing an experimental approach, authors posed hints regarding the existence of 
this kind of reproduction. Although Bonnet provided experimental proof for this 
kind of reproduction in aphids in 1762, it was not until 1849 that Richard Owen 
coined the term. He defined parthenogenesis as “procreation without the immediate 
influence of a male’. As this general concept could include several typically asexual 
modes of reproduction such as fission or budding, several authors attempted to 
create new definitions for this term. A century later, Suomalainen (1950) defined it 
as “the development of the egg cell into a new individual without fertilization”. 
Later, Beatty (1957) defined it first as “the production of an embryo from a female 
gamete without the concurrence of a male gamete, and with or without eventual 
development into an adult”, but modified the definition in 1967 (Beatty 1967) by 
substituting “without any genetic contribution from a male gamete” for “concur- 
rence of a male gamete”. In this way, Beatty extended the definition to include 
special types of parthenogenesis such as gynogenesis. Nevertheless, all of these 
definitions give rise to some terminological difficulties. 


5.3.2 Types of Parthenogenesis in Earthworms 


Several classifications have been used to define the different types of parthenoge- 
netic mechanisms. To understand earthworm classification of parthenogenesis, it is 
worth mentioning the classifications proposed by Thomsen (1927); Ankel (1927); 
Suomalainen (1950) and White (1973); these are mainly based on the mode of 
reproduction, sex determination, and cytology. 

The system of classification proposed by Thomsen (1927) and Ankel (1927) 
points out two main points: the zygoid—azygoid status of an individual and the 
maintenance of the zygoid chromosome number. It includes two main categories: 
generative or haploid parthenogenesis (in which chromosome reduction takes place 
in the eggs, and consequently the parthenogenetic offspring have an azygoid — 
haploid-number of chromosomes), and somatic parthenogenesis, in which parthe- 
nogenetic offspring have a zygoid—diploid or polyploid-chromosome number. 
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The difference between the two categories basically depends on the absence 
(apomixis) or presence (automixis) of chromosome conjugation and reduction. 
Both concepts are synonymous with White’s concepts of ameiotic and meiotic 
parthenogenesis, respectively. 

When considering sex determination, it is especially useful to use the classifica- 
tion of parthenogenesis proposed by Suomalainen et al. (1987): arrhenotoky, 
thelytoky and deuterotoky, or amphitoky (unfertilized eggs producing only male 
descendants, only females, or descendants of both sexes, respectively). 

Parthenogenetic earthworms are generally automictic and thelytokous. Follow- 
ing the cytological studies of Muldal (1952); Omodeo (1951, 1952, among others) 
and Casellato and Rodighiero (1972), there is a premeiotic doubling of the chromo- 
some number at the last oogonial divisions resulting in endomitosis, followed by 
the formation of chiasmatic bivalents and regular meiosis with the extrusion of two 
polar bodies. The genetic consequences of this cytological mechanism are similar 
to those of apomixis (i.e., the formation of clonal animals), as synapsis is restricted 
to sister chromosomes that are exact molecular copies of one another. The immedi- 
ate genetic consequence of this mechanism is that heterozygosity is maintained. 
Following White (1973), all bivalents are structurally homozygous and multiva- 
lents are never formed. Consequently, this kind of reproduction is perfectly com- 
patible with different degrees of polyploidy, especially in odd-numbered levels 
(Fig. 5.2). 

Only one exception to the parthenogenetic mechanism described above has been 
found. Dendrobaena octaedra shows apomictic parthenogenesis: the chromosome 
number is not doubled in the oogonia, the chromosome number of the oocytes is 
unreduced, and there is only one equational maturation division (Suomalainen et al. 
1987). For this species, Omodeo (1953) and later Gates (1972; as explained later in 
this chapter) described different parthenogenetic forms with a huge degree of 
morphological variation, which makes it very difficult to establish the evolutionary 
relationships among them. Omodeo (1953) suggested that “it could be the result of a 
breakdown of developmental canalisation in the absence of stabilizing selection’, 
while White (1973) indicated that “it seems more likely that it indicates the 
coexistence of numerous biotypes differing significantly from one another geneti- 
cally, even if not in their visible cytology”. 

Parthenogenesis is one of the main sources of morphological variability within 
reproductive structures of earthworms. This variability is related to the reduction in 
the investment in male structures: seminal vesicles, testes, spermathecae, genital 
setae, and prostates are reduced or even lacking; there is no sperm production (1.e., 
lack of iridescence in male funnels and spermathecae); and spermatophores are 
lacking (in some cases they are produced but are invariably empty). In Octolasion 
tyrtaeum (Muldal 1952; Jaenicke and Selander 1979), male structures are not 
reduced and pseudogamy is shown: individuals copulate to exchange spermato- 
phores that are invariably empty. Thus, although spermatozoids are not necessary, 
this species needs a mechanical or chemical stimulus to trigger reproduction. 
Polymorphic degradation of reproductive structures is often observed in partheno- 
genetic organisms. In some species, such as Eiseniella tetraedra even hypergynous 
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Fig. 5.2 Automictic parthenogenesis: the genetic consequences of premeiotic restitution 


individuals (with an extra pair of ovaries) can be found (Jaenicke and Selander 
1979). However, in other parthenogenetic earthworms such as Aporrectodea tra- 
pezoides, both primary and secondary male sexual characters, such as perithecal 
papillae, tubercula pubertatis, spermathecae, swollen male porophores, and seminal 
vesicles, are retained. Recent studies show that pseudogamy is not observed in this 
species (Fernandez et al. 2010). As discussed later, this seems to suggest very 
different origins of parthenogenesis in the different species. 

Parthenogenesis is not homogenously distributed in earthworms; it is only found 
in lumbricids and megascolecids. It is curious that it is not found (or not known to 
occur) in glossoscolecids or hormogastrids; this clearly shows that their life traits or 
evolutionary histories should be completely different and that somehow partheno- 
genesis and even polyploidy are not compatible or viable in this family. 
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5.3.3. Parthenogenesis and Polyploidy 


Most part of the parthenogenetic earthworms are polyploids. Polyploidy ranges 
from tri- to dodecaploidy. From a cytogenetical point of view, automictic biotypes 
should be diploid (White 1973); nevertheless, in parthenogenetic lumbricids, poly- 
ploidy is the most common phenomenon. This is because, as explained later, the 
automictic mechanism in most lumbricids is premeiotic doubling, which leads to 
genetic consequences similar to an apomictic mechanism, leaving levels of hetero- 
zygosity unchanged from generation to generation (Suomalainen 1950). Because of 
premeiotic doubling, no multivalents are formed, so pairing only occurs between 
genetically identical sister chromosomes; this mechanism is compatible with odd- 
numbered polyploidy, as only bivalents are formed. This is the complicated chro- 
mosomal background that can give rise to different ploidy levels even within the 
same species. For example, in Dendrobaena rubida, diploid, triploid, tetraploid, 
hexaploid, and octoploid biotypes are known to occur, which clearly shows the 
extremely high liability of the genetic system. It has been proposed that automixis 
could be a step before apomixis (White 1973), which could mean that most 
lumbricids could be evolving toward an apomictic parthenogenesis. Polyploidy 
could be common in earthworms, as animals lacking the chromosomal determina- 
tion of sex are particularly prone to this kind of reproduction, which is the main 
mechanism preventing the establishment of polyploidy in animals (White 1973). 
One of the main advantages of polyploidy in parthenogenetic species is the increase 
in genetic variability. 

Since no study to date has elucidated the origin of parthenogenetic earthworms 
(as explained later in this chapter), it is not known if parthenogenetic earthworms 
may have arisen from hybridisation processes. These kinds of processes have been 
found to be very common mechanisms causing asexuality (only to the extent that 
parthenogenesis can be considered to be asexual reproduction) in animals and 
plants (Delmotte et al. 2003). Following this assumption, polyploidy (and particu- 
larly allopolyploidy) could provide important advantages, such as heterosis, to 
parthenogenetic species. This strong advantage could lead the parthenogenetic 
morphs to have more general purpose genotypes, allowing them to adapt to a 
wider range of environmental conditions than their sexual amphimictic ancestors 
(White 1973). There is much evidence that hybrid vigor could be responsible for the 
success of polyploids, but there is insufficient information to determine this with 
certainty. 


5.3.4 Genetic and Ecological Consequences of Cloning 


As stated by Hughes (1989), it is extremely difficult to define the advantages or 
disadvantages of parthenogenesis, as these depend on the situation; for some groups 
of animals, parthenogenesis is tremendously advantageous, while in others it is not. 
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Therefore, natural selection should control the pattern of occurrence in each group 
of animals. 

Using molecular tools, very different degrees of genetic variability have been 
reported in different species. Both with allozyme electrophoresis and with mito- 
chondrial gene sequencing, genetic variability was recorded as being high in 
D. octaedra (Haimi et al. 2007; Terhivuo and Saura 1996; Cameron et al. 2008) 
and Aporrectodea rosea (Terhivuo and Saura 1993; King et al. 2008), but low in 
O. tyrtaeum (Jaenicke et al. 1980; Heethoff et al. 2004) and O. cyaneum (Terhivuo 
and Saura 2003). In A. trapezoides, both mitochondrial and nuclear sequences 
resulted in an extremely high number of clones (Fernandez et al. unpublished data.). 

Judging from the number and distribution of parthenogenetic earthworms, one 
could expect that parthenogenesis is quite advantageous in this group. Parthenoge- 
netic earthworms are widespread and very abundant, especially among peregrine 
species (Blakemore 1994) such as A. rosea, A. trapezoides, or O. tyrtaeum. Hughes 
(1989) pointed out the following advantages of parthenogenesis: both high levels of 
heterozygosity and exceptionally fit genomes, which are maintained and inherited 
by avoiding recombination and segregation; high reproductive rates, which could 
potentially be doubled by avoiding the production of males (i.e., no twofold cost in 
parthenogenetic reproduction); high colonizing abilities, since there is no need to 
mate; high values of reproductive potential, enabling clones to quickly replace 
losses; advanced polymorphism generated from selection at the level of the 
genome; and the delay or prevention of senescence as somatic replicas from 
undifferentiated somatic cells are generated. In reference to the last advantage, 
Hughes (1989) pointed out that several clones of oligochaetes did not show any 
signs of senescence after having been maintained for many generations. 


5.3.5 The Species Concept in Parthenogenetic Earthworms 


Parthenogenetic earthworms were wisely defined as “systematist’s nightmares” by 
Blakemore (1999). The biological species criterion cannot be applied to partheno- 
genetic earthworms, as each individual meets the criterion of being completely 
reproductively isolated not only from the parental species, but also from every sister 
clone. Several authors have attempted to resolve this problem, but an agreement has 
never been reached. Mayr (1963) suggested that the best solution would be to use a 
morphological criterion. Following this author (1963), a parthenogenetic species 
would be the one that “results in the combination of a single species of those 
asexual individuals that display no greater morphological difference from each 
other than from conspecific individuals or populations in related bisexual species”. 
He also proposed that clones can be combined into collective species when no 
essential morphological or biological differences have been observed. To complete 
this criterion, the author also argued that if a parthenogenetic line originated from 
an amphimictic species by an irreversible chromosomal event (such as polyploidy), 
it should be considered to be a separate and sibling species, although almost no 


5 Reproduction of Earthworms: Sexual Selection and Parthenogenesis 81 


morphological differences could exist. This criterion has traditionally been used to 
define species in parthenogenetic lumbricids, though it can be difficult to apply as 
the degree of morphological variation is sometimes slight and the features defining 
parthenogenetic and even amphimictic species can overlap. This is a particularly 
big problem in complexes of very similar species containing both amphimictic and 
parthenogenetic species such as the “Aporrectodea caliginosa species” complex. In 
this context, other approaches, as discussed later, could be essential not only for 
properly defining parthenogenetic species, but also for determining the taxonomic 
status of each form in these species complexes. 

Following Gates (1974), “the species is understood to include not only the 
interbreeding population, but also all recently evolved uniparental strains, clones, 
or morphs that clearly are affiliated with it”. This statement is useful when inter- 
mediate forms are found, but still does not solve the problem of how to resolve the 
status of parthenogenetic species with unknown (or extinct) amphimictic parental 
species. Another option would be to use the phylogenetic concept of species based 
on molecular markers, which would provide information about the genetic diver- 
gence between morphs or species. However, these tools are not so well developed in 
earthworms that they could provide a good idea as to the exact amount of diver- 
gence that should be used to differentiate between species. In addition, there is 
evidence of different degrees of divergence among closely related species in the 
different earthworms groups. The best way to define a parthenogenetic species (and 
amphimictic species, particularly when dealing with complex of species) is to use 
an integrative concept of species, using ecological, behavioral, morphological, and 
molecular data. A species should not be given a name if its biology is not well 
understood, but then, it is completely necessary to name the species. Parthenoge- 
netic species are very common among the earthworms, and thus a solution needs to 
be found. The ideal study would be one using all of the available approaches to 
examine the same individuals so as not to incorporate any source of error or 
introduce any possible mistakes when identifying species. Making comparisons 
with previously published data is dangerous because different authors might have 
incorrectly identified species when dealing with parthenogenetic morphs or species 
from a complex, in which intermediate forms are typically found. The best means of 
eliminating this uncertainty is to deposit the individuals used in the experiments 
into a collection. 

Gates (1974) categorized parthenogenetic morphs of D. octaedra using the 
presence or absence of different reproductive male structures. Gates (1974) defined 
morphs lacking spermathecae, male terminalia, testes, testis sacs, or seminal vesi- 
cles or those lacking several of these structures (e.g., athecal anarsenosomphic, with 
or without testes). He also included two categories of intermediate morphs with an 
incomplete or asymmetrical deletion of the above organs: hermaphroditic parthe- 
nogenetic morphs were defined as those that had reproductive organs in a juvenile 
state, while hermaphroditic morphs used biparental reproduction and were also 
parthenogenetic. Unfortunately, few studies have demonstrated the existence of 
these forms in every parthenogenetic species; the knowledge about the extension 
and degree of parthenogenetic morphs in parthenogenetic species is quite limited. 
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This is a problem both for clarifying the taxonomy of earthworms using this type of 
reproduction, and for understanding the origin of parthenogenesis in these species. 

Gates (1974) and Blakemore (1999) suggested that parthenogenetic morphs 
should be given a name only when the parental amphimictic species can be 
determined. We totally agree with this statement. Nevertheless, as Blakemore 
suggested, the origin of the name, regardless of whether it was based on morphs 
or parthenogenetic forms, has no effect on the availability of a taxonomic name 
(ICZN 1999, Article 17.3). Moreover, Gates (1972) suggested that provision of 
names for all intermediate morphs of such species complexes was ridiculous. 

Another limitation, as stated by Suomalainen et al. (1987), is that there are still 
very few examples of taxonomic diversification beyond the species level in parthe- 
nogenetic earthworms. 


5.3.6 The Origin of Parthenogenetic Forms 


Amphimictic ancestors of parthenogenetic forms are well known in many different 
animal groups, but this is not the case for Lumbricids. Hybridization has been 
proposed several times (e.g., Suomalainen et al. 1987) as a common origin of 
parthenogenetic animal species such as fishes, lizards, and salamanders. Among 
invertebrates, there are many examples of parthenogenetic forms originating from 
Hybridization in the literature. This is the case, for example, for parthenogenetic 
forms in delphacid leaf-hoppers or stick insects belonging to the genus Acanthoxyla 
which were described as having two haploid genomes, one of which came from an 
amphimictic parental species (Buckley et al. 2008). Suomalainen et al. (1987) also 
gave some examples among invertebrates in which parthenogenesis seems to have 
arisen through a single mutational event, or through multiple events. In these cases, 
parthenogenesis was a polyphyletic condition within a single species as, for exam- 
ple, in the psychid moth Solenobia triquetrella. 

Little is known about the origin of parthenogenetic earthworms. Molecular 
biology will be very useful in shedding light on this topic. Several tools can be 
useful in reaching this goal. Traditionally, some studies using allozymes have been 
used to check genetic variability in parthenogenetic and sexually reproducing 
species that are related, such as A. trapezoides and A. caliginosa (Cobolli Sbordoni 
et al. 1987). However, the information obtained using this technique was not 
sufficient to evaluate hypotheses regarding the origin of parthenogenetic forms. 
An appropriate first approach would be to compare phylogenies using both mito- 
chondrial and nuclear genes. To determine whether parthenogenetic species origi- 
nated from hybridisation, alleles could be cloned in nuclear genes to check for the 
presence of different haploid genomes in diploid and, especially, polyploid parthe- 
nogenetic earthworms. 

As stated earlier, there is a strong variation among parthenogenetic earthworms 
regarding the type of parthenogenesis that is observed; most of the species are 
automictic, but at least one is apomictic. Similarly, some species are pseudogamic 
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while others are not; some lack spermathecae while others have an extra pair of 
ovaries. The fact that parthenogenetic mechanisms are very labile in earthworms 
provides strong evidence that parthenogens could have originated in a number of 
different ways. Molecular biology will allow us to better understand why partheno- 
genetic earthworms have been so successful. 


5.4 Conclusion 


Reproduction models in earthworms are much more variable than it could seem 
a priori. Although direct cross-fertilization hermaphroditism may be seen as the 
most usual model, it is common to find different ones as self-fertilization or 
parthenogenesis. Even within the most widespread strategy, it is possible to find 
variations, such as presence of spermatophores. 

During the last years, a great research effort has been made to shed light on some 
aspects of sexual selection, such as mate assessment, copulatory behavior, and sperm 
competition. Nevertheless, very interesting processes as origin and maintenance of 
parthenogenesis in earthworms are mainly unknown. Deeper research on both aspects 
would allow us to better understand the reproductive biology of these animals. 
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Here's Why Virgin Birth Is Scientifically Possible 


JENNY GRAVES 24DEC 2015 


This article was written by Jenny Graves from La Trobe University, and 
was originally published by The Conversation. 


Christmas seems an appropriate time to ask whether it’s biologically 
possible to have a virgin birth. And you may be surprised to hear that 
it is possible - just not for humans, or any other 

mammals. Experiments with mice and other mammals show an egg 
must be fertilised with a sperm to kick off development of any kind. 
Just stimulating a mammal egg with chemicals or electricity doesn’t 
trigger it to divide normally. 


It seems you need particular proteins from sperm to set up waves of 
calcium ions in the egg, which trigger further changes leading up to 
copying all the DNA and chromosomes, and dividing into two cells. 


But you need more than just a protein trigger supplied by the sperm. 
You also need two copies of each chromosome in the fertilised egg. 
Normally one set is provided by the mother (in the egg nucleus) and 
one by the father (in the sperm nucleus). 
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Here's Why Virgin Birth Is Scientifically Possible 
You can engineer a mouse egg to have both nuclei from the same sex, 
but this doesn’t work. An egg with two maternal nuclei goes some of 
the way to making an embryo, but it shrivels up because there is little 
development of placenta. If both nuclei come from a male there is the 
opposite problem: a lot of placenta but hardly any embryonic 
development. 


But why not? 


It turns out that there are more than 30 imprinted genes that are 
active only if they come from a father through sperm. There are 
another 30 plus that are active only if they come from the mother. So 
genomic imprinting prevents virgin birth in all mammals, including 
humans. 


Genomic imprinting is the different activity of genes according to 
which parent they come from. It was discovered in the 1990s, with its 
mechanism only sorted out in the last decade. It seems that the 
inactive gene is not mutated, but is silenced by attaching chemical 
groups to the DNA. These chemical groups are put onto genes in the 
testis or the ovary, and are removed during growth of the embryo. 


Evidence that this silencing messes up uniparental embryos comes 
from engineering mice in which the imprinting process on one key 
gene is disrupted, leading to viable embryos with two mothers. 


But it’s still a mystery as to why imprinting evolved. Was it selected for 
because it prevented virgin birth? Or was it the result of a war 
between the mother’s and father’s genes? This 'sexual antagonism’ is 
suggested by the functions of many of the imprinted genes. 


Generally, active genes from the father directly or indirectly promote 
growth, whereas active genes from the mother suppress growth. It 
has been suggested that the father's genetic interests are best served 
by producing the biggest, toughest baby, whatever the cost to the 
mother (you can always find another female to mate with). The 
mother’s genetic interests are best served by limiting the claims on 
her health and energy so she can survive to bear more children. 


Virgin birth in other animals 
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Here's Why Virgin Birth Is Scientifically Possible 
But virgin birth is possible, if you're a reptile or a fish. For instance, 
pythons and Komodo dragon females that were long isolated were 
found to produce young that had only genes from the mother. It now 
seems to be an option in some snake species, and is known in several 
species of shark. Handy when there are no males around! 


In fact, there are several lizards that are exclusively female. Some 
whiptail and gecko species in the arid southwest of the USA and the 
hot and dry interior of Australia have females whose unfertilised eggs 
develop fully - all into daughters. 


The process is called parthenogenesis (literally ‘virgin creation’). The 
animals that practise it (snakes, sharks and lizards) don’t have to worry 
about genomic imprinting, which does not occur in egg-laying animals. 


There are several ways reptiles can accomplish this. A female can 
make fertile eggs with the right number of chromosomes either by 
fusing an egg cell with another cell with one set of chromosomes. 
Alternatively the egg progenitor can undergo a variant form of division 
that leaves two copies of the genome. 


This isn’t exactly cloning, because the mother’s gene copies are 
scrambled, but it does mean that all the genes of the offspring come 
from the mother. 


Why sex? 


The occurrence of parthenogenesis in reptiles poses a puzzle: what is 
the point of sex anyway? Wouldn’t your genes do better in the 
evolutionary race if your offspring received genes only from you? This 
‘twofold cost of sex' has been a serious question in the field for 80 
years. 


The answer seems to be that although parthenogenesis works fine in 
the short term, it will always lose out in the long run because 
recombining two genes each generation is a great way of scrambling 
the combinations of proteins that pathogens see. 


A pathogen that can infect one individual can also infect others with 
the same genes, so it’s no point in having many cloned copies. For 
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instance, the female-only Australian gecko is very susceptible to mite 
infestation. 


So the answer to the question of whether virgin birth is a real 
possibility is: yes, unless you are a mammal. 


Jenny Graves, Distinguished Professor of Genetics, La Trobe University 


This article was originally published by The Conversation. Read the 
original article. 
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Parthenogenesis and Natural Clones 
Robert C. Vrijenhoek 


Rutgers Univers ity 


I. Parthenogenesis and Asexual Reproduction 
Il. Origins of Parthenogens 
Ecological Considerations 
Evolutionary Considerations 
V. Parthenogens as Study Organisms 


GLOSSARY 


amphimixis Sexual reproduction; the mixing of the genes 
from two distinct individuals; involving the recombina- 
tional effects of meiotic reduction and fusion of gametes. 

apomixis Asexual reproduction without chromosome reduc- 
tion or fusion of gametes; ameiotic parthenogenesis; retains 
parental heterozygosity. 

automixis Asexual reproduction with chromosomal reduc- 
tion but without fusion of gametes; meiotic parthenogene- 
sis; rapidly leads to complete homozygosity. 

endoduplication Duplication of the entire chromosomal set 
without cell division prior to meiosis. 

gynogenesis Sperm-dependent parthenogenesis; sperm are 
used to activate embryogenesis but fusion of egg and sperm 
nuclei does not occur; pseudogamy. 

hemiclone A haploid clonal genome that is transmitted with- 
out recombination by hybridogenetic females. 

hybridogenesis The perpetuation of a hybrid genotype (AB) 
by hemiclonal inheritance in which the maternal genome 
(A) is transmitted to eggs; the paternal genome (B) is dis- 
carded during oogenesis and restored by true fertilization 
with sperm from males of a sexual host species B. 

pseudo gamy Sperm-dependent parthenogenesis in plants; 
pollen is required to activate seed development, but the 
seed nucleus is produced clonally. 

tychoparthenogenesis Occasional or accidental parthenoge- 
netic development in unfertilized eggs. 


Pr theaoweacsis (virgin birth) is reproduction via 
eggs but without sex. Eggs develop into new individ- 
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uals without fertilization by sperm. Parthenogenetic 
lineages occur in many plant and animal taxa, and 
they may flourish under a variety of ecological condi- 
tions. Nevertheless, individual clones are believed to 
be evolutionary dead ends, because they lack the 
ability to respond genetically to changes in their 
physical and biotic environments. 


I. PARTHENOGENESIS AND 
ASEXUAL REPRODUCTION 


Reproduction does not require sex, or amphimixis, 
a complex process that involves two basic elements: 
(i) meiotic reduction-chromosomal segregation, 
assortment, and crossing over that generate an im- 
mense variety of haploid gametes; and (ii) syn- 
gamy-fusion of gametes that produces unique new 
individuals in each generation. Mixing the genotypes 
from different individuals (recombination) is the es- 
sential characteristic of sex in eukaryotic organisms, 
and circumvention of these processes leads to parthe- 
nogenesis and cloning. 

Vegetative reproduction (budding, fragmentation, 
fission, etc.) is common in plants and some inverte- 
brate animals. Although comparable to partheno- 
genesis in producing clones, vegetative modes of 
reproduction should be distinguished because they 
do not involve ege production and meiotic pro- 
cessing of chromosomes. Chromosome processing 
may be necessary to reset imprinted DNA methyla- 
tion patterns and restore developmental totipotency 
in some organisms. Additionally, fertilized seeds and 
eges (and subsequent larvae) are often the essential 
dispersal phase of many plants and animals. In most 
cases, vegetative propagules tend to remain close to 
the parent organism. Corals ordinarily reproduce by 
budding, but they employ sexual reproduction to 
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produce planula larvae, the dispersal phase of the 
life cycle. In an ecological sense, vegetative reproduc- 
tion is more appropriately compared with growth 
than reproduction. 

Cyclical parthenogenesis alternates between sex- 
ual and asexual egg production. Because cyclical par- 
thenogens engage in periodic recombination, they 
are facultatively sexual. The cladoceran waterflea, 
Daphnia pulex, produces a new assemblage of clones 
after each cycle of sexual reproduction. Sexual repro- 
duction generally is stimulated by high density or 
other forms of stress and is used to produce the 
overwintering eggs. However, some populations oc- 
curring at high latitudes and in more permanent 
bodies of water have given rise to obligately parthe- 
nogenetic lineages that no longer reproduce sexually. 

‘True parthenogenesis is a strictly clonal form of 
reproduction that transmits the female's diploid (or 
polyploid) genome to eggs, which develop spontane- 
ously into genetically identical daughters. ‘The termi- 
nology favored by botanists is more precise in its 
distinction among cytological mechanisms involved 
in the production of eggs. The term apomixis (ameio- 
tic parthenogenesis) is used to describe zygote pro- 
duction without chromosomal reduction (some fe- 
seatchers include vegetative reproduction under 
apomixis). Some apomicts eliminate the reductional 
division (meiosis I) and produce nonrecombinant 
eggs with a single equational division (meiosis I]). 
Other ameiotic methods of egg production are 
known and the primary genetic consequences are 
strict clonal inheritance and retention of the maternal 
level of heterozygosity. 

In contrast, automixis (meiotic parthenogenesis) 
restores diploidy by fusing various meiotic products. 
For example, some free-living Rhbabditis nematodes 
fuse the second polar body with the egg nucleus. In 
most cases, automixis is comparable to self-fertiliza- 
tion and quickly leads to complete homozygosity. 
Some automicts produce normal haploid ova and 
then duplicate the generative nucleus in a subsequent 
mitotic division. Fusion of these mitotic products 
restores diploidy but leads to complete homozygosity 
in one step. Once automicts are completely homozy- 
gous, inheritance is effectively clonal. 

Most parthenogenetic animals are functionally 
apomictic. They retain elements of meiosis while 


circumventing chromosomal recombination and re- 
duction. For example, parthenogenetic whiptail liz- 
atds of the genus Czemidophorus duplicate the entire 
chromosomal complement prior to meiosis, a process 
known as endoduplication. Because synapsis occurs 
between the duplicated pairs of chromosomes, mei- 
otic recombination is genetically inconsequential. 
Eges contain a functionally nonrecombinant version 
of the maternal genotype. A great variety of function- 
ally apomictic mechanisms are known. Their com- 
mon theme is the circumvention of reduction and 
recombination. Many parthenogenetic animals arose 
as hybrids, and functional apomixis effectively pre- 
serves their hybrid genotypes. Why functionally apo- 
mictic animals are more common than true apomicts 
is not understood. Perhaps, chromosomal processing 
during prophase of meiosis I is necessary for normal 
embryonic development. 

Sperm-dependent modes of parthenogenetic re- 
production also are known. Dandelions in North 
America (they were introduced from Europe) are 
pseudogamous apomicts: Pollination is necessary to 
activate development of endosperm tissue in the 
seed, but the generative nucleus develops apomicti- 
cally. Pseudogamy is more commonly called gyno- 
genesis in animals (Fig. 1). Despite the need for 
sperm, pseudogamous inheritance is strictly mater- 
nal and clonal. The fall cankerworm moth, A/sophila 
pometaria, has pseudogamous lineages that use 
sperm from males of a coexisting sexual lineage, but 
gynogenetic fish such as the Amazon molly, Poecila 

Jormosa, use sperm from males of closely related 
sexual species. The need for sperm produces a kind 
of host-parasite relationship between sexually repro- 
ducing sperm donors and all-female gynogens. How- 
ever, pseudogamous planarians are hermaphrodites, 
and they can use their own sperm. Although pseu- 
dogamous forms are not parthenogenetic in the strict 
sense (i.e., virgin birth), genetic consequences are 
the same: Syngamy does not occur and inheritance 
is clonal. Nevertheless, sperm-dependent versus 
sperm-independent forms of parthenogenesis func- 
tion under very different ecological constraints. 

Hybridogenesis, an unusual form of matrilineal 
inheritance that perpetuates a hybrid genotype, com- 
bines elements of parthenogenesis and sexual re- 
production. The hybridogenetic fish Poecihopsis 


Parthenogenesis and Natural Clones 697 


GYNOGENESIS 


ae SD Ea 


Ce OD BET) 


HYBRIDOGENESIS 


FIGURE 1  Gynogenetic and hybridogenetic reproduction in all-female fish (genus Poeciliopsis) of hybrid origin. The letters M 


and L represent whole chromosome sets from the sexually reproducing progenitors, P. monacha and P. lucida. The triploid 


gynogen, P. monacha-2 lucida (or MLL), has one set of monacha chromosomes and two sets of lucida chromosomes; and the 


diploid hybridogen, P. monacha-lucida (or ML) has one set of chromosomes from each species. Both the gynogen and hybridogen 


are pictured mating with males of P. lucida. During gynogenesis, the entire triploid genome, MLL, is transmitted between 


generations without recombination. Different markers associated with the sperm source (L, L’ L", etc.) are not incorporated or 


expressed in the offspring. During hybridogenesis, only the haploid M genome (hemiclone) is transmitted to eggs. The paternal 


L genome is replaced in each generation. 


monacha-lucida is a hybrid between the sexual species 
P. monacha and P. lucida. It is easier to describe 
hybridogenesis if we substitute the letters w and L 
for monacha and lucida chromosome sets of the hy- 
brid (Fig. 1). Just before meiosis, these ML hybrids 
discard the L chromosomes. Functional eggs contain 
only anonrecombinant ™ set that must fuse with 
sperm provided by P. lucida males, producing a new 
hybrid, #z' New paternal genomes (ZL, L’, L”, etc.) 
are (i) drawn anew from the sexual gene pool in 
each generation, (ii) paired with the mM genome, 
(iii) fully expressed in mz hybrids, and then (iv) 
discarded. The mw genome is called a hemiclone be- 
cause it comprises only half of the organism's chro- 
mosomal complement, and it is cloned. Popula- 
tions of P. monacha-lucida usually contain 
several hemiclones, marked by distinct ™ genomes 
that were independently derived from P. monacha. 
The European water frog, Rana esculenta, also is hy- 
bridogenetic. Hybridogenesis is also found in some 
insects, but overall it is a rare form of clonal repro- 
duction. 


Numerous variations exist on these basic themes 
of clonal reproduction and parthenogenesis in plants 
and animals. The reference by Suomalainen and co- 
workers (1987) provide a useful summary of what 
is known about cytogenetic mechanisms. 


Il. ORIGINS OF PARTHENOGENS 


Most plant and animal parthenogens (agamospe- 
cies or parthenoforms) have arisen relatively recently 
from sexual progenitors. Additionally, a large pro- 
portion of parthenogens are polyploids and many 
are interspecific hybrids. In the majority of cases, 
the sexual progenitors are extant and living sympatri- 
cally or parapatrically with the parthenogens (see 
Section III). 


A. Spontaneous Origins 


Meiotic parthenogens arise spontaneously in many 
plant and animal species. Tychoparthenogenesis (OC- 
casional development of unfertilized eggs) may be 
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favored in colonizing species that often find them- 
selves at low density and without mates. Artificial 
selection can improve the rate of tychoparthenogen- 
esis in Drosophila mercatorum, which suggests that 
automictic species such as D. mangabierai may have 
arisen spontaneously from tychoparthenogenetic an- 
cestots. Nevertheless, the transition to automixis 
may be difficult if the sexual ancestors carry deleteri- 
ous recessive mutations. Selection will rapidly elimi- 
nate automictic lineages that are homozygous for 
such mutations and fix the "lucky" lineages that lack 
them. Colonization, founder events, and small popu- 
lation sizes can purge the genetic load of the sexual 
progenitors and facilitate the transition to automixis. 


B. Hybrid Origins 


Many apomictic and functionally apomictic par- 
thenogens arose as interspecific hybrids. All known 
asexual vertebrates are hybrids, as are many insects. 
The strong association between asexuality and hybrid 
origins led some researchers to suggest that cloning 
fixes heterosis (hybrid vigor) that may confer broad 
ecological tolerance. Although evidence exists for 
broad tolerance to physical stresses in some asexual 
plants, fish, and frogs, the phenomenon may be a 
consequence of interclonal selection for the best 
hybrid combinations rather than heterosis per se. 
Experimental studies with laboratory-synthesized 
hybridogenetic fish (P. monacha-lucida; Fig. 1) te- 
vealed that most hybrids were inferior to the parental 
forms; however, a small proportion of hybrid combi- 
nations had relatively high fitness. Fitness was not 
a consequence of heterosis; it was a consequence 
of the combining properties of parental genomes. 
Inferences about heterosis and fitness from compata- 
tive studies of natural parthenogens and their sexual 
counterparts are likely to be biased because we only 
see the successful genomic combinations in nature 
and not the failures that were purged by selection. 

The association between parthenogenesis and 
hybridization may be a consequence of hybrid dys- 
genesis. Interspecific hybridization often leads to dis- 
ruption of meiosis and sterility. Natural selection 
will preserve the lucky cytogenetic accidents that 
rescue egg production and restore or retain diploidy. 
Hybridization is one of a number of dysgenic pro- 


cesses that can produce windows of opportunity for 
the selection of ameiotic or functionally apomictic re- 
production. 


C. Parthenogenesis and Polyploidy 


The majority of unisexual vertebrates, insects, and 
plants are polyploids. Although some researchers 
have suggested that elevated ploidy may produce 
superior genetic combinations, the association be- 
tween polyploidy and parthenogenesis may also re- 
sult from dysgenic processes. Accidental fertilization 
of a diploid (unreduced) egg will produce triploid 
progeny that typically are sterile. Such events create 
another window of opportunity for the selection of 
lucky cytological accidents that rescue egg pro- 
duction. 

Prior establishment of functionally apomictic dip- 
loids can facilitate the elevation of ploidy because it 
removes the sterility barrier. For example, the trip- 
loid gynogenetic fish P. yonacha-2 lucida (3n =72; 
Fig. 1) arose by addition of a second lucida genome 
(in =24) toa P. monacha-lucida (2n =48) hybrid. 
For most polyploids, we do not know whether uni- 
sexuality or polyploidy came first or if they arose 
together. If some of these polyploids outperform 
their diploid counterparts, enhanced performance 
may be a product of interclonal selection and fixation 
of the best genomic combinations from sexual ances- 
tors rather than a direct consequence of elevated 
ploidy. 


Il. ECOLOGICAL 
CONSIDERATIONS 


All other things being equal (Le., survival, fecun- 
dity, niche requirements, etc.), an all-female lineage 
should rapidly replace its sexual relatives because a 
parthenogenetic female produces two daughters for 
every one produced by an equivalent sexual female. 
This twofold "cost of sex" may be exacerbated by 
numerous additional liabilities, such as the risks and 
energetic costs associated with finding a mate, court- 
ship, and mating itself. Despite the costs of sex, asex- 
ual lineages generally have not completely replaced 
their sexual counterparts in animal taxa that regu- 
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larly produce clones. Williams (1975) referred to this 
ecological and evolutionary problem as the "paradox 
of sex." Why does biparental sexuality predominate 
so overwhelmingly despite its costs? Ecological stud- 
ies that attempt to address this question have focused 
on the primary assumption behind this paradox- 
that all else is equal between sexual progenitors and 
derived asexual lineages. 


A. Primary Fitness (Fecundity 
and Survival) 


No investigator has succeeded in comparing the 
lifetime fertility and survival schedules of closely 
related sexual and asexual lineages in their natural 
environments, so it is impossible to say that every- 
thing else is equal with respect to primary fitness 
(fertility and survival). Some field and laboratory 
investigations have obtained data on components of 
fitness, although few generalizations can be drawn 
from the current studies. Gynogenetic and hybrido- 
genetic Poeciliopsis have fecundities that are similar 
to those of their sexual counterparts. All-female re- 
production is limited, however, by the availability of 
sperm from the sexual hosts. Parthenogenetic flies 
(Drosophila) and lizards (Lacerta) exhibit lower 
hatching rates than comparable sexual species. Fi- 
nally, automictic lineages tend to have low hatching 
success, perhaps due to expression of deleterious 
recessive genes and inbreeding depression. 

Survival differences have been observed in field 
and laboratory studies. Some unisexual fish (Phoxi- 
nus eos-neogaeus) and frogs (R. esculenta) may be 
more tolerant of thermal stresses than their sexual 
counterparts, but the differences do not appear to 
be generalizable. The roles of hybridity and selection 
for resistant clones are confounded in these organ- 
isms. Studies of survival under stress in Poeciliopsis 
revealed considerable variation among clones and no 
consistent advantage over the sexual counterparts 
for the various kinds of stress tested. 


B. Geographical Parthenogenesis and 
General-Purpose Genotypes 


Parthenogens should have superior colonizing 
abilities because they do not have to find mates when 


they initially occur at low density. Some researchers 
argue that parthenogens are general-purpose geno- 
types Gack-of-all-trades) that have wider ecological 
tolerances than their sexual counterparts. Other re- 
searchers argue that parthenogens are narrowly 
adapted fugitive species that escape from competition 
with their sexual ancestors. Biogeographical studies 
reveal that parthenogens are more frequent at the 
margins of a species range, at extreme latitudes, at 
higher altitudes, and in regularly disturbed commu- 
nities-a pattern known as geographical partheno- 
genesis. It is unclear in most cases, however, whether 
this pattern is due to enhanced colonization abilities 
of parthenogens, an inability to compete with sexual 
progenitors in ecologically central areas, or an in- 
creased tolerance of ecologically marginal condi- 
tions. 

Many widespread apomictic weeds appear to have 
general-purpose genotypes that can tolerate a wide 
range of environmental conditions. Selection in a 
varying environment should favor clones that fluc- 
tuate least in fitness. General-purpose clones may 
not be the best genotype in a particular set of circum- 
stances but, more important, they avoid being the 
worst during many circumstances. Although the 
wide geographical distribution of many asexual 
plants and animals is often cited as supporting the 
general-purpose genotype hypothesis, such taxa may 
be composed of numerous cryptic (hidden) clones, 
each with different environmental tolerances, as 
found in some asexual waterfleas, brine shrimp, 
snails, and topminnows. Furthermore, a wide geo- 
graphical distribution alone may not be sufficient 
evidence for general-purpose genotypes because a 
single widespread clone might occupy a narrow but 
universally available niche. For example, humans 
introduced dandelion (Taraxacum offieinale) clones 
to North America and their success is a consequence 
of human habitat disruption (grassy lawns). 

The fugitive species aspect of geographical par- 
thenogenesis does not apply to sperm-dependent 
parthenogens. Their colonization and competitive 
abilities are constrained by the need for sperm from 
coexisting sexual hosts. Outcompeting or geographi- 
cally escaping the sexual host will lead to their own 
reproductive failure. Hybridogenetic and gynoge- 
netic fish (Poeciliopsis) have relatively limited ranges 


700 Parthenogenesis and Natural Clones 


encompassed within the geographical limits of their 
sexual relatives and hosts, whereas some partheno- 

gens, such as the cockroach Pycnoscelus surinamensis, 
have immense distributions, all outside the range of 
the putative sexual ancestors. 


C. Niche Requirements 


The niches of parthenogenetic clones and their 
sexual counterparts appear to differ in many cases. 
A sexual population should have greater niche breath 
than a single clone if the differences between geno- 
types contribute to a wider use of resources. For 
example, it is difficult to imagine a single jack-of- 
all-trades human clone (if humans were to be cloned) 
that has the breadth of talents of the entire human 
population from which it was drawn. The difference 
in niche breadth between a sexual population and a 
single clone will result in asymmetrical competition, 
in which the sexual lineage has a greater competitive 
impact on the clone than vice versa. However, an 
assemblage of ecologically divergent clones may 
equal or exceed the niche breadth of the sexual ances- 
tors, leading to symmetrical competition and, per- 
haps, competitive exclusion of the sexuals. 

Computer simulations of these ideas revealed that 
clonal invasion of the sexual niche proceeds from 
the margins to the center of the resource distribution. 
According to the frozen niche-variation model, a di- 
verse array of clonal genotypes is frozen from the 
sexual gene pool. Interclonal selection will eliminate 
clones that overlap substantially with one another 
and the sexual ancestors and fix an assemblage of 
clones that maximally exploits the range of available 
resources. Sexual and clonal forms can coexist as 
long as competition remains asymmetrical and the 
combined niche of the clones is less than that of 
the sexuals. 

Some hybrid parthenogens appear to occupy a 
weakly contested intermediate niche between the pa- 
rental forms. However, hybrids are not necessarily 
intermediate for all niche-related characters. For ex- 
ample, some clones of the hybridogenetic fish P. 
monacha-lucida exhibit dominant phenotypes and 
extreme trophic behaviors. Hybridity does not neces- 
sarily constrain unisexual organisms to ecological 
intermediacy. Evidence also exists for niche separa- 


tion between diploid and polyploid parthenogens in 
several taxa. 


IV. EVOLUTIONARY CONSIDERATIONS 


Asexual lineages may flourish briefly in some envi- 
ronments, but most appear to be dead ends with 
limited adaptive potential. From a phylogenetic per- 
spective, obligately asexual plants and animals are 
little more than buds at the ends of branches that 
are fundamentally sexual. The rotifer class Bdelloidea 
is a notable exception. Although they appear to be 
strictly asexual, bdelloids have diversified into hun- 
dreds of morphologically distinct species that are 
classified into several families. We know of few other 
asexual taxa that have diversified in a similar way. 

Bdelloids notwithstanding, numerous theories 
exist concerning the genetic, ecological, and evolu- 
tionary benefits of sex. Theories about the origin of 
recombination and meiosis in eukaryotic organisms 
are poorly understood and beyond the scope of this 
article. However, factors that favored the origin of 
sex (e.g., recombinational repair of DNA damage) 
need not be the same as those that currently maintain 
sex in higher organisms. Critical reviews of current 
hypotheses are provided in several of the listed refer- 
ences. Some major ideas related to the maintenance 
of sex in higher organisms are outlined in the follow- 
ing sections. 


A. The Fisher-Muller Hypothesis (Sex 
Accelerates Evolution) 


Adaptation by natural selection requires heritable 
genetic variation, and sexuality generates a new array 
of genotypes in each generation. Having more varia- 
tion, sexual species should be able to adapt more 
quickly in a changing environment than asexual spe- 
cies. In the early 1930s, Ronald Fisher and Hermann 
Muller restated this hypothesis in genetic terms. 
Good mutations occur rarely (e.g., let the mutation 
rate, u, be 10°). The probability of two good muta- 
tions arising simultaneously in the same asexual 
lineage is the vanishingly small product of these 
numbers (A’ or 10°!). It is more likely that two good 
mutations will come together in the same clone if 
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the first mutation spreads to near fixation before the 
second mutation arises in the same lineage. In a 
sexual population, however, the mutations can arise 
simultaneously in different individuals, and mixis 
will bring them together as each spreads to fixation. 

Although the idea that sex is good for evolution 
seems intuitively satisfying, it suffers from several 
fundamental problems. It provides an advantage to 
sexual populations but not to the individuals that 
participate in sex. Sexual individuals will not spread 
at the expense of clones, unless the individuals also 
gain an advantage that compensates for the cost of 
males or meiosis. Furthermore, it is hard to see how 
sex could spread for the purpose of accelerating evo- 
lution of the species if evolution itself has no purpose. 
Evolution is a consequence of heritable variation 
among individuals and natural selection; it has no 
goals. Furthermore, evolving rapidly does not neces- 
sarily guarantee evolutionary success. Some "living 
fossils" such as Limulus, the horseshoe crab, and 
Lingula, an articulated brachiopod, have changed 
very little morphologically for hundreds of millions 
of years. 


B. Muller's Ratchet (Sex Is a Way to 
Get Rid of Bad Mutations) 


In 1960, Muller recognized another problem with 
the Fisher-Muller theory: The vast majority of ex- 
pressed mutations are slightly deleterious. Recombi- 
nation uncouples mutations and facilitates purging 
the bad ones. Muller suggested that slightly deleteri- 
ous mutations will accumulate in asexual lineages 
and hitchhike along with the rare good mutations. 
Clones with the lowest genetic load may be lost due 
to genetic drift in finite populations. Except for the 
exceedingly rare back-mutation, the expected fate 
of an asexual population is to ratchet forward with 
deteriorating fitness. Other researchers have exam- 
ined this problem in greater mathematical detail and 
refer to the mutational meltdown of clones. Despite 
the attractiveness of this argument, the evolutionary 
time scale for Muller's ratchet makes it difficult to 
imagine how it can compensate for the twofold cost 


of sex on an ecologically relevant time scale (but see 
Section IV,D). 


C. The Tangled Bank (Sex Increases 
Niche Breadth) 


Genotypic differences among individuals of a sex- 
ual species may contribute to more effective utili- 
zation of natural resources. In a heterogeneous 
environment, a sexual parent that produces diverse 
progeny may leave more offspring than a clonal 
parent that produces only one specialized type of 
offspring. Competition should be lower among the 
diverse sexual offspring than among clonal offspring. 
Thus, sexuals may gain a slight advantage over indi- 
vidual clones in a heterogeneous environment, but 
they may be eclipsed and replaced by an ecologically 
diverse assemblage of clones. Without considerable 
demographic stochasticity that leads to the random 
loss of clones, it is hard to see how this model can 
compensate for the twofold cost of sex. 


D. The Red Queen (Sex Is Needed to 
Stay in Coevolutionary Race with 
Biological Enemies) 


A consensus seems to be emerging that coevolutio- 
nary pressures from biological enemies (parasites, 
predators, and competitors) may provide sufficient 
ecological compensation for the costs of sex. Rapidly 
evolving microparasites (bacteria, viruses, etc.), be- 
cause of their short generation times and vast num- 
bers, will rapidly evolve means to avoid immune 
surveillance and exploit the most common host phe- 
notypes. This provides rare host phenotypes a tempo- 
rary advantage, until they rise in frequency and 
become the targets of newly evolved mechanisms 
of parasitic attack. Fitness of the host is frequency 
dependent, always favoring rare and different pheno- 
types, a cycle that maintains genetic polymorphism. 
Such a process would favor the parents of diverse 
offspring by spreading the risks of survival. This 
benefit is even more evident for species that brood 
their young and thereby increase the risk of con- 
tagion. 

Red Queen processes may also facilitate the ad- 
vance of Muller's ratchet. Frequency-dependent fit- 
ness will cause clones to cycle in abundance. Clones 
are more susceptible to random extinction when they 
are rare, and these losses may also remove clones 
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with the smallest load of deleterious mutations. 
Working together, the Red Queen and Muller's 
ratchet may result in a rapid decay of fitness that 
may account for the maintenance of sex on ecological 
time scales. 


V.PARTHENOGENS AS 
STUDY ORGANISMS 


Comparative studies of sexual and asexual organ- 
isms have provided considerable insight into the 
adaptive benefits of sex. Just as a physician studies 
deficiencies and diseases to understand the function- 
ing of normal health, evolutionary biologists and 
ecologists study parthenogenetic clones as deviations 
from the normal sexual processes. Understanding 
the conditions under which asexuals prosper has 
provided insight into the short-term limitations of 
biparental sex. The overall biogeographical patterns 
of asexual organisms have likewise allowed biologists 
to reject some of models for the benefits of sex. 

Efforts are also under way to compare the evolu- 
tionary longevity of closely related sexual and asexual 
taxa. Analyses of mitochondrial and nuclear genes 
provide a general picture that most asexual taxa, 
except bdelloid rotifers perhaps, arose recently and 
are relatively short-lived. Few asexual taxa have di- 
versified to the extent that a taxonomist would be 
tempted to erect new species, genera, or families. 
For the most part, clonal diversity in asexual popula- 
tions can be explained by recurrent origins of new 
clones from extant sexual progenitors. This observa- 
tion leads to a surprising conclusion that the ecologi- 
cal success of many asexual taxa may depend on 


periodic recruitment of new genotypes from the sex- 
ual gene pool. Thus, sex, and periodic recombina- 
tion, may also be essential for the ecological success 
and persistence of asexual populations. 


See Also the Following Articles 


ASEXUAL REPRODUCTION; CLONING; HYBRIDIZATION; MEIOSIS 
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ABSTRACT 


Parthenogenesis is a form of asexual reproduction 
found in females, where growth and development of 
embryos occurs without fertilization by a male. Par- 
thenogenesis occurs naturally in aphids, Daphnia, 
rotifers, nematodes and some other invertebrates but 
can also be induced efficiently in mammalian oocytes 
by providing appropriate stimuli in-vitro. Recently, 
parthenogenesis has attracted wide attention because 
of the role of activated oocytes in the field of research 
that have been described such as intra cytoplasmic 
sperm injection, cloning by nuclear transfer, somatic 
cell cloning, investigating culture conditions etc. & 
potential for deriving pluripotent stem cell lines and 
their differentiation into various cell lines that can be 
utilized for various tissue engineering applications. 
The parthenogenetically activated oocytes possess 
maternal genome and can developed in to either hap- 
loid, diploid or polyploidy embryos with the help of it 
we can analyze the possible role of all the genes in- 
volved in imprinting processes as well as the role the 
paternal genome plays during early embryo devel- 
opment by comparing them with fertilized embryos. 
Several methods are able to induce parthenogenetic 
activation through the elevation of cytoplasmic free 
calcium in oocytes. But one common, universal me- 
thod or activation agents has not been developed for 
all species because the process is highly specific for 
each species. Therefore, activation step for each spe- 
cies need to be optimized accordingly. This review 
describes the general method of activation of mam- 
malian oocytes and their genomic imprinting ana- 
lysis. 


Keywords: Epigenetic Modification; Genomic 
Imprinting; In-Vitro Maturation; Oocytes Activation; 
Parthenogenesis 
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1. INTRODUCTION 


Parthenogenesis is a phenomenon of undoubted biologi- 
cal interest which leads to the production of living young 
in many types of animals, as well as in plants. Partheno- 
genesis may initiate early embryonic development in 
mammals, and its lack of success in this class poses some 
fundamental and as yet unresolved problems regarding 
the significance of fertilization in the physiology of re- 
production and embryonic development. This is one of 
the reasons why parthenogenesis is once again an area of 
active research. An individual resulting from the devel- 
opment of an unfertilized egg is variously referred to as 
“parthenogenone”, “parthenogen”, or “parthenote”. The 
last term is American, while “parthenogenone” is pre- 
ferred in the British literature [1]. Parthenogenesis is a 
reproductive strategy typical of lower species where a 
female gives birth to offspring’s without a paternal con- 
tribution. On the contrary, parthenogenesis is not a form 
of natural reproduction in mammals even if mammalian 
oocytes, under appropriate stimuli, can undergo to par- 
thenogenetic activation. Parthenotes can be efficiently 
obtained in-vitro with a variety of mechanical, chemical, 
and electrical stimuli using oocytes of several species at 
different stages along oocyte meiosis resulting in par- 
thenotes with different chromosome complements [2]. 

Induced parthenogenesis; the experimental induction 
of parthenogenesis in mammals began with the pioneer- 
ing studies of Pincus and his collaborators in the rabbit. 
Pincus and Enzman [3] showed that the extrusion of po- 
lar bodies could be induced in-vitro not only by contact 
with sperm suspension, but also by heat treatment or 
exposure to butyric acid and hypertonic solutions. Sub- 
sequently Pincus and Shapiro [4]; described the effect of 
cold treatment on unfertilized tubal eggs in-vitro and 
claimed not only an increased incidence of cleavage but 
also the production of a living young. There has since 
been abundant confirmation of the possibility of inducing 
parthenogenetic development in mammals by experi- 
mental procedures but none of the embryos so formed 
has survived beyond the embryonic period. 
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Using gene targeting, Kono et al. [5] were able to 
manipulate two imprinted loci H19/IGF2 and DLK1/ 
MEG3 to produce bi-maternal mice at high frequency 
and subsequently showed that fatherless mice have 
enhanced longevity and in April 2004, they used par- 
thenogenesis successfully to create a fatherless mouse at 
Tokyo University of Agriculture Japan. 

The general procedure of parthenogenetic embryo de- 
velopment is almost similar to the in-vitro embryo de- 
velopment of fertilized oocytes except the step of par- 
thenogenetic activation with different activation agents 
which could either be electrical, chemical or other types 
and thus includes collection of ovaries, recovery of 0o- 
cytes, in-vitro maturation of oocytes (IVM), activation of 
oocytes with different activation agents and finally in- 
vitro development of parthenogenetic embryos. 


2. In- Vitro MATURATION OF 
MAMMALIAN OOCYTES 


Although recent efforts in in-vitro embryo production 
system have led to advances in many steps, the effi- 
ciency of in-vitro embryo production is still low with 
regards to obtaining the fully matured oocytes, as only 
30% of oocytes develop into blastocysts, probably be- 
cause the in-vitro environment cannot mimic in-vivo en- 
vironments and results in embryos with altered mor- 
phology and gene expression. Therefore, it is needed to 
standardize the culture conditions that mimic in-vivo 
embryo development [6]. The improvement of caprine 
culture system is highly desirable in terms of the produc- 
tion of preimplantation stage embryos for both biotech- 
nological studies and embryo transfer technique [7]. The 
improvement of in-vitro culture systems are important 
for production of embryos with high developmental 
competence that are used in agricultural and biomedical 
research, and animal biotechnology [8]. 

Oocytes can either be retrieved from slaughter house 
ovaries within stipulated time or from the live animals by 
different techniques. Superovulation (hormonal treatment) 
of donor is routinely done to increase number of ova 
released by the ovary. Laparoscopic ovum pick up is one 
of the best techniques because of less adhesion problems 
compared to laparotomy or surgical oocytes collection 
from live animals. The cost of oocyte retrieval from live 
animal is high due to unpredictable results and low oo- 
cytes quantity. Therefore, slaughter house ovaries are 
attractive alternative as source for oocyte retrieval as 
they are less expensive and most abundant source of 
immature oocytes for large scale production of caprine 
embryos [6]. Lesser time taken between the slaughter 
and transport of ovaries is always preferred. Time inter- 
val between collection of ovaries and harvesting of oo- 
cytes also vary from 1 hour [9] to 3 - 4 h [10-12] without 
any detrimental effects at appropriate temperature. Most 
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of the researchers observed a temperature range of 30°C - 
37°C during transport of ovary to be the optimum for 
IVMFC of mammalian oocytes [6]. 

The obvious advantage of oocyte recovery technique 
is speed of operation, quality of oocytes, and quantity of 
oocytes. Therefore, different techniques of oocyte collec- 
tion are employed in order to obtain maximum good 
quality oocytes. Follicle puncture, Ovary Slicing and 
follicle aspiration are routinely used techniques for re- 
covery of oocytes from slaughter house ovaries. How- 
ever, different views come from different researchers. 
Goat ovaries are relatively smaller in size therefore aspi- 
ration of follicular oocytes is difficult [13]. Therefore, in 
case of goat ovary, slicing and puncture techniques are 
most common in terms of obtaining good quality and 
quantity of oocytes [14]. The efficiency of in-vitro em- 
bryo production profoundly influenced by the number 
and quality of oocytes which successfully complete 
maturation. The ability to identify good quality oocytes 
prior to in-vitro maturation is the important consideration 
for in-vitro embryo production system. The existence of 
a healthy population of somatic cells surrounding the 
oocytes is mandatory to facilitate the transport of nutria- 
ents and signals into and out of the oocytes [15]. 

Selection criteria of cumulus oocyte complexes (COCs) 
are extremely important for successful in-vitro matura- 
tion. Morphology of the cytoplasm and cumulus cell in- 
vestment surrounding oocytes is the primary criteria for 
the grading and selection of oocytes for IVM. Normal 
oocytes should have cumulus cell investment surround- 
ing the zona pellucid (ZP), absence of cracked zona pel- 
lucida and absence of vesicle in ooplasm [16]. 

Presence of more and compact layers of cumulus cells 
is considered better [17]. Retrieved oocytes could be 
graded as excellent (A), good (B), fair (C) and poor (D) 
quality depending upon the cumulus investment and cy- 
toplasmic distribution. Excellent (A); Oocytes with more 
than 4 layers of bunch of compact cumulus cells mass 
with evenly granulated cytoplasm. Good (B): oocytes 
with at least 2 - 4 layers of compact cumulus cell mass 
with evenly granulated cytoplasm. Fair (C): oocytes with 
at least 1 layer of compact cumulus cell mass with 
evenly granulated cytoplasm. Poor (D): oocytes with no 
cumulus cells or incomplete layer of cumulus cell or ex- 
panded cells and having dark or unevenly granulated 
cytoplasm [12]. It is desirable to select A and B quality 
oocytes for IVMFC. 

Granulosa Cell monolayer supports cytoplasmic ma- 
turation of growing oocytes, which is evident by a better 
maturation rate, active fertilization, improved cleavage 
rate and subsequently a higher rate of morula formation 
[12,18]. Culture media supplemented with gonadotropins 
(LH and FSH) and estradiol-178 are reported to improve 
maturation rates significantly [12,19-21]. 
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In-vitro maturation can be achieved by the supple- 
mentation of 20% estrous goat serum. Supplementation 
of 20% EGS or 10% FBS + 3 mg/ml BSA in TCM-199 
medium could also be used to achieve maturation fol- 
lowed by fertilization, embryo culture, and subsequent 
embryo transfer resulted in successful birth of caprine 
kid [10,16,22]. In our previous study we found slightly 
better in-vitro maturation rate in the presence of antioxi- 
dant }-mercaptoethanol as compared to base medium 
(TCM-199 with NCS and 3 mg/ml BSA) but lesser than 
base medium containing hormones (LH-5yg/ml, FSH-5 
ug/ml, Estradiol 1 pg/ml) [21]. A significant positive 
effect of epidermal growth factor (EGF) on IVM of o0- 
cytes was reported in cattle [23], sheep [24], pigs [25], 
buffalo [26] and in goats [21]. 

Further the time required for in-vitro maturation of 
various mammalian oocytes varies depending upon their 
own complexity. The time required for in-vitro matura- 
tion of mouse oocytes is 18 h [27]; Goat, 27 h [6], Rabbit, 
14 - 15 h [28], Cat, 36 h [29], Camel, 24 - 48 h [30]. In 
that regard, bitches ovulate immature oocytes, and the 
oocytes require 2 - 5 days for meiotic maturation within 
the oviduct and remain surrounded by cumulus cell mass, 
unlike other mammals [31]. Good quality Buffalo oo- 
cytes were matured for 22 - 24 hrs. [32,33] whereas Pro- 
cine oocytes, 22 - 24 hrs [34]. 

In compare to the majority of species, porcine oocyte 
maturation occurs over a longer period and this has re- 
sulted in the development of a two-stage maturation 
process. In the first step COCs are cultured in medium 
supplemented with hormone(s) such as eCG and hCG or 
HMG for 20 - 22 h in order to enhance nuclear matura- 
tion, in the second step, COCs are cultured in maturation 
medium without hormonal supplement(s) for 18 - 24 h. 
The removal of hormones is thought to slow nuclear 
maturation and enhance cytoplasmic maturation. North 
Carolina State University medium 23 (NCSU 23) sup- 
plemented with 10% porcine follicular fluid (pFF); 
NCSU 37 medium + 10% pFF; TCM 199 medium + 
10% pFF and TCM 199 supplemented with 0.1% PVA 
are frequently used as a basic maturation medium for 
in-vitro maturation of procine oocytes [32]. However, 
Sow oocytes were significantly better than gilt oocytes 
when maturation rate, development to blastocyst and 
mean blastocyst cell number were compared. 

Maturation can be judged directly by staining their 
nuclear and chromatin structure and/or by the ability of 
the oocytes to be fertilized or activated [6]. Cytoplasm of 
the oocyte may play a crucial role in assembling the cor- 
rect metabolic environment for production of sufficient 
energy for cellular functions during maturation, cleavage 
and blastocyst formation [18]. However ooplasmic 
changes occur during oocytes maturation are still diffi- 
cult to evaluate. Cytoplasmic maturation refers to the 
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other maturation events that prepare the oocytes for fer- 
tilization and preimplantation development [35]. Degree 
of cumulus cells expansion can be used as a morpho- 
logical indicator for maturation of oocytes. So, it can be 
said that expanded cumulus cells indicates mature and 
good quality oocytes while a compact cumulus cells 
characterizes immature oocytes [36]. When fully grown 
oocytes are released from their follicles to the culture 
medium they resume meiosis spontaneously in matura- 
tion medium. The reduced development of in-vitro de- 
rived zygote suggest that the conditions of IVM do not 
support cytoplasmic maturation, so it is very important 
that the improvement of the in-vitro maturation systems 
for oocytes aimed at defining in-vitro conditions that are 
more similar to the in-vivo environment [37]. However, 
development is still compromised compared to oocytes 
matured in-vivo and further research is required to opti- 
mize maturation in all species. Therefore development of 
appropriate IVM culture conditions that can mimic in- 
vivo culture condition for each type of mammalian oo- 
cytes is essential. 


3. PARTHENOGENESIS 


Meiotic maturation of oocytes starts during the fetal de- 
velopment of mammalian females, but is arrested at the 
late diplotene stage. The ability to resume meiosis and to 
continue in maturation beyond this stage is acquired 
gradually during the subsequent period of oocyte growth. 
In fully grown oocytes, meiosis continues after germinal 
vesicle breakdown (GVBD) through the stages of meta- 
phase I, anaphase I and telophase I to the stage of meta- 
phase I], when meiosis is again arrested. The ability to 
pass through all these stages is designated as full meiotic 
competence. During the growth period, oocytes pass 
through a stage in which meiotic competence is only 
partially developed [38]. These oocytes acquire the abil- 
ity to undergo germinal vesicle break down (GVBD) and 
to enter metaphase I stage. However, they are unable to 
exit from metaphase I stage, to reach metaphase II stage, 
and to complete meiotic maturation [39-41]. Partheno- 
genetic activation of matured oocytes is a valid tool to 
assess their cytoplasmic maturation and quality. Fur- 
thermore, identification of an optimal protocol for oocyte 
activation is required for the production of genetically 
identical animals by somatic cell nuclear transfer. 

Present methods for parthenogenetic embryo produc- 
tion in-vitro depend on the use of oocytes with full mei- 
otic competence, which are present in the ovary in lim- 
ited numbers. Numerous populations of follicles with 
growing oocytes that have partially developed meiotic 
competence cannot be used for these purposes. However, 
embryos produced from these oocytes could be used for 
breeding, production of cloned or transgenic animals, or 
for preservation of endangered breeds. To this end, cul- 
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ture systems for in-vitro growth and acquisition of full 
meiotic competence of mammalian oocytes have been 
developed [42,43]. However, the processes involved in 
the acquisition of full meiotic competence are not fully 
understood. Sedmikova et al. [44] demonstrated that 
drugs elevating intracellular calcium levels can over- 
come the meiotic block in oocytes with partially devel- 
oped meiotic competence and can induce their matura- 
tion to the metaphase II stage. To achieve these results 
they used cyclopiazonic acid, the inhibitor of calcium- 
dependent ATPases, which elevates intracellular levels 
of free calcium ions through the mobilization of intra- 
cellular calctum deposits [45,46]. Successful activation 
has been achieved by a range of treatments including 
electrical stimulation, as well as chemicals such as stron- 
tium in mouse, ionomycin, calcium ionophore in cattle 
and sheep. In addition, there are many factors influenc- 
ing efficient activation; concentration of chemical agents, 
duration between fusion and activation, activation media, 
strength of electric stimulation, post-treatments such as 
cytochalasin B or D (CB, CD), cycloheximide (CHX), or 
dimethylaminopurine (DMAP) etc. Several methods are 
able to induce parthenogenetic activation through the 
elevation of cytoplasmic free calcium in oocytes. One 
common, universal method or activation agents has not 
been developed for all species because the process is 
highly specific for each species therefore, combination of 
activation agents is also applied. Similarly concentration 
as well as incubation time of the activation agents are 
also species specific and need to be optimized. 

Parthenogenesis in bovine oocytes can be induced 
with an electrical pulse [47,48], ethanol [49-51], calctum 
ionophore A23187 [52,53], cycloheximide (CHX) [54,55], 
1,4,5-inositol triphosphate [56], ionomycin [57,58], or 
strontium [59]. When ethanol was used in combination 
with CHX, the success rate for parthenogenesis was fur- 
ther enhanced [51,54]. Similarly, better results were ob- 
tained after oocytes were first treated with ethanol or 
ionomycin prior to treatment with DMAP [60]. 9% 
ethanol (5 min) followed by 6-DMAP (4 h) promoted 
optimal parthenogenetic activation of bovine oocytes 
[61]. 

Activation response in bovine oocytes by several acti- 
vation agents has been demonstrated to be oocyte age 
dependent also. Namely, the development to the pro- 
nuclear stage was investigated following activation treat- 
ment by ethanol [49,62] calctum ionophore [52,63] elec- 
tric pulse [52,62,64,65] or cycloheximide [62-64]. While 
less than 40% of the young or aged (23 - 42 h) in-vitro 
matured oocytes were activated [49,64,66]. The relation 
between activation and aging of recipient oocytes is a 
factor which affects the development of activated em- 
bryos. 

Aging of oocyte decreases the fertilization rate and the 
subsequent development [67,68]. Therefore, using young 
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recipient oocytes is attractive and may increase the over- 
all efficiency of cloning procedures if the oocytes can be 
activated adequately. Aoyagi et al. [69] demonstrated 
that, reconstituted embryos had a high developmental 
rate to the blastocyst stage when a combination treatment 
of Ca-ionophore, electric pulse and cycloheximide was 
used to activate young oocytes. Combined ethanol and 
cycloheximide treatment has been reported to effectively 
(over 90%) activate freshly matured bovine oocytes 
[51,54,62,70]. Therefore, the combined activation of 
young oocytes leads to a more efficient development of 
bovine embryos. 

Among several activating artificial agents, some pro- 
mote intracellular calcium increase, e.g. strontium [71, 
72], ionomycin [73], electric pulse [74], and ethanol [73], 
and others inhibit protein synthesis e.g. cycloheximide 
[75] or protein phosphorylation e.g. 6-DMAP [73]. In the 
case of intracellular calcium releasing treatments, iono- 
mycin induces a single increase and is frequently used in 
combination with protein phosphorylation inhibitors [73]. 
The great disadvantage of using the protein kinase in- 
hibitors or the protein synthesis inhibitors is that these 
inhibitors do not specifically inhibit the activity of a par- 
ticular kinase or the synthesis of a specific protein that 
control cell-cycle progression. However, they inhibit the 
activity of several kinases or the synthesis of several 
proteins that may be involved in other cell functions, 
whose inhibition may have a deleterious effect on the 
subsequent cellular events after oocyte activation [76]. 
Moreover, the calcium oscillations triggered by the 
sperm cells function not only in inducing resumption of 
meiosis but also in many other events [77]; for example, 
recruitment of specific maternal RNAs [78,79], which is 
essential for activation of zygotic genome [80] and may 
be extended to other unknown functions. Therefore, a 
new activation regimen without using either protein syn- 
thesis or protein phosphorylation inhibitors but with two 
trigger agents for single calcium increase effectively im- 
proved blastocyst yield. 

Strontium (divalent cation), has also shown to promote 
multiple free calcium oscillations (similar to fertilization) 
in mouse oocytes [81]. Therefore it can also be used to 
activate oocytes of various animals including cattle. Meo 
et al. [82] successfully applied strontium efficiently for 
bovine oocyte activation at 20 mM in Ca*’- and Mg”’- 
free TALP medium for 6 h. Hosseini et al. [83]; studied 
fusion pulses along with a chemical activation protocol 
and sequential use of Ca’ immobilizing agents, which 
may benefit the activation outcome in bovine oocytes. A 
combination of single, double or triple compounds of EP 
(electrical pulse), sequential combinations of calcium 
ionophore (CI), ethanol (ET), strontium (SR) along with 
6-DMAP on in-vitro matured bovine oocytes showed the 
best cleavage rates with double (SR-CI, 84.4%), triple 
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(CI-SR-ET, 79.4%) and single (CI, 73.7%) compounds, 
respectively, which were not significantly different with 
each other and with in-vitro fertilized (85.5%) oocytes. 
The highest blastocyst rates were gained with ET-SR 
(24.5%), SR-CI-ET (20.4%) and CI (24.5%) accordingly 
which were not significantly different with each other 
but significantly lower than IVF (47%). Embryo cell 
counting further confirmed reasonably better quality of 
blastocysts produced using double, triple and single 
compounds. 

In buffalo, ethanol has been employed as an agent [84], 
which activates oocytes by promoting the formation of 
inositol 1,4,5-triphosphate (IP3) at the plasma membrane 
and the influx of extracellular Ca** [85], causing a large, 
single rise in intracellular Ca** concentration [72]. Ino- 
mycin is another popular activating agent currently used 
in buffalo nuclear transfer protocols [86], which induces 
repetitive transient rises of Ca~* lasting for several hours, 
probably by displacing bound Ca”* in the oocytes. Elec- 
trical stimulation has also been used for activation of 
in-vitro matured oocytes in buffalo [87,88], whereas 
ethanol, ionomycin and calcium ionophore were used as 
chemical activators in buffalo [89,90]. Within the ethanol 
and ionomycin activation groups, ethanol supported the 
highest development in terms of cleavage (71:4 + 7:8 
versus 59:4 + 10:7) and morulae-blastocysts rate (32:6 + 
6:5 versus 25:7 + 8:3). Similarly, ethanol activation gave 
better results than the IVF control group, with higher 
cleavage rate (71:4 + 7:8 versus 55:8 + 5:8, respectively) 
and a higher proportion of oocytes developing into 
morulae-blastocysts (32:6 + 6:5 versus 22:9 + 7:5, re- 
spectively). It was also observed that aging negatively 
affects post-parthenogenetic and post-fertilization de- 
velopment [89]. Interestingly, despite the similar matura- 
tion rate of buffalo (87%) and cattle (94%) oocytes, the 
cleavage rate in buffalo oocytes is poor (64% versus 84%) 
or very poor (9% - 45%) and may be attributed to poor 
activation by sperm at the time of fertilization [91,92]. 
To ascertain possible reasons for low cleavage following 
IVF and to identify the role of sperm in the process of 
fertilization and cleavage, Mishra et al. [33] compared 
chemical activation protocols on in-vitro matured oo- 
cytes with IVF (natural activation) and observed that 
cleavage rate was significantly higher following ET + 
DMAP, ET + CHX and ET + CHX + DMAP activation 
(52.5%, 52.5% and 44.4%, respectively) compared to 
IVF (36.5%, 23.4% and 26.8%, respectively). Blastocyst 
development (30.9% versus 15.2%) was also signifi- 
cantly higher following ET + CHX + DMAP activation 
than IVF. Thus, buffalo oocytes had better inherent de- 
velopmental competence and that the poor cleavage and 
embryo development following IVF may be due partly to 
the poor quality of frozen/thawed sperm, improper sperm 
capacitation and/or fertilization. 
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The literature on activation protocols for goat oocytes 
is limited therefore; effective activation protocols need to 
be developed. Ongeri et al. [93] compared the develop- 
ment of IVF goat embryos with those of non-fertilized 
parthogenetically developing oocytes activated by treat- 
ment with either ionomycin or ethanol, both followed by 
immediate exposure to 6-diethylaminopurine (6-DMAP). 
In both shipped and non shipped oocytes, parthenotes 
developing from ionomycin and ethanol activated oo- 
cytes had significantly greater blastocyst development 
compared to IVF embryos. Guo et al. [94] evaluated the 
ionomycin, strontium and electrical pulse for the effect- 
tive activation and parthenogenetic development of goat 
oocytes. The activation of oocytes by ionomycin com- 
bined with 6-dimethylaminopurine, strontium plus cyto- 
chalasin B and electrical pulses combined with cyto- 
chalasin B revealed 79.3% - 81.6%, 2.2% - 78.8% and 
65.5% of the oocytes cleaved and 16.2% - 24.8%, 0% - 
15.6% and 11.1% of the cleaved embryos developed into 
blastocysts, respectively. In our lab, we tried to optimize 
the protocols for caprine oocytes activation through 
comparing the effectiveness of different concentration of 
ethanol treatment on the activation and subsequent de- 
velopment of oocytes. In the Experiment, matured oo- 
cytes were treated with single activation agent i.e. Etha- 
nol with concentration ranging from 1%, 3%, 5%, 7% & 
9% for 5 min. The cleavage rates were gradually higher 
with higher concentration of ethanol treatment. Devel- 
opment of the embryo up to morula stage were also fol- 
low the same trend upto 7% ethanol treatment and de- 
creased at higher concentration i.e. at 9% ethanol. Blas- 
tomeres were also shows less compaction in all other 
treatments including 9% ethanol concentration. These 
results suggested that ethanol treatment (7% for 5 min) is 
most favorable for parthenogenesis of caprine oocytes 
and its further development in-vitro [95]. The use of Ca 
ionophore (5 uM) and 6-DMAP (2 mM), activation of 
caprine oocytes for the production of zona and zona-free 
parthenogenetic embryos in three different culture media 
revealed that zona parthenogenetic hatched blastocysts 
were highest in RVCL (6.8% + 0.9%) as compare to 
mSOF (1.2% + 0.7%) and EDM (5.5% + 0.7%) (P < 0.05) 
media, respectively. Similarly, zona-free parthenogenetic 
blastocyst, formation was greater in the RVCL (8.8% + 
0.9%) as compare to mSOF (5.6% + 0.5%) and EDM 
(5.1% + 0.8%) (P < 0.05) media, respectively [96]. 

Several protocols have been used to successfully cre- 
ate parthenogenetic sheep embryos [73,97-99]. Grazul- 
Bilska et al. [100] validated and optimized the method- 
ologies necessary to create parthenogenetic sheep em- 
bryos for future studies of placental development in 
normal and compromised pregnancies. The oocytes were 
activated using ionomycin (a calcium ionophore) and 
6-dimethylaminopurine (DMAP; a protein kinase inhibi- 
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tor). Activation of oocytes in serum-free medium re- 
sulted in minimal cleavage rates. However, replacement 
of ionomycin with ethanol treatment resulted in de- 
creased blastocyst formation (from 58% to 19%, respect- 
tively) but not cleavage rates (83% and 81%, respec- 
tively [73]. It is known that ionomycin induces smaller 
and thus less cytotoxic rise of intracellular calcium- 
whereas ethanol induces extracellular as well as intra- 
cellular release of calcium. In another study, the rate of 
blastocyst formation was 25% after oocyte stimulation 
with direct current pulses and treatment with cyclo- 
heximide plus cytochalasin B [101]. Thus, the activation 
protocol may have a profound effect on success of the 
oocyte activation to obtain parthenogenetic embryos. 
Shirazi et al. [102] compare the effect of time of parthe- 
nogenetic activation (22 hr versus 27 hr after In Vitro 
Maturation-IVM) on in vitro development of ovine oo- 
cytes using either single (lonomycin 5 uM for 5 min or 
Ethanol 7% for 7 min) or combined (ionomycin and 
ethanol with 6-DMAP 2 mM for 3 hr) activation treat- 
ments. The cleavage and blastocyst rates in single-treated 
groups were positively influenced by the extension of 
duration of IVM (27 hr). A trend of decreased numbers 
of total cells and ICM was observed in slightly aged oo- 
cytes. Moreover, developmental potential of ovine par- 
thenotes, especially in young oocytes, was improved by 
the addition of 6-DMAP to the activation regimen. 

In addition to the above mentioned oocyte activation 
factors, several other factors can activate oocytes to in- 
duce parthenogenetic development, including chilling or 
warming, exposure to colchicine, exposure to electric 
pulses in the presence of Gluta MAX-I, pricking, certain 
anesthetics, and factors disturbing the balance between 
free calcium and the state of the cycloskeletal system 
[103,104]. 


4. GENOMIC IMPRINTING ANALYSIS 
OF PARTHENOGENETICALLY 
ACTIVATED EMBRYOS 


When the mammalian oocyte is fertilized with sperm, it 
receives the paternal genetic materials. The paternal al- 
leles, like the oocyte alleles, have been subjected to epi- 
genetic modifications during gametogenesis that cause a 
subset of mammalian genes to be expressed from one of 
the two parental chromosomes in the embryo. This regu- 
latory mechanism is termed genomic imprinting [105, 
106]. Additional epigenetic processes also occur during 
early development after fertilization [73]. Thus, the ma- 
ternal and paternal genomes are not functionally equiva- 
lent, which is why both a maternal and a paternal ge- 
nome are required for normal mammalian development. 
Mammalian parthenotes are able to undergo several cy- 
cles of cell division after oocyte activation, but never 
proceed to term, arresting at different stages of develop- 
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ment, depending on the species [50,73,105,106]. 

Success rates and viability of parthenogenetic embryos 
appear to be organism dependent. Mouse parthenotes are 
capable of developing beyond the postimplantation stage 
in-vivo [107,108]; porcine parthenotes have developed 
up to post-activation day 29 (limb bud stage, past the 
early heart beating stage); rabbit parthenotes until day 10 
- 11 [109] and primates (Callithrix jacchus) have only 
been shown to implant stage [110]. The reason for this 
arrested development is believed to be due to genetic 
imprinting. Since all genetic material in parthenotes is of 
maternal origin, there is no paternal imprinting compo- 
nent and this prevents proper development of extraem- 
bryonic tissues whose expression is regulated by the 
male genome [111]. 

Uniparental embryos, such as parthenotes or andro- 
genotes, have been used to study imprinting processes as 
well as the role the paternal genome plays during early 
embryo development [112]. Since diploid parthenotes 
(DPs) and fertilized embryos show similar development, 
at least to the blastocyst stage, their gene transcription 
patterns during early developmental processes may not 
differ markedly. However, there may be some more sub- 
tle differences in that fertilized embryos may express 
Y-chromosome-linked genes and imprinting genes dur- 
ing early development, unlike the DPs. Comparison of 
the gene expression patterns of the fertilized embryo and 
the DP parthenote may thus illuminate the role(s) pater- 
nal genes play in later embryonic development. Com- 
pared to DPs, fewer haploid parthenotes (HPs) cultured 
in-vitro reach the blastocyst stage and those that does 
have lower cell numbers [28,113]. The reasons for this 
limited developmental potential of mammalian HPs are 
not clear. One possibility is that the lack of genetic 
component(s) in HPs may increase the duration of the 
cell cycle and consequently slow their development [28]. 
This explanation is supported by the observation that 
mouse HPs develop in-vitro more slowly than DPs dur- 
ing the preimplantation period [114]. Another possible 
explanation is that the low DNA content in HPs may not 
be sufficient to control the gene expression network, 
which could result in apoptosis [28,115,116] or the fail- 
ure of developmental processes during preimplantation 
development. 

To gain insights into the roles the paternal genome and 
chromosome number play in pre-implantation develop- 
ment, cultured fertilized embryos and diploid and hap- 
loid parthenotes (DPs and HPs, respectively), and com- 
pared their development and gene expression patterns. 
The DPs and fertilized embryos did not differ in devel- 
opmental ability but HPs development was slower and 
characterized by impaired compaction and _blastocoel 
formation. These results are consistent with previous 
reports that indicated HPs are developmentally retarded 
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and show slow development in mice [28,114]. While it 
remains unclear why HPs show more limited and slower 
development, it may be speculated that at least part of the 
reason may involve the difficulties HPs have in com- 
pacting. Compaction during embryonic development in- 
volves the formation of tight junctions between outer 
cells, which permits selective ion transport and facilitates 
blastocoel formation [117]. Thus, the incomplete com- 
paction of HPs may be responsible, at least in part, for 
their impaired development to the blastocyst stage. Mi- 
croarray analysis revealed that fertilized blastocysts ex- 
pressed several genes at higher levels than DP blasto- 
cysts; these included the Y-chromosome-specific gene 
eukaryotic translation initiation factor 2, subunit 3, 
structural gene Y-linked (Eif2s3y) and the imprinting 
gene U2 small nuclear ribo nucleoprotein auxiliary factor 
1, related sequence 1 (U2afl-rs1). It is found that when 
DPs and HPs were both harvested at 44 and 58 h of cul- 
ture, they differed in the expression of 38 and 665 genes, 
respectively. When differentially expressed genes in the 
HPs as compared to the DPs at 58 h after activation were 


analyzed with regard to their putative molecular function. 


176 highly expressed and 158 lower expressed genes 
were unclassified. Of the remainder, it was found that 12 
highly expressed and 9 lower expressed genes were re- 
lated to cell adhesion/cell junction/cytoskeletal-func- 
tions. 

Moreover, compared to the 58 h DPs, the 58 h HPs 
showed lower expression of more nucleic acid-binding 
proteins, oxidoreductase, transcription factors, selected 
regulatory molecules, and transferase, and highly expres- 
sion of more receptors, transcription factors, nucleic 
acid-binding proteins, kinases, and selected regulatory 
molecules. 

However, when DPs and HPs were harvested at the 
midpoints of 4-cell stage (44 and 49 h, respectively), no 
differences in expression was observed. Similarly, when 
the DPs and HPs were harvested when they became 
blastocysts (102 and 138 h, respectively), only 15 genes 
showed disparate expression. These results suggest that 
while transcripts needed for early development are de- 
layed in HPs, it does progress sufficiently for the genera- 
tion of the various developmental stages despite the lack 
of genetic components. 

Genomic imprinting, a specific genetic mechanism in 
mammals, plays important roles in the regulation of fetal 
growth, development, placental function, and postnatal 
behavior [118-120]. It endows some genes with different 
“Imprints”, which lead to their differential expression in 
fetuses and/or placenta and regulate the transfer of nu- 
trients to fetus and placenta from the mother [121]. 

The establishment of genomic imprinting is controlled 
by DNA methylation, histone modifications, noncoding 
RNA, and specialized chromatin structure; DNA methyl- 
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lation is thought to be a major factor [122-124]. Specific 
DNA methylation in the differentially methylated re- 
gions (DMRs) of parental origin allows the discrimina- 
tion between the maternal and the paternal alleles and 
leads to monoallelic expression of imprinted genes [125]. 
Uniparental fetuses, including parthenotes and andro- 
genotes, show disrupted expression of several imprinted 
genes, such as Snrpn, Peg3, H19, and Gtl2 [126,127]. 
Studies in mouse uniparental embryos have revealed that 
the paternal genome is more important for the develop- 
ment of the extraembryonic tissues, while the maternal 
genome is more essential for fetal development. These 
distinctive differences are the result of genomic imprint- 
ing [128]. Parthenogenetic fetuses die by day 10 of ges- 
tation [129]. Likely, the cloned animal fetuses exhibit a 
high rate of developmental abnormalities due to ineffi- 
cient epigenetic reprogramming of the donor nucleus 
within enucleated oocytes [130-132]. The aberrant epi- 
genetic modifications caused by inefficient reprogram- 
ming everely undermine the developmental potency of 
cloned embryos [132-134]. But to date, our knowledge 
about the molecular mechanism of epigenetic repro- 
gramming is still very limited [135]. Compared to the 
laborious manipulation of somatic cell nuclear transfer, 
the mouse parthenogenetic embryo is a most suitable 
alternative to study the events of methylation imprints. 
Similar to mouse parthenogenetic embryos, the aborted 
cloned bovine fetus also exhibits disrupted expression of 
imprinted genes and aberrant methylation imprints [136, 
137]. To obtain further insight into the dynamics of me- 
thylation imprints during development of diploid par- 
thenogenetic mouse embryos, [138] determined the me- 
thylation status of DMRs of three maternally imprinted 
genes and two paternally imprinted genes using bisulfite 
mutagenesis sequencing methods. They showed that the 
maternally imprinted genes Snrpn and Pegl/Mest were 
nearly unmethylated or heavily methylated, respectively, 
in their differentially methylated regions (DMRs) at the 
two-cell stage in parthenogenetic embryos. However, 
both genes were gradually de novo methylated, with al- 
most complete methylation of all CpG sites by the 
morula stage in parthenogenetic embryos. Unexpectedly, 
another maternally imprinted gene, Peg3, showed dis- 
tinct dynamics of methylation during preimplantation 
development of diploid parthenogenetic embryos. Peg3 
showed seemingly normal methylation patterns at the 
two-cell and morula stages, but was also strongly de 
novo methylated in parthenogenetic blastocysts. In con- 
trast, the paternally imprinted genes H19 and Rasgrfl 
showed complete unmethylation of their DMRs at the 
morula stage in parthenogenetic embryos. These results 
indicate that diploid parthenogenetic embryos adopt a 
maternal-type methylation pattern on both sets of mater- 
nal chromosomes and that the aberrantly homogeneous 
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status of methylation imprints may partially account for 
developmental failure. 


5. CONCLUSION 


A variety of activation stimuli and activation protocols 
have resulted in the production of viable embryos for 
parthenogenetic as well as somatic cell cloning research 
in a range of species. However, both the stimuli and the 
protocol used must be optimized for use in each species 
and there is a need for understanding the mechanism and 
effects by various activation methods. Since the birth of 
Fatherless mouse (Kaguya) the first viable parthenog- 
enetic mammal in 2004 in Japan, significant advances 
have been made in the field of parthenogenetic research 
in order to understand the molecular processes involved 
during genomic imprinting process which is the main 
(perhaps the only) barrier to parthenogenetic develop- 
ment in mammals, in which the individual contains no 
paternal genetic material. Development of Parthenoge- 
netic embryos is a multifactorial process and advances in 
all areas will contribute to simplifying and improving the 
efficiency of the technique. 
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Korean Cloned Human Cells Were Product of "Virgin 
Birth" 


Fraudulent cloned cells were likely the first example of a human egg turned directly into stem 
cells 


By JR Minkel on August 2, 2007 


Researchers say they have confirmed suspicions that embryonic stem cells claimed to 
be extracted from the first cloned human embryo by discredited South Korean 
scientist Woo Suk Hwang actually owe their existence to parthenogenesis, a process 
in which egg cells give rise to embryos without being fertilized by sperm. 

A series of genetic markers sprinkled throughout the cells' chromosomes show the 
same pattern found in parthenogenetic mice as opposed to cloned mice, according to 
a report published online today in the journal Cell Stem Cell. 


The result suggests that, although Hwang deceived the world about achieving the first 
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The result follows on the heels of an announcement last month by another California 
stem cell company, International Stem Cell Corporation (ISC) in Oceanside, that it 
had successfully achieved human parthenogenesis for the first time. Last year, Italian 
researchers claimed to have achieved the same feat but have yet to publish their 
results. 


"The fact that this has now been achieved by two independent groups gives me a far 
greater degree of confidence," Lanza says. 


The new finding brings a measure of closure to a story that first rocked the science 
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talsely reported creating 11 cell lines genetically matched to their donors. 
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A cloned cell should be identical to its donor, but the probe found that of 48 common 
genetic variations, or markers, present in the 2004 cells, eight did not match their 
apparent donor. Investigators raised parthenogenesis as the most likely explanation 
but could not be certain. 


Later. during a chance discussion with European colleagues. stem cell researcher 
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The DNA of any two people will differ on average at one of every 1,000 subunits, or 
base pairs, Daley says. When a chromosome from a sperm cell joins with that of an 
egg, these single nucleotide polymorphisms (SNPs or "snips") tend not to match each 
other. 


The same goes for cloned cells. But in contrast, pairs of matching chromosomes in 
parthenogenetic cells tend to match one another in the middle and differ near the 
ends because of a genetic mixing process called recombination. In their paper, Daley 
and colleagues report that the SNPs in the Korean cell line do indeed match toward 
the center of the chromosomes, similar to five parthenogenetic mouse cell lines that 
the team created for comparison. 
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Jeffrey Janus, president and director of research for ISC, agrees that "Dr. Hwang's 
cells have characteristics found in parthenogenetic cells" but remains cautious, saying 
"it needs more study." 


The Irony of It All 


Stem cell experts say that Hwang and his team probably had no clue what they had 
achieved, because if they had they would have claimed credit for it. 


"I think this ... is every bit as exciting as the SCNT they were claiming,” says stem cell 
researcher Kent Vrana of Pennsylvania State University, who pioneered 
parthenogenesis in monkeys. "Parthenotes by their very nature are nonviable 
embryos, so you're not destroying embryos, which has some ethical advantages." 
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removal of the DNA,” Daley says, “but obviously they didn't.” 


The injection of the donor nucleus could have failed if the injecting needle pulled it 
back out when withdrawn from the egg or if the egg somehow rejected the introduced 


nucleus, Vrana says. 


Hwang's group purported to rule out parthenogenesis as an explanation in part by 
showing that two genes normally activated by paternal DNA were inactive in the cells. 
But Daley says such experiments are easy to misinterpret and are less conclusive than 
sequencing SNPs. 


"I think they were just so blinded by what they hoped to accomplish, they missed it," 
Vrana says. 
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and surprisingly successtul: out of some 50 donated eggs, the company grew Six cell 
lines. Parthenogenesis in monkeys typically works only once every 90 eggs, he says. 


Banking on Parthenotes 


The therapeutic potential of parthenogenetic cells remains to be seen. The lack of 
imprinting from the paternal DNA may cause the cells to behave abnormally as they 
develop. Furthermore, they must have matching immune proteins to be transplanted 
back into a donor. 


In principle, tissue banks of parthenogenetic cell lines could include enough different 
immune protein combinations to treat up to half of the U.S. population—men as well 
as women—Lanza says. But he adds that if human parthenotes routinely contain as 
many genetic mismatches as the Korean cells, the number of eggs needed to create 
such a bank could be prohibitively large. 


Daley says his group hopes to acquire donated eggs from women with inherited 
diseases and use parthenogenesis to create cell lines to study those disorders. In the 
future, researchers will have to determine whether similar cells are safe and effective 


when transplanted. 
"We're a long, long way," Daley says, "from realizing therapeutic uses of these cells." 
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Parthenogenesis in a large-bodied requiem shark, 
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Genetic evidence is provided for parthenogenesis in a large-bodied shark, the blacktip 
Carcharhinus limbatus, from the speciose and commercially important family Carcharhinidae, 
the first verified case of asexual development in this lineage and only the second for any 
chondrichthyan. The parthenogenetic embryo exhibited elevated homozygosity relative to its 
mother, indicating that automictic parthenogenesis is the most likely mechanism. Although this 
finding shows that parthenogenesis is more common and widespread in sharks than previously 
realized and supports the early existence of parthenogenetic abilities in vertebrates, the adaptive 
significance of automixis in these ancient fishes remains unclear. © 2008 The Authors 


Journal compilation © 2008 The Fisheries Society of the British Isles 
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Automictic parthenogenesis (automixis) is a type of asexual reproduction char- 
acterized by fusion of an ovum and its sister polar body, producing a diploid 
zygote with elevated homozygosity compared to its mother (Schuett ef al., 
1998). Experimental evidence for vertebrate automixis was recently obtained 
for a bony fish (Lampert et al., 2007), and it is considered very likely to be 
the mechanism often underlying facultative parthenogenesis in more derived 
vertebrate lineages [reptiles and birds (Olsen, 1975; Schuett et al., 1998; Watts 
et al., 2006; Lampert et al., 2007)]. Automixis is also postulated as the mecha- 
nism behind the first confirmed case of parthenogenesis in the most ancient 
jawed vertebrate lineage, the Chondrichthyes (sharks, batoids and chimeras), 
where a parthenogenetic embryo with elevated homozygosity was recently 
described in a small-bodied hammerhead shark Sphyrna tiburo (L.) (Sphyrni- 
dae) (Chapman et al., 2007). Since automixis is easily overlooked in wild ver- 
tebrate populations and there is only a rudimentary understanding of its 
breadth of evolutionary occurrence and frequency (Chapman et al., 2007; 
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Lampert et al., 2007), it is currently of general biological interest to determine 
how widespread and common it is among sharks. 

There are a growing number of instances where captive female sharks have 
produced apparently normally developed offspring despite extended periods of 
isolation from conspecific males (Castro et al., 1988; Voss et al., 2001; Heist, 
2004), suggesting that asexual development could be more common and evolu- 
tionarily widespread in this lineage than reflected by the single genetically ver- 
ified case in S. tiburo (Chapman et al., 2007). Almost all these suspect cases 
involve oviparous (egg-laying) species that have small adult body sizes (<1:2 
m total length, Ly). Although this may reflect a bias towards the practicality 
of keeping smaller shark species in captivity, it could also indicate that small- 
bodied sharks have evolved parthenogenesis as a means to avoid reproductive 
failure in situations when males are scarce within isolated habitat patches 
since small shark species tend to have more limited dispersal capabilities than 
larger species (Musick et al., 2004). An intriguing possible case of parthenogen- 
esis in a large-bodied, highly migratory shark was revealed on 30 May 2007 
during the necropsy of c. 9 year-old captive female blacktip shark Carcharhinus 
limbatus (Miiller & Henle) that had failed to fully revive after being tranquil- 
ized during a routine veterinary examination. The necropsy revealed a single, 
well-developed female embryo, even though the adult female had been isolated 
from conspecifics for all 8 years of its captivity. Exhibiting placental viviparity, 
female C. limbatus typically reach sexual maturity around age 7 years (Killam 
& Parsons, 1989) and give birth to multiple offspring every other year after 
a gestation period of 12 months (Castro, 1996). This indicates that the embryo 
was probably produced during the first or second ovulation of this female. The 
adult female had shared the display tank with only one other carcharhiniform 
shark, an adult male sandbar shark Carcharhinus plumbeus (Nardo) that was 
also captured locally. Despite daily observations by aquarium curators and 
routine veterinary examinations of the female, there was never any physical evi- 
dence of copulation between these two sharks (i.e. mating wounds or observa- 
tions of mating). 

Given the captivity circumstances and the case of automixis in the carchar- 
hiniform S. tiburo (Chapman et al., 2007), the hypothesis that the C. limbatus 
embryo had resulted from automictic parthenogenesis was tested (i.e. with 
the expectation that it would have no paternal C. limbatus or C. plumbeus al- 
leles and would exhibit elevated homozygosity rather than being an exact geno- 
typic match to its mother). Tissue samples (fin clips) were obtained from the C. 
limbatus mother and her embryo and stored in 95% ethanol. Following geno- 
mic DNA isolation (DNeasy kit; Qiagen Inc., Valencia, CA, U.S.A.), five mi- 
crosatellites (three to 20 alleles per locus) previously isolated from the genome 
of C. limbatus were amplified in both individuals (locus-specific protocols and 
diversity are given by: Keeney & Heist, 2003). The polymerase chain reaction 
(PCR) products were resolved on an AB 3130 DNA analyser and scored in 
the programme GENEMAPPER 3.7 (Applied-Biosystems Inc., Foster City, 
CA, U.S.A.). All reactions were replicated and the genotypes scored by two 
experienced DNA analysts. 

The embryo’s composite five-locus genotype contained no paternal alleles and 
every locus exhibited homozygosity for a maternal allele (Table I), both findings 
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concordant with automixis. The probability of obtaining an embryo that is 
homozygous for all five loci assuming sexual reproduction within the source 
C. limbatus population (U.S. Atlantic Ocean) was estimated by multiplying 
the frequencies of observed homozygosity from population genetic data given 
in Keeney et al. (2005). This probability is extremely low (P < 0:0001), permit- 
ting rejection of an alternate hypothesis of sexual reproduction between a male 
C. limbatus and the mother while she was a small juvenile prior to capture fol- 
lowed by an extraordinarily long period of sperm storage. The alternate hypoth- 
esis that the embryo was sired by the male C. plumbeus can also be rejected 
because four of the five microsatellites amplify both of these carcharhinid spe- 
cies (Keeney & Heist, 2003) with the expectation that paternal C. plumbeus 
alleles should be observable in the embryo’s composite genotype. Although it 
would have been desirable to have also genotyped the C. plumbeus to confirm 
that it amplifies at these loci, the animal is too large to remove safely from 
the tank for DNA sampling. It originated, however, from the same C. plumbeus 
population where these loci were shown to cross amplify (Keeney & Heist, 
2003). A species-specific C. plumbeus PCR-primer (Pank et al., 2001) failed to 
amplify genomic DNA from the embryo, while a C. limbatus-specific primer suc- 
ceeded, further verifying that the embryo is not a hybrid of these two species. 

The genetic results coupled with the captive history of the mother make au- 
tomixis the most tenable explanation for the embryo’s development. This find- 
ing provides the second verified case of parthenogenesis in chondrichthyans 
and the first for any large-bodied species or from within the commercially 
important and speciose family Carcharhinidae, thus extending the known evo- 
lutionary breadth of asexual reproduction in these ancient fishes. This finding 
also supports the early existence of parthenogenetic abilities in vertebrates 
and makes it plausible that the growing number of other reported but geneti- 
cally unverified cases of reproduction by a diverse range of female chon- 
drichthyans in the extended absence of conspecific males may be the result 
of automictic parthenogenesis as opposed to sperm storage. Automixis in 
C. limbatus also provides a second instance of parthenogenesis in a placentally 
viviparous shark species, raising further questions about the relationship 
between placental reproduction and evolution of genomic imprinting, as has 
been proposed for mammals (Haig, 2004; Chapman et al., 2007). 

Automixis is probably rare in wild populations of C. limbatus with robust 
gender ratios. For example, assuming production of a single embryo is typical 


TABLE I. Microsatellite genotypes of the mother Carcharhinus limbatus (M) and embryo 
(E). Individual allele sizes (bp) include a labelled M13 primer. Locus designations are 
from Keeney & Heist (2003) 





Locus M E 

Cli100 234/234 234/234 
Cli13 212/232 232/232 
Cli107 127/129 127/127 
Cli108 150/152 152/152 
Cli7 205/205 205/205 
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of automictic development in sharks (Chapman et al., 2007; present study), only 
one out of 221 gravid female C. limbatus (0-45%) examined by scientists at the 
Natal Sharks Board in South Africa between 1978 and 2006 was documented 
to have been gestating a lone embryo and even this case could have resulted 
from processes other than parthenogenesis (e.g. abortion of other embryos dur- 
ing capture; S. Winter, pers. comm.). What is unclear, however, is whether au- 
tomictic development of unfertilized ova in sharks is an occasional aberration 
in the ova or a facultative response of the shark to an absence of suitable 
mates. The latter appears to be the case in some reptiles in which some captive 
females have regularly switched between sexual reproduction and asexual repro- 
duction according to the presence or absence of males (Watts et al., 2006). 
Although this female C. limbatus reproduced via automixis during what was 
most likely its first ovulation and small oviparous sharks have produced several 
offspring in the absence of males on multiple occasions, it remains unknown 
whether automixis can be a repeated, facultative response to an absence of 
males in sharks. Regardless of how it occurs, the widespread population collapses 
occurring for many sharks due to overexploitation (Baum et al., 2003; Baum & 
Myers, 2004; Robbins et al., 2006; Myers et al., 2007) may increase the expres- 
sion of automixis if females have difficulty finding mates at low population 
densities and significant numbers of their ova are left unfertilized. 

Whether the automictic development of unfertilized ova is selectively advan- 
tageous in sparse or strongly female-biased vertebrate populations is an open 
question. Although it is intuitively appealing that the ability to reproduce asex- 
ually would be selectively advantageous for females in situations where males 
are sparse, this may not always be the case. Automictic parthenogens have 
reduced genetic diversity (elevated homozygosity), with potentially reduced fit- 
ness consequences (Schuett et al., 1998; Watts et al., 2006; Chapman ef al., 
2007). The genetic costs of automixis might offset the benefit of having a mech- 
anism to avoid occasional reproductive failure in increasingly sparse, overex- 
ploited populations of large-bodied carcharhinids. 
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Published: 16 January 2017 Parthenogenesis is a natural form of asexual reproduction in which embryos develop in the absence 
of fertilisation. Most commonly found in plants and invertebrate organisms, an increasing number 

of vertebrate species have recently been reported employing this reproductive strategy. Here we 

use DNA genotyping to report the first demonstration of an intra-individual switch from sexual to 
parthenogenetic reproduction in a shark species, the zebra shark Stegostoma fasciatum. A co-housed, 
sexually produced daughter zebra shark also commenced parthenogenetic reproduction at the onset 
of maturity without any prior mating. The demonstration of parthenogenesis in these two conspecific 
individuals with different sexual histories provides further support that elasmobranch fishes may 
flexibly adapt their reproductive strategy to environmental circumstances. 


Parthenogenesis is a natural form of asexual reproduction in which embryos develop in the absence of fertilisa- 
tion. Occurrences of parthenogenetic reproduction in vertebrate organisms have been increasingly documented 
(recorded from >0.1% of extant vertebrate species)'. Obligate parthenogenesis, where all individuals within a 
species reproduce asexually, is restricted to the Squamate reptiles”*. Facultative parthenogenesis, the occurrence 
of asexual reproduction in otherwise sexually producing species, is found more widely across major vertebrate 
groups including reptiles, birds, bony fish and six species of sharks and rays!*-'?. Mammals are an exception as 
facultative parthenogenesis does not naturally occur in this group due to intracellular processes such as genomic 
imprinting during gametogenesis!°. 

Most documented cases of facultative parthenogenesis in vertebrates have been recorded from females in 
captive environments that have had no exposure to male conspecifics during their entire reproductive lifetime**. 
This raises questions regarding the adaptive strategy of facultative parthenogenesis in these isolated incidences 
or whether parthenogenesis in most vertebrates is accidental’*. Novel lines of evidence can help elucidate the 
prevalence and function of parthenogenesis in vertebrates. In particular, parthenogenesis has been demonstrated 
in wild vertebrate populations: pit viper snakes'* and sawfish®. Parthenogenetic offspring in these populations 
were identified among sexually produced offspring based on their unusually high levels of genetic homozygosity. 
This genetic signature in vertebrates is mostly attributed to the mechanism of terminal fusion automixis, the res- 
toration of diploidy by fusion of the egg with a polar body”, although gametic duplication also leads to elevated 
homozygosity and in most cases cannot be disregarded as the potential mechanism’. The presence of sexually 
produced litters captured from the same regions and time periods as parthenogenetic offspring suggest that com- 
plete isolation from males during a female’s reproductive lifetime may not be a requirement or even a driver. 

A recent study on a captive eagle ray Aetobatus narinari suggests that relatively short periods of separation 
from a potential mate may trigger a shift in reproductive strategy’. A single female eagle ray switched from sexual 
reproduction to producing a pup asexually less than one year after being separated from the male’. Only one other 
published study demonstrates this switch within an individual vertebrate. A captive Boa constrictor imperator 
produced a litter through a sexual encounter with a co-housed male B. c. constrictor. After a four year period 
of isolation she was housed with other male conspecifics during which she produced two litters. Genetic analy- 
ses demonstrated that these were comprised of parthenogenetic offspring despite what appeared to be potential 
mating opportunities’®. In three other cases, captive female pythons have produced parthenogenetic offspring 
after having been observed copulating with male conspecifics. However, the fertility of these male snakes was not 
determined*””, 


1The University of Queensland, Molecular Fisheries Laboratory, School of Biomedical Sciences, St. Lucia Queensland, 
4072, Australia. 7Reef HO Aquarium, Townsville, Australia. ?College of Marine and Environmental Sciences, James 
Cook University, Townsville, 4811, Queensland, Australia. Correspondence and requests for materials should be 
addressed to C.L.D. (email: c.dudgeon@uq.edu.au) 
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Timeline Key events Egg laying Embryo development 
2006-08 Fi andM1 reunited 
2008-09 Sexual reproduction Fi - Firsteggs laid 5 pups hatched including F2 


unknown number 


2009-10 Sexual reproduction Fi - Eggs laid, unknown number 3 pups hatched 

2010-11 Sexual reproduction Fi - Eggs laid, unknown number 1 pup hatched 

2011-12 Sexual reproduction Fi - 31 eggs laid 14 embryos, 7 pups hatched 
2012-13 Sexual reproduction Fi - 45 eggs laid 15 embryos, 10 pups hatched 


Including 2013(n=1-4) 
M1 separated 


2013-14 Oeggs laid 


F2 placed with Fi 


2014-15 Parthenogenetic Fi - 47 eggs laid 6 embryos developing, 0 pups hatched 
reproduction — Fi F2 - First Eggs laid (20) Oembyros 

2015-16 Parthenogenetic Fi - 41 eggs laid 4 embryos developing, 3 pups hatched 
reproduction — F1/F2 F2 - 28 eggs laid 2 embyros developing, 1 pups hatched 


Figure 1. Timeline showing the key events of mating and separation, egg production and embryo 
development of sexual and parthenogenetic zebra sharks. F1 refers to the primary mature female and M1 to 
the mature male. F2 is the sexually produced offspring of Fl and M2. 


Here we report on the first occurrence of an intra-individual switch from sexual to parthenogenetic repro- 
duction in a shark species, the zebra shark Stegostoma fasciatum. This study is also novel in demonstrating the 
onset of parthenogenetic reproduction in two individual, co-housed, females with different sexual histories: par- 
thenogenesis following sexual reproduction and without prior sexual reproduction. Zebra sharks are oviparous’, 
reach maturity around 7 years of age, and live to over 35 years in captivity (pers. obs.). In 1999 a wild-captured 
female zebra shark (F1) was introduced to an already captive mature male zebra shark (M1) within the Reef HQ 
Aquarium, Townsville (Australia). The maturity of F1 was not confirmed, however mating was attempted at this 
time. The pair were separated and reunited in 2006, and mating commenced at that stage. F1 started laying eggs 
in 2008 and successfully produced several litters of viable offspring each year until 2013 (Fig. 1). Following mating 
in 2012, M1 was separated permanently from F1. Offspring were produced in the breeding season spanning the 
austral summer (2012/2013) following this final mating event. During the next breeding season (2013/14) F1 did 
not produce any eggs. At this time her immature daughter shark (F2 born in 2009) was introduced into the same 
tank as her. F1 started laying eggs again the following season (2014/15). Live embryos were observed in 6 of the 
47 eggs and monitored until they were all deceased between 35 and 94 days of incubation. The daughter shark 
F2 reached maturity at this time and also started laying eggs, which were visibly distinguishable from her moth- 
er’s eggs due to having a slightly smaller size and thinner shell. None of F2’s eggs showed embryo development. 
During the 2015/2016 breeding season, both F1 and F2 laid eggs with some embryos visible for both sharks. Three 
juvenile sharks hatched out between February and April 2016 from the eggs of F1, and one juvenile shark hatched 
out in June 2016 from the eggs of F2 (Fig. 1). 

The presence of the embryos in the eggs of F1 following the separation from the male could be explained 
by two hypotheses: (i) storage of M1’s sperm by F1, or (ii) parthenogenesis. Both hypotheses are plausible. 
Parthenogenesis has previously been described for this species from one captive zebra shark in the Dubai aquar- 
ium with no history of sexual reproduction’. F2 was not housed with reproductively mature males at any point so 
only the parthenogenesis hypothesis seems plausible in her case. Although the duration of sperm storage has not 
been investigated in zebra sharks specifically, sperm storage for up to 45 months has been reported from a related 
carpet shark species'® and the longest confirmed sperm storage of any vertebrate is recorded at 67 months in the 
eastern diamond-backed rattlesnake (Crotalus adamanteus)"”, clearly spanning beyond the period of isolation 
from a male that F1 experienced. If sperm storage accounted for the offspring of F1 in the absence of a mate, 
the genotypes of the offspring will reflect two-parent origin and reject the hypothesis of parthenogenesis. We 
employed DNA genotyping to test between these two competing hypotheses and demonstrated that F1 switched 
between sexual and parthenogenetic reproductive modes quickly, skipping only one breeding season, while the 
daughter shark (F2) commenced her reproductive phase via parthenogenesis one year after maturity without 
any exposure to a mate. This study highlights the flexibility in reproductive strategies for elasmobranchs and we 
discuss the consequent ecological and evolutionary implications. 


Results and Discussion 
In total 14 zebra shark specific loci were scored. Nine of these loci demonstrated unique alleles that were not 
shared between the mother F1 and putative father M1 shark, and were therefore informative for parental 
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‘Ind. _ Description | Parent/s | SF2 SF38 | SE72_ | Sfa221 | Sfa236 | Sfa248 | Sfa335 | Sfa387 | Sfa4is8 
Fl ~ Mother ~ | -q92 | 194 | 229 | 241 | 238 | 272 | 246 | 248 | 244 | 256 | 229 ] 335 | 380 | 400 | 240 | 246 | 231 | 231. 
MI Father 190 | 190 | 245 | 245 | 222 | 250 | 238 | 242 | 228 | 240 | 307 | 339 | 368 | 372 | 232 | 232 | 225 | 225 
F2 (2009) Sexual offspring F1&M1 | 190 | 194 | 229 | 245 | 222 | 238 | 242 | 248 | 240 | 256 | 299 | 307 | 368 | 380 | 232 | 240 | 225 | 231 
2013:1 Sexual offspring F1&M1 | 190 | 194 | 241 | 245 | 222 | 272 | 238 | 246 | 240 | 256 | 299 | 339 | 372 | 400 | 232 | 246 | 225 | 231 
2013:2 Sexual offspring F1&M1 | 190 | 192 | 241 | 245 | 250 | 272 | 238 | 246 | 240 | 256 | 307 | 335 | 368 | 400 | 232 | 240 | 225 | 231 
2013:3 Sexual offspring F1&M1 | 190 | 192 | 229 | 245 | 222 | 238 | 238 | 246 | 240 | 256 | 299 | 307 | 372 | 380 | 232 | 246 | 225 | 231 
2015:1 | Parthenogenetic offspring | FI 194 | 194 | 229 | 229 | 238 | 238 | 248 | 248 | 244 | 256 | 299 | 299 | 380 | 380 | 246 | 246 | 231 | 231 
2015:2 | Parthenogenetic offspring | FI 192 | 192 | 241 | 241 | 272 | 272 | 248 | 248 | 256 | 256 | 335 | 335 | 400 | 400 | 240 | 240 | 231 | 231 
2015:3 | Parthenogenetic offspring | FI 194 | 194 | 229 | 229 | 238 | 238 | 246 | 246 | 244 | 256 | 335 | 335 | 400 | 400 | 246 | 246 | 231 | 231 
2015:4 | Parthenogenetic offspring | F1 194 | 194 | 229 | 229 | 238 | 238 | 246 | 246 | 244 | 256 | 335 | 335 | 400 | 400 | 240 | 240 | 231 | 231 
2016:1 | Parthenogenetic offspring | FI 192 | 192 | 241 | 241 | 272 | 272 | 248 | 248 | 244 | 244 | 299 | 299 | 400 | 400 | 246 | 246 | 231 | 231 
2016:2 | Parthenogenetic offspring | FI 192 | 192 | 241 | 241 | 272 | 272 | 248 | 248 | 256 | 256 | 335 | 335 | 380 | 380 | 246 | 246 | 231 | 231 
2016:3 | Parthenogenetic offspring | FI 194 | 194 | 241 | 241 | 272 | 272 | 246 | 246 | 244 | 244 | 335 | 335 | 400 | 400 | 246 | 246 | 231 | 231 
2016:4 | Parthenogenetic offspring | F1 194 | 194 | 229 | 229 | 238 | 238 | 246 | 246 | 244 | 244 | 335 | 335 | 400 | 400 | 246 | 246 | 231 | 231 
2016:5 | Parthenogenetic offspring | F2 194 | 194 | 229 | 229 | 238 | 238 | 242 | 242 | 256 | 256 | 299 | 299 | 380 | 380 | 240 | 240 | 231 | 231 










































































Table 1. Genotype data at nine microsatellite loci for 15 zebra sharks Stegostoma fasciatum from Reef 
HQ Aquarium Australia. Genotypes are presented as base pair sizes. The mother shark F1 is presented first, 
followed by the putative sire M1 and the sexually produced adult offspring F2. The three deceased juvenile 
sharks from the final sexual breeding encounter are shown with the date 2013:1-3. The parthenogenetic 
offspring from F1 are shown with the dates 2015:1-3 and 2016:1-4. The parthenogenetic offspring from F2 is 
shown in row 2016:5. Ind. = individual. 


assessment of the offspring (Table 1). For these nine loci, the offspring from the 2009 and the 2013 (n= 1-3) 
seasons were presumed to be of sexual origin from F1 x M1 and expected to demonstrate bi-parental inheritance. 
These individuals were heterozygous at all nine loci displaying one maternal and one paternal allele, in accord- 
ance with the sexual reproduction hypothesis. The presumed parthenogenetic offspring from F1 (2015:n= 1-4, 
2016:n = 1-3) were homozygous for one of the maternal alleles at each locus. The single offspring of F2 (2016:5) 
was homozygous at all alleles that were present in F2’s genotype. As F2 is the sexually produced daughter of F1, 
the alleles from eight of the nine loci also matched F1’s genotype. However, one locus (Sfa221) distinguished the 
mother of this offspring as F2. The offspring (2016:5) was homozygous for allele 242, which was recorded from F2 
(242, 248) and M1 (238, 242) but not F1 (246, 248) (Table 1). 

The other five loci all demonstrated one shared allele between F1 and M1. Although it is not possible to deter- 
mine the parental origin of the shared allele when present in the offspring genotype, all of the parthenogenetic off- 
spring were homozygous at each of these loci, fitting the genetic signature of parthenogenesis in elasmobranchs. 
The sexually produced offspring were either homozygous for the parental shared alleles or heterozygous, fitting 
the genetic signature of bi-parental inheritance (Supplementary Table). 

These results unambiguously support the hypothesis that the embryos produced two years after the removal of 
the male shark were of parthenogenetic origin and not due to sperm storage. The offspring of F2 also supported a 
parthenogenetic origin, demonstrating that F2 commenced reproducing asexually in her second year of maturity. 
The elevated homozygosity displayed in parthenogenetic genotypes (from F1 and F2) could be the genetic signa- 
ture of terminal fusion automixis, which is the dominant mechanism for facultative parthenogenesis proposed 
for vertebrate animals*'*'>. In this mechanism heterozygosity is restricted to the tips of the chromosomes”, 
therefore genetic signatures of randomly screened microsatellite loci tend to demonstrate elevated homozygosity. 
Alternative mechanisms, including gametic duplication’? and spontaneous development of a haploid individual 
from an unfertilized egg” result in complete homozygosity”! and cannot be ruled out®. However heterozygosity 
was observed at one locus for a parthenogenetic zebra shark in the Dubai aquarium supporting the mechanism 
of terminal fusion automixis in this species’. The analysis of F1’s earlier offspring born in 2009 and 2013 clearly 
demonstrates sexual reproduction where the offspring possess at least one allele from M1 at each locus. This con- 
firms that F1 switched from sexual to parthenogenetic reproduction within a period of two years. 

Van der Kooi and Schwanten' argued that examples of facultative parthenogenesis in vertebrates are likely 
to be reproductive errors and hence are indicative of accidental parthenogenesis. Under that model, asexual 
reproduction is rare and sporadic across species and not an adaptive strategy. Our findings suggest otherwise. 
Firstly we have demonstrated a relatively rapid transition from sexual reproduction to parthenogenetic repro- 
duction in an individual animal that appears to be in response to an environmental change. Parthenogenesis was 
not documented from a single, isolated individual, but rather two individuals within the aquarium system with 
different sexual histories. Furthermore, parthenogenesis has been documented in this species from individuals 
captured from geographically distant locations: the western Pacific Ocean (this study) and the Red Sea’. Other 
elasmobranch and snake species have also demonstrated parthenogenetic reproduction in multiple individuals 
as well as across successive years in captivity>°°!°!72, Furthermore, the viability of a vertebrate parthenogenetic 
offspring has recently been demonstrated in a bamboo shark with a second generation offspring also being pro- 
duced through parthenogenesis”. 
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A challenge for understanding the adaptive nature of facultative parthenogenesis in elasmobranchs and other 
vertebrates is identifying the conditions under which it occurs. Heritability in facultative parthenogenesis has 
been demonstrated for poultry and Drosophila spp. (see review ref. 24). However sexual reproduction appears to 
be the dominant form of reproduction for species demonstrating facultative parthenogenesis*'* and therefore, it 
appears that internal or external cues may lead to the onset of parthenogenesis in these species. Studies in poultry 
found that viral infections increased the prevalence of parthenogenesis in different species, but that there were 
no significant effects from feed types, light levels, sex hormones or proximity to conspecifics. Increasing temper- 
ature was found to initiate the onset of parthenogenesis in silkworms and increase its prevalence in Drosophila 
parthenogenata (see review ref. 24). In this study, F1 was kept in the same aquarium throughout minimizing any 
changes to her external environment. The main trigger for the switch from sexual to parthenogenetic reproduc- 
tion in Fl therefore, appears to be the removal of the mate. Similarly, the rapid transition between reproductive 
strategies by the eagle ray also followed the removal of the mate, supporting the hypothesis that parthenogenesis 
is a reproductive advantage under conditions of isolation from potential mates’. However this cue does not 
appear to be ubiquitous among vertebrates with contrasting patterns observed in snakes. A female boa constrictor 
demonstrated a switch from sexual to asexual reproduction, reproducing parthenogenetically in the presence of 
male conspecifics and not during the two intermittent years when she was housed in isolation’*”*. Although most 
examples of parthenogenesis for snakes have occurred when females were isolated from mates, parthenogenesis 
was also documented from two captive regal pythons and one blood python following copulation with male 
conspecifics*!”. However the fertility of these male snakes has not been confirmed. To date, examples of parthe- 
nogenesis in elasmobranchs in captivity have only been reported from females isolated from males. To better 
understand the effect of the absence or presence of males on the onset of parthenogenesis, further studies on the 
genetic signatures of offspring produced from cohoused male and female individuals are also required. 

It is not possible to rule out potential cues between the mother and daughter shark triggering the onset of par- 
thenogenesis. However the female zebra shark in the Dubai aquarium was not housed with another zebra shark at 
any point prior to maturation and commencing parthenogenetic reproduction’, therefore lending support more 
to the absence of a mate rather than the presence of another female as the driver. 

Critical densities have been proposed as a driver for the onset of parthenogenetic reproduction within a spe- 
cies”*. Under this scenario populations can grow to critical levels through parthenogenesis to increase down- 
stream opportunities for mating success. However given that most examples of parthenogenesis in vertebrates 
from captive environments involve females kept in isolation or with few conspecifics, it is not possible to deter- 
mine what a threshold would be, if at all it exists. The few examples of parthenogenesis from wild vertebrates 
demonstrated overall sex ratios near unity*!, yet this does not take into account potential spatial segregation 
during critical mating periods. Empirical studies in captive conditions could be undertaken to ascertain critical 
levels at higher densities. 

The evolutionary function of facultative parthenogenesis may become clearer when mechanisms are under- 
stood across a range of taxa, but at the moment it remains debatable. Most obligate parthenogenetic vertebrates 
arise from hybridization between closely related species, resulting in elevated individual heterozygosity relative 
to the parental genotypes'!’””*. This is considered adaptive for colonizing new areas where high genetic diversity 
may provide the necessary genetic tools to adapt to new conditions”. Although most obligate parthenogenetic 
lineages are short lived and therefore considered of greater ecological than evolutionary importance"’, they may 
have long-term evolutionary adaptive advantages where back-crossing with sexual species enables genera to 
expand phylogenetically and geographically”’. In contrast, facultative parthenogenesis results in greatly reduced 
genetic diversity and presumably less adaptive advantage in dealing with novel environmental conditions. The 
accumulation of deleterious mutations (Muller’s ratchet*°) results in lineages being short lived unless there is the 
capacity for sexual reproduction. Sexual reproductive competency of parthenogenetic offspring has not yet been 
demonstrated in vertebrates though it has been recorded from other organisms (e.g. Drosophila*’). 

An interesting point of difference in facultative parthenogenesis between elasmobranchs and other vertebrate 
species is the consequence of the genetic mechanism for sexual determination. Cytogenetic analysis of a subset of 
elasmobranch species demonstrated XY male heterogamety and XX female homogamety similar to mammals”. 
This contrasts with birds and many reptiles, which demonstrate ZW female heterogamety with ZZ male homog- 
amety. The exception is the basal snake lineages which may produce viable WW female offspring”’; however see 
Booth & Schuett* where it is suggested that basal snakes including the Pythons and Boas may actually possess 
XX/XY sex chromosomes as opposed to the commonly accepted ZZ/ZW system. Facultative parthenogenesis 
may be particularly advantageous for species having ZZ male homogamety, as it leads to the production of males, 
which are potential future mates. In elasmobranchs however, all observed viable offspring produced by facultative 
parthenogenesis are female*””. 

Facultative parthenogenesis leading to female offspring may then have the adaptive advantage of a ‘holding 
on mechanism, through maintaining female lineages until potential male mates become available again following 
immigration. In particular, elasmobranchs are considered to have ancient lineages with many species extending 
millions of years back in the fossil records*. Population genetic analysis of several elasmobranch species has 
revealed signatures of population bottlenecks associated with glaciation periods***°. Facultative parthenogenesis 
may have assisted populations to survive through these periods of isolation. To address these ideas it’s important 
to identify more examples of facultative parthenogenesis from the wild. Although the exact mechanisms trigger- 
ing facultative parthenogenesis currently remain a mystery, the reproductive flexibility it potentially provides for 
vertebrates may be underestimated for species’ survival and evolution. Examination of contemporary isolated 
populations as well as empirical studies with captive individuals will help investigate the mechanisms, functions 
and prevalence of facultative parthenogenesis in vertebrate species. 
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Methods 
Tissue samples for DNA analysis were collected during husbandry procedures from the mother shark (F1); the 
putative father shark (M1); the mature daughter shark F2 (hatched 2009 from reproduction between the two 
former individuals); four of the deceased embryos from F1 in the austral summer 2014/15 season (2015:1-4); 3 
hatchlings and 1 deceased embryo from FI in the 2015/16 season (2016:1-4); and 1 hatchling from F2 (2016:5). 
To assess the timing of the switch between sexual and parthenogenetic reproduction in F1, we also sampled 
three offspring that had hatched but died during juvenile stages from the last breeding season where the female 
and male were cohoused (2013:1-3). All methods were carried out in accordance with relevant guidelines and 
regulations following husbandry procedures within the Reef HQ Aquarium, Townsville and with approval by the 
University of Queensland Animal Ethics Committee (#ZOO/ENT/490/05). 

DNA was extracted and genotyped at 14 microsatellite loci developed specifically for zebra sharks (as per 
refs 36 and 37). Genotypes were scored using Geneious version 9.1.3°%, 
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Electrodynamic Tethers 


An electrodynamic tether is essentially a long conducting wire extended from a spacecraft. The gravity gradient field (also 
known as the "tidal force") will tend to orient the tether in a vertical position. If the tether is orbiting around the Earth, it will 
be crossing the Earth's magnetic field lines at orbital velocity (7-8 km/s!). The motion of the conductor across the magnetic 
field induces a voltage along the length of the tether. This voltage can be up to several hundred volts per kilometer. 


In an "electrodynamic tether drag" system, such as the Terminator Tether, the tether can be used to reduce the orbit of the 
spacecraft to which it is attached. If the system has a means for collecting electrons from the ionospheric plasma at one end of 
the tether and expelling them back into the plasma at the other end of the tether, the voltage can drive a current along the 
tether. This current will, in turn, interact with the Earth's magnetic field to cause a Lorentz JXB force which will oppose the 
motion of the tether and whatever it is attached to. This "electrodynamic drag force" will decrease the orbit of the tether and 
its host spacecraft. Essentially, the tether converts the orbital energy of the host spacecraft into electrical power, which is 
dissipated as ohmic heating in the tether. 





Figure 1. 
Principle of electrodynamic tether propulsion. 


In a "electrodynamic propulsion" system, the tether can be used to boost the orbit of the spacecraft. If a power supply is 
added to the tether system and used to drive current in the direction opposite to that which it normally wants to flow, the 
tether can "push" against the Earth's magnetic field to raise the spacecraft's orbit. The major advantage of this technique 
compared to other space propulsion systems is that it doesn't require any propellant. It uses the Earth's magnetic field as its 
"reaction mass." By eliminating the need to launch large amounts of propellant into orbit, electrodynamic tethers can greatly 
reduce the cost of in space propulsion. 





Figure 2. 
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ISS Orbit Reboost Project 


SOURCE Tethers Unlimited, Inc. 





For further information on an electrodynamic tether system customized for your spacecraft application, please contact TUI at 
info@tethers.com 





STS-75 
Columbia 
Tethered Satellite System-1R (TSS-1R) 
United States Microgravity Payload-3 (USMP-3) 
KSC Press Release No. 5-96 
February 1996 


The seven member international STS-75 crew will conduct scientific investigations with both the Tethered Satellite System-1R 
(TSS-1R) and United States Microgravity Payload-3 (USMP-3) primary payloads during the 75th Space Shuttle mission. The 
13 day, 16- hour space flight will begin when the Space Shuttle Orbiter Columbia lifts off from Launch Pad 39B and climbs to 
a 184-statute-mile-high orbit with a 28.45- degree inclination to the Earth's equator. 


Once in orbit, the 5 foot (1.6 meter) in diameter TSS-1R satellite will be deployed from its pallet in Columbia's payload bay to 
a distance of 12.4 miles (20.7 kilometers) above the orbiter as an attached, electrically conductive tether the diameter of a 
wooden matchstick unwinds from a motorized reel. After the TSS-1R investigations and retrieval of the satellite, the crew will 
conduct research with four major USMP-3 experiment packages in Columbia's payload bay and three combustion 
experiments in a Glove box facility located in the orbiter’s mid deck area. 


The STS-75 mission is scheduled to end with Columbia's touchdown at the KSC Shuttle Landing Facility. 





Image Courtesy NASA 


The Crew 


The STS-75 crew includes two European Space Agency (ESA) astronauts and one from the Italian Space Agency (ASD), as well 
as four veterans of STS-46, the first TSS-1 mission. 


Mission Commander Andrew M. Allen (Major, USMC) is on his third space flight, having served as pilot of both STS-62 and 
STS-46. The Pilot is Scott J. "Doc" Horowitz (Ph.D.) (Major, USAF), who is on his first Shuttle mission. Payload Commander 
Franklin R. Chang-Diaz (Ph.D.) has flown on STS-60, STS-46, STS-34, and STS 61-C. Mission Specialist Jeffrey A. Hoffman 
(Ph.D.) has served in this capacity on STS 61, STS-46, STS-35 and STS 51-D. Mission Specialist Claude Nicollier (ESA) has 
flown on both STS-61 and STS-46. Mission Specialist Maurizio Cheli (ESA) is a lieutenant colonel in the Italian Air Force. 
Payload Specialist Umberto Guidoni (ASI) is the project scientist responsible for the integration of the Electrodynamic Tether 
Effects (RETE) experiment on the TSS-1R. 


The TSS-1R Mission 


The TSS program is a joint venture between ASI and NASA. Its objectives on this flight are to demonstrate the ability to 
deploy and control satellites on long tethers in space and to conduct space plasma experiments that include the generation of 
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The vernier dial is large to accomodate ease of tuning, and the vernier makes it easy to separate stations. Two golden 
(brass) wood screws fix the face plate to the base. Holes for the face plate were made with special plastic drills, but 
ordinary drills may be used if drilled very SLOWLY. The knob is removable. 
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FM Crystal Circuit #2 
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electrical power. The TSS-1 first flew on STS-46 in 1992, but a mechanical problem allowed the satellite to be deployed only to 
height of 840 feet. The 'R" designation indicates a reflight of the same payload with modifications. 


The primary TSS-1R components are the 1,141- pound (518 kilogram) satellite, its deployer system mounted on a Spacelab 
pallet in the orbiter payload bay and the Spacelab Mission Peculiar Equipment Support Structure (MPESS) that holds the 
three- orbiter-based science instruments to be used in TSS-1R experiments. The satellite carries an additional four 
instruments. This sphere has an aluminum alloy skin that is electrically conductive, three instrument sensor booms, a payload 
module for the science instruments and a service module that contains telemetry, power distribution, data handling and 
navigational equipment. The middle section contains a gaseous nitrogen tank that will fuel the 12 low powered thrusters that 
will propel the satellite during deployment above the orbiter. 


Deployment, Experiments and Retrieval 


On Flight Day 3, the crew will begin deployment by raising a 40 foot (12 meter) deployment boom that elevates the satellite 
and its support structure to this height. Once released, the satellite will climb upward from the orbiter and away from Earth, 
aided by gravitational force and the use of its onboard thrusters, to attain a distance of 12.4 miles (20.7 kilometers) over a 5- 
1/2 hour period. The crew will control the satellite and deployer system from the aft flight deck. 


The attached tether, with a diameter of 0.1 inches (2.5 millimeters) is made of Nomex and Kevlar. This super- strong and thin 
strand, also contains a tin coated, insulated copper wire bundle that makes it electrically conductive. 


As the tether passes through the electromagnetic fields of the Earth's atmosphere, an electrical charge is expected to build up 
between the satellite and the orbiter through an electrodynamic process. Electrons from the ionosphere will be collected at the 
satellite and will travel down the tether to the orbiter. The Deployer Core Equipment (DCORE) instrument in the payload bay 
will control this flow of electrical current in the tether with two electron generator assemblies. The Shuttle Electrodynamic 
Tether System (SETS) will provide measurements of the tether voltage and current and generate an electron beam in support 
of science investigations. The Shuttle Potential and Return Electron Experiment (SPREE) will measure ion and electron 
distribution and determine the orbiter electrical potential. Other investigations will study the effects of the deployed tether 
and satellite on the space environment. 


Approximately 27 hours after deployment, the crew will activate the 5 horsepower electric motor that will rewind the tether 
and draw the satellite back to the top of the satellite support structure in the payload bay. The retrieval will be conducted in 
two phases over a period of 18 hours. 


SOURCE: Kennedy Space Center Press Releases and Fact Sheets 


Tethered Satellite System (TSS-1R) 





Image Courtesy NASA 


The Tethered Satellite System Reflight (TSS-1R) builds on what we learned about tether systems during the TSS-1 mission, 
which was flown in 1992. This second mission gives scientists an exciting opportunity to explore new areas of plasma physics 
and electrodynamics. 
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The TSS hardware has several major elements: the deployer system, which raises the satellite for release, reels out (and in) the 
tether cable, and nestles the satellite back in the payload bay for return to earth; the tether, which connects the satellite to the 
Shuttle and acts as a conductor and an antenna; the satellite, which contains science instruments; and the carriers which hold 
the TSS in the Shuttle's cargo bay. 


As the satellite and tether move through the ionosphere (the very high part of the Earth's atmosphere the Shuttle flies in), they 
"cut" through magnetic field lines, generating high voltage, electrical currents, and plasma disturbances (you'll find 
explanations of theses things scattered through these pages). To investigate these effects, the astronauts onboard will work 
with scientists and engineers on the ground, performing a wide variety of experiments. 


These investigations will help us understand things such as the behavior of comet tails and the radio "noise" emitted by 
Jupiter. Also, by exploring the dynamics of tethered systems, we may develop a variety of possible applications, such as 
generating electrical power or propulsion for future spacecraft. 


SOURCE and More Data 


EARLY FINDINGS FROM TETHERED SATELLITE MISSION 
POINT TO REVAMPING OF SPACE PHYSICS THEORIES 


RELEASE: 96-43 


Numerous space physics and plasma theories are being revised or overturned by data gathered during the Tethered Satellite 
System Reflight (TSS-1R) experiments on Space Shuttle Columbia’s STS-75 mission last March. 


Models, accepted by scientists for more than 30 years, are incorrect and must be rewritten. This assessment follows analysis 
by a joint U.S.-Italian Tethered Satellite investigating team of the information gathered during the mission. 


Source: Marshal Marshall Space Flight Center, Press Release 








EARLY FINDINGS FROM TETHERED SATELLITE MISSION 
POINT TO REVAMPING OF SPACE PHYSICS THEORIES 


RELEASE: 96-43 
Italian Space Agency (ASI) 


Excerpt 


NASA and the Italian Space Agency today released the report of the investigative board appointed to determine factors which 
resulted in the Feb. 25 tether break and loss of the Tethered Satellite during the STS-75 Space Shuttle mission. Findings of the 
board, included in a 358-page document, identified primary causes which accounted for the tether break during deployment 
of the Tethered Satellite. 


The tether failed as a result of arcing and burning of the tether, leading to a tensile failure after a significant portion of the 
tether had burned away," the report concludes. The arcing occurred because either external foreign object penetration (but 
not orbital debris or micrometeoroids) or a defect in the tether caused a breach in the layer of insulation surrounding the 
tether conductor. The insulation breach provided a path for the current to jump, or arc, from the copper wire in the tether to 
a nearby electrical ground... 


Excerpt 

The tether was designed to carry up to 15,000 volts DC and handle tensile forces of up to 400 pounds (1780 newtons). It used 
super-strong strands of Kevlar as a strength-providing member, wound around the copper and insulation. However, postflight 
inspection of the tether end which remained aboard Columbia showed it to be charred. The board concluded that after arcing 
had burned through most of the Kevlar, the few remaining strands were not enough to withstand forces being exerted by 
satellite deployment... 


Source: Marshal Marshall Space Flight Center, Press Release 
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STS-75 'The Tether Incident' Feb. 1996 


Transcript from Report 


"Its called an Electrodynamic Tether designed to collect high energy electrons in the Earth's ionosphere and electromagnetic 
field. The motion of the tether across the Earth's magnetic field produces a voltage along the 12 mile tether. 


Utilizing estimates in the charged density of the earths electromagnetic field and the ionosphere the voltage produces is 
expected to be several hundred volts per kilometer. If successful this experiment could produce a lot of electrical power. If 
additional power is driven along the tether in the opposite direction to that in which it normally wants to flow the tether in 
theory could push negating propulsion against the Earth's gravity to raise the shuttles orbit. 


The advantage to this revolutionary advance in propulsion is that it does not require any rocket fuel If successful 
electrodynamic tethers could prove a way to greatly decrease the cost of in space propulsion. For example the ISS could keep 
itself in orbit saving nearly 2 billion dollars in orbit reboost rocket fuel for every 10 years of the stations operation 


But on Feb. 25 after the 12 mile tether began producing electricity an unexpected overload in electrical energy fluctuating 
between 2 and 10 times that which predicted due to inaccurate estimates in the electrical charge in the earths magnetic field, 
ionosphere, and possibly space radiation fried the tethers conductor cable and it broke severing it from the space shuttle..." 


See the video of the incidence here; 


Video Clip 
STS-75 'The Tether Incident' Feb. 1996 
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Editors Note: This video has been removed by the original poster at Youtube. If anyone knows where a copy might be 
available please contact us at webmaster 


This one is from the hand held Infrared Camera and is not as clear as the other one was and it does not have the interview and 
actual tether deployment portion that the above text was quoted from. STS-75 Alternate Copy 





Critters and UFO's 


The above video, or at least the second portion, has been used by UFO buffs as a classic video of evidence of the existence of 
UFO's in space, and that NASA is aware of it. In this video they are described as dust and debris by the astronauts and seem 
no cause for concern. 


It is interesting to note that most UFO theorists don't talk about the implications of the tether experiments in relation to free 
energy, as this is a proof positive of NASA and others experimenting with just exactly that, and as the above incidence proves, 
they were caught completely off guard with the 2 to 10 times higher than anticipated power flux. 


For our theory on these "UFO's" see here; 


Critters and their Implications 


UFO MAGAZINE REPLIES... 


Smoking Gun 


Well, just such a shift in mood could be upon us. On 11th March UFO Magazine released secret NASA footage into the public 
domain of the STS-75 mission which allegedly shows anomalous, intelligently controlled craft filmed above the Earth. In a 
similar vein to the STS 48 and 80 footage, this latest material to be gleaned from the unwitting NASA organisation goes much 
further, showing objects moving around an enormous tether and structured craft in flight. If this material gains wide-spread 
media coverage, and it’s still an ‘if’, it could bring about the sea-change many Ufologists have been waiting for. Not only have 
the images been described as ‘historic’ by prominent, independent researchers, but the authenticity of the footage is above 
question. 


SOURCE: UFO MAGAZINE UK PART 1 
UFO MAGAZINE UK PART 2 











Low Earth Orbit Spacecraft Charging Design Guidelines 
NASA/TP—2003-212287 


At a voltage of 3500 V, the TSS-1R tether leaked gas into its deployer control reel enclosures and the elevated neutral pressure 
led to Paschen discharge and loss of the mission. On the SAMPIE Shuttle payload bay experiment, a local gas vent had to be 
moved to prevent Paschen discharge. Helium is the most dangerous neutral effluent gas, as it has the lowest Paschen 
breakdown minimum voltage. - Page 5 


In the case of the TSS-1R tether, its 20 km length produced a maximum of about 3500 V potential between its most positive 
and negative ends, since it wasn?t oriented perfectly perpendicular to the velocity vector and the Earth?s magnetic field. A 
satellite at its upper end collected electrons, and an electron gun at the lower end emitted electrons to complete the circuit. 
When the electron gun was not in operation, a large resistance prevented the Shuttle from being biased thousands of volts 
negative of its surrounding plasma. However, there remained a large voltage between the tether lower end and the Shuttle 
orbiter. This enormous bias eventually led to a continuous arc on the tether (see The Continuous Arc, section 4.2.3.1 below), 
which broke, freeing the satellite and ending the experiment. During the arc, the satellite collected over 1 Amp of electron 
current to keep the arc going. Probe theory (Cohen et al, 19870010625 N) is usually used to calculate the total current collected 
by a wire with distributed potentials. However, before the break, TSS-1R demonstrated that a satellite at a high positive 
potential could collect an anomalously large electron current. See Zhang, et al (20000110580), Stone and Raitt (19990084046 
and 20000025437), and Stone, et al (19980202347). - Page 9 


The most famous sustained arc event of all led to the breakage of the TSS-1R electrodynamic tether, and the loss of the 
attached satellite. Figure 8 shows the burned, frayed and broken tether end still attached to the Shuttle after the break. 
Incidentally, the tether continued arcing long after it and its satellite were drifting free, until finally it went into night 
conditions where the electron density was insufficient to sustain the arc. - Page 27 
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Of course, these measures would have severely restricted the power or propulsion that could be obtained by tether operation 
and could not be tolerated on an experiment that was not just a proof-of-concept. An arc detection circuit could have also been 
used to shut the tether down at the satellite end when very large currents were first detected. One should never assume that a 
high voltage power system will not arc. - Page 32 


Contract Number: NAS8-35502 
NASA Subject Category: SPACECRAFT PROPULSION AND POWER 


Abstract: 


The Tethered Satellite System (TSS) will deploy and retrieve a satellite from the Space Shuttle orbiter with a tether of up to 
100 km in length attached between the satellite and the orbiter. The characteristics of the TSS which are related to high 
voltages, electrical currents, energy storage, power, and the generation of plasma waves are described. A number of specific 
features of the tether system of importance in assessing the operational characteristics of the electrodynamic TSS are 
identified. 
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175mm (7 inch) antenna 


Out 


L -5 turns AWG#18 bare copper or silver wire, 12mm inside diameter, tapped at 2.5 turns 
D - 1N34 or rock crystal diode 

Cl - 82 pf capacitor 

C2 - 80 pf air variable capacitor 

C3 - 18 pf capacitor 

R - 150K resistor 


The following photographs show the circuit wired with the handmade Saturn Dial. and knob. It is perhaps not as visually 
striking as set No. 1, but it works just as well. In fact, this set was the original version. Notice that all the wiring and coil 
are copper. 
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The Saturn dial and knob were fashioned from a "doll's head" from Michael's Arts and Crafts, a piece of lucite cut with 
two circle cutters, and a brass paper fastener. The knob is fixed to the tuning capacitor with a small machine screw that fits 
in the hole below the brass fastener. The most difficult part of this was fashioning "Saturn's rings". This must be done very 
carefully and slowly. The inside edge should be cut slightly undersized and then sanded with a drum sander to fit snugly. 
The outside edges can be sanded with fine sandpaper and polished with a plastic polisher. 
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A Line To 
The Universe 


lhe first Tethered Satellite System (TSS-1) will soon 
be launched aboard the Space Shuttle, Circling Earth at 
an altitude of 296 kilometers (km), the reusable tether 
system will be well within the tenuous, electrically 
charged layer of the atmosphere known as the iono- 
sphere, There, a satellite attached to the orbiter by a 
thin conducting cord, or tether, will be reeled from the 
Shuttle payload bay, This will grant scientists experi- 
mental capabilities never before possible. 

On this mission, the satellite will be deployed 20 km 
above the Shuttle. The conducting tether will generate 
high voltage and electrical currents as it moves through 
the ionosphere and allow scientists to examine the 
electrodynamics of a conducting tether system. These 
studies will not only increase our understanding of 
physical processes in the near-Earth space environment 
but will also help provide an explanation for events 
witnessed elsewhere in the solar system. In addition, the 
mission will explore the mechanical dynamics of teth- 
ered systems, providing information that will improve 
future missions and possibly lead to a variety of future 
tether applications. 

Tethered spacecraft can be deployed toward or away 
from Earth, Downward deployment (toward Earth) on 
future missions could place the satellite in regions of 
the atmosphere that have been difficult to study because 
they lie above the range of high-altitude balloons and 
below the minimum altitude of free-flying satellites 
A series of Tethered Satellite System flights, exploring 
in both directions from the Shuttle, could gather data 
previously impossible to obtain. Each flight would 
allow scientists and engineers to conduct new experi- 
ments, explore phenomena discovered through previous 
missions, and develop new uses for tethers in space 
exploration 








Deployment of the Tethered Satellite System upward 
from the Shuttle on TSS-1 allows scientists to gather 
data on performance, while providing an excellent 
platform for a variety of plasma physics and electrody- 
namics investigations. 


ORIGINAL FE00TS 
COLOR Wiiisi ca. fe 


The Tethered Satellite 
System has the potential 
to be deployed toward the 
Earth. On such a future 
mission, large-scale 
investigations of previ- 
ously inaccessible regions 
of the atmosphere could 
be performed. 
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The air variable capacitor may be obtained from Electronix Express at http://www.elexp.com/. Part number 14VCRF10- 
280P. The 80 pf side is recommended for the second circuit, contacts 2-3. Contacts 1 and 3 were used for the first circuit 


(50pf). 


e OSC: 5-59 pf 
e ANT: 5-142 pf 
e OSC and ANT Trimmer 10pf range 
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Mission Objectives 

The era of space-age tethered operations moves 
toward reality with the launch of TSS-I. The 
primary objective of this mission is to demon- 
strate the technology of long tethered systems 
in space and to demonstrate, through scien- 
tific investigations, that such systems are 
useful for research. 


Engineering Goals 

Manipulating a satellite on a tether from the 
orbiter is a unique engineering challenge. 
Because gravity, centrifugal force, and atmo- 
spheric drag vary with altitude, each of the 
two bodies in a tethered system, one orbiting 
above the other, is subject to different influs ~ 
ences. Consequently, the primary engineering 
goal of TSS-1 is to demonstrate that a satellite 
can be deployed, stabilized, and retrieved on a 
long tether in space and that an electrically 
conducting system can be operated success- 
fully. Tether dynamics and control are not 
intuitive; while recling out a satellite on a 
tether is somewhat analogous to flying a kite, 
the analogy breaks down when the environ- 
ments in which the systems operate are com- 
pared. Unlike a kite in the atmosphere, the 
tethered satellite is in an electrically charged 
environment and is controlled by gravity 
gradient rather than aerodynamic forces. TSS-1 
will improve our understanding of tether 
dynamics and allow scientists and engineers 
to develop more sophisticated tether control 
models for future tethered missions. 
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Satellite 
Retrieval 


Science Goals 
Speeding through 
the magnetized iono- 

spheric plasma at almost 8 km 
per second, a 20-km long 


conducting 
ibid eds 
tether y ao {a 
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create | Landing 
ety of very HR. ~ Over ge 
interesting plasma- " “==: , 


electrodynamic phenomena. These are 
expected to provide a variety of unique exper- 
imental capabilities, including the ability to 
collect an electrical charge and drive a large 
current system within the ionosphere, to 
generate high voltages [on the order of 

5 kilovolts (kV) across the tether at full 
deployment, to control the satellite potential 
and the satellite's plasma sheath, and to gener- 
ate low-frequency electrostatic and electro- 
magnetic waves. It is believed that these 
capabilities can be used to conduct controlled 
experimental studies of phenomena and 
processes that occur naturally in plasmas 
throughout the solar system, including Earth's 
magnetosphere. 








Layers of the Atmosphere 


Regions of the Atmosphere 





Earth's electrically neutral atmosphere is composed of four primary 
layers. The lowest layer, the one we live in on Earth's surface, Is 
known as the troposphere and extends as high as 16 km above 

sea level. Extending from about 16 to 48 km is the stratosphere. 
Ninety-nine percent of the air in the atmosphere is located in these 
two regions. Above the stratosphere, from 48 to 85 km is the meso- 
sphere. The uppermost layer Is the thermosphere, which extends to 
approximately 1,000 km. 


The upper thermosphere is also characterized by the presence of 
electrically charged gases, or plasma. This region, which extends 
from 85 to approximately 1,000 km, is also known as the lonosphere. 
The boundaries of the ionosphere vary according to solar activity. 
Overlapping the ionosphere is the magnetosphere, which extends 
from approximately 80 to 60,000 km on the side towards the Sun, and 
trails out more than 300,000 km away from the Sun. The magneto- 
sphere is the region of space surrounding Earth in which the geomag- 
netic field plays a dominant role In the behavior of charged particles. 


TSS-1 will allow scientists te study a variety of lonospheric processes. 
For example, it will generate large-scale electrical current loops in 
the lonosphere. These current loops may be similar to currents that 
occur in the polar regions of the atmosphere associated with auroras. 
Conducting tethers may also provide an allernate source of power for 
future spacecraft. This mission will help quantify the amount of elec- 
trical power that can be produced by conducting tethers. 


The lower region of the thermosphere, from approximately 130 to 

180 km, has been very difficult to explore, Satellites cannot orbit in 
this region because they would rapidly fall from orbit and burn up 
from atmospheric friction. Balloons cannot reach this altitude, and 
sounding rockets pass through the region too quickly to obtain more 
than a quick vertical profile of a particular spot. While TSS-1 will be 
deployed away from Earth, future missions can be deployed down- 
ward. These future Tethered Satellite System missions can spend days 
at these altitudes, gathering valuable data In a previously inacces- 
sible region of our atmosphere. 


the motor control assembly and 

a data acquisition and control 
assembly. The ree] mechanism 

is capable of letting out the tether 
at 16 km per hour; during the 
TSS-! mission, however, the 
tether will be reeled out at a much 
slower rate. 


The Tether 

The tether’s length and electrical 
properties affect all aspects of 
tethered operations. With its 
satellite fully deployed, the 
TSS-1/orbiter combination is 
100 times longer than any previ- 
ous spacecraft, and when the 
tether’s current is pulsed by 
electron accelerators, it becomes 
the longest and lowest frequency 
antenna ever placed in orbit. 
Also, for the first time, scientists 
can measure the charges collected 
by spacecraft with high electrical 
potentials. All these capabilities 
are directly related to the struc- 
ture of the shoe lace-thick tether, 
a conducting cord designed to 
anchor a satellite miles above 
the orbiter. 

The TSS-1 tether is 22-km 
long and is expected to develop a 
5,000 volt (¥V) potential and carry 
a current of up to | ampere (A). 


Deployer System Characteristics 


* Deployer System 
Total mass: 2,027 kg 


Manufactured for Martin-Marietta 
by the Cortland Cable Company 
of New York, the tether has a 
center of Nomex™ that is wrapped 
with copper wire which acts as 
the electrical conductor. The layer 
of wire is insulated with Teflon™, 
which is then covered with braided 
Kevlar™ 29 to give strength to the 
tether. The outer jacket of the 
tether is braided Nomex™ which 
protects the tether against the 
corrosive effects of atomic oxygen 
and mechanism-induced abrasion. 





The different layers of the tether 
can be seen in this photograph. 


Thermal control: 4 coldplates, Multi-Layer Insulation (MLI), thermal 


tent covering pallet 


Power: 500 to 1,000 W (average); | 500 W (peak) 
Data: 16 kbps (telemetry); 2 kbps (command) 


+ Tether Reel Assembly 


Capacity: 22-km conducting tether; 110-km nonconducting tether 


* Boom 
Extended length: 12 m 


TSS-1 Tether Characteristics 


Diameter (outer): 254 mm 
Deployed length: 20 km 
Breakstrength: 1,780 N 
Maximum allowable tension: 700 N 
Maximum expected load: 53 N 
Maximum allowable mass: 8.2 gim 
Temperature range: -100 to +125 °C 
Electrical characteristics: 

current (maximum) ~ 1 A at 10 kV 

de resistance — 0.12 ohmsim 

nominal operating voltage - 5,000 Vde 
Maximum expected operational current: 500 to 750 mA 
Mission life: | mission 
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The Earth’s atmosphere has four primary layers: the troposphere, stratosphere, mesosphere, and thermosphere. These layers protect our 


planet by absorbing harmful radiation. 


Thermosphere 

53-375 Miles 

in tho tharmosphore, molecules of 
oxygen and nitrogen aro bombarded 
by radiation and energetic particles 
from the Sun, causing the molecules 
to split into their component atoms 
and creating heat. The tharmosphere 
increases in tamporature with 
altiturte because the atomic oxygen 
and nitrogen cannot radiata the heat 
from this absorption. 


Mesosphere 
31-53 Miles 


these changes attect ciate. Since 
the mesosphare is responsive to 
small changes in atmospherte 
chemistry and composition, t could 
provide clues for scientists, such as 
how acoed greenhouse gases may 
contribute to a change in tempera- 
ture or water composition tn 

the atmesphere, 


Stratosphere —— 4, | 
10-31 Miles . 


The ozone layer lies within the 
stratosphere and absorbs ultraviolt 
radiation from the Sun. 


Trapes ph et TY 
0-10 Miles 


The troposphere is the layer of tha 
Earth's aimosphoro whore ail human 
activity takes place. 


HUBBLE SPACE TELESCOPE 
370 Miles: 


Aeronomy of Ice in the Mesosphere (AIM) 

NASA's Aoronomy of Ice in the Moscsphere (AIM) satollite can remotely senso 
night-shining clouds in the masosphere. These noctBucent clouds are made of 
ice crystals that form over the summer poles at an altitude too high and a 
temperature too cold for water-vapor clouds. 


lonosphere 


The lonosphere Is a layer of plasma formed by the lonization of atomic 
oxygen and nitrogen by highly energetic ultraviolet and x-ray solar ra- 
dtation, The fonosphere extends from the middle of the mesosphere 
up to the magnetosphere. This layer cycles dally as the daytime ex- 
posure to solar radiation causes the lonization of the stoms that 
can extend down as far as the mesospherc. However, these upper 
atmospheric layers are still mostly neutral, with only one in a 
million particles becoming charged dally. At night, the jonosphere mostly 
collapses as the Sun’s radiation ceases to interact with the atoms In the 
thermosphere. There are stil! smal! amounts of charged atoms caused by 
cosmic radiation. 


Rockets, Balloons, and Satellites 


NASA scientists use balloons to collect in-situ measurements in 
the atmosphere. However, the mesosphere and thermosphere are 
too high for balloons to reach, so scientists use instruments on 
sounding rockets and satellites to gather more detailed measure- 
ments of the upper atmosphere. 


Communication 


A unique property of the ionosphere is that it can refract shori- 
wave radio waves, enabling communication over great distances 
by “bouncing” signals off this ionized atmospheric layer. Variability 
of the ionosphere can interrupt satellite communication, such as 
errors in GPS signals for commercial air navigation. During solar 
storms, this layer can even shut down communication between 
ground stations and satellites. 





Noctilucent Clouds in the Mesosphere 


Evidence of change in the behavior of noctilucent clouds has been 
observed by the AIM mission. Recent data show dramatically low- 
er ice content, leading scientists to speculate about changes in 
weather conditions and pole-to-pole atmospheric circulation. 


BARREL 


The Balloon Array for Radiation-belt Relativistic Hlectron 
Losses (BARREL) is a balloon-based mission to augment the 
measurements of NASA's RBSP spacecraft. BARREL seeks to 
measure the precipitation of relativistic electrons from the ra- 
diation belts during two multi-balloon campaigns operated in 
the Southern Hemisphere. 
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FOREWORD 


A new edition of the Tethers in Space Handbook was needed after the last edition 
published in 1989. Tether-related activities have been quite busy in the 90’s. We have had 
the flights of TSS1 and TSS1-R, SEDS-1 and -2, PMG, TIPS and OEDIPUS. In less than three 
years there have been one international Conference on Tethers in Space, held in Washington 
DC, and three workshops, held at ESA/Estec in the Netherlands, at ISAS in Japan and at the 
University of Michigan, Ann Harbor. The community has grown and we finally have real 
flight data to compare our models with. The life of spaceborne tethers has not been always 
easy and we got our dose of setbacks, but we feel pretty optimistic for the future. We are just 
stepping out of the pioneering stage to start to use tethers for space science and 
technological applications. As we are writing this handbook TiPs, a NRL tether project is 
flying above our heads. 


There is no emphasis in affirming that as of today spaceborne tethers are a reality and 
their potential is far from being fully appreciated. Consequently, a large amount of new 
information had to be incorporated into this new edition. 


The general structure of the handbook has been left mostly unchanged. The past editors 
have set a style which we have not felt needed change. The section on the flights has been 
enriched with information on the scientific results. The categories of the applications have 
not been modified, and in some cases we have mentioned the existence of related flight data. 

We felt that the section contributed by Joe Carroll, called Tether Data, should be 
maintained as it was, being a “classic” and still very accurate and not at all obsolete. 

We have introduced a new chapter entitled Space Science and Tethers since flight 
experience has shown that tethers can complement other space-based investigations. 

The bibliography has been updated. Due to the great production in the last few years we 
had to restrict our search to works published in refereed journal. The production, however, is 
much more extensive. In addition, we have included the summary of the papers presented at 
the last International Conference which was a forum for first-hand information on all the 
flights. 


We would like to thank the previous editors, W. Baracat and C. Butner, P.Penzo and P. 
Amman, for having done such a good job in the past editions that has made ours much easier. 


The completion of this handbook would not have been possible without the contributions 
from the following people: 


A. Allasio A. Jablonski J. Puig-Suari 
F. Angrilli L. Johnson W. Purdy 

S. Bergamaschi K. Kirby C. Rupp 

M. Candidi J. Longuski D. Sabath 

J. Carroll M. Martinez-Sanchez J. Sanmartin 
K. Chance P. Merlina A. Santangelo 
S. Coffey L. Minna S. Sasaki 

D. Crouch J. McCoy N. Stone 

R. Estes A. Misra B. Strim 

L. Gentile V. Modi T. Stuart 

F. Giani P. Musi G. Tacconi 
M. Grossi M. Novara G. Tyc 

D. Hardy K. Oyama F. Vigneron 


R. Hoyt P. Penzo M. Zedd 
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1.1 The Tethered Satellite System Program: TSS-1 and TSS-1R Missions 






S-Band Communications 
To Satellite 


KU-Band Tracking 
Of Satellite 


Figure 1.1 TSS-1 Satellite and Tether Attached to 12 Meter Extendible Boom 


The Tethered Satellite System (TSS) was proposed to NASA and the Italian Space 
Agency (ASI) in the early 1970's by Mario Grossi, of the Smithsonian Astrophysical 
Observatory, and Giuseppe Colombo, of Padua University. A science committee, the 
Facilities Requirements Definition Team (FRDT), met in 1979 to consider the possible 
scientific applications for long tethers in space and whether the development of a tethered 
system was justified. The FRDT report, published in 1980, strongly endorsed a Shuttle-based 
tether system. A NASA-ASI memorandum of understanding was signed in 1984, in which 
NASA agreed to develop a deployer system and tether and ASI agreed to develop a special 
satellite for deployment. A science advisory team provided guidance on science 
accommodation requirements prior to the formal joint NASA-ASI Announcement of 
Opportunity for science investigations being issued in April, 1984. 

The purpose of the TSS was to provide the capability of deploying a satellite on a long, 
gravity-gradient stabilized tether from the Space Shuttle where it would provide a research 
facility for investigations in space physics and plasma-electrodynamics. Nine investigations 
were selected for definition for the first mission (TSS-1) in July, 1985. In addition, ASI 
agreed to provide CORE equipment (common to most investigations) that consisted of two 
electron guns, current and voltage monitors and a pressure gauge mounted on the Orbiter, and 
a linear accelerometer and an ammeter on the satellite. NASA agreed to add a hand-held low 
light level TV camera, for night-time observation of the deployed satellite. The U.S. Air 
Force Phillips Laboratory agreed to provide a set of electrostatic charged particle analyzers, 
mounted in the Shuttle's payload bay, to determine Orbiter potential. 
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Figure 1.2 TSS-1 Configuration on Orbiter 


During TSS-1, which was launched July 31, 1992 on STS-46, the Italian satellite was 
deployed 268 m directly above the Orbiter where it remained for most of the mission. This 
provided over 20 hours of stable deployment in the near vicinity of the Orbiter--the region 
of deployed operations that was of greatest concern prior to the mission. The TSS-1 results 
conclusively show that the basic concept of long gravity-gradient stabilized tethers is sound 
and settled several short deployment dynamics issues, reduced safety concerns, and clearly 
demonstrated the feasibility of deploying the satellite to long distances--which allowed the 
TSS-1R mission to be focused on science objectives. 
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Figure 1.3 TSS1 and TSSIR Timelines 


The TSS-1R mission was launched February 22, 1996 on STS-75. During this mission, 
the satellite was to have been deployed 20.7 km above the Space Shuttle on a conducting 
tether where it was to remain for more than 20 hours of science experiments, followed by a 
second stop for an additional seven to nine hours of experiments at a deployed distance of 
2.5 km. 

The goals of the TSS-1R mission were to demonstrate some of the unique applications of 
the TSS as a tool for research by conducting exploratory experiments in space plasma 


physics. It was anticipated that the motion of a long conducting tether through the Earth's 
magnetic field would create a large motional emf that would bias the satellite to high voltages 
and drive a current through the tether system. The circuit for the tether current would be 
closed by a large external loop in the conducting ionospheric plasma where an array of 
physical phenomena and processes would be generated for controlled studies. 

Although the TSS-1R mission was not completed as planned, the Italian satellite was 
deployed to a distance of 19.7 km--making TSS-1R the largest man-made electrodynamic 
structure ever placed in orbit. This deployment was sufficient to generate high voltages 
across the tether and extract large currents from the ionosphere. These voltages and 
currents, in turn, excited several space plasma phenomena and processes of interest. Active 
tether science operations had begun at satellite fly-away and continued throughout the 
deployment phase, which lasted more than 5 hours. As a result, a high-quality data set was 
gathered and significant science activities had already been accomplished prior to the time 
the tether broke. These activities included the measurement of the motional emf, satellite 
potential, Orbiter potential, current in the tether, charged particle distributions, and electric 
and magnetic fields. Significant findings include: 


(1) Currents, collected by the satellite at different voltages during deployment, that 
exceeded the levels predicted by the best available numerical models by factors of up 
to three (see figure 1.4). 

(2) Energetic electrons, that are not of natural ionospheric origin and whose energy 
ranged as high as 10 keV, were observed coincident with current flow in the tether. 
These data suggested possible energization of electrons by wave-particle 
interactions(see figure 1.5). 

(3) A large increase of the tether current, a precipitous drop of the satellite bias voltage, 
very intense and energetic ion fluxes moving outward from the satellite's high-voltage 
plasma sheath, and a strong enhancement of the ac electric field in the 200 Hz to 2 
kHz range-all observed to be concurrent with a satellite ACS yaw thruster firing. 
These observations imply a plasma density enhancement by ionization of the neutral 
gas emitted by the satellite thrusters. 
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Figure 1.4 Measured TSS-1R and Figure 1.5 Energetic electron Population 
theoretically predicted I-V characteristics measured at the satellite’s surface. 


It is already apparent, therefore that the data gathered during TSS-1R have the potential 
to significantly refine the present understanding of the physics of (1) the collection of 
current and production of electrical power or electrodynamic thrust by high-voltage tethered 
systems in space, (2) the interaction of spacecraft, and even certain types of celestial bodies, 


with their local space plasmas, and (3) neutral gas releases in space plasmas and their effect 


on both of the above processes. 


20 lan EMF = 2 ta Ske 







Rotation 
ah 


Figure 1.6 TSS Functional Schematic 


The sensor package on the boom was electrically isolated from the satellite, and its 
potential was controlled by the ROPE floating power supply. For satellite potentials up to 
500 V, the sensor package was maintained near the local plasma potential to allow 
unambiguous measurements to be obtained. The potential of the sensor package could also be 
swept to allow the package itself to serve as a diagnostic probe. 


TSS-1R Science Investigators 


TSS Deployer Core Equipment and 
Satellite Core Equipment 
(DCORE/SCORE) 


Carlo Bonifazi, Principal Investigator 
Agenzia Spaziale Italiana 


The Tethered Satellite System Core 
Equipment will demonstrate the capability 
of a tethered system to produce electrical 
energy and will allow studies of the 


electrodynamic interaction of the tethered 
system with the ionosphere. The TSS 
Core Equipment controls the current 
flowing through the tether between the 
satellite and the orbiter and makes a 
number of basic electrical and physical 
measurements of the Tethered Satellite 
System. 

Deployer Core Equipment consists of 
several instruments and sensors on the 
starboard side of the MPESS in the 


payload bay. A master switch connects 
the tether conductor to science equipment 
in the orbiter payload bay; a power 
distribution and electronic control unit 
provides basic power, command, and data 
interfaces for all Deployer Core 
Equipment except the master switch; and a 
voltmeter measures the tether potential 
with respect to the orbiter structure. The 
Core Electron Accelerator has two 
electron-beam emitters that can eject up 
to 750 milliamperes of current from the 
system. Two other instruments 
complement the electron  accelerator's 
operations: a vacuum gauge to measure 
ambient gas pressure and to prevent 
operation if pressure conditions could 
cause arcing and a device to connect either 
generator head to the tether electrically. 

Satellite Core Equipment consists of a 
linear three-axis accelerometer and an 
ammeter. The accelerometer (along with 
the satellite's gyroscope) will measure 
satellite dynamics, while the ammeter will 
provide a slow sampling monitor of the 
current collected on the skin of the TSS- 
1R satellite. 


Research on Orbital Plasma 


Electrodynamics (ROPE) 


Nobie Stone, Principal Investigator 
NASA Marshall Space Flight Center 


This investigation is designed to study 
the behavior of the ambient ionospheric 
charged particle populations and of ionized 
neutral particles around the TSS-IR 
satellite under a variety of conditions. 
Since the collection of free electrons from 
the surrounding plasma produces current in 
the tether, knowledge of the behavior of 
charged particles is essential to 
understanding the physics of tether current 
production. 

From its location on the satellite's 
fixed boom, the Differential Ion Flux 
Probe measures the energy, temperature, 
density, and direction of ambient ions that 
flow around the satellite, as well as neutral 
particles that have been ionized in the 
satellite's plasma sheath and accelerated 
outward radially. In this instrument, an 


electrostatic deflection system, which 
determines the charged particle direction 
of motion over a range of 100 degrees, 
routes particles to a retarding potential 
analyzer, which determines the energy of 
the ion stream, measuring particle energies 
from 0 to 100 electron volts (eV). The 
directional discrimination of the 
Differential Ion Flux Probe will allow 
scientists to differentiate between the 
ionospheric ions flowing around the 
satellite and the ions that are created in 
the satellite's plasma sheath and 
accelerated outward by the sheath's electric 
field. 

The Soft Particle Energy 
Spectrometer instrument is a collection of 
five electrostatic analyzers that measure 
electron and ion energies from 1 to 
10,000 eV. Three analyzer modules 
provide measurements at different 
locations on the surface of the satellite's 
hemispherical Payload Module. These 
sensors determine the potential of the 
satellite and the distribution of charged 
particles flowing to its surface. Two other 
Soft Particle Energy Spectrometer sensors, 
mounted with the Differential Ion Flux 
Probe on the end of the boom, measure 
ions and electrons flowing both inward and 
outward from the _ satellite. These 
measurements can be used to calculate the 
local potential of the plasma sheath. 

The sensor package on the boom is 
electrically isolated from the satellite, and 
its potential is controlled by the floating 
power supply. For satellite potentials up 
to 500 V, the sensor package will be 
maintained near the local plasma potential 
to allow unambiguous measurements to be 
obtained. The potential of the sensor 
package also can be swept, allowing the 
package itself to serve as a diagnostic 
probe. 


Research on Electrodynamic Tether 
Effects (RETE) 


Marino Dobrowolny, Principal 
Investigator 
Agenzia Spaziale Italiana 


The behavior of electrostatic waves 
and plasma in the region around a tethered 
satellite affects the ability of that satellite 
to collect ions or _ electrons and, 
consequently, the ability of the tether to 
conduct an electric current. This 
investigation provides a profile of the 
electrical potential in the plasma sheath 
and identifies waves excited by this 
potential in the region around the satellite. 
probes, placed directly into the plasma in 
the vicinity of the satellite, map 
alternating current (ac) and direct current 
(dc) electric and ac magnetic fields 
produced as the current in the tether is 
changed by instabilities in the plasma 
sheath or as the Fast-Pulse Electron 
Accelerator or Core Electron Accelerator 
or Core Electron Accelerator is fired in 
the payload bay. 

The instruments are mounted in two 
canisters at the end of a pair of 2.4 m 
extendible booms. As the satellite spins, 
the booms are extended, and sensors 
measure electric and magnetic fields, 
particle density, and temperature at 
various angles and distances in the 
equatorial plane of the satellite. To 
produce a profile of the plasma sheath, 
measurements of dc potential and electron 
characteristics are made both while the 
boom is fully extended and as it is being 
extended or retracted. The same 
measurements, taken at only one distance 
from the spinning satellite, produce a map 
of the angular structure of the earth. 

One boom carries a wave sensor 
canister, which contains a three-axis ac 
electric field meter and a two-axis search 
coil ac magnetometer to identify electric 
fields and electrostatic waves and to 
characterize the intensity of surrounding 
magnetic fields. Highly sensitive radio 
receivers and electric field preamplifiers 
within the canister complement the 
operations of the probes. 


On the opposite boom, a plasma 
package determines electron density, 
plasma potential, and low-frequency 
fluctuations in electric fields around the 
satellite. A Langmuir probe with two 
metallic sensors samples the plasma 
current; from this measurement, plasma 
density, electron temperature, and plasma 
potential may be determined. This 
potential is then compared to that of the 
satellite. Two other probes measure low- 
frequency electric fields. 


Magnetic Field Experiment for TSS 
Missions (TEMAG) 


Franco Mariani, Principal Investigator 
Second University of Rome 


The primary goal of the TEMAG 
investigation is to map the magnetic fields 
around the satellite. If the magnetic 
disturbances produced by satellite 
interference, attitude changes, and the 
tether current can be removed from 
measurements of the ambient magnetic 
fields, the Tethered Satellite System will 
prove an appropriate tool for magnetic 
field studies. 

Two triaxial fluxgate magnetometers, 
very accurate devices designed to measure 
magnetic field fluctuations, are located on 
the fixed boom. One sensor at the tip of 
the boom and another at mid-boom 
characterize ionospheric conditions at two 
distances from the satellite, determining 
the magnetic signature that is produced as 
the satellite moves rapidly through the 
ionosphere. Combining measurements 
from the two magnetometers allows real- 
time estimates to be made of the magnetic 
fields produced by the presence of satellite 
batteries, power systems, gyros, motors, 
relays, and permanent magnets. The 
environment at the tip of the boom should 
be less affected by the spacecraft 
subsystems than that at mid-boom. After 
the mission, the variable effects of 
switching satellite subsystems on and off, 
of thruster firings, and of other operations 
that introduce magnetic disturbances will 
be modeled by investigators in an attempt 


to remove these spurious signals from the 
data. 

The two magnetometers will make 
magnetic field vector readings 16 times 
per second to obtain the geographic and 
temporal resolution needed to locate 
short-lived or thin magnetic structures. 
The readings will be made two times per 
second to allow discrimination between 
satellite-induced magnetic noise, the 
magnetic signals produced by the tether 
current, and the ambient environment. 
The magnetometers will alternate these 
rates: while the one on the tip of the 
boom operates 16 times per second, the 
midpoint magnetometer will operate twice 
per second and vice versa. Data gathering 
begins as soon as possible after the satellite 
is switched on in the payload bay and 
continues as long as possible during 
satellite retrieval. 


Shuttle Electrodynamic Tether 
System (SETS) 


Brian Gilchrist, Principal Investigator, 
University of Michigan 


This investigation is designed to study 
the current-voltage characteristics of the 
orbiter-tether-satellite system and the 
fundamental controlling parameters in the 
Earth's ionosphere. This is accomplished 
through control of the tether system 
electrical load impedance and the emission 
of electrons at the orbiter end of the 
system. The experiment also explores the 
use of space tethers as science tools. 
Orbiter charging processes are measured 
using electron emissions plus the tethered 
satellite as a remote electrical reference. 
Plasma waves generated by electron beams 
are measured by receives at the satellite. 
Ionospheric spatial structure is 
investigated by simultaneous in-situ 
measurements at both the orbiter and 
satellite. Also, electrodynamic tether low- 
frequency radio wave reception, emission, 
and transient response are investigated. 

The hardware is located on the MPESS 
near the center of the payload bay and 
adjacent to the deployer pallet. A Tether 
Current-Voltage Monitor measures tether 


current and voltage, while controlling 
tether circuit load resistance. The Fast- 
Pulse Electron Accelerator emits an 
electron beam of 100 or 200 milliamperes 
at an energy of 1000 electron volts. The 
beam can be pulsed with on/off times 
ranging from 400 nanoseconds to 107 
seconds. The beam balances the tether 
current and is used to control the level of 
charging of the Space Shuttle orbiter. In 
addition, the beam is used as an active 
stimulus of the plasma near the orbiter in 
support of several scientific objectives. 

The Spherical Retarding Potential 
Analyzer, mounted on a stem at one 
corner of the support structure, records 
plasma ion density and energy distribution 
in the payload bay. Similarly, a Langmuir 
Probe measures __ electron plasma 
temperature and density and is mounted on 
the tower also. At the center of the 
support structure, the Charge and Current 
Probe measures the return current to the 
orbiter, recording large and rapid changes 
in orbiter potential, such as those that are 
produced when electrons are conducted 
from the tether to the orbiter frame or 
when an electron beam is emitted. A 
three-axis fluxgate magnetometer 
measures the magnetic field, allowing the 
magnetic field lines in the payload bay to 
be mapped, which is crucial since electron 
beams and the flow of plasma spiral in 
response to these fields. Using this 
information, scientists can aim _ the 
electron beam at various targets, including 
orbiter surfaces, to study the fluorescing 
that occurs. 


Shuttle Potential and Return Electron 
Experiment (SPREE) 


David Hardy, Principal Investigator 
Department of the Air Force, Phillips 
Laboratory 


SPREE will measure the charged 
particle populations around the orbiter for 
ambient space conditions and during active 
TSS-1IR operations. SPREE supports the 
TSS-1R _electrodynamic mission by 
determining the level of orbiter charging 
with respect to the ambient space plasma, 


by characterizing the particles returning to 
the orbiter as a result of TSS-1IR electron 
beam operation, and by investigating local 
wave particle interactions produced by 
TSS-IR operations. 

SPREE is mounted on the port side of 
the MPESS. The sensors for SPREE are 
two pairs of electrostatic analyzers, each 
pair mounted on a rotary table motor 
drive. The sensors measure the flux of all 
electrons and ions in the energy range 
from 10 eV to 10 keV that impact the 
orbiter at the SPREE location. The 
energy range is sampled either once or 
eight times per second. The sensors 
measure the electrons and __ ions 
simultaneously over an angular field of 
view of 100 x 10 degrees. This field of 
view, combined with the motion of the 
rotary tables, allows SPREE measurements 
over all angles out of the payload bay. 

The Data Processing Unit (DPU) 
performs all SPREE command and control 
functions and handles all data and power 
interfaces to the orbiter. In addition, the 
DPU processes SPREE data for use by the 
crew and the ground support team. A 
portion of the SPREE data is downlinked 
in real time, and the full data set is stored 
on two SPREE Flight Data Recorders 
(FDRs). Each FDR holds up to 2 gigabytes 
of data for postflight analysis. 


Tether Optical Phenomena 
Experiment (TOP) 


Stephen Mende, Associate Investigator 
Lockheed 


Using a hand-held camera system with 
image intensifiers and special filters, the 
TOP investigation will provide visual data 
that may allow scientists to answer a 
variety of questions concerning tether 
dynamics and optical effects generated by 
TSS-IR. In particular, this experiment 
will examine the high-voltage plasma 
sheath surrounding the satellite. 

In pace of the image-intensified 
conventional photographic experiment 
package that has flown on nine previous 
Shuttle missions, a charge-coupled device 
electronic system will be used instead of 


film. This new system combines the 
image intensifier and the charge-coupled 
device in the same _ package. The 
advantage of charge-coupled devices over 
film is that they allow real-time 
observation of the image, unlike film, 
which has to be processed after the 
mission. The system also provides higher 
resolution in low-light situations than do 
conventional video cameras. 

The imaging system will operate in 
four configurations: filtered, 
interferometric, spectrographic, and 
filtered with telephoto lens. The basic 
system consists of a 55 mm F/1.2 or 135 
mm F/2.0 lens attached to the charge- 
coupled device equipment. Various slide- 
mounted filters, an air-spaced Fabry Perot 
interferometer, and spectrographic 
equipment will be attached to the 
equipment so that the crew can perform 
various observations. 

In one mode of operation, the current 
developed in the Tethered Satellite System 
is closed by using electron accelerators to 
return electrons to the plasma surrounding 
the orbiter. The interaction between these 
electron beams and the plasma is not well 
understood. Scientists expect to gain a 
better understanding of this process and 
how it affects both the spacecraft and the 
plasma by using the charge-coupled device 
to make visual, spectrographic, and 
interferometer measurements. Thruster 
gasses also may play a critical role in 
Tethered Satellite System operations. By 
observing optical emissions during the 
buildup of the system-induced 
electromotive force (emf) and during gas 
discharges, scientists can understand better 
the interaction between a_ charged 
spacecraft and the plasma environment 
and will increase their knowledge of how 
the current system closes at the poles of 
the voltage source. 


Investigation of Electromagnetic 
Emissions by the Electrodynamic 
Tether (EMET) 


Robert Estes, Principal Investigator 
Smithsonian Astrophysical Observatory 
(SAO) 


Observations at the Earth's Surface of 
Electromagnetic Emissions by TSS 
(OESEE) 


Giorgio Tacconi, Principal Investigator 
University of Genoa 


One goal of these investigations is to 
determine the extent to which waves that 
are generated by the tether interact with 
trapped particles and precipitate them. 
Wave-particle interactions are thought to 
occur in the Van Allen radiation belts 
where waves, transmitted from Earth, 
"jar" regions of energetic plasma and cause 
particles to "rain" into the lower 
atmosphere. Although poorly understood, 
wave-induced precipitation is important 
because it may affect activity in the 
atmosphere closer to Earth. Various wave 
phenomena that need to be evaluated are 
discrete emissions,  lightning-generated 
whistlers, and sustained waves, such as 
plasma "hiss." Wave receivers on the 
satellite detect and measure the 
characteristics of the waves, and particle 
detectors sense wave-particle interactions, 
including those that resemble natural 
interactions in radiation belts. Ground 
stations may be able to detect faint 
emissions produced as waves disturb 
particles and — enhance ionization. 
Furthermore, the current is carried away 
from the tethered system through the 
ionosphere by electromagnetic waves. 
Also, investigators want to know what 
type of wave predominates in this process 
and whether the tether-ionosphere current 
closure occurs near the system or hundreds 
of kilometers away. Ground-based 
measurements may be able to shed light on 
this question. 

Another goal is to determine how well 
the Tethered Satellite System can 
broadcast from space. Ground-based 
transmissions, especially those below 15 
kHz, suffer from inefficiency. Since large 
portions of ground-based antennas are 
buried, most of the power supplied to the 
antenna is absorbed by the ground. 
Because of the large antenna size and 
consequent high cost, very few ground- 
based transmitters operate at frequencies 
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below 10 kHz. Since the Tethered 
Satellite System operates in the 
ionosphere, it should radiate waves more 
efficiently. For frequencies lower than 15 
kHz, the radiated signals from a 1 kW 
space transmitter may equal that from a 
100 kW ground transmitter. 

Waves generated by the tether will 
move in a complex pattern within the 
ionosphere and into the magnetosphere. 
EMET and OESE science teams will 
operate ground stations equipped with 
magnetometers at remote sites along the 
TSS ground track. The EMET sites on 
Mona Island (Puerto Rico) and Bribie 
Island (Australia) are capable of measuring 
frequencies from near dc to 40 kHz. The 
OESEE sites in the Canary islands and 
Kenya utilize Superconducting Quantum 
Interference Devices (SQUIDs) and coil 
magnetometers to monitor frequencies 
below 100 Hz. Researchers at these sites 
will try to measure the emissions produced 
by the TSS and will track the direction of 
waves that are generated when electron 
accelerators in the orbiter payload pulse 
the tether current as the orbiter passes 
overhead. The incoherent scattering radar 
and antenna at the Arecibo Radio 
Telescope facility will attempt to observe 
the ionospheric perturbations produced by 
the TSS system. 


Investigation and Measurement of 
Dynamic Noise in the TSS (IMDN) 


Gordon Gullahorn, Principal Investigator 
Smithsonian Astrophysical Observatory 


Theoretical and Experimental 
Investigation of TSS Dynamics (TEID) 


Silvio Bergamaschi, Principal Investigator 
Institute of Applied Mechanics 


TSS-1IR will be the longest structure 
ever flown in space, and its dynamic 
behavior will involve oscillations over a 
wide range of frequencies. Although the 
major dynamic characteristics are readily 
predicted, future applications of long 
tethers demand verification of the 
theoretical models. Moreover, higher 


frequency oscillations, which are 
essentially random, are more difficult to 
predict. This behavior, called "dynamic 
noise,” is analogous to radio static. An 
understanding of its nature is needed if 
tethered platforms are to be used for 
microgravity facilities and for studying 
fluctuations in the small-scale structure of 
Earth's gravitational and magnetic fields. 
These gravitational fluctuations are caused 
by variations in the composition and 
structure of Earth's crust and may be 
related to mineral sources. 

These two investigations will analyze 
data from a variety of instruments to 
study Tethered Satellite System dynamics. 
The primary instruments will be the 
accelerometers and gyros on board the 
satellite; however, tether tension and 
length measurements and magnetic field 
measurements also will be used. The 
dynamics will be observed in real time at 
the Marshall Space Flight Center (MSFC) 
Payload Operations Control Center 
(POCC) and will be subjected to detailed 
postflight analysis. Basic models and 
simulations will be verified (and extended 
or corrected as needed); then, these can be 
used confidently in the design of future 
tethered missions, both of the Tethered 
Satellite System and of other designs. The 
dynamic noise inherent to the system will 
be analyzed to determine if tethered 
systems are suitable for sensitive 
observations of the geomagnetic and 
gravitational fields and, if required, to 
develop possible damping methods. 


Theory and Modelling in Support of 
Tethered Satellite Applications 
(TMST) 


Adam Drobot, Principal Investigator 


Science Applications International 
Corporation (SAIC) 
This investigation will develop 


numerical models of the tether system's 
overall current and voltage characteristics, 
of the plasma sheaths that surround the 
satellite and the orbiter, and of the 
system's response to the operation of the 
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electron accelerators. Also of interest are 
the plasma waves generated as the tether 
current is modulated. All data collected on 
the mission will be combined to refine 
these models. 

Two- three-dimensional 
mathematical models of the 
electrodynamics of the tether system will 
be developed to provide an understanding 
of the behavior of the electric and 
magnetic fields and the charged particles 
surrounding the satellite. These studies are 
expected to model the plasma sheath 
(through which the satellite travels) under 
a variety of conditions. This includes 
those in which the motion of the tether 
and neutral gas emissions from the 
thrusters are not considered, those that 
incorporate the effects of tether motion, 
and those that factor in the gas emissions. 

The sheath surrounding the orbiter has 
several unique features that are related to 
the ability of the electron accelerators to 
control the orbiter's potential. Models of 
the orbiter's sheath, when small currents 
are flowing in the tether, will consider the 
potential of the orbiter to be negative; for 
large currents, models will be developed 
assuming a positive orbiter potential. In 


and 


this way, the sheath structures and 
impedance characteristics of the 
orbiter/plasma interface can be studied. 
The response of plasma to the 
electromotive force produced by the 


motion of the tether system through the 
geomagnetic field is another focus of the 
TMST investigation. Using data from 
other studies, kinetic plasma processes will 
be analyzed or numerically simulated by 
computer to model the reaction of the 
ionosphere to the passage of TSS-1R. 

This investigation also models the 
relationship between the efficiency of 
wave generation and the amount of 
current flowing through the tether to 
examine how the tether antenna couples 
to the ionosphere and how _ ultra-low- 
frequency (ULF) and very-low frequency 
(VLF) wave propagate through the 
ionosphere. These models _ will 
complement the information gathered by 
TSS-IR instruments at ground stations. 
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Failsafe Multiline Tethers for Long Tether Lifetimes (Hoytether) 


APPLICATION: Long-life, damage resistant tether system for 
extended-duration, high-value, and crew-rated missions. Applications 
include low-drag, long life tethers for atmospheric and ionospheric 
science, electrodynamic tethers for in-orbit power and propulsion, and 
high-strength tethers for LEO-GEO-Lunar transport systems. 


DESCRIPTION: The lifetimes of conventional single-line tethers are 
limited by damage due to meteorite and orbital debris impactors to 
periods on the order of weeks. Although single-line tether lifetimes 
can be improved by increasing the diameter of the tether, this incurs a 
prohibitive mass penalty. The Hoytether, shown in the figure, is a 
tether structure composed of multiple lines with redundant interlinking 
that is able to withstand many impacts. 





Hoytether Section 


CHARACTERISTICS: 
e Can be designed to have survival probabilities of >99% for periods of months to years. 


CRITICAL ISSUES: 
Development of methods to fabricate and deploy many-kilometer long multiline tethers. 


STATUS: 
e 1/2 km long samples of bi- and tri- line Hoytethers were fabricated during a Phase I SBIR effort. 
e A 1/2 km bi-line Hoytether was successfully deployed from a SEDS deployer ground tests. 


e Development of methods for fabricating and deploying multi-kilometer conducting and non- 
conducting Hoytethers continues under a Phase II SBIR contract. 


DISCUSSION: Analytical modeling, numerical simulation, and ground-based experimental testing of this 
design indicate that this tether structure can achieve lifetimes of tens of years without incurring a mass 
penalty. Moreover, while single-line tether survival probability drops exponentially with time, redundant 
linkage in failsafe multiline tethers keeps the tether survival probability very high until the tether lifetime is 
reached. The survival probability of a failsafe multiline tether is compared to that of an equal-mass single 
line tether in next figure. 
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failsafe multiline 7 
tether 


Survival Probability 


single line tether 
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Time, Years 
Lifetime comparison of equal-weight single line 
and failsafe multiline tethers for a low-load mission. 


CONTACTS: 
e Robert P. Hoyt 
e Robert L. Forward 


REFERENCES: 
Proceeding of the Fourth International Conference on Tethers in Space, Washington, DC, 10-14 April 
1995. 
R.L. Forward, R.P. Hoyt, Failsafe Multistrand Tether SEDS Technology Demonstration, Final 
Report on NAS8-40545 SBIR 94-1 Phase I Research Study. 





R.L. Forward, Failsafe Multistrand Tethers for Space Propulsion, Forward Unlimited, Final Report 
on NAS8-39318 SBIR 91-1 Phase I Research Study. 
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4.1 GRAVITY GRADIENT 
4.1.1 General 


Gravity-gradient forces are fundamental to the general tether applications of controlled gravity, and 
the stabilization of tethered platforms and constellations. The basic physical principles behind gravity- 
gradient forces will be described in this section. This description will be in three parts. The first will 
discuss the principles behind the general concept of gravity-gradient forces. The second will continue the 
discussion, addressing the specific role of these forces in controlled-gravity applications. The third will 
address their role in the stabilization of tethered platforms and constellations. 


For the purposes of this discussion, it will be sufficient to describe the motion of the simple 
"dumbbell" configuration, composed of two masses connected by a tether. Figure 4.1 shows the forces 
acting on this system at orbital velocity. When it is oriented such that there is a vertical separation between 
the two masses, the upper mass experiences a larger centrifugal than gravitational force, and the lower 
mass experiences a larger gravitational than centrifugal force. (The reason for this is described later in the 
discussion.) The result of this is a force couple applied to the system, forcing it into a vertical orientation. 
This orientation is stable with equal masses, and with unequal masses either above or below the center of 
gravity. Displacing the system from the local vertical produces restoring forces at each mass, which act to 
return the system to a vertical orientation. The restoring forces acting on the system are shown in Figure 
4.2 (see Ref. 1). 
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Figure 4.1 Forces on Tethered Satellites 


Since the gravitational acceleration changes nonlinearly with distance from the center of the Earth, 
the center of gravity of the tethered system will not coincide exactly with its center of mass. The 
separation becomes more pronounced as the tether length increases. However, the separation is not 
dramatic for systems using less than very large long lengths. Therefore, for the purpose of this discussion 
it will be assumed that the center of mass coincides with the center of gravity. Furthermore, to facilitate an 
"uncluttered" discussion, the two masses will be assumed to be equal, and the tether mass will be ignored. 
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Figure 4.2 Restoring Forces on Tethered Satellites 


The gravitational and centrifugal forces (accelerations) are equal and balanced at only one place: 
the system's center of gravity (C.G.). The center of gravity (or mass), located at the midpoint of the tether 
when the end masses are equal, is in free fall as it orbits the Earth, but the two end masses are not. They 
are constrained by the tether to orbit with the same angular velocity as the center of gravity. For the center 
of gravity in a Keplerian circular orbit, equating the gravitational and centrifugal force, 








GMM, 2 
r2 ~ M, 5 and 
oO 
GM 
2 = ; where 
te) 3 
r Oo 


G = universal gravitational constant (6.673 x 10-11 Nm2/kg2), 

M = mass of the Earth (5.979 x 1024 kg), 

M, = total tether system mass (kg), 

r = radius of the system's center of gravity from the center of the 
Earth (m), and 


@, = orbital angular velocity of the center of gravity (s-l), 


Since 
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4.4.3 Thrusters 


As mentioned in the previous two sections, electrodynamic tether systems can be used to generate 
thrust or drag. Consider the gravity-gradient-stabilized system in Earth orbit, for example. Its motion 
through the geomagnetic field induces an emf across the tether. When the current generated by this emf is 
allowed to flow through the tether, a force is exerted on the current (on the tether) by the geomagnetic field 
(see Figure 4.27). This force is given by: 


F = fad)xB -1fa@xB , 


along length of tether along length of tether 
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For the special case of a straight tether, this equation simplifies to: 


ae i ee ae 
F = ILxB J; 
where 
> . . . . . ee 
L = tether length - a vector pointing in the direction of positive 
current flow (m). 


This equation for the electromagnetic force on a straight tether can also be written as: 


F = ILBsinO0  ; 
where 


> 9 
6 = angle between L andB . 


Its maximum value occurs when the tether is perpendicular to the magnetic field. 


Depending on the relative orientation of the magnetic field to the tether velocity, this force can have 
a component parallel to the velocity and one perpendicular to the velocity. Considering the parallel 
(inplane) component, whenever the current induced in the tether by the magnetic field is allowed to flow, 
this component of the force always acts to reduce the relative velocity between the tether system. In low 
Earth orbit, where the orbital velocity of the tether is greater than the rotational velocity of the geomagnetic 
field and they are rotating in the same direction, this force is a drag on the tether. This means that when 
electric power is generated by the system for on-board use, it is generated at the expense of orbital energy. 
If the system is to maintain its altitude, this loss must be compensated by rockets or other propulsive 
means. 


When current from an on-board power supply is fed into the tether against the induced emf, the 
direction of this force is reversed. This force follows the same equation as before, but now the sign of the 
cross product is reversed, and the force becomes propulsive. In this way, the tether can be used as a 
thruster. Therefore, the same tether system can be used reversibly, as either an electric generator or as a 
thruster (motor). As always, however, there is a price to be paid. The propulsive force is generated at the 
expense of on-board electrical power. 


It is necessary to distinguish between tether systems orbiting at subsynchronous altitudes, and 
those orbiting at altitudes greater than the synchronous altitude, where the sense of the relative velocity 
between the satellite and the magnetic field rest frame is reversed (often thought of in terms of a concept 
known as the "co-rotating field"). An analogous situation exists in orbits around Jupiter for altitudes 
greater than 2.2 Jovian radii from its center (the Jovian synchronous altitude: 1.e., the altitude at which the 
rotational angular velocity of an orbiting satellite equals the rotational velocity of Jupiter and its magnetic 
field). Another analogous situation exists in interplanetary space if a spacecraft moves outward at a speed 
of 400 km/s). In such cases, dissipation of the induced electrical current would produce a thrust (not a 
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drag) on the tether. Again, the force acts to bring the relative velocity between the tether and the magnetic 
field rest frame to zero. In such cases, feeding current into the tether against the induced emf would 
produce a drag. When moving in a direction opposite to the direction of motion of the magnetic field, the 
effects would be reversed. 


Systems have been proposed to operate reversibly as power and thrust generators (Ref. 4 and 10). 
Such systems could provide a number of capabilities. Calculations of the performance of a 200 KW 
system is given in figure 4.26. 


In addition to the in-plane component, the electromagnetic force on the tether current generally also 
has an out-of-plane component (perpendicular to the tether velocity). For an orbiting tether system, the 
out-of-plane force component acts to change the orbital inclination, while doing no in-plane mechanical 
work on the tether and inducing no emf to oppose the flow of current in the tether. This makes 
electrodynamic tethers potentially ideal for orbital plane changes. Unlike rockets, they conserve energy 
during orbital plane changes. If the current is constant over a complete orbit, the net effect of this force is 
zero (since reversals in the force direction during the orbit cancel each other out). On the other hand, if a 
net orbital inclination change is desired, it can be produced by simply reversing the tether current at points 
in the orbit where the out-of-plane force reverses its direction, or by allowing a tether current to flow for 
only part of an orbit. Attention must be paid to this out-of-plane force when operating a tether alternately 
as a generator and thruster, and when operating a tether system which alternately generates and stores 
electrical energy. Strategies for using electrodynamic tethers to change orbits are shown in Section 5.0. 


Electromagnetic forces also cause the tether to bow and produce torques on the tether system. 
These torques cause the system to tilt away from the vertical until the torques are balanced by gravity- 
gradient restoring torques. These torques produce in-plane and out-of-plane librations. The natural 
frequencies of in-plane and out-of-plane librations are V3 times the orbital frequency and twice the 
orbital frequency, respectively. Selective time phasing of the IL x B loading, or modulation of the tether 
current, will damp these librations. The out-of-plane librations are more difficult to damp because their 
frequency is twice the orbital frequency. Unless care is taken, day/night power generation/storage cycles 
(50/50 power cycles) can actively stimulate these librations. Careful timing of tether activities will be 
required to control all tether librations. Additional information on electromagnetic libration control issues is 
shown also in Section 5.0. 


4.4.4 ULF/ELF/VLF Antennas 


As discussed in Section 4.4.2, the movement of an Earth-orbiting electrodynamic tether system 
through the geomagnetic field gives rise to an induced current in the tether. One side effect of this current 
is that as the electrons are emitted from the tether back into the plasma, ULF, ELF, VLF electromagnetic 
waves are produced in the ionosphere (see Ref. 11). 


In the current loop external to the tether, electrons spiral along the geomagnetic field lines and close 
at a lower layer of the ionosphere (see Figure 4.28). This current loop (or so-called "phantom loop") acts 
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as a large ULF, ELF, and VLF antenna. (The phantom loop is shown in Figure 4.29). The 
electromagnetic waves generated by this loop should propagate to the Earth's surface, as shown in Figure 
4.30. The current flow generating these waves can be that induced by the geomagnetic field or can be 
provided by a transmitter on board the spacecraft so that the tether is in part an antenna. 


Messages can be transmitted from the tether (antenna) by modulating the waves generated by the 
current loop. If the induced current is used to generate these waves, it is modulated by varying a series 
impedance or by turning an electron gun or hollow cathode on the lower tether end on and off at the 
desired frequency. If a transmitter is used, current is injected into the tether at the desired frequency. 


The ULF, ELF, VLF waves produced in the ionosphere will be injected into the magnetosphere 
more efficiently than those from existing ground-based, man-made sources. It is believed that the 
ionospheric boundary may act as a waveguide, extending the area of effective signal reception far beyond 
the "hot spot" (area of highest intensity reception, with an estimated diameter of about 5000 km) shown in 
Figure 4.30. If this turns out to be the case, these waves may provide essentially instant worldwide 
communications, spreading over the Earth by ducting. Calculations have been performed, predicting that 
power levels of the order of 1 W by night and 0.1 W by day can be injected into the Earth-ionosphere 
transmission line by a 20-10 km tether with a current of the order of 10 A. Such tether systems would 
produce wave frequencies throughout the ULF (3-30 Hz) and ELF bands (30-300 Hz), and even into the 
VLF band (about 3000 Hz). 
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"Free energy from the air?, Yea, right!" Sardonic skepticism was my first reaction to 
this unusual concept, as well. 


Though, its not so far out there, in fact. Light can be converted to DC current with 
solar panels, electricity can be converted to magnetism as | did in my last article 


(https://www.instructables.com/id/DIY-Electro-Magnetic-Levitation/), in a 


microphone sound waves are converted to an electrical signal (by vibrating a 


magnet near a coil (http://hyperphysics.phy-astr.gsu.edu/hbase/audio/mic.html)), 


solar rays can even be focused and converted to heat in awesome devices like this! 
(http://www.gosunstove.com/) When we think about it, energy is all around us and 
can be harvested in an enumerable many of ways. 





Figure 4.30 Propagation of ULF/ELF/VLF Waves To The Earth's 
Surface From An Orbiting Tether Antenna 


It should be noted that if the induced tether current is used to power the antenna, orbital energy will 
be correspondingly decreased. A means of restoring this orbital energy (such as rocket thrust) will be 
required for long missions. 


4.4.5 Constellations 


As mentioned earlier, electromagnetic forces exerted by the geomagnetic field on the current in 
orbiting tethers can be used in conjunction with gravity-gradient forces to stabilize two-dimensional 
constellations (see Figure 4.13). The force exerted on a current in a tether is exactly the force described in 
Section 4.4.3. The tether currents used in these constellations can be those induced by the geomagnetic 
field or those provided by on-board power supplies. 


The basic concept is that gravity-gradient forces will provide vertical and overall attitude stability 
for the constellation, and electromagnetic forces will provide horizontal and shape stability (see Ref. 1, 
p.1-29, and 4, p. 150-203). This is accomplished in the quadrangular configuration by establishing the 
current direction in each of the vertical tethers such that the electromagnetic forces on them push the side 
arcs horizontally away from each other. Each side arc may be composed of a number of satellites 
connected in series by tethers. The current directions for the tethers on each side arc will be the same, 
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Session 25: Electrodynamic Tethers 


Electrodynamic tethers are long, thin conductive wires deployed in space that can be used to 
generate power by removing kinetic energy from their orbital motion, or to produce thrust 
when adding energy from an on-board source. In either case, the frictional or thrust force, is 
produced electrodynamically, through the interaction between moving charges and magnetic 
fields. From here, we notice that the application of electrodynamic tethers is restricted to 
celestial objects that have a non-zero magnetic field and ionospheric plasma (e.g., Earth, 
Jupiter, Saturn, etc, not the moon or Mercury, etc). 


The fundamental aspect of tethers is that, as looked from a reference frame moving at some 
velocity U with respect to a fixed frame (for example, an object in orbit moving with respect 
to the earth), an (EFM) induced electric field will be generated, 


Ei = E+0xB (1) 


Where E and E’ are the electric fields in the stationary and moving frames, respectively. 
There is magnetic field B. The orbital situation is depicted in the figure, where there is no 
electric field in the stationary frame, EF = 0. 


From here, the induced EMF (£,,,) will be just the 
product of the magnitude of the velocity vector and 
the “horizontal” component of the magnetic field, 
Em = vBy. Assuming an elevation ( of the magnetic 
field with respect to the horizontal, and a magnetic 
co-latitude of 6,,, we can write this field as, 


Em = vBosin Om cos 3 (2) 





where Bo is the local magnitude of the magnetic field. 
Since in general the orbit will be inclined by an angle 7, both the elevation and col-latitude 
will change and in consequence the magnitude of the E,, field will change over time. 


t(hrs) 





S 


As an example of the magnitude of E,,,, consider a tether in a 300 km circular orbit. At this 
altitude, the orbital velocity is about 7700 m/s with a baseline field of By ~ 2.6 x 10~° Tesla. 
We then get FE, ~ vBo © 200 V/km. If the tether is aligned in the direction of the field BY, 
then a potential of V,, = 4 kV will be generated from end to end of a 20 km long tether. In 
principle, one could make use of this (non-constant) voltage source to generate power. 


Tethers as Power Generators 


In this case, we have a spacecraft deploying an insulated tether “upwards” as shown in the 
figure. We assume the tether moves with a velocity ¥ under a perpendicular magnetic field 
B. The tether has length @ and a corresponding resistance Rr. 
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As the tether moves, we have a field E,, = vB that will generate an “open circuit” voltage 
V.. = vBeé. If there is a load resistance R;, in series, the a (positive) current will flow, as 
ionospheric electrons are collected on an exposed anode at the top of the tether, 


Voce — AV 
LS (3) 
Rr + Rr 
where AV is the (relatively small) total potential drop due to plasma sheaths at the anode 
and cathode. To complete the circuit, a cathode releases the electrons at the bottom of the 
tether. Given this current flow, electrical power will be generated at the load, 
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We observe that the generated power is both zero when the load resistance is either zero or 
oo. This means there is an optimum resistance that will yield maximum power. To find this, 
we differentiate Eq. (4) and set it to zero, therefore, 


(Vj. - AV)? 


Ena = 
4ARr 


which occurs when = Ry = Rr (5) 


The efficiency of this power-generating tether can be defined as, 
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We can easily verify that for maximum power generation, the efficiency is 7, ~ 0.5. Ideally, 
we would like Ry; >> Rr for maximum efficiency, but then we get lower power. 


We can also verify that the input power IV,, is identical to the rate of change of the elec- 
trodynamic drag work (force F’, force density f), 


W = FG = [fea = [ixB-vav = [Blu = [Ent = IVo (7) 


Tethers as Thrusters 


Now, we have a spacecraft that deploys the tether “downwards”. In this case, the anode 
at the bottom collects electrons from the ionosphere. The E,,, field will point also upwards, 
however, we now have an on-board power supply that forces the net (positive) current in the 
opposite direction, as shown. 
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Instead of removing energy from the orbit, this configuration will add energy, as the force 
density f= =F ™ B points in the direction of the velocity vector ¥v, 


= / fav = Bee (8) 


With the current give by, 


VA = Bat 
T= 
i (9) 





We could also write the magnitude of this force (thrust) as, 


IBve IE_,£ WwW 
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oo 
Therefore, the rate of work added to the orbit is, 


W = Fu (11) 


The efficiency of the tether as a thruster is, 


Ww TEmé Vea 
m= ay = ay = 7, <i (12) 





It is then possible to use a tether both as a generator and a propellant-less thruster. In fact, 
since the tether can be used as a generator, an interesting question would be: what is the 
tether efficiency compared against a fuel cell? Fuel cells make use of some consumable (like 
propellant) to produce electric power. As an exercise, calculate the efficiency of a tether 
producing power when its drag is compensated by a thruster consuming propellant. This is 
a tether working as a fuel cell. 


Tether Dynamics 


As we have seen, it is important that the tether is oriented along the radial vector in its 
orbit for it to be used as an electrodynamic generator or thruster. 
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We need to analyze the tether dynamics to verify that such alignment can be achieved 
without the use of complicated active control. 
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Referring to the schematic, we have a mass-less tether of length @ = ¢; + ¢2 with two point 
masses at its ends, such that m, + mz =m. Let us analyze the dynamics of m2, assuming 
that the center of mass (cm) is orbiting at a radius R. There will be a centrifugal force 
acting on mz given by, 








Mv? 7 Mv" (13) 
7 d 
Her tere R (1+ Feos8) 
R 
which is balanced by a gravitational force, 
M2 Mot 
(R + 5 cos 6)? lo (14) 
AR? (1 + —cos@ 
R 
In addition, the orbital velocity is, 
2) 
= OR 1+ = cosd (15) 


and since ,/u/R = RQ, then wp = R?Q?. The net (upwards) force acting on mz is the 
difference between these two forces, 
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Fue = M.0?R (1 ae 2 cos s) ~miVR ; 5 (16) 
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Even for a long wire, we have f, < R, therefore we can approximate, 
1 l 
5 e l- 2— cos 
ery - 
R os 
the net force on mz is then, 
Fret = 3Ml.? cosd = ge 6 0? cos d (17) 
m 
The projection of this force on the direction of the wire is the tension, 
T = F cos6 (18) 


The tension on a 20 km tether for a mass of 100 kg would be 7.4 N, which is not a strong force 
enabling the use of light and thin wires. The projection of the net force in the orthogonal 
direction generates a torque, 


7 = —Fésin@é  andforsmall#, 7 = 3 Ti? 2029 (19) 
m 


It is the clear that the gravity gradient force gives a torque that goes in the opposite direction 
to the tether defection from the vertical and therefore the it tends to stabilize the tether in 
the direction favorable for its use as electrodynamic actuator. 


Given its moment of inertia J, the tether rotational dynamics are described by, 


dw mim 
J = T where J= m0 + mb = sere (20) 
Combining Eq. (19) and Eq. (20), we get, 
6+3076=0 (21) 
which means the tether will oscillate at a frequency, 


For example, at 500 km altitude, we have Q 1073 rad/s, which corresponds to an orbital 
period of 94 minutes. The corresponding oscillation time for the tether would then be 54 
minutes, which means we have a “lazy” oscillation. The dynamic analysis in the off-plane 
direction is somewhat more complicated, but yields an oscillation frequency in the same 
order, 2Q. 
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specifically designed to sense and capture a particular band of energy which is all 
around us. 


The earth is magnetic and anyone who has ever used a compass knows this. 
Magnetic bodies in motion produce electricity, we can see this in any alternator, like 
the one in your car. So, therefore the earth is electric as well as magnetic, by 
definition. 


Can we detect this energy? Yes, we sure can! Ever turn on a radio in the middle of 
nowhere and heard static? That is your radio picking up naturally occurring energy 
in the RF spectrum! 


Can we use this energy to do work? Absolutely! This has been known for a long 
time. Crystal radios (https://en.wikipedia.org/wiki/Crystal_radio) have been around 
since before the 1930's and can run with no input energy other than the radio 
signal. Even when completely isolated, but from the atmosphere, a crystal radio will 
produce a voltage in the earpiece resulting in a sound (albeit and undesirable one). 


Well, this is where it gets interesting... 


Can we replicate this effect? Yea, and with modern components like the high quality 
crystals found in germanium diodes, we can even increase efficiency. By applying 
this concept as a Crystal Energy Receiver we can take advantage of a wide range 
of energetic frequencies rather than tuning in to just one. 


Can we scale it up? Definitely. Things like micro germanium diodes, high efficiency 
antennas and compact contemporary capacitors make the components that are 
required to build a crystal receiver fit in the palm of your hand. While there may or 
may not be a more efficient way, this renewable energy solution is simple to employ 
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Preface 


We live in a world powered by light, but much of the understanding of light was developed around the time of 
the French Revolution. Before the 1950s, optics technology was viewed as well established and there was little 
expectation of growth either in scientific understanding or in technological exploitation. The end of the Second 
World War brought about huge growth in scientific exploration, and the field of optics benefited from that 
growth. The key event was the discovery of methods for producing a source of coherent radiation, with the key 
milestone being the demonstration of the first laser by Ted Maiman in 1960. Other lasers, nonlinear optical 
phenomena, and technologies such as holography and optical signal processing, followed in the early 1960s. In 
the 1970s the foundations of fiber optical communications were laid, with the development of low-loss glass 
fibers and sources that operated in the wavelength region of low loss. The 1980s saw the most significant 
technological accomplishment: the development of efficient optical systems and resulting useful devices. Now, 
some forty years after the demonstration of the first coherent light source, we find that optics has become the 
enabling technology in areas such as: 


information technology and telecommunications; 

health care and the life sciences; 

sensing, lighting, and energy; 

manufacturing; 

national defense; 

manufacturing of precision optical components and systems; and 
optics research and education. 


We find ourselves depending on CDs for data storage, on digital cameras and printers to produce our family 
photographs, on high speed internet connections based on optical fibers, on optical based DNA sequencing 
systems; our physicians are making use of new therapies and diagnostic techniques founded on optics. 

To contribute to such a wide range of applications requires a truly multidisciplinary effort drawing together 
knowledge spanning many of the traditional academic boundaries. To exploit the accomplishments of the past 
forty years and to enable a revolution in world fiber-optic communications, new modalities in the practice of 
medicine, a more effective national defense, exploration of the frontiers of science, and much more, a resource 
to provide access to the foundations of this field is needed. The purpose of this Encyclopedia is to provide a 
resource for introducing optical fundamentals and technologies to the general technical audience for whom 
optics is a key capability in exploring their field of interest. 

Some 25 internationally recognized scientists and engineers served as editors. They helped in selecting the 
topical coverage and choosing the over 260 authors who prepared the individual articles. The authors form an 
international group who are expert in their discipline and come from every part of the technological 
community spanning academia, government and industry. The editors and authors of this Encyclopedia hope 
that the reader finds in these pages the information needed to provide guidance in exploring and utilizing 
optics. 

As Editor-in-Chief I would like to thank all of the topical editors, authors and the staff of Elsevier for each of 
their contributions. Special thanks should go Dr Martin Ruck of Elsevier who provided not only 
organizational skills but also technological knowledge which allowed all of the numerous loose ends to be tied. 


B D Guenther 
Editor-in-Chief 
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Introduction 


The breakthrough of optical amplification, combined 
with the techniques of wavelength division multi- 
plexing (WDM) and dispersion management, have 
made it possible to exploit a sizeable fraction of the 
optical fiber bandwidth (several terahertz). Systems 
based on 10 Gbit/s per channel bit-rate and showing 
capacities of several terabit/s, with transmission 
capabilities of hundreds or even thousands of 
kilometers, have reached the commercial area. 
While greater capacities and spectral efficiencies 
are likely to be reached with current technologies, 
there is potential economic interest in reducing 
the number of wavelength channels by increasing 
the channel rate (e.g., 40 Gbit/s). However, such 
fourfold increase in the channel bit-rate clearly results 
in a significant increase in propagation impairments, 
stemming from the combined effects of noise 
accumulation, fiber dispersion, fiber nonlinearities, 
and inter-channel interactions and contributing to 
two main forms of signal degradation. The first one is 
related to the amplitude domain; power levels of 
marks and spaces can suffer from random deviations 
arising from interaction between signal and amplified 
spontaneous emission (ASE) noise or with signals 
from other channels through cross-phase modulation 
(XPM) from distortions induced by chromatic 
dispersion. The second type of signal degradations 
occurs in the time domain; time position of pulses can 
also suffer from random deviations arising from 
interactions between signal and ASE noise through 
fiber dispersion. Preservation of high power contrast 
between ‘1’ and ‘0’, and of both amplitude fluctu- 
ations and timing jitter below some acceptable levels, 
are mandatory for high transmission quality, evalu- 
ated through bit-error-rate (BER) measurements or 


estimated by Q-factors. Moreover, in future optical 
networks, it appears mandatory to ensure similar but 
high optical signal quality at the output of whatever 
nodes in the networks, as to enable successful 
transmission of the data over arbitrary distance. 

Among possible solutions to overcome such sys- 
tems limitations is the implementation of Optical 
Signal Regeneration, either in-line for long-haul 
transmission applications or at the output of network 
nodes. Such Signal Regeneration performs, or should 
be able to perform, three basic signal-processing 
functions that are Re-amplifying, Re-shaping, and 
Re-timing, hence the generic acronym ‘3R’ (Figure 1). 
When Re-timing is absent, one usually refers to 
the regenerator as ‘2R’ device, which has only 
re-amplifying and re-shaping capabilities. Thus, full 
3R regeneration with retiming capability requires 
clock extraction. 

Given system impairments after some transmission 
distance, two solutions remain for extending the 
actual reach of an optical transmission system or the 
scalability of an optical network. The first consists in 
segmenting the system into independent trunks, with 
full electronic repeater/transceivers at interfaces (we 
shall refer to this as ‘opto-electronic regeneration’ or 
O/E Regeneration forthwith). The second solution, 
i.e., all-optical Regeneration, is not the optical 
version of the first which would have higher 
bandwidth capability but still performs the same 
signal-restoring functions with far reduced complex- 
ity. At this point, it should be noted that Optical 3R 
techniques are not necessarily void of any electronic 
functions (e.g., when using electronic clock recovery 
and O/E modulation), but the main feature is that 
these electronic functions are narrowband (as 
opposed to broadband in the case of electronic 
regeneration). 

Some key issues have to be considered when 
comparing such Signal Regeneration approaches. 
The first is that today’s and future optical trans- 
mission systems or/and networks are WDM networks. 
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Figure 1 Principle of 3R regeneration, as applied to NRZ signals. (a) Re-Amplifying; (b) Re-Shaping; (c) Re-Timing. NB: Such eye 


diagrams can be either optical or electrical eye diagrams. 


Under this condition, the WDM compatibility - 
or the fact that any Regeneration solution can 
simultaneously process several WDM channels — 
represents a key advantage. The maturity of the 
technology — either purely optical or opto-electronic 
- also plays an important role in the potential 
(pre-)development of such solutions. But the main 
parameter that will decide the actual technology 
(and also technique) relies on the tradeoff between 
actual performance of the regeneration solutions 
and their costs (device and implementation), 
depending on the targeted applications (long-haul 
system, medium haul transport, wide area optical 
network, etc.). 

In this article, we review the current alternatives 
for all-optical Signal Regeneration, considering 
both theoretical and experimental performance and 
practical implementation issues. Key advantages and 
possible drawbacks of each solutions are discussed, to 
sketch the picture in this field. However, first we 
must focus on some generalities about Signal Regen- 
eration and the way to define (and qualify) such 
regenerator performance. In a second part, we will 
detail the currently-investigated optical solutions for 
Signal Regeneration with a specific highlight for 
semiconductor-based solutions using either semicon- 
ductor optical amplifiers (SOA) technology or newly- 
developed saturable absorbers. Optical Regeneration 
techniques based on synchronous modulation will 
also be discussed in a third section. The conclusion 
will summarize the key features of each solution, 
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Figure 2 Generic structure of Signal 2R/3R Regenerator based 
on Decision Element (2R) and Decision Element and Clock 
Recovery (3R). 


so as to underline the demanding challenge optical 
components are facing in this application. 


Generalities on Signal Regeneration 


Principles 


In the general case, Signal Regeneration is performed 
using a decision element exhibiting a nonlinear 
transfer function. Provided with a threshold level 
and when associated with an amplifier, such an 
element then performs the actual Re-shaping of the 
incoming data (either in the electrical or optical 
domain) and completes a 2R Signal Regenerator. 
Figure 2 shows the generic structure of such a Signal 
Regenerator in the general case as applied to non 
return to zero (NRZ) data. A clock recovery block 
can be added (dotted lines) to provide the decision 
element with time reference and hence perform the 
third R (Re-timing) of full Signal 3R Regeneration. 
At this point, it should be mentioned that the decision 
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element can operate either on electrical signals 
(standard electrical DFF) provided that optical > 
electrical and electrical — optical signal conversion 
stages are added or directed onto optical signals using 
the different techniques described below. The clock 
signal can be of an electrical nature, as for electrical 
decision element in O/E regenerator — or either an 
electrical or a purely optical signal in all-optical 
regenerators. 

Prior to reviewing and describing the various 
current technology alternatives for such Optical 
Signal Regeneration, the issue of the actual charac- 
terization of regenerator performance needs to be 
explained and clarified. As previously mentioned, the 
core element of any Signal Regenerator is the decision 
element showing a nonlinear transfer function that 
can be of varying steepness. As will be seen in 
Figure 3, the actual regenerative performance of the 
regenerator will indeed depend upon the degree of 
nonlinearity of the decision element transfer function. 

Figure 3 shows the principle of operation of a 
regenerator incorporating a decision element with 
two steepnesses of the nonlinear transfer function. In 
any case, the ‘1’ and ‘0’ symbols amplitude prob- 
ability densities (PD) are squeezed after passing 
through the decision element. However, depending 
upon the addition of a clock reference for triggering 
the decision element, the symbol arrival time PD 
will be also squeezed (clocked decision = 3R 
regeneration) or enlarged (no clock reference = 2R 
regeneration) resulting in conversion of amplitude 
fluctuations to time position fluctuations. 

As for system performance - expressed through 
BER — regenerative capabilities of any regenerator 


Step Arrival time PD 
function 2R 3R 


P = Electronic DFF a or | 






«1» 


Symbol PD 





«0» 


Arivaltime PD [= | 





Symbol PD A A 


(a) ie ae 


simultaneously depend upon both the output ampli- 
tude and arrival time PD of the ‘1’ and ‘0’ symbols. In 
the unusual case of 2R regeneration (no clocked 
decision), a tradeoff has then to be derived, consider- 
ing both the reduction of amplitude PD and the 
enlarged arrival time PD induced by the regenerator, 
to ensure sufficient signal improvement. In 
Figure 3a, we consider a step function for the transfer 
function of the decision element. In this case, 
amplitude PD are squeezed to Dirac PD after the 
decision element, and depending upon addition or not 
of a clock reference, arrival time PD is reduced (3R) 
or dramatically enlarged (2R). In Figure 3b, the 
decision element exhibits a moderately nonlinear 
transfer function. This results in an asymmetric and 
less-pronounced squeezing of the amplitude PD 
compared to the previous case, but in turn results in 
a significantly less enlarged arrival time PD when 
no clock reference is added (2R regeneration). 
Comparison of these two decision element of 
different nonlinear transfer function indicates that 
for 3R regeneration applications, the more nonlinear 
the transfer function of the decision element the better 
performance, the ideal case being the step function. 
In the case of 2R regeneration applications, a tradeoff 
between the actual reduction of the amplitude PD and 
enlargement of timing PD is to be derived and clearly 
depends upon the actual shape of the nonlinear 
transfer function of the decision element. 


Qualification of Signal Regenerator Performance 


To further illustrate the impact of the actual shape of 
the nonlinear transfer function of the decision 
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Figure 3 Signal Regeneration process using Nonlinear Gates. (a) Step transfer function (= Electronic DFF); (b) ‘moderately’ 
nonlinear transfer function. As an illustration of the Regenerator operation ‘1’ and ‘0’ symbols amplitude probability density (PD) and 
arrival time probability density (PD) are shown in light gray and dark gray, respectively. 
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element in 3R application, the theoretical evolution 
of BER with number of concatenated regenerators 
have been plotted for regenerators having different 
nonlinear responses. Figure 4 shows the numerically 
calculated evolution of the BER of a 10 Gbit/s NRZ 
signal with fixed optical signal-to-noise ratio (OSNR) 
at the input of the 3R regenerator, as a function of the 
cascaded regenerator incorporating nonlinear gates 
with nonlinear transfer function of different depths. 
From Figure 4, can be seen different behaviors 
depending on the nonlinear function shape. As 
previously stated, the best regeneration performance 
is obtained with an ideal step function (case a), 
which is actually the case for O/E regenerator using 
electronic decision flip-flop (DFF). In that case, BER 
linearly increase (i.e., more errors) in the cascade. 
Conversely, when nonlinearity is reduced (cases (b) 
and (c)), both BER and noise accumulate, until the 
concatenation of nonlinear functions reach some 
steady-state pattern, from which BER linearly 
increases. Concatenation of nonlinear devices thus 
magnifies shape differences in their nonlinear 
response, and hence their regenerative capabilities. 

Moreover, as can be seen in Figure 4, all curves 
standing for different regeneration efficiencies pass 
through a common point defined after the first device. 
This clearly indicates that it is not possible to qualify 
the regenerative capability of any regenerator when 
considering the output signal after only one regen- 
erator. Indeed, the BER is the same for either a 3R 
regenerator or a mere amplifier if only measured after 
a single element. This originates from the initial 
overlap between noise distributions associated with 
marks and spaces, that cannot be suppressed but only 
minimized by a single decision element through 
threshold adjustment. 


As a general result, the actual characterization of 
the regenerative performance of any regenerator 
should in fine be conducted considering a cascade of 
regenerators. In practice this can easily be done with 
the experimental implementation of the regenerator 
under study in a recirculating loop. Moreover, such 
an investigation tool will also enable access to the 
regenerator performance with respect to the trans- 
mission capabilities of the regenerated signal, which 
should not be overlooked. 

Let us now consider the physical implementation of 
such all-optical Signal Regenerators, along with the 
key features offered by the different alternatives. 


All-Optical 2R/3R Regeneration Using 
Optical Nonlinear Gates 


Prior to describing the different solutions for all- 
optical in-line Optical Signal Regeneration, it should 
be mentioned that since the polarization states of the 
optical data signals cannot be preserved during 
propagation, it is required that the regenerator 
exhibits an extremely low polarization sensitivity. 
This clearly translates to a careful optimization of all 
the different optical components making up the 
2R/3R regenerator. It should be noted that this also 
applies to the O/E solutions but is of limited impact, 
since only the photodiode has to be polarization 
insensitive. 

Figure 5 illustrates the generic principle of oper- 
ation of an all-optical 3R Regenerator using optical 
nonlinear gates. Contrary to what occurs in O/E, 
regenerator where the extracted clock signal drives 
the electrical decision element, the incoming and 
distorted optical data signal triggers the nonlinear 
gate, hence generating a switching window which is 
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Figure 4 Evolution of the BER with concatenated regenerators for nonlinear gates with nonlinear transfer function of decreasing 


depths from case (a)—(c) (step function). 


ALL-OPTICAL SIGNAL REGENERATION 5 





[Distorted data] data | > NAAN. 
Ss 8 8 
Switching window | | | | f Regenerated data 
in nonlinear gate 
Synchronized 
eres ame LL 


Figure 5 Principle of operation of an all-Optical Signal 3R 
Regenerator using nonlinear gates. 


applied to a newly generated optical clock signal so as 
to reproduce the initial data stream on the new 
optical carrier. 

In the case of 2R Optical Signal Regeneration, a 
continuous wave (CW) signal is substituted for the 
synchronized optical clock pulses. As previously 
mentioned, the actual regeneration performance of 
the 2R/3R devices will mainly depend upon the 
nonlinearity of the transfer function of the decision 
element but in 3R applications the quality of the 
optical clock pulses has also to be considered. In the 
following, we describe current solutions to explain 
the two main building blocks of all-optical Signal 
Regenerators: the decision element (i.e., nonlinear 
gate) and the clock recovery (CR) elements. 


Optical Decision Element 


In the physical domain, optical decision elements 
with ideal step response — as for electrical DFF — do 
not exist. Different nonlinear optical transfer func- 
tions, approaching more or less the ideal case, can be 
realized in various media such as fiber, SOA, electro- 
absorption modulators (EAM), and lasers. Generally, 
as described below, the actual response (hence the 
regenerative properties of the device) of such optical 
gates directly depends upon the incoming signal 
instantaneous power. Under these conditions, it 
appears essential to add an adaptation stage so as to 
reduce intensity fluctuations (as caused by propa- 
gation or crossing routing/switching node) and 
provide the decision element with fixed power 
conditions. In practice, this results in the addition of 
a control circuitry (either optical or electrical) in the 
Re-amplification block, whose complexity directly 
depends on actual system environment (ultra-fast 
power equalization for packet-switching applications 
and compensation of slow power fluctuations in 
transmission applications). 

As previously described the decision gate performs 
Re-shaping (and Re-timing when clock pulses are 
added) of the incoming distorted optical signal, and 
represent the regenerator’s core element. Ideally, it 
should also act as a transmitter with characteristics 
ensuring the actual propagation of the regenerated 
data stream. In that respect, the chirp possibly 


induced by the optical decision gate onto the 
regenerated signal — and the initial quality of the 
optical clock pulses in 3R applications — should 
be carefully considered (ideally by means of 
loop transmission) as to adequately match line 
transmission requirements. 

Different solutions for the actual realization of the 
optical decision element have been proposed and 
extensively investigated using, for example, cross 
gain modulation in semiconductor optical amplifier 
(SOA) devices but the most promising and flexible 
devices probably are interferometers, for which, 
descriptions of the generic principle of operation 
follows. Consider a CW signal (probe) at A, 
wavelength injected into an optical interferometer, 
in which one arm incorporates a nonlinear medium 
in which an input signal carried by A, wavelength 
(command) is, in turn, injected. Such a signal, 
at A, wavelength, induces a phase shift through 
cross-phase modulation (XPM) in this arm of the 
interferometer, the amount depending upon power 
level P;,,,,- In turn, such phase modulation (PM) 
induces amplitude modulation (AM) on the signal at 
Az wavelength when recombined at the output of 
the interferometer and translates the information 
carried by wavelength A, onto Az. Under these 
conditions, such optical gates clearly act as wave- 
length converters (it should be mentioned that 
Wavelength Conversion is not necessarily equivalent 
to Regeneration; i.e., a linear transfer function 
performs suitable Wavelength Conversion but by 
no means Signal Regeneration). 

Optical interferometers can be classified accor- 
ding to the nature of the nonlinearity exploited to 
achieve a a phase shift. In the case of fiber-based 
devices, such as the nonlinear optical loop mirror 
(NOLM), the phase shift is induced through the Kerr 
effect in an optical fiber. The key advantage of fiber- 
based devices such as NOLM lies in the near- 
instantaneous (fs) response of the Kerr nonlinearity, 
making them very attractive for ultra-high bit-rate 
operation (2160 Gbit/s). Polarization-insensitive 
NOLMs have been realized, although with the same 
drawbacks concerning integrability. With recent 
developments in highly nonlinear (HNL) fibers, 
however, the required NOLM fiber length could be 
significantly reduced, hence dramatically reducing 
environmental instability. 

A second type of device is the integrated SOA- 
based Mach-Zehnder interferometers (MZ]I). In 
MZlIs, the phase shift is due to the effect of photo- 
induced carrier depletion in the gain saturation 
regime of one of the SOAs. The control and probe 
can be launched in counter- or co-directional ways. In 
the first case, no optical filter is required at the output 
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of the device for rejecting the signal at A; wavelength 
but operation of the MZI is limited by its speed. At 
this point, one should mention that the photo- 
induced modulation effects in SOAs are intrinsically 
limited in speed by the gain recovery time, which is a 
function of the carrier lifetime and the injection 
current. An approach referred to as differential 
operation mode (DOM) and illustrated on Figure 6, 
which takes advantage of the MZI’s interferometric 
properties, makes it possible to artificially increase 
the operation speed of such ‘slow’ devices up to 
40 Gbit/s. 

As discussed earlier, the nonlinear response is a key 
parameter for regeneration efficiency. Combining two 
interferometers is a straightforward means to 
improve the nonlinearity of the decision element 
transfer function, and hence regeneration efficiency. 
This approach was validated at 40 Gbit/s using a 
cascade of two SOA-MZI, (see Figure 7 (left)). Such a 
scheme offers the advantage of restoring data polarity 
and wavelength, hence making the regenerator 
inherently transparent. Finally, the second conversion 
stage can be used as an adaptation interface to the 
transmission link achieved through chirp tuning in 
this second device. 

Such an Optical 3R Regenerator was upgraded to 
40 Gbit/s, using DOM in both SOA-MZIs with 
validation in a 40 Gbit/s loop RZ transmission. The 
40 Gbit/s eye diagram monitored at the regenerator 
output after 1, 10, and 100 circulations are shown in 
Figure 7 (right) and remain unaltered by distance. 
With this all-optical regenerator structure, the 
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Figure 6 Schematic and principle of operation of SOA-MZI in 
differential mode. 
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minimum OSNR tolerated by the regenerator 
(1 dB sensitivity penalty at 10°'° BER) was found 
to be as low as 25 dB/O.1 nm. Such results clearly 
illustrate the high performance of this SOA-based 
regenerator structure for 40 Gbit/s optical data 
signals. 

Such a complex mode of operation for addressing 
40 Git/s bit-rates will probably be discarded when we 
consider the recent demonstration of standard-mode 
wavelength conversion at 40 Gbit/s, which uses a 
newly-designed active-passive SOA-MZI incorpo- 
rating evanescent-coupling SOAs. The device 
architecture is flexible in the number of SOAs, thus 
enabling easier operation optimization and reduced 
power consumption, leading to simplified architec- 
tures and operation for 40 Gbit/s optical 3R 
regeneration. 

Based on the same concept of wavelength conver- 
sion for Optical 3R Regeneration, it should be noted 
many devices have been proposed and experimentally 
validated as wavelength converters at rates up to 
84 Gbit/s, but with cascadability issues still to be 
demonstrated to assess their actual regenerative 
properties. 


Optical Clock Recovery (CR) 


Next to the decision, the CR is a second key function 
in 3R regenerators. One possible approach for CR 
uses electronics while another only uses optics. The 
former goes with OE conversion by means of a 
photodiode and subsequent EO conversion through a 
modulator. This conversion becomes more complex 
and power-hungry as the data-rate increases. It is 
clear that the maturity of electronics gives a current 
advantage to this approach. But considering the pros 
and cons of electronic CR for cost-effective 
implementation, the all-optical approach seems 
more promising, since full regenerator integration is 
potentially possible with reduced power consump- 
tion. In this view, we shall focus here on the optical 
approach and more specifically on the self-pulsating 
effect in three-sections distributed feedback (DFB) 
lasers or more recently in distributed Bragg reflector 





Figure 7 Optimized structure of a 40 Gbit/s SOA-based 3R regenerator. 40 Gbit/s eye diagram evolution: (a) B-to-B; (b) 1 lap; 


(c) 10 laps; (d) 100 laps. 
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(DBR) lasers. Recent experimental results illustrate 
the potentials of such devices for high bit rates (up to 
160 Gbit/s), broad dynamic range, broad frequency 
tuning, polarization insensitivity, and relatively 
short locking times (1 ns). This last feature makes 
these devices good candidates for operation in 
asynchronous-packet regimes. 


Optical Regeneration by Saturable Absorbers 


We next consider saturable absorbers (SA) as non- 
linear elements for optical regeneration. Figure 8 
(left) shows a typical SA transfer function and 
illustrates the principle of operation. When illumi- 
nated with an optical signal with peak power below 
some threshold (P,,,), the photonic absorption of 
the SA is high and the device is opaque to the signal 
(low transmittance). Above P,,,, the SA transmit- 
tance rapidly increases and asymptotically saturates 
to transparency (passive loss being overlooked). 
Such a nonlinear transfer function only applies to 
2R optical regeneration. 

Different technologies for implementing SAs are 
available, but the most promising approach uses 
semiconductors. In this case, SA relies upon the 
control of carrier dynamics through the material’s 
recombination centers. Parameters such as on-off 
contrast (ratio of transmittance at high and low 
incident powers), recovery time (1/e) and saturation 
energy, are key to device optimization. In the fol- 
lowing, we consider a newly-developed ion-irradiated 
MQW-based device incorporated in a micro-cavity 
and shown on Figure 8 (right). The device operates as 
a reflection-mode vertical cavity, providing both a 
high on/off extinction ratio by canceling reflection at 
low intensity and a low saturation energy of 2 pJ. It is 
also intrinsically polarization-insensitive. Heavy ion- 
irradiation of the SA ensures recovery times (at 1/e) 
shorter than 5 ps (hence compatible with bit-rate 
above 40 Gbit/s), while maintaining a dynamic 
contrast in excess of 2.5 dB at 40 GHz repetition rate. 
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The regenerative properties of SA make it possible 
to reduce cumulated amplified spontaneous emission 
(ASE) in the ‘0’ bits, resulting in a higher contrast 
between mark and space, hence increasing system 
performance. Yet SAs do not suppress intensity noise 
in the marks, which makes the regenerator incom- 
plete. A solution for this noise suppression is optical 
filtering with nonlinear (soliton) pulses. The principle 
is as follows. In absence of chirp, the soliton temporal 
width scales in the same way as the reciprocal of its 
spectral width (Fourier-transform limit) times its 
intensity (fundamental soliton relation). Thus, an 
increase in pulse intensity corresponds to both time 
narrowing and spectral broadening. Conversely, a 
decrease in pulse intensity corresponds to time 
broadening and spectral narrowing. Thus, the filter 
causes higher loss when intensity increases, and 
lower loss when intensity decreases. The filter 
thus acts as an automatic power control (APC) in 
feed-forward mode, which causes power stabilization. 
The resulting 2R regenerator (composed by the SA 
and the optical filter) is fully passive, which is of high 
interest for submarine systems where the power 
consumption must be minimal, but it does not include 
any control in the time domain (no Re-timing). 

System demonstrations of such passive SA-based 
Optical Regeneration have been reported with 
a 20Gbit/s single-channel loop experiment. 
Implementation of the SA-based 2R Regenerator 
with 160 km-loop periodicity made it possible to 
double the error-free distance (Q = 15.6 dB or 107” 
BER) of a 20 Gbit/s RZ signal. So as to extend the 
capability of passive 2R regeneration to 40 Gbit/s 
systems, an improved configuration was derived from 
numerical optimization and experimentally demon- 
strated in a 40 Gbit/s WDM-like, dispersion-managed 
loop transmission, showing more than a fourfold 
increase in the WDM transmission distance at 10~* 
BER (1650 km without the SA-based regenerator and 
7600 km when implementing the 2R regenerator 
with 240 km periodicity). 
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Figure 8 (a) Saturable Absorber (SA) ideal transfer function. (b) Structure of Multi-Quantum Well SA. 
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Such a result illustrates the potential high interest 
of such passive optical 2R regeneration in long-haul 
transmission (typically in noise-limited systems) since 
the implementation of SA increases the system’s 
robustness to OSNR degradation without any extra 
power consumption. Reducing both saturation 
energy and insertion loss along with increasing 
dynamic contrast represent key future device 
improvements. Regeneration of WDM signals from 
the same device, such as one SA chip with 
multiple fibers implemented between Mux/DMux 
stages, should also be thoroughly investigated. 
In this respect, SA wavelength selectivity in quantum 
dots could possibly be advantageously exploited. 


Synchronous Modulation Technique 


All-optical 3R regeneration can be also achieved 
through in-line synchronous modulation (SM) 
associated with narrowband filtering (NF). Figure 9 
shows the basic layout of such an Optical 3R 
Regenerator. It is composed of an optical filter 
followed by an Intensity and Phase Modulator 
(IM/PM) driven by a recovered clock. Periodic 
insertion of SM-based modulators along the trans- 
mission link provides efficient jitter reduction and 
asymptotically controls ASE noise level, resulting in 
virtually unlimited transmission distances. Re-shaping 
and Re-timing provided by IM/PM intrinsically 
requires nonlinear (soliton) propagation in the trunk 
fiber following the SM block. Therefore, one can refer 
to the approach as distributed optical regeneration. 
This contrasts with lumped regeneration, where 3R is 
completed within the regenerator (see above with 
Optical Regeneration using nonlinear gates), and is 
independent of line transmission characteristics. 
However, when using a new approach referred to 
‘black box’ optical regeneration (BBOR), it is possible 


to make the SM regeneration function and trans- 
mission work independently in such a way that any 
type of RZ signals (soliton or non-soliton) can be 
transmitted through the system. The BBOR technique 
includes an adaptation stage for incoming RZ pulses 
in the SM-based regenerator, which ensures high 
regeneration efficiency regardless of RZ signal format 
(linear RZ, DM-soliton, C-RZ, etc.). This is achieved 
using a local and periodic soliton conversion of RZ 
pulses by means of launching an adequate power into 
some length of fiber with anomalous dispersion. 
The actual experimental demonstration of the BBOR 
approach and its superiority over the ‘classical’ 
SM-based scheme for DM transmission was experi- 
mentally investigated in 40 Gbit/s DM loop trans- 
mission. Under these conditions, one can then 
independently exploit dispersion management (DM) 
techniques for increasing spectral efficiency in 
long-haul transmission, while ensuring high trans- 
mission quality through BBOR. 

One of the key properties of the SM-based all- 
optical Regeneration technique relies on its WDM 
compatibility. The first (Figure 10, left) and straight- 
forward solution to apply Signal Regeneration to 
WDM channels amounts to allocating a regenerator 
to each WDM channel. The second consists in sharing 
a single modulator, thus processing the WDM 
channels at once in serial fashion. This approach 
requires WDM synchronicity, meaning that all bits 
be synchronous with the modulation, that can be 
achieved either by use of appropriate time-delay lines 
located within a DMux/Mux apparatus (Figure 10, 
upper right), or by making the WDM channels 
inherently time-coincident at specific regenerator 
locations (Figure 10, bottom right). Clearly, the serial 
regeneration scheme is far simpler and cost-effective 
than the parallel version; however, optimized 
re-synchronization schemes still remain to be 
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Figure 9 Basic layout of the all-optical Regenerator by Synchronous Modulation and Narrowband Filtering and illustration of the 


principle of operation. 
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Figure 10 Basic implementation schemes for WDM all-Optical Regeneration. (a) parallel asynchronous; (b) serial re-synchronized; 


(c) serial self-synchronized. 


developed for realistic applications. Experimental 
demonstration of this concept was assessed by means 
of a 4X 40 Gbit/s dispersion-managed transmission 
over 10000 km (BER < 5.10 °) in which a single 
modulator was used for the simultaneous regener- 
ation of the 4 WDM channels. 

Considering next all-optical regeneration schemes 
with ultra-high speed potential, a compact and loss- 
free 40 Gbit/s Synchronous Modulator, based on 
optically-controlled SOA-MZI, was proposed and 
loop-demonstrated at 40 Gbit/s with an error-free 
transmission distance in excess of 10 000 km. More- 
over, potential ultra-high operation of this improved 
BBOR scheme was recently experimentally demon- 
strated by means of a 80 GHz clock conversion with 
appropriate characteristics through the SOA-MZI. 
One should finally mention all fiber-based devices 
such as NOLM and NALM for addressing ultra-high 
speed SM-based Optical Regeneration, although no 
successful experimental demonstrations have been 
reported so far in this field. 


Conclusion 


In summary, optical solutions for Signal Regeneration 
present many key advantages. These are the only 
advantages to date to possibly ensure WDM compat- 
ibility of the regeneration function (mostly 2R 
related). Such optical devices clearly exhibits the 
best 2R regeneration performance (wrt to O/E 
solutions) as a result of the moderately nonlinear 
transfer function (which in turn can be considered as 
a drawback in 3R applications), but the optimum 
configuration is still to be clearly derived and 
identified depending upon the system application. 
Optics also allow to foresee and possibly target 
ultrafast applications above 40G, for signal regener- 
ation if needed. Among the current drawbacks, one 


should mention the relative lack of wavelength/ 
formats flexibility of these solutions (compared to 
O/E solutions). It is complex or difficult to restore the 
input wavelength or address any C-band wavelength 
at the output of the device or to successfully 
regenerate modulation formats other than RZ. 
In that respect, investigations should be conducted 
to derive new optical solutions capable of processing 
more advanced modulation formats at 40G. Finally, 
the fact that the nonlinear transfer function of the 
optical is in general triggered by the input signal 
instantaneous power also turns out to be a drawback 
since it requires control circuitry. The issue of cost 
(footprint, power consumption, etc.) of these solu- 
tions, compared to O/E ones, is still open. In this 
respect, purely optical solutions incorporating all- 
optical clock recovery, the performance of which is 
still to be technically assessed, are of high interest for 
reducing costs. Complete integration of an all-optical 
2R/3R regenerator or such parallel regenerators onto 
a single semiconductor chip should also contribute to 
make all-optical solutions cost-attractive even though 
acceptable performance of such fully integrated 
devices is still to be demonstrated. 

From today’s status concerning the two alternative 
approaches for in-line regeneration (O/E or all- 
optical), it is safe to say that the choice between 
either solution will be primarily dictated by both 
engineering and economical considerations. It will 
result from a tradeoff between overall system 
performance, system complexity and reliability, 
availability, time-to-market, and rapid returns from 
the technology investment. 


See also 


Interferometry: Overview. Optical Amplifiers: Semi- 
conductor Optical Amplifiers. Optical Communication 
Systems: Wavelength Division Multiplexing. 
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In the development of the theory of diffraction, the 
diffraction field is due to a surface integral, the Fresnel 
integral, but no restrictions are imposed on the choice 
of the surface over which the integration must be 
performed. This fact leads to a very useful pro- 
perty called Babinet’s principle, first stated by 
Jacques Babinet (1794-1872) in 1837 for scalar 
waves. We will discuss only the scalar Babinet’s 
principle; discussion of the rigorous vector formu- 
lation can be found in a number of books on 
electromagnetic theory. 

To introduce Babinet’s principle, we label a plane, 
separating the source, S, and observation point, P, 
as >. If no obstructions are present, a surface 
integration over & yields the light distribution at P. 
If we place an opaque obstruction in this plane with 
a clear aperture, £1, then the field at P is given by 
integrating over only 31; contributions from %, 
outside of %1, are zero since the obstruction is 
opaque. 

We may define an aperture, >2, as complementary 
to >, if the obstruction is constructed by replacing the 
transparent regions of &, i.e., £1, by opaque surfaces 
and the opaque regions of = by clear apertures. 
Figure 1 shows two complementary obstructions, 
where the shaded region indicates an opaque surface. 

The surface integral over > generates the field, E, 
in the absence of any obstruction. If obstruction ©, is 
present then the diffraction field is E;, obtained 
by integrating over 1. According to Babinet’s 
principle, the diffraction field due to obstruction >, 
must be 


E,=E-E, 


We will look at examples of the application of 
the principle for both Fraunhofer and Fresnel 
diffraction. 


Fraunhofer Diffraction 


The electric field due to Fraunhofer diffraction is 
given by 


iae ikRo 


Ep(a,, Wy) = ov a 


fr Gye re) dee dy 
> 


where a is the amplitude of the incident plane wave 
and Ro is the distance from the obstruction to the 
observation point. We have defined the spatial 
frequencies, w, and w, by the equations 


271 


wo, = kRM= ~ Ry 


XR y 


This surface integral is an approximation of the 
Hygens—Fresnel integral and can be identified as a 
Fourier transform of the aperture transmission 
function, f(x, y) in two dimensions. For our discus- 
sion we will consider only one dimension and ignore 
the parameters in front of the integral. 

Assume that a(x) is the amplitude transmission of 
an aperture in an obstruction, b(x) is the amplitude 
transmission function of the complementary obstruc- 
tion and g is the amplitude of the wave when no 





xy Xp 


Figure 1 An aperture >, shown by the unshaded region and its 
complement =». Reproduced with permission from Guenther R 
(1990) Modern Optics. New York: Wiley. Copyright © 1990 John 
Wiley & Sons. 
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obstruction is present. The Fourier transforms of the 
one-dimensional amplitude transmission functions 
of the two apertures are equal to the Fraunhofer 
diffraction patterns that will be generated by the two 
apertures 


foe} 


a(xje *** dx 


—0o 


Ad) = | 


B(k) = b(x)e** dx 


With no aperture present, the far field amplitude is 


G(k) = | eR dx 
Babinet’s principle states that 
B(x) = G — A(x) 


must be the Fraunhofer diffraction field of the 
complementary aperture. We may rewrite this 
equation for the diffraction field as 


B(k) = G&(k) + A(k)e'” [1] 


The first term on the right of the Fraunhofer 
diffraction field for the complementary obstruction 
[1] is located at the origin of the observation plane 
and is proportional to the amplitude of the unob- 
structed wave. The second term in the equation for 
the Fraunhofer diffraction pattern [1] is identical to 
the Fraunhofer diffraction pattern of the original 
aperture, except for a constant phase. Thus the 
Fraunhofer diffraction from the two complementary 
apertures are equal, except for a constant phase and 
the bias term at the origin. Physically this means that 
the diffraction intensity distributions of complemen- 
tary apertures will be identical but their brightness 


will differ! 


Fresnel Diffraction 


We can calculate the Fresnel diffraction from an 
opaque disk by applying Babinet’s principle to the 
diffraction pattern calculated for a circular aperture. 

We assume that a circular aperture of radius a is 
illuminated by a point source a distance Z’ from the 
aperture. We observe the transmitted wave at the 
point P, located a distance Z from the aperture 
(see Figure 2). 

The Fresnel diffraction integral is 


= la 
Pp XpD 


x| fle, ye Bel 40-90"] de dy [2] 


—ikD 











Figure 2 Geometry for the analysis of Fresnel diffraction of a 
circular aperture. Reproduced with permission from Guenther R 
(1990) Modern Optics. New York: Wiley. Copyright © 1990 John 
Wiley & Sons. 


where the distance between the source and obser- 
vation point is 


(E-x)+(n-y) 1 1 
2(Z + Z’) p £ # 





D=Z4+Z+ 


and the coordinates of the stationary point are 


_ ZE+ Zx, 


Zn+Z 
i n+ ZYs 


Z4+Z! 


Fiz an 





The parameters of the integral are simplified by the 
geometry selected for Figure 2. Both the observation 
point and source are located on the axis of symmetry 
of the aperture which lies along the z-axis of a 
cylindrical coordinate system thus 
xo =o = E=H=0 and D=Z'4+Z 

The approximation for the distance from the source 
and observation point to the aperture yields 





/ / i i 
R+R~Z4+Z4 =D 
+ 7 oy 
where r*>=x7+y? The cylindrical coordinate 


version of [2] is then 


- la 
Pp ApD 





, a 27 _ Rr 
e ikD I, i f(r, je "Ip rdr dd [3] 


We assume that the transmission function of the 
aperture is a constant, f(r,¢)=1, to make the 
integral as simple as possible. After performing 
the integration over the angle @, [3] can be 
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rewritten as 


Performing the integration of [4], results in the 
Fresnel diffraction amplitude 


Ep. _ se lt == e ima’ /pa] [5] 


The intensity of the diffraction field is 


2 
Ba 21(1 soe 
pa 





i > Wa 


= 4Ip sin 2pr [6] 


[6] predicts a sinusoidal variation in intensity as the 
observation point moves toward the aperture. 

Babinet’s principle can now be used to evaluate 
Fresnel diffraction by an opaque disk, the same size as 
the circular aperture, i.e., of radius a. The field for the 
disk is obtained by subtracting the field, diffracted by 
a circular aperture, from the field of an unobstructed 
spherical wave, Ep: 


Epg = Ep — Ep, 
% Q _ipp s 
Fpg= —e™ —£E 
Pd D Pa 
Q _: Pie? 
= e ikD @ ima’ /pr [7] 


The intensity is 
Ipg = 1p 


The result of the application of Babinet’s principle is 
the conclusion that, at the center of the geometrical 
shadow cast by the disk, there is a bright spot with the 
same intensity as would exist if no disk were present. 
This is Poisson’s spot. The intensity of this spot is 
independent of the choice of the observation point 
along the z-axis. 


See also 


Diffraction: Fraunhofer Diffraction; Fresnel Diffraction. 
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Introduction 


Instabilities in laser emission, notably in the form of 
spontaneous coherent pulsations, have been 
observed almost since the first demonstration of 
laser action. Indeed, the first laser operated in 1960 
by Maiman produced noisy spiked output even 
under conditions of quasi-steady excitation and 
provided the early impetus for studies of such 
effects. Subsequent theoretical efforts towards 
understanding these phenomena occurred up to the 
1980s at a modest level, due in part to the wide 
scope of alternative areas of fertile investigation 
provided by lasers during this period. However, 
since the 1990s, there has been a major resurgence 
of interest in this area. This has been due to 
profound mathematical discoveries over this period 
which have revolutionized our understanding of 
classical dynamical systems. It is now clear that 
many systems containing some form of nonlinearity 
are dynamically unstable and even chaotic and that 
such behavior is deterministic. Further, the discovery 
that chaos evolves through particular routes with 
well-defined scenarios and that such routes are 
universal, has stimulated experimentalists to search 
for physical systems that exhibit these properties. 
These phenomena have now been observed in areas 
as diverse as fluid flow, chemical reactions, popu- 
lation ecology, and superconductor devices. The 
laser, perhaps the most recent newcomer to the 
field, is a paradigm for such investigation, owing 
to its simplicity both in construction and in the 
mathematics that describe it, and already a wide 
range of these phenomena have been observed. 
Along with a proliferation of new observations, 
many of the instabilities known to occur in these 
systems are now being reinterpreted in lieu of our 


new insight in this area. From this, fascinating 
new concepts of control and synchronization 
of chaos have emerged and spawned new fields of 
applications, not least in secure communication. In 
this article we introduce the general principles of 
dynamical instabilities, chaos, and control in lasers. 
For in-depth study, the reader is referred to texts 
and review articles cited in the Further Reading 
section at the end of this article. 


Laser Physics 


Our conventional understanding of laser physics is 
concerned with how cooperative order evolves from 
randomness. This transition is explained by first 
considering the ensemble of lasing atoms in thermal 
equilibrium. Every atom executes a small motion, 
giving rise to an oscillating electric dipole, described 
by linear dynamics. For larger motions, the atomic 
dipoles interfere with each other’s motion and 
beyond a particular threshold, the motion becomes 
‘co-operative’ or ordered over a long range. The role 
of the electromagnetic field in the laser cavity in 
ordering the induced atomic dipoles, is collectively 
described as giving rise to a macroscopic polarization, 
the magnitude of which depends on the number of 
dipoles (excited atoms). The dynamical interplay 
between the cavity field amplitude (E) as one variable 
and the atomic material variables of polarization (P) 
and population (D) of excited atoms, all of which are 
in general complex quantities, provide a full descrip- 
tion of lasing action. For the simplest laser, a single 
mode two-level system with a homogeneously broa- 
dened gain lasing at resonance, these reduce to just 
three real variables, the Maxwell—Bloch equations: 





E=-—«KE+ xP [1] 
P=y,ED—y,P [2] 
D= yAt+ 1) — yD — yyAEP [3] 
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where x is the cavity decay rate, y, is the decay rate of 
atomic polarization, y,; is the decay rate of popu- 
lation inversion, and A the pumping parameter. 

Described in this way the laser acts as a single 
oscillator in much the same way as a mechanical 
nonlinear oscillator, where laser output represents 
damping of the oscillator and excitation of the atoms is 
the driving mechanism to sustain lasing (oscillation). 
For ordered or coherent emission, it is necessary for 
one or both of the material variables (which are 
responsible for further lasing emission) to respond 
sufficiently fast to ensure a phase correlation with the 
existing cavity field. This is readily obtained in many 
typical lasers with output mirrors of relatively high 
reflectivity, since the field amplitude within the laser 
cavity will then vary slowly compared to the fast 
material variables which may then be considered 
through their equilibrium values. This situation, 
commonly referred to as adiabatic elimination of fast 
variables, reduces the dynamics of lasing action to that 
of one (or two) variables, the field (and population), all 
others being forced to adapt constantly to the slowly 
varying field variable. Our familiar understanding of 
DC laser action presupposes such conditions to hold. 
However when, for example, the level of excitation of 
the atoms is increased to beyond a certain value, i.e., 
the second laser threshold, all three dynamical 
variables may have to be considered, which satisfies 
the minimum requirement of three degrees of freedom 
(variables) for a system to display chaos. So this simple 
laser is capable of chaotic motion, for which the 
emission is aperiodic in time and has a broadband 
spectrum. Prediction of such behavior was initially 
made by Haken in 1975 through establishing the 
mathematical equivalence of the Maxwell—Bloch 
equations to those derived earlier by Lorentz describ- 
ing chaotic motion in fluids. 


Nonlinear Dynamics and Chaos 
in Lasers 


In general there is no general analytical approach for 
solving nonlinear systems such as the Maxwell- 
Bloch equations. Instead solutions are obtained by 
numerical means and analyzed through geometric 
methods originally developed by Poincaré as early as 
1892. This involves the study of topological struc- 
tures of the dynamical trajectories in phase space of 
the variables describing the system. If an initial 
condition of a dissipative nonlinear dynamical 
system, such as a laser, is allowed to evolve for a 
long time, the system, after all the transients have died 
out, will eventually approach a restricted region of 
the phase space called an attractor. A dynamical 


system can have more than one attractor, in which 
case different initial conditions lead to different types 
of long-time behavior. The simplest attractor in phase 
space is a fixed point which is a solution with just one 
set of values for its dynamical variables; the nonlinear 
system is attracted towards this point and stays there, 
giving a DC solution. For other control conditions the 
system may end up making a periodic motion; the 
attractor of this motion is called a limit cycle. 
However, when the operating conditions exceed a 
certain critical value, the periodic motion of the 
system breaks down into a more complex dynamical 
trajectory, which never repeats. This motion rep- 
resents a third kind of attractor in phase space called a 
chaotic or strange attractor. 

Figure 1 shows a sequence of trajectories of the 
Lorentz equations in the phase space of (x, y, z) on 
increasing the value of one of the control parameters; 
this corresponds to (E, P, D) in the Maxwell—Block 
equations on increasing the laser pump. For a control 
setting near zero, all trajectories approach stable 
equilibrium at the origin, the topological structure of 
the basin of attraction being hyperbolic about zero 
(Figure 1a). For the laser equations, this corresponds 
to operation below lasing threshold for which the 
magnitude of the control parameter (laser gain) is 
insufficient to produce lasing. As the control para- 
meter is increased, the basin lifts at its zero point to 
create an unstable fixed point here but with now two 
additional fixed points located in the newly formed 
troughs on either side of the zero point, which is now 
a saddle point. This is illustrated in Figure 1b where 
the system eventually settles to one or other of the 
two new and symmetrical fixed points, depending on 
the initial conditions. This corresponds to DC or 
constant lasing as defined by the parameter values of 
one or other of these points which are indistinguish- 
able. Pictorially, think of a conventional saddle shape 
comprising a hyperbolic and inverted hyperbolic 
form in mutually perpendicular planes and connected 
tangentially at the origin. With the curve of the 
inverted hyperbola turned up at its extremity and 
filling in the volume with similar profiles which allow 
the two hyperbolic curves to merge into a topological 
volume, one sees that a ball placed at the origin is 
constrained to move most readily down either side of 
the inverted hyperbolas into one or other of the 
troughs formed by this volume. For the Lorentz 
system, chaotic behavior occurs at larger values of 
the control parameter when all three fixed points 
become saddles. Since none of the equilibrium points 
are now attracting, the behavior of the system cannot 
be a steady motion. Although perhaps difficult to 
visualize topologically, it is then possible to find a 
region in this surface enclosing all three points and 


CHAOS IN NONLINEAR OPTICS 17 





(a) 


{¢) 


Figure 1 








Trajectories in the three-dimensional phase space of the Lorentz attractor on increasing one of the control parameters. 


(Reproduced with permission from Thompson JMT and Stewart HB (1987) Nonlinear Dynamics and Chaos. New York: John Wiley.) 


large enough so that no trajectories leave the region. 
Thus, all initial conditions outside the region evolve 
into the region and remain inside from then on. A 
corresponding chaotic trajectory is shown in 
Figure 1c. A point outwardly spirals from the 
proximity of one of the new saddle points until the 
motion brings it under the influence of the symme- 
trically placed saddle, the trajectory then being 
towards the center of this region from where outward 
spiraling again occurs. The spiraling out and switch- 
ing over continues forever though the trajectory never 
intersects. In this case, arbitrarily close initial 
conditions lead to trajectories, which, after a suffi- 
ciently long time, diverge widely. Since a truly exact 
assignment of the initial condition is never possible, 


even numerically, a solution comprising several such 
trajectories therefore evolves and, as a consequence, 
long-term predictability is impossible. This is in 
marked contrast to that of the fixed point and limit 
cycle attractors, which settle down to the same 
solutions. A recording of one of these variables in 
time, say for a laser the output signal amplitude (in 
practice recorded as signal intensity, proportional to 
the square of the field amplitude), then gives 
oscillatory emission of increasing intensity with 
sudden discontinuities (resulting from flipping from 
one saddle to the other in Figure 1c) as expected. 
While the Lorentz/Haken model is attractive for 
its relative simplicity, many practical lasers cannot 
be reduced to this description. Nevertheless, the 
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Figure 2 Lorentz-type chaos in the NH3 laser (emitting at 81 xm optically pumped by a N2O laser. 


underlying topology of the trajectory of solutions in 
phase space for these systems is often found to be 
relatively simple and quite similar, as for three-level 
models descriptive of optically pumped lasers. An 
experimental example of such behavior for a single 
mode far infared molecular laser is shown in Figure 2. 
In other lasers, for which there is adiabatic elimin- 
ation of one or other of the fast variables, chaotic 
behavior is precluded if, as a consequence, the 
number of variables of the system is reduced to less 
than three. Indeed this is the case for many practical 
laser systems. For these systems the addition of an 
independent external control parameter to the 
system, such as cavity length or loss modulation, 
have been extensively used as a means to provide the 
extra degrees of freedom. Examples include gas lasers 
with saturable absorbers, solid state lasers with loss 
modulation, and semiconductor lasers with external 
cavities, to name but a few. In contrast, for multi- 
mode rather than single mode lasers, intrinsic 
modulation of inversion (or photon flux) by multi- 
mode parametric interaction ensures the additional 
degrees of freedom. Furthermore, when the field is 
detuned from gain center, the dynamical variables E, 
P, D are complex, providing five equations for single 
mode systems, which is more than sufficient to yield 
deterministic chaos for suitable parameter values. 
Also, of significance is the remarkably low threshold 
found for the generation of instabilities and chaos in 
single-mode laser systems in which the gain is 
inhomogeneously broadened, an example being the 
familiar He—Ne laser. 

Erratic and aperiodic temporal behavior of any of 
the system’s variables implies a corresponding con- 
tinuous spectrum for its Fourier transform, which is 
thus a further signature of chaotic motion. Time 
series, power spectra, and routes to chaos collectively 
provide evidence of deterministic behavior. Of the 
wide range of possible routes to chaos, three have 
emerged as particularly common and are frequently 
observed in lasers. These are period doubling, 
intermittency, and two-frequency scenarios. In the 
first, a solution, which is initially stable is found to 


oscillate, the period of which successively doubles at 
distinct values of the control parameter. This con- 
tinues until the number of fixed points becomes 
infinite at a finite parameter value, where the 
variation in time of the solution becomes irregular. 
For the intermittency route, a signal that behaves 
regularly in time becomes interrupted by statistically 
distributed periods of irregular motion, the average 
number of which increases with the external control 
parameter until the condition becomes chaotic. The 
two-frequency route is more readily identified with 
early concepts of turbulence, considered to be the 
limit of an infinite sequence of instabilities (Hopf 
bifurcation) evolving from an initial stable solution 
each of which creates a new basic frequency. It is now 
known that only two or three instabilities (frequen- 
cies) are sufficient for the subsequent generation of 
chaotic motion. 


Applications of Chaos in Lasers 


It has been accepted as axiomatic since the discovery 
of chaos that chaotic motion is in general 
neither predictable nor controllable. It is unpredict- 
able because a small disturbance will produce 
exponentially growing perturbation of the motion. 
It is uncontrollable because small disturbances lead to 
other forms of chaotic motion and not to any other 
stable and predictable alternative. It is, however, this 
very sensitivity to small perturbations that has been 
more recently used to stabilize and control chaos, 
essentially using chaos to control itself. Among the 
many methods proposed in the late 1980s, a feedback 
control approach was proposed by Ott, Grebogi, and 
Yorke (OGY) in which tiny feedback was used to 
stabilize unstable periodic orbits or fixed points of 
chaotic attractors. This control strategy can be best 
understood by a schematic of the OGY control 
algorithm for stabilizing a saddle point P*, as shown 
in Figure 3. Curved trajectories follow a stable 
(unstable) manifold towards (away from) the 
saddle point. Without perturbation of a parameter, 
the starting state, s;, would evolve to the state sp. 





Ohttna: AAW inatrnintahlan nnAm/IECDIO/AYRANAW/DTIAAICDIOMG: 








antahlas nam/CVCINTC 


CHAOS IN NONLINEAR OPTICS 19 










Motion of P* due 
to parameter 
perturbation 


Stable manifold 


Unstable manifold 


State, so, after _—O 
one map iterate 
(unperturbed) State, s3, after 
one map iterate 
with parameter 


perturbation 


O 


Starting state, si 


Figure 3 The OGY control strategy for stabilizing an orbit in a 
chaotic attractor. 


The effect of changing a parameter of the system is 
depicted as shifting states near P* along the solid 
black arrows, whereas the combination of the 
unperturbed trajectory and the effect of the pertur- 
bation is to bring the state to a point, s3, on the stable 
manifold. Once on the stable manifold, the trajectory 
naturally tends towards the desired point. This 
algorithm has been successfully applied in numerous 
experimental systems without a priori modeling of 
these systems, examples being in cardiology, elec- 
tronics, and lasers. Based on the concept of feedback 
control, various other approaches have been devel- 
oped where emphasis has been given to algorithms 
which are more readily implemented in practical 
systems, in particular that utilizing occasional pro- 
portional feedback (OPF). These pioneering studies 
have since inspired prolific activities, both in theory 
and experiment, of control of chaos across many 
disciplines, opening up possibilities of utilizing chaos 
in many diverse systems. In optics, Roy et al. first 
demonstrated dynamical control of an autonomously 
chaotic and high-dimensional laser system on micro- 
second time-scales. The laser, a diode pumped solid- 
state Nd:YAIG system with an intracavity KTP 
doubling crystal, exhibited chaotic behavior from 
coupling of the longitudinal modes through nonlinear 
sum-frequency generation. To control the system, the 
total laser output was sampled within a window of 
selected offset and width. A signal proportional the 
deviation of the sampled intensity from the center 
of the window was generated and applied to 
perturb the driving current of the diode laser. The 
sampling frequency is related to the relaxation 
oscillation frequency of the system. This control 
signal repeatedly attempts to bring the system 
closer to a periodic unstable orbit that is embedded 


in the chaotic attractor, resulting in a realization of 
the periodic orbit. By adjusting the frequency of the 
feedback signal they observed the basic (relaxation 
oscillation) and many higher-order periodic wave- 
forms of the laser intensity. In a subsequent experi- 
ment, Gills et al. showed that an unstable steady state 
of this laser could also be stabilized by the OPF 
control technique and tracked with excellent stability 
to higher output power with increase of the pump 
excitation. 

Another area to receive considerable attention in 
the last few years is that of synchronization of chaos. 
It may be expected that chaotic systems will defy 
synchronization because two such identical systems 
started at nearly the same initial conditions have 
dynamical trajectories that quickly becomes uncorre- 
lated. However, it has now been widely demonstrated 
that when these systems are linked, their chaotic 
trajectories converge to be the same and remain in 
step with each other. Further, such synchronization is 
found to be structurally stable and does not require 
the systems to be precisely identical. Not surprisingly, 
these findings have attracted interest from the 
telecommunication community; the natural masking 
of information by chaotic fluctuations offering a 
means to a certain degree of security. In this new 
approach, a chaotic carrier of information can be 
considered as a generalization of the more traditional 
sinusoidal carrier. In communication systems that use 
chaotic waveforms, information can be recovered 
from the carrier using a receiver synchronized, or 
tuned, to the dynamics of the transmitter. Optical 
systems are particularly attractive since they display 
fast dynamics, offering the possibility of communi- 
cation at bandwidths of a hundred megahertz or 
higher. Van Wiggeren and Roy first demonstrated 
data transmission rates of 10 Mbites per second using 
erbium-doped fiber ring lasers. These lasers are 
particularly well-suited for communication purposes 
since their lasing wavelength is close to the minimum- 
loss wavelength in optical fiber. Figure 3 shows a 
schematic of this system. The tiny message, in order 
of one thousandth of the carrier intensity, is decoded 
in the transmitter. The receiver tends to synchronize 
its behavior to the chaotic part of the transmitted 
wave (but not the message). Subtracting the wave- 
form created in the receiver from the transmitted 
signal recovers the tiny message. In principle, it is 
possible to communicate information at ultrahigh 
data rate with the use of this scheme because the 
chaotic dynamics in the ring laser has a very large 
spectral width. In a later experiment they showed that 
a receiver can recover information at 126 Mbits/sec 
from the chaotic carrier (Figure 4). 
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Figure 4 Schematic of communication with chaotic erbium-doped fiber amplifiers (EDFAs). Injecting a message into the transmitter 
laser folds the data into the chaotic frequency fluctuations. The receiver reverses this process, thereby recovering a high-fidelity copy of 
the message. (Reproduced with permission from Gauthier DJ (1998) Chaos has come again. Nature 279: 1156-1157.) 


See also 


Fourier Optics. Optical Amplifiers: Erbrium Doped 
Fiber Amplifiers for Lightwave Systems. Polarization: 
Introduction. 
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Introduction 


A significant challenge facing experimentalists in the 
physical and biological sciences is the detection and 
identification of single molecules. The ability to 
perform such sensitive and selective measurements 
is extremely valuable in applications such as DNA 
analysis, immunoassays, environmental monitoring, 
and forensics, where small sample volumes and 
low analyte concentrations are the norm. More 
generally, most experimental observations of physi- 
cal systems provide a measurement of ensemble 
averages, and yield information only on mean 
properties. In contrast, single molecule measure- 
ments permit observation of the interactions 
and behavior of a heterogeneous population in 
real time. 

Over the past few years a number of techniques 
with sufficient sensitivity have been developed to 
detect single molecules. Scanning probe microscopies 


(most notably scanning tunneling microscopy and 
atomic force microscopy) have been used to great 
effect in the analysis of surface bound species, but for 
the detection of single molecules in liquids, optical 
methods incorporating the measurement of absorp- 
tion or emission processes, have proved most 
successful. 


The Absorption-Emission Cycle 


The key concept underlying most emissive 
approaches to single molecule detection is that a 
single molecule can be cycled repeatedly between its 
ground state and an excited electronic state to yield 
multiple photons. The process can be understood by 
reference to Figure 1. Fluorescence emission in the 
condensed phase can be described using a four-step 
cycle. Excitation from a ground electronic state to 
an excited state is followed by rapid (internal) 
vibrational relaxation. Subsequently, radiative decay 
to the ground state is observed as fluorescence 
emission and is governed by the excited state 
lifetime. The final stage is internal relaxation back 
to the original ground state. Under saturating 
illumination, the rate-limiting step for this cycle is 
governed by the fluorescence lifetime (7), which is 
typically of the order of a few nanoseconds. If a 
single molecule diffuses through an illuminated zone 
(e.g., the focus of a laser beam) it may reside in that 
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Figure 1 Schematic illustration of the molecular absorption—emission cycle and timescales for the component processes. Competing 
processes that may reduce the ultimate photon yield are also shown. 


region for several milliseconds. The rapid photon 
absorption-emission cycle may therefore be repeated 
many times during the residence period, resulting in 
a burst of fluorescence photons as the molecule 
transits the beam. The burst size is limited 
theoretically by the ratio of the beam transit time 
(7,) and the fluorescence lifetime: 
Nphotons = a [1] 
Tf 
For typical values of 7, (Sms) and 7 (5 ns) up to 
one million photons may be emitted by the single 
molecule. In practice, photobleaching and photo- 
degradation processes limit this yield to about 
10° photons. Furthermore, advances in optical 
collection and detection technologies enable regis- 
tration of about 1-5% of all photons emitted. This 
results in a fluorescence burst signature of up to a 
few thousand photons or photoelectrons. 
Successful single molecule detection (SMD) 
depends critically on the optimization of the fluor- 
escence burst size and the reduction of background 
interference from the bulk solvent and impurities. 
Specifically a molecule is well suited for SMD if it is 
efficiently excited by an optical source (i.e., possesses 
a large molecular absorption cross-section at the 
wavelength of interest), has a high fluorescence 
quantum efficiency (favoring radiative deactivation 


of the excited state), has a short fluorescence lifetime, 
and is exceptionally photostable. 

Ionic dyes are often well suited to SMD as 
fluorescence quantum efficiencies can be close to 
unity and fluorescence lifetimes below 10 nano- 
seconds. For example, xanthene dyes such as Rhod- 
amine 6G and tetramethyl-rhodamine isothiocyanate 
are commonly used in SMD studies. However, other 
highly fluorescent dyes such as fluorescein are 
unsuitable for such applications due to unacceptably 
high photodegradation rate coefficients. Further- 
more, some solvent systems may enhance nonradia- 
tive processes, such as intersystem crossing, and yield 
significant reduction in the photon output. Structures 
of three common dyes suitable for SMD are shown in 
Figure 2. 


Signal vs Background 


The primary challenge in SMD is to ensure sufficient 
reduction in background levels to enable discrimi- 
nation between signal and noise. As an example, in a 
1nM aqueous dye solution each solute molecule 
occupies a volume of approximately 1 fL. However, 
this same volume also contains in excess of 10'° 
solvent molecules. Despite the relatively small scat- 
tering cross-section for an individual water molecule 
(~10 7° cm? at 488 nm), the cumulative scattering 
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Figure 2 Structures of common dye molecules suitable for 
SMD in solution: (a) 3,6-diamino-9-(2-carboxyphenyl)-chloride 
(rhodamine 110); (b) 9-(2-(ethoxycarbonyl)phenyl)-3,6-bis (ethyl- 
amino)-2,7-dimethy! chloride (rhodamine 6G); (c) 9-(2-carboxy- 
isothiocyanatophenyl)-3,6-bis(dimethylamino)-inner salt (tetra 
methylrhodamine-5-(and-6)-isothiocyanate). 


signal from the solvent may swamp the desired 
fluorescence signal. The principal method of reducing 
the solvent background is to minimize the optical 
detection volume: the signal from a single molecule is 
independent of probe volume dimensions, but the 
background scales proportionally with the size of the 
detection region. Although there are several experi- 
mental approaches to SMD in solution, several 
factors hold common: 


1. Tiny detection volumes (10° '*-107 '° L) are used 
to reduce background signals. 

2. A low analyte concentration combined with the 
small observation volume, ensures that less than 
one analyte molecule is present in the probe 
volume on average. 

3. High-efficiency photon collection (optics) and 
detection maximize the proportion of the iso- 
tropic fluorescence burst that is registered. 

4. Background reduction methods are employed to 
improve signal-to-noise ratios. These include: 
optical rejection of Raman and Rayleigh scatter, 
time-gated discrimination between prompt scatter 
and delayed emission, and photobleaching of the 
solvent immediately before detection. 


The minute volumes within which single molecules 
are detected can be generated in a variety of ways. 
Picoliter volumes can be defined by mutually ortho- 
gonal excitation and detection optics focused in a 
flowing stream. Much smaller, femtoliter probe 
volumes are generated using confocal microscopes. 
At this level, background emission is significantly 
reduced and high signal-to-noise ratios can be 
achieved. Confocal detection techniques are versatile 
and have been widely adopted for SMD in freely 
diffusing systems. Consequently, confocal methods 
will be discussed in detail in this article. The other 
general approach to performing SMD in solution 
involves the physical restriction of single molecules 
within defined volumes. Of particular note are 
techniques where single molecules are confined 
within a stream of levitated microdroplets. Droplet 
volumes are typically less than 1 fL and imaging of 
the entire microdroplet enables single molecule 
fluorescence to be contrasted against droplet ‘blanks’ 
with good signal-to-noise. Furthermore, since mole- 
cules are confined within discrete volumes, the 
technique can be utilized for high-efficiency molecu- 
lar counting applications. More recently, spatial 
confinement of molecules in capillaries and micro- 
fabricated channels (with submicron dimensions) has 
been used to create probe volumes between 1 fL and 
1 pL, and immobilized molecules on surfaces have 
been individually probed using wide-field microscopy 
with epi-illumination or evanescent wave excitation. 


Single Molecule Detection using 
Confocal Microscopy 


As previously stated, the confocal fluorescence 
microscope is an adaptable and versatile tool for 
SMD. In its simplest form, a confocal microscope is 
one in which a point light source, a point focus in the 
object plane, and a pinhole detector are all confocal 
with each other. This optical superposition generates 
superior imaging properties and permits definition of 
ultra-small probe volumes. The concepts behind a 
basic confocal microscope and its use in SMD are 
schematically illustrated in Figure 3. Coherent light 
(typically from a laser and tuned to an optical 
transition of the molecule under investigation) 
behaves as a point light source and is focused into a 
sample chamber using a high-numerical aperture 
objective lens. As a single molecule traverses the 
laser beam it is continuously cycled between the 
ground and an excited electronic state, emitting a 
burst of fluorescence photons. Fluorescence 
emission is isotropic (spontaneous emission), so 
photons are emitted in all directions (47 steradians). 


24 CHEMICAL APPLICATIONS OF LASERS / Detection of Single Molecules in Liquids 











Confocal 
pinhole 


Dichroic mirror 
Detector 


lie 


objective NEL 


Focal plane 


Figure 3 Principle of confocal detection. A confocal pinhole only 
selects light that emanates from the focal region. Dashed lines 
indicate paths of light sampled above and below the focal plane 
that are rejected by the pinhole. The solid ray derives from the 
focal point, and is transmitted through the pinhole to a detector. 


Consequently, the high numerical aperture is used to 
collect as large a fraction of photons emitted from the 
focal plane as possible. Designing the objective to be 
used with an immersion medium, such as oil, 
glycerin, or water, can dramatically increase the 
objective numerical aperture, and thus the number 
of collected photons. Light collected by the objective 
is then transmitted towards a dichroic beam splitter. 
In the example shown, fluorescence photons (of lower 
energy) are reflected towards the confocal detector 
pinhole, whereas scattered radiation (of higher 
energy) is transmitted through the dichroic towards 
the light source. Creation of a precise optical probe 
volume is effected through the definition of the 
confocal pinhole. The detector is positioned such 
that only photons that pass through the pinhole are 
detected. Consequently, light emanating from the 
focal plane in the sample is transmitted through the 
pinhole and detected, whereas light not deriving from 
the focal plane is rejected by the aperture, and 
therefore not detected (Figure 3). 

To ensure that the maximum number of photons 
are detected by the system, high efficiency detectors 
must be used. Photomultiplier tubes (the most 
common detectors for light-sensing applications) are 
robust and versatile but have poor detection efficien- 
cies (approximately 5% of all photons that fall on the 
photocathode yield an electrical signal). Conse- 
quently, the most useful detectors for SMD (or low 
light level) applications are single photon-counting 


avalanche photodiodes (SPADs). A SPAD is essen- 
tially a p-—n junction reverse biased above the 
breakdown voltage, that sustains an avalanche 
current when triggered by a photon-generated carrier. 
Detection efficiencies for typical SPADs are normally 
between 60-70% and are thus ideal for SMD in 
solution. An approximation of the overall detection 
efficiency of a confocal system for SMD can be made 
using eqn [2], which incorporates an estimation of 
photon losses at all stages of the collection/detection 
process. Typical transmission efficiencies for each step 
are also shown. 


overall objective dichroic additional detector 
detection ~ collection x transmission X optical x _ efficiency 
efficiency efficiency coefficient losses 
0.06 0.24 0.9 0.5 0.6 


[2] 


Optical Probe Volumes 


The precise nature of the probe volume is determined 
by the image of the pinhole in the sample and the 
spherical aberration of the microscope objective. 
Routinely, confocal probe volumes are approximated 
as resembling a cylinder with a radius defined by the 
diffraction-limited waist of a Gaussian beam. This 
approximation is useful when the incident beam is 
narrow or not tightly focused. However, when the 
radius of the incident beam is large, the correspond- 
ing diffraction limited focus is narrowed, and the 
probe volume more closely resembles a pair of 
truncated cones. Figure 4a illustrates the dependence 
of the curvature of the 1/e” intensity contour on the 
collimated beam radius. 

Consequently, it is clear that a simple cylindrical 
approximation for the probe volume breaks down for 
wide, tightly focused beams. If a broad incident beam 
(diameter >1.5 mm) is used, a large noncylindrical 
contribution to the probe volume is anticipated and a 
more appropriate model is required. An alternative 
and more accurate model for the confocal probe 
volume considers the Gaussian profile of the focused 
beam. The 1/e? intensity contour radius of a Gaussian 
waveform with wavelength A, at some distance z from 
the beam waist radius wo, is given by eqn [3]: 


rz ? 
w(Z) = Wo, |1 + (er | [3] 
mw 


0 


In this case, the probe volume V is given by the 
volume of rotation of w(z) around the z-axis between 
Z' and —Z'. The volume of rotation can therefore be 
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Figure 4 (a) 1/e? Gaussian intensity contours plotted for a series of laser beam radii (A= 488nm, f= 1.6mm, n= 1.52). 
(b) Cylindrical and curved components of the Gaussian probe volume. The curved contribution is more significant for larger beam radii 


and correspondingly tight beam waists. 


simply defined according to, 
Zz 
Vel mw(z) dz [4] 


Solution of eqn [4] yields 


2a 
3 mw, 





V = 2mwpZ' + ge [5] 
The Gaussian volume expression contains two terms. 
The first term, 2mw6Z', corresponds to a central 
cylindrical volume; the second term has a more 
complex form that describes the extra curved volume 
(Figure 4b). The diffraction-limited beam waist radius 
wo can be defined in terms of the focusing objective 
focal length f, the refractive index n, and the 
collimated beam radius R according to 


Af 


niR 





Wo = 


Substitution in eqn [5] yields, 
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The volume is now expressed in terms of identifiable 
experimental variables and constants. Once again, 
the first term may be correlated with the cylindrical 
contribution to the volume, and the second term is the 


additional volume due to the curved contour. It is 
clear from Figure 4a that, for a given focal length, the 
noncylindrical contribution to the probe volume 
increases with incident beam diameter, when the 
diffraction limited focus is correspondingly sharp and 
narrow. Furthermore, it can also be seen that the 
second term in eqn [7] is inversely proportional to f?, 
and thus the extent to which the probe volume is 
underestimated by the cylindrical approximation 
increases with decreasing focal length. This fact is 
significant when performing confocal measurements, 
since high numerical aperture objectives with short 
focal lengths are typical. Some realistic experimental 
parameters give an indication of typical dimensions 
for the probe volume in confocal SMD systems. For 
example, if A= 488nm, f = 1.6mm, Z’ = 1.0 pm 
and m= 1.52, a minimum optical probe volume of 
1.1 fL is achievable with a collimated beam diameter 
of 1.1 mm. 


Intensity Fluctuations: Photon 
Burst Statistics 


When sampling a small volume within a system that 
may freely exchange particles with a large surround- 
ing analyte bath, a Poisson distribution of particles is 
predicted. A Poisson distribution is a discrete series 
that is defined by a single parameter jz equating to the 
mean and variance of the distribution: 


pre * 


P(n=x)= xl 
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Common Poisson processes include radioactive 
disintegration, random walks and Brownian motion. 
Although particle number fluctuations in the exci- 
tation volume are Poissonian in nature, the corres- 
ponding fluorescence intensity modulation induces a 
stronger correlation between photon counts. For a 
single molecular species the model is described by two 
parameters: an intrinsic molecular brightness and the 
average occupancy of the observation volume. A 
super-Poissonian distribution has a width or variance 
that is greater than its mean; in a Poisson distribution 
the mean value and the variance are equal. The 
fractional deviation O is defined as the scaled 
difference between the variance and the expectation 
value of the photon counts, and gives a measure of the 
broadening of the photon counting histogram (PCH). 
QO is directly proportional to the molecular brightness 
factor e and the shape factor y of the optical point 
spread function. (y is constant for a given experimen- 
tal geometry.) 


(An) =n) 
(i) a 


A pure Poisson distribution has O = 0; for super- 
Poissonian statistics O > 0. Deviation from the 
Poisson function is maximized at low number density 
and high molecular brightness. 

In a typical SMD experiment raw data are 
generally collected with a multichannel scalar and 
photons are registered in binned intervals. Figure 5 


Q 





[9] 


illustrates typical photon burst scans demonstrating 
the detection of single molecules (R-phycoerythrin) in 
solution. Fluorescence photon bursts, due to single 
molecule events, are clearly distinguished above a low 
background baseline (top panel) of less than 5 counts 
per channel in the raw data. It is noticeable that 
bursts vary in both height and size. This is in part due 
to the range of possible molecular trajectories 
through the probe volume, photobleaching kinetics, 
and the nonuniform illumination intensity in the 
probe region. In addition, it can be seen that the burst 
frequency decreases as bulk solution concentration is 
reduced. This effect is expected since the properties of 
any given single-molecule event are determined by 
molecular parameters alone (e.g., photophysical and 
diffusion constants) and concentration merely con- 
trols the frequency/number of events. 

Although many fluorescence bursts are clearly 
distinguishable from the background, it is necessary 
to set a count threshold for peak discrimination in 
order to correctly identify fluorescence bursts above 
the background. A photocount distribution can be 
used as the starting point for determining an 
appropriate threshold for a given data set. The 
overlap between signal and background photocount 
distributions affects the efficiency of molecular detec- 
tion. Figure 6 shows typical signal and background 
photocount probability distributions, with a 
threshold set at approximately 2 photocounts per 
channel. The probability of spurious (or false) 
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Figure 5 Photon burst scans originating from 1nM and 500 pM R-phycoerythrin buffered solutions. Sample is contained within a 
50 ~m square fused silica capillary. Laser illumination = 5 wW, channel width = 1 ms. The top panel shows a similar burst scan 
originating from a deionized water sample measured under identical conditions. 


CHEMICAL APPLICATIONS OF LASERS / Detection of Single Molecules in Liquids 27 





Background 


Probability 


Fluorescence 








4 8 12 
Counts 


Figure 6 Simulated fluorescence and background photocount 
probability distributions. The vertical dashed line at 2 counts 
represents an arbitrarily defined threshold value for peak 
determination. 


detection resulting from statistical fluctuations in the 
background can be quantified by the area under 
the ‘background’ curve at photocount values above 
the threshold. Similarly, the probability that ‘true’ 
single molecule events are neglected can be estimated 
by the area under the ‘fluorescence’ curve at photo- 
count values below the threshold. Choice of a high 
threshold value will ensure a negligible probability 
of calling a false positive, but will also exclude a 
number of true single molecule events that lie 
below the threshold value. Conversely, a low 
threshold value will generate an unacceptably 
high number of false positives. Consequently, 
choice of an appropriate threshold is key in 
efficient SMD. 

Since the background shot noise is expected to 
exhibit Poisson statistics, the early part of the 
photocount distribution (i.e., the portion that is 
dominated by low, background counts) can be 
modeled with a Poisson distribution, to set a 
statistical limit for the threshold. Photon counting 
events above this threshold can be defined as photon 
bursts associated with the presence of single mole- 
cules. In an analogy with Gaussian systems the 
selected peak discrimination threshold can be 
defined as three standard deviations from the mean 
count rate: 


NAthreshold = M + 3./m [10] 


Adoption of a threshold that lies 3 standard 
deviations above the mean yields a confidence limit 
that is typically greater than 99%. Figure 7 


oi | Poisson distribution fit 


Photocount distribution 


Frequency 


1E-3 


\ = as 
\__\-Calculated threshold 


. 
\ 


0 Ss 10 


1E-4 





15 20 25 30 35 40 45 50 
Photocounts 


Figure 7 A photon counting histogram generated from a 16 
second photon burst scan originating from a 10 jzg/mL solution of 
1000 nm fluorescent microbeads. The dotted curve shows a least- 
squares fit of early channels to a Poisson distribution, and the 
dashed vertical line marks the peak threshold (defined as 
w+ 3,/u = 4.47 counts). 


illustrates a sample photocount distribution, a 
least-squares fit to an appropriate Poisson distri- 
bution, and the calculated threshold that results. 
Once the threshold has been calculated, its value is 
subtracted from all channel counts and a peak search 
utility used to identify burst peaks in the resulting 
data set. 


Data Filtering 


As stated, the primary challenge in detecting single 
molecules in solution is not the maximization of the 
detected signal, but the maximization of the signal-to- 
noise ratio (or the reduction of background inter- 
ferences). Improving the signal-to-noise ratio in such 
experiments is important, as background levels can 
often be extremely high. 

Several approaches have been used to smooth SMD 
data with a view to improving signal-to-noise ratios. 
However, the efficacy of these methods is highly 
dependent on the quality of the raw data obtained in 
experiment. As examples, three common methods are 
briefly discussed. The first method involves the use of 
a weighted quadratic sum (WQS) smoothing filter. 
The WQS function creates a weighted sum of 
adjacent terms according to 


m—1 


e. 2 
Ak,WOS = > w(Np+;) 
j=0 


[11] 


The range of summation m is the same order as the 
burst width, and the weighting factors w; are chosen 
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Figure 8 Effect of various smoothing filters on a 750 ms photon burst scan originating from a 1 nM R-phycoerythrin buffered solution. 


Raw data are shown in the top panel. 


to best discriminate between single-molecule signals 
and random background fluctuations. This method 
proves most useful for noisy systems, in which the 
raw signal is weak. There is a practical drawback, in 
that peak positions are shifted by the smoothing 
function, and subsequent burst analysis is therefore 
hampered. 

Another popular smoothing filter is the Lee- 
filtering algorithm. The Lee filter preferentially 
smoothes background photon shot noise and is 
defined according to 


Oo 
jay = i = 12 
Ap = Np t+ (Me te Gt Gg? [12] 


where the running mean (v,) and running variance 


(a) are defined by 


= 1 
np = (net) Xm m<k=<=N-m [13] 
1 
ae Qm+1). ys (Mp4) - psi)” Im<k=N-2m 


j=-m 


[14] 


for a filter (271+ 1) channels wide. Here, 1, is the 
number of detected photons stored in a channel k, 
is a constant filter parameter, and N is the total 
number of data points. 


A final smoothing technique worth mentioning is 
the Savitsky-Golay smoothing filter. This filter uses 
a least-squares method to fit an underlying 
polynomial function (typically a quadratic or 
quartic function) within a moving window. This 
approach works well for smooth line profiles of a 
similar width to the filter window and tends to 
preserve features such as peak height, width and 
position, which may be lost by simple adjacent 
averaging techniques. Figure 8 shows the effects of 
using each approach to improve signal-to-noise for 
raw burst data. 


Photon Burst Statistics 


A valuable quantitative analysis method for analysis 
of fluorescence bursts utilizes the analysis of Poisson 
statistics. Burst interval distributions are predicted to 
follow a Poissonian model, in which peak separation 
frequencies adopt an exponential form. The prob- 
ability of a single molecule (or particle) event 
occurring after an interval At is given by eqn [15]: 

N(At) = A exp(— Bt) [15] 
where A is a proportionality constant and B is a 
characteristic frequency at which single molecule 
events occur. The recurrence time tg can then be 
simply defined as 


[16] 
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Figure 9 Burst interval distribution analysis of photon burst 
scans. Data originate from 1 wm fluorescent beads moving 
through 150 jum wide microchannels at flow rates of 200 nL min™' 
(circles) and 1000 nL min~' (squares). Least squares fits to a 
single exponential function are shown by the solid lines. 


Equation [6] simply states that longer intervals 
between photon bursts are less probable than shorter 
intervals. Furthermore, the recurrence time reflects a 
combination of factors that control mobility, probe 
volume occupancy, or other parameters in the single 
molecule regime. Consequently, it is expected that tp 
should be inversely proportional to concentration, 
flow rate or solvent viscosity in a range of systems. 
Figure 9 shows an example of frequency N(A?) versus 
time plots for two identical particle systems moving 
at different velocities through the probe volume. A 
least-squares fit to a single exponential function yields 
values of tg = 91 ms for a volumetric flow rate of 
200 nL/min and tg = 58 ms for a volumetric flow 
rate of 1000 nL/min. 


Temporal Fluctuations: 
Autocorrelation Analysis 


Autocorrelation analysis is an extremely sensitive 
method for detecting the presence of fluorescence 
bursts in single molecule experiments. This approach 
essentially measures the average of a fluctuating 
signal as opposed to the mean spectral intensity. As 
previously discussed, the number of molecules con- 
tained within a probe volume at any given time is 
governed by Poisson statistics. Consequently, the root 
mean square fluctuation can be defined according to 
eqn [17], 





VSN?) — VN-(N)) 1 
(N) (N) VN) 





where N is the number of molecules. It is observed 
that the relative fluctuation diminishes as the number 
of particles measured is increased. Hence, it is 
important to minimize the number of molecules 
present in the probe volume. It should be noted, 
however, that if there are too few molecules in the 
solution there will be long dark periods were no single 
molecule bursts are observed. If the probe volume is 
bathed in radiation of constant intensity, fluctuation 
of the resulting fluorescence signal can simply be 
defined as deviations from the temporal signal 
average: 


1 T 
(F(t)) = 7 I, F(t)dt [18] 


Here, t is defined as the total measurement time, F(Z) 
is the fluorescence signal at time ¢, and (F(f)) is the 
temporal signal average. Fluctuations in the fluor- 
escence intensity, dF(t)(SF(t) = F(t) — (F(t))), with 
time ¢, about an equilibrium value (F), can be 
statistically investigated by calculating the normal- 
ized autocorrelation function, G(7), where 


_ (F(t+7)F(t)) _ (6F(t + 7)6F(t)) 


(FH Get 





G(7) [19] 


In dedicated fluorescence correlation spectroscopy 
experiments, the autocorrelation curve is usually 
generated in real time in a high-speed digital 
correlator. Post data acquisition calculation is also 
possible using the following expression 


N-1 


Gi = > sgt+7 


t=0 


[20] 


Here g(f) is the total number of counts during the time 
interval (t,t+ At), g(f+7) is the number of counts 
detected in an interval of At at a later time ¢ + 7, and 
N is the total number of time intervals in the dataset. 
In a diffusion controlled system with a single 
fluorescent molecule that is irradiated with a three 
dimensional Gaussian intensity profile, the autocor- 
relation curve is governed by the mean probe volume 
occupancy N and the characteristic diffusion time 
(Tp). The laser beam waist radius w and the probe 
depth 2z describe the Gaussian profile: 





Ga=i4 x(! 


The diffusion time is a characteristic molecular 
residence time in the probe volume and inversely 
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Figure 10 Autocorrelation analysis of photon burst scans of 
1m fluorescent beads moving through 150 wm wide micro- 
channels at flow rates of 500 nL min~' (stars) and 1000 nL min~' 
(circles). Solid lines represent fits to the data according to 
eqn [23]. 


related to the translational diffusion coefficient for the 
molecule: 


[22] 


In a flowing system, the autocorrelation function 
depends on the average flow time through the probe 
volume Tow. A theoretical fit to the function can be 
described according to 





ee Ga 


where N is the mean probe volume occupancy; the 
flow velocity v can then be extracted from the 
characteristic flow time according to 


Ww 





v= [24] 


Tflow 


It should be noted that in the case that directed flow is 
negligible or defined to be zero, the autocorrelation 
function simplifies to eqn [21]. 

Figure 10 illustrates experimentally determined 
autocorrelation curves for two identical particle 
systems moving at different velocities through the 
probe volume. As particle flow velocity is 


increased, the width of the autocorrelation curves 
is seen to narrow as a result of the reduced 
residence time in the probe volume. A plot of the 
reciprocal of the full width half maximum of the 
autocorrelation curve as a function of volumetric 
flow rate is linear, and provides a simple way of 
calculating particle/molecule velocities within flow- 
ing systems. 


Applications 


The basic tools and methods outlined in this 
chapter have been used to perform SMD in a 
variety of chemically and biologically relevant 
systems, and indeed there is a large body of 
work describing the motion, conformational 
dynamics and interactions of individual molecules 
(see Further Reading). A primary application area 
has been in the field of DNA analysis, where SMD 
methods have been used in DNA fragment sizing, 
single-molecule DNA sequencing, high-throughput 
DNA screening, single-molecule immunoassays, 
and DNA sequence analysis. SMD methods have 
also proved highly useful in studying protein 
structure, protein folding, protein-molecule inter- 
actions, and enzyme activity. 

More generally, SMD methods may prove to be 
highly important as a diagnostic tool in systems 
where an abundance of similar molecules masks 
the presence of distinct molecular anomalies that 
are markers in the early stages of disease or 
cancer. 


See also 


Microscopy: Confocal Microscopy. 
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Introduction 


Flash photolysis was developed as a technique to 
study short-lived intermediates in photoinduced 
reactions by George Porter (later Lord Porter of 
Luddenham) and Ronald Norrish in 1949, drawing 
on Porter’s wartime experience with radar tech- 
niques. Such was the impact of this development 
that it earned the Nobel prize jointly for Porter, 
Norrish, and Eigen in 1967. In this article we will 
describe the application of flash photolysis to opaque, 
scattering samples, detailing how light propagation in 
such samples can be treated theoretically, and will 
discuss methods by which the data obtained from 
diffuse reflectance flash photolysis experiments may 
be analyzed. 

The technique of flash photolysis was originally 
based on using an intense flash of light (the photolysis 
flash) from a xenon tube to excite the sample, 
followed a certain time delay later by a spectroscopic 
flash of lower intensity from a second flash tube, the 
light from the latter being detected using a photo- 
graphic plate. The photolysis flash is of sufficient 
intensity to produce a large population of intermedi- 
ates (radicals, ions, excited states, isomers) in the 
sample, which then absorb light from the spectro- 
scopic flash depending on the concentration of 
intermediates according to the Beer—Lambert law: 


A= ecl [1] 


where A is the sample absorbance, ¢ the molar 
absorption coefficient, c the concentration and / the 
pathlength. The absorbance is related to the incident 
and transmitted intensities as 


A = logjo1o/I [2] 


With I, the incident and I the transmitted intensities, 
there is therefore an exponential fall-off of intensity 
with pathlength for a homogeneous absorber. Hence, 
by monitoring the evolution of the absorption 
spectra, the changes in concentration of the photo- 
produced intermediates and hence the kinetics of the 
processes in which they are involved are elucidated. 
Flash photolysis has evolved subsequently to make 
use of laser sources and sophisticated electronic 
detection apparatus to push the limits of time 


resolution to the femtosecond regime. Indeed, 
recently the Nobel prize for chemistry was awarded 
to Ahmed Zewail for his work with ultrafast pump- 
probe techniques. However, in its conventional 
geometry, flash photolysis is limited to transparent 
samples, since it is necessary to be able to probe the 
excited species by monitoring the absorption spectra. 
Many biological systems and industrially import- 
ant samples are opaque or highly scattering, and 
hence the attenuation of light through the sample is 
no longer described by the Beer-Lambert law. In 
1981, Frank Wilkinson and Rudolph Kessler had 
the idea of using diffusely reflected light to 
interrogate the changes in concentration within a 
scattering sample subjected to a_ high-intensity 
excitation pulse. When photons enter a sample, 
they may be absorbed or scattered. Those which are 
scattered may re-emerge from the irradiated surface 
as diffusely reflected light. The intensity of diffusely 
reflected light emerging from the surface at a 
particular wavelength is a unique function of the 
ratio of scattering to absorption. The more scatter- 
ing events occurring before absorption, the more 
likely the photon is to escape from the sample as 
diffusely reflected light. Hence the probability of 
escape decreases as the absorption probability 
increases, and the diffusely reflected light is deficient 
in those wavelengths where the absorption is 
strongest, i.e., the ratio of the incident to absorbed 
light intensity at a given wavelength is related to the 
absorption of the sample at that wavelength. 


Kubelka—Munk Theory of Reflectance 


The theory which describes the relationship between 
incident and scattered light intensity, absorption and 
scatter, and concentration which is widely applied in 
this context, is the Kubelka-Munk theory of 
reflectance. The theory was originally developed to 
describe the reflectance characteristics of paint films 
but it works quite well for many samples containing a 
homogeneous distribution of scatterers and absor- 
bers. The limiting assumption in this theory is that the 
scatterers from which the scattering layer is com- 
posed are very much smaller than the total layer 
thickness. Additionally, the layer should be optically 
thick such that all of the light entering the layer 
should be either absorbed or reflected, with a 
negligible fraction transmitted. 

For a layer of thickness X diffusely irradiated with 
monochromatic light, the diagram shown in Figure 1 
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Figure 1 Schematic of counterpropagating fluxes in a diffusely 
irradiated scattering medium. 


can be constructed, with I the incident flux and J the 
diffusely reflected flux, and i and ; the fluxes traveling 
upwards and downwards through an infinitesimally 
small thickness element dx. Two further parameters 
may be defined which are characteristic of the 
medium. 


K The absorption coefficient. Expresses the attenu- 
ation of light due to absorption per unit thickness. 
S The scattering coefficient. Expresses the attenu- 
ation of light due to scattering per unit thickness. 


Both of these parameters can be thought of as 
arising due to the particle (or chromophore) acting 
as a sphere of characteristic size, which casts a 
shadow either due to the prevention of on-axis 
transmission or due to absorption. The scattering or 
absorption coefficient then depends on the effective 
size of this sphere, and the number density of 
spheres in the medium. In each case, the probability 
P of a photon being transmitted through a particular 
thickness X of a medium is related exponentially to 
the absorption or scattering coefficient: 


P =exp(—KX) [3] 


P = exp(—SX) [4] 


The scattering coefficient S depends on the refractive 
index difference between the particle and the 
dispersion medium. The scattering coefficient is 
also dependent upon the particle size, and shows 
an inverse correlation, i.e., the scattering coefficient 
increases as the particle size decreases. This effect is 
a function of the size of the particle relative to the 
wavelength of light impinging on it, with the 
scattering coefficient increasing as the wavelength 


decreases. However, this change with wavelength is 
small provided the particle size is large relative to 
the wavelength of the light. 

The effect of the material in the element dx on the 
counterpropagating fluxes i and j depends on the 
absorption and scattering coefficients. Both i and j 
will be attenuated by both absorption and scattering: 


Ly = 1 _ i4(S oP K)dx [5] 





jx = hi — fA(S + K)dx [6] 


Both i and j are reinforced by backscattering from the 
other flux: 


iy = i + jSdx [7] 





jz =f1 + iSdx [8] 


The net effect of this in the attenuation of the flux 
propagating into the sample (i) and the flux back- 
scattered from the sample (/) can be expressed as the 
following differential equations: 


dj = —(S + K)j,dx + i,Sdx [10] 


For a sample of infinite thickness, these equations can 
be solved to give an analytical solution for the 
observed reflectance of the sample in terms of the 
absorption and scattering coefficients: 


KE Ma Re) 
S 2Ra (11) 


where R,, is the reflectance from a sample of such 
thickness that an increase in sample thickness has no 
effect on the observed reflectance. The absorption 


coefficient K is dependent upon the concentration of 
absorbers in the sample through 


K =2ec [12] 


with e« the naperian absorption coefficient, c the 
concentration of absorbers and the factor 2 which is 
the geometrical factor for an isotropic scatterer. For 
multiple absorbers, K is simply the linear sum of 
absorption coefficients and concentrations. Hence for 
a diffusely scattering medium, an expression analo- 
gous to the Beer-Lambert law can be derived to relate 
concentration to a physically measurable parameter, 
in this case the sample reflectance. The ratio K/S is 
usually referred to as the Kubelka—Munk remission 
function, and is the parameter usually quoted in this 
context. It is important to note that the relationship 
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with concentration is only valid for a homogeneous 
distribution of absorbers within a sample. 


Transient Concentration Profiles 


As has been discussed in the previous section, a light 
flux propagating through a scattering medium is 
attenuated by both scattering and absorption events, 
whilst in a nonturbid medium attenuation is by 
absorption only. Hence even in a sample with a very 
low concentration of absorbers, the light flux is 
rapidly attenuated as it penetrates into the sample by 
scattering events. This leads to a significant flux 
gradient through the sample, resulting in a reduction 
in the concentration of photo-induced species as 
penetration depth into the sample increases. There 
are three distinct concentration profiles which may be 
identified within a scattering sample which are 
dependent on the scattering and absorption coeffi- 
cients. These concentration profiles are interrogated 
by a beam of analyzing light, and hence an under- 
standing of the effect of these differing profiles on the 
diffusely reflected intensity is vital in interpreting 
transient absorption data. The transient depth pro- 
files are illustrated in Figure 2. 


Kubelka-—Munk Plug 


This occurs when the photolysis flash, i.e., laser fluence 
is high and the absorption coefficient is low at the laser 
wavelength. If we assume a simple photophysical 
model involving simply the ground state So, the first 
excited singlet state S, and first excited triplet state Ty, 
and we assume that either the quantum yield of triplet 
state production is high or the S; lifetime is very much 
shorter than the laser pulse allowing re-population of 
the ground state, then it is possible at high enough 
fluence to completely convert all of the Sp states to T, 
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Figure 2 Transient concentration profiles following pulsed laser 
excitation of a scattering and absorbing sample. 


states within the sample. Provided the fluence is high 
enough, this complete conversion will penetrate some 
way into the sample (Figure 2). Under circumstances 
where the T, state absorbs strongly at some wave- 
length other than the photolysis wavelength, probing 
at this wavelength will result in the probe beam being 
attenuated significantly within a short distance of the 
surface of the sample, and thus will only interrogate 
regions where there is a homogeneous excited state 
concentration. Under these circumstances the reflec- 
tance of the sample as a function of the concentration 
of excited states is described by the Kubelka—Munk 
equation, and the change in remission function can be 
used to probe the change in excited state 
concentration. 


Exponential Fall-Off of Concentration 


This occurs when the laser fluence is low and the 
absorption coefficient at the laser wavelength high. 
Again considering the simple photophysical model, 
most of the laser flux will be absorbed by the ground 
state in the first few layers of sample, and little will 
penetrate deeply into the sample. In the limiting case 
this results in an exponential fall-off of transient 
concentration with penetration depth into the sample 
(Figure 2). Here the distribution of absorbers is not 
random and the limiting Kubelka—Munk equation is 
no longer applicable since the mean absorption 
coefficient varies with sample penetration depth. Lin 
and Kan solved eqs [9] and [10] with the absorption 
coefficient K varying exponentially with penetration 
depth and showed that the series solution converges 
for changes in reflectance of less than 10% such that 
the reflectance change is a linear function of the 
number of absorbing species. 


Intermediate Case 


Between the two extremes described above is a case 
where significant transient conversion takes place at 
the front surface, but with little penetration into the 
sample. This can occur, for example, with high 
laser fluences and large ground state absorption 
coefficients at the laser wavelength. Under these 
circumstances, illustrated in Figure 2, the analyzing 
light interrogates not only the transient concentration 
profile, but also a significant amount of the analyzing 
light may penetrate through the transient layer into 
the unconverted sample behind, if the transient 
absorption at the analyzing wavelength is low. This 
creates a more complex problem for analysis since 
effectively the sample is irradiated from both front 
and back faces, with consequent effects on the 
diffusely reflected intensity. It is possible to numeri- 
cally model the reflectance change as a function of 
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transient concentration under these circumstances 
but a precise knowledge of the absorption and 
scattering coefficients is required. Under most cir- 
cumstances, this case is avoided and diffuse reflec- 
tance flash photolysis experiments are arranged such 
that one of the two limiting cases above, generally the 
exponential fall-off (usually achieved by attenuation 
of the laser beam), prevails in a_ particular 
experiment. 


Sample Geometry 


In the case of conventional nanosecond laser flash 
photolysis, it is generally the case that right-angled 
geometry is employed for the photolysis and probe 
beams (Figure 3a). This geometry has a number of 








Detect 
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Figure 3 Sample geometries for (a) conventional and (b,c) 
diffuse reflectance flash photolysis. ——>, photolysis beam; 
—-,, analyzing beam. 


advantages over alternatives. The photolysis beam 
and analyzing beam are spatially well separated, such 
that the analyzing beam intensity is largely unaffected 
by scattered photolysis light. Also, the fluorescence 
generated by the sample will be emitted in all 
directions, whilst the analyzing beam is usually 
collimated allowing spatial separation of fluorescence 
and analyzing light; sometimes an iris is used to aid 
this spatial discrimination. This geometry is appro- 
priate for quite large beam diameters and fluences; 
where smaller beams are used collinear geometry may 
be more appropriate in order to achieve long 
interaction pathlengths. 

In the case of nanosecond diffuse reflectance flash 
photolysis, the geometry required is quite different 
(Figure 3b,c). Here, the photolysis beam and analyz- 
ing beam must be incident on the same sample 
surface, and the diffusely reflected analyzing light is 
collected from the same surface. The geometry is 
often as shown in Figure 3b, where the analyzing light 
is incident almost perpendicularly on the sample 
surface, with the photolysis beam incident at an angle 
such that the specular reflection of the photolysis 
beam passes between detector and analyzing beam 
(not shown). Alternatively, the geometry shown in 
Figure 3c may be employed, where diffusely reflected 
light is detected emerging perpendicular to the sample 
surface. In both cases, the geometry is chosen such 
that specular (mirror) reflection of either exciting or 
analyzing light from the sample is not detected, since 
specular reflection is light which has not penetrated 
the sample and therefore contains no information 
regarding the concentrations of species present. 
A requirement, as in conventional flash photolysis, 
is that the analyzing beam probes only those areas 
which are excited by the photolysis beam, requiring 
the latter to be larger than the former. The nature 
of the scattering described previously means that 
the required geometry does not give spatial 
discrimination at the detector between photolysis 
and analyzing light, and fluorescence. This is since 
both analyzing and photolysis light undergo scatter- 
ing and absorption processes (although with wave- 
length-dependent absorption and __ scattering 
coefficients) and emerge with the same spatial 
profiles. Fluorescence, principally that stimulated by 
the photolysis beam since this is of greatest intensity, 
originates from within the sample but again under- 
goes absorption and scattering and emerges with the 
same spatial distribution as the exciting light. In 
diffuse reflectance flash photolysis, separation of the 
analyzing light from the excitation or fluorescence 
must be achieved using spectral (filters and/or 
monochromators) or temporal, rather than spatial 
discrimination. Time-gated charge coupled devices 
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(CCD) or photodiode array detectors can be effec- 
tively used in nanosecond laser flash photolysis to 
exclude excitation light and fluorescence, since these 
occur on time-scales usually much shorter than the 
transient absorption of species of interest. The usual 
analyzing light source used in nanosecond diffuse 
reflectance flash photolysis is a xenon arc lamp, due 
to its good spectral coverage and high intensity. High 
probe intensity is particularly important in diffuse 
reflectance flash photolysis since the scattered inten- 
sities are often low, and the scattered light emerges in 
a large solid angle, only part of which can be 
effectively collected and detected. Also, high inten- 
sities allow for the light from the analyzing source to 
dominate over fluorescence if the latter is relatively 
weak. 

In femtosecond diffuse reflectance laser flash 
photolysis, sample geometry considerations are also 
important. Such experiments are performed using the 
pump-probe technique, with the probe often being a 
femtosecond white-light continuum. The sample 
geometry employed is illustrated in Figure 4. 

Here the pump and probe are almost colinear, and 
are incident on the same sample area; again, the 
requirement is for the pumped area to be larger than 
the probed area. Diffusely reflected light is then 
collected and analyzed, time resolution being 
achieved by varying the delay between pump and 
probe beams. It should be noted that the temporal 
resolution is worse than in conventional pump-probe 
techniques. In conventional femtosecond flash pho- 
tolysis, the time resolution is generally limited by the 
widths of pump and probe pulses; in diffuse 
reflectance mode, the pulses undergo numerous 
refractions, reflections, and diffractions such that 
the pulse is temporally broadened during its transit 
through the material. The extent of this broadening is 
a sensitive function of the optical properties of the 
individual sample. 
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Figure 4 Sample geometry for femtosecond diffuse reflectance 
flash photolysis. ——>, photolysis beam; ——, analyzing beam. 


Kinetic Analysis 


Kinetic analysis, and of course time-resolved spectro- 
scopic analysis, require a quantitative treatment of 
the concentration changes within a sample following 
an excitation pulse as a function of time. When 
studying transient absorption phenomena in opaque 
samples, it is usual to define the reflectance change in 
terms of the sample reflectance before and after 
excitation, such that in spectrally resolved data a 
transient difference spectrum rather than an absolute 
reflectance spectrum of the transient species is 
obtained. The latter can, however, be reconstructed 
from a knowledge of the absorption coefficients and 
concentration of the species involved. It is possible to 
define the reflectance change as 


Bile sees Be [13] 

Jo Ro 
where Rg and R, represent the intensity of probe 
light diffusely reflected from the sample before 
excitation and at a time ¢ after excitation, respect- 
ively. Frequently reflectance change is expressed as 
‘% absorption’, which is defined in eqn [14]. 


R 
% absorption = 100 x (: — z) [14] 
0 


These parameters are often used as being pro- 
portional to transient concentration, subject to 
satisfying the criteria for an exponential fall-off of 
transient concentration with penetration depth as 
discussed previously, and are used to replace transient 
concentration in kinetic equations used in data 
analysis. 

It is generally the case that the samples studied 
using diffuse reflectance laser flash photolysis have 
either some degree of heterogeneity, for example 
paper, microcrystalline cellulose, silica gel or 
alumina, or have well-defined porous structures 
such as zeolites. Molecules adsorbed to these supports 
may be present on the surface, within micro- or 
mesopores, or intimately included within the struc- 
ture. Hence each molecule may experience its own 
unique environment, and this will obviously influence 
its observed photophysics. It is therefore the case that 
in these systems, even very simple photo-induced 
reactions such as unimolecular photoisomeri- 
zations do not follow first-order kinetics; rather, a 
distribution of rates is observed which reflect the 
differing environments experienced by the molecules, 
and hence the molecules act as probes of this 
heterogeneity. 
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There are a number of approaches to kinetic 
analysis in opaque, often heterogeneous systems, as 
described below. 


Rate Constant Distributions 


Here the sample heterogeneity is treated as producing 
a series of micro-environments, and the reaction 
studied will have its own unique rate constant in each 
of these environments. The width of the observed rate 
constant distribution therefore describes the number 
of these possible environments, with the distribution 
amplitude at any particular rate constant, reflecting 
the probability of the molecule existing in the 
corresponding environment. 

Exponential series lifetime distribution analysis is 
the simplest approach to distributed lifetime analysis. 
This analysis has the inherent advantage that there 
are no presuppositions regarding the kinetic model 
describing the data. Rather, a large number of 
exponentials with fixed rate constants and with 
amplitudes as adjustable parameters are applied to 
the data, and a least-squares procedure used to 
optimize the amplitude of each exponential. Gener- 
ally there is a relationship between the rate constants, 
they being equally spaced on either a linear or 
logarithmic scale. Physically this can be interpreted 
as a large number of first-order or pseudo-first-order 
(in the case of bimolecular reactions) rates arising 
from the sample heterogeneity. Hence the rate 
constant distribution emerges naturally from the 
fitting procedure, with no preimposed constraints. 
Since there are a large number of adjustable 
parameters, these models are applied most success- 
fully to data with good signal-to-noise. 

Alternative approaches involve imposing a distribu- 
tion shape onto a set of exponentials, and optimizing 
this distribution to the data. This approach has the 
advantage that by assuming a rate constant distri- 
bution, the relative amplitudes of the exponentials are 
fixed and hence the number of fitting parameters 
greatly reduced. One of the more successful models 
applied in this context is that developed by Albery 
et al. In the development of their model it is assumed 
that, for the reaction in question, the free energy of 
activation, AG”, is distributed normally around a 
mean value AG” according to eqn [15]: 

AG* = AG® — yxRT [15] 
with y being the width of the distribution for 0 = 
x = -—oo, This assumed normal distribution of the 
free energy of activation leads to a log-normal 
distribution of the decay rate constants distributed 
around some average rate constant k. The dispersion 


in the first-order rate constant is then 
In(k) = In(k) + yx [16] 
The equation used to describe the data is given as: 
é | exp(—?’) exp| —kt exp(yt) |de 
=.= 35 [17] 
“0 | exp(—?t’)dt 





with c and cg being concentration at time t = t and 
t=0 relative to the excitation flash, respectively. 
Where reflectance change is proportional to transient 
concentration, reflectances can be used directly in 
place of concentrations. This equation can be solved 
by making the following substitutions: 


[- exp(—?*)dt = a!” [18] 


[- exp(—?”) exp| - ktexp(yt) |de 


1 
=| pie exp( —(Ina’)) (exp(—Rta”) +exp(—kra) da 

0 
[19] 


Hence here there are only two fitting parameters, 
namely the width of the distribution y and the 
distribution center, k. Note that for y= 0, eqn [17] 
reduces to a single exponential function. 

A further model which constrains the rate constant 
distribution, which has been successfully applied to 
describe the rates of photo-induced processes on silica 
gel surfaces, is a Lévy stable distribution of rate 
constants, described as: 


7 1% 7 
Pika = — | exp(—yq")costka)dg (20) 


where a is the characteristic power law exponent 
(0 <a@S 2) and y is the distribution width (y > 0). 
Special cases of the Lévy stable distribution occur for 
a=1 and a=2, where the distribution shape 
becomes Lorentzian and Gaussian, respectively. The 
Lévy distribution gives an increasing weighting to the 
tails of the distribution as the distribution width 
decreases, and can be described as a random walk 
consisting of long jumps followed by several short 
walks. It has been shown that this type of foraging 
behavior is more efficient at seeking out randomly 
distributed targets than a simple random walk. 
The Lévy stable distribution has three adjustable 
parameters which allows greater flexibility in the 
distribution of rate constants than does the Gaussian 
model, but still constrains the distribution to be 
symmetrical about some mean value. 
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Physical Models 


A number of these have been applied to very specific 
data sets, where parameters of the systems are 
accurately known. These include random walk 
models in zeolites, and time-dependent fractal- 
dimensional rate constants to describe kinetics on 
silica gel surfaces. The advantage of these methods 
over rate constant distributions is that since they are 
based on the physical description of the system, they 
yield physically meaningful parameters such as 
diffusion coefficients from analysis of kinetic data. 
However, for many systems the parameters are 
known in insufficient detail for accurate models to 
be developed. 


Examples 


An example of bimolecular quenching data is shown 
in Figure 5. Here, anthracene at a concentration of 
1 pmol g ' is co-adsorbed to silica gel from aceto- 
nitrile solution together with azulene at a concen- 
tration of 0.8 pmol g !. Laser excitation at 355 nm 
from an Nd:YAG laser produces the excited triplet 
state of the anthracene, which undergoes energy 
transfer to the co-adsorbed azulene molecule as a 
result of the rapid diffusion of the latter. 

The data shown in Figure 5 are recorded monitor- 
ing at 420 nm, and the laser energy (approximately 
5 mJ per pulse) is such that an exponential fall-off of 
transient concentration with penetration depth is 
expected such that reflectance change is proportional 
to transient concentration (see section on Transient 
Concentration Profiles above). The data are shown on 
a logarithmic time axis for clarity. The fitted line is 
obtained by applying the model of Albery et al. 
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Figure 5 Transient absorption decay for anthracene 
(1 mol g”') co-adsorbed with azulene (0.8 mol g ') to silica 
gel monitored at 420 nm. Fitted using the model of Albery et al. 
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Figure 6 Transient absorption decay for the naphthalene 
(1 wmol g™') radical cation monitored at 680 nm on silica gel. 
Fitted using a Lévy stable distribution. 


(see section on Rate Constant Distributions 
above) with fitting parameters k = 1.01x10*s7! 
and y= 0.73. 

Where ion-electron recombination is concerned, 
the Albery model often fails to adequately describe 
the data obtained since it does not allow sufficient 
small rate constants relative to the value of k, given 
the constraints of the Gaussian distribution. The Lévy 
stable distribution is ideal in this application since it 
allows greater flexibility in the shape of the 
distribution. 

Figure 6 shows example data for naphthalene 
adsorbed to silica gel (1 zmol g '). The laser pulse 
energy at 266 nm (approximately 40 mJ per pulse) is 
such that photo-ionization of the naphthalene occurs 
producing the radical cation. The subsequent decay 
of the radical cation via ion—electron recombination 
can be monitored at 680 nm. Note that decay is 
observed on a time-scale of several thousand seconds. 
The fitted line is according to a Lévy stable 
distribution with parameters k = 8.2X 1074s !, y= 
0.5 and a=1.7 (see section on Rate Constant 
Distributions above). This model allows the shape 
of the distribution to deviate from a Gaussian, and 
can be more successful than the model of Albery et al. 
in modeling the complex kinetics which arise on 
surfaces such as silica gel. Note that where the model 
of Albery et al. can successfully model the data, the 
data can also be described by a Lévy stable 
distribution with a = 2. 


List of Units and Nomenclature 
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Sample absorbance 
Concentration 
Incident flux 

Diffusely reflected flux 


“Ss SA 
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Rate constant 

Mean rate constant 

Absorption coefficient (absorption per 
unit thickness) [cm '] 

l Pathlength [cm] 

P Probability of transmission of a photon 
through a sample of defined thickness 
Reflectance of an infinitely thick sample 
Scattering coefficient (scattering per unit 
thickness) [cm™ '] 

t Time 

xX Thickness of sample layer [cm] 
Characteristic Lévy power law exponent 
Width of rate constant distribution 

Free energy of activation [kJ mol ‘] 
Mean free energy of activation [kJ mol” '] 
Molar decadic or naperian absorption 
coefficient 


RK mia 


See also 


Chemical Applications of Lasers: Pump and Probe 
Studies of Femtosecond Kinetics. Optical Materials: 
Measurement of Optical Properties of Solids. Scattering: 
Scattering from Surfaces and Thin Films; Scattering 
Theory. 
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Introduction 


Laser manipulation is a method for manipulating 
single particles with a size of less than a few tens of 
microns in which optical pressure of a focused laser 


beam is used to trap and control the particles without 
any mechanical contact. As infrared lasers, as a 
trapping light source, have become more user- 
friendly, even operators who are not familiar with 
lasers and microscopes can perform laser manipu- 
lation. Those laser manipulators already on sale have 
attracted significant attention as a new tool. It is 
especially interesting to combine this method with 
nanotechnology and biotechnology, which have 
progressed rapidly during the 1990s. In this article, 
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One of the reasons this particular renewable energy harvesting method is so viable 
is the relatively few and easy to obtain materials required. 


The simplest crystal receiver design needs no power and can be built with only 
three parts: a coil, a crystal and a resistor. We're going to optimize that design in 
order to produce a cleaner and more reliable output signal by first polarizing the 
input amplitude, then rectifying and filtering the signal. Then we'll add an antenna, 
case and connections. 


Get the circuit diagram here (http://www.drewpauldesigns.com/crystal-energy- 


receiver-kit.html 


Get the kit here (htto://www.drewpauldesigqns.com/crystal-eneray-receiver-kit.html 
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the principle and method of laser manipulation is 
described and then its applications and possibilities in 
nanotechnology and biotechnology are summarized. 


Principle and Method 


When light is reflected or refracted at the interface 
between two media with different refractive indices, 
the momentum of photons is changed, which leads to 
the generation of photon force as a reaction to the 
momentum change. For example, when a laser beam 
is reflected by a mirror, the momentum of photons is 
changed by Ap (Figure 1a). As a result, a photon 
force, Fyhor; acts on the mirror to deflect it vertically 
away from the reflected beam. In refraction, the 
momentum of photons is also changed, so that the 
photon force acts on the interface, as shown in 
Figure 1b. Thus light does not only give its energy to 
materials via absorption but also applies a mechan- 
ical force to them. However, when we are exposed to 
light, such as from a halogen lamp, we are never 
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aware of the photon force because its magnitude is 
less than an order of pN. However, the photon force 
of the pN order acquired from a focused laser beam is 
sufficient to manipulate nm-pm-sized particles in 
solution, under an optical microscope. 


Principle of Laser Trapping 


If the size of a particle is larger than the wavelength of 
a trapping laser beam (ywm-sized particles), the 
principle of single-beam gradient force optical trap- 
ping can be explained in terms of geometrical optics. 
When a tightly focused laser beam is irradiated onto a 
transparent dielectric particle, an incident laser beam 
is refracted at the interface between the particle and 
medium, as represented by Figure 2a. The propa- 
gation direction of the beam is changed, i.e., the 
momentum of the photon is changed, and conse- 
quently, a photon force is generated. As the laser 
beam leaves the particle and enters the surrounding 
medium, this refraction causes a photon force to be 
exerted again on that interface. Summing up the force 
contributions of all rays, if the refractive index of the 
particle is higher than that of the medium, a resultant 
force exerted on the particle is directed toward the 
focal point as an attractive force. However, reflection 
at the surface of the particle is negligible if that 
particle is transparent and the refractive index ratio of 
the particle to medium is close to unity. Therefore, the 
incident beam is reflected at two surfaces by a small 
amount, and as a result, the particle is directed 
slightly to the propagation direction of the incident 
light. Where the particle absorbs the incident beam, 
the photon force is also generated to push it in the 
propagation direction. The negligible effects of the 


| 





Figure 2 Principle of single-beam gradient force optical trapping explained by ray optics. 
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reflection and absorption occur in trapping experi- 
ment of transparent particles, such as polymer 
particles, silica microspheres, etc. However, particles 
with high reflectance and absorption coefficients such 
as metallic particles, exert a more dominant force at 
the surface where absorption and reflection occurs. 
This force is a repulsive force away from the focal 
point; consequently, metallic microparticles cannot 
be optically trapped. 

If a dielectric particle is much smaller than the 
wavelength of a trapping light (nm-sized), it can be 
regarded as a point dipole (Rayleigh approximation) 
and the photon force (Fyhor) acted on it is given by 


Fohot = Forad + Foca [1] 


Here, Fyraq and F,.a¢ are called the gradient force and 
scattering force, respectively. The scattering force is 
caused by the scattering of light, and it pushes the 
particle toward the direction of light propagation. On 
the other hand, the gradient force is generated when a 
particle is placed in a heterogeneous electric field of 
light. If the dielectric constant of the particle is higher 
than that of the surrounding medium, the gradient 
force acts on the particle to push it toward the higher 
intensity region of the beam. In the case of laser 
trapping of dielectric nanoparticles, the magnitude of 
gradient force is much larger than the scattering force. 
Consequently, the particle is trapped at the focal 
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point of the trapping laser beam, where the beam 
intensity (electric field intensity) is maximum. The 
photon force can be expressed as follows: 


1 
F shot a Ferad = 7 emaV El [2] 


[3] 


where, E is electric field of the light, Vis volume of the 
particle, and e, and ,, are dielectric constants of the 
particle and medium. In trapping nanoparticles that 
absorb the laser beam, such as gold nanoparticles, the 
complex dielectric constant and attenuation of 
the electric field in the particle need to be taken into 
consideration. Although the forces due to light 
absorption and scattering are both propelling the 
particle toward the direction of light propagation, the 
magnitude of gradient force is much larger than 
these forces. This is in contrast to the wm-sized 
metallic particle, which cannot be optically trapped. 


Laser Manipulation System 


An example of a laser micromanipulation system, 
with a pulsed laser to induce photoreactions, is shown 
in Figure 3. A linearly polarized laser beam from a 
CW Nd?+:YAG laser is modulated to the circularly 
polarized light by a A/4 plate and then split into 
horizontally and vertically polarized beams by a 





Figure 3 A block diagram of a dual beam laser manipulation-reaction system. 
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polarizing beamsplitter (PBS1). Both laser beams are 
combined by another (PBS2), introduced coaxially 
into an optical microscope, and then focused onto a 
sample through a microscope objective. The focal 
spots of both beams in the sample solution can be 
scanned independently by two sets of computer- 
controlled galvano mirrors. Even if the beams are 
spatially overlapping, interference does not take place 
because of their orthogonal polarization relation. 
Pulsed lasers, such as a Q-switched Nd?*:YAG 
laser, are used to induce photoreactions, such as 
photopolymerization, photothermal reaction, laser 
ablation, etc. 


Laser Manipulation and Patterning 
of Nanoparticles 


Laser manipulation techniques enable us to capture 
and mobilize fine particles in solution. Most studies 
using this technique have been conducted on pm- 
sized objects such as polymer particles, microcrystals, 
living cells, etc. Because it is difficult to identify 
individual nanoparticles with an optical microscope, 
laser manipulation techniques have rarely been 
applied to nanotechnology and nanoscience. How- 
ever, the laser trapping technique can be a powerful 
tool for manipulation of nanoparticles in solution 
where individual particles can be observed. This is 
achieved by detection of fluorescence emission from 
labeled dyes or scattered light. Now, even single 
molecule fluorescence spectroscopy has been 
achieved by the use of a highly sensitive photo- 
detector, and a single metallic nanoparticle can be 
examined by detecting the light scattered from it. 
There have been several reports on the application of 
laser manipulation techniques for patterning of 
nm-sized particles. Here, fixation methods of nano- 
particles, using the laser manipulation technique and 
local photoreactions, are introduced. 


Patterning of Polymer Nanoparticles 


Patterning of individual polymer nanoparticles onto a 
substrate can be achieved by using local photopoly- 
merization. The following example shows the 
strength of this method. Polystyrene nanoparticles 
of 220 nm with fluorescent dye were dispersed in 
ethylene glycol solution containing polymerizable 
vinyl monomer (acrylamide, 31 wt%), crosslinker 
(N,N'-methylenebisacrylamide, 2.2 wt%), and rad- 
ical photoinitiator (Irgacure2959, Ciba Specialty 
Chemicals, 1.1 wt%). When the sample was irra- 
diated by blue light from a high-pressure mercury 
lamp, green fluorescence from dye molecules within 
each nanoparticle was observed. A nanoparticle that 


entered the region, irradiated by a near-infrared laser 
beam (1064 nm), was trapped at the focal point, and 
moved onto the surface of the glass substrate by 
handling the 3D stage of the microscope. An 
additional fixation laser beam (355nm, 0.03 pJ, 
pulse duration ~6 ns, repetition rate ~5 Hz) was 
then focused to the same point for ~ 10s, which led 
to the generation of acrylamide gel around the 
trapped nanoparticle. By repeating the procedure, 
patterning of single polymer nanoparticles on a glass 
substrate was achieved, and a fluorescence image of 
single nanoparticles as a letter ‘H’, is shown in 
Figure 4. A magnified atomic force microscope 
(AFM) image of one of the fixed nanoparticles is 
also shown, which confirms that only one polymer 
nanoparticle was contained in the polymerized gel. 
Multiple polymer nanoparticles can also be gath- 
ered, patterned, and fixed on a glass substrate by 
scanning both trapping and fixation laser beams with 
the use of two pairs of galvano mirrors. The optical 
transmission and fluorescence images of the ‘H’ 
patterned nanoparticles on a glass substrate are 
shown in Figure 5a and b, respectively. The letter 
‘H’ consists of three straight lines of patterned and 
fixed nanoparticles. The trapping laser beam 
(180 mW) was scanned at 30 Hz along each line 
with a length of ~10 um on a glass substrate for 
300s. Nanoparticles were gathered and patterned 
along the locus of the focal point on the substrate. 
Then the fixation laser beam (0.097 wJ) was scanned 
for another 35s. As a result, the straight lines of 


x,y 200 nm/div 
Zz 30 nm/div 





Figure 4 (a) A fluorescence image of spatially patterned 
individual polymer nanoparticles as the letter ‘H’ in distilled water. 
(b) A magnified AFM image of one of the produced acrylamide 
gels containing only one polymer nanoparticle on a glass 
substrate in the air. 
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Figure5 Optical transmission (a) and fluorescence (b) images of patterned and fixed polymer nanoparticles on the glass substrate, as 


the letter ‘H’. 


patterned nanoparticles were fixed in generated 
acrylamide gel on the substrate. Combining several 
simple fixed patterns, a more complex arrangement 
can be created with use of the present manipulation 
and fixation techniques. 


Fixation of Individual Gold Nanoparticles 


Manipulation and fixation of single metallic nano- 
particles in solution has been achieved by means of 
photo-induced transient melting of nanoparticles. As 
an example, the following method describes this 
technique. Gold nanoparticles (diameter ~ 80 nm) 
were dispersed in ethylene glycol. In order to identify 
a single gold nanoparticle, extinction of light from the 
halogen lamp of the optical microscope by the 
particle was utilized. Thus, the trapped particle was 
observed as a black spot in transmission image. The 
optically trapped single gold nanoparticle was then 
transferred to a precise position on the surface of glass 
substrate in the sample solution. The focused 355 nm 
pulse was additionally irradiated onto the pressed 
nanoparticle, which led to a transient temperature 
elevation of the gold nanoparticle to enable its 
fixation. It was confirmed by AFM observation that, 
at suitable laser fluence (32-64 mJ cm *), a gold 
nanoparticle was fixed on the glass substrate without 
fragmentation. Repeating the same manipulation and 
fixation procedure, single gold nanoparticles could be 
patterned on a glass substrate. Figure 6 shows an 
AFM image of successive spatial patterning of single 
80 nm gold particles. 

The significance of the laser manipulation-fixation 
technique is that we can trap, manipulate, and fix 
single and/or many nanoparticles in solution at room 
temperature. We have already demonstrated assem- 
bling entangled polymer chains of 10-20 nm mean 
radius by laser trapping, and formation of a single 
pm-sized particle. Thus, these various kinds of 


x,y: 500 nm/div 
z: 200 nm/div 


Figure 6 An AFM image of fixed and patterned gold 
nanoparticles, as the letter I. 





nanoscopic materials can be well manipulated using 
these techniques and it is believed that the present 
nanomanipulation-fixation method will be useful for 
future nanoscience and nanotechnology. 


Application to Biotechnology 


Recent progress in biotechnology, using single cell 
manipulation by laser and microscope, has been 
attracting significant attention. In conventional 
methods, cell manipulation has been performed by 
mechanical manipulation using microneedles and 
micropipettes. However, laser manipulation can be 
applied as microtweezers. In comparison with the 
former, this form of laser manipulation has the 
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Figure 7 An experimental setup of dual-beam laser manipulation and microfluidic devices. 


advantage of no contact with cells and can perform 
some complex and characteristic movement, for 
example, rotation, separation, accumulation, etc. 
Furthermore, by combining it with a microcutter 
using laser ablation, cell fusion and extraction/injec- 
tion of organs from/into the cells can be achieved. In 
this section, single-cell manipulation achieved by 
using the laser manipulation, is introduced. 


Noncontact Rotation of Cells Using Dual Beam 
Laser Manipulation 


As a special feature of laser-cell manipulation, it is 
noticeable that multiple laser tweezers can be 
operated independently without any contact. Here, 
noncontact rotation of the fission yeast, Schizosac- 
charomyces pombe (h ), demonstrates this method. 
The yeast has the shape of an ellipse of length 8 and 
3 wm for major and minor axes, and is shown set ona 
dual-beam laser manipulation system in Figure 7. 
One trapping beam A was focused at the end of the 
cell to anchor it, and another beam, B, was at the 
other end and scanned circularly around beam A by 
controlling the Galvano mirrors. The rotation of the 
yeast cell was realized at a frequency of less than 
2 Hz, as shown in Figure 8. Such a cell manipulation 
is impossible by mechanical manipulation and 
indicates the superior performance of laser 
manipulation. 


Transfer of Cells in Microchannel 


A flow cytometry to physically separate and identify 
specific types of cells from heterogeneous populations 


(d) 





Figure 8 Rotation of fission yeast cells using dual-beam laser 
manipulation. The bars are 10 wm. 


by fluorescence, which is called fluorescence-acti- 
vated cell sorter (FACS), has attracted significant 
attention as an important technique in biotechnology. 
In the separation process, charged single droplets 
containing single, fluorescence labeled cells are 
selected by passing them between two high-voltage 
deflection plates. Since it is a sequential process, 
which does not use microscopy, flexible and 
high-purity cell separation is limited. To overcome 
this problem, a selective cell separation system, 
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combining the laser trapping with the microchannel, 
is used. The method using microscopy is useful and 
flexible, because cells are not simply detected by 
fluorescence but also identified by their shape, size, 
surface morphology, absorption, etc. However, cell 
sorting under a microscope is not processed efficiently 
by laser trapping. A more effective method is 
described by the following. 

The microchannel was prepared with laser micro- 
fabrication and photopolymerization, whose top 
view is shown in Figure 9a, and was then set on the 
microscope stage. Three syringes were equipped with 
homemade pumps A, B, and C, and connected with a 
microchip. There were two wing-like chambers in the 
microchip, that were connected with pumps A and 
C. Between chambers, there was a microchannel 
100 wm wide, which joined these chambers and 
crossed a long microchannel connected with the 
pump B, thus forming a drain. Thickness of these 
chambers was 100 pm. By controlling these pumps, 
the left and right chambers were filled by the culture 
medium including the yeast cells and the neat culture 
medium, respectively, as shown in Figure 9b. 

Individual cells were transferred from left to right 
chambers by using a single laser beam and handling 
an electrically movable microscope stage. The trap- 
ping laser irradiated a yeast cell in the left chamber 
and the trapped cell was transferred to the right 
chamber. A representative demonstration is given in 
Figure 9c. The position of the trapped yeast cell was 
controlled by the microscope stage with the velocity 
of 20 um/s. The single yeast cells were successfully 
transferred from left to right chambers at the rate of 
26s. By combining laser trapping with the micro- 
channel, single separation of cells was achieved under 
a microscope. 


Collection and Alignment of Cells 


When cell sorting using laser trapping is applied to 
biotechnology, the time to transfer cells should be 
short compared to the above-mentioned times. One 
method is to transfer multiple cells simultaneously by 
developing dual-beam laser manipulation, which is 
shown schematically in Figure 10. One trapping 
beam A was scanned on a line given as an arrow in 
Figure 10a at a rate faster than motions of cells. 





Figure 9 (a) A microchip fabricated by laser polymerization 
technique and (b) its schematic representation corresponding to 
dashed area in the microchip. (c) Cell transfer in microchip using 
laser trapping. The bars are 100 wm. A trapping laser beam is 
fixed at the center of each picture, by which a particle is trapped 
and transferred from left to right chambers. The position of each 
picture is shown in (b). 
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{b) Mouse control of trapping beam B 





(c) Transfer using microscope stage 


Figure 10 A schemaiic illustration of efficient collection and transfer of cells based by dual-beam laser manipulation. 








(c) (d) 


Figure 11 Collection and alignment of fission yeast cells using 
dual-beam laser manipulation. 


The other trapping beam B was used to move 
individual cells to the line sequentially (Figure 10b). 
Finally, by moving the microscope stage, many 
particles trapped at the scanning line can be 
transferred to another chamber (Figure 10c). 

An example is shown in Figure 11. The trapping 
beam A was scanned on a line with the rate of 15 Hz 
whose length was 30 ym. The trapping beam B was 
used to trap a yeast cell and move it to the line, which 
was controlled by a computer mouse pointer. The 
cells stored on the line were successfully isolated and 
with this method three cells can be collected within 
15 s. Furthermore, the cells could be transferred with 


the velocity of 20 um/s by driving the microscope 
stage. By improving the presented cell-sorting system, 
it is expected to realize flexible and high-purity cell 
separation. 


List of Units and Nomenclature 


Laser fluence (light energy [mJ cm 7] 


density per pulse) 


See also 


Time-Resolved Fluorescence: 
Polymer Science. 


Measurements in 


Further Reading 


Ashkin A, Dziedzic MJ, Bjorkholm JE and Chu S (1986) 
Observation of a single-beam gradient force optical 
trap for dielectric particles. Optical Letters 11: 
288-290. 

Ashkin A, Dziedzic MJ and Yamane T (1987) Optical 
trapping and manipulation of single cells using infrared 
laser beams. Nature 330: 769-771. 

Berns WM, Aist J, Edwards J, et al. (1981) Laser 
microsurgery in cell and developmental biology. Science 
213: 505-513. 

Hoffmann F (1996) Laser microbeams for the manipulation 
of plant cells and subcellular structures. Plant Science 
113: 1-11. 

Hosokawa Y, Masuhara H, Matsumoto Y and Sato S$ 
(2002) Dual-beam laser micromanipulation for sorting 


46 CHEMICAL APPLICATIONS OF LASERS / Nonlinear Spectroscopies 





biological cells and its device application. Proceedings of 
SPIE 4622: 138-142. 

Ito S, Yoshikawa H and Masuhara H (2001) Optical 
patterning and photochemical fixation of polymer 
nanoparticles on glass substrates. Applied Physics 
Letters 78: 2566-2568. 

Ito S, Yoshikawa H and Masuhara H (2002) Laser 
manipulation and fixation of single gold nanoparticles 
in solution at room temperature. Applied Physics Letters 
80: 482-484. 

Kamentsky AL, Melamed RM and Derman H (1965) 
Spectrophotometer: new instrument for ultrarapid cell 
analysis. Science 150: 630-631. 

Kim BH, Kogi O and Kitamura N (1999) Single-micro- 
particle measurements: laser trapping-absorption 
microscopy under solution-flow conditions. Analytical 
Chemistry 71: 4338-4343. 


Nonlinear Spectroscopies 


S R Meech, University of East Anglia, Norwich, UK 


© 2005, Elsevier Ltd. All Rights Reserved. 


Introduction 


Chemistry is concerned with the induction and 
observation of changes in matter, where the changes 
are to be understood at the molecular level. 
Spectroscopy is the principal experimental tool for 
connecting the macroscopic world of matter with 
the microscopic world of the molecule, and is, 
therefore, of central importance in chemistry. Since 
its invention, the laser has greatly expanded the 
capabilities of the spectroscopist. In linear spec- 
troscopy, the monochromaticity, coherence, high 
intensity, and high degree of polarization of laser 
radiation are ideally suited to high-resolution 
spectroscopic investigations of even the weakest 
transitions. The same properties allowed, for the 
first time, the investigation of the nonlinear optical 
response of a medium to intense radiation. Shortly 
after the foundations of nonlinear optics were laid, 
it became apparent that these nonlinear optical 
signals could be exploited in molecular spec- 
troscopy, and since then a considerable number of 
nonlinear optical spectroscopies have been devel- 
oped. This short article is not a comprehensive 
review of all these methods. Rather, it is a discussion 
of some of the key areas in the development of the 
subject, and indicates some current directions in this 
increasingly diverse area. 
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Nonlinear Optics for Spectroscopy 


The foundations of nonlinear optics are described in 
detail elsewhere in the encyclopedia, and in some of 
the texts listed in the Further Reading section at 
the end of this article. The starting point is usually the 
nonlinearity in the polarization, P;, induced in the 
sample when the applied electric field, E, is large: 


1 1 
P= e4| Xi Ej t+ aXe EER + GX EjEREI + | [1] 


where € is the vacuum permittivity, x” is the nth 
order nonlinear susceptibility, the indices represent 
directions in space, and the implied summation over 
repeated indices convention is used. The signal field, 
resulting from the nonlinear polarization, is calcu- 
lated by substituting it as the source polarization in 
Maxwell’s equations and converting the resulting 
field to the observable, which is the optical intensity. 

The nonlinear polarization itself arises from the 
anharmonic motion of electrons under the influence 
of the oscillating electric field of the radiation. Thus, 
there is a microscopic analog of eqn [1] for the 
induced molecular dipole moment, y;: 


Mi; = [eqa,dj + £0 Bindi +f £0 Vijei Gj ded ter] [2] 


in which a is the polarizability, 6 the first molecular 
hyperpolarizability, y the second, etc. The power 
series is expressed in terms of the displacement field d 
rather than E to account for local field effects. This 
somewhat complicates the relationship between the 
molecular hyperpolarizabilities, for example, y,,; and 
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the corresponding macroscopic susceptibility, Noo 
but it is nevertheless generally true that a molecule 
exhibiting a high value of yj; will also yield a large 
third-order nonlinear polarization. This relationship 
between the macroscopic and microscopic para 
meters is the basis for an area of chemistry which 
has influenced nonlinear optics (rather than the 
inverse). The synthesis of molecules which have 
giant molecular hyperpolarizabilities has been an 
active area, because of their potential applications in 
lasers and electro-optics technology. Such molecules 
commonly exhibit a number of properties, including 
an extended linear aw electron conjugation and a 
large dipole moment, which changes between the 
ground and excited electronic states. These properties 
are in accord with the predictions of theory and 
of quantum chemical calculations of molecular 
hyperpolarizabilities. 

Nonlinear optical spectroscopy in the frequency 
domain is carried out by measuring the nonlinear 
signal intensity as a function of the frequency (or 
frequencies) of the incident radiation. Spectroscopic 
information is accessible because the molecular 
hyperpolarizability, and therefore the nonlinear 
susceptibility, exhibits resonances: the signal is 
enhanced when one or more of the incident or 
generated frequencies are resonant with the frequency 
of a molecular transition. The rich array of nonlinear 
optical spectroscopies arises in part from the fact that 
with more input fields there are more accessible 
resonances than is the case with linear spectroscopy. 
As an example we consider the third-order suscepti- 
bility, URE ERED in the practically important case of 
two incident fields at the same frequency, w,, and a 
third at w. The difference between the two frequen- 
cies is close to the frequency of a Raman active 
vibrational mode, 0,, (Figure 1). The resulting 
susceptibility can be calculated to have the form: 


(3 : 
Xgl 204 + @2; @1,@1, —@2) 
ROR, DROR 
NAP, .0,,¢( Qj; apy + Ap ayy) 


~ 12A[07, (@ @)* t Tl 21(@ wT] [3] 








in which the a® are elements of the Raman 


susceptibility tensor, Tis the homogeneous linewidth 
of the Raman transition, Ap,, a population difference, 
and N the number density. A diagram illustrating this 
process is shown in Figure 1, where the signal field is 
at the anti-Stokes Raman frequency (2, — @). The 
spectroscopic method which employs this scheme is 
called coherent anti-Stokes Raman spectroscopy 
(CARS) and is one of the most widely applied 
nonlinear optical spectroscopies (see below). Clearly, 
from eqn [3] we can see that the signal will be 
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W, 
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Figure 1 An illustration of the resonance enhancement of the 
CARS signal, wsig = 201 — we when wy — we = Org. 


enhanced when the difference frequency is resonant 
with the Raman transition frequency. 

With essentially the same experimental geometry 
there will also be nonlinear signals generated at both 
the Stokes frequency (2@) — w,) and at the lower of 
the incident frequencies, w). These signals have 
distinct phase matching conditions (see below), so 
they can easily be discriminated from one another, 
both spatially and energetically. Additional resonance 
enhancements are possible if either of the individual 
frequencies is resonant with an electronic transition 
of the molecule, in which case information on Raman 
active modes in the excited state is also accessible. 

It is worthwhile noting here that there is an 
equivalent representation of the mth order nonlinear 
susceptibility tensor X (Wsig 1 @ 1,...,@,) aS a time 
domain response function, R (7, ..., 7). While it is 
possible to freely transform between them, the 
frequency domain representation is the more com- 
monly used. However, the response function 
approach is increasingly applied in time domain 
nonlinear optical spectroscopy when optical pulses 
shorter than the homogeneous relaxation time are 
used. In that case, the time ordering of the incident 
fields, as well as their frequencies, is of importance in 
defining an experiment. 

An important property of many nonlinear optical 
spectroscopies is the directional nature of the signal, 
illustrated in Figure 2. The directional nonlinear 
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Figure 2 Experimental geometries and corresponding phase 
matching diagrams for (a) CARS (b) DFWM (c) RIKES. Note that 
only the RIKES geometry is fully phase matched. 


signal arises from the coherent oscillation of induced 
dipoles in the sample. Constructive interference can 
lead to a large enhancement of the signal strength. For 
this to occur the individual induced dipole moments 
must oscillate in phase — the signal must be phase 
matched. This requires the incident and the generated 
frequencies to travel in the sample with the same 
phase velocity, k,,/w = c/n, where n, is the index of 
refraction and k,, is the wave propagation constant at 
frequency w. For the simplest case of second- 
harmonic generation (SHG), in which the incident 
field oscillates at w and the generated field at 2a, 
phase matching requires 2k,,=k),. The phase- 
matching condition for the most efficient generation 
of the second harmonic is when the phase mismatch, 
Ak = 2k, — ko = 0, but this is not generally fulfilled 
due to the dispersion of the medium, 1, < 7),,. In the 
case of SHG, a coherence length L can be defined as 
the distance traveled before the two waves are 180° 
out of phase, L = |a/Akl. For cases in which the input 
frequencies also have different directions, as is often 
the case when laser beams at two frequencies are 
combined (e.g., CARS), the phase-matching con- 
dition must be expressed as a vectorial relationship, 
hence, for CARS, Ak = kas — 2k, + ky ~ 0, where 
kas is the wavevector of the signal at the anti-Stokes 
frequency (Figure 2). Thus for known input wave- 
vectors one can easily calculate the expected direction 


of the output signal, k,. This is illustrated for a 
number of important cases in Figure 2. 


Nonlinear Optical Spectroscopy 
in Chemistry 


As already noted, there is a vast array of nonlinear 
optical spectroscopies, so it is clear some means of 
classification will be required. For coarse graining the 
order of the nonlinear process is very helpful, and that 
is the scheme we will follow here. 


Second-Order Spectroscopies 


Inspection of eqn [1] shows that in gases, isotropic 
liquids, and solids where the symmetry point group 
contains a center of inversion, x™ is necessarily zero. 
This is required to satisfy the symmetry requirement 
that polarization must change sign when the direction 
of the field is inverted, yet for a quadratic, or any even 
order dependence on the field strength, it must remain 
positive. Thus second-order nonlinearities might not 
appear very promising for spectroscopy. However, 
there are two cases in which second-order nonlinear 
optical phenomena are of very great significance in 
molecular spectroscopy, harmonic generation and the 
spectroscopy of interfaces. 


Harmonic conversion 
Almost every laser spectroscopist will have made use 
of second-harmonic or sum frequency generation for 
frequency conversion of laser radiation. Insertion of 
an oscillating field of frequency w into eqn [1] yields a 
second-order polarization oscillating of 2w. If two 
different frequencies are input, the second-order 
polarization oscillates at their sum and difference 
frequencies. In either case, the second-order polariz- 
ation acts as a source for the second-harmonic (or 
sum, or difference frequency) emission, provided x 
is nonzero. The latter can be arranged by selecting a 
noncentrosymmetric medium for the interaction, the 
growth of such media being an important area of 
materials science. Optically robust and transparent 
materials with large values of x are available for the 
generation of wavelengths shorter than 200 nm to 
longer than 5 wm. Since such media are birefringent 
by design, a judicious choice of angle and orientation 
of the crystal with respect to the input beams allows a 
degree of control over the refractive indices experi- 
enced by each beam. Under the correct phase 
matching conditions ,, ~ 1,, and very long inter- 
action lengths result, so the efficiency of signal 
generation is high. 

Higher-order harmonic generation in gases is an 
area of growing importance for spectroscopy in the 
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(1) 10-18 gauge Copper Wire 

(2-12+) Ceramic Capacitors (matched) 

(2-6+) Electrolytic Capacitors (matched) 
*note various types of capacitors can be used 
(4) Germanium Crystal Diodes (1A+) 


Total Unit Cost: +/- $0.40 (USD, scaled for volume of 1,000+ units ) 


In addition, you'll probably want to get: 

(1) Project box (optional) 

(1) Antenna (a loop antenna or elevated antenna is recommended and can be 
made with copper wire) 


The tools you'll need are: 
Soldering Iron/ Solder (optional) 
Multimeter 


Oscilloscope (http:/Awww.seeedstudio.com/depot/DSO-Nano-v3-p-1358.html? 





cPath=63 65) (optional) 


That's it. Yup, that's all. Once we've got it all, let's begin. 
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deep UV and X-ray region. The generation of such 
short wavelengths depends on the ability of amplified 
ultrafast solid state lasers to generate extremely high 
instantaneous intensities. The mechanism is some- 
what different to the one outlined above. The intense 
pulse is injected into a capillary containing an 
appropriate gas. The high electric field of the laser 
causes ionization of atoms. The electrons generated 
begin to oscillate in the applied laser field. The driven 
recombination of the electrons with the atoms results 
in the generation of the high harmonic emission. 
Although the mechanism differs from the SHG case, 
questions of phase matching are still important. By 
containing the gas in a corrugated waveguide phase 
matching is achieved, considerably enhancing the 
intensity of the high harmonic. Photon energies of 
hundreds of electronvolts are possible using this 
technique. The generation of such high energies is 
not yet routine, but a number of potential appli- 
cations are already apparent. A powerful coherent 
source of X-ray and vacuum UV pulses will certainly 
aid surface analysis techniques such as UV photo- 
emission and X-ray photoelectron spectroscopy. 
Much excitement is currently being generated by 
the possibility of using intense ultrashort X-ray 
pulses to record structural dynamics on an ultrafast 
timescale. 


Surface second-order spectroscopy 

At an interface inversion symmetry is absent by 
definition, so the second-order nonlinear suscepti- 
bility is finite. If the two bulk phase media are 
themselves isotropic, then even a weak second-order 
signal necessarily arises from the interface. This 
surface-specific all-optical signal is unique, because 
it can be used to probe the interface between two 
condensed phases. This represents a great advantage 
over every other form of surface spectroscopy. In 
linear optical spectroscopy, the signal due to species 
at the interface are usually swamped by contributions 
from the bulk phase. Other surface-specific signals do 
exist, but they rely on the scattering of heavy particles 
(electrons, atoms) and so can only be applied to the 
solid vacuum interface. For this reason the techniques 
of surface SHG and SFG are widely applied in 
interface spectroscopy. 

The most widely used method is sum frequency 
generation (SFG) between temporally overlapped 
tuneable infrared and fixed frequency visible lasers, 
to yield a sum frequency signal in the visible region of 
the spectrum. The principle of the method is shown in 
Figure 3. The surface nonlinear susceptibility exhibits 
resonances at vibrational frequencies, which are 
detected as enhancements in the visible SFG intensity. 
Although the signal is weak, it is directional and 
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Figure 3 The experimental geometry for SFG, and an 
illustration of the resonance enhancement Of weig = wR + vis at 
a Raman and IR allowed vibrational transition. 


background free, so relatively easily measured by 
photon counting techniques. Thus, SFG is used to 
measure the vibrational spectra of essentially any 
optically accessible interface. There are, however, 
some limitations on the method. The surface must 
exhibit a degree of order — if the distribution of 
adsorbate orientation is isotropic the signal again 
becomes zero by symmetry. Second, a significant 
enhancement at the vibrational frequency requires the 
transition to be both IR and Raman allowed, as 
suggested by the energy level diagram (Figure 3). 
The SHG signal can also be measured as a function 
of the frequency of the incident laser, to recover the 
electronic spectrum of the interface. This method has 
been used, particularly in the study of semiconductor 
surfaces, but generally the electronic spectra of 
adsorbates contain less information than their 
vibrational spectra. However, by measuring the 
SHG intensity as a function of time, information on 
adsorbate kinetics is obtained, provided some 
assumptions connecting the surface susceptibility to 
the molecular hyperpolarizability are made. Finally, 
using similar assumptions, it is possible to extract the 
orientational distribution of the adsorbate, by 
measuring the SHG intensity as a function of 
polarization of the input and output beams. For 
these reasons, SHG has been widely applied to 
analyze the structure and dynamics of interfaces. 


Third-Order Spectroscopies 


The third-order coherent Raman spectroscopies were 
introduced above. One great advantage of these 
methods over conventional Raman is that the signal 
is generated in a coherent beam, according to the 
appropriate phase matching relationship (Figure 2). 
Thus, the coherent Raman signal can easily be 
distinguished from background radiation by spatial 
filtering. This has led to CARS finding widespread 
application in measuring spectra in (experimentally) 
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hostile environments. CARS spectroscopy has been 
widely applied to record the vibrational spectra of 
flames. Such measurements would obviously be very 
challenging for linear Raman or IR, due to the strong 
emission from the flame itself. The directional CARS 
signal in contrast can be spatially filtered, minimizing 
this problem. CARS has been used both to identify 
unstable species formed in flames, and to probe the 
temperature of the flame (e.g., from measured 
population differences eqn [3]). A second advantage 
of the technique is that the signal is only generated 
when the two input beams overlap in space. Thus, 
small volumes of the sample can be probed. By 
moving the overlap position around in the sample, 
spatially resolved information is recovered. Thus, it is 
possible to map the population of a particular 
transient species in a flame. 

CARS is probably the most widely used of the 
coherent Raman methods, but it does have some 
disadvantages, particularly in solution phase studies. 
In that case the resonant x® signal (eqn [3]) is 
accompanied by a nonresonant third-order back- 
ground. The interference between these two com- 
ponents may result in unusual and difficult to 
interpret lineshapes. In this case, some other coherent 
Raman methods are more useful. The phase matching 
scheme for Raman-induced Kerr effect spectroscopy 
(RIKES) was shown in Figure 2. The RIKES signal is 
always phase matched, which leads to a long 
interaction length. However, the signal is at w) and 
in the direction of @, which would appear to be a 
severe disadvantage in terms of detection. Fortu- 
nately, if the input polarizations are correctly chosen 
the signal can be isolated by its polarization. In an 
important geometry, the signal (@) is isolated by 
transmission through a polarizer oriented at 45° toa 
linearly polarized pump (w;). The pump is overlapped 
in the sample with the probe (@ ) linearly polarized at 
— 45°. Thus the probe is blocked by the polarizer, 
but the signal is transmitted. This geometry may be 
viewed as pump-induced polarization of the isotropic 
medium to render it birefringent, thus inducing 
ellipticity in the transmitted probe, such that the 
signal leaks through the analyzing polarizer (hence 
the alternative name optical Kerr effect). 

In this geometry, it is possible to greatly enhance 
signal-to-noise ratios by exploiting interference 
between the probe beam and the signal. Placing a 
quarterwave plate in the probe beam with its fast axis 
aligned with the probe polarization, and reorienting it 
slightly (<1°) yields a slightly elliptically polarized 
probe before the sample. A fraction of the probe 
beam, the local oscillator (LO), then also leaks 
through the analyzing polarizer, temporally and 
spatially overlapped with the signal. Thus, the signal 


and LO fields are seen by the detector, which 
measures the intensity as: 


I(t) = Fe Evo) + E(t)? 





= To(t) + Is(t) 4 7 RelES(0E,o(0) [4] 


where the final term may be very much larger than the 
original signal, and is linear in y®. This term is 
usually isolated from the strong I,g by lock-in 
detection. This method is called optical heterodyne 
detection (OHD), and generally leads to excellent 
signal to noise. It can be employed with other 
coherent signals by artificially adding the LO to the 
signal, provided great care is taken to ensure a fixed 
phase relationship between LO and signal. In the 
RIKES experiment, however, the phase relationship is 
automatic. The arrangement described yields an out- 
of-phase LO, and measures the real part of x, the 
birefringence. Alternatively, the quarterwave plate is 
omitted, and the analyzing polarizer is slightly 
reoriented, to introduce an in-phase LO, which 
measures the imaginary part of x®, the dichroism. 
This is particularly useful for absorbing media. The 
OHD-RIKES method has been applied to measure the 
spectroscopy of the condensed phase, and has found 
particularly widespread application in transient 
studies (below). 

Degenerate four wave mixing (DFWM) spec- 
troscopy is a simple and widely used third-order 
spectroscopic method. As the name implies, only a 
single frequency is required. The laser beam is split 
into three, and recombined in the sample, in the 
geometry shown in Figure 2. The technique is also 
known as laser-induced grating scattering. The first 
two beams can be thought of as interfering in the 
sample to write a spatial grating, with fringe spacing 
dependent on the angle between them. The signal is 
then scattered from the third beam in the direction 
expected for diffraction from that grating. The 
DFWM experiment has been used to measure 
electronic spectra in hostile environments, by exploit- 
ing resonances with electronic transitions. It has also 
been popular in the determination of the numerical 
value of x®, partly because it is an economical 
technique, requiring only a single laser, but also 
because different polarization combinations make it 
possible to access different elements of y@. The 
technique has also been used in time resolved 
experiments, where the decay of the grating is 
monitored by diffraction intensity from a time 
delayed third pulse. 

Two-photon or, more generally, multiphoton exci- 
tation has applications in both fundamental spec- 
troscopy and analytical chemistry. Two relevant level 


CHEMICAL APPLICATIONS OF LASERS / Nonlinear Spectroscopies 51 





Wy oP) 
Det. 


@, @, 





(a) (b) 


Figure 4 Two cases of resonant two photon absorption. In (a) 
the excited state is two-photon resonant, and the process is 
detected by the emission of a photon. In (b) the intermediate state 
is resonant, and the final energy is above the ionization potential 
(IP) so that photocurrent or mass detection can be used. 


schemes are shown in Figure 4. Some property 
associated with the final state permits detection of 
the multiphoton absorption, for example, fluor- 
escence in (a) and photocurrent in (b). 

Excitation of two-photon transitions, as in 
Figure 4a, is useful in spectroscopy because the 
selection rules are different to those for the corres- 
ponding one-photon transition. For example the 
change in angular momentum quantum number, 
AL, in a two-photon transition is 0, +2, so, for 
example, an atomic S to D transition can be observed. 
High spectroscopic resolution may be attained using 
Doppler free two-photon absorption spectroscopy. In 
this method, the excitation beams are arranged to be 
counter-propagating, so that the Doppler broadening 
is cancelled out in transitions where the two 
excitation photons arise from beams with opposing 
wavevectors. In this case, the spectroscopic linewidth 
is governed only by the homogeneous dephasing time. 

The level scheme in Figure 4b is also widely used in 
spectroscopy, but in this case the spectrum of the 
intermediate state is obtained by monitoring the 
photocurrent as a function of w,. The general 
technique is known as resonance enhanced multi- 
photon ionization (REMPI) and yields high-quality 
spectra of intermediate states which are not detect- 
able by standard methods, such as fluorescence. The 
sensitivity of the method is high, and it is the basis of a 
number of analytical applications, often in combi- 
nation with mass spectrometry. 


Ultrafast Time Resolved Spectroscopy 


The frequency and linewidth of a Raman transition 
may be extracted from the CARS measurement, 
typically by combining two narrow bandwidth pulsed 


lasers, and tuning one through the resonance while 
measuring the nonlinear signal intensity. The time 
resolved analogue requires two pulses, typically of a 
few picoseconds duration (and therefore a few 
wavenumbers bandwidth) at w, and w, to be incident 
on the sample. This pair coherently excites the Raman 
mode. A third pulse at @, is incident on the sample a 
time ¢ later, and stimulates the CARS signal at 2w, — 
w, in the phase-matched direction. The decay rate of 
the vibrational coherence is measured from the CARS 
intensity as a function of the delay time. Thus, the 
frequency of the mode is measured in the frequency 
domain, but the linewidth is measured in the time 
domain. If very short pulses are used (such that the 
pulsewidth is shorter than the inverse frequency of the 
Raman active mode) the Raman transition is said to 
be impulsively excited, and the CARS signal scattered 
by the time delayed pulse reveals an oscillatory 
response at the frequency of the Raman active 
mode, superimposed on its decay. Thus, in this case, 
spectroscopic information is measured exclusively in 
the time domain. In the case of nonlinear Raman 
spectroscopy, similar information is available from 
the frequency and the time domain measurements, 
and the choice between them is essentially one of 
experimental convenience. For example, time domain 
CARS, RIKES, and DFWM spectroscopy have turned 
out to be particularly powerful routes to extracting 
low-frequency vibrational and orientational modes of 
liquids and solutions, thus providing detailed insights 
into molecular interactions and reaction dynamics in 
the condensed phase. 

Other time domain experiments contain infor- 
mation that is not accessible in the frequency domain. 
This is particularly true of photon echo methods. The 
name suggests a close analogy with nuclear magnetic 
resonance (NMR) spectroscopy, and the (optical) 
Bloch vector approach may be used to describe both 
measurements, although the transition frequencies 
and time-scales involved differ by many orders of 
magnitude. In the photon echo experiment, two or 
three ultrafast pulses with carefully controlled inter- 
pulse delay times are resonant with an electronic 
transition of the solute. In the two-pulse echo, the 
echo signal is emitted in the phase match direction at 
twice the interpulse delay, and its intensity as a 
function of time yields the homogeneous dephasing 
time associated with the transition. In the three-pulse 
experiment the pulses are separated by two time 
delays. By measuring the intensity of the stimulated 
echo as a function of both delay times it is possible to 
separately determine the dephasing time and the 
population relaxation time associated with the 
resonant transition. Such information is not acces- 
sible from linear spectroscopy, and can be extracted 
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only with difficulty in the frequency domain. The 
understanding of photon echo spectroscopy has 
expanded well beyond the simple description given 
here, and it now provides unprecedented insights into 
optical dynamics in solution, and thus informs greatly 
our understanding of chemistry in the condensed 
phase. The methods have recently been extended to 
the infra red, to study vibrational transitions. 


Higher-Order and Multidimensional 
Spectroscopies 


The characteristic feature of this family of spectro- 
scopies is the excitation of multiple resonances, which 
may or may not require measurements at x with 
n > 3. Such experiments require multiple frequencies, 
and may yield weak signals, so they only became 
experimentally viable upon the availability of stable 
and reliable solid state lasers and optical parametric 
generators. Measurements are made in either the time 
or the frequency domain, but in either case benefit 
from heterodyne detection. 

One of the earliest examples was two-dimensional 
Raman spectroscopy, where multiple Raman active 
modes are successively excited by temporally delayed 
pulse pairs, to yield a fifth-order nonlinear signal. The 
signal intensity measured as a function of both delay 
times (corresponding to the two dimensions) allows 
separation of homogeneous and inhomogeneous 
contributions to the line shape. This prodigiously 
difficult x experiment has been completed in a few 
cases, but is plagued by interference from third-order 
signals. 

More widely applicable are multidimensional 
spectroscopies using infrared pulses or combinations 
of them with visible pulses. The level scheme for one 
such experiment is shown in Figure 5 (which is one of 
many possibilities). From the scheme, one can see that 
the nonlinear signal in the visible depends on two 
resonances, so both can be detected. This can be 
regarded as a multiply resonant nondegenerate four- 
wave mixing (FWM) experiment. In addition, if the 
two resonant transitions are coupled, optical exci- 
tation of one affects the other. Thus, by measuring the 
signal as a function of both frequencies, the couplings 
between transitions are observed. These appear as 
cross peaks when the intensity is plotted in the two 
frequency dimensions, very much as with 2D NMR. 
This technique is already providing novel information 
on molecular structure and structural dynamics in 
liquids, solutions, and proteins. 


Spatially Resolved Spectroscopy 


A recent innovation is nonlinear optical microscopy. 
The nonlinear dependence of signal strength on 
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Figure 5 Illustration of multiple resonance enhancements in a 
FWM geometry, from which 2D spectra may be generated. 


intensity means that nonlinear processes are localized 
at the focal point of a lens. When focusing is strong, 
such as in a microscope objective, spatial localization 
of the nonlinear signal can be dramatic. This is the 
basis of the two-photon fluorescence microscopy 
method, where a high repetition rate source of low- 
energy ultrafast pulses is focused by a microscope 
objective into a sample labeled with a fluorescent 
molecule, which has absorption at half the wave- 
length of the incident photons (Figure 4). The 
fluorescence is necessarily localized at the focal 
point because of its dependence on the square of the 
incident intensity. By measuring intensity while 
scanning the position of the focal point in space, a 
3D image of the distribution of the fluorophore is 
constructed. This technique turns out to have a 
number of advantages over one photon fluorescence 
microscopy, most notably in terms of ease of 
implementation, minimization of sample damage, 
and depth resolution. The technique is widely 
employed in cell biology. 

Stimulated by the success of two-photon 
microscopy, further nonlinear microscopies 
have been developed, all relying on the spatial locali- 
zation of the signal. CARS microscopy has been 
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demonstrated to yield 3D images of the distribution 
of vibrations in living cells. It would be difficult to 
recover such data by linear optical microscopy. SHG 
has been applied in microscopy. In this case, by virtue 
of the symmetry selection rule referred to above, a 3D 
image of orientational order is recovered. Both these 
and other nonlinear signals provide important new 
information on complex heterogeneous samples, 
most especially living cells. 


See also 


Spectroscopy: Nonlinear Laser Spectroscopy; Raman 
Spectroscopy. 
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Introduction 


One of the most active areas of photomedical 
research, in recent years, has been the exploration 


of the use of light-activated drugs known as 
photosensitizers. These compounds may be activated 
using light, usually provided by a laser via an optical 
fiber which is placed at the site of the target lesion. 
This treatment is known as photodynamic therapy 
(PDT) and is being applied to the local destruction of 
malignant tumors and certain nonmalignancies. 
Activation of the photosensitizer results in the 
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generation of reactive oxidizing intermediates which 
are toxic to cells, and this process ultimately leads to 
tumor destruction. PDT is a relatively low-power, 
nonthermal, photochemical technique that uses 
fluence rates not exceeding 200 mW/cm* and total 
light doses or fluences of typically 100 J/cm?. 
Generally red or near-infrared light is used, since 
tissue is relatively transparent at these wavelengths. 
It is a promising alternative approach to the local 
destruction of tumors for several reasons. First, it is a 
minimally invasive treatment since laser light can be 
delivered with great accuracy to almost any site in 
the body via thin flexible optical fibers with minimal 
damage to overlying normal tissues. Second, the 
nature of PDT damage to tissues is such that healing 
is safer and more complete than after most other 
forms of local tissue destruction (e.g., radiotherapy). 
PDT is also capable of some degree of selectivity for 
tumors when the sensitizer levels, light doses, and 
irradiation geometry are carefully controlled. This 
selectivity is based on the higher sensitizer retention 
in tumors after administration relative to the 
adjacent normal tissues in which the tumor arose 
(generally 3:1 for extracranial tumors but up to 50:1 
for brain tumors). 

The photosensitizer is administered intravenously 
to the patient and time allowed (3-96 hours depend- 
ing on the sensitizer) for it to equilibrate in the body 
before the light treatment (Figure 1). This time is 
called the drug—light interval. PDT may also be useful 
for treating certain nonmalignant conditions, in 
particular, psoriasis and dysfunctional menorrhagia 
(a disorder of the uterus), and local treatment of 
infections; such as genital papillomas, infections in 
the mouth and the upper gastrointestinal tract. In 
certain cases, the photosensitizer may be applied 
directly to the lesions, particularly for treatment of 
skin tumors, as discussed later. The main side-effect of 
PDT is skin photosensitivity, owing to retention of the 
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Figure 1 from sensitization to 


treatment. 


Photodynamic therapy: 


drug in the skin, so patients must avoid exposure to 
sunlight in particular for a short period following 
treatment. Retreatment is then possible once the 
photosensitizer has cleared from the skin since these 
drugs have little intrinsic toxicity, unlike many 
conventional chemotherapy agents. 


Photoproperties of Photosensitizers 


By definition, there are three fundamental require- 
ments for obtaining a photodynamic effect: (a) light 
of the appropriate wavelength matched to the 
photosensitizer absorption; (b) a photosensitizer; 
and (c) molecular oxygen. The ideal photochemical 
and biological properties of a photosensitizer may be 
easily summarized, although the assessment of a 
sensitizer in these terms is not as straightforward as 
might be supposed because the heterogeneous nature 
of biological systems can sometimes profoundly affect 
these properties. Ideally though, a sensitizer should 
possess the following attributes: (a) red or near 
infrared light absorption; (b) nontoxic, and with 
low skin photosensitizing potency; (c) selective 
retention in tumors relative to normal adjacent tissue; 
(d) an efficient generator of cytotoxic species, usually 
singlet oxygen; (e) fluorescence, for visualization; (f) a 
defined chemical composition, and (g) preferably 
water soluble. A list of several photosensitizers 
possessing the majority of the above-mentioned 
attributes is given in Table 1. 

The reasons for these requirements are partly self- 
evident, but worth amplifying. Strong absorption is 
desirable in the red and near-infrared spectral region, 
where tissue transmittance is optimum enabling 
penetration of the therapeutic light within the 
tumor (Figure 2). To minimize skin photosensitiza- 
tion by solar radiation, the sensitizer absorption 
spectrum should ideally consist of a narrow red 
wavelength band, with little absorption at other 
wavelengths down to 400 nm, below which solar 
irradiation falls off steeply. Another advantage of red 
wavelength irradiation is that the potential mutagenic 
effects encountered with UV-excited sensitisers (e.g., 
psoralens) are avoided. Since the object of the 
treatment is the selective destruction of tumor tissue, 
leaving surrounding normal tissue undamaged, some 
degree of selective retention of the dye in tumor tissue 
is desirable. Unfortunately, the significance of this 
aspect has been exaggerated in the literature and in 
many cases treatment selectivity owes more to careful 
light irradiation geometry. Nevertheless, many nor- 
mal tissues have the capacity to heal safely following 
PDT damage. 

The key photochemical property of photosensiti- 
zers is to mediate production of some active 
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Table 1 Properties of several photosensitizers 
Compound \/nm (c/M~'cm~') Drug dose/mg kg‘ Light dose/Jcm”? Diseases treated 
Hematoporphyrin 628 (3.0 x 10°) 1.5-5 75-250 Early stage esophagus, 
(HpD—Photofrin—Photosan) bladder, lung, cervix, 
stomach, and mouth 
cancers. Palliative in 
later stages 
ALA (converted to protoporphyrin IX) 635 (5 x 10°) 60 50-150 Skin, stomach, colon, 
bladder, mouth cancers. 
Esophageal dysplasia. 
Various nonmalignant 
conditions 
Benzoporphyrin derivative (BpD) 690 (3.5 x 10°) 4 150 Age-related macular 
degeneration (AMD) 
Tin etiopurpurin (SnET2—Purlytin) 665 (3.0 x 104) 1.2 150-200 Breast and skin cancers, AMD 
Monoaspartyl chlorin eg (MACE) 660 (4.0 x 104) 1.0 25-200 Skin cancers 
Lutetium texaphyrin (Lu—Tex) 732 (4.2 x 10%) 1.0 150 Metastatic brain tumors, 
breast cancers, 
atherosclerotic plaques 
Aluminum disulfonated 675 (2.0 x 10°) 1.0 50-200 Brain, colon, bladder, and 
phthalocyanine pancreatic cancers. Head 
and neck cancers in 
animal studies only 
Metatetrahydroxychlorin 652 (3.5 x 104) 0.15 5-20 Head, neck, prostate, 
(mTHPC—temoporphin—Foscan) pancreas, lung, brain, 
biliary tract, and mouth 
cancers. Superior to HpD 
and ALA in mouth cancers 
Palladium pheophorbide (Tookad) 763 (8.6 x 10%) 2.0 = Prostate cancer 
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Figure 2 The absorption spectrum of m-THPC. The structure of 
m-THPC is shown in the inset. 


molecule which is cytotoxic, that is, will destroy 
cells. The first electronically excited state of 
molecular oxygen, so-called singlet oxygen, fulfills 
this role very well and may be produced via the 
interaction of an excited electronic state of the 
sensitizer with oxygen present in the tissue. Thus, in 
summary, to achieve effective photosensitization, a 
sensitizer should exhibit appreciable absorption at 
red to near-infrared wavelengths and generate 
cytotoxic species via oxygen-dependent photoche- 
mical reactions. The first clinical photosensitizer 


- Psoriasis 


was hematoporphyrin derivative (HpD), which is 
derived synthetically from hematoporphyrin by 
reaction with acetic and sulfuric acids to give a 
complex mixture of porphyrins. A purified fraction 
of these (Photofrin) is available commercially, 
and this has been used most widely in clinical 
applications to date. Second-generation (photo- 
sensitizers are now becoming available, including 
phthalocyanine and chlorin compounds as shown in 
Table 1. 

A new approach to PDT has recently emerged 
involving the administration of a natural porphyrin 
precursor, 5-aminolaevulinic acid (ALA), which is 
metabolized within cells to produce protoporphyrin 
IX (see Table 1). This porphyrin is known to be a 
powerful photosensitizing agent but suffers from 
the drawback of being a poor tumor localizer 
when used directly. In contrast, administration of 
ALA induces protoporphyrin biosynthesis, particu- 
larly in rapidly proliferating cells, which may then 
be destroyed using irradiation at 630 nm. Therefore, 
this new therapy may offer enhanced treatment 
selectivity with little risk of skin photosensitivity 
owing to the rapid clearance after 24h of the 
protoporphyrin. Investigation of this new approach 
has already proved successful in clinical treatment of 
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skin tumors using topical application of ALA in a 
thick emulsion. 

Considerable effort is also being expended on 
exploiting the retention of sensitizers in tumors for 
diagnostic purposes, although the results are rather 
mixed to date. The prospects with ALA-induced 
protoporphyrin IX are, however, more promising, as 
illustrated in Figure 3 where the fluorescence is 
selectively confined to the skin tumor (basal cell 
carcinoma). 





Figure 3 (a) Image of a basal cell carcinoma; (b) fluorescence 
imaging of the same lesion after ALA sensitization and 405 nm 
light excitation. 
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Mechanisms of Photodynamic 
Therapy 


The main principles of the photosensitization mech- 
anism are now well established with the initial step 
being excitation of the sensitizer from its electronic 
ground state to the short-lived fluorescent singlet 
state. The lifetime of the singlet state is generally only 
a few nanoseconds and the main role of this state in 
the photosensitization mechanism is to act as a 
precursor of the metastable triplet state through 
intersystem crossing. Efficient formation of this 
metastable state is required because it is the inter- 
action of the triplet state with tissue components that 
generates cytotoxic species such as singlet oxygen. 
Thus the triplet state quantum yield (i.e., probability 
of triplet state formation per photon absorbed) of 
photosensitizers should ideally approach unity. Inter- 
action of the metastable triplet state (which in 
de-aerated solutions has a lifetime extending to the 
millisecond range) with tissue components may 
proceed via either a type I or II mechanism or a 
combination (see Figure 4). A type I process can 
involve hydrogen abstraction from the sensitizer to 
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Figure 4 The photophysical and photochemical mechanisms involved in PDT. PS denotes the photosensitizer, SUB denotes the 
substrate, either biological, a solvent or another photosensitizer; * denotes the excited state and denotes a radical. 
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produce free radicals or electron transfer, resulting in 
ion formation. The type II mechanism, in contrast, 
exclusively involves interaction between molecular 
oxygen and the triplet state to form singlet oxygen 
which is highly reactive in biological systems. The 
near-resonant energy transfer from the triplet state to 
O, can be highly efficient and the singlet oxygen yield 
can approach the triplet state yield provided that the 
triplet state energy exceeds 94kJ/mol, the singlet 
oxygen excitation energy. It is widely accepted that 
the type II mechanism underlies the oxygen-depen- 
dent phototoxicity of sensitizers used for photody- 
namic therapy. Both proteins and lipids (the main 
constituents of membranes) are susceptible to photo- 
oxidative damage induced via a type II mechanism 
which generally results in the formation of unstable 
peroxide species. For example, unsaturated lipids 
may be oxidized by the ‘ene’ reaction where the 
singlet oxygen reacts with a double bond. Other 
targets include such important biomolecules as 
cholesterol, certain amino acid residues, collagen, 
and the coenzyme, NADPH. Another synergistic 
mode of action involves the occlusion of the micro- 
circulation to tumors and reperfusion injury. Reper- 
fusion injury relates to the formation of xanthene 
oxidase from xanthene dehydrogenase in anoxic 
conditions which reacts with xanthene or hypo- 
xanthene products of ATP dephosphorylation to 
convert the restored oxygen into superoxide anion 
which directly or via the Fenton reaction causes 
cellular damage. 

An important feature of the type II mechanism, 
which is sometimes overlooked, is that when the 
sensitizer transfers electronic energy to O, it returns 
to its ground state. Thus the cytotoxic singlet oxygen 
species is generated without chemical transformation 
of the sensitizer which may then absorb another 
photon and repeat the cycle. Effectively, a singlet 
photosensitizer molecule is capable of generating 
many times its own concentration of singlet oxygen, 
which is clearly a very efficient means of photo- 
sensitization provided the oxygen supply is adequate. 


Lasers in PDT 


Lasers are the most popular light source in PDT since 
they have several key characteristics that differentiate 
them from conventional light sources, namely coher- 
ence, monochromaticity, and collimated output. The 
two main practical features that make them so useful 
in PDT are their monochromaticity and their combi- 
nation with fiber-optic delivery. The monochromati- 
city is important since the laser can be tuned to a 
specific absorption peak of a photosensitizer, thus 
ensuring that all the energy delivered is utilized for the 


excitation and photodynamic activation of the 
photosensitizer. This is not true for a conventional 
light source (as for example a tungsten lamp) where 
the output power is divided over several hundred 
nanometers throughout the UV, visible, and IR 
regions and only a fraction of the power lies within 
the absorption band of the photosensitizer. To 
numerically illustrate this, let us simplify things by 
representing the lamp output as a square profile and 
also consider a photosensitizer absorption band 
about 30nm full width half maximum. If a laser 
with a frequency span of about 2 nm and a lamp with 
the same power but with a frequency span of about 
600 nm are used, then the useful portion of it is about 
0.05 and if we consider a Gaussian profile for the 
sensitizer absorption band, the above fraction drops 
even lower, perhaps even to 0.01. That means that the 
lamp would achieve 100 times less the excitation rate 
of the laser, or in other words, we would require a 
lamp with an output power of 100 times that of the 
laser to achieve the same rate of excitation and 
consequently the same time of treatment, provided 
we use a low enough laser power to remain within the 
linear regime of the photosensitizer excitation. The 
other major disadvantage of a lamp source is the lack 
of collimation which results in low efficiency for fiber- 
optic delivery. 

We now review the different lasers that have found 
application in PDT. Laser technology has significantly 
advanced in recent years and there are now a range of 
options in PDT laser sources for closely matching the 
absorption profiles of the various photosensitizers. 
Moreover, since PDT is becoming more widely used 
clinically, practical considerations, such as portability 
and turn-key operation are increasingly important. 
In Figure 5 the optical spectrum is shown from about 
380 nm (violet—blue) to 800 nm (near-infrared, 
NIR). We have superimposed on this spectrum, the 
light penetration depth of tissue to roughly illustrate 
how deeply light can penetrate (and consequently 
activate photosensitizer molecules) into lower-lying 
tissue layers. The term ‘penetration depth’ is a 
measure of the light attenuation by the tissue so the 
figure of 2 mm corresponds to 1/e attenuation of the 
incident intensity at a tissue depth of 2 mm. It is 
obvious that light at the blue end of the spectrum 
has only a superficial effect whereas the more we 
shift further into the red and NIR regions the 
penetration depth increases. This is due to two main 
reasons: absorption and scattering of light by various 
tissue component molecules. For example, in the 
blue/green region for the absorption of melanin and 
hemoglobin is relatively high. But there is a notice- 
able increase in penetration depth beyond about 
600 nm leading to an optimal wavelength region, or 
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Figure 5 Photosensitizers and laser light sources available in the visible and near-infrared spectral regions. 
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(SO MW peak power at around 10 ns pulse duration) 
modes. Nd:YAG is a solid-state laser with a yttrium 
aluminum garnet crystal doped with about 1% of 
trivalent Nd ions as the active medium of the laser; 
and with another transition of the Nd ion, this laser 
(with the choice of different optics) can also operate 
at 1320nm. Although dyes are available which 
absorb from 800-1100 nm, the generation of singlet 
oxygen via the type II mechanism is energetically 
unfavorable because the triplet state energies of these 
dyes are too low. However, the fundamental fre- 
quency of the laser can be doubled (second-harmonic 
generation, SHG) or tripled (third-harmonic gener- 
ation, THG) with the use of nonlinear crystals, to 
upconvert the output radiation to the visible range, 
thus rendering this laser suitable for PDT: i.e., 
frequency doubling to 532 nm and tripling to 
355 nm. Note that the 532 nm output is suitable for 
activation of the absorption band of hypericin with a 
maximum at 550 nm even though it is not tuned to 
the maximum of this absorption. 

In the early days of PDT and other laser therapies, 
ion lasers were widely used. The argon ion laser uses 
ionized argon plasma as gain medium, and produces 
two main wavelengths at 488 nm and 514 nm. The 
second of the two lies exactly at the maximum of the 
514nm m-THPC absorption. Argon ion lasers are 
operated in cw mode and usually have output powers 
in the region of 5-10 Wat 514 nm (the most powerful 
argon ion line). Krypton ion lasers, which emit at 568 
or 647 nm, are similar to their argon ion counterparts; 
however, they utilize ionized krypton plasma as gain 
medium. The 568 nm output can be used to activate 
the Rose Bengal peak at 559 nm, whereas the 647 nm 
most powerful line of krypton ion lasers, has been 
used for activation of m-THPC (652 nm). 

Ideally, for optimal excitation, it is best to exactly 
tune the laser wavelength to the maxima of photo- 
sensitizer absorption bands. For this reason tunable 
organic dye lasers have been widely used for PDT. In 
these lasers the gain medium is an organic dye with a 
high quantum yield of fluorescence. Due to the broad 
nature of their fluorescence gain profile, tuning 
elements within the laser cavity can be used for 
selection of the lasing frequency within the gain band. 
Tunable dye lasers with the currently available dyes 
can quite easily cover the range from about 350- 
1000 nm. However, their operation is not of a ‘turn 
key’ nature since they require frequent replacement of 
their active material either for tuning to a different 
spectral region or for a better performance when the 
dye degrades. Tunable dye lasers also need to be 
pumped by some other light source like an argon 
ion laser, an excimer laser, a solid state laser 
(e.g., Nd:YAG 532 or 355nm), a copper vapor 


laser, or lamps. Dye lasers have been used for the 
excitation of HpD at 630 nm, protoporphyrin IX at 
635 nm, photoprotoporphyrin at 670 nm, and phtha- 
locyanines around 675nm. A further example is 
hypericin which, apart from the band at 550 nm, has 
a second absorption band at 590 nm. This is the 
optimum operation wavelength of dye lasers with 
rhodamine 590, better known as rhodamine 6G. 

Dye lasers can operate in either pulsed or cw mode. 
However, there is a potential disadvantage in using a 
pulsed laser for PDT which becomes apparent when 
using lower repetition rates and higher pulse energies 
(>1mJ per pulse) laser excitation. High pulse 
energies can induce saturation or transient bleaching 
of the sensitizer during the laser pulse and conse- 
quently much of the energy supplied is not efficiently 
absorbed by the sensitizer. It has been suggested that 
this effect accounts for the lack of photosensitized 
damage in tissue sensitized with a phthalocyanine and 
irradiated by a 5 Hz, 25 mJ-per-pulse flash lamp 
pumped dye laser. However, using a low pulse energy, 
high repetition rate copper vapor pumped dye laser 
(see below), the results were indistinguishable from 
cw irradiation with an Argon ion dye laser. 

Another laser that has found clinical application in 
PDT is the copper vapor laser. In this laser the active 
medium is copper vapor at high temperature main- 
tained in the tube by a repetitively pulsed discharge 
current. The copper vapor lasers are pulsed with 
typical pulse duration of about 50 ns and repetition 
rates reaching 20 kHz. Copper vapor lasers have been 
operated at quite high average powers up to about 
40 W. The output radiation is produced at two 
distinct wavelengths, namely 511 and 578 nm both 
of which have found clinical use. Copper vapor 
pumped dye lasers have also been widely used for 
activating red-absorbing photosensitizers, and the 
analogous gold vapor lasers operating at 628 nm 
have been used to activate HpD. 

A relatively new class of tunable lasers is the solid 
state Ti:Sapphire laser. The gain medium in this laser 
is a ~1%Ti doped sapphire (Al,O3) crystal and its 
output may be tuned throughout the 690-1100 nm 
region, covering many photosensitizer absorption 
peaks. For example, most of the bacteriochlorin 
type photosensitizers have their absorption bands in 
that spectral region, e.g., m-THPBC with an absorp- 
tion maximum at 740 nm. Also, Texaphyrin sensi- 
tizers absorb highly in this spectral region: lutetium 
texaphyrin has an absorption maximum at 732 nm. 

Although tunable dye or solid-state lasers are 
widely used in laboratory studies for PDT, fixed- 
wavelength semiconductor diode lasers are gradually 
supplanting tunable lasers, owing to their practical 
convenience. It is now generally the case that when 
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a photosensitizer enters clinical trials or enters 
standard clinical use, laser manufacturers provide 
dedicated diode lasers with outputs matched to the 
chosen sensitizer. In this context there are diode lasers 
available at 630 nm for use with HpD, at 635 nm for 
use with ALA-induced protoporphyrin IX, 670 nm 
for ATSX-10 or phthalocyanines, or even in the 
region of 760 nm, for use with bacteriochlorins. The 
advantage of these diode lasers is that they are 
tailormade for use with a particular photosensitizer, 
they are highly portable, and they have a relatively 
easy turn-key operation. 

So far we have concentrated on red wavelengths 
but most of the porphyrin and chlorin family of 
photosensitizers exhibit quite strong absorption 
bands in the blue region, known as ‘Soret’ bands. 
Despite the fact that tissue penetration in this spectral 
region is minimal, these bands are far more intense 
than the corresponding red absorption bands of the 
sensitizer. In this respect it is possible to activate these 
sensitizers at blue wavelengths, especially in the case 
of treatment of superficial (e.g., skin) malignant 
lesions. There are now blue diode lasers (and light- 
emitting diodes) for the activation of these bands, in 
particular at 405nm where the Soret band of 
protoporphyrin IX lies or at 430 nm for selective 
excitation of the photoprotoporphyrin species. 
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For very superficial lesions (e.g., in the retina) it 
may even be possible to use multiphoton excitation 
provided by femtosecond diode lasers operating at 
about 800 nm. 


Clinical Applications of Lasers 
in PDT 


In the previous section we reviewed the various types 
of lasers being used for PDT but their combination 
with fiber-optic delivery is also of key importance for 
their clinical application. The laser light may be 
delivered to the target lesion either externally using 
surface irradiation, or internally within the lesion 
which is denoted as interstitial irradiation, as 
depicted in Figure 6. For example, in case of 
superficial cutaneous lesions the laser irradiation is 
applied externally (Figure 6a). The area of the lesion 
is marked prior to treatment to determine the 
diameter of the laser spot. For a given fluence rate 
(100-200 W/cm?) and the area of the spot, the 
required laser output power is then calculated. A 
multimode optical fiber, terminated with a microlens 
to ensure uniform irradiation, is then positioned at a 
distance from the lesion yielding the desired beam 
waste, and the surrounding normal tissue is shielded 
with dark material. However, if the lesion is a 
deeper-lying solid tumor, interstitial PDT is employed 
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Figure 6 Clinical application of PDT. (a) Surface treatment. (b) Interstitial treatment. 
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Figure 7 Balloon applicator and diffuser fiber used for PDT in 
Barrett’s esophagus. 


(Figure 6b). Surgical needles are inserted in an 
equidistant parallel pattern within the tumor, either 
freehand or under image (MRI/CT) guidance. Bare 
tip optical fibers are guided through the surgical 
needles to the lesion and flagged for position. A 
beamsplitter is used to divide the laser output into 
2-4 components so that two to four optical fibers 
can be simultaneously employed. The laser power is 
adjusted so that the output fluence of each of the 
optical fibers is 100-200 mW. Even light distri- 
bution in the form of overlapping spheres approxi- 
mately 1cm diameter ensures the treatment of an 
equivalent volume of tissue around each fiber tip. 
Once each ‘station’ is likewise treated the fibers are 
repositioned accordingly, employing a pull-back 
technique in order for another station to be treated. 
Once the volume of the tumor is scanned in this 
manner the treatment is complete. Interstitial light 
delivery allows PDT to be used in the treatment of 
large, buried tumors and is particularly suitable for 
those in which surgery would involve extensive 
resection. 

The treatment of tumors of internal hollow organs 
is also possible with PDT. The most representative 
example of this is the treatment of precancerous 
lesions in the esophagus, known medically as 
‘Barrett’s esophagus’. In this case, a balloon appli- 
cator is used to house a special fiber with a light- 
diffusing tip or ‘diffuser’ (Figure 7). These diffusers 
are variable in length and transmit light uniformly 
along the whole of their length in order to facilitate 
treatment of circumferential lesions. The balloon 
applicator is endoscopically inserted into the patient. 
The balloon is inflated to stretch the esophageal walls 





Figure 8 PDT treatment of a nasal basal cell carcinoma with m- 
THPC (Foscan®): (a) prior to PDT; (b) tissue necrosis a week after 
treatment; (c) four weeks after treatment; gradual recession of the 
necrosis and inflammation; (d) healing two months after 
treatment. Courtesy of Dr Alex Kuebler. 


and the flagged diffuser fiber is placed in position, 
central to the balloon optical window. In this way the 
whole of the lesion may be treated circumferentially 
at the same time. 

Finally, the clinical response to PDT treatment is 
shown in Figure 8. The treated area becomes necrotic 
and inflamed within two to four days following PDT. 
This necrotic tissue usually sloughs off or is mechani- 
cally removed. The area eventually heals with 
minimal scarring (Figure 8). 


Future Prospects 


A major factor in the future development of PDT will 
be the application of relatively cheap and portable 
semiconductor diode lasers. High-power systems 
consisting of visible diode arrays coupled into multi- 
mode fibers with an output of several Watts, have 
recently become available which will greatly simplify 
the technical difficulties which have held back PDT. 
The use of new photosensitizers, in the treatment of 
certain tumors by PDT, is making steady progress, 
and although the toxicology testing and clinical 
evaluation are lengthy and costly processes, the 
expectation is that these compounds will become 
more widely available for patient use during the next 
five years. Regarding the current clinical status of 
PDT, Photofrin has recently been approved for 
treatment of lung and esophageal cancers in Europe, 
USA, and Japan. Clinical trials are in progress for 
several of the second-generation photosensitizers 
which offer significant improvements over Photofrin 
in terms of chemical purity, photoproperties, and skin 
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clearance. With the increasing clinical application of 
compact visible diode lasers the prospects for photo- 
dynamic therapy are therefore encouraging. 


See also 


Lasers: Dye Lasers; Free Electron Lasers; Metal Vapor 
Lasers. Ultrafast Laser Techniques: Generation of 
Femtosecond Pulses. 
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Introduction 


Pump-probe spectroscopy is a ubiquitous time- 
resolved optical spectroscopy that has found appli- 
cation to the study of all manner of ultrafast chemical 
processes that involve excited states. The principle of 
the measurement is that a ‘pump pulse’ — usually an 
intense, short laser pulse — impulsively excites a 
sample, thus defining the start time for the ensuing 
photophysical dynamics. A probe pulse interrogates 
the system at later times in order to capture ‘snap 
shots’ of the state of the system. Many kinds of pump- 
probe experiments have been devised. The present 
article will mainly focus on transient absorption 
measurements. 

Femtosecond pump-probe experiments have been 
employed to reveal the kinetics of excited state 
chemical processes such as solvation, isomerization 
reactions, proton transfer, electron transfer, energy 
transfer, or photochromism. It is becoming more 
common to use pump-probe techniques to study 
systems of increasing complexity, such as photosyn- 
thetic proteins, photoreceptor proteins, molecular 
aggregates, nanostructured materials, conjugated 
polymers, semiconductors, or assemblies for artificial 
light harvesting. However, the underlying chemical 
kinetics are not always easily revealed by pump-probe 
signals. 

The principle of the pump-probe measurement is 
related to the seminal flash-photolysis experiment 
devised by Norrish and Porter. However, in order to 


achieve ultrafast time resolution — beyond that 
attainable by electronic detection — the probe pulse 
is temporally short and is controlled to arrive at the 
sample at variable time delays after the pump pulse 
has excited the sample. The change in intensity of the 
probe pulse, as it is transmitted through the sample, is 
monitored at each pump-probe time delay using a 
‘slow’ detector that integrates over the probe pulse 
duration. One possible xprocess that can diminish the 
probe transmission is transient absorption. After 
formation of an excited state S$; by the pump pulse, 
the probe pulse can monitor a resonance with a 
higher excited state $;-> 5S, absorption. Figure 1 
shows transient absorption spectra, corresponding to 
excited state absorption at various time delays, that 
has been probed by a white light continuum probe 
and monitored by a multichannel CCD detector. 
The transient spectrum is seen to blue-shift with 
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Figure 1 Excited state absorption spectra of 4’-n-pentyl-4- 


cyanoterphenyl in octanol solvent. The pump wavelength is 
277 nm (100 nJ, 150 fs, 40 KHz) and the probe is a white light 
continuum (500 to 700 nm) generated in a sapphire crystal. The 
pump-probe delay 7 for each spectrum is indicated on the plot. 
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Figure 2 TR® spectra of 4’-n-pentyl-4-cyanoterphenyl in octanol 
solvent, recorded using the same set-up as summarized in 
Figure 1. The dashed lines are deconvolutions of the data to show 
the Raman bands. 


pump-probe delay owing to solvation of the S; state 
of the molecule — the dynamic Stokes’ shift. The 
dynamic Stokes’ shift is the shift to lower energy of 
the emission spectrum as the solvent relaxes in 
response to the change in dipole moment of the 
excited electronic state compared to the ground state. 
The overall intensity of the induced absorption 
decays according to the lifetime of the excited state. 

Although they will not be discussed in detail in the 
present article, various other pump-probe experi- 
ments are possible. For example, when in resonance 
with this transient absorption, the probe pulse can 
induce resonance Raman scattering, which reveals the 
evolution of the vibrational spectrum of the excited 
state. In this kind of pump-probe experiment we do 
not monitor the change in probe transmission 
through the sample. Instead, we monitor the differ- 
ence between probe-induced resonance Raman scat- 
ter from the excited and ground states of the system. 
The resonance Raman (TR?) scatter, time-resolved as 
a function of pump-probe delay, can be detected 
provided that it is not overwhelmed by fluorescence 


emission. Typical TR? data for different pump-probe 
delays are shown in Figure 2. The dashed lines show a 
deconvolution of the spectra to reveal the underlying 
vibrational bands. These bands are rather broad 
owing to the spectral width of the 1 ps laser pulses 
used in this experiment. It is clear that the time- 
resolution of a TR® experiment is limited to the 
picosecond regime, otherwise most of the vibrational 
band information is lost. TR*® and complementary 
pump-probe infrared transient absorption exper- 
iments, utilizing an infrared probe beam, have been 
useful for observing the evolution of structural 
information, such as geometry changes, subsequent 
to photoexcitation. 

In the present article we will describe the foun- 
dation of experiment and theory necessary to under- 
stand resonant ultrafast pump-probe spectroscopy 
applied to chemical processes in the condensed phase. 
By resonant, it is meant that the pump and probe 
pulses have frequencies (energies) resonant with 
electronic transitions of the molecules being studied. 
The implications of condensed phase are that the 
experiment interrogates an ensemble of molecules 
and the electronic transitions of these molecules are 
coupled to the random motions and environments of 
a bath, for example the solvent. 


Experimental Measurement of 
Pump-Probe Data 


The experimental setup for a one-color pump-probe 
experiment (i.e. pump and probe of the same color) is 
shown in Figure 3. The setup is easily adapted for a 
two-color experiment. Most of the laser intensity 
(70%) is transmitted through the first beam splitter so 
that the pump is more intense than the probe. A 
second beam splitter is used to split off a small 
amount of probe light for the reference beam. Note 
that the arrangement of these beam splitters results in 
both the pump and probe passing through the same 
amount of dispersive material on their way to the 
sample. The pump and probe beams each propagate 
through half-wave plates in order to control polariz- 
ation. Usually the probe polarization is set to the 
magic angle (54.7°) relative to the pump in order to 
remove polarization bias. The beams are sent towards 
the sample by way of retroreflectors mounted on 
x-y-—z translation stages. The pump retroreflector is 
mounted on a precision computer-controlled trans- 
lation stage such that it can be scanned in the 
x-direction to arrive at variable delays before and 
after the probe. The pump and probe beams are 
aligned using the y—z controls on the retroreflector 
translation stages together with the pick-off mirrors 
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Figure 3 An experimental layout for femtosecond pump-probe 
spectroscopy. The reference beam ideally passes through the 
sample (not shown as such in aid of clarity). See text for 
a description. HWP, half-wave plate; BS, beamsplitter (% 
reflection); FL, focusing lens; CL, collimating lens; ND, neutral 
density filter; PD, photodetectors. 


such that they travel in parallel towards the sample. 
The overall setup of the beams is in a box geometry so 
that pump and probe arms have the same path length. 

The pump and probe beams are focused into the 
sample using a transmissive (i.e. lens) or reflective 
optic FL. The focal length is typically 20 to 30 cm, 
providing a small crossing angle to improve phase 
matching. The pump beam should have a larger spot 
size at its focal point in the sample than the probe 
beam, in order to avoid artifacts arising from the 
wandering of the pump and probe spatial overlap as a 
function of delay time - a potential problem, 
particularly for long delays. Good spatial overlap of 
the beams in the sample is important. It can be 
checked using a 50 pm pinhole. Fine adjustment of 
the pump-probe delay, to establish temporal overlap 
of the pump and probe pulses, can be dictated by 
autocorrelating the beams in a second harmonic 
generating crystal mounted at the sample position. At 
the same time the pulse compression is tweaked to 
ensure that the pulse dispersion in the experiment has 
been pre-compensated. 

The sample is usually flowed or mounted in a 
spinning cell if it is liquid, in order to avoid thermal 
effects or photochemical bleaching. The path length 
of the sample is typically <1 mm. The transmitted 
probe beam is spatially isolated from the pump beam 
using an iris, is collimated, and then directed onto the 
photodetector. 


The reference beam, which provides the relative 
reference intensity Ij should preferably pass through 
the sample (away from the pump spot). This provides 
the probe-only transmission — that is, the reference 
beam intensity is attenuated according to sample 
ground state optical density. The photodetector 
outputs are used to ratio the pump-probe arm 
intensity transmitted through the sample with the 
reference intensity, I,.(@, T)/Ip. Since the pump beam 
is being chopped at the lock-in reference frequency, 
the lock-in amplifier outputs the pump-induced 
fractional change in transmission intensity, 
Al.(@, T)/Ip, usually simply written as AT/T. When 
the pump-induced signal I,,, is small compared to the 
reference intensity Ip, then the detected AI,,(@, T)/Io 
signal is approximately equal to the change in optical 
density, AO.D.: 


Ip — AI —Al — 
AO.D. = toe : I «| od ee [1] 
0 








Here we have used a Taylor expansion log(1 + x) ~ x 
for small x. 

The power dependence of the signal in the y®) limit 
should be linear in both the pump and probe 
intensities. It is also possible to pump the sample 
using two-photon absorption, then probe an excited 
state absorption. This is a x) experiment, so that the 
signal depends quadratically on the pump intensity. 


What is Measured in a Pump-Probe 
Experiment? 


Origin of the Signal 


The pump-probe measurement is a third-order non- 
linear spectroscopy. A complete calculation of the 
signal requires computation of the third-order polar- 
ization induced by the interaction of the pump and 
probe with the material sample, together with an 
account for the kinetic evolution of populations (e.g., 
excited state reactant and product states, etc.). 

The pump pulse, wavevector k;, interacts twice 
with the sample, thereby creating excited state 
population density le){el and a hole-in-the-ground 
state population density |g)gl. These population 
densities propagate until the probe pulse, with 
wavevector k), interacts with the system to induce a 
polarization that depends on the state of the system at 
time T after the pump. This induced polarization 
P,(t) is radiated in the k, =k, — ky +k, =k) direc- 
tion. Because the signal is radiated in the probe 
direction, the probe pulse acts as a local oscillator to 
heterodyne the signal. The change in probe-pulse 
spectral intensity after transmission through an 
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Figure 4 Labeling and time variable for the description of a 


pump-probe experiment. 7 defines the pump-probe delay. 


optically thin sample of path length /, with concen- 
tration of absorbers ¢ and refractive index n, is given 
by eqn [2] 


cl 
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In eqn [2] E,,(¢) is the probe pulse electric field, w is 
the center frequency of the probe, and * indicates 
complex conjugate. The time variables correspond to 
those indicated in Figure 4, and the signal is resolved 
as a function of frequency by Fourier transformation 
of t— w. Experimentally this is achieved by dispersing 
the transmitted probe using a spectrograph. The first- 
time variable, the time interval between the two 
pump pulse interactions, is set to zero because we are 
interested here in the limit where the pulse duration is 
much shorter than T. In this regime — impulsive 
pump-probe - the measurement is sensitive to 
formation and decay of excited state species. 
The induced polarization is given by eqn [3] 


P?(0,T,#) = I, dt I, dik = ROO ER 
0 0 
x Ex(t — T)E,(¢ — T)E3(¢) [3] 


where the response functions that contain infor- 
mation about the lineshape functions and kinetics are 
given by eqn [4]: 


R¥(0,T,)= Istegl” |pegl” exp(—iwygt) 
x exp[—2"(t) + 2ig"(T +2) 
faa 6B 





2ig'(T)] 
[4a] 


R®A4(0,T,) = I tegl” | puyol” exp(—iwyet) 
x exp[—g" (ft) — 2ig"(T + t) +: 2ig"(T)] 
xK™(T) [4b] 


RR (0, T,£) = | Weg!” |Meg!” exp(—i@egt) expl—g(2)] 


a taser [4c] 


The overall intensity of each contribution to the 
signal is scaled by the transition dipole moment that 
connects the ground and excited state ., or excited 
state and a higher excited state uy. The intensity is 
further influenced by resonance of the probe-pulse 
spectrum with the transition frequencies w,, and wp. 
These transition energies have a time-dependence 
owing to the relaxation of the excited state density in 
the condensed phase environment — the dynamic 
Stokes’ shift. The details of the dynamic Stokes’ shift 
depend on the bath, and are therefore contained in 
the imaginary part of the lineshape function g(f)= 
g'(t)+ig"(t). The evolution of the Stokes’ shift with 
pump-probe delay T is clearly seen in the excited state 
absorption spectrum shown in Figure 1. The line- 
shape function contains all the details of the time- 
scales of fluctuations of the bath and the coupling of 
the electronic transition of the molecule to these 
fluctuations. The lineshape function can be cast in the 
simple form given by eqn [5] using the Brownian 
oscillator model in the high temperature, high friction 
limit: 


g(t) = (2ARpTp/hA)[At — 1+ exp(—Ad] 
+i(/ A) — exp(—AD)] [5] 


The Brownian oscillator model attributes fluctuations 
of the transition frequencies to coupling between 
electronic states and an ensemble of low-frequency 
bath motions. In eqn [5]; A is the solvent reorganiz- 
ation energy (half the Stokes’ shift) and A is the 
modulation frequency of the solvent oscillator (7! 
for a Debye solvent, where 7, is the longitudinal 
dielectric relaxation time); kg is the Boltzmann 
constant, and Ty is the temperature. 

Information about the kinetics of the evolution of 
the system initiated by the pump pulse is contained in 
the terms K°=, KFS4, and K@8. These terms will be 
discussed in the next section. 

The evolution of the excited state density is mapped 
onto the response functions R*® and R®“. R* is the 
contribution arising from the probe pulse stimulating 
emission from the excited state e in the probe 
direction, which increases the probe intensity. Thus 
the spectrum of the signal arising from R°" resembles 
the fluorescence emission of the sample, as shown in 
Figure 5. The excited state absorption contribution to 
the signal R®°4 depletes the probe intensity, and 
corresponds to an e— f electronic resonance, such as 
that shown in Figure 1. Note that the ESA signal 
contributes to the overall AJ,,(@, T) with an opposite 
sign to the SE and GSR contributions. The ground- 
state recovery term R©® arises from depletion of the 
ground-state population by the pump pulse, thereby 
increasing the transparency of the sample over the 


66 CHEMICAL APPLICATIONS OF LASERS / Pump and Probe Studies of Femtosecond Kinetics 





Absorption (arbitrary units) 





600 700 800 


(suun Auejyique) Aysuayul sousoseion|4 


aS 
x. 
a 
< 
o 
© 
3 
a 
2 
—_ 
= 
3 
3 


AO.D. 





600 
(b) Wavelength (nm) 


700 800 900 


Figure 5 (a) shows the absorption and emission spectrum of a 
dilute solution of oxazine-1 in water. (b) shows the transient 
absorption spectrum of this system at various delays after 
pumping at 600nm using picosecond pulses. The transient 
spectrum, ground state recovery and stimulated emission 
resemble the sum of the absorption and emission spectra. 


spectrum of the ground-state absorption (see 
Figure 5). Thus the transmitted probe intensity is 
increased relative to that without the pump pulse. The 
GSR contribution to Al,,(@,T) decreases with T 
according to the excited state lifetime of the photo- 
excited species. 


The Coherent Spike 


To calculate the pump-probe signal over delay times 
that are of the order of the pulse duration, one must 
calculate all possible ways that a signal can be 
generated with respect to all possible time orderings 
of the two pump interactions and the probe inter- 
actions (Liouville space pathways). Such a calculation 
reveals coherent as well as sequential contributions to 
the response of the system owing to the entanglement 
of time orderings that arise from the overlap of pulses 
of finite duration. The nonclassical, coherent, contri- 
butions dominate the signal for the time period 
during which pump and probe pulses overlap, leading 
to the coherent spike (or coherent ‘artifact’) 
(Figure 6). 


0 E 


Figure 6 A schematic depiction of a pump-probe signal. The 
coherent spike is labeled 1. In region 2 we can see quantum beats 
as a sum of sinusoidal modulations of the signal. The label 3 
denotes the long time decay of the signal, as determined by the 
population dynamics, KSE, KES", and KES, 


Nuclear Wavepackets 


The electronic absorption spectrum represents a sum 
over all possible vibronic transitions, each weighted 
by a corresponding nuclear overlap factor according 
to the Franck—Condon principle. It was recognized 
by Heller and co-workers that in the time-domain 
representation of the electronic absorption spectrum, 
the sum over vibrational overlaps is replaced by the 
propagation of an initially excited nuclear wave- 
packet on the excited state according to li(t)) = 
exp(—Ht/h) |i(0)). Thus the absorption spectrum is 
written as 


o(0) 22 |" dr explo ~ ofg)t ~ a) 
x (i(0) li(t)) [6] 


for mode i. The Hamiltonian H is determined by the 
displacement of mode i, A;. A large displacement 
results in a strong coupling between the vibration and 
the electronic transition from state g to e. In the 
frequency domain this is seen as an intense vibronic 
progression. In the time domain this translates to an 
oscillation in the time-dependent overlap (i(0) li(z)), 
with frequency w;, thereby modulating the intensity 
of the linear response as a function of ft. 

It follows that an impulsively excited coherent 
superposition of vibrational modes, created by an 
optical pulse that is much shorter than the vibrational 
period of each mode, propagates on the excited state 
as a wavepacket. The oscillations of this wavepacket 
then modulate the intensity of the transmitted probe 
pulse as a function of T to introduce features into the 
pump-probe signal known as quantum beats (see 
Figure 6). In fact, nuclear wavepackets propagate on 
both the ground and excited states in a pump-probe 
experiment. The short probe pulse interrogates the 
evolution of the nuclear wavepackets by projecting 
them onto the manifold of vibrational wavefunctions 
in an excited or ground state. 
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Femtosecond Kinetics 


According to eqn [4] the kinetics of the evolution of 
the system initiated by the pump pulse are governed 
by the terms K*", K®*“, and K@®. Each of these terms 
describes the kinetics of decay, production, or 
recovery of excited state and ground state popu- 
lations. In the simplest conceivable case, each might 
be a single exponential function. The stimulated 
emission term K°* contains information about the 
depopulation of the initially excited state, which for 
example, may occur through a chemical reaction 
involving the excited state species or energy transfer 
from that state. The excited state absorption term 
K®S4 contains information on the formation and 
decay of all excited state populations that give a 
transient absorption signal. The ground-state recov- 
ery term K@S® contains information on the time- 
scales for return of all population to the ground state, 
which will occur by radiative and nonradiative 
processes. Usually the kinetics are assumed to follow 
a multi-exponential law such that 


N 
K"(T, Aexes @) = > Aj(excs @) exp(—t/7;) [7] 
j=1 


where the amplitude A;, but not the decay time 
coefficient 7;, of each contribution in the coupled 
N-component system depends on the excitation 
wavelength A... and the signal frequency w. The 
index m denotes SE, ESA, or GSR. 

In order to extract meaningful physical parameters 
from analysis of pump-probe data, a kinetic scheme 
in the form of eqn [7] needs to be constructed, based 
on a physical model to connect the decay of initially 
excited state population to formation of a product 
excited state and subsequent recovery of the ground- 
state population. An example of such a model is 
depicted in Figure 7. Here the stimulated emission 
contribution to the signal is attenuated according to 
the rate that state 1 goes to 2. The transient 
absorption appears at that same rate and decays 
according to the radiationless process 2 to 3. The rate 
of ground state recovery depends on 1 to 2 to 3 to 5 
and possibly pathways involving the isomer 4. 

The kinetic scheme is not easily extracted from 
pump-probe data because contributions from each of 
KSE, KA, and K°® contribute additively at each 
detection wavelength w, as shown in eqns [2]-[4]. 
Moreover, additional, wavelength-dependent, decay 
or rise components may appear in the data on 
ultrafast time-scales owing to the time-dependent 
Stokes’ shift (the g’(£) terms indicated in eqns [4]). A 
spectral shift can resemble either a decay or rise 
component. In addition, the very fastest dynamics 
may be hidden beneath the coherent spike. For these 
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Figure 7 Free energy curves corresponding to a model for an 
excited state isomerization reaction, with various contributions to 
a pump-probe measurement indicated. See text for a description. 
(Courtesy of Jordanides XJ and Fleming GR.) 


reasons, simple fitting of pump-probe data usually 
cannot reveal the underlying kinetic model. Instead 
the data should be simulated according to eqns [3] 
and [4]. 

Alternative strategies involve global analysis of 
wavelength-resolved data to extract the kinetic 
evolution of spectral features, known as ‘species 
associated decay spectra’. Global analysis of data 
effectively reduces the number of adjustable para- 
meters in the fitting procedure and allows one to 
obtain physically meaningful information by associ- 
ating species with their spectra. These methods are 
described in detail by Holzwarth. 


List of Units and Nomenclature 


ESA excited state absorption 

GSR ground state recovery 

SE stimulated emission 

Sn nth singlet excited state 

TR? time-resolved resonance Raman 

aad nth-order nonlinear optical susceptibility 
See also 


Coherent Lightwave Systems. Coherent Transients: 
Ultrafast Studies of Semiconductors. Nonlinear Optics, 
Applications: Raman Lasers. Optical Amplifiers: 
Raman, Brillouin and Parametric Amplifiers. Scattering: 
Raman Scattering. Spectroscopy: Raman Spectroscopy. 
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Introduction 


Time-correlated single-photon counting, TCSPC, is 
a well-established technique for the determination 
of fluorescence lifetimes and related time-resolved 
fluorescence properties. Since the 1980s, there have 
been dramatic changes in the laser sources used for 
this work, which in turn have opened up the 
technique to a wide user base. 


TCSPC: The Basics 


In the TCSPC experiment, the sample is repeatedly 
excited by a high-repetition rate, low-intensity light 
source. Fluorescence from the sample is collected 
and may be passed though a cut-off filter or 
monochromator to remove scattered excitation 
light and to select the emission wavelength. The 
fluorescence is then focused onto a detector, typically 
a photomultiplier (PMT) or single-photon avalanche 
diode (SPAD) which detects single emitted photons. 
The ‘raw’ signal from the detector fluctuates 
considerably from event to event. In order to remove 
any timing error that could be induced by this, the 
signal is processed first by a constant fraction 
discriminator (CFD) in order to provide a stable 
and consistent timing pulse. This signal is used as an 
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Counting 


input for the time-to-amplitude converter (TAC) 
which determines the time interval between the 
excitation of the sample and the emission of the 
photon. The output from the TAC is a relatively 
slow pulse whose intensity is proportional to the 
time interval between the start and stop signals. 
A pulse height analyzer (PHA) is used to process the 
output from the TAC and increments a channel in its 
memory corresponding to a time window during 
which the photon was detected. As the measurement 
is repeated many times over, a histogram is 
constructed in the memory of the PHA, showing 
the number of photons detected as a function of the 
time interval. This histogram corresponds to the 
fluorescence decay. 

As outlined below, it is desirable to have a light 
source with a moderately high repetition rate, 
typically of the order of MHz. Because it is not 
practical to start the TAC each time the light source 
‘fires’, it is more usual to operate the TAC in the 
so-called ‘reversed mode’, whereby the start signal 
is derived from the detected photon and the stop is 
derived from the light source. The electronic 
circuitry is illustrated in Figure 1. In practice, many 
researchers still use modular components that are 
wired together manually, although there is increas- 
ingly a tendency towards the use of single PC-based 
cards which contain all the necessary discrimi- 
nators, timing circuits, and data acquisition elec- 
tronics. There are a number of commercial PC 
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cards that contain all the timing electronics, etc., 
required for TCSPC, for example, Becker and Hickl 
(Germany). 

This approach to obtaining the fluorescence decay 
profile can only work if the detected photons are 
‘randomly selected’ from the total emission from the 
sample. In practice, this means that the rate of 
detection of photons should be of the order of 1% of 
the excitation rate: that is, only one in a hundred 
excitation pulses gives rise to a detected photon. This 
histogram mirrors the fluorescence decay of the 
sample convolved with the instrument response 
function (IRF). The IRF is itself a convolution of the 
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Figure 1 Schematic diagram of a TSCPC spectrometer. 
Fluorescence from the sample is collected by Li, which may 
also include a monochromator/wavelength selection filter. A 
synchronization pulse is obtained either from the laser driver 
electronics directly, or via a photodiode and second constant 
fraction discriminator. The TAC is shown operating in a ‘reversed 
mode’ as is normal with a high repetition rate laser source. 
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temporal response of the optical light pulse, the optical 
path in the collection optics, and the response of the 
detector and ancillary electronics. Experimentally, 
the IRF is usually recorded by placing a scattering 
material in the spectrometer. 

In principle, the decay function of the sample can 
be extracted by deconvolution of the IRF from the 
decay function, although in practice it is more 
common to use the method of iterative re-convolution 
using a model decay function(s). Thus, the exper- 
imentally determined IRF is convolved with a model 
decay function and parameters within the function 
are systematically varied to obtain the best fit for a 
specific model. The most commonly used model 
assumes the decaying species to follow one or more 
exponential functions (sum of exponentials) or a 
distribution of exponentials. Further details regarding 
the mechanics of data analysis and fitting procedures 
can be found in the literature. A typical fit is 
illustrated in Figure 2. 

The main aim of this review is to illustrate how 
recent advances in laser technology have changed the 
face of TCSPC and to discuss the types of laser light 
sources that are in use. The easiest way of approach- 
ing this topic is to define the criteria for an ideal 
light source for this experiment, and then to discuss 
the ways in which new technologies are meeting 
these criteria. 


High Repetition Rate 


A typical decay data set may contain something of the 
order of 0.1—5 million ‘counts’: it is desirable to 
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Figure 2 The fluorescence decay of Rhodamine B in water. The sample was excited using a 397 nm pulsed laser diode (1 MHz, 
<200 ps FWHM), and the emission was observed at 575 nm. Deconvolution of the IRF (dark gray trace) and observed decay (light gray 
trace) with a single exponential function gave a lifetime of 1.50 ns, with a y2R = 1.07, Durbin—Watson parameter = 1.78. The fitted 
curve is shown overlaid in gray, and the weighted residuals are shown offset in black. 
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acquire such a number of events in order that we can 
reliably employ statistical parameters to judge the 
quality of the fitted decay function(s). As stated 
above, the rate of photon acquisition should be of the 
order of 1% of the excitation rate in order to obtain 
reliable, good-quality data. It is clear then that a high 
repetition rate source is desirable in order to reduce 
the overall data acquisition time. However, it is 
important that the repetition rate of the source is not 
too high, otherwise the data show ‘overlap’ effects, 
caused by the fluorescence intensity from one 
excitation pulse not completely decaying before the 
next laser pulse arrives at the sample. Under these 
conditions the observed fluorescence decay is per- 
turbed and extraction of complex kinetic behavior 
is more difficult. As a general rule of thumb, it is 
recommended that the inter-pulse separation is 
greater than five times the lifetime of the longest 
component of the fluorescence decay. Fluorescence 
lifetimes can be as long as 100ns, indicating a 
maximum repetition rate of 2 MHz, although when 
investigating fluorophores with a shorter lifetime 
correspondingly higher frequencies can be selected. 
Clearly the ability to vary the repetition rate 
according to the type of sample under investigation 
is an advantage. 


Short Pulse Duration 


Typically the minimum lifetime that can be deter- 
mined by a TCSPC spectrometer is limited by the 
instrument response function: as a general rule it is 
possible to extract fluorescence lifetimes of about one 
tenth of the full width at half maximum (FWHM) of 
the IRF by reconvolution methods. As discussed 
above, the IRF is the product of a number of factors, 
including the optical pulse duration, differences in 
the optical path traversed by the fluorescence, the 
response time of the detector, and the temporal 
response of the associated timing electronics. Ideally 
the excitation source should be as short as possible, 
and with modern laser-based TCSPC systems, it is 
usually the case that the time-response of the detector 
is the limiting factor. The introduction of high-speed 
microchannel plate (MCP) photomultipliers have 
lead to very short IRFs, which can be <50 ps 
FWHM. When using these detectors is it essential to 
keep the optical transit-time spread as low as 
possible: that is, the path taken by light through a 
monochromator should be independent of wave- 
length and trajectory taken through the optics. Many 
research groups advocate the use of a subtractive 
dispersive double monochromator for this purpose. 


Tunability 


Early TCSPC experiments were carried out using 
hydrogen- or nitrogen-filled flashlamps which pro- 
duced broadband ns-duration pulses with low 
repetition rates (<100 kHz). Variable wavelength 
excitation is possible using these sources, but their 
low intensity and low repetition rates mean that data 
acquisition periods can be very long. The early 
1980s saw the introduction of cavity-dumped ion 
lasers and synchronously pumped mode-locked 
cavity-dumped dye lasers, which provided signifi- 
cantly higher repetition rates, typically up to 4 MHz, 
and greater intensities. However, the TCSPC exper- 
iments that could be carried out using these laser- 
based sources were somewhat limited by the 
wavelengths that could be generated by the argon 
ion and synchronously pumped dye lasers, and their 
second harmonics. The dye lasers were restricted to 
the use of Rhodamine 6G as the gain medium, which 
has a limited tuning range (~580—620 nm). It is 
often desirable to vary the excitation wavelength as 
part of a photophysical study, either as a systematic 
study of the effects of excitation energy upon the 
excited state behavior, or in order to optimize 
excitation of a particular chromophore in a system. 
To some extent in the past, the wavelengths 
available from the laser systems dictated the science 
that they could be used to address. The mid- to late- 
1980s saw the introduction of mode-locked con- 
tinuous wave (CW) Nd:YAG lasers as pump lasers 
and increased number of dyes that could be 
synchronously pumped, providing a broader range 
of excitation wavelengths as well as increased 
stability. One drawback of these complex and 
often fickle laser systems was the level of expertise 
and attention they required to keep their perform- 
ance at its peak. 

Since the 1990s, the introduction of two import- 
ant new types of laser have had a significant impact 
on the use of TCSPC as an investigative method. 
The first is based upon the mode-locked titanium 
sapphire laser which offers tuneable radiation from 
the deep UV to the NIR, whilst the second series of 
laser are based upon (relatively) low-cost, turn-key 
solid state diode lasers. The developments and 
merits of these new laser sources, which now 
dominate the market for TCSPC sources, are 
discussed below. 


Ti-Sapphire 


The discovery of the titanium doped sapphire laser 
has led to a revolution in ultrafast laser sources. 
Coupled with efficient diode-pumped solid state 
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Nd:YAG pump lasers, this medium currently domi- 
nates the entire ultrafast laser market, from high 
repetition, low pulse energy systems through to 
systems generating very high pulse energies at kHz 
repetition rates. 

Ti-sapphire is, in many respects, an ideal laser 
gain medium: it has a high energy storage capacity, 
it has a very broad-gain bandwidth, and it has good 
thermal properties. Following the first demon- 
stration of laser action in a Ti-sapphire crystal, the 
CW Ti-sapphire laser was quickly commercialized. 
It proved to be a remarkable new laser medium, 
providing greater efficiency, with outputs of the 
order of 1 W. The laser also provided an unprece- 
dented broad tuning range, spanning from just 
below 700nm to 1000nm. The most important 
breakthrough for time-resolved users came in 1991, 
when self-mode-locking in the medium was demon- 
strated. This self-mode-locking, sometimes referred 
to as Kerr-lens mode-locking, arises from the non- 
linear refractive index of the material and is 
implemented by simply placing an aperture within 
the cavity at an appropriate point. The broad-gain 
bandwidth of the medium results in very short 
pulses: pulse durations of the order of tens of 
femtoseconds can be routinely achieved with com- 
mercial laser systems. 

The mode-locked Ti-sapphire laser was quickly 
seized upon and commercialized. The first generation 
of systems used multiwatt CW argon ion lasers to 
pump them, making the systems unwieldy and 
expensive to run, but in recent years these have 
been replaced by diode-pumped Nd:YAG lasers, 
providing an all solid-state, ultrafast laser source. 
Equally significantly, the current generation of lasers 
are very efficient and do not require significant 
electrical power or cooling capacity. There are several 
commercial suppliers of pulsed Ti-sapphire lasers, 
including Coherent and Spectra Physics. 

A typical mode-locked Ti-sapphire laser provides 
an 80 MHz train of pulses with a FWHM of ~100 fs, 
with an average power of up to 1.5 W and are 
tuneable from 700nm to almost 1000 nm. The 
relatively high peak powers associated with these 
pulses means that second- or even third-harmonic 
generation is relatively efficient, providing radiation 
in the ranges 350-480 nm and 240-320 nm. The 
output powers of the second and third harmonics far 
exceeds that required for TCSPC experiments, mak- 
ing them an attractive source for the study of 
fluorescence lifetime measurements. The simple 
mode-locked Ti-sapphire laser has some drawbacks: 
the very short pulse duration provides a broad- 
bandwidth excitation, the repetition rate is often 
too high with an inter-pulse separation of ~12.5 ns, 


and the laser does not provide continuous tuning 
from the deep-UV though to the visible. Incremen- 
tally, all of these points have been addressed by the 
laser manufacturers. 

As well as operating as a source of femtosecond 
pulses, with their associated bandwidths of many 
tens of nm, some modern commercial Ti-sapphire 
lasers can, by adjustment of the optical path and 
components, be operated in a mode that provides 
picosecond pulses whilst retaining their broad 
tuning curve. Under these conditions, the bandwidth 
of the output is greatly reduced, making the laser 
resemble a synchronously pumped mode-locked 
dye laser. 

As stated above, a very high repetition rate can be 
undesirable if the system under study has a long 
fluorescence lifetime due to the fluorescence decay 
from an earlier pulse not decaying completely 
before the next excitation pulse. Variation of the 
repetition of output frequency can be addressed by 
two means. The first is to use a pulse-picker. This is 
an opto-accoustic device which is placed outside the 
laser cavity. An electrical signal is applied to a 
device, synchronized to the frequency of the mode- 
locked laser to provide pulses at frequencies from 
~4 MHz down to single-shot. The operation of a 
pulse picker is somewhat inefficient, with less than 
half of the original pulse energy being obtained in 
the output, although output power is not usually an 
issue when using these sources. More importantly, 
when using pulse-pickers, it is essential to ensure 
that there is no pre- or post-pulse which can lead to 
artifacts in the observed fluorescence decays. The 
second means of reducing the pulse duration is 
cavity dumping. This is achieved by extending the 
laser cavity and placing an opto-acoustic device, 
known as a Bragg cell, at a beam-waist within the 
cavity. When a signal is applied to the intracavity 
Bragg cell, synchronized with the passage of a 
mode-locked pulse though the device, a pulse of 
light is extracted from the cavity. The great 
advantage of cavity-dumping is that it builds up 
energy within the optical cavity and when pulses are 
extracted these are of a higher pulse energy than the 
mode-locked laser alone. This in turn leads to more 
efficient harmonic generation. This addition of the 
cavity dumper system extends the laser cavity and 
hence reduces the overall frequency of the mode- 
locked laser to ~50 MHz, and can provide pulses at 
9 MHz down to single shot. 

The extension of the tuning range of the Ti- 
sapphire laser has been facilitated by the introduction 
of the optical parametric oscillator (OPO). In the 
OPO, a short wavelength pump beam passes through 
a nonlinear optical crystal and generates two tuneable 
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Figure 3  Anillustration of the spectral coverage provided by currently available pulsed semiconductor lasers and LEDs, and a modern 
Ti-sapphire laser and OPO. Note that the OPO’s output is frequency doubled, and the wavelengths in the range 525— ~ 440 nm may be 
obtained by sum frequency mixing of the Ti-sapphire’s fundamental output with the output of the OPO. « denotes that there are many 
long wavelength pulsed laser diodes falling in the range A > 720 nm. 


beams of longer wavelengths. Synchronous pumping 
of the OPOs with either a fs or ps Ti-sapphire laser 
ensures reasonably high efficiencies. The outputs 
from the OPO may be frequency doubled, with the 
option of intracavity doubling enhancing the effi- 
ciency still further. Using an 800 nm pump wave- 
length, an OPO provides typical signal and idler 
tuning ranges of 1050—->1350 nm and 2.1-3.0 wm, 
respectively. The signal can be doubled to give 525- 
680 nm, effectively filling the visible spectrum. The 
average powers obtainable from Ti-sapphire pumped 
OPOs makes them eminently suitable for TCSPC 
experiments. A summary of the spectral coverage of 
the Ti-sapphire laser and OPO, and low-cost solid- 
state sources are illustrated in Figure 3. 

An additional advantage of the Ti-sapphire laser is 
the possibility of multiphoton excitation. The 
combination of high average power and very short 
pulse duration of a mode-locked Ti-sapphire laser 
means that the peak-powers of the pulses can be very 
high. Focusing the near-IR output of the laser gives 
rise to exceedingly high photon densities within a 
sample which can lead to the simultaneous absorp- 
tion of two or more photons. This is of particular 
significance when recording fluorescence lifetimes in 
conjunction with a microscope, particularly when 
the microscope is operated in a confocal configur- 
ation. Such systems are now being used for a 
derivative of TCSPC, known as fluorescence lifetime 
imaging (FLM). 


In summary, the Ti-sapphire laser is a very versatile 
and flexible source that is well suited to the TCSPC 
experiment. Off-the-shelf systems provide broad 
spectral coverage and variable repetition rates. 
Undoubtedly this medium will be the mainstay of 
TCSPC for some time to come. 


Diode Lasers 


Low-power diode lasers, with outputs in the range 
630-1000 nm, have been commercially available for 
some time. These devices, which are normally 
operated as CW sources, can be operated in a 
pulsed mode, providing a high frequency train of 
sub-ns pulses. However, the relatively long output 
wavelengths produced by this first generation of 
diode lasers severely restricted the range of chromo- 
phores that could be excited and this proved to be a 
limiting factor for their use as TCSPC sources. 
Attempts to generate shorter wavelengths from 
these NIR laser diodes by second harmonic gener- 
ation (SHG), were never realized: the SHG process is 
extremely inefficient due to the very low peak output 
power of these lasers. Shorter wavelengths could be 
obtained by pulsing conventional light-emitting 
diodes (LEDs), which were commercially available 
with emission wavelengths covering the visible 
spectrum down to ~450 nm. However, these had 
the disadvantage of exhibiting longer pulse durations 
than those achievable from laser diodes and have 
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much broader emission bandwidths than a laser 
source. 

The introduction of violet and blue diode lasers 
and UV-LEDs by the Nichia Corporation (Japan) in 
the late 1990s resulted in a renewed interest in 
sources utilizing these small, solid-state devices. 
At least three manufacturers produce ranges of 
commercial TCSPC light sources based upon pulsed 
LEDs and laser diodes and can now boast a number 
of pulsed laser sources in their ranges including 375, 
400, 450, 473, 635, 670, and 830nm. Currently 
commercial pulsed laser diodes and LEDs are 
manufactured by Jobin-Yvon IBH (UK), Picoquant 
(Germany), and Hamamatso (Japan). These small, 
relatively low-cost devices offer pulse durations of 
<100 ps and excitation repetition rates of up to tens 
of MHz making them ideally suited to ‘routine’ 
lifetime measurements. Although these diode laser 
sources are not tunable and do not span the full 
spectrum, they are complemented by pulsed LEDs 
which fill the gap in the visible spectrum. Pulsed 
LEDs generally have a longer pulse duration and 
broader, lower intensity spectral output, but are 
useful for some applications. At the time of writing 
there are no diode laser sources providing wave- 
lengths of <350 nm, although Jobin-Yvon IBH (UK) 
have recently announced pulsed LEDs operating at 


280 nm and 340 nm. As LEDs, and possibly diode 
lasers, emitting at these shorter wavelengths become 
more widely available, the prospects of low running 
costs and ease of use makes these semiconductor 
devices an extremely attractive option for many 
TCSPC experiments. Commercial TCSPC spec- 
trometers based around these systems offer a 
comparatively low-cost, turnkey approach to fluor- 
escence lifetime based experiments, opening up what 
was a highly specialized field to a much broader 
range of users. 


See also 


Lasers: Noble Gas lon Lasers. Light Emitting Diodes. 
Ultrafast Laser Techniques: Pulse Characterization 
Techniques. 
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Introduction 


Over the past two decades, holographic techniques 
have proved to be valuable tools for investigating the 
dynamics of chemical processes. The aim of this 
chapter is to give an overview of the main applications 
of these techniques for chemical dynamics. The basic 
principle underlying the formation and the detection 
of elementary transient holograms, also called transi- 
ent gratings, is first presented. This is followed by a 
brief description of a typical experimental setup. The 
main applications of these techniques to solve 
chemical problems are then discussed. 


Basic Principle 


The basic principle of the transient holographic 
technique is illustrated in Figure 1. The sample 


material is excited by two laser pulses at the same 
wavelength and crossed at an angle 290,,,. If the two 
pump pulses have the same intensity, I,,,,, the intensity 
distribution at the interference region, assuming 
plane waves, is 


I(x) = pal 1 i cos( “™ )| [1] 


where A = A,,,/(2sin 6,,,) is the fringe spacing, A,,, is 
the pump wavelength, and I,,, is the intensity of one 
pump pulse. 

As discussed below, there can be many types of 
light—matter interactions that lead to a change in the 
optical properties of the material. For a dielectric 
material, they result in a spatial modulation of the 
optical susceptibility and thus of the complex 
refractive index, 7. The latter distribution can be 
described as a Fourier cosine series: 





mm ) 2] 


A(x) = My + > Tin cos( 


m=1 
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where fig is the average value of 7. In the absence 
of saturation effects, the spatial modulation of 7/7 is 
harmonic and the Fourier coefficients with m > 1 
vanish. In this case, the peak to null variation of 
the complex refractive index, A7i, is equal to the 
Fourier coefficient #,;. The complex refractive 
index can be split into its real and imaginary 
components: 

a=n+ik [3] 
where a is the refractive index and K is the 
attenuation constant. 

The hologram created by the interaction of the 
crossed pump pulses consists in periodic, one-dimen- 
sional spatial modulations of 7 and K. Such distri- 
butions are nothing but phase and amplitude 
gratings, respectively. A third laser beam at the 
probe wavelength, A,,, striking these gratings at 
Bragg angle, 6g = arcsin(A,,/2A), will thus be par- 
tially diffracted (Figure 1b). The diffraction efficiency, 
nm, depends on the modulation amplitude of the 
optical properties. In the limit of small diffraction 
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efficiency (7 < 0.01), this relationship is given by 
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cos 63 
where Iy,¢ and I,, are the diffracted and the 
probe intensity respectively, d is the sample 
thickness, and A=4adK/(Aln 10) is the average 
absorbance. 

The first and the second terms in the square bracket 
describe the contribution of the amplitude and phase 
gratings respectively, and the exponential term 
accounts for the reabsorption of the diffracted beam 
by the sample. 

The main processes responsible for the variation of 
the optical properties of an isotropic dielectric 
material are summarized in Figure 2. 

The modulation of the absorbance, AA, is essen- 
tially due to the photoinduced concentration change, 
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Figure 2 Classification of the possible contributions to a transient grating signal. 
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AC, of the different chemical species i (excited state, 
photoproduct, ...): 


AA(Apr) = > 8 (Ap) AC; [5] 


t 


where ¢; is the absorption coefficient of the species 7. 
The variation of the refractive index, An, has 
several origins and can be expressed as 


An = Ang + Any + Ang [6] 


Anx is the variation of refractive index due to the 
optical Kerr effect (OKE). This nonresonant inter- 
action results in an electronic polarization (electronic 
OKE) and/or in a nuclear reorientation of the 
molecules (nuclear OKE) along the direction of the 
electric field associated with the pump pulses. As a 
consequence, a transient birefringence is created in 
the material. This effect is usually discussed within 
the framework of nonlinear optics in terms of 
intensity dependent refractive index or third order 
nonlinear susceptibility. Electronic OKE occurs in 
any dielectric material under sufficiently high light 
intensity. On the other hand, nuclear OKE is mostly 
observed in liquids and gases and depends strongly on 
the molecular shape. 

An, is the change of refractive index related to 
population changes. Its magnitude and wavelength 
dependence can be obtained by Kramers—Kronig 
transformation of AA(A) or AK(A): 


1 sf? AK(X) ; 
2a? J 0 1-(AvAy? oy 7] 





Any(A) = 


Any, is the change of refractive index associated with 
density changes. Density phase gratings can have 
essentially three origins: 


Ang = Ant, + Ani, + An‘ [8] 


An', is related to the temperature-induced change of 
density. If a fraction of the excitation energy is 
converted into heat, through a nonradiative tran- 
sition or an exothermic process, the temperature 
becomes spatially modulated. This results in a 
variation of density, hence to a modulation of 
refractive index with amplitude An‘. Most of the 
temperature dependence of 7 originates from the 
density. The temperature-induced variation of 1 at 
constant density is much smaller than An’). 

An‘, is related to the variation of volume upon 
population changes. This volume comprises not only 
the reactant and product molecules but also their 
environment. For example, in the case of a photo- 
dissociation, the volume of the product is larger than 


that of the reactant and a positive volume change can 
be expected. This will lead to a decrease of the density 
and to a negative An‘. 

Finally, An‘, is related to electrostriction in the 
sample by the electric field of the pump pulses. 
Like OKE, this is a nonresonant process that also 
contributes to the intensity dependent refractive 
index. Electrostriction leads to material com- 
pression in the regions of high electric field 
strength. The periodic compression is accompanied 
by the generation of two counterpropagating 
acoustic waves with wave vectors, k,, = +(27a/A)i, 
where 7 is the unit vector along the modulation 
axis. The interference of these acoustic waves leads 
to a temporal modulation of An‘ at the acoustic 
frequency v,,, with 27v,.=k,.v;, v; being the 
speed of sound. As An‘, oscillates between negative 
and positive values, the diffracted intensity, which 
is proportional to (An‘%)?, shows at temporal 
oscillation at twice the acoustic frequency. In 
most cases, An‘, is weak and can be neglected if 
the pump pulses are within an absorption band of 
the sample. 

The modulation amplitudes of absorbance and 
refractive index are not constant in time and their 
temporal behavior depends on various dynamic 
processes in the sample. The whole point of the 
transient grating techniques is precisely the measure- 
ment of the diffracted intensity as a function of time 
after excitation to deduce dynamic information on 
the system. 

In the following, we will show that the various 
processes shown in Figure 2, that give rise to a 
diffracted signal, can in principle be separated by 
choosing appropriate experimental parameters, such 
as the timescale, the probe wavelength, the polari- 
zation of the four beams, or the crossing angle. 


Experimental Setup 


A typical experimental arrangement for pump- 
probe transient grating measurements is shown 
in Figure 3. The laser output pulses are split in 
three parts. Two parts of equal intensity are used as 
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Figure 3 Schematic of a transient grating setup with pump— 
probe detection. 
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Figure 4 Beam geometry for transient grating: (a) in plane; 
(b) boxcars. 


pump pulses and are crossed in the sample. In order 
to ensure time coincidence, one pump pulse travels 
along an adjustable optical delay line. The third 
part, which is used for probing, can be frequency 
converted using a dye laser, a nonlinear crystal, a 
Raman shifter, or white light continuum generation. 
The probe pulse is sent along a motorized optical 
delay line before striking the sample at the Bragg 
angle. There are several possible beam configur- 
ations for transient grating and the two most used 
are illustrated in Figure 4. When the probe and 
pump pulses are at different wavelengths, they can 
be in the same plane of incidence as shown in 
Figure 4a. However, if the pump and probe 
wavelengths are the same, the folded boxcars 
geometry shown in Figure 4b has to be used. The 
transient grating technique is background free and 
the diffracted signal propagates in a well-defined 
direction. In a pump-probe experiment, the dif- 
fracted signal intensity is measured as a function of 
the time delay between the pump and probe pulses. 
Such a setup can be used to probe dynamic 
processes occurring in timescales going from a few 
fs to a few ns, the time resolution depending 
essentially on the duration of the pump and probe 
pulses. For slower processes, the grating dynamics 
can be probed in real time with a cw laser beam 
and a fast photodetector. 


Applications 


The Transient Density Phase Grating Technique 


If the grating is probed at a wavelength far from 
any absorption band, the variation of absorbance, 
AA(Ap,), is zero and the corresponding change of 
refractive index, An,(Ap;), is negligibly small. In this 
case, eqn [4] simplifies to 


iy ei oe oe [9] 
a Apr COS Op e 


In principle, the diffracted signal may also 
contain contributions from the optical Kerr effect, 
Ang, but we will assume here that this non-resonant 


and ultrafast response is negligibly small. The 
density change can originate from both heat 
releasing processes and volume differences between 
the products and reactants, the former contribution 
usually being much larger than the latter. Even if 
the heat releasing process is instantaneous, the 
risetime of the density grating is limited by thermal 
expansion. This expansion is accompanied by the 
generation of two counterpropagating acoustic 
waves with wave vectors, k,. = +(27/A)i. One can 
distinguish two density gratings: 1) a diffusive 
density grating, which reproduces the spatial 
distribution of temperature and which decays by 
thermal diffusion; and 2) an acoustic density grating 
originating from the standing acoustic wave and 
whose amplitude oscillates at the acoustic frequency 
Vac: 

The amplitudes of these two gratings are equal but 
of opposite sign. Consequently, the time dependence 
of the modulation amplitude of the density phase 
grating is given by 





An,(t) = ( BQ + av )o( = Je [10a] 
pC, dp 
with 
R@) = 1 — cos(2 7,1) X exp(— a, -U.t) [10b] 


where p, 6,C,, and a@,, are the density, the volume 
expansion coefficient, the heat capacity, and the 
acoustic attenuation constant of the medium, 
respectively, O is the amount of heat deposited 
during the photoinduced process, and AV is the 
corresponding volume change. As the standing 
acoustic wave oscillates, its corresponding density 
grating interferes with the diffusive density grating. 
Therefore, the total modulation amplitude of the 
density and thus Ang exhibits the oscillation at vu,,. 
Figure 5 shows the time profile of the diffracted 
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Figure 5 Time profile of the diffracted intensity measured with a 
solution of malachite green after excitation with two pulses with 
close to counterpropagating geometry. 
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intensity measured with a solution of malachite 
green. After excitation to the S, state, this dye 
relaxes nonradiatively to the ground state in a few 
ps. For this measurement, the sample solution was 
excited with two 30ps laser pulses at 532nm 
crossed with an angle close to 180°. The continu- 
ous line is the best fit of eqns [9] and [10]. The 
damping of the oscillation is due to acoustic 
attenuation. After complete damping, the remain- 
ing diffracted signal is due to the diffusive density 
grating only. 

R(t) can be considered as the response function of 
the sample to a prompt heat release and/or volume 
change. If these processes are not instantaneous 
compared to an acoustic period (7,,=v;), the 
acoustic waves are not created impulsively and the 
time dependence of Ang is 


An,(t) = (2 + av)o( 3 Jew [11a] 
pC, dp 
with 
A 
FQ) = I. Rat — 2)-f(t)dd’ [11b] 


where f(t) is a normalized function describing the 
time evolution of the temperature and/or volume 
change. In many cases, f(¢) = exp(—k,t), k, being 
the rate constant of the process responsible for the 
change. Figure 6 shows the time profile of the 
diffracted intensity calculated with eqns [9] and [11] 
for different values of k,. 

If several processes take place, the total change of 
refractive index is the sum of the changes due to the 
individual processes. In this case, Any should be 
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Figure 6 Time profiles of the diffracted intensity calculated 
using eqns [9] and [11] with various k, values. 


expressed as 


An,(t) = > ( oe + avi)o( 5 \ne [12] 





The separation of the thermal and volume contri- 
butions to the diffracted signal is problematic. 
Several approaches have been proposed, the most 
used being the measurement in a series of solvents 
with different expansion coefficient 8. This method 
requires that the other solvent properties like 
refractive index, dielectric constant, or viscosity, are 
constant or that the energetics of the system 
investigated does not depend on them. This separa- 
tion is easier when working with water because its B 
value vanishes at 4°C. At this temperature, the 
density variations are due to the volume changes only. 

The above equations describe the growth of the 
density phase grating. However, this grating is not 
permanent and decays through diffusive processes. 
The phase grating originating from thermal expan- 
sion decays via thermal diffusion with a rate constant 
ky, given by 


Qn \* 
ky, = Du(=7) [13] 


where D,, is the thermal diffusivity. Table 1 shows k,,, 
values in acetonitrile for different crossing angles. 
The decay of the phase grating originating from 
volume changes depends on the dynamics of the 
population responsible for AV (vide infra). 


Time resolved optical calorimetry 

A major application of the density phase grating in 
chemistry is the investigation of the energetics of 
photo-induced processes. The great advantage of 
this technique over other optical calorimetric 
methods, like the thermal lens or the photoacoustic 
spectroscopy, is its superior time resolution. The 
time constant of the fastest heat releasing process 
that can be time resolved with this technique is of 
the order of the acoustic period. The shortest 
acoustic period is achieved when forming the 
grating with two counterpropagating pump pulses 
(26,, = 180°). In this case the fringe spacing is 


Table 1 Fringe spacing, A, acoustic frequency, vz, thermal 
diffusion rate constant, k;,, for various crossing angles of the pump 
pulses, 2 6,,, at 355 nm and in acetonitrile 





2 boy A (um) Vac(S *) kn (8 *) 
0.5° 40.7 3.2 x 10” 4.7 x 10° 
50° 0.42 3.1 x 10° 4.5 x10" 
180° 0.13 9.7 x 10° 4.7 x 108 
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A = Xp,/2n and, with UV pump pulses, an acoustic 
period of the order of 100 ps can be obtained in a 
typical organic solvent. 

For example, Figure 7a shows the energy 
diagram for a photoinduced electron transfer (ET) 
reaction between benzophenone (BP) and an elec- 
tron donor (D) in a polar solvent. Upon excitation 
at 355nm, 'BP* undergoes intersystem-crossing 
(ISC) to 3BP* with a time constant of about 10 ps. 
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Figure 7 (a) Energy diagram of the states involved in the photo- 


induced electron transfer reaction between benzophenone (BP) 
and an electron donor (D) (VR: vibrational relaxation, ISC: 
intersystem crossing; ET: electron transfer; REC: charge 
recombination). (b) Time profile of the diffracted intensity 
measured at 590 nm after excitation at 355 nm of a solution of 
BP and 0.05 M D. (c) Same as (b) but measured at 1064 nm witha 
cw laser. 


After diffusional encounter with the electron donor, 
ET takes place and a pair of ions is generated. With 
this system, the whole energy of the 355 nm photon 
(E = 3.49 eV) is converted into heat. The different 
heat releasing processes can be differentiated 
according to their timescale. The vibrational relax- 
ation to 'BP* and the ensuing ISC to *BP* induces 
an ultrafast release of 0.49 eV as heat. With donor 
concentrations of the order of 0.1.M, the heat 
deposition process due to the electron transfer is 
typically in the ns range. Finally, the recombination 
of the ions produces a heat release in the 
microsecond timescale. Figure 7b shows the time 
profile of the diffracted intensity measured after 
excitation at 355nm of BP with 0.05MD in 
acetonitrile. The 30 ps pump pulses were crossed 
at 27° (t,- = 565 ps) and the 10 ps probe pulses 
were at 590 nm. The oscillatory behavior is due to 
the ultrafast heat released upon formation of *BP*, 
while the slow dc rise is caused by the heat 
dissipated upon ET. As the amount of energy 
released in the ultrafast process is known, the 
energy released upon ET can be determined by 
comparing the amplitudes of the fast and slow 
components of the time profile. The energetics as 
well as the dynamics of the photoinduced ET 
process can thus be determined. Figure 7c shows 
the decay of the diffracted intensity due to the 
washing out of the grating by thermal diffusion. As 
both the acoustic frequency and the thermal 
diffusion depends on the grating wavevector, the 
experimental time window in which a heat releasing 
process can be measured, depends mainly on the 
crossing angle of the pump pulses as shown in 
Table 1. 


Determination of material properties 

Another important application of the transient 
density phase grating technique is the investigation 
of material properties. Acoustics waves of various 
frequencies, depending on the pump wavelength and 
crossing angle, can be generated without physical 
contact with the sample. Therefore, acoustic proper- 
ties, such as the speed of sound and the acoustic 
attenuation of the material, can be easily obtained 
from the frequency and the damping of the oscillation 
of the transient grating signal. 

Similarly, the optoelastic constant of a material, 
pdn/dp, can be determined from the amplitude of 
the signal (see eqn [11]). This is done by comp- 
aring the signal amplitude of the material under 
investigation with that obtained with a known 
standard. 

Finally, the thermal diffusivity, D,,,, can be easily 
obtained from the decay of the thermal density 
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We're going to build the simplest version of this circuit variation in order to 
understand how each component interacts and as a proof of concept. 


There are three simple systems at work in the circuit that are composed of 
capacitors, which store energy, and diodes that direct it. 


Energy in the band of radio waves, among others, will vibrate a wire antenna on an 
atomic level, sending a discernible signal to its lead. This signal will then meet the 
junction between two ceramic capacitors wired in series. This junction will force 
positive charge from the wave to travel in one direction and negative charge in the 
other direction which, when collected again, makes the signal uniform and polar. 
Connecting the two capacitors in series creates leads on each end; the now 
positively charged side of one and the now negatively charged side of the other 
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phase grating, such as that shown in Figure 7c. 
This technique can be used with a large variety 
of bulk materials as well as films, surfaces and 
interfaces. 


Investigation of Population Dynamics 


The dynamic properties of a photogenerated species 
can be investigated by using a probe wavelength 
within its absorption or dispersion spectrum. As 
shown by eqn [4], either AA or An, has to be different 
from zero. For this application, Ang and Ang should 
ideally be equal to zero. Unless working with 
ultrashort pulses (< 1 ps) and a weakly absorbing 
sample, Anx can be neglected. Practically, it is almost 
impossible to find a sample system for which some 
fraction of the energy absorbed as light is not released 
as heat. However, by using a sufficiently small 
crossing angle of the pump pulses, the formation of 
the density phase grating, which depends on the 
acoustic period, can take as much as 30 to 40 ns. 
In this case, Ang is negligible during the first few ns 
after excitation and the diffracted intensity is due to 
the population grating only: 


Taig ®) 2 DAC?) [14] 


where AC; is the modulation amplitude of the 
concentration of every species i whose absorption 
and/or dispersion spectrum overlaps with the probe 
wavelength. 

The temporal variation of AC; can be due either 
to the dynamics of the species i in the illuminated 
grating fringes or to processes taking place between 
the fringes, such as translational diffusion, exci- 
tation transport, and charge diffusion. In liquids, 
the decay of the population grating by translational 
diffusion is slow and occurs in the microsecond to 
millisecond timescale, depending on the fringe 
spacing. As thermal diffusion is typically hundred 
times faster, eqn [14] is again valid in this long 
timescale. Therefore if the population dynamics is 
very slow, the translational diffusion coefficient of a 
chemical species can be obtained by measuring the 
decay of the diffracted intensity as a function of the 
fringe spacing. This procedure has also been used to 
determine the temperature of flames. In this case 
however, the decay of the population grating by 
translational diffusion occurs typically in the sub-ns 
timescale. 

In the condensed phase, these interfringe processes 
are of minor importance when measuring the 
diffracted intensity in the short timescale, i.e., before 
the formation of the density phase grating. In this 


case, the transient grating technique is similar to 
transient absorption, and it thus allows the measure- 
ment of population dynamics. However, because 
holographic detection is background free, it is at 
least a hundred times more sensitive than transient 
absorption. 

The population gratings are usually probed with 
monochromatic laser pulses. This procedure is well 
suited for simple photoinduced processes, such as 
the decay of an excited state population to the 
ground state. For example, Figure 8 shows the 
decay of the diffracted intensity at 532 nm 
measured after excitation of a cyanine dye at the 
same wavelength. These dynamics correspond to the 
ground state recovery of the dye by non-radiative 
deactivation of the first singlet excited state. Because 
the diffracted intensity is proportional to the square of 
the concentration changes (see eqn [14]), its decay 
time is twice as short as the ground state recovery 
time. If the reaction is more complex, or if several 
intermediates are involved, the population grating has 
to be probed at several wavelengths. Instead of 
repeating many single wavelength experiments, it is 
preferable to perform multiplex transient grating. In 
this case, the grating is probed by white light pulses 
generated by focusing high intensity fs or ps laser 
pulses in a dispersive medium. If the crossing angle of 
the pump pulses is small enough (< 1°), the Bragg 
angle for probing is almost independent on the 
wavelength. A transient grating spectrum is obtained 
by dispersing the diffracted signal in a spectrograph. 
This spectrum consists in the sum of the square of the 
transient absorption and transient dispersion spectra. 
Practically, it is very similar to a transient 
absorption spectrum, but with a much superior 
signal to noise ratio. Figure 9 shows the transient 
grating spectra measured at various time delays after 
excitation of a solution of chloranil (CA) and 
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Figure 8 Time profile of the diffracted intensity at 532nm 
measured after excitation at the same wavelength of a cyanine 
dye (inset) in solution and best fit assuming exponential ground 
state recovery. 
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Figure 9 Transient grating spectra obtained at various time 
delays after excitation at 355 nm of a solution of chloranil and 
0.25 M methylnaphthalene (a): from top to bottom: 60, 100, 180, 
260, 330 and 600 ps; (b): from top to bottom: 100, 400, 750, 1100, 
1500 ps). 


methylnaphthalene (MNA) in acetonitrile. The reac- 
tion that takes place is 


diffusion 


3CA*- MNA GCA*- MNA)—> 


3(CA~ - MNA*t) MSA, 3(CA7 - MNA‘) 
After its formation upon ultrafast ISC, 3CA*, which 
absorbs around 510 nm, decays upon ET with MNA 
to generate CA (450 nm) and MNA‘ (690 nm). The 
ion pair reacts further with a second MNA molecule 
to form the dimer cation (580 nm). 

The time profile of the diffracted intensity reflects 
the population dynamics as long as these populations 
follow first- or pseudo-first order kinetics. Higher 
order kinetics leads to inharmonic gratings and in this 
case the time dependence of the diffracted intensity is 
no longer a direct measure of the population 
dynamics. 


Polarization Selective Transient Grating 


In the above applications, the selection between the 
different contributions to the diffracted signal was 
essentially made by choosing the probe wavelength 
and the crossing angle of the pump pulses. 
However, this approach is not always sufficient. 


Another important parameter is the polarization of 
the four waves involved in a transient grating 
experiment. For example, when measuring popu- 
lation dynamics, the polarization of the probe 
beam has to be at magic angle (54.7°) relatively to 
that of the pump pulses. This ensures that the 
observed time profiles are not distorted by the 
decay of the orientational anisotropy of the species 
created by the polarized pump pulses. 

The magnitude of AA and An depends on the pump 
pulses intensity, and therefore the diffracted intensity 
can be expressed by using the formalism of nonlinear 
optics: 


+400 


Iyg@)=C} de I(t - t’) 
; 2 
x | dt'IRipi(t" = Alt [15] 


where C is a constant and Rj; is an element of the 
fourth rank tensor R describing the nonlinear 
response of the material to the applied optical fields. 
In isotropic media, this tensor has only 21 nonzero 
elements, which are related as follows: 


Raia = Riazz2 + Riai2 + Riazi [16] 
where the subscripts are the Cartesian coordinates. 
Going from right to left, they design the direction of 
polarization of the pump, probe, and signal pulses. 
The remaining elements can be obtained by permu- 
tation of these indices (Rj 122 Ro41 = +): 
In a conventional transient grating experiment, the 
two pump pulses are at the same frequency and are 
time coincident and therefore their indices can be 
interchanged. In this case, R424. = R221 and the 
number of independent tensor elements is further 
reduced: 





R4433 





Raia = Rayz2 + 2Ry212 [17] 


The tensor R can be decomposed into four tensors 
according to the origin of the sample response: 
population and density changes, electronic and 
nuclear optical Kerr effects: 


R = R(p) + R(d) + R(K, e) + R(K, 2) [18] 


As they describe different phenomena, these tensors 
do not have the same symmetry properties. There- 
fore, the various contributions to the diffracted 
intensity can, in some cases, be measured selectively 
by choosing the appropriate polarization of the four 
waves. 

Table 2 shows the relative amplitude of the most 
important elements of these four tensors. 
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The tensor R(p) depends on the polarization 
anisotropy of the sample, r, created by excitation 
with polarized pump pulses: 


N@®-Ni@® _ 2 
Ni) + 2N, (2) 5 





r(t) = P,[cos(y)]exp(—k, et) 


[19] 


where Nj, and N, are the number of molecules 
with the transition dipole oriented parallel and 
perpendicular to the polarization of the probe 
pulse, respectively, y is the angle between the 
transition dipoles involved in the pump and 
probe processes, P) is the second Legendre poly- 
nomial, and k,, is the rate constant for the reori- 
entation of the transition dipole, for example, by 
rotational diffusion of the molecule or by energy 
hopping. 

The table shows that Ry 1.(d)=0, i.e., the 
contribution of the density grating can be elimi- 
nated with the set of polarization (0°, 90°, 0°, 90°), 
the so-called crossed grating geometry. In this 
geometry, the two pump pulses have orthogonal 
polarization, the polarization of the probe pulse is 
parallel to that of one pump pulse and the 
polarization component of the signal that is 
orthogonal to the polarization of the probe pulse 
is measured. In this geometry, R1242(p) is nonzero as 
long as there is some polarization anisotropy, (r 4 
0). In this case, the diffracted intensity is 

Tap t) & IRyoi(p)l” oc [ACD XrOP [20] 
The crossed grating technique can thus be used to 
investigate the reorientational dynamics of mol- 
ecules, through r(t), especially when the dynamics 
of r is faster than that of AC. For example, 
Figure 10 shows the time profile of the diffracted 
intensity measured in the crossed grating geometry 
with rhodamine 6G in ethanol. The decay is due to 
the reorientation of the molecule by rotational 


Table 2 Relative value of the most important elements of the 
response tensors R(/) and polarization angle ¢ of the signal beam, 
where the contribution of the corresponding process vanishes for 
the set of polarization (¢, 45°, 0°, 0°). 





Process Ryytt Ry 122 Ryo12 ¢ 
Electronic OKE 1 1/3 1/3 —71.6° 
Nuclear OKE 1 —1/2 3/4 63.4° 
Density 1 1 0 — 45° 
Population: 

y=0° 1 1/3 1/3 —71.6° 
y= 90° 1 2 -1/2 — 26.6° 
No correlation: r= 0 1 1 0 — 45° 


diffusion, the excited lifetime of rhodamine being 
about 4 ns. 

On the other hand, if the decay of r is slower than 
that of AC, the crossed grating geometry can be 
used to measure the population dynamics without 
any interference from the density phase grating. 
For example, Figure 11 shows the time profile of 
the diffracted intensity after excitation of a suspen- 
sion of TiO, particles in water. The upper profile 
was measured with the set of polarization 
(0°, 0°, 0°, 0°) and thus reflects the time dependence 
of Ryy11(p) and Ry111(d). Riiii(p) is due to the 
trapped electron population, which decays by 
charge recombination, and R411;(d) is due to the 
heat dissipated upon both charge separation and 
recombination. The lower time profile was 
measured in the crossed grating geometry and thus 
reflects the time dependence of Ry4212 and in 
particular that of R440(p). 

Each contribution to the signal can be selectively 
eliminated by using the set of geometry (¢, 45°, 0°, 0°) 
where the value of the ‘magic angle’ ¢ for each 
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Figure 10 Time profile of the diffracted intensity measured 
with a solution of rhodamine 6G with crossed grating geometry. 
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Figure 11 Time profiles of the diffracted intensity after 


excitation at 355 nm of a suspension of TiOz particles in water 
and using different set of polarization of the four beams. 


82 CHEMICAL APPLICATIONS OF LASERS / Transient Holographic Grating Techniques in Chemical Dynamics 





contribution is listed in Table 2. This approach 
allows for example the nuclear and electronic 
contributions to the optical Kerr effect to be 
measured separately. 


Concluding Remarks 


The transient grating techniques offer a large 
variety of applications for investigating the 
dynamics of chemical processes. We have only 
discussed the cases where the pump pulses are time 
coincident and at the same wavelength. Excitation 
with pump pulses at different wavelengths results 
to a moving grating. The well-known CARS 
spectroscopy is such a moving grating technique. 
Finally, the three pulse photon echo can _ be 
considered as a special case of transient grating 
where the sample is excited by two pump pulses, 
which are at the same wavelength but are not 
time coincident. 


List of Units and Nomenclature 


concentration [mol L~'] 

heat capacity [JK -' kg *] 

sample thickness [m] 

thermal diffusivity [m7 s '] 

diffracted intensity [W m *] 

intensity of the probe pulse [W m7] 
intensity of a pump pulse [W m7] 
acoustic wavevector [m7] 

rate constant of a heat releasing process 
[s*] 

rate constant of reorientation [s '] 

rate constant of thermal diffusion [s_ '] 
attenuation constant 

refractive index 

complex refractive index 

number of molecule per unit volume 
[m~*] 

polarization anisotropy 

fourth rank response tensor [m* V*] 
speed of sound [ms ‘] 

volume [m>] 

acoustic attenuation constant [m7 '] 
cubic volume expansion coefficient [K~'] 
angle between transition dipoles 

fringe spacing [m] 

variation of refractive index due to density 
changes 

Any due to electrostriction 

variation of refractive index due to optical 
Kerr effect 

Ang due to volume changes 
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Any variation of refractive index due to popu- 
lation changes 

Ant, An, due to temperature changes 

Ax peak to null variation of the parameter x 

€ molar decadic absorption coefficient 
[cm L mol *] 

c angle of polarization of the diffracted 
signal 

n diffraction efficiency 

63 Bragg angle (angle of incidence of the 
probe pulse) 

Dou angle of incidence of a pump pulse 

pr probe wavelength [m] 

Nou pump wavelength [m] 

p density [kg m~°] 

Tae acoustic period [s] 

Vac acoustic frequency [s '] 
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cross-sectional area 10* times and dispersed the beam 
across it. The CPA technique makes it possible to use 
conventional laser amplifiers and to stay below the 
onset of nonlinear effects. 
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Introduction 


Coherence refers to the characteristic of a wave that 
indicates whether different parts of the wave oscillate 
in tandem, or in a definite phase relationship. In other 
words, it refers to the degree of confidence by which 
one can predict the amplitude and phase of a wave at 
a point, from the knowledge of these at another point 
at the same or a different instant of time. Emission 
from a thermal source, such as a light bulb, is a highly 
disordered process and the emitted light is incoherent. 
A well-stabilized laser source, on the other hand, 
generates light in a highly ordered manner and the 
emitted light is highly coherent. Incoherent and 
coherent light represent two extreme cases. While 
describing the phenomena of physical optics and 
diffraction theory, light is assumed to be perfectly 
coherent in both spatial as well as temporal senses, 
whereas in radiometry it is generally assumed to be 
incoherent. However, practical light sources and the 
fields generated by them are in between the two 
extremes and are termed as partially coherent sources 
and fields. The degree of order that exists in an optical 
field produced by a source of any kind may be 
described in terms of various correlation functions. 
These correlation functions are the basic theoretical 


See also 


Diffraction: Diffraction Gratings. Ultrafast Laser 
Techniques: Pulse Characterization Techniques. 


tools for the analyses of statistical properties of 
partially coherent light fields. 

Light fields generated from real physical sources 
fluctuate randomly to some extent. On a microscopic 
level quantum mechanical fluctuations produce ran- 
domness and on macroscopic level the randomness 
occurs as a consequence of these microscopic 
fluctuations, even in free space. In real physical 
sources, spontaneous emission causes random fluctu- 
ations and even in the case of lasers, spontaneous 
emission cannot be suppressed completely. In 
addition to spontaneous emission, there are many 
other processes that give rise to random fluctuations 
of light fields. Optical coherence theory was devel- 
oped to describe the random nature of light and it 
deals with the statistical similarity between light 
fluctuations at two (or more) space-time points. 

As mentioned earlier, in developing the theory 
of interference or diffraction, light is assumed to be 
perfectly coherent, or, in other words, it is taken to be 
monochromatic and sinusoidal for all times. This is, 
however, an idealization since the wave is obviously 
generated at some point of time by an atomic or 
molecular transition. Furthermore, a wavetrain gen- 
erated by such a transition is of a finite duration, 
which is related to the finite lifetime of the atomic or 
molecular levels involved in the transition. Thus, any 
wave emanating from a source is an ensemble of a 
large number of such wavetrains of finite duration, 
say 7,. A simplified visualization of such an ensemble 
is shown in Figure 1 where a wave is shown as a series 
of wavetrains of duration 7,. It is evident from the 
figure that the fields at time t and t+ At will have a 
definite phase relationship if At < 7, and will have no 
or negligible phase relationship when At > 7,. The 
time 7 is known as the coherence time of the 
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Field 


Time 
— .— 


Figure 1 Typical variation of the radiation field with time. The 
coherence time ~ 7p. 


radiation and the field is said to remain coherent for 
time ~ 7,. This property of waves is referred to as the 
time coherence or the temporal coherence and is 
related to the spectral purity of the radiation. If one 
obtains the spectrum of the wave shown in Figure 1 
by taking the Fourier transform of the time variation, 
it would have a width of Av around vp which is the 
frequency of the sinusoidal variation of individual 
wavetrains. The spectral width Av is related to the 
coherence time as 


Av~ 1/7, [1] 


For thermal sources such as a sodium lamp, 
T ~ 100 ps, whereas for a laser beam it could be as 
large as a few milliseconds. A related quantity is the 
coherence length /,, which is the distance covered by 
the wave in time t%, 


2 
c A 


Av AA [2] 


l= ct. ~ 





where Ag is the central wavelength (Ag = c/v) and 
AA is the wavelength spread corresponding to the 
spectral width Av. In a two-beam interference 
experiment (e.g., Michelson interferometer, 
Figure 2), the interfering beam derived from the 
same source will produce good interference fringes if 
the path difference between the two interfering beams 
is less than the coherence length of the radiation given 
out by the source. 

It must be added here that for the real fields, 
generated by innumerable atoms or molecules, the 
individual wavetrains have different lengths around 
an average value 7,. Furthermore, several wavetrains 
in general are propagating simultaneously, overlap- 
ping in space and time, to produce an ensemble whose 
properties are best understood in a statistical sense as 
we shall see in later sections. 

Another type of coherence associated with the 
fields is the space coherence or the spatial coherence, 
which is related to the size of the source of radiation. 
It is evident that when the source is an ideal point 
source, the field at any two points (within the 
coherence length) would have definite phase relation- 
ship. However, the field from a thermal source of 
finite area S can be thought as resultant of the fields 


M, 





Observation plane 


Figure 2 Michelson interferometer to study the temporal 
coherence of radiation from source S; M, and Mz are mirrors 
and BS is a 50%-—50% beamsplitter. 


from each point on the source. Since each point 
source would usually be independent of the other, the 
phase relationship between the fields at any two 
points would depend on their position and size of the 
source. It can be shown that two points will have a 
strong phase relationship if they lie within the solid 
angle AQ, from the source (Figure 3) such that 


~ % 


AQ S 


[3] 
Thus, on a plane R distance away from the source, 
one can define an area A, = R*AQ over which the 
field remains spatially coherent. This area A, is called 
the coherence area of the radiation and its square root 
is sometimes referred to as the transverse coherence 
length. It is trivial to show that 


2 
A, ~ —* [4] 
AQs 


where AQs is the solid angle subtended by the source 
on the plane at which the coherence area is defined. 
In Young’s double-hole experiment, if the two 
pinholes lie within the coherence area of the radiation 
from the primary source, good contrast in fringes 
would be observed. 

Combining the concepts of coherence length and 
the coherence area, one can define a coherence 
volume as V,=A,/,. For the wavefield from a 
thermal source, this volume represents that portion 
of the space in which the field is coherent and any 
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Figure 3 Spatial coherence and coherence area. 


interference produced using the radiation from points 
within this volume will produce fringes of good 
contrast. 


Mathematical Description 
of Coherence 


Analytical Field Representation 


Coherence properties associated with fields are best 
analyzed in terms of complex representation for 
optical fields. Let the real function V(r, t) represent 
the scalar field, which could be one of the transverse 
Cartesian components of the electric field associated 
with the electromagnetic wave. One can then define a 
complex analytical signal V(r, f) such that 


V(r.) = Re[ V(r, d)], 
(r, £) e[ V(r, £)] 15] 


Var, t) = I, V(r, ve 2™ dv 


where the spectrum V(r, v) is the Fourier transform 
of the scalar field V(r,t) and the spectrum for 
negative frequencies has been suppressed as it does 
not give any new information since V” (r, v) = 
V(r, —v). 

In general, the radiation from a quasi-monochro- 
matic thermal source fluctuates randomly as it is 
made of a large number of mutually independent 
contributions from individual atoms or molecules in 
the source. The field from such a source can be 
regarded as an ensemble of a large number of 
randomly different analytical signals such as V(r, £). 


In other words, V(r,t) is a typical member of an 
ensemble, which is the result of a random process 
representing the radiation from a quasi-monochro- 
matic source. This process is assumed to be stationary 
and ergodic so that the ensemble average is equal to 
the time average of a typical member of the ensemble 
and that the origin of time is unimportant. Thus, the 
quantities of interest in the theory of coherence are 
defined as time averages: 


ee 
(f()) = Lim aT [_, float [6] 


Mutual Coherence 


In order to define the mutual coherence, the key 
concept in the theory of coherence, we consider 
Young’s interference experiment, as shown in 
Figure 4, where the radiation from a broad source 
of size S is illuminating a screen with two pinholes 
P, and P,. The light emerging from the two 
pinholes produces interference, which is observed 
on another screen at a distance R from the first 
screen. The field at point P, due to the pinholes, 
would be K, V(r,,¢ — t,) and K, V(r, t — t)) respect- 
ively, where r; and r, define the positions of P; and 
P,, t; and t) are the times taken by the light to 
travel to P from P, and P,, and K; and K, are 
imaginary constants that depend on the geometry 
and size of the respective pinhole and its distance 
from the point P. Thus, the resultant field at point P 
would be given by 


Va, t) = K, V(r, ¢ — 4) + Ky Vo, t — th) [7] 


Since the optical periods are extremely small as 
compared to the response time of a detector, the 
detector placed at point P will record only the time- 
averaged intensity: 


I(P) =(V"(r, 4) V(r, 2) [8] 








Figure 4 Schematic of Young’s double-hole experiment. 
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where some constants have been ignored. With 
eqn [7], the intensity at point P would be given by 


I(P)=1, + +2Re{K, K30(r1,1,t-t),t-t)} 9] 


where I; and I, are the intensities at point P, 
respectively, due to radiations from pinholes P; and 
P, independently (defined as I;=(IK;V(r;,0)I")) and 


T(ry,12,t — t,t ~~ ty) = V(r1,12,7) 


=(V*(r,,0)Viy.t+9) [10] 


is the mutual coherence function of the fields at P, 
and P,, and it depends on the time difference 
T=t,—1t,, since the random process is assumed to 
be stationary. This function is also sometimes 
denoted by [,.(7). The function Tj(7) =T;,1;,7) 
defines the self-coherence of the light from the 
pinhole at P;, and |K;°T,(0) defines the intensity I; 
at point P, due to the light from pinhole P;. 


Degree of Coherence and the Visibility 
of Interference Fringes 


One can define a normalized form of the mutual 
coherence function, namely: 


Y12(7) = W102, 7) = P29) 
VP 1100) VP22(0) 
_ (Vi(r1, t) V(t, t+ T)) 
Kiva,,o2Ivan, 92)" 


which is called the complex degree of coherence. It 
can be shown that 0 S |y42(7)| S 1. The intensity at 
point P, given by eqn [9], can now be written as 


I(P) = I, + IL, + 2/1, 15 Re[y(r1, 12. 7)| 


Expressing y(r1,12, 7) as 








[11] 


[12] 


y@1.1, 7) = ly(ty,0, 7)| exp[ia(r), 12, 7) _ 2 mivg7| 
[13] 


where a(7,,72, 7) = argly(71,7%2, 7] + 2797, and vp is 
the mean frequency of the light, the intensity in eqn 
[12] can be written as 


I(P) = I, + I, + 2JLblyay,1, 0! 

x cos[a(ry, 12,7) — 277] [14] 
Now, if we assume that the source is quasi- 
monochromatic, i.e., its spectral width Av < w, 
the quantities rj,%%,7) and a(r,,1,7) vary 
slowly on the observation screen, and the inter- 
ference fringes are mainly obtained due to the 
cosine term. Thus, defining the visibility of fringes 


as Uv = (Umax ~ Tmin)/Umax le Imin)s we obtain 
2b)” 
Uv DSO 


15 
GEE [15] 


ly(r1,12, 7)| 


which shows that for maximum visibility, the two 
interfering fields must be completely coherent 
(ly(t1,f,7! = 1). On the other hand, if the fields 
are completely incoherent (ly(1,,1,7|= 0), no 
fringes are observed (Imax = Imin). The fields are said 
to be partially coherent when 0 < ly(rj,1,7)| < 1. 
When I, = b, the visibility is the same as | (11,1, 7)I. 
The relation in eqn [15] shows that in an interference 
experiment, one can obtain the modulus of the 
complex degree of coherence by measuring I, hb, 
and the visibility. Similarly, eqn [14] shows that from 
the measurement the positions of maxima, one can 
obtain the phase of the complex degree of coherence, 
O(r,,1>, 7). 


Temporal and Spatial Coherence 


If the source illuminating the pinholes is a point 
source of finite spectral width situated at point O, the 
fields at point P; and P, (Figure 4) at any given 
instant are the same and the mutual coherence 
function becomes 


Pu) =o... 9 = (V1, 0V01,t + 9) 


=(V"(y, DV, t+ 9) = Px(7) [16] 
The self-coherence, I'11(7), of the light from pinhole 
P,, is a direct measure of the temporal coherence of 
the source. On the other hand, if the source is of finite 
size and we observe the interference at point O which 
corresponds to t= 0, the mutual coherence function 
would be 


P(0) = Fay, 1,0) = (V(r, V (0, 0) = Jin -([17] 


which is called the mutual intensity and is a direct 
measure of the spatial coherence of the source. In 
general, however, the function I'}7(7) measures, for a 
source of finite size and spectral width, a combination 
of the temporal and spatial coherence, and in only 
some limiting cases, the two types of coherence can 
be separated. 


Spectral Representation of Mutual Coherence 


One can also analyze the correlation between two 
fields in the spectral domain. In particular, one can 
define the cross-spectral density function W(r1, 1, ”) 
which defines the correlation between the amplitudes 
of the spectral components of frequency v of the light 
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at the points P; and P,. Thus: 


W(r1,1, Y&(v — v') = (V4, DV(rp, v’)) [18] 


Using the generalized Wiener-Khintchine theorem, 
the cross-spectral density function can be shown to be 
the Fourier transform of the mutual coherence 
function: 


T(r,,12,7) = I, Wr1,%, Ye 27 dv [19] 


Wy.) = | Taym,9e""* dr [20] 
If the two points P; and P> coincide (i.e., there is only 
one pinhole), the cross-spectral density function 
reduces to the spectral density function of the light, 
which we denote by S(r, [= Wa,r, v)]. Thus, it 
follows from eqn [20] that the spectral density of light 
is the inverse Fourier transform of the self-coherence 
function. This leads to the Fourier transform spec- 
troscopy, as we shall see later. One can also define 
spectral degree of coherence at frequency v as 


W(11,02, v) 
VW1,11,) Wp, 12, ) 
W(r1,0, Vv) 


. VS(r41, v)S(r, Vv) 


It is easy to see that 0 S Iu(t),1, v)| < 1. It is also 
sometimes referred to as the complex degree of 
coherence at frequency v. It may be noted here that 
in the literature the notation G"-)(v) = G(y,,1m, y) 
has also been used for W(r, 1, v). 





wr, Y, v) = 








[21] 


Propagation of Coherence 


The van Cittert-Zernike Theorem 


Perfectly coherent waves propagate through diffrac- 
tion formulae, which have been discussed in this 
volume elsewhere. However, incoherent and partially 
coherent waves would evidently propagate somewhat 
differently. The earliest treatment of propagation 
noncoherent light is due to van Cittert, which was 
later generalized by Zernike to obtain what is now the 
van Cittert—Zernike theorem. The theorem deals 
with the correlations developed between fields at two 
points, which have been generated by a quasi- 
monochromatic and spatially incoherent planar 
source. Thus, as shown in Figure 5, we consider a 
quasi-monochromatic (Av< vp) planar source o, 
which has an intensity distribution I(r’) on its plane 
and is spatially incoherent, i.e., there is no correlation 
between the fields at any two points on the source. 


Py ity) 


P (ts) 





Figure 5 Geometry for the van Cittert—Zernike theorem. 


The field, due to this source, would develop finite 
correlations after propagation, and the theorem states 
that 


T)2(0) 


+ 0) = 
WU =" OT) 
=a J Ite’ 
= = [| x’ 
Jl@piy J Jo 





e2 TVy( Ry — Ry ie de! 
Ri Ro 


[22] 


where R; = Ir; — r’| and I(r) is the intensity at point 
P;. This relation is similar to the diffraction pattern 
produced at point P, due to a wave, with a spherical 
wavefront converging towards P) and with an 
amplitude distribution I(r’) when it is diffracted by 
an aperture of the same shape, size, and the intensity 
distribution as those of the incoherent source o. Thus, 
the theorem shows that a radiation, which was 
incoherent at the source, becomes partially coherent 
as it propagates. 


Generalized Propagation 


The expression e~*7'”%1/7R, can be interpreted as 
the field obtained at P; due to a point source located 
at the point r on the planar source. Thus, this 
expression is simply the point spread function of the 
homogeneous space between the source and the 
observation plane containing the points P; and P. 
Hopkins generalized this to include any linear 
optical system characterized by a point spread 
function h(r; — r’) and obtained the formula for the 
complex degree of coherence of a radiation emerging 
from an incoherent, quasi-monochromatic planar 
source after it has propagated through such a linear 
optical system: 


Y(r1,17,0) II Ta )h(r, —¥)h* (2 —')d?r' 


[23] 


1 
fT I) 


It would thus seem that the correlations propagate 
in much the same way, as does the field. Indeed, 
Wolf showed that the mutual correlation function 
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T'(r,,12,7) satisfies the wave equations: 
ia 
Vil1.1,.0=s>—1 (t=, 7 
11'(r1,12,7) ge ey 
24 
32 [24] 
—T(r11.1,7 
ae ( TeA2 ) 
where V? is the Laplacian with respect to the point r;. 
Here the first of eqns [24], for instance, gives the 
variation of the mutual coherence function with 
respect to r; and 7 for fixed rz. Further, the variable + 
is the time difference defined through the path 
difference, since 7=(R,—Ry,)/c, and the actual time 
does not affect the mutual coherence function (as the 
fields are assumed to be stationary). 
Using the relation in eqn [20], one can also obtain 
from eqn [24], the propagation equations for the 
cross-spectral density function W(r, 12, v): 


1 
V3 1.12,7) = ea 


ViW,.1, v) oe RP Wry,0, v) = 0 
[25] 
V5 Wr.0),0) +k? Wry,1, ») = 0 


where k = 271/c. 


Thompson and Wolf Experiment 


One of the most elegant experiments for studying 
various aspects of coherence theory was carried out 
by Thompson and Wolf by making slight modifi- 
cations in the Young’s double-hole experiment. The 
experimental set-up shown in Figure 6 consists of a 
quasi-monochromatic broad incoherent source S of 
diameter 2a. This was obtained by focusing filtered 
narrow band light from a mercury lamp (not shown 
in the figure) on to a hole of size 2a in an opaque 
screen A. A mask consisting of two pinholes, each of 
diameter 26 with their axes separated by a distance d, 
was placed symmetrically about the optical axis of 
the experimental setup at plane B between two lenses 
L, and Ly, each having focal length f. The source was 
at the front focal plane of the lens L, and the 
observations were made at the plane C at the back 
focus of the lens L7. The separation d was varied to 
study the spatial coherence function on the mask 





Figure 6 Schematic of the Thompson and Wolf experiment. 


plane by measuring the visibility and the phase of the 
fringes formed in plane C. 

Using the van Cittert-Zernike theorem, the com- 
plex degree of coherence at the pinholes P; and P; on 
the mask after the lens L, is 


j 2h) _. 2avad 
yi2= lyale'#e = HO ) with v-( A [26] 


for symmetrically placed pinholes about the optical 
axis. Here B,, is the phase of the complex degree of 
coherence and in this special case where the two holes 
are equidistant from the axis, 6, is either zero or 7, 
respectively, for positive or negative values of 
2J,(v)/v. Let us assume that the intensities at two 
pinholes P, and P, are equal. The interference pattern 
observed at the back focal plane of lens L is due to 
the superposition of the light diffracted from the 
pinholes. The beams are partially coherent with 
degree of coherence given by eqn [26]. Since the 
pinholes are symmetrically placed, the intensity due 
to either of the pinholes at a point P at the back focal 
plane of the lens L, is the same and is given by the 
Fraunhofer formula for diffraction from circular 
apertures, 1.e.: 





2. 
1(P)= IP) =| | , with u= = psin gd [27] 


and ¢ is the angle that the diffracted beam makes 
from normal to the plane of the pinholes. The 
intensity of the interference pattern produced at the 
back focal plane of the lens L; is: 


2 
cos(6+ aa) | [28] 


r= 210) 1+ PL 





where 6= dsin @ is the phase difference between the 
two beams reaching P from P; and P3. For the on-axis 
point O, the quantity 6 is zero. 

The maximum and minimum values of I(P) are 
given by 


Imax(P) = 21,(PL1 + 12,’ [29(a)] 


Imax(P) = 21,(PL1 — |2f,(v)/v* J [29(b)] 


Figure 7 shows an example of the observed fringe 
patterns obtained by Thompson (1958) in a sub- 
sequent experiment. 


Types of Fields 


As mentioned above, y (7) is a measure of the 
correlation of the complex field at any two points P, 


creates a two cell battery. jo watcag f w 


This next stage of the circuit takes a signal with a net value of zero, adds the 
absolute values of the positive and negative amplitudes with respect to the origin 
and produces a positive integer. This concept can be thought of as taking: 


(+1) + (-1) + (+1) + (-1) = 0 
and converting it to: 


| (+1) + (+1)] | = 2 
+ 

LET)? ED] = 2 
=4 


Isn't math fun? 


To each of these leads from our two capacitors in series, we will connect two crystal 
diodes, one facing each direction, to form what is called a bridge rectifier. A bridge 
rectifier is a configuration which will convert an alternating current to a direct one by 
cleverly rerouting the signal. 


By connecting the bridge rectifier as shown in the circuit diagram, this direct current 
from the diodes then charges the electrolytic capacitors. This stage normalizes the 
amplitude, making the current constant and usable. 


Components can easily be twisted together for testing and then soldered to a circuit 
board to secure. 


Add Tip Ask Question 
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—4 -3 -2 -1 
2a=90um 2a = 280um 2a = 480 pm 
lol = 0.703 nal = 0.132 lxol = 0.062 
Bip = 0 Bip = 7 Pig= 0 


Figure 7 Two beam interference patterns obtained by using partially coherent light. The wavelength of light used was 0.579 wm and 
the separation dof the pinholes in the screen at B was 0.5 cm. The figure shows the observed fringe pattern and the calculated intensity 
variation for three sizes of the secondary source. The dashed lines show the maximum and minimum intensity. The values of the 
diameter, 2a, of the source and the corresponding values of the magnitude, |y,.!, and the phase, 8,2, are also shown in each case. 
Reproduced with permission from Thompson BJ (1958) Illustration of phase change in two-beam interference with partially coherent 


light. Journal of the Optical Society of America 48: 95-97. 


and P, at specific time delay +7. Extending this 
definition, an optical field may be coherent or 
incoherent, if |-yj2(7)| = 1 or |y42(d| = 0, respectively, 
for all pairs of points in the field and for all time 
delays. In the following, we consider some specific 
cases of fields and their properties. 


Perfectly Coherent Fields 


A field would be termed as perfectly coherent or self- 
coherent at a fixed point, if it has the property that 
Iy(R, R, 7)| = 1 at some specific point R in the domain 
of the field for all values of time delay 7. It can also be 
shown that 7(R,R, 7) is periodic in time, i.e.: 


WR, R,7) =e 777 for wm >0 [30] 


For any other point r in the domain of the field, 
yR,r,7) and y(r,R,7) are also unimodular and also 
periodic in time. 

A perfectly coherent optical field at two fixed 
points has the property that | y(Ry, Rz, 7)| = 1 for any 


two fixed points R, and R, in the domain of the field 
for all values of time delay +. For such a field, it can be 
shown that y(Ry,R>, 7) = exp[i(B — 2797] with 
(> 0) and Bare real constants. Further, as a corollary, 
IW(Ry,R,,D|=1 and |ly(R2,R>o,7!|=1 for all 7, 
i.e, the field is self-coherent at each of the field 
points R, and R;, and 


y(R1,Ry,7) = y(Ro, Ro, 7) =exp(—2 717) for v9 > 0 


It can be shown that for any other point r’ within the 


field 
y(t, R, 7) = y(R1,R2,0) y(@,Ry, 7) = y(r,Ry, nee 
y(R1,R2,7)= y(R,,R>,0) exp[—2 717] 


A perfectly coherent optical field for all points in 
the domain of the field has the property that 
ly(r1,%,7)|=1 for all pairs of points r; and ry in the 
domain of the field, for all values of time delay +. 
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It can then be shown that (r1,1,7)= expf{ifa(r;)— 
a(r,)]—27ivpt}, where a(r') is real function of a 
single position r’ in the domain of the field. Further, 
the mutual coherence function I'(r,,1,7) for such a 
field has a factorized periodic form as 


Pry,12,7) = U1) U" (12) exp(—2 miv97) [32] 


which means the field is monochromatic with 
frequency vp and U(r) is any solution of the 
Helmholtz equation: 

V- U(r) + R6 U(r) = 0, 


ky =2t7/c [33] 


The spectral and cross-spectral densities of such fields 
are represented by Dirac 6-functions with their 
singularities at some positive frequency vg. Such 
fields, however, can never occur in nature. 


Quasi-Monochromatic Fields 


Optical fields are found in practice for which spectral 
spread Avis much smaller than the mean frequency 7. 
These are termed as quasi-monochromatic fields. The 
cross-spectral density W(r), 12, v) of the quasi-mono- 
chromatic fields attains an appreciable value only in 
the small region Ay, and falls to zero outside this 
region. 


Wt1,0,v)=0, ly-—vl>Av and Av<op [34] 


The mutual coherence function I'(r,,r),7) can be 
written as the Fourier transform of cross-spectral 
density function as 


Pen. 2* | Wr1.0,ve 77" dv [35] 
0 


If we limit our attention to small 7 such that Avl7l<1 
holds, the exponential factor inside the integral is 
approximately equal to unity and eqn [35] reduces to 


Tay.m,D= exp(—2ni77) | [Wy.m,Y]dv [36] 
0 


which gives 


T(r1,12,7) =U(ry,12,0) exp(—2 mp7) [37] 


Equation [37] describes the behavior of I'(r1,1,7) for 
a limited range of 7 values for quasi-monochromatic 
fields and in this range it behaves as a monochromatic 
field of frequency v. However, due to the factor 
T(t1,12,0), the quasi-monochromatic field may be 
coherent, partially coherent, or even incoherent. 


Cross-Spectrally Pure Fields 


The complex degree of coherence, if it can be factored 
into a product of a component dependent on spatial 


coordinates and a component dependent on time 
delay, is called reducible. In the case of perfectly 
coherent light, the complex degree of coherence is 
reducible, as we have seen above, e.g., in eqn [32], 
and in the case of quasi-monochromatic fields, this is 
reducible approximately as shown in eqn [37]. There 
also exists a very special case of a cross-spectrally 
pure field for which the complex degree of coherence 
is reducible. A field is called a cross-spectrally pure 
field if the normalized spectrum of the superimposed 
light is equal to the normalized spectrum of the 
component beams, a concept introduced by Mandel. 
In the space-frequency domain, the intensity inter- 
ference law is expressed as the so-called spectral 
interference law: 


Sa, v) = SPC, |) + 8? (r, v) 





+ | se. vy Sr, 0) fRetutes. ta, we oT] 
[38] 


where p(r1,1r2, v) is the spectral degree of coherence, 
defined in eqn [21] and Tis the relative time delay that 
is needed by the light from the pinholes to reach any 
point on the screen; S?(r, v) and S®(r, v) are the 
spectral densities of the light reaching P from the 
pinholes P; and P3, respectively (see Figure 4) and it is 
assumed that the spectral densities of the field at 
pinholes P; and P are the same [S(r1, v) = CS(1p, v)]. 
Now, if we consider a point for which the time delay 
is T), then it can be seen that the last term in eqn [38] 
would be independent of frequency, provided that 


Mr, 12, v) exp(—271r79) = f(t... To) [39] 


where f(r1,12, 79) is a function of r;, r, and 7) only 
and the light at this point would have the same 
spectral density as that at the pinholes. If a region 
exists around the specified point on the observation 
plane, such that the spectral distribution of the light 
in this region is of the same form as the spectral 
distribution of the light at the pinholes, the light at the 
pinholes is cross-spectrally pure light. 

In terms of the spectral distribution of the light 
S(r;,v) at pinhole P; and S(r, [= CS(r1,v)] at 
pinhole Pj, the mutual coherence function at the 
pinholes can be written as 


Ta31.5,7 = VE sin, V(r, ,%2, V) exp(—2mivadv 
[40] 


and using eqn [39], we get the very important con- 
dition for the field to be cross-spectrally pure, i.e.: 


(1,12, 7) = YO1.T2, 7) VO1.T1, 7 — To) [41] 
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The complex degree of coherence (11,1, 7) is thus 
expressible as the product of two factors: one factor 
characterizes the spatial coherence at the two pin- 
holes at time delay 7) and the other characterizes the 
temporal coherence at one of the pinholes. Equation 
[41] is known as the reduction formula for cross- 
spectrally pure light. It can further be shown that 


M(T1,12,V) = Y(C1,12, 7) exp(2mv7) [42] 
Thus, the absolute value of the spectral degree of 
coherence is the same for all frequencies and is equal 
to the absolute value of the degree of coherence for 
the point specified by 79. It has been shown that cross- 
spectrally pure light can be generated, for example, 
by linear filtering of light that emerges from the two 
pinholes in Young’s interference experiments. 


Types of Sources 


Primary Sources 


A primary source is a set of radiating atoms or 
molecules. In a primary source the randomness comes 
from true source fluctuations, i.e., from the spatial 
distributions of fluctuating charges and currents. Such 
a source gives rise to a fluctuating field. Let O(z, 2) 
represent the fluctuating source variable at any point 
r at time f¢, then the field generated by the source is 
represented by fluctuating field variable V(r, 2). The 
source is assumed to be localized in some finite 
domain such that O@,t)=0O at any time t>0 
outside the domain. Assuming that field variable 
Vat) and the source variable O(r,t) are scalar 
quantities, they are related by an inhomogeneous 
equation as 


2 


Vv’ Var, t) [43] 





J og Vit) = —400(,9) 


The mutual coherence functions of the source 
Po(t1,.%,7 = (Q*(),O(>,t+7)) and of the field 
Ty(1,0,7) =(V"(11,0V(r2,t+ 7) characterize the 
statistical similarity of the fluctuating quantities at 
the points r; and rj. Following eqn [20], one can 
define, respectively, the cross-spectral density func- 
tion of the source and the field as 


Wot, 12,0) = | Pot, ne?" dr 
- [44] 


co . 
Wv(t1,0, v) —_ | Ty(t1,%, Te aoe dr 
—oo 


The cross-spectral density functions of the source and 
of the field are related as 


(Vi +R Vi +R )Wy(ty. 02, ~) = 407 Wolti,. 22, Y) 


[45] 
The solution of eqn [45] is represented as 
ik(Ro— 
Worn. | I, Wot’ 1.02.) .— RR By, d?7’, 
[46] 


where Rj = Ir, —r’,| and R, = Ir) —r'y1 (see Figure 8). 
Using eqn [46], one can then obtain an expression 
for the spectrum at a point (rj =r) =r=ru) in the far 
field (r>>1',,r') of a source as 


S” (ru, v) = =|, ip Wolt's.1'2,e— ss ray, do, 


[47] 


where u is the unit vector along r. The integral in 
eqn [47], i.e., the quantity defined by 77S(ru, v), is 
also defined as the radiant intensity, which represents 
the rate of energy radiated at the frequency v from 
the source per unit solid angle in the direction of u. 


Secondary Sources 


Sources used in a laboratory are usually secondary 
planar sources. A secondary source is a field, which 
arises from the primary source in the region outside 
the domain of the primary sources. This kind of 
source is an aperture on an opaque screen illuminated 
either directly or via an optical system by primary 
sources. Let V(p,t) represent the fluctuating field in 
a secondary source plane o at z= 0 (Figure 9) and 
Wo(p1,P2,) represent its cross-spectral density 
(the subscript 0 refers to z = 0). One can then solve 
eqn [25] to obtain the propagation of the cross- 
spectral density from this planar source. For two 
points P; and P, located at distances which are large 
compared to wavelength, the cross-spectral density is 





Py 


Figure 8 Geometry of a 3-dimensional primary source S and 
the radiation from it. 
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Figure 9 Geometry of a planar source o and the radiation 
from it. 


then given by 


k 2 
W(r,0,”) = (=) iN |, Wo(p1; P2, ) 


elk(Ra-Ri) 


x Ee 6', cos 6'5 d*p, dp» 


[48] 


where R; = Ir; — pl, (= 1,2), 0’; and 6’, are the 
angles that R,; and R, directions make with the z-axis 
(Figure 9). Using eqn [48], one can then obtain an 
expression for the spectrum at a point (rt) =r = 
r = ru) in the far field (r >> pj, pz) of a planar source 
as 


k? cos* 6 
a | | Wo(P1, 2.) 


x ets -(1-P2) G2 5, dp» 


S° (ru, v) = 


[49] 


where u, is the projection of the unit vector u on the 
plane o of the source. 


Schell-Model Sources 


In the framework of coherence theory in space-time 
domain, two-dimensional planar model sources of 
this kind were first discussed by Schell. Later, the 
model was adopted for formulation of coherence 
theory in space—frequency domain. Schell-model 
sources are the sources whose degree of spectral 
coherence wa(r1,12, Y) (for either primary or second- 
ary source) is stationary in space. It means that 
a(t1,12, V) depends on r; and r, only through the 
difference ry — ry, i.e., of the form: 


Ma(11,12, v) = Ma(t2 — 11, v) [50] 


for each frequency v present in the source spectrum. 
Here A stands for field variables V, in the case of a 


Schell-model secondary source and for source vari- 
ables O, in the case of a Schell-model primary source. 
The cross-spectral density function of a Schell-model 
source is of the form: 


Walti.t2, % = [Say YI 1S aro, YN? walt — 81, Y) 
[51] 


where S,(r, v) is the spectral density of the light at a 
typical point in the primary source or on the plane of 
a secondary source. Schell model sources do not 
assume low coherence, and therefore, can be applied 
to spatially stationary light fields of any state of 
coherence. The Schell-model of the form given in 
eqn [51] has been used to represent both three- 
dimensional primary sources and two-dimensional 
secondary sources. 


Quasi-Homogeneous Sources 


Useful models of partially coherent sources that are 
frequently encountered in nature or in the laboratory 
are the so-called quasi-homogeneous sources. These 
are an important sub-class of Schell-model sources. 
A Schell-model source is called quasi-homogeneous if 
the intensity of a Schell model source is essentially 
constant over any coherence area. Under these 
approximations, the cross-spectral density function 
for a quasi-homogeneous source is given by 


Wati.t2, ») = S441 +12), Y]mata — 11,7) 


= Salr, vlwa(r’, v) [52] 
where r = (r; + r)/2, and rf =r, — r,. The subscript 
A stands for either V or O for the field variable or a 
source variable, respectively. It is clear that for a 
quasi-homogeneous source the spectral density 
S,(t,v) varies so slowly with position that it is 
approximately constant over distances across the 
sources that are of the order of the correlation length 
A, which is a measure of the effective width of 
lugar, v)|. Therefore, S,(r,v) is a slowly varying 
function of r (Figure 10b) and |w,(’,v)| is a fast 
varying function of r’ (Figure 10a). In addition, the 
linear dimensions of the source are large compared 
with the wavelength of light and with the correlation 
length A (Figure 10c). 

Quasi-homogeneous sources are always spatially 
incoherent in the ‘global’ sense, because their linear 
dimensions are large compared with the correlation 
length. This model is very good for representing two- 
dimensional secondary sources with sufficiently low 
coherence such that the intensity does not vary over 
the coherence area on the input plane. It has also 
been applied to three-dimensional primary sources, 


94 COHERENCE / Overview 





(rv) 
ry 


Ha (tv) 








o 
o 
"¥ 


Wir, + Pa) 


Area of coherence 





(c) 


Figure 10 Concept of quasi-homogeneous sources. 


three-dimensional scattering potentials, and two- 
dimensional primary and secondary sources. 


Equivalence Theorems 


The study of partially coherent sources led to the 
formulations of a number of equivalence theorems, 
which show that sources of any state of coherence can 
produce the same distribution of the radiant intensity 
as a fully spatially coherent laser source. These 
theorems provide conditions under which sources of 
different spatial distribution of spectral density and of 
different state of coherence will generate fields, which 
have the same radiant intensity. It has been shown, by 
taking examples of Gaussian—Schell model sources, 
that sources of completely different coherence proper- 
ties and different spectral distributions across the 
source generate identical distribution of radiant 
intensity. Experimental verifications of the results of 
these theorems have also been carried out. For further 
details on this subject, the reader is referred to 
Mandel and Wolf (1995). 


Correlation-Induced Spectral 
Changes 
It was assumed that spectrum is an intrinsic property 


of light that does not change as the radiation 
propagates in free-space, until studies on partially 


coherent sources and radiations from them in 1980s, 
revealed that this was true only for specific type of 
sources. It was discovered on general grounds that the 
spectrum of light, which originates in an extended 
source, either a primary source or a secondary source, 
depends not only on the source spectrum but also on 
the spatial coherence properties of the source. It was 
also predicted theoretically by Wolf that the spectrum 
of light would, in general, be different from the 
spectrum of the source, and be different at different 
points in space on propagation in free space. 

For a quasi-homogeneous planar secondary source 
defined by eqn [52], whose normalized spectrum is 
the same at each source point, one can write the 
spectral density as 


Sop. ») = Ip(p)go) with I, ed 24 153] 


where Ip(p) is the intensity of light at point p on the 
plane of the source, go(v) is the normalized spectrum 
of the source and the subscript 0 refers to the 
quantities of the source plane. Using eqn [49], one 
can obtain an expression for the far-field spectrum 
due to this source as 


k* cos” 0 
S? (ni) == I v e 
(ra) = S| | msormo(o'. 
x @ iRUL 1 ~P2) dp, dp» [54] 
Noting that p= (p; +p2)/2 and p! = p2 — p,, one 
can transform the variables of the integration and 
obtain after some manipulation: 


2 2: 
seu, = KS Proteus, ng) [55] 
(2771) 
where 
fg(ku,.» = | puo(p', ve RP Pp [56] 
and 
t= | Iy(p)d*p [57] 


Equation [55] shows that the spectrum of the field in 
the far-zone depends on the coherence properties of 
the source through its spectral degree of coherence 
Lo(p’, v) and on the normalized source spectrum 


Zor). 


Scaling Law 


The reason why coherence-induced spectral 
changes were not observed until recently is that the 
usual thermal sources employed in laboratories or 
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commonly encountered in nature have special coher- 
ence properties and the spectral degree of coherence 
has the function form: 


27Vv 





(Pp. — 1.) =f[k(p2—p)] with k= [58] 





which shows that the spectral degree of coherence 
depends only on the product of the frequency and 
space coordinates. This formula expresses the so- 
called scaling law, which was enunciated by Wolf. 
Commonly used sources satisfy this property. For 
example, the spectral degree of coherence of Lam- 
bertian sources and black-body sources can be shown 
to be 


sin(klp2 — p;!) 


59 
Eps = pil ma 


Bo(P2 — P1.Y)= 


This expression evidently satisfies the scaling law. If 
the spectral degree of coherence does not satisfy the 
scaling law, the normalized far-field spectrum will, in 
general, vary in different directions in the far-zone 
and will differ from the source spectrum. 


Spectral Changes in Young’s Interference 
Experiment 


Spectral changes in Young’s interference experiment 
with broadband light are not as well understood as in 
experiments with quasi-monochromatic, probably 
because in such experiments no interference fringes 
are formed. However, if one were to analyze the 
spectrum of the light in the region of superposition, 
one would observe changes in the spectrum of light in 
the region of superposition in the form of a shift in the 
spectrum for narrowband spectrum and spectral 
modulation for broadband light. One can readily 
derive an expression for the spectrum of light in the 
region of superposition. Let S“(P, v) be the spectral 
density of the light at P which would be obtained if 
the small aperture at P, alone was open; S”(P, v) has 
a similar meaning if only the aperture at P) was open 
(Figure 4). 

Let us assume, as is usually the case, that 
SP, v) ~ S(P, v) and let d be the distance between 
the two pinholes. Consider the spectral density at the 
point P, at distance x from the axis of symmetry in an 
observation plane located at distance of R from the 
plane containing the pinholes. Assuming that x/R < 
1, one can make the approximation R, — R, ~ xd/R. 
The spectral interference law (eqn [38]) can then be 
written as 


S(P, v) = 28(P, n{1 + |w(P, Po, »)| 


X cos[B(P1, Pz, v) + 2avxd/cR]} [60] 


where B(P,,P2, v) denotes the phase of the spectral 
degree of coherence. Equation [60] implies the two 
results: 


(i) at any fixed frequency »p, the spectral density varies 
sinusoidally with the distance x of the point from 
the axis, with the amplitude and the phase of the 
variation depending on the (generally complex) 
spectral degree of coherence p(P1, P2, v); and 

(ii) at any fixed point P in the observation plane the 
spectrum S(P, v) will, in general, differ from the 
spectrum §)(P, v), the change also depending on 
the spectral degree of coherence p(P, P>, v) of the 
light at the two pinholes. 


Experimental Confirmations 


Experimental tests of the theoretical prediction of 
spectral invariance and noninvariance due to corr- 
elation of fluctuations across the source were per- 
formed just after the theoretical predictions. Figure 11 
shows results of one such experiment in which 
spectrum changes in the Young’s experiment were 
studied. Several other experiments also reported 
confirmation of the source correlation-dependent 
spectral changes. One of the important applications 
of these observations has been to explain the 
discrepancies in the maintenance of the spectro- 
radiometric scales by national laboratories in differ- 
ent countries. These studies also have potential 
application in determining experimentally the spec- 
tral degree of coherence of partially coherent fields. 
The knowledge of spectral degree of coherence is 
often important in remote sensing, e.g., for determin- 
ing angular diameters of stars. 
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Figure 11 Correlation-induced changes in spectrum in Young’s 
interference. Dashed line represents the spectrum when only one 
of the slits is open, the continuous curve shows the spectrum 
when both the slits are open and the circles are the measured 
values in the latter case. Reproduced with permission from 
Santarsiero M and Gori F (1992) Spectral changes in Young 
interference pattern. Physics Letters 167: 123-128. 
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Applications of Optical Coherence 


Stellar Interferometry 


The Michelson stellar interferometer, named after 
Albert Michelson, was used to determine the angular 
diameters of stars and also the intensity distribution 
across the star. The method was devised by Michelson 
without using any concept of coherence, although 
subsequently the full theory of the method was 
developed on the basis of propagation of correlations. 
A schematic of the experiment is shown in Figure 12. 
The interferometer is mounted in front of a telescope, 
a reflecting telescope in this case. The light from a star 
is reflected from mirrors M, and M> and is directed 
towards the primary mirror (or the objective lens) of 
the telescope. The two beams thus collected super- 
pose in the focal plane F of telescope where an image 
crossed with fringes is formed. The outer mirrors M, 
and M> can be moved along the axis defined as 
M.iM3M4M> while the inner mirrors M3 and M4 
remain fixed. The fringe spacing depends on the 
position of mirrors M3 and My, and hence is fixed, 
while the visibility of the fringes depends on the 
separation of the mirrors M, and M, and hence, can 
be varied. Michelson showed that from the measure- 
ment of the variation of the visibility with the 
separation of the two mirrors, one could obtain 
information about the intensity distribution of the 
stars, which are rotationally symmetric. He also 
showed that if the stellar disk is circular and 
uniform, the visibility curve as a function of the 
separation d of the mirrors M, and Mp) will have 
zeros for certain values of d, and that the smallest of 
these d values for which zero occurs is given by dy = 
0.61A,/a, where a is the semi-angular diameter of 
the star and A, is the mean wavelength of the filtered 





Figure 12 Schematic of the Michelson stellar interferometer. 


quasi-monochromatic light from the star. Angular 
diameters of several stars down to 0.02 second of an 
arc were determined. 

From the standpoint of second-order coherence 
theory the principles of the method can be readily 
understood. The star is considered an incoherent 
source and according to the van Cittert—Zernike 
theorem, the light reaching the outer mirrors M, and 
M> of the interferometer will be partially coherent. 
This coherence would depend on the size of and the 
intensity distribution across the star. Let (x1, y,) and 
(x2,2) be the coordinates of the positions of the 
mirrors M, and Mb, respectively, and (é 7) the 
coordinates of a point on the surface plane of the 
star which is assumed to be at a very large 
(astronomical) distance R from the mirrors. The 
complex degree of coherence at the mirrors would 
then be given by eqn [22] which can now be written as 


i I(u, ve Raw AxtvAy) du du 
o 


yWAx, Ay, 0) = [61] 





| I(u,v)du dv 


where I(u,v) is the intensity distribution across the 
star disk o as a function of the angular coordinates 
u= &R, v= AR, Ax = x1 — x2, AV= 1 — 92, and 
k, = 27/d,, A, being the mean wavelength of the light 
from the star. Equation [61] shows that the equal- 
time (7 = 0) complex degree of coherence of the light 
incident at the outer mirrors of the interferometer is 
the normalized Fourier-transform of the intensity 
distribution across the stellar disk. Further, eqn [15] 
shows that the visibility of the interference fringes is 
the absolute value of y, if the intensity of the two 
interfering beams is equal, as in the present case. The 
phase of y can be determined by the position of the 
intensity maxima of the fringe pattern (eqn [14]). If 
one is interested in determining only the angular size 
of the star and the star is assumed to be a circularly 
symmetric disk of angular diameter 2a@ and of 
uniform intensity [I(u,v) is constant across the 
disk], then eqn [61] reduces to 


2), (v) 27a 
7 ane d, d=(Ax)?+(Ay)? 


[62] 


y(Ax, Ay) = 





The smallest separation of the mirrors for which 
the visibility y vanishes corresponds to v=3.832, 
i.e., dy=0.61A,/a, which is in agreement with 
Michelson’s result. 


Interference Spectroscopy 


Another contribution of Michelson, which was 
subsequently identified as an application of the 
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coherence theory, was the use of his interferometer 
(Figure 2) to determine the energy distribution in the 
spectral lines. The method he developed is capable to 
resolving spectral lines that are too narrow to be 
analyzed by the spectrometer. The visibility of the 
interference fringes depends on the energy distri- 
bution in the spectrum of the light and its measure- 
ment can give information about the spectral lines. In 
particular, if the energy distribution in a spectral line 
is symmetric about some frequency v, its profile is 
simply the Fourier transform of the visibility vari- 
ation as a function of the path difference between the 
two interfering beams. This method is the basis of 
interference spectroscopy or the Fourier transform 
spectroscopy. 

Within the framework of second-order coherence 
theory, if the mean intensity of the two beams in a 
Michelson’s interferometer is the same, then the 
visibility of the interference fringes in the observation 
plane is related to the complex degree of coherence of 
light at a point at the beamsplitter where the two 
beams superimpose (eqn [15]). The two quantities are 
related as v(7) = ly(7)| where y(7) = y(11,11, 7) is the 
complex degree of self-coherence at the point r; on 
the beamsplitter. Following eqn [19], y(7) can be 
represented by a Fourier integral as 


(7) = i s(v)exp(—i2av7)dv [63] 


where s(v) is the normalized spectral density of the 
light defined as s(v) = S(»)/ fo Sdv and S(v) = 
S(r1, Y) = W(r1,11, ) is the spectral density of the 
beam at the point r,. The method is usually applied to 
very narrow spectral lines for which one can assume 
that the peak that occurs at v, and y(7) can be 
represented as 


y(t) = ¥(Dexp(—27ir97T) with 


- aS [64] 
(9) = ie 5(wexp(—i2mur)dye 
where S(j) is the shifted spectrum such that 
S(u) =S% +p) w= —NM% 
= 0 LM <> Vo 
From the above one readily gets 
vy =lyal=] [su exp(-idmundyl [65] 





If the spectrum is symmetric about vp, then v(7) 
would be an even function of 7 and the Fourier 


inversion would give: 


foe) 


5() = s( + pw) = 2 I, v(t)cos(2ap7)dt [66] 


which can be used to calculate the spectral energy 
distribution for a symmetric spectrum about vp) from 
the visibility curve. However, for an asymmetric 
spectral distribution, the visibility and the phase of 
the complex degree of coherence must be determined 
as the Fourier transform of the shifted spectrum is no 
longer real everywhere. 


Higher-Order Coherence 


So far we have considered correlations of the 
fluctuating field variables at two space-time (r,t) 
points, as defined in eqn [10]. These are termed as 
second-order correlations. One can extend the con- 
cept of correlations to more than two space-time 
points, which will involve higher-order correlations. 
For example, one can define the space-time cross 
correlation function of order (M,N) of the random 
field V(r,t), represented by [™%), as an ensemble 
average of the product of the field V(r, t) values at N 
space-time points and V“(r,f) at other M points. In 
this notation, the mutual coherence function as 
defined in eqn [10] would now be I). Among 
higher-order correlations, the one with M = N = 2, is 
of practical significance and is called the fourth-order 
correlation function, [? (11, t),1,t;13,t3,14, t4). 
The theory of Gaussian random variables tells us 
that any higher correlation can be written in terms 
of second-order correlations over all permutations 
of pairs of points. In addition, if we assume that 
(r3,¢3) = (ry,t,) and (14,t4) = (m,t)), and that the 
field is stationary, then !'?” is called the intensity— 
intensity correlation and is given as 


Te (r,,15,6 —£)) 
=(V(r1,t1) Vra,t2) Vr 1) V" (tp, t2)) 
= (I(t1,t1)1(t2,t2)) 
=(1(r4,t))(a.t2) A+ ly P(r. -t)) [67] 
where 


PD (0, ,15,t — 1) 


7 [(1(r1,t1))]7 112, t2)) 1"? [68] 





11 
¥ (4,85, - 4) 


We now define fluctuations in intensity at (r;,t;) as 
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and then the correlation of intensity fluctuations 
becomes 


(AI, Al) = (I(r, ty I(r, ty)) = (ry st) Ito, ty)) 


= (T(r1,t1)){I(r>,t2)) | (1 1,t ‘= ty) |? 
[69] 


where we have used eqn [67]. Equation [69] forms the 
basis for intensity interferometry. 


Hanbury-Brown and Twiss Experiment 


In this landmark experiment conducted both on the 
laboratory scale and astronomical scale, Hanbury- 
Brown and Twiss demonstrated the existence of 
intensity—intensity correlations in terms of the 
correlations in the photocurrents in the two detectors 
and thus measured the squared modulus of complex 
degree of coherence. In the laboratory experiment, 
the arc of a mercury lamp was focused onto a circular 
hole to produce a secondary source. The light from 
this source was then divided equally into two parts 
through a beamsplitter. Each part was, respectively, 
detected by two photomultiplier tubes, which had 
identical square apertures in front. One of the tubes 
could be translated normally to the direction of 
propagation of light and was so positioned that its 
image through the splitter could be made to coincide 
with the other tube. Thus, by suitable translation a 
measured separation d between the two square 
apertures could be introduced. The output currents 
from the photomultiplier tubes were taken by cables 
of equal length to a correlator. In the path of each 
cable a high-pass filter was inserted, so that only the 
current fluctuations could be transmitted to the 
correlator. Thus, the normalized correlations between 
the two current fluctuations: 


(AJ, OAJa(0)) 
(An @P)  (tAL@P) 





Cd) = [70] 


as a function of detector separation d could be 
measured. Now when the detector response time is 
much larger than the time-scale of the fluctuations in 
intensity, then it can be shown that the correlations in 
the fluctuations of the photocurrent are proportional 
to the correlations of the fluctuations in intensity of 
the light being detected. Thus, we would have 

C(d) = Aly! (ry, 2, 0) [71] 
where 6 is the average number of photocounts of the 
light of one polarization during the time-scale of the 
fluctuations (for general thermal sources, this is much 


less than one). Equation [71] represents the Hanbury- 
Brown-Twiss effect. 


Stellar Intensity Interferometry 


Michelson stellar interferometry can resolve stars 
which have angular sizes of the order of 0.01”, since 
for smaller stars, the separation between the primary 
mirrors runs into several meters and maintaining 
stability of mirrors such that the optical paths do not 
change, even by fraction of a wavelength, is extremely 
difficult. The atmospheric turbulence further adds to 
this problem and obtaining stable fringe pattern 
becomes next to impossible for very small stars. 
Hanbury-Brown and Twiss applied the intensity 
interferometry based on their photoelectric corre- 
lation technique for determining the angular sizes of 
such stars. Two separate parabolic mirrors collected 
light from the star and the output of the photo- 
detectors placed at the focus of each mirror was sent 
to a correlator. The cable lengths were made unequal 
so as to compensate for the time difference of the 
light arrival at the two mirrors. The normalized 
correlation of the fluctuations of the photocurrents 
was determined as described above. This would give 
the variation of the modulus-squared degree of 
coherence as a function of the mirror separation d 
from which the angular size of the stars can be 
estimated. The advantage of the stellar intensity 
interferometer over the stellar (amplitude) interfe- 
rometer is that the light need not interfere as in the 
latter, since the photodetectors are mounted directly 
at the focus of the primary mirrors of the telescope. 
Thus, the constraint on the large path difference 
between the two beams is removed and large values of 
d can now be used. Moreover, the atmosphere 
turbulence and the mirror movements have very 
small effect. Stellar angular diameters as small as 
0.0004” of arc with resolution of 0.00003” could be 
measured by such interferometers. 
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Introduction 


Optical imaging systems are strongly affected by the 
coherence of the light that illuminates the object of 
interest. In many cases, the light is approximately 
coherent or incoherent. These approximations lead to 
simple mathematical models for the image formation 
process and allow straightforward analysis and 
design of such systems. When the light is partially 
coherent, the mathematical models are more compli- 
cated and system analysis and design is more difficult. 
Partially coherent illumination is often used in 
microscopy, machine vision, and optical lithography. 
The intent of this article is to provide the reader with 
a basic understanding of the effects of coherence on 
imaging. The information should enable the reader to 
recognize when coherence effects are present in an 
imaging system and give insight into when coherence 
can be modified to improve imaging performance. 
The material relies mostly on concepts drawn from 
the Fourier optics perspective of imaging and a 
rigorous coherence theory treatment is avoided. We 
encourage the reader to consult the Further Reading 
list at the end of this article, for more complete 
definitions of terms for coherence theory. A number 
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of experimental results highlight the effects of 
spatial coherence of the illumination on image 
formation. Discussions of the role of coherence in 
such key applications are interspersed throughout 
the article. 


Image Formation - Ideal and Optimal 


An image is typically defined as the reproduction or 
likeness of the form of an object. An image that is 
indistinguishable from the original object is generally 
considered to be ideal. In a general context, the sound 
of a voice coming from a loudspeaker can be thought 
of as the image of the sound coming directly from the 
original speaker’s mouth. In optical imaging, the ideal 
image replicates the light emanating from the object. 
Taken to the extreme, the ideal image replicates the 
light leaving the object in terms of intensity, 
wavelength, polarization, and even coherence. 
When the final image is viewed by the eye, the ideal 
image only needs to replicate the spatial distribution 
of the light leaving the object in terms of color and 
relative intensity at each point on the object. (In this 
article, intensity is defined as optical power per unit 
area (watts per meter squared).) 

A general diagram of a direct view image formation 
system is shown in Figure 1. The condenser optics 
gathers light from a primary source and illuminates a 
transmissive object having a complex wave amplitude 


Step 3: Test.and. Optimize Your,Circuit 
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transmission of O(x, y). The imaging optics produce 
an optical image that is viewed directly by the viewer. 
A growing number of image formation systems now 
include a solid-state image detector as shown in 
Figure 2. The raw intensity optical image is converted 
to an electronic signal that can be digitally processed 
and then displayed on a monitor. In this system, the 
spatial intensity distribution emanating from the 
monitor is the final image. The task of the optical 
system to the left of the detector is to gather spatial 
information about the light properties of the object. 
In fact, the information gathered by the detector 
includes information about the object, the illumina- 
tion system, and the image formation optics. If the 
observer is only interested in the light transmission 
properties of the object, the effects of the illumination 
and image formation optics must be well understood. 
When the light illuminating the object is known to be 
coherent or incoherent, reasonably simple models for 
the overall image formation process can be used. 
More general, partially coherent illumination can 
produce optically formed images that differ greatly 


Light Mumination Object Imaging Human 
source optics transparency optics observer 
Figure 1 Direct view optical system. Imaging optics conveys the 


light from an illuminated object directly to the human viewer. 
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Figure 2 Indirect view optical system. The raw intensity optical 
image is detected electronically, processed and a final image is 
presented to the human observer on a display device. 


from the intensity pattern leaving the object. Seen 
from this perspective, partially coherent illumination 
is an undesirable property that creates nonideal 
images and complicates the image analysis. 

The ideal image as described above is not 
necessarily the optimum image for a particular task. 
Consider the case of object recognition when the 
object has low optical contrast. Using the above 
definition, an ideal image would mimic the low 
contrast and render recognition difficult. An image 
formation system that alters the contrast to improve 
the recognition task would be better than the 
so-called ideal image. The image formation system 
that maximized the appropriate performance metric 
for a particular recognition task would be considered 
optimal. In optimizing the indirect imaging system of 
Figure 2, the designer can adjust the illumination, the 
imaging optics, and the post-detection processing. 
In fact, research microscopes often include an 
adjustment that modifies illumination coherence 
and often alters the image contrast. Darkfield and 
phase contrast imaging microscopes usually employ 
partially coherent illumination combined with pupil 
modification to view otherwise invisible objects. Seen 
from this perspective, partially coherent illumination 
is a desirable property that provides more degrees of 
freedom to the imaging system designer. Quite often, 
partially coherent imaging systems provide a com- 
promise between the performance of coherent and 
incoherent systems. 


Elementary Coherence Concepts 


Most readers are somewhat familiar with the concept 
of temporal coherence. In Figure 3, a Michelson 
interferometer splits light from a point source into 
two paths and recombines the beams to form 
interference fringes. The presence of interference 
fringes indicates that the wave amplitude fluctuations 
of the two beams are highly correlated so the light 
adds in wave amplitude. If the optical path difference 
between the two paths can be made large without 
reducing the fringe contrast, the light is said to be 
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Figure 3. The presence of high contrast fringes in a Michelson 
interferometer indicates high temporal coherence. 


COHERENCE / Coherence and Imaging 101 





Narrowband 
point 
source 


(a) 


point 
source 


(b) 





(c} 


: | 
ee <i 





Intensity 





Distance 


Intensity 


Distance 


Intensity 


Distance 


Figure 4 A Young’s two pinhole interferometer produces: (a) a uniform high contrast fringe pattern for light that is highly spatially 
and temporally coherent; (b) high contrast fringes only near the axis for low temporal coherence and high spatial coherence light; and 
(c) no fringe pattern for high temporal coherence, low spatial coherence light. 


highly temporally coherent. Light from very narrow- 
band lasers can maintain coherence over very large 
optical path differences. Light from broadband light 
sources requires very small optical path differences to 
add in wave amplitude. 

Spatial coherence is a measure of the ability of two 
separate points ina field to interfere. The Young’s two 
pinhole experiment in Figure 4 measures the cohe- 
rence between two points sampled by the pinhole 
mask. Only a one-dimensional pinhole mask is shown 
for simplicity. Figure 4a shows an expanded laser 
beam illuminating two spatially separated pinholes 
and recombining to form an intensity fringe pattern. 
The high contrast of the fringe indicates that the wave 
amplitude of the light from the two pinholes is highly 
correlated. Figure 4b shows a broadband point source 
expanded in a similar fashion. The fringe contrast is 
high near the axis because the optical path difference 
between the two beams is zero on the axis and 
relatively low near the axis. For points far from the 
axes, the fringe pattern disappears because the low 
temporal coherence from the broadband source 
results in a loss in correlation of the wave amplitudes. 

A final Young’s experiment example in Figure 4c 
shows that highly temporally coherent light can be 
spatially incoherent. In the figure, the light illuminat- 
ing the two pinholes comes from two separate and 


highly temporally coherent lasers that are designed to 
have the same center frequency. Since the light from 
the lasers is not synchronized in phase, any fringes 
that might form for an instant will move rapidly and 
average to a uniform intensity pattern over the 
integration time of a typical detector. Since the fringe 
contrast is zero over a practical integration time, the 
light at the two pinholes is effectively spatially 
incoherent. 


Two-point Imaging 


In a typical partially coherent imaging experiment 
we need to know how light from two pinholes adds 
at the optical image plane, as shown in Figure 5. 
Diffraction and system aberrations cause the image 
of a single point to spread so that the images of two 
spatially separated object points overlap in the 
image plane. The wave amplitude image of a single 
pinhole is called the coherent point spread function 
(CPSF). Since the CPSF is compact, two CPSFs will 
only overlap when the corresponding object points 
are closely spaced. When the two points are 
sufficiently close, the relevant optical path differ- 
ences will be small so full temporal coherence can be 
assumed. Spatial coherence will be the critical factor 
in determining how to add the responses to pairs of 
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point images. We assume full temporal coherence in 
the subsequent analyses and the light is said to be 
quasimonochromatic. 


Coherent Two-Point Imaging 


Consider imaging a two-point object illuminated by a 
spatially coherent plane wave produced from a point 
source, as depicted in Figure 6a. In the figure, the 
imaging system is assumed to be space-invariant. This 
means that the spatial distribution of the CPSF is 
the same regardless of position of the input pinhole. 
The CPSF in the figure is broad enough such that the 
image plane point responses overlap for this particu- 
lar pinhole spacing. Since the wave amplitudes from 
the two pinholes are correlated, the point responses 
add in wave amplitude, resulting in a two-point 
image intensity given by 


Lycon(X) = Iplh(x — x) tIglh(x— x) [1] 


where h(x) is the normalized CPSF and Ip is a scaling 
factor that determines the absolute image intensity 
value. Since the CPSF has units of wave amplitude, 
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Figure 5 Imaging of two points. The object plane illumination 
coherence determines how the light adds in the region of overlap 
of the two image plane points. 
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Imaging of two points for (a) spatially coherent illumination and (b) spatially incoherent imaging. 


the magnitude squaring operation accounts for the 
square law response of the image plane detector. 

More generally, the image intensity for an arbitrary 
object distribution can be found by breaking the 
object into a number of points and adding the CPSFs 
due to each point on the object. The resultant image 
plane intensity is the spatial convolution of the 
object amplitude transmittance with the CPSF and 
is given by 


Tegn() = i | O(é)h(é — xdé 


where O(x) is the object amplitude transmittance. 


2 
[2] 





Incoherent Two-Point Imaging 


Two pinhole imaging with spatially incoherent light is 
shown in Figure 6b, where a spatially extended 
blackbody radiator is placed directly behind the 
pinholes. Once again the imaging optics are assumed 
to be space-invariant and have the same CPSF as the 
system in Figure 6a. Since the radiation is originating 
from two completely different physical points on the 
source, no correlation is expected between the wave 
amplitude of the light leaving the pinholes and the 
light is said to be spatially incoherent. The resultant 
image intensity corresponding to the two pinhole 
object with equal amplitude transmittance values is 
calculated by adding the individual intensity 
responses to give 


Toinc(x) = Iplb(xe — x4)? + Iglb(e — xy)? — [3] 


For more general object distributions, the image 
intensity is the convolution of the object intensity 
transmittance with the incoherent PSE, and is given by 
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where the intensity transmittance is the squared 
magnitude of the amplitude transmittance and the 
incoherent PSF is the squared magnitude of the CPSF. 


Partially Coherent Two-Point Imaging 


Finally we consider two pinhole imaging illuminated 
by partially spatially coherent light. Now the two- 
point responses do not add simply in amplitude or 
intensity. Rather, the image intensity is given by the 
more general equation: 





Typ-(x) = Io [lh(x x1)* + lb(x — x2)I? 


+ 2Re{ w(x; x2)b(x — xy)h"(x — x2)}] [5] 
where the * denotes complex conjugations and 
p(x13x2) is the normalized form of the mutual 
intensity of the object illumination evaluated at the 
object points in question. The mutual intensity 
function is often denoted as Jo(x,;x) and is a 
measure of the cross correlation of the wave 
amplitude distributions leaving the two pinholes. 
Rather than providing a rigorous definition, we note 
that the magnitude of Jo(x,;x.) corresponds to the 
fringe contrast that would be produced if the two 
object pinholes were placed at the input of a Young’s 
interference experiment. The phase is related to the 
relative spatial shift of the fringe pattern. When the 
light is uncorrelated, Jo(x1;x2.) = 0 and eqn [5] 
collapses to the incoherent limit of eqn [4]. 
When the light is coherent, Jo(x,;x.)=1 and 
eqn [5] reduces to the coherent form of eqn [2]. 

Image formation for a general object distribution is 
given by the bilinear equation: 


Ine) = Tp Eetore-Are- 6) 


x I (& — &)d& d& [6] 


Note that, in general, ](x;x2) must be evaluated for 
all pairs of object points. Close examination of this 
equation reveals that just as a linear system can be 
evaluated by considering all possible single point 


responses, a bilinear system requires consideration of 
all possible pairs of points. This behavior is much 
more complicated and does not allow the application 
of the well-developed linear system theory. 


Source Distribution and Object 
IIiumination Coherence 


According to eqn [6], the mutual intensity of all pairs 
of points at the object plane must be known, to 
calculate a partially coherent image. Consider the 
telecentric Kohler illumination imaging system 
shown in Figure 7. The primary source is considered 
to be spatially incoherent and illuminates the object 
after passing through lens L1 located one focal 
distance away from the source and one focal distance 
away from the object. Even though the primary 
source is spatially incoherent, the illumination at 
the object plane is partially coherent. The explicit 
mutual intensity function corresponding to the 
object plane illumination is given by applying the 
van Cittert Zernike theorem: 

Jo(Ax) = | S(€) expli2mAxé/AFldé (71 
where S(x) is the intensity distribution of the 
spatially incoherent primary source, F is the focal 
length of the lens, A is the illumination wavelength, 
and Ax = x,— x). The van Cittert Zernike theorem 
reflects a Fourier transform relationship between the 
source image intensity distribution and the mutual 
intensity at the object plane. When the source plane is 
effectively spatially incoherent, the object plane 
mutual intensity is only a function of separation 
distance. For a two-dimensional object, the mutual 
intensity needs to be characterized for all pairs of 
unique spacings in x and y. In Figure 7, the lens 
arrangement ensures that the object plane is located 
in the far field of the primary source plane. In fact, the 
van Cittert Zernike theorem applies more generally, 
even in the Fresnel propagation regime, as long as the 
standard paraxial approximation for optics is valid. 
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Figure 7 A telecentric Kohler illumination system with a spatially incoherent primary source imaged onto the pupil. 
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Figure 8 Light propages from the source plane to the object plane and produces (a) coherent illumination from a single source point; 
(b) incoherent illumination from an infinite extent source; and (c) partially coherent illumination from a finite extent primary source. 


Figure 8 shows some simple examples of primary 
source distributions and the corresponding object 
plane mutual intensity function. Figure 8a assumes an 
infinitesimal point source and the corresponding 
mutual intensity is 1.0 for all possible pairs of object 
points. Figure 8b assumes an infinite extent primary 
source and results in a dirac delta function for the 
mutual intensity function. This means that there is no 
correlation between any two object points having a 
separation greater than zero so the object plane 
illumination is spatially incoherent. In Figure 5c, a 
finite extent uniform source gives a mutual intensity 
function of the form sin(a7Ax)/(aAx). The finite- 
sized source corresponds to partially coherent 
imaging and shows that the response to pairs of 
points is affected by the spatial distribution of the 
source in a complicated way. Note that a large 
primary source corresponds to a large range of 
angular illumination at the object plane. 

Varying the size of the source in the imaging system 
of Figure 8 will affect the spatial coherence of the 
illumination and hence the optical image intensity. 
Many textbook treatments discuss the imaging of two 
points separated by the Rayleigh resolution criterion 
which corresponds to the case where the first 
minimum of one point image coincides with the 
maximum of the adjacent point image. With a large 
source that provides effectively incoherent light, the 
two point image has a modest dip in intensity 
between the two points, as shown in Figure 9a. 
Fully coherent illumination of two points separated 
by the Rayleigh resolution produces a single large 
spot with no dip in intensity, as shown in Figure 9b. 


Varying the source size and hence the illumination 
spatial coherence produces a dip that is less than the 
incoherent intensity dip. This result is often used to 
suggest that coherent imaging gives poorer resolution 
than incoherent imaging. In fact, generalizations 
about two-point resolution can be misleading. 

Recent developments in optical lithography have 
shown that coherence can be used to effectively 
increase two-point resolution beyond traditional 
diffraction limits. In Figure 9c, one of the pinholes 
in a coherent two-point imaging experiment has been 
modified with a phase shift corresponding to one half 
of a wavelength of the illuminating light. The two 
images add in wave amplitude and the phase shift 
creates a distinct null at the image plane and 
effectively enhances the two-point resolution. This 
approach is termed phase screen lithography and has 
been exploited to produce finer features in lithogra- 
phy by purposely introducing small phase shift masks 
at the object mask. In practice, the temporal and 
spatial coherence of the light is engineered to give 
sufficient coherence to take advantage of the two- 
point enhancement while maintaining sufficient 
incoherence to avoid speckle-like artifacts associated 
with coherent light. 


Spatial Frequency Modeling of 
Imaging 


Spatial frequency models of image formation are also 
useful in understanding how coherence affects image 
formation. A spatially coherent imaging system has a 
particularly simple spatial frequency model. In the 
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Figure 9 Comparison of coherent and two point imaging of two pinholes separated by the Rayleigh distance. (a) Coherent image 
cannot resolve the two points. (b) Incoherent image barely resolves the two points. (c) Coherent illumination with a phase shifting plate at 


one pinhole produces a null between the two image points. 
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Figure 10 The object Fourier transform is filtered by the pupil function in a coherent imaging system. 


spatially coherent imaging system shown in Figure 10, 
the on-axis plane wave illumination projects the 
spatial Fourier transform of the object, or Fraunhofer 
pattern, onto the pupil plane of the imaging system. 
The pupil acts as a frequency domain filter that can be 
modified to perform spatial frequency filtering. The 
complex transmittance of the pupil is the wave 
amplitude spatial frequency transfer function of the 
imaging system. It follows that the image plane wave 
amplitude frequency spectrum, U,(f,), is given by 


Uf.) = O fH) [8] 


where O(f,) is the spatial Fourier transform of the 
object amplitude transmittance function and H(f,) is 


proportional to the pupil plane amplitude transmit- 
tance. Equation [8] is the frequency domain version 
of the convolution representation given by eqn [2], 
but does not account for the squared magnitude 
response of the detector. 

In the previous section, we learned that an infinite 
extent source is necessary to achieve fully incoherent 
imaging for the imaging system of Figure 7. As a 
thought experiment, one can start with a single point 
source on the axis and keep adding mutually 
incoherent source points to build up from a coherent 
imaging system to an incoherent imaging system. 
Since the individual source points are assumed to be 
incoherent with each other, the images from each 
point source can be added in intensity. In Figure 11, 
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Figure 11 A second source point projects a second object Fourier transform onto the pupil plane. The images produced by the two 


source points add in intensity at the image plane. 


only two point sources are shown. Each point source 
projects an object Fraunhofer pattern onto the pupil 
plane. The centered point source will result in the 
familiar coherent image. The off-axis point source 
projects a displaced object Fraunhofer pattern that is 
also filtered by the pupil plane before forming an 
image of the object. The image formed from this 
second point source can be modeled with the same 
coherent imaging model with a shifted pupil plane 
filter. Since the light from the two source points is 
uncorrelated, the final image is calculated by adding 
the intensities of the two coherently formed images. 

The two source point model of Figure 11 can be 
generalized to an arbitrary number of source points. 
The final image is an intensity superposition of a 
number of coherent images. This suggests that 
partially coherent imaging systems behave as a 
number of redundant coherent imaging systems, 
each having a slightly different amplitude spatial 
frequency transfer function due to the relative shift of 
the pupil filter with respect to the object Fraunhofer 
pattern. As the number of point sources is increased 
to infinity, the primary source approaches an infinite 
extent spatially incoherent source. In practice, the 
source need not be infinite. When the source is large 
enough to effectively produce linear-in-intensity 
imaging, the imaging system is effectively spatially 
incoherent. The corresponding image intensity in the 
spatial frequency domain, I,,,.(f,), is given by 


Tins Fa) = Topi (f)OTF( fe) [9] 


where Lglhs is the spatial Fourier transform of the 
object intensity transmittance and OTF(f,) is the 
incoherent optical transfer function which is pro- 
portional to the spatial autocorrelation of the pupil 
function. 

Many texts include detailed discussions comparing 
the coherent transfer function and the OTF and 
attempt to make comparisons about the relative 
performance of coherent and incoherent systems. 


These comparisons are often misleading since one 
transfer function describes the wave amplitude spatial 
frequency transfer function and the other describes 
the intensity spatial frequency transfer function. Here 
we note that incoherent imaging systems do indeed 
allow higher object amplitude spatial frequencies to 
participate in the image formation process. This 
argument is often used to support the claim that 
incoherent systems have higher resolution. However, 
both systems have the same image intensity spatial 
frequency cutoff. Furthermore, the nature of the 
coherent transfer function tends to produce high 
contrast images that are typically interpreted as 
higher-resolution images than their incoherent 
counterparts. Perhaps the real conclusion is that 
the term resolution is not well defined and direct 
comparisons between coherent and incoherent 
imaging must be treated carefully. 

The frequency domain treatment for partially 
coherent imaging of two-dimensional objects 
involves a four-dimensional spatial frequency transfer 
function that is sometimes called the bilinear transfer 
function or the transmission cross-coefficient model. 
This model describes how constituent object wave 
amplitude spatial frequencies interact to form image 
plane intensity frequencies. The utility of this 
approach to analysis is limited for someone new to 
the field, but is often used in numerical simulations of 
partially coherent imaging systems used in optical 
lithography. 


Experimental Examples of Important 
Coherence Imaging Phenomena 


Perhaps the best way to gain an understanding of 
coherence phenomena in imaging is to examine 
experimental results. In the following section we use 
experimental data to see how coherence affects edge 
response, noise immunity, and depth of field. Several 
experimental configurations were used to collect 
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the image data, but all of the systems can be 
represented generically by the Kohler illumination 
system shown in Figure 12. Kohler illumination is 
often employed in many projection illumination 
systems. In order to obtain Kohler illumination, the 
primary spatially incoherent source is imaged onto 
the pupil plane of the imaging portion of the system 
and the object is placed at the pupil plane of the 
condenser optics. 


Primary Source Generation 


Figure 13 shows a highly coherent illumination 
system produced by focusing a laser beam to a 
point and imaging the focused spot onto the pupil of 
the imaging system to produce spatially coherent 
illumination. The use of a laser produces highly 
temporally coherent light. 

Two methods were used to create an extended 
spatially incoherent primary source with control over 
the spatial intensity distribution. Figure 14a shows 
a collimated laser beam with a 633 nm center 
wavelength illuminating a rotating diffuser. A photo- 
graphically produced mask defines the spatial shape 
of the primary source. The laser provides highly 
temporally coherent light and the diffuser destroys the 
spatial coherence of the light. Consider the thought 
experiment of two pinholes placed immediately to 
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Figure 12 General representation of the Kohler illumination 
imaging systems used in the experimental result section. The 
primary incoherent source is imaged onto the imaging system 
pupil plane and the object resides in the pupil of the condenser 
optics. 


Condenser 
optics 


Object Imaging 


optics 





Figure 13 Highly spatially and temporally coherent illumination 
produced by imaging a focused laser beam into the imaging 
system pupil. 
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Figure 14 Two methods for generating a spatially incoherent 
primary source. (a) An expanded laser beam passes through a 
moving diffuser followed by a mask to define the extent and shape 
of the source. (b) A broadband source exits a multifiber lightguide 
and propagates to a moving diffuser followed by a source mask. 


the right of the moving diffuser. Without the diffuser, 
the two wave amplitudes would be highly correlated. 
Assuming that the diffuser can be modeled as a 
spatially random phase plate, a fixed diffuser would 
only introduce a fixed phase difference between the 
amplitudes leaving the two pinholes and would not 
destroy the coherence. When the diffuser is rotated, 
the light from each pinhole encounters a different 
phase modulation that is changing over time. This 
random modulation destroys the effective correlation 
between the wave amplitude of the light leaving the 
two pinholes provided that the rotation speed is 
sufficiently fast. 

The moving diffuser method is light inefficient but 
is a practical way of exploring coherence in imaging 
in a laboratory environment. The choice of the 
diffuser is critical. The diffuser should spread light 
out uniformly over an angular subtense that overfills 
the object of interest. Many commercially available 
diffusers tend to pass too much light in the straight 
through direction. Engineered diffusers can be pur- 
chased to produce an optimally diffused beam. When 
quick and inexpensive results are required, thin 
plastic sheets used in day-to-day packaging often 
serve as excellent diffusers. When the diffusion angles 
are not high enough, a number of these plastic sheets 
can be layered on top of each other to achieve the 
appropriate angular spread. 

The second method for producing a spatially 
incoherent source is shown in Figure 14b. Broadband 
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light is delivered through a large multifiber lightguide 
and illuminates a moving diffuser. The main purpose 
of the diffuser is to ensure that the entire object is 
illuminated uniformly. The low temporal coherence 
of the source and the long propagation distances are 
usually enough to destroy any spatial coherence at the 
plane of the diffuser. The rotation further ensures that 
no residual spatial coherence exists at the primary 
source plane. A chromatic filter centered around 
600 nm, with a spectral width of approximately 
100 nm, is shown in the light path. The filter was 
used to minimize the effects of chromatic aberrations 
in the system. The wide spectral width certainly 
qualifies as a broadband source in relation to a laser. 
High-contrast photographically defined apertures 
determine the spatial intensity distribution at the 
plane of the primary source. In the following results, 
the primary source distributions were restricted to 
circular sources of varying sizes as well as annular 








(b) 


Figure 15 High temporal coherence imaging with disk sources 
corresponding to (a) extremely high spatial coherence (K = 0.05) 
and (b) slightly reduced but high spatial coherence (K = 0.1). 


sources. These shapes are representative of most of 
the sources employed in microscopy, machine vision, 
and optical lithography. 


Noise Immunity 


Coherent imaging systems are notorious for introdu- 
cing speckle-like noise artifacts at the image. Dust 
and optically rough surfaces within an optical system 
result in a complicated textured image plane intensity 
distribution that is often called speckle noise. We refer 
to such effects as coherent artifact noise. 
shows the image of a standard binary target as 
imaged by a benchtop imaging system, with the 
highly coherent illumination method shown in 
. Some care was taken to clean individual 
lenses and optical surfaces within the system and 
no dust was purposely introduced. The image is 
corrupted by a complicated texture that is due in 





(b) 


Figure 16 High spatial coherence disk illumination (K = 0.1) 
imaging through a dust covered surface with (a) narrowband laser 
illumination and (b) with broadband illumination. 
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part to imperfections in the laser beam itself and in 
part to unwanted dust and optically rough surfaces. 
Certainly, better imaging performance can be 
obtained with more attention to surface cleanliness 
and laser beam filtering, but the result shows that it 
can be difficult to produce high-quality coherent 
images in a laboratory setting. 

Lower temporal coherence and lower spatial 
coherence will reduce the effect of speckle noise. 
The image of was obtained with laser 
illumination according to with a source 
mask corresponding to a source to pupil diameter 
ratio of K = 0.1. The object plane illumination is still 
highly temporally coherent and the spatial coherence 
has been reduced but is still very high. The artifact 
noise has been nearly eliminated by the modest redu- 
ction of spatial coherence. The presence of diagonal 
fringes in some regions is a result of multiple 
reflections produced by the cover glass in front of 


(a) 


(c) 


the CCD detector. The reflections produce a weak 
secondary image that is slightly displaced from the 
main image and the high temporal coherence allows 
the two images to interfere. 

The noise performance was intentionally per- 
turbed in the image of by inserting a 
slide with a modest sprinkling of dust at an optical 
surface in between the object and the pupil plane. 
The illumination conditions are the same as for the 
image of . The introduction of the dust 
has further degraded the image. The image of 

maintains the same spatial coherence 

(K = 0.1) but employs the broadband source. The 
lower temporal coherence eliminates the unwanted 
diagonal fringes but the speckle noise produced by 
the dust pattern does not improve significantly 
relative to the laser illumination K = 0.1 system. 
show that increasing the source size 

(and hence the range of angular illumination) reduces 





Figure 17 Low temporal coherence imaging through a dust-covered surface with various source sizes and shapes: (a) disk source 
with K = 0.3; (b) disk source with K = 0.7; (c) disk source with K = 2.0; and (d) a thin annular source with an outer diameter 
corresponding to K = 0.5 and inner diameter corresponding to K = 0.45. 
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Figure 18 Slices of edge intensity images of high contrast 
edges taken by a laboratory system with low temporal coherence 
and (a) high spatial coherence (disk source with K = 0.1) and 
(b) effectively incoherent (disk source with K = 2). 


the spatial coherence and virtually eliminates the 
unwanted speckle pattern. Finally, Figure 17d shows 
that an annular source can also provide some noise 
immunity. The amount of noise immunity is related to 
the total area of the source rather than the outer 
diameter of annular source. Seen from the spatial 
frequency model, each source point produces a noise- 
corrupted coherent image. Since the effect of the noise 
is different for each coherent image, the image plane 
noise averages out as the images add incoherently. 
This perspective suggests that an extended source 
provides redundancy in the transfer of object infor- 
mation to the image plane. 


Edge Response 


Spatial coherence has a strong impact on the images 
of edges. The sharp spatial frequency cutoff of 


spatially coherent imaging systems creates oscil- 
lations at the images of an edge. Figure 18 shows 
slices of experimentally gathered edge imagery as a 
function of the ratio of source diameter to pupil 
diameter. Higher coherence systems produce sharper 
edges, but tend to have overshoots. The sharper 
edges contribute to the sense that high-coherence 
systems produce higher-resolution images. One 
advantage to an incoherent imaging system is that 
the exact location of the edge corresponds to the 50% 
intensity location. The exact location of an edge in a 
partially coherent imaging system is not as easily 
determined. The presence or lack of edge ringing 
can be used to assess whether a given imaging 
system can be modeled as spatially incoherent or 
partially coherent. 


Depth of Field 


Coherent imaging systems exhibit an apparent 
increase in depth-of-field compared to spatially 
incoherent systems. Figure 19 shows spatially 
incoherent imagery for four different focus positions. 
Figure 20 shows imagery with the same amount of 
defocus produced with highly spatially coherent 
light. Finally, Figure 21 gives an example of how 
defocused imagery depends on the illumination 
coherence. The images of a spoke target were all 
gathered with a fixed amount of defocus and the 
source size was varied to control the illumination 
coherence. The images of Figure 21 differ greatly, 
even though the CPSF was the same for all the cases. 


Digital Post-detection Processing 
and Partial Coherence 


The model of Figure 2 suggests that post-detection 
image processing can be considered as part of the 
image formation system. Such a general view can 
result in imaging that might be otherwise 
unobtainable by classical means. In fact, microsco- 
pists routinely use complicated deblurring methods 
to reconstruct out-of-focus imagery and build up 
three-dimensional images from multiple image slices. 

The coherence of the illumination should be 
considered when undertaking such image restoration. 
Rigorous restoration of partially coherent imagery is 
computationally intensive and requires precise 
knowledge of the coherence. In practice, a linear-in- 
intensity model for the image formation is almost 
always used in developing image restoration algo- 
rithms. Even nonlinear restoration algorithms have 
built-in linear assumptions about the image forma- 
tion models which imply spatially incoherent 
illumination. 
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(c) 


Figure 19 Spatially incoherent imaging for (a) best focus, (b) moderate misfocus, and (c) high misfocus. 


The images of and b are digitally 
restored versions of the images of and 
. The point spread function was directly 
measured and used to create a linear restoration filter 
that presumed spatially incoherent illumination. The 
restored image in is faithful since the 
assumption of spatially incoherent light was reason- 
able. The restored image of suffers from a 
loss in fidelity since the actual illumination coherence 
was relatively high. The image is visually pleasing and 
correctly conveys the presence of three bar targets. 
However, the width of the bars is not faithful to the 
original target which had spacings equal to the widths 
of the bars. 

As discussed earlier, the ideal image is not always 
the optimal image for a given task. In general, 
restoration of partially coherent imaging with an 
implicit spatially incoherent imaging model will 
produce visually pleasing images that are not 
necessarily faithful to the object plane intensity. 


While they are not faithful, they often preserve and 
even enhance edge information and the overall image 
may appear sharper than the incoherent image. 
When end task performance is improved, the image 
may be considered to be more optimal than the ideal 
image. It is important to keep in mind that some of 
the spatial information may be misleading and a 
more complete understanding of the coherence may 
be needed for precise image plane measurements. 
This warning is relevant in microscopy where the 
user is often encouraged to increase image contrast 
by reducing illumination spatial coherence. Annular 
sources can produce highly complicated spatial 
coherence functions that will strongly impact the 
restoration of such images. 


Summary and Discussion 


The coherence of the illumination at the object plane 
is important in understanding image formation. 
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(c) 


Figure 20 High spatial coherence disk source (K = 0.2) imaging for (a) best focus, (b) moderate misfocus, and (c) high misfocus. 


Highly coherent imaging systems produce high- 
contrast images with high depth of field and provide 
the opportunity for sophisticated manipulation of the 
image with frequency plane filtering. Darkfield 
imaging and phase contrast imaging are examples of 
frequency plane filtering. Unfortunately, coherent 
systems are sensitive to optical noise and are generally 
avoided in practical system design. Relaxing the 
temporal coherence of the illumination can provide 
some improvement, but reducing the spatial cohe- 
rence is more powerful in combating noise artifacts. 
Research microscopes, machine vision systems, and 
optical lithography systems are the most prominent 
examples of partially coherent imaging systems. 
These systems typically employ adjustable spatially 
incoherent extended sources in the shapes of disks 
or annuli. The exact shape and size of the primary 
source, shapes the angular extent of the illumination 
at the object plane and determines the spatial 
coherence at the object plane. Spatial coherence 


effects can be significant, even for broadband light. 
Control over the object plane spatial coherence 
allows the designer to find a tradeoff between the 
various strengths and weaknesses of coherent and 
incoherent imaging systems. 

As more imaging systems employ post-detection 
processing, there is an opportunity to design 
fundamentally different systems that effectively split 
the image formation process into a physical portion 
and a post-detection portion. The simple example of 
image deblurring cited in this article shows that object 
plane coherence can affect the nature of the digitally 
restored image. The final image can be best under- 
stood when the illumination coherence effects are well 
understood. The spatially incoherent case results in 
the most straightforward model for image interpret- 
ation, but is not always the best choice since the 
coherence can often be manipulated to increase the 
contrast and hence the amount of useful information 
in the raw image. A completely general approach to 
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Figure 21 Imaging with a fixed amount of misfocus and varying object spatial coherence produced by: (a) highly incoherent disk 
source illumination (K = 2); (b) moderate coherence disk source (K = 0.5); (c) high coherence disk source (K = 0.2); and (d) annular 
source with outer diameter corresponding to K = 0.5 and inner diameter corresponding to K = 0.45. 


(a) (b) 





Figure 22 Digital restoration of blurred imagery with an inherent assumption of linear-in-intensity imaging for (a) highly spatially 
incoherent imaging (K = 2) and (b) high spatial coherence (K = 0.2). 
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imaging would treat the coherence of the source, the 
imaging optics, and the post-detection restoration all 
as free variables that can be manipulated to produce 
the optimal imaging system for a given task. 


See also 


Coherent Lightwave Systems. Information Proces- 
sing: Coherent Analogue Optical Processors. Terahertz 
Technology: Coherent Terahertz Sources. 
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Introduction 


Opticists are aware that the amount of coherence 
plays a significant role in imaging systems: laser 
speckles are known to add significant noise to the 
image, as well as parasitic interferences from dusty 
lenses. Optical systems are often called coherent, if a 
laser is used (right), and incoherent if other sources 
come into play (wrong). Many users of optical 
systems are unaware that it is not the high temporal 
coherence but the spatial coherence that commonly 
afflicts the image quality, and that this parasitic 
spatial coherence is ubiquitous, even though not 
obvious. Coherent artifacts can occur without the use 
of lasers, although speckle noise is more prominent 
with lasers. Even opticists sometimes underestimate 
the damage that residual coherent noise can cause, 
and as laser oriented sensor funding programs are 
‘en vogue’, nonexperts are disappointed if some 
metrology device does not include a laser. 

This encyclopedia addresses the many uses of 
lasers. In this article, we will discuss the costs of 
coherence. The commonly pretended incoherent 
approach of everyday optics may lead to significant 
quantitative measuring errors of illumination or 
reflectivity, 3d shape, distance or size. Spatial 
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coherence is the dominant source of noise. We will 
give some rules of thumb to estimate these errors and 
a few tricks to reduce coherent noise. These rules will 
help to minimize coherent noise, however, it turns out 
that as spatial coherence is ubiquitous, there are only 
limited options available to clear it. One of the 
options to build good sensors that measure shape, 
reflectivity, etc. is avoiding the use of lasers! 

To become familiar with some basics of the theory 
of coherence we refer the reader the Further Reading 
section at the end of this article. 

Coherence can be boon or disaster for the opticist, 
as is explained in other articles of this encyclopedia 
about interferometry, diffraction, and holography. 
A specific topic is information acquisition from 
coherently scattered light. An enlightening example 
is where speckles in white light interferometry at 
rough surfaces and in speckle interferometry are 
exploited. We will briefly discuss white light inter- 
ferometry at rough surfaces in the section on speckles 
as carriers of information below. 


Practical Coherence Theory 


A major issue of this chapter will be corrupting 
properties of coherence in the daily life of an optical 
metrologist. We will demonstrate that ‘speckle’ noise 
is ever present, and essentially unavoidable, in the 
images of (diffusively reflecting) objects. Its influence 
on the quality of optical measurements leads to a 
lower limit of the physical measuring uncertainty. 
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Figure 1 
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Ground glass in sunlight: (a) the image of a ground glass, illuminated by the sun, observed with small aperture (from large 





distance), displays no visible speckles; (b) a medium observation aperture (smaller distance) displays weak visible speckles; 
(c) observation with very high aperture displays strong contrast speckles; and (d) the image of the ground glass on a cloudy day does 
not display speckles, due to the very big aperture of illumination. Reproduced with permission from Hausler G (1999) Optical sensors 


and algorithms for reverse engineering. 


In: Donah S (ed.) Proceedings of the 3rd Topical Meeting on Optoelectronic 


Distance/Displacement Measurements and Applications. IEEE-LEOS. 


This ‘coherent noise’ limit is, not surprisingly, 
identical to Heisenberg’s limit. We will start by 
summarizing the important results, and will give 
some simple explanations later. 


Some Basic Observations 


(i) The major source of noise in optical measure- 
ments is spatial coherence, the temporal coher- 
ence status, generally, does not play a significant 
role. 

(ii) An optically rough surface displays subjective 
speckles with contrast C = 1, if the observation 
aperture sin, is larger than the illumination 
aperture sin “4. 

(ili) The speckle contrast is C ~ sin u,/sin u,, if the 
observation aperture is smaller than the illumi- 
nation aperture. 


Figure 1 illustrates the situation by a simple 
experiment. 

The results of Figure 1 can be explained simply by 
summarizing some 80 pages of coherence theory in a 
nutshell, by useful simplifications and approxi- 
mations (Figure 2). 

If the source is at an infinite distance, the coherence 
function no longer depends on the two variables 
but just on the slit distance d = |x, — x,|. In this case, 
the coherence function I'(d) can be easily calculated 
as the Fourier transform of the spatial intensity 


Conerar ‘ig F 
Interference with 


contrast C: 
pe ee catia deasiies 
6 C~ |F(d)| 
ource ds de slit 
distance d Screen 


I(d) has the width d, = A/u, | van Cittert-Zernike 


Figure 2. Basic experiment for spatial coherence. An extended 
source, such as the sun or some incandescent lamp illuminates a 
double slit, from a large distance. On a screen behind the double 
slit we can observe ‘double slit interference’, if the waves coming 
from x, and x2 display coherence. The contrast of the interference 
fringes is given by the magnitude of the coherence function [ 
(neglecting some normalization factor). Tis a function of the two 
slit locations x, and Xo. 


distribution of the source (van Cittert-Zernike 
theorem). Let us assume a one dimensional source 
with an angular size of 2u,, where u, is commonly 
called the aperture of the illumination. In this case, 
the coherence function will be: 


T'(d) ~ sin c(2ugd/d) [1] 
The width of the coherence function which gives the 


size of the coherently illuminated area (coherence 
area) can be approximated from eqn [1]: 


dr _ Mug [2] 


Equation [1] includes some approximations: for 
circular sources such as the sun, we get an additional 
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factor 1.22 for the width of the coherence function — 
the ‘sinc-function’ has to be replaced by the Bessel 
function J;(r)/(r). There is another approximation: we 
should replace the aperture angle ug by sin ug, for 
larger angles. We choose the wavelength of the 
maximum sensitivity of the eye, at A= 0.55 wm, 
which is the wavelength of the maximum emission of 
the sun also. 

In conclusion, if two points at the object are closer 
than dr these points will be illuminated with a high 
degree of coherence. The light waves, scattered from 
these object-locations can display interference con- 
trast. Specifically, they may cancel each other out, 
causing a low signal-to-noise ratio of only 1:1. This 
does not happen if the points have a distance larger 
than dr. 

From Figure 3 we learn that the width of the spatial 
coherence function from sunlight illumination at the 
earth’s surface is ~110 wm. (Stars more distant than 
the sun appear smaller, and hence have a wider 
coherence function, at the earth’s surface. Michelson 
was able to measure the angular size of some close 
stars, by measuring the width of this coherence 
function, which was about dr ~ 10 m.) 

Figure 4 again displays an easy to perform 
experiment. We can see speckles at sunlight illumina- 
tion. We can observe speckles as well in shops because 
they often use small halogen spot illumination. 

So far we have only discussed the first stage (from 
the source to the object). We still have to discuss the 


Two points are illuminated coherently, 
as far as their distance is smaller than d,.. 


d= Au, 


Example: sun ill. at earth u,= 0.005 und d- = 110 um 
Coherence function 


KL 


2u, d,-~110 ym 


q 
Sun Earth 


Figure 3 Coherence from sunlight illumination. With the van 
Cittert—Zernike theorem and an approximate illumination aperture 
of the sun ug" ~ 0.005 (0.25°), we get a width of the coherence 
function at the Earth’s surface of about ds ~ 110 pm. 





Figure 4 Finger nail in sunlight, with speckles. 





Source Observer 


Ground glass 


* Width of coherence function at ground glass: d= A/u, 


* Distance, resolvable by observer: d, = Alu, 
Coherence for 
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Figure 5 Coherence in a nutshell: spatial coherence and 
observer. 


way from the object to the retina (or CCD-chip of a 
video camera). This is illustrated by Figure 5. 

As an object, we choose some diffusely reflecting or 
transmitting surface (such as a ground glass). The 
coherence function at the ground glass has again a 
width of dp. What happens if we image this 
ground glass onto our retina? Let us assume our eye 
to be diffraction limited (which, in fact, it is at 
sunlight conditions, where the eye pupil has only a 
diameter ®,,,,;, = 2.5 mm diameter or less). Then a 
point x, at the ground glass will cause a diffraction 
spot at the retina, with a size of: 


d' dite = Mu’, = 8 pm [3] 


The image sided aperture of observation u'y of the 
eye is calculated from ®,,,,;, and from its focal 
length frye = 18 mm as u’, = Opupii/2feye = 0.07. If 
we project the diffraction spot at the retina back onto 
the object, we get its size d from: 


daitir = Au, = MP pupit/2Z) [4] 


with z, = observation distance of the object from 
the eye. We call u, = Ppypii/2z, the object sided 
observation aperture. Let us calculate the laterally 
resolvable distance dygiss, at the object, with a distance 
Z = 250mm, which is called the ‘comfortable 
viewing distance’: 


daitt:(Z> = 250 mm) = 110 pm [5] 


After these preparations we come to the crucial issue: 
how does the image at the retina appear if we cannot 
resolve distances at an object smaller than dp, and 
how does it appear if the resolution of the eye is 
sufficient to resolve distances smaller than dy? 

Let us start with the first assumption: dit, >> dr. 
Now the images of points at the object, over an area 
of the diffraction spot are more or less incoherently 
averaged at the retina, so we will see little interference 
contrast or ‘speckles’. From eqn [4] we see that at 
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this incoherent averaging starts for distances larger 
than 250mm, which is the comfortable viewing 
distance. Adults cannot see objects from much closer 
distances. We generally do not see speckles, not just at 
the limit of maximum accommodation. For larger 
distances, if we take z, = 2500 mm, the resolvable 
distance at the object will be 1.1mm, which is 
10 times larger than the diameter of the coherence 
area. Averaging over such a large area will drop the 
interference contrast by a factor of 10. Note that 
such a small interference contrast might not be 
visible, but it is not at zero! 

Coming to the second assumption we can laterally 
resolve distances smaller than dr. In order to under- 
stand this, we first have to learn what is an ‘optically 
rough’ object surface. Figure 6 illustrates the 
problem. 

A surface commonly is called ‘rough’ if the local 
height variations are larger than A. However, a 
surface appears only rough, if the height variation 
within the distance that can be resolved by the 
observer, is larger than A (reflected light will travel the 
distance twice, hence a roughness of A/2 will be 
sufficient). Then the scattered different phasors, or 
‘Huygens elementary waves’: 


u, ~ exp[i2kz(x, y)] [6] 


scattered from the object at x,y may have big 
phase differences so that destructive interferences 
(and speckle) can occur in the area of the diffraction 
image. So the attribute ‘rough’ depends on the object 
as well as on the observation aperture. With a high 
observation aperture (microscope), the diffraction 
image is small and within that area the phase 
differences might be small as well. So a ground glass 
may then look locally like a mirror, while with a small 
observation aperture it appears ‘rough’. 

With the ‘rough’ observation mode assumption, we 
can summarize what we have assumed: with resolving 
distances smaller than the coherence width dr we will 












Arbitrary 
amplitudes 


Elementary phasors have phase differences 
bigger than +/- 180°. Destructive interference may occur. 


Figure 6 What is a rough surface? 


Speckles 





see high interference contrast; in fact we see a speckle 
contrast of C= 1, if the roughness of the object is 
smaller than the coherence length of the source. 
This is the case for most metal surfaces, for ground 
glasses, or for worked plastic surfaces. The assump- 
tion is not true for ‘translucent’ surfaces, such as skin, 
paper, or wood. This will be discussed below. 

The observation that coherent imaging is achieved, 
if we can resolve distances smaller than the coherence 
width dr, is identical to the simple rule that fully 
coherent imaging occurs if the observation aperture 
u, is larger than the illumination aperture 4. 

As mentioned, we will incoherently average in 
the image plane, over some object area, determined 
by the size of the diffraction spot. According to the 
rules of speckle-averaging, the speckle contrast C 
decreases with the inverse square root of the 
number N of incoherently averaged speckle pat- 
terns. This number N is equal to the ratio 
of the area Agi of the diffraction spot divided by 
the coherence area Ap = dp. So we obtain for the 
speckle contrast C: 


C=1 for ug <u, [7a] 
C= 1/V(N)=4,/ug, for ug >= u, [7b] 


We summarize the results in Figure 7. 

Equation [7b] has an interesting consequence: we 
never get rid of speckle noise, even for large 
illumination apertures and small observation aper- 
tures. In many practical instruments, such as a slide 
projector, the illumination ‘aperture stop’ cannot be 
greater than the imaging lens. Fortunately, the 
observer’s eye commonly has a pupil smaller than 
that of the projector, and/or looks from a distance 
at the projection screen. Laser projection devices 
however cause strong and disturbing speckle effects 
for the user and significant effort is invested to cope 
with this effect. 


Speckle contrast C 
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Figure 7 Coherence in a nutshell: what are the conditions for 
incoherent and coherent imaging? 
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Figure 8 Microfiche projection. For high observation aperture (a) strong speckles occur, and for small observation aperture (b), the 


speckle contrast is low. 


In Figure 8, an image is depicted from a microfiche 
reading projector. Figure 8a displays the close-up look 
(high observation aperture) and Figure 8b depicts a 
more distant view (small observation aperture). The 
amount of noise is much less in the second case, as it 
should be according to the rules of eqn [7]. 

Let us finish this section with some speculation. 
How would a fly see the sunny world, with a human 
type of eye? With high observation aperture and at 
short distance, the world is full of speckle noise. 
Fortunately, nature invented the facet-eye, for insects, 
as depicted in Figure 9. 


Speckle Limits of Metrology 


The consequences of the effects discussed above are 
often underestimated. We should be suspicious, if 
some effect in nature that disturbs us — like our 
coherent noise — is ubiquitous, that there might be 
some deep underlying principle that does not allow us 
to know everything about the object under obser- 
vation. Indeed, it turns out that Heisenberg’s uncer- 
tainty principle is strongly connected with coherent 
noise (Figure 10). 

We can see this from the following experiment: a 
laser spot is projected onto a ground glass, and 
imaged with high magnification by a video camera, 
with an aperture sin u,. The ground glass 
is macroscopically planar. When the ground glass 
is laterally shifted, we find that the observed spot is 
‘dancing’ at the video target. Its observed position is 
not constant, although its projected position is. It 
turns out that the standard deviation of the observed 
position is equal to the uncertainty calculated from 
the aperture by Heisenberg’s principle. 

We can calculate the limit for the distance 
measuring uncertainty, from speckle theory, as well 
from Heisenberg’s principle (within some factor of 
order 1): 


82: 8p, > b/Aa [8] 





Instead of one big 
aperture 





a al Less coherent ncise ! 


Figure 9 Facet eye and ‘human’ eye. The facet eye consists of 
many low aperture lenses, in contrast to the human eye. 





Experiment: 
x. Xp 
Ground glass, 
moved in x-direction X3 X4 


Figure 10 Coherence makes it impossible to localize objects 
with very high accuracy. Laser spots projected onto a ground 
glass cannot be imaged without some uncertainty of the lateral 
position. The four pictures of the spot images, taken with different 
lateral positions of the ground glass, display the cross bar (true 
position) and the apparent position of the spot images. The 
position uncertainty is equal to the uncertainty calculated from 
Heisenberg’s uncertainty principle. 


where 8p, is the uncertainty of the photon impulse h/A 
in the z-direction (along the optical axis of the 
measuring system) and 4 is Planck’s constant. For a 
small measurement uncertainty of the distance, we 
should allow a big uncertainty 6p,. This can be 
achieved by a large aperture of the observation 
system, giving the photons a wide range of possible 
directions to the lens. We can also allow different 
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wavelengths, and come to white light interferometry, 
see section on speckles as carriers of information 
below. The result is — not surprising — the same as 
Rayleigh scattering found for the depth of field: 


8z = Asin? u, [9] 


Coherent noise is the source of the fundamental limit 
of the distance measuring uncertainty 6z of triangu- 
lation based sensors. 


bz = C- A/(sin u, sin 4) [10] 


where C is the speckle contrast, A is the wavelength, 
sin u, is the aperture of observation, and 6 is the angle 
of triangulation (between the direction of the 
projection and the direction of observation). For a 
commercially available laser triangulation sensor, (see 
Figure 11), with sinuw, ~ 0.01,C = 1 and @= 30°, 
the measuring uncertainty 8z will be larger than 
100 um. We may add, that for sin u, = sin 0, which is 
valid for auto-focus sensors (such as the confocal 
scanning microscope), eqn [10] degenerates to the 
well known Rayleigh depth of field (eqn [9]). 

The above results are remarkable in that we cannot 
know the accurate position of the projected spot or 
about the position of an intrinsic reflectivity feature; 
we also cannot know the accurate local reflectivity of a 
coherently illuminated object. A further consequence 
is that we do not know the accurate shape of an object 
in 3D-space. We can calculate this ‘physical measuring 
uncertainty’ from the considerations above. 

These consequences hold for optically rough 
surfaces, and for measuring principles that exploit 
the local intensity of some image, such as with all 
triangulation type of sensors. The consequences of 
these considerations are depressing: triangulation 
with a strong laser is not better than triangulation 
with only one single photon. The deep reason is, that 
all coherent photons stem from the same quantum 
mechanical phase cell and are indistinguishable. 


Active laser triangulation 
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CCD-photodetector 


Figure 11 Principle of laser triangulation. The distance of the 
projected spot is calculated from the location of the speckled spot 
image and from the angle of triangulation. The speckle noise 
introduces an ultimate limit of the achievable measuring 
uncertainty. Reproduced with permission from Physikalische 
Platter (May 1997): 419. 


Hence, many photons do not supply more infor- 
mation than one single photon. 


Why Are We Not Aware of Coherence 


Generally, coherent noise is not well visible, even in 
sophisticated technical systems the visibility might be 
low. There are two main reasons; first, the obser- 
vation aperture might be much smaller than the 
aperture of illumination. This is often true, for large 
distance observation, even with small apertures of 
illumination. The second reason holds for technical 
systems, if the observation is implemented via 
pixelized video targets. If the pixel size is much larger 
than a single speckle, which is commonly so, then, by 
averaging over many speckles, the noise is greatly 
reduced. However, we have to take into account that 
we pay for this by loss of lateral resolution 1/8x. We 
can formulate another uncertainty relation: 

dx > AMC: sin u,) [11] 
which says that if we want to reduce the speckle 
contrast C (noise), by lateral averaging, we can do 
this but lose lateral resolution 1/8x. 


Can We Overcome Coherence Limits? 


Since the daily interaction of light with matter is 
coherent scattering, we can overcome the limit of 
eqn [10] only by looking for measuring principles that 
are not based on the exploitation of local reflectivity, 
ie., on ‘conventional imaging’. Concerning optical 
3D-measurements, the principle of triangulation uses 
the position of some image detail, for the calculation 
of the shape of objects, and has to cope with coherent 
noise. 

Are there different mechanisms of photon—matter 
interaction, with noncoherent scattering? Fluor- 
escence and thermal excitation are incoherent mecha- 
nisms. It can be shown (see Figure 12) that 
triangulation utilizing fluorescent light, displays 
much less noise than given by eqn [10]. This is 
exploited in fluorescent confocal microscopy. 

Thermally excited matter emits perfectly incoher- 
ent radiation as well. We use this incoherence to 
measure the material wear in laser processing (see 
Figure 13), with, again, much better accuracy than 
given by eqns [9,10]. 

The sensor is based on triangulation. Nevertheless, 
by its virtually zero coherent noise, it allows a 
measuring uncertainty which is limited only by 
camera noise and other technical imperfections. The 
uncertainty of the depth measurement through the 
narrow aperture of the laser nozzle is only a few 
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To test and analyze our circuit, we'll be using a digital voltmeter and oscilloscope. 


By connecting a voltmeter to the output, we'll immediately begin to see a small 
voltage climbing in the 10-100mV range. If not, we'll want to check our connections 
and make sure the circuit is not isolated from the environment by taking it outside to 
a Clear area. 


Then, by connecting an oscilloscope to the outside leads of our two ceramic 
capacitor bank, we will see the the polarized signal being captured from the air 
around us. We can then connect after the diodes to see our varying direct current 
and then to after the electrolytic capacitors to see a normalized, usable direct 
current at our output. 


We can then optimize the input resistance in two ways. Firstly, we can add 
additional ceramic capacitors in parallel to our original two and make sure our 
soldered connections are consistent and thick in this area. 


We can optimize the circuit's capacity by adding electrolytic capacitors in parallel to 
our original two which will allow this circuit to charge slightly when not in use. For 
this purpose, a charging circuit can also be added here in order to incorporate an 
optional battery bank. 
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Figure 12 Reduction of speckle noise by triangulation with 
fluorescent light. A flat metal surface is measured by laser 
triangulation. Top: surface measured by laser triangulation with 
full speckle contrast. Bottom: the surface is covered with a very 
thin fluorescent layer, and illuminated by the same laser, however, 
the triangulation is done after suppressing the scattered laser 
light, and utilizing the (incoherent!) fluorescent light. This 
experiment proves that it is the coherent noise that causes the 
measuring uncertainty. 





Figure 13 A100 Wlaser generates a plasma that emits perfectly 
incoherent radiation at the object surface. The emitted light can 
be used to measure on-line the distance of the object surface. 
A triangulation sensor, exploiting the incoherent plasma emission, 
controls surface ablation with an accuracy of only a few microns. 
Reproduced with permission from F & M, Feinwerktechnik 
Mikrotechnik Masstechnik (1995) Issue 9. 


microns, beating the limitation of eqn [10] by a factor 
of about 5, even in the presence of a turbulent plasma 
spot with a temperature of 3000 K. 


Broadband Illumination 


Speckle noise can hardly be avoided by broadband 
illumination. The speckle contrast C is related to 
the surface roughness o,, and the coherence length /, 
by eqn [12]: 

C* ~ |./20, for a, >I, [12] 
So, only for very rough surfaces, and white light illu- 
mination, C can be reduced. However, the majority of 
technical objects is smooth, with a roughness of a 
few micrometers, hence speckles can be observed 
even with white light illumination (J, ~ 3 pm). This 
situation is different for ‘translucent’ objects such 
as skin, paper, or some plastic material. 


Speckles as a Carrier of Information 


So far we discussed the problems of speckles when 
measuring rough surfaces. We can take advantage of 
speckles, if we do not stick to triangulation as the 
basic mechanism of distance measurement. We may 
utilize the fact that although the phase within each 
speckle has a random value, this phase is constant 
over some area. This observation can be used to 
build an interferometer that works even at rough 
surfaces. So, with proper choice of the illumination 
aperture and observation aperture, and with a 
surface roughness less than the coherence length, 
we can measure distances by the localization of the 
temporal coherence function. This function can 
easily be measured by moving the object under test 
along the optical axis and measuring the inter- 
ference intensity (correlogram) at each pixel of the 
camera. The signal generating mechanism of this 
‘white light interferometer’ distance measurement is 
not triangulation but ‘time of flight’. Here we do not 
suffer from the limitations of eqn [10]. The limits of 
white light rough surface interferometry are dis- 
cussed in the Further Reading section at the end of 
this article. 

The ‘coherence radar’ and the correlograms of 
different speckles are depicted in Figures 14 and 15. 

The physical mechanism of the signal formation in 
white light interferometry at rough surfaces is 
different from that of white light interferometry at 
smooth surfaces. That is why the method is some- 
times referred as ‘coherence radar’. We will briefly 
summarize some advantageous, and — probably 
unexpected — features of the coherence radar. 
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We call the real shape of the object, or the surface 
profile, z(x,y), where z is the local distance at the 
position (x, y). We give the measured data an index 
629 
m’: 


(i) The physical measuring uncertainty of the measu- 
red data is independent from the observation 
aperture. This is quite a remarkable property, as it 
enables us to take accurate measurements at the 
bottom of deep boreholes. 

(ii) The standard deviation o, of the object can 
be calculated from the measured data z,: 0, = 
<lz,,/>. According to German standards, o, 
corresponds to the roughness measure Rg. 
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Figure 14 


This measure R, was calculated from measure- 
ments at different roughness gauges, with differ- 
ent observation apertures. Two measurements are 
depicted in Figure 16. 


The experiments shown in Figure 16 display the 
correct roughness measure, even if the higher frequ- 
encies of the object spectrum Z(v, ) (Figure 17), are 
not optically resolved. The solution of this paradox 
might be explained as follows. 

From the coherently illuminated object each point 
scatters a spherical wave. The waves scattered from 
different object points have, in general, a different 
phase. At the image plane, we see the laterally 
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‘Coherence radar’, white light interferometry at rough surfaces. The surface under test is illuminated with high spatial 


coherence and low temporal coherence. We acquire the temporal coherence function (correlogram) within each speckle, by scanning 


the object under test in depth. 
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Figure 15 White light speckles in the x—z plane. The left side 
displays the acquired correlograms, for a couple of speckles, the 
right side shows the graphs of some of the correlograms. We see 
that the correlograms are not located at a constant distance, 
but display some ‘distance uncertainty’. This uncertainty does not 
originate from the instrument, but from the roughness of the object. 


0.02 0.06 0.10 0.14 aperture 


0.02 0.06 0.10 0.14 aperture 


Figure 16 Optical measurement of the roughness beyond the 
Abbe resolution limit. The roughness is measured for 4 roughness 
standards N1—N4, with different observation apertures. The 
roughness is measured correctly, although the microtopology is 
not resolved by the observing optics. 
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Figure 17 Signal generation beyond the Abbe limit. The 
microtopology of the object z(x, y) is not resolved, due to the 
large diffraction image with diameter dg. Yet we get information 
from beyond the bandlimit 1/dg of the observing optics. 


averaged complex amplitude <u>, according to 
eqn [6]. The averaging is due to the diffraction 
limited resolution. 

Equation [6] reveals that the (spatially) averaged 
field amplitude <u> is a nonmonotonic, nonlinear 
function of the surface profile z(x, y), if the surface is 
rough (i.e., z>>A). We do not average over the 
profile z but over the complex amplitude. As a 
consequence of this nonlinearity, the limited obser- 
vation aperture does not only collect the spatial 
frequencies v,u of the spatial Fourier spectrum 
Z(y, 2) within the bandlimit 1/dg, but also acquires 
information beyond this bandlimit. The reason is 
the ‘down conversion’ of higher spatial frequencies 
by nonlinear mixing. Simulations and experiments 
confirm the consequences. 

Thus we can evaluate the surface roughness, even 
without laterally resolving the microtopology. 
However, there is a principal uncertainty on the 
measured data. We do not see the true surface but a 
surface with a ‘noise’ equivalent to the roughness of 
the real surface. 

Nonlinear nonmonotonic nonlinearities in a 
sequence of operations may cause ‘chaotic’ behavior, 
in other words, small parameter changes such as 
vibrations, humidity on the surface, etc. may cause 
large differences of the outcome. In fact, we observe 
a significant variation of the measured data z,,,(x, y) 
within a sequence of repeated measurements. 
Our conjecture is that the complex signal formation 
may be involved in this irregular behavior. The 
hypothesis may be supported by the observation 
that much better repeatability can be achieved at 
specular surfaces, where eqn [6] degenerates to a 
linear averaging over the surface profile: 


<u>~1+ik <2x,y)>, forz<A [13] 


Summary 


Spatial coherence is ubiquitous and unavoid- 
able. Spatial coherence disturbs most optical 


measurements, where optically rough surfaces exist. 
Then, coherence gives the ultimate limit of the 
achievable measuring uncertainty. There are simple 
rules to estimate the measuring uncertainty, by 
calculating the width of the coherence function and 
the resolution of the observation system. Spatial 
coherence and Heisenberg’s uncertainty principle 
lead to the same results of measuring uncertainty. 

On the other hand — the formation of signals from 
coherent light that is scattered at rough surfaces is 
quite complex and a strongly nonlinear process, 
which sometimes might encode information which is 
not otherwise available. One example appears to be 
the measurement of the roughness with white light 
interferometry — which is possible, even if the 
microtopology of the surface is not optically 
resolved. 


See also 


Coherence: Overview; Coherence and Imaging. 
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Introduction 


Since the inception of quantum mechanics almost a 
century ago, a prime activity has been the observation 
of quantum phenomena in virtually all areas of 
chemistry and physics. However, the natural evolu- 
tion of science leads to the desire to go beyond passive 
observation to active manipulation of quantum 
mechanical processes. Achieving control over quan- 
tum phenomena could be viewed as engineering at the 
atomic scale guided by the principles of quantum 
mechanics, for the alteration of system properties or 
dynamic behavior. From this perspective, the con- 
struction of quantum mechanically operating solid- 
state devices through selective material growth would 
fall into this category. The focus of this article is 
principally on the manipulation of quantum phenom- 
ena through tailored laser pulses. The suggestion of 
using coherent radiation for the active alteration of 
microworld processes may be traced to the early 
1960s, almost immediately after the discovery of 
lasers. Since then, the subject has grown enormously 
to encompass the manipulation of (1) chemical 
reactions, (2) quantum electron transport in semi- 
conductors, (3) excitons in solids, (4) quantum 
information systems, (5) atom lasers, and (6) high 
harmonic generation, amongst other topics. Perhaps 


the most significant use of these techniques may be 
their provision of refined tools to ultimately better 
understand the basic physical interactions operative 
at the atomic scale. 

Regardless of the particular application of laser 
control over quantum phenomena, there is one basic 
operating principle involved: active manipulation 
of constructive and destructive quantum wave 
interferences. This process is depicted in Figure 1, 
showing the evolution of a quantum system from the 
initial state l;) to the desired final state ls) along 
three of possibly many interfering pathways. In 
general, there may be many possible final accessible 
states ls), and often the goal is to achieve a high 
amplitude in one of these states and low amplitude in 
all the others. The target state might actually be a 
superposition of states, and an analogous picture to 


2 ie = 


vi) * 


* 


Figure 1 The evolution of a quantum system under laser control 
from the initial state l;) to the final state ly;). The latter state is 
chosen to have desirable physical properties, and three of 
possibly many pathways between the states are depicted. 
Successful control of the process |);) > |W;) by a tailored laser 
pulse generally requires creating constructive quantum wave 
interferences in the state h);) from many pathways, and 
destructive interferences in all other accessible final states 


bby) % hy). 


124 COHERENT CONTROL / Theory 





that in Figure 1 would also apply to steering about the 
density matrix. The process depicted in Figure 1 may 
be thought of as a microscale analog of the classic 
double-slit experiment for light waves. As the goal is 
often high-finesse focusing into a particular target 
quantum state, success may call for the manipulation 
of many quantum pathways (i.e., the notion of a 
‘many-slit’? experiment). Most applications are con- 
cerned with achieving a desirable outcome for the 
expectation value (W;|Oliss) associated with some 
observable Hermitian operator O. 

The practical realization of the task above becomes 
a control problem when the system is expressed 
through its Hamiltonian H = Hy + V., where Ho is 
the free Hamiltonian describing the dynamics 
without explicit control; it is assumed that the 
free evolutionary dynamics under Hg will not 
satisfactorily achieve the physical objective. Thus, a 
laboratory-accessible control term V, is introduced in 
the Hamiltonian to achieve the desired manipulation. 
Even just considering radiative interactions, the form 
of V. could be quite diverse depending on the nature 
of the system (e.g., nuclear spins, electrons, atoms, 
molecules, etc.) and the intensity of the radiation field. 
Many problems may be treated through an electric 
dipole interaction V. = —p-e(t) where p is a system 
dipole moment and e(t) is the laser electric field. 
Where appropriate, this article will consider the 
interaction in this form, but other suitable radiative 
control interactions may be equally well treated. 
Thus, the laser field e(t) as a function of time 
(or frequency) is at our disposal for attempted 
manipulation of quantum systems. 

Before considering any practical issues associated 
with the identification of shaped laser control fields, a 
fundamental question concerns whether it is, in 
principle, possible to steer about any particular 
quantum system from an arbitrary initial state |h);) 
to an arbitrary final state li;). Questions of this 
sort are addressed by a controllability analysis of 
Schrédinger’s equation 


ahb(t)) _ 
ot 


ih 





[Hp — web), bbCO)) = hb) [1] 


Controllability concerns whether, in principle, some 
field e(t) exists, such that the quantum system 
described by Hy = Hp — p-e(f) permits arbitrary 
degrees of control. For finite-dimensional quantum 
systems (i.e., those described by evolution amongst a 
discrete set of quantum states), the formal tools for 
such a controllability analysis exist both for evaluat- 
ing the controllability of the wave function, as well 
as the more general time evolution operator U(t), 


which satisfies 


ih — = [Ho — pre()]U, UO) = 1 [2] 


Analyses of this type can be quite insightful, but they 
require detailed knowledge about Hg and p. Cases 
involving quantum information science applications 
are perhaps the most demanding with regard to 
achieving total control. Most other physical appli- 
cations would likely accept much more modest levels 
of control and still be categorized as excellent 
achievements. 

Theoretical tools and concepts have a number of 
roles in considering the control of quantum systems, 
including (1) an exploration of physical/chemical 
phenomena under active control, (2) the design 
of viable control fields, (3) the development of 
algorithms to actively guide laboratory control 
experiments towards achieving their dynamical 
objectives, and (4) the introduction of special 
algorithms to reveal the physical mechanisms opera- 
tive in the control of quantum phenomena. Activities 
(1)-(3) have thus far been the primary focus of 
theoretical studies in this area, and it is anticipated 
that item (4) will grow in importance in the future. 

A few comments on the history of laser control 
over quantum systems are relevant, as they speak 
to the special nature of the currently employed 
successful closed-loop quantum control experiments. 
Starting in the 1960s and spanning roughly 20 years, 
it was thought that the design of lasers to manipulate 
molecular motion could be achieved by the appli- 
cation of simple physical logic and intuition. In 
particular, the thinking at the time focused on using 
cw laser fields resonant with one or more local modes 
of the molecule, as state or energy localization was 
believed to be the key to successful control. Since 
quantum dynamics phenomena typically occur on 
ultrafast time-scales, possibly involving spatially 
dispersed wave packets, expecting to achieve high 
quality control with a light source operating at one or 
two resonant frequencies is generally wishful think- 
ing. Quantum dynamics phenomena occur in a 
multifrequency domain, and controls with a few 
frequencies will not suffice. Over approximately the 
last decade, it became clear that successful control 
often calls for manipulating multiple interfering 
quantum pathways (cf., Figure 1). In turn, this 
recognition led to the need for broad-bandwidth 
laser sources (i.e., tailored laser pulses). Fortunately, 
the necessary laser pulse-shaping technologies have 
become available, and these sources continue to 
expand into new frequency ranges with enhanced 
bandwidth capabilities. Many chemical and physical 
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applications of control over quantum phenomena 
involve performing a significant amount of work (i.e., 
quantum mechanical action), and sufficient laser field 
intensity is required. A commonly quoted adage is 
‘no field, no yield’, and at the other extreme, there 
was much speculation that operating nonlinearly at 
high field intensities would lead to a loss of control 
because the quantum system would effectively act as 
an amplifier of even weak laser field noise. Fortu- 
nately, the latter outcome has not occurred, as is 
evident from a number of successful high field laser 
control experiments. 

Quantum control may be expressed as an inverse 
problem with a prescribed chemical or physical 
objective, and the task being the discovery of a 
suitable control field e(t) to meet the objective. 
Normally, Schrédinger’s equation [1] is viewed as 
linear, and this perspective is valid if the Hamiltonian 
is known a priori, leaving the equation to be solved 
for the wave function. However, in the case of 
quantum control, neither the wave function nor the 
control field is known a priori, and the two enter 
bilinearly on the right-hand side of eqn [1]. Thus, 
quantum control is mathematically a nonlinear 
inverse problem. As such, one can anticipate possibly 
diverse behavior in the process of seeking successful 
controls, as well as in the ensuing quantum dynamical 
control behavior. The control must take into account 
the evolving system dynamics, thereby resulting in 
the control field being a function(al) of the current 
state of the system e(is) in the case of quantum control 
design, or dependent on the system observations 
e((O)) in the case of laboratory closed-loop field 
discovery efforts where (O) = (lOlws). Furthermore, 
the control field at the current time t will depend in 
some implicit fashion on the future state of the 
evolving system at the final target time T. It is evident 
that control field design and laboratory discovery 
present highly nontrivial tasks. 

Although the emphasis in this review is on the 
theoretical aspects of quantum control theory, the 
subject exists for its laboratory realizations, and those 
realizations, in turn, intimately depend on the 
capabilities of theoretical and algorithmic techniques 
for their successful implementations. Accordingly, 
theoretical laser control field design techniques will 
be discussed, along with algorithmic aspects of 
current laboratory practice. This material respect- 
ively will focus on optimal control theory (OCT) and 
optimal control experiments (OCEs), as seeking 
optimality provides the best means to achieve any 
posed objective. Finally, the last part of the article will 
present some general conclusions on the state of the 
quantum control field. 


Quantum Optimal Control Theory for 
Designing Laser Fields 


When considering control in any domain of appli- 
cation, a reasonable approach is to computationally 
design the control for subsequent implementation in 
the laboratory. Quantum mechanical laser field 
design has taken on a number of realizations. At 
one limit is the application of simple intuition for 
design purposes, and in some special cases (e.g., the 
weak field perturbation theory regime), this approach 
may be applicable. Physical insights will always play 
a central role in laser field design, but to be especially 
useful, they need to be channeled into the proper 
mathematical framework. Many of the interesting 
applications operate in the strong-field nonperturba- 
tive regime. In this domain, serious questions arise 
regarding whether sufficient information is available 
about the Hamiltonian to execute reliable designs. 
Regardless of whether the Hamiltonian is known 
accurately or is an acknowledged model, the theor- 
etical study of quantum control can provide physical 
insight into the phenomena involved, as well 
as possibly yielding trial laser pulses for further 
refinement in the laboratory. 

Achieving control over quantum mechanical 
phenomena often involves a balance of competing 
dynamical processes. For example, in the case of 
aiming to create a particular excitation in a molecule 
or material, there will always be the concomitant 
need to minimize other unwanted excitations. Often, 
there are also limitations on the form, intensity, or 
other characteristics of the laser controls that must be 
adhered to. Another goal is for the control outcome to 
be as robust as possible to the laser field fluctuations 
and Hamiltonian uncertainties. Overriding all of 
these issues is merely the desire to achieve the best 
possible physical result for the posed quantum 
mechanical objective. In summary, all of these desired 
extrema conditions translate over to posing the design 
of control laser fields as an optimization problem. 
Thus, optimal control theory forms a_ basic 
foundation for quantum control field design. 

Control field design starts by specification of the 
Hamiltonian components Ho and p in eqn [1], with 
the goal of finding the best control electric field e(t) to 
balance the competing objectives. Schrédinger’s 
equation must be solved as part of this process, but 
this effort is not merely a forward propagation task, as 
the control field is not known a priori. As an optimal 
design is the goal, a cost functional J = J(objectives, 
penalties, e(t)) is prescribed, which contains the 
information on the physical objectives, competing 
penalties, and any costs or constraints associated with 
the structure of the laser field. The functional J could 
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contain many terms if the competing physical goals 
are highly complex. As a specific simple illustration, 
consider the common goal of steering the system to 
achieve an expectation value ((T)|Olp(T)) as close 
as possible to the target value Ojarger associated 
with the observable operator O at time T. An 
additional cost is imposed to minimize the laser 
fluence. These criteria may be embodied in a cost 
functional of the form 


T 
J= ((WTIOWC) ~ Onge) +f 80 de 


a 8 
— 23 I, de( Aplin — Hy) + p-e(nlvi) 3] 


Here, the parameter w = 0 is a weight to balance the 
significance of the fluence term relative to achieving 
the target expectation value, and |A(¢)) serves as a 
Lagrange multiplier, assuring that Schrédinger’s 
equation is satisfied during the variational minimiz- 
ation of J with respect to the control field. Carrying 
out the latter minimization will lead to eqn [1], along 
with the additional relations 


0 
hare IA) = [Hp — pre(]|A®), 


IA(T)) = 2a O|X(T)) [4] 

1 
E(t) = AO Bb) [5] 
= (h(T)lOlb(T)) _ Qinekee [6] 


Equations [1] and [4]-[6] embody the OCT design 
equations that must be solved to yield the optimal 
field e(t) given in eqn [5]. These design equations have 
an unusual mathematical structure within quantum 
mechanics. First, insertion of the field expression in 
eqn [5] into eqns [1] and [4] produces two cubically 
nonlinear coupled Schrédinger-like equations. These 
equations are in the same family as the standard 
nonlinear Schrédinger equation, and as such, one 
may expect that unusual dynamical behavior could 
arise. Although eqn [4] for |A(Z)) is identical in form to 
the Schrodinger equation [1], only hp(¢)) is the true 
wavefunction, with |A(f)) serving to guide the 
controlled quantum evolution towards the physical 
objective. Importantly, eqn [1] is an initial value 
problem, while eqn [4] is a final value problem. Thus, 
the two equations together form a two-point bound- 
ary value problem in time, which is an inherent 
feature of temporal engineering optimal control as 
well. The boundary value nature of these equations 
typically leads to the existence of multiple solutions, 
where o in eqn [6] plays the role of a discrete 
eigenvalue, specifying the quality of the particular 


achieved control field design. The fact that there are 
generally multiple solutions to the laser design 
equations can be attractive from a physical perspec- 
tive, as the designs may be sorted through to identify 
those being most attractive for laboratory 
implementation. 

The overall mathematical structure of eqns [1] and 
[4]-[6] can be melded together into a single design 
equation 


it~ Ny(t)) = [Ho ~ pret, oO 1NK(), R4(0)) = hh) 
[71 


The structure of this equation embodies the comments 
in the introduction that control field design is 
inherently a nonlinear process. The main source of 
complexity arising in eqn [7] is through the control 
field e(, o, t) depending not only on the wave function 
at the present time t, but also on the future value of 
the wavefunction at the target time T contained in o. 
This structure again reflects the two-point boundary 
value nature of the control equations. 

Given the typical multiplicity of solutions to eqns [1] 
and [4]-[6], or equivalently, eqn [7], it is attractive to 
consider approximations to these equations 
(except perhaps for the inviolate Schrédinger 
equation [1], and much work continues to be done 
along these lines. One case involves what is referred 
to as tracking control, whereby a path is specified 
for (h(t)|Ohp(t)) evolving from t= 0 out to t= T. 
Tracking control eliminates o to produce a field of 
the form e(,t), thereby permitting the design 
equations to be explicitly integrated as a forward- 
marching problem toward the target; the tracking 
equations are still nonlinear with respect to the 
evolving state. Many variations on these concepts 
can be envisioned, and other approximations may also 
be introduced to deal with special circumstances. One 
technique appropriate for at least few-level systems is 
stimulated Raman adiabatic passage (STIRAP), which 
seeks robust adiabatic passage from an initial state toa 
particular final state, typically with nearly total 
destructive interference occurring in the intermediate 
states. This design technique can have special attr- 
active robustness characteristics with respect to field 
errors. STIRAP, tracking, and various perturbation 
theory-based control design techniques can be 
expressed as special cases of OCT, with suitable cost 
functionals and constraints. Further approximation 
methods will surely be developed, with the rigorous 
OCT concepts forming the general foundation for 
control field design. 

As the OCT equations are inherently nonlinear, 
their solution typically requires numerical iteration, 
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and a variety of procedures may be utilized for this 
purpose. Almost all of the methods employ local 
search techniques (e.g., gradient methods), and some 
also show monotonic convergence with respect to 
each new iteration step. Local techniques typically 
evolve to the nearest solution in the space of possible 
control fields. Such optimizations can be numerically 
efficient, although the quality of the attained result 
can depend on the initial trial for the control field and 
the details of the algorithm involved. In contrast, 
global search techniques, such as simulated annealing 
or genetic algorithms, can search more broadly for 
the best solution in the control field space. These 
more expansive searches are attractive, but at the 
price of typically requiring more intensive compu- 
tations. Effort has also gone into seeking global or 
semiglobal input — output maps relating the electric 
field e(t) structure to the observable O[e(t)]. Such 
maps may be learned, hopefully, from a modest 
number of computations with a selected set of fields, 
and then utilized as high-speed interpolators over the 
control field space to permit the efficient use of global 
search algorithms to attain the best control solution 
possible. At the foundation of all OCT design pro- 
cedures is the need to solve the Schrédinger equation. 
Thus, computational technology to improve this 
basic task is of fundamental importance for 
designing laser fields. 

Many computations have been carried out with 
OCT to attain control field designs for manipulating a 
host of phenomena, including rotational, vibrational, 
electronic, and reactive dynamics of molecules, as well 
as electron motion in semiconductors. Every system 
has its own rich details, which in turn, are com- 
pounded by the fact that multiple control designs will 
typically exist in many applications producing com- 
parable physical outcomes. Collectively, these control 
design studies confirm the manipulation of construc- 
tive and destructive quantum wave interferences as 
the general mechanism for achieving successful 
control over quantum phenomena. This conclusion 
may be expressed as the following principle: 


Control field-system cooperativity principle: Successful 
quantum control requires that the field must have the 
proper structure to take full advantage of all of the 
dynamical opportunities offered by the system, to best 
satisfy the physical objective. 


This simple statement of system—field cooperati- 
vity embodies the richness, as well as the complexity, 
of seeking control over quantum phenomena, and 
also speaks to why simple intuition alone has not 
proved to be a generally viable design technique. 
Quantum systems can often exhibit highly complex 
dynamical behavior, including broad dispersion of the 


wave packet over spatial domains or multitudes of 
quantum states. Handling such complexity can 
require fields with subtle structure to interact with 
the quantum system in a global fashion to manage all 
of the motions involved. Thus, we may expect that 
successful control pulses will often have broad 
bandwidth, including amplitude and phase modu- 
lation. Until relatively recently, laser sources with 
these characteristics were not available, but the 
technology is now in hand and rapidly evolving 
(see the discussion later). 

The cooperativity principle above is of fundamen- 
tal importance in the control of all quantum 
phenomena, and a simple illustration of this principle 
is shown in Figure 2 for the control of wave 
packet motion on an excited state of the NO 
molecule. The target for the control is a narrow 
wave packet located over the well of the excited 
Bstate. The optimal control field consists of two 
coordinated pulses, at early and late times, with both 
features having internal structure. The figure indi- 
cates that the ensuing excited state wave packet has 
two components, one of which actually passes 
through the target region during the initial evolution, 
only to return again and meet the second component 
at just the right place and time, to achieve the target 
objective as best as possible. Similar cooperativity 
interpretations can be found in virtually all 
implementations with OCT. 

The main reason for performing quantum field 
design is to ultimately implement the designs in the 
laboratory. The design procedures must face labora- 
tory realities, which include the fact that most 
Hamiltonians are not known to high accuracy 
(especially for polyatomic molecules and complex 
solid-state structures), and secondly, a variety of 
laboratory field imperfections may unwittingly be 
present. Notwithstanding these comments, OCT has 
been fundamental to the development of quantum 
control, including laying out the logic for how to 
perform the analogous optimal control experiments. 
Design implementations and further OCT develop- 
ment will continue to play a basic role in the quantum 
control field. At present, perhaps the most important 
contribution of OCT has been to (1) highlight 
the basic control cooperativity principle above, and 
(2) provide the basis for developing algorithms to 
successfully guide optimal control experiments, as 
discussed below. 


Algorithms for Implementing Optimal 
Control Experiments 


The ultimate purpose of considering control theory 
within quantum mechanics is to take the matter into 
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Figure 2 Control of wave packet evolution on the electronically excited B state of NO, with the goal of creating a narrow final packet 
over the excited state well. (a) indicates that the ground-state packet is brought up in two pieces using the coordinated dual pulse in (b). 
The piece of the packet from the first pulse actually passes through the target region, then bounces off the right side of the potential, to 
finally meet the second piece of the packet at just the right time over the target location r* for successful control. This behavior is an 
illustration of the control field—system cooperativity principle stated in the text. 


the laboratory for implementation and exploitation 
of its capabilities. Ideally, theoretical control field 
designs may be attained using the techniques 
discussed above, followed by the achievement of 
successful control upon execution of the designs in 
the laboratory. This appealing approach is burdened 
with three difficulties: (1) Hamiltonians are often 
imprecisely known, (2) accurately solving the design 
equations can be a significant task, and (3) realiz- 
ation of any given design will likely be imperfect due 
to laboratory noise or other unaccounted-for sys- 
tematic errors. Perhaps the most serious of these 
difficulties is point (1), especially considering that 
the best quality control will be achieved by 
maximally drawing on subtle constructive and 
destructive quantum wave interference effects. 
Exploiting such subtleties will generally require 
high-quality control designs that, in turn, depend 
on having reliable Hamiltonians. Although various 
designs have been carried out seeking robustness 
with respect to Hamiltonian uncertainties, the issue 
in point (1) should remain of significance in the 
foreseeable future, especially for the most complex 
(and often, the most interesting!) chemical/physical 
applications. Mitigating this serious problem is the 
ability to create shaped laser pulse controls and 
apply them to a quantum system, followed by a 
probe of their effects at an unprecedented rate of 
thousands or more independent trials per minute. 
This unique capability led to the suggestion of 


partially, if not totally, sidestepping the design 
process by performing closed-loop experiments to 
let the quantum system teach the laser how to 
achieve its control in the laboratory. Figure 3 
schematically shows this closed loop process, 
drawing on the following logic: 


1. The molecular view. Although there may be 
theoretical uncertainty about the system Hamil- 
tonian, the actual chemical/physical system under 
study ‘knows’ its own Hamiltonian precisely! This 
knowledge would also include any unusual 
exigencies, perhaps associated with structural or 
other defects in the particular sample. Further- 
more, upon exposure to a control field, the system 
‘solves’ its own Schrodinger equation impeccably 
accurately and as fast as possible in real time. 
Considering these points, the aim is to replace the 
offline arduous digital computer control field 
design effort with the actual quantum system 
under study acting as a precise analog computer, 
solving the true equations of motion. 

2. Control laser technology. Pulse shaping under 
full computer control may be carried out using 
even hundreds of discrete elements in the 
frequency domain controlling the phase and 
amplitude structure of the pulse. This technology 
is readily available and expanding in terms of 
pulse center frequency flexibility and bandwidth 
capabilities. 
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Figure 3 A schematic of the closed-loop concept for allowing the quantum system to teach the laser how to achieve its control. 
The actual quantum system under control is in a loop with a laser and pulse shaper all slaved together with a pattern recognition 
algorithm to guide the excursions around the loop. The success of this concept relies on the ability to perform very large numbers of 
control experiments in a short period of time. In principle, no knowledge of the system Hamiltonian is required to steer the system to 
the desired final objective, although a good trial design e9(t) may accelerate the process. The ith cycle around the loop attempts to 
find a better control field ¢,(t) such that the system response (O(T)); for the observable operator O comes closer to the desired 


value Otarget- 


3. Quantum mechanical objectives. Many chemical/ 
physical objectives may be simply expressed as the 
desire to steer a quantum mechanical flux out one 
clearly defined channel versus another. 

4. Detection of the control action. Detection of the 
control outcome can often be carried out by a 
second laser pulse or any other suitable high duty 
cycle detection means, such as laser-induced mass 
spectrometry. The typical circumstance in point 
(3) implies that little, if any, time-consuming 
offline data analysis will be necessary beyond 
that of simple signal averaging. 

5. Fast learning algorithms. All of the four points 
above may be slaved together using pattern recog- 
nition learning algorithms to identify those control 
fields which are producing better results, and bias 
the next sequence of experiments in their favor for 
further improvement. Although many algorithms 
may be employed for this purpose, the global 
search capabilities of genetic algorithms are quite 
attractive, as they may take full advantage of the 
high throughput nature of the experiments. 


In linking together all of these components into a 
closed-loop OCE, it is important that no single 
operational step significantly lags behind any other, 


for efficiency reasons. Fortunately, this economy is 
coincident with all the tasks and technologies 
involved. For achieving control alone, there is no 
requirement that the actual laser pulse structure be 
identified on each cycle of the loop. Rather, the laser 
control ‘knob’ settings are adequate information for 
the learning algorithm, as the only criterion is to 
suitably adjust the knobs to achieve an acceptable 
value for the chemical/physical objective. The learn- 
ing algorithm in point (5) operates with a cost func- 
tional J, analogous to that used for computational 
design of fields, but now the cost functional can 
only depend on those quantities directly observable in 
the laboratory (i.e., minimally, the current achieved 
target expectation value). In cases where a physical 
understanding is sought about the control mechan- 
ism, the laser field structure must also be measured. 
This additional information is typically also not a 
burden to attain, as it often is only required for the 
single best control field at the end of the closed-loop 
learning experiments. 

The OCE process in Figure 3 and steps (1)-(5) 
above constitute the laboratory process for achieving 
optimal quantum control, and exactly the same 
reasons put forth for OCT motivate the desire for 
attaining optimal performance: principally, seeking 
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the best control result that can possibly be obtained. 
Seeking optimal performance also ensures some 
degree of inherent robustness to field noise, as fleeting 
observations would not likely survive the signal 
averaging carried out in the laboratory. Additionally, 
robustness as a specific criterion may also be included 
in the laboratory cost functional in item (5). When a 
detailed physical interpretation of the controlled 
dynamics is desired, it is essential to remove any 
extraneous control field features that have little 
impact on the system manipulations. Without the 
latter clean-up carried out during the experiments, 
the final field may be contaminated by structures that 
have little physical impact. Although quantum 
dynamics typically occurs on femtosecond or picose- 
cond time-scales, the loop excursions in Figure 3 need 
not be carried out on the latter time-scales. Rather, 
the loop may be traversed as rapidly as convenient, 
consistent with the capabilities of the apparatus. 
A new system sample is introduced on each cycle of 
the loop. This process is referred learning control, to 
distinguish it from real-time feedback control. 

The closed-loop quantum learning control algo- 
rithm can be self-starting, requiring no prior control 
field designs, under favorable circumstances. Virtu- 
ally all of the current experiments were carried out in 
this fashion. It remains to be seen if this procedure of 
‘going in blind’ will be generally applicable in highly 
complex situations where the initial state is far from 
the target state. Learning control can only proceed if 
at least a minimal signal is observed in the target 
state. Presently, this requirement has been met by 
drawing on the overwhelmingly large number of 
exploratory experiments that can be carried out, 
even in a brief few minutes, under full computer 
control. However, in some situations, the perform- 
ance of intermediate observations along the way to 
the target goal may be necessary in order to at 
least partially guide the quantum dynamics towards 
the ultimate objective. Beneficial use could also be 
made from prior theoretical laser control designs €(f) 
capable of at least yielding a minimal target signal. 

The OCE closed-loop procedure was based on the 
growing number of successful theoretical OCT 
design calculations, even with all of their foibles, 
especially including less than perfect Hamiltonians. 
The OCT and OCE processes are analogous, with 
their primary distinction involving precisely what 
appears in their corresponding cost functionals. 
Theoretical guidance can aid in identifying the 
appropriate cost functionals and learning algorithms 
for OCE, especially for addressing the needs 
associated with attaining a physical understanding 
about the mechanisms governing controlled quan- 
tum dynamics phenomena. 


A central issue is the rate that learning control 
occurs upon excursions around the loop in Figure 3. 
A number of factors control this rate of learning, 
including the nature of the physical system, the 
choice of objective, the presence of field uncertain- 
ties and measurement errors, the number of control 
variables, and the capabilities of the learning 
algorithm employed. Achieving control is a matter 
of discrimination, and some of these factors, 
whether inherent to the system or introduced by 
choice, may work against attaining good-quality 
discrimination. At this juncture, little is known 
quantitatively about the limitations associated with 
any of these factors. 

The latter issues have not prevented the successful 
performance of a broad variety of quantum control 
experiments, and at present the ability to carry out 
massive numbers of closed-loop excursions has 
overcome any evident difficulties. The number of 
examples of successful closed-loop quantum control 
is rapidly growing, with illustrations involving the 
manipulation of laser dye fluorescence, chemical 
reactivity, high harmonic generation, semiconductor 
optical switching, fiber optic pulse transmission, and 
dynamical discrimination of similar chemical 
species, amongst others. Perhaps the most interesting 
cases are those carried out at high field intensities, 
where prior speculation suggested that such experi- 
ments would fail due to even modest laser field noise 
being amplified by the quantum dynamics. Fortu- 
nately, this outcome did not occur, and theoretical 
studies have indicated that surprising degrees of 
robustness to field noise may accompany the 
manipulation of quantum dynamics phenomena. 
Although the presence of field noise may diminish 
the beneficial influence of constructive and destruc- 
tive interferences, evidence shows that field noise 
does not appear to kill the actual control process, at 
least in terms of obtaining reasonable values for the 
control objectives. One illustration of control in the 
high-field regime is shown in Figure 4, demonstrat- 
ing the learning process for the dissociative 
rearrangement of acetophenone to form toluene. 
Interestingly, this case involves breaking two bonds, 
with the formation of a third, indicating that 
complex dynamics can be managed with suitably 
tailored laser pulses. 

Operating in the strong-field regime, especially for 
chemical manipulations, also has the important 
benefit of producing a generic laser tool to 
control a broad variety of systems by overcoming 
the long-standing problem of having sufficient band- 
width. For example, the result in Figure 4 uses a 
Ti:sapphire laser in the near-infrared regime. Starting 
with a bandwidth-limited pulse of intensity near 
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Figure 4 Anillustration of dissociative rearrangement achieved 
by closed-loop learning control in Figure 3. The optimally 
deduced laser pulse broke two bonds in the parent acetophenone 
molecule and formed a new one to yield the toluene product. The 
laboratory learning curve is shown for the toluene product signal 
as a function of the generations in the genetic algorithm guiding 
the experiments. The fluctuations in the learning curve for 
optimizing the toluene yield corresponds to the algorithm 
searching for the optimal yield as the experiments proceed. 


~10'* W cm’, in this regime, the dynamic power 
broadening can easily be on the order of ~1 eV or 
more, thereby effectively converting the otherwise 
discrete spectrum of the molecule into an effective 
continuum for ready multiphoton matching by the 
control laser pulse. Operating under these physical 
conditions is very attractive, as the apparatus is 
generic, permitting a single shaped-pulse laser source 
(e.g., a Ti:sapphire system with phase and amplitude 
modulation) to be utilized with virtually any chemical 
system where manipulations are desired. Although 
every desired physical/chemical goal may not be 
satisfactorily met (i.e., the goals must be physically 
attainable!), the means are now available to explore 
large numbers of systems. Operating under closed 
loop in the strong-field tailored-pulse regime elimin- 
ates the prior serious limitation of first finding a 
physical system to meet the laser capabilities; now, 
the structure of the laser pulse can be shaped to meet 
the molecule’s characteristics. Strong field operations 
may be attractive for these reasons, but other broad- 
band laser sources, possibly working at weaker field 
intensities, might be essential in some applications 
(e.g., controlling electron dynamics in semiconduc- 
tors, where material damage is to be avoided). It is 
anticipated that additional broadband laser sources 
will become available for these purposes. 

The coming years should be a period of rapid 
expansion, including a thorough exploration of 


closed-loop quantum control capabilities. As with 
the use of any laboratory tool, certain applications 
may be more amenable than others to attaining 
successful control. The particular physical/chemical 
questions need to be well posed, and controls need to 
have sufficient flexibility to meet the objectives. The 
experiments ahead should be able to reveal the degree 
to which drawing on optimality in OCE, combined 
with the performance of massive numbers of experi- 
ments can lead to broad-scale successful control of 
quantum phenomena. One issue of concern is the 
richness associated with the large numbers of phase 
and amplitude control knobs that may be adjusted in 
the laboratory. Some experiments have already 
operated with hundreds of knobs, while others have 
restricted their number in a variety of ways, to 
simplify the search process. Additional technological 
and algorithmic advances may be required to manage 
the high-dimensional control space searches. Fortu- 
nately, for typical applications, the search does not 
reduce to seeking a needle in a haystack, as generally 
there are multiple control solutions, possibly all of 
very good quality. 

As a final comment on OCE, it is useful to appre- 
ciate the subtle distinction of the procedure from 
closed-loop feedback experiments. This distinction is 
illustrated in Figure 5, pointing to three types of 
closed-loop quantum control laboratory experi- 
ments. The OCE procedure in Figure 5a produces a 
generic laser tool capable of controlling a broad 
variety of systems with an emphasis in the figure 
placed on the point that each cycle around the loop 
starts with a new sample for control. The replacement 
of the sample on each cycle eliminates a number of 
difficulties, principally including concerns about 
sample damage, avoidance of operating the loop at 
the ultrafast speed of the quantum mechanical 
processes, and elimination of the effect that 
‘to observe is to disturb’ in quantum mechanics. 
Thus, learning control provides a generic practical 
procedure, regardless of the nature of the quantum 
system. Figure 5b has the same structure as that of 
Figure 5a, except the loop is now closed around the 
same single quantum system, which is followed 
throughout its evolution. All of the issues mentioned 
above that are circumvented by operating through 
laboratory learning control in Figure 5a must now be 
directly faced in the setup of Figure 5b. The procedure 
in Figure 5b will likely only be applicable in special 
circumstances, at least for the reason that many 
quantum systems operate on time-scales far too fast 
for opto-electronics and computers to keep up with. 
However, there are certain quantum mechanical 
processes that are sufficiently slow to meet the 
criteria. Furthermore, a period of free evolutionary 
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Figure 5 Three possible closed-loop formulations for attaining 
laser control over quantum phenomena. (a) is a learning control 
process where a new system is introduced on each excursion 
around the loop. (b) utilizes feedback control with the loop being 
traversed with the same sample, generally calling for an accurate 
model of the system to adjust the controls on each loop excursion. 
(c) is, at present, a dream machine where the laser and the 
sample under control are one unit operating without external 
algorithmic guidance. The closed-loop learning control procedure 
in (a) appears to form the most practical means to achieve laser 
control over quantum phenomena, especially for complex 
systems. 


quantum dynamics may be permitted to occur 
between one control pulse and the next, to make 
the time issue manageable. While the learning con- 
trol process in Figures 3 and 5a can be performed 
model-free, the feedback algorithm in Figure 5b 
generally must operate with a sufficiently reliable 
system Hamiltonian to carry out fast design correc- 
tions to the control field, based on the previous 
control outcome. These are very severe demands, but 
they may be met under certain circumstances. One 
reason for considering closed-loop feedback control 
in Figure 5b is to explore the basic physical issue of 
quantum mechanical limitations inherent in the 
statement ‘to observe is to disturb’. It is suggestive 
that control over many types of quantum phenomena 
may fall into the semiclassical regime, lying some- 
where between classical engineering behavior and the 


hard limitations of quantum mechanics. Experiments 
of the type in Figure 5b will be most interesting for 
exploring this matter. Finally, Figure 5c introduces 
a gedanken experiment in the sense that the 
closed-loop process is literally built into the 
hardware. That is, the laser control and quantum 
system act as a single functioning unit operating in a 
stable fashion, so as to automatically steer the system 
to the desired target. This process may involve 
engineering the quantum mechanical system prior to 
control in cases where that freedom exists, as well as 
engineering the laser components involved. The 
meaning of such a device in Figure 5c can be 
understood by considering an analogy with airplane 
flight, where the aircraft is constructed to have an 
inherent degree of aerodynamic stability and will 
essentially fly (glide) on its own accord when pushed 
forward. It is an open question whether closing the 
loop in the hardware can be attained for quantum 
control, and an exploration of this concept may 
require additional laser technologies. 


Conclusions 


This article presented an overview of theoretical 
concepts and algorithmic considerations associated 
with the control of quantum phenomena. Theory 
has played a central role in this area by revealing 
the fundamental principles underlying quantum 
control, as well as by providing algorithms for 
designing controls and guiding experiments to 
discover successful controls in the laboratory. The 
challenge of controlling quantum phenomena, in 
one sense, is an old subject, going back at least 40 
years. However, roughly the first 30 of these years 
would best be described as a period of frustration, 
due to a lack of full understanding of the principles 
involved and the nature of the lasers needed to 
achieve success. Thus, from another perspective, the 
subject is quite young, with perhaps the most 
notable development being the introduction of 
closed-loop laboratory learning procedures. At the 
time of writing this article, these procedures are 
just beginning to be explored for their full 
capabilities. To appreciate the young nature of this 
subject, it is useful to note that the analogous 
engineering control disciplines presently occupy 
many thousands of engineers worldwide, both 
theoreticians and practitioners, and have done so 
for many years. Yet, engineering control is far 
from considered a mature subject. Armed now with 
the basic concepts and proper laboratory tools, one 
may anticipate a thorough exploration of control 
over quantum phenomena, including its many 
possible applications. 
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Introduction 


The experimental control of quantum phenomena in 
atoms, molecules, and condensed phase materials has 
been a long-standing challenge in the physical 
sciences. For example, the idea that a laser beam 
could be used to selectively cleave a chemical bond 
has been pursued since the demonstration of the laser 
in the early 1960s. However, it was not until very 
recent times that one could realize selective bond 
cleavage. One key to the rapid acceleration of such 
experiments is the capability of manipulating the 
relative phases between two or more paths leading to 
the same final state. This is done in practice by 
controlling the phase of two (or two thousand!) laser 
frequencies coupling the initial state to some desired 
final state. The present interest in phase-related 
control stems in part from research focusing on 
quantum information sciences, controlling chemical 
reactivity, and developing new optical technologies, 
such as in biophotonics for imaging cellular 
materials. Ultimately, one would like to identify 
coherent control applications having impact similar 
to linear regime applications like compact disk 
reading (and writing), integrated circuit fabrication, 
and photodynamic therapy. Note that in each of these 
the phase of the electromagnetic field is not an 
important parameter and only the brightness of the 
laser at a particular frequency is used. While phase is 
of negligible importance in any one photon process, 
for excitations involving two or more photons, phase 
not only becomes a useful characteristic, it can 
modulate the yield of a desired process between 
zero and one hundred percent. 

The use of optical phase to manipulate atomic and 
molecular systems rose to the forefront of laser 
science in the 1980s. Prior to this there was 
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considerable effort directed toward using the inten- 
sity and high spectral resolution features of the laser 
for various applications. For example, the high 
spectral resolution character was employed in 
purifying nuclear isotopes. Highly intense beams 
were also used in the unsuccessful attempt to pump 
enough energy into a single vibrational resonance to 
selectively dissociate a molecule. The current revolu- 
tion in coherent control has been driven in part by 
the realization that controlling energy deposition 
into a single degree of freedom (such as selectively 
breaking a bond in a polyatomic molecule) can not 
be accomplished by simply driving a resonance with 
an ever more intense laser source. In the case of 
laser-induced photo dissociation, such excitation 
ultimately results in statistical dissociation through- 
out the molecule due to vibrational mode coupling. 
In complex systems, controlling energy deposition 
into a desired quantum state requires a more 
sophisticated approach and one scheme involves 
coherent control. 

The two distinct regimes for excitation in coherent 
control, the time and frequency domain experiments, 
are formally equivalent. While the experimental 
approach and level of success for each domain is 
vastly different, both rely on precisely specifying the 
phase relations for a series of excitation frequencies. 
The basic idea behind phase control is simple. One 
emulates the interference effects that can be easily 
visualized in a water tank experiment with a wave 
propagating through two slits. In the coherent control 
experiment, two or more indistinguishable pathways 
must be excited that connect one quantum state to 
another. In either water waves, or coherent control, 
the probability for observing constructive or destruc- 
tive interference at a target state depends on the phase 
difference between the paths connecting the two 
locations in the water tank, or the initial and final 
states in the quantum system. In the case of coherent 
control, the final state may have some technological 
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value, for instance, a desirable chemical reaction 
product or an intermediate in the implementation of 
quantum computation. 

Frequency domain methods concentrate on inter- 
fering two excitation routes in a system by controlling 
the phase difference between two distinct frequencies 
coupling an initial state to a final state. Perhaps the 
first mention of the concept of phase control in the 
optical regime can be traced to investigations in 
Russia in the early 1960s, where the interference 
between a one- and three-photon path was theoreti- 
cally proposed as a means to modulate a two-photon 
absorption. This two-path interference idea lay 
dormant until the reality of controlling the relative 
phase of two distinct frequencies was achieved in 
1990 using gas phase pressure modulation for 
frequency domain experiments. The idea was theor- 
etically extended to the control of nuclear motion in 
1988. The first experimental example of two-color 
phase control over nuclear motion was demonstrated 
in 1991. It is interesting that the first demonstrations 
of coherent control did not, however, originate in the 
frequency domain approach, but came from time 
domain investigations in the mid-1980s. This was 
work that grew directly out of the chemical dynamics 
community and will be described below. 

While frequency domain methods were developed 
exclusively for the observation of quantum inter- 
ference, the experimental implementation of time- 
domain methods was first developed for observing 
nuclear motion in real time. In the time domain, a 
superposition of multiple states is prepared in a 
system using a short duration (~ 50 fs) laser pulse. 
The superposition state will subsequently evolve 
according to the phase relationships of the prepared 
states and the Hamiltonian of the system. At some 
later time the evolution must be probed using a 
second, short-time-duration laser pulse. The time- 
domain methods for coherent control were first 
proposed in 1985 and were based on wavepacket 
propagation methods developed in the 1970s. The 
first experiments were reported in the mid-1980s. 

To determine whether the time or frequency 
domain implementation is more applicable for a 
particular control context, one should compare the 
relevant energy level spacing of the quantum system 
to the bandwidth of the excitation laser. For instance, 
control of atomic systems is more suited to frequency 
domain methods because the characteristic energy 
level spacing in an atom (several electron volts) is 
large compared to the bandwidth of femtosecond 
laser pulses (millielectron volts). In this case, prepa- 
ration of a superposition of two or more states is 
impractical with a single laser pulse at the present 
time, dictating that the control scheme must employ 


the initial state and a single excited eigenstate. In 
practice, quasi-CW nanosecond duration laser pulses 
are employed for such experiments because current 
ultrafast (fs duration) laser sources cannot typically 
prepare a superposition of electronic states. One 
instructive exception involves the excitation of 
Rydberg states in atoms. Here the electronic energy 
level spacing can be small enough that the bandwidth 
of a femtosecond excitation laser may span several 
electronic states and thus can create a superposition 
state. One should also note that the next generation 
of laser sources in the attosecond regime may permit 
the preparation of a wavepacket from low-lying 
electronic states in an atom. In the case of molecules, 
avoiding a superposition state is nearly impossible. 
Such experiments employ pico- to femtosecond 
duration laser pulses, having a bandwidth sufficient 
to excite many vibrational levels, either in the ground 
or excited electronic state manifold of a molecule. To 
complete the time-dependent measurement, the 
propagation of the wavepacket to the final state of 
interest must be observed (probed) using a second 
ultrafast laser pulse that can produce fluorescence, 
ionization, or stimulated emission in a time-resolved 
manner. The multiple paths that link the initial and 
final state via the pump and the probe pulses are the 
key to the equivalence of the time and frequency 
domain methods. 

There is another useful way to classify experiments 
that have been performed recently in coherent 
control, that is into either open-loop or closed-loop 
techniques. Open-loop signifies that a calculation 
may be performed to specify the required pulse shape 
for control before the experiment is attempted. All of 
the frequency-based, and most of the time-based 
experiments fall into this category. Closed-loop, on 
the other hand, signifies that the results from 
experimental measurements must be used to assist 
in determining the correct parameters for the next 
experiment, this pioneering approach was suggested 
in 1992. It is interesting that in the context of control 
experiments performed to date, closed-loop exper- 
iments represent the only route to determining the 
optimal laser pulse shape for controlling even 
moderately complex systems. In this approach, no 
input from theoretical models is required for coherent 
control of complex systems. This is unlike typical 
control engineering environments, where closed-loop 
signifies the use of experiments to refine parameters 
used in a theoretical model. 

There is one additional distinction that is of value 
for understanding the state of coherent control at the 
present time. Experiments may be classified into 
systems having Hamiltonians that allow calculation 
of frequencies required for the desired interference 
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patterns (thus enabling open-loop experiments) and 
those having ill-defined Hamiltonians (requiring 
closed-loop experiments). The open-loop experi- 
ments have demonstrated the utility of various 
control schemes, but are not amenable to systems 
having even moderate complexity. The closed-loop 
experiments are capable of controlling systems of 
moderate complexity but are not amenable to 
precalculation of the required control fields. Systems 
requiring closed-loop methods include propagation 
of short pulses in an optical fiber, control of high 
harmonic generation for soft X-ray generation, 
control of chemical reactions and control of biologi- 
cal systems. In the experimental regime, the value of 
learning control for dealing with complex systems has 
been well documented. 

The remainder of this article represents an over- 
view of the experimental implementation of coherent 
control. The earliest phase control experiments 
involved time-dependent probing of molecular wave- 
packets, and were followed by two-path interference 
in an atomic system. The most recent, and general, 
implementation of control involves tailoring a time- 
dependent electromagnetic field for a desired objec- 
tive using closed-loop techniques. Since the use of 
tailored laser pulses appears to be rather general, a 
more complete description of the experiment is 
provided. 


Time-Dependent Methods 


The first experiments demonstrating the possibility of 
coherent control were performed to detect nuclear 
motion in molecules in real time. These investigations 
were the experimental realization of the pump-dump 
or pulse-timing control methods as originally 
described in 1985. The experimental applications 
have expanded to numerous systems including 
diatomic and triatomic molecules, small clusters, 
and even biological molecules. For such experiments, 
a vibrational coherence is prepared by exciting a 
superposition of states. These measurements 
implicitly used phase control both in the generation 
of the ultrashort pulses and in the coherent probing of 
the superposition state by varying the time delay 
between the pump and probe pulses, in effect 
modulating the outcome of a quantum transition. 
Since the earliest optical experiment in the mid- 
1980s, there have been many hundreds of such 
experiments reported in the literature. The motiv- 
ation for the very first experiments was not explicitly 
phase control, but rather the observation of nuclear 
motion of molecules in real time. In such later 
measurements, oscillations in the superposition states 
were observable for many cycles, up to many tens of 


picoseconds in favorable cases, i.e., diatomic mole- 
cules in the gas phase. The loss of signal in the 
coherent oscillations is ultimately due to passage of 
the superposition state in to surrounding bath states. 
This may be due to collision with another molecule, 
dissociation of the system or redistribution of the 
excitation energy into other modes of the system not 
originally excited in the superposition. It is notable 
that coherence can be maintained in solution phase 
systems for tens of picoseconds and for the case of 
resonances having weak coupling to other modes, 
coherence can even be modulated in large biological 
systems on the picosecond time scale. 

Decoherence represents loss of phase information 
about a system. In this context, phase information 
represents our detailed knowledge of the electronic 
and nuclear coordinates of the system. In the case of 
vibrational coherence, decoherence may be rep- 
resented by intramolecular vibrational energy trans- 
fer to other modes of the molecule. This can be 
thought of as the propensity of vibrational modes of a 
molecule to couple together in a manner that 
randomizes deposited energy throughout the mol- 
ecule. Decoherence in a condensed phase system 
includes transfer of energy to the solvent modes 
surrounding the system of interest. For an electro- 
nically excited molecule or atom, decoherence can 
involve spontaneous emission of radiation (fluor- 
escence), or dissociation in the case of molecules. 
Certain excited states may have high probability for 
fluorescence and would represent a significant deco- 
herence pathway and an obstacle for coherent 
control. These states may be called ‘lossy’ and are 
often used in optical pumping schemes as well as for 
stimulated emission pumping. An interesting question 
arises as to whether one can employ such states in a 
pathway leading to a desired final state, or must such 
lossy states be avoided at all costs in coherent control. 
This question has been answered to some degree by 
the method of rapid adiabatic passage. In this 
experiment, an initial state is coupled to a final state 
by way of a lossy state. The coupling is a coherent 
process and the preparation involves dressed states 
that are eigenstates of the system. In this coherent 
superposition the lossy state is employed, but no 
population is allowed to build up and thus decoher- 
ence is circumvented. 


Two-Path Interference Methods 


Interference methods form perhaps the most intuitive 
example of coherent control. The first experimental 
demonstration was reported in 1990 and involved the 
modulation of ionization probability in Hg by 
interfering a one-photon and three-photon excitation 
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pathway to an excited electronic state (followed by 
two-photon ionization). The long delay between the 
introduction of the two-path interference concept in 
1960 and the demonstration in 1990 was the 
difficulty in controlling the relative phase of the 
one- and three-photon paths. The solution involved 
generating the third harmonic of the fundamental in a 
nonlinear crystal, and copropagating the two beams 
through a low-density gas. Changing the pressure of 
the gas changes the optical phase retardance at 
different rates for different frequencies, thus allowing 
relative phase control between two colors. The 
ionization yield of Hg was clearly modulated as a 
function of pressure. Such schemes have been 
extended to diatomic molecular systems and the 
concept of determining molecular phase has been 
investigated. While changing the phase of more than 
two frequencies has not been demonstrated using 
pressure tuning (because of experimental difficulties), 
a more flexible method has been developed to alter 
relative phase of up to 1000 frequency bands, as will 
be described next. 


Closed-Loop Control Methods 


Perhaps the most exciting new aspect of control in 
recent years concerns the prospect for performing 
closed-loop experiments. In this approach a more 
complex level of control in matter is achieved in 
comparison to the two-path interference and pump- 
probe control methods. In the closed-loop method, an 
arbitrarily complex time-dependent electromagnetic 
field is prepared that may have multiple subpulses and 
up to thousands of interfering frequency bands. The 
realization of closed-loop control over complex 
processes relies on the confluence of three technol- 
ogies: (i) production of large bandwidth ultrafast 
laser pulses; (ii) spatial modulation methods for 
manipulating the relative phases and amplitudes of 
component frequencies of the ultrafast laser pulse; 
and (iii) closed-loop learning control methods for 
sorting through the vast number of pulse shapes 
available as potential control fields. In the closed-loop 
method, the result of a laser molecule interaction is 
used to tailor an optimized pulse. 

In almost all of the experimental systems used for 
closed-loop control today, Kerr lens mode-locking in 
the Ti:sapphire crystal is used to phase lock the wide 
bandwidth of available frequencies (750-950 nm) to 
create the ultrafast pulse. In this phenomenon, the 
intensity variation in the short laser pulse creates a 
transient lens in the Ti:sapphire lasing medium that 
discriminates between free lasing and mode-locked 
pulses. As a result, all of the population inversion 
available in the lasing medium may be coerced into 


enhancing the ultrashort traveling wave in the cavity 
in this way. The wide bandwidth available may then 
be amplified and tailored into a shaped electromag- 
netic field. Spatial light modulation is one such 
method for modulating the relative phases and 
amplitudes of the component frequencies in the 
ultrafast laser pulse to tailor the shaped laser pulse. 
Pulse shaping first involves dispersing the phase- 
locked frequencies on an optical grating, the 
dispersed radiation is then collimated using a 
cylindrical lens and the individual frequencies are 
focused to a line forming the Fourier plane. At the 
Fourier plane, the time-dependent laser pulse is 
transformed into a series of phase-locked continuous 
wave (CW) laser frequencies, and thus Fourier 
transformed from time to frequency space. The 
relative phases and amplitudes may be modulated 
in the Fourier plane using an array of liquid crystal 
pixels. After altering the spectral phase and ampli- 
tude profile, the frequencies are recombined on a 
second grating to form the shaped laser pulse. With 
one degree of phase control and 10 pixels there are 
an astronomic number (360!°) of pulse shapes that 
may be generated in this manner. (At the present 
time, pulse shapers have up to 2000 independent 
elements.) Evolutionary algorithms are employed to 
manage the available phase space. Realizing that the 
pulse shape is nothing more than the summation of a 
series of sine waves, each having an associated phase 
and amplitude, we find that a certain pulse shape can 
be represented by a genome consisting of an array of 
these frequency-dependent phases and amplitudes. 
This immediately suggests that the methods of 
evolutionary search strategies may be useful for 
determining the optimal pulse shape for a desired 
photoexcitation process. 

The method of closed-loop optimal control for 
experiments was first proposed in 1992 and the first 
experiments were reported in 1997 regarding 
optimization of the efficiency of a laser dye molecule 
in solution. Since that time a number of experiments 
have been performed in both the weak and strong 
field regime. In the weak field regime, the intensity 
of the laser does not alter the field free structure of 
the excited states of the system under investigation. 
In the strong field, the field free states of the system 
are altered by the electric field of the laser. Whether 
one is in the weak or strong field regime depends on 
parameters including the characteristic level spacing 
of the states of the system to be controlled and the 
intensity of the laser coupling into those states. 
Examples of weak field closed-loop control include 
optimization of laser dye efficiency, compression of 
an ultrashort laser pulse, dissociation of alkali 
clusters, optimization of coherent anti-Stokes 
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Raman excitation, and optical pulse propagation in 
fibers. In the strong field, the laser field is used to 
manipulate the excited states of the molecule as well 
as induce population transfer among these states. In 
this sense, the laser is both creating and exciting 
resonances, in effect allowing universal excitation 
with a limited frequency bandwidth of 750- 
850nm. For chemical applications, it is worth 
noting that most molecules do not absorb in this 
wavelength region in the weak field. Strong field 
control has been used for controlling bond dis- 
sociation, chemical rearrangement, photonic 
reagents, X-ray generation, molecular centrifuges 
and the manipulation of mass spectral fragmenta- 
tion intensities. In the latter case, a new sensing 
technology has emerged wherein each individual 
pulse shape represents an independent sensor for a 
molecule. Given the fact that thousands of pulse 
shapes can be tested per minute, this represents a 
new paradigm for molecular analysis. 

At the time of this writing, the closed-loop method 
for adaptively tailoring control fields, has far out- 
stripped our theoretical understanding of the process 
(particularly in the strong field regime). Adaptive 
control is presently an active field of investigation, 
encompassing the fields of physics, engineering, 
optics, and chemistry. In the coming years, there 
will be as much work done on the mechanism of 
control as in the application of the methods. Due to 
small energy level spacings and complexity of the 
systems, we anticipate the majority of applications to 
be in the chemical sciences. 
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Introduction 


Interference phenomena are well-known in classical 
optics. In the early 19th century, Thomas Young 
showed conclusively that light has wave properties, 
with the first interference experiment ever performed. 
He passed quasi-monochromatic light from a single 
source through a pair of double slits using the 
configuration of Figure 1a and observed an inter- 
ference pattern consisting of a series of bright and 
dark fringes on a distant screen. The intensity 
distribution can be explained only if it is assumed 
that light has wave or phase properties. In modern 
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terminology, if E; and E, are the complex electric 
fields of the two light beams arriving at the screen, by 
the superposition principle of field addition the 
intensity at a particular point on the screen can be 
written as 


[« |E, + E,| 
= |E,? + 1E,I? + IE, IIE)! cos(d; — 2) [1] 


where ¢,; — qd» is the phase difference of the beams 
arriving at the screen. While this simple experi- 
ment was used originally to demonstrate the wave 
properties of light, it has subsequently been used for 
many other purposes, such as measuring the 
wavelength of light. However, for our purposes, 
here the Young’s double slit apparatus can also be 
viewed as a device that redistributes light, or 


138 COHERENT CONTROL / Applications in Semiconductors 





{a} Optical interferometer 














oO 
S, ra 8, 
SY Source 
(b} Matter interferometer 
r 
It} [2) 


ne 


(c) Conduction-valence band transitions 


Conduction band 
Ic) 





lv) 


Valence band 


Figure 1 (a) Interference effects in the Young’s double slit 
experiment; (b) illustration of the general concept of coherence 
control via multiple quantum mechanical pathways; (c) inter- 
ference of single- and two-photon transitions connecting the same 
valence and conduction band states in a semiconductor. 


controls its intensity at a particular location. For 
example, let’s consider one of the slits to be a source, 
with the other slit taken to be a gate, with both 
capable of letting through the same amount of light. 
If the gate is closed, the distant screen is nearly 
uniformly illuminated. But if the gate is open, at a 
particular point on the distant screen there might be 
zero intensity or as much as four times the intensity 
emerging from one slit because of interference 
effects, with all the light merely being spatially 
redistributed. In this sense the double slit system can 
be viewed as a device to redistribute the incident 
light intensity. The key to all this is the superposition 
principle and the properties of optical phase. 

The superposition principle and interference 
effects also lie at the heart of quantum mechanics. 
For example, let’s now consider a system under the 
influence of a perturbation with an associated 
Hamiltonian that has phase properties. In general 
the system can evolve from one quantum state |2) to 
another If) via multiple pathways involving inter- 
mediate states |v). Because of the phased pertur- 
bation, interference between those pathways can 


influence the system’s final state. If a,, is the 
(complex) amplitude associated with a transition 
from the initial to the final state, via intermediate 
virtual state |), then for all possible intermediate 
states the overall transition probability, W, can be 
written as 


4 [2] 


We es 


In the case of only two pathways, as illustrated in 
Figure 1b, W becomes 





WeHlatal 


| 2 


= lay + layl? + layllay| cos(qdy = >) [3] 


where ¢, and ¢) are now the phases of the two 
transition amplitudes. While this expression strongly 
resembles that of eqn [1], here ¢, and ¢) are 
influenced by the phase properties of the pertur- 
bation Hamiltonian that governs the transition 
process; these phase factors arise, for example, if 
light fields constitute the perturbation. But overall it 
is clear that the change in the state of the system is 
affected by both the amplitude and phase properties 
of the perturbation. Analogous with the classical 
interferometer, equality of the transition amplitudes 
leads to maximum contrast in the transition rate. 
Although it has been known since the early days of 
quantum mechanics that the phase of a perturbation 
can influence the evolution of a system, generally 
phase has only been discussed in a passive role. Only 
in recent years has phase been used as a control 
parameter for a system, on the same level as the 
strength of the perturbation itself. 


Coherence Control 


Coherence control, or quantum control as it is 
sometimes called, refers to the active process through 
which one can use phase-dependent perturbations 
originating with, for example, coherent light waves, 
to control one or more properties of a quantum 
system, such as state population, momentum, or spin. 
This more general perspective of interference leads to 
a picture of interference of matter waves, rather than 
simply light waves, and one can now speak of an 
effective ‘matter interferometer’. Laser beams, in 
particular, are in a unique position to play a role in 
such processes, since they offer a macroscopic ‘phase 
handle’ with which to create such effects. This was 
recognized by the community of atomic and molecu- 
lar scientists who emphasized the active manifes- 
tations of quantum interference effects, and proposed 
that branching ratios in photochemical reactions 
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might be controlled through laser-induced interfer- 
ence processes. The use of phase as a control 
parameter also represents a novel horizon of appli- 
cations for the laser since most previous applications 
had involved only amplitude (intensity). 

Of course, just as the ‘visibility’ of the screen 
pattern for a classical Young’s double slit interfero- 
meter is governed by the coherence properties of the 
two slit source, the evolution of a quantum system 
reflects the coherence properties of the perturbations, 
and the degree to which one can exercise phase 
control via external perturbations is also influenced 
by the interaction of the system of interest with a 
reservoir — essentially any other degrees of freedom 
in the system — which can cause decoherence and 
reduce the effectiveness of the ‘matter interferom- 
eter’. Since the influence of a reservoir will generally 
increase with the complexity of a system, one might 
think that coherence control can only be effectively 
achieved in simple atomic and molecular systems. 
Indeed, some of the earliest suggestions for coherence 
control of a system involved using interference 
between single and three photon absorption pro- 
cesses, connecting the same initial and final states 
with photons of frequency 3w and w, respectively, 
and controlling the population of excited states in 
atomic or diatomic systems. However, it has been 
difficult to extend this ‘two color’ paradigm to more 
complex molecular systems. Since the reservoir leads 
to decoherence of the system overall, shorter and 
shorter pulses must be used to overcome decoherence 
effects. However, short pulses possess a large 
bandwidth with the result that, for complex systems, 
selectivity of the final state can be lost. One must 
therefore consider using interference between multi- 
ple pathways in order to control the system, as 
dictated by the details of the unperturbed Hamil- 
tonian of the system. 

For a polyatomic molecule or a solid, the complete 
Hamiltonian is virtually impossible to determine 
exactly and it is therefore equally difficult to prescribe 
the optimal spectral (amplitude and phase) content of 
the pulses that should be used for control purposes. 
An alternative approach has therefore emerged, in 
which one foregoes knowledge of the eigenstates of 
the Hamiltonian and details of the different possible 
interfering transition paths in order to achieve control 
of the end state of a system. This branch of coherence 
control has come to be known as optimal control. In 
optimal control one employs an optical source for 
which one can (ideally) have complete control over 
the spectral and phase properties. One then uses a 
feedback process in which experiments are carried 
out, the effectiveness of achieving a certain result is 
determined, and the pulse characteristics are then 


altered to obtain a new result. A key component is the 
use of an algorithm to select the new pulse properties 
as part of the feedback system. In this approach the 
molecule teaches the external control system what it 
‘requires’ for a certain result to be optimally achieved. 
While the ‘best’ pulse properties may not directly 
reveal details of the multiple interference process 
required to achieve the optimal result, this technique 
can nonetheless be used to gain some insight into the 
properties of the unperturbed Hamiltonian and, 
regardless of such understanding, achieve a desirable 
result. It has been used to control chemical reaction 
rates involving several polyatomic molecules, with 
considerable enhancement in achieving a certain 
product relative to what can be done using simple 
thermodynamics. 


Coherence Control in Semiconductors 


Since coherence control of chemical reactions invol- 
ving large molecules has represented a significant 
challenge, it was generally felt that ultrafast deco- 
herence processes would also make control in solids, 
in general, and semiconductors, in particular, diffi- 
cult. Early efforts therefore focused on atomic-like 
situations in which the electrons are bound and 
associated with discrete states and long coherence 
times. In semiconductors, the obvious choice is the 
excitonic system, defect states, or discrete states 
offered by quantum wells. Population control of 
excitons and directional ionization of electrons from 
quantum wells has been clearly demonstrated, similar 
to related population control of and directional 
ionization from atoms. Other manifestations of 
coherence control of semiconductors include control 
of electron-phonon interactions and intersub-band 
transitions in quantum wells. 

Among the different types of coherence control in 
semiconductors is the remarkable result that it is 
possible to coherently control the properties of free 
electrons associated with continuum states. Although 
optimal control might be used for some of these 
processes, we have achieved clear illustrations of 
control phenomena based on the use of harmonically 
related beams and interference of single- and two- 
photon absorption processes connecting the conti- 
nuum valence and conduction band states as gener- 
ically illustrated in Figure 1c. Details of the various 
processes observed can be found elsewhere. Of 
course, the momentum relaxation time of electrons 
or holes in continuum states is typically of the order 
of 100 fs at room temperature, but this time is 
sufficiently long that it can permit phase-controlled 
processes. Indeed, with respect to conventional 
carrier transport, this ‘long time’ lapse is responsible 
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for the typically high electrical mobilities in crystal- 
line semiconductors such as Si and GaAs. In essence, a 
crystalline semiconductor with translational sym- 
metry has crystal momentum as a good quantum 
number, and selection rules for scattering prevent the 
momentum relaxation time from being prohibitively 
small. Since electrons or holes in any continuum state 
can participate in such control processes, one need 
not be concerned about pulsewidth or bandwidth, 
unless the pulses were to be so short that carriers of 
both positive and negative effective mass were 
generated within one band. 


Coherent Control of Electrical Current Using 
Two Color Beams 


We now illustrate the basic principles that describe 
how the interference process involving valence and 
conduction band states can be used to control 
properties of a bulk semiconductor. We do so in the 
case of using one or two beams to generate and 
control carrier population, electrical current, and spin 
current. In pointing out the underlying ideas behind 
coherence control of semiconductors, we will skip or 
suppress many of the mathematical details which are 
required for a full understanding but which might 
obscure the essential physics. In particular we 
consider how phase-related optical beams with 
frequencies w and 2 interact with a direct gap 
semiconductor such that hw < E, < 2hw where E, is 
the electronic bandgap. For simplicity we consider 
exciting electrons from a single valence band via 
single-photon absorption at 2w and two-photon 
absorption at w. As is well known, within an 
independent particle approximation, the states of 
electrons and holes in semiconductors can be labeled 
by their vector crystal momentum k; the energy of 
states near the conduction or valence bandedges 
varies quadratically with kl. For one-photon absorp- 
tion the transition amplitude can be derived using a 
perturbation Hamiltonian of the form H = e/mc 
A’®-p where A”® is the vector potential associated 
with the light field and p is the momentum operator. 
The transition amplitude is therefore of the form 


az” oc E20 eho [4] 


where p,,, is the interband matrix element of p along 
the field (E*”) direction; for illustration purposes the 
field is taken to be linearly polarized. The overall 
transition rate between two particular states of the 
same k can be expressed as W, «a*°(a*”)* 0 
P°\p.,/” where [2° is the intensity of the beam. 
This rate is independent of the phase of the light 
beam as well as the sign of k. Hence the absorption 


of light via single-photon transitions generally 
populates states of equal and opposite momentum 
with equal probability or, equivalently, establishes a 
standing electron wave with zero crystal momen- 
tum. This is not surprising since photons possess 
very little momentum and, in the approximation of 
a uniform electric field, do not give any momentum 
to an excited electron. The particular states that are 
excited depends on the light polarization and crystal 
orientation. However, the main point is that while 
single-photon absorption can lead to anisotropic 
filling of electron states, the distribution in momen- 
tum space is not polar (dependent on sign of k). 
Similar considerations apply to the excited holes, 
but to avoid repetition we will focus on the 
electrons only. 

For two-photon absorption involving the w pho- 
tons and connecting states similar to those connected 
with single-photon absorption, one must employ the 
2nd order perturbation theory using the Hamiltonian 
H = e/mcA® - p. For two-photon absorption there is 
a transition from the valence band to an (energy 
nonallowed) intermediate state followed by a tran- 
sition from the intermediate state to the final state. To 
determine the total transition rate one must sum over 
all possible intermediate states. For semiconductors, 
by far the dominant intermediate state is the final 
state itself, so that the associated transition amplitude 
has the form 


a® oc (Een (Ee pe) eB eps hk 15] 


where the matrix element p,, is simply the momen- 
tum of the conduction band state (4k) along the 
direction of the field. Note that unlike an atomic 
system, p,, is nonzero, since Bloch states in a 
crystalline solid do not possess inversion symmetry. 
If two-photon absorption acts alone, the overall 
transition rate between two particular k states would 
be W, « (I°)*|p,,!?k2. As with single-photon absorp- 
tion, because this transition rate is independent of the 
sign of k, two-photon absorption leads to production 
of electrons with no net momentum. 

When both single- and two-photon transitions are 
present simultaneously, the transition amplitude is 
the sum of the transition amplitudes expressed in 
eqn [3]. The overall transition rate is then found using 
eqn [1] and yields W = W, + W,+ Int where the 
interference term Int is given by 


Int < E*°E°E® sin(do,, — 2¢,)k [6] 


Note, however, that the interference effect depends on 
the sign of k and hence can be constructive for one 
part of the conduction band but destructive for other 
parts of that band, depending on the value of the 
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relative phase, Ad = qn, — 2¢,. In principle one can 
largely eliminate transitions with +k and enhance 
those with —k. This effectively generates a net 
momentum for electrons or holes and hence, at least 
temporarily, leads to an electrical current in the 
absence of any external bias. The net momentum of 
the carriers, which is absent in the individual 
processes, must come from the lattice. Because the 
carriers are created with net momentum during the 
pulses one has a form of current injection that can be 
written as 


d]ldt « E?°E°E® sin(Ad¢) [7] 


where J is the current density. This type of current 
injection is allowed in both centrosymmetric and 
noncentrosymmetric materials. The physics and 
concepts behind the quantum interference leading to 
this form of current injection are analogous with the 
Young’s double slit experiment. Note as well that if 
this ‘interferometer’ is balanced (single- and two- 
photon transition rates are similar), then it is possible 
to control the overall transition rate with great 
contrast. Roughly speaking, one balances the two 
arms of the ‘effective interferometer’ involved in the 
interference process, one ‘arm’ corresponding to the 
one-photon process and the other to the two-photon 
process. As an example, let’s consider the excitation 
of GaAs, which has a room-temperature bandgap of 
1.42 eV (equivalent to 870 nm). For excitation of 
GaAs using 1550 and 775 nm light under balanced 
conditions, the electron cloud is injected with a speed 
close to 500 kms. Under ‘balanced’ conditions, 
nearly all the electrons are moving in the same 
direction. Assuming that the irradiance of the 
1550 nm beam is 100 MW cm 7”, while that of the 
second harmonic beam is only 15 kW cm (satisfy- 
ing the ‘balance’ condition), with Gaussian pulse 
widths of 100 fs, one obtains a surprisingly large peak 
current of about 1kA cm ® for a carrier density of 
only 10'* cm7? if scattering effects are ignored. When 
scattering is taken into account, the value of the peak 
current is reduced and the transient current decays on 
a time-scale of the momentum relaxation time. 
Figure 2a shows an experimental setup which can 
be used to demonstrate coherence control of electrical 
current using the above parameters. Figure 2a shows 
the region between a pair of electrodes on GaAs being 
illuminated by a train of harmonically related pulses. 
Figure 2b illustrates how the steady-state experimen- 
tal voltage across the capacitor changes as the phase 
parameter Aq is varied. Transient electrical currents, 
generated though incident femtosecond optical 
pulses, have also been detected through the emission 
of the associated Terahertz radiation. 
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Figure 2 (a) Experimental setup to measure steady-state 
voltage (V) across a pair of electrodes on GaAs with the 
intervening region illuminated by phased radiation at w and 2w; 
(b) induced voltage across a pair of electrodes on a GaAs 
semiconductor as a function of the phase parameter associated 
with two harmonically related incident beams. 


The current injection via coherence control and 
conventional cases (i.e., under a DC bias) differs with 
respect to their evolution. The current injected via 
coherent control has an onset determined by the rise 
time of the optical pulses. In the case of normal 
current production, existing carriers are accelerated 
by an electric field, and the momentum distribution is 
never far from isotropic. For a carrier density of 
10'*cm~? a DC field ~80kVcm' is required to 
produce a current density of 1kA cm *. In GaAs, 
with an electron mobility of 8000 cm* V's ‘| this 
current would occur about 1/2 ps after the field is 
‘instantaneously’ turned on. This illustrates that the 
coherently controlled phenomenon efficiently and 
quickly produces a larger current than can be 
achieved with the redirecting of statistically distri- 
buted electrons. 

A more detailed analysis must take into account the 
actual light polarization, crystal symmetry, crystal 
face, and orientation relative to the optical polariz- 
ation. For given optical intensities of the two beams, 
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the maximum electrical current injection in the case 
of GaAs occurs for linearly polarized beams both 
oriented along the (111) or equivalent direction. 
However, large currents can also be observed with the 
light beams polarized along other high symmetry 
directions. 


Coherent Control of Carrier Density, Spin 
Population, and Spin Current Using Two 
Color Beams 


The processes described above do not exhaust the 
coherent control effects that can be observed in bulk 
semiconductors using harmonic beams. Indeed, for 
noncentrosymmetric materials, certain light polariz- 
ations and crystal orientations allow one to coher- 
ently control the total carrier generation rate with or 
without generating an electrical current. In the case of 
the cubic material GaAs, provided the w beam has 
electric field components along two of the three 
principal crystal axes, with the 2m beam having a 
component along the third direction, one can 
coherently control the total carrier density. However, 
the overall degree of control here is determined by 
how ‘noncentrosymmetric’ the material is. 

The spin degrees of freedom of a semiconductor 
can also be controlled using two color beams. Due 
to the spin-orbit interaction, the upper valence 
bands of a typical semiconductor have certain 
spin characteristics. To date, optical manipulation 
of electron spin has been largely based on the fact that 
partially spin-polarized carriers can be injected in a 
semiconductor via one-photon absorption of circu- 
larly polarized light from these upper valence bands. 
In such carrier injection — where in fact two-photon 
absorption could be used as well — spins with no net 
velocity are injected, and then are typically dragged 
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Figure 3 








by a bias voltage to produce a spin-polarized current. 
However, given the protocols discussed above it 
should not come as a surprise that the two color 
coherence scheme, when used with certain light 
polarizations, can coherently control the spin polar- 
ization, making it dependent on Ad. Furthermore, for 
certain polarization combinations it is also possible to 
generate a spin current with or without an electrical 
current. Given the excitement surrounding the field of 
spintronics, where the goal is the use of the spin 
degree of freedom for data storage and processing, the 
control of quantities involving the intrinsic angular 
momentum of the electron is of particular interest. 

Various polarization and crystal geometries can be 
examined for generating spin currents with or with- 
out electrical current. For example, with reference to 
Figure 3a, for both beams propagating in the z 
(normal) direction of a crystal and possessing the 
same circular polarization, an electrical current can 
be injected in the (xy) plane, at an angle from the 
crystallographic x direction dependent on the relative 
phase parameter, Ad; this current is spin-polarized in 
the z direction. As well, the injected carriers have a +z 
component of their velocity, as many with one 
component as with the other; but those going in one 
direction are preferentially spin-polarized in one 
direction in the (xy) plane, while those in the other 
direction are preferentially spin-polarized in the 
opposite direction. This is an example of a spin 
current in the absence of an electrical current. 

Such a pure spin current that is perhaps more 
striking is observable with the two beams cross 
linearly polarized, for example with the fundamental 
beam in the x direction and the second harmonic 
beam in the y direction as shown in Figure 3b. Then 
there is no net spin injection; the average spin in any 
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(a) Excitation of a semiconductor by co-circularly polarized w and 2 pulses. Arrows indicate that a spin polarized electrical 


current is generated in the x—y plane in a direction dependent on A¢ while a pure spin current is generated in the beam propagation (z) 
direction. (b) Excitation of a semiconductor by orthogonally, linearly polarized w and 2w pulses. Arrows indicate that a spin polarized 
electrical current is generated in the direction of the fundamental beam polarization as well as along the beam propagation (z) direction. 
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direction is zero. And for a vanishing phase parameter 
Ad there is no net electrical current injection. Yet, for 
example, the electrons injected with a +x velocity 
component will have one spin polarization with 
respect to the z direction, while those injected with 
a —x component to their velocity will have the 
opposite spin polarization with respect to the z 
direction. 

The examples given above are the spin current 
analog of the two-color electrical current injection 
discussed above. There should also be the possibility 
of injecting a spin current with a single beam into 
crystals lacking center-of-inversion symmetry. 

The simple analysis presented above relies on 
simple quantum mechanical ideas and calculations 
using essentially nothing more than Fermi’s Golden 
Rule. Yet the process involves a mixing of two 
frequencies, and can therefore be thought of as a 
nonlinear optical effect. Indeed, one of the key ideas 
to emerge from the theoretical study of such 
phenomena is that an interpretation of coherence 
control effects alternate to that provided by the simple 
quantum interference picture that is provided by the 
usual susceptibilities of nonlinear optics. These 
susceptibilities are, of course, based on quantum 
mechanics, but the macroscopic viewpoint allows for 
the identification and classification of the effects in 
terms of 2nd order nonlinear optical effects, 3rd order 
optical effects, etc. Indeed, one can generalize many 
of the processes we have discussed above to a 
hierarchy of frequency mixing effects or high-order 
nonlinear processes involving multiple beams with 
frequency nw, mw, pw... with n,m, p being integers. 
Many of theses schemes require high intensity of one 
or more of the beams, but can occur in a simple 
semiconductor. 


Coherent Control of Electrical Current Using 
Single Color Beams 


It is also possible to generate coherence control effects 
using beams at a single frequency (@), if one focuses 
on the two orthogonal components (e.g., x and y) 
polarization states and uses a noncentrosymmetric 
semiconductor of reduced symmetry such as a 
strained cubic semiconductor or a wurtzite material 
such as CdS or CdSe. In this case, interference 
between absorption pathways associated with the 
orthogonal components can lead to electrical current 
injection given by 


dJidt  E°E® sin($%, — 62) [3] 


Since in this process current injection is linear in 
the beam’s intensity, the high intensities necessary 
for two-photon absorption are not necessary. 


Nonetheless, the efficacy of this process is limited by 
the fact that it relies on the breaking of center-of- 
inversion symmetry of the underlying crystal. It is also 
clear that the maximum current occurs for circularly 
polarized light and that right and left circularly 
polarized light lead to a difference in sign of the 
current injection. Finally, for this particular single 
beam scheme, when circularly polarized light is used 
the electrical current is partially spin polarized. 


Conclusions 


Through the phase of optical pulses it is possible to 
control electrical and spin currents, as well as carrier 
density, in bulk semiconductors on a time-scale that is 
limited only by the rise time of the optical pulse and 
the intrinsic response of the semiconductor. A few 
optically based processes that allow one to achieve 
these types of control have been illustrated here. 
Although at one level one can understand these 
processes in terms of quantum mechanical interfer- 
ence effects, at a macroscopic level one can under- 
stand these control phenomena as manifestations of 
nonlinear optical phenomena. For fundamental as 
well as applied reasons, our discussion has focused on 
coherence control effects using the continuum states 
in bulk semiconductors, although related effects can 
also occur in quantum dot, quantum well, and 
superlattice semiconductors. Applications of these 
control effects will undoubtedly exploit the all-optical 
nature of the process, including the speed at which the 
effects can be turned on or off. The turn-off effects, 
although not discussed extensively here, are related 
to transport phenomena as well as momentum 
scattering and related dephasing processes. 
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Introduction 


Conventional optical communication systems are 
based on the intensity modulation (IM) of an optical 
carrier by an electrical data signal and direct 
detection (DD) of the received light. The simplest 
scheme employs on/off keying (OOK), whereby 
turning on or off, an optical source transmits a binary 
1 or 0. The signal light is transmitted down an optical 
fiber and at the receiver is detected by a photo- 
detector, as shown in Figure 1. The resulting 
photocurrent is then processed to determine if a 1 
or 0 was received. In the ideal case, where a 
monochromatic light source is used and where no 
receiver noise (detector dark current and thermal 
noise) is present, the probability of error is deter- 
mined by the quantum nature (shot noise) of the 
received light. In this case, the number of photons/bit 
required (sensitivity) at the receiver, to achieve a bit- 
error-rate (BER) of 10°, is 10. This is called the 
quantum-limit. In practical receivers without an 
optical preamplifier, operating in the 1.3 um and 
1.55 xm optical fiber communication windows, the 
actual sensitivity is typically 10-30 dB less than the 
theoretical sensitivity. This is due to receiver noise, in 
particular thermal noise. This means that the actual 
sensitivity is between 100 to 10000 photons/bit. The 
capacity of IM/DD fiber links can be increased 
using wavelength division multiplexing (WDM). At 
the receiver the desired channel is selected using a 
narrowband optical filter. Some advanced commer- 
cial IM/DD systems utilize dense WDM with 50 GHz 
spacing and single-channel bit rates as high as 
40 Gb/s. Indeed, IM/DD systems with terabit 
(10'* bit/s) capacity are now possible. 

Compared to IM/DD systems, coherent optical 
communication systems have greater sensitivity and 
selectivity. In the context of coherent lightwave 
systems, the term coherent refers to any technique 
employing nonlinear mixing between two optical 
waves on a photodetector, as shown in Figure 2. 
Typically, one of these is an information-bearing 
signal and the other is a locally generated wave (local 
oscillator). The result of this heterodyne process is a 
modulation of the photodetector photocurrent at a 
frequency equal to the difference between the signal 
and local oscillator frequencies. This intermediate 


frequency (IF) electronic signal contains the infor- 
mation in the form of amplitude, frequency, or phase 
that was present in the original optical signal. The IF 
signal is filtered and demodulated to retrieve the 
transmitted information. An automatic frequency 
control circuit is required to keep the local-oscillator 
frequency stable. 

It is possible for the information signal to contain a 
number of subcarriers (typically at microwave 
frequencies), each of which can be modulated by a 
separate data channel. It is a simple matter to select 
the desired channel at the receiver by employing 
electronic heterodyning and low pass filtering, as 
shown in Figure 3. In IM/DD systems, channel 
selection can only be carried out using narrowband 
optical filters. 

Coherent optical communications utilize tech- 
niques that were first investigated in radio communi- 
cations. Most of the basic research work on coherent 
optical communications was carried out in the 1980s 
and early 1990s, and was primarily motivated by the 
need for longer fiber links using no repeaters. 
Improving receiver sensitivity using coherent tech- 
niques made it possible to increase fiber link spans. In 
the mid-1990s, reliable optical fiber amplifiers 
became available. This made it possible to construct 
fiber links using optical amplifiers spaced at appro- 
priate intervals to compensate for fiber and other 
transmission losses. 

The sensitivity of an IM/DD receiver can be greatly 
improved by the use of an optical preamplifier. Indeed 
the improvement is so marked that coherent tech- 
niques are not a viable alternative to IM/DD in the 
vast majority of commercial optical communication 
systems due to their complexity and higher cost. 
Moreover, because semiconductor lasers with very 
precise wavelengths and narrowband optical filters 
can be fabricated, the selectivity advantage of 
coherent optical communications has become less 
important. This has meant that the research work 
currently being carried out on coherent optical 
communications is very limited, and in particular, 
very few field trials have been carried out since the 
early 1990s. 

We will review the basic principles underlying 
coherent optical communications, modulation 
schemes, detection schemes, and coherent receiver 
sensitivity. The effects of phase noise and polarization 
on coherent receiver performance will be outlined. 
A brief summary of pertinent experimental results 
will also be presented. 
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Figure 2. Basic coherent optical receiver. AFC: automatic frequency control. 
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Figure 3 Coherent detection and processing of a subcarrier modulated signal lightwave. The power spectrum of the detected signal is 
shown: (a) after IF filtering; (b) after multiplication by the IF oscillator; (c) after multiplication with the subcarrier oscillator (in this case 
channel 1’s carrier frequency); and (d) after low pass filtering prior to demodulation and data detection. LPF: lowpass filter. 


Basic Principles 


In coherent detection, a low-level optical signal field 
E, is combined with a much larger power optical 
signal field E,g from a local oscillator laser. E, and 
E,o can be written as 


E,(t) = /2P, cos[27fit + 6,0] [1] 


E,o() = V2P10 cos[27fLot + bLo(t)] [2] 


where P,, f,, and ¢, are the signal power, optical 
frequency, and phase (including phase noise), respect- 
ively. Pio, fio, and ¢,0 are the equivalent quantities 
for the local oscillator. For ideal coherent detection, 
the polarization states of the signal and local 
oscillator must be equal. If this is the case, the 


photocurrent is given by 


ig(t) = R[E.(¢) + Exo) [3] 


where R is the detector responsivity. Because the 
detector cannot respond to optical frequencies, we 
have 


ig(t) = R{P, + Pio + 2VP.Pio 
xcos[2rfett+ o—-do@} — [4] 


The IF signal is centered at frequency fip = f, — flo: 
In homodyne detection f, = f{o and the homodyne 
signal is centered at baseband. In heterodyne detec- 
tion f,~f{o and the signal generated by the 
photodetector is centered around fff (typically three 
to six times the bit rate). The IF photocurrent is 
proportional to ./P,, rather than P, as is the case in 
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direct detection, and is effectively amplified by a 
factor proportional to ./Pro. If Pro is large enough, 
the signal power can be raised above the receiver 
noise, thereby leading to a greater sensitivity than 
possible with conventional IM/DD receivers using 
p-i-n or avalanche photodiodes. Theoretically it 
is possible to reach shot noise limited receiver 
sensitivity although this is not possible in practice. 
Homodyne optical receivers usually require less 
bandwidth and are more sensitive than heterodyne 
receivers but require that the local oscillator is phase 
locked to the information signal. This requires an 
optical phase locked loop (OPLL), which is very 
difficult to design. 


Modulation Schemes 


The three principal modulation schemes used in 
coherent optical communications; amplitude shift 
keying (ASK), frequency shift keying (FSK) and phase 
shift keying (PSK), are shown in Figure 4. ASK 
modulation is essentially the same as the OOK 
scheme used in IM/DD systems. The optical signal 
is given by 


E(t) = 2a(t)V2P, cos[2f.t + ,(2)] [S] 


where a(t)=0 or 1 for transmission of a 0 or 1, 
respectively. P, is the average signal power, assuming 
that it is equally likely that a 0 or 1 is transmitted. 
ASK modulation can be achieved by modu- 
lating the output of a semiconductor laser using an 





() 


Figure 4 Modulation schemes for coherent optical communi- 
cations: (a) ASK; (b) FSK; and (c) PSK. 


external modulator. The most common type is based 
on LiNbO3 waveguides in a Mach-Zehnder inter- 
ferometer configuration. 

In FSK modulation, the optical frequency of the 
signal lightwave is changed slightly by the digital data 
stream. In binary FSK, the optical signal is given by 


E,(t) = /2P, cos[2a(f, + a(tAf)t+ 6H] — [6] 


where a(t) = —1 or 1 for transmission of a 0 or 1, 
respectively. The choice of the frequency deviation 
Af depends on the available bandwidth, the bit rate 
B+ and the demodulation scheme used in the receiver. 
The modulation index m is given by 


_ 2Af 


a [7] 


The minimum value of m that produces orthogonality 
(for independent detection of the Os and 1s) is 0.5. If 
m = 0.5, the signal is referred to as minimum FSK 
(MFSK). When m = 2, the signal is referred to as 
wide-deviation FSK, and when m < 2, as narrow- 
deviation FSK. Wide-deviation FSK receivers are 
more resilient to phase noise than narrow-deviation 
FSK receivers. FSK modulation can be achieved using 
LiNbO 3 external modulators, acoustic optic modu- 
lators and distributed feedback semiconductor lasers. 
The phase of the lightwave does not change between 
bit transitions. 

In PSK modulation, the digital data stream changes 
the phase of the signal lightwave. In binary PSK the 
optical signal is given by 


E,(t) = J2P, cos(2f,t + a(t)6 + a +4] [8] 


where a(t) = —1 or 1 for transmission of a 0 or 1, 
respectively. The phase shift between a 0 and 1 is 
6+ 7/2. Most PSK schemes use 0= 7/2. PSK 
modulation can be achieved by using an external 
phase modulator or a multiple quantum well electro- 
absorption modulator. 


Detection Schemes 


There are two classes of demodulation schemes: 
synchronous and asynchronous. The former exploits 
the frequency and phase of the carrier signal to 
perform the detection. The latter only uses the 
envelope of the carrier to perform the detection. In 
the following we review the principal demodulation 
schemes. 


PSK Homodyne Detection 


In an ideal PSK homodyne receiver, shown in Figure 5, 
the signal light and local oscillator have identical 
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Figure 6 PSK synchronous heterodyne receiver. BPF: bandpass filter. 
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Figure 7 FSK heterodyne synchronous receiver. 


optical frequency and phase. If the resulting baseband 
information signal is positive, then a 1 has been 
received. If the baseband information signal is 
negative, then a 0 bit has been received. This scheme 
has the highest theoretical sensitivity but requires an 
OPLL and is also highly sensitive to phase noise. 


ASK Homodyne Detection 


An ideal ASK homodyne receiver is identical to an 
ideal PSK homodyne receiver. Because the baseband 
information signal is either zero (0 bit) or nonzero 
(1 bit), the receiver sensitivity is 3 dB less than the 
PSK homodyne receiver. 


PSK Heterodyne Synchronous Detection 


Figure 6 shows an ideal PSK synchronous heterodyne 
receiver. The IF signal is filtered by a bandpass filter, 
multiplied by the phase locked reference oscillator to 
move the signal to baseband, low pass filtered and 
sent to a decision circuit that decides if the received 
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bit is a 0 or 1. The receiver requires synchronization 
of the reference oscillator with the IF signal. This is 
not easy to achieve in practice because of the large 
amount of semiconductor laser phase noise. 


ASK Heterodyne Synchronous Detection 


This scheme is basically the same as the PSK 
heterodyne detection and is similarly difficult to 
design. 


FSK Heterodyne Synchronous Detection 


This scheme is shown in Figure 7 for a binary FSK 
signal consisting of two possible frequencies f; = 
f, -Af and fA, =f, +Af. There are two separate 
branches in which correlation with the two possible 
IF signals at f, and f> is performed. The two resulting 
signals are subtracted from each other and a decision 
taken on the sign of the difference. Because of the 
requirement for two electrical phase locked loops, the 
scheme is not very practical. 
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ASK Heterodyne Envelope Detection 


In this scheme, shown in Figure 8, the IF signal is 
envelope detected to produce a baseband signal 
proportional to the original data signal. The output 
of the envelope detector is relatively insensitive to 
laser phase noise. 


FSK Heterodyne Dual-Filter Detection 


In this scheme, shown in Figure 9, two envelope 
detectors are used to demodulate the two possible IF 
signals at f; and fh and a decision taken based on the 
outputs. The scheme is tolerant to phase noise and 
can achieve high sensitivity. However, it needs high- 
bandwidth receiver electronics because a large 
frequency deviation is required. 


FSK Heterodyne Single-Filter Detection 


This scheme omits one branch of the FSK heterodyne 
dual-filter receiver and performs a decision in the 
same way as for the ASK heterodyne envelope 
detection. Because half the power of the detected 
signal is not used, the sensitivity of the scheme is 3 dB 
worse than the dual-filter scheme. 
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Figure 8 ASK heterodyne envelope receiver. 
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Figure 9 FSK heterodyne dual-filter receiver. 
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CPFSK Heterodyne Differential Detection 


This scheme, shown in Figure 10, uses the continuous 
phase (CP) characteristic of an FSK signal, i.e., there 
is no phase discontinuity at bit transition times. After 
bandpass filtering, the IF photocurrent is 


ipp(t) = A cos{2 a1 (ffr + a(t)Af)]¢} [9] 


where A = R,/P,P1.9. The output from the delay-line 
demodulator, after low pass filtering to remove the 
double IF frequency term, is 


2 


x(t) = OS ebsahe + a(t)Af]7} 


5) [10] 


The function of the delay-line demodulator is to act 
as a frequency discriminator. We require that x(t) is 
a maximum when a(t)=1 and a minimum when 
a(t) = —1. This is the case if the following relations 
are satisfied: 


27 (ftp + Af)t = 27k [11] 


2ar(fir — Afr = (2k — Im, 


k an integer 
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Figure 10 CPFSK heterodyne differential detection receiver. 
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Hence, we require that 





1 
1 : 
frT= [é er | k integer 
In terms of the modulation index we have 
1 
7 ImBy [13] 


The above equation shows that it is possible to 
decrease the value of 7 required by increasing m, 
thereby reducing the sensitivity of the receiver to 
phase noise. The minimum value of m possible is 0.5. 
This scheme can operate with a smaller modulation 
index compared to the dual-filter and single-filter 
schemes for a given bit rate, thereby relaxing the 
bandwidth requirements of the receiver electronics. 


DPSK Heterodyne Differential Detection 


In differential phase shift key (DPSK) modulation, a 0 
is sent by changing the phase of the carrier by 7 with 
respect to the previous signal. A 1 is sent by not 
changing the phase. The receiver configuration is 
identical to the CPFSK heterodyne differential detec- 
tion receiver, except that the time delay 7 is equal to 
the inverse of the data rate. Compared to other PSK 
detection schemes, DPSK differential detection is 
relatively simple to implement and is relatively 
immune to phase noise. 


Coherent Receiver Sensitivity 


The signal-to-noise ratio y, of an ideal PSK homo- 
dyne receiver, in the shot-noise limit, is given by 


_ 2RP, 
te eB. 





[14] 


where B, is the receiver bandwidth. The detector 
responsivity is given by 


me 
R= Fe 


where 7 is the detector quantum efficiency (<1). The 
average signal power P, = N,bf,Bt, where N, is the 
average number of photons per bit. If it is assumed 
that B, = By, then 


[15] 


y. = 2yN, [16] 


The actual detected number of photons per bit 
Nr = 7N,, so 


p (cam 2Nr [17] 


If the noise is assumed to have a Gaussian distri- 
bution, then the bit error rate (BER) is given by 


BER = x erte( y2Nr ) 


where erfc is the complementary error function; 
erfc(x) ~ e (x72) for x > 5. The receiver sensi- 
tivity fora BER = 10° is 9 photons/bit. 

BER expressions and sensitivity for the demodula- 
tion schemes discussed above are listed in Table 1. 
The sensitivity versus Np is plotted for some of the 
demodulation schemes in Figure 11. The received 
signal power required for a given BER is proportional 
to By. This dependency is shown in Figure 12 for 
some of the demodulation schemes. 


[18] 


Table 1 Shot-noise limited BER expressions and sensitivity for 
coherent demodulation schemes 





Modulation scheme BER Sensitivity 
(photons/bit) 

Homodyne 

PSK $erfo(/2Na) 9 

ASK i erfo( Nr) 18 (peak 36) 
Synchronous heterodyne 

PSK $erfo(/Na) 18 

ASK sore ) 36 (peak 72) 

FSK sone( |) 36 


Asynchronous heterodyne 


N, 
ASK (envelope) sexp(- = ) 40 (peak 80) 
; Na 
FSK (dual-filter) 3 eXxp| — 5 40 
FSK (single-filter) Sexp(- ws ) 80 
Differential detection 
CPFSK 3.exp(—Na) 20 
DPSK 4.exp(—Na) 20 











Ne (dB) 


Figure 11 Shot-noise limited BER versus number of received 
photons/bit for various demodulation schemes: (a) PSK homo- 
dyne; (b) synchronous PSK; (c) synchronous FSK; (d) ASK 
envelope; (e) FSK dual-filter; and (f) CPFSK and DPSK. 


- — a 
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After choosing an antenna in the last step we'll now want to permanently wire it. 
Whether you choose a compact antenna for portability or a tall fixed antenna for 


power and range, we will wire it in the same manner according to the diagram in 
the previous step. Note that the input on the configuration here is grounded to the 
metallic case, and thus the users hand, and incorporation of longer antennas will 
require proportionally more substantial grounding. 
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Phase Noise 


A major influence on the sensitivity possible with 
practical coherent receivers is laser phase noise, 
which is responsible for laser linewidth (3 dB 
bandwidth of the laser power spectrum). The effect 
of phase noise on system performance depends on the 
modulation and demodulation scheme used. In 
general, the effects of phase noise are more severe in 
homodyne and synchronous heterodyne schemes 
than in asynchronous schemes. If Avg is the beat 
linewidth (without modulation present) between the 
signal and local oscillator lasers, the normalized beat 
linewidth Av is defined as 


Av= Ane 


ae [19] 


where Amp is the IF phase noise bandwidth. 
Semiconductor lasers usually have a Lorentzian 
spectrum in which case Av is equal to the sum of 
the signal and local-oscillator laser linewidths. The 
requirements placed on Av become less severe as the 
bit rate increases. Table 2 compares the Av require- 
ment for a 1 dB power penalty at a BER of 107? for 


P. (dBm) 
I 
1 
o 
iH 





-90 
197 108 108 
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10"7 


Figure 12 Required signal power versus bit rate for a 
BER= 10° for various shot-noise limited demodulation 
schemes: (a) PSK homodyne; (b) ASK envelope; and (c) 
CPFSK. The signal wavelength is 1550 nm and the detector is 
assumed to have unity quantum efficiency. 


Table 2 Required normalized beat linewidth at 1dB power 
penalty for a BER= 107° for various modulation/demodulation 
schemes 


Modulation scheme Av (%) 





Homodyne PSK 6 x 10-4 (balanced loop) 
0.01 (decision-driven loop) 
Synchronous PSK 0.2-0.5 
heterodyne 
Asynchronous PSK 0.3-0.7 
heterodyne ASK (envelope) 3 
FSK (dual-filter) 10-20 
Differential CPFSK 0.33 (m= 0.5) 
detection 0.66 (m= 1.0) 
DPSK 0.33 


some of the principal modulation/demodulation 
schemes. 


PSK Homodyne Detection - Phase Locked Loop 
Schemes 


Practical homodyne receivers require an OPLL to 
lock the local-oscillator frequency and phase to that 
of the signal lightwave. There are a number of OPLL 
schemes possible for PSK homodyne detection, 
including the balanced PLL, Costas-type PLL and 
the decision-driven PLL. 

The balanced PLL scheme, shown in Figure 13, 
requires that the PSK signal uses a phase shift of less 
than a between a 0 and 1, E,(¢) and E;, o(t) can be 
written as 


E,(t) = V2P, cos| 2afot + a(t)O+ bx s(t) + 5 [20] 


E,o@® = V2Pr0 cos[2afot + dx to(t)] [21] 


where fp is the common signal and local oscillator 
optical frequency and ¢y,(t) and ¢x o(f) are the 
signal and local oscillator phase noise, respectively. 
When 0 # 7/2, E,(t) contains an unmodulated carrier 
component (residual carrier) in quadrature with the 
information-bearing signal. E,(t) and E,o(¢) are 
combined by an optical 180° hybrid. The output 
optical signals from the w-hybrid are given by 


1 
E,®) = —[E©® + Epo] 


22 
Fa [22] 
1 
E,(t) = yy les — Exo] [23] 


The voltage at the output of the summing circuit is 
given by 


v(t) = 2RR,VP,Pi ofa(t)sin 6 cos[.(2)] 


+ cos 6 sin[¢,(t)]} [24] 


where the photodetectors have the same responsivity 
and load resistance R;,. The phase error is given by 


o.(t) = oy sO) = don to) ~ ot) 


o(t) is the controlled phase determined by the 
control signal v.(f) at the output of the loop filter. 
vi, contains two terms; an information-bearing signal 
proportional to sin 0, which is processed by the data 
detection circuit, and a phase error signal pro- 
portional to cos 6 used by the PLL for locking. The 
power penalty, due to the residual carrier trans- 
mission, is 10 log,9(1/sin? 6) dB. 

This scheme is not practical because the Av 
needed for a power penalty of <1 dB is typically less 
than 10°. This would require that Ay; < 10 kHz for 


[25] 
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Figure 14 PSK decision-driven PLL. 


a data rate of 1 Gb/s. The narrow signal and local- 
oscillator linewidths required are only achievable with 
external cavity semiconductor lasers. 

The Costas-type and decision-driven PLLs also 
utilize a-hybrids and two photodetectors but as they 
have full suppression of the carrier (9 = 7/2), non- 
linear processing of the detected signals is required to 
produce a phase error signal that can be used by the 
PLL for locking. In the decision-driven PLL, shown in 
Figure 14, the signal from one of the photodetector 
outputs is sent to a decision circuit and the output of 
the circuit is multiplied by the signal from the second 
photodetector. The mixer output is sent back to the 
local oscillator laser for phase locking. The Av 
required for a power penalty of <1 dB is typically 
less than 2X107*. This is superior to both the 
balanced PLL and Costas-type PLL receivers. 


Heterodyne Phase Locking 


In practical synchronous heterodyne receivers phase 
locking is performed in the electronic domain 
utilizing techniques from radio engineering. In the 
PSK case, electronic analogs of the OPLL schemes 
used in homodyne detection can be used. Synchro- 
nous heterodyne schemes have better immunity to 
phase noise than the homodyne schemes. 


Asynchronous Systems 


Asynchronous receivers do not require optical or 
electronic phase locking. This means that they are less 





sensitive to phase noise than synchronous receivers. 
They do have some sensitivity to phase noise because 
IF filtering leads to phase-to-amplitude noise 
conversion. 


Differential Detection 


Differential detection receivers have sensitivities to 
phase noise between synchronous and asynchronous 
receivers because, while they do not require phase 
locking, they use phase information in the received 
signal. 


Phase-Diversity Receivers 


Asynchronous heterodyne receivers are relatively 
insensitive to phase noise but require a much higher 
receiver bandwidth for a given bit rate. Homodyne 
receivers only require a receiver bandwidth equal to 
the detected signal bandwidth but require an OPLL, 
which is difficult to implement. The phase diversity 
receiver, shown in Figure 15, is an asynchronous 
homodyne scheme, which does not require the use of 
an OPLL and has a bandwidth approximately equal 
to synchronous homodyne detection. This is at the 
expense of increased receiver complexity and reduced 
sensitivity compared to synchronous homodyne 
detection. The phase-diversity scheme can be 
used with ASK, DPSK, and CPFSK modulation. 
ASK modulation uses an squarer circuit for the 
demodulator component, while DPSK and CPFSK 
modulation use a delay line and mixer. 
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Figure 15 Multiport phase-diversity receiver. PD: photodetector. 


In the case of ASK modulation, the outputs of the 
N-port hybrid can be written as 


E,®)= Feat 2P, cos| 2aft + o,(t) + — 
+/2P 19 cos[2 mfLot + dowot, 
k=1,2,...,.N, N23 [26] 


For N= 2, the phase term is 7/2 for k =2. The voltage 
input to the k-th demodulator (squarer), after the dc 
terms have been removed by the blocking capacitor, is 
given by 


RR 
NW 2vPsPLo cos| 2a = fio) 





v,(t) = a(t) 


2ak 
+40) — droO+ NO [27] 


These voltages are then squared and added to give an 
output voltage 


vo=a( AX) 4P.Pioa(t) >.) 1+cos| 4a 
k=1 


Ank 
«((-fo)r280-2 90-4] [28] 


where a is the squarer parameter. The lowpass filter at 
the summing circuit output effectively integrates v,(t) 
over a bit period. If 2(f, — f,9)< Br and the difference 
between the signal and local oscillator phase noise is 
small within a bit period, then the input voltage to the 
decision circuit is 





Up(ti=a 4P Pr oa(t) [29] 


(RRiY 
N 
which is proportional to the original data signal. 
In shot-noise limited operation, the receiver sensi- 
tivity is 3 dB worse than the ASK homodyne case. 







Data 


Decision | out 
circuit 


¥pl(th 
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The scheme is very tolerant of laser phase noise. The 
Av for a power penalty of <1 dB is of the same order 
as for ASK heterodyne envelope detection. 


Polarization 


The mixing efficiency between the signal and local- 
oscillator lightwaves is a maximum when their 
polarization states are identical. In practice the 
polarization state of the signal arriving at the receiver 
is unknown and changes slowly with time. This 
means that the IF photocurrent can change with time 
and in the worst case, when the polarization states of 
the signal and local-oscillator are orthogonal, the IF 
photocurrent will be zero. There are a number of 
possible solutions to this problem. 


1. Polarization maintaining (PM) fiber can be used in 
the optical link to keep the signal polarization 
from changing. It is then a simple matter to adjust 
the local-oscillator polarization to achieve opti- 
mum mixing. However, the losses associated with 
PM fiber are greater than for conventional single- 
mode (SM) fiber. In addition most installed fiber is 
SM fiber. 

2. An active polarization controller, such as a fiber 
coil using bending-induced birefringence, can be 
used to ensure that the local-oscillator polariz- 
ation tracks the signal polarization. 

3. A polarization scrambler can be used to scramble 
the polarization of the transmitted signal at a 
speed greater than the bit rate. The sensitivity 
degradation due to the polarization scrambling is 
3 dB compared to a receiver with perfect polariz- 
ation matching. However, this technique is only 
feasible at low bit rates. 

4. The most general technique is to use a polariz- 
ation-diversity receiver, as shown in Figure 16. 
In this scheme, the signal light and local-oscillator 
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Figure 16 Polarization-diversity receiver. 


Table 3 General comparisons between various 
homodyne PSK detection 


Modulation/demodulation scheme Sensitivity penalty (dB) 


Photodetector-2 


Immunity to phase noise 


modulation/demodulation schemes. The sensitivity penalty is relative to ideal 


IF bandwidth/bit rate Complexity 





Homodyne PSK 0 Very poor 1 Requires an OPLL 

Synchronous 3 Poor 3-6 Requires electronic 
heterodyne PSK phase locking 

Asynchronous 6.5 Excellent 3-6 High bandwidth IF 
heterodyne FSK circuits and two 

(dual-filter) envelope detectors 

required 

Differential detection 3.5 Moderate ~2 Relatively simple 
CPFSK 

DPSK 3.5 Moderate ~2 Relatively simple 


are split into orthogonally polarized lightwaves by 
a polarization beamsplitter. The orthogonal com- 
ponents of the signal and local-oscillator are 
separately demodulated and combined. The 
resulting decision signal is polarization indepen- 
dent. The demodulator used depends on the 
modulation format. 


Comparisons Between the Principal 
Demodulation Schemes 


General comparisons between the demodulation 
schemes discussed above are given in Table 3. FSK 
modulation is relatively simple to achieve. FSK 
demodulators have good receiver sensitivity and low 
immunity to phase noise. PSK modulation is also 
easy to achieve and gives good receiver sensitivity. 
ASK modulation has no real merit compared to FSK 
or PSK. 

In general, homodyne schemes have the best 
theoretical sensitivity but require optical phase lock- 
ing and are very sensitive to phase noise. Phase 
diversity receivers are a good alternative to homo- 
dyne receivers, in that they do not require an OPLL. 
Asynchronous heterodyne receivers have similar 
sensitivities to synchronous receivers but are much 
less complex. However, they require an IF bandwidth 
much greater than the data rate. 

Differential detection schemes have good receiver 
sensitivity, do not require wide bandwidth IF circuits 


Table 4 Coherent systems experiments. The penalty is with 
respect to the theoretical sensitivity 








Receiver Bit rate — Sensitivity (dBm) Penalty 
(Mb/s) (AB) 
dBm Photons/bit 
ASK 400 — 47.2 365 9.7 
FSK (dual-filter) 680 —39.1 1600 16 
CPFSK (m=0.5) 1000 —37 1500 18.6 
differential 4000 —31.3 1445 18.6 
detection 
DPSK 400 — 53.3 45.1 3.5 
2000 — 39.0 480 13.8 


and have moderate immunity to phase noise. The 
advantage of CPFSK over DPSK is that the immunity 
to phase noise can be increased by increasing the FSK 
modulation index. 

Polarization diversity receivers can be used with 
any modulation/demodulation scheme and offer the 
most general approach to overcoming polarization 
effects. 


System Experiments 


Most coherent communication system experiments 
date from the 1980s and early 1990s and were based 
on the technology available at that time. This 
restricted the bit rates possible to typically <4 Gb/s. 
Some coherent systems experimental results obtained 
around this time are listed in Table 4. All of the 
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listed experimental trials used lasers (usually external 
cavity lasers) with negligible phase noise in the 
1550 nm region. It can be seen that the measured 
sensitivities deteriorate at higher bit rates. This is 
attributable to the nonuniform response and band- 
width limitations of the modulator, photodetector, 
and demodulator. There is no doubt that the 
performance could be improved by the use of current 
optoelectronic technologies. 


Conclusion 


Coherent optical communication systems offer the 
potential for increased sensitivity and selectivity 
compared to conventional IM/DD systems. However, 
coherent optical receivers are more complex and have 
more stringent design parameters compared to IM/DD 
receivers. Moreover, advances in optoelectronic com- 
ponent design and fabrication along with the advent of 
reliable optical amplifiers has meant that coherent 
systems are not a viable alternative to IM/DD systems 
in the vast majority of optical communication systems. 
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Introduction 


Optical spectroscopy is a method that allows one 
to determine atomic and molecular transition 


frequencies, as well as relaxation rates in atomic 
and molecular vapors. The transition frequencies 
serve as ‘fingerprints’ that can be used to identify and 
classify atoms and molecules. Optical spectroscopic 
methods fall into two broad categories, continuous 
wave (cw) or stationary spectroscopy and time- 
dependent or transient spectroscopy. In cw spectro- 
scopy, the absorption or emission line shapes are 
measured as a function of the frequency of a probe 
field. On the basis of theoretical line shape formulas, 
it is then possible to extract the relevant transition 
frequencies and relaxation rates from the line shapes. 
In transient optical spectroscopy, pulsed optical 
fields are used to create atomic state populations or 
coherences between atomic states. Following the 
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excitation, the time-evolution of the atoms is mon- The atom-field interaction potential is 
itored, from which transition frequencies and relax- 
ation rates can be obtained. V(R, t) = —B- E(R, 2) [3] 


The earliest coherent transient effects were 
observed with atomic nuclear spins in about 1950 
by H C Torrey, who discovered transient spin 
nutation, and by E L Hahn who detected spin echoes 
and free induction decay (FID). The optical analogs of 
these and other nuclear magnetic resonance (NMR) 
effects have now been detected using either optical 
pulses or techniques involving Stark or laser fre- 
quency switching. 

In this brief introduction to coherent optical 
transients, several illustrative examples of coherent 
transient phenomena are reviewed. The optical Bloch 
equations are derived and coupled to Maxwell’s 
Equations. The Maxwell-Bloch formalism is used to 
analyze free precession decay, photon echoes, stimu- 
lated photon echoes, and optical Ramsey fringes. 
Experimental results are presented along with the 
relevant theoretical calculations. In addition, coher- 
ent transient phenomena involving quantized matter 
waves are discussed. Although the examples con- 
sidered in this chapter are fairly simple, it should be 
appreciated that sophisticated coherent transient 
techniques are routinely applied as a probe of 
complex structures such as liquids and solids or as a 
probe of single atoms and molecules. 


Optical Bloch Equations 


Many of the important features of coherent optical 
transients can be illustrated by considering the 
interaction of a radiation field with a two-level 
atom. The lower state 11) has energy —fwo/2 and 
upper state |2) has energy iw /2. For the moment, the 
atom is assumed to be fixed at R=O and all 
relaxation processes are neglected. The incident 
electric field is 


E(R = 0,1) = 5 eLE(e +E] [1] 


where E(t) is the field amplitude, ¢ is the field 
polarization and w is the carrier frequency. The time 
dependence of E(t) allows one to consider pulses 
having arbitrary shape. A time-dependent phase for 
the field could have been included, allowing one to 
consider the effect of arbitrary frequency ‘chirps,’ but 
such effects are not included in the present discussion. 
It is convenient to expand the atomic state wave 
function in a field interaction representation as 


lyst) = cy (te 11) + en (te 1" 12) [2] 


where p is a dipole moment operator. When eqn [2] is 
substituted into Schrédinger’s equation and rapidly 
varying terms are neglected (rotating-wave approxi- 
mation), one finds that the state amplitudes evolve 


according to 
2 —8 Adlt 
= (i2) 0 o(t) 
Oot) 8p 


where c is a vector having components (cy, ¢2) 


ih— = He; 
arr ‘ 


69 = @ — @ [S] 


is an atom-field detuning 


BE(t) BM |2S(@) 
h h EgCc [6] 


is a Rabi frequency, w = (1l-el2) = (2|-el1) is a 
dipole moment matrix element, €g is the permittivity 
of free space, and S(f) is the time-averaged Poynting 
vector of the field. Equation [4] can be solved 
numerically for arbitrary pulse envelopes. 

Expectation values of physical observables are 
conveniently expressed in terms of density matrix 
elements defined by 





Q(t) 








Pij = CC; [7] 
which obey equations of motion 
Pir = —IQo(£)(p21 — pi2)/2 
Pr = 1Do()(p21 — pir) /2 


Pir = —1Qo(t)(p22 — p11)/2 + t8op12 
Pri = 1No()(p22 — pi1)/2 — i8opr1 


An alternative set of equations in terms of real 
variables can be obtained if one defines new 
parameters 


Piz = (u + iv)/2 


pr1 = (u — iv)/2 
po = (m+w)/2 


U = Pir + Prt; 
Vv = (p21 — p12); 


W = P22 — P11; 


m= pi, + p22} Pi =(m — w)/2 
which obey 
“u= —dov 
Y= dgu — Oot 
ut o(tw [10] 
w = Oo(t)v 
m=0 
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The last of these equations reflects the fact that p,;; + 
P22 = 1, while the first three can be rewritten as 

U=Q) x U [11] 
where the Bloch vector U has components (u,v, w) 
and the pseudofield vector Q(t) has components 
[Qo(), 0, do]. 

Equations [8] or [10] constitute the optical Bloch 
equations without decay. The vector U has unit 
magnitude and traces out a path on the Bloch sphere 
as it precesses about the pseudofield vector. The 
component w is the population difference of the two 
atomic states, while “ and v are related to the 
quadrature components of the atomic polarization 
(see below). 

Equations [8] and [10] can be generalized to 
include relaxation. A simplified relaxation scheme 
that has a wide range of applicability is one in which 
state 2 decays spontaneously to state 1 with rate y, 
while the relaxation of the coherence pj is charac- 
terized by a complex decay parameter I’,,, resulting 
from phase-changing collisions with a background 
gas. When such processes are included in eqn [8], they 
are modified as 








Pir = —2Q0()(P21 — P12)/2 + y2p22 [12a] 
p22 = 1No(t)(p21 — pi2W/2 — y2p22 [12b] 
Piz = —100 (P22 — prr/2 — ypi2 + 18pi2_—- [12] 
P21 = 1Do(2)(p22 — prr/2 — ypr1 — 18pr1 [12d] 


where y = y2/2 + Re(Iy2) and the detuning 6 = 6) — 
Im(I,) is modified to include the collisional shift. 
With the addition of decay, the length of the Bloch 
vector is no longer conserved. The quantity y. is 
referred to as the longitudinal relaxation rate. More- 
over, one usually refers to T; = y;! as the longitudi- 
nal relaxation time and T, = y_! as the transverse 
relaxation time. In the case of purely radiative 
broadening, y. = 2y and T, = T;/2. 


Maxwell-Bloch Equations 


As a result of atom-field interactions, it is assumed 
that a polarization is created in the medium of the 
form 


1 haa 2 ; 2a td. 
PR, t) => €[P(Z, pellkZ OH BPR: te [RZ ofl] 


[13] 


which gives rise to a signal electric field of the form 


1 yc : af tam 
E,(R, t) = 5 LEZ, pellkZ—ofl 4 EZ, tye lkZ onl 
[14] 


The z-axis has been chosen in the direction of k. 
It follows from Maxwell’s equations that the quasi- 
steady-state field amplitude is related to the 
polarization by 


dE(Z,t) ik 
SF = 5 Pe 


2&5 its 


To arrive at eqn [15], it is necessary to assume that 
transverse field variations can be neglected, that the 
phase matching condition k = a/c is met, and that 
the complex field amplitudes P(Z,t) and E,(Z,t) 
vary slowly in space compared with e*% and 
slowly in time compared with e!®’. 

The polarization P(R,t), defined as the average 
dipole moment per unit volume, is given by the 
expression 


P(R, ¢) =N| mar(pra(Z, pee 


+ mrrlpr(Z. oye] [16] 
where .W is the atomic density and p,2(Z,t) and 
p2(Z,t) are single-particle density matrix elements 
that depend on the atomic properties of the medium. 
As such, eqn [16] provides the link between 
Maxwell’s equations and the optical Bloch equations. 
The ( ) brackets in eqn [16] indicate that there may be 
additional averages that must be carried out. 
For example, in a vapor, there is a distribution of 
atomic velocities that must be summed over, while, in 
a solid, there may be an inhomogeneous distribution 
of atomic frequencies owing to local strains in the 
media. By combining eqns [9], [13], [15] and [16], 
and using the fact that w= py°e = poe, One 
arrives at 


dE(Z,t) _ 
aZ 





ikIN 
aie (p21(Z, t)) 
Eo 


_ kN (u(Z, t) — iv(Z, t)) 
2&5 





[17] 


which, together with eqn [12], constitute the Max- 
well—Bloch equations. From eqn [17], it is clearly 
seen that the coherence (p;(Z,t)) drives the signal 
field. If (p);(Z,t)) is independent of Z, the inten- 
sity of radiation exiting a sample of length L is 
proportional to 


kN pL 
I(L,t) = SS  Keaitoy? [18] 
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Alternatively, the outgoing field can be heterodyned The density matrix elements evolve as 
with a reference field to extract the field amplitude : : ? : 
rather than the field intensity. Pil = 2022; P22 = — ¥2P223 122] 
12 = —Yp12s 21 = —Yp21 


Coherent Transient Signals 


The Maxwell—Bloch equations can be used to 
describe the evolution of coherent transient signals. 
In a typical experiment, one applies one or more 
‘short’ radiation pulses to an atomic sample and 
monitors the radiation field emitted by the atoms 
following the pulses. A ‘short’ pulse, is one satisfying 


lSl7, Rut, yt, y2T<K1 [19] 


where 7 is the pulse duration. Conditions [19] allow 
one to neglect any effects of detuning (including 
Doppler shifts or other types of inhomogeneous 
broadening) or relaxation during the pulse’s action. 
The evolution of the atomic density matrix during 
each pulse is determined solely by the pulse area 


defined by 


0= fe Oo(@)dt [20] 


In terms of density matrix elements in a standard 
interaction representation defined by 


A coherent transient signal is constructed by 
piecing together field interaction zones and free 
evolution periods. There are many different types of 
coherent transient signals. A few illustrative examples 
are given below. 


Free Polarization Decay 


Free polarization decay (FPD), also referred to as 
optical FID, is the optical analog of free induction 
decay (FID) in NMR. This transient follows prep- 
aration of the atomic sample by any of three methods: 
(1) an optical pulse resonant with the atomic transi- 
tion; (2) a Stark pulse that switches the transition 
frequency of a molecule (atom) into resonance with 
an incident cw laser beam; or (3) an electronic pulse 
that switches the frequency of a cw laser into 
coincidence with the molecular (atomic) transition 
frequency. In methods (2) and (3), the FPD emission 
propagates coherently in the forward direction along 
with the cw laser beam, automatically generating a 
heterodyne beat signal at a detector that can be orders 
of magnitude larger than the FPD signal. The FPD 
field intensity itself exiting the sample is equal to 











2 
—i[kZ+6 I i[RZ+6: RN pL 2 
f= pe. maps K(L,t) = ( : Ip1(t))| 
0 
I I 
P22 = p22, P11 = P11 2 2 
RNuL . —Ty-itStke 
= ( - P’ sin 0 | dvwone Tyne tev? 
the change in density matrix elements for an £0 
interaction occurring at time T; is given by [23] 
oF sea: SUA: ae fh hE) eee a TAT) 
oly 1+cos 6; 1 — cos @, isin Ge isin 6e ne _ 
pha 1] 1-—cos 4 1+ cos 6 —isin be isin eT! Dis oi 
PLD “1 isin @e PT isin Qe TT 1 +cos 6; (1 -— cos aje BPE pid 
fi f i i 
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P21 —isin ge" sin eM (1 — cos BENE 1 +cos 6, PRI 
where + superscripts refer to times just before and 
after the pulse For a Maxwellian velocity distribution 
O(T,) = k-R(T)) + 8T; 
Wo(v) = ue [24] 


6; is the pulse area, and v is the atomic velocity. 
Between pulses, or following the last pulse, the atoms 
evolve freely in the absence of any applied fields. 


where u is the most probable atomic speed, one finds 


RN pL 
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Figure 1 Pulse sequence and signal intensity for free 
precession decay. In this and subsequent figures, time is 
measured in units of 2/ku. 


If ku>> vy, the signal decays mainly owing to 
inhomogeneous broadening, as shown in Figure 1. 
Owing to different Doppler shifts for atoms having 
different velocities, the optical dipoles created by the 
pulse lose their relative phase in a time of order T; = 
2/ku. The FPD signal can be used to measure T3, 
which can be viewed as an inhomogeneous, transverse 
relaxation time. At room temperature ku/y is typically 
of order of 100. 

When FPD signals are observed using laser 
frequency switching, method 3 above, the cw field 
can modify the molecular velocity distribution, 
exciting only those atoms having k-v = —6+ y’, 
where y’ is a power broadened homogeneous width. 
In the linear field regime, the FPD signal again decays 
on a time scale of order (ku)~!, since the velocity 
distribution is unchanged to first order in the field 
amplitude. When one considers nonlinear inter- 
actions with the field, however, the cw field excites 
a narrow velocity subclass that is no longer subject to 
inhomogeneous broadening. These atoms give rise to 
a contribution to the FPD signal that decays with rate 
T;'=(y+ y’). Thus by using nonlinear atom-field 
interactions, one can extract homogeneous decay 
rates in situations where there is large inhomo- 
geneous broadening. The price one pays is that only 
a small percentage of the atoms (those having 
velocities for which the applied field is resonant) 
contribute to the signal. 

A FPD signal obtained on the D, transition in Cs is 
shown in Figure 2, where T; = 1.4 ns. Oscillations in 
the signal originate from ground state hyperfine 
splitting. Figure 3 represents a FPD signal obtained 
in NH,D at 10.6 pm using the method of Stark 
switching with cw state preparation. The oscillations 
are the heterodyne beat signal while the slowly 
varying increase in the signal is the result of optical 
nutation of molecules switched into resonance by the 
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Figure 2 Optical free precession decay in Cs using an 
excitation pulse having 20ns duration. Reproduced with 
permission from Lehmitz H and Harde H (1986) In: Prior Y, Ben- 
Reuven A and Rosenbluh M (eds) Methods of Laser Spec- 
troscopy, pp. 109-112. New York: Plenum. 
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Figure 3 Optical free precession in NH2D using the Stark 
switching technique. Reproduced with permission from Brewer 
RG and Shoemaker RL (1972) Optical free induction decay. 
Physical Review A 6: 2001. Copyright (1972) by the American 
Physical Society. 


Stark pulse. The FPD signal manifests itself as a 
reduction of the amplitude of the oscillation with 
time. This amplitude decays with the (power-broa- 
dened) homogeneous decay rate y’. 


Photon Echo 


Although the FPD signal produced by short excitation 
pulses decays in a time of order (ku)~!, the coherence 
of individual atoms decays in a much longer time, T). 
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Figure 4 Pulse sequence and signal intensity for the photon 
echo. 


The question arises as to whether it is possible to 
bring all the atomic dipoles back into phase so they 
can radiate a coherent signal. The photon echo 
accomplishes this goal, although it has very little to 
do with either photons or echoes. The pulse sequence 
and echo signal are shown in Figure 4. The first pulse 
creates a phased array of dipoles, which begin to 
dephase owing to inhomogeneous broadening. At 
time T,, the second pulse provides a nonlinear 
interaction that couples p,, and p2;. As a result of 
the second pulse, the dipoles begin a rephasing 
process that is completed at time t=2T>,. The 
‘echo’ appears at this time. The echo intensity exiting 
the sample is 


kNpL \ 
I(L, t) = (“Xe I p21 (t))! 


RN pL 


2 
= (oe sin sin’) 
2& 


x eA ¥T 1 pw (t-2Ta 2 


[26] 

If the echo intensity is measured as a function of 
T1, one can extract the homogeneous decay rate y = 
T>,'. It is interesting to note that the echo intensity 
near t = 2T>, mirrors the FPD intensity immediately 
following the first pulse. For experimental reasons, it 
is often convenient to use a different propagation 
vector for the second pulse. If k; and k, are 
propagation vectors of the first and second pulses, 
the echo signal is in the direction k = 2k, — kj, 
provided Ik, — k,|/k; <1. 

The echo signal is sensitive only to p7;(t) and p1(t) 
in the entire time interval of interest. Any interaction 
that results in a degradation of the dephasing— 
rephasing process for these density matrix elements 
leads to a decrease in the echo intensity. As such, echo 
signals can serve as a probe of transverse relaxation. 


Transverse relaxation generally falls into two broad 
categories. First, there are dephasing processes which 
produce an exponential damping of the coherences 
and contribute to y. Second there is spectral diffusion; 
in a vapor, spectral diffusion is produced by velocity- 
changing collisions that change the effective field 
frequency seen by the atoms owing to the Doppler 
effect. Such terms enter the optical Bloch equations as 
integral terms, transforming the equations into 
differentio-integral equations. In general, the phase- 
changing and velocity-changing aspects of collisions 
are entangled; however, if the collisional interaction is 
state-independent, as it is for some molecular 
transitions, then collisions are purely velocity-chan- 
ging in nature, leading to an echo that decays 
exponentially as T3, for early times and T, for 
later times. For electronic transitions, collisions are 
mainly phase-changing in nature, but there is a 
velocity-changing contribution that persists in the 
forward diffractive scattering cone. Photon echo 
techniques are sufficiently sensitive to measure the 
relaxation caused by such diffractive scattering. 

The photon echo was first observed by NA Kurnit 
and co-workers, using a pulsed ruby laser (Figure 5). 
In Stark switching experiments, the photon echo 
follows two Stark pulses as shown in Figure 6. The 
effects of velocity-changing collisions on the photon 
echo signal in a CH3F molecular vapor is represented 
in Figure 7. The signal exhibits exponential decay 
varying as T}, for early times and T>, for later times. 
A theoretical interpretation of the observed echo 
decay permits a determination of the binary collision 
parameters for CH3F, namely, the characteristic 
velocity jump Atty, = 200 cms! and the cross 


section of ¢ = 580 A?. 





Figure 5 A photon echo signal from ruby. Time increases to the 
right with a scale of 100 ns/division. The pulse on the right is the 
echo signal, while the first two pulses are the (attenuated) input 
pulses. Reprinted with permission from Kurnit NA, Abella ID and 
Hartmann SR (1964) Observation of a photon echo. Physical 
Review Letters 13: 567. Copyright (1964) by the American 
Physical Society. 


Next, we will add a case, making sure to isolate exposed leads with non-conductive 
material especially if mounting in a conductive case. A piece of cardboard secured 
with glue is sufficient for the circuit's bottom and shrink wrap or electrical tape can 
be used in the case of any additional exposed leads. Drill two holes in your 
enclosure, one for the antenna or antenna lead and another for your output 
terminals. You can then insert your components, fasten the enclosure and your 
device is ready to use! 


Add Tip Ask Question 


Step 5: Your Crystal Energy Receiver Is Complete! 
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Figure 6 A photon echo signal in 'SCH3F using the Stark 
switching method. The third pulse in trace (a) is the echo 
heterodyne beat signal. This signal is preceded by ‘nutation’ 
transient signals following each of the two Stark pulses shown in 
trace (b). Reprinted with permission from Brewer RG and 
Shoemaker RL (1971) Photo echo and optical nutation in 
molecules. Physical Review Letters 27: 631. Copyright (1971) 
by the American Physical Society. 
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Figure 7 Decay of the photon echo signal in 'SCH,F as a 
function of pulse separation. Reprinted with permission from 
Schmidt J, Berman PR and Brewer RG (1973) Coherent transient 
study of velocity-changing collisions. Physical Review Letters 
31: 1103. Copyright (1973) by the American Physical Society. 
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Figure 8 Pulse sequence and signal intensity for the stimulated 
photon echo. 


Stimulated Photon Echo 


In contrast to conventional photon echoes, stimulated 
photon echoes can be used to simultaneously measure 
both transverse and longitudinal relaxation times. 
Stimulated photon echoes have become an important 
diagnostic probe of relaxation in condensed matter 
systems as well as atomic vapors. The pulse sequence 
is shown in Figure 8 and consists of three pulses, 
having areas 0,, 0), 03, and equal propagation vectors 
k. The time interval between the first two pulses is 
Tx; >> T> and pulse 3 occurs at time t = To, + T. 
The maximum echo amplitude is given by 

I(L,t,) = (43 e 

2&9 


2 
x e 22T gp 4¥In 


2 
sin 6; sin 6) sin 0) 


[27] 


and occurs when t, — (T>, + T) = Ty,. The optimal 
pulse sequence consists of three 7/2 pulses. 

If slightly different k vectors are chosen such that 
k, =k; ~ k, the echo intensity varies as 





27 22T 9-477 21 glk ke? (T42T 17/2 

By varying the angle between kjand k5, one can 
determine the Doppler width ku. By monitoring the 
echo signal as a function of T,,(T), one obtains 
information on the transverse (longitudinal) 
relaxation. 

The situation changes dramatically if there is an 
additional ground state level (level 0) to which the 
excited state can decay. In that case, the system is 
‘open’ since population can leave the ‘two-level’ 
subsystem. The total population of the 1-2 state 
subsystem is no longer conserved, requiring an 
additional decay rate to account for relaxation. Let 
us suppose that all states decay with rate I’, as a result 
of their finite time in the laser beams. Moreover, let 
I, and I’ be the decay rates of level 2 to levels 1 
and 0, respectively. Assuming that yT > 1, one finds 
that the factor e 7” in eqn [27] must be replaced by 
(Po o/T a4 + Toye ot. If [3.9 0, there is a long- 
lived component in the ground state population that 
contributes to the echo signal. One can exploit this 
feature of open systems to study spectral diffusion or 
velocity-changing collisions with very high sensitivity. 
Echoes can occur for time separations T much greater 
than the excited state lifetime. The creation of such 
long-lived stimulated photon echoes can be attributed 
to the fact that, in open systems, a portion of the 
velocity modulation created by the first two pulses in 
the ground state remains following spontaneous 
decay from the excited state. 

The stimulated photon echo observed on the D, 
transition in sodium is shown in Figure 9. This is 
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Figure 9 Stimulated photon echo observed on the D, transition 
in sodium. Reprinted with permission from Mossberg T, Flusberg 
A, Kachru R and Hartmann SR (1979) Total scattering cross 
section for Na on He measured by stimulated photon echoes. 
Physical Review Letters 42: 1665. Copyright (1979) by the 
American Physical Society. 


an ‘open’ system, owing to ground state hyperfine 
structure. For the data shown, T is 17 times the 16 
ns lifetime of the excited state. The first three 
pulses represent light scattered from the three input 
pulses and the fourth pulse is the echo. The echo 
appears at t= T+2T). 


Optical Ramsey Fringes 


We have seen that coherent transients can be used to 
measure relaxation rates. With a slight modification 
of the stimulated photon echo geometry, it is also 
possible to use coherent transient signals to measure 
transition frequencies. If one chooses k3 in the —k; 
direction instead of the k, direction, it is possible to 
generate a phase matched signal in the 


k=k, —k, +k; = —ky 


direction. To simplify matters, it is assumed that 
k, ~k, =—-k and terms of order lk, — kjlux 
(T +2T>1) are neglected. 

The averaged density matrix element in the vicinity 
of the echo is 


(p21 (t)) = (i/8) sin 6; sin 6) sin 03¢ 27 e777! 





eiSlt—-Tx -T)+Ta1] 9 kw? \(t—T.) -T)—T, 7/4 


[28] 
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An echo is formed at time t, = T + 2T>,, just as for 
the stimulated photon echo, but there is an 
additional phase factor, given by e772! when t= 
t,, that is absent for the nearly collinear geometry. 
This phase factor is the optical analog of the phase 
factor that is responsible for the generation of 
Ramsey fringes in the microwave domain. The 
phase factor can be measured directly by heterodyn- 
ing the signal field with a reference field or, 
indirectly, by converting the off-diagonal density 
matrix element into a population by the addition of a 
fourth pulse in the k; direction at time t = T + 2T},. 
In either case, the signal varies as cos(26T>1). 


The central fringe, corresponding to 6=0 can be 
isolated using one of two methods. If the experiment 
is carried out using an atomic beam rather than 
atoms in a cell, T>, = L/uo, will be different for 
atoms having different up (L = spatial separation of 
the first two pulses and mp is the longitudinal velocity 
of the atoms). On averaging over a distribution of 
ug, the fringe having 6 = 0 will have the maximum 
amplitude. Experiments of this type allow one to 
measure optical frequencies with accuracy of order 
T>,|. For experiments using temporally-separated 
pulses acting on atoms in a cell, it is necessary to 
take data as a function of 6 for several values of T>1, 
and then average the data over T. It might seem 
remarkable that narrow pulses having large band- 
widths can be used to measure optical frequencies 
with arbitrary accuracy as T>, is increased. Of 
course, it is the total duration of the pulse sequence 
rather than the duration of a single pulse that is the 
relevant time parameter. For the optical coherence, 
Tx, is the appropriate time parameter (during the 
interval T, it is population rather than coherence 
that contributes to the signal). The price one pays by 
using large T> is a signal that decays as e 4¥™. 

Figure 10 illustrates an optical Ramsey fringe 
signal on the 657 nm intercombination line in Ca. 
Four-field zones were used. The most probable 
value of T>, was about 10° s for an effusive beam 
having a most probable longitudinal speed equal to 
800 ms~!, giving a central fringe width of order 
60 kHz. 
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Figure 10 An optical Ramsey fringe signal on the 657nm 
intercombination line in Ca. Four field zones were used. The solid 
and dotted lines represent runs with the directions of the laser field 
reversed, to investigate phase errors in the signals. Reprinted 
from Ito N, Ishikawa J and Moringa A (1994) Evaluation of the 
optical phase shift in a Ca Ramsey fringe stabilized optical 
frequency standard by means of laser-beam reversal. Optics 
Communications 109: 414, with permission from Elsevier. 
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Atom Interferometry 


Matter wave atom interferometers rely on the wave 
nature of the center-of-mass motion for their oper- 
ation. Such interferometers illustrate some interesting 
features of coherent optical transients not found in 
NMR. As an example, one can consider the response 
of a cold atomic ensemble to two, off-resonant 
standing-wave optical pulses separated in time by T. 
The electric field amplitude of pulse j(j = 1,2) is 
given by E(Z,t) = eE,(t)cos(kZ)cos(wt). The net 
effect of the field is to produce a spatially-modulated, 
ac Stark or light shift of the ground state energy. As a 
result, pulse j modifies the ground state amplitude by 
the phase factor exp[i6; cos(2kZ)]. In other words, 
the standing wave field acts as a phase grating for the 
atoms. The phase factor can be interpreted in terms of 
momentum exchange between the two traveling wave 
components of the standing wave field. Owing to the 
fields’ interaction with the atoms, all even integral 
multiples of 24k can be exchanged by the fields, 
imparting impulsive momenta of 2nhk (n is a positive 
or negative integer) to the atoms. For an atom having 
momentum P and mass M, the frequency change 
associated with this momentum change is 


Pp? |P + 2nhkZl? 
Ep p+onngz!h ( 2M 2M \/n 


2nPzk 











=F M —~ @2nk [29] 
where 
hn 
@W — 
2M 


There are two contributions to the frequency eqn 
[29]. The first part is independent of f and represents 
a classical Doppler shift, while the second part is 
proportional to f# and represents a quantum, matter- 
wave effect. The quantum contribution will become 
important for times of order w;,!,. As with the echoes 
described previously, the Doppler effect results in a 
dephasing and rephasing of the optical response. 
However, in contrast to the previous echoes, the 
ground state density is no longer constant for times 
t > wy,,, When matter wave effects begin to play a 
role. At such times the phase grating created by the 
pulses can be transformed into amplitude gratings of 
the atomic density. 

Long interaction times are possible, limited only by 
the time the atoms spend in the field. As such, atom 
interferometers offer exciting new possibilities for 
precision measurements of rotation rates, fundamen- 
tal constants such as f, gravitational acceleration, and 
gravitational gradients. Moreover, one can take 
advantage of the nonlinear atom-field interaction to 


create atomic density patterns having period A/2n 
from a standing wave optical field having wavelength 
A. In this manner one has the possibility to construct 
atom interferometers and atom structures that 
operate on the nano-scale (spacings on the order of 
tens of nanometers). 


Conclusion 


Optical coherent transients are now used routinely as 
probes of atomic vapors, liquids, and condensed 
matter. Sophisticated techniques have been developed 
using fast and ultrafast pulses (having duration of 10 
to 100 femtoseconds) to probe such systems and 
obtain the relevant relaxation rates. The manner in 
which optical coherent transients can be used to 
extract information on transition frequencies and 
relaxation rates in atomic and molecular vapors has 
been reviewed. In atomic vapors, optical coherent 
transients provide a means for obtaining both 
longitudinal and transverse relaxation rates. More- 
over, echo experiments serve as an extremely sensitive 
probe of velocity changing collisions. Similar tech- 
niques are being rediscovered as an important tool in 
the analysis of cold atomic vapors and Bose-Einstein 
condensates. Only the most basic optical coherent 
transient phenomena have been described in this 
chapter. More elaborate, multi-pulse excitation 
schemes are joining established methods in attempts 
to understand the complex decay dynamics that one 
encounters in many branches of physics, chemistry 
and biology. 
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List of Units and Nomenclature 


ER, t) Electric field vector 

E(t) Electric field amplitude 

E,(Z, t) Complex signal electric field amplitude 
I(L, t) Signal intensity exiting the sample 

k Field propagation vector 

L Sample length 

N Atomic density 

P Center-of-mass momentum 

P(R, f) Polarization vector 

P(Z,t) Complex polarization field amplitude 
To1,T Time interval between pulses 

u Most probable atomic speed 
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(u,v, W) Elements of Bloch vector 

Ut) Bloch vector 

Vv Atomic velocity 

Wo(v) Atomic velocity distribution 

Y Transverse relaxation rate 

2 Excited state decay rate or longitudinal 
relaxation rate 

6 Atom-field detuning 

0 Pulse area 

pb Dipole moment matrix element 

ij Density matrix element in ‘normal’ 
interaction representation 

pi(Z, t) Density matrix element in a field 
interaction representation 

T Pulse durations 

w Field frequency 

Wp Recoil frequency 

Wo Atomic transition frequency 

OW Generalized Rabi frequency 

Q(t) Pseudofield vector 

Oo(2) Rabi frequency 

See also 


Interferometry: Gravity Wave Detection; Overview. 
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Introduction 


Electromagnetic irradiation of matter generates a 
coherent superposition of the excited quantum states. 
The attribute ‘coherent’ relates to the fact that the 
material excitations originally have a well defined 
phase dependence which is imposed by the phase of 
the excitation source, often a laser in the optical 
regime. Macroscopically, the generated superposition 
state can be described as an optical polarization 
which is determined by the transition amplitudes 
between the participating quantum states. 

The optical polarization is a typical non-equili- 
brium quantity that decays to zero when a system 


relaxes to its equilibrium state. Coherent effects are 
therefore only observable in a certain time window 
after pulsed photo-excitation, or in the presence of a 
continuous-wave (cw) beam. As coherent transients 
one usually refers to phenomena that can be observed 
during or shortly after pulsed laser excitation and 
critically depend on the presence of the induced 
optical polarization. 

Many materials such as atoms, molecules, metals, 
insulators, semiconductors including bulk crystals, 
heterostructures, and surfaces, as well as organic and 
biological structures are studied using coherent 
optical spectroscopy. Depending on the particular 
system, the states participating in the optical 
transitions, the interactions among them, and the 
resulting time-scale for the decay of the induced 
polarization may be very different. As a result, the 
time window during which coherent effects are 
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observable can be as long as seconds for certain 
atomic transitions, or it may be as short as a few 
femtoseconds (107 '%s), e.g., for metals, surfaces, or 
highly excited semiconductors. 

Coherent spectroscopy and the analysis of coherent 
transients has provided valuable information on the 
nature and dynamics of the optical excitations. Often 
it is possible to learn about the interaction processes 
among the photoexcitations and to follow the 
temporal evolution of higher-order transitions 
which are only accessible if the system is in a 
non-equilibrium state. 

The conceptually simplest experiment which one 
may use to observe coherent transients is to time 
resolve the transmission or reflection induced by a 
single laser pulse. However, much richer information 
can be obtained if one excites the system with several 
pulses. A pulse sequence with well-controlled delay 
times makes it possible to study the dynamical 
evolution of the photo-excitations, not only by time 
resolving the signal, but also by varying the delay. 
Prominent examples of such experiments are pump- 
probe measurements, which usually are performed 
with two incident pulses, or four-wave mixing, for 
which one may use two or three incident pulses. 

Besides the microscopic interaction processes, the 
outcome of an experiment is determined by the 
quantum mechanical selection rules for the transi- 
tions and by the symmetries of the system under 
investigation. For example, if one wants to investigate 
coherent optical properties of surface states one often 
relies on phenomena, such as second-harmonic or 
sum-frequency generation, which give no signal in 
perfect systems with inversion symmetry. Due to the 
broken translational invariance, such experiments are 
therefore sensitive only to the dynamics of surface 
and/or interface excitations. 

In this article the basic principles of coherent 
transients are presented and several examples are 
presented. The basic theoretical description and its 
generalization for the case of semiconductors are 
introduced. 


Basic Principles 


In the absence of free charges and currents, Maxwell’s 
equations show that the electromagnetic field inter- 
acts with matter via the optical polarization. 
This polarization P, or more precisely its second 
derivative with respect to time (d7/dt7)P, appears as a 
source term in the wave equation for the electric 
field E. Consequently, if the system is optically thin 
such that propagation effects within the sample can 
be ignored and if measurements are performed in 
the far field region, i.e., at distances exceeding the 


characteristic optical wavelength A, the emitted 
electric field resulting from the polarization is 
proportional to its second time derivative, 
Eoc(d7/0t7)P. Thus the measurement of the emitted 
field dynamics yields information about the temporal 
evolution of the optical material polarization. 
Microscopically the polarization is determined by 
the transition amplitudes between the different states 
of the system. These may be the discrete states of 
atoms or molecules, or the microscopic valence and 
conduction band states in a dielectric medium, such 
as a semiconductor. In any case, the macro- 
scopic polarization P is computed by summing over 
all microscopic transitions p,, via P=). (MaPa + 
c.c.), where p,, is the dipole matrix element which 
determines the strength of the transitions between the 
states v and c, and c.c. denotes the complex conjugate. 
If «, and «, are the energies of these states, their 
dynamic quantum mechanical evolution is described 
by the phase factors e~*"* and e~'*:"", respectively. 
Therefore, each p,, is evolving in time according to 
e eek ~=Assuming that we start at t=0 
with p(t = 0) = poo, which may be induced by a 
short optical pulse, we have for the optical polariza- 
tion P(t) = ¥., (MeaPeoe + c.c.). Thus P(Z) 
is given by a summation over microscopic transitions 
which all oscillate with frequencies proportional to 
the energy differences between the involved states. 
Hence, the optical polarization is clearly a coherent 
quantity which is characterized by amplitude and 
phase. Furthermore, the microscopic contributions to 
P(t) add up coherently. Depending on the phase 
relationships, one may obtain either constructive 
superposition, interference phenomena like quantum 
beats, or destructive interference leading to a decay 
(dephasing) of the macroscopic polarization. 


Optical Bloch Equations 


The dynamics of photo-excited systems can be 
conveniently described by a set of equations, the 
optical Bloch equations, named after Felix Bloch 
(1905-1983) who first formulated such equations to 
analyze the spin dynamics in nuclear magnetic 
resonance. For the simple case of a two-level model, 
the Bloch equations can be written as 


ih p = Acp +E-pl [1 


3c8 P 
th T= 2E-w(p — p’) [2] 


Here, Ae is the energy difference and I the 
inversion, i.e., the occupation difference between 
upper and lower state. The field E couples the 
polarization to the product of the Rabi energy E-p 
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and the inversion I. In the absence of the driving 
field, i.e. E=0, eqn [1] describes the free oscil- 
lation of p discussed above. 

The inversion is determined by the combined 
action of the Rabi energy and the transition p. The 
total occupation N, i.e., the sum of the occupations of 
the lower and the upper states, remains unchanged 
during the optical excitation since light does not 
create or destroy electrons; it only transfers them 
between different states. If N is initially normalized 
to 1, then I can vary between —1 and 1. [= —1 
corresponds to the ground state of the system, where 
only the lower state is occupied. In the opposite 
extreme, i.e., for I= 1, the occupation of the upper 
state is 1 and the lower state is completely depleted. 

One can show that eqns [1]—[2] contain another 
conservation law. Introducing P = p+ p* = 2Re[p] 
and J = i(p — p*) = —2Im[p], which are real quan- 
tities and often named polarization and polarization 
current, respectively, one finds that the relation 


P+ pP+Pe=i [3] 


is fulfilled. Thus the coupled coherent dynamics of the 
transition and the inversion can be described on a unit 
sphere, the so-called Bloch sphere. The three terms 
P, J, and I can be used to define a three-dimensional 
Bloch vector S$ = (P, J, I). With these definitions, one 
can reformulate eqns [1]—[2] as 


®*s_axs 4] 
ot 


with O = (—2pE, 0, As) fh and xX denoting the 
vector product. 

The structure of eqn [4] is mathematically identical 
to the equations describing either the angular 
momentum dynamics in the presence of a torque or 
the spin dynamics in a magnetic field. Therefore, the 
vector S is often called pseudospin. Moreover, many 
effects which can be observed in magnetic resonance 
experiments, e.g., free decay, quantum beats, echoes, 
etc. have their counterparts in photo-excited optical 
systems. 

The vector product on the right-hand side of 
eqn [4] shows that S is changed by Q in a direction 
perpendicular to § and ©. For vanishing field the 
torque © has only a z-component. In this case the 
z-component of S, i.e., the inversion, remains 
constant, whereas the x- and y-components, i.e., the 
polarization and the polarization current, oscillate 
with the frequency Ae/h on the Bloch sphere 
around Q. 


Semiconductor Bloch Equations 


If one wants to analyze optical excitations in crystal- 
lized solids, i.e., in systems which are characterized by 


a periodic arrangement of atoms, one has to include 
the continuous dispersion (bandstructure) into the 
description. In translationally invariant, i.e., ordered 
systems, this can be done by including the crystal 
momentum fk as an index to the quantities 
which describe the optical excitation of the material, 
e.g., p and I in eqns [1]-[2]. Hence, one has to 
consider a separate two-level system for each crystal 
momentum fik. As long as all other interactions are 
disregarded, the bandstructure simply introduces a 
summation over the uncoupled contributions from 
the different k states, leading to inhomogeneous 
broadening due to the presence of a range of 
transition frequencies As(k)/h. 

For any realistic description of optical processes in 
solids, it is essential to go beyond the simple picture of 
non-interacting states and to treat the interactions 
among the elementary material excitations, e.g., the 
Coulomb interaction between the electrons and the 
coupling to additional degrees of freedom, such as 
lattice vibrations (electron-phonon interaction) or 
other bath-like subsystems. If crystals are not ideally 
periodic, imperfections, which can often be described 
as a disorder potential, need to be considered as well. 

All these effects can be treated by proper extensions 
of the optical Bloch equations introduced above. For 
semiconductors the resulting generalized equations 
are known as semiconductor Bloch equations, where 
the microscopic interactions are included at a certain 
level of approximation. For a two-band model of 
a semiconductor, these equations can be written 
schematically as 





29 Cc ’v\ 1.3 0 
ih 5p Pk = Aey py + O(N — Mm) 4 ih Prleorr [5] 





Pacer P he gp 0 2 
thm = (OUP OP.) + ih 5p Mk lcorr [6] 





an) v x * 9 v 
th 7M — (OLPK OP) + ih np Uklcor [7] 


Here p, is the microscopic polarization and nj and 
ny, are the electron populations in the conduction 
and valence bands (c and v), respectively. Due to the 
Coulomb interaction and possibly further processes, 
the transition energy Ae, and the Rabi energy 0, 
both depend on the excitation state of the system, 
i.e., they are functions of the time-dependent 
polarizations and populations. This leads, in par- 
ticular, to a coupling among the excitations for all 
different values of the crystals momentum fk. 
Consequently, in the presence of interactions, the 
optical excitations can no longer be described as 
independent two-level systems but have to be treated 
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as a coupled many-body system. A prominent and 
important example in this context is the appearance 
of strong exciton resonances which, as a conse- 
quence of the Coulomb interaction, show up in the 
absorption spectra of semiconductors energetically 
below the fundamental bandgap. 

The interaction effects lead to significant mathe- 
matical complications since they induce couplings 
between all the different quantum states in a system 
and introduce an infinite hierarchy of equations for 
the microscopic correlation functions. The terms 
given explicitly in eqns [5]-[7] arise in a treatment 
of the Coulomb interaction on the Hartree-Fock 
level. Whereas this level is sufficient to describe 
excitonic resonances, there are many additional 
effects, e.g., excitation-induced dephasing due to 
Coulomb scattering and significant contributions 
from higher-order correlations, like excitonic popu- 
lations and biexcitonic resonances, which make it 
necessary to treat many-body correlation effects that 
are beyond the Hartree-Fock level. These contri- 
butions are formally included by the terms denoted as 
| corr In eqns [5]—[7]. The systematic truncation of the 
many-body hierarchy and the analysis of controlled 
approximations is the basic problem in the micro- 
scopic theory of optical processes in condensed 
matter systems. 


Examples 


Radiative Decay 


The emitted field originating from the non-equili- 
brium coherent polarization of a photo-excited 
system can be monitored by measuring the trans- 
mission and the reflection as function of time. If only 
a single isolated transition is excited, the dynamic 
evolution of the polarization and therefore of the 
transmission and reflection is governed by radiative 
decay. This decay is a consequence of the coupling of 
the optical transition to the light field described by the 
combination of Maxwell- and Bloch-equations. 
Radiative decay simply means that the optical 
polarization is converted into a light field on a 
characteristic time scale 2T,,g. Here, T,q is the 
population decay time, often also denoted as T;- 
time. This radiative decay is a fundamental process 
which limits the time on which coherent effects are 
observable for any photo-excited system. Due to 
other mechanisms, however, the non-equilibrium 
polarization often vanishes considerably faster. 

The value of T,,q is determined by the dipole 
matrix element and the frequency of the transition, 
ie., Tj) 0¢|pl?Aw, with Aw = Ae/h. The temporal 
evolution of the polarization and the emitted field are 


proportional to e /4¢~“2T =), Usually one measures 


the intensity of a field, i.e., its squared modulus, 
which evolves as e~“”"= and thus simply shows an 
exponential decay, the so-called free-induction decay 
(see Figure 1). T,,q can be very long for transitions 
with small matrix elements. For semiconductor 
quantum wells, however, it is in the order of only 
10 ps, as the result of the strong light-matter 
interaction. 

The time constant on which the optical polari- 
zation decays is often called T,. In the case where this 
decay is dominated by radiative processes, we thus 
have T, = 2Tyaq- 


Superradiance 


The phenomenon of superradiance can be discussed 
considering an ensemble of N two-level systems which 
are localized at certain positions R,. In this case 
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Figure 1 A two-level system is excited by a short optical pulse at 


t = 0. Due to radiative decay (inset) and possibly other dephasing 
mechanisms, the polarization decays exponentially as function of 
time with the time constant Tp, the dephasing time. The intensity of 
the optical field which is emitted as a result of this decay is 
proportional to the squared modulus of the polarization, which falls 
off with the time constant 7/2. The decay of the squared modulus 
of the polarization is shown in (a) on a linear scale and in 
(b) on a logarithmic scale. The dephasing time was chosen to be 
Tz = 10ps which models the radiative decay of the exciton 
transition of a semiconductor quantum well. 
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Maxwell’s equations introduce a coupling among all 
these resonances since the field emitted from any 
specific resonance interacts with all other resonances 
and interferes with their emitted fields. As a result, this 
system is characterized by N eigenmodes originating 
from the radiatively coupled optical resonances. 

A very spectacular situation arises if one considers 
N identical two-level systems regularly arranged with 
a spacing that equals an integer multiple of A/2, where 
A is the wavelength of the system’s resonance, i.e., 
A= c/Aw, where c is the speed of light in the 
considered material (see Figure 2a). In this case all 
emitted fields interfere constructively and the system 
behaves effectively like a single two-level system with 
a matrix element increased by VN. Consequently, the 
radiative decay rate is increased by N and the 
polarization of the coupled system decays N-times 
faster than that of an isolated system (see Figure 2b). 
This effect is called superradiance. 

It is possible to observe superradiant coupling 
effects, e.g., in suitably designed semiconductor 
heterostructures. Figure 2c compares the measured 
time-resolved reflection from a single quantum well 
(dashed line) with that of a Bragg structure, i.e., a 
multiple quantum-well structure which consists of 
10 individual wells that are separated by A/2 (solid 
line), where A is the wavelength of the exciton 
resonance. For times greater than about 2 ps the 
direct reflection of the exciting pulse has decayed 
sufficiently and one is left with the exponential decay 
of the remaining signal. Figure 2c shows that this 
decay is much more rapid for the Bragg structure 
than for the single quantum well, due to super- 
radiance introduced by the radiative coupling among 
the quantum wells. 


Destructive Interference 


As the next example we now consider a distribution 
of two-level systems which have slightly different 
transition frequencies characterized by the distri- 
bution function g(Aw — @) of the transition frequen- 
cies which is peaked at the mean value @ and has a 
spectral width of Sw (see Figure 3a). Ignoring the 
radiative coupling among the resonances, the optical 
polarization of the total system evolves after exci- 
tation with a short laser pulse at t = 0 proportional to 
J dwg(Aw — de '*  B(t)e', where 3(t) denotes 
the Fourier transform of the frequency distribution 
function. 2(£) and thus the optical polarization decays 
on a time-scale which is inversely proportional to 
the spectral width of the distribution function dw. 
Thus the destructive interference of many different 
transition frequencies results in a rapid decay of the 
polarization (see Figure 3b). 
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Figure 2 (a) N identical two-level systems are depicted which 


are regularly arranged with a spacing that equals an integer 
multiple of 4/2, where A is the wavelength of the system’s 
resonance. Due to their coupling via Maxwell's equations all fields 
emitted from the two-level systems interfere constructively and 
the coupled system behaves effectively like a single two-level 
system with an optical matrix element increased by VN. (b) The 
temporal decay of the squared modulus of the polarization is 
shown on a logarithmic scale. The radiative decay rate is 
proportional to N and thus the polarization of the coupled system 
decays N-times faster than that of an isolated system. This effect 
is called superradiance. (c) Measured time-resolved reflection of a 
semiconductor single quantum well (dashed line) and a N = 10 
Bragg structure, i.e., a multi quantum well where the individual 
wells are separated by A/2 (solid line), on a logarithmic scale. 
[Part (c) is reproduced with permission from Haas S, Stroucken T, 
Hubner M, ef al. (1998) Intensity dependence of superradiant 
emission from radiatively coupled excitons in multiple-quantum- 
well Bragg structures. Physical Review B 57: 14860. Copyright 
(1998) by the American Physical Society]. 
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Figure 3 (a) An ensemble of two-level systems is shown where 
the resonance frequencies are randomly distributed according to 
a Gaussian distribution function of width 6 around an average 
value. (b) The temporal dynamics of the squared modulus of the 
polarization of ensembles of two-level systems after excitation 
with a short optical pulse at t = 0 is shown on a linear scale. Since 
the dephasing time is set to infinity, i.e., 72 — 00, the polarization of 
an ensemble of identical two-level system (Sw=0) does not 
decay. However, for a finite width of the distribution, 6a > 0, the 
individual polarizations of the ensemble oscillate with different 
frequencies and, therefore, due to destructive interference the 
polarization of the ensemble decays as function of time. Since the 
Fourier transform of a frequency-domain Gaussian is a Gaussian 
in the time domain, the dashed, dotted, and dashed dotted line 
have a Gaussian shape with a temporal width which is inversely 
proportional to dw. 


In the spectral domain this rapid decay shows up as 
inhomogeneous broadening. Depending on the sys- 
tem under investigation, there are many different 
sources for such an inhomogeneous broadening. 
One example is the Doppler broadening in 
atomic gases or disorder effects such as well-width 
fluctuations in semiconductor quantum wells or 
lattice imperfections in crystals. 

In the nonlinear optical regime it is, under certain 
circumstances, possible to reverse the destructive 
interference of inhomogeneously broadened coherent 
polarizations. For example, in four-wave mixing, a 
second pulse may lead to a rephasing of the 
contributions with different frequencies, which 
results in the photon echo (see discussion below). 


Quantum Beats 


The occurrence of quantum beats can be understood 
most easily in a system where the total optical 
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Figure 4 (a) Two optical resonances with frequency difference 
Aw, — Aw, may be realized by either a three-level system or by 
two uncoupled two-level systems. After impulsive excitation with 
an optical pulse the linear polarization of both types of systems 
show a modulation of the squared modulus of the polarization with 
the time period 27/(Aw, — Aw). For the intrinsically coupled 
three-level system these modulations are called quantum beats, 
whereas for an interference of uncoupled systems they are named 
polarization interferences. Using nonlinear optical techniques, 
e.g., four-wave mixing and pump probe, it is possible to distinguish 
quantum beats and polarization interferences since coupled and 
uncoupled systems have different optical nonlinearities. (b) The 
temporal dynamics of the squared modulus of the polarization is 
shown for systems with two resonances and frequency difference 
Aw, — A@,, neglecting dephasing, i.e., setting T,— 0. After 
excitation with a short optical pulse at t = 0 the squared modulus 
of the polarization is periodically modulated with a time period 
27/(Aw, — Aa). 


polarization can be attributed to a finite number of 
optical transitions. Let us assume for simplicity that 
all these transitions have the same matrix element. 
In this case, after excitation with a short laser pulse at 
t= 0 the optical polarization of the total system 
evolves proportional to 5; e ‘4. The finite number 
of frequencies results in a temporal modulation with 
time periods 27/(Aw; — Aw;) of the squared modulus 
of the polarization which is proportional to the 
emitted field intensity. For the case of two frequencies 
the squared modulus of the polarization is pro- 
portional to [1+ cos((Aw, — Aw )f)], i.e., due to the 
interference of two contributions the polarization 
varies between a maximum and zero (see Figure 4b). 

In the linear optical regime it is impossible to 
distinguish whether the optical transitions are 
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uncoupled or coupled. As shown in Figure 4, the two 
uncoupled two-level systems give the same linear 
polarization as a three-level systems where the two 
transitions share a common state. It is, however, 
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Figure 5 (a) Two Gaussian laser pulses separated by the time 
delay 7 can lead to interferences. As shown by the thick solid line 
in the inset, the spectral intensity of a single pulse is a Gaussian 
with a maximum at the central frequency of the pulse. The width of 
this Gaussian is inversely proportional to the duration of the pulse. 
The spectral intensity of the field consisting of both pulses shows 
interference fringes, i.e., is modulated with a spectral period that is 
inversely proportional to 7. As shown by the thin solid and the 
dotted lines in the inset, the phase of the interference fringes 
depends on the phase difference Ag between the two pulses. 
Whereas for Ag = 0 the spectral intensity has a maximum at the 
central frequency, it vanishes at this position for Ag = 7. (b) The 
temporal dynamics of the squared modulus of the polarization is 
shown for a two-level system excited by a pair of short laser 
pulses neglecting dephasing, i.e., setting T2 — oo. The first pulse 
excites at t= 0 an optical polarization with a squared modulus 
normalized to 1. The second pulse, which has the same intensity 
as the first one, also excites an optical polarization at t = 2 ps. For 
t>2ps the total polarization is given by the sum of the 
polarizations induced by the two pulses. Due to interference, the 
squared modulus of the total polarization depends sensitively on 
the phase difference Ag between the two pulses. For constructive 
interference the squared modulus of the total polarization after the 
second pulse is four times bigger than that after the first pulse, 
whereas it vanishes for destructive interference. One may achieve 
all values in between these extremes by using phase differences 
Ag which are no multiples of 7. It is thus shown that the second 
pulse can be used to coherently control the polarization induced 
by the first pulse. 


possible to decide about the nature of the underlying 
transitions if one performs nonlinear optical spec- 
troscopy. This is due to the fact that the so-called 
quantum beats, i.e., the temporal modulations of the 
polarization of an intrinsically coupled system, show 
a different temporal evolution as the so-called 
polarization interferences, i.e., the temporal modu- 
lations of the polarization of uncoupled systems. The 
former ones are also much more stable in the presence 
of inhomogeneous broadening than the latter ones. 

In semiconductor heterostructures, quantum-beat 
spectroscopy has been widely used to investigate the 
temporal dynamics of excitonic resonances. Also the 
coupling among different optical resonances has been 
explored in pump-probe and four-wave-mixing 
measurements. 


Coherent Control 


In the coherent regime the polarization induced by a 
first laser pulse can be modified by a second, delayed 
pulse. For example, the first short laser pulse incident 
at t = 0 induces a polarization proportional to e 4” 
and a second pulse arriving at t= 7> 0 induces 
a polarization proportional to ee /4%~9, 
Thus for t=7 the total polarization is given by 
e ‘Aer 1 + e 4?) with Ag= go — Aur. If Ag is an 
integer multiple of 27, the polarizations of both 
pulses interfere constructively and the amplitude of 
the resulting polarization is doubled as compared to a 
single pulse. If, on the other hand, Ag is an odd 
multiple of a, the polarizations of both pulses 
interfere destructively and the resulting polarization 
vanishes after the action of both pulses. Thus by 





2k,-k, 


Figure 6 Transient optical nonlinearities can be investigated by 
exciting the system with two time delayed optical pulses. The 
pump pulse (E,) puts the system in an excited state and the test 
(probe) pulse (E;) is used to measure its dynamics. The dynamic 
nonlinear optical response may be measured in the transmitted or 
reflected directions of the pump and test pulses, i.e., +k, and +k;, 
respectively. In a pump-probe experiment one often investigates 
the change of the test absorption induced by the pump pulse, by 
measuring the absorption in the direction k, with and without E,. 
One may also measure the dynamic nonlinear optical response in 
scattering directions like 2k, — k, and 2k, — k, as indicated by the 
dashed lines. This is what is done in a four-wave-mixing or 
photon-echo experiment. 
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Figure 7 (a) Absorption spectra of a two-level system. The solid 


line shows the linear optical absorption spectrum as measured by a 
weak test pulse. It corresponds to a Lorentzian line that is centered 
at the transition frequency Aw, which has been set to zero. The 
width of the line is inversely proportional to the dephasing time To. 
In the presence of a pump pulse which resonantly excited the two- 
level system, the absorption monitored by the test pulse is reduced 


varying the phase difference of the two pulses it is 
possible to coherently enhance or destroy the optical 
polarization (see Figure 5b). 

One can easily understand the coherent control in 
the frequency domain by considering the overlap 
between the absorption of the system and the pulse 
spectrum. For excitation with two pulses that are 
temporally delayed by 7, the spectrum of the 
excitation shows interference fringes with a spectral 
oscillation period that is inversely proportional to +t. 
The positions of the maxima and the minima of the 
fringes depend on the phase difference between 
the two pulses. For constructive interference, 
the excitation spectrum is at a maximum at the 
resonance of the system, whereas for destructive 
interference the excitation spectrum vanishes at the 
resonance of the system (see Figure 5a). 

Coherent control techniques have been applied to 
molecules and solids to control the dynamical 
evolution of electronic wavepackets and also the 
coupling to nuclear degrees of freedom. In this 
context, it is sometimes possible to steer certain 
chemical reactions into a preferred direction by 
using sequences of laser pulses which can be chirped, 
ie., have a time-dependent frequency. Furthermore, 
in semiconductors and heterostructures, coherent 
control has been used to optically inject electronic 
currents on an ultrafast time-scale. 


Transient Absorption Changes 


In a typical pump-probe experiment one excites the 
system with a pump pulse (E,) and probes its 
dynamics with a weak test pulse (E,) (see Figure 6). 
With such experiments one often measures the 
differential absorption Aa(w) which is defined as 





in amplitude, i.e., bleached, since the pump puts the system in an 
excited state (dashed line). In the optical Stark effect the frequency 
of the pump is nonresonant with the transition frequency. If the 
pump is tuned below (above) the transition frequency, the 
absorption is shifted to higher (lower) frequencies, i.e., shifted to 
the blue (red) part of the spectrum, see dotted (dashed-dotted) line. 
(b) The differential absorption obtained by taking the difference 
between the absorption in the presence of the pump and the 
absorption without pump. The dashed line shows the purely 
negative bleaching obtained using a resonant pump. The dotted 
and the dashed-dotted lines correspond to the dispersive shape of 
the blue and red shift obtained when pumping below and above the 
resonance, respectively. (c) Measured differential absorption 
spectra of a semiconductor quantum well which is pumped off 
resonantly 4.5 meV below the 1s heavy-hole exciton resonance. 
The four lines correspond to different polarization directions of the 
pump and probe pulses as indicated. [Part (c) is reproduced with 
permission from Sieh C, Meier T, Jahnke F, et al. (1999) Coulomb 
memory signatures in the excitonic optical Stark effect. Physical 
Review Letters 82: 3112. Copyright (1999) by the American 
Physical Society.] 
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For resonant pumping and for a situation where the 
pump precedes the test (positive time delays 7 > 0), 
the absorption change is usually negative in the 
vicinity of the resonance frequency Aa, indicating 
the effect of absorption bleaching (see Figure 7a,b). 
There may be positive contributions spectrally around 
the original absorption line due to resonance broad- 
ening and, at other spectral positions, due to excited 
state absorption, i.e., optical transitions to energeti- 
cally higher states which are only possible if the system 
is in an excited state. The bleaching and the positive 
contributions are generally present in coherent, and 
also in incoherent situations, where the polarization 
vanishes but occupations in excited states are present. 

For detuned pumping, the resonance may be shifted 
by the light field as for example, in the optical Stark 
effect. Depending on the excitation configuration 
and the system, this transient shift may be to higher 
(blue shift) or lower energies (red shift) 
(see Figure 7a,b). With increasing pump-probe time 
delay the system gradually returns to its unexcited 
state and the absorption changes disappear. 

As an illustration we show in Figure 7c experi- 
mentally measured differential absorption spectra of 
a semiconductor quantum well which is pumped 
spectrally below the exciton resonance. For a two- 
level system one would expect a blue shift of the 
absorption, i.e., a dispersive shape of the differential 
absorption with positive contributions above and 
negative contributions below the resonance frequ- 
ency. This is indeed observed for most polarization 
directions of the pump and probe pulses. However, if 
both pulses are oppositely circularly polarized, the 
experiment shows a resonance shift in the reverse 
direction, i.e., a red shift. For the explanation of this 
behavior one has to consider the optical selection 
rules of the quantum well system. One finds that the 
signal should actually vanish for oppositely circularly 





Figure 8 (a) Differential absorption spectra are shown for 
resonant pumping of a two-level system for various time delays 7 
between the pump and the test pulse. When the pump precedes 
the test, i.e., <0, the differential absorption exhibits spectral 
oscillations with a period which is inversely proportional to the time 
delay. When 7 approaches zero, these spectral oscillations vanish 
and the differential absorption develops into purely negative 
bleaching. (b) Measured differential transmission spectra of a 
multi quantum well for different negative time delays as indicated. 
[Part (b) is reproduced with permission from Sokoloff JK, Joffre M, 
Fluegel B, et al. (1988) Transient oscillations in the vicinity of 
excitons and in the band of semiconductors. Physics Review B 38: 
7615. Copyright (1988) by the American Physical Society.] 
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Figure 9 (a) The intensity dynamics as measured in a four- 


wave-mixing experiment on an ensemble of inhomogeneously 
broadened two-level systems for various time delays 7 of the two 
incident pulses. The first pulse excites the system at t= 0. In 
the time period 0<t<v7 the individual polarizations of the 
inhomogeneously broadened system oscillate with their respective 
frequencies and due to destructive interference the total 
polarization decays, cp. Figure 3. The second pulse arriving at 
t= 7 leads to a partial rephasing of the individual polarizations. 
Due to phase conjugation all individual polarizations are in phase at 
t = 27 which results in a macroscopic measurable signal, the 
photon echo. Due to dephasing processes the magnitude of 
the photon echo decays with increasing 7, see solid, dashed, 
dotted and dashed-dotted lines. Describing the dephasing via a 
Tp time corresponds to an exponential decay as indicated by the 
thin dotted line. By measuring the decay of the echo with increasing 
7, one thus gets experimental information on the dephasing of the 
optical polarization. (b) Time-resolved four-wave-mixing signal 
measured on an inhomogeneously broadened exciton resonance 
of a semiconductor quantum well structure for different time delays 
as indicated. The origin of the time axis starts at the arrival of the 
second pulse, i.e., fora non-interacting system the maximum of the 
echo is expected at tf = 7. The insets show the corresponding time- 
integrated four-wave-mixing signal and the linear absorption. [Part 
(b) is reproduced with permission from Jahnke F, Koch M, Meier T, 
et al. (1994) Simultaneous influence of disorder and Coulomb 
interaction on photon echoes in semiconductors. Physics Review B 
50: 8114. Copyright (1994) by the American Physical Society.] 


polarized pulses, as long as many-body correlations 
are neglected. Thus in this case the entire signal is due 
to many-body correlations and it is their dynamics 
which gives rise to the appearance of the red shift. 


Spectral Oscillations 


For negative time delays rt < 0, i.e., if the test pulse 
precedes the pump, the absorption change Aa(w) is 
characterized by spectral oscillations around Aw 
which vanish as t approaches zero (see Figure 8a). 
The spectral period of the oscillations decreases with 
increasing I7l. Figure 8b shows measured differential 
transmission spectra of a multiple quantum-well 
structure for different negative time delays. As with 
the differential absorption, also the differential 
transmission spectra are dominated by spectral 
oscillations around the exciton resonance whose 
period and amplitude decrease with increasing Il. 
The physical origin of the coherent oscillations is 
the pump-induced perturbation of the free-induction 
decay of the polarization generated by the probe 
pulse. This perturbation is delayed by the time 7 at 
which the pump arrives. The temporal shift of the 
induced polarization changes in the time domain 
leads to oscillations in the spectral domain, since the 
Fourier transformation translates a delay in one 
domain into a phase factor in the conjugate domain. 


Photon Echo 


In the nonlinear optical regime one may (partially) 
reverse the destructive interference of a coherent, 
inhomogeneously broadened polarization. For 
example, in four-wave mixing, which is often per- 
formed with two incident pulses, one measures the 
emitted field in a background-free scattering direction 
(see Figure 5). The first short laser pulse excites all 
transitions at t = 0. Asa result of the inhomogeneous 
broadening the polarization decays due to destructive 
interference (see Figure 3). The second pulse arriving 
at t=7T>O0 is able to conjugate the phases 
(e'? +e") of the individual polarizations of the 
inhomogeneously broadened system. The subsequent 
unperturbed dynamical evolution of the polarizations 
leads to a measurable macroscopic signal at t = 27. 
This photon echo occurs since at this point in time all 
individual polarizations are in phase and add up 
constructively (see Figure 9a). Since this rephasing 
process leading to the echo is only possible as long as 
the individual polarizations remain coherent, one can 
analyze the loss of coherence (dephasing) by measur- 
ing the decay of the photon echo with increasing 
time delay. 

Echo experiments are frequently performed using 
more complicated geometries, e.g., more than 
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two laser pulses. Further echo phenomena can also 
be observed as the result of the coupling of the photo- 
excitation to nuclear degrees of freedom and also due to 
spatial motion of the electrons, i.e., electronic currents. 

Time-resolved four-wave-mixing signal, measured 
on an inhomogeneously broadened exciton resonance 
of a semiconductor quantum well structure for 
different time delays, is presented in Figure 9b. 
Compared to Figure 9a, the origin of the time 
axis starts at the arrival of the second pulse, i.e., for 
a non-interacting system the maximum of the echo is 
expected at t=7. Due to the inhomogeneous 
broadening the maximum of the signal is shifting 
to longer times with increasing delay. Further details of 
the experimental results, in particular, the exact 
position of the maximum and the width of the 
signal, cannot be explained on the basis of non- 
interacting two-level systems, but require the 
analysis of many-body effects in the presence of 
inhomogeneous broadening. 


See also 


Coherent Control: Applications in Semiconductors; 
Experimental; Theory. Spectroscopy: Nonlinear Laser 
Spectroscopy. 
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Introduction 


Linear optical spectroscopy, using the techniques of 
absorption, transmission, reflection and light scatter- 
ing, has provided invaluable information about the 
electronic and vibrational properties of atoms, 
molecules, and solids. Optical techniques also possess 
some additional unique strengths: the ability to 


1. generate nonequilibrium distributions functions of 
electrons, holes, excitons, phonons, etc. in solids; 

2. determine the distribution functions by optical 
spectroscopy; 


3. determine the nonequilibrium distribution func- 
tions on femtosecond timescales; 

4. determine femtosecond dynamics of carrier and 
exciton transport and tunneling; and 

5. investigate interactions between various elemen- 
tary excitations as well as many-body processes in 
semiconductors. 


Researchers have exploited these unique strengths 
to gain fundamental new insights into nonequili- 
brium, nonlinear, and transport physics of semicon- 
ductors and their nanostructures over the past four 
decades. 

A major focus of these efforts has been devo- 
ted to understanding how a semiconductor in 
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thermodynamic equilibrium, excited by an ultrashort 
optical pulse, returns to the state of thermodynamic 
equilibrium. Four distinct regimes can be identified: 


(a) the coherent regime in which a well-defined phase 
relationship exists between the excitation created 
by the optical pulse and the electromagnetic 
(optical) field creating it; 

(b) the nonthermal regime in which the coherence 
(well-defined phase relationships) has been 
destroyed by various collision and interference 
processes but the distribution function of exci- 
tations is nonthermal (i.e., cannot be described by 
a Maxwell—Boltzmann distribution or its quan- 
tum (degenerate) counterparts); 

(c) the hot carrier regime in which the distributions 
for various excitations are thermal, but with 
different characteristic temperatures for different 
excitations and thermal bath; and 

(d) the isothermal regime in which the excitations 
and the thermal bath are at the same temperature 
but there is an excess of excitation (e.g., electron— 
hole pairs) compared to thermodynamic 
equilibrium. 


Various physical processes take the semiconductor 
from one regime to the next, and provide information 
not only about the fundamental physics of semicon- 
ductors but also about the physics and ultimate 
performance limits of electronic, optoelectronic, and 
photonic devices. 

In addition to coherent and relaxation dynamics, 
ultrafast studies of semiconductors provide new 
insights into tunneling and transport of carriers, and 
demonstrate novel quantum mechanical phenomena 
and coherent control in semiconductors. 

The techniques used for such studies have also 
advanced considerably over the last four decades. 
Ultrafast lasers with pulse widths corresponding to 
only a few optical cycles (1 optical cycle ~2.7 fs at 
800 nm) have been developed. The response of the 
semiconductor to an ultrafast pulse, or a multiple of 
phase-locked pulses, can be investigated by measur- 
ing the dynamics of light emitted by the semiconduc- 
tor using a streak camera (sub-ps time resolution) or a 
nonlinear technique such as luminescence up-conver- 
sion (time resolution determined by the laser pulse 
width for an appropriate nonlinear crystal). The 
response of the semiconductor can also be investi- 
gated using a number of two or three beam pump- 
probe techniques such as transmission, reflection, 
light scattering or four-wave mixing (FWM). Both the 
amplitude and the phase of the emitted radiation or 
the probe can be measured by phase-sensitive 
techniques such as spectral interferometry. The lateral 


transport of excitation can be investigated by using 
time-resolved spatial imaging and the vertical trans- 
port and tunneling of carriers can be investigated 
using the technique of ‘optical markers’. Electro-optic 
sampling can be used for transmission/reflection 
studies or for measuring THz response of semicon- 
ductors. More details on these techniques, and indeed 
many topics discussed in this brief article, can be 
found in the Further Reading. 


Coherent Dynamics 


The coherent response of atoms and molecules is 
generally analyzed for an ensemble of independent 
(noninteracting) two-level systems. The statistical 
properties of the ensemble are described in terms of 
the density matrix operator whose diagonal com- 
ponents relate to population of the eigenstates and 
off-diagonal components relate to coherence of the 
superposition state. The time evolution of the density 
matrix is governed by the Liouville variant of the 
Schrédinger equation ifp = [H, p] where the system 
Hamiltonian H = Hp + Hin, + He is the sum of the 
unperturbed, interaction (between the radiation field 
and the two-level system), and relaxation Hamilto- 
nians, respectively. Using a number of different 
assumptions and approximations, this equation of 
motion is transformed into the optical Bloch 
equations (OBE), which are then used to predict the 
coherent response of the system, often using iterative 
procedures, and analyze experimental results. 

Semiconductors are considerably more complex. 
Coulomb interaction profoundly modifies the 
response of semiconductors, not only in the linear 
regime (e.g., strong exciton resonance in the absorp- 
tion spectrum) but also in the coherent and nonlinear 
regime. The influence of Coulomb interaction may be 
introduced by renormalizing the electron and hole 
energies (i.e., introducing excitons), and by renorma- 
lizing the field—matter interaction strength by intro- 
ducing a renormalized Rabi frequency. These changes 
and the relaxation time approximation for the 
relaxation Hamiltonian lead to an analog of the 
optical Bloch equations, the semiconductor Bloch 
equations which have been very successful in analyz- 
ing the coherent response of semiconductors. 

In spite of this success, it must be stressed that the 
relaxation time approximation, and the Boltzmann 
kinetic approach on which it is based, are not valid 
under all conditions. The Boltzmann kinetic app- 
roach is based on the assumption that the duration of 
the collision is much shorter than the interval between 
the collisions; i.e., the collisions are instantaneous. 
In the non-Markovian regime where these assump- 
tions are not valid, each collision does not strictly 
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conserve the energy and momentum and the quantum 
kinetic approach becomes more appropriate. This is 
true for photo-excited semiconductors as well as for 
the quantum transport regime in semiconductors. 
Also, semiconductor Bloch equations have been 
further extended by including four-particle corre- 
lations. Finally, the most general approach to the 
description of the nonequilibrium and coherent 
response of semiconductors following excitation by 
an ultrashort laser pulse is based on nonequilibrium 
Green’s functions. 

Experimental studies on the coherent response of 
semiconductors can be broadly divided into three 
categories: 


1. investigation of novel aspects of coherent response 
not found in other simpler systems such as atoms; 

2. investigation of how the initial coherence is lost, to 
gain insights into dephasing and decoherence 
processes; and 

3. coherent control of processes in semiconductors 
using phase-locked pulses. 


Numerous elegant studies have been reported. This 
section presents some observations on the trends in 
this field. 

Historically, the initial experiments focused on the 
decay of the coherent response (time-integrated FWM 
as a function of delays between the pulses), analyzed 
them in terms of the independent two-level model, 
and obtained very useful information about various 
collision processes and rates (exciton—exciton, exci- 
ton-carrier, carrier—carrier, exciton—phonon, etc.). It 
was soon realized, however, that the noninteracting 
two-level model is not appropriate for semiconduc- 
tors because of the strong influence of Coulomb 
interactions. Elegant techniques were then developed 
to explore the nature of coherent response of semi- 
conductors. These included investigation of time- 
and spectrally resolved coherent response, and of 
both the amplitude and phase of the response to 
complement intensity measurements. These studies 
provided fundamental new insights into the nature of 
semiconductors and many-body processes and inter- 
actions in semiconductors. Many of these obser- 
vations were well explained by the semiconductor 
Bloch equations. When lasers with <10 fs pulse 
widths became laboratory tools, the dynamics was 
explored on a time-scale much shorter than the 
characteristic phonon oscillation period (~ 115 fs for 
GaAs longitudinal optical phonons), the plasma 
frequency (~150fs for a carrier density of 
5x 10'7cm~%), and the typical electron-phonon 
collision interval (~200 fs in GaAs). Some remark- 
able features of quantum kinetics, such as reversal of 


the electron—phonon collision, memory effects, and 
energy nonconservation, were demonstrated. More 
recent experiments have demonstrated the influence 
of four-particle correlations on coherent nonlinear 
response of semiconductors such as GaAs in the 
presence of a strong magnetic field. 

The ability to generate phase-locked pulses with 
controllably variable separation between them pro- 
vides an exciting opportunity to manipulate a variety 
of excitations and processes within a semiconductor. 
If the separation between the two phase-locked pulses 
is adjusted to be less than the dephasing time of the 
system under investigation, then the amplitudes of the 
excitations produced by the two phase-locked pulses 
can interfere either constructively or destructively 
depending on the relative phase of the carrier waves 
in the two pulses. The nature of interference changes 
as the second pulse is delayed over an optical period. 
A number of elegant experiments have demonstrated 
coherent control of exciton population, spin orien- 
tation, resonant emission, and electrical current. 
Phase-sensitive detection of the linear or nonlinear 
emission provides additional insights into different 
aspects of semiconductor physics. 

These experimental and theoretical studies of 
ultrafast coherent response of semiconductors have 
led to fundamental new insights into the physics of 
semiconductors and their coherence properties. Dis- 
cussion of novel coherent phenomena is given in a 
subsequent section. Coherent spectroscopy of semi- 
conductors continues to be a vibrant research field. 


Incoherent Relaxation Dynamics 


The qualitative picture that emerges from investi- 
gation of coherent dynamics can be summarized as 
follows. Consider a direct gap semiconductor excited 
by an ultrashort laser pulse of duration 7, (with a 
spectral width bAy,) centered at photon energy yy, 
larger than the semiconductor bandgap E,. At the 
beginning of the pulse the semiconductor does not 
know the pulse duration so that coherent polarization 
is created over a spectral region much larger than 
hAy.. If there are no phase-destroying events during 
the pulse (dephasing rate1/7p < 1/7), then a destruc- 
tive interference destroys the coherent polarization 
away from hy, with increasing time during the 
excitation pulse. Thus, the coherent polarization 
exists only over the spectral region Ay, at the end 
of the pulse. This coherence will be eventually 
destroyed by collisions and the semiconductor will 
be left in an incoherent (off-diagonal elements of the 
density matrix are 0) nonequilibrium state with 
peaked electron and hole population distributions 
whose central energies and energy widths are 
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determined by hy, hAv, and E,, if the energy and 
momentum relaxation rates (1/tg,1/t,) are much 
smaller than the dephasing rates. 

The simplifying assumptions that neatly separate 
the excitation, dephasing and relaxation regimes are 
obviously not realistic. A combination of all these 
(and some other) physical parameters will determine 
the state of a realistic system at the end of the exciting 
pulse. However, after times ~ Tp following the laser 
pulse, the semiconductor can be described in terms 
of electron and hole populations whose distribution 
functions are not Maxwell—Boltzmann or Fermi- 
Direct type, but nonthermal in a large majority of 
cases in which the energy and momentum relaxation 
rates are much smaller than the dephasing rates. 
This section discusses the dynamics of this incoherent 
state. 

Extensive theoretical work has been devoted to 
quantitatively understand these initial athermal 
distributions and their further temporal evolution. 
These include Monte Carlo simulations based on the 
Boltzmann kinetic equation approach (typically 
appropriate for time-scales longer than ~ 100 fs, the 
carrier-phonon interaction time) as well as the 
quantum kinetic approach (for times typically less 
than ~100 fs) discussed above. We present below 
some observations on this vast field of research. 


Nonthermal Regime 


A large number of physical processes determines the 
evolution of the nonthermal electron and hole 
populations generated by the optical pulse. These 
include electron—electron, hole—hole, and electron— 
hole collisions, including plasma effects if the density 
is high enough, intervalley scattering in the conduc- 
tion band and intervalence band scattering in valence 
bands, intersub-band scattering in quantum wells, 
electron-phonon, and hole—phonon scattering pro- 
cesses. The complexity of the problem is evident 
when one considers that many of these processes 
occur on the same time-scale. Of these myriad 
processes, only carrier—phonon interactions and 
electron-hole recombinations (generally much 
slower) can alter the total energy in electronic 
systems. Under typical experimental conditions, the 
redistribution of energy takes place before substantial 
transfer of energy to the phonon system. Thus, the 
nonthermal distributions first become thermal distri- 
butions with the same total energy. Investigation of 
the dynamics of how the nonthermal distribution 
evolves into a thermal distribution provides valuable 
information about the nature of various scattering 
processes (other than carrier—phonon scattering) 
described above. 


This discussion of separating the processes that 
conserve energy in the electronic system and those 
that transfer energy to other systems is obviously too 
simplistic and depends strongly on the nature of the 
problem one is considering. The challenge for the 
experimentalist is to devise experiments that can 
isolate these phenomena so each can be studied 
separately. If the laser energy is such that 
hy, — E, < hao, the optical phonon energy, then 
majority of the photo-excited electrons and holes do 
not have sufficient energy to emit an optical phonon, 
the fastest of the carrier—phonon interaction pro- 
cesses. The initial nonthermal distribution is then 
modified primarily by processes other than phonon 
scattering and can be studied experimentally 
without the strong influence of the carrier—phonon 
interactions. Such experiments have indeed been 
performed both in bulk and quantum well semicon- 
ductors. These experiments have exhibited spectral 
hole burning in the pump-probe transmission spectra 
and thus demonstrated that the initial carrier 
distributions are indeed nonthermal and evolve to 
thermal distributions. Such experiments have pro- 
vided quantitative information about various car- 
rier—carrier scattering rates as a function of carrier 
density. In addition, experiments with hy, — E, > 
hoo and hy, — E, > intervalley separation have 
provided valuable information about intravalley as 
well as intervalley electron—phonon scattering rates. 
Experiments have been performed in a variety of 
different semiconductors, including bulk semicon- 
ductors and undoped and modulation-doped 
quantum wells. The latter provide insights into 
intersub-band scattering processes and quantitative 
information about the rates. 

These measurements have shown that under typical 
experimental conditions, the initial nonthermal dis- 
tribution evolves into a thermal distribution in times 
< or ~1 ps. However, the characteristic tempera- 
tures of the thermal distributions can be different for 
electrons and holes. Furthermore, different phonons 
may also have different characteristic temperatures, 
and may even be nonthermal even when the 
electronic distributions are thermal. This is the hot 
carrier regime that is discussed in the next subsection. 


Hot Carrier Regime 


The hot carriers, with characteristic temperatures T. 
(T, and Ty, for electrons and holes, respectively), have 
high energy tails in the distribution functions that 
extend several kT, higher than the respective Fermi 
energies. Some of these carriers have sufficient energy 
to emit an optical phonon. Since the carrier—optical 
phonon interaction rates and the phonon energies are 
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rather large, this may be the most effective energy loss 
mechanism in many cases even though the number of 
such carriers is rather small. The emitted optical 
phonons have relatively small wavevectors and 
nonequilibrium populations larger than expected for 
the lattice temperature. These optical phonons are 
often referred to as hot phonons although none- 
quilibrium phonons may be a better term since they 
probably have nonthermal distributions. The 
dynamics of hot phonons will be discussed in the 
next subsection, but we mention here that in case of a 
large population of hot phonons, one must consider 
not only phonon emission but also phonon absorp- 
tion. Acoustic phonons come into the picture at lower 
temperatures when the fraction of carriers that can 
emit optical phonons is extremely small or negligible, 
and also in the case of quantum wells with sub-band 
energy separation smaller than optical phonons. 

The dynamics of hot carriers have been studied 
extensively to obtain a deeper understanding of 
carrier—phonon interactions and to obtain quantita- 
tive measures of the carrier—phonon interaction rates. 
Time resolved luminescence and pump-probe trans- 
mission spectroscopy are the primary tools used for 
such studies. For semiconductors like GaAs, the 
results indicate that polar optical phonon scattering 
(longitudinal optical phonons) dominates for elec- 
trons whereas polar and nonpolar optical phonon 
scattering contribute for holes. Electron—hole scatter- 
ing is sufficiently strong in most cases to maintain a 
common electron and hole temperature for times 
>~1ps. Since many of these experiments are 
performed at relatively high densities, they provide 
important information about many-body effects such 
as screening. Comparison of bulk and quasi-two- 
dimensional semiconductors (quantum wells) has 
been a subject of considerable interest. The consensus 
appears to be that, in spite of significant differences in 
the nature of electronic states and phonons, similar 
processes with similar scattering rates dominate both 
types of semiconductors. These studies reveal that 
the energy loss rates are influenced by many factors 
such as the Pauli exclusion principle, degenerate 
(Fermi-—Dirac) statistics, hot phonons, and screening 
and many-body aspects. 

Hot carrier distribution can be generated not only 
by photo-excitation, but also by applying an electric 
field to a semiconductor. Although the process of 
creating the hot distributions is different, the pro- 
cesses by which such hot carriers cool to the lattice 
temperature are the same in two cases. Therefore, 
understanding obtained through one technique can 
be applied to the other case. In particular, the physical 
insights obtained from the optical excitation case can 
be extremely valuable for many electronic devices 


that operate at high electric fields, thus in the regime 
of hot carriers. Another important aspect is that 
electrons and holes can be investigated separately by 
using different doping. Furthermore, the energy loss 
rates can be determined quantitatively because the 
energy transferred from the electric field to the 
electrons or holes can be accurately determined by 
electrical measurements. 


Isothermal Regime 


Following the processes discussed above, the exci- 
tations in the semiconductor reach equilibrium with 
each other and the thermal bath. Recombination 
processes then return the semiconductor to its 
thermodynamic equilibrium. Radiative recombina- 
tion typically occurs over a longer time-scale but 
there are some notable exceptions such as radiative 
recombination of excitons in quantum wells occur- 
ring on picosecond time-scales. 


Hot Phonons 


As discussed above, a large population of non- 
equilibrium optical phonons is created if a large 
density of hot carriers has sufficient energy to emit 
optical phonons. Understanding the dynamics of 
these nonequilibrium optical phonons is of intrinsic 
interest. 

At low lattice temperatures, the equilibrium 
population of optical phonons is insignificant. The 
optical phonons created as a result of photo- 
excitation occupy a relatively narrow region of wave- 
vector (k) space near k= 0 (~1% of the Brillouin 
zone). This nonequilibrium phonon distribution can 
spread over a larger k-space by various processes, or 
anharmonically decay into multiple large-wavevector 
acoustic phonons. These acoustic phonons then 
scatter or decay into small-wavevector, low-energy 
acoustic phonons that are eventually thermalized. 

Pump-probe Raman scattering provides the best 
means of investigating the dynamics of nonequili- 
brium optical phonons. Such studies, for bulk and 
quantum well semiconductors, have provided invalu- 
able information about femtosecond dynamics of 
phonons. In particular, they have provided the rate at 
which the nonequilibrium phonons decay. However, 
this information is for one very small value of the 
phonon wavevector so the phonon distribution 
function within the optical phonon branch is not 
investigated. The large-wavevector acoustic phonons 
are even less accessible to experimental techniques. 
Measurements of thermal phonon propagation pro- 
vide some information on this subject. Finally, the 
nature of phonons is considerably more complex in 
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quantum wells, and some interesting results have 
been obtained on the dynamics of these phonons. 


Tunneling and Transport Dynamics 


Ultrafast studies have also made important contri- 
butions to tunneling and transport dynamics in 
semiconductors. Time-dependent imaging of the 
luminescing region of a sample excited by an 
ultrashort pulse provides information about spatial 
transport of carriers. Such a technique was used, for 
example, to demonstrate negative absolute mobility 
of electrons in p-modulation-doped quantum wells. 
The availability of near-field microscopes enhances 
the resolution of such techniques to measure lateral 
transport to the subwavelength case. 

A different technique of ‘optical markers’ has been 
developed to investigate the dynamics of transport 
and tunneling in a direction perpendicular to the 
surface (vertical transport). This technique relies 
heavily on fabrication of semiconductor nanostruc- 
tures with desired properties. The basic idea is to 
fabricate a sample in which different spatial regions 
have different spectral signatures. Thus if the carriers 
are created in one spatial region and are transported 
to another spatial region under the influence of an 
applied electric field, diffusion, or other processes, 
the transmission, reflection, and/or luminescence 
spectra of the sample change dynamically as the 
carriers are transported. 

This technique has provided new insights into the 
physics of transport and tunneling. Investigation of 
perpendicular transport in graded-gap superlattices 
showed remarkable time-dependent changes in the 
spectra, and analysis of the results provided new 
insight into transport in a semiconductor of inter- 
mediate disorder. Dynamics of carrier capture in 
quantum wells from the barriers provided infor- 
mation not only about the fundamentals of capture 
dynamics, but also about how such dynamics affects 
the performance of semiconductor lasers with quan- 
tum well active regions. 

The technique of optical markers has been applied 
successfully to investigate tunneling between the two 
quantum wells in an a-DQW (asymmetric double 
quantum well) structure in which two quantum wells 
of different widths (and hence different energy levels) 
are separated by a barrier. The separation between the 
energy levels of the system can be varied by applying 
an electric field perpendicular to the wells. In the 
absence of resonance between any energy levels, the 
wavefunction for a given energy level is localized in 
one well or the other. In this nonresonant case, it is 
possible to generate carriers in a selected quantum 
well by proper optical excitation. Dynamics of 


transfer of carriers to the other quantum well by 
tunneling can then be determined by measuring 
dynamic changes in the spectra. Such measurements 
have provided much insight into the nature and rates 
of tunneling, and demonstrated phonon resonances. 
Resonant tunneling, i.e., tunneling when two elec- 
tronic levels are in resonance and are split due to 
strong coupling, has also been investigated exten- 
sively for both electrons and holes. One interesting 
insight obtained from such studies is that tunneling 
and relaxation must be considered in a unified 
framework, and not as sequential events, to explain 
the observations. 


Novel Coherent Phenomena 


Ultrafast spectroscopy of semiconductors has pro- 
vided valuable insights into many other areas. We 
conclude this article by discussing some examples of 
how such techniques have demonstrated novel 
physical phenomena. 

The first example once again considers an a-DQW 
biased in such a way that the lowest electron energy 
level in the wide quantum well is brought into 
resonance with the first excited electron level in the 
narrow quantum well. The corresponding hole 
energy levels are not in resonance. By choosing 
the optical excitation photon energy appropriately, 
the hole level is excited only in the wide well and the 
resonant electronic levels are excited in a linear 
superposition state such that the electrons at t = 0 
also occupy only the wide quantum well. Since the 
two electron eigenstates have slightly different ener- 
gies, their temporal evolutions are different with the 
result that the electron wavepacket oscillates back 
and forth between the two quantum wells in the 
absence of damping. The period of oscillation is 
determined by the splitting between the two resonant 
levels and can be controlled by an external electric 
field. Coherent oscillations of electronic wave- 
packets have indeed been experimentally observed 
by using the coherent nonlinear technique of four- 
wave mixing. Semiconductor quantum wells provide 
an excellent flexible system for such investigations. 

Another example is the observation of Bloch 
oscillations in semiconductor superlattices. In 1928 
Bloch demonstrated theoretically that an electron 
wavepacket composed of a superposition of states 
from a single energy band in a solid undergoes a 
periodic oscillation in energy and momentum space 
under certain conditions. An experimental demon- 
stration of Bloch oscillations became possible only 
recently by applying ultrafast optical techniques to 
semiconductor superlattices. The large period of a 
superlattice (compared to the atomic period in a 
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solid) makes it possible to satisfy the assumptions 
underlying Bloch’s prediction. The experimental 
demonstration of Bloch oscillations was also per- 
formed using four-wave mixing techniques. This 
provides another prime example of the power of 
ultrafast optical studies. 


Summary 


Ultrafast spectroscopy of semiconductors and their 
nanostructures is an exciting field of research that has 
provided fundamental insights into important physi- 
cal processes in semiconductors. This article has 
attempted to convey the breadth of this field and the 
diversity of physical processes addressed by this field. 
Many exciting developments in the field have been 
omitted out of necessity. The author hopes that this 
brief article inspires the readers to explore some of the 
Further Reading. 
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The human visual system is capable of detecting a 
small part of the electromagnetic spectrum which is 
called light. The visible region has a typical wave- 
length range of about 380-780 nm. Under optimal 
conditions the range is 360-830nm. The most 
important point is that color is a perception. It is 
how human beings perceive the visual part of the 
electromagnetic spectrum. The color of an object 
perceived depends on the physical characteristics of 
the radiation illuminating the object, spectral scatter- 
ing and reflectivity of the object, physiology of the 
eye, photochemistry of the sensors in the retina, the 


complex data processing that takes place in the visual 
system, and the psychology of color perception. In 
this review, we present an overview of color in nature 
and the world. Initially, color and wavelength is 
presented, then the human visual system and color 
perception. Then we go on to discuss measuring color 
and colorimetry and then color in nature, followed by 
a brief account of color in art and holography and the 
structural colors in nature. 


Color and Wavelength (Spectral and 
Nonspectral Colors) 


The ingenious yet simple experiments performed by 
Isaac Newton in the year 1666 and his ideas presented 
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in his famous treatise ‘Opticks’, are the foundations of 
our understanding of color and color perception. 
Based on his experiments, Newton showed that 
different regions of the visible spectrum are perceived 
as different colors and the solar radiation (white light) 
consists of spectral colors violet, blue, cyan, green, 
yellow, orange, and red. Thus, natural day light is 
quite colorful though we perceive it as colorless. 
Table 1 gives approximate wavelength ranges of the 
spectral colors. Superposition of all the spectral colors 
results in a perception of white. 
Colors can be produced in a number of ways: 


1. Gas discharges emit characteristic radiation in the 
visible region. For example, neon discharge is red 
in color, argon discharge blue, sodium discharge 
yellow, helium-neon laser gives red radiation and 
argon ion laser blue-green radiation. A variety of 
fluorescent lamps are available and they provide 
continuous spectral power distribution with 
characteristic lines of mercury in the blue-green 
region. Gas-filled sodium and fluorescent lamps 
offer long life and high efficiency and are popular 
for indoor and outdoor lighting. 

2. Transition metal (Cr, Mn, Fe, Co, Ni, Cu) 
compounds or transition metal impurities are 
responsible for the colors of the minerals, paints, 
gems, and pigments. They involve inorganic 
compounds of transition metal or rare earth ions 
with unpaired d or f orbitals. About 1% chro- 
mium sesquioxide (Cr2O3) in colorless aluminum 
oxide results in beautiful red ruby, a gemstone. 
The Cr+ impurity in pure beryllium aluminum 
silicate gives a beautiful emerald green resulting in 
sapphire, another gemstone. Transition metal 
impurities are added to glass in the molten state 
to prepare colored glass. For example, adding 
Cr** gives green, Mn** purple, Fe** pale yellow, 
Co?* reddish blue, Ni?* brown, and Cu** green- 
ish blue color. 

3. Color in Organic Compounds — Most natural and 
synthetic dyes and biological (vegetable and 
animal origin) colorants are complicated organic 


Table 1 Approximate wavelength ranges of different spectral 





colors 

Color Wavelength range (nm) 
Violet 380-435 

Blue 435-500 

Cyan 500-520 

Green 520-565 

Yellow 565-597 

Orange 597-625 

Red 625-780 


molecules. They absorb light, exciting molecular 
orbitals. The dyes are used for food coloration, 
clothing, photographic, and sensitizer purposes. 

4. Colors of metals, semiconductor materials and 
color centers — The colors of these materials are 
caused by the electronic transitions involving the 
energy bands. 

Diode lasers emit radiation corresponding to 
the bandgap of the semiconductor materials used 
for their fabrication. They are inexpensive, com- 
pact, and can be operated using dry cell batteries. 
They are extensively used in compact disks, 
barcode readers, and optical communications. 

Light emitting diodes (LED) are also prepared 
using semiconductor materials and they emit 
radiation corresponding to the bandgap of the 
semiconductor materials used for their fabrica- 
tion. LEDs are available in a variety of colors, red 
(GaAsP), orange (AlInGaP), yellow (InGaAs), 
green (CdSSe), blue (CdZnS) and are widely used 
in clocks, toys, tuners, displays, electronic bill- 
boards, and appliances. 

Color centers may be produced by irradiating 
some alkali halides and glass materials with 
electromagnetic radiation (gamma rays, X-rays, 
ultraviolet, and visible radiation) or with charged 
or uncharged particles (electrons, protons, neu- 
trons). The irradiation produces an electron hole 
pair and the electron is trapped forming an 
electron center. The electron or hole, or both, 
form a color center absorbing part of the visible 
radiation. The color centers can be reversed by 
heating to high temperatures. 

5. Optical Phenomenon lead to spectacular colors in 
nature and in biological materials. Scattering of 
light by the atmosphere is responsible for colors 
of the sky, beautiful sunsets and sunrise, twilight, 
blue moon, and urban glows. Dispersion and 
polarization cause rainbows and halos. Interfer- 
ence gives rise to the beautiful colors of thin films 
on water, foam, bubbles, and some biological 
colors (butterflies). Diffraction is responsible for 
the colors of liquid crystals, coronae, color of 
gems (opal), color of animals (sea mouse), the 
colors of butterfly (Morpho rhetenor), and 
diffraction gratings. 


The Human Visual System and Color 
Perception 


Photoreceptors in the Eye: Rods and Cones 


As light enters the eye, the cornea and the eye lens 
focus the image on the retina. The retina has two 
kinds of photoreceptors: rods and cones so named 


COLOR AND THE WORLD _ 181 





because of their shapes. Typically, there are about 7 
million cones and 110-125 million rods. Cones are 
activated during photopic (daylight) conditions and 
the rods during scotopic (night) conditions. Cones are 
responsible for color perception whereas rods can 
perceive only white and gray shades. Cones are predo- 
minantly located near the fovea, the central region of 
the retina. When light falls on the rods and the cones, 
the photosensitive material in them, namely rho- 
dopsin, is activated, generating an electrical signal 
which is further processed in the visual system and 
transmitted to the visual cortex. Considerable data 
processing takes place within the retina. 


Color Perception 


Subjective nature of color 

Color is a perception and is subjective. There is no 
way one can define color in an absolute or quantitat- 
ive means, even though it can be precisely character- 
ized by the spectral power distribution (SPD) of the 
radiation. For monochromatic light of different 
wavelengths we see the spectral colors detailed in 
Table 1. In general, the SPD of light from an object is 
complex and to predict the exact color of such a 
spectrum is quite difficult. However, in the following 
we discuss some simple color schemes. 


Additive color mixing 

Newton’s experiments demonstrated that using the 
three primary color light sources, blue, green, and red 
and by varying their relative intensities, one can 
generate most of the colors by additive color mixing. 
Additive color mixing is employed in stage lighting, 
and large screen color television projection systems. If 
we are concerned only with the hue and ignore satur- 
ation and brightness, the superposition of colored 
light beams of equal brightness on a white screen 
gives the following simple additive color scheme: 


Green + Red => Yellow 
Blue + Red > Magenta 
Blue + Green > Cyan 


Blue + Green + Red > White 





Subtractive color mixing 

When white light passes through, say, a red filter, the 
radiation corresponding to the red radiation is 
transmitted and all other parts of the visible spectrum 
are absorbed. If we insert more red filters the 
brightness of the light transmitted becomes less 
though the hue is likely to be more saturated. If you 
insert red and blue filters together in a white beam, 
you will see no light transmitted because the red filter 


blocks the entire spectrum except the radiation 
corresponding to red color which in turn is blocked 
by the blue filter. 

Subtractive color scheme is also applicable when 
paints of various colors are mixed together. The 
subtractive primary colors are magenta, yellow, and 
cyan. The artists often call them red, yellow, and blue. 
By appropriately mixing the primary colored paints 
one can, in principle, generate most of the colors. 


How many colors can we differentiate? 

If we do a simple experiment beginning from the 
lowest wavelength of the visible spectrum, say 
380 nm, and gradually move to the long wavelength 
end of the visible spectrum, one can differentiate 
about 150 spectral colors. For each spectral color 
there will be a number of colors that vary in 
brightness and saturation. Additionally, we can have 
additive mixtures of these spectral colors, which in 
turn have variations in brightness and saturation. It is 
estimated that under optimal conditions we can 
differentiate as many as 7 tol0 million different 
colors and shades. 


Temporal Response of the Human Visual System 


Positive afterimages 

The visual system responds to changes in the 
stimulation in time. However, the response of the 
visual system is both delayed and persists for some 
time after the stimulation is off. Because of the 
persistence of vision, one would see positive after- 
images. The afterimages last about 1/20s under 
normal conditions but are shorter at high light 
conditions. A rapid succession of images show results 
in a perception of continuous motion which is the 
basis for movies and TV. 

Close your eyes for about five minutes so that any 
after images of the objects you have seen before are 
cleared. Open your eyes to see a bright colored object 
and then close your eyes again; you will see positive 
afterimages of the object in its original colors. Even 
though the positive afterimage at the initial stages will 
be of the same colors as the original, they gradually 
change color showing that different cones recover at 
different rates. 


Negative afterimages 

If you stare at a color picture intensely for about a 
minute and look at a white background, such as a 
sheet of white paper, you will see the complementary 
colors of the picture. The image of the object falls on 
a particular part of the retina and if we look at a 
green colored object, the cones that are more 
sensitive to the mid-wavelength region are activated 
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and are likely to be saturated. If you look at a bright 
sheet of white paper immediately, the cones that are 
sensitive to the middle wavelength region are 
inactivated since they need some time to replenish 
the active chemical whereas the cones that have 
maximum sensitivity for the low and high wave- 
lengths are active, therefore you will see the object in 
complementary colors. Yellow will be seen after 
looking at blue image, cyan after looking at red 
image and vice versa. 


Spatial Resolution of the Human Visual System 


Lateral inhibition (color constancy) 

By and large the perceived color of an object is 
independent of the nature of the illuminating white 
light source. The color of the object does not change 
markedly under different white light sources of 
illumination. For example, we see basically the 
same color of the object in the daytime in the light 
of the blue sky or under an incandescent light source 
even though the spectral power distributions of these 
sources are different and the intensity of light reach- 
ing the eye in both cases is also drastically different. 
The color constancy is a result of chromatic lateral 
inhibition. The human visual system has a remark- 
able way of comparing the signals from the object and 
manipulating them with the signals generated from 
the surroundings and picking up the correct color 
independent of the illuminating source. The color 
constancy and simultaneous lightness contrast are 
due to lateral inhibition. Lateral inhibition was 
exploited by a number of artists to provide certain 
visual effects that would not have been possible 
otherwise. For example, Georges Seurat in his famous 
painting ‘La Poseuse en Profil’ improved the light 
intensity contrast in different regions of his painting 
by employing edge enhancement effects resulting 
from lateral inhibition. Victor Vasarely’s art work 
‘Arcturus’ demonstrates the visual effects of lateral 
inhibition in different colors. 


Spatial assimilation 

The color of a region assimilates the color of the 
neighboring region, thus changing the perception of 
its color. Closely spaced colors, when viewed from a 
distance, tend to mix partitively and are not seen as 
distinct colors but as a uniform color due to additive 
color mixing. Georges Seurat in his painting ‘Sunday 
Afternoon on the Island of La Grande Jatte’, uses 
thousands of tiny dots of different colors to produce a 
variety of color sensations, a technique which is 
known as pointillism. The visual effects of spatial 
assimilation were clearly demonstrated by Richard 


Anuszkiewicz in his painting ‘All Things Do Live in 
the Three’. 


Color Perception Models 


Thomas Young, in 1801, postulated that there are 
three types of sensors thus proposing trichromacy to 
explain the three attributes of color perception: hue, 
saturation, and brightness. Data on microspectro- 
photometry of excised retinas, reflection densitome- 
try of normal eyes, and psychophysical studies of 
different observers confirm the existence of three 
types of cones. As shown in Figure 1, the three types 
of cones have different responsivities to light. 
The cones that have maximum responsivity in the 
short wavelength region are often refereed as S-cones, 
the cones that have maximum in the intermediate 
wavelength range as I-cones, and the cones that have 
maximum in the long wavelength region as L-cones. 

The three response curves have considerable 
overlap. The overlap of the response curves and the 
complex data processing that takes place in the visual 
system enable us to differentiate as many as 150 
spectral colors and about seven to ten million 
different colors and shades. An important conse- 
quence of the existence of only three types of color 
sensors is that different spectral power distributions 
can produce identical stimuli resulting in the percep- 
tion of the same color. Such spectral power distri- 
butions are called metamers. 

The neural impulses generated by the cones are 
processed through a complex cross-linking of bipolar 
cells, horizontal cells, amacrine cells, and commu- 
nicated to ganglion cells leading to the optic chiasmas 
through the optic nerve. Information gathered by 
about 100 million photoreceptors, after considerable 
processing, is transmitted by about a million ganglion 
cells. 
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Figure 1 Relative spectral absorption of the three types of 
cones. S,/, and L respectively stand for the cones that have 
maximum responsivity for the short, intermediate, and long 
wavelength regions. 
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The zone theory of color vision assumes two 
separate zones where the signals are sequentially 
processed. In the first zone the signals are generated 
by the cones and in the second zone, the signals are 
processed to generate one achromatic and two 
opponent chromatic signals. Possibly other zones 
exist where the signals generated in the first and the 
second zones are further processed and communi- 
cated to the visual cortex where they are processed 
and interpreted based on the temporal and spatial 
response and comparisons with the information 
already available in the memory. 


Measuring Color and Colorimetry 


Since color is a human perception, how do we 
measure color? Colorimetry is based on the human 
visual system and how different observers perceive 
color. Though, the spectral power distribution of light 
is helpful for characterizing spectral hues, it is very 
difficult to infer the color from the spectral power 
distribution. 

The three attributes of color perception are hue, 
saturation, and brightness. Hue is the color such as 
red, green, and blue. Saturation refers to the purity of 
the color. A color is said to be more saturated if the 
whiteness in the color is less and vice versa. Brightness 
is related to the intensity of light. For the sun at 
sunrise the hue is red, saturated, and low brightness. 
About half an hour after sunrise, the hue is yellow, 
less saturated, and higher brightness. Though a 
variety of color schemes are available in the literature, 
in the following we discuss the Munsell system and 
the C.I.E. diagram only. 


Munsell Color System 


Albert Munsell, a painter and art teacher, devised a 
color atlas in 1905 by arranging different colors in an 
ordered three-dimensional space. He used the three 
color attributes hue, chroma, and value correspond- 
ing to hue, saturation, and brightness. In this system 
there are 10 basic hues, each of which is divided into 
10 equal gradations, resulting in 100 equally spaced 
hues. Each hue has a chart with a number of small 
chips arranged in rows and columns. Under daylight 
illumination, the chips in any column are supposed to 
have colors of equal chroma and the chips in any row 
are supposed to be of equal brightness. The brightness 
increases from the bottom of the chart to the top in 
steps that are perceptually equal. The saturation of 
the color increases from the inside edge to the outside 
edge of the chart in steps that are also perceptually 
equal. Each chip is identified by hue, value/chroma. In 
the Munsell scale, black is given a value of 0 and 


white 10, and the nine grays are uniformly placed in 
between. Though the Munsell system has gone 
through many revisions, typically it has a total of 
about 1450 chips. The Munsell color scheme, though 
subjective in nature, is widely used because of its 
simplicity and ease. 


The Commission Internationale de l’Echlairage 
(C.1.E.) Diagram 


Even though the visible light reaching the eye has a 
very complex SPD, color perception is mostly 
dependent on the signals generated by the three 
different types of cones. However, we do not know 
precisely the absorption and sensitivity of the cones 
and therefore are not in a position to calculate the 
signal strengths generated by the three different 
cones. Additionally, the response of the cones is 
specific to the individual. Therefore, the C.I.E. system 
is based on the average response of a large sample of 
normal observers. The C.I.E. system employs three 
color matching functions X(A),y(A), and 2A) 
(Figure 2), based on the psychological observations 
of a large number of standard observers to calculate 
the ‘tristimulus values’ X, Y, and Z defined as 


X=c | S(A)K(A)dA [1] 
Y=c | S(AYWA)AA [2] 
Z=c | S(A(A)dA [3] 


Here, A is the wavelength, S(A) the spectral power 
distribution, and c is the normalization constant. The 
integration is carried out over the visible region, 
normally 380 to 780 nm. The system is based on the 
assumption of additivity and linearity. The sum of the 
tristimulus values (X + Y + Z) is normalized to 1. We 
choose y(A) so that the Y tristimulus value is 
proportional to the luminance which is a quantitative 
measure of the intensity of light leaving the surface. 
We further calculate x and y which are called 
chromaticity coordinates: 


x 


*" &+Y4Z) 
Y 
»= KFY+D) ss 


The psychological color is then specified by the 
coordinates (Y,x, y). Relationship between colors is 
usually displayed by plotting the x and y values on 
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Figure 2 Color-matching functions x (A),y (A), and Z (A) of the C.I.E. 1931 standard observer. 


a two-dimensional Cartesian Coordinate system 
with z as an implicit parameter (z= 1-—.x-— y) 
which is known as the C.LE. chromaticity diagram 
(Figure 3). In this plot, the monochromatic hues are 
on the perimeter of a horseshoe shaped curve and is 
called spectrum locus. A straight line joining the 
ends of the spectrum is called the line of purples. 
Every chromaticity is represented by means of two 
coordinates (x, y) in the chromaticity diagram. The 
point corresponding to x = 1/3 and y= 1/3 (also 
z = 1/3) is the point of ‘equal energy’ and represents 
achromatic point. The complementary colors are on 
the opposite sides of the achromatic point. Com- 
plementary wavelength of a color is obtained by 
drawing a line from the color through the achro- 
matic point to the perimeter on the other side. 


Continuum (white) sources 

A perfect white source is the one that has constant 
SPD over the entire visible region. Such a source 
will not distort the color of the objects they 
illuminate. A number of sources in general are 
considered as white sources; they include incandes- 
cent lamps, day skylight, a variety of fluorescent 
lamps, etc. It should be noted that the SPD of these 
sources is not constant and varies with the source. 


Typical SPDs of commonly used light sources are 
given in Figure 4. 


Color temperature 

The thermal radiation emitted by a black body has a 
characteristic SPD which depends solely on its 
temperature. The wavelength A of the peak of this 
distribution is inversely proportional to its absolute 
temperature. As the absolute temperature of the 
blackbody increases, the peak shifts towards shorter 
wavelengths (blue region) and also the width of the 
distribution decreases. Since the peak of the black 
body radiation is dependent on the absolute tempera- 
ture, the color of the blackbody can be approximately 
defined by its temperature. 

The color temperature of a body is that tempera- 
ture at which the SPD of the body best matches with 
that of the blackbody radiation at that temperature. 
The concept of color temperature is often used to 
characterize the sources. Low color temperature 
sources have a reddish tinge and high color 
temperature sources tend to be slightly bluish. For 
example, the color temperature of red looking star 
Antares is about 5000 K and that of the bluish white 
looking Sirius is about 11000 K. One should note 
that the color temperature of a body is different from 
its actual temperature. The fluorescent lamps have a 
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Figure 3 Chromaticity diagram of the C.I.E. 1931 standard observer. The chromaticities of the incandescent sources and their color 
temperatures are given inside the curve. A, B, and C are the C.I.E. standard illuminants. The chromaticities of the helium-neon laser 
(red, 633 nm) and the argon-ion laser (green 515 nm, blue 488 nm, and indigo, 458 nm) are also shown. 
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Figure 4 Relative SPDs of commonly used white light sources. 


color temperature range of 5000-7500 K, incandes- 
cent lamps about 3000 K, direct sunlight ~ 4870 K 
and overcast skylight has a color temperature of 
~ 7000 K. 

The C.IE. chromaticity diagram along with the 
color temperatures of the commonly employed 
sources, is shown in Figure 3. 


Color in the Nature 


As the solar radiation passes through the atmosphere, 
it is partly absorbed and partly scattered by the 
atmospheric constituents: air, water vapor, and dust 
particles. Absorption depends on the molecular 
properties of the air molecules, water vapor, and the 
dust particles, and is strongly wavelength dependent. 
Absorbed energy increases the internal energy of the 
molecule finally manifesting itself as thermal energy. 
When the sun is at the zenith, the solar radiation 
passes through one air mass loosing approximately 
32% of its power. The SPD of the solar radiation 
above the atmosphere and at the Earth’s surface at air 
mass 1 is shown in Figure 5. Scattering and 
absorption of the solar radiation by the atmosphere 
are responsible for a variety of interesting colorful 
views in the nature and they are briefly discussed in 
this section. 


Atmospheric Colors 


1. Colors of the sky. Scattering occurs over most 
of the visible part of the electromagnetic 
spectrum and is a function of the frequency of 
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the radiation. According to Lord Raleigh’s 
theory of scattering, the scattering probability 
varies inversely as a function of the fourth power 
of the wavelength of the radiation. If we consider 
the radiation corresponding to blue (400 nm) 
and the radiation corresponding to say red 
(700 nm), the photons corresponding to blue 
radiation are scattered by about 9.4 times that of 
photons corresponding to the red radiation. 
During noontime, when we look at the sky, not 
directly at the sun, the sky looks unsaturated blue 
because of the predominant scattering experi- 
enced by the high frequency radiation corre- 
sponding to blue color. However, it should be 
noted that the daytime skylight contains all the 
spectral colors of the solar radiation though the 
spectral power distribution has changed result- 
ing in an increase in the intensity of the high 
frequency (blue) radiation. During noontime at 
the horizon, the sky looks close to white in color 
with a bluish tinge, because the solar radiation 
has passed through many air masses. As the 
thickness of the atmosphere increases, the 
intensity of the blue radiation decreases and 
ultimately as the radiation reaches the horizon, 
all the spectral colors are scattered about the 
same level resulting in white or bluish white sky. 
. Polarization of the solar radiation by the 
atmosphere. Light scattered by a molecule is 
polarized. The blue skylight is polarized with a 


um) of the solar radiation measured above the atmosphere and at the Earth’s surface at sea 


maximum polarization of about 75% to 85% at 
90° from the sun. 


. Distant mountains seem bluish in color. When an 


artist wishes to paint a distant mountain in 
perspective, he/she paints it blue; why? This is 
called airlight. The low wavelength part of the 
solar radiation is scattered more prominently, 
giving it a blue perspective when observed from a 
distance. However, it should be mentioned that 
the distant mountains may look any color 
depending on the scattering and absorption of 
the solar radiation sometimes resulting in ‘Purple 
Mountain’s majesty.’ 


. Sun looks red at the sunrise and sunset. At 


sunset as the sun approaches the horizon, the 
sun changes its color from dazzling white to 
yellow, orange, bright red, and dull red and the 
order is reversed at sunrise. At the sunsets and 
sunrise, the solar radiation travels through many 
airmasses compared to approximately one air- 
mass when the sun is at the zenith. Because of 
the large mass of air the radiation has to pass 
through, first the blue part of the spectrum is 
removed and the transmitted green to red 
spectral colors give the appearance of yellow. 
As this spectrum passes through more airmass, 
green is scattered most, leaving spectral yellow, 
orange, and red. As the radiation further passes 
through air, yellow and orange are also scat- 
tered, leaving only red. 
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Twilight. After sunset (dusk), or before the 
sunrise (dawn), the sky is illuminated by light 
which in turn illuminates the landscape. At 
sunsets and sunrise the solar radiation passes 
through a large mass of air. At a solar depression 
of about 0°, most of the blue is lost by scattering, 
resulting in a yellow arch and bright sky, and as 
the solar depression increases to about 10°, the 
arch will be reddish and the brightness of the sky 
reduced. 

Alpenglow. Snow-covered mountains glow 
orange yellow from the low sun and after the 
sunset the same mountains look purple because 
of the reflection of the twilight. 

Twinkling of stars. The stars twinkle. The local 
variations in the density of air are responsible for 
the twinkling of stars. As the density of air 
changes, so does the index of refraction and the 
starlight is continually refracted and dispersed. 
Twinkling is more prominent when the stars are 
on the horizon or on cold clear and windy nights. 


. Mirages. Mirages are refracted images produced 


because of the existence of refractive index 
gradients in the atmosphere. This results in the 
sight of shimmering water on a highway, 
inverted view of a car, etc. 


. Aurora Borealis. Aurorae are diffused slowly 


moving lights seen at high latitudes. They are 
often greenish yellow with different shapes. The 
lights in the northern hemisphere are called 
‘Aurora Borealis’ and the lights in the southern 
hemisphere ‘Aurora Australis.’ They are caused 
primarily by the high-energy electrons deflected 
by the Earth’s magnetic field towards the Earth’s 
magnetic poles interacting with the atmospheric 
molecules resulting in molecular excitation and 
ionization. When the molecules de-excite, the 
characteristic electromagnetic radiation is com- 
monly emitted. The commonly seen yellow-green 
light is due to the molecular emission of oxygen 
at SS7 nm. 

Urban glows. The scattered light from cities 
can be observed from space. The metropolitan 
Los Angeles can be observed from about 250 km 
in space. Extensively used sodium lamps with 
strong spectral yellow and blue-green mercury 
and fluorescent lights have unique color spectra 
of their own. 


Colors due to Water and Water Droplets 


1. 


What is the color of pure water? The trans- 
mission coefficient of pure water as a function of 
wavelength for different thicknesses of water 
column is shown in Figure 6. Our perception of 
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Figure 6 Transmission coefficient of water as a function of 
wavelength for different thicknesses of water (1mm, 1m, and 
10 m). 


the color of water changes with the thickness of 
water. For 1mm thick water column, all the 
wavelengths are transmitted, resulting in the 
perception of white; 1m thick water column 
looks unsaturated bluish green. As the thickness 
of water increases, the bluish green color will get 
more and more saturated. The color of water 
perceived by us depends on: (i) light reflected 
from the water surface; (ii) the light refracted at 
the water surface and diffused and scattered by 
the water molecules; and (iii) the refracted light 
reaches the bottom and gets reflected, which is 
further diffused and scattered and refracted at 
the water surface again. What we see is an 
additive sum of all these components. 


. Refraction through water—air interface. When 


light travels from an optically denser medium to 
an optically lighter medium, the light is deviated 
away from the normal. This is the reason why the 
apparent depth of a fish located in a pond is less 
than the true depth and a pencil struck in water 
seems to bend. If you are a diver when you look 
at the horizon from under water, the hemisphere 
seems to be compressed into a circle of diameter 
97.2° instead of 180° which is known as ‘Optical 
Manhole.’ 


. Glitter. When you look at the reflection of the 


sun or the moon in wavy water, you notice a 
bright elongated reflected light known as glitter. 
It has a brilliant reddish orange color when the 
sun is above the horizon. Since the water is wavy, 
light reflected by a certain part of the wave at a 
certain time has the correct angle of reflection 
to reach your eye, which is known as glint. 
An ensemble of a large number of glints 
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coming from different waves and different parts 
of the waves results in glitter. Since you are 
looking at the reflected light, it will be polarized. 
. Sky pools and landpools. The light coming from 
a wavy water surface of a lake consists of oval 
shaped bright colored patterns that continually 
change in shape. This results from the reflection 
of skylight by the wavy water. If the waves are 
not turbulent the reflected light reaching your eye 
continually changes resulting in bright colored 
patterns. Landpools are caused by a nearby 
sloping landscape and the reflected light pattern 
from the landscape. 

. Thin films. Oil floats on water and spreads into 
thin films because of its low surface tension. 
When viewed in reflected natural white light, 
the light reflected from the top surface of the 
oil and the light reflected from the interfacial 
surface of oil and water interfere to produce 
colorful patterns. Brilliant colored patterns are 
commonly seen on the roads after rain because 
of gasoline on water. Foam ordinarily consists 
of bubbles ranging typically 10°*mm to 
several mm. Even though each bubble produces 
colorful light due to the interference effects, 
the light coming out of the foam adds up to 
white light. 

. Wet surfaces look darker. A water spot on a 
concrete road looks darker. Since concrete is not 
porous a thin layer of water sticks to the surface. 
At the water surface part of the light incident is 
reflected, and a large part is transmitted. The 
transmitted light is diffusively scattered, part of 
which goes through total internal reflection and 
only a small part reaches the eye, making the 
surface look darker. 

When a fabric is wet it looks darker because 
of a slightly different mechanism. The surface of 
the fabric gets coated with a thin layer of water 
(refractive index = 1.33) which is smaller than 
the refractive index of the fabric. When the cloth 
is wet more light is transmitted, and less gets 
reflected than before. The transmitted light 
penetrates the fabric and gets scattered, resulting 
in a darker appearance. 

. Rainbows. Water with a refractive index of 1.33 
is a dispersive medium. White light consisting of 
different wavelengths travel at different speeds in 
the medium and emerge at different directions. If 
the dispersion is adequate, different spectral 
colors can be seen by the naked eye. The dew 
covered lawn on a sunny day displays the 
spectral colors. If you stand close to the dew 
drop without blocking the sun’s radiation 
falling on the drop, at some angle one should 


10. 


11. 


see the spectral colors. The primary rainbow is 
produced by the water droplets in the atmos- 
phere after rain. The radius of the primary 
rainbow is about 42° with a width of about 2°. 
The color of the primary rainbow would be blue 
to red from the center of the rainbow. A rainbow 
is observed at the antisolar point. The brightness 
of the rainbow depends on the ambient sunlight, 
the size of the droplets, and whether the sun is 
low or high in the sky. The secondary rainbow, 
which is fainter, is often seen outside the primary 
rainbow at about 51°. The secondary rainbow 
will have red to blue from the center of the 
secondary rainbow. The secondary rainbow is 
approximately half as bright as the primary 
rainbow. The secondary rainbow is caused by 
two total internal reflections within the droplet 
whereas the primary rainbow is the result of one 
total internal reflection only. Because of the total 
internal reflection process, light is about 95% 
tangentially polarized in the primary rainbow. 


. Heiligenschein. Heiligenschein or the ‘holy light’ 


can be seen around the shadow of your head ona 
lawn on a sunny morning when dew drops are 
present. Usually, the dew drops are held by the 
tiny hairs of the grass at some distance from the 
blade of the grass. As light falls on the droplet, 
the spherical drop converges light at its focus and 
if the grass blade is located at that point, the light 
gets retroreflected approximately towards the 
sun resulting in holy light around your shadow. 


. Coronae. Colored concentric patchy rings seen 


around the moon and the sun are called coronae. 
They are primarily produced by the water 
droplets in the thin clouds. Even though the 
water droplets are randomly located, the dif- 
fracted light from the droplets has a defined 
angle and the superposition of the diffraction 
patterns from different water droplets results in 
colored ring structures. Coronae can be 
easily seen around the full moon viewed through 
thin clouds. 

The Glory. On a foggy day with the sun at your 
back, one may see bright colored rings in the 
form of arches of about 5° to 10° at the solar 
point. The light in the glory is polarized and the 
ring structure is produced by reflection of the 
solar radiation by the fog. 

Clouds. Clouds contain suspended water dro- 
plets or ice crystals. The size of the droplets 
ranges from less than a micrometer to about 100 
micrometers (10 °m). When the air is super- 
saturated with water vapor, the water condenses 
into water droplets, resulting in a definite shape 
to the cloud. When the sun’s radiation falls on 
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12. 


the cloud, the light is scattered by the water 
droplets. Even though one would expect that the 
scattered light may have some color distribution, 
since we look at the scattered light from a very 
large number of droplets, the summation of all 
the colors results in white. Some clouds look 
dark or gray because, either they are in the 
shadow of other clouds or they are so thick that 
most of the light is absorbed. During sunset and 
sunrise, the clouds look bright orange because of 
the colored light illuminating them. Even though 
all the clouds are basically white, they may 
appear colored because of the selective absorp- 
tion of certain colors in the atmosphere or due to 
the colored background radiation. Often, you see 
a silver lining at the edges of a cloud, because at 
the edges the density of water is low and when 
the sun illuminates it from the back, the 
radiation is scattered in the forward direction 
quite efficiently, resulting in a bright and shiny 
‘silver lining’ to the cloud. 

Lightning. Lightning is caused by an intense 
electrical discharge due to the high potential 
differences developed. On a cloudy and rainy 
day, as the water droplets grow in size, the falling 
drops get distorted to ellipsoidal shape and get 
polarized. The top smaller portion becoming 
negative and the lower larger part becoming 
positive. As the deformation increases, the drop 
ultimately breaks and the smaller drops being 
negatively charged and the larger ones positively 
charged. The wind currents easily lift the buoy- 
ant small drops to higher altitudes and the 
heavier positively charged droplets fall towards 
the Earth. The final result is that the upper region 
of the cloud is negatively charged whereas the 
lower region of the cloud is positively charged. 
The portion of the Earth under the cloud 
becomes negatively charged due to induction. 
The localized ions in the positively charged cloud 
produce a strong electric field which is further 
augmented by the induced negative charges on 
the Earth below. The strong electric field 
ionizes the air molecules setting up a current 
discharge to the earth. This discharge is called 
stepped leader. Following the stepped leader, the 
charges in the upper region of the cloud also 
discharge resulting in what is called return 
stroke. The sequence of leader and return strokes 
occur typically about ten times in a second. 
Since the clouds are charged and they are closer 
to each other, lightening is more frequent 
between the oppositely charged clouds than 
cloud and Earth. It is estimated that the lightning 
between the clouds is about five times more 


frequent compared to the lightening events 
between a cloud and the Earth. In this process, 
the nitrogen and oxygen molecules in air are 
excited and ionized. The flash is produced by the 
de-excitation of these molecular species. Since 
the temperatures involved are quite high 
(30 000 K), the flash has a strong unsaturated 
bluish hue. Some hydrogen lines are also 
observed in the flash. Hydrogen is produced as 
a result of the dissociation of water molecules 
during the discharge process. 

13. Ice and Halos. Snow reflects most of the light 
falling with a reflectivity of about 95%. Snow- 
flakes are crystalline and have hexagonal struc- 
ture. In nature they occur in assorted sizes and 
shapes. As white light falls on them, light may be 
simply reflected from their surfaces making them 
shining white, which are often called glints. The 
light may also pass through the crystalline 
material get dispersed and emerge with different 
colors, which are known as sparkles. 

The halos appear as thin rings around the sun 
or the moon. They are produced because of the 
minimum deviation of light in snow crystals. The 
22° halo is most common and is often seen a 
number of times in a year. The halos are circular 
and have a faint reddish outer edge and a bluish 
white diffused spot at the center. They often look 
white because of the superposition of different 
colors resulting in a more or less white color. 


Color in Art and Holography 


Sources of Color 


There are two major color sources, dyes and paint 
pigments. Dyes are usually dissolved in a solvent. The 
dye molecules have selective absorption resulting in 
selective transmission. Paint pigments are powdered 
and suspended in oil or acrylic. The paint particles 
reflect part of the radiation falling on them, selec- 
tively absorb part of the radiation and transmit the 
balance. Lakes are made of translucent materials such 
as tiny grains of alumina soaked in a dye of 
appropriate color. 

In the case of water colors and printer’s inks, part 
of the light incident is reflected from the surface and 
the remaining transmitted which is selectively 
absorbed by the dye. The transmitted light reflected 
by the paper, passes through the dye again and 
emerges. Each transmission produces color by sub- 
tractive color scheme and the emerging light is mixed 
partitively by the observer. 

In the case of paints, the color depends on the size 
and concentration of the pigment particles and the 
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medium in which they are suspended. Part of the light 
incident on the artwork gets reflected at the surface 
and the remaining selectively absorbed and trans- 
mitted which in turn is further reflected and 
transmitted by other pigment particles each time 
following a subtractive color scheme. The light 
reaching the canvas gets reflected and passes through 
the medium and emerges. Again, all the emerging 
beams are partitively mixed by the observer. 

Holograms may be broadly categorized as trans- 
mission and reflection holograms. Both transmission 
and reflection (volume) holograms are prepared by 
producing the interference pattern of the reference 
and object laser beams. Transmission holograms can 
be viewed in the presence of the reference laser beam 
that was employed for its preparation. Spectacular 
three-dimensional colored images are reconstructed 
by the reflection holograms depending on the angle of 
incidence of the white light and the direction of 
observation. Embossed holograms are popular for 
advertising, security applications (credit cards), dis- 
play, and banknotes. Some studios prepare three- 
dimensional holographic portraits that can be viewed 
in natural light. In the future, three-dimensional 
videos and even holographic three-dimensional 
movies may be a reality. 


Structural Colors in Nature 


Nanoscale Photonic Lattices 


Newton observed that iridescence (change in color 
with the direction of observation) is caused by optical 
interference. The colors are produced by the inter- 
ference or the light diffracting characteristics of the 
microstructures and not by the selective reflection or 
absorption of light, as in the case of pigments. 
Photonic band structures consist of periodic arrange- 
ment of dielectric materials even though they are 
transparent, have a bandgap resulting in inhibition of 
certain wavelengths. Light with frequencies in the 
gaps between the bands get reflected resulting in the 
specific color. 

The structural colors of light can be seen in the 
animal world and minerals. For example, opal, a 
sedimentary gem does not have crystalline structure, 
but consists of tiny spheres of silica packed together. 
The diffraction of light through these structures 
results in spectacular colors determined by the size 
of the spheres and their periodicity. The spines of the 
sea mouse Aphrodite are covered with natural 
photonic structures that produce iridescence resulting 
in brilliant colors depending on the direction of the 
incident light and the direction of observation. 


In the case of the butterfly, Morpho rhetenor, the 
metallic blue color is produced by the periodic 
structure of its wings. Its wings have layers of scales, 
each of about 200 mm long and 80 mm wide and 
about 1300 thin parallel structures per mm which 
form a diffraction grating. 

The bird feathers viewed through an optical 
microscope show the structural components which 
are responsible for their coloration. The structural 
details of the peacock’s eye pattern employing the 
scanning electron microscopy show photonic struc- 
tures on peacock barbules. Barbules are the strap like 
branches on the peacock feathers. The four principal 
colors on the peacock feathers blue, green, yellow, 
and brown were identified wth the specific structures. 
The interference between the light reflected from the 
front surface to that reflected from the back was 
shown to be responsible for the brown color in the 
peacock’s eye. The photonic structure of the green 
barbule has a periodic structure of melanin cylinders 
with a spacing of about 150 nm whereas the blue 
barbule has a periodic structure of 140 nm, and 
yellow barbules have a periodicity of 165 nm. 


See also 


Dispersion Management. Holography, Techniques: 
Color Holography. Photon Picture of Light. Polari- 
zation: Introduction. Scattering: Scattering Theory. 
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Introduction 


The growth in the fiber optic communications and 
optoelectronics industries has led to the development 
and commercialization of many types of optical 
components. Fiber sensor devices and systems are a 
major user of such technologies. This has resulted in 
the development of commercial fiber sensors that can 
compete with conventional sensors. Fiber sensors 
are capable of measuring a wide variety of stimuli 
including: mechanical (displacement, velocity, accel- 
eration, strain, pressure); temperature; electro- 
magnetic (electric field, magnetic field, current); 
radiation (X-ray, nuclear); chemical composition; 
flow and turbulence in liquids; and biomedical. 
The main advantages of fiber sensors are that they 
are low cost, compact and lightweight, robust, 
passive, immune to electromagnetic interference, 
and highly sensitive. 

Fiber sensors can be grouped into two basic classes: 
intrinsic and extrinsic. In an intrinsic fiber sensor the 
sensing is carried out by the optical fiber itself. In an 
extrinsic sensor the fiber is simply used to carry light 
to and from an external optical device where the 


sensing takes place. Point fiber sensors are localized to 
discrete regions; quasi-distributed sensors utilize 
point sensors at various locations along a fiber and 
distributed sensors are capable of sensing over the 
entire length of fiber. 

A basic fiber sensor system, as shown in Figure 1, 
consists of a light source, fiber sensor, optical detector, 
and signal processing electronics. A measurand 
causes some change (intensity, phase, polarization, 
spectrum, etc.) in the light propagating through the 
sensor. This change is detected and processed to give 
an output signal proportional to the measurand. 
A large part of fiber sensor research concerns the 
development of fiber sensors sensitive to particular 
measurands and appropriate signal processing 
techniques. We describe some of the most important 
fiber sensors and also consider quasi-distributed 
and distributed sensing, including the use of multi- 
plexing techniques. 
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Intensity-Based Fiber Sensors 


The intensity modulation (IM) of light is a simple 
method for optical sensing. There are several 
mechanisms that can produce a measurand-induced 
change in the optical intensity propagated by an 
optical fiber. Perhaps the simplest type of IM fiber 
sensor is the microbend sensor shown in Figure 2. 
The sensor consists of two grooved plates between 
which passes an optical fiber. The upper plate can 
move in response to pressure. When the fiber is bent 
sufficiently, light escapes into the fiber cladding and 
is lost. The greater the pressure on the plates the 
more loss occurs. 

Coupling-based fiber sensors are useful for 
measurement of displacement or dynamic pressure. 
Transmission and reflective configurations are poss- 
ible as shown in Figure 3. The transmission coupling- 
based sensor consists of two fibers with a small gap 
between them. The amount of light coupled to the 
second fiber depends on the fiber acceptance angles 
and the distance between the fibers. One of the fibers 
can move in response to vibration or pressure thereby 
changing the distance between the fibers and hence 
the coupling loss. The reflection-based sensor oper- 
ates in a similar fashion, where light is reflected from 
a flexible diaphragm back into a collecting fiber. The 
reflected light intensity changes as the diaphragm is 
flexed. Once the coupling relationship between the 
input fiber, diaphragm and collecting fiber is known, 
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Figure 2 Microbend fiber sensor. The transducer moves in 
response to pressure and in doing so changes the bending radius 
of the fiber and thereby the fiber loss. 
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Figure 4 Evanescent wave fiber chemical sensor. 


intensity changes can be related to the applied 
displacement or pressure. 

Evanescent wave fiber sensors exploit the fact that 
some of the energy in the guided mode of an optical 
fiber penetrates a short distance from the core into the 
cladding. The penetration of light energy into the 
cladding is called the evanescent wave. It is possible to 
design a sensor where energy is absorbed from the 
evanescent wave in the presence of certain chemicals 
as shown in Figure 4. This is achieved by stripping the 
cladding from a section of the fiber and using a light 
source having a wavelength that can be absorbed by 
the chemical that is to be detected. The resulting 
change in light intensity is a measure of the chemical 
concentration. Measurements can also be performed 
in a similar fashion by replacing the cladding with a 
material such as an organic dye whose optical 
properties can be changed by the chemical under 
investigation. Evanescent wave fiber sensors have 
found many applications in the biomedical field, such 
as blood component meters for detection of choles- 
terol and uric acid concentrations in blood. 

A linear position sensor based on time division 
multiplexing is shown in Figure 5. It uses a square- 
wave modulated light source, optical delay loops and 
an encoded card. The delay loops separate the return 
signal from the encoded card by a time that is greater 
than the pulse duration. The encoded return signal 
can be decoded to determine the card position and 
velocity. 


Interferometric Sensors 


Interferometric fiber sensors operate on the principle 
of interference between two or more light beams to 
convert phase differences to intensity changes. Com- 
mon configurations used include Michelson, Mach— 
Zehnder, and Sagnac interferometers, polarimetric 
systems, grating and etalon-based interferometers 
and ring resonators. Interferometric fiber sensors 
have extremely high sensitivity and are able to resolve 
path differences of the order of 10° of the light 
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Figure 5 Linear position sensor using time division multiplexing. 
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Figure 6 Michelson interferometric strain sensor. Part of the signal arm is embedded in a material, such as concrete (in civil 
engineering structures) or carbon composite (used in the aerospace industry). 


source wavelength. To realize high sensitivity, spec- 
trally pure light sources such as semiconductor lasers 
must be used. In addition, single mode fibers and 
components are used to maintain the spatial coher- 
ence of the light beams. Factors that affect the 
performance of interferometric sensors include the 
optical source phase noise and the polarization states 
of the interfering light beams. 

In two-beam interferometric sensors, such as the 
Michelson interferometric strain sensor shown in 
Figure 6, one of the light beams travels through a fiber 
where its phase can be modulated by the measurand. 
The two reflected beams recombine on a detector, the 
output of which is of the form 1 + V cos @as shown in 
Figure 7. ¢ is the relative phase shift between the 
return beams and V the interferometer visibility. 
Compensating techniques must be used to ensure 
that the interferometer sensitivity is maximized. 
Active techniques involve the insertion of an active 
device, such as a fiber stretcher, in one of the 
interferometer arms to control the mean phase 
difference between the beams. Passive schemes have 
the advantage in that no active components are 
required, but usually involve complex signal proces- 
sing schemes such as active homodyne or synthetic 
heterodyne demodulation. The sensitivity of the fiber 
to the measurand can be further improved through the 
use of specialized coatings. 


Detected light 
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Figure 7 Two-beam interferometer transfer function. The 
sensitivity is maximized when the mean phase difference between 
the detected light beams is an odd integer multiple of 7/2. When 
this is the case the interferometer is said to be operating in 
quadrature. 


Compact interferometric sensors can be con- 
structed using intrinsic or extrinsic Fabry—Perot 
type configurations, the most common of which are 
shown in Figure 8. If the Fabry—Perot cavity 
reflectivities are <1, then it can be considered to be 
a two-beam interferometer. 

Polarimetric fiber sensors relate changes induced 
in the polarization state of light to the measurand. 
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These sensors usually use high birefringence (Hi-Bi) 
fiber. The phase difference between the two orthog- 
onally polarized modes of Hi-Bi fiber is given by 


= Apl [1] 


where Af is the fiber (linear) birefringence and / the 
fiber length. Both AB and / can be changed by the 
measurand. A polarimetric strain sensor using Hi-Bi 
fiber embedded in carbon fiber composite, is shown in 
Figure 9. Light from a linearly polarized He-Ne laser 
is launched into the Hi-Bi fiber, through a _half- 
waveplate and lens. The waveplate is used to rotate 
the light plane of polarization so that it is at 45° to the 
principal axes of the fiber. This ensures that half of the 
input light power is coupled to each of the fast and 
slow modes of the Hi-Bi fiber. The output light 
from the Hi-Bi fiber is passed through a polarization 
beamsplitter. The beamsplitter separates the light into 
two orthogonally polarized beams, which are then 
detected. The output from each of the detectors is 
given by V,; = Ip sin’?@ and V, = Ip cos*@, respect- 
ively, where I, is the input light intensity. The state of 
polarization (SOP) of the output light from the Hi-Bi 
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fiber is given by 


Va = 


SOP = ——~ 
Vi + V2 


= cos? + sin’ [2] 


It is a simple matter to calculate the SOP, from which 
@ can be determined. The form of eqn [2] is very 
similar to the two-beam interferometer transfer 
function, shown in Figure 7. 

A polarimetric electric current sensor based on the 
Faraday effect is shown in Figure 10. The Faraday 
effect provides a rotation of the light’s polarization 
state when a magnetic field is parallel to the optical 
path in glass. If an optical fiber is closed around a 
current-carrying conductor, the Faraday rotation is 
directly proportional to the current. By detecting the 
polarization rotation of light in the fiber, the current 
can be measured. 

Linearly polarized light is equivalent to a combi- 
nation of equal intensity right and left circularly 
polarized components. The linear state of polariz- 
ation of the polarized laser light rotates in the 
presence of a magnetic field because the field produces 
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Figure 8 Interferometric fiber Fabry—Perot configurations. 
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Figure 9 Polarimetric strain sensor system. 
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Figure 10 Polarimetric electric current sensor system. 


circular birefringence in the fiber. This means that 
right and left circularly polarized light will travel at 
different speeds and accumulate a relative phase 
difference given by 


b= VBI [3] 


where V is the Verdet constant (rad Tesla ' m7 ') of 
the glass, B the magnetic field flux density (Tesla), and 
I the length of the fiber exposed to the magnetic field. 
In the polarimetric current sensor, the polarization 
rotation is converted to an intensity change by the 
output polarizer. The output to the detector is 
proportional to 1+ sin(2¢), from which ¢ and the 
current can be determined. 

The linear birefringence of conventional silica 
fiber is much greater than its circular birefringence. 
To make a practical current sensor, the linear 
birefringence must be removed from the fiber and 
this can be achieved by annealing the fiber. Annealing 
involves raising the temperature of the fiber, during 
manufacture, to a temperature above the strain point 
for a short period of time and slowly cooling back to 
room temperature. This reduces stresses in the glass, 
which are the principal cause of linear birefringence, 
and also cause physical and chemical changes to the 
glass. Waveguide-induced birefringence cannot be 
removed by annealing, but can be significantly 
reduced by twisting the fiber. 

White light — or more accurately low-coherence — 
interferometry utilizes broadband sources such as 
LEDs and multimode lasers in interferometric 
measurements. Optical path differences (OPDs) are 
observed through changes in the interferometric 
fringe pattern. A processing interferometer is required 
in addition to the sensing interferometer to extract the 
fringe information. 

The processing of white light interferometry signals 
relies on two principal techniques. The first technique 
involves scanning the OPD of the processing inter- 
ferometer to determine regions of optical path 
balance. The second technique involves determi- 
nation of the optical spectrum using an optical 





Conductor 


spectrum analyzer. The resulting fringe pattern fringe 
spacing is then related to the OPD of the sensing 
interferometer. 

An example of the optical path scanning technique 
is shown in Figure 11a. The sensing interferometer is 
designed such that its OPD is much greater than the 
coherence length of the light source, so at its output 
no interference fringes are observed. The output of 
the sensing interferometer is fed to the processing 
interferometer. The OPD of the processing interfe- 
rometer is scanned using a piezoelectric fiber stretcher 
driven by a suitable scanning voltage. As the 
processing interferometer is scanned, interference 
fringes are observed at two distinct points as shown 
in Figure 11b. The first set of fringes occurs when the 
OPD of the processing interferometer is within the 
coherence length of the optical source (close to zero). 
The second set of fringes occurs when the OPDs in the 
two interferometers are equal. The OPD in the 
sensing interferometer can be determined by measur- 
ing the OPD in the processing interferometer between 
the two positions of maximum visibility in the output 
signal from the detector. This, in turn, can be related 
to OPD changes due to the action of the measurand, 
in this case strain. 

Sagnac interferometric sensors can be used to 
create highly sensitive gyroscopes that can be used 
to sense angular velocity (e.g., in aircraft navigation 
systems). It is based on the principle that the 
application of force (e.g., centrifugal force) will alter 
the wavelength of light as it travels around a coil of 
optical fiber. A basic open-loop fiber gyroscope is 
shown in Figure 12. The broadband source (e.g., 
superluminescent diode) is split into two counter 
propagating light beams traveling in the clockwise 
and anticlockwise directions. The polarizer is used to 
ensure the reciprocity of the counter propagating 
waves. The inherent nonlinear response of the 
gyroscope can be overcome by using a phase 
modulator and signal processing techniques. In 
the ideal case the detector output is proportional to 
1+ cos ¢,. The Sagnac phase shift ¢, between the 


196 DETECTION / Fiber Sensors 





two returning beams is given by 


_ 87ANO 
~ cA 


bs [4] 


A is the area enclosed by a single loop of the fiber, N 
the number of turns, 0 the component of the angular 
velocity perpendicular to the plane of the loop, Ag the 
free-space wavelength of the optical source, and c the 
speed of light in a vacuum. Sensitivities greater than 
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10° rad/s and dynamic ranges in excess of 40 dB 
have been achieved with open-loop fiber gyroscopes. 
More advanced gyroscopes can greatly improve on 
this performance. 


Fiber Grating Sensors 


Many types of fiber gratings can be used in sensing 
applications including Bragg, long-period, and 
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Figure 11. Low-coherence interferometric sensor. (a) Schematic diagram. (b) Output of the scanned processing interferometer. 






Fiber polarizer 





Broadband 
source 








Angular 
speed (4) 





Fiber coil 


Phase 
modulator 


Angular velocity 





Signal 
processing 


Output signal (proportional to Q) 





Figure 12 Basic open-loop fiber gyroscope. 
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chirped gratings. Because fiber gratings are small and 
have a narrow wavelength response, they can be used 
for both point and quasi-distributed sensing. They 
can be embedded in composite materials for smart 
structure monitoring and also in civil engineering 
structures such as bridges. 

Fiber Bragg gratings (FBGs) are the most popular 
type of grating sensor. A typical FBG consists of a 
short section (typically a few mm) of single-mode 
fiber with a periodic modulation (typically 100s of 
nm) of the core refractive index. The index modu- 
lation causes light in the forward propagating core 
mode to be coupled into the backward core mode. 
This causes the FBG to act as a highly wavelength- 
selective rejection filter. The wavelength of peak 
reflectivity is the Bragg wavelength Ap = 2n,.4A, 
where 7, is the effective refractive index of the 
guided mode in the fiber and A the index modulation 
period. Both 1, and A can be changed by an external 
measurand, resulting in a shift in Ag. 

The basic principle of FBG sensors is the measure- 
ment of an induced shift in the wavelength of an 
optical source due to a measurand, such as strain or 
temperature. A basic reflective FBG sensor system is 
shown in Figure 13. A broadband light source is used 
to interrogate the grating, from which a narrowband 
slice is reflected. The peak wavelength of the reflected 
spectrum can be compared to Ap, from which strain 
or temperature can be inferred. The shift in the Bragg 
wavelength AAg with applied microstrain A(we) and 
change in temperature AT, for silica fiber is given 
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A wavelength resolution of ~1 pm is required (at 
1.3 xm) to resolve a temperature change of 0.1 °C or 
a strain change of 1 ws. The response of the grating to 
strain can be improved through the use of specialized 
coatings. Polyimide coatings are commonly used as 
an efficient strain transducer for gratings embedded in 
composite materials. Because thermal effects in 
materials are usually very slow, it is relatively easy 
to measure dynamic strain (>1Hz). However, 
in structural monitoring it can be necessary to 
distinguish between wavelength shifts due to static 
strain and those due to temperature. One technique is 
to use two collocated gratings whose response to 
strain and temperature is significantly different. In 
addition to strain and temperature measurement, 
grating sensors have also been used to measure flow, 
vibration, electromagnetic fields and chemical effects. 

An example of quasi-distributed strain sensing, 
using a wavelength division multiplexed array of 
FBGs, is shown in Figure 14. Each FBG in the array 
has a unique Bragg wavelength. The return light from 
the FBG array is passed through a tunable narrow- 
band Fabry-Perot filter. As the filter is tuned, the 
wavelengths returned by the individual FBGs can be 
analyzed and the strain present at each grating 
determined. 

FBGs can be used as narrowband reflectors for 
creating fiber laser sensors, capable of measuring 
temperature, static strain, and very high-resolution 
dynamic strain. The basic form of an FBG laser sensor 
system shown in Figure 15 consists of a doped fiber 
section between two identical FBGs. The doped fiber 
is optically pumped to provide gain and thereby 
enable lasing to occur. Single-mode or multi-mode 
lasing is possible depending on the cavity length. 
In single-mode operation the FBG laser linewidth 
can be much smaller than the linewidth of diode 
lasers. This means that FBG laser sensors have 
greater sensitivities compared to passive FBG sensors. 


Fiber Fabry—Perat filter 


Figure 14 Quasi-distributed strain sensing using a wavelength division multiplexed array of FBGs. 
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When the cavity is subject to weak dynamic strain, 
the laser output is frequency modulated. This 
frequency modulation can be detected by using 
interferometric techniques. The main advantage of 
the FBG laser sensor over direct interferometry is that 
it is possible to obtain comparable strain sensitivities 
using a much shorter length of fiber. 

Long-period fiber gratings (LPFGs) are attracting 
much interest for use in sensing applications. They 
are more sensitive to measurands than FBGs and 
easier to manufacture. A typical LPFG has a length 
of tens of mm with a grating period of 100s of um. 
Its operation is different to an FBG in that coupling 
occurs between the forward propagating core mode 
and co-propagating cladding modes. The high 
attenuation of the cladding modes results in a series 
of minima occurring in the transmission spectrum of 
the fiber. This means that the spectral response is 
strongly influenced by the optical properties of the 
cladding and surrounding medium. This can be 
exploited for chemical sensing as shown in Figure 16, 
where a broadband source is used to interrogate an 
LPFG. The wavelength shifts of the output spectrum 





minima can be used to determine the concentration 
of particular chemicals in the substance surrounding 
the grating. The longest wavelength attenuation 
bands are the most sensitive to the refractive index 
of the substance surrounding the grating. This is 
because higher order cladding modes extend a 
greater distance into the external medium. LPFGs 
can also be used as strain, temperature, refractive 
index, bend, and load sensors. 


Fiber Laser Doppler Velocimeter 


Laser Doppler velocimetry (LDV) is a technique used 
for measuring velocity, especially of fluid flows. A fiber 
LDV system and associated scattering geometry is 
shown in Figure 17. In LDV two coherent laser beams 
intersect in a small measurement volume where they 
can interfere. The light reflected by a seed particle 
passing through the measurement volume is modu- 
lated at a frequency proportional to the spatial 
frequency (Doppler difference frequency Af) of the 
interference fringes and the component of its velocity 
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Figure 15 FBG laser sensor with interferometric detection. 
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Figure 16 Detail of LPFG sensor. 
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normal to the interference fringes. Af is given by 
2nV cos B 
Xo 


where n is the fluid refractive index, V the particle 
velocity and Ag the laser free-space wavelength. The 
output of the detector is processed to extract Af and 
therefore V cos B. Af is independent of the scattered 
light direction so collection of the scattered light using 
a lens increases the system sensitivity. The form of 
eqn [6] indicates that the direction of flow cannot 
be ascertained. The simplest technique to resolve this 
ambiguity is to apply a frequency shift Af, to one of 
the input beams. This can be achieved by the use 
of a piezoelectric frequency shifter. The frequency 
shift causes a phase shift to appear between the 
two beams. The phase shift increases linearly with 
time. This results in a fringe pattern of spacing s, which 
moves with constant velocity V; = sAf;. In this case 


Af = sin( 6/2) [6] 
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Figure 17 Fiber Doppler velocimeter and scattering geometry. 
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the measured Af will be less than or greater than Af,, 
depending on whether the particle is moving with or 
against the fringe motion. There will then be an 
unambiguous detectable range of velocities from 
zero to Vy. 


Luminescence-Based Fiber Sensors 


Luminescence-based fiber sensors are usually based 
on fluorescence or amplified spontaneous emission 
occurring in rare earth materials. They can be used in 
many applications such as chemical, humidity, and 
temperature sensing. It is possible to connect a fiber to 
luminescent material or to introduce luminescent 
dopants into the fiber. An example of the latter, used 
to detect chemical concentration is shown in 
Figure 18. A laser pulse causes the doped section of 
the fiber to luminesce at a longer wavelength than the 
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Figure 18 Chemical sensor based on fluorescence in doped optical fiber. 
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Figure 19 Anti-Stokes Raman thermometry system. 


laser. The luminescence intensity I(t) at the detector 
has an exponential decay profile given by 


I(t) = Ip exp(-(ki + ko Ot) [7] 


where Ip is the initial luminescence intensity, ¢ time, 
k,, ky constants, and C the chemical concentration. 
The luminescence time constant 1/(k, + k)C) can be 
determined by comparing the luminescence intensity 
at various times after excitation by the laser pulse, 
from which C can be determined. The use of time 
division multiplexing allows quasi-distributed 
measurement of chemical concentration. The use of 
plastic optical fiber for luminescence-based sensors is 
attracting much interest. 


Distributed Fiber Sensing 


We have seen that both point and quasi-distributed 
sensing are possible using fiber sensors. Distributed 
sensing can be achieved through the use of linear or 
nonlinear backscattering or forward scattering 
techniques. In linear backscattering systems, light 
backscattered from a pulse propagating in an optical 
fiber is time resolved and analyzed to obtain the 
spatial distribution of the measurand field, e.g., 
polarization optical time domain reflectometry ana- 
lyzes the polarization state of backscattered light to 
determine the spatial distribution of electromagnetic 
fields. Nonlinear backscattering schemes use effects 
such as Raman or Brillouin scattering. An important 
example of the former is the anti-Stokes Raman 
thermometry system shown in Figure 19. A light pulse 
is transmitted down the sensing fiber. Spontaneous 
Raman scattering causes Stokes and anti-Stokes 
photons to be generated along the fiber. Some of 
these photons travel back along the fiber to a 
fast detector. The intensity of the Stokes line is 
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temperature independent. The anti-Stokes line inten- 
sity is a function of temperature. The ratio of the two 
intensities provides a very accurate measurement 
of temperature. The measurement location is deter- 
mined by timing of the laser pulse. 


See also 


Environmental Measurements: Laser Detection of 
Atmospheric Gases. Fiber Gratings. Interferometry: 
Overview; Phase Measurement Interferometry; White 
Light Interferometry. Optical Materials: Smart Optical 
Materials. 
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Heterodyning, also known as frequency mixing, is a 
frequency translation process. Heterodyning has its 
root in radio engineering. The principle of hetero- 
dyning was discovered in the late 1910s by radio 
engineers experimenting with radio vacuum tubes. 
Russian cellist and electronic engineer Leon There- 
min invented the so-called Thereminvox, which was 
one of the earliest electronic musical instruments that 
generates an audio signal by combining two different 
radio signals. American electrical engineer Edwin 
Armstrong invented the so-called super-heterodyne 
receiver. The receiver shifts the spectrum of the 
modulated signal, that is, the frequency contents of 
the modulated signal, so as to demodulate the audio 
information from it. Commercial amplitude modu- 
lation (AM) broadcast receivers nowadays are super- 
heterodyne type. After illustrating the basic principle 
of heterodyning by some simple mathematics, we will 
discuss some examples on how the principle of 
heterodyning is used in radio and in optics. 

For a simple case, when signals of two different 
frequencies are heterodyned or mixed, the resulting 
signal produces two new frequencies, the sum 
and difference of the two original frequencies. 
Figure 1 illustrates how signals of two frequencies 
are mixed or heterodyned to produce two new 
frequencies, @, + @, and w, — a, by simply multi- 
plying the two signals cos(w,t+ 0;) and cos(@,!), 
where w, and w) are radian frequencies of the two 


signals and 6, is the phase angle between the two 
signals. Note that when the frequencies of the two 
signals to be heterodyned are the same, i.e., @ = @, 
the phase information of cos(@,t+6,;) can be 
extracted to get cos, if we use an electronic lowpass 
filter (LPF) to filter out the term cos(2,t + 6,). This 
is shown in Figure 2. Heterodyning is often referred 
to as homodyning for the mixing of two signals of the 
same frequency. 

For a general case of heterodyning, we can have a 
signal represented by s(t) with its spectrum S(w), 
which is given by the Fourier transform of s(t), and 
when it is multiplied by cos(@t), the resulting 
spectrum is frequency-shifted to new locations in 
the frequency domain as: 


1 1 
F{s(£) cos(wt)} 7 S(@ @) 4 7 lo 2) [1] 


where F{s(t)} = S(w) and F{-} denotes the Fourier 
transform of the quantity being bracketed. The 
spectrum of s(t)cos(w,t), along with the spectrum of 
s(t), is illustrated in Figure 3. It is clear that 
multiplying s(t) with cos(@ f) is a process of hetero- 
dyning, as we have translated the spectrum of the 
signal s(t). This process is known as modulation in 
communication systems. 

In order to appreciate the process of heterodyning 
let us now consider, for example, heterodyning in 
radio. In particular, we consider AM. While the 
frequency content of an audio signal (from 0 to 
around 3.5 kHz) is suitable to be transmitted over a 
pair of wires or coaxial cables, it is, however, difficult 
to be transmitted in air. By impressing the audio 
information onto a higher frequency, say 550 kHz, as 
one of the broadcast bands in AM radio, i.e., by 
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Figure 1 Heterodyning of two sinusoidal signals. 
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Figure 2 Heterodyning becomes homodyning when the two 
frequencies to be mixed are the same: homodyning allows the 
extraction of the phase information of the signal. 
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Figure 3 Spectrum of s(t) and s(i)cos(wet). It is clear that 
spectrum of s(t) has been translated to new locations upon 
multiplying a sinusoidal signal. 
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Figure 4 Radio link: heterodyning in the demodulation stage is 
often known as heterodyne detection. 


modulating the audio signal, the resulting modulated 
signal can now be transmitted using antennas of 
reasonable dimensions. In order to recover (demodu- 
late) the audio signal from the modulated signal, the 
modulated signal is first received by an antenna in a 
radio receiver, multiplied by the so-called local 
oscillator with the same frequency as the signal used 
to modulate the audio signal, then followed by a 
lowpass filter to eventually obtain the audio infor- 
mation back. The situation is illustrated in Figure 4. 
We shall now describe the process mathematically 
with reference to Figure 4. 

We denote s(t) as the audio signal. After multiply- 
ing by cos(w,t), which is usually called a carrier in 
radio in the modulation stage, where w, is the 
radian frequency of the carrier. The modulated signal 
s(t)cos(w,t). is transmitted via an antenna. When the 
modulated signal is received in the demodulation 
stage, the modulated signal is then multiplied by 
the local oscillator of signal waveform cos(a,?). 
The output of the multiplier is given by 


s(t) cos(w,t) cos(w,t) = s(t) [1 + cos(2@,t)] [2] 


Note that the two signals in the demodulation stage, 
s(t)cos(w,t) and cos(w,t), are heterodyned to produce 
two new frequencies, the sum w, + w, = 2m, to give 
the term cos(2,#) and the difference w, — w, = 0 to 
give the term cos(0) = 1. Since the two frequencies to 
be multiplied in the demodulation stage are the same, 
this is homodyning as explained above. Now by 
performing lowpass filtering (LPF), we can recover 
our original audio information s(z). Note that if the 
frequency of the local oscillator in the demodulation 
stage within the receiver is higher than the frequency 
of the carrier used in the modulation stage, hetero- 
dyning in the receiver is referred to as super- 
heterodyning, which most receivers nowadays use 
for amplitude modulation. In general, we have two 


heterodyning processes in the radio system just 
described, one in the modulation stage and the 
other in the demodulation stage. However, it is 
unusual to speak of heterodyning in the modulation 
stage, and so we just refer to the process in the 
demodulation stage as ‘heterodyne detection.’ 

In summary, heterodyne detection can extract the 
information from a modulated signal and can also 
extract the phase information of a signal if homo- 
dyning is used. We shall see, in the next section, how 
optical heterodyne detection is employed. 

Optical information is usually carried by coherent 
light such as a laser. Let y,(x,y) be a complex 
amplitude of the light field, which may physically 
represent a component of the electric field. We further 
assume that the light field is oscillating at temporal 
frequency wo. Therefore, we can write the light field as 
i, exp(iwpt). By taking the real part of ys, exp(iwpt), 
i.e., Re[W, exp(iwot)], we recover the usual physical 
real quantity. For a simple example, if we let y, = 
A exp(—ikgz), where A is some constant and ko 
is the wavenumber of the light, Re[y, exp(impt)] = 
Re[A exp(—ikz) exp(iwpt)|]= A cos(wot — kgz), which 
is a plane wave propagating along the positive z 
direction in free space. To detect light energy, we use a 
photodetector (PD), as shown in Figure 5. Assuming a 
plane wave for simplicity, as =A, we have also 
taken z=0 at the surface of the photodetector. As the 
photodetector responds to intensity, i.e., lpi, which 
gives the current, i, as output by spatially integrating 
the intensity: 


joc | Ip expliagt*dxdy= A*S [3] 


where S is the surface area of the photodetector. We 
can see that the photodetector current is proportional 
to the intensity, A”, of the incident light. Hence the 
output current varies according to the intensity of the 
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Figure 5 Optical direction detection or optical incoherent 
detection. 
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optical signal intensity. This mode of photodetection is 
called direct detection or incoherent detection in 
optics. 

Let us now consider the heterodyning of two plane 
waves on the surface of the photodetector. We assume 
an information-carrying plane wave, also called 
the signal plane wave, A, exp{ i[(@p + @,)t + s(t)] X 
exp(—ikgx sing)}, and a reference plane wave, 
A, exp(i@ot), or called a local oscillator in radio. 
The situation is shown in Figure 6. 

Note that the frequency of the signal plane wave is 
w, higher than that of the reference signal, and it is 
inclined at an angle ¢ with respect to the reference 
plane wave, which is normal incident to the photo- 
detector. Also, the information content s(t) is in the 
phase of the signal wave. In the situation shown in 
Figure 6, we see that the two plane waves are 
interfered on the surface of the photodetector, giving 
the total light field y,, given by 


wu, = A, exp(i@pt) + A, expf{i[(@p + @,)t + s(t)]} 
x exp(—ikox sind) [4] 


Again, the photodetector responds to intensity, giving 
the current 


ive | ly, dady 
S 
= j | [A2 + A2 + 2A,A, cos(@,t + s(t) 


— kox sind) |dxdy [5] 


where we have assumed that the photodetector 
has a 2aX2a square area. The current can be 
evaluated to be: 


sin(kgasing) 


i(t) < 2a(A? + A2)+4A,A, 
kysing 





cos(@,t+ s(t)) 


[6] 


The current output has two parts: the DC current and 
the AC current. The AC current at frequency @, is 
commonly known as the heterodyne current. 


Reference plane wave 





Photodetector (PD) 





Signal plane wave Photodetector surface 


Figure 6 Optical heterodyne detection. 


Note that the information content s(¢) originally 
embedded in the phase of the signal plane wave has 
now been preserved and transferred to the phase of the 
heterodyne current. The above process is called 
optical heterodyning. In optical communications, it 
is often referred to as optical coherent detection. In 
contrast, if the reference plane wave has not been used 
for the detection, we have the incoherent detection. 
The information content carried by the signal plane 
wave would be lost, as it is evident that for A, =0, the 
above equation gives only a DC current at a value 
proportional to the intensity of the plane wave, A2. 

Let us now consider some of the practical issues 
encountered in coherent detection. Again, the AC 
part of the current given by the above equation is the 
heterodyne current i,,,(t), given by 


sin(koa sind) 
kosing 
We see that since the two plane waves propagate in 


slightly different directions, the heterodyne current 
output is degraded by a factor of 


ipes(t) 0 A,A, cos(w.t + s(t)) [7] 


sin(koa sind) 


kaa = asinc(ka sind) 


where sinc(x) = sin(x)/x. For small angles, i.e., 
sind ~ d, the current amplitude falls off as 
sinc(kyad). Hence, the heterodyne current is at a 
maximum when the angular separation between the 
signal plane wave and the reference plane wave is 
zero, i.e., the two plane waves are propagating exactly 
in the same direction. The current will go to zero when 
kyad = 7, or b = Ao/2a, where Ag is the wavelength of 
the laser light. To see how critical it is for the angle ¢ to 
be aligned in order to have any heterodyne output, we 
assume the size of the photodetector 24 = 1 cm and 
the laser used is red, i.e., Ag ~ 0.6 wm; ¢ is calculated 
to be about 2.3 x 107? degrees. Hence to be able to 
work with coherent detection, we need to have precise 
optomechanical mounts for angular rotation. 

Finally we describe a famous application of hetero- 
dyning in optics — holography. As we have seen, the 
mixing of two light fields with different temporal 
frequencies will produce heterodyne current at the 
output of the photodetector. But we can record the two 
spatial light fields of the same temporal frequency with 
photographic films instead of using electrical devices. 
Photographic films respond to light intensity as well. 
We discuss holographic recording of a point source 
object as a simple example. Figure 7 shows a colli- 
mated laser split into two plane waves and recombined 
by the use of two mirrors (M) and two beamsplitters 
(BS). One plane wave is used to illuminate the pinhole 
aperture (our point source object), and the other 
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Figure 7 Holographic recording of a point source object. 


illuminates the recording film directly. The plane wave 
that is scattered by the point source object, which is 
located zy away from the film, generates a diverging 
spherical wave. This diverging wave is known as an 
object wave in holography. The object wave arising 
from the point source object on the film is given by, 
according to Fresnel diffraction: 
ik 
2mz9 
x exp[ — iko(x* + y)°/2z0] exp(iwot) [8] 


This object wave is a spherical wave, where Ag is the 
amplitude of the spherical wave. 

The plane wave that directly illuminates the 
photographic plate is known as a reference wave, 
w,. For the reference plane wave, we assume that 
the plane wave has the same phase with the point 
source object at a distance zy away from the film. 
Its field distribution on the film is, therefore, , = 
A, exp(—ikg%) exp(i@pt), where A, is the amplitude 
of the plane wave. The film now records the 
interference of the reference wave and the object 
wave, i.e., what is recorded on the film as a 2D 
pattern is given by t(x, y) o< ly, + Wol?. The resulting 
recorded 2D pattern, f(x, y), is called the hologram of 
the object. This kind of recording is known as 
holographic recording, distinct from a photographic 


0 = Ao exp(—ikozo) 


Pinhole 
aperture 






Reference wave 


Recording film 


recording in which the reference wave does not exist 
and hence only the object wave is recorded. Now: 


tx, y) O lyfe + Yl? 


A, exp(—ikozo) exp(impt) + Ao exp(—ikozo) 











ik . i 
x a exp[—iko(x? + y)°/2z0] exp(iwof) 
=A+B sn} Fo x2 + viral} [7] 
2% 


where A and B are some inessential constants. Note 
that the result of recording two spatial light fields of 
the same temporal frequency preserves the phase 
information (noticeably the depth parameter zg) of 
the object wave. This is considered optical homodyn- 
ing as it is clear from the result shown in Figure 2. 
The intensity distribution being recorded on the 
film, upon being developed, will have transmittance 
given by the above equation. This expression is called 
the Fresnel zone plate, which is the hologram of a 
point source object and we shall call it the point- 
object hologram. Figure 8 shows the hologram for a 
particular value of zy) and ky. The importance of 
this phase-preserving recording is that when we 
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illuminate the hologram with a plane wave, called the 
reconstruction wave, a point object is reconstructed 
at the same location of the original point source 
object if we look towards the hologram as shown in 
Figure 9, that is the point source is reconstructed at a 
distance zg from the hologram as if it were at the same 
distance away from the recording film. For an 
arbitrary 3D object, we can imagine the object as a 
collection of points, and therefore, we can see that we 
have a collection of Fresnel zone plates on the holo- 
gram. Upon reconstruction, such as the illumination 
of the hologram by a plane wave, the observer would 
see a 3D virtual object behind a hologram. 

As a final example, we discuss a state-of-the-art 
holographic recording technique called optical scan- 
ning holography, which employs the use of optical 
heterodyning and electronic homodyning to achieve 
real-time holographic recording without the use of 
films. We will take the holographic recording of a 
point object as an example. Suppose we superimpose a 
plane wave and a spherical wave of different temporal 
frequencies and use the resulting intensity pattern as 





Figure 8 


Point-object hologram. 


Point-object 


Reconstruction hologram 


wave 


an optical scanning beam to raster scan a point object 
located z) away from the point source that generates 
the spherical wave. The situation is shown in 
Figure 10. Point C is the point source that generates 
the spherical wave (shown with dashed lines) on the 
pinhole object, our point object. This point source, 
for example, can be generated by a focusing lens. 
The solid parallel rays represent the plane wave. The 
interference of the two waves generates a Fresnel zone 
plate type pattern on the pinhole object: 


I(x, y; Zo, 2) 
iko 
27% 


|A, exp(—ikoZ) exp(impt) + Ap exp(—ikozo) 








ns 
x exp[—ikg(x” + y)?/2z0] expl i(@) + M)¢] 


1 
Aozo 


assuming A, = Ag = 1 for simplicity. Note that the 
plane wave is at temporal frequency wo, and the 
spherical wave is at temporal frequency wy + 0. The 
expression I,(x, y; Z,t) is a temporally modulated 
Fresnel zone plate and is known as the time-dependent 
Fresnel zone plate (TDFZP). If we freeze time, say at 
t = ty, we have the Fresnel zone plate pattern on the 
pinhole object as shown in Figure 10. However, if we 
let the time run in the above expression, physically we 
will have running zones that would be moving away 
from the center of the pattern. These running zones 
are the result of optical heterodyning of the plane 
wave and the spherical wave of different temporal 
frequencies. It is this TDFZP that is used to raster scan 
a 3D object to obtain holographic information of the 
scanned object and such technique is called optical 
scanning holography. 

Upon scanning by the TDFZP, the photodetector, 
captures all the transmitted light and delivers a 
current, which consists of a heterodyne current at 
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Figure 9 Reconstruction of a point-object hologram. 
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Figure 10 Optical scanning holography (use of optical heterodyning and electronic homodyning to record holographic information 


upon scanning the object in two dimensions). 


frequency 2. After electronic bandpass filtering (BPF) 
at Q, the heterodyne current is homodyned electro- 
nically by cos(Q2) and lowpass filtered (LPF) to extract 
the phase information of the current. When this final 
scanned and processed current is display in a 2D dis- 
play, as shown in Figure 10, we have the Fresnel zone 
plate, which is the hologram of the pinhole object, on 
the display. We can photograph this 2D display to 
obtain a transparency and have it illuminated by a 
plane wave to have the reconstruction as shown in 
Figure 9, or, since the hologram is now in electronic 
form, we can store it in a PC and reconstruct it 
digitally. When holographic reconstruction is per- 
formed digitally, we have so-called digital holography. 


See also 


Diffraction: Fresnel Diffraction. Holography, Tech- 
niques: Digital Holography. 
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Introduction 


The spectacular development of imaging sensors, 
communication, and internet infrastructure has 
immensely facilitated the creation, processing, and 
distribution of electronic digital images. One non- 
trivial aspect of the digital image is its complete 


application dependence. The image may be created 
using a number of different acquisition methods and 
sensors. It is then processed in different ways, 
depending upon myriad of digital imaging appli- 
cations. Consequently, the effectiveness of a useful 
electronic image processing engine may involve 
development of robust pre-processing techniques, 
different types of goal-directed processing such as 
detection, recognition, identification, classification, 
tracking, reconstruction and/or registration, as well 
as post-processing algorithms for different appli- 
cation areas such as multimedia, biomedical, astro- 
nomical, defense, consumer, industrial, etc. A 
notional schematic of this electronic image 
processing cycle is shown in Figure 1. Note that 
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while the goal-directed techniques may be different, 
based on problems at hand, the pre- and _post- 
processing techniques and tools are very similar. 
Thus, most of the common image pre-processing 
techniques are also applicable for image post-proces- 
sing purposes. 

Electronic image post-processing techniques 
involve three broad domains such as: (i) spatial; 
(ii) frequency; and (iii) time-frequency. Each of these 
domain techniques may be grouped into different 
types of processing such as: (i) spatial domain 
technique to include filtering, spatial processing 
such as histogram modification, morphological pro- 
cessing, texture processing, etc.; (ii) frequency 
domain technique to include filter; and (iii) time- 
frequency domain technique to include short-time 
Fourier transform, wavelet, and Wigner-ville 
transforms. 

On the other hand, it is useful to identify the typical 
lifecycle of a digital image from the distribution 
perspective as shown in Figure 2. The image may be 
created using a number of different acquisition 
methods and sensors as mentioned above. The 
processing block next combines all different types of 
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Figure 1 Notional schematic of electronic image processing. 
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processing, as mentioned in Figure 1. The image may 
then be transmitted over the internet or it can leave 
the digital world to go to the print world. It may then 
go through wear/tear, subsequently being scanned 
back to digital domain again. After some processing, 
it may again be distributed over the internet. 

Consequently, the image may be copied legally 
or fraudulently, processed, and used by a user. 
Further, the threats and vulnerabilities of the 
internet have also increased proportionately. The 
rapid development and availability of high-end 
computers, printers, and scanners has made the 
tools of counterfeiting easily accessible and more 
affordable. With these products, one may counter- 
feit digital images, which are easy to distribute and 
modify. As a result, copyright ownership poses a 
formidable challenge to image post-processing and 
distribution. 

In the subsequent sections, we briefly review 
relevant background in image post-processing and 
distribution techniques. We also present a few 
representative application examples of image post- 
processing and copyright protection in image 
distribution. 
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Figure 2 Typical lifecycle of a digital image distribution cycle. 
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Techniques in Image Post-Processing 


Image Formation 


We begin by describing the image formation tech- 
nique briefly. Consider that a three-dimensional (3D) 
object or scene is imaged onto a 2D imaging plane by 
means of a recording system such as a camera. 
If the image formation process is linear, the recorded 
image may be modeled as the output of the system 
shown in Figure 3, which is given mathematically by 


g(x,y) = | [- [- h(x, y;s, Df (s, Dds art 


+ n(x, y) [1] 


where g(x, y) denotes the recorded output image, and 
f(x,y) is the ideal electronic image. The function 
h(x, y;s,t) is the 2D impulse response or the point- 
spread function (PSF) of the image formation system. 
The PSF determines the radiant energy distribution in 
the image plane due to a point source located in the 
object plane. Usually the PSF is normalized such that 


1{- [- h(x, y;s, Dds ar} =1 [2] 


The noise contribution n(x, y) is shown as an 
additive random process that is statistically uncorre- 
lated with the image. This is a simplification because 
noises such as film-grain noise and the noise caused by 
photon statistics, which often corrupt images, are not 
uncorrelated with the input. This simplification 
nonetheless leads to reasonable and useful results. 
One of the primary goals of image pre-processing 
(and post-processing as well) is to devise techniques 
that reduce this additive random noise. 

The PSF is a function of only the argument 
differences x — s and y — ¢ for stationary image and 
object fields. Thus, it is possible to envision an image 
formation system that is space invariant; hence the 
PSF is independent of position. In this case, we may 
rewrite the superposition integral in eqn [1] into a 
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Figure 3 Model for image formation and recording. 


more familiar convolution integral as follows: 


R(x, y) = 1{- [- h(x — s, y — DF (s, tds art 


+ n(x, y) [3] 


Equivalently, eqn [3] is written as 


g(x, y) = {h(x, y) "F(x, y)} + nlx, y) [4] 


where (*) is used to denote 2D convolution. 
Converting from a continuous image f(x,y) to its 
discrete representation f(i,/) requires the process 
of sampling. In the ideal sampling system, f(x, y) is 
multiplied by an ideal 2D impulse train given as 


+00 


+00 
fiD= > d. fomXo,nYo) (x -mXo,y— Yo) [5] 


m=—&% m= —CO 


where Xo and Yo are the sampling distances or 
intervals, 6(“,") is the ideal impulse function. Note 
that the square sampling implies that Xj=Yp. 
Sampling with an impulse function corresponds to 
sampling with an infinitesimally small point. If one is 
interested in image processing, one should choose a 
sampling density based upon the classical Nyquist 
sampling theory. Thus, in discrete domain implemen- 
tation, eqns [3] and [4] are expressed as 


r=} > hiviktsd} +m 0<i,j=N-1 


We) 
[6] 


and, 


cai=s Y. bib Dftbadh emp [7] 


WR) 


Thus, we may rewrite eqn [6] in discrete domain as 
follows: 


si N=hGjy fi)tni/ [8] 


where (*) represents convolution operation. Equation 
[8] also describes the spatial domain filtering 
wherein /(x,y;s,t) may be considered as the spatial 
domain filter mask. The discrete Fourier transform 
may be used to yield the frequency domain model as 
follows: 


G(u,v) = H(u,v)F(u,v)+ N(u,v) [9] 


where G, H, & and N are corresponding Fourier 
transforms and u and v are the dummy variables. In 
eqn [9], H(u,v) is again the frequency domain filter. 
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We discuss the frequency domain filtering concept 
further, later in this article. 


Spatial Domain Processing 


The image pixel domain operations are frequently 
described as the spatial domain processing. These 
techniques are important for image pre- as well as 
post-processing operations. We describe two repre- 
sentative spatial domain processing techniques such 
as histogram processing and fractal processing for 
texture analysis below. 


Histogram processing 

One of the important issues in post-processing is 
image enhancement. Distortions in image may be 
introduced due to different noise factors, relative 
motion between a camera and the object, a camera 
that is out of focus, or atmospheric turbulence. Noise 
may be due to thermal measurement errors, recording 
medium, transmission medium, or digitization pro- 
cess. The histogram processing operation is one of the 
simplest techniques for enhancing the distorted image 
for certain type of noises. Histogram equalization is 
a contrast enhancement technique with the objective 
to obtain a new enhanced image with a uniform 
histogram. This can be achieved by using the 
normalized cumulative histogram as the gray scale 
mapping function. Histogram modeling is usually 
introduced using continuous domain functions. Con- 
sider that the images of interest contain continuous 
intensity levels in the interval [0,1] and that the 
transformation function 7 which maps an input image 
f(x,y) onto an output image w(x, y) is continuous 
within this interval. We assume that the transfer 
function, Ks = T(K,,), is single-valued and mono- 
tonically increasing such that it is possible to define 
the inverse law K,, = 7 '(K;). An example of such a 
transfer function is illustrated in Figure 4. All pixels in 
the input image, with densities in the interval D; to 
D;+dD;, are mapped using the transfer function 
K; = 7(K,,), such that they assume an output pixel 
density value in the interval from D,, to D,, + dDy. 
Consider that if the histogram h is regarded as a 
continuous probability density function p, describing 
the distribution of the intensity levels, then we obtain: 


Dw(w) = pe(Dy)/d(Dy) [10] 


where 
D; = du(f)/df [11] 


In the case of histogram equalization, the output 
probability densities are all an equal fraction of the 
maximum number of intensity levels in the input 
image, thus generating a uniform intensity distri- 
bution. Sometimes it is desirable to control the shape 
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Figure 4 A histogram transformation function. 


of the output histogram in order to enhance certain 
intensity levels in an image. This can be accomplished 
by the histogram specialization operator which maps 
a given intensity distribution into a desired distri- 
bution using a histogram equalized image as an 
intermediate stage. 


Fractals for Texture Analysis 


The fractal aspect of an image has successfully been 
exploited for image texture analysis. The fractal 
concept developed by Mandelbrot, who coined the 
term fractal from the Latin ‘fractus’, provides a useful 
tool to explain a variety of naturally occurring 
phenomena. A fractal is an irregular geometric object 
with an infinite nesting of structure at all scales. 
Fractal objects can be found everywhere in nature 
such as coastlines, fern trees, snowflakes, clouds, 
mountains, and bacteria. Some of the most important 
properties of fractals are self-similarity, chaos, and 
noninteger fractal dimension (FD). The FD of an 
object can be correlated with the object properties. 
Object textures in images are candidates for charac- 
terization using fractal analysis because of their 
highly complex structure. The fractal theory devel- 
oped by Mandelbrot is based, in part, on the work of 
mathematicians Hausdorff and Besicovitch. The 
Hausdorff—Besicovitch dimension, Dy, is defined as: 


In N 
De ieee 
B a In 1/r 


[12] 
where N is the number of elements of box size r 
required to form a cover of the object. The FD can be 
defined as the exponent of the number of self-similar 
pieces (N) with magnification factor (1/r) into which 
a figure may be broken. The FD is a noninteger 
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value in contrast to objects that lie strictly in 
Euclidean space. The equation for FD is as follows: 


ED = In (number of self-similar pieces) 





In (magnification factor) 


_ InN 
~ In(/r) 


Frequency Domain Image Filtering 
Ignoring noise contribution, we may obtain the basic 
filtering expression using eqns [7] and [8] as follows: 


fi, ) = 3 '[Gtu, v/H(u, v)] [14] 


where 3! is the inverse Fourier transform and 
[1/H(u,v)] is the inverse frequency domain filter. 
The key importance of this result is that, instead of 
performing a convolution as shown in eqn [7] to 
obtain the output of the system, we obtain the inverse 
of the Fourier transform of the impulse response 
h(x, y;s,t) and the output image g(x,y), multiply 
them and then take the inverse Fourier transform 
of the product to obtain f(x, y). This is the basis for all 
the filtering as well as other types of image post- 
processing such as image reconstruction works. The 
filter function in eqn [9] may have different forms and 
shapes based on different types of functions such as 
uniform, Gaussian, lowpass, highpass, etc. While 
these are all linear filters, there are examples of 
nonlinear filters such as median, mean, etc. that are 
equally applicable for image post-processing. 


Time-Frequency Domain Processing 


One of the fundamental aspects of early image 
representation is the notion of scale. An inherent 
property of objects in the world and details in image 
is that they only exist as meaningful entities over 
certain ranges of scale. Consequently, a multiscale 
representation is of crucial importance if one aims at 
describing the structure of the world, or more 
specially the structure of projections of the three- 
dimensional world onto two-dimensional electronic 
images. The multiscale image post-processing may be 
facilitated by the wavelet (WT) computation. 

A wavelet is, by definition, an amplitude-varying 
short waveform with a finite bandwidth. Naturally, 
wavelets are more effective than the sinusoids of 
Fourier analysis for matching and reconstructing 
signal features. In wavelet transformation and inver- 
sion, all transient or periodic data features can be 
detected and reconstructed by stretching or contract- 
ing a single wavelet to generate the matching building 
blocks. Consequently, wavelet analysis provides 


many flexible and effective ways to post-process 
images that surpass classical techniques — making 
it very attractive for data analysis, and modeling. 
The continuous WT is defined as 


W oat 
(a, b) = lal 1” | xo] ae Jee [15] 
W 


a 


where a and D are scaling and translation factors and 
P(t) is the mother wavelet. The WT may be viewed as 
a multiresolution analysis with shifted and scaled 
versions of the mother wavelet. Corresponding WT 
coefficients Cy. are 


Cpe lag ler [ xorvaay” —nby|)dt [16] 


The reconstruction of the signal is achieved using the 
admissibility condition, f Y(¢)dt = 0, as follows: 


x =c| | [a,b MO Jaa a 17] 
a>0 


where c is a constant. For compact dyadic wavelets, 
binary scaling and dyadic translation of the mother 
wavelet form the basis functions. A dyadic translation 
is a shift by the amount 7/2” that is an integer 
multiple of the binary scale factor and of the width of 
the wavelet as well. The discrete WT (DWT) is the 
natural choice for digital implementation of WT. The 
DWT basis and ‘sub-band coding’ process for 
discretization of a and 6 are identified. The iterative 
bandpass filter that finally leads to the wavelet is 
given as 

Wm, n(x) = 2? (27x — n) [18] 
The above eqn [18] forms the basis for ‘sub-band’ 
implementation for multiresolution analysis (MRA) 
of wavelet processing. 


Image Post-Processing Examples 


Some of the important application areas for elec- 
tronic image post-processing involve the following: 


(i) Biomedical image analysis and object detection; 
(ii) Image compression for transmission and distri- 
bution; 
(iii) Satellite image processing and noise removal; 
(iv) IR/SAR/detection and clutter removal; and 
(v) Image classification and machine vision. 


In this article, we provide examples of some of 
these image-post-processing applications. 
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Example I: Spatial Domain Processing: 
Image Post-Processing in Biomedical Image 


The mega voltage X-ray images are the X-ray images 
taken using high voltage X-radiations. These images 
are often characterized by low resolution, low 
contrast, and blur. The importance of mega voltage 
X-ray images arises in the context of radiation therapy 
for cancer treatment wherein the mega voltage 
X-radiation is used as a therapeutic agent. Figure 5 
shows such mega voltage X-ray images, also known as 
an electronic portable digital (EPID) image with a very 
low level of detail. Figure 5a shows poor dynamic 
range. In order to improve the contrast of this image, 
without affecting the structure (i.e., geometry) of the 
information contained therein, we can apply the 
histogram equalization operation discussed in 
eqn [10]. Figure Sb presents the result of the histogram 
image enhancement post-processing process. The low 
level of detail in the bony anatomy is easily visible in 
Figure 5b. 


Example Il: Frequency Domain Processing: 
Image Post-Processing in Biomedical 
Tissue Detection 


In medical imaging, texture is a fundamental charac- 
teristic that can be exploited to analyze tissues and 
pathologies in a biomedical image. The image 
texture is often characterized by the random nature 
of the objects such as tissues and body structures, 
noise, imaging modality, imaging limitations, and a 
variety of measurement parameters affecting the 
image acquisition process. Extensive research suggests 
that the fractal analysis may be combined with MRA 
techniques to post-process the texture content of an 
image in general and tumor detection in particular. In 
addition, the stochastic fractal Brownian motion 
({Bm) is well suited to describe texture and tumor 
characteristics since fBm offers an elegant integration 
of fractal and multiresolution analysis. 


Blurry original 
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The fBm is a part of the set of 1/f processes, 
corresponding to a generalization of the ordinary 
Brownian motion B,,(s). It is a nonstationary 
zero-mean Gaussian random function, defined as 


1 


By(t) — By(s) = TH +0.5) 


«{f 


+ i, (t- oan} By (0) = 0 [19] 


((t _ a = s-°5) dB(s) 


where the Hurst coefficient H, restricted to 
0<H<1, is the parameter that characterizes 
fBm; ¢ and s correspond to different observation 
times of the process By, and T to the Euler’s 
Gamma function. From the frequency domain 
perspective, it is known that some of the most 
frequently seen structures in fractal geometry, 
generally known as 1/f processes, show a power 
spectrum satisfying the power law relationship: 


[20] 


where w corresponds to the spatial frequency, and 
y=2H+1. The observations of stationarity and 
self-similarity of fBm suggest that the use of time- 
frequency signal decomposition techniques, such as 
MRA, are well suited for the analysis of fractal 
signals. Thus, the fBm analysis framework, along 
with eqn [13], may be successfully exploited to 
estimate H, and hence, FD as follows: 


FD = Dp +1—-H 


Histogram equalized 





400 500 


Figure 5 (a) Original EPID image; and (b) Histogram enhanced image. 
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where Dg is the Euclidean dimension that contains 
the fBm (i.e., the position of each point of the 
process is described with the vector x= 
(X1,...,Xp)). 

We exploit the wavelet MRA combined with 
complementary signal processing techniques such 
as time-frequency descriptions and parameter esti- 
mation of stochastic signals in fBm framework for 
tumor detection in CT images. We demonstrate an 
example of image post-processing for tumor 
segmentation. We test our models to estimate FD 
in brain MR images as shown in Figures 6a and b, 
respectively. The images are scanned pixel-by-pixel 
with a sliding window that defines the subimage 
for analysis. Pre-processing, such as median filter- 
ing, is used to remove noise from the original 
images. 

The results for the spectral analyses of CT image 
are shown in Figure 7. The results suggest that the 





Figure 6 Biomedical images used to test the proposed 
algorithms. 





FD values do not depend on the mother wavelet 
used. The window size that offers the best results is 
the 16x16 pixels, while better discrimination 
between low and high H values is obtained using 
biorthogonal wavelet. To improve tumor detection 
performance of the spectral technique, we apply 
post-processing filters on the results in Figures 8a 
and b, respectively. In Figure 8, for an example, we 
show the filtered fractal analysis results corre- 
sponding to a 16X16 pixels window with 
Daubechies 4. It is possible to obtain an even 
better description of the location and shape of the 
tumor after applying a two-dimensional post- 
processing filter to the matrices derived from the 
variance estimation algorithms with biorthogonal 
1.5 wavelet and an 8X8 pixels window, respect- 
ively. The results are shown in Figure 9 and are 
similar for both averaging and Gaussian filters 
as well. 


Example Ill: Time-Frequency Domain Filtering: 
Image Post-Processing in Noise Reduction 
(De-Noising) 


This section discusses an example of image post- 
processing in image noise removal (or de-noising) 
using a scale-frequency technique such as wavelets. 
The wavelet transform has been proved to be very 
successful in reducing noise (de-noising) in an image. 
We recently propose a new family of wavelets namely 
Joint Harmonic Wavelet Transform (JHWT) that 
offers better speckle noise reduction for image post- 
processing. Unlike wavelets generated by discrete 
dilation functions, as shown in eqn [18], whose shape 
cannot be expressed in functional form, JHWT has a 
simple structure, which can be written, in the 





(b) 


Figure 7 MR-Fractal analysis using spectral method (a) and (b) correspond to a 16 x 16 analyzing window for Daubechies 4 and 


biorthogonal 1.5 wavelets, respectively. 
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Figure 8 Post-processing results using: (a) 5 x 5 Gaussian filtering with o = 1 and (b) 3 x 3 averaging filter. 


Gaussian [5,5], sigma = 0.5 
8 pixel, bior 1,5, variance method 
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Average [3,3], 
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Figure 9 Post-processing on the fractal analysis results of Figure 8 for (a) 5 x 5 Gaussian filtering with o = 1, and (b) 3 x 3 averaging 


filtering. 
frequency domain: 


W(o) = [- w(x)exp(—iwx)dx, 


[22] 


1 for2a=w<47 
0 elsewhere 
Now, at level j, we let g(x) = w(2 /x) and shift it by 
k/2! to obtain the harmonic wavelet as: 
g(x — k/2!) = fexp{i4a(2'x — kh} 
— exp{i2(2/x — k)}}/i2m(2’x — k) 
[23] 


where integers j and k define the scale and translation 
of the wavelet w(x), respectively on the x-axis. 


Now consider a real function f(t) is represented 
by the sequence f, of length (7 — 1), where r= 0 
to 2” — 1. To obtain JHWT coefficients, we take FFT 
of f, such that, 


n-1 
[Foi,.l7=(1in?) » lay) ,,/°exp(—i4ask/n), 
fo [24] 


where r=0 tou—1 ands=0ton-—1 


where j denotes the level of the wavelet, k is the 
translation, m and are adjacent levels of wavelets 
with n=2/, and s=m-—n. The JHWT in eqn [24] 
offers all the properties and advantages of standard 
discrete wavelet transform. Putting n=2/ and m= 
s+n, eqn [24] yields all the JHWT coefficients from 
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(a) (b) 
Figure 10 


the Fourier coefficients as 


N-1 n-2 
> Fyiaal = lag? + > (1/2/) 
j=0 j=0 
2-1 
x> (layi,4l? + ayaa!) + na” 
k=0 
N-1 
=(1N) } fe [25] 
r=0 


Unlike conventional correlation techniques, the 
perfect octave band limited characteristics of 
JHWT eliminate the necessity of any multiplication. 
We show an example of image de-noising in Figure 10 
using JHWT. 


Image Post-processing, Transmission, 
and Distribution 


One of the areas wherein image post-processing plays 
a vital role is in image transmission. A significant 
problem for any digital library is the network 
bandwidth required to transmit large digital images. 
The bandwidth consumption depends on the number 
of images used by a single user, and with the number 
of users requesting the services of the library. The 
popularity of database browsers such as Gopher and 
Mosaic has serious implications for image trans- 
mission and distribution. There has been active 
research in innovative new compression schemes 
and transmission protocols that reduce bandwidth 
requirements for many users along with software 
servers and visualization. Further, compression of 
digital image and video data plays an important role 
in reducing the transmission and distribution cost for 
visual communication. 

One of the requirements for effective image 
transmission and distribution is reduced data size 
for faster speed. Image compression schemes are 
often used for image data reduction. Most of the 
successful image compression schemes exploit 
subdividing the image into blocks for increased 





(c) 
(a) Noisy image; (b) de-noised image with JHWT-filtering; and (c) de-noised image with WP-filtering. 


compression. However, this subdivision of image 
renders a blocky effect on the compressed image. 
There has been intense research in removing the 
blocky effect on the compressed image. To achieve 
high bit rate reduction while maintaining the 
best possible perceptual quality, post-processing 
techniques provide one attractive solution. There 
has been a significant amount of work done in post- 
processing of compressed image/video. Some of them 
are developed from the image enhancement point of 
view while others are from image restoration. In the 
case of image restoration, the post-processing is consi- 
dered as a reconstruction problem. Image enhance- 
ment methods are performed based on the local 
contents of the decoded image as discussed above. 
The image post-processing algorithms are, gener- 
ally, very effective in removing blocking artifacts. 
A straightforward approach to remove blocking 
artifacts is to apply lowpass filtering to the region, 
where artifacts occur. Consequently, the filter must be 
adapted to the block boundaries, i.e., the image 
partition. Further, if high frequency details such as 
edges and texture are to be preserved, then lowpass 
filter coefficients should be selected appropriately in 
regions where such details occur. Therefore, adaptive 
image post-processing such as spatial filtering 
methods may be applied to deal with this problem. 
In low-bit-rate image and video compression and 
distribution systems, high frequency transformed 
coefficients are often lost due to aggressive quantiza- 
tion or uneven error protection schemes. However, 
with the block-based encoding and transmission 
methods, the amount of high frequency texture loss 
is uneven between adjacent blocks. Thus, it is possible 
to exploit this texture-level correlation between 
adjacent image blocks to reconstruct the lost texture. 
A relevant problem of robust transmission and 
distribution of compressed electronic images involves 
unreliable networks. The pre- and post-processing of 
the image data may play a vital role in addressing this 
problem. With the rapid growth of mobile wireless 
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communication systems, wireless multimedia has 
recently undergone enormous development. How- 
ever, to design an efficient multimedia communi- 
cation system over wireless channels, there still exist 
many challenges due to severe wireless channel 
conditions, special characteristics of the compressed 
multimedia data, and resource limitation, such as 
power supply. Since multimedia data, such as an 
image, contain redundancy, to efficiently utilize 
limited resources, source compression may be necess- 
ary. Further, as mentioned above, the ease of image 
creation, processing, transmission, and distribution 
has also magnified the associated counterfeiting 
problems. We discuss the relevant issues of image 
distribution in the following sections. 


Techniques in Image Distribution 


The spectacular development of imaging sensors, 
communication, and internet infrastructure has also 
made the counterfeiting tools easily accessible and 
more affordable. In addition, the threats and vulner- 
abilities of the internet have also increased manyfold. 
All of these together pose a formidable challenge to 
the secure distribution and post-processing of images. 


Requirements of Secure Digital Image Distribution 


In light of the above-mentioned vulnerabilities of 
image distribution channels and processes, below are 
a few requirements of secure image distribution: 


e Data Integrity and Authentication: Digital image is 
easy to tamper with. Powerful publicly available 
image processing software packages such as Adobe 
Photoshop or PaintShop Pro make digital forgeries 
a reality. Integrity of the image content and 
authentication of the source and destination of 
the image distribution are, therefore, of utmost 
importance. 

e Digital Forensic Analysis: Consider a litigation 
involving a medical image that is used for diagnosis 
and treatment of a disease, as shown in the post- 
processing example in Figures 7 or 8 above. 
Integrity of the image again is vital for the proper 
forensic analysis. 

e Copyright Protection: Digital copyright protection 
has become an essential issue to keep the healthy 
growth of the internet and to protect the rights of 
on-line content providers. This is something that a 
textual notice alone cannot do, because it can so 
easily be forged. An adversary can steal an image, 
use an image processing program to replace the 
existing copyright notice with a different notice and 
then claim to own the copyright himself. This re- 
quirement has resulted in a generalized digital rights 


management initiative that involves copyright 
protection technologies, policies, and legal issues. 

e Transaction Tracking/Fingerprinting: In the con- 
tinuous (re)distribution of digital images through 
internet and other digital media (CD, camera, etc.), 
it is important to track the distribution points to 
track possible illegal distribution of images. 


Next, we will discuss how the digital watermarking 
technology can help enforce these security 
requirements. 


Example of secure image distribution: digital 
watermarking 
Digital watermarking is the process of embedding a 
digital code (watermark) into a digital content like 
image, audio, or video. The embedded information, 
sometimes called a watermark, is dependent on the 
security requirements mentioned above. For example, 
if it is copyright application, the embedded infor- 
mation could be the copyright notice. Figure 11 shows 
a block diagram of the digital watermarking process. 
Consider that we want to embed a message M in an 
image, f,, also known as the original image. For the 
sake of brevity, we drop the indices representing the 
pixel coordinates. The message is first encoded using 
source coding and optionally with the help of error 
correction and detection coding, represented in 
Figure 11 as e(M) such that 
Wm = e(M) [26] 
The encoded message W,, is then combined with 
the key-based reference pattern W,, in addition to the 
scaling factor a, to result in W, which is the signal 
that is actually added to the original image, given as 
Ww, 4 af.) [Wy @ Wx] [27] 
Note that the scaling coefficient a may be a constant or 
image dependent or derived from a model of image 
perceptual quality. When the scaling factor @ is 
dependent on the original image, we can have 
informed embedding which may result in more 
perceptually adaptive watermarking. The operation 
involving W,, and W, is the modulation part, which is 
dependent on the actual watermarking algorithm 
used. As an example, in a typical spread-spectrum 
based watermarking, this operation is usually an 
exclusive NOR (XNOR) operation. The final oper- 
ation is an additive or multiplicative embedding of W, 
with the original image. We show a simple additive 
watermarking process as 


fw = fo + Wa [28] 
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Figure 11 A simple watermarking process: embedder and detector. 





(a) 


Figure 12 (a) Original image, (b) watermarked image, and (c) the difference image. 


The result of this process is the watermarked image 
fw which may actually need some clipping and 
clamping operations to have the image pixel values 
in the desired range. 

The detector, as shown in Figure 11, does the 
inverse operations of the embedder. If the original 
image is known, as in the case of nonblind 
watermarking, it is first subtracted from the water- 
marked image. Blind watermarking detector, on 
the other hand, uses some filtering with a goal to 
estimate and subtract the original image com- 
ponent. The result of filtering is then passed to the 
decoder, which collects the message bits with 
the help of the shared key, and finally gets back 
the decoded message M’. 





(c) 


Figure 12 shows the original image, water- 
marked image, and the difference image using a 
spread-spectrum based watermarking algorithm, 
respectively. The enhanced difference image rep- 
resents a noise-like image, wherein the scaling 
coefficient @ is clearly dependent on the original 
image. As evident from Figure 12b, the hidden 
message is imperceptible as well as the change in 
the original image. The imperceptibility is one of the 
primary criteria of digital watermarking. 

There are other criteria such as unobtrusiveness, 
capacity, robustness, security, and detectability. 
Thus, digital watermarking is a multidimensional 
problem, which attempts to make a_ trade-off 
among a number of different criteria. The inserted 
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watermark should not be obtrusive to the intended 
use of the original image. Because the water- 
marking process does not increase the size of the 
original image, it may be desirable to add as much 
information as possible. However, generally speak- 
ing, the more information one adds, the more 
severe will be the impact on the perceptual quality 
of the image. From the detection point of view, 
watermark should be robust enough to tolerate a 
range of image post-processing and degradation. In 
addition, the embedded watermark should also be 
secure enough so that it may not be removed from 
the watermarked image. Finally, detectability of the 
embedded watermark is an important criterion that 
places some constraints on the embedding 
algorithm. 

In order to fully appreciate the use of watermarking 
for image distribution, it is instructive to look at 
different classes of watermark, which is delineated in 
Figure 13. 

For an example, depending on the robustness 
criterion of watermarking, they can be classified 
into three categories such as robust, fragile, and semi- 
fragile. Note that while the robustness of watermark 
is important, it is not always equally desirable in all 
applications. Let us take the authentication as an 
example. If you, as the owner ofa digital image, embed 
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Figure 13 Watermark classifications. 


Water 
marking 


some authentication information into the image 
using watermarking, you might want to see the auth- 
entication fail, when some one steals your image. This 
is an example of nonrobust watermark, where the 
fragility of the embedded watermark is required to 
detect any forging done on the digital image. 

Now, consider how watermark provides the 
security requirements for secure image distribution. 
In particular, we look into the authentication of 
watermark. Figure 14 shows the use of watermark 
for image authentication, which has some simi- 
larities with the cryptographic authentication using 
digital signature. However, there are potential 
benefits to using watermarks in content authentica- 
tion and verification. Unlike cryptography, water- 
marking offers both in-storage and in-transit 
authentication. Watermarking is also faster com- 
pared to encryption, which is very important in 
internet-based image distribution. By comparing a 
watermark against a known reference, it may be 
possible to infer not just that an alteration occurred 
but what, when and where changes have occurred. 
As shown in Figure 14, first we identify some 
features from the image and then we compute 
the digital signature, which is then embedded 
into the image. The detector takes a test image, 
computes the signature and extracts the embedded 
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Figure 14 Image authentication using watermark. 


signature, and then compares the two. If they match, 
the image is authenticated. If they do not match, 
then the image may have gone through some 
forging/tampering effects and the algorithm may 
optionally detect the tamper area as well. 

One of the limitations of the watermarking 
approach in secure image distribution is that the 
technology is not yet widely deployed, and nor is the 
protocol satisfactorily standardized. Other major 
limitation is that the watermarking process cannot 
be made sufficiently robust to arbitrary types of 
different attacks. In reality, therefore, the hybrid 
combination of cryptography and watermarking is 
expected to improve the secure distribution of images 
across the unreliable internet. 


Concluding Remarks 


In this chapter, we discussed the principles of image 
post-processing and distribution. We showed a few 
representative examples for post-processing and 
distribution. We also explained the relevant issues 
in image distribution and present digital water- 
marking as one of the solutions for secure image 
distribution. 
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Introduction 


For more than 50 years silicon has been the 
semiconductor on which the enormous progress of 
microelectronics is based. Since silicon is also an 
excellent detector for electromagnetic radiation, in 
particular in the visible spectrum between 400 and 
700 nm, the advances in semiconductor technology 
have directly influenced the progress of solid-state 
image sensing. Once the relentlessly shrinking 
dimensions of transistors have reached a critical 
minimum limit, it has become economically feas- 
ible to co-integrate analog and digital circuitry 
with each light-sensitive pixel. This capability is at 
the heart of the technological revolution called 
smart pixel arrays. 

The first section relates how the shrinkage of 
minimum feature size on silicon chips paralleled 
the reduction of solid-state pixel geometry, as a 
function of time. This development ceased once the 
pixel size reached the optical diffraction limit, 
which marked the birth of the field of smart pixel 
arrays. In the second section, the basic function- 
ality and the most important physical limitations of 
conventional pixels and photosensors are given. 
The third section deals with opto-electronic func- 
tionality that is preferred today, of smart pixel 
arrays; in particular, the capability of spatio- 
temporal demodulation is very much in demand. 
In the fourth section, some of the most useful 
modular building blocks for smart pixel arrays are 
presented, together with a few key applications. An 
outlook on photonic systems-on-chip (SoC) is given 
in the fifth section, with a discussion of single-chip 
machine vision systems (so-called seeing chips), 
organic semiconductors for even higher levels of 
integration of photonic microsystems, and smart 
pixel arrays that are sensitive to physical par- 
ameters other than electromagnetic radiation. 


Silicon Technology for Image Sensing 


Long before it was realized that silicon would be the 
material on which modern semiconductor industry 
and the information technology revolution is 
based, in 1940 Russell Ohl discovered that silicon 


is an excellent detector of electromagnetic radiation. 
In particular, silicon is an excellent detector for light 
in the visible and near infrared part of the spectrum, 
for wavelengths between 400 and 1,000 nm. This is 
very fortunate because it allows designers of image 
sensors to profit directly from the amazing progress of 
silicon technology. Since the 1970s, the minimum 
feature size on silicon chips showed a reliable 
exponential reduction of about 10% per year, as 
illustrated in Figure 1. This is a direct consequence of 
the observation by Intel’s Gordon Moore, sometimes 
called ‘Moore’s law’, that the number of transistors 
per integrated circuit doubles about every two years. 
The evolution of minimum feature size is paralleled 
by the evolution of minimum pixel size of solid-state 
image sensor, as illustrated in Figure 2. Once the pixel 
size reached a record low value of 2.4 m in the year 
1996, no further reduction in pixel size seemed 
desirable, because the optical diffraction limit was 
essentially reached. 

The combination of technological availability of 
smaller and smaller electronic components and pixel 
size that demanded no further reduction, inspired 
researchers to provide each pixel with an increasing 
amount of electronic functionality, all of which is 
available simultaneously for massively parallel infor- 
mation processing. This represents the heart of the 
smart pixel array revolution; pixels that not only 
sense the incident electromagnetic radiation but 
that are capable of pre-processing the acquired 
information in a relevant fashion. 
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Figure 1 Evolution of minimum feature size (DRAM half-pitch) 
in state-of-the-art silicon technology, showing an exponential 
reduction for the past 30 years, which is expected to continue for 
at least another decade. 
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Figure 2 Evolution of minimum pixel pitch in CCD image 
sensors, tracking the exponential reduction of minimum feature 
size shown in Figure 1, until a lower limit was reached in 1997, 
imposed by optical diffraction. Since then, no smaller pixel pitches 
have been described in the literature; this is indicated graphically 
with the hatched ‘diffraction limit’ line. 


Basic Functionality and Physical 
Limitations of Conventional Solid- 
State Photosensors 


The prime task of a pixel is the detection of incident 
electromagnetic radiation. The detection process 
consists of six basic steps: 


1. The incident photon impinges on the surface of 
the image sensor, and it has to reach the bulk of 
the semiconductor. 

2. Inthe bulk of the semiconductor the photon has to 
interact with the semiconductor, converting its 
energy into a number of electron—hole pairs. 

3. The photogenerated charge carriers must be 
transported to the sensor surface. 

4. At the surface, the photogenerated charge needs 
to be collected and accumulated in the storage 
part of the pixel. 

5. The accumulated photocharge must be trans- 
ferred to the input of an electronic circuit capable 
of detecting this charge. 

6. The charge detection circuit converts photocharge 
into a corresponding voltage, exhibiting a mono- 
tonous (but not necessarily linear) transfer 
function. 


Since the interaction length of electromagnetic 
radiation in silicon is in the tens of micrometers for 
incident photon energies between 1 eV and 10 keV 
(corresponding to a wavelength range of about 0.1 to 
1,000 nm), silicon is an excellent detector for this 
large spectral range. This is illustrated for the visible 
and near infrared spectral range in Figure 3, showing 
the absolute external quantum efficiency of a pixel 
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Figure 3 External quantum efficiency of a photosensor realized 
with an industry standard CMOS process, showing quantum 
efficiencies above 50% in the whole visible spectral region. 


realized with an industry standard silicon process. 
In the visible spectral range, absolute external 
quantum efficiencies close to 100% can be reached, 
even with standard silicon processes for the micro- 
electronics industry that were not optimized for 
photosensing applications. 

Photocharge transport to the surface of the 
semiconductor is mainly provided by diffusion, 
i.e. random thermal motion of the charge carriers 
that exhibit a velocity of about 10° m/s in silicon 
at room temperature. The mean distance L traveled 
by a diffusing charge carrier during time ¢ is 
given by 


L=+/Dt [1] 


with the diffusivity D, which has a value of around 
40 cm/s for electrons in low-doped silicon at room 
temperature. 

Once the photocharge carriers are close to the 
surface of the semiconductor, they are transported by 
drift in an electric field E, exhibiting a linear 
dependence of the transport distance L with time t: 


L=pEt [2] 


with the mobility which has a value of around 
1300 cm*/Vs for electrons in low-doped silicon at 
room temperature. 

There are two basic principles for creating the 
electric field with which the photocharge carriers 
are transported to their storage site within the 
pixel. A photodiode consists of a semiconductor 
junction between a p-doped and an n-doped 
region, as illustrated in Figure 4. Such a photo- 
diode also represents a capacitance on which 
photocharge can be accumulated and _ stored. 
Photodiodes are used as photosensors in one 
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Figure 4 Cross-section of a photodiode, consisting of an n- 
doped region in a p-doped substrate. The substrate is contacted 
using a heavily p-doped diffusion S, and the n-region is contacted 
using a heavily n-doped diffusion D. The space—charge region is 
illustrated as hatched area at the pn-junction. 








Figure 5 Cross-section of an MOS capacitance, the basic 
element of a CCD image sensor. On top of a p-substrate a thin 
transparent insulator O and a transparent electrode E are 
fabricated. The substrate is contacted with a heavily p-doped 
diffusion S, and the electrode E is contacted with the gate contact 
G. The hatched area illustrates the space—charge region under 
the electrode. 


popular type of image sensor, so-called APS (active 
pixel sensor) or CMOS (complementary metal 
oxide semiconductor) imagers. 

An alternative to a photodiode is an MOS (metal 
oxide semiconductor) capacitor, consisting of a 
transparent electrode that covers an insulating layer 
on top of semiconducting material, as illustrated in 
Figure 5. An MOS capacitor is the basic element of a 
charge coupled device (CCD), the other widespread 
type of image sensor. 

The charge transfer between photodiodes and 
photodetector circuits is based on electrical con- 
duction, occurring essentially with the speed of 
light. In CCDs, the charge transfer is effectuated 
with clocks, and excellent charge transfer efficien- 
cies can be observed at clock frequencies of several 
tens of MHz. 

The major limitation in semiconductor photosen- 
sors is the last element in the line, i.e. the electronic 
charge detection circuit. In Figure 6, a so-called 
source follower is illustrated, which is by far the most 
frequently used photocharge detection circuit. Its 
performance is limited by the thermal (Johnson) noise 
in the channel of the first field effect transistor (FET). 
This corresponds to a statistical uncertainty with 
which an amount of photocharge can be measured at 
the gate of the FET. The input referred charge noise 
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Figure 6 Schematic diagram of a photosensor’s output diffusion 
OD connected to a reset transistor R and a source follower 
transistor SF, the most widely used charge detection circuit for 
image sensors and smart pixel arrays. The photocharge is stored 
on the effective capacitance C at the gate of transistor SF, which is 
read out using a row select transistor RS, connecting the source 
follower to the readout column Col. 


variance sq is given approximately by 


4kTB 
sq = CO 


[3] 


where C is the effective capacitance seen by the 
gate of the FET, k is Boltzmann’s constant, T is the 
absolute temperature, B is the effective bandwidth 
at the FET’s channel, and g is the transconductance 
of the FET. 


Desired Optoelectronic Functionality 
in Smart Pixel Arrays 


From the previous section it becomes clear that even 
conventional pixel and photosensors can be improved 
in several desirable respects: 


e The spectral response can be improved in the 
ultraviolet (SO-400 nm), or it can be expanded 
significantly into the X-ray region (below 0.1 nm) 
and into the infrared region (above 1,000 nm). 

e The speed of the photosensors can be increased by 
replacing diffusion based photocharge transfer 
mechanisms with the directed, more efficient drift 
in electric fields. This is true for the vertical as well 
as for the lateral charge transport direction. 

e The sensitivity of the electronic charge detection 
process can be improved in two ways. It can be 
achieved by decreasing the effective detection 
capacitance C at the input of the charge 
detection circuit, as can easily be seen from 
eqn [3]. An alternative is to make use of a 
physical charge amplification process (i.e. ava- 
lanche multiplication in a high electric field), 
that has low intrinsic noise. 


222 DETECTION / Smart Pixel Arrays 





e A derivative improvement that is desired is the 
increase of the dynamic range D/R of the complete 
detection process, as defined, for example, by 


2 
DIR = 10?° log =" [4] 
SQ 


where Omax denotes the maximum (or saturation) 
charge and sq is the total charge noise variance of 
the electronic detection circuit. 


In addition to the above described improvements 
of conventional pixel functionality, a huge demand 
exists for the capability to measure the parameters 
of modulated electromagnetic signals, i.e. to 
demodulate such signals. This demand is related 
to the large number of very powerful electronic 
and opto-electronic measurement principles, 
capable of improving the sensitivity of the 
measurement process significantly by employing 
modulated signals, either in the temporal or in 
the spatial domain. For this reason, smart pixel 
arrays are sought that offer this combination of 
photodetection and demodulation. 


Modular Building Blocks for Smart 
Pixel Arrays 


Towards the end of the last century, a large body 
of literature has been created, addressing various 
approaches for the realization of one of the above 
described desired opto-electronic functionalities. 
The result is a powerful ‘toolbox’ of modular 
building blocks for custom smart pixel arrays, with 
which optimized solutions for optical measurement 
problems and practical applications can be 
constructed. 


High-Sensitivity Charge Detection 


From the noise formula (eqn [3]) two possibilities for 
the improvement of the sensitivity of image sensors 
can be deduced: A first approach is the reduction of 
the capacitance value. An excellent example for this is 
the invention of the ‘double gate’ FET, in which the 
charge to be measured is not placed on a gate 
electrode at the surface but resides in the semicon- 
ductor bulk. In this way the effective capacitance of 
the pixel can be reduced by at least one order of 
magnitude compared to conventional pixels. The 
resulting capacitance of less than 1 fF leads to a 
readout noise of about one electron at room 
temperature and for a readout bandwidth of several 
MHz. Unfortunately the small capacitance allows 
the storage of only around ten thousand electrons. 


For such small charge packets, quantum noise is still 
relevant, leading to significantly degraded image 
quality, even when the images are taken under 
favorable lighting conditions. 

A second approach to high-sensitivity photosensing 
exploits the dependence of the charge detection 
variance on the measurement bandwidth, as indicated 
in eqn [3]. One method for exploiting this consists of 
reading out the image sensor at a significantly reduced 
bandwidth of a few 10 kHz. At the same time, the 
image sensor is cooled to temperatures of around 
—100°C. This becomes necessary because readout at 
such slow speeds increases the time, to read one 
complete image, to many minutes, requiring a 
substantial reduction of the dark current. Instead of 
working at low readout bandwidths, it is also possible 
to read out the same information repeatedly and non- 
destructively at high speed, and to average many 
measurements of the same amount of photocharge. 
Both methods have been shown to lead to readout 
noise levels of about one electron; on the other hand, 
both approaches require very long times for the 
acquisition of complete images. 

This problem can be resolved by exploiting the 
massive parallelism that smart pixel arrays offer: low- 
bandwidth techniques can be employed without 
losing effective readout speed. Pixels and columns 
are read out with low-bandwidth amplifiers that are 
all active simultaneously, and only the final off-chip 
readout amplifier needs to operate at a large 
bandwidth. In practice, this approach has been used 
successfully in single-chip digital cameras with 
Megapixel resolution, exhibiting a readout noise of 
only a very few electrons. 

A completely different approach is based on the use 
of a physical amplification mechanism with low 
intrinsic noise, before detecting the amplified charge 
packets with a conventional electronic circuit; the 
avalanche multiplication effect in high electric fields is 
very well suited to this approach. Each pixel is 
supplied with its own combination of stabilized 
avalanche multiplier and conventional charge detec- 
tion circuit. This approach has been used for the 
realization of a fully integrated 2D array of single 
photon detectors that can be fabricated with industry 
standard CMOS processes. Similar performance is 
obtained with the Impactron™ series of high- 
sensitivity CCD image sensors offered by Texas 
Instruments Inc., making use of a single multistage 
avalanche multiplier at the output of the image 
sensor. For both high-sensitivity smart pixel arrays, 
single-photoelectron performance is reported at room 
temperature and at readout frequencies of several 
MHz, as required for video applications. 
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Photosensing with Improved Dynamic Range 


Conventional solid-state image sensors and cameras 
usually have a very limited dynamic range, as defined 
in eqn [4]. Typical values are between 40 and 80 dB, 
rarely exceeding four orders of magnitude. In 
natural scenes, however, much higher D/R values 
can be encountered. To cope with this, the human eye 
is capable of spanning a dynamic range of more 
than 150 dB. This realization has spurred the inven- 
tion of several methods with which the D/R of smart 
pixel arrays can be increased. 

One approach consists of acquiring several 
images of the same scene with different exposure 
times, with the subsequent combination into one 
high-dynamic-range composite picture. D/R values 
exceeding 120dB have been obtained with such 
multi-exposure methods. Fast-moving objects, how- 
ever, will have relocated from one exposure to the 
next, resulting in false, blurred representations of 
these objects in the composite picture. 

This can be overcome using nonlinear response 
characteristics similar to the ones found in natural 
vision. Impinging light produces a_ photocurrent 
that is highly linear with the incident light 
intensity. Because the voltage across the photodiode 
is logarithmically dependent on the photocurrent, 
a logarithmic voltage-illumination response is 
obtained, with a D/R exceeding 120dB. Such 
logarithmic pixels are well-suited for applications 
providing high illumination levels but they suffer 
from excessive noise and slow response speed at 
low light levels. 

This disadvantage led to the development of 
linear-logarithmic pixels, exhibiting a high-sensi- 
tivity linear response at low light levels, and a 
gradual changeover to logarithmic response once a 
certain, programmable light level is reached. The 
design principle is illustrated in Figure 7. An 
otherwise conventional CMOS/APS pixel is sup- 
plied with a device that exhibits logarithmic 
voltage—current response, such as a diode. As 
long as the cathode is at a higher voltage than 
the anode, no current flows across the diode, and 
the pixel response is linear. Once the photocurrent 
has lowered the cathode voltage below the anode 
voltage, the pixel response becomes logarithmic, as 
described above. The D/R of such a_linear- 
logarithmic pixel reaches unprecedented high 
values; almost 200 dB have already been obtained 
in practice. Because of the simplicity and robust- 
ness of this principle, such linear-logarithmic smart 
pixel arrays have found their way into commercial 
sensor and camera products that are available 
commercially, as illustrated in Figure 8. A circuit 
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Figure 7 Schematic diagram of a high-dynamic-range pixel, 
consisting of a conventional APS/CMOS pixel, as illustrated in 
Figure 6, in combination with a shunt diode SD. The photocurrent 
lowers the voltage at the gate of transistor SF continuously. Below 
a certain value of this voltage, the diode starts to become forward 
biased, leading to a linear-logarithmic illumination response, with 
a dynamic range that can be as high as 200 cB. 


board and a light bulb are imaged in linear mode 
(Figure 8a), showing highly saturated areas, and in 
linear-logarithmic mode (Figure 8b), in which even 
the light bulb’s filament can clearly be seen. 


Extension of the Spectral Sensitivity Range 


The spectral sensitivity of silicon is essentially 
restricted to the spectral wavelength range between 
0.1 and 1,100 nm. With a suitable choice of materials 
that cover the silicon sensor’s surface, this sensitive 
wavelength range can be extended. For high-energy 
radiation, scintillator materials are employed, capable 
of converting incident high-energy photons into a 
proportional number of visible photons. Scintillators 
render smart image sensors particularly sensitive in 
the UV (300-400 nm), deep UV (below 300 nm), 
X-ray (0.002—-1 nm), and gamma ray (below 
0.002 nm) spectral region. Typically, the scintillator 
materials are fabricated as platelets that are glued on 
the surface of the produced CMOS/CCD image 
sensor. 

The extension of the sensitive spectral range to 
the infrared can be achieved with semiconductor 
materials with smaller energy bandgaps than 
silicon. Examples include Ge, SiGe, SiC, PtSi, 
IrSi, InAs, InGaAs, or InGaAsP. Typically, these 
materials are deposited on the produced 
CMOS/CCD image sensor in an ultra-high vacuum 
environment. An alternative is the use of bump- 
bonding, with which the CMOS/CCD image sensor 
can be connected to a small-bandgap material chip 
at each pixel site. With these technologies, silicon- 
based smart pixel arrays become sensitive to 
wavelengths of several microns. 
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Images of a scene with high dynamic range, taken with an image sensor exhibiting linear illumination response (a) and linear- 


logarithmic illumination response (b). A similar pixel architecture as illustrated in Figure 7 is employed. (Courtesy of Photonfocus AG, 


Lachen, Switzerland.) 


High-Speed Image Sensing 


Increasing the speed of the photosensing process 
necessitates improvements in two key areas. Photo- 
charges need to be collected and transported faster, 
and the acquired information must be read out faster. 

A comparison of eqns [1] and [2] immediately 
reveals that the replacement of diffusion by drift 
transport provides the desired speed improvement. In 
the vertical direction, the electric field of photodiodes 
or MOS capacitances reaches more deeply into the 
semiconductor bulk if lower doping levels of the 
substrate are used or the bias voltage is increased. 
Improving the lateral transport speed is more difficult. 
A highly successful approach in so-called drift-field 
pixels is illustrated in Figure 9. On top of a thin (a few 
tens of nanometers) transparent insulator, a highly 
resistive layer — often of polysilicon — is placed. When 
a voltage difference is applied at the two ends, a 
small current flows across the resistive layer, inducing 
a linear potential variation at the semiconductor 
surface. A simple calculation shows that very small 
transit times for photocharges can be obtained in this 
way. Assuming a (quite large) pixel size of 25 im and 
a voltage difference of 5 V, the maximum transit time 
of photoelectrons that have to move from one end of 
the pixel to the other, is less than 1 ns. This is more 
than two orders of magnitude faster than can be 
achieved with diffusion transport. 

Smart pixel arrays provide a simple solution to the 
problem of speeding up the readout of the acquired 
picture information; a large degree of parallelism. 
This is illustrated with the architecture of a split-field 
high-speed image sensor, shown schematically in 
Figure 10. The photosensitive area is split into two 
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Figure 9 Cross-section of a drift field pixel, exploiting the lateral 
drift field at the semiconductor—oxide interface. The correspond- 
ing sloped potential distribution ®(x) is created with a highly 
resistive transparent electrode E on top of a thin transparent 
insulator O; this conductor has two contacts C1 and C2 at its ends, 
to which a voltage difference is applied. Depending on the sign of 
the slope, the photoelectrons are collected either in diffusion D1 or 
D2. The hatched area indicates the space-charge region. 


parts, so that the column amplifiers of one half have 
time to settle to their proper voltages, while the 
columns of the other half are being read out. No time 
is lost, therefore, when another row of the image is 
selected for readout. A large number of output 
amplifiers are provided for highly parallel readout 
of the image data, each with a typical readout rate of 
40-100 MHz. In this way, sustainable pixel rates of 
several GHz can be achieved in practice. 


Static Spatial Demodulation 


The spatially varying geometry of the photosensitive 
part of a pixel can be used for the static spatial 
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Figure 10 Block diagram of a high-speed image sensor, making 
use of the large amount of parallelism possible in smart pixel 
arrays. The light-sensitive area is split into two fields whose rows 
can be addressed independently with two separate row address 
generators RG. In this way, one row of one field can be selected 
and the corresponding column amplifiers CA can reach 
equilibrium, while the columns of the other field are being read 
out using several parallel output amplifiers OA. 





Figure 11 Illustration of a one-dimensional intensity distribution 
p(x) of light which is incident on a shaped photodiode with 
position-dependent width w(x), between the two boundaries a 
and b. 


demodulation of an impinging light field. When a 
one-dimensional intensity distribution p(x) is incident 
on a photodiode with spatially varying width w(x) 
between the limits a and J, as illustrated in Figure 11, 
an output signal r is produced: 


b 
r= | p(x)w(x)dx [5] 


By shaping the photodiode appropriately, any type 
of parametrized linear transform can be realized, as 
illustrated by the photomicrograph in Figure 12. In 
this practical example, four photodiodes are shaped 
sinusoidally and cosinusoidally, weighted with a 
slowly varying windowing function. Their signals 
are used for determining the Fourier coefficients 





Figure 12 Photomicrograph of two photodiode pairs that are 
shaped as spatial sine and cosine functions, weighted with a 
slowly varying windowing function. The four photosignals can be 
employed to determine the phase and amplitude of a one- 
dimensional intensity signal that has the same spatial frequency 
as the sine and cosine. In practice, the accuracy of the phase 
determination is as high as 0.1% of the spatial wavelength. The 
width of the photomicrograph corresponds to about 1mm in 
reality. 


(the sine and cosine transform) of an incident light 
distribution for a fixed spatial frequency. This is 
employed, for example, in cost-effective optical 
encoders, capable of measuring linear displacement 
with an accuracy below 50 nm. 


Dynamic Spatial Convolution 


Many image-processing tasks require the convolution 
of the pixel data P;; at the position (i, j) in an image 
with a two-dimensional convolution kernel w,): 


N N 
Rys= > Dd. Py jwe-is-j [6] 


i=—N j=—N 


Instead of employing a purely geometrical 
solution, as described in the previous section, an 
alternate approach is found when _ interpreting 
the convolution eqn [6] in the following way. 
The resulting image R is obtained by displacing the 
original image P laterally by an amount (&,J), by 
multiplying the shifted pixel values with the 
corresponding weight w,), and by adding up all 
these products. 

The lateral displacement is realized with a CCD 
structure, implementing the 2D lateral movement of 
the acquired image charge packets, the multipli- 
cations with the convolution kernel values are 
realized by using various exposure times for each 
lateral shift position, proportional to the corre- 
sponding weight value, and the summation is just 
the natural charge accumulation of CCD structures. 
The problem of negative weights is solved by 
separately determining the positive and negative 
parts of the weight function, each stored separately 
in the pixel, and by calculating the difference of the 
two values during readout, either on-chip or off- 
chip. In this way, such convolution image sensors 
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can be used for the determination of complete, 
programmable, real-time image convolutions, with 
arbitrary kernels that are fully under the dynamic 
control of digital logic or microprocessors. Practical 
experience with such convolution imagers shows 
that the convolution results exhibit inaccuracies of 
less than 1%. 


Temporal Demodulation 


In many relevant optical measurement techniques, 
temporally modulated light fields are employed. 
For this reason, smart pixel arrays are desired, 
providing synchronous demodulation of these signals. 
An electromagnetic signal S(t) that is harmonic as a 
function of time with given frequency , having 
unknown modulation amplitude A, offset B and phase 
delay 9, is described by 


S(t) = Asin(ot + ¢) +B [7] 


The three unknowns A, B and ¢ can be measured if 
three or more sampling points are sampled synchro- 
nously per period in so-called ‘lock-in’ pixels. An 
example of a lock-in pixel employing the drift-field 
transport principle with four accumulation taps, is 
illustrated in Figure 13. Demodulation frequencies of 
several tens of MHz have already been demonstrated 
in practice. 

The most important application of such synchro- 
nous demodulation pixels is in optical time-of-flight 
range cameras. Such a camera incorporates a light 





Figure 13 Schematic top view of a lock-in pixel based on the 
lateral drift-field approach illustrated in Figure 9. A square 
electrode is fabricated with a highly resistive transparent material 
on top of a thin insulator. The electrode contacts C1 to C4 are 
employed to create a ‘reeling’ potential distribution that rotates 
with the modulation frequency of the incident light that requires 
synchronous demodulation, so that the photocharges are 
collected at diffusions D1 to D4, respectively, at the appropriate 
time during each period. 


source, usually an array of infrared or visible LEDs, 
that is modulated at a few tens of MHz. The 
modulated light is reflected diffusely by the various 
objects, and the camera’s lens images it onto a lock-in 
image sensor. Each of its pixels carries out synchro- 
nous sampling/accumulation of photocharges. At the 
end of the exposure time, the accumulated photo- 
charge samples are read out, and the three modu- 
lation parameters of the reflected light are determined 
for each pixel. The phase shift is a direct measure of 
the local distance. It has been shown that for a wide 
range of operating conditions, the distance resolution 
of such optical range cameras is already limited just 
by the photo shot noise. A typical result of such a 
depth image is shown in Figure 14. 


Photonic Systems-on-chip 


The microelectronics revolution is based on the key 
notion of integration. More functionality integrated 
monolithically on the same chip leads to faster, 
smaller, better performing, and cheaper products. 
The same is true for smart pixel arrays, for which 
progress through integration is attained in several 
respects. 
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Figure 14 Example of a distance picture (a person) out of a 3D 
range image sequence, taken with an optical time-of-flight 
distance camera making use of lock-in pixels. Depending on the 
available light level, the background illumination and the 
modulation frequency, such solid-state range cameras can 
have a resolution of a few mm. 
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Seeing Chips 


Already, in the mid-1980s, researchers were excited 
about the possibility of integrating local signal 
processing capabilities in each pixel, implementing 
some functions of biological vision systems. It was 
envisioned that an increasing amount of bio-inspired 
functionality would lead to smart image sensors, 
exhibiting a primitive sense of vision. The idea of a 
‘seeing chip’, with the capability to interpret a scene, 
was born. 

Unfortunately, even today, our understanding of 
the enormously successful biological vision systems 
has not yet reached a mature enough state allowing us 
to implement signal processing functions that 
approximate any ‘image understanding’. Published 
algorithms are still incapable of interpreting a scene 
and ‘perceiving’ its contents. Obviously, no set of 
vision algorithms is yet known with which seeing 
chips could be realized. Although progress is slower 
than envisioned, single-chip machine vision systems 
of growing complexity and increasing functionality 
are being developed. 


Organic Semiconductors for Monolithic Photonic 
Microsystems 


The realization that organic materials with conjugated 
double bonds, in particular noncrystalline polymers, 
are direct bandgap semiconductors, has recently led to 
a flurry of R&D activities in the domain of organic 
photonics. Organic light-emitting diodes (OLEDs), 
color displays, lighting panels, photodiodes, image 
sensors, photovoltaic cells, RF transponders, and tags, 
and several other organic photonic devices have not 
only been demonstrated but many are already 
commercially available. The special appeal of organic 
semiconductors stems from their potential for mono- 
lithic, low-cost integration of complete, large-area 
photonic microsystems, even on thin, flexible sub- 
strates. In Figure 15, such a monolithic photonic 
microsystem is illustrated schematically, combining a 
photovoltaic power supply, a photonic detector 
subsystem, analog and digital signal processing, as 
well as bidirectional optical communications with the 
outside world, possibly including also an on-chip 
display. The photonic detector subsystem typically 
consists of a light source, a light guiding structure that 
is sensitized — for example chemically — and a 
photodetector/image sensor subsection. In such a 
monolithic photonic microsystem, the term ‘smart 
pixel array’ obtains a much broader meaning, opening 
up a huge number of practical applications in 
essentially all domains of our daily and professional 
lives. This domain of organic semiconductors for 











Figure 15 Schematic block diagram of a monolithically 
integrated photonic microsystem, that is expected to be produ- 
cable in the near future with organic semiconductors. All opto- 
electronic devices are fabricated on the same planar surface: 
photovoltaic power supplies (PV); analog and digital signal 
processing (ASP and DSP); photodetectors (PD); photoemitters 
(PE) -— used for bidirectional communication or as parts of a 
photonic detector subsystem — a light guiding structure (LG) that 
can be sensitized for specific sensing applications, and a display 
subsystem (DS). 


integrated photonic microsystems is still largely 
unexplored, and it is offering exciting opportunities 
for research and product development. 


Smart Pixel Arrays Beyond Electromagnetic Field 
Imaging 


The sensing capabilities of smart pixel arrays are not 
restricted to electromagnetic radiation; this technol- 
ogy can also be used for the acquisition of other two- 
or three-dimensional physical fields. As an example, 
electrostatic imaging can be used for the temporally 
and spatially resolved acquisition of surface potential 
distributions in living cells. Electrostatic potential 
values of several hundred mV can be acquired with a 
precision of 1 mV and a temporal resolution below 1 
millisecond. Other acquisition modalities include 
magnetostatic field imaging, for example by employ- 
ing the Hall effect, or imaging of local electrostatic 
charge or current density distributions. 


Summary 


The relentless advances of semiconductor technology 
make it possible to integrate an increasing amount 
of photosensitive, analog, and digital functionality 
in the same smart pixel and on the same smart 
pixel array. Unusual photosensor devices can 
be fabricated with commercially available 
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semiconductor processes, implementing innovative 
designs and layouts, as well as novel electronic 
circuits, with which the physical limits of photosen- 
sing and photocharge processing may be reached. 
Novel opto-electronic microsystems can be devel- 
oped, based on application-specific smart pixel 
arrays, either by realizing known optical measure- 
ment techniques more efficiently or by implementing 
new techniques, whose realization requires the 
availability of nonconventional image sensing 
functionality. 

Already, smart pixel arrays are opening up a large 
number of new opportunities in photonics research 
and product development. The continuously increas- 
ing levels of integration lead to new forms of system- 
on-chip solutions for a wide range of practical 
applications. Smart pixel arrays can perform at the 
basic limits imposed by physics, and they have 
become indispensable tools in almost any type of 
research laboratory and any field of science and 
engineering. 


List of Units and Nomenclature 


Bandwidth B S 

Boltzmann’s constant k Jk 

Capacitance C F 

Charge O C 

Charge carrier mobility pe m?/(V s) 

Charge noise variance SQ Cc 

Diffusivity D m7/s 

Distance L m 

Dynamic range D/R dB 

Field effect transistor g A/V 
transconductance 

Integrated power measured r W 
with shaped photodiode 

Intensity of electromagnetic S,A,B W/m? 
wave 

One-dimensional light p(x) W/m? 
intensity distribution 

One-dimensional width w(x) m 
distribution 

Phase delay ) - 


Pixel value at position PigRij - 
(7,7) in an image 

Temperature T K 

Temporal frequency w s | 

Time t S 

Two-dimensional We - 


convolution kernel 


See also 


Electromagnetically Induced Transparency. Photonic 
Crystals: Photonic Crystal Lasers, Cavities and Wave- 
guides. Semiconductor Materials: Group IV Semicon- 
ductors, Si/SiGe. 
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Introduction 


The classic textbook example of a diffraction 
grating is a periodic arrangement of parallel 
opaque wires: if a plane wave is incident upon 
such a structure, it is divided into a multitude of 
plane waves propagating in well-defined directions. 
In particular, the dramatic wavelength-dependence 
of these directions has attracted great interest ever 
since the potential of diffraction gratings in 
spectroscopy was realized in the late 1700s. 
Today spectroscopy is only one, though important, 
application of diffraction gratings. Gratings of 
many different forms belong to the basic building 
blocks in modern wave-optics-based design of 
optical elements and systems. 


Grating Equations 


Some examples of the wide variety of possible grating 
structures are illustrated in Figure 1, which shows the 
profiles of some commonly encountered diffraction 
gratings that are invariant in the y direction. These 
are known as linear gratings. Each grating may be of 
reflection type (the refractive index my is complex) or 
of transmission type (77 is real). In all cases 7, and 1, 
can both be real or one of them can be complex. Here 
we assume that the incident field is a plane wave with 
wave vector k in the x-z plane; more general 
illumination waves can be represented as super- 
positions of plane waves. 

Figure 1a illustrates a binary grating: in the 
modulated region 0 <z<H the refractive index 
alternates between n, and 1), changing from one 


value to another at certain transition points within 
the period d. The structure in Figure 1b represents a 
sinusoidal surface-relief grating as an example of 
smooth grating profiles. Finally, Figure 1c shows a 
triangular grating profile. 

The periodicity of a grating, illuminated by a plane 
wave, usually leads to the appearance of a set of 
reflected and transmitted plane waves (diffraction 
orders of the grating) that propagate in directions 
determined by the grating period d, the illumination 
wavelength A, and the refractive indices m and my 
(see Figure 2a). These directions are obtained from 
the transmission grating equation: 


my Sin 6,, = m sin 0+ mAld [1] 


where m is the index of the diffraction order and 
6,, iS its propagation angle. For reflected orders 
(superscript r) one simply replaces my by m in 
eqn [1]. 

Obviously only a limited number of orders satisfy 
the condition |6,,|< a/2 and thereby represent 
conventional propagating plane waves. Higher, so- 
called evanescent orders are inhomogeneous waves 
that propagate along the grating surface and decay 
exponentially in the z direction. However, 
they cannot be ignored in grating analysis, as we 
shall see. 

In the case of a biperiodic grating with a period 
d,.xd, the propagation direction of the incident 
beam is defined by two angles @ and ¢ illustrated in 
Figure 2b. The grating equations now read as: 


My SIN Ayn COS Pn = Ny sin Ocosd+m Ald, [2] 


My SIN yy SIN Py» = My Sin Osin P+ nA/dy, — [3] 


where 6,,, and ¢,,,, define the propagation direc- 
tions of the diffraction order with indices m and n. 
For reflected orders my, is again replaced by my. 
These expressions apply also to the special case of 
linear gratings (limit d, — 0) illuminated by a plane 


Build a Homebrew Radio Telescope 


Explore the basics of radio astronomy with this easy to construct telescope. 


Mark Spencer, WA8SME 


here are many ham radio related activ- 

| ities that provide a rich opportunity to 

explore and learn more about the sci- 

ence of radio. One of those opportunities is 
radio astronomy. 

All matter emits radio frequency (RF) 
energy dependent on the temperature and 
makeup of the matter, including the matter 
in space. The foundation of radio astronomy 
is to study the heavens by collecting and 
analyzing the RF energy that is emitted 
by bodies in space, very much as optical 
astronomers use light energy collected by 
telescopes. It sounds complicated. While 
professionals use very sophisticated and 
expensive equipment, you can, with some 
simple equipment and a little investment, 
build a radio telescope that will allow you to 
learn and explore the fundamentals of radio 
astronomy. 


A Homemade Radio Telescope 


In this article, I will build on an existing 
design of a radio telescope made from one of 
those ubiquitous TV dish antennas that you 
see around your neighborhood. The radio 
telescope (RT) project described here can 
easily be reproduced. Although this is not 
a fully capable RT, it can provide a wonder- 
ful learning opportunity for you, or perhaps 
students in your local school. 

Figure | shows the radio telescope set up. 
The major components include a modified 
TV dish antenna mounted on a wooden sup- 
port structure to allow pointing the antenna, a 
commercial satellite signal strength detector 
that displays the signal strength of signals 
collected by the dish on a meter and an inter- 
face that converts the signal strength into a 
amplitude modulated tone. The tone is fed 
into a computer sound card and finally a 
computer and software graphically displays 
the signal strength as a function of time. 

The TV dish modifications are structural, 
and any available TV dish system can be 
used. The signal strength detector costs 
between $40 and $65 and is widely available 
from Web retailers. The interface circuit, 
which will be described shortly, is easily 
duplicated and costs approximately $20. 
Finally, the display software is free. 
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Figure 1 — Radio 
telescope system based 
on TV dish antenna. 
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What it Can Do 


The following is just a sample of what 
you can do with this simple RT: 
™ Use the sun to study and determine the 
beamwidth of the dish and verify the 
mathematic formula that is used to predict 
dish antenna performance. 
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Figure 3 — Homemade 
plastic single LNB 
mounting bracket. 


™ Measure the radiation intensity of the 
Sun and perhaps detect changes in solar 
activity. 

™ Measure the relative changes in the sur- 
face temperature of the moon. 

Learn about and explore a common radio 
astronomy collection technique called the 
drift scan. 


From June 2009 QST © ARRL 
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Figure 1 Examples of linear gratings. (a) Binary grating; (b) sinusoidal grating; (c) triangular grating. Here dis the grating period, 
His the thickness of the modulated region, @ is the angle of incidence, and n denotes refractive index. 








Figure 2 Diffraction by gratings. (a) Linear grating; (b) definitions of direction angles in the case of a biperiodic grating. 


wave not propagating in the x-z plane (conical 
incidence). 

Some two-dimensionally periodic gratings are 
illustrated in Figure 3. The structure illustrated in 
Figure 3a is an extension of a binary grating to the 
biperiodic geometry: here a single two-dimensional 
feature is placed within the grating period but, of 
course, more features with different outlines could be 
included as well. Moreover, each period could 
contain a continuous ‘mountain-range’ or consist 
of a ‘New-York’-style pixel structure. Figure 3b 


illustrates a structure consisting of an array of 
rectangular-shaped holes pierced in a flat screen, 
while Figure 3c defines an array of isolated particles 
on a flat substrate. If the grid or the particles are 
metallic, surrounded by dielectrics from all sides, one 
speaks of inductive and capacitive structures, respect- 
ively: in the former case relatively free-flowing 
currents are induced in the metallic grid structure, 
but in the latter case the isolated metal particles 
become polarized (and therefore capacitive) when 
illuminated by an electromagnetic field. 
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Figure 3 Examples of biperiodic gratings. (a) General binary grating; (b) inductive structure; (c) capacitive structure. 


Grating Theory 


Gratings equations provide exact knowledge of the 
propagation directions of the diffraction orders, but 
they give no information about the distribution of 
light among different orders. To obtain such 
information, one must in general solve Maxwell’s 
equations exactly (rigorous diffraction theory), but 
within certain limits simpler methods are available. 
In all cases, however, the transmitted and reflected 
fields are represented as superpositions of plane 
waves that propagate in the directions allowed by 
the grating equations (these are known as Rayleigh 
expansions). 

The most popular method for rigorous grating 
analysis is the Fourier Modal Method (FMM), 
though many alternative analysis methods exist. To 
understand the principle of FMM, consider first 
binary gratings. The field inside the modulated region 
0<z<H is represented as a superposition of 
waveguide modes, determined by imagining that 
the modulated region would extend from x = —oco 
to x =o, With given transition points the electric 
permittivity, its inverse, and the electric field inside 
the grating, can be represented in the form of Fourier 
series and one ends up with a matrix eigenvalue 
problem with finite dimensions when the matrices are 
truncated. A numerical solution of this problem 
provides a set of orthogonal modes that can 
propagate in the structure with certain propagation 
constants. The relative weights of the modes are then 
determined by applying the electromagnetic bound- 
ary conditions at the planes z = 0 and z = Hto match 
the modal expansions inside the grating with the 


plane-wave (Rayleigh) expansions of the fields in the 
homogeneous materials on both sides of the grating. 
This matching procedure, which is numerically 
implemented by solving a set of simultaneous linear 
equations, yields the complex amplitudes of the 
electric and magnetic field components associated 
with the reflected and transmitted diffraction orders 
of the grating. 

Of main interest are the diffraction efficiencies, 7,, 
(Or Nn for biperiodic gratings) of the orders, which 
tell the distribution of energy between different 
propagating orders. In electromagnetic theory the 
diffraction efficiency is defined as the z-component of 
the time-averaged Poynting vector associated with the 
particular order, divided by that of the incident plane 
wave. 

Gratings with z-dependent surface profiles can be 
handled similarly if they are ‘sliced’ into a sufficient 
number of layers, in each of which the grating is 
modeled as a binary structure. The electromagnetic 
boundary conditions are applied at each slice 
boundary and the approach models the real continu- 
ous structure with arbitrary degree of accuracy when 
the number of the slices is increased; in practice it is 
usually sufficient to use approximately 20-30 slices 
for sufficiently accurate modeling of any continuous 
grating profile by FMM. 

The main problem with rigorous techniques such 
as FMM is bad scaling. If, in the case of 1D 
modulated (or y-invariant) gratings, the period is 
increased by a factor of two, the computation time 
required to solve the eigenvalue problem is increased 
by a factor of around eight. Thus we have a d° type 
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scaling law. The situation is much worse for bi- 
periodic gratings, for which the exponent is 
around six. Thus no foreseeable developments in 
computer technology will solve the problem, and 
approximate analysis methods have to be sought. 
A multitude of such methods are under active 
development, but in this context we discuss the 
simplest example only. 

If d>> A and the grating profile does not contain 
wavelength-scale features, one can describe the effects 
of a grating on the incident field merely by consider- 
ing it as a complex-amplitude-modulating object, 
which imposes a position-dependent phase shift and 
amplitude transmission (or reflection) coefficient 
on the incident field. This model is known as the 
thin-element approximation (TEA). 

At normal incidence the plane-wave expansion of 
any scalar field component U immediately behind the 
grating (at z = H) takes the form: 


UG = > Tis 





X exp[i2 mmx/d,, + ny/d,)] [4] 
where 
1 d, dy 
Tin ~~ aa, I, \ U(x, y, A) 


x exp[—i2a(mx/d, + ny/dy)|\dx dy [5] 


are the complex amplitudes of the transmitted 
diffraction orders. In TEA the field at z = H may be 
connected to the field at z = 0 (a unit-amplitude plane 
wave is assumed here) by optical path integration 
along a straight line though the modulated region of 
the grating: 


H 


U(x, y, H) = | exp) ia Ae, y, 2) Jee [6] 


0 


where f(x, y, Z) = n(x, y,Z) + ik(x, y, Z) is the complex 
refractive-index distribution in the region 0 < z < H. 
With TEA the diffraction efficiencies can be calcu- 
lated from a simple formula: 


tig = Wee [7] 


which, however, ignores Fresnel reflections. 
Equations [5]—[7] allow one to obtain closed-form 
expressions for the diffraction efficiencies 7,,,, in 
many grating geometries. For example, a y- 
invariant triangular profile with H = A/la, — ny! 
gives n_,; = 100% if nm, = my, m =m, and 6=0. 
For a Q-level stair-step-quantized version of this 


grating we obtain: 


Nm = sin c7(1/O) [8] 


where sin cx = sin(7x)/(mx). It should be noted, 
however, that these results are valid only for gratings 
with d>>A, even if they are corrected by Fresnel 
transmission losses at the interface between the two 
media. 


Fabrication of Gratings 


Gratings can be manufactured in a number of 
different ways, perhaps the simplest being to plot an 
equidistant array of straight black and white lines and 
to reduce the scale of the pattern photographically. 
This method can be readily adapted to the generation 
of more complex grating structures and diffractive 
elements, but it is not suitable for the production of 
high-quality gratings required in, for example, 
spectroscopy. 

Ruling engines represent the traditional way of 
making gratings with periods of the order of the 
wavelength of light, especially for spectroscopic 
applications. These are machines equipped with a 
triangularly shaped diamond ruling edge and an 
interferometrically controlled two-dimensional 
mechanical translation stage that moves the sub- 
strate with respect to the ruling edge. Triangular- 
profile gratings of high quality can be produced 
with such machines, but the fabrication process is 
slow and the cost of the manufactured gratings is 
therefore high. In addition, even with real-time 
interferometric control of the ruling-edge position, 
it is impossible to avoid small local errors in the 
grating geometry. Such errors are particularly 
harmful if they are periodic since, according to 
the grating equation, these errors will generate 
spurious spectral lines known as ghosts. Such lines 
generated by the grating ‘super-period’ are weak 
but they may be confused with real spectral lines in 
the source spectrum. If the ruling errors are 
random, they result in ‘pedestal-type’ background 
noise. While such errors do not introduce ghosts, 
they nevertheless reduce the visibility of weak 
original spectral lines. 

The introduction of lasers in the early 1960s made 
it possible to form stable and high-contrast inter- 
ference patterns over a sufficient time-scale to allow 
the exposure of photographic films and other 
photosensitive materials such as polymeric photo- 
resists. This interferometric technique offers a direct 
method for the fabrication of large diffraction 
gratings without appreciable periodic errors. With 
this technique it is possible to make highly regular 
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gratings for spectroscopy, but it does not permit easy 
generation of arbitrarily shaped grating structures. 
The two intersecting plane waves can also be 
generated with a linear grating using diffraction 
orders m=+1 and m= -—1, suppressing the zero 
order by appropriate design of the grating profile and 
choosing the period in such a way that all higher 
transmitted orders are evanescent. This so-called 
phase mask technique is suitable, for example, for 
the exposure of Bragg gratings in fibers. 

To generate arbitrary gratings one usually employs 
lithographic techniques. Some of the possible pro- 
cesses are illustrated in Figure 4. The exposure can be 
performed with scanning photon, electron, or ion 
beams, etc. The process starts with substrate prep- 
aration, i.e., coating it with a beam-sensitive layer 
known as resist, and in the case of electron beam 
exposure with a thin conductive layer to prevent 
charging. Following the exposure the resist is devel- 
oped chemically, and in this process either the 
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exposed or nonexposed parts of the resist are 
dissolved (depending on whether the resist is of 
positive or negative type), leading to a surface-relief 
profile. Several alternative fabrication steps may 
follow the development, depending on the desired 
grating type. If a high-contrast resist is used, a slightly 
‘undercut’ profile as illustrated in Figure 4c is 
obtained. This can be coated with a metal layer and 
the resist can be ‘lifted off? chemically. Thus a binary 
metallic grating is formed. To produce a binary 
dielectric profile one bombards the substrate with 
ions either purely mechanically (ion beam milling) or 
with chemical assistance (reactive ion etching), and 
finally the residual metal is dissolved. 

Alternatively, the particle beam dose can be varied 
with position to obtain an analog profile in the resist 
after development. This resist profile can be trans- 
formed into the substrate by proportional etching, 
which leads to an analog dielectric surface-relief 
structure (see Figure 4f). This profile can be made 
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Figure 4 Lithographic processes for grating fabrication. (a) Substrate after preparation for electron beam exposure; (b) exposure by a 
scanning electron beam; (c) slightly undercut profile in hight-contrast resist after development, under metal film evaporation; (d) analog 
resist profile after variable-dose exposure and resist development; (e) finished binary metallic grating after resist lift-off; (f) transfer of the 
analog surface-relief profile into the substrate by proportional etching; (g) etching of a binary profile into the substrate with a metal mask; 


(h) growth of a metal film on an analog surface profile. 
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Figure 5 Spectral diffraction efficiency curves of spectroscopic gratings in TE polarization. (a) Binary; (b) sinusoidal; and (c) triangular 
reflection gratings illuminated at Bragg angle. Solid lines: d = Ag. Dashed lines: d = 2Ag. 
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Figure 6 A scanning electron micrograph of a part of a diffractive lens. 
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reflective by depositing a thin metal film on top of it. 
If large-scale fabrication of identical gratings is the 
goal, a thick (~100 wm) metal layer (for example 
nickel) can be grown on the surface by electroplating. 
After separation from the substrate, the electroplated 
metal film, which is a negative of the original profile, 
can be used as a stamp in replicating the original 
profile in plastics using methods such as hot emboss- 
ing, ultraviolet radiation curing, and injection 
molding. In particular, the latter method provides 
the key to high-volume and low-cost production 
of various types of diffraction gratings and 
other grating-based diffractive structures in the 
industrial scale. 


Some Grating Applications 


We now proceed to describe a collection of repre- 
sentative grating applications. More exhaustive 
coverage of grating applications can be found in the 
Further Reading section at the end of this article. 


Spectroscopic Gratings 


The purpose of a spectroscopic grating is to divide the 
incident light into a spectrum, i.e., to direct different 
frequency components of the incident beam into 
different directions given by the grating (eqn [1]). 
When the grating period is reduced, the angular 
dispersion 06,,/0A, and therefore the resolution of the 
spectrograph, increases. 

In the numerical examples presented in Figure 5 we 
assume a reflection grating in a Littrow mount, i.e., 
0f, = — 9. This mount is common in spectroscopy; it 
obviously requires that the grating is rotated when the 
spectrum is scanned. We see from eqn [1] that in the 
Littrow mount: 


_ , ma 
sin 06= Ia [9] 


By inserting this result back into eqn [1] and 
differentiating we obtain a quantitative measure for 
dispersion in the Littrow mount: 


00, = =m 
ar 2d cos 0 





[10] 


We consider TE polarization (electric field is 
linearly polarized in the y-direction) and order m = 
—1, optimize H to give maximum efficiency at 
Ag = 550 nm, and plot the diffraction efficiency n_1 
over the visible wavelength range for two values of 
the grating period, d= A) and d=2A,. Rigorous 
diffraction theory is used with nm; = ny = 1, and the 


metal is assumed to be aluminum (7, and my are 
complex-valued). 

In Figure 5a binary gratings with one groove (width 
d/2) per period is considered. Parametric optimiz- 
ation gives H = 422 nm if d= 1A, and H= 168 nm 
if d=2A. Figure 5b illustrates the results for 
sinusoidal gratings with H = 345 nm if d= 1A, and 


1.0 


Figure 7 Diffraction efficiency versus wavelength for triangular 
transmission gratings illuminated at normal incidence. Solid lines: 
TE polarization. Dashed lines: TM polarization. 
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Figure 8 Surface-relief profiles of (a) continuous and (b) binary 
1— 8 beamsplitter gratings. 
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H = 520nm if d= 22. Finally, triangular gratings 
with H=431nm if d=1A, and H=316nm if 
d = 2A, are considered. The triangular grating profile 
is seen to be the best choice in general. 


Diffractive Lenses 


Diffractive lenses are gratings with locally 
varying period and groove orientation. Figure 6 
illustrates the central part of a diffractive microlens 
fabricated by lithographic methods. It is seen to 
consist of concentric zones with radially decreasing 
width. 

The phase transmission function of an ideal 
diffractive focusing lens can be obtained by a simple 
optical path calculation, and is given by 


27 a T 4 
(1) No (f f | r°) Wag 


where [ is the focal length, r is the radial distance from 
the optical axis, and the approximate expression is 








[11] 
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Figure 9 Diffraction pattern produced by a continuous-profile 
beamsplitter grating when (a) d = 200A and (b) d = 502A. 


valid in the paraxial region r<f. Here Ag is the 
design wavelength, which determines the modulation 
depth of the locally blazed grating profile: 


a [12] 
n(Aog) — 1 
and (Ag) is the refractive index of the dielectric 
material at A = Apo. 
The zone boundaries r, are defined by the 
condition (r,,) = —2amn, and therefore we obtain 
from eqn [11]: 





ry = af 2nf dy + (A)? ~ f2nfto [13] 


Obviously, when the numerical aperture of the lens 
is large, the zone width in the outer regions of the 
lens is reduced to values of the order of A. Figure 7 
illustrates the local diffraction efficiency in different 
part of a diffractive lens: we use the order m= —1 
of a locally triangular diffraction grating of the 
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Figure 10 Diffraction pattern produced by a binary beamsplitter 
grating grating when (a) d = 200A and (b) d = 50A. 
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type shown in Figure 1c with 6= 0, assuming that 
ny =n, = 1.5 (fused silica) and n, = ny = 1. The 
efficiency 7_; is calculated as a function of A using 
rigorous diffraction theory for both TE and TM 
polarization (the electric vector points in the 
groove direction in the TE case and is perpendicu- 
lar to it in the TM case). It is seen that the local 
efficiency of the lens becomes poor in regions 
where the local grating period is small, and thus 
diffractive lenses operate best in the paraxial region 
(it is, however, possible to obtain improved non- 
paraxial performance by optimizing the local 
grating profile). 

A factor that limits the use of diffractive lenses with 
polychromatic light is their large chromatic aberra- 
tion: in the paraxial limit the focal length depends on 
the wavelength according to the formula: 


A 
fa) = > [14] 


However, since the dispersion of a grating has an 
opposite sign compared to the diffraction of a prism, a 
weak positive diffractive lens can be combined with 
a relatively strong positive refractive lens to form a 
single-element achromatic lens. Such a hybrid lens is 


EHT = 30.00 kV 
WD= 5mm 





substantially thinner and lighter than a conventional 
all-refractive achromatic lens made of crown and flint 
glasses. 


Beam Splitter Gratings 


Multiple beamsplitters, also known as array illumi- 
nators, are gratings with sophisticated periodic 
structure that are capable of transforming an incident 
plane wave into a set of diffraction orders with a 
specified distribution of diffraction efficiencies. Most 
often one wishes to obtain a one- or two-dimensional 
array of diffracted plane waves with equal efficiency. 
This goal can be achieved by appropriate design of 
the grating profile, which may be of binary, multi- 
level, or continuous form. 

illustrates binary and continuous grating 
profiles capable of dividing one incident plane wave 
into eight diffracted plane waves (central odd- 
numbered orders of the grating) with equal efficiency 
in view of TEA. F shows the distribution of 
energy among the different diffraction orders in and 
around the array produced by the continuous profile, 
evaluated by rigorous theory for two different grating 
periods, while Figu gives corresponding results 
for the binary grating. 


SignalA=SE2 Date : 28 Oct 1998 
Photo No.= 249 Time: 15:43 


Figure 11. Scanning electron micrograph of a sophisticated beamsplitter grating. 
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Figure 12 The far-field diffraction pattern produced by the grating in Figure 11. 


The fraction of incident energy that ends up in the 
desired eight orders is 72% for the binary grating and 
96% for the continuous grating according to TEA, 
making the latter more attractive from a theoretical 
viewpoint. However, the continuous profile is more 
difficult to fabricate accurately than the binary one, 
especially for small values of the ratio d/A. Moreover, 
the array uniformity produced by the continuous 
profile degrades faster than that of the binary profile 
when the period is reduced. 

An example of the structure of a biperiodic grating 
that is capable of forming a large, shaped array of 
diffraction orders with equal efficiency is presented in 
Figure 11. Figure 12 shows the far-field diffraction 
pattern produced by this element: the shape of 
Finland with the location of the town of Joensuu 
highlighted by placing the zero diffraction order on 
the appropriate position on the map (the apparent 
nonuniformity in the array is mostly due to the finite 
resolution of the CCD detector). 


Inductive Grid Filters 


As a final example we consider a scaled-down version 
of a device well known from the door of a microwave 
oven: one can see in through the holes pierced in the 
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Figure 13 Zero order spectral transmission (solid line) and 
reflection (dashed line) of an aluminium inductive grid filter with 
400 nm period. 


metallic screen in the oven door, but the microwaves 
are trapped inside because their wavelengths are large 
in comparison with the dimensions of the holes. 
Another example of these inductive grid filters is found 
in large radio telescope mirrors for centimeter-scale 
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wavelengths, which are wide-grid structures rather 
than smoothly curved metal surfaces. 

Figure 13 illustrates the spectral transmission 
and reflection curves of an inductive grid filter of 
the type illustrated in Figure 3b. We assume that 
d, =d,=d=400nm, c, =c, =c= 310nm, H= 
500nm, and that the grid is a self-supporting 
structure (7; = my = 1) made of aluminum. Only 
the zero reflected and transmitted orders propagate 
when A>d, but other orders (with rather low 
efficiency) appear for smaller wavelengths. We see 
that the filter reflects infrared radiation effectively, 
but transmits a substantial part of radiation at visible 
and shorter wavelength regions. 


List of Units and Nomenclature 


Complex field amplitude U 
Diffraction angles [rad] 0, 
Diffraction efficiency n 
Focal length [m] fh fo 
Grating period [m] d 
Grating thickness [m] H 
Number of quantization levels O 
Phase function [rad] dr) 
Refractive index n 
Wavelength [m] A, Ag 
Wave vector [m~‘] k 


See also 
Fiber Gratings. 
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Introduction 


Geometrical optics does a reasonable job of describ- 
ing the propagation of light in free space unless that 
light encounters an obstacle. Geometrical optics 
predicts that the obstacle would cast a sharp shadow. 
On one side of the shadow’s edge would be a bright 
uniform light distribution, due to the incident light, 
and on the other side there would be darkness. Close 
examination of an actual shadow edge reveals, 
however, dark fringes in the bright region and bright 
fringes in the dark region. This departure from the 
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predictions of geometrical optics was given the name 
diffraction by Grimaldi. 

There is no substantive difference between dif- 
fraction and interference. The separation between 
the two subjects is historical in origin and is retained 
for pedagogical reasons. Since diffraction and 
interference are actually the same physical process, 
we expect the observation of diffraction to be a 
strong function of the coherence of the illumination. 
With incoherent sources, geometrical optics is 
usually all that is needed to predict the performance 
of an optical system and diffraction can be ignored 
except at dimensions on the scale of a wavelength. 
With light sources having a large degree of spatial 
coherence, it is impossible to neglect diffraction in 
any analysis. 





coax connector 
configured LNB. 
Terminate one 
connector with a 
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™ Explore the fundamental principle of 
energy emission as a function of tempera- 
ture by detecting the relative differences 
between the temperatures of emitting 
bodies. 

™Detect satellites parked along the Clarke 
Belt in geosynchronous orbit and illustrate 
how crowded space has become. 


Decimal values of capacitance 
are in microfarads (uF); others 
are in picofarads (pF); 
Resistances are in ohms; 
k=1,000, M=1,000,000. 





Figure 5 — CM satellite signal strength meter. 


™Detect the Earth’s rotation around the Sun 
and the Earth’s spin on its axis by compar- 
ing daily drift scans of the horizon. 


Antenna Subsystem 


The basic RT system is based on the “Ttty- 
Bitty” design that is described in two Web 
pages.!* The TV dish is an offset 18 inch 
dish that has down converter(s) mounted at 
the focal point of the dish. The down con- 
verter is called a low noise block (LNB). The 
LNB is a preamplifier/down converter that 
converts the satellite signals from around 
12 GHz down to around 2.4 GHz. Most 
modern dishes have two or more LNBs to 
access more than one TV satellite at a time 
without changing the pointing of the dish 


'Notes appear on page 45. 
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Figure 6 — SkyPipe screen showing 
antenna response. 


(Figure 2). The LNBs are mounted to share 
the focal point of the dish. Since only one 
LNB is required for the RT, I made a minor 
adjustment to the published Itty-Bitty design 
to position the single LNB at the dish focal 
point. Mounting the single LNB at the focal 
point really helps in pointing the antenna. 

I used the existing LNB housing and 
mounting bracket as a template to determine 
the distance between the edge of the mount- 
ing arm to the mounting hole of the LNB. 
I then used a piece of plastic to fabricate a 
new mounting bracket for the LNB as shown 
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Figure 7 — RT Interface circuit diagram. 
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Even though diffraction produced by most com- 
mon light sources and objects is a small effect, it is 
possible to observe diffraction without special equip- 
ment. By viewing a light source through a slit formed 
by two fingers that are nearly touching, fringes can be 
observed. Diffraction is used by photographers and 
television cameramen to provide artistic highlights in 
an image containing small light sources. They 
accomplish this by placing a screen in front of the 
camera lens. Light from point sources in the field of 
view is diffracted by the screen and produces ‘stars’ in 
the image. A third place where diffraction effects are 
easily observed is when a mercury or sodium street- 
light, a few hundred meters away, is viewed through a 
sheer curtain. 

Fresnel originally developed an approximate 
scalar theory based on Huygens’ principle which 
states that: 


Each point on a wavefront can be treated as a source of 
a spherical wavelet called a secondary wavelet or a 
Huygens’ wavelet. The envelope of these wavelets, at 
some later time, is constructed by finding the tangent to 
the wavelets. The envelope is assumed to be the new 
position of the wavefront. 


Rather than simply using the wavelets to construct 
an envelope, Fresnel’s scalar theory assumes that the 
Huygens’ wavelets interfere to produce a new 
wavefront (see Diffraction: Fresnel Diffraction). 

A rigorous diffraction theory is based on Max- 
well’s equations and uses the boundary conditions 
associated with the obstacle to calculate a field 
scattered by the obstacle. The origins of this 
scattered field are currents induced in the obstacle 
by the incident field. The scattered field is allowed to 
interfere with the incident field to produce a 
resultant diffracted field. The application of the 
rigorous theory is very difficult and for most 
problems an approximate scalar theory developed 
by Kirchhoff and Sommerfeld is used. 


Kirchhoff Theory of Diffraction 


Kirchhoff’s theory was based on the elastic theory of 
light but can be reformulated into a vector theory. 
Here we will limit our discussion to the scalar 
formulation. Given an incident wave, ~, we wish 
to calculate the optical wave at point Po, in 
Figure 1, located at 1, in terms of the wave’s 
value on a surface, S, that we construct about the 
observation point. 

To obtain a solution to the wave equation at the 
point, Po, we select as a Green’s function the one 
proposed by Kirchhoff (Box 1), a unit amplitude 





Figure 1 
diffraction integral. Reprinted with permission from Guenther RD 
(1990) Modern Optics. New York: John Wiley & Sons. 


Region of integration for solution of Kirchhoff's 


spherical wave, expanding about the point at 19, 
denoted by V, and then apply Green’s theorem (see 
Box 2). We will run into boundary condition 
problems as we proceed with the derivation of the 
solution. Sommerfeld removed the problems by 
assuming a slightly more complex Green’s function 
(see Box 1). We will limit our discussion to the 
Kirchhoff Green’s function. 

Green’s theorem requires that there be no sources 
(singularities) inside the surface S but our Green’s 
function [1] is based on a source at rp. We eliminate 
the source by constructing a small spherical surface 
Se, of radius ¢, about 1, excluding the singularity at 
to from the volume of interest, shown in gray in 
Figure 1. The surface integration that must be 
performed in Green’s theorem is over the surface 
S=S +S. 

Within the volume enclosed by S', the Green’s 
function, VW, and the incident wave, 9, satisfy the 
scalar Helmholtz equation so that the volume integral 
can be written as 


J [Jorvre- eV P)dv=— J | fewer? — gWk*)dv 
Vv Vv 


[7] 


The right side of [7] is identically equal to zero. This 
fact allows us to use [6] to produce a simplified 
statement of Green’s theorem: 


Ip v) _ 
{f(wse Ca ds=0 [8] 
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Box 1 





Green’s Function 


1. Kirchhoff Green’s function: Assume that the wave, V, is due to a single point source at rg. At an 
observation point, r,, the Green’s function is given by 


eo kor 
Vr) = fi [1] 





where 791 = Iro;! = Ir; — ro! is the distance from the source of the Green’s function, at 1, to the 
observation position, at ry. 

2. Sommerfeld Green’s function: Assume that there are two point sources, one at Po and one at Po 
(see Figure 2 where the source, Po, is positioned to be the mirror image of the source at Po on the 
opposite side of the screen, thus 


! wk ad 
Yor = Yor cos(fi, f91) = —cos(N, £91) [2] 


A Green’s function that could be used is 





[3a] 











Box 2 


Green’s Theorem 


To calculate the complex amplitude, E(r), of a wave at an observation point defined by the vector r, we 
need to use a mathematical relation known as Green’s Theorem. Green’s theorem states that, if p and V 
are two scalar functions that are well behaved, then 


ia (oVW-A — VV g-fi)ds = IJ (eV — PV g)dv [4] 
S Vv 
The vector identities 
yuie = yeaa 2? [5] 
on on 


allow Green’s theorem to be written as 


{l= wis |es= | | | ory — wei [6] 
S Vv 


This equation is the prime foundation of scalar diffraction theory but only the proper choice of V, g and 
the surface, S, allows direct application to the diffraction problem. 
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Po 


Figure 2 Geometry for the Sommerfeld Green’s function. 
Reprinted with permission from Guenther RD (1990) Modern 
Optics. New York: John Wiley & Sons. 


Because the integral over the combined surfaces, S 
and S,, is equal to zero, the integral over the surface S$ 
must equal the negative of the integral over the 


[reat o= flo 


To perform the surface integrals, we must evaluate 
the Green’s function on the surface, S’. We therefore 
select r, the vector defining the observation point, 
to be on either of the two surfaces that make up 9S’. 
The derivative, 0V/d7, to be evaluated is 





ot as [9] 


av aw or 
an or an 


eT ikto1 e ik tor 
ik 5 
Yo1 01 


where cos(fi,r9;) is the cosine of the angle between 
the outward normal fi and the vector 191, the 
vector between points Py and P;. (Note from 
Figure 1 that the outward normal on S, is inward, 
toward Po, while the normal on S is outward, 
away from Po.) 

For example if r; were on S,, then 








Jeosinsy [10] 





cos(n,ro,) = —1, [11] 
—ike 
oer) =|. ! it |® [12] 
on E E 


where e is the radius of the small sphere we 
constructed around the point at Po. 


We now use [10] to rewrite the two integrals in [9]. 
The integral over the surface S, is 


[Io 








x e* sin 0dodd [13] 
while the integral over the surface S is 
—ik-ro, ~ik-ro, 
ie "e go (: ) |p sin aoa 
on TO1 
[14] 


The omitted volume contained within the surface S, 
is allowed to shrink to zero by taking the limit as 
é— 0. Equation [14] will not be affected by taking 
the limit. The first and last terms of the right side 
of [13] go to zero as e—0 because they contain 
se ‘**| The second term in [13] contains e ‘*¢ 
which goes to 1 as e— 0. Therefore, in the limit as 
e— 0, [9] becomes 


—ik-ro, a a —ik-ro, 
Pt) = | alee oe —O (: ) |e 
n TO1 


[15] 








which is sometimes called the integral theorem of 
Kirchhoff. By carefully selecting the surface of 
integration in [15], we can calculate the diffraction 
field observed at Pg produced by an aperture in an 
infinite opaque screen. 

Assume that a source at P2 in Figure 3 produces 
a spherical wave that is incident on an infinite, 
opaque screen from the left. To find the field at Po in 
Figure 3, we apply [15] to the surface S; + S, + 3, 
where S, is a plane surface adjacent to the screen, > is 
that portion of S; in the aperture and S> is a large 
spherical surface, of radius R, centered on Po, see 
Figure 3. The first question to address is how to 
calculate the contribution from S) or better yet 
how do we show we can ignore contributions from 
S». As R increases, VW and @ will decrease as 1/R. 
However, the area of integration increases as R* so 
the 1/R fall-off is not a sufficient reason for neglecting 
the contribution of the integration over Sp. 

On the surface $5, the Green’s function and its 
derivative are 





[16] 


DIFFRACTION / Fraunhofer Diffraction 243 








Figure 3 


6 = coef rl 
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Integration surface for diffraction calculation. Pz is the source and P, is the point where the field is to be calculated. Reprinted 


with permission from Guenther RD (1990) Modern Optics. New York: John Wiley & Sons. 





4 —ikR 
=) ik r)é ~ —ikW 


17 
an R A 
where the approximate equality is for large R. Thus, 
the integral over S> for large R is 


= J v( 2 + ike) R° sin 0d@d¢ [18] 
So 


The quantity RW = e~"*® is finite as R > © so for the 


integral to vanish, we must have 
0 


+ ike) =0 


a [19] 


lim R( 
R100 
This requirement is called the Sommerfeld radiation 
condition and is satisfied if e— 0 as fast as 1/R (for 
example, a spherical wave). Since the illumination of 
the screen will be a spherical wave, or at least a linear 
combination of spherical waves, we should expect the 
integral over Sy to make no contribution (it is exactly 
zero). 

Another way to insure that surface S$, makes no 
contribution is to assume that the light turns on at 
time fp. At a later time, t, when we desire to know the 
field at Po, the radius of Sy is R > ¢ (t — to) which 
physically means that the light has not had time to 


reach S>. In this situation, there can be no contri- 
bution from $3. This is not a perfect solution because 
when the wave is of finite duration it can no longer be 
considered monochromatic. 

We should expect the major contribution in the 
integral over S; to come from the portion of the 
surface in the aperture, {. We make the following 
assumptions about the incident wave, ¢ (these 
assumptions are known as St. Venaut’s hypothesis 
or Kirchhoff’s boundary conditions) 


1. We assume that, in the aperture, g and 0g/dn have 
the values they would have if the screen were not 
in place. 

2. On the portion of S; not in the aperture, g and 
dg/dn are identically zero. 


The Kirchhoff boundary conditions allow the 
screen to be neglected, reducing the problem to an 
integration only over the aperture. It is surprising that 
the assumptions about the contribution of the surface 
S» and the screen yield very accurate results (as long 
as polarization is not important, the aperture is large 
with respect to the wavelength, and we don’t get too 
close to the aperture). 

Mathematically the Kirchhoff boundary conditions 
are incorrect. The two Kirchhoff boundary conditions 
imply that the field is zero everywhere behind the 
screen, except in the aperture, which makes WV and 
d/dn discontinuous on the boundary of the aperture. 
Another problem with the boundary conditions is 
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that V and 0W/dn are known only if the problem has 
already been solved. 

The Sommerfeld Green’s functions will remove the 
inconsistencies of the Kirchhoff theory. If we use the 
Green’s function [3a] then WV vanishes in the aperture 
while dW/dn can assume the value required by 
Kirchhoff’s boundary conditions. If we use the 
Green’s functions [3b] then the converse holds, i.e. 
dW/dn is zero in the aperture. This improved Green’s 
function makes the problem harder with little gain in 
accuracy so we will retain the Kirchhoff formalism. 

As a result of the above discussion, the surface 
integral [15] is only performed over the surface, >, in 
the aperture. The evaluation of the Green’s function 
on this surface can be simplified by noting that 
normally 79; > A, i.e., k > 1/79,, thus on &, 


WV 1 —ik-ro, 
= cos(n, ron —ik - | 





on r r 
01 01 [20] 


—ik-ro, 
= —ik cos(f, 191) 





YO1 


Substituting this approximate evaluation of the 
derivative into [15] yields 


( ) _ 1 {J eo kro | dQ 
0 Aq ‘01 on 
> 





ik cos(A, ron) fas 


[21] 


The source of the incident wave is a point source 
located at P:, with a position vector, m, measured 
with respect to the coordinate system and a distance 
lm ;| away from P,, a point in the aperture 
(see Figure 3). The incident wave is therefore 
a spherical wave of the form 


e7 ik-ry, 


(121) =A [22] 





121 


which fills the aperture. Here also we will assume that 
71 >> A so that the derivative of the incident wave 
assumes the same form as [20]. Then [21] can be 
written 


iA e7 tk-@21tro1) 
(ro) = IJ 
A é 121% 01 


x| cos(f, £91) : cos(fi, r71) |e 








[23] 


This relationship is called the Fresnel—Kirchhoff 
diffraction formula. It is symmetric with respect to 
fo, and r2,, making the problem identical when the 
source and measurement point are interchanged. 


A physical understanding of [23] can be obtained if 
it is rewritten as 


—ik-r91 
: ds [24] 





(to) = i} P(r21) 
DY 
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The field at Po is due to the sum of an infinite number 
of secondary Huygens sources in the aperture >. 
The secondary sources are point sources radiating 
spherical waves of the form 


e ik-r9; 


P(r) 





[25] 
TO1 


with amplitude (r,,), defined by 


é —ik-ry, a _ x 
1 e cos(n, fp) — cos(n, r>1) 
P(r) = ‘a | 2 





121 2 
[26] 


The imaginary constant, i, causes the wavelets from 
each of these secondary sources to be phase shifted 
with respect to the incident wave. The obliquity 
factor, in the amplitude [26] 

3 [cos(fi, t91) — cos(fi, r21)] [27] 
causes the secondary sources to have a forward 
directed radiation pattern. 

If we had used the Sommerfeld Green’s function, 
the only modification to our result would be a change 
in the obliquity factor to cos(n,ro1). In our discussions 
below we will assume that the angles are all small, 
allowing the obliquity factor to be replaced by 1 so 
that in the remaining discussion the choice of Green’s 
function has no impact. 

We will assume the source of light is at infinity, 
Z, = 0 in Figure 3, so that the aperture is illuminated 
by a plane wave, traveling parallel to the z-axis. With 
this assumption 

6' = cos(n,r,) ~ —1 [28] 

We will also make the paraxial approximation which 

assumes that the viewing position is close to the 
z-axis, leading to 

6 = cos(n,fo1) ~ 1 [29] 

With these assumptions eqn [24] becomes identical 
to the Huygens—Fresnel integral discussed in the 
section on Fresnel diffraction: 


- ; Pa: a: 
Ero) = xi, =. IkR qs [30] 
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The modern interpretation of the Fresnel—Kirch- 
hoff (or now in the small-angle approximation, the 
Fresnel—Huygens) integral is to view it as a convolu- 
tion integral. By considering free space to be a linear 
system, the result of propagation can be calculated by 
convolving the incident (input) wave with the impulse 
response of free space (our Green’s function), 

i e ikR 
AR 





[31] 


The job of calculating diffraction has only begun 
with the derivation of the Fresnel—Kirchhoff 
integral. In general, an analytic expression for the 
integral cannot be found because of the difficulty of 
performing the integration over R. There are two 
approximations that will allow us to obtain analytic 
expressions of the Fresnel—-Kirchhoff integral. In both 
approximations, all dimensions are assumed to be 
large with respect to the wavelength. In one 
approximation, the viewing position is assumed to 
be far from the obstruction; the resulting diffraction is 
called Fraunhofer diffraction and will be discussed 
here. The second approximation, which leads to 
Fresnel diffraction, assumes that the observation 
point is nearer the obstruction, to be quantified 
below. This approximation, which is the more 
difficult mathematically, is discussed in the article 
on Diffraction: Fresnel Diffraction. 


Fraunhofer Approximation 


In Fraunhofer diffraction, we require that the source 
of light and the observation point, Po, be far from 
the aperture so that the incident and diffracted wave 


can be approximated by plane waves. A conse- 
quence of this requirement is that the entire 
waveform passing through the aperture contributes 
to the observed diffraction. 

The geometry to be used in this derivation is 
shown in Figure 4. The wave incident normal to the 
aperture, >, is a plane wave and the objective of the 
calculation is to find the departure of the trans- 
mitted wave from its geometrical optical path. The 
calculation will provide the light distribution, 
transmitted by the aperture, as a function of the 
angle the light is deflected from the incident 
direction. We assume that diffraction makes only a 
small perturbation on the predictions of geometri- 
cal optics. The deflection angles encountered in this 
derivation are, therefore, small, as assumed above, 
and we will be able to use the paraxial 
approximation. 

The distance from a point P, in the aperture, to the 
observation point Po, of Figure 4, is 





R=(-é+(y—n +2 [32] 
From Figure 4 we see Rg is the distance from the 


center of the screen to the observation point, Po, 





R= 47427 [33] 
The difference between these two vectors is 
R3— R?=(Ro — R\(Rot+R) 
ee eo ee 2 2 
=&4+742°-Z x” — 2x€4 
E+ ( E+&) 134] 


—(9° —2yn+1°) 
=2(xE+yn)— (x? +y°) 





Figure 4 Geometry for Fraunhofer diffraction. Reprinted with permission from Guenther RD (1990) Modern Optics. New York: 


John Wiley & Sons. 
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The equation for the position of point P in the 
aperture can be written in terms of [34]: 








Rj —R* 
T Ro—-R Roi’ 
ft 
a \ De gee 
[2(xé+yn) — (x tYIIR TR [35] 


The reciprocal of (Rj +R) can be written as 


-1 
1 1 1 R=R 
= = 14 [36] 
RoR. ZRy-RHERy. 2G 





Now using [36] 














_| xétyn x+y" fr, 7} 
Ro IR, 2Ry 
If the diffraction integral [30] is to have a finite 
(nonzero) value, then 


This requirement insures that all the Huygens’s 
wavelets, produced over the aperture from the center 
out to the position 7, will have similar phases and 
will interfere to produce a nonzero amplitude at Po. 
This requirement results in 


[39] 


From this equation we are tempted to state that the 
aperture dimension must be small relative to the 
observation distance. However, for the exponent to 
provide a finite contribution in the integral, it is kr 
that is small, not the aperture dimension, r. 

Using the approximation for (Rp — R), we obtain 
the diffraction integral 


: —ik-Ro pf x€tyn x+y" 
AE | [fo werit Ro 2Ro ) dx dy 


E — 
a ARo 
> 


[40] 


The change in the amplitude of the wave due to the 
change in R, as we move across the aperture, is 
neglected, allowing R in the denominator of the 
Huygens—Fresnel integral to be replaced by Ro and 
moved outside of the integral. We have introduced the 
complex transmission function, f(x, y), of the aper- 
ture to allow a very general aperture to be treated. 


If the aperture function described the variation in 

absorption of the aperture as a function of position, 

as would be produced by a photographic negative, 

then f(x, y) would be a real function. If the aperture 

function described the variation in transmission of a 

biological sample, it might be entirely imaginary. 
The argument of the exponent in [40] is 


p( éton x+y" 
Ro IR 








= ina AMMA [41] 


xr 4 y 
ARo 


2ARo 


If the observation point, Po, is far from the screen, we 
can neglect the second term and treat the phase 
variation across the aperture as a linear function of 
position. This is equivalent to assuming that the 
diffracted wave is a collection of plane waves. 
Mathematically, the second term in [41] can be 
neglected if 


x? + 4° 


<1 
2ARg 





[42] 


This is called the far-field approximation and the 
theory yields Fraunhofer diffraction. If the quadratic 
term of [41] is on the order of 277 then the fraction is 


x* +7 
2ARy 
and we must retain the quadratic term and the theory 
yields Fresnel diffraction. 


We define spatial frequencies in the x and y 
direction by 





~ O(1) [43] 








ot ie ame 
a= == 
a % ARo 
[44] 
27. 27 
Oe ce eRe ye 


We define the spatial frequencies with a negative sign 
to allow equations involving spatial frequencies to 
have the same form as those involving temporal 
frequencies. The negative sign is required because wt 
and k-r appear in the phase of the wave with opposite 
signs and we want the Fourier transform in space and 
in time to have the same form. 

With the variables defined in [44], the integral 
becomes 
ia ek Ro 


Ep(@x, Wy) = “SR. 


| | fe ye Koxxtoyy) dx dy 
= 


[45] 
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The result of our derivation is that the Fraunhofer 
diffraction field, Ep, can be calculated by performing 
the two-dimensional Fourier transform of the aper- 
ture’s transmission function. 


Definition of Fourier Transform 


In this discussion the function F(w) is defined as the 
Fourier transform of f(t): 


Fif@} = Fw) =| fine dr 146) 


The transformation from a temporal to a frequency 
representation given by [46] does not destroy 
information; thus, the inverse transform can also be 


defined 


F '{F(w)} = {® = xl. Fae dw [47] 
277 J —c 


By assuming that the illumination of an aperture 
is a plane wave and that the observation position is 
in the far field, the diffraction of an aperture is 
found to be given by the Fourier transform of 
the function describing the amplitude transmission 
of the aperture. The amplitude transmission of 
the aperture, f(x, y), may thus be interpreted as the 
superposition of mutually coherent plane waves. 


Diffraction by a Rectangular Aperture 


We will now use Fourier transform theory to calculate 
the Fraunhofer diffraction pattern from a rectangular 
slit and point out the reciprocal relationship between 
the size of the diffraction pattern and the size of the 
aperture. 

Consider a rectangular aperture with a trans- 
mission function given by 


f(x,y) = : 
x,y) = ‘ 


Because the aperture is two-dimensional, we need to 
apply a two-dimensional Fourier transform but it is 
not difficult because the amplitude transmission 
function is separable, in x and y. The diffraction 
amplitude distribution from the rectangular slit is 
simply one-dimensional transforms carried out 
individually for the x and y dimensions: 


Ixl = xo, lyl Ss 
0>!¥! = Yo [48] 
all other x and y 


ia 


E —- 
Ea p 


F x0 ‘ Yo 5 
| f(xe ie dx f(ye'” dy 
~X0 ~Y¥o 
[49] 


Since both f(x) and f(y) are defined as symmetric 
functions, we need only calculate the cosine trans- 
forms to obtain the diffracted field: 

To calculate the Fourier transform defined by [46] 
we can rewrite the transform as 


Fw) = [ fir}cos wr dri | f(psin wordt [50] 
If f(7 is a real, even function then the Fourier 


transform can be obtained by simply calculating the 
cosine transform: 


[- f(Dcos wr dt [51] 
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The intensity distribution of the Fraunhofer diffrac- 
tion produced by the rectangular aperture is 


sin? w,xy SiN? wy Vo 


Ip=I 
PT exo)? (wy) 





[S3] 


The maximum intensities in the x and y directions 
occur at 


O,.X9 = Wyo =0 [54] 


The area of this rectangular aperture is defined 
as A=4xoyo, resulting in an expression for the 
maximum intensity of 


2 
n= 14x0Voa e ik Ro _ A’ ae 
_ ARo MRE 





[SS] 


The minima of [53] occur when o,x9 = m7 or when 
wyyo = mT. The location of the zeros can be specified 
as a dimension in the observation plane or, using the 
paraxial approximation, in terms of the angle defined 
by [44] 


’ é nr 

sin 0, ~ 0, = — = —— 

a a Ro 2x9 
[S6] 

: 7. 27 _ ma 

aT en = g, 


The dimensions of the diffraction pattern are charac- 
terized by the location of the first zero, i.e., when 
n= m= 1, and are given by the observation plane 
coordinates, and 1. The dimensions of the diffraction 
pattern are inversely proportional to the dimensions of 
the aperture. As the aperture dimension expands, the 
width of the diffraction pattern decreases until, in the 
limit of an infinitely wide aperture, the diffraction 
pattern becomes a delta function. 
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Figure 5 The amplitude of the wave diffracted by a rectangular slit. This sinc function describes the light wave’s amplitude that would 
exist in both the x and y directions. The coordinate would have to be scaled by the dimension of the slit. Reprinted with permission from 


Guenther RD (1990) Modern Optics. New York: John Wiley & Sons. 


Figure 5 is a theoretical plot of the amplitude of the 
diffraction wave from a rectangular slit. 


Diffraction from a Circular Aperture 


To obtain the diffraction pattern from a circular 
aperture we first convert from the rectangular 
coordinate system we have used to a cylindrical 
coordinate system. The new cylindrical geometry is 
shown in Figure 6. At the aperture plane 


x = S-COS ~ y=s-sin 157] 
f(x, y) = f(s, g) dx dy = s ds do 
At the observation plane 
€= pcos 0 n= psin 0 [58] 


In the new, cylindrical, coordinate system at the 
observation plane, the spatial frequencies are written 
as 


_ _kE __ kp 4 
Oo, = 2 Ro 

[59] 
__kn__ kp. 


Wy Ro = Ro sin 0 


From Figure 6 we see that the observation point, P, 
can be defined in terms of the angle w, where 


sin y= ne [60] 


Ro 


This allows an angular representation of the size of 
the diffraction pattern if it is desired. 
Using [57] and [59], we may write 


k . : 
WX + Wyy = — Re (0s Ocos g+ sin @sin ¢), 
0 


= PP xg ~) [61] 


Ro 


The Huygens-—Fresnel integral for Fraunhofer diffrac- 
tion can now be written in terms of cylindrical 
coordinates: 


ap. (2 (27 —ik 5” cos(@— 
: = J f(s, ge Ro" 5 ds dy 
0 0 


[62] 


7 1a 


Ee ARG 


We will use this equation to calculate the diffrac- 
tion amplitude from a clear aperture of diameter a, 
defined by the equation 


1 ss 4,allo 
f(s, 9) = | -_ [63] 
0 s> 4 
The symmetry of this problem is such that 
f(s, 9) = f(s)g(¢) = f(s) [64] 
Fif(s, D} = Flf(S)} = F(p) [65] 
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Figure 6 Geometry for calculation of Fraunhofer diffraction from a circular aperture. Reprinted with permission from Guenther RD 


(1990) Modern Optics. New York: John Wiley & Sons. 
lo) 297 
Fp.6) =| fisisds| “ewe de [66] 
0 0 
0° 27 . 
F(p) = if f(s) s ds I, e PSS? do [67] 
The second integral in [67] belongs to a class of 


functions called the Bessel function defined by the 
integral 


tn aes 
Insp) = 5-[ el e"ldg 1683 
27 Jo 
In [67] the integral corresponds to the n = 0, zero- 
order, Bessel function. Using this definition, we can 
rewrite [67] as 
Fe) = |_ fls)Jo(seis ds [69] 
This transform is called the Fourier—Bessel transform 
or the Hankel zero-order transform. 
Using these definitions, the transform of the 
aperture function, f(s), is 


is 


F(p) = : Jo(sp)s ds [70] 
We use the identity 
xJuta) = | xJoo dx [71] 
to obtain 
Fo = = 1($) (721 


We can now write the amplitude of the diffracted 


Wave aS 
By = 1% enikRo a kap 
a as kp*'\ 2Ry 


A plot of the function contained within the bracket of 
[73] is given in Figure 7. If we define 


[73] 


_ ap 


= 74 
u OR, [74] 


then the spatial distribution of intensity in the 
diffraction pattern can be written in a form known 
as the Airy formula, 


2 
raf 


where we have defined 


[75] 


[76] 


with A representing the area of the aperture, 
A= (4). 

The intensity pattern described by [75] is called the 
Airy pattern. The intensity at u = 0 is the same as was 
obtained for a rectangular aperture of the same area, 
because, in the limit, 


lim | =1 
u 


u—0 


[77] 


For the Airy pattern, 84% of the total area is 
contained in the disk between the first zeros of [75]. 
Those zeros occur at u = £1.22, which corresponds 
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Figure 8 — RT Interface block diagram. 


in Figure 3. The dimensions are not super 
critical, but careful placement certainly will 
improve the RT performance. 

Some LNBs have two coax connec- 
tors. Only one will be used in the RT 
(Figure 4). It is a good idea to terminate the 
extra coax connector with a 75 QO dummy 
load plug to balance the load on the LNB. 
The dummy loads for F type TV coax con- 
nectors are readily available from electronic 
parts retailers. 

Note that the dish is mounted upside 
down. Though this orientation is not ideal 
for receiving satellite signals, this arrange- 
ment helps with pointing the dish in its radio 
telescope role. 


Satellite Detector 

The detector used in this project is the 
Channel Master (CM) satellite signal level 
meter model 1004IFD (Figure 5).? The CM 
is connected to the LNB. Power is supplied 
to the LNB through the coax connection 
from the CM. The CM detects the signal 
coming from the LNB and gives a meter 
indication of the signal strength and also 
varies the frequency of an audio tone to 
help technicians point the dish at the desired 
satellite. As you move the dish through the 
beam coming from the satellite, the meter 
indication will increase and then decrease 
coincident with the pitch of the audio tone. 

The Itty-Bitty plans detail how to connect 
power to the CM and in turn connect power 
to the LNB (this power connection is han- 
dled by the interface in this project). Though 
somewhat effective, the CM meter and 
variable frequency tone indications provide 
limited utility in detecting changes in signal 
strengths required for radio astronomy. 


Display 

To really study the signals received by 
the RT, you will need to see them displayed 
graphically on a strip chart. There is an 
excellent software package called Radio- 


Computer Sound Card 
and Radio SkyPipe 


CM1004 
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Meter 


12F675 DS1867 


9-bit ADC 9-bit Digital Pot 





SkyPipe that is posted on radio astronomy 
Web sites.* The free version of this software 
is a good place to start. SkyPipe uses the 
computer sound card to measure the incom- 
ing signal strength and graphically displays 
the signal strength as a function of time. 
Figure 6 is illustrative of a signals detected 
by the RT. SkyPipe is very easy to use but 
some study of the HELP files will make it 
easier for you to fully tap into the capabili- 
ties of this software. 

SkyPipe requires audio signals to be fed 
into the sound card MICROPHONE jack. The 
output of the CM detector is either an ana- 
log meter reading or a frequency modulated 
(constant amplitude) tone that is not really 
compatible with SkyPipe. An interface is 
required. 


Interface 

What is required to make the CM output 
work with SkyPipe and a sound card is to con- 
vert the signal level into an amplitude varying 
audio tone. The interface designed to do this 
is shown in Figure 7 and as a block diagram 
in Figure 8. Refer to the block diagram during 
the description of the interface function. 

The unity-gain op-amp is used as a buf- 
fer between the CM meter driver circuit 
and the analog meter. The other op-amp is 
used as a voltage multiplier to scale the CM 
meter driver output voltage to match the 
5 V reference voltage of the following analog 





Figure 10 — CM with interface board. 





eS 


Figure 9 — Power and ground connection 
to CM board. 








to digital converter (ADC). The variable resis- 
tor in this voltage multiplier circuit is used 
to calibrate the CM to SkyPipe. The voltage 
from the multiplier is fed to a programmable 
interface controller (PIC) that is programmed 
as a 9-bit ADC to covert the analog voltage 
that is a function of received signal strength 
to a 9-bit digital word that is used to control 
a digitally controlled variable resistor. The 
interface includes a simple Twin-T audio 
oscillator circuit that provides a tone of 
approximately 800 Hz that is fed to the com- 
puter sound card. The amplitude of this audio 
oscillator is varied by the digital pot that is 
being controlled by the PIC. The result is the 
audio amplitude being varied in step with the 
signal strength detected by the CM. 

The circuit provides power to the CM and 
the LNB. A 12 V source in the CM is tapped 
through an RF choke and this is connected 
to the LNB coax connector inside the CM 
(Figure 9). The 12 V is also regulated to 5 V to 
provide power to the interface. Though prob- 
ably not required, there are two 5 V sources, 
one for the digital components of the interface, 
and the other for the analog components with 
one common ground point. This arrangement 
is used to isolate potential digital and analog 
noise sources within the circuit. 

The interface is built on a circuit 
board and mounted right 
inside the CM box 
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Figure 7 Amplitude of a wave diffracted by a circular aperture. The observed light distribution is constructed by rotating this Bessel 
function around the optical axis. Reprinted with permission from Guenther RD (1990) Modern Optics. New York: John Wiley & Sons. 


to a radius in the observation plane of 


__ 1.22(ARo) 
7 a 


[78] 


91% of the light intensity is contained within the 
circle bounded by the second minimum at 
u = 2.2337. The intensities in the secondary maxima 
of the diffraction pattern of a rectangular aperture 
[53] are much larger than the intensities in the 
secondary maxima of the Airy pattern of a circular 
aperture of equal area. The peak intensities, relative 
to the central maximum, of the first three secondary 
maxima of a rectangular aperture are 4.7%, 1.6%, 
and 0.8%, respectively. For a circular aperture, the 
same quantities are 1.7%, 0.04%, and 0.02%, 
respectively. 


Array Theorem 


There is an elegant mathematical technique for 
handling diffraction from multiple apertures, called 
the array theorem. The theorem is based on the fact 
that Fraunhofer diffraction is given by the Fourier 
transform of the aperture function and utilizes the 
convolution integral. 

The convolution of the functions a(t) and b(¢) is 


defined as 
g(t) = a(t) ® b(t) = [- a(t)b(r — t) dt [79] 


The Fourier transform of a convolution of two 
functions is the product of the Fourier transforms of 





Figure 8 The convolution of an aperture with an array of delta 
functions will produce an array of identical apertures, each located 
at the position of one of the delta functions. Reprinted with 
permission from Guenther RD (1990) Modern Optics. New York: 
John Wiley & Sons. 


the individual functions: 


foe) 


Flan ou}=F} | a(nb(r— t)dtk = A(w)B(o) 


[80] 


We will demonstrate the array theorem for one 
dimension, where the functions represent slit 
apertures. The results can be extended to two 
dimensions in a straightforward way. 

Assume that we have a collection of identical 
apertures, shown on the right of Figure 8. If one of the 
apertures is located at the origin of the aperture plane, 
its transmission function is yx). The transmission 
function of an aperture located at a point, x,,, can be 
written in terms of a generalized aperture function, 
yx — a), by the use of the sifting property of the delta 
function 





ox xn) = | ox aa—x,)de [81] 


The aperture transmission function representing 
an array of apertures will be the sum of the 
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distributions of the individual apertures, represented 
graphically in Figure 8 and mathematically by the 
summation 


N 


Vx) = We — x) 


n=1 


[82] 


The Fraunhofer diffraction from this array is 
®(w,,), the Fourier transform of V(x), 


O(w,) = ii Wixje '°* dx [83] 


which can be rewritten as 
N (ore) : 
P(w,.) = >. | W(x — x,)e ‘°* dx [84] 
n=17°° 


We now make use of the fact that yx — x,,) can be 
expressed in terms of a convolution integral. The 
Fourier transform of yx — x,) is, from the convolu- 
tion theorem [80], the product of the Fourier trans- 
forms of the individual functions that make up the 
convolution: 


N 
Dox) = Yo F(Wx — a) F(a — xn)} 
n=1 


N 


= Fx - a} ¥ F(a — x,)] 


n=1 


N 
= Flux - oa > Ka- “| [85] 
n=1 


The first transform in [85] is the diffraction pattern 
of the generalized aperture function and the second 
transform is the diffraction pattern produced by a set 
of point sources with the same spatial distribution as 
the array of identical apertures. We will call this 
second transform the array function. 

To summarize, the array theorem states that the 
diffraction pattern of an array of similar apertures is 
given by the product of the diffraction pattern from a 
single aperture and the diffraction (or interference) 
pattern of an identically distributed array of point 
sources. 


N Rectangular Slits 


An array of N identical apertures is called a 
diffraction grating in optics. The Fraunhofer diffrac- 
tion patterns produced by such an array have two 
important properties; a number of very narrow beams 
are produced by the array and the beam positions are 
a function of the wavelength of illumination of the 


apertures and the relative phase of the waves radiated 
by each of the apertures. 

Because of these properties, arrays of diffracting 
apertures have been used in a number of applications. 


e At radio frequencies, arrays of dipole antennas 
are used to both radiate and receive signals in 
both radar and radio astronomy systems. 
One advantage offered by diffracting arrays at 
radio frequencies is that the beam produced by the 
array can be electrically steered by adjusting the 
relative phase of the individual dipoles. 

e An optical realization of a two-element array of 
radiators is Young’s two-slit experiment and a 
realization of a two-element array of receivers is 
Michelson’s stellar interferometer. Two optical 
implementations of arrays, containing more dif- 
fracting elements, are diffraction gratings and 
holograms. In nature, periodic arrays of diffracting 
elements are the origin of the colors observed on 
some invertebrates. 

e Many solids are naturally arranged in three- 
dimensional arrays of atoms or molecules that act 
as diffraction gratings when illuminated by X-ray 
wavelengths. The resulting Fraunhofer diffraction 
patterns are used to analyze the ordered structure 
of the solids. 


The array theorem can be used to calculate the 
diffraction pattern from N rectangular slits, each of 
width a and separation d. The aperture function of a 
single slit is equal to 


= 1 
Wx, y) = . 


The Fraunhofer diffraction pattern of this aperture 
has already been calculated and is given by [52]: 


Ixl= 4,lyl 
2 y Yo [86] 
all other x and y 


sin @ 








Flex, y)} = K [87] 
where the constant K and the variable a are 
ee i2ayoa e ik Ro sin @yVo 
ARo @yVo 
= ul in 6 [88] 
a= — sin 6, 


The array function is 


N 
A(x) = = &(x — x,) wherex, =(n-—1)d [89] 


n=1 
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and its Fourier transform is given by 





in N 
F(A} = 7 [90] 
B= 4 Sin 6, 


The Fraunhofer diffraction pattern’s intensity distri- 
bution in the x-direction is thus given by 





2 2Nn 
ec a 


shape factor grating factor 


We have combined the variation in intensity in the 
y-direction into the constant I) because we assume 
that the intensity variation in the x-direction will 
be measured at a constant value of y. 

A physical interpretation of [91] views the first 
factor as arising from the diffraction associated with 
a single slit; it is called the shape factor. The second 
factor arises from the interference between light 
from different slits; it is called the grating factor. 
The fine detail in the spatial light distribution of 
the diffraction pattern is described by the grating 
factor and arises from the coarse detail in the 
diffracting object. The coarse, overall light distri- 
bution in the diffraction pattern is described by the 
shape factor and arises from the fine detail in the 
diffracting object. 


Young’s Double Slit 


The array theorem makes the analysis of Young’s 
two-slit experiment a trivial exercise. This appli- 
cation of the array theorem will demonstrate that the 
interference between two slits arises naturally from 
an application of diffraction theory. The result of this 
analysis will support a previous assertion that 
interference describes the same physical process as 
diffraction and the division of the two subjects is an 
arbitrary one. 

The intensity of the diffraction pattern from two 
slits is obtained from [91] by setting N = 2: 


sin?a@ 





[92] 


Ig =I cos” B 


Ae 
The sinc function describes the energy distribution 
of the overall diffraction pattern, while the cosine 
function describes the energy distribution created by 
interference between the light waves from the 
two slits. Physically, a@ is a measure of the 
phase difference between points in one slit and B 
is a measure of the phase difference between 


similar points in the two slits. Zeros in the 
diffraction intensity occur whenever a=n7 or 
whenever B= 5(2n+1)z. Figure 9 shows the 
interference maxima, from the grating factor, 
under the central diffraction peak, described by 
the shape factor. The number of interference 
maxima contained under the central maximum is 
given by 


= 
a 


[93] 


In Figure 9 three different slit spacings are shown 
with the ratio d/a equal to 3, 6, and 9, 
respectively. 


The Diffraction Grating 


In this section we will use the array theorem to derive 
the diffraction intensity distribution of a large 
number of identical apertures. We will discover that 
the positions of the principal maxima are a function 
of the illuminating wavelength. This functional 
relationship has led to the application of a diffraction 
grating to wavelength measurements. 

The diffraction grating normally used for wave- 
length measurements is not a large number of 
diffracting apertures but rather a large number of 
reflecting grooves cut in a surface such as gold or 
aluminum. The theory to be derived also applies 
to these reflection gratings but a modification must 
be made to the theory. The shape of the grooves in the 
reflection grating can be used to control the fraction 
of light diffracted into a principal maximum and we 
will examine how to take this into account. A grating 
whose groove shape has been controlled to enhance 
the energy contained in a particular principal 
maximum is called a blazed grating. The use of 
special groove shapes is equivalent to the modifi- 
cation of the phase of individual elements of an 
antenna array at radio frequencies. 

The construction of a diffraction grating for use in 
an optical device for measuring wavelength was first 
suggested by David Rittenhouse, an American 
astronomer, in 1785, but the idea was ignored 
until Fraunhofer reinvented the concept in 1819. 
Fraunhofer’s first gratings were fine wires spaced by 
wrapping the wires in the threads of two parallel 
screws. He later made gratings by cutting (ruling) 
grooves in gold films deposited on the surface of glass. 
H.A. Rowland made a number of well designed ruling 
machines, which made possible the production of 
large-area gratings. Following a suggestion by Lord 
Rayleigh, Robert Williams Wood (1868-1955) 
developed the capability to control the shape of the 
individual grooves. 
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Figure 9 The number of interference fringes beneath the main diffraction peak of a Young’s two-slit experiment with rectangular 
apertures. Reprinted with permission from Guenther RD (1990) Modern Optics. New York: John Wiley & Sons. 


If N is allowed to assume values much larger than 
2, the appearance of the interference fringes, pre- 
dicted by the grating factor, changes from a simple 
sinusoidal variation to a set of narrow maxima, called 
principal maxima, surrounded by much smaller, 
secondary maxima. To calculate the diffraction 
pattern we must evaluate [91] when N is a large 
number. 

Whenever NB = maz, m=0,1,2,..., the numer- 
ator of the second factor in [91] will be zero, leading 
to an intensity that is zero, I, = 0. The denominator 
of the second factor in [91] is zero when B = /7, 
/=0,1,2,... If both conditions occur at the same 
time, the ratio of m and N is equal to an integer, 
m/N =I, and instead of zero intensity, we have an 
indeterminate value for the intensity, I, = 0/0. To find 
the actual value for the intensity, we must apply 
LHospital’s rule 





lim sn NB _ lim NcosNB | N [94] 
Belz sin B Bolz cos B 
LHospital’s rule predicts that whenever 
B=lr= a 7 [95] 


where / is an integer, a principal maximum in the 
intensity will occur with a value given by 


sina 





| Ee ia Fe [96] 


at 
Secondary maxima, much weaker than the principal 
maxima, occur when 


(When m = 0, m/N is an integer, thus the first value 
that m can have in [97] is m= 1.) The intensity of 
each secondary maximum is given by 


[97] 


sin’a sin?NB 


Ios = Ip : 
a’ sin*B 














ay sin’ a 2 
Oe imn( +1) 
s aN T 
sina 1 ‘ 
Io (2) [98] 
n iN )7 
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The quantity (27 + 1)/2N is a small number for large 
values of N, allowing the small angle approximation 
to be made: 


le =I ne! 2N ] 
8 Oe L em +1) 


The ratio of the intensity of a secondary maximum 
and a principal maximum is given by 


te 2 3 

In | rTOmi dD 
The strongest secondary maximum occurs for m = 1 
and, for large N, has an intensity that is about 4.5% 
of the intensity of the neighboring principal 
maximum. 


The positions of principal maxima occur at angles 
specified by the grating formula. 





[99] 





[100] 


kd sin 0 m 
= =Ir= T 


2 N 





B [101] 


The angular position of the principal maxima (the 
diffracted angle 64) is given by the Bragg equation 


: IA 
sin 0g = = 


d [102] 


where / is called the grating order. This simple 
relationship between the angle and the wavelength 
can be used to construct a device to measure 
wavelength, the grating spectrometer. 

The model we have used to obtain this result is 
based on a periodic array of identical apertures. The 
transmission function of this array is a periodic 
square wave. If, for the moment, we treat the grating 
as infinite in size, we discover that the principal 
maxima in the diffraction pattern correspond to the 
terms of the Fourier series describing a square wave. 

The zero order, m=0, corresponds to the 
temporal average of the periodic square wave and 
has an intensity proportional to the spatially 
averaged transmission of the grating. Because of its 
equivalence to the temporal average of a time- 
varying signal, the zero-order principal maximum is 
often called the dc term. 

The first-order principal maximum corresponds to 
the fundamental spatial frequency of the grating and 
the higher orders correspond to the harmonics of this 
frequency. 

The dc term provides no information about the 
wavelength of the illumination. Information about 
the wavelength of the illuminating light can only be 
obtained by measuring the angular position of the 
first or higher order principal maxima. 


Grating Spectrometer 


The curves shown in Figure 10 display the separation 
of the principal maxima as a function of sin 64. The 
angular separation of principal maxima can be 
converted to a linear dimension by assuming a 
distance, R, from the graing to the observation 
plane. In the lower right-hand curve of Figure 10, a 
distance of 2 meters was assumed. Grating spec- 
trometers are classified by the size in meters of R used 
in their design. The larger R, the easier it is to resolve 
wavelength differences. For example, a 1 meter 
spectrometer is a higher-resolution instrument than 
a 1/4 meter spectrometer. 

The fact that the grating is finite in size causes each 
of the orders to have an angular width that limits the 
resolution with which the illuminating wavelength 
can be measured. To calculate the resolving power of 
the grating, we first determine the angular width of a 
principal maximum. This is accomplished by measur- 
ing the angular change, of the principal maximum’s 
position, when B changes from B=/a7=m7/N 
to B=(m+1)qa/N, i.e, AB=a/N. Using the 
definition of B 


jos 103} 
2 
Ap= ad cos 6440 
Xr 
and the angular width is 
Xv 
ats Nd cos 64 ea 
The derivative of the grating formula gives 
AA= feos 64A0 [105] 
JAX 
A@é = 
d cos 04 


Equating this spread in angle to eqn [104] yields 





IAA Xr 
dcos@  Ndcosé@ ye] 
The resolving power of a grating is therefore 
Xr 
— NI [107] 


The improvement of resolving power with N can be 
seen in Figure 10. A grating 2 inches wide and 
containing 15 000 grooves per inch would have a 
resolving power in second order (J = 2) of 6 X 10*. At 
a wavelength of 600 nm this grating could resolve 
two waves, differing in wavelength by 0.01 nm. 

The diffraction grating is limited by overlapping 
orders. If two wavelengths, A and A+AdA, 
have successive orders that are coincident, then 
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Figure 10 Decrease in the width of the principal maxima of a transmission grating with an increasing number of slits. The various 
principal maxima are called orders, numbering from zero, at the origin, out to as large as seven in this example. Also shown is the effect 
of different ratios, d/a, on the number of visible orders. Reprinted with permission from Guenther RD (1990) Modern Optics. New York: 


John Wiley & Sons. 


from eqn [102] 


(+ 1)A=MA+ Ad) [108] 


The minimum wavelength difference for which this 
occurs is defined as the free spectral range of the 
diffraction grating 


Xr 
(AA)sp = > 


i [109] 


Blazed Gratings 


We have been discussing amplitude transmission 
gratings. Amplitude transmission gratings have little 
practical use because they waste light. The light loss is 
from a number of sources. 


1. Light is diffracted simultaneously into both 
positive and negative orders (the positive and 
negative frequencies of the Fourier transform). 
The negative diffraction orders contain redundant 
information and waste light. 

2. In an amplitude transmission grating, light is 
thrown away because of the opaque portions of 
the slit array. 

3. The width of an individual aperture leads to a 
shape factor for a rectangular aperture 


of sinc?a@ = (sin?a)/a*, which modulates the 


grating factor and causes the amplitude of the 
orders to rapidly decrease. This can be observed in 
Figure 10, where the second order is very weak. 
Because of the loss in intensity at higher orders, 
only the first few orders (J = 1,2 or 3) are useful. 
The shape factor also causes a decrease in 
diffracted light intensity with increasing wave- 
length for higher-order principal maxima. 

4. The location of the maximum in the diffracted 
light, i.e., the angular position for which the 
shape factor is a maximum, coincides with the 
location of the principal maximum due to 
the zero-order interference. This zero-order 
maximum is independent of wavelength and is 
not of much use. 


One solution to the problems created by trans- 
mission gratings would be the use of a grating that 
modified only the phase of the transmitted wave. Such 
gratings would operate using the same physical 
processes as a microwave phased array antenna, 
where the location of the shape factor’s maximum is 
controlled by adding a constant phase shift to each 
antenna element. The construction of an optical 
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transmission phase grating with a uniform phase 
variation across the aperture of the grating is very 
difficult. For this reason, a second approach, based on 
the use of reflection gratings, is the practical solution 
to the problems listed above. 

By tilting the reflecting surface of each groove of a 
reflection grating, Figure 11, the position of the shape 
factor’s maximum can be controlled. Problems 1, 3, 
and 4 are eliminated because the shape factor 
maximum is moved from the optical axis out to 
some angle with respect to the axis. The use of 
reflection gratings also removes Problem 2 because 
all of the incident light is reflected by the grating. 

Robert Wood, in 1910, developed the technique of 
producing grooves of a desired shape in a reflective 
grating by shaping the diamond tool used to cut the 
grooves. Gratings, with grooves shaped to enhance 
their performance at a particular wavelength, are said 
to be blazed for that wavelength. The physical 
properties on which blazed gratings are based can 
be understood by using Figure 11. The groove faces 
can be treated as an array of mirror surfaces. The 
normal to each of the groove faces makes an angle 6 
with the normal to the grating surface. We can 
measure the angle of incidence and the angle of 
diffraction with respect to the grating normal or with 
respect to the groove normal, as shown in Figure 11. 
From Figure 11, we can write a relationship between 
the angles 

6, = Gj — OB —O04 = — Gat Op [110] 
(The sign convention used defines positive angles as 
those measured in a counterclockwise rotation from 
the normal to the surface. Therefore, 6, is a 
negative angle.) The blaze angle provides an extra 
degree of freedom that will allow independent 
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Figure 11. Geometry for a blazed reflection grating. Reprinted 
with permission from Guenther RD (1990) Modern Optics. 
New York: John Wiley & Sons. 


adjustment of the angular location of the principal 
maxima of the grating factor and the zero-order, 
single-aperture, diffraction maximum. To see how 
this is accomplished, we must determine, first, the 
effect of off-axis illumination of a diffraction 
grating. 

Off-axis illumination is easy to incorporate into the 
equation for the diffraction intensity from an array. 
To include the effect of an off-axis source, the phase of 
the illuminating wave is modified by changing the 
incident illumination from a plane wave of ampli- 
tude, E, traveling parallel to the optical axis, to a 
plane wave with the same amplitude, traveling at an 
angle 6, to the optical axis: E e~ ** 5" %, (Because we 
are interested only in the effects in a plane normal to 
the direction of propagation, we ignore the phase 
associated with propagation along the z-direction, 
kzcos 6.) The off-axis illumination results in a 
modification of the parameter for single-aperture 
diffraction from 


a= sin 64 [111] 
to 
a= FA in 6; + sin 04) [112] 
and for multiple aperture interference from 
B= £4 sin 04 [113] 
to 
B= £4 sin 6; + sin 64) [114] 


The zero-order, single-aperture, diffraction peak 
occurs when a= 0. If we measure the angles with 
respect to the groove face, this occurs when 


k 
a = (sin g + sin gy) = 0 [115] 
The angles are therefore related by 
sin ~; = —Sin gq [116] 
Gi = ~ Fd 


We see that the single-aperture, diffraction maximum 
(the shape factor’s maximum) occurs at the same 
angle that reflection from the groove faces occurs. We 
can write this result in terms of the angles measured 


with respect to the grating normal 
6, = —(64 + 268) [117] 


The blaze condition requires the single aperture 
diffraction maximum to occur at the /th principal 
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maximum, for wavelength Ag. At that position 


ys 
ine 27 sin 6, + sin 63) [118] 
B 





IAg = 2d sin4.(6; + 04)cos4 (6; — Og) 


For the special geometrical configuration called the 
Littrow condition, where 6; = 63, we find that [117] 
leads to the equation 


IAg = 2d sin 03 [119] 


By adjusting the blaze angle, the single-aperture 
diffraction peak can be positioned on any order of 
the interference pattern. Typical blaze angles are 
between 15° and 30° but gratings are made with 
larger blaze angles. 


See also 


Diffraction: Fresnel Diffraction. 


Fresnel Diffraction 
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Fresnel was a civil engineer who pursued optics as a 
hobby, after a long day of road construction. Based 
on his own very high-quality observations of diffrac- 
tion, Fresnel used the wave propagation concept 
developed by Christiaan Huygens (1629-1695) to 
develop a theoretical explanation of diffraction. We 
will use a descriptive approach to obtain the 
Huygens-—Fresnel integral by assuming an aperture 
can be described by N pinholes which act as sources 
for Huygens’ wavelets. The interference between 
these sources will lead to the Huygens—Fresnel 
integral for diffraction. 

Huygens’ principle views wavefronts as the pro- 
duct of wavelets from various luminous points acting 
together. To apply Huygens’ principle to the propa- 
gation of light through an aperture of arbitrary shape, 
we need to develop a mathematical description of the 
field from an array of Huygens’ sources filling the 
aperture. We will begin by obtaining the field from a 
pinhole that is illuminated by a plane wave, 


E(t) = Ee” 


Following the lead of Fresnel, we will use theory of 
interference to combine the fields from two pinholes 
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and then generalize to N pinholes. Finally by letting 
the areas of each pinhole approach an infinitesimal 
value, we will construct an arbitrary aperture of 
infinitesimal pinholes. The result will be the 
Huygens-—Fresnel integral. 

We know that the wave obtained after propagation 
through an aperture must be a solution of the wave 
equation, 

oi a 

VE = pe ve 

We will be interested only in the spatial variation of 

the wave so we need only look for solutions of the 
Helmholtz equation 


(V+ RE = 0 


The problem is further simplified by replacing this 
vector equation with a scalar equation, 


(V+ R-)E(x, y,z) = 0 


This replacement is proper for those cases where 
nE(x,y,z) [where n is a unit vector] is a solution of the 
vector Helmholtz equation. In general, we cannot 
substitute nE for the electric field E because of 
Maxwell’s equation 


V-E=0 
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Figure 1 Geometry for application of Huygens’ principle to two 
pinholes. Reprinted with permission from Guenther RD (1990) 
Modern Optics. New York: John Wiley & Sons. 


Rather than working with the magnitude of the 
electric field, we should use the scalar amplitude of 
the vector potential. We will neglect this complication 
and assume the scalar, E, is a single component of the 
vector field, E. A complete solution would involve a 
scalar solution for each component of E. 

The pinhole is illuminated by a plane wave, and the 
wave that leaves the pinhole will be a spherical wave 
which is written in complex notation as 

~i8,,—ik-r 
Ee —A e elt 
r 


The complex amplitude 


—16 .—ik-r 
Eq) = A-— [1] 


is a solution of the Helmholtz equation. The field at 
Po, in Figure 1, from two pinholes: one at P;, located a 
distance ro; = Ir9 —1r | from Po, and one at Po, 
located a distance rp) = Ir9 —r| from Po, is a 
generalization of Young’s interference. The complex 
amplitude is 


2 A, —x. A 
Ero) = te 4 
‘O01 02 


e ik-r99 [2] 


We have incorporated the phase 6, and 6) into the 
constants A; and A) to simplify the equations. 

The light emitted from the pinholes is due to a 
wave, E;, incident onto the screen from the left. The 
units of FE; are per unit area so to obtain the amount of 
light passing through the pinholes, we must multiply 
E; by the areas of the pinholes. If Ao; and Ag» are the 
areas of the two pinholes, respectively, then 


Az x E\(1)Aoy 


E\(r) en ikto1 Ag +O, nite E\(72) 
YO1 02 


A, < E(r))Aoy 


e7 ik-to2 Ao, 
[3] 


Eq) = Cy, = 





Figure 2 The geometry for calculating the field at Po using [9]. 
Reprinted with permission from Guenther RD (1990) Modern 
Optics. New York: John Wiley & Sons. 


where C; is the constant of proportionality. The 

constant will depend on the angle that ro; makes with 

the normal to Ao;. This geometrical dependence arises 

from the fact that the apparent area of the pinhole 

decreases as the observation angle approaches 90°. 
We can generalize to N pinholes 


Ex EG) . 


Yj 


E(t) = > oF ~ ik Ag, [4] 
The pinhole’s ieee is assumed to be small 
compared to the distances to the viewing position 
but large compared to a wavelength. In the limit as 
Ao; goes to zero, the pinhole becomes a Huygens 
source. By letting N become large, we can fill the 
aperture with these infinitesimal Huygens’ sources 
and convert the summation to an integral. 

It is in this way that we obtain the complex 
amplitude, at the point Po, see Figure 2, from a wave 
exiting an aperture, &0, by integrating over the area of 
the aperture. We replace 1o;, in [4], by R, the position 
of P,, the infinitesimal Huygens’ source of area, ds, 
measured with respect to the observation point, Po. 
We also replace r; by r, the position of the infinitesimal 
area, ds, with respect to the origin of the coordinate 
system. The discrete summation [4] becomes the 


integral 
Biro) = | 


This is the Fresnel integral. The variable C(r) depends 
upon 0, the angle between n, the unit vector normal to 
the aperture, and R, shown in Figure 2. We now need 
to determine how to treat C(r). 





r a) e KRG. [5] 





The Obliquity Factor 


When using Huygens’ principle, a problem arises 
with the spherical wavelet produced by each 
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Huygens’ source. Part of the spherical wavelet 
propagates backward and results in an envelope 
propagating toward the light source, but such a wave 
is not observed in nature. Huygens neglected this 
problem. Fresnel required the existence of an 
obliquity factor to cancel the backward wavelet but 
was unable to derive its functional form. When 
Kirchhoff placed the theory of diffraction on a firm 
mathematical foundation, the obliquity factor was 
generated quite naturally in the derivation. In this 
intuitive derivation of the Huygens—Fresnel integral, 
we will present an argument for treating the obliquity 
factor as a constant at optical wavelengths. We will 
then derive the constant value it must be assigned. 

The obliquity factor, C(r), in [5], causes the 
amplitude per unit area of the transmitted light to 
decrease as the viewing angle increases. This is a 
result of a decrease in the effective aperture area with 
viewing angle. When Kirchhoff applied Green’s 
theorem to the scalar diffraction problem, he found 
the obliquity factor to have an angular dependence 
given by 


cos(n, R) — cos(n, r,) 
2 





[6] 


which includes the geometrical effect of the incident 
wave arriving at the aperture, at an angle with respect 
to the normal to the aperture from a source located at 
a position r,, with respect to the aperture. If the source 
is at infinity, then the incident wave can be treated as a 
plane wave, incident normal to the aperture, and we 
may simplify the angular dependence of the obliquity 
factor to 


1+cosé 
2 


where 6—(f,R) is the angle between the normal 
to the aperture and the vector R. This is the 
configuration shown in Figure 2. The obliquity 
factor provides an explanation of why it is possible 
to ignore the backward-propagating wave that 
occurs in application of Huygens’ principle. For 
the backward wave, @= 7, and the obliquity factor 
is zero. 

The obliquity factor increases the difficulty of 
working with the Fresnel integral and it is to our 
benefit to be able to treat it as a constant. We can 
neglect the angular contribution of the obliquity 
factor by making an assumption about the resolving 
power of an optical system operating at visible 
wavelengths. 

Assume we are attempting to resolve two stars that 
produce plane waves at the aperture of a telescope 
with an aperture diameter, a. The wavefronts from 
the two stars make an angle w with respect to each 


other, Figure 3: 


tany =~ p= “ 


The smallest angle, yw, that can be measured is 
determined by the smallest length, Ax, that can be 
measured. We know we can measure a fraction of 
wavelength with an interferometer but, without an 
interferometer, we can measure a length no smaller 
than A, leading to the assumption that Ax = A. This 
reasoning leads to the assumption that the smallest 
angle we can measure is 


Xr 
y= ; [7] 


The resolution limit established by the above reason- 
ing places a limit on the minimum separation that can 
be produced at the back focal plane of the telescope. 
The minimum distance on the focal plane between the 
images of star 1 and 2 is given by 


d=fw [8] 
From [7] 
i505 
a 


The resolution limit of the telescope can also be 
expressed in terms of the cone angle produced when 
the incident plane wave is focused on the back focal 
plane of the lens. From the geometry of Figure 3, the 
cone angle is given by 


a 
tand= — 


2f 








Figure 3 Telescope resolution. Reprinted with permission from 
Guenther RD (1990) Modern Optics. New York: John Wiley & 
Sons. 






Figure 11 — Aiming the RT at the Sun, note 
LNB shadow location. 


(Figure 10). Though I made an etched circuit 
board for the circuit, the hand wired pro- 
totype worked equally well for those who 
would rather roll their own. The PIC firm- 
ware is available on the OST Web site.® 


RT in Action 


The first thing you need to do is learn 
how to point the RT antenna. The best place 
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Figure 13 — Drift scan of the Sun 
indicating antenna’s azimuth pattern. 


to start is to connect the CM to the antenna 
and point the antenna at the Sun. Caution: 
Do not look into the Sun as you do this, or 
at any time. Adjust the pointing angle and 
elevation until you get peak signal strength 
as indicated on the CM meter or hear the 
highest pitch audio tone. With the antenna 
pointed directly at the Sun, take note of the 
position of the shadow of the LNB on the 
surface of the dish (left in Figure 11). If you 
look from behind the dish, along the LNB 
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Figure 14 — Sequential drift scans. Note the time offsets between the peaks. 
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The separation between the stars 1 and 2 at the 
back focal plane of the lens in Figure 3 is thus 


—_ A 
~ 2tan@ 





[9] 


If we assume that the minimum d is 3A (this is four 
times the resolution of a typical photographic film at 
visible wavelengths), then the largest obliquity angle 
that should be encountered in a visible imaging 
system is 








ae ee 
167 
tan 0 oy eges ae: 0.16 
6 = 9.5° = 10° 
yielding a value for cos@=0.985 and 


(1+ cos 6)/2 = 0.992. The obliquity factor has only 
changed by 0.8% over the angular variation of 0° to 
10°. The obliquity factor as a function of angle is 
shown in Figure 4 for an incident plane wave. The 
obliquity factor undergoes a 10% change when 6 
varies from 0° to about 40°; therefore, the obliquity 
factor can safely be treated as a constant in any 
optical system that involves angles less than 40°. 

While we have shown that it is safe to ignore the 
variability of C, we still have not assigned a value to 
the obliquity factor. To find the proper value for C, we 
will compare the result obtained using [5] with the 
result predicted by using geometric optics. 

We illuminate the aperture So in Figure 5 with a 
plane wave of amplitude a, traveling parallel to the 
z-axis. Geometrical optics (equivalently the propa- 
gation of an infinite plane wave) predicts a field at Po, 
on the z-axis, a distance Zo from the aperture, given by 


[10] 


_ —ikz 
Escom = ae 


The area of the infinitesimal at P, (the Huygens’ 
source) is 


ds =rdrdd 


Obliquity factor 
eo Oo 6 
fe. aD o 
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Figure 4 The obliquity factor as a function of the angle defined 
in eqn [6] for an incident plane wave. Reprinted with permission 
from Guenther RD (1990) Modern Optics. New York: John Wiley & 
Sons. 





Figure 5 Geometry for evaluating the constant in the Fresnel 
integral. Reprinted with permission from Guenther RD (1990) 
Modern Optics. New York: John Wiley & Sons. 


Based on our previous argument, the obliquity factor 
can be treated as a constant, C, that can be removed 
from under the integral. The incident wave is a plane 
wave whose value at z= 0 is E(r) = a. Using these 
parameters, the Fresnel integral [5] can be written as 





—ik-R 
Ee) = ca | © or drdd 


R [11] 


From the geometry in Figure 5, the distance from the 
Huygens source to the observation point is 


2 2 2 
ztr=R 


where Z is a constant equal to the distance from the 
observation plane to the aperture plane. The variable 
of integration can be written in terms of R: 


rdr=RdR 


The limits of integration over the aperture extend from 
R = z to the maximum value of R, R = Ry(¢). 


2 27 Ru(?) 
Be) = Ca | e *RdRdd = [12] 


The integration over R can now be carried out to yield 


277 
e _ik 
Baa) = Geet [de ~ 
—— 0 


Geometrical Optics Diffraction 


[13] 


The first integration in [13] is easy to perform and 
contains the amplitude at the observation point due to 
geometric optics. The second term may be interpreted 
as interference of the waves diffracted by the boundary 
of the aperture. An equivalent statement is that the 
second term is the interference of the waves scattered 
from the aperture’s boundary, an interpretation of 
diffraction that was first suggested by Young. 
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The aperture is irregular in shape, at least on the 
scale of a wavelength, thus in general, RRyy will vary 
over many multiples of 277 as we integrate around the 
aperture. For this reason, we should be able to ignore 
the second integral in [13] if we confine our attention 
to the light distribution on the z-axis. After neglecting 
the second term, we are left with only the geometrical 
optics component of [13]: 


2aC 
ik 


ae” ikz 


E(z) = 





[14] 


For [14] to agree with the prediction of geometric 
optics [10] the constant C must be equal to 


ik 1 
te [15] 


The Huygens—Fresnel integral can be written, using 
the value for C just derived, 


7 i E(t) _x. 
Eq) = xi, “0. kR ge [16] 


The job of calculating diffraction has only begun with 
the derivation of the Huygens—Fresnel integral [16]. 
Rigorous solutions exist for only a few idealized 
obstructions. To allow discussion of the general 
properties of diffraction, it is necessary to use 
approximate solutions. To determine what type 
approximations we can make let’s look at the light 
propagation path shown in Figure 6. 

For the second term in [13] to contribute to the 
field at point Po, in Figure 6, the phase of the 
exponent that we neglected in [13] must not vary 
over 27 when the integration is performed over the 
aperture, i.e., 


A = k-(Ry = R’, + R, — R’5) < 27 








Figure 6 One-dimensional slit used to establish Fresnel 
approximations. Reprinted with permission from Guenther RD 
(1990) Modern Optics. New York: John Wiley & Sons. 


From the geometry of Figure 6, the two paths from 
the source, S, to the observation point, Po, are 


Ry = 23 t V2 
Rt R= yet t+ ote 


By assuming that the aperture, of width 0, is small 
compared to the distances z, and z2, the difference 
between these distances, A, can be rewritten as a 
binomial expansion of a square root 


2 
Gs Se. 








R,4 (x, +b? (x2 + b)? 














[17] 





an~i(o +2) 3(2 ‘4 )e Lo. [18] 


Z1 22 


If we assume that the 
expansion is small, i.e., 


1 1 
(2 + =) <lr 
2 ral 22 


second term of this 


P11 

ae | 

2 2% &2 
we see that the phase of the wavefront in the 
aperture is assumed to have a quadratic depen- 
dence upon aperture coordinates. Diffraction pre- 
dicted by this assumption is called Fresnel 
diffraction. 

To discover the details of the approximation 

consider Figure 7. In the geometry of Figure 7, the 
Fresnel integral [16] becomes 


. —ik-(R+R’) 
~ ia e 
Ep, = ae | |, fe YR 


As we mentioned in our discussion of [13] the integral 
that adds diffractive effects to the geometrical optics 
field is nonzero only when the phase of the integrand 
is stationary. For Fresnel diffraction, we can insure 
that the phase is nearly constant if R does not differ 
appreciably from Z, or R’ from Z’. This is equivalent 
to stating that only the wave in the aperture, around a 
point in Figure 7 labeled S, called the stationary point, 
will contribute to E,. The stationary point, S, is the 
point in the aperture plane where the line, connecting 
the source and observation positions, intersects the 
plane. Physically, only light propagating over paths 
nearly equal to the path predicted by geometrical 
optics (obtained from Fermat’s principle) will 
contribute to Ep,. 


dx dy [19] 
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Figure 7 Geometry for Fresnel diffraction. Reprinted with permission from Guenther RD (1990) Modern Optics. New York: John Wiley 


& Sons. 


The geometry of Figure 7 allows the distances R 
and R’ to be written as 





R=(x-éP + (y— nV +Z 
R2=(x,-x)Y +(y,-y +Z2 


[20] 


To solve these expressions for R and R’, we apply the 
binomial expansion [17] and retain the first two 
terms: 








Ee ke, / =o = xy 
Re =z+2'4| ane | 
g-nm . O.-y 
| a7. ag | 21) 


In the denominator of [19], R is replaced by Z and R’ 
by Z’. (By making this replacement, we are implicitly 
assuming that the amplitudes of the spherical waves 
are not modified by the differences in propagation 
distances over the area of integration. This is a 
reasonable approximation because the two propa- 
gation distances are within a few hundred wave- 
lengths of each other). In the exponent, we must use 
[21], because the phase changes by a large fraction of 
a wavelength, as we move from point to point in the 
aperture. 

If the wave, incident on the aperture, were a plane 
wave we can assume R’ = © and [19] becomes 





. —ikZ : 
~ lae — dR iy B24 ¢y—ny? 
ae ae | J, fone 221 OO Ide dy 


[22] 


The physical interpretation of [22] states that when a 
plane wave illuminates the obstruction, the field at 
point Po is a spherical wave, originating at the 


aperture, a distance Z away from Pp: 
en ikZ 


Z 





The amplitude and phase of this spherical wave are 

modified by the integral containing a quadratic phase 

dependent on the obstruction’s spatial coordinates. 
By defining three new parameters, 





ZZ! 1 1 1 
p= Zaz or oe Ze [23a] 
ZE+ Zx, 
Zin+Zy, 
= TT aa 


the more general expression for Fresnel diffraction of 
a spherical wave can be placed in the same format as 
[22]. The newly defined parameters xo and yo are the 
coordinates, in the aperture plane, of the stationary 
point, S. The parameters in [23] can be used to 
express, after some manipulation, the spatial depen- 
dence of the phase, in the integrand of [19] 


4s nd ees) 
R4R=z474% Xs) +(n Vs) 








2Z+Z') 
| <as0* hon ao | 
2p 


A further simplification to the Fresnel diffraction 
integral can be made by obtaining an expression for 
the distance, D, between the source and the obser- 
vation point: 


(€-—x,)% +(n- »,)" 


= / 
areca 2Z+Z) 


[24] 
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We use this definition of D to also write 


1  Z+Z 1 1 


ZZ ZZ Z+Z pD 





Using the parameters we have just defined, we may 
rewrite [19] as 


~ 1a 


Ep, = ApD 





et? | [fea,gye tal 7 10-7] dxdy 
[25] 


With the use of the variables defined in [23], the 
physical significance of the general expression of the 
Huygens-—Fresnel integral can be understood in an 
equivalent fashion as was [22]. At point Po, a 
spherical wave 
en ikD 
D 

originating at the source, a distance D away, is 
observed, if no obstruction are present. Because of the 
obstruction, the amplitude and phase of the spherical 
wave are modified by the integral in [25]. This 
correction to the predictions of geometrical optics is 
called Fresnel diffraction. 

Mathematically, [25] is an application of the 
method of stationary phase, a technique developed 
in 1887 by Lord Kelvin to calculate the form of a 
boat’s wake. The integration is nonzero only in the 
region of the critical point we have labeled S. 
Physically, the light distribution, at the observation 
point, is due to wavelets from the region around S. 
The phase variations of light, coming from other 
regions in the aperture, are so rapid that the value 
of the integral over those spatial coordinates is 
zero. The calculation of the integral for Fresnel 
diffraction is complicated because, if the obser- 
vation point is moved, a new integration around a 
different stationary point in the aperture must be 
performed. 


Rectangular Apertures 


If the aperture function, f(x,y), is separable in the 
spatial coordinates of the aperture, then we can 
rewrite [25] as 


ze la 
pi ApD 





HP LT foge de [fone #dy 


Ep, = A[C(x) — iS(x)IEC(y) — iS()] 


A represents the spherical wave from the source, a 
distance D away, 
10 7 ikD 


A= 
2D 


If we treat the aperture function as a simple constant, 
C and S are integrals of the form 


C(x) = |. eosleGonde 


all 


[26a] 


sen is sinfg(x)|dx [26b] 


The integrals, C(x) and S(x), have been evaluated 
numerically and are found in tables of Fresnel 
integrals. To use the tabulated values for the integrals, 
[26] must be written in a general form 


ii 2 
Cw) = | cos( 2} du 
0 2 


w 2 
S(w) = | sin( 2) du 
0 2 


The variable u is an aperture coordinate, measured 
relative to the stationary point, S(xq,yo), in units of 


| Ap 
a 
[2 | 2 
u= woe or u= 9 [29] 


The parameter w in [27] and [28] specifies the 
location of the aperture edge relative to the stationary 
point S. The parameter w is calculated through the 
use of [29] with x and y replaced by the coordinates of 
the aperture edge. 


[27] 


[28] 


The Cornu Spiral 


The plot of S(w) versus C(w), shown in Figure 8, is 
called the Cornu spiral in honor of M. Alfred Cornu 
(1841-1902) who was the first to use this plot for 
graphical evaluation of the Fresnel integrals. 

To use the Cornu spiral, the limits w and w2 of the 
aperture are located along the arc of the spiral. The 
length of the straight line segment drawn from w to 
W2 gives the magnitude of the integral. For example, 
if there were no aperture present, then, for the x- 
dimension, w, = —0o and w7 = ©. The length of the 
line segment from the point (— 1/2,1/2) to (1/2,1/2) 
would be the value of Ep,, i.e., /2. An identical value 
is obtained for the y-dimension, so that 


e  ikD 
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Figure 8 Cornu spiral obtained by plotting the values for C(w) 
versus S(w) from a table of Fresnel integrals. The numbers 
indicated along the arc of the spiral are values of w. The points 1— 
5 correspond to observation points shown in Figure 9 and are 
used to calculate the light intensity diffracted by a straight edge. 
Reprinted with permission from Guenther RD (1990) Modern 
Optics. New York: John Wiley & Sons. 


0.8 j 
-0.8 -0.6 -0.4 


This is the spherical wave that is expected when no 
aperture is present. 

As an example of the application of the Fresnel 
integrals, assume the diffracting aperture is an 
infinitely long straight edge reducing the problem to 
one dimension: 


1 x2x 


f(x,y) = 


0 x< xX 


The value of Ep, in the y-dimension is from above J2 
since w, = —0 and w, = oo, In the x-dimension, the 
value of w at the edge is 


2 
Wy, = ye — Xo) 


We will assume that the straight edge blocks the 
negative half-plane so that x; = 0. The straight edge 
is treated as an infinitely wide slit with one edge 
located at infinity so that w. = oo in the upper half- 
plane. When the observation point is moved, the 
coordinate x9 of S changes and the origin of the 
aperture’s coordinate system moves. New values for 
the w’s must therefore be calculated for each 
observation point. 

Figure 9 shows the assumed geometry. A set of 
observation points, P,;—Ps, on the observation screen 
are selected. The origin of the coordinate system in 
the aperture plane is relocated to a new position 
(given by the position of $) when a new observation 
point is selected. The value of w,, the position of the 
edge with respect to S, must be recalculated for each 
observation point. The distance from the origin to 
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Figure 9 A geometrical construct to determine w, for the 
stationary point S associated with five different observation points. 
The values of ware then used in Figure 8 to calculate the intensity 
of light diffracted around a straight edge. Reprinted with permission 
from Guenther RD (1990) Modern Optics. New York: John Wiley & 
Sons. 


Table 1 Fresnel integrals for straight edge 





Wy CW) S(W;) IplIy P; 
00 0.5 0.5 0 
2.0 0.4882 0.3434 0.01 
1.5 0.4453 0.6975 0.021 P, 
1.0 0.7799 0.4383 0.04 
0.5 0.4923 0.0647 0.09 Pp, 
0 0 0 0.25 P3 
—0.5 — 0.4923 — 0.0647 0.65 
—1.0 —0.7799 — 0.4383 1.26 P, 
—1.2 — 0.7154 — 0.6234 1.37 
-—1.5 — 0.4453 — 0.6975 1.16 
—2.0 — 0.4882 — 0.3434 0.84 Ps 
-—2.5 — 0.4574 — 0.6192 1.08 
— oo —0.5 —0.5 1.0 


the straight edge, wy, is positive for P; and Py», zero for 
P3, and negative for P4 and Ps. 

Figure 8 shows the geometrical method used to 
calculate the intensity values at each of the obser- 
vation points in Figure 9 using the Cornu spiral. The 
numbers labeling the straight line segments in Figure 8 
are associated with the labels of the observation 
points in Figure 9. 

To obtain an accurate calculation of Fresnel 
diffraction from a straight edge, a table of Fresnel 
integrals provides the input to the following equation 


p= Ipl[$ - Cw + [4 -Seenf f 


where I) = 2A*. Table 1, shows the values extracted 
from the table of Fresnel integrals to find the relative 
intensity at various observation points. The result 
obtained by using either method for calculating the 
light distribution in the observation plane, due to the 
straight edge in Figure 9, is plotted in Figure 10. 
The relative intensities at the observation points 


DIFFRACTION / Fresnel Diffraction 265 










Intensity 





+ + + 


2 1 0 1 2 3 4 








Figure 10 Light diffracted by a straight edge with its edge 
located at w = 0. The points labeled 1—5 were found using the 
construction in Figure 9 to obtain w. This was then used in 
Figure 8 to find a position on the Cornu spiral. The length of the 
lines shown in Figure 8 from the (1/2,1/2) point to the numbered 
positions led to the intensities shown. Reprinted with permission 
from Guenther RD (1990) Modern Optics. New York: John Wiley & 
Sons. 


depicted in Figure 9 are labeled on the diffraction 
curve of Figure 10. 


Fresnel Zones 


Fresnel used a geometrical construction of zones to 
evaluate the Huygens—Fresnel integral. The Fresnel 
zone is a mathematical construct, serving the role of a 
Huygens source in the description of wave propa- 
gation. Assume that at time ¢, a spherical wavefront 
from a source at P; has a radius of R’. To determine 
the field at the observation point, Po, due to this 
wavefront, a set of concentric spheres of radii, Z, Z + 
(A/2), Z + 2(A/2), ...,Z + j(A/2),.... are constructed, 
where Z is the distance from the wavefront to the 
observation point on the line connecting P; and Po 
(see Figure 11). These spheres divide the wavefront 
into a number of zones, ¢), £),..., G..., called Fresnel 
zones, or half-period zones. 

We treat each zone as a circular aperture illumi- 
nated from the left by a spherical wave of the form 


- Aew~ikR Ae ik 
ER) = “~_— = = 
R’ R’ 





R’ is the radius of the spherical wave. The field at Po 
due to the jth zone is obtained by using [5] 


= A ~ik-R! e ikR 
Beod= Ze™™ [| cory 


For the integration over the jth zone, the surface 
element is 





ds [30] 


ds = R'2sinéd@ dd [31] 





Figure 11 Construction of Fresnel zones observed from a 
position Py on a spherical wave originating from a source at 
point P;. Reprinted with permission from Guenther RD (1990) 
Modern Optics. New York: John Wiley & Sons. 





Figure 12 Geometry for finding the relationship between R and 
R’ yielding eqn [32]. Reprinted with permission from Guenther RD 
(1990) Modern Optics. New York: John Wiley & Sons. 


The limits of integration extend over the range 
Z+QG-D4<sR=Z+4+j4 


The variable of integration is R; thus, a relationship 
between R’ and R must be found. This is accom- 
plished by using the geometrical construction shown 
in Figure 12. 

A perpendicular is drawn from the point Q on the 
spherical wave to the line connecting P; and Po, in 
Figure 12. The distance from the source to the 
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observation point is x; + x7 and the distance from the 
source to the plane of the zone is the radius of the 
incident spherical wave, R'. The distance from P, to 
Po can be written 


x, +x, =R'4+Z 


The distance from the observation point to the zone is 





R? = 55 +97 = [(R! + Z) — x)" + (B'siny” 
= R’2 + (R’ + Z)* — 2R'(R’ + Z)cosé 


The derivative of this expression yields 


R dR= RR’ 4+ Z)sinédé [32] 
Substituting [32] into [31] gives 
/ 
es Rand [33] 


R+Z 


The integration over ¢ is accomplished by rotating 
the surface element about the P;Pp axis. After 
integrating over @ between the limits of 0 and 27, 
we obtain 


Ss 








a ap (2b . 
es | e *RC(g)dR [34] 
Z+j-1)4 


We assume that R’, Z >> A so that the obliquity factor 
is a constant over a single zone, i.e., C(g) = C;. The 
obliquity factor is not really a constant as we earlier 
assumed but rather a very slowly varying parameter 
of j, changing by less than two parts in 10* when {’ 
changes by 500 (for Z = 1 meter and A = 500 nm). In 
fact it only changes by 2 parts in 10° ’ across one 
zone. We are safe in applying the assumption that the 
obliquity factor is a constant over a zone and this 
allows the integral in [34] to be calculated: 


2miCjA 


KR 4D) meron vole eee 13) 


E\(Po) = 
Using the identity RA = 27 and the definition for the 
distance between the source and observation point 
[24] modified for this geometry, D = R’ + Z [35] can 
be simplified to 


E,(Po) = 2i(-1)/ ae [36] 
The physical reasons for the behavior predicted by 
[36] are quite easy to understand. The distance from 
Py to a zone changes by only A/2 as we move from 
zone to zone and the area of a zone is almost a 
constant, independent of the zone number; thus, the 


amplitudes of the Huygens’ wavelets from each zone 
should be approximately equal. The alternation in 
sign, from zone to zone, is due to the phase change of 
the light wave from adjacent zones because the 
propagation paths for adjacent zones differ by 4/2. 

To find the total field strength at Py due to N zones, 
the collection of Huygens’ wavelets is added: 


IA ap 
am = GlyG. B71 


N 
E(Pp) = > Eo) = 
j=1 j=l 


j= 


To evaluate the sum, the elements of the sum are 
regrouped and rewritten as 





2 2 


C3 Ss), 
+(4 Cat = J) +o 


N 
= CiG= st +($ C) 4 cS) 
j=l 





Because the C’s are very slowly varying functions of /, 
even out to 500 zones, we are justified in setting the 
quantities in parentheses equal to zero. With this 
approximation, the summation can be set equal to 
one of two values, depending upon whether there is 
an even or odd number of terms in the summation 


N IC, + C N odd 
-Ye-vig= x (Cy 'N) 
jal +(C; — Cy) Neven 


For very large N, the obliquity factor approaches 
zero, Cy — 0, as was demonstrated in Figure 4. Thus, 
the theory has led us to the conclusion that the total 
field produced by an unobstructed wave is equal to 
one half the contribution from the first Fresnel zone, 
Le., E = E,/2. Stating this result in a slightly different 
way, we obtain a surprising result — the contribution 
from the first Fresnel zone is twice the amplitude of 
the unobstructed wave! 

The zone construction can be used to analyze the 
effect of the obstruction of all or part of a zone. For 
example, by constructing a circular aperture with a 
diameter equal to the diameter of the first Fresnel 
zone, we have just demonstrated that it is possible to 
produce an intensity at the point Po equal to four 
times the intensity that would be observed if no 
aperture were present. To analyze the effects of a 
smaller aperture, we subdivide a half-period zone into 
a number of subzones such that there is a constant 
phase difference between each subzone. The individ- 
ual vectors form a curve know as the vibrational 
curve. Figure 13 shows a vibrational curve produced 
by the addition of waves from nine subzones of the 
first Fresnel zone. The vibrational curve in Figure 13 
is an arc with the appearance of a half-circle. 
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Figure 13 Vector addition of waves from nine subzones 
constructed in the first Fresnel zone. Reprinted with permission 
from Guenther RD (1990) Modern Optics. New York: John Wiley & 
Sons. 


If the radius of curvature of the arc were calculated, 
we would discover that it is a constant, except for the 
contribution of the obliquity factor, 


AR’ 
p= —_ Cg) 


R'+Z 

Because the obliquity factor for a single zone is a 
constant to 2 parts in 10°’, the radius of curvature of 
the vibration curve can be considered a constant over 
a single zone. If we let the number of subzones 
approach infinity, the vibrational curve becomes a 
semicircle whose chord is equal to the wavelet 
produced by zone one, i.e., E;. If we subdivide addi- 
tional zones, and add the subzone contributions, we 
create other half-circles whose radii decrease at the 
same rate as the obliquity factor. The vibrational curve 
for the total wave is a spiral, constructed of semicircles 
which converges to a point halfway between the first 
half-circle, see Figure 14. The length of the vector 
from the start to the end of the spiral is E = E,/2, as 
we derived above. When this same construction 
technique is applied to a rectangular aperture, the 
vibrational curve generated is the Cornu spiral. 


Circular Aperture 


The vector addition technique, described in Figure 13, 
can be used to evaluate Fresnel diffraction, at a point 
Po, from a circular aperture and yields the intensity 
distribution along the axis of symmetry of the circular 
aperture. The zone concept will also allow a 
qualitative description of the light distribution 
normal to this axis. 

To develop a quantitative estimate of the intensity 
at an observation point on the axis of symmetry of the 








A 


Figure 14 Vibration curve for determining the Fresnel diffraction 
from a circular aperture. The change of the diameter of the half- 
circles making up the spiral has been exaggerated for easy 
visualization. The actual changes are one part in 10°. The 
position of point B is determined by the aperture size. Reprinted 
with permission from Guenther RD (1990) Modern Optics. 
New York: John Wiley & Sons. 


circular aperture, we construct a spiral, Figure 14, to 
represent the Fresnel zones of a spherical wave 
incident on the aperture. The point B on the spiral 
shown in Figure 14 corresponds to the portion of the 
spherical wave unobstructed by the screen. The 
length of the chord, AB, represents the amplitude of 
the light wave at the observation point Po. As the 
diameter of the aperture increases, B moves along the 
spiral, in a counterclockwise fashion, away from 
A. The first maximum occurs when B reaches the 
point labeled A, in Figure 14; the aperture has then 
uncovered the first Fresnel zone. At this point, the 
amplitude is twice what it would be with no 
obstruction. Four times the intensity! 

If the aperture’s diameter continues to increase, B 
reaches the point labeled A, in Figure 14 and the 
amplitude is very nearly zero; two zones are now 
exposed in the aperture. Further maxima occur when 
an odd number of zones are in the aperture and 
further minima when an even number of zones are 
exposed. Figure 15 shows an aperture containing four 
exposed Fresnel zones. The amplitude at the obser- 
vation point would correspond to the chord drawn 
from A to A, in Figure 14. 

The aperture diameter can be fixed and the 
observation point Pp can move along, or perpendicular 
to, the axis of symmetry of the circular aperture. As Po 
is moved away from the aperture, along the symmetry 
axis, i.e., as Z increases, the radius of the Fresnel zones 
increase without limit. For small values of 1, the 
radius of the mth zone can be approximated by 


Ty = VnNZXr [38] 
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Figure 15 Aperture with four Fresnel zones exposed. Reprinted 
with permission from Guenther RD (1990) Modern Optics. 
New York: John Wiley & Sons. 


At Zmax, the light intensity is a maximum, given 
by the chord length from A to A, in Figure 14. 
If A = 500 nm and a = 0.5 mm then this maximum 
occurs when Z = 0.5 m 


a 


Z = — 39 
max Xr [ ] 
If we start at Z,,x and move toward the aperture, 
along the axis, as Z decreases in value, a point will be 
reached when the intensity on the axis becomes a 
minimum. The value of Z where the first minimum in 


intensity is observed is equal to 


In Figure 14 the chord would extend from A to A>. 

As the observation point, Pg, is moved along the axis 
toward the aperture, and Z assumes values less than 
Zmins the point B in Figure 14 spirals inward, toward 
the center of the spiral and the intensity cycles through 
maximum and minimum values. The cycling of the 
intensity, as the observation point moves toward the 
aperture, will not continue indefinitely. At some point, 
the field on the axis will approach the field observed 
without the aperture because the distance between 
Zmax and Zmin Shrinks to the wavelength of light 
making the intensity variation unobservable. 

For values of Z that exceed Zmax of [39], the 
aperture radius, a, will be smaller than the radius of 
the first zone, and Fraunhofer diffraction will be 
observed because the aperture contains only one zone 
and the phase in the aperture is a constant. 


Opaque Screen 


If the screen containing a circular aperture, of radius a, 
is replaced by an opaque disk of radius a, the intensity 
distribution on the symmetry axis, behind the disk, is 
found to be equal to the value that would be observed 
with no disk present. This prediction was first derived 
by Poisson, to demonstrate that wave theory was 
incorrect; however, experimental observation sup- 
ported the prediction and verified the theory. 

We construct a spiral, shown in Figure 16, similar 
to the one for the circular aperture in Figure 14. The 
point B on the spiral represents the edge of the disk. 
The shaded portion of the spiral from A to B does not 
contribute because that portion of the wave is covered 
by the disk and the zones, associated with that 
portion of the wave, cannot be seen from the 
observation point. The amplitude at Po is the length 
of the chord from B to A, shown in Figure 16. If the 
observation point moves toward the disk, then B 
moves along the spiral toward A,,. There is always 
intensity on the axis for this configuration, though it 
slowly decreases until it reaches zero when the 
observation point reaches the disk; this corresponds 
to point B reaching point A,, on the spiral. Physically, 
zero intensity occurs when the disk blocks the entire 
light wave. There are no maxima or minima observed 
as the disk diameter, a, increases or as the observation 
distance changes. If the observation point is moved 
perpendicular to the symmetry axis, a set of 
concentric bright rings are observed. The origin of 
these bright rings can be explained using Fresnel 
zones, in a manner similar to the one used to explain 
the bright rings observed in a Fresnel diffraction 
pattern from a circular aperture. 








Figure 16 Vibration curve for opaque disk. The shaded region 
makes no contribution because it is associated with the portion of 
the wave obstructed by the opaque object. Reprinted with 
permission from Guenther RD (1990) Modern Optics. New York: 
John Wiley & Sons. 
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Zone Plate 


In the construction of Fresnel zones, each zone was 
assumed to produce a Huygens wavelet, out of phase 
with the wavelets produced by its nearest neighbors. 
If every other zone were blocked, then there would be 
no negative contributions to [37]. The intensity on- 
axis would be equal to the square of the sum of 
the amplitudes produced by the in-phase zones — 
exceeding the intensity of the incident wave. An 
optical component made by the obstruction of either 
the odd or the even zones could therefore be used to 
concentrate the energy in a light wave. 

The boundaries of the opaque zones, used to block 
out-of-phase wavelets, are seen from [38] to increase 
as the square root of the integers. An array of opaque 
rings, constructed according to this prescription is 
called a zone plate, see Figure 17. 

A zone plate will perform like a lens with focal 
length 


[40] 


The zone plate, shown in Figure 17, will act as botha 
positive and negative lens. What we originally called 
the source can now be labeled the object point, O, 
and what we called the observation point can now be 
labeled the image point, I. The light passing through 
the zone plate is diffracted into two paths, labeled C 
and D in Figure 17. The light waves, labeled C, 
converge to a real image point I. For these waves the 


zone plate performs the role of a positive lens with a 
focal length given by the positive value of [40]. The 
light waves, labeled D in Figure 17, appear to 
originate from the virtual image point labeled |. For 
these waves the zone plate performs the role of a 
negative lens with a focal length given by the negative 
value of [40]. 

The zone plate will not have a single focus, as is the 
case for a refractive optical element, but rather will 
have multiple foci. As we move toward the zone plate, 
from the first focus, given by [40], the effective Fresnel 
zones will decrease in diameter. The zone plate will no 
longer obstruct out-of-phase Fresnel zones and the 
light intensity on the axis will decrease. However, 
additional maxima, of the on-axis intensity, will be 
observed at values of Z for which the first zone plate 
opening contains an odd number of zones. These 
positions can also be labeled as foci of the zone plate; 
however, the intensity at each of these foci will be less 
than the intensity at the primary focus. 

Lord Rayleigh suggested that an improvement of the 
zone plate design would result if, instead of blocking 
every other zone, we shifted the phase of alternate 
zones by 180°. The resulting zone plate, called a phase- 
reversal zone plate, would, more efficiently, utilize 
the incident light. R.W. Wood was the first to make 
such a zone plate. Holography provides an optical 
method of constructing the phase-reversal zone plates 
in the visible region of the spectrum. Semiconductor 
lithography has been used to produce zone plates in the 
x-ray region of the spectrum. 





Figure 17 A zone plate acts as if it were both a positive and a negative lens. Light from the object, O, is diffracted into waves traveling 
in both the D and the C directions. The light traveling in the C direction produces a real image of O at I. The light traveling in the D 
direction appears to originate from a virtual image at I. Reprinted with permission from Guenther RD (1990) Modern Optics. New York: 


John Wiley & Sons. 


supporting arm (between the arm and the 
rim of the dish), you will see the Sun being 
blocked by the LNB. 

Once you have the RT set up, it needs 
to be calibrated to match the output of the 
CM to SkyPipe. I have developed an Excel 
spreadsheet template to help with the cali- 
bration and a few of the other activities that 
you can accomplish with the RT (also avail- 
able from the QST Web site). Turn the RT 
to a signal source, the Sun, or the side of a 
building would work. Turn the gain control 
of the CM to set the meter to maximum. 
Run SkyPipe and adjust the variable resistor 
on the interface board until you get a read- 
ing on the SkyPipe graph vertical (y) axis 
of approximately 32,000. With the maxi- 
mum value set, adjust the CM gain control 
through the voltage range (0 to 100 mV) in 
10 mV steps and record the corresponding 
y axis value on SkyPipe. This data is entered 
into the Excel spreadsheet to compute the 
calibration curve between voltage and y axis 
value. Both voltage and y axis values are 
used in analyzing recorded signal strength 
data (Figure 12). 

A good first activity is to do a drift scan 
of the Sun. A drift scan means that you set 
the antenna azimuth (AZ) and elevation 
(EL) to some fixed pointing angle and allow 
the Earth to serve as the rotator to drag the 
antenna across the sky. To do a drift scan of 
the Sun, first set the elevation and azimuth to 
point directly at the Sun (maximum signal) 
and then move the azimuth toward the west 
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Figure 15 — Clarke Belt plot — tracking 
down satellites. 


(leave the elevation set) until you are off the 
peak signal. Now start SkyPipe. In about 
15 minutes, the Sun will pass through the 
antenna pattern beam width and the result 
will be as illustrated in Figure 13. You can 
also use this collection technique to explore 
the antenna performance parameters. 

A good second activity is to do two drift 
scans of the night sky on two consecutive 
nights (beginning the scans at the same time 
each night) using the same fixed antenna 
azimuth (AZ) and elevation (EL). Figure 14 
shows two such drift scans. Although at first 
glance they may not seem similar, there are 
some interesting features that are pointed 
to by arrows. If you compare the time that 
these two peaks occurred, the time differ- 
ence is about 4.5 minutes. This shift is the 
result of the distance the Earth had traveled 
during the 24 hours between collections. 


This illustrates that the Earth’s rotation as 
well as its travel in orbit needs to be consid- 
ered when comparing drift scans. Enough to 
make your head spin (pun intended)? 

A final good starting activity is to point 
the antenna toward the Clarke Belt and find 
all the satellites in geosynchronous orbit 
transmitting on 12 GHz. If you record signal 
strength peaks and AZ and EL for each peak, 
you will develop a graph of the Clarke belt as 
illustrated in Figure 15. 

Thave only scratched the surface, and the 
sky is the limit of this little project. The RT 
project can certainly broaden your horizons 
and expand your understanding of our uni- 
verse. If you would like more detail than can 
be presented here, please contact the author. 


Notes 
‘www.setileague.org/articles/Ibt.pdf. 
2www.aoc.nrao.edu/epo/teachers/ittybitty/ 
procedure.html. 
Swww.pctinternational.com/channelmas- 
ter/0612/satellite.html. 
4radiosky.com/skypipeishere.html. 
5en.wikipedia.org/wiki/Geostationary. 
Swww.arrl.org/files/qst-binaries/. 


Mark Spencer, WA8SME, is ARRL Education 
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774 Eastside Rd, Coleville, CA 96107 or at 
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(a) {b) 


Figure 18 (a) A set of Fresnel zones has been constructed 
about the optical path taken by some light ray. If the optical path of 
the ray is varied over the cross-hatched area shown in the figure, 
then the optical path length does not change. This cross-hatched 
area is equal to the first Fresnel zone and is described as the 
neighborhood of the light ray. (b) The neighborhood defined in (a) 
is moved so that it surrounds an incorrect optical path for a light 
ray. We see that this region of space would contribute no wave 
amplitude at the observation point because of the destructive 
interference between the large number of partial zones contained 
in the neighborhood. Reprinted with permission from Guenther 
RD (1990) Modern Optics. New York: John Wiley & Sons. 


The resolving power of a zone plate is a function of 
the number of zones contained in the plate. When the 
number of zones exceeds 200, the zone plate’s 
resolution approaches that of a refractive lens. 


Fermat's Principle 


The Fresnel zone construction provides physical 
insight into the interpretation of Fermat’s principle 
which states that, if the optical path length of a light 
ray is varied in a neighborhood about the true path, 
there is no change in path length. By constructing a 
set of Fresnel zones about the optical path of a light 
ray, we can discover the physical meaning of a 
neighborhood. 

The rules for constructing a Fresnel zone require 
that all rays passing through a given Fresnel zone 
have the same optical path length. The true path will 
pass through the center of the first Fresnel zone 
constructed on the actual wavefront. A neighborhood 
must be the area of the first Fresnel zone, for it is over 


this area that the optical path length does not change. 
Figure 18a shows the neighborhood, about the true 
optical path, as a cross-hatched region equal to the 
first Fresnel zone. 

Light waves do travel over wrong paths but we do 
not observe them because the phase differences for 
those waves that travel over the ‘wrong’ paths are 
such that they destructively interfere. By moving the 
neighborhood, defined in the previous paragraph as 
the first Fresnel zone, to a region displaced from the 
true optical path, we can use the zone construction to 
see that this statement is correct. In Figure 18b the 
neighborhood is constructed about a ray that is 
improper according to Fermat’s principle. We see that 
this region of space would contribute no energy at the 
observation point because of destructive interference 
between the large number of partial zones contained 
in the neighborhood. 

This leads us to another interpretation of diffrac- 
tion. If an obstruction is placed in the wavefront so 
that we block some of the normally interfering 
wavelets, we see light not predicted by Fermat’s 
principle, i.e., we see diffraction. 
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Diffractive optical elements (DOEs) can be used for 
the correction of aberrations in optical systems 
because of two fundamental properties: 


1. The phase function ® of a DOE can be chosen 
quite arbitrarily so that for a given wavelength A 
the DOE can act like an aspheric optical element. 

2. The dispersion of a DOE due to the local grating 
equation is very high and its sign is opposite to 
that of the dispersion of a refractive optical 
element with normal dispersion of the refractive 
index. 


The first property allows the correction of mono- 
chromatic aberrations in an optical system similar to 
the case of using an aspheric surface in a refractive 
optical system. The second property allows the 
construction of hybrid achromatic optical elements 
that consist of a refractive lens and a diffractive lens 
whose optical powers have the same sign (e.g., two 
positive lenses for a positive achromatic element or 
two negative lenses for a negative achromatic 
element). 

This article will first describe two methods for the 
simulation of DOEs by ray tracing because ray 
tracing is the basic simulation tool for aberration 
correction. Afterwards, the properties of DOEs for 


the correction of monochromatic and chromatic 
aberrations and some applications will be discussed. 
The name DOE will always mean either binary, or 
multiple-step or blazed surface relief diffractive 
optical elements which change only the phase of the 
incident wave and not the amplitude. All examples 
will be given for transmission elements but in 
principle reflective elements can also be described 
with quite similar formulas. 


Ray Tracing Simulation of DOEs 


First of all it seems straightforward to use a diffractive 
analysis to simulate a diffractive optical element. 
However, the global diffractive analysis of a general 
DOE with perhaps 1000 or more grating structures 
and locally changing grating period and especially the 
diffractive analysis of a complete optical system 
containing DOEs and other elements is so complex 
that it can be done only for very simple DOEs and 
systems. Therefore, the diffractive analysis of a DOE is 
mostly restricted to a local analysis using some periods 
(e.g., 10-50 periods) to calculate, e.g., the different 
local diffraction orders, their diffraction efficiencies 
and possibly local phase shifts. For the global analysis 
another simulation method has to be used. 

The most important simulation method for the 
correction of aberrations in traditional optical 
systems is ray tracing. Therefore, ray tracing methods 
are also used for DOEs. These methods can calculate 
the path of a ray for a given diffraction order, but they 
cannot calculate the diffraction efficiency for this ray. 
For the calculation of the diffraction efficiency local 
diffractive analysis methods (scalar or rigorous 
methods depending on the local grating frequency 
and the angle of the incident ray) have to be used 
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in addition. In particular, for applications with a 
broad wavelength spectrum (e.g., an achromatic lens) 
or a broad spectrum of angles of the incident rays, the 
diffraction efficiency has to be analyzed carefully to 
obtain the energy distribution in the different diffrac- 
tion orders. But this is beyond the scope of this article 
about aberration correction and we assume that we 
know the local diffraction efficiency for each ray. 


Sweatt Model for the Ray Tracing Simulation 
of DOEs 


An aspheric refractive surface with height 4 as a 
function of the lateral coordinates x and y and a 
refractive index 1 below the surface and air (refrac- 
tive index 1) above the surface can be approximately 
replaced by a DOE with the phase function (see 
Figure 1) 


(1 — 1)h(x, y) 
r 


Here, A is the wavelength of the light for which the 
DOE is designed and the phase function is a 
continuous representation of the structure of the 
DOE. To encode the phase function of the DOE the 
wrapped phase function ® mod 27 has to be 
considered. The encoding itself can be done by 
building a blazed, a multiple-step or a binary structure 
(see Figure 1), whereby the first-order diffraction 
efficiency decreases from the blazed to the binary 
structure (at maximum 100% diffraction efficiency for 
the blazed structure and about 40% for the binary 
structure). The replacement of an aspheric refracting 
surface by a DOE using eqn [1] is only valid in the 
paraxial approximation since the phase function of the 
DOE is encoded in a plane whereas the refracting 
surface of the aspheric is typically curved. But, the 
agreement between the aspheric surface and the DOE 
with a phase function calculated with the help of eqn 
[1] increases with increasing refractive index n since 
then the curvature of the aspheric is quite small and the 
refraction also nearly takes place ina plane. Of course, 
the refractive index of real materials cannot exceed a 


P(x, y) = 27 [1] 





Ah= AMn-1}T 





Figure 1 Transition from an aspheric refracting surface to a 
blazed diffractive optical element and finally to a binary diffractive 
optical element. 





value of more than about 3.5 (for silicon used in the 
near infrared). But, in a numerical simulation the 
refractive index can be arbitrarily high, e.g., several 
thousand. This is the reason why the so called Sweatt 
model for tracing rays through DOEs uses a weakly 
curved aspheric surface with height heycate and a very 
high refractive index Ngyearr to simulate a diffractive 
phase function ®: 


A P(x, y) 
27 





Pesieni Os y) = [2] 


Nsweatt — 1 
To take into account the wavelength dispersion of the 
DOE the refractive index noyeatr in the Sweatt model 
has to be proportional to the wavelength A 


Agweatt(A) = no [3] 
0 
where 1p is the refractive index at the wavelength Apo. 
The validity of the Sweatt model increases with 
increasing refractive index and becomes nearly exact 
for Ngyeart — © (in practice values of several thousand 
for the refractive index are normally sufficient and a 
rule of thumb is to take the numerical value of the 
utilized wavelength specified either in nanometers for 
infrared light or angstroms for visible light). The 
Sweatt model was introduced as a means to simulate 
DOES in ray tracing programs unable to implement 
DOEs directly but capable of simulating aspheric 
refractive surfaces. However, a disadvantage of this 
model is the numerical error generated by the finite 
value of the refractive index. 
Modern ray tracing programs therefore use a more 
appropriate model based on the local grating 
equation. 


Local Grating Model for the Ray Tracing Simulation 
of DOEs 


The basic equation for the simulation of DOEs by the 
local grating model is that the phase ®,,, of a 
diffracted ray in the plane of the DOE can be 
calculated from the phase ®;, of the incident ray by 
adding the phase function ® of the DOE multiplied 
by the diffraction order m: 


Dour(x, y> Zo) = (x, y, Zo) a mP(x, y) [4] 


Here, 2 is the z-coordinate of the DOE plane which 
is assumed to be perpendicular to the z-axis (see 
Figure 2). The diffraction order m will be only one for 
an ideal blazed DOE but it can have an arbitrary 
integer value for binary DOEs. In practice, the optical 
designer will calculate the system for one diffraction 
order and analyze the system for other diffraction 
orders afterwards if necessary. 
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Figure 2 Schematic view in two-dimensions of the path of a ray 
which is diffracted at a DOE. 


For the phases ®;,, of the incident and ®,,, of the 
diffracted ray the eikonal equation of geometrical 
optics is valid, 





2 2 
2 7m 
|V@i)P= k? = ( 5 ') 


[S] 
where the index j can have the two values ; € {in, 
out}. Mi, OF Moy, are the refractive indices of the 
materials in which the incident or diffracted rays 
propagate. A is the wavelength in vacuum. This form 
of the eikonal equation is obtained from the more 
common form |VLj|° = n?, which is derived in any 
textbook of optics, by multiplying it with (27/A)? and 
using the definition of the optical phase ®; = 27Lj/A. 
Here, L; is the optical path length which is often 
called the eikonal. The curves of constant phase 
(x,y,z) = constant are the wavefronts and the 
gradient V®((x, y,z) points in the direction of the 
local ray which is perpendicular to the wavefront at 
the point (x,y,z) and describes its direction of 
propagation. Furthermore, the unit vectors e;, and 
Cour along the ray direction of the incident and 
diffracted ray, respectively, can be calculated by 
normalizing the gradient: 





VO; A 
é 


i> We ~ Dam PF 


Fe 7 © (in, out) [6] 


Since e; is a unit vector, i.e., ej + Ce + ej = 1, itcan 
be seen from eqn [6] (and also from the original eqn 
[S]) that the z-component e,; of the ray direction 
vector can be calculated (apart from its sign) if the 
two partial derivatives of the phase with respect to x 
and y are known. This means that it is sufficient to 
know the phase in a plane as stated in eqn [4]. 

By calculating the partial derivatives of eqn [4] 
with respect to x and y the equations for the ray 


tracing at a DOE are derived: 


IDour (x, y) — dD, (x, y) err IP(x, y) 
Ox Ox 0x 
=> Noutx,out(Xs y) 








[7] 
IDour(x, y) _ IDi(x, y) ay dP(x, y) 
ay ay ay 
=> Nourly,out(% Y) 
= Niney,in(X, y) +m ~ es ») 


The local grating frequencies v, and v, in x and y 


direction are calculated from the phase function ® by: 


1 d®(x, y) 
vu(®¥) = 27 0x : 
1 a@(x,y) i 
x, 
Ho) = Fe 


Therefore, given e;, and eqn [6], the ray direction 
vector €oy of the diffracted ray is 

exout 
AoutCout = “out €y,out 


€zout 


Ninexin 7 ma Vy. 





= Nin€y,in +mdv. 





Vr — (Nin ex.in + MAV;)* = (Niney,in ap mAvy) 
[9] 


The dependence of the lateral coordinates x and y is 
left out in eqn [9] to simplify notation. It can be easily 
checked that this equation fulfills the required 
condition for the unit vector: Cour + e5out + zout = 1. 

As stated above, for a blazed DOE fabricated to the 
exact depth and illuminated by the design wavelength 
only the first diffraction order m = 1 is generated. But 
in practice other diffraction orders m are generated 
due to fabrication errors or illuminating with other 
wavelengths. In particular, by using binary DOEs 
there are inherently different diffraction orders. 
Therefore, it may be necessary to analyze the optical 
system for several values m one after the other. Each 
value m defines one wavefront generated by the DOE 
and the wavefront can be calculated by evaluating 
the optical path lengths along the rays at different 
points. In practice, the optical system has to be 
analyzed for those values m with sufficiently high 
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diffraction efficiency. Then, it can be checked whether 
undesired diffraction orders of the DOE are blocked 
in the optical system by aperture stops or whether 
they will disturb the output of the optical system. The 
local diffraction efficiency of each ray for a value m 
can be calculated to a good approximation by using a 
diffractive analysis of the corresponding local grating, 
ie., that of an infinitely extended grating which would 
have the same grating period and the same structure 
shape (e.g., depth) as the DOE at the specific point. 
If the y component of the incident ray and the local 
grating frequency vy, are both zero the ray com- 
ponents in the x direction can be expressed via the 
sine of the angle of incidence g;, or the angle of the 
diffracted ray @our (see Figure 2). In this case the first 
row of eqn [9] can be written as 
= Nin sin Fin + we [10] 


Nout SID Pout 


where the local grating period p, = 1/v, has been 
introduced. This is the well-known grating equation. 

In this article eqns [4]—[10] assume that the DOE is 
on a planar substrate and that x and y are the lateral 
coordinates on the substrate. However, the equations 
can also be written in a vector formulation which is 
valid for DOEs on curved substrates (see Further 
Reading). 

So, we have now a powerful simulation method to 
design and analyze in the following several optical 
systems containing DOEs to correct monochromatic 
or chromatic aberrations. 


Correction of Monochromatic 
Aberrations 


For practical applications it is important to have an 
efficient algorithm to calculate the phase function of a 
DOE to correct the aberrations in a given optical 
system. Several different cases have to be distin- 
guished. An easy case is the design of a DOE to 
produce a desired output wavefront ®,,, from a 
known input ®;,,. In this case, eqn [4] can be used to 
calculate the phase function ® of the DOE directly. 
Two examples are given in the following. Afterwards, 
some aspects of a more general numerical optimiz- 
ation procedure are described. 


Aberration Correction for Interferometrically 
Recorded Holograms 


Although the following example of the aberration 
correction of interferometrically recorded holograms 
by using DOEs seems to be quite special it shows 
exemplarily several principal steps which are necess- 
ary to design a DOE for correcting monochromatic 
aberrations. 


In this article the name DOE is used for diffractive 
elements with a microstructured surface (binary, 
multistep or blazed). Such elements have the property 
that their diffraction efficiency depends only weakly 
on the wavelength or the angle of incidence of the 
illuminating light. Another interesting class of dif- 
fractive elements are holograms in volume media, 
which are recorded interferometrically using two 
coherent recording waves. The refractive index in a 
volume hologram is modulated periodically and the 
thickness has to amount to several periods of the 
interference pattern along the z-direction in order to 
have a so-called thick hologram with a high diffrac- 
tion efficiency. If there are only a few periods along 
the z-direction the quite small modulation of the 
refractive index (typically about 0.02) will result in a 
low diffraction efficiency. Therefore, if the angle 
between the two recording waves is small the 
resulting interference pattern will have large periods 
and only a few periods are recorded in the photosen- 
sitive layer along the z-direction. But this means that 
the holographic optical element (HOE) can only have 
a small diffraction efficiency. From this fact, it is clear 
that also by using the recorded HOE the deflection 
angle between the incident and the diffracted wave 
must not be smaller than a certain value because 
otherwise the thickness has to be very big or the 
diffraction efficiency decreases. Therefore, such 
elements with high diffraction efficiency, which will 
be named in the following holographic optical 
elements (HOE), are always off-axis elements because 
for on-axis elements all rays in the neighborhood of 
the axis are only deflected by a small angle and then 
the diffraction efficiency would be low. For the correct 
wavelength and angle of incidence, so that the Bragg 
condition of holography is fulfilled, HOEs, like 
blazed DOEs, exhibit only one dominant diffraction 
order m= Mom (normally go, = 1). But, if the 
angle of incidence or the wavelength change, the 
diffraction efficiency in the order mgom decreases 
rapidly and light passes through the HOE without 
being deflected, i.e., most of the light is then in the 
order m = 0. For this reason, a HOE can be used for 
example for a head-up display to fade in some 
information under the Bragg angle without hindering 
the normal view onto the environment. 

Traditional materials for HOEs like dichromated 
gelatin (DCG) are sensitive only in the blue-green 
spectral region (e.g., for light of an argon ion laser 
with A = 488 nm). However, once recorded it will be 
illuminated in many applications (e.g., optical inter- 
connects) by a wavelength in the red-infrared 
spectral region. Unfortunately, the wavelength mis- 
match between recording and reconstruction illumi- 
nation introduces aberrations. 
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If the two desired reconstruction waves at the 
wavelength A, have the phases ®,,. and ®, ,2 in the 
surface plane of the HOE (the subscripts r and o refer 
to interferometry reference and object, respectively), 
the phase function ® of the HOE which has to be 
recorded is 

D(x, y) = Bo are, y) — P,r2%, y) [11] 
If our discussion here is restricted to holographic 
lenses, the two reconstruction waves will be spherical 
(or plane) waves (see Figure 3b) with the center of 
curvature at the points r,,2 and r,,,2 and eqn [11] is: 
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The parameters o,,,2 and o,,2 are either +1 for a 
divergent spherical wave or —1 for a convergent 
spherical wave. The surface of the HOE itself is in the 
plane at z=0. 
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Figure 3 Schematic view of the (a) recording and (b) 
reconstruction setup for a holographic lens. The recording is 
made at wavelength A, and the reconstruction at wavelength Ap. 


The task is now to find two recording waves which 
construct nearly the same three-dimensional inter- 
ference pattern in the hologram at the recording 
wavelength A,. This means that eqn [12] has to be 
fulfilled exactly for the difference of the phases of the 
two recording waves in the plane z=0 and, 
additionally, the Bragg condition has to be fulfilled 
at least approximately. So, the next step is to calculate 
one of the recording waves with phase ®,; so that 
the Bragg condition is fulfilled. This can be done 
approximately with a third-order theory resulting ina 
spherical wave or nearly exactly with an iterative 
numerical procedure resulting generally in an asphe- 
ric recording wave. If ®,,; is known, the other 
recording wave with phase ®, a; is calculated by 

Dori, y) = P(x, y) + Bai, y) [13] 
At least this recording wave will be aspheric. To 
generate such an aspheric wave it is traced by ray 
tracing to a plane where the two recording waves are 
spatially separated. There, either a DOE or a 
combination of a DOE and a lens are used to generate 
the aspheric wave. The calculations of the phase 
function of the DOE are done again by using an 
equation like [11] whereby one wave is the propa- 
gated aspheric wave (possibly propagated also 
through a lens) and the other is normally a plane 
off-axis wave with which the DOE will be illuminated 
in the real recording setup (see Figure 3a). Here, the 
off-axis angle is necessary to allow spatial filtering of 
disturbing diffraction orders of the DOE which will 
be normally fabricated as a binary DOE. 

Experiments of our own showed (see the literature) 
that nearly diffraction-limited holographic lenses 
with a numerical aperture of NA=0.4 can be 
fabricated by correcting the aberrations of about 28 
wavelengths peak-to-valley (for the reconstruction at 
633 nm wavelength) due to the wavelength mismatch 
between recording at 488 nm wavelength and recon- 
struction at 633 nm wavelength by using a DOE in 
the recording setup. 


Testing of Aspheric Surfaces by Using a DOE as 
Aberration Compensating Element 


An important application for DOEs is testing 
aspheric surfaces and nowadays more and more 
companies use DOEs to test aspheric surfaces which 
are used for example in the objectives of lithographic 
wafer steppers to produce highly integrated micro- 
electronic circuits. 

In this testing setup the DOE is illuminated by a 
wave with phase ®;,, to generate a wave with phase 
®,,, that is incident perpendicular to the aspheric 
surface (see Figure 4). After reflection at the asphere 
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Figure 4 Scheme showing the basic elements for testing an 
aspheric surface. 


the wave is retro-reflected and takes the same path if 
the asphere has no surface deviations and no mis- 
alignments. This means that the setup is completely 
symmetric for a reflection at the aspheric surface. 
Therefore, the optical path lengths have to be identical 
for all rays on the asphere. To calculate the phase 
function of the DOE the following steps are made: 


e A grid of N rays starting perpendicularly on the 
aspheric surface and having all phase zero (due to 
the fact that the phase has to be identical it can be 
set to zero) is traced to the plane of the DOE. 
N depends on the shape and numerical aperture of 
the asphere and the grid will be in most cases two 
dimensional and regular or one dimensional (along 
one radial section of the asphere) and regular if the 
asphere and the system are completely rotationally 
symmetric. As a rule of thumb the number N of 
rays has to be more than twice the number of 
polynomial coefficients if the asphere is described 
by a polynomial. 

e The phase of these rays is the function —®,., 
(the negative sign is necessary because the rays take 
the opposite direction) and is now known at some 
points (x;, y;) with 7 € {1,2,..., N}. 

e The phase ®;, of the incident wave which is in 
practice either a plane wave or a spherical wave is 
calculated in the plane of the DOE. If the incident 
wave is generated by a lens having aberrations it is 
again calculated by ray tracing, otherwise it can be 
calculated analytically. 

e Now, the phase function ® of the DOE can in 
principle be calculated with the help of eqn [4]. 


However, the phase ®,,,, (and possibly also ®;,) is 
known only at some points (x;, y,), but it has to be 
known at all points of the DOE. Therefore in practice 
an analytical representation of the phase functions of 
the incident and output wave has to be calculated. 
This can be done by fitting a polynomial to the phase 
values using a least squares fit. In this case the 
coordinates, at which the phase values are known, 
can be quite arbitrary as long as the sampling is dense 
enough. For a rotationally symmetric system the 
polynomial should also be rotationally symmetric, 
i.e., a polynomial P,., depending only on the radius 


coordinate r 
r= yx+y 
Gi 


G % 
Prot) = Daj or Pret) = Di aajr [15] 
j=0 j=0 


[14] 


where G is the degree of the polynomial, i.e., the 
highest power in r. In these two cases the number N of 
sampling points lying along one radial section of the 
rotationally symmetric optical system should be 
larger than 2G or G, respectively. 

For general non-symmetric systems a Cartesian 
polynomial P..,; can be used, e.g., 


G G-j 


Peart (X, y) > > > aipx!y* 


j=0 k=0 


[16] 


Here, the number of coefficients of the polynomial is 
(G+ 1)(G+2)/2 and the number N of sampling 
points should again be larger than twice the number 
of coefficients, i.e., N > (G+1)(G +4 2). 

For both types of polynomials the coefficients a; 
or aj, have to be calculated so that the merit 
function M 


N 
M(a) = > (PCx;, yi) — Bj, ¥)))s_ 7 € {in, out} 
i=1 
[17] 


is minimized. The symbol P means either P,,, or Peart: 
The vector a symbolizes the coefficients a; or aj. By 
differentiating M with respect to all coefficients and 
setting the partial derivatives to zero a system of linear 
equations is obtained which can be solved by standard 
procedures. As mentioned before, the number N of 
independent sampling points has to be at least double 
the size of the number of coefficients of the poly- 
nomial. Otherwise, the polynomial can ‘swing’ 
between the sampling points and the polynomial fits 
well to the desired phase function only at the sampling 
points but not at other points in between. 

For very irregular aspherics with a fast change of 
the local curvature it might by necessary not to take a 
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global polynomial fit but a spline fit, i.e., a set of 
adjacent local polynomials with several continuity 
conditions at the border area of each local poly- 
nomial. In this case the total number of coefficients 
used to describe the phase functions and ®;,, and ®,., 
of the DOE will be increased compared to the 
description by a global polynomial. Then, the number 
N of rays for the calculation has also to be increased 
accordingly. 

So, in this example the DOE acts as a null- 
compensator for the asphere and at first sight it is 
not a typical example for aberration correction. 
However, by regarding the complete system the 
DOE compensates the aberrations, i.e., deviations 
froma spherical wave, generated by the asphere which 
are primary and higher-order spherical aberrations if 
the asphere is rotationally symmetric and more 
general aberrations otherwise. This example shows 
how the phase function of a DOE can be designed 
straightforwardly for correcting aberrations if there is 
only one well-defined wavefront propagating through 
the optical system. This design method can also be 
used for other optical systems where the input and the 
output wavefront of the DOE are well defined. 


Numerical Optimization of DOEs in Optical Systems 


In a general optical system, where a DOE is not only 
used to compensate the aberrations for one specific 
incident wave but for different incident waves (optical 
system with a field), it is not possible to calculate the 
optimum phase function in such a straightforward 
way as given above. However, a DOE is in principle 
similar to an asphere in an optical system, so that the 
design rules for including aspherics in optical systems 
can be used in some cases as long as monochromatic 
aberrations are considered. Nevertheless, one should 
keep in mind that a DOE is, according to the Sweatt 
model, an asphere with high refractive index and small 
height, i.e., the deflection of the light rays occurs in a 
plane (or ona curved surface if the DOE is situated on 
a curved substrate). Therefore, the design rules for 
aspheric surfaces can be used only if the high refractive 
index of the Sweatt model is used in the design. 

In the general case only a numerical optimization 
can be used. For this, it is very important to select an 
appropriate mathematical representation of the phase 
function of the DOE. 

For rotationally symmetric optical systems also the 
phase function of the DOE should be rotationally 
symmetric. Therefore, in such a case it is useful to 
write the phase function ® as a polynomial in the 
radius coordinate r as given in eqns [14] and [15]. 
Then, the (G + 1) or (G/2 + 1) coefficients a; have to 


i 
be optimized, whereby az is proportional to the focal 


power of the DOE, whereas the other coefficients 
represent aspheric terms. Depending on the numerical 
aperture and on the application the degree G of the 
polynomial can be increased in order to achieve a 
better solution. Nevertheless, the degree in the 
optimization should be as small as necessary in 
order to avoid ‘swinging effects’ and numerical 
instabilities of the polynomial. To determine the 
smallest adequate degree an iterative method has to 
be used by starting with a quite small degree (e.g., 4). 
If the result of the optimization is not good enough 
the degree has to be increased until the result of the 
optimization is satisfying. 

For non-rotationally symmetric optical systems a 
Cartesian polynomial like in eqn [16] can be taken 
and all the (G + 2)(G + 1)/2 coefficients aj, have to 
be optimized. Since the number of free parameters is 
in this case larger than the number of free parameters 
in the rotationally symmetric case the convergence of 
the optimization may take a long time and the risk to 
break down in a local minimum of the multidimen- 
sional parameter space increases. 

In principle, the calculation of a DOE used, e.g., for 
testing an aspheric surface can also be done by 
optimizing the coefficients of the polynomial repre- 
senting the phase function of the DOE. Nevertheless, 
as a general rule it can be said that a direct calculation 
of the phase function is always more efficient than a 
numerical optimization, if the direct calculation is 
possible. In practice, it can be seen that the maximum 
degree of a polynomial, which is directly calculated 
by the method described in the last section, is always 
smaller than the degree which is necessary in a 
numerical optimization to achieve convergence of the 
optimization. 

Of course, in such cases where several different 
types of aberrations (on-axis aberrations like spheri- 
cal aberration, off-axis aberrations like astigmatism 
and coma or field aberrations like field curvature or 
distortion) have to be corrected in an optical system a 
direct calculation of the phase function is not possible 
so that only the numerical optimization can provide a 
solution. 

Up to now only monochromatic aberrations have 
been discussed. But as stated at the beginning of this 
article the strong dispersion of a DOE having 
opposite sign to the dispersion of a refractive element 
offers additional applications of DOEs by correcting 
chromatic aberrations. The principle of doing this is 
described in the following. 


Correction of Chromatic Aberrations 


The focal power 1/f (fis the focal length of the lens) 
of a thin refractive lens consisting of two spherical 


278 DIFFRACTIVE SYSTEMS / Aberration Correction with Diffractive Elements 





surfaces with radii of curvature R,; and R» and made 
of a material (glass) with refractive index n is 


1 1 1 
fo. v( Ri Ry 
where A is the wavelength of the illuminating light. 
This equation is valid for all wavelengths and so 
also for the commonly used wavelength Ag = 587.6 
nm (yellow d-line of helium) which is near the center 
of the visible spectrum. Then 1/R, — 1/Rz can be 
expressed as 1/((7g — 1)f4) and the focal power 
depends on the wavelength as 


1 wnay-11 
f(A) ag — 1 fg 


where ng and fg are the refractive index and the focal 
length at Ag = 587.6 nm, respectively. So, by com- 
bining two thin lenses made of materials with 
refractive indices n, and m2 and focal lengths f, and 
f2 the focal power of the doublet assuming a zero 
distance between the two lenses is: 


[18] 


[19] 
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For an achromatic doublet the focal power should be 
equal for two different wavelengths which are 
commonly the wavelengths Ap = 486.1 nm (blue 
F-line of hydrogen) and Ac = 656.3 nm (red C-line 
of hydrogen) which mark the limits of the well visible 
spectrum (of course the visible spectrum itself is 
broader but the sensitivity of the human eye to 
wavelengths below Ap or beyond Ac is quite bad). 
Therefore, the following equations result: 


1 1 ask ny(Ap) — m41(Ac) 1 
fees(Ar) fees(Ac) 114 — 1 fia 
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[21] 
M4 — 1 fad 
By introducing the Abbe number V4 
ees 
Np Nc 
_ n(Ag = 587.6 nm) — 1 22] 
n(Ap = 486.1 nm) — 2(Ac = 656.3 nm) 
equation [21] can be simplified to 
Viahia = — V2afre [23] 


Now, the wavelength dispersion of all conventional 
materials (glasses, polymers, etc.) is such that the 
refractive index decreases with increasing wavelength, 


i.e. the material has a so-called normal dispersion. This 
means that the Abbe number V, is always positive and 
ranges from about 20 for high-dispersive glasses (e.g., 
SF59) to more than about 80 for low-dispersive glasses 
(e.g. Ultran 20). So, to fabricate a refractive achro- 
matic doublet with a positive focal power it is 
necessary to take a positive lens with focal length f; 
made of a low-dispersive glass with a large Abbe 
number V,,4 and a negative lens with focal length fh 
made of a high-dispersive glass with a small Abbe 
number V>q (see Figure 5a). Therefore, the resulting 
focal power of the achromatic doublet 





to te, 
essa fia fra fia 


is always smaller than the focal power of the positive 
lens with focal power 1/f,,4 alone. 

The situation is completely different if a refractive 
and a diffractive lens are used. From the Sweatt model 


(b) 


Figure 5 Structure of achromats: (a) refractive achromatic 
doublet consisting of a positive lens with low dispersion and 
a negative lens with high dispersion; (b) hybrid achromatic 
lens consisting of a positive refractive lens and a positive 
diffractive lens. 
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of a DOE (eqn [3]) it is known that the refractive 
index Mgyeart iS proportional to the wavelength A 





N09 nq 
—s — een 2. 
Agweatt(A) Ne A is A [25] 
Therefore, the Abbe number of a DOE is 
—1 
ye 
Np —~ Nc 
_ de (,_ 1) nze da 
Ag _ Ac nq Ag _ Ac 
= —3.452 [26] 


Here, we used the fact that the accuracy of the Sweatt 
model increases with increasing refractive index so 
that the Abbe number of a DOE is achieved in the limit 
of an infinite refractive index. So, it can be seen that the 
Abbe number of a DOE is a small negative constant. 
This means that the dispersion of a DOE is high and 
opposite in sign to that of a refractive element. 
Therefore, according to eqns [23] and [26] a positive 
refractive lens with a large focal power (i.e., small 
focal length) and a positive diffractive lens with a small 
focal power (i.e., long focal length) can be combined to 
form an achromatic doublet with a focal power larger 
than the focal power of one of the two lenses alone (see 
Figure 5b). By using eqns [19] and [25] the focal power 
of a diffractive lens can be calculated with the Sweatt 
model (z very big 1 — 1 ~ n): 


1 A 


—— = 27 
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In practice, the lenses are neither thin nor is the 
distance between them zero. In this case the equations 
for the design of a hybrid achromatic doublet are more 
complex (see Further Reading). Nevertheless, the 
given equations can be used for a first design and to 
understand the principal behavior. 

Another advantage of a hybrid achromatic doublet 
is that the DOE can in addition behave like an 
asphere. Therefore, e.g., the spherical aberration can 
be corrected with the aspheric terms of the DOE 
provided that the spherical aberration is considerably 
smaller than the phase term encoded in the DOE to 
correct the chromatic aberrations. Otherwise, the 
correction of the monochromatic (spherical) aberra- 
tion will disturb the correction of the chromatic 
aberrations. A comparison of a simple hybrid 
achromat, consisting of a planoconvex lens with the 
diffractive structure made directly onto the plane 
surface of the refractive lens and a conventional 
refractive achromatic doublet shows that the optical 
performance of the hybrid achromat is a little bit 
worse than that of the refractive achromatic doublet 
regarding, for example, off-axis aberrations. A simple 


explanation of this is that a refractive achromatic 
doublet has three spherical surfaces and two glasses, 
i.e., in total five parameters, whereas a hybrid 
achromat has one spherical surface, one glass and 
the DOE with a paraxial term and an aspheric term, 
i.e. in total about four parameters. Of course, the 
merit of these different types of parameters is not 
identical so that this assessment is only qualitative. 

In the case of hybrid achromatic elements for a 
broad wavelength range (e.g., for the whole visible 
wavelength range) the dependence of the diffraction 
efficiency on the wavelength may be a limiting factor 
because the other diffraction orders behave like stray 
light and reduce the maximum contrast of the image. 
Therefore, special laminated blazed diffractive optical 
elements made of laminae of two or more different 
materials are described in the literature which show a 
nearly achromatic behavior of the diffraction effi- 
ciency but the ‘normal’ dispersion of DOEs. DOEs 
are in the meantime used in zoom lenses (see the cited 
patent in Further Reading) to correct chromatic 
aberrations. 


Summary 


In this article the possibilities of correcting mono- 
chromatic and chromatic aberrations in optical 
systems by using diffractive optical elements have 
been discussed. There are several advantages and 
disadvantages of using DOEs. 

Advantages: 


e DOEs offer many degrees of freedom in the design. 
By using modern lithographic fabrication tech- 
niques the fabrication of a DOE with a strongly 
aspheric phase function is just as expensive as 
fabricating a simple Fresnel zone lens with a 
quadratic phase function. So, DOEs can be used 
in some cases instead of aspheric surfaces which 
are more expensive. In addition, the lithographic 
fabrication technique guarantees a quite good 
accuracy concerning the phase function of the 
DOE compared to the more difficult fabrication of 
well-defined aspheric surfaces. 

e The strong chromatic dispersion with the opposite 
sign to that of a refractive element allows the 
correction of chromatic aberrations. DOEs also 
give in this case an additional degree of freedom in 
the design because aspheric terms of the phase 
function can correct in addition monochromatic 
aberrations of the system as long as these aberra- 
tions are considerably smaller than the quadratic 
term of the phase function which corrects the 
chromatic aberrations. 
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Also see the brief full article at: mobile phone detector 


IMPORTANT NOTE: this device works very well on the old style mobile phones (as shown in the photo above). 
However, it does not always work well with modern smart phones. This may be because modern phones use higher 
frequencies, less power and use the power in a slightly different way (e.g. spread spectrum). Some smart phones do 
work and success may be due to the signal strength of the local mobile phone mast nearby. If you are in a low signal 
area the phone will create more power to ensure reliable communications. If you are in a very strong signal area (very 
near the local network) your phone will drop its output power and consiquently there will be less power to pick-up 
and to convert to a voltage to light the LED. 


Described is a simple low cost home-made device that converts the radio wave energy from a mobile phone signal into 
electricity to light an LED. No battery or complex circuitry is required. The device can form the basis of a range of 
interesting experiments on the physics and technology of our mobile phones. 
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Fig. 1: left: mobile phone radio wave detector and right: the simple schematic 
Introduction 
Electromagnetic radiation (EMR) is at the heart of modern mobile phone data communications networks. The way a mobile 
phone and local base stations (the antenna covered masts you see dotted all around the place) communicate between each 
other is by using EMR in the radio wave part of the spectrum [1,2,3]. On switch-on your mobile sends digital information 
pulses by rapidly switching on and off the radio waves rather like a fast Morse code signal. Your text or voice is also 
converted into a series of digital pulses and sent across the network to be decoded (reassembled) by another mobile phone 
you dialled. 


http://www.creative-science.org.uk/mobile_LED.html 1/7 
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Disadvantages: 


e DOEs often exhibit not only one diffraction order 
but several diffraction orders due to fabrication 
errors, a broad spectrum of application wave- 
lengths or because some DOEs naturally have 
several diffraction orders like, for example, binary 
DOEs. This can produce disturbing light in the 
optical system and limit the application. 

e The strong dispersion can restrict the application in 
monochromatic systems because it requires in 
some cases (e.g., for testing aspheric surfaces) not 
only a relative constancy, i.e., constant but the 
absolute value does not have to be hit exactly, of 
the illuminating wavelength but an absolute con- 
stancy because otherwise systematic aberrations 
are introduced by the DOE. 


So, there are many advantages of DOEs compared 
to other optical elements but on the other hand a 
DOE is not a magic bullet in correcting aberrations in 
optical systems. Depending on the system a careful 
assessment of the advantages and disadvantages has 
to be performed in order to find the best solution. 


List of Units and Nomenclature 


Abbe number real number Va 

Angle [rad] a) 

Cartesian [m] Xs Vy z 
coordinates 

Coefficients different negative a 


of a polynomial powers of m 


Components of real numbers Cy: Cys. Cz 
the ray vector 

Degree of a integer number G 
polynomial 

Diffraction order integer number m 

Focal length [m] f 

Grating frequencies [m~'] Vyy Vy 
in x and y 
direction 

Height of a [m] h 
lens surface 

Local grating [m] Ducky 


periods in x 
and y direction 


Merit function real valued function M 


Modulus of the [m-‘] k 
wave vector 
Nabla differential [m ‘] Vv 


0/dx 
operator | 0/dy 


0/0z 


Number of integer number N 
sampling 
points/rays 
Optical phase, [rad] ® 
phase function 
Polynomial real valued P 
function 
Radial coordinate  [m] r 
Refractive real number 
index 
Sign variable either +1 or —1 o 
Symbol for partial a 
differentiation 
Unit vector in vector with three e 
ray direction real components 
Wavelength [m] A 
See also 


Geometrical Optics: Aberrations. 
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Introduction 


Most aspects of modern life are thoroughly influenced 
by the micro-electronics industry through microchips, 
such as microprocessors and memory chips. Optical 
lithography has been a key factor in the rapid pace of 
integration that drives the development of the micro- 
electronics industry. The photolithography process 
not only facilitates the fabrication of the chips, but also 
directly influences the limits of the obtainable chip 
performance in terms of speed or storage capacity, 
through the minimum feature size that can be created 
in the lithography steps. The increasing resolution 
demands of the IC industry, outlined in the Inter- 
national Technology Roadmap for Semiconductors as 
technology nodes, mean continuing demand for 
improvements in the photolithography systems. 

The challenges to the improvements are encapsu- 
lated in the equation for the resolution of an optical 
lithography system: 


which expresses the resolution R in terms of the 
smallest resolvable half-pitch as a function of 
the wavelength A, the numerical aperture NA of the 
exposure system and the unit less constant k;, which is 
used as a measure of lithographic difficulty, with 
smaller values indicating a more challenging process. 
Traditionally, the increase in the resolution has 
been obtained by decreasing the used wavelength, 
with the current mark for volume production 
systems currently standing at 193 nm. Within each 
wavelength, further reduction has been traditionally 
obtained by increasing the numerical aperture 
towards the mathematical limit of 1. Finally, several 


so-called Resolution Enhancement Techniques (RET) 
have been introduced to reduce k, in order to reach 
subwavelength technology nodes within each litho- 
graphy wavelength generation. It is in connection with 
these techniques that micro-optics has found a role in 
modern lithography systems. 

In this chapter we discuss the ways micro-optics are 
being utilized in lithography systems. We will start 
with a brief overview of conventional lithography 
systems, of the essential parts of such systems as well 
as the special resolution enhancement techniques 
utilized in the systems. We will then discuss the 
utilization of micro-optics within the context of 
lithography systems, along with the unique challenges 
in terms of design and fabrication that are associated 
with such applications. Finally, we will briefly discuss 
nonconventional lithography applications, especially 
those based on utilization of micro-optics. It should 
be noted that the motivation of this article is to 
describe the issues related to the use of micro-optical 
elements in a modern lithography system and is not 
intended as a review of the modern lithography 
systems, nor is it a review of micro-optics. 


Overview of Conventional 
Lithography Systems 


Photolithography is a process whereby a specified 
pattern or mask is transferred onto a wafer using 
photons. In the process a photosensitive material, 
commonly known as a resist, is initially used to record 
the pattern that is generated when the mask is 
illuminated. After exposure, the resist is developed. 
The resist is referred to as positive or negative, 
depending on whether it is removed or remains, 
respectively, after the development of the irradiated 
regions. After its development, the pattern in the resist 
is then transferred onto the wafer using suitable 
chemical processes, such as wet chemical etching or 
dry plasma etching. 

Several different lithographical techniques exist. 
The oldest and simplest is contact printing, where a 
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photomask is brought into contact with a layer of 
photoresist on the wafer. Although this technique can 
reproduce high-resolution features, the contact 
between the wafer and the mask can lead to problems 
with cross contamination, and can damage either 
the wafer or the mask. Contact printing is mainly used 
nowadays in laboratory environments for small series 
of photolithography steps. A slightly more compli- 
cated technique is proximity printing, in which the 
photomask is held in close proximity to the surface of 
the wafer without actual contact. This avoids the 
problems of contamination and damage, but due to 
diffraction effects, reduces the maximum resolution of 
the process. Nevertheless, proximity printing remains 
a valuable technique for lithography applications, 
that do not require the highest possible resolution. 

Modern volume production photolithography sys- 
tems are based on the use of a projection system to 
image a mask onto a wafer through a complex system 
of lenses. There exist several variations of the basic 
idea. In some systems the entire mask is imaged at once 
onto the wafer. This approach works only when the 
feature size on the mask is reasonably large, in the 
range of a few microns. Reproducing smaller features 
with this approach is generally not possible, as the 
demands on the optical quality of the projection 
system, in the form of allowed aberrations, become 
extremely difficult to meet, especially when the 
physical size of the optical components increases 
with the reducing feature size. Therefore, so-called 
wafer steppers are used in modern microchip fabrica- 
tion. The basic idea of a wafer stepper is to image only 
a small region of the mask onto the wafer, and pattern 
the entire surface area in consecutive steps. 

The centerpiece of a wafer stepper is the exposure 
system. Its task is to image desired patterns from the 
photomask to their proper positions on the surface of 
the wafer. In many systems this process includes a size 
reduction between the patterns on the photomask and 
on the wafer. This reduces the dimensional accuracy 
requirements, such as feature size and positioning for 
the mask fabrication by whatever is the de-magnifi- 
cation of the lithography system. However, it also 
increases the complexity of the exposure system, as 
significance of aberrations is increased. The require- 
ments of microchip production mean that the image 
of the photomask with submicron features must be 
reproduced on the wafer with a dimensional accuracy 
of only a few tens of nanometers and aligned to a 
specific position within a fraction of the linewidth. 
Furthermore, these tolerances must be guaranteed 
over the entire exposure field that is typically several 
square centimeters. It is not surprising that the 
resulting complex piece of optics costs several 
millions dollars. 


Light source 


vs! 


Aperture to 


modify illumination Illumination system 


Conderser lens 


Mask 


Projection lens Projection system 





Wafer on 
wafer stage 


Figure 1 Schematic illustration of the exposure system. 


The exposure system consists of a projection lens, 
illumination system, and wafer management system, 
as illustrated schematically in Figure 1. 

A typical projection lens is a complicated lens 
system. As the resolution of a lens system is inversely 
proportional to the diameter of the lenses, the lenses 
in photolithographic systems can have diameters up 
to 250 mm, and the whole system is arranged inside a 
massive barrel-frame. The aim of the projection lens 
in the entire exposure system is to image the pattern 
from the photomask to the wafer. The projection 
lens is primarily responsible for the resolution and 
must therefore fulfill the highest optical requirements. 
To produce the smallest possible image, diffraction 
effects alone must essentially limit the resolution of 
the system. This means that the optical aberrations 
over the exposure field of several square centimeters 
must be virtually eliminated, by the wavefront 
deviations being less than a fraction of the 
wavelength. 

The illumination system transfers the illumination 
source through the photomask to the entrance of the 
projection system. The main requirements for the 
illumination system are to collect most of the light 
into the system and to ensure that the irradiance of 
the photomask is uniform to within a few percent. In 
addition, resolution enhancement techniques, based 
on off-axis illumination, require that the illumination 
pattern on the photomask has a specific shape. We 
will discuss these requirements later in more detail. In 
general terms, the illumination system is less compli- 
cated than the projection system, especially with 
regard to the elimination of aberrations, due to the 
fact that precise imaging is not required in the 
illumination system. 
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Although the wafer management system is outside 
the scope of this article, we note in passing that it 
maintains the position, orientation, and movement of 
the wafers through the exposure system. Again, high 
precision is required to ensure the successful exposure 
of the desired pattern to the wafer. 


Resolution Enhancement Techniques 


In most modern lithography systems the achievable 
maximum resolution is increased via the use of one or 
more special resolution enhancement techniques 
(RET). These are essentially creative refinements of 
the lithography technology, based on theoretical 
optics papers published often decades before their 
first application in the lithography process in the late 
1980s and early 1990s. There are essentially three 
RET approaches: Off-Axis Illumination (OAI), Opti- 
cal Proximity Correction (OPC), and Phase Shifted 
Masks (PSM). 

In optical proximity correction the basic idea is to 
predistort the mask pattern in order to overcome the 
proximity effects caused by the optics and the different 
processes. This is done either using a set of pre-existing 
rules describing the connection between a mask 
pattern and its realization on the wafer, using 
advanced models to predict the proximity effects 
during the lithography process, or with some combi- 
nation of both. The key difficulties with OPC are 
related to the fabrication of the predistorted mask and 
to the accuracy of the used distortion rules or 
proximity effect models. Finally, it should be noted 
that OPC is strictly speaking not a true resolution 
enhancement technique, as it only enhances the 
effective resolution and not the theoretical resolution 
limit of the process defined by the optics. 

In phase shifted masks the improvement in the 
resolution is obtained by altering the phase of light 
passing through different portions of the mask, 
creating regions of destructive interference in the 
image. This leads to higher contrast, which helps to 
improve the effective patterning resolution. However, 
as with OPC, there is no true resolution enhancement 
in terms of the theoretical resolution limit. There are 
two main difficulties with application of PSM. First, it 
is not straightforward to introduce required phase 
shifts into an arbitrary design layout, because some 
geometrical shapes, such as junctions are harder to 
realize than others. Another problem lies with the 
mask fabrication, which requires careful calibration 
of the material layers and can be very complicated 
and costly compared to fabrication of conventional 
binary masks. 

For the purposes of this article, only off-axis 
illumination is discussed, as both OPC and PSM 
are essentially mask-based techniques and thus 





Figure 2 Schematic illustration of effect of off-axis illumination 
on image formation. 


provide no opportunity for micro-optics. Off-axis 
illumination refers to any illumination scheme that 
significantly reduces or eliminates the light hitting 
the mask at near normal incidence, leading to the 
diffraction pattern of the mask being shifted on the 
projection lens. The principle behind the resolution 
enhancement, obtained by introducing such a shift, is 
schematically illustrated in Figure 2 for periodic 
pattern. 

The mask pattern can be imaged if at least two 
diffraction orders generated by the mask pass through 
the pupil of the projection lens. Using on-axis 
illumination, the minimum feature size of the system 
is reached when the period of the mask pattern is so 
short that the + 1st diffraction orders can no longer 
pass through the pupil. If the illumination is moved 
off-axis, the diffraction pattern is shifted and the 
second diffraction order (in this case +1st) again 
passes the pupil. Thus the resolution has been 
increased. A secondary improvement in contrast 
may be obtained by shaping the diffraction orders 
falling onto the pupil, such that the filling of the pupil 
is optimized, i.e., such that less unwanted light 
contributing to the background illumination passes 
the pupil. Finally, the depth of focus of the system can 
be optimized by ensuring that the contributing orders 
(in this case Oth and + 1st) are symmetric with regards 
to the optical axis. 

The conventional way to realize off-axis illumina- 
tion schemes is to introduce a suitable aperture to 
the illumination optics between the source and the 
mask. In order to effectively use off-axis illumina- 
tion, the shape and size of the aperture, i.e., the 
illumination pattern, must be optimized for the 
specific mask shape and pitch. This optimization 
leads to four basic shapes, as illustrated in Figure 3. 
In most modern lithography systems these shapes 
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Figure 3 The four typical illumination patterns: disk, ring or 
annular, quadrupole, and dipole. 


are available with different values of partial coher- 
ence factor, governed by the ratio of the numerical 
aperture of the illumination lens and projection 
lens, allowing control of proximity effects and 
edge sharpness. 


Overview of Micro-Optics 


There exists no generally agreed definition of micro- 
optics, but it typically means optical systems built 
to significantly smaller scales than conventional 
table-top systems, using components such as micro- 
lenses and microprisms with physical dimensions in 
the range of a couple of millimeters at most. Micro- 
optical systems also include so-called diffractive 
optical elements, which are usually optical com- 
ponents whose operation cannot be explained by 
Snell’s law or the law of reflection. Such elements are 
usually macroscopically planar microstructures, con- 
sisting of features with dimensions from a couple of 
wavelengths to a few tens of microns, and are designed 
by advanced numerical algorithms based on 
diffraction theory. 

In the past decade, micro-optics has emerged as a 
powerful new addition to the field of optics and 
optical systems, following improvements in micro- 
optics fabrication techniques, both via adaptation 
from established microelectronics fabrication pro- 
cesses and development of novel approaches, such as 
variable dose direct writing using either UV light or 
an electron beam. Additionally, emergence of replica- 
tion techniques, such as injection molding or UV 


casting, allows the low-cost mass production of 
micro-optical elements, making micro-optics econ- 
omically feasible for a wide range of consumer 
applications. Consequently, micro-optical elements, 
utilizing either refractive or diffractive surfaces, are 
now found in industrial applications such as material 
processing, in the optical telecom field, and in 
consumer electronics such as the digital video camera. 
One of the major strengths of micro-optics, as 
compared to conventional optics, is their ability to 
realize complex optical functions into a compact 
form. This is especially true for micro-optics using 
diffractive optical elements, as diffractive elements 
may be designed to realize several optical functions 
such as focusing, filtering, or beam splitting at once 
allowing integration of several classical optical 
components into a single diffractive element. 


Micro-Optics in Conventional 
Lithography Systems 


The simplicity of contact or proximity printing means 
that there is little need or opportunity to incorporate 
additional functionality through inclusion of micro- 
optical elements. The only exception to this will be 
discussed in the final section of this article, where we 
will consider a nonconventional technique, which 
utilizes micro-optics and can be incorporated into 
proximity printing systems. However, in this section 
we will limit the discussion to projection-based 
lithography systems such as wafer steppers. 

Let us consider the possible uses of micro-optics in 
the three main parts of the exposure system identified 
in the earlier section. It is obvious that the wafer 
management system, which is essentially mechanical, 
cannot be enhanced by inclusion of micro-optics. In 
principle, micro-optics could be incorporated into the 
projection system to reduce its weight and, to a lesser 
degree, complexity. However, it is important to note 
that using micro-optics to reduce the physical size, 
i.e., the diameter of the lenses in the projection system 
is not possible, as such reduction would increase the 
theoretical minimum feature size the system can 
resolve which is inversely proportional to the lens 
diameter. In practical terms, even the most advanced 
fabrication approaches used to realize micro-optical 
elements cannot yet produce elements with the 
precision and quality sufficient to meet the optical 
requirements associated with a lithographic projec- 
tion lens. In general, the state of the art in micro- 
optics is such that it does not make sense to replace 
refractive lenses with diffractive ones unless the 
weight of the optics is a critical parameter in 
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determining the merit of the system. This is not the 
case for wafer steppers. 

Even though the optical requirements for the lenses 
in the illumination system are not as high as in the 
projections system, they are in practice still far too 
demanding for micro-optical elements. Therefore, 
the only area where micro-optics could be used in 
the illumination system is the generation of various 
illumination patterns needed for the off-axis illumina- 
tion schemes used for resolution enhancement, as 
well as overall homogenization of light. An element 
meeting these goals is essentially a custom-designed 
diffuser, where both the generated angular range and 
the relative intensity of illumination in any given 
angular direction are controlled to a high degree. 


Custom Diffusers for Illumination 


As mentioned earlier, one of the strengths of micro- 
optics lies in its ability to combine different optical 
functions into a single element. When used in 
lithographic illumination systems, micro-optical 
elements can serve a dual purpose. The element can 
serve as an artificial aperture, effectively distributing 
the light over some predetermined angular range and 
at the same time minimizing light outside the range, 
allowing generation of various illumination patterns 
needed for the resolution enhancement via off-axis 
illumination. Unlike conventional solutions based on 
the use of actual apertures to generate the desired 
illumination patterns, distribution of light using 
micro-optical elements can be done with efficiencies 
up to 95%, with typical target efficiency being in the 
range of 90%, depending on the pattern complexity. 
At the same time, the element can be used to smooth 
the light distribution, improving the uniformity of the 
illumination. Typically the required uniformity error, 
i.e., allowed variations from the average illumination, 
is in the range of 5%, but can be as low as 1%. 

In addition to the above-mentioned high-efficiency 
and -uniformity targets, optical quality requirements 
of modern lithography systems introduce unique 
challenges to the micro-optics used in such systems. 
First, micro-optical elements used in lithography 
systems must also exhibit low amounts of stray light, 
especially in formation of hot-spots. Typically, hot- 
spots are allowed to be only a few percent of the 
average illumination level. Because of the fact that the 
size, shape, and profile of the illumination beam can 
vary, partly due to variations in the source and partly 
because such variations improve the functionality of 
the lithography system, by, for example, controlling 
the partial coherence factor, the micro-optical ele- 
ments must be virtually space-invariant. The elements 
must perform the same function regardless of where 


and how the illumination coming from the source hits 
the element. Furthermore, the elements themselves 
must have very low absorption, because the high 
power used could otherwise lead to destruction of 
the elements. This means that the materials must be 
carefully selected. Finally, the optical wavelengths 
used in advanced lithography systems are 248 nm or 
less. Because the feature size of a diffractive element 
scales down with the wavelength, the features in 
elements used are much smaller than in the case 
of elements used for applications in the visible region. 
Consequently the accurate fabrication of such ele- 
ments becomes a formidable challenge, because most 
fabrication errors, such as mask misalignment, etch 
depth error or the way the sharp corners in diffractive 
elements get rounded during fabrication, increase in 
significance when the feature size is decreased. 

There exist two distinct approaches for obtaining 
such custom-designed diffusers. We will now discuss 
the benefits and weaknesses of these two techniques 
in terms of efficiency, pattern uniformity, stray light, 
and ease of fabrication, in order to illustrate the trade- 
off a designer creating micro-optical elements for a 
lithography system has to consider. 


Aperture Modulated Diffusers 


One approach to acquire custom diffusers for 
illumination systems is to use an array of refractive 
or diffractive micro-lenses. More generally, the lens 
phase can be replaced by any phase obtained by 
geometrical considerations, i.e., by a geometrical map 
transform between the input and output planes of the 
optical system. The basic principle of an aperture 
modulated diffuser is to use the phase function to 
accurately control the angular divergence of the 
diffuser, while the shape of the desired intensity 
distribution is created by introducing a properly 
shaped aperture in which the phase function is 
contained. This basic principle is shown in Figure 4. 


Diffuser plane 





Figure 4 Basic principle of aperture modulated diffuser. The 
lens f-number determines the angular extend of the far field 
pattern, while the lens aperture shape determines the shape of 
the pattern. 
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The main benefit of using a lens phase lies in the ease 
of the design process, which essentially consists of 
selecting the numerical aperture of the lens to meet 
the angular size of the desired pattern, while more 
complicated phase profiles can be used to improve 
some aspects of the performance of the diffuser. 

In terms of optical performance, aperture modu- 
lated diffusers typically achieve efficiency of up to 
95% and low levels of stray light, easily fulfilling the 
target specifications outlined earlier, especially when 
refractive surfaces are used. However, since the lens 
aperture in the element plane controls the shape of the 
intensity distribution, the range of intensity distri- 
bution shapes is limited. This is necessary because it 
must be possible to tile the required aperture shape in 
order to realize an array of elements with high fill 
factor, i.e., to realize a space-invariant diffuser. 
Furthermore, introducing an aperture into the 
element plane means that intensity oscillations, due 
to boundary diffraction at the edge of the apertures, 
cannot be avoided. Consequently, the uniformity of 
the generated intensity distributions suffers. This is 
especially true in cases where the desired intensity 
pattern has sharp corners, where the intensity 
oscillations due to boundary diffraction, can easily 
be up to 50% of the average intensity of the desired 
intensity pattern. Figure 5 illustrates a typical far 
field intensity distribution obtainable with aperture 
modulated diffusers. 
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Figure 5 Typical intensity distribution obtainable with an 
aperture modulated diffuser. The overall distribution is smooth 
apart from the slow intensity oscillations at the edges resulting 
from diffraction at the aperture boundary. 


One needs to consider several issues with regard to 
the fabrication of aperture modulated diffusers. For 
refractive aperture modulated diffusers, the main issue 
is the accurate realization of the required surface 
profile. The fabrication of large arrays of refractive 
elements having arbitrary surface profiles is still 
challenging. Resist reflow techniques, where the 
micro-lenses are realized by melting small islands of 
resist, lead to a spherical lens profile. Complicated and 
hard-to-control profile reshaping techniques are 
required if dramatic alterations from the spherical 
lens profiles are needed. Even though fabrication 
through direct writing techniques, such as laser 
writing offers more freedom, realization of arbitrary 
refractive surface remains a challenge. Therefore, use 
of refractive elements is mainly limited to cases where 
the lens profile can be close to the spherical shape. The 
most important of such cases are patterns with 
uniform circular or rectangular distributions. The 
former can be realized by proper selection of the 
numerical aperture of the lens, while the latter can be 
realized by combining two properly selected cylin- 
drical lenses on opposite sides of the substrate. 

For diffractive aperture modulated diffusers there 
are considerably less limitations in terms of what 
phase profiles can be attained. As long as the 
opening angles, i.e., the angular size of the pattern 
is below 10 degrees, the phase can be realized as a 
diffractive element. With diffractive elements, the 
main issue to consider is therefore the effect of 
typical fabrication errors such as profile depth and 
shape errors. First, the typical consequence of fabri- 
cation errors in the element is loss of efficiency via 
increase of stray light. Fortunately the errors do not 
generate sharp stray light peaks, with the obvious 
exception of the axis hot-spot. This results from the 
fact that both lens functions and more complicated 
phase functions designed by geometrical consider- 
ations, exhibit locally periodic structures, and the 
introduction of common fabrication errors then 
leads to redistribution of light away from the 
desired signal orders of these local structures to 
higher or lower orders. On the level of the whole 
intensity distribution, such redistribution appears as 
a constant rise in the background noise level, but 
will not lead to sharp intensity fluctuations. 

Another issue related to the fabrication of aperture 
modulated diffusers appears when diffuser elements 
are fabricated using a series of photomasks, as it is 
typically the case with a relatively large size of the 
element. Although mask misalignment is essentially a 
random error, i.e., the direction and amount of the 
error are difficult to predict before hand, it easily 
leads to systematic and partly symmetric uniformity 
problems with aperture modulated diffusers. 
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Figure 6 Effect of mask misalignment on the intensity 
distribution with aperture modulated diffusers. Essentially random 
error leads to symmetric and systematic uniformity error due to 
locally periodic nature of the design. 


Again the reason for this lies in the locally periodic 
nature of the elements. A single mask misalignment 
along some direction results in an erroneous profile 
shape in the structures, which are periodic in the 
direction of the alignment error. Consequently, the 
relative intensity distribution along that direction is 
changed. On the other hand, structures, where the 
period is perpendicular to the misalignment, are 
realized correctly. Furthermore, the local period of 
the phase function is often changing from the center 
of the element to the edge, meaning that the relative 
magnitude of the mask misalignment is different in 
different parts of the element. These facts lead to 
asymmetry in the overall intensity distribution, which 
is especially harmful with off-axis illumination 
patterns, as the asymmetry results in loss of the 
resolution gain obtained with off-axis illumination. 
Furthermore, as the source of the asymmetry is 
essentially a random error, compensation in the 
design is very difficult. Figure 6 illustrates the 
above-mentioned phenomena. 


Fan-Out Based Diffusers 


An alternative technique uses specially designed fan- 
out elements to produce a large number of closely 
spaced diffraction orders arranged in a desired 
pattern, as illustrated in Figure 7. Such an approach 
offers all the flexibility of diffractive elements, 
allowing generation of nearly arbitrary intensity 
distributions, especially if the elements can be realized 


Diffuser plane 


Far field 





Figure 7 Basic principle of fan-out based diffusers. A grating is 
used to generate a high number of closely spaced diffraction 
orders arranged in the shape of the desired pattern. 


as so-called multilevel elements, i.e., if the surface 
profile can have more than two distinct levels. 

The flexibility in the design comes at a cost, 
where specially developed design tools, such as the 
iterative Fourier transform algorithm, are required. 
Fortunately such tools are starting to become 
commercially available as emphasis and interest in 
wave-optical engineering, an extension of the classi- 
cal optical engineering approaches, increases. 

In terms of optical performance, fan-out based 
diffusers offer high uniformity as there are no 
boundary diffraction effects as with aperture modu- 
lated diffusers. Furthermore, by choosing the beam 
separation of the fan-out to be clearly smaller than 
the divergence of the incidence beam, it is possible to 
average out any local intensity variations from order 
to order, leading to a smooth overall intensity 
distribution. The remaining variations in the intensity 
distribution generated by a fan-out based diffuser can 
be as small as 1% of the average intensity. 

As a trade-off for the improved performance in 
terms of uniformity compared to aperture modulated 
diffusers, fan-out based diffusers typically exhibit 
lower efficiency and, consequently, higher levels of 
stray light, even when no fabrication errors are 
present. This is a result of additional design freedoms 
being used to remove unwanted intensity oscillations 
from the far field regions, belonging to the desired 
intensity distribution, by introducing some noise 
outside these regions. Typically the efficiency of a 
fan-out based diffuser is in the range of 85-90%, or 
5-10 percentage points lower than the efficiency of a 
comparable aperture modulated diffuser (should one 
exist). Furthermore, unlike aperture modulated dif- 
fusers, fan-out based diffusers can have stray light 
that forms hot-spots. If care is not taken during the 
design, these hot-spots may be up to 10% of the 
average intensity of the illumination pattern, even in 
the absence of fabrication errors. Figure 8 illustrates 
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Figure 8 Typical intensity distribution obtainable with a fan-out 
based diffuser. Overall distribution is smooth, but stray light 
appears outside the main pattern. 
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Figure 9 Effect of mask misalignment on the intensity 
distribution with fan-out based diffusers. The uniformity error 
appears randomly, allowing statistical compensation schemes. 


a typical far field intensity distribution obtainable 
with fan-out based diffusers. 

Fan-out based diffusers offer several advantages in 
terms of fabrication compared to mapping based 
diffusers. First, random errors, such as mask misalign- 
ment, do not lead to symmetric or systematic 
uniformity problems, but instead result in random 
local oscillations in the intensity pattern as illus- 
trated in Figure 9. This allows special compensation 
schemes where the element is divided into segments, 
each of which has different fabrication tolerances 


but generates the same far field intensity distribution. 
If the fabrication tolerances of the individual designs 
are balanced correctly against the typical fabrication 
errors of the used fabrication methods, the loss of 
uniformity due to fabrication errors can be eliminated 
almost entirely. Furthermore, the flexibility of diffrac- 
tive design allows for fabrication error-tolerant 
designs. This follows from the ability to combine 
several optical functions in a single optical element. 
The typical trade-off with designs with relaxed 
fabrication tolerances is that the optical performance 
of the element in terms of efficiency is worse than 
that of a conventional design if fabrication errors 
are not present. 


Micro-Optics and Non-Conventional 
Lithography 


In the previous section we have considered micro- 
optics in connection with conventional lithography 
approaches and shown that micro-optical elements 
can find a significant role in such systems. We conclude 
this article by considering briefly nonconventional 
lithography systems, focusing especially on a tech- 
nique called micro-lens lithography, which is funda- 
mentally based on the use of micro-optical elements. 

The most straightforward way to improve existing 
lithography approaches is to further reduce the 
wavelength used in the exposure process. In X-ray 
lithography, the light source used in conventional 
lithography approaches is replaced by a cyclotron 
emitting light with wavelengths deep in the X-ray 
region. This leads to minimum resolution far lower 
than achievable by conventional techniques, but with 
the additional difficulty and cost of maintaining and 
running such a source. 

The techniques that are currently considered as 
serious alternatives for conventional photolithography 
approaches are based on the use of particles other than 
photons in the fundamental exposure process. Tech- 
niques such as electron- or ion-beam lithography are 
routinely used to realize structures with feature size and 
positioning resolution of some tens of nanometers for 
use in both micro-electronics and micro-optics. The 
main drawback of these approaches is the cost involved 
in patterning large surface areas. Unlike optical 
lithography techniques, particle beam lithography 
cannot expose large surface areas at once, instead 
requiring painstaking scanning of the surface area with 
arelatively small writing beam. This leads to processing 
times that scale linearly with the required surface area, 
and consequently the throughput of such techniques is 
small. Therefore, particle beam lithography is not yet 
widely used in commercial fabrication of micro- 
electronics. However, it is worth noting that especially 
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electron beam lithography is widely used in the 
origination of micro-optical components, as the 
relatively high cost of creating the master component 
can be offset in the final product by the inexpensive 
replication process. Such an approach allows the 
replicated end-product to meet the high optical 
requirements achievable only by high resolution sur- 
face control, yet remain affordable for use in, for 
example, consumer electronics. This has lead some in 
the micro-optics community to conclude that electrons 
are better suited for fabrication of components 
controlling photons, while photons are better suited 
for fabrication components controlling electrons. 

In addition to particle beam lithography, other 
noteworthy techniques exist. For our purposes, the 
most interesting technique is the so-called micro-lens 
array lithography, where one or more micro-lens 
arrays are used to image the pattern of the photomask 
to the resist layer on the substrate. Although the 
resolution of this approach is limited to 3-5 microns, 
for applications such as with flat panel displays, 
micromechanics, or multichip module fabrication, 
this technique is of considerable interest. 

It is well known that the geometrical aberrations 
scale down proportionally with the physical lens size. 
Thus, large areas can be imaged favorably by use of 
arrays of micro-lenses, where each lens images only a 
small section of the whole field. Such a setup is shown 
in Figure 10. 

With this setup it is possible to expose a compara- 
tively large area with a single exposure, thus 
eliminating the need for costly stepping operations 
and therefore increasing the throughput of the 
system. Analysis of the basic system shows that an 
array based on spherical micro-lenses of 1 mm focal 
length and 300 micron aperture can produce a nearly 
diffraction limited resolution on the order of 3-5 
micrometers over a 300 micron field. 

In terms of conventional lithography systems, the 
micro-lens array lithography has most in common 
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Figure 10 Basic geometry of micro-lens array lithography. 


with proximity printing. Both techniques achieve 
comparable resolutions, yet avoid damaging the mask 
or substrate by keeping the two separated by some 
finite working distance. However, micro-lens array 
lithography offers two distinct advantages over 
conventional proximity printing. First, the working 
distance between the imaging system and the sub- 
strate surface can be much larger, which further 
minimizes the risk of mask or substrate damage. 
Furthermore, added working distance allows litho- 
graphy steps on nonflat surfaces, e.g., inside holes or 
grooves where conventional proximity printing 
would not be possible. Another advantage of the 
micro-lens array lithography is the larger depth of 
focus. With proximity printing, the resolution rapidly 
decreases with increasing distance. In micro-lens 
array lithography, the optimum resolution is obtained 
at the image plane, while a region of reasonable 
resolution extends forward and backward from this 
plane (Figure 11). This extension means that in the 
depth of field, resolution is less sensitive to changes in 
the working distance, which makes it better suited for 
practical applications. 

In addition to the optical benefits of micro-lens 
array lithography, there also exist other practical 
benefits. Many micro-devices have a repetitive and 
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Figure 11 Depth of focus with micro-lens array lithography and 
conventional printing. (a) With micro-lens array lithography, the 
image of the mask is extended both forward and backward from 
the working plane at distance z. (b) In conventional printing, the 
resolution is rapidly reduced with increasing working distance z. 
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EM radiation and radio waves 
Mobiles make use of various bands of radio frequencies to communicate between the mobile to base and the base to mobile: 
in Europe these include 900 and 1800 MHz (850 and 1900 MHz in the USA and Canada) [2, 3]. 


The relationship between wavelength, speed of light and the frequency follows the well known formula: 
Wavelength A (m) = speed / frequency = c (ms!) /v (Hz) 

2X (m) = 300,000,000 / v (Hz) or approximately: 

i (m) = 300 / v (MHz) ..... Equation 1. 


So for a mid-range of about 1000 MHz (1 GHz) we get a typical mobile phone wavelength of about: 
d= 300/ 1000 = 0.3 m = 30 cm. 


Simple radio wave detector 

The loop consists of about a wavelength of wire, ca. 30 cm so each side is about 30/4 = 7.5 cm. The dimensions are not 
critical. The two ends are connected directly to a simple series circuit consisting of a high brightness LED and a germanium 
diode. They need to be connected correctly. All these components are cheap and readily available from electronic stores [4]. 
The loop can be made from a piece of copper wire roughly bent into a square (although a circular loop or rectangle will also 
work). If the wire is insulated remember to scrap off the insulation and solder-tin the ends. Simply solder the germanium 
diode and LED into circuit as shown in the diagram. 

On a new LED the long lead is the positive (anode) while the short lead is the negative (cathode). The germanium diode has 
a line (band) around the end which is the cathode. When correctly wired the LED and the germanium diodes are connected 
so they both allow current to pass in the same direction, i.e. in the circuit diagram the arrows point in the same direction. In 
practice this means the LED and germanium diode are joined at the cathode of one and the anode of the other. 

In my prototypes I used an insulator between the loop ends (light coloured cylinder in the photo) to make the whole thing 
more sturdy but this was purely for mechanical reasons and is not needed for the circuit to function properly. Note: a much 
more sensitive version using a x10 and x100 DC amplifier is described on my web site [6]. 


How it works and how to use it 

When a radio wave passes across a metal object the EM fields cause the charged electrons in the metal to oscillate and this 
causes small AC currents at the same frequency to be induced into the metal. If a mobile is brought near to the loop and a 
call or text is made [5] the radio waves emitted from the phone pass across the loop. This induces a voltage into the antenna 
(the loop) and if it is close enough will be large enough to light the LED. As the loop is about one wavelength in size it is 
resonant and so there is a good transfer of power (low reactance) between the radio wave and LED. 


The mobile phone automatically tests the network and adjusts its transmission power to maximise the battery life and 
minimise network interference. As a result the brightness of the LED will depend on the data being sent (the average signal), 
the local signal strength and how close the loop is to the phone. Why the second diode? - It's curious why the germanium 
diode is needed at all. The LED is a Light Emitting Diode after all and one would not think that another diode would help. 
However my initial experiments failed because I had not included it. The LED will have a relatively high capacitance which 
at these frequencies will tend to de-tune the loop and short out the LED. The germanium diode however is made up of a tiny 
wire which only makes a point-of-contact onto a piece of semiconducting germanium so it's 'self’ capacitance is very low 
keeping the loop resonant. 


The germanium diode will rectify the AC signal from the loop forming a series of DC pulses that will be nicely smoothed by 
the LED's capacitance. Without the diode however the raw AC signal from the loop will tend to be averaged to zero by the 
LED's capacitance. 


http://www.creative-science.org.uk/mobile_LED.html 2/7 
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Figure 12 Ultra-flat micro-lens projection system (courtesy of 
R. Vélkel, SUSS MicroOptics, Neuchatel, Switzerland). 


discrete nature with respect to some unit element. 
Such a unit element lends itself well to the imaging 
properties particular to lens arrays, as each lens of the 
array can be made to correspond to the unit cell of the 
particular micro-device making the imaging highly 
efficient. A photograph of a micro-lens projection 
system is shown in Figure 12. 

One could also imagine that instead of an array of 
imaging systems, an array of pattern generators is 
used that generates a specific pattern, such as lines or 
points. In the ideal case such a system would replace 
the mask and the imaging system altogether. How- 
ever, this approach is only possible for simple patterns 
and large production series. 


Outlook 


As long as optical lithography stays attractive, micro- 
optics will be used as beam-homogenizers and 


sophisticated diffusers to generate optimized illumina- 
tion patterns. How far micro-optics will be used in the 
imaging system is difficult to predict. However, it can 
be assumed that the difference between micro-optics 
and macro-optics fabrication technology will 
disappear. 

Recent research is also investigating near-field 
optics to further reduce the resolution limit. Micro- 
optics technology is well suited to realize such 
systems. A serious problem of near-field optics is the 
short distance (10 nm—100 nm) between the optical 
element and the interface to be patterned. In addition, 
near-field optics is based on scanning systems, which 
increases the exposure time considerable. However, 
there is still room for improvements or as Richard 
Feynman said ‘there is plenty of room at the bottom’. 
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Introduction 


Diffractive optical elements (DOEs) are passive 
devices that redirect and focus light through the 


division and mutual interference of a propagating 
electromagnetic wave. This is in contrast to refractive 
elements, which redirect and focus light through 
variations in indices of refraction. From a historical 
perspective, diffraction was traditionally considered a 
detriment in optics and caused images to blur. 
However, we now know that it is possible to use 
diffraction to enhance the performance of optical 
systems. For example, DOEs can be used to correct 
chromatic aberrations and to implement optical 
functions that conventional refractive and reflective 
optics cannot, such as multiple beamsplitting. 
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Further, recent advances in computing and fabrica- 
tion technologies have increased the number of 
applications in which diffractive elements are used, 
which has established diffractive optics as yet another 
tool in an optical designer’s kit. 

The first modern diffractive element was the 
hologram. A hologram is a photographic record of 
the constructive and destructive interference between 
two coherent beams known as the object and write 
beams. The object beam contains information about 
the object recorded. The write beam is necessary to 
record the hologram but contains no information 
itself. When the hologram is played back with a third 
beam, the read beam, the recorded interference 
pattern diffracts it in such a way that it reconstructs 
the object beam. 

Unfortunately, the functions that a natural holo- 
gram can produce are limited to those whose 
wavefields can be produced in a laboratory. Thus, 
although it is possible to record a hologram that can 
focus or deflect a single beam, it is difficult to record a 
hologram that splits a single beam into multiple foci. 
However, the advent of computing technology made 
it possible to design such holograms analytically. The 
first diffractive element designed with the aid of a 
computer was demonstrated in 1966. Since then the 
ability to create elements that respond arbitrarily has 
had widespread application in imaging systems, 
telecommunications, and sensing. 

The two most basic diffractive elements are the 
grating and the Fresnel zone plate. The diffractive 
behavior of a grating is predominately transverse to 
the optic axis. It causes light to split into discrete 
beams, referred to as diffraction orders, each with a 
different angle of propagation relative to the optic 
axis. The diffractive behavior of a Fresnel zone plate 
also divides incoming light into discrete orders, 
however, the orders are produced along the optic 
axis. This is useful in producing the diffractive 
equivalent of a refractive lens. Arbitrary transverse 
and longitudinal behavior is realized by combining 
characteristics of these basic two diffractive elements. 
In the remainder of this article, we discuss the design 
and fabrication of general diffractive elements. 


Design 


Once an optical system designer determines the 
functional behavior required for a particular appli- 
cation, for example, focusing or multiple beamsplit- 
ting, he or she needs to design a diffractive element 
that realizes this function. However, unlike refractive 
and reflective optical elements, whose material 
properties and surface curvatures determine their 


functionality, the functionality of a diffractive 
element is determined by a pattern of wavelength 
scale features. Determining this pattern is the goal of 
diffractive design but to do so one must first under- 
stand the physical relationship between the DOE and 
the wavefield it produces. 

Scalar diffraction theory is one of the simpler 
models that relates the effect of a surface relief, or 
diffractive profile, d(x, y), on an incident wavefield 
Uin(x, y): 


Uour(*, y) = expliA(x, y)]Uin(x, y) [1] 


where the phase transformation (x, y) is related to 
the diffractive profile d(x, y) by 


A(x, y) = 2a(n — 1)d(x, y)/A [2] 


The constant 7 is the refractive index of the optical 
substrate and A is the wavelength of illumination in a 
vacuum. 

The effects of the phase change are not apparent 
until the wavefield U,.(x, y) propagates over some 
distance z. In scalar diffraction theory the relationship 
between Uoy(x, y) and the wavefield U,(x,y) at a 
plane a distance z away, is described by the Rayleigh— 
Sommerfeld diffraction equation: 


Usen= [of Vouléon 
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[3] 








Huygens’ principle is reflected in this formulation by 
the convolution between the transmitted field 
Usur(x,y) and a spherical wave h(x,y), which rep- 
resents free space propagation over the distance z: 


U{x,y) = Uour(x, vy) h(x, y) [4] 


where 
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The Rayleigh-—Sommerfeld formulation is valid so 
long as the angles at which energy diffracts from the 
aperture are small. If the distance z is sufficiently large 
that the angles stay clustered about the optic axis, one 
can replace the spherical wave response of freespace 
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with a parabolic wave: 


12 72/A . 
SP expli(maants? + y’)] 


h(x, y) * [6] 


This simplification is referred to as the paraxial, or 
Fresnel, approximation. The diffraction integral is 
now given by: 
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U(x, y) * 


The second representation results from an expansion 
of the exponent and allows the diffraction integral to 
be written as a Fourier transform. The quadratic 
phase terms can be removed if a positive lens with 
focal length z is placed next to the diffractive element 
and a second positive lens with focal length z is placed 
in the image plane (see Figure 1). Under these 
conditions, Ugy(x, y) and U,(x, y) form a Fourier 
transform pair: 


Ux, y= FEU pe, 9) | aaa eas 


3 [8] 
= FT{expLi(x, yy} FT[U;,(x, Viorel 


The objective of diffractive design is to find a 
surface relief d(x, y) that generates a desired response 
q(x, y) somewhere in the response U(x, y). However, 
eqns [3] and [7] neglect the fabrication process, which 
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Figure 1 Optical Fourier transform module. 


affects the fields that can actually be realized. 
A diffractive optic designer can incorporate fabrica- 
tion constraints into their design either directly or 
indirectly. In a direct approach, the designer rep- 
resents the diffractive structure parametrically, for 
example, a multilevel phase element can be rep- 
resented by a discrete set of allowed phase values and 
a binary phase element can be represented by the 
contours that separate one phase value from the 
other. A designer defines the diffractive element by 
specifying and modifying these parameters. 

In an indirect approach, the designer first deter- 
mines an intermediate function without consider- 
ation for fabrication and afterward applies the 
fabrication constraints to this function. For example, 
if f(u, v) is the desired response one wishes to generate 
in the z-plane using Uj,(x,y) as the input, from 
eqn [8], the optical function required to do is 

O(x, y) = F(x, y)/Uin(x, y) [9] 
where F(x, y) is the Fourier transform of f(u, v). 
The designer must then find a phase @(x,y) that 
satisfies the fabrication constraints and insures that 
exp[iO(x, y)] ~ O(x, y). 

For example, fabrication using multiple binary 
masks yields a phase structure quantized to 2 levels. 
An effective design should, therefore, yield a quan- 
tized phase structure that minimizes reconstruction 
error. A naive approach is to set the magnitude of 
Q(x, y) in eqn [9] to unity and quantize the phase. 
However, this introduces considerable error. A direct 
approach to design searches only over the set of 
quantized phase structures for the one that, for 
example, generates the desired response with maxi- 
mum energy and minimum error. An indirect design 
seeks first a phase structure whose response produces 
a minimum amount of error between it and O(x, y) 
and then quantizes this structure. 

Performance of the element can be improved if one 
exploits certain freedoms available in design. For 
example, all systems have a finite-sized detector. It is, 
therefore, unnecessary to specify the performance of 
the diffractive element everywhere in the image plane. 
Its behavior within the detector window is all that is 
important. If only the intensity of the response is 
specified, then the phase of the response within the 
window is also a design freedom. Finally, one can 
also control the amount of energy contained in the 
signal window by scaling the amplitude of the 
response. This allows a designer to balance diffrac- 
tion efficiency with error in the signal window. 

Two general nonlinear optimization algorithms for 
the design of DOEs are represented in Figure 2. 
Indicative of the nature of data flow, Figure 2a is 
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Figure 2 Algorithms used for diffractive design. (a) Uni- 
directional and (b) bidirectional algorithms. 


referred to as a unidirectional algorithm and Figure 2b 
as bidirectional. In a unidirectional algorithm, 
changes are made only to the diffractive element. 
The changes are driven by how well the element 
performed in a previous iteration. If models exist for 
both forward and inverse propagation (T and T', 
respectively), a designer can use a bidirectional 
algorithm, which allows modification of both the 
diffractive element and its response. This allows 
bidirectional algorithms to converge to a solution, 
in general, more rapidly than unidirectional algori- 
thms. In scalar theory, T is a Fourier transform but 
more rigorous models exist. If the model of the 
optical system cannot be inverted, a unidirectional 
algorithm must be used. 


Fabrication 


Regardless of which design algorithm is used to 
determine d(x, y), ultimately it needs to be realized 
physically. Although numerous techniques exist for 
doing so, by far the most common are based on 
microlithographic processes. The process requires 
exposing a layer of photoresist deposited on top of an 
optical substrate and etching the photoresist to 
transfer the pattern into the substrate. These methods 
are especially appealing because they leverage the 
existing manufacturing infrastructure of the micro- 
electronics industry and, as a consequence, have 
enabled the efficient and economical mass manufac- 
ture of DOEs. 

Two basic methods exist for patterning photoresist, 
direct writing using a modulated beam and indirect 
patterning using masks. Further, the mask process can 
be either a single or multistep process. The multistep 
approach uses N masks and N exposures to fabricate 


a multilevel diffractive element that has 2% phase 
levels (see Figure 2). However, profiles that contain 
very small features are difficult to fabricate in this 
manner. As a consequence, alternative processes using 
single-step grayscale lithography have also been 
developed. 

Although grayscale photolithography is more time- 
efficient and less prone to mask alignment errors than 
multistep lithography, the photoresist must respond 
linearly to illumination. Unfortunately, most photo- 
resists used to fabricate microelectronic circuits are 
highly nonlinear. However, one can obtain a linear 
response by adjusting the exposure and development 
process. In the following, we review fabrication 
using both multiple binary masks and a single gray- 
scale mask. 


Multilevel Fabrication Using 
Binary Masks 
In this fabrication method, one must first generate a 


sequence of N masks that are related, in a recursive 
manner, to the quantized phase (x, y): 





m,(x, y) = mod(M,(x,y),2), k= [1,N] [10] 
where 
Mosee= M,(x, y) m,(x, Y) 11] 
and 
M(x, y) = x, ea [12] 


The masks can be produced using either optical or 
electron beam (e-beam) pattern generators from 
integrated circuit fabrication. The pattern generators 
expose a thin layer of photoresist on the surface of a 
chrome-covered quartz substrate. Development of 
the photoresist leaves the desired diffractive pattern in 
the unexposed areas. The diffractive pattern is 
transferred to the chrome layer by etching any 
chrome not covered by photoresist. After the chrome 
etch process is completed, any remaining photoresist 
is washed away to yield the finished lithographic 
mask. This process is repeated for each mask. 

The completed mask set is used to fabricate the 
DOE using techniques similar to those used to 
generate the mask set. An optical substrate is 
coated with a thin layer of photoresist, placed in 
intimate contact with the first lithographic mask 
m,(x, y), and illuminated with an ultraviolet (UV) 
exposure lamp. During photoresist development, 
exposed resist is washed away, which leaves a 
binary pattern in the remaining developed photoresist. 
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When the pattern is transferred into the substrate 
material via etching, the photoresist acts as an etch 
stop. For the first mask, the etch depth into the 
substrate corresponds to a 7-phase shift. The process is 
repeated for each subsequent mask, that is, the 
substrate is coated with a layer of photoresist, UV 
illumination exposes the photoresist through the 
mask, the photoresist is developed, and the substrate 
etched by the remaining pattern. The etch depth of 
each mask is half that of the previous mask. Figure 3 
illustrates this process. 

The substrate can be etched using either wet or dry 
techniques. In wet etching, one uses reactive chemi- 
cals, such as hydrofluoric acid, to etch the substrate. 
However, wet etching is isotropic, that is, substrate 
etching occurs equally in all directions. Asa result, it is 
difficult to preserve vertical sidewalls and to achieve 
high fidelity in etching high-aspect ratio features. As a 
consequence, dry etching is more commonly used. 

A dry etch uses a beam of ions to remove substrate 
material. The process for removal can be either 
chemical or kinetic. The process used is determined 
by the value of the plasma power that creates the 
source of ions relative to the bias power used to 
accelerate the ions toward the substrate. If the bias 
power is large and the plasma power small, a small 
stream of ions are accelerated rapidly toward the 


Step 1: Glass spin coated with a thin film of photoresist 


substrate. In this case, the operational mode is similar 
to a micromilling machine, wherein inert particles 
chip away at the surface by virtue of their kinetic 
energy. Alternatively, a small bias power and a large 
plasma power produce a large population of ions 
with no preferential directionality. This yields an 
isotropic process similar to wet etching. 

Two methods for performing dry etching are 
reactive ion etching (RIE) and inductively coupled 
plasma (ICP) etching. However, in RIE systems the 
bias and plasma power are not independent due to 
capacitive coupling. Thus, adjusting one affects the 
other. ICP, on the other hand provides independent 
control over the bias and plasma powers. Indepen- 
dent control allows one to control precisely the 
anisotropic nature of an etch process. As mentioned 
above, this is achieved by varying the bias power 
relative to the plasma power, which controls the 
directionality of the acceleration. 

Independent control is important because the ideal 
process for a given DOE depends on the substrate 
material and the characteristics of the diffractive 
profile. Independent control allows one to adjust the 
respective powers, as well as gas flow rates, and their 
partial pressures, to determine an optimal etch 
process. Dry etching allows one to incorporate 
endpoint detection, which provides precise control 
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Figure 3 Fabrication of a multilevel quantized phase DOE using binary masks. 
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over the etch depth. As presented below, achieving the 
proper etch depth is important to generating 
responses with high diffraction efficiency. 

Care must be used when determining the number of 
phase levels appropriate for a particular application. 
The number of phase levels has a direct impact on the 
portion of input energy one can hope to diffract into 
the desired response. This is referred to as the 
diffraction efficiency. According to scalar diffraction 
theory, the relationship between the maximum 
diffraction efficiency 7 and the number of masks N is: 


1 
2 
nN = sinc (x) 


Thus, using two masks to create a 4-level phase 
element, as opposed to a single mask to create a 
binary-phase element, doubles the upper bound 
on the diffraction efficiency from 41% to 81%. 
The maximum diffraction efficiency for 8-level and 
16-level phase elements is 95 and 99%, respectively. 

However, this increase in diffraction efficiency 
incurs fabrication costs. After the first etch step, 
each subsequent exposure requires careful mask 
alignment. Alignment is accomplished using a stan- 
dard tool from integrated circuit fabrication known 
as a mask aligner. The quality of a mask aligner 
is determined by its precision and the majority of 
commercially available aligners can register a mask 
and substrate to within less than a micrometer. This 
degree of alignment accuracy is sufficient to fabricate 
many useful multilevel diffractive elements. 

To summarize, a multilevel surface relief profile 
uses a set of N masks to generate a surface profile that 
exhibits 2% phase levels. The etch depth for the kth 
mask is d, = A/2*(n — 1). In the next section, we 
describe a process for fabricating continuous DOE 
profiles in a single expose and etch cycle. 


[13] 


Continuous DOE Profiles Using 
Grayscale Lithography 


Grayscale photolithography has become increasingly 
popular because of its flexibility and convenience in 
fabricating continuous diffractive profiles. Methods 
including directly writing partially exposed e-beam 
resist, resist reflow lithography, and using grayscale 
masks in a single step exposure. Here we discuss only 
the latter method because the processes are similar to 
those used in multiple mask fabrication. Thus, the 
same facilities can be used to produce both. In 
particular, we consider the application of high- 
energy-beam-sensitive (HEBS) glass to grayscale 


lithography and the fabrication of continuous 
profile DOEs. 

The process for creating a diffractive element 
using HEBS glass is similar to fabricating a binary- 
phase element from a single mask. However, mask 
creation is markedly different. HEBS glass is a 
white crown glass within which a thin buried layer 
of silver ions is incorporated. The layer of silver 
ions is created via ion exchange in an aqueous 
acidic solution and essentially serves the same 
function as silver grains in photographic film. 
When the glass is exposed to a beam of electrons, 
the silver-containing crystal complexes are chemi- 
cally reduced and the glass darkens. By controlling 
the electron dose, one controls the opacity of the 
glass to produce a grayscale pattern. 

Although the attraction of single-step grayscale 
lithography is reduced costs in fabrication, the 
process incurs high calibration costs to insure quality 
pattern transfer through several steps. The parameter 
that has the greatest impact on the overall process is 
the desired size of the smallest diffractive feature. The 
minimum feature size affects the selection of the 
accelerating potential, beam current, addressing grid, 
and electron dose of the e-beam used to expose the 
HEBS glass. 

The e-beam accelerating potential sets the resolu- 
tion limit of the process and affects the sensitivity of 
the glass to the electron dose, the total charge per area 
incident upon the glass. For example, for a constant 
electron dose, increasing the accelerating potential 
increases the darkening response of the material. The 
large accelerating potential produces a large flux, 
which achieves the desired electron dose in a short 
period using energetic electrons. This, in turn, 
enhances the sensitivity of the glass. However, 
increasing the accelerating potential also increases 
scattering, which limits the minimum feature size 
achievable. Thus, low beam energies are generally 
used to write small features. But this, unfortunately, 
reduces the range of available optical densities 
because the material is less sensitive at low beam 
energies. To compensate for the reduced sensitivity, it 
is possible to increase the electron dose by increasing 
the exposure time. However, this undermines to some 
extent using a low energy beam to achieve small 
features due to broadening that results from long 
exposure times. 

Once the accelerating potential for writing the 
mask is chosen, the beam current and addressing grid 
need to be specified. The beam current is related to 
the spot size and, therefore, affects directly the length 
of time to write the mask. High current levels produce 
large spots. Since write times can easily reach into 
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hours for large structures, high current levels are 
desirable to reduce them. 

The addressing grid represents the physical grid 
that the electron beam is translated over in order to 
complete the exposure. This grid should be chosen as 
finely as possible, however, too fine a grid can 
significantly increase the required dwell time on 
each grid point. In this respect, a compromise is 
required. High beam currents produce short dwell 
times, which may necessitate using a coarse address 
grid to insure the beam is capable of performing the 
exposure. 

Once the process parameters are set, calibration 
between the HEBS transmission and the electron dose 
is necessary. Analyzing the optical density of written 


Step 1: Glass spin coated with a thin film of photoresist 
DDD =i, rrororesist 
Substrate 


Step 2: Exposure Grayscale 
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Substrate Photoresist 





Step 3: Develop 


Photoresist 


Final step 4: Dry etch 
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Figure 4 Fabrication of a continuous phase DOE using a 
grayscale mask. 
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test structures by some experimental means and 
determining its functional dependence on the electron 
dose completes the calibration. This allows one to 
specify the electron doses required to achieve the 
features dictated by the device design. 

If resolution requirements cannot be met through 
judicious selection of the accelerating potential, then 
some of the contrast in the mask can be sacrificed for 
an increase in available resolution. As we have 
mentioned, reducing the maximum optical density, 
or contrast, can alleviate scattering-induced broad- 
ening. It is possible, however, to compensate to some 
degree for the reduced contrast during the photo- 
lithography process, where UV exposure and develop 
times provide additional latitude in the pattern 
transfer process. 

Figure 4 represents the fabrication of a continuous 
profile DOE using a grayscale mask. The substrate is 
spin-coated with a thin film of photoresist, placed in 
intimate contact with the grayscale mask, and UV 
illuminated to expose the resist film. The resist is 
developed and the pattern transferred into the 
substrate using either wet or dry etching techniques. 
Because the solubility of the resist is proportional to 
exposure, developing the photoresist produces a 
variable height profile. 

Grayscale lithography is challenging because 
modern photoresists are also designed to be highly 
nonlinear yet linear response is required. Tra- 
ditional photoresists are also designed to amplify 
mask contrast and produce the sharpest resist 
profile, thus they either dissolve away quickly and 
completely, or remain impervious to developer. The 
exposure threshold of traditional resists is, there- 
fore, steep and considerable effort is required to 





Figure 5 HEBS glass fabrication. (a) Data map of the optical density cross-section of an exposed HEBS grayscale mask and (b) its 


corresponding visible image. 
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Figure 6 Characterization of a continuous phase diffractive lens. (a) Two-dimensional profile. (b) Three-dimensional profile. (c) Line 
scan of the two-dimensional plot. (d) Image of element from a scanning electron microscope. 


insure that resist exposure is on the linear portion 
of the curve. 

Although the resist exposure process is sensitive to 
all parameters, the behavior of a resist can be 
characterized using simulation models. The details 
of the photoresist models can be found elsewhere, but 
the simulations predict that the greatest utilization of 
the available resist occurs for short exposure times 
(seconds), and that these short exposures require long 
developing times (minutes). Further, the models 
predict that low mask contrast does not adversely 
affect the usable resist height. It is, therefore, not 
unreasonable to use a low contrast mask to achieve 
small features. 

Through simulation it is possible to determine 
process parameters that maximize the linear response 
range of the photoresist. However, these parameters 
must be validated in the laboratory. The results 
presented in Figures 5 and 6 provide convincing 
evidence of the efficacy of these techniques. 


Final Remarks 


Advances in passive photonic devices have been 
made possible by leveraging fabrication processes 
from the electronics industry. Modifying standard 
photolithographic techniques and photoresist pro- 
cesses has produced an industrial capacity for 


fabricating diffractive elements. This capability 
will no doubt lead to future advances in tele- 
communications, signal processing, and imaging. 


See also 


Diffraction: Fresnel Diffraction. Diffractive Systems: 
Aberration Correction with Diffractive Elements. 
Holography, Techniques: Overview. 
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Introduction 


All lasers consist of three basic functional com- 
ponents: an active medium, an optical arrangement to 
pump the active medium, and a resonator, which we 
consider in detail here. The basic function of the 
resonator is to back-couple a portion of the emitted 
laser light into the active medium for further 
amplification. Simultaneously, in steady-state laser 
operation, the geometry of the resonator defines the 
spatial field distribution of the generated light field. 

In the most simple, and most common, case the 
laser resonator consists of two planar or spherical 
mirrors. This configuration was proposed in 1958 
and has been treated extensively in the literature. 
However, these configurations are only special cases 
of a more general resonator concept in which 
arbitrary mirror surface profiles are used. Histori- 
cally, resonators consisting of surface profiled mirrors 
played only a small role in laser physics. This was 
due, not only to difficulties in their numerical design 
and analysis, but also to the lack of suitable 
fabrication methods for the mirrors. 

However, since the 1990s, these difficulties have 
been overcome and in 1992 it was demonstrated for 
the first time experimentally a stable CO, laser 
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resonator that has a user-defined mode shape 
generated by surface structured mirrors. 

In the following we derive the basic design rules for 
stable and unstable diffractive laser resonators and 
discuss the advantages and disadvantages of the 
technology. 


Modes in Laser Resonators 


Before presenting the details of diffractive laser 
resonators we look first at some general properties 
of the electromagnetic field inside a laser resonator. 
As is typical in laser resonator theory, we use scalar 
and paraxial descriptions of the fields. 

The complex amplitude U(x, y,z) represents one 
scalar, monochromatic component of the electromag- 
netic field. To handle wave propagation inside the 
resonator, we use a general operator formalism in 
which the influence of each optical component on the 
wave U(x, y,z) is represented by an operator. One of 
the most important operators is the so-called round 
trip operator Z, which describes the effect of a round 
trip inside the resonator on the wave U(x, y, 2). 

If U(x, y, z) denotes the wave at the beginning of a 
resonator round trip, the resulting wave U(x, y,z) at 
its end is 


U(x, y,z) = ZU(x, y, 2) [1] 


With reference to Figure 1, the round trip operator 
can be decomposed into a series of operators that 
represent the different elements in the resonator. 
For the common two-mirror resonator a round trip 
from mirror 1 to mirror 2, reflection at mirror 2, 
back propagation to mirror 1, and final reflection at 
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Figure 1 General diffractive laser resonator arrangement. 


mirror 1, is represented by 
Z = R,P,-R>Pa, [2] 


The operators R, and R, represent the reflection at 
mirrors 1 and 2, respectively, and the propagation 
along the resonator length Az is represented by the 
propagation operator P,, 

In steady-state laser operation, the wave circulating 
inside the resonator reproduces itself, up to a constant 
factor y, after a complete round trip: 


U(x, y,z) = yU(x, y, 2) [3] 


Together eqns [1] and [3] give the eigenvalue 
equation: 


yU(x, y,z) = ZU(x, y, 2) [4] 


which, in general, has a set of solutions U,(x, y, 2). 

Thus, in steady-state, the waves U,(x, y, 2) circulat- 
ing inside the resonator are eigenfunctions of the 
round trip operator Z with the connected eigenvalue 
Yp. The eigenfunctions of the resonator are called 
modes and the real-valued eigenvalues y, are 
connected with the round trip losses V, according 
to the equation: 


V=1-ly,? [5] 


As we can see, the spatial properties of the modes are 
determined by the optical elements in the resonator. 
In the simple two-mirror resonator, the mirror 
profiles, which are related to the operators R, and 
Ry, can be used to specify the shape of the modes. 

To derive the rules for resonator design we must 
look closer at the orthogonality of the resonator 
modes. The normalized eigenfunctions of the round 
trip operator Z do not obey the usual power- 
orthogonality relationship: 


IJ Unlx, ¥,2)U g(x, y, 2) dx dy = Sn [6] 


but instead satisfy the biorthogonality relationship: 


in Un(X, ys 2)U y.-(x, ¥, 2) dx dy = Syn [7] 


The 6, is the so-called Kronecker symbol and * 
denotes the complex conjugate. In eqn [7], 
U,n.4(X, y, 2) is the mode in plane z traveling in the 
+z direction and U,,._(x, y,z) is the mode in the same 
plane z propagating in the opposite direction. The 
physical reason for the difference between eqns [6] and 
[7] are diffractive mode losses at limiting apertures. 
However, if a mode U,,,., (x, y, 2) travels without losses 
through the whole resonator, a power normalization: 


ia U,,(x, YU n(x, yz) dx dy = 1 [8] 


is valid in all planes z. Equations [7] and [8] will be 
used in the next section to derive the design strategy for 
resonators with predefined fundamental modes. 

If the mirrors, either planar or spherical, are 
assumed to be infinite in extent, it is possible to 
derive analytic solutions for the modes. This yields 
either the Gauss—Hermite or Gauss—Laguerre 
modes, which are orthogonal in the sense of eqn [6]. 
For resonators whose mirror shape differs from either 
a plane or sphere, the analytical calculation of its 
eigenfunctions or resonator modes is difficult and in 
most cases even impossible. 

However, in such cases the analysis can be 
performed numerically. One of the most common 
methods is the Fox-Li-algorithm which uses the 
physical propagation of the modes through the 
resonator. The algorithm begins with a random field 
distribution in some plane of the resonator. This field 
is then numerically propagated through the resonator 
until a round trip is completed. The effect of the 
resonator optical elements must be accounted for in 
this procedure. At the end of the resonator round trip, 
the starting field will have changed due to diffraction 
and serve as a new starting wave for a succeeding 
round trip calculation. This procedure is repeated 
until a static field distribution is obtained, which is 
then an eigenfunction of the resonator. 


Design Principles 


The condition in eqn [7] on the biorthogonality of 
resonator modes, together with the eqn [8] valid for 
lossless modes, can be used to develop principles to 
design resonators with an arbitrary fundamental 
mode shape. Consider a stable laser resonator 
characterized by negligible diffraction loss of the 
fundamental mode. Following the discussion 
above, its lossless modes must simultaneously satisfy 
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Fig. 2: Three loops in a row of varying size. The one described here and shown in Fig. 1 is shown in the middle. 
Smaller ones may well work better for higher frequencies such as the 3G networks (see below). 


Other size loops 

Fig. 2 shows a set of three loop devices with edge lengths of roughly 3.7, 7.5 and 15 cm. You can find out for yourself that 
the best match to the mobile signal is with the full wave loop of ca. 7.5cm per side. The other loops do work to varying 
degrees however (smaller ones may work better for the 3G network). The larger loop works well for the '70 cm' amateur 
radio bands. 


Polarisation 

The electric and magnetic fields making up the EM wave are orthogonal (they are at right angles to each other as they pass 
through space) to each other but depending how they are generated by the transmitting antenna can arrange themselves in 
any orientation with respect to the ground. If the electric field is parallel with the ground we say the wave is ‘horizontally 
polarised' while if its normal to the ground we say its 'vertically polarised’. The loop antenna will respond best to one type of 
polarisation (depending on its orientation) so it's worth experimenting with the orientation of the mobile (or the loop) to get 
the strongest signal - brightest LED. 


Mobile antenna 

Inside your mobile phone is a transmitter / receiver and antenna. Many mobiles have this antenna at the top of the phone but 
some of the PDA type phones have it at the bottom. As a result you can locate the position of the antenna by moving it 
around the center of the loop till you get maximum LED brightness. 


Networks 

There are various different networks that a mobile may use both in the UK and abroad. It may be that you need to adjust the 
network phone settings on your mobile i.e. change from "automatic select" to set for "GSM" so as it get the strongest signal 
to light the LED. Note: the 3G network might not be powerful enough to light the LED. As the GMS network is currently the 
main network over the UK the device should work anywhere where you can get a signal as long as you check the correct 
selection on your mobile menus [5, 7]. The 3G network operates on a higher frequency (smaller wavelength) so you might 
find a smaller loop will work better than the main one described here. See ‘other experiments' section below. 


Test signals 
In order to pick up the radio wave energy from the phone it obviously needs to be transmitting a signal. There are a few ways 
to do this: 


1) On switch 'on' (or change of network) you can see that the mobile initially transmits for a few seconds to the network to 
tell it it's there (especially if you have moved since turning it off). You don't actually need to dial a number to detect these 
signals. 

2) Even if don't text or call, throughout the day the mobile will send out data to 'keep up' with the network, especially if you 
are moving around (going through train tunnels etc. see below). 


3) When you make a phone call you will transmit. Initially there is quite a lot of data being sent but in a few seconds data / 
power only gets transmitted when you speak. So to light the LED continuously you need to talk or provide some background 
sound continuously. Your service provider voicemail might be a good free phone number to try for these experiments [5]. 


http://www.creative-science.org.uk/mobile_LED.html 3/7 
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eqns [7] and [8]. A comparison of both equations 
yields: 


U:65,9,2) = UL(,-9, 2) [9] 


For reasons of simplicity we neglect here, and in the 
following, the subscript m for the mode order if only 
one mode is considered. Because this equation must 
hold in all planes z, it is satisfied in the mirror 
resonator planes zo and z,. Further, by definition of 
the operators Ry and R»: 


[10] 
[11] 


Us(x, y, 2) = Ry U_(x, y, 2) 
U_(x, ys Zo) = R, Ui(x, y, Zo) 


The combination of eqns [10] and [11] with eqn [9] 
yields the following expressions for the mirror 
operators: 


U4(x, y, 2) 





= 12 

1 UN, ¥, 2) oe 
U_(x, y, Zo) 

Ry. = 13 

> UL, y,20) is] 


Equations [12] and [13] imply that lossless modes are 
phase-conjugated on reflection at the resonator 
mirrors. Because we have not made any assumptions 
on the shape of the mode, these equations represent 
a general property of lossless resonator modes. 
Furthermore, they provide a general design rule for 
the construction of stable laser resonators with 
predefined fundamental mode shape. 

If one considers limiting apertures inside the 
resonator, an equivalent statement for lossy modes 
can be made by making assumptions about phase 
conjugation in a lossy system and showing that they 
lead to a contradiction. Without loss of generality, we 
assume an aperture on the outcoupling resonator 
mirror that clips the mode. We now consider the wave 
U_(x, y, Zo) after reflection at this mirror and assume 
this wave is still phase-conjugated after propagation 
through the resonator during its reflection at the back 
resonator mirror according to: 


U(x, ys Zp) = U* (x, y, Zp) [14] 


If now the wave U(x, y, zp) is back propagated to the 
outcoupling mirror, we end up with the wave 
U(x, y,%) which must, because of the phase 
conjugation in z,, have the same amplitude as the 
wave U_(x, y, 29) we started with. As a result, because 
both waves are connected to each other via the 
reflection operator of the outcoupling mirror by 
eqn [11], Ro cannot influence the amplitude distri- 
bution which, however, is a contradiction to the 
assumption of a limiting aperture. Thus, we finally 


can state that lossy modes do not have the property to 
be phase conjugated during their reflection at both 
mirrors. As a consequence, the design of diffractive 
mirrors for unstable laser resonators, in general 
characterized by energy outcoupling via diffractive 
losses, is more complex than simply calculating a 
phase-conjugating mirror structure for stable laser 
resonators. 

Up to now, design methods described in the 
literature for unstable laser resonators with user- 
defined output beam shapes have all been based on an 
iterative calculation of the mirror reflection function. 
Because a detailed description of these methods is 
rather complex, we restrict ourselves to a sketch of 
the principal ideas behind them. 

Without loss of generality, we consider an unstable 
laser resonator from which the light is coupled out by 
a mirror with spatially varying transmission and 
reflection. The second mirror is fully reflective within 
its aperture. The particular application defines only 
few design constraints which are in most cases the 
light wavelength, the dimensions of the resonator, 
and the shape of the outcoupled beam U(x, y, Zo). As 
a consequence of the outcoupling principle, the shape 
of the mode inside the resonator is not finally defined 
by the outcoupled beam. In regions where the 
outcoupling mirror is reflective and not transmissive, 
the mode amplitude can be chosen freely. Also the 
amplitude of the mode in the plane of the back 
resonator mirror is not fixed but influenced by the 
amplitude and phase of the mode in the plane of the 
outcoupling mirror. 

The general starting situation for an unstable 
resonator design is sketched in Figure 2. The design 
procedure must yield the complex amplitudes of four 
waves: the mode directly in front of the outcoupling 
mirror U_(x, y, Zo), the mode after reflection at the 
outcoupling mirror U(x, y,%), and the complex 
amplitudes of the forward and reverse modes in the 
plane of the back resonator mirror U(x, y, z,) and 
U_(x, y, Zp), respectively. Since we assume no losses at 


x, 
, Back resonator mirror Outcoupling mirror 
Du (XY,2,) U(XY.Zo) Bp 
—asSsSSSSSem 
¢ Uy(%VzZp) 
Tues, 
U(X Y.Zp) 





2p 2 
| Us(Zp)| = | U(Zp)| + | Uo(Zo)} 


Design 
conditions: | U,(zZ,)| = | U_(z;)| 


Figure 2 Starting situation for design of an unstable diffractive 
laser resonator. 
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this mirror, the amplitudes must satisfy the condition: 


lU.(x, y, zp)| = 1U_(x, y, z)| [15] 


If we further assume no absorption at the outcoupling 
mirror, the amplitudes of the three waves in zg are 
related according to: 


|U_(x, y, 2) + [Up(x, y, z0) = IU, (x, y, Zz) [16] 


To design the resonator one starts with the choice of 
initial intensity distributions for the wavefields 
U_(x, y,%o) and U,(x,y,z,). In order to obtain a 
good filling of the available mode volume, a 
homogeneous intensity across the mirror apertures 
is recommendable. To avoid strong diffraction effects 
at the mirror edges, the corresponding intensity 
distributions should be smoothed out. Together 
with the desired outcoupled beam amplitude 
|Uo(x, ¥,%9)! one can calculate the two remaining 
amplitudes for the wave fields U_(x,y,z,) and 
U(x, y,%9) according to eqns [15] and [16]. 

An iterative algorithm, such as the well known 
Gerchberg—Saxton algorithm, can be used to find the 
phases of the beams U_(x, y, zo) and U(x, y, zg) that 
insure the wavefields have almost equal amplitudes 
once they are propagated or back-propagated, respect- 
ively, to the plane zp. In order to find wavefields that 
satisfy eqns [15] and [16], two successive iteration 
runs with different constraints on the complex 
amplitudes have to be performed. During the first 
iteration run no change in the initial amplitudes in 
plane z are allowed. The iteration only look for 
phases for U_(x, y, 29) and U,(x, y, 9) which result in 
the amplitude |U_(x, y, z,)| once they are propagated 
and back-propagated, respectively, to plane z,. 
Usually the results of a Gerchberg-Saxton algorithm, 
with such constraints, are wavefields U,(x, y, z,) and 
U_(x, y,Z,) with similar but not equal amplitude. 
Thus, in order to determine wavefields that satisfy eqn 
[15], a second iteration run with the Gerchberg— 
Saxton algorithm has to be added in which slight 
variations in wavefield amplitudes also in plane zg are 
allowed. Because the application of the constraints to 
ensure convergence of the iteration is rather complex, 
we do not go into details here but refer the reader to the 
Further Reading at the end of this article. 

Upon completion of the iterations, the mirror 
reflectance operators Ry and Ry, are calculated 
according to: 


U(x, ¥, 25) 
RS See 17 
1 U_(x, y,%p) n7] 
R= U_(x, y, 9) [18] 


> U4, 95%) 


The design method described so far yields a math- 
ematical expression for the resonator mirror reflec- 
tion operator. Practical realization of the resonator 
requires this expression be converted into a descrip- 
tion of a physical property of the mirror. In most 
practical cases this is the surface profile. Since the 
design method considers only phase-only functions, 
the physical description of the reflection operators 
are: 


R, = exp[—id,(x, y)] and 19) 


Ry = exp[—ido(x, y)] 


Using the so-called thin-element-approximation, the 
surface profiles h,(x,y) and h(x, y) of the two 
mirrors follow directly from the phases $;(x, y) and 


r(x, y): 


Xr 
hy (x, y= — Gz Pi, y) and sf 
[20] 


A 
h(x, y) = — Ag 2 (x, y) 


with A being the laser wavelength. The expressions 
in eqn [20] contain a factor of 1/2 due to reflection. 
These surface profiles are commonly fabricated by 
microlithographic techniques. For stable laser reso- 
nators, where the mirrors perform a static phase 
conjugation, the mirror profile is a surface of equal 
phase of the fundamental mode. 


Use of General Resonator Modes 


Applications of diffractive laser resonators can be 
classified into beam shaping for a particular task 
external to the laser and resonator optimization via 
modifying the eigen-space of the round trip operator. 

Internal beam shaping for external tasks is relevant 
to applications where it is advantageous to use a fixed 
beam profile other than a Gaussian, as is the case for 
instance in materials processing. Shaping the beam 
internally, avoids the energy losses usually associated 
with external beam shaping techniques. However, 
lasers that have a nonGaussian outcoupled beam 
profile are often less flexible in their general 
applicability. 

However, there is considerable potential for dif- 
fractive laser resonators to enhance resonator charac- 
teristics and thereby improve the lasing operation 
itself. The conventional Gaussian-shaped fundamen- 
tal mode in customary laser resonators varies 
considerably in intensity from its central maximum 
to its outer wings. The transfer of energy from the 
pumped active medium into the propagating mode is 
dependent upon the local transverse intensity and is 
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optimal for homogeneous illumination. As a result, 
the efficiency with which energy is transferred into the 
fundamental mode can be increased by using diffrac- 
tive resonator mirrors to match the shape of the 
lateral fundamental mode to that of the cross-section 
of the active medium. 

An important resonator property, especially in high 
power laser systems, is the difference of round trip 
losses V between the fundamental mode and the 
higher, usually undesired, laser modes. This difference 
is referred to as modal discrimination. With no 
limiting apertures, the wavefronts of all Gauss— 
Hermite or Gauss—Laguerre modes of common laser 
resonators are phase conjugated upon reflection at the 
spherical mirrors. As we have shown above, there is a 
tight connection between the phase conjugation 
property of resonator modes and their property of 
having no round trip losses. Thus, the phase 
conjugation property of Gauss—Hermite and 
Gauss—Laguerre modes directly implies small round 
trip losses. In fact, in resonators without apertures 
they all have an eigenvalue y, = 1 and according to 
eqn [5] the round trip losses are zero. High-order 
modes, whose diameters are large, can be suppressed 
by decreasing the size of the mirror aperture, 
however, because the difference in mode diameter 
between modes of neighboring order m is small, the 
achievable discrimination is limited to a maximum 
ratio V,,44/Vin ~ 10. The structured surface profile of 
the mirrors in a diffractive laser resonator whose 
fundamental mode is nonGaussian is tightly adapted 
to the phase of the design mode. The wavefront of the 
higher-order modes in these resonators often do not 
fit the mirror profile and it can be observed that their 
round trip losses are significantly higher. Thus, 
diffractive laser resonators usually show an improved 
modal discrimination compared to resonators with 
spherical mirrors. This effect can be further improved 
by inserting into the resonator additional phase plates 
with diffuser-like properties. 

Shaping the surface profile of resonator mirrors or 
insertion of additional phase plates significantly 
improves the flexibility for the resonator design. As 
is demonstrated by the examples below, there are 
resonator configurations in which high modal dis- 
crimination or adaptation of the mode volume to the 
cross-section of the active medium are combined with 
a Gaussian shape of the outcoupled beam. 

In the design procedure described so far, the 
resonators were treated as passive optical systems. 
The propagation of the mode through the resona- 
tor has not been influenced by the active medium. 
However, in real laser systems, this simplification is 
often not applicable. Due to the pumping process 
and the connected heat insertion, the refractive 


index distribution inside the active medium is not 
homogeneous, which affects the propagation of the 
modes. Furthermore, changes or fluctuations in the 
pump energy and cooling mechanisms introduce 
temporal changes in the optical function associated 
with the refractive index of the active medium. 
Further, although static or averaged, optical power 
of the active medium are included in the round trip 
operator and calculation of the mirror profiles, 
experiments with lasers that have diffractive 
resonator mirrors indicate that the temporal 
fluctuations can strongly influence the shape and 
round trip losses of the fundamental resonator 
mode. In general, diffractive laser resonators are 
more sensitive to deviations from design than 
conventional resonators. 


Examples 


We consider as an example the adaptation of 
fundamental mode shape to the cross-section of the 
active medium. In solid state lasers, such as Nd:YAG 
lasers, the active medium is often a crystal rod with a 
circular cross-section. Instead of using this sharp- 
edged cross-section shape as intensity distribution for 
the desired fundamental mode, a smoothed version, 
which is approximated by a super-Gaussian intensity 
distribution in the center plane of the rod, is chosen to 
be the fundamental mode. The super-Gaussian 
intensity distribution has a more desirable propa- 
gation characteristic than a sharp circular one. 
However, even these modes do not exhibit the 
advantageous property of propagation-invariant 
beam shape characteristic of Gaussian beams. 

In our first example, we consider the design of a 
stable diffractive laser resonator with a super- 
Gaussian fundamental mode shape inside the active 
medium and a Gaussian beam coupled out from the 
resonator. The resonator configuration is based upon 
a beam shaping arrangement for a Gauss to super- 
Gauss beam transformation. Its optical setup is 
sketched in Figure 3. In the plane of the outcoupling 


Active Super- Back 
medium Gauss mirror 


Beam 
shaper 


Gaussian Outcoupling 
beam mirror 





Figure 3 Setup for the Gauss-to-super-Gauss resonator. 
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mirror z, the fundamental mode has a Gaussian 
amplitude U,(x,y,z). A phase element, which is 
located directly in front of the outcoupling mirror, 
shapes the mode amplitude into a super-Gaussian one 
Uyg(X,Y,%m) in the center plane z,, of the active 
medium. For this special beam shaping problem it is 
possible to calculate a phase plate surface profile that 
transforms the beams without energy losses. The 
corresponding calculation procedure is described 
in the Further Reading section at the end of this 
article. 

The mirror profiles have to be realized to satisfy the 
previously derived phase conjugation property for the 
described beam. Since the Gaussian beam has its 
minimum waist at the outcoupling mirror, its phase is 
planar in that plane. Thus, to insure phase conju- 
gation a plane mirror is all that is required in front of 
the beam shaping phase plate. In the plane of the 
back resonator mirror the beam has a modulated 
wavefront due to its transformation from a Gaussian 
to a super-Gaussian amplitude distribution. Thus, a 
surface modulated mirror profile is required to phase 
conjugate this beam during reflection. Figures 4a andb 
represent the phase profile of the beam shaping 
element and the back resonator mirror, respectively, 
for the following set of parameters: laser wavelength 
A= 1064 nm, radius of the Gaussian and super- 
Gaussian beams in the plane zp and z,,,, respectively, 
w,=1mm and w..= 1mm, order of the super- 
Gauss n=10, distance z,,—% =200mm, and 
resonator length z, — z = 250mm. The amplitude 
distribution for the fundamental mode in this 
resonator simulated with the Fox—Li-algorithm is 
shown in Figure 4c for the plane of the outcoupling 
mirror and in Figure 4d for the center of the active 
medium. 


Pp 
2n 





ee 2.2 


4mm 





(c) 


In our second example, the flexibility of diffractive 
laser resonators is demonstrated by a resonator with 
a user-defined far-field intensity distribution. In our 
case the far-field intensity |U;(x, y, zp) is shaped like 
the Greek letter lambda, A. Because we are con- 
cerned only with the intensity of the wavefield, the 
phase (x,y,z) of the far-field Us(x, y,z¢) can be 
chosen freely. As shown in the following, this 
phase freedom can be used to improve the inter- 
action of the mode with the active medium, as was 
the case in our first design example. Again, the mode 
shape in the center of the active medium has a super- 
Gaussian intensity distribution, which insures high 
extraction efficiency. We used an iterative Fourier- 
transform algorithm to calculate a far-field phase 
that yields a nearly super-Gaussian intensity distri- 
bution in the outcoupling plane of the resonator. 
The resulting wave: 

Up(x, y, %o) = 4o(%, ¥,%0) Expligo(x, ¥,%0)} [21] 
is generated directly as the laser output. The 
amplitude ag(x, y,zq) is generated as a mode inside 
the cavity using a surface-modulated back resonator 
mirror. This performs a static phase conjugation of 
the desired mode in the mirror plane. The phase 
Go(Xx, ¥,%) is provided by an additional element on 
the outside of the outcoupling mirror. A sketch of the 
resonator configuration is shown in Figure 5. 

For the experimental realization of this example 
the thermal index gradient of the active medium was 
included into the resonator design and the two 
diffractive elements were fabricated on a quartz 
substrate using electron beam lithography and ion- 
beam etching. The measured mode shape in the 
plane of the outcoupling mirror and the far-field 


bt. 16 o r[mm] 1.16 


4mm 
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Figure 4 Gauss-to-super-Gauss resonator: (a) phase of beam shaping element; (b) phase of back resonator mirror, simulated 
amplitude distributions for the fundamental resonator mode; (c) in the plane of the outcoupling mirror; and (d) in the center of the active 


medium. 
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Figure 5 Configuration for resonator internal generation of a user defined far-field intensity distribution. (With permission from 
Zeitner UD, Wyrowski F and Zellmer H (2000) External design freedom for optimization of resonator originated beam shaping. /EEE 


Journal of Quantum Electronics 36: 1105-1109. © 2001 IEEE.) 


Figure 6 Measured mode intensities for the resonator of Figure 5. (a) In the plane of the outcoupling mirror; and (b 





) in the far-field of 


the resonator. (With permission from Zeitner UD, Wyrowski F and Zellmer H (2000) External design freedom ah optimization of 
resonator originated beam shaping. /EEE Journal of Quantum Electronics 36: 1105-1109. © 2000 IEEE.) 


intensity distribution are shown in Figures 6a and b, 
respectively. The mode in the outcoupling plane of the 
resonator fills an area of about 2 mm diameter with 
nearly homogeneous intensity. The far-field shows the 
desired A-shaped intensity distribution. The vari- 
ations in intensity are due to the nonlinear response 
of the active medium. As mentioned above, the 
response can be improved if these effects are included 
in the design of the resonator mirrors. 


Conclusion 


Diffractive laser resonators are a generalization of 
common spherical mirror resonators. The use of 
arbitrary resonator mirror profiles and additional 
internal phase plates offer a huge flexibility for the 
generation of user defined mode shapes and optim- 
ization of resonator properties like extraction effi- 
ciency and modal discrimination. The drawback of 
the use of structured mirrors is an increased adjust- 
ment effort, because the diffractive mirrors have more 
degrees of freedom to be aligned. Furthermore, 


diffractive resonators tend to be more sensitive 
against changes of the optical properties of the active 
medium than spherical mirror resonators. Such 
changes may occur due to temporal fluctuations in 
pump power or cooling power. 

Most promising applications for diffractive reso- 
nators are: 


e lasers for materials processing which require a 
fixed intensity pattern for the sample treatment and 
a fixed laser power; 

high efficient homogeneous laser illumination, for 
example, for data projection or sensing appli- 
cations; and 

suppression of higher order modes and maintain- 
ing single-mode operation for high brightness 
lasers. 


Some example applications and solutions have 
been presented here which cannot be achieved by 
conventional resonator optics. For stable laser 
resonators, the phase-conjugation property of the 
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modes is used for a straightforward calculation of the 
required diffractive mirror profiles. Unstable resona- 
tor geometries with diffractive outcoupling require 
more complex iterative design procedures. However, 
especially for high-power and high-gain lasers, 
the latter sometimes have more advantageous 
properties, such as better discrimination of undesired 
higher-order modes and more simple mirror cooling 
options. 


See also 


Lasers: Carbon Dioxide Lasers. Phase Control: Phase 
Conjugation and Image Correction. 
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Introduction 


Structural coloration involves the selective reflectance 
of incident light by the physical nature of a structure. 
Although the color effects often appear considerably 
brighter than those of pigments, structural colors 
often result from completely transparent materials. In 
addition, animal structures can be designed to 
provide the opposite effect to a light display: they 
can be antireflectors, causing ‘all’ of the incident light 
to penetrate a surface (like glass windows, smooth 
surfaces cause some degree of reflection). 

The study of natural structural colors began in 
the seventeenth century, when Hooke and Newton 
correctly explained the structural colors of silver- 
fish (Insecta) and peacock feathers (Figure 1), 
respectively. Nevertheless, accurate, detailed studies 
of the mechanisms of structural colors did not 
begin until the introduction of the electron 
microscope in 1942. 
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Structural colors generally may be formed by one 
of three mechanisms: thin-film reflectors, diffraction 
gratings, or structures causing scattering of light 
waves. This is a simplistic characterization resulting 
from the application of geometric optics to the 
reflective elements. Some structures, however, rather 
fall between the above categories, such as photonic 
crystals (Figure 2) — these become apparent when 
quantum optics is considered. In some cases, this has 
led to confusion over the reflector type. For example, 
the reflectors in some scarab beetles have been 
categorized by different authors as multilayer reflec- 
tors, three-dimensional diffraction gratings, photonic 
crystals, and liquid crystal displays. Perhaps all are 
correct! Since the above categories are academic, 
I place individual cases of structural colors in 
their most appropriate, not unequivocal, category. 
Also, in this article I will employ geometric optical 
treatments only. 

The array of structural colors found in animals 
today results from millions of years of evolution. 
Structures that produce metallic colors have also been 
identified in extinct animals. Confirmation of this 
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Figure 1 Newton’s subject. 


fact, from ultrastructural examination of exception- 
ally well-preserved fossils, such as those from the 
Burgess Shale (Middle Cambrian, British Columbia), 
515 million years old, permits the study of the role of 
light in ecosystems throughout geological time, and 
consequently its role in evolution. In some cases, such 
as for ostracod crustaceans, diffraction gratings have 
been found to increase in their optical sophistication 
throughout 350 million years of evolution. 


Multilayer Reflectors 


Light may be strongly reflected by constructive 
interference between reflections from the different 
interfaces of a stack of thin films (of actual thickness 
d) of alternately high and low refractive index (7). For 
this to occur, reflections from successive interfaces 
must emerge with the same phase and this is achieved 
when the so-called ‘Bragg Condition’ is fulfilled. The 
optical path difference between the light reflected 
from successive interfaces is an integral number of 
wavelengths and is expressed in the equation: 


2nd cos ® = (m+ 1/2)A (1) 


from which it can be seen that the effect varies with 
angle of incidence (®, measured to the surface 
normal), wavelength (A), and the optical thickness 
of the layers (zd). There is a phase change of half a 
wavelength in waves reflected from every low to 
high refractive index interface only. The optimal 
narrowband reflection condition is therefore 
achieved where the optical thickness (zd) of every 
layer in the stack is a quarter of a wavelength. In a 
multilayer consisting of a large number of layers 
with a small variation of index the process is more 


selective than one with a smaller number of layers 
with a large difference of index. The former 
therefore gives rise to more saturated colors 
corresponding to a narrow spectral bandwidth and 
these colors therefore vary more with a change of 
angle of incidence. Both conditions can be found in 
animals — different colored effects are appropriate 
for different functions under different conditions. 
For an oblique angle of incidence, the wavelength 
of light that interferes constructively will be shorter 
than that for light at normal incidence. Therefore, 
as the angle of the incident light changes, the 
observed color also changes (Figure 3). 

Single layer reflectors are found in nature, where 
light is reflected, and interferes, from the upper and 
lower boundaries (Figure 4). A difference in the 
thickness of the layer provides a change in the color 
observed from unidirectional polychromatic light. 
The wings of some houseflies act as a single thin film 
and appear different colors as a result of this 
phenomenon. A single quarter-wavelength film of 
guanine in cytoplasm, for example, reflects about 8% 
of the incident light. However, in a multilayer 
reflector with ten or more high index layers, reflection 
efficiencies can reach 100%. Thus, animals possessing 
such reflectors may appear highly metallic. 

The reflectance of the multilayer system increases 
very rapidly with increasing number of layers. If the 
dimensions of the system deviate from the quarter- 
wave condition (i.e., md is not equal for all layers), 
then the reflector is known as ‘nonideal’ in a 
theoretical sense (may be ‘ideal’ for some natural 
situations). ‘Nonideal’ reflectors have a reduced 
proportional reflectance (not always a significant 
reduction) for a given number of layers and this 
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Figure 2 Scanning electron micrograph of a cross-section of the 
wall of a cylindrical spine of the sea mouse Aphrodita sp. 
(Polychaeta). The wall is composed of small cylinders with varying 
internal diameters (increasing with depth in the stack), arranged 
in a hexagonal array, that form a photonic crystal fiber. The opal- 
type photonic crystal — hexagonally packed nano-spheres 
(250 nm diameter) — are also found in animals (e.g. weevils). 
Scale bar represents 8 ym. 


reflectance has a narrower bandwidth. A narrow 
bandwidth, less conspicuous reflection is sometimes 
selected for in animals, this will be discussed later in 
this article. Multilayer reflectors polarize light inci- 
dent at Brewster’s angles. This is about 54° for 
a quarter-wave stack of guanine and cytoplasm. 
At very oblique angles, all wavelengths are strongly 
reflected. 


Multilayer reflectors are common in animals. They 
are usually extra-cellular, produced by periodic 
secretion and deposition, but sometimes occur within 
cells. Guanine (7 = 1.83) is a common component in 
invertebrate reflectors because it is one of very few 
biological materials with a high refractive index and 
is readily available to most invertebrates as a 
nitrogenous metabolite. However, arthropods, 
including insects, crustaceans, and spiders, have 
largely ignored guanine in favor of pteridines. Also 
surprising is that the reflector material of closely 
related species, e.g., the molluscs Pecten (scallop) and 
Cardium (cockle), may differ. 

Multilayers produce effects in beetle cuticle from 
highly metallic colors (‘ideal’ system) to rather dull 
greens (‘nonideal’ system in combination with scat- 
tering; Figure 5), and colors from the wings of many 
butterflies. Often in butterflies, layers of chitin 
(1 = about 1.56) are supported by vertical vanes of 
the scales. Air (7= 1.0) fills in the spaces and 
provides the alternate layers of the system. Under 
white light at normal incidence, the blue color of the 
butterfly Arhopala micale turns to green when the air 
is replaced by acetone. This is due to an increase in the 
refractive index of the low n layer (the actual 
thickness of this layer remains the same but the 
optical thickness increases) that effectively makes the 
system less ‘ideal’. If the refractive indices of both 
layers were made equal, there would be no internal 
interference. A layer of melanin often underlies the 
reflector and intensifies the metallic colored effect by 
absorbing the transmitted portion of incident light. 
For example, in beetles, the elytra of Anopognathus 
parvulus appears metallic gold, green, or yellow in 
reflected light, and diffuse brown in transmitted light. 
Individual butterfly scales have been examined in 
detail to reveal a number of variations of quarter- 
wave stacks, sometimes in combination with other 
optical structures, to provide a range of colored 
effects. 

The crustaceans Limnadia (Conchostraca), Tanais 
tennicornis (Tanaidacea), Ovalipes molleri (Deca- 
poda), and the males of Sapphirina (Copepoda) all 
bear multilayer reflectors in their cuticles, in different 
forms (Figure 6). In contrast to the usual continuous 
thin layers, male sapphirinids have ten to fourteen 
layers of interconnecting hexagonal platelets within 
the epidermal cells of the dorsal integument. The 
reflector of O. molleri comprises layers that are 
corrugated and also slightly out of phase (Figure 7). 
At close to normal incidence this structure reflects red 
light, but at an angle of about 45° blue light is 
reflected. The corrugation, however, functions to 
broaden the reflectance band, at the expense of 
reducing the intensity of reflection. 
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Figure 3 Butterfly (Parthenos sylvia (Nymphalidae) from Malaysia), showing the change in color with angle of wings. This animal may 


have evolved a temporal signal rather than a static one. 


A broadband wavelength-independent reflectance, 
appearing silver or mirror-like to the human eye, can 
be achieved in a multilayer stack in at least three ways 
in invertebrates (Figure 8). These are (a) a composite 
of regular multilayer stacks each tuned to a specific 
wavelength, (b) a stack with systematically changing 
optical thicknesses with depth in the structure, 
termed a ‘chirped’ stack, and (c) a disordered 
arrangement of layer thicknesses about a mean 
value, termed a ‘chaotic’ stack (Figure 8). 
The nauplius eye of the copepod Macrocyclops 
(Crustacea) has regularly arranged platelets 
~100 nm thick in stacks of 20-60, achieving the 
first condition. Silver beetles and the silver and gold 
chrysalis of butterflies in the genera Euoplea and 


Amauris, owe their reflection to the second condition. 
The mirror-like reflectors in the scallop Pecten eye 
comprise alternating layers of cytoplasm (7 = 1.34) 
and guanine crystals (7 = 1.83) and approximate an 
‘ideal’ quarter-wave system in the same manner as 
within fish skin using the third mechanism. The 
ommatidia of the superposition compound eyes of 
Astacus (Crustacea) are lined with a multilayer of 
isoxanthopterin (a pteridine) crystals, which again 
fall into the third category. Multilayer reflectors can 
also be found in the eyes of certain spiders, butterflies, 
and possibly flies, where they assist vision, as 
discussed further below. 

Squid and cuttlefish, for example, possess mirror- 
like reflectors in photophores (light organs) and 
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Figure 4 Schematic diagram of thin-film reflection. The 
direction of wave (straight line) and profile of electric (or magnetic) 
component are illustrated. Incident waves are indicated by a solid 
line, reflected waves by broken lines. Refraction occurs at each 
media interface. The refractive index of the film (n;) is greater than 
the refractive index of the surrounding medium (ng). Constructive 
interference of the reflected waves is occurring. As the angle of 
incidence changes, different wavelengths constructively interfere. 
At normal incidence constructive interference occurs where 
nex d; = N/4. 


iridophores. Iridophores are cells that, in this case, 
contain groups (iridosomes) of flexible layers of thin 
lamellae with cytoplasm between, forming a quarter- 
wave stack. The platelets of both squids and octopods 
develop from the rough endoplasmic reticulum and 
are separated by extracellular space. Euphausiid 
crustaceans possess photophores with very elaborate 
mirror-like reflectors. Up to 60 dense layers, about 
70 nm thick and 75-125 nm apart, are formed from 
the aggregation of granules (probably a type of chitin) 
and surround the main photogenic mass. An intricate 
ring consisting of very flattened cells, forming the 
dense layers of a multilayer reflector (about 175 nm 
thick, separated by 90 nm) surrounds the lens of the 
photophore and reflects blue light at acute angles 
of incidence. 

Dead invertebrates may not display their original 
colors. Following death, one (or both) of the layers in 
a multilayer reflector may become gradually reduced. 
For example, water may be lost from the system. This 
occurs in beetles of the genus Coptocycla; their brassy 
yellow color quickly changes through green, blue, 
and violet until the brown of melanin is finally 
observed. The color progression may subsequently be 
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Figure 5 Generalized diagram of a multilayer reflector in the 
cuticle of the green beetle Calloodes grayanus (high refractive 
index material is shown shaded). Outer layer causes scattering. 


reversed by water uptake. This is an important 
consideration when examining fossils for multilayer 
reflectors. Multilayer reflectors have been identified in 
the shells of some ammonites, preserved as fossils. 


Diffraction Gratings 


When light interacts with a periodic surface consist- 
ing for example of a series of parallel grooves, it may 
be deviated from the direction of simple transmission 
or reflection. For this to happen, light which is 
scattered or diffracted from successive grooves should 
be out of phase by integral values of 277. This occurs 
when, for a given direction of propagation, the 
optical path difference via successive grooves is MA, 
where M is an integer known as the circle number. 
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4) Texting is the easiest way to show the radio wave power being transmitted. Long texts will light the LED for longer than 
short texts. 


5) Finally set up the mobile on the loop and use another phone to text or phone the mobile. Even though you are not directly 
using the phone you will see that even on 'receive' the mobile phone transmits data to and fro. Ring off before you get 
charged. 


Note: If you can use a free phone number it will save you money [5]. 


to meter, 
headphones 


or data logger 
aes screened cable 


po or twisted pair 


OA91 
diode 





0.1pF 


rest of loop 


Fig. 3: Adding a capacitor and coax (or twin) lead so that headphones, a meter or a data logger can be connected 
(Note: diode is reverse wired compared to Fig. 1). 


Other experiments: 

Hearing data - if headphones are wired across the LED they will convert the voltages into sound and you can ‘hear’ the clicks 
of the digital data being transmitted. These are the same clicks that so easily get picked up by sensitive electronics such as a 
stereo amp or recording equipment when making a video for example. Hence - 'no phones on' when filming. 


Logging data - if a meter, or better still a stand-alone data logger, is attached across the LED then one can monitor the EMR 
from the phone. For example even if you are not making a call your mobile will send signals too (and receive signals from) 
the network while travelling around. Fig. 3 shows a simple modification using a de-coupling capacitor so that a coax cable 
(or twisted pair) can be used to go to headphones, meter or data logger. Note the diode has been reversed so that the logger 
has the correct + and — connections for a unipolar input logger. The capacitor should help average the signal and stop radio 
frequencies going down to the logger. If one is available a few turns of the wire can be wound within a ferrite ring near to the 
logger so that maximum immunity to the mobile phone signal can be obtained for the logger electronics. 


http://www.creative-science.org.uk/mobile_LED.html 4/7 
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Figure 6 Bivalve shell with outer pigment removed to reveal an incidental multilayer reflector. Layers evolved to provide strength and 


prevent crack propagation. 
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Figure 7 Transmission electron micrograph of a multilayer 
reflector in the cuticle of a swimming paddle of the crab Ovalipes 
molleri (Crustacea: Decapoda). Layers of reflector are slightly 
sinuous and out of phase; note the unusual side branches of each 
high refractive index (dark) layer, which provide support for these 
solid layers within a liquid matrix. Scale bar represents 5 ym. 


This may be expressed by the grating equation: 


2d(sin a — sin B) = MA [2] 








OL TK 





a) (b) (c) 


Figure 8 Three ways of achieving a broadband, wavelength- 
independent reflector in a multilayer stack (high refractive index 
material is shown shaded). (a) Three quarter-wave stacks, each 
tuned to a different wavelength. (b) A ‘chirped’ stack. (c) A ‘chaotic’ 
stack. 


— 


where a and B are angles of incidence and diffraction, 
and d is the period. 

As with multilayers, the effect gives rise to 
coloration because different wavelengths are dif- 
fracted into different directions. Although the effect 
changes with angle of incidence, it is less critical than 
it is with thin films and the visual appearance is 
different. For a parallel beam of white light incident 
upon a multilayer, one wavelength will be reflected as 
determined by the Bragg Condition. The same beam 
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Figure 9 Reflection-type diffraction grating (w= periodicity, 
m= order of reflected beam). For white light of fixed angle of 
incidence (@,), the color observed is dependent on the point of 
observation (e.g., violet light can be seen at point x, red at point y, 
within the first order spectrum). 


incident upon a grating will be dispersed into spectra 
(e.g., Figure 9). The complete spectrum reflected 
nearest to the perpendicular (grating normal) is the 
first order. The first-order spectrum is reflected over a 
smaller angle than the second-order spectrum, and 
the colors are more saturated and appear brighter 
within the former. Diffraction gratings have polariz- 
ing properties, but this is strongly dependent on the 
grating profile. 

Diffraction gratings were believed to be extremely 
rare in nature, but have recently been revealed to be 
common among invertebrates. They are particularly 
common on the seate or setules (hairs) of Crustacea, 
such as on certain first antennal setules of male 
Myodocopina ostracods or ‘seed shrimps’ (Crustacea) 
(Figure 10). Here, the grating is formed by the 
external surface of juxtaposed rings with walls 
circular in cross-section (Figure 11). The width of 
the rings, and consequently the periodicity of the 
grating, is about 700 nm in Azygocypridina lowryi. 
Different colors are viewed with varying angles of 
observation under a fixed light source. The ostracod 
Euphilomedes carcharodonta, for example, addition- 
ally houses a diffraction grating on the rostrum, a 
continuous flattened area of the carapace that is 
corrugated to form periodic ridges. The dark brown 
beetle Serica sericea, bears gratings on its elytra 
with 800 nm periodicity, which causes a brilliant 
iridescence in sunlight. 

Many polychaetes possess gratings on their setae 
(hairs). For example, the opheliid Lobochesis long- 
iseta bear gratings with periodicities in the order of 
500 nm (Figure 12), appearing iridescent. The wings 
of the neurochaetid fly Neurotexis primula bear 
diffraction gratings only on their dorsal surfaces, 
and the iridescent effect remains after the insect is 
gold coated for electron microscopy. These gratings 
cause iridescence with a higher reflectance than the 





Figure 10 Diffraction gratings on the halophores (hairs) on 
the first antenna of the seed shrimp Azygocypridina lowyri 
(Ostracoda). 





Figure 11 


Scanning electron micrograph of diffraction grating 
on a halophore (setule) of Azygocypridina lowryi (Ostracoda). 
Scale bar represents 2 pm. 


iridescence of the membranous wings of other insects, 
which reflect light by interference. Iridescence caused 
by interference disappears after gold coating because 
transmission of light through the outer surface 
is prevented. 

Very closely spaced, fine setules may also form the 
ridges of a diffraction grating. Cylindroleberidid 
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Figure 12 Scanning electron micrograph of diffraction gratings 
on a hair of Lobochesis longiseta (Polychaeta). Scale bar 
represents 10 wm. 





Figure 13 Scanning electron micrograph of Tetraleberis brevis 
(Ostracoda), hairs of comb of maxilla; setules (orientated 
vertically) form the ridges of a grating. Scale bar represents 2 jm. 


ostracods (seed-shrimps) possess a comb on their 
maxilla bearing numerous setules on each seta (hair), 
collectively forming a grating with a periodicity of 
about 500 nm (Figure 13). 

The ‘helicoidal’ arrangement of the microfibrils 
comprising the outer 5—20 »m of the cuticle (exo- 
cuticle) of certain scarabeid beetles, such as Plusiotis 
resplendens, also gives rise to metallic colors. Here, 
the fibrils are arranged in layers, with the fibril axis in 
each layer arranged at a small angle to the one above, 
so that after a number of layers the fibrillar axis 
comes to lie parallel to the first layer. Thus, going 
vertically down through the cuticle, two correspond- 
ing grating layers will be encountered with every 360° 
rotation of the fibrils — the ‘pitch’ of the system. 
Polarized light encounters an optically reinforcing 
plane every half turn of the helix. The system can be 


treated as a three-dimensional diffraction grating, 
with a peak reflectance at A = 2nd, where d is the 
separation of analogous planes, or half the pitch of 
the helix. The diffracted light resembles that from a 
linear grating except for the polarization; the three- 
dimensional grating reflects light that is circularly or 
elliptically polarized. It should be noted that the 
diffracted color does not depend on the total film 
thickness as it does in interference, but on the layer 
repeat distance within the film as in the diffraction 
grating (analogous to ‘liquid crystals’). 

When each groove of a grating is so formed that it 
independently, by means of geometrical optics, 
redirects the light in the direction of a chosen 
diffracted order, it is known as a blazed grating. In 
a blazed reflection grating, each groove consists of a 
small mirror (or prism) inclined at an appropriate 
angle (i.e., the grating has a ‘saw-tooth’ profile). 
Blazed gratings have been identified on the wing 
scales of the moth Plusia argentifera (Plusinae). 

When the periodicity of a grating reduces much 
below the wavelength of light, it becomes a zero- 
order grating and its effect on light waves changes. 
This difference in optical effect occurs because when 
the periodicity of the grating is below the wavelength 
of light the freely propagating diffracted orders are 
suppressed and only the zero-order is reflected when 
the illumination is normal to the plane of the grating. 
To describe accurately the optical properties of a 
zero-order grating, rigorous electromagnetic theory is 
required. In contrast to gratings with freely propagat- 
ing orders, zero-order structures can generate satu- 
rated colors even in diffuse illumination. Such 
structures occur on the setae (hairs) of the first 
antenna of some isopod crustaceans, such as the giant 
species of Bathynomus. Here, there are diffracted 
orders and the spectral content of the light within the 
grating is controlled by the groove profile. In an 
optical system that only accepts the zero-order, 
what is seen is white light minus that diffracted into 
the +1 orders. 

A zero-order grating can cause total transmission 
(i.e., there is no reflection). Such antireflective 
structures are found on the corneal surfaces of each 
ommatidium (visual unit) in the eye of Zalea minor 
(Diptera) (Figure 14). The periodicity of the corneal 
gratings of this fly is 242nm. Another form of 
antireflection grating is formed on the transparent 
wings of the hawkmoth Cephonodes hylas on the 
corneal surface of each visual unit (ommatidium) of 
the eyes of moths and butterflies (Figure 15). Here, 
optical-impedance matching is achieved by means of 
a hexagonal array of tapered cylindrical protuber- 
ances, each of about 250 nm diameter, thus forming 
a ‘tri-grating’ with grooves transecting at 120°. 
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Figure 14 Scanning electron micrograph of the compound eye of Zalea minor (Diptera). The corneal surface at the junction of 
two ommatidia is shown with antireflection gratings (positioned on sloping regions, i.e., at high angles to the normal of the eye) phasing 


into moth-eye-type protuberances. Scale bar represents 2 wm. 
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Figure 15 Tri-grating (antireflector) on the corneal surface of a 
butterfly eye. Scale bar represents 2 wm. 


The protuberances provide a graded transition of 
refractive index between the air and the cornea/wing. 
Hence the refractive index at any depth is the average 
of that of air and the corneal/wing material. 

The grooves of a grating may also create parallel 
rows in two directions, forming a bi-grating. 





Figure 16 Bi-grating on the callynophores (hairs) of the 
amphipod crustacean Waldeckia australiensis. Scale bar rep- 


resents 2 wm. 
Bi-gratings can be found in some crustaceans and 
flies. In the amphipod crustacean Waldeckia 
australiensis, two effectively superimposed gratings 
subtend angles of about 60/120° ( 6). 
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Figure 17 Light micrograph of the surface of a hair of Canadia 
spinosa (Middle Cambrian, 515 million years old, British 
Columbia), isolated by acid maceration of the rock matrix, 
showing gratings running longitudinally. Periodicity 0.9 um. 


In terms of fossil colors, diffraction gratings are 
responsible for the nacreous luster of brachiopod 
shells, such as those from the Devonian, around 360 
million years old. Here, tabular aragonite platelets 
averaging 600 nm in thickness, each comprising a 
linear diffraction grating, form layers and conse- 
quently a three-dimensional diffraction grating. 
Antireflective, zero-order gratings have been identi- 
fied on the eye of an Eocene fly, 45 million years old, 
preserved in Baltic amber. Linear diffraction gratings 
causing color have been discovered on the sclerites of 
Wiwaxia corrugata from the Burgess Shale (Middle 
Cambrian, 515 million years old) (Figure 17). This 
finding has led to the ‘light switch theory’, in that the 
evolution of the first eye caused the big bang in 
animal evolution. 


Scattering (Incoherent Reflectors) 


Simple, equal scattering of all spectral wavelengths 
results in the observation of a diffuse white effect. 
This commonly arises from the effects of a nonper- 
iodic arrangement of colloidally dispersed matter 
where the different materials involved have different 
refractive indices (Figure 18), or from solid colorless 
materials in relatively concentrated, thick layers. In 
the colloidal system, the particles are larger than the 
wavelength of light and can be thought of as mirrors 
oriented in all directions. The reflection is polarized 
unless the incident light is at normal incidence on the 
system and, in the colloidal system, spherical or 
randomly arranged particles are involved. 

The colloidal system involves either a gas-in-solid, 
gas-in-liquid, liquid-in-liquid (emulsions), or solid-in- 
liquid. For example, the gas-in-liquid system is partly 
responsible for the white body and/or tentacles of 
certain anemones. Light is reflected and refracted at 
the surfaces of the particles of matter or spaces (with 
dimensions >1 wm), regardless of the color of the 
materials involved (except opaque brown and black 
compounds, such as melanin). In insects, the 





Reflected light 


Incident Transmitted 
white light 
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Figure 18 Scattering of white light by small particles 
(represented by black circles). The reflected light is randomly 
directed at different angles. 





Figure 19 Scanning electron micrograph of a section of a white 
reflecting patch on the abdomen of the fly Amenia sp., showing 
closely packed, randomly arranged hairs that scatter incident light 
in all directions (Figure 11). Scale bar represents 20 ym. 


materials involved typically have low 
transparencies. 

An unordered (as opposed to periodic) group of 
closely spaced setae (hairs), such as those in patches 
on the fly Amenia sp., may form a white reflection via 
random scattering or reflection (Figure 19). However, 
if the arrangement becomes periodic to some degree, 
a diffraction grating may be formed, such as the 
grating of Tetraleberis brevis (Ostracoda) (Figure 13). 

From some scales of butterfly wings, light is 
scattered uniformly and completely in all directions, 
due to the chaotic disposition of the surfaces. Matt or 
pearly whites may be observed depending on the 
complexity of the arrangement of the structures, 
which affects the relative degree of scattering. The 
structures may be so small that the molecular 
topography of the surface has an effect. The 
chromatic effects of the butterfly scales are greatly 
intensified if a dark, absorbing pigment screen lies 
beneath. This screen prevents reflection of white or 


very 
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colored light from the background that would dilute 
or alter the color. Additionally, if a dark pigment such 
as melanin is interspersed with the scattering 
elements, the reflection will appear a shade of gray 
or brown. The cells of the reflector in the photophore 
of a beetle (‘fire-fly’) are packed with sphaerocrystals 
of urate that cause a diffuse reflection (Figure 20). 

Reflection and refraction that occur at the inter- 
faces of strata with different refractive indices may 
result in the display of white light. The degree of 
whiteness depends upon the difference in refractive 
indices. This mechanism is evident in the shells of 
many lamellibranch molluscs. Between the outer, 
often pigmented layer and the mantle, is a thick 
middle layer of crystalline calcium carbonate. The 
inner surface of this (nacreous) layer is lined with 
multiple laminations of the same salt. In most species 
these laminations are sufficiently thick (>1 um) to 
render the inner lining white, although in some 
species they become thin so as to form a multilayer 
reflector. Calcium carbonate similarly produces 
whiteness in Foraminifera and in calcareous sponges, 
corals, echinoderms, and crustacean cuticles. Also, in 
the class of white solids is silica in diatom tests and 
skeletons of hexactinellid sponges. 

Other forms of scattering also exist and result in a 
blue colored effect (red when the system is viewed in 
transmission). Tyndall or Mie scattering occurs in a 
colloidal system where the particle size approximates 
the wavelength of light. Here, diffraction is import- 
ant. Rayleigh scattering occurs in molecules in a two- 
photon process by which a photon is absorbed and 





Reflector 


raises the molecule to an excited electronic state from 
which it re-radiates a photon when it returns to the 
ground state. Diffraction is not involved here. 

Tyndall scattered light is polarized under obliquely 
incident light. The intensity of the resultant blue is 
increased when it is viewed against a dark back- 
ground, such as melanin. The relative sizes of 
particles determine the shade of blue. If the particles 
responsible for the scattering coalesce to form 
particles with a diameter greater than about 1 ym, 
then white light is observed (see above). A gradation 
from blue to white scattering (‘small’ to ‘large’ 
particles) occurs on the wings of the dragonfly 
Libellula pulchella. 

Scattered blues can also be found in other 
dragonflies. In the aeschnids and agrionids, the 
epidermal cells contain minute colorless granules 
and a dark base. The males of libellulids and 
agrionids produce a waxy secretion that scatters 
light similarly over their dark cuticle. The green of the 
female Aeschna cyanea is the combined result of 
Tyndall scattering and a yellow pigment, both within 
the epidermal cells (degradation of the yellow 
pigment turns the dead dragonfly blue). 

Scattered blues are also observed from the skin of 
the cephalopod Octopus bimaculatus, where a pair of 
ocelli are surrounded by a broad blue ring. Blue light 
is scattered from this region as a result of fine granules 
of purine material within cells positioned above 
melanophore cells. The color and conspicuousness 
of the ring are controlled by the regulation of the 
melanophores, by varying the distribution of melanin 





(b) 


Figure 20 Sections of photophores (bioluminescent organs), external surface of animals on the right. (a) The ‘fire-fly’ beetle 
Pyrophorus sp., abdominal photophore of male — reflector is based on a scattering system. (b) The shrimp Sergestes prehensilis, 
showing lens layers and absorptive pigment — reflector is based on a multilayer type. 
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and consequently the density of the absorbing screen. 
The squid Onychia caribbaea can produce rapidly 
changing blue colors similarly. The bright blue 
patterns produced by some nudibranch molluscs 
result from reflecting cells containing small vesicular 
bodies, each composed of particles about 10 nm in 
diameter and therefore appropriate for Rayleigh 
scattering. 


See also 


Diffraction: Diffraction Gratings. Scattering: Scattering 
Theory. 
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Introduction 


Microstructure fibers have unique properties that 
cannot be obtained from traditional fibers (i.e. all 
glass, doped silica fibers) and can deliver functional- 
ities superior to many of today’s best transmission 
and specialty fibers. Their unique properties are 
obtained from an intricate cross-section of high and 
low index regions that traverse the length of the fiber. 
The vast majority of fibers consist of silica for the 
high-index region and air for the low-index region. 
These fibers are known by several different names 
including microstructure fiber, holey fiber, and 
photonic crystal fiber. The term microstructure fiber 
is used in this chapter because it is the most generic, 
encompassing all the fiber types. 

Microstructure fiber properties vary greatly and are 
determined by the size and arrangement of air holes in 
the fiber. For example, fibers have been fabricated 
such that the numerical aperture of the core or 
cladding approaches one. They have been fabricated 
with unique dispersion profiles, such as a zero-group 
velocity dispersion in the near visible regime or an 
ultraflat dispersion over hundreds of nanometers 
wide. They have been fabricated to generate a super 
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continuum over two octaves wide. Some guide light 
with an air core via bandgap guidance. In addition, 
the air holes in these microstructure fibers can be 
filled with highly tunable materials, giving one the 
capability of controlling the fiber properties for use in 
energy efficient devices. 

Microstructure fibers can have doped regions like 
traditional fibers. These hybrid fibers combine the 
benefits of traditional and microstructure fibers. 
The doped core typically guides most of the light, 
but its guidance properties can be strongly influenced 
by the air regions. Applications for hybrid fibers 
include dispersion compensation, polarization main- 
taining, and bend insensitive fibers. 

Loss is always an important factor when determin- 
ing whether a microstructure fiber will compete with 
or replace a traditional optical fiber. The index 
profiles that make these fibers so special can also 
lead to fibers that have an inherently high loss at 
connections or along the length of the fiber. Loss at 
connections typically occurs due to mode mismatch 
between the two fibers, undesired hole collapse, or 
poor alignment. Loss along the fiber length can occur 
due to impurities, hole surface roughness, or poor 
confinement. 

The dispersion profile (zero dispersion wavelength, 
dispersion slope, normal or anomalous) of micro- 
structure fibers can be optimized more than a 
traditional fiber, because the hole size and placement 
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can be arranged to make the cladding index strongly 
wavelength dependent. Dispersion causes a pulse to 
spread because the phase velocity is wavelength 
dependent. Normal dispersion is when longer wave- 
lengths travel faster than shorter wavelengths. Anom- 
alous dispersion is just the opposite — shorter 
wavelengths travel faster than longer wavelengths. 
Dispersion determines the amount of interaction 
between different wavelengths. For applications 
such as transmission fiber, one wants little interaction 
and for high nonlinear applications, one wants 
significant interaction. 

This chapter examines the methods for fabricating 
microstructure fibers and reviews the different types 
of microstructure fibers and their properties. Fibers 
that guide by total internal reflection are reviewed 
separately from bandgap guided fibers because their 
properties are significantly different. Lastly, a descrip- 
tion and example of an active device is presented in 
which the air regions of a microstructure fiber are 
filled with controllable material. 


Microstructure Fiber Fabrication 


At first glance, fabrication of microstructure fibers 
looks similar to traditional fibers in that the fibers are 
fabricated in a two-step process. First a preform is 
fabricated and then it is drawn (stretched) into a fiber. 
However, when the process is examined in more 
detail, both the preform fabrication and draw depart 
significantly from traditional methods. First, a novel 
preform fabrication method is used to incorporate air 
holes that run the length of the preform. Second, 
novel drawing procedures are used to keep the air 
holes open as the preform diameter is reduced by 
several orders of magnitude during draw. 


Preform Fabrication 


Microstructure preforms are cylinders of amorphous 
material usually less than a few centimeters in 
diameter that have an index profile running the 
length of the preform similar to the desired fiber. The 
most common preform consists of air and a single 
material such as silica, polymer, or high nonlinear 
glass. These air-containing preforms are relatively 
easy to fabricate but are difficult to draw because the 
structures can deform. 

The basic parameters of the fiber are usually 
determined by the geometry of the holes in the 
preform. These include hole diameter (d), hole 
position, pitch (center-to center hole spacing, A), 
core diameter (a), and number of layers. However, 
changes in the size and shape of the holes in the fiber 
can be made purposely or accidentally during draw, 


which will cause deviations between the fiber and 
preform profiles. 

Several methods are used to fabricate microstruc- 
ture preforms including stacking, casting, extrusion, 
and drilling. Each process has its advantages and 
disadvantages. By far, the most common method is 
stacking in which tubes, rods, and core rods (rods 
containing doped cores fabricated by traditional 
optical fiber techniques) are stacked in a close packed 
pattern such as a triangular or hexagonal lattice 
(Figure 1). The bundle of tubes and rods is then 
bound together with a large tube, called an overclad 
tube. Fibers can be made with complicated or 
asymmetric index profiles by strategically placing 
tubes with the same outer diameter (for good 
stacking) but a different inner diameter to change 
the index in that location. For example, a fiber with 
smaller holes on opposite sides of the core produces 
high birefringence. 

The main advantages of stacking are that no special 
equipment is needed for fabricating microstructure 
preforms and that doped cores are easily added. 
However, there are several disadvantages. First, the 
stacking method is limited to simple geometries of air 
holes because the tubes are stacked in a close pack 
arrangement. Second, unless hexagonal tubes are 
used, interstitial areas are created between the tubes 
that may not be desired in the final fiber. Third, the 
method is labor intensive and requires significant 
glass handling. 

A variation of the stacking method is used for 
fabricating air-clad fibers. Air-clad preforms are 
created by placing a layer of small tubes around the 
perimeter of a large core rod. The assembly is then 
overcladed for strength (Figure 2). 

Extrusion and casting of glass powder, polymer, or 
sol—gel slurry are also used for making single material 


Preform Fiber 








Figure 1 (a) Tubes, rods, and core rods are stacked together in 
a close packed arrangement and held together with an overclad 
tube. (b) During draw the desired air region stay open forming a 
microstructure fiber. 
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Figure 2 (a) An air-clad preform is fabricated by stacking a ring 
of small, thin walled tubes around a large core rod. (b) Photograph 
of the resulting fiber. 


microstructure preforms. The main advantage of 
extrusion and casting is that complicated structures 
can be fabricated in which the position, size, and 
shape of the air regions are independent of one 
another. The disadvantage of this method is that 
preform fabrication is more difficult compared to the 
other fabricate methods. This method may become 
more common as complex air structures are needed to 
make advanced microstructure fibers. 

The last method consists of drilling holes in a 
preform or rod. Drilling is well understood and used 
for other specialty fibers. The advantage of this 
method is that it is easy to drill holes of various sizes 
in any position in a preform, including doped regions. 
The disadvantages of drilling are that the holes 
cannot be drilled very deep compared to a traditional 
preform length; the distance between holes may be 
limited due to cracking; and the fiber may experience 
high loss due to surface roughness of the holes and 
impurities incorporated during drilling. 


Fiber Draw 


It is significantly more difficult to draw a microstruc- 
ture preform with air holes than a traditional 
preform. This is because the air holes tend to close 
due to surface tension. This force can be overcome or 
minimized using two different techniques. The first is 
to draw the preform under very high tension (low 
temperature). Minimal hole collapse occurs when the 
draw tension is significantly larger than the surface 
tension. The problem with this method is that the 
break rate increases substantially at higher tension. 
The second method is to apply an external pressure 
to the holes to counteract the surface tension. If a 
single pressure source is used, the holes can be made 
larger or smaller during draw by changing the 
pressure as needed. However, the process can 
become unstable because a large hole needs a lower 
pressure to maintain its size than a small hole. 
If holes of different sizes exist, a larger hole will 
grow at the expense of a smaller one regardless of 


the pressure used. To minimize the instability, this 
method is typically performed in conjunction with 
high-tension drawing. 

To alleviate the draw problem, a second solid 
material can be used in the preform to obtain the 
desired index profile. With the air regions removed 
from the preform, the drawing process becomes 
significantly easier. In addition, when a preform 
consists of two solid materials, one of the materials 
does not have to be continuous, as in single material 
preforms. This allows for simpler designs such as 
concentric rings, which may be easier to fabricate 
and model (Figure 13c). The disadvantage of this 
approach is finding two materials that have compa- 
tible physical and chemical properties, have low loss, 
and have a large index of refraction difference. 


Microstructure Fiber Types 


Microstructure fibers are categorized by their method 
of guidance, properties, and function. Index guided 
microstructure fibers most closely resemble traditional 
fibers and are described first. These fibers guide light by 
total internal reflection and have a core index of 
refraction greater than the cladding. Bandgap fibers 
are examined next. The unique guidance of bandgap 
fibers allows the core index to be lower than the 
cladding index. Tunable microstructure fibers are 
described last. These microstructure fibers are filled 
with tunable materials so that the fiber’s properties 
can be actively manipulated. 


Index Guided Fibers 


Most microstructure fibers guide light by total 
internal reflection. The size and spacing of air holes 
determine the guiding properties. For example, a 
solid silica core surrounded by a cladding consisting 
of small air holes that are spread apart creates a small 
core-to-cladding index difference similar to what can 
be achieved in traditional fibers. At the other extreme, 
a solid silica core surrounded by a cladding of large 
holes, which are closely spaced together, forms a large 
core-to-cladding index difference. This structure 
creates a large numerical aperture in the core and 
optically isolated regions within the fiber. The ability 
to create regions of significantly different indices in 
various parts of the fiber distinguishes the index 
guided microstructure fibers from traditional fiber. 
Different types of microstructure fiber are formed by 
varying the size, spacing and pattern of the air holes. 

Different techniques are used to model these fibers, 
depending on spacing and size of the air holes relative 
to the wavelength of the guided light. If the hole 
diameter and spacing is much smaller than the 
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wavelength of the guided light, the cladding index can 
be modeled as an average index weighted by the 
volume fraction of the two materials (typically air 
and silica). As the hole diameter or spacing 
approaches the wavelength of the guided light, 
complicated models are used such as finite difference 
method, finite element method, beam propagation 
method, or multipole method. 


Endlessly single-mode fiber 

The endlessly single-mode fiber consists of a solid 
core surrounded by a two dimensional array of small 
air holes in the cladding (Figure 3). The size and 
position of the air holes are arranged such that only 
the fundamental mode exists in the core regardless of 
the wavelength of the guided light. 

The prevention of higher order modes can be 
understood by examining the V number. The V 
number is a dimensionless parameter that describes 
the guiding nature of the waveguide. In traditional 
fiber, when the V number is less than 2.405, the fiber 
will guide only the fundamental mode. The V number 
is given by 
= aT Oa ~~ Hawa) [1] 
where a is the core diameter, A is the wavelength of 
the guided light, and mo,¢ and mgaqg are the index 
of refractions of the core and cladding, respectively. 
In traditional fiber, the core and cladding index (ore 
and mgaq) are for the most part constant, so the V 
number increases as the wavelength decreases. 

However, for the endlessly single mode microstruc- 
ture fiber, the V number does not increase indefinitely 
with decreasing wavelength, but approaches a 


V 





Figure 3 Photograph of an endlessly single mode fiber 
(Reprinted with permission from Birks TA, Knight JC and 
Russell P (1997) Endlessly single mode photonic crystal fiber. 
Optics Letters 22: 961-963). 


constant value. Obtaining a V number independent 
of wavelength is understood by examining the 
distance the light propagates into the cladding as a 
function of wavelength. As the wavelength becomes 
shorter, light penetrates a shorter distance into the 
cladding, interacting with less of the air regions. This 
causes the effective cladding index (7,4) to increase 
with decreasing wavelength, such that V approaches 
a constant value. 

Microstructure fibers are made endlessly single- 
moded over all wavelengths by properly designing the 
hole diameter-to-pitch ratio (d/A). When the d/A is 
low enough, the microstructure fiber guides light only 
in the single mode regardless of wavelength and core 
size (Figure 4). However, these large core diameter 
fibers are limited by long wavelength bend loss in the 
same way as large core single mode traditional fibers. 


High delta core fiber 

High delta core microstructure fibers (HDCMEF) 
consist of a small (typically less than 2 microns) 
solid silica core surrounded by one or more layers of 
large air holes closely spaced together (Figure 5). This 
creates a very large index difference between the core 
and cladding. A core-to-cladding index difference of 
0.4 is easily achieved in a HDCME, which is an order 
of magnitude larger than can be achieved with 
traditional fiber. 

Even though the core is very small, these fibers are 
almost always multimoded due to the large index 
difference between the core and cladding. However, 
because of its small core, it is difficult to launch 
anything other than the fundamental mode into the 
fiber. Once a mode is guided in the fiber it remains in 
that mode due to the large difference in effective 
indices between modes (Figure 6). When higher-order 
modes are purposely generated in the fiber, they also 
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Figure 4 The effective V number as a function of A/A for various 
d/A (Reprinted with permission from Birks TA, Knight JC and 
Russell P (1997) Endlessly single mode photonic crystal fiber. 
Optics Letters 22: 961-963). 
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Fig. 4: Typical mobile phone data signals sent out onto the network while travelling around. These were recorded by a 
data logger from a mobile using the loop (no calls or text were made) while travelling on the train from Brighton to 
London Victoria (and then around London and return). Many of these peaks were the phone sending out 'I am here' 
data after coming out of one of the many long tunnels under the South Downs during the journey. 


Out and about - Once you can log data you can discover all sorts of interesting things your mobile phone is doing without 
you realising it. Fig. 4 shows the plot over a few hours of travelling between Brighton and London (and within London) on 
the train. The detector was simply placed near to a phone that was not making or receiving a phone call or text, but was 
turned on. 


The graph shows that the mobile sends out signals to tell the network where it is as it travels along and in particular goes in 
and out of long train tunnels. The peak heights vary because of the different powers the mobile transmits at depending on the 
signal strength of the local network and also because of the way the data logger 'snatches' a reading from the circuit every 
few seconds. As your phone sends out data onto the network to ensure the very best communications as you move around, so 
your mobile and the network obviously knows where you are and where you have been. Thieves and criminals beware the 
police can track you! 


The inverse square law - If the transmitting mobile phone is moved away from the loop one would expect the signal to drop 
off. Unfortunately because both diodes need a certain threshold before they conduct the detector is not sensitive to small 
signals and not very linear. Therefore it's not very easy to use the device to measure the inverse square law (drop in signal v 
distance away) but of course you can see the signal go down. You could perhaps use the device to plot isobars - i.e. plot the 
equal intensity signals around the phone / nearby objects. 


Changing the resonant frequency of the loop - you might be able to make some simple sliding mechanism (e.g. a small 
trombone-like mechanism) out of metal tube for example to tune the loop device for different frequencies. Then you can use 
it to find the average wavelength and so determine the center frequency by adjusting the size for maximum brightness of the 
LED. The wavelength can be determined by measuring the total distance around the loop. If we assume the antenna is one 
wavelength in total length then the frequency can be established by rearranging Equation 1, i.e. v (MHz) = 30,000 / L (cm), 
where L is the length around the loop (cm). 


http://www.creative-science.org.uk/mobile_LED.html 5/7 
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Figure 5 High delta core fibers consist of a small solid core 
surrounded by at least one layer of large air holes closely spaced 
together. Right-hand panel reprinted with permission from 
Ranka JK, Windeler RS and Stentz AJ (2000) Optical properties 
of high-delta air-silica microstructure optical fibers. Optics Letters 
25: 796-798. 
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Figure 6 Individual modes do not couple well due to large 
differences in effective indices between modes. The figure shows 
the mode profile and effective index of the fundamental and the 
next higher mode for a fiber with a two-micron diameter core witha 
core-to-cladding index difference of 0.45 (Reprinted with 
permission from Ranka JK, Windeler RS and Stentz AJ (2000) 
Optical properties of high-delta air-silica microstructure optical 
fibers. Optics Letters 25: 796-798). 





Far-field pattern, 532 nm light 
5 meter fiber length 


guide over long lengths without coupling to other 
modes (Figure 7). This strong guidance makes the 
fiber extremely bend insensitive. 

HDCMF can have a unique dispersion profile 
because it can guide the fundamental mode exclu- 
sively in the multimode regime. This allows greater 
flexibility in controlling the shape of the dispersion 
profile, especially the ability to move the zero dis- 
persion to shorter wavelengths. The HDCMF is the 
first silica fiber with anomalous dispersion of single- 
mode light below 1270 nm (the wavelength at which 
the material dispersion of silica is zero). These fibers 
are often made to have a zero-group velocity dis- 
persions around 770 nm for use with Ti-sapphire 
lasers. 

HDCMEF is ideal for performing nonlinear experi- 
ments in the near-visible regime because the fiber’s 
small, high-index core creates high intensity light, and 
the fiber’s low dispersion creates long interaction 
times. For example, a broadband continuum can be 
generated over two octaves using less than a meter of 
HDCMEF fiber (Figures 8 and 9). 


Tapered microstructure fiber (TMF) 
Coupling light in and out of HDCMF is difficult and 
results in a large loss due to its small core. When free 
space optics are used to couple the light, frequent 
realignment of the beam is required to minimize loss 
due to drifts in the equipment. Splicing HDCMF fiber 
to traditional fiber also results in high loss due to a 
large modal mismatch. These coupling problems are 
solved with tapered microstructure fibers. 

Tapered microstructure fibers (TMF) consist of a 
traditional germanium single-mode core surrounded 
by a small silica cladding (Figure 10). The inner 





Far-field pattern, 355 nm light 
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Figure 7 Far-field patterns show that higher order modes propagate long distances in the HDCMF without coupling to other modes 
(Reprinted with permission from Ranka JK, Windeler RS and Stentz AJ (2000) Optical properties of high-delta air-silica microstructure 


optical fibers. Optics Letters 25: 796-798). 
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Figure 8 Plot of a supercontinuum spectrum over two octaves wide generated from a 75cm piece of HDCMF (Reprinted with 


permission from Ranka JK, Windeler RS and Stentz AJ (2000) Visible continuum generation in air-silica microstructure optical fibers with 
anomalous dispersion at 800 nm. Optics Letters 25: 25-27). 





Figure 9 Photograph of fiber generating the supercontinuum. The bottom photo shows the continuum after passing through 


a prism. 
Core sf Core Core 


Easy coupling onto 
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Figure 10 Schematic drawing of the tapered microstructure fiber (Reprinted with permission from Chandalia JK, Eggleton BJ, Windeler 


RS, Kosinski SG, Liu X and Xu C (2001) Adiabatic coupling in tapered air-silica microstructures optical fiber. IEEE Photonics Tech. Letters 
13(1) (©2001 IEEE)). 
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cladding is surrounded by a layer of air holes and 
then a protective outer silica cladding for strength. 
Since the core of the TMF is very similar to a 
traditional single-mode fiber core, the splice loss is 
low. Splice losses below 0.075 dB are typical. 

Properties similar to the HDCMF are obtained by 
adiabatically tapering the TMF while maintaining the 
cross-sectional profile of the fiber. In the taper region, 
the fundamental mode is no longer guided by the 
germanium core and evolves into the fundamental 
mode of the silica region, where it is confined by the 
ring of air holes. The taper waist is typically ten to 
twenty centimeters long and has properties identical 
to the HDCMF. When the fiber is adiabatically 
expanded back to its original size, the light is guided 
back into the standard diameter germanium core, 
making it easy to splice to traditional fiber with 
low loss. 

The same effect can be obtained by stretching a 
traditional fiber from 125 microns down to 2 
microns. However, there are several disadvantages 
compared to the tapered microstructure fiber. The 
taper region is much longer in the traditional 
fiber; the optimal diameter of the silica core is 
harder to maintain; the taper region must remain 
clean and uncoated; and the taper region is much 
weaker. 


Air-clad fiber 

Air-clad fibers consist of a doped core surrounded 
by a silica inner cladding. The inner cladding is 
surrounded by a ring of air, which in turn is 
surrounded by an outer silica cladding for strength 
(Figure 2). Thin silica webs connect the inner and 
outer claddings to hold the inner fiber region in place. 
The region consisting of air and thin silica webs 
creates an optical barrier, preventing most of the light 
from escaping the inner cladding. Such fibers are 
referred to as double clad fiber. 

In traditional double-clad fibers, a material of 
lower index (typically another layer of glass or a layer 
of polymer) immediately surrounds the inner silica 
cladding. A key optical parameter describing the light 
guiding properties of the inner cladding is the 
numerical aperture (NA). The NA is defined as the 
sine of the largest (acceptance) angle of light that will 
be guided in the inner cladding. The upper NA values 
of traditional double-clad fibers (~0.22 and ~0.45 
for glass and polymer outer claddings, respectively) 
are limited by the refractive indices of the available 
cladding materials. 

For the air-clad fiber, the NA is determined by the 
ability of light to escape from the inner cladding 
through the silica webs. The NA of the air-clad fiber 
can be calculated by modeling the web as an infinitely 


long slab waveguide. As seen in Figure 11, the NA 
increases as the webs become thinner or the wave- 
length of light becomes longer. To obtain NA similar 
to what is achieved by coating a traditional fiber with 
a low index polymer (NA ~ 0.45), the web thickness 
must be about equal to the wavelength of the light. 
The NA of the air-clad fiber increases dramatically as 
the web thickness becomes less than half the 
wavelength of the guided light. Numerical apertures 
above 0.90 have been experimentally demonstrated. 

The large NA values achievable with air-clad fibers 
are an important advantage for advanced double-clad 
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Figure 11 Predicted NA as a function of the web thickness 
divided by the wavelength using an infinite slab model. 





(b) 


Figure 12 Schematic of the mechanism of (a) index guided light 
and (b) band gap guided light (Reprinted with permission from 
Cregan RF, Mangan BJ, Knight JC, Birks TA, Russell PJ, Roberts 
PJ and Allan DC (1999) Single-mode photonic band gap guidance 
of light in air. Science 285. Copyright 1999 American Association 
for the Advancement of Science). 
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Figure 13 Photographs and drawing of three types of bandgap fibers: (a) triangular array cladding with an air core (Cregan RF, 
Mangan Bu, Knight JC, Birks TA, Russell PU, Roberts PJ and Allan DC (1999) Single-mode photonic band gap guidance of light in air. 
Science vol. 285), (b) tunable with a silica core, (c) concentric rings with an air core (Reprinted with permission from Temelkuran et al. 
Nature 420. Copyright 1999 American Association for the Advancement of Science). 


amplifiers and lasers. A double-clad amplifier or laser 
(also known as cladding pumped amplifier or laser) 
contains a double-clad fiber with a rare earth doped 
core. High-power pump light, launched into and 
guided within the inner cladding, excites the rare 
earth ions as the pump light crosses through the core. 
The excited ions, which emit light with the same 
wavelength and phase as the signal, amplify the 
signal. The fiber’s efficiency and the rare earth 
inversion level increase with the amount of pump 
light absorbed by the core. The light absorbed by the 
core, in turn, increases with the core-to-inner clad- 
ding area ratio and the pump light intensity in the 
inner cladding. 

Traditional fibers have a practical limit to their 
core-to-cladding ratio. The maximum core diameter 
is limited by bend loss. And, while ultimately the 
minimum fiber diameter is limited by draw capabili- 
ties, in practice it is limited by the ability to couple 
pump light into a fiber having a limited inner-cladding 
NA. For a pump source of given brightness, the 
product of beam diameter and NA cannot be 
increased. Such light can be successfully coupled 
into a larger inner cladding with smaller NA or a 
smaller inner cladding with larger NA. 

Air-clad fibers have other advantages over 
traditional double-clad fibers. The outer glass 
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Figure 14 Spectrum of a typical bandgap fiber. 


cladding in air-clad fibers is optically inactive. 
This allows the inner cladding diameter to be 
decoupled from the physical fiber diameter, elim- 
inating draw-related constraints on minimum inner 
cladding size. Since only the inner cladding is opti- 
cally active, its size can be optimized (made 
smaller) while keeping the total fiber diameter at 
the standard 125 microns. In addition, the pump 
light does not interact with the polymer coating, 
which can be important if the polymer properties 
are affected by the surroundings. 
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Figure 15 Holes in the microstructure fibers are filled with controllable materials to affect the fiber properties actively. Photos show 
(a) original fiber and (b) fiber after polymer is inserted and cured in the microstructure fiber. 
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Figure 16 Schematic of a tunable device in which low index 
liquid is positioned over the grating. The plot shows the shift in the 
spectrum as a function of temperature (Reproduced from 
Kerbage C, Windeler RS, Eggleton BJ, Dolinskoi M, Mach P and 
Rogers JA (2002) Tunable devices based on dynamic positioning 
of micro-fluids in microstructure optical fiber. Optics Communi- 
cations 204: 179-184, with permission from Elsevier). 


Bandgap Guided Fibers 


Bandgap fibers guide light in the core (also referred to 
as a defect) by confining the light through constructive 
interference due to Bragg scattering (Figure 12). 
Unlike traditional fibers, this mechanism allows 
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Figure 17 Schematic of a tunable device in which a high index 
liquid plug is moved over the grating. The plot shows the intensity 
of the spectrum as a function of temperature (Reproduced from 
Kerbage C, Windeler RS, Eggleton BJ, Dolinskoi M, Mach P and 
Rogers JA (2002) Tunable devices based on dynamic positioning 
of micro-fluids in microstructure optical fiber Optics Communi- 
cations 204: 179-184, with permission from Elsevier). 


light to propagate in a core that has an index lower 
than the cladding. Bandgap fibers with an air core 
could theoretically be very low loss, propagate 
high powers, have a large effective area core, and 
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exhibit very low nonlinearities. In addition, the fibers 
can be used in novel devices by filling the core with 
special gasses or liquids for nonlinear processes. 

Bandgap fibers can be generalized into three types 
(Figure 13). The first type of fiber has an air core 
surrounded by a cladding that consists of a periodic 
array of air holes in silica. Fibers of this type have 
been designed to guide a single mode and hold the 
greatest promise of guiding light over long distances 
with very low loss. The second type of bandgap fiber 
consists of a silica core and a silica cladding with a 
periodic array of holes which are filled with a high- 
index, tunable liquid. This design allows the bandgap 
properties to be tuned and is of interest for use in 
devices. The third fiber type consists of rings of alter- 
nating high- and low-index dielectric material with a 
center air core. They typically have a large, multi- 
mode core which is ideal for sending high powers. In 
addition, very little light is in the dielectric materials 
so the fiber can be designed to guide any wavelength 
with relatively little loss. 


Integrated 
heaters ——_ 


Heat 


and/or 


Pump 
fluids 








ea 4-4 

Ss - 
5 7 
3 
eS 8 
on | 
= I 
g \ 
e | 
1 

“12 ---98C 

---- 98C 

1530 1540 


1550 


The spectrum of a bandgap fiber is quite different 
than an index guided fiber (Figure 14). Frequencies 
that lie within the bandgap cannot propagate in the 
cladding and are confined to the defect in the lattice 
(the core). Bandgap fibers with ideal geometry are 
predicted to have losses over an order of magnitude 
lower than can be obtained in an ideal traditional 
fiber. Although the loss of bandgap fibers has not been 
demonstrated to be less than traditional fiber at 
telecommunication wavelengths, bandgap fibers have 
been shown to have much lower loss than traditional 
fibers at other wavelengths. 


Tunable Microstructure Fiber Devices 


Unique tunable devices are made by filling the air 
holes of microstructure fibers with materials whose 
properties can be controlled actively (Figure 15). 
The materials can be positioned in the core or 
cladding to affect the corresponding modes. Most 
commonly, the index of refraction is changed using 
temperature sensitive liquids or polymers, although 
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Figure 18 Schematic of a tunable device using both high and low index liquids with two heaters. The plot shows that the position and 
strength of the spectrum are adjusted independently (Reproduced with permission from Mach P, Dolinski M, Baldwin KW, Rogers JA, 
Kerbage C, Windeler RS and Eggleton BJ (2002) Tunable microfluidic optical fiber. Applied Physics Letters 80(23). Copyright (2002) by 


the American Physical Society). 
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materials that respond to electric or magnetic fields 
enable a quicker response time. These material- 
filled active fibers can be used to fabricate devices 
like tunable filters, switches, broadband attenua- 
tors, and fibers with tunable birefringence. Below, a 
few examples of tunable filters are presented in 
which the device properties depend on the type and 
position of the liquid inserted in the fiber holes. 

A microstructure tunable filter works by controlling 
the spectral position, shape, or strength of a longi- 
tudinal long-period grating written in the fiber. A 
grating is written in the fiber before filling the 
holes with tunable liquid. The position of the peak 
absorption wavelength is controlled by placing a 
liquid, with an index close to silica and strongly 
temperature dependent, in air holes in the cladding 
region over the grating (Figure 16). The cladding index 
is tuned by varying the temperature of the liquid, using 
a small thin film heater located over the liquid. The 
position of the peak absorption wavelength moves as 
the cladding index is changed. 

The strength or depth of the filter is controlled by 
inserting a moveable plug of high-index fluid in a 
sealed air section of a microstructure fiber (Figure 17). 
The strength of the grating is determined by the 
fraction of the grating surrounded by high index fluid. 
The position of the liquid plug relative to the grating 
can be finely adjusted with a thin film heater located 
over the air region adjacent to the material plug. 
As heat is applied to the air, the air expands and pushes 
the liquid plug over the grating, decreasing the coupl- 
ing of the fundamental mode to higher order cladding 
modes. Figure 18 shows an example in which the 
position and strength of a filter are varied indepen- 
dently using two heaters and two adjacent materials. 


See also 


Photonic Crystals: Photonic Crystal Lasers, Cavities and 
Waveguide. 
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Omnidirectional Reflecting Mirrors 


Mirrors are probably the most prevalent of optical 
devices. Known to the ancients and used by them as 
objects of worship and beauty, mirrors are currently 
employed for imaging, solar energy collection, and 
also in laser cavities. Their intriguing optical proper- 
ties have captured the imagination of scientists as well 
as artists and writers. 

One can distinguish between two types of mirrors, 
the age-old metallic, and the more recent multilayer 
dielectric. Metallic mirrors reflect light over a broad 
range of frequencies incident from arbitrary angles 
(i.e., omnidirectional reflectance). However, at infra- 
red and optical frequencies a few percent of the 
incident power is typically lost due to absorption. 

Multilayer dielectric mirrors are used primarily to 
reflect a narrow range of frequencies incident from a 
particular angle or particular angular range. Unlike 
their metallic counterparts, dielectric reflectors can be 
extremely low loss. The ability to reflect light of 
arbitrary angle of incidence for all-dielectric struc- 
tures has been associated with the existence of a 
complete photonic bandgap, which can exist only ina 
system with a dielectric function that is periodic along 
three orthogonal directions. In fact, a sufficient 
condition for the achievement of omnidirectional 
reflection in a periodic system with an interface, is the 


existence of an overlapping bandgap regime in phase 
space above the light cone of the ambient media. 

Consider a system that is constructed of alternating 
dielectric layers coupled to a homogeneous medium — 
characterized by mp (such as air with mj) = 1), at the 
interfaces. Electromagnetic waves are incident upon 
the multilayer film from the homogeneous medium. 
While such a system was analyzed extensively in 
the literature the possibility of omnidirectional 
reflectivity was not recognized until recently. 

The generic system is described by the index of 
refraction profile in Figure 1, where 4, and hy) are 
the layer thickness, and , and mn, are the indices 
of refraction of the respective layers. The incident 
wave has a wavevector k= k,é, + kyé,, and freq- 
uency of w= clkl. The wavevector together with the 
normal to the periodic structure defines a mirror 
plane of symmetry which allows us to distinguish 
between two independent electromagnetic modes: 
transverse electric (TE) modes and transverse mag- 
netic (TM) modes. For the TE mode the electric field 
is perpendicular to the plane, as is the magnetic field 
for the TM mode. 

General features of the transport properties of the 
finite structure can be understood when the properties 
of the infinite structure are elucidated. In a structure 
with an infinite number of layers, translational 
symmetry along the direction perpendicular to the 
layers leads to Bloch wave solutions of the form: 


u(x, Y) = Ex(y) eX el&* 
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Figure 1 
incident wavevector k and the electromagnetic mode convention. 








Schematic of the multilayer system showing the layer parameters (n,, M, — index of refraction and thickness of layer a), the 
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where Ex(y) is periodic, with a period of length a, and 
K is the Bloch wave number. These waves represent 
solutions to an eigenvalue problem and are comple- 
tely and uniquely defined by the specification of K, k, 
and w. 

Solutions can be propagating or evanescent, 
corresponding to real or imaginary Bloch wave 
numbers, respectively. It is convenient to display the 
solutions of the infinite structure by projecting the 
w(K, k,.) function onto the w — k, plane; Figure 2a,b 
are examples of such projected structures. 

The gray background areas highlight phase space 
where K is strictly real, that is, regions of propagating 
states, while the white areas represent regions 
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Figure 2 (a) Projected bandstructure of a multilayer film with 
the light line and Brewster line, exhibiting a reflectivity range of 
limited angular acceptance with (n; = 2.2 and n= 1.7 anda 
thickness ratio of hj/h, = 2.2/1.7). (b) Projected bandstructure 
of a multilayer film together with the light line and Brewster line, 
showing an omnidirectional reflectance range at the first and 
second harmonic (propagating states — dark gray, evanescent 
states — white, omnidirectional reflectance range — light grey). 
The film parameters are n; = 4.6 and no = 1.6 with a thickness 
ratio of hj/h, = 1.6/0.8. These parameters are similar to the 
actual polymer-tellurium film parameters measured in the 
experiment. Reproduced with permission from Fink Y, Winn JN, 
Fan S, et al. (1998) A dielectric omnidirectional reflector. 
Science 282: 1679-1682. Copyright 1998 American Association 
for the Advancement of Science. 


containing evanescent states. The shape of the pro- 
jected bandstructures for the multilayer film can be 
understood intuitively. At k, = 0, the bandgap for 
waves traveling normal to the layers is recovered. For 
k,, > 0, the bands curve upward in frequency. As 
k,, — 00, the modes become largely confined to the slabs 
with the high index of refraction and do not couple 
between layers (and are therefore independent of k,). 

In a finite structure, the translational symmetry in 
the directions parallel to the layers is preserved, hence 
k,. remains a conserved quantity and can be used to 
label solutions even though these solutions will no 
longer be of the Bloch form. The relevance of the 
band diagram to finite structures is that it allows for 
the prediction of regions of phase space where waves 
are evanescently decaying in the multilayer structure. 

Since we are primarily interested in waves orig- 
inating from the homogeneous medium external to 
the periodic structure, we will focus only on the 
portion of phase space lying above the light line. 
Waves originating from the homogeneous medium 
satisfy the condition w= ck,/ng, where mg is the 
refractive index of the homogeneous medium, and 
therefore they must reside above the light line. States 
of the homogeneous medium with k, = 0 are normal 
incident, and those lying on the w = ck,/no line with 
k,, = 0 are incident at an angle of 90°. 

The states in Figure 2a, that are lying in the 
restricted phase space defined by the light line and 
that have a (w, k,) corresponding to the propagating 
solutions (gray areas) of the crystal can propagate in 
both the homogeneous medium and in the structure. 
These waves will partially or entirely transmit 
through the film. Those with (@, &,) in the evanescent 
regions (white areas) can propagate in the homo- 
geneous medium but will decay in the crystal - waves 
corresponding to this portion of phase space will be 
reflected off the structure. 

The multilayer system leading to Figure 2a rep- 
resents a structure with a limited reflectivity cone, 
since for any frequency one can always find a k, 
vector for which a wave at that frequency can 
propagate in the crystal — and hence transmit through 
the film. The necessary and sufficient criterion for 
omnidirectional reflectivity at a given frequency is 
that there exists no transmitting state of the structure 
inside the light cone — this criterion is satisfied by 
frequency ranges marked in light gray in Figure 2b. 
In fact, the system leading to Figure 2b exhibits two 
omnidirectional reflectivity ranges. 

The omnidirectional range is defined from above 
by the normal incidence bandedge w(k, = aia, 
k,. = 0) (Figure 2b) and below by the intersection of 
the top of the TM allowed bandedge with the light 
line w(k, = w/a, k, = w/c) (Figure 2b). 


y 





A dimensionless parameter used to quantify the 
extent of the omnidirectional range is the range to 
mid-range ratio defined as (wp, — @)/5(@p, + @). 

Figure 3 is a plot of this ratio as a function of 13/n, 
and 14/m9, where w, and a are determined by 
solutions of eqn [2] with quarter wave layer thick- 
ness. The contours in this figure represent various 
equi-omnidirectional ranges for different material 
index parameters and could be useful for design 
purposes. 

At normal incidence, there is no distinction 
between TM and TE modes. At increasingly oblique 
angles, the gap of the TE mode increases, whereas the 
gap of the TM mode decreases. In addition, the center 
of the gap shifts to higher frequencies. Therefore, the 
criterion for the existence of omnidirectional reflec- 
tivity can be restated as the occurrence of a frequency 





DIFFRACTIVE SYSTEMS / Omnidirectional Surfaces and Fibers 329 
3.5 
: | 70% 
_ .@ : 60%" 
| : : 
a ; 
25) VN 56% 
i > 
= al i 
© | 40% 
? te a aly ie a Nad oe a gg 6 ew ee ee ke ee ae ee a eee 
30% 
IN. 20% 
ae 
| 
a 
: 1 1.5 2 2.5 3 3.5 
Nel Ag 


overlap between the gap at normal incidence and the 
gap of the TM mode at 90°. Analytical expressions 
for the range to mid-range ratio can be obtained by 
setting: 











On, = oe cos '( — a 
8 hyn + hy ( ny + Ny 
2c 
| 
hy,/n3 — 1+ hy /nt-1 [2] 
as ny n—-1-n nt — 1 





Moreover, the maximum range width is attained 
for thickness values that are not equal to the quarter 
wave stack though the increase in bandwidth gained 
by deviating from the quarter wave stack is typically 
only a few percent. 

In general, the TM mode defines the lower 
frequency edge of the omnidirectional range; an 
example can be seen in Figure 2b for a particular 
choice of the indices of refraction. This can be proven 
by showing that: 
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~ Oky, 


™ y 


0@ 
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TE 


in the region that resides inside the light line. The 
physical reason for eqn [3] lies in the vectorial nature 
of the electric field. In the upper portion of the first 
band the electric field concentrates its energy in the 
high dielectric regions. Away from normal incidence, 
the electric field in the TM mode has a component in 
the direction of periodicity, this component forces a 
larger portion of the electric field into the low 
dielectric regions. The group velocity of the TM 
mode is therefore enhanced. In contrast, the electric 


Figure 3. The range to mid-range ratio (w, — o)/ (Op + @), for 
the fundamental frequency range of omnidirectional reflection, 
plotted as contours. Here, the layers were set to quarter wave 
thickness and n, > np. The ratio for our materials is approximately 
45%. (Ny/No = 2.875, No/Np = 1.6) is located at the intersection of 
the dashed lines (black dot). Reproduced with permission from 
Fink Y, Winn JN, Fan §S, et al. (1998) A dielectric omnidirectional 
reflector. Science 282: 1679-1682. Copyright 1998 American 
Association for the Advancement of Science. 


field of the TE mode is always perpendicular to the 
direction of periodicity and can concentrate its energy 
primarily in the high dielectric region. While the 
omnidirectional reflection criteria can be used to 
confine light in various geometries, it is the cylindrical 
fiber configuration that appears to present significant 
application opportunities. 


Mesostructured Fibers for External 
Reflection Applications 


Polymer fibers are ubiquitous in applications such as 
textile fabrics, due to their excellent mechanical 
properties and the availability of low-cost, high- 
volume processing techniques; however, the control 
over their optical properties has so far remained 
relatively limited. Conversely, dielectric mirrors are 
used to precisely control and manipulate light in high 
performance optical applications, but the fabrication 
of these typically fragile mirrors has been mostly 
restricted to planar geometries and typically involves 
multiplicity of deposition sequences in a high vacuum 
thin film deposition system. 


Fabrication Approach 


The fabrication of extended lengths of omnidirec- 
tionally reflecting fibers with large bandgaps and 


10/31/2017 The Creative Science Centre - by Dr Jonathan P. Hare 


Note: You will need to allow the transmitted digital signal to 'settle down' i.e. make measurements only after a few seconds 
after dialling / pick up so that only the sound data is being transmitted rather than the initial connection data. A constant 
sound will also need to be made so that the mobile phone continuously transmits data. It's worth playing music near to the 
phone or constantly whistling to keep sound coming into the phones microphone. 


Mobile phone detector - teachers who want to know if the students / pupils really have turned-off their mobile phones 
(rather than just put on 'silent') can wire the loop device into the class room white-board speakers. Any mobile that is on in 
the class will send out signals which (if you are close enough) you will hear the data going to and fro - you will have your 
very own 'who's got their mobiles on' device which might be useful for exams etc. 





Fig. 5: The SEPNet 'deluxe' printed circuit board version (pcb) on a perspex stand where the loop is composed of a 
pcb copper track and the diode and LED soldered onto the board (top) [8,9]. 


Summary 

All in all then, for such a simple easy to make device I hope you agree that there is a lot of scope for interesting science / 
technology investigations with your mobile phone. The device would make a good science week project (for radio amateur 
clubs etc.) A 'deluxe' pcb version (Fig. 5) on a perspex display case (Fig. 5) is currently going around the southern UK as 
part of the SEPnet outreach work, see the 'Radiation Exhibition' [8] and also as part of my on-going lecture series [9]. 


Post publication additions 

(What follows was not included in the published article as this calculation was worked out later). A full wave loop is 
resonant and so looks purely resistive to the radio waves. Such a loop will have a resistance of about 100 ohms (Note: this is 
the AC resistance and not the DC resistance which will be very low). Now power P = V x I (V = voltage and I = current) and 
resistance = R = V/I therefore P = V2/R or rearranging V = V(P x R) which means that the voltage created by a power level 
of say 50mW (say for argument that roughly half the mobile phone power) arriving at the antenna will be about V = V(100 x 
.05) which is aprox. V = 2V, enough to light an LED. 


http://www.creative-science.org.uk/mobile_LED.html 6/7 
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Figure 4 Conceptual preform based fabrication process for 
meso-structured fibers. 


high layer counts poses considerable challenges. To 
illustrate the nature of this formidable task, one 
needs to consider the necessity of maintaining the 
uniformity of sub-100nm layer thicknesses over 
kilometer-length scales; creating continuous layers 
with an aspect ratio of ~10'° in a single process! 
To meet this and other challenges associated with 
the fabrication of mesostructured fibers, we have 
developed a preform-based fabrication approach 
(Figure 4). A scaled-up version of the final fiber, 
called a preform, is fabricated which shares the 
geometry and materials of the final fiber but exhibits 
macroscopic lateral features. The preform is heated 
up and drawn under tension into the fiber using a 
simple cylindrical furnace. The macroscopic layers 
are reduced in the process to microscopic dimensions 
while maintaining the overall geometry and sym- 
metry of the original preform. Conservation of mass 
determines the final length of the fiber — typically 
this length is equal to the lateral reduction factor 
squared multiplied by the length of the preform. The 
nature of the process and requirements on the fiber’s 
optical properties lead to the definition of materials 
selection rules. First, in order to achieve omnidirec- 
tional reflectivity, one needs to identify two solid 
materials exhibiting an index contrast given by the 
plot in Figure 3. Second, to enable the codrawing of 
the two dissimilar materials both will need to have 
viscosities that are lower than ~ 10% poise at the 
drawing temperature. In order to maintain high 
draw speeds, the majority component needs to be 
amorphous and the adhesion between these two 
materials needs to be sufficient to prevent delamina- 
tion. Finally, their thermal expansion coefficients 
need to be close or alternatively at least one of the 
materials needs to be capable of relieving the stress 
due to CTE mismatch. 


Materials Selection Criteria 


Pairs of materials that are compatible with the 
process and fiber property requirements have been 
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Figure 5 (a) Real part (n — light gray) and imaginary part (k — 
dark gray) of the refractive index of annealed AszSe3. The black 
crosses correspond to literature values. (b) Real part (n — upper) 
and imaginary part (k — lower) of the refractive index of PES. 


identified, including: high glass transition tempera- 
ture (T,), thermoplastic polymers such as 
poly(ether-sulfone) (PES), poly (ether-imide) (PEI) 
and members of the chalcogenide glass family, such as 
arsenic triselenide (As»Se3) or arsenic trisulfide. Pairs 
of these materials will have substantially different 
refractive indices, as shown in Figure 5, which is a 
measurement of the real and imaginary indices of 
refraction of PES and As2Se3, obtained using a 
broadband spectroscopic ellipsometer (SOPRA 
GESS). They nevertheless exhibit similar thermo- 
mechanical properties within a certain thermal 
processing window. 

Adhesion and extensional viscosity in the fluid state 
are difficult to measure in general, and the measure- 
ment of high-temperature surface tension is quite 
involved. Thus, limited data on these properties are 
available and it was necessary to empirically identify 
materials that could be used to draw out mirror-fibers. 
Various high-index chalcogenide (S, Se, and Te 
containing) glasses and low-index polymers were 
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identified as potential candidates based on their 
optical properties and overlapping thermal softening 
regimes. Adhesion and viscosity matching were tested 
by thermal evaporation of a chalcogenide glass layer 
on top of a polymer film or rod and elongation of the 
coated substrate at elevated temperatures. The choice 
of a high-temperature polymer, PES, and a simple 
chalcogenide glass, As Se3, resulted in excellent 
thermal co-deformation without film cracking or 
delamination. Approximate matching of extensional 
viscosity in this manner was also demonstrated using 
As2Se3 and PEI. The properties, processing, and 
applications of chalcogenide glasses have been 
explored extensively elsewhere. One advantage in 
choosing As2Se3 for this application is that not only is 
it a stable glass, but it is a stoichiometric compound 
that can be readily deposited in thin films through 
thermal evaporation or sputtering without dis- 
sociation. Additionally, As»Se3 is transparent to IR 
radiation from approximately 0.8 to 17 ~m as shown 
in the ellipsometric data (Figure 5a), and has a 
refractive index of ~2.8 in the mid-IR. PES is a 
high-performance, dimensionally stable thermoplas- 
tic with a refractive index of ~1.6 and good 
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Figure 6 Multilayer preform fabrication sequence. 





transparency to EM waves in a range extending 
from the visible regime into the mid-IR (~5 pm), as 
shown in Figure 5b. 


Preform Construction Process 
and Fiber Draw 


The selected materials were used to construct a 
multilayer preform rod, which essentially is a 
macroscale version of the final fiber. In order to 
fabricate the dielectric mirror fiber preform, an 
As»Se3 film was deposited through thermal evapor- 
ation on either side of a free-standing PES film which 
was then rolled on top of a PES tube substrate, 
forming a structure having 21 alternating layers of 
PES and As>Se3, as shown in Figure 6. 

The resulting multilayer fiber preform was sub- 
sequently drawn down using an optical fiber draw 
tower into hundreds of meters of multilayer fiber with 
a precisely controlled submicron layer thickness, 
creating a photonic bandgap in the mid-IR. Fibers 
of outer diameters varying from 175-500 wm with a 
typical standard deviation of 10 jm from target, were 

rawn from the same preform to demonstrate 
adjustment of the reflectivity spectra through thermal 
deformation. The spectral position of the photonic 
bandgap was controlled by the optical monitoring of 
the outer diameter (OD) of the fiber during draw, 
which was later verified by reflectivity measurements 
on single and multiple fibers of different diameters. 
Scanning electron micrographs (SEMs) of the cross- 
section of these fibers are depicted in Figure 7. 


Bandstructure for Multilayer Fibers for 
External Reflection Applications 


In theoretically predicting the spectral response of 
these fibers, it is helpful to calculate the photonic 


AAA 


Figure 7 SEM micrographs of 400 im OD fiber cross-section. The entire fiber is embedded in epoxy. (a) shows the entire fiber cross- 
section, with mirror structure surrounding the PES core; (b) demonstrates that the majority of the fiber exterior is free of significant 
defects and that the mirror structure adheres well to the fiber substrate; and (c) reveals the ordering and adhesion within the alternating 
layers of AsoSeg (bright layers) and PES. Stresses developed during sectioning caused some cracks in the mounting epoxy that are 
deflected at the fiber interface. Fibers from this batch were used in the reflectivity measurements recorded below in Figure 9a. 
Reproduced with permission from Hart SD, Maskaly GR, Temelkuran B, Prideaux PH, Joannopoulos JD and Fink Y (2002) External 
reflection from omnidirectional dielectric mirror fibers. Science 296: 510-513. Copyright 2002 American Association for the 


Advancement of Science. 
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Figure 8 Photonic band diagram for a one-dimensional 
photonic crystal having a periodic refractive index alternating 
between 2.8 and 1.55. Gray regions represent propagating modes 
within the structure, while white regions represent evanescent 
modes. Hatched regions represent photonic bandgaps where high 
reflectivity can be expected for external EM waves over an angular 
range extending from normal to 35° incidence. The lower dark 
shaded trapezoid represents a region of external omnidirectional 
reflection. 


bandstructure that corresponds to an _ infinite 
one-dimensional photonic crystal. This allows for 
the analysis of propagating and evanescent modes in 
the structure, corresponding to real or imaginary 
Bloch wave number solutions. 

The electric or magnetic field vector is parallel to 
the mirror layer interfaces for the TE and TM 
polarized modes, respectively. The parallel wavevec- 
tor (ky) is the component of the incident electromag- 
netic (EM) wavevector that is parallel to the layer 
interfaces. The phase space accessible from an 
external ambient medium is contained between the 
light lines (defined by the glancing-angle condition 
w = ck,/no), and the modes between the 35° lines 
correspond to those sampled experimentally. Axes are 
normalized to the thickness a of one mirror bilayer 
(a period consisting of one high- and one low-index 
layer). Figure 8 depicts the photonic band diagram for 
an infinite structure having similar periodicity and 
refractive indices to the mirror structures fabricated 
here. Three photonic bandgaps are present where 
high reflectivity is expected within the 0-35° angular 
range, and the fundamental gap contains a region of 
external omnidirectional reflectivity. 


Optical Characterization of 
‘Mirror Fibers’ 
Mirror fiber reflectivity was measured from both 


single fibers and parallel fiber arrays using a 
Nicolet/SpectraTech NicPlan Infrared Microscope 
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Figure 9 Measured reflectance spectra for 400 ~m OD (a) and 
200 1m OD (b) dielectric mirror fibers relative to gold-coated fibers 
of the same diameter. (a) shows a single-fiber reflectivity 
measurement, while (b) compares single-fiber reflectivity to that 
measured from a multifiber array. Simulations were performed 
using the transfer matrix method. 


and Fourier Transform Infrared Spectrometer 
(Magna 860). The microscope objective (SpectraTech 
15 x , Reflachromat) used to focus on the fibers had a 
numerical aperture (NA) of 0.58. This results in a 
detected cone where the angle of reflection with 
respect to the surface normal of the structure could 
vary from normal incidence to ~35°, which is 
determined by the NA of the microscope objective. 
As a background reference for the reflection measure- 
ments, we used gold-coated PES fibers of matching 
diameters. Dielectric mirror fibers, drawn to 400 pm 
OD, exhibited a very strong reflection band centered 
at 3.4 um wavelength (Figure 9a). Measured reflec- 
tivity spectra agree well with planar-mirror transfer 
matrix method (TMM) simulations, where the 
reflectivity was averaged across the aforementioned 
angular range for both polarization modes. Fibers 
drawn down to 200 pm OD show a similar strong 
fundamental reflection band centered near 1.7 wm 
(Figure 9b). This shifting of the primary photonic 
bandgap clearly illustrates the precise tuning of the 
reflectivity spectra over wide frequency ranges 
through thermal deformation processing. Strong 
optical signatures are measurable from single fibers 
as small as 200 wm OD. Fiber array measurements, 
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simultaneously sampling reflected light from multiple 
fibers, agree quite well with single-fiber data 
(Figure 9b). 

These reflectivity results are strongly indicative of 
uniform layer thickness control, good interlayer 
adhesion, and low interdiffusion through multiple 
thermal treatments. This was confirmed by SEM 
inspection of fiber cross-sections (Figure 7). The layer 
thicknesses observed (a = 0.90 pm for the 400 pm 
fibers; a= 0.45 wm for the 200 ym fibers) corre- 
spond well to the measured reflectivity spectra. The 
fibers have a hole in the center, due to the choice of a 
hollow rod as the preform substrate, which experi- 
enced some nonuniform deformation during draw. 
The rolled-up mirror structure included a double 
outer layer of PES for mechanical protection, creating 
a noticeable absorption peak in the reflectivity 
spectrum at ~3.2 ym (Figure 9a). 

A combination of spectral and direct imaging data 
demonstrates excellent agreement with the photonic 
band diagram. The measured gap width (range to 
mid-range ratio) of the fundamental gap for the 
400 pm OD fiber is 27%, compared to 29% in the 
photonic band diagram. 


Tunable ‘Fabry-Perot’ Fibers 


The fabrication of fibers surrounded by or lined with 
alternating layers of materials with a large disparity 
in their refractive indices, presents interesting oppor- 
tunities for passive and active optical devices. While a 
periodic multilayer structure, such as the one 
reported above, leads to the formation of photonic 
bandgaps and an associated range of high reflectivity, 
it is the incorporation of intentional deviations from 
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periodicity, also called ‘defects’, which allows for the 
creation of localized electromagnetic modes in the 
vicinity of the defect. These structures, sometimes 
called optical cavities, in turn can provide the basis 
for a large number of interesting passive and active 
optical devices such as vertical cavity surface emitting 
lasers (VCSELs), bi-stable switches, tuneable dis- 
persion compensators, tuneable drop filters, etc. Here 
we report on the fabrication of a fiber surrounded by 
a Fabry-Perot cavity structure and demonstrate that 
by application of axial mechanical stress, the spectral 
position of the resonant Fabry-Perot mode can be 
reversibly tuned. 


Structure and Optical Properties of 
the Fabry-Perot Fibers 


The fabrication technique described above allows for 
the accurate placement of optical cavities that can 
encompass the entire or partial fiber circumference. 
The fibers discussed above are made of As7Se3 and 
PES and have a low index Fabry—Perot cavity 
(Figure 10). 

This structure was achieved by introducing an 
extra polymer layer in the middle of the periodic 
multilayer structure of the preform, thus generating a 
defect mode in the photonic bandgaps of the drawn 
fibers. The position of the bandgap center is linearly 
related to the optical thickness of the layers by the 
Bragg condition. Through accurate outer diameter 
control afforded by the laser micrometer mounted on 
the draw tower we have been able to place gaps 
(Figure 11) at wavelengths ranging from 11 microns 
to below 1 micron. Such cost-effective tuneable opti- 
cal filters could lead to applications such as optical 





?  @f 


Figure 10 Schematic of the structure of dielectric mirror fibers made of AsoSez (light gray) and PES (dark gray) with low index Fabry— 
Perot cavity. The local cylindrical coordinate system is represented as well as the applied axial strain ¢,,. Typical radii are 
~150 ~m + 100 um. Backscattered SEM micrographs of the cross-sections of a 460 micron diameter fiber (a, b, c) and of a 240 micron 
diameter fiber (d, e, f) embedded in epoxy and microtomed. (a) and (d) show the entire cross-section of the fibers, (b) and (e) 
demonstrate long-range layer uniformity, and (c) and (f) reveal the ordering and adhesion of the Fabry—Perot cavity structure. 
Bar scales have been redrawn for clarity. Reproduced with permission from Benoit G, et al. (2003) Static and dynamic properties of 
optical cavities in photonic bandgap gains. Advanced Materials 15: 2053-2056. 
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Figure 11 Array of parallel fibers with outer diameter ranging 
from ~ 420 ym (bottom) to ~ 100 um (top). The colors are due to 
the narrow 4th order photonic bandgap in the visible. 


switches for wavelength-division-multiplexing 
(WDM) systems and sensors. 

The cross-sectional structures of a 240 micron and 
a 460 micron diameter fiber were observed by an 
SEM using a backscattered electron detector 
(Figure 10). The structure is composed of a hollow 
core polymer rod surrounded by six bilayers of 
As Se3 and PES, separated in the middle by an extra 
polymer layer, which forms the Fabry-Perot cavity. 
An extra polymer layer protects the fiber surface. For 
the 240 micron (460 micron) diameter fiber, the glass 
layers are ~135 nm (250 nm) thick, except for the 
first and the last ones which are half as thick due to 
the fabrication technique; the polymer layers are 
~270nm (540 nm) thick and the defect layer is 
~610 nm (1170 nm) thick. 

Reflectivity spectra measurements were performed 
under a microscope using a (Nicolet SpectraTech 
NicPlan) Infrared Microscope and Fourier Transform 
Infrared Spectrometer (Magna 860) with a lens 
numerical aperture (NA) corresponding to 30 degrees 
of angular spread. They exhibited a single-mode 
Fabry—Perot resonant mode at 1.74 and 3.2 ym for 
the 240 and 460 micron diameter fiber, respectively 
(Figure 12). 

Because of the range of incident angles, the 
measured quality factor (Q-factor, defined as its 
spectral position divided by the full width half 
maximum (FWHM)) was equal to 31. Using the 
different thicknesses and the real and imaginary part 
of the refractive index (1&k) of As»Se3; and PES 
carefully measured with a broadband (300 nm to 16 
microns) spectroscopic ellipsometer (Sopra GES-5), 
the reflectivity spectra of these fibers were computed 
with the TMM by approximating them as a 
one-dimensional planar stacking. By averaging the 
calculated spectra over the accessible incident angles 
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Figure 12 Computed (black lines) and measured (grey lines) 
reflectivity spectra for the 240 micron (a) and of the 460 micron 
diameter fibers (b) with Fabry—Perot resonant modes at 1.74 and 
3.2 um, respectively. Reproduced with permission from Benoit G, 
et al. (2003) Static and dynamic properties of optical cavities in 
photonic bandgap gains. Advanced Materials 15: 2053-2056. 


and polarizations, we obtained a very good agree- 
ment between the simulation and the measurements. 


Simulation of the Opto-Mechanical 
Behavior of the Fabry-Perot Fibers 


We focused our analysis on the elastic regime, which 
ultimately limits the operational range of these fibers. 
The fiber’s Young’s modulus (E) can be approximated 
by modeling this multilayer structure as independent 
parallel springs under axial (along the z-axis of the 
fiber) strain assumed to be equal for all the layers, 
leading to a Young’s modulus of 2.64 GPa (using 
Epps = 2.4 GPa for bulk PES and Ea,.s5-, = 15 GPa 
reported for 1.5 pm thick films). 

Neglecting the possible strain-induced refractive 
index variation of the materials, the normalized shift 
of the Fabry—Perot resonant mode can be related to 
the applied axial strain by calculating the radial 
stresses a, (resulting from the difference between the 
Poisson ratios of the materials — vppo = 0.45 and 
VAs,Se, = 0.289 — and the adhesion condition between 
the layers) and displacements u, in each layer under 
axial strain. Starting from the equilibrium equations: 
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and using Hooke’s law and Lame’s equations, we can 
derive a general expression for u, and o,,, with two 
unknowns A and B per layer: 





u, = = + Br [6] 
r 
2GA 
Cn = — Zz + 2(n+ G)B + Azz, [7] 


where G = E/[2(1+ »)] is the shear modulus and 
n= Ev/(1+v(1 — 2v)] the Lame modulus. The 
continuity of the displacement and the radial stress 
at each interface, plus the boundary conditions (a,, 
vanishes at free surfaces) can be expressed as a linear 
system whose unique solution allows us to relate the 
radial strain in each layer to the applied axial strain as 
alinear relation e,, = Ce,,, where Ccan be interpreted 
as an effective Poisson ratio. Finally, taking into 
account that the Fabry—Perot resonant mode itself is 
linearly shifted within the bandgap because of the 
different effective Poisson ratios of the glass and 
polymer layers, we obtain a linear relation between the 
normalized shift of the Fabry—Perot resonant mode 
and the applied axial strain: 


“A =03735, [8] 

All the layers (except the outer protective polymer 
layer) are under tensile radial stress whose maximum 
(0.22 MPa under 1% axial strain) is located at the 
interface between the layers and the polymer core 
where delamination is most likely to occur. 


Mechanical Tuning Experiment 
and Discussion 


Measurements were performed on fibers ~30cm 
long, which were fixed at one end with epoxy to a 
load cell (Transducer Techniques MDB-2.5) while the 
other end was attached with strong tape to a pole 
mounted on a stepper rotational stage (Newport 
PRSO) (Figure 13). This end of the fiber was also 
screwed to the pole to further secure it in place. 

The diameter of the pole was equal to 2.1 cm, 
leading to a normalized shift precision below 
0.005%. The uncertainty on the Young’s modulus, 
due to the precision of the load cell, was lower than 
30 MPa. All the reflectivity spectra were normalized 
to a background taken with a flat gold mirror. The 
measurements were realized as far as possible from 
the fixed ends of the fiber where edge effects are likely 
to occur. These edge effects result in a reduction of the 
length of the fiber that deforms uniformly and 
consequently increase the real strain far from the 


edges by a factor of 1.14 and 1.15 for the 240 and the 
460 micron diameter fiber, respectively (determined 
experimentally by measuring the position of two 
reference points on the fiber) compared to the strain 
calculated from the rotation of the pole. Moreover, to 
avoid measuring slight variations in the spectral 
position of the bandgap resulting from outer diameter 
variations, typically of the order of 4-5 microns over 
meters of fibers, the measurements were realized at a 
fixed reference position on the fiber. 

By focusing on the fundamental bandgap of the 
240 and the 460 micron diameter fiber, we demon- 
strated the tuning of the Fabry-Perot resonant 
mode under increasing axial strain (Figure 14). 

A drop in the reflectivity of 13% was observed at 
1.71 wm (dash line) for the 240 micron diameter fiber 
when increasing the applied axial strain from 0.23% 
(light gray) to 1.07% (dark gray). The normalized- 
shift versus strain curves (Figure 15) appeared to be 
linear for both fibers up to approximately 0.9% (dash 
line) with a slope equal to —0.3859 and —0.3843 for 
the 240 and the 460 micron diameter fiber, respec- 
tively, close to the predicted value (—0.373, eqn [8]). 

The normalized shift was equal to —0.347% for 
0.9% applied axial strain, which seems to be the limit 
of the elastic regime and corresponds to small applied 
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Figure 13 Experimental setup used for mechanical tuning 
demonstration. Reproduced with permission from Benoit G, et al. 
(2003) Static and dynamic properties of optical cavities in photonic 
bandgap gains. Advanced Materials 15: 2053-2056. 
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Figure 14 Reflectivity versus wavelength plot showing the shift 
of the Fabry—Perot resonant mode of the 240 micron diameter 
fiber for three increasing values of the applied axial strain. 
Reproduced with permission from Benoit G, et al. (2003) Static 
and dynamic properties of optical cavities in photonic bandgap 
gains. Advanced Materials 15: 2053-2056. 
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loads: 76 and 300g for the 240 and 460 micron 
diameter fiber, respectively. Under higher strains, the 
normalized-shift versus strain curves were no longer 
linear and the measured loads would start decreasing 
slightly with time, which could be a sign of 
delamination between the layers and the polymer 
core, of plastic deformation and/or of relaxation in 
the layers. The stress—strain curves also exhibit an 
elastic regime up to approximately 1% strain with a 
corresponding Young’s modulus equal to 2.59 GPa 
for the 240 um OD fiber and to 2.39 GPa for the 
460 um OD fiber. These values are slightly lower than 
the predicted value, possibly due to relaxation effects 
in the polymer and the glass layers (for As2Se3 and 
PES, T, = 175 and 220 °C, respectively). 


Wavelength-Scalable Hollow Optical 
Fibers with Large Photonic Bandgaps 
for CO. Laser Transmission 


Hollow optical transmission fibers offer the potential 
to circumvent fundamental limitations associated 
with conventional index guided fibers and thus have 
been the subject of active research in recent years. 
Here we report on the materials selection, design, 
fabrication, and characterization of extended lengths 
of hollow optical fiber lined with an interior 
omnidirectional dielectric mirror. These fibers consist 
of a hollow air core surrounded by multiple alternat- 
ing submicron-thick layers of a high-refractive-index 
glass and a low-index polymer, resulting in large 
infrared photonic bandgaps. These gaps provide 
strong confinement of optical energy in the hollow 
fiber core and lead to light guidance in the funda- 
mental and up to fourth-order gaps. We show that the 
fiber transmission windows can be scaled over a large 
wavelength range covering at least 0.75 to 
10.6 microns. The utility of our approach is further 
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demonstrated by the design and fabrication of tens of 
meters of hollow photonic bandgap fibers for 
10.6 micron radiation transmission. We demonstrate 
transmission of carbon dioxide (COz) laser light with 
high power-density through more than 4 meters of 
hollow fiber and measure the losses to be less than 
1.0 dB/m at 10.6 microns. This establishes suppres- 
sion of fiber waveguide losses by orders of magnitude 
compared to the intrinsic fiber material losses. 

Silica optical fibers have been extremely successful 
in telecommunications applications, and other types 
of solid-core fibers have been explored at wavelengths 
where silica is not transparent. However, all fibers 
that rely on light propagation principally through a 
solid material have certain fundamental limitations 
stemming from nonlinear effects, light absorption 
by electrons or phonons, material dispersion, and 
Rayleigh scattering that limit maximum optical 
transmission power and increase attenuation losses. 
These limitations have, in turn, motivated the study of 
a fundamentally different light-guiding methodology: 
the use of hollow waveguides having highly reflecting 
walls. Light propagation through air in a hollow fiber 
eliminates or greatly reduces the problems of non- 
linearities, thermal lensing, and end-reflections, facil- 
itating high-power laser guidance and other 
applications which may be impossible using conven- 
tional fibers. Hollow metallic or metallo-dielectric 
waveguides have been studied fairly extensively and 
found useful practical application, but their perform- 
ance has been bounded by the notable losses occurring 
in metallic reflections at visible and infrared (IR) 
wavelengths, as well as by the limited length and 
mechanical flexibility of the fabricated waveguides. 
Hollow all-dielectric fibers, relying on specular or 
attenuated total reflection, have also been explored, 
but high transmission losses have prevented their 
broad application. More recently, all-dielectric fibers, 


1 * 240 micron 
diameter fiber 

© 470 micron 

diameter fiber 











1 1.2 1.4 1.6 


0.8 


Strain (%) 
Figure 15 Normalized shift of the Fabry—Perot resonant mode (defined as AA/A) versus applied axial strain for the 240 micron 
(diamonds) and the 460 micron diameter fiber (dots). The curve obtained for the 240 micron diameter fiber is lower because the 
experimental 0% strain is likely to correspond to a nonzero positive strain, necessary to keep this thinner fiber straight for the 
measurement (equivalent to a load less than 10 g). Reproduced with permission from Benoit G, et a/. (2003) Static and dynamic 
properties of optical cavities in photonic bandgap gains. Advanced Materials 15: 2053-2056. 
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consisting of a periodic array of air holes in silica, have 
been used to guide light through air using narrow 
photonic bandgaps. Solid-core, index-guiding ver- 
sions of these silica photonic crystal fibers have also 
been explored for interesting and important appli- 
cations, such as very large core single-mode fibers, 
nonlinear enhancement and broadband superconti- 
nuum generation, polarization maintenance, and dis- 
persion management. However, the air-guiding 
capabilities of such waveguides thus far remain 
inferior to transmission through solid silica, due to 
various factors such as the difficulties in fabricating 
long, uniform fibers which must have a high volume 
fraction of air and many air—hole periods, as well as by 
the large electromagnetic (EM) penetration depths 
associated with the small photonic bandgaps achiev- 
able in these air—silica structures. In our fiber, the 
hollow core is surrounded by a solid high-refractive- 
index-contrast multilayer structure leading to large 
photonic bandgaps and omnidirectional reflectivity. 
The pertinent theoretical background and recent 
analyses indicate that such fibers may be able to 
achieve ultralow losses and other unique transmission 
properties. The large photonic bandgaps result in very 
short EM penetration depths within the layer structure, 
significantly reducing radiation and absorption losses 
while increasing robustness. Omnidirectional reflec- 
tivity is expected to reduce intermode coupling losses. 

To achieve high index contrast in the layered 
portion of the fiber, we combined a chalcogenide glass 
with a refractive index of ~2.8 AsjSe3, and a high- 
performance polymer with a refractive index of 
~1.55 PES. We recently demonstrated that these 
materials could be thermally co-drawn into precisely 
layered structures without cracking or delamination, 
even under large temperature excursions. The same 
polymer was used as a cladding material, resulting in 
fibers composed of ~98% polymer by volume (not 
including the hollow core) and thus combine high 
optical performance with polymeric processability 
and mechanical flexibility. We fabricated a variety of 
fibers by depositing a 5-10 micron thick AszSe3 layer 
through thermal evaporation onto a 25-50 micron 
thick PES film and the subsequent ‘rolling’ of that 
coated film into a hollow multilayer tube called a fiber 
preform. This hollow macroscopic preform was 
consolidated by heating under vacuum and cladded 
with a thick outer layer of PES; the layered preform 
was then placed in an optical fiber draw tower and 
drawn down into tens or hundreds of meters of fiber 
having well-controlled submicron layer thicknesses. 
The nominal positions of the photonic bandgaps were 
determined by laser monitoring of the fiber OD 
during the draw process. Typical standard deviations 
in the fiber OD were ~1% of the OD. The resulting 


fibers were designed to have large hollow cores, useful 
in high-energy transmission. 

SEM analysis (Figure 16) reveals that the drawn 
fibers maintain proportionate layer thickness ratios 
and that the PES and As2Se3 films adhere well during 
rigorous thermal cycling and elongation. Within the 
multilayer structure shown in Figure 1, the PES layers 
(gray) have a thickness of 900 nm, and the As»Se3 
layers (bright) are 270 nm thick (except for the first 
and last As »Se3 layers, which are 135 nm). Broad- 
band fiber transmission spectra were measured with a 
Fourier transform infrared (FTIR) spectrometer 
(Nicolet Magna 860), using a parabolic mirror to 
couple light into the fiber and an external detector. 
The results of these measurements are shown in the 
lower panel of Figure 2 for fibers having two different 
layer structures. For each spectrum, light is guided at 
the fundamental and high-order photonic bandgaps. 
Also shown in the upper panel of Figure 2, is the 
corresponding photonic band diagram for an infinite 
periodic multilayer structure calculated using the 
experimental parameters of our fiber (layer thick- 
nesses and indices). Good agreement is found 
between the positions of the measured transmission 
peaks and the calculated bandgaps, corroborated 
with the SEM-measured layer thicknesses, verifying 
that transmission is dominated by the photonic 
bandgap mechanism. In order to demonstrate ‘wave- 
length scalability’ (ie., the control of transmission 
through the fiber’s structural parameters) another 
fiber was produced, having the same cross-section but 
with thinner layers. We compared the transmission 
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Figure 16 Cross-sectional SEM micrographs at various 
magnifications of hollow cylindrical multilayer fiber mounted in 
epoxy. The hollow core appears black, the PES layers and 
cladding gray, and the As2Sez layers bright white. This fiber has a 
fundamental photonic bandgap at a wavelength of ~3.55 
microns. Reproduced with permission from Temelkuran B, Hart 
SD, Benoit G, Joannopoulos JD and Fink Y (2002) Wavelength- 
scalable hollow optical fibres with large photonic bandgaps for 
COs laser transmission. Nature 420: 650-653. 
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spectra for the original 3.55 micron bandgap fibers to 
the fiber with the scaled-down layer thicknesses. 

Figure 17 shows the shifting of the transmission 
bands, corresponding to fundamental and high-order 
photonic bandgaps, from one fiber to the next. The 
two fibers analyzed in Figure 17 were fabricated from 
the same fiber preform using different draw-down 
ratios (fibers with a fundamental bandgap centered 
near 3.55 microns have an OD of 670 microns; 
those with a gap at 3.1 microns have an OD of 
600 microns). The high-order bandgaps are period- 
ically spaced in frequency, as expected for such a 
photonic crystal structure. 

The wavelength scalability of our fibers was further 
demonstrated in the fabrication of hollow fibers 
designed for the transmission of 10.6 micron EM 
radiation. This not only shows that these structures 
can be made to guide light at extremely disparate 
wavelengths, but that specific useful bandgap wave- 
lengths can be accurately targeted during fabrication 
and fiber drawing. Powerful and efficient CO lasers 
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Figure 17 Upper panel: Calculated photonic bandstructure 
associated with the dielectric mirror lining of the hollow fiber. 
Modes propagating through air and reflected by the fiber walls lie 
in the bandgaps (white) and within the light cone defined by the 
glancing-angle condition (black line). The gray regions represent 
modes radiating through the mirror. The fundamental bandgap 
has the widest range-to-mid-range ratio, with a region of omni- 
directional reflectivity highlighted in black. Lower panel: Compari- 
son of transmission spectra for two different hollow fibers of 
~30 cm length having similar structure but scaled photonic crystal 
(multilayer) period dimensions. The spectrum in gray is from a 
fiber with a fundamental photonic bandgap at 3.55 microns; the 
black spectrum is from a fiber where the corresponding bandgap 
is at 3.1 microns. High-order bandgaps (indicated by arrows) are 
periodically spaced in frequency. Reproduced with permission 
from Temelkuran B, Hart SD, Benoit G, Joannopoulos JD and 
Fink Y (2002) Wavelength-scalable hollow optical fibres with large 
photonic bandgaps for COs laser transmission. Nature 420: 
650-653. 


are available that emit at 10.6 microns and are used in 
such applications as laser surgery and materials 
processing, but waveguides operating at this 
wavelength have remained limited in length or loss 
levels. Using the fabrication techniques outlined 
above, we produced fibers having hollow core 
diameters of 700-750 microns and ODs of 1300- 
1400 microns with a fundamental photonic bandgap 
spanning the 10-11 micron wavelength regime, 
centered near 10.6 microns. Figure 5 depicts a typical 
FTIR transmission spectrum for these fibers, 
measured using ~30 cm long straight fibers. 

In order to quantify the transmission losses in 
these 10.6 micron bandgap hollow fibers, fiber cut- 
back measurements were performed. This involved 
the comparison of transmitted intensity through 
~4 meters of straight fiber with the intensity of 
transmission through the same section of fiber cut to 
shorter lengths (Figure 18 inset). This test was 
performed on multiple sections of fiber, and the results 
found to be nearly identical for the different sections 
tested. The measurements were performed using a 
25 watt CO, laser (GEM-25, Coherent-DEOS) and 
high power detectors (Newport 818T-10). The fiber 
was held straight, fixed at both ends as well as at 
multiple points in the middle to prevent variations in 
the input coupling and propagation conditions during 
fiber cutting. The laser beam was sent through 
focusing lenses as well as 500 micron diameter 
pinhole apertures and the input end face of the fiber 
was coated with a metal film to prevent accidental 
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Figure 18 Typical transmission spectrum of hollow fibers 
designed to transmit COz laser light. The fundamental photonic 
bandgap is centered near a wavelength of 10.6 microns and the 
second-order gap is at ~5 microns. Inset: Log of transmitted 
power (arbitrary units) versus length of fiber (meters). The slope of 
this graph is the loss in dB/m. The measured fiber has a hollow 
core diameter of 700 microns. Reproduced with permission from 
Temelkuran B, Hart SD, Benoit G, Joannopoulos JD and Fink Y 
(2002) Wavelength-scalable hollow optical fibres with large 
photonic bandgaps for COs laser transmission. Nature 420: 
650-653. 
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laser damage from misalignment. The transmission 
losses in the fundamental bandgap at 10.6 microns 
were measured to be 0.95 dB/m, as shown in the inset 
of Figure 18, with an estimated measurement uncer- 
tainty of 0.15 dB/m. These loss measurements are 
comparable to some of the best reported loss values 
for other types of waveguides operating at 
10.6 microns. A bending analysis for fibers with a 
bandgap centered at 10.6 microns revealed bending 
losses below 1.5 dB for 90 degree bends with bending 
radii from 4-10 cm. We expect that these loss levels 
could be lowered even further by increasing the 
number of layers, through optimization of the layer 
thickness ratios and by creating a cylindrically 
symmetric multilayer fiber with no inner seam 
(present here because of the ‘rolling’ fabrication 
method). In addition, using a polymer with lower 
intrinsic losses should greatly improve the trans- 
mission characteristics. 

One reasonable figure of merit for optical trans- 
mission losses through hollow all-dielectric photonic 
bandgap fibers is to compare the hollow fiber losses to 
the intrinsic losses of the materials used to make the 
fiber. As2Se3 has been explored as an IR-transmitting 
material, yet the losses at 10.6 microns reported in 
the literature are ~10dB/m for highly purified 
material, and more typically are greater than 
10 dB/m for commercially available materials such 
as those used in our fabrication. Based on FTIR 
transmission and spectroscopic ellipsometer measure- 
ments that we have performed on PES, the optical 
losses associated with propagation through solid PES 
should be greater than 40 000 dB/m at 10.6 microns. 
This demonstrates that guiding light through air in 
our hollow bandgap fibers leads to waveguide losses 
that are orders of magnitude lower than the intrinsic 
fiber material losses, which has been one of the 
primary goals of hollow photonic bandgap fiber 
research. These comparatively low losses are made 
possible by the very short penetration depths of EM 
waves in the high refractive index contrast photonic 
crystal structure, allowing these materials to be used 
at wavelengths that may have been thought improb- 
able. Another long-standing motivation of infrared 
fiber research has been the transmission of high- 
power laser light. As a qualitative demonstration of 
the potential of these fibers for such applications, 
both straight and smoothly bent fibers of lengths 
varying from 0.3—2.5 meters were used to transmit 
enough CO, laser energy to burn holes through paper. 
The maximum laser power density coupled into our 
fibers in these trials was approximately 300 W/cm”, 
more than sufficient to burn a homogeneous polymer 
material, including PES. No damage to the fibers was 
observed when the laser beam was properly coupled 


into the hollow fiber core. These results indicate the 
feasibility of using hollow multilayer photonic 
bandgap fibers as a low-loss wavelength-scalable 
transmission medium for high-power laser light. 


See also 


Diffractive Systems: Design and Fabrication of Diffrac- 
tive Optical Elements. Fiber and Guided Wave Optics: 
Fabrication of Optical Fiber. Lasers: Carbon Dioxide 
Lasers. Spectroscopy: Fourier Transform Spectroscopy. 
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Introduction 


Why do ray optics dominate the literature on optical 
engineering? The major practical reason may be that 
historically optical engineering has dealt with systems 
for image forming. These systems transform diver- 
gent spherical waves from points in an object, into 
spherical waves converging to focal points in the 
image. Thus, the basic operation of an imaging 
system performed by a lens is changing the radius of 
curvature of spherical fields. The propagation of 
spherical waves is modeled well by geometrical 
optics, so long as truncation by apertures and other 
high frequency aberrations are not significant. More- 
over, the basic merit function in imaging evaluates the 
appearance of the image point at its correct location 
by so-called dot diagrams. Evaluation of this merit 
function requires only a ray bundle representation of 
the output field. The combination of a ray represen- 
tation with geometrical optics propagation is called 
raytracing, which explains the dominance of raytra- 
cing in conventional optical engineering. Because the 
design of illumination systems is also often based on 
principles of imaging, raytracing remains a suitable 
technique in that case too. However, systems that 
perform general light transformations must apply 
wave-optical engineering techniques, which constitu- 
tes a generalization of conventional optical engi- 
neering. In this sense it includes the modeling of 
image-forming systems as a special case. 


Modeling Principles 


Modeling in wave-optical engineering addresses the 
propagation of electromagnetic fields through sys- 
tems as illustrated in Figure 1. The introduction of 
operators and operands as mathematical tools sim- 
plifies a systematic discussion of the modeling 
concepts. Formally, an electromagnetic field may be 
expressed by the operand f € F with the set of fields F. 
The actual form of f € F depends on the physical 
approach chosen to model electromagnetic fields. For 
instance, f € F may stand for a ray bundle, a complex 
amplitude, or a coherence function. The photon 
source generates a field which acts as the input field f 
into the optical system. The quality of the output field 
four 1s evaluated with the help of a merit function Q. 


This function may consist of M components which 
yields: 


O(four) = {04 (four)s Sss9 0,,four)> aaes On Eout)} [1] 


with QO, : F— R* and w = 1,..., M. Each component 
Q,, defines a mathematical way to obtain one positive 
valued quantity for a given f,,,,. Examples are the rms- 
value to evaluate the quality of a wavefront, M*-value 
to judge the profile of a laser beam, center of gravity 
of a light distribution, light transformation efficiency, 
and the value of an overlap integral to determine the 
coupling efficiency into a fiber. Any property of the 
output field can be evaluated by an appropriate 
definition of a function 0,,,, as long as the demanded 
field parameters are accessible for the field model in 
use. However, it should be mentioned, that it is not 
clear a priori, that all quality criteria ©, can be 
satisfied simultaneously. How the different ©, are 
related is dependent on the application. 

The propagation of the input field through the 
system is mathematically summarized by the operator 
equation: 


F ot — S(Pa)fin [2] 


with the operator S:F—-F. p, stands for all 
parameters ~1, Pa, Pa which specify the system, for 
instance position of elements, refractive index, sur- 
face profiles, and layer thickness. Obviously a full 
electromagnetic model of S does not exist for 
arbitrary systems. The propagation problem eqn [2] 
is much too complex for a wave-optical solution. 
However, for a sequential approach the situation is 
different. If the propagation through a system is 
performed sequentially through the elements and the 
homogenous regions, at least approximate wave- 
optical methods are available to model the propa- 
gation S. In a sequential approach, either the 
transmitted or reflected field is considered per region 


—||-}+- _ a 


Figure 1 An optical system may include various types of 
elements to perform the desired optical function. Layered media, 
free-form surfaces, index-modulated regions, microstructured 
interfaces, lenses, and other structured media offer the flexibility 
needed to realize general light transformations. Typically 
structured media and homogenous regions follow each other. 
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of the system. Although this is an approximation, it 
turns out to be very useful in wave-optical engineer- 
ing. With regard to Figure 2 the sequential approach 
is mathematically expressed by 


sit = S(Pafin a Pj (ny, Az)S}-1(Pay_,)° . “Sa(Dix,) 


x P (11, Az )fin [3] 
Pi(n;,Az;) expresses the propagation through a 
homogenous dielectric with refractive index n; and 
extent Az;. This type of propagation is also called free 
propagation. Sometimes the term free propagation is 
restricted to propagation in vacuum; Here it is used 
more generally. Sj(pq,) models the propagation 
through an optical component which is specified by 
the parameters p,,. Optical engineering needs physical 
models for the field operand f, the free propagation P, 
and the propagation S; through elements. The most 
fundamental demand in wave-optical engineering is a 
wave-optical model to express the field f in hom- 
ogenous regions. It is common to restrict to harmonic 
fields. The generalization to more general radiation is 
often possible by suitable superposition of harmonic 
fields. This approach assumes linear optical systems as 
typical in optical engineering. From Maxwell’s 
equations it follows that harmonic fields in homo- 
genous regions are completely specified if two 
independent field components are determined in one 
plane z within the region. Therefore, the electro- 
magnetic field operand takes the form: 
f(x, y, 29) = [Ex (x, ¥, 20), Ey(x, y,20)] [4] 
with the complex amplitudes E, and E, of the x and y 
components of the electric field vector. Because the 
knowledge of f(x, y,Z) allows the direct calculation 
of the missing complex amplitudes E,, H,, Hy, H, 
via Maxwell’s equations, the entire electromagnetic 
harmonic field in a homogenous region is specified 
by eqn [4]. 
With respect to the two components of the field 
operand f propagation operators S are 2 x 2-matrices 


f i 
fo= fn : 
i, Az, Pes My Az; 
a 





homogeneous | inhomogeneous 


“a= “in 2] £2 


of the form: 


| Ss Ss 
I= [S] 
Syx  Syy 
In the case of a diagonal matrix, that is 
Sxy = S)x =0, E, and E, propagate independently 
and are considered decoupled channels of the system. 
If in addition S,,=5S,,, both channels behave 
identically, and it is sufficient to model only one 
channel. This is often referred to as the scalar model. 
Of course, also in the scalar model the electro- 
magnetic field still consists of two independent 
components and maintains its vectorial nature. 
Numerical implementation of eqn [3] for the field 
operand of eqn [4] constitutes the backbone of 
modeling in wave-optical engineering. 


Free Propagation 


The propagation P of harmonic fields f through 
homogenous regions of a system has a rigorous 
electromagnetic solution in form of the spectrum of 
plane waves integral which yields: 


f(x,y,2=20)= Pspwh(x,y,20) 
_ Pspw 0 E,.(x,9,%0) 
0 Pspw } \Ey(%.9,0) 
FFE Ax,y,20) le ky eee) 


7 [6] 
FU'LFE(x,y,2z9) et 7th?) 





Nee 











> 
is 


with the Fourier transform F and Az=z—zp. The 
term FE(x,y,Z9) is called spectrum of planewaves 
(SPW). The operator matrix is diagonal and 
Pspw=Px.=P,,, that means the x- and y-com- 
ponents propagate independent of each other accord- 
ing to the same formula in homogenous dielectrics. 


f= fou 


a 


fot 





homogeneous 
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Figure 2 Formally a system may be subdivided into a sequence of homogenous dielectrics like air and inhomogeneous regions which 


include the elements. We indicate a region by the letter j. 
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In this sense, free propagation is a scalar problem 
which allows the convenient use of U(x,y,z) instead of 
two field components for the sake of simpler mathe- 
matical expressions. 

Equation [6] allows the derivation of other 
rigorous versions of the free propagation operator 
Pspw, for instance Rayleigh’s integral formula, which 
is well-known from diffraction theory. Moreover, 
eqn [6] leads to important approximate operators for 
far-field propagation and the propagation of paraxial 
fields. Propagation of a field into its far field is given by 
the operator: 


U(rs) = PiU, y, 20) 


exp(ikr) 7] 


= =i2 wks, F UG, y> Zo cess.ks,) 
with the wave number k=2an/A, r=Irl = 
(x? +4 (Az), and the direction vector s = 
(Sx, Sy, Sz) = 1/r. Here, and in what follows, A denotes 
the vacuum wavelength. |i. 4; indicates the vari- 
ables to be inserted into the Fourier transformed field. 
Though the far-field formula is derived for r— ©, it is 
also of great practical value for the propagation of 
fields generated by nonparaxially emitting sources 
like laser diodes. Roughly speaking eqn [7] predicts a 
spherical wave in the far field which is modulated by 
the spectrum of planewaves of the field in z. Pra, 
propagates from the plane zy to the spherical surface 
with radius r and not to a plane z. 

The paraxial approximation of eqn [6] follows if 
the spectrum of planewaves FU(x, y,2%9) possesses 
significant values only for small k, and ky, that is if 
both electric field components propagate approxi- 
mately along the z-axis. The resulting propagation 
operator is known as Fresnel’s integral formula. In 
practice, its formulation with the Fourier transform 
F is typically more suitable: 


U(x, Y= 0) = P janie OG; y, Zo) 
. . 2 2 
_ RexplikAz] ex ik(x* + y*) | 





i27Az 2Az 


7 2. 2. 
x {(eo{ moe Joc y, 0) 
(x,y)n/AAz 


[8] 


lx,y)n/MAz indicates the variables to be inserted after 
Fourier transform. The far-field approximation of 
eqn [8] leads to the well-known Fraunhofer diffrac- 
tion formula. 

Equations [6]—[8] provide fundamental operators 
for the propagation of fields in wave-optical engin- 
eering. All integrals are based on Fourier transforms 


which allows the application of the fast Fourier 
transform (FFT) in practice. Dependent on the 
propagation technique, one or two FFTs must be 
performed. In practice, the sampling of fields is of 
great concern. Naturally the amount of data should 
be as small as possible. According to the rigorous 
propagation operator eqn [6] the (x, y)-coordinate 
system and therefore the sampling period in zp and z 
are identical, that is, scaling does not occur. As 
illustrated in Figure 3, that can lead to an enormous 
amount of data for large propagation distances. For 
demonstration purpose the field amplitude depicted 
at the top is chosen. The field window has the size 
1 mm X 4 mm. The wavelength A is 632.8 nm, n = 1, 
and the sampling distance 10m. That results 
in 100x400 sampling points. Propagation of this 
field with the spectrum of planewave operator 
maintains the size of the field window. The resulting 
field for a propagation distance Az= 10mm is 
shown in the middle. Because of diffraction, the 
field widens. As long as the initial window is large 
enough to encompass the propagated field, the 
propagation method works well. At the bottom, the 
resulting field for Az = 200 mm is shown. The field 
exceeds the size of the window and that leads to 
numerical errors (aliasing). This can be avoided by 
embedding the initial field into a window which is 
large enough with respect to the expected size of the 
propagated field. As a result, one obtains the 
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Figure 3 Illustration of numerical properties of the spectrum of 
plane wave propagation technique. The field amplitude depicted 
at the top is numerically propagated in free space and the 
distributions in the middle and the bottom are obtained. The 
simulations in this and all following figures were performed. 
The simulations in this and all following figures were performed 
with the wave-optical engineering software Virtuallab™ from 
LightTrans GmbH. 
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Figure 4 Starting from the same input field and the same 
distances as in Figure 3 the propagated fields depicted in the 
middle and the bottom are obtained using the paraxial propagation 
operator. Because of the inherent scaling the field window sizes 
are 632.8 wm X 632.8 wm and 12.656 mm x 12.656 mm, respect- 
ively. The number of sampling points remains unchanged. 
Obviously, the field in the middle is too small to encompass the 
propagated field and numerical errors occur. For the long distance 
the field size is perfectly matched to the field size obtained by 
propagation. 


demanded accuracy at cost of increasing data 
memory requirements and computation time. 
Thus in practice the SPW propagation operator is 
particularly suitable for short distances. Fortunately 
the paraxial propagation operator eqn [6] possesses a 
complementary behavior. Because of (x, y)m/AAz, the 
(x, y)-coordinate system changes its scaling with the 
distance. As illustrated in Figure 4, that makes it 
well suited for large propagation distances but 
problems occur for small ones. Therefore, all paraxial 
propagation problems have an efficient numerical 
solution by a suitable combination of Praraxial 
and Pspw. In the nonparaxial case the far-field 
operator eqn [7] often helps to realize a numerically 
efficient propagation for large distances. However, 
there are sometimes situations, in which free 
propagation of nonparaxial fields causes significant 
numerical problems. 


Propagation Through Elements 


The propagation of harmonic fields f through 
elements is a challenging task. For example, Figure 5 
illustrates propagation through smooth or micro- 
structured interfaces between two homogenous 
media. The field f,(x, y,z,) should be determined if 
f(x, y,Zo), the shape of the interface, and the 
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Figure 5 A planewave f, propagates through an interface 
between two homogeneous dielectrics with refractive index ny and 
n,. The interface is of general shape and therefore a rigorous 
solution of the propagation problem does not exist. The virtual 
planes in Z) and z, encompass the interface in a way which 
minimizes the distance z, — Zp. 


refractive indices m) and n, are known. The reflection 
mode of operation can be formulated analogously. 
It is remarkable that this basic problem possesses a 
rigorous solution only for a few special interface 
geometries. Of particular importance are the rigorous 
solutions for plane and periodic interfaces. In the first 
case, the solution comprizes Snell’s law of refraction, 
the law of reflection, and Fresnel’s formulae. Grating 
theory provides the solution for periodic interfaces. It 
is possible to use these methods also for nonperiodic 
interfaces but at the cost of immense computational 
effort. Thus, they are only practicable for structures 
with detail no larger than a few wavelengths. For 
general interfaces, accurate approximate methods are 
required. One approach is to decompose a general 
propagation problem into a set of simpler problems 
that can be solved rigorously. The results are then 
combined to obtain an approximate solution of the 
original problem. Two basic concepts for subdividing 
the general problem are: (i) Decomposition of the 
incident field into laterally truncated fragments which 
illuminate elementary fractions of the interface. (ii) 
Decomposition of the response of the interaction of 
the incident field with the interface into approxi- 
mately independent ones related to local interface 
features. The first technique is referred to as local 
elementary interface approximation (LEIA) and the 
second one as local independent response approxi- 
mation (LIRA). Elementary interfaces of particular 
importance are plane, periodic, and spherical ones. 
The local plane interface approximation (LPIA) is 
of particular importance in wave-optical engineering. 
Figure 6 illustrates the basic concept for the example 
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Figure 6 If a lateral fraction of the input field is propagated 
towards the interface, it is often possible to laterally restrict the 
major part of the propagated field to a local plane interface. 
Because of diffraction it is never possible to do that rigorously. 
Neglecting diffraction in the region between Z) and z; provides a 
simple model to propagate a section of the incident plane field 
through the interface. Fresnel’s formulae and Snell’s law of 
refraction can then be applied directly to obtain the transmitted 
plane field, which is propagated to the plane z,. 


of a plane incident field. It has been proven that the 
approximation of geometrical optics propagation 
within the regions of the component, here that 
means between zp and z,, provides results which are 
surprisingly accurate in numerous situations of 
practical interest. A full wave-optical version of 
LPIA is currently under research and development. 
In general, however, LPIA is applicable if the 
characteristic lateral extent of the local modulation 
of the interface is not close to the wavelength. It 
should be emphasized that LPIA is, as most other 
approximate propagation techniques, a 2 x 2 matrix, 
like eqn [5], with nonvanishing components. That 
means, for instance, that in general, an E,-component 
occurs in 2; even if E, = 0 in zo. That is, the two field 
channels experience crosstalk. A further approxi- 
mation in geometrical optics LPIA, popular in Fourier 
optics holography, and diffractive optics is the thin 
element approximation (TEA). Geometrical optics 
LPIA leads to TEA if refraction and the local 
dependence of Fresnel losses at the interface are 
neglected. Obviously, that is allowed only if all angles 
involved, including the slope of the interface and the 
direction of the input field, are small. Therefore, TEA 
is a paraxial and geometrical optics approximation. 
Moreover, small local slopes of the interface lead to a 
restriction to thin elements, which explains the name 
TEA. It is also referred to as scalar approximation, 
because the operator matrix becomes diagonal with 
Stra = Sxx = Sy), that means the two field channels 
propagate independently according the same formula 


through the interface. In the thin element only 
approximation the dependence of the optical path 
through the element on position (x, y) is considered 
and mathematically takes the form: 


U(x, y, 24) = Stra U(x, y, 2) 


2714 (21 — Z 
= CFresnel U(x, y, 0) exp| rn — <0) 
x exp] 22h 9 — 


A 





[9] 


with the vacuum wavelength A. The profile height 
h(x, y) is expressed as the distance from zg to the 
interface. Propagation through an interface between 
dielectrics modeled with TEA affects the phase of the 
incident field proportional to the profile height. The 
magnitude remains unchanged besides a constant 
factor Cfresnel) due to Fresnel’s equations. If complex 
valued refractive indices are taken into consideration, 
absorption results in an amplitude modulation 
completely analogous to the phase modulation 
described in eqn [9]. This way it is also possible to 
address the propagation through apertures and the 
combination of Stg¢,q with P leads to the well-known 
diffraction integrals. In fact, Kirchhoff’s boundary 
conditions of field propagation through a hole in a 
completely opaque screen can be interpreted as TEA 
for complex valued refractive indices. 

The simple form of the TEA operator allows a 
straightforward numerical implementation. The field 
operand and the profile are equidistantly sampled and 
the resulting field is sampled analogously. That makes 
the combination of S;gq4 with numerical implemen- 
tations of the free propagation operators P easy. As 
soon as refraction is considered in geometrical optics 
LPIA, the equidistant sampling of the output field is 
destroyed which enforces additional interpolation 
effort before a free propagation by fast Fourier 
transforms can be implemented, because fast numeri- 
cal Fourier transform algorithms require an equidi- 
stant sampling. 

In wave-optical engineering the combination of 
geometrical optics LPIA with a wave-optical field 
model is mandatory. In this context it is instructive to 
mention, that its combination with a ray-bundle 
representation of the incident electromagnetic field 
leads to raytracing through the interface, that is it 
reduces to the basic technique in conventional optical 
engineering. 

Similar to LPIA it is possible to consider linear 
gratings as elementary local interface and the local 
linear grating approximation (LLGA) results. It is of 
special concern for all types of diffractive elements, 
for which the interface can locally considered 
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periodically. An important example is given for 
diffractive lenses in the outer zones of high numerical 
aperture lenses. In the center and for low numerical 
aperture TEA is appropriate for propagating through 
diffractive lenses. 


Design Principles 


The design problem in wave-optical engineering can 
be stated as follows: specify system parameters p, in 
a way that ensures for a given input field f,, an 
output field f,,, which satisfies the quality criteria 
defined by the merit functions 0. In addition, one 
may demand a system which is most simple, 
particularly cheap, or various other system properties 
of concern in practice. 

Design constitutes an optimization problem. 
Restrictions to the system parameters and the merit 
function sets design constraints as well as design 
freedoms. 

System parameters can be restricted, for instance, 
by the materials available, the maximum size of a 
system, and types of element profiles. Within these 
limits the system parameters are chosen freely during 
optimization to achieve the optical function. 

The merit functions determines which parameters 
of the output field are important and should be 
emphasized, for instance the intensity distribution. 
All output fields, whose parameters satisfy the 
constraints satisfy the design problem. In most 
applications, not all field parameters are constrained. 
For instance, in laser materials processing or illumi- 
nation applications, the merit function is related to 
energy quantities and then the phase of the output 
field can be used as a free parameter distribution. 
Moreover, the output field is typically not constrained 
in the entire output plane, but only in so-called signal 
regions, which introduces freedom of amplitude 
outside the signal regions. Hence, dependent on the 
application, there exist field parameters that can be 
chosen partly or completely free during design. 

Successful design strategies use the freedoms to 
improve the matrix function. It is often not clear a 
priori, if a solution does exist. Then the field 
constraints are satisfied as good as possible in terms 
of the merit function. 

In imaging systems, typical system parameters 
include, for instance, distances, refractive indices, 
curvature of lenses, and parameters to specify 
aspherical surfaces. For high-end lens systems, the 
resulting number of parameters can be large, but they 
are still small enough to utilize parameter optimiz- 
ation algorithms if the designer starts with a 
reasonable initial guess. In wave-optical engineering, 
the number of system parameters can become huge 


due to the generalized nature of the structures, which 
typically prevents the use of system parameter 
optimization techniques. For example, the profile of 
diffractive elements is typically specified by 10*-10° 
parameters. Thus a direct optimization of the system 
parameters, which requires the evaluation of S(p,) 
(see eqn [3]) after any change of system parameters 
Pa is not realistic. 

Instead of optimizing the system parameters 
directly, which is referred to as design in the structural 
embodiment of the system, a technique wellknown 
from Fourier optics and diffractive optics can be 
generalized for wave-optical engineering. It does not 
start with structure related element parameters but 
replaces all or at least some of the operators S;(p,,) of 
eqn [3] by mathematical operators T j(t,,). ty denotes 
the parameters of I. The propagation operator 
through a system expressed in this functional 
embodiment has the form: 


Evie = Sigionatie 
= Pi(ny, Azy)T j-1¢y_,)° : -T o(t,) 


x Pi (m, Az1)fin [10] 
if all propagations through elements are expressed in 
functional form. A very important example of a 
functional operator TJ is given by a simple multipli- 
cation of both field components with identical or 
different complex functions t(x, y), that is: 


byl, Y) 


Ts (t,)fin 
‘ 0 ty(x,9) 


fin(x.y) [11] 


The values of both ¢(x, y) form the parameters ft, 
of JT. The functions ¢(x,y) are also called ideal 
transmission functions of elements. Of special interest 
are phase-only transmission functions t(x, y) = 
exp[iz(x, y)] (see discussion below). If t(x,y) = 
tyx(X, Y) = tyy(x,y), the design is simplified. Fortu- 
nately, in most actual applications this assumption is 
valid. 

Designing in the functional embodiment requires 
the evaluation of Sfunctional instead of S of eqn [3], 
which reduces the numerical complexity enormously. 
That improves the likelihood for developing efficient 
design algorithms to optimize the distances Az;, the 
refractive indices n;, and parameters t,. 

The design in the functional embodiment does not 
deliver the structure parameters of elements but only 
parameters t, of the operator TI which gives 
information about how a field should be changed at 
the position z where J takes effect. Thus, in a next 
design step, elements must be obtained which cause 
the required effect. This so-called structure design 
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step is also generally challenging because it requires 
the solution of an inverse propagation problem 
through interfaces. For a further discussion the most 
important J, that is the transmission type operator 
of eqn [11], is considered. For the sake of simplicity 
U(x, Y) = tyx(%, ¥) = ty(x, y) is assumed. Then, a 
solution which uses geometrical optics LPIA in 
combination with phase-only transmissions is 
known in the form of a recursive structure design 
strategy. In its paraxial approximation, that is TEA, 
the solution becomes very simple. For a transmission 
t(x, y) = exp[iz(x, y)], obtained from a functional 
design, an element with a surface profile: 


At (x, y) 


ZT Meteieie ~ Nee) 





h(x, y) = [12] 


results from eqn [9]. The refractive index of the 
element is denoted by “element and the homogenous 
region behind the element has the index 7,.., eqn [12] 
constitutes a direct relationship between the phase 
values of the transmission function and the profile 
h(x, y). This structure design technique is accurate for 
all paraxial situations. However, it is also a reason- 
able method for nonparaxial structure design since it 
provides an initial profile for further optimization. 
Obviously it is applicable for phase-only transmission 
functions only. That underlines the importance of this 
type of functional operator for the design in the 
functional embodiment. Often the fabrication of 
profiles is done with lithographic techniques which 
result in surface reliefs with a few discrete height 
levels, that means the profile h(x, y) is quantized. 
According to eqn [12] a quantization of h(x, y) 
directly leads to quantized phase values T(x, y). This 
quantization must be taken into account when 
designing t(x, y). An example should serve to discuss 
further aspects of structure design according to eqn 
[9]. A fundamental transmission in various appli- 
cations is the phase of a spherical wave and its 
paraxial version, the quadratic phase. An example of 
a spherical phase r(x, y) is shown in Figure 7 where 
the 2a-modularity of the exponential function is 
taken into account — as normal for phase data which 
has been obtained by numerical calculations. Insert- 
ing this phase into eqn [9] leads to the profile of a 
diffractive lens. Because of the use of inverse TEA for 
structure design it works as demanded for moderate 
numerical apertures and starts to suffer from aberra- 
tions for large numerical apertures because of 
electromagnetic effects in the very outer zones. It is 
also possible to unwrap the phase before inserting it 
into eqn [9]. Then a smooth surface, that is a 
refractive spherical lens, results. It is well-known 
that a spherical lens works accurately in the paraxial 


domain and suffers from aberrations for moderate 
and large numerical apertures, which are more severe 
than for the diffractive lens. The use of inverse 
geometrical optics LPIA as a structure design 
technique is not restricted to the paraxial domain 
and therefore it leads to a suitable aspherical surface 
in order to ensure a spherical phase transmission for 
larger numerical apertures too. This is illustrated in 
Figure 8. The lens example shows another advantage 
of the two-step design method, which consists of the 
design in the functional embodiment prior to the one 
in the structural form of the element. In the functional 











Figure 7 The phase of a spherical phase in the 27-modulo 
representation. This phase can be unwrapped which leads to a 
smooth spherical phase which varies from 0 to various 27. The 
noisy edges are due to the use of a cartesian coordinate system. 
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Figure 8 Application of the thin lens approximation for structure 
design leads to a spherical surface for a spherical phase-only 
transmission. The corresponding surface is depicted by the dotted 
line. If geometrical optics LPIA is used for structure design, an 
aspherical surface is obtained as required. The aspherical surface 
is depicted by the solid line. The height of the surfaces are shown 
as function of the radius r. Naturally the difference between TEA 
and geometrical optics LPIA occurs for larger r only. 
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form the transmission is obtained. It is not necessary 
to decide about the use of a diffractive or a refractive 
element in an early stage of the design. Moreover, it 
provides the designer with insight into selecting 
optical elements to achieve the function. If the 
phase-only transmission can be unwrapped, a refrac- 
tive as well as a diffractive element can be used. An 
optical engineer has the freedom to decide about the 
suitable choice taking fabrication, size, costs, and 
other additional constraints into account. However, 
as soon as the phase-only transmission includes so- 
called vortices, unwrapping is not possible and 
diffractive optics is mandatory. An example of a 
vortex is shown in Figure 9. It turns out that 
vortices are more likely to appear in wave-optical 
engineering the less image-like the optical function is 





Figure 9 Illustration of a single vortex of charge one. The phase 
varies from 0 to 27. Because of the vortex, this phase is not 
unwrappable, that means a smooth phase function cannot be 
obtained. The transition in the phase function requires a 
microstructure in the profile of the element, which generates this 
phase-only transmission. 
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(see also last section). It is important to note, that 
functional design assumes a diagonal operator 
matrix, that is, it excludes crosstalk of the two field 
channels. Transferring the system into a structural 
form may violate this assumption because of vectorial 
effects in the nonparaxial domain. For instance, 
geometrical optics LPIA in general does not corre- 
spond to a diagonal operator. Therefore, it is neces- 
sary to analyze the final system for f,, — even in the 
case of linear polarized light — using more accurate 
propagation techniques than Sygq if it is not ensured 
that the paraxial approximation is accurate enough. 
The so-called thin lens, or ideal lens, in conven- 
tional optical engineering constitutes a special case of 
the two-step design strategy. In the first design step, 
distances and lens focal lengths are determined, 
without taking into account the actual shape of a 
lens. In the second step lenses, or even lens systems, 
are inserted according to the position and the focal 
length specified in the first step. Thus, wave-optical 
engineering extends our understanding by broad- 
ening established methods in optical engineering. 


Fundamental Systems 


A smart approach to design minimizes the number of 
elements required to achieve a desired light trans- 
formation. Thus, it is logical to try a functional design 
with a system of the form: 


Uourlx, y) = SAacional Uin(x, y) 
= P(Mfrees AZour) explit (x, y)] 
x P tices BG) Uin(x, y) [13] 
which is illustrated in Figure 10. One phase-only 
transmission, properly placed between the input and 
the output plane, should realize the desired trans- 
formation of the function. Scalar terminology is used, 
because both components are decoupled in the 
functional embodiment. 
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Figure 10 A basic system for light transformation can be described functionally by two propagations through homogeneous dielectrics 
with refractive index Nee and one phase-only transmission function. (b) If the second propagation is replaced by an operation in 
functional form, here the Fourier transform, the setup shown on the right side results. 
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If the output field is completely specified by the merit 
function, for instance: if the complex amplitude of a 
laser beam should be transformed into another one, 
the so-called amplitude matching strategy is a very 
powerful technique to solve the design problem stated 
by eqn [13]. In amplitude matching one determines the 
Distances Az;, and Az,,, such that the inverse 
propagated U,,, and the forward propagated Uj, 
possess identical magnitudes. If such distances exist, 
the transformation can be realized using a phase-only 
transmission in the plane z;. The phase simply follows 
from the ratio of the propagated fields. If no distances 
exist where amplitude matching occurs, the design 
problem has no solution and at least one more 
transmission function must be introduced. 

As mentioned above, in numerous applications the 
output field is not specified completely. In particular, 
phase is often a free parameter. Then, an even simpler 
system approach than the one suggested by eqn [13], 
often leads to reasonable solution. Instead of 
P(e, AZout)s a Fourier transform is assumed, then if, 


Uour(Ra» ky) _ S fictional Uin(x, y) 


= F {explit(x, y)]P(tirees AZin)Uin(x, )} 14] 


The output field is expressed in k-coordinates as long 
as the system is discussed in functional form. For a 
functional design the distance Az;, is of no concern, 
however it must be chosen together with the structure 
design as discussed below. Thus, in functional design, 
one concentrates only on the design of the trans- 
mission function. The iterative Fourier transform 
algorithm (IFTA), an extremely powerful algorithm, 
has been developed to accomplish this design. Its 
principle is illustrated in Figure 11. The algorithm 
sequentially applies constraints on the transmission 
and in the Fourier plane. Properly controlled, the 
algorithm converges to a Fourier pair for which the 
transmission plane constraint is satisfied completely 
and the Fourier domain constraint is satisfied as 
accurately as required by the merit function. The 
initial distribution is of enormous importance for a 
successful transmission design. Typically the initial 
distribution is defined in the Fourier plane as shown 
in Figure 11. A field U,ig(k,,ky) is chosen, which 
satisfies the merit function. It is called the signal field. 
Because of design freedoms such as phase, typically 
there exists a set of signal fields F,i.. If phase freedom 
is available, any field with the desired amplitude and 
an arbitrary phase is an element of F,j. and can be 
used as initial distribution of the IFTA. Dependent on 
the application, the choice of the phase is of 
fundamental concern. In the following we assume 







Initial signal field 


Satisfying constraints 
in Fourier/signal plane 








Satisfying constraints 
in transmission plane 


Designed transmission 


Figure 11 _ Illustration of the basic principle of the iterative Fourier 
transform algorithm (IFTA). By a sequential satisfaction of 
constraints in the signal and the transmission plane, the design in 
the functional embodiment can be accomplished. If both 
constraints are satisfied accurate enough, the IFTA is terminated 
with a final satisfaction of the transmission plane constraints. 
The depicted IFTA version can be generalized by replacing F by P 
or any S. 


phase freedom is available, but IFTA is also useful if 
this is not the case. 

It is helpful to distinguish between two types of 
signal fields. If amplitudes for only a finite number of 
discrete k-values, (i.e., angles or directions), need to 
be determined, the transmission acts as a diffractive 
beamsplitter. In all other cases more general light 
transformations are concerned. 

The constraints in the transmission plane follow 
from the structure design. In most cases the structure 
design is done by TEA according to eqn [12]. Then, 
phase-only transmissions are required. Typically the 
fabrication of the corresponding element profile 
demands a phase quantization in addition. Both 
constraints have been intensively investigated for 
the IFTA. 

As mentioned above, practically signal fields are 
always restricted to one or more signal regions of 
finite extent. For example, a detector has finite extent. 
Outside of these regions the signal may be unrest- 
ricted or only partially restricted. This freedom in 
amplitude outside the signal regions is fundamental 
for a successful design of phase-only transmissions. It 
has been shown, that the only phase-only function 
whose Fourier transform exists over a finite area is a 
linear phase. The transform of all other phase-only 
functions contribute energy outside of the signal 
regions. In other words, the use of amplitude freedom 
is mandatory. Energy losses due to stray light outside 
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the signal region cannot be avoided. As a result, it is 
not possible to generate the desired response with 
100% efficiency. For any given signal field U,, an 
upper bound Mpound(Usig) of the achievable efficiency 
(U,ig) of light transformation with a phase-only 
transmission has been derived, that is (U,ig) = 
Nbound(U,ig). The equal sign is only valid for the 
special case of a linear phase transmission, for which 
the signal field consists of one k-direction only. Then 
Nbound(U,ig) = N(Usig) = 1 is obtained. After structure 
design for a linear phase-only transmission with TEA, 
a so-called blazed grating results. If TEA is a sufficient 
approximation one concludes that a blazed grating 
has a theoretical efficiency of 100%. For all other 
signals the theoretical efficiency is smaller than 
100%. Moreover, the upper bound is a function of 
U,ig and thus also of its phase. Therefore, in a first 
step of a transmission design it is recommendable to 
perform a phase synthesis which maximizes the 
upper bound. This first design step delivers infor- 
mation about achieveable efficiency and a suitable 
initial signal field for the IFTA. 

If fabrication requires phase quantization, ampli- 
tude freedom can be used to separate quantization 
noise from the signal regions. Unfortunately this 
reduces the achievable efficiency even more. If the 
phase to be quantized is homogenously distributed, 
the upper bound for a phase-only transmission 
quantized to O equidistant phase levels is given by: 


: 1 
Moound(U,ig, Q) = sine] vat | rmwnt Up [15] 


Q 


For the special case of linear phase, the well-known 
formula 7(Q) = sinc”[1/OQ] follows. The values of 
sinc?[1/O] and therefore of quantized blazed 
gratings in the paraxial approximation are 0.405, 
0.812, 0.950, 0.987, and 0.997 for O = 2, 4, 8, 16, 
and 32, respectively. This result does not mean that, 
for example, a diffractive beamsplitter with a 
splitting ratio 1: Mpeams and 16 height levels will 
provide ~99% efficiency. According to eqn [15], the 





x 
yx 
FAN 


theoretical values are smaller and depend on Myeams 
because Mpound(Usig) depends via Usig on Mbeams- If 
fabrication processes and the inherent imperfections 
are taken into consideration, the values decrease 
even more. As a rule of thumb, it is possible to claim 
that efficiencies larger than 90% are always challen- 
ging to obtain. With sophisticated design and 
fabrication techniques, efficiencies larger than 80% 
are reasonable. 

Up to now, we have discussed only the importance 
of the signal field phase to efficiency. But the phase of 
the initial signal field has another extremely import- 
ant effect on the result of the transmission design. 
From mapping-type considerations, a smooth initial 
signal field phase can be constructed in order to 
realize a light transformation. An example is illus- 
trated in Figure 12. It shows the central part of the 
phase of the transmission function which transforms 
a Gaussian input beam into a flat-top line beam. 
Because of the smooth signal phase also the trans- 
mission phase is smooth and therefore unwrappable. 
This approach is typical for a so-called beam shaping 
design. It requires a well-defined input beam and high 
accuracy in adjustment of the beam shaping optics to 
obtain the output field with good quality. If, instead 
of a smooth initial phase, a random one is applied, the 
situation illustrated in Figure 13 (left) is achieved. 
Here the phase of the transmission looks random, 
which is typical for beamsplitter and diffuser. Because 
such phase functions possess numerous vortices, they 
do not allow an unwrapping. Thus, diffractive 
elements are the logical result of structure design. 
An example is shown in Figure 13 (right). 

Figure 14 shows how light from a laser diode passes 
through the diffuser element of Figure 13 (right). The 
radiation is transformed into an intensity pattern that 
depicts the ‘skyline’ of Jena. Although globally the 
intensity possesses the requested shape, a closer look 
shows that the intensity distribution is speckled. 
However, in numerous applications this is not a 
problem so long as the size of the speckles is 
well adapted to the resolution of the detector. 





Figure 12 The input beam on the left propagates through the transmission function the central part of the phase of which is shown in 
the middle and in the signal plane the amplitude shown on the right results. This Gaussian-to-line transformation is a typical beam 


shaping design task. 
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Figure 13 A typical phase distribution of a transmission (left) which results from design with IFTA for a random initial signal field 
phase. Numerous vortexes prevent its unwrapping. Therefore, structure design leads to diffractive elements. Then, a quantization of the 
phase is demanded in most cases. An example is shown on the right-handed side. It depicts a portion of a four level diffuser which results 
in the output field shown in Figure 14. The pixel size is 400 nm and the corresponding element was designed and fabricated in a 
cooperation of LightTrans GmbH and the Institute of Applied Physics at the University of Jena. 


This technique is called diffuser-type light transform- 
ation. The appearance of the global intensity distri- 
bution is robust against variations in the input beam 
and thus is well-suited also for partial coherent 
illumination, for example radiation from an excimer 
laser and LED. In that case, even the appearance of 
speckles is reduced or vanishes completely. The 
mapping-type and the diffuser-type approach to 
choose the initial signal phase constitute two extreme 
cases of a great variety to control basic aspects of 
light transformation using different initial phases. 

After choosing a suitable initial signal field 
Ugig(ky, Ry) the IFTA typically performs well and a 
transmission function is obtained, which leads to 
[Wiehe dey) oe [Usiglkas Ry)I? in the signal region 
with minimum error. In the next step the structural 
design must be performed. The structure of the 
element is calculated via eqn [12]. 

Besides designing structure to produce the desired 
transmission function one needs to realize optically 
the Fourier transformation. Placing the observation 
plane in the far field behind the element is the most 
straightforward way to achieve this. However, field 
Fourier transformation can also be realized by lenses 
as shown in Figure 15. From simple geometric 
considerations using paraxial approximation one 
obtains: 

2T Nice 

a Fa [16] 
Each system produces a Fourier transform that is 
scaled specially by a, where the output field is 
considered in a dielectric with refractive index Mfc. 
The effective focal length f, is equal to the focal length 
of the lens if the element is placed in front of the lens 
(see top of Figure 15), the distance of the element to the 
lens is of no concern for the resulting intensity, 





Figure 14 Optical demonstration of the use of a diffuser (see in 
Figure (right)) transforming a laser diode beam into an intensity 
displaying the ‘skyline’ of Jena. No additional optical element is 
needed! Stray light appears but is laterally separated from the 
desired signal and thus it is easy to be filtered. 


however it is recommended to minimize the distance 
between element and lens for elements with deflection 
angles close to the paraxial limit. That avoids light 
losses due to truncation by the lens aperture. If 
the focal length itself is chosen as the distance of the 
element to the lens, a so-called 2f-setup results, 
which generate, in addition to the correct magnitude, 
the correct phase of the Fourier transformation in the 
focal plane. If an alternative distance to the lens is 
used, an additional quadratic phase occurs in the 
focal plane. If the element is placed behind the lens 
(see middle row of Figure 15), f. is the distance 
between element and focal plane. This setup provides 
some freedom in adjusting the output scaling. On the 
other hand, it requires an accurate adjustment of 
position to obtain a specific scaling. This is not 
required for the first setup. In order to obtain a specific 
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Figure 15 Three setups to realize a Fourier transformation for a 
beam shaping or diffuser/splitter element, which deflects the light 
only in a paraxial way. In all cases the output is obtained in the 
focal plane of the lens. 


scaling of the output field Ujy(ax, ay), the effective 
focal length and the size of Uig(k,, Ry) in the k-space 
must be chosen properly according to eqn [16]. 
In addition to the size of the output field, its resolution 
is also of fundamental importance. According to 
eqn [14] and the convolution theorem the output 
field is given by 


Uourlkx Ry) = F explit(x, y)] * FP(Azn)Vin(x, y) 
[17] 
where * denotes the convolution. For a constant 
transmission function one would obtain the focus 
of the input beam. In functional embodiment that is 
FP(Azin)Uin(x, y) only. In the structural form, the 


focus of the beam must be calculated by propagating 
the input field through the system without the 
transmission function. The Fourier transformed trans- 
mission function, that is F exp[it(x, y)], is convolved 
with this beam focus in order to obtain the resulting 
output field. In beamsplitting that means a replication 
of the beam. In general the output field can be 
understood as being composed of numerous replicated 
beam foci which are overlapping. That makes 
plausible that the size of the focus of the input beam 
limits the resolution of the whole output field. The size 
of the focus is determined by the basic beam focusing 
lens system and not by the diffractive or refractive 
element. In conclusion, a highly resolved output field 
requires a focusing optic with high numerical aper- 
ture. For examples, it is not possible to obtain a flat-top 
beam profile from a Gaussian beam where focus has 
the same size as the flat-top should have. The steeper 
the sidewalls of the flat-top profile, the smaller must be 
the focal spot without the beam shaping element. The 
choice of a suitable numerical aperture of the lens 
system must be done before the transmission design is 
performed because it also determines the extent of the 
transmission function. The distance Az;, must be 
chosen in such a way that ensures that the propagated 
input field illuminates the whole aperture of the 
system. 

If a high numerical aperture on the output side is 
required to achieve a high resolution, the setup in the 
middle of Figure 15 should be avoided and the first 
setup is preferable. Otherwise the element would be 
illuminated bya highly nonparaxial field which violates 
the structure design with TEA. With the same 
argument, but now on the input side, an input field 
with high divergence should be at least partly colli- 
mated to achieve a paraxial illumination of the element. 
Then, the setup at the bottom of Figure 15 results. 

For nonparaxial light transformation, that means 
the output field is large and hence the transformation 
requires nonparaxial deflection of the input field; 
the described transmission and structure design is 
still useful to obtain an initial design for a further 
optimization by wave-optical modeling techniques. 

Though a Fourier approach to obtain general light 
transformations seems rather restricted, it covers a 
broad field of applications. The combination of 
suitable beam optics with the refractive free-form or 
diffractive element can be very simple (see optical 
setup of Figure 14) or very complex. That mainly 
depends on the resolution and size of the demanded 
output field as it is well known from imaging 
systems. 

Each design should be finalized with a complete 
wave-optical analysis, typically including adjustment 
and fabrication error tolerancing, to achieve a full 
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understanding of the optical properties of the system. 
After this final investigation it is ready for fabrication 
and application providing a further innovation 
through optics and photonics on the base of wave- 
optical engineering. 


See also 


Fourier Optics. 
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Introduction 


Optical communications systems have grown 
explosively in terms of the capacity that can be 
transmitted over a single optical fiber. This trend has 
been fueled by two complementary techniques, those 
being the increase in data-rate-per-channel coupled 
with the increase in the total number of parallel 
wavelength channels. However, there are many 
considerations as to the total number of wavelength- 
division-multiplexed (WDM) channels that can be 
accommodated in a system, including cost, infor- 
mation spectral efficiency, nonlinear effects, and 
component wavelength selectivity. 

Dispersion is one of the critical roadblocks to 
increasing the transmission capacity of optical fiber. 
The dispersive effect in an optical fiber has several 
ingredients, including intermodal dispersion in a 
multimode fiber, waveguide dispersion, material 
dispersion, and chromatic dispersion. In particular, 
chromatic dispersion is one of the critical effects 
in a single mode fiber (SMF), resulting in a 
temporal spreading of an optical bit as it propagates 
along the fiber. At data rates <2.5 Gbit/s, the 
effects of chromatic dispersion are not particularly 
troublesome. For data rates =10 Gbit/s, however, 
transmission can be tricky and the chromatic 
dispersion-induced degrading effects must be dealt 
with in some way, perhaps by compensation. 
Furthermore, the effects of chromatic dispersion rise 
quite rapidly as the bit rate increases — when the bit 
rate increases by a factor of four, the effects of 
chromatic dispersion increase by a factor of 16! This 
article will only deal with the management of 
chromatic dispersion in single mode fiber. 

One of the critical limitations of optical fiber 
communications comes from chromatic dispersion, 
which results in a pulse broadening as it propagates 
along the fiber. This occurs as photons of different 
frequencies (created by the spreading effect of data 
modulation) travel at different speeds, due to the 
frequency-dependent refractive index of the fiber 


core. Compounding the problems cause by chromatic 
dispersion is the fact that as bit rates rise, chromatic 
dispersion effects rise quadratically with respect to 
the increase in the bit rate. One can eliminate these 
effects using fiber with zero chromatic dispersion, 
known as dispersion shifted fiber (DSF). However, 
with zero dispersion, all channels in a wavelength- 
division-multiplexed (WDM) system travel at the 
same speed, in-phase, and a number of deleterious 
nonlinear effects such as cross-phase modulation 
(XPM) and four-wave mixing (FWM) result. Thus, 
in WDM systems, some amount of chromatic 
dispersion is necessary to keep channels out-of- 
phase, and as such chromatic dispersion compen- 
sation is required. Any real fiber link may also suffer 
from ‘dispersion slope’ effects, in which a slightly 
different dispersion value is produced in each WDM 
channel. This means that while one may be able to 
compensate one channel exactly, other channels may 
progressively accumulate increasing amounts of 
dispersion, which can severely limit the ultimate 
length of the optical link and the wavelength range 
that can be used in a WDM system. This article will 
address the concepts of chromatic dispersion and 
dispersion slope management followed by some 
examples highlighting the need for tunability to 
enable robust optical WDM systems in dynamic 
environments. Some. dispersion monitoring 
techniques are then discussed and examples given. 


Chromatic Dispersion in Optical Fiber 
Communication Systems 


In any medium (other than vacuum) and in any 
waveguide structure (other than ideal infinite free 
space), different electromagnetic frequencies travel 
at different speeds. This is the essence of chromatic 
dispersion. As the real fiber-optic world is rather 
distant from the ideal concepts of both vacuum and 
infinite free space, dispersion will always be a 
concern when one is dealing with the propagation 
of electromagnetic radiation through fiber. 
The velocity in fiber of a single monochromatic 
wavelength is constant. However, data modulation 
causes a broadening of the spectrum of even the 
most monochromatic laser pulse. Thus, all modu- 
lated data have a nonzero spectral width which 
spans several wavelengths, and the different 
spectral components of modulated data travel at 
different speeds. In particular, for digital data 
intensity modulated on an optical carrier, chromatic 
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dispersion leads to pulse broadening — which in turn 
leads to chromatic dispersion limiting the maximum 
data rate that can be transmitted through optical 
fiber (see Figure 1). 

Considering that the chromatic dispersion in 
optical fibers is due to the frequency-dependent 
nature of the propagation characteristics, for both 
the material (the refractive index of glass) and the 
waveguide structure, the speed of light of a particular 
wavelength A will be expressed as follows, using a 
Taylor series expansion of the value of the refractive 
index as a function of the wavelength: 


_ 0 


va) = 


n(A) (1) 





an 


a2 (8A) 


on 
19(Ag) + a 6A + 
Here, cg is the speed of light in vacuum, Ag is a 
reference wavelength, and the terms in d”/0A and 
d*n/dA* are associated with the chromatic dispersion 
and the dispersion slope (i.e., the variation of the 
chromatic dispersion with wavelength), respectively. 
Transmission fiber has positive dispersion, i.e. longer 
wavelengths result in longer propagation delays. 
The units of chromatic dispersion are picoseconds 
per nanometer per kilometer, meaning that shorter 
time pulses, wider frequency spread due to data 
modulation, and longer fiber lengths will each 
contribute linearly to temporal dispersion. Higher 
data rates inherently have both shorter pulses and 
wider frequency spreads. Therefore, as network speed 
increases, the impact of chromatic dispersion rises 
precipitously as the square of the increase in data rate. 
The quadratic increase with the data rate is a result of 
two effects, each with a linear contribution. On one 
hand, a doubling of the data rate makes the spectrum 


twice as wide, doubling the effect of dispersion. On 
the other hand, the same doubling of the data rate 
makes the data pulses only half as long (hence twice 
as sensitive to dispersion). The combination of a 
wider signal spectrum and a shorter pulse width is 
what leads to the overall quadratic impact. Moreover, 
the data modulation format used can significantly 
affect the sensitivity of a system to chromatic 
dispersion. For example, the common nonreturn-to- 
zero (NRZ) data format, in which the optical power 
stays high throughout the entire time slot of a ‘1’ bit, 
is more robust to chromatic dispersion than is the 
return-to-zero (RZ) format, in which the optical 
power stays high in only part of the time slot of a ‘1’ 
bit. This difference is due to the fact that RZ data 
have a much wider channel frequency spectrum 
compared to NRZ data, thus incurring more 
chromatic dispersion. However, in a real WDM 
system, the RZ format increases the maximum 
allowable transmission distance by virtue of its 
reduced duty cycle (compared to the NRZ format), 
making it less susceptible to fiber nonlinearities as can 
be seen in Figure 2. 

A rule for the maximum distance over which data 
can be transmitted is to consider a broadening of the 
pulse equal to the bit period. For a bit period B, a 
dispersion value D and a spectral width AA, the 
dispersion-limited distance is given by 


1 1 1 
= = oc 
D-B-AX ~~ -D-B(cB) BA 





Lp [2] 


(see Figure 3). For example, for single mode fiber, 
D = 17 ps/nm/km, so for 10 Gbit/s data the distance 
is Lp = 52km. In fact, a more exact calculation 
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Figure 1 The origin of chromatic dispersion in data transmission. (a) Chromatic dispersion is caused by the frequency-dependent 
refractive index in fiber. (b) The nonzero spectral width due to data modulation. (c) Dispersion leads to pulse broadening, proportional to 


the transmission distance and the data rate. 
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Figure 2 Performances of RZ and NRZ formats in a real fiber 
transmission link. (Reproduced with permission from Hayee | and 
Willner AE (1999) NRZ versus RZ in 10—40-Gb/s dispersion- 
managed WDM transmission systems. [EEE Photon. Tech. Lett. 
11(8): 991-993.) 
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Figure 3 Transmission distance limitations due to uncompen- 
sated dispersion in SMF as a function of data rate for intensity 
modulated optical signals. (Reproduced with permission from 


Garrett LD (2001) Invited Short Course, Optical Fiber Communi- 
cation Conference.) 


shows that for 60 km, the dispersion induced power 
penalty is less than 1 dB (see Figure 4). The power 
penalty for uncompensated dispersion rises exponen- 
tially with transmission distance, and thus to 
maintain good signal quality, dispersion compen- 
sation is required. 


Chromatic Dispersion Management 


Optical Nonlinearities as Factors to be Considered 
in Dispersion Compensation 


Even though it is possible to manufacture fiber with 
zero dispersion, it is not practical to use such fiber for 
WDM transmission, due to large penalties induced by 
fiber nonlinearities. Most nonlinear effects originate 
from the nonlinear refractive index of fiber, which is 
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Figure 4 Power penalties due to uncompensated dispersion in 
single mode fiber (SMF) as a function of distance and data rate. 
(Reproduced with permission from Garrett LD (2001) Invited Short 
Course, Optical Fiber Communication Conference.) 


not only dependent on the frequency of light but also 
on the intensity (optical power), and is related to the 
optical power as: 


[3] 


where n(f) is the linear part of the refractive index, 
P is the optical power inside the fiber, and np is 
the nonlinear-index coefficient for silica fibers. The 
typical value of 2) is 2.6 X 107° m?/W. This number 
takes into account the averaging of the polarization 
states of the light as it travels in the fiber. The intensity 
dependence of the refractive index gives rise to three 
major nonlinear effects. 


P 
EE) STALL 7a 


Self-phase modulation (SPM) 

A million photons ‘see’ a different glass than does a 
single photon, and a photon traveling along with 
many other photons will slow down. SPM occurs 
because of the varying intensity profile of an optical 
pulse on a single WDM channel. This intensity profile 
causes a refractive index profile and, thus, a photon 
speed differential. The resulting phase change for 
light propagating in an optical fiber is expressed as: 





Oy = yPLete [4] 
where the quantities y and Leg are defined as: 
Qin 1—e 
—* dT: — 
aay ae and Legg [5] 


where Agg is the effective mode area of the fiber and a 
is the fiber attenuation loss. Leg is the effective 
nonlinear length of the fiber that accounts for fiber 
loss, and y is the nonlinear coefficient measured 
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in rad/km/W. A typical range of values for y is 
between 10-30 rad/km/W. Although the nonlinear 
coefficient is small, the long transmission lengths and 
high optical powers, that have been made possible by 
the use of optical amplifiers, can cause a large enough 
nonlinear phase change to play a significant role in 
state-of-the-art lightwave systems. 


Cross-phase modulation (XPM) 

When considering many WDM channels co-propa- 
gating in a fiber, photons from channels 2 through N 
can distort the index profile that is experienced by 
channel 1. The photons from the other channels 
‘chirp’ the signal frequencies on channel 1, which will 
interact with fiber chromatic dispersion and cause 
temporal distortion. This effect is called cross-phase 
modulation. In a two-channel system, the frequency 
chirp in channel 1, due to power fluctuation within 
both channels, is given by 


dy, dP, dP, 
ai Vest di + 2yLe§ = ri 


where, dP/dt and dP/dt are the time derivatives of 
the pulse powers of channels 1 and 2, respectively. 
The first term on the right-hand side of the above 
equation is due to SPM, and the second term is due to 
XPM. Note that the XPM-induced chirp term is 
double that of the SPM-induced chirp term. As such, 
XPM can impose a much greater limitation on WDM 
systems than can SPM, especially in systems with 
many WDM channels. 





AB= [6] 


Four-wave-mixing (FWM) 
The optical intensity propagating through the fiber is 
related to the electric field intensity squared. In a 


WDM system, the total electric field is the sum of the 
electric fields of each individual channel. When 
squaring the sum of different fields, products emerge 
that are beat terms at various sum and difference 
frequencies to the original signals. Figure 5 depicts 
that if a WDM channel exists at one of the four-wave- 
mixing beat-term frequencies, then the beat term will 
interfere coherently with this other WDM channel 
and potentially destroy the data. 


Dispersion Maps 


While zero-dispersion fiber is not a good idea, a large 
value of the accumulated dispersion at the end of a 
fiber link is also undesirable. An ideal solution is to 
have a ‘dispersion map,’ alternating sections of 
positive and negative dispersion as can be seen in 
Figure 6. This is a very powerful concept: at each 
point along the fiber the dispersion has some 
nonzero value, eliminating FWM and XPM, but 
the total dispersion at the end of the fiber link is 
zero, so that no pulse broadening is induced 
(Table 1). The most advanced systems require 
periodic dispersion compensation, as well as pre- 
and post-compensation (before and after the trans- 
mission fiber). 

The addition of negative dispersion to a 
standard fiber link has been traditionally known 
as ‘dispersion compensation,’ however, the term 
‘dispersion management’ is more appropriate. SMF 
has positive dispersion, but some new varieties of 
nonzero dispersion-shifted fiber (NZDSF) come in 
both positive and negative dispersion varieties. Some 
examples are shown in Figure 7. Reverse dispersion 
fiber is also now available, with a large dispersion 
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Figure 5 (a) and (b) FWM induces new spectral components via nonlinear mixing of two wavelength signals. (c) The signal 
degradation due to FWM products falling on a third data channel can be reduced by even small amounts of dispersion. (Reproduced with 
permission from Tkach RW, Chraplyvy AR, Forghieri F, Gnauck AH and Derosier RM (1995) Four-photon mixing and high-speed WDM 


systems. Journal of Photon Technology 13(5): 841-849.) 
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comparable to that of SMF, but with the opposite 
sign. When such flexibility is available in choosing 
both the magnitude and sign of the dispersion of the 
fiber in a link, dispersion-managed systems can be 
fully optimized to the desired dispersion map using a 
combination of fiber and dispersion compensation 
devices (see Figure 8). 

Dispersion is a linear process, so first-order 
dispersion maps can be understood as linear systems. 
However, the effects of nonlinearities cannot be 
ignored, especially in WDM systems, with many 
tens of channels, where the launch power may be very 
high. In particular, in systems deploying dispersion 
compensating fiber (DCF), the large nonlinear coeffi- 
cient of the DCF can dramatically affect the 
dispersion map. 


Corrections to Linear Dispersion Maps 


Chromatic dispersion is a necessity in WDM systems, 
to minimize the effects of fiber nonlinearities. 
A chromatic dispersion value as small as a few 
ps/nm/km is usually sufficient to make XPM and 
FWM negligible. To mitigate the effects of nonlinea- 
rities but maintain small amounts of chromatic 
dispersion, NZDSF is commercially available. Due 
to these nonlinear effects, chromatic dispersion must 
be managed, rather than eliminated. 
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Figure 6 Dispersion map of a basic dispersion managed 
system. Positive dispersion transmission fiber alternates with 
negative dispersion compensation elements such that the total 
dispersion is zero end-to-end. 


If a dispersion-management system was perfectly 
linear, it would be irrelevant whether the dispersion 
along a path is small or large, as long as the 
overall dispersion is compensated to zero (end to 
end). Thus, in a linear system the performance should 
be similar, regardless of whether the transmission fiber 
is SME, and dispersion compensation modules are 
deployed every 60 km, or the transmission fiber is 
NZDSF (with approximately a quarter of the dis- 
persion value of SMF) and dispersion compensation 
modules are deployed every 240 km. In real life, 
optical nonlinearities are very important, and recent 
results seem to favor the use of large, SMF-like, 
dispersion values in the transmission path and corres- 
pondingly high dispersion compensation devices. A 
recent study of performance versus channel spacing 
showed that the capacity of SMF could be more than 
four times that of NZDSF. This is because the 
nonlinear coefficients are much higher in NZDSF 
than in SME, and for dense WDM the channel inter- 
actions become a limiting factor. A critical conclusion 
is that not all dispersion compensation maps are 
created equal: a simple calculation of the dispersion 
compensation, to cancel the overall dispersion value, 
does not lead to optimal dispersion map designs. 
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Figure 7 Chromatic dispersion characteristics of various 
commercially available types of transmission fiber. 





Table 1 Commercially available fibers and their characteristics 

Dispersion @ 1,550nm Dispersion slope Attenuation Mode field diameter PMD 

[ps/nm/km] [ps/nm?/km] [dB] [um] [ps/km®*>] 
SMF 18 0.08 =0.25 11 =0.5 
Tera Light 8.0 0.058 =0.2 9.2 =0.04 
TW-RS 4.4 0.043 =0.25 8.4 =0.03 
LEAF 4.0 0.085 =0.25 9.6 =0.08 
Standard DCF —90 — 0.22 =0.5 5.2 =0.08 
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Figure 8 Various dispersion maps for SMF-DCF and NZDSF-SMF. 


Additionally, several solutions have been shown to 
be either resistant to dispersion, or have been shown 
to rely on dispersion itself for transmission. Such 
solutions include chirped pulses (where prechirping 
emphasizes the spectrum of the pulses so that 
dispersion does not broaden them too much), 
dispersion assisted transmission (where an_ initial 
phase modulation tailored to the transmission dis- 
tance leads to full-scale amplitude modulation at the 
receiver end due to the dispersion), and various 
modulation formats robust to chromatic dispersion 
and nonlinearities. 


Dispersion Management Solutions 


Fixed Dispersion Compensation 


From a systems point of view, there are several 
requirements for a dispersion compensating module: 
low loss, low optical nonlinearity, broadband (or 
multichannel) operation, small footprint, low weight, 
low power consumption, and clearly low cost. It is 
unfortunate that the first dispersion compensation 
modules, based on DCF only, met two of these 
requirements: broadband operation and low power 
consumption. On the other hand, several solutions 
have emerged that can complement or even replace 
these first-generation compensators. 


Dispersion compensating fiber (DCF) 

One of the first dispersion compensation tech- 
niques was to deploy specially designed sections of 
fiber with negative chromatic dispersion. The tech- 
nology for DCF emerged in the 1980s and has 
developed dramatically since the advent of optical 
amplifiers in 1990. DCF is the most widely deployed 
dispersion compensator, providing broadband oper- 
ation and stable dispersion characteristics, and the 


lack of a dynamic, tunable DCF solution has not 
reduced its popularity. 

As can be seen in Figure 9, the core of the average 
dispersion compensating fiber is much smaller than 
that of standard SMF, and beams with longer wave- 
lengths experience relatively large changes in mode 
size (due to the waveguide structure) leading to greater 
propagation through the cladding of the fiber, where 
the speed of light is greater than that of the core. 
This leads to a large negative dispersion value. 
Additional cladding layers can lead to improved 
DCF designs that can include negative dispersion 
slope to counteract the positive dispersion slope of 
standard SMF. 

In spite of its many advantages, DCF has a number 
of drawbacks. First, it is limited to a fixed compen- 
sation value. In addition, DCF has a weakly guiding 
structure and has a much smaller core cross-section, 
19 m*, compared to the 85 m* of SME. This leads 
to higher nonlinearity, higher splice losses, as well as 
higher bending losses. Last, the length of DCF 
required to compensate for SMF dispersion is rather 
long, about one-fifth of the length of the transmission 
fiber for which it is compensating. Thus DCF modules 
induce loss, and are relatively bulky and heavy. The 
bulk is partly due to the mass of fiber, but also due 
to the resin used to hold the fiber securely in place. 
One other contribution to the size of the module is the 
higher bend loss associated with the refractive index 
profile of DCF; this limits the radius of the DCF loop 
to 6-8 inches, compared to the minimum bend radius 
of 2 inches for SMF. 

Traditionally, DCF-based dispersion compen- 
sation modules are usually located at amplifier 
sites. This serves several purposes. First, amplifier 
sites offer relatively easy access to the fiber, without 
requiring any digging or unbraiding of the cable. 
Second, DCF has high loss (usually at least double 
that of standard SMF), so a gain stage is required 


DISPERSION MANAGEMENT 359 





DCF design 

15 
— 10 
ae 
Cc 
“1 o5 

0 

-400  -200 0 200 ©4400 


(a) Radius (arbitrary units) 


Performance 

-80 1.0 
— 85 09 
£ 
~ 
£ -90 08 
3 & 
~ 735 07 a 
2 = 
ray a 
& -100 96 6 
a 
a 

-105 0.5 

-110 0.4 

1,500 1,520 1,540 1,560 1,580 1,600 

(b) Wavelength (nm) 


Figure 9 Typical DCF (a) refractive index profile and (b) dispersion and loss as a function of wavelength. An is defined as refractive 


index variation relative to the cladding. 
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Figure 10 System demonstration of dispersion compensation using DCF. (Reproduced with permission from Park YK, Yeates PD, 
Delavaux J-MP, et al. (1995) A field demonstration of 20-Gb/s capacity transmission over 360 km of installed standard (non-DSF) fiber. 


Photon. Technol. Lett. 7(7): 816-818.) 


before the DCF module to avoid excessively low 
signal levels. DCF has a cross-section four times 
smaller then SME, hence a higher nonlinearity, 
which limits the maximum launch power into a 
DCF module. The compromise is to place the DCF 
in the mid-section of a two-section EDFA. This way, 
the first stage provides pre-DCF gain, but not to a 
power level that would generate excessive nonlinear 
effects in the DCF. The second stage amplifies the 
dispersion compensated signal to a power level 
suitable for transmission though the fiber link. This 
launch power level is typically much higher than 
could be transmitted through DCF without generat- 
ing large nonlinear effects. Many newer dispersion 
compensation devices have better performance 
than DCF, in particular lower loss and lower 


nonlinearities. For this reason, they may not have 
to be deployed at the mid-section of an amplifier. 
Figure 10 shows the real demonstration results 
using the DCF. 


Chirped fiber Bragg gratings 

Fiber Bragg gratings have emerged as major com- 
ponents for dispersion compensation because of their 
low loss, small footprint, and low optical nonlinearity. 
Bragg gratings are sections of single-mode fiber in 
which the refractive index of the core is modulated ina 
periodic fashion, as a function of the spatial coordi- 
nate along the length of the fiber. When the spatial 
periodicity of the modulation matches what is 
known as a Bragg condition with respect to the 
wavelength of light propagating through the grating, 
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left: mobile phone radio wave detector and right: the simple schematic. Below: detail of the LED and 
germanium diode. 





IMPORTANT NOTE: this device works very well on the old style mobile phones (as shown in the photo 
above). However, it does not always work well with modern smart phones. This may be because modern 
phones use higher frequencies, less power and use the power in a slightly different way (e.g. spread 
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the periodic structure acts like a mirror, reflecting the 
optical radiation that is traveling through the core of 
the fiber. An optical circulator is traditionally used to 
separate the reflected output beam from the input 
beam. 

When the periodicity of the grating is varied along 
its length, the result is a chirped grating which can be 
used to compensate for chromatic dispersion. The 
chirp is understood as the rate of change of the spatial 
frequency as a function of position along the grating. 
In chirped gratings the Bragg matching condition for 
different wavelengths occurs at different positions 
along the grating length. Thus, the roundtrip delay of 
each wavelength can be tailored by designing the 
chirp profile appropriately. Figure 11 compares the 
chirped FBG with uniform FBG. In a data pulse that 
has been distorted by dispersion, different frequency 
components arrive with different amounts of relative 
delay. By tailoring the chirp profile such that the 
frequency components see a relative delay which is 
the inverse of the delay of the transmission fiber, the 
pulse can be compressed back. The dispersion of the 
grating is the slope of the time delay as a function of 
wavelength, which is related to the chirp. 

The main drawback of Bragg gratings is that the 
amplitude profile and the phase profile as a function of 
wavelength have some amount of ripple. Ideally, the 
amplitude profile of the grating should have a flat 
(or rounded) top in the passband, and the phase profile 
should be linear (for linearly chirped gratings) or 
polynomial (for nonlinearly chirped gratings). The 
grating ripple is the deviation from the ideal profile 
shape. Considerable effort has been expended on 
reducing the ripple. While early gratings were plagued 
by more than 100 ps of ripple, published results have 
shown vast improvement to values close to +3 ps. 


Higher order mode dispersion compensation fiber 
One of the challenges of designing standard DCF is 
that high negative dispersion is hard to achieve unless 
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Figure 11. Uniform and chirped FBGs. (a) A grating with uniform 
pitch has a narrow reflection spectrum and a flat time delay as a 
function of wavelength. (b) A chirped FBG has a wider bandwidth, 
a varying time delay and a longer grating length. 


the cross-section of the fiber is small (which leads to 
high nonlinearity and high loss). One way to reduce 
both the loss and the nonlinearity is to use a higher- 
order mode (HOM) fiber (LP,; or LPo2 near cutoff 
instead of the LPo; mode in the transmission fiber). 

Such a device requires a good-quality mode 
converter between LP; and LP to interface between 
the SMF and HOM fiber. HOM fiber has a dispersion 
per unit length greater than six times that of DCF. 
Thus, to compensate for a given transmission length in 
SME, the length of HOM fiber required is only one 
sixth the length of DCE. Thus, even though losses and 
nonlinearity per unit length are larger for HOM fiber 
than for DCE, they are smaller overall, because of the 
shorter HOM fiber length. As an added bonus, the 
dispersion can be tuned slightly by changing the cutoff 
wavelength of LPo2 (via temperature tuning). A soon 
to be released HOM fiber-based commercial dis- 
persion compensation module is not tunable, but can 
fully compensate for dispersion slope. 


Tunable Dispersion Compensation 


The need for tunability 

In a perfect world, all fiber links would have a known, 
discrete, and unchanging value of chromatic dis- 
persion. Network operators would then deploy fixed 
dispersion compensators periodically along every 
fiber link to exactly match the fiber dispersion. 
Unfortunately, several vexing issues may necessitate 
that dispersion compensators are tunability, that they 
have the ability to adjust the amount of dispersion to 
match system requirements. 

First, there is the most basic business issue of 
inventory management. Network operators typically 
do not know the exact length of a deployed fiber link 
nor its chromatic dispersion value. Moreover, fiber 
plants periodically undergo upgrades and mainten- 
ance, leaving new and nonexact lengths of fiber 
behind. Therefore, operators would need to keep in 
stock a large number of different compensator models, 
and even then the compensation would only be 
approximate. Second, we must consider the sheer 
difficulty of 40 Gbit/s signals. The tolerable threshold 
for accumulated dispersion for a 40 Gbit/s data 
channel is 16 times smaller than at 10 Gbit/s. If the 
compensation value does not exactly match the fiber to 
within a few percent of the required dispersion 
value, then the communication link will not work. 
Tunability is considered a key enabler for this bit rate 
(see Figures 12 and 13). Third, the accumulated 
dispersion changes slightly with temperature, 
which begins to be an issue for 40 Gbit/s systems and 
10 Gbit/s ultra long-haul systems. In fiber, the zero- 
dispersion wavelength changes with temperature at a 
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Figure 12 The need for tunability. The tolerance of OC-768 
systems to chromatic dispersion is 16 times lower than that of 
OC-192 systems. Approximate compensation by fixed in-line 
dispersion compensators for a single channel may lead to rapid 
accumulation of unacceptable levels of residual chromatic 
dispersion. 
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Figure 13 Tunable dispersion compensation at OC-768 
(40 Gb/s) is essential for achieving a comfortable range of 
acceptable transmission distances (80km for tunable, only 
~4km for fixed compensation). 


typical rate of 0.03 nm/°C. It can been shown that a 
not-uncommon 50°C variation along a 1,000 km 
40 Gbit/s link can produce significant degradation 
(see Figure 14). Fourth, we are experiencing the dawn 
of reconfigurable optical networking. In such systems, 
the network path, and therefore the accumulated fiber 
dispersion, can change. It is important to note that 
even if the fiber spans are compensated span-by-span, 
the pervasive use of compensation at the transmitter 
and receiver suggests that optimization and tunability 
based on path will still be needed. 

Other issues that increase the need for tunability 
include: (i) laser and (de)mux wavelength drifts for 
which a data channel no longer resides on the flat-top 
portion of a filter, thereby producing a chirp on the 
signal that interacts with the fiber’s chromatic 
dispersion; (ii) changes in signal power that change 
both the link’s nonlinearity and the optimal system 
dispersion map; and (iii) small differences that exist in 
transmitter-induced signal chirp. 
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Figure 14 Accumulated dispersion changes as a function of the 
link length and temperature fluctuation along the fiber link. 
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Figure 15 Tuning results for both linearly and nonlinearly 
chirped FBGs using uniform stretching elements. The slope of the 
dispersion curve at a given wavelength Ao is constant when 
the linearly chirped grating is stretched, but changes as the 
nonlinearly chirped grating is stretched. 


Approaches to tunable dispersion compensation 

A host of techniques for tunable dispersion compen- 
sation have been proposed in recent years. Some of 
these ideas are just interesting research ideas, but 
several have strong potential to become viable 
technologies. 

Fiber gratings offer the inherent advantages of fiber 
compatibility, low loss, and low cost. If a FBG has a 
refractive-index periodicity that varies nonlinearly 
along the length of the fiber, it will produce a time 
delay that also varies nonlinearly with wavelength 
(see Figure 15). Herein lies the key to tunability. 
When a linearly chirped grating is stretched uni- 
formly by a single mechanical element, the time 
delay curve is shifted towards longer wavelengths, 
but the slope of the ps-vs.-nm curve remains constant 
at all wavelengths within the passband. When a 
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nonlinearly-chirped grating is stretched, the time 
delay curve is shifted toward longer wavelengths, 
but the slope of the ps-vs.-nm curve at a specific 
channel wavelength changes continuously. Ulti- 
mately, tunable dispersion compensators should 
accommodate multichannel operation. Several 
WDM channels can be accommodated by a single 
chirped FBG in one of two ways: fabricating a much 
longer (i.e., meters-length) grating, or using a 
sampling function when writing the grating, thereby 
creating many replicas of transfer function of the FBG 
in the wavelength domain (see Figure 16). 

One free-space-based tunable dispersion compen- 
sation device is the virtually imaged phased array 
(VIPA), based on the dispersion of a Fabry—Perot 
interferometer. The design requires several lenses, a 
movable mirror (for tunability), and a glass plate with 
a thin film layer of tapered reflectivity for good mode 
matching. Light incident on the glass plate undergoes 
several reflections inside the plate. As a result, the 
beam is imaged at several virtual locations, with a 
spatial distribution that is wavelength-dependent. 


Real space Frequency space 
Fourier 
@ transform | | 
= 
5 = 10 
= 1 

8 oP o2| 3 -2 
tS Sog@ss| s 
o oe a o 
2 OS ® 
oS _ 
g = 
oO — 
cs pare es 

= -! 3o 

wo : pte 

Grating axis(mm) Wavelength (nm) 











Figure 16 The concept of ‘sampled’ FBGs, where a super- 
structure is written on top of the grating that produces a Fourier 
transform in the frequency domain, leading to multiple grating 
passbands. 
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Several devices used for dispersion compensation 
can be integrated on a chip, using either an optical 
chip media (semiconductor-based laser or amplifier 
medium) or an electronic chip. One such technology 
is the micro-ring resonator, a device that, when used 
in a structure similar to that of an all-pass filter (see 
Figure 17), can be used for dispersion compensation 
on a chip-scale. Although these technologies are not 
yet ready for deployment as dispersion compensators, 
they have been used in other applications and have 
the potential to offer very high performance at 
low cost. 

As the ultimate optical dispersion compensation 
devices, photonic bandgap fibers (holey fibers) are 
an interesting class in themselves (see Figure 18). 
These are fibers with a hollow structure, with holes 
engineered to achieve a particular functionality. 
Instead of being drawn from a solid preform, holey 
fibers are drawn from a group of capillary tubes fused 
together. This way, the dispersion, dispersion slope, 
the nonlinear coefficients could in principle all be 
precisely designed and controlled, up to very small or 
very large values, well outside the range of those of 


the solid fiber. 
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Figure 17 Architecture of an all-pass filter structure for 
chromatic dispersion and slope compensation. (Reproduced 
with permission from Madsen CK, Lenz G, Bruce Au, et al. (1999) 
Integrated all-pass filters for tunable dispersion and dispersion 
slope compensation. Photon. Technol. Lett. 11(12): 1623-1625.) 
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Figure 18 (a) SEMimage of a photonic crystal fiber (holey fiber), and (b) net dispersion of the fiber at 1550 nm as a function of the core 
diameter. (Reproduced with permission from Birk TA, Mogihetsev D, Knight JC and Russell PSt.J (1999) Integrated all-pass filters for 
tunable dispersion and dispersion slope compensation. Photon. Technol. Lett. 11(6): 674-676.) 
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Dispersion Slope Mismatch 


Transmission fiber, especially fiber with dispersion 
compensation built in, may suffer from a dispersion 
slope in which a slightly different dispersion value is 
produced for each WDM channel (see Figure 19). Even 
though the compensator would be able to cancel the 
dispersion of the fiber at the design wavelength, there 
will be residual dispersion left at the other wavelength 
channels unless the compensator can match the slope 
of the dispersion curve of the fiber as well. Some 
solutions for dispersion slope compensation are 
described in this section. 

First, DCF, with negative dispersion slope, is a 
prime candidate for deployment as a dispersion slope 
compensator even though it cannot easily be made 
tunable. By designing the DCF with the same ratio of 
dispersion to dispersion slope as that of a real fiber 
link, new types of DCF can be used to compensate for 
both dispersion and dispersion slope, much like DCF 
is used for dispersion compensation today. DCF’s 
popularity, wideband functionality, and stable dis- 
persion characteristics make this a particularly 
attractive solution. Designing the DCF to match the 
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Figure 19 The chromatic dispersion slope mismatch caused 
by the different slopes of transmission fiber (SMF or NZDSF) 
and DCF. 
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dispersion characteristics of the transmission fiber is 
the critical engineering challenge in this slope 
compensation scheme. Second, third-order nonli- 
nearly chirped FBG can act as a tunable dispersion 
slope compensator. A simple modification of the 
nonlinearly chirped FBG allows tuning of the 
compensated dispersion slope value via stretching 
the grating. The grating is prepared such that the time 
delay as a function of wavelength has a cubic profile 
that covers several WDM channels over a continuous 
bandwidth of many nanometers. Since the resulting 
dispersion curve is quadratic over the grating 
bandwidth, the dispersion slope experienced by the 
WDM channels can be tuned by stretching the grating 
using a single mechanical element (see Figure 20). 
Third, combining the VIPA, with either a 3D mirror 
or diffraction grating, can also provide tunable free- 
space dispersion slope compensation. Slope tuning is 
achieved by dynamically controlling the MEMS- 
based 3D mirror or the diffraction grating. 
Fourthly, using an FBG with many spaced thin-film 
heater sections can also enable tunable dispersion 
slope. Each heater can be individually electrically 
controlled, allowing the time delay profile of the 
grating to be dynamically tuned via changing the 
temperature along the length of the grating. 
Advanced applications of this technique can allow 
alterations to the entire time delay profile of the 
grating, providing a truly flexible dispersion and 
dispersion slope compensation mechanism. 


Chromatic Dispersion Monitoring 


Another important issue related to dispersion man- 
agement is dispersion monitoring techniques. In a 
reconfigurable system, it is necessary to reconfigure 
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Figure 20 Tunable dispersion slope compensation using a third-order nonlinearly chirped FBG. (a) Cubic time delay curves of the 
grating, and (b) quadratic dispersion curves showing the change in dispersion in each channel before and after tuning. (Reproduced with 
permission from Song YW, Motoghian SMR, Starodubov D, ef a/. (2002) Tunable dispersion slope compensation for WDM systems 
using a non-channelized third-order-chirped FBG. Optical Fiber Communication Conference 2002. Paper ThAA4.) 
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any tunable chromatic dispersion compensation 
modules on the fly as the network changes. An in-line 
chromatic dispersion monitor can quickly measure 
the required dispersion compensation value while 
data are still being transmitted through the optical 
link. This is very different from the more traditional 
chromatic dispersion measurement techniques where 
dark fiber is used and the measurement is done off- 
line over many hours (or days). 

Chromatic dispersion monitoring is most often 
done at the receiving end, where the Q-factor of the 
received data or some other means is employed to 
assess the accumulated dispersion. Existing tech- 
niques that can monitor dispersion in-line, fast, 
and with relatively low cost include: (i) general 
performance monitoring using the bit-error rate 
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Figure 21 Clock regenerating effect due to chromatic dispersion 
for NRZ data. As the amount of residual dispersion increases, so 
does the amount of power at the clock frequency. This power can 
be used to monitor the amount of uncompensated chromatic 
dispersion. (Reproduced with permission from Pan Z, Yu Q, Xie Y, 
et al. (2001) Chromatic dispersion monitoring and automated 
compensation for NRZ and RZ data using clock regeneration and 
fading without adding signalling. Optical Fiber Communication 
Conference 2001. Paper WH5.) 


40-Gh/s 


(BER) or eye opening, but this approach cannot 
differentiate among different degrading effects; 
(ii) detecting the intensity modulation induced by 
phase modulation at the transmitter; (iii) extracting 
the bit-rate frequency component (clock) from photo- 
detected data and monitoring its RF power 
(see Figure 21); (iv) inserting a subcarrier at the 
transmitter and subsequently monitoring the sub- 
carrier power degradation; (v) extracting several 
frequency components from the optical data using 
very narrow-band optical filters and detecting 
the optical phase; (vi) dithering the optical-carrier 
frequency at the transmitter and measuring the 
resultant phase modulation of the clock extracted at 
receiver with an additional phase-locked loop; and 
(vii) using an optical filter to select the upper and 
lower vestigial sideband (VSB) signals in transmitted 
optical data and determine the relative group delay 
caused by dispersion (see Figure 22). 


Conclusion 


Chromatic dispersion is a phenomenon with pro- 
found implications for optical fiber communications 
systems. It has negative effects, broadening data 
pulses, but it also helps reduce the effects of fiber 
nonlinearities. For this reason, managing dispersion, 
rather than trying to eliminate it altogether, is the key. 
Fixed dispersion components are suitable for point- 
to-point OC-192 systems. Tunable dispersion com- 
ponents are essential for dispersion management in 
reconfigurable and OC-768 systems. These dispersion 
compensation elements must have low loss, low 
nonlinearity, and must be cost effective. 
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Figure 22 Chromatic dispersion monitoring using the time delay (At) between two VSB signals, which is a function of chromatic 
dispersion. (Reproduced with permission from Yu Q, Yan L-S, Pan Z and Willner AE (2002) Chromatic dispersion monitor for WDM 
systems using vestigial-sideband optical filtering. Optical Fiber Communication Conference 2002. Paper WE3.) 
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Although several technologies have emerged that 
meet some or all of the above requirements, no 
technology is a clear winner. The trend is towards 
tunable devices, or even actively self-tunable compen- 
sators, and such devices will allow system designers to 
cope with the shrinking system margins and with the 


emerging rapidly reconfigurable optical networks. 


List of Units and Nomenclature 


Chromatic The time-domain pulse broad- 
dispersion ening in an optical fiber caused 
by the frequency dependence of 
the refractive index. This results 
in photons at different frequen- 
cies traveling at different speeds 

[ps/nm/km]. 

Chromatic Different wavelengths have 
dispersion different amounts of dispersion 
slope values in an optical fiber 

[ps/nm?/km]. 

Conventional Fiber that transmits only a single 
single mode optical mode by virtue of a very 
fiber (SMF) small core diameter relative to 


Cross-phase 


the cladding. Provides lowest 
loss in the 1,550 nm region and 
has zero dispersion at 1,300 nm. 
A nonlinear Kerr effect in which 


modulation a signal undergoes a nonlinear 
(XPM) phase shift induced by a copro- 
pagating signal at a different 

wavelength ina WDM system. 

Dispersion Optical fiber that has both 
compensating a large negative dispersion 
fiber (DCF) and dispersion slope around 


Fiber Bragg 
gratings 
(FBGs) 


Four-wave 
mixing (FWM) 


Kerr effect 


1,550 nm. 

A small section of optical fiber in 
which there is a periodic change 
of refractive index along the 
core of the fiber. An FBG acts 
as a wavelength-selective mirror, 
reflecting only specific wave- 
lengths (Bragg wavelengths) 
and passing others. 

A nonlinear Kerr effect in which 
two or more signal wavelengths 
interact to generate a new wave- 
length. 

Nonlinear effect in which the 
refractive index of optical fiber 
varies as a function of the inten- 
sity of light within the fiber core. 


Modulation 


Nonlinear effects 


The process of encoding digital 
data onto an optical signal so it 
can be transmitted through an 
optical network. 

Describes the nonlinear res- 
ponses of a dielectric to intense 
electromagnetic fields. One such 
effect is the intensity dependence 
of the refractive index of an 
optical fiber (Kerr effect). 


Nonzero Optical fiber that has a small 
dispersion- amount of dispersion in the 
shifted fiber 1,550nm region in order to 
(NZDSF) reduce deleterious nonlinear 

effects. 

Polarization Dispersion resulting from the 
mode fact that different light polariz- 
dispersion ations within the fiber core will 
(PMD) travel at different speeds through 

the optical fiber [ps/km°>]. 

Self-phase A nonlinear Kerr effect in which 
modulation a signal undergoes a self-induced 
(SPM) phase shift during propagation 

in optical fiber. 

Wavelength Transmitting many different 
division wavelengths down the same 
multiplexing optical fiber at the same time in 
(WDM) order to increase the amount of 

information that can be carried. 

See also 


Nonlinear Optics, Basics: Four-Wave Mixing. Photonic 
Crystals: Nonlinear Optics in Photonic Crystal Fibers. 
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Introduction 


This article is a brief review of display technology 
being used today. It emphasizes some of the optical 
aspects of displays. The details of the basic construc- 
tion of the display devices are also discussed to aid in 
understanding. The displays covered are the CRT, 
VFD, FED, PDP, LED, OLED, LCD-AMLCD, 
transmissive and transflective LCDs. 


Definition of a Display 


A display can be defined as an object which transfers 
information to the viewer and/or an output unit that 
gives a visual representation of data. 


Optical Characteristics of a Display 


A display has (in general) the optical characteristics of 
luminance, reflectivity, contrast ratio, color, surface 
gloss, resolution, and image sharpness (sometimes 
called small area contrast). Measurement methods 
can be obtained from the EIA (Electronics Industries 
Alliance), JI-31 (Optical Characteristics of Display 
Devices), SAE (Society of Automotive Engineers and 
ISO Standards) and VESA Standards, to name a few. 


Luminance 


The luminance of a display is its light output and is 
given in units of candela/square meter or cd/m? (in 
the English system fL). Luminance is measured 
using a photometer, photometer/colorimeter, or 
spectroradiometer. 


IIluminance 


The illuminance is the light incident on the surface 
being measured. Its units are Lumen per m* or Lux 
(and in the English system Ft.cd). This is measured 
using illuminance meters. 


Reflectivity 


The reflectivity for CRTs (cathode ray tubes) is 
measured with incident light at 45 degrees (in some 
cases for LCDs, a smaller 30 degree angle is used). 
The reflected light from the surface is measured witha 
detector normal to (perpendicular to) the surface. 


Devices such as ‘tube face reflectivity’ (TFR) can be 
used to measure this parameter and it is published in 
the EIA-JT-31 measurement methods. Other similar 
methods are used for flat panel displays. 


Color 


Although color perception is different for different 
individuals, standard responses to color stimuli have 
been developed and we can measure the color of 
different objects and display images. Color can be 
measured with such equipment as a colorimeter or 
spectroradiometer. The output data are given in 
various color systems. Color systems, such as the 
1931 CIE (Commission International de I’Eclairage) 
Color System (x, y), the 1960 CIE (u,v) or 1976 CIE 
(u',v') color coordinates are all used. All these color 
systems can be converted to each other by simple 
mathematical relations and these conversions are 
usually available to the user in the data output. The 
choice of the color space/system is dependent on 
application but the system in most general use for 
displays is the 1976 CIE (u’,v'). This color system has 
become more widely used because equally perceived 
color differences in this color system are at almost 
equal distances in this color space. In reality, the quest 
for a system with equal distances equating to equal 
color differences can be achieved through a compli- 
cated matrix approach in which the constants used in 
the matrix vary from point to point in the color space. 


Gloss 


Gloss is a measure of surface reflectivity under Snell’s 
Law criteria (equal incidence and reflection angles). 
The measurement angles of 20, 45, 60, and 85 
degrees are used to measure the gloss of common 
surfaces. Display glass surface measurements tend to 
use the 60 degree gloss angle. The surface of a display 
can be made rougher to scatter incident light away 
from the viewer or it can be optically coated to reduce 
the reflected light to achieve improved viewing. Some 
times both methods are used. Reduced gloss surfaces 
also are involved with the reduction in surface glare. 
The level of increased roughness of the surface affects 
the user’s ability to see detail. 


Contrast Ratio 


When people talk about contrast they generally 
mean ‘contrast ratio’. The contrast ratio (CR) of 
an area on a display is a unitless parameter and is 
defined as the excited luminance (L,) divided by 
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the unexcited luminance (L,). The excited lumi- 
nance (L,) equals the glass transmission (T) times 
some excited internal luminance (L,;) and for 
simplicity, L, equals T times an internal zero 
ambient unexcited luminance light level of (Lyj). 
Factors, such as internal scattered light in LCDs 
and scattered electrons and scattered light in CRTs, 
give a nonzero un-excited luminance Ly. 

When dealing with the CR, the effect of ambient 
illumination A contributes to the numerator and the 
denominator. Thus, when the ambient illumination is 
increased, it lowers the contrast ratio. In a simple case 
where the ambient illumination is reflected from the 
surface of the display whose reflectivity is p, the 
contrast ratio is given below: 


CR = (L, + Ap)/(Lu + Ap) [1] 


For the case of the reflectivity of a phosphor screen 
(reflectance R) coated panel with a glass transmission 
(T), the reflectivity to first approximation is 


p=cRT* [2] 


where c is a constant. 

So we see that changes in contrast can come about 
through changing the display’s glass panel trans- 
mission. For example, if the L, of the white field of a 
CRT was 100 fL with a 90% panel glass (along with 
R = 0.5) and had a L,, of 2 fL, then the zero ambient 
contrast would be 50. However, with an ambient 
illumination of 50 Ftcd the contrast would be 4.76. 
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Now, when we use a 50% transmission panel glass at 
the ambient illumination of 50Ft.cd the CR is 
increased to approximately 8.39. Equations [1] and 
[2] show how to calculate the contrast. It should be 
noted that decreased panel glass transmission or the 
use of ‘dark glass’ increases contrast because the 
reflectivity is a ‘T squared’ effect and the luminance L 
is a function ‘T’. There are second-order effects 
involved with the reduction of reflected light and 
unexcited luminance which make the equations more 
complicated. These second-order effects will not be 
covered as they are beyond the basic discussion of 
this article. 

In comparing display CR, one must compare the 
displays at the same ambient illumination. Addition- 
ally, you will find that a number of flat panel display 
advertising reports will report the CR at zero ambient 
illumination. As we have shown, these CR values are 
the highest ones for the display. The CR for emissive 
displays tends to be constant over a wide range of 
viewing angles, whereas the contrast ratio for 
liquid crystal displays (LCDs) is more variable over 
large-angle viewing. Recent new electrode position 
developments, such as the ‘in-plane switching’ tech- 
nology for active matrix liquid crystal displays 
(AMLCDs) has gone a long way to reduce this reduced 
angle-of-view effect in that type of LCD display. 

Figure 1 shows how a viewer in a sport utility 
vehicle (SUV) would see the changes in contrast 
with viewing angle for two types of twisted nematic 
LCDs (TN-LCDs). One of the TN LCDs does not 
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Figure 1 A typical rectangular viewing envelope for a mid-size SUV vehicle superimposed on LCD iso-contrast plots. Left is standard 
TN LCD. Right, is film-compensated TN LCD. Reproduced from Smith-Gillespie R, et a/. (2001) Design requirements for automotive 
entertainment displays. Proceedings of the 8th Annual Symposium on Vehicle Displays (2001). Permission for reprint courtesy of the 


Society for Information Displays. 
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have the film compensation and the other does. 
For relative contrast appraisal, the red areas show the 
highest contrast regions and the blue the lowest. It is 
obvious that different technologies can give signifi- 
cant changes in viewed contrast. 


Phosphor Aging 


The fall off of luminance as the phosphor screen is 
bombarded with the electron beam is called phosphor 
aging. This effect is due to two main factors: (i) the 
thermal quenching of the phosphor luminescence 
(which is reversible); and (ii) a nonreversible aging 
due to damage to the screen components (such as 
phosphor, binder, and aluminum coating). It has been 
found that the aging (when we are using an electron 
beam) is a function of the number of electrons 
bombarding the screen. Aging models help us to 
understand and predict the amount of aging a tube 
will show after a fixed amount of time. The first 
aging model in 1951 was on ion bombardment and 
showed that: 


I=[j)(1+ AN) [3] 


where Ip is the initial luminance before aging, and I is 
the final luminance. 

In 1961 a similar (one parameter) Model I = 
Ip/(1 + CN) was used by Pfhanl, where C is the aging 
constant to half luminance and N is the number of 
coulombs. In 1981, a two-component model for low 
current aging was presented, where: 


I=1)/0 + NB/Q?)) [4] 


Here we have two constants B and D, and O is 
the cumulated charge in number of coulombs. When 
D=0 then the equation given above goes to the 
Pfhanl case. 

Later, in 1996 the three-parameter model was 
described and in 1997 the Gaussian beam aging 
model was described. 


Ambient Illumination and Reflection 


To see the information shown on a display, the 
information must be spatially detected by the human 
eye over the reflected ambient illumination (such as 
room and sunlight). The ambient illumination is 
generally from localized or diffuse sources. As we 
have seen previously, the effect of diffuse illumination 
can be reduced through the use of neutral density 
filters. But, when we are dealing with very high 
ambient light such as that entering the canopy of a 
fighter aircraft then, the monochromatic information 
from the display can be viewed using selective 


spectral filters. However, for the usual computer 
monitor, the ‘specular reflection’ (Snell’s Law type of 
reflection) off the front of the display is due to a 
localized external light source. This reflection is 
reduced by methods such as anti-glare (AG) and 
anti-reflecting (AR) surfaces applied to the front 
surface of the display. A flat versus curved front 
surface of the display can also be a glare reduction 
technique. Surface roughness is used in AG surfaces 
to scatter a portion of the specular light away from 
the viewer. Surface roughness can be achieved 
through surface abrading, surface plastic coating, 
surface silicate coating, and surface acid etching to 
name a few methods. AR surfaces use optical 
interference techniques to reduce the reflected light 
to the viewer. In some cases, both methods are applied 
to a display surface. Surface gloss of the display is 
usually measured with a gloss meter in 60 degree 
gloss values but 20, 45, and 80 degree angles are also 
used. Resolution is measured in line pairs/mm or 
pixels/mm and image sharpness is associated with 
modulation transfer function (MTF) measurements. 
We should note here that resolution and image 
sharpness are not the same thing. High resolution is 
equated with the high frequency limit of the MTF 
measurement. Since the reduction in specular reflec- 
tion through the use of surface roughness can affect 
the image sharpness, we see that a system of trade-offs 
can be developed to optimize a display for a given 
viewing environment. AR coatings improve glare 
reduction without scattering and thus give higher- 
resolution capability to the displays but this is usually 
obtained at a higher price then the AG coatings. 


Types of Displays 


Displays can be divided into two types; emissive and 
nonemissive. By emissive we mean that the display 
surface gives off light. In the nonemissive, the display 
or a small portion of the display acts as a shutter or 
spatial filter which also can be reflective in nature. 
In this nonemissive mode, the display can pass light 
from a source in back of or in front of the shutter 
(or both, as we shall see later). 


Table of Emissive and Nonemissive Displays 


Thus from Table 1 we see that under the title of 
emissive displays we have the cathode ray tube 
(CRT), projection CRT, vacuum fluorescent display 
(VFD), field emissive display (FED), electrolumines- 
cent (EL) display, light emitting diode (LED), 
organic light emitting diode (OLED), and plasma. 
These devices, which are in the realm of emissive 
displays, use certain types of emissive materials called 
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Table 1 Table of emissive and nonemissive displays 





Emissive Nonemissive 

CRT LCD and AMLCD 

VFD Bi-Stable LCD 

FED Digital Mirror D 

EL — inorganic LCOS (Liquid Crystal on Si) 
LED Electronic Inks 

OLED 

PLASMA 


lumophors (or phosphors). The lumophors are 
called cathodoluminescent, photoluminescent, and 
electroluminescent, depending whether the excitation 
action was due to the interaction of the phosphor 
with cathode rays, photons, or low-voltage electrons. 
Cathodoluminescent lumophors are used in cathode 
ray tubes (CRTs — television tubes, monitor tubes, 
projection CRTs), (VFDs), and (FEDs). 

EL displays can use inorganic lumophors (phos- 
phors) or organic lumophors such as those used in 
OLEDs. Under photoluminescence displays, we have 
‘plasma displays’ (plasma TV), IR-up conversion, and 
fluorescent lamps. In plasma displays, the excitation 
of the plasma in a localized region gives rise to UV 
photons which strike the phosphor screen in that 
region. In IR-up conversion, IR photons are absorbed 
in such a way that two IR photons can excite an 
electron with twice the energy of one IR photon. This 
then allows the use of IR lasers to create displays 
through the excitation of these up-conversion phos- 
phors. In fluorescent lamps, the UV created by 
the excitation of Hg or Xe, strikes the special 
lamp phosphors (coated on the inside of the glass 
envelope), which become luminescent. 

Under the heading of shutters we can consider LCDs 
which consist of AMLCDs, super twisted nematic 
liquid crystal displays (STN LCDs) and bistable LCDs. 
Another shutter type is the liquid crystal on silicon 
(LCOS) display and the movable digital mirror display 
(DMD), and the digital light processing (DLP) 
projecting engines. Another spatial display type is 
both normal and dynamic inks. A dynamic ink can 
be a ‘polarizable’ ink display in which a two shade 
(light/dark) ink sphere element can rotate under the 
presence of an electric field to show the light or dark 
side. Although they are very interesting, we will not 
cover ink displays in this article. 

The shutter action is also used in some projection 
TV sets (or projectors) in which the LCD either 
transmits or reflects (such as LCOS) the light from an 
arc lamp. The DMD movable mirrors reflect the 
digital information to the lens system and the 
unwanted rays are reflected away from the lens to a 
black light capture area. 


The Cathode Ray Tube (CRT) 


The CRT is a display which has been in use for over 
100 years (the Braun CRT tube was developed in 
1898). The CRT uses a phosphor screen which is 
bombarded by energetic electrons and emits visible 
light radiation. The single electron gun CRT was used 
for years in early monochrome television sets and 
monochrome computer displays. Monochrome 
green, amber, and white phosphors have been used 
in monitor tubes. Some color selectivity can be 
obtained with the single electron gun using the 
following three methods; (i) voltage penetration 
phosphors, (ii) current sensitive phosphors and 
(iii) beam index methods. In a CRT, the penetration 
of the electron beam follows Hans Bethe’s energy 
loss equation for electron penetration in solids and 
thus is a function of the electron energy or CRT 
voltage. 
Hans Bethe’s energy loss equation is: 


dE/dx = —2Ile*(N./E)In(aE/D [5] 


where: E = energy of the incident electron; x = depth 
of material; N. = density of atomic electrons; 
I = mean excitation energy; and a = a constant. 

In the voltage penetration tube, a cascaded 
screen is used to give a color change when the 
electron voltage is increased. For example, if a 
cascade screen is made from a green phosphor 
layer placed on top of the red phosphor layer then 
the electrons strike the green phosphor first. Then 
with increased voltage, the electrons pass through 
the top phosphor and excite the bottom red 
phosphor. In the current sensitive color tube, the 
phosphor screen is composed of (for example) red 
and green phosphor whose luminance versus 
current curves are different. In these cases, we are 
referring to the linearity of the change in lumines- 
cence from the phosphor as a result of a change in 
electron beam current. The red phosphor (generally 
a rare earth oxide) is a linear phosphor, whereas 
the green is nonlinear. Changing the current thus 
can change the color of the display. In the beam 
index tube, a UV (or secondary electron emitters 
have also been used) emitting index layer is put 
along side a red, green, or blue triad (for example, 
between the blue and the red phosphor stripes). 
The scanning electron beam, through the use of a 
UV sensor (or secondary electron detector) 
mounted in the rear portion of the tube and the 
scanning electronics, can determine the location of 
the red, green, and blue phosphors. The electron 
beam can then excite only the individual phosphor 
areas of interest. With this tube, generally, the 
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spectrum). Some smart phones do work and success may be due to the signal strength of the local mobile 
phone mast nearby. If you are in a low signal area the phone will create more power to ensure reliable 
communications. If you are in a very strong signal area (very near the local network) your phone will 
drop its output power and consiquently there will be less power to pick-up and to convert to a voltage to 
light the LED. 


This is a very simple and cheap device that demonstrates mobile phones (‘cell phones' or 'handies') generate 
radio waves. We have a 30 cm (7.5 cm per side) full-wavelength loop antenna (a 'Quad' to radio amateurs) 
connected to a germanium diode and a hyper-bright LED. The loop can be made of copper wire, thin sheet metal 
or a track on a pcb. The diodes need to be wired correctly. I think the germanium diode is needed as the LED 
probably has too great a self-capacitance to perform at the very high AC frequencies generated by the phone (ca. 
900 or 1800 Hz) but will work well with the DC pulses from the germanium diode (which has a very small 
capacitance). 


To show the mobile generates radio waves put the mobile near to the loop and dial a number (use a free phone 
number, e.g. your voice mail) or text. The radio waves will induce a voltage into the loop, large enough to light 
the LED. The LED will flash indicating the digital data being sent by the mobile phone transmitter. You may 
need to set your phone to 'GSM 900/1800' rather than the '3G' network in the settings menu. 


parts: 
germanium diode: Maplin Electronics: QH71N or Rapid Electronics: 47-3114 
LED: Maplin Electronics: UF72P or Rapid Electronics: 55-0085 





A very simple connector block version and a circular 1 wavelength loop 
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electron beam is at a low current to give a small 
enough cross-section to only excite one color and 
thus has limited application. 

Another application of the monochrome is the 
projection CRT system. Here, three tubes for red, 
green, and blue are used to project an image on a 
viewing screen. The terminology is such that, when 
the CRTs are in the back of the screen and the viewer 
in front of the screen, it is called a ‘rear’ projection set 
and if the CRTs and the viewer are in front of the 
screen it is a ‘front’ projection set. The principle here 
is that, either using one CRT tube at a time or by a 
superposition two or three of the CRTs, the color of 
the displayed image will be within the color gamut 
defined by the primary colors. 


The Color CRT 


The more ubiquitous method of obtaining a color 
display is the device called the shadow mask CRT 
(and the similar Trinitron CRT). This color CRT is 
designed in such a manner that through the use of 
an aperture mask, (seen in Figure 1) the electrons 
from the red electron gun strike the red phosphor 
and likewise electrons from the green and blue 
electron guns strike the green and blue phosphors. 
The combination allows the viewer to see a color 
image. This color separation action is seen in 
Figure 2. Although Figure 2 shows a delta tri-color 
design, there are also in-line systems in which the 
mask consists of an array of slots which are 
somewhat rectangular in nature. In this array, 
many slots can be on a line, or a mask made can 


One triad of phospher 
screen shown 









Red gun 


Green gun 


Blue gun 


Where: lo, ‘y= red, 


green and blue gun 
currents 


Figure 2. The action of a shadow mask. 


One aperture 
shown 


be made of a series of wires as used in the 
Trinitron design. 

The disadvantage of the shadow mask technique 
is that the mask can capture as much as 80% of 
the electrons from the electron guns. This yields 
lower screen luminance and lower contrast due to 
scattered electrons. As the screen size gets larger 
from 19 inches to 36 inches or more, additional 
temperature compensation methods must be used 
to reduce the effects of mask heating. A number of 
methods to control the shift of the electron beam 
on the phosphor as the mask heats up have been 
developed. Initially, axially positioned bimetal 
springs were used on masks to compensate for 
the heating effect. Then lighter masks were used 
with corner lock suspension systems. Another 
method is using mask materials with lower 
coefficients of expansion such as INVAR. 

Contrast in color CRTs has been improved by 
first applying a carbon coating between the panel 
glass and the phosphor screen. This requires 
additional process steps which form ‘windows’ in 
the carbon coating (matrix) through which the 
excited phosphor is seen. The use of pigmented 
phosphors also helped to reduce the reflectivity of 
the phosphor/matrix screen. 

The phosphors used in the shadow mask color CRT 
are the red Y,O.S:Eu or, in some cases, the Y,O3:Eu 
phosphor. The green phosphor is ZnS:Cu and the blue 
phosphor is ZnS:Ag. 

The CRT seen in Figure 3 shows the new high- 
definition television-type (HDTV) tube with the 
16 x9 aspect ratio as contrasted with the older 
4 x 3 aspect ratio (screen width x height). 
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Figure 3 Atypical HDTV color CRT. Reproduced from Donofrio 
RL (2002) The future of direct-view CRTs. S/D Information Display 
Magazine 6: 10. Permission for reprint courtesy of the Society for 
Information Display. 


The Vacuum Fluorescent Display (VFD) 


The VFD can be thought of as a low-voltage CRT. Just 
as in the CRT, electrons from a cathode are controlled 
by a grid which allows them to be accelerated and 
strike the phosphor screen anode. However, the 
electrons in a CRT can be accelerated with a voltage 
of 30 000 V, whereas the VFD accelerates the elec- 
trons with voltages of 12 to 40 V. 

In the operation of the VFD, electrons are emitted 
by the filament. The filament is a very thin tungsten 
wire coated with a tri-carbonate oxide (barium, 
strontium, and calcium carbonates) which are the 
same constituents of the CRT oxide cathode. The 
filament is held between a filament support and an 
anchor which applies tension to the filament wire. A 
current is passed through the filament to achieve 
a temperature to ~600°C. At that temperature, 
thermonic emission occurs. Between the filament 
and the phosphor elements is a stainless steel mesh 
grid. By the application of a positive or negative 
voltage on this grid, electrons can either be cut off or 
accelerated to the phosphor on the anode. The anode 
can be a conductor such as graphite, coated with a 
phosphor layer such as ZnO:Zn (zinc oxide). This is 
a low-voltage cathodoluminescent phosphor which 
emits a green color with an emission maxima of about 
505 nm. Other phosphors are also used to obtain red, 
orange, and blue (Figure 4). 

In addition to the filament, grid and anode, the VFD 
is a vacuum device (like the CRT) and contains a 
getter to assist achieving and maintaining a good 
vacuum and an internal transparent conductive coat- 
ing to protect the display from external electrostatic 
fields. The VFD display is used frequently in the auto 
industry and aging of the phosphor is very small, 
achieving 100 000 hrs to half of the initial luminance. 
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Figure 4 The cross-section of a vacuum fluorescent display 
assembly. 


VFD units have been made with phosphor elements 
on either side of the filament. This gives rise to a 3D 
effect. Graphic and fixed segment VFDs have been 
made for multimedia products and 16 x 16 graphics 
for Kanji and other characters. 

Experimentally, 2D VFD arrays have been made 
similar to the FEDs covered in the next section. 


Field Emissive Displays (FEDs) 


The FED is similar to the CRT and the VFD in that 
electrons from a source bombard a phosphor screen. 
In both the CRT and the VFD thermionic electrons 
are used. However, in the FED the electrons arise 
from field emission. Field emission devices create 
electrons though quantum mechanical tunneling from 
the emitter surface into the vacuum by the action 
of a large electrical field. This process is governed by 
the Fowler—Nordheim equation. This equation takes 
the form: 


J = A(BV)’/® exp(—B®?”/BV) [6] 


where, J is the electron current density; V is the 
applied voltage; ® is the work function of the 
emitting tip; A & B are constants; and £B is the field 
enhancement factor. 

The emitters can be of the Molybdenum Spindt 
type and also the polydiamond or diamond-like 
carbon (DLC) coated emitters. We have the field 
enhancement with a sharp tip and reduced work 
function with the DLC. There has been renewed 
interest in FEDs, with the development of the ‘carbon 
nanotube’ as an electron field emitting source. The 
carbon nanotube is a fullerene material, which is a 
distinct form of carbon. This ‘bucky ball’-like 
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Figure 5 Field emission display cross-section. Reproduced 
from Green P and Haven D (1998) Fundamentals of emissive 
displays. SID Short Course S-3. Permission for reprint courtesy of 
the Society for Information Display. 


material is cylindrical instead of spherical in nature, 
has great strength, and high conductivity. 

There are two types of FEDs, a low-voltage 
(LVFED) and a high-voltage (HVFED). The HVFED 
uses an aluminum film over the phosphor to protect 
the phosphor screen from aging. The HVFED can use 
the high voltage (2-10 KV) electrons to bombard the 
aluminized screen and it can use the more efficient, 
somewhat standard CRT phosphors ZnS:Cu green, 
ZnS:Ag Blue, and Y.03:Eu red. The LVFED (12- 
200 V) cannot use the standard CRT phosphors but 
uses the low-voltage phosphor such as the ZnO:Zn 
green phosphor. This does not use an aluminum layer, 
since about 2 KV is needed to penetrate the Al layer. 
The commonly used CRT red phosphor Y,0,S:Eu 
was found unsuitable for HVFED use due to release 
of the sulfur during electron bombardment. 

Figure 5 shows that for this basic FED structure, 
the electrons from the Spindt emitter are controlled 
by the voltages of the anode, control electrode and 
emitter electrode. 


Plasma Displays 


Earlier plasma displays, made using excited Ne gas 
with the characteristic amber glow required no 
phosphor and were used in the printing industry. 
Present plasma displays used for television and 
information signs are photoluminescent displays. As 
shown in Figure 6, the excitation of the plasma gas 
made of elements such as He, Ne, Ar, and Xe give rise 
to a glow discharge and the creation of vacuum 
ultraviolet photons that strike the screen and cause it 
to luminesce. In construction, the display is similar to 
the FED in that it is a matrix addressed device. It has 
been described in literature that the similarity goes 
even further with the need for anode and cathode 
surfaces, a means of evacuating and a perimeter seal. 
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Figure 6 ACPDP partial cross-section view. Reproduced from 
Green P and Haven D (1998) Fundamentals of emissive displays. 
SID Short Course S-3. Permission for reprint courtesy of the 
Society for Information Display. 


There are two types of plasma displays, DC and AC. 
The AC design appears to be the more successful. 
Typical PDP phosphors for the triad are (Y,Gd)BO3: 
Eu for the red, Zn2SiO4:Mn for the green, and 
BaMgAlI,90 47:Eu (called BAM for short) for the blue. 
Figure 6 below shows the basic structure of an AC 
plasma display. One phosphor element is shown with 
barrier ribs and address and scan electrodes. The dis- 
charge of the plasma takes place in the region of the 
phosphor and excites the photoluminescent phos- 
phor, which is shaped (in this example) along the side 
of the barrier ribs and over the address electrode. 


Electroluminescence 


Electroluminescence was first seen in the 1930s by 
Destriau. EL is the generation of (nonthermal) light 
by use of an electric field. High electric field EL units 
emit light through the impact of high energy electrons 
in luminescent centers in a semi-conducting material. 
The electric field can be alternating current (AC) or 
direct current (DC). Powder phosphor AC EL dis- 
plays appear to be one of the successful inorganic EL 
display methods. Because of their rugged nature, 
alternating current electroluminescence ACEL dis- 
plays have been used in trucks, tractors and the M1 
Abrams Tank. Thick-film EL panels are also used in 
some vehicle displays as back lights for LCDs. These 
light panels are free from mercury and are more 
environmentally friendly. 


Inorganic LED Displays 


Light-emitting diodes are being used as backlights for 
LCD displays, replacing some of the fluorescent light 
backlighting methods. They are also used in indicator 
lights. Large displays have been made of LEDs. 
Using a matrix array row and column connectors, 
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we can digitally select a given color LED and pattern 
in an LED array and generate a color image. Similar 
methods were carried out many years ago using 
incandescent lights. However, now they are bright 
and fast reacting. LEDs operate by semiconductor 
P-N junction rules and the flow of electrons and 
holes under forward bias operation give rise to 
junction light emission. Materials such as GaP:Zn,O 
are used to create a red LED with an emission 
maxima wavelength of 699 nm. 

Red, green, and blue-UV/blue LEDs are now 
available, with an increasing demand for white 
LEDs. Two methods are used to produce a white 
LED. One method is to use a blue LED with the front 
of the LED coated with a green photoluminescent 
phosphor. If the phosphor is thin enough, the blue 
light penetrates the screen and excites the green to 
give a blue/green white. Another method is to use a 
blue LED and coat it with a white photoluminescent 
phosphor. 


Organic LEDs 


The basic process of light generation in OLEDs is the 
formation of a P-N junction. Electrons injected 
from the N-type material and holes from the P-type 
material recombine at the junction and light is 
generated. There are presently two competing 
methods to fabricate an OLED. The first developed 
by Kodak in 1987 is the small molecule molecular 
weight material approach. In OLED operation, the 
electron hole pair recombine to form excitons (on 
the average one singlet and three triplet excitons are 
formed for every four electron hole pairs). The light 
for the Kodak OLED is from the recombination of 
singlet excitons and the energy transferred to the 
fluorescent dye. The terminology is such that we 
have small molecule-OLEDs (sm-OLEDs) and poly- 
mer-OLED (PLED). In later developments, the sm- 
OLED device structure was reported to have three 
layers. The first is the hole transport layer (hole 
transport) enhancing layer copper phthalocyanine 
(CuPc), a layer NPB (60 nm), the light emitting 
aluminum  tris-8-hydroxyquinolate Alq_ layer 
(75 nm), and electron transport layer. The electron 
transport layer is in contact with the three layer 
structure. The top electrode is a low work function 
material, such as MgAg (75-200 nm thick) called an 
electron injection layer and topped with a transpar- 
ent indium tin oxide (ITO) layer for transparent 
OLEDS. All of these coatings are applied in a 
vacuum chamber. 

In the phosphorescent material method, the light 
emission is from the triplet excitons through the use 
of phosphorescent dyes and the polymer-based 


devices. The common base material is a poly- 
phenylene-vinylene PPV and other polymers such as 
polyfluorene have been used. The construction of the 
phosphorescent OLED is similar in that the ITO is 
also used as a starting substrate but the hole transport 
layer is applied by spin casting from solution. Spin 
casting is also used for the electron transfer material. 
After drying (removal of solvents) a calcium cathode 
material is applied. A contrast of 3000/1 has been 
achieved (for a military type application) using a 
green OLED with an AR coated circular polarizer 
and at an ambient light level of 500 lux, and a 6/1 
contrast ratio has been achieved with an ambient 
illumination of 50 000lux and an output of 
370 cd/m. Additionally, OLEDs can be made on 
flexible (F) substrates and are called FOLEDs. The use 
of a transparent (T) cathode gives rise to a top 
emission OLED or a TOLED. 

The first OLED display used in auto products was 
developed by Pioneer and used in a radio display and 
the Ford Motor Company has shown a White OLED 
display in one of their ‘Concept Cars’. This display 
allows them to have a reconfigurable instrument 
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Figure 7 OLED partial cross-section — Kodak type. Repro- 
duced from Green P and Haven D (1998) Fundamentals of 
emissive displays. SID Short Course S-3. Permission for reprint 
courtesy of the Society for Information Display. 





Figure 8 Philips poled display in an auto mirror. Reproduced 
with permission of Philips Mobile Display Systems. 
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panel (IP) and is made up of a number of 5 inch x 
8 inch displays across the instrument panel (Figure 7). 

The POLED as seen in Figure 8 is now being used 
by Philips Mobile Systems in a rear view car mirror, as 
seen below. It is the display from a video camera 
looking at the rear of a car to see any obstacles to 
backing up safely. 


Thin Film EL (TFEL) Displays 


A simple type of TFEL display is the color by white 
structure shown below. In this case, the color is 
generated using a white phosphor and red, green, and 
blue optical filters. To make this ACEL display 
function properly, insulators are used on either side 
of the phosphor. In Figure 9, the ITO conducting 
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Figure 9 Color thin film electroluminescent display (TFEL) 
cross-section. Reproduced from Dakkala A (1998) New EL 
displays for vehicular applications. In: Donofrio RL and Musa S 
(eds) Flat Panel and Vehicle Display ‘98. Permission for reprint 
courtesy of the Society for Information Display. 
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stripes (depicted) horizontally on the top and 
vertically on the bottom, give the means of addressing 
each color pixel. The white phosphor, for example, is 
a ZnS:Mn, SrS:Ce blend which gives a white 
electroluminescence. 

Other phosphors such as ZnS:Mn can be used but 
its yellow luminescence requires the use of a green 
and red filter and only two metal electrodes on the 
bottom to give a two-color display. Better red green 
color separation can be achieved through the use of a 
Zn,—,.Mg,S:Mn and ZnS:Mn phosphor mix. New EL 
blue phosphor developments have allowed larger 
color gamuts to be achieved. 

One of the important characteristics of the 
alternating current thin-film electroluminescence 
(ACTFEL) is that it has an operating temperature 
range from —40°C to 85°C which is key for 
automotive use. It has a viewing angle of 160 degrees 
with a life of more than 50 000 hours. Active matrix 
(active addressed) AMEL structures allow fast 





Figure 10 AMLCDs used in automobiles. Reproduced from 
Donofrio RL (2003) The road show. SID Information Display 
Magazine 7: 26. Permission for reprint courtesy of the Society for 
Information Display. 
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Figure 11 The operation of a simple liquid crystal display. Reproduced from Lueder E (1997) Fundamentals of passive and active- 
addressed liquid crystal displays. SID Short Course S-1 (1997). Permission for reprint courtesy of the Society for Information Display. 
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response and moving graphic displays. These have 
found application in ‘heads up displays’ (HUD) for 
the military and medical industries and in consumer 
goods such as portable computers, pagers, cell 
phones, and 3D gaming. 


The Active Matrix LCD 


The active matrix liquid crystal display (AMLCD) 
device consists of a series of liquid crystal cells or 
windows whose characteristics can be controlled by 
an applied voltage to pass or restrict the passage of 
light through the windows via the external polarizers 
and the polarizing action of the LCD cells. These 
displays are used in laptop and tabletop computers, 
TVs, and for automotive displays (for driving 
information and entertainment). Figure 10 shows 
some present applications for AMLCDs in the 
automobile. 

When the simple LCD is used without a transistor 
matrix, it is termed a passive display rather than an 
active one. Figure 11 below shows how a simple LCD 
cell operates. 

The action shown in this figure is the twisted 
alignment nature of the liquid crystal material. When 
the polarizer on the left has its high transmission axis 
horizontal and the polarizer on the right of this cell 
has perpendicular alignment then the light from the 
backlight (f) is passed through the crossed polarizers. 
However, when voltage is applied to the cell, the 
liquid crystal is no longer twisted and the crossed 
polarizers prevent the light from going though the cell 
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Figure 12 Typical color LCD filter transmission characteristics. 
Reproduced from Donofrio RL and Abileah A (1998) LCD 
backlighting system — phosphors and colors. In: Donofrio RL and 
Musa S (eds) Flat Panel and Vehicle Display ‘98, p. 123. Per- 
mission for reprint courtesy of the Society for Information Display. 


to the viewer. If the polarizers were not crossed but 
the polarization transmission axis was in the same 
direction in both polarizers, then the opposite effect 
would occur. 

In order to show a color image, the LCD is designed 
to have three or more cells clustered per color pixel. 
The following (Figure 12) is the transmission 
profiles of each of these red, green, and blue filters. 

The backlight used is a fluorescent lamp with a 
white phosphor (made up of red, green, and blue 
photoluminescent phosphors). Figure 13 shows what 
would happen if only the blue phosphor was used and 
also shows the superposition of the mercury lines that 
penetrate the phosphor and contribute to the final 
spectral energy distribution. 


Reflective LCD 


For applications where there is suitable external light 
to view the display, no internal light source is used. 


Blue phosphor 
60.0E-6 
50.0E-6 
40.0E-6 
30.0E-6 


20.0E-6 


Relative intensity 


10.0E-6 


000.0E+0 ; 
250 350 460 550 650 750 850 


Wavelength (nm} 


Figure 13 The relative luminance spectrum of the LCD. 
Backlight blue phosphor showing mercury lines. Reproduced 
from Donofrio RL and Abileah A (1998) LCD backlighting 
system — phosphors and colors. In: Donofrio RL and Musa S 
(eds) Flat Panel and Vehicle Display ‘98, p. 123. Permission for 
reprint courtesy of the Society for Information Display. 
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Figure 14 The action and construction of a reflective LCD. 
Reproduced with permission from Watanabe R and Tomita O 
(2003) Active-Matrix LCDs for Mobile Telephones in Japan. S/D 
Information Display Magazine 7(3): 30—35. Permission for reprint 
courtesy of the Society for Information Display. 
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Figure 15 The action and cross-section of a transflective LCD. 
Reproduced with permission from Watanabe R and Tomita O 
(2003) Active-Matrix LCDs for Mobile Telephones in Japan. S/D 
Information Display Magazine 7(3): 30—35. Permission for reprint 
courtesy of the Society for Information Display. 


This reflective LCD consists of a polarizer and 
retarder plates stacked on the front side of the cell. 
The cell with spacers contains the liquid crystal 
material and on the bottom of the cell is located a 
reflecting surface. It has been found that a dimpled 
reflecting surface makes a diffuse reflecting surface 
(Figure 14). 


Transflective LCD 


The importance of the transflective device is that it 
has better contrast under high ambient illumination 
than the standard transmission back lighted LCD and 
fair contrast for low ambient illumination. 

The construction of this device consists of front and 
rear circular polarizers, back light, reflective 
elements, and novel filters. The back light is in the 
rear of the display. However, like the reflective LCD, 
internal reflectors are used on each pixel. The filters 
are designed spatially to be more transmissive for the 
reflective light than for the back light. Additionally 
the cell gap for the reflective light is smaller then the 
transmitted light region because the reflected light 
passes the cell twice whereas the transmitted light 
passes the cell once. This type of device seen in 
Figure 15, is finding uses in the auto industry and 
where the LCD is needed for both low and high 
ambient light levels. 


Conclusions 


In this brief review of displays we have tried to cover 
many different types of displays. The reader will in 
time find that there are many other variations on the 


displays discussed. The object is to give the reader an 
up-to-date review of the topics involved with displays 
and the various types of display in use today. By its 
nature it is a broad approach. 


See also 


Color and the World. Instrumentation: Photometry. 
Light Emitting Diodes. Materials for Nonlinear Optics: 
Liquid Crystals for NLO. 
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Introduction 


In this article we examine how the process of 
electromagnetically induced transparency (EIT) can 
be used to increase the efficiency of non-linear optical 
frequency mixing schemes. We illustrate the basic 
ideas by concentrating upon the enhancement of 
resonant four-wave mixing schemes in atomic gases. 
To start we introduce the quantum interference 
phenomenon that gives rise to EIT. The calculation 
of EIT effects in a three-level atomic medium using a 
density matrix approach is presented. Next we 
examine the modified susceptibilities that result and 
that can be used to describe nonlinear mixing, and 
show how large enhancements in nonlinear conver- 
sion efficiency can result. Specific examples are briefly 
discussed along with a further discussion of the novel 
aspects of refractive index and pulse propagation 
modifications that result from EIT. The potential 
benefits to nonlinear optics of electromagnetically 
induced transparency are discussed. In an article of 
this nature it is not possible to credit all of the 
important contributions to this field, but we include a 
bibliography for further reading indicating some of 
the seminal contributions. 

Electromagnetically induced transparency is the 
term applied to the process by which an otherwise 
opaque medium can be rendered transparent through 
laser-induced quantum mechanical interference pro- 
cesses. The linear susceptibility is substantially 
modified by EIT. Absorption is cancelled due to des- 
tructive interference between excitation pathways. 
The dispersion of the medium is likewise modified 
such that where there is no absorption the refractive 
index is unity and there can be a large value of 


normal dispersion leading to low values of 
group velocity. In contrast to the linear susceptibility 
the nonlinear susceptibility involving these same 
resonant laser fields will undergo constructive 
rather than destructive interference. This leads to a 
strong enhancement in nonlinear frequency mixing. 
For a normally transparent medium the nonlinear 
optical couplings will be small unless large-ampli- 
tude fields are applied. The most important con- 
sequence of EIT, in contrast to the usual case when 
a medium is transparent, is that the dispersion is 
not vanishing and the nonlinear couplings can be 
very large. 

To understand how this comes about we must 
consider the system illustrated in Figure 1a where 
because of the resonant condition satisfied for the 
applied fields the atom can be simplified to just 
three-levels. The important parameters in this model 
system are that state 12> is metastable and has a 
dipole-allowed coupling to state 13>. The coupling 
between states 11> and |3> is also dipole-allowed 


a> 
|3> 
|b> 
\2> 
|1> |1> 


Figure 1 A three-level atomic system coupled to laser fields in 
the lambda configuration is shown on the left-hand side. In the 
limit of a strong coupling field this is equivalent to the dressed 
states la> and |b> coupled to the ground state by the probe field 
alone as shown on the right-hand side. 
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and as a consequence state 13> can decay radia- 
tively to either 11> or 12>. Let a coupling field be 
applied resonantly to the |2> — 13> transition, 
which may be cw or pulsed but should in the latter 
case be transform-limited. We define the Rabi 
coupling as 053 = bag where E is the laser electric 
field amplitude and p2o3 is the dipole moment of the 
transition. The Rabi frequency needs to be larger 
than the inhomogeneous broadening of the sample. 
A second field, the probe, typically of much lower 
intensity, is then applied in resonance with the 
11> — 13> transition. If the condition 0.3 >> 043 is 
satisfied then it is convenient to replace the bare 
atomic states |2> and |3> with the dressed states 
(see Figure 1b): 


a> = T[2> +13] [1a] 


1 
lb>= Ao) me [1b] 


Transitions from state 11> induced by the probe 
field to this pair of near-resonant dressed states are 
subject to exact cancellation at resonance if |2> is 
perfectly metastable. This is because the only 
contribution to the excitation amplitude comes 
from the matrix elements <1lr-EI3> as the 
11> —|2> transition is dipole forbidden. The 
contributions from the equally detuned states la> 
and |b> thus enter into the overall amplitude with 
opposite signs and equal magnitude as can be seen 
by inspection of eqns [1a] and [1b]. This leads to 
cancellation of the absorption amplitude. This type 
of absorption cancellation is well known and closely 
related to the so-called dark states. 


Theoretical Treatment of EIT ina 
Three-Level Medium 


It was realized by several workers in the 1970s that 
laser-induced interference effects could lead to a 
cancellation of absorption at certain frequencies. To 
gain a more quantitative understanding of the effects 
of the coupling field upon the optical properties of a 
dense ensemble of three-level atoms we require a 
treatment that computes the optical susceptibility of 
the medium. A treatment originally carried out by 
Harris et al. for a A scheme similar to that illustrated 
in Figure 1 was the first to derive the modified 
susceptibilities that will be discussed below. In that 
treatment the state amplitudes in the three-level 
atom were solved in the steady-state limit and 
from these the linear and nonlinear susceptibilities 
(see below) are then derived. In what follows we 


adopt a density matrix treatment as employed by 
various workers. This readily allows the inclusion of 
dephasing as well as population decay terms. The 
critical parameters in this system are the strengths of 
the fields (described in terms of the Rabi couplings), 
the detuning of the fields from resonance Aw 3 = 
@13 — Wp and Aa>3 = 023 — WC (see Figure 2), the 
radiative decays from |3> to 11> and |2>, y, and yg 
and from |2>-l1>y, (although the latter is 
anticipated to be smaller). Extension to other 
configurations of the three states, such as a V or 
ladder scheme is implicit within this general 
treatment. 

Figure 2 illustrates the system considered. This 
treatment will also address the nonlinear response 
in a four-wave mixing scheme completed by the 
two-photon resonant coupling applied between state 
11> and |2>. 

We write the interaction Hamiltonian as: 


H=H)+V [2] 


|3> 


Yq 





|1> 


Figure 2 A four-wave mixing scheme incorporating the 
three-level lambda system in which electromagnetically induced 
transparency has been created for the generated field wy by 
the coupling field w.. The decay rates y from the three atomic 
levels are also shown. For a full explanation of this system 
see text. 
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where Ho is the unperturbed Hamiltonian of the 
system and is written as 


Ho = ha,l1)(11 + ha, !2)(21 + hw3/3)(3! [3] 


and V is the interaction Hamiltonian and can be 
expressed 


V = AQ, 1"12)(11 + AOE *12)(31 
+ AQge 1311 + ccc [4] 


Note that the Rabi frequencies in the equation can be 
described as A0;; = j;lE(w;;)|, where uw. is the dipole 
moment of the transition between states li> and |j>, 
the Rabi frequency 0, is a two-photon Rabi 
frequency that characterizes the coupling between 
the laser field a and the atom for this two-photon 
transition. We have assumed for simplicity that 
W, = Wy = 42/2. 

Assuming all the fields lie close to the resonance, 
the rotating wave approximation can be applied to 
the interaction picture and the interaction Hamil- 
tonian V’ is given as 


V! = AQ,e*"12)(11 + HOE!" 12)(31 
+ AQge™"13)(11 + c.c [5] 


where A,, A, and Ag refer the detunings of the fields 
and can be written as: 


A, = W112 = 2, 
A. = 032 — We [6] 


Ag = @13 — 


For the evaluation of the density matrix with this 
interaction V‘, the Schrodinger equation can be 
restated in terms of the density matrix components. 
This form is called the Liouville equation and can be 
written as: 


A oj(t) = 1S Haley) +1 oH al +1; 
k k 
(71 


where I; represents phenomenologically added decay 
terms (i.e. spontaneous decays, collisional broad- 
ening, etc.). This formalism leads to a set of nine 
differential equations for nine different density matrix 
elements that describe the three-level system. 

To remove the optical frequency oscillations, a 
coordinate transform is needed and to incorporate 
the relevant oscillatory detuning terms into the 


off-diagonal elements we make the substitution: 


~ —iA,t 

C12 = @12€ 

~ —iA.t 

023 = 023€ [8] 
mie as —iAgt 

031 = @31e “* 


This operation conveniently eliminates the time 
dependencies in the rate equations and the equations 
of motion for the density matrix are given by: 
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Using the set of equations above and the relation 6 = 
@;, we obtain equations for 61), 632, and 6,3. For the 
incoherent population relaxation the decays can be 


written: 























P11 = Ya@22 + YaO33 
Po = — Yar + Vc33 [10] 
P33 = —(¥e + ¥4)@33 
and for the coherence damping: 

1 col 

1, 5) [Ya + Yel + ¥21 6221 
1 co. 

Tag 5 [Ya + Ye + Ya] 4 ‘len [11] 
1 col 

3; 5) [¥a + Ye] + ¥31 6231 


where yi represents collisional dephasing terms 
which may be present. 
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This system of equations can be solved by various 
analytical or numerical methods to give the individual 
density matrix elements. Analytical solutions are 
possible if we can assume for instance that 0, >> Q,, 
Q4 and that there are continuous-wave fields so a 
steady-state treatment is valid. For pulsed fields or in 
the case where the generated field may be significant 
numerical solutions are in general required. 

We are specifically interested in the optical 
response to a probe field at wg (close to resonance 
with the 11> —|3> transition) that is governed by the 
magnitude of the coherence @13. We find @;3 making 
the assumption that only the coupling field is strong, 
ie., that O, >> 0,,0,4 holds. From this quantity the 
macroscopic polarization is obtained from which the 
susceptibility can be computed. The macroscopic 
polarization P at the transition frequency w,3 can be 
related to the microscopic coherence @13 via the 
expression: 


Py3 = Npi3213 [12] 
where N is the number of equivalent atoms in the 
ground state within the medium, and 1,3 is the dipole 
matrix element associated with the transition. In this 
way real and imaginary parts of the linear suscepti- 
bility y at frequency @ can be directly related to @13 
via the macroscopic polarization since the latter can 


be defined as: 


P13(@) = e9X(w)E [13] 
where E is the electric field amplitude at frequency wg. 
The linear susceptibility (real and imaginary parts) is 
given by the following expressions: 














Reyf—og.0y)= HON 
“| —4Ap1(I1O5|" — 491 A532) + 4Aa1y2 | 
4A31Ao1— Yaa —|O2!?)? +4 (yaar + Yass)? 
[14] 
Imy-o4.0)= BEEN 
| 8A3, Ya t2ya(lO2!?+ yaa) | 
(4A3,Ao1 — Yaa — Wy!?)?+4( yaar + ¥a431)? 
[15] 


We now consider the additional two-photon resonant 
field w,. This leads to a four-wave mixing process 
that generates a field at wg (i.e., the probe frequency). 
The nonlinear susceptibility that describes the 
coupling of the fields in a four-wave mixing process 


is given by the expression: 


x$(- Wd, W3,W,, We) 
_ 123 bMi3N 
Geof? (Aoi — fYa/2)(A31 —/Yal2) — (10.17/4))* 


1 1 
XD Bi Mi 
2 : : =" @; — Wb 








Nonlinear Optical Processes 


The dependence of the susceptibilities upon the 
detuning is plotted in Figure 3. In this plot the 
effects of inhomogeneous (Doppler) broadening are 
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Figure 3 Electromagnetically induced transparency is shown in 
the case of significant Doppler broadening. The Doppler averaged 
values of the imaginary Im[y‘] and real Re[y] parts of the 
linear susceptibility and the nonlinear susceptibility y © are plotted 
in the three frames. The Doppler width is taken to be 20yq, 
OX. = 1007 and Ya = BOYa, Ve = O.- 
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also incorporated by computing the susceptibilities 
over the inhomogeneous profile (see below for 
more details). 

By inspection of eqn [14] we see that the 
absorptive loss at the minimum of Im[y'’] varies 
as y,/Q2. This dependence is a consequence of the 
interference discussed above. In the absence of 
interference (i.e., just simply Autler—Townes split- 
ting) the minimum loss would vary as y,/02. Since 
13> — 11> is an allowed decay channel (in contrast 
to 12> — |1>) it follows that y, >> y, and so the 
absorption is much less as a consequence of EIT. 
Re[y)] in eqn [15] and Figure 3 is also modified 
significantly. The resonant value of refractive index 
is equal to the vacuum value where the absorption is 
a minimum, the dispersion is normal in this region 
with a gradient determined by the strength of the 
coupling laser, a point we will return to shortly. For 
an unmodified system the refractive index is also 
unity at resonance but in that case there is high 
absorption and steep anomalous absorption. 
Reduced group velocities result from the steep 
normal dispersion that accompanies EIT. Inspection 
of the expression [16] and Figure 3 shows that y °) is 
also modified by the coupling field. The nonlinear 
susceptibility depends upon 1/2 as is expected for a 
laser dressed system, however in this case there is not 
destructive but rather constructive interference, 
between the field-split components. This result is of 
great importance: it ensures that the absorption can 
be minimized at frequencies where the nonlinear 
absorption remains large. 

As a consequence of constructive interference the 
nonlinear susceptibility remains resonantly enhanced 
whilst the linear susceptibility vanishes or becomes 
very small at resonance due to destructive inter- 
ference. Large nonlinearity accompanying vanishing 
absorption (transparency) of course match con- 
ditions for efficient frequency mixing as a large 
atomic density can then be used. Moreover the 
dispersion (controlling the refractive index) also 
vanishes at resonance; this leads to perfect phase 
matching (i.e., zero wavevector mismatch between 
the fields) in the limit of a simple three-level system. 
As a result of these features a large enhancement of 
the conversion efficiency in this type of scheme can 
be achieved. 

To compute the generated field strength Maxwell’s 
equations must be solved using these expression for 
the susceptibility to describe the absorption, refrac- 
tion, and nonlinear coupling in the medium. We will 
treat this within the slowly varying envelope approxi- 
mation since the fields are cw or nanosecond pulses. 
To be specific we assume that the susceptibilities are 
time independent, i.e., that we are in the steady-state 


(cw) limit. We make the assumptions also that there is 
no pump field absorption and that we have plane 
waves. Under these assumptions the generated field 
amplitude Ag is given in terms of the other field 
amplitudes A; by: 


0 -@d (3) 424 ,—iAkyz _ d 1 
—Ayai— yy AcA & — Im? JA 
az d 1 4c x afhc& Qe m[X ] d 
+itRely IA, [16] 
2c 
where the wavevector mismatch is given by: 
Akg=kgt+tk. — 2k, [17] 


The wavevector mismatch will be zero on resonance 
for the three-level atom considered in this treatment. 
In fact the contribution to the refraction from all 
the other atomic levels must be taken into account 
whilst computing Akg and it is implicit that these 
make a finite contribution to the wavevector 
mismatch. 

We can solve this first-order differential equation 
with the boundary condition Ag(z = 0) = 0 to find 
the generated intensity I(w,) after a length z: 


3nw; 
1(@g)=——4 | PIA, 4 1A? 
(a) 8Z yc x a c 
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where Zo is the impedance of free space. This 
expression is quantitatively correct for the case of 
the assumptions made. More generally the qualitative 
predictions and general scaling remain valid in the 
limit where the pulse duration is significantly longer 
than the time required to traverse the medium. Note 
that both real and imaginary parts of x‘) and y'?? 
play an important role, as we would expect for 
resonant frequency mixing. The influence of that part 
of the medium refraction which is due to other levels 
is contained in the terms with Ak. In the case of a 
completely transparent medium this becomes a major 
limit to the conversion efficiency. 


Propagation and Wave-Mixing in 
a Doppler Broadened Medium 
Doppler shifts arising from the Maxwellian velocity 


distribution of the atoms in the medium lead to 
a corresponding distribution in the detunings for 
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the various members of the atomic ensemble. 
The response of the medium, as characterized by the 
susceptibilities, must therefore include the Doppler 
effect by performing a weighted sum over possible 
detunings. The weighting is determined by the 
Gaussian form of the Maxwellian velocity distri- 
bution. From this operation the effective values of 
the susceptibilities at a given frequency are obtained, 
and these quantities can be used to calculate the 
generated field. This step is of considerable practical 
importance as in most up-conversion schemes it is 
not possible to achieve Doppler-free geometries 
and the use of laser cooled atoms, although in 
principle possible, limits the atomic density that 
can be employed. The interference effects persist 
in the dressed profiles providing the coupling 
laser Rabi frequency is comparable to or larger than 
the inhomogeneous width. This is because the 
Doppler profile follows a Gaussian distribution 
which falls off much faster in the wings of the profile 
than the Lorentzian profile due to the natural 
broadening. 

In the case considered with weak probe field, 
excited state populations and coherences remain 
small. The two-photon transition need not be 
strongly driven (i.e., a small two-photon Rabi 
frequency can be used) but a strong coupling laser is 
required. The coupling laser must be intense enough 
that its Rabi frequency is comparable to or exceeds 
the inhomogenous widths in the system (i.e., Doppler 
width), and a laser intensity of above 1 MW cm 7? is 
required for a typical transition. This is trivially 
achieved even for unfocused pulsed lasers, but does 
present a serious limit to cw lasers unless a specific 
Doppler-free configuration is employed. The latter is 
not normally suitable for a frequency up-conversion 
scheme if a significant up-conversion factor is requi- 
red, e.g., to the vacuum ultraviolet (VUV); however 
recent experiments report significant progress in cw 
frequency up-conversion using EIT and likewise a 
number of other possibilities, e.g., laser-cooled atoms 
and standing-wave fields, have been proposed. 

A transform-limited single-mode laser pulse is 
essential for the coupling laser field since a multimode 
field will cause an additional dephasing effect on the 
coherence, resulting in a deterioration of the quality 
of the interference. In contrast, whilst it is advan- 
tageous for the field driving the two-photon transition 
to be single mode (in order to achieve optimal 
temporal and spectral overlap with the EIT hole 
induced by the dressing laser), this is not essential 
since this field does not need to drive the coherence 
responsible for interference. 

When a pulsed laser field is used additional issues 
must be considered. The group velocity is modified 


for pulses propagating in the EIT large reductions, 
e.g., by factors down to <c/100, in the group velocity 
have been observed. Another consideration beyond 
that found in the simple steady-state case is that the 
medium can only become transparent if the pulse 
contains enough energy to dress all the atoms in the 
interaction volume. The minimum pulse energy to 
prepare a transparency is: 


= 13 Nhe 


Porepatation 
fa3 


[18] 


where fj; are the oscillator strengths of the transitions 
and NL the product of the density and the length. 
Essentially the number of photons in the pulse 
must exceed the number of atoms in the interaction 
volume to ensure all atoms are in the appropriate 
dressed state. This puts additional constraints on the 
laser pulse parameters. 

Up-conversion to the UV and vacuum UV has 
been enhanced by EIT in a number of experiments. 
Only pulsed fields have so far been up-converted to 
the VUV with EIT enhancement. The requirements 
on a minimum value of Q. > Apoppier constrains the 
conversion efficiency that can be achieved because 
the 1/02 factor in eqn [17] ultimately leads to 
diminished values of y'°’. The use of gases of higher 
atomic weight at low temperatures is therefore 
highly desirable in any experiment utilizing EIT for 
enhancement of four-wave mixing to the VUV. 
Conversion efficiencies, defined in terms of the 
pulse energies by Eg/E, or Eg/E, of a few percent 
have been achieved using the EIT enhancement 
technique. It is typically most beneficial to maximize 
the conversion efficiency defined by the first ratio 
since @, is normally in the UV and is the lower 
energy of the two applied pulses. 


Nonlinear Optics with a Pair 
of Strong Coupling Fields 
in Raman Resonance 


An important extension of the EIT concept occurs 
when two strong fields are applied in Raman 
resonance between a pair of states in a three-level 
system. Considering the system illustrated in Figure 1 
we can imagine that both applied fields are now 
strong. Under appropriate adiabatic conditions the 
system evolves to produce the maximum possible 
value for the coherence @17 = 0.5. Adiabatic evol- 
ution into the maximally coherent state is achieved by 
adjusting either the Raman detuning or the pulse 
sequence (counter to-intuitive order). The pair of 
fields may also be in single-photon resonance with a 
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third level, in which case the EIT-like elimination of 
absorption will be important. This situation is 
equivalent to the formation of a darkstate, since 
neither of the two strong fields is absorbed by the 
medium. For sufficiently strong fields the single- 
photon condition need not be satisfied and a 
maximum coherence will still be achieved. 

An additional field applied to the medium can 
participate in sum- or difference-frequency mixing 
with the two Raman resonant fields. The importance 
of the large value of coherence is that it is the source 
polarization that drives the new fields generated in the 
frequency mixing process. Complete conversion can 
occur over a short distance that greatly alleviates the 
constraints usually set by phase-matching in non- 
linear optics. Recently near unity conversion efficien- 
cies to the far-UV were reported in an atomic lead 
system where maximum coherence had been created. 
In a molecular medium large coherence between 
vibrational or rotational levels has also been achieved 
using adiabatic pulse pairs. Efficient multi-order 
Raman sideband generation has been observed to 
occur. This latter observation may lead the way to 
synthesizing very short duration light pulses since the 
broadband Raman sideband spectrum has been 
proved to be phase-locked. 


Pulse Propagation and 
Nonlinear Optics for Weak 
CW Fields 


In a Doppler-free medium a new regime can be 
accessed. This is shown in Figure 4 where the 
possibility now arises of extremely narrow transpar- 
ency dips since very small values of Q. are now 
sufficient to induce EIT. The widths of these features 
are typically subnatural and are therefore 
accompanied by very steep normal dispersion, which 
corresponds to a much reduced group velocity. The 
ultraslow propagation of pulses is one of the most 
dramatic manifestations of EIT in this regime. 
Nonlinear susceptibilities are now very large as there 
is constructive interference controlling the value and 
the splitting of the two states is negligible compared to 
their natural width. Nonlinear optics at very low light 
levels, i.e., at the few-photon limit, is possible in this 
regime. 

Propagation of pulses is significantly modified in 
the presence of EIT. Figure 4 shows the changes to 
Re[y”)] that arise. Within the transparency dip there 
exists a region of steep normal dispersion. In the 
vicinity of resonance this is almost linear and it 
becomes reasonable to consider the leading term only 
that describes the group velocity. An analysis of the 
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Figure 4 Electromagnetically induced transparency is shown 
in the case where there is no significant Doppler broadening. 
The values of the imaginary Im[y'] and real Re[y‘”] parts of 
the linear susceptibility and the nonlinear susceptibility y © 
are plotted in the three frames. We take 0,=yq/5 and 
Ya = 50 Ya, Ve = O. 


refractive changes has been provided by Harris who 
expanded the susceptibilities (both real and imagin- 
ary parts) of the dressed atom around the resonance 
frequency to determine various terms in Re[y’]. 
The first term of the series (zero order) 
Re[y'"’](@13) = 0 corresponds to the vanishing dis- 
persion at resonance. The next term d[Rex ")](w)/aw 
gives the slope of the dispersion curve; at 13 this 
takes the value: 


dReX?(w13) _ |wazl7N4(O2 — y2) 
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The slope of the dispersion profile leads to a reduced 
group velocity vz: 


1 a ay) 


Cc A dw 





[20] 


From the expression for 0/0 we see that this slope 
is steepest (and so vg mimimum) in the case where 
O, > Tz and 02 > TT; but is still small compared 
to [3 (i.e., Ac <3) and hence dx/dw « 1/02. In the 
limit of small ©. the following expression for v, 
therefore holds: 


hcey|O.)° 
p22 [21] 
2a! uy! N 


Extremely low group velocities, down to a few meters 
per second, are achieved in this limit using excitation 
of the hyperfine split ground states in either laser 
cooled atomic samples or Doppler-free configurations 
in finite temperature samples. Recently similar light 
slowing has been observed in solids. Storage of the 
optical pulse within the medium has also been 
achieved by adiabatically switching off the coupling 
field and thus trapping the optical excitation as an 
excitation within the hyperfine ground states for 
which the storage time can be very long (>1 ms) due 
to very low dephasing rates. Since the storage 
scenario should be valid even for single photons 
this process has attracted considerable attention 
recently as a means to enable quantum information 
storage. 

Extremely low values of 0, are sufficient to induce 
complete transparency (albeit in a very narrow dip) 
and at this location the nonlinear response is 
resonantly enhanced. Very high efficiency nonlinear 
frequency mixing and phase conjugation at low light 
levels have been reported under these conditions. It 
is expected that high-efficiency nonlinear optical 
processes will persist to ultralow intensities (the 
few photon level) in an EIT medium of this type. 

One example of highly enhanced nonlinear inter- 
actions is the predicted large values of the Kerr type 
nonlinearity (nonlinear refractive index). The origin 
of this can be seen by considering the steep 
dispersion profile in the region of the transparency 
dip in Figure 4. Imagine that we apply an additional 
field w;, perhaps a very weak one, at a frequency 
close to resonance between state 12> and a fourth 
level 14>. The ac Stark shift caused by this new field 
to the other three level, although small, will have a 
dramatic effect upon the value of the refractive index 
because of the extreme steepness of the dispersion 
profile. Essentially even a very small shift of the 


resonant wavelength causes a large change in the 
refractive index for a field applied close to this 
frequency. It is predicted that strong cross-phase 
modulations will be created in this process between 
the fields ws and wg, even in the quantum limit for 
these fields. This is predicted to lead to improved 
schemes for quantum nondemolition measurements 
of photons through the measurement of the phase- 
shifts they induce (through cross-phase modulation) 
on another quantum field. This type of measurement 
has direct application in quantum information 
processing. 


See also 


Nonlinear Optics, Applications: Phase Matching; 
Raman Lasers. Scattering: Raman Scattering. 
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Introduction 


Lidars developed for the measurement of atmos- 
pheric winds make use of the Doppler effect, in 
which radiation scattered or emitted from a moving 
object is shifted in frequency as a result of the 
movement of the particles. Atmospheric Doppler 
lidars irradiate a volume of atmosphere with a pulse 
of very narrowband, laser-produced radiation, then 
detect the change in frequency of the radiation 
backscattered from atmospheric aerosol particles or 
molecules present in the volume. Although Doppler 
lidars are conceptually similar to Doppler weather 
radars, lidar wavelengths are 3-4 orders of magni- 
tude shorter than radar wavelengths, producing 
some important differences in propagation and 
scattering characteristics. Radiation at wavelengths 
in the optical region of the spectrum is efficiently 
scattered by aerosols and molecules, therefore 
Doppler lidars, unlike commonly used Doppler 
weather radars, do not require the presence of 
hydrometeors or insects to obtain useful results. 
Also, optical radiation can be tightly collimated, 
virtually eliminating effects of ground clutter and 
enabling lidar probing of small volumes to within a 
few meters of terrain or structures. 

The primary disadvantage of lidar techniques is the 
severe attenuation of the optical radiation by cloud 
water droplets and fog. Doppler lidars do not 
typically probe beyond the edge of most atmospheric 
clouds — the one exception being tenuous ice clouds 
such as cirrus, which often are characterized by low 
optical extinction and high backscatter, making them 
excellent lidar targets. Doppler lidars also do not have 
the extended range, which can exceed 100 km, 


available from contemporary meteorological radars 
when scatterers are present. 

In clear air, however, the characteristics and 
capabilities of Doppler lidar are well suited for 
obtaining detailed wind and turbulence observations 
for a wide variety of applications. Lidar beams can be 
easily scanned to characterize motions within very 
confined three-dimensional spaces such as shallow 
atmospheric boundary layers, narrow canyons, and 
turbulent structures. The relative compactness of 
Doppler lidars makes deployment on aircraft or other 
moving platforms extremely viable, and a Doppler 
lidar deployed on a satellite has been proposed as a 
way to obtain global measurements of atmospheric 
wind fields. By scanning a lidar beam from an 
orbiting satellite and analyzing the returns back- 
scattered from clouds, aerosols, and molecules, a 
satellite-based instrument could provide important 
wind information for numerical forecast models. 


Doppler Lidar Fundamentals 


Backscattered Light 


As laser light propagates through the atmosphere, 
some of the incident energy is scattered by the 
atmospheric molecules and constituents through 
which the light passes. In lidar applications, the light 
backscattered (scattered directly back toward the 
source) is collected and analyzed. The backscattering 
properties of an atmospheric particle depend on its 
refractive index, shape, and size. In the special case 
when the particle is much smaller than the wavelength 
of the incident radiation, as is the case for laser 
radiation scattered by atmospheric molecules, the 
scattering process is characterized as Rayleigh 
scattering. Because, in the Rayleigh scattering regime 
the energy backscattered by a particle increases 
proportionally as the inverse of the fourth power of 
the wavelength, Doppler lidar systems designed for 
molecular scatter operate at short wavelengths. 
Molecular Doppler lidar systems typically operate in 
the visible or ultraviolet spectral regions. 
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Aerosol particles, the other component of the 
atmosphere that scatters laser light, produce Mie 
scattering, which applies when the diameter of the 
scatterers is not orders of magnitude smaller than 
the incident wavelength. Aerosol particles present in 
the atmosphere include dust, soot, smoke, and pollen, 
as well as liquid water and ice. Although for Mie 
scattering the relationship between the power back- 
scattered by an ensemble of aerosol particles and the 
incident wavelength is not simply characterized, most 
studies have shown that the energy backscattered 
increases roughly proportional to the first or second 
power of the inverse of the incident wavelength, 
depending on the characteristics of the scattering 
aerosol particles. In a polluted environment, such as 
in the vicinity of urban areas, an abundance of large 
particles often results in a roughly linear relationship 
between the inverse of the incident wavelength and 
the backscattered energy, while in more pristine 
environments, such as the free troposphere, the 
inverse wavelength/backscatter relationship can 
approach or exceed a square-law relationship. 

The primary objective in Doppler lidar is to 
measure the Doppler frequency shift of the scattered 
radiation introduced by the movements of the 
scattering particles. Figure 1 shows a typical spectrum 
of the radiation collected at the lidar receiver for a 
volume of atmosphere irradiated by a monochro- 
matic laser pulse. Molecular scattering produces 
the broadband distribution in Figure 1, where the 
broadening results from the Doppler shifts of the 
radiation backscattered from molecules moving at 
their thermal velocities. The width of the molecular 
velocity distribution in the atmosphere ranges from 
~ 320 to 350 ms |‘, scaling as the square root of the 
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Figure 1__ Distribution of wind velocities in a lidar return, showing 
Doppler shift resulting from wind-induced translation of the 
scatterers. The ratio of aerosol to molecular signals increases with 
increasing wavelength. 


temperature. In the center of the spectrum is a much 
narrower peak resulting from scattering of the light 
by aerosol particles. Because the thermal velocity of 
the much larger aerosol particles is very low, the 
width of the distribution of the aerosol return is 
determined by the range of velocities of particles 
moved about by small-scale turbulence within the 
scattering volume. This is typically on the order of a 
few ms '. Also shown in Figure 1 is an additional 
broadband distribution, due to scattered solar 
radiation collected at the receiver. If the laser source 
is not monochromatic, the backscattered signal 
spectrum is additionally broadened, with the result- 
ing spectrum being the convolution of the spectrum 
shown in Figure 1 with the spectrum of the laser 
pulse. As seen in the figure, the entire spectrum is 
Doppler-shifted in frequency, relative to the frequ- 
ency of the laser pulse. The object for a Doppler lidar 
system is to measure this shift, given by 6f = 2v,,4/A, 
where v,,q is the component of the mean velocity of 
the particles in the direction of propagation of the 
lidar pulse and A is the laser wavelength. 


Elements of a Doppler Lidar 


Doppler lidar systems can be designed primarily to 
measure winds from aerosol-scattered radiation, 
molecule-scattered radiation, or both. The type of 
system places specific requirements on the primary 
components that comprise a Doppler lidar system. 
A Doppler lidar consists of a laser transmitter to 
produce pulses of energy that irradiate the atmos- 
pheric volume of interest, a receiver which collects the 
backscattered photons and estimates the energy and 
Doppler shift of the return, and a beam pointing 
mechanism for directing the laser beam and receiver 
field of view together in various directions to probe 
different atmospheric volumes. Independent of 
whether the primary scatterers are molecules or 
aerosol particles, the system design criteria for a 
Doppler system are driven by a fundamental relation- 
ship between the error in the estimate of mean 
frequency shift 5f,, the bandwidth of the return f 
(proportional to the distribution of velocities), and 
the number of incident backscattered photons 
detected N as 

Sf x fp/N"” [1] 
Thus, the precision of the velocity estimate is 
improved by increasing the number of detected signal 
photons and/or decreasing the bandwidth of the 
backscattered signal. It is obvious from the equation 
that a significantly greater number of photons are 
required to achieve the same precision in a Doppler 
measurement from a molecular backscattered signal, 
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characterized by higher bandwidth 4, compared to 
the number required to compute velocities from 
aerosol returns. The improved measurement pre- 
cision gained from a narrow bandwidth return also 
indicates that the laser transmitter in a Doppler lidar 
system should be characterized by narrow spectral 
width (considerably narrower than the spectral 
broadening caused by the distribution of velocities), 
and to increase the number of photons detected, 
maximum transmit energy. 

Narrowband, single-frequency pulses are obtained 
by employing a low-power, precisely frequency- 
stabilized master oscillator laser, whose radiation is 
either used to seed a stabilized, higher-energy laser 
cavity (injection seeding) or amplified in one or more 
optical amplifiers (master-oscillator, power amplifier, 
(MOPA)) to produce frequency-stabilized pulses. 

The lidar receiver gathers the backscattered pho- 
tons and extracts the wind velocity as a function of 
the range to the scattering volume. This requires a 
telescope, to gather and focus the scattered radiation, 
and a receiver to detect the scattered radiation and 
determine the Doppler shift. Frequency analysis in a 
Doppler lidar receiver is carried out using one of two 
techniques: coherent detection (also known as hetero- 
dyne detection) or direct detection (alternately 
labeled incoherent detection). The techniques differ 
fundamentally. In a heterodyne receiver, frequency 
analysis is carried out on a digitized time series 
created by mixing laser radiation with the back- 
scattered radiation, while in direct detection lidar an 
interferometer optically analyzes the backscattered 
radiation to produce a light pattern which contains 
the information on the frequency content. 


Coherent (Heterodyne) Doppler Lidar 


Description 


Coherent or heterodyne lidar is implemented by 
optically mixing the backscattered laser light with 
radiation from a stable, continuous-wave, local 
oscillator (LO) laser whose frequency is precisely 
controlled to be a known frequency offset, typically 
on the order of tens of MHz, from that of the laser 
transmitter (Figure 2). The mixing process at the face 
of an optical detector generates, after high pass 
filtering, an electrical signal with amplitude pro- 
portional to amplitude of the backscattered electro- 
magnetic field and frequency equal to the difference 
between the backscattered field frequency and the LO 
laser field frequency. This signal is sampled, and then 
digitally processed to estimate the range-dependent 
mean frequency shift of the backscattered signal, 
from which the radial wind component can be 
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Figure 2 Schematic of coherent detection of backscattered 
radiation. 


derived. A property of coherent lidar is that, because 
of constructive and destructive interference of the 
returns from individual scatterers, single pulse returns 
are characterized by random fluctuations in the 
amplitude and phase of the detected time series and 
Fourier spectrum. Consequently, averaging (some- 
times referred to as accumulation) over multiple 
pulses usually is necessary to produce a sufficiently 
precise estimate of the signal mean frequency 
estimate. Because the phase of the detected time 
series is random within each pulse, averaging must be 
carried out in the power spectrum or autocorrelation 
function domain, rather than on the detected time 
series. 

The optical mixing process in coherent Doppler 
lidar provides both benefits and design challenges. 
Because receiver efficiencies (equivalent fraction of 
incident photons entering the receiver that are 
converted to electrons) are quite high, wind velocities 
can be estimated from very weak backscattered 
signals. Also, signal processing is performed on a 
time series derived from the mixed signal, enabling 
the use of electrical filters to produce a narrow 
receiver bandwidth and effectively eliminating broad- 
band solar background light as a major source of 
noise. As a result, unlike many lidars coherent 
Doppler lidar performance is not degraded under 
daylight conditions. 

The primary limitation of coherent detection 
results from the added photon noise from the local 
oscillator radiation (which is usually much stronger 
than the backscattered radiation). The effect of local 
oscillator photon noise is to define a system noise 
level below which very weak signals cannot be 
practically extracted, even with substantial multiple- 
pulse averaging. In addition, because efficient mixing 
requires phase coherence of the backscattered signal 
field across the detector, coherent lidar performance 
at longer ranges is degraded by strong optical 
turbulence along the path of the laser pulse. These 
adverse effects of turbulence increase for shorter 
wavelength systems. 
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Although measurements at wavelengths near 
1.06 um have been demonstrated, coherent Doppler 
lidar systems used for regular atmospheric probing 
operate in the eye-safe, infrared portion of the 
spectrum at wavelengths longer than 1.5 um. Cur- 
rently, the two most common system wavelengths for 
coherent lidar wind systems are in atmospheric 
window spectral regions around 2 and 10.6 wm. 
Early coherent Doppler lidar measurements, begin- 
ning in the 1970s, employed CO, laser transmitters 
and local oscillators operating at wavelengths near 
10.6 pm. Pulsed CO; laser transmitters with as much 
as 10 J of energy have since been demonstrated, and 
systems with 1 J lasers have probed the atmosphere to 
ranges of 30 km or more. In the late 1980s, solid state 
laser transmitters operating near 2 4m wavelengths 
were introduced into coherent lidar wind-measuring 
systems. The compact size and potential reliability 
advantages of solid-state transmitters, in which the 
transmitter laser is optically pumped by an array of 
laser diodes, provide advantages over larger CO, 
laser technology. Also, because for a given measure- 
ment accuracy the range-resolution obtainable is 
proportional to wavelength, 2 4m instruments have 
an enhanced capability to probe small-scale features. 
However, although development of higher energy, 
single-frequency coherent lidar sources operating at 
2 wm region, as well as at 1.5 pm, is currently an 
active research area, solid state lasers with pulse 
energies greater than several tens of mJ have yet to be 
incorporated into lidar systems for atmospheric 
probing. 


Applications of Coherent Doppler Lidar 


Coherent lidars have been used to measure winds for 
a variety of applications, and from an assortment of 
platforms, such as ships and aircraft. Since these 
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lidars operate in the infrared where aerosol scattering 
dominates molecular scattering, they require aerosol 
particles to be present at some level to obtain usable 
returns. Although clouds also provide excellent lidar 
targets, most of the more useful applications of 
coherent lidars involve probing the atmospheric 
boundary layer or lower troposphere where aerosol 
content is highest. Because of the capability to scan 
the narrow lidar beam directly adjacent to terrain, 
a unique application of lidar probing is the 
measurement of wind structure and evolution in 
complex terrain such as mountains and valleys. Over 
the past two decades, Doppler lidar studies have been 
used, for example, to study structure of damaging 
windstorms on the downwind side of mountain 
ranges, advection of pollution by drainage flows 
from valleys, and formation of mountain leeside 
turbulence as a potential hazard to landing aircraft. 
The interactions of wind flows with complex terrain 
can produce dangerous conditions for transportation, 
especially aircraft operations. Figure 3 shows a strong 
mountain wave measured by a Doppler lidar near 
Colorado Springs, during an investigation of the 
effects of downslope winds and turbulence on aircraft 
operations at the Colorado Springs airport. The 
mountains are on the right of the figure, where the 
strong wave with wavelength of about 6 km can be 
seen. Note the reversal in winds near the location 
where the wave descends to the surface. The Color- 
ado Springs study was prompted by the crash of a 
passenger jet while landing at the airport during a 
period when the winds were down the slope of the 
Rocky Mountains just to the west of the airport. 

A Doppler lidar was recently deployed in an 
operational mode for wind shear detection at the 
new Hong Kong International Airport. Because winds 
flowing over mountainous terrain just south of the 





Figure 3 Vertical scan of the winds in a mountain wave measured by a 10.6 ~m coherent Doppler lidar near Colorado Springs, 


Colorado. Courtesy L. Darby, NOAA. 
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airport can produce mountain waves and channeled 
flows, wind shear is frequently encountered during 
landing and takeoff operations. Figure 4 shows a gust 
front situated just to the west of the airport, charac- 
terized by a sharp wind change (which would produce 
a corresponding change in airspeed) approaching 
13 ms _' over a distance of less than one kilometer. 
Providing a capability to detect such events near the 
airport and warn pilots during approach or prep- 
aration for takeoff was the primary reason for 
deployment of the lidar. Within the first year of 
operation the Hong Kong lidar was credited with 
improving wind shear detection rates and providing 
more timely warnings for pilots of the potentially 
hazardous conditions. As of August 2003 this lidar 
had logged more than 10 000 hours of operation. 
Because coherent Doppler lidars are well matched 
to applications associated with probing small-scale, 
turbulent phenomena, they have also been deployed 
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at airports to detect and track wing tip vortices 
generated by arriving or departing aircraft on nearby 
parallel runways. In the future, a network of ground- 
based lidars could provide information on vortex 
location and advection speed as well as wind shear, 
leading to a potential decrease in congestion at major 
airports. Also, compact lidar systems looking directly 
ahead of research aircraft have shown the capability 
to detect wind changes associated with potentially 
hazardous clear-air turbulence. In the future, a 
Doppler lidar installed on the commercial aircraft 
fleet could potentially look ahead and provide a 
warning to passengers to fasten seat belts before 
severe turbulence is encountered. 

The high resolution obtainable in a scanning lidar 
enables visualization of finely structured wind and 
turbulence layers. Figure 5 shows an image of 
turbulence associated with a nocturnal low-level jet 
just 50 m above the surface obtained at night over flat 
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Figure 4 Horizontal depiction of the radial component of the wind field measured at Hong Kong Airport by a 2.02 4m Doppler 
lidar during a gust front passage, showing strong horizontal shear just west of the airport. Courtesy C. M. Shun, Hong Kong 


Observatory. 
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EPAD MOSFET - 'near zero' and 'zero' threshold 
devices 
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Figure 5 Turbulence structure within a nocturnal stable layer at a height of 50 m. Note the stretching of the vertical scale. Courtesy 


R. Banta, NOAA. 


terrain in Kansas. Although a low-level jet was 
present on just about every evening during the 
experiment, similar images obtained at different 
times by the Doppler lidar illustrated markedly 
different characteristics, such as a wide variation 
in the observed mechanical turbulence along the 
interface. Such observations enable researchers to 
improve parameterizations of turbulence in models 
and better understand the conditions associated with 
vertical turbulent transport and mixing of atmos- 
pheric constituents such as pollutants. 

By deploying Doppler lidars on moving platforms 
such as ships and aircraft, the spatial coverage of the 
measurements can be greatly increased. Although 
removal of platform motion and changes in orien- 
tation are not trivial, aircraft-mounted lidar can map 
out such features as the low-level jet and the 
structure of boundary layer convective plumes. 
Figure 6 shows horizontal and vertical motions 
associated with convective plumes measured along 
an approximately 60km path over the southern 
Great Plains of the United States. From such 


measurements estimates of turbulence intensity, 
integral scale, and other boundary layer character- 
istics can be computed. 


Direct Detection Doppler Lidar 


Description 


Direct detection or incoherent Doppler lidar has 
received significant attention in recent years as an 
alternative to coherent lidar for atmospheric wind 
measurements. In contrast to coherent lidar, in which 
an electrical signal is processed to estimate Doppler 
shift, an optical interferometer, usually a Fabry-Perot 
etalon, serves as the principal element in a direct 
detection lidar receiver for determining the frequency 
shift of the backscattered radiation. 

One implementation of a direct-detection Doppler 
lidar receiver is the ‘fringe imaging’ technique. In this 
design, the interferometer acts as a spectrum analyzer. 
The backscatter radiation is directed through a 
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Figure 6 Vertical motion in convective plumes measured by a vertically pointing airborne coherent Doppler lidar. Total horizontal 
extent of the measurements is approximately 60 km, reddish colors correspond to upward motions. 


Fiber opticinput; 





Figure 7 Schematic of Fabry—Perot etalon in a direct detection, fringe-imaging lidar receiver. Courtesy P. Hays, Michigan Aerospace 


Corporation. 


Fabry-Perot interferometer, which produces a ring 
pattern in the focal plane (Figure 7). The spectral 
content information of the incident radiation is 
contained in the radial distribution of the light. Each 
ring corresponds to an order of the interferometer 


and is equivalent to a representation of the back- 
scattered signal frequency spectrum. As the mean 
frequency of the backscattered radiation changes, the 
rings move inward or outward from the center. To 
extract a spectrum of the backscattered light, one or 
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more of the rings are imaged onto a two-dimensional 
detector, and the resulting pattern analyzed. The rings 
can either be detected using a multi-element ring 
detector, or can be converted to a linear pattern witha 
circle-to-line converter optic and then imaged on to a 
charge-coupled device array device. 

An alternate direct detection receiver configuration, 
generally called the double edge technique, is to 
employ two interferometers as bandpass filters, with 
the center wavelength of each filter set above and 
below the laser transmitter wavelength, as shown in 
Figure 8. The incoming radiation is split between the 
two interferometers, and the wavelength shift is 
computed by examining the ratio of the radiation 
transmitted by each interferometer. Both the double 
edge and fringe-imaging techniques have demon- 
strated wind measurements to heights well into the 
stratosphere. The major challenge associated with the 
double edge receiver is optimizing the instrument 
when both aerosol and molecular scattered radiation 
are present, since in general the change in transmission 
as a function of velocity is different for the aerosol and 
molecular signals. Double edge receivers optimized for 
both aerosol and molecular returns place the bandpass 
of the etalon filters at the precise wavelength where the 
change in transmission with change in Doppler shift 
is the same for both aerosol and molecular returns. 

For both types of direct detection receivers 
described above, much of the radiation incident on 
the interferometer is reflected out of the system, 
reducing the overall efficiency of the receiver. Recently, 
designs that incorporate fiber optics to collect a 
portion of the reflected radiation and ‘recycle’ it 
back into the etalon have been demonstrated as a 
method to improve the transmission efficiency of the 
etalon in a fringe imaging receiver. 


Molecular wind lidar concept 
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Figure 8 Spectrum of molecular lidar return showing placement 
of bandpass filters for a dual channel (double edge) direct 
detection receiver. Courtesy B. Gentry, NASA. 


Doppler Wind Measurements Based 
on Molecular Scatter 


One of the primary advantages of direct detection 
Doppler lidar is its capability for measurements 
based on scatter from atmospheric molecules. 
Measurement of Doppler shifts from molecular 
scattered radiation is challenging because of the 
large Doppler-broadened bandwidth of the return. 
Because one wants to measure a mean wind 
velocity with a precision of a few ms! or better, in 
the order of 10° photons are required. Some 
combination of multiple pulse averaging, powerful 
lasers, and large receiver optics is required to obtain 
these high photon counts from backscattered returns. 

Molecular-scatter wind measurements have been 
demonstrated in the visible spectral region at 532 nm 
wavelength as well as at 355nm in the near 
ultraviolet. The ultraviolet region has the dual 
advantages of enhanced molecular scatter and less 
restrictive laser eye-safety restrictions. Figure 9 shows 
the time series of a wind profile measured in the 
troposphere from both aerosols and clouds using a 
molecular-scatter, ground-based 355-nm wavelength 
Doppler fringe-imaging lidar. The figure shows 
measurements from receiver channels optimized for 
the wideband molecular signal and the narrowband 
aerosol return. For this measurement, backscattered 
photons were collected by a 0.5 m receiver aperture, 
averaged for 1 minute, and processed. In the absence 
of clouds, direct detection Doppler lidars have 
measured wind profiles continuously from the surface 
to beyond 15 km height. Figure 10 shows that the 
estimated wind error for the same 355 nm lidar is less 


than 1 ms ' to about 10 km, and less than 4 ms! at 
15 km height. 


Heterodyne and Direct-Detection 
Doppler Trade-Offs 


Lively debates within the lidar community have 
occurred over the past decade regarding the relative 
merits of heterodyne versus direct detection Doppler 
lidars. To a large extent, the instruments are comp- 
lementary. Generally, heterodyne instruments are 
much more sensitive when significant aerosols are 
present. Coherent lidar processing techniques have 
been developed that can produce accurate wind 
measurement rates using only a few lidar pulses with 
as few as 100 detected photons, such that 
several wind observations per second can be obtained 
for nominal pulse rates. This inherent sensitivity 
has led to numerous applications in which a lidar 
beam has been scanned rapidly over a large volume to 
obtain time-varying, three-dimensional wind 
measurements. 
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Figure 9 Time series of radial wind speed profiles measured by a 355 nm fringe-imaging direct detection lidar aerosol channel (top) 
and molecular channel (bottom) at Maura Loa Observatory, HI. Change in wind speed and blocking of the return by clouds is clearly 


seen. Courtesy C. Nardell, Michigan Aerospace Corp. 


The primary advantage of direct detection instru- 
ments is their demonstrated capability to measure 
winds from molecular-backscattered returns in the 
middle and upper troposphere. In very pristine air, 
direct detection offers the only method for long-range 
wind measurements, even though significant aver- 
aging may be required. Direct-detection lidars have 
the additional advantage of being unaffected by 
atmospheric refractive turbulence. Unlike heterodyne 
lidars, which require a very pure laser pulse and a 
diffraction-limited receiver field of view matched to 
and precisely aligned with the transmitted beam, 
direct detection systems can have a wider bandwidth 
transmitter and a receiver field of view several times 
diffraction-limited. In direct detection lidar design, 
the field of view is usually constrained by the need 
to limit background light during daytime operation. 
A major design challenge for direct detection instru- 
ments is holding the Fabry-Perot etalon plate spacing 
stable over a range of temperatures and in high 
vibration environments. 


Global Wind Measurements 


A satellite-based Doppler lidar has frequently been 
proposed as a way to measure wind fields over most 
of the Earth. At present, winds are the one major 
meteorological variable not well-measured from 
orbiting platforms. Measurement of winds is 
especially important over regions of the Earth that 
are not currently well sampled, such as over Northern 
Hemisphere oceans, as well as over most of the 
tropics and Southern Hemisphere. Wind profile 
information is currently obtained from radiosondes 
and by tracking cloud and water vapor inhomogene- 
ities using satellite imagers. Doppler lidar wind 
measurements would greatly augment the current 
data set by providing wind estimates throughout the 
troposphere under clear conditions, and highly 
height-resolved observations down to cloud tops 
when cloud decks are present. Observing system 
simulation experiments conducted in recent years 
indicate that satellite-based lidar global wind 
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Figure 10 Estimated error in the radial velocity estimate versus 
altitude for a 355 nm direct detection, fringe imaging Doppler lidar 
system at Mauna Loa observatory on Hawaii. The lidar provides 
data for assimilation into local mesoscale forecast models. 
Courtesy C. Nardell, Michigan Aerospace Corp. 


measurements could lead to a significant improve- 
ment in long-term forecast skill, provided the wind 
fields can be observed with sufficient accuracy and 
spatial resolution. 

In a Doppler lidar wind mission, a satellite carrying 
a lidar system would orbit the Earth in a nearly polar 
orbit. The pulsed laser beam would be scanned 
conically about the nadir to obtain different 
components of the wind velocity. The scanning 
could be either continuous or ‘stop and stare’. After 
sufficient returns are averaged at a given pointing 
angle to produce an acceptable estimate, the radial 
component of the velocity would be computed and 
assimilated directly into numerical analysis and 
forecast models. 

Doppler lidar measurement of winds from space is 
theoretically feasible but technologically difficult. 
Depending on the orbital height, the scattering 
volume is anywhere from 450 to ~ 850 km from the 
satellite, which challenges the sensitivity of current 
system types. Because weight and power consump- 
tion are critical parameters for space systems, 
telescope diameter and laser power cannot be easily 
increased to obtain the necessary sensitivity. Simi- 
larly, the ability to average returns from multiple 


pulses is also limited by time limitations. Because a 
satellite moves at about 7 kms (, in order to obtain 
measurements over a horizontal distance of 300 km 
(the resolution of the radiosonde network) only about 
45 seconds are available to make enough obser- 
vations from multiple look angles to obtain a useful 
measurement. It should also be noted that, as a result 
of the high orbital velocity of the satellite, precise 
knowledge of beam pointing is extremely critical for 
measurements from satellites. For a lidar operating at 
a nadir angle of 45 degrees, an error in the knowledge 
of pointing angle of just 1 mrad results in an error of 
about 5 ms | in the measured radial component of 
the wind. 

Despite the challenge of employing a satellite-based 
Doppler lidar, efforts are continuing to develop the 
appropriate technology and to assess the impact of 
the observations. The European Space Agency is 
planning a Doppler wind lidar demonstration mission 
for the late 2000s that would incorporate a nonscan- 
ning, direct-detection instrument with both aerosol 
and molecular channels. Doppler lidar technology 
research and numerical simulations aimed at satellite- 
based wind sensing is ongoing at several research 
centers within the United States, Europe, and Japan. 
One option currently being studied is a ‘hybrid’ lidar 
system that would combine a direct detection lidar for 
measurement of winds in the clear free troposphere 
with a low-energy coherent system that would obtain 
its observations from clouds and the aerosol-rich 
boundary. Although a hybrid instrument reduces 
some requirements on system power and aperture 
size, combining the two techniques on a single plat- 
form will likely require innovative engineering and 
new approaches to beam combining and scanning. 


See also 


Environmental Measurements: Optical Transmission 
and Scatter of the Atmosphere. Scattering: Scattering 
Theory. 
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Introduction 


Hyperspectral remote sensing is a true marriage of 
imaging technology with spectroscopy. Hyperspectral 
remote sensing systems (also known as imaging 
spectrometer systems) fully sample the optical wave- 
length range of interest, whether it be the reflected 
solar range (0.35 to 2.5 ym) or the range of thermal 
emission from the Earth’s surface (3.0 to 14 wm). 
A hyperspectral sensor views the Earth’s surface in a 
series of contiguous and spectrally narrow image 
bands. Figure 1 presents the concept of hyperspectral 
remote sensing, wherein each spatial element of an 
image has an associated full resolution spectrum. 
The calibrated reflectance or emittance spectra 
collected by a hyperspectral system are meant to be 
directly comparable with that of materials measured 
in the laboratory. With such high spectral resolution, 
it thus becomes possible to do reflectance or 
emittance spectroscopy of the Earth’s surface from 
an overhead perspective. 


Underlying Principles 


Optical remote sensing is done over wavelength 
intervals, or windows, in which the atmosphere is 


largely transparent. For the reflective solar portion of 
the spectrum, the atmosphere is mostly transparent 
from approximately 0.35 to 2.5 um. Water, CO2, and 
other gases have absorptions of varying strength in 
this range. This window is subdivided into the range 
of human vision (the visible) and the region of slightly 
longer wavelengths known as the near infrared; 
together they are the visible/near infrared or VNIR 
and extend from approximately 0.35 to 1.0 wm. The 
region from approximately 1.0 to 2.5 wm is known as 
the short wavelength infrared or SWIR. In the range 
of emitted terrestrial radiation there are two window 
regions. The first extends from approximately 3 to 
5 zm and is known as the medium wavelength 
infrared or MWIR, and the second, the long wave- 
length infrared or LWIR, extends from approximately 
8 to 14 wm. 

The light that is intercepted by the entrance 
aperture of a sensor is known by the quantity of 
radiance which is measured in units of microwatts per 
square centimeter per nanometer per unit of solid 
angle. Physical quantities related to the material 
properties of Earth surface materials are reflectance 
and emittance. Both properties are the result of ratios 
and so are unitless. One definition of reflectance is 
that it is the ratio of radiance reflected from a 
material, divided by the radiance reflected from an 
identically illuminated perfectly diffuse reflector. 
Likewise, a definition for emittance is the ratio of 
radiance emitted from a material, divided by the ratio 
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in 100—200 spectrally 
contiguous and spatially 
registered spectral bands 


Figure 1 Hyperspectral remote sensing concept. 


of radiance emitted from a perfectly emitting material 
of the same temperature. 

Materials covering the Earth’s surface, or gases in 
the atmosphere, can be identified in hyperspectral 
data on the basis of absorption features, or bands, in 
the spectra recorded by the sensor. Absorption 
bands result from the preferential absorption of 
energy in some wavelength interval. The principal 
types of processes by which light can be absorbed 
include, in order of decreasing energy of the process, 
electronic charge transfers, electronic crystal field 
effects, and molecular vibrations. The former two 
processes are observed in minerals and manmade 
materials that contain transition group metal 
cations, most usually, iron. Charge transfer absorp- 
tions are the result of cation-to-anion or cation- 
to-cation electron transfers. Crystal field absorptions 
are explainable by the quantum mechanical theory 
of atomic structure, wherein an atom’s electrons are 
contained in orbital shells. The transition group 
metals have incompletely filled d orbital shells. 
When a transition metal cation, such as iron, is 
surrounded by anions, and potentially selects other 
cations, an electric field, known as the crystal field, 
exists. Crystal field absorptions occur when radiant 
energy causes that cation’s orbital shell energy levels 
to be split by interaction with the crystal field. The 
reflectance spectra of different iron-bearing minerals 
are unique, because the iron cation has a unique 
positioning with respect to the anions and other 
cations that compose the mineral. 

A material’s component molecules have bonds to 
other molecules and as a result of interaction with 
radiant energy, these bonds can stretch or bend. 


Each pixel has an 
associated continuous 
spectrum that can be 
used to identify the 
surface materials 
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These molecular vibrations, and overtones of those 
vibrations, are less energetic processes than the 
electronic absorption processes described above and 
so the resulting absorption features occur at longer 
wavelengths. Fundamental vibrational features occur 
in the MWIR and LWIR. Overtones and combination 
overtones of these vibrations are manifested as 
weaker absorption features in the SWIR. These 
overtone features in the SWIR include absorptions 
diagnostic of carbonate and certain clay minerals. 
Absorption features caused by vibrational overtones 
of C—H, O-H, and N-H stretches are also mani- 
fested in the SWIR and these absorption features are 
characteristic of important vegetative biochemical 
components such as cellulose, lignin, starch, and 
glucose. An example of the effect of the changes in 
reflected energy recorded at a sensor, due to the 
absorption of incident energy by green vegetation and 
other surface materials, is provided in Figure 2. 
Laboratory spectrometers have been used for many 
years to analyze the diagnostic absorptions of 
materials caused by the above effects. More recently, 
spectrometers were mounted on telescopes to deter- 
mine the composition of the Moon and the other solid 
bodies in our solar system. Technology progressed to 
where profiling spectrometers (instruments that 
measure a successive line of points on the surface) 
could be mounted on aircraft. The next logical step 
was the construction of imaging spectrometers 
(hyperspectral sensors) that measured spectra in 
two spatial dimensions. In fact, the data produced 
by a hyperspectral sensor are often thought of as 
an image cube (Figure 3) because they consist of 
three dimensions: two spatial and one spectral. 
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Figure 2 Portion of a scene from the Airborne Visible/Infrared Imaging Spectrometer (AVIRIS) from Utah that includes a basalt flow, 
circularly irrigated grasses sparsely vegetated plains, and damp alluvial sediments. AVIRIS channels centered at 0.45, 0.55, 0.81, and 
2.41 ~m are shown. Green vegetation is brightest in the 0.81 zm band which samples the peak of the near infrared plateau (see 

) just beyond the ‘red edge’. The green vegetation and damp sediments are darkest in the 2.41 ,4m band where water has a very 
low reflectance (note also ). The bright patches in the basalt flow in the 2.41 44m image are occurrences of oxidized red cinders 
which have a high reflectance in the SWIR. 
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Figure 3 Visualization of a hyperspectral image cube. A 1.7 4m image band from the Airborne Visible/Infrared Imaging Spectrometer 
(AVIRIS) over the Lunar Crater Volcanic Field, Nevada is shown with each of the 224 rightmost columns and 224 topmost lines arrayed 
behind it. In the lower right-hand corner, the low reflectance of ferric oxide-rich cinders in the blue and green show up as dark in the 
stacking of columns with the high reflectance in the infrared showing up as bright. 
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Advances in hyperspectral sensor technology have 
been accompanied by advances in associated technol- 
ogies, such as computing power and the evolution of 
data processing algorithms. 


Data Processing Approaches 


An early impediment to the widespread use of 
hyperspectral data was the sheer volume of the data 
sets. For instance, a single scene from NASA’s 
Airborne Visible/Infrared Imaging Spectrometer 
(AVIRIS) is 614 samples by 512 lines by 224 bands. 
With its short integer storage format, such a scene 
takes up 140.8 Mbytes. However, since the dawn of 
the hyperspectral era, in the 1980s, computing power 
has expanded immensely and computing tasks, which 
once seemed prohibitive, are now relatively effortless. 
Also, numerous processing algorithms have been 
developed which are especially well suited for use 
with hyperspectral data. 


Spectral Matching 


In one class of algorithms, the spectrum associated 
with each spatial sample is compared against one or a 
group of model spectra and some similarity metric is 
applied. The model spectrum can be measured by a 
laboratory or field portable spectrometer of pure 
materials or can be a single pixel spectrum, or average 
of pixel spectra, covering a known occurrence of the 
material(s) to be mapped. A widely used similarity 
metric is the Spectral Angle Mapper (SAM). SAM is 
the angle, 0, obtained from the dot product of the 
image pixel spectrum, t, and the library spectrum, 7, 
as expressed by 


9=cos""( 7) [1] 


Hell + Ilrll 


SAM is insensitive to brightness variations and 
determines similarity based solely on spectral shape. 
Lower @ values mean more similar spectra. 

In a related approach, matching is done, not on 
the entire spectrum, but rather on characteristic 
absorption features of the materials of interest. In 
Figure 4, the geometry of an absorption band is 
plotted. To map a given mineral, with a specific 
absorption feature, a high resolution laboratory 
spectrum is resampled to the spectral resolution of 
the hyperspectral sensor. The spectrum is subsampled 
to match the specific absorption feature (i.e., only 
bands from the short wavelength shoulder of the 
absorption to the long wavelength shoulder are 
included). A straight line continuum (calculated, 
based on a line between the two-band shoulders) is 
divided out from both the laboratory and the 







Band shoulders 


Continuum” 








Full width at 
half maximum 
(FWHM) 





Reflectance 


Band minimum 


Wavelength 


Figure 4 Parameters that describe an absorption band. 


sensor spectra. Contrast between the library and the 
sensor spectra is mitigated through the use of an 
additive constant. This constant is incorporated into a 
set of equations which are solved through the use of 
standard least squares. The result of such a band- 
fitting algorithm is two data numbers per spatial 
sample of the hyperspectral scene. First the band 
depth (or, alternatively, band area) of the feature is 
calculated, and second, a goodness-of-fit parameter 
is calculated. These two parameters are most often 
combined in a band-depth times goodness-of-fit 
image. More sophisticated versions of the band- 
mapping algorithm target multiple absorption 
features and are, essentially, expert systems. 


Spectral Mixture Analysis 


A fundamentally different methodology for analyzing 
hyperspectral data sets is to model the measured 
spectrum of each spatial sample as a linear combi- 
nation of endmember spectra. This methodology is 
based on the fact that the ground area corresponding 
to any given spatial sample likely will be covered by 
more than one material, with the consequence that the 
measured reflectance or emittance spectrum is a mixed 
pixel spectrum. The objective of linear SMA is to try to 
determine the fractional abundance of the component 
materials, or endmembers. The basis of linear spectral 
unmixing is to model the response of each spatial 
element as a linear combination of endmember 
spectra. The basis equation for linear SMA is 


r(x,y)=aM+e [2] 


where r(x, y) = the relative reflectance spectrum for 
the pixel at position (x,y), a= the vector of end- 
member abundances, M = the matrix of endmember 
spectra, and e = the vector of residuals between the 
modeled and the measured reflectances. Application 
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of SMA results in a series of fraction images for each 
endmember wherein the data numbers range, ideally, 
between 0 and 1. Fraction image pixels with a digital 
number (DN) of 0 are taken to be devoid of the 
endmember material. Fraction image pixels witha DN 
of 1.0 are taken to be completely covered with the 
endmember material. 

Techniques related to SMA have been developed 
which also map the abundance of a target material on 
a per pixel basis. These include implementations 
highly similar to SMA such as Orthogonal Subspace 
Projection (OSP) wherein, as with SMA, all end- 
members must be determined a priori. Other appro- 
aches such as Constrained Energy Minimization 
(sometimes referred to as ‘Matched Filter’) do not 
require a priori knowledge of the endmembers. 
Instead, only the reflectance or emittance spectrum 
of the target need be known and the undesired 
spectral background is estimated, and ultimately 
compensated for, using the principal eigenvectors of 
the sample correlation or covariance matrix of the 
hyperspectral scene. 


Expert Systems and Artificial Neural Networks 


Another means of extracting information from 
hyperspectral data sets is to use computer approaches 
that in some way mimic the human thought process. 
This can take the form of an expert system which 
applies a set of rules or tests as each pixel spectrum is 
successively analyzed. For example, if a spectrum has 
an absorption at 2.2 um it could tentatively be 
classified as being caused by a clay mineral. Addition- 
ally, if the absorption is a doublet, the specific clay 
mineral is likely a kaolinite. In practice, expert system 
codes are lengthy and complex although excellent 
results can be demonstrated from their use, albeit at 
the expense of processing time. Another approach in 
this vein is the use of an artificial neural network 
(ANN) for data processing. The use of ANNs is 
motivated by their power in pattern recognition. 
ANN architectures are well suited for a parallel 
processing approach and thus have the potential for 
rapid data processing. 


Hyperspectral Remote Sensing of 
the Land 


Geology 


Early efforts with airborne hyperspectral sensors 
focused on geologic remote sensing. This was, at 
least in part, a consequence of the mineralogic 
diversity of the Earth’s surface and the fact that 
many minerals have absorption features which are 


unique and diagnostic of the mineral’s identity. The 
expectation, which was soon borne out by results 
from these early sensors, was that, given exposure of 
the surface, mineralogic maps as detailed as the 
spatial resolution of the sensor could be derived from 
hyperspectral data. As some of the processing 
techniques discussed above have become more readily 
available, it has become possible to produce miner- 
alogic maps from hyperspectral data far more rapidly 
and cost-effectively than geologic maps produced by 
standard means (e.g., by walking over the ground and 
manually noting which lithologies are underfoot). 

The propensity for transition metals, most 
especially iron, to absorb energy through charge 
transfer and crystal field effects, is noted above. Fe-O 
and Fe*+—Fe** charge transfers cause a profound 
absorption in the reflectance spectrum of Fe-bearing 
minerals shortwards of 0.4 um. The wing of this 
absorption causes the low blue and green reflectance 
of Fe-bearing minerals. Crystal field bands cause an 
absorption feature in the 0.9 to 1.0 um region. The 
ability to discriminate subtle differences among Fe- 
bearing minerals in hyperspectral data has proven 
extremely valuable in applications such as mineral 
exploration, volcanology, and in the characterization 
of abandoned mine lands. 

In the SWIR, absorptions caused by vibrational 
overtones of molecular bonds within minerals. These 
include absorptions in the 2.2 and 2.3 pm region 
which are characteristic of many Al- and Mg-bearing 
clay minerals. Absorptions in the SWIR are narrower 
in width than the Fe-generated crystal field bands 
discussed previously. In fact, the requirement to 
efficiently resolve these vibrational overtone absorp- 
tion bands (which have full width at half maximum 
(FWHM) bandwidths of 20 to 40 nm) helped to drive 
the selection of the nominal 10 nm bandwidth of early 
and most current hyperspectral sensors. Certain clay 
minerals can be indicators of hydrothermal activity 
associated with economic mineral deposits; thus, the 
SWIR is an important spectral region for mineral 
exploration. Clay minerals, by definition, have planar 
molecular structures that are prone to failure if 
subjected to shearing stresses. The ability to uniquely 
identify and map these minerals, using hyperspectral 
data, has thus been used to good effect to identify areas 
on volcanoes and other hydrothermally altered 
terrains that could be subject to landslides. 

Minerals with adsorbed or molecularly bound 
OH and/or water have vibrational overtone absorp- 
tions near 1.45 and 1.9 um, although these features 
are masked in remotely sensed data by prominent 
atmospheric water vapor bands at 1.38 and 1.88 wm. 
The reflectance of water and OH-bearing minerals 
decrease to near zero at wavelengths longwards of 


11/2/2017 The Creative Science Centre - by Dr Jonathan P. Hare 


aah SNE CEN 
REE 
% ae Cr 2 








MW RADIO | 


Top: the medium wave (MW) test radio with a selection of 'detectors' (selected by the croc clip lead) 
Bottom: the short wave (SW) version with a ALD110900 detector 
(on each circuit board the connections are: antenna - top left, Earth - bottom left, audio output 
(heaphones / amp) - far right.) 


RADIO AND RADIO WAVES 

The simplest 'radio' can be a piece of wire attached to the input of an amplifier. Why does this pick up radio 
signals? Well in principle it should not be able to pick up anything but in reality poor solder joints in the 
amplifier circuitry, as well as point contact effects between the ends of the anenna wire going into the input 
socket of the amp as well as other effects mean that you do often hear radio signals. 


Radio waves are electromagnetic waves as they pass through a metal they induce small voltages into it. Any 
piece of metal e.g. metal fram specs, tape measures, metal window frames, a piece of wire etc. will act as an 
antenna and have tiny voltages induced into them. These voltages will be due to natural radio waves (from Space 
as well as the Sun and Earth), radio stations, satellites, mobile phones, garage door remote controls, microwave 
ovens .... the list goes on and on. 


In the case of long, medium and short wave radio stations the amplitude of the radio wave signal is modified by 
the music, voice or program - we call it Amplitude modulation AM. Here the strength of the radio waves varies 
as the tones, loudness and pitch of the program vary. As a result the voltages induced in the metal object 
antennas distant from the radio wave stations also vary in accord this program information or modulation. 


To actually hear the programs on the radio waves you cant actually take this tiny signal and listen to it directly 
(say with headphones or an amplifier). This is because the signal is a very high frequency signal out of the range 
of human hearing. To get the audible information - the program - 'off' the radio signal you need a device known 
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Figure 5 Reflectance spectra of representative minerals. 
Kaolinite represents clay minerals with its diagnostic 2.2 wm 
band caused by an overtone vibration of the AI-OH bond. The 
2.335 4m band of calcite is caused by an overtone vibration of 
the carbonate molecule. The features shortwards of 1.0 m in the 
hematite spectrum are caused by crystal field and charge transfer 
absorptions due to Fe*t. The bands near 1.0 and longwards 
of 2.0 4m in the augite spectrum are the result of Fe?* crystal 
field bands. 


2.5m, due to the presence of water and OH 
fundamental vibrations near 3.0 um. Minerals bear- 
ing the carbonate (CO37) molecule are abundant on 
the Earth’s surface due to the ubiquitous occurrences 
of limestone and dolomite. Calcite and dolomite 
have overtone absorptions centered at 2.335 and 
2.315 ym, respectively. A good test for the spectral 
resolution and spectral calibration of a hyperspectral 
sensor is its ability to successfully discriminate calcite 
from dolomite on the basis of the aforementioned 
absorption features. Figure 5 shows representative 
spectra of carbonate, clay, and ferric and ferrous 
iron-bearing minerals. 

Absorptions resulting from fundamental molecular 
absorptions are manifested in the LWIR. These 
absorptions are of great geologic interest because 
they include absorptions resulting from vibrations 
of the Si-O bond and silicate minerals form the bulk 
of the Earth’s crust. The wavelength at which the 
Si—O stretching feature occurs is dictated by the level 
of polymerization (or molecule-to-molecule bonding) 
of the silicate mineral. Highly polymerized frame- 
work silicate minerals, such as quartz and feldspar, 
have a shorter wavelength absorption than do silicate 
minerals, such as olivine which are composed of 
disconnected SiO, molecules. In Figure 6, laboratory 
emission spectra of highly and poorly polymerized 
silicate minerals are shown. 


Vegetation and the Environment 


While different minerals are, by definition, generally 
composed of diverse component molecules, different 


species of vegetation represent variations of the same 
general biochemical constituents (e.g., chlorophyll, 
proteins, lignin, cellulose, sugar, starch, etc.). In the 
thermal IR, vegetation has a generally flat emittance, 
thus it is in the reflective solar spectrum that most 
vegetative remote sensing is performed. The major 
features in the reflectance spectrum of green vege- 
tation are shown in Figure 7. In the visible, the major 
absorption features are caused by the presence of 
chlorophyll. Chlorophyll has strong absorptions in the 
blue and the red, leaving a reflectance maximum 
(the green peak) at 0.55 wm. In the NIR, scattering 
in the leaf structure causes high reflectance leaving 
a profound absorption edge (the red edge) between 
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Figure 6 Emissivity spectra of SiO,-bearing minerals showing 
the shift in band minimum to higher wave number with increasing 
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Figure 7 Major spectral features in the reflectance spectrum of 
green vegetation. 
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0.7 and 0.78 wm. Past the red edge and into the SWIR, 
the spectrum of green vegetation is dominated by 
water in the leaf, with leaf water absorptions occurring 
at 0.97, 1.19, 1.45, 1.93, and 2.50 wm. Studies of 
vegetation, using multispectral systems, have made 
use of a number of broadband indices. Hyperspectral 
systems allow for the discrimination of individual 
absorption features and subtle spectral shape differ- 
ences in vegetation spectra which are unresolvable 
using broadband multispectral systems. For example, 
the absorptions caused by chlorophyll can be used for 
studies of chlorophyll content in vegetative canopies. 
The unique interaction of chlorophyll with leaf 
structures can provide a morphology to the green 
peak that is unique to a given species and thus is 
mappable using a spectral feature fitting approach. 

A desired goal in the study of vegetation and 
ecosystem processes is to be able to monitor the 
chemistry of forest canopies. The foliar biochemical 
constituents making up forest canopies have associ- 
ated absorption features in the SWIR, that result 
from vibrational overtones and combinations of C—O, 
O-H, C-H, and N-H molecular bonds. However the 
absorptions from these biochemical components 
overlap so that the chemical abundance of any one 
plant component cannot be directly related to any one 
absorption feature. An even more serious challenge is 
introduced by the strong influence of water in the 
SWIR in green vegetation spectra. Water constitutes 
40 to 80% of the weight of leaves. However, the 
unique characteristics of high-quality hyperspectral 
data (e.g., excellent radiometric and spectral cali- 
bration, high signal-to-noise ratio, high spectral 
resolution) have been used to detect even these 
subtle features imprinted on the stronger water 
features. 


The amount of water present in plant leaves is, in 
itself, a valuable piece of information. Hyperspectral 
data can be used to determine the equivalent water 
thickness present in vegetative canopies. Conversely, 
the amount of dry plant litter and/or loose wood can 
be estimated using spectral mixture analysis and 
related techniques. Taken together, all these data: 
vegetation species maps, determinations of leaf water 
content and the relative fractions of live vegetation 
versus litter, can be used to characterize woodlands 
for forest fire potential. The ability to map different 
species of vegetation has also proved useful in the 
field of agriculture, for assessing the impact of 
invasive weed species on farm and ranch land. 
Being able to assess the health of crops, in terms of 
leaf water content, is also important for agriculture. 

Another subtle vegetative spectral feature, that 
provides information on plant vitality, is the afore- 
mentioned red edge. Shifts in the position of the red 
edge have been linked to vegetation stress. Studies 
have shown that vegetation stress and consequent 
shifts in the position of the red edge can be caused by 
a number of factors, including insufficient water 
intake or the intake of pernicious trace metals. 
Vegetation growing over mineral deposits can display 
red edge shifts and this can be used to assist in mineral 
exploration efforts. 

Another application area, in which hyperspectral 
remote sensing has found great utility, is in the 
analysis of snow-covered areas. Over the reflective 
solar spectrum, the reflectance of snow varies from 
values near zero in the SWIR to values near one in the 
blue. Differences in the grain size of snow result in 
differences in reflectance as is illustrated in Figure 8. 
The spectral variability of snow makes it easily 
distinguishable from other Earth surface materials. 


Modeled spectral reflectance of snow 
for different snow grain radii 
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Figure 8 Differences in snow reflectance spectra resulting from differences in snow grain size. Courtesy of Dr Anne Nolin of Oregon 


State University. 
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Linear spectral unmixing, using hyperspectral data, 
has been shown to successfully discriminate between 
snow, vegetation, rock, and clouds and to accurately 
map snow cover fraction in mixed pixels. Accurate 
maps of snow cover, types of snow, and fractions of 
liquid water admixed with snow grains, are required 
for forecasting snowmelt runoff and stream discharge 
in watersheds dominated by snow cover. 


Hyperspectral Remote Sensing of 
the Atmosphere 


The physical quantity most often sought in land 
remote sensing studies is surface reflectance. How- 
ever, the quantity recorded by a hyperspectral sensor 
is radiance at the entrance aperture of the sensor. In 
order to obtain reflectance, the background energy 
level of the Sun and/or Earth must be removed and the 
scattering and absorbing effects of the atmosphere 
must be compensated for. In the VNIR through 
SWIR, there are seven atmospheric constituents with 
significant absorption features: water vapor, carbon 
dioxide, ozone, nitrous oxide, carbon monoxide, 
methane, and oxygen. Molecular scattering (com- 
monly called Rayleigh scattering) is strong in the blue 
but decreases rapidly with increasing wavelength. 
Above 1 um, its effect is negligible. Scattering caused 
by atmospheric aerosols, or Mie scattering, also is 
more prominent at shorter wavelengths and decreases 
with increasing wavelength, but the dropoff of effects 
from Mie scattering is not as profound as that for 
Rayleigh scattering. Consequently, effects from 
aerosol scattering can persist into the SWIR. 

There are three primary categories of methods 
for removing the effects of atmosphere and solar 
insolation from hyperspectral imagery, in order to 
derive surface reflectance. Methods of atmospheric 
corrections can be considered as being either an 
image-based, empirical, or model-based approach. 
An image-based, or ‘in-scene’ approach uses only data 
measured by the instrument. Empirical methods make 
use of the remotely sensed data in combination with 
field measurements of reflectance, to solve a simplified 
equation of at-sensor radiance such as eqn [3]. 


L, = Ap+B [3] 


where L, is the at-sensor radiance, p is the reflectance 
of the surface, and A and B are quantities that 
incorporate, respectively, all multiplicative and addi- 
tive contributions to the at-sensor radiance. All the 
quantities expressed in eqn [3] can be considered as 
varying as a function of wavelength, A. Approxi- 
mations for A and B from eqn [3] constitute a set of 
gains and offsets derived from the empirical approach. 


In some empirical approaches, atmospheric path radi- 
ance is ignored and only a multiplicative correction 
is applied. 

Model-based approaches seek to model what the 
at-sensor radiance should be on a pixel-by-pixel basis, 
including the contribution of the atmosphere. The 
at-sensor radiance, L,, at any wavelength, A, can be 
expressed as 





1 
L, = —(Ep+ Mr)t9 + Ly (41 


where E is the irradiance at the surface of the Earth, p 
is the reflectance of the Earth’s surface, My is the 
spectral radiant exitance of the surface at tempera- 
ture, T, 7, is the transmissivity of the atmosphere at 
zenith angle 0, and L, is the spectral upwelling path 
radiance of the atmosphere. The ability to solve 
eqn [4] and do atmospheric correction on a pixel-by- 
pixel basis is appealing, in that it negates the 
shortcomings of an empirical approach where a 
correction based on calibration targets in one part 
of a scene might not be appropriate for another part 
of the scene, due to differences in atmospheric path- 
length or simple atmospheric heterogeneity. Model- 
based approaches are also able to take advantage of 
the greater spectral dimensionality of hyperspectral 
data sets for the derivation of atmospheric properties 
(e.g., the amount of column water vapor, CO band 
depths, etc.) directly from the data. 

The main atmospheric component, affecting 
imagery in the reflective solar portion of the 
spectrum, is water vapor. Model-based atmospheric 
correction techniques determine the column water 
vapor for each pixel in the scene, based on the depth 
of the 940 and/or 1130nm atmospheric water 
bands. Thus for each pixel, an appropriate amount 
of water can be removed. The maps of atmospheric 
water vapor distribution are themselves of interest 
to atmospheric scientists. Absorption features 
caused by well-mixed gases, such as the 760 nm 
O, band, can be used by model-based programs, to 
produce images of approximate scene topography. 
More advanced model-based approaches also solve 
for the scattering effects of aerosols on the 
hyperspectral data. 

As noted above, atmospheric constituents, includ- 
ing industrial effluents, can be detected and spatially 
mapped by hyperspectral sensors. The fundamental 
vibrational absorption of gases of interest occurs in 
the MWIR and the LWIR. Overtones of these 
gaseous molecular vibrations occur in the VNIR to 
SWIR, but are generally too weak to be detected. 
The ability to detect anthropomorphically produced 
gases depends on a number of factors, including the 
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temperature difference between the gas cloud and the 
background atmosphere, the concentration of gas 
within the cloud, and the size of the cloud (e.g., the 
path length of light through the cloud). 


See also 


Imaging: Infrared Instrumentation: 


Spectrometers. 


Imaging. 
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Introduction 


Lidar (light detection and ranging) systems are able to 
measure profiles of atmospheric aerosols, clouds, and 
gases by transmitting a pulsed laser beam into the 
atmosphere and collecting the backscattered radi- 
ation from aerosols and molecules in the atmosphere 
with a receiver located near the transmitter. The 
differential absorption lidar (DIAL) approach is the 
most widely used technique for measuring a variety of 
gases. In this approach, two closely spaced laser 
wavelengths are used: one which is absorbed by the 
gas of interest, and the other which is only weakly, or 
not at all, absorbed by the gas. A differential with 
respect to range and wavelength is calculated, to 


determine the average gas concentration along 
any segment of the lidar path, using the familiar 
Beer—Lambert law for an absorbing medium. 

The DIAL equation can be expressed in its simple 
form as 


N =(1/(2(R2 — Rion ~ oH") 
x In(Po¢(R2)Pon(R1))/(Pore(R1)Pon(R2)) [1] 


where N is the average gas concentration, R is the 
range, Gon and Oog are the absorption cross sections 
at the on- and off-line wavelengths, and P,,,(R) and 
Pog(R) are the powers received at the on- and off-line 
wavelengths. However, since it is performed in the 
atmosphere and not a laboratory, great care must be 
taken to ensure that the data are analyzed properly to 
minimize random and systematic errors. Random 
errors arise from noise in the backscattered signal, 
the solar background signal, and the inherent 
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detector noise, and this type of error can be reduced 
by signal averaging. Systematic errors arise from 
uncompensated instrument and atmospheric effects 
and must be carefully considered in system design and 
operation and data processing. 

Another approach, the Raman lidar approach, uses 
inelastic scattering (scattered/emitted light has differ- 
ent wavelength than the illuminating light) from gases 
where the wavelength shift corresponds to vibrational 
or rotational energy levels of the molecules. Any 
illuminating laser wavelength can be used, but since 
the Raman scattering cross-section varies as \ *, 
where A is the wavelength, the shorter laser wave- 
lengths, such as in the near UV spectral region, are 
preferred. While even shorter wavelengths in the solar 
blind region below ~300 nm would permit operation 
in daytime, the atmospheric attenuation, due to 
Rayleigh scattering and UV molecular absorption, 
limits the measurement range. High-power lasers are 
used due to the low Raman scattering cross-sections. 
The Raman lidar measurements have to be carefully 
calibrated against a profile measured using another 
approach, such as is done for water vapor (H2O) 
measurements with the launch of hygrometers on 
radiosondes, since the lidar system constants and 
atmospheric extinctions are not usually well known 
or modeled. In order to obtain mixing ratios of 
HO with respect to atmospheric density, the H2O 
signals are ratioed to the nitrogen Raman signals. 
However, care must be exercised in processing these 
data due to the spectral dependences of atmospheric 
extinction. 


Surface-Based Lidar Systems 


Surface-based lidar systems measure the temporal 
evolution of atmospheric profiles of aerosols and 
gases. The first lidar systems used to remotely 
measure atmospheric gases were Raman lidar sys- 
tems. The Raman lidar systems were thought to be 
very promising since one high-power laser could be 
used to measure a variety of gases. They are easier to 
develop and operate than DIAL systems, because the 
laser does not have to be tuned to a particular gas 
absorption feature. However, the Raman scattering 
cross-section is low, and the weak, inelastically 
scattered signal is easily contaminated by daylight 
background radiation, resulting in greatly reduced 
performance during daytime. Raman lidar systems 
have been developed primarily for measuring H,O 
and retrieving atmospheric temperature. 
Surface-based UV DIAL systems, that are part of 
the Network for the Detection of Stratospheric 
Change (NDSC) have made important contributions 
to the understanding of stratospheric O3. There are 


DIAL systems at many locations around the Earth, 
with sites in Ny-Alesund, Spitzbergen (78.9°N, 
11.9°E), Observatoire Haute Provence, France 
(43.9°N, 5.7°E), Table Mountain, California 
(34.4°N, 118.2°W), Mauna Loa, Hawaii (19.5°N, 
155.6°W), and Lauder, New Zealand (45.0°S, 
169.7°E). First established in the 1980s, these DIAL 
systems are strategically located so that O3 in 
different latitude bands can be monitored for signs 
of change. In addition, they can provide some profiles 
for comparison with space-based O3 measuring 
instruments. The parameters of a typical ground- 
based UV DIAL system used in the NDSC are given 
in Table 1. 


Airborne DIAL Systems 


Airborne lidar systems expand the range of atmos- 
pheric studies beyond those possible by surface-based 
lidar systems, by virtue of being located in aircraft 
that can be flown to high altitudes and to remote 
locations. Thus, they permit measurements at 
locations inaccessible to surface-based lidar systems. 
In addition, they can make measurements of large 
atmospheric regions in times that are short compared 
with atmospheric motions, so that the large-scale 
patterns are discernible. Another advantage of air- 
borne lidar operation is that lidar systems perform 
well in the nadir (down) direction since the atmos- 
pheric density and aerosol loading generally increases 
with decreasing altitude towards the surface, which 
helps to compensate for the R * decrease in the lidar 


Table 1 Parameters for the Jet Propulsion Laboratory’s Mauna 
Loa DIAL systems for stratospheric O3 measurements 
Lp». p XeCl Nd:YAG 
(3 Harmon.) 
Wavelength (nm) 308 (on) 355 (off) 
Pulse energy (mu) 300 150 
Pulse repetition 200 100 
frequency (Hz) 
R.. 
Area (m?) 0.79 
Optical efficiency (%) ~40 
Wavelengths— Rayleigh (nm) 308 355 
Ns Raman (nm) 332 387 
(for aerosol correction) 
S = =. | oS es 
Measurement range” (km) 15-55 
Vertical resolution (km) 3 at bottom, 1 at Oz peak, 
8-10 at top 
Measurement averaging 1.5 


time (hours) 
Measurement accuracy <5% at peak, 10-15% 


at 15 km, >40% at 45 km 


“Chopper added to block beam until it reaches 15 km in order to 
avoid near field signal effects. 
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signal with range. For the zenith direction, the 
advantage is that the airborne lidar system is closer 
to the region being measured. 


Field Measurement Programs 


Global O03; Measurements 


The first airborne DIAL system, which was developed 
by the NASA Langley Research Center (LaRC), was 
flown for O3 and aerosol investigations in conjunc- 
tion with the Environmental Protection Agency’s 
Persistent Elevated Pollution Episodes (PEPE) field 
experiment, conducted over the east coast of the US in 
the summer of 1980. This initial system has evolved 
into the advanced UV DIAL system that will be 
described in the next section. Airborne O3 DIAL 
systems have also been developed and used in field 
measurement programs by several other groups in the 
United States, Germany, and France. 

The parameters of the current NASA LaRC 
airborne UV DIAL system are given in Table 2. The 
on-line and off-line UV wavelengths of 288.2 and 
299.6 nm are used for DIAL O3 measurements during 
tropospheric missions, and 301 and 310 nm are used 
for stratospheric missions. This system also transmits 
1,064 and 600nm beams for aerosol and cloud 
measurements. The time delay between the on- and 
off-wavelength pulses is 400 ws, which is sufficient 
time for the return at the first set of wavelengths to 
end, but short enough that the same region of the 


atmosphere is sampled. This system has a demon- 
strated absolute accuracy for O3 measurements of 
better than 10% or 2 ppbv (parts per billion by 
volume), whichever is larger, and a measurement 
precision of 5% or 1 ppbv with a vertical resolution 
of 300 m and an averaging time of 5 minutes (about 
70 km horizontal resolution at typical DC-8 ground 
speeds). 

The NASA LaRC airborne UV DIAL systems have 
made significant contributions to the understanding 
of both tropospheric and stratospheric O3, aerosols, 
and clouds. These systems have been used in 18 
international and 3 national field experiments over 
the past 24 years, and during these field experiments, 
measurements were made over, or near, all of the 
oceans and continents of the world. A few examples 
of the scientific contributions made by these airborne 
UV DIAL systems are given in Table 3. 

The NASA LaRC airborne UV DIAL system has 
been used extensively in NASA’s Global Tropospheric 
Experiment (GTE) program which was started in the 
early 1980s, had as its primary mission the study of 
tropospheric chemistry in remote regions of the 
Earth, in part to study and gain a better under- 
standing of atmospheric chemistry in the unperturbed 
atmosphere. A related goal was to document the 
Earth’s atmosphere in a number of places during 
seasons when anthropogenic influences are largely 
absent, then return to these areas later to document 
the changes. The field missions have included 
campaigns in Africa, Alaska, the Amazon Basin, 


Table 2 Parameters of the NASA LaRC airborne UV DIAL system 


L » Nd:YAG-pumped dye lasers, frequency doubled into the UV 


Pulse repetition frequency (Hz) 30 
Pulse length (ns) 8-12 
Pulse energy (mJ) at 1.06 um 250-300 
Pulse energy (mJ) at 600 nm 50-70 
UV pulse energy (mJ) 
For troposphere at 288/300 nm 20 
For stratosphere at 301/310 nm 20 
Dimensions (I x w x h) (cm) 594 x 102 x 109 
Mass (kg) 1735 
Power requirement (kW) 30 
Wavelength region (nm) 

Pl 4 289-311 572-622 1064 
Area (m?) 0.086 0.086 0.864 
Receiver optical efficiency (%) 30 40 30 
Detector quantum efficiency (%) 26 (PMT) 8 (PMT) 40 (APD) 
Field-of-view (mrad) <1.5 <1.5 =1.5 


Sd te =. | Si: Sg 
Measurement range (km) 
Vertical resolution (m) 
Horizontal resolution (km) 
Measurement accuracy 


up to 10—15 (nadir and zenith) 
300-1500, depending on range 

=<70 

=10% or 2 ppbv, whichever is greater 
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Table 3 Examples of significant contributions of airborne O3 DIAL systems to the understanding of tropospheric and stratospheric O3 


(see also Figures 1-5) 


> “‘p ea ee 
v . 
Air mass characterizations in a number of remote regions 


Continental pollution plume characterizations (see Figures 1 and 2) 

Study of biomass burn plumes and the effect of biomass burning on tropospheric O3 production (see Figure 3) 
Case study of warm conveyor belt transport from the tropics to the Arctic 

Study of stratospheric intrusions and tropopause fold events (see Figure 4) 


Observation of the decay of a cutoff low 
Power plant plume studies 


+ ot 


‘p 


Contributions to the chemical explanation of behavior of Antarctic O3 


Quantification of O3 depletion in the Arctic (see Figure 5) 
Polar stratospheric clouds — particle characterizations 


Intercomparison with surface-based, airborne and space-based instruments 
Quantification of O3 reduction in tropical stratosphere after the June 1991 eruption of Mount Pinatubo and characterization of the 


tropical stratospheric reservoir edge 
Cross-vortex boundary transport 


Average ozone (ppbv) 
0 20 40 





Figure 1 
(PEM West B) in 1994. 


Canada, and North America, and over the Pacific 
Ocean from Antarctica to Alaska, with concentrated 
measurements off the east coast of Asia and in the 
tropics. One of the bigger surprises of the two decades 
of field missions, was the discovery in the mid-1990s, 
that the tropical and South Pacific Ocean had very 
high tropospheric O3 concentrations in plumes from 
biomass burning in Africa and South America during 
the austral spring. There were few indications from 
surface-based or space-based measurements that 
there were extensive biomass burn plumes in the 
area, primarily since the plumes were largely devoid 
of aerosols due to being stripped out during cloud 
convective lofting. Once over the ocean, horizontal 
transport appears to proceed relatively unimpeded 
unless a storm system is encountered. 
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Latitudinal distribution of ozone over the western Pacific Ocean obtained during the second Pacific Exploratory Mission 


The NASA LaRC airborne UV DIAL system has 
also been flown in all the major stratospheric O3 
campaigns starting in 1987 with the Airborne 
Antarctic Ozone Experiment (AAOE) to determine 
the cause of the Antarctic ozone hole. The UV DIAL 
system documented the O3 loss across the ozone hole 
region. Later, when attention was turned to the Arctic 
and the possibility of an ozone hole there, the system 
was used to produce an estimate of O3 loss during the 
winter season as well as to better characterize the polar 
stratospheric cloud (PSC) particles. The UV DIAL 
system was also used to study O3 loss in the tropical 
stratospheric reservoir following the eruption of 
Mount Pinatubo in June 1991. The loss was spotted 
by the Microwave Limb Sounder (MLS) on the Upper 
Atmospheric Research Satellite (UARS), but the MLS 
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Figure 2 Pollution outflow from China over the South China Sea (right side of figure) with clean tropical air on south side of a front 


(left side of figure), observed during PEM West B in 1994. 


was unable to study the loss in detail due to its low 
vertical resolution (5 km) compared to the small-scale 
(2-3 km) features of the O3 loss. Other traditional 
space-based O3 measuring instruments also had 
difficulty during this period, due to the high aerosol 
loading in the stratosphere following the eruption. 


Space-Based O; DIAL System 


In order to obtain nearly continuous, global distri- 
butions of O3 in the troposphere, a space-based O3 
DIAL system is needed. A number of key issues 
could be addressed by a space-based O3 DIAL 
system including: the global distribution of photo- 
chemical O3 production/destruction and transport 
in the troposphere; location of the tropopause; 


and stratospheric O3 depletion and dynamics. 
High-resolution airborne O3 DIAL and other aircraft 
measurements show that to study tropospheric 
processes associated with biomass burning, transport 
of anthropogenic pollutants, tropospheric O3 chem- 
istry and dynamics, and stratosphere—troposphere 
exchange, a vertical profiling capability from space 
with a resolution of 2—3km is needed, and this 
capability cannot currently be achieved using passive 
remote sensing satellite instruments. An example of 
the type of latitudinal O3 cross-section that could be 
provided by a space-based O3 DIAL system is shown 
in Figure 1. This figure shows many different aspects 
of O3 loss and production; vertical and horizontal 
transport; and stratosphere-troposphere exchange 
that occurs from the tropics to high latitudes. 
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Figure 3 Biomass burning plume over the Atlantic Ocean arising from biomass burning in the central part of western Africa, observed 


during the TRACE-A mission in 1992. 


This type of data would be available from just one pass 
from a space-based O3 DIAL system. A space-based 
O3 DIAL system optimized for tropospheric O3 
measurements (see system description in Table 4a,b) 
would also permit high-resolution O3 measurements 
in the stratosphere (1 km vertical, 100 km horizontal), 
along with high-resolution aerosol measurements 
(100 m vertical, 10 km horizontal). In addition, 
these DIAL measurements will be useful in assisting 
in the interpretation of passive remote sensing 
measurements and in helping to improve their data 
processing algorithms. 


Global HzO Measurements 


H20 and O3 are important to the formation of OH in 
the troposphere, and OH is at the center of most of 
the chemical reactions in the lower atmosphere. In 
addition H,O is an excellent tracer of vertical and 
horizontal transport of air masses in the troposphere, 
and it can be used as a tracer of stratosphere— 
troposphere exchange. Increased aerosol sizes, due to 
high relative humidities, can also affect hetero- 
geneous chemical processes and radiation budgets in 
the boundary layer and in cloud layers. Knowledge of 
H,0O is important to weather forecasting and climate 
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Figure 4 Ozone distribution observed on flight across US during the SASS (Subsonic Assessment) Ozone and Nitrogen Experiment 
(SONEX) in 1997. A stratospheric intrusion is clearly evident on left side of figure, and low ozone air from tropics transported to 
mid-latitudes can be seen in the upper troposphere on the right. 
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Figure 5 Ozone cross-sections in the stratosphere measured in the winter of 1999/2000 during the SOLVE mission. The change 
in ozone number density in the Arctic polar vortex due to chemical loss during the winter is clearly evident at latitudes north 
of 72°N. 


predictions. Thus, HO distributions can be used in HeO Remenitidar Systems 


several different ways to better understand chemical, The first Raman lidar measurements of HO were 
transport, radiation and meteorological processes in made in the late 1960s, but not much progress in 
the global troposphere. using the Raman approach for H.O was made until a 


11/2/2017 The Creative Science Centre - by Dr Jonathan P. Hare 


as a ‘detector’. This is usually a diode but lots of other things can act as inefficent detectors for example a 
mineral called galena, coke (burnt coal) ... as well as rusty screws and bad solder joints which is how the 
ampilfier mentioned above apparently picks up radio signals. 


In the early days of radio crystals of galina were used as diodes and so these radios became known as 'crystal set 
radios’. They did not have any amplifiers and did not require any battery to work. They got all their power from 
that induced into the (of very long) antenna by the radio signal(s). The radio detector is an extremely important 
part of the radio and its proper function determines how well the radio works. 


The radio signal is an AC signal. A speaker or headphones can not resonate at such high frequencies as radio 
waves and if you try to wire in the RF to the headphones the diaphram just averages the power. As half the time 
the RF is positive and half the time negative, in an AC signal, the average is zero and so you dont hear anything. 
The diode or detector is a device called a diode which only conducts electricity in one direction. So it only 
allows the positive, or negative half (one half but but not both) of the AC signal to go through (depending on 
which way it is wired). After the diode the average is now no longer zero its actually a changing signal 
dependant on the modulation of the radio wave - which is the information we want to hear. As this is at audio 
frequencies, and as the diaphram can move at audio frequencies, you hear the information on the detected RF 
signal - the music, voice or what ever. 


Why should some detectors (diodes) be 'better' than others? The answer is not that some are better at 
'magnifying' the signals but rather that each diode requires a certain threshold voltage in order to start 
conducting (one way). Signals below this level will not get passed through and a signal only slightly larger will 
therefore only pass through weekly (the diode unfortunatly absorbing the majority of the signal). As a result for 
large signals you wont expect to see much difference between different detectors but for weak signals there can 
be a great deal of difference. In an ideal world the diode would start to (forward) conduct at just above zero volts 
and this ideal detector (which does not conduct at all in reverse) would produce the greatest signal possible for 
the particular strength signal applied to it. 


Recently I was playing around with OA91 germanium diodes for a mobile phone detector. I made a simple 10cm 
per side square loop and wired it directly to an LED. I was hoping that if I brought the mobile near to the loop 
and texted, or made a phone call, the RF should be picked up by the loop (which is almost resonant) and the 
LED should light - it didnt work! But putting an OA91 in series I did get it to work. So why did I need the OA91 
diode when the LED is itself a diode? 


It can't be due to the threshold voltage in this case as I am still using the LED and I did get it to work with the 
same signal! So I guess it because the capacitance of the LED is very high compared to the point-contact 
germanium diode. If we extend this thinking to the crystal set radio I guess the germanium diodes have very 
little capacitance and so dont allow any of the 'wrong' half of the AC signal through and so act as a more perfect 
detector. An LED would have a high capacitance and so let some of the wrong half of the AC signal through 
which on averaging by headphones would be nearer zero (see above) - hence less sound. 


A low threshold (turn-on) voltage and a low self capacitance are crucial things in a good detector. Point contact 
germanium diodes having a very small area (a point of contact) have low capacitance and the germanium 
semiconductor-metal junction of the contact has a low turn on voltage. EPAD Mosfets also have low 
capacitance, high input resistance (low loading of the signal) and low turn on voltage. 


http://www.creative-science.org.uk/epadmosfets.html 3/6 
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system using an abandoned searchlight mirror was 
employed by the NASA Goddard Space Flight 
Center in the mid-1980s, to show that if the signal 
collector (telescope) was large enough, useful 
Raman measurements could be made to distances of 
several kilometers. Until recently, Raman lidar 
measurements of H,O were largely limited to 
night-time, due to the high sunlight background 
interference. Measurements are now made during 
daytime, using very narrow telescope fields of view 
and very narrowband filters in the receiver. A good 
example of a Raman lidar system used to measure 
H20 is that at the Department of Energy’s Atmos- 
pheric Radiation Measurement - Cloud and 
Radiation Test Bed (ARM-CART) site in Oklahoma. 
The site is equipped with a variety of instruments 
aimed at studying the radiation properties of 
the atmosphere. The system parameters are given 
in Table 4a,b. 

Raman lidar systems have been used for important 
measurements of H,O from a number of ground- 
based locations. Some of the important early work 
dealt with the passage of cold and warm fronts. The 
arrival of the wedge-shaped cold front, pushing the 
warm air up, was one of these studies. Raman lidar 
have also been located at the ARM-CART site in 
Kansas and Oklahoma, where they could both 
provide a climatology of HzO as well as provide 
correlative measurements of HO for validation of 
space-based instruments. 


Table 4a Parameters for the US Department of Energy’s 
surface-based Raman lidar system for measurements of H2O 


L ». Nd:YAG Laser 
Wavelength (nm) 355 
Pulse energy (mu) 400 


Pulse repetition 30 
frequency (Hz) 
Plies 
Area (m?) 11 
Wavelengths (nm) 


Water vapor 407 
Nitrogen 387 
—~ = =. | = 43 
Measurement range (km) 
Night-time near surface to 12 
Daytime near surface to 3 


Range resolution (m) 39 at low altitudes, 
300 >9 km 


Measurement accuracy (%) 


Night-time <10 <7 km (1 min avg) 
10-30 at high altitudes 

(10-30 min avg) 

Daytime 10 <1 km; 5-15 for 


1-3 km (10 min avg) 


Table 4b Parameters for the NASA Goddard Space Flight 
Center’s Scanning Raman lidar system for measurements of HzO 





DN, * NLS @e 
Lp. Nd:YAG Laser XeF 
Wavelength (nm) 355 351 
Pulse energy (mJ) 300 30-60 
Pulse repetition 30 400 
frequency (Hz) 
R.. 
Area (m?) 1.8 1.8 
Wavelengths (nm) 
Water vapor 407 403 
Nitrogen 387 382 
S = ow” - 
Measurement 
range (km) 
Night-time near surface to 12 
Daytime near surface to 4 
Range resolution (m) 7.5 at low altitudes, 
300 >9 km 
Measurement 
accuracy (%) 
Night-time <10 <5 km (10 sec and 
7.5m range resolution) 
<10 <7 km (1 min avg) 
10-30 at high altitudes 
(10-30 min avg) 
Daytime <10 <4 km (5 min avg) 


HO DIAL Systems 


H20 was first measured with the DIAL approach 
using a temperature-tuned ruby laser lidar system in 
the mid-1960s. The first aircraft-based H2O DIAL 
system was developed at NASA LaRC, and was flown 
in 1982, as an initial step towards the development of 
a space-based HO DIAL system. This system was 
based on Nd: YAG-pumped dye laser technology, and 
it was used in the first airborne H,O DIAL 
atmospheric investigation, which was a study of 
the marine boundary layer over the Gulf Stream. 
This laser was later replaced with a flashlamp- 
pumped solid-state alexandrite laser, which had 
high spectral purity, i.e., little out-of-band radiation, 
a requirement since water vapor lines are narrow, and 
this system was used to make accurate H2O profile 
measurements across the lower troposphere. 

A third H,O DIAL system, called LASE (Lidar 
Atmospheric Sensing Experiment) was developed as a 
prototype for a space-based H,O DIAL system, and it 
was completed in 1995. This was the first fully 
autonomously operating DIAL system. LASE uses a 
Ti:sapphire laser that is pumped by a double-pulsed, 
frequency-doubled Nd:YAG to produce laser 
pulses in the 815 nm absorption band of H,O 
(see Table 5). The wavelength of the Ti:sapphire 
laser is controlled by injection seeding with a diode 
laser that is frequency locked to a HO line using an 
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Table 5 Parameters of LASE H2O DIAL system 


L ». Ti:sapphire 
Wavelength (nm) 813-818 
Pulse energy (mu) 100 


Pulse-pair repetition frequency 5 (on- and off-line pulses 


separated by 300 ps) 


Linewidth (pm) <0.25 
Stability (pm) <0.35 
Spectral purity (%) >99 
Beam divergence (mrad) <0.6 
Pulse width (ns) 35 
R.. 
Area (m?) 0.11 
Receiver optical efficiency (%) 50 (night), 35 (day) 
Avalanch Photodiode (APD) 80 
detector quantum efficiency (%) 
Field-of-view (mrad) 1.0 
Noise equivalence power 2x10" 
(W Hz °°) 
Excess noise factor 3 
-» = ars | - 


Measurement range (altitude) (km) 15 
Range resolution (m) 300-500 
Measurement accuracy (%) 5 


absorption cell. Each pulse pair consists of an on-line 
and off-line wavelength for the HyO DIAL measure- 
ments. To cover the large dynamic range of HO 
concentrations in the troposphere (over 3 orders of 
magnitude), up to three line pair combinations are 
needed. LASE uses a novel approach of operating 
from more than one position on a strongly absorbing 
HO line. In this approach, the laser is electronically 
tuned at the line center, side of the line, and near the 
wing of the line to achieve the required absorption 
cross-section pairs (on and off). LASE has demon- 
strated measurements of HO concentrations across 
the entire troposphere using this ‘side-line’ approach. 
The accuracy of LASE HO profile measurements 
was determined to be better than 6% or 0.01 g/kg, 
whichever is larger, over the full dynamic range of 
H,0 concentrations in the troposphere. LASE has 
participated in over eight major field experiments 
since 1995. See Table 6 for a listing of topics studied 
using airborne H2O DIAL systems (Figures 6-8). 


Space-Based H2O DIAL System 


The technology for a space-based H,0 DIAL 
system is rapidly maturing in the areas of: high- 
efficiency, high-energy, high-spectral-purity, long-life 
lasers with tunability in the 815- and 940-nm 
regions; low-weight, large-area, high-throughput, 
high-background-rejection receivers; and high- 
quantum-efficiency, low-noise, photon-counting 
detectors. With the expected advancements in lidar 
technologies leading to a 1-J/pulse capability, a 


Table 6 Examples of significant contributions of airborne H20 
DIAL systems to the understanding of H2O distributions (see also 
Figures 6-8) 


4OL 


NA AL. ~. H20 DIAL pp» * »- LAE 
Study of marine boundary layer over Gulf Stream 
Observation of HzO transport at a land/sea edge 
Study of large-scale HzO distributions across troposphere 
(see Figure 6) 
Correlative _ * and remote measurements 
Observations of boundary layer development (see Figure 7) 
Cirrus cloud measurements 
Hurricane studies (see Figure 8) 
Relative humidity effects on aerosol sizes 
Ice supersaturation in the upper troposphere 
Studies of stratospheric intrusions 
H2O distributions over remote Pacific Ocean 
O.*. a. H20 DIAL» ” p» 
Boundary layer humidity fluxes 
Lower-stratospheric HO studies 


space-based HO DIAL system could be flown on a 
long-duration space mission this decade. 

Space-based DIAL measurements can provide a 
global HO profiling capability, which when com- 
bined with passive remote sensing with limited 
vertical resolution, can lead to 3-dimensional 
measurements of global HO distributions. High 
vertical resolution H2O (S1 km), aerosol ($100 m), 
and cloud top (=50 m) measurements from the lidar 
along the satellite ground-track, can be combined 
with the horizontally contiguous data from nadir 
passive sounders to generate more complete 
high-resolution H2O, aerosol, and cloud fields for 
use in the various studies indicated above. In 
addition, the combination of active and passive 
measurements can provide significant synergistic 
benefits leading to improved temperature and relative 
humidity measurements. There is also strong syner- 
gism with aerosol and cloud imaging instruments and 
with future passive instruments that are being 
planned or proposed for missions addressing atmos- 
pheric chemistry, radiation, hydrology, natural 
hazards, and meteorology. 


Tunable Laser Systems for Point Monitoring 


Tunable diode laser (TDL) systems are also used to 
measure atmospheric gases on a global scale from 
aircraft and balloons. TDLs are small lasers that emit 
extremely narrowband radiation and can be tuned in 
the near IR spectral region using a combination of 
temperature and current. TDLs can be built into very 
sensitive and compact systems and located on the 
surface or flown on aircraft or balloons and used to 
measure such species as CO, HCl, CHy, and oxides of 
nitrogen such as N,O and NOs. They derive their 
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Figure 6 LASE measurements of water vapor (left) and aerosols and clouds (right) across the troposphere on an ER-2 flight from 
Bermuda to Wallops during the Tropospheric Aerosol Radiative Forcing Experiment (TARFOX) conducted in 1996. 
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Figure 7 Water vapor and aerosol cross-section obtained on a flight across a cold front during the Southern Great Plains (SGP) field 
experiment conducted over Oklahoma in 1997. 
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Figure 8 Measurements of water vapor, aerosols, and clouds in the inflow region of Hurricane Bonnie during 1998 
Convection and Moisture Experiment (CAMEX-3). A rain band can be clearly seen at the middle of Leg-AB on the satellite and 


LASE cross-sections. 


high sensitivity to the fact that the laser frequency is 
modulated at a high frequency, permitting a small 
spectral region to be scanned rapidly. The second- or 
fourth-harmonic of the scan frequency is used in the 
data acquisition, effectively eliminating much of the 
low-frequency noise due to mechanical vibrations 
and laser power fluctuations. In addition, multipass 
cells are employed, thereby generating long paths for 
the absorption measurements. 

TDL systems have been used in a number of 
surface-based measurement programs. One system 
was mounted on a ship doing a latitudinal survey in 
the Atlantic Ocean and monitored NO», formal- 
dehyde (HCHO), and HO . Another TDL system 
was located at the Mauna Loa Observatory and was 
used to monitor HCHO and H202 during a 
photochemistry experiment, finding much lower 


concentrations of both gases than models had 
predicted. The TDL system used to measure HCHO 
has been used in a number of additional ground- 
based measurement programs and has also been 
flown on an aircraft in a couple of tropospheric 
missions. 

One TDL system, called DACOM (Differential 
Absorption CO Measurement), has been used in a 
large number of NASA GTE missions. It makes 
measurements of CO in the 4.7 ym spectral region 
and CH, in the 3.3 or 7.6 wm spectral region. 
This instrument is able to make measurements at a 
1 Hz rate and with a precision of 0.5-2.0%, 
depending on the CO value, and an accuracy of 
+2%. DACOM has been very useful in determining 
global distributions of CO due to the wide-ranging 
nature of the GTE missions. It has also contributed to 
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the characterization and understanding of CO in air 
masses encountered during the GTE missions 
(Table 7). 

A pair of TDL instruments, the Airborne Tunable 
Laser Absorption Spectrometer (ATLAS) and the 
Aircraft (ER-2) Laser Infrared Absorption Spec- 
trometer (ALIAS), have been flown on several 
NASA missions to explore polar O3 chemistry and 
atmospheric transport. The ATLAS instrument 
measures NO, and ALIAS is a 4-channel spec- 
trometer that measures a large variety of gases, 
including HCl, N2O, CHy, NO», and CO and is 
currently configured to measure water isotopes across 
the tropopause. 

A new class of lasers, tunable quantum-cascade 
(QC) lasers, are being added to the list of those 
available for im situ gas measurement systems. 
Using a cryogenically cooled QC laser during a 
series of 20 aircraft flights beginning in September 
1999 and extending through March 2000, 


measurements were made of CH, and N2O up to 
~20km in the stratosphere over North America, 
Scandinavia, and Russia, on the NASA ER-2. 
Compared with its companion lead salt diode 
lasers, that were also flown on these flights, the 
single-mode QC laser, cooled to 82K, produced 
higher output power (10mW), narrower laser 
linewidth (17 MHz), increased measurement pre- 
cision (a factor of 3), and better spectral stability 
(~0.1cm7!K). The sensitivity of the QC laser 
channel was estimated to correspond to a mini- 
mum-detectable mixing ratio of approximately 
2 ppbv of CHy4. 


Laser Long-Path Measurements 


Laser systems can also be used in long-path 
measurements of gases. The most important of 
such programs entailed the measurement of hydroxyl 
radical (OH) in the Rocky Mountains west of 


Table 7 Examples of significant contributions of airborne tunable diode laser systems to the understanding of atmospheric chemistry 


and transport 


Bowe -m-_. “ip 
The first 


7 measurements of the suite NOz, NO, Oz, and the NOz photolysis rate to test NO, (NOs + NO) photochemistry 


The first_ » * stratospheric measurements of NO, over a full diurnal cycle to test NoOs5 chemistry 
d » * measurements of NOz and HNOz over the 20—35 km region to assess the effect of Mt. Pinatubo aerosol on heterogeneous 


atmospheric chemistry 
Measurements of HNO3 and HCI near 30 km 


Measurements of CH4, HNO3, and N2O for validation of several satellite instruments 
Intrusions from midlatitude stratosphere to tropical stratospheric reservoir 


A  ,t*™. % 
Cm wwe. 


ape. 5 


Measurement of CO from biomass burning from Asia, Africa, Canada, Central America, and South America 
Detection of thin layers of CO that were transported thousands of miles in the upper troposphere 

Observed very high levels of urban pollution in plumes off the Asian continent 

Emission indices for many gases have been calculated with respect to CO 


MS. . 


Determined CH, flux over the Arctic tundra, which led to rethinking of the significance of tundra regions as a global source of CH, 
Found that biomass burning is a significant source of global CH, 
Found strong enhancements of CH, associated with urban plumes 


A .*™w~ % 
a 2 


poNpe.. 


Extreme denitrification observed in Antarctic winter vortex from NO_:N2O correlation study 

Observed very low N2O in Antarctic winter vortex, which helped refute the theory that the Oz hole is caused by dynamics 
Contributed to the study of transport out of the lower stratospheric Arctic vortex by Rossby wave breaking 

Measurement of concentrations of gases involved in polar stratospheric O3 destruction and production 


Activation of chlorine in the presence of sulfate aerosols 
Me~ **. 


Measurements in aircraft exhaust plumes in the lower stratosphere, especially of reactive nitrogen species and CO 
Vertical profiles of CO in the troposphere and lower stratosphere 

Determination of the hydrochloric acid and the chlorine budget of the lower stratosphere 

Measurement of NOs for testing atmospheric photochemical models 


Trends in HCI/Cl_ in the stratosphere <21 km, 1992-1998 


Gas concentration measurements for comparison with a balloon-borne Fourier transform spectrometer observing the Sun 
Near-IR TDL laser hygrometers (ER-2, WB57, DC-8) for measuring HzO and total water in the lower stratosphere and upper 


troposphere 


Remnants of Arctic winter vortex detected many months after breakup 


™ 


: Tropical entrainment time scales inferred from stratospheric Ns0 and CH, observations 
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Boulder, Colorado. OH was measured using a XeCl 
excimer laser operating near 308 nm and transmit- 
ting a beam to a retroreflector 10.3 km away. The 
measurements were quite difficult to conduct, 
primarily since OH abundance is very low (10°- 
10’ cm °), yielding very low absorption (~ 0.02% 
for an abundance of 10°cm °) over the 20.6 km 
path. In addition, the excimer laser could generate 
OH from ambient H,O and O3, unless the laser 
energy density was kept low. To help ensure good 
measurements, a white light source was also 
employed during the measurements to monitor 
H20, O3, and other gases. The measurements were 
eventually very successful and led to new values for 
OH abundances in the atmosphere. 


Laser-Induced Fluorescence (LIF) 


The laser-induced fluorescence approach has been 
used to measure several molecular and ionic species 
in situ. The LIF approach has been used to measure 
OH and HO, (HO,,) on the ground and on aircraft 
platforms. One airborne LIF system uses a diode- 
pumped Nd:YAG-pumped, frequency-doubled dye 
laser to generate the required energy near 308 nm. 
The laser beam is sent into a White cell where it can 
make 32-36 passes through the gas in the cell to 
increase the LIF signal strength. NO is used to convert 
HO, to OH. The detection limit in 1 minute of about 
2-3 ppqv (10° '°) above 5 km altitude, which trans- 
lates into a concentration of about 4 x 10* molec/cm? 
at 5km and 2x 10* molec/em? at 10 km altitude. 
One of the interesting findings from such measure- 
ments is that HO, concentrations are up to 5 times 
larger than model predictions based on NO, concen- 
trations, suggesting that NO,, emissions from aircraft 
could have a greater impact on O3 production than 
originally thought. 

NO is detected using the LIF technique in a two- 
photon approach: electrons are pumped from the 
ground state using 226 nm radiation and from that 
state to an excited state using 1.06 um radiation. The 
226 nm radiation is generated by frequency doubling 
a dye laser to 287 nm and then mixing that with 
1.1 wm radiation derived from Hz Raman shifting of 
frequency-mixed radiation from a dye laser and a 
Nd:YAG laser. From the excited level, 187-201 nm 
radiation is emitted. In order to measure NOs, it is 
first converted to the photofragment NO via pumping 
at 353nm from a XeF excimer laser. One of the 
interesting findings from airborne measurements 
in the South Pacific is that there appeared to be a 
large missing source for NO, in the upper 
troposphere. 


Summary 


DIAL and Raman lidar systems have played 
important roles in studying the distribution of 
gases such as O3 and H2O on local, regional, and 
global scales, while TDL systems have played 
corresponding roles for such gases as CO, HCl, 
and oxides of nitrogen. It is anticipated that these 
approaches will continue to yield valuable infor- 
mation on these and other gases, as new and more 
capable systems are developed. Within the next 
decade, it is expected that a DIAL system will be 
placed in orbit to make truly global measurements 
of O3, HO, and/or carbon dioxide. 


See also 


Imaging: Lidar. Scattering: Raman Scattering. 
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Introduction 


The ability to understand and model radiative 
transfer (RT) processes in the atmosphere is critical 
for remote sensing, environmental characterization, 
and many other areas of scientific and practical 
interest. At the Earth’s surface, the bulk of this 
radiation, which originates from the sun, is found in 
the ultraviolet to infrared range between around 0.3 
and 4 wm. This article describes the most significant 
RT processes for these wavelengths, which are 
absorption (light attenuation along the line of sight 
LOS) and elastic scattering (redirection of the 
light). Transmittance, T, is defined as one minus 
the fractional extinction (absorption plus scattering). 
At longer wavelengths (in the mid- and long-wave 
infrared) the major light source is thermal emission. 

A few other light sources are mentioned here. 
The moon is the major source of visible light at night. 
Forest fires can be a significant source of mid-wave 
infrared radiation. Manmade light sources include 
continuum sources such as incandescent lamps and 
spectrally narrow sources such as fluorescent lamps 
and lasers. In general, spectrally narrow sources need to 
have a different RT treatment than continuum sources 
due to the abundance of narrow spectral absorption 
lines in the atmosphere, as is discussed below. 


The challenge of atmospheric RT modeling is 
essentially to solve the following equation that 
describes monochromatic light propagation along 
the LOS direction: 


1\ dI 
ate " 


where I is the LOS radiance (watts per unit area per 
unit wavelength per steradian), k is the extinction 
coefficient for the absorbing and scattering species 
(per unit concentration per unit length), uw is the 
material column density (in units of concentration 
times length), and J is the radiance source function. 
I is a sum of direct (i.e., from the sun) and diffusely 
scattered components. The source function represents 
the diffuse light scattered into the LOS, and is the 
angular integral over all directions 0; of the product of 
the incoming radiance, I(Q,), and the scattering phase 
function, p(Q,, 9): 


14) = | pM. %)KOAO, (21 


The scattering phase function describes the prob- 
ability density for incoming light from direction Q; 
scattering out at angle 0, and is a function of the 
difference (scattering) angle 0. 

The direct radiance component, I’, is described by 
eqn [1] with the source function omitted. Integrating 
along the LOS leads to the well-known Beer’s Law 
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equation for transmittance: 
T = I'lIy = exp(—ku) [3] 


where If is the direct radiance at the boundary of the 
LOS. The quantity ku =In(1/T) is known as the 
optical depth. 


Atmospheric Constituents 


The atmosphere has a large number of constituents, 
including numerous gaseous species and suspended 
liquid and solid particulates. Their contributions 
to extinction are depicted in Figure 1. The largest 
category is gases, of which the most important are 
water vapor, carbon dioxide, and ozone. Of these, 
water vapor is the most variable and carbon 
dioxide the least, although the CO, concentration is 
gradually increasing. In atmospheric RT models, 
carbon dioxide is frequently taken to have a fixed 
and altitude-independent concentration, along with 
other ‘uniformly mixed gases’ (UMGs). The con- 
centration profiles of the three major gas species are 
very different. Water vapor is located mainly in the 
lowest 2 km of the atmosphere. Ozone has a fairly flat 
profile from the ground through the stratosphere 
(~30 km). The UMGs decline exponentially with 
altitude, with a scale height of around 8 km. 


Gases 


Gas molecules both scatter and absorb light. Rayleigh 
scattering by gases scales inversely with the fourth 


power of the wavelength, and is responsible for the 
sky’s blue color. For typical atmospheric conditions, 
the optical depth for Rayleigh extinction is approxi- 
mately 0.009/A* per air mass (A is in pm and air 
mass is defined by the vertical column from 
ground to space). The Rayleigh phase function has 
a (1 + cos” 6) dependence. 

Absorption by gases may consist of a smooth 
spectral continuum (such as the ultraviolet and 
visible electronic transitions of ozone) or of discrete 
spectral lines, which are primarily rotation lines of 
molecular vibrational bands. In the lower atmosphere 
(below around 25 km altitude), the spectral shape of 
these lines is determined by collisional broadening and 
described by the normalized Lorentz line shape 
formula: 


a./ 
az + (v— v%)? 
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Here vis the wavenumber (incm™ ') [vy = (10000 pxm/ 
cm)/A], Vo is the molecular line transition frequency 
and a, is the collision-broadened half-width (in 
cm '), which is proportional to pressure. The 
constant of proportionality, known as the pressure- 
broadening parameter, has a typical value on the 
order of 0.06 cm! atm~' at ambient temperature. 
The extinction coefficient k(v) is the product of 
frorentz(V) and the integrated line strength S, which is 
commonly in units of atm~' cm *. 

At higher altitudes in the atmosphere the pressure 
is reduced sufficiently that Doppler broadening 
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Figure 1 Spectral absorbance (1 — transmittance) for the primary sources of atmospheric extinction. The 12 nm resolution data were 
generated by MODTRAN for a vertical path from space with a mid-latitude winter model atmosphere. 
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becomes competitive with collisional broadening, 
and the Lorentz formula becomes inaccurate. The 
general lineshape for combined collisional and 
Doppler broadening is the Voigt lineshape, which is 
proportional to the real part of the complex error 
(probability) function, w: 





Aroig(®) = eRe u( ea a) | [5] 


Here, ag is the Doppler 1/e half-width. 

Comprehensive spectral databases have been com- 
piled of the transition frequencies, strengths, and 
pressure-broadened half-widths for atmospherically 
important molecules throughout the electromagnetic 
spectrum. Perhaps the most notable of these data- 
bases is HITRAN, which was developed by the US Air 
Force Research Laboratory and is currently main- 
tained at the Harvard-Smithsonian Center for Astro- 
physics in Cambridge, MA. 


Liquids and Solids 


The larger particulates in the atmosphere (greater 
than a few wm in radius) typically belong to clouds. 
Low-altitude clouds consist of nearly spherical water 
droplets, while high-altitude cirrus clouds are mainly 
a collection of ice crystals. Other large particulates 
include sand dust. Their light scattering is close to 
the geometric limit at visible and ultraviolet wave- 
lengths. This means that the extinction is nearly 
wavelength-independent, and the scattering phase 
function and single-scattering albedo may be reason- 
ably modeled with ray-tracing techniques that 
account for the detailed size and shape distributions 
of the particles. However, Mie scattering theory is 
typically used to calculate cloud optical properties 
because it is exact for spherical particles of any size. 

The smaller particulates in the atmosphere belong 
to aerosols, which are very fine liquid particles, and 
dusts, which are solids such as minerals and soot. 
These particulates are concentrated mainly in the 
lower 2 km or so of the atmosphere; however, they 
are also present at higher altitudes in smaller 
concentrations. Their optical properties are typically 
modeled using Mie theory. The wavelength depen- 
dence of the scattering is approximately inversely 
proportional to a low power of the wavelength, 
typically between 1 and 2, as befits particulates 
intermediate in size between molecular and geo- 
metric-limit. The scattering phase functions have a 
strong forward-scattering peak; values of the asym- 
metry parameter g (the average value of cos 6) 
typically range from 0.6 to 0.8 at solar wavelengths. 


Solution Methods 


Geometry 


Atmospheric properties are primarily a function of 
altitude, which determines pressure, temperature and 
species concentration profiles. Accordingly, most RT 
methods define a stratified atmosphere. The most 
accurate treatments of transmission and scattering 
account for the spherical shape of the layers and 
refraction; however, most RT models use a plane- 
parallel approximation for at least some compu- 
tations, such as multiple scattering. 


Spectral Resolution 


Optical instruments have finite, and frequently 
broad, wavelength responses. Nevertheless, modeling 
their signals requires accounting for the variation of 
absorption on an extremely fine wavelength scale, 
smaller than the widths of the molecular lines. 


‘Exact’ monochromatic methods 

The most accurate RT solution method involves 
explicitly solving the RT problem for a very large 
number of monochromatic wavelengths. This line- 
by-line method is used in a number of RT models, 
such as FASCODE. It allows Beer’s law to be applied 
to combine transmittances from multiple LOS 
segments, and provides an unambiguous definition 
of the optical parameters. It is suitable for use with 
spectrally structured light sources, such as lasers. 
The one major drawback of this method is that it is 
computationally intensive, and therefore may not be 
practical for problems where large wavelength 
ranges, multiple LOS views and multiple atmospheric 
conditions need to be treated. 

To alleviate the computational burden of mono- 
chromatic calculations, some approximate methods 
have been developed that model RT in finite spectral 
intervals, as described below. 


Statistical band models 

The band model method represents spectral lines in 
a narrow interval, Av, statistically using such para- 
meters as the total line strength, the mean pressure- 
broadening parameter, and the effective number of 
lines in the interval. An example of a popular band 
model-based RT algorithm is MODTRAN, which is 
described below. 

A key to the success of band models is the 
availability of approximate analytical formulas for 
the integrated absorption for an individual molecular 
transition of strength S, known as the single-line total 
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equivalent width, W,,: 


Wy = i [1 = exp(—sup id [6] 


—oo 


In the optically thin (small absorption) limit, W, is 
proportional to the molecular species column density, 
while in the optically thick (large absorption) limit 
it scales as the square root of the column density. 
A further assumption made by MODTRAN is that 
the line centers are randomly located within the 
interval, i.e., spectrally uncorrelated. With this 
assumption, the net transmittance can be expressed 
as the product of the transmittances for each 
individual line, whether the line belongs to the same 
molecular species or a different species. 

A particular challenge in band models is treatment 
of the inhomogeneous path problem — that is, the 
variations in path properties along a LOS and their 
effect on the statistical line parameters, which arise 
primarily from differences in pressure and hence line 
width. The Curtis—Godson path averaging method 
provides a reasonable way to define ‘equivalent’ 
homogeneous path parameters for the band model. 
Another challenge is to define an effective extinction 
optical depth for each layer in order to solve the RT 
problem with scattering. One option in MODTRAN 
is to define it by computing the cumulative transmit- 
tance through successive layers in a vertical path. 


Correlated-k model 

Another well-known approximate RT algorithm 
for spectral intervals is the correlated-k method. 
This method starts with an ‘exact’ line-by-line 
calculation of extinction coefficients (k's) within the 
interval on a fine spectral grid, from which a 
k-distribution (vs. cumulative probability) is com- 
puted. A database of k values and probabilities 
summing to 1 is built from these k-distributions for 
a grid of atmospheric pressures and temperatures, 
and for all species contributing to the spectral 
interval. Inhomogeneous paths are handled by 
recognizing that the size order of the k’s is virtually 
independent of pressure and typically only weakly 
dependent on temperature. LOS transmittances, LOS 
radiances, and fluxes are calculated by interpolating 
the database over temperature and pressure to define 
the k's for each LOS segment, solving the monochro- 
matic RT equation at each fixed distribution location, 
and finally integrating over the distribution. The 
correlated-k method has been found to be quite 
accurate for atmospheric paths containing a single 
molecular species; however, corrections must be 
applied for spectral intervals containing multiple 
species. 


Scattering Methods 


When the diffuse light field is of interest, scattering 


methods are used to calculate the source function J 
of eqns [1] and [2]. 


Single scattering 

If scattering is weak, the approximation may be made 
that the solar radiation scatters only once. Thus the 
integral over the scattering phase function, eqn [2], is 
straightforwardly calculated using the direct radiance 
component, which is given by eqn [3]. The neglect of 
multiple scattering (i.e., the diffuse contribution to 
the source function) means that the diffuse radiance is 
underestimated; however, single scattering is suffi- 
ciently accurate for some atmospheric problems in 
clear weather and at infrared wavelengths. 


Multiple scattering 

A number of different methods have been developed 
to solve the multiple scattering problem. Two-stream 
methods, which are the simplest and fastest, resolve 
the radiance into upward and downward directions. 
These methods generally produce reasonably accu- 
rate values of hemispherically averaged radiance, 
which are also referred to as horizontal fluxes or 
irradiances. 

A much more accurate approach to the multiple 
scattering problem is the method of discrete ordi- 
nates. It involves expansion of the radiation field, the 
phase function and the surface reflectance as a series 
of spherical harmonics, leading to a system of linear 
integral equations. Evaluation of the integrals by 
Gaussian quadrature leads to a solvable system of 
linear differential equations. An important approxi- 
mation called delta-M speeds up convergence of the 
discrete ordinates method, especially when scattering 
phase functions are strongly forward peaked, by 
representing the phase function as the sum of a 
forward direction 6-function and a remainder term. 
For most scattering problems, the solution is con- 
verged upon with a modest number (~8 to 16) of 
quadrature points (streams). 

A very different type of multiple scattering tech- 
nique, called the Monte Carlo method, is based on 
randomly sampling a large number of computer- 
simulated ‘photons’ as they travel through the 
atmosphere and are absorbed and scattered. The 
basic idea here is that sensor radiance can be expressed 
as a multiple path integral over the local source terms, 
and Monte Carlo methods solve integrals by sampling 
the integrand. The major advantage of this method is 
that it is flexible enough to allow for all of the 
complexity of a realistic atmosphere, often neglected 
by other methods. The major drawback is its 
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MEDIUM WAVE TEST CIRCUIT (top in photo) 

As a simple test circuit to compare detectors I made up a simple 'crystal set' radio from a ferrite rod coil from an 
old radio, tuning capacitor an array of diodes (crystals) and a simple RF filter composed of a 47k resistor and 
InF capacitor. The coil and capacitor formed the resonant circuit which was fed via a 10 - 50pf capacitor by the 
antenna (long wire). This capacitor helps to reduce the effect of the antennas own capacitance and inductance 
from modifying the resonant frequency of the tuned circuit. Ideally this should be as small a capacitance as you 
can get away with but too small a value will reduce the radios sensitivity .... 


An earth was connected to the ground connection of the circuit. Instead of taking the antenna end of the resonant 
circuit to a diode detector (as many simple crystal sets do) I used a ca. 10 turn coupling coil around the coil. This 
was done to limit the loading on the resonant circuit by the detector. It should help keep the tuning sharp and 
also help to keep the overall (band) spread of tuning as large as possible. 


Because of the reduction in turns (ca. 100 turns : 10 turns, i.e. 10:1) the coupling coil reduces the signal that is 
available to drive the detector. For example if I use a standard silicon diode (e.g. a 1N4148) which requires 
about 0.6V to conduct then we might need ca. 10 x 0.6 = 6V of RF to be developed in the resonant circuit! A 
high Q resonant circuit might do this with a long antenna coupled to it but without such a generious antenna 
such a set-up wont be very sensitive. 


RESULTS 

I tried an array of 'crystal set' type diodes to campare them. Typical rough results are shown in the table below. 
This was with an Earth and about 3-4m of antenna wire randomly strung near to ground level (so its a pretty bad 
set up really - a good test). 


The EPAD MOSFET data sheets described how the gate and drain of one of the MOSFETS can be joined 
together to form the anode of a diode the source then forms the cathode. I tried this arangement with the 
ALD110900 in order to make up a 'crystal set' diode from this MOSFET but it didnt perform well. 
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computational burden, as a large number of photons is 
required for reasonable convergence; the Gaussian 
error in the calculation declines with the square root of 
the number of photons. The convergence problem is 
moderated to a large extent by using the physics of the 
problem being solved to bias the selection of photon 
paths toward those trajectories which contribute 
most; mathematically, this is equivalent to requiring 
that the integrand be sampled most often where its 
contributions are most significant. 


An Example Atmospheric RT Model: MODTRAN 


MODTRAN, developed collaboratively by the Air 
Force Research Laboratory and Spectral Sciences, 
Inc., is the most widely used atmospheric radiation 
transport model. It defines the atmosphere using 
stratified layering and computes transmittances, 
radiances, and fluxes using a moderate spectral 
resolution band model with IR through UV coverage. 
The width of the standard spectral interval, or bin, in 
MODTRAN is 1 cm '. At this resolution, spectral 
correlation among extinction sources is well charac- 
terized as random. Thus, the total transmittance from 
absorption and scattering of atmospheric particulates 
and molecular gases is computed as the product of the 
individual components. 

Rayleigh, aerosol, and cloud extinction are all 
spectrally slowly varying and well represented by 
Beer’s Law absorption and scattering coefficients on 
a lcm ' grid. Calculation of molecular absorption 
is more complex because of the inherent spectral 
structure and the large number of molecular transi- 
tions contributing to individual spectral bins. As 
illustrated in Figure 2, MODTRAN partitions the 
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Figure 2 Components of molecular absorption. The line center, 


line tail and continuum contributions to the total absorption are 
illustrated for the central 1 cm~' spectral bin. 


spectral bin molecular attenuation into 3 com- 
ponents: 


e Line center absorption from molecular transitions 
centered within the spectral bin; 

e Line tail absorption from the tails of molecular 
lines centered outside of the spectral bin but within 
25 cm~!; and 

e HO and CO, continuum absorption from distant 
(>25 cm‘) lines. 


Within the terrestrial atmosphere, only H2O and CO2 
have sufficient concentrations and line densities to 
warrant inclusion of continuum contributions. These 
absorption features are relatively flat and accurately 
modeled using 5 cm ' spectral resolution Beer’s Law 
absorption coefficients. 

Spectral bin contributions from neighboring line 
tails drop off, often rapidly, from their spectral bin 
edge values, but the spectral curves are typically 
simple, containing at most a single local minimum. 
For MODTRAN, these spectral contributions are 
pre-computed for a grid of temperature and pressure 
values, and fit with Padé approximants, specifically 
the ratio of quadratic polynomials in wavenumber. 
These fits are extremely accurate and enable line 
tail contributions to be computed on an arbitrarily 
fine grid. MODTRAN generally computes this 
absorption at a resolution equal to one-quarter the 
spectral bin width, i.e., 0.25 cm! for the 1.0 cm! 
band model. 

The most basic ansatz of the MODTRAN band 
model is the stipulation that molecular line center 
absorption can be approximated by the absorption of 
n identical Voigt lines randomly distributed within 
the band model spectral interval, Av. Early in the 
development of RT theory, Plass derived the 
expression for the transmittance from these n 
randomly distributed lines: 


ra(i- 


MODTRAN’s evolution has resulted in a fine tuning 
of the methodology used to define both the effective 
line number 7 and the in-band single-line equivalent 
width W‘. The effective line number is initially 
estimated from a relationship developed by Goody, 
in which lines are weighted according the to square 
root of their strength, but MODTRAN combines 
nearly degenerate transitions into single lines 
because these multiplets violate the random distri- 
bution assumption. The initial effective line number 
values are refined to insure a match with higher 
resolution transmittance predictions degraded to the 
band model resolution. The in-band equivalent 
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width is computed for an off-centered Voigt line of 
strength S$. Lorentz and Doppler half-widths are 
determined as strength-weighted averages. The off- 
center distance is fixed to insure that the weak-line 
Lorentz equivalent width exactly equals the random 
line center value. 

MODTRAN scattering calculations are optimally 
performed using the DISORT discrete ordinates 
algorithm developed by Stamnes and co-workers. 
Methods for computing multiple scattering such as 
DISORT require additive optical depths, i.e., Beer’s 
Law transmittances. Since the in-band molecular 
transmittances of MODTRAN do not satisfy Beer’s 
Law, MODTRAN includes a correlated-k algorithm 
option. The basic band model ansatz is re-invoked to 
efficiently determine k-distributions; tables of k-data 
are pre-computed as a function of Lorentz and 
Doppler half-widths and effective line number, 
assuming spectral intervals contain m randomly 
distributed identical molecular lines. Thus, MOD- 
TRAN k-distributions are statistical, only dependent 
on band model parameter values, not on the exact 
distribution of absorption coefficients in each spectral 
interval. 


Applications 


Among the many applications of atmospheric trans- 
mission and scattering calculations, we briefly 
describe two complementary ones in the area of 
remote sensing, which illustrate many of the RT 
features discussed earlier as well as current optical 
technologies and problems of interest. 


Earth Surface Viewing 


The first example is Earth surface viewing from 
aircraft or spacecraft with spectral imaging sensors. 
These include hyperspectral sensors, such as AVIRIS, 
which have typically a hundred or more contiguous 
spectral channels, and multispectral sensors, such as 
Landsat, which typically have between three and a few 
tens of channels. These instruments are frequently 
used to characterize the surface terrain, materials and 
properties for such applications as mineral prospect- 
ing, environmental monitoring, precision agriculture, 
and military uses. In addition, they are sensitive to 
properties of the atmosphere such as aerosol optical 
depth and column water vapor. Indeed, in order to 
characterize the surface spectral reflectance, it is 
necessary to characterize and remove the extinction 
and scattering effects of the atmosphere. 

Figure 3 also shows an example of data collected by 
the AVIRIS sensor at ~3km altitude over thick 
vegetation. The apparent reflectance spectrum is the 
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Figure 3 Vegetation spectrum viewed from 3 km altitude before 
(apparent reflectance) and after (reflectance) removal of 
atmospheric scatter and absorption. 


observed radiance divided by the Top-of-Atmosphere 
horizontal solar flux. Atmospheric absorption by 
water vapor, oxygen, and carbon dioxide is evident, 
as well as Rayleigh and aerosol scattering. Figure 3 
shows the surface reflectance spectrum inferred by 
modeling and then removing these atmospheric 
effects (this process is known as atmospheric removal, 
compensation, or correction). It has the characteristic 
smooth shape expected of vegetation, with strong 
chlorophyll absorption in the visible and water bands 
at longer wavelengths. A detailed analysis of such a 
spectrum may yield information on the vegetation 
type and its area coverage and health. 


Sun and Sky Viewing 


The second remote sensing example is sun and sky 
viewing from the Earth’s surface with a spectral 
radiometer, which can yield information on the 
aerosol content and optical properties as well as 
estimates of column concentrations of water vapor, 
ozone, and other gases. Figure 4 shows data from a 
Yankee Environmental Systems, Inc. multi-filter 
rotating shadow-band radiometer, which measures 
both ‘direct flux’ (the direct solar flux divided by the 
cosine of the zenith angle) and diffuse (sky) flux in 
narrow wavelength bands. The plot of In(direct 
signal) versus the air mass ratio is called a Langley 
plot, and is linear for most of the bands, illustrating 
Beer’s Law. The extinction coefficients (slopes) vary 
with wavelength consistent with a combination of 
Mie and Rayleigh scattering. The water-absorbing 
940 nm band has the lowest values and a curved 
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Figure 4 Direct solar flux versus air mass at the surface measured by a Yankee Environmental Systems, Inc. multi-filter rotating 


shadow-band radiometer at different wavelengths. 


plot, in accordance with the square-root dependence 
of the equivalent width for optically thick lines. 
The diffuse fluxes, which arise from aerosol and 
Rayleigh scattering, have a very different dependence 
on air mass than the direct flux. In particular, the 
diffuse contributions often increase with air mass for 
high sun conditions. 

The ratio of the diffuse and direct fluxes is 
related to the total single-scattering albedo, which is 
defined as the ratio of the total scattering coefficient 
to the extinction coefficient. Results from a number 
of measurements showing lower than expected 
diffuse-to-direct ratios have suggested the presence 
of black carbon or some other continuum absorber 
in the atmosphere, which would have a significant 
impact on radiative energy balance at the Earth’s 
surface and in the atmospheric boundary layer. 


List of Units and Nomenclature 


Line shape function [cm] iS 
Lorentz line shape function [cm] fLorentz(Y) 
Voigt line shape function [cm] Hoigt(v) 


Scattering asymmetry parameter g 
Direct plus diffuse radiance (Wem! sr! 
or Wem * pm! sr) 





Air mass ratio 


Direct radiance (W cm! sr! or 
Wem 7 pm! sr) 

Direct radiance at the LOS boundary 
(Wem! sr) or Wem 7 pm! sr) 

Source function (W cm! sr~! or 
Wom? wm‘ sr~4) 

Extinction coefficient (em! atm™') 

Effective number of lines in bin 

Scattering phase function (sr ') 

Line strength (cm * atm‘) 

Transmittance 

Column density (atm cm) 

Complex error (probability) function 

Single-line total equivalent width (cm7') 

Single-line in-band equivalent 
width (cm7!) 

Collision-broadened half-width at half 
maximum (cm ') 

Doppler half-width at 1/e (cm~') 

Spectral interval (bin) width (cm~') 

Scattering angle (radian) 

Wavelength (jm) 

Wavenumber (cm ') 

Molecular line transition frequency 

Direction of incoming light (sr) 

Direction of outgoing light (sr) 
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See also 


Environmental Measurements: Laser Detection of 
Atmospheric Gases. Instrumentation: Spectrometers. 
Scattering: Scattering from Surfaces and Thin Films. 
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Introduction 


It is said that some in ancient Greece knew that light 
could be guided inside slabs of transparent material. 
From this purported little-known curiosity in the 
ancient world, guided wave optics has grown to be the 
technology of the physical level of the systems which 
transfer most of the information about the world; the 
waveguide of the worldwide telecommunications 
network is the optical fiber. The optical fiber itself is 
but a passive waveguide, and guided wave optics is the 
technology which includes all of the passive and active 
components which are necessary to prepare optical 
signals for transmission, regenerate optical signals 
during transmission, route optical signals through 
systems and code onto optical carriers, and decode 
the information from optical carriers, to more 
conventional forms. In this article, some introduction 
to this rather encompassing topic will be given. 


This article will be separated into four parts. In the 
first section, discussion will be given to fiber optics, 
that is, the properties of the light guided in optical 
waveguides which allow the light to be guided in 
distinctly nonrectilinear paths over terrestrial dis- 
tances. The second section will then turn to the 
components which can be used along with the fiber 
optical waveguides in order to form useful systems. 
These components include sources and detectors as 
well as optical amplifiers. In the third section, we will 
discuss the telecommunications network which has 
arisen due to the availability of fiber optics and fiber 
optic compatible components. The closing section 
will discuss integrated optics, the field of endeavor 
which has such great promise to form the future of 
optical technology. 


Fiber Optics 


Fiber optics is a term which generally refers to a 
technology in which light (actually infrared, visible, 
or ultraviolet radiation) is transmitted through the 
transparent cores of small threads of composite 
material. These threads, or fibers as they are called, 
when surrounded by a cladding material and 
coated with polymer for environmental protection 
(see Figure 1) can be coiled like conventional wire and 
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Figure 1 A depiction of the structure of an optical fiber. The 
innermost cylinder is the core region in which the majority of the 
light is confined. The next concentric region is the cladding region 
which is still made of a pure material but one of a lower index of 
refraction than the innermost core region, such that the light of the 
lightwave decays exponentially with extension into this region. 
The outermost region is a coating which protects the fused silica of 
the core and cladding from environmental contaminants such as 
water. For telecommunications fibers, the core is comprised of 
fused silica doped with germanium and typically has an index of 
refraction of 1.45, whereas the cladding differs from this index by 
only about 1%. The coating is often a polyimide plastic which has a 
higher index (perhaps 1.6) but no light guided light should see the 
cladding-coating interface. 


when cabled can resemble (a very lightweight flexible 
version of) conventional transmission wire. Although 
most of the optical fiber in use today is fabricated by a 
process of gas phase chemical deposition of fused 
silica doped with various other trace chemicals, fiber 
can be made from a number of different material 
systems and in a number of different configurations 
for use with various types of sources. In what follows 
in this opening section, we will limit discussion to the 
basic properties of the light guided by the fiber and 
leave more technological discussion to following 
sections. 

There are two complementary mathematical 
descriptions of the propagation of light in an optical 
waveguide. In the ray description, light incident on a 
fiber endface is considered to be made up of a 
bundle of rays. In a uniform homogeneous medium, 
each ray is like an arrow that exhibits rectilinear 
propagation from its source to its next interface 
with a dissimilar material. These rays satisfy Snell’s 
laws of reflection and refraction at interfaces 
between materials with dissimilar optical properties 
that they encounter along their propagation path. 
That is, at an interface, a fraction of the light is 
reflected backwards at an angle equal to the incident 
angle and a portion of the light is transmitted in a 
direction which is more directed toward the normal 
to the interface when the index increases across the 
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Figure 2 Schematic depiction of the geometrical optics 
interpretation of the coupling of light into an optical fiber. Here a 
ray that is incident on the center of the fiber core at an upward 
angle is first refracted at the fused silica—air interface into 
the fused silica core. The ray is then totally internally reflected at 
the core cladding interface such that the ray power remains in the 
core. The ray picture of light coupling is applicable to single rays 
coupling to a multimode fiber. When there are multiple rays, 
interference between these rays must be taken into account which 
is difficult to do in the ray picture. When there is only one 
(diffraction limited) mode in the fiber, the interference between a 
congruence of (spatially coherent) incident rays is necessary to 
describe the coupling. This description is more easily effected by a 
quasi-monochromatic mode picture of the propagation. 


boundary and is directed more away from the 
normal when the index decreases. At the input 
endface of a waveguide, a portion of the energy 
guided by each ray is refracted due to the change in 
refractive index at the guide surface and then 
exhibits a more interesting path within the fiber. In 
a step index optical fiber, where the index of 
refraction is uniformly higher in the fiber core 
than in a surrounding cladding, the rays will 
propagate along straight paths until encountering 
the core cladding interface. Guided rays (see 
Figure 2) are totally internally reflected back into 
the fiber core to again be totally internally reflected 
at the next core cladding interface and so on. 
Radiating rays (see Figure 3) will be only partially 
reflected at the core cladding interface and will 
rapidly die out in propagating down the fiber when 
it is taken into account that typical distances 
between successive encounters with the boundary 
may be sub-millimeter and total propagation dis- 
tances may be many kilometers. In graded index 
fibers, the refractive index within the fiber core 
varies continuously from a maximum somewhere 
within the core to a minimum at which the core 
ends and attaches continuously to a cladding. The 
ray paths within such fibers are curved and the 
guided rays are characterized by the fact that once in 
the fiber they never encounter the cladding. Radia- 
ting rays encounter the cladding and are refracted 
out of the fiber. This description of fiber propagation 
is quite simple and pleasing but does not take into 
account that each ray actually is carrying a clock 
that remembers how long it has been following its 
given path. When two rays come together, they can 
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Figure 3 Schematic depiction of the existence of a cut-off angle 
for coupling into an optical fiber. A ray incident from air on the 
center of the fused silica fiber core is refracted at the air fused 
silica interface and then split when it comes to the core cladding 
interface within the fiber. Were the refracted angle of this ray zero 
(along the core cladding interface) we would say the ray is totally 
internally reflected and no power escapes. As it is, there is 
refracted power into the cladding and the ray will rapidly attenuate 
as it propagates along the fiber. Although most telecommunica- 
tions fiber in this day and age is graded index (the rays will curve 
rather than travel along straight paths), a typical repeat period in 
such a fiber is a millimeter, whereas propagation distances may 
be 100 km. With a loss of even only 0.1% at each reflection form 
the cladding, the light light at cut-off will be severely attenuated in 
one meter, no loss, one kilometer. 


either add or subtract, depending on the reading on 
their respective clocks. When the light is nearly 
monochromatic, the clocks’ readings are simply a 
measure of the phase of the ray when it was 
radiated from its source and the interference 
between rays can be quite strong. This interference 
leads to conditions which only allow certain ray 
paths to be propagated. When the light has a 
randomly varying phase in both space and time (and 
is therefore polychromatic), the interference all but 
disappears. But the condition that allows coupling 
to a specific ray path (mode) also is obliterated by 
the phase randomness, and coupling to a single 
mode guide, for example, becomes inefficient. 
When we need to preserve phase relations in 
order to preserve information while it propagates 
along a fiber path, we need to use single modes 
excited by nearly transform limited sources, that is 
sources whose time variation exhibits well-defined 
(nonrandom) phase variation. As a monochromatic 
wave carries no information, we will require a source 
which can be modulated. When modulation can be 
impressed on a carrier without loss of phase 
information of either information or carrier, infor- 
mation can be propagated at longer distances than 
when the frequency spectrum of the carrier is 
broadened by noise generated during the modulation. 
We refer to such a source that can be modulated 
without broadening as a coherent or nearly coherent 
source. We cannot easily adapt the ray picture to the 
description of propagation of such coherent radiation 
in an optical fiber. Instead we must resort to using 
the time harmonic form of Maxwell’s equations, 


the equations which describe electromagnetic pheno- 
mena, whereas rays can be described by a simplifica- 
tion of the time-dependent form of these equations. In 
the time harmonic approach, we assume that the 
source is monochromatic and then solve for a set of 
modes of the fiber at the assumed frequency of the 
source. These modes have a well-defined phase 
progression as a function of carrier frequency and 
possess a given shape in the plane transverse to the 
direction of propagation. Information can be 
included in the propagation by assuming the quasi- 
monochromatic variation of the source, that is, one 
assumes that the source retains the phase relations 
between the various modulated frequency com- 
ponents even while its amplitude and phase is being 
varied externally. When one assumes that time 
harmonically (monochromatic) varying fields are pro- 
pagating along the fiber axis, one obtains solutions of 
Maxwell’s equations in the form of a summation of 
modes. These are guided modes, ones that propagate 
down the fiber axis without attenuation. There are 
also radiation modes that never couple into a propa- 
gating mode in the fiber. These modes are analogous 
to the types of rays we see in the ray description of 
fiber propagation. There are also another set of 
modes which are called evanescent modes which 
show up at discontinuities in the fiber or at junctions 
between the fiber and other components. In the modal 
picture of fiber propagation, each of these modes is 
given an independent complex coefficient (that is, a 
coefficient with both amplitude and phase). These 
coefficients are determined first by any sources in the 
problem and then must be recalculated at each 
discontinuity plane along the propagation path in 
the fiber. When the source(s) in the problem is not 
transform limited, the phases of the coefficients 
become smeared out and the coupling problems at 
discontinuities take on radically different solutions. 

In some limit, these randomized solutions must 
appear as the ray solutions. Optical fibers are 
generally characterized by their numerical aperture 
(NA), as well as the number which characterizes its 
transverse dimension. The numerical aperture is 
essentially the sine of the maximum angle into 
which the guide will radiate into free space. When 
the guide is multimoded, then the transverse dimen- 
sion is generally given as a diameter. When a guide is 
single-moded, the transverse dimension is generally 
given as a spotsize, that is, by a measure of the size of 
a unity magnification image of the fiber endface. 
Multimode guides can be excited by even poorly 
coherent sources so long as they radiate into the NA or 
capture angle at the input of the guide. Single-mode 
fibers require an excitation which matches the shape 
and size of their fundamental mode. 
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Active Fiber Compatible Components 


Our discussion of propagation in fiber optic wave- 
guides would be a rather sterile one if there were not a 
number of fiber compatible components that can 
generate, amplify, and detect light streams available 
to us in order to construct fiber optic systems. In this 
section, we will try to discuss some of the theory of 
operation of active optical components in order to 
help elucidate some of the general characteristics of 
such components and the conditions that inclusion of 
such components in a fiber system impose on the form 
that the system must take. 

In a passive component such as an optical fiber, we 
need only consider the characteristics of the light that 
is guided. Operation of active components requires 
that the optical fields interact with a medium in sucha 
manner that energy can be transferred from the field 
through an excitation of the medium to the control- 
ling electrical stream and/or vice versa. Generally one 
wants the exchange to go only one way, that is from 
field to electrical stream or from electrical stream to 
field. In a detector this is not difficult to achieve, 
whereas in lasers and amplifiers it is quite hard to 
eliminate the back reaction of the field on the device. 
Whereas a guiding medium can be considered as a 
passive homogeneous continuum, the active medium 
has internal degrees of freedom of its own as well as a 
granularity associated with the distribution of the 
microscopic active elements. At least, we must 
consider the active medium as having an active 
index of refraction with a mind (set of differential 
equations anyway) of its own. If one also wants to 
consider noise characteristics, one needs to consider 
the lattice of active elements which convert the 
energy. The wavelength of operation of that active 
medium is determined by the energy spacing between 
the upper and lower levels of a transition which is 
determined by the microscopic structure of these 
grains, or quanta, that make up the medium. In a 
semiconductor, we consider these active elements to 
be so uniformly distributed and ideally spaced that we 
can consider the quanta (electron hole pairs) to be 
delocalized but numerous and labeled by their 
momentum vectors. In atomic media such as the 
rare earth doped optical fibers which serve as optical 
amplifiers, we must consider the individual atoms as 
the players. In the case of the semiconductor, a 
current, flowing in an external circuit, controls the 
population of the upper (electronic) and lower (hole) 
levels of each given momentum state within the 
semiconductor. When the momentum states are 
highly populated with electrons and holes, there is a 
flow of energy to the field (at the transition 
wavelength) and when the states are depopulated, 


the field will tend to be absorbed and populate the 
momentum states by giving up its energy to the 
medium. The situation is similar with the atomic 
medium except that the pump is generally optical 
(rather than electrical) and at a different wavelength 
than the wavelength of the field to be amplified. That 
is to say, one needs to use a minimum of three levels of 
the localized atoms in the medium in order to carry 
out an amplification scheme. 

The composition of a semiconductor determines its 
bandgap, that is, the minimum energy difference 
between the electron and hole states of a given 
momentum value. A source, be it a light emitting 
diode (LED) or laser diode (see Figure 4) will emit 
light at a wavelength which corresponds to an energy 
slightly above the minimum gap energy (wavelength 
equals the velocity of light times Planck’s constant 
divided by energy) whereas a detector can detect 
almost any energy above the bandedge. Only 
semiconductors with bandgaps which exhibit a 
minimum energy at a zero momentum transfer can 
be made to emit light strongly. Silicon does not 
exhibit a direct gap and although it can be used as a 
detector, it cannot be used as a source material. The 
silicon laser is and has been the ‘Holy Grail’ of 
electronics because of the ubiquity of silicon elec- 
tronics. To even believe that a ‘Holy Grail’ exists 
requires a leap of faith. Weak luminescence has been 
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Figure 4 A schematic depiction of the workings of a 
semiconductor laser light source. The source is fabricated as a 
diode, and normal operation of this diode is in forward bias, that is, 
the p-side of the junction is biased positively with respect to 
ground which is attached to the n-side of the junction. With the 
p-side positively biased, current should freely flow through the 
junction. This is not quite true as there is a heterojunction region 
between the p- and n-regions in which electrons from the n-side 
may recombine with holes from the p-side. This recombination 
gives off a photon which is radiated. In light emitting diodes 
(LEDs), the photon simply leaves the light source as a 
spontaneously emitted photon. In a laser diode, the heterojunction 
layer serves as a waveguide and the endfaces of the laser as 
mirrors to provide feedback and allow laser operation in which the 
majority of the photons generated are generated in stimulated 
processes. 
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observed in certain silicon structures. This lumines- 
cence has been used for mid-infrared sources (where 
thermal effects mask strong luminescence) and in 
concert with rare earth dopants to make visible light 
emitting diodes. The silicon laser is still only a vision. 

Source materials are, therefore, all made of 
compound semiconductors. Detectors are in essence 
the inverse of sources (see Figure 5) but also must 
detect at wavelengths above their gap energy. For 
primarily historical reasons, as will be further 
discussed below, telecommunications employs essen- 
tially three windows of wavelengths for different 
applications, wavelengths centered about 0.85 
microns in the first window, wavelengths about 1.3 
microns in the second window, and wavelengths 
about 1.55 microns in the third window. Materials 
made of layers of different compositions of AlGaAs 
and mounted on GaAs substrates are used in the first 
band, while the other bands require the increased 
degree of freedom allowed by the quaternary alloys of 
InGaAsP mounted on InP substrates. Other material 
mixes are possible, these above-mentioned materials 
are the most common. Rare earth ions exhibit many 
different transitions. The most useful ones have 
proven to be the transitions of Er in the third 
telecommunications window, the one that covers 
the spectral region to either side of 1.55 microns. 
Although both Nd and Pr can be made to amplify 
near the 1.3 micron window, amplifiers made of these 
materials have not proven to be especially practical. 
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Figure 5 A schematic depiction of the workings of a 
semiconductor detector. As with a semiconductor source, the 
detector is fabricated to operate as a diode, that is a p-n junction, 
but in the case of the detector this diode is to be operated only in 
reverse bias, that is, with the n-material being biased positively 
with respect to the ground which is attached to the p-material’s 
contact. In this mode of operation, no current should flow through 
the junction as there are no free carriers in the material, they have 
all been drawn out through the contacts. A photon of sufficiently 
high energy can change this situation by forming an electron hole 
pair in the material. The electron and hole are thereafter drawn to 
the n- and p-contacts, respectively, causing a detectable current 
to flow in the external circuit. 


Telecommunications Technology 


The physical transmission layer of the worldwide 
telecommunications network has come to be domi- 
nated by fiber optic technology, in particular, by 
wavelength division multiplexed or WDM single- 
mode fiber optics operating in the 1.55 micron 
telecommunications window. In the following, we 
will first discuss how this transformation to optical 
communications took place and then go on to discuss 
some of the specifics of the technology. 

Already by the middle of the 1960s, it was clear 
that changes were going to have to take place in order 
that the exponential growth of the telephone system 
in the United States, as well as in Europe, could 
continue. The telephone system then, pretty much as 
now, consisted of a hierarchy of tree structures 
connected by progressively longer lines. A local office 
is used to connect a number of lines emanating in a 
tree structure to local users. The local offices are 
connected by trunk lines which emanate from a toll 
office. The lines from there on up the hierarchy are 
long distance ones which are termed long lines and 
can be regional and longer. The most pressing 
problem in the late 1960s was congestion in the so- 
called trunk lines which connect the local switching 
offices. The congestion was naturally most severe in 
urban areas. These trunk lines were generally one 
kilometer in length at that time. The problem was 
that there was no more space in the ducts that housed 
these lines. A solution was to use time division 
multiplexing or TDM to increase the traffic that could 
be carried by each of the lines already buried in the 
conduit. The problem was that the twisted pair lines 
employed would smear out the edges of the time 
varying bit streams carrying the information at the 
higher bitrates (aggregated rates due to the multi- 
plexing) due to the inherent dependence of signal 
propagation velocity on frequency known as dis- 
persion. After discussion and even development of a 
number of possible technologies, in 1975 a demon- 
stration of a fiber optic system which employed 
multimode semiconductor lasers feeding multimode 
optical fibers all operating at 0.85 micron wave- 
length, proved to be the most viable model for trunk 
line replacement. The technology was successful and 
already in 1980 advances in single-mode laser and 
single-mode fiber technology operating at the 1.3 
micron wavelength had made the inclusion of fiber 
into the long lines viable as well. For roughly the 
decade from 1985 onward, single-mode fiber systems 
dominated long line replacement for terrestrial as 
well as transoceanic links. The erbium doped fiber 
amplifier which operated in the 1.55 micron wave- 
length third telecommunication window had proven 
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itself to be viable for extending repeater periods by 
around 1990. Development of the InGaAsP quatern- 
ary semiconductor system allowed for reliable lasers 
to be manufactured for this window as development 
of strained lattice laser technology in the InGaAs 
system allowed for efficient pump lasers for the fiber 
amplifiers. As the optical amplifiers could amplify 
across the wavelength band that could be occupied by 
many aggregated channels of TDM signals, the move 
of the long line systems to the third telecommunica- 
tions window was accompanied by the adoption of 
wavelength division multiplexing or WDM. That is, 
electronics becomes more expensive as the analog 
bandwidth it can handle increases. Cost-effective 
digital rates are now limited to a few Gb/s, and analog 
rates to perhaps 20 GHz. Optical center frequencies 
are in the order of 2 x 10'* Hz and purely optical 
filters can be made to cleanly separate information 
signals spaced as closely as 100 GHz apart on optical 
carriers. An optical carrier can then be made to 
carry hundreds of channels of 10 Gb/s separated 
by 100 GHz and this signal can be propagated 
thousands of kilometers through the terrestrial fiber 
optics network. Such is today’s Worldwide Web. 


Integrated Optics as a Future of 
Guided Wave Optics 


As electronics has been pushed to ever greater levels 
of integration, its power has increased and its price 
has dropped. A goal implicit in much of the 
development of planar waveguide technology has 
been that optics could become an integrated technol- 
ogy in the same sense as electronics. This has not 
occurred and probably will not occur. This is not to 
say that integrated optical processing circuits are not 
being developed and that they will be not employed in 
the future. They most definitely will. 

Integrated optics was coined as a term when it 
was used in 1969 to name a new program at Bell 
Laboratories. This program was aimed at investi- 
gation of all the technologies that were possible with 
which to fabricate optical integrated circuits. The 
original effort was in no way driven by fiber optics 
as the Bell System only reluctantly moved to a fiber 
optic network solution in 1975. The original 
integrated optics efforts were based on such 
technologies as the inorganic crystal technologies 
that allowed for large second-order optical non- 
linearities, a necessity in order that a crystal also 
exhibits a large electro-optic coefficient. An electro- 
optic coefficient allows one to change the index of 
refraction of a crystal by applying a low frequency 
or DC electromagnetic field across the crystal. 





Figure 6 A schematic depiction of an integrated optical device 
which is often used as a high speed modulator. The device is an 
integrated version of a Mach—Zehnder interferometer. The basic 
idea behind its operation is that spatially and temporally coherent 
light is input into a single mode optical channel. That channel is 
then split into two channels by a Y-junction. Although not depicted 
in the figure, the two arms should not have completely equivalent 
propagation paths. That is to say, that if the light in one of those 
paths propagates a slightly longer distance (as measured in terms 
of phase fronts of the wave) then one cannot recombine the power 
from the two arms. That is, in the second Y-junction, a certain 
amount of the light which we are trying to combine from the two 
arms will be radiated out from the junction. In fact, if the light were 
temporally incoherent (phase fronts not well defined), exactly half 
of the light would be radiated form the junction. This is a statement 
of the brightness theorem which was thought to be a law of 
propagation before there were coherent sources of light. In a high 
speed modulator, the substrate is an electro-optic crystal and 
electrodes are placed over the two arms which apply the electrical 
signal to be impressed on the optical carrier to the channels. 


Lithium niobate technology is a technology that 
has lasted to the present as an optical modulator 
technology (see Figure 6) and an optical switch 
technology (see Figure 7), as well as a technology 
for parametric wavelength conversion. Unfortu- 
nately, although low loss passive waveguide can be 
fabricated in lithium niobate, the crystal is not 
amenable to any degree of monolithic integration. 
Glass was also investigated as an integration 
technology from the early days of integrated optics, 
but the lack of second-order nonlinearity in glass 
strictly limited its applicability. Attention for a 
period turned to monolithic integration in the 
semiconductor materials which were well progres- 
sing as for use as lasers, detectors, and integrated 
circuits. Semiconductor crystals, however, are too 
pure to allow for low loss light propagation which 
requires the material defects to be so numerous that 
optical wavelengths cannot sample them. Passive 
waveguides in semiconductors incur huge losses that 
can only be mitigated by almost constant optical 
amplification which, unfortunately, cannot track the 
rapid optical field variations necessary for infor- 
mation transfer. Early on, attention turned to silicon 
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Then I tried the alternative arrangement as described in the references above. In these articles they dont use the 
MOSFETS as diodes but connect the gate directly to the resonant circuit. As the input resistance is extremely 
high (c.a. [E12 ohms) and the input capacitance is very low (c.a 3pf) it does not load the tuned circuit by any 
appreciable amount. The source and drain are then wired between the coupling coil and filter just as the usual 
diode detector is in a crystal set radio. In this configuration the MOSFET is working more as a gate voltage 
controlled resistor rather than a diode 1.e ‘off for half an RF cycle and 'on' for the rest - this lets the envelope 
through and you hear the music or sound. One article describes the arrangement as a synronious detector. As 
there are two MOSFETS in one package the two are wired in parallel i.e. gate to gate, drain to drain (there is a 
common source) etc. 


DETECTOR TYPE AF voltage produced | 
after filtering 
ili no signal 
silicon 
a 
germanium 
rma 
germanium 


germanium 
eo 
germanium 
ALD110900 
EPAD MOSFET <ImV 
wired as diode 
| 


ALD110900 
EPAD MOSFET 10mV 
wired as sync. detc. 





Typical results of the AF voltages produced by the detector (for use by headphones or amplifier) for an 
Earth connection, small (ca. 3-4m antenna wire near ground level) and the prototype ‘crystal set' radio. 


For the simple set-up described above there was not enough signal to get the silicon diode to work at all 
(although a much longer wire did provide a very small signal). A simple listening test and measurement of the 
AF prodiced by each diode showed that their was very little difference between the various germanium diodes. 
The MOSFET simply wired as a diode (gate wired directly the drain) was a poor detector - better than a silicon 
but not nearly so good as any of the germanium diodes. Finally the EPAD MOSFET wired as a syncronious 
detector worked really very well apparently producing ca. 10 times the signal (in other words it has much less 
loss than a germanium diode) for this particular set up and station than the germanium diodes. 


As the syncronious arrangement was so succesful it got me thinking about this circuit. As the gate goes straight 
in on the main resonant circuit where the voltages, in a good Q circuit, might well be relatively high I thought I 
would try a standard FET (2N3819) and MOSFET (VNIOKM) instead - and they worked! (they are a lot 
cheaper than an EPAD MOSFET chip and easier to get). Some FETS have a larger input capacitance so it helped 
to put a 10pf capacitor in series to the gate (a 10M ohm from gate to earth might reduce 50Hz pick up). 


http://www.creative-science.org.uk/epadmosfets.html 5/6 
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Figure 7 A schematic depiction of an integrated optical device 
which is often used as an optical switch. This device is 
interferometric but really has no free space optics counterpart as 
the Mach—Zhender interferometer does. In this interferometer, 
spatially and temporally coherent light is input into a single mode 
input channel. The two single optical mode input channels, 
which are initially so far apart from each other in terms of their 
mode sizes that they are effectively uncoupled, are then brought 
ever closer together until they are strongly coupled and their 
modes are no longer confined to their separate waveguides but 
are shared between the two channels. As the channels are 
symmetric, but the initial excitation, if from a single waveguide 
alone, is not, the pattern must evolve with propagation. Were 
both input channels excited, symmetry would still require a 
symmetry of their phases. If the phases were either equal to 
each other or completely out of phase, then there would be no 
evolution because we would have excited coupler modes. If the 
coupled region is the proper length, light input to one channel 
will emerge from the other after the channels are pulled apart. If 
the substrate is an electro-optic crystal and electrodes are 
placed over the channels, application of a voltage can affect the 
evolution of the interference in such a manner so as to 
‘decouple’ the channels and switch the light back to the original 
channel. 


optical bench technology, a technology which has 
presently spawned micro-electro-mechanical-system 
(MEMs) technology and still persists as an expens- 
ive vehicle to hybrid electro-optical integration. In 
silicon bench, individual components are micro- 
mounted with solder or silicon pop-up pieces on a 
silicon wafer which serves as a micro-optical bench. 
The technology is expensive and hybrid but perva- 
sive in the highest end of cost classes of optical 
systems. 

The tremendous success of the fiber optical net- 
work spawned a movement in which groups tried to 
achieve every possible system functionality in fibers 
themselves. A notable success has been the optical 
fiber amplifier. Significantly less successful in the fiber 
optic network has been the fiber Bragg grating. 
Attempts to carry out WDM functionalities in all 
fiber configuration leads to unwieldy configurations 
requiring large amounts of fiber and significant 
propagation delays, although, Bragg grating sensors 
have proven to be somewhat useful in sensing 


applications. WDM functions have been imple- 
mented in a large number of different hybrid 
configurations, involving various types of glasses, 
fused silica on silicon and simple hybrids of birefrin- 
gent crystals. 

The telecommunications network is not the driver 
that it once was. That this is so is perhaps the 
strongest driving force yet for integrated optics. The 
driver now is new applications that must be 
implemented in the most efficient manner. The most 
efficient manner is quite generally the one in which 
there is a maximum degree of integration. In the long 
run, polymer has always been the winning technology 
for optics of any kind, due to the flexibility of the 
technology and the drop in cost that accompanies 
mass production. Indeed, polymer integrated optics 
progresses. There are also a number of researchers 
involved in investigating strongly guiding optics, 
so-called photonic crystal optics. That is, in order to 
achieve low loss as well as low cost, the fiber and 
integrated optic waveguides up to the present have 
used small variations in optical properties of material 
to achieve guidance at the cost of having structures 
that are many wavelengths in size. In radio frequency 
(RF) and microwave technology, for example, guides 
are tiny fractions of a wavelength. This can lead to an 
impedance matching problem. RF and microwave 
impedance matching costs (versus circuit impedance 
matching costs) are generally quite high, precluding 
mass application. That radio frequency systems, such 
as cell phone transceivers link to the rest of the world 
by antenna, allows that the overall circuit dimension 
can be kept less than a single wavelength and 
impedance matching can be foregone in this so-called 
circuit limit. It is usually hard to keep an overall 
microwave system to less than a wavelength in overall 
extent except in the cell phone case or in a microwave 
oven. Optical miniaturization will require high index 
contrast guides, and will require optical impedance 
matching. There are few complete optical systems 
which will comprise less than an optical wavelength 
in overall extent. But then this so-called photonic 
crystal technology will likely be polymer compatible 
and there may be ways to find significant cost 
reduction. The future of integrated optics is unclear 
but bright. 


See also 


Fiber and Guided Wave Optics: Dispersion; Fabrication 
of Optical Fiber; Light Propagation; Measuring Fiber 
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Division Multiplexing. 
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Introduction 


Dispersion designates the property of a medium to 
propagate the different spectral components of a 
wave with a different velocity. It may originate from 
the natural dependence of the refractive index of a 
dense material to the wavelength of light, and one of 
the most evident and magnificent manifestations of 
dispersion is the appearance of a rainbow in the sky. 
In this case dispersion gives rise to a different 
refraction angle for the different spectral components 
of the white light, resulting in an angular dispersion 
of the sunlight spectrum and explicating the etymol- 
ogy of the term dispersion. Despite this spectacular 
effect, dispersion is mostly seen as an impairment in 
many applications, in particular for optical signal 
transmission. In this case, dispersion causes a 
rearrangement of the signal spectral components in 
the time domain, resulting in temporal spreading of 
the information and eventually in severe distortion. 

There is a trend to designate all phenomena 
resulting in a temporal spreading of information as 
a type of dispersion, namely the polarization dis- 
persion in optical fibers that should be properly 
named as polarization mode delay (PMD). In this 
article chromatic dispersion will be solely addressed, 
that designates the dependence of the propagation 
velocity on wavelength and that corresponds to the 
strict etymology of the term. 


Effect of Dispersion on an Optical 
Signal 
An optical signal may always be considered as a 


sum of monochromatic waves through a normal 
Fourier expansion. Each of these Fourier components 
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propagates with a different phase velocity if the 
optical medium is dispersive, since the refractive 
index depends on the optical frequency v. This 
phenomenon is linear and causal and gives rise to a 
signal distortion that may be properly described by a 
transfer function in the frequency domain. 

Let (v) be the frequency-dependent refractive 
index of the propagation medium. When the optical 
wave propagates in a waveguiding structure the 
effective wavenumber is properly described by a 
propagation constant £, that reads: 


2, 
BO”) = ny [1] 
co 


where cg is the vacuum light velocity. The propa- 
gation constant corresponds to an eigenvalue of the 
wave equation in the guiding structure and normally 
takes a different value for each solution or propa- 
gation mode. For free-space propagation this con- 
stant is simply equal to the wavenumber of the 
corresponding plane wave. 

The complex electrical field E(z,t) of a signal 
propagating in the z direction may be properly 
described by the following expression: 


Ee HH=AG err 
with vg: the central optical frequency 


and By = B(%») [2] 


where A(z, #) represents the complex envelope of the 
signal, supposed to be slowly varying compared to the 
carrier term oscillating with the frequency vp. Con- 
sequently, the signal will spread over a narrow band 
around the central frequency vp and the propagation 
constant 6 can be conveniently approximated by a 
limited expansion to the second order: 


_ 2, 48 d’p 
BO) Bo u dp dv2 jets 


For a known signal A(0,t) at the input of the 
propagation medium, the problem consists in 





(v—) [3] 


(v— v%)+4 
v=V 
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determining the signal envelope A(z,t) after propa- 
gation over a distance z. The linearity and the 
causality of the system make possible a description 
using a transfer function H,(v) such as: 


A(z, v) = H,(v) A(0, v) [4] 


where A(z, v) is the Fourier transform of A(z,?). 

To make the transfer function H,(v) explicit, let us 
assume that the signal corresponds to an arbitrary 
harmonic function: 


A(0,t) = Aye? [5] 


Since this function is arbitrary and the signal may 
always be expanded as a sum of harmonic functions 
through a Fourier expansion, there is no loss of 
generality. The envelope identified as a harmonic 
function actually corresponds to a monochromatic 
wave of optical frequency v= 1) +f as defined by 
eqn [2]. Such a monochromatic wave will experience 
the following phase shift through propagation: 


E(z,t) = Ag ell27 ot ft- Boot fal 


= Ae 27 eil2at— Bot fz] [6] 


On the other hand, an equivalent expression may be 
found using the linear system described by eqns [2] 
and [4]: 


E(z t) = A(z t) el(27¥0t— Bor) 
a A, ei2aft el(2 mt Boz) [7] 


Since eqns [6] and [7] must represent the same 
quantities and using the definition in eqn [4], a simple 
comparison shows that the transfer function must 
take the following form: 


H,) = e UBM Boz [8] 


The transfer function takes a more analytical form 
using the approximation in eqn [3]: 





Hv) = e i2mv 01D @ imD,(v—%)?z [9] 


In the transfer function interpretation the first term 
represents a delay term. It means that the signal is 
delayed after propagation by the quantity: 





a A OB _.€ 
D On dy” Ve a2 


where V, represents the signal group velocity. This 
term therefore brings no distortion for the signal and 
thus states that the signal is replicated at the distance 
z with a delay 7p. 


The second term is the distortion term which is 
similar in form to a diffusion process and normally 
results in time spreading of the signal. In the case of a 
light pulse it will gradually broaden while propagat- 
ing along the fiber, like a hot spot on a plate gradually 
spreading as a result of heat diffusion. The effect 
of this distortion is proportional to the distance z 
and to the coefficient D,, named group velocity 
dispersion (GVD): 


ABA df 
D, 2a dv? oly.) 


& 





[11] 


It is important to point out that the GVD may be 
either positive (normal) or negative (anomalous) and 
the distortion term in the transfer function in eqn [9] 
may be exactly cancelled by propagating in a 
medium with D, of opposite sign. It means that 
the distortion resulting from chromatic dispersion is 
reversible and this is widely used in optical links 
through the insertion of dispersion compensators. 
These are elements made of specially designed 
fibers or fiber Bragg gratings showing an enhanced 
GVD coefficient, with a sign opposite to the GVD in 
the fiber. 

From the transfer function in eqn [9] it is possible 
to calculate the impulse response of the dispersive 
medium: 


._(t-tp)y 
1 et Dez 
VJilD lz 


so that the distortion of the signal may be calculated 
by a simple convolution of the impulse response with 
the signal envelope in the time domain. 

The effect of dispersion on the signal can be more 
easily interpreted by evaluating the dispersive propa- 
gation of a Gaussian pulse. In this particular case 
the calculation of the resulting envelope can be 
carried out analytically. If the signal envelope takes 
the following Gaussian distribution at the origin: 





h{t) = [12] 


Pr 


A(0,t1)=Age 7% [13] 
with 7) the 1/e half-width of the pulse, the envelope at 
distance z is obtained by convoluting the initial 
envelope with the impulse response /,(f): 


A(z, t) = h,(t) ® A(0, t) 
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14 
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where 


2 
= TIT O 


D, 





z= [15] 


represents the typical dispersion length, that is the 
distance necessary to make the dispersion effect 
noticeable. 

The actual pulse spreading resulting from dis- 
persion can be evaluated by calculating the intensity 
of the envelope at distance z: 


_ 2¢t-my 
77(z) 





|A(z, tI? = Ay —-e [16] 
° x(2) 

that is still a Gaussian distribution centered about the 

propagation delay time 7p, with 1/e” half-width: 


T(z) = Toy 1 + (2/0) 


The variation of the pulse width 7(z) is presented in 
Figure 1 and clearly shows that the pulse spreading 
starts to be nonnegligible from the distance z = zg. 
This gives a physical interpretation for the dispersion 
length zg. It must be pointed out that there is a direct 
formal similarity between the pulse broadening of a 
Gaussian pulse in a dispersive medium and the 
spreading of a free-space Gaussian beam as a result 
of diffraction. Asymptotically for distances z > Zp, 
the pulsewidth increases linearly: 


[17] 


z 
1(z) = |D,|— [18] 
TT 

It must be pointed out that the width increases 
proportionally to the dispersion D,, but also inversely 


proportionally to the initial width 7). This results 


a tz) 
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Figure 1 Variation of the 1/e? half-width of a Gaussian pulse, 
showing the pulse spreading effect of dispersion. The dashed 
line shows the asymptotic linear spreading for large propagation 
distance. 


from the larger spectral width corresponding to a 
narrower pulsewidth, giving rise to a stronger 
dispersive effect. 

The chromatic dispersion does not modify the 
spectrum of the transmitted light, as any linear effect. 
This can be straightforwardly demonstrated by 
evaluating the intensity spectrum of the signal 
envelope at any distance z, using the eqns [4] and [8]: 


A(z, I? = IH (AO, v)I? = le HP Fo2l 7 | 4(0, vy? 
4 
= |A(0, vl? [19] 


It means that the pulse characteristics in the time 
and frequency domains are no longer Fourier- 
transform limited, since after the broadening due 
to dispersion, the spectrum should normally spread 
over a narrower spectral width. This feature results 
from a re-arrangement of the spectral components 
within the pulse. This can be highlighted by evaluat- 
ing the distribution of instantaneous frequency 
through the pulse. The instantaneous frequency «; is 
defined as the time-derivative of the wave phase 
factor ¢(t) and is uniformly equal to the optical 
carrier pulsation w; = 27vp for the initial pulse, as 
can be deduced from the phase factor at z=0 
by combining eqns [2] and [13]. This constant 
instantaneous frequency means that all spectral 
components are uniformly present within the pulse 
at the origin. 

After propagation through the dispersive medium 
the phase factor (f) can be evaluated by combining 
eqns [2] and [14] and evaluating the argument of the 
resulting expression. The instantaneous frequency «@; 
is obtained after a simple time derivative of #(t) and 
reads: 


27z 
Dz? +2) 





w(t) = wo + (t — 7) [20] 


For z > 0 the instantaneous frequency varies linearly 
over the pulse, giving rise to a frequency chirp. The 
frequency components are re-arranged in the pulse, so 
that the lower frequency components are in the 
leading edge of the pulse for a normal dispersion 
D, > 0 and the higher frequencies in the trailing 
edge. For an anomalous dispersion D, <0, the 
arrangement is opposite, as can be seen in Figure 2. 
The effect of this frequency chirp can be visualized 
in Figure 3, showing that the effect of dispersion is 
equivalent to a frequency modulation over the pulse. 
The chirp is maximal at position z and the 
pulsewidth takes its minimal value 7) when the 
chirp is zero. It is evident with this description 
that the pulse broadening may be entirely compen- 
sated through propagation in a medium of opposite 
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z=0 z>0 

Figure 2 Distribution of the instantaneous frequency through a 
Gaussian pulse. At the origin the distribution is uniform (left) and 
the dispersion induces a frequency chirp that depends on the sign 
of the GVD coefficient D,,. 





Figure 3 The dispersion results in a pulse broadening together 
with a frequency chirp, here for a normal GVD, that can be seen 
like a frequency modulation. 


group velocity dispersion; this is equivalent to 
reversing the time direction in Figure 3. Moreover a 
pre-chirped pulse can be compressed to its Fourier- 
transform limited value after propagation in a 
medium with the proper dispersion sign. This feature 
is widely used for pulse compression after pre- 
chirping through propagation in a medium subject 
to optical Kerr effect. 

The above description of the propagation of a 
Gaussian pulse implicitly states that the light source is 
perfectly coherent. In the early stages of optical 
communications it was not at all the case, since most 
sources were either light emitting diodes or multi- 
mode lasers. In this case the spectral extent of the 
signal was much larger than actually required for the 
strict need of modulation. Each spectral component 
may thus be considered as independently propagating 
the signal and the total optical wave can be identified 
to light merged from discrete sources emitting 
simultaneously the same signal at a different optical 
frequency. The group velocity dispersion will cause a 
delay 87 between different spectral components 
separated by a frequency interval 5y that can be 
simply evaluated by a first-order approximation: 


d/z 
an v, )pu D, 23» 


where eqns [10] and [11] have been used. The delay 
67 is thus proportional to the GVD coefficient D,, 


_ dr 


Sr ay Sv= [21] 





to the propagation distance z and the frequency 
separation 6v. This description can be extended to a 
continuous frequency distribution with a spectral 
width o,, resulting to the following temporal broad- 
ening o;: 

o, = |D,lo,z [22] 
Traditionally the spectral characteristics of a source 
are given in units of wavelength and the GVD 
coefficient is expressed in optical fibers accordingly. 
Following the same description as above, the tem- 
poral broadening o,, for a spectral width oy in 
wavelength units, reads: 

0, = ID layz [23] 
Since equal spectral widths must give equal broad- 
ening the value of the GVD in units of wavelength can 
be deduced from the natural definition in frequency 
units: 


d/f1 d/f1 \dv 
D, = = = 
maleate 
It must be pointed out that the coefficient D, takes a 
sign opposite to D,; in other words, a normal 
dispersion corresponds to a negative GVD coefficient 
Dj. It is usually expressed in units of picoseconds of 
temporal broadening, per nanometer of spectral 
width and per kilometer of propagating distance, or 
ps/nm km. For example, a pulse showing a spectral 
width of 1 nm propagating through a 100 km fiber 
having a dispersion D, of +10 ps/nmkm, will 


experience, according to eqn [23], a pulse broadening 
o, of 10 X 1 x 100 = 1000 ps or 1 ns. 





Cc 
= 2 D, [24] 


Material Group Velocity Dispersion 


Any dense material shows a variation of its index of 
refraction v as a function of the optical frequency v. 
This natural property is called material dispersion 
and is the dominant contribution in weakly guiding 
structures such as standard optical fibers. This natural 
dependence results from the noninstantaneous 
response of the medium to the presence of the electric 
field of the optical wave. In other words, the 
polarization field P(t) corresponding to the material 
response will vary with some delay or inertia to the 
change of the incident electric field E(t). This delay 
between cause and effect generates a memory-type 
response of the medium that may be described using a 
time-dependent medium susceptibility y(t). The 
relation between medium polarization at time t and 
incident field results from the weighted superposition 
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of the effects of E(t’) at all previous times t’ < t. This 
takes the form of the following convolution: 


+00 


xt — EC’) de’ [2.5] 


P(t) = 60 | 


Through application of a simple Fourier transform 
this relation reads in the frequency domain as: 


PCV) = enX(V)E(r) 


showing clearly that the noninstantaneous response 
of the medium results in a frequency-dependent 
refractive index using the standard relationship with 
the susceptibility x: 


nv)=/1+ xv) where 


This means that a beautiful natural phenomenon such 
as a rainbow, originates on a microscopic scale from 
the sluggishness of the medium molecules to react to 
the presence of light. For signal propagation, it results 
in a distortion of the signal and in most cases in a 
pulse spreading, but the microscopic causes are in 
essence identical. This noninstantaneous response is 
tightly related to the molecules’ vibrations that also 
give rise to light absorption. For this reason it is 
convenient to express the propagation in an absorp- 
tive medium by adding an imaginary part to the 
susceptibility (7): 


[26] 


XM=FUYXO} [27] 


MV) = x'(V) Fix") [28] 
so that the refractive index n(v) and the absorption 
coefficient a(v) reads in a weakly absorbing medium: 


nv) = 1+ x'(v) 


1 
= _ 2m") 
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Since the response of the medium, given by the time- 
dependent susceptibility y(¢) in eqn [25], is real and 
causal, the real and imaginary part of the suscepti- 
bility in eqn [28] are not entirely independent and are 
related by the famous Kramers—Kronig relations: 


00 Ui 
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Absorption and dispersion act in an interdependent 
way on the propagating optical wave and knowing 
either the absorption or the dispersion spectrum is 
theoretically sufficient to determine the entire optical 
response of the medium. The interdependence 


V 


Figure 4 Typical optical response of a transparent medium, 
showing the spectral interdependence between the absorption 
coefficient a and the index of refraction n. 


between absorption and dispersion is typically 
illustrated in Figure 4. The natural tendency is to 
observe a growing refractive index for increasing 
frequencies in low absorption regions. In this case, the 
dispersion is called normal and this is the most 
observed situation in transparency regions of a 
material, which obviously offer the largest interest 
for optical propagation. In an absorption line the 
tendency is opposite, a diminishing index for increas- 
ing wavelength, and such a response is called 
anomalous dispersion. The dispersion considered 
here is the phase velocity dispersion, represented by 
the slope of n(v), that must not be mistaken with the 
group velocity dispersion (GVD) that only matters for 
signal distortion. The difference between these two 
quantities is clarified below. 

To demonstrate that a frequency-dependent refrac- 
tive index n(v) gives rise to a group velocity dispersion 
and thus a signal distortion we use eqns [1] and [10], 
so the group velocity V, can be expressed: 


with N=n+p [31] 





c 
V.= 7 
N is called group velocity index and differs from the 
phase refractive index n only if n shows a spectral 
dependence. In a region of normal dispersion (dn/ 
dv) > 0, the group index is larger than the phase 
index and this is the situation observed in the great 
majority of transparent materials. From eqn [31] and 
using eqn [24] the GVD coefficient D, can be 
expressed as a function of the refractive index n(A): 


p.- 4 1\ d/(N _ «an 
* dV, J dalco co dd? 


The GVD coefficient is proportional to the second 
derivative of the refractive index n with respect to 
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wavelength and is therefore minimal close to a point 
of inflexion of 1(A). As can be seen in Figure 4 such a 
point of inflexion is always present where absorption 
is minimal, at the largest spectral distance from two 
absorption lines. It means that the conditions of low- 
group velocity dispersion and high transparency are 
normally fulfilled in the same spectral region of an 
optical dielectric material. In this region the phase 
velocity dispersion is normal at any wavelength, but 
the group velocity is first normal for shorter 
wavelengths, then is zero at a definite wavelength 
corresponding to the point of inflexion of m(A), and 
finally becomes anomalous for longer wavelengths. 
The situation in which normal phase dispersion and 
anomalous group dispersion are observed simul- 
taneously is in no way exceptional. 

In pure silica the zero GVD wavelength is at 
1273 nm, but is subject to be moderately shifted to 
larger wavelengths in optical fibers, as a result of the 
presence of doping species to raise the index in the 
fiber guiding core. This shift normally never exceeds 
10 nm using standard dopings; larger shifts are 
observed resulting from waveguide dispersion and 
this aspect will be addressed in the next section. The 
zero GVD wavelength does not strictly correspond to 
the minimum attenuation in silica fibers, because the 
dominant source of loss is Rayleigh scattering in this 
spectral region and not molecular absorption. This 
scattering results from fluctuations of the medium 
density as observed in any amorphous materials such 
as vitreous silica and is therefore a collective effect of 
many molecules that does not impinge on the 
microscopic susceptibility y(¢). It has therefore no 
influence on the material dispersion characteristics 
and this explains the reason for the minimal 
attenuation wavelength at 1550 nm, mismatching 
and quite distant from the zero material GVD at 
1273 nm. 

Material GVD in amorphous SiO, can be accu- 
rately described using a three-term Sellmeier expan- 
sion of the refractive index: 





and performing twice the wavelength derivative. The 
coefficients C; and A; are found in most reference 
handbooks and result in the GVD spectrum shown in 
Figure 5. Such a spectrum explains the absence of 
interest for propagation in the visible region through 
optical fibers, the dispersion being very important in 
this spectral region. It also explains the large 
development of optical fibers in the 1300 nm region 
as a consequence of the minimal material dispersion 
there. It must be pointed out that it is quite easy to set 
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Figure 5 Material dispersion of pure silica. The visible region 
(0.4—0.7 zm) shows a strong normal GVD that decreases when 
moving into the infrared and eventually vanishes at 1273 nm. In 
the minimum attenuation window (1550 nm) the material GVD is 
anomalous. 


up propagation in an anomalous GVD regime in 
optical fibers, since this regime is observed in the 
lowest attenuation spectral region. Anomalous dis- 
persion makes possible interesting propagation fea- 
tures when combined with a third-order nonlinearity 
as the optical Kerr effect, namely soliton propagation 
and efficient spectral broadening through modulation 
instability. 


Waveguide Group Velocity Dispersion 


Solutions of the wave equation in an optical 
dielectric waveguide such as an optical fiber are 
discrete and limited. These solutions, called modes, 
are characterized by an unchanged field distribution 
along the waveguides and by a uniform propagation 
constant 8 over the wavefront. This last feature is 
particularly important if one recall that the field 
extends over regions presenting different refractive 
indices in a dielectric waveguide. For a given mode, 
the propagation constant 6 defines an effective 
refractive index ng for the propagation by simi- 
larity to eqn [1]: 


27v 


p= [34] 





co Neff 
The value of this effective refractive index neg is 
always bound by the value of the core index m; and 
of the cladding index 3, so that 1. < neg < 4. For 
a given mode, the propagation constant B, and so 
the effective refractive index ns, only depend on a 
quantity called normalized frequency V that essen- 
tially scales the light frequency to the waveguide 
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optical parameters: 


27 | 
Y=" nm 


where a is the core radius. Figure 6 shows the 
dependence of the propagation constant 6 of the 
fundamental mode LP 9, on the normalized frequency 
V. The variation is nonnegligible in the single-mode 
region and gives rise to a chromatic dispersion, since V 
depends on the wavelength A, even in the fictitious case 
of dispersion-free refractive indices in the core and the 
cladding materials. This type of chromatic dispersion 
is called waveguide dispersion. 

To find an expression for the waveguide dispersion 
in function of the guiding properties, let us define 
another normalized parameter, the normalized phase 
constant 0, such as: 


B= aT + b(nt, — 13) 


The parameter b takes values in the interval0 < b < 1, 
is equal to 0 when mere = 17 at the mode cutoff, and is 
equal to 1 when 7 .¢ =. This latter situation is 
never observed and is only asymptotic for very large 
normalized frequencies V. Solving the wave equation 
provides the dispersion relation b(V) and it is impor- 
tant to point out that this relation between normalized 
quantities depends only on the shape of the refractive 
index profile. Step-index, triangular or multiple-clad 
index profiles will result in different b(V) relations, 
independently of the actual values of the refractive 
indices n, and m2 and of the core radius a. 

From the definitions in eqns [10] and [35] and in the 
fictitious case of an absence of material dispersion, 
the propagation delay per unit length reads: 


[35] 
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Figure6 Propagation constant 6 as a function of the normalized 
frequency Vin a step-index optical fiber. The single mode region is 
in the range 0 < V< 2.405. 


so that the waveguide group velocity dispersion can 
be expressed using the relation in eqn [24]: 


Dp’ = df1\ d/f1\dv 
* dal v, J dv\ Vz J da 
vdfi 1 Vv 

A dv\ V, 271 
The calculation of the combined effect of material 
and waveguide dispersions results in very long 
expressions in which it is difficult to highlight the 


relative effect of each contribution. Nevertheless, by 
making the assumption of weak guidance: 














ny — ny N;, — Np 


1 
- Np < 


[39] 





where N, and Nj are the group indices in the core and 
the cladding, respectively, defined in eqn [31], the 
complete expression can be drastically simplified to 
obtain for the delay per unit length: 

















11 _ d(bV) 
V, = +N; +(N; — No) dv [40] 
and for the total dispersion: 
d(bV 
Dy = Di +(D, — DEO 
N, 1 _d*(bV) 
41 
(N; — No) i AG Vv qv2 [41] 
where 
d dn, d dn, 
D, = ~ ey ae and D, = a ae [42] 


are the material GVD in the core and the cladding, 
respectively. 

The first two terms in eqn [41] represent the 
contribution of material dispersion weighted by the 
relative importance of core and cladding materials for 
the propagating mode. In optical fibers, the difference 
between D, and D,j is small, so that this contribution 
can be often well approximated by D,, independently 
of any guiding effects. 

The last term represents the waveguide dispersion 
and is scaled by 2 factors: 


e The core-cladding index difference n, — n= 
N, — N;. The waveguide dispersion will be sig- 
nificantly enhanced by increasing the index differ- 
ence between core and cladding. 

e The shape factor V(d?(bV)/dV7). This factor 
uniquely depends on the shape of the refractive 
index profile and may substantially modify the 
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Figure 7 Material, waveguide and total group velocity disper- 
sions for: (a) step-index fiber; (b) triangular profile fiber. The 
waveguide dispersion can be significantly enhanced by changing 
the shape of the index profile, making possible a shift of the zero 
GVD to the minimum attenuation window. 


spectral dependence of the waveguide dispersion, 
making possible a great variety of dispersion 
characteristics. 


Due to this degree of freedom brought by wave- 
guide dispersion it is possible to shift the zero GVD 
wavelength to the region of minimal attenuation at 
1550 nm in silica optical fibers. Figure 7a shows the 
total group velocity dispersion of a step-index core 
fiber, together with the separate contributions of 
material and waveguide GVD. In this case, the 
material GVD is clearly the dominating contribution, 
while the small waveguide GVD results in a shift of 
the zero GVD wavelength from 1273 nm to 1310 nm. 
A larger shift could be obtained by increasing the 
core-cladding index difference, but this also gives rise 
to an increased attenuation from the doping and no 
real benefit can be expected from such a modification. 
In Figure 7b, the core shows a triangular index profile 


to enhance the shape factor in eqn [41], so that the 
contribution of waveguide GVD is significantly 
increased with no impairing attenuation due to 
excessive doping. This makes it possible to realize 
the ideal situation of an optical fiber showing a zero 
GVD at the wavelength of minimum attenuation. 
These dispersion-shifted fibers (DSF) have now 
become successful in modern telecommunication 
networks. 

Nevertheless, the absence of dispersion favors the 
efficiency of nonlinear effects and several classes of 
fibers are now proposed, showing a small but nonzero 
GVD at 1550nm, with positive or negative sign, 
nonzero DSF (NZDSF). By interleaving fibers with 
positive and negative GVDs it is possible to propagate 
along the optical link in a dispersive medium and thus 
minimize the impact of nonlinearities, while main- 
taining the overall GVD of the link close to zero and 
canceling any pulse spreading accordingly. 


List of Units and Nomenclature 


Chromatic dispersion [ps nm! km™'] D 

Electric field [V m7 '] E 

Group index N 

Group velocity [ms] V, 

Group Velocity Dispersion D, 
GVD [s* m~"] 

Linear attenuation coefficient [m~ ‘] 

Medium susceptibility 

Normalized frequency 

Optical frequency [s '] 

Propagation constant [m*] 

Propagation delay [s] 

Polarization density field [A s m *] 

Refractive index 

Vacuum light velocity [ms '] 

Wavelength [m] 
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See also 


Dispersion Management. Fiber and Guided Wave 
Optics: Overview. Fourier Optics. Nonlinear Optics, 
Basics: Kramers—Kronig Relations in Nonlinear Optics. 
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Introduction 


The drawing of optical fibers from silica preforms 
has, over a short period of time, progressed from the 
laboratory to become a manufacturing process 
capable of producing millions of kilometers of 
telecommunications fiber a year. Modern optical 
fiber fabrication processes produce low-cost fiber of 
excellent quality, with transmission losses close to 
their intrinsic loss limit. Today, fiber with trans- 
mission losses of 0.2 dB per kilometer of fiber are 
routinely drawn through a two-stage process that has 
been refined since the 1970s. 

Although fibers of glass have been fabricated and 
used for hundreds of years, it was not until 1966 that 
serious interest in the use of optical fibers for 
communication emerged. At this time, it was 
estimated that the optical transmission loss in bulk 
glass could be as low as 20dBkm ' if impurities 
were sufficiently reduced, a level at which practical 
applications were possible. At this time, no adequate 
fabrication techniques were available to synthesize 
glass of high purity, and fiber-drawing methods were 
crude. 

Over the next five years, efforts worldwide 
addressed the fabrication of low-loss fiber. In 1970, 
a fiber with a loss of 20 dB km! was achieved. The 
fiber consisted of a titania doped core and pure silica 
cladding. This result generated much excitement and 
a number of laboratories worldwide actively began 
researching optical fiber. New fabrication techniques 
were introduced, and by 1986, fiber loss had been 
reduced close to the theoretical limit. 
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All telecommunications fiber that is fabricated 
today is made of silica glass, the most suitable 
material for low-loss fibers. Early fiber research 
studied multicomponent glasses, which are perhaps 
more familiar optical materials; however, low-loss 
fiber, could not be realized, partly due to the lack of a 
suitable fabrication method. Today other glasses, in 
particular the fluorides and sulfides, continue to be 
developed for speciality fiber applications, but silica 
fiber dominates in most applications. 

Silica is a glass of simple chemical structure 
containing only two elements, silicon and oxygen. 
It has a softening temperature of about 2,000°C at 
which it can be stretched, i.e. drawn into fiber. 
An optical fiber consists of a high purity silica glass 
core, doped with suitable oxide materials to raise its 
refractive index (Figure 1). This core, typically on the 
order of 2—10 microns in diameter, is surrounded by 
silica glass of lower refractive index. This cladding 
layer extends the diameter to typically 125 microns. 
Finally a protective coating covers the entire struc- 
ture. It is the phenomenon of total internal reflec- 
tion at the core cladding interface that confines light 
to the core and allows it to be guided. The basic 
requirements of an optical fiber are as follows: 


1. The material used to form the core of the fiber 
must have a higher refractive index than the 
cladding material, to ensure the fiber is a guiding 
structure. 






Buffer coating 





(Jone 5) 


Figure 1 Structure of an optical fiber. 
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2. The materials used must be low loss, providing 
transmission with no absorption or scattering of 
light. 

3. The materials used must have suitable thermal 
and mechanical properties to allow them to be 
drawn down in diameter into a fiber. 


Silica (SiO) can be made into a glass relatively 
easily. It does not easily crystallize, which means that 
scattering from unwanted crystalline centers within 
the glass is negligible. This has been a key factor in the 
achievement of a low-loss fiber. Silica glass has high 
transparency in the visible and near-infrared wave- 
length regions and its refractive index can be easily 
modified. It is stable and inert, providing excellent 
chemical and mechanical durability. Moreover, the 
purification of the raw materials used to synthesize 
silica glass is quite straightforward. 

In the first stage of achieving an optical fiber, silica 
glass is synthesized by one of three main chemical 
vapor processes. All use silicon tetrachloride (SiCl4) 
as the main precursor, with various dopants to 
modify the properties of the glass. The precursors 
are reacted with oxygen to form the desired oxides. 
The end result is a high purity solid glass rod with 
the internal core and cladding structure of the 
desired fiber. 

In the second stage, the rod, or preform as it is 
known, is heated to its softening temperature and 
stretched to diameters of the order of 125 microns. 
Tens to hundreds of kilometers of fiber are produced 
from a single preform, which is drawn continuously, 
with minimal diameter fluctuations. During the 
drawing process one or more protective coatings are 
applied, yielding long lengths of strong, low-loss fiber, 
ready for immediate application. 


Preform Fabrication 


The key step in preparing a low-loss optical fiber is to 
develop a technique for completely eliminating 
transition metal and OH ion contamination during 
the synthesis of the silica glass. The three methods 
most commonly used to fabricate a glass optical 
fiber preform are: the modified chemical vapor 
deposition process (MCVD); the outside vapor depo- 
sition process (OVD); and the vapor-axial deposition 
process (VAD). 

In a typical vapor phase reaction, halide precursors 
undergo a high temperature oxidation or hydrolysis 
to form the desired oxides. The completed chemical 
reaction for the formation of silica glass is, for 
oxidation: 


SiCly + O2 — SiO, + 2Cl, [1] 


For hydrolysis, which occurs when the deposition 
occurs in a hydrogen-containing flame, the reaction is: 


SiCl, + 2H,O — SiO, + 4HCl [2] 


These processes produce fine glass particles, spherical 
in shape with a size of the order of 1 nm. These glass 
particles, known as soot, are then deposited and 
subsequently sintered into a bulk transparent glass. 
The key to low-loss fiber is the difference in vapor 
pressures of the desired halides and the transition 
metal halides that cause significant absorption loss at 
the wavelengths of interest. The carrier gas picks up a 
pure vapor of, for example, SiCl4, and any impurities 
are left behind. 

Part of the process requires the formation of the 
desired core/cladding structure in the glass. In all 
cases, silica-based glass is produced with variations 
in refractive index produced by the incorporation of 
dopants. Typical dopants used are germania (GeO), 
titania (TiOz), alumina (Al,O3), and phosphorous 
pentoxide (P2Os) for increasing the refractive index, 
and boron oxide (B02) and fluorine (F) for 
decreasing it. These dopants also allow other proper- 
ties to be controlled, such as the thermal expansion 
of the glass and its softening temperatures. In 
addition, other materials, such as the rare earth 
elements, have also been used to fabricate active 
fibers that are used to produce optical fiber 
amplifiers and lasers. 


MCVD Process 


Optical fibers were first produced by the MCVD 
method in 1974, a breakthrough that completely 
solved the technical problems of low-loss fiber 
fabrication (Figure 2). 

As shown schematically in Figure 3, the halide 
precursors are carried in the vapor phase by oxygen 
carrier gas into a pure silica substrate tube. An oxy- 
hydrogen burner traverses the length of the tube, 
which it heats externally. The tube is heated to 
temperatures of about 1,400°C which then oxidizes 
the halide vapor materials. The deposition tempera- 
ture is sufficiently high to form a soot made of glassy 
particles which are deposited on the inside wall of the 
substrate tube but low enough to prevent the softened 
silica substrate tube from collapsing. The process 
usually takes place on a horizontal glass-working 
lathe. 

During the deposition process, the repeated traver- 
sing of the burner forms multiple layers of soot. 
Changes to the precursors entering the tube and thus 
the resulting glass composition are introduced for 
layers which will form the cladding and then the core. 
The MCVD method allows germania to be doped into 
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Figure 2 Fabrication of an optical fiber preform by the MCVD 
method. 
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Figure 3 Schematic of preform fabrication by the MCVD 
method. 


the silica glass and the precise control of the refractive 
index profile of the preform. When deposition is 
complete, the burner temperature is increased and the 
hollow, multilayered structure is collapsed to a solid 
rod. A characteristic of fiber formed by this process is 
a refractive index dip in the center of the core of the 
fiber. In addition, the deposition takes place in a 
closed system, which dramatically reduces contami- 
nation by OH ions and maintains low levels of other 
impurities. The high temperature allows high depo- 
sition rates compared to traditional chemical vapor 
deposition (CVD) and large performs, built up from 
hundreds of layers can be produced. 

The MCVD method is still widely used today 
though it has some limitations, particularly on the 
preform size that can be achieved and thus the 
manufacturing cost. Diameter of the final preform is 
determined by the size of the initial silica substrate 
tube, which, due to the high purity required, accounts 
for a significant portion of the cost of the preform. 
A typical preform fabricated by MCVD yields about 
5 km of fiber. Its success has spurred improvements to 
the process, in particular to address the fiber yield 
from a single preform. 


OVD Process 


The outside vapor deposition (OVD) methods, also 
known as outside vapor phase oxidation (OVPO), 
synthesize the fine glass particles within a burner 
flame. The precursors, oxygen, and fuel for the 
burner, are introduced directly into the flame. The 
soot is deposited onto a target rod that rotates and 
traverses in front of the burner. As in MCVD, the 
preform is built up layer by layer, though now initially 
by depositing the core glass and then building up the 
cladding layers over this. After the deposition process 
is complete, the preform is removed from the target 
rod and is collapsed and sintered into a transparent 
glass preform. The center hole remains, but disap- 
pears during the fiber drawing process. This tech- 
nique has advantages in both size of preform which 
can be obtained and the fact that a high-quality silica 
substrate tube is no longer required. These two 
advantages combine to make a more economical 
process. From a single preform, several hundred 
kilometers of fiber can be produced. 


VAD Process 


The most recent refinement to the fabrication process 
was developed again to aid the mass production of 
high-quality fibers. In the VAD process, both core and 
cladding glasses are deposited simultaneously. Like 
OVD, the soot is synthesized and deposited by flame 
hydrolysis, as shown in Figure 4, the precursors are 
blown from a burner, oxidized, and deposited onto a 
silica target rod. 

Burners for the VAD process consist of a series of 
concentrate nozzles. The first delivers an inert carrier 
and the main precursors SiCl4, the second delivers an 
inert carrier glass and the dopants, the third delivers 
hydrogen fuel, and the fourth delivers oxygen. Gas 
flows are up to a liter per minute and deposition rates 
can be very high. With the VAD process, both core 
and cladding glasses can be deposited simultaneously. 
The main advantage is that this is a continuous 
process, as the soot which forms the core and 
cladding glasses are deposited axially onto the end 
of the rotating silica rod, it is slowly drawn upwards 
into a furnace which sinters and consolidates the soot 
into a transparent glass. The upward motion is such 
that the end at which deposition is occurring remains 
in a fixed position and essentially the preform is 
grown from this base. 

The advantages of the VAD process are a preform 
without a central dip and, most importantly, the 
mass production associated with a continuous pro- 
cess. The glass quality produced is uniform and 
the resulting fibers have excellent reproducibility 
and low loss. 
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Figure 4 Schematic of preform fabrication by the VAD method. 


Other Methods of Preform Fabrication 


There are other methods of preform fabrication, 
though these are not generally used for today’s silica 
glass based fiber. Some methods, such as fabrication 
of silica through sol-gel chemistry could not provide 
the large low-loss preforms obtained by chemical 
vapor deposition techniques. Other methods, such as 
direct casting of molten glass into rods, or formation 
of rods and tubes by extrusion, are better suited to 
and find application in other glass chemistries and 
speciality fibers. 


Fiber Drawing 


Once a preform has been made, the second step is to 
draw the preform down in diameter on a fiber 
drawing tower. The basic components and configur- 
ation of the drawing tower have remained unchanged 
for many years, although furnace design has become 
more sophisticated and processes like coating have 
become automated. In addition, fiber drawing towers 
have increased in height to allow faster pulling speeds 
(Figure 5). 

Essentially, the fiber drawing process takes place as 
follows. The preform is held in a chuck which is 
mounted on a precision feed assembly that lowers the 





Figure 5 


A commercial scale optical fiber drawing tower. 


preform into the drawing furnace at a speed which 
matches the volume of preform entering the furnace 
to the volume of fiber leaving the bottom of the 
furnace. Within the furnace, the fiber is drawn from 
the molten zone of glass down the tower to a capstan, 
which controls the fiber diameter, and then onto a 
drum. During the drawing process, immediately 
below the furnace, is a noncontact device that 
measures the diameter of the fiber. This information 
is fed back to the capstan which speeds up to reduce 
the diameter or slows down to increase the fiber 
diameter. In this way, a constant diameter fiber is 
produced. One or more coatings are also applied 
in-line to maintain the pristine surface quality as the 
fiber leaves the furnace and thus to maximize the fiber 
strength. 

The schematic drawing in Figure 6 shows a fiber 
drawing tower and its key components. Draw towers 
are commercially available, ranging in height from 
3m to greater than 20m, with the tower height 
increasing as the draw speed increases. 

Typical drawing speeds are on the order of 
1ms '. The increased height is needed to allow 
the fiber to cool sufficiently before entering the 
coating applicator, although forced air-cooling of 
the fiber is commonplace in a manufacturing 
environment. 
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Figure 6 Schematic diagram of an optical fiber drawing tower 
and its components. 


Furnaces 


A resistance furnace is perhaps the most common and 
economical heating source used in a fiber drawing 
tower. A cylindrical furnace, with graphite or 
tungsten elements, provides heating to the preform 
by blackbody radiation. These elements must be 
surrounded by an inert gas, such as nitrogen or argon, 
to prevent oxidation. Gas flow and control is critical 
to prevent variations in the diameter of the fiber. In 
addition, the high temperature of the elements may 
lead to contamination of the preform surface that can 
then weaken the fiber. 

An induction furnace provides precise clean 
heating through radio frequency (RF) energy that 
is inductively coupled to a zirconia susceptor ring. 
This type of furnace is cleaner than the graphite 
resistance type and is capable of continuous 
running for several months. It also has the 
advantage that it does not require a protective 
inert atmosphere and consequently the preform is 
drawn in a turbulence-free environment. These 
advantages result in high-strength fibers with 
good diameter control. 


Diameter Measurement 


A number of noncontact methods of diameter 
measurement can be applied to measure fiber dia- 
meter. These include laser scanning, interferometry, 


and light scattering techniques. To obtain precise 
control of the fiber diameter, the deviation between 
the desired diameter and the measured diameter is fed 
into the diameter control system. In order to cope 
with high drawing speeds, sampling rates as high as 
1,000 times per second are used. The diameter 
control is strongly affected by the gas flow in the 
drawing furnace and is less affected by the furnace 
temperature variation. The furnace gas flow can be 
used to achieve suppression of fast diameter fluctu- 
ations. This is used in combination with drawing 
speed control to achieve suppression of both fast and 
slow diameter fluctuations. Current manufacturing 
processes are capable of producing several hundreds 
of kilometers of fiber with diameter variations of +1 
micron. 

There are two major sources of fiber diameter 
fluctuations: short-term fluctuations caused by tem- 
perature fluctuations in the furnace; and long-term 
fluctuations caused by variations in the outer 
diameter of the preform. Careful control of the 
furnace temperature, the length of the hot zone, and 
the flow of gas minimize the short-term fluctuations. 
Through optimization of these parameters, diameter 
errors of less than + 0.5 microns can be realized. The 
long-term fluctuations in diameter are controlled by 
the feedback mechanism between the diameter 
measurement and the capstan. 


Fiber Coating 


A fiber coating is primarily used to preserve the 
strength of a newly drawn fiber and therefore must 
be applied immediately after the fiber leaves the 
furnace. The fiber coating apparatus is typically 
located below the diameter measurement gauge at a 
distance determined by the speed of fiber drawing, 
the tower height, and whether there is external 
cooling of the fiber. Coating is usually one of the 
limiting factors in the speed of fiber drawing. To 
minimize any damage or contamination of the 
pristine fiber leaving the furnace, this portion of 
the tower, from furnace to the application of the 
first coating, is enclosed in a clean, filtered-air 
chamber. 

A wide variety of coating materials has been 
applied; however, conventional, commercial fiber 
generally relies on a UV curable polymer as the 
primary coating. Coating thickness is typically 50—- 
100 microns. Subsequent coatings can then be applied 
for specific purposes. A dual coating is often used 
with an inner primary coating that is soft and an 
outer, secondary coating which is hard. This ratio of 
low to high elastic modulus can minimize stress on 
the fiber and reduce bending loss. 
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Alternative coatings include hermetic coatings of a 
low melting temperature metal, ceramics, or amor- 
phous carbon. These can be applied in-line before the 
polymeric coating. Metallic coatings are applied by 
passing the fiber through a molten metal while 
ceramic or amorphous coatings utilize an in-line 
chemical vapor deposition reactor. 


Types of Fiber 


The majority of silica fiber drawn today is single 
mode. This structure consists of a core whose 
diameter is chosen such that, with a given refractive 
index difference between the core and cladding, only 
a single guide mode propagates at the wavelength 
of interest. With a discrete index difference between 
core and cladding, it is often referred to as a step 
index fiber. In typical telecommunications fiber, single 
mode operation is obtained with core diameters of 
2-10 microns with a standard outer diameter of 
125 microns. 

Multimode fiber has core diameters considerably 
larger, typically 50, 62.5, 85, and 110 microns, again 
with a cladded diameter of 125 microns. Multimode 
fibers are often graded index, that is the refractive 
index is a maximum in the center of the fiber and 
smoothly decreases radially until the lower cladding 
index is reached. Multimode fibers find use in non- 
telecommunication applications, for example optical 
fiber sensing and medicine. 

Single mode fibers, which are capable of maintain- 
ing a linear polarization input to the fiber, are known 
as polarization preserving fibers. The structure of 
these fibers provides a birefringence that removes the 
degeneracy of the two possible polarization modes. 
This birefringence is a small difference in the effective 
refractive index of the two polarization modes that 
can be guided and it is achieved in one of two ways. 
Common methods for the realization of this birefrin- 
gence are an elliptical core in the fiber, or through 
stress rods, which modify the refractive index in one 
orientation. These fiber structures are shown in 
Figure 7. 

While the loss minimum of silica-based fiber is near 
1.55 microns, step index single-mode fiber offers 
zero dispersion close to 1.3 micron wavelengths 
and dispersion at the loss minimum is considerable. 
A modification of the structure of the fiber, and in 
particular a segmented refractive index profile in the 
core, can be used to shift this dispersion minimum to 
1.55 microns. This fiber, illustrated in Figure 7 is 
known as dispersion shifted fiber. Similarly fibers, 
with a relatively low dispersion over a wide wave- 
length range, known as dispersion flattened fibers, 
can be obtained by the use of multiple cladding layers. 


Outer core Inner core 


(a) Dispersion shifted fiber 
Core 


Stress rods 


Elliptical core 


(b} Polarization preserving fiber 


Figure 7 Structure of (a) dispersion shifted fiber and (b) two 
methods of achieving polarization preserving fiber. 


List of Units and Nomenclature 


Dopants Elements or compounds added, 
usually in small amounts, to a 
glass composition to modify its 
properties. 

The process of heating and 
thus softening an optical fiber 
preform and then drawing out 
a thin thread of glass. 

The transmission loss of light 
as it propagates through a fiber, 
usually measured in dB of loss 
per unit length of fiber. Loss can 
occur through the absorption 
of light in the core or scattering 
of light out of the core. 

An amorphous solid formed by 
cooling from the liquid state to 
a rigid solid with no long range 
structure. 


Fiber drawing 


Fiber loss 


Glass 


Modified chemical 
vapor deposition 
(MCVD) 


A process for the fabrication of 
an optical preform where gases 
flow into the inside of a rotat- 
ing tube, are heated and react 
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to form particles of glass which 
are deposited onto the wall of 
the glass tube. After deposition, 
the glass particles are consoli- 
dated into a solid preform. 

A process for the fabrication of 
an optical preform where glass 
soot particles are formed in 
an oxy-hydrogen flame and 
deposited on a rotating rod. 
After deposition, the glass 
particles are consolidated into 
a solid preform. 

A fiber blank, a bulk glass rod 
consisting of a core and clad- 
ding glass composite which is 
drawn into fiber. 

A characteristic property of 
glass, which is defined by the 
speed of light in the material 
relative to the speed of light in 
a vacuum. 

A transparent glass formed 
from silicon dioxide. 

A process similar to OVD, 


Outside vapor 
deposition (OVD) 


Preform 


Refractive index 


Silica 


Vapor-axial 


deposition where the core and cladding 
layers are deposited simul- 
taneously. 
See also 


Detection: Fiber Sensors. Fiber and Guided Wave 
Optics: Dispersion; Light Propagation; Measuring Fiber 


Light Propagation 


F G Omenetto, Los Alamos National Laboratory, 
Los Alamos, NM, USA 


© 2005, Elsevier Ltd. All Rights Reserved. 


Optical fibers have become a mainstay of our modern 
way of life. From phone calls to the internet, their 
presence is ubiquitous. The unmatched ability that 
optical fibers have to transmit light is an amazing 
asset that, besides being strongly part of our present, 
is poised to shape the future. 

The foundation of the unique ability of optical 
fibers to transmit light hinges on the well-known 
physical concept of total internal reflection. This 
phenomenon is described by considering the behavior 
of light traveling from one material (A) to a different 


Characteristics; Nonlinear Effects (Basics); Optical Fiber 
Cables. Fiber Gratings. Optical Amplifiers: Erbrium 
Doped Fiber Amplifiers for Lightwave Systems. Optical 
Communication Systems: Architectures of Optical 
Fiber Communication Systems; Historical Development; 
Wavelength Division Multiplexing. Optical Materials: 
Optical Glasses. 
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material (B). When light traverses the interface of the 
two materials with a specific angle, its direction of 
propagation is altered with respect to the normal to 
the surface, according to the well-known Snell law 
which relates the incident angle (onto the interface 
between A and B) to the refracted angle (away from 
the interface between A and B). This is written as 
Na sin i = np sin r, where i is the angle of incidence, r 
the angle of refraction, and m, and mp are the 
refractive indices of the materials A and B. Under 
appropriate conditions, a critical value of the 
incidence angle (ic) exists for which the light does 
not propagate into B and is totally reflected back 
into A. This value is given by icg = arcsin(7,/np). It 
follows that total internal reflection occurs when light 
is traveling from a medium with a higher index of 
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refraction into a medium with a lower index of 
refraction. As an approximation, this is the basic idea 
behind light propagation in fibers. 

Optical fibers are glass strands that include a 
concentric core with a cladding wrapped around it. 
The index of refraction of the core is slightly higher 
than the index of refraction of the cladding, thereby 
creating the necessary conditions for the confinement 
of light within them. Such index mismatches between 
the core and the cladding are determined by using 
different materials for each, by doping the glass matrix 
before pulling the fiber to create an index gradient, by 
introducing macroscopic defects such as air-holes in 
the structure of the fiber cladding (such as in the 
recently developed photonic crystal fibers), or by using 
materials other than glass, such as polymers or plastic. 

The real physical picture of light guiding in fibers is 
more complex than the conceptual description stated 
above. The light traveling in the fiber is, more 
precisely, an electromagnetic wave with frequencies 
that lie in the optical range, and the optical fiber itself 
constitutes an electromagnetic waveguide. As such, the 
waveguide supports guided electromagnetic modes 
which can take on a multitude of shapes (i.e., of energy 
distribution profiles), depending on the core/cladding 
index of refraction profiles. These profiles are often 
complex and determine the physical boundary con- 
ditions that influence the field distribution within the 
fiber. The nature of the fiber modes has been treated 
extensively in the literature where an in-depth 
description of the physical solutions can be found. 

There are many distinguishing features that 
identify different optical fiber types. Perhaps the 
most important one, in relation to the electromag- 
netic modes that the fiber geometry supports, is the 
distinction that is made between single-mode fibers 
and multimode fibers. As the name implies, a single- 
mode fiber is an optical fiber whose index of 
refraction profile between core and cladding is 
designed in such a way that there is only one 
electromagnetic field distribution that the fiber can 
support and transmit. That is to say, light is 
propagated very uniformly across the fiber. A very 
common commercially used fiber of this kind is the 
Corning SMF-28 fiber, which is employed in a variety 
of telecommunication applications. Multimode fibers 
have larger cores and are easier to couple light into, 
yet the fact that many modes are supported implies 
that there is less control over the behavior of light 
during its propagation, since it is more difficult to 
control each individual mode. 

The condition for single-mode propagation in 
optical fibers is determined during the design and 
manufacture of the fiber by its geometrical 
parameters and is specific to a certain operation 


wavelength. A quantity V is defined as V = (277/A) X 
A(Neore — Miadding) > Where a is the core radius and A 
is the wavelength of light. For example, a step-index 
fiber (i.e., a fiber where the transition from the index 
of refraction of the core to the index of refraction in 
the cladding is abrupt), supports a single electro- 
magnetic mode if V < 2.405. 

Light propagation in optical fibers, however, is 
affected by numerous other factors besides the electro- 
magnetic modes that the fiber geometry allows. 

First, the ability to efficiently transmit light in 
optical fiber is dependent on the optical transparency 
of the medium that the fiber is made of. The optical 
transparency of the medium is a function of the 
wavelength (A) of light that needs to be transmitted 
through the fiber. Optical attenuation is particularly 
high for shorter wavelengths and the transmission 
losses for ultraviolet wavelengths become consider- 
ably higher than in the near infrared. The latter 
region, due to this favorable feature, is the preferred 
region of operation for optical fiber based telecom- 
munication applications. This ultimate physical 
limit is determined by the process of light being 
scattered off the atoms that constitute the glass, a 
process called Rayleigh scattering. The losses due to 
Rayleigh scattering are inversely proportional to 
the fourth power of the wavelength (losses «< A~*), 
and therefore become quite considerable as A is 
decreased. 

The ability of optical fibers to transmit light over a 
certain set of wavelengths, is quantified by their 
optical attenuation. This parameter is defined as the 
ratio of the output power versus the input power and 
is usually measured in units of decibels (dB), i.e., 
attenuation (dB) = 10 log4o(Pour/Pin)- 

The values that are found in the literature relate 
optical attenuation to distance and express the 
attenuation per unit length (such as dB/km). Single- 
mode fibers used in telecommunications are usually 
manufactured with doped silica glasses designed to 
work in the near infrared, in a wavelength range 
between 1.3 and 1.6m (1 pm=10 °m) which 
provides the lowest levels of Rayleigh scattering and 
is located before the physical infrared absorption of 
silica (~1.65 um) kicks in. Such fibers, which have 
been developed and refined for decades, have 
attenuation losses of less that 0.2 dB/km at a 
wavelength of 1.55 wm. Many other materials have 
been used to meet specific optical transmission needs. 
While silica remains by far the most popular 
material used for optical fiber manufacturing, other 
glasses are better suited for different portions of the 
spectrum: quartz glass can be particularly transmis- 
sive in the ultraviolet whereas plastic is sometimes 
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conveniently used for short distance transmission in 
the visible. 

The ability to collect light at the input of the fiber 
represents another crucial and defining parameter. 
Returning to total internal reflection, such an effect 
can only be achieved by sending light onto an interface 
at a specific angle. In fibers, the light needs to be 
coupled into a circular core and reach the core 
cladding interface at that specific geometrical angle. 
The measure of the ability to couple light in the fiber is 
referred to as ‘coupling efficiency’. The core dimension 
defines the geometry of the coupling process which, in 
turn, determines the efficiency of the propagation of 
light inside the fiber. In order to be coupled efficiently 
and therefore guided within the fiber, the light has to 
be launched within a range of acceptable angles. Such 
a range is usually defined or derivable from the 
numerical aperture (NA) of the fiber which is 
approximately NA = (ore — Weicdiiag) 9 or can be 
alternatively described as a function of the critical 
angle for total internal reflection within the fiber by 
NA = Aeore SiN icr- Also, light has to be focused into 
the core of the fiber and therefore the interplay 
between core size, focusability, and NA (i.e., accep- 
tance angle) of the fiber influence the coupling 
efficiency into the fiber (which in turn affects 
transmission). Typical telecommunication fibers 
have a 10 wm core (a NA of ~0.2) and have very 
high coupling efficiencies (of the order of 70-80%). 
Specialized single mode fibers (such as photonic 
crystal fibers) can have core diameters down to a few 
microns, significantly lower coupling efficiencies, and 
high numerical apertures. Multimode fibers, in con- 
trast, are easy to couple into given their large core size. 

Other factors that contribute to losses during 
propagation are due to the physical path that the 
actual optical fiber follows. A typical optical fiber 
strand is rarely laid along a straight line. These types 
of losses are called bending losses and can be 
intuitively understood by thinking that when the 
fiber is straight, the light meets its total reflection 
condition at the core-cladding interface, but when 
the fiber bends, the interface is altered and varies 
the incidence conditions of light at the interface. If the 
bend is severe, light is no longer totally reflected and 
escapes from the fiber. 

Another important issue that influences propa- 
gation arises when the light that travels through the 
fiber is sent in bursts or in pulses of light. Pulsed 
light is very important in fiber transmission because 
the light pulse is the carrier of optical information, 
most often representing a binary digit of data. The 
ability to transmit pulses reliably is at the heart of 
modern day telecommunication systems. The fea- 
tures that affect the transmission of pulses through 


optical fibers depend, again, largely on the structure 
and constituents of the fiber. One of the most 
important effects on pulsed light is dispersion. This 
phenomenon causes the broadening in time of the 
light pulses during their travel through the fiber. 
This can be easily explained by a Fourier analogy by 
thinking that a short pulse in time (such as the 
10-20 picosecond pulse duration that is used for 
optical communications, 1 picosecond = 107 '* 
seconds) has a large frequency content (i.e., is 
composed of a variety of ‘colors’). Since the speed 
of light through bulk media, and therefore through 
the fiber constituent, depends on wavelength, 
different ‘colors’ will travel at different speeds, 
arriving at the end of the fiber slightly delayed 
with respect to one another. This causes a net pulse 
broadening and is dependent on the properties of 
the fiber that are depicted in the dispersion curve of 
the fiber. This type of dispersion is called chromatic 
dispersion and is dependent on the distance the pulse 
travels in the fiber. A measure of the pulse broad- 
ening can be calculated by multiplying the dis- 
persion value for the fiber (measured in ps/km) at the 
wavelength of operation times and the distance in 
kilometers that the pulse travels. 

There are other types of dispersion that affect 
pulses traveling through fibers: light with different 
polarization travels at a different speed, thereby 
causing an analogous problem to chromatic distor- 
tion. In multimode fibers, different modes travel 
with different properties. Dispersion issues are 
extremely important in the design of the next- 
generation telecommunication systems. As a push is 
made toward higher transmission capacity, pulses 
become shorter and these issues have to be dealt 
with carefully. Specifically, transmission of light in 
optical fibers becomes more complex because the 
interaction between the light and the fiber material 
constituents becomes nonlinear. As pulses become 
shorter, their energy is confined in a smaller 
temporal interval, making their peak power (which 
is equal to energy/time) increase. If the peak power 
becomes sufficiently high, the atoms that form the 
glass of which the fiber is made are excited in a 
nonlinear fashion adding effects that need to be 
addressed with caution. Energetic pulses at a certain 
wavelength change their shape during propagation 
and can become severely distorted or change 
wavelength (i.e., undergo a frequency conversion 
process), thereby destroying the information that 
they were meant to carry. 

Several physical manifestations of optical non- 
linearity affect pulsed light propagation, giving rise 
to new losses but also providing new avenues for 
efficient transmission. 
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Perhaps the most successful example of the positive 
outcome of nonlinear effects in fibers is the optical 
soliton. The latter is an extremely stable propagating 
pulse that is transmitted through the fiber undis- 
torted, since it is a result of a peculiar balance 
between the linear distortion and nonlinear distortion 
that cancel each other by operating in a specific region 
of dispersion of the optical fiber (the anomalous 
dispersion region). 

Nonlinear effects in fibers are an extremely rich 
area of study which, besides several drawbacks, 
carries immense opportunities if the nonlinearities 
can be controlled and exploited. 


Measuring Fiber Characteristics 
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Introduction 


The optical fiber is divided in two types: multimode 
and singlemode. Each type is used in different applica- 
tions and wavelength ranges and is consequently 
characterized differently. Furthermore, the corres- 
ponding test methods also vary. 

The optical fiber characteristics may be divided 
into four categories: 


The optical characteristics (transmission related); 
The dimensional characteristics; 

The mechanical characteristics; and 

The environmental characteristics. 


These categories will be reviewed in the following 
sections, together with their corresponding test 
methods. 


Fiber Optical Characteristics and 
Corresponding Tests Methods 


The following sections will describe the following 
optical characteristics: 


attenuation; 

macrobending sensitivity; 

microbending sensitivity; 

cut-off wavelength; 

multimode fiber bandwidth; 

differential mode delay for multimode fibers; 
chromatic dispersion; 

polarization mode dispersion; 


See also 
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e polarization crosstalk; and 
e nonlinear effects. 


Attenuation 


The spectral attenuation of an optical fiber follows 
exponential power decay from the power level at a 
cross-section 1 to the power level at cross-section 2, 
over a fiber length L, as follows: 

P2(A) = Py(A)-e [1] 
P,(A) is the optical power transmitted through the 
fiber core cross-section 1, expressed in mW; P(A) is 
the optical power transmitted through the fiber core 
cross-section 2 away from cross-section 1, expressed 
in mW; y(A) is the spectral attenuation coefficient in 
linear units, expressed in km~'; and L is the fiber 
length expressed in km. 

Attenuation may be characterized at one or more 
specific wavelengths or as a function of wavelength. 
In the later case, attenuation is referred to spectral 
attenuation. Figure 1 illustrates such power decay. 

Equation [1] may be expressed in relative units as 
follows: 

logio P2 = (logio P1)+ — yL- logio e [2] 
P is expressed in dBm units using the following 
definition. 











Figure 1 Power decay in an optical fiber due to attenuation. 
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The power in dBm is equal to 10 times the 
logarithm in base 10 of the power in mW; or 


0 dBm = 10 log;)(1 mW) [3] 
Then 


yAytkm~'] = [(10 logig P1) — (10 logio P2)] 
= is logio e [4] 


a(A)[dB/km] = [P;(dBm) — P,(dBm)//L [5] 


A new relative attenuation coefficient a(A) with units 
of dB/km has been introduced, which is related to the 
linear coefficient y(A) with units of km™' as follows: 


a(A) = (logig e)* WA) ~ 4,343 WA) [6] 


a(A) is the spectral attenuation coefficient of a fiber 
and is illustrated in Figure 2. 


Test methods for attenuation 
The attenuation may be measured by the following 
methods: 


e cut-back method; 
e backscattering method; and 
e insertion loss method. 


Cut-back method. The cut-back method is a direct 
application of the definition in which the power levels 
P, and Py are measured at two points of the fiber 
change of input conditions. P, is the power emerging 
from the far end of the fiber and P, is the power emerg- 
ing from a point near the input after cutting the fiber. 

The output power P, is recorded from the fiber 
under test (FUT) placed in the measurement setup. 
Keeping the launching conditions fixed, the FUT is 
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cut to the cut-back length, for example 2 m from the 
launching point. The FUT attenuation, between the 
points where P; and P, have been measured, is 
calculated using P; and P5, from the definition 
equations provided above. 


Backscattering method. The attenuation coeffi- 
cient of a singlemode fiber is characterized using 
bidirectional backscattering measurements. This 
method is also used for: 


attenuation uniformity; 
optical continuity; 
physical discontinuities; 
splice losses; and 


fiber length. 


An optical time domain reflectometer (OTDR) 
is used for performing such characterization. Adjust- 
ment of laser pulsewidth and power is used to 
obtain a compromise between resolution (a shorter 
pulsewidth provides a better resolution but at lower 
power) and dynamic range/fiber length (higher power 
provides better dynamic range but with longer 
pulsewidth). An example of such an instrument is 
shown in Figure 3. 

The measurement is applicable to various 
FUT configurations (e.g., cabled fiber in production 
or deployed in the field, fiber on a spool, etc.). 
Two unidirectional backscattering curves are 
obtained, one from each end of the fiber (Figure 4). 

Each backscattering curve is recorded on a 
logarithmic scale, avoiding the parts at the two ends 
of the curves, due to parasitic reflections. 

The FUT length is found from the time interval 
between the two ends of the backscattering loss 
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Figure 2. Typical spectral attenuation of a singlemode fiber. 
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Figure 4 Unidirectional OTDR backscattering loss measurement. 


curve together with the FUT group index of refraction, and calculating the average loss between them. 


Ng, as: The end-to-end FUT attenuation coefficient is 
AT; obtained from the difference between two losses 
LeStae [7] divided by the difference of their corresponding 
“5 distances. 
cs, is the velocity of light in free space. 
The bidirectional backscattering curve is obtained Insertion loss method. The insertion loss method 


using two unidirectional backscattering curves consists of the measurement of the power loss due to 
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the FUT insertion between a launching and a 
receiving system, previously interconnected (refer- 
ence condition). The powers P, and P, are evaluated 
in a less straightforward way than in the cut-back 
method. Therefore, this method is not intended for 
use in manufacturing. 

The insertion loss technique is less accurate 
than the cut-back, but has the advantage of being 
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Figure 5 Total internal reflection and macrobending effect on 
the light rays. 
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Figure 6 Macrobending sensitivity as a function of wavelength. 
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non-destructive for the FUT. Therefore, it is particu- 
larly suitable in the field. 


Macrobending Sensitivity 


Macrobending sensitivity is the property by which 
there is a certain amount of light leaking (loss) into 
the cladding when the fiber is bent and the bending 
angle is such that the condition of total internal 
reflection is no longer met at the core-cladding 
interface. Figure 5 illustrates such a case. 

Macrobending sensitivity is a direct function of the 
wavelength: the longer the wavelength and/or the 
smaller the bending diameter, the more loss the fiber 
experiences. It is recognized that 1625nm is a 
wavelength that is very sensitive to macrobending 
(see Figure 6). 

The macrobending loss is measured by the 
power monitoring method (OTDR, especially for 
field assessment, see Figure 6) or the cut-back method. 


Microbending Sensitivity 


Microbending is a fiber property by which the 
core-cladding concentricity randomly changed along 
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the fiber length. It causes the core to wobble inside 
the cladding and along the fiber length. 

Four methods are available for characterizing 
microbending sensitivity in optical fibers: 


e expandable drum for singlemode fibers and optical 
fiber ribbons over a wide range of applied linear 
pressure or loads; 

e fixed diameter drum for step-index multimode, 
singlemode, and ribbon fibers for a fixed linear 
pressure; 

e wire mesh and applied loads for step-index multi- 

mode and singlemode fibers over a wide range of 

applied linear pressure or loads; and 

‘basketweave’ wrap on a fixed diameter drum for 

singlemode fibers. 


The results from the four methods can only be 
compared qualitatively. The test is nonroutine for 
general evaluation of optical fiber. 


Cut-off Wavelength 


The cut-off wavelength is the shortest wavelength at 
which a single mode can propagate in a singlemode 
fiber. This parameter can be computed from the 
fiber refractive index profile (RIP). At wavelengths 
below the cut-off wavelength, several modes 
propagate and the fiber is no longer singlemode, but 
multimode. 

In optical fibers, the change from multimode to 
singlemode behavior does not occur at a specific 
wavelength, but rather over a smooth transition as a 
function of wavelengths. Consequently, from a fiber- 
optic network standpoint, the actual threshold 
wavelength for singlemode performance is more 
critical. Thus an effective cut-off wavelength is 
described below. 

The cut-off wavelength is defined as the wavelength 
greater than the ratio between the total power, in the 
higher-order modes and the fundamental mode, which 
has decreased to less than 0.1 dB. According to this 
definition, the second-order mode LP, undergoes 
19.3 dB more attenuation than the fundamental LP 
mode when the modes are equally excited. 

Because the cut-off wavelength depends on the fiber 
length, bends, and strain, it is defined on the basis of 
the following three cases: 


e fiber cut-off wavelength; 
e cable cut-off wavelength; and 
e jumper cable cut-off wavelength. 


Fiber cut-off wavelength: Fiber cut-off wave- 
length As. is defined for uncabled primary-coated 
fiber and is measured over 2m with one loop of 


140 mm radius loosely constrained, with the rest of 
the fiber kept essentially straight. The presence of a 
primary coating on the fiber usually will not affect 
Age. However, the presence of a secondary coating 
may result in A, being significantly shorter than 
that of the primary coated fiber. 

Cable cut-off wavelength: Cable cut-off wavelength 
is measured prior to installation on a substantially 
straight 22 m cable length prepared by exposing 1 m 
of primary-coated fiber at both ends, the exposed 
ends each incorporating a 40mm radius loop. 
Alternatively, this parameter may be measured on 
22m primary-coated uncabled fiber in the same 
configuration as for the Ay, measurement. 

Jumper cable cut-off wavelength: Jumper cable 
cut-off wavelength is measured over 2m with one 
loop of 76mm radius, or equivalent (e.g., split 
mandrel), with the rest of the jumper cable kept 
essentially straight. 


Multimode Fiber Bandwidth for Multimode Fibers 


The —3 dB bandwidth of a multimode optical fiber 
(or modal bandwidth) is defined as the lowest 
frequency where the magnitude of the baseband 
frequency response in optical power has decreased 
by 3 dB relative to the power at zero frequency. 
Modal bandwidth is also called intermodal dispersion 
as it takes into account the dispersion between the 
modes of propagation of the transmitted signal into 
the multimode fiber. 

Various methods of reporting the results are 
available, but the results are typically expressed in 
terms of the —3 dB (optical power) frequency. 
Figure 7 illustrates modal bandwidth. 

The bandwidth or pulse broadening may be 
normalized to a unit length, such as GHz-km, or 
ns/km. 
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Figure 7 Determination of modal bandwidth. 
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Two methods are available for determining trans- 
mission capacity of multimode fibers: 


e the frequency domain measurement method in 
which the baseband frequency response is directly 
measured in the frequency domain by determining 
the fiber response to a sinusoidally modulated light 
source; or 

e the optical time domain measurement method 
(pulse distortion) in which the baseband response 
is measured by observing the broadening of a 
narrow pulse of light. 


Differential Mode Delay for Multimode Fibers 


Differential mode delay (DMD) characterizes the 
modal structure of a graded-index glass-core multi- 
mode fiber. DMD is useful for assessing the band- 
width performance of a fiber when used with 
short-pulse, narrow spectral-width laser sources. 

The output from a singlemode probe fiber excites 
the multimode FUT at the test wavelength. The probe 
spot is scanned across the FUT endface, and the 
optical pulse delay is determined at specified radial 
offset positions between an inner and an outer limit. 
DMD is the difference in optical pulse delay time 
between the FUT fastest and slowest modes excited 
for all radial offset positions between and including 
the inner and the outer limits. 

The related critical issues influencing DMD are the 
temporal width of the optical pulse, jitter in the 
timing, the finite bandwidth of the optical detector, 
and the mode broadening due to the source spectral 
width and the FUT chromatic dispersion. 

The test method is commonly used in production 
and research facilities, but is not easily accomplished 
in the field. DMD may be a good predictor of 
the source launching conditions. DMD may be 
normalized to a unit length, such as ps/m. 


Chromatic Dispersion 


Chromatic dispersion in a singlemode fiber is a 
combination of material dispersion and waveguide 
dispersion (see Figure 8), and it contributes to pulse 
broadening and distortion in a digital signal. 

Material dispersion is produced by the dopants 
used in glass and is important in all fiber types. 
Waveguide dispersion is produced by the wavelength 
dependence of the index of refraction and is critical in 
singlemode fibers only. 

From the point of view of the transmitter, this is due 
to two causes: 


e The presence of wavelengths in the source optical 
spectrum. Each wavelength has a different phase 
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Figure 8 Contribution of the material and waveguide disper- 
sions to the chromatic dispersion. 
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Figure 9 Difference between the phase and the group index of 
refraction. 


delay and group delay (different group velocities) 
along the fiber, because they travel under different 
index of refraction (or phase) as the index varies as 
a function of wavelengths, as shown in Figure 9. 

e The other cause is the modulation of the source, 
which itself has two effects: 

— As bit-rates increase, the spectral width of the 
modulated signal increases and can become 
comparable to or exceed the spectral width of 
the source. 

- Chirp occurs when the source wavelength 
spectrum varies during the pulse. By conven- 
tion, positive chirp at the transmitter occurs 
when the spectrum during the rise/fall of the 
pulse shifts towards shorter/longer wave- 
lengths respectively. For a positive fiber 
dispersion coefficient, longer wavelengths 
are delayed relative to shorter wavelengths. 
Hence if the sign of the product of chirp and 
dispersion is positive, the two processes 
combine to produce pulse broadening. If the 
product is negative, pulse compression can 
occur over an initial fiber length until the 
pulse reaches a minimum width and then 
broadens again with increasing dispersion. 
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The electric field propagating into the FUT may be 
simply described as follows: 


E(t, z) = Eo sin(wt — Bz) [8] 


w = 27c/A [rad/s] is the angular frequency; B = kn = 

(w/c)n is the effective index; as B has units of m_’ it is 

often referred to as wavenumber or even sometimes 

propagation constant; k is the propagation constant. 
The group delay 7, is then given by: 


pido = By = Tr, [9] 


An example of the group delay spectral distribution 
is shown in Figure 10. Assuming 7 is not complex; 
B, is the first-order derivative of B. 

The group velocity v, is given by 


Ug = (dBldw) * = —(A*/27c)(dB/da)' [10] 
The FUT input-output delay is given by 
14 = Liv, [11] 
L is the FUT length. 
The group index of refraction n, is given by 
n, = clu, =n — A(dn/da) [12] 


The dispersion parameter or dispersion coefficient D 
(ps/nm - km) is given by 


D = —(o/A)(dt,/dw) = —(2mcld*)(d° Bide’) 


—(Nc)(d?n/dr*) [13] 


d*Bilda* = p> 


An example of the spectral distribution of D 
obtained from the group delay is shown in Figure 10. 

Bo (ps’/km) is the group velocity dispersion 
parameter, so D may be related to f, as follows: 


[14] 


D = —(@/d)B, [15] 


When £) is positive then D is negative and vice-versa. 
The region where B is positive is called normal 







Zero dispersion wavelength 


Red arrives 


it 


Pulse delay (ps) 


Wavelength A(nm) 


dispersion while the negative-6) region is called 
anomalous dispersion. 
At Ag, 6 is minimum, and B, = 0, then D = 0. 
The dispersion slope S (ps/nm?-km), also called 
the differential dispersion parameter or second-order 
dispersion, is given by 


S = dD/dd = (@/A)B; + (2/7) By [16] 


B; = dBo/dw = d? B/da’ 


At Ao, 81 is minimum, 8, = 0, then D = 0; but S is 
not zero and depends on 3. An example of the 
spectral distribution of S and Sp is illustrated in 
Figure 10. 

Overall, the general expression of B is given by 


B(w) = Bo + (@ — wp) B1 + (1/2)(@ — wo)” Bo 


+ (1/12)(@ — wo)? B3 ++ [17] 


Figure 11 illustrates the difference between 
dispersion unshifted fiber (ITU-T Rec. G.652), 
dispersion shifted fiber (ITU-T Rec. G.653) and 
nonzero dispersion shifted fiber (ITU-T Rec. G.655). 


Test methods for the determination of chromatic 
dispersion 

All methods measure the group delay at a specific 
wavelength over a range and use agreed fitting 
functions to evaluate Ag and Sp. 

In the phase shift method, the group delay is 
measured in the frequency domain, by detecting, 
recording, and processing the phase shift of a 
sinusoidal modulating signal between a reference, a 
secondary fiber path, and the channel signal. 

Setup variances exist and some do not require the 
secondary reference path. For instance, by using a 
reference optical filter at the FUT output it is possible 
to completely decouple the source from the phase- 
meter. With such an approach, chromatic dispersion 
may now be measured in the field over very long links 
using optical amplifiers (see Figure 12). 
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Figure 10 Relation between the pulse (group) delay and the (chromatic) dispersion. 
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Figure 11. Chromatic dispersion for various types of fiber. 
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Figure 12 Test results for field-related chromatic dispersion using the phase-shift technique. 


In the differential phase shift method, two detec- 
tion systems are used together with two wavelength 
sources at the same time. In this case the chromatic 
dispersion may be determined directly from the two 
group delays. This technique usually offers faster and 
more reliable results but costs much more than the 
phase-shift technique which is usually preferred. 

In the interferometric method, the group delay 
between the FUT and a reference path is measured by 
a Mach-Zehnder interferometer. The reference delay 
line may be an air path or a singlemode fiber standard 
reference material (SRM). The method can be used to 
determine the following characteristics: 


e longitudinal chromatic dispersion homogeneity; 
and 

e effect of overall or local influences, such as 
temperature changes and macrobending losses. 


In the pulse delay method, the group delay is 
measured in the time domain, by detecting, recording, 
and processing the delay experienced by pulses at 
various wavelengths. 


Polarization Mode Dispersion 


Polarization mode dispersion (PMD) causes an 
optical pulse to spread in the time domain and may 
impair the performance of a telecommunications 
system. The effect can be related to differential phase 
and group velocities and corresponding arrival time 
of different polarization components of the pulse 
signal. For a sufficiently narrowband source, the 
effect can be related to a differential group delay 
(DGD), Az, between a pair of orthogonally polarized 
principal states of polarization (PSP) at a given 
wavelength or optical frequency (see Figure 13a). 
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(c) Slow axis 


Figure 13 PMD effect on the pulse broadening and its possible pulse impairment. (a) The pulse is spread by the DGD Az but the bit 
rate is too low to create an impairment. (b) The pulse is spread by the DGD Az but the bit rate is high enough to create an impairment. 
(c) The DGD Az is large enough even at low bit rate to make the pulse spreading and creating impairment. 
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In an ideal circular symmetric fiber, the two PSPs 
propagate with the same velocity. However: 


e areal fiber is not perfectly circular; 

e the core is not perfectly concentric with the 
cladding; 

e the core may be subjected to microbending; 

e the core may present localized clusters of dopants; 
and 

e the environmental conditions may stress the 
deployed cable and affect the fiber. 


Each time the fiber undergoes local stresses 
and consequently birefringence. These asymmetry 
characteristics vary randomly along the fiber and in 
time, lead to a statistical behavior of PMD. 

For a deployed cabled fiber at a given time and 
optical frequency, there always exist two PSPs such 
that the pulse spreading due to PMD vanishes, if only 
one PSP is excited. On the contrary, the maximum 
pulse spread due to PMD occurs when both PSPs are 
equally excited, and is related to the difference in their 
group delays, the DGD associated with the two PSPs. 
For broadband transmission, the DGD statistically 
varies as a function of wavelengths or frequencies and 
result in an output pulse that is spread out in the time 
domain (see Figures 13a—c). In this case, the 
spreading can be related to the RMS (root mean 
square) of DGD values (Ar*)!”. However, if a known 
distribution such as the Maxwell distribution may be 
fit to the DGD distribution probability, then a mean 
(or average) value of the DGD (A7) may be correlated 
to the RMS value and used as a system performance 
predictor in particular with a maximum value of the 
DGD distribution associated to a low probability of 
occurrence. This maximum DGD may then be used to 
define the quality of service that would tolerate values 
lower than this maximum DGD. 


Test methods for polarization mode dispersion 
Three methods are generically used for measuring 
PMD. Other methods or analyses may exist but they 
are generally not standardized or are limited in their 
applications. 


e Stokes parameter evaluation (SPE) 
e Jones matrix eigenanalysis (JME) 
e Poincaré sphere analysis (PSA) 
e Fixed analyzer (FA) 
e Extrema counting (EC) 
e Fourier transform (FT) 
e Interferometry (INTY) 
e Traditional analysis (TINTY) 
e General analysis (GINTY). 


All methods use a linearly polarized source at the 
FUT input and are suitable for laboratory measure- 
ments of factory lengths of fiber and cable. However, 
the interferometric method is the only method appro- 
priate for measurements of cabled fiber that may be 
moving or vibrating such as is found in the field. 


Stokes parameter evaluation. SPE determines 
PMD by measuring a response to a change of 
narrowband light (from a tuneable light source with 
broadband detector — JME, or a broadband source 
with a filtered detector such as an interferometer — 
PSA) across a wavelength range. The Stokes vector of 
the output light is measured for each wavelength. The 
change of these Stokes vectors with angular optical 
frequency (wavelength), w and with the change in 
input SOP (state of polarization), yields the DGD as a 
function of wavelength. 

For both JME and PSA analyses, three distinct and 
known linear SOPs (orthogonal on_ the 
Poincaré sphere) must be launched for each wave- 
length. Figure 14 illustrates the test setup and 
examples of test results. 

The JME and PSA method are mathematically 
equivalent. 


Fixed analyzer. FA determines PMD by measuring 
a response to a change of narrowband light across a 
wavelength range. For each SOP, the change in output 
power that is filtered through a fixed polarization 
analyzer, relative to the power detected without the 
analyzer, is measured as a function of wavelength. 
Figure 15 illustrates a test setup and examples of test 
results. 

The resulting measured function can be analyzed in 
one of two ways: 


e by counting the number of peaks and valleys (EC) 
of the curve and application of a formula. This 
analysis is considered as a frequency domain 
approach; and 

e by taking the Fourier transform (FT) of the 
measured function. This FT is equivalent to the 
pulse spreading obtained by TINTY. 


Interferometry. INTY uses a broadband light 
source and an interferometer. The fringe pattern 
containing the source auto-correlation, together 
with the PMD related cross-correlation of the 
emerging electromagnetic field, is determined by 
the interference pattern of the output light, i.e., the 
interferogram. The PMD determination for the 
wavelength range associated with the source 
spectrum is based on the envelope of the fringe 
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Figure 14 PMD by Stokes parameter evaluation method. 
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Figure 15 PMD by fixed analyzer method. 


pattern interferogram. Two analyses are available 
to obtain the PMD: 


e TINTYuses a set of specific operating conditions for 
its successful applications and a basic setup; and 

e GINTY uses no limiting operating conditions, but 
in addition to the same basic setup, also using a 
modified setup compared to TINTY. 


Figure 16 illustrates the test setup for both 
approaches and examples of test results. 


Polarization Crosstalk 


Polarization crosstalk is a characteristic of energy 
mixing/transfer/coupling between the two PSPs in a 
PMF (polarization maintaining fiber) when their 
isolation is imperfect. It is the measure of the strength 
of mode coupling or output power ratio between the 
PSPs within a PMF. 

A PMF is an optical fiber capable of transmitting, 
under external perturbations, such as bending or 
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lateral pressures, both HE{, and HE}, polarization 
modes whose electric field vector directions are 
orthogonally to each other and which have different 
propagation constants 6, and By. 

Two methods are available for measuring the 
polarization crosstalk of PMF: 


e power ratio method, which uses the maximum and 
minimum values of output power at a specified 
wavelength, and is applicable to fibers and 
connectors jointed to a PMF, and to two or more 
PMFs joined in series; and 

e in-line method, which uses an analysis of the 
Poincaré sphere, and is applicable to single or 
cascaded sections of PME, and to PMF inter- 
connected with optical devices. 


Nonlinear Effects 


When the power of the transmission signal is 
increased to achieve longer span lengths at high bit 
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Figure 17 Power output-to-power input relationship for pro- 
duction of nonlinear effects. 


expressed as follows: 
[18] 
n is the nonlinearity dependent index; 7 is the linear 
part of the index; 1, is the nonlinear index, also called 
the Kerr nonlinear index (2.2 to 3.4 X 107 '° cm?/W); 
and I is the optical intensity inside the fiber. 

The field propagation at a distance L into the fiber 
is described by the following equation: 


Eou(L) = Ein(O)exp[—a/2 + iB + yP(L, t)/2]L 


n= + nl 


[19] 


a/2 is the attenuation; iB is the phase of the wave; and 
yP(L, t)/2 is the nonlinearity term; 


[20] 


y is the nonlinearity coefficient and may be a complex 
number; A, + is the fiber core effective area; P(L, t) is 
the total power; and A is the signal wavelength and t 
the time variable. 

The nonlinear coefficient is defined as 1/A,4. This 
coefficient plays a critical role in the fiber and is 
closely related to system performance degradation 
due to nonlinearities when very high power is used. 


y= 27119/A ee 


Methods for measuring the nonlinear coefficient. 
Two methods are available for measuring the non- 
linear coefficient: 


e Continuous-wave dual-frequency (CWDF); and 
e Pulsed single-frequency (PSF). 


In the CWDF method, light from two wavelengths is 
injected into the fiber. At higher power, the light from 
the two wavelengths beat due to the nonlinearity and 
produce an output spectrum that is spread. The 
relationship of the power level to a particular 
spreading is used to calculate the nonlinear coefficient. 

In the PSF method, the pulsed light from a single 
wavelength is injected into the fiber. Very short pulses 
(<1 ns) and their input peak power must be measured 
and related to the nonlinear spreading of the output 
spectrum. 


Stimulated Brillouin scattering 

In an intensity modulated system using a source with 
a narrow linewidth, significant optical power is 
transferred from the forward-propagating signal to 
a backward-propagating signal when the SBS power 
threshold is exceeded. At that point periodic regions 
of index of refraction produce a grating traveling at 
speed of sound away from the source. The grating 
reflects backward part of the incident light. The 
reflected sound waves (acoustic phonons) scatter light 
back to the source. Phase matching (or momentum 
conservation) dictates that the scattered light prefer- 
entially travels in the backward direction. The 
scattered light will be Doppler-shifted (downshifted 
or Brillouin-shifted) by approximately 11 GHz (at 
1550 nm, for G.652 fiber). The scattered light has a 
very narrow spectrum (very coherent) and very close 
to the carrier signal and may be very detrimental. 


Stimulated Raman scattering 

SRS is an interaction between light and the fiber 
molecular vibrations as adjacent atoms vibrate in 
opposite directions (an ‘optical phonon’). Some of 
the energy of the main carrier (optical pump wave) 
is transferred to the molecules, thereby further 
increasing the amplitude of their vibrations. If the 
vibrations become large enough, a threshold is 
reached at which the local index of refraction changes. 
These local changes then scatter light in all directions 
similar to Rayleigh scattering. However, unlike 
Rayleigh scattering, the wavelength of the Raman 
scattered light is shifted to longer wavelengths by an 
amount that corresponds to the molecular vibration 
frequencies and the Raman signal spreads over a 
large spectrum. 


Self-phase modulation 
SPM is the effect that a powerful pulse has on its own 
phase, considering that in eqn [18], I(t) varies in time: 


e I(t) n(t) = 19 +mI(t) > modulates the phase 
B(t) of the pulse; and 

e di/dt — dn/dt > dB/dt(chirp) — broadening in the 
frequency domain — broadening in the time 
domain. 


I(t) peaks at the center of the pulse (peak power) 
and consequently increases the index of refraction. 
A higher index causes the wavelengths in the center 
of the pulse to accumulate phase more quickly than 
at the wings of the pulse: 


e this causes wavelength stretching (shift to longer 
wavelengths) at pulse leading edge (risetime); and 

e this causes wavelength compression (shift to shorter 
wavelengths) at pulse trailing edge (falltime). 
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Design Issues in Radio Frequency Energy 
Harvesting System 


Chomora Mikeka and Hiroyuki Arai 
Yokohama National University 
Japan 


1. Introduction 


Emerging self powered systems challenge and dictate the direction of research in energy 
harvesting (EH). State of the art in energy harvesting is being applied in various fields using 
different single energy sources or a combination of two or more sources. In certain 
applications like smart packaging, radio frequency (RF) is the preferred method to power 
the electronics while for smart building applications, the main type of energy source used is 
solar, with vibration & thermal being used increasingly. The main differences in these 
power sources is the power density; for example RF (0.01 ~ 0.1 uW/cm2), Vibration (4 ~ 100 
uW/cmz2), Photovoltaic (10 WW/cm2~ 10mW/cm2) and Thermal (20 wW/cm2~ 10mW/cm2). 
Obviously RF energy though principally abundant, is the most limited source on account of 
the incident power density metric, except when near the base stations. Therefore, in general, 
RF harvesting circuits must be designed to operate at the most optimal efficiencies. 


This Chapter focuses on RF energy harvesting (EH) and discusses the techniques to 
optimize the conversion efficiency of the RF energy harvesting circuit under stringent 
conditions like arbitrary polarization, ultra low power (micro or nanopower) incidences and 
varying incident power densities. Harvested power management and application scenarios 
are also presented in this Chapter. Most of the design examples described are taken from the 
authors’ recent publications. 


The Chapter is organised as follows. Section 2.1 is the introduction on RF energy sources. 
Section 2.2 presents the antenna design for RF EH in the cellular band as well as DTV band. 
The key issue in RF energy harvesting is the RF-to-DC conversion efficiency and is 
discussed in Section 2.3, whereas Section 2.4 and 2.5 present the design of DTV and cellular 
energy harvesting rectifiers, respectively. The management of micropower levels of 
harvested energy is explained in Section 2.6. Performance analysis of the complete RF EH 
system is presented in Section 3.0. Finally, conclusions are drawn in Section 4.0. 


1.1 RF energy sources 


These include FM radio, Analogue TV (ATV), Digital TV (DTV), Cellular and Wi-Fi. We will 
present a survey of the measured E-field intensity (V/m) for some of these RF sources as 
shown in Table 1, [1]-[2]. Additionally, measured RF spectrums for DTV and Cellular 
signals are presented as shown in Fig. 1 to show on the potential for energy-harvesting in 
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The pulse will then broaden with negative (normal) 
dispersion and shorten with positive (anomalous) 
dispersion. SPM may then be used for dispersion 
compensation considering that self-phase modulation 
imposes C > 0 (positive chirp). It can cancel the 
dispersion if properly manage as a function of the sign 
of the dispersion. SPM is one of the most critical 
nonlinear effects for the propagation of soliton or 
very short pulses over very long distance. 


Cross-phase modulation 

XPM is the effect that a powerful pulse has on the 
phase of an adjacent pulse from another WDM 
system channel traveling in phase or at slightly the 
same group velocity. It concerns spectral interference 
between two WDM channels: 


e the increasing I(t) at the leading edge of the 
interfering pulse shifts the other pulse to longer 
wavelength; and 

e decreasing I(f) at the trailing edge of the interfering 
pulse shifts the other pulse to shorter wavelengths. 


This produces spectral broadening, which dis- 
persion converts to temporal broadening depending 
on the sign of the dispersion. XPM effect is similar to 
SPM except it depends on the channel count. 


Four-wave (four-photon) mixing 
FWM is the by-product production effect from two or 
more WDM channels. For two channels I(¢) modu- 
lates the phase of each signal (@; and w,). An intensity 
modulation appears at the beat frequency w, — @. 
Two sideband frequencies are created in a similar 
way as harmonics generation. New wavelengths are 
created in a number equal to N*(N — 1)/2, where 
N = number of original wavelengths. 


Fiber Dimension Characteristics and 
Corresponding Tests Methods 


Table 1 provides a list of the various fiber dimensional 
characteristics and their corresponding test methods. 





Table 1 Fiber dimensional characteristics 
Attribute Measured parameter 
Fiber geometry Core/cladding diameter 


Core/cladding noncircularity 
Core-cladding concentricity error 
Numerical aperture 
Mode field diameter 
Coating geometry 
Length 


Fiber Geometry Characteristics 


The fiber geometry is related to the core and cladding 
characteristics. 


Core 

The core center is the center of a circle which best fits 
the points at a constant level in the near-field intensity 
profile emitted from the central region of the fiber, 
using wavelengths above and/or below the cut-off 
wavelength. 

The RIP can be measured by refracted near field 
(RNF) or transverse interferometry techniques and 
transmitted near field (TNF). 

The core concentricity error is the distance between 
the core center and the cladding center. This 
definition applies very well for multimode fibers. 
The distance between the center of the near field 
profile and the center of the cladding is also used for 
singlemode fibers. 

The mode field diameter (MFD) represents a 
measure of the transverse electromagnetic field 
intensity of the mode in a fiber cross-section and it 
is defined from the far-field intensity distribution. 

The MF is the singlemode field distribution of 
the LPo; mode, giving rise to a spatial intensity 
distribution in the fiber. 

The MF concentricity error is the distance between 
the MF center and the cladding center. 

The core noncircularity is a measure of the 
core ellipticity. This parameter is one of the causes 


for creating birefringence in the fiber and 
consequently PMD. 
Cladding 


The cladding is the outermost region of constant 
refractive index in the fiber cross-section. 

The cladding center is the center of a circle best 
fitting the outer limit (boundary) of the cladding. 

The cladding diameter is the diameter of the circle 
defining the cladding center. 

The cladding noncircularity is a measure of the 
difference between the diameters of the two circles 
defined by the cladding tolerance field divided by the 


nominal cladding diameter. 


Coating 

The primary coating is one or more layers of protective 
material applied to the cladding during or after the 
drawing process to protect the cladding surface (e.g., a 
250 wm protective coating). The secondary coating is 
one or more layers of protective material applied over 
the primary coating in order to give additional 
protection or to provide a particular structure. 
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Measurement of the fiber geometrical attributes 
The fiber geometry is measured by the following 
methods: 


e TNF; 

e RNF; 

e Side-view technique/transverse interference; 
e TNF image technique; and 

e Mechanical diameter. 


Test instrumentation may incorporate two or 
more methods such as the one shown in Figure 18. 


Transmitted near-field technique. The cladding 
diameter, core concentricity error, and cladding 
noncircularity are determined from the near-field 
intensity distribution. Figure 19 provides a series of 
examples of test results from TNF measurements. 


Refracted near-field technique. The RIP across the 
entire fiber (core and cladding) can be directly obtained 
from the RNF measurement, as shown in Figure 20. 


The geometrical characteristics of the fiber can be 
obtained from the refractive index distribution using 
suitable algorithms: 


e core/cladding diameter; 

e core/cladding concentricity error; 

e core/cladding noncircularity; 

e maximum numerical aperture (NA); and 

e index and relative index of refraction difference. 


Figure 21 illustrates the core geometry. 


Side-view technique/transverse interference. The 
side-view method is applied to  singlemode 
fibers to determine the core concentricity error, 
cladding diameter and cladding noncircularity by 
measuring the intensity distribution of light that is 
refracted inside the fiber. The method is based on 
an interference microscope focused on the side 
view of an FUT illuminated perpendicular to the 
FUT axis. The fringe pattern is used to determine 
the RIP. 








Figure 18 RNF/TNF combined instrumentation. 





(1) Metallic block 
(2) Measurement cell 
(3) Fiber under test 


| 
LIA IA (4) NF detector 


é om 4 (5) Microscope objective lens 
A NYY (6) NF laser source 


(7) Temperature sensor 

(8) TNF laser source (1310 nm) 
(9) TNF laser source (1550 nm) 
(10) LED source (fiber search) 
(11) Bare fiber adapter 
(12,13,14) Optical fiber pigtails 
(15) TNF detector 

(16) Multimode optical fiber 

(17) Parabolic mirror 

(18,19) Beamsplitters 

(20) Mirror 

(21) CCD camera (fiber search) 
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Figure 19 MFD measurement by TNF. 


Refractive index difference 





Figure 20 RIP from RNF measurement. 


TNF image technique. The TNF image technique, 
also called near-field light distribution, is used for 
the measurement of the geometrical characteristics of 
singlemode fibers. The measurement is based on 
analysis of magnified images at the FUT output. Two 
subsets of the method are available: 


e grey-scale technique which performs an x—y near- 
field scan using a video system; and 

e Single near-field scanning technique performing a 
one-dimensional scan. 


Mechanical diameter. This is a precision mecha- 
nical diameter measurement technique used to 





0 
Xor ¥ position [um] 


Refractive index 


20 


accurately determine the cladding diameter of silica 
fibers. The technique uses an electronic micrometer 
such as based on a double-pass Michelson inter- 
ferometer. The technique is used for providing 
calibrated fibers to the industry as SRM. 


Numerical Aperture 


The NA is an important attribute for multimode 
fibers in order to predict their launching efficiency, 
joint loss at splices and micro/macrobending 
characteristics. 

A method is available for the measurement of 
the angular radiant intensity distribution (far-field) 
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Units = [im] 


(Mem) (Mem) 
Cladding Core Cladding Core 
No. of points : 20 1 20 16 
Fitting level 0.5 0.5 0.5 0.5 
Circular fit 
Diameter 125.3 6.3 125.3 6.3 
Standard deviation 0.2 0.0 0.2 0.0 
Center distance 0.8 0.8 
Conc. error (9) 0.6 0.6 
Elliptical tit 
Large axis (yellow) - 125.8 6.4 125.8 6.4 
Small axis (blue} >: 124.9 6.3 124.9 6.3 
Standard deviation 0.2 0.0 0.2 0.0 
Center distance 0.8 0.8 
Conc. errar (%) 0.6 0.6 
Non-circularity {%) a7 0.9 0.7 0.9 


Orient. ellipse : 7.09° 
Diam. X : 125.73 u 
Diam. ¥ : 124.90 


Figure 21 Core geometry by RNF measurement. 


distribution or the RIP at the output of an FUT. 
NA can be determined from the analysis of the 
test results. 


Mode Field Diameter 


The definition of the MFD is given in the section 
describing the core center above. Four measurement 
methods are available: 


e direct far-field scan determines MFD from the far- 
field intensity distribution; 

e variable aperture in far field determines MFD from 
the complementary aperture transmission function 
a(x), x = dtan @ being the aperture radius and d 
the distance between the aperture and the FUT: 


A foe) 
MED = Alf; 


Equation [21] is valid for small-@ approximation. 


Z -12 
aia | [21] 
x 


e near-field scan determines MFD from the near-field 
intensity distribution Iyp, r being the radial 
coordinate: 

12 








Equation [22] is valid for small-@ approximation; 
and 


Geometry : Core view 
Elliptical fit 

x Kept point 

« Removed point 








e bidirectional backscattering uses an OTDR and 
bidirectional measurements to determine MFD by 
comparing the FUT results with a reference fiber. 


Effective Area 


Aegg is a critical nonlinearity parameter and is defined 
as follows: 


alse nr dr 2? 


Acs Jo 1? dr 


[23] 





I(r) is the field intensity distribution of the fiber 
fundamental mode at radius r. The integration in 
the equation is carried out over the entire fiber 
cross-section. For a Gaussian approximation: 





ae a 
I(r) = exp 2( MED ) [24] 
which yields: 
Acts = = MED? [25] 


Three methods are available for the measurement 
of Acy: 


e direct far-field; 
e variable aperture in far-field; and 
e near-field. 
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Mechanical Measurement and Test 
Methods 


Table 2 describes the various mechanical charac- 
teristics and their corresponding test methods. 


Proof Stressing 


The proof stress level is the value of tensile stress or 
strain applied to a full fiber length over a short period 
of time. The method for fiber proof stressing is the 
longitudinal tension which describes procedures for 
applying tensile loads to a length of fiber. The fiber 
stress is calculated from the applied tension. The 
tensile load is applied over short periods of time 
but not too short in order for the fiber to experience 
proof stress. 


Residual Stress 


Residual stress is the stress built up by the thermal 
expansion difference between core and cladding 
during the fiber drawing process or splicing. Methods 
are available for measuring residual stress based on 
polarization effects. A light beam produced by a 
rotating polarizer propagates to the x-axis direction 
while the beam polarization is in the y—z plane and 
the fiber longitudinal axis in the z-axis. The light 
experiences different phase shift in the y- and z-axis 
due to the FUT birefringence. The photoelastic effect 
gives the relationship between this phase change and 
residual stresses. 


Stress Corrosion Susceptibility 


The stress corrosion susceptibility is related to the 
dependence of crack growth on applied stress. 
It depends on the environmental conditions and 
static and dynamic values may be observed. 


Environmental Characteristics 


Table 3 lists the fiber characteristics related to the 
effect of the environment. 


Table 2 Fiber mechanical characteristics 


Attribute 





Proof stress 

Residual stress 

Stress corrosion susceptibility 
Tensile strength 

Stripability 

Fiber curl 


Table 3 Fiber environmental characteristics 


Attribute 





Hydrogen aging 

Nuclear gamma irradiation 
Damp heat 

Dry heat 

Temperature cycling 
Water immersion 


Hydrogen Aging for Low-Water-Peak Single-Mode 
Fiber 


Hydrogen aging on low-water peak fibers, such as 
G.652.C, is based on a test performed at 1.0 
atmosphere of hydrogen pressure at room tempera- 
ture over a period of one month. Other proportional 
combinations are possible. 


Nuclear Gamma Irradiation 


Nuclear radiation is considered on the basis of a 
steady state response of optical fibers and cables 
exposed to gamma radiation and to determine 
the level of related radiation-induced attenuation 
produced in singlemode or multimode cabled or 
uncabled fibers. 

The fiber attenuation generally increases when 
exposed to gamma radiation. This is primarily due to 
the trapping of radiolytic electrons and holes at defect 
sites in the glass (i.e., the formation of ‘color centers’). 
Two regimes are considered: 


e the low dose rate suitable for estimating the effect 
of environmental background radiation; and 

e the high dose rate suitable for estimating the effect 
of adverse nuclear environments. 


The effects of environmental background radiation 
are measured by the attenuation (cut-back method). 
The effects of adverse nuclear environments are tested 
by power monitoring before, during and after FUT 
exposure. 


See also 


Fiber and Guided Wave Optics: Nonlinear Effects 
(Basics). Imaging: Interferometric Imaging. Interferome- 
try: Gravity Wave Detection; Overview. Polarization: 
Introduction. Scattering: Scattering Phenomena in Opti- 
cal Fibers. 
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Introduction 


Many physical systems in various areas such as 
condensed matter or plasma physics, biological 
sciences, or optics, give rise to localized large- 
amplitude excitations having a relatively long lifetime. 
Such excitations lead to a host of phenomena referred 
to as nonlinear phenomena. Of the many disciplines of 
physics, the optics field is probably the one in which 
practical applications of nonlinear phenomena have 
been the most fruitful, in particular, since the 
discovery of the laser in 1960. This discovery has 
thus led to the advent of a new branch in optics, 
referred to as nonlinear optics. The applications of 
nonlinear phenomena in optics include the design of 
various kinds of laser sources, optical amplifiers, 
light converters, light-wave communication systems 
for data transmission purposes, to name a few. 

In this article, we present an overview of some basic 
principles of nonlinear phenomena that result from 
the interaction of light waves with dielectric wave- 
guides such as optical fibers. These nonlinear phenom- 
ena can be broadly divided into two main categories, 
namely, parametric effects and scattering phenomena. 
Parametric interactions arise whenever the state of 
the dielectric matter is left unchanged by the inter- 
action, whereas scattering phenomena imply tran- 
sitions between energy levels in the medium. More 
fundamentally, parametric interactions originate from 
the electron motion under the electric field of a light 
wave, whereas scattering phenomena originate 
from the motion of heavy ions (or molecules). 


Linear and Nonlinear Signatures 


The macroscopic properties of a physical system can 
be obtained by analyzing the response of the system 
under an external excitation. For example, consider 
at time ¢ the response of a system, such as an amplifier, 


Masson B and Girard A (2004) FTTx PON Guide, Testing 
Passive Optical Networks. Quebec: EXFO, pp. 56. 

Miller JL and Friedman E (2003) Optical Communications 
Rules of Thumb. New York: McGraw-Hill, pp. 428. 

Neumann E-G (1988) Single-Mode Fibers, Fundamentals. 
Berlin: Springer-Verlag. 


to an input signal E, =A sin(ot). In the low- 
amplitude limit of the output signal, the response 
R, of the system is proportional to the excitation: 


Ry = aE; [1] 


where a is a constant. This type of behavior corres- 
ponds to the so-called linear response. In general, a 
physical system executes a linear response when the 
superposition of two (or more) input signals E, and E, 
yields a response which is a superposition of the output 
signals, as schematically represented in Figure 1: 


R= aR, + aR, [2] 


Now, in almost all real physical systems, if the 
amplitude of an excitation E, becomes sufficiently 
large, distortions will occur in the output signals. In 
other words, the response of the system will no longer 
be proportional to the excitation, and consequently, 
the law of superposition of states will no longer be 
observed. In this case, the response of the system may 
take the following form: 


R=q,E, + @E{+03E} +... [3] 


which involves not only a signal at the input frequency 
w, but also signals at frequencies 2w, 3w, and so on. 
Thus, harmonics of the input signal are generated. 
This behavior, called nonlinear response, is at the 
origin of a host of important phenomena in many 
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Figure 1 Schematic representation of linear and nonlinear 
responses of a system, to two input signals. 
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branches of sciences, such as in condensed matter 
physics, biological sciences, or in optics. 


Physical Origin of Optical Nonlinearity 


Optical nonlinearity originates fundamentally from 
the action of the electric field of a light wave on the 
charged particles of a dielectric waveguide. In 
contrast to conductors where charges can move 
throughout the material, dielectric media consist of 
bound charges (ions, electrons) that can execute only 
relatively limited displacements around their equili- 
brium positions. The electric field of an incoming 
light wave will cause the positive charges to move in 
the polarization direction of the electric field whereas 
negative charges will move in the opposite direction. 
In other words, the electric field will cause the 
charged particles to become dipoles, as schematically 
represented in Figure 2. 

Then each dipole will vibrate under the influence of 
the incoming light, thus becoming a source of 
radiation. The global light radiated by all the dipoles 
represents the scattered light. When the charge 
displacements are proportional to the excitation 
(incoming light), i.e., in the low-amplitude limit of 
scattered radiation, the output light vibrates at the 
same frequency as that of the excitation. This process 
corresponds to Rayleigh scattering. On the other 
hand, if the intensity of the excitation is sufficiently 
large to induce displacements that are not negligible 
with respect to atomic distances, then the charge 
displacements will no longer be proportional to 
the excitation. In other words, the response of the 
medium, which is no longer proportional to the excita- 
tion, becomes nonlinear. In this case, the scattered 
waves will be generated not only at the excitation 
frequency (the Kerr effect), say w, but also at 
frequencies that differ from @ (e.g., 2, 3w). On the 
other hand, it is worth noting that when all induced 
dipoles vibrate coherently (that is, their relative phase 
does not vary randomly), their individual radiation 
may, under certain conditions, interfere construc- 
tively and lead to a global field of high intensity. 


- (=) — WW 


Figure 2 Electric dipoles in a dielectric medium under an 
external electric field. 


The condition of constructive interference is the 
phase-matching condition. 

In practice, the macroscopic response of a dielectric 
is given by the polarization, which corresponds to the 
total amount of dipole moment per unit volume of the 
dielectric. As the mass of an ion is much larger than 
that of an electron, the amplitude of the ion motion is 
generally negligible with respect to that of the 
electrons. As a consequence, the electron motion 
generally leads to the dominant contribution in the 
macroscopic properties of the medium. The behavior 
of an electron under an optical electric field is similar 
to that of a particle embedded in an anharmonic 
potential. A very simple model (called the Lorentz 
model) that provides a deep insight into the dielectric 
response consists of an electron of mass m and charge 
—e connected to an ion by an elastic spring (see 
Figure 2). Under the electric field E(t), the electron 
executes a displacement x(t) with respect to its 
equilibrium position, which is governed by the 
following equation: 

dx dx 2 


7 +2X a t ax + (a? x? + ax + +++) 





=-=E [4] 
mM 


where a”, a’, and so on, are constant parameters, 
Wy is the resonance angular frequency of the electron, 
and A is the damping coefficient resulting from the 
dipolar radiation. When the amplitude of the electric 
field is sufficiently large, then the restoring force on 
the electrons becomes a nonlinear function of x; 
hence the presence of terms such as ax, a?x?, and 
so on, in eqn [4]. In this situation, the macroscopic 
response of the dielectric is the polarization 


P= —Sex(o, 20, 30, ...) [5] 


where x(a, 2@, 3, ...) is the solution of eqn [4] in the 
frequency domain, and the summation extends over 
all the dipole moments per unit volume. In terms of 
the electric field E the polarization may be written as 


P= e((KVEF POR +R +++) [6] 


where x”, ¥”, x, and so on, represent the suscepti- 
bility coefficients. Figure 3 (top left) illustrates 
schematically the polarization as a function of the 
electric field. 

In particular, one can clearly observe that when the 
amplitude of the incoming electric field is sufficiently 
small (bottom left in Figure 3), the polarization (top 
right) is proportional to the electric field (bottom left), 
thus implying that the electric dipole radiates a wave 
having the same frequency as that of the incoming 
light (bottom right). On the other hand, Figure 4 
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Figure 3 Polarization induced by an electric field of small amplitude. Nonlinear dependence of the polarization as a function of field 
amplitude (top left) and time dependence of the input electric field (bottom left). Time dependence of the induced polarization (top right) 


and corresponding intensity spectrum (bottom right). 
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Figure 4 Polarization induced by an incoming electric field of large amplitude. 


shows that for an electric field of large amplitude, the 
polarization is no longer proportional to the electric 
field, leading to radiation at harmonic frequencies 
(see Figure 4, bottom right). 

This nonlinear behavior leads to a host of 
important phenomena in optical fibers, which are 
useful for many optical systems but detrimental for 
other systems. 


Parametric Phenomena in Optical 
Fibers 


In anisotropic materials, the leading nonlinear term 
in the polarization, i.e., the ¥? term, leads to 
phenomena such as the harmonic generation or 
optical rectification. This x? term vanishes in 
homogeneous isotropic materials such as cylindrical 
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optical fibers, and there the leading nonlinear term 
becomes the y°) term. Thus, most of outstanding 
nonlinear phenomena in optical fibers originate from 
the third-order nonlinear susceptibility x). Some of 
those phenomena are described below. 


Optical Kerr Effect 


The optical Kerr effect is probably the most important 
nonlinear effect in optical fibers. This effect induces 
an intensity dependence of the refractive index, which 
leads to a vast wealth of fascinating phenomena such 
as self-phase modulation (SPM), cross-phase modu- 
lation (CPM), four-wave mixing (FWM), modula- 
tional instability (MI) or optical solitons. The Kerr 
effect can be conveniently described in the frequency 
domain through a direct analysis of the polarization, 
which takes the following form: 


Py (@) = 5 60x (W)IB(@) Eo) [7] 


The constant 3/4 comes from the symmetry properties 
of the tensor ¥. Setting Px, (w) = €9€n.E(w), where 
en, = 2IEI° is the nonlinear contribution to the 
dielectric constant, the total polarization takes the 
form 


P(@) = Py + Pyy = eolX?(@) + en JE(@) [8] 


As eqn [8] shows, the refractive index n, at a given 
frequency @, is given by 


n =1 t xP t ENL = (No t Any)* [9] 





with mj = 1+. In practice Any, < 9, and then, 
the refractive index is given by 

nw, |EI*) = no(w) + n5EI? [10] 
where m§ is the nonlinear refractive index defined 
by n§ = 3x°8n9). The linear polarization P, is 
responsible for the frequency dependence of the 
refractive index, whereas the nonlinear polarization 
Pyy, causes an intensity dependence of the refractive 
index, which is referred to as the optical Kerr 
effect. Knowing that the wave intensity I is given 
by I = al El’, with a= + €oCNg, the refractive index 
can be then rewritten as 


n(@, 1) = no(@) + 121 [11] 


with my =nS/a=2nSMeocno). For fused silica 
fibers one has typically: 2. = 2.66 x 10-7? m* Wt. 
For example, an intensity of I = 1 GW cm? leads to 
Any, = 2.66107’, which is much smaller than 
ny ~ 145. 


Four-Wave Mixing 


The four-wave mixing (FWM) process is a third-order 
nonlinear effect in which four waves interact through 
an energy exchange process. Let us consider two 
intense waves, E;(w,) and E (a), with w) > a, 
called pump waves, propagating in an optical fiber. 
Hereafter we consider the simplest case when waves 
propagate with the same polarization. In this 
situation the total electric field is given by 


Eror(t, £) = Ey + Ey 
= A,(@,) expli(ky-r — @;2)] 


+ Ap(@2) expli(ky-r — wy) [12] 


where k, and ky are the wavevectors of the fields E; 
and EF, respectively. Equation [7], which gives the 
nonlinear polarization induced by a single mono- 
chromatic wave, remains valid provided that the 
frequency spacing between the two waves is relatively 
small, i.e., [Awl = la. — a1 << wo = (a, + @)/2. 
In this context, eqn [7] leads to 


3 
Pur © GEOX (W)IE coe!” Exot [13] 


Substituting eqn [12] in eqn [13] yields 
Pur = 2nomaea (IE: ie + 2IE,P)Ey 
+ (IEx? + 2IE,)E + E7E3 + EES | [14] 


The term |E,|?E; in the right-hand side of eqn 
[14] represents the self-induced Kerr effect on the 
wave w,. The term |E,|*E;, which corresponds to a 
modification of the refractive index seen by the 
wave w,, due to the presence of the wave a, 
represents the cross-Kerr effect. Thus, the refractive 
index at frequency w, depends simultaneously on 
the intensities of the two pumps, i.e., n= 
n(@,,1E\l",|E,I”). Similarly the third and fourth 
terms in the right-hand side of eqn [14] illustrate 
the self-induced and cross-Kerr effects on the wave 
@, respectively. Note that the self-induced Kerr 
effect is responsible for a self-phase modulation, 
which induces a spectral broadening of a pulse 
propagating through the optical fiber, whereas the 
cross-Kerr effect leads to a cross-phase modulation 
that induces a spectral broadening of one wave in 
the presence of a second wave. The two last terms 
in the right-hand side of eqn [14] correspond to the 
generation of new waves at frequencies 2, — w 
and 2m) — w,, respectively. The wave with the 
smallest frequency 2@,; — w=, is called the 
Stokes wave, whereas the wave with the highest 
frequency 2) — @,; = @,, is called the anti-Stokes 
wave. These two newly generated waves interact 
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Figure 5 Schematic diagram representing a non-degenerate 
four-wave mixing process (top) and the corresponding frequency 
spectrum (bottom). 


with the two pumps through an energy exchange 
process. This interaction is commonly referred to as 
a four-wave mixing process. 

From a quantum mechanical point of view, four- 
wave mixing corresponds to a process in which two 
photons with frequencies @, and @) are annihilated 
with simultaneous creation of two photons at 
frequencies w, and w,,, respectively. The new waves 
are generated at frequencies w, and w,, such that 


[15] 
which states that the total energy is conserved during 
the interaction. But the condition for this FWM 


process to occur is that the total momentum is 
conserved, that is, 


Ak =k, +k,, - 


or equivalently, 


W1 + W) = W. + Was 


ky = k, = 0 [16] 


1(@,)@, of (Ways) Was a 1(@4)@ A NW )@ = 0 [17] 


Equation [16] is known as the phase-matching 
condition. Figure 5 displays a schematic diagram of 
a four-wave mixing process with the corresponding 
frequency spectrum. 

FWM with different pump frequencies a, ¥ w 
is called ‘nondegenerate FWM’, whereas the case 
@, = @) is referred to as ‘degenerate FWM’, or 
more simply, as three-wave mixing. 


Conclusion 


Optical fibers constitute a key device for many areas 
of optical sciences, and in particular for ultrafast 
optical communications. The nonlinear phenomena 
that arise through the nonlinear refractive index 
change (induced mainly by the Kerr effect) have been 
largely investigated these last two decades for 
applications such as all-optical wavelength conver- 
sion, parametric amplification, generation of new 
optical frequencies or ultrahigh repetition rate pulse 
trains. However, in many other optical systems such 
as optical communication systems, these nonlinear 
phenomena become harmful effects, and in this case 
control processes are being developed in order to 
suppress or at least reduce their impact in the system. 


List of Units and Nomenclature 


Nonlinear refractive index 1) [m? W'] 
Optical intensity I [GW cm~* = 10? W cm7?| 


CPM: cross phase modulation 
FWM: four wave mixing 

MI: modulational instability 
SPM: self-phase modulation 
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these frequency bands. In general, many published papers on RF-to-DC conversion, have 
presented circuits capable of converting input or incident power as low as -20dBm. This 
means that, if an RF survey or scan finds signals in space, with power spectrum levels 
around -20dBm, then, it is potentially viable to harvest such signal power. In Fig. 1 (left 
side), the spectrum level is well above -20dBm and hence, a higher potential for energy 
harvesting. In Fig. 1 (right side), while the spectrum level is below -20dBm, what we observe 
is that the level increases with decrease in the distance toward the base station (BTS). Using 
free space propagation equation with this data, it was calculated that at a distance 1.4 m 
from the BTS, the spectrum level could measure 0dBm. An example calculation and plot for 
the estimated received power level, assuming OdBi transmitter (BTS) and receiver antenna 
gains and free space propagation loss (FSPL) for FM and DTV is presented in Section 2.1.1. 
For the example estimation in Section 2.1.1, we select FM and DTV because they measured 
with a higher level than cellular and Wi-Fi for example. 






































Source V/m dBm Reference 

FM radio 0.15~3 er ag 

Analogue TV 0.3~2 

Digital TV 0.2~2.4 -40~0.0 Asami et al. Arai et al. 
Cellular -65~0.0 Mikeka and Arai 

Wi-Fi = -30 





Table 1. RF energy sources, measured data. 


In Table 1, FM radio has the highest E-field intensity implying the highest potential for 
energy harvesting. However, due to the requirements for a large antenna size and the 
challenges for simulations and measurements at the FM frequency i.e. 100 MHz or less (See 
Section 2.2.3, example FM antenna at 80 MHz), this Chapter will focus on DTV (470~770 
MHz band) and Cellular (2100 MHz band) energy harvesting. 
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Fig. 1. DTV signal spectrum measured in Tokyo City (left side graph) and Cellular signal 
spectrum measured in Yokohama City (right side graph). 


The received DTV signal power is high and also wide band, presenting high potential for 
increased energy harvesting unlike in cellular signals. We demonstrated in [2] that the total 
RF-to-DC converted power is roughly the integral over the DTV band (1), and is 
significantly larger than in the case of narrow band cellular energy harvesting. 
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Introduction 


The invention of the laser provided us with a light 
source capable of generating extremely large optical 
power densities (several MW/m7). At such large 
power densities, matter behaves in a nonlinear 
fashion and we come across new optical phenomena 
such as second-harmonic generation (SHG), sum 
and difference frequency generation, intensity 
dependent refractive index, mixing of various 
frequencies, etc. In SHG, an incident light beam at 
frequency @ interacts with the medium and gen- 
erates a new light wave at frequency 2. In sum and 
difference frequency generation, two incident beams 
at frequencies w, and w), mix with each other 
producing sum (@, + @)) and difference (@, — a2) 
frequencies at the output. Higher-order nonlinear 
effects, such as self-phase modulation, four-wave 
mixing, etc. can also be routinely observed today. 
The field of nonlinear optics dealing with such 
nonlinear interactions is gaining importance due to 
numerous demonstrated applications in many 
diverse areas such as optical fiber communications, 
all-optical signal processing, realization of novel 
sources of optical radiation, etc. 





— 
(a) Bulk (b) Waveguide 
Figure 1 (a) In bulk media, tighter focusing produces larger 


intensities, but over shorter interaction lengths. (b) In optical 
waveguides diffraction effects are balanced by waveguiding and 
the interaction lengths are much larger. 


SZ 
tT 


Channel waveguide 


Planar waveguide 


Nonlinear optical interactions become prominent 
when the optical power densities are high and 
interaction takes place over long lengths. The usual 
method to increase optical intensity is to focus the 
light beam using a lens system. For a given optical 
power, the tighter the focusing, the larger will be the 
intensity for a given optical power; however, greater 
will be the divergence of the beam. Thus tighter 
focusing produces larger intensities, but over shorter 
interaction lengths (see Figure 1a). Optical wave- 
guides, in which the light beam is confined to a small 
cross-sectional area, are currently being explored for 
realizing efficient nonlinear devices. In contrast to 
bulk media, in waveguides, diffraction effects are 
balanced by waveguiding and the beam can have 
small cross-sectional areas over much longer inter- 
action lengths (see Figure 1b). A simple optical 
waveguide consists of a high index dielectric medium 
surrounded by a lower index dielectric medium so 
that light waves can be trapped in the high index 
region by the phenomenon of total internal reflection. 
Figure 2 shows a planar waveguide, a channel 
waveguide and an optical fiber. In the planar 
waveguide a film of refractive index n; is deposited/ 
diffused on a substrate of refractive index n, and has a 
cover of refractive index n, (with n,, n. < m,). The 
waveguide has typical cross-sectional dimensions of a 
few micrometers. Unlike planar waveguides, in which 
guidance takes place only in one dimension, in 
channel waveguides the diffused region in a substrate 
is surrounded on all sides by lower index media. 
Optical fibers are structures with cylindrical symme- 
try and have a central cylindrical core of doped silica 
surrounded by a concentric cylindrical cladding of 
pure silica which has a slightly lower refractive index. 
Light guidance in all these waveguides takes place 
through the phenomenon of total internal reflection. 

In contrast to bulk interactions requiring beam 
focusing, in the case of optical waveguides, the beam 
can be made to have extremely small cross-sectional 


Optical fiber 


Figure 2. A planar waveguide, a channel waveguide and an optical fiber. 
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areas (~25 um’) over very long interaction lengths 
(~20 mm in integrated optical waveguides and tens 
of thousands of kilometers in the case of optical 
fibers). This leads to very much increased nonlinear 
interaction efficiencies even at moderate powers 
(approximately a few tens of mW). 

In the following sections, we will discuss some of 
the important nonlinear interactions that are being 
studied with potential applications to various 
branches of science and engineering. Obviously it is 
impossible to cover all aspects of nonlinear optics — 
several books have been written in this area (see 
Further Reading section at the end of this article) — 
what we will do is to discuss the physics of some of 
the important nonlinear effects. 

Apart from intensity and length of interaction, one 
of the most important requirements for many efficient 
nonlinear interactions is the requirement of phase 
matching. The concept of phase matching can be 
easily understood from the point of view of SHG. In 
SHG, the incident wave at frequency w generates a 
nonlinear polarization at frequency 2 and this 
nonlinear polarization is responsible for the gener- 
ation of the wave at 2w. Now, the phase velocity of the 
nonlinear polarization wave at 2m is the same as the 
phase velocity of the electromagnetic wave at freq- 
uency , which is usually different from the phase 
velocity of the electromagnetic wave at frequency 2a; 
this happens due to wavelength dispersion in the 
medium. When the two phase velocities are unequal, 
the polarization wave at 2w (which is the source) and 
the electromagnetic wave at 2m pass in and out of 
phase with each other as they propagate through the 
medium. Due to this, the energy flowing in from w to 
2w cannot add constructively and the efficiency of 
second-harmonic generation is limited. If the phase 
velocities of the waves at w and 2 are matched then 
the polarization wave and the wave at 2 remain in 
phase leading to drastically increased efficiencies. This 
condition is referred to as phase matching and plays a 
very important role in most nonlinear interactions. 


Nonlinear Polarization 


In a linear medium, the electric polarization P is 
assumed to be a linear function of the electric field E: 


P=e9xE [1] 


where, for simplicity, a scalar relation has been 
written. The quantity x is termed as linear dielectric 
susceptibility. At high optical intensities (which 
corresponds to high electric fields), all media behave 
in a nonlinear fashion. Thus eqn [1] is modified to 








P= eo(yE+ OE’ + YER +...) [2] 


where ¥”,x,... are higher order susceptibilities 
giving rise to the nonlinear terms. The second term on 
the right-hand side is responsible for SHG, sum and 
difference frequency generation, parametric inter- 
actions, etc. while the third term is responsible for 
third-harmonic generation, intensity dependent 
refractive index, self-phase modulation, four-wave 
mixing, etc. For media possessing an inversion 
symmetry, ¥~ is zero and there is no second-order 
nonlinear effect. Thus silica optical fibers, which form 
the heart of today’s communication networks, do not 
possess the second-order nonlinearity. 

We will first discuss second-harmonic generation 
and parametric amplification which arises due to the 
second-order nonlinear term and then go on to effects 
due to third-order nonlinear interaction. 


Second-Harmonic Generation in 
Crystals 


The first demonstration of SHG was made in 1961 by 
focusing a 3 kW ruby laser pulse (Ag = 6943 A) ona 
quartz crystal. An incident beam from a ruby laser 
(red color) after passing through a crystal of KDP, gets 
partly converted into blue light which is the second 
harmonic. Ever since, SHG has been one of the most 
widely studied nonlinear interactions. 

We consider a plane wave of frequency w propagat- 
ing along the z-direction through a medium and 
consider the generation of the second-harmonic 
frequency 2w as the beam propagates through the 
medium. Now, the field at w generates a polarization 
at 2w, which acts as a source for the generation of an 
electromagnetic wave at 2m. Corresponding to the 
frequencies w and 2a, the electric fields are assumed 
to be given by 


1 ao 
FO = 7 Ewes 2) 46) [3] 


and 
1 Gare 
ES = 5 (Bae 2) + cc.) [4] 


respectively; c.c. stands for the complex conjugate of 
the preceding quantities. The quantities: 


ky = w(€1 Mo) = (w/o)jn® [5] 
and 
ky = 2wJ(e2 M19) = (2ele)n”” [6] 


represent the propagation vectors at w and 2a, 
respectively; ©; and es, represent the dielectric 
permittivities at w and 2, and n® and n*® represent 
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the corresponding wave refractive indices. It should 
be noted that the amplitudes E, and E, are assumed 
to be z dependent — this is because at z = 0 (where the 
beam is incident on the medium) the amplitude E) is 
zero and this would develop as the beam propagates 
through the medium. We will now develop an 
approximate theory for the generation of the second 
harmonic. 
We start with the wave equation: 


ve 
at? 


a* Px 
at? 





WE — elo Mo [7] 


where Py is the nonlinear polarization. An incident 
wave at frequency w generates a polarization at 2a, 
which acts as a source for the generation of an 
electromagnetic wave at 2. 

In order to consider SHG, we write the wave 
equation corresponding to 2w with the nonlinear 
polarization at 2 given by 


eee fee 
Per =a © ee) [8] 
where 
Poo = dE Ey [9] 
and 
(2) 
d= [10] 


represents the effective nonlinear coefficient and 
depends on the nonlinear material, the polarization 
states of the fundamental and the second harmonic 
and also on the propagation direction. Simple 
manipulations give us, for the rate of change of 
amplitude of the second harmonic wave: 





2 =- ino oe EX (ze [11] 
where 
Ak = ky — 2k, = Qalc\(n?® — n”) [12] 
and we have assumed: 
d*E,/dz* « k(dE,/dz) [13] 


In order to solve eqn [11] we neglect depletion of the 
fundamental field, i.e., E,(z) is almost a constant and 
the quantity Ej on the right-hand side can be assumed 
to be independent of z. If we now integrate eqn [11], 
we obtain: 


iy dew sin 


E2() ta Ete” 





[14] 





where 


1 
o= 5 (Ak) = (wlc\(n?? — n®)z [15] 
Now, the powers associated with the beams corre- 
sponding to w and 2m are given by: 
20 
SIE,/, P, = : 
Cho 2cu9 


n ow 








Pi, = SIE? [16] 
2 

where S represents the cross-sectional area of the 

beams. Substituting for |E,|* from eqn [16], we get 


after some elementary simplifications: 





Py  2copdd?a* 4 Py oi 


~ 17 
TP, (nn * S ae 


oO 


when 7 represents the SHG efficiency. Note that the 
efficiency of SHG increases if P,/S, the intensity of 
the fundamental wave increases. Also 7 increases if 
the nonlinear coefficient d increases (obviously) and 
if the frequency increases. However, for a given 
power P,, the conversion efficiency increases if the 
area of the beam decreases — thus a focused beam will 
have a greater SHG efficiency. The most important 
factor is (sin o/a)* which is a sharply peaked function 
around o = 0, attaining a maximum value of unity at 
o = 0. Thus for maximum SHG efficiency: 

o=053n% =n? [18] 
ie., the refractive index at 2m must be equal to the 
refractive index at w — this is known as the phase 
matching condition. 

The phase matching condition can be pictorially 
represented by a vector diagram (see Figure 3). 
In Figure 3, k,@ and k)w represent the wave vectors 
of the fundamental and the second harmonic respect- 
ively. To achieve reasonably effective SHG, it is very 
important to satisfy the phase-matching condition. 
Efficiencies under nonphase matched operation can 
be orders of magnitude lower than under phase- 
matched operation. 

We see from eqn [17] that the smallest z for which 7 
is maximum is: 


T TTC 





=> = 19 
= © AR 2a@(n2” — n®) [17] 
k,, Ky 


Kay 


Figure 3 Vector diagram representing the phase matching 
condition for SHG. 
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where we have used eqn [15] for Ak. The length L, is 
called the phase coherence length and represents the 
maximum crystal length up to which the second- 
harmonic power increases. Thus, if the length of the 
crystal is less than L,, the second-harmonic power 
increases almost quadratically with z. For z > L,, the 
second-harmonic power begins to reduce again. 

In general, because of dispersion, it is very difficult 
to satisfy the phase-matching condition. However, ina 
birefringent medium, for example with n, > n,, it 
may be possible to find a direction along which the 
refractive index of the o-wave for w equals the 
refractive index of the e-wave for 2w (see Figure 4). 
For media with n, > ,, the direction would corre- 
spond to that along which the refractive index of the 
e-wave for w equals the refractive index for the o-wave 
for 2@. This can readily be understood by considering 
a specific example. We consider the SHG in KDP 
corresponding to the incident ruby laser wavelength 
(Ap = 0.6943 xm, w = 2.7150 10!5 Hz). For this 
frequency: 


n® = 1.50502, n® = 1.46532 


2 2) [20] 
ne” = 1.53269, n2® = 1.48711 


The refractive index variation for the e-wave is 
given by: 





1 
sin? cos?@\ 2 

n= ( 5 [21] 
Ne No 


where 6 is the angle that the wave propagation 
direction makes with the optic axis. Now, as can be 
seen from the above equations: 


Ne < N-(A) < No 


[22] 


nz" (8) 





n2” (8) 


Figure 4 In a birefringent medium, for example with ny > ne, 
it may be possible to find a direction along which the refractive 
index of the o-wave for w equals the refractive index of the e-wave 
for 2w. 


Since m, at 0.6943 wm lies between m, and n, at 
0.34715 ym, there will always exist an angle 6,, along 
which n2°(6,,) = n®. We can solve for 6,, and obtain: 


1/2 
cos 0, = 


23 
car — Ome | ng 
For the values given by eqn [20], we find 6,, = 50.5°. 





fe} 


Quasi Phase Matching (QPM) 


As mentioned earlier, phase matching is extremely 
important for any efficient nonlinear interaction. 
Recently the technique of quasi phase matching 
(QPM) has become a convenient way to achieve 
phase matching at any desired wavelength in any 
material. QPM relies on the fact that the phase 
mismatch in the two interacting beams can be 
compensated by periodically readjusting the phase 
of interaction through periodically modulating the 
nonlinear characteristics of the medium at a spatial 
frequency equal to the wavevector mismatch of the 
two interacting waves. Thus in SHG, when the 
nonlinear polarization at 2w and the electromagnetic 
wave at 2w have an accumulated phase difference of 
a, then the sign of the nonlinear coefficient is reversed 
so that the energy flowing from the polarization to the 
wave can add constructively with the existing energy 
(see Figure 5). Thus, by properly choosing the period 
of the spatial modulation of the nonlinear coefficient, 
one could achieve phase matching. This scheme, 
QPM, is being very widely studied for application to 
nonlinear interactions in bulk and in waveguides. 

In a ferroelectric material such as lithium niobate, 
the signs of the nonlinear coefficients are linked to the 
direction of the spontaneous polarization. Thus a 


{a) 








> 


Figure 5 By reversing the sign of the nonlinear coefficient after 
every coherence length, the energy in the second harmonic can 
be made to grow. (a) Perfect phase matching; (b) Quasi phase 
matching; (c) Nonphase matched. 
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periodic reversal of the domains of the crystal can be 
used for achieving QPM (see Figure 6). This is the 
currently used technique to obtain high-efficiency 
SHG and other nonlinear interactions in LiNbOs, 
LiTaO3, and KTP. The most popular technique today, 
to achieve periodic domain reversal in LiNbOs, is the 
technique of electric field poling. In this method, a 
high electric field pulse is applied to properly oriented 
lithium niobate crystal using lithographically defined 
electrode patterns to produce a permanent periodic 
domain reversed pattern. Such a periodically domain 
reversed LiNbO3 crystal with the periodically 
reversed domains going through the entire depth of 
the crystal is also referred to as PPLN (periodically 
poled lithium niobate, pronounced ‘piplin’) and is 
now commercially available. 

In order to analyze SHG in a periodically poled 
material, let us assume that the nonlinear coefficient d 
varies sinusoidally with a period A. In such a case we 
have: 

d = dg sin(Kz) [24] 
where dy is the amplitude of modulation of the 
nonlinear coefficient and K(= 27/A) represents the 
spatial frequency of the periodic modulation. For 
easier understanding we are assuming the modulation 
to be sinusoidal; in general, the modulation will be 
periodic but not sinusoidal. Any periodic modulation 
can be written as a superposition of sinusoidal and 
cosinusoidal variations. Thus our discussion is valid 
for one of the Fourier components of the variation. 

By using eqn [24], eqn [11] for the variation of the 
amplitude of the second harmonic becomes: 








dE ve! . 
2 = — POCort Ex(z)elA* sin(Kz) [25] 
dz n 
which can be written as: 
dE d _j 
2 _ _ Ko Uae EX(z)eA®* [elke —é Ke) [26] 
dz 2n?° 


Using similar arguments as earlier, it can be shown 
that if Ak — K = 0, then only the second term within 





++ 
A 


Figure 6 QPM can be achieved by a periodic reversal of the 
domains of a ferroelectric material. Arrows represent the direction 
of the spontaneous polarization of the crystal. 


the brackets in eqn [26] contributes to the growth of 

the second harmonic and similarly if Ak+K=0, 

then only the first term within the brackets contri- 

butes to the growth of the second harmonic. The first 

condition implies that: 
27 


2@ o 
a (n n”) mn 0 








[27] 


where A = 27/K represents the spatial period of the 
modulation of the nonlinear coefficient, and Ag is the 
wavelength of the fundamental. Thus the modulation 
period A required for QPM SHG is: 


Xo 
A= =2L 28 
2(n2” — n®) . [28] 





Figure 7 shows the vector diagram corresponding to 
QPM SHG. The phase mismatch between the 
fundamental and second harmonic is compensated 
by the spatial frequency vector of the periodic 
variation of d. 

In the case of waveguides, n® and n?° would 
represent the effective indices of the modes at the 
fundamental and the second-harmonic frequency. It 
may be noted that the index difference between the 
fundamental and the second harmonic is typically 0.1 
and thus the required spatial periods for a funda- 
mental wavelength of 800 nm is ~4 pm. 

The main advantage of QPM is that it can be used 
at any wavelength within the transparency window of 
the material; only the period needs to be correctly 
chosen for a specific fundamental wavelength. One 
can also choose appropriate polarization to make use 
of the largest nonlinear optical coefficients. Another 
advantage is the possibility of varying the domain 
reversal period (chirp) to achieve specific interaction 
characteristics such as increased bandwidth, etc. 

In general, the spatial variation of the nonlinear 
grating is not sinusoidal. In this case the efficiency of 
interaction would be determined by the Fourier 
component of the spatial variation at the spatial 
frequency corresponding to the period given by 
eqn [28]. Also, since the required periods are very 
small, it is possible to use a higher spatial period of 
modulation and use one of the Fourier components 
for the nonlinear interaction process. Thus, in the 
case of periodic reversal of the nonlinear coefficient 


@ 


Ka 2a/A 


Kou 


Figure 7 Vector diagram corresponding to QPM-SHG. 
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with a spatial period given by: 
Xr 
Ay= : 


>; = 1,3; 5556 
8 "(n® — n®) m 


[29] 
which happens to be the m'® harmonic of the 
fundamental spatial frequency required for QPM, 
the corresponding nonlinear coefficient that would be 
responsible for SHG would be the Fourier amplitude 
at that spatial frequency. This can be taken into 
account by defining an effective nonlinear coefficient: 


2d 


mT 


depm = [30] 
Of course the largest effective nonlinear coefficient is 
achieved by using the fundamental frequency with 
m = 1. Higher spatial periods are easier to fabricate 
but would lead to reduced nonlinear efficiencies. 

As compared to bulk devices, in the case of 
waveguides, the interacting waves are propagating 
in the form of modes having specific intensity 
distributions in the transverse plane. Because of this, 
the nonlinear interaction also depends on the overlap 
between the periodically inverted nonlinear medium, 
the fields of the fundamental and second-harmonic 
waves. Thus if E,,(x, y) and E3,,(x, y) represent the 
electric field distributions of the waveguide modes at 
the fundamental and second-harmonic frequency, 
then the efficiency of SHG depends on the following 
overlap integral: 


n= J | doce. WEL (xe, y)Ep,(e, 9) dx dy [31] 


where do(x, y) represents the transverse variation of 
the nonlinear coefficient of the waveguide. Thus 
optimization of SHG efficiency in the case of 
waveguide interactions has to take account of the 
overlap integral. 

Since QPM relies on periodic phase matching, it is 
highly wavelength dependent. Thus the required 
period A is different for different fundamental 
frequencies. Any deviation in the frequency of the 
fundamental would lead to a reduction in the 
efficiency due to deviation from QPM condition. 
Thus the pump laser needs to be highly stabilized at a 
frequency corresponding to the fabricated period. 

Apart from SHG, QPM has been used for other 
three-wave interaction processes such as difference 
frequency generation, parametric amplification, etc. 
Among the many materials that have been studied for 
SHG using QPM, the important ones are lithium 
niobate, lithium tantalite, and potassium titanyl 
phosphate (KTP). Many techniques have been devel- 
oped for periodic domain reversal to achieve a 
periodic variation in the nonlinear coefficient. 


This includes electric field poling, electron bombard- 
ment, thermal diffusion treatment, etc. 


Third-Order Nonlinear Effects 


In the earlier sections, we discussed effects arising out 
of second-order nonlinearity, i.e., the term pro- 
portional to E? in the nonlinear polarization. This 
nonlinear term is found only in media not possessing 
an inversion symmetry. Thus amorphous materials or 
crystals possessing inversion symmetry do not exhibit 
second-order effects. The lowest-order nonlinear 
effects in such a medium is of an order three wherein 
the nonlinear polarization is proportional to E°. 

Self-phase modulation (SPM), cross-phase modu- 
lation (XPM) and four-wave mixing (FWM) rep- 
resent some of the very important consequences of 
third-order nonlinearity. These effects have become 
all the more important as they play a significant and 
important role in wavelength division multiplexed 
optical fiber communication systems. 


Self-Phase Modulation (SPM) 


Consider the propagation of a plane light wave at 
frequency w through a medium having x non- 
linearity. The polarization generated in the medium is 


given by 
P = egyE+ eyyxE° [32] 


If we consider a single frequency wave with an 
electric field given by 


E = Ep cos(wt — kz) [33] 
then 
P = e9xEp cos(wt — kz) 
+ @9x EB cos*(wt — kz) [34] 


Expanding cos? in terms of cos @ and cos 36, we 
obtain the following expression for the polarization 
at frequency o: 


P= eo(x+ : EB) cos(wt — kz) [35] 


For a plane wave given by eqn [33], the intensity is 


1 
I= <cegny ER [36] 


2 
where 1 is the refractive index of the medium at low 
intensity. Then 

I E 


The polarization P and electric field are related 
through the following equation: 


(3) 


Peels 2 as 


7 
2 cEgno ce 





P=e\(n* — NE [38] 
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where 7 is the refractive index of the medium. 
Comparing eqns [37] and [38], we get 





3 
nw =nm+~ x I [39] 
2 CEQNg 
where 
ny =1+x [40] 


Since the last term in the eqn [39] is usually very 
small, we get 


n=ngtnol [41] 
where 
3 ~) 
jase [42] 
= 4 CEyNG 


is the nonlinear coefficient. 

For fused silica mp ~ 1.47, 2. ~ 3.2X10°*° m?/W 
and if we consider power of 100 mW having a cross- 
sectional area of 100 um7, the resultant intensity is 
10°? W/m? and the corresponding change in refractive 
index is 


An © mI ~ 3.2x10 1! [43] 


Although this is very small, when the beam propa- 
gates over an optical fiber over long distances (a few 
hundred to a few thousand kilometers), the accumu- 
lated nonlinear effects can be significant. 

In the case of an optical fiber, the light beam 
propagates as a mode having a specific transverse 
electric field distribution and thus the intensity is not 
constant across the cross-section. In such a case, it is 
convenient to express the nonlinear effect in terms of 
the power carried by the mode (rather than in terms 
of intensity). If the linear propagation constant of the 
mode is represented by 6, then in the presence of 
nonlinearity, the effective propagation constant is 
given by 


kon 
Att 





Pri = B+ P [44] 


where ky = 277/Ag, P is the power carried by the mode. 
The quantity A. represents the effective transverse 
cross-sectional area of the mode and is defined by 


: I, (ig Wr dr ia] 
I, in Wr dr dod 


where yr) represents the transverse mode field 
distribution of the mode. For example, under the 
Gaussian approximation: 


Wr) = oe 


Act [45] 





[46] 


where wf is a constant and 2w represents the mode 


field diameter (MFD), we get: 
Aetf = TW [47] 


It is usual to express the nonlinear characteristic of 
an optical fiber by the coefficient given by 
_ kon 
Act 





[48] 


Thus, for the same input power and same wavelength, 
smaller values of As lead to greater nonlinear effects 
in the fiber. Typically: 
Ae ~ 50-80 pm? ~— and 
[49] 
y~24W km! to 1.5 W km! 


When a light beam propagates through an optical 
fiber, the power decreases because of attenuation. 
Thus, the corresponding nonlinear effects also reduce. 
Indeed, the phase change suffered by a beam in 
propagating from 0 to L is given by 


L L 
=| bude=plLt+y{ Pde (50) 
If a represents the attenuation coefficient, then 
P(z)=Poe “ [51] 
and we get 
b= BL + yPoLett [S2] 
where 
1—e a 
Le [53] 


is referred to as the effective length. For aL > 1, 
Leg © 1/a@ and for aL <1, Leg ~ L. 

The effective length represents the length of the 
fiber over which most of the nonlinear effects has 
accumulated. For a loss coefficient of 0.20 dB/km, 
Leste = 21 km. 

If we consider a fiber length much longer than Le, 
then to have reduced impact of SPM, we must have 


yPoLert <1 [54] 
or 


a 


yeep oY 





Po< [55] 


For a = 4.6 X 10-7 km7! (which corresponds to an 
attenuation of 0.2 dB/km) and y=2.4W !km"“!, 
we get 


Po <19 mW [56] 
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Propagation of a Pulse 


When an optical pulse propagates through a medium, 
it suffers from the following effects: 


(i) attenuation; 
(ii) dispersion; and 
(iii) nonlinearity. 


Attenuation refers to the reduction in the pulse 
energy due to various mechanisms, such as scattering, 
absorption, etc. Dispersion is caused by the fact that a 
light pulse consists of various frequency components 
and each frequency component travels at a different 
group velocity. Dispersion causes the temporal width 
of the pulse to change; in most cases it results in an 
increase in pulse width, however, in some cases the 
temporal width could also decrease. Dispersion is 
accompanied by chirping, the variation of the instan- 
taneous frequency of the pulse within the pulse 
duration. Since both attenuation and dispersion cause 
a change in the temporal variation of the optical 
power, they closely interact with nonlinearity in 
deciding the pulse evolution as it propagates through 
the medium. 

Let E(x, y,z,t) represent the electric field variation 
of an optical pulse. It is usual to express E in the 
following way: 


E(x, y,2,t) = —[A(z, Dux, yer”) + ¢.c.] [57] 


NI R 


where A(z, tf) represents the slowly varying complex 
envelope of the pulse, yx, y) represents the transverse 
electric field distribution, w) represents center fre- 
quency, and f represents the propagation constant 
at Wo. 

In the presence of attenuation, second-order 
dispersion and third-order nonlinearity, the complex 
envelope A(z, t) can be shown to satisfy the following 
equation: 


aA dA |.) HA 

















a ; 2 
a 5A By apt or ee iylAA [58] 
Here 
d 1 
By = cP = v [59] 
O= 9 & 


represents the inverse of the group velocity of the 
pulse, and 











d2 2 


where D represents the group velocity dispersion 
(measured in ps/km nm). 


The various terms on the RHS of the eqn [58] 
represent the following: 


Iterm: attenuation 
IIterm: group velocity term 
II term: second-order dispersion 
IV term: nonlinear term 
If we change to a moving frame defined by 


coordinates T = ¢t — Bz, eqn [58] becomes 


aA oe ; Pa a*A 
az 2 2 aT? 





iylAI?A 





[61] 


If we neglect the attenuation term, we obtain the 
following equation which is also referred to as the 
nonlinear Schrodinger equation: 





dA By PA. ad 
a> =i Se APA [62] 
The above equation has a solution given by 
A(z, t) = Ay sech o T ei [63] 
with 
2 
Oo 
aj=-Po?, g=-T p (64 
Y 2; 


Equation [63] represents an envelope soliton and 
has the property that it propagates undispersed 
through the medium. The full width at half maximum 
(FWHM) of the pulse envelope will be given by 
T, = 27), where 





1 
sech?o7 = — [65] 
2 
which gives the FWHM 7: 
2 1.7627 
1; = 21) = —In(1 + V2) ~ EO. [66] 
oO oO 
The peak power of the pulse is: 
Py = |Aol* = Bal 29 [67] 
Y 
Replacing o by 7, we obtain 
2 
Por? = ia” [68] 


where we have used eqn [60]. The above equation 
gives the required peak for a given 7 for the 
formation of a soliton pulse. 

As an example, we have 7 = 10 ps, y= 2.4 W7! 
km7!, Ap =1.55 um, D=2ps/kmnm and _ the 
required peak power will be Pp) = 33 mW. 

Soliton pulses are being extensively studied 
for application to long distance optical fiber 
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communication. In actual systems, the pulses have to 
be optically amplified at regular intervals to compen- 
sate for the loss suffered by the pulses. The amplifica- 
tion could be carried out using erbium doped fiber 
amplifiers (EDFAs) or fiber Raman amplifiers. 


Spectral Broadening due to SPM 


In the presence of only nonlinearity, eqn [61] becomes 


ca —iylAPA [69] 
dz 
whose solution is given by 
A(z, t) = A(z = 0, e717” [70] 


where P = |Al* is the power in the pulse. If P is a 
function of time, then time dependent phase term at 
z = L becomes 








eid) — gileot— POLI [71] 
We can define an instantaneous frequency as 
do dP 
7, eae L 72 
ot) qo [72] 
for a Gaussian pulse: 
P=Pye 2h [73] 
giving 
4yLTP e 27/70 
Oe ele [74] 
T0 


Thus the instantaneous frequency within the pulse 
changes with time, leading to chirping of the pulse 
(see Figure 8). Note that since the pulsewidth has not 











P,=15mW 
Ty = 20ts 


Ag= 15pm 
Agy = 50 um? 
¥g=2x 10° m/s 


Figure 8 Due to self phase modulation, the instantaneous 
frequency within the pulse changes with time leading to chirping of 
the pulse. 


changed, but the pulse is chirped, the frequency 
spectrum of the pulse has increased. Thus SPM leads 
to the generation of new frequencies. By Fourier 
transform theory, an increased spectral width implies 
that the pulse can now be compressed in the temporal 
domain by passing it through a medium with the 
proper sign of dispersion. This is indeed one of the 
standard techniques to realize ultrashort femtosecond 
optical pulses. 


Cross Phase Modulation (XPM) 


Like SPM, cross-phase modulation also arises due to 
the intensity dependence of refractive index, leading 
to spectral broadening. Unlike SPM, in the case of 
XPM, intensity variations of a light beam at a 
particular frequency modulate the phase of light 
beam at another frequency. If the signals at both 
frequencies are pulses, then due to difference in group 
velocities of the pulses, there is a walk off between the 
two pulses, i.e., if they start together, they will 
separate as they propagate through the medium. 
Nonlinear interaction takes place as long as they 
physically overlap in the medium. Smaller the 
dispersion, smaller will be the difference in group 
velocities (assuming closely spaced wavelengths) and 
the longer they will overlap. This would lead to 
stronger XPM effects. At the same time, if two pulses 
pass through each other, then since one pulse will 
interact with both the leading and the trailing edge of 
the other pulse, XPM effects will be nil provided there 
is no attenuation. In the presence of attenuation in the 
medium, the pulse will still get modified due to XPM. 
A similar situation can occur when the two interact- 
ing pulses are passing through an optical amplifier. 
To study XPM, we assume simultaneous propa- 
gation of two waves at two different frequencies 
through the medium. If w, and w) represent the two 
frequencies, then one obtains for the variation of the 
amplitude A, of the frequency @: 
Wha —iy(Py + 2P,)Ay 
dz 
where P, and P, represent the powers at frequencies 
w, and @), respectively. The first term in eqn [75] 
represents SPM while the second term corresponds to 
XPM. If the powers are assumed to attenuate at the 
same rate, L.e.: 


[75] 


P, =P, e ™, Py =Pre [76] 
then the solution of eqn [75] is 
A,(L) = A,(0) e 1KP1+2P2)Lete [77] 


where, as before, L.; represents the effective length of 
the medium. When we are studying the effect of 
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power at w, on the light beam at frequency w,, we 
will refer to the wave at frequency w) as pump, and 
the wave at frequency , as probe or signal. From 
eqn [77] it is apparent that the phase of signal at 
frequency w, is modified by the power at another 
frequency. This is referred to as XPM. Note also that 
XPM is twice as effective as SPM. 

Similar to the case of SPM, we can now write for 
the instantaneous frequency in the presence of XPM 
as eqn [72]: 


dP, 
eff dt 





w(t) = @) — 2yL [78] 


Hence the part of the signal that is influenced by the 
leading edge of the pump will be down-shifted in 
frequency (since in the leading edge dP,/dt > 0) and 
the part overlapping with the trailing edge will be up- 
shifted in frequency (since dP3/dt < 0). This leads toa 
frequency chirping of the signal pulse just as in the 
case of SPM. 

If the probe and pump beams are pulses, then 
XPM can lead to induced frequency shifts depend- 
ing on whether the probe pulse interacts only with 
the leading edge or trailing edge or both, as they 
both propagate through the medium. Let us consider 
a case when the group velocity of pump pulse is 
greater than that of the probe pulse. Thus, if both 
pulses enter the medium together, then since the 
pump pulse travels faster, the probe pulse will 
interact only with the trailing edge of the pump. 
Since in this case dP,/dt is negative, the probe pulse 
suffers a blue-induced frequency shift. Similarly if 
the pulses enter at different instants but completely 
overlap at the end of the medium, then dP,/dt > 0 
and the probe pulse would suffer a red-induced 
frequency shift. Indeed, if the two pulses start 
separately and walk through each other, then there 
is no induced shift due to cancellation of shifts 
induced by leading and trailing edges of the pump. 
Figure 9 shows measured induced frequency shift of 
532nm probe pulse as a function of the delay 
between this pulse and a pump pulse at 1064 nm, 
when they propagate through a 1m long optical 
fiber. 

When pulses of light at two different wavelengths 
propagate through an optical fiber, due to different 
group velocities of the pulses, they pass through 
each other, resulting in what could be termed as a 
collision. In the linear case, the pulses will pass 
through without affecting each other, but when 
intensity levels are high, XPM induces phase shifts 
in both pulses. We can define a parameter termed 
walk off length L,,, which is the length of the 
fiber required for the interacting pulses to walk 


off relative to each other. The walk off length is 
given by 


_ At 
~ DAX 





Lwo [79] 


where D represents the dispersion coefficient, and 
AX represents the wavelength separation between 
the interacting pulses. For return to zero (RZ) 
pulses, Az represents the pulse duration while for 
nonreturn to zero (NRZ) pulses, At represents the 
rise term or fall time of the pulse. Closely spaced 
channels will thus interact over longer fiber lengths, 
thus leading to greater XPM effects. Larger dis- 
persion coefficients will reduce L,,, and thus the 
effects of XPM. Since the medium is attenuating, the 
power carried by the pulses decreases as they 
propagate and thus leading to reduced XPM effect. 
The characteristic length for attenuation is the 
effective length Le, defined by eqn [53]. If Luo < 
Lr, then over the length of interaction of the pulses, 
the intensity levels do not change appreciably and 
the magnitude of the XPM-induced effects will be 
proportional to the wavelength spacing AA. For 
small AA’s, Ly. >> Leg and the interaction length is 
now determined by the fiber losses (rather than by 
walk off) and the XPM-induced effects become 
almost independent of AA. Indeed, if we consider 
XPM effects between a continuous wave (cw) probe 
beam and a sinusoidally industry modulated pump 
beam, then the amplitude of the XPM-induced 


oO — 
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Figure 9 Measured induced frequency shift of 532 nm probe 
pulse as a function of the delay between this pulse and a pump 
pulse at 1064nm, when they propagate through a 1m long 
optical fiber. (Reproduced from Baldeck PL, Alfano RR and 
Agrawal GP (1998) Induced frequency shift of copropagating 
ultrafast optical pulses. Applied Physics Letters 52: 1939-1941 
with permission from the American Institute of Physics.) 
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770 


Pociwtv) =a i 5Pyc(f df , (1) 
470 


where qa is the attenuation factor on the rectifying antenna’s RF-to-DC conversion efficiency 
due to multiple incident signal excitation. 5PDc is the small converted DC power from each 
of the single DTV signals in the 470 MHz to 770 MHz band. 


In detail, we derive (1) from fundamentals as follows. 


The incident power density on the rectifying antenna (rectenna), S(6,¢, f,t) , is a function of 


incident angles, and can vary over the DTV spectrum and in time. The effective area of the 
antenna, A,(@,¢,f), will be different at different frequencies, for different incident 


polarizations and incidence angles. The average RF power over a range of frequencies at any 
instant in time is given by: 


Frign An 


i J [S(OGF Ag (0,9, yAQaf (2) 


Per(t)= 
se ) Sign = Sige fie 0 


The DC power for a single frequency ( f;) input RF power, is given by 


Poo (fi) = Pre (fi,t)7(Prr(firt)2-Zpc), (3) 


where 1 is the conversion efficiency, and depends on the impedance match 
p(Per,f) between the antenna and the rectifier circuit, as well as the DC load impedance. 
The reflection coefficient in turn is a nonlinear function of power and frequency. 


The estimated conversion efficiency is calculated by Ppp /Ppc . This process should be done 
at each frequency in the range of interest. However, DC powers obtained in that way cannot 
be simply added in order to find multi-frequency efficiency, since the process is nonlinear. 
Thus, if simultaneous multi-frequency or broadband operation like in DTV band is required, 
the above characterization needs to be performed with the actual incident power levels and 
spectral power density. In this Chapter, we shall demonstrate DTV spectrum power harvest, 
given a rectenna than has been characterised in house at each single frequency in the DIV 
band. 


1.1.1 An example calculation and plot for the estimated received power level 


In this example we consider Tokyo’s DTV and FM base stations (BS) as the RF sources. Both 
DTV and FM BS transmitter power (P,) equals 10 kW (70dBm). The antenna gains are 
assumed OdBi in both cases but also at the points of reception for easiness of calculation but 
with implications as follows. Assuming OdBi antenna at each reception point, demands that 
we specify the frequency of the transmitted signal. For this reason we specify DTV signal 
frequency to be equal to 550 MHz while the FM signal frequency equals 80 MHz (Tokyo FM). 


The received power, P, is calculated using the simplest form of Friis transmission equation 
given by 


www.intechopen.com 
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phase shift (A®,,) in the probe beam is given by: 


A®,, aes 2 yP om Let for Lo > Leste 

[80] 
A®,, = 2yPimLwo for Lywvo < Lest 
Here P3,, is the amplitude of the sinusoidal power 
modulation of the pump beam. 

XPM-induced intensity interference can be studied 
by simultaneously propagating an intensity modu- 
lated pump signal and a cw probe signal at a different 
wavelength. The intensity modulated signal will 
induce phase modulation on the cw probe signal 
and the dispersion of the medium will convert the 
phase modulation to intensity modulation of the 
probe. Thus, the magnitude of the intensity fluctu- 
ation of the probe signal serves as an estimate of 
the XPM induced interference. Figure 10 shows the 
intensity fluctuations on a probe signal at 1550 nm, 
induced by a modulated pump for a channel 
separation of 0.6 nm. Figure 11 shows the variation 
of the RMS value of probe intensity modulation with 
the wavelength separation between the intensity 
modulated signal and the probe. The experiment 
has been performed over four amplified spans of 
80km of standard single mode fiber (SMF) and 
nonzero dispersion shifted fiber (NZDSF). The large 
dispersion in SMF has been compensated using 
dispersion compensating chirped gratings. The 
probe modulation, in the case of SMF, decreases 
approximately linearly with 1/AA for all AAs; the 
modulation is independent of AA. In contrast the 
NZDSF shows a constant modulation for AX = | nm. 
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Figure 10 Intensity fluctuations induced by cross phase 


modulation on a probe signal at 1550 nm by a modulated pump 
for a channel separation of 0.6 nm. (Reproduced with permission 
from Rapp L (1997) Experimental investigation of signal distortions 
induced by cross phase modulation combined with dispersion. 
IEEE Photon Technical Letters 9: 1592-1595, © 2004 IEEE.) 
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Figure 11 Variation of the RMS value of probe intensity 
modulation with the wavelength separation between the intensity 
modulated signal and the probe. (Reproduced with permission 
from Shtaif M, Eiselt M and Garret LD (2000) Cross-phase 
modulation distortion measurements in multispan WDM systems. 
IEEE Photon Technical Letters 12: 88-90, © 2004 IEEE.) 


This is consistent with the earlier discussion in terms 
of Loses and Lest. 


Four-Wave Mixing (FWM) 


Four-wave mixing (FWM) is a nonlinear interaction 
that occurs in the presence of multiple wavelengths in 
a medium, leading to the generation of new frequen- 
cies. Thus, if light waves at three different frequencies 
@, ©3, @4 are launched simultaneously into a 
medium, the same nonlinear polarization that led to 
intensity dependent refractive index, leads to non- 
linear polarization component at a frequency: 
@, = @3 + 4 — @ [81] 
This nonlinear polarization, under certain con- 
ditions, leads to the generation of electromagnetic 
waves at w,. This process is referred to as four-wave 
mixing due to the interaction between four different 
frequencies. Degenerate four-wave mixing corre- 
sponds to the case when two of the input waves 
have the same frequency. Thus, if w3 = w4, then 
inputting waves at w) and 3 leads to the generation 
of waves at the frequency 
@, = 203 — @ [82] 
During FWM process, there are four different 
frequencies present at any point in the medium. If we 
write the electric field of the waves as 


E; = SA (ayi(x, ype + cc, 
: [83] 


i= 1,2,3,4 
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where, as before, A,(z) represents the amplitude of the 
wave, w(x, y) the transverse field distribution, and B; 
the propagation constant of the wave. The total 
electric field is given by 


E=E,+£&,+4+ 523+ EF, [84] 


Substituting for the total electric field in the equation 
for nonlinear polarization, the term with frequency 
@, comes out as 





Px = ste ello FD + e¢] [85] 
where 
@ 3E * ~iABz 
Px = FKP AIA Agatha sta € oe [86] 
and 
AB = B3 + By — Bo — By [87] 


In writing eqn [86], we have only considered the 
FWM term, neglecting the SPM and XPM terms. 

Substituting the expression for PX” in the wave 
equation for @, and making the slowly varying 
approximation (in a manner similar to that employed 
in the case of SPM and XPM), we obtain the 
following equation for A,(z): 


dA, 


= —2iyA5A3A, e AR 
dz 


[88] 
where y is defined by eqn [48] with kp = a/c, w 
representing the average frequency of the four 
interacting waves, and Ag is the average effective 
area of the modes. 

Assuming all waves to have the same attenuation 
coefficient a and neglecting depletion of waves at 
frequencies w), w3 and w4, due to nonlinear conver- 
sion we obtain for the power in the frequency @, as 








P,(L) = 4y7PoP3PaLigne [89] 
where 
ABL 
ve 4e~* sin? alale 
= 14 90 
Ve + AB? d-e #p ae 


and Leg is the effective length (see eqn [53]). 
Maximum four-wave mixing takes place when 
Ap = 0, since in such a case y = 1. Now: 


AB = P(@3) + B(w4) — Bla) — PCa) 


Since the frequencies are usually close to each other, 
we can make a Taylor series expansion about any 





[91] 


frequency, say w. In such a case, we obtain 


dB 


AB = (@3 — @)(@3 — @1) ae [92] 








W=W2 

In optical fiber communication systems, the channels 
are usually equally spaced. Thus, we assume the 
frequencies to be given by 


4 = w) + Aa, @3 = @, — 2Aw and 


[93] 


@, = @ — Aw 


Using these frequencies and eqn [60], eqn [92] gives 
us: 


_ 4nDi 


AB= (Av)? [94] 





Cc 


where Aw = 27Av. Thus maximum FWM takes place 
when D=0. This is the main problem in using 
wavelength division multiplexing (WDM) in dis- 
persion shifted fibers which are characterized by 
zero dispersion at the operating wavelength of 
1550 nm, as FWM will then lead to crosstalk 
among various channels. FWM efficiency can be 
reduced by using fiber with nonzero dispersion. This 
has led to the development of nonzero dispersion 
shifted fiber (NZDSF) which have a finite nonzero 
dispersion of about +2 ps/km nm at the operating 
wavelength. 

From eqn [94], we notice that for a given dispersion 
coefficient D, FWM efficiency will reduce as Av 
increases. 

In order to get a numerical appreciation, we 
consider a case with D = 0, i.e., AB = 0. For such a 
case 7 = 1. If all channels were launched with equal 
power P;,, then: 


Pj 47 PR Lee [95] 


Thus the ratio of power generated at w,, due to FWM 
and that existing at the same frequency, is 


Po _ P,(L) 


_ 2p272 
P Pin e-ak 4y Pin Lett 


[96] 





out 


Typical values are Leg = 20km, y= 2.4W 'km‘!. 
Thus: 





P 
8 ~ 0.01P? (mW?) 


out 


[97] 


Figure 12 shows the output spectrum measured at 
the output of a 25 km-long dispersion shifted fiber 
(D = —0.2 ps/km nm) when three 3 mW wavelengths 
are launched simultaneously. Notice the generation of 
many new frequencies by FWM. Figure 13 shows the 
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Figure 12 Generation of new frequencies because of FWM 
when waves at three frequencies are incident in the fiber. 
(Reproduced with permission from Tkach RW, Chraplyvy AR, 
Forghiari F, Gnanck AH and Derosier RM (1995) Four-photon 
mixing and high speed WDM systems. Journal of lightwave 
Technology 13: 841-849, © 2004 IEEE.) 
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Figure 13 Ratio of generated power to the output as a function 
of channel spacing AA for different dispersion coefficients. 
(Reproduced with permission from Tkach RW, Chraplyvy AR, 
Forghiari F, Gnanck AH and Derosier RM (1995) Four-photon 
mixing and high speed WDM systems. Journal of lightwave 
Technology 13: 841-849, © 2004 IEEE.) 


ratio of generated power to the output as a function 
of channel spacing AA for different dispersion 
coefficients. It can be seen that by choosing a nonzero 
value of dispersion, the four-wave mixing efficiency 
can be reduced. Larger the dispersion coefficient, 
smaller can be the channel spacing for the same 
crosstalk. 

Since dispersion leads to increased bit error rates in 
fiber optic communication systems, it is important to 
have low dispersion. On the other hand, lower 
dispersion leads to crosstalk due to FWM. This 
problem can be resolved by noting that FWM 
depends on the local dispersion value in the fiber, 


while the pulse spreading at the end of a link depends 
on the overall dispersion in the fiber link. If one 
chooses a link made up of positive and negative 
dispersion coefficients, then by an appropriate choice 
of the lengths of the positive and negative dispersion 
fibers, it would be possible to achieve a zero total link 
dispersion while at the same time maintaining a large 
local dispersion. This is referred to as dispersion 
management in fiber optic systems. 

Although FWM leads to crosstalk among different 
wavelength channels in an optical fiber communi- 
cation system, it can be used for various optical 
processing functions such as wavelength conversion, 
high-speed time division multiplexing, pulse com- 
pression, etc. For such applications, there is a 
concerted worldwide effort to develop highly non- 
linear fibers with much smaller mode areas and 
higher nonlinear coefficients. Some of the very novel 
fibers that have been developed recently include 
holey fibers, photonic bandgap fibers, or photonic 
crystal fibers which are very interesting since they 
possess extremely small mode effective areas 
(~2.5 um* at 1550 nm) and can be designed to 
have zero dispersion even in the visible region of the 
spectrum. This is expected to revolutionize non- 
linear fiber optics by providing new geometries to 
achieve highly efficient nonlinear optical processing 
at lower powers. 


Supercontinuum Generation 


Supercontinuum (SC) generation is the phenomenon 
in which a nearly continuous spectrally broadened 
output is produced through nonlinear effects on high 
peak power picosecond and subpicosecond pulses. 
Such broadened spectra find applications in spec- 
troscopy, wavelength characterization of optical 
components such as a broadband source from 
which many wavelength channels can be obtained 
by slicing the spectrum. 

Supercontinuum generation in an optical fiber is a 
very convenient technique since it provides a very 
broad bandwidth (>200 nm), the intensity levels 
can be maintained high over long interaction 
lengths by choosing small mode areas, and the dis- 
persion profile of the fiber can be appropriately 
designed by varying the transverse refractive index 
profile of the fiber. 

The spectral broadening that takes place in the fiber 
is attributed to a combination of various third-order 
effects such as SPM, XPM, FWM, and Raman 
scattering. Since dispersion plays a significant role 
in the temporal evolution of the pulse, different 
dispersion profiles have been used in the literature to 
achieve broadband SC. 
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Figure 14 Super Continuum spectrum generated by passing 
25 GHz optical pulse train at 1544nm generated by a mode 
locked laser diode and amplified by an erbium doped fiber. 
(Reproduced from Yamada E, Takara H, Ohara T, Satc K, 
Morioka T, Jinguji K, Itoh M and Ishi M (2001) A high SNR, 150 Ch. 
Supercontinuum CW optical source with high SNR and precise 25 
GHz spacing for 10 Gbit/s DWDM systems. Electronics Letters 
37: 304-306 with permission from IEEE.) 


Some studies have used dispersion decreasing 
fibers, dispersion flattened fibers, while others have 
used a constant anamolous dispersion fiber followed 
by a normal dispersion fiber. 

Figure 14 shows the SC spectrum generated by 
passing 25 GHz optical pulse train at 1544nm 
generated by a mode locked laser diode and amplified 
by an erbium doped fiber. The fiber used for SC 
generation is a polarization maintaining dispersion 
flattened fiber. The output is a broad spectrum 
containing more than 150 spectral components at a 
spacing of 25 GHz with a flat top spectrum over 
18 nm. The output optical powers range from 
—9dBm to+3dBm. Such sources are being 
investigated as attractive solutions for dense WDM 
(DWDM) optical fiber communication systems. 


Conclusions 


The advent of lasers provided us with an intense 
source of light and led to the birth of nonlinear optics. 
Nonlinear optical phenomena exhibit a rich variety of 
effects and coupled with optical waveguides and 
fibers, such effects can be observed even at moderate 
optical powers. With the realization of compact 
femtosecond lasers, highly nonlinear holey optical 
fibers, quasi phase matching techniques, etc, the field 
of nonlinear optics is expected to grow further and 
lead to commercial exploitation such as in compact 
blue lasers, soliton laser sources and multiwavelength 
sources and for fiber optic communication. 


List of Units and Nomenclature 


Attenuation The decrease in optical power 
of a propagating mode usually 
expressed in dB/km 

Birefringent A medium characterized by two 

medium different modes of propagation 


characterized by two different 
polarization states of a plane 
light wave along any direction 


Cross-phase The phase modulation of a pro- 


modulation pagating light wave due to the 
(XPM) nonlinear change in refractive 
index of the medium brought 
about by another propagating 

light wave 
Effective The length over which most of the 


length (Les) nonlinear effect is accumulated in 
a propagating light beam 

The mixing of four propagating 
light waves due to intensity 
dependent refractive index of the 
medium. This mixing leads to the 
generation of new frequencies 
from a set of two or three input 
light beams 

The cross sectional area of the 
mode which determines the non- 
linear effects on the propagating 
mode. This is different from the 
core area 


Four-wave 
mixing (FWM) 


Mode effective 
area (Agger) 


Nonlinear When the response of the medium 
polarization to an applied electric field is 
(Pxx) not proportional to the applied 

electric field, then this results in a 
nonlinear polarization 

Optical Devices which are capable of 
waveguides guiding optical beams by over- 


coming diffraction effects using 
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the phenomenon of total internal 
reflection 

The minimum crystal length upto 
which the second harmonic 
power generated by the nonlinear 
interaction increases 

Condition under with the non- 
linear polarization generating 
an electromagnetic wave propa- 
gates at the same phase velocity 
as the generated electromag- 
netic wave 

The broadening of a light pulse as 
it propagates in an optical fiber 
Periodic modulation of the non- 


Phase coherence 
length 


Phase matching 


Pulse dispersion 


Quasi-phase 


matching linear coefficient to achieve effi- 
(QPM) cient nonlinear interaction 
Second-harmonic The generation of a wave of 
generation frequency 2@ from an incident 
(SHG) wave of frequency w through non- 
linear interaction in a medium 
Self-phase The modulation of the phase of a 
modulation propagating light wave due to the 
(SPM) nonlinear change in refractive 
index of the medium brought 
about by itself 
Supercontinuum The phenomenon in which a 


nearly contiunuous spectrally 
broadband output is produced 
through nonlinear effects on 
high peak power picosecond and 
sub-picosecond pulses 


generation (SC) 


Walk off length Length of the fiber required for 
(Lwo) two interacting pulses at different 
wavelengths to walk off relative 
to each other 
See also 


Nonlinear Optics, Applications: Phase Matching. 
Nonlinear Optics, Basics: y—Harmonic Generation; 
y')—Third-Harmonic Generation; Four-Wave Mixing. 
Spectroscopy: Second Harmonic Spectroscopy. 
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Introduction 


In order to be put to practical use in the telecommu- 
nication network, optical fibers must be protected 
from environmental and mechanical stresses which 
can change their transmission characteristics and 
reliability. 

The fibers, during manufacturing, are individually 
protected with a thin plastic layer (extruded during 
the drawing) to preserve directly their characteristics 
from damage due to the environment and handling. 
This coating surrounding the fiber cladding (with an 
external diameter of 125 wm) is known as the 
primary coating, which is obtained with a double 
layer of UV resin for a maximum external diameter of 
about 250 pm. 

Primary coated fiber, at the end of the manufactur- 
ing process, is subjected to a dynamic traction 
test (proof-test) to monitor its mechanical strength. 
This test, carried out on all fibers manufactured, 
consists of the application of a well-defined strain 
(from 0.5% to 1%) for a fixed time (normally 1s) and 
thus permits the exclusion of, from successive 
cabling, those fibers with poor mechanical 
characteristics. 

At the end of the manufacturing process the optical 
fibers are not directly usable. It is necessary to 
surround the single fiber (or groups of fibers) with a 
structure which provides protection from mechanical 
and chemical hazards and allows for stresses that may 
be applied during cable manufacture, installation, 
and service. 

Suitable protection is provided using fiber con- 
ditioning within the cable (secondary coating or 
loose cabling), while entire protection is obtained 
with some cable elements, such as strength mem- 
bers, core assembling, filling, and outer protections. 
Moreover, the cable structure and its design is 
heavily influenced by the application (e.g., number 
of fibers), installation (laying and splicing), and 
environmental conditions of service (underground, 
aerial, or submarine). 

In this article, the main characteristics of optical 
cables (with both multimode or single mode fibers) 
are described and analyzed, together with suitable 
solutions. 


Secondary Fiber Coating 


The fiber, before cabling, can be protected with a 
secondary coating (a tight jacketing) to preserve it 
during cable stranding. However, fiber with only a 
primary coating may be cabled with a suitable cable 
protection. 

In the first case the fiber can be directly stranded to 
form a cable core; in the second case, a single group of 
fibers must be inserted into a loose structure (tubes 
or grooves) with a proper extra-length. These two 
solutions are not always distinguishable; in fact, tight 
fibers inserted into loose tubes or grooves are often 
used. 

The implementation of the secondary coating and 
the choice of proper materials requires particular 
attention, in order to avoid microbending effects on 
the fiber, which can cause degradation of the 
transmission characteristics. Microbending is caused 
by the pressure of the fiber on a microrough surface, 
or by the fiber buckling, due to the contraction of the 
structure (e.g., secondary coating) containing it. 
Microbending causes an increase in fiber attenuation 
at long wavelengths (1300 and 1550 nm) for both 
single and multimode fibers, but is particularly 
emphasized in multimode fibers. 


Tight Jacket 


In a tight protection, the primary coating fiber is 
surrounded by a second plastic jacket in contact with 
the fiber. This jacket mainly protects the fiber from 
lateral stresses that can cause the microbending. 

The fiber can be individually protected with a 
single or double layer of plastic material or in a 
ribbon structure. In Figure 1 four different types of 
tight jacket are shown. In Figure 1a and b the fibers 
are singularly protected with a single or double 
layer up to an external diameter of 0.9mm. The 
second type is normally preferred because the 
external hard plastic gives a good fiber protection 
and the inner soft plastic avoids microbending 
effects on the fiber. 

In a ribbon structure, from 4 to 16 primary coated 
fibers are laid close and parallel and covered with 
plastic. Two types of ribbon are normally classified 
‘encapsulated’ (Figure 1c) or ‘edge bonded’ 
(Figure 1d). In the first case, the fibers are assembled 
with a common secondary coating (one or two 
layers), in the second case, an adhesive is used to 
stick together the fibers with only the primary 
coating. 
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Figure 1 Different types of tight coatings. 


Care should be taken in applying tight protection, 
in particular for a ribbon structure, to avoid an 
attenuation increase due to the action of the jacket on 
the fiber (in particular for the thermal contraction of 
the coating materials). The ribbon structure is 
designed to permit the simultaneous junction of 
multiple fibers; for this reason the ribbon geometry 
must be precision controlled. 


Loose Jacket 


In a loose protection the fiber can be inserted into a 
cable with only the primary coating. A thin layer of 
colored plastic may be added onto the primary 
coating to identify the fiber in the cable. The fibers 
are arranged in a tube or in a groove ona plastic core 
(slotted core). The diameter of the tube or the 
dimension of the core must be far larger than the 


diameter of the fiber so that the fiber is completely 
free inside the structure. The fibers can be inserted 
into a tube or into a slotted core, singularly or in 
groups. The space inside the tube around the fibers 
can be empty or filled with a suitable jelly. Some 
examples of loose structures are shown in Figure 2. In 
the tube structure, the external diameter of the jacket 
depends on the number of the fibers: for a single fiber 
up to 2mm (Figure 2a), and for a multifiber tube 
(Figure 2b) up to 3 mm (for 10 fibers). 

Examples of slotted core structures are shown in 
Figure 2c and d, respectively, for one fiber and for a 
group of fibers, the dimensions of grooves depending 
on the number of fibers. 

Plastic materials with a high Young modulus are 
normally used for the tube that is extruded on the 
single or on the group of fibers. Instead, for the slotted 
core, plastic materials with good extrusion are used to 
obtain a precise profile of the grooves. 

The loose structure guarantees freedom to the 
fibers in a defined interval of elongation and 
compression. Out of this interval, microbending 
effects can arise which increase fiber attenuation. 
Axial compression generally occurs when the cable is 
subjected to low temperatures and is generated from 
the thermal contraction of the cable materials that is 
different from that of the fibers. Axial elongation 
normally occurs when the cable is pulled or by the 
effects of high temperature. 

For a correct design of a cable with a loose 
structure, the extra length of the fiber with respect 
to the tube or groove dimension and the stranding 
pitch must be evaluated, starting from the range of 
axial compression and elongation. In fact, care must 
be taken to prevent the fiber from being strained or 
forced against the tube or groove walls in the 
designed range. 

For the tube solution, the extra length of the fibers 
is controlled during the tube extrusion; for the slotted 
core solution, the length is controlled during cabling, 
giving a controlled tension to the slotted core. 
The loose structure is often used for the cabling of 
fibers with tight jacketing, joining the advantages of 
the tight protection and loose cable. This solution is 
typical for ribbon cables. 


Fiber Identification 


To identify the fibers in a cable, a proper coloration 
with defined color codes must be given to the single 
fibers. In the tight protection, the tight buffer is 
directly colored during extrusion. In the loose 
protection, a thin colored layer is added on the 
primary coating of the fiber; tubes or slotted core may 
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Figure 2 Different types of loose coatings. 


be also colored to identify groups of fibers in high 
potentiality cables. 


Cable Components 


The fundamental components of an optical cable are: 
the cable core with the optical fibers, the strength 
member (one or more) which provide the mechanical 
strength of the cable, sheaths which provide the 
external protection, and filling materials. 


Cable Core 


The optical fibers with the secondary coating (tight or 
loose) are rejoined together in a cable core. For tight 
fibers or loose tubes, the cable core is obtained by 
stranding the fibers or the tubes around central 
elements that normally act as strength members too 
(see below). 

The stranding pitch must be long enough to avoid 
excessive bending of the fibers and short enough to 
guarantee stress apportionment among the fibers in 
cable bends and maximum elongation of the cable 
without fiber strain. Normally, a helical stranding is 
used, but often SO stranding, that consists in an 
inversion of stranding direction every three of more 
turns, is employed. The second stranding type makes 
the cabling easier but may reduce its performance. 

The unit core or the slotted core are made of 
plastic and normally incorporate a central strength 
member. 


Strength Member 


The strength member may be defined as an element 
that provides the mechanical strength of the cable, to 
withstand elongation and contraction during the 
installation and to ensure thermal stability. Fiber 
elongation, when the cable is pulled or the fiber 
compressed due to low temperatures, depends greatly 
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Figure 3 Different locations of the strength member in an optical 
cable. 


on the characteristics of the strength member inserted 
in the cable. 

As the maximum elongation values suggested for 
the fibers are in the range from 20 to 30% of the 
proof-test value, the maximum elongation allowed 
for a tight cable is ~0.1% instead of ~0.3% for a 
loose cable. To warrant these performances, a 
material with a high Young modulus is normally 
used as a strength member. Also, the strength member 
must be light (to avoid excessive cable weight) and 
flexible: these properties make it easier when laying 
the cable in ducts. 

The strength member may be metallic or non- 
metallic and may be inserted in the core (Figure 3a) or 
in the outer part of the cable (Figure 3b), normally 
under the external sheath. Often two strength 
members are placed in an optical cable: the first one 
in the core and the second one under the sheath 
(Figure 3c). 

Metallic strength members, generally one or more 
wires of steel, are inserted in the center or in the outer 
part of the cable. The steel, for its low thermal 
expansion coefficient and high Young modulus, 
behaves as a good strength member, particularly 
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when it is arranged in the central core. Steel is a 
nonexpensive material, but needs protection against 
corrosion and electrical-induced voltages, such as by 
lightning or current flow in the ground. 

If cables with high flexibility are requested, steel is 
not suitable and aramid fiber yarn or glass-fiber 
reinforced plastic (G-FRP) are used, particularly 
when the strength member is placed in the outer 
part of the cable. Glass fiber elements are generally 
used as a compressive strength member in the central 
cable core to avoid contraction at low temperatures, 
but they may be used as strength elements when the 
traction strength is low. 

Aramid yarns are not active as resisting com- 
pression elements but are normally arranged in the 
outer part of the optical cable. Aramid yarns have a 
high Young modulus (as with steel) and low specific 
weight: in commercial form they consist of a large 
number of filaments gathered into a layer. Normally 
two layers stranded in opposite directions are used to 
avoid cable torsion during the installation. 

Metal-free cables are protected by G-FRP and 
aramid yarns. This solution results in optical cables 
which are insensitive to electrical interferences. 


Sheaths 


The functions of the sheaths are to protect an optical 
cable during its life, in particular from mechanical 
and environmental stresses. During the installation or 
when the cable is in service, it may be subjected to 
mechanical stresses, for example, presence of humid- 
ity or water and chemical agents. The sheaths act as a 
barrier to avoid degradations of the fibers in the 
internal cable core. 

The plastic sheaths (one or more, depending on 
the cable type and structure) are extruded over 
the core. This extrusion is a delicate operation in 
cable manufacturing because the cable core may be 
subjected to tension, while during the cooling the 
thermal compression of the plastic produces a stress 
on all the cable elements. Examples of cable sheaths 
are shown in Figure 4. 

Different plastic materials, such as polyvinyl- 
chloride (PVC), polyethylene, and polyurethane are 
normally used. PVC has excellent mechanical proper- 
ties, flexibility, and is flame retardant but is permeable 
to humidity. On the other hand, high-density poly- 
ethylene has a permeability lower than PVC, with 
good mechanical properties and low coefficient of 
friction, but it is more flammable than PVC and less 
flexible. Finally, polyurethane, for its softness 
and high flexibility, is often used for inner sheaths. 
When low toxicity is requested (e.g., in indoor 
cables), halogen-free materials are employed. 
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Figure 4 Examples of optical cable sheaths. 


Often a metallic barrier is used under the external 
sheath to prevent moisture entering the cable core. 
The type most widely used is an aluminum ribbon (of 
a few tenths of a millimeter) bonded into the external 
polyethylene sheath, during the sheath extrusion. 
This structure is normally indicated as a LAP 
(laminated aluminum polyethylene) sheath. 

When the cable is directly buried, a metallic armor 
(corrugated steel tape or armoring wires) is generally 
inserted. The metallic armor protects the cable core 
against radial stresses but it is also used as protection 
against rodents and insects. 


Filling Compounds and Other Components 


Fillings are used in optical cables to avoid the 
presence of moisture and water propagation in the 
cable core should a failure occur in the cable sheath. 
Suitable jelly compounds, with constant viscosity at a 
wide range of temperatures and chemical stabilities, 
are generally inserted in the cable core and, some- 
times, in the outer protection layer. In loose struc- 
tures, the jelly is in direct contact with the fibers: the 
compound must be compatible with them and 
guarantee the fiber freedom. Special compounds 
may be used to adsorb and permanently fix any 
hydrogen present in the cable core. The presence of 
hydrogen gas, that may be generated from the 
internal materials of the cable (mainly metals), is 
harmful to the fibers because it causes permanent 
attenuation increases and thus damage to them. 

With the generic terminology ‘other components’, 
some other components used in the optical cables 
are included. They are often similar to those used 
in conventional cables. The most important are: 
insulated conductors, plastic fillers, and cushion 
layers and tapes around the fiber core. 

Insulated copper conductors may be incorporated 
in the cable core, for example, to carry power supply 
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or as service channels, or to detect the presence of 
moisture in the cable (in this case, the insulation is 
missing or partial). The conductors may cause 
problems due to the voltages induced by power 
lines or lighting. 

Plastic fillers are often used to complete the cable 
core geometry. Cushion layers are used to protect the 
cable core against radial compression. Normally, they 
are based on plastic materials wound around the core. 
Tapes are wound around the cable core to hold the 
assemblies together and secondly to provide a heat 
barrier during the sheath extrusion. Mylar tapes are 
usually employed. 


Optical Cable Structures, Types, 
and Applications 


Cable Structures 


The structure of an optical cable is strictly dependent 
on the construction method and the application type 
that determines the design and the grade of external 
protection. The main core (or inner) structures of an 
optical cable can be classified as: stranded structures 
(tight and loose); slotted core cable; or ribbon cable. 
In this section, a few examples of cable structures are 
presented. Below, separate sections are devoted to 
submarine cables and to special application cables, 
for their particular structures and features. 

In the stranded tight structure, a low number of tight 
or loose fibers is stranded around a strength member 
to form a cable unit. Some of this cable unit may be 
joined to constitute a cable with a medium/high 
number of fibers (Figure 5a). Alternatively the fibers 
may be arranged in a multilayer structure (Figure 5b). 

The main advantages of a tight stranded structure 
are the small dimensions of the cable core, even when 
a large number of fibers are involved, and also the 






Coated fiber 
(tight or loose) 








(a) Unit cable 
(one fiber in each 
tube 


Figure 5 Structures of stranded core cables. 
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facility of handling. Care must be taken in the design 
of the strength member: in fact, the fibers are 
immediately subjected to tension when the cable is 
pulled into the ducts or compressed when subjected to 
low temperatures. 

In the stranded loose structures, two categories of 
cables are defined, one fiber per tube and a group of 
fibers (up to 20) per tube (Figure Sc). As already 
mentioned, in the loose structures, the fibers are free 
inside the tube and for this reason the cable is less 
critical than the tight cable. The external dimensions 
of loose cables are larger than tight cables, but the 
solution with multiform tubes allows for cables with 
a high number of fibers in relatively small dimensions. 

Slotted core cables (Figure 2c,d) contain fibers with 
only the primary coating and may be divided, as in 
the stranded loose structure, into one fiber per groove 
or into a group of fibers per groove. The cable design 
and the choice of a suitable plastic material for the 
slotted core joined to a proper strength member, make 
it possible to obtain cables with fiber stability at a 
wide range of temperature. As in the loose stranded 
solutions, the slotted core solution is adopted to 
obtain cables with a high number of fibers in small 
dimensions. 

In the ribbon solution, the fibers (from 4 to 16) 
are placed in a linear ribbon array. Many ribbons are 
stacked together to constitute the optical unit. 
The ribbon cable normally has a loose structure 
(loose tube or slotted core). Three structures are 
shown in Figure 6. In the first example (classical 
AT & T cable), 12 ribbons of 12 fibers are 
directly stacked and stranded in a tube (Figure 6a). 
In the second and third examples, ribbons are inserted 
into tubes or grooves (Figure 6b,c). Several tubes or 
slotted cores can be assembled together to give a cable 
with very high fiber density. The ribbon approach 
may be efficient when a large number of fibers must be 


Fibers 
(up to 20) 





(c) Unit cable 
(with a group of loose 
fibers in each) 


238 Sustainable Energy Harvesting Technologies — Past, Present and Future 





P.=P,+G,+G, +FSPL, (4) 


where P, = 70dBm, G,=G,= OdBi. G, is the receiving antenna gain while FSPL is the free- 
space path loss given by 


FSPL(dB) = 20log(d) + 20log( f) +32.45 , (5) 


where d is in (km) and f is in (MHz). The plot for the received power as a function of 
distance from the DTV and FM base stations is shown in Fig. 2. 
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Fig. 2. DTV and FM received signal power level against distance. 


With respect to Fig. 2, FM registers higher received power level than DTV at every reception 
point due to its lower transmit frequency and hence lower free-space path loss. For example 
at 1 km distance, FM received power level is -0.51dBm while for DTV, the received power is 
-17.26dBm. The important thing however, is that the received power level is frequency 
independent. It means that P, is the transmitter power and the received power level at the 


P, t 
4nd 
as in the above example, the power level is different because the antenna size of OdBi is 
frequency dependent. As a result, high transmit power level is favorable for RF energy 
harvesting. Also near the base station is favorable. 


position of distance d is 





x - However, if we assume OdBi antenna at each reception point 


1.2 Antenna design for the proposed RF energy harvesting (EH) system 


It is well known that RF EH system requires the use of antenna as an efficient RF signal 
power receiving circuit, connected to an efficient rectifier for RF-to-DC power conversion. 
Depending on whether we want to harvest from cellular or DTV signals, the antenna design 
requirements are different. We will discuss the specific designs in the following sub sections. 


1.2.1 Cellular energy harvesting antenna design 


We propose a circular microstrip patch antenna (CMPA) for easy integration with the 
proposed rectifier (Section 2.5.1). However, the use of circular microstrip patch antennas 
(CMPA) is often challenged by the need for impedance matching, circular polarization (CP) 
and higher order harmonic suppression. 


www.intechopen.com 


492 FIBER AND GUIDED WAVE OPTICS / Optical Fiber Cables 













Plastic tube 
Ribbon core 


(12 ribbons with 12 fibers) 


(a) Single ribbon 
stack 


Figure 6 Structures of ribbon cables. 


simultaneously handled, spliced, and terminated at 
connectors. 


Types and Applications 


The choice of an optical cable is heavily established 
by many factors, but mainly on the type of installa- 
tion. On this basis, some different typology of cables 
may be identified: aerial cables, duct cables, direct 
buried cables, indoor cables, underwater cables, etc. 

Aerial cables can be clasped onto a metal strand or 
can be self supporting. In the first case, the cable is not 
subjected to a particular tension but requires good 
thermal and mechanical performances. This solution 
is chosen when the cable must withstand strong ice 
and wind and when long distances between the poles 
are required. All the structures mentioned above may 
be adopted. In the second case, the cable is normally 
exposed to high mechanical stresses during its life and 
high tensile strength must be guaranted to maintain 
the fiber elongation at a safety level. Generally, 
loose structures are preferred for their greater fiber 
freedom. Often, in self-supporting cables, the 
strength member is external to the cable core. An 
example is shown in Figure 7. 

Cables pulled in ducts must be resistant to pulling 
and torsion forces, and light and flexible to permit the 
installation of long sections. The cable must also 
protect the fibers against water and moisture that may 
be present in ducts or manholes. Usually the cable is 
filled with a jelly compound, a metallic barrier is 
normally used and, often, an armoring is added when 
protection against rodents is necessary. All the 
structures described above may be employed in duct 
cables. 

The characteristics of direct buried cables are very 
similar to those of duct cables, but additional 
protections, such as metallic armoring, are required 
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Figure 7 Self-supporting aerial cable. 


to avoid the risk of damages from digging and other 
earthmoving work. 

Cables for indoor applications normally require a 
smaller number of fibers. Their main characteristics 
are: small dimensions, flexibility, small curvature 
radius, and ease in handling and jointing. For indoor 
applications, the sheath must not permit flame 
propagation and must have a low emission of toxic 
gases and dark smoke. Tight cables are preferably 
used for indoor applications due to their compactness 
and small dimensions. 

Underwater cables are employed in the crossing of 
rivers, in lakes and lagoons, and for shallow water 
applications in general. Such cables must have 
stringent requirements such as resistance to moisture 
and water penetration and propagation, pulling 
resistance (during the installation, and recovery in 
event of failure), and high resistance to static pressure 
and core structure compatible with land cables (when 
it is part of a ground link). In addition, due to the 
presence of metallic structures, attention should be 
paid to hydrogen effects. 
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Submarine Cables 


Submarine cable is manufactured for laying in deep- 
sea conditions. In designing a submarine cable, it is 
necessary to provide high reliability that the mech- 
anical and transmission characteristics of the optical 
fibers will be stable over a long period of time. 
Different cables are used for submarine applications, 
but generally follow the basic scheme of Figure 8. 

The central core (with a few fibers — up to 12 — ina 
slotted core or in a tight structure) is surrounded by a 
double layer of steel wires that act as strength members 
against tensile action and water pressure. Metal pipes 
at the inner or outer sides of the strength member, act 
as a water barrier and as power supply conductors (for 
the supply of the undersea regenerators). 

The outer polyethylene insulating sheath is the 
ultimate protection for the ordinary deep-sea cable. 
For cables requiring special protection, steel wire 
armoring (anti-attack from fishes), and further 
polyethylene are added. 

The cable must have stringent mechanical require- 
ments, such as resistance to traction, torsion, crushing, 
impact, and to shark attack. The cable must be suitable 
for installation using standard cable-laying ships. 
Furthermore the cable materials must have low 
content of hydrogen and emissions. If necessary, a 
hydrogen absorber may be included in the cable core. 


Special Cables 


This category comprises cables not specifically used in 
ordinary telecommunication networks, but cables 
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Figure 8 Basic structure of a submarine cable. 


used for specific applications and according to 
specified requirements. Cables for military use are 
normally employed for temporary plant restoration. 
They must be light but crush resistant and with good 
mechanical characteristics. Cables for mobile appli- 
cations (robots, elevators, aircrafts, submarines, etc.) 
generally require high flexibility and tensile strength. 
Special cables may be installed in particular environ- 
ments, where they must be insensitive, for instance, to 
nuclear radiation, chemical agents, and high 
temperatures. 

Optical cables can be installed in power lines, 
together with the power conductors, or into the 
ground wires of high-voltage overhead power lines. 
In this last type of cable, the central stranded steel 
wire, making up the ground wire, is replaced with a 
metal tube containing the optical unit (normally a 
small groups of optical fibers inserted in a tube or ina 
slotted core). 


Blown Fiber 


This technology consists of the installation of a 
single fiber or of small fiber bundles (or cables) into 
pre-installed tubes or ducts using a flux of com- 
pressed air. Initially, cables with empty tubes are 
installed and successively, at the time of need, the 
tubes can be filled by blowing fibers (singly, or in 
bundles) or cables. The installation time is normally 
fast; some compressors can blow tens of meters in a 
minute. The typical maximum blowing distance is 
about 1 km for horizontal planes, but it is reduced 
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along winding roads. The advantage of this tech- 
nique is to produce variable and flexible structures, 
increasing the number of fibers to fit the network 
need. Besides, substitutions or change of fibers 
can be quickly carried out without substitution of 
the cable. 


See also 


Fiber and Guided Wave Optics: Dispersion. Light 
Emitting Diodes. 


Passive Optical Components 


D Suino, Telecom Italia Lab, Torino, Italy 


© 2005, Elsevier Ltd. All Rights Reserved. 


Introduction 


Modern telecommunications networks are based 
on fiber optics as signal transporters. In these 
networks the signals travel in the form of light 
confined within the fibers. As light power travels 
through the fibers from the source apparatus to the 
receiver, a number of components are employed to 
manage the optical signal. All other components that 
are not used to manage the signal are called ‘passive 
optical components’. They serve several functions, 
such as to join two different fibers to distribute the 
signal onto more optical branches to limit the optical 
power to select particular wavelengths, and so on. 

These components can be located anywhere in the 
network, depending on their function and on the 
network architecture. However, their main location is 
near the apparatus in which it is necessary to manage 
the signal before it is sent through the network or at 
the junction in the network where it is sent on to the 
receiver. 

The main types of passive components that are 
found in a network can be grouped as follows: 


e Joint devices: 
e Optical connectors; 
e Mechanical splices. 
Branching devices: 
e Nonwavelength-selective branching devices; 
e WDM. 
Attenuators; 
Filters; 
Isolators; 
Circulators. 


Further Reading 
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fiber-optic cables in conduits using the viscous flow 
of air. Journal of Lightwave Technology 7(2): 297-302. 
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Manufacture and Installation. : John Wiley and Sons. 

Keiser G (1986) Optical Fiber Communications. McGraw- 
Hill. 

Murata H (1988) Handbook of Optical Fibers and Cables. 
Marcel Dekker. 

Technical Staff of CSELT (1990) Fiber Optic Communi- 
cations Handbook Second Edition. : TAB Books. 


Optical fibers are also divided into several 
groups (multimode 50/125, multimode 62.5/125, 
singlemode, dispersion shifted, NZD, and so on). 
There are also components of different typology 
that match up with each particular fiber. However, 
the general concept in terms of functionality, 
technology, and characteristic parameters, are the 
same among passive optical components of the 
same type (connectors, branching devices, or attenua- 
tors) but of different groups (single-mode, multi- 
mode, etc.). 


Optical Joint Devices 


The function of an optical joint is to perform a 
junction between two fibers, giving optical continuity 
to the line. Two different classes of joint can be 
considered: the connectors and the splices. The joints 
made by using connectors, are flexible points in the 
network, which means they can be opened and 
reconnected several times in order, for example, to 
reconfigure the network plan. However, a splice is a 
fixed joint and usually cannot be opened and re- 
mated. There are two type of splice: mechanical 
splices, holding joints to fibers by glue or mechanical 
crimp, and fusion splices fusing the two fiber heads 
with a suitable fusion splicer. 


General Considerations 


Considering that fibers can be described as pipes, 
in the core of which flows light, continuity between 
two fibers means that the two cores must be 
aligned in a stable and accurate way. Obviously 
this alignment must be carried out with minimum 
power loss in the junction. The main factors that 
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affect the power loss in a joint point between two 
fibers are: 


x = Lateral offset; 

z = Longitudinal offset; 

6= Angular misalignment; and 

wy/wp = Mode field diameter ratio (in the single 
mode fiber) or numerical aperture ratio (in the 
multimode fiber). 


These geometrical mismatching between the two 
fibers is represented in Figure 1. 

The function that describes the joint attenuation 
is different for single-mode and multimode con- 
nectors, but the parameters that contribute to it are 
the same. The general formulation for these func- 
tions are complicated and, in particular, for the 
multimode connector it involves an integral on the 
shape distribution of the light in the fiber core. 
These functions become simpler in particular 
conditions: for example, if we consider a single- 
mode joint without a gap between the two fibers 
(that is the more usual condition in the modern 
connectors) the z parameter is nil, and in this case 
the function that describes the attenuation of the 
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Figure 1 Main parameter that affects the joint power loss. 
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where 7 is the fiber core refractive index and A is 
the wavelength of the light. 

Figure 2 shows the trend of eqn [1], where the 
parameter ranges in the graphs are typical for the 
most common products on the market. It is evident 
that the main contribution to attenuation arises from 
the lateral offset. 

For connectors of good quality, both for single- 
mode and multimode fibers, the attenuation values 
are in the range of a few tenths of dB (typically less 
than 0.3 dB). Another important factor for a joint, in 
particular for connectors used in networks for high 
speed or analog signals, is the return loss (RL). 
This is a parameter that gives a measure of the 
quantity of light back-reflected onto the optical 
discontinuity of the connector, due to the Fresnel 
effect. The RL is defined as the ratio in dB between the 
incident light power (Pjn-) and the reflected light 


power (Pre): 
Prog 


Fresnel reflection arises when the light passes between 
two media with different refractive indices. In the 
case of connectors in which the two fibers are not 
in contact, the light passes from the silica of the fiber 
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Figure 2 Single mode connector attenuation as a function of the geometrical parameters. Each curve is plotted keeping the other 


parameter constant. 
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core to the air in the gap. This causes the reflection of 
4% of the incident light that, as RL, is about 14 dB. 

To improve the RL performances of an optical 
joint, it is necessary to reduce the refractive index 
difference. This can be achieved either by index 
matching material between the two fibers that 
reduces the differences between the refractive index 
of the fiber and the gap, or by performing a physical 
contact between the fiber heads. The first technique is 
typically used in mechanical splices but, due to the 
problem related with the pollution contamination of 
the index matching, it is not a good solution for 
connectors that are to be opened and reconnected 
several times. 

The physical contact solution is the most frequently 
adopted for these connectors. Physical contact is 
obtained by polishing the ferrule and the fiber end- 
faces in a convex shape, with the fiber core positioned 
in the apex (Figure 3). With this technique, the typical 
values of return loss for a single mode connector are 
in the range from 35 dB to 55 dB, depending on the 
polishing grade. The residual back-reflected light is 
generated in the thin layer of the fiber end surface, 
because of slight changes in the refractive index due 
to the polishing process. 

Higher return loss values (small quantity of 
reflected light) are achieved with the angled physical 
contact (APC) technique. This is obtained by polish- 
ing the convex ferrule end face angled with respect to 
the fiber axis. In this way, the light is not back 
reflected into the fiber core, but into the cladding, and 
is thus eliminated (Figure 4). In APC connectors, 
typical return loss values are greater than 60 dB. 
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Figure 3 Back reflection effects in PC connectors. 
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Figure 4 Back reflection effects in APC connectors. 


Optical Connectors 


On the market are several types of optical connectors. 
It is possible to divide them into three main groups: 


e Connectors with direct alignment of bare fiber; 

e Connectors with alignment by means of a ferrule; 
and 

e Multifiber connectors. 


Connectors with direct alignment of bare fiber 

In this type of connector the bare fibers are aligned 
on an external structure that is usually a V-groove 
(Figure 5). Two configurations can be performed: 
plug and socket or plug—adapter—plug. In the first 
case, the fiber in the socket is fixed and the one in the 
plug aligns to it. In the plug—adapter—plug configur- 
ation, two identical plugs containing the bare fibers 
are locked onto an adapter in which the fibers are 
placed on the aligned structure. These connectors are 
cheaper than the connectors with a ferrule, 
(described below), but this is unreliable. In fact, the 
bare fibers are delicate and brittle and they can be 
affected by the external mechanical or environmental 
stresses. 


Connectors with alignment by means ferrule 

In this type of connector, the fibers are fixed in a 
secondary alignment structure, usually of cylindrical 
shape, called a ferrule. The fiber alignment is 
obtained by inserting the two ferrules containing the 
fibers into a sleeve. Usually this type of connector is in 
the plug-adapter—plug configuration (Figure 6). 
With this technique, the precision of the alignment 
is moved from the V-groove precision to the dimen- 
sional tolerance of the ferrule. Typical tolerance 
values on the parameters for a cylindrical ferrule 
with a diameter of 2.5 mm, are in the range of a tenth 
of a micrometer, and must be verified on the diameter, 
eccentricity between the hole (through which the fiber 
is fixed) and cylindricity of the external surface. 


Multifiber connectors 

In some types of optical cable, the fibers are organized 
in multiple structures, in which many fibers are 
glued together to form a ribbon. The ribbon can have 
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Figure 5 Scheme of the bare fibers alignment on a V-groove. 
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Figure 6 Scheme of a plug—adapter—plug connector with alignment by ferrules and sleeve. 


2, 4, 8, 12, or 16 fibers, for example. When these 
cables are used, it is convenient to maintain the 
ribbon fiber structure in the connectors (until the 
point in which it is necessary to use the fibers 
singularly). Multifiber connectors are typically 
based on a secondary alignment on a plastic ferrule 
of rectangular shape in which the fibers maintain the 
same geometry that they have in the ribbon. The 
rectangular ferrules of the two plugs are normally 
aligned by means of two metallic pins placed in two 
hole in line with the fiber. In Figure 7, a scheme of a 
multifiber connector is shown. 


Mechanical Splices 


Mechanical splices are yet another way to join 
together two fibers. All the main considerations for 
the connectors are true for the mechanical splices. 
The difference is that the mechanical splice is a fixed 
joint and, normally, it cannot be opened and re- 
mated. Mechanical splices, both for single fiber and 
for multifiber structures, are the most usually 
manufactured. In a mechanical splice, the fibers are 
aligned directly in a V-groove and fixed by glue or a 
mechanical holder. 

These components are cheaper than fusion splices 
but their optical, mechanical, and environmental 
functions are lower than the fusion splices. Figure 8, 
shows a mechanical splice for multifibers in which 
the fibers are crimped on a V-groove array. Usually, 
to avoid high optical reflection in the junction point, 
this type of joint is filled with index matching 
material. 


Branching Devices 


Branching devices are passive components devoted 
to distributing the optical power from an input fiber 
to two or more fibers. These components can 
be classified in two broad classes, on the basis of 
the wavelength dependence. The nonwavelength- 
selective branching devices, called also couplers or 
splitters, share the input power to two or more 
fibers independently from the light wavelength. 
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Figure 7 Multifiber connector. 
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Figure 8 Example of a multifiber mechanical splice. 


The components that perform the light distribution 
on more fibers on the basis of the different wave- 
lengths of the input light are called a WDM 
(wavelength division (de)multiplexer). 

Branching devices have three or more ports, 
bare fiber or connectors, for the input and/or 
output of optical power, and share optical power 
among these ports. A generic branching device 
can be represented as a multiport device having N 
input ports and M output ports, as shown in the 
Figure 9. 

The optical characteristics of a branching device 
can be represented by a square transfer matrix of 
nXn coefficients, where 1 is the total number of 
the component ports. Each coefficient t; in the matrix 
is the fractional optical power transferred among 
designated ports, that is the ratio of the optical power 
P;, transferred out of port j with respect to input 
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Figure 9 Scheme of a generic N x M branching device. 
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So, according to the relationship between two ports, 
the coefficients represent several parameters. For 
example, if the port i is an input port and j is an 
output port, ¢, is the transferred power signal through 
the component, while if they exist as two isolated 
ports the coefficients represent the crosstalk between 
the two ports. 

The three main techniques to obtain this type of 
component are: 


(i) All fiber components; 
(ii) Micro-optics; and 
(iii) Integrated optics. 


Nonwavelength-Selective Branching Devices 


A nonwavelength-selective branching device is a 
component having three or more ports, which shares 
an input signal among the output ports in a 
predetermined fashion. Usually these components 
are completely reversible and so they also work as a 
combiner of signals from more input ports onto a 
single output port. 

There are several types of couplers for different 
applications: 


e Y-coupler with one input port and two output 
ports; 

e X-coupler with two input ports and two output 
ports; and 
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Figure 10 Scheme of a fusion 2 x 2 coupler. 


e Star coupler with more than two ports in input 
and/or in output. 


Moreover the couplers can be symmetrical, and in 
this case they divide the input power light onto n 
equal output flows, or asymmetrical devices in which 
the quantity of power light in the output ports is 
shared in a predefined nonuniform way. 

The techniques used to carry out this type of device 
are mainly the fusion technique or planar technique. 
The first one is based on the phenomenon of 
evanescent wave coupling: when the core of two 
optical guides (as fibers) are located in close 
proximity, a power exchange from a guide to another 
is possible. This configuration can be obtained 
by stretching the fibers under controlled fusion 
(see Figure 10). 

The planar technique, that is the simpler integrated 
optic application, is based on the optical guides with 
appropriate shapes being placed directly onto a 
silicon wafer by means of lithographic processes 
(Figure 11). 

The fusion technique has the advantage of being 
‘all in fiber’ so the component is ready to be inserted 
into the optical networks by means of usual joint 
techniques. But for a high number of ports, the 
coupling ratio among the branches cannot be 
controlled in a precise way and the cost of the 
fusion device is proportional to the number of the 
branches. On the contrary, a device obtained with 
the planar technology must be coupled with fibers 
normally used and this operation may be difficult 
due to the different geometry of the planar guide 
(rectangular) and the fiber (circular). On the other 
hand, this technology allows a high precision in the 
optical characteristics of the component and the 
cost of the device is independent of the branch 
number. 


WDM 


A wavelength-selective branching device, usually 
called WDM (Wavelength Depending Multiplexer), 
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Figure 11 Scheme of the process to obtain a planar coupler and an example of a device. 


is a component having three or more ports which 
shares an input signal among the output ports in a 
predetermined fashion, depending on the wavelength, 
so that at least two different wavelength ranges are 
nominally transferred between two different couples 
of ports. 

WDM devices may be divided in three categories 
on the basis of the bandwidth of the channels (the 
spacing between two adjacent wavelength discrimi- 
nated by the device): 


(i) DWDM (Dense WDM) device operates for 
channel spacing equal or less than 1000 GHz 
(about 6-8 nm in the range of typical optical 
wavelength used in telecommunications systems, 
1310 or 1550 nm); 

(ii) CWDM (Coarse WDM) device operates for 
channel spacing less than 50 nm and greater 
than 1000 GHz; and 

(iii) WWDM (Wide WDM) device operates for 
channel spacing equal or greater than 50 nm. 


These components are used to combine, at the 
input side of an optical link in only one fiber, more 
optical signals with different wavelengths and separ- 
ate them at the receiving end. This technology allows 
to send along a fiber, more communication channels, 
thus increasing the total bit rate transmitted. These 
types of components can be obtained using filters to 
select single a wavelength (as a diffractive grating that 
resolves the light into its monochromatic com- 
ponents) or using the phenomena of evanescent field 
coupling occurring between two adjacent fiber cores 
(as described for coupler devices), controlling in a 
precise way the coupling zone; this is, in fact, 
dependent on the wavelength (Figure 12). 

Using wavelength filters, as they select a singular 
wavelength, it is necessary to perform a cascade filter 
structure for separating more than two wavelengths. 
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Figure 12 (a) Scheme of the filter technique and (b) diffractive 
device technique. 
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Figure 13 Scheme of FBG. 


Micro-optic technologies are generally used for 
multimode fiber due to the critical collimation 
problem. For the single-mode fiber the evanescent 
field coupling technique is applied directly to fiber or 
to planar optical guides. 

Another efficient technique to create WDM devices 
is with a fiber Bragg grating (FBG) wavelength filter 
directly applied to the fiber. FBGs consist in periodic 
modulation (see Figure 13) of the refractive index 
along the core of the fiber, and they act as reflection 
filters. 

During the fabrication process (see Figure 14) the 
core of the optical fiber is exposed to UV radiation, 
and this exposure increases the refractive index of the 
core in defined zones, with a periodic shape obtained 
by the interference fringe created by crossing two 
coherent beams. 
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Figure 14 Scheme of FBG production. 
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Figure 15 Transmission characteristic of FBG. 


Figure 15 shows a representative spectral curve of a 
FBG filter centered at 1625 nm. The central wave- 
length, the width, and the value of reflection depend 
on the grating period (d) and on the deposited UV 
energy in the fiber core. 


Other Passive Optical Components 


In an optical network, besides the devices described 
above, there are a number of other passive optical 
components that perform particular functions on the 
optical signal; the main ones are: 


Attenuators These are devices used to attenuate the 
optical power, for example, in front of a 
receiver when the optical line is short 
and the power of the received signal is 
still too high for the detector, or when it 
is necessary to equalize the signals 
arriving from different optical lines. It 
exists both in tunable and fixed versions. 
The first ones allow adjustment of the 
attenuation value, however, the second 
ones have a fixed and predefined value. 
The fixed optical attenuators can be 
obtained by inserting a filter or stressing 
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Neglacted 


direction 





Figure 16 Principle scheme of an optical circulator. 


a fiber in a controlled and permanent 
way. The tunable attenuators are based 
on variable optical parameters as, for 
example, the distance or the lateral 
offset in an optical connection. They 
exist both as connect lengths of fiber 
(attenuated optical jumpers) or as com- 
pact components similar to a double 
connector (plug stile attenuator). 

These are components with two ports 
employed to select or to filter some fixed 
wavelengths. They can be divided into 
the following categories: 


Filters 


e short-wave pass (only wavelengths 
lower than or equal to a specified 
value are passed); 

e long-wave pass (only wavelengths 
greater than or equal to a specified 
value are passed); 

e band-pass (only an optical window is 
allowed); and 

e notch (only an optical window is 


inhibited). 


It is also possible to have a combination 
of the above categories. The optical 
filtering can be obtained by inserting 
one or more filtering devices (as inter- 
ferential films) into a fiber or creating a 
filter directly on the fiber by the FBG 
described above. 

These are nonreciprocal two-port opti- 
cal device in which the light flows in the 
forward direction, and not in the reverse 
one. The isolators are used to suppress 


Isolators 
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backward reflections along an optical 
fiber transmission line, while 
having minimum insertion loss in the 
forward direction. Fiber optic isolators 
are commonly used to avoid back 
reflections into laser diodes and 
optical amplifiers, which can make the 
laser and amplifiers oscillate unstably, 
and cause noise in the fiber optic 
transmission system. 

These are passive components having 
three or more ports numbered sequen- 
tially (1,2,...,7) through which optical 
power is transmitted nonreciprocally 
from port 1 to port 2,..., from port (2) 
to port (i+ 1),... and from port 1 to 
port 1 (Figure 16). 


Circulators 


See also 


Diffraction: Fresnel Diffraction. Optical Communication 
Systems: Wavelength Division Multiplexing. 
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Fiber gratings are periodic index variations inscribed 
into the core of an optical fiber, and are important 
devices for manipulating fiber guided light. Since their 
first fabrication in the late 1970s, fiber grating use 
and manufacture has increased significantly and they 
are now employed commercially as optical filters, 
reflectors and taps in telecommunications systems, 


and as strain and temperature sensors in various 
industries. We review optical fibers and the funda- 
mentals of fiber grating characteristics as well as 
fabrication. Finally we consider several of the major 
industrial and scientific applications of fiber gratings. 


Fiber Modes 


A fiber grating couples light between the modes of an 
optical fiber, and therefore a knowledge of these 
modes is essential to understanding the characteristics 
of fiber gratings. In what follows, we emphasize 
single-mode fibers used near 1550 nm because these 
are very important in most practical applications that 
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To address the above concerns, we create notches on the circular microstrip patch antenna. 
In our approach, we use only two, thin, fully parameterized triangular notches to achieve 
higher order harmonic suppression, impedance matching and circular polarization, all at 
once. This is the novelty in our proposed antenna. Our proposed CMPA is shown in Fig. 3. 
We study the behaviour of CMPA surface current vectors when notches (triangles ABC) are 
created on the structure at a = 459 and a = 2259, 


y, a = 90° 







(BC = dtr) 





x,a =0° 





2mm 
Fig. 3. Cellular energy harvesting antenna structure. 


Notch parameters d and h in Fig. 3 were investigated by calculation using CST microwave 
Studio. 


Without notches, the CMPA’s input is not matched at f= 2.15 GHz as shown in Fig. 4 (left 
side). However, with notches, matching is achieved. The parameter combination d = 7 and h 
= 6 offers a matched and widest band input response and hence we adopt it for cellular 
energy harvesting applications. 
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use fiber gratings. A single-mode fiber can be viewed 
as a thin cylinder of silica with a central raised index 
region of small enough diameter so that only a single 
mode is guided through total internal reflection at the 
core boundary. The electric field (E-field) of the 
fundamental mode propagating in the core is 
described by a characteristic transverse E-field profile 
and a propagation constant k: 


_ —i(wt—kz) 
E= E(r, g)e 1] 
k= QT Mnere/A 


Here r and gare the radial and azimuthal directions, z 
is measured longitudinally along the fiber, w is the 
radial frequency, and A is the vacuum wavelength, 
and the E-field points in the same direction every- 
where. As the second equation indicates, the fiber 
mode propagates in the fiber as though it has an 
effective refractive index Merz. 

The silica cladding acts to isolate the core mode 
from the outside, hence the core mode penetrates very 
little into the cladding. However, if the outer cladding 
surface allows total internal reflection, the cladding 
may also guide light. Such ‘cladding modes’ are also 
important in understanding fiber gratings, since the 
grating couples the core mode with the cladding 
modes. As shown in Figure 1, the cladding modes 
extend outside the core into the cladding region, and 
their effective index is therefore always less than that 
of the core mode. We also note that in the case when 
the outer coating of the fiber does not support total 
internal reflection, ‘leaky’ cladding modes result. In 
the limit that there is no reflection at the cladding 


E-field (Arbitrary units) 
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boundary a continuum of ‘radiation modes’ results. 
Although these modes are not guided, they are 
exploited in a variety of applications and can be 
carefully tailored by a suitably designed fiber grating. 
Note that the radiation and cladding modes exist 
regardless of the presence of a grating; a grating 
simply couples power from the core mode to the 
cladding/radiation modes; the grating is typically only 
a small perturbation on the index profile of the 
waveguide and the corresponding mode fields. 


Fiber Grating Theory 


Fiber gratings are longitudinal periodic variations in 
the refractive index (or, more generally, the dielectric 
function) of the core and/or cladding of an optical 
fiber. The scattering from any grating may be under- 
stood simply by considering the scattering off each 
successive period and adding these contributions 
while taking the phase of the E-field into account. 
Figure 2 illustrates this analysis in the case of a fiber 
Bragg reflector. When the reflections from each period 
of the grating add constructively, a strong back- 
reflection results. This is known as Bragg reflection. 
The condition for Bragg reflection is given by: 


Bragg 2Meft = A ceating [2] 


Here Agragg is the vacuum wavelength of the light 
(equivalent to its frequency, w= 27c/A), Neg is the 
effective index of the mode, and Agrating is the period 
of the grating refractive index modulations. This 
Bragg reflection is evident in a narrow dip in the 
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Figure 1_ Fiber modes. Refractive index profile of a step index, single-mode fiber (dashed line). Radial profiles of mode E-fields of the 
fundamental (LP01) core mode, guided within the raised index region defined by the core, and one of the many higher-order cladding 
modes guided by the outer, air—silica interface. Also shown is a fiber indicating the ray paths for core, cladding, and radiation modes. 
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transmission spectrum of the grating (see Figure 3a). 
The ability of a fiber grating to selectively reflect the 
core light at one wavelength is one of its most 
important practical properties since it can be used as a 
narrowband filter or reflector. As a fiber component, 


Agrating 


Figure 2 Bragg reflection. Each period of the grating reflects a 
small fraction of the incident light. When the period of the grating is 
adjusted so that these reflections add coherently, a strong Bragg 
reflection results and a narrow dip is observed in the transmission 
spectrum of the fiber (see Figure 3a). As shown in Figures 3 
and 4, Bragg reflection can also occur into cladding modes. 
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Figure 3 Phase matching. Fiber grating resonances occur when the phase matching condition is satisfied: kj,, — 
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the fiber grating has the advantage of compactness 
and provides in-line wavelength filtering. 

The condition for Bragg reflection may be 
expressed more generally as a phase-matching con- 
dition. Phase matching refers to the condition when 
the phases of all the grating-scattered waves are the 
same and there is constructive interference. More 
specifically, this condition expresses the relationship 
between the spatial frequencies of the incident light, 
the scattered light, and the grating modulation, 
necessary for constructive interference in the scat- 
tered light. For a grating, the phase matching 
condition may be expressed in terms of the grating 
wavevector, Kyrating = 27/Agrating and of the two 
mode propagation constants, Rincidenr ANd Recattered 
(defined in eqn [1]) 

[3] 


Rincidene = Kegrating = Recaivered 


Using phase matching, we can understand the 
various transmission spectra that result from fiber 
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Kgrating = Kgcat: 


Propagation constants (kK = 27Ng/A) of the fiber modes are indicated as hash marks on the vertical line. The region indicates the regime 


of unguided radiation modes. The fiber grating is represented by its longitudinal spatial frequency (wavevector) K, 


grating = 277 Agrating > 


where Agrating is the period of the grating. Assuming an incident forward-going core mode, the grating wavevector then phase matches to 
(a) counter-propagating core and cladding modes (fiber Bragg grating, FBG), (b) continuum of radiation modes, or (c) a copropagating 


cladding mode (long-period grating, LPG). 
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gratings. Figure 3 shows the transmission character- 
istic observed for core guided light in a single-mode 
fiber containing three different types of gratings: 
Bragg reflector, radiation mode coupler, and copro- 
pagating mode coupler. Each grating has a different 
type of phase matching condition. Figure 3 also 
depicts the phase matching condition in eqn [3] 
graphically. The vertical line contains a mark 
representing the propagation constants, k, of modes 
of a single mode fiber (both positive and negative for 
the two propagation directions) and a solid black 
region representing the radiation mode continuum. 
Bragg reflection into backward-propagating core and 
cladding modes occurs for short grating periods 
(Kgrating ~ 2R core). Such gratings are known as fiber 
Bragg gratings (FBGs) and a typical transmission 
spectrum with a strong Bragg reflection and several 
cladding mode resonances is shown in Figure 3a (a 
typical Bragg reflection spectrum is shown in Figure 8 
below; the FBG grating period was ~ 500 nm). Core- 
cladding mode reflection results in loss resonances 
for wavelengths shorter than the core—core Bragg 
reflection. When the grating period is very long (in 
general, Kerating < Reore teladding ~ D)/ttaaddinig’ typl- 
cally Agrating is ~ 1000 times that of an FBG), phase 
matching to copropagating cladding modes occurs. 
Such gratings are known as long-period gratings 
(LPGs). A typical LPG spectrum is shown in Figure 3c. 
The LPG resonance corresponds to coupling between 
the core mode and a single copropagating cladding 
mode. For wavevectors in between these two regimes, 
coupling to the continuum of radiation modes is 
possible. An example of such a grating spectrum is 
shown in Figure 3b. We note that fiber cladding 
modes can be either well guided (resulting in the 
sharp grating resonances of Figure 3a) or poorly 
guided (resulting in a broad continuum of Figure 3b) 
depending on the fiber surface. The radiation mode 
approximation is valid in the limit that the cladding 
mode is very poorly guided (i.e., has high loss) within 
the grating region. 

While phase matching yields the resonance wave- 
lengths of a fiber grating, the strengths of these 
resonances must be derived from a full solution of 
Maxwell’s equations. The most common approxi- 
mation used in these calculations is known as coupled 
mode theory (CMT). In CMT, the longitudinal 
refractive index variation is assumed to be a small 
perturbation to the waveguide modes, which results 
only in a change in the propagation constant of the 
modes but does not change the transverse dependence 
of the mode E-fields (see eqn [1]). CMT then assumes 
that the E-field amplitude of each mode varies slowly 
(compared to wavelength) along the grating. A pair of 
coupled equations relating the two mode amplitudes 


as a function of position along the grating can then be 
derived, and these allow for computation of the 
grating reflection and transmission. The coupling 
between two modes is determined by an overlap 
integral «1 between the product of the E-fields of the 
two modes (FE; and E>) and the periodic refractive 
index variation: 


mee] | E,(r, 6)Es(, 6)8n(r,6)dA [4] 


where 62(r,¢) is derived from the refractive index 
modulation: 


on(r, f, 2) = 6n(r, b) COS(Kgrating?) [S] 


This overlap integral is useful because it allows for a 
rough comparison of the strength of resonances for 
different modes without the need to obtain a full 
CMT solution. In the simple case of Bragg reflection 
of the core mode in a standard single-mode fiber 
(see Figure 1): 

a7onn 


oe a [6] 





where 7 ~ 0.8 is the overlap integral of the core mode 
intensity with the core. 

To understand fiber grating spectra we first discuss 
a ‘uniform’ Bragg grating, of length L. Such a grating 
has uniform index modulation along its length and is 
shown in Figure 4a. Depending on the length and 
refractive index modulation of the grating, it may be 
classified as either weak or strong. The division 
between these two regimes may be understood by 
considering the light scattered by each successive 
period of the grating. The fraction of light scattered 
from each period can be approximated by 67/27 using 
the Snell’s law reflectance formula. The boundary 
between a strong and a weak grating occurs when the 
grating is either long enough or strong enough that 
the sum of the scattering from all periods is of order 1. 
This division may also be expressed in terms of x and 
L: kL ~ 1. 

In the weak limit, the incident light propagates 
through the grating with very little scattering. In this 
case, both the LPG and FBG resonances have 
transmission spectra that are approximately related 
to the Fourier transform of the grating index profile. 
(For LPGs, this may not hold if modal dispersion is 
large; see the discussion below.) In the case of a 
uniform grating profile, this results in a 1 — sinc” 
wavelength dependence of the transmission spectrum 
and a spectral width 5A/A ~ Agrating/L = 1/Nperiods aS 
shown in Figure 4a. An important feature of the 
uniform grating is the side lobes. The side lobes result 
from the sudden ‘turn on’ of the grating. In the FBG, 
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Figure 4 Fiber Bragg grating refractive index profiles and spectra. (a) A uniform profile with transmission spectra for both strong and 
weak index modulations. (b) An ‘unapodized’ Gaussian grating profile showing Fabry—Perot-like structure within the grating resonance. 
(c) A ‘100% dc apodized’ Gaussian grating profile showing a symmetric transmission spectrum. (d) A superstructure grating exhibiting 


four resonance peaks. 


they can be understood as resonances of the effective 
Fabry—Perot cavity defined by the sharp grating 
boundaries. 

In the strong limit, a substantial fraction of light is 
scattered out of the incident mode, and the FBG and 
LPG transmission spectra become different. As shown 
in Figure 4a, the FBG spectrum widens to a width 
determined only by 6”: 5A/A = 6n/n. The incident 
light penetrates only a short distance (~ A/67) into the 
grating before being completely reflected. The strong 
LPG, on the other hand, becomes ‘overcoupled’ as the 
second mode is reconverted into the incident mode. 
The result is a higher transmission for the incident 
core mode (provided that the scattered mode propa- 
gates without loss). 

While uniform gratings are easy to model and 
manufacture, most practical fiber gratings have a 
nonuniform profile. In a nonuniform grating profile, 
both the refractive index modulation amplitude, 
6nac(z), and the average effective index value, 
61pc(z), may vary along the fiber grating length: 


5n(Z) = Onpc(Z) + Snyc(Z) cOS(Kgrating?) —_—‘([7] 


By controlling the ac and dc index change, a 
greatly improved filter may be fabricated. Figure 4b 
shows the index profile and the grating transmission 
spectrum of a fiber Bragg grating with an ‘unapo- 
dized’ Gaussian profile. Note that due to the smooth 
increase in modulation amplitude, the sidebands of 
the uniform grating have been eliminated. However, 
because the dc index (and hence Bragg condition) is 
not constant within the grating, sharp resonant 
structure is observed within the grating resonance. 
This structure can be understood as Fabry—Perot 
resonances in the cavity formed by the nonuniform 
Bragg condition within the grating. Figure 4c shows 
a grating with a ‘100% dc apodized’ Gaussian 
profile. This grating has a constant dc refractive 
index within the grating and therefore the resonance 
is smooth and symmetric. Most useful bandpass 
filters require a profile close to 100% apodization. 
Although not shown in Figure 4, a smoothly varying 
index profile also eliminates the sidelobes in LPG 
resonances. 

Other important types of nonuniform fiber gratings 
include chirped fiber gratings and superstructure fiber 
gratings. In a chirped fiber grating the grating period 
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slowly changes along the length of the grating. As 
discussed below, chirped fiber gratings may be used as 
chromatic dispersion compensators. They may also 
be used as broadband reflectors. LPGs may also be 
chirped to produce a broadband response. Super- 
structure gratings have oscillations in the period 
and/or amplitude of the refractive index modulations. 
The resulting grating can have several resonance 
peaks (see Figure 4d). The properties of nonuniform 
gratings may be computed using CMT and also 
understood intuitively using ‘band-diagrams’ and an 
effective index model of the fiber grating response. 

Grating spectra showing radiation mode coupling 
are unlike FBGs or LPGs because there is no conver- 
sion of the radiation modes back to the incident core 
mode. The sharp resonances smooth out into a broad 
continuum. The grating transmission spectrum 
depends less on the refractive index profile of the 
grating than on the overlap of the core mode and 
grating with the radiation modes. Radiation mode 
coupling is greatly affected by tilting the grating 
planes with respect to the axis of the fiber. As dis- 
cussed below, such tilted gratings may be designed as 
loss filters and optical fiber taps. Grating tilt has also 
been applied to decrease core mode back-reflection. 

LPG resonances (and to some degree FBGs) may 
also exhibit strong dependence on the modal dis- 
persion (or variation of the propagation constant, k, 
with wavelength). This wavelength dependence can 
dominate the wavelength dependence arising from 
CMT, making the resonance more or less narrow than 
predicted by CMT without modal dispersion. In an 
extreme case, very broadband LPG resonances 
(40 nm) may be produced between the core mode 
and a specially designed higher-order mode whose 
propagation constant varies such that it is resonant 
with the core mode over a large bandwidth. 


Fiber Grating Fabrication 


Photosensitivity 


The key discovery leading to the study and practical 
application of fiber gratings was the phenomenon of 
UV-induced photosensitivity in the conventional 
germanosilicate optical fibers used in telecommunica- 
tions systems. UV irradiation of the germanosilicate 
core region can produce refractive index changes in 
the range 0.01 to 0.0001. Such refractive index 
changes are large enough to produce useful filters and 
reflectors. The refractive index change is most 
efficiently produced by irradiation close to 242 nm 
or around 193 nm, where germanosilicate glass has 
strong absorptions. Numerous other dopants have 
been shown to be photosensitive at wavelengths 


ranging from 484 nm to 155 nm. These include P, Ce, 
Pb, Sn, N, Sn-Ge, Sb, and Ge-B. Other dopants, such 
as Al and F, show very little photosensitivity. 

A second major discovery enabling practical 
manufacture of fiber gratings was the effect of 
‘hydrogen loading’. The fiber is placed in a pressur- 
ized hydrogen atmosphere until molecular hydrogen 
has diffused into the core region to a level of a few 
mole percent (a level similar to that of the photosen- 
sitive dopants). UV irradiation of the resulting fiber 
produces index changes an order of magnitude larger 
than in the unloaded fiber. Hydrogen loading allows 
gratings to be easily imprinted in conventional single- 
mode fibers, whose Ge content is too low to allow for 
strong gratings. The increase in photosensitivity is 
true for most photosensitive dopants. Index changes 
in excess of 10 * have been produced with hydrogen 
loading. In order to avoid increased OH absorption in 
the telecommunications band (1520-1630 nm), deu- 
terium (D2) is normally used in place of hydrogen. 

The origins of UV photosensitivity are not fully 
understood; however, at least two mechanisms are 
agreed to contribute to the index change. Firstly, as is 
evident from Figure 5, the UV absorption spectrum is 
modified during UV exposure. This bleaching corre- 
sponds to a change in refractive index in the infrared 
which may be computed using the Kramers—Kronig 
relations. In particular, the absorption band at 
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Figure 5 UV absorption spectrum of Ge-doped silica before 
and after irradiation with 242 nm light, showing bleaching of the 
Ge-oxygen deficient defect feature at 242 nm. 
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242 nm resulting from germanium oxygen deficient 
centers is bleached, indicating that these defects are 
modified during exposure. The infrared index change 
results both from this bleaching and from the change 
in the UV absorption edge at ~190 nm. Secondly, 
absorption of UV causes the silica matrix to contract. 
This compaction and the resulting stress distribution 
also change the refractive index. 

Both mechanisms are enhanced by the presence of 
hydrogen in the silica lattice. The hydrogen reacts with 
oxygen, thus increasing the number of UV-absorbing 
germanium oxygen-deficient centers. As a result, in 
hydrogen loaded fibers, more of the Ge atoms 
participate in the index change, explaining the large 
increase in photosensitivity. The number of oxygen- 
deficient defects may also be increased during fiber 
manufacture by collapsing the fiber preform in a low- 
oxygen atmosphere. Such fibers show increased 
photosensitivity without the need for hydrogen load- 
ing. Co-doping a Ge-doped fiber with boron has also 
been shown to increase the level of photosensitivity of 
a fiber for a given level of index change in the core. 

An important aspect of UV-induced index changes 
is that they require thermal annealing to ensure long- 
term stability. Sufficient exposure to elevated tem- 
peratures can completely erase the refractive index 
change in some Ge-doped gratings. Gratings can be 
completely erased by several hours of heating to 
greater than 500°C. Thermal stability has been 
described by an activation energy model which 
assumes a distribution of energies for the defects 
giving rise to the refractive index change. Therefore, 
at a given anneal temperature a fixed fraction of the 


index change will quickly decay, leaving only stable 
defects that easily survive at lower temperatures. By 
annealing at several temperatures for a fixed time, a 
relationship between temperature and time required 
for a given refractive index decay may then be derived 
and used in accelerated aging tests of fiber gratings. 
For 20-year grating reliability of ~1% decrease 
in UV-induced refractive index change, a typical 
Ge-doped grating requires annealing at 140°C for 
12 hours. 


Grating Inscription 


The first method used in UV grating inscription is 
known as ‘internal writing’. In this method light 
propagating in the fiber causes a standing wave to 
form within the core, and UV photosensitivity from a 
two-photon process results in permanent grating 
formation. Both LPG and FBG resonances have 
been fabricated using this method. The technique is 
inflexible, however, because the grating parameters 
are not easily controlled. 

Another important advance that made possible the 
widespread use of fiber gratings is the ‘transverse side- 
writing’ technique. In this method, a UV interference 
pattern is projected through the side of the fiber onto 
the core region. The first demonstration of this 
technique employed a free space interferometer to 
produce the UV fringes. A significant improvement on 
this technique employs a zero-order nulled phase 
mask to generate the interference pattern. The phase 
mask acts to split the incident beam, and these two 
then form the interference pattern. The method is 
shown in Figure 6. The advantage of the phase mask 


UV laser source 






Phase mask 


Single-mode > 


fiber 


Fringe pattern from mask 


Figure 6 Phase mask fabrication of a fiber grating. 
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technique is that the fringes are very stable, since the 
UV beams propagate only a short distance. Another 
important technique for writing fiber gratings is the 
‘point-by point’ writing method. In a point-by-point 
technique the UV interference pattern is modulated 
and translated along a fiber in such a way that a long 
grating may be formed. Although complex and 
sensitive, such methods can yield gratings as long as 
a few meters and also allow for the fabrication of 
complex grating profiles. Point-by-point methods 
have been used to fabricate broadband chirped 
dispersion compensating gratings and Bragg reflec- 
tors with very low dispersion. 

LPGs may also be fabricated with UV irradiation. 
An amplitude mask is typically used. Requirements 
for beam coherence are greatly reduced because of 
the long period (typically a few hundred microns). 
Other techniques may also be used to fabricate LPGs. 
The fiber may be periodically deformed by heating 
or with periodic microbends. Dynamic LPGs may 
also be produced by propagating acoustic waves 
along the fiber. 


Applications 


Fiber gratings are key enabling technologies in a 
number of important applications. In this section we 
review these, highlighting the unique functionalities 
that can be provided by fiber gratings. 


Fiber Grating Strain and Temperature Sensitivity 


Fiber gratings are sensitive to both strain and 
temperature and may therefore be used as sensors. 
Both LPG and FBG resonances change with strain 
and temperature. LPGs show greater but more 
complicated sensitivity and typically FBGs are used 
in such applications. Strain sensitivity arises from the 
fact that gratings are extended in length. Because 
fibers are very thin (diameter ~ 125 ym), significant 
extension is possible. A smaller strain sensitivity 
arises from the stress optic effect. Typical sensitivity at 
1550nm is ~1pm/1 pe in FBGs. Temperature 
sensitivity arises from temperature dependence of 
the refractive index and gives rise to a change order 
0.011 nm/°C of temperature change of the FBG. FBG 
strain sensors have been applied to map stress 
distributions and can be employed in a distributed 
manner with many Bragg reflectors in one fiber being 
examined with one detector. 

These sensitivities may also be used to make fiber 
grating filters tunable. Temperature changes are more 
stable but typically give 1-2 nm of change in an FBG 
resonance. Strain tuning is more difficult to package 
commercially but can give up to 4nm in extension 


and more than 10 nm in compression. Passive 
thermal stabilization of grating resonances may also 
be achieved by designing packages in which strain 
and temperature variations cancel each other. 


Fiber Grating Stabilized Diode Lasers and Fiber 
Lasers 


One of the first important commercial applications of 
fiber gratings was in stabilization of fiber coupled 
diode lasers. Normally these lasers operate on several 
cavity modes making the output unstable. If feedback 
is provided in the form of a narrowband reflection 
then the laser output will be only in this narrow 
bandwidth. The fiber grating is implemented in the 
fiber pigtail of the diode laser and typically provides a 
few percent reflectivity over a bandwidth of ~1 nm. 
The application is depicted schematically in Figure 7. 

More generally, fiber gratings have been used to 
realize fiber laser cavities and fiber distributed feed- 
back lasers. One important example is the cascaded 
Raman resonator fiber laser, in which several FBGs 
recycle Raman pump light to produce high-power, 
fiber coupled light at any design wavelength. 


Optical Add/Drop Multiplexers 


Another important commercial FBG application is 
the optical add/drop multiplexer (see Figure 8). These 
are key components in wavelength division multi- 
plexed (WDM) networks. WDM networks transmit 
large amounts of data through a single fiber by 
modulating several optical carrier wavelengths and 
sending all the wavelengths through a single fiber. The 
optical add/drop multiplexer allows individual wave- 
lengths to be added or dropped from a given fiber. 
Fiber Bragg gratings are useful in this application 
because of the very narrow resonances that are 
achievable (typically a few tenths of a nm at 
1550 nm). For wavelengths close to the Bragg 
wavelength an FBG strongly reflects. The reflectivity 
and bandwidth are determined by the depth of the 
index modulation and grating length, as discussed 
earlier. These degrees of freedom make fiber gratings 
ideal filters to be used in wavelength division multi- 
plexed lightwave networks, in which multiple chan- 
nels are transmitted along long lengths of optical 
fiber. Figure 8 illustrates schematically the principle of 






Fiber pigtail 
Stabilizer FBG 
Figure 7 Fiber Bragg grating stabilized diode laser. The fiber 


grating reflector in the laser pigtail provides a small level of 
feedback to stabilize the laser output power and wavelength. 
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Figure 8 Top: Add/drop node employing fiber grating reflector. Bottom: characteristic reflection and transmission spectrum of an 


add/drop fiber grating filter. 


a fiber grating based add/drop multiplexer. The 
grating is located between two three-port optical 
circulators. (A circulator is a bulk optic element that 
allows transmission only from port 7 to port 7+ 1.) 
Different channels are incident upon the grating from 
the left and only one particular channel undergoes 
reflection at the grating. Note that by carefully 
designing the grating properties the reflectivity in 
the adjacent channel can be made to be negligible. 
This one channel is reflected and re-routed by the 
three-port circulator. The remainder of the channels 
are transmitted through the grating. The grating also 
enables the ‘add’ functionality. In this case light 
originating from a different part of the optical 
network enters the link again through an optical 
circulator and is reflected off the fiber grating. 


Gain-Flattening Loss Filters 


A primary strength of fiber gratings is the diversity of 
filter shapes that is achievable through modification 
of the grating profile. Gain-flatteners are an import- 
ant application requiring such filter design. Gain- 
flattening filters are important in WDM telecommu- 
nications systems in order to smooth the wavelength 
dependence of fiber amplifiers (such as Er or Raman 
amplifiers). Both LPGs and FBGs may be employed as 
gain flattening filters. The desired loss spectrum is 
translated into a corresponding grating profile. LPGs 
have the advantage of low return loss, but the LPG 
resonance wavelengths and strengths are very sensi- 
tive to the fiber geometry, making the computation of 
the grating profile less accurate. FBGs may also be 


used in both tilted and untilted form; however they 
typically have back-reflections that require careful 
fiber grating growth or an isolator to suppress back- 
reflections. Figure 9 shows an example of a gain 
equalizing loss filter using LPGs. 


Dispersion Compensator 


Chromatic dispersion can limit the transmission 
distances and capacities of long-haul fiber links. 
Chromatic dispersion arises from the variation in 
propagation velocity with wavelength. An initially 
sharp pulse is thus dispersed and begins to overlap 
with adjacent pulses resulting in degraded signal 
quality. A key technology for long-haul fiber links is 
therefore ‘dispersion compensation’. The most com- 
mon solution has been ‘dispersion compensating fiber’ 
(DCF), which is simply fiber in which the chromatic 
dispersion has been engineered to be the exact 
opposite of the dispersion in the fiber link. Limitations 
of DCF include nonlinearities, higher-order dis- 
persion, and lack of tunability. Fiber gratings offer 
an alternative approach that overcomes the problems. 

Fiber Bragg gratings can provide strong chromatic 
dispersion when operated in reflection with a three- 
port circulator (see Figure 10). In this case the grating 
period is made to vary along the length of the grating. 
This means that different wavelengths in a pulse 
reflect at different positions in the grating. This gives 
rise to wavelength-dependent group delay and there- 
fore chromatic dispersion. The advantage of the fiber 
grating compared to DCF is that the device can be 
made to be very compact, with potentially lower 
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Figure 9 Long-period grating gain equalizer. Several individual gratings (dashed line) are combined to produce the overall shape 
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Figure 10 Chirped fiber grating dispersion compensator. 


insertion loss, reduced optical nonlinearity, and 
controllable optical characteristics. In particular 
fiber gratings offer the possibility of engineering the 
chromatic dispersion to allow for compensation of 
dispersion slope and other degradations such as 
polarization mode dispersion. 


Optical Monitors 


Fiber gratings may also be employed as compact 
optical taps coupling core guided light to the 


Chirped grating 


Ge Ablue 


radiation modes propagating outside the fiber (see 
Figure 3b). When a conventional Bragg grating is 
tilted with respect to the fiber axis it can scatter light 
out of the fiber in a highly directional manner. The 
angle of scatter is also wavelength dependent 
because of the phase matching condition discussed 
above. This wavelength dependence may form the 
basis of a compact wavelength monitor. The fiber 
grating is used to simultaneously couple light out of 
the fiber and separate the wavelengths. A simple 
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Figure 11 Fiber grating wavelength monitor. The fiber grating 
acts to scatter light out of fiber and simultaneously disperse the 
light. 


detector array can then measure a spectrum of all 
the channels in a typical WDM _ system (see 
Figure 11). 

Fiber grating taps may also scatter light in a 
polarization sensitive manner. This may be achieved 
by tilting the fiber grating by 45° with respect to the 
fiber axis. The resulting broadband taps may be 
employed in compact polarization monitoring 
schemes in which detectors are placed on the outside 
of the fiber to detect light at specific polarizations. 


Advanced Topic in Fiber Gratings 


Fiber Gratings in Air-Silica Microstructured Optical 
Fibers 


Air-silica microstructure fibers (ASMFs), also known 
as ‘holey’ fibers, are fibers with air regions running 
along their length and allow for more complicated 
modal properties than conventional silica-doped 
fiber. It has been shown that fiber gratings can be 
UV written into photosensitive regions of various 
types of microstructure fibers. ASMF gratings open 
new possibilities for fiber grating devices. In addition, 
they are useful in studying the guidance properties of 
ASMFs, because they can selectively excite higher- 
order modes of the fiber. The phase matching 
condition may be used to derive the effective indices 
of the higher-order modes and mode profiles may be 
recorded by imaging a cleaved surface. Such measure- 
ments agree well with standard beam propagation 
computations. Figure 12 shows an example of a mode 
field image generated with a FBG. 

One important application of ASMF gratings is a 
widely tunable LPG filter. Such filters employ a 
‘hybrid waveguide’ formed by infusing a polymer 
into the air regions. Because the polymer index is 
much more sensitive to temperature than silica, the 
guidance properties of the cladding modes may be 
tuned. Thus, widely tunable LPG filters may be 
formed. Moreover, because the cladding modes are 
confined within an ‘inner cladding’ such filters are 
insensitive to external index, allowing for instance, 





Simulated 


Observed 





Figure 12 Cross-section of an air—silica microstructure fiber 
along with measured and simulated modes guided by the air 
regions. 


the use of on-fiber, thin film heaters for power- 
efficient temperature tuning. 


Nonlinear Optics in Fiber Gratings 


The linear properties of fiber gratings are well 
understood and as explained earlier lead to a number 
of interesting phenomena and applications. When the 
peak intensity of the optical field is very high a new 
class of nonlinear effects can occur. These optical 
nonlinearities arise from the intrinsic nonlinearity of 
the material system in which the grating is inscribed. 
In the case of optical fibers, the dominant nonlinearity 
is third-order nonlinearity which manifests itself in 
the refractive index of the material depending on the 
peak intensity of the optical field: 2 = np + 121. This 
nonlinearity gives rise to a number of dramatic 
nonlinear effects in fiber gratings, including all- 
optical switching, bistability, multistability, soliton 
generation, pulse compression, and wavelength 
conversion. 

To understand these effects we consider an intense 
optical field incident upon a fiber grating with a 
central wavelength tuned inside the stopband of the 
grating where the reflectivity is high. At low 
intensities the pulse is reflected and only a small 
amount of light leaks through the grating. As the 
intensity of the incident optical field is increased the 
optical nonlinearity becomes significant and results in 
shifting of the local Bragg wavelength of the grating. 
This in turn can lead to an increase in transmission of 
light through the grating and bistable operation. 

Theoretical studies of the continuous wave non- 
linear properties of periodic media show that such 
media can exhibit switching as well as bistability and 
multistability. This prediction has been confirmed 
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The comparison between calculated and measured Sy; is shown in Fig. 4 (right side). The 24 
and 34 harmonics are suppressed as required by design. The comparison between 
calculated and measured radiation patterns is shown in Fig. 5, where Ey = E, due to the 45° 
tilted surface current vector. Ordinarily, without notches, the surface current vector is 
parallel to the microstrip feeder axis. In conclusion, our proposed CMPA is sufficiently able 
to suppress higher order harmonics while simultaneously radiating a circularly polarized 
(CP) wave. The CP is required to efficiently receive the arbitrary polarization of the incident 
cellular signals at the rectenna. 
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Fig. 5. Cellular energy harvesting antenna pattern at f-= 2.15 GHz. 


1.2.2 DTV energy harvesting antenna design 


Unlike in the cellular energy harvesting antenna, the DTV energy harvesting antenna must 
be wideband (covering 470 MHz to 770 MHz), horizontally polarized and omni-directional. 


The proposed antenna is typically a square patch (57 mm x 76 mm) with a partial ground 
plane (9 mm x 100 mm). The patch is indirectly fed by a strip line (9 mm x 3 mm). The 
proposed antenna geometry is shown in Fig. 6. The partial ground plane is used to achieve 
omni-directivity and a certain level of wide bandwidth. To tune the impedance of this 
antenna as well as to adjust the bandwidth within the target band, a “throttle” with stepped 
or graded structures is used between the microstrip feed line and the square patch, as 
shown in Fig. 6 (left side). 
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Fig. 6. Proposed DTV antenna geometry. Left side: Front view. Right side: Back view. The 
antenna is printed on FR4 substrate; t = 1.6 mm, ¢; = 4.4. 
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experimentally in a variety of geometries, such as in 
semiconductors, and in colloidal crystals. Experi- 
ments studying nonlinear effects in gratings can also 
be performed in optical fiber gratings. In these 
experiments short optical pulses are typically used 
in order to obtain the very high intensities. This has 
several key advantages. The first of these is that long, 
high-quality Bragg gratings can be permanently 
imprinted into the core of optical fibers by side 
illumination with interfering ultraviolet beams (see 
above). This allows for very long interaction lengths 
(compared to picosecond pulse lengths) and enables 
nonlinear propagation phenomena to be studied in 
detail. These include a number of propagation 
phenomena, such as the formation and propagation 
of Bragg solitons, modulational instability, and pulse 
compression. The second advantage is that although 
the nonlinearity is weak, it has a response time of the 
order of a few femtoseconds, and thus acts essentially 
instantaneously on the scale of all but the shortest 
optical pulses. Finally, the ability to engineer the fiber 
grating offers a number of unique geometries and 
potential applications of nonlinear fiber gratings. 

A key idea in the interpretation of nonlinear optics 
in fiber Bragg gratings is the Bragg soliton. Briefly, in 
these solitons the enormous dispersion provided by 
the fiber Bragg grating is balanced by the fiber 
nonlinearity. This is analogous to the optical soliton 
that has been demonstrated in standard single-mode 
fiber where the dispersion is predominantly associ- 
ated with the intrinsic material properties of silica. 
Since the dispersion of a Bragg grating can be five 
orders of magnitude larger than that of unprocessed 
fiber, Bragg solitons can be observed in gratings of 
only a few centimeters in length, thus rivaling the 
compactness of other soliton geometries, such as 
spatial solitons. Of course this implies that the 
required optical intensities to generate Bragg solitons 
are correspondingly higher than in uniform media. 

Figure 13 shows an example of experimental 
results when the peak intensity of a pulse incident 
upon a fiber grating was approximately 10 GW/cm? 
and the incident pulse is tuned to the anomalous 
dispersion regime of the grating. In particular, 
Figure 13 shows the transmitted intensity versus 
time for different values of detuning. By varying the 
strain on the grating, we can change the detuning of 
the input pulse, and thus tune to different points on 
the dispersion curve. Note also from Figure 13 that 
far from the photonic bandgap edge, where the 
grating-induced dispersion is negligible, the pulse is 
unaffected and propagates through the grating at the 
speed of light. Closer to the edge of the photonic 
bandgap the pulse is substantially compressed due to 
the formation of a Bragg soliton. In addition to this 
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Figure 13 Pulse compression associated with nonlinear pulse 
propagation through a fiber Bragg grating. Compression is 
associated with the formation of a Bragg soliton when the incident 
pulse is tuned just outside of the photonic bandgap formed by the 
grating. 


compression, the transmitted pulse is substantially 


delayed in time as a result of the reduced group 
velocity of the pulse propagating through the grating. 


List of Units and Nomenclature 


cw Continuous wave 
FBG _ Fiber Bragg grating 
LPG _ Long-period grating 
See also 


Detection: Fiber Sensors. Fiber and Guided Wave 
Optics: Fabrication of Optical Fiber; Light Propagation; 
Measuring Fiber Characteristics; Nonlinear Optics; Optical 
Fiber Cables. Lasers: Optical Fiber Lasers. Optical 
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Introduction 


Coherent optical information processing is almost 
entirely based on the Fourier-transform property of a 
lens. A Fourier-transform lens is actually an ordinary 
lens. If the input transparency is placed in the front 
focal plane of the lens and illuminated with coherent 
collimated light (planewave), the amplitude function 
in the back focal plane of the lens will be the Fourier 
transform of the input transparency as shown in 
Figure 1. A coherent optical processor usually 
consists of two lenses, as shown in Figure 2, thus it 
performs two Fourier transforms successively. The 
first lens transforms the input function from space 
domain into frequency domain, and the second 
lens transforms back the frequency function from 
frequency domain to the output function in space 
domain. 


Fourier Transform Property of Lens 


Recently, the Fourier-transform property of lenses 
has been explained, simply using the concept of 
linear system and geometrical optics. In contrast, 
the Fourier-transform property of lenses is tra- 
ditionally analyzed, based on the Fresnel—Kirchhoff 
diffraction theory involving quadratic phase terms 
(eqns [2] and [3]). In this article, we adopt the 


simple geometrical theory based on geometrical 
optics. 

We start our discussion by looking at Figure 1. 
Consider that a coherent point source is at the center 
of the front focal plane of the lens, which is denoted 
by plane (x,y). The point source generates a 
collimated beam parallel to the optical axis. The 
amplitude function at the back focal plane of the lens, 
which is denoted by plane (u,v), can be described as 
unity. Consequently, we can express mathematically: 


f(x, y) = S(x,y) [1] 


Fiu,v)= 1 [2] 


where f(x,y) is the amplitude function in the front 
focal plane, and F(u,v) is the amplitude function in 
the back focal plane. 

If the point source shifts a distance a along the y- 
axis, the amplitude function in the front focal plane is 


f(x, y) = Sx, y+ a) [3] 


The off-axis point source generates a tilted collimated 
beam. If we place a screen in the plane (u,v), we will 
see uniform intensity across the screen similar to that 
which would be seen when the source is centered on 
the axis. Mathematically, it means: 


lF(u, v)I? = 1 [4] 


However, the phase of the amplitude function is not 
uniform, since the collimated beam is not parallel to 
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Figure 1 A lens Fourier-transforms amplitude function f(x, y) in 
the front focal plane to amplitude function F(u, v) in the back focal 
plane. 
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Figure 2 A pair of lenses form 4-f coherent optical processor. 


the optical axis. In other words, plane (u,v) is not 
parallel to the wavefront. 

If the phase at the center of plane (u,v) is 
considered zero, the phase at any point at 
plane (u,v) can be calculated referring to Figure 3. 
Using simple geometry, we know that 


d(u,v) = 7 [5] 


where d(u,v) is the optical path difference. Corre- 
spondingly, the phase is 


du, v) = ee [6] 


Af 
where A is the wavelength of light. 


In complex representation, the amplitude function 
is expressed as 


F(u, v) = A(u, v) explid(u, v)] [7] 


where A(u, v) and (u,v) are magnitude and phase of 
the amplitude function, respectively. From eqn [4], 
we know that 


A(u,v) = |F(u,v)l = 1 [8] 


Front focal plane (x,¥) Back focal plane (u,v) 


Lens 
d 
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Figure 3 Calculation of phase function in the back focal plane 
(u, V) based on geometrical optics. 
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Figure 4 (a) Front focal plane coordinate system (x, y) is 
rotated by a. (b) Similarly, back focal plane coordinate system 
(u, V) is rotated by a. 


Substituting eqns [8] and [6] into [7] yields 


Af 


Equation [9] is the amplitude function in the back 
focal plane of the lens, when the amplitude function 
in the front focal plane of the lens is given by eqn [3]. 

Consider now that coordinate (x,y) is rotated by 
angle @ to new coordinates (x’,y’) as shown in 
Figure 4a. The amplitude function in the front focal 
plane now becomes 


F(u,v) = exo( i500) [9] 


f(x', y/) = 8’ + pl, +) [10] 

where 
p' =asina [11a] 
qd =acosa [11b] 


Correspondingly, coordinate (u,v) is also rotated by 
the same angle a to new coordinates (u’, v') as shown 
in Figure 4b. The old coordinates u and v can be 
described in terms of new coordinates w and v/ as 
follow: 


u=u' cosa—v' sina [12a] 


[12b] 


Jos J 
v=u sina+v cosa 
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Substituting eqn [12b] into eqn [6] yields 


27 
Af 


Further, substituting eqns [11a] and [11b] into 
[13] yields 


au’ sin a+v' cos a) [13] 


d(u',v') = 


2 
b(u,v') = yee +qv) [14] 


Thus, the amplitude function in the back focal plane 
of lens is 





2 
Fu',v') = es ¥ (plu! +.q'v’) | [15] 
For convenience, we now change parameters x’ and 


y tox and y, wv and v’ tou and », p' and qd’ to —p and 
—q. Equations [10] and [15] become 


fey] se -py- a) [16] 
Fu, v) = exp - iF (pu + | [17] 


We may simply consider that f(x,y) is an input 
function and F(w, v) is an output function of a system, 
since they are both physically the same amplitude 
functions. If there are two mutually coherent point 
sources at (0, 0) and (0, —a) with different amplitudes 
k and | in the front focal plane, the input function is 


f(x, y) = RA(x, y) + 15(x, y + a) [18] 


These two point sources will generate two collimated 
beams. Since they are mutually coherent, two 
collimated beams will interfere, and the resultant 
amplitude function in the back focal plane is simply 
the superposition of two beams, which is 


27 


Fuu,v) =k+1 exp( i700] [19] 


Af 


Thus, the lens is a linear system when the light is 
coherent. Furthermore, if input function f(x, y) is a 
group of mutually coherent point sources with differ- 
ent amplitudes (i.e., an optical transparency illumina- 
ted with a planewave), it can be expressed as follows: 


fo. =|] fe.aoe~p.y-adp dg — (201 
Since the lens is a linear system, output function will 
be the same superposition as follows: 


27 


For=[[" fees - 7 


int |b [21] 


By again changing parameters p and q to x and y, 
respectively, eqn [21] becomes 
27 
BT ead, dxdy [22] 


which is the optical Fourier transform of the input 
function f(x,y). 
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If the amplitude function in the front focal plane of a 
lens is denoted by f(x, y), then the amplitude function 
in the back focal plane is simply F(u,v) given in 
eqn [22], which is the Fourier transform of f(x, y). 
Mathematically, f(x,y) can also be derived from 
F(u,v) (eqn [4]). After neglecting the normalization 
factor, it can be expressed as follows: 


f(x, y)= If F(u,v) exp ipo + yv) |e dv [23] 


The normalization factor (1/Af)* is caused by the 
coordinate scale factor Af in the Fourier-transform 
plane (u,v). 

Equations [22] and [23] are Fourier transform and 
inverse Fourier transform, respectively. The operation 
of Fourier transform is represented by a notation F{-}, 
and inverse Fourier transform is F !{-}. 

Two Fourier transform lenses can be combined 
into a two-lens processor, which is better known as a 
4-f optical processor, as shown in Figure 2. Figure 2 
illustrates the principle of a 4-f optical processor, in 
which f(x,y), F(u,v), and f(&%7) are amplitude 
functions in input, Fourier transform, and output 
planes, respectively. Since F(u,v) is the function of 
spatial frequency, Fourier-transform plane is also 
called a frequency plane. Since a lens performs 
only Fourier transform, to perform inverse Fourier 
transform, the output plane must be rotated by 
180°. Thus, orientations of € and 7 correspond to 
—x and —4. 

In practice, f(x,y) is represented by an optical 
mask, which can be a film transparency or a spatial 
light modulator. The optical mask with f(x, y) 
amplitude transmittance is illuminated with colli- 
mated coherent light to produce the amplitude 
function f(x,y). The Fourier transform F(u,v) is 
physically formed in the frequency plane. The 
frequency content of the input function f(x, y) can 
be directly altered by placing an optical mask in the 
frequency plane. Finally, an image with amplitude 
function f(€, 7) is formed in the output plane. Notice 
that all detectors, including our eyes, detect intensity 
that is the square of amplitude. 
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Figure 5 Block diagram of 4-f coherent optical processor. 


According to eqn [22], F(u,v) can be expressed in 
terms of f(x, y) as 


F(u,v) = Fif(x, y)} 


Similarly, the amplitude function in the output plane 
must be 


[24] 


f(x', ) = F{F(u, v)} 


where (x’,y) is the coordinate of the output plane 
having the same orientation as (x,y) in the input 
plane. This function can be expressed in terms of 
inverse Fourier transform as follows: 


[25] 


f(-x, -y) = F"'{F(u, v)} 


A rotated coordinate (é 7), shown in Figure 2, 
substitutes (—x’, —y’), such that 


[26] 


f(E =F '{Fu,v)} 


Thus, the successive operations can be simply 
illustrated by the diagram shown in Figure 5. 


[27] 


Spatial Filtering 


The origin of optical information processing can be 
traced as far back as the work of Abbe of 125 years 
ago. His interest at that time concerned the theory of 
microscopy in order to establish a scientific approach 
to microscope design. He found that a larger aperture 
resulted in higher resolution. An object under the 
microscope, whose size was of the order of the 
wavelength of light, diffracted the illuminating light, 
ie., the straight light was bent. If the aperture of the 
objective lens was not large enough to collect all of 
the diffracted light, the image did not correspond 
exactly to that object. Rather, it related to a fictitious 
object whose complete diffracted light pattern 
matched the one collected by the objective lens. 
These lost portions are associated with the higher 
spatial frequency. Their removal will result in a loss in 
image sharpness and resolution. The basic ideas of 
Abbe’s theory were later clarified in a series of 
experiments by Porter in the early 1900s. 

Since the late 1940s, the possibility of applying 
coherent optical techniques to image processing had 
been explored. In 1960, Cutrona et al. presented an 
optical system using lenses to perform Fourier trans- 
forms. Thus, every Fourier transformation in the 


processor can be realized by a lens. The power of this 
architecture is its capability of forming Fourier 
spectra and also being cascaded. 

Consider an image formed by an optical system 
such as a camera; because of the error or limitation of 
the system, the perfect point in the object may smear. 
If we consider that the original object is the collection 
of a large number of very fine points, the formed image 
will be the collection of the same number of blurred 
spots, instead of fine points. Thus, the image formation 
can be expressed by convolution. The blurred spot is 
represented by the impulse response h(x, y), which 
is the characteristic of the optical system. 

When the input is a point (an impulse), its 
amplitude function is a delta function 6(x, y), and 
the output amplitude function is h(x, y). The observed 
image is the intensity function |h(x,y)l?. Since it 
indicates the spread of a point, lh(x, y)I* is called 
the point spread function. 

The output image function o(x, y) is the convolu- 
tion of input function f(x, y) and the impulse response 
h(x, y) as follows: 


oo =|]  fo.abe-py-adp dq (28) 


Notice that h(x — p,y—q) is the blurred spot 
centered at (p,q). H(u,v), F(u,v), and O(u,v) are 
Fourier transforms of h(x, y), f(x,y), and o(x, y), 
respectively. Substitution of 


box—py-q=|[ Hone) 


xesy| FUG —p)ut(y—q)v] Je du 


Af 
[29] 
then 
o 27 
F(u,v) = [J foness| - Ae |} dq 
[30] 
yields 


o(x,y)= If F(u,v)H(u,v) exp +yv) Je dv 
[31] 


Since 


o(x,y)= If O(u,v) est ipa +yv) Je dv [32] 


we obtain 


O(u,v) = H(u,v)F(u,v) [33] 
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The function H(u,v), which is the Fourier trans- 
form of the impulse response h(x, y), is called transfer 
function. Actually, H(u,v) changes the spectrum 
of input function F(u,v) to become O(u,v) and 
the spectrum of the output function becomes 
H(u,v)F(u,v). 

The first application of spatial filtering may be the 
restoration of a photograph. The image formed by a 
camera is a collection of spots. If the image is in focus, 
the size of the spots is very fine, and thus the image 
looks sharp. If the image is out of focus, the spot size 
is fairly large and the image is blurred. Interestingly, 
an out-of-focus image can be restored using spatial 
filtering technique. 

Consider that the original image is f(x, y). Because 
it is out of focus, a point in the image becomes a spot 
expressed by h(x, y). If the image is in focus, h(x, y) is 
a delta function. If the in-focus image is f(x, y), its 
frequency function is F(u,v). The defocused image 
o(x, y) is expressed by eqn [28], and its frequency 
function is F(u,v)H(u,v). To produce the in-focus 
image, the frequency function must be F(u, v). Thus 
F(u, v)H(u, v) must be multiplied by the filter function 
of 1/H(u,v) to produce F(u,v) only. The filter of 
1/H(u, v) can be made from a photographic plate to 
provide its magnitude, and a glass plate having two 
values of thickness to provide +1 and —1 signs. 
The glass plate is essentially a phase filter. The 
photographic plate with varying density function is 
an amplitude filter. By passing frequency function 
F(u, v)H(u, v) through the combination of amplitude 
and phase filters, it will result in F(u,v) only. 
When F(u, v) is again Fourier transformed by a lens, 
an in-focus image f(x, y) will be produced. 


Complex Matched Spatial Filtering 


The restoration of a photograph mentioned above, 
utilizes the filter function 1/H(u,v), which has 
positive and negative real values. We will see an 
application in which the filter function is a complex 
function. A complex function filter can be produced 
by a single hologram, instead of using a combination 
of a phase filter and an amplitude filter. The complex 
matched spatial filter can perform a correlation, as 
first demonstrated by Vander Lugt. The complex filter 
is actually a Fourier transform hologram proposed by 
Leith and Upatnieks. 

The synthesis of a complex filter is shown in 
Figure 6. First, a function g(x, y) is displayed in the 
input plane by a transparency or spatial light 
modulator and illuminated with a collimated coher- 
ent light beam. Its Fourier-transform G(u,v) is 
generated in the back focal plane of the lens. The 
hologram is made in the Fourier-transform plane by 


recording the interference pattern of G(u,v) and the 
reference beam R(u,v). R(u,v) is an oblique colli- 
mated beam, having magnitude of unity, which is 
expressed mathematically as 


R(u, v) = exp(iau) [34] 
and 
27 sin @ 


where a is the angle of the reference beam and 4 is the 
wavelength of light. 
The transmittance of the recorded hologram will be 


T(u, v) = |G(u, v) + R(u, v)!? 
= |G(u, v) I? + 1 + G(u, v) exp(—iau) 


+ G" (u,v) exp(iau) [36] 


where * denotes the complex conjugate. The holo- 
gram, which is called a complex matched spatial filter, 
is then placed back in the Fourier-transform plane, as 
shown in Figure 7. A new input function f(x, y) is 
displayed in the input plane. The Fourier-transform of 
input function, F(u,v) will be generated in the 
Fourier-transform plane. The amplitude of light, 
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Figure 6 Synthesis of complex matched spatial filter is the 
recording of Fourier-transform hologram. 





Input plane =Fourier-transform plané Output plane 
f(xy) Tuy) ofS. 7) 
Lens Lens (—b,0) 
¥ v : 
(8,0) “x 
x “ WL 
» / 
se ral 
—_s ° 
Coherent <= > = = is > " 
collimated f f f f 
light 


Figure 7 Optical processing using complex matched spatial 
filter in a 4-f processor. 
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immediately after the complex matched spatial 
filter, is 


F(u,v)T(u, v) = (IG(u, v)* + 1)F(u, v) 
+ Fu, v)G(u, v) exp(—iau) 
+ F(u, v)G"(u, v) exp(iau) 





[37] 


The second lens then produces the inverse 
Fourier transform of F(u,v)T(u,v) in the output 
plane: 


F '{F(u, v)T(u, v)} = F NUG(u, v)? + DF, v)} 
+ F-'{F(u, v)G(u, v) exp(—iau)} 
+ F '{F(u,v)G" (u,v) exp(iau)} 
[38] 


The first term will be at the center of the output 
plane. The second and the third terms will appear 
at (b,0) and (—b,0) in (€ 7) plane, respectively, 
where 


b=f sina [39] 


and f is the focal length of lens. 

We are now in a position to analyze the in- 
verse Fourier transform of F(u,v)G(u,v) and 
F(u,v)G*(u,v). Referring to eqns [28]—[33], the 
inverse Fourier transform of F(u,v)G(u,v) is the 
convolution of f(€ 7) and g(é, 7). Thus, the complex 
matched spatial filtering can also be applied to the 
restoration of photography mentioned previously 
without using the combination of amplitude and 
phase filters. 

The inverse Fourier transform of F(u,v)G*(u, v) is 
derived as follows: 


om =| [Farry G*ane) 


x expe + nv) |e du [40] 
Substitute 
Faw=[] fas) 
x ex] it on + Bo [da dp [41] 


and 


Gun=|[ s-r-o 


27 


x esp - i Vi (pu + qu) J dq [42] 


into eqn [40], one obtains 
ofem=[] fae| [ s-p.-9 


xf exp pe a— p)u 


+(n- B- ow fa du dp dg da dB 


ofm=[] fae [ s-r-o 
x E — a — p.n — B — gdp dq da dp 





ofém=| | flaBg(a-&6-ndadp 143} 


Equation [43] is the correlation of f(x, y) and g(x, y). 
It is apparent that the correlation output 03(€ ) will 
achieve the maximum when f(x,y) is identical to 
g(x,y). If f(x,y) and g(x,y) are different, the 
correlation function will be a flat function with 
minor random fluctuation. Optical correlators using 
complex matched spatial filters have been applied to 
automatic pattern recognition. 


Joint Transform Correlator 


Alternatively, the joint transform correlator can 
perform a correlation without recording a complex 
matched spatial filter in advance. In addition to the 
correlation, the joint transform correlator can also be 
used as a general optical processor. 

A transparency with amplitude transmittance 
f(x, y) is centered at (—a,0), and a second transpar- 
ency with amplitude transmittance g(x, y), is centered 
at (a, 0). The two transparencies are illuminated by a 
coherent collimated beam and jointly Fourier trans- 
formed by a single lens as shown in Figure 8. In the 
back focal plane of the lens, the amplitude function 
S(u, v) is 


S(u,v) -| I. [f(x + 4, y) + g(x — a, y)] 


x esp = iF (a + yv) Jes dy [44] 
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Figure 8 Joint Fourier transform of two input functions. 


S(u,v) is the joint Fourier spectrum of f(x, y) and 
g(x, y). It can be written as 


S(u,v) = F(u,v) exe] ran 


+ G(u, v) esp = ean | 


where F(u,v) and G(u,v) are Fourier transforms of 
f(x, y) and g(x, y), respectively. 

If a square-law detector is placed in the back focal 
plane of the lens, the recorded pattern of joint power 
spectrum |S(u, v)I7 is 


[45] 





IS(u, vl? = |F(u, vy 
+ F(u,v)G"(u, v) cs a 
‘ Aa 
+ F'(u,v)G(y, v) esp Fran | 
+ 1G(u, vl? [46] 
where “ denotes the complex conjugate. A photo- 


graphic plate is a square-law detector and can be used 
to record |§(u, v)I*. When the developed plate is placed 
in the input plane, as shown in Figure 9, the input 
transmittance is |S(u,v)|* as given in eqn [46]. 

The inverse Fourier transform of the joint power 
spectrum |S(#,v)l?, in the back focal plane of the 
lens, is 


o(€, m=|f IS(u,v) I" exp rtd nv) Jen [47] 


which consists of four terms, according to eqn [46]. 
We now analyze this equation term by term. The first 
term is 


oém=| | IF(n,0) exp| y+ [le 


[48] 
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Figure 9 Fourier transform of the joint power spectrum. 


which is the auto-correlation of f(x,y) 


ofgm=|] flapf(a-gB—ndadp 149) 


The second term is 


07(€,) = If F(u,v)G" (u,v) exe Zan 


x exp tr [da [50] 


which is 


om=| | flasbs"la~ (€+20),6~ midadg 
[51] 


Equation [51] is the correlation between f(x,y) and 
g(x,y), shifted by —2a in the éaxis direction. 

Similarly, the third term will be the correlation 
between g(x, y) and f(x, y), shifted by 2a in the éaxis 
direction: 


o&m=[ | e(a,pf"la-(e-2a),6-mdadB [521 


And the fourth term is 


od&m=[|_glaBe"(a-&B-—mdadp [53] 


which is the auto-correlation of g(x,y) and overlaps 
with the first term at the center of the output plane. 
From the analysis given above, it is understood that 
the correlation of f(x,y) and g(x,y), and the 
correlation of g(x, y) and f(x, y), are shifted by —2a 
and 2a, respectively, along the é-axis. The correlation 
outputs are centered at (—2a,0) and (2a,0) in the 
back focal plane of the lens. If f(x, y) and g(x, y) are 
the same, the two correlation outputs are identical. 
The first and fourth terms are the autocorrelations of 
f(x,y) and g(x,y), centered at (0,0). Thus the 
second and third terms, which are correlation signals, 
can be isolated. A versatile real-time joint transform 
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correlator, using inexpensive liquid crystal televi- 
sions, is widely used in laboratory demonstration. 


See also 


Information Processing: Coherent Analogue Optical 
Processors. Spectroscopy: Fourier Transform Spec- 
troscopy. 
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Introduction 


Lenses are carefully shaped pieces of transparent 
material used to form images. The term ‘transparent’ 
does not necessarily mean that the lens is transmitting 
visible light. The element germanium, well-known in 
the transistor industry, is a light-gray opaque crystal 
which forms images with infrared radiation, and 
provides the optics for night-vision instruments. The 
lenses used in cameras, telescopes, microscopes, and 
other well-known applications, are made from special 
glasses or — more recently — from plastics. Hundreds 
of different optical glass formulas are listed in the 
manufacturers’ catalogues. Plastics have come into 
use in recent years because it is now possible to mold 
them with high precision. The way in which lenses 
form images has been studied for several hundred 
years, resulting in an enormous and very complicated 
literature. In this article, we show how this theory 
can be simplified by introducing the restriction 
that lenses are perfect. This limitation provides an 
easy introduction to the image forming process. A 
companion article Geometrical Optics: Aberrations, 
will deal with imperfect components, showing 


how their defects degrade images and how 
corrections are made. 


The Cardinal Points and Planes of 
an Optical System 


The location, size and orientation of an image are 
items of information which a designer needs to know. 
The nature of the image can be determined by a 
simple model of an optical system, based on two 
experimental observations. The first is well-known 
and is pictured in Figure 1. Parallel rays of light 
passing through a double convex lens (a simple 
magnifying glass, for example) should meet at the 
focal point or focus, designated as F’. For rays from 
the right side of the lens, another such point F exists at 
an equal distance from the lens. The other experiment 
uses the lens to magnify (Figure 2a). The amount of 
magnification decreases as the lens is brought closer 
to ISAAC NEWTON’ (Figure 2b), and when the lens 
touches the paper, object and image are approxi- 
mately the same size. The locations of object and 
image corresponding to equality in size are called the 
unit or principal points H and H’, respectively, and 
the set of four points F, PF, H, and H’ are the cardinal 
points. Therefore, the planes through these points 
normal to the axis of the lens are the cardinal planes. 
Figure 3 shows an object whose image we can now 
determine. The coordinate orientation in this figure 
may appear strange at first. It is customary in optics to 
designate the lens axis as OZ, and the other two axes 
form a right-handed system. The x-axis then lies in the 
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The input response for the proposed antenna is shown in Fig. 7 (left side). The omni 
directivity is confirmed by measurement at 500 MHz, 503 MHz, and 570 MHz as shown in 
Fig. 7 (right side). The radiation patterns shown in Fig. 7 are for the xz plane, which happens 
to be the vertical polarization for the antenna. DTV signals are horizontally polarized and 
therefore, when using this antenna, the orientation must be in such a way as to efficiently 
receive the DTV signal. Simply a 90 degree rotation of the antenna along the z axis achieves 
this requirement. 
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Fig. 7. Proposed DTV antenna performance. Left side: The antenna’s measured input 
performance. Right side: The omni directivity in the vertical plane is confirmed at 500 MHz, 
503 MHz, and 570 MHz. The outermost, black solid and dotted line patterns represent 503 
MHz and 500 MHz directivity, respectively. The innermost dotted line pattern is the 
directivity at 570 MHz. 


1.2.3 Example design for an 80 MHz FM half-wave dipole antenna 


A half-wave dipole is the simplest practical antenna designed for picking up 
electromagnetic radiation signals, see Fig. 8 (courtesy of Highfields Amateur Radio Club). 
Calculating the optimal antenna length to pick up a certain frequency signal is fairly 
straightforward because antenna physics demand that the total length of wire used in the 
antenna be equal to one wavelength of the type of electromagnetic radiation it will be 
picking up. This means that the total length of the antenna should be equal to half the 
desired wavelength. By converting the 80 MHz frequency into a wavelength, you can thus 


obtain your antenna length as 1.875m by using the magic equation, 4 = © | However, the 


actual length is typically about 95% of a half wavelength in free space, hence a half-wave 
dipole for this frequency should be 1.788m long, which would make each leg of the dipole 
0.894m in length. 


1.3 RF-to-DC conversion efficiency improvement techniques 


A Schottky diode circuit connected to an antenna is used for RF-to-DC power conversion. To 
convert more of the antenna surface incident RF power to DC power, high RF-to-DC 
conversion efficiency is required of the rectifying circuit. Many authors have shown that the 
efficiency depends on several factors like Schottky diode type, harmonics suppression 
capability, load resistance selection, and the capability to handle arbitrary polarized incident 
waves. What is missing in most of these published works is the efficiency optimization for 
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Figure 1 Focal points of a double convex lens. 


ISAAC ISAAC 





(a) (b) 


Figure 2 Magnification by a double convex lens. The 
magnification in (a) is reduced when the lens is brought closer 
to the image (b). 


plane of the figure; the y-axis, coming out of the paper 
and perpendicular to it, is not shown. The object, of 
height x, is placed to the left of the focal point F. The 
cardinal points occur in the order F, H, H’, F’, since 
we expect — based on the experiment corresponding 
to Figure 2 — that the unit points are very close to the 
lens. Another fact to be demonstrated later is that H 
and H’ are actually inside the lens. Two rays are 
shown leaving the point P at the top of the object. 
The ray which is parallel to the axis strikes the unit 
plane through H and continues to the right, 
completely missing the lens. The ray then meets the 
unit plane through H’ at a point which must be a 
distance x from the axis. To understand why, we 
recognize that if the object were relocated so as to lie 


Object 



































Figure 3 Ray tracing using cardinal points and planes. 


on the object-space unit plane, the ray emerging at the 
other unit plane will be at a distance x from the axis; 
as required by the definition of these planes. We then 
assume that the ray is bent or refracted at the unit 
plane at H’ and proceeds to, and beyond, the focal 
point F’. The second ray, from P through the focal 
point F, is easily traced since the lens is indifferent to 
the direction of the light. Assume temporarily that we 
know the location of the image point P’. Let a parallel 
ray leave this point and travel to the left. The 
procedure just given indicates that this ray will strike 
the unit plane at H’, emerge at the other unit plane, be 
refracted so as to pass through F and reach the object 
point P. Then reversing the direction of this ray, it will 
start at P, emerge at the unit plane H’ and travel 
parallel to the axis, intersecting the other ray at P’. 
The distance between F and H is called the object 
space focal length f, with f’ being the corresponding 
image space quantity. Simple geometry, making use 
of the similar triangles and the distances indicated in 
this diagram, can be used to derive the Newton lens 
equation or the equivalent Gauss lens equation. 
Detailed derivations of these two equations will be 
found in either of the sources listed in the Further 
Reading at the end of this article. It is not usually 
made clear in physics texts that these equations apply 
only to the special case of a single, thin lens, and we 
shall not apply them here. The image in this figure is 
real, inverted, and reduced. That is, it is smaller than 
the object, oriented in the opposite direction, and can 
be projected onto a screen located at the image 
position. This result can be verified by using an 
ordinary magnifier to form the image of a distant 
light source on a sheet of white paper. 
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Paraxial Matrices 


To consider how light rays behave in optical systems, 
we introduce the index of refraction of a material 
medium, defined as the ratio of the velocity of light c 
in a vacuum to its velocity v in that medium, or: 


[1] 


c 
we 
v 
The velocity of light in air is approximately the same 
as it is in a vacuum. A light ray crossing the interface 
between air and a denser medium such as glass will 
be bent towards the normal to the surface. This is 
the phenomenon of refraction and the amount 
of bending is governed by Snell’s law, which has 
the form: 


nsin 0=n' sin 6’ [2] 


where n and 7 are the indices of refraction of the two 
media and @ and @’ are the angles as measured from 
the normal. Figure 4 shows a ray of light leaving 
an object point P and striking the first surface of a lens 
at point P;. It is refracted there, and proceeds to the 
second surface. All rays shown lie in the z, x-plane 
or meridional plane, which passes through the 
symmetry axis OZ. The amount of refraction is 
specified by Snell’s law, eqn [2], which we shall now 
simplify. The sine of an angle can be approximated 
by the value of the angle itself, if this value is small 
when expressed in radians (less than 0.1 rad), and 





Surface 1 Surface 2 


Figure 4 Ray passing through a double convex lens. 


Snell’s law simplifies to 
10, = 1,0" [3] 


This is called the paraxial form of Snell’s law; the 
word paraxial means ‘close to the axis’. It turns out, 
however, that the Snell’s law angles are not con- 
venient to work with, and we eliminate them with 
the terms: 


6, =ai+¢ [4] 


where a, is the angle which the incident ray makes 
with the axis OZ, a’, is the corresponding angle for 
the refracted ray, and ¢ is the angle which the radius 
r, (the line from C to P,) of the lens surface makes at 
the center of curvature C. This particular angle can be 
specified as 


=a,+ ¢, 


sin d= = [5] 


but using the paraxial approximation simplifies 
this to 


x1 


g= [6] 
" 
Substituting for the angles gives 
ou 
nay = a +104 [7] 
1 


Notice that the distance from the point P, to the axis 
is labeled as either x; or x}. This strange notation 
leads to the trivial relation 


x1 = x [8] 


and this can be combined with eqn [7] to obtain the 
matrix equation: 


x4 0 1 x4 


where the constant k; is called the refracting power 
of surface 1 and is defined as 

ny, — ny 
——— [10] 

"1 

To review the procedure for matrix multiplication, 
the first element 7',a/, in the one-column product 
matrix is calculated by multiplying the upper 
left-hand corner of the 2X 2 matrix with the first 
element of the one-column matrix to its right, 
obtaining 1(7,a1), and to this is added the product 
—k,x, of the upper right-hand element in the 
2x2 matrix and the second member of the 
one-column matrix. This square matrix is called 
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the refraction matrix R, for surface 1, defined as 


1 —-k, 
R,= [11] 
0 1 


Next, we look at what happens to the ray as it 
travels from surface 1 to surface 2. As it goes from 
P, to P», its distance from the axis becomes 


x, = x, +2, tan al [12] 


or using the paraxial approximation for small 
angles: 


xy = x + thal [13] 
Another approximation we shall use is to regard ¢ 
as being equal to the distance between the lens 
vertices V; and V>. Using the identity: 


a = ay [14] 
leads to a second matrix equation: 
N72 1 0 nt; al 
= / / / [15] 
x2 ty/n, 1 x1 


where the 2 x 2 translation matrix T>, is defined as 


1 0 


T. — 
tN ea 1 


[16] 


To get an equation which combines a refraction 
followed by a translation, we take the one-column 
matrix on the left side of eqn [9] and substitute it 
into eqn [15] to obtain 


Nz Ay 1, Oy 


= TR, 
x2 X41 


[17] 


Note that the 2 x 2 matrices appear in right to left 
order and that the multiplication of two square 
matrices is an extension of the rule given above. This 
equation gives the location and slope of the ray 
which strikes surface 2 after a refraction and a 
translation. To continue the ray trace at surface 2, 
we introduce a second refraction matrix R, by 
expressing ky in terms of the two indices at this 
surface and the radius. Then eqn [17] is extended to 
give the relation: 


Jeo d, 
N72 N14 
= R,Ty,R, 
x2 x4 


[18] 


This process can obviously be applied to any number 
of components. The product of the three 2 x 2 


matrices in the above equation is known as the 
system matrix S,,; and it completely specifies the 
effect of the lens on the incident ray passing through 
it. It is also written as 


Soy = RyTy, Ry = [19] 


-d c 


where the four quantities a, b, c, and d are known as 
the Gaussian constants. They are used extensively in 
specifying the behavior of a lens or an optical 
system. We now state the sign and notation 
conventions which are necessary for the application 
of paraxial matrix methods: 


1. Light normally travels from left to right. 

2. The optical systems we deal with are symmetrical 
about the z-axis. The intersections of the refract- 
ing or reflecting surfaces with this axis are the 
vertices and are designated in the order encoun- 
tered as Vj, Vo, etc. 

3. Positive directions along the axes are measured 
from the origin in the usual Cartesian fashion, so 
that horizontal distances (that is, along the z-axis) 
are positive if measured from left to right. Angles 
are positive when measured up from the z-axis. 

4. Quantities associated with the incident ray are 

unprimed; those for the refracted ray are primed. 

A subscript denotes the associated surface. 

6. If the center of curvature of a surface is to its right, 
the radius is positive, and vice versa. 

7. There is a special rule for mirrors to be explained 
below. 


bd 


Using the Gaussian Constants 


Figure 5 shows the double convex lens of Figure 4 
with the assumed locations of the cardinal points 
indicated. These positions, which we shall now 
determine accurately, are at distances designated as 
Ip, 1 im lz, and | ie and are measured from the associated 
vertex. The object position can be called t, a positive 
quantity which is measured to the right from object to 
the first vertex, or it can be called t, if measured in the 
opposite direction. For the first choice, the matrix 
specifying the translation from object to lens will 
have the quantity t/n, in its lower left-hand corner. 
However, it is both logical and convenient to use the 
first vertex as the reference point. Hence, we replace 
t/n, in the translation matrix with the quantity 
—t,/n,, and remember to specify t, as a negative 
number when calculating the image position. The 
equation connecting object and image is obtained by 
starting with this matrix, multiplying it by the system 
matrix of eqn [19], and finally by a translation matrix 
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Figure 5 Definitions of cardinal plane locations. 


corresponding to the translation t5 from lens to 
image to obtain: 


na _ 1 0 b -a 
x] thln, 1)]\-d c 
1 0 
—t,/n, 1 x 


where @ or a is the angle that the ray from the top 
of the object makes with the z-axis. This equation 
takes the initial value of the inclination a and of the 
position x of the ray leaving the object, and 
determines the final values, a/ and x’ at the image. 
The product of the three 2x2 matrices on the 
right-hand side can be consolidated into a single 
matrix called the object-image matrix Spp. Then 
eqn [20] can be written as 





Pe vs 
N72 N11 
x x 
and this matrix has the complicated form: 
at 
b+ — md 
ny 
Spp = 22 
ae bth | atity ct at’, 22] 
ny nn, ny n, 


If we put this matrix into the previous equation, we 
obtain an unsatisfactory result: the value of x’ will 
depend on the angle a, made by the incident ray, as 
can be seen by multiplying the two matrices on the 
right side. The ratio of x to x is called the 


magnification m; that is 


x! 
m= — 
x 


[23] 


A perfect image can be formed only if the 
magnification is determined solely by the object 
distance and the constants of the lens. To eliminate 
this difficulty, the lower left-hand element in the 
matrix, eqn [22] is required to be equal to zero, and 
the magnification is then: 

x at’, 


m= =c- 


-_ ; [24] 
ro 1, 


The determinant of this matrix is unity, since it is 
the product of three matrices whose individual 
determinants are unity. It follows that 


[25] 


Ge = & ples 126] 
x! 0 m Xx 


Using the fact that the lower left-hand element of 
the matrix eqn [22] is zero shows that 


so that 


th = d+ cty/ny, ty os 
n' b+ at,/ny, , ny 


—ct+atyln, 








[27] 





This equation connects the object distance t, with 
the image distance tj, both quantities being 
measured from the appropriate vertex. This relation 
is known as the generalized Gauss lens equation. It 
applies to all lens systems, no matter how 
complicated. 

We can determine the location of the unit planes by 
letting m = 1. This t} in eqn [27] is the location /}, of 
the image space unit plane, and it becomes 
n(c — 1) 


ly = [28] 
This relation expresses the location of the unit plane 
on the image side as the distance from V> to H’. 
Similarly, the location of H with respect of Vj is 


mie=Y) 


[29] 
a 


ly = 


To locate the focal planes, consider a set of parallel 
rays coming from infinity and producing a point 
image at FP’. The terms containing ¢, in eqn [27] are 
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much larger than d or b, and this relation becomes 


1c 
a 


[30] 


Letting ¢, become infinite in the right-hand half of 
eqn [27], the location of F is given by the equation 


“ib 
lp = — [31] 


The focal lengths f and f’ shown in Figure 5 were 
defined earlier as the distances between their 
respective focal and unit planes. Hence 


/ 
f=hk-Iy= 2 [32] 
a 
and 
ey eee ee re 
f=lp—ly ji [33] 
If we let n, = 7, = 1 for air, these become 
1 
-f= —_ ss 
pp= 5 (34] 


The Gaussian constant a is thus the reciprocal of the 
focal length in air. Even when the lens is not in air, it is 


still true that f’ = —f if the lens is in a single medium. 
It is also true regardless of whether or not the lens is 
symmetric. 


It is customary in optics to work with a consistent 
set of units, such as centimeters or millimeters, and 
the sign conventions used for x and y are the standard 
Cartesian rules. As mentioned above, curved surfaces 
which open to the right have a positive radius and 
vice versa. As an example, let a double convex lens 
have radii of 2.0 and 1.0, respectively, an index of 
refraction of 1.5, and a thickness of 0.5. These 
quantities are then denoted as 





n=20, m= —1,0, (=6=405 
[35] 
n, = 1.0, ni, =1.5=n, n, = 1.0 
By eqn [10]: 
/ 
ny — nm 1.5 — 1.0 
a 2 
ky 75 20 0.25 [36] 
and 
1.0-1.5 
= —_—__——__ = a 7 
ky ~T0 0.50 [37] 


The system matrix $1 is 


So = Ry Ty,Ry 


1 —0.50 1 0\/1 -0.25 
~\o 4 0.5/1.5 1J/\O 1 





0.83 —0.71 
= [38] 
0.33 0.92 
and we note that the determinant is 
(0.83)(0.92) — (0.71)(—0.33) = 1.00 [39] 


This property of the system matrix provides a very 
useful check on the accuracy of matrix multiplica- 
tions. The locations of the four cardinal points can be 
determined from the formulas given above and their 
locations are shown in the scale drawing of Figure 6. 
Since we know how to locate the cardinal points of a 
lens, we are in a position to ray trace in a precise 
manner, using the method of Figure 3 and adding a 
third ray. After locating F, H, H’, and F’, we no longer 
need the lens; the cardinal planes with the proper 
separation are fully equivalent to the lens they 
replace. This is very much like what electrical engi- 
neers do when they replace a complicated circuit with 
a black box; this equivalent circuit behaves just like 
the original. Ray tracing becomes more complicated 
when we deal with diverging lenses (Figure 7), but the 
procedure gives above still applies. Parallel rays 
spread apart and do not come to a focus on the 
right-hand side of the lens. However, if the refracted 





Figure 6 Positions of cardinal planes for an asymmetric lens. 
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Figure 7 Ray tracing for a planar-concave lens. 






Virtual 
image 


Figure 8 Formation of a virtual image by a convex lens. 


rays are extended backwards, these extensions will 
meet as indicated. This behavior can be verified 
quantitatively by using the formulas developed 
above. It will be found that F and F’ have exchanged 
places, but H and H’ retain their original positions 
inside the lens. If an object is placed between the 
focal point F and the first vertex of a convex lens 
(Figure 8), then our usual procedure produces two 
rays which do not intersect in image space. The ray 
from the object which is parallel to the axis is 






Object 








Virtual 
image 





Figure 9 Formation of a virtual image by a concave lens. 


refracted downward so that it does not intersect the 
other ray in image space. However, the extensions to 
the left of these two rays meet to form an image which 
is erect, magnified, and virtual. This is the normal 
action of a magnifying lens; the image can be seen but 
cannot be projected onto a screen, unlike the real, 
inverted image of Figure 3. This ray tracing diagram 
confirms what would be seen when a double convex 
lens is used to magnify an object lying close to the 
lens. For the double concave lens of Figure 9, a 
parallel ray leaves an object point P and is refracted 
upward at the unit plane H’ in such a way that its 
extension, rather than the ray itself, passes through F’. 
The ray headed for F is refracted at H before it can 
reach the object-space focal plane and becomes 
parallel to the axis. The third ray, going from P to 
H, emerges at H’ parallel to its original direction and 
its extension to the left passes through the image 
point P’ already determined by the intersection of 
the other two rays. The resulting virtual image is 
upright and reduced. All three rays in this diagram 
behave exactly like the corresponding rays in 
Figure 3; the only change is the use of the 
extensions to locate the image. The eye receives the 
diverging rays from P and believes that they are 
coming from P’. 


Nodal Points and Planes 


Let a ray leave a point on the z-axis at an angle a, 
and have an angle a when it reaches image space. 
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Since x = 0 at the starting point, eqn [26] shows that 


na, = nyaylm [40] 


The ratio of the final angle to the initial angle in this 
equation is the angular magnification ys, which is then 


=n /mny [41] 


The locations of object and image for unit angular 
magnification are called the nodal points, labeled as N 
and N’. The above definition shows that the linear and 
angular magnification are reciprocals of one another 
when object and image are in air or the same medium. 
The procedure that located the unit points will show 
that the nodal points have positions given by 


In _ (n,/n4) = b 
ny a 





[42] 


and 


In ¢— (mln) 
nt, a 


[43] 





When the two indices are identical, these relations are 
identical to those for the points H and H’. That is why 
the rays from P to H and H’ to P’ in Figure 3 are 
parallel. 


Compound Lenses 


A great advantage of the paraxial matrix method is 
the ease of dealing with systems having a large 
number of lenses. To start simply, consider the 
cemented doublet of Figure 10: a pair of lenses for 
which surface 2 of the first element and surface 1 of 
the second element match perfectly. The parameters 
of this doublet are given in the manner shown below. 


Figure 10 Specification for a cemented doublet. 


It is understood that the first entry under r is r;, the 
second entry is 77, and so on. Note that this doublet 
has only three surfaces; if the two parts were 
separated by an air space, producing an air-spaced 
doublet, then there would be four surfaces to specify. 
The values of the indices 7’ and the spacings ¢’ are 
placed between the values of r. The constants of the 
doublet are then 


r n t 
1.0 
1.500 0.5 
[44] 
—2.0 
1.632 0.4 
ro 


Note that surface 3, which is flat, has a radius of 
infinity. Numbering the vertices in the usual manner, 
the system matrix is 

S31 = R3T32R2T21 Ry [45] 


where 





ko = (ny — m)/7. = (1.632 — 1.500)/ -2.0 [46] 


Approximations for Thin Lenses 


An advantage of paraxial matrix optics is the ease of 
obtaining useful relations. For example, combining 
the several expressions for the Gaussian constant a, 
we obtain: 


/ 
ny nN 
a a 


ae 








ki tk, [47] 


/ 
al 


and using the definitions of k; and k, with the lens in 
air leads to 


Fe 
a= o| - - so | [48] 


m1, 112 





which is the lensmakers’ equation. It tells how to find 
the focal length of a lens from a knowledge of its 
material and geometry. This derivation is much more 
direct than what you will usually find. This equation 
becomes simpler when we are dealing with thin 
lenses — those for which the third term in brackets 
can be neglected by assuming that the lens thickness 
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is approximately zero. Then 


1 r 1 1 
‘a =H o| al ) | 


which is the form often seen in texts. We then realize 
that the original form is valid for lenses of any 
thickness, but the thin lens form can be used if the 
spacing is much less than the two radii. It is also seen 
that when the thickness is approximately zero, then 





[49] 


b=c=1 [50] 
and the unit planes have locations 
ly = fy =0 [51] 


Thus, they are now coincident at the center of the 
lens. A ray from any point on the object would pass 
undeviated through the geometrical center of the lens, 
as is often shown in the elementary books. These new 
values of the Gaussian constants give a system matrix 


of the form: 
1 -1/f' 
0 1 


This matrix contains a single constant, the focal 
length of the lens, so that the preliminary design of an 
optical system is merely a matter of specifying the 
focal length of the lenses involved and using the 
resulting matrices to determine the object-image 
relationship. We also note that this matrix looks 
like a refraction matrix; the non-zero element is in the 
upper right-hand corner. This implies that the 
refraction—translation—-refraction procedure that 
actually occurs can be replaced, for a thin lens, by a 
single refraction occurring at the coinciding unit 
planes. Ophthalmologists take advantage of the thin 
lens approximation by specifying focal lengths in 
units called diopters. The reciprocal of the focal 
length in meters determines its refraction power in 
diopters. For example, a lens with f’ = 10 cm will be 
a 10 diopter lens. If two lenses are placed in contact, 
the combined power is the sum of the individual 
powers, for multiplying matrices of the above form 
gives the upper right-hand element as (—1/f, — 1/f4). 


[S2] 


The Paraxial System for Design 
or Analysis 


The material given in this article can serve as the basis 
for an organized way of taking the specifications of an 
optical system and using them to gain a full under- 
standing of this system. We shall demonstrate it 
with a practical example which has some interesting 


features. Chemical engineers have long known that 
the index of refraction of a liquid can be determined 
by observing the empty bore of a thick glass tube with 
a telescope having a calibrated eyepiece and then 
measuring the magnification of the bore when the 
liquid flows through it. Consider a liquid with an 
index of 1.333 and a tube with bore radius of 3 cm, 
outer radius of 4cm, and glass of index equal to 
1.500. The first step is to specify the parameters of the 
optical system. These are the radii r; = —3, r.7 = —4 
and the thickness ¢; = 1, regarding the tube as a 
concentric lens with an object to its left; the indices 
n, = 4/3 (fractions are convenient), 7, = 3/2, n, = 1. 
Calculating the elements of the two refraction 
matrices and the translation matrix, the system 
matrix is 


1 -1/8 1 O 1 1/18 
So = [53] 
0 1 2/3 1 0 1 


Multiplying, the Gaussian constants are 


a= 2/27, b=11/12, c= 28/27, d=—2/3 [54] 


An important check is to verify that bc — ad = 1, as 
is the case here. The expressions given previously 
for the positions of the cardinal points then lead to 
the values 
liz = 3/2, 


t= 1/2, Ip=—161/2, 


wend 


These points are shown in Figure 11. Although the 
same scale has been used for both horizontal and 
vertical distances, this is usually not necessary; the 
vertical scale, which merely serves to verify the 
magnification, can be arbitrary. The entire liquid 
column is the object in question, but it is simpler to 
use a vertical radius as the object. Then the image, 
generated as described in all the previous examples, 


Magnified 








Figure 11 Ray tracing diagram for a thick-walled glass tube. 
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coincides with the object and it is enlarged, erect, 
and virtual. We confirm the image location shown by 
using the generalized Gaussian lens equation, giving 


! = [(—2/3) + (28/27)(—3)/(4/3)]/[(4.1/12) 
+ (2/27)(—3)/(4/3)] 

= [56] 
and this agrees with the sketch. The denominator of 
this expression was shown to be the reciprocal of the 
magnification 1/m with a value of 3/4, and m itself 
can be calculated from ¢’ as c — at’ = 4/3; this is 
another important check on the accuracy of the 
calculation; the sketch obeys this conclusion, and the 
purpose of this analysis is confirmed. 


Reflectors 


To show how reflecting surfaces are handled with 
matrices, consider a plane mirror located at the origin 
and normal to the z-axis (Figure 12). The ray which 
strikes it at an angle a, leaves at an equal angle, 
resulting in specular reflection. Since k = 0 for a flat 
surface, the refraction matrix reduces to the unit 
matrix and by eqn [9]: 

fod 

MO = 104 [S7] 
This contradicts Figure 12, since a, and a’, are 
opposite in sign. 
If, however, we specify that 

ny = —n [58] 
then the difficulty is removed. Hence, reflections 
involve a reversal of the sign on the index of 
refraction, and two successive reflections restore the 


x 
4 





Surface 1 





Figure 12 Specular reflection. 


original sign. For a mirror, the refraction power is 


=m = 1=C)_ . 2 
"% "% " 


[S9] 





The system matrix for a single refracting surface thus 
becomes 


1 —k, 1 2/7, 
S44 = Ry — = [60] 
0 1 0 1 


with 


a=—-2n, d=0 [61] 


The connection between object and image can be 
expressed as 


n'a 1 0 b —a 1 0 n1Q4 
x : tin, 1]\-d c —thn, 1 x4 


and using the same procedure that was applied 
to eqns [28]—[31], the locations of the six cardinal 
points are 


Ip=—nb/a, lp=n\c/a 











ly=m(1—b)/a, Iyg=ni(c—V/a [63] 
In _ (a /m)—b In _ e-(/n}) 
ny a ” a 
so that for the spherical mirror: 
LAD) Fy 
2) —2ir, 2 ss [64] 
l= ly =0 [65] 
and 
-1-1 
In =a, [66] 
but 
In = 11) Wes 
a [67] 


Since r; is negative, these equations show that 
the unit points lie on the vertex, the foci coincide 
halfway between the center of curvature and the 
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Figure 13 Ray tracing for a concave mirror. 


vertex, and the nodal points are at this center. The 
perfect focusing is a consequence of the paraxial 
approximation. The true situation is presented in 
Geometrical Optics: Aberrations. Ray tracing for 
this mirror uses the procedure developed for lenses, 
which applies to optical systems of any complexity. 
Figure 13 shows an object to the left of the center of 
curvature. The ray from P parallel to the axis goes to 
H' and then through F’, while the ray through F goes 
to H and then becomes parallel to the axis. Their 
intersection at P’ produces a real, inverted image. The 
third set of rays represents something different: it 
requires a knowledge of the nodal point locations. 
The ray from P to N should be parallel to the ray from 
N' to P’, by definition; in this example, they meet this 
requirement by being colinear. 

As an example of the power of matrix optics to 
simplify the design or analysis of an optical system 
involving lenses and mirrors, consider an object that 


Aberrations 


A Nussbaum, University of Minnesota, Minneapolis, 
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Introduction 


The article Geometrical Optics: Lenses and Mirrors, 
describes image formation by components which are 
optically perfect. The images may be magnified or 
reduced and they may be erect or inverted, but they 
are otherwise faithful replicas of the object. This 
behavior is a consequence of ray tracing based on an 


is 15 units to the left of a converging lens, with focal 
length f’ = 10. A concave mirror, of radius r; = 16, is 
20 units to the right of the lens. The refraction 
power of the mirror is kj =(—1- 1)/- 16= 1/8 
and using the thin lens form of the system matrix, 
the combined matrix is 


(; ll 1 ' (; a] & "| 

a [68] 
0 1 201/\0 1 20 —-1 
This gives the constants a, b, c, and d, from which we 
find that the image is — 4 4/9 units to the left of the 
mirror, its magnification is — 8/9, and it is inverted. 
Compare the simplicity of this procedure with the 
usual way of doing this calculation, which involves 


first finding the image in the lens and then using that 
image as a virtual object. 





Conclusion 


It has been shown that the use of paraxial matrices 
provides a simple approach to an understanding of 
the kind of optical systems that provide perfect images. 
Further details and derivations of expressions given 
here will be found in the Further Reading below. 


See also 


Geometrical Optics: Aberrations. 


Further Reading 


Brouwer W (1964) Matrix Methods in Optical Instrument 
Design. New York: WA Benjamin. 

Nussbaum A (1998) Optical System Design. Upper Saddle 
River, NJ: Prentice-Hall. 


approximate or paraxial form of Snell’s law which we 
write as 

nd=n'6' [1] 
where 7 and w’ are the indices of refraction on either 
side of an interface and @ and 6’ are the angles of 
incidence and refraction. If, however, the following 
exact form of Snell’s law: 


nsin @=7' sin 6! [2] 
governs the ray behavior, as is the case when the rays 
have large inclinations with respect to the symmetry 
axis, then it is necessary to devise a more involved ray 
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Fig. 8. Half-wave dipole. Left side: Antenna structure. Right side: Typical deployment. 


ultra low power incident waves and the explanation of the physical phenomena behind 
most of the recommended efficiency optimization approaches. 


This Chapter will show for example that a Schottky diode that delivers the highest efficiency 
at OdBm incidence may not necessarily deliver the highest efficiency at lower power 
incidence e.g. -20dBm. We will therefore classify which diodes perform better at given 
power incidences; of course, this will also be compared to the diode manufacturers’ 
application notes. Simulations in Agilent’s ADS using SPICE and equivalent circuit models 
will compare the performance of few selected Schottky diodes namely; HSMS-2820, HSMS- 
2850, HSMS-2860, HSC-276A, and SMS7630. Moreover, the effect of the Schottky diode’s 
junction capacitance (CG) and junction bias resistance (Rj) on the conversion efficiency will be 
shown from which, special techniques for Schottky diode harmonic suppression and 
rectifying circuit loading for maximum efficiency point tracking will be presented. 


1.3.1 The schottky diode 


The classical pn junction diode commonly used at low frequencies has a relatively large 
junction capacitance that makes it unsuitable for high frequency application [3]. The 
Schottky barrier diode, however, relies on a semiconductor-metal junction that results in a 
much lower junction capacitance. This makes Schottky diodes suitable for higher frequency 
conversion applications like rectification (RF-to-DC conversion) [3]. We will demonstrate the 
effects of junction capacitance and resistance in the following sub section. 


1.3.2 The effect of Schottky diode’s C; and R; on the conversion efficiency 


We have studied Schottky diode’s C; and Rj and published our results in [4]. In this work, 
we designed a rectifying antenna tuned for use at 2 GHz. The circuit proposed in [4] is a 
voltage doubler by configuration, but we replaced the amplitude detection diode (series 
diode) with its equivalent circuit adapted from [5]. The results of this investigation show 
that variation of C;shifts the tuned frequency position and also introduces a mismatch in the 
resonant frequency, see Fig. 9 (left side graph). Therefore for this circuit at 2 GHz, we 
recommend using a Schottky diode having CG = 0.2pF. In general, a smaller value of C; is 
desirable at higher frequencies. Similarly, for R,investigation, a smaller value is desirable for 
better matching at 2 GHz for example. If the Rj is increased towards 10kQ, there is a 
mismatch in the resonant frequency but no shift in the frequency, see Fig. 9 (right side 
graph). Another approach to the study of Schottky diodes for higher frequency and 
efficiency rectenna design is presented in [6]. 


www.intechopen.com 
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Figure 1 


Ray tracing in the meridional plane. 


tracing procedure. Figure 1, which shows the first 
surface of a lens, will be used to explain how this 
procedure works. A ray leaves the object point P and 
strikes the lens surface at the point P,. Rays which 
lie completely in the plane ZOX are said to be 
meridional; this is the plane which passes through the 
symmetry axis, just as meridians on the Earth’s 
surface are determined by planes through the 
geographic axis. By regarding the various distances 
in the figure as vectors, it is possible to start with the 
initial coordinates of the ray and with the direction- 
cosines which specify its slope and find the coordi- 
nates of the point P’ where the ray strikes the lens 
surface. A derivation of the equation governing this 
process will be found in the text of A Nussbaum (see 
Further Reading). This derivation involves only 
elementary algebra and vector analysis, and will be 
found simpler than the usual textbooks treatment of 
ray tracing procedures. The equation is 


T; = [3] 





F 
—E+V/F —_ CF 


where 





E=Be,/2=c[@—-—v,)N+xL]-N [4] 


and 





F=Cc,= cif (2 vi)4 | A%z—v,) [5] 


Knowing the coordinates z and x of the starting point 
P of the ray, as well as its starting cosines N and L, 
plus the curvature c, or radius r; = 1/c, of the lens 
surface and the location v of the surface’s vertex, we 
can readily calculate the length T, of the ray. Then its 
components on the two axes give the coordinates of 
P’. Next, we need to find the slope of the ray after it is 
refracted at the lens surface, and this can be 
calculated from Snell’s law combined with the 
behavior of the incident and refracted rays regarded 
as vectors. Again we invoke the reference cited above 
for a derivation of the equations giving the value 


of the direction-cosines after refraction; these 
expressions are 





nN} = Kyle, t mN, K,2 [6] 


and 
mL = nL, — Kx, [7] 


where K, is known as the refracting power and has 
the definition 


K, =c,("\, cos 6’ — n, cos 8) [8] 


The ray can now be traced to the next surface know- 
ing the lens thickness, and then to the image plane. 
These two sets of equations, when incorporated into a 
computer program of about two dozen lines, will 
trace meridional rays to any desired accuracy through 
an optical system containing an arbitrary number of 
lenses and spherical reflectors. As an example, 
consider a symmetric double convex lens with radii 
of 50 units at surface 1, —50 units at surface 2, a 
thickness of 15 units, and an index of 1.50. Rays 
parallel to the axis — one at 0.2 units above the axis, a 
second one at 2 units above the axis, and a third one 
at 20 units above the axis — are started well to the left 
and traced to the paraxial focal plane, which is at 
47.368 units from the second surface. The ray that is 
0.2 units above the axis will cross the focal plane at 
the axis; this is a paraxial ray, passing through the 
paraxial focal point F’. The ray which is 2 units above 
the axis crosses the focal plane slightly below the 
focal point, and is therefore not quite paraxial, while 
the ray which starts at 20 units above the axis falls 
well short of the focal point, intersecting the axis 
before it reaches the focal plane. This behavior 
indicates that the lens possesses a defect known as 
spherical aberration and these calculations imply that 
spherical aberration should be defined as the failure 
of nonparaxial rays to conform to the behavior of 
paraxial rays. This definition does not appear in 
optics texts, and the few definitions that are given 
appear to be incorrect. As clearly indicated in 
Geometrical Optics: Lenses and Mirrors, the focal 
point of a lens is strictly a paraxial concept and it is a 
constant, obtainable from the parameters of the lens 
or lens system. It is meaningless to speak of a focal 
point as defined by a pair of nonparaxial rays; this 
infinite set of ray-pairs determines a corresponding 
number of intersection points, all of which fall short 
of the true focal point F’. This situation is nicely 
illustrated by the next figure, which shows a large 
number of parallel rays, the central ones being 
paraxial and the others behaving differently. The 
rays which are very close to the axis will meet as 
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expected at the focal point F’. The rays a little farther 
out — the intermediate rays — will cross the axis just a 
little to the left of F’, and those near the edge of the 
lens — the marginal rays -— will fall very short, as 
indicated. Rotating this diagram about the axis, we 
realize that spherical aberration produces a very 
blurry circular image at the paraxial plane. The three- 
dimensional envelope of the group of rays produced 
by this rotation is known as the caustic surface and 
the narrowest cross-section of this surface, slightly to 
the left of the paraxial focal plane, is called the circle 
of least confusion. If this location is chosen as the 
image plane, then the amount of spherical aberration 
can be reduced somewhat. Other methods of improv- 
ing the image will be considered below. Figure 2 was 
obtained by adding a graphics step to the computer 
program described above. Figure 3 shows how to 
define spherical aberration quantitatively. Two kinds 
of aberration are specified in this figure. The place 
where the ray crosses the axis, lying to the left of F', is 
at a distance, measured from the paraxial focus, 






7 


j 





\ 





Figure 2 Spherical aberration for parallel meridional rays. 





Figure 3 Definitions of transverse and longitudinal spherical 
aberration. 


called the longitudinal spherical aberration (LSA), 
while the distance below the axis at the focal plane is 
the transverse spherical aberration (TSA). To reduce 
this aberration, note in Figure 2 that the amount of 
refraction at the two surfaces of the lens for marginal 
rays is not the same. Equalizing the refraction at the 
two surfaces will improve the situation. Suppose we 
alter the lens while keeping the index, thickness, and 
focal length constant; only the radii will change. This 
can be done if the new radii satisfy the paraxial 
equation giving the focal length in terms of the lens 
constants. The process of varying the shape of lens, 
while holding the other parameters constant, is called 
bending the lens. This can be easily accomplished by a 
computer program, obtaining what are known as 
optimal shape lenses, which are commercially avail- 
able. To study their effect on spherical aberration, 
define the shape factor o of a lens as 


jes To +11 [9] 
ne | 


from which 0 = 0 for a symmetric lens (7; = —12). 
Figure 4a shows the monitor screen for a symmetric 
lens, and Figure 4b illustrates the result of lens 
bending. This lens has had the curvature of the first 
surface raised and the second surface has been 
flattened to keep the focal length constant. Let us 
now consider what lens designers can do about 
spherical aberration. Brouwer in his book (see 
Further Reading) gives the specifications for a 
cemented doublet consisting of a double convex lens 
followed by a lens with two concave surfaces. 
The longitudinal spherical aberration of the front 
lens alone varies as shown in Figure 5. The way that 
the designer arranged for the marginal rays to meet at 
the paraxial focus, rather than falling short, was to 
recognize that a diverging lens following the front 
element would refract the rays away from — rather 
than closer to — the axis. When this second 
component is added, we would expect the behavior 
shown in Figure 6. Note that the value of LSA for the 
doublet has been enormously reduced, as indicated 
by the horizontal scale change. Spherical aberration 
can be reduced in more elaborate systems as part 
of the design process. Telescopes, in particular, make 
use of corrector plates which are placed in front of the 
large mirrors. 


Coma 


We have seen how to trace nonparaxial, meridional 
rays and found that spherical aberration appears 
because the intermediate and marginal rays do not 
behave like the central rays. We now wish to deal 
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Figure 4 Lens bending as performed numerically. 
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Figure 5 Spherical aberration for a single lens. 


with rays that do not lie in a meridional plane; these 
are nonmeridional or skew rays. Calculating the 
behavior of such a ray would appear to be a 
complicated problem, but it turns out to be a simple 
extension of what has already been accomplished. Let 
a skew ray start at an arbitrary point in space with 
coordinates x, y, and z and let it have direction 





Figure 7 Configuration used to illustrate coma. 


cosines L, M, and N with respect to OX, OY, and OZ. 
The points P and P, in Figure 1 are now out of the 
plane ZOX and when the vectors in this figure are 
expressed as the sum of three, rather than 
two, components, the equations given above for 
meridional rays acquire terms in y and M which have 
the same form as those for x and L. Now trace a set of 
skew rays chosen to lie on a cylinder (Figure 7) which 
is centered about the z-axis of a lens, so that all the 
rays are meridional. These rays are fairly far from the 
axis, so that they are also nonparaxial, but they all 
meet at a common image point, forming a cone whose 
apex is this image point. Then give this cylinder a 
downward displacement while holding fixed the 
intersection point of each ray with the dotted circle 
on the front of the lens. The tilting of the cylinder 
changes all its rays — except the top and the bottom 
rays — from meridional to skew. In addition, the cone 
on the image side will then tilt upwards; it should not 
change in any other way if the skew rays continue to 
meet at a well-defined apex. But this is not what 
happens in a simple lens, as will now be explained. 
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Next-to-last point 





Figure 8 Starting a coma plot. 


Let the top and bottom meridional rays meet at a 
point P in image space (Figure 8) and use this point to 
determine the location of an image plane. The skew 
ray just below the uppermost ray in Figure 7 will pass 
through this plane fairly close to the intersection 
point. Let us guess (and confirm later) that it will pass 
through a point slightly to the right of P and a little 
below it, as we observe this plane from the lens 
position. This is point 1 in Figure 8. The next skew 
ray on the front of the lens will strike the image plane 
still farther below and to the right, producing point 2 
in the figure. As we continue to trace these rays down 
the front half of the circle, we realize that a ray almost 
at the bottom of Figure 7 will have to be very close to 
the lower meridional ray and that its image point is 
just below but to the left of P; this is the point labeled 
‘next-to-last’ in Figure 8. All of these points join to 
form a closed curve. The back halves of the dotted 
circle and of the ray cylinder are not shown in the 
figure, but since we are again starting at P in Figure 8, 
the pattern will repeat itself. That is, we get a second 
closed curve which — by symmetry — should be 
identical to the first curve. This is a most unusual 
effect; double-valued phenomena are quite rare. To 
confirm this prediction, we use the skew ray 
equations, and trace the pattern formed by a set of 
concentric cylinders of different sizes. The appear- 
ance of the coma pattern generated by the computer is 
shown in Figure 9. Each half-circle on the front side 
of the lens produces a closed figure (an approxi- 
mation to a circle) as an image. If coma were the only 
aberration (when it is called ideal coma), the plots 
would be the perfect, coinciding circles of Figure 10. 
The comet-like shape explains where the name comes 
from. We can picture the generation of these circles in 
the way shown in this figure. The ray through the 
geometrical center of the lens produces a point in 
the paraxial focal plane. The top and bottom rays 
(the meridional rays) from the circles of increasing 
size produce points which define image planes that are 
successively closer to the lens; this is a consequence of 
spherical aberration. Moving the top ray parallel to 
itself and along the half-circle generates the image 
plane pattern. The lines tangential to the coma circles 
make an angle of 60° with each other, as can be seen 
by measurement on the computer output. Most optics 







; 
c 









Figure 9 Coma as calculated numerically. 


Paraxial image 
plane 
(plan view) 





Paraxial image 
plane 
(side view) 


Figure 10 Customary way of illustrating coma. 


books look at coma in a way different from that given 
here. Coma has been defined by WJ Smith (see 
Further Reading) as the variation of magnification 
with aperture, analogous to the definition of spherical 
aberration as the variation of focal length with 
aperture. And as was previously mentioned, focal 
length and magnification are purely paraxial 
concepts, not applicable to the description of aberra- 
tions. The definition that comes from the arguments 
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given above is that coma is the failure of skew rays to 
match the behavior of meridional rays, just as 
spherical aberration is the failure of meridional rays 
to match the behavior of paraxial rays. Most texts 
show coma in its ideal form. 


Astigmatism 


We have shown that spherical aberration is the 
failure of meridional rays to obey the paraxial 
approximation and coma is the failure of skew rays 
to match the behavior of meridional rays. To see the 
connection between these two aberrations, consider 
the object point P of Figure 11. This very 
complicated diagram can actually be very helpful 
in understanding the third of the five geometrical 
aberrations. Let P be the source of a meridional fan: 
this is the group of rays with the top ray labeled PA 
and the bottom ray is PB. If the lens is completely 
corrected for spherical aberration, this fan will have 
a sharp image point P, lying directly below the 
z-axis. Now let P also be the source of a fan 
bounded by the rays PC and PD. This fan is at right- 
angles to the other one; we can think of these rays 
as having the maximum skewness possible. If the 
lens has no coma, this fan also will produce a sharp 
image point P, which, for a converging lens, will be 
farther from the lens than the tangential focal point. 


x 





Tangential fan 





Figure 11. Tangential and sagittal fans displaying astigmatism. 


Figure 12 Astigmatic image patterns. 


In other words, even though the lens has been fully 
corrected for both aberrations, the two corrections 
will not necessarily produce a common image. In the 
figure, the meridional fan is called a tangential fan 
and the skew fan is called a sagittal fan; these are 
the terms commonly used by lens designers. The 
failure of the sagittal and tangential rays to produce 
a single image in a lens corrected for both spherical 
aberration and coma is known as astigmatism. 
Astigmatism, coma, and spherical aberration are 
the point aberrations that an optical system can have. 
We have already noted that spherical aberration is 
the only one that can be associated with a point on 
the z-axis; the others require an off-axis object. 
Astigmatism is very common in the human eye; to 
see how it shows up, look at the sagittal image point 
P. of Figure 11. This point is a distance z,, from the 
x,y-plane. A plane through this point will have a line 
image on it, the sagittal line, due to the tangential fan, 
which has already come to a focus and is now 
diverging. The converse effect, producing a tangential 
line, occurs at the other image plane. If we locate an 
image plane halfway between the two, then both fans 
contribute to the image and in the ideal case it will be 
a circle. As the image plane is moved forwards or 
backwards, these images become ellipses and even- 
tually reduce to a sagittal or a tangential line, as 
shown in Figure 12. Because there are two different 
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{a} Object {b} Image 


Figure 13 Image degraded by astigmatism. 


image planes, an object with spokes (Figure 13) will 
have an image for which the vertical lines are sharp 
and the others get gradually poorer as they become 
more horizontal, or vice versa, depending on which 
image plane is chosen. Eye examinations detect 
astigmatism if the spokes appear to go from black 
to gray. This example of the effect of astigmatism was 
often based on a radial pattern of arrows, which 
explains the origin of the word sagittal, derived from 
the Latin ‘sagitta’ for arrow. 


Curvature of Field and Distortion 


Having covered the three point aberrations, there are 
two lens defects associated with extended objects. 
If we move the object point P in Figure 11 closer to or 
farther from the z-axis, we would expect the positions 
of the tangential and sagittal focal planes to shift, for 
it is only when the paraxial approximation holds that 
these image points are independent of x. Hence, we 
obtain the two curves of Figure 14, which shows what 
astigmatism does to the image of a two-dimensional 
object. If the astigmatism could be eliminated, the 
effect would be to make these curved image planes 
coincide, but we have no guarantee that the common 
image will be flat, or paraxial. The resulting defect is 
called Petzval curvature or curvature of field. For a 
single lens, the Petzval surface can be flattened by a 
stop in the proper place, and this is usually done in 
inexpensive cameras. Petzval curvature is associated 
with the z-axis. If we take the object in Figure 11 and 
move it along the y-axis, then all rays leaving it are 
skew and this introduces distortion, the aberration 
associated with the coordinates normal to the 
symmetry axis. Distortion is what causes vertical 
lines to bulge outward (barrel distortion) or inward 
(pincushion distortion) at the image plane, as shown 
in Figure 15. A pinhole camera will have no 
distortion, since there are no skew rays, and a single 
thin lens with a small aperture will have very little. 
Placing a stop near the lens to reduce astigmatism and 
curvature of field introduces distortion because, as 


Tangential focal surface 






Sagittal focal surface 






: 
— Petzval surface 
\ 


Figure 14 Peitzval of field curvature. 
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Figure 15 Barrel and pincushion distortion. 


Stop 
(a) 
(b) 
Figure 16 (a) Distortion-creating stop. (b) Symmetric-compo- 


nent lens that reduces distortion. 


shown in Figure 16a, the rays for object points far 
from the axis are limited to off-center sections of the 
lens. The situation in this figure corresponds to barrel 
distortion; placing the stop on the other side of the 
lens produces pincushioning. Distortion can be 


18 GEOMETRICAL OPTICS / Aberrations 








QO = 
00 5.0 10.0 15.0 20.0 


Distance of focal point from paraxial focus 





Tangential 
image 


Sagittal 
image 


25.0 300 35.0 400 45.0 50.0 


Image height 


Figure 17 Reduction of astigmatism through design. 


therefore reduced by a design which consists of two 
identical groupings (Figure 16b), with the iris 
diaphragm placed between them; the distortion of 
the front half cancels that of the back half. Figure 17 
shows the output for a calculation using approximate 
formulas rather than exact ray tracing. Note that the 
designer has arranged for astigmatism to vanish at the 
lens margin. This example indicates the nature of 
astigmatism in a system for which the coma and the 
spherical aberration are low but not necessarily zero; 
it is the failure of the tangential and sagittal image 
planes to coincide. 


Nonspherical Surfaces 


So far, we have considered optical systems that use 
only spherical or plane reflecting and refracting 
surfaces. However, many astronomical telescopes 
use parabolic and hyperbolic surfaces. In recent 
years, nonspherical or aspheric glass lenses have 
become more common because they can be mass 
produced by computer-controlled machinery and 
plastic lenses can be molded with very strict 
tolerances. Ray tracing procedures given above can 
easily be extended to the simplest kind of aspheric 
surfaces: the conic sections. Iterative procedures may 
be applied to surfaces more complicated than the 
conic sections. A well-known example is the curved 
mirror; a spherical reflecting surface will have all the 
aberrations mentioned here, but a parabolic mirror 
will bring parallel rays to a perfect focus at the 
paraxial focal point, thus eliminating the spherical 
aberration. Headlamp reflectors in automobiles are a 
well-known example. A plano-convex lens with this 
defect corrected will be one whose first surface is flat 
and whose second surface is a hyperbola with its 
eccentricity equal to the index of refraction of the 


glass composing the lens. One form of astronomical 
telescope, which has a large primary concave mirror 
to collect the light and reflect it back to a smaller 
secondary convex mirror, is the Ritchey—Chrétien 
design of 1924. Both mirrors are hyperbolic in 
shape, completely eliminating spherical aberration. 
This is the design of the Hubble space telescope. 
The two-meter diameter primary mirror, formed by 
starting with a spherical mirror and converted to a 
hyperbola by computer-controlled polishing, was 
originally fabricated incorrectly and caused spherical 
aberration. From a knowledge of the computer 
calculations, it was possible to design, build, and 
place in orbit a large correcting optical element 
which removed all the aberrations from the 
emerging image. 


Conclusion 


The three-point aberrations and the two extended 
object aberrations have been defined and illustrated. 
Simple ways of reducing them have been mentioned, 
but the best way of dealing with aberrations is in the 
process of lens design. In addition, there is a 
completely separate defect known as chromatic 
aberration. All the above calculations are based on 
ray tracing for a single wavelength (or color) of visible 
light. However, the index of refraction of a transpar- 
ent material varies with the wavelength of the light 
passing through it, and a design good for one value of 
the wavelength will give an out-of-focus image for 
any other wavelength. It has been known for many 
years that an optical system composed of two 
different kinds of glass will provide a complete 
correction for two colors — usually red and blue — 
and other colors will be partially corrected. Such 
lenses are said to be achromatic. For highly demand- 
ing applications, such as faithful color reproductions 
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Figure 18 High-power high-resolution microscope objective. 


of works of art, it is possible to design elaborate and 
expensive lenses which correct for yellow light as 
well. This kind of optical system is said to be 
apochromatic. With perfect imaging at the two ends 
and the middle of the visible spectrum, the color error 
elsewhere is virtually nonexistent. As an example of a 
design which is free of all aberrations — geometric 
and chromatic — Figure 18 shows the ray trace for a 
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Introduction 


Prisms are solid structures made from a transparent 
material (usually glass). Figure 1 shows the simplest 
type of prism — one that has many uses. The vertical 
sides are two identical rectangles at right angles to 
each other and a larger third rectangle is at 45° to the 
other two. The top and bottom are 45°-45°-90° 
triangles. The most common applications of 
prisms are: 


To bend light in a specified direction 

To fold an optical system into a smaller space 

To provide proper image orientation 

To combine or split optical beams, using partially 
reflecting surfaces 

5. To disperse light in optical instruments such as 
spectrographs. 


RON 


Single Prisms as Reflectors 


A prism like that of Figure 1 can act as a very effective 
reflector; it is more efficient than a mirror since there 
is no metal coating to absorb light. Figure 2 shows a 


high-power aberration-free and apochromatic micro- 
scope objective. Note that the trace shows parallel 
rays brought to a focus inside the cover glass; in use, 
the light source would be a point on the slide and the 
light would converge at the eyepiece. 


See also 


Geometrical Optics: Lenses and Mirrors; Prisms. 
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light ray entering the prism at right angles to one of 
the smaller sides, reflected at the larger side, and 
emerging at right angles to the other small side. The 
path shown is determined by Snell’s law. This law has 
the form: 


nsin 0=n sin 6! [1] 


Figure 1 A 45-45-90 degree prism. 
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Figure 2 Total internal reflection by a prism. 


This indicates that a ray of light making an angle @ to 
the normal at the interface between media of indices 
of refraction 1 and 7’, will be refracted and the angle 
to the normal becomes 9’. Notice that the light ray 
strikes the surface where the reflection takes place at 
an angle of 45° to the normal; this angle is too large to 
permit it to emerge from the prism after refraction. To 
understand why, we recognize that when the ray is 
able to leave the glass, Snell’s law requires that the 
emerging angle be larger than the incident angle. 
The largest possible incident angle — known as the 
critical angle — will correspond to an emerging angle 
of 90°; that is, this ray will be parallel to the interface. 
For an index of 1.50, as an example, the critical 
angle 6, satisfies Snell’s law in the form: 


1.5 sin 6. = 1.0 sin 90° [2] 


from which @ = 41.8°. The ray shown in the figure 
will therefore remain in the glass. Furthermore, since 
the indices appearing on both sides of Snell’s law 
are now those of the glass, then the incident and 
refracted angles must be identical, and the prism 
reflects the ray in the same way that a mirror would. 
This phenomenon is known as total internal 
reflection. 

This prism has an important application as an 
optical component of a fingerprint machine, whose 
action depends on modifying the total internal 
reflection which normally occurs. Figure 3 shows 
the prism and the reflecting behavior of Figure 2, with 
a person’s finger pressed against the long side. When 
the ray strikes a place on the surface corresponding 
to a valley in the fingerprint pattern, the index at this 
region is that of air, and the ray is reflected in the usual 
manner. But a ray striking a portion of the prism 
which lies immediately below a raised section of the 
skin will make an angle with the normal which is now 
smaller than the critical angle, since the index is much 
greater than that of air, so that the ray will cross the 
interface and be absorbed by the finger. The reflected 
beam, with the fingerprint pattern sharply repro- 
duced, is sent to a detector and the resulting signal 


Figure 3 Use of a prism to produce a fingerprint. 


Figure 4 A pentaprism. 


goes to a computer, where it is processed and used to 
drive a printer. The fingerprint cards generated by this 
kind of equipment are sharper than those done by the 
traditional smeared-ink method. It is possible to 
observe the phenomenon just described by looking at 
your fingers while holding a glass of water — the 
fingerprints will show up in an enhanced manner. 
In addition to the better quality, the manufacturer of 
one version of this equipment has incorporated a 
feature in their computer program which can detect 
attempts by the person being fingerprinted to degrade 
the image. 

A more elaborate single prism — one with five 
sides — is the pentaprism of Figure 4, used extensively 
in single lens reflex cameras. This prism does not take 
advantage of the total internal reflection process, as 
described above. Below the bottom face is a mirror at 
a 45° angle. Light from the camera’s lens is reflected 
upward and emerges from the left-hand face where 
the scene being photographed is observed by the eye. 
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Figure 5 Action of coated faces of a pentaprism. 


Figure 6 Amici prism. 


Since there are two reflections, the reversal caused by 
a single mirror is eliminated. The camera’s mirror is 
hinged and when the exposure button is pressed, it 
flies up and the incoming light can reach the film. The 
two reflecting faces, which lie at an angle of 45° to 
one another (Figure 5), are coated. To see why this is 
necessary, note that the two angles in the isosceles 
triangle formed by the light ray and the face 
extensions must equal (180° — 45°)/2 or 67.5°. This 
ray must then lie at an angle of 90° — 67.5° to the 
normal, or 22.5°, which is much less than the critical 
angle needed for reflection. 

There are at least a dozen other forms of prism 
which have been designed and used. For example, the 
Amici prism (Figure 6) is a truncated right-angle 
prism with a roof section added to the hypotenuse 
face. It splits the image down the middle and thereby 
interchanges the right and left portions. These prisms 
must be very carefully made to avoid producing a 
double image. One use is in telescopes to correct the 
reversal of an image. 


Double Prism Reflectors 


Another extensive application of prisms is their use 
in pairs as components of telescopes and binoculars. 
The most widely used is a pair of Porro prisms: two 


right angle prisms arranged as shown in Figure 7. 
The double change in direction has two effects; it 
eliminates image reversal and it shortens the spacing 
between objective and eyepiece lenses, making the 
binoculars lighter and more compact. It is possible to 
calculate how light rays behave in Porro prisms with 
a ray tracing procedure. This method involves the 
use of 4X4 matrices and its development is rather 
complicated. A simple understanding of the way 
light passes through this optical component can be 
based on Figure 8, which shows the two prisms 
separated for clarity. An arbitrary ray (the heavy 
line) coming from the object will be reflected at a 45° 
angle at each of the four faces that it strikes. Using 
two line segments at right angles as an object, the ray 
from the top of the vertical arrow and the ray from 
the end of the horizontal arrow will behave as 
indicated. The image is then identical to the object 
but rotated by 180°. Since the optics of the 
binoculars — the combined effect of the objective 
and the eyepiece — result in an inverted image, the 
Porro prism corrects this problem. 





Figure 7 A pair of Porro prisms. 





Figure 8 Action of Porro prisms. 
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Fig. 9. Schottky diode’s C; effect (Left) and R; effect (Right) on 2 GHz rectenna’s input 
response. 


1.4 Rectifying circuit for DTV energy harvesting 


In the design of a DTV energy harvesting circuit, several basic design considerations must 
be paid attention to. First is the antenna; it must be wideband (covering 470 MHz to 770 
MHz), horizontally polarized and omni-directional. Secondly is the rectifier; it must also be 
wideband, and optimized for RF-to-DC conversion for incident signal power at least —- 
40dBm. Until recently, very few authors have published on DTV energy harvesting circuit. 
For the few publications, the antenna could not meet all those three requirements and a 
discussion on the performance of the harvesting circuit for ultra low power incidences has 
been neglected. In this Chapter we will present such a rectenna with conversion efficiencies 
above 0.4% at -40dBm, above 18.2% at -20dBm and over 50% at -5dBm signal power 
incidence. We will closely compare simulated and measured performance of the rectenna 
and discuss any observed disparities. 


Agilent’s ADS will be used to simulate the nonlinear behaviour of the rectifying circuit 
based on harmonic balance tuning methods. To simulate the multiple incident waves, a 
multi-tone excitation in the DTV band will be invoked. The wideband input characteristic 
will be achieved by the input matching inductors and capacitors. 


The generic version of our proposed DTV energy harvesting circuit is shown below in Fig. 
10. The implementation, however, is in two phases or scenarios as follows. First, we 
investigate the class called “ultra low power” DTV band rectenna. Secondly, we introduce 
the “medium power” DTV band rectenna. 
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Fig. 10. Generic version of our proposed DTV energy harvesting circuit. 
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Prisms as Instruments 


Prisms are the crucial optical element in many 
laboratory instruments. To show how they can be 
used to measure the index of refraction of transparent 
materials — solids or liquids — consider the prism of 
Figure 9, with apex angle A. Light comes to the prism 
at an incident angle i, enters the prism at the angle of 
refraction r, crosses the prism and is refracted a 
second time when it emerges, the associated angles 
being designated as r’ and i’. When the ray leaves the 
prism, it is traveling in a direction which represents 
an angular deviation 6 from its original orientation. 
This deviation is the sum of the individual changes 
in direction at each face, or 


6=G-n+(r' -i') [3] 


For the triangle formed by the projected normals, 
which meet at the angle A: 


r=r'+A [4] 
Hence 
d=i+i'-A [5] 
The minimum value of the deviation is an important 
property of the prism; we find it by differentiation 
to obtain: 


dé = di+ di’ =0 [6] 


Differentiation of the form of Snell’s law valid at each 
interface, namely: 


. s . . 4 : | 
sini=nsinr, sini’ =nsinr [7] 





Figure 9 Calculation of prism deviation. 


gives 


di = ncos r dr/cos i [8] 


di’ =ncosr' dr'/cos i’ 
=ncosr' dr/cos i’ [9] 


where dr’ can be replaced by dz, as obtained from the 
equation connecting 7, r', and A. It now follows that: 


dé = n| {cos r/ J — n? sin*r)} 
— {cos(A =#)/ {1 = n’sin’(A — r)} |dr =0 


[10] 

from which 

cos*r{1 — n* sin*(A — nr} 
= cos (A — r){1 — 7” sin*r} [11] 
or: 

cos*r = cos*(A — r) [12] 

and finally: 
f=All, 7 =A, 1 =1 [13] 


The differentiation thus leads to the conclusion that 
the ray enters and leaves the prism in a symmetrical 
manner. The amount of deviation is now: 


6=21-A [14] 
or: 
i= (6+ A)/2 [15] 
and: 
n = sin i/sin r = sin{(6 + A)/2}/sin(A/2) [16] 


Using this expression to calculate 1 as a function of 6, 
it is found that Sis a minimum, so that a measurement 
of the minimum deviation produced by a prism gives 
the value of its index of refraction in a direct and 
accurate way. This method can also be used for 
liquids; a triangular glass cell with walls of reasonable 
thickness is made very accurately and used to measure 
6. The refraction due to the walls does not affect 
the measurement, since the refraction occurring at the 
entrance wall is equal but opposite to that at the 
exit wall. 

The description of prism behavior given so far 
assumes that we are dealing with monochromatic 
light; that is light of a single wavelength or single 
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Figure 10 A prism spectrometer. 


color in the visible spectrum. However, the index 1 of 
a prism varies with wavelength and white light 
passing through a prism will undergo dispersion — 
each component of a beam will emerge at a different 
angle and can be observed. The prisms that are part of 
expensive glass chandeliers display such an effect. 
This property of a prism is used in spectrometers — 
instruments which can measure the wavelength of 
light. Figure 10 shows a schematic diagram of this 
kind of instrument of high quality. Note that the light 
is brought into and taken out of the spectrometer 


with doublets. As shown in Geometrical Optics: 
Aberrations, doublets can be designed to be achro- 
matic — that is, they focus light throughout 
the spectrum in approximately the same way. 
Various kinds of spectrometers have been put into 
use, with the ability to resolve closely spaced 
wavelengths being a crucial factor in the design. 


See also 


Geometrical Optics: Aberrations; Lenses and Mirrors. 
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Introduction 


Holography captures the phase and amplitude of light 
reflected from, or transmitted through, an object. In 
visual terms it captures ‘true’ three-dimensional space 
and any objects which are placed within that space. 
This is very different from the various optical 
illusions, including perspective drawing and painting, 
which ‘trick’ the eye into thinking it is seeing a 
dimensional image on a flat surface. Not surprisingly, 
artists have been intrigued by display holography 
since reports about it became more public in the 
early 1960s. 

Since much of the information about the 
holographic process was originally published in 
professional scientific and optics journals, which the 
artistic community rarely read, or had access to, the 
transfer of practical information from optical scientist 
to visual artist was slow. As less technical reports 
about holography began to appear in publications, 
such as Scientific American, and art journals, such as 
Leonardo, more artists became aware of the possi- 
bilities holography offered. It is now over 50 years 
since its invention by Dennis Gabor, and art 
holography can be found in public and private 


collections around the world, ranging from major 
museums, through academic art galleries to large 
individual collections. 

For the purpose of this article, holography can be 
defined as a section of a broad optical field, 
encompassing display holograms produced by 
artists, creative individuals, and groups. These 
works are often produced through independent or 
self-driven research, but can also be the result of a 
commissioned project. Holographic art works tend 
not to be produced specifically for commercial gain 
(although some do sell for large amounts and can be 
editioned in the same way prints or photographs, to 
increase their salability or make them more acces- 
sible to a wider audience). It is incredibly difficult to 
assess the number of artists working in this field 
today, as no specific research has been carried out, 
but it can be estimated as between 50-100 
individuals worldwide, which includes those who 
have shown work in curated group and solo 
exhibitions. This relatively small number has made 
an enormous impact and includes artists who have 
made holography their main medium of expression, 
as well as those, more established in other media, 
who have extended their creative vocabulary by 
embracing the holographic process. Salvador Dali 
for example, had holograms made of his sculptural 
compositions in the early 1970s, and Bruce Nauman 
used the process to capture a series of self-portraits 
in the 1960s. Apart from these well known and 
established contemporary artists, much of the 
pioneering work has been driven by individuals 


26 HOLOGRAPHY, APPLICATIONS / Art Holography 





who have concentrated on holography as their 
medium of choice. 

Some artists build their own optical studio in which 
to experiment in a hands-on environment, some 
collaborate with scientific and research establish- 
ments, where the work, facilities and expertise is 
shared, and others design and supervise the pro- 
duction of their work which is produced for them by a 
commercial company. All of them produce a unique 
contribution to the visual arts. 


Early Exploration 


Holography offers a unique method of recording and 
reproducing three dimensions on a flat surface with- 
out the need for special glasses (for stereoscopic 
viewing), lenses (such as lenticular viewing) or linear 
perspective which, since the Renaissance, has been 
our main method of tricking the eye into believing 
that an image recedes into the distance and displays 
three dimensions. 

Many of the very early works produced by artists 
concentrated on the obvious still life nature of the 
medium and explored the unusual phenomenon of 
objects ‘frozen’ in holographic space. Almost all of 
these early works were recorded using continuous 
wave helium neon lasers, either in scientific/research 
facilities, which artists had arranged to use, or in 
collaboration with established scientists and optical 
imaging researchers. 

As early as 1969, British artist Margaret Benyon 
was experimenting with this new medium. Her laser 
transmission hologram ‘Picasso’, is a recording 
of images taken from Pablo Picasso’s painting 
‘Demoiselles D’Avignon’. Here Margaret Benyon 
took a copy of the painting, cut out the characters, 
placed them in a three-dimensional spatial arrange- 
ment, with real objects, and then made a hologram of 
this ‘scene’. Picasso attempted to show, through many 
of his paintings, multiple views of the same subject on 
a two-dimensional surface, one of the main thrusts of 
Cubism in the late twentieth century. Benyon 
achieved this in ‘real space’ by recording a hologram 
of the flat reproductions. By doing so, she demon- 
strated that holography automatically achieved what 
Picasso, and many other key contemporary visual 
artists, had been trying to do for years. 


Holographic Black Holes 


It has been known, from the very early days of holo- 
graphic research that, when using a continuous wave 
laser to record a hologram, if any object in the scene 
moves more than half the wavelength of light, no 
interference pattern will be produced and therefore 


no recording of the object will take place. Unlike 
photography, where if an object moves during the 
exposure, it will become blurred, in holography it will 
simply not be recorded. Clearly, if no recording can be 
made, optical researchers working with holography, 
while noting the phenomenon, would not necessarily 
feel the need to make holograms which would fail. 
Several artists, on the other hand, not confined by 
research deadlines, have acknowledged this strange 
phenomenon and exploited this limitation of the 
holographic process. One of the very early examples 
is ‘Hot Air’ (Figure 1), a laser transmission hologram 
by Margaret Benyon and now in the Australian 
National Gallery Collection. Produced in 1970, it 
shows a three-dimensional composition of a jug, cup, 
and the artist’s hand. The jug and cup were filled with 
hot water and during the recording of the holographic 
plate, with a continuous wave laser, the heat from the 
hot water disturbed the air above these objects. This 
tiny amount of movement resulted in the area above 
the jug and cup not being recorded. Similarly, the 
artist’s hand moved slightly during the exposure and 
therefore did not record. Strangely, when viewing the 
resulting laser transmission hologram, the hand is 
visible. What is displayed is a holographic hand- 
shaped black hole, the three-dimensional recording of 
the space once occupied by the hand; the dimensional 
recording of the absence of an object. 





Figure 1 ‘Hot Air, Margaret Benyon 1970. Laser transmission 
hologram. Copyright © 1970 M. Benyon. Reproduced with 
permission. 
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Artists in display holography place continual demands 
on the technology. Their natural tendency is to break 
rules. I believe that most successful holographic artists 
belong to this ‘suck it and see’ category of experi- 
mentalists. On hearing about the ‘rules’ of holography, 
they break them, just to see what happens. (Margaret 
Benyon, PhD Thesis, 1994). 


Benyon started by breaking the rules and has 
continued to develop from these early pioneering 
laser transmission works, which helped establish a 
visual ‘vocabulary’ including many important social 
and political issues. 

Other artists have exploited the ‘limitations’ of the 
holographic process to produce visually stunning 
works which question how we look at the three- 
dimensional world and question what is ‘real’. 
Rick Silberman (USA) developed a shadowgram 
technique where the hologram is made of a laser 
illuminated ground glass screen. Objects are placed 
in front of this luminous surface and their three- 
dimensional silhouette is recorded. The viewer of the 
hologram is looking at the space where the object 
used to be. A pivotal work in this field is ‘The 
Meeting’ 1979 (Figure 2), a white light reflection 
hologram which had been recorded in such a way as 
to cause the three-dimensional shadow of a wine 
glass to protrude out of the holographic plate and 
be viewable several centimeters in front of it, 





Figure 2 ‘The Meeting’, Rick Silberman 1979. White light 
reflection hologram (shadowgram). Copyright © 1980 ATP. 
Reproduced with permission. 


between the observer and the holographic emulsion. 
The actual wine glass used in the recording has been 
broken and what remains (the base, stem, and small 
part of the bowl of the glass) is placed on a platform 
attached to the holographic plate. When viewing the 
work head on, the missing parts of the broken glass 
are recreated, in three dimensions, by the holo- 
graphic shadow. When viewed obliquely, from the 
side for example, only the broken (real), glass is 
visible. Not only does this piece have an element of 
performance in the recording, breaking, mounting, 
and reconstruction of the wine glass, it also explores 
questions of visual perception and concepts of 
reality. 

The recording of the shadow of an object, or 
objects, has now become commonplace in creative 
holography, with many artists employing techniques 
to mix different objects together, change their color 
and rearrange them in space. One advantage of 
this technique is that dependence on absolute stability 
of the objects used is reduced. The objects are 
‘encouraged’ to move during the recording process 
and so create ‘negative’ images. Steve Weinstock 
(USA), Marie-Andrée Cossette (Canada), Michael 
Wenyon and Susan Gamble (USA/UK) have all 
contributed to this area in some of their early works. 


Public Display 


As the technology and optical processes of holo- 
graphy have developed, so greater flexibility, and 
public accessibility, have emerged. The single most 
important aspect has been the ability to display 
holograms in white light. 

Emmett Leith and Uris Upatnieks invented laser 
transmission holography in 1964. They demonstrated 
the practicalities of Gabor’s original invention, by 
utilizing laser light, to produce three-dimensional 
images. To display these recorded images, laser light 
needed to be shone through the holographic plate, at 
the original angle used by the recording reference 
beam (off-axis). The results were breathtaking, with 
full visual parallax in all directions. Although it was 
the laser light which made the recording and 
reconstruction of these unusual images possible, the 
laser was also a limiting factor. Each time a hologram 
was displayed, a laser was required. This relegated 
the technique to displays in scientific conferences, 
laboratories, or other locations with optical equip- 
ment. What was needed was a technique allowing 
holograms to be displayed without the need for this 
expensive and dangerous laser light. White light 
holography was the answer. 

Although a laser is still required to record the 
original hologram, by using a copying technique, a 
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restricted aperture or one step process, the resulting 
holograms can be reconstructed using a small source 
of white light such as a spotlight or even direct 
sunlight. As expensive lasers were no longer needed to 
display holograms, large public exhibitions could be 
mounted. Gallery and museum spaces could include 
holography in their exhibitions and individuals could 
buy and display holography in domestic locations. 
This technique also benefited the commercial display 
market, where holograms could now be used for 
advertising and promotional events. 

Stephen Benton (USA) (1942-2003), inventor of 
white light transmission (rainbow) holography in 
1968, made a major contribution to the use of the 
medium by artists. His technique not only allowed 
holograms to be viewed in white light, but they were 
extremely bright and offered the possibility of 
creating multicolor images. His ‘Crystal Beginnings’ 
1977, (Figure 3), shows just how much space can be 
created with very simple points of light. Benton even 
taught master classes for artists so that he could 
explain how his technique functioned and explain 
the mathematics involved. He also worked with 
several artists to help them realize their individual 
projects. 

Harriet Casdin-Silver (USA) was one of the first 
pioneering artists to work with Benton and produced 
several key works now seen as integral to the art of 
holography. Their early collaboration ‘Cobweb 
Space’, 1972, sculpted pure light and was one of 





Figure 3 ‘Crystal Beginnings’ Stephen Benton 1977, White light 
transmission (rainbow) hologram. Jonathan Ross Collection, 
London, UK. One of the best known works by the inventor of the 
rainbow hologram. Copyright © 2004 J. Ross. Reproduced with 
permission. 


the very first art holograms to be displayed using 
Benton’s rainbow hologram technique. A later work, 
‘Equivocal Forks’, 1977, exists in different formats; 
as a laser transmission hologram showing the 
pseudoscopic display of domestic folks which 
protrude, inside out, from the holographic plate, 
and as a number of white light transmission holo- 
grams, of the same image, which were shown in an 
outdoor installation mounted by The Center for 
Advanced Visual Studies, part of the Massachusetts 
Institute of Technology. This demonstrated to a 
wide, nonscientific, audience, that holograms could 
be accessible, easily illuminated and weatherproof. 
Casdin-Silver has continued to produce art hologra- 
phy and has, most recently, worked with large-scale 
portraiture. 

Although Benton’s process increased the accessi- 
bility of holography, an earlier technique, invented by 
Yuri Denisyuk (Russia) in 1962, allowed holograms 
to be recorded in a single step and then displayed 
using white light. The political situation between the 
USSR and the rest of the world during the early 1960s 
meant that information and results from much of this 
early work was not openly accessible, and communi- 
cation between Denisyuk and other key researchers in 
holography was limited. However, as soon as details 
of the Denisyuk technique became more widely 
available in the 1970s, artists began to embrace it as 
a practical alternative. 

The work of Nicholas Phillips (UK), whose 
research improved chemical processing of display 
holograms during the late 1970s, helped artists and 
the rest of the holographic field to achieve much 
better results when making reflection holograms, a 
technique favored in Europe. He was also heavily 
involved with the rock band, ‘The Who’, and their 
Holoco company which mounted two very successful 
exhibitions of display holography at the Royal 
Academy of Art, London, at this time. Artists who 
might not have come across the holographic 
phenomenon became aware of its potential due to 
its presence in one of the UK’s more traditional art 
venues. Other large exhibitions in the late 1970s 
and early 1980s in USA, Sweden, and Japan 
also highlighted the immense possibilities holo- 
graphy offered to a nonscientific community of 
gallery visitors. 

As interest in all aspects of holography increased, 
dedicated spaces opened to sell, display, and archive 
the output from artists, scientists, and commercial 
producers. One of the most influential of these was 
the Museum of Holography, located in the SoHo art 
district of Lower Manhattan, New York (Figure 4). 
From 1976 through to 1992, it regularly mounted 
group and solo exhibitions by artists, giving many of 


HOLOGRAPHY, APPLICATIONS / Art Holography 29 








Figure 4 Dr Dennis Gabor, inventor of holography with, Posy 
Jackson, Director of the Museum of Holography, during his visit to 
the Museum in March, 1977. Copyright © 1977 Paul D. Barefoot. 
Reproduced with permission. 


them their first major exposure to a museum-going 
public. There were displays relating to the scientific, 
commercial, and industrial usage of the medium, as 
well as exceptionally popular traveling exhibitions. 
‘Through the Looking Glass’, which traveled 
worldwide, allowed early display holography to be 
experienced by thousands of people who would not 
normally have come into contact with the medium. 
In the Summer of 1981, over 300,000 visitors saw 
‘Through the Looking Glass’ during the 11 weeks it 
was on view at the Israel Museum, Jerusalem. 

After the Museum of Holography closed in 1992, 
its entire collection was purchased by the MIT 
Museum, Boston, USA, and now forms part of the 
largest museum collection of creative and scientific 
holography in the world. The New York museum was 
not an isolated venue. During the late 1970s and early 
1980s, museums of holography opened in Chicago, 
Paris, and Pulheim (near Cologne). Galleries were also 
founded in many major cities to sell art and 
commercial holograms. 


Stability Solutions 


Although being able to display holograms using 
inexpensive sources of white light allowed the 
medium to become much more accepted as a display 
process, there has always been the cost and complex- 
ity of the optical laboratories needed to record the 
holograms in the first place. Few artists were able to 
equip their studios with ‘off the shelf’ optical 
components and precision-built isolation tables 
most often found in scientific and research labs. 
The solution was to replace the commercially built 
isolation table with much less expensive sand tables. 

Sand box holography revolutionized the field for 
independent artists. By building a wood or brick box 


filled with sand, resting on car inner tubes, artists 
were able to hand-make their own isolation tables. 
Inexpensive optics, mounted onto plastic pipes were 
simply thrust into the sand, allowing complex optical 
recording setups to be constructed. Surprisingly, 
many key artworks have been produced using this 
technique, which opened the field to anyone with 
basic construction skills and a laser. 

The laser has remained an expensive element in the 
holography studio but, most recently, the prospect of 
replacing this with laser diodes has offered a much 
more economic alternative. Not only can light from 
these diodes provide more compact optical setups to 
record holograms, they can also be used to display 
them. Significant progress has been made in both 
diode recording and display, which is opening up new 
opportunities for the visual artist. Almost all of the 
early practitioners in the field were attracted to 
holography because of the laser transmission holo- 
grams they saw. They have a depth and dimensional 
quality which is extremely different from the white 
light viewable holograms we tend to see today. 
Now, with the possibility of displaying holograms 
illuminated by inexpensive laser diodes, the laser 
transmission hologram is set, once again, to be a 
viable medium for artists. 


Object Holography 


Many artists were attracted to holography because of 
its unusual three-dimensional properties. However, 
they did not have the resources to make holograms of 
large objects or scenes, so scaled these down and 
constructed small sculptural settings for recording. 
One of the pioneering artists in this area was 
Dan Schweitzer (1946-2001). Originally an actor 
and familiar with theatrical staging, many of his 
holograms are populated by tiny figures placed in 
specially built ‘theatrical’ settings. Holography not 
only recorded these specially constructed miniature 
‘rooms’, but the resulting images were realistic 
enough to suggest to the viewer that they were 
looking at a scaled-down life-size event. We do this 
regularly when looking at photographs and accept 
that they are a small-scale version of a larger scene. 
Traditional holography does not offer this ‘scaling 
down’ in the same way as photography. One 
celebrated example is Schweitzer’s ‘Thendara’, 
1978, where a sculpted, miniature figure sits and 
looks towards a window frame. He also produced a 
companion piece in which the physical model, used to 
make the earlier hologram, is on display as a piece of 
sculpture. Here the miniature window is the frame 
for a hologram displaying a previously recorded 
model of a landscape. As Schweitzer’s technical skills 
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Figure 5 ‘Od Vent’, Dan Schweitzer 1980, White light trans- 
mission hologram in sculptural mount. Copyright © 1980 ATP. 
Reproduced with permission. 


developed, he began to produce complex multi- 
layered works incorporating still-life models, holo- 
gram fragments, and optical animation to construct 
visual spaces which could not exist in the real world. 

In his work ‘Od Vent’ (1980) (Figure 5), Schweitzer 
framed an exceptionally complex white light 
transmission hologram into a theatrical model of a 
doorway. The miniature stairs lead up to an opening, 
a portal into another world, in which the hologram is 
mounted. Illuminated from behind, the hologram 
displays multiple exposures, optical animation, and 
several superimpositions of objects as an observer 
moves from left to right in front of the piece. In this 
complex holographic world, the silhouette of the 
figure, standing in the door, casts a bright (negative) 
shadow down the miniature stairs. Not only are 
we able to look into an illusionary world through 
the holographic doorway, where at a certain point 
Einstein looks back at us, but the peculiarities of this 
holographic world extend into our own world as 
seen by the ‘real’ (negative) shadow cast down onto 
the stairs. 

Another artist, who combined the use of multiple 
exposed objects displayed in a single space, is John 
Kaufman (USA). He established a reputation by 
recording objects (often rocks) collected from around 
his Californian holography studio. These found 
objects were captured in three dimensions and were 


then, through a multiple exposure and emulsion 
swelling technique, combined into a single still-life 
composition. He became expert at masking out areas 
of his objects so that they could appear in different, 
intense colors, and in many cases used the holo- 
graphic process and multiple exposures to mix colors 
directly in the holographic space he was working 
with. In ‘Stone Head’ (1982) (Figure 6), for example, 
this relatively ‘normal’ stone is transformed by the 
use of intense color and the three-dimensional volume 
it occupies. 

When considering how the hologram should be 
framed and displayed, several artists have utilized the 
mount in which the hologram sits as an integral part 
of a much more complex work. Frithioff Johansen 
(Denmark) recorded a hologram of smoke, freezing it 
in time and space using a pulsed laser (see below). 
This was then converted into a white light trans- 
mission hologram and mounted in a frame of granite. 
‘Hardware-Software 1’ 1987-1988, allows the 
gallery visitor to not only view the massiveness of 
the granite structure, but also the delicate sculptural 
solidity of smoke ‘frozen’ in space. 

Rebecca Deem (USA) recorded what appears to be 
an extremely simple hologram of a luminous tube, 
mounted onto a swivel at the end of an elegant 
metal support. In ‘W/Hole Message’ viewers can 
look into the small holographic plate and see the 
image of the tube extending away from them into the 
volume behind the plate. By flipping the hologram, 
on its swivel, to turn it over, the image in the hologram 
is also flipped and the tube appears in the viewer’s 
space, between them and the plate. This three- 
dimensional pseudoscopic image, one of the attractive 
and unusual aspects of holographic display, is inside 
out, back to front, and upside down. The gallery 
visitor really does have a chance to view the whole 
message. 





Figure 6 ‘Stone Head’, John Kaufman 1982, White light reflec- 
tion hologram. Copyright © 1982 John Kaufman. Reproduced with 
permission. 
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Figure 7 ‘Breakfast’, Pearl John 2002. Laser etched toast 
displayed in a white light reflection hologram. Copyright © 2002 
Pearl John. Reproduced with permission. 


Text has become an important element in holo- 
graphy, as it is often incorporated in, onto, or around 
holographic displays. Eduardo Kac (Brazil) has 
produced several holograms, which display poems, 
words, and letters floating within the holographic 
space he has created. 

Pearl John (UK) most recently produced a series of 
still-life holograms using a pulsed laser but with the 
added subtlety of writing onto the surface of her 
objects. In ‘Breakfast’ 2002 ( ), for example, 
the slices of toast, making up the composition, have 
been laser etched with text which appears ‘burnt’ into 
the surface of the bread. 


Pulsed Lasers 


Continuous wave lasers placed limits on the holo- 
graphic recording process and dictated that no 
movement in the recorded object could take place. 
We have seen that this ‘problem’ was exploited by 
artists at an early stage, but there was also a desire to 
capture living objects, in the form of the human 
figure. Pulsed laser holography was the solution. 
Because this type of laser generates a bright flash of 
coherent laser light, the intensity and duration of the 
pulse is enough to ‘freeze’ any physical movement 
during the recording process, allowing the recording 
of people, animals, or anything which moves and 
could be brought into an holography studio. Again, 
the cost and accessibility of this specialist equipment 
was prohibitive to artists, but they found ways of 
persuading scientists with pulsed lasers to help them. 
Early adopters of this technique were artists such as 
Ana Maria Nicholson (USA), Melissa Crenshaw and 
Sydney Dinsmore (Canada), Margaret Benyon (UK), 
Anait (USA), and Alexander (USA/UK). Recordings 
could now be made of live figurative compositions 
and individual portraits. Many of the artists, not 





Figure 8 ‘Awakening’, Ana Maria Nicholson, 1993. White light 
(pulsed) reflection hologram. Copyright © 1993 Ana Maria 
Nicholson. Reproduced with permission. 


content with producing the holographic version of a 
traditional photographic portrait, began to mani- 
pulate these recordings, distorting, multiple exposing 
and inverting these unusual three-dimensional 
images of people. 

Holographic portraits do have an unusual quality, 
which painters or photographers have found difficult 
to deal with but art holographers have embraced. 
Some, like Ana Maria Nicholson (USA), have 
combined subtle processing techniques, to introduce 
color ‘layers’ into the portraits, combined with 
nonstandard views or compositions (see ‘Awakening’ 
1993 ( )). Other artists, who emerged in the 
1980s, produced complex, highly staged compo- 
sitions, such as those from Patrick Boyd (UK), or 
they offered us a different view of the ‘self portrait’ 
like those by Martin Richardson (UK). Others, such 
as Shu-Min Lin (Taiwan), used the combination of 
multiple views of human figures recorded onto the 
same holographic plate. By walking past these 
displays, an animated effect could be experienced. 
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So much interest was generated in pulsed holo- 
graphy that several studios emerged for use by artists, 
including independent facilities and those within 
educational establishments. No longer was this the 
domain of the well funded scientific research facility. 
Several of these ‘studios’ still exist and are offering 
artists access to equipment through specialized 
artist-in-residence programs. 


Abstraction 


Although holography is an exceptional process for 
recording every detail of an object and the volume it 
occupies, many artists have wanted to work with the 
abstract and kinetic possibilities the process offers. 
Light can be recorded and displayed in three 
dimensions, it can be animated, inverted, compressed, 
sculpted, and projected. Douglas Tyler (USA), in 
his In the ‘Dream Point Series’ 1983 (Figure 9), 
recorded small laser transmission holograms but 
displayed them using normal white light, producing 
a smearing effect of the three-dimensional object. 
He then mounted these onto transparent surfaces 
(Plexiglas) and drew on the surface of the plastic to 
incorporate etched lines and shapes. Rudie Berkhout 
(Netherlands/USA) began his holographic explora- 
tion with stunning abstract landscapes made of 
luminous, multicolor, animated objects which took 
advantage of his mastery of the white light 
transmission technique. Most recently he has been 
recording reflection holograms which display undu- 
lating colored ‘waves’ of light as an observer moves 
past the hologram. These have been included in 
specially produced paintings for large-scale archi- 
tectural commissions. 

Sam Moree (USA) combines multiple images, 
exposures, diffraction gratings, and smaller 





Figure 9 ‘Dream Passages’: 32” x 138” (3 panels 32” x 46"). 
Douglas E. Tyler 1983, Laser transmission holograms, tape and 
Plexiglas, illuminated with white light. Detail of center panel. 
Copyright © 1983 D.E. Tyler. Reproduced with permission. 


holograms into a single work. The finished holograms 
display a complex series of image fragments and 
colors within the depth of the holographic space he 
has constructed. Ruben Nufiez (Venezuela), originally 
approached holography from a background in glass 
production and used the ability of the holographic 
process to ‘capture’ light reflecting and passing 
through his glass objects. The resulting white light 
transmission holograms display an abstract ‘photonic’ 
display of form and color. Fred Unterseher (USA), 
uses holography to record optical distortions and 
diffraction gratings which would display abstract 
patterns of light. Many of these early works were 
mandala images which displayed an intense kinetic 
effect as an observer walked past the surface of 
the holographic plate. 


Pseudo Holograms 


In 1973, Lloyd Cross invented the multiplex (inte- 
gral) hologram technique which used sequential two- 
dimensional images recorded on movie film combined 
with white light (rainbow) hologram techniques. The 
result was a holographic stereogram, which gave 
viewers the illusion of seeing animated images in 
three dimensions. The final holographic sheet was 
displayed either curved or as a complete cylinder, 
which was often motorized so that viewers could 
stand in front of the unit and watch the animation 
take place as the hologram rotated. Such a display 
does give the impression that an observer can walk all 
the way round the image, enhancing its perceived 
three-dimensional effect. 

As the original images are recorded photographi- 
cally, there are several advantages — anything which 
can be recorded on inexpensive black and white 
movie film can be converted into a holographic 
display. Short animated sequences can be presented 
while accepted film techniques such as zoom, pan, 
tilt, and transitions can be incorporated into the 
finished sequence of images. Although very popular 
for advertizing and promotional campaigns during 
the 1980s, particularly in the USA, several artists used 
this technique. They could make the movie film 
sequences themselves and then send this film to a 
commercial producer for a hologram to be made for 
them. This offered an interesting balance in the 
creative process. The artist could concentrate on the 
filmic image, using facilities and photographic tech- 
niques they were familiar with and not have to learn 
the holographic process or build a holographic 
laboratory themselves. Artists such as Anait (USA) 
produced several experiments in the area, one of 
which showed her inside the holographic display, 
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1.4.1 Ultra low power DTV rectenna 


We define an ultra low power rectenna as one impinged by RF power incidence in the range 
between - 40dBm and -15dBm. Below in Fig. 11 is the circuit we designed; optimized for - 
20dBm input. The matching network is complex so as to achieve a wide band input 
characteristic. The fabricated circuit was well matched for the frequency range between 470 
MHz and 600 MHz. More details about the circuit design can be found in [7]. 


Ammeter 





Fig. 11. Ultra low power DTV band rectenna circuit. SMS7630 Schottky diode by 
SKYWORKS offered the best performance. 


The RF-to-DC conversion efficiency for this circuit is shown in Fig. 12 where at input power 
equal to -40dBm, efficiency is at least 0.4% and rectified voltage equals 1mV; at -20dBm, we 
have at least 18.2% by measurement and a rectified voltage of 61.7mV. The level of rectified 
voltage is too low and disqualifies this circuit for purposes of charging capacitors or 
batteries to accumulate such micropower over time. Instead, boosting the low voltage to 
usable levels is the option available and we shall discuss this at a later stage, (in Section 2.6). 
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Fig. 12. Ultra low power DTV band rectenna efficiency. 


1.4.2 Medium power DTV rectenna 


We define a medium power rectenna as one impinged by RF power incidence in the range 
between - 5dBm and 0dBm. Below in Fig. 13 is the circuit we designed, optimized for -5dBm 
input. The matching network is simpler than as shown in section 2.4.1 since we require a 
narrow band around 550 MHz, with received peak power spectrum levels at least -5dBm. 
The circuit in Fig. 13 is a modification of Greinacher’s doubler rectifier. In the circuit, C, 
equals 1 pF and is used to block DC current against flowing towards the source. The shunt 
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Figure 10 ‘Woman’ Harriet Casdin-Silver 1979. Multiplex 
hologram (white light transmission). Copyright © 1980 ATP. 
Reproduced with permission. 


writing, with spray cream, seemingly onto the 
holographic surface. Dieter Jung (Germany), used 
this technique to display a specially written 
poem which appeared to spiral around inside of the 
display. 

Harriet Casdin-Silver used the technique to pro- 
duce an unusual self-portrait. ‘Woman’, 1979 
(Figure 10), is a multiplex hologram of the artist’s 
head. Black and white film images were recorded of 
Casdin-Silver’s head, through 360 degrees, and then 
each frame of film was converted into a thin white 
light transmission hologram. The artist chose not to 
display the resulting image in a normal cylindrical 
display, but to ‘flatten’ it out so that the front, sides, 
and back of her head could be seen, distorted, in a 
single head-on view. 

As video and digital imaging processes have 
developed over the years they too have been 
combined with this pseudo holographic technique, 
opening up a wide avenue of possibilities. Video 
footage, computer generated modeling, or any 
process which can produce sequential 2-D images, 
can now be converted into an animated 3-D 
hologram. As digital video cameras and computer 
3-D modeling software drop in price, and increase in 
sophistication, a whole new area of display has 
become available to the digital and video artist. 


Multi Media 


As in other areas of the visual arts, more than 
one medium or process are often combined. Doris 
Vila (USA) has produced complex environments 
combining large-scale holographic images which, 
rather than being illuminated with a single source 
of light, are reconstructed with multiple spotlights or 
via video projectors. The lighting is activated by 
sensors in the exhibition space, which are computer 
controlled and made to trigger certain sequences 
dependent on the input they receive from the move- 
ment of visitors. 





Figure 11 ‘Neuro Hologram’, |kuo Nakamura, 1993. White light 
transmission hologram with multiple, computer controlled, lighting. 
Copyright © 1993 Ikuo Nakamura. Reproduced with permission. 


Traditional illumination of a hologram involves a 
single point source of light shining onto, or through, 
the holographic plate. This will reconstruct a single 
image. If multiple lights are shone onto the hologram, 
multiple reconstructions of the single image will 
result. By using many independently controlled lights 
on one hologram, Vila has been able to create 
animation and kinetic effects as the resulting multiple 
images overlap. Using light from a video projector 
also allows the artist to combine a reconstructed 
holographic image with two-dimensional animated 
footage from the video projector. 

Other artists to combine holograms with struc- 
tures, interactive lighting and environments, sound, 
and installational displays include: Georges Dyens 
(Canada), Marie-Christiane Mathieu (Canada), 
Matthew Schreiber (USA), Philippe Boissonnet 
(Canada) Ana MacArthur (USA) and Shunsuke 
Mitamura (Japan). 

Ikuo Nakamura (Japan/USA) has used multiple 
lighting of a single computer generated hologram to 
produce animated effects controlled by the viewer. 
In his ‘Neuro Hologram’ 1993 (Figure 11), brain 
waves from the viewer, wearing a special set of 
sensors on their head, are measured and converted 
into control signals for a number of lights behind 
the hologram. By relaxing, or becoming agitated, 
the viewer can change their brain waves and 
actively control the appearance of the hologram, 
causing multiple views of the holographic image to 
fade in and out, giving an impression of abstract 
animation. 


Architectural Scale 


One of the great limitations of holography has been 
the size of the holographic plates on which the light 
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sensitive emulsion is coated. These tend to be in the 
region of 20 X 23 cm, 30 X 40cm, or meter-square 
formats. Generally, the larger the finished hologram, 
the larger the laboratory needed to produce it. 
This impacts a great deal on artists who do not 
have the facilities, or finances, to produce ‘large’ 
holograms. A solution has been to combine smaller 
holographic plates together, as a mosaic, to give the 
size and scale needed. In recent years, several artists 
have completed public commissions for large-scale 
interior and exterior holographic installations. 

Setsuko Ishii, (Japan) has produced several instal- 
lations in public spaces where individual holographic 
plates are mounted together to form a larger 
composite structure. Many of these pieces use 
holograms recorded on dichromate gelatin plates 
which produce an exceptionally bright image, ideal 
for public spaces, where visibility, from multiple 
angles, is important. 

Michael Bleyenberg (Germany) produced an entire 
exterior holographic wall (13 x5 meters) during 
2002 (Figure 12), for the extension of a research 
building in Bonn. The installed graphic wall, ‘EyeFire’ 
(AugenFeuer), is made up of 26 smaller panels, each 
constructed from tiny holographic ‘pixels’ (holo- 
graphic optical elements, HOE) to give an intense 
color effect. Working in collaboration with the 
Institute for Light and Building Technology, Cologne, 
Bleyenberg was able to design his graphic panels 
on a computer screen and have this information 
translated into the thousands of tiny holographic 





Figure 12 ‘EyeFire/AugenFeuer’, Michael Bleyenberg 2000. 
White light transmission holograms mounted onto building 
exterior. Copyright © 2000 M. Bleyenberg. Reproduced with 
permission. 


pixels which, when seen together, make up the 
complex and high intensity colour design. 

Dieter Jung (Germany) has produced commis- 
sioned art works for large interior architectural 
spaces. In ‘Perpetuum Mobile’ 2001, located at the 
European Patent Office, The Hague, holograms are 
placed on the floor, which can be walked over, and an 
extensive holographic mobile structure hangs over- 
head. The light, and color, from the abstract 
holograms in the mobile sections, can be reflected in 
the abstract holographic floor and combine to 
produce an interior lightscape impossible to produce 
with more traditional media. 

Holograms can be mass produced using a mech- 
anical embossing process which transfers the optical 
contents of the original master hologram onto 
plastic sheeting for duplication in large runs. One 
novel use of this material has been the interior of the 
Canadian pavilion at Expo ‘92 (Figure 13). Melissa 
Crenshaw (Canada/USA) used huge quantities of 
embossed holographic material to cover the 
3000 square foot interior walls of the specially built 
pavilion. Lighting was installed to illuminate this 
optical diffracting wall and the entire structure was 
covered in glass, over which water flowed. The 
resulting interior appeared to be a wall of liquid 
light which changed color and hue depending on 
where it was viewed from. 

Sally Weber (USA) used holographic embossed 
material for several outdoor commissions. Structures 
were clad in embossed holographic sheets and made 
water resistant. Sunlight illuminated the installations 
to produce surfaces of constantly changing color. 
In direct (bright) sunlight, intense rainbow 
colors would be diffracted by the holographic 
surfaces. On an overcast day, pastel, more muted, 





Figure 13 Interior of the Canadian Pavilion Expo ‘92, Spain. 
Holographic wall water feature by Melissa Crenshaw. White light 
transmission (embossed) hologram foil mounted into pavilion 
walls. Copyright © 1992 M. Crenshaw. Reproduced with 
permission. 
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Figure 14 Signature of Source, Sally Weber 1997. Site specific 
window installation at the Karl Ernst Osthaus-Museum, Hagen, 
Germany. Copyright © 1997 Sally Weber. Reproduced with 
permission. 


colors would appear. Although she is often known 
for these large-scale outdoor embossed works, one 
of her permanent commissions is housed in the 
Karl Ernst Osthaus-Museum, Hagen, Germany, 
where specially made holographic diffraction gratings 
are incorporated into an existing building. ‘Signature 
of Source’ 1997, (Figure 14), is a permanent, site- 
specific installation producing a line of light which 
enters the museum space from the skylight it is built 
into. This abstract line of pure color becomes a 
sculptural element within the space of the museum 
and is generated by the action of light from outside 
the building being manipulated and ‘formed’ as it 
passes through the holographic window. 

One of the most celebrated and very early attempts 
to incorporate large-scale holograms into art works 





Figure 15 ‘There’s no Place Like Home’, Paula Dawson 1979— 
1980. Laser transmission hologram of an entire room. Copyright 
© 1980 Paula Dawson. Reproduced with permission. 


was the installation ‘There’s No Place Like Home’ by 
Paula Dawson (Australia) in 1979-1980 (Figure 15). 
A laser transmission hologram of an entire room was 
recorded. The room was specially constructed, life 
size, and recorded onto a single holographic plate. 
The resulting hologram was then built into the 
window of a small ‘house’ constructed in the gallery. 
Visitors were able to approach the house, look into 
the window and ‘see’ the interior with its furniture, 
fixtures, and fittings. They would then enter the house 
and walk past the space where the room appeared to 
exist. When viewed from this vantage point there was 
nothing there except an empty space. Artists have 
often questioned and researched the concepts of 
‘inside and outside’, voyeurism, reality, normality, 
and ‘existence’, but few have had the tenacity to 
produce an installation with such visual and concep- 
tual impact. 


Twenty-First Century Art 


Art holography has developed and matured over the 
past 50 years to become a viable and significant 
element in the contemporary visual arts. Critics are 
still asking ‘is it art?’ in the same way they used to 
worry about whether photography was art. While 
they consider this problem, practitioners in the 
medium are continuing to find ways to push past its 
technical and visual boundaries (Figure 16). They 
continue to collaborate with the scientific and 
research world and use holography as a medium to 
comment on life and society in the early twenty-first 
century. 


...I hope, that one day I will be able to give you, artists, 
something really powerful; panoramic holograms, 
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MANIFESTO 





A code, 
Spatial. 
Didactic. 
Photonic. 
Futuristic. 
.A discipline. 
JIlumination, 
A photograph. 
ScienceesArt. 
A precision tool. 
JNusion concrete. 
-Pure chiaroscuro. 
-An automatic Eden, 
An indivisible whole. 
.Painting¢3>Sculpture, 
3D on 2D intimating nD. 
-Material and immaterial. 
. Writing the whole picture. 
The presence of absence. 
.Making the invisible visible. 
An artificial 3D imaging system. 
-Re-evaluating our visual traditions. 
-Part of an innale human grammar. 
.A bridge into the future with a past. 
The smile without the Cheshire Cat. 
Neither geometric nor organic in form, 
-The reconstruction of light wave-fronts. 
Shattering the illusionist paradigm in art. 
-A perceptual screen from the ‘teal world’. 
A potential mass-communications medium. 
.A visible medium and a subvisible principle. 
-A model for the complexities of bra [unetion. 
Not art, but a condition in which art can happen. 
-Mirrored in the life process, our own physiology. 

_A mirror to our evolutionary progress trom objects to systems. 
-Realizing space time:time reversed‘back as front‘inside as out. 
.A model for non-frazmentary thinking. language and behaviour. 
A diminutive shadow-theatre in which metaphors are strongly it. 

-A possible visual model for quantum theory and relativity theory. 
“Lhe most complete form of reproductive imaging that exists to date. 
.A means of making statements about the world, or presenting pieces of it. 
The fulfillment ofa longstanding cultural vision of what imaging ought to be like. 
Joined with high technology to raise the ceiling on humanity, or record Doomsday. 
The automatic execution of the ultimate cubist notion of a simultaneous view at every given point. 
An expression for mystical aphorisms such as ‘the universe ina grain of sand’ and ‘we are all one’. 


HOLOGRAPHY AS ART 
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Figure 16 ‘Holography as Art’, Margaret Benyon 1980. Manifesto. Copyright © 1980 M. Benyon. Reproduced with permission. 


extending to infinity, in natural colors. Dennis Gabor, _ Interferometry. Introductory Article: Early Development 
Inventor of holography in a letter to artist Margaret of the He—Ne Laser (Title TBC). 
Benyon 28th February, 1973. 
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Introduction 


Holography is well-known to most of us: there can be 
few who are not familiar with the white-light display 
hologram seen in exhibitions and shops and on credit 
cards. The impact of holography, though, spreads far 
and wide into areas as diverse as vibration analysis, 
image processing, holographic-optical elements, and 
optical computers. One aspect often overlooked is its 
suitability for high-precision imaging and accurate 
dimensional measurement. It is the unique ability of 
holography to recreate, from a flat photographic film, 
a three-dimensional image that is optically indistin- 
guishable from the original which sets it apart from 
other imaging techniques. In particular, holography 
comes into its own when recording objects in a 
hazardous environment or where access is difficult, 
such as underwater or in nuclear fuel element 
inspection. 

We describe here the use of holography for 
imaging, identification, and measurement of aquatic 
organisms. A detailed knowledge of the distribution 
and dynamics of marine and freshwater organisms 
and particles, such as plankton, is crucial to our 
understanding of such systems and how they affect 
our environment. Traditional methods of gathering 
in situ data on aquatic particles, such as net-collection 
and electronic counting or photography, are not 


usually suited to observing precise spatial relation- 
ships and can destroy the more delicate organisms. 
The overriding benefit of holography is that it permits 
nonintrusive and nondestructive observation and 
analysis of organisms in their natural environment, 
while preserving their relative spatial distribution. 
Holography also offers a permanent archive. The use 
of a short-duration pulsed laser is essential, in order 
to reduce the effects of vibration or movement in any 
of the optical components or objects being recorded. 
Consequently, the object scene is effectively ‘frozen’ 
at the recording instant, thereby allowing fast moving 
particles to be imaged. Compared to a photograph, 
a hologram captures vastly more data. Sequential 
holograms can record changes within the volume 
over a defined period of time and the wide recording 
dynamic range afforded by a hologram allows 
images to be captured that would otherwise be 
lost in noise. 


Methodology of Holographic 
Recording and Replay 


Of the many possible recording methods of holo- 
graphy two in particular, ‘in-line’ and ‘off-axis’, find 
use for high-resolution in situ imaging underwater. 
The concepts and fundamental principles outlined 
here are generally applicable wherever high-precision 
measurement is needed from a hologram. 

In an in-line reference beam hologram (ILH), a 
single laser beam (Figure 1) is directed through the 
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Figure 1 Recording an in-line hologram. 


Laser light 









Beam 
splitter 


Reference 
beam path 


Small particles in water- 
filled observation tank 


Figure 2. Recording an off-axis hologram. 


sample volume towards the holographic plate and 
records the optical interference between light 
diffracted by the object and the undeviated portion 
of the illuminating beam. The subject volume is 
illuminated in transmission and the scene needs an 
overall transparency of about 80% so that speckle 
noise does not seriously degrade image quality. 
Particles down to around 5m dimension can 
be readily recorded and identified. The parti- 
cular benefits of ILH are its geometric simplicity, 
minimization of laser coherence and energy 
requirements, and high resolution over a large depth 
of field. 

For recording an off-axis reference beam hologram 
(OAH), a two beam geometry is utilized: one beam 
illuminates the scene and the other directly illuminates 
the holographic film at an oblique incidence angle 
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(Figure 2). Interference occurs between diffuse light 
reflected from the scene and the angularly separated 
reference beam. On replay, the real and virtual images 
are similarly angularly separated which makes their 
interrogation easier. OAH is primarily applied to 
opaque subjects of large volume. Although there is no 
real upper limit to the size of particles that can be 
recorded (this is determined by available energy and 
coherence of the laser) the practical lower limit to the 
resolution that can be achieved is around 50 to 
100 zm. The scene can be front, side or back 
illuminated (or all three combined) allowing high 
concentrations of large particles to be recorded, 
provided that they reflect sufficient light to the film, 
and allowing subject visibility to be optimized. 
OAH provides a more complete record than ILH, in 
the sense that it gives information on the surface 


HOLOGRAPHY, APPLICATIONS / High-Resolution Holographic Imaging and Subsea Holography 39 





structure of the object, while ILH records only a 
silhouette. 

Holograms are replayed or reconstructed in a 
variety of ways, depending on the recording para- 
meters and subsequent processing of the recording 
medium. In scientific and engineering applications the 
requirements of high resolution and image fidelity 
demand that they are replayed with a laser, and 
viewed with some auxiliary optical system and 
(usually) a video camera. Depending on the orien- 
tation of the hologram, either the virtual image, 
which is apparently located behind the hologram and 
seen through it, or the real image, which is formed in 
space in front of the hologram, will be visible. 

Considering first the off-axis hologram in the 
virtual image mode, the processed hologram is 
replaced in the position in which it was recorded 
and illuminated with an exact duplicate of the 
original reference wave, in terms of its wavelength, 
curvature, and beam angle. In this mode, which might 
be termed ‘normal’ viewing of an off-axis hologram, a 
virtual image (Figure 3) is observed as if viewing the 
scene through a window. Other than the colour, this 
image is almost optically indistinguishable from the 
original scene; it retains features such as parallax 
and three-dimensionality and does not suffer from 
perspective distortion or defocusing of the image. 

For data extraction and measurement from a 
hologram, creation of the virtual image is not the 
best method of observation. Here the projected real 
image (Figure 4) is most useful. If we illuminate an 
off-axis hologram from behind, with a wave which is 
the exact conjugate of the original (i.e., one which 
possesses the same wavelength as the original 
but with the opposite direction and curvature), 
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Figure 3 


Replay of an off-axis hologram in virtual image mode. 


we generate an image that appears to float in the 
real space in front of the observer. Often a collimated 
reference beam is used in recording, since reconstruc- 
tion is then a simple case of turning the hologram 
around. No lens is needed to form this image, and it is 
optically identical to the original wave that it is 
reversed left-to-right and back-to-front (pseudo- 
scopic). Planar sections of the real image can be 
optically interrogated by directly projecting onto a 
video camera (often with the lens removed) which can 
be moved throughout the 3D volume. It is this 
‘optical sectioning’ feature of a holographic recording 
that is so useful when nondestructive (noninvasive) 
evaluation must be made, at high resolution, of 
collections of objects which extend over a consider- 
able depth. 

A series of images taken from the real image of one 
hologram and captured on a video camera (Figure 5) 
illustrates how the viewing plane can be moved 
sequentially through the reconstruction to show 
firstly one marine organism and then another. The 
axial separation of the organisms is about 35 mm. 

To replay an in-line hologram, it is also placed ina 
conjugate of the recording beam (Figure 6). The 
replayed hologram simultaneously forms two images, 
one virtual, the other real, which are located on the 
optic axis on opposite sides of the holographic plate. 
These images are co-axial, and located (for the typical 
case of collimated recording and replay beams) at 
equal distances in front of and behind the hologram 
plane. Although a true 3D real image is produced it 
has almost no parallax, and cannot easily be seen by 
the unaided eye. This image has inverted depth 
perspective and is seen in darkfield against the 
out-of-focus virtual image. 
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Figure 4 Replay of an off-axis hologram in real image mode. 





(c) 


Figure 5 A series of images taken from a single hologram showing the concept of moving the viewing plane through the real image. 
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Figure 6 Replay of an in-line hologram. 


Holographic Image Quality 


In general, the usefulness of holography for accurate 
inspection and measurement is dependent on its 
ability to reproduce an image of the object which is 
low in optical aberrations and high in image resolving 
power. Regardless of whether or not the hologram is 
recorded underwater, high resolution, high contrast, 
and low noise are the dominant requirements, rather 
than image brightness. In practice, loss of resolution 
and image degradation can occur at any stage in the 
recording and replay of a hologram. All the primary 
monochromatic aberrations to be found in any 
optical system (spherical aberration, astigmatism, 
coma, distortion, and field curvature), may be present 
in the holographic image. The most significant factors 
affecting this are departure from conjugacy of the 
reconstruction beam; positional mismatch and mis- 
alignment between reference beam and film; degra- 
dation of the reconstruction beam due to poor optical 
quality of the film substrate or optical components; 
and, distortion of the fringe pattern recorded in the 
holographic film as a result of chemical processing. 
For precise and accurate reconstruction of the real 
image, the reconstruction reference beam should be 
the exact phase conjugate of that used in recording. 
Under these conditions, the lateral, longitudinal, and 
angular magnifications of the real image with all 
equal unity and aberrations will be reduced to a 
minimum. 

Diffraction-limited resolution of a holographically 
produced real image, in the absence of all aberrations, 
is usually defined from the ability to distinguish two 
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points in the image separated by a distance r. The 
resolution as defined in this way is dependent upon 
reconstruction wavelength, A,., the separation 
between hologram and reconstructed image, s, and 
the effective aperture, D, of the hologram: 


r= 1.22sA,/D [1] 


This relationship is well-known in imaging optics: it 
defines the ideal resolving power of a lens and is 
equally applicable to holography. In holography, 
though, the presence of speckle effects introduced by 
the coherence of the light and the finite aperture of the 
viewing system influence the resolving power. In 
practice, the minimum resolution is increased by a 
factor of two to three to take account of speckle. For 
off-axis holograms the choice of film size (effective 
aperture) has a considerable bearing on image 
resolution. Typically, for 100 mm diameter film the 
theoretical image resolution (neglecting speckle 
effects) is around 6 wm (150 lp/mm) with a 532 nm 
laser at a target distance of 1 m. For in-line holograms 
(with collimated illumination) the film size also defines 
the transverse dimensions of the volume recorded. 

Wavelength matching between recording and 
reconstruction beams require that, if possible, the 
same type of laser be used in both replay and 
recording. Of course, this is not possible in field 
situations when the use of a pulsed laser is essential to 
ensure that the fringe pattern is not blurred by any 
movement in the system. In such applications, 
laboratory replay of the hologram may require the 
use of a tuneable laser to match wavelengths 
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precisely, although in practice an argon laser provides 
a useful selection of wavelengths. A mismatch 
between record and replay wavelengths will lead 
to distortion in the image, because longitudinal 
and lateral magnifications will no longer have the 
same value. 

In contrast to off-axis holograms, the interference 
patterns on an in-line hologram are localized about 
the geometric shadow of the objects. The lack of a 
spatially separate reference beam leads to a require- 
ment that there bea large fraction (>80%) of the beam 
unobscured. This limits the size of particles that can be 
recorded and sets an upper limit on the recordable 
concentration of particles (around 40 particles cm ° 
for 20 wm diameter particles and a recorded depth of 
1m). There is also a need to balance the size of 
the particles with the object-to-hologram distance. 
The range of object size recordable on an in-line 
hologram has an upper limit set by the requirement 
to record in the far-field of the object, so that the 
conditions of Fraunhofer recording are satisfied: 


z>@inr [2] 


where z is the object-to-film distance and d is the 
maximum dimension of the object to be recorded. 
In-line holograms are relatively easy to replay as the 
only requirement is to place the hologram normal to 
the replay beam. Following this criterion, the upper 
limit for good size measurement is about 2 to 3 mm 
particle size over a recording distance of a meter. 
Unlike off-axis holograms which are extremely 
sensitive to misalignment, the in-line geometry mini- 
mizes the effects of film rotation about its axes. A 
collimated recording beam is by far the easiest to 
duplicate upon replay. Small deviations from collima- 
tion can significantly affect conjugacy and hence 
resolution, introducing aberrations (mainly spherical) 
and a depth-dependent magnification (e.g., a cuboid 
replays as a trapezoidal prism). 

In general, the interference field is captured on 
photographic emulsions; these may be laid on acetate 
or polyester film bases or on glass plates. If film is 
used, it is essential that it be held as flat as possible 
between thin flat glass plates or under vacuum, and 
should not be stretched or put under any strain during 
exposure. An in-line hologram does not require an 
extremely high-resolution recording medium. The 
fringe spacing is not as fine as the typical carrier fringe 
frequency used in off-axis holograms, and holograms 
can be made on conventional slow photographic 
emulsions. In practice, however, ultra-fine grained 
holographic film is almost always used since the 
intensity of the forward scattered light (a function of 
grain size) is then reduced: this is important in 


increasing the signal-to-noise ratio, as the replayed 
image is viewed against a background of the 
attenuated replay beam. Since the proportion of the 
illuminating beam that goes into the images is very 
low, this lack of angular separation requires that the 
average optical density of the hologram is high. 
The high optical density attenuates the undiffracted 
light, thus the image appears bright against a dark 
background, resulting in contrast reversal. 

The exposed film is chemically processed to render 
the interference field permanent. This process is a 
crucial step in the holographic procedure, and 
especially critical for good off-axis holograms. Some 
of the factors, which have to be considered, include 
image brightness, image resolution, reconstruction 
wavelength, emulsion shrinkage, humidity, and noise 
level. It has been well established that for bright 
off-axis holograms on silver halide film, bleaching of 
the emulsion with its consequent conversion into a 
phase hologram is essential to maximize diffraction 
efficiency. Some forms of bleaching produce a 
nonuniform shrinkage of the emulsion which will 
give rise to astigmatism in the reconstructed image. 
Bleaching significantly increases the background 
noise levels of the hologram and introduces a high 
degree of variability into the result. In practice, the 
best repeatability will be obtained with amplitude 
processing if the low brightness can be tolerated. 


Underwater Holography 


When holography is extended to the inspection of 
underwater scenes, the hologram is recorded in water 
but the image is replayed, in the laboratory, in air. 
Because of the refractive index difference between 
recording and replay spaces, optical aberrations will 
be introduced into the reconstructed image, and will 
seriously impair the potential for precision measure- 
ment, unless some method of aberration reduction is 
incorporated. In ILH, only spherical aberration is 
significant since both reference and object beam 
angles are normal to the recording plane. However, 
in OAH the dominant aberrations are astigmatism 
and coma, which increase with the field angle of the 
subject in the reconstructed image. These limit 
resolution and introduce uncertainty in co-ordinate 
location, since the focal ‘point’ is now distributed 
over a finite region of image space. A key point here is 
an appreciation that the additional aberrations 
introduced are entirely due to the refractive index 
mismatch between object and image spaces and are 
unconnected with the holographic process itself: 
they are in essence the same distortions seen when 
looking into a fish-tank. Furthermore, the water 
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capacitance, Cgw equals 3300 pF and is used to set the input bandwidth. The grounding 
inductance, Lg equals 56nH (optimal) and is used to improve the RF-to-DC conversion 
efficiency by cancelling the Schottky diodes (Dp and Dp) capacitive influence; thereby 
minimizing the harmonic levels (harmonic suppression). We used HSMS2850 diodes in 
these circuits for their better performance at this level of incident power. 





Fig. 13. Medium power DTV rectenna circuit. HSMS 2850 or 2820 from Hewlett-Packard 
offered the best performance. 


The RF-to-DC conversion efficiency for this circuit is shown in Fig. 14 where at input power 
equal to -5dBm, we achieve at least 50% conversion efficiency by measurement, equivalent 
to 1.2 V DC rectified at 8.2kQ optimal load. If we change the load to 47kQ, over 2 V DC is 
rectified. This rectenna circuit is ideal for powering small sensors that run on 1.5 V or 2.2 V 
and draw around 6yA nominal current. If we need to power sensors demanding more 
power, say at least 2.2 V and 0.3mA to 1.47mA current consumption, we have to accumulate 
the power in a capacitor over time. 
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Fig. 14. Medium power DTV band rectenna efficiency. 


1.4.3 DTV energy harvesting scenario and application demo 


Using the medium power DTV band rectenna, connected to a gold capacitor as an 
accumulator, energy harvesting was initiated as shown in Fig. 15. Details about the gold 
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itself may be expected to influence the quality of 
the images produced. An increase in the overall 
turbidity of the water will adversely affect both in-line 
and off-axis techniques and would be expected to 
create a background noise that will reduce image 
fidelity. 

Techniques, such as immersing the holographic 
plate in water during recording or direct replay back 
into water, have been used to minimize underwater 
aberrations, but such methods are generally imprac- 
tical in the field. One practical solution, unique to 
holography, compensates the change of effective 
wavelength of light as it passes through water, by 
allowing a deliberate mismatch of recording and 
replay reference beams to balance the refractive 
index mismatch. 

For holograms recorded and replayed in air, a usual 
prerequisite is that the reconstruction wavelength 
should remain unchanged from that used in record- 
ing. By noting the dependence of wavelength on the 
refractive index, we can apply the more general 
condition that it is the ratio A/n that must remain 
constant. This relationship suggests that a hologram, 
immersed in water, and recorded at a wavelength A, 
will produce an aberration-free image in air when 
replayed at a reconstruction wavelength, A,, which is 
itself equivalent to the wavelength of light when 
passing through water, A,,, i.e.: 


Ae = Ay = AgNg!lNw [3] 


where nv, and n,, are the respective refractive indices 
of air and water. Thus, in principle, the aberrations 
may be completely eliminated by the introduction of 
an appropriate wavelength change between recording 
and replay. If a green (532 nm) laser is used in 
recording, the ideal replay wavelength is about 
400 nm (i.e., 532 nm/1.33). However, no convenient 
laser lines exist at exactly this wavelength. Further- 
more, complete correction assumes that the entire 
recording system be located in water. Since this is 
both impractical and undesirable, holograms are 
usually recorded with the holographic film in air 
behind a planar glass window. The additional glass 
and air paths affect the compensation of aberrations. 
However, third-order aberration theory shows that 
if the window-to-air path length ratio is appropria- 
tely chosen for a specific replay wavelength, then 
aberration balancing occurs and residual aberrations 
are reduced to a minimum over a wide range of 
field angles and object locations. For an air gap of 
120 mm and a BK7 window of 30 mm thickness, a 
blue replay wavelength of 442 nm (HeCd laser) 
achieves a good performance over a full field angle 
of about 40°. 


In most underwater applications the objects 
(or the camera) are in motion during the exposure. 
The effect of this motion is to blur out the finer 
fringes, and thus reduce resolution and contrast. 
In-plane motion is the most severe, and adopting 
the experimentally verified criterion that the maxi- 
mum allowable motion is less than one-tenth of the 
minimum required fringe spacing of the smallest 
object, then for in-line holograms the maximum 
object motion must be less than one-tenth of 
the object’s dimension. For particles of 10 pm 
dimension, and a typical Q-switched YAG laser 
pulse duration of 20 ns, a high transverse velocity of 
up to 50ms | can be tolerated. Off-axis holograms 
are more demanding in their requirements and the 
maximum allowed velocity is reduced to about 
3ms_‘. This is, however, more than adequate for 
most field applications of the technique. 


Underwater Holographic Cameras 


The first-known use of holography for recording 
living marine plankton was by Knox in 1966, who 
recorded in-line holograms (ILH), using a short 
coherence length ruby laser, of a variety of living 
marine plankton species in a tank. However, to avoid 
problems with refractive index and wavelength 
changes, the holographic plate was immersed directly 
in water, which is completely impractical for field use. 
It was not until the late 1970s that quantitative data 
from replayed holograms of marine particles 
recorded in situ were obtained by Carder and his 
team. Small volumes (10 or 20 cm?) were recorded 
using ILH and a low-power HeNe laser, which 
limited the technique to slowly moving objects. 
Later, Heflinger used the off-axis geometry with 
both pulsed argon-ion (514 nm) and pulsed xenon 
(535 nm) lasers to record plankton on 35 mm film. 
In order to compensate for the aberrations 
introduced by replaying the real image in air, the 
real image was projected back into the water tank 
using a conjugate beam from a continuous-wave 
argon laser. The sides of their tank were flexible so 
that the real image could be placed close to the exit 
window and viewed via an external microscope. 
Knox later developed a ship-borne in-line holo- 
graphic camera which was deployed from the RV 
Ellen B Scripps. A pulsed xenon laser was used to 
record water volumes of up to 10° cm® to a water 
depth of 100 m. 

It was not until the late 1990s that significant use of 
underwater holography for plankton recording came 
to the fore again. Joseph Katz at Johns Hopkins 
University, Baltimore, USA developed a camera based 
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around a ruby laser to record in-line holograms on 
rolls of film, in a 63 mm diameter sample volume that 
can be varied from 100 to 680 mm in length. The 
camera housing utilizes a two-tube design with one 
tube holding the laser and another containing film 
holder and power units. The recording volume is 
situated 890 mm above the camera to minimize 
disturbance to flow. The camera is designed as a 
‘Lagrangian drifter’ to move with the water current 
and was successfully deployed in Chesapeake Bay, 
Baltimore, and Solomon’s Island, Maryland. Holo- 
grams were recorded of various species of phyto- 
plankton and zooplankton and represented a 
significant advance in the deployment of sub-sea 
holography. 

From the early 1980s, a team led by Aberdeen 
University, Scotland, investigated the use of under- 
water holography for offshore applications. Primary 
interest was in inspection of subsea pipelines for 
corrosion and damage, and much of the work 
concentrated on an analysis of the optical aberrations 
introduced by recording in water and replaying in air 
and methods of compensating for such aberrations. 
However, this work was later adapted for holography 
of plankton and led to the consequent development of 
the HoloMar system. The HoloMar camera was the 
first to incorporate simultaneous ILH and OAH 
recording. 

More recent developments have utilized digital or 
electronic recording of holograms in the in-line mode, 
and it is to be expected that much more use will be 
made of ‘e-holography’ in the future. 

For field applications of holography, it is essential to 
record the holograms using a pulsed laser in order to 


create stable interference fringes. For subsea purposes, 
a laser with a wavelength in the blue-green region of 
the spectrum will match the oft-quoted peak trans- 
mission window of seawater. In practice, a frequency- 
doubled Nd-YAG laser with a wavelength of 532 nmis 
a good choice, although ruby lasers operating at 
694 nm are also acceptable if transmission distance is 
not an issue. Usually OAH requires more energy and 
places stricter constraints on coherence properties 
than ILH. Beam quality is governed by quality of the 
optical components in the beam path and also by the 
output beam of the laser itself. Because off-axis 
holography uses diffuse front/side illumination, 
energies of up to several hundred millijoules are 
often required for large (up to a meter in diameter) 
poorly reflective objects, and coherence lengths of 
greater than a meter are needed to record large scene 
depths. To obtain a long coherence length, and thus 
enable large-volume objects to be recorded, it is 
necessary that the laser operate in a single longitudinal 
cavity mode so that the bandwidth of the laser line is 
kept small. To enable smooth even illumination of 
both subject and holographic emulsion, good spatial 
beam quality is needed. This usually dictates laser 
output beams with either a Gaussian (TEMogo9) mode 
profile or a flat profile, and spatial filtering during 
beam expansion. Compared to off-axis holography, 
the demands placed upon lasers for ILH are minimal. 
The only essential requirement is for a good 
spatial mode structure. Energy requirements are 
moderate: as little as 10 mJ is enough since little 
light is lost during the passage of the beam 
through the recording volume. The laser coherence 
length can be quite short, and only depends on the 
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Figure 7 The HoloMar camera configuration showing the separate in-line and off-axis beam paths. 
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effective hologram area, thus lasers operating on 
more than one longitudinal mode are usually 
quite suitable. 


The HoloMar System 


The HoloMar system (shown diagrammatically in 
Figure 7) was developed to record simultaneous in- 
line and off-axis holograms of partially overlapping, 
but orthogonal, views of the water column. 
Although the recording views are orthogonal to 
each other, the arrangement provides an element of 
cross-correlation between holograms. It is designed 
around a Q-switched, frequency-doubled Nd-YAG 
laser with an output energy of 700 mJ in a single 
pulse of less than 10 ns duration and a coherence 
length in excess of 2 m. The laser output is split into 
two beams: one of 100 mJ and the other of 600 mJ 
energy. The 100 mJ beam is further split into two 
equal energy beams and expanded and collimated to 
a diameter of about 90mm. One path forms the 
illuminating beam for the in-line mode and the other 
path forms the reference beam for the off-axis mode. 
The in-line path records a water column of 470 mm 
by 90 mm diameter (9,000 cm?) at 400 mm from the 
front face of the housing, whereas the off-axis 
hologram records almost the entire volume 
(50,000 cm?) delineated by the front window to the 
end of the arms that house the in-line system (see 
Figure 7). Three ‘lightrods’, encompassing hollow 
perspex tubes with 10 glass beam-splitter plates 
distributed equally along the length, positioned at 
45° to the main axis, provide roughly even side 
illumination to the off-axis volume. The front face of 
the camera is shown in Figure 8; the lightrods are 
positioned on either side of the recording volume 
(two on one side, one on the other). The exit window 
for the in-line beam path and the off-axis window 
can also be seen. 
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Two motor-driven plate holders and transport 
mechanisms hold up to 20 plates for in-line and 24 
for off-axis holograms. One pair of plates can be 
exposed every 10 seconds, or they can be exposed 
separately. The camera is remotely operated from the 
surface via a control console (PC). A network of 
micro-controllers serves as the backbone of the 
in-camera control system and communication 
between topside and camera modules is implemented 
using a Controller Area Network (CAN) bus via an 
umbilical cable. The entire camera is enclosed in a 
water-tight stainless steel housing of 1,000 mm 
diameter by 2,200 mm length. The prototype system 
is capable of either ship deployment or attachment to a 
fixed buoy and allows recording down to a water 
depth of 100 m. 

The HoloMar camera is shown, in Figure 9, being 
lowered into Loch Etive, a sea loch on the west coast 
of Scotland, on its maiden dive. Figures 10 and 11 
show holographic images of plankton recorded on 
this cruise. The first shows a view from a virtual 





Figure 9 The HoloMar camera being lowered into Loch Etive, 
Scotland. 





Figure 8 Front-end of the HoloMar camera showing the 
‘lightrods’ and in-line and off-axis windows. 


Figure 10 A photograph taken from a virtual image replay of an 
off-axis hologram recorded in Loch Etive. 


46 HOLOGRAPHY, APPLICATIONS / High-Resolution Holographic Imaging and Subsea Holography 








Figure 11 Images of calanoid copepods from (a) an in-line 
hologram recorded at 70m depth and (b) an off-axis hologram 
recorded at 60 m depth, the millimeter scale is added at the replay 
stage. Each organism is approximately 4 mm long. 


replay of an off-axis hologram at a wavelength of 
514 nm: this is what a viewer would see when looking 
from the inside of the holocamera into the laser- 
illuminated water. Each bright dot signifies an object 
of interest; two fiducial wires can also be seen fixed 
diagonally across the arms at the end of the camera, 
some 300 mm from the off-axis window. In the lower 
left of the image a long ‘string-like’ object about 
40mm long is probably ‘floc’, the dead organic 
matter that forms the food-stuff of many 
zooplankton. Objects like this would be destroyed 
in net-collection. Figure 11 shows images taken from 
the real image projection of in-line and off-axis 
holograms. The holograms are replayed using a 


collimated beam at wavelengths of 514, 488, 457, 
or 442nm, depending on location in the image 
volume. Some of the contrasting features between 
in-line and off-axis holograms are apparent: the in- 
line image shows clearly the outline of the organism 
with detail resolvable down to about 10 ym, whereas 
the off-axis hologram, although not achieving 
this resolution, reveals the body structure of the 
organism. 


List of Units and Nomenclature 


d dimension of object to be recorded 

D effective aperture of hologram 

n refractive index 

Na refractive index of air 

Nyy refractive index of water 

r minimum resolvable separation between two 
points on the hologram 

s distance between hologram and image 
location 

z distance between hologram and object 
location 

A wavelength 

Aa in-air wavelength of recording beam 

Ae reconstruction wavelength 

Aw effective wavelength of recording beam 
in water 

See also 


Holography, Applications: Holographic Recording 
Materials and Their Processing. Holography, 
Techniques: Computer-Generated Holograms. Phase 
Control: Phase Conjugation and Image Correction. 
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Introduction 


The first off-axis transmission holograms in the 
USA were recorded on Kodak 649F spectroscopic 
silver halide material (now discontinued). For the 
first reflection holograms, which were recorded in 
Russia, a very fine-grain emulsion (Lippmann 
emulsion) had to be prepared to resolve the fine 
interference pattern associated with such holograms. 
Since then various types of recording materials 
for holography have been developed and manufac- 
tured, including improved silver halide emulsions. 

The following provides a brief description of the 
holographic recording process. For recording holo- 
grams and holographic optical elements (HOEs), 
dichromated gelatin, photopolymer materials, and 
photoresist materials are employed, in addition to 
silver halide materials. Existing holographic record- 
ing materials are described, as well as suitable 
processing methods to obtain high-quality holograms 
and HOEs. 


Holographic Recording Materials 


To produce a hologram, a micropattern, caused by 
interference between the object beam and the 
reference beam, is recorded in a light-sensitive high- 
resolution material. The quality of a holographic 
image depends on a number of factors, such as: the 
geometry and stability of the recording setup; the 
coherence of the laser light; the reference and object 
beam ratio; the type of hologram produced; the size 


of the object and its distance from the recording 
material; the recording material and the emulsion 
substrate used; the processing technique applied as 
well as the reconstruction conditions. The material 
must comply with certain requirements to be suitable 
for this purpose. The most important of these 
concerns the resolving power of the material. The 
recording material must be able to resolve the highest 
spatial frequencies of the interference pattern created 
by the maximal angle 6 between the reference and 
the object beams in the recording setup (Figure 1). 

If A is the wavelength of the laser light used for the 
recording of a hologram and 7 the refractive index of 
the emulsion, then the closest separation d. between 
the fringes in the interference pattern created by the 
angle 6 between the reference and the object beams 
in the recording setup is 


A 


1S, sin( 6/2) (1 






Object beam 
(wavelength A} 


Reference beam 
(wavelength A} 






Refractive index n Emulsion 


TOTTI INELI I 


Figure 1 





Demand on resolution for recording a hologram. 
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For high-quality holograms the resolution limit of the 
material must be higher than the minimum value 
obtained according to the above formula. For 
a reflection hologram recorded in blue light 
(A =400nm) with an angle of 180° between the 
beams, a minimum resolving power of 7600 lines 
(mm) ' is required. 

In holography, the resolution of the holographic 
image and the resolving power of the recording 
material are not directly related to the way in which 
they are in photography. 

Equation [1] gives the minimum resolving power 
needed to record a hologram. The resolution of the 
image depends on the area (diameter D) of the re- 
cording material, the recording laser wavelength (A), 
and the distance (L) between the recording material 
and the object (Figure 2). 

Theoretically, the resolution of the holographic 
image is the diffraction-limited resolution that can be 
obtained when the information is collected over an 
aperture equal to the size of the recording holo- 
graphic plate. In principle, the larger the holographic 
plate the better the resolution will be. To obtain high 
image resolution, it is important that the recorded 
interference fringes will not change or be distorted 
during processing. To prevent that from happening, a 
stable support for the emulsion (like a glass plate) is 
needed and the processing method applied must not 
affect the recorded fringe pattern in the emulsion. 
In coherent imaging systems laser speckles are present 
which may also have an effect upon image resolution. 

There are two main types of holograms: amplitude 
and phase holograms. In a pure amplitude hologram 
only the absorption varies with the exposure (after 
processing), whereas in a pure phase hologram, either 
the refractive index or the emulsion thickness varies 
with the exposure. If the hologram is thin, d ~ 0, 


Illuminating 
laser light 
(wavelength A) 


Diameter 
D 


Distance £ 





Holographic 
recording 
material 


Figure 2 Resolution of a holographic image depends on the 
area (diameter D) of the recording material, the recording laser 
wavelength A, and the distance L between the recording material 
and the object. 


phase variations are then caused by surface relief 
variations only. If the hologram is thick and has a 
negligible surface relief (Ad = 0), phase variations 
are caused by index variations only. In many cases, 
the phase modulation in a hologram is a combination 
of the two different extreme types (a complex 
hologram). 

For amplitude holograms, amplitude transmission 
T, against exposure or log exposure is used (Figure 3). 
For a phase hologram, the corresponding curve is the 
phase shift against the log exposure relation 
(Figure 4). 

One of the most important hologram character- 
istics is its diffraction efficiency 7. It is defined as 
the diffracted intensity E; of the wanted diffraction 
order of the hologram in relation to the incident 


Amplitude 
transmission 


Ts 
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Linear region 





Og 
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Figure 3 Amplitude transmission 7, versus the logarithm of 
exposure H used for the characterization of amplitude trans- 
mission holograms. 
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Figure 4 Phase shift Ad versus the logarithm of exposure H 
used for the characterization of phase transmission holograms. 
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intensity of the reconstruction beam E,: 7 = E;/E,. 
In the definition of 7, the incidental light losses caused 
by surface reflection and base absorption should be 
subtracted, but are often ignored. Other important 
hologram characteristics are the signal-to-noise ratio 
(SNR) and the dynamic range of the recording 
material. 

The resolution capability of an image reproduction 
process is normally described by the Modulation 
Transfer Function (MTF). Briefly, a test pattern con- 
taining a sinusoidal variation in illuminance combined 
with a continuous variation in spatial frequency along 
one direction is recorded. The modulation M of the 
pattern in the test target is 


M = (Hmax — Hyn)(Amax + Hun)! [2] 


where H is the exposure incident on the photo- 
graphic material. When this pattern is recorded in 
the material, light scattering will take place in the 
emulsion, which will reduce the original contrast of 
the pattern. Therefore, the modulation of the pattern 
will be decreased, in particular at high spatial 
frequencies. The effective exposure modulation M!’ 
will then be 


M’ = (H'max — H’yn)(H'maxt Hum) [3] 


where H’ is exposure in the emulsion. 

The original modulation M is constant and accu- 
rately known; it is also independent of the spatial 
frequency. After the tested emulsion has been 
processed, the corresponding ‘exposed’ modulation 
is obtained from the density variations. The ratio 
between modulation M’ in the emulsion and modu- 
lation M of the incident exposure is called the 
modulation transfer factor, also called response 


R=M(M)'! [4] 


If the response is plotted as the function of spatial 
frequency, this curve will then be the modulation 
transfer function of the material. The MTF for both a 
holographic emulsion and a conventional photo- 
graphic emulsion are illustrated in Figure 5. 

There are many ways of categorizing holograms but 
here we are mainly interested in definitions related to 
the recording material and its processing. One of the 
valid criteria is the thickness of the recording layer 
(as compared to the interference fringe spacing within 
the layer), i.e., the layer coated on the material 
substrate. Holograms can thus be classified into 
‘thin’ or ‘thick’ (sometimes also called ‘plane’ or 
‘volume’ holograms, respectively). To distinguish 
between the two types, the O-parameter is normally 
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Holographic material 
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photographic 
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Figure 5 Graphical representation of the modulation transfer 
function (MTF) curves for both a conventional emulsion and a 
holographic emulsion are shown. 


used; it is defined in the following way: 
Q = 2add(nA*)! [5] 


where A is the wavelength of the illuminating light, 
d is the thickness of the layer, 7 is the refractive 
index of the emulsion, and A the spacing between 
the recorded fringes. A hologram is considered thick 
if O2=10, and thin if O <1. Holograms with 
Q-values between 1 and 10 can be treated as either 
thin or thick. 


Recording Materials 


The most common holographic materials used 
for recording holograms are the following: silver 
halide emulsions; dichromated gelatin emulsions; 
photopolymer materials; photoresist materials; 
thermoplastic materials; bacteriorhodopsin; and 
photorefractive crystals. 

The following materials can also be considered for 
holographic recordings, but not many practical 
applications have been reported so far: chalcogenide 
glasses; ferroelectric-photoconductors; liquid crystals; 
magneto-optic films; metal and organic dye ablative 
films; photochromic and photodichroic materials; 
photothermorefractive glass; and transparent electro- 
photographic films. 


Sensitivity of Photographic and 
Holographic Materials 


The time of exposure for a given material will 
depend on the sensitivity of the material used, as 


50 HOLOGRAPHY, APPLICATIONS / Holographic Recording Materials and Their Processing 





well as on the intensity of the interference pattern. 
Some holographic materials must be processed after 
exposure in a specific way to obtain a hologram. The 
recorded intensity variations are converted during 
this processing step to local variations in optical 
density or refractive index and/or thickness of the 
recording layer. 

Exposure H is defined as the incident intensity E 
times the time ¢ of exposure of the recording material. 
If the intensity is constant during the whole exposure 
time, which is usually the case, then 


H=Et [6] 


Holographic materials are usually characterized 
using radiometric units. The radiometric equivalent 
of illuminance is irradiance. The unit of irradiance 
is W(m)* and the exposure will then be expressed 
in J(m) 7. The sensitivity of a holographic emulsion 
is most often expressed in pJ(cm) 7 or mJ(cm) 7. 
Knowing the sensitivity of the material used and 
having measured the irradiance at the position of 
the holographic plate, the exposure time can be 
calculated using the above formula, i.e., 


Exposure time = sensitivity/irradiance 


Holographic materials are sensitized in such a way 
that they are optimized for laser wavelengths 
commonly used in holography. 


Silver Halide Materials 


A silver halide recording photographic material is 
based on one type, or a combination of silver halide 
crystals embedded in a gelatin layer. The emulsion is 
coated on a flexible or stable substrate material. 
Silver-halide grain sizes vary from about 10 nano- 
meters for the ultra-fine-grain holographic emulsions 
to a few micrometers for highly sensitive photo- 
graphic emulsions (Table 1). 

Silver salts are only sensitive to UV light, violet, and 
deep blue light. Therefore special sensitizers (dyes) 


Table 1 Silver halide emulsion grain sizes 


Type of emulsion Average grain 





diameter [nm] 
Ultra-fine-grain holographic emulsion 10-30 
Fine-grain holographic emulsion 30-50 
Fast holographic emulsion 50-100 
Chlorobromide paper emulsion 200 
Lithographic emulsion 200-350 
Fine-grained photographic emulsion 350-700 
Fast photographic emulsion 1000-2000 
Fast medical X-ray emulsion 2500 


must be added to the emulsion to make it sensitive 
to other parts of the spectrum. Orthochromatic 
emulsions are sensitive to green light. If the material 
has been sensitized to both green and red light, it is 
said to be panchromatic. 

In the following, silver halide materials manufac- 
tured by photographic and holographic companies 
are described. The main difference between the new 
materials and the previous emulsions from Agfa, 
Ilford, etc., is that for the current silver halide 
emulsions, the grain sizes are smaller. The present 
holographic silver halide emulsion manufacturing 
process is more or less based on the Russian ultrafine- 
grain emulsion technology. 


Substrates for Holographic Emulsions 


The material on which the emulsion is coated 
has a strong bearing on the final quality of the 
hologram. The best choice is often a glass plate as it 
is mechanically stable and optically inactive. 
High resolution imaging, hologram interferometry, 
holographic optical elements (HOEs) and spatial 
filters are a few examples where a very stable emulsion 
support is important. Mass produced holograms are 
mainly recorded on film substrates. However, the 
use of film has many advantages as compared to 
that of glass (breakage, weight, cost, size, etc.). 
Film substrates are used exclusively in the production 
of large-format holograms. Film substrates are 
of mainly two types: a polyester (polyethylene 
terephthalate); or a cellulose ester, commonly triace- 
tate (cellulose triacetate) or acetate—butyrate. Polye- 
ster is mechanically more stable than triacetate film 
and it is also less sensitive to humidity. Because of the 
higher tensile strength, the polyester film can be made 
thinner than the triacetate film. On the other hand, 
polyester is birefringent, which can cause problems 
when recording holograms. In Table 2 most current 
commercial silver halide materials for holography 
are listed. 


Processing of Silver Halide Emulsions 


In silver halide emulsions a latent image is formed 
during exposure, which later is developed to a silver 
image. Processing (development, fixing, and bleach- 
ing) silver halide emulsions requires some expertise to 
obtain high-quality holograms. With the exception of 
DCG emulsions, other holographic materials are 
easier to process and more straightforward. Here it 
is not possible to describe all techniques employed 
and recipes used for silver halide processing. The 
reader is referred to the Further Reading section for 
more details. 
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Table 2 Commercial holographic recording materials 








Material Thickness Spectral sensitivity Sensitivity [uJ (cm) 7] at Resolv. power — Grain size 

[um] [nm] [lp (mm)y"] [nm] 
442 514 663 694 

SILVER HALIDE EMULSIONS: 

Slavich 

Red PFG-01 7 <700 = = 80 = > 3000 35-40 

Red PFG-03M 7 <700 - = 1500 — > 5000 10-20 

Green VRP-M 7 <550 - 80 - - > 3000 35-40 

Pan PFG-03C 9 400-700 1000 2000 1000 - > 5000 10-20 

Colourholographic 

Red BB-700 7 <700 7 = 50 150 >2500 50-60 

Red BB-640 7 <650 7 - 150 = > 4000 20-25 

Green BB-520 7 <540 150 150 - - > 4000 20-25 

Blue BB-450 7 <470 150 = = = > 4000 20-25 

Kodak 

Red 131PX 9 <650 2 - 0.5 - >1250 70 

Red 131CX 9 <650 2 - 0.5 - >1250 70 

Red 120PX 6 <750 60 = 40 40 >2500 58 

Red 120CX 6 <750 60 = 40 40 > 2500 50 

FilmoTec-ORWO 

Red HF65 10 <650 - - 1500 - 5000 30 

Green HF53 10 <550 7 700 = = 5000 30 

Ultimate 

Ultimate 15 7 <700 7 150 150 150 >85000 15 

Ultimate 08 7 <650 120 200 200 = >7000 

DICHROMATED GELATIN EMULSIONS 

Slavich 

Blue PFG-04 16 <515 1x 10° 2.5 x 10° = 10000 = 

FilmoTec-ORWO 

Blue GF 40 6/20 * * - - - - - 

* delivered: non-sensitized 

Holotec 

Custom orders only 

THERMOPLASTIC MATERIALS 

Tavex America 

Pan TCC-2 - <800 1 1 1 1 1500 = 

MD Diffusion 

Custom orders only 

PHOTORESIST MATERIALS 

Towne Technologies 

UV-Blue Shipley 1800 1.5-2.4 <450 15x10°  - - - 1000 - 

Hoya Corporation 

Custom orders only 

BACTERIORHODOPSIN MATERIALS 

MIB GmbH 

BR-WT _ B-type 30-100 <650 od 80 x 10° = 5000 = 

BR-D96N M-type 30-100 <650 30 x 10° - - - 5000 - 


The developing agent is the most important 
constituent in a holographic developer. In addition 
to the developing agent, a developer consists of the 
following components: a preservative (or antioxidant); 


a weak silver-solvent agent; an accelerator (or 
activator); a restrainer; and a solvent which is usually 
water. Employing a developer which contains a 
silver-solvent agent, solution-physical development 
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or semi-physical development can be performed. 
Such a developer is particularly suitable for process- 
ing the ultrafine-grain emulsions. 


Holographic Developers 


Silver halide materials for holography are all of the 
fine-grain type. Such materials require the appli- 
cation of special processing techniques to achieve 
the best possible results. For the processing of 
amplitude holograms a high-contrast developer is 
required, such as Kodak D-19. For holograms 
which are going to be bleached (phase holograms), 
developers based on ascorbic acid, hydroquinone, 
metol, pyrocatechol, or pyrogallol are frequently 
used. The following developers are recommended 
for the new silver halide materials: D-19; CW-C2; 
AAC; MAA-3; PAAP; and for pulsed laser record- 
ings, the SM-6 developer. Colloidal development, 
employing a highly diluted developer which 
contains silver solvents, is recommended for the 
ultrafine-grain emulsions. Colloidal silver grains 
formed in the emulsion during such development 
are very small which means that very little absorp- 
tion occurs. The method produces holograms with 
high diffraction efficiency combined with very low 
light scattering noise. The Russian GP-2 developer 
is recommended for colloidal development. Recipes 
for common holographic developers are found 
in Table 3. 


Bleach Baths 


Bleaching is used to convert a developed hologram 
(containing a silver image) into a phase hologram, to 
obtain a higher diffraction efficiency than is possible 
for amplitude holograms. During bleaching the silver 


Table 3 Developers for silver halide emulsions 


Constituents CWC2 GP-2 


image is converted into a water-soluble or an 
insoluble silver compound. Holographic bleaching 
techniques can be divided into three categories: 


1. Conventional or direct (rehalogenating) blea- 
ching; 

2. Fixation-free rehalogenating bleaching; 

3. Reversal (complementary) or solvent bleaching. 


In conventional bleaching, the developed silver 
image is, after fixing, converted into a transparent 
silver halide compound, i.e., after the unexposed 
silver halide crystals have been removed. This method 
is not recommended for ultrafine-grain emulsions. 
Instead the fixation-free rehalogenating bleaching is 
preferred. The hologram is bleached directly after 
development, without fixing, leaving the unexposed 
silver halide crystals in the emulsion. A rehalogenat- 
ing bleach bath consists of: an oxidizing agent; an 
alkali halide (often KBr); and a buffer. Among the 
rehalogenating bleaches, the following bleach baths 
work well: PBQ-bleach; Ferric EDTA; and the 
PBU-bleaches (PBU-amidol or the PBU-metol). 

In reversal bleaching, the developed silver image 
is not fixed. Instead it is converted into a soluble 
silver complex which is removed from the emulsion 
during bleaching, leaving only the original unex- 
posed silver halide grains in the emulsion. A 
reversal bleach bath consists of an oxidizing agent 
and a buffer. For ultrafine-grain silver halide 
emulsions, the reversal method is not recommended. 
The very small unexposed silver halide grains are 
also affected (partly dissolved) during reversal 
bleaching, resulting in low diffraction efficiency. 
For materials with larger grains, a more diluted 
version of the dichromate Kodak R-9 bleach can be 


MAA-3 PAAP AAC SM6 





Methylphenidone 
Catechol 
Ascorbic acid 5g 

Hydroquinone 5g 
Metol 

Phenidone 

Sodium sulfite 5g 
Sodium phosphate (diabasic) 

Urea 50g 
Potassium hydroxide 5g 
Sodium hydroxide 
Sodium carbonate 
Ammonium thiocyanate 12g 
Distilled water 11 11 


0.2g 


100g 


30g 


Dilution: no 


10g 16g 


2.5g 


55.6 g 60g 


11 11 1/ 11 


15 ml dev. + 400 ml water no no no no 
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capacitor, which include its charge function, backup time and leakage losses are presented 
in [8]. For the scenario shown in Fig. 15, the accumulated voltage by measurement i.e. 
capacitor charge function follows the path; 

V, 


acc 


= 0.53881n(t) + 1.4681 (6) 


where Vace is the accumulated voltage in volts and ft the time in hours. It takes 4.5 hours to 
accumulate 2.25 V, given a rectified charging voltage and current of 2.4 V and 51pA, 
respectively, supplied by the DTV band rectenna instantaneously. 


With this rectenna, it was possible to power up many different kinds of sensors. Sensors 
with ultra low power consumption were powered directly, without need to accumulate the 
power in a capacitor, as shown in Fig. 16. 





Fig. 15. DTV energy harvesting in a park at some line of sight from the base station. 





Fig. 16. Directly powering a thermometer mounted on a car park wall (right picture). The 
maximum instant voltage rectification on record equals 3.7 V (left picture). 


1.5 Rectifying circuit for cellular energy harvesting 


Unlike in the DTV energy harvesting circuit, for cellular energy harvesting, the antenna 
must be narrowband (50 MHz bandwidth is acceptable), and circularly polarized even 


www.intechopen.com 
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Table 4 Bleach baths for silver halide emulsions 


Ferric-EDTA 
(rehal.) 


PBQ 
(rehal.) 


Constituents 


PBU-(amidol/metol) 
(rehal.) 


PSSB 
(reversal) 


Chrome 
(reversal) 


Copper 
(rehal.) 





Amidol or metol* 

Cupric bromide 

Potassium persulfate 

Potassium dichromate 

p-Benzoquinone 29 

Ferric Ill sulfate 

Copper sulfate 

Disodium EDTA 

Boric acid 

Citric acid 

Potassium bromide 

Sodium hydrogen 
sulfate 

Sulfuric acid 


1.5g 


Distilled water 11 11 11 


“To be added after all other constituents have been dissolved. 


used. Recipes for common holographic bleach baths 
are found in Table 4. 


Commercial Silver Halide Emulsions 


In Table 2 most of the current silver halide 
holographic emulsions are listed. The main manu- 
facturer of holographic silver halide emulsions is the 
Micron branch of the SLAVICH Joint Stock Com- 
pany photographic company located outside Moscow 
(2 pl. Mendeleeva, 152140 Pereslavl-Zalessky, 
Russia, www.slavich.com). Both film (triacetate) 
and glass plates are manufactured. Many different 
sizes are produced, including 115 cm by 10m film 
rolls. Recommended holographic developers: 
CW-C2, SM-6. Many rehalogenating holographic 
bleach baths work well and, in particular, the 
PBU-type bleaches are recommended. 

Colourholographic Ltd is a new company based in 
England (Braxted Park, Great Braxted, Witham CM8 
3BX, England; www.colourholographic.com). The 
Colourholographic materials are based on the HRT 
emulsion, previously manufactured in Germany by 
Dr Birenheide. At the present time only glass 
plates are manufactured in England. Recommended 
processing solutions for the new HRT materials 
are a sodium-sulfite-free ascorbic acid—metol 
developer followed by a rehalogenating ferric EDTA 
or PBU bleaches. For reflection holograms, a pyr- 
ogallol developer and the ferric-EDTA bleach can 
be used. 

Eastman Kodak’s holographic materials are pro- 
duced in America (343 State Street, Rochester, 
New York 14650, USA; www.kodak.com/go/PCB 
products). These plates are usually made to order only. 


20g 
4g 


30g 
35g 


30g 


4ml 
11 1! 1/ 


Materials can be ordered with (marked -01) or 
without (marked -02) anti-halation layer. The 120 
emulsion can be used for recording holograms using a 
pulsed ruby laser. Kodak recommends the developer 
Kodak D-19 for the processing. 

FilmoTec is located in Germany (Chemie 
Park Bitterfeld-Wolfen, R6éntgenstrasse, D-06766 
Wolfen, Germany; www.filmotec.de). The company 
manufactures ORWO holographic emulsions which 
are coated only on triacetate film, 104 cm wide in 
10 and 30 m lengths. 

In France, M. Yves Gentet has started a small- 
scale emulsion manufacturing company: Atelier de 
Création d’Art en Holographie Yves Gentet (50, 
rue Dubourdieu, F-33800 Bordeaux, France; 
www.perso.wanadoo.fr/holographie) Monochro- 
matic and panchromatic ultrafine-grain emulsions 
are produced called ‘Ultimate’. Plates and film up to 
60cm by 80cm are produced. An ascorbic acid- 
metol developer is recommended followed by a Ferric 
EDTA bleach. In addition, the Russian GP-2 developer 
can be used. Also a special developer can be ordered 
from the company. 

Konica in Japan is manufacturing a green-sensitive 
emulsion for the use in the American holographic 
VOXEL 3D medical imaging system and, in addition, 
for the Japanese market only. 


Dichromated Gelatin Materials 


Dichromated gelatin (DCG) is an excellent recording 
material for volume phase holograms and HOEs. 
The grainless material has its highest sensitivity in the 
UV region, but extends into the blue and green parts 
of the spectrum. There are possibilities to sensitize the 
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emulsion in the red part of the spectrum as well. 
However, DCG is most often exposed with blue laser 
wavelengths. Depending on processing parameters, 
diffraction efficiency and bandwidth can be con- 
trolled. It is easy to obtain high diffraction efficiency 
combined with a large SNR. 

During the exposure of a DCG emulsion to UV or 
blue light, the hexavalent chromium ion (Cr°*) is 
photo-induced to trivalent chromium ion (Cr?*) 
which causes cross-linking between neighboring 
gelatin molecules. The areas exposed to light are 
hardened and become less soluble than the unexposed 
areas. Developing consists of a water wash which 
removes the residual or unreacted chemical com- 
pounds. Dehydration of the swollen gelatin follows 
after the material has been immersed in isopropanol, 
which causes rapid shrinkage resulting in voids and 
cracks in the emulsion, thus creating a large refractive 
index modulation. The underlying mechanism is not 
completely clear because high modulation can also be 
caused by the binding of isopropanol molecules to 
chromium atoms at the cross-linked sites. The DCG 
material has a rather low sensitivity of about 
100 mJ(cm) *. In many cases DCG plates are 
prepared by fixing an unexposed silver halide 
emulsion and then sensitizing it in a dichromate 
solution. It is also, for example, possible to make a 
10 wm thick emulsion ona 8” by 10” glass plate using 
1g ammonium dichromate mixed with 3 g photo- 
graphic grade gelatin in 25 ml deionized water. 
Then the emulsion is spin-coated on the glass 
substrate or the emulsion is applied by the doctor 
blade coating technique. Many HOE manufacturers 
prefer to produce their own emulsions but there 
are also commercial DCG emulsions available on 
the market. 

Processing of DCG holograms are performed in 
graded alcohol (propanol) baths starting with water— 
propanol solutions of high water content and ending 
with pure propanol (cold or hot) baths. Depending on 
the wanted HOE characteristics, one has to carefully 
control the propanol/water mixtures as well as the 
temperature of the different baths. Cold baths produce 
better uniformity and lower noise. Warm baths can 
yield high index modulation but often with increased 
noise. The bandwidth can be controlled by the 
processing temperature and the ratio of propanol/ 
water mixtures. 


Commercial DCG Materials 


Slavich in Russia is one manufacturer of presensitized 
dichromated plates for holography. The DCG emul- 
sion is marked PFG-04. Plates up to a size of 30 by 
40 cm can be ordered. 


The FilmoTec DCG emulsions are only available on 
190 um triacetate film, 104 cm wide in 10 and 30 m 
lengths; emulsion thickness 6 or 20 zm. Note that the 
film needs to be sensitized in dichromate solution 
before recording. This means that the company only 
supplies large-format gelatin-coated film. 

Holotec is a German-based company which offers 
presensitized DCG coated on both plates and film 
(Jiilicher Strasse 191, D-52070 Aachen, Germany; 
www.holotec.de). The Holotec emulsion is the high- 
quality DCG emulsions developed by Professor 
Stojanoff in Aachen. The company can supply 
large-format DCG glass plates (m7 size) or film 
(PET-Polyethylenterephtalat), pre-sensitized and 
ready to use. 


Photopolymer Materials 


Photopolymer materials have become popular for 
recording phase holograms and HOEs, in particular 
for mass production of holograms since some 
photopolymer materials only require dry processing 
techniques. 

A photopolymer recording material, such as the 
DuPont material, consists of three parts: a photopoly- 
merizable monomer; an initiator system (initiates 
polymerization upon exposure to light); and a 
polymer (the binder). First, an exposure is made 
to the information-carrying interference pattern. 
This exposure polymerizes a part of the monomer. 
Monomer concentration gradients, formed by vari- 
ation in the amount of polymerization due to the 
variation in exposures, give rise to diffusion of 
monomer molecules from the regions of high 
concentration to the regions of lower concentration. 
The material is then exposed to regular light of 
uniform intensity until the remaining monomer is 
polymerized. A difference in the refractive index 
within the material is obtained. The DuPont material 
requires only a dry processing technique (exposure to 
UV light and a heat treatment) to obtain a hologram. 
The DuPont photopolymer materials have a coated 
film layer thickness of about 20 pm. The photo- 
polymer film is generally coated in a 12.5” width ona 
14” wide Mylar® polyester base which is .002” thick. 
The film is protected with a .00092" thick Mylar® 
polyester cover sheet. 

The recording of a hologram on DuPont polymer is 
rather simple. The film has to be laminated to a piece 
of clean glass or attached to a glass plate using an 
index-matching liquid. Holograms can be recorded 
manually, but in order to produce large quantities 
of holograms, a special machine is required. 
For hologram replication a laser line scanning 
technique can provide the highest production rate. 
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The photopolymer material needs an exposure of 
about 10 mJ(cm) ”. 

After the exposure is finished, the film has to be 
exposed to strong white or UV light. DuPont 
recommends about 100 mJ(cm) 7 exposure at 350- 
380 nm. After that, the hologram is put in an oven at 
a temperature of 120°C for two hours in order to 
increase the brightness of the image. The process is 
simple and very suitable for machine processing 
using, for example, a baking scroll oven. 


Commercial Pholymer Materials 


Currently the only manufacturer of holographic 
photopolymer materials is E.I. du Pont de 
Nemours & Co. (DuPont Holographics, POB 80352, 
Wilmington, DE 19880, USA; www.dupont.com/ 
holographics). In the past it was possible to obtain 
photopolymer materials from DuPont, but in 2002 
the company changed its policy and today it is 
producing materials mainly for DuPont Holo- 
graphics, but approved customers may still be able 
to buy material from DuPont. The reason for the 
restrictions is that many applications of mass- 
produced holograms are in the field of document 
security, where DuPont’s photopolymers are used to 
produce optical variable devices (OVDs). 


Photoresist Materials 


Photoresist materials in holography are used for 
making masters for display and security holograms. 
The recorded relief image in the photoresist plate is 
then used to make the nickel shim needed as the tool 
for embossing holograms into plastic materials. 

The exposure to actinic radiation produces changes 
in the photoresist layer that result in a solvency 
differentiation as a function of exposure. Processing is 
done with a suitable solvent dissolving either the 
unexposed or exposed regions, depending on whether 
the resist is of the negative or the positive type. For 
optical recording, positive photoresist (exposed resist 
removed during development) is preferred to the 
negative type because of the higher resolving power 
and low scatter. On the resulting surface, relief 
pattern particles of nickel are deposited by electro- 
lysis to make a mold, which can then be used as an 
embossing tool. The photoresist process can be used 
for making transmission holograms only. If an 
embossed hologram is mirror-backed by using, for 
example, an aluminum coating process, it can be used 
in the reflection reconstruction mode as well. Photo- 
resists are UV and deep-blue sensitive. The material is 
spincoated on glass substrates to obtain a thickness of 
between 0.5 and 2 wm, then it is baked at about 75 °C 


for 15 minutes. A typical photoresist for holography 
(e.g., Shipley Microposit 1350) has a sensitivity of 
about 10 mJ(cm) 7. The most common laser wave- 
lengths for recording photoresist holograms are the 
following wavelengths: 413 nm (Krypton-ion), 
442 nm (Helium—Cadmium), and 458 nm (Argon- 
ion). At higher wavelengths, e.g., 488 nm, the 
sensitivity is rather low. Development of Shipley 
resist is performed in Shipley 303A developer, diluted 
1 part developer + 5 parts de-ionized water. Nor- 
mally only a 10 second development time is needed 
(under agitation). After that the plate has to be rinsed 
in de-ionized water for 2 minutes. The plate needs to 
be dried quickly with a high pressure steam of 
compressed nitrogen or dry, filtered compressed air. 


Commercial Resist Materials 


The main American manufacturer of photoresist is 
Shipley Co. (1457 Macarthur Rd., #101, Whitehall, 
PA 18052, USA). There are a few companies which 
make plates based on Shipley resist. 

Towne Technologies, Inc. (6—10 Bell Ave., Sommer- 
ville, NJ 08876, USA; www.townetech.com) produces 
spin-coated plates using Shipley resist (Shipley S-1800 
series). Towne plates have a sublayer of iron oxide 
which enhances adhesion of the resist during electro- 
plating operations. In addition, the sublayer elimin- 
ates unwanted backscatter from the glass substrate. 
The plates are developed in Shipley 303A developer. 

Hoya Corporation (7-5 Naka-Ochiai 2-chome, 
Shinjuku-ku, Tokyo, Japan; www.hoya.co.jp) is a 
producer of mask blanks coated with 0.5 pm thick 
Shipley S-1800 resist (SLW plates). Different types 
of glass as well as quartz plates are produced. 
Hoya supply plates for holography, however, custom 
orders only. 


Thermoplastic Materials 


The holographic thermoplastic is a multilayer struc- 
ture coated on glass or film. The substrate is first 
coated with a conducting layer, e.g., evaporated gold, 
then a photoconductor, e.g., poly-n-vinyl carbazole, 
PVK, that has been sensitized with, e.g., 2,4,7- 
trinitro-9-fluorenone (TNF), and on top of this layer 
a thermoplastic coating is deposited (usually a 
styrene-methacrylate material). The recording of a 
hologram starts with a uniform charging of the 
surface of the thermoplastic material using a corona 
charger. The charge is divided between the photo- 
conductor and the thermoplastic layer. Exposure and 
the consequent photogeneration in the photoconduc- 
tor cause charges of opposite signs to migrate to 
the interface with the thermoplastic layer and 
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the substrate. This will not change the charge, but 
only decrease the surface potential. Before the image 
can be developed, the material has to be recharged 
with the uniform corona charger. This step adds 
additional charges to the exposed areas, in proportion 
to the reduced potential which is also proportional to 
the exposure. The material is then heated to a 
softening temperature of the thermoplastic layer 
which will be deformed due to the electrostatic forces 
acting on it. The material is then cooled and the image 
is fixed as a relief surface pattern in the thermoplastic 
layer. The processing time after the exposure necess- 
ary to obtain the image is between ten seconds and 
half a minute. If the material is heated to a somewhat 
higher temperature, the pattern disappears and the 
image is erased. The thermoplastic material can now 
be used for the recording of another hologram, 
repeating the recording procedure. Such a cycling 
technique can be repeated hundreds of times, without 
any serious effect on the quality of the image. That, 
and the fast dry processing made such materials 
popular for the use in holographic cameras for 
nondestructive testing. The sensitivity is between 
10 and 100 pJ(cm) * over the whole visible electro- 
magnetic spectrum. 


Commercial Thermoplastic Materials 


In the past, several companies produced thermo- 
plastic materials and recording equipment for holo- 
graphy. Since there is very little demand for such 
materials today, there is only one company which can 
deliver thermoplastic equipment for holography: 
Tavex America Inc. (14 Garden Road, Natick, 
MA 01760, USA; www.tavexamerica.com). Tavex 
America manufactures a thermoplastic camera, 
TCC-2 in which 40 mm by 40 mm plates are used. 
For obsolete systems, thermoplastic film can still be 
obtained from MD Diffusion in France (93 rue 
d’Adelshoffen, F67300 Schiltigheim, France). 


Bacteriorhodopsin 


Photochromic materials, a class to which bacterio- 
rhodopsin (BR) belongs, have not been used much in 
holography. Photochromics are real-time recyclable 
materials which need no processing for development. 
They can easily be erased and reused over and over 
again. In holography the only successful material has 
been the BR film which was introduced only a few 
years ago. BR is a biomolecule with several appli- 
cations in photonics, comprising a light-driven 
molecular proton pump with exceptional photoelec- 
tric and photochromic properties. BR is a photo- 
chromic protein, found in the photosynthetic system 


of a salt-marsh bacterium, termed purple membrane 
(PM), of the cell membrane of Halobacterium 
salinarum. BR thin films are made from polymer 
suspensions of the isolated purple membrane. Some 
of the desirable properties of BR films are real-time 
writing and erasing in microsecond time-scales, 
durability allowing millions of write/erase cycles 
without degradation, very high spatial resolution of 
5000 Ip(mm)~', reasonably good light sensitivity of 
approximately 10 mJ(cm) 7, the encoding of both 
amplitude and phase patterns, and the use of visible 
laser light for writing and reading. The composition 
of the films may also be altered by chemical means to 
control the optical characteristics, and the BR 
molecules themselves may be mutagenically changed 
for performance optimization. Particular properties 
that can be enhanced in these ways are image lifetimes 
and the diffraction efficiency of holograms recorded 
in the films. One advantage of this material is that it is 
reversible. Therefore it has been considered to be used 
in holographic storage systems and for real-time 
holographic interferometry applications. BR film can 
be used for recording polarization holograms because 
of BR films inherent photo-inducable optical aniso- 
tropy. The material is also possible to expose with 
pulsed lasers, which makes it suitable for fast 
holographic recording. 

The BR film works in the following way. When 
illuminated with green light, the BR molecule under- 
goes an absorption resulting in a maximum shift of 
about 160 nm towards the red and its color changes 
from purple to yellow. The yellow image can be 
erased by illuminating the BR material with blue 
light. The recording—erasing cycle can be repeated 
about a million times. Suitable BR-films for holo- 
graphy are obtained by embedding purple mem- 
branes into inert matrices like polyvinylalcohol or 
polyacrylamide. For hologram recording and erasure 
two photochemical conversions B > M (B-type holo- 
grams) and M—B (M-type holograms) can be 
employed. After excitation by light, BR cycles 
through a sequence of spectrally distinguishable 
intermediates and returns to the initial state. The 
time associated with this thermal relaxation process 
depends on several aspects, for example, type of BR 
(wildtype or variant), pH value of film-matrix, film- 
temperature, etc. For example, the M intermediate is 
populated from the B state (absorption spectrum 
peaked at 570 nm) by a green pumping beam and 
information is recorded with blue light, which 
initiates the photochemical M — B transition. The 
M state has its absorption peak at 410 nm. In BR 
variants in which the thermal relaxation of the M 
state has been prolonged, photocontrolled switching 
between these two states can be achieved. Only when 
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the pumping beam is incident upon the BR film can 
information be recorded with blue light. The pump- 
ing beam can be used as a readout beam for the 
recorded hologram. 


Commercial BR Materials 


A holographic camera based on a BR film is 
manufactured in Germany. The holographic system, 
FringeMaker-plus, developed at the University of 
Marburg is marketed by Munich Innovation Bio- 
materials (MIB) GmbH. (Hans-Meerwein-Str., 
D-35032 Marburg, Germany; www.mib-biotech.de). 
MIB is also a manufacturer of both wildtype and 
genetically modified BR film for holography and 
other scientific/technical applications. BR-films 
offered by MIB can be used in two different recording 
configurations: the transition from the initial B to M- 
state (induced with yellow light) serves as basis for 
optical data recording and processing (B-type record- 
ing); or the photochemically induced transition from 
M to B state (M-type recording). In the latter case, 
yellow light is used to control the population of the 
M-state and blue light is used to write the infor- 
mation. MIB offers BR-films with normal and slow 
thermal relaxation characteristics. Typical relaxation 
time ranges (RTR), after which the photochemically 
excited BR molecules have returned to the original 
state, are between 0.3 and 80 s. The BR film is sealed 
between two windows of high-quality optical glass. 
The BR film layer has a thickness of 30-100 wm, 
dependent on the optical density of the film. The 
diameter of the film device is 25 mm and the clear 
aperture is 19 mm. 


Photorefractive Crystal Materials 


Photorefractive crystals are electro-optic materials 
which are suitable for recording volume phase 
holograms in real-time. These crystals are important 
components in holographic storage systems and are 
seldom used in other holographic image applications. 
Holograms recorded in crystals, such as: lithium 
niobate (LINbO3); barium titanate (BaTiO3); potass- 
ium tantalate niobate (KTN); barium sodium neobate 


(SBN); bismuth silicon oxide (BSO); and bismuth 
germanium oxide (BGO), consist of bulk space 
charge patterns. An interference pattern acting upon 
a crystal will generate a pattern of electronic charge 
carriers that are free to move. Carriers are moving to 
areas of low optical illumination where they get 
trapped. This effect will form patterns of net space 
charge, creating an electrical field pattern. As these 
crystals have strong electro-optic properties, the 
electrical field pattern will create a corresponding 
refractive index variation pattern, which means a 
phase hologram. These holograms can be immedi- 
ately reconstructed with a laser beam differing from 
the beams creating the hologram. A hologram can 
also be erased and a new hologram can be recorded in 
the crystal. Holograms can be fixed by converting the 
charge patterns to the patterns of ions which are not 
sensitive to light. In some materials the hologram can 
be fixed by heating the crystal to above 100°C based 
on thermally activated iconic conductivity. The 
resulting iconic is frozen upon cooling the crystal 
back to room temperature. More details about these 
materials and storage applications are found in the 
Further Reading. 


See also 


Holography, Techniques: Overview. 
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Major Milestones 





1948: Essential concept for holographic record- 
ing by Dennis Gabor. 

The first successful operation of a laser 
device by Theodore Maiman. 

Off-axis technique of holography by Leith 
and Upatnieks. 

Yu N Denisyuk suggested the idea of three- 
dimensional holograms based on_ thick 
photoemulsion layers. His holograms can 
be reconstructed in ordinary sunlight. 
These holograms are called Lippmann- 
Bragg holograms. 

Leith and Upatnieks pointed out that a 
multicolor image can be produced by a 
hologram recorded with three suitably 
chosen wavelengths. 

S A Benton invented ‘Rainbow Hologra- 
phy’ for display of holograms in white 
light. This was a vital step to make holo- 
graphy suitable for display applications. 


1960: 


1962: 


1962: 


1964: 


1969: 











Holography is the science of recording an entire 
optical wavefront, both amplitude and phase infor- 
mation, on appropriate recording material. The 
record is called a hologram. Unlike conventional 
photography, which records a three-dimensional 
scene in a two-dimensional format, holography 


records true three-dimensional information about 
the scene. 

Holography was invented by Gabor in 1948 and 
his first paper introduced the essential concept for 
holographic recording — the reference beam. Holo- 
graphy is based on the interference between waves 
and, it provides us with a way of storing all the light 
information arriving at the film in such a way that it 
can be regenerated later. 

The use of the reference beam is utilized because the 
physical detectors and recorders are sensitive only to 
light intensity. The phase is not recorded but is 
manifest only when two coherent waves of the same 
frequency are simultaneously present at the same 
location. In that case, the waves combine to form a 
single wave whose intensity depends not only on 
intensities of the two individual waves, but also on the 
phase difference between them. This is key to 
holography. The film record, or hologram, can be 
considered as a complicated diffraction grating. 
Holograms bear no resemblance to conventional 
photographs in that an image is not actually recorded. 
In fact, the interferometric fringes which are recorded 
on the recording material are not visible to an unaided 
eye because of extremely fine interfringe spacing 
(~0.5 micrometer). The fringes which are visible on 
the recording material are the result of dust particles in 
the optical system used to produce the hologram. 

Gabor’s original technique is now known as in-line 
holography. In this arrangement, the coherent light 
source as well as the object, which is a transparency 
containing small opaque details on a clear back- 
ground, is located along the axis normal to the 
photographic plate. With such a system, an observer 
focusing on one image observes it superposed on the 
out-of-focus twin image as well as a strong coherent 
background. This constitutes the most serious 
problem of Gabor’s original technique. 
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The first successful technique for separating the 
twin images was developed by Leith and Upatnieks 
in 1962. This is called the off-axis or side band 
technique of holography. We shall consider mainly 
the off-axis technique here. 


Basic Holography Principle 


Light from a laser or any light beam is characterized 
by spatial coherence (/,) and temporal coherence (7,), 
which is discussed in all textbooks on optics. For 
typical laboratory hologram recording, the required 
degree of coherence of laser radiation is determined 
by the type of object and geometrical arrangement 
being used for the recording. The following condition 
must hold: 


L<ct, [1] 


where 7, is the coherence time, and L the maximum 
path length difference between the two waves chosen 
to record the hologram. To begin recording, two 
wavefronts are derived from the same laser source. 
One wavefront is used to illuminate the object 
and another is used as a reference wavefront. 
The wavefront derived by illuminating the object is 
superimposed with the reference wave and the 
interference pattern is recorded. These object and 
reference waves must: 


e be coherent (derived from the same laser); and 
e have a fixed relative phase at each point on the 
recording medium. 


If the above conditions are not met, the fringes will 
move during the exposure and the holographic record 
will be smeared. Therefore, to record the hologram 
one should avoid air currents and vibrations. The 
recording medium must have sufficient resolution to 
record the fine details in the fringe pattern. This will 
be typically of the order of the wavelength. To create 
a three-dimensional image from the holographic 
process one then has to record and reconstruct the 
hologram. The object and reference waves are derived 
from the same laser. 

Holograms record an interference pattern formed 
by interference of object and reference wavefronts, 
as explained above. We may mention here that 
for the two plane waves propagating at an angle 0 
between them, the spacing of the interference fringes 
is given by 


Xo 


2 sin(A/2) [2] 


where Apo is the free space wavelength. 


Processing of the hologram (developing, fixing, and 
washing of the recording material) yields a plate with 
alternating transparent and opaque parts, variation 
of refractive index, or variation of height correspond- 
ing to intensity variation in the fringe pattern. Such a 
plate can be regarded as a complicated diffraction 
grating. In this process, the hologram is illuminated 
with monochromatic, coherent light. The hologram 
diffracts this light into wavefronts which are essen- 
tially indistinguishable from the original waves which 
were diffracted from the object. These diffracted 
waves produce all the optical phenomena that can be 
produced by the original waves. They can be collected 
by a lens and brought into focus, thereby forming an 
image of the original object, even though the object 
has since been removed. If the reconstructed waves 
are intercepted by the eye of an observer, the effect is 
exactly as if the original waves were being observed; 
the observer sees what appears to be the original 
object in true three-dimensional form. As the 
observer changes his viewing position, the perspective 
of the image scene changes; parallactic effects are 
evident and the observer must refocus when the obser- 
vation point is changed from a near to a distant object 
in the scene. Assuming that both the construction 
and reconstruction of the hologram are made with the 
same monochromatic light source, there is no visual 
test which can be made to distinguish between the 
real object and the reconstructed image of the object. 
It is as if the hologram were a window through which 
the apparent object is viewed. 


Hologram of a Point Object 


Consider a hologram recorded with a collimated 
reference wave normal to the recording plate and a 
point object inclined at a certain angle. If the 
hologram is illuminated once again with the same 
collimated reference wave, it reconstructs two 
images, one virtual true image and the other real 
image. However, the two images differ in one very 
important respect. 

While the virtual image is located in the same 
position as the object and exhibits the same parallax 
properties, the real image is formed at the same 
distance from the hologram but in front of it. 
Corresponding points on the real and virtual images 
are located at equal distances from the plane of the 
hologram; the real image has the curious property 
that its depth is inverted. Such an image is not formed 
with a normal optical system; it is therefore called a 
pseudo image as opposed to a normal or orthoscopic 
image. 

This depth inversion results in conflicting visual 
clues, which make viewing of the real image 
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psychologically unsatisfactory. Thus, if O; and O> are 
two elements in the object field, and if O, blocks the 
light scattered by Op at a certain angle, the hologram 
records information only on the element O, at this 
angle and records no information about this part of 
O,. An observer viewing the real image from the 
corresponding direction then cannot see this part of 
O2, which, contrary to normal experience, is 
obscured by O,, even though O, is in front of O;. 


Production of an Orthoscopic Real 
Image 


An orthoscopic real image of an object can be 
produced by recording two holograms in succession. 
In the first step, a hologram is recorded of the 
object with a collimated reference beam. When 
this hologram is illuminated once again with the 
collimated reference beam that was used to record it, 
it reconstructs two images of the object at unit 
magnification, one of them being an orthoscopic 
virtual image, while the other is a pseudoscopic real 
image. A second hologram is then recorded of this 
real image with a second collimated reference beam. 

When the second hologram is illuminated with a 
collimated beam it reconstructs a pseudoscopic 
virtual image located in the same position as the 
real image formed by the second hologram is an 
orthoscopic image. Since a collimated reference beam 
is used throughout, the final real image is the same 
size as the original object and free from aberrations. 

In addition to these characteristic linked intensities 
with the three-dimensional nature of the reconstruc- 
tion, the holographic recording has several other 
properties. Each portion of the hologram can 
reproduce the entire image scene. If a smaller and 
smaller portion of the hologram is used for recon- 
struction, there is loss of image intensity and 
reconstruction. When a hologram is reversed, such 
as in contact printing processes, it will still recon- 
struct a positive image indistinguishable from the 
image produced by the original hologram. 


Simple Mathematical Description of 
Holography 


Let the object and reference waves be given by 
Up = Of, ye'*” [3] 
and 


U, =R eikysind [4] 


U, describes the reference (plane wave) propagating 
at angle 6 to the z-axis. 
The intensity at the hologram plane is 


r=(|U,+U,! 
=|u.? 4lu,? + Ulu SU [5] 





As can be seen from the above equation, the 
amplitude and phase of the wave are encoded as the 
amplitude and phase modulation of a set of inter- 
ference fringes. The material used to record the 
patterns of interference fringes described above is 
assumed to provide linear mapping of the intensity 
incident during the reconstruction process into 
amplitude transmitted by or reflected from the 
recorded material. Usually both light detection and 
wavefront modulation are performed by photo- 
graphic plate/film. We assume the amplitude trans- 
mission properties of the plate/film after processing to 


be described by 
foe Ora 10 Sacaes oy) [6] 


where the exposure E, at the film is E = Ir; here 7 is 
the exposure time. Ty is the transmittance of the 
unexposed plate. 

If the hologram is reilluminated by the reference 
wave, the transmitted wave amplitude will be 


U, = U,(T, — br (1U,|? + UU, + U,U%)) [7] 


The first term is reference wave times a constant. The 
second term is the reference wave modulated by 
|U,|? = O(x, y)*; it gives small-angle scattering about 
the reference wave direction. The third term is 
proportional to U,. It is the same as the original 
object wave (note this is only so if the reconstruction 
wave is identical to the reference wave). The fourth 
term Is 


—brU2 U5 = —btR? 5° O(x, ye PO” [8] 


This is essentially a wave traveling in a direction 
sin '(2sin@) to the z-axis, with the correct object 
amplitude modulation but its phase reversed in sign, 
producing a conjugate wave. 


Types of Holograms 


Primarily, the holograms are classified as thin and 
thick, based on the thickness of the recording medium. 
When the thickness of the recording medium is small 
compared with the average spacing of the interference 
fringes, the hologram can be treated as a thin 
hologram. Such holograms are characterized by 
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spatially varying complex amplitude transmittance: 
t(x, y) = [t(x, y)]expl-iA(x, y)] [9] 


Thin holograms can be further categorized as thin 
amplitude holograms or thin phase holograms. If 
amplitude transmittance of the hologram is such that 
d(x, y) is constant while t(x,y) varies over the 
hologram, the hologram is termed an amplitude holo- 
gram. For a lossless phase hologram, It(x, y)| = 1, 
so that the complex amplitude transmittance is caused 
by variation in phase. 

When the thickness of the hologram recording 
material is large compared to the fringe spacing of the 
interference fringes, the holograms may be considered 
as volume holograms. These may be treated as a 
three-dimensional system of layers corresponding to a 
periodic variation of absorption coefficient or refrac- 
tive index, and the diffracted amplitude is at a 
maximum when Bragg’s condition is satisfied. In 
general, the behavior of thin and thick holograms 
corresponds to Raman Nath and Bragg diffraction 
regimes. The distinctions between two regimes is 
made on the basis of a parameter O, which is defined 
by the relation: 


27A,d 
nh? 





= [10] 


where 


A = spacing of fringe on hologram, measured normal 
to the surface; 

d = thickness of recording medium; 

nN, = mean refractive index of the medium; and 

Ay = wavelength of light. 


Small values of O (OQ <1) correspond to thin 
gratings, while large values of O (O > 10) corres- 
pond to volume gratings. For values of O between 
1 and 10, intermediate properties are exhibited. 
However, this criterion is not always adequate. The 
boundaries between the thin and thick holograms are 
given by the value of 


WY 
p= 0) 


eee ee 11 
Mngny (11 


where P~? is the relative power diffracted into higher 
orders, and P < 1 for thin holograms and P > 10 for 
thick holograms. For P having values between 1 and 
10, the hologram may be thin or thick, depending on 
the other parameters involved. 

Holograms can also be classified based on whether 
they are reconstructed in transmitted light or reflected 
light. For transmission holograms, during the record- 
ing stage, two interfering wavefronts make equal but 
opposite angles to the surfaces of recording medium 


and are incident on it from the same side. Reflection 
holograms reconstruct images in reflected light. They 
are recorded such that the interfering wavefronts are 
symmetrical with respect to the surface of the 
recording medium but are incident on it from 
opposite sides. When the angle between the interfer- 
ing wavefronts is maximum (180°), the spacing 
between the fringe planes of the recording medium 
is minimum. Under such conditions, reflection 
holograms may have wavelength sensitivity high 
enough to be reconstructed, even with white light. 

An important development in the field of holo- 
graphy was the invention of rainbow holograms by 
Benton in 1969. This provides a method for utilizing 
white light for illumination when viewing the 
holograms. The technique does so by minimizing 
the blur introduced by color dispersion in trans- 
mission holograms, at the price of giving up parallax 
information in one dimension. 


Recording Materials 


An ideal recording medium for holography should 
have a well matching spectral sensitivity correspond- 
ing to available laser wavelengths, linear transfer 
characteristics, high resolution, and low noise. It 
should also be either inexpensive or indefinitely 
recyclable. Toward achieving the above-mentioned 
properties, several materials have been studied, but 
none has been found so far that meets all the 
requirements. Materials investigated include: silver 
halide photographic emulsion; dichromated gelatin 
plates/films; silver halide sensitized gelatin plates/ 
films; photo-resists; photo polymer systems; photo- 
chromics; photo thermoplastics; and ferro-electric 
crystals. Recently, the use of storage and processing 
capabilities of computers, together with CCD 
cameras, has been used for recording holograms. 

Silver halide photographic emulsions are a com- 
monly used recording material for holography, 
mainly because of relatively high sensitivity and 
easy availability. Manufacture, use, and processing 
of these emulsions have been well standardized. The 
need for wet processing and drying may constitute 
a major drawback. Dichromated gelatin can be 
considered an almost ideal recording material for 
volume phase holograms, as it has a large refractive 
index modulation capability, high resolution, low 
absorption and scattering. 

Because of these features, dichromated gelatin has 
been extensively investigated. The most significant 
disadvantage is its comparatively low sensitivity. 
Pennington et al. developed an alternative technique, 
which combines the advantage of silver halide 
emulsions (high sensitivity) with that of dichromated 
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gelatin (low absorption scattering and high stability). 
It involves exposing silver halide photographic 
emulsion and then processing it, so as to obtain a 
volume phase hologram consisting solely of hardened 
gelatin. 

Thin phase holograms can be recorded on photo- 
resists, which are light-sensitive organic films yielding 
relief image after exposure and development. They 
offer advantages of easy replication using thermo- 
plastics but are slow in response and undergo 
nonlinear effects at diffraction efficiency greater 
than ~0.05. Shipley AZ-1350 is a widely used 
photoresist, with maximum sensitivity in the ultra- 
violet, dropping rapidly for longer wavelengths 
towards the blue. 

Photopolymers are being keenly investigated 
because they offer advantages such as ease of 
handling, low cost, and real-time recording for the 
application of holography and nonlinear optics. How- 
ever, they have low sensitivity and short shelf life. 

Thin phase surface relief holograms can be 
recorded in a thin layer of thermoplastics. These 
materials have a reasonably high sensitivity over the 
whole visible spectrum, fairly high diffraction effi- 
ciency, and do not require wet processing. Their 
application in holographic interferometry, optical 
information processing, and in making compact 
holographic devices has been widely reported. 

Photorefractive crystals such as Bij2SiO29, LINbO3, 
Biy2GeOno, BaTiO3, LiTaO3, etc., as recording 
materials, offer high-angular sensitivity and provide 
capability to read and write volume holographic data 
in real time. Besides the materials discussed here, 
several other materials have been investigated for 
recording holograms; these include photocromics, 
elastomere devices, magneto-optic materials, etc. 


Application of Holography 


Holography can be constructed not only with the 
light waves of lasers, but also with sound waves, 
microwaves, and other waves in the electromag- 
netic spectrum of radiation. Holograms made with 
ultraviolet light or X-rays can record images of 
objects/particles smaller than the wavelength of 
visible light, e.g., atoms or molecules. Acoustical 
holography uses sound waves to see through solid 
objects. Holography has a vast scope of practical 
applications, which have been classified into two 
major categories: 


1. applications requiring three-dimensional images 
for visual perception; and 

2. applications in which holography is used as a 
measuring tool. 


The unique ability of holography — to record and 
reconstruct both electromagnetic and sound waves — 
makes it a valuable tool for education, science, 
industry, and business. Below are some of the 
important applications: 


1. Holographic interferometry (HI) is one of the 
most powerful measuring tools. In HI, two states 
of an object, i.e., initial and deformed state are 
recorded on the same photographic plate. After 
reconstruction of the light wave corresponding 
to two states of an object, interferences and 
deformations are displayed in terms of the 
interference pattern. The change of distance of 
one tenth of a micron, or lower, can be resolved. 
HI provides scientists/engineers with crucial data 
for design of critical machine parts of power- 
generating equipment, in the aircraft industry, 
automobile industry, and nuclear installations 
(say, for example, in the design of containers 
used to transport nuclear materials, improve the 
design of aircraft wings and turbine blades, etc.). 
Presently, HI is being widely used in mechanical 
engineering, acoustics, and aerodynamics, for 
nondestructive testing, to investigate oscillation 
in diaphragms and flow around various objects, 
respectively. 

2. Microwave holography can detect objects 
deep within spaces, by recording the radio 
waves they emit. 

3. Another important application of holography is 
the design of optical elements, which possess 
special properties. A holographic recording of a 
concave mirror behaves in much the same way as 
the mirror itself, i.e., it can focus the light. In 
some cases chromatism can be introduced in the 
design of elements so that a location of the point, 
where the beams are focused, depends on the 
wavelength. This can be achieved by accurately 
choosing the recording arrangement of the 
focusing elements, these elements are, in fact, 
diffraction gratings. These can have low noise 
levels, freedom from astigmatism, and have 
other useful properties. Holographic optical 
elements have found applications in supermarket 
scanners to read barcodes, headup displays 
in fighter aircraft to observe critical cockpit 
instruments, etc. 

4. A telephone credit card used in Europe and 
other developed countries has embossed surface 
holograms which carry a monetary value. When 
the card is inserted into the telephone, a card 
reader discerns the amount due and deducts 
the appropriate amount to cover the cost of 
the call. 


Design Issues in Radio Frequency Energy Harvesting System 247 





though cellular signals are vertically polarized. The circular polarization is desired to 
maximize the RF-to-DC conversion efficiency of the arbitrary polarization incident signals in 
the multipath environment. Similarly, the rectifier must be narrowband, and optimized for 
RF-to-DC conversion over a wide range of incident signal power. 


Thinking about the potential applications for cellular energy harvesting is useful. Other 
authors have reported on powering a scientific calculator or a temperature sensor from GSM 
energy harvesting. In this Chapter we will present a special application for energy 
harvesting in the vicinity of the W-CDMA cellular base station and analyze the system 
performance by calculation from experimental data. A cellular energy harvesting circuit 
optimized for over 50% RF-to-DC conversion efficiency given approximately OdBm 
incidence will be presented. 


1.5.1 Cellular band rectenna 


Below in Fig. 17 is the circuit we designed, optimized for 0dBm input. Simple input 
matching network is ideal since we require a narrow band response around 2.1 GHz. The 
optimum value for Lg equals 5.6nH, where Lg is used to improve the RF-to-DC conversion 
efficiency as earlier discussed. HSMS2850 diode was used. 
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Fig. 17. Shunt rectifier configuration for the cellular band. The matching elements Lm = 
3.2nH, while Cin =2.5pF. The load resistance is fixed at Rp = 2.1kQ. 
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10. 


Holography is having applications in analog and 
digital computers, offering remarkable opportu- 
nities to realize various logical operators, devices 
for identifying images based on matched filter- 
ing, and in computer memory units. The basic 
advantage of holographic memory is that a 
relatively large volume of information can be 
stored and that there are a limited number of 
ways to change the record. The arrival of the 
first prototype of optical computers, which use 
holograms as storage material for data, could 
have a dramatic impact on the holographic 
market. The yet-to-be-unveiled optical compu- 
ters will be able to deliver trillions of bits of 
information faster than the current generation 
of computers. 

Optical tweezers are going to become an 
important tool for the study of micro-organ- 
isms/bacteria, etc. 

Holograms can be used to locate and retrieve 
information without knowing its location in the 
storage medium, only needing to know some of 
its content. 

The links between computer science and 
holography are now well-established and are 
developing, with at least two aspects making 
computer-generated holograms extremely inter- 
esting. First, such holograms enable us to obtain 
visual 3-dimensional reconstructions of ima- 
gined objects. For example, one can reconstruct 
three dimensions of a model of an object still 
in the design stage. Second, computer-generated 
holograms can be used to reconstruct lightwaves 
with specified wave fronts. This means specially 
computed and manufactured holograms may 
function as optical elements that transform the 
incident light wave into desired wavefronts. 
Another important applications of holography is 
its utilization to compensate for the distortion 
that occurs when viewing objects through 
optically heterogeneous mediums. It can be 
achieved based on the principle of beam reversal 
by the hologram. 

Finally, let us consider the application of holo- 
graphy to art. The development of holography 
gives very effective ways of creating qualitative 
three-dimensional images. Thus, a new indepen- 
dent area of holographic creative work represen- 
tational/artistic holography has appeared. The 
art of holographic depiction has developed 
along two major routes. The first is creation of 
the view hologram, used as holograms of 
natural objects that are to be displayed in 
exhibitions and museums; these are also known 
as artistic holograms. Portrait holography is also 


classified under this category. The progress in 
portrait holography is hampered partly because 
of imperfection of pulsed lasers and partly 
because of the deterioration of photographic 
material when exposed to pulsed electromagnetic 
radiation. 

The principle behind the creation of elusion by 
using composite holograms is also very convin- 
cing for the display of objects. To synthesize the 
composite holograms, the photographs of var- 
ious aspects of a scene are printed onto the 
photographic plate. The synthesis techniques for 
preparing the composite hologram are very 
complicated, while the images created by holo- 
grams are still far from perfect. However, there is 
no doubt that composite holography opens 
holography up as an artistic technique. Recently 
rainbow holography has been very popular to 
display such objects. 


See also 


Holography, Applications: Art Holography. Hologra- 
phy, Techniques: Color Holography; Computer- 
Generated Holograms; Digital Holography; Holographic 
Interferometry. Phase Control: Phase Conjugation and 
Image Correction. 
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Introduction 


Since the appearance of the first laser-recorded 
monochromatic holograms in the 1960s, the possibi- 
lities of recording full-color high-quality holograms 
have now become a reality. Over many years holo- 
graphic techniques have been created to produce 
holograms with different colors, referred to as pseudo- 
or multicolor holograms. For example, in the 
field of display holography, it is common to make 
multiple-exposed reflection holograms using a single- 
wavelength laser and emulsion thickness manipu- 
lation to obtain an image with different colors. In this 
way many beautiful pseudocolor holograms have been 
made by artists. Applying Benton’s rainbow hologram 
technique (for example, the one used for embossing 
holograms on credit cards), it has been possible to 
record transmission holograms as well as mass-produce 
embossed holograms with ‘natural’ colors. However, a 
rainbow hologram has a very limited viewing position 
from which a correct color image can be seen. 

This article will acquaint the reader with the topic 
of color holography (full-color or true-color holo- 
graphy). This describes a holographic technique to 
obtain a color 3D image of an object where the color 
rendition is as close as possible to the color of the real 
object. A brief review of the development of color 
holography, the current status and the prospects 
of this new 3D imaging technique, are presented. 
Also included are recording techniques using three 
lasers providing red, green and blue (RGB) laser 
light as well as computer-generating techniques for 
producing full parallax 3D color images. 


The Development of Color 
Holography 
In theory, the first methods for recording color 


holograms were established in the early 1960s. 
Already Leith and Upatnieks (1964) proposed 


Pennington KS and Lin LH (1965) Multicolor wavefront 
reconstruction. Applied Physics Letters 7: 56. 

Stroke GW and Labeyrie AE (1966) White-light 
reconstruction of holographic images using the 
Lippmann-Bragg diffraction effect. Physics Letters 
20: 368. 


multicolor wavefront reconstruction in one of their 
first papers on holography. The early methods con- 
cerned mainly transmission holograms recorded with 
three different wavelengths from a laser or lasers, 
combined with different reference directions to 
avoid cross-talk. Such a color hologram was then 
reconstructed (displayed) by using the original 
laser wavelengths from the corresponding reference 
directions. However, the complicated and expen- 
sive reconstruction setup prevented this technique 
from becoming popular. More suitable for holographic 
color recording is reflection holography, which can 
be reconstructed and viewed in ordinary white light. 

Most likely, the three-beam transmission tech- 
nique might eventually become equally applicable, 
provided inexpensive multicolor semiconductor 
lasers become widely available. Such RGB lasers 
can be used to display a very realistic, deep, and 
sharp holographic image of, for example, a room. 

Relatively few improvements in color holography 
were made during the 1960s and 1970s. Not until the 
end of the 1970s did a few examples of color holo- 
grams appear. During the 1980s, new and improved 
techniques were introduced. A review of various 
transmission and reflection techniques for color holo- 
graphy was published by Hariharan (1983). From 
1990 until today, many high-quality color holograms 
have been recorded, mainly due to the introduction of 
new and improved panchromatic recording 
materials. On the market are ultra-fine-grain silver 
halide emulsions (manufactured by Slavich in Russia) 
as well as photopolymer materials (manufactured by 
E. I. du Pont de Nemours & Co. in the USA). 

Color reflection holography presents no problems 
with regard to the geometry of the recording setup, 
but the final result is highly dependent on the 
recording material used and the processing tech- 
niques applied. There are some problems associated 
with recording color holograms in general and 
specifically in silver halide emulsions: 


e Scattering occurring in the blue part of the 
spectrum typical of many holographic coarse- 
grain silver halide emulsions makes them unsuit- 
able for the recording of color holograms. 
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e Multiple storage of interference patterns in a single 
emulsion reduces the diffraction efficiency of each 
individual recording. The diffraction efficiency of a 
three-color recording in a single-layer emulsion is 
lower than a single wavelength recording in the 
same emulsion. 

e During wet processing, emulsion shrinkage 
frequently occurs, causing a wavelength shift. 
White-light-illuminated reflection holograms nor- 
mally show an increased bandwidth upon recon- 
struction, thus affecting the color rendition. 

e The fourth problem, related to some extent to the 
recording material itself, is the selection of appro- 
priate laser wavelengths and their combination in 
order to obtain the best possible color rendition of 
the object. 


In the beginning, when no suitable panchromatic 
emulsion existed, the sandwich technique was used to 
make color reflection holograms. Two plates were 
sandwiched together, in which, for example, two 
different types of recording materials were used. The 
most successful demonstration of the sandwich 
recording technique was made by Kubota (1986) in 
Japan. He used a dichromated gelatin (DCG) plate for 
the green (515 nm) and the blue (488 nm) compo- 
nents, and an Agfa 8E75 silver halide plate for the red 
(633 nm) component of the image. Kubota’s sandwich 
color hologram of a Japanese doll recorded in 1986, 
demonstrated the potential of high-quality color holo- 
graphy for the first time. Color holograms have also 
been recorded in red-sensitized DCG materials. 

Extensive work in the field of reflection color 
holography was performed by Hubel and Solymar 
(1991). Primarily they employed Ilford silver halide 
materials for the recording of color holograms 
applying the sandwich technique. 

Very important is the research on recording 
materials by Usanov and Shevtsov (1990) in Russia. 
Their work is based on the formation of a microcavity 
structure in gelatin, by applying a special processing 
technique to silver halide emulsions. Such holograms 
recorded in a silver halide emulsion have a high 
diffraction efficiency and exhibit a typical DCG 
hologram quality. 

Not until panchromatic ultra-fine-grain silver 
halide emulsions were introduced in Russia in the 
early 1990s, was it possible to record high-quality 
color holograms in a single emulsion layer as 
demonstrated by the present author. Although it is 
now possible to produce color holograms, they need 
to be displayed correctly. An important improvement 
would be to find an edge-illuminating technique to 
make color holograms easier to display. The display 
problem still remains the main obstacle preventing 


color holograms, as well as monochrome holograms, 
being more widely used. 


Recording of Color Holograms 


Currently, most transmission color holograms are of 
the rainbow type. Large-format holographic stereo- 
grams made from color-separated movie or video 
recordings have been produced. There are also some 
examples of embossed holograms in which a correct 
color image is reproduced. In order to generate a true 
color rainbow hologram, a special setup is required in 
which the direction of the reference beam can be 
changed in between the recordings of the color- 
separated RGB primary images. However, as already 
mentioned, holographic color images of the rainbow 
type can reconstruct a correct color image only along 
a horizontal line in front of the film or plate and, thus, 
of less interest for serious color holography appli- 
cations. Reflection holography can offer full parallax, 
large field of view 3D color images where the colors 
do not change when observed from different 
directions. 


Silver Halide Materials 


To be able to record high-quality color reflection 
holograms it is necessary to use extremely low light- 
scattering recording materials. This means, for 
example, the use of ultra-fine-grain silver halide 
emulsions (grain size about 10 nm). Currently, the 
only producer of a commercial holographic panchro- 
matic ultra-fine-grain silver halide material is the 
Micron branch of the Slavich photographic company 
located outside Moscow. The PFG-03c emulsion 
comes in standard sizes from 63 mm X 63 mm format 
up to 300 mm xX 406 mm glass plates and is also 
available on film. Some characteristics of the Slavich 
material are presented in Table 1. 

By using suitable processing chemistry for the PFG- 
03c emulsion it has been possible to obtain high- 
quality color holograms. These holograms are 
recorded in a single-layer emulsion, which greatly 
simplifies the recording process as compared with 
many earlier techniques. The aforesaid single-layer 
technique is described below. 


Table 1 Characteristics of the Slavich panchromatic emulsion 


Silver halide material PFG-03C 
Emulsion thickness 7 um 

Grain size 12-20 nm 
Resolution ~10,000 Ip(mm)~! 


~1.0-1.5 x 10°? U(cm) 2 
~1.2-1.6 x 107° J(cm) 2 
~0.8-1.2 x 107° J(cm) 2 
633 nm and 530 nm 


Blue sensitivity 

Green sensitivity 

Red sensitivity 

Color sensitivity peaked at 
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Photopolymer Materials 


The color holography photopolymer material from 
DuPont is another alternative recording material for 
color holograms. In particular, this type of material is 
suitable for mass production of color holograms. 
Although, being less sensitive than the ultra-fine-grain 
silver halide emulsion, it has special advantages of 
easy handling and dry processing (only UV-curing 
and baking). The DuPont color photopolymer 
material has a coated film layer thickness of about 
20 ym. The photopolymer film is generally coated in 
a 12.5-inch width on a 14-inch wide Mylar® 
polyester base which is 0.002-inch thick. The film is 
protected with a 0.00092-inch thick Mylar® poly- 
ester cover sheet. However, the panchromatic poly- 
mer material is only supplied to specially selected and 
approved hologram producers. The reason for this is 
that some applications of color holograms are in the 
field of document security where optically variable 
devices (OVDs) are produced. 

The recording of a color hologram on DuPont 
polymer is simple. The film has to be laminated to a 
piece of clean glass or attached to a glass plate using 
an index-matching liquid. To obtain the right color 
balance, the RGB sensitivity depends on the particu- 
lar material, but typically red sensitivity is lower than 
green and blue sensitivities. It is difficult to obtain 
high red-sensitivity of photopolymer materials. 


a 0.1 0.2 0.3 


Figure 1 





Simultaneous exposure is the best recording tech- 
nique for photopolymer materials. Holograms can be 
recorded manually, but in order to produce large 
quantities of holograms, a special machine is 
required. For hologram replication the scanning 
technique can provide the highest production rate. 
In this case, three scanning laser lines are needed, 
which can be adjusted in such a way that all three 
simultaneously can scan the film. The color photo- 
polymer material needs an overall exposure of about 
10 mJ(cm) ”. 

After the exposure is finished, the film has to 
be exposed to strong white or UV light. DuPont 
recommends about 100 mJ(cm)~? exposure at 
350-380 nm. After that, the hologram is put in an 
oven at a temperature of 120°C for two hours in 
order to increase the brightness of the image. 


Laser Wavelengths for Color Holograms 


The problem of choosing optimal primary laser 
wavelengths for color holography is illustrated in 
the 1976 CIE chromaticity diagram (Figure 1) which 
indicates suitable laser wavelengths for color 
holograms. 

It may seem that the main aim of choosing the 
recording wavelengths for color holograms would 
be to cover as large an area of the chromaticity 
diagram as possible. However, there are many other 
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The 1976 CIE uniform scales chromaticity diagram shows the gamut of surface colors and positions of common laser 


wavelengths. Optimal color-recording laser wavelengths are also indicated. 
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considerations that must be taken into account when 
choosing the wavelengths for color holograms. One 
of these important considerations is the question of 
whether three wavelengths are really sufficient for 
color holography. The wavelength selection problem 
for color holography has been treated in several 
papers, for example by Peercy and Hesselink (1994). 

Hubel and Solymar (1991) provided a definition of 
color recording in holography: 


A holographic technique is said to reproduce ‘true’ 
colors if the average vector length of a standard set of 
colored surfaces is less than 0.015 chromaticity 
coordinate units, and the gamut area obtained by 
these surfaces is within 40% of the reference gamut. 
Average vector length and gamut area should both be 
computed using a suitable white light standard 
reference illuminant. 


An important factor to bear in mind when working 
with silver halide materials is that a slightly longer 
blue wavelength than the optimal one might give 
higher-quality holograms (better signal-to-noise 
ratio) because of reduced Rayleigh scattering during 
the recording. Another important factor to consider is 
the reflectivity of the object at primary spectral 
wavelengths. It has been shown that the reflectivity 
of an object at three wavelength bands, peaked at 
450, 540, and 610 nm, has an important bearing on 
color reconstruction. These wavelengths can also be 
considered optimal for the recording of color 
holograms even though the laser lines are very 
narrow-band. A triangle larger than necessary can 
be considered in order to compensate for color 
desaturation (color shifting towards white) that 
takes place when reconstructing color reflection 
holograms in white light. According to Hubel’s 
color rendering analysis, the optimal wavelengths 
are 464, 527, and 606 nm for the sandwich silver 
halide recording technique. If the calculations are 
performed to maximize the gamut area instead, the 
following set of wavelengths is obtained: 456, 532, 
and 624nm. However, when approached from a 
different viewpoint, the optimal trio of wavelengths 
based on the reconstructing light source of 3400 K, a 
6 wm thick emulsion with a refractive index of 1.63 
and an angle of 30° between the object and the 
reference beam the following wavelengths were 
obtained: 466.0, 540.9, and 606.6 nm. Peercy and 
Hesselink (1994) discussed wavelength selection by 
investigating the sampling nature of the holographic 
process. During the recording of a color hologram the 
chosen wavelengths point-sample the surface-reflec- 
tance functions of the object. This sampling on color 
perception can be investigated by the tristimulus 
value of points in the reconstructed hologram which 


is mathematically equivalent to integral approxi- 
mations for the tristimulus integrals. Peercy and 
Hesselink used both Gaussian quadrature and 
Riemann summation for the approximation of 
the tristimulus integrals. In the first case they found 
the wavelengths to be 437, 547, and 665 nm. In the 
second case the wavelengths were 475, 550, and 
625 nm. According to Peercy and Hesselink, the 
sampling approach indicates that three monochro- 
matic sources are almost always insufficient to 
preserve all of the object’s spectral information 
accurately. They claim that four or five laser 
wavelengths are required. 

Only further experiments will show how many 
wavelengths are necessary and which combination is 
the best for practical purposes. Another factor that 
may influence the choice of the recording wavelengths 
is the availability of cw lasers currently in use in 
holographic recording, for example, argon ion, 
krypton ion, diode-pumped solid state (DPSS) fre- 
quency-doubled Nd:YAG, helium neon, and helium 
cadmium lasers (Table 2). 

The recent progress in DPSS laser technology has 
made available both red and blue DPSS lasers. These 
lasers are air-cooled, small, and each laser requires 
less than a hundred watts of electric power to 
operate. Usually, a set of three DPSS lasers will be 
the best choice of cw lasers for color holography in 
the future. 


Setup for Recording Color Holograms 
A typical reflection hologram recording setup is 


illustrated in Figure 2. 


Table 2 Wavelengths from cw lasers 





Wavelength [nm] Laser type Single line power [mW] 
442 Helium cadmium <100 
457 DPSS blue <500 
458 Argon ion <500 
468 Krypton ion <250 
476 Krypton ion <500 
477 Argon ion <500 
488 Argon ion <2000 
497 Argon ion <500 
502 Argon ion <400 
514 Argon ion <5000 
521 Krypton ion <100 
529 Argon ion <600 
531 Krypton ion <250 
532 DPSS green <3000 
543 Green neon <10 
568 Krypton ion <100 
633 Helium neon <80 
647 Krypton ion <2000 
656 DPSS red <1000 
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Figure 2. The setup for recording color reflection holograms. 


The different laser beams necessary for the 
exposure of the object pass through the same beam 
expander and spatial filter. A single-beam Denisyuk 
arrangement is used, i.e., the object is illuminated 
through a recording holographic plate. The light 
reflected from the object constitutes the object beam 
of the hologram. The reference beam is formed by the 
three expanded laser beams. This ‘white’ laser beam 
illuminates both the holographic plate and the object 
itself through the plate. Each of the three primary laser 
wavelengths forms its individual interference patternin 
the emulsion, all of which are recorded simultaneously 
during the exposure. In this way, three holographic 
images (a red, a green, and a blue image) are super- 
imposed upon one another in the emulsion. 

Three laser wavelengths are employed for the 
recording: 476nm, provided by an argon ion 
laser, 532 nm, provided by a cw frequency-doubled 
Nd:YAG laser, and 647 nm, provided by a krypton 
laser. Two dichroic filters are used for the combining 
of the three laser beams. The ‘white’ laser beam goes 
through a spatial filter, illuminating the object 
through the holographic plate. 

By using the dichroic filter beam combination 
technique, it is possible to perform simultaneous 
exposure recording, which makes it possible to 
control independently the RGB ratio and the overall 
exposure energy in the emulsion. The RGB ratio can 
be varied by individually changing the output power 
of the lasers, while the overall exposure energy is 
controlled solely by the exposure time. The overall 
energy density for exposure is about 3 mJ(cm) ”. 





White laser 













Krypton ion laser (647 nm) 








CW Nd:YAG laser (532 nm) 





Argon ion laser (476 nm) 





Object behind the 
plate positioned __ 
upside down 






Spatial filter 


Holographic plate 


In the initial experiments performed by the author in 
1993, a specially designed test object consisting of the 
1931 CIE chromaticity diagram, a rainbow ribbon 
cable, pure yellow dots, and a cloisonné elephant, was 
used for the color balance adjustments and exposure 
tests. Later, another test target was employed — the 
Macbeth ColorChecker® chart, which was used for 
color rendering tests. 

Color reflection holograms can also be produced 
using copying techniques so that projected real 
images can be obtained, however, normally associ- 
ated with a restricted field of view. For many display 
purposes, the very large field of view obtainable in a 
Denisyuk color hologram is often more attractive. 


Processing of Color Holograms 


The dry processing of color holograms recorded on 
photopolymer materials has already been described. 
The process is simple and very suitable for machine 
processing using, for example, a baking scroll oven. 
The processing of silver halide emulsions is more 
difficult and critical. The Slavich emulsion is rather 
soft, and it is important to harden the emulsion before 
the development and bleaching takes place. Emulsion 
shrinkage and other emulsion distortions caused by 
the active solutions used for the processing must 
be avoided. In particular, when recording master 
color holograms intended for photopolymer replica- 
tion, shrinkage control is extremely important. 
The processing steps are summarized in Table 3. 
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Table 3 Color holography processing steps 


1. Tanning in a formaldehyde solution 6 min 
2. Short rinse 5s 

3. Development in the CWC2 developer 3 min 
4. Wash 5 min 
5. Bleaching in the PBU-amidol bleach ~5 min 
6. Wash 10 min 
7. Soaking in acetic acid bath (printout prevention) 1 min 
8. Short rinse 1 min 
9. Washing in distilled water with wetting agent added 1 min 

10. Air drying 


It is very important to employ a suitable bleach 
bath to convert the developed silver hologram into a 
phase hologram. The bleach must create an almost 
stain-free clear emulsion so as not to affect the color 
image. In addition, no emulsion shrinkage can be 
permitted, as it would change the colors of the image. 
Washing and drying must also be done so that no 
shrinkage occurs. Finally, to prevent any potential 
emulsion thickness variation by humidity variations, 
the emulsion needs to be protected by a glass plate 
sealed onto the hologram plate. 


Evaluation of Color Holograms 


Recorded color holograms of the two test targets are 
presented here. The illuminating spotlight to recon- 
struct the recorded color holograms was a 12-Volt 50- 
Watt halogen lamp. This type of spotlight is suitable 
for displaying color holograms. The selection of a 
suitable lamp for the reconstruction of color holo- 
grams is much more important than the selection of 
lamps for monochrome hologram display. The color 
balance for the recording of a color hologram must be 
adjusted to the type of spotlight that is going to be 
used for the display of the finished hologram. Figure 3 
shows a typical normalized spectrum obtained from a 
white area of the color test target hologram. 

This means that the diffraction efficiency of each 
color component is obtained assuming a flat spectrum 
of the illuminating source. One should note the high 
diffraction efficiency in blue, needed to compensate 
for the low blue light emission of the halogen 
spotlight. The noise level, mainly in the blue part of 
the spectrum, is visible and low. The three peaks are 
exactly at the recording wavelengths; i.e., 647, 532, 
and 476 nm. 

In Table 4 some results of the Macbeth Color- 
Checker® investigation are presented. The 1931 CIE 
x and y coordinates are measured at both the actual 
target and the holographic image of the target. The 
measured fields are indicated in the table by color and 
the corresponding field number. 


Spectral reflectance Peak @ 476nm 


532 nm 647 nm 


Relative response 
100% = 2.430e - 001 


400 500 600 700 


Figure 3 Normalized spectrum from a white area of a color test 
target hologram. 


Color reproductions of two color holograms by the 
author are presented. A photograph of the 100 mm 
by 120 mm hologram of the CIE test object is shown 
in Figure 4. Featured in Figure 5 is a 200 mm by 
250 mm hologram of a large Russian egg. 


Computer-Generated Color 
Holograms 


Today it is not possible to obtain a computer- 
generated hologram (CGH) with the same high 
information content as the laser-recorded ones of 
real objects. What may become possible in the future 
is a technique to compute and record the interference 
pattern that is stored in a Denisyuk color hologram 
which, upon illumination, can produce an image like 
the laser-recorded ones of real objects. Therefore, the 
best compromise is to use holographic stereograms 
which can provide high-quality computer-generated 
images. A holographic stereogram is created by using 
a series of 2D photographic images or 2D images 
displayed on a LCD screen from which the hologram 
is recorded. In order to obtain a high-quality 
holographic image with a large field of view, many 
2D images are needed. As mentioned earlier, some 
color CGHs of the rainbow transmission type have 
been produced. However, image color changes as a 
function of viewer position in that type of hologram, 
making them less attractive than computer-generated 
reflection holograms. Over the last few years there 
has been rapid progress in color CGHs of the 
reflection type. Remarkable results have been 
achieved by Klug et al. (1997) at Zebra Imaging 
Inc. A new technique, to record very large full- 
parallax color reflection CGHs, has been developed. 
Color holograms can be produced, having both 
vertical and horizontal parallax, with a 100° field of 
view. The generation of a holographic hardcopy of 
either digitized images or computer graphics models 
is based on the following technique. The ‘object’ 
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Table 4 Chromaticity coordinates from color hologram recording tests using the Macbeth ColorChecker® 





Object White #19 Blue #13 Green #14 Red #15 Yellow #16 Magenta #17 Cyan #18 
CIE xy xly x/ly xly x/ly x/ly xly x/ly 

Target 0.435/0.405 0.295/0.260 0.389/0.514 0.615/0.335 0.517/0.450 0.524/0.322 0.285/0.380 
Image 0.354/0.419 0.335/0.362 0.337/0.449 0.476/0.357 0.416/0.437 0.448/0.338 0.295/0.366 





Figure 4 Hologram of the CIE test object recorded with 476, 
532, and 647 nm laser wavelengths. Notice the rainbow ribbon 
cable, the pure yellow dots, the full range of colors, and a balanced 
white in the center of the CIE color test target. 


sub-beam is directed through a sequence of digital 
images on a liquid-crystal screen. Each resulting 
exposure, about two millimeters square, is called a 
‘hogel’. The full-color hogels are the holographic 
building blocks of a finished CGH image. In an 
automated step-and-repeat process, 9 x 10* hogels 
are formed on a flat square tile of DuPont panchro- 
matic photopolymer film by simultaneous RGB laser 
exposures. The 60cm by 60cm tile itself is the 
finished hologram, or to obtain larger holograms, the 
3D image is made in 60 cm by 60 cm tiled increments. 
So far, the largest image created was of Ford’s P2000 
Prodigy concept car in which ten such holograms tiled 
together made up the large color reflection hologram 
(1.2 m by 3 m) which is reproduced in Figure 6. 





Figure 5 Color hologram of a large Russian egg, size 100 mm 
by 120 mm. 


This technique has opened the door to real 3D 
computer graphics. However, generating such a large 
hologram is a very time-consuming process. The Ford 
P2000 hologram took almost two weeks (300 hours) 
to produce, since each individual panel requires a 
24-hour recording time. 


The Future of Color Holography 


The manufacturing of large-format color reflection 
holograms is now possible. Mass production of color 
holograms on photopolymer materials has started in 
Japan. Although good color rendition can be 
obtained, some problems remain to be solved, such 
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Figure 6 Computer-generated color hologram of Ford’s P2000 Prodigy concept car. A ten tile full parallax Mosaic hologram produced 


by Zebra Imaging, Inc., size 1.2 m by 3m. 


as desaturation, image resolution, signal-to-noise 
ratio and dynamic range. Other limitations concern- 
ing holographic color recording include the fact that 
some colors we see are the result of fluorescence, 
which cannot be recorded in a hologram. There are 
some differences in the recorded colors in one of the 
test charts shown here. However, color rendition is a 
very subjective matter. Different ways of rendition 
may be preferable for different applications, and 
different people may have different color preferences. 

At the present time, research on processing color 
reflection holograms recorded on ultra-fine-grain 
materials is still in progress. Work is carried out on 
microcavity structure holograms in order to produce 
low-noise reflection holograms with high diffraction 
efficiency. For producing large quantities of color 
holograms, the holographic photopolymer materials 
are most suitable and will be further improved in 
the future. 

Another important field of research is the develop- 
ment of a three-wavelength pulsed laser. Employing 
such a laser, dynamic events, as well as portraits, can 
be recorded in a holographic form. Currently, 
research work is in progress at the French German 
Research Institute ISL, Saint Louis, France, as well as 
at the Geola company in Lithuania. 

The virtual color image behind a color holographic 
plate represents the most realistic image of an object 
that can be obtained today. The extensive field of 
view adds to the illusion of beholding a real 
object rather than an image of it. The wavefront 
reconstruction process recreates accurately the three- 
wavelength light scattered off the object during the 
recording of the color hologram. This 3D imaging 
technique has many obvious applications, in parti- 
cular, in displaying unique and expensive artifacts. 


There are also many potential commercial appli- 
cations of this new feature of holographic imaging, 
provided that the display problem can be solved using 
some sort of integrated lighting. 

Today, it is technologically possible to record 
and replay acoustical waves with very high fidelity. 
Hopefully, holographic techniques will be able to 
offer the same possibility in the field of optical waves, 
wavefront storage, and reconstruction. Further 
development of computer-generated holographic 
images will make it possible to display extremely 
realistic full-parallax 3D color images of nonexisting 
objects, which could be applied in various spheres, 
for example, in product prototyping, as well as 
in other applications in 3D visualization and 
three-dimensional art. Eventually it will become 
possible to generate true-holographic 3D color images 
in real-time, as computers become faster and possess 
greater storage capacity. However, the most important 
issue is the development of extremely high-resolution 
electronic display devices which are necessary for 
electronic holographic real-time imaging. 


See also 


Holography, 
Holograms. 


Techniques: Computer-Generated 
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Introduction 


A hologram is a tool for shaping the amplitude and 
the phase of a light wave. Shaping the amplitude 
distribution is easy, one way is by a photographic 
plate, another way is by binary pixels as used in ‘half- 
tone printing’. The phase distribution can be shaped 
by RE-fraction on a thin film of variable thickness, or 
by DIF-fraction on a diffraction grating that has been 
deliberately distorted. 

Both kinds of holograms can be manufactured 
based on a computer design, the refractive version 
being called a ‘kinoform’, and the diffractive version 
being known as a computer-generated hologram 
(CGH). We will explain the fundamentals of compu- 
ter holography with emphasis on the ‘Fourier-CGH’, 
and will also highlight the large variety of 
applications. 


From the Classical Hologram to the 
Computer-Generated Hologram: CGH 


Holography is a method to form images, consisting of 
two steps: recording and reconstruction. In the 
recording step, some interference fringes are recorded 
on a photographic plate (Figure 1a). The two 
interfering waves originate from the object and from 
a reference light source. After being developed by the 
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usual photo-chemical treatment the photographic 
plate is called a hologram. In the reconstruction 
step, the hologram acts as a diffracting object that is 
illuminated by a replica of the reference light. Due to 
diffraction, the light behind the hologram is split into 
three parts (Figure 1b). One part proceeds to the 
observer who perceives a virtual object where 
the genuine object had been originally during the 
recording step. 


KK | 


Obj 
(a) Photo 
Ref 
Observer 
a —— True 
S— Zeroth 
Virtual 
Twin 
(b) Holo 
Figure 1 Holographic image formation in two steps: (a) 


recording the hologram, (b) reconstructing the object wave. 
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The RF-to-DC conversion efficiency for this circuit is shown in Fig. 18 where at input power 
equal to OdBm, we achieve at least 60% conversion efficiency by measurement, given a 
2.1kQ optimal load. This rectenna circuit is ideal for powering small sensors that run on 1.5 
V or 2.2 V and 6A nominal current consumption. If we need to power sensors demanding 
more power, say at least 2.2 V and 0.3mA to 1.47mA, we have to accumulate the power in a 
capacitor over time as discussed in section 2.4.3 above. 


1.5.2 Cellular energy harvesting application example 


Environmental power generation in the neighbourhood of a cellular base station to power a 
temperature sensor is proposed as shown in Fig. 19 below. Electric field strength 
measurements in the base station neighbourhood have demonstrated the potential for 
environmental power generation, and the proposed temperature sensor system is designed 
based on these values. The rectenna described in Section 2.5.1 is used as the RF-to-DC 
rectifying circuit with the notched circular microstrip patch antenna (CMPA) proposed in 
Section 2.2.1. RF-to-DC conversion efficiency equal to 53.8% is obtained by measurement. 
The temperature sensor made for trial purposes clarifies the capability for temperature data 
wireless transmission for 20 seconds per every four hours in the base station 
neighbourhood. 






2 GHz energy-harvesting 


Temperature 
rectenna 
sensor y 
(CT422 teste a 
2.4 GHz nRF24L01P PIC 


controlled sensor radio 


Fig. 19. Application example in the vicinity of the cellular base station. 


1.6 Micropower energy harvesting management 


A rectifying antenna circuit for -40dBm incident power harvesting generates ImV at 2kQ 
load, given 0.4% efficiency as presented in Section 2.4.1. At -20dBm incidence and at least 
18.2% efficiency, 61.7mV is generated given a 2kQ load [7]. The generated DC power in both 
of these two cases is in the pW range, hence the micropower definition. To manage such 
micropower, power accumulation or energy storage is required. Storage devices may either 
be a gold capacitor, super capacitor, thin film battery or the next generation flexible paper 
batteries. These storage devices have specific or standard maximum voltage and trickle 
charging current minimum requirements. Typically, gold capacitors have voltage ratings 
like 2.7 V, 5.5 V for 100 pA, 10mA or 100mA maximum discharge current. On the other 
hand, standard ratings for batteries are 1.8 V, 2 V, 3.3 V and 4.1 V. Therefore, to directly 
charge any of these storage devices from 1mV, or 61.7mV DC is impractical. 
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This was a brief description of ‘classical-hologra- 
phy’. In ‘computer holography’ the first step, 
recording, is synthetic. In other words, the propa- 
gation of the light from the object to the photographic 
plate is simulated digitally. The simulation includes 
the addition of the object wave to the reference wave 
and the subsequent modulus square process, which 
describes the transition from the two complex 
amplitudes to the hologram irradiance: 


liso(xe) + up (o)l” = Tyr) [1] 
The amplitude transmittance of the hologram is 
Ty(x) =co+ qly(x) = C{UpUR fee. [2] 


The coefficients cy and c, represent the photochemi- 
cal development. In the reconstruction process 
(Figure 1b) the transmittance Ty, is illuminated by 
the reference beam. Hence, we get 


UR(x)Ty(x) = C1Uo(x)lup (xl? fee. [3] 


If the reference intensity |up(x)I7 is constant, this term 
represents a reconstruction of the object wave u(x). 
The omitted parts in eqns [2] and [3] describe those 
beams that are ignored by the observer (Figure 1b). 
The hologram transmittance Ty(x) is an analog 
signal: 


(27,21 [4] 


Before the 1960s, when computer holograms were 
invented, the available plotters could produce only 
binary transmittance patterns. Hence, it was necess- 
ary to replace the analog transmission Ty(x) by a 
binary transmission By(x), which is possible without 
loss of image quality. In addition, binary computer 
holograms have better light efficiency and a better 
signal-to-noise ratio. They are also more robust when 
being copied or printed. 

Another advantage of a CGH is that the object does 
not have to exist in reality, which is important for 
some applications. The genuine object may be 
difficult to manufacture or, if it is three-dimensional, 
difficult to illuminate. The CGH may be used to 
implement an algorithm for optical image processing. 
In that case, the term ‘object? becomes somewhat 
fictitious. We will discuss more about applications, 
towards the end of this article. 


From a Diffraction Grating to a Fourier 
CGH 


Now we will explain, in some detail, the ‘Fourier 
type’ CGH. Fourier holograms are more popular than 








fF f f f 


Figure 2 Grating diffraction, but with an off-axis source. 


two other types: ‘image-plane’ CGHs and ‘Fresnel- 
type’ CGHs. The Fresnel-type will be treated in the 
section on ‘software’ because of some interest in 3-D 
holograms. Certain hardware issues will also be 
described. 

The explanation of Fourier CGHs begins with 
grating diffraction (Figure 2). The only uncommon 
feature in Figure 2 is the off-axis location of the 
source. It is arranged such that the plus-first diffrac- 
tion order will hit the center of the output plane. 

We will now convert a simple Ronchi grating 
(Figure 3a) into a Fourier CGH. The Ronchi grating 
transmittance can be expressed as the Fourier series: 





2aimx 1 
G(x) = = Cy exp( D ): Co >? 
C= sin(arm/2) [5] 
7m 


Now we shift the grating bars by an amount PD. 
Then we modify the width from D/2 to WD, as 
shown in Figure 3b. The Fourier coefficients are now 


6 = exp(27rimP) sin(aamW) 16] 


Tm 





The C,, coefficient is responsible for the complex 
amplitude at the center of the readout plane: 


exp(27iP) sin(a W) 


T 





Cy = [7] 
We are able now to control the beam magnitude, 
A=(4)sin(7W), by the relative bar width W 
and the phase 6 = 2aP by the relative bar shift P. 
This particular kind of phase shift is known as 
‘detour phase’. 

So far, the light that ends up at the center of the exit 
plane, leaves the grating as a plane wave with a wave 
vector parallel to the optical axis. Now we distort the 
grating on purpose (Figure 3c): 


W- Wx, y); P— P(x, y) [8] 
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Figure 3 Modifying a grating into a hologram in 3 steps: 
(a) Ronchi grating, (b) Modified width and location of the grating 
bars, (c) Distorted grating bars, (d) as in Figure 3c, but now 
discrete distortions. 


These distortions should be mild enough that the 
plus-first order light behind the distorted grating can 
be described by the complex amplitude: 


1 
( )sintmWex, 9) exp[2mP(x, y)] =up(x,y) — [9] 


T 


This is a generalization of eqn [7]. The phase 
2mP(x,y) covers the range from —m to +7/2 if 





Figure 4 CGH with 64 x 64 cells. 


the shift is bounded by |P| = +. That is enough to 
cover the range of complex amplitudes within the 
circle of lw! = +. We will return shortly to the 
condition ‘mild-enough distortions’ in the context 
of Figure 4. 

Most plotters move their pens only in the x- 
direction and y-direction and printers place dots ona 
grid. Therefore it is convenient to replace the 
continuous (x,y) variations of W and P by piece- 
wise constant variations, as in Figure 3d. That 
restriction turns out to be acceptable, as demon- 
strated by the first computer holograms. The theor- 
etical proof involves the sampling theorem. 

Recall that the light propagation through a 2-f 
system (Figure 2, between grating and output plane) 
can be described by a Fourier transformation: 


os ; / 
{ { ibis ox =2ai(xx! + yy) Jo i 


Af 
/ / 
=a = 2 
Af’ Af 
Suppose now that we wish to see a particular image: 
v(x’, y'). Hence, we request that 


/ i J 
wer-ml Sey) 


The RECT function indicates that only the PLUS first 
diffraction order is of interest. As a consequence 
we have to select the grating distortions W(x, y) 
and P(x, y) such that the hologram u(x, y) is the 


[10] 


[11] 
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Figure 5 A reconstruction from a 1024 x 1024 CGH. The real 
image and the symmetrical twin image appear. The zeroth-order 
is blocked. 
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Figure 6 Reconstruction setup for a Fourier CGH. 


Fourier transform of v(x’, y’) : 


: J / 
uy(x,y)= J foo’ cx ee Jew dy’ 


[12] 


The condition ‘mild enough distortions’ has been 
treated in the literature. There is not enough space 
here to present that part of the CGH theory. But we 
show an actual CGH with 64 x 64 cells (Figure 4). 
This CGH is no longer a grating, but, it shows enough 
resemblance to our heuristic derivation. Hence, the 
CGH theory appears to be trustworthy. A CGH looks 
less regular if the image v(x’, y’) contains a random 
phase that simulates a diffuser. The diffuser spreads 
light across the CGH and so levels out unacceptably 
large fluctuations in the amplitude. 

With 512 x 512 or 1024 x 1024 cells in a CGH 
one can obtain an image of the quality seen in 
Figure 5. The reconstruction setup is shown in 
Figure 6, here with the letter F as the image. 


About Some CGH Algorithms 


The computational effort for getting the desired 
hologram amplitude of a Fourier hologram mu, is 
reasonable due to the powerful FFT algorithm. 
However, to use it the data must be discrete. In 
other words, the CGH consists of cells, centered at 


Xm =mD, y,=nD as shown in Figure 3d. The 
questions now are: ‘What is the proper cell size D?’ 
and ‘How many cells are needed?’ The answers 
to those questions depend on the parameters of 
the image. If the zero order (see Figure 6) should be 
at the distance Axg, then the quasi-grating period D 
should obey: 
Af 


— = Axo 


D [13] 


And if the size of an image pixel should be as fine as 
Oxy, the size Axz, of the hologram should obey: 


[14] 


This condition is plausible because the finite size Axy 
of the hologram acts like a resolution-limiting 
aperture. The combination of eqns [13] and [14] 
yields 


Axo Axy 
hen < a [15] 
This means that the number of image pixels Axg/6xQ 
is bounded by the number of CGH cells Ax;/D. The 
generalization to two dimensions is straightforward. 
Again, Fourier CGHs benefit from the fact that the 
light propagation from the virtual object to the 
hologram plane can be described by a Fourier 
transformation. Hence, the FFT can be used. 

And now we move to the synthesis of a Fresnel 
hologram. A Fresnel hologram is recorded at a finite 
distance z from the object. Hence, we have to 
simulate the wave propagation in free space from 
the object (at z = 0) to the hologram at a distance z. 
This free space propagation can be described (in the 
paraxial approximation) as a convolution of object 
and quasi-spherical wave: 


—inlx — x’)? 
rz 





Jue = u(x, 2) 
[16] 


n(x) [wot ex 


In the Fourier domain the corresponding operation is: 


ity(w) — ito(n) exp[—imAzu”] = it(w,z) [17] 


The indirect execution of eqn [16], based on eqn [17], 
is easy: a Fourier transformation of the object 
converts u(x) into %(), which is then multiplied 
by the quadratic phase factor, yielding #(u,z). An 
inverse Fourier transformation produces u(x, z). The 
two Fourier transformations consist typically of 4N 
log N multiply/add operations. N is the number of 
pixels: image size Axo, divided by the pixel size dxp. 
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In the case of a rectangular object ug(x, y), the 
number of pixels is AxpAyo/6x9 Sy o. 

Now to describe the algorithmic effort for comput- 
ing the convolution, the uo(x) has N pixels, and, the 
lateral size of the exponential is essentially M = z/6z, 
where 6z represents ‘depth of focus’. M describes the 
lateral size of the diffraction cone, measured in pixel 
size units 6x9, and the convolution involves MN 
multiply/adds. A comparison of these two algorithms 
is dictated by the ratio 


M 


4 log N 


The direct convolution is preferable if the distance z 
is fairly small. The integration limits of eqn [16] 
depend on the oscillating phase ax7/Az. Effectively, 
nothing is contributed to this integral, when this 
phase varies by more than 277 over the length, 5x0, of 
an object pixel. Note that the pixel size of u(x, z) 
does not change with the distance z, because the 
bandwidth Ap(z) = App is z-independent. This is so 
because the power spectrum is z-invariant: 


[19] 
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Figure 7 Synthesis of a hologram for a three-dimensional object. 


(a) 


Figure 8 





It is easy to proceed from here to the CGH 
synthesis of a 3-D object. One starts with an object 
detail u(x) at z,, for example, the house as in 
Figure 7. Then, one propagates to the next object 
detail at z.. This second detail may act as a multi- 
plication (transmission) and as addition (source 
elements). This process is repeated as the wave 
moves towards the plane of the hologram. There, 
a reference wave has to be added, as in the 
Fourier case. 

A very powerful algorithm for the CGH synthesis 
is ‘IFTA’ (iterative Fourier transform algorithm). 
Suppose, we want to design a Fourier CGH, which 
looks like a person and whose reconstructed image 
shows the signature of that person (Figure 8a,b). 
In other words, the two intensities 

luy(x, yy? and liy(p, v)! [20] 
are determined. But, the phase distributions of wy 
and iy are still at our disposal. The IFTA algorithm 
will yield those phases in many cases at the expense 
of ten, hundred or more Fourier transformations. 

The IFTA algorithm is sometimes called ‘Fourier 
Ping-Pong’ because it bounces back and forth between 
the (x, y) and the (yu, v) domain. The amplitudes |x| 
and lugl are enforced at every opportunity. But the 
associated phases are free to vary and to converge, 
eventually. If so, “jy and up are completely known. 
The IFTA will not always converge, for example not if 


luqy(x, y)l = S(x,y) and lay(u, v)l = d(y, v) [21] 


But the chances are fairly good if both amplitudes are 
often close to one and seldom near zero. 





IFTA-CGH: (a) The Fourier CGH. (b) The optical reconstruction thereof. (Courtesy of H.O. Bartelt.) 
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Finally, an image plane CGH is trivial from an 
algorithmic point of view. The simulated propagation 
from object plane to image plane is usually an 
identity, apart from the finite bandwidth of the 
image-forming system. Nevertheless, image plane 
holograms can be quite useful, for example for 
interferometric testing of a nonspherical mirror of 
an astronomical telescope. The CGH is laid out to 
provide a wavefront that is suitable for an interfero- 
metric ‘null test’. The CGH serves as a ‘synthetic 
prototype’. 

A fourth kind of CGH, to be named near-field 
CGH may emerge. It operates in the near-field and it 
employs evanescent waves as they occur, if object 
details are comparable in size with, or even 
smaller than, the wavelength. Conceivable topics 
are ‘super resolution’ and ‘sub-lambda lithography’. 
Fundamentals and history of classical evanescent 
holography are reported in the Further Reading. 


Some Hardware Aspects 


We now describe some hardware aspects of the 
CGHs. Remembering the CGH cell structure in 
Figure 3d, we saw the amplitude encoded as relative 
width W (eqn [6]). Instead of the width, one may use 
the relative height H = 1 as the amplitude parameter. 
More efficient, but more difficult to manufacture are 
saw tooth-shaped hologram cells. The saw tooth 
prism may be approximated by a phase stair, which is 
possible with today’s lithographic technology. The 
corresponding theory is called phase quantization. 
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Figure 9 (a) Hilbert setup. (b) Hilbert filter. 
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Figure 10 (a) Phase contrast filter. (6) Phase contrast output. 





Some CGH Applications 


Some applications had been mentioned already 
before, e.g., 3-D display (see Figure 7). The data 
volume can be very high, hence, shortcuts such as 
eliminating the vertical perspective, are necessary. 
The largest CGHs for visual light are used for testing 
astronomical telescopes by means of interferometry. 
The IFTA algorithm has been used, among other 
things, for designing a CGH which acts as an optimal 
diffuser. Speckles and light efficiency are the critical 
issues in diffuser design. Another project, that also 
benefits from IFTA, is beam shaping. That is a broad 
topic with aims at, for example, homogenizing the 
output of laser, beam structuring for welding, cutting, 
and scanning. 

A CGH can also be used as a spatial filter for image 
processing. For example, an input image may be 
Hilbert-transformed in the setup shown in Figure 9a. 
The filter (Figure 9b) is a grating, of which one 
sideband is shifted by one-half of the grating period. 
Such a geometric shift generates the 7-phase shift that 
is needed for the Hilbert transformation. The same 
setup can also be used to implement Zernike’s phase 
contrast. Now the grating is distorted such that the 
zero-frequency region at the optical axis is reduced in 
amplitude by (typically) a factor of 0.2. In addition, 
the phase is shifted by 7/2 due to a fringe shift of a 
quarter period (Figure 10a). In the image plane one 
can see an ordinary image on-axis, and two phase- 
contrast images in the plus-minus first diffraction 
orders. One of them has positive phase contrast, the 
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(a) (b) 


Figure 11 (a) Differentiation filter. (b) Differentiation output. 
other one has negative phase contrast (Figure 10b). 
Another simple spatial filter (Figure 11a) produces 
a derivative of the input u(x, y): du(x, y)/dx 
(Figure 11b). Equations [22]-[24] explain this 
differential filtering experiment. 





OUu(x, 
u(x,y) = ME yx, 9) [22] 
(pw, V) > 27M, Vv) = O(M, V) [23] 


2 +i(u > 0) 
P(u, v) = rin [24] 
—i(p > 0) 


The phase portion of the filter (Figure 11a) is the 
same as for the Hilbert filter, but, the filter amplitude 
now enhances the higher frequencies. The object used 
for getting the results of Figure 10b and 11b was a 
phase-only object: a bleached photograph. 

A very famous spatial filtering experiment is 
‘matched filtering’, which can be used for pattern 
recognition. The original matched filters were classi- 
cal Fourier holograms of the target pattern. Compu- 
ter hologram’s can do the same job, even with 
spatially incoherent objects, this work being initiated 
by Katyl. 

Fourier holograms are also attractive for data 
storage, due to their robustness against local defects. 
However, a local error in the Fourier domain spreads 
out all over the image domain. The computed 
hologram has an advantage over classical holograms 
because of the freedom to incorporate any error 
detection and correction codes for reducing the bit 
error rate even further. 

One of the most recent advances is in matched 
filtering with totally incoherent light. This step allows 
moving spatial filtering out of the well-guarded 
laboratory into hostile outdoor environments. 





Finally, a word about terminology; several terms 
are used in place of ‘CGH’: synthetic hologram, 
digital hologram, holographic optical element 
(HOE), diffractive optical element (DOE) or digital 
optical element. 

CGHs have also been made for other waves, such 
as acoustical waves, ocean waves, and microwaves. 
Digital antenna steering represents a case of computer 
holography. 


See also 


Diffraction: Fraunhofer Diffraction; Fresnel Diffraction. 
Fourier Optics. Holography, Techniques: Computer- 
Generated Holograms; Holographic Interferometry; 
Overview. Imaging: Information Theory in Imaging; 
Inverse Problems and Computational Imaging; Three- 
Dimensional Field Transformations. Information 
Processing: Coherent Analogue Optical Processors; 
Free-Space Optical Computing; Incoherent Analog 
Optical Processors. Optical Communication Systems: 
Free-Space Optical Communications. Optical Process- 
ing Systems. Phase Control: Wavefront Coding. 
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Introduction 


The sinusoidal nature of light, its ability to interfere, 
and the precise knowledge of its wavelength make it 
possible to measure several metrological quantities, 
such as distances and displacements, with high 
accuracy. However, the high frequency of light results 
in the difficulty that the primary quantity to be 
measured, i.e., the phase of the light wave, cannot be 
observed directly. All quadratic sensors (CCD, 
CMOS, photo plates) are only able to record 
intensities. Therefore, one makes use of a trick: the 
transformation of phase changes into recordable 
intensity changes as the basic principle of interfero- 
metry and holography. Holography provides the 
possibility to record and to reconstruct the complete 
information of optical wave fields. Numerous poten- 
tial applications such as 3D-imaging of natural 
objects, fabrication of diffractive optical elements, 
and interferometric investigation of complex technical 
components become possible. Further progress has 
been made by recording holograms directly with 
electronic targets and not in photographic emulsions. 
In this way the independent numerical reconstruction 
of phase and intensity can be accomplished by the 
computer. One important consequence is that inter- 
ferometric techniques, such as 3D-displacement anal- 
ysis and 3D-contouring, can be implemented easily 
and with high flexibility. Furthermore, digitally 
recorded holograms can be transmitted via telecom- 
munication networks and optically reconstructed at 
any desired place using an appropriate spatial light 
modulator. Consequently, the complete optical infor- 
mation of complex objects can be transported 
between different places with high velocity. This 
opens the possibility to compare nominal identical 
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but physically different objects (master sample com- 
parison) available at different locations with inter- 
ferometric sensitivity. We call this remote metrology. 


Direct Phase Reconstruction 
by Digital Holography 


In digital speckle pattern interferometry (DSPI), the 
object is focused onto the target of an electronic 
sensor. Thus, an image plane hologram is formed as a 
result of the interference with an inline reference 
wave. In contrast with DSPI, a digital hologram is 
recorded without imaging. The target records the 
superposition of the reference and the object wave in 
the near-field region — a so-called Fresnel hologram. 
The basic optical setup in digital holography for 
recording holograms is the same as in conventional 
holography (Figure 1a). A laser beam is divided into 
two coherent beams, one illuminating the object and 
forming the object wave, the other entering the target 
directly and forming the reference wave. On this 
basis, very compact solutions are possible. Figure 1b 
shows a holographic camera where the interfero- 
meter, containing a beamsplitter and some wavefront 
shaping components, is mounted in front of the 
camera target. 

For a description of the principle of digital Fresnel 
holography, we use a simplified version of the 
optical setup (Figure 2a). The object is modeled by 
a plane rough surface that is located in the (x, y)- 
plane and illuminated by laser light. The scattered 
wavefield forms the object wave u(x, y). The target 
of an electronic sensor (e.g., a CCD or a CMOS) 
used for recording the hologram is located in the 
(é,y)-plane at the distance d from the object. 
Following the basic principles of holography, the 
hologram h(€, 7) originates from the interference of 
the object wave u(é, 7) and the reference wave r(é, y) 
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Figure 1 Setup for recording digital holograms. (a) Schematic setup for recording a digital hologram onto a CCD target. 
(b) Implementation of a holographic camera by mounting a compact holographic interferometer in front of a CCD-target (4 illumination 
directions are used). Reproduced from Seebacher S, Osten W, Baumbach Th and Juptner W (2001) The determination of material 
parameters of microcomponents using digital holography. Optics and Lasers in Engineering 36(2): 103-126, copyright © 2001, with 


permission from Elsevier. 


in the (& 7)-plane: 


b(é,n) = luté n) + (& MP 
=r +ru"+ur +uu" [1] 


The transformation of the intensity distribution into 
a gray value distribution, that is stored in the image 
memory of the computer, is considered by the 
characteristic function ¢ of the sensor. This function 
is generally only approximately linear: 


T = thé n)] [2] 


Because the sensor has a limited spatial resolution, 
the spatial frequencies of the interference fringes 
in the hologram plane — the so-called micro- 
interferences — have to be considered. The fringe 
spacing g and the spatial frequency f,, respectively, 
are determined by the angle B between the object 


and the reference wave (Figure 2b): 


1. A 
8 F ~ Fsin(B2) 


with A as the wavelength. If we assume that the 
discrete sensor has a pixel pitch (distance between 
adjacent pixels) Ag the sampling theorem requires 
at least two pixels per fringe for a correct 
reconstruction of the periodic function: 





[3] 


1 
2AE< 4 
4 : [4] 
Consequently, we obtain for small angles B: 
Xr 
B< The [5] 


Modern high-resolution CCD or CMOS chips 
have a pitch, Aé of about 4pm. In this case, a 
maximum angle between the reference and the 
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Figure 2 Geometry for recording and reconstruction of digital 
holograms. (a) Schematic setup for Fresnel holography. (b) 
Interference between the object and reference wave in the 
hologram plane. 


object wave of only 4° is acceptable. The practical 
consequence of the restricted angle resolution in 
digital holography is a limitation of the effective 
object size that can be stored holographically by an 
electronic sensor. However, this is only a technical 
handicap. Larger objects can be placed at a sufficient 
distance from the hologram, or reduced optically by 
imaging with a negative lens. 

The reconstruction is done by illuminating the 
hologram with a so-called reconstruction wave 


cg, 9): 
u'(x', y') = thé mlcé m) [6] 


The hologram, ¢[h(é 7)], diffracts the wave, c(& 7), in 
such a way that images of the object wave are 
reconstructed. Usually four terms are reconstructed if 
the wave, u(x’, y), propagates in space. An assumed 
linear characteristic function, t() = ah + to, delivers: 


ul = Tc = t(h)c [7] 
and 
ul! = alew? + cr + cur + cru*| + cty [8] 


with two relevant image terms, [cur*] and [cru*]. The 
appearance of the image terms depends on the 
concrete shape of the reconstruction wave. Usually 
the reference wave, c =r, or its conjugated version, 
c=r', is applied. In the case of the conjugated 
reference wave, a direct or real image will be 
reconstructed due to a converging image wave that 


can be imaged on a screen at the location of the 
original object. 

However, in digital holography the reconstruction 
of the object wave in the image plane, u'(x’, y’), is 
done by numerical simulation of the physical process, 
as shown in Figure 3a. The reconstruction wave with 
a well-known shape equal to the reference wave, 
r(é,n), propagates through the hologram, h(é, 7). 
Following the Huygens principle, each point, P(é 7), 
on the hologram, acts as the origin of a spherical 
elementary wave. The intensity of these elementary 
waves is modulated by the transparency, h(€, 7). In a 
given distance, d’ = d, from the hologram, a sharp 
real image of the object can be reconstructed as the 
superposition of all elementary waves. For the 
reconstruction of a virtual image, d' = —d is used. 

Consequently, the calculation of the wavefield, 
u'(x’, y’), in the image plane starts with the pointwise 
multiplication of the stored and transformed intensity 
values, t[h(é )], with a numerical model of the 
reference wave, r(é, 9). If the hologram is assumed to 
be uniformly illuminated by a normally incident, 
monochromatic plane wave of amplitude 1 the 
reference wave can be modeled by 7r(é 7) =1. 
After the multiplication the resulting field in the 
hologram plane is propagated in free space. In the 
distance, d', the diffracted field, u(x’, y’), can be found 
by solving the well-known Rayleigh-Sommerfeld 
diffraction formula, that is also known as the 


y'* 





Image plane} 





Figure 3 Reconstruction of digital holograms. (a) Principle of 
wave front reconstruction. (b) Light propagation by diffraction 
(Huygens—Fresnel principle). 
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Huygens—Fresnel principle: 


u(x',) = * | I... 


1. exptikp) 
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mulccs mIré 1) 


———“ cos 6dédn [9] 


with 








pe-x.n-y) =a? +(E-xP +(m-yP [10] 
as the distance between a point O/(x’,y’,z=d’) in 
the image plane and a point P(é,y,z=0) in the 
hologram plane, and 


[11] 


as the wave number. The obliquity factor, cos 6, 
represents the cosine of the angle between the 
outward normal and the vector joining P to O’. 
This term is given as: 
7 
cos 6= — [12] 
p 
and therefore the Huygens—Fresnel principle can be 
rewritten: 


d 
had Kay 
ae 


This numerical reconstruction delivers the complex 
amplitude of the wavefront. Consequently, the phase 
distribution, (x’,y), and the intensity, I(x’, y’), can be 
calculated directly from the reconstructed complex 
function, u(x’, y): 


ane 


t[h(é, nr Qo dédy 


[13] 


Imlu'(x', y’)| 


Relu'(x', y’)| [14] 





d(x’, y') = arctan [— 7, 77] 


Ix',y) = ul’, yu", y/) [15] 
The direct approach to the phase yields several 
advantages for imaging and metrology applications 
that are discussed later. 


Reconstruction Principles in Digital 
Holography 


Different numerical reconstruction principles have 
been investigated: the Fresnel approximation, the 
convolution approach, the lens-less Fourier 
approach, the phase shifting approach, and the 
phase-retrieval approach. In this section the main 
techniques are briefly described. 


The Fresnel Approximation 


If the distance, d, between the object and hologram 
plane, and equivalently, d’ = d, between the hologram 
and image plane, is large compared to (€— x’) and 
(yn —¥'), then the denominator of eqn [13] can be 
replaced by d’” and the parameter p in the numerator 
can be approximated by a binomial expansion for the 
square root (10) where only the first two terms are 
considered: 


p~ ali 


The resulting expression for the field at (x’, y’) becomes 
1 yn _. exp(ikd’) 
Hetn= TF Ne 


ik 
xexp| slE- xP +00 yy }dedn | 
[17] 
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Equation [17] is a convolution integral that can be 
expressed as 


u(x',y) =| 


thé nir(é mH 





x (€-x',n—y)dédy [18] 
with the convolution kernel: 
» _»__ exp(ikd’) xp| ce ik =. fd 


Another notation of eqn [17] is found if the term 
exp[(ik/2d’)(x? +/*)] is taken out of the integral: 








iene fase 
RIO ea ing +n >|} 
x exp| = iT a! + ny ) Jae dy [20] 
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[21] 


where FT,» indicates the 2-dimensional Fourier 
transform that has been modified by a factor 1/(Ad’). 
Equation [21] makes clear that the diffracted 
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Published works have demonstrated the need for a DC-to-DC boost converter placed 
between the rectifying antenna circuit (rectenna) and the storage device. Recent efforts 
have demonstrated that a 40mV rectenna output DC voltage could be boosted to 4.1 V to 
trickle charge some battery. A Coilcraft transformer with turns ratio (Ns: Np) equal to 100 
was used in the boost converter circuit. An IC chip leading manufacturer (Linear 
Technology Corp., LT Journal, 2010) has released a linear DC-to-DC boost regulator IC 
chip capable of boosting an input DC voltage as low as 20 mV and supplying a number of 
possible outputs, specifically suited for energy harvesting applications. While this IC is a 
great milestone, readers and researchers need to understand the techniques to achieve 
such ICs and also the limitations that apply. In the following sub section, we will describe 
the methods toward designing a DC-DC boost converter, suitable for micropower RF 
energy harvesting. 


In the design, we will attempt to clarify the parameters that affect the DC-DC conversion 
efficiency. For this design, Envelope simulation in Agilents’s ADS is used. This simulation 
technique is the most efficient for the integrated rectenna and DC-DC boost converter 
circuits. 


1.6.1 DC-DC boost converter design theory and operation 


The DC-DC boost converter design theory and actual implementation are presented in this 
section. The inequality VinVou defines the boost operation. In this Chapter, our boost 
converter concept is illustrated in Fig. 20. A small voltage, Vin is presented at the input of the 
boost converter inductive pump which as a result, generates some output voltage, Vou. The 
output voltage is feedback to provide power for the oscillator. The oscillator generates a 
square wave, Fosc that is used for gate signalling at the N-MOSFET switch. 


We ee ae a eee Nate eae ay Ae 


eS 










Id DC-DC booster 
L (aH) 


I f= ME: for HB 
Simulation 


Switch (N-MOSFET) 


Fig. 20. Boost converter concept. 


The drain signal of the N-MOSFET is used as the switch node voltage, Vsn at the anode of 
the diode inside the boost converter circuit block. From the concept presented in Fig. 20, the 
actual implemented circuit is shown in Fig. 21. The circuit was designed in Agilent’s ADS 
and fabricated for investigation by measurement. 


The circuit in Fig. 21 is proposed for investigation. Since a DC-DC boost converter is 
supposed to connect to the rectenna’s output, it therefore, becomes the load to the rectenna 
circuit. This condition demands that the input impedance of the boost converter circuit 
emulates the known optimum load of the rectenna circuit. This has the benefit of ensuring 
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wavefront consists of the Fourier transform (FT) of 
the digitally stored hologram, ¢[h(é7)], multiplied 
by the reference wave, r(é7), and the chirp 
function, exp{(ia/Ad’)(@+77)}. This Fourier trans- 
form is scaled by the constant factor, 1/(id’A), and a 
phase factor that is independent of the processed 
hologram. 

The discrete sampling in digital processing requires 
the transformation of the infinite continuous integral 
in eqn [20] into a finite discrete sum. This results in 
the finite Fresnel transform: 


M-1 N-1 
u(m,n) = >> th AE IAn)Ir(jAg An) 


j=0 [=0 


xX exp a (Pak + Par) | 


x exp] ida + =) 


where constants and pure phase factors preceding the 
sums have been omitted. The main parameters are the 
pixel number M x N and the pixel pitches Aé and An 
in the two directions, which are defined by the used 
sensor chip. 

The discrete phase distribution, (m,n), of the 
wavefront and the discrete intensity distribution, 
I(m,n), on the rectangular grid of MXN sample 
points can be calculated from the reconstructed 
complex function, u/(m,n), by using eqns [14] and 
[15], respectively. The wrapped phase distribution is 
computed directly without the need of additional 
temporal or spatial phase modulation such as phase 
shifting or spatial heterodyning. 

For interferometric applications with respect to 
displacement and shape measurement the phase 
difference, S(m,n), of two reconstructed wave 
fields, u\(m,n) and ui(m,n), needs to be calculated. 
The algorithm can be reduced to the following 
equation: 


[22] 


d(m,n) = $\(m,n) — $2(m, n) [23] 
Figure 4 shows the principle of displacement 
measurement by digital holography. Besides the 
investigation of surface displacements in the region 
of the wavelength, digital holography can be applied 
advantageously for the measurement of the shape of 
complex objects. In Figure 5, a turbine blade was 
investigated with the 2-wavelength contouring 
method. Both, the digitally reconstructed mod 
2a-phase and its demodulated version after-phase 
unwrapping, are presented. Phase unwrapping is 
necessary in digital holography, since the fringe- 
counting problem still remains. However, there are 
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Figure 4 The principle of digital holographic interferometry 
demonstrated on an example of a loaded small beam. The 
interference phase is the result of the subtraction of the two 
phases which correspond to the digital holograms of both 
object states. 


some efficient approaches to overcome the difficulties 
of this process. 

Following eqn [22] the pixel spacing in the 
reconstructed image is 


/ 
Ax’ = ee and i= 


~ MAE 








[24] 


Additional to the real image, a blurred virtual image 
and a bright dc-term, the zero-order diffracted field, is 
reconstructed. This term can effectively be eliminated 
by preprocessing the stored hologram or the different 
terms can be separated by using the off-axis instead of 
the in-line technique. However, the spatial separation 
between the object and the reference field requires 
a sufficient space-bandwidth product of the used 
CCD-chip, as discussed in the section on direct phase 
reconstruction above. 


Numerical Reconstruction by the Convolution 
Approach 


In the section above, we have already mentioned that 
the connection between the image term, u(x’, y’), 
and the product, t[h(& »)|r(é ), can be described 
by a linear space-invariant system. The diffraction 
formula [17] is a superposition integral with the 
impulse response: 


ikea! 
Hol - &/ - y= SPO 
ik 
x exp| sql -x4(n- yy} | [25] 


A linear space-invariant system is characterized by a 
transfer function G, that can be calculated as the 
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Figure 5 Phase reconstruction by digital holographic interferometry on an example of 2-wavelength contouring of a turbine blade. (a) 
Image of the turbine blade. (b) Mod-277 phase distribution. (c) Unwrapped phase distribution. (d) CAD reconstruction of the turbine blade. 


Fourier-transform of the impulse response: 


Gfx. fy) = FI{H(E 0.x, y)} [26] 
with the spatial frequencies f, and f,. Consequently, 
the convolution theorem can be applied, which states 
that the Fourier transform of the convolution, 
thé, n)|r(& n), with H is the product of the 
individual Fourier transforms, FT{t[h(é 1)]r(é )} 
and FT{H}. Thus w(x’, y’) can be calculated by the 
inverse Fourier transform of the product of the 
Fourier-transformed convolution partners: 


ul(x', y') = FT {FT [e(h)r JETTA} [27] 


u'(x', y') = [t(h)r]@H 


with ® as the convolution symbol. The computing 
effort is comparatively high: two complex multipli- 
cations and three Fourier transforms. The main 
difference to the Fresnel transform is the different 
pixel size in the reconstructed field: 

Ax! = AE Ay = An 


and [29] 


Numerical Reconstruction by the Lensless 
Fourier Approach 


We have already mentioned that the limited spatial 
resolution of the sensor restricts the angle resolution 
of the digital hologram. The sampling theorem 
requires that the angle between the object beam 
and the reference beam at any point of the 
electronic sensor be limited in such a way that the 
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microinterference spacing is larger than double the 
pixel size. In general, the angle between the reference 
beam and the object beam varies over the sensor’s 
surface, and so does the maximum spatial frequency. 
Thus, for most holographic setups, the full spatial 
bandwidth of the sensor cannot be used. However, 
it is important to use the entire spatial bandwidth of 
the sensor because the lateral resolution of the re- 
constructed image depends on a complete evaluation 
of the entire information obtained from the sensor. 

Even if the speed of digital signal processing is 
increasing rapidly, algorithms should be as simple and 
as fast to compute as possible. For the Fresnel 
approach and the convolution approach, several fast 
Fourier transforms and complex multiplications are 
necessary. Therefore, a more effective approach, such 
as the subsequently described algorithm, seems 
promising. 

The lensless Fourier approach is the fastest and 
most suitable algorithm for small objects. The 
corresponding setup is shown in Figure 6. It allows 
us to choose the lateral resolution in a range from a 
few microns to hundreds of microns without any 
additional optics. Each point, (g 7), on the hologram 
is again considered as a source point of a spherical 
elementary wavefront (Huygen’s principle). The 
intensity of these elementary waves is modulated 
by t[h(&)] — the amplitude transmission of the 
hologram. The reconstruction algorithm for lensless 
Fourier holography is based on the Fresnel recon- 
struction. Here again, u(x, y) is the object wave in the 
object plane, h(€,n) the hologram, r(€ 7) the refer- 
ence wave in the hologram plane, and u(x’, y’) the 
reconstructed wavefield. 

For the specific setup of lensless Fourier hologra- 
phy, a spherical reference wave is used with an origin 
at the same distance from the sensor as the object 
itself. In the case that d' = —d, x =x’, and y=y’, 





Figure 6 Scheme of a setup for digital lensless Fourier 
holography of diffusely reflecting objects. 


both virtual images are reconstructed and the 
reconstruction algorithm then reads: 


= exp(ikd) eer ty) 
iAd 


xFT yg tth(& mlré m)-e ert [30] 


u'(x',9') 


with FT,, as the 2-dimensional Fourier transform- 
ation which has been scaled by a factor 1/Ad. In this 
recording configuration, the effect of the spherical 
phase factor associated with the Fresnel diffraction 
pattern of the object is eliminated by the use of a 
spherical reference wave, r(é,n), with the same 
average curvature: 


r(x, y) = const. X exp(i ge + 7)) [31] 


This results in a more simple reconstruction algori- 
thm which can be described by 


u(x.) = const. X exp(—1 50° +9) 


Ad 
x FT ya{h(é,0)} [32] 


Besides the simpler and faster reconstruction 
algorithm (only one Fourier transformation has to 
be computed), the Fourier algorithm uses the full 
space-bandwidth product (SBP) of the sensor chip 
because it adapts the curvature of the reference wave 
to the curvature of the object wave. 


Influences of Discretization 


For the estimation of the lateral resolution in digital 
holography, three different effects related to discre- 
tization have to be considered: averaging, sampling, 
and the limited sensor size. We assume a quadratic 
sensor with NxM pixels of the size Aéx Aé. 
Each pixel has a light-sensitive region with a side 
length yAé= Aé sg. y* is the so-called fill factor 
(0 = y= 1), that indicates the active area of the 
pixel. The sensor averages the incident light which 
has to be considered because of possible intensity 
fluctuations over this area. The continuous 
expression for the intensity I(é 7) = t[h(é7)], 
registered by the sensor, has to be integrated over 
the light-sensitive area. This can be expressed 
mathematically by the convolution of the incident 
intensity I(é 7), with a rectangle function: 


I'(& n) < 1@rectygy rey [33] 
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The discrete sampling of the light field is modeled 
by the multiplication of the continuous assumed 
hologram with the 2-dimensional comb-function: 


PE mM KE ) X combgg rg [34] 

Finally, the limited sensor size requires that the 
comb-function has to be truncated at the borders of 
the sensor. This is considered by the multiplication 
with a 2-dimensional rect-function of the size N x Aé: 


P(E) oP X rectynen.aé [35] 
The consequences are amplitude distortions, aliasing 
and speckling that have to be considered in the 
reconstruction procedure. 


Advantages of Digital Holography 


Besides the electronic processing and the direct access 
to the phase, some further advantages recommend 
digital holography for several applications such as 
metrology and microscopy: 


e The availability of the independently recon- 
structed phase distributions of each individual 
state of the object and interferometer, respectively, 
offers the possibility to record a series of digital 
holograms with increased load amplitude. In the 
evaluation process, the convenient states can be 
compared interferometrically. Furthermore, a 
series of digital holograms with increasing load 
can be applied to unwrap the mod 27-phase 
temporally. In this method, the total object 
deformation is subdivided into many measure- 
ment steps, in which the phase differences are 
smaller than 27. By adding up those intermediate 
results, the total phase change can be obtained 
without any further unwrapping. This is an 
important feature, since it is essential to have an 
unwrapped phase to be able to calculate the real 
deformation data from the phase map. Figure 7 
shows an example of such a measurement. 
The left image shows the wrapped deformation 
phase for a clamped coin which was loaded with 
heat. The right image shows the temporal 
unwrapped phase which has been obtained by 
dividing the total deformation into 85 sub- 
measurements. Thus, the displacement of the 
object can be observed almost in real time during 
the loading process. 

e The independent recording and reconstruction 
of all states also gives a new degree of freedom 
for optical shape measurement. In the case of 





(b) 


Figure 7 Temporal unwrapping by digital holography: (a) 
Wrapped phase of a thermal loaded coin. (b) Temporally 
unwrapped phase. 


multiwavelength contouring, each hologram 
can be stored and reconstructed independently 
with its corresponding wavelength. This results in 
a drastic decrease of aberrations and makes it 
possible to use larger wavelength differences for 
the generation of shorter synthetic wavelengths. 

e Because all states of the inspected object can be 
stored and evaluated independently, only seven 
digital holograms are necessary to measure the 
3D-displacement field and shape of an object 
under test: one hologram for each illumination 
direction before and after the loading, respecti- 
vely, and one hologram with a different wave- 
length (or a different source-point of illumination) 
which can interfere with one of the other holo- 
grams to perform two-wavelength-contouring 
(or two-source-point-contouring) for shape 
measurement. If four illumination directions are 
used, nine holograms are necessary. 

e The direct access to all components of the 
wavefield makes it possible to correct wavefront 
aberrations effectively by computer. 

e The digital hologram containing all information 
of the wavefront can be transmitted via the 
internet to any location and can be reconstructed 
digitally by computer or as an analogue version by 
a spatial light modulator. Consequently, remote 
access to wavefronts, that are generated at distant 
places, is possible. 

e Finally, the possibility to miniaturize complex 
holographic sensor setups and to use this method 
for remote comparative interferometry, makes 
digital holography a versatile tool for the solution 
of numerous inspection and measurement 
problems. 


See also 


Diffraction: Fresnel Diffraction. Fourier Optics. 
Holography, Techniques: Holographic Interferometry. 
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Introduction 


The development of holographic interferometry has 
redefined our perception of optical interferometry. 
The unique property of holographic interferometry to 
bring a wavefront, generated at some earlier time, 
stored in a hologram and released at a later time, to 
interfere with a comparison wavefront, has made 
possible the interferometric comparison of a rough 
surface, which is subject to stress, with its normal 
state. Assuming the surface deformations to be very 
small, the interference of the two speckled wavefronts 
forms a set of interference fringes that are indicative 
of the amount of displacement and deformation 
undergone by the diffuse object. 

Holographic interferometry is an important and 
exciting area of research and development. It has 
established itself as a highly promising noninvasive 
technique in the field of optical metrology. Tech- 
niques within its folds for the measurement of static 
and dynamic displacements, topographic contours, 
and flow fields have been developed and demon- 
strated with success in a wide range of problems. 
Significant and extensive contributions to the devel- 
opment of holographic interferometry have been 
realized both from the theoretical and experimental 
perspectives. A wide range of procedures have been 
developed which make it not only possible to 
measure surface displacements and deformations of 
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engineering structures to an accuracy of a fraction of 
a micrometer but also to detect material flaws and 
inhomogeneities having escaped the manufacturing 
process. The methodology of quantitative analysis of 
holographic interferograms has undergone extensive 
development during the last decade. This article 
provides a brief review of the holographic techniques 
with emphasis placed on bringing out its relevance 
in experimental mechanics and nondestructive 
testing. The series of books given in the Further 
Reading section at the end of this article treat the 
field in detail. 


Basic Methods in Holographic 
Interferometry 


The ability of holography to store a wavefront and 
release it for reconstruction at a later time offers 
access to the possibility to compare wavefronts, which 
have albeit existed at different times. There are several 
schemes that have been established to obtain the 
interferometric comparison of the wavefronts. 


Double-Exposure Holographic Interferometry 


In frozen form of wavefront comparison, two 
holograms of the object are recorded on a photo- 
graphic plate. The first hologram is made with the 
object in its initial, unstressed state and the second 
hologram is recorded with the object in its final, 
stressed state. Upon reconstruction, the hologram 
releases the two stored wavefronts, one correspond- 
ing to the object in its unstressed state and the other 
corresponding to the object in its stressed state 
(Figure 1). The virtual image is overlaid by a set of 
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Layout for observing a double exposure holographic interferogram. 
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bright and dark interference fringes, which are due 
to the displacement of the object between the 
two exposures. 

The fringe pattern is permanently stored on the 
holographic plate. The interference fringes denote the 
loci of points that have undergone an equal change of 
optical path between the light source and the 
observer. The image intensity of the holographic 
interferogram is 


I(x, y) = Ip(x, y{1 + V(x, y)cos(g(x, y) — ¢'(x, y))} 


[1] 


where I(x, y) is the background intensity, V(x, y) is 
the fringe contrast, and g and ¢ are the phases of the 
waves from the object in its initial and deformed 
states, respectively. 

A bright fringe is produced whenever 

(x,y) — o(x,y)=2n0n n=0,1,2,... [2] 
where 1 is the fringe number. The wave scattered by a 
rough surface shows rapid variations of phase, 
which have little correlation across the wavefront. 
The phase difference varies randomly over the ray 
directions contained within the aperture of the 
viewing system, which would normally prevent the 
observation of fringes with large aperture optics near 
such points. However, a surface may exist at a 
distance from the object at which the value of phase 
difference is stationary over the cone of ray pairs 
defined by the viewing aperture. Interference fringes 
are localized in the region where the variation in 
phase difference is minimum over the range of 
viewing directions. This approach has been widely 
used to compute fringe localization for any object 
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displacement and for any arbitrary illumination and 
observation geometry. 


Real-Time Holographic Interferometry 


A hologram is made of an arbitrarily shaped 
rough surface. After development, the hologram 
is placed back in exactly the same position. 
Upon reconstruction, the hologram produces the 
original wavefront. A person looking through the 
hologram sees a superposition of the original object 
and its reconstructed image (Figure 2). The object 
wave interferes with the reconstructed wave to 
produce a dark field due to destructive interference. 
If the object is now slightly deformed, interference 
fringes are produced which are related to the change 
in shape of the object. A dark fringe is produced, 
whenever: 

(x,y) — g(x, y) = 2n7 n=0,1,2,... [3] 
The method is very useful for determining the direc- 
tion of the object displacement, and for compensating 
on the interferogram the influence of the rigid body 
motion of the object when subjected to a stress field. 

The optical setup for real-time holography uses an 
immersion tank, which is mounted on a universal 
stage and contains the photographic plate. The 
holographic plate is followed by a vidicon camera, 
which visualizes the interferograms directly onto the 
TV monitor screen connected to a video-recording 
tape to memorize the information. The use of 
thermoplastic plates as recording material has 
gained in importance in recent years for implement- 
ing real-time and double exposure holographic 
interferometry setups, as it can be processed rapidly 
in situ using electrical and thermal processing. 
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Figure 2 Layout for observing a holographic interferogram in real-time. 
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The plate is also cost-effective as it is erasable and 
reusable at least several hundred times. In thermo- 
plastic recording the information is recorded as a 
thickness variation corresponding to a charge inten- 
sity pattern deposited on the thermoplastic layer. 
Self-developing or photorefractive crystals are other 
interesting alternatives to the use of film as the 
recording medium. 


Digital Holographic Interferometry 


The method consists of recording two holograms 
corresponding to undeformed and deformed states of 
an object using a CCD camera. These images are 
stored in a digital image processing system. The 
two holograms are then reconstructed separately 
by numerical methods from the digitaly stored 
holograms. The advantage of digital holography is 
that it allows for computing both the intensity and 
the phase of a holographically stored wavefront 
during the numerical reconstruction. The contours 
of constant optical phase change, due to deformation, 
are obtained by subtracting the reconstructed phases 
of the undeformed from the deformed object 
wavefield. 

A hologram can be recorded on a CCD as long as 
the sampling theorem is fulfilled; that is to say, each 
period of the spatial variation of the hologram 
intensity is sampled by at least two pixels of the 
CCD array. The condition imposes a limit on 
the angle that the object beam can make with the 
reference beam, which must necessarily be small 
given that the resolution of CCDs is relatively low. 
The applications of the method are thus limited 
mainly by the pixel size in CCD array. The maximum 
spatial frequency fmax that must be resolved by the 
recording medium is determined by the maximum 
angle A@,,,, between the reference and the object 
wave: 


2 : AG ge 
fiiag = reas 2 [4] 





where A is the wavelength of the laser source. Since 
the CCD cameras have resolutions of around 
100 lines/mm, the maximum angle between the 
object and reference waves is limited to a few degrees. 


Calculation of Phase Change 
on Object Loading 


A diffusely reflecting object is deformed such that a 
point P on the surface moves to P’ as shown in 
Figure 3. In double-exposure or real-time holographic 
interferometry the two wavefronts related to the 
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Figure 3 Calculation of the change in optical phase due to 
surface displacement. 


states of a surface before and after deformation are 
reconstructed simultaneously and compared. The 
change of optical path length due to displacement d is 


Ag= 2TH (cos wy + cos Wh) [5] 


where y, and y are the angles which the illumination 
and observation waves make with respect to the 
direction of displacement; eqn [5] can be written in 
the form: 


2 
Ag= oT cos 1 cos [6] 


where yf is the angle of bisection between the incident 
and viewing directions, and 7 is the angle which the 
bisector makes with the direction of displacement. 
The term dcos 7» being the resolved part of the 
displacement PP’ in the direction of the bisector, 
implies that the fringe pattern provides the measure 
of the displacement component along the bisector of 
the angle between the incident and viewing directions. 


Digital Phase Measurement 


The last decade has seen a rapid development of 
techniques for the automatic and precise reconstruc- 
tion of phases from fringe patterns. These are based 
on the concepts of fringe tracking, Fourier transform, 
carrier frequency, and phase shift interferometry. 
Quantitative measurement of wavefront phase, for 
example, can be obtained in a few seconds using 
phase shift interferometry. With this technique one 
records a series of holograms by introducing artifi- 
cially known steps of phase differences in the 
interference image in eqn [1]: 


T(x, y) = Ip(x, y){1 + Vix, y) cos(Ag(x, y) + Ays)}; 
i=0,1,2,... [7] 
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where Ay; is the phase shift which is produced, for 
example, by shifting the phase of the reference wave. 
A minimum of three intensity patterns is required to 
calculate the phase at each point on the object 
surface. Known phase shifts are commonly intro- 
duced using a piezoelectric transducer, which serves 
to shorten or elongate the reference beam path by a 
fraction of wavelength; the phase-shifter is placed in 
one arm of the interferometer. Numerous phase 
shifting techniques have been developed and which 
can be incorporated to holographic interferometry to 
generate a phase map, Ag(x, y), corresponding to the 
object displacement. The calculated phase Ag(x, y) is 
independent of the terms I(x, y) and V(x, y), and 
considerably reduces the dependence of the accuracy 
of measurements on the fringe quality. 

The introduction of phase shift interferometry not 
only provides accurate phase measurements but also 
eliminates the problem of phase sign ambiguity of 
the interference fringes. Dynamic phase shifting 
techniques allow for producing time sequences of 
deformation maps for studying objects subjected to 
time-varying loads. The concept is based on consider- 
ing the normal phase variations caused by a dynamic 
phenomenon as equivalent to the phase shifting that is 
introduced in a holographic interferometer in order to 
perform the phase evaluation task. This method 
extends the possibility of applying the method to 
continuous deformation measurements. 


Basic Interferometers for Static 
Displacement Measurement 


Equation [6] shows that observation along a single 
direction yields information only about the 
resolved part of the surface displacement in one 
particular direction. The approach to measuring 


ae 





three-dimensional vector displacement would be to 
record holograms from three different directions in 
order to obtain three independent resolved com- 
ponents of displacement. The computation of the 
resulting system of equations would then allow for 
determining the complete displacement vector. 


Out-of-Plane Displacement Component 
Measurement 


The out-of-plane component of displacement is 
usually measured by illuminating and viewing the 
object surface in a near normal direction. The fringe 
equation corresponding to the line of sight displace- 
ment component is given by 


nr 
2. 


where w is the out-of-plane component of 
displacement. An example of a fringe pattern 
depicting the out-of-plane displacements in a rec- 
tangular aluminum plate, clamped along the 
edges and drawn out at the center by means of a 
bolt, subjected to three-point loading, is shown in 
Figure 4. 


[8] 


w= 


In-Plane Displacement Component Measurement 


The in-plane component of displacement can be 
measured by illuminating the object along two 
directions symmetric to the surface normal and 
observing along a common direction. This is schema- 
tized in Figure 5. The in-plane displacements, in a 
direction containing the two beams, are mapped as a 
moiré between the interferograms due to each 
illumination beam. The moiré appears as a family of 
fringes: 


nr 
Uu = ——_ 
2sin 0. 


[9] 


U 


Figure 4 Example of interferogram corresponding to the whole field distribution of out-of-plane component of displacement, w, on an 


aluminum plate subjected to three-point bending. 
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Figure 5 Schematic of the geometrical configuration for measuring the in-plane component of displacement, u. 





Figure 6 Fringe contours showing the in-plane displacement 
response of a disk under diametral compression. 


where wu is the displacement component in the 
x-direction and 6, is the angle which the illumination 
beams make with the surface normal. Figure 6 shows 
the u pattern corresponding to a disk under diametral 
compression. The moiré pattern is obtained after 
optically filtering the interference image. 


Comparative Holographic Interferometry 


Another technique of significant interest in non- 
destructive testing is comparative holography that 
provides the contours of path variations related to the 


difference in displacements or shapes of two objects. 
The method provides information about the resolved 
part of the difference in displacement vector along the 
direction bisecting the illumination and observation 
rays. In the case of illumination and observation 
normal to the object surface, the fringe equation 
becomes 


Aw = = [10] 


2 


where Aw is the difference in displacement component 
along z direction. The technique provides a tool to 
compare the mechanical responses of two nominally 
identical specimens subjected to the same loading and 
also the shapes of two nominally identical specimens. 
These features are useful in detecting anomalies in a 
test specimen with respect to the flaw-free master 
specimen. One such example is shown in Figure 7a, 
which displays the presence of a defect in a test 
specimen. In this case two plates, one flaw-free and the 
other with a flaw, are subjected to identical loadings. 
The fringe map in Figure 7b is related to the difference 
in displacements of test and master specimens 
subjected to unequal loadings. The presence of flaws 
is detected in both interferograms. 


Basic Interferometers for Dynamic 
Displacement Measurement 
Another important application of holographic inter- 


ferometry is in the study of the resonant modes of 
vibration of an object. 
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maximum power transfer and hence higher overall conversion efficiency from the rectenna 
input (RF power) to the boost converter output (DC power). In this investigation, as shown 
in [7], the optimum load for the rectenna is around 2kQ. In general, emulation resistance Rem 
is given by 





Fig. 21. The proposed boost converter circuit diagram. Designed in Agilent’s ADS and 
fabricated for investigation by measurement. 


em 


where L is the inductance equal to 330uH as shown in Fig. 20, M = Vout. T is the period of 
Fosc, #1 is the switch”ON” time for the N-MOSFET, and k is a constant that according to [3] 
is a low frequency pulse duty cycle if the boost converter is run in a pulsed mode and 
typically, k may assume values like 0.06 or 0.0483. With reference to (7), we select L as the 
key parameter for higher conversion efficiency while Vin = 0.4 V DC is selected as the lowest 
start up voltage to achieve oscillations and boost operation. Computing the DC-DC boost 
conversion efficiency against different values of L, we have results as shown in Fig. 22. 


From the results above, L = 100uH is the optimum boost inductance that ensures at least 
16.5% DC-DC conversion efficiency, given Ry = 5.6kQ. 


Now having selected the optimum boost inductance given some load resistance, the 
emulation resistance shown in Fig. 23 is evaluated from the ratio of voltage versus current at 
the boost converter circuit's input. 


The results show a constant resistance value against varying inductance. In general, we can 
say that this boost converter circuit has a constant low input impedance around 82.5Q. This 
impedance is too small to match with the optimum rectenna load at 2k. This directly 
affects the overall RF-to-DC conversion efficiency. 


www.intechopen.com 


HOLOGRAPHY, TECHNIQUES / Holographic Interferometry 93 








t Ilumination 


oe 
S 


Normalized intensity 
2 
an 


To observer 





—7 0 





(a) (b} 


Figure 8 
holography. 


Frozen Time-Average Holographic Interferometry 


Consider that a hologram is recorded of an object, 
which is vibrating sinusoidally in a direction normal 
to its surface (Figure 8a). The exposure time is 
supposed to be much longer than the period of 
vibration. The intensity distribution of the image 
reconstructed by this hologram is 


I(x, y) = Ig(x, pF ace, y)(cos 6. + cos a, {11] 


where J, is the zero-order Bessel function of the first 
kind. The virtual image is modulated by the ]2(é) 
function. The dark fringes correspond to the zeros of 
the function J2(€). A plot of the function, shown in 
Figure 8b, is characterized by a comparatively 
brighter zero-order fringe, which corresponds to the 


4 





(a) Schematic of the geometrical configuration of a vibrating cantilever beam; (b) plot of fringe function for time-average 


nodes, a decreasing intensity, and an unequal spacing 
between the successive zeros. The interferogram in 
Figure 9 shows the vibrational modes of a helicopter 
component. The nodes that represent zero motion are 
clearly seen as the brightest areas in the time average 
reconstructed pattern. 


Real-Time Time-Average Holographic 
Interferometry 


The possibility of studying the response of vibrating 
objects in real-time extends the usefulness of the 
technique to identify the resonance states (resonant 
vibration mode shapes and resonant frequencies) of 
the object. A single exposure is made of the object in 
its state of rest. The plate is processed, returned to its 
original condition and reconstructed. The observer 
looking through the hologram at the sinusoidally 
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Figure 9 Fringe contours showing the mode shape of a 
vibrating helicopter component. 


vibrating object sees the time-averaged intensity: 


I(x, y) = Le| 1 ~ Jf Tae, y)(cos @ + cos oo 
[12] 


Stroboscopic Holographic Interferometry 


Stroboscopic holography is another interesting var- 
iant in the study of vibrations. The hologram is 
recorded by exposing the photographic plate twice 
for short time intervals during a vibration cycle. 
The pulsed exposures are synchronized with the 
vibrating surface, which is equivalent to making the 
surface virtually stationary during the recording. 
Reconstruction of the hologram yields cosinusoidal 
fringes, which are characteristic of double exposure 
holography. In real-time stroboscopic holography, a 
hologram of a nonvibrating object is first recorded. 
If the vibrating object is illuminated stroboscopically 
and viewed through the hologram, the reconstructed 
image from the hologram interferes directly with the 
light scattered from the object to generate live fringes. 


Flow Measurement 


Application of holographic interferometry to 
flow visualization and the measurement of spatial 
refractive index, density or temperature distributions 
have led to an advancement of understanding in areas 
such as aerodynamics, plasma diagnostics, and heat 
transfer. In the holographic interferometer shown in 
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Figure 10 Schematic of a configuration for studying flow. 





Figure 11 Fringe contours showing the phase distribution of a 
test flame. 


Figure 10 two consecutive exposures are made, 
usually the first exposure without flow and the second 
in the presence of a flow field. Double pulsed 
holography is used if the flow field is changing 
rapidly. The optical phase change due to flow 
between the exposures is 


t 
dete = 7] twlony2)—Wolde 13] 
where n(x, y,z) is the refractive index distribution 
during the second exposure, 7’, is the uniform 
refractive index during the first exposure, and ¢ is 
the length of the test section. Assuming that the 
properties of the flow are constant in the z direction, 
the expression for phase change can be expressed as 


Ar(x, y) = KL{p(x, y) — po} [14] 


where K is the Gladstone—Dale constant, p is the 
density of the gas, and p, is the density in a no-flow 
situation. The interference pattern contours the 
change in the density field of the flow. The change 
in density per fringe is given by A/Kt. An example 
of application related to temperature measurements 
in an axisymmetric premixed flame is illustrated 
in Figure 11. 
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Specimen 


Figure 12 


Surface Contouring 


A practical way to display the shape of an object is to 
obtain contour maps showing the intersection of the 
object with a set of equidistant planes orthogonal to 
the line of sight. 


The Dual Refractive Index Method 


The method requires placing the model in a glass tank 
filled with a liquid (or gas) of refractive index mn’. 
A hologram of the object is recorded, and the liquid 
contained in the tank is replaced by one of refractive 
index 7’. An observer looking through the hologram 
sees the object surface modulated by a set of 
interference fringes arising from the change of optical 
phase in the light rays traversing the two liquids. 
The contour interval is given by 


A 
* = oF, =a) - 


The Dual Illumination Method 


In this method, the object is illuminated obliquely 
by collimated beams along two directions symmetric 
to the surface normal. The scattered waves are 
recorded on a holographic plate and the object and 
its reconstructed image are viewed through the 
hologram. Two sets of parallel equidistant fringes 
are projected onto the object surface by introducing 
small tilts, A@., to the illumination beams 
(Figure 12). The contour sensitivity per fringe is 
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Schematic diagram of a two-beam method for shape measurement. 
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Figure 13 Example of a moiré topographic contour pattern 
obtained using the two-beam method. 


given by 


A 


= 1 
2sin 6, sin A@, el 





The sensitivity of the method can be tuned in a wide 
range. An example of topographic contour pattern is 
shown in Figure 13. The distance between two 
adjacent moiré contour planes is 172 pm. 
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Figure 14 Examples of (a) shape measurement: the distance between two adjacent contour planes is 208 um; and, (b) very large 
out-of-plane deformation measurement on a cantilever beam. The distance between two adjacent contour planes is 19 ym. 
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Figure 15 Schematic diagram of the principle used in holographic shearing interferometry. 
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Figure 16 Examples of (a) moiré fringe contour, and (b) phase distribution corresponding to slope change produced on a centrally 
loaded aluminum plate clamped along its boundary. 
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In another method a collimated beam obliquely 
illuminates the object and a set of parallel equidistant 
fringes is projected onto the object surface by 
introducing a small tilt, A@,, to the illumination 
beam. Providing an appropriate reference beam 
rotation and a holographic plate translation generates 
contouring surfaces normal to the line of sight. 
A typical result using one beam illumination is 
shown in Figure 14a. The distance between two 
adjacent moiré contour planes is 208 jm. 

This approach has been used to obtain measurement 
of large out-of-plane deformations undergone by a 
deformed object. The fringe pattern in Figure 14b 
corresponds to the out-of-plane displacement of a 
cantilever beam subjected to load at its free end. 
The distance between two adjacent contour planes 
is 19 pm. 


Holographic Shearing Interferometry 


Holographic shearing interferometry directly pro- 
vides the patterns of slope change contours by 
laterally shearing wavefronts diffracted from the 
object surface. There are numerous ways to achieve 
shearing, such as, by introducing a Michelson type 
configuration, an inclined glass plate device, or a 
split-lens assembly in a holographic interferometer. 
The role of the shearing device is to enable the 
observation of a point on the object along two 
distinct neighboring directions. As a result of 
lateral wavefront shearing in the interferometer, a 
point in the image plane receives contributions from 
two different points on the object (Figure 15). 
Assuming that the illumination beam lies in the 
x-z plane and makes an angle @ with the z-axis, 
and the observation is carried along the direction 
normal to the object surface, the change of optical 
phase due to deformation is 


2nfa a 
Aga | sin 6. + “(1 + cos a) |x [17] 
A Lax ox 


where Ax is the object shear along the x-direction. 
For 6. = 0, eqn [11] reduces to 


ow nr 
ax 2Ax ie) 
Equation [18] displays a family of holographic 
moiré fringes corresponding to the contours of 
constant slope change. The fringe pattern shown in 
Figure 16a illustrates a moiré corresponding to 
contours of constant slope change for a centrally 
loaded square aluminum plate clamped along 
its boundary. An example of phase distribution 





Figure 17 Example taken from the study of the fracture process 
zone in concrete: phase distribution corresponds to in-plane 
displacements on a notched concrete specimen subjected to a 
wedge splitting test. 





Figure 18 Example of application to nondestructive testing ona 
fingertip-joint wood specimen under tension using an in-plane 
sensitive holographic moiré setup. 





Figure 19 Application to the detection of defects in a tyre. 
Courtesy of H. Steinbichler, Steinbichler GmbH. 
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(b) 


Figure 20 Fringe contours showing (a) a specific limb movement of a chick embryo during incubation, and (b) the hatching behavior. 


The point on the shell receiving blows is clearly visible. 


corresponding to slope change along x-direction, is 
shown in Figure 16b. 


Examples of Applications 


Holographic interferometry has firmly established 
itself as an attractive and useful class of technique in 
nondestructive testing. Defects in a specimen are 
made apparent by the presence of anomalies in the 
interference fringe distribution of the deformed state 
of the specimen. The presence of flaws such as voids, 
disbonds, delaminations, and cracks weakens the 
strength of the specimen. The resulting strain 
concentration areas produced by the presence of 
flaws in the specimen are detected through their effect 
on the surface deformation map. The flaws in the 
specimen manifest themselves as distortion of the 
fringes, pockets of fringe concentrations, or localized 
discontinuities of the fringes in the full-field display of 
the deformation field of a test specimen in response to 
the applied load. 

Figure 17 shows phase distribution corresponding 
to in-plane displacements of a notched fiber- 
reinforced concrete specimen subjected to a wedge- 
splitting test. The application is taken from the study 
of a fracture process zone in fiber-reinforced 
concrete. Another example of the application of 
holography in nondestructive testing is shown in 
Figure 18. The fringe pattern corresponds to in-plane 
displacements on a fingertip joint wood specimen 
under tension. Figure 19 shows an example of an 
application of holography in the tyre industry. The 
interferogram reveals, through the changes in the 
fringe pattern, defects in the tyre. The picture in 
Figure 20a is taken from the study of the embryonic 
behavior of embryos during incubation. The photo- 
graph shows a specific limb movement near the 
air space. The method also allows for a lively display 
of the hatching behavior of the chick. The point 
on the shell receiving blows is clearly visible in 
Figure 20b. 


Conclusions 


The aim of this article is to introduce readers to 
holographic techniques available for the noninvasive 
and whole-field investigation of the time-evolution 
and spatial distribution of the displacement and 
refractive index fields. Diverse techniques to obtain 
contourgrams of three-dimensional objects are also 
presented. The method offers strong potential in 
nondestructive testing applications, such as in the 
detection of flaws, in the conception of prototypes, in 
the evaluation of the performances of structural 
components, and in the verification of the reliability 
of finite-element computer codes. 


See also 


Holography, Techniques: Digital Holography; Overview. 
Interferometry: Overview; Phase Measurement Inter- 
ferometry. 
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Introduction to Holographic 
Interferometry 


Holography is a photographic principle that produces 
3D images that are so real that it is possible to 
take measurements inside this image with a precision 
of a fraction of a thousandth of a millimeter. 
Contours are formed within the holographic image 
that, like the relief lines of a map, indicate the 
displacements of every point on the object surface. 
The method is named holographic interferometry 
(see Holography, Techniques: Holographic Interfero- 
metry) and it can be used to measure deformation, 
vibration and also, with slightly lower resolution, 
dimension. 

In real time holography the deformed object is 
directly compared to the holographic image of its 
undeformed state. In double exposure holography the 
comparison is made between two holographic 
recordings on the same plate, while in sandwich 
holography the two states are recorded on two 
different plates that are sandwiched together for 
comparison. 

Sandwich holography is useful in industrial 
environments, because it can measure much larger 
deformations and also compensate for unwanted 
movement of the object or the setup between the two 
exposures. Further on in the process it will produce 
any sign of deformation and comparison can be made 
at any time without referring back to original setup. 
However, processing of the two plates is needed 
before the comparison can be made and the plates 
have to be positioned with high accuracy. 


Interferometric Sensitivity 


To calculate the interferometric sensitivity let us name 
(A) the point from which the laser light is emitted, (B) 
the point behind the hologram plate from which the 
observation is made, and (C) the displaced point on 
the object surface to be measured. Draw an ellipsoid 
through (C) with (A) and (B) as focal points. If (C) is 
displaced along the surface of the ellipsoid, the path 
length ACB will remain unchanged and no interfer- 
ence fringes are formed, while a displacement normal 
to this surface produces maximal interference. 


A diagram, the holodiagram, is based on these 
ellipsoids and used for the making and evaluation of 
holograms. 

The bisector to ACB will be the normal to the 
ellipsoids. If the path length ACB is repeatedly 
increased by 65L a diagram like Figure 1 is formed 
where the separation (s) of the ellipses, and thus the 
interferometric sensitivity, varies over the diagram. 
If 6L is the wavelength of the laser light, one 
interference fringe is formed each time an object 
point has moved the distance (s) because of a 
deformation of the object between the two exposures. 
The displacement (d) can be calculated: 


d=ns [1] 
s=k0.56L [2] 
k= 1/cos a [3] 


where 7 is number of fringes between fixed and 
studied point, k is constant along arcs of circles 
through A and B, and a is half the angle ACB. 

When two slightly dissimilar patterns are placed 
one on top of the other, a moire pattern is formed that 
shows up the difference. The moire analogy to 
holographic interferometry is based on the fact that 
one fringe is formed for every ellipse that is crossed by 
an object point displaced between the two exposures. 

If SL is the wavelength (A) of the laser light the 
displacement (d) is 


d= nk0.52 [4] 


If two-wavelength holography is used to measure the 
3D shape of an undisturbed object, it will be seen 
intersected by ellipses where the separation (s) is 


s= RO.SAqAg/[(Ay = A») [5] 


If SL is the coherence length or the pulse length of the 
laser source, the object will be seen intersected by one 
single bright fringe, the thickness (s) of which is 


s= k6L [6] 


Everything outside that ellipse will be dark during 
reconstruction. This phenomenon can be used either 
to optimize the use of a limited coherence length or to 
explain the results of ‘light-in-flight recordings’, as 
described later. 


100 HOLOGRAPHY, TECHNIQUES / Sandwich Holography and Light in Flight 





Figure 1 The holodiagram used for the evaluation of holograms. 


The Principle of Sandwich Holography 


In the following discussion on sandwich holography, 
we will only study the simplified example where 
the directions of illumination and observation are 
normal to the studied displacement and therefore 
a is equal to zero. The reflected light from an 
object point combined with the reference light 
produces a set of hyperbolas (Young’s fringes) on 
the hologram plate. 

When the object point is displaced between 
exposures on two different hologram plates, the 
hyperbolas will be positioned differently on the 
plates. There is a one-to-one relationship between 
the ellipsoids and the hyperbolas. Thus one point 
on the hologram plate will be crossed by one 
hyperbola if the corresponding object point is 
moved so that it crosses one of the ellipses of the 
holodiagram. Thus, the moire effect of the displaced 
hyperbolas at the hologram plate represents the 
moire effect of the ellipses in the object space. 
The interference pattern in the reconstructed object 








image can therefore be manipulated by moving one 
plate in relation to the other during reconstruction. 

We have found that the simplest way to do this is to 
glue the two plates together separated by the glass 
thickness of one plate. To make the situation identical 
during exposure and reconstruction, the plates also 
have to be recorded in pairs. Thus, the first exposure 
can be made with one front plate and one back plate 
in contact in the hologram holder (Figure 2). The 
second exposure is made in exactly the same position 
with two new plates. After processing the front plate 
of the second exposure is glued in front of the back 
plate of the first exposure. 

Then a reconstruction beam similar to the reference 
beam, is used to reconstruct the sandwich hologram. 
The interference fringes seen on the image of the 
object are manipulated by tilting the sandwich 
hologram, which results in an addition or subtraction 
of new fringes as in the following examples: 


1. If the object is rotated by the small angle ¢,, the 
number of fringes can, during reconstruction, be 


HOLOGRAPHY, TECHNIQUES / Sandwich Holography and Light in Flight 101 





holograms 
B, Fy 


Object 
Oo, 









First exposure 


Secand exposure 











LJ 
d d L 
ac Reconstruction with fringes 


Wo | 





Fringefree reconstruction 


%, 


Figure 2 The exposures and reconstructions of a sandwich 
hologram. 


eliminated by rotating the sandwich in the same 
direction by the much larger angle dp. 


go = |e: [7] 

2. If the sandwich during reconstruction is rotated 
around an axis perpendicular to that of the object 
rotation, new fringes are introduced at the angle 
y, which is analogous to, but much larger than, 
the object rotation @}. 


d 
o = ie Jextey [8] 


3. When the sandwich is rotated as described in (2) 
fringes are formed, the radius of curvature (rz) of 
which are much larger than those of the bent 


object (74). 
2L 1 
n=[F] So) [9] 


The object consisted of three vertical steel bars 
(Figure 3) that were fixed by screws at their lower 


Examples 





Figure 3 The movements of three steel bars in relation to a 
frame are to be measured by the fringes of sandwich holography. 
However, the unwanted motion of the total set-up makes the 
evaluation impossible. 


end to a rigid frame that surrounded all the bars. The 
middle bar was also supported at the upper end. 
Forces were applied at the middle of the bars. The 
right bar is deformed away from the observer while 
the other two are deformed towards him. After 
deformation of the three objects the second pair of 
plates were exposed. Then all four plates were 
processed. 

The back plate of the first exposure (B, in Figure 2) 
was repositioned in the plate holder in front of the 
plate of the second exposure (Fz). The two plates were 
bonded together to form a sandwich hologram. O,; 
and Oy, represent the two positions of one object, 
which between the two exposures was bent at angle 
¢, toward the hologram. (L) is the distance between 
the front hologram and the object (~1 m); (L) is also 
the distance between the point of illumination and the 
object. (D) is the distance between the point source of 
the reference beam and the hologram plate (D = 21); 
(d) is the thickness of one hologram plate (~1.3 mm); 
(1) is the refractive index of the plates (~1.5 mm). 

When the two plates were properly repositioned in 
the plate holder, fringes were seen everywhere, both 
on the steel bars and on the supposedly fixed frame 
which apparently had made an accidental movement 
(Figure 3). By tilting the plate holder in different 
directions, the fringes on the frame could be 
eliminated and the hologram could be evaluated as 
if the frame had remained fixed (Figure 4). 
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Figure 4 The unwanted fringes caused by the motion of the total 
set-up have been eliminated by a tilt of the sandwich hologram. 





Figure 5 Another tilt of the sandwich hologram reveals that the 
left and the right bar have been deformed in opposite directions. 


The plate holder was then tilted backwards at angle 
dé and horizontal fringes were found on the frame 
while the top of the left bar became fringe-free 
(Figure 5). The number of fringes on the right bar 
increased, proving that it had been tilted in the 
opposite direction. If the sandwich were instead 


Figure 6 A rotation of the sandwich hologram around a vertical 
axis produces fringes that reveal direction of tilt and bending 
radius of all steel bars. 


rotated around a vertical axis at angle @, a set of 
vertical fringes were formed on the frame, while the 
bars became covered by fringes, the inclination and 
curvature of which represent a magnified view of the 
deformed bars as seen in profile (Figure 6). 


Introduction to Light-in-flight 
Recording by Holography 


Recording of light pulses in flight have been possible 
since the beginning of the 1990s, using two-photon 
fluorescence or ultrafast Kerr cells driven by laser 
pulses. Very fast optical phenomena, suchas refractive- 
index changes in laser-produced plasmas, have been 
recorded by holography using short illumination 
pulses. 

In 1968, Staselko et al. published a method of 
studying the time coherence pattern of wave trains 
from pulsed lasers by the use of autocorrelation 
in which the unknown pulse is compared to itself. 
The method we name ‘light-in-flight recording by 
holography’ (LIF) is based on studying both the 
temporal and the spatial shape of pulses by corre- 
lation, which means that we study the change in 
shape of a pulse before and after it has passed through 
the transformation we want to study. For this process, 
we want to start with as short a pulse (or short 
coherence length) as possible and then compare the 
transformed pulse to the original pulse. 
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The results show a constant resistance value against varying inductance. In general, we can 
say that this boost converter circuit has a constant low input impedance around 82.5Q. This 
impedance is too small to match with the optimum rectenna load at 2k®. This directly 
affects the overall RF-to-DC conversion efficiency. 
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Fig. 22. Boost inductance variation with DC-DC conversion efficiency for a 5.6 kQ load. 
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Fig. 23. Boost converter’s input impedance: the emulation resistance. 


Another factor, which affects the overall conversion efficiency is the power lost in the 
oscillator circuit. Unlike the circuit proposed in [9], which uses two oscillators; a low 
frequency (LF) and high frequency (HF) oscillator; in Fig. 21, we have attempted to use a 
single oscillator based on the LTC1540 comparator, externally biased as an astable 
multivibrator. 


The power loss in this oscillator is the difference in the DC power measured at Pin 7 
(supply) to the power measured at pin 8 (output). We term this loss, Losc; converted to heat 
or sinks through the 10MQ load. A comparison of the oscillator power loss to the power 
available at the boost converter output is shown in Fig. 24. 


Looking at Fig. 24; we notice that the power loss depends on whether the oscillator output is 
high or low. The low loss corresponds to the quiescent period where the power lost is 
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In a hologram only those parts of an object will be 
recorded for which the path length from the laser to 
the holographic plate via the object does not differ 
from the path length of the reference beam by more 
than the pulse length (or coherence length) of the laser 
light used for the recording. If that length is short, 
during reconstruction a large object will be seen 
intersected by an imaginary surface in the form of an 
ellipsoid, one of its two foci being the point from 
which the spherical wavefronts of illumination are 
emitted (spatial filter (A) in Figure 1) and the other 
being the point of observation (B). A spherical 
wavefront appears distorted into an ellipsoid if it is 
divergent, and into a hyperboloid if it is convergent, 
while a flat wavefront appears distorted into a 
paraboloid. The general rule is that the apparent 
wavefront has the shape of a mirror that focuses light 
from (A) to (B). 

By careful planning, it is possible to optimize the 
geometry of the holographic setup in such a way that 
the utilized portions of the ellipsoids and hyper- 
boloids can be approximated into flat surfaces. Thus, 
the object is seen intersected by one flat imaginary 
interference surface, the depth of which can be altered 
during reconstruction by changing the point of 
observation at the hologram plate. 

Light of short duration, or short coherence length, 
can, in this way, be used in a holographic method for 
finding depth contours. If, however, the 3D shape of 
the object is known a priori, e.g., if it is a flat surface, 
this method can just as well be used to study the 3D 
shape of the illuminating wavefront. As mentioned 
before, the intersections of the ellipsoids can be 
approximated by intersections of spherical wave 
fronts of illumination, if the distance between object 
and hologram plate is long and if the flat surface is 
perpendicular to the line of sight. 


Examples of Wavefront Studies 


As an example we will describe an experiment that 
consists of an opaque white diffusely reflecting flat 
screen, that is illuminated from the left at an oblique 
angle, as seen in Figure 7. A mirror is fixed to the 
screen so that some of the light is reflected upwards. 
During recording of the hologram, the reference pulse 
is reflected by the two mirrors (M) so that it arrives at 
the middle of the hologram plate at the same time as 
the object pulse, in the form of diffuse light, arrives 
from the middle of the screen. As the reference pulse 
passes over the hologram plate from left to right, it 
works like a curtain shutter (focal-plane shutter) 
recording early object light to the left and later light 
to the right. This ‘light shutter’ moves across the plate 
with a velocity faster than light which is possible as it 








Hologram plate 
Exposure of light-in-flight 





Reconstruction of light-in-flight 


Figure 7 During exposure of the light-in-flight hologram, the 
short pulse from the laser is used to obliquely illuminate both the 
object and the hologram plate. Only those parts will be recorded 
where path length for object light and reference light are equal. 


is just an intersection between pulsefront and plate. 
The difference in time of the recordings made at the 
two ends of the hologram plate is the time it takes for 
the reference pulse to move across the plate, or about 
800 picoseconds. During reconstruction with a 
continuous laser the early arriving object light is 
seen through the left part of the plate, while the later 
arriving light is seen through its right part. If the eye, 
or a TV camera scans from left to right, the pulse is 
seen moving continuously over the object screen, with 
some of it reflected upwards by the mirror 
(Figure 8a—d). The corresponding pulse length is 
100 ps (~30 mm), and to minimize pulsefront distor- 
tions the screen is perpendicular to the line of sight. 
The photo in Figure 9 shows the result of another 
experiment. A spherical wave expands from a point 
source at left and moves to the right. The spherical 
wavefront intersects a flat observation screen consist- 
ing of a white-coated aluminum plate of 20 x 30 cm. 
A cylindrical lens is fixed, with its axis normal to the 
screen, so that it focuses the arriving light almost 
parallel to the screen surface. Figure 8 is a composite 
of several photographs taken through different parts 


104 HOLOGRAPHY, TECHNIQUES / Sandwich Holography and Light in Flight 





(a) (b) (c) (d) 





Figure 8 Resulting reconstructed images of the light reflected by a mirror at about 45°. These four photos were taken during 
reconstruction while the camera behind the hologram plate was moved from left to right in between each of the exposures. 





Figure 9 Light focused by a lens. A composite of several photos 
taken from different parts of the hologram plate. An image of the 
lens is included to make the picture clear. 


of the hologram plate. The pulse length was in this 
case 10 ps (~3 mm). 


Measuring the Shape of 3D Objects 


The wavefront (pulse front) of a short pulse forms a 
thin sheet of light. The intersection of this sheet by a 
3D body produces on its surface a thin line represent- 
ing a cross-section. It is advantageous if this cross- 
section represents a flat surface, which will be 
approximately the case if the illumination and 
observation beams are collimated or arrive from 
points at large distances. 

By moving the point of observation along the 
hologram plate from left to right, the intersecting 
sheet of light can be moved in depth forward or 


Figure 10 Spheres intersected by a thin sheet of light. 


backward. Determination of fringe order number 
(by finding the zero fringe) no longer represents any 
problem because only the zero order fringe exists. 
Therefore, this way of contouring has great advan- 
tages, especially when the observations and calcu- 
lations are made by computer. shows a set 
of spheres intersected by a thin light sheet. 

The intersecting light sheet can be manipulated in 
yet another way, i.e., it can be rotated. If the point of 
observation is moved away from the plate, the right 
part of an object will be seen through the right part of 
the plate were the recording made later than at the left 
part. During the time interval between left and right 
records, the intersecting light sheet has moved so that 
it intersects the object further away, resulting in a 
tilted cross-section of the object. This way it has been 
possible to rotate the cross-section up to 90 degrees, 
so that if, for example, a face is illuminated from the 
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front by a flat sheet of light, the reconstructed 
intersection will show the face in profile. 

In a limited way it is also possible to produce results 
similar to those of LIF by using a CCD camera instead 
of the holographic plate. The great advantage is its 
compatibility with a PC, while the main disadvantage 
is a lower resolution. 


Other Uses 


Like all methods of ‘gated viewing’, LIF can be used 
to look through scattering media, e.g., to look 
through human tissue. By observing only the first 
light the influence of the later arriving scattered light 
is eliminated. Thus, LIF can be used as a diagnostic 
method based on the idea that the scattering, 
absorption, or refractive index of cancer is different 
from that of healthy tissue. Another use of LIF is to 
image just a thin section of a gas or liquid filled with 
particles. In this way it is possible to observe the 
distribution and velocity in a certain localization 
without influence of the scattering from particles in 
front of or behind the studied section. 

Up to now we have discussed gated viewing by LIF 
in the laboratory using picosecond light pulses and 
distances of up to a few meters. Instead we could 
look at astronomical objects with light pulses of days 
(e.g., a supernova) and distances of many light years. 
Even in these cases we will see particles in space 
illuminated by ellipsoids with (A) being the super- 
nova and (B) a telescope on Earth. While each 
ellipsoid in the laboratory may represent a pathlength 
of some nanoseconds, each ellipsoid in space might 
represent light years. 

However, the methods we have shown here are 
not limited to the study of the apparent shape of 
spheres of light. They can also be used to study other 
objects moving at ultrahigh velocities. If an explod- 
ing supernova throws out particles in all directions at 
a rather slow velocity, it can be seen surrounded by 
an expanding sphere. If, instead, this sphere 
expanded with the speed of light (which is not 
possible) it would appear to us just like an ellipsoid 
of the holodiagram. If, however, it expanded at a 
very high velocity, but lower than that of light, the 
sphere would appear to us in the shape of an egg 
with its pointed end towards the observer. The 
velocity of expansion could, in this case, appear 
superluminal (higher than the speed of light). If the 
velocity is (v), its approaching velocity will to a first 
approximation appear to be the true velocity divided 
by (1 — v/c). 

Finally, we will show a relationship between LIF and 
special relativity, by looking at a modification of the 
‘Minkowski light cones’. Figure 11 shows a diagram 











Figure 11 A modified Minkowski diagram consisting of one cone 
of illumination (A) and one cone of observation (B). The separation 
in time and space between (A) and (B) could either be static as 
in LIF or caused by a relativistic velocity of the observer from 
(A) to (B). 


where (x) and (y) represent space coordinates, while 
(z) represents time multiplied by (c). A sphere from a 
short pulse of light that expands from the point A is 
represented by a cone with its apex at (A). A sphere 
from a short observation that converges to (B) is 
represented by a cone with its apex at (B). Only those 
object points, that are positioned at the elliptic 
intersection of the two cones, can be seen illuminated. 
This ellipse is identical to one of the ellipses of the 
holodiagram. The distance in time and space separ- 
ating (A) and (B) could be either caused by the fixed 
distance between source of laser light and hologram 
plate in holographic LIF, or by a high velocity of the 
observer. Thus, the Lorentz contraction in special 
relativity could be explained as a measuring error 
because the high velocity of the observer traveling 
from (A) to (B) causes his sphere of observation to be 
transformed into an ellipsoid of observation. The tilt 
of the elliptic intersection indicates which obser- 
vations that appear to be simultaneous depending on 
the separation of (A) and (B) along the y-axis, both in 
LIF and in relativity. 


See also 
Holography, Techniques: Holographic Interferometry. 
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Introduction 


Information theory is an intuitively attractive math- 
ematical approach for combining observation with 
communication, or sensing with processing. So far, 
however, this approach has remained largely in the 
realm of signal processing and transmission, as first 
formalized by Shannon and Wiener over 50 years ago. 
Recent extensions of this approach to imaging have 
mostly addressed the interpretation of images, with- 
out explicitly accounting for the critical limiting 
factors that constrain image gathering and restoration. 
Yet, to be useful in the characterization of imaging, 
information theory must account for these constraints 


and lead to a close correlation between predicted and 
actual performance. The characterization that is 
outlined here traces the rate of information from the 
scene to the observer; and it pairs this rate, first, with 
the theoretical minimum data rate to assess the 
efficiency with which information can be transmitted, 
and, second, with the maximum-realizable fidelity to 
assess the quality with which images can be restored. 
Further details, especially for the mathematical devel- 
opment of figures of merit and for the design of 
imaging systems, can be found in the Further Reading. 


Model of Imaging 


Description 


Modern imaging systems usually have the following 
three stages, as depicted in Figure 1: 


1. Image gathering, to capture the radiance field that 
is either reflected or emitted by the scene and 
transform this field into a digital signal; 
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Figure 1 


Model of digital imaging systems. 


2. Signal coding, to encode the acquired signal for 
the efficient transmission and/or storage of data 
and decode the received signal for the restoration 
of images. The encoding may be either lossless 
(without loss of information) or lossy (with some 
loss of information), if a higher compression is 
required; 

3. Image restoration, to produce a digital represen- 
tation of the scene and transform this represen- 
tation into a continuous image for the observer. 


Human vision may be included in this model as a 
fourth stage, to characterize imaging systems in terms 
of the information rate that the eye of the observer 
conveys from the displayed image to the higher levels 
of the brain. 

These stages are similar to each other in one 
respect: each contains one or more transfer functions, 
either continuous or discrete, followed by one or 
more sources of noise, also either continuous or 
discrete. The continuous transfer function of the 
image-gathering device (and of the human eye) is 
followed by sampling that transforms the captured 
radiance field into a discrete signal with analog 
magnitudes. In most devices the photodetection 
mechanism conveys this signal serially into an 
analog-to-digital (A/D) converter to produce a digital 
signal. However, analog signal processing in a parallel 
structure, akin to that in human vision, has many 
advantages that are increasingly emulated by neural 
networks. 

This model of imaging differs from the classical 
model of communication that Shannon and Wiener 
addressed in two fundamental ways: 


1. The continuous-to-discrete transformation in 
image gathering. Whereas communication is 
constrained critically only by bandwidth and 
noise, image gathering is constrained also by the 
compromise between blurring and aliasing, due to 
limitations in the response of optical apertures 
and in the sampling density of photodetection 
mechanisms. This additional constraint requires 
the rigorous treatment of insufficiently sampled 
signals throughout the imaging system. 

2. The sequence of image gathering followed by 
signal coding. Whereas the characterization of 











communication addresses the perturbations that 
occur at the encoder and decoder or during 
transmission, the characterization of imaging 
systems must also address the perturbations in 
the image-gathering process prior to coding. 
These additional perturbations require a clear 
distinction between the information rate of the 
encoded signal and the associated theoretical 
minimum data rate or, more generally, between 
information and entropy. 


The mathematical model of imaging that is out- 
lined here accounts for the appropriate deterministic 
and stochastic (random) properties of natural scenes 
and for the critical limiting factors that constrain the 
performance of imaging systems. The corresponding 
formulations of the figures of merit are sufficiently 
general to account for a wide range of radiance field 
properties, photodetection mechanisms, and signal 
processing structures. However, the illustrations 
emphasize: (a) the salient properties of natural scenes 
that dominate the captured radiance field in the 
visible and near-infrared region under normal day- 
light conditions; and (b) the photodetector arrays that 
are used most frequently as the photodetection 
mechanism of image-gathering devices. 


Radiance Field 


The radiance field L(x, y;A), reflected by natural 
scenes, may be modeled approximately as 


1 
L(x, ys A) = TA) pA) AC, y) [1] 


where I(A) and p(A), respectively, represent the 
spectral irradiance and reflectance properties as a 
function of the wavelength A, and p(x, y) represents 
the random reflectance properties as a function of the 
spatial coordinates (x, y). Figure 2 illustrates a model 
of p(x, y) for which the power spectral density (PSD) 
®,,(v, w) corresponds closely to that typical of natural 
scenes, as given by 


appar 
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Figure 2 Model of reflectance p(x, y). 
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Figure 3 Normalized PSD of the reflectance p(x, y). 
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Figure 4 Optical geometry of image-gathering device. 


where 2 =v*+* and (v,w) are the spatial 
frequency coordinates of the Fourier-transform 
domain (see Figure 3). This model consists of random 
polygons, whose boundaries are distributed accord- 
ing to Poisson probability with a mean separation of 
Mp, and whose magnitudes are distributed according 
to independent zero-mean Gaussian statistics of 
variance op. The constraints associated with eqn [1] 
are satisfied by letting the mean reflectance p= 0.5 
and the standard deviation o, = 0.2. 


Image Gathering 


Figure 4 depicts the basic optical geometry of an 
image-gathering device, in which the objective lens 
forms an image of the captured radiance field across 
the photodetector array, and the array transforms this 








/2X, 
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Figure 5 Photodetector-array geometry and sampling 
passband. 


image into a discrete signal. The sampling lattice 
(X, Y), which determines the resolution of this device, 
is formed in angular units by the separation (Xp, Y,) 
of the photodetector-array apertures and the distance 
£, as given for one of the dimensions by 


xX 57.3X 
P rad = us 


22, 2, a; 





deg [3] 


Normally, the sampling lattice is square, as shown in 
Figure 5, so that X, = Y,. Then the corresponding 
area of the photodetector apertures is A, = ys and 
the solid angle O of the instantaneous field of view 
(IFOV) is © ~ A,/€; ster. 

The sampling lattice projected onto the scene at the 
distance €, has the dimensions (X,, Y,) = (X£,, Y£,). 
Because these dimensions represent the finest spatial 
detail that normally can be restored, it is convenient 
to measure the mean spatial detail of the scene 
relative to the sampling lattice, as given by 
= (XoYo) ”, which reduces to w= ,Xq! for 
X= Y. Hence, w= 1 indicates that the sampling 
interval is equal to the mean spatial detail. 

The image-gathering process that transforms the 
continuous radiance field L(x, y; A) into the discrete 
signal s(x, y) may be modeled by the expression 


s(x, y) = Kp(x, y) * T(x, y) + mp(% y) [4] 


where the discrete coordinates (x, y) = (mX,nY), and 
the symbol * denotes continuous spatial convolu- 
tion. This model accounts, in the simplest form, for 
the reflectance-to-signal conversion gain K, the 
reflectance p(x, y) of the scene, the spatial response 
(SR) t(x,y) of the image-gathering device, the 
continuous-to-discrete transformation by the photo- 
detector-array lattice, and the discrete noise 7,(x, y) 
of the photodetectors. The discrete coordinates are 
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defined by the sampling function 
Il = lx, y) = XY Se — x,y — y) [5] 


x.y 


where (x, y) is the Dirac delta function; and the gain 
is given by 


- + AQ | I(A)p(A)r(A)da [6] 


where Ay = 7D7/4 is the area of the objective lens 
with diameter D, and 7(A) is the responsivity of the 
photodetectors. This gain relates the magnitude of the 
signal s(x, y) directly to that of the reflectance p(x, y); 
and, together with the variances a, and op of the 
reflectance and the photodetector noise, respectively, 
it also determines the rms-signal-to-rms-noise ratio 
(SNR) Ko,/o,. 

The DFT of s(x, y) is the periodic spectrum &(v, w) 
given by 

5(v, 0) = Kp(v, o)#(v, @) * lh + fp(v,0) [7] 

where ((v,w) is the spectrum of the reflectance, 
7(v,@) is the spatial frequency response (SFR) of 
the image-gathering device, and p,(v,@) is the 
spectrum of the photodetector noise. The symbol Ill 
is the Fourier transform of the sampling function ll. It 
accounts for the sidebands generated by the sampling 
process and is given by 





= Iv, @) = 


=> 


eae v,@ — Ww) [8] 


where (v, w) = (m/X,n/Y). The corresponding samp- 
ling passband is 


B= jo. w); lvl < —, lal < av} [9] 


pes 2Y 


The above expression for S(v,w) can be rewritten 
more conveniently as 
Kplv, @)7(v, @) + Av, @) [10] 


S(v, w) = 
where 


A(v, @) = N,(V, @) + Ap(V, ) [11] 
is the spectrum of the total noise in the acquired 
signal. The first term #,(v, ) represents the aliased 
signal components caused by insufficient sampling, as 
given by 

Kp, w)7(v, w) * ll [12] 


n,(V, w) = 


where 


L=fe,o= SY dv-vo-w) [13] 


v,w+(0,0) 


If, for spatial coordinates at either the scene or the 
photodetector array, the unit of (x, y) is meters, then 
the unit of (v,w) is cycles m~'; and if, for angular 
coordinates centered at the objective lens, the unit of 
(x, y) is radians, then the unit of (v, w) is cycles rad! 
Either way, it is convenient to normalize the sampling 
intervals to unity (i.e., X = Y = 1). Then the area of 
the sampling passband is |B| = 1, the unit of (x, y) is 
samples, and the unit of (v, w) is cycles sample '. 

The SFR 7(v, w) of the image-gathering device is 


T(v, @) = 7e(v, w)7,(V, @) [14] 
where 7,(v,w) and 7,(v,@) are the SFRs of the 
objective lens and photodetector apertures, respect- 
ively. This SFR may be modeled approximately by the 
circularly symmetric Gaussian shape 

(GE) [15] 


7(v, w) = exp[ 


where, as shown in Figure 6, the optical-response 
index ¢. controls the trade-off between the blurring 
that is caused by the decrease of the SFR inside the 
sampling passband and the aliasing that is caused by 
the extension of the SFR beyond this passband. 


Signal Coding 


Signal coding may be divided into two stages, as 
depicted in Figure 1. The first stage, which is 
represented by the digital operator 7.(x,y) and the 
quantization noise 7,4(x, y; x), accounts for manipula- 
tions of the acquired signal that seek to extract those 


tv.) 





0 05 1.0 1.5 
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Figure 6 SFRs 7(v,@) of the image-gathering device relative 


to the sampling passband B for unit sampling intervals 
(i.e., X = Y = 1). 
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features of the captured radiance field considered to 
be perceptually most significant, which usually entails 
some loss of information. The second stage, which is 
represented by the encoder, accounts for manipula- 
tions that seek to reduce redundancies in the acquired 
signal, without loss of information. The resultant 
encoded signal s,(x,y;«) may be expressed in the 
same form as eqn [4] for the acquired signal s(x, y) as 


Se(X, Y3 K) = 9(X y) @ (x,y) + ng(x ys) [16] 


where the symbol & denotes discrete spatial convolu- 
tion, and ,(x,y; «) is the quantization noise. If the 
data transmission and/or storage are error-free, as is 
assumed here, then the signal that leaves the decoder 
remains identical to the signal that enters the encoder. 
The DFT of s.(x,y;«) is the periodic spectrum 
$.(v, @; K) given in the same form as eqn [10] by 


3.(v, w; k) = Kp(v, oP (v, @) + 7.(v,0;6) [17] 


where 


Pea, @) = Tv, w)F(v, w) 


[18] 


is the throughput SFR from image gathering to 
transmission, and 


[19] 


ACV, W; K) = N(V, W)F(V, ) + Ag(V, w; K) 


is the accumulated noise in the encoded signal. For 7- 
bit quantization, where 7 = log x and x is the number 
of uniformly spaced quantization levels, 7,(v, w; x) 
may be treated (for 7 = 4) as independent Gaussian 
noise with the PSD 


@(v, @; K) = a = (o,,/Ky [20] 


where oa is the variance given approximately by 


a. ~ K |, | o,0. w)IT.(v, w) I? dude [21] 
B 


Image Restoration 


Image restoration, as depicted in Figure 1, transforms 
the decoded signal s.(x,y; x) into the digital image 
7(X, ¥; K), as modeled by the expression 


(X, J; k) = lllse(x, y; k) @ W(X, F; k) [22] 


The operation indicated by lls.(¢x,y; «) (called zero 
padding) prepares the decoded signal for image 
restoration with interpolation, and the operator 
W(X, ¥; k) produces the digital image 7(X, J; x) on the 
interpolation lattice lll that is Z times denser than the 
sampling lattice lll. If the interpolation in the image 
restoration is sufficiently dense (normally, for Z = 4), 


then the blurring and raster effects of the image- 
display process are suppressed entirely. This con- 
dition leads not only to the best realizable image 
quality but also to the simplest expression for the 
continuous displayed image, as given in the same 
form as eqns [10] and [17] by 


Ra, w; K) = pv, ol (v, wk) +7,(v,@;K) [23] 


where 


[24] 


Pv, w; K) = T(v, w)7(v, wo) Vv, @; K) 


is the throughput SFR from image gathering to 
display, and 


n,(v, w; K) = Kav, w; K)V(v, @; K) 
= ft,,(V, @; K) + Mp,(v, w; K) 


+ Ag AV, w; K) [25] 
is the accumulated noise in the restored image. This 
noise may be expressed explicitly by substituting the 
noise components given above. The noise due to the 
granularity in image-display mediums is not 
accounted for here. 

The Wiener filter, that minimizes the mean-square 
error due to the perturbations in image gathering and 
coding, is given by 


&/(v, w)E(v, «) 


Hv, @;K)= = = 7 
Di (v, w)IP.(v, w)I” + PD), (v, w; K) 


[26] 





where ®/(v, w) = 7, °®,(v, w) is the normalized PSD 
of the radiance field and 


@}, (v, @; K) = (Ko,) >| ®,(v, w)lF,(v, w)|" 
+ ®,(v, Qo, *)| 


is the normalized PSD of the accumulated noise in the 
encoded signal. If the photodetector noise is white so 
that the PSD ®,(v, w) is equal to its variance o> and 
the PSD ©,(v, w; k) is equal to its variance o7, then 
the PSD of the noise simplifies to 


,. (v, w; k) = ®;, (v, w) + ©, (v, «; k) [27] 
where 
&,(v, 0) = [,(v, lv, o)!? * 
+(Ko,/o,) lev, 0)? [28] 
and 
@/,(v, w; k) = (Ko, /o,.) > K [29] 
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These simplifying conditions permit the Wiener filter 
given above and the figures of merit given below to be 
expressed as a function of the SNR Ko,/o,, which can 
be specified without accounting explicitly for either 
the gain K or the variances 0) and Op. 


Figures of Merit 


Information Rate 7 


The information rate H (in bits sample ') of the 
encoded signal s.(x, y; k) is defined by 


H = E[S.(v, @; k)] — E[S.(v, w; k)|A(v, @) : (v, @) € BY 
[30] 


where the first term, €[-], represents the entropy of 
$.(v,@;K) and the second term, €[-|-], represents the 
conditional entropy of this signal when the reflec- 
tance spectrum #(v,@) within the sampling passband 
B is known. For the assumptions that have been made 
about image gathering and coding, the conditional 
entropy becomes the entropy of the accumulated 
noise 7,(v,@;K), so that H simplifies to 


H= ElS.(v, w; k)] — ElA(v, @; kK): (v, @) € B] 


aa ; 
=5I, fog Pp(vr all (vc)! |e [31] 
B 


o',. (v, @; K) 





The theoretical upper bound of H is Shannon’s 
channel capacity C for a bandwidth-limited system, 
with white photodetector noise and an average power 
limitation (here the variance o)s as given by 


1 
C= slog] 1+ (Kop/op) | [32] 
H can reach C only when 
n : 
Q , (v,0)EB 
8,(,0)=47" 
0, elsewhere 
. 1, Ua) Ee B 
Tv, @) = [33] 
0, elsewhere 


However, neither of these two conditions can occur in 
practice because both the PSD ©®,(v,w) of natural 
scenes and the SFR 7(v, w) of image-gathering devices 
decrease gradually with increasing spatial frequency, 
as depicted in Figures 3 and 6, respectively. Hence, H 
can never reach C. 


Theoretical Minimum Data Rate € 


The theoretical minimum data rate € (also in bits 
sample ') that is required to convey the information 
rate H is defined by 

E = E[8.(v, w; k)] — E[8.(v, @; K)IS(v, w)] [34] 
where the second term, €[-l-] is the uncertainty of 
§.(v, w; kK), when 3(v,@) is known. For the assump- 
tions that have been made about the coding process, 
the conditional entropy becomes the entropy 
Eli, (v, w; K)] of the quantization noise, so that € 
simplifies to 


€= E[S.(v, os k)] -: Elig(v, W; k)] 


i! It P+) 
3), Je] pA sea 
B 





@! (v,0; kK) 


[35] 


This expression for € represents the entropy of 
completely decorrelated data. 


Information Efficiency 71/E€ 


The information efficiency of completely decorrelated 
data is defined by the ratio H/E. This ratio reaches its 
upper bound H/E=1 when ©, (v, w) < ,(v, )| 
['.(v, @)|* and ®!, (v, @) < D)(v, w;«), because then 
both eqn [31] for H and eqn [35] for € reduce to the 


same expression 


1 
red], flog 


This upper bound can be approached with a small 
loss in H only when the aliasing and photodetector 
noise are small. Hence, the electro-optical design that 
optimizes H also optimizes H/E€. However, a com- 
promise always remains between H and H/E in the 
selection of the number of quantization levels: H 
favors fine quantization, whereas H/E favors coarse 
quantization. 


(uv, oP (vy, @) ? 
@! (v,0; kK) 





| [36] 


Maximum-Realizable Fidelity 7 


The maximum-realizable fidelity F of the images 
restored with the Wiener filter W(v,@;«) can be 
expressed as a function of the throughput SFR 
T,(v, @; «) given by eqn [24] as 


F= J B)(v, w)T,(v, @; «) dvdw [37] 


252 Sustainable Energy Harvesting Technologies — Past, Present and Future 





almost negligible. However, during the active state, the lost power (power consumed by the 
oscillator) nearly approaches the DC power available at the boost converter output. This 
results in low operational efficiency. 
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Fig. 24. The power loss in the oscillator. 


To confirm whether or not the circuit of Fig. 21 works well, we did some measurements and 
compared them with the calculated results. Unlike in calculation (simulation), during 
measurement, L = 330uH was used due to availability. All the other component values 
remain the same both in calculation and measurement. In Fig. 25 (left side graph) and (right 
side graph), we see in general that the input voltage is boosted and also that the patterns of 
Fosc and Vsn are comparable both by simulation and measurement. To control the duty cycle 
of the oscillator output (Fosc), and the level of ripples in the boost converter output voltage 
(Vout), we change the value of the timing capacitance, Cm: in the circuit of Fig. 21. 
Simulations in Fig. 25 (left side graph) show that Cimr = 520pF realizes a better performance 
i.e. nearly constant Vou level (very low ripple). 
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Fig. 25. Voltage characteristics of the developed boost converter circuit. The left side graph 
represents simulation while the right side graph is for measurements. 


Generally, we observe that with this kind of boost converter circuit topology, it is difficult to 
start up for voltages as low as 61.7mV DC generated by the rectenna at -20dBm power 
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or, equivalently, as a function of the integrand 
H(v, w;k) of the information rate H given by eqn 
[31] as 


= | if Di(v, wl 


This relationship between fidelity and information 
rate can be extended to other goals. For example, 
the enhancement of spatial features (e.g., edges 
and boundaries), for robotic vision, can be 
accommodated by letting 7.(v,w) be the desired 
feature-enhancement filter. 


— 2-H |dyda [38] 


Performance and Design Trade-offs 


Electro-optical Design 


Figure 7 presents the information rate H (for lossless 
encoding) as a function of the optical-response index 
¢. and the mean spatial detail yx. The information rate 
H versus ¢. is given for several SNRs Ko,/o, and 
w=1, and H versus mw is given for the three 
informationally optimized designs specified in 
Table 1. 

The curves show that H can reach its highest 
possible value only when both of the following 
conditions are met: 


1. The relationship between the SFR iv, w) and the 
sampling passband B is chosen to optimize H for 
the available SNR Ka,/o,. This design is said to be 
informationally optimized. 

2. The relationship between the sampling passband 
B and the PSD & p(v, @) is chosen to optimize H. 

bv, w) typical of natural scenes, 


For the PSDs 


Figure 7 





the best match occurs when the sampling interval 
is near the mean spatial detail of the scene (i.e., 
when p = 1). 


These conditions are consistent with those for 
which the information rate H reaches Shannon’s 
channel capacity C. However, blurring and aliasing 
constrain H to values that are smaller than C by a 
factor of nearly two (i.e., HS C/2). Hence, these 
conditions replace the role of white and band-limited 
signals in classical communication theory, to establish 
an upper bound on the information rate in imaging 
systems. 

The above two conditions appeal intuitively when 
the problem of image restoration is considered: 


1. The result that the SFR 7(v, w) that optimizes H 
depends on the available SNR is consistent with 
the observation that, in one extreme, when the 
SNR is low, substantial blurring should be 
avoided because the photodetector noise would 
constrain the enhancement of fine spatial detail 
even if aliasing were negligible. In the other 
extreme, when the SNR is high, substantial 
aliasing should be avoided so that this enhance- 
ment is relieved from any constraints except 
those that the sampling passband inevitably 





imposes. 
Table 1 Informationally optimized designs 
Design Ko,/op (ie H* 
1 256 0.3 4.4 
2 64 0.4 3.3 
3 16 0.5 2.2 
‘om 
Design 

—1 

oo? 

es iat 3 





io? = 1077 10° 10! 10? 
i 


Information rate 7 versus the optical-response index ¢, and the mean spatial detail ~ (relative to the sampling interval). 


The designs are specified in Table 1, and the SFRs 7(v, w) for ¢ are shown in Figure 6. 
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2. The result that H reaches its highest value when 
the sampling interval is near the mean spatial 
detail of the scene is consistent with the obser- 
vation that, ordinarily, it would not be possible to 
restore spatial detail that is finer than the sampling 
interval, whereas it would be possible to restore 
much coarser detail from fewer samples. 


Information Rate and Data Rate 


Figure 8 presents an information-entropy H(E) plot 
that characterizes the relationship between the 
information rate H of the encoded signal and the 
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Figure 8 The information-entropy 7/(€) plot of the information 
rate 7 versus the associated theoretical minimum data rate € for 
y-bit quantization. The designs are specified in Table 1. 














associated theoretical minimum data rate, or entropy, 
E for 7bit quantization. The encoder SFR 7.(v, w) is 
assumed to be unity. The plot illustrates the trade-off 
between H and € in the selection of the number of 
quantization levels for encoding the acquired signal. 
It shows, in particular, that the design that realizes the 
highest information rate H also enables the encoder 
to realize the highest information efficiency H/E. This 
result appeals intuitively, because the perturbations 
due to aliasing and photodetector noise that interfere 
with the image restoration can also be expected to do 
so with the signal decorrelation. 


Throughput SFR 


Figure 9 illustrates the SFRs 7(v,@) and W(v, w; k) 
of the image-gathering device and Wiener filter, 
respectively, and of their product, the throughput 
SFR I,(v,@;«), for the three designs specified in 
Table 1. As the accumulated noise becomes 
negligible, ',(v,@;«) approaches the ideal SFR of 
the classical communication channel, which is unity 
inside the sampling passband and zero outside. 


Information Rate, Fidelity and Robustness 


The PSD Biv, w) of a scene is seldom known when 
images are restored. Moreover, even if the PSD were 
known to be the one given by eqn [2], then the mean 
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fa) Image gathering 


(b) Wiener filter 


(c) Throughput 


Figure 9 SFRs of image gathering, restoration, and throughput. The designs are specified in Table 1. 
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spatial detail w would usually remain uncertain 
because it depends, not only on the properties of 
the scene, but also on the angular resolution and 
viewing distance of the image-gathering device. 
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(a) Kop/op= 256 {b} Kop/Gp = 16 
Figure 10 Information rate H and maximum-realizable fidelity - 


versus the optical-response index ¢, for two SNRs Ko,/op. F is 
given for the matched ((4)= 1) and two mismatched Wiener 
restorations. 


In practice, therefore, image restorations have to 
rely on estimates of the statistical properties of scenes. 
The tolerance of the quality of the restored image to 
errors in these estimates is referred to as the 
robustness of the image restoration. 

Figure 10 presents the information rate H and the 
corresponding maximum-realizable fidelity F for 
matched and mismatched Wiener restorations. 
These restorations represent the digital image R(x, 
¥; «) or, equivalently, the continuous image R(x, y; k) 
displayed on a noise-free medium. The matched 
restorations use the correct value of 4, whereas the 
mismatched restorations use wrong estimates of p. 
These curves reveal that the informationally opti- 
mized designs produce the highest fidelity and 
robustness, and that both improve with increasing 
H. Moreover, these curves reveal that, ordinarily, one 
cannot go far wrong in Wiener restorations by 
assuming that the mean spatial detail is equal to the 
sampling interval (ic., #= 1). This observation 
appeals intuitively because spatial detail that is 
much smaller cannot be resolved, and detail that is 
larger is not degraded substantially by blurring and 
aliasing. 


Information Rate and Visual Quality 


Figures 11 and 12 present Wiener restorations and 
their three components, as given by eqn [23], where 
p(x, y) * T(x, y;«) accounts for blurring, 1,,(x, y; k) 
accounts for aliasing, and 1,,(x,y;«) accounts for 





(a) R(x ix) 


(b) pQsy)* TE. Ocysx) 


Figure 11 


(c) 44m) (d) 4p (%Y vk) 


Images restored with the Wiener filter and their three components for designs 1 (top) and 3 (bottom). 
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(a) R(xyx) 


(b) p(x y)*T-4yix) 


Figure 12 


photodetector noise. The contrast of the illustrations 
of the two noise components has been increased 
by a factor of four to improve their visibility. 
The extraneous structure that aliasing produces in 
the images of the resolution wedges is commonly 
referred to as Moiré pattern. The corresponding 
distortion in the images of the random polygons 
emerges more subtly as jagged (or staircase) edges. 

The images are formed from a set of 64x 64 
samples with a Z = 4 interpolation and have a 4 x 4 
cm format. If these images were displayed in a smaller 
format, then the jagged edges could not be resolved 
by the observer and would appear to be the result of 
blurring or photodetector noise instead of aliasing. 
Aliasing has, therefore, often been overlooked as a 
significant source of image degradation. 

The Wiener restoration produces images in which 
fine spatial detail near the limit of resolution normally 
has a high contrast approaching that in the scene. 
However, these images also tend to contain visually 
annoying defects, due to the accumulated noise and 
the ringing near sharp edges (Gibbs phenomenon). 
Hence, it is often desirable to combine this restoration 
with an enhancement filter that gives the user some 
control over the trade-off among fidelity, sharpness 
and clarity. 

presents images for which the Wiener 
restorations given in and 12 are enhanced 






(c) 4na-(x,ysn) (d) 4g (x5 x) 


Images restored with the Wiener filter and their three components for designs 1 (top) and 3 (bottom). 


for visual quality by suppressing some of the defects 
due to aliasing and ringing. This enhancement 
improves clarity at the cost of a small loss in sharpness. 
The images are produced again from 64 x 64 pixels, 
but they are displayed in three different formats. 
The smallest format, with a density of 64 pixels/cm, 
corresponds to a display of 256 X 256 pixels ina 4 x 4 
cm area, which is typical of the images found in the 
prevalent digital image-processing literature. As can 
be observed, this small format leads to images that 
are indistinguishable from each other because they 
hide many of the distortions that larger formats 
clearly reveal. 

In general, if the images are displayed in a format 
that is large enough to reveal the finest spatial detail 
near the limit of resolution of the imaging system, 
then distortions due to the perturbations in this 
system become also visible. When no effort is spared 
to reduce these distortions without a perceptual loss 
of resolution and sharpness, then it becomes strongly 
evident that the best visual quality with which 
images can be restored improves with increasing 
information rate, even after the fidelity has essen- 
tially reached its upper bound. This improvement 
continues until it is gradually ended by the unavoid- 
able compromise among sharpness, aliasing, and 
ringing as well as by the granularity of the image 
display. 
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(a) Design 1 (b) Design 3 


Figure 13 Images restored with the Wiener filter and enhanced 
for visual quality. The large, medium, and small formats contain 
16, 32 and 64 pixels/cm, respectively. 


Concluding Remarks 


The performance of image-gathering devices and the 
human eye is constrained by the same critical limiting 
factors. When these factors are accounted for 
properly, then it emerges that the design of the 
image-gathering device that is optimized for the 
highest realizable information rate corresponds 
closely, under appropriate conditions, to the design 
of the human eye that evolution has optimized for 
viewing the real world. This convergence of infor- 
mation theory and evolution toward the same design 
clearly supports the extension of information theory 
to the characterization of imaging systems. 


Numerous other information-theoretic character- 
izations of imaging are now emerging. However, none 
of these characterizations accounts for the critical 
limiting factors that constrain image gathering and 
restoration, as outlined here. Hence, it is not possible 
for them to address the efficiency and accuracy with 
which images can be conveyed. Moreover, none of 
these characterizations combines observation with 
communication, or sensing with processing, in a 
general formalization. Instead, each of them still deals 
with a particular measurement or imaging problem. 
Hence, the role of information theory in imaging is 
far from mature. Many challenges remain: to develop 
general formalizations, to account for physical 
phenomena, and to correlate predictions with 
measurements. 


See also 


Information Processing: Optical Digital Image Proces- 
sing. Modulators: Electro-optics. 
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Introduction 


A digital image is an array (2D image) or a cube (3D 
image) of quantized numbers, providing a represen- 
tation of a physical object or a map of some 
distributed property of the object (density of matter, 
energy, etc.). It can be obtained by digitizing the 
original image (for instance, a photograph) or can be 
directly formed by the outputs of the imaging system 
(digital camera, microscope, telescope, etc.). When 
visualized on a suitable image display device, a digital 
image must provide a representation of the physical 
object which can be easily interpreted and analyzed. 
In many cases, however, this condition is not satisfied. 
We give two typical examples. 

The first is that of an image degraded by blurring 
which can be introduced by defects of the optical 
systems (such as aberrations) or by image motion, 
image defocusing, etc. The representation of the 
object does not have the quality which should be 
desirable for its interpretation. 

The second case is even more important and arises 
when the output of the imaging system is not directly 
related to the physical quantity to be imaged. For 
instance, in X-ray tomography, the output of a 
detector is the attenuation of an X-ray pencil crossing 
the body while the quantity to be imaged is the 
density of the body. 

In the situations described above, the desired image 
can be obtained by solving a number of mathematical 
problems. If we denote f as the object, namely the 
target of the imaging system, and g as the image of f 
provided by the system, then the problems to be 
solved can be summarized as follows: 


e develop a physical model of the system to obtain a 
mathematical relationship between the object f 
and the image g; the computation of g from a given 
f is usually called the solution of the direct 
problem; 

e solve the problem of obtaining the physical 
quantity f from given outputs g of the system; 
this second step is usually called the solution of the 
inverse problem. 


The digital image of f, obtained by solving an 
inverse problem, is a computed one, generated by the 


computer where the algorithm for the solution of the 
inverse problem has been implemented. 

It may be convenient to formulate both the direct 
and the inverse problem in terms of functions rather 
than arrays, cubes, etc., because such a formulation 
allows the use of powerful tools of functional analysis 
for their investigation. Next, the results obtained in 
the continuous case can be used for understanding the 
features of the corresponding discrete problem. In 
most important applications, for instance, the 
relationship between f and g is linear so that, in the 
discrete version of the direct problem, one obtains g 
by applying a suitable matrix A to f while, in the 
discrete version of the inverse problem, one obtains f 
from g by solving a linear algebraic system. However, 
the solution of the inverse problem is not so simple 
and the difficulties can be understood by looking at 
the corresponding continuous problem. 

The basic reason relies on the fact that inverse 
problems are ill-posed in the sense of Hadamard: the 
solution may not exist; even if it exists it may not be 
unique; and, even if it exists and is unique, it may not 
depend continuously on the data. The last statement 
means that a small perturbation of the data, such as 
that caused by noise or any kind of experimental 
error, can completely modify the solution. 

Inverse problems are ill-posed because imaging 
systems do not transmit complete information about 
the physical object. Therefore, the problem is to 
extract the useful information contained in the data 
or, in mathematical terms, to look for approximate 
solutions which are stable against noise. This is 
the purpose of a mathematical theory introduced in 
its general form by the Russian mathematician, 
Tikhonov and known as regularization theory. 

We illustrate the general framework outlined above 
by means of a specific example — image deconvolu- 
tion, also known as image deblurring, image restor- 
ation, etc. The object f is the image which should be 
recorded in the absence of degradation, while g is the 
image corrupted by aberrations or other causes of 
blurring. Both f and g are functions of 2D (or 3D) 
space variables x which are the coordinates of a point 
in the image domain. If the imaging system is 
isoplanatic, then it is described by a space-invariant 
point spread function (PSF) K(x), which is the image 
of a point source located in the center of the image 
domain. The PSF provides the response of the system 
to any point source wherever it is located. On the 
other hand, its Fourier transform, the transfer 
function K(w) (the hat denotes Fourier transform 
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and w, the spatial frequencies associated to the space 
variables x), tells us how a signal of a fixed frequency 
is propagated through the linear system, so that the 
blurring can also be viewed as a sort of frequency 
filtering. 

Under these assumptions the image g is the 
convolution product of object f and PSF K: 


g(x) = | Kew — x)f(x')dx! [1] 


and the solution of the direct problem is just the 
computation of a convolution product. 

The image g, as given by eqn [1], is the so-called 
noise-free image. The actually recorded image g, is 
affected by a noise term and, in general, it can be 
written in the following form: 


SX) = B(x) + n(x) [2] 


where n(x) is a function describing noise contami- 
nation. It is a random function and, therefore, it is 
unknown even if one understands its statistical 
properties. We point out that eqn [2] does not imply 
that the noise is additive or signal independent. For 
instance, in microscopy and astronomy, the contami- 
nation of the image is due both to photon noise, 
which satisfies Poisson statistics, and read-out noise, 
which is basically Gaussian and white. Therefore the 
noise term in eqn [2] must only be intended as the 
difference between the noisy and the noise-free image. 

In a first attempt at approaching the inverse 
problem, it seems quite natural to ignore the noise 
term n(x) and to solve eqn [1] for f(x) with g(x) 
replaced by g,(x). Then, by taking the Fourier 
transform of both sides of this equation and using 
the well-known convolution theorem, one finds the 
following relationship: 


8,(w) = K(w)f(o) [3] 


which relates the Fourier transform of f and g to the 
transfer function of the imaging system. 

The solution of this equation looks elementary. 
However, a first problem is due to the fact that an 
optical system is generally band-limited; its band QO is 
the bounded domain of spatial frequencies where the 
transfer function is different from zero. Since the 
noise is not band-limited or, at least, has a band 
much broader than that of the optical system, 
outside 0 the right-hand side of eqn [3] is zero 
while the left-hand side is not; in other words, the 
solution of the deconvolution problem, as formulated 
above, does not exist because no object f satisfies 
eqn [3] everywhere. In this particular case, one can 


circumvent the problem by applying a suitable filter 
to g,(x), in order to suppress the out-of-band noise. 

The second problem is the nonuniqueness of the 
solution of the problem with the filtered data. This is 
due to the so-called invisible objects, namely objects 
whose Fourier transform is zero on Q, so that the 
corresponding images are exactly zero. If we find a 
solution of the deconvolution problem, by adding an 
arbitrary invisible object to this solution, we find 
another solution of the same problem. A well-defined 
solution can be obtained by requiring its Fourier 
transform to be zero outside ©. In other words, we set 
to zero what is not transmitted by the imaging system. 

The standard way for approaching the previous 
questions is to look for solutions in the least-squares 
sense, namely for objects which minimize the 
functional: 


e'(f) =IIK *f — g,lP [4] 


where * denotes the convolution product, as 
defined in eqn [1], and the right-hand side is the 
square of the L?-norm (which can also be interpreted 
as energy) of the discrepancy between the recorded 
image g, and the computed image K * f. If one looks 
for a least-squares solution with minimal energy then 
one automatically re-obtains the solution discussed 
above, namely an object whose Fourier transform in 
Q is given by 


&(w) 
R(o) 





fny(@) = 5] 


and is zero outside ©. Such a solution is that 
provided by the so-called inverse filter. 

However, there is an additional difficulty in that the 
transfer function usually tends to zero at the 
boundary of the band while the Fourier transform 
of the noise, hence that of g,, does not, or tends to 
zero in a different way. It follows that fi,,(@) is 
divergent or very large at the boundary of the band. 
We conclude that its inverse Fourier transform does 
not exist or, if it exists, is affected by large artifacts 
due to noise propagation. The latter is the typical 
situation in the case of digital images. In Figure 1 we 
give the result of a numerical simulation showing the 
typical effect produced by the inverse filter. The object 
is a beautiful picture of a galaxy recorded by the 
Hubble Space Telescope (HST), while the PSF is a 
computed one describing the blurring of HST before 
installation of the optics correction. The blurred 
image is obtained by convolving the object with the 
PSF and by adding white noise. The restored image 
produced by the inverse filter is completely corrupted 
by noise. 
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(b) 





(c) 


Figure 1 


(d) 


Illustrating the effect of the inverse filter: (a) Image of the Circinus galaxy taken on 10 April 1999, with the Wide Field 


Planetary Camera 2 of the Hubble Space Telescope; (b) the PSF used for blurring the RGB components of the image (here shown in 
red); (c) the blurred image obtained by convolving the components of the image in (a) with the corresponding PSFs and adding noise; (d) 
the restoration obtained by applying the inverse filter to the three components of (c). Part (a) courtesy of NASA/Space Telescope 


Science Institute. 


The inverse filter provides a solution which fits the 
data in the best possible way and therefore also fits 
the noise in the frequency domains where the signal is 
weakly transmitted by the imaging system. This can 
be achieved at the cost of an energy (L*-norm) of the 
solution which is too large. Therefore, such a 
conclusion suggests that one must search for a 
reasonable compromise between data fitting and 
energy of the solution. This is the basic idea of 
regularization theory, at least in its most simple form. 
The mathematical formulation is obtained by looking 
for objects which minimize the functional: 


®,(f) =IIK * f — g,l? + pllfl? [6] 


where yp, the so-called regularization parameter, is a 
parameter controlling the trade-off between data 
fitting and energy of the solution: when yp is small, the 
data fitting is good and the energy is large while, 
when p is large, the data fitting is poor and the energy 
is small. 

For a given p, the function f,,, which minimizes the 
functional of eqn [6] is called the regularized solution 


of the problem. It is easy to show that its Fourier 
transform is given by 


K*(o) 


MO Roe tn 


&(@) [7] 


The regularized solutions form a one-parameter 
family of functions. When yw is small these functions 
are strongly contaminated by noise whose effect is 
gradually reduced when w increases. For too large 
values of , one re-obtains blurred versions of the 
original object. 

Such behavior is illustrated by the sequence of 
regularized solutions given in Figure 2 and corre- 
sponding to the example of Figure 1. The regulariz- 
ation parameter increases starting from left to right 
and from top to bottom. Its values are 4 = 0 (inverse 
filter), 0.001, 0.01, 0.05, 0.1, and 0.5 (the noise is of 
the order of a few percent and the PSF is normalized 
in such a way that the sum of all its value is 1). The 
sequence makes evident the well-established theor- 
etical result of the existence of an optimal value of the 
regularization parameter. Such an optimal value can 
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(e) 
Figure 2 


() 


Illustrating the effect of the regularization parameter. The blurred image is that shown in Figure 1c. The sequence is 


obtained by increasing the value of the regularization parameter: (a) ~ = 0 (inverse filter); (b) 4 = 0.001; (c) w = 0.01; (d) w = 0.05; 
(e) w= 0.1; (f) w = 0.5. It is evident that the best restoration is that shown in (c). 


be determined in the case of numerical simulations as 
that represented in Figure 2. However, its estimation 
in the case of real images is more difficult. Several 
methods for the selection of « have been proposed. 
We only mention the so-called discrepancy principle. 
It consists of determining the value of yz, such that the 
value of the discrepancy functional at f,, ©°(f,) 
coincides with an estimate of the energy of the 
noise. In other words, the data are fitted with an 
accuracy comparable with their uncertainty. 


As shown by eqn [7], the regularized solution has 
the same band O of the imaging system, because 
K*(q) is zero outside . As is known, a band-limited 
function can be represented in terms of its samples 
taken at a rate which is roughly proportional to the 
size of the band. This is the content of the famous 
Shannon sampling theorem (more precisely its 2D 
extension). On the other hand, the sampling distance 
can be taken as a measure of the resolution provided 
by the restored image so that one concludes that the 
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restoration method discussed above does not produce 
an improvement of the resolution of the imaging 
system. It certainly produces an improvement of the 
quality of the image which makes possible a visual 
verification of that resolution. 

In many circumstances, the term super-resolution is 
used for describing methods which allow an improve- 
ment of resolution beyond the limit provided by the 
sampling theorem. Therefore, a super-resolving 
method must produce a restored image with a band 
broader than that of the imaging system. Therefore, 
super-resolution is related to the problem of out- 
of-band extrapolation. 

Such an approach was already proposed in the 
1960s, when it was observed that the Fourier trans- 
form of an object with a finite spatial extent (all 
objects have this property) is analytic; then the 
theorem of unique analytic continuation implies 
that the Fourier transform of the object can be 
determined everywhere from its values on the band of 
the imaging system. 

Unfortunately this problem is ill-posed, so that out- 
of-band extrapolation is not feasible in practice. Only 
recently it has been recognized that a considerable 
amount of super-resolution is possible when the 
spatial extent of the object is not much greater than 
the resolution distance of the instrument. For 
example, super-resolving methods could be used for 
detecting unresolved binary star in astronomical 
images. 

The important point is that a super-resolving 
method must implement explicitly the finite extent 
of the object: the domain of the object must be 
estimated and the method must search for a solution 
which is zero outside this domain. This introduces an 
important question in object restoration and, more 
generally, in the theory of inverse problems, namely 
the design of regularized solutions satisfying 
additional conditions (constraints). This question is 
also important from the theoretical point of view: the 
problem is ill-posed because of insufficient infor- 
mation on the object as transmitted by the imaging 
system; the use of additional constraints reduces the 
class of the solutions which are compatible with the 
data and therefore can improve the restoration. This 
is the use of a priori information in the solution of 
inverse problems. 

A constraint which has been widely investigated 
and used is the positivity of the solution, i.e., all the 
values of the restored image must be positive or zero. 
The physical meaning of the constraint is obvious. Its 
beneficial effect is to reduce ringing artifacts which 
affect the regularized solutions previously discussed, 
in cases where the object contains bright spots over a 
black background or sharp intensity variations from 


zero to some positive value. The ringing is essentially 
related to the well-known Gibbs effect in the 
truncation of the Fourier series. 

The requirement of positivity is the requirement of 
a particular lower bound on the values of the 
solution. Therefore, one can consider more general 
constraints in requiring a given lower and/or upper 
bound on the values of the solution, eventually 
combined with a constraint on the domain to 
produce, for instance, a super-resolved positive 
solution. The most general form of these constraints 
requires that the solution belongs to a given closed 
and convex set C in some functional space. A general 
method producing regularized solutions in a convex 
set is an iterative method which is essentially a 
gradient method for the minimization of the least- 
squares functional, with a projection on the set C at 
each iteration. In the case of object deconvolution, 
the least-squares functional is that given in eqn [4] 
and the method has the following form: if f, is the 
result of the k-th iteration, then f,,, is given by 


fers = Pelfe + TK’ * (g, — K* fy) [8] 


where Pe is the convex projection onto the set C, Tis a 
relaxation parameter and K'(x) = K(—x). In general, 
the algorithm, known as the projected Landweber 
method, is initialized with fo =0. An important 
property is that it has a regularization effect, in the 
sense that iterations must not be pushed to conver- 
gence but stopped after a suitable number of 
iterations to avoid strong noise contamination. In 
Figure 3 we compare, in a specific example, the result 
obtained by means of the linear regularization 
method and that obtained by means of the projected 
iterative method with a lower and upper bound on 
the solution. The reduction of ringing is evident. 

Among the methods producing positive solutions 
we must mention the most popular one in astronomy, 
the so-called Richardson—Lucy method, which is an 
iterative method for Maximum-Likelihood esti- 
mation. If the PSF has been normalized in such a 
way that the sum of all its values is one, it takes the 
following form: 


fei = fa( ** rea? ) [9] 





The method is normally initialized with a uniform 
image and it must not be pushed to convergence to 
avoid noise amplification. Another algorithm 
suggested by statistical arguments and producing 
positive solution is the so-called Maximum Entropy 
Method (MEM). 

The image restoration methods described above 
have wide applications both in microscopy and 
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incidence and at least 18.2% rectenna RF-to-DC conversion efficiency. Self starting is the 
issue for this topology at very low voltages. 


At least 11.3% DC-DC conversion efficiency was recorded by measurement and is 
comparable to the calculation in Fig. 22. During measurement it was clearly revealed that 
the boost converter efficiency does depend on the value of L and the duty cycle derived 
from ti. To efficiently simulate the complete circuit, from the RF input to the DC output, 
envelope transient simulation (ENV) in Agilent’s ADS was used. The (ENV) tool is much 
more computationally efficient than transient simulation (Tran). This simulation is 
appropriate for the boost converter circuit’s resistor emulation task. Moreover, the boost 
converter’s DC-DC conversion efficiency, and the overall RF-to-DC conversion efficiency 
can be calculated at once with a single envelope transient simulation. 


In summary, though not capable to operate for voltages as low as 61.7mV DC, the proposed 
boost converter has by simulation and measurement demonstrated the capability to boost 
voltages as low as 400mV DC, sufficient for battery or capacitor recharging, assuming that 
the battery or the capacitor has some initial charge or energy enough to provide start-up to 
the boost converter circuit. 


The limitations of our proposed boost converter circuit include; low efficiency, lack of self 
starting at ultra low input voltages, and unregulated output. To address these limitations, 
circuit optimization is required. Moreover, alternative approaches which employ a flyback 
transformer to replace the boost converter inductance must be investigated. A regulator 
circuit with Low Drop Out (LDO) is necessary to fix the boost converter output voltage 
commensurate with standard values like 2.2 V DC for example. For further reading, see [7] 


2. Performance analysis of the complete RF energy harvesting sensor 
system 


To demonstrate how one may analyze the performance of an RF energy harvesting system 
including its application, we extend the discussion of Section 2.5.2 to this Section. We propose 
a transmitter assembled as in Fig. 26 for temperature sensor wireless data transmission. 
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Fig. 26. The assembly and test platform for the proposed battery-free sensor transmitter. 
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(b) 





(c) 
Figure 3 


(d) 


Illustrating the effect of constraints on image restoration: (a) Image of the Earth taken during the Apollo 11 mission; (b) 


blurred image of (a) obtained by assuming out-of-focus blur and adding noise; (c) optimal restoration provided by the regularization 
method; the ringing around the boundary of the Earth is evident; (d) optimal restoration obtained by means of the projected Landweber 
method with a lower and an upper bound on the solution at each iteration. Part (a) courtesy of NASA. 


astronomy. For instance, the minimization of the 
functional eqn [6], with the additional constraint of 
positivity, has been used for deconvolving images in 
microscopy to reduce the effect of the missing cone. 
On the other hand, the Richardson—Lucy method 
was widely used for deconvolving the images of HST 
before installation of corrective optics. 

Nowadays, image deconvolution is becoming more 
important for the ground-based telescopes equipped 
with adaptive optics. Indeed, even if adaptive optics is 
able to provide a considerable compensation of the 
atmospheric blur, a further improvement can be 
obtained by deconvolving the detected images. The 
PSF is provided by the image of a suitable guide star. 

Finally, it is worth mentioning the Large Binocular 
Telescope, in construction on the Mount Graham in 
Arizona, because this instrument requires image 
restoration methods for a full exploitation of its 
imaging properties. The telescope (Figure 4) consists 
of two 8m mirrors on a common mount: both 
mirrors are equipped with adaptive optics and are 
combined interferometrically to reach the resolution 





ef LBT Project 
ae 


ieee 2x8.4m Telescope 
Figure 4 Picture of the Large Binocular Telescope (LBT) in 
construction on the Mount Graham in Arizona. It consists of two 
mirrors on the same mount. The images of the two mirrors are 
combined interferometrically to produce a high-resolution image in 
the direction of the line joining the centers of the mirrors 
(baseline). 
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of a 22.8 m mirror in the direction of the baseline. 
The telescope can be rotated to record images of the 
same astronomical target with different orientations 
of the baseline, i.e., the line joining the centers of the 
two mirrors. Finally the images must be processed by 
means of multiple images deconvolution methods to 
obtain a unique high-resolution image, equivalent to 
that produced by a 22.8 m mirror. 

The applications of inverse problems with major 
social impact are in the area of medical imaging. The 
spectacular success of X-ray computerized tomogra- 
phy (CT), invented by GH Hounsfield at the 
beginning of the 1970s, has stimulated the develop- 
ment of other imaging modalities, based essentially 
on the same principle, such as positron emission 
tomography (PET) and single photon emission 
computerized tomography (SPECT). Computed 
images are also provided by magnetic resonance 
imaging (MRI). In such a case, however, the 
computational problem is rather simple since it 
consists essentially in Fourier transform inversion. 

The basic principle of X-ray CT is described as a 
finely collimated source S (see Figure 5a) emitting a 
pencil of X-rays which propagates through the body 
along a straight line L up to a well collimated receiver 
R. If we know both the intensity Ip of the source and 
the intensity I detected by the receiver, the logarithm 
of the ratio I,/I is the integral of the linear attenuation 
function (roughly proportional to the density func- 
tion of the body) along the line L. If the source and the 
receiver are moved along two parallel lines, having 
direction @ and defining the plane II (in practice a 
planar slice of the body under consideration), one 
obtains the integrals of the linear attenuation func- 
tion f(x) along all parallel lines orthogonal to 6. The 
scanning variables in the plane II are defined in 
Figure 5b: ¢ is the angle formed by the unit vector 6 
with the x-axis and s is the signed distance between 
the origin and the integration line L. The integrals 
along all parallel lines orthogonal to 6 define a 
function of s which is called the projection of f(x) in 
the direction 0: 


+00 
Ps) = f(s cos g — usin g,s sin @+ucos ¢)du 


[10] 


The set of the projections of f(x) for all possible @ is 
called the Radon transform of f(x), in honor of the 
mathematician Johann Radon, who first investigated 
the problem of recovering a function of two variables 
from its line integrals. Today, such a problem is 
known as Radon transform inversion or object 
restoration from projections. Sampled values of the 
Radon transform, i.e., sampled values of the 

















(b) 


Figure 5 (a) Scheme of the scanning procedure in X-ray 
tomography: the source(S)—receiver(R) pair is moved along a 
direction @ orthogonal to the line S—R, defining the plane IT to be 
imaged; when the scanning has been completed the system is 
rotated by a certain angle, the scanning procedure is repeated, 
and so on. (Reproduced with permission from Bertero M and 
Boccacci P (1998) Introduction to Inverse Problems in Imaging. 
Bristol, UK: IOP Publishing.) (b) Definition of the variables used in 
the representation of the Radon transform; ¢ is the angle formed 
by the S-R line with the x,-axis; s is the signed distance between 
the origin and the integration line (orthogonal to 6); and u is the 
coordinate on the integration line. 


projections for a number of possible directions 
between 0 and 7, are the outputs of the acquisition 
system of the medical equipment known as CT- 
scanners (Figure 6). Their data-processing system 
contains the implementation of an algorithm for 
Radon transform inversion and the final result is a set 
of computed images providing maps of slices of the 
human body. 

The plot of the Radon transform of f in the (s, ¢)- 
plane, obtained by representing its values as gray 
levels, is called the sinogram of f. In Figure 7, we 
give the image of the sinogram of a brain slice. 
The horizontal rows provide representations of the 
projections of the phantom. In the image, the angle @ 
defining the direction 6 takes values between 0 and 277 
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while the variable s takes values between —a and a, if 
ais the radius of a disc containing the phantom. As is 
evident, the sinogram is symmetric with respect to the 
point (0, 7). Each point in the rectangle corresponds 
to a straight line crossing the phantom and the 
straight lines through a fixed point of the phantom 
describe a sinusoidal curve in the (s, ¢)-plane. This 
property has given rise to the name sinogram. 

The sinogram is, in a sense, the image of the body 
slice under investigation, as provided directly by a 
CT-scanner. However, an inspection of this image 
does not easily provide information about the body. 
Therefore, it must be processed to obtain a more 
significant image. Radon transform inversion is an 
example of inverse and ill-posed problem and its 
solution must be treated with extra care. 

The crucial point in Radon transform inversion is 
the Fourier slice theorem, whose content is the 
following: the Fourier transform of the projection in 





Figure 6 Picture of a scanner for X-ray tomography. The 
annular part contains the acquisition and scanning systems. 





(a) 


Figure 7 





the direction @ of the function f, is the Fourier 
transform of f on the straight line passing through the 
origin and having direction 0: 


Pw) = f(w0) [11] 


This theorem clarifies the information content of CT 
data: each projection provides the Fourier transform 
of the function f along a well-defined straight line in 
the plane of the spatial frequencies. It is also the 
starting point for deriving the basic algorithm of data 
inversion in tomography, the filtered back-projection 
(FBP). It is obtained from Fourier transform inversion 
in polar coordinates and is a two-step algorithm: the 
first step is a filtering of the projections by means of a 
ramp-filter; the second is the back-projection of the 
filtered sinogram. More precisely the two steps are as 
follows: 


e Filtering: for each 6 the projection P,(s) is replaced 
by a filtered projection given by 


O,(s) = [-. lwlP (we dw [12] 


where the multiplication by the ramp filter lal 
derives from the Jacobian of polar coordinates; 

e Back-projection: this operation is the dual of the 
projection operation: indeed the projection assigns 
to a straight line L with coordinates (s, ¢), hence to 
a point of the domain of definition of the Radon 
transform, the integral of f along L; on the other 
hand, the back-projection assigns the value of the 
Radon transform at (s,¢g) to all points of the 
straight line L with the same coordinates (a 
pictorial representation of projection and back- 
projection is given in Figure 8); as a consequence 
the back-projection operator R* assigns to each 





(b) 


(a) Picture of a brain slice; (b) the corresponding sinogram. As explained in the text, the sinogram is a gray-level 


representation of the Radon transform in the s, g plane. Each horizontal line in (b) corresponds to a projection of (a). 
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Figure 8 





(a) The effect of the projection operation is shown by drawing the projections of a circular phantom corresponding to three 


directions. (b) shows the result obtained by applying the back-projection operation to the three projections given in (a). It is evident that 
the picture provided by this operation has a maximum on the domain of the circular phantom. 


point x the sum (integral) of all values of the Radon 
transform corresponding to straight lines passing 
through x: 


277 
R*P,(x) = ie Pp(xcoset+ysing)de [13] 


The back-projection operator, when applied 
directly to the projections as in eqn [13], provides a 
blurred image of f; in order to get a satisfactory 
restoration it must be applied to the filtered projec- 
tions O,(s). This point is illustrated in Figure 9. 

We point out that the ramp filter introduced in 
eqn [12] amplifies the high frequency components of 
the projections hence the noise corrupting these 
components. This remark clarifies that Radon trans- 
form inversion is an ill-posed problem and requires 
some kind of regularization. This is obtained by 
introducing an additional low-pass filter which 
reduces the effect of the high frequencies. The most 
frequently used combination of ramp and low-pass 
filter is the so-called Shepp—Logan filter. 

X-ray tomography is also called transmission 
computerized tomography (TCT) because the image 
is obtained by detecting the X-rays transmitted by the 
body. It provides information about anatomical 
details of human organs because the map of the 
linear attenuation function is essentially the map of 
the density of the tissues. 

A different type of information is obtained by the 
so-called emission computerized tomography (ECT) 
which is based on the administration of radio- 
nuclide-labeled agents known as radio-pharmaceuti- 
cals. Their distribution in the body of the patient 
depends on factors such as blood flow, metabolic 
processes, etc. Then a map of this distribution is 
obtained by detecting the y-rays produced by the 


Body slice 





CT scanner 


Filtering 
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Figure 9 Illustrating the effect of the filtered back-projection. 
Shown here is: a slice of the so-called Shepp—Logan phantom; 
the corresponding sinogram (indicated by the arrow CT scanner); 
the filtered sinogram (indicated by the arrow filtering; the 
restorations obtained by applying the back-projection operation 
both to the original sinogram and to the filtered sinogram. 


decay of the radio-nuclides. Therefore, ECT yields 
functional information, in the sense that the images 
produced by ECT show the function of the tissues of 
the organs. 
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Two different modalities of ECT are usually 
considered: 


e single photon emission computerized tomography 
(SPECT), which makes use of radio-isotopes where 
a single y-ray is emitted per nuclear disintegration; 
e positron emission tomography (PET), which makes 
use of 8*-emitters, where the final result of a 
nuclear disintegration is a pair of y-rays, propagat- 
ing in opposite directions, produced by the 
annihilation of the emitted positron in the tissues. 


In both cases it is necessary to detect the y-rays 
coming from well-defined regions of the body and, to 
this purpose, different methods are used in each case. 

In SPECT, the discrimination of the y-rays is 
obtained by means of a collimator, consisting of 
holes in a large lead slab covering the crystal detector 
face. In PET the collimation is obtained by means of 
pairs of detectors in coincidence. This technique, 
which is also called electronic collimation, is more 
accurate than the physical collimation used in SPECT 
and allows the design of systems with a great 
efficiency. 

The basic reconstruction method in TCT, namely 
FBP, is often used in the reconstruction of SPECT and 
PET data. However, several corrections are necessary 
in practice. The principal ones are due to the 
collimator blur and to the scattering of photons in 
the body. If one develops a more accurate model of 
data acquisition by taking into account these effects, 
then the restoration problem implies the inversion of 
a very large matrix which is sparse and ill-con- 
ditioned. To this purpose iterative regularization 
methods are used such that the basic operation 
required at each step is matrix-vector multiplication. 
Other imaging modalities, which have been proposed 
for medical applications, are electrical impedance and 
microwave tomography. The underlying inverse 
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Introduction 


The image quality of a perfect optical system is ideally 
limited by its diffraction figure. In the real world there 


problems are basically nonlinear so that the compu- 
tational cost of the methods for their solution is, in 
general, too high for clinical applications. However 
the research in these areas is very active and, 
therefore, the situation could be improved in the 
near future. 


See also 
Tomography: Tomography and Optical Imaging. 
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are many effects which degrade that physical limit, 
resulting in poorer image quality at the focal plane. 
These effects may be static (e.g., time-independent, 
as, for example, error in the alignment of the optical 
train) or dynamic (e.g., variable with time, such as 
optical misalignment introduced by thermo-mechan- 
ical distortion). Active and adaptive optics, the topics 
of this article, are technologies able to correct for the 
optical aberrations induced by dynamical effects. 
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There are a variety of causes liable for dynamical 
image degradation, among these time-variable optical 
misalignments, pointing and tracking errors (for 
motorized instruments), and atmospheric pertur- 
bations. In practice, both atmospheric turbulence 
and misaligned instrument introduce random spatial 
and temporal perturbations on the optical beam, 
distorting the spherical (ideal) wavefront incoming on 
to the focal plane. This leads to loss of both the 
diffraction limited condition and image resolution. A 
typical situation for astronomical application is 
shown in Figure 1. A target (a star in this case) 
emits light whose wavefront, being far from the 
observing system, can be considered plane. When this 
wavefront passes through the atmosphere it is 
distorted with a temporal frequency of the order of 
hundreds of Hertz. This dynamically distorted 
wavefront fills the aperture of the optical system 
and will once more be distorted by the dynamic 
misalignment of the optical system itself. The final 
wavefront will be deformed with respect to the ideal 
(spherical) wavefront. 
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Figure 1 Dynamical wavefront aberration. 


Dynamic optical misalignment may depend on 
gravitational and thermal deformation, while point- 
ing error may appear as very slow (drift), slow 
(wander), or fast (jitter) tilt of the image on the focal 
plane. Atmospheric perturbations are produced by air 
turbulence and may be natural (as in the astronomical 
or satellite tracking cases) or induced by the 
experiment itself (thermal blooming in high power 
laser applications). All these effects appear on very 
different time-scales, as shown in Figure 2. As 
noticeable, atmospheric turbulence introduces aber- 
rations of all orders, at a frequency above about 1 Hz. 
Pointing and tracking errors introduce an image tilt 
with different time-scale. Gravitational effects induce 
mechanical deformation of the optics, mainly in 
astronomical applications because of the massive 
components (the telescope primary mirror in particu- 
lar). Thermal deformation produces optical misalign- 
ment among optical components mainly resulting in 
defocus. Figure 2 is purely illustrative, because some 
effects may produce wavefront aberrations at differ- 
ent frequencies than indicated there. For example, 
drift may be faster than indicated in the figure, and 
thermal blooming (a thermal effect) introduces 
aberrations at a higher frequency, and so on. 

The correction of the wavefront errors is usually 
made by means of devices able to change the phase 
wave somewhere in the light path. Though the 
concept for correcting aberrated wavefront at slow 
or high frequency is the same, for example, the use of 
one or more deformable elements in the optical path, 
the technologies developed for each area are quite 
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Figure 2 Wavefront aberration time-scale and associated 
aberrations. 
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different: variations at slow frequency (approxi- 
mately below 0.1 Hz in Figure 2) are indicated as 
quasi-static errors and the techniques developed to 
overcome them are properly called active optics, 
while adaptive optics indicates the techniques to 
overcome the unwanted effects at high frequency 
(above about 1 Hz in frequency). The frequency value 
dividing the active from adaptive optics is not well 
defined and depends on the field of application and its 
scientific engineering communities. The important 
point is that a correct use of a combination of the two 
techniques may ultimately lead to bringing the 
imaging system close to its diffraction limit. 


Slow Corrections: Active Optics 


The analysis of the wavefront is required before its 
correction, and one or more deformable/movable 
mirrors and their control system, to operate the 
corrections. A typical system for low frequency 
correction is shown in Figure 3. A telescope contains 
three mirrors (M1, M2, and M3) and an instrument 
to detect its scientific target, usually placed on its 
optical axis. The dynamic deformations present in 
this kind of instrument are mainly third-order 
spherical (thermal deformation of M1), third-order 
astigmatism (a saddle-horse deformation of M1 
due to gravity when the telescope is pointing 
away from the zenith), and third-order coma 






On Off 
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Figure 3 A typical system for correcting low-frequency 
dynamical aberrations (active optics). 


(due to gravitational decentering between M1 and 
M2). Since a telescope has a tracking system some 
pointing error may be present, causing motion of the 
image in the focal plane. The observation of an off- 
axis target (typically a star for astronomical appli- 
cations) is made to measure the deformations of the 
incoming wavefront by means of a wavefront sensor 
(WS) system. This step is completed using some of the 
wavefront sensing technique described elsewhere in 
this encyclopedia. The WS must measure the infor- 
mation on the wavefront distortion with adequate 
spatial resolution to compensate for aberrations 
across the full aperture of the system. Once the 
wavefront distortion has been measured by the WS, 
the needed corrections are sent to the control system 
which apply the appropriate mirror deformation/ 
movements. In the example of Figure 3 only the 
primary mirror (entrance pupil) is deformable and it 
is used for correcting spherical and astigmatism 
aberrations. M2 is used to compensate the decenter- 
ing coma by means of lateral displacement. M3 may 
be tilted to correct for low-frequency pointing errors. 
In astronomical applications active optics is essential 
for telescopes with primary-mirror diameters larger 
than approximately four meters which cannot be 
manufactured rigidly at reasonable cost. Active optics 
requires a thin deformable or a segmented primary 
mirror maintained on the correct shape at every 
elevation. Using this method, low-frequency correc- 
tion has been achieved to date in telescopes with 
primary mirrors of the order of ten meters. 


Fast Corrections: Adaptive Optics 


It is clear that corrections at high frequency are 
impossible using the approach discussed above, 
because of the large dimensions and weight of the 
mirror and the low response time required. For an 
adaptive correction it is necessary to image a smaller 
system pupil in the optical train and make the active 
correction of the wavefront. A typical configuration is 
shown in Figure 4. The light from the telescope focal 
plane (corrected for low frequency errors by means of 
active optics) is collimated and a pupil is located in 
this beam. Behind the active mirror a beamsplitter is 
used to send part of the light into the WS and measure 
wavefront distortions. The analysis results are sent to 
the control system which performs the active mirror 
deformation for the wavefront compensation. If the 
WS and the control system are sufficiently fast 
(typically faster than the time-variations of the 
wavefront distortion), this system is able to produce 
a plane wavefront which can be focused at the 
diffraction limit of the system. For this reason 
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Figure 4 A typical setup for correcting high-frequency dynami- 
cal aberrations (adaptive optics). 


adaptive optics are often referred to as real-time 
system. 

The seminal paper on the adaptive optics concept 
was written by H.W. Babcock of the Mount Wilson 
and Palomar observatories in 1953. Since then a great 
improvement has been made, especially in military 
and astronomical fields. In recent years, however, 
many applications of adaptive optics have developed 
in fields different from traditional ones, such as 
precision manufacturing by means of high-power 
lasers, telecommunications, aero-optics, medical phy- 
sics, and ophthalmology. 

We describe adaptive optics with particular refer- 
ence to astronomical applications. We provide a brief 
description of other applications at the end of this 
article. 


Imaging Through the Atmosphere 


The optical effects of the atmospheric turbulence are 
due to local temperature variations that induce 
fluctuations in the refractive index of air. The 
refractive index changes depend on the air density 
as well as the range of the temperature variations. Air 
density is highest at sea level and decreases exponen- 
tially with altitude. Optical effects of turbulence 
decrease with the altitude of the site, the reason for 
locating astronomical telescopes on mountains. The 
effects of turbulence on a point source image are 
depicted in Figure 5. Hereafter we consider an ideal 
telescope, for example, one without need for active 
correction at low frequencies. We consider the source 
1 (continous line). The radiation emitted by the 
source is a spherical wavefront that can be treated as 
a plane, because of the very long distance to the 
Earth’s atmosphere. 
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Figure 5 Imaging through the atmosphere. 


In absence of wavefront distortion, the angular 
diameter of the image (Airy disk), is approximately 
2.44 A/D, with » the wavelength of the observation 
and D the telescope aperture (the mirror diameter). In 
this case the image is said to be diffraction limited, 
and it is the best possible performance for the 
observation. This is the performance of a space- 
based ideal telescope. 

In the presence of the atmosphere the incoming 
wavefront is distorted by the turbulence and when it 
reaches the telescope aperture it is no longer a plane 
(see in Figure 5). The so-called Fried’s parameter 1 
(also called atmospheric coherence length) is the most 
common parameter used to quantify the distortion 
effects of atmospheric turbulence. It is defined as the 
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distance over which the wavefront phase is highly 
correlated (in this way it provides a measure of the 
turbulence scale size). For an undistorted plane wave, 
ro is infinity, while for atmospheric distortion it 
typically varies between 5 cm (bad sites) and 20 cm 
(excellent sites). We depict Fried’s parameter sche- 
matically in Figure 5, as bubbles of dimension 79 in 
the turbulent layer (referred to as Fried’s cells). rg is a 
statistical parameter, which depends on time and 
wavelength (rp = ro(t, A°”)). Its variability with time 
may be considerable, sometimes changing by a factor 
of 2 within a few seconds. A small telescope, with a 
diameter less than rp, will always operate at this 
diffraction limit. When the 7p is smaller than the 
telescope aperture, the angular size of the image is 
different if we consider long- or short-time exposures. 
If the exposure time is very short (less than 
hundredths of a second) it is possible to image a 
structure in the focal plane (see short exposure image 
in Figure 5). This structure, which varies with time, is 
due to high-order wavefront distortions that occur 
within the aperture. The short exposure image is 
broken into a large number of speckles of diameter 
2.44 A/D, which are randomly distributed over a 
circular region of approximately 2.44 A/ro in angular 
diameter. A lower-order wavefront distortion is 
correlated with the size of the largest disturbances 
produced by atmospheric turbulence (the so-called 
outer scale) which varies considerably (from 1m to 
over 1km). Such disturbances produce a time- 
dependent tilt of the overall wavefront that causes 
fluctuations in the angle of arrival of the light from a 
star and randomly displace the image. For D of the 
order of the Fried parameter 79, image motion 
dominates, and a simple tip-tilt mirror (not just 
deformable) provides useful correction. For D greater 
than ro, speckles dominate and a deformable mirror is 
necessary to account for the wavefront distortion. For 
long exposures the dimension of the image is 
determined by the ratio A/rp rather than A/D. The 
angular resolution is diminished due to the atmos- 
pheric turbulence (see Figure 5). For a 4 m telescope, 
atmospheric distortion degrades the spatial resolution 
by more than one order of magnitude compared to 
the diffraction limit, and the intensity at the center of 
the star image is lowered by a factor of 100 or more. 
Even at the best astronomical sites, ground-based 
telescopes observing at visible wavelengths cannot, 
because of atmospheric turbulence alone, achieve an 
angular resolution better than telescopes of about 
20 cm diameter. 

Most of the distortions imposed by the atmo- 
sphere are in the wave-phase and an initially plane 
wavefront traveling 20km through the turbulent 


atmosphere accumulates, across the diameter of a 
large telescope, phase errors of a few micrometers. 

Turbulence is distributed along the propagation 
path through the atmosphere, and then the wavefront 
errors become uncorrelated as the field angle 
increases. This effect is known as angular isoplanat- 
ism and is one of the major limitations to the 
astronomical adaptive optics. The structure becomes 
completely uncorrelated out of the isoplanatic angle, 
approximately equal to r9/H, where H is the altitude 
of the turbulence layer. This decorrelation is sketched 
in Figure 5, where the short exposure images for 
objects 1 and 2 have different speckles structure. 

In Earth’s atmosphere significant turbulence occurs 
at altitudes up to 20 km, often with large peaks in the 
vicinity of the tropopause, at around 10 km there 
exist, in practice, more than one parameter H in 
Figure 5, one for each turbulence layer. This three- 
dimensional distribution of the turbulence consider- 
ably restricts the angle over which adaptive compen- 
sation is effective and leads to the design of 
multiconjugate adaptive optics, as we next explain. 


Adaptive System Design 


As stated above, an active system is composed of at 
least one wavefront sensor and one deformable 
mirror. Typically, the wavefront is corrected by 
making independent tip, tilt, and piston movements 
of the deformable mirror surface, as shown in 
Figure 6. As a rule of thumb, a deformable mirror 
used for atmospheric correction should have one 
actuator for each Fried’s cell, such that the total 
number of actuators should be equal to the number of 
Fried’s cells filling the telescope aperture, i.e., D7/19. 
For instance, a near-perfect correction for an obser- 
vation in visible light (0.6 1m) with an 8 m telescope 
placed in a good astronomical site (r9 = 20cm), 
would require a deformable mirror with approxi- 
mately 6400 actuators in its adaptive optics system. 
Recalling that rp is strongly dependent on the 
wavelength (i.e., proportional to A°*), similar per- 
formance in the infrared at 2 wm requires only 
250 actuators. This is one reason why adaptive 
correction is easier in the infrared. A large number 
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Figure 6 A sketch of a deformable mirror. 
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of Fried’s cells requires a similarly large number of 
subapertures in the wavefront sensor. Commonly 
used WSs are based on modifications of the classic 
Hartmann screen test or of curvature type. In the 
former case the adaptive device is made with 
individual piezoelectric actuators (see Figure 6), 
while in the latter the correction is achieved with a 
bimorph adaptive mirror, made of two bonded 
piezoelectric plates. With both methods, wavefront 
sensing is done on a reference off-axis object 
(Figure 3), or even on the observed object itself 
(Figure 4) if it is bright enough. In the former case the 
angular distance of the reference object must fall 
inside the isoplanatic angle and must be sufficiently 
luminous. In typical astronomical sites the isoplanatic 
angle at a wavelength of 0.6 wm is ~ 5 arcsec, while it 
can be ~20 arcsec at 2 um. This is an additional 
reason why the adaptive optics system is most 
efficient in the infrared range. Correction in the 
visible requires a reference star approximately 25 
times brighter than in the infrared. Most current 
astronomical systems are designed to provide diffrac- 
tion-limited images in the near-infrared (1 to 2 wm) 
with the capability for partial correction in the 
visible. However, some military systems for satellite 
observations do provide full correction in the visible 
on at least 1 m class telescopes. 

The control system is generally a specialized 
computer that calculates, from the WS measure- 
ments, the commands to send the actuators of the 
deformable mirror. The calculation must be per- 
formed quickly (within 0.5 to 1 ms), otherwise the 
state of the atmosphere may have changed making the 
wavefront correction inaccurate. The required com- 
puting power can exceed several hundred million 
operations for each command set sent to a 250 
actuator deformable mirror. As in active optics 
systems, zonal or modal control methods are used. 
In zonal control, each zone or segment of the mirror is 
controlled independently by wavefront signals that 
are measured for the subaperture of that zone. In 
modal control, the wavefront is expressed as the best- 
fit linear combination of polynomial modes of the 
wavefront distorted by the atmospheric 
perturbations. 


Future Development 


As explained above, a convenient method for 
measuring the wavefront distortion is to look for an 
off-axis reference star (also known as natural guide 
star, NGS) within the isoplanatic angle. However, it is 
generally impossible to find a bright reference star 
close to an arbitrary astronomical target. Conditions 
are far better in the infrared than in the visible 


because atmospheric turbulence (and in particular its 
high spatial frequencies) is, for a given AO correction, 
less pronounced at longer wavelengths. The spatial 
and temporal sampling of the disturbed wavefront 
can be reduced, which in turn can permit the use of 
fainter reference stars. Coupled with the larger 
isoplanatic angle in the infrared, this gives a much 
better outlook for AO correction than in the visible. 

Nevertheless, even for observations at 2.2 um, the 
sky coverage achievable by this technique (equal to 
the probability of finding a suitable reference star 
in the isoplanatic patch around the chosen target) is of 
the order of 0.5 to 1%. It is therefore unsurprising 
that most scientific applications of AO have to date 
been limited to the study of objects which provide 
their own reference object. The most promising way 
to overcome the isoplanatic angle limitation is by the 
use of artificial reference stars, also referred to as laser 
guide stars (LGS). These are patches of light created 
by the back-scattering of pulsed laser light of sodium 
atoms in the high mesosphere or by molecules and 
particles located in the low stratosphere. The laser 
beam is focused at an altitude of about 90 km in the 
first case (sodium resonance) and 10 to 20 km in the 
second case (Rayleigh diffusion). Such an artificial 
reference star can be created as close to the 
astronomical target as desired, and a wavefront 
sensor measuring the scattered laser light is used to 
correct the wavefront aberrations on the target 
object. 

Military laboratories have reported the successful 
operation of adaptive optics devices at visible 
wavelengths using laser guide star on both a 60 cm 
telescope and a 1.5 meter telescope, achieving an 
image resolution of 0.15 arcsec. Nevertheless, there 
are still physical limitations of a LGS. The first 
problem, focus anisoplanatism, or cone-effect, was 
realized long ago. Since the artificial star is created at 
a relatively low altitude, back-scattered light col- 
lected by the telescope forms a conical beam, which 
does not cross the same turbulence-layer areas as light 
from the astronomical target. This leads to a phase 
estimation error, which in principle can be solved by 
the simultaneous use of several laser guide stars 
surrounding the targeted object. A more significant 
problem is image motion or tilt determination. Since 
the paths of the outgoing and returning light rays are 
the same, the centroid of the artificial light appears to 
be stationary in the sky, while the apparent position 
of an astronomical source suffers lateral motions (also 
known as tip/tilt). The simplest solution is to 
supplement the AO system and LGS with a tip/tilt 
corrector set on a (generally) faint close NGS. 
Performance is then limited by poor photon statistics 
in the tip/tilt correction. 
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The transmitter consists of one-chip microcomputer (MCU) PICI6F877A and wireless 
module nRF24L01P for the control, and MCU can be connected with an outside personal 
computer using ICD-U40 or RS232 cable. The wireless module operates in transmission and 
reception mode, and controls power supply on-off, transmitting power level, the receiving 
mode status, and transmission data rate via Serial Peripheral Interface (SPI). Figure 27 
shows the operation flow when transmitting. 








PIC16F877A 
SPI initialize 
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Fig. 27. Operation flow during transmission. 


The experimental system composition is shown in Fig. 28 to transmit acquired data by the 
temperature sensor with WLAN at 2.4 GHz (ISM band). An ISM band sleeve antenna is 
used for the transmission. Using the cellular band rectenna shown and discussed in Section 
2.5.1, at least 3.14 V is stored in the electric double layer capacitor over a period of four 
hours. To harvest a maximum usable power for the overall system, we charge the capacitor 
up to 5V. The operation voltage for the wireless module presented in Fig. 26 above is 
between 1.9V and 3.6V. 


The signal was transmitted from the wireless module while a sleeve antenna, same like the 
one for transmission was used with the spectrum analyzer and the reception experiment 
was performed. Received signal level equal to -43.4dBm was obtained at a distance 3.5m 
between transmitter and reception point. The capacitor’s stored voltage was used to supply 
the wireless module in the above-mentioned experiment. Successful transmission was 
possible for 5.5 minutes after which, the capacitor terminal voltage decreased from 3.16V to 
1.47V, and the transmission ended. The sending and receiving distance of data can be 
estimated to be about 10m when the sensitivity of the receiver is assumed to be -60dBm, 
given 0dBm maximum transmit power. 


Hereafter, the overall system examination is done by environmental power generation using 
the transmitted electric waves from the cellular phone base station, proposed based on the 
above-mentioned results. First of all, the power consumption shown in Fig. 29 is based on 
the fact that 120mW (5V, 24mA) is saved in the electric double layer capacitor by 
environmental power generation, achieved by calculation as discussed earlier. 
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Figure 7 Conjugated planes of turbulent layers. 


Adaptive optics with a multicolor laser probe is 
another concept that has been studied to solve the tilt 
determination problem of laser beacon based AO. 
Only applicable to sodium resonant scattering at 
90 km, it excites different states of the sodium atoms 
and makes use of the slight variation in the refraction 
index of air with wavelength. Its main drawback is 
the limited returned flux, due to the saturation of 
mesospheric sodium layer. 

The quality of a site for adaptive optics is 
determined not only by the median seeing, but also 
by the height and thickness of the turbulent layers 
(often only a few thin layers dominate). Some 
adaptive-optics systems can be adapted to correct 
for turbulence originating at a particular height by 
using several reference stars. This technique is known 
as multiconjugate adaptive optics (MCAO) and is still 
in his infancy. This concept deals with a 3-D view of 
the atmosphere, and for this reason it is also called 
turbulence tomography. Several wavefront sensors 
are needed for tomography. Turbulence tomography 
is also useful to correct for the cone effect when using 
LGS. When several deformable mirrors are placed on 
the appropriate conjugate planes, as shown in 
Figure 7, anisoplanatism reduces and the size of the 
corrected field of view increases. The situation is 
roughly depicted in Figure 7, where each turbulent 
layer (indicated as TL) has a proper conjugated plane 
(C-TL). 

Another challenging optical solution is one of 
utilizing large secondary adaptive mirrors. This 
application seems especially interesting at thermal 
wavelengths, where any additional mirror raises the 
significant thermal background detected by 
instruments. 


Other Adaptive Optics Applications 


In recent years the adaptive optics technique has 
been developed in many applications beside astron- 
omy and the military, for example, as in high-power 
laser welding or cutting, in ophthalmology and in 
aero-optics. 

In high-power laser applications, thermal bloom- 
ing takes place when laser light is absorbed by the 


gases and particles that make up the atmosphere. 
Since energy is conserved, the energy lost by the laser 
(its intensity diminishes) is gained by the atmosphere 
that heats up. This inhomogeneity at the boundary of 
the laser beam generates wavefront distortions by 
turbulence, as shown in Figure 8. This means that 
laser light that passes through the air at a later time 
interacts with a different atmosphere than the light 
that passed by earlier. The net effect is that, in the case 
of a Gaussian laser beam, light following a wavefront 
which passed at an earlier time, ‘sees’ a concave lens 
that deflects the successive rays out of the beam (away 
from the axis) causing the beam to appear to grow in 
radius or ‘bloom’. Adaptive optics techniques for 
real-time compensation of blooming in laser beams 
were developed in the late 1960s. Given the high 
coherence and monochromaticity of a laser, the 
technique is more straightforward than for more 
common white-light applications of the astronomical 
applications. 

Density fluctuations in a compressible shear layer 
are sufficiently high to cause a time varying index of 
refraction of the layer. This situation is common in a 
turbulent flowfield, and the study of the wavefront 
aberrations induced by this flowfield, when it is of 
relatively short propagation length in the near-field of 
the optical system, is referred to as aero-optics. 
Turbulent flowfield induces various types of degra- 
dations in the performances of an optical system. For 
example the jitter and defocusing of laser-based 
weapons cause a reduction in the amount of energy 
delivered to the target. Tracking systems experience 
bore-site errors and imaging systems experience 
blurring. Recent work suggests that adaptive optics 
compensation may successfully overcome these 
problems. 

In ophthalmology the adaptive technique finds 
application in studying the retina of the eye. In this 
case the eye itself produces wavefront aberration, and 
the retina is seen as blurred. Techniques in ophthal- 
mic laser surgery are being developed to use adaptive 
optics to correct for detected distortions. 
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Figure 8 Thermal blooming effect in high-power laser 
applications. 
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In the field of telecommunications, studies are in 
progress for using adaptive techniques in data 
transmission between ground-based stations and 
satellites. 


See also 


Environmental Measurements: Doppler Lidar; 
Optical Transmission and Scatter of the Atmosphere. 
Instrumentation: Astronomical Instrumentation; Tele- 
scopes. Phase Control: Wavefront Coding; Wavefront 
Sensors and Control (Imaging Through Turbulence). 
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Introduction 


Hyperspectral imaging techniques on a microscopic 
level have paralleled the hyperspectral remote 
astronomical sensing which has developed over the 
years. It is especially apparent in remote sensing of 
our own planet’s land masses and atmosphere, such as 
in the LANDSAT satellite program. In biology, 
biochemistry, and medicine, hyperspectral imaging 
and multispectral imaging are often interchanged, 
although there is a distinct difference in the two 
techniques. 

A multispectral imager produces images of each of 
a number of discrete but relatively wide spectral 
bands. Multispectral imagers employ several wide 
bandpass filters to collect the data for the images. A 
hyperspectral imager produces images over a con- 
tiguous range of spectral bands and, thus, offers the 
potential for spectroscopic analysis of data. Hyper- 
spectral imagers may use gratings or interferometers 
to produce the contiguous range of spectral bands to 
record. 
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Fluorescent dyes (also referred to as fluorophores 
or fluorochromes) and recently quantum dots, as 
markers, are a very powerful tool for analyzing 
organic tissues for researchers in cytology (study of 
cell function), cytogenetics (study of the human 
chromosomes), histology (study of structure and 
function of tissues), microarray scanning (analysis 
of concentrations of multiple varied probes), and 
biological material science. Without the correlation 
of the spectral and spatial data in biological images, 
there would be little useful information for the 
researcher. Therefore, hyperspectral imaging in the 
biological sciences must combine imaging, spec- 
troscopy, and fluorescent probe techniques. Such 
imaging requires high spatial resolution to present a 
true physical picture, and the spectroscopy must also 
have high spectral resolution in order to determine 
the quantities of biochemical probes present. The 
correlation must provide the color-position relation 
for identification of meaningful information. 

This description will begin with an initial review of 
multispectral imaging to lead into a discussion of 
hyperspectral imaging. The discussion will examine 
aspects of hyperspectral imaging based on an inter- 
ferometric method and on a grating dispersion 
method similar to the methods in multispectral 
imaging. 
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Image Parameters 


The analysis of fluorophores involves the excitation of 
the dye with a shorter wavelength and thus higher 
energy than the emission spectrum. The use of the 
appropriate excitation wavelength will yield a maxi- 
mum emission intensity at a characteristic wave- 
length. The quality of a fluorescent image generally 
combines contrast and brightness. Contrast depends 
on the ratio of emission intensity to that of back- 
ground light. Consequently, the use of filters to block 
the excitation wavelength and prevent it from over- 
whelming the field is critical in providing high 
contrast for the detection of fluorophore emission. 
However, the use of narrow filters to restrict the 
background can severely limit the brightness of the 
fluorescent image. This is due to the barrier filters 
allowing only a portion of the actual emission 
spectrum to pass. Brightness is an intrinsic property 
of each individual fluorophore, but is also dependent 
on the ability to illuminate with the peak excitation 
wavelength for that fluorophore. 

The balance between contrast and brightness may 
be further complicated by applications designed to 
facilitate the evaluation of multiple fluorophores. The 
selection of appropriate excitation and emission 
filters within a single set to allow for the simultaneous 
viewing of multiple fluorophores can be very inhibit- 
ing. Although quad-band beamsplitters are currently 
available, commercial advances to date have yielded 
only triple-pass combinations for simultaneous detec- 
tion, such as one of which permits the simultaneous 
detection of the widely used fluorophore combination 
fluorescein-5-isothiocyanate (FITC), Texas Red and 
4' ,6-diamidino-2-phenylindole (DAPI) (e.g., Chroma 
Technology Corp.). 

Although the capture of digital images has pro- 
pelled this field, efforts to collect multicolored images 
as digital files also suffer from technical limitations. 
Color CCD cameras often utilize filters or liquid 
crystals to segregate the red, green, and blue 
wavelengths onto the imaging chip. The employment 
of these cameras is restricted to resolving colors as 
discriminated by the filters used. For scientific 
applications, then, the greatest sensitivity and selec- 
tivity has been achieved through black and white 
CCD cameras with optimized filters for a specific 
application. While this approach is widely used, it 
suffers from the inherent limits of the spectra of data 
that can be analyzed since it is defined by the 
characteristics of the optical filters employed. Thus, 
the system is restricted to the use of fluorophores that 
can be effectively resolved from each other by filters, 
and the filters selected limit the data collected to a 


portion of the total emission spectrum for any one 
fluorophore. 


Multispectral Imaging 


Multispectral imaging systems in biomedical research 
are composed of a microscope, filters and/or inter- 
ferometer for spectral selection, a charged coupled 
device (CCD) camera to record the data, and 
computer control for acquisition, analysis, and dis- 
play (Figure 1a). The introduction of CCD cameras 
has offered a means to document results and capture 
images as digital computer files. This has facilitated 
the analysis of results with more and more complex 
probe sets and has allowed the use of more 
sophisticated computer algorithms for data analysis. 
The other major component of the multispectral 
imaging system is a light source to excite the sample’s 
fluorescent dyes whose emissions are selected by 
filters or an interferometer for recording on the CCD 
camera. 

An example of the use of multispectral imaging is in 
the identification of the 24 human chromosomes. A 
scheme was presented for the analysis of human 
chromosomes by differentially labeling each chromo- 
some with a unique combination of 5 fluorophore- 
labeled nucleotides (building blocks of DNA and 
RNA, consisting of a nitrogenous base, a five-carbon 
sugar, and a phosphate group). These complex 
probes are simultaneously hybridized to metaphase 
chromosomes and analyzed to determine which of 
the fluorophores are present. Combinations of 
one, two, or three of the five fluorophores are 
enough to distinguish a particular chromosome 
from the others. 

An interferometric multispectral system used to 
perform this type of analysis is the Spectral Karyotyp- 
ing (chromosome typing) or SKY System (Figure 1a). 
This technology does not represent hyperspectral 
imaging, but is presented for comparison. Illumina- 
tion light passes through a triple band-pass dichroic 
filter which allows for the simultaneous excitation of 
all the fluorochromes in, for instance, Speicher’s 
scheme. Modern multi-band pass filters add little to 
image distortion while effectively blocking unwanted 
autofluorescence or excitation illumination. The 
fluorescence emissions from the sample are split into 
two separate beams by the interferometer. The beams 
are then recombined with an optical path difference 
(OPD) between them such that the two beams are no 
longer in register and interfere with each other. By 
adjusting the OPD, a particular wavelength band can 
be selected for, which results in constructive inter- 
ference and thus can be collected by the CCD 
camera pixels. After adjusting the OPD to record 
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Figure 1 The instruments for multispectral and hyperspectral imaging are similar. (a) Multispectral imagers use interferometers or 
bandpass filters to collect noncontiguous emission wavelengths. (b) Hyperspectral imagers employ interferometers or gratings to collect 
a contiguous wavelength band. Computers, microscopes, CCD cameras, and excitation light sources are common to all the techniques. 
The systems which use filter sets or interferometers use motorized filter placement systems or automated interferometers. The gratings 
systems employ a motorized stage for the sample movement. Adapted with permission from Schultz RA, Nielsen T, Zavaleta JR, 
Ruch R, Wyatt R and Garner HR (2001) Hyperspectral imaging: a novel approach for microscopic analysis. Cytometry 43: 239-247. 


the 5 dye wavelengths, each pixel’s 5 records are then 
compared to the known probe-labeling scheme to 
identify the corresponding chromosome material. 
The image of the metaphase chromosome spread 
can be karyotyped using specific pseudo-colors for 
maximal visual discrimination of the chromosomes. 

Another nonhyperspectral method is the Multi- 
Fluorescence In Situ Hybridization or M-FISH 


System. It uses five single-band-pass excitation/ 
emission filter sets where each filter set is specific for 
one of the five fluorochromes used in the combina- 
torial labeling process (Figure 1a). Again, five 
separate exposures are taken (one exposure for each 
filter set) and combined to create a multicolor image. 
Most M-FISH systems now have motorized filter 
set selectors which minimize any image registration 


IMAGING / Hyperspectral Imaging 137 





shifts that may occur between exposures. For each 
pixel, the presence/absence of signal from each of the 
five fluorochromes is assessed and then matched to the 
probe-coding scheme to determine which chromo- 
some material is present. As with the SKY System, 
an image of the metaphase spread is converted into 
a karyotype and specific pseudo-colors are used to 
maximize visual discrimination of the chromosomes. 


Hyperspectral Imaging 


As has been stated, the main difference between 
multi- and hyper-spectral imaging is the collection of 
a broad contiguous band of wavelengths. The 
apparatus and methods for hyperspectral imaging 
are similar to multispectral imaging (Figure 1). 
Instead of collecting sections of the emission spec- 
trum using filters or interferometers, hyperspectral 
imaging collects a continuous emission spectrum by 
dispersing the wavelength of light using gratings and 
measuring the wavelength intensity, or by dispersing 
Fourier components of light using interferometers 
and measuring interference intensity (Figure 1b). 
Multispectral images are limited to measuring total 
intensity within the selected wavelength band. Deter- 
mining the abundance of more than one dye per pixel 
is less accurate when only a small segment of each 
dyes’ spectrum is passed by the emission filter. This 
has not been considered a limitation in the past 
because most research depended on just identifying 
the presence and not the abundance of several 
spectrally broad and overlapping dyes which also 
occupied relatively large spatial areas. With the 





Figure 2 


advent of smaller and smaller featured microarrays, 
the desire to use more dyes in identification schemes, 
and the use of quantum-dot markers which can be 
used to indicate both genetic makeup and quantity, 
the limitations of multispectral imaging has led to a 
move to hyperspectral imaging. 

In contrast to the fluorescence multispectral ima- 
ging approaches, a hyperspectral image is fully three- 
dimensional. Every XY spatial pixel of the image has 
an arbitrarily large number of wavelengths allied with 
it. An intensity cube of data is collected. Two of the 
axes of the cube are spatial and one axis is wavelength 
(see Figure 2). At each of the 3D points, there is an 
associated intensity of emitted energy. Therefore, it is 
a four-dimensional information space. The individual 
intensity signature of differing emitting bodies can 
then be separated to give a complete view. Spectral 
decomposition is a mathematical/algorithmical pro- 
cess by which individual emission spectra of the dyes 
can be uniquely separated from a composite (full 
spectral) image by knowing the signature of each dye 
emission spectra component measured separately. 
Spectral decomposition may be performed using 
standard algorithms with codes which are readily 
available. 


Interferometric Hyperspectral Imaging 


The system architecture of the interferometric hyper- 
spectral imager resembles that of the SKY System 
(Figure 1). But, instead of just sequencing the 
interferometer to select a set of specific wavelengths 
to record as in the SKY System, the interferometer in 
the hyperspectral imager is sequenced through 


Y 


Intensity data cube. In this data cube, each CCD exposure captures a measurement in intensity (number of counts) by 


wavelength for a small spatial area in Yand AX. Many displacements in X with subsequent CCD acquisitions yield a ‘cube’ of data in X, 
Y, and A. The intensity counts may be thought of as another dimension, /(x,y,A). Another form of the data cube is with each CCD 
acquisition comprising intensity counts for a spatial X and Y area for a small AA and multiple displacements in A for each acquisition. 
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discrete optical path differences to record the 
intensity at each pixel for each OPD. Fourier 
spectroscopy techniques are used to transform the 
OPD intensities at each pixel into the wavelength 
intensities at each pixel. Each pixel may be thought of 
as a Fourier spectrometer which is not dependent on 
any other pixel. Then, spectral decomposition algor- 
ithms can be run to determine which dyes are present 
(see the next section). 

Like the multifilter methods, the interferometer 
approach provides a real two-dimensional image that 
can be observed, focused, and optimized prior to 
measurement. But like the filtering methods, the 
excitation source must be filtered for sufficient 
contrast to view the fluorescent emissions. Interfe- 
rometers have high optical throughput, relative to 
other methods, and can have high and variable 
spectral resolution. The spectral range can cover 
from the ultraviolet to the infrared. The high and 
variable spectral resolution allows the user to trade 
off sensitivity, spectral resolution, and acquisition 
time in a way that is not possible with any other 
technique. And interferometers do not cause polariz- 
ation of light as a filter may. 

However, interferometric instruments are suscep- 
tible to image registration and lateral coherence 
difficulties. They are limited by the extreme precision 
required of the optical components which results in 
the continuous need for monitoring and adjustment, 
since aberrations are not tolerated in interferometric 
instruments. The throughput is reduced by loss due to 
the beamsplitter design and from the mirrors. 
Additionally, the Fourier transform instrument 
deconvolutes based on a two-step process; the 
correlation of the light passed by an interferometer 
followed by an inverse Fourier transform in software. 

To mitigate the extreme precision and sensitivity of 
the most interferometric systems, Sagnac interferom- 
eters have been employed because of their common 
path intrinsic stability. The common path compen- 
sates any misalignment, vibration, or temperature 
affect. The OPD is provided by the Sagnac affect. 
When the Sagnac interferometer is rotated, the path 
traveled in one direction will be different from that of 
the light on the common path in the other direction. 
Although, this interferometer method is trading one 
difficulty for another, it is somewhat easier to manage 
the rotation of a physical system than to maintain the 
exacting precision of mirror alignments in a standard 
interferometer. 


Spatial Resolution 


The spatial resolution of a Sagnac Hyperspectral 
Imager is set by the size of the pixels of the CCD 


camera and the microscope system magnification, 
since the interferometric hyperspectral viewer sees 
the entire field of view at once. Let the x- and 
y- dimensions of the CCD pixel be 8x and Sy, 
respectively, and the magnification be M, then the 
spatial resolutions in the x and y directions are 28x/M 
and 28y/M, respectively. For CCD pixel sizes of 
10 microns square, binning together two pixels in the 
x- and two pixels in the y- direction, and an overall 
magnification of 60, the x and y resolutions are 
both 0.66 microns. 


Field of View 


For N pixel rows and C pixel columns, the field of 
view will be N&y/M and C8x/M for the length of the 
area along the y- and x- axis, respectively. For a CCD 
array of 1536 columns by 1024 rows, and the 
parameters above, the field of view is 171 microns 
by 256 microns, x and y, respectively. 

The sensitivity, dynamic range, and spectral 
response are set by the CCD camera optical 
components. 


Spectral Resolution 


Spectral resolution will depend on the ability to 
vary the OPD and the Fourier transform. While 
the interferometer is used basically as a filter in the 
multispectral imager to select a wavelength, in the 
hyperspectral imager it is used to vary the OPD for all 
the wavelengths whose energy is integrated at the 
CCD camera pixels. 

The electric field, E, for emissions at one wave- 
length, A, or wave number, k = 1/A, radial frequency, 
w, and amplitude, A, can be written as 


E(k) = A(k) e 12mkx— wt) [1] 


and the intensity which is measured is the magnitude 
squared of the electric field: 


I=E*E [2] 


Emissions from fluorescent sources are usually 
noncoherent and composed of a range of wave- 
lengths, even with only one dye present. The intensity 
measured at a pixel is the superposition of many wave 
numbers. After traveling a certain OPD, L, the 
intensity integrated over all wave numbers may be 
written as 


Iya(L) = >| | teak # Jr cos(2mkLydk | [3] 
or 
Ipxi(L) = Cy + Cy Re{FTLA)]} [4] 


where FT stands for Fourier transform. 
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The inverse transform is 
| foul) e 2mL qT = Cy | en 2mWL ap 


as Ci | [wees dk- ei2mk'L dL [5] 


J fpatLye et dL = C3 + Cyl(k) 


The integration constant, C3, can be ignored for 
large wave numbers, as in the case of the visible 
range, since C3 will be proportional to the inverse of 
the wave number. The intensity as a function of wave 
number is then 


I(k) = Cs [zeae dL [6] 


For absolute quantitative measurements, the con- 
stant C; can be determined by calibration with a 
known emission. For discrete measurements made by 
changing the optical path length, then the working 
formula is 


hae = > fate ak [7] 
L 


i 


This is the discrete Fourier transform which must be 
preformed for each pixel to determine the intensity as 
a function of wavelength. Per the Nyquist sampling 
tenets: 


1 2 


ALS (N/2)Ak 


where Ak is the discrete wave number interval and N 
the number of different OPDs. Sagnac interferometers 
can make rotations which give at least a change of 
AL = A/4, so substituting in eqn [8]: 








1 1 AX 8 
Ak=k,-k a = 9 
eT ty A SNK V7 
AX 8 AX _ 8 


ye Mm * YOR 

A 5% resolution in wavelength (or 20nm at 
400 nm) requires N = 160 and, of course, a 2.5% 
resolution requires N = 360. Therefore, about 400 
OPD changes and acquisitions of the intensity fringes 
will give calculated resolutions of less than 10 nm in 
wavelength. 

Analysis of the spectrum based on this resolution 
can be conducted to determine which dyes are 
present. Software techniques for displaying data will 
be described in the next section. 


Grating-Dispersion Hyperspectral Imaging 


A hyperspectral imaging microscope collects the 
complete visible emission spectrum from a micro- 
scope slide by using a grating spectrometer to provide 
the wavelength dispersion. This microscope corre- 
lates spatial and spectral information with minimal 
use of optical filters. A hyperspectral microscope 
system is composed of a standard epi-fluorescence 
microscope (Olympus IX70) equipped with objec- 
tives lens (including 1.25 x and 10 x Plan Fluorite, 
40 x Plan Apochromat Dry, and 60 x, and 100 x 
Plan Apochromat Oil), as well as a set of standard 
filter cubes (Chroma Technology) to allow for 
traditional visualization of dyes through the eyepiece. 
(Prototype typical components are listed in parenth- 
eses.) Multiple excitation sources can be utilized 
including standard 100 W mercury and xenon arc 
lamps, tungsten brightfield illumination, a 532 nm 
solid state laser (Brimrose), a helium neon laser 
(Uniphase), an argon ion laser (Uniphase), and a 
pulsed-doubled nitrogen dye laser (Laser Science, 
Inc.) (Figure 1b). 

One side port of microscope is optically coupled to 
a spectrograph (Acton Research SpectraPro® 556i). A 
narrow entrance slit into the spectrograph allows for 
only one line (AX) of the image to be captured at a 
time. A 50-micron slit permits 80% of maximum 
throughput for the spectrometer. The spectrograph 
separates the polychromatic light illuminated from 
this single line into its light components. Normal 
operation uses a grating with 50 grooves/mm and a 
600 nm-blaze wavelength, which allows wavelengths 
of approximately 400-780 nm to be measured. 
Different spectrograph gratings can be used for 
special applications from near UV to near IR. The 
center wavelength and grating can be shifted under 
computer control. The output of the spectrograph is 
then captured with an air/liquid-cooled CCD camera 
(Photometrics-Quantix) and an optional image inten- 
sifier (Video Scope International VS4-1845). The 
camera has a resolution of 1536 x 1024 pixels with a 
depth of 12 bits per pixel. The 1536 pixels are aligned 
in the spatial direction to allow the greatest spatial 
resolution. During normal operation the wavelength 
resolution is ‘binned’ to 128 pixels, sufficient to 
resolve ~8 different spectra in a single excitation 
scan. Higher resolution can be employed for special 
applications. 

A line of excitation light can be provided by a line 
generator when laser excitation is used or by a 
combination of slits and cylindrical lenses when using 
traditional lamps or burners (mercury or xenon). This 
line of light illuminates the sample in the same 
position that maps the resulting emission light 
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through the imaging spectrograph and onto the 
camera. Some advantages of illumination with a 
line of light include decreased sample bleaching, 
reduced background due to scattering, and efficient 
use of available excitation power. A traditional 
bandpass, a low-pass dichroic filter, or a linear 
variable filter (Raynard Corp.) may be employed to 
select or restrict the excitation wavelength during 
specific applications. 


Linear Variable Filter (LVF) 


The linear variable filter (LVF) (Raynard Corpor- 
ation) can be used to replace the standard excitation 
filter cube to provide a capability for continuous 
excitation wavelength band selection. The LVF is 
1” x 2.25" and is coated such that it continuously 
filters light from ~400 nm to ~ 800 nm along its 
length. Custom filters that span other wavelengths are 
available. The coating and therefore wavelength is 
uniform along a short distance, making it an ideal 
method for selecting an excitation wavelength band 
to paint across the slide, excite the slide’s contents, 
and map the contents’ emission into the slit of the 
imaging spectrograph. The bandwidth passed is 
about 21nm wide. The LVF introduces ~ 50% 
attenuation of the intensity. 


Spatial Resolution 


The spatial resolution of a grating spectrograph 
Hyperspectral Imager is set by the size of the pixels 
of the CCD camera in the y- direction and the 
microscope system magnification. However, differing 
from the interferometric system, the spatial resolution 
in the x- direction depends on the spectrometer slit 
width and the microscope system magnification. As 
before, let the x- and y- dimensions of the CCD pixel 
be 5x and 8y, respectively, and the magnification be 
M. Let w, be the slit width of the spectrometer, and 
note than the slit width is always going to be larger 
than a few 8x. Then the spatial resolution in the y- 
direction is again 28y/M, but the spatial resolution in 
the x- direction is now 2w,/M. Again, for CCD pixel 
sizes of 10 microns square, binning together two 
pixels in the y-direction, and an overall magnification 
of 60, the y- resolution is 0.66 microns, as it was for 
the interferometer method. For a slit width of 50 
microns, the x- resolution is 1.67 microns, indepen- 
dent of the number of pixels binned in the x- 
direction. The control software moves the stage the 
right number of steps to minimize the overlap or 
skipped areas. The slit width can be reduced, but at a 
loss of throughput or increased exposure time. The 
control software can compensate for different spatial 
resolution to display the image as 1:1. 


Field of View 


For N pixel rows (y- dimension) and C pixel columns 
(x- dimension), the field of view will be N8y/M for the 
length of the area along the y-axis. If the spectrometer 
slit length is less than the height of the CCD, then the 
length is just 4,/M, where h, is the slit length. We 
orient our CCD array so that the 1536-pixel 
dimension is along the y-axis. The y-view is thus 
256 microns as in the interferometric example. To 
achieve the same field of view as the Sagnac method 
imager, we would need to take 103 stage movements 
and acquisitions. This highlights the difference in the 
two hyperspectral methods. The grating method 
collects the complete spectrum on each acquisition 
with no spectrometer adjustment but needs to step 
down the slide to produce the full spatial image. The 
interferometer method collects the complete spatial 
image on each acquisition with no position adjust- 
ment but needs to step the interferometer through a 
range of optical path differences to acquire multi- 
spectral content. 

The sensitivity, dynamic range, and spectral 
response are set by the CCD camera optical 
components. 


Spectral Resolution 


Spectral resolution depends on spectrometer instru- 
ment function which includes the slit width, the 
dispersion of the grating, the CCD pixel size, and 
number of pixels binned together. The dispersion for 
normal operation was determined to be ~ 40 nm/mm 
or 0.4 nm/pixel in the 10 micron CCD pixel example. 
For example, binning of 8 pixels yields a spectral 
resolution of 3.2 nm at all wavelengths. To achieve 
this spectral resolution, the interferometer method 
would require 1000 OPD increments and 
acquisitions. 

Analysis of the spectrum based on this resolution 
can be conducted to determine which dyes are 
present. Although the spatial resolutions differ 
considerably in the two methods, as long as the dye 
peaks are separated by the spectral resolution 
spacing, the spectral decomposition algorithms will 
find all dyes within the spatial resolution area. We 
have demonstrated that the analysis algorithms can 
resolve 5 dyes with peaks separated by more than 
6nm in various combinations and known quantity 
ratios against the dye standards. The program 
successfully identifies the dyes present with a 91% 
accuracy in the quantities. 


Software 


Software (HyperScope, a ‘C’ language program) 
controls all the hardware components for acquisition. 
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It includes features for analyzing and displaying the 
resultant X-—Y images and spectral information for 
the grating spectrometer Hyperspectral Imager. 
During a scan, individual pictures are taken in the 
Y-A plane, while the stage is incremented in the 
X-direction. A collection of such Y—A scan files, 
which can total from 50-1000, is merged to build an 
image cube (Figure 2). Another advantage of the 
single-line acquisition mode is that time-dependent 
features can be monitored continuously. The software 
was designed to permit repeated collection of a single 
line at variable time points. The utility of this feature 
has been demonstrated by capturing images of 
fluorescent objects moving through UV-transparent 
capillaries. 

The software was designed to display the resulting 
X-Y plane extracted in various ways from the image 
cube. A graph of the emission spectrum for any pixel 
within that image may be viewed by clicking on any 
pixel of interest in the X—Y image (Figure 3c). A 
standard linear curve-fitting algorithm is used to 
determine the contribution of individual dyes to the 
measured emission spectrum. The software also 
features a windowing technique (integration of the 
emission spectra over a fixed window) which 


(b) Hyperspectral 
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emulates standard filtering. An overlay feature within 
the software allows the curve fitting results to be 
displayed in false color and compared by viewing the 
composite for multiple fluorophores in a single image. 
Additionally, it permits the contribution of a fluor- 
ophore to be emphasized for visualization purposes 
by either displaying the contribution of a single 
fluorescent signature in the absence of the others that 
were present in the image or by scaling individual 
display intensity values up or down. Overlapping 
pseudo-colors assigned to represent each fluorophore 
(either by curve fitting or by windowing) may be 
displayed as added, averaged, maximum or minimum 
values. For each new fluorophore—excitation source 
combination, the characteristic emission spectra is 
acquired and added to a library of available spectra 
that can be used as components in the spectral 
decomposition. This permits the user to introduce 
new fluorophores at any time. Moreover, background 
spectra (defined as a region of interest by the user) can 
be acquired and used as one element of the 
decomposition. This background component can be 
turned off in the false color view (as any of the 
spectral components may be) resulting in enhanced 
noise reduction and visual contrast improvement. 
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Figure 3 The benefit of spectral imaging is demonstrated in a spatial high-resolution scan of an expression microarray. (a) A portion of 
the scan of an expression microarray on a microscope slide using the Genepix4000 scanner. It records the intensity emitted by the Cy3 
dye when excited with a 532 nm laser. (b) A portion of the scan of the same microarray with the Hyperspectral Imaging Microscope using 
a 40X objective and Hg excitation lamp. False color is displayed to indicate the intensity variations. (c) A HyperScope computer program 
display of the spectrum recorded when the cursor is placed over one pixel in a scan. 
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Description of Acquisition 


In order to acquire a full image, a slide is placed on 
the microstage mover (Ludl Electronics) that allows 
for precise movement of the sample across the image 
acquisition plane. The user can position the stage via 
a joystick or via software to move to predetermined 
coordinates. The image is then scanned, with the 
number of scans being selected at the time of the 
image acquisition. Furthermore, the sample can be 
scanned at one magnification or resolution and then 
rescanned at another. Each Y—A image is saved as a 
single Y—A file for each increment along the sample. 
Thus, each image file corresponds to the excitation 
line of light and the emission collection region that 
maps through the imaging spectrograph to the CCD 
camera. Saving individual files permits unlimited 
Y-A image acquisition at the same Y coordinate, 
valuable for time-dependent studies. This feature also 
provides some robustness by enabling a partial X-Y 
image to be displayed should acquisition of one or 
more Y scans fail for any reason. After acquiring each 
image, the stage is moved automatically, one or 
more steps in the X direction, to acquire emissions 
at the next line and generate the next Y-A file. 
Therefore, only the fluorescent probes in a line at a 
single X-location are examined at each acquisition 
time. Step sizes can be adjusted by the software 
to give: (i) the best resolution; (ii) the best 1:1 
image; (iii) the minimum overlap; or (iv) the fast 
acquisition time. 

After a variable number of rows of associated 
emission have been captured (typically 50-1000 
scans), an image cube is loaded into memory 
comprising all the Y-A data files. A graph of the 
spectrum from any pixel (or bin) in the X—Y plane 
may be displayed in a separate window by clicking 
on the cube (Figure 3c). A typical acquisition scan 
of 250 Y-A files, which are used to construct a 
250 X 768 X 128 ( x 12 bit) image cube, consists of 
approximately 100 Mb of information. 


MicroArray Scanning and Customized Excitation 


Another use of this technology is to analyze spotted 
microarrays. The Hyperspectral Imager has been 
compared to commercial two-color scanners with 
comparable sensitivity at approximately 0.5 fluors 
per square micron (Figure 3). Increased sensitivity 
(500-10000 gain) can be provided by using a 
microchannel plate amplifier (Model VS4-1845, 
Videoscope International, Ltd.) installed between 
the CCD camera and the imaging spectrograph. 
Since the hyperspectral imaging microscope col- 
lects images that reflect only the Y-A plane, it 
contains the potential to use a single line of light as 


a source for image illumination. Therefore, lights 
systems being developed, which are capable of 
generating a line of light composed of variable or 
complex wavelengths, could be employed to precisely 
control excitation. The incorporation of such an 
excitation source in  hyperspectral imaging 
microscopy could be useful in many clinical and 
basic research applications. 


See also 


Environmental Measurements: Hyperspectral Remote 
Sensing of Land and the Atmosphere. Imaging: 
Interferometric Imaging. 
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Fig. 28. Indoor measurement setup for received traffic from the sensor radio transmitter. 
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Fig. 29. Power management scheme for the cellular energy-harvesting sensor node. 


The sensor data packet is transmitted wirelessly in ShockBurst mode for energy efficient 
communication. The data packet format includes a pre-amble (1 byte), address (3 bytes), and 
the payload i.e. temperature data (1 byte). The flag bit is disregarded for easiness, and cyclic 
redundancy check (CRC) is not used. 


The operation of the proposed system is provisionally calculated. When the rectenna is set 
up in the place where power incidence of OdBm is obtained in the base station 
neighbourhood (as depicted in Section 2.5.2), an initially discharged capacitor accumulates 
up to 3.3V by a rectenna with 53.8% conversion efficiency (presented in Section 2.5.1). At 
this point, it takes 1.5 minutes to start and to initialize a wireless module, and the voltage of 
the capacitor decreases to 2V. This trial calculation method depends on the capacitor’s back 
up time discussed in [8]. After this, when the wireless module is assumed to be in sleep 
mode, the capacitor is charged by a 0.28mA charging current for four hours whereby the 
capacitor’s stored voltage increases up to 5V. The power consumption in the sleep mode or 
standby is 33pW (1.5V, 221A). 


When the wireless module starts, after data transmission and the confirmation signal is sent, 
the voltage of the capacitor decreases by 0.6V, and consumes the electric power of 7.4mW. 
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Introduction 


We are often faced with the problem of seeing 
through scattering media such as smoke, fog, clothes, 
blood, tissues, ceramics, walls, etc. Tremendous effort 
has been made to introduce techniques which will 
allow us to overcome the intrinsic difficulty of 
selecting ‘good’ photons which are able to provide 
valuable information on structures which appear 
fuzzy or, for most of the time, completely hidden. 

Although a number of concepts and techniques that 
we will discuss in this article could be applied to a 
large number of scattering samples, we will restrict 
ourselves to biological tissues. 

Studying light propagation through biological 
tissues is becoming more and more popular among 


physicists, biologists, engineers, and doctors. Indeed 
this research domain appears to be growing rapidly as 
seen by the number of published articles, conferences, 
and international meetings. Optical techniques 
are attractive and are starting to compete with other 
well-established techniques (magnetic resonance ima- 
ging, X-ray imaging, ultrasonic imaging, positron 
emission tomography, etc.), because they are non- 
ionizing, nondestructive, they can reach high resol- 
ution and are usually much cheaper. Optical 
techniques reveal an optical contrast which is 
valuable in providing morphologic as well as func- 
tional information. 

Most biological tissues are weakly absorbing in the 
deep red and near infrared region of the spectrum; 
the main difficulty in performing imaging arises from 
the high level of scattering. Figure 1 shows the picture 
of a small flash light bulb placed in the mouth: it 
appears fuzzy and red. 

In Figure 2 we consider various photon trajec- 
tories between a short pulsed source S and a fast 
detector D. 
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Unscattered photons are called ‘ballistic’ photons, 
their number decreases exponentially, and they are 
completely damped after one or two millimeters. 

Then there are scattered photons which propagate 
close to the ballistic trajectory reaching the detector; 
these are named ‘snake-like’ photons and can be used 
for imaging purposes. 

Most of the energy which reaches D is related to the 
scattered photons which may exhibit very long 
trajectories (typically ~10 times the distance S—D). 

The description of various experimental methods 
used to overcome the difficulty introduced by scatter- 
ing will be associated with the various photon 
families that we have mentioned: ballistic, snake- 
like, and scattered photons. We will first give a few 
orders of magnitude of the parameters which will 
dictate the way light interacts with the tissues. Let us 
emphasize that these parameters also carry the 
information related to the contrast mechanism. The 
ultimate goal is to realize an ‘optical biopsy’, 
noninvasive but as close as possible to the regular 
biopsy followed by histopathology. 





Figure 1 
absorption is low in the red (as seen in this digital visible 
photography) and the near infrared. 


Biological tissues are highly scattering but the 


Scattered photons 
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As shown in Figure 3, biological tissues are 
constituted of structures which exhibit various 
characteristic scales: from a few nanometers in 
membranes to about ten micrometers for an entire 
cell. 

As we know from scattering theories these 
various scales correspond to various scattering 
properties. For small particles (‘small’ means much 
smaller than the optical wavelength A) we are in the 
Rayleigh regime which is based on the evaluation of 
a time-varying dipole induced by a uniform time- 
varying (at the light frequency scale) electric field. 
This dipole radiates in the far field and its scattering 
cross-section, which is the ratio of the scattered 
power to the incoming irradiance for a sphere of 
radius r, is given by 


2 
P 27—1\'8 
_ +? ~ (335) yk ” 





n being the refractive index of the sphere divided by 
the index of the surrounding medium and k = 27/A. 
The scattering diagram for such particles is isotropic 
if we use unpolarized light. This cross-section is much 
smaller than the ‘geometrical’ section S of the particle; 
for instance, if n=1.5, a=10nm, A=0.6 um, 
o = 1510~* wm’, which is much smaller than the 
actual section (3 X 10° * m7). 

For larger particles the sphere (or the ellipse) 
interacting with a plane polarized wave is rather 
complicated because we are not restricted to the 
dipolar approximation (uniform field), but induced 
multipolar moments and their radiating fields have to 
be taken into account. This theory was proposed by 
Mie and can be found in optics textbooks. As an 
example, Figure 4 shows the scattering cross-section 
of a micron-size particle as a function of the 
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Figure 2 Between an ultrafast light source S and a detector D can be distinguished various classes of photons which can be used 


for imaging. 
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Figure 3 Various sizes of scatterers may be found in cell 
structures. 
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Figure 4 In the Mie scattering regime resonances are observed 
when varying the wavelength (here a 1m sphere, refractive 
index: 2). 


wavelength: a number of ‘resonances’ can be 
observed. 

The scattering diagram is no longer isotopic, it 
exhibits lobes, and forward scattering is much higher 
than back-scattering. Scattering is characterized by a 
scattering coefficient, ,, which is the inverse mean 
free path /, of photons between scattering events: 


I, = ms, = op [2] 


where o is the scattering cross-section and p the 
number of scatterers by unit volume. 

The scattering coefficients , of tissues are found 
within the range 100-1000 cm '. After a path length 
L, the number of ballistic photons will be damped by 
a factor exp(—L/l,), so tissue imaging cannot rely only 
on ballistic photons as they survive only to a path 
length larger than about one mm. One needs to 
consider in more detail the scattering properties of the 
scatterers. 

The dominant sizes of the scatterers in tissue 
(cells) demand consideration of the scattering in the 


Mie regime. Such a scattering event does not result 
in isotropic scattering angles. Instead, the scattering 
in tissue is biased in the forward direction. 

Anisotropic scattering is quantified in a coefficient, 
g, which is defined as the mean cosine of the scattering 
angle 6, p(@) being the probability of a particular 
scattering angle: 


ii p(@)cos(6)sin(6)dé 





g = (cos(6)) = [3] 
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For isotropic scattering, g=0. For complete 
forward scattering, g = 1. In tissues, g varies from 
0.7 to 0.95. 

Photon migration, especially in the so-called 
diffusion regime, is often based on isotropic scattering 
such as for phonons (heat) or charge carriers 
scattering. For diffusion-like models, it has been 
shown that one may use an isotropic scattering model 
with a corrected scattering coefficient, 4, and obtain 
equivalent results using: 


bs = Ms(1 — g) [4] 


One can consider /, = 1/4, as the length over which 
the incoming photon loses the memory of its initial 
direction, pi is usually called the transport-corrected 
scattering coefficient. 


Absorption Cross-Section 


The absorption coefficient, 4, (cm ') represents the 
inverse mean path length of photons before absorp- 
tion. 1/2, is also the distance in a medium at which 
intensity is attenuated by a factor of 1/e (Beer’s 
Lambert law). Absorption in tissue is strongly 
wavelength dependent and is due to chromophores 
and water. Among the chromophores in tissue, the 
dominant component is the hemoglobin in blood. In 
the visible range, the blood absorption is relatively 
high, whereas it is much weaker in the near infrared. 
Water absorption is low in the visible and NIR region 
and increases above 1pm, with tissues turning 
completely opaque above 2 ym. Thus, for greatest 
penetration of light in tissue, wavelengths in the 700- 
1300 nm spectrum are used. This region of the 
spectrum is called ‘the therapeutic window’. Different 
spectra of chromophores allow one to separate the 
contribution of varying functional species in tissue 
such as quantification of oxy- and deoxy-hemoglobin 
to study tissue oxygenation. 

Finally, when light is propagating in scattering 
media of thickness L, the damping of the incoming 
energy involves a combination of its absorption and 
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scattering properties, and is given by 


exp(—L/a) swith =a” = 1/3,(ue+u,) [5] 

This formula reflects the fact that the photon’s 
pathlength is increased by scattering, leading to an 
increase of the damping, which is related to 
absorption. 

These few examples provide a ‘static’ view of light 
behavior in scattering media. Studying in a more 
detailed way, the spatial and temporal distribution of 
light, is more difficult. 


Photon Migration in Scattering Media 


Photon migration models have been inspired by other 
fields, such as astrophysics, soft matter physics, and 
neutronics, where physical media are random in both 
space and time. To avoid difficulties linked to the 
microscopic complexity such investigations rely on a 
statistical basis. 

The most widely used theory is the time- 
dependent diffusion approximation to the transport 
equation: 

1 a, 2) 
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S(t) [6] 


where 7 and ¢ are spatial and temporal coordinates, 
c is the speed of light in tissue, and D is the 
diffusion coefficient related to the absorption and 
scattering coefficients by the formula: 


1 
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The quantity ®(7, 1) is called the fluence, defined as 
the power divided by the unit area. This equation 
does not reflect the scattering angular dependence; 
the use of yu instead of uw, ensures that isotropic 
scattering has been reached. Indeed, for the use of 
the diffusion theory which implies anisotropic 
scattering, the diffusion coefficient is expressed in 
terms of the transport-corrected scattering coeffi- 
cient; S(7,t) is the source term. 

The diffusion equation has been solved analytically 
for different types of measurements such as reflection 
and transmission modes, assuming that the optical 
properties remain invariant throughout the tissue. 
To incorporate the finite boundaries, the method of 
images has been used. 

The diffusion approximation equation in the 
frequency-domain is the Fourier transform of the 
time-domain equation. This leads to the equation: 


V-(DV®(,«)) — [a+ 2 Jew w)+SG,0)=0 [8] 


Here the time variable is replaced by the frequency w 
which is the modulation angular frequency of the 
source. In this model, the fluence can be seen as a 
complex number describing the amplitude and phase 
of the so-called ‘photon density wave’ in addition to a 
DC component: 


D7, w) — Paclf, w) + Ppc(7, 0) 
= Ic exp(id) + pc (7,0) [9] 


where @ is the phase shift of the diffusing wave whose 


wavelength is: 
an | 22 
3puh@ 


Although analytical techniques provide a rapid 
understanding of most phenomena involved in static 
or dynamic situations, real biological samples are 
much more complex than homogeneous isotropic 
media. In these cases, direct and inverse algorithms 
map the spatially varying optical properties. 

Monte Carlo simulations are very popular nowa- 
days; a number of useful programs are available on 
the websites of various groups. Results may include 
time or polarization dependence of the photons along 
their paths. 

The other method used in tissue optics is the 
random walk theory (RWT) ona lattice. RWT models 
the diffusion-like motion of photons in turbid media 
in a probabilistic manner. Using RWT, an expression 
may be derived for the probability of a photon 
arriving at any point and time given a specific starting 
point and time. 


[10] 


Imaging in the Ballistic Regime: Taking 
Advantage of Various Coherence 
Properties 


Shallow Tissue Imaging Through Selection of 
Ballistic Photons 


When imaging thin (less than 2 mm) tissue samples, it 
is possible to use photons which have not been 
scattered, called the ballistic photons which can be 
used to form high-resolution images in the same 
manner as if no scattering had taken place. 

Their number, however, decreases exponentially 
with propagation distance and this ballistic signal is 
usually hidden by multiply scattered photons that 
obscure the image. For relatively shallow tissue 
depths it is possible to use various spatial filtering 
techniques to block the multiply scattered photons 
and there is much current research that aims to 
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extend optical imaging and biopsy to depths of a 
few mm. 

Confocal microscopy rejects much of the scattered 
light through spatial filtering and has been shown to 
form 3-D images at tissue depths of up to 200- 
300 wm, both in vitro and in vivo, which corresponds 
to about 50 dB of damping for the ballistic photons. 

Two-photon fluorescence microscopy is particu- 
larly interesting in this regime since it ensures that all 
the detected fluorescence photons originate from the 
desired image plane. This technique also ensures a 
better penetration (using IR excitation) and a better 
resolution (nonlinear response) than single photon 
confocal microscopes. 

Imaging to much greater tissue depths does not 
appear to be practical using optical microscopy and 
spatial filtering alone and more sophisticated tech- 
niques must also be employed to discriminate in favor 
of the ballistic photons. These techniques exploit 
either the fact that the ballistic signal photons retain 
spatial coherence of incident light or the fact that the 
ballistic photons keep the optical phase memory that 
multiply diffused photons have lost. 

One of the most successful ballistic light-imaging 
techniques based on the latter filtering approach is 
optical coherence tomography (OCT) which uses 
coherence gating using low temporal coherence light 
and an interferometric detection. Coherent detection 
is used to discriminate against the multiply scattered 
photons that scatter back into the trajectories of 
ballistic photons. The ballistic light signal is measured 
by interference with a reference beam and the 
resulting pattern is detected with high sensitivity 
using homodyne or heterodyne detection. By using 
low coherence length sources and matching the time- 
of-flight of the reference beam signal to that of the 
desired ballistic light, OCT can acquire depth- 
resolved images in scattering media such as biological 
tissues. For powers in the mW range for tissue 
irradiation in the infrared, the unscattered ballistic 
(or more precisely single back scattered) component 
of the light will be limited by the shot noise detection 
limit after propagating through approximately 25 
scattering mean free paths (MFP) of a scattering 
medium (or more than 100 dB). This corresponds to a 
‘typical’ tissue thickness of about 1 mm tissue depth 
for the reflection geometry which is potentially useful 
for clinical applications such as screening for skin 
cancer, or for retinal examination. 

OCT has proved clinically useful as a means of 
acquiring depth-resolved images in the eye and is 
being developed for application in strongly scattering 
biological tissue. Although the image acquisition 
requires pixel-by-pixel scanning, the use of new 
high-power superluminescent diodes in the 100 mW 


range or of ultrafast lasers to provide high average 
power, low coherence length radiation (sub-two cycle 
lasers) has resulted in an in vivo OCT system 
providing real-time imaging. 

There are a number of other approaches to 
coherent imaging, including whole-field 2-D acqui- 
sition techniques which remove the need to scan 
transversely pixel by pixel. 

Whole-field imaging using a temporally and 
spatially incoherent source and a well-balanced 
interferometric microscope intrinsically provides 
higher image acquisition rates and can take advan- 
tage of inexpensive spatially incoherent, broadband 
sources such as high-power LEDs, and white light 
thermal sources. 

As an example, Figure 5 shows Linnik-type white 
light interferometer with optical path modulation and 
Figure 6 an image of an ex-vivo rat retina where one 
can recognize the main feature expected from 
histology. 

Holography, which works in the Fourier space 
rather than in the object or image space, is also an 
interferometric technique able to discriminate 
between ballistic and scattered photons. Since the 
development of electronic holography, which takes 
advantage of available arrays of detectors with 
multimillion pixels, this approach is rapidly growing. 

Real-time 3-D imaging systems based on photo- 
refractive holography in multi-quantum-wells 
devices, which can potentially acquire depth-resolved 
images at thousands of frames per second, have been 
demonstrated. 

These ballistic light techniques can extend the 
depth of tissue imaging to the mm range when 
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Figure 5 The full-field OCT setup based on a Linnik 
interferometer. The PZT actuator is used to modulate the path 
difference between the two arms. 
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Figure 6 OCT rat retinal image: retinal pigmented epithelium. 
PRL: photoreceptor layer. ONL: outer nuclear layer. OPL: outer 
plexiform layer. INL: inner nuclear layer. IPL: inner plexiform layer. 
GCL: ganglion cell layer. NFL: nerve fiber layer. 


imaging in reflection. When it is necessary to image 
through cms, rather than mms of tissue, however, 
there will be no detectable ballistic light signal and 
one must extract useful information from the 
scattered photons. 


Imaging in the Snake-Like Regime: 
Taking Advantage of Time 
(or Frequency) Gating 


The first approach is to use time gating to select the 
earliest arriving scattered light, which will provide the 
most useful image information. 

For moderate tissue depths one can exploit the fact 
that biological tissue is highly forward scattering, 
with most photons being only slightly deviated from 
their original direction upon each scattering event. 
After a few cm of tissue, there can be a significant 
number of photons that have followed reasonably 
well-defined ‘snake-like’ paths about the original 
direction through the tissue, arriving at the detector 
after the ballistic light but before the fully diffuse 
photons whose trajectories are effectively random- 
ized. This early arriving light can be selectively gated 
using ultrafast lasers and a variety of detectors such as 
streak cameras, time-gated optical image intensifiers, 
and time-gated fast photon counting systems, which 
provide picoseconds time gates. 


An alternative, sometimes cheaper, approach to 
temporal gating is the use of (high) frequency signal 
discrimination (which is the Fourier transform of the 
pulse experiment). The periodic solution of the 
diffusion equation with a periodic source term gives 
rise to the so-called ‘photon density waves’. Such 
diffusive waves, like thermal waves, are used in the 
near-field regime (their amplitudes are damped by 
exp(—27) after propagating over a single wavelength 
path) and they can reveal subsurface structures 
through their refractive and diffusive behavior. 
Coherence gating and polarization gating can be 
used when the early arriving light still retains some 
degree of coherence of the incident light. Indeed 
polarization discrimination has been used to select 
those photons which undergo few scattering events 
and therefore preserve a fraction of their initial 
polarization state, from the photons which experi- 
ence multiple scattering resulting in a complete loss of 
memory of their initial polarization state. 

As an example, Figure 7 shows the image of sub- 
mm light sources (LEDs) taken through 1cm of 
polystyrene solution (ui ~ uu, ~ 10cm!) by select- 
ing photons which kept the memory of their initial 
circular polarization (here a few less than 1%). One 
can see the sources quite clearly. 

For many important biomedical applications, such 
as mammography or imaging brain function, it is 
necessary to penetrate through 5-10 cm of tissue, 
after which all the detected signal is diffuse. Detecting 
earlier arriving photons can provide more infor- 
mation but, if the time window is too narrow, the 
detected signal becomes too weak to use with 
acceptable data acquisition times. 

This problem is, however, being addressed with 
some success using statistical models of photon 
transport, with different degrees of approximation 
ranging from full Monte Carlo simulation of photon 
propagation to the diffusion equation. The approach 
is to address the inverse problem, i.e. to measure the 
scattered light signal as comprehensively as is 
practical and to calculate what distribution of 
absorption and scattering properties would have 
produced the measured signal. This provides a 
means to quantify the optical properties of biological 
tissue, averaged over a volume corresponding to a 
particular distribution of photon paths, and to form 
relatively low-resolution tomographic images. 

Multiplying the number of sources and detectors 
and correlating the various intensity distributions 
over the whole structure under examination gives, as 
expected, better precision in localizing the size and 
position of the local structure to be identified. 

Despite the multiple input and multiple output 
approaches, real-life situations with the previously 
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Figure 7 Polarization imaging: here the degree of circular polarization is measured in the upper image. The lower image shows the 


field without polarization filtering. 


mentioned problem of the inhomogeneity of the 
optical properties of human tissues means that the 
results are still poor in term of resolution and sub- 
centimeter structures can hardly be observed in breast 
imaging, for instance. 

One important exception to this limited success in 
finding precisely the position, the size, and the optical 
properties of hidden structures is the case of 
‘activation’ studies. This corresponds to a ‘differen- 
tial’ situation in which an unknown structure is 
locally changing with time. Here the goal is not to 
reach a full description of the unknown structure but 


only to characterize the local changes induced by the 
activation. 

The main field of application of this approach is 
certainly in brain activation studies. A matrix of light 
emitters (usually at two wavelengths which differen- 
tiate oxy- and deoxy-hemoglobin, for instance 780 
and 840 nm) is coupled to a matrix of light detectors. 
The signals are usually balanced and any local 
change which breaks the symmetry of the scattered 
photon paths induces a differential signal, easy to 
detect, because there is no background signal before 
activation takes place. 
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Moreover it has been demonstrated that for weak 
perturbations (weak variations of the optical par- 
ameters), the inverse problem can be rigorously 
solved. This geometrical selection provides a cheap 
and simple setup with rather spectacular results. 
Sometimes a modulation is added and the phase shift 
of the photon density wave is enhanced by the 
differential approach. 


Imaging in the Multiple Scattering 
Regime: Taking Advantage of 
all the Photons 


Light Only: Transillumination and Fluorescence 
Imaging 


The optical systems used for CW measurements are 
rather simple and require only the alignment of a 
number of light sources and detectors. Compared to 
time-gated techniques due to multiple scattering a 
much stronger path length distribution is present in 
the signal and the result is a loss of localization and 
resolution. In the so-called transillumination geome- 
try, collimated detection is used to isolate multiply 
scattered photons close to the normal emergence 
angle. 

Direct imaging with the required resolution using 
CW techniques in very thick tissues, such as breast 
tissue, has not been established even with sophisti- 
cated multi-sources/multi-detectors combinations 
(typically a few tens of sources and detectors at 
three different wavelengths). 

Despite rapid progress in the modeling of light 
behavior in scattering media it has not yet been 
demonstrated that CW imaging can provide images 
with suitable resolution in thick tissue and time- 
dependent measurement techniques discussed earlier 
are dominantly used. 

For fluorescence imaging, one has to account for 
the strong attenuation of light as it passes through 
tissue. Fluorescent dyes (porphyrin, indo-cyanine, 
and more recently quantum dots) have been devel- 
oped that are excited and re-emit in the ‘biological 
window’ at near-infrared (NIR) wavelengths, where 
scattering and absorption coefficients are lower, 
which is favorable for deep fluorescence imaging. 
Fluorescent intensity in deep tissues depends on the 
location, size, concentration, and intrinsic character- 
istics (e.g., lifetime, quantum efficiency) of the 
fluorophores, and on the scattering and absorption 
coefficients of the tissue at both the excitation and 
emission wavelengths. In order to extract intrinsic 
characteristics of fluorophores within tissue, it is 
necessary to describe the statistics of photon path 


lengths which depend on all these different para- 
meters. The amount of light emitted at the site of the 
fluorophore is directly proportional to the total 
amount of light impinging on the fluorophore. 

Using fluorescence contrast has the unique feature 
of carrying two spectroscopic contrasts related to 
both excitation and fluorescent photons. 

The next two techniques take advantage of another 
way to handle the optical information by coupling 
optics and acoustics. 


Coupling Light and Sound: Acousto-Optic 
and Photo-Acoustic 


Although the two approaches that we will now des- 
cribe are different in their basic principles as well as 
in the experimental setups, their names are similar — 
opto-acoustics (sometimes called photo-acoustics) 
and acousto-optics. 


Opto- (or Photo-)Acoustics 


In this technique a pulsed (or modulated) electro- 
magnetic beam irradiates the structure under exam- 
ination. Despite their tortuous paths (about 10 to 
100 cm) photons propagate through the volume in a 
few nanoseconds. Local absorbing centers then 
absorb the electromagnetic energy, they experience 
a fast thermal expansion, and become sources of 
acoustic waves. 

The optical problem of tomographic reconstruc- 
tion is then transformed into a simpler problem 
of acoustic reconstruction of source distribution 
because the speed of the sound is much slower 
than the speed of the light. More precisely we can 
compute the signal generated by a short light pulse 
impinging on a scattering medium which contains an 
absorber (thickness e) as can be seen on Figure 8, 
when ep, <1. 

The amount of power per unit surface which is 
deposited in the absorbing slice is Ez, (E is the fluence 
in W/m7). When the light pulse duration 7 is short 
enough, despite the propagation in the scattering 
medium (t< e/v where v is the speed of the sound), 
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Figure 8 Photo acoustic signal generation: 1-D model. 
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we find a variation of the mass by volume unit: 





FE ae 

Ap ~ pBAT ~ pb Hae [11] 
ve 
The corresponding pressure is: 
2 2 
E 
Ap=—Ap or Ap~p- c BM, [12] 
Y C, 


Although this approach is new, compared to the 
purely optical transillumination approach, it has led 
to a large number of studies in which time gating 
brings new information to the accurate determination 
of the US emitter depth. It has been applied to breast 
tumor examination to complement standard imaging 
techniques such as echography and X-ray mammo- 
graphy. Recently this technique has demonstrated 
submillimeter resolution for in vivo blood 
distribution in rat brain imaging. 


Acousto-Optic 


Here a DC single frequency laser is used to illuminate 
the sample. For a typical biological sample a few cm 
thick the trajectories are distributed between the 
sample thickness value and more than ten times this 
value. Due to the good temporal coherence of the 
source all the scattered photons are likely to interfere 
when they emerge from the sample volume. These 
interferences are seen as a speckle field which can be 
observed at a suitable distance from the sample 
surface. 

As seen in Figure 9, adding an ultrasonic field will 
mainly induce a small (smaller than the optical 
wavelength) displacement of the scatterers (it also 
induces local variation of the refractive index) which 
will cause a speckle modulation at the ultrasonic 
frequency. 

If the zone irradiated by the ultrasonic field is 
optically absorbing, less photons will emerge from 
this zone than from a nonabsorbing one and thus less 
modulation will be seen when scanning across the 
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Figure 9 Acousto-optic imaging principle: photons are tagged 
by the acoustic field. 


sample volume. This modulation can be detected by 
selecting a single speckle grain and averaging over a 
number of uncorrelated speckle distributions to 
obtain a suitable average value (for instance with 
latex particles). This is not always possible, in 
particular because the overall geometry is rather 
stable in a semisolid tissue. Using a single detector 
which receives many speckle grains gives less con- 
trast. A multiple detector and a parallel processing of 
many speckle grains improve greatly the speed and 
the signal-to-noise ratio: a typical image of absorbing 
spheres, embedded in a scattering phantom, is 
shown in Figure 10. 
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Figure 10 Acousto-optic imaging (lower image) of two absorb- 
ing spheres embedded in a scattering medium (upper image 
shows a section of the gel sample). 
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Conclusion 


The complexity associated with multiple scattering in 
turbid media, such as tissues of the human body, 
prevents an easy use of light as a routine tool for in- 
depth examination, whereas superficial examinations 
have always been sources of diagnostics. 

Optical techniques will obviously progress to better 
characterization of tissues’ optical properties, 
improvement of laser properties and detection 
techniques, as well as new mathematical approaches 
of the inverse problem. 

We believe that this field of research is still open to 
new ideas, and new experimental schemes leading to 
new breakthroughs in the delicate problem of using 
light in highly scattering media. 
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Introduction 


All objects above 0 Kelvin emit electromagnetic 
radiation associated with the thermal activity on the 
surface of the object. For terrestrial temperatures 
(around 300 Kelvin), objects emit a good portion of 
the electromagnetic flux in the infrared part of the 
electromagnetic spectrum. The visible band spans 
wavelengths from 0.4 to 0.7 micrometers (infrared 
engineers typically use micrometer/um for wave- 
length rather than the nanometer or wavenumber 
more commonly used in other fields). Infrared 
imaging devices convert energy in the infrared 
portion of the electromagnetic spectrum into images 
that can be created by the human eye. The unaided 
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human eye cannot image infrared energy because the 
lens of the eye is opaque to infrared radiation. 

The infrared spectrum begins at the red end of the 
visible spectrum where the eye can no longer sense 
energy. It spans from 0.7 4m to 100 ym. The 
infrared spectrum is, by common convention, broken 
into five different bands (this may vary according to 
the application). The bands are typically defined as: 
near infrared (NIR) from 0.7 to 1.0 wm; short 
wavelength infrared (SWIR) from 1.0 to 3.0 wm; 
mid-wavelength infrared (MWIR) from 3.0 to 
5.0 zm; long wavelength infrared (LWIR) from 8.0 
to 14.0 wm; and far infrared (FIR) from 14.0 to 
100 um. These bands are depicted graphically in 
Figure 1, which shows the atmospheric transmission 
for a 1-kilometer horizontal ground path for a 
‘standard’ day in the United States. These types of 
transmission graphs can be tailored for any con- 
ditions, using sophisticated atmospheric models such 
as MODTRAN (from www.ontar.com). Note that 
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The voltage of the capacitor decreases to 2V when 3.2mW is consumed to the acquisition of the 
sensor data, and the operation time of MCU is assumed to be one minute to the data storage in 
the wireless module etc. As for the capacitor voltage, when the wireless module continuously 
transmits data for 20 seconds, it decreases from 2V to 1.4V and even the following operation 
saves the electric power. Therefore, a temperature sensing system capable of transmitting 
wireless data in every four hours becomes feasible by environmental power generation from 
the cellular phone base station if we consider intermittent operation by sleep mode. 


3. Conclusion 


This Chapter has given an overview of the present energy harvesting sources, but the focus 
has stayed on RF energy sources and future directions for research. Design issues in RF energy 
harvesting have been discussed, which include low conversion efficiency and sometimes low 
rectified power. Solutions have been suggested by calculation and validated by measurement 
where possible, while highlighting the limitations of the proposed solutions. Potential 
applications for both DTV and cellular RF energy harvesting have been proposed and 
demonstrated with simple examples. A discussion is also presented on the typical 
performance analysis for the proposed RF energy harvesting system with sensor application. 
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Figure 1 Visible and infrared spectra. 





Figure 2 Visible image—reflected energy. 


there are many atmospheric ‘windows’, such that an 
imager designed with such a band selection can see 
through the atmosphere. 

The primary difference between a visible spectrum 
camera and an infrared imager is the physical 
phenomonology of the radiation from the scene 
being imaged. The energy used by a visible camera 
is predominantly reflected solar, or some other 
illuminating energy, in the visible spectrum. The 
energy imaged by infrared imagers (Forward Looking 
Infrared, commonly known as FLIRs) in the MWIR 
and LWIR bands, is primarily self-emitted radiation. 
From Figure 1, the MWIR band has an atmospheric 
window in the 3 to 5 ym region and the LWIR band 
has an atmospheric window in the 8 to 12 pm region. 
The atmosphere is opaque in the 5 to 8 xm region, so 


Figure 3 


Infrared image—self-emitted energy. 


it would be pointless to construct a camera that 
responds to this waveband. 

Figures 2 and 3 are images that show the difference 
in the source of the radiation sensed by the two types 
of cameras. The visible image (Figure 2) is light that 
was provided by the Sun, propagated through Earth’s 
atmosphere, reflected off the objects in the scene, 
traversed through a second atmospheric path to the 
sensor, and then imaged with a lens and a visible band 
detector. A key here is that the objects in the scene are 
represented by their reflectivity characteristics. The 
image characteristics can also change by any change 
in atmospheric path or source characteristic change. 
The atmospheric path characteristics from the Sun to 
the objects change frequently, because the Sun angle 
changes throughout the day and also weather and 
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cloud conditions change. The visible imager charac- 
terization model is therefore a multipath problem 
that is extremely difficult. 

The LWIR image given in Figure 3 is obtained 
primarily by the emission of radiation by objects 
in the scene. The amount of electromagnetic flux 
depends on the temperature and emissivity of the 
objects. A higher temperature and a higher emissivity 
correspond to a higher flux. The image shown is 
‘white-hot’ or the whiter a point in the image the 
higher the flux leaving the object. It is interesting to 
note that trees have a natural self-cooling process 
since a high temperature can damage foliage. Objects 
that have absorbed a large amount of solar energy are 
hot and are emitting large amounts of infrared 
radiation. This is sometimes called ‘solar loading’. 

The characteristics of the infrared radiation 
emitted by an object are described by Planck’s 
black-body law in terms of spectral radiant emittance 
a [1] 


My = e(A) (eT 7 1) 


Wem” pm 





0.005 


where c,; and cy are constants of 3.7418 x 
10* W pm*/cm? and 1.4388 x 10* wm K. The wave- 
length, A, is provided in micrometers and e(A) is the 
emissivity of the surface. A black-body source is 
defined as an object with an emissivity of 1.0, so it isa 
perfect emitter. Source emissions of black-bodies at 
typical terrestrial temperatures are shown in Figure 4. 
Often, in modeling, the terrestrial background tem- 
perature is assumed to be 300 K. The source emittance 
curves are shown for other temperatures for compari- 
son purposes. One curve corresponds to an object 
colder than the background and two curves corre- 
spond to temperatures hotter than the background. 
Planck’s equation describes the spectral shape of 
the source as a function of wavelength. It is readily 
apparent that the peak shifts to the left (shorter 
wavelengths) as the body temperature increases. 
If the temperature of a black-body is increased to 
that of the Sun (5900 Kelvin), the peak of the 
spectral shape would decrease to 0.55 wm or 
green light. This peak wavelength is described by 
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Figure 4 Planck’s blackbody radiation curves for four temperatures from 290 K to 320 K. 
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Figure 5 Location of peak of black-body radiation, Wien’s Law. 
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Wien’s displacement law 


Amax = 2898/T, pm [2] 
Figure 5 shows the peak wavelength as a function of 
temperature through the longwave region. It is 
important to note that the difference between the 
black-body curves is the ‘signal’ in the infrared 
bands. For an infrared sensor, if the background is 
at 300 K and the target is at 302 K, the signal is the 
difference in flux between these curves. Signals in 
the infrared ride on very large amounts of back- 
ground flux. However, in the visible band this is not 
the case. For example, consider the case of a 
white target on a black background. The black 
background is generating no signal, whereas the 
white target is generating a maximum signal (given 
that the sensor gain has been adjusted). Dynamic 
range may be fully utilized in a visible sensor. In the 
case of an IR sensor, a portion of the dynamic range 
is used by the large background flux radiated by 
everything in the scene. This flux never has a small 
value, hence sensitivity and dynamic range require- 
ments are much more difficult to satisfy in IR 
sensors than in visible sensors. Table 1 summarizes 
this characteristic numerically for the 300 K back- 
ground and targets shown in Figure 4. 

A typical infrared imaging system scenario is 
depicted in Figure 6. The scene consists of two 
major components, the target and the background. 
In an IR scene, the majority of the energy is remitted 








Table 1 Signal/dynamic range limitation in IR bands 

Blackbody temperature Exitance in 8-12 um band Contrast 
(w/em “) 

290 (— 10AT K target) 1.25E — 02 — 8.48% 

300 (background) 1.48E — 02 

310 (+ 10AT target) 1.74E — 02 7.97% 

320 (+ 20AT target) 2.02E — 02 15.39% 





Target and background 


Figure 6 Typical infrared imaging scenario. 


Optics array and 
cool 


Scanner 


from the constituents of the scene. This emitted 
energy is transmitted through the atmosphere to the 
sensor. As it propagates through the atmosphere it is 
degraded by absorption and scattering. Obscuration 
by intervening objects and additional energy emitted 
by the path also affect the target energy. All of these 
contributors, which are not the target of interest, 
essentially reduce one’s ability to discriminate 
the target. So, at the entrance aperture for the sensor, 
the target signature is reduced from the values 
observed at the target. Then, the signal is degraded 
by the optics and scanner (as applicable) of the sensor. 
The energy is then sampled by the detector array and 
converted to electrical signals. Various electronics 
amplify and condition this signal before it is presented 
to either a display for human interpretation or an 
algorithm like an automatic target recognizer for 
machine interpretation. A linear systems approach to 
modeling allows the components’ transfer functions 
to be treated separately as contributors to the overall 
system performance. This approach allows for 
straightforward modifications to a performance 
model for changes in the sensor or environment 
when performing trade-off analyses. 


History of Infrared Imaging 


Night vision systems began to be developed exten- 
sively during World War II. Satisfying the require- 
ment to image at night was approached with two 
different methodologies. The first method was image 
intensification (J*). This method involves amplifica- 
tion of any small light that was available and 
displaying it directly to the eye. Typically I? devices 
are sensitive to visible light and a small portion of the 
short-wave IR (SWIR, 0.7-—3.0 pm) band. They are 
often classified (along with visible band imagers) as 
electro-optical (EO) imagers. With an J? imager, there 
must be some source of illumination for them to 
function well (as little as starlight is sufficient 
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Table 2 Applications of infrared imaging 





Category User Application 
Military Intelligence analyst Intelligence surveillance 
and reconnaissance 
Pilot, driver Navigation/pilotage 
Gunner, weapons Targeting/fire control 
officer 
Air defense Search and track 
Commercial — Civil government 
Police Surveillance, fugitive 
tracking 
Fire Rescue, hot-spot location 
Environmental 
EPA Emission tracking 
Interior department Resource management 
NIMA\USGS Mapping 
NOAA\MWS Weather forecasting 
Industrial 
Manufacturers Machine vision 
Maintenance Non-destructive testing 
Medical 
Doctors Diagnostic imaging 


for approx 20/40 acuity with current systems). The 
second type of night vision device is the infrared or 
thermal imager (also known as FLIRs). FLIRs are 
sensitive to the radiation in either the mid-wave 
IR (MWIR, 3-5 wm) or long-wave IR (LWIR, 
8-14 wm) bands. 

The first infrared cameras used photographic film 
that was sensitive to infrared wavelengths. Intelli- 
gence and reconnaissance imaging from aircraft 
drove the infrared system development as a night 
augmentation to existing visible cameras. These 
imagers used either continuous moving film or statio- 
nary film, like an ordinary camera. A slit aperture was 
used in the continuous moving film cameras and 
aircraft motion provided the scan of the scene along 
the film to build a continuous image. The introduction 
of television, as electronic imaging in the visible 
spectrum, led to the development of electronic 
imagers in the infrared band. Electronic infrared 
imagers were not restricted to looking down and 
using aircraft motion for scan, hence these devices 
came to be known as FLIRs (Forward Looking 
InfraRed). Today, an electronic infrared imager may 
be called a FLIR or a thermal imager, with the trend 
being to use FLIR to describe military applications. 

Early FLIRs were often accompanied by illumina- 
tion devices. They were not very sensitive compared to 
modern FLIRs so active illumination was necessary. 
Infrared searchlights or illuminators were used to get 
higher signal-to-noise ratios. These types of FLIRs are 
called ‘active’ IR imagers, while FLIRs that do not 
use illuminators are ‘passive’ imagers. Generally, 


active imagers are used in civil applications and 
are declining in military use. Broadly, applications 
for thermal imagers fall into two categories; 
military and commercial. Table 2 lists some of the 
purposes and users for modern thermal imagers. 
The design and performance criteria vary widely for 
some of the applications. 


Types of Infrared Imagers 


Infrared imagers are classified by different character- 
istics: scan type, detector material/cooling require- 
ments, and detector physics. The scan type refers to 
the method used to construct the electronic image. 
The camera may use a single detector which is raster 
scanned over the input scene to build an image. 
Alternatively, a parallel scan uses a linear array of 
detectors scanned across a scene to build an image. 
The latest advances in materials have led to staring 
arrays of detectors. In a staring system, a detector is 
present in two dimensions to represent each image 
pixel and no mechanical motion of the focal plane is 
necessary to construct the image. There are some 
hybrid FLIR types that combine the different imaging 
techniques. Usually this combination leads to an 
improvement in signal-to-noise ratio or to reduce 
undersampling. 

The second classification, by detector material/ 
cooling requirements, usually describes FLIRs built 
using differing materials. For example, a typical 
LWIR FLIR material is mercury cadmium telluride 
(HgCdTe or MCT). In order to achieve high 
sensitivity, these devices are cooled to decrease dark 
current. Usually the cooling is based on liquid 
nitrogen or a cryogenic cooler, and the detectors 
operate at 77 K. Another common detector material 
is indium antimonide (InSb), which is used for MWIR 
FLIRs and is also cooled. A newer class of infrared 
cameras is not cooled, being referred to as ‘uncooled’ 
FLIRs. These uncooled FLIRs are microbolometers 
(resistive elements) or pyrometers (capacitive 
elements) and have less sensitivity than cooled 
imagers. Typically, the cooled imagers are comprised 
of photon detectors while the uncooled imagers are 
based on thermal detectors, the uncooled FLIRs being 
used in lower-performance applications. 


Infrared Imager Performance 


There are three general categories of infrared sensor 
performance characterizations. The first is sensitivity 
and the second is resolution. When end-to-end, or 
human-in-the-loop (HITL), performance is required, 
the third type of performance characterization 
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describes the visual acuity of an observer through a 
sensor. The former two are both related to the 
hardware and software that comprises the system, 
while the latter includes both the sensor and the 
observer. Sensitivity is determined through radio- 
metric analysis of the scene/environment and the 
quantum electronic properties of the detectors. 
Resolution is determined by analysis of the physical 
optical properties, the detector array geometry, 
and other degrading components of the system in 
much the same manner as complex electronic 
circuit/signals analysis. 

Sensitivity describes how the sensor performs with 
respect to input signal level. It relates noise charac- 
teristics, responsivity of the detector, light gathering of 
the optics, and the dynamic range/quantization of the 
sensor. Radiometry describes how much light leaves 
the object and background and is collected by the 
detector. Optical design and detector characteristics 
are of considerable importance in sensor sensitivity 
analysis. In infrared systems, noise equivalent tem- 
perature difference (NETD) is often a first-order 
description of the system sensitivity. The 3D noise 
model describes more detailed representations of 
sensitivity parameters (see Further Reading). 

The second type of measure is resolution. Resol- 
ution is the ability of the sensor to image small targets 
and to resolve fine detail in large targets. Modulation 
transfer function (MTF) is the most widely used 
resolution descriptor in infrared systems. Alterna- 
tively, it may be specified by a number of descriptive 
metrics such as the optical Rayleigh criterion or the 
instantaneous field-of-view of the detector. Where 
these metrics are component-level descriptions, the 
system MTF is an all-encompassing function that 
describes the system resolution. 

Sensitivity and resolution can be competing system 
characteristics and they are the most important issues 
in initial studies for a design. For example, given a 
fixed sensor aperture diameter, an increase in focal 
length can provide an increase in resolution, but may 
decrease sensitivity. Typically, visible band systems 
have plenty of sensitivity and are resolution-limited, 
whereas infrared imagers have been more sensitivity- 
limited. With staring infrared sensors, the sensitivity 
has seen significant improvements. 

Often metrics, such as NETD and MTF, are 
considered to be separable. However, in an actual 
sensor, sensitivity and resolution performance are not 
independent. As a result, minimum resolvable tem- 
perature difference (MRT or MRTD) has become the 
primary performance metric for infrared systems. 
MRT is a quantitative performance measure in terms 
of both sensitivity and resolution and a simple MRT 
curve is shown in Figure 7. The performance is 
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bounded by the sensor’s limits and the observer’s 
limits. The temperature difference (or thermal 
contrast) required to image smaller details in a 
scene increases with detail size. The inclusion of 
observer performance yields a single sensor perform- 
ance characterization, MRT. It describes sensitivity as 
a function of resolution, and includes the human 
visual system. 

Many different sensor characteristics may be 
considered to increase the fidelity of a sensor model. 
A list of typical infrared imaging system parameters is 
given in Figure 8. When considering performance in 
the system sense, the groupings are often blocks in the 
system diagram, each with separate transfer func- 
tions. This approach works well unless the linear shift 
invariance assumption is not valid. 


General Characteristics of Infrared 
Imagers 


There are a number of imaging characteristics that 
make infrared systems a little different than conven- 
tional visible imaging systems. These include source 
flux levels, detector charge storage and sensitivity, 
detector size, diffraction blur, sampling, and uniform- 
ity characteristics. 

First, we consider the source flux levels. The 
daytime and night-time flux levels (in photons per 
second per square centimeter) on Earth in the visible 
(0.3 to 0.7 wm) is 1.5 X 10'” and around 1 x 10'°, 
respectively. In the mid-wave (3 to 5 ym), the daytime 
and night-time flux levels are 4x10'° and 
2x10’? wm where the flux is a combination of 
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Figure 8 Factors in infrared sensor modeling. 


emitted and solar reflected flux. In the longwave, the 
flux is primarily emitted where both day and night 
yield a 2X10!’ um frequency, the AMOP drops 
rapidly to zero. The effect is to extend the prediction 
of the MRT beyond the half sample rate and 
introduce a parameter called minimum temperature 
difference perceived (MTDP) to replace MRT in the 
range performance estimate and also in the lab to 
characterize an undersampled system. 

The concept of MTDP follows from observation of 
standard 4-bar images as the pattern frequency passes 
the imager half sample rate. The image changes from 
four bars to three, two, and finally one (can be 
perceived). The phase of the target image on the 
detector array may need to be adjusted to observe this 
progression. The standard MRT measurement 
requires that all four bars be resolvable by the 
observer during the measurement process. For use 
in the lab, the MTDP is defined as the minimum 
temperature difference at which two, three, or four 
bars can be resolved in the image of the standard 
4-bar test pattern by an observer, with the test pattern 
positioned at optimum phase. The optimum phase is 
the phase at which two, three, or four bars are ‘best 
perceived’. TRM3 uses the standard definition of 
MRT as for adequately sampled imagers. The TRM3 
Approach Model is implemented if the imager is 
considered undersampled as defined when the 
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prefilter MTF at the half-sample frequency is larger 
than 10%. The MTDP equation is given by 


FSNR AVG) 


MTDP) = =sGopq— a 


[3] 


where SNR, is a threshold signal-to-noise ratio and 
W is the total system filtered noise. MTDP is used in 
the same manner as MRTD in range calculations. 

Another approach is the triangle orientation 
discrimination (TOD) threshold. In the TOD, the 
test pattern is a (nonperiodic) equilateral triangle in 
four possible orientations (apex up, down, left, or 
right), and the measurement procedure is a robust 
4AFC (four alternative forced-choice) psychophysical 
procedure. In this procedure, the observer has to 
indicate which triangle orientation he sees, even if he 
is not sure. Variation of triangle contrast and/or size 
leads to a variation in the percentage correct between 
25% (complete guess) and 100%, and by inter- 
polation the exact 75% correct threshold can be 
obtained. A complete TOD curve (comparable to an 
MRTD curve) is obtained by plotting the contrast 
thresholds as a function of the reciprocal of the 
triangle angular size (Figure 9). 

The TOD method has a large number of theoretical 
and practical advantages: it is suitable for under- 
sampled and well-sampled electro-optical and optical 
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Figure 9 Modeling, testing and performance triangle. 


imaging systems in both the thermal and visual 
domains, it has a close relationship to real target 
acquisition, and the observer task is easy. The results 
are free from observer bias and allow statistical 
significance tests. The method may be implemented in 
current MRTD test equipment with little effort, and 
the TOD curve can be used easily in a target 
acquisition (TA) model such as ACQUIRE. Two vali- 
dation studies with real targets show that the TOD 
curve predicts TA performance for under-sampled 
and well-sampled imaging systems very well. Cur- 
rently, a theoretical sensor model to predict the TOD 
(comparable to NVTherm or TRM3) is under 
development. The lab measurement and field per- 
formance appear sound, but the model is not yet 
available. 


Testing Infrared Imagers: NETD, 
MTF, and MRTD (Sensitivity, 
Resolution and Acuity) 


In general, imager sensitivity is a measure of the 
smallest signal that is detectable by a sensor. 
Sensitivity is determined using the principles of 
radiometry and the characteristics of the detector. 
For infrared imaging systems, noise equivalent 
temperature difference (NETD) is a measure of 
sensitivity. The system intensity transfer function 
(SITF) can be used to estimate the NETD, which is the 
system noise rms voltage over the noise differential 
output. NETD is the smallest measurable signal 
produced by a large target (extended source). 
Equation [4] describes NETD as a function of 
noise voltage and the system intensity transfer 
function. The measured values are determined from 
a line of video stripped from the image of a test 
target, as depicted in Figure 10. A square test target 
is placed before a black-body source. The delta T 
is the difference between the black-body temperature 
and the mask. This target is then placed at the focal 


Field performance 
(Pp. Pr. Pip 
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Johnsen 


Sensor laboratory 
measurement 


(MTF, MRT, oj, OMRT) 






point of an off-axis parabolic mirror. The mirror 
serves the purpose of a long optical path length to 
the target, yet relieves the tester from concerns 
over atmospheric losses to the temperature differ- 
ence. The image of the target is shown in Figure 10b. 
The SITF slope for the scan line in Figure 10c is 
the AS/AT where AS is the signal measured for a 
given AT. The N,,,, is the background signal on the 
same line. 


N,ms[Volts] 


NETD = 
SITF_Slope[volts/K] 


[4] 





Resolution is a general term that describes the size 
of resolvable features in an imager’s output. 
With infrared imaging systems, the resolution is 
described by the system modulation transfer 
function (MTF). Consider Figure 11 for the 
determination of MTF, from either point spread 
function or edge spread function (psf or esf). In 
Figure 11a, a test target is placed at the focal point 
of a collimator. The target may be a point, edge, or 
line as shown in Figure 11b. The IR system images 
this target. The output of a detector scan, or a line 
of detectors in the staring array case, is taken for 
analysis, in Figure 11c. For the edge spread 
function, the spatial derivative is taken to get the 
psf. The Fourier transform is then calculated to 
give the system MTF as shown in Figure 11d. The 
point spread function is really the impulse response 
of the system, so a smaller psf is desirable, where a 
wide MTF is desirable. Such a psf/MTF combi- 
nation gives a higher resolution. 

The MRTD of an infrared system is defined as 
the differential temperature of a four bar target 
that makes the target just resolvable by a particular 
observer. It is a measure of observer visual acuity 
when a typical observer is using the infrared 
imager. It results in a descriptor, which is a 
function not just of a single value. It is a plot 
of sensitivity as a function of spatial frequency. 
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Figure 11. MTF measurement. 


This parameter can be extended to field perform- 
ance using Johnson’s criteria. 

As a laboratory measurement, it uses a 7:1 aspect 
ratio bar target. The procedure is shown in Figure 12. 
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A bar target mask, with a black-body illuminator, is 
placed at the focal plane of a collimator (Figure 12a 
and 12b). The temperature is increased from a small 
value until the bars are just resolvable to a trained 
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Figure 12 MRTD measurement. 


observer (Figure 12c). Then the temperature differ- 
ence is decreased until the bars are no longer visible. 
These are averaged for a particular target. The same 
procedure is performed with a negative contrast bar 
target. The average of the positive and negative 
values is the MRT for a particular spatial frequency. 
These data points are plotted and a curve may be 
fitted to interpolate/extrapolate performance at other 
than the discrete spatial frequencies of the targets, as 
in Figure 12d. 


Summary 


We have provided a general description of infrared 
imaging systems in terms of characteristics, modeling, 
field performance, and performance measurement. 
The characteristics of infrared imagers continue to 
change. Significant changes have occurred in the past 
five years, to include the development of higher 
performance uncooled imagers and ultra-narrow field 
of view photon systems. Large format detector arrays 
are commercially available in the mid-wave and are 
becoming more available in the longwave. Still in the 
research phase are dual-band focal plane level. At first 
sight, it appears that the longwave flux characteristics 
are as good as a daytime visible system; however, 
there are two other factors limiting performance. 
First, the energy bandgaps of infrared photons are 
much smaller than those photons in the visible, so the 
detectors suffer from higher dark current. The 
detectors are usually cooled to reduce this effect. 
Second, the reflected light in the visible is modulated 
with target and background reflectivities that 
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typically range from 7 to 20%. In the infrared, all 
terrestrial objects are emitting with an emission 
temperature of around 300 Kelvin. Typically, a two- 
degree equivalent black-body difference in photon 
flux is considered a high contrast target to back- 
ground flux. The flux difference between two black- 
bodies of 302 K compared to 300 K can be calculated 
in a manner similar to that shown in Figure 4. This is 
the difference in signal that provides an image, so note 
the difference in signal compared to the ambient 
background flux. In the longwave, the signal is three 
percent of the mean flux and in the mid-wave, it is six 
percent of the mean flux. This means that there is a 
large flux pedestal associated imaging in the infrared. 
Unfortunately, there are two problems accompanying 
this large pedestal. First, photon noise is the dominant 
noise and is determined by the mean of the pedestal 
and is compared to the small signal differences. 
Second, the charge well storage in infrared detectors 
is limited to around 10’ charge carriers. A longwave 
system in a hot desert background would generate 
10'° charge carriers in a 33 millisecond integration 
time. Smaller F-numbers, spectral bandwidths, and 
integration times are used so that the charge well does 
not saturate. This results in SNR of 10 to 30 times 
below the ideal. It has been suggested that some on- 
chip compression may be a solution to the well 
pedestal problem. In many scanning FLIR systems, 
the pedestal is eliminated by AC-coupling the 
detector signals. Infrared focal plane array (IRFPA) 
readout circuits have been previously designed and 
fabricated to perform charge skimming and charge 
partitioning. 
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Another major difference in infrared systems, from 
that of visible systems, is the size of the detector and 
diffraction blur. For infrared photon detectors, typical 
sizes range from 25 to 50 ym, where visible systems 
can be fabricated with 3 wm detectors. Also, the 
diffraction blur for the longwave is more than ten 
times larger than the visible blur and mid-wave blur is 
eight times larger than visible blur. Therefore, the 
image blur, due to diffraction and detector size, is 
much larger in an infrared system than a visible 
system. Also, it is common for infrared staring arrays 
to be sampling limited where the sample spacing is 
larger than the diffraction blur and the detector size. 
Dither and microscanning are frequently used to 
enhance performance. 

Finally, both infrared photon and thermal detectors 
in staring arrays have responsivities that vary 
dramatically and it is current practice to correct for 
the resulting nonuniformity (nonuniformity correc- 
tion or NUC). The nonuniformity can cause fixed 
pattern noise in the image that can limit the 
performance of the system even more than temporal 
noise (especially in static imaging or stabilized target 
acquisition imaging). 


Modeling Infrared Imagers 


Otto Schade Sr. developed the earliest imaging system 
models and performance measures. His work describ- 
ing television in the 1950s and 1960s, pioneered the 
way for the characterizations of imaging sensors used 
by engineers today. His performance measure for still 
pictures, moving pictures and television systems was 
based on an observer resolving a three bar periodic 
target. 

John Johnson developed the technique of relating 
the acquisition of military targets in the field to 
laboratory measurements of resolvable bar targets. He 
divided the discrimination tasks into four categories: 
detection, orientation, recognition, and identification. 
This technique was termed an ‘equivalent bar pattern 
approach’. It related performance on a simple test 
target to performance with complex object targets. 
Johnson viewed scale models and bar targets in the 
laboratory against a bland background. The smallest 
discernible barchart target yielded the maximum 
resolvable bar pattern frequency. These results, 
tabulated in Table 3 as cycles across the minimum 
dimension, were the basis for the discrimination 
methodology in widespread use today. Note that 
detection took only one cycle, but as the tasks got more 
specific or difficult, the requirement went as high as 8 
cycles across the target minimum dimension. 

Recognizing that typical vehicle aspect ratios 
were somewhat limited, Johnson and Lawson 


Table 3 Johnson’s criteria 








Target Resolution per minimum dimension 
Broadside Detection Orientation Recognition Identification 
view 

Truck 0.9 1.25 4.5 8 

M-48 Tank 0.75 1.2 3.5 7 

Stalin Tank 0.75 1.2 3.5 6 
Centurion 0.75 1.2 3.5 6 

Tank 

Half-track 1 1.5 4 5 

Jeep 1.2 1.5 4.5 5.5 
Command car 1.2 1.5 4.3 5.5 
Soldier 1.5 4.8 3.8 8 
(standing) 

105 howitzer 1 1.5 4.8 6 
Average 1+0.25 144035 40+08 64+1.5 


Table 4 Moser’s data 


Discrimination task Line pairs/critical dimension 


Detect ship Aperiodic treatment 
Classify as combatant 4 
Recognize type 10 


conducted further experiments. Paul Moser con- 
ducted some of his own, reanalyzed Johnson and 
Lawson’s, and developed the concept that this task 
was related to the average or critical dimension 
instead of the minimum dimension. This led to the 
conversion of line pairs to resolution elements, 
introducing the second dimension. Additionally, he 
performed a similar experiment on marine targets, 
which is summarized in Table 4. Lloyd and Sendall 
developed the MRT metric, which combines both 
resolution and sensitivity characteristics. This 
measurement of MRT is described in detail in a 
following article, but there is a theoretical model 
that is used to evaluate new sensor designs and 
concepts. It relates the minimum temperature 
difference between bar pairs at which they are 
just resolvable as a function of spatial frequency. 
MRT describes the infrared imager sensitivity as 
a function of resolution. More specifically, MRT 
is a measure of thermal contrast sensitivity as a 
function of spatial frequency. 

Ratches et al. developed the NVL (US Army Night 
Vision and Electronic Sensors Directorate formerly 
known as the Night Vision Laboratory) Static 
Performance Model, which predicted the end-to-end 
performance. It started with the target signature and 
carried through to the observer. The MRT, a 
laboratory measurement or a modeled value, was 
related to the probabilities of discrimination through 
the target transfer probability function, cumulative 
percentages related to Johnson’s criteria. 
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D’Agostino and Webb created the 3D noise 
model, both spatial and temporal considerations, 
for analyzing system noise. This technique divided the 
noise components into manageable and understand- 
able components. It also simplified the integration of 
these effects into models. 

The introduction of focal plane array (FPA) imagers 
has created a requirement to improve the model 
performance to account for the difference between 
scanning arrays and staring arrays. This change has 
made sampling an important area for improvement. 
A new model called NVTHERM is a result of the 
NVESD model improvement effort, which addresses 
undersampled imaging system performance. 

Sensor characterization is seen in three ways: 
theoretical models, field performance, and laboratory 
measurements (Figure 9). Theoretical models are 
developed that describe sensor sensitivity, resolution, 
and human performance for the purpose of evaluat- 
ing new conceptual sensors. Acquisition models, and 
other models, are developed to relate the theoretical 
models to field performance. This link allows 
theoretical models to be converted to field perform- 
ance quantities (e.g., probabilities of detection, 
recognition, and identification). Field performance 
is measured in the field so that the theoretical models 
can be refined and become more accurate with 
advanced sensor developments. Since field perform- 
ance activities are so expensive, methods for the 
direct measurement of sensor performance are devel- 
oped for the laboratory. Field performance testing of 
every infrared sensor built, including buy-off, accep- 
tance, and life-cycle testing, is ridiculous and out of 
the question. Laboratory measurements of sensor 
performance are developed such that, given these 
measurements, the field performance of a system can 
be predicted. Sensor characterization programs 
require accurate sensor models, field performance 
estimates with acquisition models, and repeatable 
laboratory measurements. 

There are a few alternatives to the US NVTherm 
model. One candidate approach to undersampled 
imager modeling is Germany’s TRM3, or the MDTP 
approach. The impact of undersampling in the image 
of a 4-bar target can readily be seen by simply 
observing the change in the image as a function of 
spatial frequency and phase. The spatial frequency is 
defined as line pairs per angular extent of the target, 
and the phase specifies the relative location of the 
target image to the detector array raster. These effects 
are obviously not independent of each other, but for 
each target there can be found an optimal phase 
where the observer can see the maximum amplitude 


modulation in the image of the target. MRT 
measurements in the past have utilized this variation 
with phase by allowing the observer to optimize the 
displayed image through target or system line-of-sight 
changes during the measurement process. For under- 
sampled imagers, TRM3 addresses the problem of the 
MRT calculation’s inability to predict beyond the 
half sample rate of the sensor, by replacing the MTF 
in the denominator of the MRT equation with an 
appropriately scaled term called the average modu- 
lation at optimum phase (AMOP). AMOP is the 
average signal difference in the image of the 4-bar 
standard pattern, with the test pattern positioned at 
optimum phase. AMOP oscillates between the pre- 
sample MTF and the bar modulation. Beyond a 
frequency of 0.8 times the sample rate or 1.6 times 
the half sample arrays and quantum well detector 
systems. These systems will find their place in 
applications to include both military and commercial 
sectors. 
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Interferometric imaging is image formation by 
measuring the interference between electromagnetic 
signals from incoherently emitting or illuminated 
sources. To learn about interferometric image for- 
mation using coherent light, see Holography, Tech- 
niques: Overview. To understand what optical 
coherence is, see Coherence: Overview. To learn 
what kinds of sources produce incoherent light, see 
Incoherent Sources: Lamps. To learn about interfero- 
metric instruments, see Interferometry: Overview. To 
learn about interferometric instruments utilizing 
incoherent light, see Interferometry: White Light 
Interferometry. To better understand the effect of 
the coherence of light sources on image formation, 
see Coherence: Coherence and Imaging. 
Interferometric imaging attempts to improve the 
resolution of images by interferometrically combining 
the signals from several apertures. By doing so, a 
resolution can be achieved that is superior to that 
achievable through standard image formation by any 
of the individual apertures. This is especially useful in 
astronomy, where resolving more distant and smaller 
stellar objects is always desirable. It is also finding 
increasing use in microscopy. It has several advantages 
over conventional noninterferometric imaging 
methods. The method can combine the light gathered 
from several imaging instruments to form an image 
superior to that which can be formed by any one of the 
instruments. It can also obviate the need to produce a 
single very large aperture to achieve the equivalent 
resolution, which in many cases is of impractical size. 
In addition, because it can produce a phase-resolved 
measurement, the data can be processed more flexibly 
to form a computed image estimate. There are also 
considerable disadvantages to interferometric imaging 
compared to conventional imaging methods. The 
amount of signal gathered is far less than could be 
gathered with an equivalent single aperture. It is 
difficult to mechanically or feedback stabilize the time 
delay between two widely separated apertures to 
obtain an accurate phase measurement. Often only a 
small bandwidth of the source light can be utilized, 
further reducing the available signal. The interference 
component of the combined signal can be very small. 
Typically an interferometric image must be computed 
from the data, rather than being directly measured on 


photographic film or an electronic focal plane array. 
Even with these disadvantages, interferometric ima- 
ging is frequently more feasible than building a single 
large aperture to achieve the highest available resol- 
ution images. 

In contrast to interferometric imaging, a standard 
image forming instrument such as a telescope has a 
resolution limited by the telescope mirror aperture in 
the absence of aberrations and atmospheric turbu- 
lence. As telescope mirrors become very large, they 
become bulky, extremely heavy, and difficult to 
manipulate, as well as deform under their own weight 
and temperature gradients. However, adaptive optics 
is being more frequently utilized to dynamically 
correct for instrument aberrations as well as atmos- 
pheric turbulence. The images captured by telescopes 
are typically intensity-only images, which are amen- 
able to image processing and deconvolution, but 
nevertheless lack phase information. Interferometric 
imaging is an alternative, where the resolution of a 
large aperture can be attained by measuring the 
interference between individual points of the electro- 
magnetic field within an area equivalent to the large 
aperture extent. The interferometric combining of 
light from sub-apertures to achieve the resolution of a 
larger aperture is called aperture synthesis. 

Unlike image formation by a lens, interferometric 
images are never physically formed. Conventional 
images are formed when diverging spherical waves 
emanating from sources are focused by a lens to 
converging spherical waves on a photographic film or 
an electronic sensor. In this case, the image infor- 
mation is directly contained in the exposure at each 
position on the sensor. Interferometric measurements 
contain the image information as statistical corre- 
lations between the electromagnetic fields at pairs 
of spatial points. The statistical properties of 
electromagnetic waves are modeled by optical coher- 
ence theory. Interferometric imaging works by 
measuring the statistical correlations between various 
pairs of points in the electromagnetic field, and then 
uses optical coherence theory to infer what the image 
of the source of the radiation is. 

The light that emanates from most natural and 
many artificial sources is incoherent. Incoherent 
radiation is optical random noise. It is analogous to 
the sound of static heard on a radio receiving no 
signal. Because it is random, the fluctuations of the 
electromagnetic field produced by an incoherent 
source are completely unrelated to the fluctuations 
of any other source. The origin of the randomness is 
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usually from microscopic processes such as the 
thermal motions of electrons or the spontaneous 
emission of an excited atom. Because these micro- 
scopic processes tend to act independently of one 
another, the light produced by different sources tends 
to be mutually incoherent. Because incoherent 
sources do not radiate a deterministic field, the 
average amount of power they radiate is usually 
specified rather than the field itself, which is random. 

However, as the fields propagate away from their 
sources, the fields can become partially coherent. To 
see this, consider the light waves propagating away 
from a single point-like incoherent source. The field 
produced at the source point consists of random 
fluctuations in time, but these fluctuations travel 
outward in a spherical wave at the speed of light. The 
fluctuations of the field of any two points an equal 
distance from the source will be the same, or perfectly 
correlated, because they arrive from the source at the 
same time. This is illustrated in Figure 1a, where a 
random wave is emanated from a point incoherent 
source. Because of the complete correlation, we can 
say that these two points are fully spatially coherent. 
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Coherent field 
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Figure 1 The distance between incoherent sources and two 
field points determines the coherence between the field points. 
(a) Because there is only one source, the field everywhere is 
determined by the radiation of that source. Therefore, the same 
fluctuations of the wave arrive at two points an equal distance from 
the source at the same time, and produce identical fields at both 
points, and so are completely coherent. (b) Two field points are 
now the same distance from two incoherent sources. Because 
both sources contribute identical fields to both points (because the 
fluctuations of the wave from both sources arrive at both points at 
the same time), the superposition of the fields from both sources 
at both field points are identical, and so the fields are coherent. 
(c) Two field points are now near two sources. Because each field 
point receives radiation mostly from its nearby source and very 
little from the other source, the fields at each field point are almost 
completely mutually incoherent. 


So while the source itself produces random noise, the 
fluctuations of the field at points distant from the 
source become correlated because they originate from 
the same source. 

Partially coherent waves occur when the measured 
field contains a superposition of the fields from more 
than one incoherent source. If there are now two 
point sources instead of one, each field point in space 
will receive radiation from both sources. The amount 
of the contribution from each source to each point in 
space depends on the distance between the field point 
and the source. In general, because both sources can 
be different distances from the two field points, the 
fluctuations at the field points will not be the same. 
For example, two field points that are the same 
distances from both sources will be perfectly corre- 
lated, or coherent, because they receive the same 
combination of fields from both sources. This 
situation is illustrated in Figure 1b. However, if one 
considers two points that are near both respective 
sources, the points will usually receive light from the 
nearby source. Because the sources are incoherent, 
and each point is mostly receiving radiation from its 
closer source, these points will be nearly uncorre- 
lated, as shown in Figure 1c. 

A spatial distribution of incoherent sources radiat- 
ing various amounts of power will create a pattern of 
correlations in the field remote from the source. By 
using interferometry, the correlation between pairs of 
field points remote from the sources can be measured. 
The interference between two points in the electro- 
magnetic field is achieved by relaying the two fields 
(e.g., with mirrors) to a common location that has an 
equal travel time for the fields from both points, 
where the fields are superimposed. The power of the 
superimposed beams is then detected, by a photo- 
cathode, for example. If the two signals being 
combined are incoherent, then no interference will 
take place, and the total power measured on the 
photodetector is simply the sum of the power of the 
two signals. However, if the two signals are partially 
coherent, there will be a deviation in the measured 
power from the sum of the power of the two signals. 
The magnitude of this deviation relative to the power 
of the constituent signals indicates the degree of 
partial coherence of the signal. 

An interferometer, such as depicted in Figure 2, 
gathers the light from two areas of the electromag- 
netic field remote from an object and combines them 
together at the same point to form an interferogram. 
In this example, two telescopes of a known separation 
gather light from a star. The primary mirror of each 
telescope is of insufficient size to resolve the star as 
anything but a point. However, a telescope is used 
in practice to collect enough light to produce a 
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Figure 2 Two telescopes receive radiation from a stellar object. 
The light is collimated and directed down the baseline to a point 
halfway between the telescopes, where the two images are 
interfered together onto a focal plane. 
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Figure 3 The image of two interfering wavefronts from a point 
object with various states of coherence. 
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measurable interference signal. Each telescope 
primary mirror forms a point image of the star. At 
the image plane of each telescope a mirror directs 
the point image to a measurement plane equidistant 
between the two telescopes. This line that joins the 
two telescopes is called the baseline, and it is the 
baseline length rather than the individual telescope 
mirror size that determines the minimally resolvable 
size. The image from each telescope is superimposed 
by mirrors (or perhaps beamsplitters) and imaged 
onto a focal plane, to get an image similar to that of 
Figure 3. If the light arriving from one telescope is 
blocked, then the image formed looks like an Airy 
ring pattern formed by an image, a point-like object, 
which is the incoherent image of Figure 3. However, 
when both signals are allowed to interfere, the image 
will have vertical stripes superimposed on it. If these 
stripes are very prominent, so that the image is fully 
darkened inside the stripes, then an image similar to 
the rightmost image of Figure 3 is obtained, complete 
intereference is occurring and the two field points at 
which the telescopes are situated are coherent or 
completely correlated. If the stripes disappear, then 
no interference is occurring and the two field 
points at which the telescopes reside are incoherent. 
These examples are shown in Figure 3, with images 
of two superimposed points with varying degrees of 
coherence on the top row, and a line plot of 
the measured field through the center of the 
images in the bottom row. The degree to which the 
contrast of the stripes is enhanced by coherence is 
referred to as the ‘modulation’ and indicates the 
degree or magnitude of partial coherence. 

In addition to having a degree of coherence, the 
correlation between two electromagnetic field points 
also has a relative phase shift. This phase shift is given 
by the relative position of the interference maxima, as 
shown in Figure 4. As the relative phase between the 
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Figure 4 The image of two interfering wavefronts from a point object with various phase differences between the two wavefronts. 
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fields collected by the telescopes changes (which is a 
function of the path length difference between the 
light arriving at the two telescopes), the peaks of the 
interferogram between the two telescope images shift 
position. By observing the depth of the formed 
interference fringes and the position of the fringes, 
both the amplitude and the phase of the correlation 
between the two field points can be simultaneously 
measured. The amplitude of the modulation and 
the phase of the interference are used to compute the 
complex degree of coherence that is used in the 
computation of interferometric images. 

In practice, the phase of the complex degree of 
coherence is much more difficult to measure than its 
magnitude. This is because while the amplitude tends 
to change very slowly as the positions of the two 
correlated points change, the phase is sensitive to 
changes in relative path length on the order of an 
optical wavelength. Even though a long baseline 
produces better resolution, the baseline length must 
be known to a small fraction of a wavelength to 
obtain a meaningful phase measurement. Minute 
vibrations in the positions of the mirrors on the 
baseline can easily cause fluctuations in the path 
length greater than a wavelength. This is observed as 
wild oscillations in the position of the fringes on the 
image plane. In addition, atmospheric turbulence can 
also produce large random phase shifts. Achieving a 
stable phase measurement is one of the most 
challenging engineering aspects of interferometric 
imaging. 

To model realistic sources, we must determine the 
coherence produced by sources of a finite size. Finite 
size incoherent radiators can be regarded as an 
arrangement of an infinite number of point-like 
incoherent sources radiating various amounts of 
power. When an interferogram is made of a field 
which has two superimposed incoherent sources, the 
power of the interferograms that each would make 
alone is added together, rather than the fields of 
the interferograms. This is because when the fields of 
the two sources interfere, the phases of both sources 
are varying randomly over time. The two fields will 
randomly vary between constructively and destruc- 
tively interfering with each other. Over a long time, 
the constructive and destructive interference averages 
out to no interference. We can then calculate what the 
interferogram of many incoherent sources combined 
is by computing the interferogram of a point source 
and adding the power of many such interferograms 
together. 

To figure out what the power of an interferogram 
of an arbitrary object is, first consider what the 
interferogram of a single point source is. Consider a 
situation depicted in Figure 5, but with a single point 
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Figure 5 Diagram of source and telescope plane used for 
derivation of Van Cittert—Zernike theorem. A source at a distance 
z from the telescope plane has a power density (x,y). The 
telescope plane has two movable apertures symmetric about the 
origin of the telescope plane separated by (Ax,Ay). The light from 
both apertures is directed to the center of the baseline at the origin 
of the telescope plane, where it is interfered on the sensor. 


illuminator at the source plane positioned at (x,y,z) 
with radiant power I. We will have a receiving plane 
at a distance z from the source plane with two 
telescopes located symmetrically about the origin 
at (Ax/2,Ay/2,0) and (—Ax/2,—Ay/2,0). The fields 
received at the telescopes from the point will be 
interfered together at the center of the baseline, which 
is at the origin. We will assume that the point source 
produces a narrow band of radiation centered at 
wavelength A. The point source produces a spherical 
wave that is received at both telescopes. The inter- 
ference power is proportional to the two intensities 
measured at each telescope with the relative phase at 
the two telescopes causing constructive or destructive 
interference: 


PxelI,+h4+2JV)bL cos b [1] 


where I, and I, are the intensities of the field at each 
telescope, and ¢ is the phase difference between the 
two fields at each telescope. We will assume that the 
point (x,y,z) is very far away from the telescopes, and 
so the intensities at the two telescopes are equal and 
proportional to the point intensity I, so that Po 
I(1 + cos ¢$). The phase ¢ is given by the difference in 
distance from the the source point at (x,y,z) to the 
receivers at (Ax/2,Ay/2,0) and (—Ax/2,—Ay/2,0). 
The phase is given by the difference in the Euclidean 
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where the second term gives the difference in the 
distance to a first-order approximation in x and y. 
The interference intensity relation is then Poc 
I(1 + cos(27(xAx + yAy)/za)). 

If the source is now of a finite site, we can regard 
it as radiating an intensity (power per unit area) 
I(x, y). To compute the total intensity of the inter- 
ferogram, we integrate over all the sources in the 
source plane: 


P(Ax.Ayyee | Toxg9(1 +cos(27(xAx+yAy)/za))dxdy 


=|1 (xyyeeedy+ [1 (x,y)cos(2 7(xAx+yAy)/zA)dxdy 
[3] 


This result can be interpreted as follows. The 
intensity of the interference when the two telescopes 
are separated by a distance (Ax,Ay) is proportional 
to the real part of the two-dimensional Fourier 
transform of the intensity distribution I(x,y) eval- 
uated at spatial frequencies (Ax/zA,Ay/zA), plus a 
constant intensity. This result, related to the Van 
Cittert—Zernike theorem, is a commonly used result 
in interferometric imaging. It is covered in more 
detail in Coherence: Overview. 

By moving the telescopes to various horizontal 
and vertical separations and measuring the inter- 
ference intensity, the real part of the Fourier 
transform of the intensity is inferred. In practice 
the imaginary part can also be found by varying the 
baseline optical path length difference by a quarter 
wavelength. With these samples of the Fourier 
transform, the inverse Fourier transform computes 
the image intensity distribution I(x,y). This is how 
simple computational image formation occurs with 
interferometric data. 

One application of the Van Cittert—Zernike 
theorem and interferometric imaging is the measure- 
ment of the diameter of stars. When observing 
coherence, the correlations between field points tend 
to decrease as the separation between the points 
grows. By observing this decrease of the coherence, 
the angular size of a star can be measured. This 
method was pioneered by Albert Michelson in 1890 


with the invention of the Michelson Stellar Inter- 
ferometer. It is needed because the aperture size 
required to measure the angular diameter of most 
nearby stars in the Milky Way is larger than the size of 
most telescope apertures. Stars usually have a circular 
profile that produces a circularly symmetric pattern 
of correlations. The coherence between field points as 
the distance between them is increased does not 
decrease monotonically, but disappears at certain 
separations, and has many revivals. The first separ- 
ation distance at which interference disappears (and 
the degree of coherence is zero) for a circular profile 
object is dg = 0.61A/a, where A is the wavelength of 
the light measured from the star, a is the angular 
diameter (in radians), and do is the first separation 
from zero at which the interference disappears. In 
practice, each wavelength produces a null in inter- 
ference at a different separation, so all but a small 
bandwidth of the star’s light is filtered out before 
measurement to achieve a suitably strong interference 
null. For example, for the star Sirius, which has an 
angular diameter of 0.0068 arc seconds viewed from 
the Earth, measuring at a wavelength of A = 500 nm 
(blue-green in the visible spectrum), the first separ- 
ation distance at which no interference will be 
observed is at 18.5 m. This is larger than the largest 
available telescope aperture, and therefore an image 
cannot be directly formed that can resolve the size of 
Sirius. 

Modern examples of stellar interferometry include 
the European Southern Observatory in Paranal, 
Chile, the CHARA Array at Mt Wilson, California, 
USA, and the NASA Jet Propulsion Laboratory Keck 
Interferometer in Hawaii, USA. The ESO main 
telescope system is the Very Large Telescope Inter- 
ferometer (VLTI) consisting of four 8.2 m diameter 
telescopes as well as several smaller ones that can be 
moved independently, and will achieve milliarc- 
second resolution through the interferometric com- 
bination of the telescopes. These telescopes are 
connected by underground tunnels through which 
the collected light from each telescope is combined. 
To measure the phase of the interference, extreme 
positioning precision is required in the relative delay 
between the light collected by the telescopes along 
the baseline, of 50nm over 120m, or 1 part in 
2400 million, equivalent to 1.6 cm over the circum- 
ference of the Earth. Achieving this requires combi- 
nations of electronic and mechanical feedback 
systems with laser stabilized interferometric position 
measurement. The CHARA array has a very large 
330-meter baseline, with 1-meter telescope apertures. 
The Keck Interferometer consists of two 10m 
diameter telescopes with a baseline separation of 
85 m. One of the main goals of achieving such high 
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resolution is to be able to observe planets and planet 
formation around distant stars, to identify possible 
signs of life in other solar systems. 

A similar principle is used for interferometric 
image formation in radio astronomy. The chief 
differences are the methods used to collect, detect, 
and correlate the electromagnetic radiation. Radio 
astronomical observatories, such as the Very Large 
Array in New Mexico, USA, and MERLIN at the 
Jodrell Bank Observatory in Cheshire, UK, use 
collection dishes and radio antennas to directly 
measure the electric field, which is not feasible at 
optical frequencies. These fields are converted to 
electrical voltages, which can then be directly 
correlated using electronic mixers, rather than 
detecting the correlation indirectly through inter- 
ference. Because the wavelength is much larger, the 
stability requirements are greatly relaxed. Radio 
and optical frequency interferometric images are 
formed in essentially the same way, using the 
Van Cittert-Zernike theorem. 

Interferometric imaging methods have also 
become of interest for microscopy applications. 
Aperture synthesis is not needed in microscopy, 
because the objects of interest are very small and 
therefore single apertures can be used to achieve 
diffraction-limited resolution. However, interfero- 
metric detection of partially coherent light affords 
greater flexibility because an image may be com- 
puted from the data rather than being directly 
detected. Typically this is achieved by creating an 
incoherent hologram of the object, typically through 
shearing interferometry. For example, by using a 
Rotational Shearing Interferometer, one can measure 
an incoherent hologram that can be used to produce 
a representation of an object with a greatly increased 
depth-of-field. In addition, direct detection of the 
partial coherence of sources can allow the methods 
of computed tomography to be used to produce 
three-dimensional images of volumes of incoherently 
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Introduction 


Light detection and ranging (LIDAR) refers to an 
optical system that measures any or all of a variety of 
target parameters including range, velocity, and 


emitting objects. Because of the versatility that 
interferometric detection can provide, interfero- 
metric imaging will surely be increasingly used 
outside of astronomy. 


See also 
Coherence: Coherence and Imaging; Overview. 
Holography, Techniques: Overview. Incoherent 


Sources: Lamps. Interferometry: Overview; White Light 
Interferometry. 
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chemical constituents. Usually a LIDAR system 
consists of a transmitting laser source, transmitter 
optics, receiver optics, and a detector. Several 
configurations of LIDAR systems are possible, based 
on the type of laser source and detection scheme 
selected. Basically, sources can be continuous 
wave (CW), pulsed, or chirped. Sources that are 
CW are most often used to measure velocity or 
chemical constituents. Pulsed and chirped sources 
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provide the additional capability of measuring 
range. LIDAR receivers are either incoherent 
(direct detection - amplitude only) or coherent 
(heterodyne detection — amplitude and frequency). 
Generally, for velocity detection, a coherent receiver 
with a local oscillator (LO) laser is required. A 
coherent receiver is also needed if a chirped laser 
source is used, for instance, in frequency modulation 
continuous wave (FM-CW) LIDAR. 

For the special case of imaging LIDAR, the detector 
has multiple elements. In an imaging LIDAR system, 
the detector, or focal plane array (FPA), and the 
receiver optics are designed to image independent 
volumes in object space onto individual elements in 
the FPA. Each detector element, therefore, contains 
information for a specific volume in space and can be 
thought of as an independent LIDAR system. The 
advantage of an imaging LIDAR system is that 
multiple measurements can be made on extended 
target(s) at the same time. Thus, characterization of 
rapidly changing events (like wake vortices), speckle 
reduction by spatial averaging, synthetic aperture 
radar, multiple target tracking, and target identifi- 
cation are all possible without the sophisticated 
algorithms and hardware platforms required in single 
channel scanning systems. In addition because the 
multiple pixels allow parallel image capture, a true 
imaging LIDAR can acquire data much more rapidly 
than a scanning system. 

In this chapter, for clarity, the emphasis will be on 
imaging LIDAR systems applied to hard body targets 
for the measurement of range and velocity. The basic 
configurations presented here, though, are extensible 
to distributed targets and measurements of wind 
profiles and atmospheric constituents. Also, since 
general textbooks are available that cover LIDAR 
systems and incoherent imaging systems, the concen- 
tration will be on architectures, optics, detectors, and 
design considerations that are specifically applicable 
to coherent imaging LIDAR. 


Frequency 


Frequency Modulated Continuous 
Wave (FM-CW) LIDAR 


One LIDAR technique, which is particularly suited 
for imaging due to the simplicity of the processing, is 
FM-CW LIDAR. FM-CW LIDAR simultaneously 
measures range and velocity (Doppler shift) by using 
a frequency chirped waveform. Referring to Figure 1, 
assume that a continuous wave (CW) laser frequency 
is linearly modulated (chirped) by a triangular wave 
about an offset frequency, such that the modulated 
signal is given as: 


f®=fot+ ar [1] 


where f, is the subcarrier offset frequency and a is the 
linear modulation rate in frequency/second, and Tis a 
time variable. The transmitted beam is focused by the 
optical system onto the target surface, reflected (or 
absorbed or scattered) and arrives at the receiver after 
7 seconds, where 


5" [2] 
Cc 


and R is the distance to the target surface, and c is the 
speed of light. The returning signal is optically mixed 
with the LO on the detector and produces a sum/ 
difference beat frequency (Af). Figure 1 shows the 
incident wave with its linear or chirped frequency 
characteristics and the delayed version returned from 
the target. Only the difference frequency can be 
optically detected since only it falls within the 
detector’s bandwidth. Assuming the target is not 
moving, the result is 


Af=ft+n—-fO=fptet+7—(fptat)=ar [3] 
where a=B/T, the chirp rate of the modulator in 


units of Hz/s, B is the modulation bandwidth, and T 
is the period of the chirp. Substituting into eqn [3] for 
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7 and a we have 


B/(,R 
Cn 


Finally, one can solve for the distance to the target, R, 
as a function of the beat frequency and chirp rate: 


cT 
R= apt [S] 


The difference frequency, Af, is the same for the up 
and down ramp of the modulation signal. Figure 2 
demonstrates the return signal for the case of a target 
moving toward the LIDAR system. The difference 
frequency now contains a component proportional to 
the target induced Doppler shift given by 


fa=2 [6] 


v 
Xr 
where v is the line-of-sight target velocity and A is 
the laser wavelength. From Figure 2, the Doppler 
shift causes the difference frequency on the up ramp 
to be less than the range induced frequency shift 
given by eqn [5] and the net difference frequency is 
greater on the down slope. In this case, the difference 
frequency is given by 


af=F(2") +h [7] 


The range and Doppler contributions to the differ- 
ence frequency may be separated by measuring 
the frequency difference over both the up and down 
chirp of the waveform. The Doppler frequency 
fa=Af(up)— Af(down) and the range is given by 
the average of Af(up) and Af(down) over a complete 
cycle of the modulating triangular wave. Therefore, 
substituting in eqns [5] and [6], the range may be 


-Af{up) 


Frequency 






Sweep bandwidth, B fy 


determined from the equation 


TE 
R= 5 {Af(up) — Af(down)} [8] 


and the line-of-sight (LOS) velocity is 





a | Aftup) + Sf (down) } 9) 
2 2 

The range resolution of a FM-CW LIDAR system is 
the range for which the difference frequency equals 1 
cycle in the sweep time interval of T or Af=1/T. 
Then, from eqn [5], the range resolution, AR, is 
given by 


_cT1_c 


AR= 37 =3R [10] 


Therefore, the range resolution is only a function 
of the sweep bandwidth and not the laser wavelength. 
However, the Doppler shift is dependent on the laser 
frequency. The accuracy with which the difference 
frequency may be determined is a function of the 
number of cycles over which the measurement is made. 
The number of cycles is maximized for the case of 
t=T/2 or T should be set for twice the time delay for 
the maximum range of interest. 


Numerical Example 


A range resolution of 30cm requires a chirp 
bandwidth, B, of 500 MHz. For a total range of 
interest of 10 km, the chirp time, T, should be 
133.33 ws or the chirp rate should be 3750 Hz 
(1 up and 1 down ramp per cycle). The difference 
frequency for a 10 km range target will be 250 MHz, 
which demonstrates the need for wideband detectors 
to capture high-resolution range images (Table 1). 
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Table 1 Summary of FM-CW LIDAR characteristics 
Parameter Value 
Range resolution (m) 0.3 

Chirp rate (Hz) 3750 
Chirp bandwidth (Hz) 500 x 10° 
Maximum range (km) 10 


Optical Configuration for Imaging 
LIDAR 


Imaging LIDAR systems can be constructed for 
virtually any wavelength range with appropriate 
sources, optical components, and detectors. The 
design of an optical receiver system capable of 
recording coherent images requires additional con- 
siderations over those necessary for a video camera or 
single-channel receiver. First, the collection optics 
must have resolution capabilities consistent with both 
the detector grid dimensions and the coherence 
properties of the source. Next, the local oscillator 
(LO) power must be applied to each array element. 
For a typical infrared (HgCdTe) detector, one to ten 
milliwatts of LO power might be required to reach the 
shot noise limit. For large arrays, this may result in 
unacceptable heat loads, even for momentary appli- 
cation. Thus, detector arrays with substantial spacing 
between detector elements benefit from the application 
of individual LO ‘beamlets’ to shield the insensitive 
portions of the array substrate. These beamlets 
can be generated by illuminating a mask containing 
an array of holes with the LO Gaussian laser beam. 
This scheme is illustrated in Figure 3. 

In the configuration shown in the figure, the signal 
beam (from the target) and the LO beamlets are 
combined at the beamsplitter prior to being focused 
onto the detector plane by the objective lens. The 
detector plane coincides with the far-field image plane 
of the objective lens, and any additional optical 
elements utilized to enhance the camera’s resolution 
are not shown. An expanded LO beam illuminates an 
aperture array located at the far-field object plane of 
the ancillary lens. For instance, if the objective lens 
and the ancillary lens are identical, the LO mask is 
imaged onto the detector plane with unity magnifi- 
cation. The detector surface is assumed to be flat with 
uniform video and heterodyne quantum efficiency. 

Several aspects of this design are discussed below. 
We first discuss how the optical parameters may be 
adjusted to give nearly-Gaussian LO profiles at each 
detector position. The receiver antenna array is then 
shown to consist of nonoverlapping sub-beams 
spaced with the detector array geometry. Signal 
considerations for both incoherent and coherent 


sources are then discussed, and it is found that optimal 
detector size and array-spacing is dependent on the 
coherence properties of the intended object field. 


Aperture Array 


As an alternative to holographic LO beam array 
generation, the LO mask design presented here 
consists of an array of apertures with size and 
spacing equal to the detector dimensions. The LO is 
expanded to coherently illuminate the entire mask 
with approximately uniform intensity. The mask is 
located at the front focal plane of the ancillary 
lens and its image is located at the back focal plane 
(detector plane) of the objective lens. The coherent 
image of the mask formed at the detector plane by 
the ancillary-objective lens combination can be 
described by a two-stage Fraunhofer diffraction 
process. 

Finite dimensions of the ancillary pupil results in 
spatial filtering which can affect the image profile of 
the LO mask. If desired, the ancillary pupil may be 
chosen to provide nearly-Gaussian LO beamlet 
profiles with beam waists at each detector location. 

It is useful to first consider the coherent image of a 
single aperture uniformly illuminated with plane LO 
wavefronts. In one dimension, this wave train 
diffracts from the aperture to form a far-field 
diffraction pattern at the Fraunhofer plane of the 
ancillary lens given by 


sin(B) 
B 


where B = +kb sin(6), k = 27/A, dis the wavelength, 
b is the aperture width, and 6 is measured from the 
optical axis. For small 6, B= mbv/(Af) where v 
measures a point on the Fraunhofer plane and f is 
the focal length of the ancillary lens. The finite 
diameter D (determined by an aperture stop in the 
Fraunhofer plane) of the ancillary lens spatially filters 
the diffraction pattern and this limits the range of 6 
values in eqn [11]. We define an aperture-limited 
pupil as one which limits 8 to the range —7 < B < 7; 
this will be the case when f/D = D/2X. 

Consider now a linear aperture array consisting of N 
individual apertures of width b and separation a > b. 
Assume that each aperture is illuminated by plane, 
uniform, mutually coherent LO wavefronts of equal 
intensity. In this case, the LO profile at the Fraunhofer 
plane is characterized by the diffraction pattern for a 
coherently illuminated linear diffraction grating: 


sin(Na) 
N sin(a) 


Ey(B) = Eg 





[11] 


Ep(0) = Eosinc (B) [12] 


where a = +ka sin Oand where B, 6, and k are defined 
above. 


SCIENTIFIC Oe aw 


REPSORTS mst rns O): 


OPEN 


SUBJECT AREAS: 


ELECTRICAL AND 
ELECTRONIC 
ENGINEERING 


ELECTRONIC AND SPINTRONIC 
DEVICES 


Received 
A September 2014 


Accepted 
19 February 2015 


Published 
7 May 2015 


Correspondence and 
requests for materials 


should be addressed to 
N.S. (negin.shariati@ 
rmit.edu.au) 


Multi-Service Highly Sensitive Rectifier for 
Enhanced RF Energy Scavenging 


Negin Shariati, Wayne S. T. Rowe, James R. Scott & Kamran Ghorbani 
School of Electrical and Computer Engineering, RMIT University, Melbourne, VIC 3001, Australia. 


Due to the growing implications of energy costs and carbon footprints, the need to adopt inexpensive, green 
energy harvesting strategies are of paramount importance for the long-term conservation of the 
environment and the global economy. To address this, the feasibility of harvesting low power density 
ambient RF energy simultaneously from multiple sources is examined. A high efficiency multi-resonant 
rectifier is proposed, which operates at two frequency bands (478-496 and 852-869 MHz) and exhibits 
favorable impedance matching over a broad input power range (—40 to —10 dBm). Simulation and 
experimental results of input reflection coefficient and rectified output power are in excellent agreement, 
demonstrating the usefulness of this innovative low-power rectification technique. Measurement results 
indicate an effective efficiency of 54.3%, and an output DC voltage of 772.8 mV is achieved for a multi-tone 
input power of —10 dBm. Furthermore, the measured output DC power from harvesting RF energy from 
multiple services concurrently exhibits a 3.14 and 7.24 fold increase over single frequency rectification at 490 
and 860 MHz respectively. Therefore, the proposed multi-service highly sensitive rectifier is a promising 
technique for providing a sustainable energy source for low power applications in urban environments. 


energy source for future growth and protection of the environment. Considerable research effort has been 

directed toward low-profile, low-power, energy efficient and self-sustainable devices aiming to harvest 
energy from inexhaustible sources such as solar energy, thermal, biomass, mechanical sources (e.g. wind, kinetic, 
vibration, and ocean waves) wastewater, and microwave energy. A thorough set of reviews is given in the 
literature’*. Among these green energy sources, there has been a growing interest for radio frequency (RF) 
energy scavenging, as the availability of ambient RF energy has increased due to advancements in broadcasting 
and wireless communication systems. Furthermore, the development of wireless power transmission (WPT) 
technologies” that allow micro sensors®, mobile electronic devices’, wireless implantable neural interfaces* and 
far-field passive RFID (Radio-Frequency Identification) systems”"'' to operate without batteries has triggered 
impetus for RF energy harvesting. 

Efficient RF energy harvesting is a very challenging issue, as it deals with the very low RF power levels available 
in the environment. Furthermore, the scavengeable power level can vary unpredictably, depending on several 
factors such as the distance from the power source, the transmission media, the telecommunication traffic density 
and the antenna orientation. The majority of available literature on RF rectification has been dedicated to 
narrowband rectennas, which essentially operate at a single frequency and hence provide low DC output 
power'*’’, Various topologies, such as voltage doublers or multipliers have been employed in order to increase 
the RF to DC conversion efficiency and the output DC voltage for specific applications’*”*. However, from an 
ambient RF scavenging perspective, harvesting energy from various available frequencies could maximize power 
collection and hence increase the output DC power. Ultra-wideband and broadband rectenna arrays have been 
proposed as a potential solution’”’*. However in some cases, simulation and experimental results were not 
provided to demonstrate the findings’’. A broadband rectenna consisting of a dual-circularly polarized spiral 
rectenna array operating over a frequency range of 2-18 GHz was demonstrated’*. The rectified DC power was 
characterized as a function of DC load, RF frequency and polarization for power densities between 10~° and 
10~' mW/cm/?. However, the proposed rectenna was matched at a single input RF power level for a specified load 
resistance for the characterization. Also, due to the low Q value of the rectifier circuit, the conversion efficiency 
was a fraction of 1% at —15.5 dBm. From a design point of view, while it is relatively easy to achieve a broadband 
antenna, it is very challenging to realize a broadband rectenna due to the non-linearity of the rectifier impedance 
with input power across the frequency band”. 

To address this, a promising approach is to use a dual-band or multi-band configuration. This can maximize 
the power conversion efficiency (PCE) at the specific frequencies where the maximum ambient signal level is 


\ MBIENT energy harvesting is attracting widespread interest as it has the potential to provide a sustainable 
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Figure 3 The individual beamlets are generated by the local oscillator or aperture mask. Reproduced with permission from Simpson 
ML, Bennett CA, Emery MS, et al. (1997) Coherent imaging with two-dimensional focal-plane arrays: design and applications. Applied 


Optics 36: 6913-6920. 


Propagation of the LO from the ancillary lens 
Fraunhofer plane to the detector plane can be 
described by applying the Fraunhofer diffraction 
integral to eqn [12] with integration limits appro- 
priate to the ancillary pupil dimensions. The larger 
pupil gives increased illumination at the detector 
edges while the aperture-limited pupil gives a 
nearly Gaussian LO profile with 1/e points close 
to the detector edges. 


Receiver Antenna Array 


The requirement of wavefront matching between 
the LO field and the signal field leads to the notion 
of an ‘antenna beam’ or equivalently, ‘backward 
propagating LO’ (BPLO) to define the field of view of 
an individual heterodyne receiver element. This beam 
is formed by allowing a reverse projection of the local 
oscillator field to diffract from the detector surface, 
through all collection optics in the signal beam path 
to a point on the object field of the imaging system. A 
receiver array will produce an array of such BPLO 
beams which must maintain the detector array 
geometry in the object field if the LO and signal 
beams are to mix efficiently. 

As above, spatial filtering by the receiver pupil 
(assumed to be located at the Fraunhofer plane of the 
objective lens) will affect the BPLO profile. In the 
Fraunhofer plane of the objective lens, the uniformly 
illuminated single-detector BPLO profile is given by 
eqn [11], and we define an aperture-limited detector 
as one which limits the range of B to +7. Similarly, 
eqn [12] characterizes the BPLO profile resulting 
from a detector array uniformly illuminated with an 


extended uniform LO wavefront. The uniform 
illumination BPLO profiles in the object field differ 
from the detector plane profiles only in horizontal 
scale which now is consistent with the magnified 
detector dimensions. 

For our purposes, we may define the far field of 
the objective lens according to the condition for 
maximum Gaussian beam collimation: 

fa 


ed 


[13] 


where wp is an effective BPLO Gaussian beam waist at 
the Fraunhofer plane and wg is an effective BPLO 
beam waist at the detector. Under this circumstance, 
the BPLO Rayleigh range is Zp = 7w}/A = f(wo/wa). 
Identifying wo/wg as the magnification (notice that 
for the BPLO, the magnification is greater than 
unity) gives d, =(d/f\Zp ~ Zp where d, is the 
object distance and d; is the image distance. Thus 
the far-field of the objective lens is at least one BPLO 
Rayleigh range away. 

The object field BPLO profiles for an aperture- 
limited detector array consists of nearly Gaussian 
sub-beams with 1/e points located approximately at 
the magnified detector edge locations. Since the far- 
field object distance exceeds Zp, the divergence of 
each BPLO sub-beam is constant and remains distinct 
and nonoverlapping for all d, > Zp. 


Imaging Applications Involving Incoherent 
Sources 


For an object plane in the far field of aperture-limited 
collection optics, the nearly Gaussian-profile BPLO 
propagates from the receiver aperture according to 
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the condition for maximum Gaussian beam collima- 
tion. The waist is at the Fraunhofer plane where the 
BPLO wavefront is nearly plane, while at the object 
field the BPLO wavefronts are spherical with radius 
equal to 


2 
R(d,) = da 1+(2) 


[14] 
where we have set d, — f ~ d,. 

It will generally be the case that an imaging system 
will be used to analyze extended objects whose size 
exceeds the resolution limit. Following convention, 
we define a spatially coherent source as one which is 
illuminated with spatially coherent light with 
appreciable structure and roughness of depth within 
the coherence length of the illuminating light, and 
where the target motion does not appreciably perturb 
the speckle field during the measurement process. The 
speckle effects, which so seriously degrade the 
information content in images formed of spatially 
coherent objects, are not present in images formed of 
incoherent objects such as thermal emitters. Speckle 
may be reduced by time-averaging speckle fluctu- 
ations resulting from target motion, atmospheric 
effects, and independent transmitter pulses, and in 
the limit such objects become incoherent pseudother- 
mal sources. Similar remarks apply to spatial 
averages over detector subarrays. 

Independent radiators on the object field produce 
disturbances which can diffract to illuminate the 
entire receiver aperture as well as a finite coherence 
area in the image field A,; given by 

2 
Agi > eu 


Og U9] 


where ,,; is the solid angle subtended by the receiver 
aperture at the image field. Alternatively, we may 
interpret A,; as the area of an aperture in the object 
plane which, if illuminated with wavefronts charac- 
terized by eqn [14] (reciprocal illumination), would 
just fill the receiver aperture with a central diffraction 
order. Thus the combination of independent disturb- 
ances within the detector’s field of view on the object 
plane, combine to form a spatially coherent disturb- 
ance over the receiver aperture and within Ag. 
According to the Van Cittert—Zernike theorem, the 
complex degree of spatial coherence p, is a unity 
amplitude wavetrain that propagates exactly as a 
signal beam resulting from the reciprocal coherent 
illumination of an object-field aperture of area Ag. 
Thus, , and the BPLO are Helmholtz-reciprocal 
pairs whose overlap determines the mixing efficiency 
with which heterodyne signal is generated from 


radiation collected from an extended incoherent 
source. Following convention, we refer to the overlap 
of yz, and the BPLO as the effective receiver aperture. 

Detectors larger than the aperture-limit, whose 
area exceeds A,;, exhibit reduced receiver apertures 
and a corresponding decrease in heterodyne mixing 
efficiency. For example, varying the receiver pupil, 
while maintaining constant LO illumination, results 
in a heterodyne signal proportional to the received 
power for detector diameters much less than the 
aperture-limit, while detector diameters much greater 
than the aperture-limit produce heterodyne signal 
only in proportion to the square-root of the received 
power. Thus, for constant LO illumination and 
incoherent sources, increasing the entendue past the 
aperture limit will always increase the heterodyne 
signal, but less than for direct detection. 


Optimal Detector Size 


As noted above, an aperture-limited system is one 
where detectors of diameter d are matched with an 
objective lens with f/D = d/2A. Commercially avail- 
able detectors for use at 10m are commonly 
100 «um wide suggesting the use of a f/5 lens, however 
aspheric lenses as fast as f/1 are also commercially 
available. Apart from aberrations, it would be 
advantageous to utilize a 5 x 5 subarray of 20 pm 
detectors with an f/1 lens in place of a single 100 pm 
detector for applications involving coherent sources. 
Applications involving incoherent thermal sources 
would generally favor a wide detector/fast lens 
combination since thermal sources provide weak 
heterodyne signals. 


Noise Analysis and Performance 


Radar Range Equation 


The laser power requirements for the LIDAR system 
depend on the signal-to-noise ratio of the FPA, the i.f. 
amplifier performance, atmospheric transmission, 
and the optics system design. The following calcu- 
lations are used to determine the performance of the 
LIDAR system for a single pixel of the FPA. The radar 
range equation is 


G 0, aD? 
P.=P é ) Pt ) 1 
r { AqR2 (2m 4 Natm Msys [ 6] 


where P,=received power; P, = transmitted 
power; G, = antenna gain; 0, = radar cross-section; 
R=range; D = transmitting and receiving aperture 
diameter; atm = atmospheric transmission; and 
Nsys = Optical system efficiency. 
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The beam divergence of the transceiver is 


[2G] 


[17] 
where A = wavelength and the antenna gain is 
4 
G=— [18] 
Ot 


The radar cross-section for a lambertian diffuse point 
target is 0p, = 4p,dA. The target reflectivity is p, and 
dA is the target area, which is effectively the size of a 
pixel of the FPA projected onto the target. For 
purposes of the following calculations, a surface 
reflectivity of 0.1 is assumed. The pixel size at the 
target (assuming Gaussian beam optics) is given by 


D\ aR(3\?7] 
ana) [4 [-4(8) 
7 3 - aw\D 
where D = transmitter and receiver mirror diameter 
and it is assumed that the target is larger than dA. 


Finally, the signal-to-noise (SNR) ratio for a 
coherent receiver is given by 


[19] 


mp, 


NR = 
; hvBis 


[20] 





where 7 = detector quantum efficiency; P, = received 
power from eqn [16]; 4 = Planck’s constant; v= 
frequency of laser; and Bis = post-detection band- 
width of signal processor. 


Numerical example 

Assuming an atmospheric transmission efficiency, 
Natm> Of 98%, an optical system efficiency, 7.55 
of 30%, and a detector efficiency, n, of 10%, 
the SNR was calculated as a function of the 
transmitting/receiving telescope (assumed to be a 
mirror) diameter, D, with target range as a parameter 
and plotted in Figure 4. This calculation assumed 





Mirror diameter (cm) 


Figure 4 The SNR saturates for a mirror diameter greater than 
30 cm at long range. 


Pixel diameter at target (m) 





Mirror diameter (cm) 


Figure 5 The pixel size determines the target cross-range 
image resolution. 


that the pixel field-of-view (FOV) at the target was 
illuminated with 1 watt of power. Even at a range of 
10 km, the 32 x 32 element imaging LIDAR receiver 
with a SNR of 100 for each pixel will require only 
75 watts (approximately 74-milliwatts per pixel) of 
total transmitted power for a mirror diameter of 
30 cm. From Figure 4, it appears that the telescope 
mirror size could be reduced to a diameter of 20 cm 
and still maintain an excellent SNR. However, the 
SNR is not the only consideration on the transmitting 
telescope diameter. The cross-range target resolution 
is determined by the projected pixel size at the target. 
This target pixel size is plotted versus the telescope 
mirror diameter in Figure 5. Diffraction from the 
transmitting and receiving optic sets the limiting 
resolution that can be achieved with the LIDAR 
system and is only a function of the diameter and 
wavelength. A transmit/receive telescope aperture of 
30 cm seems to represent a good trade-off between 
cross-range resolution and SNR. 


Applications and Future Directions 


The remote sensing community has recognized 
the advantages of coherent receivers over conven- 
tional direct IR detection with respect to increased 
measurement sensitivity and multidimensional infor- 
mation capability. These advantages, however, come 
at a price of added system complexity, power, size, 
weight, and cost. In addition, choices of components, 
particularly in the long wavelength infrared (LWIR) 
region of the spectrum, have been limited to liquid 
nitrogen-cooled nonimaging detectors and table-top- 
sized gas lasers. Thus, implementations of imaging 
LIDAR systems have been primarily single detector, 
single source scanning systems which require high 
pulse repetition frequency lasers, complex tracking 
systems, and platforms, and augmentation of 
automated target recognition input to compensate 
for multiple, simultaneous measurements on the 
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same target. New technology developments in quan- 
tum well infrared photodetector (QWIP) detectors 
and arrays, and in HgCdZnTe technology are now 
paving the way toward thermo-electrically cooled 
LWIR imaging array detectors. Also waveguide, 
folded cavity, laser resonator designs are providing 
compact, lightweight packages for CO, lasers. 
Coherent receivers, that use the new focal plane 
arrays and compact sources, provide the capability of 
making parallel LIDAR measurements without the 
added hardware and software overhead of scanning 
systems. In the following section, several examples 
are provided that demonstrate the versatility of 
imaging LIDAR systems that use detector arrays for 
measurement applications such as chemical plumes, 
velocity gradients, and speckle reduction. 

Wideband heterodyne receivers are useful in 
measuring chemical species whose absorption peaks 
are not well aligned with the laser source line. If the 
species absorption peak corresponds directly with the 
laser line, an absorption measurement can be made 
using direct detection (amplitude only). For off-line 
(off-resonance) measurements, heterodyning is 
needed, where the bandwidth of the heterodyne 
receiver dictates how far away from the laser line 
an absorption peak can be measured. For example, 
the CO, laser line spacing in the 9 to 12 micron 
region of the spectrum averages around 50 GHz. 


With the new QWIP detectors theoretically having 
heterodyne bandwidths of 30 GHz or more, full 
high-resolution spectral coverage for the long-wave 
IR is within grasp. For chemical detection with 
heterodyne receivers, there are two modes of oper- 
ation. The first is termed passive heterodyne radio- 
metry where the source is a black-body radiator and 
the absorption is measured for chemical species 
located between the blackbody and the receiver. The 
second mode of operation is thermoluminescence 
where a laser transmitter is used to excite a chemical 
species in the atmosphere and the resulting emission 
(luminescence) is measured with the heterodyne 
receiver. The advantage of imaging in both cases is 
the ability to capture chemical plumes in the presence 
of wind and other anomalies. 

To illustrate the ability of heterodyne imaging 
receivers to spectroscopically resolve chemical 
plumes, Figure 6 shows a series of 10 x 10 pixel 
images of a small bottle of concentrated ammonium 
hydroxide against a 212 °C blackbody recorded in 
both passive heterodyne radiometry and direct 
detection modes. Figure 6a shows a heterodyne 
image of the bottle with the top in place where, in 
Figure 6b the top is removed and the absorbing 
plume is clearly imaged. The heterodyne images in 
Figures 6a and 6b were recorded with the LO 
adjusted to emit the 9R(30) line which is known to 





Figure 6 Ammonia plume characterization. 
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be absorbed strongly by NH3. In Figure 6c, the same 
image was recorded by direct detection and fails to 
detect the ammonia plume. Similarly, in Figure 6d, 
the LO was adjusted to emit a nearby line known not 
to be absorbed by NH3 and the plume is again not 
detected. Both the objective and ancillary lens were 
f/1 38mm, and the object field was about three 
meters away. The top of the bottle was approximately 
2 cm in diameter and is located at the bottom of the 
field of view. Measurements utilizing hot ammonium 
hydroxide imaged against a cold background resulted 
in similar images (albeit at substantially reduced 
signal to noise ratios) where the plume was bright and 
the background was dark. 

Another use of imaging LIDAR is the measurement 
of velocity profiles. Applications include wake vortex 
measurements for aircraft, wind shear detection, and 
vibration signature measurements for identification. 
In another experiment, active mode images were 
recorded by illuminating the target with a portion of 
the LO laser beam which had been shifted in 
frequency by 40 MHz using an acousto-optic modu- 
lator. The resulting Doppler image is recorded using 
an 8 x 8 HgCdTe array with discrete electronics for 
each pixel element in the array. Figure 7 shows the 
active image of a vertical squirrel cage fan where each 
pixel is rendered to represent the peak Doppler shift 
measured with the detector at the corresponding 
location in the image plane. The moving target 
scatters incoherently and thus speckle effects do not 
degrade the image. The measured Doppler shifts 
are consistent with the known rotational velocity of 
the target. 

Speckle effects associated with coherent mixing 
of laser light reflected from an extended target 
(constructive and destructive interference) are a 
major source of noise in LIDAR measurements. 
These speckle effects can be reduced by signal 
averaging. For single detector LIDAR, averaging 
over many transmitter pulses can reduce speckle 
but this technique also reduces temporal resolution. 


<A-o0orm< 





Figure 7 Doppler image of a rotating squirrel cage fan. 


The alternative considered here is to sacrifice spatial 
resolution by averaging over an array of detectors, all 
of which record the signal returned from a single 
transmitter pulse. Detectors separated by a coherence 
area diameter will record signals that approach 
statistical independence, and in this case speckle 
effects can be reduced by an amount approaching 
the square-root of the number of detectors in the 
subarray. 

The following laboratory experiment demonstrates 
speckle reduction by spatial averaging with a fixed 
focal plane array. The receiver used in this experiment 
consists of a 3 X 3 array of HgCdTe detectors. The 
50-micron diameter detectors are arranged in a 
square pattern, with 100 micron center-to-center 
spacing. Custom electronics multiplex the output of 
each detector for subsequent processing. As with the 
velocity profile experiment, LIDAR illumination is 
produced by frequency shifting a portion of the LO 
beam by 40 MHz with an acousto-optic modulator 
prior to illuminating the object field. Polarization of 
the illumination beam in the experiment is parallel 
to the LO prior to scattering from the target. 
The measured receiver bandwidth, limited mostly 
by the dewar design, is about 100 MHz, which 
permits the acquisition of the 40 MHz heterodyne 
signal. The collection optic consists of a 38 mm f/2 
asphere which produces a 2 mm diameter pixel image 
at a 3 m object distance. 

The target for this experiment is a 30 cm diameter 
disk coated with an aluminum powder. The particle 
size of this powder ranges from 1 to 100 microns as 
determined by electron microscopy. The disk is 
attached to a stepper motor that is incremented 
between frames to provide statistically independent 
speckle fields. Figure 8 shows the distribution of 
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Figure 8 Speckle reduction using spatial averaging over a 
coherent array. 
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measurements taken with a single pixel superimposed 
on the distribution taken by averaging over the focal 
plane array. A reduction in speckle noise by a factor 
of the square root of the number of averaged pixels is 
obtained as predicted. 

In this chapter, an overview of imaging LIDAR 
systems has been presented. Imaging LIDAR system 
design, performance, and application were discussed. 
With new technology developments in wide-band- 
width QWIP detector arrays, thermo-electrically 
cooled detectors, and compact sources, substantial 
potential exists for imaging LIDAR systems in the 
next generation in remote sensing. Due to the 
parallel, multifunction measurement capability of 
these new receivers a single sensor system can provide 
three-dimensional information, including range, 
shape, velocity, and chemical composition. In 
addition to the sensor fusion advantages, snapshot 
imaging allows the capture of high-speed, rapidly 
evolving events that elude present scanning systems. 


See also 


Environmental Measurements: Doppler lidar. Imaging: 
Infrared Imaging. 
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Introduction 


The ability to project an image onto a screen in a 
darkened room has been known since antiquity and 
Leonardo da Vinci (1515) precisely described prin- 
ciples of the Camera oscura. When one exposes a 
paper sheet directly to sunlight, it is uniformly 
lighted. However, if one pierces a little hole through 
the paper sheet then an image of the sun can be 
displayed on a screen beyond the hole (Figure 1). 
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Similarly, the shape of the light spot we can see in a 
dark room, from the rays passing through a small 
aperture of a closed shutter, is not that of the aperture. 
Generally, the spot has a circular shape, as an image 
of the sun. Actually, it is neither a shadow of the hole 
nor an image of the sun but a combination of both. 
Light incident on an aperture contains the entire 
information about the light distribution of the object, 
but this information has to be ‘deblurred’, or 
decoded. The aperture acts as an elementary spatial 
2D-filter that selects and preserves the direction and 
intensity of light rays coming from each point of the 
scene. The projection on the screen of each pencil of 
light passing through the hole is a small light spot, the 
geometry of which is the same as the aperture, and 
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Figure 1 Principle of darkroom. 


the intensity is proportional to that of the emitting 
point. The smaller the hole, the more detail the image 
exhibits, but with less luminosity. Thus, we must 
adopt a compromise between the resolution and the 
illumination of the image. 

Now, if the mask has several holes, the amount of 
light reaching the screen, being proportional to the 
whole aperture area, is extensively increased. On 
the other hand, as each hole displays an image on the 
screen, the overlapping of these multiple images gives 
a new but blurred image. However, the information 
exists and we should be able to retrieve it if we know 
the characteristics of the complex aperture. This is the 
basic concept of multiplex imaging. The crucial 
question is: what is a good aperture design and a 
good way to reconstruct images having high resol- 
ution and with high illumination levels? The suitable 
masks with this aim are named synthetic apertures. 

Porta (1589) and Kepler (1611) found the perfect 
solution, by setting up a lens in front of a large hole. 
Indeed, one can regard a lens as a wide aperture made 
of continuously juxtaposed microprisms (Figure 2). 
The lens obtains such refractive properties that the 
image displayed by each of these microprisms is 
moved toward a center. Moreover, as the angle of the 
microprisms varies continuously, it focuses on a single 
point, all the rays coming from a given object point. 
Thus, the blurring is suppressed and the illumination 
is increased. The way was opened toward the inven- 
tion of optical instruments and photography and the 
‘pinhole’ has fallen into oblivion for a long time. 

Two new problems awake interest in synthetic 
apertures, around 1960. First, the domain of imaging 
has extended out of visible light: infrared and 
ultraviolet light, y-rays, X-rays, ultrasound waves, 
and others. Materials suitable for making lenses or 
mirrors, operating with such waves, are expensive or 
often do not exist. For example, most of the 
transparent materials have a refractive index close 
to 1 for y-rays and X-rays. However, some are 
opaque enough to enable the use of masks. 


Microprisms 

















Figure 2 A lens can be modeled as a juxtaposition of 
microprisms with continously variable angles. 


The second challenge appeared with progress in 
astronomy. In order to explore the universe more, 
further from Earth and closes to the Big Bang, 
astrophysicists needed telescopes providing very 
high luminosity and high resolution, since distant 
stars, nebulae, and other galaxies are extremely weak 
and small luminous objects. This exploration can be 
achieved by increasing the diameter of the primary 
mirror of telescopes. Indeed, due to diffraction of 
light by the pupil of the primary mirror, the 
theoretical limit of resolution of a telescope (i.e., the 
smaller distance between two points that one can 
discriminate), is inversely proportional to the diam- 
eter of the mirror. In addition, the illumination is 
proportional to its area. However, the working of 
large mirrors is a technical prowess that is very 
expensive and has high risks. Defect of a fraction of 
micrometer when polishing the surface can have 
dramatic consequences, e.g., Hubble. Also, such 
mirrors, being heavy, can bend out of shape under 
their own weight. Nevertheless, outstandingly large 
telescopes have been implemented, based on Adaptive 
optics: the deformations of the mirror are measured 
in real time by an interference method and compen- 
sated by activating a mosaic of jacks (New Technol- 
ogy Telescope — NTT - European program, 1989). 
Another way consists in replacing the solid-state 
mirror by a mosaic of 36 mirrors accurately directed 
(Keck telescope, USA). However, in either case, the 
mirror diameter does not exceed 8 to 10 meters. 
Synthetic apertures could be a solution to that 
difficulty, as earlier demonstrated by Fizeau (1868) 
and Michelson (1890). 

In the first part of this article, any fundamentals are 
briefly recalled about properties of light and imaging. 
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The second part describes recent experimental 
methods and results obtained in synthetic aperture 
imaging. The last part reports the important programs 
in progress today relating to stellar interferometry. 


Background 


Electromagnetic Waves Propagation 


Light power, which is involved in image formation, is 
carried by the electric field of an electromagnetic wave 
(Figure 3). The electric field E has properties of a 
vector orthogonal to the direction of propagation N of 
the light ray. It is characterized by its amplitude Eo, the 
angular time frequency of vibration w, and the wave- 
vector k, which specifies the propagating direction of 
the ray. Let P(d) be a current point on a plane wave- 
front, defined by the position vector d from the origin 
of the reference frame. The electric field propagation 
of a monochromatic wave is expressed as: 


E(d, t) = Eo expli(k-d — ot)| [1] 


The light power carried by the - electromagnetic field 
is proportional to I = IIE oll? = E-E* where E” is the 
complex conjugate of E. The time frequency v= 
w/27, or the wavelength A= c/v, where c is the 
electromagnetic wave celerity, characterize the hue of 
the light. The wavevector k = Nac, where IINIl = 1 is 
an angular space frequency vector, as 7 = N/A = Noe 
is a space frequency vector. We have k = 27H. As Aisa 
constant for a given monochromatic light, # defines 
the direction of propagation of a ray. 


Spatially Coherent Light 


Consider a very small source stated as the point 
source S,, emitting uniform lightwaves in any 





y 


Figure 3 Electromagnetic wave propagation. 





Figure 4 Spatially coherent light. 


direction (Figure 4). The wave reaching a farfield 
point, P, from $,, propagates along a direction 
defined _by the wavevector k;. The vectors k; and 
d, = S;P are collinear. Another point source, S) is 
characterized from P by the wavevector k3, such that 
ky and dy = SP are collinear. When the distances dj 
and d) are close to each other, the amplitudes Eo, and 
Ep of the waves at P are proportional to those of the 
corresponding emitting sources, $; and S;. According 
to the principle of superposition, the resulting field at 
the point P, E = E, + Ey, and the instant wavevector 
k, are unique vectors. 

If S; and S, are two synchronous sources, the 
amplitude Eg of E and the wavevector k are constant 
versus time at any point P. This is still the case when 
an extended object is made of an arrangement of 
synchronous points. That situation defines a spatially 
coherent object. Thus, one cannot recover multiple 
data about the object’s distribution, from the field 
framework at a single point P, since the relationship 
between the two is multi-unequivocal. Nevertheless, 
due to diffraction, one can retrieve them by knowing 
the complex amplitude distribution of light on a set of 
wavevectors available over an extensive area of a 
screen. Let Eo() be the amplitude of the electric field 
at the object point M(7) and let Eo(7) be the one 
diffracted by the object to farfield toward the 
direction corresponding to the space frequency 7. 
Fourier transforms give the connection between Eo), 
and Eo (i): 


Ey”) = | Eo?) exptiaaiv-ndi, 
; : [2] 
hea | Bac ‘eet ide 


This is the situation encountered when an object is 
illuminated by a laser or by a point source such as a 
single star. 


Spatially Incoherent Light 


When the point sources S; and S are independent - 
spatially incoherent — both wavevectors k; and k 
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Figure 5 Spatially incoherent light. 


coexist at the point P, each characterizing the 
angular position of S$; and S, (Figure 5). If S$; and 
Sy are part of an extended intensity distribution 
I)(7), fans of wavevectors and fields are mixed at 
P, each coming from an independent point source 
S. Together, they carry the whole data on the 
object distribution. Those data are partially uncor- 
related at any two points P and P’ on a screen, 
related to the different optical paths from any 
point § to P and P’ and to the finite time of 
coherence of light. The correlation between data 
available to farfield in two directions 7 and 7 from 
the object, is given by the mutual intensity 
function, ['(8%) = f E(#)-E"(v + 8”)dv, where 87 = 
n —n. Fourier transforms give the relation between 
Ip(7) and T(8n): 


T(si) = Ke ees ide 
[3] 
I@ = | TSH) exp[—i2.18#7 ]1d3% 


Therefore, by drawing a map of I'(87”), one can 
recover the object distribution Ip(7) by a Fourier 
transformation. Most of time, one uses the spatial 
degree of coherence function, (87) = I'(8%)/T(0). 
When the object illuminates a screen, at a large 
distance d, the degree of coherence of light between 
two points P and P’ on the screen is ydp/Ad), 
with 56 = pp’. The 2D extension of y(8p/Ad) defines 
the area of coherence of light on the screen. The 
width of the area of coherence, Ap, and that of the 
object distribution, Ar, are inversely proportional: 


Ap: Ar ~ Ad [4] 


If a mask perforated by two pinholes, separated 
by a distance 6p, replaces the screen, one can 
observe Young fringes of interference beyond 
the mask, the visibility of them being precisely 
y(8p/Ad). Therefore, one can built a map of 
y(8p/Ad) versus 5p from a set of 2D measurements 
of visibilities of fringes, then reconstruct the object 
distribution by a Fourier transformation. 


Notice that the entire data of the object distribution 
is available from a single coherence area. That is, a 
pinhole covering exactly one area of coherence would 
select the entire available data from the object and 
would display to farfield the most accurate image 
possible. Generally, such a pinhole is so small that 
practically no light passes through it. However, we 
can regard each area of coherence as an independent 
channel of information. Then an imaging device 
based on a juxtaposition of such reduntant channels 
can be considered as a multiplex imaging device. 

Self-luminous objects such as extended or double 
stars, and artificial thermic sources are spatially 
incoherent sources. 


Multiplex Imaging 


Methods of multiplex - or lensless — imaging are 
performed either with coherent of incoherent light. 
The very different properties of the two types of light 
leads to completely different methods, even if all are 
related to holography. Holography with coherent 
light is an interference method for local recording of 
both the direction and modulus of the wavevectors 
and the amplitude of the field contained in many 
juxtaposed grains of speckle, scattered by the object. 
Each grain is an independent channel of imaging. 


Synthetic Apertures with Spatially Incoherent 
Objects 


As interferences are impossible by this method with 
incoherent light, we must improve other methods of 
imaging. Synthetic aperture is a concept consisting of 
using a redundant multichannel system to increase 
the luminosity of images without loss of resolution. 
The basic principle is that of a multiple holes 
darkroom. The processing is in two steps: recording 
and reading the image. The recording step consists in 
illuminating a photosensitive receptor with the object 
through a mask (Figure 6). Generally, the receptor is a 
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Figure 6 Principle of synthetic aperture: recording. 
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photographic plate. Obviously, the light distribution 
on the plate is blurred. Indeed, any elementary 
transparencies on the mask project on the receptor 
inverted images of the object located the shadow of 
the mask. Such a distribution is expressed by a 
convolution. Let O(x, y) be the conical projection of 
the object on the receptor and Z(x, y) that of the 
mask. The shadows distribution on the receptor is 
(the variable being normalized): 


I'(x', ) = Z(x, y) * O(x, y) 


é | Ze. yO! — x,y —y)dedy [5] 


The reading step is a decorrelation processing from 
the recorded intensity (Figure 7). It consists in 
achieving a new correlation of I' with an arbitrary 
function T: 


I(x, y) = T(x, y) * [Z(x, y) * O(x, y)] 
= [T(x, y) * Z(x, y)] * O(x, y) [6] 


R[x, y] = [T(x, y) * Z(x, y)] is the system point spread 
function (SPSF) of the processing. It expresses the 
image distribution of a single-point. The perfect 
image is obtained when R(x, y) is a 2D Dirac — or 
delta— distribution, 6(x, y): 


R(x, y) = &x,y), as | &. yO(x! — x,y — y) 
x dx dy = O(x', y’) [7] 


Fresnel zone plates 

First Mertz and Young used Fresnel zone plate (FZP) 
as a synthetic aperture for X-ray imaging purposes. 
FZPs are made of alternate transparent and opaque 
concentric crowns of equal area. The radius of the mth 
circle is 7,,/n, 7; being the smallest. When illuminated 
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Figure 7 Synthetic aperture: reading. 


by a cylindrical light beam, the FZP is a multiple foci 
diffractive lens (Figure 8). 

The reading step is either analogical or numerical. 
Through the analogical method, we consider the 
recorded plate as a pseudohologram (Figure 9). When 
the ‘shadowgram’ is lighted with a parallel beam of 
laser light, the FZPs recorded around each point 
concentrates the light on its foci. Then an image of the 
object is reconstructed on the focal planes; a method 
that is simple and elegant. Nevertheless, the proces- 
sing is not linear since we record an intensity 
distribution at the recording step, while the reading 
step by diffraction involves amplitude. Moreover, the 
S/N ratio decreases as the amount of data increases, 
recorded on the photographic plate because of its 
finite dynamic. 

Mertz and Young had the idea of using a second 
FZP to perform the deconvolution processing by 
optical methods. In this case, the SPSE, R(x, y), is the 
autocorrelation function of the FZP transparency 
(Figure 10). It presents a narrow central peak, 
emerging from a pyramidal ground (Figure 11). 
The optical setup is the same as the recording step. 
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Figure 8 Properties of FZP. 
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Figure 9 Recording and analogical reading with a FZP. 





Figure 10 Optical decorrelation. 


available. Various dual-band RF energy harvesting systems has been 
demonstrated*”™, however a large signal analysis of the rectifier was 
commonly not provided over a broad input power range. A dual- 
band RF energy harvesting using frequency limited dual-band 
impedance matching has been proposed” and the PCE was shown 
over a high power range of 0 to 160 mW, however it was only 
matched at a single input power level (10 dBm). A CMOS dual- 
narrowband energy harvester circuit was modeled at environmental 
power levels*’. Again, the rectifier efficiency was demonstrated with 
only single input power levels of —19 and —19.3 dBm at 2 GHz and 
900 MHz respectively, and a large signal analysis was not presented. 
A compact dual-band rectenna operating at 915 MHz and 2.45 GHz 
has been demonstrated”* and the PCE was shown for input power 
levels of —15, —9 and —3 dBm. However, the reflection coefficient 
was evaluated at a single incident power level. Furthermore, the 
efficiency results with dual-tone excitation simultaneously and sin- 
gle-tone excitation (at 915 MHz) are very similar, hence the impact 
of applying a dual-band technique does not demonstrate a clear 
advantage over a single band. A dual-frequency rectenna for WPT 
has been proposed” which achieved a conversion efficiency of 84.4% 
and 82.7% at 2.45 and 5.8 GHz with a high input power level of 89.84 
and 49.09 mW respectively. These power levels far exceed ambient 
levels in the environment’. A conformal hybrid solar and electro- 
magnetic (EM) energy harvesting rectenna has been presented and 
the PCE was provided with —30 to 5 dBm input power, achieving an 
efficiency up to 40% at 1.85 GHz for higher input power levels (above 
—5 dBm). However the reflection coefficient was not provided at low 
input power range. 

A multi-resonant rectenna that uses a multi-layer antenna and 
rectifier has been evaluated for a —16 dBm to +8 dBm RF received 
power level, but the rectifier circuit layout and large signal analysis 
were not provided to clarify the findings”. Furthermore, a rectenna 
for triple-band biotelemetry communications has been proposed 
using a triple-band antenna and single frequency rectifier’®. 
However, this rectenna is not suitable for RF energy scavenging 
due to the low efficiency at lower input power levels. Another triple 
band rectenna presented an RF-DC efficiency over the input power 
range of —14 to +20 dBm’, however the reflection coefficient 
results were only evaluated at a single input power level. This rec- 
tenna was shown to harvest 7.06 tW of DC power from three 
sources simultaneously at a high input power level of +10 dBm. A 
multi-band harvesting system has also been proposed where four 
individual harvesters are designed to cover four frequency bands”. 
However, a large signal analysis was not provided over a broad input 
power range. Furthermore, the proposed harvesting system has a 
minimum sensitivity of -25 dBm, whilst in a real environment more 
sensitive systems are required as the available RF power levels are 
very low”. 

Tunable impedance matching networks have been demonstrated 
in order to collect RF signals from various sources and convert them 
to DC power”’. However from an application point of view, this is still 
single frequency rectification and it is not widely applicable to envir- 
onmental RF energy scavenging where the available power is very 
low. 

In order to increase the amount of RF energy scavenged by a 
rectenna, it is crucial to identify and harvest multiple ambient fre- 
quency sources over their realistic available energy range. Our pre- 
vious research has demonstrated the feasibility of RF energy 
harvesting through RF field investigations and maximum available 
power analysis in metropolitan areas of Melbourne, Australia’. The 
maximum available power for different frequency bands based on 
antenna aperture and number of antennas in a given collection area 
was analyzed. Measured results and analysis indicated that cellular 
systems and broadcast sources are well suited to harvesting, with 
scavengeable RF power ranging from —40 to —10 dBm. This iden- 
tifies two important considerations in the design of efficient rectenna 


for RF energy harvesting: the scavengeable ambient RF power 
sources available, and the significant variance of this power. 

The RF to DC rectifier solutions proposed in recent literature have 
focused on maximizing the system efficiency at a given, and often 
quite high, input power level. This neglects the issues related to input 
power variation which can lead to unexpected variations in the 
matching network due to diode non-linearity. Also, the scavangeable 
levels of ambient RF power have been shown to be orders of mag- 
nitude lower. Therefore, based on our previous research outcomes 
and recommendations”, an efficient power harvesting solution 
could encompass a multi-band matching circuit at the specific fre- 
quencies where maximum signal power is available, enabling greater 
power harvesting due to the combination of RF signals. This also 
results in a higher power being fed to a single rectifier, utilizing the 
diode function more efficiently. 

This paper presents an RF energy harvesting method that can 
scavenge a wide range of ambient power levels which are orders of 
magnitude lower than previous reported techniques in the literature. 
An efficient dual resonant rectifier circuit is proposed, matched to a 
50 Q input port at 490 and 860 MHz over a broad low input RF 
power range from —40 to —10 dBm. The proposed dual resonant 
matching network operates efficiently at two identified harvesting 
frequency bands over a wide input power range, maximizing DC 
power by scavenging two sources simultaneously. 

The remainder of this paper is organized as follows. First, the key 
results for the reflection coefficient and output DC power are pre- 
sented. Subsequently, the Discussion section summarizes the results 
and demonstrates their potential implications, the limitations of this 
study, open questions and future research. Finally, the Method sec- 
tion describes the proposed rectifier design. 


Results 

A dual resonant rectifier was fabricated on a 1.58 mm FR-4 substrate 
with a dielectric constant €, ~ 4.5 anda loss tangent 6 ~ 0.025. These 
substrate parameters were measured using the Nicolson-Ross 
method” so accurate values could be used in the rectifier design. A 
photograph of the fabricated dual resonant rectifier is shown in Fig. 1 
which depicts input RF port, dual-band matching network lumped 
components, Schottky diodes and the output terminal. The perform- 
ance of the rectifier was verified by measuring the input reflection 
properties, and the output power was calculated from the measured 
output DC voltage for the input powers from —40 to —10 dBm. 


Reflection Coefficient. The |S,;| of the rectifier was evaluated using 
a vector network analyzer (VNA). The VNA was re-calibrated for 
each input power level. Figure 2 compares the simulated and 
measured |S,,| versus frequency for the dual resonant rectifier 
circuit at four different input power levels from —40 to —10 dBm. 
The measured results show very good agreement to the simulations. 
Slightly higher reflection was observed for the resonant frequencies 
at the lower part of the input power range (due to the diode 
characteristics). However, the proposed rectifier circuit is well- 
matched (|S;;| < —10 dB) at the desired frequency bands of 
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Figure 1 | Fabricated rectifier prototype. 
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Figure 11 System point spread function with a Fresnel zone 
plate. 


The FZP scale factor only must be adjusted to 
compensate for the magnification ratio generated by 
the conical projection at the recording step. 

In either digital or analogical deconvolution, the 
image reconstructed is accurate, with good sharpness, 
if the number of zones is sufficient. Ceglio et al. 
obtained relevant images of 8 ym targets with FZP 
having 100 zones. Nevertheless, the multiple foci of 
FZP induces decreasing of the S/N ratio which is an 
important limitation. Besides, we pointed out above 
that the larger the object, the more the decrease in the 
S/N ratio. 


Random and uniformly redundant arrays 

Dicke and Ables substituted a random array to the 
FZP. The mask is made of randomly distributed 
holes and the expected advantage is doubled. First, 
one can reduce the transparent area of the mask by 
less than 50% in order to increase the S/N ratio 
when the object is wide. Second, the autocorrelation 
function of such an array is theoretically a Dirac 
distribution when its width is infinite. Thus, one can 
hope to narrow the system point response. However, 
when the width is finite, the pyramidal ground of the 
point response mentioned above is present and the 
advantage is not clearly demonstrated. In order to 
correct this effect, Chris Brown used a ‘mismatched’ 
function, for the postprocessing deconvolution. This 
function is calculated, first by achieving the comp- 
lement of the recording mask function, then 
subtracting from it. Thus, the 1 transparencies result 
in +1 while the 0 transparencies are changed by — 1. 
Brown shows images digitally reconstructed of 
X-ray sources, 30sec. of arc wide. Fenimore and 
Cannon conceived a uniformly redundant array. The 
center random motif of the mask is half replicated 
on each side with only the center area being used for 
the recording step. The deconvolution is calculated 
by taking into account the whole area in a 
mismatched way. The result is an exact delta 
function. The authors show images of 200 um- 
wide microspheres with a similar resolution but a 
signal 7100 times stronger than with a comparable 
pinhole camera. 


Theta Rotating Interferometer 


The theta shearing interferometer enables us to 
record complete data from the Fourier transform of 
a spatially incoherent object (Figure 12). The source 
can be any natural one, but monochromatic. This is 
easily practicable using a good filter or 
monochromator. 

The device is based on a Michelson interferometer, 
the plane mirrors being replaced by two roof prisms. 
One of the roof prisms is fixed so the other can rotate 
around the axis of the interferometer. As a result, we 
have two images of the object. Let 6 be the angle 
between the two edges of the prisms. The angle 
between the images is 20. Since the original object is 
noncoherent, and two homologous points being 
mutually coherent, the light they emit interferes, 
resulting in fringes. 

The intensity, space frequency, and direction of the 
fringes characterize the intensity and the position of 
the point source. One shows that the farfield visibility 
distribution of fringes V(8”) and the object distri- 
bution O(@) are related by Fourier transforms: 





aha Weis ba ] dF 
Vien [Oc exo] inn lee 

ror 7 _. HF A. 
O(7) = | V(8n) exp| ida ae |esi 


Then, one can see that the visibility of the interference 
pattern is an image of the degree of coherence (87), 
with a scale factor 1/2 sin 0. 

Such a pattern recorded on a photographic plate is 
a Fourier hologram of the noncoherent object. An 
image can be reconstructed by diffraction at infinity 
or near a focus (see Figure 13, examples performed in 
1972 by the author). The technique was successfully 
applied to the determination of the modulation 
transfer function of optical systems. C Roddier 
and F Roddier applied the method to astronomy. 
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Figure 12 Theta shearing interferometer. 
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Images 


Figure 13 Incoherent light holograms. 


For instance, they examined Alpha Orionis and 
discovered the evolution of its dust envelope and 
the possible existence of a companion. 


High Resolution Imaging in Astronomy 


In astronomy, the limit of resolution depends chiefly 
on two factors. The first is a technical one. Adaptive 
optics and very large telescopes (VLT) brought 
spectacular progress to clarity and resolution of 
telescopes. The 8.2m VLT of Kueyen set up in 
1989, shows images easily resolved of HIC 69495 
Centauri, separated by 0.12 sec. of arc. Nevertheless, 
working of large mirrors for telescopes reaches its 
limits. Therefore, their clarity remains too weak. On 
the other hand, atmospheric turbulences make the 
refractive index of air unstable and the position of the 
images in the focal plane of telescopes unsettled. 
Thus, the point response is a granular spot named 
‘speckle’. Short exposure times relieve that inconve- 
nience, but they prohibit the observation of weak 
stars. In 1970, Labeyrie proposed a method of speckle 
interferometry consisting of a statistical analysis of a 
set of speckles. The result is a display of a diffraction- 
limited image. He resolved many tens of single and 
double stars. Only Hubble, above the atmosphere, is 
able to do it by direct imaging. However, the primary 
mirror of Hubble being only 2.40 m wide, has clarity 
much lower. Stellar interferometry is a very promising 
alternative solution. 


Principles of Stellar Interferometry 


Stellar interferometry is based on eqn [3]. The light 
emitted by double or wide stars is noncoherent, so that 
one can access an image of them trough 2D 
measurements of the degree of coherence of light. 
We showed above that one could achieve this by using 
interference devices such as Young holes. Eqn [3] 
shows that if we measure the visibility of Young fringes 
at increasing distances 5p between the pinholes, the 
distance Ap from which the visibility is zero gives the 
angular width of the star, Aa, under the formula: 


Ap Aa~ aA [9] 
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Figure 14 Stellar interferometer of Michelson. 


where Aa = Ar/d. In the case of a double star, the 
visibility varies periodically versus 59 when the 
pinholes are aligned along the axis of two stars. Let 
Aa be the angular distance between the stars: the 
smallest distance Ap for which the visibility is zero is 
given by: 


Ap:Aa = X/2 [10] 


The larger the uttermost distance between the holes, 
the more the limit of resolution of the processing is 
potentially sharp. 

In order to exploit this idea, Stephan placed and 
rotated a mask with two holes in front of the 
objective of a refractive telescope. He established 
that the diameter of the stars he observed was much 
less than 0.16 sec. of arc. Then, Michelson built up, 
on top of a 30cm refractive telescope, a stellar 
interferometer consisting of two arms catching the 
light at 7 m of distance from each other (Figure 14). 
He measured correctly the diameter of the satellites of 
Jupiter. Hale carried the distance of the base up to 
15 min 1920. 


The Two Telescopes Interferometer of Labeyrie 


In 1975, Labeyrie improved the idea by setting up 
two separate 25 cm diameter Cassegrain-coudé tele- 
scopes on a 12m baseline, oriented north-south 
(Figure 15). The setting and mechanical stability of 
the device are extremely sensitive. The tolerances do 
not exceed any pm. A mobile table near the common 
focal plane of the two telescopes compensates for the 
optical path differences due to stars tracking. In spite 
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Figure 15 The two telescopes interferometer of Labeyrie. 


of the acute difficulties, he succeeded in observing 
fringes on Vega. He obtained a resolution of 0.01 sec. 
of arc versus 0.5 sec. with a single 25 cm telescope. 
Later, one telescope was rendered mobile bringing 
the base width variable between 4 and 67 m. The 
resolution reaches up to 0.00015 sec. of arc. Note 
that the rotation of Earth also enables east-west 
analysis with resolution of 0.005 sec., and today, the 
25 cm telescopes are replaced by 1.5 m ones. 


The Very Large Telescope Interferometer (VLTI) 


The two telescopes interferometer of Labeyrie is a 
first step toward a very ambitious project: the 
telescope at synthetic aperture and very large base. 
Proofs of reliability of such a principle was already 
given by the very large array (VLA) experimented in 
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Photon density wave imaging (PDWI) employs 
diffused light, usually in the near-infrared band, 
for imaging inhomogeneous structures in a highly 
scattering medium. The other names for PDWI are 
diffuse optical tomography and photon migration 
imaging. The term photon density wave (PDW) 
refers to the wave of light density spreading in the 
highly scattering medium from the source whose 
power changes in time. Therefore, rigorously speak- 
ing, photon density wave imaging uses intensity- 
modulated light sources, such as pulsed lasers, or 


radio astronomy. Labeyrie with Lena, and the team of 
the ESO (Ecole Supérieure d’Optique, Paris), ima- 
gined a very large telescope interferometer (VLTI) 
made of 6 telescopes of 2 m, in a 2D structure on a 
base of 100 m. The European VLT]I was built at Cerro 
Paranal. It is made of four 8.2 m telescopes corrected 
in real time by adaptive optics (NTT technology) and 
three 1.8m telescopes. The fourth 8.2 m telescope 
was put in service in 2001. Some days, each of the 
8.2 m telescopes used separately gives a resolution 
close to that of Hubble. However, the clarity is much 
better because of the larger primary mirror diameter 
(8.2 m against 2.4 m). In May 2003, the team of J-G 
Cuby observed a galaxy the farthest away ever seen, 
only 900 millions years old since the Big Bang. 
Obviously, a drastic gain of resolution (by a factor 10) 
is expected from the interference configuration. 


See also 
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imaging. Instrumentation: Telescopes. Interferometry: 
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sources whose power is harmonically modulated. 
However, many applications employ steady-state 
light sources. Most applications of PDWI are in the 
field of imaging of biological tissues, including 
medicine and cognitive neuroscience. 

As in the other imaging methods, such as x-ray, 
computed tomography (CT) or ultrasound imaging, 
the problem of PDWI consists in the reconstruction of 
the internal structure of the medium from the 
measurements made outside the medium (on its 
surface). In the case of PD WI the internal structure 
of the medium is represented by the spatial distri- 
bution of its optical properties. The reconstruction 
procedure is essentially an iterative mathematical 
algorithm, which includes the modeling of the light 
propagation inside the medium assuming a certain 
distribution of the optical properties, and the 
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correction of this distribution to match the model 
prediction with the actual measurement. The model- 
ing part of the imaging problem is usually referred to 
as the forward problem, and the correction procedure 
is known as an inverse problem. 


Forward Problem: Photon Density 
Waves 


Unlike optically transparent media, in a highly 
scattering medium the coherence of light from the 
coherent source very rapidly decays with distance. 
This happens due to the interference of many 
randomly and multiply scattered light waves at 
every point of the medium that is distanced from 
the source much farther than the photon mean free 
path J, which is the mean distance at which a light 
wave undergoes a single scattering event. For 
biological tissues, where light scattering occurs on 
cell membranes and other heterogeneities of the index 
of refraction, | is typically about 1mm. Although 
high scattering eliminates the coherence of the 
electromagnetic waves at the short time intervals 
corresponding to oscillation at optical frequencies 
(~10~'>s), in the case of an intensity-modulated 
light source, the macroscopic wave of the density of 
light energy, called ‘photon density wave’, forms in 
the highly scattering medium. The properties of PDW 
depend on the type of the source modulation and on 
the local optical properties of the medium, which are 
the scattering coefficient 4, [cm '] and the absorp- 
tion coefficient yz, [cm ']. 

Because of the complexity and incoherence of the 
macroscopic electromagnetic field in highly scatter- 
ing media, i.e. media with uw, << p,, the funda- 
mental Maxwell equations of electrodynamics do 
not provide a convenient approach to the solution of 
the problem of light propagation in such media at 
distances much larger than /. Therefore, statistical 
approaches have been developed, such as the photon 
transport model and its diffusion approximation. In 
the photon transport model the light is characterized 
by the radiance L(r,Q,t) [W cm? steradian'] 
(where the steradian is the unit solid angle), which 
is the power of radiation near the point r propagat- 
ing within a small solid angle around the direction 0, 
at time ¢. The photon transport model accounts for 
the possible nonisotropy of the radiation flux. For 
the given spatio-temporal distribution of the optical 
properties, 4, and w,, and for the given spatial and 
angular distribution of light source power S(r, Q, t) 
[W cm > steradian”!] the radiance L(r,Q,t) can be 
found from the linear radiation transfer equation, 
also called the photon transport equation, or simply 


the transport equation (TE): 


1 aL, ae " 
5 EE V1 8,004 (Hy + wadLO GD 
= p, | La, O!, pf(0, O)d0! + Sar, 0, 1) [1] 


where f(,/) is the phase function, which rep- 
resents the portion of light energy scattered from the 
direction ©, to the direction /, and v is the speed of 
light in the medium. TE is equivalent to the 
Boltzmann transport equation describing the trans- 
port of particles undergoing scattering. 

Equation [1] is difficult to solve even numerically. 
Therefore, a hierarchy of approximations to the PTM 
was developed. This hierarchy, known as the Py 
approximation, is based on the expansion of the 
radiance in a series of spherical harmonics Yn(Q) 
truncated at n=N. In the P, approximation the 
coefficients of the series are proportional to the 
radiation fluence 


P(r, t) = | £6, 0,040, [2] 
and the flux 
Jap = | Le, 0, )0d0, [3] 


both having units of [W cm ~”]. By substituting the P, 
series for L(r,0,t) and S(r,Q,t) into eqn [1] and 
assuming isotropic light sources and sufficiently slow 
change of source intensity, one can obtain the 
equation that includes only ®(r,t) as the unknown. 
Usually, this equation 


U(r, t) 





vp, U(r, t) + — DAUG,t) = O@, ft) [4] 
is written in terms of the value U(r,t) = 10, t) 
[Jcm °], which has units of energy density, and is 
called the photon density. In eqn [4] D = v/(3u, + 
3) [cm/s] is the light diffusion coefficient, and pl, = 
u(1 — g1) [cm] is the reduced scattering coeffi- 
cient; g; is the average cosine of the scattering 
angle. The source term QO(r,t) [Jcm~*s '] in the 
right-hand side of the equation [4] describes the 
spatial distribution of light sources (in the isotropic 
approximation, i.e., neglecting the dipole and higher 
momenta of S(r,@,t)) and the temporal modulation 
of source intensity. 

Equation [4] is mathematically equivalent to the 
equation describing the density of the medium 
consisting of the particles undergoing linear diffusion. 
Therefore, it is called the diffusion equation (DE), and 
the P; approximation is also known as the diffusion 
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approximation. The diffusion approximation is valid 
under the following three conditions: (a) the light 
sources are isotropic or the distance between the 
source and the detector is much larger than /; (b) 
characteristic source modulation frequencies v are 
low enough that vu,/(2av) >> 1; and (c) wy << ph. 
In the biomedical applications of PDWI the condition 
(a) is fulfilled when the source—detector distance is 
larger than 1 cm. The condition (b) is valid when the 
characteristic modulation frequencies of the light 
source are less than 1 GHz. The condition (c) is 
fulfilled in most biological tissues, for which the 
scattering is highly isotropic, i.e. g) < 1. Thus, the 
forward problem of PDWI, ie., the modeling of light 
propagation, can be solved using the diffusion 
approximation in a large variety of situations. 

PDWs described by equation [4] are the scalar 
damped traveling waves, characterized by the coher- 
ent changes of light energy (photon density) in 
different locations on time intervals from micro- 
seconds to nanoseconds. Usually pulsed or harmoni- 
cally modulated light sources are used to generate 
PDWs. The properties of the PD Ws from a harmonic 
source are fundamental, because the PDW from the 
source of any type of modulation can be considered as 
a superposition of harmonic waves from sources 
having different frequencies using the Fourier 
transform. 

In order to get an idea of the basic properties of 
PDW, one can consider the analytical solution of [4] 
for the case of a harmonically modulated point-like 
source placed in an infinite homogeneous scattering 
medium. This solution is 


U(r, t) = Ug.(r) + U,(1) exp[—iwt + id(7)] [5] 


where U,,, Ug., and ¢ are the ac, dc and phase, 
respectively, of the wave measured at the distance r 
from the source, and w=27v. U,, Ug., and 
depend on the medium optical properties, source 
intensity Oo, modulation amplitude Ao, and initial 
phase w as 
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where x = @/(vu,). Equations [5]—[6] describe a 
spherical wave whose wavelength at uw, =0.1cm7! 
and uw. =8cm! (typical for biological tissues) and 
at modulation frequency v= 100 MHz, is close to 
35cm, so that the phase of the wave changes 
approximately by 10° per cm. In the same time, 
the wave decays exponentially at a distance of about 
3 cm, so that PDWs are strongly damped. A similar 
analytical solution in the form of a spherical wave can 
be obtained for the case of a semi-infinite homo- 
geneous medium and point source placed on the 
surface of the medium (see Figure 1). These analytical 
solutions are employed to measure pz, and py, of the 
homogeneous medium. The method is based on 
fitting measured ac, dc, and phase of the PDW as 
functions of source—detector distance by the analyti- 
cal solution. 

Inhomogeneities in the optical properties of a 
turbid medium cause distortion of the PDW from 
sphericity (see Figure 1). PDWs in homogeneous 
media of limited size or with strong surface curvature 
also usually have complex structure. For a limited 
number of configurations one can obtain solutions to 
the DE using analytical methods of mathematical 
physics, such as the method of Green’s functions. 
However, in practice the complexity of the inhomo- 
geneities and surfaces usually requires numerical 
solution of the DE. This can be achieved using 
numerical methods for the solution of partial 
differential equations, such as the finite element 
method and the finite difference method. The finite 
difference method can also be used to solve the TE. 
This may be necessary in situations when the DE is 
not valid, for example to accurately account for the 
influence of the cerebrospinal fluid (which has 
relatively low scattering) on light transport in the 
human skull. However, the solution of the TE 
requires formidable computational resources, which 
increase proportionally to the volume of the medium. 
Therefore, hybrid DE-TE methods were developed, in 


Surface of the medium 








Figure 1 Equiphase surfaces of the PDW induced by a point 
source in a semi-infinite homogeneous medium (solid lines) and in 
a medium including heterogeneity (dashed lines). 
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which DE is used to describe light propagation in 
most of the medium except small low-scattering areas 
described by the TE. 

One should note that although the term ‘photon’ 
suggests quantum properties of light, no consistent 
application of quantum theory to problems related to 
PDWI has been developed so far. Also, it should be 
noted that the notion of a photon as a particle of light 
having certain energy, momentum, and localization at 
the same time is not completely consistent with 
quantum electrodynamics. However, since the theor- 
etical models of light transport in a scattering medium 
(such as TE and DE) are mathematically equivalent to 
the models describing systems of randomly moving 
particles, the notion of a photon as a ‘particle of light’ 
may be accepted as adequate and is widely used in the 
limits of PD WI. 


Inverse Problem and Imaging 
Algorithm 


Mathematically the forward problem can _ be 
expressed in the form of a general nonlinear 
operator F: 


G = Fl{u,(r), w)}] [7] 


where G is the set of measured values (ac, dc, and 
phase), r is the coordinate vector of a medium 
element (voxel), and {,(r), u4(r)} denotes the set of 
tissue optical properties corresponding to whole 
collection of voxels. The problem of finding the 
spatial distribution of medium optical properties can 
be formalized as 


{ua(r), wo(t)} = Fo EG] [8] 


Neither the transport model nor the diffusion model 
allow inversion in a closed analytical form for a 
general boundary configuration and spatial distri- 
bution of optical properties. The basic reason for the 
complexity of the inverse problem is in the complex- 
ity of the light paths in the highly scattering medium. 
This situation is opposite to that in CT, where the 
x-ray radiation propagates through the medium 
along straight lines almost without scattering, 
which significantly simplifies the forward problem 
and allows its analytical inversion. From the 
mathematical point of view, the complexity of the 
inverse problem of PDWI is due to its nonlinearity 
and ill-posedness. Only approximate methods of 
inversion have been developed so far. 

The simplest method is called backprojection by 
analogy with the method of the same name used in 
CT. The method attempts to reconstruct the actual 


spatial distribution of the optical properties 4, and/or 
mw, from the ‘measured’ bulk values w™ and pi™ 
obtained at a variety of locations assuming homo- 
geneity of the medium. The measured values are 
considered as a result of the volumetric ‘projection’ 


(ue), wl} = J uot wah —e)Be [9] 


of the actual distribution, where r and r’ are the 
locations of the measurement and reconstruction, 
respectively. A weight function h(r) accounts for the 
contribution of the particular region to a measured 
value and should be derived from the forward model. 
Different versions of the backprojection method use 
different weight functions h(r). In the backprojection 
method the values of w, and/or ul are obtained by 
inverting the convolution [9]. In practice the con- 
volution integral is usually estimated by a sum over a 
limited number of voxels for a limited number of 
measurements. Therefore, the inversion of the con- 
volution reduces to the solution of the set of algebraic 
equations corresponding to [9]. The advantage of the 
method is high speed, which allows real-time imaging 
of the dynamic processes, for example, functional 
hemodynamic changes in the brain. However, the 
backprojection method provides a phenomenological 
rather than a self-consistent inversion of the forward 
problem, and its quantitative accuracy is low. 

A more consistent method is based on the 
perturbation approach to the solution of the inverse 
problem [8]. If we have an estimate {,(r), u4(r)}. 
that is close to the ideal solution, then G, = F[{u,(r), 
p4(r)}.] (see eqn [7]) is close to S. Then the difference 
G — G, can be written as a Taylor series: 


G— G. = Ji{ua(t), wh@}M{Apa(t), Aun} +... 


where J[...] is the Jacobian, and {Ay,(r), Apl(n)} = 
{Ma(t), Ms(0)} — (Malt), Ms(D)}e- Neglecting terms after 
the first one in [10], the problem of finding the cor- 
rection {Au,(r),Api(1)} to the estimate {u,(r), u4(r)}, 
reduces to the calculation of the Jacobian and to the 
solution of a linear algebraic equation. 

This approach provides a basis for the PDWI 
algorithm, which is the following. First one makes an 
initial guess at the optical properties of the medium. 
Then one calculates the ac, dc, and phase of the PDW 
using a model of light propagation through the tissue 
and the geometry of the source—detector configur- 
ation. The calculated values are compared with the 
measured ones. If the error is above a set tolerance 
level, one calculates corrections to the current values 
of w, and pt by solving eqn [10]. The algorithm is 
completed when the required error level is achieved. 
Thus, the PDWI algorithm iteratively applies both 


[10] 
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the forward and inverse problems. Since at each of 
many iterations one should solve the forward 
problem, which in the simplest case is a partial 
differential equation, the algorithm typically requires 
considerable computational resources. 

One should note that the success of the method is 
largely dependent on the closeness of the initial guess 
to the actual values of the optical properties. In many 
studies the ‘first guess’ of the tissue optical properties 
was obtained by measuring the bulk absorption and 
reduced scattering coefficients. However, because of 
the ill-posedness of the inverse problem, homo- 
geneous initial conditions did not always lead to the 
correct reconstruction. A more productive approach 
to the problem of the initial conditions is to assign 
approximate initial values of the optical properties 
known for example from in vitro measurements to 
different structures revealed by nonoptical imaging 
techniques, such as magnetic resonance imaging 
(MRI) or CT. 


Applications 


PDWI was proposed and developed as a noninva- 
sive biomedical imaging technique. Although the 
spatial resolution of PDWI cannot compete with 
that of CT or MRI, PDWI has the advantages of 
low cost, high temporal resolution, and high 
biochemical specificity. The latter is based on the 
optical spectroscopic approach. Biological tissues are 
relatively transparent to light in the near-infrared 
band between 700 and 1000 nm (a near-infrared 
window). The major biological chromophores in 
this window are oxy- and deoxyhemoglobin, and 
water. One can separate contributions of these 
chromophores into light absorption by employing 
light sources at different wavelengths. Multi-wave- 
length PDWI can also be used to measure the redox 
state of the cytochrome oxidase, which is the 
terminal electron acceptor of the mitochondrial 
electron transport chain and responsible for 90% 
of cellular oxygen consumption. 

One of the hot topics in cognitive neuroscience is 
the hemodynamic mechanism of the oxygen supply to 
neurons and removal of products of cerebral meta- 
bolism. High temporal resolution and biochemical 
specificity make PD WI a unique noninvasive tool for 
studies of functional cerebral hemodynamics, 
although light can penetrate no deeper than the very 
surface of the adult brain. Figure 2 displays a typical 
arrangement of light sources and detectors used in 
PDWI of functional cerebral hemodynamics, and the 
images of the activated area in the brain. 

Because of its low cost, noninvasiveness, and 
compact size of the optical sensors, PDWI is also 
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Figure 2 (a) Geometrical arrangement of the 16 sources and 
two detectors on the head of a human subject. Each one of the 
eight small red circles (numbered 1—8) represents one pair of 
source fibers at 758 and 830nm. Two larger green circles 
represent detector fiber bundles. The rectangle inside the head 
outline is the 4 x 9 cm? imaged area. (b) Maps of oxyhemoglobin 
([HbO3], left panels) and deoxyhemoglobin ([Hb] right panels) 
concentration changes at rest (top) and at the time of maximum 
response during the third tapping period (bottom). The measure- 
ment protocol involved hand-tapping with the right hand 
(contralateral to the imaged brain area). Adapted with permission 
from Franceschini MA, Toronov V, Filiaci M, Gratton E, Fantini S 
(2000) On-line optical imaging of the human brain with 160-ms 
temporal resolution. Optics Express 6(3), 49-57 (Figures 1 
and 4). 


considered to be a promising tool for mammography 
and structural imaging of anomalies in the brain. 
PDW1 is an especially promising tool for neonatology, 
because the infant tissues have low absorption. 
PDWI instruments employ lasers, light-emitting 
diodes and gas-discharge tubes as sources of light. 
Among the detectors there are photomultiplier 
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tubes, avalanche photodiodes, and CCD cameras. 
Both sources and detectors can be coupled with 
the tissue by means of optical fibers. A number 
of commercially produced near-infrared instruments 
for PDWI are available on the market. According 
to the type of source modulation, there are three 
groups of instruments: frequency domain (harmo- 
nically modulated sources), time domain (pulsed 
sources), and steady state. Steady-state instruments 
are simpler and cheaper than frequency-domain 
and time-domain ones, but their capabilities are 
much lower. Time-domain instruments can theor- 
etically provide a maximum of information about 
the tissue structure, but technically it is difficult 
to build a time-domain instrument with high 
temporal resolution and high signal-to-noise ratio. 
Frequency-domain instruments provide temporal 
resolution up to several milliseconds and have 
high quantitative accuracy in the determination of 
optical properties. 


Nomenclature 


Absorption coefficient, 4, [cm '] 

Alternating part of PDW, alternating current (ac) 

Average cosine of the scattering angle, 2; 

Circular modulation frequency, o [s ‘] 

Computed tomography (CT) 

Difference between the estimate and actual 
optical properties, {Aja(r), Aus(t)} = {a(r), ms(1)} 
—{Hal(t), L(t)}. [cm~"] 

Diffusion coefficient, D = v/(3u, + 34) [cm/s] 

Diffusion equation (DE) : 

Distribution of light source power S(r,Q,t) 
[W cm? steradian™ *] 

Divergence operator, V [cm™ '] 

Estimate of optical properties, {u(r), u4(1)}. [em] 

General nonlinear operator, F 

Jacobian, J 

Laplace operator, A [cm 7] 

Magnetic resonance imaging (MRI) 

Measured bulk optical properties (absorption and 
reduced scattering coefficients) {w™ yw} [cm~ '] 

Modulation frequency, v [s '] 

Non-alternating part of PDW, direct current (dc) 

Optical properties of the medium (absorption and 
reduced scattering coefficients) as functions of 
spatial coordinate, {,(r), u4(r)} [cm *] 

Phase as a function of source—detector distance (1) 

Phase function, f(Q, 0’) 

Photon density, U(r, t) [J cm >] 

Photon density wave imaging (PD WI) 

Photon density wave (PDW) 


Photon mean free path, / [cm] 

Radiance, L(r,0,t) [W cm steradian™ '] 
Radiation fluence, ®(r, t) [W cm 77] 
Radiation flux, /(r, t) [W cm *] 

Reduced scattering coefficient, ui [cm™~ '] 
Scattering coefficient, 4, [cm *] 

Set of measured values (ac, dc, and phase), G 
Set of predicted values (ac, dc, and phase), G 
Source term Q(r, 2) [J cm7?s7 1] 
Source—detector distance, r [cm] 

Spatial coordinate, r [cm] 

Speed of light in medium, v [cm/s] 

Spherical harmonics Y,,,,,(Q) 

Transport equation (TE) 

Weight function, h(r) 

x = ol(Up,y) 
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Introduction 


Conventional optical imaging is understood as an 
isomorphic mapping from an object space onto an 
image space. The object space is composed of 
scattering or emitting objects. The scattering objects 
can be opaque, transparent, or partially absorbing, 
while emitting objects can be as diverse as stars in 
astronomical imaging or fluorescent molecules in 
microscopic imaging. The image space is an optical 
field representation of the object. 

In most classical applications of optical imaging the 
goal is to optimize the mapping between one plane in 
the object space and one plane in the image space. 
Modern optical systems, though, are aimed at 
acquiring three-dimensional information regarding 
the object. The image is thus a three-dimensional field 
representation of the object. 

While many imaging systems are aimed at obtain- 
ing visually appealing images, many modern imaging 
systems register the field information in some type of 
sensitive device such as film or CCD cameras for later 
processing. This processing is typically performed 
electronically by a computer and the final image is 
ultimately a mathematical digital representation of 
the object. This type of imaging is called compu- 
tational imaging. An example of computational 
imaging is optical tomography, which involves the 
registration of a set of images that do not necessarily 
resemble the object, and off-line digital processing 
to obtain a three-dimensional representation of the 
object. 

In this article we will focus on imaging in the 
conventional sense but will also focus on the three- 
dimensional aspects of the image. 


Geometrical Optics Transformations 


In many optical problems it is appropriate to 
consider the wavelength of the electromagnetic 
wave as infinitely small. This approximation is the 
origin of the field of geometrical optics in which the 
propagation of light is formulated in terms of 
geometrical laws. Accordingly, the energy is trans- 
ported along light rays and their trajectories are 
determined by certain differential or integral 


equations that can be directly derived from 
Maxwell’s equations. One of these formulations 
uses Fermat’s principle that states the principle of 
the shortest optical path. The optical path between 
two points P, and P, is defined as: 


Po 
OP = | n(P)ds [1] 


Py 


where 7 is the refractive index of the medium. 
Fermat’s principle states that the optical path of a real 
ray is always a local minimum. 

In ideal optical imaging systems, every point P, of 
the so-called object space will generate a sharp image 
point P;, that is a point where infinite rays emerging 
from P, pass through P;. Perfect imaging occurs when 
every curve defined by object points is geometrically 
similar to its image. Perfect imaging can occur 
between three-dimensional spaces or between 
surfaces. 

An interesting result of geometrical optics is 
Maxwell’s theorem. This theorem states that if an 
optical instrument produces a sharp image of a 
three-dimensional domain, the optical length of any 
curve in the object is equal to the optical length of 
its image. More explicitly, if the object space has 
index m, and the image space index nj, the theorem 
states that: 


| n, ds, = | n, ds; [2] 
C, G 


where C; is the image of the object curve C,. 

An important consequence of Maxwell’s theorem 
is a theorem by Carathéodory which states that 
any imaging transformation has to be a projective 
transformation, an inversion, or a combination of 
them. Another consequence of this theorem is that if 
the two media are homogeneous, perfect imaging can 
only occur if the magnification is equal to the ratio of 
the refractive indices in the object and image space. If 
the media have the same index, the imaging is trivial 
with unit magnification. The simplest example of 
a perfect imaging instrument is a planar mirror. 
Therefore, if we want to achieve nontrivial imaging 
between homogeneous spaces with equal index, we 
must give up either the perfect imaging (similarity) or 
the sharpness of the image. 

The geometrical optics approximation is very 
useful in the design of optical imaging systems. 
However, it fails to provide a complete description 
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of wave optical effects, notably diffraction. There- 
fore, the following sections provide a description of 
field transformations based on wave optics. 


Systems Approach to 3D Imaging 


In this article we deal with linear imaging systems. 
Hence the relation between three-dimensional (3D) 
input (object) signals and 3D output (image) signals 
can be completely specified by the 3D impulse 
response or point spread function (PSF) of the system 
h(x, y,z;x'y/,2). This function specifies the response 
of the system at image space coordinates (x, y,z) toa 
6-function input (point source) at object coordinates 
(x', y’, 2’). The optical system object and image signals 
are related by the superposition integral: 


i(x, y,2) = NI, o(x!, ¥',2’)h(x, y, 23x" y',2’)dx! dy! dz’ 
[3] 


where Q, is the object domain. It is clear that for a 
generic linear imaging system the image signal is 
completely specified by the response to input impulses 
located at all possible points of the image domain. 

If the system is shift invariant, the PSF due to a 
point source located anywhere in the object domain 
will be a linearly shifted version of the response due 
to a reference point source. This approximation is in 
general not valid and the system’s PSF is a function of 
the position of the point source in the object domain. 
Shift invariance is traditionally divided into radial 
and axial shift invariance. Radial shift variance is the 
change in the image of a point source as a function of 
its radial distance from the optical axis. Radial shift 
variance is caused by lens aberrations. Axial shift 
variance is the change in the image of a point source 
as a function of its axial position, 2, in the object 
space. Axial shift variance is inherent to any rotation- 
ally symmetric lens system because they can only have 
one pair of conjugate surfaces, i.e., object—image 
corresponding surfaces. 

In most practical cases the image is detected at a 
single plane, z = z, transverse to the optical axis Oz. 
In those situations, we need to specify the impulse 
response on this plane: 


h(x, y,213%'y',2/) = halx, yix'y/) [4] 


The condition for lateral shift invariance is then 
expressed as h(x, y;x'y') = hy(x — x’, y — y'). In this 
case, the superposition integral is a two-dimensional 
(2D) convolution and it is possible to define the 
transfer function of the system that is the 2D Fourier 
transform of the impulse response h,(x — x’, y — y’). 


Point Spread Function for Coherent, 
Incoherent, and Partially Coherent 
Illumination 


The input-output relations of an optical imaging 
system relate different magnitudes according to the 
type of illumination. If the illumination is coherent, 
the system is linear in the complex amplitude, while if 
the illumination is fully incoherent the system is linear 
in intensity. The 3D impulse response of the 
incoherent (/},,) and coherent (/co,) systems are 
related as follows: 


2 
inc, y.2:x'y",2/) = boone y.z22'y",2)| [5] 


Notwithstanding, many optical systems cannot be 
considered fully coherent or fully incoherent. In these 
situations the system is said partially coherent. If the 
optical path differences within the optical system are 
much shorter than the coherence length of the 
illumination, the light effectively has complete 
temporal coherence and the magnitude of interest is 
the mutual intensity. The mutual intensity is defined 
as the statistical correlation of the complex wave- 
function U(r, t) between different points in space: 


J@1,12) = (U1, U2, D) [6] 


where r; = (x;, y;, 2), 4 = 1,2. The illumination is then 
called quasi-monochromatic. For the case of partially 
coherent quasi-monochromatic illumination, the sys- 
tem is linear in the mutual intensity. The partially 
coherent impulse response (hpc) is also related to the 
coherent impulse response as follows: 


hpc(t1,1231),02) m= boon (t13 0) con (02302) [7] 


The 3D superposition integral that relate object and 
image mutual intensities is now: 


Jimaetis Tr) a | | I, hpc(t1, TQ); ri, 15) 
x Joni t: r)dr{ dr} [8] 


Therefore, we conclude that knowledge of the 
coherent PSF is enough to characterize the optical 
system for illumination of various degrees of 
coherence. 


Spatial Frequency Content of 
the 3D Point Spread Function 
As previously stated, the coherent impulse response of 


the optical system completely defines its imaging 
characteristics. Therefore, it is justified to wonder 
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Figure 2 | Simulated and measured | S,,| asa function of frequency and input RF power for the proposed dual resonant rectifier circuit. (a) —10 dBm. 


(b) —20 dBm. (c) —30 dBm. (d) —40 dBm. 


478-496 MHz and 852-869 MHz over the broad range of input powers 
from —40 to —10 dBm. The small difference between simulation and 
measurement is due to the parasitic extraction accuracy. 


Output DC Power. In the frequency domain, the Harmonic Balance 
method of analysis provides a comprehensive treatment of a 
multispectral problem’*’. The method intrinsically takes into account 
the DC component and a specified number of harmonics, while 
allowing the ability to specify the source impedance and harmonic 
terminations. A Harmonic Balance simulation was used to numerically 
evaluate the output DC voltage of the dual resonant rectifier for both a 
single and two tone input. The output DC voltage across the load 
resistor was also measured and used to calculate output DC power. 
Measurements were performed using a Wiltron 68247B synthesized 
signal generator as a RF power source for the rectifier circuit. 
Recording of the output DC voltage across the load resistance was 
achieved with a Fluke 79III digital voltage meter. The RF source 
power was initially set at —10 dBm, and decreased in 2 dB steps. In 
the dual-band measurement case, two RF signal generators were fed to 
the rectifier circuit simultaneously via a power combiner. 

The simulation and measurement results for single and dual input 
tones are summarized in Fig. 3(a) and (b). A measured DC voltage of 
772.8 mV is achieved with two simultaneous input tones at an input 
power of —10 dBm. For single tone measurements, DC voltages of 
436 mV and 286 mV at 490 MHz and 860 MHz respectively are 
produced. The comparison between the 490 and 860 MHz single 
rectifiers highlights the impact of the input frequency on the PCE. 


A higher amount of DC voltage can be generated at the lower fre- 
quency. This difference comes from decreasing diode performance at 
the higher frequency due to the higher junction capacitance of the 
diode”. 

Importantly, a slightly higher DC voltage can be generated with 
the dual resonant rectifier as compared to the sum of output voltage 
from the two single bands, particularly at the lower input power 
levels as can be seen in Fig. 3(b) which shows the lower power 
section of Fig. 3(a) in more detail. By maximizing power collection 
from various sources of different frequencies and delivering the 
combined power to the rectification circuit, the diode conversion 
efficiency is enhanced which results in a higher level of rectified 
voltage. Figure 4 compares the simulated and measured output 
DC power for the dual resonant rectifier circuit with both single 
and dual input tones. A measured DC power of 17.3 uW and 
7.5 uW can be generated at 490 MHz and 860 MHz respectively 
with a single tone input of —10 dBm (100 1W). This represents 
true efficiencies of 17.3% and 7.5% for the individual single band 
rectification (see Fig. 5). However, the measured DC output power 
with two concurrent input tones of —10 dBm is 54.3 u.W which 
corresponds to an effective efficiency of 54.3% for the dual-band 
rectifier (see Fig. 6). This represents a 3.14 and 7.24 times increase in 
output DC power over the single tone excitation at 490 MHz or 
860 MHz respectively. This trend is evident down to low input 
power levels (around 40 1W). Furthermore, there is a significant 
increase in the PCE of the dual resonant rectifier for lower input 
power levels (<40 pW). 
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what the limitations are in the specification of this 
response. In this section we analyze the frequency 
domain of coherent and incoherent impulse 
responses. 

The impulse response of the optical system will 
satisfy the corresponding wave equations regardless 
of the particulars of the optical system. In particular, 
assuming a homogeneous isotropic medium in the 
imaging domain, the coherent response /(r) to an 
impulse at r’ will satisfy the homogeneous Helmholtz 
equation in the image domain: 


V-h(r) + A(t) = 0 [9] 


where h(r) is the complex amplitude and k = 27a/A, 
with A the wavelength in the medium. If the field at a 
given origin of coordinates z = 0, f(x, y), is known, 
h(r) can be calculated using the angular spectrum 
representation as follows: 


h(x, ys z) = i Fs Bo 
x exp[i2m(f.x + fy + £2ldf. df 


where f,=JjA?-(f7+f7) and Ff f) = 


FT{f(x, y)}; FT represents a 2D Fourier transform- 
ation and f,., f, are the spatial frequencies along the x 
and y axes respectively. 

Equation [10] can be written as a 3D integral as 
follows: 


[10] 


h(x, y,2) = i F(fes Aral f Sale i f | 


x expli2m(f.x + hy + Laldfr dfy df 
[11] 
where 6 represents the dirac impulse. Next we 


represent the 3D impulse response h(x, y,z) as a 3D 
Fourier decomposition: 


A(x, ¥,2) = | I. Ef z+ fy. 12) 


x expli2m(f.x + hy + f2)\dfx dfy df, 
[12] 


where H(f,, fy, f.) = FT>? (h(x, y,z)}. Comparing 
eqns [11] and [12] we can infer that: 


HfsfofJ=Afohy yr? -R-B| 03) 
This relation implies that the domain of the 
Fourier transform of the impulse response is 
confined to a spherical shell of radius 1/A. 
Alternatively, H(f,..f,.f,) is zero everywhere, except 
from the surface of the sphere. 


The previous derivation did not consider any 
limitation in the range of spatial frequencies allowed 
through the system. We now assume a finite aperture 
that will introduce an effective radial cutoff frequency 
f. < 1/A and will further limit the spatial spectral 
domain of h(x, y, z). This is depicted in Figure 1. Note 
that the transverse and longitudinal spatial frequen- 
cies are related, hence the longitudinal spatial 
frequencies are located within a bandpass of width 
Af,=1- yA? ate 

Let us now consider the frequency content 
of possible incoherent PSFs. From eqn [5] we derive 
the 3D Fourier transform of the incoherent impulse 
response: 


Finc(fes fys fe) = FT{hincl, y, 25%’, 2)] 
= FT {lbcon(x, y,z3x'y, ZIP} 


= H®H(f,, fy. iD [14] 


where ® represents a 3D correlation. The domain 
of Hine now becomes a volume of revolution as 
shown in Figure 2. Moreover, because /yn,. is real, 
Hyc is conjugate symmetric, i.e., Hj,. = Hy,.. Now, 
the transverse cutoff frequency is fi" = 2f. while 
the longitudinal cutoff frequency is fi" = 2Af,. 


radius=1/A 





Figure 1 Three-dimensional spatial-frequency domain of the 
coherent point spread function. 





Figure 2 Three-dimensional spatial-frequency domain of the 
incoherent point spread function. 
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Diffraction Calculation of the 3D Point 
Spread Function 


The 3D-image field created by a point source in the 
object space can be predicted by proper modeling of 
the optical system. In the absence of aberrations, the 
distortion of the PSF is originated in the diffraction 
created by the limiting aperture of the optical system. 
Diffraction is thus the ultimate limitation to the 
resolution of the optical system. Under the design 
conditions of the system, i.e., assuming all aberra- 
tions are corrected, the image of a point source is the 
diffraction pattern produced when a spherical wave 
converging to the (geometrical) image point is 
diffracted by the limiting aperture of the system. 
This is called a diffraction limited image. 

There are many formulations to describe the 3D 
diffraction pattern obtained with a converging wave 
through an aperture. Here we review the Kirchhoff 
formulation. Let us consider the aperture A and the 
field at a point Py originated from a converging 
spherical wave focused at point Pp (see Figure 3). 
We define the vectors r joining a generic point on the 


Pg (Xqs Vqs Za) 


Pre (Xe: Ves Zp) 





Figure 3 Diffraction of a spherical wave by a planar aperture. 


xd (microns) 


aperture Pg and Py, and s joining Py and Py. The 
Kirchhoff formulation states that the complex ampli- 
tude U(P4/P,) is the integral over the aperture of the 
complex amplitude at each point propagated to Py by 
a spherical wave exp(iks)/s modified by the direc- 
tional factor cos(f,r) — cos(f,s). fi is the unit vector 
normal to the aperture: 


Jf, exp[ ee — s)] 


X [cos(n, r) — we s)]dS 





U(P4/Pg) = 
[15] 


where 7 = IIrll,s = Ilsl, and C is the amplitude of the 
spherical wave. 

The directional factor varies slowly and in many 
situations can be approximated by a constant equal to 
2 for small image-field angles. The amplitude over the 
aperture is also slowly varying and can be approxi- 
mated by a constant, i.e., C/r~ Cy. Different 
formulations of the Kirchhoff integral differ in the 
estimates of the factor 1/s and the phase k(r — s). For 
example, one such formulation leads to the following 
expression for the 3D diffraction pattern for a focal 
point on the axis of an optical system with circular 
aperture: 


=jh 2 
U(P4/Pr) = REGS alin — Zpt+ #)| 


kaprg —ika*p”(Zq — Zp) 
x | no( * ‘ Jeso] Tee pdp 


[16] 








where a is the radius of the aperture, ry is the 
radial coordinate of Pg, and p is the radial coordinate 
of Po. 





-0 9 
zd (microns) 


Figure 4 Lines of equal intensity in a meridional plane near the focus of a converging spherical wave diffracted at a circular aperture 


(A=0.5p, a=0.5cm, Z = 4cm). 
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To illustrate the use of eqn [16], we calculated the 
intensity around the focus of a spherical wave 
diffracted through a circular aperture of radius 
a= 0.5 cm, focusing at distance zp = 4 cm from the 
screen. We assumed the wavelength to be A = 0.5 wp. 
Figure 4 depicts the magnitude of the complex 
amplitude in a meridional plane near the focus of 
the converging spherical wave. 

Models that take into account off-axis focal points 
have also been developed. For the most accurate 
calculations, it is necessary to consider the full 
electromagnetic nature of the optical field. 


Conclusions 


Classical imaging theory can be applied to the 3D 
imaging transformation from object to image. The 
systems approach to the imaging problem implies 
that knowledge of the 3D coherent PSF suffices to 
predict the 3D response of the system under 
illumination of varying degrees of coherence. The 
PSF response can be predicted using well-known 
formulations of diffraction. 


Volume Holographic Imaging 


G Barbastathis, Massachusetts Institute of 
Technology, Cambridge, MA, USA 


© 2005 Published by Elsevier Ltd. 


Volume holographic imaging (VHI) refers to a class 
of imaging techniques which use a volume hologram 
in at least one location within the optical path. The 
volume hologram acts as a ‘smart lens,’ which 
processes the optical field to extract spatial infor- 
mation in three dimensions (lateral as well as 
longitudinal) and spectral information. 

Figure 1 is a generic VHI system. The object is 
either illuminated by a light source (e.g., sunlight or 
a pump laser) as shown in the figure, or it may be 
self-luminous. Light scattered or emitted by the 
object is first transformed by an objective lens and 
then illuminates the volume hologram. The role of 
the objective is to form an intermediate image which 
serves as input to the volume hologram. The volume 
hologram itself is modeled as a three-dimensional 
(3D) modulation Ag(r) of the dielectric index within 
a finite region of space. The light entering the 
hologram is diffracted by Ae(r) with efficiency 1, 
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defined as 


Power diffracted by the volume hologram 





A Power incident to the volume hologram 

We assume that diffraction occurs in the Bragg 
regime. The diffracted field is Fourier-transformed by 
the collector lens, and the result is sampled and 
measured by an intensity detector array (such as a 
CCD or CMOS camera). 

Intuitively, we expect that a fraction of the 
illumination incident upon the volume hologram 
is Bragg-matched and is diffracted towards the 
Fourier-transforming lens. The remainder of the 
incident illumination is Bragg-mismatched, and as 
result is transmitted through the volume hologram 
un-diffracted. Therefore, the volume hologram acts 
as a filter which admits the Bragg-matched portion 
of the object and rejects the rest. When appro- 
priately designed, this ‘Bragg imaging filter’ can 
exhibit very rich behavior, spanning the three 
spatial dimensions and the spectral dimension of 
the object. 

To keep the discussion simple, we consider the 
specific case of a transmission geometry volume 
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Figure 1 Volume holographic imaging (VHI) system. 


hologram, described in Figure 2. The volume holo- 
gram is created by interfering a spherical wave and a 
planewave, as shown in Figure 2a. The spherical wave 
originates at the coordinate origin. The planewave is 
off-axis and its wavevector lies on the xz plane. As in 
most common holographic systems, the two beams 
are assumed to be at the same wavelength A, and 
mutually coherent. The volume hologram results 
from exposure of a photosensitive material to the 
interference of these two beams. 

First, assume that the object is a simple point 
source. The intermediate image is also approximately 
a point source, that we refer to as ‘probe,’ located 
somewhere in the vicinity of the reference point 
source. Assuming the wavelength of the probe source 
is the same as that of the reference and signal beams, 
volume diffraction theory shows that: 


(i) If the probe point source is displaced in the y 
direction relative to the reference point source, 
the image formed by the volume hologram is also 
displaced by a proportional amount. Most 
common imaging systems would be expected to 
operate this way. 

(ii) If the probe point source is displaced in the x 
direction relative to the reference point source, 
the image disappears (i.e., the detector plane 
remains dark). 
If the probe point source is displaced in the z 
direction relative to the reference point source, 
a defocused and faint image is formed on the 
detector plane. ‘Faint’ here means that the 
fraction of energy of the defocused probe 
transmitted to the detector plane is much 
smaller than the fraction that would have 
been transmitted if the probe had been at the 
origin. 


(iii) 


Now consider an extended, monochromatic, 
spatially incoherent object and intermediate 
image, as in Figure 2f. According to the above 
description, the volume hologram acts as a ‘Bragg 
slit’ in this case: because of Bragg selectivity, the 
volume hologram transmits light originating from 
the vicinity of the y axis, and rejects light 
originating anywhere else. For the same reason, 
the volume hologram affords depth selectivity (like 
the pinhole of a confocal microscope). The width 
of the slit is determined by the recording geometry, 
and the thickness of the volume hologram. For 
example, in the transmission recording geometry of 
Figure 2a, where the reference beam originates a 
distance zy away from the hologram, the planewave 
propagates at angle @ with respect to the optical 
axis z (assuming @<1 radian), and the hologram 
thickness is L (assuming L < Zz), the width of the 
slit is found to be 


Ax = — [2] 


The imaging function becomes richer if the 
object is polychromatic. In addition to its Bragg 
slit function, the volume hologram exhibits then 
dispersive behavior, like all diffractive elements. In 
this particular case, dispersion causes the hologram 
to image simultaneously multiple Bragg slits, each 
at a different color and parallel to the original slit 
at wavelength A, but displaced along the z axis. 
Light from all these slits finds itself in focus at the 
detector plane, thus forming a ‘rainbow image’ of 
an entire slice through the object, as shown in 
Figure 2g. 

To further exploit the capabilities of volume 
holograms, we recall that in general it is possible 
to ‘multiplex’ (superimpose) several volume gratings 
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Figure 2 (a) Recoding of a transmission-geometry volume hologram with a spherical wave and an off-axis plane wave with its 
wave-vector on the xz plane. (b) Imaging of a probe point source that replicates the location and wavelength of the reference point 
source using the volume hologram recorded in part (a). (c) Imaging of a probe point source at the same wavelength but displaced in the 
y direction relative to the reference point source. (d) Imaging of a probe point source at the same wavelength but displaced in the 
X direction relative to the reference point source. (e) Imaging of a probe point source at the same wavelength but displaced in the z 
direction relative to the reference point source. (f) ‘Bragg slitting:’ Imaging of an extended monochromatic, spatially incoherent object 
using a volume hologram recorded as in (a). (g) Joining Bragg slits from different colors to form rainbow slices: Imaging of an extended 
polychromatic object using a volume hologram recorded as in (a). (h) Multiplex imaging of several slices using a volume hologram 
formed by multiple exposures. 
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Figure 2. Continued. 
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Figure 2 Continued. 


within the same volume by successive exposures. In 
the imaging context, suppose that we multiplex 
several gratings similar to the grating described in 
Figure 2a but with spherical reference waves origi- 
nating at different locations and plane signal waves 
at different orientations. When the multiplexed 
volume hologram is illuminated by an extended 
polychromatic source, each grating forms a separate 
image of a rainbow slice, as described earlier. By 
spacing appropriately the angles of propagation of 
the plane signal waves, we can ensure that the 
rainbow images are formed on nonoverlapping areas 
on the detector plane, as shown in Figure 2h. This 
device is now performing true four-dimensional (4D) 
imaging: it is separating the spatial and spectral 
components of the object illumination so that they 
can be measured independently by the detector 
array. Assuming the photon count is sufficiently 
high and the number of detector pixels is sufficient, 
this ‘spatio-spectral slicing’ operation can be per- 
formed in real time, without need for mechanical 
scanning. 

The complete theory of VHI in the spectral and 
spatial domains is given in the Further Reading 
section below. Experimental demonstrations of VHI 
have been performed in the context of a confocal 
microscope where the volume hologram performs 
the function of a ‘Bragg pinhole’ as well as a real-time 
4D imager. The limited diffraction efficiency 7 of 
volume holograms poses a major concern for VHI 
systems. Holograms, however, are known to act as 
matched filters. It has been shown that the matched 
filtering nature of volume holograms as imaging 
elements is superior to other filtering elements 
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(e.g., pinholes or slits) in an information-theoretic 
sense. Efforts are currently underway to strengthen 
this property by design of volume holographic 
imaging elements which are more elaborate than 


described here. 


See also 


Holography, Techniques: Overview. Imaging: Three- 
Dimensional Field Transformations. 
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Introduction 


In many situations, distant objects are imaged using 
optical or near-infrared imaging systems. Examples 
include terrestrial surveillance from space, tactical 
surveillance from airborne imaging systems, and 
ground-based astronomical imaging. Ideally, the 
resolution in these images is limited only by the 
wavelength of light A used to create the images 
divided by the imaging system’s effective diameter D. 
The ratio A/D is called the diffraction limit of the 
imaging system. Unfortunately, when the imaging 
system is located in the Earth’s atmosphere, it is often 
atmospheric turbulence fluctuations that limit the 
level of detail in the long-exposure images, not 
the diffraction limit of the telescope. For example, 
the Keck telescopes, located on top of Mauna Kea in 
Hawaii, are 10m diameter telescopes that have a 
diffraction-limited angular resolution of 0.2 prad for 
an imaging wavelength of 2 ~m. However, atmos- 
pheric turbulence limits the achievable resolution in 
long-exposure images to the order of 1-5 rad at this 
wavelength. 

The important discovery by Anton Labeyrie in 
1970 that short-exposure images of objects retain 
meaningful diffraction-limited information about the 
object, where ‘short’ means that the exposure time is 
less than the atmospheric turbulence coherence time, 
has revolutionized imaging through turbulence. 
Atmospheric coherence times depend upon a number 
of factors, including wind speeds, wind altitudes, and 
observation wavelength. At astronomical observa- 
tories for visible observation wavelengths, a rule of 
thumb is that atmospheric turbulence stays essentially 
constant for exposure times of one to ten milliseconds 
under average clear-sky weather conditions. A variety 
of techniques that exploit this discovery have been 
developed. These techniques can be grouped into 
three different categories: techniques that remove 
blurring from the detected intensity images (post- 
detection compensation), techniques that modify the 
optical field prior to detecting the light (pre-detection 
compensation), and hybrid techniques that use both 
post-detection and pre-detection compensation. In 
this article, a variety of these techniques are presented 
that are representative of the myriad of methods 
that have been developed during the past decades. 


To simplify the discussion, it is assumed that the 
blurring due to atmospheric turbulence is the same at 
every point in the image (isoplanaticity), that the 
images are formed using incoherent light as emitted 
by the sun and stars, and that a single filled aperture is 
used to create the images. Interferometric techniques 
that use multiple apertures to estimate the mutual 
coherence function of the optical field and calculate 
an image from it, are discussed in a separate article 
(see Imaging: Interferometric Imaging). 

The emphasis in this article is on identifying and 
removing atmospheric blurring in images. As part of 
this process, regularization techniques must be 
included in the image reconstruction algorithms in 
order to obtain the best possible resolution for an 
acceptable level of noise. Although regularization 
techniques are not discussed in this article, infor- 
mation can be found in the Further Reading section at 
the end of this article (see Imaging: Inverse Problems 
and Computational Imaging). 


Imaging and Atmospheric Turbulence 


In Figure 1, a conceptual diagram illustrates the 
impact that atmospheric turbulence has upon resol- 
ution in classical imaging systems. A distant star is 
being imaged by a telescope/detector system. In the 
absence of atmospheric turbulence, the field emitted 
by the star has a planar wavefront over the extent of 
the lens since the star is a long distance from the 
imaging system and thus unresolved by the telescope. 
When imaged by the telescope, the diffraction pattern 
of the telescope is obtained, resulting in a diffraction- 
limited image (Figure 2). However, in the presence of 
atmospheric turbulence near the telescope, the planar 
wavefront is randomly distorted by the turbulence, 
resulting in a corrugated wavefront with a spatial 
correlation scale given by the Fried parameter r,. For 
visible wavelengths, at good astronomical observing 
sites, 7, ranges from 5cm to 20cm. When this 
corrugated wavefront is converted to an image by the 
telescope, a distorted image is obtained (Figure 3). 
Because atmospheric turbulence is time-varying, the 
distortions in the image also change over time. If the 
imaging shutter on the telescope remains open for 
many occurrences of atmospheric turbulence, the 
resulting image will be an average of all the 
individually distorted images, resulting in what is 
known as the seeing disk (Figure 4). It is the seeing 
disk that typically limits spatial resolution in long- 
exposure images, not the diffraction pattern of the 
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Figure 1 


Figure 2 Computer-simulated diffraction-limited image of a 
point source. 


telescope. As a result, the effective spatial resolution 
in long-exposure images in the presence of atmos- 
pheric turbulence is given by A/r,, not A/D. 
Atmospheric turbulence distorts a field’s wavefront 
by delaying it in a way that is spatially and temporally 
random. The origin of these delays is the random 
variation in the index of refraction of the atmosphere 
as a result of turbulent air motion brought about by 
temperature variations. A Fourier optics imaging 
model is useful in characterizing the effects of 
atmospheric turbulence on spatial resolution in 
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Distorted 
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“ Telescope and detector 


Conceptual diagram of imaging through atmospheric turbulence. 


Figure 3 Computer-simulated short-exposure image of a point 
source through atmospheric turbulence. 


images. Let 1x) be an image of an object o(X), 
where X is a two-dimensional spatial vector, and let 
I(f) and O(f) be their spatial Fourier transforms, 
where f is a two-dimensional spatial frequency vector. 
In the absence of atmospheric turbulence, the 
diffraction-limited Fourier transform I(f) is given by 


Ig(f) = O(f) Half) [1] 


where the subscript ‘d’ denotes the diffraction-limited 
case and where H,(f) is the diffraction-limited 
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Figure 4 Computer-simulated long-exposure image of a point 
source through atmospheric turbulence. 
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Figure 5 Plots of the Fourier amplitudes of the diffraction-limited 
transfer function (dashed line), Fourier amplitudes of the long- 
exposure transfer function (dotted line), and the square root of the 
average short exposure energy spectrum. The spatial frequency 
axis is normalized to one at the diffraction limit of the telescope. 


telescope transfer function. In the presence of 
atmospheric turbulence, the Fourier transform of a 
long exposure image i),(X) is given by 


ef) = OPHaPHielf) =l(AHief) — (2 


where the subscript ‘le’ denotes long exposure. If the 
turbulence satisfies Kolmogorov statistics, as is 
typically assumed, then: 





= 5/3 
rdlfl 


H,,(f) = exp s4a( - 


Figure 6 Computer-simulated diffraction-limited image of a 
binary star. 





Figure 7 Computer-simulated long-exposure image of a binary 
star. 


where d is the distance between the imaging system’s 
exit pupil and detector plane. As can be seen from eqn 
[2], the effect of atmospheric turbulence on a long- 
exposure image is a multiplication of the diffraction- 
limited image’s Fourier transform by a transfer 
function due to atmospheric turbulence. In : 
an amplitude plot of a diffraction-limited transfer 
function is displayed along with an amplitude plot of 
a long-exposure transfer function for a 2.3m 


0) 


-- Simulation 


Dual Resonator 
@ Measurement ; 


° 490 MHz 


fis sso MHz 
| ¥ é Ps 
# J ‘a 
oe ~8 
wx 


Output DC Voltage (mV) 





Input RF Power (dBm) 








b 9 
- - Simulation 
8 @ Measurement ~ | | ® 
S> 7 ES 
— Dual Resonator ! 
o 6 : f 
D 
5 5 
> 
oO 4 
a 
s 3 
& 
3s 2 
° 
1 
0 
-40 -35 -30 -25 


Input RF Power (dBm) 


Figure 3 | Output DC voltage as a function of input RF power for single 
input tone at both 490 MHz and 860 MHz and for dual input tones 

(a) with —40 to —10 dBm input RF power (b) with —40 to —25 dBm 
input RF power. (This power range is associated with the signal source). 
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Figure 4 | Output DC power as a function of input RF power for single 
and dual input tones. 
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Figure 5 | RF to DC conversion efficiency as a function of input RF power 
for single band rectification. 
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Here, the effective efficiency is defined as the ratio of output DC 
power to the available input RF power rather than the power deliv- 
ered to the diodes (equation (1)). The available power level is assoc- 
iated with the signal source. For the single resonator, the available 
input power is —10 dBm and the delivered power is also —10 dBm 
(assuming no loss). However, by creating a dual resonant matching 
network the power delivered to the diodes is —7 dBm (combined 
total input power from two signal generators) but the available power 
is still —10 dBm. 





= Pe ALL (1) 


Therefore, combining input RF signals into a single rectification 
stage results in high sensitivity rectifier, which is widely applicable to 
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Figure 6 | Effective RF to DC conversion efficiency as a function of input 
RE power for dual resonant rectification. 





| 5: 9655 | DOI: 10.1038/srep09655 


IMAGING / Wavefront Sensors and Control (Imaging Through Turbulence) 203 





diameter telescope, an imaging wavelength of 
0.5 wm, and an r, value of 10cm. Notice that the 
long exposure transfer function significantly reduces 
the amount of high spatial frequency information in 
an image. Diffraction-limited and long-exposure 
turbulence-limited images of a binary star are 
shown in Figures 6 and 7, illustrating the significant 
loss of spatial resolution brought on by atmospheric 
turbulence. 


Post-Detection Compensation 


Speckle Imaging 


Labeyrie’s 1970 discovery was motivated by his 
analysis of short-exposure star images. In these 
images (see Figure 3), a number of speckles are 
present, where the individual speckle sizes are 
roughly the size of the diffraction-limited spot of 
the telescope. From this, he realized that high 
spatial frequency information is retained in short- 
exposure images, albeit distorted. He then showed 
that the energy spectra E,(f) of the individual 
short-exposure images can be averaged to obtain an 
estimate of the average energy spectrum that retains 
high signal-to-noise ratio (SNR) information at 
high spatial frequencies. The square root of the 
average energy spectrum (the amplitude spectrum) 
of a star, calculated using Labeyrie’s method (also 
known as speckle interferometry), is shown in 
Figure 5, along with the diffraction-limited and 
long-exposure amplitude spectra. Notice that mean- 
ingful high spatial frequency information is retained 
in the average amplitude spectrum out to the 
diffraction limit of the telescope. Because the 
atmospherically corrupted amplitude spectrum esti- 
mate is significantly lower than the diffraction- 
limited amplitude, a number of short exposure 
images must be used to build up the SNRs at the 
higher spatial frequencies. 

To reconstruct an image, both the Fourier 
amplitudes and Fourier phases of the image must 
be known. In fact, it is well known that the Fourier 
phase of an image carries most of the information in 
the image. Because only the Fourier amplitudes are 
available using Labeyrie’s method, other techniques 
were subsequently developed to calculate the Fourier 
phase spectrum from a sequence of short-exposure 
images. Techniques that combine amplitude spec- 
trum estimation using Labeyrie’s method along with 
phase spectrum estimation are called speckle imag- 
ing techniques. The two most widely used phase spec- 
trum estimation methods are the Knox—Thompson 
(or cross spectrum) and bispectrum algorithms. 
Both of these algorithms calculate Fourier-domain 


quantities that retain high spatial frequency infor- 
mation about the Fourier phase spectrum when 
averaged over multiple short-exposure images. The 
cross spectrum and bispectrum techniques calculate 
the average cross spectrum Cif, Af) and bispectrum 
Bf, fo), respectively, that are given by 


Cf Af) = I '(F + Af) [4] 
BA. A) = KADIMA + A) [5] 


where the superscript * denotes complex conjugate. 
Although the cross spectrum is defined for all values 
of f and Af, only for values of Af or f less than r,/A 
are the cross spectrum elements obtained with 
sufficiently high SNRs to be useful in the reconstruc- 
tion process. The equivalent constraint on the 
bispectrum elements is that either f,,f, or fy + hr 
must be less than r,/A. Once the average cross 
spectrum or bispectrum is calculated from a series of 
short-exposure images, the phase spectrum ¢,(f) of 
the underlying image can be calculated from their 
phases using one of a number of algorithms based 
upon the following equations: 





bf + Af) = bf) — bc(f + Af) [6] 


for the cross spectrum and: 


d(fi) + of) — oxi +h) — (71 





dif; fy) = 


for the bispectrum. Because the phases are only 
known for units of 27, phasor versions of eqns [6] 
and [7] must be used. For the cross spectrum 
technique, each short-exposure image must be cen- 
troided prior to calculating its cross spectrum and 
adding it to the total cross spectrum. The bispectrum 
technique is insensitive to tilt, so no centroiding is 
necessary; however, the bispectrum technique requires 
setting two image phase spectrum values to arbitrary 
values to initialize the phase reconstruction process. 
Typically, the image phase spectrum values at f= 
(0,1) and f=(1,0) are set equal to zero, which 
centroids the reconstructed image but does not affect 
its morphology. 

To obtain an estimated Fourier transform I, af ) of 
the image from the energy and phase spectrum 
estimates, the square root of the average energy 
spectrum is combined with the average phase 
spectrum calculated from either the bispectrum or 
cross spectrum. The result is given by 


If) = (Ef)? explidy(f)] [8] 


204 


IMAGING / Wavefront Sensors and Control (Imaging Through Turbulence) 





where j= J/—1. The result in eqn [8] includes 
atmospheric attenuation of the Fourier amplitudes, 
so it must be divided by the amplitude spectrum of the 
atmosphere to obtain the desired object spectrum 
estimate. The atmospheric amplitude spectrum esti- 
mate is obtained by using Labeyrie’s technique on a 
sequence of short-exposure images of a nearby 
unresolved star. No phase spectrum correction is 
necessary because it has been shown theoretically and 
verified experimentally that atmospheric turbulence 
has a negligible effect upon ¢,(/). 


Blind Deconvolution 


Speckle imaging techniques are effective as well as 
easy and fast to implement. However, it is necessary 
to obtain a separate estimate of the atmospheric 
energy spectrum using an unresolved star in order to 
reconstruct a high-resolution image. Usually, the star 
is not co-located with the object and the star images 
are not collected simultaneously with the images of 
the object. As a result, the atmospheric energy 
spectrum estimate may be inaccurate. At the very 
least, collecting the additional star data expends 
valuable observation time. In addition, there is often 
meaningful prior knowledge about the object and the 
data, such as the fact that measured intensities are 
positive (positivity), that many astronomical objects 
are imaged against a black background (support), and 
that the measured data are band-limited, among 
others. Speckle imaging algorithms do not exploit this 
additional information. As a result, a number of 
techniques have been developed to jointly estimate 
the atmospheric blurring effects as well as an estimate 
of the object being imaged using only the short- 
exposure images of the object and available prior 
knowledge. These techniques are called blind decon- 
volution techniques. Two of the most common 
techniques are known as multi-frame blind deconvo- 
lution (MFBD) and projection-based blind deconvo- 
lution (PBBD). 

The MFBD algorithm is based upon maximizing a 
figure of merit to determine the best object and 
atmospheric short-exposure point spread function 
(PSF) estimates given the data and available prior 
knowledge. This figure of merit is created using a 
maximum likelihood problem formulation. Concep- 
tually, this technique produces estimates of the 
object and the atmospheric turbulence short- 
exposure PSFs that most likely generated the 
measured short-exposure images. Mathematically, 
the MFBD algorithm obtains these estimates by 
maximizing the conditional probability density 
function (pdf) p[i,(lo(X);b,(%), m= 1,...,M], 
where i,,(X) is the mth of M short exposure images 


and is given by 
im(%) = by (X) * O(X) + tm (X) [9] 


where 4,,(X) and n,,(X) are the atmospheric/system 
blur and detector noise functions for the mth image, 
respectively, and the asterisk denotes convolution. 
The noise is assumed to be zero mean with variance 
o*(X). The conditional pdf pf[i,,(x)lo(%);h,.(X), m = 
1,..., M] is the pdf of the noise with a mean equal 
to h,,(X) * o(X) and, as a function of o(X) and h,,(%), 
it is known as a likelihood function. For spatially 
independent Gaussian noise, as is the case for camera 
read noise, the likelihood function is given by 


Lo[o®); bn), m= 1,..., 


1 

M)| = es 
IT re 

x exp{ — [(%) — (0 * by @]/207(®)} 

[10] 


For Poisson noise, the likelihood function is given 


by 


Lp[o(X); /,(X),m = 1,..., M] 








_ [C0 * bm I expt = [C0 * bad @)]} 
nn i 
[11] 


In practice, logarithms of eqns [10] and [11] are 
taken prior to searching for the estimates of o(X) 
and h,,(x) that maximize the likelihood function. 

In general, there are an infinite number of 
estimates of o(X) and h,,(x%) that reproduce the 
original dataset when convolved together. However, 
when additional prior knowledge is included to 
constrain the solution space, such as positivity, 
support, and the knowledge that 4,,(x) is band- 
limited, along with regularization, the MFBD 
algorithm almost always converges to the correct 
estimates of 0(X) and h,,(X). 

The PBBD technique also uses prior knowledge 
constraints to jointly estimate o(X) and h,,(x). 
However, instead of creating and maximizing a 
likelihood function, the PBBD technique uses the 
method of convex projections to find estimates of o(X) 
and h,,(%) that are consistent with the measured 
short-exposure images and all the prior knowledge 
constraints. The data consistency constraint and the 
prior knowledge constraints are mathematically 
formulated as convex sets and the PBBD technique 
repeatedly takes the current estimates of o(X) and 
h»(X) and projects them onto the convex constraint 
sets. As long as all the sets are truly convex, the 
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algorithm is guaranteed to converge to a solution that 
is in the intersection of all the sets as long as the 
algorithm doesn’t stagnate at erroneous solutions 
called traps. These traps are the projection equivalent 
of local minima in cost function minimization 
algorithms. 

A key component of this algorithm is the ability to 
formulate the measured short-exposure images and 
prior knowledge constraints into convex sets. As an 
example, consider the convex set C,,.[u(x)] that 
corresponds to the positivity constraint. This set is 
given by 


Cyoslu(X)] & {u(%) such that u(x) = 0} [12] 


It is straightforward to show that Cyoslu(X)] is a 
convex set. Other constraints can be converted into 
convex sets in a similar manner. Although all 
constraints can be formulated into sets, most but 
not all of these sets are convex. 

The projection process is straightforward to 
implement. For example, the projections of the 
current estimates of o(x) and h,,(x) onto C,,.[u(x)] 
are carried out by zeroing out the negative values in 
these estimates. Similarly, the projections of o(X) and 
h,(X) onto the convex sets that correspond to their 
support constraints are carried out by zeroing out all 
their values outside of their supports. In practice, 
some versions of PBBD algorithms have been 
formulated to use minimization routines as part of 
the projection process in order to minimize the 
possibility of stagnation. 


Deconvolution from Wavefront Sensing 


A key distinguishing feature of post-detection com- 
pensation algorithms is the type of additional data 
required to estimate and remove atmospheric blur- 
ring in the measured short-exposure images. Blind 
deconvolution techniques need no additional data. 
Speckle imaging techniques estimate average atmos- 
pheric blurring quantities and need an estimate of the 
average atmospheric energy spectrum. Because aver- 
age quantities are calculated when using speckle 
imaging techniques, only an estimate of the average 
atmospheric energy spectrum is needed, not the 
specific energy spectra that corrupted the measured 
short-exposure images. As a result, the additional 
data need not be collected simultaneously with the 
short-exposure images. The technique described in 
this section, deconvolution from wavefront sensing 
(DWFS), seeks to deconvolve the atmospheric blur- 
ring in each short-exposure image by estimating the 
specific atmospheric field phase perturbations that 


blur each short-exposure image. Thus, the additional 
data must be collected simultaneously with the short- 
exposure images. The atmospheric field phase per- 
turbations are calculated from data obtained with a 
wavefront sensor using a different region of the 
optical spectrum than used for imaging so that no 
light is taken from the imaging sensor. Most 
commonly, the wavefront sensor data consists of the 
first derivatives of the phasefront (phase differences) 
as obtained with Shack—Hartmann or shearing 
interferometer wavefront sensors, but curvature 
sensing wavefront sensors are also used that produce 
data that are proportional to the second derivatives of 
the phasefront. 

The original algorithm to implement the DWFS 
technique produced an estimate O(f) of the Fourier 
transform O(f) of the object being imaged using the 
following estimator: 


> Inf Half) 
> ACAI? 


A 


O(f) = [13] 





where Fy(f) is the overall system transfer function 
(including the telescope and atmospheric effects) for 
the mth short-exposure image estimated from the 
wavefront sensor data. To create H,(f), the atmos- 
pheric field phase perturbations corrupting the mth 
image must be calculated from the wavefront sensor 
measurements. This topic is discussed in more detail 
in Imaging: Adaptive Optics. Then Hyn(f) i is obtained 
using standard Fourier optics techniques. Although 
eqn [13] is easily implemented given an existing 
system that includes a wavefront sensor, it suffers 
from the fact that it is a biased estimator. An unbiased 
version of eqn [13] is given by 


> InP Ain(P) 


O(f) = 
2. Ay reff ET, wet(f) 


[14] 





where Ay ret(f) and Hy ret(f) are estimates of the 
overall system transfer function obtained from data 
collected on a reference star using wavefront sensor 
data and image-plane data, respectively. Thus, to 
obtain an unbiased estimator, two more datasets must 
be collected. The number of frames in the reference 
star dataset need not be the same as for the imaging 
dataset. As for speckle imaging, the atmospheric 
statistics must be the same for the reference star and 
imaging datasets. 

Another technique that uses at least one additional 
data channel along with the measured image is called 
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phase diversity. In the additional data channels, 
images are also recorded, but with known field 
phase aberrations intentionally introduced to add 
known diversity to the unknown field phase corrupt- 
ing the measurements. The most commonly intro- 
duced field phases aberration in an additional channel 
is defocus due to its ease of implementation. In the 
case of defocus, the additional data channel along 
with the imaging channel can be viewed as samples of 
the focal volume of the imaging system. Both the 
noise-free object and the unknown field phase 
aberrations can be recovered from the measured 
data using optimization techniques to enforce data 
consistency along with other prior knowledge con- 
straints. These types of systems can use higher-order 
aberrations as well. The phase diversity concept has 
been generalized to an approach known as compu- 
tational imaging, where an imaging system is 
designed by taking into account its intended use, the 
expected image degradation mechanisms, and the fact 
that the image will be the product of both an optical 
system and a postprocessing algorithm. 


Pre-Detection Compensation 


The primary pre-detection-only compensation tech- 
nique in use today employs dynamical electro-optical 
systems to sense and remove the phases in the 
impinging wavefront due to atmospheric turbulence. 
This technique, known as adaptive optics, provides 
much higher-quality data than post-detection com- 
pensation techniques, when there is enough light 
from the object being imaged or a guidestar (artificial 
or natural) to drive the adaptive optics system at a 
bandwidth high enough to keep up with the temporal 
changes in atmospheric turbulence. It consists of a 
wavefront sensor that measures the portion of the 
phasefront in the pupil of the telescope that is due to 
atmospheric turbulence, a wavefront reconstructor 
that generates the deformable mirror drive signals 
from the wavefront sensor data, and a deformable 
mirror that applies the conjugate of the atmospheric 
phase distortions to a reimaged pupil. Some of the 
light reflected off the deformable mirror is then sent to 
the imaging sensor. Adaptive optics systems are 
discussed in much greater detail in Imaging: Adaptive 
Optics. Here, it suffices to say that no adaptive optics 
system produces imagery that is diffraction limited in 
quality, although, under the right conditions, the 
images can be near diffraction limited. However, 
atmospheric seeing conditions fluctuate significantly 
over a night as well as seasonally. Therefore, virtually 
all adaptive optics images benefit from applying post- 
compensation techniques, as is discussed next. 


Hybrid Techniques 


Adaptive Optics and Post-Processing 


Often, an adaptive optics system does not fully 
correct for atmospheric turbulence. This can occur 
when atmospheric conditions become worse than 
the system is designed to handle. Also, an adaptive 
optics system may be intentionally designed to only 
partially correct for atmospheric turbulence in order 
to lower the cost of the system. As a result, there 
still may be significant atmospheric blurring in 
systems that use adaptive optics. For this reason, 
additional post-processing of adaptive optics ima- 
gery can result in significant improvement in image 
quality. All of the techniques discussed in the 
section on post-detection compensation can be 
applied to adaptive optics imagery. Applying these 
techniques should never degrade image quality, and 
will improve the quality if the adaptive optics 
system doesn’t fully correct for atmospheric turbu- 
lence. Generally speaking, the amount of improve- 
ment decreases as the performance of the adaptive 
optics system increases. Because the adaptive optics 
system’s performance parameters can vary as 
atmospheric conditions vary, the blind deconvolu- 
tion algorithms are especially applicable to proces- 
sing adaptive optics imagery since they estimate the 
overall system transfer function from the imaging 
data. Because speckle imaging techniques require a 
separate estimate of the overall system transfer 
function, it can be difficult and time-consuming to 
obtain all of the additional data necessary to apply 
these techniques to adaptive optics data. Since these 
post-detection compensation techniques require 
short-exposure images, the adaptive optics system 
needs to have a camera capable of collecting short- 
exposure images. Finally, even if an adaptive optics 
system fully corrects for the atmosphere, deconvo- 
lution techniques that remove the diffraction-limited 
transfer function amplitude attenuation can improve 
image quality. 


Partially Redundant Pupil Masking 


Although adaptive optics systems can function very 
well, currently they are expensive and require 
significant maintenance. The primary benefit of 
adaptive optics systems is that they remove atmos- 
pheric turbulence phase distortions in the pupil of 
the telescope, thus permitting light from all areas of 
the pupil to interfere in phase when creating an 
image. An interferometric view of imaging reveals 
that multiple regions of the light in the pupil 
contribute to a single spatial frequency in the 
image. When the phasefront in the pupil is distorted 
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by the atmosphere, these multiple regions tend to not 
interfere in phase, reducing the amplitude of the 
image’s Fourier component at that spatial frequency. 
This amplitude reduction effect occurs for all spatial 
frequencies greater than the limit imposed by the 
atmosphere, r,/A. Therefore, techniques have been 
developed to modify the wavefront by masking part 
of the pupil prior to measuring the field with an 
imaging sensor. This class of techniques has various 
names including optical aperture synthesis, pupil 
masking, and aperture masking. Here this class of 
techniques will be referred to as partially redundant 
pupil masking (PRPM). 

PRPM techniques function by masking the pupil 
in such a way as to minimize the amount of out-of- 
phase interference of light on the imaging detector. 
Early efforts used pupil masks that were opaque 
plates with r,-sized holes in them. Because the 
atmospheric coherence length is r,, all the light 
from an f,-sized hole is essentially in phase. By 
choosing the holes in the mask so that only two holes 
contribute to a single spatial frequency in the image, 
out-of-phase interference problems are removed. 
This type of mask is called a nonredundant pupil 
mask. Of course, a significant amount of light is lost 
due to this masking, so only bright objects benefit 
from this particular implementation. Often, the 
pupil mask needs to be rotated in order to obtain 
enough spatial frequencies in the image to be able to 
reconstruct a high-quality estimate of the object. To 
increase the light levels in the image, masks have 
been made to allow some out-of-phase interference 
for a given spatial frequency, thus trading off the 
amplitude of the spatial frequencies allowed in the 
image with the amount of light in the image. Masks 
with this property are called partially redundant 
pupil masks. 

One version of PRPM is called the variable 
geometry pupil (VGP) technique. It is envisioned to 
work in conjunction with an adaptive optics system 
that does not fully correct the wavefront for 
atmospheric phase distortions. It employs a spatial 
light modulator or a micro-electromechanical mirror 
between the deformable mirror and the imaging 
sensor. Either of these two devices is driven by signals 
from the wavefront sensor in the adaptive optics 
system in such a way that the portions of the pupil 
where the phasefront has a sufficiently large second 
derivative is blocked, while the remainder of the 
phasefront is transmitted. 

All PRPM techniques benefit from post-compen- 
sation processing. For the case of nonredundant pupil 
masks, post-processing techniques are required to 
convert the discrete-spatial-frequency information 


into an image with reasonable quality. These tech- 
niques are essentially the same techniques as used in 
interferometric imaging, not those described in this 
article. When partially redundant pupil masks are 
used (including VGP masks), the image may include 
enough spatial frequency content that the methods 
described in the post-detection compensation section 
can be applied. 


See also 


Imaging: Adaptive Optics; Interferometric Imaging; 
Inverse Problems and Computational Imaging. 
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Introduction 


Electric lamps are by far the most common source of 
light used on Earth, other than our sun. These sources 
are composed of a very large number of individual 
radiating elements, all acting independently. This 
independence causes the light generated by electric 
lamps to have a very low degree of spatial and 
temporal coherence. When compared to lasers, lamps 
are usually considered to be incoherent sources. 

Electric lamps are widely used for general lighting, 
such as residential, commercial and industrial space, 
and task lighting. A much less frequent use of 
incoherent sources, but perhaps of more interest to 
the reader, is as wavelength, intensity, and total light 
output standard used to calibrate various coherent 
light sources. We will discuss the general character- 
istics of incandescent, gas discharge, and solid state 
lamps, with sources in the Further Reading section at 
the end of this article, which are used as calibration 
standards for coherent sources. 


Definitions 


Before discussing individual lamp technologies, we 
need to define some of the key terms that are used for 
describing the performance of electric lamps. Most of 
these definitions are based on or abstracted from the 
IESNA Lighting Handbook: 


e Efficacy: The total light output of a lamp, 
measured in lumens, divided by the power input 
in watts. Efficacy has the units of lumens per 
watt, or |!mW~', and can be greater than 100. 


The efficacy of common light sources varies from 
101mW ‘to over 2001 mW !. 

e Correlated Color Temperature (of a light source) 
(CCT): the absolute temperature of a blackbody 
whose chromaticity most nearly resembles that of 
the light source. CCT is measured in Kelvin (K). 
The CCT of typical light sources varies from 
2000 K to 6000 K, with the most popular sources 
being in the range from 2700 K to perhaps 4500 K. 

e Color Rendition Index (of a light source) (CRI): a 
measure of the degree of color shift objects 
undergo when illuminated by the light source as 
compared with those same objects when illumi- 
nated by a reference source of comparable color 
temperature. The highest possible CRI is 100. The 
lowest theoretical CRI is less than zero, but CRI 
less than 50 is generally considered to have no value 
in determining the color quality of a light source. 

e Photopic Luminous Efficiency Function (V,): a 
measure of the sensitivity of the human eye in 
lumens per watt of radiation received, as a function 
of wavelength, for luminance levels higher than 
~3cdm *. V, is based on relatively few obser- 
vations, and individuals may differ significantly 
from the standard V, function. V, provides the 
basis for measuring the efficacy of all light sources. 

e Visible Light: generally accepted to mean radiation 
between 380 nm and 780 nm. 


Incandescent Lamps 


Incandescent lamps are quasi-blackbody thermal 
radiators. A true blackbody radiator would generate 
light according to Planck’s Law, as shown in eqn [1] 
and Figure 1, for various temperatures. Most 
incandescent lamps use tungsten filaments, and the 
emissivity of tungsten, the ratio of its radiative output 
to that of a blackbody at the same temperature, is 
about 0.44 in the visible region of the spectrum and 
about 0.33 in the infrared. The radiative output of a 
tungsten incandescent lamp is, therefore, less than 
half that of a blackbody of the same temperature and 
the intensity versus wavelength curve does not exactly 
follow Plank’s law, being slightly favorable to visible 
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Figure 1 Radiation from blackbody source at various 
temperatures. © 2005 Roberts Research and Consulting, Inc. 
Published by Elsevier Ltd. All rights reserved. 
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(exp 


where: 


E = power per square meter of surface area per nm of 
wavelength 

A = wavelength in meters 

h = Plank’s constant, 6.63 X 10-4 Joule seconds 

c = speed of light, 3 x 10° meters sec! 

« = Boltzman’s constant, 1.38 x 107 *° Joule K~! 

T = temperature of the source in K 


Tungsten lamps have excellent color quality, 
reflected in a perfect CRI of 100, are inexpensive, 
available in a great variety of sizes, shapes, and 
operating voltages, have a small source size that 
permits excellent light control with relatively small 
reflectors and lenses, run equally well on AC or 
DC power, can be easily dimmed, can have very 
long life, are insensitive to operating position, are 
relatively insensitive to ambient temperature, con- 
tain no hazardous materials, and light virtually 
instantly, though not as fast as LEDs. However, 
incandescent lamps have one major disadvantage; 
they are very inefficient. Most of the energy 
consumed by incandescent lamps is radiated in 
the infrared, while only 5% to 10% is radiated in 
the visible portion of the spectrum. The reason for 
this is shown in Figure 2, which shows the visible 
region of the spectrum superimposed on _ the 
blackbody radiation curves. 

There are a number of techniques that have been 
used or are being investigated to increase the efficacy 
of incandescent lamps. First, as can be seen in 
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Figure 2 Radiation from blackbody source at various tempera- 
tures with visible band. © 2005 Roberts Research and Consulting, 
Inc. Published by Elsevier Ltd. All rights reserved. 


Figure 2, increasing the filament temperature shifts 
the wavelength for peak emission toward lower 
wavelengths, and will result in a larger fraction of 
the radiated energy being in the visible region. 
Unfortunately, increasing filament temperature also 
increases the rate of tungsten evaporation and there- 
fore shortens the life of tungsten lamps, since 
evaporation of tungsten is the dominant incandescent 
lamp failure mode. In a similar manner, the life of 
incandescent lamps can be increased to arbitrarily 
long times by decreasing filament temperature. This 
technique, which is the means used in far too many 
‘long life’ incandescent lamps, unfortunately leads to 
a decrease in the already low efficacy of incandescent 
lamps. The approximate dependences of life, efficacy, 
and color temperature on operating voltage, for 
common incandescent lamps operating between 
90% to 110% of rated voltage, are shown in 
eqns [2], [3], and [4]: 


[2] 





LIFE; _ (Yours: ) 





LIFE,  \ VOLTS, 
EFFICACY, _ ( VOLTS, \'” a 
EFFICACY,  \ VOLTS, 





COLOR_TEMPERATURE, _ (VOLTS, \°” 4 
COLOR_TEMPERATURE,  \ VOLTS, 


Combining eqns [2] and [3] yields eqn [5]: 
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Under the assumption that the color temperature of 
an incandescent lamp is approximately the same as 
the operating temperature of the filament, we can 
combine eqns [2] and [4] to obtain eqn [6], and 
combine eqns [3] and [4] to obtain eqn [7]: 








LIFE; _ ( TEMPERATURE, \*”” a 

LIFE, \ TEMPERATURE, 
EFFACACY, _ (TEMPERATURE, \*”~ a 
EFFICACY; TEMPERATURE, 


One way to allow operation with higher filament 
temperatures, while not decreasing filament life, is to 
fill the lamp with a high molecular weight and/or high 
pressure gas, as either will retard tungsten evapor- 
ation. Lamps using krypton or xenon in place of the 
normal argon fill allow for a moderate increase in 
filament temperature. Better yet is a fill of halogen 
gas, such as HBr, CH3Br, or CH>Br” plus Kr or Xe at 
total pressures that range from 2 to 15 atmospheres. 
The high total pressure inhibits tungsten evaporation 
from the filament, and the halogen fill gas reacts with 
tungsten that deposits on the wall of the lamp to 
remove this tungsten and maintain light output over 
the life of the lamp. The tungsten removed from the 
wall of the lamp is redeposited on the tungsten 
filament, increasing lamp life under some circum- 
stances. Due to the high gas pressures involved, 
tungsten halogen incandescent lamps are constructed 
in small ‘filament tubes’ to minimize both the amount 
of gas needed and the total explosive energy. The 
filament tubes are manufactured from quartz or 
special high temperature glass. For general purpose 
applications, the quartz or high temperature glass 
filament tube is enclosed in a larger glass envelope to 
protect the user should the filament tube explode and 
to protect the filament tube from environmental 
contaminants, such as salts from human fingers. 
Since 90% to 95% of the energy consumed by an 
incandescent lamp is radiated as infrared energy, it is 
easy to see that the potential exists to dramatically 
increase the efficacy of incandescent lamps by 
reflecting some of this infrared energy back onto the 
filament, thus allowing the filament to be maintained 
at its normal operating temperature with far less 
electrical power. The reflector must have very low 
absorption in the visible region of the spectrum, high 
reflectivity in the IR and a reasonably sharp transition 
between the two, because the greatest IR emission is 
just below the visible band. The reflector and filament 
must also be precisely positioned so that the reflected 
IR radiation hits the filament, and the reflector must 
also be low enough in cost to be commercially viable. 


Successful IR reflectors have been made from multi- 
layer dielectric films. These are similar to the coatings 
used to make high reflectivity mirrors for He-Ne 
lasers, but they have much broader bandwidth and 
lower reflectivity. The reflector-filament alignment 
problem is most easily solved using the geometry of a 
tungsten halogen filament tube as the carrier for the 
IR reflector. The typical efficacy gain is about 50%: a 
60-watt IR-halogen lamp produces about as much 
light as a 90-watt halogen lamp. 

Other methods being investigated to increase the 
efficacy of incandescent lamps involve modification of 
the filament to decrease its emissivity in the IR and/or 
increase its emissivity in the visible, and hence turn it 
into more of a ‘selective radiator’ than natural 
tungsten. Three general methods are under investi- 
gation: one involves creating a dense pattern of 
submicron size cavities on the surface of the tungsten 
to inhibit IR radiation; a second involves coating the 
tungsten with a material that is itself a selective 
radiator that favors the visible portion of the 
spectrum, while a third involves replacing the 
tungsten filament with a material that is a natural 
selective radiator. No products exist that employ 
these techniques, but active R&D projects are 
underway that may yield a more efficient incandes- 
cent lamp in the future. 

Incandescent lamps can be used as standards for 
total flux and color temperature if carefully con- 
structed and operated. The National Institutes for 
Standards and Technology (NIST) in the US sells 
1000-watt tungsten halogen lamps calibrated to an 
accuracy of 0.6% in luminous intensity and 8 K in 
color temperature at a color temperature of 
2856 K. Similar service are provided by standards 
organizations in other countries. 


Discharge Lamps 


The most efficient lamps produced today are based on 
electric discharges in gasses. These include ‘low 
pressure’ lamps such as fluorescent lamps and low 
pressure sodium lamps; and ‘high pressure’ or high 
intensity discharge (HID) lamps such as metal halide, 
high pressure sodium, high pressure mercury, and 
sulfur lamps. These lamps are all more efficient than 
incandescent lamps because they are ‘selective radia- 
tors’ instead of blackbody sources and have been 
designed to generate as much radiant energy as 
possible in the visible band while minimizing energy 
produced outside the visible band. The best white 
light discharge lamps have conversion efficiencies 
from electric power to visible light of 25% to 30%, 
making them almost five times as efficient as the 
typical incandescent lamp. 
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Fluorescent Lamps 


Fluorescent lamps, as shown in Figure 3, are generally 
constructed in a cylindrical soda lime glass envelope 
with a length to diameter ratio significant greater than 
one. Most contain thermionic electrodes at each end 
to generate an electric field that establishes and 
sustains the discharge. The lamps are filled with about 
2 Torr of Argon and/or another rare gas, and a few 
mg of liquid mercury, while the inside surface of the 
tube is coated with a phosphor that converts UV 
radiation generated by excited mercury atoms into 
visible light. 

As with any other low pressure gas discharge, 
various discharge regions are aligned along the axis of 
the tube: 


Aston Dark Space 
Cathode Glow 
Cathode Dark Space 
Negative Glow 
Faraday Dark Space 
Positive Column 
Anode Glow 

Anode Dark Space 


The axial lengths of all these regions, except for the 
positive column, are fixed by the properties of the 
cathode and anode, the fill gas type and pressure, and 
the discharge current. The length of the positive 
column is variable and fills the space between the 
Faraday Dark Space and the Anode Glow. The 
cathode and anode regions of the discharge have a 
total axial length of about twice the diameter of the 
discharge tube. Therefore, if the length-to-diameter 
ratio of the discharge tube is substantially greater 
than one, the majority of the tube is filled by the 
Positive Column, as shown in Figure 3. The positive 
column is the part of the discharge that creates the UV 
photons that excite the phosphor and cause it to 
generate visible light. The remainder of this discus- 
sion will therefore focus on the positive column. 

The basic operation of a fluorescent lamp positive 
is shown in Figure 4. Free electrons are accelerated by 
the electric field established between the two electro- 
des. These electrons collide with both the mercury 
and rare gas atoms, but selectively excite and ionize 
mercury atoms, since the excitation and ionization 
energies of mercury are significantly lower than that 
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Figure 3 Linear fluorescent lamp. © 2005 Roberts Research 
and Consulting, Inc. Published by Elsevier Ltd. All rights reserved. 
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Figure 4 Operation of fluorescent lamp positive column. © 2005 
Roberts Research and Consulting, Inc. Published by Elsevier Ltd. 
All rights reserved. 


of any rare gas used in the lamps. Ionization of 
mercury creates more free electrons to sustain the 
discharge. The gas density in the lamp is low enough 
to require that most of the recombination of mercury 
ions and free electrons takes place on the wall of the 
tube, since this recombination requires a three-body 
collision. The excited mercury atoms generate both 
UV and visible photons, and the UV photons generate 
visible light once they reach the phosphor coated on 
the inner surface of the lamp. 

The high efficiency of fluorescent lamps is directly 
related to the fact that 60% to 65% of the electric 
power consumed by the positive column of the 
fluorescent lamp discharge is converted into 245 nm 
UV photons as a result of the resonance transition 
from the 6°P, state of mercury at 4.86 eV to the 61S 
ground state. The resonance transition from the 6'P, 
state of mercury generates 185 nm UV photons that 
carry about 10% of the energy. About 3% of the 
positive column energy ends up in mercury visible 
lines at 405nm, 436nm, 546nm, 577nm, and 
579 nm. 

The 245 nm and 185 nm photons generated by the 
excited mercury atoms travel only a fraction of a 
mm before they are absorbed by a ground-state 
mercury atom. However, due to the relative absence 
of other de-excitation mechanisms, a large fraction 
of these absorbed photons are re-emitted by the 
absorbing atoms, and most of the UV photons 
generated in the core of the discharge eventually 
reach the phosphor coated interior wall of the 
discharge tube where they are converted into visible 
light (and waste heat). 

The phosphors used in modern fluorescent lamps 
are a blend of three rare-earth phosphors: 


e Blue: BaMg>Al,¢Q27:Eu?* 
e Green: CeMgAl,;0;9(Ce?*):Tb?* 
e Red: Y,03:Eu>* 
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Rare earth phosphors provide a combination of 
high efficiency, high color rendition index, and high 
resistance to degradation that far exceeds the 
performance of the halophosphate phosphors used 
in older generations of fluorescent lamps. 

However, due to the Stokes Shift, there is a 
substantial energy loss converting the UV photons 
produced by excited mercury atoms into visible light, 
even using a ‘perfect’ phosphor that has quantum 
efficiency of 1.0. The average energy of a visible 
photon is 2.43 eV, using the 380 nm to 780 nm limits 
for visible radiation discussed at the start of this 
article. When one 245 nm photon that has 4.885 eV 
of energy is converted to one visible photon with an 
average energy of 2.43 eV, a bit over 50% of the 
photon’s energy is lost. The situation is worse for the 
185 nm photons, which each have 6.707 eV of energy. 
They lose 64% of their energy when they are 
converted to visible photons, so it is good that the 
fluorescent lamp discharge generates six to seven 
245 nm photons for each 185 nm photon. The Stokes 
shift is responsible for the largest single energy loss 
mechanism in fluorescent lamps. Work is underway 
to develop phosphors with a quantum efficiency 
greater than 1.0, so less energy will be lost in the UV- 
to-visible light conversion process, but no practical 
phosphors have been developed to date. 

The mercury pressure for optimum UV pro- 
duction is about 6 X 10°* Torr, which is the vapor 
pressure of mercury over a liquid pool at 40°C. At 
higher mercury pressure there is too much absorp- 
tion by ground state mercury atoms, and at lower 
pressures there is an insufficient number of mercury 
atoms for excitation by the electrons. The diameter 
of most linear lamps is chosen so that the coolest 
spot on the interior of the lamp wall will be at 40 °C 
when the lamp is operated at its design power in an 
ambient temperature of 25°C. Usually this ‘cold 
spot’ will be near the middle of the lamp, but in 
some higher power linear lamps the wall tempera- 
ture is well over 40 °C. In these lamps a cold spot is 
often created at the end of the lamp by use of a 
longer electrode mount and a heat shield mounted 
between the electrode and the end of the lamp. 
Obviously, the performance of fluorescent lamps 
designed in this manner is highly sensitive to 
ambient temperature. In some smaller, high-power 
density lamps, most commonly compact fluorescent 
lamps (CFLs), it is not possible to create a region 
with a temperature as low as 40°C. In these 
lamps the mercury pressure is controlled by amal- 
gamating the mercury with Pb, Bi, or Sn, creating a 
compound that both reduces the mercury vapor 
pressure at any given temperature and also reduces 
the variability of mercury vapor pressure with 


temperature. These mercury amalgams have the 
secondary advantage of making the fluorescent lamp 
less sensitive to ambient temperature. 

Mercury, which is the key ingredient in fluorescent 
lamps, is considered to be a hazardous material by 
regulatory agencies in many countries. At least as 
early as the mid-1980s researchers began to study 
ways to reduce or eliminate mercury from fluorescent 
lamps. 

Development of a mercury-free fluorescent lamp is 
very difficult and the only mercury-free fluorescent 
lamp that exists, as of mid-2003 has an efficacy of 
about 101 mW ', one-tenth the efficacy of the best 
mercury-based fluorescent lamp (Osram Sylvania 
LINEX® Linear Excimer Lamp System, Model 
LINEX A3-10W40). There are three key problems 
that have to be solved to develop an efficient mercury- 
free fluorescent lamp system: 


(i) Identify a nontoxic material that generates UV 
photons and has its optimum gas density at a 
convenient and safe temperature. The most 
promising candidate is xenon, used as either an 
atomic radiator or an excimer. 

(ii) Develop a phosphor that produces high-quality 
white light with high efficiency when excited by 
UV photons from the chosen mercury-replace- 
ment material. This has proven a major chal- 
lenge. The resonance line of atomic Xe has a 
wavelength of 147 nm, while the output from a 
xenon excimer discharge is at 172 nm. The Stokes 
shift loss converting each of these to visible light is 
71% for atomic xenon and 66% for xenon 
excimers. To reduce the Stokes shift loss, a 
quantum-splitting phosphor, one that generates 
more than one visible photon for each UV 
photon, is needed. Most of the effort to develop 
mercury-free fluorescent lamps has been concen- 
trated in this area. No viable phosphor has been 
developed, but work continues. 
Develop a ‘reservoir’ for xenon or the other 
working gas. The mass of ‘active’ gas needed for 
a fluorescent lamp is small; a 4-foot, 1.5-inch 
diameter lamp needs 0.1 mg of mercury in the 
gas phase to operate properly. However, during 
life, some of this gas is consumed through 
physical attachment or chemical reaction and 
must be replaced. The drop of liquid mercury or 
small mass of mercury amalgam used in conven- 
tional fluorescent lamps provides a reservoir that 
maintains the mercury gas pressure in the 
presence of these consumption mechanisms. 


(iii) 


In contrast to the failure to develop a mercury-free 
fluorescent lamp, there has been great success in 





Table 1 | Rectifier performance comparison 





(490 and 860 MHz) 





Ref. Technology Measured Efficiency (%) RF power variation (in PCE evaluation) Rectification Technique 

13 Schottky diode 82@50 mW N/A Single resonator 

16 Schottky diode 44@-—10 dBm N/A Single resonator 

18 Schottky diode 20@0.07 mW/cm? 10-5 to107' mW/cm? Broad band 
0.1@5x10°-5 mW/cm? 

20 Schottky diode = 77.13@22 dBm (158.49 mW) 0 to 160 mW Dual resonator 

21 CMOS 9.1@—19.3 dBm (900 MHz) N/A Dual resonator 
8.9@-19 dBm (2 GHz] 

22 Schottky diode 37 (915 MHz)@—9 dBm —40 to 0 dBm Dual resonator 
30 (2.45 MHz)@—9 dBm 

23 Schottky diode 84.4@89.84 mW (2.45 GHz) 0 to 100 mW Dual resonator 
82.7@A9.09 mW (5.8 GHz) 

27 Schottky diode = 80@10 dBm (940 MHz} —14 to 20 dBm Triple resonator 
47@8 dBm (1.95 GHz] 
43@16 dBm (2.44 GHz} 

29 Schottky diode 50@-—5 dBm —25 to0 dBm Dual resonator with tunable input response 

This work Schottky diode 54.3@—-10 dBm —40 to -10 dBm Dual resonator 
11.25@—18 dBm 











Table 2 | Environmental measurement results 











Measured DC 
Suburb Available frequencies (MHz) Respective available RF power (dBm) [1:W] power (11W) 
Bayswater 486, 488, 489, 490, 491, 867, 868, —19[12.5], -20[10], -17[19.95], -15[31.62], —22[6.3], 39.38 
869, 870, 871, 872, 873, 874 ~37[0.199], —37[0.199], —30[1], -24[3.98], —20{10], 
~30{1], -37[0.199], —40[0.1] 
Bentleigh 491, 492, 494, 495, 865, 866, 867, —12[63.09], —46[0.02], —42[0.063], —57[0.001], —2711.99], 30.9 
868, 869, 870, 871 ~27[1.99], —30f1], —37[0.199], —40{0.1], —40[0.1], 
~41[0.07] 
RMIT University 487, 488, 489, 490, 491, 851, 861, —30[1], -22[6.3], -29[1.25], -22[6.3], -20[10], -23[5.01], 14.5 
(Melbourne CBD) 862, 866, 867, 868, 869 ~21{7.94], -2117.94], -30[1], 350.31], —40[0.1], —40[0.1] 











real environmental RF energy scavenging. This multi-band tech- 
nique can provide higher DC power than combining two separate 
single frequency rectifier circuits operating at the same frequencies. 
This is due to the fact that harvesting RF energy from various avail- 
able sources simultaneously increases the delivered power to the 
rectifier, which improves the diode conversion efficiency and conse- 
quently enhances the output DC power. Table 1 summarizes this 
work as compared to previous published work. 

In order to provide a realistic scenario for the proposed dual-band 
rectifier, measurement results were taken in three suburbs of 
Melbourne, Australia, congruent with our previous research out- 
comes’’. Table 2 summarizes these environmental measurement 
results. It should be noted that the lower band (478-496 MHz) has a 
3.67% fractional bandwidth and the higher band (852-869 MHz) has 
around 2% fractional bandwidth. Hence, various RF frequencies from 
different sources can be harvested within these two bands. The envir- 
onmental measurement results demonstrate the feasibility of harvest- 
ing ambient EM energy from multiple sources simultaneously. 


Discussion 

The feasibility of harvesting ambient EM energy from multiple 
sources simultaneously is investigated in this paper. The proposed 
dual resonant rectifier operates at two frequency bands (478-496 and 
852-869 MHz), which are used for broadcasting and cellular systems 
respectively. The dual resonant rectifier exhibits favorable imped- 
ance matching over a broad input power range (—40 to —10 dBm) at 
these two bands. The achieved sensitivity and dynamic range dem- 
onstrate the usefulness of this innovative low input power rectifica- 
tion technique. Simulation and experimental results of input 
reflection coefficient and rectified output power are in excellent 
agreement. The measurement results demonstrate that a two tone 


input to the proposed dual-band RF energy harvesting system can 
generate 3.14 and 7.24 times more power than a single tone at 490 or 
860 MHz respectively, resulting in a measured effective efficiency of 
54.3% for a dual-tone input power of —10 dBm. It is evident that this 
dual resonant rectification technique increases the RF to DC effective 
conversion efficiency, and hence the recoverable DC power for low 
power applications. Furthermore from a design and economic per- 
spective, utilizing a large number of components (e.g. antennas, diodes) 
to realize individual rectifier circuits for each frequency band creates 
additional expense. In order to provide more realistic measurement 
results, the proposed dual-band rectifier was tested in three suburbs of 
Melbourne, Australia. Therefore, this dual-band technique offers a 
simple and cost-effective solution which is of paramount importance 
for environmental power harvesting systems. This innovative tech- 
nique has the potential to generate a viable perpetual energy source 
for low power applications in urban environments. 


Limitation of the study, open questions and future work 
Utilizing diodes which are more suitable to low power applications 
(P; < —20 dBm) could increase the voltage sensitivity, resulting in a 
higher RF-DC conversion efficiency’. Applying a power optimized 
waveform excitation to the rectifier circuit in these frequency bands, 
a higher amount of DC power can be generated when compared with 
a single and dual tone excitations with the same input power**™*. 
However this technique is not applicable to energy harvesting where 
the input waveform is arbitrary. 

Utilizing our proposed dual resonant rectification technique to 
combine resonant circuits for any other arbitrary frequency bands 
could lead to PCE improvement, provided that suitable diodes for the 
desired frequency bands are selected. Note that by increasing the 
operating frequency the rectification performance degrades due to 
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reducing the amount of mercury used in each lamp. A 
typical 4-foot, 1.5-inch diameter fluorescent lamp 
produced in the 1970s would have 50 mg to 100 mg 
of mercury. This high amount of mercury was mostly 
the result of the type of manufacturing equipment 
used, but mercury consumption required that each 
lamp had 15 mg to 20 mg of mercury in order to 
survive for its rated 20000-hour life. The develop- 
ment of coatings and other materials that reduce 
mercury consumption, when combined with new 
manufacturing technology, has allowed the amount 
of mercury used in modern 4-foot fluorescent lamps to 
be reduced to 3 mg to 5 mg, and further reductions are 
possible with improved technology. 

As stated above, the length-to-diameter ratio of 
most fluorescent lamps is significantly greater than 
one. The reason for this is that there is a 10 to 15 volt 
drop at the electrodes, and the power lost in these 
regions does not produce a significant amount of 
light. A large length-to-diameter ratio increases the 
voltage and power of the positive column, where 
the bulk of the UV photons are generated, relative to 
the power lost in the electrode regions. When the 
energy crunch hit in the mid-1970s, there was strong 
interest in developing a fluorescent lamp that could 
replace the inefficient incandescent lamp. However, 
the need for high length-to-diameter ratios meant that 
it would not be practical to make a fluorescent lamp 
shaped like an incandescent lamp. This need created 
the technology to manufacture CFLs which are 
constructed of long tubes bent or coiled into shapes 
that allow them to fit into spaces occupied by 
incandescent lamps. 

Fluorescent lamps and other discharge lamps have 
a negative incremental voltage vs. current (V/I) 
characteristic, which means that their operating 
voltage decreases as the operating current increases. 
Due to this, such discharges need to be operated from 
a current limited power source, commonly known as 
a ‘ballast’ in the lighting industry. Ballasts were 
originally simple series inductors and lamps operated 
at the power line or mains frequency, though many 
line frequency ballasts are now considerable more 
complex than an inductor. In the 1940s, it was 
discovered that the efficacy of fluorescent lamps could 
be increased by operation at frequencies of a few kHz. 
It was not until the 1970s, however, until the cost of 
power electronics came down to the point where it 
was possible to make affordable high frequency 
electronic ballasts. Electronic ballasts operating in 
the 20 kHz to 100 kHz range are now used with 
almost all CFLs and in most commercial applications 
using linear fluorescent lamps. 

The desire for fluorescent lamps shaped like 
incandescent lamps also sparked the development 


of electrodeless fluorescent lamps. Since the need for 
high length-to-diameter ratios is driven by the losses 
at the lamp electrodes, researchers realized they 
could make fluorescent lamps in short, wide shapes 
if they eliminated the electrodes. As shown in 
Figure 5, an electrodeless lamp is just like a 
transformer, except it has a single-turn discharge 
secondary instead of a multiturn copper or alumi- 
num secondary. An open core version of an 
electrodeless fluorescent lamp with integral ballast 
is shown in Figure 6. The electric field is created by 
a time-varying magnetic field. Because of the 
relative high voltage-per-turn imposed by the 
discharge secondary, these lamps operate only at 
high frequency. There are three electrodeless fluor- 
escent lamps on the market. The closed core design 
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Figure 5 Basic electrodeless fluorescent lamp with closed 
ferrite core. © 2005 Roberts Research and Consulting, Inc. 
Published by Elsevier Ltd. All rights reserved. 
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Figure 6 Open core electrodeless lamp with integral ballast. 
© 2005 Roberts Research and Consulting, Inc. Published by 
Elsevier Ltd. All rights reserved. 


214 INCOHERENT SOURCES / Lamps 





shown in Figure 7 operates near 250 kHz with an 
external ballast, while the open core design shown 
in Figure 8 operates near 2.5 MHz. Figure 9 shows 
an open core design with an integral ballast that 
also operates near 2.5 MHz. Some people have 
suggested that electrodeless fluorescent lamps are 
fundamentally different from normal fluorescent 
lamps and the high frequency field drives the 
phosphor to emit light. This is incorrect. Other 
than the manner in which the electric field is 
created, and the new shapes this allows, electrode- 
less fluorescent lamps operate in the same manner 
as normal fluorescent lamps. 

Due to the strong dependence of fluorescent 
performance on mercury temperature, these lamps 
are not useful as flux standards. However, the five 
mercury visible lines listed above, plus the 365 nm 
line of mercury, make the ordinary fluorescent lamp 
an ideal source for wavelength calibration of spec- 
trometers. Germicidal lamps, which do not use 
phosphor but are constructed in quartz envelopes 











Figure 7 Closed core electrodeless fluorescent lamp, Osram 
Sylvania Icetron/Endura Lamp, from US Patent 5,834,905. 


200V/50Hz 


and use the same type of mercury-rare gas discharge 
as fluorescent lamps, are a convenient source of 
254 nm radiation that can be used to calibrate UV 
spectrometers. Care should be taken when using these 
lamps, as the 254 nm radiation can damage human 
eyes and skin. 


High Intensity Discharge Lamps 


If the mercury pressure in a discharge lamp is 
raised from 6X10? Torr to an atmosphere or 
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Figure 9 GE Genura® open core electrodeless fluorescent 
lamp with integral ballast. Courtesy of General Electric Company. 














Figure 8 Open core electrodeless fluorescent lamp with separate ballast, Philips QL lamp, from US Patent 6,373,198 B1. 
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greater, the 245 nm and 185 nm resonance lines are 
trapped via absorption by ground-state mercury 
atoms and the radiation output from the discharge 
shifts to the five optically thin visible lines listed in 
the discussion of fluorescent lamps, plus the 
365 nm near-UV line and a number of lines near 
300 nm. The result is a high pressure mercury lamp 
that operates with an efficacy of about 551mW ' 
and has a CRI of about 50. The high-mercury 
vapor pressure requires a wall temperature of at 
least 360°C, which in turn requires that the arc 
tube be constructed from quartz and operated at 
high power density. A 400-watt high-pressure 
mercury arc tube has a diameter of 22 mm and 
length of about 100mm. In contrast, a 32-watt 
fluorescent lamp has a diameter of 25.4 mm and a 
length of about 1200 mm. This accounts for the 
classification of these high pressure lamps as high 
intensity discharge (HID) lamps. Due to the high 
temperature of the arc tube, most HID lamps are 
constructed with the arc tube mounted inside a 
hard glass outer jacket that protects both the user 
and the arc tube. The high-pressure mercury lamp 
is a direct visible radiator, but the arc tube does 
generate a small amount of radiation in the 
254 nm to 365 nm region, that radiation is trapped 
by the outer glass jacket. Some high-pressure 
mercury lamps have a phosphor coating on the 
inside of the outer jacket to convert this UV 
radiation into visible radiation, mostly in regions 
of the spectrum where the high-pressure mercury 
arc is deficient in radiation, thus improving the 
color of the lamp. 

Most high-pressure mercury lamps operate at a 
mercury pressure of about four atmospheres. 
Because their spectrum is dominated by mercury 
line emission, the output of these lamps is deficient 
in the red portion of the spectrum and the lamps 
have poor color rendition. In 1992, Philips received 
a US patent for a new type of ultra-high pressure 
mercury lamp that they call UHP for ‘Ultra High 
Performance’. This lamp operates at a mercury 
pressure of 200 atmospheres or more. The output 
spectrum is characterized by a significant amount 
of continuum radiation from quasi-molecular states 
of mercury and this continuum includes energy in 
the red portion of the spectrum that is missing 
from conventional high pressure mercury lamps. 
UHP lamps also include a small amount of 
halogen, such as bromine, which creates a tung- 
sten-halogen cycle similar to that discussed earlier 
in relation to tungsten-halogen incandescent lamps. 
During lamp operation, tungsten is sputtered and 
evaporated from the electrodes. In the absence of 
the halogen fill, this tungsten rapidly deposits on 


the walls, leading to very short lamp life. The 
halogen combines with most of the tungsten before 
it has a chance to reach the wall of the arc tube. 
The halogen will also combine with any tungsten 
that has deposited on the wall of the arc tube. The 
tungsten-halogen compound formed is gaseous at 
the operating temperature of the lamp and will 
diffuse back toward the core of the discharge 
where the high temperature of the arc dissociates 
the tungsten-halogen compound. The tungsten is 
deposited back on the electrodes, thereby greatly 
extending the life of the lamp. Due to their very 
high pressures, UHP lamps are constructed in small 
discharge tubes and have a very short discharge 
length, typically 1 to 2mm, making these lamps a 
virtual point source. Due to their excellent spectral 
characteristics and small source size, UHP lamps 
have found application in various projection 
applications, including LCD-based electronic 
projectors. 

The performance of high-pressure mercury lamps 
can be substantially improved by adding metals 
such as sodium and scandium to the high-pressure 
mercury arc. The sodium emits near the peak of the 
eye sensitivity curve, providing high efficacy, while 
the scandium has many transitions in the visible, 
which fill out the spectrum and provide high CRI. 
If metallic elements are added directly to the high- 
pressure mercury arc they would deposit on or 
react with the wall of the arc tube. To prevent this 
they are added as iodides, such as Nal or Scl3. This 
creates a regenerative cycle in which the Nal and 
ScI3 are heated and dissociated in the 5000 K core 
of the arc, allowing the free metals to radiate. 
As the metals diffuse toward the cooler sections of 
the arc near the walls, they recombine with the 
iodine to reform the iodides. These metal halide 
lamps have produce light with an efficacy of about 
901mW' to 100!mW =! and a CRI of about 
65 to 75. 

The high-pressure sodium (HPS) lamp is an HID 
lamp that uses hot sodium vapor to generate a 
golden white light. The lamp uses a mixture of 
sodium, mercury, and rare gas such as xenon. The 
core temperature of the sodium-mercury-xenon 
discharge is typically about 4000K, while the 
temperature at the edge of the discharge and the 
walls of the ceramic arc tube is typically about 
1500 K. At low pressure, emission from sodium is 
dominated by the resonance lines at 589.0 and 
589.6 nm, so the light is virtually monochromatic. 
However, in the HPS lamp, the sodium pressure is 
typically 75 Torr, which is high enough to almost 
completely trap emission from the resonance lines, 
forcing radiant energy to escape in the wings of 
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these lines, thereby increasing the color quality of 
the light. Since sodium will attack quartz, this 
mixture is contained in a translucent alumina 
(aluminum oxide) ceramic arc tube. As with other 
HID lamps, the alumina arc tube is contained in a 
hard glass outer bulb. HPS lamps are the most 
efficient generators of ‘white light’ available. 
A typical 400 watt HPS lamp produces light with 
an efficacy of 1251mW', this high efficacy being 
due to the fact that the emission matches the 
peak of the eye sensitivity curve. The light has a 
CRI of only 22; however, the HPS lamp is widely 
used for roadway and other outdoor lighting 
applications. 


Solid State Sources 


The newest incoherent sources to be used for 
general purpose lighting are solid state devices: 
light emitting diodes (LEDs), and organic light 
emitting diodes (OLEDs). LEDs are very similar to 
laser diodes but without the two mirrors used to 
form the laser cavity in laser diods. Photons are 
generated as a result of electron-hole recombina- 
tion as electrons move across the energy gap of a 
biased p-n junction. By appropriate selection of 
materials, photons can be created at visible 
wavelengths. Low brightness infrared and red 
LEDs have been available for quite some time. It 
was not until the mid-1980s that high brightness 
red LEDs were developed. These were followed by 
increasingly more challenging yellow, green, and 
then blue high brightness LEDs, developed in 1994 
by Shuji Nakamura, of Nichia Chemical Industries. 
Nakamura added phosphor to his high brightness 
blue LEDs in 1996 and developed the first ‘white’ 
LED, thus triggering the current level of excitement 
concerning the use of LEDs to replace incandescent 
and discharge lamps. Monochromatic high bright- 
ness LEDs have already replaced color-filtered 
incandescent lamps in many applications, such as 
traffic lights, vehicle signal lights, and signage. In 
these applications, LEDs are the clear winner in 
life and efficacy. However, when compared to 
unfiltered sources, the best white LEDs are about 
as efficient as tungsten halogen incandescent lamps 
and far less efficient than fluorescent and metal 
halide lamps. They also cost far more per lumen 
than even the most expensive discharge lamp. 
LEDs have high internal quantum efficiency, so 
the main technical challenges are to fabricate 
devices to minimize internal light trapping in 
order to improve device efficiency and reduce the 
cost per lumen produced. 


Organic light emitting diodes (OLEDs) generate 
light by the passage of electric current through 
special organic molecules, using a process known 
as electrophosphorescence. The electrophosphores- 
cent material is usually coated on a transparent and 
perhaps flexible substrate, and overcoated with a 
transparent conductor. OLEDs currently have lower 
efficacy and shorter life than LEDs, but they also 
have lower manufacturing costs. If LEDs are the 
‘new’ point sources that replace incandescent lamps 
and perhaps CFLs, then OLEDs are the ‘new’ diffuse 
sources that some say will replace liner fluorescent 
lamps. 


See also 
Light Emitting Diodes. 
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Since their discovery by R6ntgen in 1895, X-rays have 
been used in a wide variety of applications ranging 
from medical and industrial radiography to crystal- 
lographic studies of the structure of biomolecules. 
The short wavelength (A ~ 0.1 nm) and high pene- 
trating power of hard X-rays makes them an ideal 
probe of the internal structure and composition of 
condensed matter. Indeed, Watson and Crick’s eluci- 
dation of the double helix structure of DNA in the 
early 1950s, based on the X-ray diffraction patterns 
of Rosalind Franklin, has revolutionized biology and 
provided an atomistic view of the stuff of life. 
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The quest for ever higher spatial resolution, and the 
desire to obtain high-quality X-ray data on shorter 
time-scales, have both been prime motivations for the 
development of high intensity hard X-ray sources 
since the mid-1970s. This evolutionary trend has led 
to the design and construction of large synchrotron 
radiation facilities, serving many thousands of users 
and enabling forefront experimental studies across a 
broad range of disciplines. One such example of a 
national facility, dedicated to high-brightness X-ray 
synchrotron radiation, is the Advanced Photon 
Source (APS), located at Argonne National Labora- 
tory in the United States (Figure 1). Facilities of a 
similar scope and purpose have also been constructed 
in Europe and Japan, and a number of new high 
brightness sources are currently under construction 
in several countries around the world (see Table 1). 
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Aerial view of the Advanced Photon Source, Argonne National Laboratory. Courtesy of Advanced Photon Source. 


218 INCOHERENT SOURCES / Synchrotrons 





Table 1 Third-generation synchrotron radiation sources 


Location Facility 


Electron energy (GeV) 





Grenoble, France 
Argonne, Illinois, USA 
Nishi Harima, Japan 
Berkeley, CA, USA 


Canberra, Australia Boomerang? 


Advanced Light Source (ALS) 


European Synchrotron Radiation Facility (ESRF) 6 
Advanced Photon Source (APS) 7 
8-GeV Super Photon Ring (SPring-8) 8 
1 
3 


Didcot, UK DIAMOND? 3 
Orsay, France SOLEIL (LURE) 2.75 
Karlsruhe, Germany Angstrémquelle-Karlsruhe (ANKA) 2.5 
Hamburg, Germany PETRA III? 6 
Indore, India INDUS II? 2.5 
Villigen, Switzerland Swiss Light Source (SLS) 2.4 
Saskatoon, Canada Canadian Light Source? 2.9 
Stanford, CA, USA SPEARS 3 
Upton, New York, USA NSLS II? 2.5-2.8 
Trieste, Italy Elettra 2.0-2.4 


#Under construction as of March 2004. 
Planning stage. 


In this article we will draw on examples from APS to 
illustrate the characteristics and performance of the 
current generation of synchrotron sources in the hard 
X-ray region. 

From the earliest days of particle physics studies 
in the 1930s and 40s, it was realized that copious 
amounts of X-rays could be produced by accelerating 
charged particles in a curved trajectory, as in a 
cyclotron or a synchrotron. For particle physics such 
radiation is highly detrimental because it limits the 
ultimate energy of particle accelerators and forces 
their circumference to become inordinately large in 
order to reduce radiation losses. 

Originally considered to be a major source of 
concern in particle accelerator design, synchrotron 
radiation soon began to emerge as a boon to X-ray 
science. This came about in the early 1970s after the 
capability was developed to produce and store 
significant circulating currents of high-energy 
charged particles (electrons or positrons) for colliding 
beam experiments. At that time X-ray scientists were 
tolerated as ‘parasitic’ experimenters at such storage 
rings, taking X-ray radiation from the bending 
magnets which maintained the stored current in an 
overall circular trajectory. The PETRA (Positron— 
Electron Tandem Ring Accelerator) facility at HASY- 
LAB/DESY in Hamburg, Germany, and the Cornell 
Electron Storage Ring (CESR)/Cornell High-Energy 
Synchrotron Source (CHESS) at Cornell University, 
Ithaca, New York, are examples of accelerator 
facilities that were primarily intended for particle 
physics experiments and then became partly dedi- 
cated to X-ray production. Such shared synchrotron 
facilities are referred to as ‘first-generation sources’. 

The first generation sources demonstrated several 
attractive features of synchrotron radiation, including 


a high degree of collimation in the vertical direction 
with a divergence half-angle given approximately by 
the relativistic factor y~' = moc7/E, where moc? is 
the rest-mass energy (0.51 MeV) of the electron (or 
positron) and E is the energy of the stored particle 
beam. For a bending magnet source with 
E=2-3GeV the beam would have a vertical 
collimation of ~0.3 mrad (17 mdeg). This would 
produce an X-ray beam with a vertical extent of 
~3mm at a distance of 10m from the bending 
magnet source. The horizontal fan of bend magnet 
radiation is broad and is usually limited by a mask or 
a slit to a few mrad. The most useful characteristic of 
bend magnet radiation is its large bandwidth whereby 
the X-ray spectrum is continuous and increasing in 
intensity (see Figure 2) until some critical energy 
above which the intensity begins to fall off. Bending 
magnet radiation is therefore useful for X-ray 
measurements requiring a ‘white’ beam, for example, 
Laue X-ray diffraction, energy dispersive diffraction, 
and Extended X-ray Absorption Fine Structure 
(EXAFS) analysis. 

Beginning in the 1980s, several second-generation 
storage rings were constructed in various locations 
around the world. The design of these facilities for 
the first time was optimized for the production of 
bright beams of X-ray and XUV (soft X-ray to 
ultraviolet) and their operation was dedicated 
exclusively to synchrotron radiation science. The 
increase in brightness provided by these new storage 
ring sources, compared to standard laboratory X-ray 
sources (e.g., rotating anode generators), was dra- 
matic (5 or 6 orders of magnitude) and this opened 
up many new experiments that were not previously 
feasible. However, it was soon realized that the 
capabilities of such sources could be extended to 
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Figure 2 Comparison of bending magnet and wiggler sources. 
With permission from Stanford Synchrotron Radiation Laboratory, 
Stanford Linear Accelerator Center, Menlo Park, CA. 


even higher levels of intensity and to significantly 
higher X-ray energies. 

One of the limitations of bending magnet sources 
relates to the X-ray critical energy alluded to above: 


E, = 3hey*/4np [1] 


where p is the radius of curvature imposed on the 
particle beam trajectory by the bending magnet. For 
a given particle acceleration energy, E, eqn [1] leads 
to a critical X-ray energy given by: 


E, (keV) = 2.2 E* (GeV)/p (m) [2] 


For a typical second-generation machine with 
E=2.5 GeV and p=7m (limited by the magnetic 
field generated by the dipole electromagnet), the 
critical energy is only about 5 keV. There is useable 
flux well above this energy, but X-ray photons 
become scarce in the energy range above 10 keV for 
a bending magnet source with these characteristics. 
Since E is effectively fixed by the design parameters of 
the storage ring, the only possibility to achieve higher 
photon energies is to install additional magnetic 
devices which will introduce perturbations of the 
trajectory with effectively smaller radius of curvature 


in the denominator of eqn [2]. Such a device, known 
as a ‘wiggler’, shifts the effective critical X-ray energy 
to higher values in proportion to the strength of the 
magnetic field B (see Figure 2). Using wigglers based 
on superconducting magnets (B ~ 5 Tesla), E, can be 
raised to >20 keV, a value which would require 
accelerator energies of more than 6 GeV using 
conventional bending magnets alone. In addition to 
shifting the output spectrum to higher energies, it is 
possible to enhance the intensity at a given energy by 
producing multiple wiggles with no net displacement 
of the particle trajectory. Multipole wigglers are able 
to produce significant increases in flux in the hard X- 
ray range. The 27-pole hybrid wiggler installed on 
beamline X25 at the National Synchrotron Light 
Source, a second generation facility at Brookhaven 
National Laboratory, Upton, New York, is one of the 
most successful designs of its kind, providing 
~6x 10" photons/sec per 1% bandwidth at 8 keV. 
When focused with a toroidal X-ray mirror, this beam 
is about an order of magnitude brighter than the 
standard bending magnet sources at NSLS. For 
reasons that will become clear later in this article, 
the radiation from multiple wiggles in such a device 
adds incoherently. 


Insertion Devices 


The idea of using wigglers to enhance the character- 
istics of synchrotron radiation sources has led to the 
design and construction of storage rings with many 
straight sections to accommodate wigglers and other 
types of ‘insertion devices’. Such facilities are referred 
to as third-generation sources. Coming on-line in the 
mid-1990s, several such sources are now in mature 
operation and are supporting a large international 
community of X-ray scientists. 

One of the most important types of insertion device 
to emerge from the development of third-generation 
facilities is the undulator. Conceptually, the idea 
behind an undulator is similar to that of the wiggler, 
i.e., it provides additional tightly curved transverse 
displacements in the particle beam. There are two 
important differences: in an undulator the displace- 
ments are smaller and they are more numerous, being 
produced by a linear periodic array of many short 
alternating dipoles (Figure 3). Under these conditions 
the synchrotron radiation emitted from each ‘undula- 
tion’ of the particle beam trajectory adds coherently 
and therefore the peak intensity from such a device 
can be enhanced by a factor of N* where N is the 
number of dipole magnet pairs, or periods. 

A simple theoretical description of the basic 
operation of an undulator can be discussed in terms 
of radiation from a charged particle moving at 
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Figure 3 Schematic of undulator. Courtesy of Advanced Photon 
Source. 


relativistic speeds through an alternating magnetic 
field. The magnetic field in the vertical direction (y) is 
taken to be periodic: 


By = Bo sin[(27/A,)z] [3] 


where z is in the direction of average particle motion. 
The transverse particle trajectory is described by: 


x = (AyPmax/27) sin[(277/A,)z] [4] 


where A, is the magnet period, and ¢max is the 
maximum particle deflection angle: 


Pinax = (CByAye/2mmgc*y = Kiy [5] 
where 
K = 93.4By (Tesla)A,, (meters) [6] 


The field strength parameter K serves as a useful 
quantity for discussing the characteristics of various 
insertion device designs. For K = 1, which defines 
the undulator regime, the transverse angular deflec- 
tions are less than or on the order of the angular 
spread of the emitted radiation and in this case the 
radiation from each of the deflections adds coher- 
ently. This is distinguished from the case of a 
multipole wiggler where K >> 1 leading to incoherent 
superposition. 

Most of the interesting features of undulator 
radiation are revealed by considering the trajectory 
of the particle in a Lorentz frame moving at speed v* 
with respect to the laboratory frame. In this frame the 
particle will execute oscillatory motion with the 


period of oscillations T’ given by the Lorentz 
transformation: 


T= y(T - BA /c) = AM" y') [7] 


with a corresponding oscillation frequency o! = 
2alT’ = (2Qacl/d,)y'- 

For K <1, the motion in the co-moving frame is 
purely transverse and nonrelativistic. However, for 
K ~ 1, the oscillatory motion in this frame can have a 
longitudinal component and in this case the trans- 
verse motion becomes nonharmonic with frequency 
components at odd multiples of the fundamental 
frequency w. This nonharmonic motion is a con- 
sequence of the fact that in the laboratory frame the 
particle is moving with constant speed ~c but its 
path length is slightly longer than A,, owing to the 
transverse motion. This constrains the motion in the 
co-moving frame to be nonharmonic. 


Undulator Spectrum 


It now remains to transform q into the laboratory 
frame so that we can obtain the spectral distribution 
of the output of the undulator. Invoking the Doppler 
transformation: 


w= y'w(1+ B cos 6’) [8a] 


tan 6 = (sin 0’)/Ly‘(cos 6’ + B*)] [Sb] 


where @ is the angle at which the radiation is 
observed: 


w(0) = (Ameny Ay + £K* +(y0"}) [9a] 
or in terms of wavelength: 
An(O) = (Ay/2ny7)[1 + 4K* + ("1 [9b] 


Equation [9] is the central expression describing 
the spectral output of an undulator. Notice how 
the macroscopic period of the undulator A, is trans- 
formed into a microscopic wavelength A,(6) by the 
relativistic factor y*. For third-generation hard 
X-ray sources with particle energies in the 6-8 GeV 
range, y ~ 14000, taking cm scales down to the 
angstrom level. 

Equation [9] describes a spectrum of monochro- 
matic peaks, for on-axis radiation (@=0), with 
wavelengths that increase with increasing K. Since 
K ~ BoA, (eqn [6]) any particular harmonic can be 
tuned either by changing Bo or A,. In most undulator 
designs, A, is fixed by the construction of the perma- 
nent magnet array, so the tuning is conveniently 
accomplished by varying Bo. In practice this is done 
by changing the vertical distance between the poles 
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Figure 4 Undulator spectrum (upper panel) and tuning range for 
first, third and fifth harmonics (lower panel) of Advanced Photon 
Source Undulator A. 


of the magnets (the ‘undulator gap’) similar to 
opening the jaws of a vise. Typical tuning ranges for 
the »=1, 3, and 5 harmonics are illustrated in 
Figure 4. 

Since the number of undulator oscillations of the 
particle beam is finite, the mth harmonic is not strictly 
monochromatic and has a spectral broadening of 
order 1/nN, where N is the number of oscillator 
periods. In practice with N typically ~100, a 
bandwidth of ~ 1% is expected for the first harmonic. 
Additional broadening of a similar magnitude might 
also be expected from the 6-dependence in eqn [9], 
depending on the acceptance angle of the optics that 
is used in a particular experiment. This quasi- 
monochromatic radiation is sometimes referred to 
as ‘pink beam’. 

The storage ring energy of the APS was carefully 
chosen so that the tuning ranges of the different 
harmonics would overlap in energy, thus providing a 
continuous tuning of the X-ray energy over a wide 
range (Figure 4). Note also that the discrete spectral 
characteristics of the undulator can be deliberately 
smeared out to mimic the broadband (white beam) 
characteristics of a bend magnet (with consequent 
reduction in brightness). This is done simply by tilting 
the jaws of the undulator with respect to each other so 
that By is made to vary along the length of the 
undulator. The ability to taper the undulator in this 
way is a standard feature of most designs. 

The radiation from an undulator is sharply peaked 
in the forward direction in both the vertical and 


horizontal directions. The half-angle of the emission 
cone is given by: 

Oy = U/L + $K°V2Nn}'? = [AJL [10] 
where L is length of the undulator. For a typical third- 
generation source undulator, such as the Type A 
undulator at the Advanced Photon Source, 
L= 2.4m, giving 61. ~ 6 wrad for the first harmonic 
tuned to 12 keV. This corresponds to an X-ray beam 
size of ~ 180 wm at a distance 30 m from the source. 

The very tight collimation of undulator radiation 
(eqn [10]) highlights the importance of distinguishing 
between the brightness and the ‘brilliance’ of the 
beam. The latter term takes into account the natural 
collimation of the beam, as reflected in its units of 
photons/sec/mm?/mrad7/0.1% bandwidth. Undula- 
tor radiation is well matched to the acceptance 
angle of ideal crystal monochromators and is 
~10 000 times more brilliant than the radiation 
from a bend magnet source. The high brilliance of 
undulator X-ray beams is extremely advantageous in 
X-ray imaging applications, X-ray microprobe 
measurements, and in experiments where the sample 
size is very small (e.g., high-pressure diamond anvil 
cell measurements). 

In practice the emission cone of the source might be 
broadened a little when the undulator characteristics 
are convolved with those of the storage ring. The 
largest effect is in the horizontal direction where the 
photon beam divergence is dominated by the electron 
beam divergence. This is a consequence of the 
particular conditions under which the storage ring is 
operated in order to stabilize the particle beam orbit. 

Equation [10] demonstrates that preserving the 
exquisite performance capabilities of an undulator 
insertion device places severe demands on the 
stability and precision of the storage ring orbit. An 
important measure of this precision is characterized 
by the ‘emittance’ of the particle beam defined in 
terms of the area of phase space (position and angular 
divergence) occupied by the stored beam. In general, 
storage rings are designed to achieve very low 
emittances and in current third-generation sources 
they are close to being diffraction limited. Table 2 
summarizes the characteristics of the APS storage ring 
operated in ‘high-emittance’ and ‘low-emittance’ 
modes. 

The large power densities resulting from the 
extreme brightness of undulator sources (up to 
160 kW/mrad? for APS Undulator A) necessitates 
careful design of the X-ray optical components that 
are used to condition the beam. For example, if a 
double-bounce Silicon crystal pair is used as the first 
optical component to monochromatize the undulator 
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Table 2 Advanced photon source storage ring parameters 





Parameter Low emittance High emittance 
Storage ring energy, F 7.0 GeV 7.0 GeV 
Storage ring current,/ 100mA 100 mA 
Beam energy 0.096% 0.096% 


spread, 8F/E 
Horizontal 

emittance, s, 
Vertical emittance, ey 


3.5x10 °m-rad 7.7x 10° m-rad 


3.5x10''m-rad 7.7x10°'' m-rad 


Coupling constant 1% 1% 

Horizontal beta 14.4m 16.1m 
function, By 

Vertical beta 4.0m 4.3m 
function, By 

Dispersion function, n, 0.124m 0.0m 

Horizontal beam 254 wm 351 wm 
size, ox 

Vertical beam size, oy 12 um 18 wm 

Horizontal beam 15.6 wrad 21.8 rad 
divergence, ox: 

Vertical beam 3.0 prad 4.2 prad 


divergence, oy: 


beam, the first crystal is normally cooled with liquid 
nitrogen to dissipate the heat. Alternately, high 
thermal conductivity diamond crystals are sometimes 
used as monochromators. 


Helical Undulators 


The use of undulators to produce extremely bright, 
tunable X-ray beams has enabled many new 
applications of X-ray science, as well as offering 
significant improvements to existing techniques in 
terms of quality of data and the time required to 
accumulate a high degree of statistical accuracy. One 
of the areas that has benefited significantly from 
novel undulator design is research on magnetic 
materials and other spin-dependent phenomena. It 
is often advantageous to probe such systems with 
circularly polarized X-rays, for example to study 
magnetic X-ray circular dichroism (MXCD). Early 
MXCD measurements utilized the left and right 
elliptical polarization of bending magnet radiation 
above and below the plane of the ring. Such 
measurements are difficult because the intensity 
falls off dramatically out of the plane. The problem 
to produce high-brightness beams of circularly 
polarized X-rays is effectively solved by designing 
an undulator which produces a transverse periodic 
helical magnetic field of constant magnitude. Several 
helical undulators are now in operation at 
third-generation sources. The soft X-ray region 
(500-1500 eV) is particularly interesting because it 
covers the L-edges of the 3d transition elements. 


Coherence 


While this article describes what would be nominally 
considered as ‘incoherent’ sources in the parlance of 
conventional optics, it should be pointed out that 
undulators are in fact excellent sources of coherent 
X-rays. This is by virtue of the high degree of 
collimation inherent in the emission of radiation 
from the undulations of a highly relativistic charged 
particle (eqn [10]). The spatial (transverse) coherence 
angle is given by: 


d,/2d [11] 


where d is the source size. This is the angle within 
which the beam is spatially coherent. 

For APS undulator A, the source size is ~15 wm 
(vertical) x 240 wm (horizontal), giving a coherence 
angle in the vertical direction of 6.5 wrad and 
0.4 wrad in the horizontal direction. The X-ray 
beam divergence is approximately 4 wrad (vertical) 
by 15 prad (horizontal). This means that the beam 
has complete spatial coherence in the vertical direc- 
tion and is coherent over about 3% of the horizontal 
fan. At a distance of 30 m from the source, an on-axis 
pinhole of ~ 12 micron diameter will be completely 
illuminated by coherent X-rays. Transversely coher- 
ent X-ray beams are finding novel applications in 
X-ray photon correlation spectroscopy, coherent 
X-ray scattering, and phase reconstruction (lensless) 
imaging. 


Timing Structure 


X-ray storage rings produce pulsed X-rays. In the 
Advanced Photon Source, one or more long trains 
of electron bunches (15 ns long) are accelerated by 
the linac to 325 MeV. The electron bunches are 
injected into a booster that ramps the single bunch 
from 325 MeV to 7 GeV in about 225 ms. At the 
end of the booster cycle, the bunch is extracted and 
injected into the storage ring. The bunch can be 
injected into any of 1296 ‘buckets’ that are spaced 
by 2.842 ns, forming any arbitrary pattern after 
several injection cycles. 

The APS storage ring rf frequency of 351.927 MHz 
determines the bucket spacing of 2.842 ns. The 
circumference of 1104 m gives a revolution frequency 
of 271.5 kHz which allows for 1296 buckets in 
3683 ns. The storage ring is filled with a selected 
bunch pattern depending on the requirements for a 
particular operations cycle. The standard ‘singlets’ 
bunch pattern at APS is 102 mA of average current 
in a train of 23 bunches (4.43 mA per bunch) 
each spaced by 153 ns (54 buckets). There is a gap 
of 306 ns (108 buckets) in this pattern, useful as 
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Figure 7 | General block diagram of the RF energy harvesting system. 


the higher junction capacitance of the diode. Hence, lower output 
voltage is expected at higher frequency bands. 

It is the object of our future work to design a multi-band rectenna 
array for enhanced RF energy harvesting. Furthermore, increasing 
the bandwidth, sensitivity and efficiency will also be investigated. 


Methods 


The major goal in designing an efficient RF harvesting system is to produce high DC 
output power. Toward this goal, a high sensitivity rectifier is crucial for optimum RF 
scavenging. A significant factor governing the sensitivity of a rectifier is the threshold 
voltage of the diode used for rectification. The diode must be able to “switch on” for 
very low ambient energy levels. 

To address this sensitivity issue, a system that scavenges power from multiple 
frequency bands and combines them to activate a rectification circuit is proposed. 
The general block diagram of the proposed system is depicted in Fig. 7. Various envir- 
onmental RF energy sources of different frequencies are collected by an appropriately 
designed antenna, and delivered to the rectification circuit via a multi-band matching 
network. The rectification circuit converts the combination of RF signals into DC power 
for low-power applications. The embodiment in this paper realizes a dual resonant 
matching circuit as a transition between a 50 Q nominal antenna output and the non- 
linear rectification device at 490 and 860 MHz. Based on the Australian Radiofrequency 
Spectrum Plan”, these bands are allocated to broadcasting services and cellular systems. 


Device Selection. Due to the very low ambient power available in a real 
environment”, a very low threshold voltage rectification device is required in order to 
increase sensitivity. For this reason, Schottky diodes (GaAs or Si) are commonly 
employed for RF energy harvesting. In this work, a microwave Schottky detector 
HSMS2820 (Cjo = 0.7 pF, R, = 6 Q,1, = 2.2e~* A) is chosen due to its excellent high 
frequency performance, low series resistance (R,) and junction capacitance (C;), and 
low threshold voltage with high-saturation current*'. This low threshold voltage 
(0.15-0.3 V) supports rectification at low input power levels. 


Proposed Rectifier Design. In order to design an efficient RF harvesting system, the 
non-linearity of the rectifier impedance with frequency and input power should be 
matched to the 50 Q output of the antenna at the desired frequency bands. Therefore, 
the diode input impedance as a function of frequency and different power levels were 
calculated and analyzed”*. In order to match the input impedance of the rectifier to the 
50 Q output of the antenna, the total load impedance for different input power and 
frequencies should be determined. A circuit consisting of a pair of Schottky Barrier 
Diodes (SBD) terminated with a load resistor (Rroad = 11 kQ) and an output bypass 
capacitor (C2 = 6.8 pF) was simulated using Agilent ADS software. Figure 8 shows 
the proposed geometry of the voltage-doubler topology*'”’. The voltage doubler 
rectifier structure is employed for the design of the RF-DC power conversion system 
as this topology is well suited to low power rectification. The resistor and capacitor at 
the output will filter high frequencies. The high load resistor (11 kQ) was chosen to 
observe a reasonable output voltage at very low currents. Using Large Signal S- 
Parameters analysis in Agilent ADS software, the load impedance and bypass 
capacitor were determined and optimized. 

The voltage doubler rectifier in Fig. 8 consists of a peak rectifier formed by D2 and 
bypass capacitor C2 (6.8 pF) and a voltage clamp formed by D1 and C1 (total capa- 
citance of the transmission lines and diode’s parasitic capacitance (C,)). In the 
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Figure 8 | Schematic of a voltage-double rectifier without matching 
network. 


Rectification Device 


negative phase of the input, current flows through D1 while D2 is cutoff. The voltage 
across D1 stays constant around its threshold voltage and the voltage at node 1 is 
charged to — V;,; (where — V},; is the threshold voltage of the D1). At the negative 
peak, the voltage across C1 is Vamp — Vini (where Vamp is the amplitude of the input 
signal). In the positive phase of the input, current flows through D2 while D1 is cutoff. 
The voltage across C1 remains the same as the previous phase because it has no way to 
discharge. At the positive peak, the voltage across D1 is 2Vamp — Vin1. Since D2 is 
conducting current to charge C2, the voltage at the output is Vous = 2Vamp — Vin — 
Vin2- 

The DC equivalent circuit of the SBD is a voltage source in series with the junction 
resistor R; which is obtained by differentiating the diode voltage-current character- 
istic and is given by equation (2)****: 


nkT 


R= q(Is + 1b) (2) 


Where n is the diode ideality factor, K is the Boltzmann’s constant, T is the 
temperature in degrees Kelvin, q is the electronic charge, I, is the diode saturation 
current and J, is the external bias current. At low power levels, the saturation 
current is very small (I, = 2.2 e* A) and for a zero-biased diode, I, = 0. 
Therefore, the resulting value of junction resistance at room temperature is 
approximately 1.7 MQ. Since, the saturation current is highly temperature 
dependent, R; will be even higher at lower temperatures which tends to decrease 
the output voltage. As the input power increases, some circulating rectified current 
will cause a drop in the value of Rj and this phenomenon will increase the value of 
the DC output voltage. Furthermore, it is worth to highlight that the rectified 
current produced by the first diode (D1) in Fig. 8 constitutes the external bias 
current of the second diode (D2) which will help to reduce the R; and hence the 
detection sensitivity is improved. Therefore, depending on the amount of available 
bias current, R; is varying (equation (2)), hence the matching network is changing 
which impacts the amount of delivered power to the diode and results in different 
values of PCE. 

A Schottky barrier diode can be modeled by the linear equivalent circuit shown in 
Fig. 9, where L, and C, are the diode’s parasitic inductance and capacitance 
respectively due to packaging (Lp = 2 nH and C, = 0.08 pF) which are generally 
unwanted”. This linear model is used for determining the diode impedance at a given 
input power. 

The diode impedance analyzed using a Harmonic Balance simulator and a non- 
linear model of the diodes over the frequency range of 400 to 900 MHz at various 
input power levels (Fig. 10). Due to the large junction resistor at low input RF power 
levels, the rectification device is turned off in absence of an appropriate matching 
network. Large Signal S-parameter analysis was conducted and higher input power 
(associated with the signal source) is applied directly to the Schottky diodes config- 
uration of Fig. 8 which does not include a matching network in order to turn on the 
diodes (reduce the value of R;) and extract approximate input impedance value as our 
starting point in design of a matching network. As it can be seen in Fig. 10, with 
increasing the source power, the diode impedance is varying and it is beginning to 
switch on. Hence, the input impedance needs to be determined when the diode is 
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Figure 9 | HSMS 2820 Schottky diode equivalent circuit. 
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a timing guide. The singlets pattern has a lower 
lifetime than patterns with less charge per bunch, 
due to natural internal scattering processes. A ‘top- 
up’ mode has been devised to overcome the 
problem of overall intensity fall-off due to the 
exponential decay of the stored current. In top-up 
mode, new bunches are injected into the storage ring 
every few minutes to maintain the stored current at 
102 mA. 

A second fill pattern, known as the ‘hybrid’ 
pattern, is again 102mA but distributed in one 
bunch of 5mA, plus 8 groups of 7 consecutive 
bunches (1.73 mA/bunch), spaced by 68ns (24 
buckets). The 8 groups are diametrically opposite 
the 5 mA bunch, allowing for a 1.5 ws gap on both 
sides of the 5 mA bunch. This hybrid mode permits a 
single bunch to be isolated using a mechanical 
chopper or a fast framing camera. Since the RMS 
width of the single bunch is ~ 36 ps, relatively fast 
time-resolved experiments can be performed strobo- 
scopically using this pulsed X-ray beam. In another 
implementation of time-resolved experiments, the 
singlet pattern is used, isolating each bunch with a 
fast avalanche photodiode detector, or an X-ray 
streak camera. With the streak camera it is possible 
to achieve time resolutions of a few picoseconds. 
This approach has been used to study impulsive 
phonon excitations and ultrafast strain wave propa- 
gation in solids. 


The Future 


This article highlights current (third-generation) 
storage ring sources based on undulator-type inser- 
tion devices. These sources will provide high-bright- 
ness tunable X-rays in support of a wide range of 
experiments for many years to come. The brightness 
of these sources will increase steadily into the future 
as continual improvements are made, such as further 
reducing the emittance of the particle beam, 
improved undulator design, increasing the average 
storage ring current, and making changes to the 
storage ring lattice. These incremental improvements 
will be important to maintain the vitality and 
usefulness of national user facilities based on third- 
generation sources. New storage ring sources with 
designs and specifications optimized for low emit- 
tance and new types of undulators (e.g., in-vacuum 
undulators) will come online and will undoubtedly 
lead to new technical advances, supporting new and 
exciting science. It seems likely that linear accel- 
erator (linac) based undulator sources will provide a 
promising route towards higher brilliance in the 
future. The superconducting Energy Recovery Linac 
(ERL) proposed by CHESS is an interesting concept 
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Figure 5 Comparison of spectral brilliance of X-ray sources. 
Courtesy of Linear Coherent Light Source, Stanford Linear 
Acceleration Center. 


which uses regeneration of the electron beam to 
overcome the high energy cost of single pass particle 
acceleration. 

A new generation of X-ray sources (the ‘fourth 
generation’) is envisioned to take on the task of 
providing vastly brighter beams (>10 orders more 
peak brilliance than at present, see Figure 5) with 
much shorter pulses (~ 100 fs). These facilities will 
also be based on linear accelerators. Two such Free 
Electron Laser sources are currently being designed 
and should be operational towards 2010: the Linac 
Coherent Light Source (LCLS), to be built at the 
Stanford Linear Accelerator Center (SLAC), and 
the X-ray Free Electron Laser (XFEL) Source, to 
be constructed by the TESLA collaboration at 
HASYLAB, Hamburg. 


See also 


Coherence: Overview. Physical Applications of 
Lasers: Free Electron Lasers in Physics. 
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Introduction 


The ever-increasing aggregate demand of electrically 
based time division multiplexing systems should have 
coped with the steady growth rate of voice traffic. 
However, since 1990, the explosive growth of the 
Internet and other bandwidth-demanding multimedia 
applications, has meant that long-haul telecommuni- 
cation traffic has been increasingly dominated by 
data, not voice traffic. Such systems suffer from a 
bandwidth bottleneck due to speed limitations of the 
electronics. This limits the maximum data rate to 
considerably less than the THz bandwidth offered by 
an optical fiber. Optical technology is proposed as the 
only viable option and is expected to play an ever 
increasing role in future ultrahigh-speed links/ 
networks. There are a number of multiplexing 
techniques, such as space division multiplexing 


(SDM), wavelength division multiplexing (WDM), 
and optical time division multiplexing (OTDM), that 
are currently being applied to effectively utilize the 
bandwidth of optical fiber as a means to overcome the 
bandwidth bottleneck imposed by electrical time 
division multiplexing (TDM). In SDM a separate 
optical fiber is allocated to each channel, but this is 
the least preferred option for increasing channel 
numbers. In WDM, a number of different data 
channels are allocated to discrete optical wavelengths 
for transmission over a single fiber. Dense WDM 
technology has been improving at a steady rate in 
recent years, with the latest systems capable of 
operating at a data rate of >1T bps, using a large 
number of wavelengths over a single fiber link. 
However, there are a number of problems associated 
with the WDM systems such as: 


e Performance of WDM is highly dependent on the 
nonlinearities associated with fiber, i.e.: 

e Stimulated Raman scattering: degrades the 
signal-to-noise (SNR) as the number of chan- 
nels increases; 

e Four-wave mixing: limits the channel spacing; 

e Cross-phase modulation: limits the number of 
channels. 

e Relatively static optical paths, thus offering no 
fast switching with high performance within the 
network; 
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Switching is normally carried out by separating 
each wavelength of each fiber onto different 
physical outputs. Space switches are then used 
to spatially switch the separated wavelengths, an 
extremely inefficient way of utilizing network 
resources; 

The need for amplifiers with high gain and flat 
spectra. 


In order to overcome these problems, OTDM was 
introduced that offers the following: 


Flexible high bandwidth on demand (>1 Tbit/s 
compared to the bit rates of 2.5—-40 Gbit/s per 
wavelength channel in WDM systems); 
The total bandwidth offered by a single channel 
network is equal to DWDM; 
In a network environment, OTDM provides 
potential improvements in: 
e Network user access time, delay and through- 
put, depending on the user rates and statistics. 
e Less complex end node equipment (single- 
channel versus multichannels). 
e Self-routing and self-clocking characteristics; 
e Can operate at second- and third-transmission 
windows: 
e 1500 nm (like WDM) due to Erbium doped 
fiber amplifier (EDFA); 
e 1300 nm wavelengths. 
Offers both broadcast and switched based 


networks. 


Principle of OTDM 


Figure 1 show the generic block diagram of a point- 
to-point OTDM transmission link, where N optical 








data channels, each of capacity M Gbps, are multi- 
plexed to give an aggregate rate of N x M Gbps. The 
fundamental components are a pulsed light source, an 
optical modulator, a multiplexer, channel, add/drop 
unit, and a demultiplexer. The light source needs to 
have good stabilities and be capable of generating 
ultrashort pulses (<1 ps). Direct modulation of the 
laser source is possible but the preferred method is 
based on external modulation where the optical 
signal is gated by the electronic data. The combi- 
nation of these techniques allows the time division 
multiplexed data to be encoded inside a subnanose- 
cond time slot, which is subsequently interleaved into 
a frame format. Add/drop units provide added 
versatility (see Figure 2) allowing the ‘adding’ and 
‘dropping’ of selected OTDM channels to inter- 
change data at chosen points on the link. At the 
receiving end, the OTDM pulse stream is demulti- 
plexed down to the individual channels at the initial 
M Gbps data rate. Data retrieval is then within the 
realm of electronic devices and the distinction 
between electronic and optical methods is no longer 
relevant. Demultiplexing requires high-speed all 
optical switching and can be achieved using a number 
of methods, which will be discussed in more detail 
below. 

The optical multiplexing (or interleaving) can be 
carried out at the bit level (known as bit interleaving) 
or at the packet level (known as packet interleaving), 
where blocks of bits are interleaved sequentially. This 
is in accord with the popular conception of packet 
switched networks. The high data rates required and 
consequently narrow time slots necessitate the need 
for strict tolerances at processing nodes, e.g., 
switches. As such, it is important that the duration 










| Adda - 
03 \ N*10 Gb/s channel le 
1 MGHz \ Fiber -~ 
' ' | Outputs 
Laser Network i 4 
i light —> |) node i | 
| source 1 4 
5 N y V drop a als} 
T | j channel Py 
H a 1 nn " i 
| Clock i 
esi eee ae Clock } 
Transmitter H recovery } 
Receiver 


OFiber delay line [2] Modulators > Amplifier D OTDM MUX @ OTDM DEMUX 


Figure 1 Block diagram of a typical OTDM transmission system. 
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of the optical pulses is chosen to be significantly 
shorter than the bit period of the highest multiplexed 
line rate, in order to reduce the crosstalk between 
channels. 


Bit Interleaved OTDM 


A simple conceptual description of a bit interleaved 
multiplexer is shown in Figure 3. It uses a number 
of different length optical fiber delay lines (FDL) to 
interleave the channels. The propagation delay of 
each FDL is chosen to position the optical channel in 
its corresponding time slot in relation to the 
aggregate OTDM signal. Prior to this, each optical 
pulse train is modulated by the data stream. The 
output of the modulators and an undelayed pulse 
train, labeled the framing signal, are combined, using 
a star coupler or combiner, to produce the high bit 


Fiber 


Fiber 










OTDM 
pulse 


All optical 


rate OTDM signal (see Figure 3b). As shown in 
Figure 3b, the framing pulse has a higher intensity 
for clock recovery purpose. At the demultiplexer, the 
incoming OTDM pulse train is split into two paths 
(see Figure 4a). The lower path is used to recover the 
framing pulse by means of thresholding, this is then 
delayed by an amount corresponding to the position 
of the ith (wanted) channel (see Figure 4b). The 
delayed framing pulse and the OTDM pulse stream 
are then passed through an AND gate to recover the 
ith channel. The AND operation can be carried out 
all optically using, for example, a nonlinear loop 
mirror, a terahertz optical asymmetric demultiplexer, 
or a soliton-trapping gate. 


Packet Interleaved OTDM 


Figure 5a shows the block diagram of a system used 
to demonstrate packet interleaving. Note that the 
time interval between successive pulses now needs to 
be much less than the bit interval T. This is achieved 
by passing the low bit rate output packet of the 
modulator into a compressor, which is based on a 
feed forward delay line structure. The feed forward 
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Figure 3__ Bit interleaved OTDM; (a) block diagram and (b) timing waveforms. 
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incoming bit duration and the outgoing bit duration, 
respectively, and k is the packet length in bits. 
Pulse 7’s location at the output is given by 
(2” — 1)(T 1)r. The signal at the input 
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of the compressor is: 
k=1 
Tint) = >. &(t — iT)A; [1] 
i=0 


Where 6(-) is the optical carrier pulse shape, and A; is 
the ith data bit in the packet. 





level As shown in Figure 5b, each bit is split, delayed, 
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Figure 5 Packet interleaving multiplexer: (a) block diagram and (b) typical waveforms. 
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Figure 6 Packet interleaving demultiplexer: (a) block diagram and (b) typical waveforms. 


For a packet delay of (i + j)T packets are being built 
up. For the case (i+ /) = 3, four bits are compressed 
into a packet (see Figure 5b). An optical gating device 
is used to select the only complete usable compressed 
copy of the incoming packets from the unwanted 
copies. 

At the receiving end, demultiplexing is carried out 
by decompressing the OTDM packet stream using the 
same delay line structure (see Figure 6). Multiple 
copies of the compressed packet are generated, and 
each is delayed by (T — 7). An optical demultiplexer 
placed at the output of the delay lines generates a 
sequence of switching window at the rate of 1/T. By 
positioning the switching pulses at the appropriate 
position, a series of adjacent packet (channel) bits 
from each of the copied compressed packets is 
extracted (see Figure 6b). The output of the demulti- 
plexer is the decompressed packet signal, which can 
now be processed at a much slower rate using 
electronic circuitry. 


Components of an OTDM System 


Optical Sources 


In an ultrahigh speed OTDM system, it is essential 
that the optical sources are capable of generating 
transform-limited subnanosecond pulses having low 
duty cycles, tuneability, and a controllable repetition 
rate for synchronization. A number of suitable light 
sources are: gain-switch distribute feedback laser 


(DFB), active mode locked lasers (MLL) (capable of 
generating repetitive optical pulses), and harmonic 
mode-locking Erbium-doped fiber (EDF) lasers. 
Alternative techniques include super-continuum 
pulse generation in a dispersion shifted fiber with 
EDF pumping, adiabatic soliton compression using 
dispersion-flattened dispersion decreasing fiber, and 
pedestal reduction of compressed pulses using a 
dispersion-imbalanced nonlinear optical loop mirror. 
As shown in Figure 1, the laser light source is power 
split to form the pulse source for each channel. These 
are subsequently modulated with an electrical data 
signal (external modulation). External modulation is 
preferred in an OTDM system as it can achieve 
narrow carrier linewidth, thus reducing the timing 
jitter of the transmitted pulse. For ultrahigh bit rate 
OTDM systems, the optical pulses emerging from the 
external modulators may also need compressing. One 
option is to frequency-chirp the pulses and pass them 
through an anomalous dispersive medium. Using this 
approach, it is essential that the frequency chirp be 
linear throughout the duration of the pulse, in 
addition the midpoint of the linear-frequency chirp 
should coincide with the center of the pulse. When a 
frequency-chirped pulse passes through a dispersive 
medium, different parts of the pulse travel at different 
speeds, due to a temporal variation of frequency. If 
the trailing edge travels faster than the leading edge, 
the result would be pulse compression. An optical 
fiber cable or a semiconductor laser amplifier (SLA) 
can be used to create the frequency chirp. 
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Multiplexers 


Multiplexing of the pulses generated by the optical 
sources can be implemented either passively or 
actively. The former method is commonly 
implemented using a mono-mode optical fiber. This 
method has the advantage of being simple and 
cost-effective. The latter method uses devices more 
complex in nature, for example, electro-optic 
sampling switches, semiconductor optical amplifiers, 
and integrated optics. 


An integrated active multiplexer can be made 
by integrating semiconductor laser amplifiers (SOA) 
into a hybrid planar light-wave circuit (PLC). If the 
optical path length is kept short then temperature 
control is made easier. An alternative to this 
approach is to use lithium niobate (LiNb) technol- 
ogy. Periodically poled LiNb (PPLN) based OTDM 
multiplexers offer compact size and low noise (due 
to the absence of amplifier spontaneous emission 
noise and pattern effect, which is a feature of SOA 
based devices). Figure 7 is a schematic of a PLC- 
based OTDM multiplexer composed of two PLCs 
(R and L), composed of 1 x 8 and 8 x 1 couplers, 
eight 2 X 1 couplers, and eight different path length 
PPLN waveguides. The input clock pulse is split 
into eight by the 1 x 8 coupler in PLC-L, and are 
combined with the modulated optical pulse trains 
using the 2X 1 couplers. The outputs of the 2 x 1 
couplers are then passed through a PPLN wave- 
guide to generate a return-to-zero (RZ) optically 
modulated signal. These are then combined, using 
the 8X1 coupler in PLC-R. When the path-length 
difference between the waveguides is set to one time 
slot (equal to 1/8 of the base data rate), then the 
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output of the 8 xX 1 coupler is the required high-bit 
rate OTDM pulse. 


Demultiplexers 


In contrast to multiplexing, demultiplexing must be 
performed as an active function. It can be 
implemented electro-optically or optically. The for- 
mer method needs to complete demultiplexing of 
all channels in order to extract a single channel 
(see Figure 8). The demultiplexer in Figure 8 uses two 
LiNb Mach-—Zehender (M—Z) modulators in tan- 
dem. The first and second modulators are driven with 
a sinusoidal signal of amplitudes 2V, and V,, 
respectively, to down-covert the N-bit rate to N/2 
and N/4, respectively. Channels can be selected by 
changing either the DC-bias V + to the M—Zs, or the 
electrical phase delay. At ultrahigh speed implemen- 
tation of an electro-optics demultiplexer becomes 
increasingly difficult due to the higher drive voltage 
requirement by the M—Z. An alternative is to use all 
optical demultiplexing based on the nonlinear effect 
in a fiber and optical active devices offering switching 
resolution in the order of picoseconds. There are a 
number of methods available to implement all optical 
demultiplexing. The most popular methods that use 
fast phase modulation of an optical signal are based 
on M-Z and Sagnac interferometers. Four-wave 
mixing is another popular method. 


Mach-Zehnder (M-Z) Interferometers 


The key to interferometric switching is the selection 
of an appropriate material for the phase modulation. 
Semiconductor materials, often in the form of an 
SLA, 


are suitable devices for this purpose. 
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Figure 7 Configuration of a PLC-OTDM-MUX. Reproduced with permission from Ohara T, Takara H and Shake I, et al. (2003). 
160-Gb/s optica-time-division multiplexing with PPLN hybrid integrated planar lightwave circuit. EEE Photonics Letters 15(2): 


302-304. © 2003 IEEE. 
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Figure 8 Electro-optics demultiplexer and receiver system block diagram. 
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Figure 9 SLA carrier density response to input pulse. 


The refractive index of an SLA is a function of the 
semiconductor carrier density, which can be modu- 
lated optically resulting in fast modulation. If a high- 
intensity pulse is input to an SLA the carrier density 
changes nonlinearly, as shown in Figure 9. Phase 
modulation is affected via the material chirp index 
(dN/dn), which represents the gradient of the 
refractive index carrier density curve for the material. 
The phase modulation is quite strong and, in contrast 
to the intensity-based nonlinearity in an optical fiber, 
(see Kerr effect below), is a consequence of a resonant 
interaction between the optical signal and the 
material. The nonlinearity is relatively long-lived 
and would be expected to limit the switching speed 
when using semiconductors. Semiconductors, when 
in excitation from an optical field, tend to experience 
the effect quite quickly (ps) with a slow release 


(hundreds of picoseconds) time. Advantage can be 
taken of this property by allowing the slow recovery 
to occur during the time between channels of an 
OTDM signal, as this time may be of the order of 
hundreds of pico-seconds or more. A Mach-Zehnder 
configuration using two SLAs, one in each arm of the 
interferometer placed asymmetrically, is shown in 
Figure 10. An optical control pulse entering the device 
via port 3 initiates the nonlinearity. The transmission 
equation relating the input signal (port 1) to the 
output port is given by 


Iour(t) 
Tn) 





= 0.25(Gsrai() + Gspar(t) 


+ 2VGsrai()Gerar(t) cos Ad(t)) [4] 


where Gg qi(t) and Gszq2(t) refer to the gain profiles 
of the respective SLAs, and A¢(t) is the time- 
dependent phase difference between them. Assuming 
that the gain and phase profiles of an excited 
amplifier are given by G(t) and (t), respectively, 
then the signals passing through the upper and lower 
arms experience optical properties of the material 
given by: 


G(t), Gt — Ty), &@) and ot — Ta) [5] 


where Ty is given by 2LyNoy a/c, Lg is the distance 
between SLA1 and SLA2, Nez is the SLA index, and 
c is the speed of light in a vacuum. As the width of 
the Ad(t) profile is dependent on the distance 
between the SLAs, placing them in close proximity 
allows high-resolution switching. Less emphasis has 
been placed on the SLA gain as this is considered to 
be less effective when phase differences of aw are 
reached. It only remains for the gain and phase 
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Figure 10 Asymmetric TWSLA Mach—Zehnder devices. 


modulation to recover, and as indicated previously, 
this is allowable over a time-scale commensurate 
with tributary rates. 


Sagnac Interferometers 


There are two main types; the nonlinear optical loop 
mirror (NOLM), and the terahertz optical asym- 
metric demultiplexer (TOAD). 


NOLM 

In this method of switching the inherent nonlinear- 
ity of an optical fiber known as the Kerr effect is 
used. The phase velocity of any light beam passing 
through the fiber will be affected by its own 
intensity and the intensity of any other beams 
present. When the intrinsic third-order nonlinearity 
of silica fibers is considered via the intensity- 
dependent nonlinear refraction component, then 
the signal phase shift is 


27 
Ads 





2 
A dbyignal = qb las +2 n7LI, [6] 


where 7 is the Kerr coefficient, Ij, is the intensity 
of the data signal to be switched, I, is the intensity 
of the control signal used to switch the data signal, 
Ags is the data signal wavelength, and L is the fiber 
length. The optical loop mirror consists of a long 
length of mono-mode fiber formed into a fiber 
coupler at its free ends (see Figure 11). The input to 
the loop comprises the high-frequency data stream 
plus a control pulse at the frame rate. The data split 
at the coupler and propagate around the loop in 
contra directions (clockwise Ecw and counter- 
clockwise Eccw) recombining back at the coupler. 
In the absence of a control pulse, the pulse exits via 
port 1. If a particular pulse in the loop (in this 
example Ecw) is straddled by the control pulse (see 
Figure 12), then that pulse experiences cross-phase 
modulation, according to the second term on the 
right-hand side of eqn [6], and undergoes a phase 
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Figure 11 Nonlinear optical loop mirror. 





Figure 12 Control and data pulses propagation in the fiber. 


change relative to Ecw. The difference in the phase 
between Ecw and Eccw causes the pulse to exit via 
port 2. The phase shift profile experienced by the 
co-propagating pulse is 


Aq 


Ad(t) = iG 





L 
a7) i; [.(t) dx [7] 
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Assuming unity gain around the loop, the transmit- 
tance of the NOLM is 


) = Ad(t) 





T, =1 cos?( 





L 
=1- cos nd nN I, I(t) cr] [8] 


Ss 


As it stands, the switching resolution is determined 
by the width of the control pulse; however, it is 
possible to allow the signal and control to ‘walk off 
each other, allowing the window width to be 
increased by an amount determined by the ‘walk 
off’. The phase shift is now 


L 
Ad(t) = 2m | Ic(t — Tyx)dex [9] 
Ads 0 


where the parameter T,, is the walk off time per 
unit length between control and signal pulses. The 
increased window width is accompanied by a lower 
peak transmission (see Figure 13). 


TOAD 

The TOAD uses a loop mirror architecture that 
incorporates an SLA and only needs a short length of 
fiber loop (see Figure 14a). The SLA carrier density is 
modulated by a high-intensity control pulse, as in the 
M-Z-based demultiplexer. The operation of the 
TOAD is similar to the NOLM, where the loop 
transmittance is determined by the phase difference 
between CW and CCW traveling pulses. Strictly 
speaking, the gain of the SLA must also be taken into 
account; however, without any loss of generality the 
effect is adequately described by considering only the 
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Figure 13 Transmittance profiles with the walk-off time as a 
parameter. 


phase property. Figure 14a shows the timing diagram 
associated with a TOAD demultiplexer. The control 
pulse, shown in Figure 14b(1), is incident at the SLA 
at a time f,; the phase profiles for the CCW and 
CCW data pulses are shown in Figures 14b(2) and 
(3), respectively. The resulting transmission window 
is shown in Figure 14b(4). The window width is 
given by t,,, = 2Ax/cr, where Ax is the SLA offset 
from the loop center and c; is the speed of light in the 
fiber. As in NOLM, if the phase difference is of 
sufficient magnitude, then data can be switched to 
port 2. The switch definition is, in principle, 
determined by how close the SLA is placed to the 
loop center when the asymmetry is relatively large. 
However, for small asymmetries the switching 
window is asymmetric, which is due to the CW 
and CCW gain profiles being different (see 
Figure 15). Assuming the phase modulation dom- 
inates the transmission then the normalized trans- 
mission for a small asymmetry loop is as depicted in 
Figure 16. The gain response (not shown) would 
have a similar shape and temporal position as the 
phase response. 
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Figure 14 TOAD: (a) architecture and (b) timing diagrams. 





Figure 10 | Diode input impedance calculated with Large Signal 
S-parameter analysis over the frequency range of 400 to 900 MHz with 
various unmatched input power levels. 


L1 L2 





turned on to realize the matching network for a rectifier circuit. Obviously, in the 
presence of an appropriate matching network the rectification device can be turned 
on at lower power levels, whilst in the absence of a matching network a higher input 
power should be applied to switch on the diode. (Note that, with an unmatched 
rectifier the total applied input power from the signal source cannot be delivered to 
the diode due to the high reflection in the circuit). 

The aim is to match the input impedance of the device to 50 Q at 478-496 MHz 
and 852-869 MHz bands over a broad range of input RF powers. The procedure 
commences by matching the diode input impedance at high unmatched source power 
and shifting the diode input impedance at various power levels to within the voltage 
standing wave ratio (VSWR) <2 circle on the Smith chart. This procedure assumes 
that diode input impedance does not drastically change in this low power range. The 
simulation results of Fig. 10 prove that this is the case. 

In order to provide maximum power transfer from the antenna to the rectifier 
circuit, a dual resonant rectifier network is designed as a transition between a 50 Q 
nominal antenna output and the non-linear rectification device over the power range 
of —40 to —10 dBm (see Fig. 11). Hence, a coupled-resonator structure with both 
series and shunt resonators is designed to achieve a dual-band network”. The linear 
equivalent circuit model of the SBD chip” has been taken into consideration to design 
the dual band match at the desired frequency bands. In Fig. 11, Ceguivalent epresents 
the total capacitance of the diodes and bypass capacitor and Lequivatent is the overall 
parasitic inductance of the diodes. The series L-C resonator (L4 + Lequivatent and 
Cequivatent) and the parallel L-C resonator (C3 and L3) define the dual resonant circuit. The 
series resonator corresponds closely to the higher band specification of 852-869 MHz, 
whilst the parallel resonator approximates the lower 478-496 MHz band. A minimum 
number of components were used in order to reduce the ohmic and parasitic losses. 

The resonant frequency of each sub-circuit was determined in isolation using the 
following equation: 
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f= 
2nVLC 





(3) 


The 852-869 MHz band resonator circuit components were calculated. Here, C = 
Cequivalent = 1.3 pF consists of the combination of the bypass capacitor (6.8 pF) and 
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Figure 11 | Schematic of a dual resonant rectifier (optimized parameters of the chip components are: L1 = 3.9 nH, Cl = 0.2 pF, L2 = 12 nH, C2= 
1.8 pF, L3’ = 3.9 nH, C3’ = 7.5 pF, L4’ = 11.6 nH, Leguivatent = 1 0H, Cequivatent = 1.3 pF). 


oe 
o==-20 dBm SS 


=.10 dBm 





= 


LL 


Figure 12 | Dual resonant impedance matching with —40 to —10 dBm input RF power. (a) 478-496 MHz. (b) 852-869 MHz. 
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Four-Wave Mixing (FWM) 


FWM demultiplexing uses a concept whereby two 
optical signals of different wavelengths are mixed 
together in a nonlinear medium to produce harmonic 
components. The nonlinearity in this case arises 
from the third-order nonlinear susceptibility y° of 
an optical fiber, such that the polarization P induced 
on a pair of electric fields propagating through the 
fiber is 


P = e9X(Eas + Ec) [10] 
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Figure 15 Phase responses for CW and CCW components of 
TOAD. 
1 
0.9} 
0.87 


Normalized transmission 
o 
an 








0 5 10 15 20 25 
Time (arb. units) 


Figure 16 TOAD transmission window profile for small 
asymmetry loop. 


where ég is the vacuum permittivity of the medium, 
Ey, and E, are the electric fields of data and control 
signals, respectively. The mixing of the two signals 
takes place in a long length of fiber in which the 
control signal propagates alongside the channel to be 
demultiplexed (see Figure 17). The control signal is 
of sufficient intensity to cause the fiber to operate in 
the nonlinear regime. The nonlinear relationship 
causes a number of frequencies to be generated, with 
the ones of interest having a frequency given by 


few = 2h = fig 


An optical filter is then used to demultiplex the 
required channel from the composite signal. The 
nonlinearity is detuned from the resonant frequency 
of the fiber glass and as such tends to be weak, 
requiring long lengths of fiber to give a measurable 
effect. The power in the demultiplexed signal, for 
given data and control signal wavelengths and fiber 
material, depends on the input power and the fiber 
length according to 


[11] 


Pr = kPasPcLe [12] 
where k is a constant, Pg, is the signal launch power, 
P, is the control signal launch power, and Lg is the 
fiber effective length. FWM is essentially an ineffi- 
cient method as power is wasted in the unused 
frequency components of the four-wave signal. More 
in line with integrated structures, the nonlinear 
properties of a semiconductor laser amplifier can 
be used. Here a relatively high-power optical signal 
is input to the SLA (see Figure 18). This enables 
saturation and operation in the nonlinear regime 
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Figure 17 Block diagram of FWM demultiplexer. 
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Figure 18 Four-wave mixing in SOA. 
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Figure 19 SLA output—input power curve. 


(see Figure 19). Operating the SLA in saturation 
allows the nonlinear effects to produce the FWM 
components as in the fiber method. 


Clock and Data Synchronization in 
OTDM 


In common with electronically based TDM sys- 
tems, clock recovery is fundamental to the recovery 
of data in ultrahigh-speed OTDM systems. Two 
main methods are proposed: (i) clock signal 
transmitted with the OTDM signal (i.e., multi- 
plexed); and (ii) extraction of clock signal from the 
incoming OTDM pulse stream. In a packet-based 
system, synchronization between the clock and the 
data packet is normally achieved by sending a 
synch pulse with each packet. However, techniques 
based on optical-phased locked loops are proving 
popular and remove the need for a_ separate 
clocking signal. 


Clock Multiplexing 


(i) Space division multiplexing: This is conceptually 
the simplest to implement, where the clock signal 
is carried on a separate fiber from the data. 
However, it is susceptible to any differential 
delay between the different paths taken by clock 
and data due to temperature variation. It is 
difficult to justify in systems where the installed 
fiber base is at a premium. 

Wavelength division multiplexing: Here different 
wavelengths are allocated to the clock, and 
payload. It is only really practical for predeter- 
mined path lengths between nodes in single-hop 


— 
— 
ee 

7 


networks such as point—point links or broad- 
cast-and-select star networks. It also suffers from 
random delays between the clock and the pay- 
load, which is problematic in an asynchronous 
packet switched based network, where the 
optical path length a packet may take is 
nondeterministic. 

Orthogonal polarization: This is suitable for 
small links, where separate polarizations are 
used for the clock and data. However, in large 
networks it is quite difficult to maintain the 
polarization throughout the transmission link 
due to polarization mode dispersion and other 
nonlinear effects. 

(iv) Intensity division multiplexing: This uses higher- 
intensity optical clock pulses to differentiate it 
from the data pulses as discussed above. How- 
ever, in long-distance transmission links, it is 
difficult to maintain both the clock intensity and 
its position, due to the fiber nonlinearity. 

Time division multiplexing: In this scheme a 
single clock pulse, which has the same wave- 
length, polarization, and amplitude as the pay- 
load pulses, is separated in time, usually ahead of 
the data pulses. 


(iii 


2 


Synchronization - Optical Phased 
Locked Loops (PLL) 


The PLL is a common technique used for clock 
recovery in electronic TDM systems. However, the 
speed of conventional electronic PLLs tends to be 
limited by the response of the phase comparators 
used. There are a number of approaches based on 
opto-electronic PLL. Opto-electronic PLLs based on 
four-wave mixing in a traveling wave laser amplifier 
are complex and can suffer from frequency modu- 
lation in the recovered clock. However, others based 
on balanced photo-detectors, result in low timing 
jitter and good phase stability. In contrast, a number 
of all optical methods clock recovery scheme exist, 
one technique based on the TOAD (see above) is 
depicted in Figure 20. The high-speed data stream 
enters the TOAD at a rate »XR where n is the 
number of channels per OTDM frame, and R is the 
frame rate. A pulse generator, such as a mode locked 
fiber laser (MLFL) clocked by a local oscillator (LO), 
is used as the TOAD control input (MLFL-C). The 
OTDM data is switched by the TOAD at a frequency 
of say, R+Af Hz. Thus, the switching window 
samples data pulses at a rate higher or lower than 
n X R Hz and uses this signal for cross correlation in 
the PLL unit. The output of the phase comparator is 
used to regulate a voltage controlled oscillator (VCO) 
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Figure 20 Ultrafast clock recovery using TOAD. 


running at R Hz, which in turn feeds the control 
signal. The PLL circuit locks into the clock frequency, 
generating the clock signal S.(d). 


OTDM Bit-Error Rate (BER) 
Performance 


Figure 21 shows a typical block diagram of a high- 
speed optical receiver for an OTDM system, com- 
posed of a NOLM or a TOAD demultiplexer, an 
optical pre-amplifier, an optical bandpass filter, and a 
conventional optical receiver using a PIN photodiode. 
Due to the crosstalk introduced in the demultiplexing 
process, the demultiplexed optical signal contains 
not only the target channel but may also contain 
nontarget channels with reduced amplitude (see the 
inset in Figure 21). The intensity of the demultiplexed 
optical signal is boosted by the optical pre-amplifier 
(EDFA). Amplified spontaneous emission (ASE) 
from the optical preamplifier adds a wide spectrum 
of optical fields onto the demultiplexed optical signal. 
Although an optical bandpass filter (BPF) can reduce 
the ASE, it still remains one of the major noise 
sources. The function of the optical filter is to reduce 
the excess ASE to within the range of the signal 
spectrum. The PIN photodiode converts the received 
optical power into an equivalent electrical current, 
which is then converted to a voltage signal by an 
electrical amplifier. Finally, the output voltage is 
sampled periodically by a decision circuit for estimat- 
ing the correct state (mark/space) of each bit. 

The BER performance of an OTDM system 
deteriorates because of the noise and crosstalk 
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Figure 21 Block diagram of OTDM receiver. 
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Figure 22 BER versus the average received optical power for 
100 Gb/s (10 channels) OTDM system. 


introduced by the demultiplexer and is: 


1 exp( = 7/2) 











BER = —— . [13] 
where O is defined as: 
= In — 1s 
‘] ORINm+ ORIN + Sampmto 2 aps + Trecm + Frees 
[14] 


and I,, and I, are the average photocurrents for a 
mark and a space, respectively. o,,; are the variances 
of the relative intensity noise (RIN), further optical 
pre-amplifier and receiver for a mark and a space. 

For 100 Gb/s (10 channels) OTDM system, the 
BER against average received optical power for 
optimized NOLM and TOAD demultiplexers, is 
shown in Figure 22. 


236 


INFORMATION PROCESSING / All-Optical Multiplexing/Demultiplexing 





List of Units and Nomenclature 


Aj ith data bit in a packet 

c Speed of light in a vacuum 

cE Speed of light within the fiber 
E, Electric fields of control signals 
Eas Electric fields of data signals 


frwm Frequency due to four-wave 
mixing 

Gsra(t) Gain profiles of SLA 

I, Intensity of the control signal 

Ip Intensity of the data signal 

1 Average photo current for a mark 

be Average photo current for a space 

k Packet length in bits 

L Fiber length 

Lg Distance between two SLAs 

Le Fiber effective length 

n Number of stages 

nN Kerr coefficient 

Nsia SLA index 

P Polarization 

P. Control signal launch power 

Pas Data signal launch power 

Fy The window width is given by 
tasy = 2Ax/cp 

T Incoming bit interval 

Ty Walk off time per unit 


length between control and 
data pulses 
Tx Transmittance of the NOLM 


5(:) Optical carrier pulse shape 
Ad(t) Time-dependent phase difference 
Ax SLA offset from the fiber loop center 
£0 Vacuum permittivity of the 
medium 
As Data signal wavelength 
Camp,m Variances for optical 
pre-amplifier for a mark 
Samp,s Variances for optical 
pre-amplifier for a space 
Orec,m Variances for receiver for a mark 
Tredis Variances for receiver for a space 
ORIN, Variances of RIN for a mark 
ORIN,s Variances of RIN for a space 
T Outgoing bit interval 
A(t) Phase profile of SLA 
x?) Third-order non-linear susceptibility 
of an optical fiber 
See also 


Interferometry: Overview. Nonlinear Optics, Basics: 
Four-Wave Mixing. Optical Communication Systems: 


Optical Time Division Multiplexing; Wavelength Division 
Multiplexing. 
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Introduction 


Linear filtering is a useful tool commonly used in 
image processing. The correlation operation can be 


defined as: 


f(x,y) *b(x,y) = i, [__fecnbex —x',y—y')dx' dy! 
[1] 


where * denotes the correlation. The operation of 
correlation and the Fourier transform 


Gu.n= | J © ase, ye PMH dedy — [2] 


are intimately related through the correlation theo- 
rem of Fourier theory, which states that the corre- 
lation between two functions f(x,y) and h(x,y) is 
equal to the inverse Fourier transform of the product 
of the Fourier transforms: 


f(x.y)*h(x,y)=FT '[Fu,n)H (wn) [3] 


where F(w,v) and H(w,v) are the Fourier transforms 
of f(x,y) and of h(x,) respectively, and where H* 
designates the complex conjugate of H. The ability to 
carry out and display Fourier transforms in two 
dimensions, by means of optical systems, is at the root 
of optical information processing. 

One of the main advantages of correlation is that 
the operations do not require segmentation of the 
regions of interest. This means that the locations of 
objects do not have to be segmented from the scene 
and that the detection is shift-invariant, that is the 
correlation peaks appear at locations in the scene 
corresponding to locations of the targets. These 
advantages are clearer for detection in uncontrolled 
conditions, for example for detecting vehicles in 
natural scenes. But they are also useful in security 
applications, such as identity verification or for 
detecting defects in assembly lines. 


The Optical Fourier Transform 


The Fourier transform of eqn [2] is widely used in the 
field of information processing. The inverse Fourier 


transform is simply defined as: 


g(x, y) = | | G(p, YeZr™*™ dudv [4] 


We will now discuss how to perform Fourier trans- 
forms by means of four different optical setups. 


FT Without a Lens 


If we illuminate a transparency U(xo, yo) with a 
coherent plane wave, the diffraction pattern we 
observe at a point d from the input plane is given 
by the following relation, known as the Fresnel 
approximation for diffraction (Figure 1): 


(2 
exp|i 


exn(i=F") I. I. U(x0,Yo) 


U(x1,¥1) = ad 





xexpfi [(x9 x1)? + (0 v1) Ifexodyo 
[5] 


where A is the wavelength of the light and d is the 
distance between the diffracting screen and the 
observed pattern. 

In order to use the Fresnel approximation we need 
only to satisfy the geometrical optics paraxial 
conditions. If we add an additional approximation, 
we can further simplify this equation to yield the 
Fourier transform of U(xo, yo). The extra condition is 
known as the Fraunhofer or far-field approximation, 
which is only satisfied when the diffracted image is 
observed far away from the diffracting screen or when 
the extent of U(x, yo) is very small. Mathematically 
this condition is expressed by: 


qt +9) <1 [6] 

















ll 








Figure 1 Fresnel diffraction without a lens. 
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After expanding the squares in the exponentials, there 
will be three terms: one can go outside the integral 
and one will be approximately equal to unity so the 
diffracted pattern becomes 


@ ) 
exp a 
ihd 
x exp| iO = yd| I. i U(%o. Yo) 


U(x, y1) = 


2 
x exp| - I< (wor ob vor) [dreds 
[7] 


This is the Fourier transform of U(x9, yo), scaled by a 
factor Ad, with an extra quadratic phase factor 


exp| a (xt + v| 


The factor exp(i27d/A)/i is usually of no importance 
since it is a phase factor distributed across the output 
plane. In some applications we only want to know the 
power spectrum (squared modulus) of the Fourier 
transform. In such cases the quadratic phase factor 
disappears because the squared modulus of any 
complex exponential is equal to 1. Performing a 
Fourier transform without a lens is possible within 
the Fraunhofer approximation. But if it is required to 
obtain the Fourier transform of an image which 
extends about 1cm from the optical axis using a 
coherent He-Ne laser (A = 632.8 nm), the condition 
to be satisfied is d >> 496 m: the required observation 
distance d is at least a few kilometers. This kind of 
optical setup is usually impractical, but can fortu- 
nately be alleviated by means of lenses. 


Object on the Lens 


Instead of having only the transparency in the input 
plane, we place a lens immediately after it as shown in 
Figure 2. For mathematical simplicity the lens and 
input plane are superimposed (more realistic cases are 
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Figure 2 Diffraction with the object on the lens. 


considered below). The lens acts as a phase factor 


f 


where f is the focal length of the lens. Now in the 
input plane the object U(x, yo) is multiplied by the 
phase factor of the lens: 


. 7 
exp| - ipo +30) | 


. 7 
U'e0.90) = Uev. yer] —i57G3+9] 18 
Inserting this expression into the integral formula 
for Fresnel diffraction yields the diffraction pattern 
observed in the focal plane of the lens: 


oni") 
af 
x exp| ip + vD| |. I. U(%o. Yo) 


20 
X exp] — yf Or + yoy1) |dxodyo 


U(x1,¥1) = 


[9] 


The lens exactly compensates for the other phase 
factor that was in the integral. This expression for the 
Fraunhofer approximation is almost the same as 
before, but the focal length f of the lens replaces the 
distance d. So by placing a lens immediately after the 
input plane we can have a much more compact setup 
since lenses are available with a wide range of focal 
lengths, usually from a few centimeters to a few 
meters. Another way to look at this is to consider 
that the effect of a lens is to bring the pattern at 
infinity to the focal plane of the lens — except for the 
phase factor. 


Object Before the Lens 


Another setup used to perform the Fourier transform 
is shown in Figure 3, where the lens is placed 
somewhere between the input and the output planes. 
Using the Fresnel formula for diffraction it can be 





Figure 3 Diffraction with the object before the lens. 
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shown that the diffraction pattern in the focal plane is: 


1 
U(x1, 91) = af 


, d aa he 
xe (1 + i | | F |. U(xo, Yo) 


20 
x exp - pe + Yoy1) |esosdo 





[10] 


where d is the distance between the input plane and 
the lens. If we set d equal to the focal length f of the 
lens, the quadratic phase factor in front in the integral 
vanishes and we have an exact Fourier transform. 
This setup with the object and filter in the front and 
back focal planes of the lens respectively is the one 
most frequently seen in scientific articles and is 
known as the f-f Fourier transform system. 


Object After the Lens 


Still another configuration is the one shown in 
Figure 4, where the lens is placed at a distance d 
before the input plane. For this configuration the 
Fresnel diffraction yields the following pattern in the 
focal plane of the lens: 


7 2 2 
exp| i Zot +94) | f [- [- Ux ) 
iad PV clag 


20 
X exp} — ty 0% + yov1) |dxodyo 





U(x1,¥1) = 


[11] 


Once again the Fourier transform of U(xo, yo) is 
multiplied by a quadratic phase factor. It is interesting 
to note that, in this case, the Fourier transform is 
scaled by a factor Ad. This can be used to control the 
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Figure 4 Diffraction with the object after the lens. 


scale of the Fourier transform by changing the 
distance between the lens and the object. 

Note that although two of the three methods yield 
Fourier transforms that are accompanied by a 
quadratic phase factor, the latter is not necessarily 
an impediment to correlation, contrary to popular 
belief. Indeed all three configurations have been used 
for correlation pattern recognition, and each con- 
figuration has its advantages. 


Optical Correlation 


The last section showed how to obtain Fourier 
transforms by means of an optical setup. The 
proposed optical setups cannot perform the inverse 
Fourier transform. Because the Fourier transform and 
its inverse are very similar, the Fourier transform 
is performed instead, yielding the mirror image 
of the correlation: 


(f * b)(—x, —y) = FT[F(p, yA" (u, »)] [12] 


The correlation can be considered as the result of 
three operations: a Fourier transform; a product; and 
an additional Fourier transform. The Fourier trans- 
form of a 2D function can be obtained by means of 
coherent optics. The equivalent of multiplication in 
optics is transmissivity, so multiplication is accom- 
plished by sending light successively through two 
superimposed transparencies. 

There are two main categories of optical 
correlators, serial correlators and joint transform 
correlators. 


Serial Correlators 


A serial correlator functions in two stages. The first 
stage performs the Fourier transform of the input 
image f(x, y), which is multiplied in the Fourier plane 
with a transparency H(y, v). The filter H(y, v) can be 
a hologram, a spatial light modulator (SLM) or a 
simple transparency. A second Fourier transform 
displays in the output plane the correlation of the 
input image with the impulse response h(x, y), which 
is the Fourier transform of the filter function H(, v). 

Serial correlators directly implement the two 
Fourier transforms and the multiplication operation 
in a pipelined manner. The input plane and the 
correlation plane are conjugate planes of the system, 
that is in the absence of a filter, the output plane 
displays an inverted image of the input f(x,y). 
Between those conjugate planes, at the conjugate 
plane of the source with respect to the first lens, is the 
Fourier plane where the spatial frequency filter is 
placed. When the input is illuminated with parallel 
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light, the frequency plane is at the back focal plane of 
the first lens. A SLM can be placed in the input plane 
to feed the images to be correlated; a second SLM can 
be placed in the Fourier plane to display the filter. The 
filter is often calculated by a digital computer, and 
usually takes the form of a hologram if phase 
information must be used in the filter. 


The 4-f correlator 

The 4-f correlator is the most intuitive optical 
correlator system. We showed above that an ff 
system can be used to optically obtain a Fourier 
transform (Figure 5). If f(x, y) is in the front focal 
plane, its Fourier transform F(w,v) appears at the 
back focal plane of the first lens. If a filter function 
H"(, v) is inserted at this point, by means of a SLM 
or a hologram, then a second f-f system can perform a 
second Fourier transform to yield the correlation 
plane at the back focal plane of the second lens. 


Convergent beam correlator 

This kind of correlator consists of two conjugate 
systems. This time, the Fourier transform is obtained 
by placing the input object in a convergent beam after 
the first lens. The second lens is placed so that the 
output plane is conjugate to the input plane, and as 
before, the filter is placed at the point of convergence 
of the light after the first lens. It is important to note 
that this is not the focal plane of the lens, but the 
conjugate plane of the source of light. In order to have 
an imaging system between the input and output 


planes, the distances must satisfy the conjugate 
relation: 


So Sj fh ca 
where s; and so are defined in Figure 6. As previously 
discussed for convergent light, the Fourier transform 
will have an additional parabolic phase factor. This 
must be taken into account when constructing the 
filter H. 

This configuration has some advantages over the 4- 
f correlator. By moving the object between the first 
lens and the filter, it is possible to control the scale of 
the Fourier transform. And because the first lens is 
imaging only a single point on the optical axis, only 
spherical aberration needs to be compensated for. In 
4-f systems, the first lens must be corrected for all 
aberrations for the whole input plane, and for a given 
extent of the input object, the first lens must be larger 
than that for the convergent system in order to avoid 
space variance effects. Unfortunately, specially 
designed expensive lenses are required to correct for 
those aberrations, so well-corrected Fourier trans- 
form lenses for 4-f systems are expensive, whereas a 
simple doublet is sufficient to correct for on-axis 
spherical aberration, which is all that is required for 
the convergent light system. In addition, the con- 
vergent light system does not require an expensive 
collimator that is required in the 4-f system to obtain 
the parallel illuminating beam. Aberration correction 
requirements for the second lens are less stringent 





Figure 5 4-fcorrelator setup. 
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Figure 6 Convergent beam correlator setup. 
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Figure 7 Single lens correlator setup. 


than for the first, because in most cases, a slight 
deformation of the output plane can be acceptable, 
whereas comparable distortions in the Fourier plane 
can cause misregistrations between the Fourier trans- 
form and the filter that can seriously degrade the 
correlation. 


Divergent beam correlators 

Instead of placing the input object in the convergent 
beam, as in the previous case, another configuration 
that has been used places the input object in the 
divergent beam before the first lens. This configur- 
ation is rarely seen today, because it exacerbates the 
space variance and aberration problems of the 4-f 
system, and the control it allows over the scale of 
the Fourier transform can be achieved with fewer 
penalties by means of the convergent light system. 


Single lens correlator 

Consider an imaging system using only one lens 
illuminated with a parallel beam of coherent light 
(Figure 7). The input and output planes are located at 
distances 2f on either side of the lens — the shortest 
conjugate distances possible. If a filter H(,v) is 
placed at the focal plane of the lens on the object’s 
Fourier transform, the correlation will appear on the 
output plane. This system requires satisfying imprac- 
tical conditions: aberration corrections for both the 
Fourier transform and for the imaging operation, so it 
is rarely seen. 


Filters 


Many types of filters can be used for different 
applications. Table 1 lists some commonly used 
filters for pattern recognition. The classical matched 
filter yields the optimum signal to noise ratio in the 
presence of additive noise. The phase-only filter 
(POF) is frequently used because of its high 
discrimination capability. The inverse filter is some- 
times used because it theoretically yields very sharp 
correlation peaks, but is very sensitive to noise, and 
when the spectrum F(u,v) has some zeros, the 


Table 1 Commonly used filters for image processing 


Name Filter 





Matched filter Home (He, ») = F(m, v) 








Fi 
Phase-only filter Hpor(H, ») = Fee a 
Inverse filter Hiny(, ») = rae 
F 
Wiener filter Hw(p, D) = (, Y) 


|F(u, vi? + S(p, v) 


realization of 1/F(u,v) can be impossible. A close 
relative of the inverse filter is the Wiener filter, which 
avoids the problem of the inverse filter by introdu- 
cing a quantity S(yu,v) in the denominator of the 
filter function. The function S(, v) can sometimes be 
a constant. H(w, v) is usually chosen to minimize the 
effect of noise or to optimize some parameter such as 
the peak to sidelobe ratio, or the discrimination 
ability of the system. 


Joint Transform Correlators 


In serial transform correlators, the filter is generally 
a complex function. Spatial light modulators are 
usually conceived with only one degree of freedom 
for each pixel, which can be optimized for amplitude 
modulation or for phase modulation. In order to 
achieve a fully complex filter, two modulators are 
required, or some spatial bandwidth of a modulator 
is sacrificed to encode a computer-generated 
hologram. 

The joint-transform correlator (JTC) does not 
require a fully complex filter. The filter is stored in 
the spatial domain so there is usually no need for the 
computation of a filter in the spectral domain. In the 
JTC, the correlation of a scene with a reference image 
is contained in the power spectrum of an input plane 
consisting of the scene placed side by side with the 
reference. The correlation terms are revealed when 
the Fourier transform of the power spectrum is 
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computed. The joint transform correlation can be 
summarized in three steps: 


1. The scene and the reference are located side by 
side in the input plane. 

2. The Fourier transform of the input plane is 
computed or carried out optically by one of the 
methods previously described. The transform 
intensity is measured and constitutes the joint 
power spectrum. Some optional enhancements, 
based on spatial filtering and/or nonlinear proces- 
sing on the power spectrum, can also be 
performed. 

3. The Fourier transform of this joint power 
spectrum is carried out, yielding the correlation 
plane containing the correlation of the reference 
with the scene. 


A mathematical analysis is required to understand the 
location of the correlation peaks. The side-by-side 
input scene s(x, y) and reference image r(x, y) are 





(XY) = 1% — Xe ¥ — Ye) +S(% — Xpo¥ — Ve) [14] 


The joint power spectrum E(u, v) is equal to the 
modulus squared of the Fourier transform of the 
input plane: 


I(t, Y) = R(p, De 27) + Su, rye 2M) 
EGaa) =digewe = 
IR(u, Y)lIr + SC, vl? 
+ R(p, YS" (ja, Ye PMH AIF MO Io 
+ RY, YS( pu, ve 2A HHOA— IOI 
[15] 








The joint power spectrum contains the Fourier 
transforms of the autocorrelation of the input 
scene, the autocorrelation of the reference, the 
correlation of the scene with the reference and its 
complex conjugate. The correlation peaks are 
obtained from the Fourier transform of the joint 
power spectrum: 


C(x! y') = Rox! y!) + Reelx', y’) 











Ree HG. 2%), P= Oe 9) 
R,,(x! + (x, — x5), ¥' + Or — Ys) 
[16] 


where 


Ra@lyy= | [ae ob"e-x.¢- yhdeae 
[17] 


Multiple targets and multiple references 
The input scene of the JTC may contain multiple 
targets. Each target in the scene will correlate with 
the other targets. The additional correlation peaks 
can clutter the correlation plane, so some care must 
be taken when positioning the scene with respect 
to the reference. Let s(x, y) contain multiple targets 
S(x,y): 

N 

s(x, y) = >. s(x — xj, ¥ — 4) [18] 

i=1 

The joint power spectrum becomes: 


N N N 
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where C.C. denotes the complex conjugate of the 
preceding term. The correlation plane will now be: 
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[20] 


The second lines of eqns [9] and [20] are the cross- 
correlation terms between the targets. In order to 
avoid confusion between reference—target corre- 
lations and target—target correlations, special care 
must be taken in positioning the reference with 
respect to the scene. All the target—target corre- 
lations will be inside a centered box that has twice 
the length and twice the width of the input scene, so 
the reference should be placed at least at twice the 
length or width of the scene. 

Multiple targets in the input scene can be viewed as 
multiple references, and the correlation of multiple 


the overall junction (Cjo = 0.7 pF) and parasitic capacitance (C, = 0.08 pF) of D1 and 
D2. Thus, L is calculated to be 26.5 nH in order to achieve an appropriate resonant 
frequency. Note that, L consists of L, and the overall parasitic inductance (Lequiyalent = 
1 nH) of D1 and D2. The 478-496 MHz band resonator circuit components were 
calculated as C3 = 15 pF and L3 = 7.2 nH. Hence, the initial component values are 
determined for the two resonant circuits. 

Initially these resonators were combined to achieve a dual-band structure. Then 
standard LC matching technique” is utilized to determine C1, C2, L1, and L2 to 
achieve minimum reflection at the resonant frequencies. The substitution of realistic 
chip component values with their associated parasitics, and addition of 50 Q 
microstrip lines and T-junctions introduce delay and shift the imaginary part of the 
input impedance. The via-holes also contribute to extra inductance in the circuit. 
Hence minor circuit adjustments are made in order to fine tune the resonant fre- 
quencies to the desired values. The final optimized values of the standard chip 
components are: L3’ = 3.9 nH, C3’ = 7.5 pF and L4’ = 11.6 nH. Large Signal S- 
parameter analysis is also performed to demonstrate the matching network per- 
formance as the input power is varied. Simulation results for the input impedance of 
the circuit depicted in Fig. 11 are illustrated in Fig. 12. The proposed dual-resonant 
matching circuit achieves a VSWR <2 at 478-496 MHz and 852-869 MHz for input 
power ranging from —40 to —10 dBm. It should be noted that the matching circuit 
was designed based on the input impedance of two diodes and the output resistor and 
capacitor (Fig. 10). Therefore, selecting a different value for the load resistor requires a 
new matching circuit to be designed. 
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references with multiple targets are all computed 
simultaneously. This property has led to applications 
in multiclass pattern recognition problems and in 
optical neural networks, where each neuron of a layer 
is coded as a reference object. This is one of the 
advantages of the JTC compared to serial correlators, 
since serial correlators are limited to one filter at 
a time. 


Example 

Here is an example of joint transform correlation. 
The input plane is shown in Fig . The plane is 
composed of the input scene in the top third of the 
input plane and the reference is placed in the center. 
This input scene contains two targets. The joint 
power spectrum is shown in with its 
pixels mapped to a logarithmic intensity scale. The 


correlation plane is shown in and d with the 
central peak truncated. The central peak contains 
the autocorrelation terms R,, and R,,. On each side of 
the autocorrelation peak are the cross-correlations 
between the different targets of the input scene. The 
correlation between the reference image and the input 
scene is located in the top part of the correlation 
plane. The correlation plane is symmetrical with 
respect to the origin, so the correlation peaks are 
reproduced on the bottom half of the output plane. 


Joint transform correlator architectures 

Different architectures have been used for JTCs. 

Three setups are presented here. This is not an 

exhaustive list. The simplest optical setup shown in 
is an optoelectronic implementation of a 

power spectrum machine. A convergent beam 








(c) (d) 





Figure 8 Joint transform correlation example. (a) Input scene; (b) joint power spectrum; (c) correlation plane (top view); (d) correlation 


plane (mesh view). 
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Figure 10 Optical JTC using two SLMs in the input plane. 


optical Fourier transform system is used to produce 
the Fourier transform of an image displayed on a 
single spatial light modulator (SLM). A CCD 
camera is placed in the Fourier plane to measure 
the joint power spectrum. The joint transform 
correlation is a two-step process: the input plane 
containing the scene and the reference is first 
displayed on the SLM, and the camera simul- 
taneously captures the joint power spectrum. In 
the second step, the joint power spectrum is 
displayed on the SLM, so the correlation plane is 
now on the camera. An optional second camera 
with intensity filters can be added to this setup. In 
this case, one camera serves to digitize the joint 
power spectrum during step 1 and the second 
camera captures the correlation plane at step 2 
and transmits it to a display device. This optional 
configuration is useful to keep both the correlation 
plane and the joint power spectrum within the 
dynamic range of their specific cameras. 

The setup shown in Figure 9 has two main 
disadvantages: the correlation is performed in two 
steps and requires some processing to construct the 


Optional Intensity filter 


or polarizer 


cop 4| 











input plane, and only half of the spatial light 
modulator can be used to display the input scene. 
There are alternative setups to alleviate those 
drawbacks, but they require the use of two or 
three SLMs. Two modulators can be used in the 
input plane to simulate a full modulator for the 
scene, as shown in Figure 10. The original setup can 
also be doubled with one optical Fourier transform 
system for the joint power spectrum and one for the 
correlation plane (Figure 11). With three modu- 
lators, it is possible to perform the joint transform 
correlation in a single step with a full modulator for 
the input scene. 


Comparison to serial transform correlators 

The joint transform correlator has some advantages 
over the serial transform correlator. Since the phase 
of the Fourier transform is destroyed in the JTC, 
there are much fewer constraints on the design. So it 
is advantageous to use an optical convergent beam 
setup to obtain the Fourier transform. As mentioned 
before, there is no need for a fully complex spatial 
light modulator in the joint transform correlator. 
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Figure 11 JTC implementation using two power spectrum machines. 


This allows the use of commercially available spatial 
light modulators primarily designed for projectors or 
for displays, where phase modulation is not required. 
Since there is a wider market for such devices, they 
are cheaper. 

For pattern recognition, the joint transform corre- 
lator has some properties that a serial transform 
correlator cannot reproduce. Some pattern recog- 
nition techniques require a linear combination of 
multiple amplitude correlations of the scene with 
different references. This is impossible with serial 
correlators because only the intensity of the corre- 
lation plane is detected. In a JTC, the joint power 
spectrum is linked to the correlation plane by the 
Fourier transform. So it is possible to obtain linear 
combinations of correlation planes by performing the 
corresponding operations on the joint power spectra. 
Some recent pattern recognition techniques such as 
morphological correlation and the sliced orthogonal 
nonlinear generalized (SONG) correlation, have been 
optically implemented using a JTC, but the required 
operations could not be carried out by means of serial 
optical correlators. 

Whereas optical serial transform correlators 
always carry out linear filtering operations, optical 
joint transform correlators can be made to carry out 
nonlinear filtering. This is achieved by imposing a 
nonlinear characteristic curve on the joint power 
spectrum, instead of the usual squaring operation 
inherent to the detection process. The nonlinearity 
can be intrinsic to the components (saturation, 
dynamic range) or obtained by introducing electro- 
nics between the CCD camera and the second SLM, 


Figure 12 Correlation plane with a logarithmic transformation of 
the joint power spectrum. 


or by using an optically addressed spatial light 
modulator. Nonlinear processing can enhance the 
weights of the high frequencies in the correlation, 
resulting in sharper correlation peaks and improved 
discrimination. To illustrate this effect, the joint 
power spectrum of the example of Figure 8 has been 
modified with a logarithmic transformation: 


E(u, v) = In(1 + plil(u, ll”) [21] 


with 8 = 0.25. The correlation plane for the trans- 
formed joint power spectrum is shown in Figure 12. 
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Figure 13 Optical vector—matrix multiplier. 


It is clear that the discrimination has improved over 
that of the previous case. 


Optical Vector-Matrix Multiplier 


An operation that is frequently required in infor- 
mation processing is the product of a matrix and a 
vector. This can be accomplished by means on 
anamorphic optics as shown in Figure 13. 

Here the input vector is a set of vertical fans of light 
from the source array, that are spread out, each over 
one row of the matrix mask by means of anamorphic 
optics. The inverse operation is carried out in the 
second half, so that the vertical array of spots in the 
output contains the vector—matrix product between 
the intensities of the source array and the transmis- 
sivities of the mask array. 

A vector—matrix product can also be carried out by 
means of a conventional optical correlator as shown 
in Figure 14. 

The input vector a is placed in a parallel beam at 
the focal plane of a conventional 2D correlator. A 
hologram in the Fourier plane contains a vector array 
H. The vector—matrix product aH appears along the 
axis in the correlation plane. 

The above figure shows an input vector 
f(x, b)6&(y — b) containing the vector components 
f(x1,x2, ...,xN) arrayed along the horizontal axis 
x, and shifted a distance a from the horizontal axis. If 
the Fourier transform of the mask in the filter plane is 
h(x, y), then the output plane has the distribution: 


g(x,y) = fi [flaw = Bh + pry + v)dpde 


(22) 

son= | fuabor+wb-ydu (23) 
sonb=| flunbyhee+ abide (24) 
c(0.b)=|° Aabyh(wbrdu (25) 
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Figure 14 A vector—matrix product using a conventional 2D 
optical correlator. 


So the output value along the y-axis at a distance a 
from the horizontal axis is equal to the scalar product 
of the vector f(x,b) with the vector h(x,b). Now if 
input vectors are stacked up one over the other in 
the input plane, each one will yield along the output 
y-axis a value that is the scalar product of the 
corresponding vector with the vector h. The set of 
values along the y-axis is therefore the vector—matrix 
product of the matrix constituted by the set of vectors 
in the input plane, with the vector h that is the 
impulse response of the filter. The cost for this 
operation is some considerable loss of light, since 
only the light along the y-axis is used in the output. 

Applications of the optical vector—matrix product 
are optical crossbar, numerical matrix operations 
such as the solving of linear equations, optical neural 
networks, spectrum analysis and discrete Fourier 
transforms. 


Conclusion 


It has been estimated that serial coherent optical 
correlators should be able to attain data rates of up to 
10'? operations per second, using the fastest spatial 


INFORMATION PROCESSING / Free-Space Optical Computing 247 





light modulators available. Joint transform correla- 
tors are somewhat slower, due to the input plane 
being divided between the object and the reference, to 
geometrical constraints in placement of targets, and 
due to the need to use electronics to carry out some of 
the operations. Until now, speeds have been limited 
by the data rates at the input, but as the speeds of 
optically addressed SLMs increase, the problem could 
be shifted to the output, where the lack of optical high 
spatial bandwidth threshold devices could cause a 
bottleneck. 


List of Units and Nomenclature 


A Vector or matrix 

CCD Charge coupled device 

F(, v) Fourier transform of f(x, y)/ 

FT Fourier transform 

FT! Inverse Fourier transform 

H* Complex conjugate of H 

JTC Joint-transform correlator 

POF Phase-only filter 

Rap Correlation between functions a and b 

(x,y) Spatial coordinates 

A Wavelength of light 

(u, V) Spatial frequencies 

* Correlation 

SLM Spatial light modulator 

SONG Sliced orthogonal nonlinear general- 
ized correlation 

See also 
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Fraunhofer Diffraction; Fresnel Diffraction. Fourier 
Optics. Geometrical Optics: Aberrations. Holography, 


Free-Space Optical Computing 


AA S Awwal, Lawrence Livermore National 
Laboratory, Livermore, CA, USA 


M Arif, Infineon Technologies, Longmont, CO, USA 


© 2005, Elsevier Ltd. All Rights Reserved. 


Introduction 
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optical computing. This article gives an overview of 
various algorithms, such as shadow-casting, symbolic 
substitution to nonlinear optics-based processors. 
Some of the core devices, such as modulators and 
nonlinear logic elements, are discussed. The optical 
computing concepts, originated with nonlinear optics 
and analog optical computing, are more commonly 
known as optical signal processing. Now they have 
culminated into digital optical computing, opening 
the door to highly specialized parallel computing 
architecture. 
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Parallel computation is a direct approach to 
enhance the speed of digital computations which are 
otherwise inhibited by the sequential processing 
bottleneck. Physical limitations — such as limited 
interconnections, interactions amongst electrons, 
with the consequent inability to share a data bus 
simultaneously, and constant propagation delay of 
electronic circuits — place an upper bound on the 
speed of the fastest operation possible with an 
electronic computer, without a modification to the 
computing architecture. Optics provides an architec- 
tural advantage over electronics, due to the fact that 
the most natural way to use optics lends itself to a 
parallel implementation. Optical signals propagate in 
parallel, cross each other without interference 
(whereas charged electrons interact heavily with 
each other), have the lowest possible propagation 
delay of all signals, and can provide million channel 
free-space interconnections with simple lenses 
(whereas an unrealistic number of connections are 
necessary for electrons). Thus, optics is an excellent 
candidate for implementing parallel computing 
machines using the 3D space connectivity. While 
electronic architecture is naturally 2D, optical free 
space architecture is 3D, exploiting the third dimen- 
sion of space. The communication bottleneck forces 
electronic computers to update the computation state 
space sequentially, whereas the use of optics will 
empower one to change the entire computation space 
in parallel. 


Historical Perspective 


Historically, digital optical computing was proposed 
as a natural extension of nonlinear optics. Just as 
transistors, which are nonlinear electronic devices, 
led to the realization of the computing logic using 
transistors, it was envisioned that nonlinear optical 
effects would give rise to optical transistors which 
would lead to development of optical logic gates. One 
of the limitations of nonlinear optical device-based 
computation is the high laser power requirement to 
demonstrate any nonlinear optical effect. 

One of the effects used to demonstrate nonlinearity 
is to change the refractive index with the incident 
intensity. In other words, most materials will behave 
linearly with low optical energy. The refractive index 
expressed as 1 = ng + my Tis nominally linear because 
the nonlinear co-efficient 2) is usually very small. In 
the presence of high power, the 1 I is significant 
enough to cause an optical path change by altering 
the refractive index. When such a medium is placed 
inside a Fabry—Perot resonator, it will allow one to 
control the transmission of the filter by changing the 
incident intensity. Thus, at high power, it shows a 


nonlinear behavior or bistability. The term optical 
bistability was coined, which meant the presence of 
two stable states of output for the same intensity 
value. 

Another development took place at the University 
of Michigan by the development of a precision optical 
processor; this was an optical processor which could 
process radar signals using optics, this is the example 
of an analog optical computing processor. 

A third area which is in between the digital and the 
analog are the discrete level devices which most often 
take the form of matrix-based processors. Free space 
optical matrix vector multipliers are examples of such 
processors. 

The latest field of optical computing research is in 
the algorithms and architecture area. The motivation 
here is to develop new algorithms which take 
advantage of optics. The thing that is lacking is the 
presence of appropriate device technology that can 
implement the algorithm in a given architecture. In 
terms of practical realization, analog optical comput- 
ing is the most successful one. Adaptive optic 
processors have found success both in astronomy as 
well as vision sciences, and more recently in optical 
imaging through the atmosphere. 

Development of free space optical computing has 
two main driving forces: the technology (device) base 
and the algorithm base. In this classification, since the 
field is in its infancy, both device-based classes and 
architectural (algorithm) classes are listed side-by- 
side as separate entities, ignoring the natural overlap 
that may be present in some instances. For example, 
nonlinear optical devices could be implemented into a 
variety of architecture that is listed below. Holo- 
graphic processor is another technology-based class 
while some other architectures, such as, symbolic 
substitution may involve use of holograms, but it 
does not exclude it being a class by itself. The 
following list gives a classification of optical free 
space computing: 


1. Digital Optical Computing: 
(a) Pattern coded computing or cellular logic: 
(i) Optical shadow-casting processor; 
(ii) Symbolic substitution; 
(iii) Theta logic based computation. 
(b) Parallel arithmetic circuits: 
(c) Hybrid optical computing: 
(d) Nonlinear optical device based: 
(e) Threshold logic. 
2. Discrete optical computing: 
(a) Optical fuzzy logic: 
(b) Optical matrix processors: 
(i) Vector matrix multiplier; 
(ii) Differential equation solver; 


b 
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(iii) Linear algebra processor; 
(iv) DFT processor; 
(v) Programmable logic array; 
(vi) Associative memory processor. 

(c) Optical neural network. 
3. Analog optical computing: 

(a) Adaptive optics processor; 

(b) Partially coherent processing (white light 
processing): 
Fourier transform based processor: 
Nonlinear contact screen based: 
Holographic processors: 
Linear optical processors (image 
differentiation). 


(c 
(d 
(e 
(f 


We start by discussing some of the device based 
classes and their underlying concepts: (a) nonlinear 
optics; (b) SLMs; and (c) hologram based. 


Core Device Technologies Used for 
Free-Space Optical Computing 


One of the most difficult challenges of optical 
computing (OC) is inventing devices that can realize 
aforementioned key advantages of optics. There exist, 
however, several key technology areas, where a 
breakthrough in any one of these will pave the way 
to real-world optical computing. We discuss here 
some of the major device technologies that relate 
to OC. 

Spatial light modulator (SLM) converts infor- 
mation from different forms to the optical domain. 
As a result, SLM is used as an input device to an 
optical computing system. High contrast ratio, very 
high speed, and parallel addressing scheme are 
desirable properties of an SLM as an input device. 
For example, the SLM could be used to input a 
2-dimensional signal or an image into a Fourier 
transform-based processor. Several applications of 
SLM are possible: 


1. Optical encoding: Pattern coded logic can per- 
form logic operations if inputs can be encoded 
using certain pattern; 

2. Encoding complex filter: It could encode phase, 
amplitude or both; and 

3. As phase modulator: for adaptive optics. 


Two types of SLMs are liquid-crystal based and 
micro-electromechanical (MEM) based. The former 
uses liquid crystals to change the phase of transmitted 
or reflected light leading to modulation of phase. 
Although the most successful commercial application 
of MEMs is its use in consumer electronics, such as 


projection TVs or video projectors, in free-space 
optical computing it can be used as: 


(a) an interconnection device; 

(b) an SLM for matrix; or 

(c) a phase modulating device in AO close loop 
control of optical phase aberrations or phase only 
filter. 


The heart of the MEMs is tiny electrically 
controllable mirrors which can steer the incoming 
beam in a different direction or bend to create 
a relative optical path difference for the reflected 
beam. 

Algorithms, where an SLM plays a major role, are 
pattern coded computing, optical matrix processors, 
adaptive optic processors, partially coherent proces- 
sing, Fourier transform based processors, and linear 
optical processors. 


Nonlinear Optical Element 


A nonlinear optical element is an architecture or 
device structure which allows for utilization of the 
nonlinearity of the optical material that produces 
detectable changes of optical intensity. Figure 1 shows 
the basic block diagram for an optical computing 
basic element. To achieve an optical logic gate, one 
needs a scheme where light can be controlled by light, 
as current is controlled by current in a transistor. An 
optical device showing optical bistability can be used 
for this purpose. Optical bistability is defined as the 
situation where two different output intensities are 
possible for a given input intensity. 

For example, as shown in Figure 2 below, at the 
intensity level of C, there are two stable states, one 
HIGH and one LOW. Just as the transistor has two 
stable states ON and OFF, the optical bistable device 
exhibits two states ON and OFF. The fact that such 
nonlinear behavior could implement logic behavior 


Bias 


Input 1 
Output 


Nonlinear 


optical element 








Input 2 


Figure 1 Block diagram of an optical logic gate using nonlinear 
optical element. 
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Figure 2 Bistable behavior, a typical AND behavior with inputs A and B. 
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Figure 3 __Bistable optical device, nonlinear medium in a Fabry— 
Perot cavity. 


can be explained as follows. Assume that a two input 
device possesses a nonlinear characteristic as shown 
in Figure 2. Assume that the input intensity value of 1 
is indicated by an intensity level equal to A. When 
both A and B are equal to 1, then the combined 
intensity switches the device to HIGH output state. 
However, if only one input is present, the output will 
be LOW. Thus, this bistable device acts as a logical 
AND gate. 

To achieve optical bistability, two features are 
required, namely, nonlinearity and feedback. One 
way to achieve this is by placing a nonlinear medium 
in a Fabry—Perot cavity. Figure 3 shows a schematic 
of these devices. In Figure 3, A, is the incident field, 
A’, is the reflected field, Ay and A, are the forward and 
backward fields inside the cavity, respectively, and / is 
the cavity length. 

The coupled wave equation for this system is 
given by 


Ay = TA, + pA [1b] 
where, p is the amplitude reflectivity and 7 is the 
amplitude transmissivity. The wave vector k = nw/c 
and @ is the absorption coefficient. In deriving the 


above equations, it was assumed that k and a are 
spatially invariant and real. Solving for Az, from 
eqns [1a] and [1b] yields 


TA, 


A, = 1 — preriklmal [2] 


Equation [2] is the so-called Airy’s equation which 
describes the properties of the Fabry—Perot cavity. 
From eqn [2] it can be seen that if k or a is a 
sufficiently nonlinear function, this device will show 
bistability. In general, both k and a can show 
nonlinearity. Hence optical bistability can be either 
absorptive or dispersive. 


Absorptive Bistability 


If the absorption coefficient « depends nonlinearly on 
the intensity, assuming k is constant, after some 
manipulation, eqn [2] can be written as 


Th 
[1 — RG — al)? 





L [3] 
where, I; 0 1A;*, T = I7” and R = Ipl*. In deriving 
eqn [3], it was assumed that the mirror separation is 
such that the system is in resonance and al < 1. If a 
depends on the intensity, it can be assumed that it 
follows the relationship of two level saturable 
absorbers, for simplicity, which is 


ao 


OTH, (4 





where, a denotes the unsaturated absorption 
coefficient, I is the local value of intensity, and I, is 
the saturation intensity. Using eqn [4] in eqn [3] 


yields 
c ) 


ae h(t ae se Ty 
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Di 


Figure 4 The input-output relationship of absorptive bistability predicted by eqns [5] and [6]. 


where, Cy = Rag//(1 — R). Also the output intensity 
I; is related to I, by 


Ig = 1b [6] 


Using eqns [5] and [6], it can be shown that there 
can be multiple solutions to the above input-output 
relationship which predicts the optical bistability. 
Figure 4 shows a plot of DI, versus DI3, where 
D = 2/TI,, as a function of various Cy. As can be 
seen from Figure 4, for a high enough value of Co, 
the system possesses multiple solutions. 


Dispersive Bistability 
The intensity dependence of the refractive index can 
be written as 


n=No+ nol [7] 


If the refractive index n varies nonlinearly with 

intensity, assuming a = 0 and using eqn [7], eqn [2] 

can be written as 

_ TA 
1— perl 


_ TA, [8] 


A 
‘ 1 — Red 





where, 6 = 69 + 65. 59 and 6, are given by 
do = @ + 2no — 
ae [9] 
l 


where, ¢ is the phase associated with p and the fact 
that k = na/c is used. 


6> = 2njI 


) 


By 


/,(au) 


Figure5 Plots of both sides of eqn [10] as a function of /, and for 
increasing values of input intensity /,. The oscillatory curve 
represents the right-hand side of eqn [10] and the straight lines 
represent the left-hand side with increasing values. 


After some manipulation, eqn [8] can be rewritten 
in terms of intensity as 


D UT 
Ty 1+ (R/T?) sin2(6/2) 





[10] 


and 


= 8) + (4m 20 \b [11] 
Equation [10] can be solved graphically to show the 
introduction of bistable behavior as a function of 
input intensity. Figure 5 shows the plots of both sides 
of eqn [10] as a function of I, and for increasing 
values of input intensity I,. The oscillatory curve 
represents the right-hand side of eqn [10] and the 
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straight lines represent the left-hand side with 
increasing values of I,. It can be readily seen from 
Figure 5 that at sufficiently high values of I,, multiple 
solutions are possible for eqn [10]. This again will 
give rise to the bistable behavior. 


Nonlinear Interference Filters 


The optical bistability from the nonlinear interference 
filters (or etalons) can be used to achieve optical logic 
gates. The transmission property of these etalons can 
be modified by another optical beam, known as a bias 
beam. A typical logic gate and the transmission 
property are shown in the following figure. If the bias 
beam is such that, Powitch — (Pa + Phias) < Pp, then the 
transmitted beam shown in Figure 6b readily follows 
an AND gate. The truth table for such configurations 
is shown in Figure 6d. 


Four-Wave Mixing 


Four Wave Mixing (FWM) can be used to implement 
various computing functions. Using the photorefrac- 
tive effect and FWM ina third-order nonlinear optical 
material, optical phase conjugate beams can be 
obtained. A schematic of FWM and phase conju- 
gation is shown in Figure 7. The forward pump beam 
interferes with the probe beam to produce a grating 


Pp Nonlinear 
interference filter 


Truth table for an AND function from the above 


setup from the transmitted beam 

















Py= input 1 | Pg =input 2) P; = output 
0 0 0 
0 1 0 
1 0 0 
1 1 i 

















(d) 


in the photorefractive material. The backward pump 
beam is then diffracted to produce a beam which 
retraces the path of the probe beam but has an 
opposite phase. It can be seen from Figure 7, that the 
optical phase conjugation can be readily used as an 
AND logical operator. By using the four-wave 
mixing, an optical counterpart of transistors has 
been introduced. FWM have also been used in AND- 
based optical symbolic substitution (OSS) operations. 
FWM is also used to produce matched filter-based 
optical correlators. 

Another device showing the optical bistability is 
the self electro-optic effect device (SEED). SEEDs 
were used to implement optical logic circuits. The 
SEEDs are produced by putting multiple quantum 
wells (MQW) in the intrinsic region of a p-i-n 
structure. The MQWs are created by placing 
alternating thin layers of high (barriers) and low 
(wells) bandgap materials. An electric field is applied 
to the SEEDs externally. The absorption coefficient is 
a function of applied bias voltage. When a light 
beam is incident on these devices, it creates a 
photocurrent, consequently lowering the bias voltage 
across the MQW. This, in turn, increases the 
absorption and when the input optical power is 
high enough, the system sees a peak absorption and 
suddenly switches to a lower state and thus shows 
the bistable behavior. A schematic of SEED is shown 
in Figure 8. 





Pt 

















Pa + Pb 
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Pr 
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Figure 6 A typical optical logic gate configuration using nonlinear interference filter: (a) schematic; (b) the transmitted power output; 
(c) reflected power output (both as functions of inputs); and (d) the truth table for AND operation with beams A and B as inputs. 
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Figure 7 Four-wave mixing setup. 
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Figure 8 Schematic of self electro-optic effect devices. 


Replacing the resistive load by a photodiode, a 
diode-based SEED (D-SEED) can be constructed, 
which is analogous to the way diode transistor logic 
was developed from resistor transistor logic in 
electronics. Electrically connecting two MQW p-i-n 
structure symmetric SEEDs (S-SEED) are con- 
structed, which are less sensitive to optical power 
fluctuations and effectively provide isolation between 
input and output. 


Pattern Coded Optical Computing: 
Symbolic Substitution or Cellular 
Logic 


This is a keyword which is equivalent to simple digital 
logic operation. In digital logic, a truth table can 
describe the relationship between input and output 
variable. In symbolic substitution logic, this relation- 
ship is expressed as a 2D pattern rule. In any specific 
rule (equivalent to a row in the truth table) of SS logic, 
a specific 2D pattern is identified and replaced by 
another pattern. For example, in the case of binary 
logic, we can express the addition of two binary bits 
with the following truth table: 





Rule number Input Output 

A B Cc S 
1 0 0 0 0 
2 0 1 0 1 
3 1 0 0 1 
4 1 1 1 0 
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Figure 9 Symbolic substitution example, the two inputs are 
coded using dual rails. The second column shows the four 
combinations of inputs (00, 01, 10, and 11). They are shifted and 
overlapped creating the fourth column. A mask detects the output 
as a dark pixel appearing through the transparent opening. The 
dark is inverted to create a detection output. 


Here A and Bare the two digits to be added, C and S 
are the sum and the carry bit, respectively. To convert 
this operation to an SS operation, we can say that a 
two bit binary pattern is identified and replaced by a 
sum bit and a carry bit. If we now express the above 
in terms of symbolic substitution, we will say let 0 
and 1 be represented by the following 2D symbol. 
Then the rule for the carry bit generation is shown in 
Figure 9. 

Note that each of these rules has to be 
implemented individually. However, one can 
implement these by only generating the 1 output or 
the zero output, whichever leads to the minimum 
rule. Here implementing the last rule is convenient, 
one can make a copy of the whole pattern and then 
overlap it with its left shift version. This will result in 
a dark pixel at the origin. This is inverted and then 
produces a detection output. Natural extension of SS 
is in signed digit computing, where carry free 
addition can be achieved, allowing parallel 
implementation of numerical algorithm using free 
space optics. 


Optical Shadow Casting (OSC) 


All digital logic is nonlinear. The nonlinearity of the 
digital logic is converted into nonlinearity of coding. 
The OSC system originally proposed by Tanida and 
Ichioka uses two-dimensional spatially encoded 
patterns as data input and light emitting diodes 
(LEDs) as light sources. In the original shadow- 
casting system, the inputs were represented by 
vertical and horizontal stripes of opaque and trans- 
parent bars. With this system, programmability was 
attained by changing the LED pattern and it was 
possible to realize 16 logical operations between two 
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Figure 10 An optical shadow-casting system. added 


variables as well as a half addition as an example of 
arithmetic operation. Later, polarized codes were 
introduced into shadow-casting systems. This 
improved technique, called the polarization-encoded 
optical shadow casting (POSC), enabled complex 
combinational logic units like binary and trinary 
full adders, as well as image processing applications, 
to be realized. 

The lensless OSC system, as shown in Figure 10, 
consists of spatially encoded 2D binary pixel patterns 
as the inputs. The input patterns are kept in close 
contact at the input plane and the resulting input 
overlapped pixel pattern is illuminated by a set of 
LEDs from the source plane. The light originating 
from each of the LEDs located at the source plane 
produces a shadow of the input overlap pixel pattern 
at the output plane. The overlap of these relatively 
displaced shadows results in an output overlap pixel 
pattern at the output plane. A decoding mask placed 
at the output plane is then used to spatially filter and 
detect the logical output. To prevent crosstalk, 
specific spacing among the different processing 
elements must be maintained. 


Discrete Processors: Optical Matrix 
Processor 


Most of the discrete optical processing schemes 
revolve around optical matrix—vector multiplication. 
Many numerically useful operations such as: (a) 
linear algebraic operations; (b) signal processing 
algorithms; (c) Boolean logic; (d) digital multiplica- 
tion by analog convolution; and (e) neural networks, 
can be formulated as matrix-vector multiplication. 
An example of the digital multiplication by analog 
convolution (DMAC) can be understood by the 


17 12 =1x100+7x10+12x1=182 


The two numbers are convolved as shown above. 
This is done by reversing one of the numbers (4 1), 
while keeping the other number in the same order 
(1 3), then sliding the reversed number to the right, 
and collecting the element by element products. The 
second partial products are 4x 1 and 1X3 which 
are then added to give the convolution results. 
Surprisingly, the weighted number in mixed radix 
(since numbers that have digits higher than 9, are no 
longer decimal) has the same value as the product 
shown in the upper left. It is possible to have fast 
parallel convolution optically, resulting in fast paral- 
lel multiplier. However, an efficient electronic post 
processor is necessary to convert the mixed radix 
numbers to the radix of the to-be-multiplied numbers. 

A basic optical matrix—vector multiplier is shown 
in Figure 11. Here the vector, represented by an 
expanding column of light, is projected onto the 2D 
matrix, possibly represented by a glass plate or 
electronically addressable spatial light modulator. 
As the light representing the vector passes through the 
transmitting medium, each element of the vector (I) 
gets multiplied by a column of matrix represented by 
the transmittance of the matrix (T). The product (IT) 
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Figure 11. A matrix—vector multiplier. 
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is integrated horizontally using a cylindrical lens. This 
leads to an addition operation of the partial products, 
resulting in the generation of the output product 
vector. Mathematically: 


44, 442, 443 4 by 

421 422 423 424 b» 
y — 

431 432 433 434 b3 

G41 442 443 44 ba 


41D, + a42b7 + 443b3 + ay4b4 
1b, + ag7b7 + a23b3 + ar4b4 


31D, + 432b + 433b3 + a34b4 








4b, + a4zb + 443b3 + a44b4 


The above can be achieved if the vector b is expanded 
as 


b, by b3 by 
b, by b3 by 
b, by b3 by 
b, by bs by 


and a point-by-point multiplication is performed 
between the expanded vector and the original matrix. 
Then the addition is performed by the cylindrical 
lenses. 

Another simple application of vector matrix 
multiplier is in digital logic, known as programmable 
logic array (PLA). PLA is an electronic device 
that consists of a set of AND gates followed by a 
set of OR gates, which can be organized in AND-OR 
format suitable for realizing any arbitrary general 
purpose logic operation. AND logic is performed 
when light representing a logic level is passed 
through a transparency representing the other 
variable; OR is achieved by converging light to a 
common detector. 


Assume a function F=AC+ABD+ABC [13] 


where A represents the logical inverse of A. Using 
DeMorgans’ theorem in digital logic, this can be 
expressed as 





F=(A+C)4+(A4+B+4C)4+(A+B+C) 


= 91 +92 + ¥2 [14] 


Now the y;s can be generated by the vector matrix 
product, as shown below: 


¥1 
where | y2 
¥3 
A 
A 
B 
010001 0 0\/y _ 
-l10010001]]- [15] 
0110010 0)/¢ 
C 
D 
D 


Note here that the AND has been converted to OR, 
which needs to be inverted and then ORed to generate 
the function F. A setup shown in Figure 11 can be 
used to accomplish this. In step 1, the y,s are 
generated, and then in step 2 they are inverted and 
summed by a second pass through the same system 
with a different mask. Other applications of vector— 
matrix multipliers are in neural networks, where the 
interconnection weights are represented by the matrix 
and the inputs are the vector. 


Analog Optical Computing 


Correlation is a way to detect the presence of signal in 
additive noise. Optics offer a fast way of performing 
correlations. The practical motivation of this area 
comes from the fact that a lens performs a Fourier 
transform of a two-dimensional signal at its focal 
plane. The most famous analog optical computing is 
known as optical matched filter. The theoretical basis 
of an optical matched filter is in the Fourier theorem 
of matched filtering which states that the cross 
correlation between two signals can be formed by 
multiplying the Fourier transform of the signal and 
the complex conjugate of the second signal and 
followed by a subsequent Fourier transform oper- 
ation. Mathematically: 

Correlation(f, g) = F '[F{f}"conjugate(F{g})] [16] 
where F represents a Fourier transform operation 
and F ' represents an inverse transform. Since the 
lens can easily perform the Fourier transform, and 
multiplication can be performed by light passing 
through a medium, the only problem that has to be 
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f oF f device technology with the right architecture at 
: bie r x the right applications. The development of quantum 
computing may hold new promises for optical 
computing. 
List of Units and Nomenclature 
Input plane Filter plane Output plane DMAC Digital multiplication by analog 
Figure 12 An optical 4-f set up. Lenses perform Fourier convolution 
transform at their focal plane. JTC Joint transform correlator 
OC Optical computing 
PLA Programmable logic array 
solved is to represent the signal and the filter in the QC Quantum computing 
optical domain. Since an SLM can represent both the SLM Spatial light modulator 
real signal and the complex filter, thus the whole 
operation can be performed in a 4-f setup as shown 
in Figure 12. The input is displayed in the input See also 


plane by an SLM, the first lens performs a Fourier 
transform. This filter (conjugate F{g}) is encoded 
using another SLM and placed at the filter plane. 
When light from the F{f} passes through the filter, it 
performs the required multiplication. The second 
lens performs a second Fourier transform and 
produces the correlation output at the output 
plane. Variations of the basic setup exist as a joint 
transform correlator (JTC) or binary phase-only 
filter (BPOF). While the JTC achieves the product 
of the complex domain by adding the two signals 
and squaring, the BPOF is achieved by simplifying 
the complex domain filter by numerically approxi- 
mating it with the binarized phase. Other appli- 
cations of linear optical processing can be performed 
in the basic 4-f optical setup where filters such as 
low-pass or high-pass filters, can be set up in the 
correlation plane. 

The hologram base computing treats holograms as 
a legitimate way of signal transformation from one 
form to another, just as a lens transforms from one 
domain to another. Holograms are complex represen- 
tations that can act on a signal. A lens can be 
approximated by a hologram, in reality functions of 
many optical elements, such as lens, grating, 
prism, and other transformation such as beamsplit- 
ting, it can be combined into single computing 
element known as computer-generated hologram 
(CGH). The smartness of this type of system depends 
on how many operations have been replaced by a 
single CGH. 

It is envisioned that optical computing is better 
suited for special purpose computing rather than 
general purpose computing. However, the future of 
optical computing lies in the marriage of appropriate 


Nonlinear Optics, Basics: Four-Wave Mixing; Nomen- 
clature and Units. Quantum Optics: Quantum 
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Introduction 


After low-cost lasers became widely available, it 
seemed that incoherent analog optical processing 
was no longer important. In general, incoherent 
optical processing has no apparent significant advan- 
tages, as compared with its coherent optical counter- 
part or digital computer processing. However, 
although nobody now attempts to build an incoherent 
optical processor, such as an incoherent correlator, 
most instruments are still operating using incoherent 
or natural light. These incoherent instruments relate to 
imaging, including cameras, microscopes, telescopes, 
projection displays, and lithographic equipment. 
From this point of view, it is still very important to 
study the principles of incoherent analog optical 
processing, in order to further progress or improve 
the incoherent image. 


Incoherent Image Formation 


The image formation in a coherent optical system can 
be explained using the linear system. A perfect point 
(x, y) in the input plane is imaged in the output plane 
as the impulse response of the system h(x, y). When 
the input is only a single point, the output amplitude 
is simply h(x, y) and the output intensity is |h(x, y)I*. 
Accordingly, the function of |h(x, y)I* is called point 
spread function (PSF). 

If we consider that the input object is the collection 
of a large number of very fine points, under coherent 
light illumination, the output image will be the 
collection of the same number of blurred spots. The 
shape of each blurred spot is h(x, y). If the amplitude 
function of input object is f(x,y), the amplitude 
function of output image is 


ooan= |] fpahe-pry-adpdg 11) 


which is a convolution of f(x,y) and h(x, y). The 
intensity function of output image is 


2 


lox, P= HW fp. phx — p.y - gdp dq] 121 


According to the convolution theorem, in the 
Fourier transform domain or frequency domain, we 
have 


O(u, v) = F(u, v)H(u, v) [3] 


where O(u,v), F(u,v), and H(u,v) are the Fourier 
transforms of o(x, y), f(x, y), and h(x, y), respectively. 
H(u, v) is the transfer function of the coherent imaging 
system. To distinguish it from the incoherent imaging 
system, it is also called coherent transfer function 
(CTE). 

The same optical imaging system is now illumi- 
nated with incoherent light instead of coherent light. 
The amplitude impulse response is still the same 
h(x, y), and the point spread function is also the same 
lh(x, y)I*. Similarly, the input object is the collection 
of perfect points, and the output image is the 
collection of blurred images of each point. However, 
since the illuminating light is incoherent, light from 
any point in the input object is not coherent with light 
from any other points. Thus, there is no interference 
with light from different points. The output image is 
simply the addition of intensity patterns generated by 
each point in the input object. The amplitude function 
of the output image is not computable. However, the 
intensity function of the output image is 


looayP=[ |" Ifp.aPlbe—pa-pPdpdg 14 


In the frequency domain, we now have 
O, (u,v) = F,(u,v)H)(u,v) [S] 


where O,(u,v), F,(u,v), H,(u,v) are Fourier trans- 
forms of lo(x,y)l*, foxy), and lh(x.y)I’, res- 
pectively. The intensity impulse response |h(x,y)I? is 
the PSE Note that the index I of O;, F;, and Hy; 
denotes intensity. The function H,(u,v) is now the 
transfer function of the incoherent imaging system, 
which is called optical transfer function (OTF). 

Referring to Fourier analysis, if H(u,v) is the 
Fourier transform of h(x, y), the Fourier transform 
of lh(x,y)l? is the autocorrelation of H(u,v) as 
follows: 


Hiv) =| | H(p.gH(p ~ wg ~ vod dq 161 


The OTF (the function H,(u, v)) is the autocorrelation 
of CTF (the function H(u,v)), which is a complex 
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function in general. It can be written as 
OTF = IOTFl exp(id) [7] 
We can further write 
MTF = IOTFI [8] 


where MTF stands for modulation transfer function, 
and 


PIF=@ [9] 


where PTF stands for phase transfer function. 


Measurement of MTF 


The MTF of an incoherent imaging system can be 
measured empirically using an input that is a cosine 
grating having intensity transmittance function: 


f(x) I? = 1+ cos(27ax) [10] 


where a is the frequency of grating. The output or the 
image intensity function will be 


lo(x)* = 1+m cos(2max + ¢) [11] 
where m, the contrast, can be measured by 
2 2. 
_ lo@)Imax — 100%) lmnin [12] 





lo(x)lfnax Zs lo(x) leain 


In the frequency domain, the Fourier transform of 
the input function is 
F,(u) = 6(u) + + iu —ayt+ + Ku +a) [13] 


The Fourier transform of the output function will be 


O,(u) = F,(u)OTF(w) [14] 
Substitution of eqn [13] yields 
O;(w) = &(u)OTF(0) + 5-8(u — a)OTF(a) 
+48(u+a)OTK(—a) [15] 
Notice that 
OTF(0)=1 [16] 
due to normalization, and 
OTF(a)=OTF(—a) [17] 


Because OTF is an autocorrelation function, it must 
be a symmetric function. Substitution of eqns [16] 


and [17] into eqn [15] yields 


O)(u) = &(u) + 55(u — a)OTF(a) 


+ 56(u+a)OTF(a) [18] 


Remembering that OTF is a complex function given 
in eqn [7], we can write 


OTF(a)= MTF(a) exp(id(a)) [19] 
Substitution of eqn [19] into eqn [18] yields 
O;(u) = 6(u) + 4.8(u — a)MTF(a) exp(id(a)) 
+38(u+a)MTF(a) exp(ip(a)) [20] 
The inverse Fourier transform of eqn [20] is 
lo(x)I* = 1+ MTF(a) cos(2 ax + #(a)) [21] 
By comparing eqn [21] and eqn [11], we find 
MTF(a)=m [22] 
and the PTF 
P(a)= [23] 


Therefore, the MTF at frequency u=a of the 
incoherent imaging system can be measured using 
eqn [12]. To get the complete MTF(z), the measure- 
ment is repeated using cosine gratings with different 
frequencies. The PTF can also be measured at the 
same time. 


Incoherent Spatial Filtering 


In the 4f coherent optical processor, the first lens 
performs the Fourier transform, and the second 
lens performs the inverse Fourier transform, as 
shown in Figure 1. The Fourier transform domain 
or frequency domain is materialized in the frequency 
plane that is the back focal plane of the first lens. 


Frequency plane 
Input plane Output plane 


Lens Lens 


i B04 


<—_> <—_ > <__ > <_ >! 
f f f f 


Figure 1 4f coherent optical processor consists of two Fourier 
transform lenses. 
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Thus, the Fourier transform of the object can be 
visualized in the frequency plane. For example, if the 
object is a grating, we will see its frequency 
components in the frequency plane. However, if the 
coherent illumination (e.g., from a laser) is replaced 
with incoherent illumination (e.g., from a lightbulb), 
the pattern of Fourier transform in the frequency 
plane disappears. Does it mean that we can no longer 
perform spatial filtering? No, we still can perform 
spatial filtering, although the pattern of Fourier 
transform is no longer visualized. 

Consider that we have a spatial filter in the 
frequency plane whose physical form can be 
expressed by the function H(u,v). For illustration, 
this spatial filter is simply a small one-dimensional 
window H(u), as shown in Figure 2a. If the 4f optical 


H(u) 
u 
a a+b 
(a) 
CTF(u) 
u 
a a+b 
(b) 
MTF(u) 
u 
—b b 


(c) 


Figure 2 (a) One-dimensional window in frequency plane 
functions as a spatial filter. (b) CTF and (c) OTF or MTF produced 
by spatial filter (a). 


processor is illuminated with coherent light, the CTF 
of the system is H(u) itself as shown in Figure 2b. 
However, if the 4f optical processor is illuminated 
with incoherent light, we will use OTF instead of CTF 
in the analysis of linear system. The OTF is the auto- 
correlation of CTE, which is graphically depicted in 
Figure 2c. In this example, since the OTF is real and 
positive, the MTF is identical to the OTF. 

For simplicity, we analyze and show a one- 
dimensional filter only in a two-dimensional graph. 
It certainly can be extended to the two-dimensional 
filter. And we need a three-dimensional graph to show 
the two-dimensional autocorrelation. 

It is important to note that, although the CTF is a 
high pass filter that passes frequencies in the band of 
u=a to u=a+tb, the MTF is a low pass filter 
that passes frequencies from u=—b to u=b, 
independent of a. This indicates that an incoherent 
processor cannot enhance high frequency. It is always 
a low pass processor. It is interesting to note that 
the OTF is independent of the location of the filter 
u =a, but it is determined by the width of the filter 
Au = b only. 

Accordingly, an aperture made up of randomly 
distributed pinholes behaves as a low pass filter in an 
incoherent imaging system. The cut-off frequency of 
such a filter can be derived from the diameter of the 
pinhole, which is equivalent to Figure 2b. The 
procedure for using this filter is simple. If a camera 
is used to take a picture, the random pinhole filter can 
be simply attached to the camera lens. The picture 
taken will not consist of high-frequency components, 
because the filter acts like a low pass filter. The low 
pass filtering can also be done by reducing the 
aperture of camera. However, by doing so, the light 
entering the camera is also reduced. The use of a 
random pinhole filter removes high frequencies 
without reducing the light intensity. When the 
random pinhole filter is placed in the frequency 
plane of a 4f coherent optical processor, it can be used 
to reduce the speckle noise. Note that the speckle 
noise is the main drawback in coherent optical 
processing. 


Incoherent Complex Matched 

Spatial Filtering 

Lohmann and Werlich pointed out that the Vander 
Lugt correlator can also be operated with incoherent 


light. In the coherent Vander Lugt correlator the 
correlation term is: 


oém=[[ flaBgx(a-&B-—mdads [24] 
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Its intensity distribution is 


ho 2 
joteme=|ff" fa pera-6e- ndadp 
[25] 


However, when the input object is illuminated 
with incoherent light instead of coherent light, 
the intensity distribution of the correlation term 
becomes 


lox(& mI? =|| If(a,B)"lg(a—&B—m)’dadB 
[26] 


Equation [26] shows the correlation of |f(x,y)l? and 
le(x,y)l?. Therefore, when f(x,y) is identical to g(x,y), 
the correlation peak always appears regardless of 
whether the illumination is coherent or incoherent. 
However, the detailed structures of the coherent and 
incoherent correlation outputs are different. Note 
that the joint transform correlator cannot be operated 
using incoherent light, since no joint Fourier spectra 
will be formed. 


Depixelization of Projection Display 


Recently, a technique to remove the pixel structure 
from an image projected by liquid crystal projection 
display has been reported. A liquid crystal projection 
display must have a pixel structure to form an image. 
Can we remove this pixel structure from the projected 
image to obtain a movie-like image? It is well known 
that a single hole in the frequency plane can perform a 
coherent spatial filtering, such that the pixel structure 
will disappear from the output image. 

Because of the pixel structure, we get multiple 
Fourier spectra in the frequency plane. By passing 
only one spectrum order through the hole in the 
frequency plane, the pixel structure can be removed 
as shown in Figure 3. 

It is interesting to note that selecting any one of the 
spectra will produce the image at the same location. 


Pixelated Multiple Depixelated 
input Fourier spectra output 


Single hole 


Figure 3 Removal of pixel structure using a single hole in 
frequency plane. Most of the energy is wasted and the output 
intensity is dim. 


Pixelated 
input 


Multiple Depixelated 
Fourier spectra output 


) 80 & 


Multiple 
phase filters with 
different thicknesses 


Figure 4 Removal of pixel structure using multiple phase filters 
with different thickness to cover each Fourier spectrum order. No 
energy is wasted and the output intensity is very bright. 


However, if two spectra are passed, on the top of the 
produced image, Young interference fringes are also 
produced. If all spectra are passed, the produced 
interference fringes are in fact the pixel structure 
itself. By passing only one spectrum order and 
blocking most spectrum orders, we lose most of the 
energy. The projected image will be very dim, 
although the pixel structure is removed. 

To overcome this problem, we may cover each 
spectrum order with a transparent material having 
different thickness as shown in Figure 4. Thus, every 
spectrum order is passed and delayed by a phase filter 
with a different thickness. If the delay produced by 
the phase filter is larger than the coherent length of 
light, every spectrum order is no longer coherent to 
each other. In other words, the resultant image is the 
sum of the intensities of all images. As a result, the 
pixel structure does not appear, and no intensity is 
lost. For a white light source, since the frequency 
bandwidth is large, the coherent length is typically on 
the order of several tens of pm. 

This technique can significantly improve the 
quality of the liquid crystal projection display. 
Figure 5 shows the experimental result of a depixe- 
lated projection image. Figure 5a shows the projected 
image of an input with pixel structure when no phase 
filter is applied in the frequency plane. Figure 5b 
shows the projected image of the same input with 
pixel structure when phase filters are applied in the 
frequency plane. The pixel structure is successfully 
removed as shown in Figure 5b. 


Computed Tomography 


The computed tomography or CT using X-ray is 
usually considered beyond optical information pro- 
cessing. However, it is interesting to review the 
principle of the X-ray CT, since the X-ray source is 
incoherent, and the CT image reconstruction utilizes 
Fourier transformation that is commonly used in 
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Figure 5 
produced when phase filters are applied in the frequency plane. 


optical information processing. The X-ray CT is used 
for taking the cross-section picture of the human 
body. Note that a conventional X-ray picture only 
provides a projection instead of a cross-section 
picture. 

Consider the case when an X-ray penetrates 
through an object characterized by its attenuation 
coefficient or density function f(x,y) as shown in 
Figure 6. The detected X-ray intensity is 


I= I) exp — | | Fos yds | [27] 


where Ip is the original intensity. Equation [27] can be 
written as 


| fox y)ds = “Ing [28] 


Apparently, we cannot directly measure f(x,y), 
although we can obtain f f(x,y)ds from the 
measurement of I and Ip. However, we want to get 
the cross-section picture which is the density function 
f(x,y). The basic idea is to compute f(x, y) from its 
Fourier transform F(u, v), and F(u,v) is derived from 
eqn [28]. F(u,v) can be expressed as 


F(u,v) = If f(x, y) exp[—i2m(ux + vy)|dx dy 
[29] 


For v = 0, eqn (29) becomes 


Fu, 0) = If f(x, y) exp[-i2aux]dx dy [30] 


(b) 


(a) Projected image consists of pixel structure when no phase filter is applied in the frequency plane. (b) Depixelated image is 





f(x,y) 


X-ray source Detector 


!0 


Figure 6 X-ray passes through object having density function 
f(x, y). 


which can be written 


F(u, 0) = [- p(x) exp[—i27ux]dx [31] 


where 


po =| flx.ydy [32] 


The projection function p(x) given by eqn [32] can 
be obtained using an X-ray parallel beam as shown 
in Figure 7. Then F(u,0) can be computed using 
computer based on eqn [31]. F(u,0) is the Fourier 
transform along the u-axis. To get other data, we 
rotate the coordinate (u,v) to (u',v') by a small angle 
a. Correspondingly, the coordinate (x,y) is also 
rotated to (x’, y’) by the same angle a while the 
object is not rotated as shown in Figure 8. 

From the measurement shown in Figure 8, we can 
get p(x’), which, in turn, provides F(u’,v' = 0). By 
increasing the rotation angle a, we will get other data 
of Fu",v"=0). The completion of rotation of 
180 degrees will give us the data in the frequency 
domain (u,v) as shown in Figure 9. 

After the data F(u,v) is collected, as shown in 
Figure 9, F(u, v) can be inverse Fourier transformed to 
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Detector array 


Figure 7 X-ray parallel beam passes through the object to 
produce projection function p(x). 


Detector array 


Figure 8 Rotated X-ray parallel beam produces the rotated 
projection function p(x’). 





Figure 9 F(u,v) computed from a set of rotated projection 
functions. 


produce f(x,y). There are two approaches in the 
inverse Fourier transform. The first approach is to 
interpolate the computed value F(u,v) such that the 
value of F(u,v), on a regular grid structure, can be 
defined before an inverse Fourier transform can be 
taken. 

The second approach is to apply polar coordinates, 
instead of Cartesian coordinates, to the inverse 
Fourier transform, such that no interpolation in 
frequency domain (u,v) is required. The inverse 
Fourier transform in Cartesian coordinates is as 
follows: 


f(x, y) = ii} F(u,v) exp[i2m(ux + vy)|du dv [33] 
It can be written in polar coordinates as: 


27 0 
fon y={ iF F(pcos ¢, psin ¢) 


Xexp[i2mp(xcosP+ysind)|lpldpdd [34] 

where 
u=pcos@ [35] 
v=psing [36] 


Therefore f(x,y) can be obtained from the collected 
F(u,v), as shown in Figure 9, without further inter- 
polation using eqn [34]. Note that eqns [31], [33], 
and [34] are computed using a computer program. 


See also 


Spectroscopy: Fourier Transform Spectroscopy. 
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Abstract: This work presents the optimization of antenna captured low power radio 
frequency (RF) to direct current (DC) power converters using Schottky diodes for 
powering remote wireless sensors. Linearized models using scattering parameters show 
that an antenna and a matched diode rectifier can be described as a form of coupled 
resonator with different individual resonator properties. The analytical models show that 
the maximum voltage gain of the coupled resonators is mainly related to the antenna, diode 
and load (remote sensor) resistances at matched conditions or resonance. The analytical 
models were verified with experimental results. Different passive wireless RF power 
harvesters offering high selectivity, broadband response and high voltage sensitivity are 
presented. Measured results show that with an optimal resistance of antenna and diode, it is 
possible to achieve high RF to DC voltage sensitivity of 0.5 V and efficiency of 20% at 
—30 dBm antenna input power. Additionally, a wireless harvester (rectenna) is built and 
tested for receiving range performance. 
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Why Optical Bit-Serial Computing? 


Optical bit-serial computing will lower cost and 
improve dataflow rates in optical telecommunica- 
tions and associated computing. Moreover, the 
electromagnetic immunity of optics will enhance 
security for computing as well as for communi- 
cations. Also, absence of sparking with optics enables 
safe operation, even in hazardous environments. 

Currently, optical bit-serial communication 
involves passing terabits of data per second 
(10'* bps) - thousands of encyclopedias per 
second — along an optical fiber by switching light of 
multiple colors on and off, representing ‘1’ and ‘0’ 
bits respectively. Replacing electronic computing 
functions, constrained to tens of gigabits per second 
(10° bps), with integrated optics, ones of much higher 
speed, enables faster flow rates — allowing continua- 
tion of the annual doubling of capacity-distance that 
has occurred since the 1970s. Cost is reduced by 
eliminating the demultiplexing and multiplexing for 
optic-electronic-optic (OEO) conversions. Two 
illustrative areas of optical bit-serial computing for 
replacing electronic computing functions are 
described: computing at up to 40 Gbps with semi- 
conductor optical amplifiers (SOAs) and computing 
at higher bit rates with integrated optic components. 
Several books address the relevant technical back- 
ground: free-space optical information processing, 
optical computer architectures, optical fiber com- 
munications, and integrated optics. 
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Figure 1 Optical XGM-SOA NOR gate. 






XGM-SOA 


Yu FTS and Wang EY (1973) Speckle reduction in 
holography by means of random spatial sampling. 
Applied Optics 12: 1656-1659. 


Computing with Semiconductor 
Optical Amplifiers 


Semiconductor optical amplifiers, SOAs, allow non- 
linear operations (switching, logic) at low power 
(mW) because of amplification — typically up to 
1000. An SOA is a laser diode with antireflection 
coatings in place of reflecting facets. Light pulses at 
bit rates in excess of 40 Gbps are amplified by 
absorbing power from an electronic pump. SOAs 
are used in the following, at bit rates up to 40 Gbps, 
for nonlinear operations in cross-gain, cross-phase, or 
cross-polarization. 


SOA-XGM for Logic 


Figure 1 shows an SOA in cross-gain modulation 
(XGM) performing a NOR function. Either A or B 
inputs at a ‘1’ level, driving the SOA through 
couplers into saturation, lowering its gain. A 
continuous wave at C, having a different frequency 
A3, from that of A, A; and B, Az, experiences the 
decrease in gain, resulting in an output ‘0’ level at 
frequency A3. The filter in Figure 1 can be avoided by 
counter-propagating A and B through the SOA from 
right to left. XOR gates use interference between 
two incoming streams of bits (locked to identical 
frequency, phase, polarization) to correlate headers 
on internet protocol (IP) address headers — similar to 
matching zip codes in postal mail routing machines. 
Bit-serial-adders are constructed from combinations 
of XOR and NOR gates; subsequently the adders 
are used to construct ripple-carry-adders for word 
addition. In addition, NOR gates are used to 
construct flip-flops; hence registers which form 
short-term memory. 
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Figure 2 Optical XGM-SOA 2R signal regeneration. 
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Figure 3. XPM-SOA in Sagnac interferometer for optical manipulation of bits at high data rates. 
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Figure 4 Integrated optic Optiwave layout for microring 


resonator. 


SOA-XGM for Frequency Conversion 


Ignoring input B, the bit information in Figure 1 has 
been transferred from carrier frequency A onto the 
carrier frequency C, with inversion. This enables 
switching of signals in wavelength division multi- 
plexing (WDM), for example, color reuse is simplified 
and a color red is routed to the location where blue 
was previously routed; this is equivalent to time 
slot interchangers for switching in time division 
multiplexing (TDM). 


SOA-XGM for 2-R Signal Regeneration 


Figure 2 show how two SOAs may be used in 
sequence to restore signal levels distorted by propa- 
gation or computation; reamplification and reshaping 
(2-R). The ‘1’ level at the output of the first SOA is 
clipped by gain saturation, removing noise, this 
becoming the ‘0’ level at the output of the second 
SOA. The second SOA clips the ‘1’ level at the output. 


SOA-XPM with Interferometer 


In cross-phase modulation (XPM), the signal at A, 
Figure 1, changes the phase of carrier for signal C 
passing through the SOA (signal levels may be less 
than for XGM). Inclusion of an SOA in an 
interferometer, Mach-Zehnder or Sagnac, converts 
phase to intensity for frequency conversion, switching 
or high-speed bit manipulation. Figure 3 shows a 
control pulse entering a coupler at the left and 
providing a control input to the SOA at one 
frequency. The bits circulating round the loop at a 
different frequency can be switched on and off by the 
control pulse, to synchronize or manipulate high bit 
rate signals or for frequency conversion. 


Computing with Integrated Optics 


Combining several discrete optical components into a 
single optical chip is more beneficial than in electronic 
very large-scale integration (VLSI) because optical 
connections require greater precision; moreover bit 
rates are higher because photons, unlike electrons, 
have no mass or charge (only spin). 


Integrated Optic Microring Resonator 


Figure 4 shows a microring resonator in an integrated 
optic chip for optical filtering, light entering at the left 
couples into the loop. For loop lengths that are a 
multiple of wavelength, light cycling the loop is in 
phase and resonance occurs. At resonant frequencies, 
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Figure 5 
resonator. 


Integrated optic Optiwave layout for Bragg microring 


light exiting the loop is out of phase with that in the 
linear guide, causing cancellation of the input. As 
frequency varies away from resonance, light passes 
and the device acts as a notch filter to block light at 
the resonant frequencies. With nonlinear Kerr 
material, low-level light intensity may be used to 
change a resonant frequency to make a switch. 


Bragg Integrated Optic Microring Resonator 


Performance is improved by using a Bragg microring 
resonator, Figure 5, which confines light in the central 
light colored ring by dielectric mirror reflection from 
Bragg gratings on either side. The refractive index 
is less in the ring than in the surrounding regions, in 
contrast to a conventional waveguide (used in 
Figure 4) that guides by total internal reflection. 
The higher reflectivity, smaller ring radius and lower 
refractive index — these help to reduce power 
loss, volume, and travel time around the ring. 
This increases filter selectivity, drives up peak power 
for enhanced nonlinearity for switching, decreases 
stored energy for fast response, and increases 
frequency range (free spectral range, FSR). In this 
case, an equivalent photonic crystal may be more 
expensive because it requires higher resolution 
lithography and greater refractive index contrast. 


Photonic Crystal Mach-Zehnder Switch 


Recently developed photonic crystal technology 
allows a reduction in integrated optic chip size from 
centimeters to submillimeters. The 2D or 3D periodic 
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Figure 6 Proposed photonic Mach-Zehnder 


interferometer. 


crystal 


structure of dielectric variations emulates crystals and 
provides dielectric mirror reflections in multiple 
dimensions for lossless waveguide bends, high O 
resonators, and slowing of wave propagation to 
enhance effective nonlinearity of materials. Figure 6 
shows a proposed 2D photonic crystal Mach- 
Zehnder interferometer switch in which light is 
split into two paths by a coupler and propagation 
velocity is slowed for enhancing nonlinearity by 
using coupled-resonator optical waveguides 
(CROWs), in which alternate posts of different 
dielectric constant remain in the waveguides to form 
coupled cavities. 


Conclusion 


Optical bit-serial computing can reduce cost and 
increase flow-rate for expanding telecommunication 
network capacity, while providing enhanced security 
from electromagnetic sabotage and tampering. 
Advances in integrated optics (microring resonators), 
progress in optoelectronic components (SOAs), 
improved materials and fabrication techniques — 
these technologies enable cost-effective optical 
bit-serial computing solutions for future telecom- 
munication evolution. 


See also 


All-Optical Signal Regeneration. Information Proces- 
sing: All-Optical Multiplexing/Demultiplexing. 
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Optical approaches to image processing provide a 
natural method by which to obtain the inherent 
advantages associated with optics including massive 
parallelism, high-speed processing, and the inherent 
compatibility with image formats. Early applications 
of optics employed analog processing techniques with 
the most common being the optical Fourier trans- 
form, matrix-vector processors, and correlators. 
Later, advances in digital signal processing (DSP), 
digital storage, and digital communication systems 
demonstrated the potential for higher resolution, 
improved flexibility and functionality, and increased 
noise immunity over analog techniques and quickly 
became the preferred method for accurate signal 
processing. Consequently, optical processing archi- 
tectures, that incorporated digital processing tech- 
niques, were explored. Advances in very large-scale 
integration (VLSI) electronic circuitry and optoelec- 
tronic devices later enabled smart pixel technology, 
which integrates the programmability and processing 
of electronic circuitry with the two-dimensional (2D) 
nature of an optical architecture and made possible a 
particular realization of optical digital image proces- 
sing. This chapter describes an application of optical 
digital image processing, based on smart pixel 
technology, called digital image halftoning. 

Natural images are, by definition, continuous in 
intensity and color. Halftoning is the process by 
which a continuous-tone, gray-scale image is con- 
verted to one containing only binary output pixels. 
Halftoning can be thought of as an image com- 
pression technique whereby a high-resolution image 
is transformed to a low-resolution image containing 
only black-and-white pixels. The transformation 
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from a continuous-tone, gray-scale image to one 
containing only binary-valued pixels is also similar, in 
principle, to low-resolution analog-to-digital (A/D) 
conversion. 

An early manual approach to printing continuous- 
tone images, using only the presence or absence of ink, 
is the Mezzotint. Ludwig von Siegen (1609-1680), an 
amateur Dutch printmaker, first invented the mezzo- 
tint, or ‘half tone process’, in 1640. The process later 
came into prominence in England during the early 
eighteenth century. Mezzotints are produced on 
copper plates where the surface of the plate is roughed 
with a tool called the Mezzotint Rocker, shaped like 
a wide chisel with a curved and serrated edge. By 
rocking the toothed edge backwards and forwards 
over the plate, a rough burr is produced which holds 
the ink. The dark regions of an image were roughed in 
a random fashion, while the areas to be lightened were 
scraped and burnished. This process was found to be 
especially useful for the reproduction of paintings, 
due to its ability to capture the subtlest gradations of 
tone from rich, velvety blacks to glowing highlights. 
The mezzotint is, therefore, an early artistic prede- 
cessor to the modern day halftone. 

Optical halftoning has been in use by commercial 
printers for over 100 years. Commercial halftone 
screens are based on a discovery made by William 
Henry Fox Talbot (1800-1877), in 1852. He 
demonstrated the feasibility of optical halftoning by 
photographing an image through a loosely woven 
fabric or ‘screen’. In the 1890s, this process came into 
practical use when the halftone screen, consisting of 
two ruled glass plates cemented together, became 
commercially available. Commercial halftone screens 
produce an effect of variably sized dots on the 
photographic plate that gives the illusion of a 
continuous tone image. 

Digital image halftoning, sometimes referred to as 
spatial dithering, is the process of converting an 
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electronic continuous-tone, gray-scale image to one 
containing only binary-valued pixels, for the purpose 
of displaying, printing, or storing the image. The 
underlying concept is to provide the viewer of the 
image with the illusion of viewing a continuous-tone 
image when, in fact, only black and white pixel values 
are used in the rendering. This process is particularly 
important in applications such as laser printing, 
bilevel displays, xerography, and more recently, 
facsimile. 

There are a number of different methods by which 
this digital image halftoning can be accomplished, 
which are generally classified as either point or 
neighborhood processes. A point process is one 
which computes the output pixel value based strictly 
on some characteristic of the corresponding input 
pixel. In contrast, a neighborhood process computes a 
single output pixel based on a number of pixels 
in a neighborhood or region of the input image. 
Ordered dither, which is considered a point process, 
produces an output by comparing a single continu- 
ous-tone input value against a deterministic periodic 
array of threshold values. If the value of the input 
pixel under consideration is greater than the corres- 
ponding threshold value, the corresponding output 
pixel is rendered white. If the intensity is less that the 
threshold, it is rendered black. Dispersed-dot ordered 
dither is a subset of ordered dither in which the 
halftone dots are of a fixed size while clustered-dot 
ordered dither uses variable-sized dots and simulates 
the variable-sized dots of a printer’s halftone screen in 
the rendering. Among the advantages of point process 
halftoning, in general and ordered dither halftoning 
specifically, are simplicity and speed of implemen- 
tation. The primary disadvantage is that ordered 
dither produces patterns in the halftoned image, 
which are visually undesirable. 

In contrast, halftoning using the error diffusion 
algorithm, first introduced by Floyd and Steinberg in 
1975, employs neighborhood operations and is 
currently the most popular neighborhood process. 
In this approach to halftoning, the output pixel value 
is determined, not solely by the value of the input 
pixel and some deterministic pattern, but instead by a 
weighted average of values from pixels in a neighbor- 
hood surrounding the specific pixel being computed. 
Here, the error of the quantization process is 
computed and spatially distributed or diffused within 
a local neighborhood in order to influence future 
pixel quantization decisions within that neighbor- 
hood and thereby improve the overall quality of the 
halftoned image. In classical unidirectional error 
diffusion, the image is processed sequentially, pro- 
ceeding from the upper-left to the lower-right. 
Starting in the corner of the image, the first pixel is 


thresholded and the quantizer error is calculated. The 
error is then diffused to neighboring pixels that have 
not yet been processed according to the scaling and 
interconnect defined by the error diffusion filter. The 
remainder of the pixels in the image are subsequently 
processed with each quantizer input, now being the 
algebraic sum of the corresponding original input 
pixel intensity and the weighted error from previously 
processed pixels. While error diffusion produces 
halftone images of superior quality, the unidirectional 
processing of the algorithm continues to introduce 
visual artifacts that are directly attributable to the 
algorithm itself. 

In an effort to overcome the implementation 
constraints of serial processing and improve overall 
halftone image quality, a number of different parallel 
architectures have been investigated, including several 
based on neural network algorithms. While neural 
network approaches can provide distinct advantages 
in improved halftone image quality, they also present 
challenges to hardware implementations, including 
speed of convergence and the physical interconnect 
requirements. These challenges, in addition to the 
natural compatibility with imaging media, provide the 
motivation for developing optical image processing 
architectures for these types of applications. 


The Error Diffusion Algorithm 


Figure 1 shows a block diagram of the error diffusion 
architecture used in digital image halftoning. The 
input image is represented as X,,, Win.» 18 the impulse 
response of a 2D causal, unity gain error diffusion 
filter, and the output quantized image is described by 
Ynn © {-1, 1}. The quantizer q[w,,,] provides the one- 
bit thresholding functionality necessary to convert 
each analog input pixel to a low-resolution digital 
output pixel. The quantizer error &,,,, is computed as 
the difference between the output and input to the 
quantizer and distributed to adjacent pixels according 
to the weighting and interconnection specified by the 
error diffusion filter. The unity gain constraint ensures 


Quantizer 








Aum 














Figure 1 Block diagram of recursive error diffusion architecture. 
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that no amplification or attenuation of the error signal 
occurs during the error diffusion process and preserves 
the average intensity of the image. 

In this architecture, the error associated with the 
quantizer decision at spatial coordinates (m,7) is 
diffused within a local 2D region to influence adjacent 
quantization decisions. All of the state variables in 
this architecture are scalar values since this architec- 
ture represents a recursive algorithm in which each 
pixel in the image is processed sequentially. In the 
general case, where w,, is assumed to be a 2D finite 
impulse response (FIR) filter with coefficients that 
span a region of support defined by R,,,, the 
quantizer input state u,,,, can be written as 


Unn = Xnn — > Wi jEm-in-j [1] 
JER nn 


Here, w;,; = 0, for all i = j, since the error signal is 
diffused spatially within the region of support Ryn 
and does not influence the pixel under consideration. 
In this unidirectional error diffusion, the 2D error 
diffusion filter is therefore noncausal. Figure 2 shows 
the impulse response of several popular error diffu- 
sion filters that have been used in rectangular grid 
architectures. Figure 2a shows the original error 
diffusion filter weights developed by Floyd and 
Steinberg. They argued that the four weights were 
the smallest number of weights that would produce 
good halftone images. Figure 2b is a filter that 
contains a larger region of support developed by 
Jarvis, Judice, and Ninke in 1976. Finally, the filter in 
Figure 2c, developed by Stucki, contains the same 
region of support with coefficients that are a multiple 
of 2 for digital compatibility and computational 
efficiency. Here, ‘e’ represents the pixel being 
processed and the weights describe the local region 
over which the error is diffused. The normalization 
factors ensure that the filter coefficients sum to one 
and therefore meet the unity gain criterion. 

To understand the effect of error diffusion and its 
impact on the quantizer error, it is instructive to 
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Figure 2 Three common error diffusion filters used in 
rectangular grid architectures. (The ‘e’ represents the origin.) 


describe the effect of error diffusion mathematically. 
Consider the relationship between the quantizer error 
Emn = Vnn — 4mn and the overall quantization error 
Enn =YVnn —Xmn in the frequency domain. If we 
assume that the error is uncorrelated with the input 
and has statistical properties consistent with a white 
process, z-transform techniques can be applied to 
show that the feedback architecture provides the 
following noise-shaping characteristics: 


E(z1, 22) 
E(z1 > 22) 


Here, E(z1, 22), E(z1, 22), and W(z,,z2) represent the 
zg-transforms of 844, Emn, and Wy», respectively. 
Equation [2] shows that the noise-shaping character- 
istic of the error diffusion architecture is directly 
related to the spectral characteristics of W(zj, 22). 
Appropriate selection of W(z,,z2) can spectrally 
shape the quantizer noise in such a way that 
minimizes the effect of the low-resolution quantiza- 
tion process on the overall halftoning process. An 
error diffusion filter with low-pass spectral charac- 
teristics produces an overall noise-shaping character- 
istic 1 — W(z1,2%2), which has the desired high-pass 
frequency characteristics. This noise-shaping func- 
tion suppresses the quantization noise within those 
frequencies occupied by the image and spectrally 
shapes the noise to high frequencies, which are less 
objectionable to the human visual system. Circular 
symmetry is another important characteristic in the 
error diffusion filter since the human visual system 
is particularly sensitive to directional artifacts in 
the image. 

In the following qualitative description of digital 
image halftoning, a 348 x 348 natural image of the 
Cadet Chapel at West Point was selected as the test 
image. This image provides a variety of important 
image characteristics, with regions of uniform gray- 
scale, edges, and areas with fine detail. This image 
was scanned from a high-resolution black and white 
photograph at 150 dots per inch (dpi) and then 
printed using a 300 dpi laser printer. 

Figure 3 shows the test image of the Cadet Chapel 
rendered using dispersed-dot ordered dither and 
results in 256 gray-levels at 300 dpi. Figure 4 shows 
the halftone image of the Cadet Chapel using the error 
diffusion algorithm and the Floyd—Steinberg filter 
coefficients shown in Figure 2a. The unidirectionality 
of the processing and the causality of the diffusion 
filter result in undesirable visual artifacts in the 
halftone image. These include directional hysteresis, 
which is manifested as ‘snakes’ running from upper- 
left to lower-right, and transient behavior near 
boundaries, which appears as ‘shadows’ below and 
to the right of sharp-intensity changes. The directional 


Ans(21, 22) = =1- Wai, 2) [2] 
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hysteresis is particularly objectionable in uniform gray 
intensity areas such as the cloud structure in the upper- 
left of Figure 4. Similar artifacts are also present in 
images halftoned using the error diffusion algorithm 
and other causal diffusion kernels. The logical 
conclusion to draw from this limited, qualitative 
analysis is that if we could diffuse the error symme- 
trically and simultaneously process the entire image in 
parallel, we could reduce some of these visual artifacts 
and thereby improve overall halftone image quality. 





Figure 3 Original gray-scale image of the Cadet Chapel 
rendered using dispersed-dot ordered dither. 





Figure 4 Halftone image of the Cadet Chapel produced using 
the error diffusion algorithm and the Floyd—Steinberg weights. 


The Error Diffusion Algorithm and 
Neural Networks 


The popularity of the neural network-based approach 
to signal and image processing lies in the ability to 
minimize a particular performance metric associated 
with a highly nonlinear system of equations. Specifi- 
cally, the problem of creating a halftone image can be 
cast in terms of a nonlinear quadratic optimization 
problem where the performance measure to be 
minimized is the difference between the original and 
the halftone images. 


The Hopfield-Type Neural Network 


Tank and Hopfield first proposed a mathematical 
description of the functionality of the neural proces- 
sing network for signal processing applications. 
Figure 5 shows an electronic implementation of a 
four-neuron architecture. Here, a single neuron is 
comprised of both a standard and inverting amplifier 
and the synapses or neural interconnections are 
represented by the physical connections between the 
input and output of the amplifiers. If the input to 
amplifier i is connected to the output of amplifier j by 
a resistor with resistance R;;, the amplitude of the 
connection T; ; is the conductance 1/R; ; 

The dynamic behavior of an Nnsuron Hopfield- 
type neural network can be described by the follow- 
ing system of N nonlinear differential equations: 


—uj(t) + 27 


where i = 1,2,...N, 3[-] isa monotonically increasing 
sigmoid function, x; is an input vector containing N 
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S[uj(O)] + x; [3] 
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Figure 5 Electronic realization of a four-neuron Hopfield-type 
neural network. 
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elements, and c is a scaling factor. In equilibrium, 
eqn [3] implies that 


uU; =X; + > Tj, 31] [4] 
] 


Hopfield showed that when the matrix of intercon- 
nection weights T is symmetric with zero diagonal 
elements and the high-gain limit of the sigmoid 3J-] is 
used, the stable states of the N functions y;,(t) = 3|u;] 
are the local minima of the energy function: 


1 
Boeoy yas y [5] 


where y € {-1,1} is the N-vector of quantized 
states. As a result, if the neural network can be 
shown to be stable, as the network converges the 
energy function is minimized. In most neural network 
applications, this energy function is designed to be 
proportional to a performance metric of interest and 
therefore as the network converges, the energy 
function and consequently the performance metric 
is also minimized. 


The Error Diffusion Neural Network 


An understanding of the operation and characteristics 
of the Hopfield-type neural network can be applied to 
the development and understanding of a 2D exten- 
sion of the error diffusion algorithm. Figure 6 shows 
an electronic implementation of a four-neuron error 
diffusion-type neural network, where the individual 
neurons are represented as amplifiers and the 
synapses by the physical connections between the 
input and output of the amplifiers. 
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Figure 6 Four-neuron electronic implementation of the error 
diffusion neural network. 


In equilibrium, the error diffusion neural network 
can be shown to satisfy 


u= Wy -u)+x [6] 


Here, u is the state vector of neuron inputs, W is a 
matrix containing the interconnect weights, x is the 
input state vector, and y is the output state vector. For 
an NXN image, W is an N* X N* sparse, circulant 
matrix derived from the original error diffusion 
weights w,,,. If we define the coordinate system 
such that the central element of the error diffusion 
kernel is (7, 7) = (0, 0), then the matrix W is defined as 
WG, )) = —wlVU — 2 div N,(j — 1) mod N] where: 


xdivy=|> | if xy = 0or[ >| ifxy <0 [7] 


An equivalence to the Hopfield network can therefore 


be described by 
u= A(Wy +x) [8] 


where A = (I+ W)7!. Effectively, the error diffusion 
network includes a pre-filtering of the input image x 
by the matrix A while still filtering the output image y 
but now with a new matrix, AW. Recognizing 
that AW =I-— A and adding the arbitrary constant 
k=y'y+x!Ax, we can write the energy function 
of the error diffusion neural network as 


E(x, y) = y' Ay — 2y'Ax + x! Ax [9] 


This energy function is a quadratic function, which 
can be factored into 
Ex, y) = ([Bly-x) By-x] [10] 
SS — S$ 


error 


where A= B'B. From eqn [10] we find that as the 
error diffusion neural network converges and the 
energy function is minimized, so too is the error 
between the output and input images. 

If the neurons update independently, the 
convergence of the error diffusion network is 
guaranteed if 


error 


Vk : [AW]z =0 [11] 


We find in practice, that even in a synchronous 
implementation, the halftoned images converge to a 
solution, which results in significantly improved 
halftone image quality over other similar halftoning 
algorithms. 


The Error Diffusion Filter 


The purpose of the error diffusion filter is to spectrally 
shape the quantization noise in such a way that the 
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quantizer error is distributed to higher spatial 
frequencies, which are less objectionable to the 
human visual system. In this application, a feedback 
filter for the error diffusion neural network was 
designed using conventional 2D filter design tech- 
niques resulting in the 7 X 7 impulse response shown 
in Figure 7. Figure 8 shows the same image of the 
Cadet Chapel halftoned using the error diffusion 
neural network algorithm and the 2D error diffusion 
filter shown in Figure 7. There is clear improvement 
in halftone image quality over the image produced 
using sequential error diffusion in Figure 4. Notice 
particularly the uniform distribution of pixels in the 
cloud formation in the upper-left of Figure 8. Also 
noteworthy is the improvement around the fine detail 
portions of the tree branches and next to the vertical 
edges of the chapel. 
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Figure 7 Impulse response of a 7 x 7 symmetric error diffusion 


filter. (‘e’ represents the origin.) 





Figure 8 Halftone image of the Cadet Chapel using the error 
diffusion neural network and the 7 x 7 symmetric error diffusion 
filter shown in Figure 7. 


Smart Pixel Technology and Optical 
Image Processing 


The concept underlying smart pixel technology is to 
integrate electronic processing and individual optical 
devices on a common chip, to take advantage of the 
complexity of electronic processing circuits and the 
speed of optical devices. Arrays of these smart pixels 
then allow the advantage of parallelism that optics 
provides. There are a number of different 
approaches to smart pixel technology that differ 
primarily in the kind of opto-electronic devices, the 
type of electronic circuitry, and the method of inte- 
gration of the two. Common opto-electronic devices 
found in smart pixels include: light-emitting diodes 
(LEDs); laser diodes (LDs); vertical cavity surface 
emitting lasers (VCSELs); multiple quantum well 
(MQW) modulators; liquid crystal devices (LCDs); 
and photodetectors (PDs). The most common types 
of electronic circuitry are silicon-based semiconduc- 
tors such as complementary metal oxide semicon- 
ductors (CMOS) and compound semiconductors 
such as gallium arsinide (GaAs)-based circuitry. 
There are a number of different approaches to 
smart pixels, which generally differ in the way in 
which the electronic and optical devices are inte- 
grated. Monolithic integration, direct epitaxy, and 
hybrid integration are the three most common 
approaches in use today. 

Smart pixel technology provides a natural metho- 
dology by which to implement optical image proces- 
sing architectures. The opto-electronic devices 
provide a natural optical interface while the elec- 
tronic circuitry provides the ability to perform either 
analog or digital computation. It is important to 
understand that any functionality that can be 
implemented in electronic circuitry can be integrated 
into a smart pixel architecture. The only limitations 
arise from physical space constraints imposed by the 
integration of the opto-electronic devices with 
the electronic circuitry. While smart pixels can be 
fabricated with digital or analog circuitry, the 
smart pixel architecture described subsequently uses 
mixed-signal circuitry. 


A Smart Pixel Implementation of the Error Diffusion 
Neural Network 


A smart pixel hardware implementation of the 
error diffusion neural network provides the poten- 
tial to simultaneously achieve the computational 
complexity of electronic circuitry and the paralle- 
lism and high-speed switching of optics. The 
specific smart pixel architecture described here 
integrates MQW modulators called self electro- 
optic effect devices (SEEDs) with silicon CMOS 
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VLSI circuitry, using a hybrid integration approach 
called flip-chip bonding. This type of smart pixel is 
commonly referred to as CMOS-SEED smart pixel 
technology. 

To provide an example of the application of smart 
pixel technology to digital image halftoning, a 5 x 5 
CMOS-SEED smart pixel array was designed and 
fabricated. The CMOS circuitry was produced using 
a 0.5 wm silicon process and the SEED modulators 
were subsequently flip-chip bonded to silicon circui- 
try using a hybrid integration technique. The central 
neuron of this new smart pixel array consists of 
approximately 160 transistors while the complete 
5x5 array accounts for over 3,600 transistors. 
A total of 50 optical input/output channels are 
provided in this implementation. 

Figure 9 shows the circuitry associated with a 
single neuron of the smart pixel error diffusion 
neural network. All state variables in each circuit of 
this architecture are represented as currents. Begin- 
ning in the upper-left of the circuit and proceeding 
clockwise, the input optical signal incident on the 


VS1 





SEED is continuous in intensity and represents the 
individual input analog pixel intensity. The input 
SEED at each neuron converts the optical signal to a 
photocurrent and subsequently, current mirrors are 
used to buffer and amplify the signal. The width-to- 
length ratio of the metal oxide semiconductor 
field effect transistors (MOSFETs) used in the 
CMOS-SEED circuitry provide current gain to 
amplify the photocurrent. The first circuit produces 
two output signals: +I,, which represents the state 
variable u,,,, as the input to the quantizer and —[, 
which represents the state variable —«,,,, as the input 
to the feedback differencing node. The function of 
the quantizer is to provide a smooth, continuous 
threshold functionality for the neuron that produces 
the output signal I, corresponding to the output 
state variable y,,,. This second electronic circuit is 
called a modified wide-range transconductance 
amplifier and produces a hyperbolic tangent sigmoi- 
dal function when operated in the sub-threshold 
regime. The third circuit takes as its input Igy, 
produces a replica of the original signal, and drives 
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Figure 9 Circuit diagram of a single neuron and a single error weight of the 5 x 5 error diffusion neural network based on a CMOS- 
SEED-type smart pixel architecture. (Reprinted with permission from Shoop BL, Photonic Analog-to-Digital Conversion, Springer Series 
in Optical Sciences, Vol. 81 [1], Fig. 8.6, p. 222. Copyright 2001, Springer-Verlag GmbH & Co. KG.) 
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1. Introduction 


For autonomous powering of sensor nodes in remote or inaccessible areas, wireless power transfer 
provides the only viable option to power them from an energy source. Due to the low power density of 
ambient RF at far-field from transmitters, there is a need to optimize each aspect of a wireless RF 
energy harvester for possible realistic applications. Today remote autonomous sensors are mostly 
powered by batteries, which have limited lifespan. Renewable powering has the potential to power 
autonomous sensors perpetually. Due to the expansion of telecommunications technology ambient 
electromagnetic (EM) power is among the most common sources of ambient energy. There are power 
transmitters/receivers scattered in practically any society, ranging from television transmission stations 
to cell phone transmitters and even wireless routers in our homes/offices or mobile phones. These 
transmitters in our environment and others which are on special dedicated frequencies produce ambient 
RF power (on the order of microwatts) which can be used as a source for powering remote microwatt 
budget sensors through wireless energy harvesting. This work presents different matching techniques 
based on different application requirements using Schottky diode-based RF to DC power converting 
circuits for wireless remote EM energy harvesting around 434 MHz and 13.6 MHz. Generalized 
analytical models and limitations of the matched RF to DC power converters are discussed. A wireless 
RF energy harvester consisting of an antenna and a matched diode rectifier is then realized and 
its performance tested. Passive wireless energy harvesting also finds applications in near field 
communications (NFC) [1], RFID tags [2—5], implantable electronics [6,7], and environmental 
monitoring [8], among others. 


1.1. State of the Art 


Hertz was the first to demonstrate the propagation of EM waves in free space and to demonstrate 
other properties of EM waves such as reflection using parabolic reflectors [9]. Wireless power 
transmission was then investigated and demonstrated for possible wireless remote powering by Tesla. 
Electromagnetic power beaming for far field wireless power transfer using collimated EM waves was 
proposed in the 1950s [9]. Recent advances in ultralow power sensors means ambient omni-directional 
EM power can be used as a source for powering remote sensors without the need to collimate the EM 
power through the wireless space. Mickle [10] and McSpadden [11] have presented earlier work on 
wireless energy harvesting systems using Schottky diodes and rectennas where the usability of ambient 
RF power into DC power was shown. Sample [12] presented a wireless harvester which can harvest 
EM power from TV and radio base stations transmitting 960 kW of effective radiated power; 60 nW 
was harvested at a range of about 4 km. Umeda [13] and Le [14] have presented more integrated 
wireless energy harvesters based on CMOS RF to DC rectifying circuits. CMOS-based rectifying 
power converters provide full compatibility with standard CMOS technologies and have advantages in 
batch processes for mass production. The drawback of CMOS-based diode connected transistors is the 
need to bias the gate of the transistors for the rectifying circuits to effectively function. This gate bias 
is provided externally, which makes the system not passive. Without the injection of external charges 
or a biasing of the transistor gate, the circuit has low efficiency, especially when the amplitude of the 
input voltage is low [15]. Shameli [2] presented a passive CMOS RF to DC power converter with a 
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the output optical SEED. In this case, the output 
optical signal is a binary quantity represented as the 
presence or absence of light. When the SEED is 
forward-biased, light is generated through electro- 
luminescence. The last circuit at the bottom of the 
schematic implements a portion of the error weight- 
ing and distribution function of the error diffusion 
filter. The individual weights are implemented by 
scaling the width-to-length ratio of the MOSFETs to 
achieve the desired weighting coefficients. The 
neuron-to-neuron interconnections are accomplished 
using the four metalization layers of the 0.5 pm 
silicon CMOS process. In this design, the error 
diffusion filter was limited to a 5X5 region of 
support because of the physical constraints of the 
circuitry necessary to implement the complete error 
diffusion neural network in silicon circuitry. The 
impulse response of the 5X5 filter used in this 
particular smart pixel architecture is shown in 
Figure 10. The error weighting circuitry at the 
bottom of Figure 9 represents only the largest 
weight (0.1124) with interconnects to its four local 
neighbors (Ioura — Toutp)- 
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Figure 10 Error diffusion filter coefficients used in the 5x5 
CMOS-SEED error diffusion architecture. (‘e’ represents the 
origin.) 


Figure 11 shows a photomicrograph of a 5x5 
error diffusion neural network, which was fabricated 
using CMOS-SEED smart pixels. Figure 12 shows a 
photomicrograph of a single neuron of the 5x 5 
CMOS-SEED neural network. The rectangular fea- 
tures are the MQW modulators while the silicon 
circuits are visible between and beneath the 
modulators. The MQW modulators are approxi- 
mately 70 pm X 30 wm and have optical windows, 
which are 18 wm X 18 wm. 

Simulations of this network predict individual 
neuron switching speeds of less than 1s, which 
corresponds to network convergence speeds capable 
of providing real-time digital image halftoning. 
Individual component functionality and dynamic 
operation of the full 5x5 neural array were both 
experimentally characterized. Figure 13 shows CCD 
images of the operational 5 x 5 CMOS-SEED smart 
pixel array. The white spots show SEED MQW 
modulators emitting light. Figure 13a shows the fully 
functioning array while Figure 13b shows the 5 x 5 
CMOS-SEED neural array under 50% gray-scale 
input. Here 50% of the SEED modulators are shown 
to be in the on-state demonstrating correct operation 
of the network and the halftoning architecture. 

Both the simulations and the experimental results 
demonstrate that this approach to a smart pixel 
implementation of the error diffusion neural network 
provides sufficient accuracy for the digital halftoning 
application. The individual neuron switching speeds 
also demonstrate the capability for this smart pixel 
hardware implementation to provide real-time 
halftoning of video images. 





Figure 11 


Photomicrograph of a smart pixel implementation of a 5 x 5 CMOS-SEED error diffusion neural network for digital image 


halftoning. (Reprinted with permission from Shoop BL, Photonic Analog-to-Digital Conversion, Springer Series in Optical Sciences, 
Vol. 81 [1], Fig. 8.5, p. 221. Copyright 2001, Springer-Verlag GmbH & Co. KG.) 
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Figure 12 Photomicrograph of a single neuron of the 5 x 5 error diffusion neural network. (Reprinted with permission from Shoop BL, 
Photonic Analog-to-Digital Conversion, Springer Series in Optical Sciences, Vol. 81 [1], Fig. 8.4, p. 220. Copyright 2001, Springer- 


Verlag GmbH & Co. KG.) 





(a) 





{b) 


Figure 13 CCD images of the 5x 5 CMOS-SEED array. (a) Fully-operational array, and (b) under 50% gray scale illumination. 
(Reprinted with permission from Shoop BL, Photonic Analog-to-Digital Conversion, Springer Series in Optical Sciences, Vol. 81 [1], 
Figs. 8.19 and 8.20, p. 236. Copyright 2001, Springer-Verlag GmbH & Co. KG.) 


Image Processing Extensions 


Other image processing functionality is also possible 
by extending the fundamental concepts of 2D, 
symmetric error diffusion to other promising image 
processing applications. One important application 
includes color halftoning while other extensions 
include edge enhancement and feature extraction. 
In the basic error diffusion neural network, the error 
diffusion filter was specifically designed to produce 
visually pleasing halftoned images. Care was taken 
to ensure that the frequency response of the filter 
was circularly symmetric and that the cutoff 
frequency was chosen in such a way as to preserve 
image content. An analysis of the error diffusion 


neural network shows that the frequency response of 
this filter directly shapes the frequency spectrum of 
the output halftone image and therefore directly 
controls halftone image content. Other filter designs 
with different spectral responses can provide other 
image processing features such as edge enhancement, 
which could lead to feature extraction and automatic 
target recognition applications. 


See also 


Detection: Smart Pixel Arrays. Information Proces- 
sing: Optical Neural Networks. Optical Processing 
Systems. 
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Introduction 


An artificial neural network (ANN) is a nonlinear 
signal processing system based on the neural pro- 
cesses observed in animals. Usually they have 
multiple inputs and often multiple outputs also. 
Conventionally, each input sends its signal to many 
neurons, and each neuron receives signals from many 
inputs. The neuron forms an intermediate sum of 
weighted inputs and transforms that sum, according 
to some nonlinearity, to form an output signal. Often 
the output signal from one neuron is used as the input 
signal for another in feed forward, feedback, or 
mixed mode complex neural networks. 

ANNs are of value in helping us understand how 
biological neural networks perform and in a variety 
of technical applications, most of which involve 
pattern association. An auto-associative neural net- 
work, that associates patterns with themselves, can 
have useful noise cleanup or pattern completion 
properties. A hetero-associative neural network is 
often used in pattern recognition to associate input 
patterns with preselected class labels. 


Neural Networks —- Natural and 
Artificial 

The most primitive one-celled organisms have no 
nerve cells, but they do exhibit various chemical 
means for interacting with their environments, within 
their own cells, and among individuals of the same or 
different types. As organisms increased in size, a 
common chemical environment became impractical, 
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and nerves arose as a means for long-distance 
communication within larger organisms. One thing 
seen in evolution is that widespread useful adap- 
tations are often modified but seldom discarded. 
Thus, it should not be surprising to find that chemical 
interactions play a major role in the most complex 
thing we know of — the human brain. Chemicals play 
a huge role in making us who we are, setting our 
moods, and so forth. Realizing this, in the late 
twentieth century, psychiatrists started to make 
serious progress in treating mental diseases through 
the use of chemistry. 

There are a variety of processes that we use as 
humans, but the primary means is neural. Only some 
animals and no plants have neurons, but soon after 
neurons evolved, they began to concentrate in special 
regions of the body that developed into primitive 
brains. Not only were there many neurons, but also 
they were densely and complexly interconnected to 
form neural networks. 

Neural networks did not replace chemical inter- 
actions, they used and supplemented them. Chemical 
communication across the synaptic cleft dominates 
communication between networks, but the neural 
networks also control chemical production and 
distribution within the brain, and those chemicals 
change the behavior of the neurons that cause their 
secretion. The functioning of real brains is incredibly 
complex, possibly irreducibly complex in terms of 
current mathematics and logic. 

These things are noted to avoid a confusion that is 
distressingly common. Technologists produce simpli- 
fied ANNs and then try to interpret the behavior of 
brains in those terms. Quite often, ANNs yield useful 
insight into brain behavior but seldom offer a detailed 
account of them. Reality is far more complex than 
any ANN. Current mathematics provides no means 
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to describe continuous sets of events, each of which 
both causes and is caused by the others. 

ANNs themselves have grown much more compli- 
cated as well. Starting out as simple, feed-forward, 
single-layer systems, they rapidly became bidirec- 
tional and even multilayered as well. Higher-order 
neural networks processed the input signals before 
inserting them into the neural network. Pulse coupled 
neural networks (PCNNs) arose that more closely 
modeled the pulsations in real brains. Learning was 
broken into learning with instruction, following 
example, and self-organizing, the latter leading to 
self organized maps and adaptive resonance theory, 
and many related subjects. These are but crude 
pointers to the wealth and variety of concepts now 
part of the ANN field. 

The history of ANNs is both complicated and 
somewhat sordid. This is not the occasion to retrace 
the unpleasant things various members of this 
community have done to others in their quests for 
stature in the field. One result of that history is a 
dramatically up-and-down pattern of interest in and 
support for ANNs. The first boom followed the 
development of a powerful single-layer neural net- 
work called the Perceptron by its inventor Rosenblatt. 
Perceptrons were biologically motivated, fast, and 
reasonably effective; so interest in the new field of 
ANNs was high. That interest was destroyed by a 
book on the field arguing that Perceptrons were only 
linear discriminants and most interesting problems 
are not linearly discriminable. Ironically, the same 
argument has been made about optical Fourier 
correlators, and it is true there as well. But optical 
processing folk largely ignored the problem and kept 
working on it. Sociologists of science might enjoy 
asking why reactions differed so much in the two 
fields. Funding and interest collapsed and the field 
went into hibernation. 

It was widely recognized that multilayer ANNs 
would comprise nonlinear discriminants, but training 
them presented a real problem. The simple rewards 
and punishment of weights depending on perform- 
ance was easy when each output signal came from a 
known set of weighted signals that could be rewarded 
or punished jointly, according to how the output 
differed from the sought-after output. With a multi- 
layer perceptron, credit assignment of inner layers is 
no longer simple. It was not until Werbos invented 
‘backward error propagation’ that a solution to this 
problem was available and the field started to boom 
again. Also key to the second boom were enormously 
popular articles by Hopfield on rather simple auto- 
and hetero-associative neural networks. Basically, 
those networks are almost never used, but they were 
of great value in restarting the field. In terms of 


research and applications, we are still in that second 
boom, that began during the 1980s. 


An ANN isa signal processor comprised of a multiplicity 
of nodes which receive one or more input signals and 
generate one or more output signals in a nonlinear 
fashion wherein those nodes are connected with one or 
two way signaling channels. 


Note also that biological inspiration is no longer a 
part of the definition. Most ANNs used for associ- 
ation are only vaguely related to their biological 
counterparts. 


Optical Processors 


Optics is well-suited for massive parallel interconnec- 
tions, so it seems logical to explore optical ANNs. 
The first question to address is “Why bother to use 
optical processors at all?” as electronic digital 
computers seem to have everything: 


e Between the writing of this article (on an electronic 
computer) and its publication, the speed of 
electronic computers will almost double and they 
will become even cheaper and faster. 

e They can have arbitrary dynamic range and 
accuracy. 

e Massively improved algorithms also improve their 
speed. For instance, the wonderful fast Fourier 
transform (FFT) that opticists have used to 
simulate optics for decades has been replaced by 
an even faster fastest Fourier transform in the West 
(FFTW). And for wavelets, the fast wavelet 
transform (FWT) is even faster. 


Optical processors, on the other hand, have 
severely limited analog accuracy and few analog 
algotectures or archirithms. They are specialized 
systems (equivalent in electronics, not to computers 
but to application specific integrated circuits 
(ASICs)). They are usually larger and clumsier than 
electronic systems and always cost more. 

There are several reasons why optics may still have 
a role in some computations. First, many things on 
which we wish to perform computations are inher- 
ently optical. If we can do the computations optically 
before detection, we can avoid some time and energy 
and sensitivity penalties inflicted, if we first detect the 
signals then process them electronically, and then 
(sometimes) convert them back to optics. Examples 
include spectroscopy and optical communication. 

Second, pure optics is pure quantum mechanics. 
Input of data and setup of the apparatus is experiment 
preparation. Readout of data is classical measure- 
ment. Nature does the rest free of charge. There is a 
unitary transformation from input to output that 
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requires no human intervention and is, in fact, 
destroyed by human intervention. Those intermediate 
(virtual) computations require no energy and no time, 
beyond the time taken for light to propagate through 
the system. Speed and power consumption are limited 
only by the input and output. This applies for 
everything from Fourier optics to digital optics to 
logic gates. Thus, optics can have speed and power 
consumption advantages over electronics. 

Third, if quantum computers involving entangle- 
ment ever emerge, they may well be optical. Such 
computers would be used for nondeterministic 
solutions of hard problems. That is, they would 
explore all possible paths at once and see which one 
does best. This is something we can already do 
electronically or optically for maze running (using 
classical, not quantum entanglement) means. 

Fourth, most optical processors are analog, which 
is sometimes superior to digital. In those cases, we 
would still have to choose between analog optics and 
analog electronics, of course. 

So, optical processing (like all other processing) is a 
niche market. But some of the niches may be quite 
large and important. It is not a universal solution, but 
neither is digital electronics. 


The Major Branches of Optical 
Processing and Their Corresponding 
Neural Networks 


Every branch of optical processing leads to its own 
special purpose optical neural networks, so those 
branches become a good place to start an article such 
as this one. 


Optical Linear Algebra 


Many neural network paradigms use linear algebra 
followed by a point-by-point nonlinearity in each of 
multiple stages. The linear operation is a matrix— 
vector multiplication, a matrix—matrix multipli- 
cation, or even a matrix—tensor multiplication. In 
any case, the key operations are multiplication and 
addition — operations very amenable to performance 
with analog optics. With effort, it is possible to 
combine simple electronics with analog optics oper- 
ating on non-negative signals (the amount of light 
emitted from a source, the fraction of light passing 
through a modulator, etc.) to expand to real or even 
complex numbers. With even more effort, we can use 
multiple analog non-negative signals to encrypt a 
digital signal, allowing digital optical processors. 
Almost all optical neural networks using linear 
algebra use only real numbers. In most of these, the 
real number is encoded as a positive number and a 


negative number. Data are read in parallel using 
spatial light modulators (SLMs), source arrays, 
acousto-optic modulators, etc. They are operated 
upon by other SLMs, acousto-optic systems, and so 
forth. Finally, they are detected by individual 
detectors or detector arrays. The required nonlinea- 
rities are then done electronically. It is a theory that 
holds for all linear algebraic processes up to 
computational complexity O(N*) that they can be 
performed with temporal complexity O(N®) if the 
extra dimensions of complexity are absorbed in 
space, up to O(N’) through 2D arraying and in 
fanin/fanout, the ability of multiple beams of light to 
be operated upon in parallel by the same physical 
modulator — this has the same complexity as the 2D 
array of modulators, namely O(N’). Thus, we can 
invert a matrix, an order O(N*) for an N X N matrix, 
O(N”) in time, that is, independently of the size of N, 
as long as that matrix is accommodated by the 
apparatus. This offers a speed electronics cannot 
match. 

Most of the optical neural networks of the mid- 
1980s had optical vector—matrix multipliers at their 
heart. Most were a few layers of feed forward 
systems, but by the 1990s feedback had been 
incorporated as well. These are typically N inputs 
connected to N outputs through an N XN matrix, 
with N varying from 100 to 1000. With diffuser 
interconnection and a pair of SLMs, it is possible to 
connect an N XN input with an N X N output using 
N* arbitrary weights, but that requires integrating 
over a time up to N* intervals. Most of the N*- 
dimensional matrices can be approximated well by 
fewer than N* terms using singular value decompo- 
sition (SVD) and (as this version of the interconnec- 
tion uses outer products), that reduces the number 
of integration times considerably in most cases. We 
have shown, for instance, that recognizing M target 
images can be accomplished well with only M terms 
in the SVD. 


Coherent Optical Fourier Transformation 


It took opticists several years, during the early 1960s, 
to realize that if Fourier mathematics was useful in 
describing optics, optics might be useful in perform- 
ing Fourier mathematics. The first applications of 
optical Fourier transforms were in image filtering and 
particularly in pattern recognition. Such processors 
are attractive not only for their speed but also for 
their ability to locate the recognized pattern in 1D, 
2D, or even 3D. It was soon obvious that a Fourier 
optical correlator was a special case of a single layer 
perceptron. Of course, it inherits the weaknesses of a 
single layer perceptron too. Soon, workers had added 


278 


INFORMATION PROCESSING / Optical Neural Networks 





feedback to create a winner-takes-all type of auto- 
associative optical neural network, a system that 
associated images with themselves. This proved 
useful in restoring partial or noisy images. It was 
not until 2003 that we learned how to make powerful 
hetero-associative networks with Fourier optical 
systems. This creates a nonlinear discrimination 
system that maintains the target location and 
generalizes well from a few samples of multiple 
classes to classify new data quite accurately. 


Imaging 


Imaging is the central act of optics and might 
seem to be of little value in optical processing. 
But multiple imaging (with lenslets, self-focusing 
fibers, holograms, and the like) has been the basis of 
numerous optical neural networks. Multiple imaging 
is anonrandom way of distributing information from 
one plane to the next. Diffusers have also been used to 
produce fully interconnected optical neural networks. 
If each broad image point contains the whole image 
(something easily arranged with a diffuse hologram), 
then we have an auto-associative memory. Different 
such auto-associative networks can be superimposed 
in a single hologram. Then feedback after nonlinear 
image filtering can be used to make a general auto- 
associative memory. 

Even deliberately poor imaging has been used. A 
blurred or out-of-focus image can accomplish the 
lateral signal spreading needed to facilitate a PCNN. 
These networks are substantially more like real brain 
networks than those discussed so far. It starts with a 
2D array of integrate-and-fire units. The firing rate of 
each depends only in the incident power (how long 
integration to the thresholding firing takes). But if the 
fired signal is spread to its neighbors, the firing of a 
neighbor can hasten any unit’s firing. This causes 
firings to synchronize and results in ‘autowaves’ of 
firing patterns moving across the 2D plane. Thus an 
incident 2D image is converted to a 3D signal — the 
two spatial dimensions and time. This results, for all 
but some very simple cases, in a chaotic signal 
occupying a strange attractor. It is interesting but 
not very revealing in itself. But suppose we ‘integrate 
out’ either the two spatial dimensions or the time 
dimension. If we integrate out the spatial dimensions, 
we are left with a time signal. Its strange attractors are 
remarkably useful in pattern recognition, because 
they are more syntactic than statistical (in pattern 
recognition terms). They describe the shape as similar, 
independently of the size, rotation, perspective, or 
even shading of the pattern! If we integrate out the 
time dimension, we restore the original image — 
almost. In fact, we can use this aspect of PCNNs 


for optimum blind segmentation of images. The 
autowaves can be made to ‘leave tracks’ so they can 
be reversed, which allows them to solve maze 
problems nondeterministically, because they can 
take all the paths. When the first wave exits, we 
simply retrace it to find the shortest path through the 
maze — a prototypical nondeterministic polynomial 
operation. 


Holograms 


Holograms are the most general, complex, and 
flexible means of light manipulation so far 
invented. Naturally, they have many applications 
in optical neural networks. One such application is 
the interconnection of each of an NXWN array of 
inputs to each of an NXN array of outputs with 
its Own unique connection strength (weight in the 
language of neural networks). The practical limit 
seems to be around N= 1000, yielding 10!” 
weights, roughly the same number as in the 
human brain! The brain, however, is not fully 
interconnected, so this produces an entirely differ- 
ent type of neural network. The resulting network 
would have fixed weights, but it could perform a 
variety of useful operations and be both forward 
and backward connected. 

Special on-axis holograms, called diffractive opti- 
cal elements, can be mass manufactured very effec- 
tively and inexpensively to perform tasks such as 
multiple imaging. 


Photorefractive Neural Networks 


A very complex thing happens when a pattern of 
fringes, such as those that form an interference 
pattern for hologram recording, strike materials 
such as lithium niobate, strontium barium niobate, 
gallium arsenide, and many others that fall into this 
category of ‘photorefractive’ materials. Of course, 
‘photo’ refers to light and ‘refractive’ refers to the 
speed of light in a material — the speed of light in a 
vacuum divided by the index of refraction. These 
materials are photoconductive, so the light releases 
charge carriers in what would otherwise be an 
electrical insulator. The periodic charge pattern sets 
up a periodic space charge within the material. But 
the material is also electro-optic, that is, its index of 
refraction changes with applied electric field, thus 
generating a periodic index of refraction grating in 
the material. Finally, that index of refraction pattern 
(a phase hologram) diffracts the incoming light. 
Usually, but not always, a steady-state situation 
is reached after time that depends on the material 
and the photon density, although chaos can arise 
under some conditions. This makes for a dynamic 
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hologram, one that can change or adapt over time as 
the input pattern changes. Once a satisfactory 
photorefractive hologram is formed, it can be 
stabilized (fixed) if desired. Most optical neural 
network uses envision a dynamic situation with 
changing interconnections. 

What has not been discussed above is that the index 
of refraction varies with the light’s electric field vector 
cubed, so photorefractives provide a convenient 
way to accomplish such nonlinear operations as 
winner-takes-all. 

Sometimes, we can record holograms with photo- 
refractives that cannot be recorded by conventional 
holograms in conventional materials. To explain this, 
a hologram is a transducer between two optical 
wavefronts — usually called the reference and object 
beams. If the reference beam is incident on the 
hologram, it is (fully or partially) converted into the 
object beam. If the precisely reversed (phase con- 
jugated) reference beam is incident on it, the precisely 
reversed (phase conjugated) object beam is derived 
from it. Likewise, the object wavefront (or its 
phase conjugate) produces the reference wavefront 
(or its phase conjugate). The hologram is made by 
recording the interference pattern between the two 
wavefronts: the reference and object beams. The 
ability of two wavefronts to form a temporally stable 
interference pattern at some point in space is called 
the mutual coherence of those wavefronts. Usually, 
both wavefronts are derived from the same laser 
beam to make achieving high mutual coherence 
possible. And, of course, both beams must be present 
to form an interference pattern. In some cases of 
photorefractive holograms, all of those conditions 
can be violated. The two wavefronts can derive from 
two sources that are different in wavelength, polar- 
ization, etc., and need not be simultaneously present. 
This phenomenon, called mutual phase conjugation, 
converts each wavefront into the phase conjugate of 
the other, but for effects due to any differences in 
wavelength and polarization. This allows new free- 
doms that have been exploited in optical neural 
networks. 

Photorefractive materials also tend to be piezo- 
electric. It has been found that up to about 20 totally 
independent reflective holograms can be stored with 
different applied electric field in lithium niobate. 
Changing electric fields so changes the fringe spacings 
and indices of refraction, that only one of those 
holograms has any appreciable diffraction efficiency 
at any one electric field value. The result is an 
electrically selectable interconnection pattern. The 
same hologram can contain the information needed 
for many neural networks or multiple layers of fewer 
of them. There is no need, in general, to have more 


than an input layer, an output layer, and two 
intermediate or hidden layers. 

Others have used photorefractive material to 
implement learning in neural networks. In biological 
neural networks the synaptic strengths (the weights 
between neurons) continue to adapt. With photo- 
refractive holograms, we can achieve this in an 
optical ANN. 

As previously discussed, a key development in the 
history of ANNs was a way to train multilayer neural 
networks and thus accomplish nonlinear discrimi- 
nation. The first, and still most popular, way to do 
this is called backward error propagation. Several 
groups have been implemented in photorefractive 
optical neural networks. 


Conclusions 


Essentially every major type of neural network has 
been implemented optically. Every major tool of 
optics has found its way into these optical neural 
networks. Yet, it remains the case that almost every 
neural network used for practical applications is 
electronic. The mere existence proof of a use for 
optical neural networks may be what the field needs 
to move forward from the demonstration stage to the 
application stage. The tools exist and there are niches 
where optics seems more appropriate than elec- 
tronics. Hopefully, the next review of the field will 
include a number of commercial successes. Nothing 
spurs science better than the funds that follow 
successful applications. 


List of Units and Nomenclature 


Another self-organized neural 
net categorizer that works by 
mutual adjustment between 
bottom-up and _ top-down 
neural connections. 

The measure of how the num- 
ber of required calculations 
scales with the problem size, 
usually denoted by N. The 
scaling is represented by the 
Big O form of (N), where f(7) 
shows how it scales asympto- 
tically (large N). Problems that 
scale as O(N?) are said to be of 
polynomial complexity. Unfor- 
tunately, some of the most 
important problems have 
exponential complexity. 


Adaptive resonance 
theory (ART) 


Computational 
complexity 
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Beams of light (unlike beams 
of electrons or holes) do not 
interfere with one another, so 
many of them can be modu- 
lated by the same physical 
elements quite independently, 
so long as they can be ident- 
ified. This is usually done by 
sending the different beams in 
at different angles, giving rise 
to the words fanin and fanout, 
as suggested by the drawing 
below: 


aa 


A means of self-organization 
of inputs into (normally 2D) 
maps wherein every concept 
falls into some category and 
the categories themselves 
develop out of application 
of the Kohonen’s algorithm 
and user-selected parameters 
applied to the given data. 

Any matrix can be broken into 
(decomposed) a weighted sum 
of simpler, rank-one matrices. 
The simplest such decompo- 
sition (in the sense of fewest 
number of terms) is the SVD. 
The weights are the singular 
values and are indicators of the 
importance of that term in the 
decomposition. 

A 1D or 2D array of elements 
under electronic or optical 
control that change some 
property of the light incident 
on them. Usually, it is the index 
of refraction in some direction 
that is changed. That change 
can be used to modulate the 
amplitude, the polarization, or 
the phase of the light. 


Fanin/Fanout 


Self organized 
maps (Kohonen 
networks) 


Singular value 
decomposition 
(SVD) 


Spatial light 
modulator 
(SLM) 


See also 


Fourier Optics. Holography, Techniques: Overview. 
Nonlinear Optics, Basics: Photorefraction. Optical 
Communication Systems: Local Area Networks. Optical 
Processing Systems. 
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Introduction 


This article describes the requirements placed on 
astronomical instruments and the methods used to 
achieve them, making reference to generic techniques 
described elsewhere in this encyclopedia. It is limited 
in scope to electromagnetic radiation with wave- 
lengths from the atmospheric cutoff in the ultraviolet 
(0.3 zm) to the point in the near-infrared where the 
technology changes radically (5 um), taking in the 
transition from uncooled to cooled instruments at 
~1.7 wm. Thus, it excludes the extreme UV and 
X-ray regimes, where standard optical techniques 
become ineffective (e.g., requiring grazing incidence 
optics) and all mid-infrared, sub-mm, THz, and 
radio-frequency instruments. Terrestrial telescopes 
are the main focus but space-borne telescopes are 
subject to similar design considerations, except that 
the diffraction limit of the optics may be achieved at 
short wavelengths. Adaptive optics (AO), of increas- 
ing importance in astronomy and almost essential for 
the next generation of extremely large telescopes 
(ELTs), is covered elsewhere in this encyclopedia. 


Astronomical Data 


The purpose of astronomical instruments is to 
measure the following properties of photons arriving 
on or near to the Earth and brought to a focus by an 
astronomical telescope: 


(i) direction of arrival; 
(i1) energy; 
ii) 

) 


(iii) polarization state; and 
(iv) time of arrival. 


In practice, these properties cannot be measured 
simultaneously, requiring the following generic 
classes of instrument: 


e Imagers to measure (i) and, if equipped with ultra- 
low-noise detectors, (iv); 

e Spectrographs to measure (ii), although some can 
be configured to do a good job on (i) as well. 
Integral field spectrographs can measure (i) and (ii) 
simultaneously; and 

e Polarimeters for (iii) plus (i) and spectropolari- 
meters for (iii) plus (ii). 


In principle, energy-resolving detectors, such as 
arrays of superconducting tunnel-junction devices 
(STJs) can replace (i), (ii), and (iv). 

These must interface to the telescope which 
provides a focal surface with an image scale which 
is approximately constant over the field. Currently, 
almost all telescopes are based on the Cassegrain or 
Ritchy-Chretien reflecting configurations, comprising 
a large curved primary mirror (M1) which defines the 
collecting aperture (diameter D+) and a curved 
secondary mirror (M2). This feeds the Cassegrain 
focus via a hole in M1 in line with the central 
obstruction caused by M2, or the Nasmyth focus if a 
tertiary (usually plane) mirror is added to direct light 
from M2 along the elevation axis to a location in 
which the gravity vector changes only in rotation 
about the optical axis. For the Cassegrain focus, the 
full range of change in the gravity vector is 
experienced as the telescope tracks objects during 
long exposures or slews between targets. It is also 
possible to dispense with M2 and mount the 
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Table 1 Optical interfaces to representative types of telescope and achievable angular resolution 
Aperture Primary focus Final focus Diffraction limit 
diameter 2.44\/D7(mas) 
Dy (m) 
F/# Image scale FOV (') F/# Image scale FOV (') A=0.5 um A=5.0um 
(um/") (um/") 
2.4 2.3 24 279 25 101 1007 
4.2" 2.8 60 40 11 221 15 60 600 
8.0" 1.8 (70) (45) 16 621 10 32 315 
30” 1-1.5 ~ 180 ~20 15-19 ~ 2500 ~20 8.4 84 
100” ~1.4 ~6.5 ~ 3000 ~10 2.5 25 
For enclosed telescopes 500-1500 
All Obtainable angular Free-atmosphere Best 250 160 
resolution for seeing at good site Median 420 270 
terrestrial telescopes With adaptive optics (approx) 50-200 Diff. limit? 


“The diffraction limit listed in the column above for A = 5.0 m applies. 
Exemplars: (i) Hubble Space Telescope; (ii) Herschel Telescope, La Palma; (iii) Gemini telescopes, Hawaii/Chile; (iv) CELT/GSMT 


(USA); (v) OWL (Europe). 


instrument directly at the focus of M1 (prime focus), 
although this imposes severe restrictions on the mass 
and size of the instrument. An alternative mounting 
for instruments is via optical fibers. The input, with 
any fore-optics required to couple the telescope beam 
into the fiber, is mounted at the appropriate focus 
while the output, possibly several tens of meters 
distant, is mounted where the instrument is not 
subjected to variations in the gravity vector. 

The useful field of view (FOV) of the telescope is 
determined by how rapidly the image quality 
degrades with radius in the field; restrictions on the 
size of the Cassegrain hole and the space set aside for 
the star trackers required for accurate guiding 
and auxiliary optics involved in target acquisition, 
AO, etc. 

Typical telescope parameters are shown in Table 1, 
of which the last two entries are speculative examples 
of ELTs. The table also lists the diffraction limit of the 
telescopes and the limits imposed by seeing, with and 
without the effects of the telescope structure and 
enclosure, and approximate limits for performance 
with AO which approaches the diffraction limit in the 
infrared. 


Instrument Requirements 


Efficiency 


Almost all astronomical observations are of very faint 
objects or require very high signal-to-noise (SNR) to 
extract the desired subtle information. The former, 
for example, might reveal the initial phase of galaxy 
or star formation, while the latter could reveal the 
mix of elements in the big bang or uncover changes in 


fundamental constants on cosmological timescales 
(~10'° years). The term ‘efficiency’ has several 
components: 


(i) Throughput of the optical system, including the 
efficiency of the optical components (lenses or 
mirrors), dispersers, filters, and also detectors 
and also includes losses due to transmission/ 
reflection, diffraction, scattering, and vignetting 
by internal obstructions; 

Noise from all sources: the detector, including 
time-independent (read-noise) and time-depen- 
dent (dark-current) components; thermal emis- 
sion from the instrument, telescope, enclosure 
and sky; straylight (see above), and electronic 
interference; 

Efficient use of the instrument and telescope to 
maximize the fraction of the time spent accumu- 
lating useful photons instead of, say, calibrating; 
reconfiguring the instrument; or acquiring 
targets; 

Parallelizing the observations so that the same 
instrument records data from many objects at the 
same time. This is discussed further below. 


(ii) 


(iii) 


Angular Resolution 


The required angular resolution is summarized in 
Table 2 for key features in galaxies. The resolutions 
currently achievable with AO systems (with severe 
restrictions on sky coverage pending routine avail- 
ability of laser beacons), or without, are shown in 
bold. Finer resolution is possible using interfero- 
metric techniques, but is limited to a handful of bright 
stars. 


Sensors 2012, 12 13638 


voltage sensitivity of 1 V at —14.1 dBm input, but the circuit efficiency was only 5 %. Zbitou [16] 
presented an RF to DC converter based on Schottky diodes and achieved 68 % efficiency at 20 dBm 
RF input power. Ungan [17,18] presented antennas and high quality factor RF to DC power converters 
at 24 MHz and 300 MHz for RF wireless energy harvesting at -30 dBm input power. The power 
converter used high quality factor resonators for impedance matching the EM source and the diodes 
and achieved high open circuit voltage sensitivity of 1 V/uW. Boquete [19] presented a risk 
assessment system for calculating insurance premiums by monitoring mobile phone usage while 
driving. This was done by harvesting EM power from detected mobile phone usage during driving for 
risk assessment. Heikkinen [20] presented rectennas on different substrates at 2.4 GHz using 
transmisson lines to match the antennas output resistance (at resonance) to the rectifying diodes. 
Akkermans [21] presented a rectenna design by complex conjugating impedance provided by a 
microstrip structure to a diode so that resonance may be achieved for a working frequency. This design 
approach may need sophisticated tools to realize and the dominant resonance frequency of the rectenna 
can be unpredictable in practice. Hagerty [22] presented rectenna arrays for broadband ambient EM 
harvesting and characterized the harvesters from 2 GHz to 18 GHz; rectennas combine impedance 
matching the RF rectifying circuit and the antenna into one compact device, but an array of rectennas 
may increase the overall size of an EM harvester. Herb [23] and Vullers [24] have provided a 
comprehensive state of the art for micro energy harvesting and have explored the various techniques 
used for harvesting ambient renewable energy. 


2. RF to DC Power Converter 
2.1. Diode Rectifier 


A junction diode equivalent circuit and simple Schottky diode rectifier are shown in Figure 1. Rps is 
the diode resultant series resistance, Cps is the diode resultant series capacitance, Rpp is the diode 
resultant parallel resistance, Cpp is the diode resultant parallel capacitance, Vs is the sinusoidal source 
voltage and Vc is the voltage across the capacitor. 


Figure 1. (a) Diode series equivalent model, (b) Diode parallel equivalent model, 
(c) Simple diode detector. 


“ok 
Cos Rps Cop 





(a) (b) 


The diode capacitive impedance is mainly due to the junction capacitances provided by the metal, 
its passivation and the semiconductor forming the diode. AC power incident on a forward biased 
diode input is converted to DC power at the output. The current-voltage behavior of a single 
metal/semiconductor diode is described by the Richardson equation [25] as in Equation (1): 
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Table 2 Typical requirements for angular resolution and single-object field of view 








Target Distance* _—_Active nucleus Star cluster (10 pc) Visible extent 
Central engine (10 AU) Dynamical core (0.5 pc) 

Milky Way 8 kpc 1 mas 10 4! 

Local group galaxy (M31) 800 kpc 0.01 mas 100 mas 3" 100” 

Distant galaxy >1 Gpe 10 °mas 0.1 mas 2 mas 0.5-2" 

Cluster of galaxies >1 Gpc 3 

Cosmological structure >1 Gpc ~1° 


41 pc = 3.1x 10! m. 


Field of View and Multiplexing 


The FOV of an individual observation must be 
sufficient to cover the angular extent of the object 
with the minimum number of separate pointings of the 
telescope. As well as minimizing the total observation 
time, this reduces photometric errors caused by 
changes in the ambient conditions (e.g., flexure, 
thermal effects, and changes in the sky background). 
(Photometry is the measurement of the flux density 
received from an astronomical object, usually done 
with the aid of an imager employing filters with 
standardized broad passbands. Spectrophotometry is 
the same but in the much narrower passbands obtained 
by dispersing the light.) The last column of Table 2 
indicates the required size of FOV. It is also highly 
desirable to observe many objects simultaneously since 
most studies require large statistically homogenous 
samples. The precise requirement depends on the 
surface number density of potential targets and the 
sampling strategy adopted to create the sample. 
Cosmological studies of the large-scale distribution 
of galaxies and clusters emphasize the size of the field 
(=0.5°), since the targets may be sparsely sampled, 
while studies of clustered objects (galaxies or stars) 
aim to maximize the surface density of targets 
(= 1000 arcmin *) within a modest FOV (~ 5’). 


Spectral Resolution 


The required energy resolution is specified in terms of 
the spectral resolving power, R = A/6A, where 6A is 
the resolution in wavelength defined usually in terms 
of the Rayleigh criterion. One of the main data 
products required in astrophysics is the velocity along 
the line of sight (radial velocity) obtained through 
measurement of the wavelength of a known spectral 
feature (emission or absorption line). This may be 
determined to an accuracy of: 


ww - 2 


R [1] 


where O is the fraction of the width of the spectral 
resolution element, SA, to which the centroid can be 


determined. This is limited by either the SNR of the 
observation of the line via O ~ 1/SNR, or by the 
stability of the spectrograph via: 


[2] 


where y is the angular width of the slit measured on 
the sky and 6y/dx is the image scale at the detector. Ax 
is the amount of uncorrectable flexure in units of the 
detector pixel size. This is the part of the motion of 
the centroid of the line which is not susceptible to 
modeling with the aid of frequent wavelength 
calibration exposures. Typically, Ax ~ 0.2 pixels is 
achievable (roughly 3 wm at the detector or 10 wm at 
the slit for an 8 m telescope) implying O ~ 1/30 fora 
typical (dy/dx) = 0.1-0.2"/pixel and y= 0.5-1". 
Table 3 gives typical requirement for R and the 
value of O required to achieve it, given the spectral 
resolution obtainable for different types of current 
spectrograph. Extrasolar planet studies require very 
high stability. 

Some spectral observations require very accurate 
measurements of the shape of the spectral features to 
infer the kinematics of ensembles of objects which are 
individually not resolvable (e.g., stars in distant 
galaxies, gas in blackhole accretion disks). Other 
applications require accurate measurements of the 
relative flux of various spectral features within the 
same spectrum (e.g., to reveal abundances of elements 
or different types of star). 


Optical Principles 


Imaging 


The simplest type of imager consists of a detector, 
comprising a 2D array of light-sensitive pixels 
(Table 4) placed at a telescope focal surface without 
any intervening optics except for the filters required 
for photometry. Although maximizing throughput, 
this arrangement removes flexibility in changing the 
image scale since the physical size of pixels (typically 
15-25 wm) is fixed. Thus the Gemini telescopes 
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Table 3 Typical requirements for spectral resolution and stability 











Target dv or required Required Spectral regime Available R Stability Simultaneous 
data product A/BA required = 1/Q wavelength range 
Cosmological 1000 km/s 300 Low dispersion 300-3000 1 =1 octave 
parameters (line centroid) 
Galaxies 
Intra-cluster 100 km/s 3000 1-10 100 nm 
(line centroid) 
Element Ratio of 1000-3000 1 octave 
abundance line fluxes 
Stellar orbits 10 km/s 3x 104 Medium 1-3 x 104 (1) 10nm 
(line shapes) 
Individual stars 1 km/s 3x 10° 10-30 10 nm 
(line centroid) 
Extrasolar planets <1 m/s >3~x 108 High ~10° > 3000 <inm 
(line centroid) 
Table 4 Detectors in current use for astronomy 
Wavelength Materia/ Pixel size Format Read noise (e-/pix) Dark current (e-/pix/hr) QE range (%) 
(um) type (um) 
Single Mosaic 
Typical State-of-the-art 
0.3-1.0 CCD 10-20 4k x 4k 12k x 8k 2 Negligible 10-907 
CMOS 5-10 4k x 4k 5-30 
1-2.54+ HgCdTe 15-20 
0.6-5 InSb 20-30 2kx2k 4kx 4k 10 0.01-0.1 70-90 


*Quantum efficiency varies strongly over quoted wavelength range. 


(Dy; = 8 m) provides an uncorrected image scale of 
25-40 mas/pixel at its sole F/16 focus. Although 
well-suited to high-resolution observations with AO, 
this is inappropriate for most observations of faint 
galaxies where 100-200 mas/pixel is required. This 
arrangement also provides limited facilities for 
defining the wavelength range of the observations 
since there is no intermediate focal surface at which to 
place narrowband filters, whose performance is 
sensitive to field angle and are, therefore, best placed 
at an image conjugate. There is also no image of the 
telescope pupil at which to place a cold stop to reject 
the external and instrumental thermal radiation 
which is the dominant noise source at A > 1.5 pm. 
The alternative is to use a focal-reducer consisting 
of a collimator and camera. The auxiliary com- 
ponents (filters, cold-stops, Fabry—Perot etalons, etc.) 
then have an additional image and pupil conjugate 
available to them and the image scale may be chosen 
by varying the ratio of the camera and collimator 
focal lengths. The extra complexity of optics inevi- 
tably reduces throughput but, through the use of 
modern optical materials, coatings such as Sol-Gel 
and the avoidance of internally obstructed reflective 
optics, losses may be restricted to 10-20% except at 
wavelength shorter than ~0.35 pm. An imaging 


focal reducer is a special case of the generic spectro- 
graph described in the next section. 


Spectroscopy 


Basic principles 

Astronomical spectrographs generally employ plane 
diffraction gratings. The interference between adja- 
cent ray paths as they propagate through the medium 
is illustrated in Figure 1. From this, we obtain the 
grating equation: 


mpA =n, sina+n,sinB=G [3] 


where a and £6 are the angles of incidence and 
diffraction respectively, p = 1/a is the ruling den- 
sity, A is the wavelength, and m is the spectral 
order. The refractive indices in which the 
incident and diffracted rays propagate are n, and 
nz respectively. 

The layout of a generic spectrograph employing a 
plane diffraction grating in a focal reducer arrange- 
ment is shown in Figure 2. The spectrograph 
re-images the slit onto the detector via a collimator 
and camera. The disperser is placed in the collimated 
beam close to a conjugate of the telescope pupil. 
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A field lens placed near the focus is often incorporated 
in the collimator for this purpose. 

The geometrical factor, G, defined in the equation 
is constrained by the basic angle of the spectrograph: 


p=a-B [4] 


which is the (normally fixed) angle between the 
optical axes of the collimator and camera. w= 17, 
corresponds to the Littrow configuration (for 
integer 7). 





Figure 1 Derivation of the grating equation by consideration 
of the optical path difference between neighboring ray paths AB 
and A’B’. 







Detector 


Telescope 


Considering the case of a diffraction grating in 
vacuo, differentiation of the grating equation with 
respect to the diffracted angle yields the angular 
dispersion: 


dA _ cos B 
de mp [5] 





from which the linear dispersion is obtained by 
considering the projection of df on the detector, dx: 


dA  ddaAdB __ cosB 


di Ads wok [6] 





where fo is the focal length of the camera (see 
Figure 2). 

In the diffraction-limited case, where the slit is 
arbitrarily narrow, the resolving power is given 
simply by the total number of rulings multiplied by 
the spectral order: 


R* = mpW [7] 
where w is the length of the disperser as defined 
below. But in astronomy, it is usually determined by 


the width of the image of the slit, s, projected on the 
detector, s’. By conservation of Etendue: 


g=s— [8] 


where F, and F, are the collimator and camera focal 
ratios, respectively. The spectral resolution of the 
spectrograph is simply the width of this expressed in 


Grating 





Figure 2 Generic spectrograph employing a plane diffraction grating. Note that according to the sign convention implicit in Figure 1, 


the diffraction angle, 8, is negative in this configuration. 
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wavelength units: 
sD, cos B 


= “) = 
an (2 mpD>f; 


The length of the intersection between the collimated 
beam and the plane of the grating (not necessarily the 
actual physical length of the grating) is 


cosB _ 


9 
mpfy Fy a 





D3 Di 


cos B 





[10] 


cos @ 


Using this to eliminate cos £, the spectral resolution 
becomes 








s 
6A = ——— 11 
and the resolving power is 
oA s s 


where G is the quantity defined in eqn [3]. Note that 
R is now independent of the details of the camera. 
This expression is useful for the laboratory since it is 
expressed in terms of the parameters of the experi- 
mental apparatus; but, for astronomy, it is more 
useful to express the resolving power in terms of the 
angular slit width, y, and the telescope aperture 
diameter, Dy, via: 


s = xfr = xPrDy = xF, Dy [13] 


since the collimator and telescope focal ratios are the 
same if the spectrograph is directly beam-fed from the 
telescope. Note that even if the telescope focal surface 
is re-imaged onto the slit, the expression for the 
resolving power still holds due to the conservation of 
Etendue in the re-imaging optics. Thus the resolving 
power is 


mW GW 


R —_ 
xDr xXDy 





[14] 


Note that the resolving power obtained with a 
nonzero slit width is always less than the theoretical 
maximum, R = R,, for wavelengths: 


A <A. = Dr [15] 


Thus, long-wavelength applications may approach 
the theoretical limit; in which case they are said to be 
diffraction-limited. If so, the resolving power is 
independent of the slit width, simplifying the inter- 
face to different telescopes. For a nondiffraction- 
limited spectrograph, the resolving power obtained 
depends on the aperture of the telescope to which it 
is fitted. 


Optical configuration 

The non-Littrow configuration shown in Figure 2 
introduces anamorphism into the recorded spectra 
such that a monochromatic image of the slit mask is 
compressed in the dispersion direction by a factor: 


_. Dz 
aes 


_ cos B [16] 


cos @ 


A 





which varies, depending on the choice of angles 
required to place the chosen wavelength on the 
detector using eqns [3] and [4]. 

Practical configurations that maximize R, do so by 
increasing W =  D,/cos a. This implies maximizing 
cos B, since # = a — B, which results in A > 1. This is 
known as the grating-to-camera configuration since 
the grating normal points more towards the camera 
than to the collimator. The grating-to-collimator 
configuration may also be used at the penalty of 
lower R but does permit a smaller camera. Thus the 
camera aperture must be oversized in the dispersion 
direction since D, > D,. The Littrow configuration is 
rarely used with reflective designs when large FOV is 
required because of internal vignetting and conse- 
quent light loss. However, it can be used effectively 
with transmissive dispersers. 

If the disperser is replaced by a plane mirror (or if 
the disperser is removed in a transmissive system), the 
system acts as a versatile imager, with A = 1. This 
also facilitates target acquisition which requires that 
the telescope attitude be adjusted until the targets are 
aligned with apertures cut in an opaque mask placed 
at the input of the spectrograph. These apertures 
(normally slits) are usually oversized in the direction 
perpendicular to the dispersion to allow the spectrum 
of the sky to be recorded directly adjacent to that of 
the target to permit accurate subtraction of the 
background. 

The slit width is chosen by trading off the desire to 
maximize the amount of light entering the instrument 
from the target (but not so much as to admit excessive 
background light) and the need to maximize spectral 
resolving power, R, by reducing the slit width, y, 
according to eqn [14]. 

Since |G| = 2, the maximum attainable resolving 
power, according to eqn [14], is determined chiefly by 
the telescope aperture and angular slitwidth. The only 
important parameter of the spectrograph is the 
illuminated grating length, W. Therefore, maintaining 
the same resolving power as the telescope aperture 
increases, requires W to increase in direct proportion. 
Because of limits placed on the geometry by the need 
to avoid obstructions, etc., this means that both the 
collimated beam diameter and the size of the 
disperser must increase. This is one of the major 
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problems in devising instruments for ELTs. Current 
instruments on 8m telescopes feature collimated 
beam diameters of D,; ~ 150mm. For ELTs, the 
implied sizes are 0.5-—2 m, requiring huge optics, 
accurately co-aligned mosaics of dispersing elements, 
and enormous support structures to provide the 
required stability. A simple calculation indicates 
that the ruling stylus for a classically ruled diffraction 
grating would have to cover a thousand kilometers 
without significant wear unless the disperser was 
made from smaller pieces. 


Choice of dispersing element 

Astronomical spectrographs mostly use surface-relief 
diffraction (SL) gratings. These are ruled with groove 
densities 50 < p < 3000 mm“!. 


Blazing diffraction gratings. The intensity of the 
multibeam interference pattern from N rulings of 
finite width is given by 


( sin? Nd )( sin? 0 
I= 5 

sin~ b a 
where 2¢ is the phase difference between the center of 
adjacent rulings and 6 is the phase difference between 
the center and edge of a single ruling. To be useful for 
astronomy, the peak in this pattern, determined by 
the second term, must coincide with a useful order, 
such as m= 1, rather than zero order. This can be 
done by introducing a phase shift into the second 
term, which represents the diffraction of a single 
ruling, such that: 


[17] 





COS Y 


(= 





(sini — sin r) [18] 


where the groove angle, y, is the angle by which the 
facets are tilted with respect to the plane of the 
grating. With the aid of Figure 3, it can be seen that 
i=a-—y and r=y-f8 so that the maximum 
efficiency, which occurs when @= 0, corresponds to 
i =r, which is equivalent to simple reflection from the 
facets, and a+ B = 23. 

Thus, through this process of blazing, the grating 
eqn [3], at the blaze wavelength, Ag, becomes: 


pmdz = 2sin y o63 [19] 


2 


where yw, is given by eqn [4] using the identity: 
sin x + sin y = 2 sin(*}~) cos (*4*). Thus, the 
resolving power at blaze is obtained from 
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Figure 3 Blazing of ruled diffraction grating. 


eqns [10], [14], and [19] as: 


_ 2D, siny cos(y/2) 


R 
. xDry cos(y+ w/2) 


[20] 





Use of grisms. An alternative configuration uses 
transmission gratings. The advantage here is that the 
collimator and camera can share the same optical axis 
in a straight-through configuration with unit ana- 
morphism, A = 1, which does not require oversizing 
of the camera. The same phase-shift can be applied as 
before by making the facets into prisms with the 
required groove angle. However, this would only 
allow zero-order to propagate undeviated into the 
camera so an additional prism is required with vertex 
angle ¢=y to allow first-order light to pass 
undeviated into the camera. This composite of blazed 
transmission grating and prism is called a grism 
(Figure 4). 

The grating equation (eqn [3]) is modified for a 
grism in the blaze condition to mpAz = (n — 1)sind 
since a= —B=¢ and n, =n,n, = 1. Noting that 
ws = 0, the resolving power at blaze is then: 


Rg = Le — 1)tan¢ [21] 
KDy 


where 7 is the refractive index of the prism and 
grating material. Due to problems such as groove 
shadowing (illustrated for reflection gratings in 
Figure 3), these lack efficiency when ¢ = 30° restrict- 
ing their use to low-resolution spectroscopy. 


Use of volume phase holographic gratings. A 
newer alternative to surface-relief (SR) dispersers are 
volume phase holographic (VPH) gratings in which 
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the interference condition is provided by a variation 
of refractive index of a material such as dichromated 
gelatine, 2,, which depends harmonically on position 
inside the grating material as: 

Ng(X,Z) =H, + An, cos[27p,(x siny+zcosy)] [22] 
where pg is the density of the lines of constant m, and 


7g and An, are the mean refractive index and its 
































Figure 4 Typical configuration of a grism. The prism vertex 
and groove angles are chosen for maximum efficiency on 
the assumption that refractive indices, ng = ng = n and n’ = 1. 
The blaze condition occurs when 6= 0. In this configuration, 
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modulation amplitude, respectively (Figure 5). These 
are described by the same grating (eqn [3]), as before 
leading to an identical expression for the resolving 
power at blaze, where mpAp =2 sina, to that of a 
blazed plane diffraction grating in the Littrow 
configuration (eqn [20]): 


Rg = Ea, tana [23] 
xDr 

Unlike SR gratings, the blaze condition of VPH 
gratings may be varied by changing the basic angle 
of the spectrograph, w=2(y+ a), although this is 
often mechanically inconvenient. They may also be 
sandwiched between prisms to provide the necess- 
ary incident and diffraction angles while retaining 
the advantage of a straight-through configuration, 
to form an analogue of a grism, sometimes termed 
a vrism. Unlike grisms, these are not constrained 
by groove shadowing and so can be efficient at 
relatively high dispersion, subject to the constraint 
imposed by the size of the device. 


Use of echelle gratings. Another option to 
increase the resolving power is to use a coarse 
grating in high order via the use of an echelle 
format. The resolving power in the near-Littrow 
configuration in which it is usually operated, is 
given by eqn [20] with w= 0. 


D 
Rz = 


= 24 
1D [24] 





2tan y 


where y is the groove angle. 


J Lines of constant ng 














Active layer (DCG) 
‘T> Glass substrate 


Figure 5 Various configurations of volume phase holographic gratings. The blaze condition is when 6 = a. The inset shows how the 
blaze condition may be altered by changing the basic angle of the spectrograph. 
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(a) Basic layout of an Echelle grating used in a near-Littrow configuration. (b) Illustrative cross-dispersed spectrogram 


showing a simplified layout on the detector. The numbers 10—16 label the different spectral orders. The numbers labeling the vertical 
axis are the wavelength (nm) at the lowest end of each complete order. Other wavelengths are labeled for clarity. For simplicity the 


orders are shown evenly spaced in cross-dispersion. 


In the configuration shown in Figure 6, R is 
maximized by increasing W. This also means that 
G=mpa is large. In order to avoid excessively 
high ruling densities, the grating may be used in 
high orders. However, this presents the problem of 
order overlap since the wavelength in order m 
occurs in the same place as wavelength A, = 
(m/n)X,, in order n. Limiting the observation to a 
single order via the use of order-sorting filters is 
one solution while another is to use cross- 
dispersion via a chain of prisms or a grating with 
dispersion perpendicular to that of the echelle to 
separate the orders out. This option severely 
curtails the use of such spectral formats in multi- 
object spectroscopy. 


Increasing resolving power using immersed 
gratings. All the methods of using diffraction 
gratings discussed so far are subject to various 
geometric constraints which ultimately limit the 
maximum obtainable resolving power by placing 
limits on W (e.g., in eqn [14]). These may be partly 
overcome by optically coupling the dispersers to 
immersing prisms. This can lead to a doubling of the 
resolving power in some cases. 


Use of prisms. The final method of dispersion is to 
use a prism. This has the advantage that, since it does 
not work by multibeam interference, the light is not 
split into separate orders which removes the problem 
of order-overlap and improves efficiency. However, it 
does not produce the high spectral resolution required 
for some applications and the dependency of dis- 
persion on A is often markedly nonlinear. 


From a consideration of Fermat’s principle, it can 
be shown that the resolving power of a prism is: 


rat (<") 

xDr dv 
where t is the baselength of the prism. Using modern 
materials, R S 300 may be obtained. The problem of 
the nonlinearity in dispersion can be alleviated by the 


use of composite materials with opposite signs of 
dispersion. 


[25] 


Multiobject spectroscopy (MOS) 
As discussed above, there is great value in increasing 
the multiplex gain. This can be done in two ways: 


(i) Increasing the number of apertures in the slit 
mask (Multislits). This requires that each slit is 
carefully cut in the mask because, although the 
telescope attitude (translation and rotation) may 
be adjusted to suit one aperture, errors in the 
relative positions of slits cannot be compensated 
since the image scale is fixed. Each aperture 
produces a spectrum on the detector and the 
mask designer must ensure that the targets and 
their matching slits are chosen to avoid overlaps 
between spectra and orders. This has the effect of 
limiting the surface density of targets which can 
be addressed in one observation. Passband filters 
can be used to limit the wavelength range and 
reduce the overlap problem. This option requires 
superior optics able to accommodate both a wide 
FOV and large disperser. 

(ii) Using optical fibers (Multifibers). A number of 
fibers may be deployed at the telescope focus to 
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direct light from the various targets to a remote 
spectrograph whose input focus consists of one or 
more continuous pseudoslits. These are made up 
of the fiber outputs arranged in a line. The 
continuous nature of the slit means that spectral 
overlap is avoided without restricting the surface 
density of addressable targets; although there is a 
limit imposed by the distance of closest approach 
of the fibers. The method of deploying the fiber 
inputs may be a plugplate consisting of pre-cut 
holes into which encapsulated fibers are manually 
plugged, or a pick-and-place robot which serially 
positions the fiber inputs at the correct location 
on a magnetized field plate. The latter is highly 
versatile but mechanically complex with a 
significant configuration time that may erode 
the actual on-target integration time. 


The two systems have contrasting capabilities 
(Figure 7). The multislit approach provides generally 
better SNR since the light feeds into the spectrograph 
directly, but is compromised in terms of addressable 
surface density of targets, by the need to avoid 
spectral overlap and in FOV by the difficulty of the 
wide-field optics. A current example of this type of 
instrument, GMOS, is shown in Figure 8 and 
described in Table 5. The multifiber approach is 
limited in SNR by modal noise in the fibers and 


Multislit fonaa 


From telescope 
(or fore-optics) 


Telescope slit 





attendant calibration uncertainties and the lack of 
contiguous estimates of the sky background. How- 
ever, it is easier to adapt to large fields since the 
spectrograph field can be much smaller than the field 
over which the fiber inputs are distributed. In 
summary, multislit systems are best for narrow-but- 
deep surveys while the multifiber systems excels at 
wide-but-shallow surveys. Fiber-fed instruments may 
further prove their worth in ELTs where technical 
problems may require that these bulky instruments 
are mounted off the telescope (see below for further 
discussion). 

Of paramount importance in MOS is the quality of 
the background subtraction as discussed above. 
Traditionally, this requires slits which sample the 
sky background directly adjacent to the object. An 
alternative is nod-and-shuffle (va-et-vient) in which 
nearby blank regions are observed alternately with 
the main field using the same slit mask by moving the 
telescope (the nod). In the case of CCDs, the photo- 
generated charge from the interleaved exposures is 
stored temporarily on the detector by moving it to an 
unilluminated portion of the device (the shuffle). 
After many repeats on a timescale less than that of 
variations in the sky background (a few minutes), the 
accumulated charge is read out, incurring the 
read-noise penalty only once. Although requiring 
an effective doubling of the exposure time and an 
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Illustration of the difference between the multislit and multifiber approaches to multi-object spectroscopy. 
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Figure 8 The Gemini Multiobject Spectrograph (GMOS). One of two built for the two Gemini 8-m telescopes by a UK—Canadian 
consortium. It includes an integral field capability provided by a fiber-lenslet module built by the University of Durham. The optical 
configuration is the same as shown in Figure 2. It is shown mounted on an instrument support unit which includes a mirror to direct light 
from the telescope into different instruments. The light path is shown by the red dashed line. The slit masks are cut by a Nd-YAG laser in 


3-ply carbon fiber sheets. See Table 5 for the specification. 


Table 5 Main characteristics of the Gemini multiobject spectrographs 


Image scale 72 mas/pixel 
Detector CCD with 13.5 wm pixels 
Format: 3 x (4608 x 2048) 
Wavelength Total: 0.4—1.0 wm 
range Simultaneous: = 1 octave 
Spectral resolving R = 5000 with 0.5” slit 
power 


increase in the size of the detector, this technique 
allows the length of the slits to be reduced since no 
contiguous sky sample is required, thereby greatly 
increasing the attainable multiplex gain if the number 
density of potential targets is sufficiently high. 


Integral field spectroscopy (IFS) 

IFS provides a spectrum of each spatial sample 
simultaneously within a contiguous FOV. Other 
approaches provide the same combination of imaging 
and spectroscopy but require a series of nonsimulta- 
neous observations. Examples include imaging 
through a number of narrow passband filters with 
different effective wavelength and spectroscopy 
with a single slit which is stepped across the object. 


FOV 
Slit/mask configuration 


Integral field unit 


Dispersion options 


5.5! x 5.5! 
<few x 100 slits of width = 0.2” 


1500 x 0.2” samples in 50 sq.” 


3 gratings + mirror for imaging 


Other such techniques are Fabry-Perot, Fourier- 
transform and Hadamard spectroscopy. Since the 
temporal variation of the sky background is a major 
limitation in astronomy of faint objects, IFS is the 
preferred technique for terrestrial observations of 
faint objects, but nonsimultaneous techniques are 
preferable in certain niche areas, and relatively more 
important in space where the sky background is 
reduced. 
The main techniques (Figure 9) are as follows: 


(i) Lenslets. The field is subdivided by placing an 
array of lenslets at the telescope focus (or its 
conjugate following re-imaging fore-optics) to 
form a corresponding array of micropupils. 
These are re-imaged on the detector by a focal 
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Figure 9 Main techniques of integral field spectroscopy. 


reducer using a conventional disperser. The 
spectra are, therefore, arranged in the same pat- 
tern as that of the lenslet array. Spectral overlap is 
reduced by angling the dispersion direction away 
from the symmetry axes of the lenslet array and 
by the fact that the pupil images are smaller than 
the aperture of the corresponding lenslet. 
(ii) Fibers + lenslets. The field is subdivided as in (i) 
but the pupil images are relayed to a remote 
spectrograph using optical fibers which reformat 
the field into linear pseudoslits. This avoids the 
problem of overlap, allowing a greater length of 
spectrum than in (i), but is more complex since 
the arrays of fibers and lenslets must be precisely 
co-aligned and are subject to modal noise in the 
fibers. 
Image slicer. The field is subdivided in only one 
dimension by a stack of thin slicing mirrors 
placed at a conjugate of the telescope focus 
(Figure 10). Each mirror is angled so as to direct 
light to its own pupil mirror which re-images the 
field to form part of a linear pseudoslit. Thus the 
slices into which the image is divided are 
rearranged end-to-end to form a continuous slit 
at the spectrograph input. Unlike the other 
techniques, this retains spatial information 
along the length of each slice. This is dispersed 
by conventional means via a focal-reducer. An 
additional optic is often required at the image of 
each slice at the slit to reimage the micropupil 
images produced by the slicing mirrors onto a 
common pupil inside the spectrograph. In 
principle this is the most efficient of the three 


(iii) 


Spectrograph 
output 





Datacube 


methods since the one-dimensional slicing 
produces fewer diffraction losses in the spectro- 
graph than the two-dimensional division used by 
the others, and minimizes the fraction of the 
detector surface which must be left unillumi- 
nated in order to avoid cross-talk between 
noncontiguous parts of the field. However the 
micromirrors are difficult to make since they 
require diamond-turning or grinding in metal or 
glass with a very fine surface finish (typically 
with RMS ~ 1 nm for the optical and ~ 10 nm in 
the infrared). This sort of system is, however, 
well-matched to cold temperatures, since the 
optical surfaces and mounts may be fabricated 
from the same material (e.g., Al) or from 
materials with similar thermal properties. 


The data are processed into a datacube whose 
dimensions are given by the two spatial coordinates, 
x,y, plus wavelength. The datacube may be sliced up 
in ways analogous to tomography to understand the 
physical process operating in the object. 


Spectropolarimetry and Polarimetry 


Spectropolarimetry and polarimetry are analogous to 
spectroscopy and imaging, where the polarization 
state of the light is measured instead of the total 
intensity. Like IFS, spectropolarimetry is a photon- 
starved (i.e., limited in SNR by photon noise) area 
which benefits from the large aperture of current and 
projected telescopes. 

The Stokes parameters of interest are I, O, and U. 
V is generally very small for astronomical objects. 


Sensors 2012, 12 13639 


T= 1 fe) = J (1) 


where / is the current through the diode, Js is the saturation current, g is the charge of an electron, Vp is 
the voltage across the diode, T is the temperature in degrees Kelvin and K is Boltzmann constant. The 
voltage equation around the loop can be derived from Figure 1(c) and is given in Equation (2): 


Vn =Vs Ve (2) 
Since the same current flows through the diode and the capacitor, one can find the average current 
through the circuit by integrating Equation (1) over a time period. By substituting Equation (2) into 


Equation (1), Vc can be expressed in terms of Vs by averaging the diode current to zero. This is given 
in Equation (3) [26]: 





KT qv. 
Ne n| 9 Ze) , G) 





where J, is the series expansion of the sinusoidal source voltage. Equation (3) can further be 
simplified for very small amplitude Vs; as Equation (4): 


qVs 
Go ee (4) 





Equation (4) shows that for a small voltage source, the circuit output voltage is proportional to the 
square of the input sinusoidal voltage; hence it’s so-called square law operation. Extensions of this 
model for voltage multipliers and other input signals are presented in [27] and [28]. Equation (4) 
further confirms that for low input voltage (power < 10 dBm), an impedance matching network 
between the source and the diode is necessary to improve the detected output voltage and efficiency. 


2.2. Impedance Matching 


The maximum power transfer theorem states that the highest power is transferred to the load when 
the source resistance is the same as the load resistance. For systems with both resistive and reactive 
impedances from source and load, the source and the load impedance should be adjusted in a way that 
they are the complex conjugate of each other through impedance matching. For the purposes of this 
work, a 50 Q resistive source is chosen as reference for load impedance matching. The antenna which 
captures the ambient RF signals is tuned to provide this source resistance at resonance for the 
rectifying circuit in a complete EM wireless remote harvester. The load is the resistance of the 
Schottky diodes and the actual connected resistance (remote sensor). The specific type of matching 
network which can be used for complex conjugation depends on the nature of load or source 
impedance, the desired RF to DC converter functionality and other factors like circuit size, cost, etc. 
The response of a matched RF to DC power converter depends on the matching network used as well 
as the source or load component quality factors and impedances. 
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Figure 10 Principle of the advanced image slicer. Only three slices are shown here. Real devices have many more, e.g., the IFU for 
the Gemini Near-Infrared Spectrograph has 21 to provide a 5” x 3” field with 0.15” x 0.15” sampling. Reproduced from Content R 
(1997) A new design for integral field spectroscopy with 8 m telescopes. Proceedings SPIE 2871: 1295-1305. 


From these, the degree and azimuthal angle of linear 
polarization are obtained as: 


() 


The Stokes parameters may be estimated using a 
modified spectrograph with a rotatable achromatic 
half-wave retarder, characterized by the angle of 
rotation about the optical axis, 0, placed before the 
instrument and a polarizing beamsplitter which 
separates the incident beam into orthogonal polariz- 
ation states (Figure 11). The two states are recorded 
simultaneously on different regions of the detector. 
The separation is achieved usually through the 
angular divergence produced by a Wollaston prism 
placed before the disperser or through the linear offset 
produced by a calcite block placed before the slit. The 
intensity as a function of the waveplate rotation 
angle, S(6), is recorded for each wavelength and 
position in the spectrum or image. The Stokes 


O a U2 
12 


Th = 


5) [26] 
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parameters for each sample are then given by 
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[27] 
Cy — wepD, Cx — wepD2 
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Ay + wapBy A> + wapBo 
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Q _ S(0) — S(w/2) 
I S(O) + S(a7/2) 
U _ S(w/4) — Sn/4) 
I S(a/4) + S3 7/4) 
I= S(O) + S(a/2) 
: ( ) at 
NNA2 
where A and B are the signals (functions of position 
and/or A) recorded with the waveplate at 6 = 0 and 
6 = 7/2 and the subscripts 1 and 2 refer to the two 
polarization states produced by the beamsplitter. 
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Figure 11 Schematic layout of spectropolarimeter using a polarizing beamsplitter in the collimated beam (e.g., a Wollaston prism 


producing e- and o-states) to produce separate spectra for orthogonal polarization states on the detector. Alternative configurations in 
which the two polarizations have a linear offset (e.g., a calcite block) may be used in which case the beamsplitter is placed before the slit. 


Likewise, C and D are a pair of observations taken 
with 0= 7/4 and 06=37/4. The angled brackets 
indicate a suitable method of averaging the quantities 
inside. The factors waz and wep are estimated as 








— [AA2 _ | CiC, 
@aR = B,B> @cD = D,D> [28] 


and 7,1 is a single calibration factor for polarization 
state 1 of observation A, etc. One problem is 
instrumental polarization caused by oblique reflec- 
tions from telescope mirrors upstream of the polariz- 
ing waveplate, such as the fold mirror external to 
GMOS (see Figure 8). This must be carefully 
accounted for by taking observations of stars with 
accurately known polarization. The dispersing 
element is also likely to be very strongly dependent 
on the polarization state of the incident light with 
widely different efficiency as a function of wave- 
length. Although this effect is cancelled out using the 
procedure described above, it introduces a heavy toll 
in terms of SNR reduction. 


Technology Issues 


Use of Optical Fibers in Astronomy 


As discussed above, optical fibers arecommonly used in 
astronomy for coupling spectrographs to wide, spar- 
sely sampled FOVs in the case of MOS, or small 
contiguously sampled FOVs in the case of IFS. For both 
applications, the most important characteristics are: 


(i) Throughput. Near-perfect transmission is 
required for wavelength intervals of ~1 octave 
within the overall range of 0.3-5 pm. For MOS, 
a prime focus fiber feed to an off-telescope 
spectrograph implies fiber runs of several tens 
of meters for 8m _ telescopes, increasing 
proportionally for ELTs. For IFS, runs of only 


(iii) 


~1m are required for self-contained par-focal 
IFUs. For A < 2.5 wm, fused silica is a suitable 
material, although it is not currently possible to 
go below ~ 0.35 pm, depending on fiber length. 
Newer techniques and materials may improve 
the situation. For A>2.5 um, alternative 
materials are required, such as ZrF4 and, at 
longer wavelengths, chalcogenide glasses, but 
these are much more expensive and difficult to 
use than fused silica. 

Conservation of Etendue. Fibers suffer from 
focal ratio degradation, a form of modal diffu- 
sion, which results in a speeding up of the output 
beam with respect to the input. Viewed as an 
increase in entropy, it results in a loss of 
information. In practice, this implies either 
reduced throughput, as the fiber output is 
vignetted by fixed-size spectrograph optics, or a 
loss in spectral resolution if the spectrograph is 
oversized to account for the faster beam from the 
fibers. This effect may be severe at the slow focal 
ratios pr oduced by many telescopes (F > 10) 
but is relatively small for fast beams (F < 5). 
Thus, its effect may be mitigated by speeding up 
the input beam by attaching lenslets directly to 
the fibers, either individually (for MOS) or in a 
close-packed array (for IFS). If the spectrograph 
operates in both fiber- and beam-fed modes (e.g., 
Figure 8), it is also necessary to use lenslets at the 
slit to convert the beam back to the original 
speed. 

Efficient coupling to the telescope. This requires 
that the fibers are relatively thick to match the 
physical size of the sampling at the telescope 
focus which is typically y, = 0.1" for IFS and 
Xs = 2" for MOS. By conservation of Etendue, 
the physical size of the fiber aperture is 


d; = y,D7F; [29] 
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where F; is the focal ratio of the light entering the 
fiber and Dy is the diameter of the telescope 
aperture. Using the above values with F; = 4, as 
required to maintain Etendue, implies 15 < d; < 
300 um for an 8 m or 60 < d; < 1200 pm fora 
30m telescope. Except at the lower end, this 
implies the use of multimode (step-index) fibers. 
However, the need in IFS to oversize the fibers to 
account for manufacturing errors and current 
requirements of x, = 0.2” to produce sufficient 
SNR in a single spatial sample gives a practical 
limit of dg > 50 pm which is in the multimode 
regime. 


Recently, the use of photonic crystal fibers in 
astronomy has been investigated. These, together 
with other improvements in material technology may 
improve the performance of optical fibers, which will 
be of special relevance to ELTs where, for example, 
there will be a need to couple very fast beams into 


fibers. 


Cooling for the Near-Infrared 


As shown in Figure 12, it is necessary to cool 
instruments for use in the infrared. This is to prevent 
thermal emission from the instrument becoming the 
dominant noise source. The minimum requirement is 
to place a cold stop at a conjugate of the telescope 
pupil. However, much of the rest of the instrument 
requires cooling because of the nonzero emissivity of 
the optics. The telescope also requires careful design. 
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For example, the Gemini telescopes are optimized for 
the NIR by undersizing M2 so that the only stray 
light entering the final focal surface is from the cold 
night sky. 

Irrespective of the thermal background and wave- 
length, all detectors (see Table 4), require cooling to 
reduce internally generated noise to acceptable levels. 
For the CCDs used in the optical, the cryogen is liquid 
nitrogen, but for the infrared, cooling with liquid 
helium is required. 


Structure 


As discussed above, the necessity for instruments to 
scale in size with the telescope aperture cannot be 
achieved by simply devising a rigid structure, since 
the required materials are generally not affordable 
(instruments on 8 m telescopes cost roughly €/$ 5— 
15 M, including labor). Furthermore, the stability 
also depends critically on the mounting of the 
individual optical elements, where the choice of 
material is constrained by the need for compliance 
with the optical materials. The solution adopted for 
GMOS was to design the collimator and camera 
mounting so that variations in the gravity vector 
induce a translation in each component orthogonal to 
the optical axis without inducing tilts or defocus. 
Therefore, the only effect of instability is a translation 
of the image of the slit on the detector. Since the slit 
area is rigidly attached to the telescope interface, the 
image of a celestial object does not move with respect 
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Figure 12 


Illustration of the need for cooling in NIR instruments. This is modeled for the case of a spectrograph on an 8 m telescope 


with 0.2” x 0.2” sampling with both throughput and total emissivity of 50%. The curves indicate the cumulative thermal background for 
wavelengths shortward of that shown on the scale. For comparison, a typical dark current is shown for NIR detectors (see Table 4). Also 
shown is the background from the night sky for the case of the H-band, for two values of spectral resolution, R. The mean sky 
background level is shown for both values of R. For R = 3000, the continuum level found between the strong, narrow OH-lines which 
make up most of the signal is also shown. To observe in the H-band, cooling to — 40°C is required for high spectral resolution, but is 
unnecessary at low resolution. At longer wavelengths, fully cryogenic cooling with liquid nitrogen is generally required. 
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to the slit providing that the telescope correctly tracks 
the target. The motion of the image of the slit on the 
detector is then corrected by moving the detector 
orthogonal to the optical axis to compensate. Taking 
account of nonrepeatable motion in the stucture and 
the detector mounting, it proved possible to attain the 
desired stability in open-loop by measuring the 
flexure experienced with the control system turned 
off, making a look-up table to predict the required 
detector position for each attitude setting (elevation 
and attitude) and applying the correction by counting 
pulses sent to the stepper motors which control the 
detector translation. 

Some instruments require much greater stability 
than GMOS does. The flexure-control outlined above 
may be augmented by operation in closed-loop so 
that nonrepeatable movements may be accounted for. 
However, this ideally requires a reference light source 
which illuminates the optics in the same way as the 
light from the astronomical target and which is 
recorded by the science detector without adversely 
impacting the observation. Alternatively, partial 
feedback may be supplied by repeated metrology of 
key optical components such as fold-mirrors. 

One strategy to measure radial velocities to very 
small uncertainities (a few meters per second) is to 
introduce a material (e.g., iodine) into the optical 
path, which is present throughout the observations. 
This absorbs light from the observed object’s con- 
tinuum at one very well-defined wavelength. Thus, 
instrument instability can be removed by measuring 
the centroid of the desired spectral line in the object 
relative to the fixed reference produced by the 
absorption cell. However, flexure must still be care- 
fully controlled to avoid blurring the line during the 
course of a single exposure. 

Mounting of instruments via a fiber-feed remotely 
from the telescope, at a location where they are not 
subjected to variations in the gravity vector, is a 
solution for applications where great stability is 
required. But, even here, care must be taken with 
the fore-optics and pickoff system attached to the 
telescope, and to account for modal noise induced by 
changes in the fiber configuration as the telescope 
tracks. 

Finally, the instrument structure has other func- 
tions. For cooled instruments, a cryostat is required 
inside which most of the optical components are 
mounted. For uncooled instruments, careful control 
of temperature is needed to avoid instrument motion 
due to thermal expansion. This requires the use of an 
enclosure which not only blocks out extraneous light, 
but provides a thermal buffer against changes in the 


ambient temperature during observations and 
reduces thermal gradients by forced circulation of air. 


See also 


Diffraction: Diffraction Gratings. Fiber and Guided Wave 
Optics: Fabrication of Optical Fiber. Imaging: Adaptive 
Optics. Instrumentation: Telescopes; Spectrometers. 
Spectroscopy: Fourier Transform Spectroscopy; Hada- 
mard Spectroscopy and Imaging. 
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Introduction 


Ellipsometry measures a change in polarization as 
light reflects from or transmits through a material 
structure. The polarization-change is represented as 
an amplitude ratio, V, and a phase difference, A. The 
measured response is dependent on optical properties 
and thickness of each material. Thus, ellipsometry is 
primarily used to determine film thickness and optical 
constants. However, it is also applied to the charac- 
terization of composition, crystallinity, roughness, 
doping concentration, and other material properties 
associated with a change in optical response. 

Interest in ellipsometry has grown steadily since the 
1960s as it provided the sensitivity necessary to 
measure nanometer-scale layers used in microelec- 
tronics. Today, the range of applications has spread to 
basic research in physical sciences, semiconductor, 
data storage, flat panel display, communication, 
biosensor, and optical coating industries. This wide- 
spread use is due to increased dependence on thin 
films in many areas and the flexibility of ellipsometry 
to measure most material types: dielectrics, semicon- 
ductors, metals, superconductors, organics, biologi- 
cal coatings, and composites of materials. 

This article provides a fundamental description of 
ellipsometry measurements along with the typical 
data analysis procedures. The primary applications of 
ellipsometry are also surveyed. 


Light and Materials 


Ellipsometry measurements involve the interaction 
between light and material. 


Light 


Light can be described as an electromagnetic wave 
traveling through space. For ellipsometry, it is 
adequate to discuss the electric field behavior in 
space and time, also known as polarization. The 
electric field of a wave is always orthogonal to the 
propagation direction. Therefore, a wave traveling 
along the z-direction can be described by its x- and 
y-components. If the light has completely random 


orientation and phase, it is considered unpolarized. 
For ellipsometry, we are interested in the case where 
the electric field follows a specific path and traces out a 
distinct shape at any point. This is known as polarized 
light. When two orthogonal light waves are in-phase, 
the resulting light will be linearly polarized (Figure 1a). 
The relative amplitudes determine the resulting 
orientation. If the orthogonal waves are 90° out-of- 
phase and equal in amplitude, the resultant light is 
circularly polarized (Figure 1b). The most general 
polarization is ‘elliptical’, which combines orthogonal 
waves of arbitrary amplitude and phase (Figure 1c). 
This is how ellipsometry gets its name. 


Materials 


Two values are used to describe optical properties, 
which determine how light interacts with a material. 








Figure 1 Orthogonal waves combine to demonstrate polariz- 
ation: (a) linear; (b) circular; and (c) elliptical. 
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They are generally represented as a complex number. 
The complex refractive index (7) consists of the index 
(1) and extinction coefficient (k): 


na=n+ik (1] 


Alternatively, the optical properties can be rep- 
resented as the complex dielectric function: 


&= e, + ie, [2] 
with the following relation between conventions: 
s= iW [3] 
The index describes the phase velocity for light as it 
travels through a material compared to the speed of 
light in vacuum, c: 


[4] 


$2 = 
n 
Light slows as it enters a material with higher index. 
Because frequency remains constant, the wavelength 
will shorten. The extinction coefficient describes the 
loss of wave energy to the material. It is related to the 
absorption coefficient, a, as: 


_ 4k 
2) 


a [S] 
Light loses intensity in an absorbing material, 
according to Beer’s Law: 


I(z) = 1(0) e 1 [6] 


Thus, the extinction coefficient relates how quickly 
light vanishes in a material. These concepts are 
demonstrated in Figure 2, where a light wave travels 
from air into two different materials of varying 
properties. 


Air Film 2 





Figure 2 Wave travels from air into absorbing Film 1 and then 
transparent Film 2. The phase velocity and wavelength change in 
each material depending on index of refraction (Film 1: n= 4, 
Film 2: n= 2). 


The optical constants for TiO. are shown in 
Figure 3 from the ultraviolet (UV) to the infrared 
(IR). The optical constants are wavelength dependent 
with absorption (k > 0) occurring in both UV and IR, 
due to different mechanisms that take energy from the 
light wave. IR absorption is commonly caused by 
molecular vibration, phonon vibration, or free- 
carriers. UV absorption is generally due to electronic 
transitions, where light provides energy to excite an 
electron to an elevated state. A closer look at the 
optical constants in Figure 3 shows that real and 
imaginary optical constants are not independent. 
Their shapes are mathematically coupled together 
through Kramers—Kronig consistency. Further details 
are covered later in this article. 


Interaction Between Light and Materials 


Maxwell’s equations must remain satisfied when light 
interacts with a material, which leads to boundary 
conditions at the interface. Incident light will reflect 
and refract at the interface, as shown in Figure 4. The 
angle between the incident ray and sample normal 





a] 
0.03 0.1 0.3 1 3 10 
Photon energy — e¥ (log scale) 


Figure 3 Complex dielectric function for TiO. film covering 
wavelengths from the infrared (small eV) to the ultraviolet 
(high eV). 





Figure 4 Light reflects and refracts according to Snell's law. 
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(¢;) will be equal to the reflected angle, (¢,). Light 
entering the material is refracted to an angle (¢,) 
given by: 


no sin( di) = 7, sin(d,) [7] 


The same occurs at every interface where a portion 
reflects and the remainder transmits at the refracted 
angle. This is illustrated in Figure 5. The boundary 
conditions provide different solutions for electric 
fields parallel and perpendicular to the sample 
surface. Therefore, light can be separated into 
orthogonal components with relation to the plane 
of incidence. Electric fields parallel and perpendicular 
to the plane of incidence are considered p- and 
s-polarized, respectively. These two components are 
independent for isotropic materials and can be 
calculated separately. Fresnel described the amount 
of light reflected and transmitted at an interface 
between materials: 











Z= Fo, \ 1 cos 6 — 1, cos 8, [8a] 
Eo J, 1 Cos 6, +n, cos 4 

i Eo, \ _ ™, Cos 6; — nj; cos 8, [8b] 
Eo; p 7 C08 0, + 1, cos 6; 

= Fo. \ _ 2n; cos 6; [8c] 
Fo, J, 1 cos 6 +n, cos A 


2n; cos 6; 


[8d] 





n, cos 0, +n, cos 6; 


Thin film and multilayer structures involve multiple 
interfaces, with Fresnel reflection and transmission 
coefficients applicable at each. It is important to track 
the relative phase of each light component to 
correctly determine the overall reflected or trans- 
mitted beam. For this purpose, we define the film 
phase thickness as: 


a= 2n{ =) é6e 8; [9] 


The superposition of multiple light waves introduces 
interference that is dependent on the relative phase of 
each light wave. Figure 5 illustrates the combination 
of light waves in the reflected beam and their 
corresponding Fresnel calculations. 


Ellipsometry Measurements 


For ellipsometry, primary interest is measurement of 
how p- and s-components change upon reflection or 
transmission relative to each other. In this manner, 
the reference beam is part of the experiment. A 
known polarization is reflected or transmitted from 
the sample and the output polarization is measured. 
The change in polarization is the ellipsometry 
measurement, commonly written as: 


p= tan(W) e'“ [10] 
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Figure 5 Light reflects and refracts at each interface, which leads to multiple beams in a thin film. Interference between beams 
depends on relative phase and amplitude of the electric fields. Fresnel reflection and transmission coefficients can be used to calculate 


the response from each contributing beam. 
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An example ellipsometry measurement is shown in 
Figure 6. The incident light is linear with both p- and 
s-components. The reflected light has undergone 
amplitude and phase changes for both p- and 
s-polarized light, and ellipsometry measures their 
changes. 

The primary methods of measuring ellipsometry 
data all consist of the following components: light 
source, polarization generator, sample, polarization 
analyzer, and detector. The polarization generator 
and analyzer are constructed of optical components 
that manipulate the polarization: polarizers, compen- 
sators, and phase modulators. Common ellipsometer 
configurations include rotating analyzer (RAE), 
rotating polarizer (RPE), rotating compensator 
(RCE), and phase modulation (PME). 

The RAE configuration is shown in Figure 7. A 
light source produces unpolarized light, which is sent 
through a polarizer. The polarizer passes light of a 
preferred electric field orientation. The polarizer axis 
is oriented between the p- and s-planes, such that 
both arrive at the sample surface. The linearly 
polarized light reflects from the sample surface, 


1. Known input 
polarization 


fF P-plane 






becoming elliptically polarized and travels through 
a continuously rotating polarizer (referred to as the 
analyzer). The amount of light allowed to pass will 
depend on the polarizer orientation relative to the 
electric field ‘ellipse’ coming from the sample. The 
detector converts light from photons to electronic 
signal to determine the reflected polarization. 
This information is used with the known input 
polarization to determine the polarization change 
caused by the sample reflection. This is the ellipso- 
metry measurement of V and A. 


Single Wavelength Ellipsometry (SWE) 


SWE uses a single frequency of light to probe the 
sample. This results in a pair of data, V and A, used to 
determine up to two material properties. The optical 
design can be simple, low-cost, and accurate. Lasers 
are an ideal light source with well-known wavelength 
and significant intensity. The optical elements can be 
optimized to the single wavelength. However, there is 
relatively low information content (two measurement 
values). SWE is excellent for quick measurement of 


3. Measure input 
polarization 


p-plane 





2. Reflect off sample ... 


Figure 6 Typical ellipsometry configuration, where linearly polarized light is reflected from the sample surface and the polarization 


change is measured to determine the sample response. 
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Figure 7 Rotating analyzer ellipsometer configuration uses a polarizer to define the incoming polarization and a rotating polarizer after 
the sample to analyze the outgoing light. The detector converts light to a voltage with the time-dependence leading to measurement of 


the reflected polarization. 
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nominally known films, like SiOz on Si. Care must be 
taken when interpreting unknown films, as multiple 
solutions occur for different film thickness. The 
data from a transparent film will cycle through the 
same values as the thickness increases. From Figure 5, 
it can be seen that this is related to interference 
between the multiple light beams. The refracted 
light may travel through different thicknesses to 
emerge in-phase with the first reflection, but is the 
returning light delayed by one wavelength or multiple 
wavelengths? Mathematically, the thickness cycle can 
be determined as: 


A 


2 int = ite sin? 





This is demonstrated in Figure 8, where the complete 
thickness cycle is shown for SiO, on Si at 75° angle of 
incidence and 500 nm wavelength. A bare silicon 
substrate would produce data at the position of the 
star. As the film thickness increases, the data will 
move around this circle in the direction of the arrow. 
From eqn [11], the thickness cycle is calculated as 
226 nm. Thus the cycle is completed and returns to 
the star when the film thickness reaches 226 nm. Any 
data point along the cycle represents a series of 
thicknesses which depend on how many times the 
cycle has been completely encircled. For example, the 
square represents a data point for 50 nm thickness. 
However, the same data point will represent 276 and 
502 nm thicknesses. A second data point at a new 
wavelength or angle would help determine the correct 
thickness. 


D, = 226 nm 


Real (p} 





Imaginary (p) 


Figure 8 Data from a single wavelength will cycle through the 
same points as the film thickness increases. The star represents 
the starting point, with no SiOz film on Si. As the thickness 
increases, the data follow the cycle in the direction of the arrow. 
After the cycle is complete (thickness = D,), the data repeat the 
cycle. Thus, any point along the curve represents multiple 
possible thicknesses — example shown by a square at 50nm 
thickness, which is also equal to 276 and 502 nm. 


Spectroscopic Ellipsometry (SE) 


Spectroscopic measurements solve the ‘period’ pro- 
blem discussed for SWE. Data at surrounding 
wavelengths insure the correct thickness is deter- 
mined, even as there remain multiple solutions at one 
wavelength in the spectrum. This is demonstrated in 
Figure 9, showing the spectroscopic data for the first 
three thickness results. The SE data oscillations 
clearly distinguish each thickness. Thus, a single 
thickness solution remains to match data at multiple 
wavelengths. 

SE provides additional information content for 
each new wavelength. While the film thickness will 
remain constant regardless of wavelength, the optical 
constants will change across the spectrum. The 
optical constant shape contains information regard- 
ing the material microstructure, composition, and 
more. Different wavelength regions will provide the 
best information for each different material property. 
For this reason, SE systems have been developed 
to cover very wide spectral regions from the UV to 
the IR. 

Spectroscopic measurements require an additional 
component, a method of wavelength selection. The 
most common methods include the use of mono- 
chromators, Fourier-transform spectrometers, and 
gratings or prisms with detection on a diode array. 
Monochromators are typically slow as they sequen- 
tially scan through wavelengths. Spectrometers and 
diode arrays allow simultaneous measurement at 
multiple wavelengths. This has become popular with 
the desire for high-speed SE measurements. 


Variable Angle Ellipsometry 


Ellipsometry measurements are typically performed 
at oblique angles, where the largest changes in 
polarization occur. The Brewster angle, defined as: 


[12] 
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Figure 9 Three spectroscopic ellipsometry measurements that 
match at 500 nm wavelength, but are easily distinguishable as a 
function of wavelength. 
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gives the angle where reflection of p-polarized light 
goes through a minimum. Ellipsometry measure- 
ments are usually near this angle, which can vary 
from 55° for low-index dielectrics to 75° or 80° for 
semiconductors and metals. 

It is also common to measure at multiple angles of 
incidence in ellipsometry. This allows additional data 
to be collected for the same material structure under 
different conditions. The most important change 
introduced by varying the angle is the change in 
path length through the film as the light refracts at a 
different angle. Multiple angles do not always add 
new information about a material structure, but the 
extra data builds confidence in the final answer. 


In Situ 


Within the last decade, it has become common to 
employ optical diagnostics during processing. In situ 
ellipsometry allows the optical response to be 
monitored in real-time. This has also led to feedback 
control for many processes. While in situ is generally 
restricted to a single angle of incidence, there is a 
distinct advantage to collecting data at different 
‘times’ during processing to get unique ‘glimpses’ of 
the sample structure as it changes. 

In situ SE is commonly applied to semiconductors. 
Conventional SE systems measure from the UV to 
NIR, which matches the spectral region where 
semiconductors absorb due to electronic transitions. 
The shape and position of the absorption can be very 
sensitive to temperature, composition, crystallinity, 
and surface quality, which allows SE to closely 
monitor these properties. In situ SE has also been 






Measurement 


used to monitor numerous material types, including 
metals and dielectrics. A promising in situ application 
is for multilayer optical coatings, where thickness and 
index can be determined in real-time to allow 
correction of future layers, to optimize optical 
performance. 


Data Analysis 


Ellipsometry measures changes in polarization. How- 
ever, it is used to determine the material properties of 
interest, such as film thickness and optical constants. 
In the case of a bulk material, the equations derived 
for a single reflection can be directly inverted to 
provide the ‘pseudo’ optical constants from the 
ellipsometry measurement, p: 


(é)= sino + enico( 7? | | [13] 


This equation assumes there are no surface layers of 
any type. However, there is typically a surface oxide 
or roughness for any bulk material and the direct 
inversion would incorporate these into the bulk 
optical constants. The more common procedure 
used to deduce material properties from ellipsometry 
measurements follows the flowchart in Figure 10. 
Regression analysis is required because an exact 
equation cannot be written. Often the answer is over- 
determined with hundreds of experimental data 
points for a few unknowns. Regression analysis 
allows all of the measured data to be included when 
determining the solution. 
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Figure 10 Flowchart for ellipsometry data analysis. 
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2.3. Diode Impedance 


Schottky diodes HSMS-285C and HSMS-286C from Avago [29,30] are used to build the RF to DC 
power converters. The HSMS-285x or 286 series diodes can be operated as zero biased with 
relatively low forward junction potential. This allows for the realization of completely passive RF to 
DC power converters for wireless energy harvesting. The HSMS-285C or 286C is a pair of 
series connected Schottky diodes in a SOT-323 package. The impedance of the HSMS-285C and 
HSMS-286C diodes was first measured so it can be matched to the resistance (50 Q) of the antenna 
source. This is done by connecting the input of the diodes to a network analyzer and measuring the 
scattering parameters. These scattering parameters are then converted to the corresponding 
impedances. The input impedance of a diode depends mainly on the resistive and capacitive impedance 
provided by the junction of the diode and its connected load. For a couple of diodes arranged in a 
package such as the HSMS-285C or 286C, the input impedance is the vector sum of the impedances 
provided by each diode in the package arrangement, the extra impedance associated with the 
packaging and the connected load. The diode measuring board is as shown in Figure 2. The diodes 
were measured at room temperature for an input power of -30 dBm at a diode connected load of 1 MQ 
with a 100 pF filter capacitor. For the sake of this work, the input impedance of the diodes will always 
be referred to at these connected load conditions. 


Figure 2. (left) Reference circuit layout for measuring diodes input impedance, 
(right) measuring printed circuit board (PCB) for diodes input impedance on 1 mm FR4 
substrate. 


HSMS-285C HSMS-28 
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Figure 3. Measured input impedance (A resistive, 0 capacitive) of HSMS-285C (left) and 
HSMS-286C (right) diodes at -30 dBm input with 1 MQ load and 100 pF filter. 
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Data analysis proceeds as follows. After the sample 
is measured, a model is constructed to describe the 
sample. The model is used to calculate the predicted 
response from Fresnel’s equations. Thus, each material 
must be described with a thickness and optical 
constants. If these values are not known, an estimate 
is given for the purpose of the preliminary calculation. 
The calculated values are compared to experimental 
data. Any unknown material properties can then be 
varied to improve the match between experiment and 
calculation. The number of unknown properties 
should not exceed the information content contained 
in the experimental data. For example, a single- 
wavelength ellipsometer produces two data points 
(WA) which allows a maximum of two material 
properties to be determined. Finding the best match 
between the model and experiment is typically done 
through regression. An estimator, like the mean 
squared error (MSE), is used to quantify the difference 
between curves. The unknown parameters are allowed 
to vary until the minimum MSE is reached. 

Care must be taken to ensure the best answer is 
found, corresponding to the lowest MSE. For 
example, Figure 11a shows the MSE curve versus 
film thickness for a transparent film on silicon. There 
are multiple ‘local’ minima, but the lowest MSE value 














occurs at a thickness of 749 nm. This corresponds to 
the correct film thickness. It is possible that the 
regression algorithm will mistakenly fall into a ‘local’ 
minima, depending on the starting thickness and the 
MSE structural conditions. Comparing the results by 
eye for the lowest MSE and a local minima easily 
distinguish the true minima (see Figures 11b and c). 


Ellipsometry Characterization 


The two most common material properties studied by 
ellipsometry are film thickness and optical constants. 
In addition, ellipsometry can characterize material 
properties that affect the optical constants. Crystal- 
linity, composition, resistivity, temperature, and 
molecular orientation can all affect the optical 
constants and in turn be measured by ellipsometry. 
This section details many of the primary applications 
important to ellipsometry. 


Film Thickness 


The film thickness is determined by interference 
between light reflecting from the surface and light 
traveling through the film. Depending on the relative 
phase of the rejoining light to the surface reflection, 
there can be constructive or destructive interference. 
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Figure 11 (a) MSE curve versus thickness shows the ‘global’ minimum where the best match between model and experiment occurs, 


and ‘local’ minima that may be found by the regression algorithm, but do not give the final result. (b) The experimental data and 
corresponding curves generated for the model at the ‘global’ minimum. (c) Similar curves at the ‘local’ minimum near 0.45 microns 


thickness is easily distinguishable as an incorrect result. 
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Figure 12 
scale films not available from the intensity measurement. 


The interference involves both amplitude and phase 
information. The phase information from A is very 
sensitive to films down to submonolayer thickness. 
Figure 12 compares reflected intensity and ellipso- 
metry for the same series of thin SiO layers on Si. 
There are large variations in A, while the reflectance 
for each film is nearly the same. 

Ellipsometry is typically used for films with 
thickness ranging from sub-nanometers to a few 
microns. As films become greater than several tens of 
microns thick, it becomes increasingly difficult to 
resolve the interference oscillations, except with 
longer infrared wavelengths, and other characteriz- 
ation techniques become preferred. 

Thickness measurements also require a portion of 
the light to travel through the entire film and return to 
the surface. If the material is absorbing, thickness 
measurements by optical instruments will be limited 
to thin, semi-opaque layers. This limitation can be 
circumvented by measuring in a spectral region where 
there is lower absorption. For example, an organic 
film may strongly absorb UV and IR light, but remain 
transparent at mid-visible wavelengths. For metals, 
which strongly absorb at all wavelengths, the 
maximum layer for thickness determination is 
typically ~100 nm. 


Optical Constants 


Thickness measurements are not independent of the 
optical constants. The film thickness affects the path 
length of light traveling through the film, but the 
index determines the phase velocity and refracted 
angle. Thus, both contribute to the delay between 
surface reflection and light traveling through the film. 
Both ” and k must be known or determined along 
with the thickness to get the correct results from an 
optical measurement. 

The optical constants for a material will vary for 
different wavelengths and must be described at all 
wavelengths probed with the ellipsometer. A table of 
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(a) Reflected intensity and (b) ellipsometric delta for three thin oxides on silicon show the high sensitivity of A to nanometer- 


optical constants can be used to predict the response 
at each wavelength. However, it is less convenient to 
adjust unknown optical constants on a wavelength- 
by-wavelength basis. It is more advantageous to use 
all wavelengths simultaneously. A dispersion relation- 
ship often solves this problem, by describing the 
optical constant shape versus wavelength. The 
adjustable parameters of the dispersion relationship 
allow the overall optical constant shape to match the 
experimental results. This greatly reduces the number 
of unknown ‘free’ parameters compared to fitting 
individual n, k values at every wavelength. 

For transparent materials, the index is often 
described using the Cauchy or Sellmeier relationship. 
The Cauchy relationship is typically given as: 


MA =Ata+G [14] 
where the three terms are adjusted to match the 
refractive index for the material. The Sellmeier 
relationship enforces Kramers—Kronig (KK) consist- 
ency, which ensures the optical dispersion retains a 
realistic shape. The Cauchy is not constrained by KK 
consistency and can produce unphysical dispersion. 
The Sellmeier relationship can be written as: 


Ad 25 


i. [15] 
QO? = 22) 


ey = 


Absorbing materials will often have a transparent 
wavelength region that can be modeled with the 
Cauchy or Sellmeier relationships. However, the 
absorbing region must account for both real and 
imaginary optical constants. Many dispersion 
relationships use oscillator theory to describe the 
absorption for materials, which include the Lorentz, 
Harmonic, and Gaussian oscillators. They all share 
similar attributes, where the absorption features 
are described with an amplitude, broadening, 
and center energy (related to frequency of light). 
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Figure 13 Lorentz oscillator illustrating the primary oscillator 
parameters: amplitude (A), broadening (B), and center energy 
(E,) to describe the imaginary dielectric function shape and an 
Offset (£1 offset) to help match the real component after KK 
transformation has defined its shape. 


Kramers—Krénig consistency is used to calculate the 
shape of the real component after the imaginary 
behavior is described by the oscillator. An offset to the 
real component is added to account for extra 
absorption outside the measured spectral region. 
The Lorentz oscillator can be written as: 


AE, 


E2 — E? —iBE [16] 


é= E1 offset za 


where the parameters for amplitude (A), broadening 
(B), center energy (E,), and offset (€1 offer) are also 
shown in Figure 13 for a typical Lorentz oscillator. 
The energy, E, is related to the frequency of a wave, v: 


Anm 


_ 1240 


E=hbv [17] 


where /) is Planck’s constant and the wavelength, A, is 
given in nanometers. More advanced dispersion 
models, like the Tauc—Lorentz and Cody-—Lorentz, 
will include terms to describe the bandgap energy. 


Mixing Materials 


When two or more materials are mixed on a 
microscopic level, an effective medium approxi- 
mation (EMA) may be used to determine the resulting 
optical constants. In the case of the Bruggemann 
EMA, which is commonly used, the mixture optical 
constants (&) relate to those of the individual 
materials, as: 


Eb — Seff __ 0 


18 
oy + eee ae 





f €, — eff | 
T 
: Eg QE cs 


This can be interpreted as small particles of 
material A suspended in host material B. The 
length-scale for mixed particles must satisfy certain 
electromagnetic equations: typically smaller than one 


tenth the wavelength of light. In practice, EMA 
theory is useful for studying very thin surface rough- 
ness or interfacial intermixing of materials. These 
cases are both generally approximated by mixing 
the two surrounding materials in equal portions. 
In the case of surface roughness, the second 
material is void (7 = 1). EMA theory has also been 
extended for application to porous materials where 
the directional dependence of the inclusions is 
handled mathematically. 


Crystallinity 


Semiconductors such as Si, are widely used materials, 
but their properties depend strongly on crystallinity. 
The UV absorption features in crystalline silicon are 
broadened and shifted as the material becomes more 
amorphous. This change in optical properties related 
to the degree of crystallinity has been used 
to advantage with ellipsometry measurements to 
monitor semiconductors and other films. Polysilicon 
films are used in both the display and semiconductor 
industry. The degree of crystallinity varies for 
different process conditions and can be monitored 
optically to ensure consistent material properties. 


Composition 


The composition of many alloys will affect the optical 
constants. The strongest changes often occur in the 
absorbing region, with shifts in position and ampli- 
tude of absorption features. For example, the elec- 
tronic transitions in Hg,_,Cd,Te move to higher 
energy with Cd concentration increase (Figure 14). 
This material is used for IR detectors that 
require precise control of composition. Spectroscopic 
ellipsometry performs this task in real-time with 
instant feedback to correct the composition during 
processing. Other applications include AlGaN and 
InGaN for optoelectronics. 
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Figure 14 Optical properties for Hg;—,Cd,Te vary with changes 
in composition. 
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Figure 15 Experimental ellipsometry data and corresponding fit when the model is described as (a) a homogeneous single-layer and 
(b) a graded film with index variation through the film. (c) The best model to match subtleties in experimental data allows the index to 
increase toward the surface of the film, with a thin roughness layer on the surface. 


Doping Concentration 


Dopants in a material will introduce absorption in the 
infrared due to free-carriers. Spectroscopic ellipso- 
metry measurements at long wavelengths can charac- 
terize this optical absorption, thus characterizing the 
doping concentration. This is common for highly 
doped semiconductors and transparent conductors 
such as indium tin oxide (ITO). 


Optical Variation (Grading) 


Many thin film properties change vertically through- 
out the film (along the direction perpendicular to the 
surface). This is most often induced by processing 
conditions, whether intentional or unintentional. 
Figure 15a shows the fit to experimental spectro- 
scopic ellipsometry data taken from a single-layer 
film when it is modeled as a homogeneous layer. To 
improve the agreement between experimental and 
model-generated curves, the index was allowed to 
vary in a linear manner throughout the film. The best 
fit is shown in Figure 15b, where the model includes 
the index variation and a thin surface roughness layer. 
The sample structure is demonstrated in Figure 15c. 


Optical Anisotropy 


Many materials are optically anisotropic; i.e., their 
optical properties vary in different film directions. 


Typical ellipsometry measurements assume no cross- 
coupling between p- and s-polarizations. This cannot 
be assumed with anisotropic materials, which has led 
to ‘generalized’ ellipsometry measurements. General- 
ized ellipsometry measures additional information 
regarding the p- to s- and s- to p- conversion upon 
reflection. This allows characterization of anisotropic 
materials, which contain directionally dependent 
optical constants. 


Conclusions 


Ellipsometry is a common optical technique for 
measuring thin films and bulk materials. It relies 
on the polarization changes due to reflection or 
transmission from a material structure to deduce 
material properties, like film thickness and optical 
constants. This technique continues to develop as 
the requirement for thin film characterization 
increases. 


See also 


Geometrical Optics: Lenses and Mirrors; Prisms. Opti- 
cal Coatings: Thin-Film Optical Coatings. Optical 
Materials: Measurement of Optical Properties of Solids. 
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Polarization: Introduction; Matrix Analysis. Semiconduc- 
tor Physics: Band Structure and Optical Properties. 
Spectroscopy: Fourier Transform Spectroscopy. 
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Introduction 


Fundamentals of Photometry 


Photometry is defined by the International Commis- 
sion on Illumination (internationally known as 
CIE from the abbreviation of its French name: 
Commission Internationale de l’Eclairage) as 
‘measurement of quantities referring to radiation as 
evaluated according to a given spectral efficiency 
function, e.g., V(A) or V(A).’ A note to the above 
definition states that in many languages it is used in a 
broader sense, covering the science of optical 
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radiation measurement. We will restrict our treatise 
to the above fundamental meaning of photometry. 
Under spectral efficiency function we understand 
the spectral luminous efficiency function of the 
human visual system. The internationally agreed 
symbols are V(A), for photopic vision (daylight 
conditions) and V'(A) for scotopic vision (nighttime 
conditions). CIE standardized the V(A) function in 
1924 and the V’(A) function in 1951; their spectral 
distribution is shown in Figure 1. The V(A) function 
was determined using mainly the so-called flicker 
photometric technique, where the light of a reference 
stimulus and of a test stimulus of varying wavelengths 
are alternatively shown to the human observer at a 
frequency at which the observer is already unable to 
perceive the difference in color (due to the different 
wavelength of the two radiations), but still perceives a 
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Figure 1 Spectral efficiency functions of the human eye under 
photopic V(A) and scotopic V'(A) conditions (see CIE The basis of 
physical photometry. CIE 18.2:1983). 


flicker sensation if the luminances of the two 
stimuli are different. Adjusting the radiance of 
the test stimulus, we can reach the situation of 
minimum flicker sensation. In this case we state 
that we set the two stimuli to equal luminance. 
Luminance is the quantity that the human observer 
perceives as brightness (in the case of near white 
stimuli, see below); radiance is the physical counter- 
part measured in W m ~~ sr_'. For the V/(A) function 
one can just project the two stimuli side by side, as 
under scotopic adaptation we cannot distinguish 
colors, only brightness differences are perceived, 
thus one can set equal scotopic luminance for the 
two stimuli by adjusting the brightness of the test 
stimulus until it agrees with that of the reference 
stimulus. 

Illuminating engineering was mainly interested in 
describing the effect of near white light, and 
therefore a psychophysical correlation was selected 
that described the perceived brightness sensation 
reasonably well. For near white stimuli, additivity 
holds, i.e., if A, B, C, and D are four stimuli, and 
the A stimulus matches the B stimulus and the C 
stimulus matches the D stimulus, then the super- 
position of the A and C stimuli matches the 
superposition of the B and D stimuli. The ‘match’ 
word is used here to describe stimuli that produce 
the same perception. It could be shown that for 
these stimuli, if the radiance is weighted with the 
V(A) function, the constructed luminances will be 
equal, i.e: 


if La = Lz and Le = Lp 


then La +Leo=Lg+Lp, or Ly + Lp =Lpt+ be 


where 


780 nm 
Ly = Kn | Syx V(A)dA [1] 
380 nm 


ty 


and x refers to A, or B, or C, or D, and S,, is the 
spectral radiance distribution that produces the 
stimulus 


_ dS(A) 
~ dy 


where S(A) is the spectral radiance. K,, is the 
maximum value of the luminous efficacy of radiation, 
its value is 683lmW! (see the discussion of 
luminous flux in the sub-section on photometric 
quantities). To be precise the integration should go 
from O nm to infinity, but it is usual to define the 
lower and upper wavelength limits of the visible 
spectrum as 380 nm and 780nm. V(A) is defined 
between 360 nm and 830nm, and V/(A) between 
380 nm and 780 nm, see Figure 1. 

We have to stress that the concept of luminance — 
and the entire system of the present-day photometry — 
is not to quantify brightness perception; it is only 
a reasonable approximation for near white stimuli. 
For colored lights a brightness—luminance discre- 
pancy exists (called the Helmhotz—Kohlrausch effect: 
saturated colors look brighter than predicted by 
luminance). Luminance is, however, a good descrip- 
tion for the visibility of fine details, thus it is a good 
concept for lighting calculations. 

Photometry has a unique situation in the SI system 
of units: the candela (cd) is a base unit of the SI system, 
the only one that is connected to psychophysical 
phenomena. By 1979, in the definition of the 16th 
General Conference of Weights and Measures, the 
candela was traced back to radiation quantities; 
nevertheless it was kept as the base unit of photometry: 


Sr 


The candela is the luminous intensity, in a given 
direction, of a source that emits monochromatic 
radiation of frequency 540 x 10’? Hz and that has a 
radiant intensity in that direction of 1/683 W sr7'. 
(540 x 10’? Hz corresponds approximately to 555 nm.) 


To be able to calculate a photometric quantity 
of radiation of other wavelengths, one of the 
psychophysical functions V(A) or V/(A) has to be 
used and eqn [1] applied. We will see later that 
besides V(A) and V‘/(A) in modern applications, a 
number of further spectral luminous efficiency func- 
tions might be used. 


Photometric Quantities 


As discussed in the previous section, from the point of 
view of vision, the most important quantity is 
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luminance. Looking, however, at the definition of the 
base unit, it is obvious that from the physical point of 
view the definition of a quantity corresponding to 
radiant power, measured in watts, can help to bridge 
the gap between photometry and radiometry: lumi- 
nous flux, measured in lumens (Im), with the symbol 
®, is defined by eqn [1], with S,(A) inserted in W m'. 

Based on this more practical quantity of luminous 
flux and its unit, Im, the different quantities used in 
photometry can be built up as follows: 


© dd.(A) 
o da 





Luminous flux: ®= Ky | ViA)dA [2] 


where ®,(A) is the radiant flux measured in W, 


d®,(A) 
da 





®.) = 


is the spectral distribution (or spectral concentration) 
of the radiant flux (W m_'). K,, = 683 lm W ', is the 
maximum value of the luminous efficacy of radiation 
for A,, ~ 555 nm. 

Similar equations can be written for scotopic 
luminous flux, with V(A) exchanged with V’(A), 
where Ki,,=1700lmW ! for A,, ~ 507 nm. All 
further quantities can be defined both for photopic 
and scotopic conditions. Here we write them only as 
photopic quantities. 

dd 
[= ao [3] 
where d® is the luminous flux traveling in an 
elementary solid angle dQ, assuming a point source 
(see Figure 2). The unit of luminous intensity is the 
candela (cd = Im sr~'). 


Luminous intensity: 


a 


~ dAcos 8a, [4] 


Luminance. L 


where d® is the luminous flux traveling in an ele- 
mentary solid angle dQ, dA is the elementary surface 





Point source 


Solid angle dQ 


Figure 2 Concept of point source, solid angle, and luminous 
intensity. 


area emitting the radiation, and © is the angle bet- 
ween the normal of dA and the direction of luminance 
measurement (see Figure 3). The unit of luminance 
is cd m ? (in some older literature called nit). 


ea [S] 


I ] : 
lluminance TA 


where d® is the luminous flux incident on the dA 
element of a surface (see Figure 4). The unit of 
illuminance is the lux (lx = lm m 7”). 


A remark on the use of SI units and related quantities 
No prefixes can be added to the SI units, thus 
irrespective whether one measures luminance based 





Figure 3 Geometry for the definition of luminance. 


Flux from the hemisphere 





dA 


Figure 4 Illuminance is the total luminous flux per unit area 
incident at a point coming from a hemispherical solid angle. 
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on the photopic V(A) function, or the scotopic V'(A) 
function, the so-determined photopic luminance or 
scotopic luminance is measured in cdm~* (no 
photopic or scotopic lumen, candela, etc., exist!). 
This often creates confusion, because only for a 
555 nm monochromatic radiation will a 1cdm 7 
photopic or scotopic luminance produce equal visual 
sensation, for every other wavelength the two are not 
commensurable. One can only relate photopic 
measurement results to photopic ones, and scotopic 
measurement results to scotopic ones. 


Concepts of Advanced Photometry 


The quantities and units, as described in the previous 
section, are the quantities and units internationally 
agreed by the Meter Convention and the Inter- 
national Standards Organization (ISO). Modern 
photometric applications need, however, some 
further quantities and weighting functions. Thus 
CIE, the international organization for the develop- 
ment of standards in the field of optical radiation 
measurements, has defined a series of further weight- 
ing functions and quantities. The most important 
ones are the following: 


Vm(A) function 

In the blue part of the spectrum (below 460 nm) the 
values of the V(A) function turned out to be too low. 
For decades this was only of concern for the vision 
research community, but with the introduction of 
blue LEDs and other short wavelength emitting 
sources (e.g., blue channel of displays) this short- 
coming of the V(A) function became of practical 
importance. The ‘CIE 1988 2° spectral luminous 
efficiency function for photopic vision’ corrects this 
anomaly (see Figure 5). 


Vi0(A) function 

The official V(A) function is valid only for foveal 
vision (i.e., for targets that are smaller than 4° of 
visual angle). The foveal area of the retina is covered 
with a yellow pigmented layer (macula lutea) that 
absorbs in the blue part of the spectrum, at larger 
visual angles this screening is not effective anymore. 
The Vj9(A) function was determined for a visual angle 
of 10° (see Figure 5). Its international recommen- 
dation is still under consideration at the time of 
writing this article and if accepted, it will be 
recommended for targets seen at approximately 10° 
off-axis, e.g., for measuring the photometric proper- 
ties of traffic signs and signals, where the driver has 
to observe the information in the periphery of his 
or her eye. 
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Figure 5 Spectral luminous efficiency (SPL) functions defined 
or under consideration for international adoption: V2: standard 
WA) function; VM2: CIE 1988 Vy(A) function, this is equivalent to 
the brightness SPL for a point source; V10: 10° visual field SPL, 
Vb,2: 2° visual field brightness SPL, Vp.2(A); Vb, 10: 10° visual field 
brightness SPL, Vj 19(A). 


Brightness matching functions 

As already mentioned in the Introduction, luminance 
is not a good correlate of brightness, which is a 
human perception. To find a better correlation of 
brightness the problem to be addressed is that 
brightness is a nonadditive phenomenon, i.e., in eqn 
[1] one cannot add (integrate) the monochromatic 
radiations to get a brightness correlation for a 
nonmonochromatic radiation. Brightness evaluating 
spectral luminous efficiency functions can be used 
only to compare monochromatic radiations. The CIE 
has compiled such functions for point sources, 2° and 
10° visual field sizes. Figure 5 also shows these 
functions. 

Due to the fact that the brightness perception is 
nonadditive in respect of the stimuli that produce it, 
no brightness photometry can be built that uses 
equations, as shown in eqn [1]. For brightness 
description we have to rely on the concept of 
equivalent luminance, a term the definition of which 
has recently been updated. 


Equivalent luminance 

Of a field of given size and shape, for a radiation of 
arbitrary relative spectral distribution L.g : Lumi- 
nance of a comparison field in which monochromatic 
radiation of frequency 540 x 10'* Hz has the same 
brightness as the field considered under the specified 
photometric conditions of measurement; the com- 
parison field must have a specified size and shape 
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which may be different from that of the field 
considered. 

To build an instrument that measures this quantity 
is a real challenge for the future. 


Advanced Use of Photometry 


Based on above newly defined quantities, several 
attempts are under way to extend the usefulness of 
photometry in designing the human visual environ- 
ment. The eye is an optical system and as in every 
such system, the depth of focus and the different 
aberrations of the system will decrease with decreas- 
ing pupil size. Pupil size will decrease with increasing 
illumination, and in the case of constant luminance 
with higher content of short wavelength radiation. 
Thus, there exists a school of researchers who 
advocate that increased blue content in the light has 
beneficial effects on vision, and one should extend the 
classical photopic-based photometry with a scotopic- 
based one to properly describe the visual effect of 
lighting. 

Other investigations are concerned about the 
visibility at low light levels, the range used in street 
lighting (from about a few thousands of a candela per 
square meter to about a few candelas per square 
meter, according to one definitions: 10° %cd m 7- 
3.cdm 7”). In this mesopic range both rods and cones 
are contributing to vision, and this changes with 
lighting level and direction of view (for foveal vision, 
ie., looking straight ahead, photopic photometry 
seems to hold even at low light levels). For peripheral 
visual angles brightness perception and the percep- 
tion of an object (a signal, sign or obstacle in a 
nighttime driving situation) seem to have different 
spectral responsivity. In driving situations the necess- 
ary reaction time of the driver is an important 
parameter, thus experiments are going on to define 
a photometric system based on reaction time 
investigations. 

In indoor situations apart from the necessary 
level of illumination, the observed glare is a 
contributor whether an environment will be 
accepted as pleasing or annoying. Illuminating 
engineering distinguishes between two types of 
glare: disability glare reduces visibility, discomfort 
glare is just an annoying experience without 
influencing the short-term task performance. An 
interesting question is the spectral sensitivity to 
discomfort glare, as it can influence not only indoor 
but also outdoor activity. Preliminary experiments 
seem to show that luminance sensitivity and 
discomfort glare sensitivity have different spectral 
distribution; glare sensitivity seems to peak at 
shorter wavelengths. 


The above might be related to a further question, 
lying already at the boundaries of photometry, but 
that has to be considered in photometric design and 
measurement: the human daily and yearly rhythm 
(circadian and seasonal rhythm) of human activity 
coupled to hormone levels. They are influenced by 
light, as, for example, the hormone melatonin 
production is influenced by light exposure. Physio- 
logical investigations showed that melatonin pro- 
duction suppression has a maximum around 460 nm 
and might be coupled to a radiation sensitive ganglion 
cell in the retina. Whether discomfort sensation is 
mediated via the same neural pathway or via a visual 
one has not yet been decided. But photometry has to 
take these also into consideration and in the future, 
measurement methods and instruments to determine 
them, will have to be developed. 


Advances in Photometric 
Measurements 


Primary Standards 


The main concern in photometry is that the uncer- 
tainty of photometric measurements is still much 
higher than that in other branches of physics. This is 
partly due to the higher uncertainty in radiometry and 
partly to the increase in uncertainty within the chain 
of uncertainty propagation from the National Lab- 
oratory to the workshop floor measurement. 

In National Standards Laboratories, very sophisti- 
cated systems are used to determine the power of the 
incoming radiation and then elaborated spectro- 
radiometric techniques are used to evaluate the 
radiation in the form of light, i.e., perform photo- 
metric measurements (e.g., NIST CIRCUS equip- 
ment, where multiple laser sources are used as power 
sources, and highly sophisticated methods to produce 
a homogeneous nonpolarized radiation field for the 
calibration of secondary photometric detectors). 

There is, however, also a method to supply end 
users with absolute detectors for the visible part of the 
spectrum. Modern high-end Si photovoltaic cells have 
internal quantum efficiencies in the visible part of the 
spectrum of over 99.9%. Reflection losses at the 
silicon surface are minimized by using three or more 
detectors arranged in a trap configuration, where the 
light reflected from one detector is fed to the second 
one, from there to the third one, and eventually to 
some further ones. In a three detector configuration, 
as shown in Figure 6, the light from the third detector 
is reflected back to the second and from there to the 
first one. As every detector reflects only a small 
amount of radiation, by the fifth reflection practically 
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Detector 2 






Detector 1 





Figure 6 Schematic layout of a three Si-cell trap detector: light 
comes in from the left, is first partly absorbed, partly reflected on 
Detector 1, then on Detector 2, then on Detector 3, from where it is 
reflected back to Detector 2 and 1. 


all the radiation is absorbed and contributes to the 
electric signal. Such trap detectors have an almost 
100% quantum efficiency in the visible part of the 
spectrum, and can be used as photometric detectors if 
a well designed color correcting filter is applied in 
front of the detector. 


Secondary Type Measurements 


In practical photometry the three most important 
quantities to be measured are the total luminous flux 
of different lamps, the illuminance in a plane and the 
luminance. 


Light source measurement 

Total luminous flux. The two methods to measure 
the total luminous flux is to use a goniophotometer or 
a photometer (Ulbicht) sphere. In goniophotometry, 
recent years have not brought major breakthroughs, 
the automation of the systems got better, but the 
principles are unchanged. 

The integrating sphere photometer (a sphere with 
inner white diffuse coating, where the lamp is in the 
middle of the sphere) used to be a simple piece of 
equipment to compare total luminous flux lamps 
against flux standards. In recent years a new 
technique has been developed at NIST—USA. This 
enables the absolute measurement of luminous flux 
from illuminance measurement, the fundamentals of 
this new arrangement being shown in Figure 7: the 
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Figure 7 Arrangement of the absolute integrating sphere 
system developed at NIST for the detector-based total luminous 
flux calibration. By permission of IESNA from Ohno Y and 
Bergman R (2003) Detector-referenced integrating sphere 
photometry for industry. J. /ES Summer 21-26. 


test lamp is as usual in the middle of the sphere, but 
now light from an external source is introduced into 
the sphere. An illuminance meter measures the flux 
entering from this source. The sphere detector 
compares the two signals (y; and y,). Knowing the 
absolute characteristics of the sphere (a difficult 
measurement) one can determine the total luminous 
flux of the test lamp using the absolute illuminance 
value. As illuminance is easily determined from 
luminous intensity (from eqns [3] and [5] one gets 
with dO = dA/? that E = I/r?, where r is the distance 
between the source and the illuminated surface, 
supposed to be perpendicular to the direction to the 
source), this technique permits us to derive the total 
luminous flux scale from illuminance or luminous 
intensity measurement using an integrating sphere. 


Luminous intensity of LEDs. An other major 
break-through achieved during the past years was the 
unified measurement of LED intensity. Light-emitting 
diodes became, in recent years, important light 
sources for large scale signaling and signing, and it 
is foreseen that they will become important con- 
tributors in every field of light production (from car 
headlamps to general illumination). The most funda- 
mental parameter of the light of an LED is its 
luminous intensity. The spatial power distribution of 
LEDs is usually collimated, but the LEDs often 
squint, as seen in Figure 8. In the past, some 
manufacturers measured the luminous intensity in 
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The board is fabricated such that components are soldered directly one into another to prevent 
additional impedances introduced by copper route. The PCB backside had the ground layer. An 
example of measured input impedance for HSMS-285C and HSMS-286C is shown in Figure 3. 

The diodes quality factor is given by X,;R,; \, where Xps is the resultant series capacitive 
impedance of the diodes. At an input power of —30 dBm, the measured input impedance of the 
HSMS-285C diodes is 72-j501 Q at 434 MHz and 587-1239 Q at 13.6 MHz. For HSMS-286C 
diodes, it is 10-j503 Q at 434 MHz and ~1.5-38.1 kQ at 13.6 MHz for —30 dBm input. The measured 
impedance of the HSMS-286C diodes at low frequencies (< 60 MHz) shows pronounced fluctuations. 
The low-frequency excess flicker noise and the shot noise observed in the HSMS-286C have been 
studied by several authors [31-33]. The pronounced presence of trap states in the depletion region of 
the semiconductor, mobility fluctuations in carriers, edge effects among other reasons is reported to 
cause deviations from the ideal Schottky diode behavior and hence generation-recombination noise for 
some diodes such as the HSMS-286C [34]. When a diode rectifier is matched at a reference operating 
condition, the matching network may function less effectively at other input power levels, connected 
load and other operating frequencies. This is due to possible changes in the diode input impedance. 
Throughout this work the imperfections of the matching circuit at other operating conditions away 
from the matched reference conditions are accepted without changes to the matching network. 


2.4. Voltage Doubler 


The Delon voltage doubler and Greinacher doubler are both used to realize the RF to DC power 
converters presented in this work. The Delon voltage doubler and Greinacher doubler are shown in 
Figure 4. The diodes output voltage (Vo) is doubled what is detected by a simple detector circuit 
shown in Figure 1. Both doublers produce the same output performance, the only difference is that the 
Delon doubler has an instantaneous input ground which is not shared with the output. 


Figure 4. Circuit diagram of voltage doubler, (a) Delon doubler and (b) Greinacher doubler. 
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2.5. Matching Techniques for Antenna Source and RF to DC Power Converter 
2.5.1. L-match RF to DC Power Converter 


An L-match network converts a source series impedance to its equivalent load parallel impedance or 
vice-versa and tunes out by subtracting or adding any surplus reactance from the load or source with 
the counter impedance. Series impedance is converted to its parallel equivalent impedance using 
Equations (5—7): 
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the direction of maximum emission, others used the 
direction of the optical axis for this quantity. The 
highly collimated character of the radiation made 
measurements in far field rather difficult. Therefore, 
CIE recommended a new term and measuring 
geometry: average LED intensity can be measured 
under two measuring conditions, as shown in 
Figure 9. The detector has to be set in the direction 
of the LED mechanical axis (discussions are still 
going on as to what the reference direction should be 
with modern surface mounted LEDs, as with those 
the mechanical axis is ill-defined, the normal to the 
base-plane could be a better reference direction). The 
detector has to have an exactly 1.00 cm? circular 
aperture, and the distance between this aperture and 
the tip of the LED is for condition A, d = 0.316 m, 
and for Condition B, d=0.100m (these two 
distances with the 1.00 cm* detector area provide 
0.001 sr (steradians) and 0.01 sr opening angles). 
Recent international round-robins have shown that, 
based on the new recommendations, agreement 
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Figure 8 Spatial light distribution of an LED, Figure 8a shows 
the distribution of a ‘squinting’ LED in a plane including the optical 
axis, Figure 8b shows light distribution in a plane perpendicular to 
the optical axis. By permission of the Commission Internationale 
de l’Eclairage, from the Publication “Measurement of LEDs” CIE 
127-1997; CIE Publications are obtainable from the CIE Central 
Bureau: Kegelgasse 27, A-1033 Wien, Austria. 


between different laboratories decreased from the 
10 to 20% level to 1 to 2%. The remaining difference 
is mainly due to the fact that the LEDs emit in narrow 
wavelength bands, and the transfer of the calibration 
value for the 100 mm? detector from a white (CIE 
Standard Illuminant A color temperature) incandes- 
cent lamp to the narrow band LED emission is still 
uncertain, mainly due to stray light effects in the 
spectral responsivity and emission measurement. 


Luminance distribution measurement 

The human observer sees luminance (and color) 
differences. Thus for every illuminating engineering 
design task the luminance distribution in the environ- 
ment is of utmost importance. Traditionally this was 
measured using a spot-luminance meter, aiming the 
device into a few critical directions. The recent 
development of charge coupled device (CCD) two- 
dimensionally sensitive arrays (and other, e.g., MOS- 
FET, CMOS, Charge injection device (CID), charge 
imaging matrix (CIM) systems: as for the time being 
the CCD technology provides best performance, we 
will refer to two-dimensional electronic image 
capture devices as to CCD cameras) opened the 
possibility of using an image-capturing camera for 
luminance distribution measurements. Such measure- 
ments are badly needed in display calibration, near- 
field photometry (photometry in planes nearer than in 
which the inverse square law holds), testing of car 
headlamp light distribution, glare, and homogeneity 
studies indoors and outdoors, etc. 

Solid-state cameras have the big advantage over 
older type vacuum-tube image capturing devices, 
that the geometric position and alignment of the 
single pixels is well-defined and stays constant. 
Nowadays, CCD image detector chips are mass 
produced, and one can get a variety of such devices 
and cameras starting with some small resolution 
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Figure 9 Schematic diagram of CIE Standard Conditions for the measurement of Average LED Intensity. Distance d= 0.316 m for 
Condition A and d= 0.100 m for Condition B. By permission of the Commission Internationale de I’Eclairage, from the Publication 
“Measurement of LEDs” CIE 127-1997; CIE Publications are obtainable from the CIE Central Bureau: Kegelgasse 27, A-1033 Wien, 


Austria. 
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(few thousand pixels) devices up to cameras with tens 

of mega pixel resolution. Detectors are now available 

with internal intensification enabling measurements 

down to a few photons per second intensity levels. 
Main problems with these detectors are: 


e spectral and absolute nonuniformities of the single 
pixels (see Figure 10), where a spatial homogeneity 
map of a CCD two-dimensional array detector is 
shown; the irregular 3% sensitivity change on the 
surface of the detector is negligible for imaging 
purposes, but has to be corrected in cases of 
photometric measurements. Even if the receptor 
chip would have an absolutely homogeneous 
sensitivity, there would be a drop in response 
from the middle of the imaging area to the 
boarders: Light reaching the edges of the detector 
reach the detector at an oblique angle and this 
produces a decrease of sensitivity with a*, where a 
is the angle of incidence, measured from the middle 
of the lens to the given pixel of the detector and the 
surface normal of the detector. 

e aliasing effects if the pixel resolution is not large 
enough to show straight lines as such when they are 
not in line with a pixel row or column. 

e nonlinearity and cross-talk among the adjacent 
pixels. Figure 11 shows the so-called ‘inverse 
gamma’ characteristic of a CCD camera. The 
digital electronic output of the camera shows a Y = 
E~Y type function, where Y is the output DAC 
(digital-analog converter) values, E is the irradi- 
ance of the pixel, and y is the exponent (this 
description comes from the film industry, where 
the film density depends exponentially on the 


100% 
99% 
98% 
97% 








Figure 10 Spatial homogeneity of a two-dimensional CCD 
array. 


irradiation; display devices have usually a non- 
linear input (DAC value) -— output (luminance) 
characteristic, and the camera inverse gamma 
value corrects for this output device characteristic. 
This is, however, not required if the camera is used 
for photometric measurements; this built-in non- 
linearity has to be corrected in the evaluating soft- 
ware if the camera is intended for photometric 
measurements. 

e to be able to perform photometric measurements 
the camera has to have a spectral responsivity 
corresponding to the CIE V(A)-function. Many 
cameras have built-in filters to do this — eventually 
also red and blue filters to be able to capture color — 
but the color correction of cameras, where the 
correction is made by small adjacent filter chips, is 
usually very poor. Figure 12 shows the spectral 
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Figure 11 ‘Inverse gamma’ characteristic of a commercial 
digital photographic camera, measurement points are shown at 
different speed settings, curve is a model function representative 
of the camera response. 


1.0 
0.9 
0.8 
0.7 
0.6 
0.5 
0.4 
0.3 
0.2 
0.1 4 


0.0 
400 














Rel. responsivity 














T oo 
500 550 600 
Wavelength, nm 


450 


650 


700 


Figure 12 Spectral sensitivity of a commercial digital photo- 
graphic camera. 
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sensitivity curve of a digital photographic camera; 
the output signal is produced by an internal matrix 
transformation of the signals produced by adjacent 
pixels equipped with different color filters. 
Figure 13 shows the spectral sensitivity of a CCD 
camera specially designed for photometric 
measurements. Naturally, meaningful photometric 
measurements can be made only with such a 
camera. Very often, however, an approximate 
luminance distribution is enough, and then a 
picture captured by a digital photographic camera, 
plus one luminance measurement of a representa- 
tive object for absolute calibration, suffices. 


Above nonspectral systematic errors can be cor- 
rected by appropriate soft-ware, so a CCD camera 
photometer, as shown schematically in Figure 14, is 
well suited to measure display characteristics, indoor 
and outdoor luminance distributions. The challenge 
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Figure 13 Spectral sensitivity of a CCD camera specially 
designed for photometric measurements. Kindly supplied by 
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Figure 14 Cross-section of a photometric CCD camera. 


for illuminating engineering is at present how the 
many millions of luminance values can be evaluated 
to get to meaningful light measurement data. 

The real challenge will come if visual science 
provides better hints how the human visual system 
evaluates the illuminance distribution on the retina, 
and instrument manufacturers will be able to capture 
signals corresponding to those produced by the 
receptor cells and provide the necessary algorithms 
our brain uses to get to brightness, lightness, color, 
luminance contrast, and glare type of output 
information. 


Concluding Remarks 


Advances in optical instrumentation, both in the field 
of light sources and detectors — coupled with the 
possibilities modern digital computation (eventually 
in the future increasing the use of neural networks) — 
provide already many new measurement technical 
solutions and further ones are certainly underway. 

The use of LEDs needs the rethinking of many 
classical illuminating engineering concepts, from 
visibility and glare evaluation, evenness of illumina- 
tion to color rendering. All of them are coupled with 
problems in basic photometry. Thus, there is a need to 
re-evaluate concepts used in design techniques. The 
new area-sensitive detectors provide methods of 
determining classical photometric quantities of entire 
visual fields in one shot, but already foreshadow the 
development of new quantities that correlate better 
with visual perceptions. 


List of Units and Nomenclature 


Terms with an * refer to definitions published by the 
CIE in the International Lighting Vocabulary, CIE 
17.4:1986, where further terms and definitions 
related to light and lighting are to be found. 

Candela*: SI unit of luminous intensity: The 
candela is the luminous intensity, in a given direction, 
of a source that emits monochromatic radiation of 
frequency 540 x 10'* hertz and that has a radiant 
intensity in that direction of 1/683 watt per steradian. 
(16th General Conference of Weights and Measures, 
1979). 


1cd=1Imsr! 


Equivalent luminance": Luminance of a compari- 
son field in which monochromatic radiation of 
frequency 540 x 10'* Hz has the same brightness as 
the field considered under the specified photometric 
conditions of measurement; the comparison field 
must have a specified size and shape which may be 
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different from that of the field considered. 
unit : cd m7 
Notes: 


1. Radiation at a frequency of 540 x 10! Hz has a 
wavelength in standard air of 555.016 nm. 

2. A comparison field may also be used in which the 
radiation has any relative spectral distribution, if 
the equivalent luminance of this field is known 
under the same conditions of measurement. 


Far field photometry: Photometry where the 
inverse square law is valid. 

Flicker photometer”: Visual photometer in which 
the observer sees either an undivided field illuminated 
successively, or two adjacent fields illuminated alter- 
nately, by two sources to be compared, the frequency 
of alteration being conveniently chosen so that it is 
above the fusion frequency for colours but below the 
fusion frequency for brightnesses. 

Fovea*®: Central part of the retina, thin and 
depressed, which contains almost exclusively cones 
and forming the site of most distinct vision. 

Note: The fovea subtends an angle of about 
0.026 rad (1.5 degree) in the visual field. 

Goniophotometer’: Photometer for measuring the 
directional light distribution characteristics of 
sources, luminaires, media or surfaces. 

Illuminance*: Quotient of the luminous flux d®, 
incident on an element of the surface containing the 
point, by the area dA of that element. 

Equivalent definition. Integral, taken over the 
hemisphere visible from the given point, of the 
expression L, cos 6dQ, where L, is the luminance 
at the given point in the various directions of the 
incident elementary beams of solid angle dQ, and @ is 
the angle between any of these beams and the normal 
to the surface at the given point. 


— db, _ 


E, = a = hes L, cos dO, 





unit : lx = 1mm 

Inverse square law: The illumination at a point ona 
surface varies directly with the luminous intensity of 
the source, and inversely as the square of the distance 
between the source and the point if the source is seen 
as a point source. 

Lumen*: SI unit of luminous flux: Luminous flux 
emitted in unit solid angle (steradian) by a uniform 
point source having a luminous intensity of 1 candela. 
(9th General Conference of Weights and Measures, 
1948). 

Equivalent definition. Luminous flux of a beam of 
monochromatic radiation whose frequency is 


540x10!* hertz and whose radiant flux is 
1/683 watt. 


Luminance": Quantity defined by the formula 


_  e@ 
~ dA cos 090, 


where d® is the luminous flux transmitted by an 
elementary beam passing through the given point and 
propagating in the solid angle dO containing the 
given direction; dA is the area of a section of that 
beam containing the given point, @ is the angle 
between the normal to that section and the direction 
of the beam. 


unit : cd m 7 


Luminous intensity": Quotient of the luminous flux 
d®, leaving the source and propagated in the element 
of solid angle dQ containing the given direction, by 
the element of solid angle: 

_ dd, 
~ dO 


unit: cd = Im sr_ 


I, 





1 


Lux": SI unit of illuminance: Illuminance produced 
on a surface of area 1 square meter by a luminous flux 
of 1 lumen uniformly distributed over that surface. 


1lx=1Ilmm 7? 


Note: Non-metric unit: lumen per square foot 
(Im ft) or footcandle (fc) (USA) = 10.764 lx. 

Near-filed photometry: photometry made in the 
vicinity of an extended source, so that the inverse 
square law is not valid. 

Photometer (or Ulbicht) sphere”: A hollow sphere, 
whitened inside. Owing to the internal reflexions in 
the sphere, the illumination on any part of the 
sphere’s inside surface is proportional to the luminous 
flux entering the sphere, or produced inside the sphere 
by a lamp. The illuminance of the internal sphere wall 
is measured via a small window. 

Pixel: The individual picture elements of an image 
or elements in a display that can be addressed 


individually. 
Radiance’: Quantity defined by the formula 
—  @ 
~ dAcos 090 


where d® is the radiant flux transmitted by an 
elementary beam passing through the given point 
and propagating in the solid angle dQ containing the 
given direction; dA is the area of a section of that 
beam containing the given point, @ is the angle 
between the normal to that section and the direction 
of the beam. 


unit : Wm 7 srad 


INSTRUMENTATION / Scatierometry 317 





Retina: Membrane situated inside the back of the 
eye that is sensitive to light stimuli; it contains 
photoreceptors, the cones and the rods, and nerve 
cells that interconnect and transmit to the optic nerve 
the signals resulting from stimulation of the 
photoreceptors. 

Spectral": An adjective that, when applied to a 
quantity X pertaining to electromagnetic radiation, 
indicates: 


- either that X is a function of the wavelength A, 
symbol: X(A), 

— or that the quantity referred to is the spectral 
concentration of X, symbol: X, = dX/da. 


X) is also a function of A and in order to stress this 
may be written X,(A) without any change of meaning. 

Spectral luminous efficiency function: for photopic 
vision, V(A); for scotopic vision V'(A)": Ratio of the 
radiant flux at wavelength A,, to that at wavelength A 
such that both radiations produce equally intense 
luminous sensations under specified photometric 
conditions and A,, is chosen so that the maximum 
value of this ratio is equal to 1. 

Unless otherwise indicated, the values used for the 
spectral luminous efficiency in photopic vision are the 
values agreed internationally in 1924 by the CIE 
(Compte Rendu 6° session, p.67), completed by 
interpolation and extrapolation (Publications CIE 
No.18 (1970), p.43 and No. 15 (1971), p.93), and 
recommended by the International Committee of 
Weights and Measures (CIPM) in 1972. For scotopic 
vision, the CIE in 1951 adopted, for young observers, 
the values published in Compte Rendu 12° session, 
Vol. 3, p. 37, and ratified by the CIPM in 1976. These 
values define respectively the V(A) or V'(A) functions. 


Scatterometry 
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Introduction 


Scattered light is a limiting source of optical noise in 
many advanced optical systems, but it can also be a 
sensitive indicator of optical component quality. 
Consider the simple case of a telescope successfully 
used to image a dim star against a dark background; 
however, if light from a bright source (such as the 
moon located well out of the field of view) enters the 


Total luminous flux: luminous flux of a source 
emitted into 47 steradians. 

Trap detector: Detector array prepared from 
detectors of high internal quantum efficiency, where 
the reflected radiation of the first detector is directed 
to the second one, and so on so that practically all 
the radiation is absorbed by one of the detectors 
(the radiation is “trapped” in the detector system). 


See also 


Displays. Incoherent sources: Lamps. 
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telescope, it will scatter from the interior walls and 
the imaging optics themselves. Some of this light 
eventually reaches the detector and creates a dim 
background haze that washes out the image of the 
distant star. A good telescope design accounts for 
these effects by limiting potential scatter propagation 
paths and by requiring that critical elements in the 
optical system meet scatter specifications. This means 
doing a careful system analysis and a means to 
quantify the scattering properties of the telescope 
components. This article discusses modern techniques 
for quantifying, measuring, and analyzing scattered 
light, and reviews their development. 
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Like many scientific advances moving scatterometry 
from an art toa reliable metrology was done ina series 
of small hops (not always in the same direction), rather 
than a single leap. It started in 1961 when a paper by 
Hal Bennett and Jim Porteous reported measurements 
made by gathering most of the light scattered from 
front surface mirrors and normalizing this signal by 
the much larger specular reflection. They defined this 
ratio as the total integrated scatter (TIS), and using a 
scalar diffraction theory result drawn from the radar 
literature, related it to the surface root mean square 
(rms) roughness. By the mid-1970s, several angle- 
resolved scatterometers had been built as research 
tools in university, government, and industry labs. 
Unfortunately, instrument operation and data 
manipulation were generally poor, and meaningful 
comparison measurements were virtually impossible 
due to instrument differences, sample contamination, 
and confusion over what parameters should be 
compared. Analysis of scatter data, to characterize 
sample surface roughness, was the subject of many 
publications. A derivation of what is commonly called 
‘BRDF’ (bidirectional reflectance distribution func- 
tion) was published by Nicodemus and co-workers at 
the National Bureau of Standards (now the National 
Institute of Science and Technology or NIST) in 1970, 
but did not gain common acceptance as a way to 
quantify scatter measurements until the late 1980s 
when the advent of small computers, combined with 
inspection requirements for defense-related optics, 
dramatically stimulated the development of scatter 
metrology. Commercial laboratory instrumentation 
became available that could measure and analyze as 
many as 50 to 100 samples a day, and the number (and 
sophistication) of measurement facilities increased 
dramatically. The first ASTM Standards were pub- 
lished (TIS in 1987 and BRDF in 1991), but it was still 
several years before most publications correctly used 
these quantifying terms. Government defense funding 
decreased dramatically in the early 1990s, following 
the end of the Cold War, but the economic advantages 
of using scatter metrology and analysis for space 
applications and in the rapidly advancing semi- 
conductor industry, continued state-of-the-art 
advancements. 

The following sections detail how scatter is 
quantified when related to area (roughness) and 
local (pit/particle) generating sources. Instrumenta- 
tion and the use of scattering models are also briefly 
reviewed. 


Quantifying Scattered Light 


Scatter signals can be easily quantified as scattered 
light power per unit solid angle (in watts per 


steradian); however, in order to make the results 
more meaningful, these signals are usually normal- 
ized, in some fashion, by the light incident on the 
scatter source. The three ways commonly employed 
to do this are defined below. 

If the scattering feature in question is uniformly 
distributed across the illuminated spot on the sample 
(such as surface roughness), then it makes sense to 
normalize the collected scattered power in watts/ 
steradian by the incident power. This simple ratio, 
which has units of inverse steradians, was commonly 
referred to as ‘the scattering function.’ Although this 
term is occasionally still found in the literature, it has 
been generally replaced by the closely related BRDF, 
which is defined by the differential ratio of the sample 
radiance normalized by its irradiance. After some 
simplifying assumptions are made, this reduces to the 
original scattering function with a cosine of the polar 
scattering angle in the denominator. The BRDF, 
defined in this manner, has become the standard 
way to report angle-resolved scatter from features 
that uniformly fill the illuminated spot. The cosine 
term results from the fact that NIST used radiometric 
terms to define BRDF: 


Ps/Q, 
BRDF = ——— 1 
Pi cos 0, [1] 


The scatter function is often referred to as the 
‘cosine corrected BRDF’ and is simply equal to the 
BRDF multiplied by the cosine of the polar scattering 
angle. Figure 1 gives the geometry for the situation, 
and defines the polar and azimuthal angles (6, and 
ds), as well as the solid collection angle (0). Other 
common abbreviations are BSDF, for the more 
generic bidirectional scatter distribution function, 
and BTDF for quantifying transmissive scatter. 











Figure 1 Scatter analysis uses standard spherical coordinates 
to define terms. 
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Integration of the scatter signal over much of the 
scattering hemisphere allows calculation of TIS, as 
the ratio of the scatter signal to the reflected specular 
power. This integration is usually carried out experi- 
mentally in such a way that both the incident beam 
and reflected specular beam are excluded. In the most 
common TIS situation, the beam is incident at a small 
angle near surface normal, and the integration is done 
from small values of 6, to almost 90 degrees. If the 
fraction of light scattered from the specular reflection 
is small and if the scatter is caused by surface 
roughness, then it can be related to the rms surface 
roughness of the reflecting surface. As a ratio of 
powers, the TIS is a dimensionless quantity. The 
normalization is by Pr (instead of Pi) because 
reductions in scatter caused by low reflectance do 
not influence the roughness calculation. The pertinent 
relationships are given below, where o is the rms 
roughness and A is the light wavelength: 


TIS = Ps/Pr = (42r0/A)* [2] 


Of course, all scatter measurements are inte- 
grations over a detector collection aperture, but the 
TIS designation is reserved for situations where the 
aim is to gather as much scattered light as possible, 
while ‘angle resolved’ designs are created to gain 
information from the distribution of the scattered 
light. Notice that TIS values become very large when 
measured from a diffuse surface, where the specular 
reflection is very small. Although TIS can be 
measured for any surface, the diffuse reflectance 
(equal to Ps/Pi) would often be more appropriate 
for diffuse surfaces. The various restrictions associ- 
ated with relating TIS to rms roughness are 
detailed below. 

Scatter from discrete features, such as particles and 
pits, which do not completely fill the illuminated spot, 
must be treated differently. This is because changes in 
spot size, with no corresponding change in total 
incident power, will change the incident intensity 
(watts/unit area) at the feature and thus also change 
the scatter signal (and BRDF) without any corre- 
sponding changes in the scattering feature. Clearly 
this is unacceptable if the object is to characterize the 
defect with scatter measurements. The solution is to 
define another quantification term, known as the 
differential scattering cross-section (DSC), where the 
normalization is the incident intensity at the feature 
(the units for DSC are area/steradian). Because this 
was not done in terms of radiometric units at the time 
it was defined, the cosine of the polar scattering angle 
is not in the definition. The same geometrical 


definitions, found in Figure 1, also apply for the DSC: 


Ps/Q, 


DSC = li 





[3] 


If the DSC is integrated over the solid angle 
associated with a collection aperture then the value 
has units of area. Because relatively small area 
focused laser beams are often used as a source, area 
is most commonly given in micrometers squared. 

These three scatter parameters, the BRDK, the TIS, 
and the DSC, are obviously functions of system 
variables such as geometry, scatter direction (both in 
and out of the incident plane), incident wavelength 
and polarization, as well as feature characteristics. It 
is the dependence of the scatter signal on these system 
parameters that makes the scatter models useful for 
optimizing instrument designs. It is their dependence 
on feature characteristics that makes scatter measure- 
ment a useful metrology tool. 

A key point needs to be stressed. When applied 
appropriately, TIS, BRDE, and DSC are absolute 
terms, not relative terms. The DSC of a 100 nm PSL 
in a given direction for a given source is a fixed value, 
which can be repeatedly measured and even accu- 
rately calculated from models. The same is true for 
TIS and BRDF values associated with surface rough- 
ness of known statistics. Scatter measuring instru- 
ments, such as particle scanners or lab scatterometers, 
can be calibrated in terms of these quantities. As has 
already been pointed out, the user of a scanner will 
almost always be more interested in characterizing 
defects than in the resulting scatter values, but the 
underlying instrument calibration can always be 
expressed in terms of these three quantities. This is 
true even though designers and users may find it 
convenient to use other metrics (such as polysterene 
latex (PSL) spheres) as a way to relate calibration. 


Angle Resolved Scatterometers 


The diagram in Figure 2 shows the most common 
scatterometer configuration. The source is fixed and 
the sample is rotated to the desired incident angle. 
The receiver is then rotated about the sample during 
scatter measurement. Most commonly, scattero- 
meters operate just in the plane of incidence; however, 
instruments capable of measuring at virtually any 
location in either the reflective or transmissive hemi- 
spheres have been built. Although dozens of instru- 
ments have been built following this general design, 
other configurations are in use. For example, 
the source and receiver may be fixed and the 
sample rotated so that the scatter pattern moves 
past the receiver. This is easier mechanically than 
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moving the receiver at the end of an arm, but 
complicates analysis because the incident angle and 
the observation angle change simultaneously. 
Another combination is to fix the source and sample 
together, at constant incident angle, and rotate this 
unit (about the point of illumination on the sample) 
so that the scatter pattern moves past a fixed receiver. 
This has the advantage that a long receiver/sample 
distance can be used without motorizing a long 
(heavy) receiver arm. It has the disadvantage that 
heavy (or multiple) sources are difficult to deal with. 
Other configurations, with everything fixed, have 
been designed that employ several receivers to merely 
sample the BSDF and display a curve fit of the 
resulting data. This is an economical solution if the 
BSDF is relatively uniform without isolated diffrac- 
tion peaks. The goniometer section of a real instru- 
ment, similar to that of Figure 2, is shown in Figure 3. 


Chopper 


Spatial 


filter 
Signature 
noise 






Receiver 


Figure 2 Basic elements of an incident plane scatterometer are 
shown. 





Figure 3 The author's scatterometer, which is similar to the 
diagram of Figure 2 is shown. In this case a final focusing lens is 
introduced to produce a very small illuminated spot on the silicon 
wafer sample. The white background was introduced to make the 
instrument easier to view. 


Computer control of the measurement is essential 
to maximize versatility and minimize measurement 
time. The software required to control the measure- 
ment plus the display and analysis of the data can be 
expected to be a significant portion of total instru- 
ment development cost. The following reviews 
typical design features (and issues) associated with 
the source, sample mount and receiver components. 

The source in Figure 2 is formed by a laser beam 
that is chopped, spatially filtered, expanded, and 
finally brought to a focus on the receiver path. The 
beam is chopped to reduce both optical and electronic 
noise. This is usually accomplished through the use of 
lock-in detection in the electronics package which 
suppresses all signals except those at the chopping 
frequency. Low noise, programmable gain electronics 
are essential to reducing system noise. The reference 
detector is used to allow the computer to ratio out 
laser power fluctuations and, in some cases, to 
provide the necessary timing signal to the lock-in 
electronics. Polarizers, wave plates, and neutral 
density filters are also commonly placed prior to the 
spatial filter. The spatial filter removes source scatter 
from the laser beam and presents a point source 
which is imaged by the final focusing element, in this 
case a mirror, to the detector zero position. Focusing 
the beam at this location allows near specular scatter 
to be more easily measured. Lasers are convenient 
sources, but are not necessary. Broadband sources are 
often required to meet a particular application or to 
simulate the environment where a sample will be 
used. Monochromators and filters can be used to 
provide scatterometer sources of arbitrary wave- 
length. The noise floors with these tunable incoherent 
sources increases as the spectral bandpass is 
narrowed, but they have the advantage that the 
scatter pattern does not contain laser speckle. 

The sample mount can be very simple or very 
complex. In principal, six degrees of mechanical 
freedom are required to fully adjust the sample. The 
order in which these stages are mounted affects the 
ease of use (and cost) of the sample holder. In 
practice, it often proves convenient to either elimin- 
ate, or occasionally duplicate, some of these degrees 
of freedom. In addition, some of these axes may be 
motorized to allow the sample area to be raster- 
scanned to automate sample alignment or to measure 
reference samples. As a general rule, the scatter 
pattern is insensitive to small changes in incident 
angle but very sensitive to small angular deviations 
from specular. Instrumentation should be configured 
to allow location of the specular reflection 
(or transmission) very accurately. Receiver designs 
vary, but changeable entrance apertures, bandpass 
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filters, lenses, and field stops are generally positioned 
in front of the detector. 

A serious measurement problem is getting light 
scattered by the instrument, called instrument signa- 
ture, confused with light scattered by the sample. An 
example of instrument signature is shown by the 
dotted line in Figure 2, which represents scatter from 
the final mirror. The signature is often measured in 
the straight through (transmission) direction, multi- 
plied by the measured specular reflectance and then 
compared to the measured sample BRDE. Another 
issue is the fact that the measured BRDF is really the 
convolution of the receiver aperture with the actual 
(incremental) BRDE When the scatter signal varies 
slowly across the aperture the measurement is 
virtually identical to the true BRDF. Near the specular 
reflection, or at diffraction peaks, the differences 
between the measurement (or convolution) and the 
actual (incremental) BRDF can be huge. Measure- 
ments made using invisible sources and measure- 
ments of curved samples present additional problems. 
These problems and the issues of calibration and 
accuracy are covered in the Further Reading section 
at the end of this article. 


TIS Instruments 


The two common methods of making TIS measure- 
ments are shown in Figures 4 and 5. The first one is 
based on a hemispherical mirror (or Coblentz sphere) 
to gather scattered light from the sample and image it 
onto the scatter detector. The specular beam enters 
and leaves the hemisphere through a small circular 
hole. The diameter of that hole defines the near 
specular limit of the instrument. The reflected beam 
(not the incident beam) should be centered in the hole 
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Figure 4 A diagram showing the Coblentz sphere approach to 
TIS measurements used in the early development of scatter 
instrumentation. 
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Figure 5 More modern TIS instruments make use of an 
integrating sphere approach which is easier to align and does not 
suffer from problems associated with measuring high-angle 
scatter from the sample. 


because the BRDF will be symmetrical about it. 
Alignment of the hemispherical mirror is critical, and 
not trivial, in this approach. The second approach 
involves the use of an integrating sphere. A section of 
the sphere is viewed by a recessed detector. If the 
detector field of view (FOV) is limited to a section of 
the sphere that is not directly illuminated by scatter 
from the sample, then the signal will be proportional 
to total scatter from the sample. Again, the reflected 
beam should be centered on the exit hole. The 
Coblentz sphere method presents more signal to the 
detector; however, some of this signal is incident on 
the detector at very high angles. Thus, this approach 
tends to discriminate against high-angle scatter 
(which is not a problem for many samples). The 
integrating sphere is easier to align, but has a lower 
signal to noise ratio (less signal on the detector) and is 
more difficult to build in the IR where uniform diffuse 
surfaces are harder to obtain. A common mistake 
with TIS measurements is to assume that for near 
normal incidence, the orientation between source 
polarization and sample orientation is not an issue. 
TIS measurements made with a linearly polarized 
source on a grating at different orientations will 
quickly demonstrate this dependence. 

TIS measurements can be made very near the 
specular reflection by utilizing a diffusely reflecting 
plate with a small hole in it. A converging beam is 
reflected off the sample and through the hole. Scatter 
is diffusely reflected from the diffuse plate to a 
receiver designed to uniformly view the plate. The 
reflected power is measured by moving the plate so 
the specular beam misses the hole and then taking 
that measurement. The ratio of the two scatter 
measurements gives the TIS. Measurements starting 
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closer than 0.1 degrees from specular can be made in 
this manner and it is an excellent way to check 
incoming optics or freshly coated optics for low 
scatter. 


Analyzing Scatter from 
Surface Roughness 


The preceding sections have concentrated on obtain- 
ing and quantifying accurate scatter data, but that 
leaves the question of what to do with it once you have 
it. In rare situations you may be given a scatter (BRDF) 
specification — such as, the BRDF from the mirror 
must be less than 10~* sr~! 10 degrees from specular 
when measured at a wavelength of 633 nm incident at 
5 degrees with an S polarized source. Unfortunately 
this is very uncommon. If the issue is limiting scatter 
as a noise source, you will probably have to generate 
your own specification based on specific system 
requirements. More difficult, and often of more 
economic value, is the situation where scatter 
measurements are being used as a metrology to learn 
something about the sample characteristics — like 
roughness or defect size and/or type. 

The relationship between the measured BRDF 
and reflector roughness statistics was a subject of 
intense interest from the mid-1970s through the 
early 1990s. Dozens of papers, and even some 
books, have been written on the subject, and it can 
only be outlined here. The relatively easy case of 
scatter from roughness on a clean, optically 
smooth, front surface reflector was first published 
in 1975; however it was several years later before 
confirming experiments were completed. The 
deceptively simple relationship, based on vector 
perturbation theory, is shown below. 


BRDF = (1677°/A*) cos 6, cos 6 OS(f,; fy) [4] 


O is the polarization factor and is determined by the 
material constants of the reflector, as well as the system 
geometry. In many cases, it is numerically about equal 
to the specular reflectance and this approximation is 
often justified. Exact expressions are available in the 
literature. S(f,, fy) is the surface power spectral density 
function (or PSD). It may be thought of as roughness 
power (surface height variations squared) per unit 
spatial frequency (undulations per unit distance 
instead of per unit time). Integration of the PSD over 
spatial frequency space results in the mean square 
roughness over that band of frequencies. Taking the 
square root gives the root mean square roughness (or 
rms). Frequencies in both the x and y directions on 
the surface are involved and they are defined by the 


well-known grating equations as: 


f, = (sin 6, cos &, — sin 6;)/A and 


fy = (sin 6, sin f)/A [5] 


Thus eqn [4] becomes a model for surface 
roughness that allows BRDF measurement to be 
used to find and/or verify surface roughness 
specifications. Of course, there are exceptions. If 
the ‘clean, optically smooth, front surface reflector’ 
limitations are violated, then the surface will have 
more than just roughness as a source of scatter and 
the PSD found from eqn [4] will be too large. 
Obtaining the same PSD from BRDF measurements 
made at different wavelengths, or different polariz- 
ations, is an indication that the surface is scattering 
‘topographically’ and the PSD can be found using 
this technique. Because some scatter measurements 
can be made very rapidly, there are industry 
situations where scatter metrology offers a very 
fast means of monitoring surface quality. 

A little study of eqns [4] and [5] makes it clear that 
ranges of spatial frequencies in the PSD correspond 
directly to angular ranges of the BRDF. Scatter from a 
single spatial frequency corresponds to a single 
scatter direction. 

Following the above discussion, it becomes clear 
why the pioneering integrated (TIS) scatter measure- 
ments could be used to produce surface rms values as 
indicated by eqn [2]. Unfortunately, the result of 
eqn [4] was not available in 1961. Instead eqn [2] was 
derived for the special case of a smooth surface with 
Gaussian statistics. Nobody was thinking about 
spatial bandwidths and angular limits. When striking 
differences were found between roughness measure- 
ments made by TIS and profilometer, the Gaussian 
assumption became the ‘whipping boy,’ and TIS 
scatter measurements took an underserved hit. In 
fact, integration of eqn [4] results in the TIS result 
given in eqn [2] under the generally true small angle 
assumption that most of the scatter is close to the 
specular reflection. The differences make sense 
when the concept of spatial frequency bandwidths 
(or appropriate angular limits) is introduced. It 
becomes clear that different wavelengths, incident 
angles and scatter collection angles will also generate 
different rms values (for the same surface) and why so 
much confusion resulted following the definition of 
TIS in terms of rms roughness. There is no such thing 
as a unique rms roughness for a surface, anymore 
than there is a single spatial bandwidth for the PSD, 
or a single set of angles over which to integrate the 
BRDF. TIS measurements and rms measurements 
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where Xs is the total series reactive impedance, Rs is the total series resistance, Rp is the total parallel 
resistance, Xp is the total parallel reactive impedance, Qs and Qp are the series and parallel quality 
factors respectively: 

Rp X jX>p 


eek araes (7) 


Equation (7) is the equation of a series sum of impedances and a parallel sum of impedances. It is 
interesting to note that Qs and Qp from an L-matched network may be different from the individual 
component quality factors as a result of the inherent resistive and reactive impedances in that 
component. By virtue of Equation (7), Qs and Op must be equal in an L-matched network. Using 
Equations (5,6) and (7), the ratio of the parallel resistance (or reactance) to the series resistance (or 
reactance) can be derived in terms of the quality factors Op or Qs [35]. Since at match conditions, only 
the resistive impedances dissipate power, the loaded quality factor QO, of the L-matched network can be 
expressed as in Equation (8): 


Rp = (Q° + Rs (8) 


Using Equations (5,6) and (8), series impedance can be converted to its parallel equivalent for a fixed 
frequency and power level. As an example; a series impedance 72-j501 Q (HSMS-285C at 434 MHz 
for -30 dBm input power) is easily converted to —j510(3519)/(—j510 + 3519) Q as its parallel 
equivalent with a component quality factor of 6.96. The source resistance is taken as part of the 
parallel matching network in an L-match circuit if the source series equivalent resistance is greater 
than the load series equivalent resistance. On the other hand, the load resistance is taken as part of the 
parallel matching network if the load series equivalent resistance is greater than the source series 
equivalent resistance. For the purpose of this work, inductors were only used for series impedance 
matching and capacitors as shunts. This prevents power seeping through any shunt inductor used for 
impedance matching due the short circuit provided by a shunt inductor to ground and resulting in less 
output efficiency. Resistors were not used for impedance matching. 


2.5.2. L-match RF to DC Converter Generalized Analytical Model 


The classical matching technique using Equations (5,6) and (8) is first used to L-match the 50 Q 
resistance of the antenna to the resistance of the HSMS-286C diodes (and load) at 434 MHz for 
—30 dBm input and then the generalized model is discussed. The antenna source resistance was 
L-matched to the resistance of the diodes (and load). The 50 Q resistance of the antenna is taken as the 
parallel matching component and the diodes 10 Q resistance is the series matching component. The 
loaded Q is found as 2 between the 50 antenna source resistance and the 10 © diode series resistance 
using Equation (8). From this loaded Q, a shunt capacitive impedance of 25 Q (14.6 pF at 434 MHz) 
using Equation (6) and a series inductive impedance of 20 Q (7.3 nH at 434 MHz) using Equation (5) 
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should always be given with enough information to 
determine bandwidth limits. 


Measuring and Analyzing Scatter from 
Isolated Surface Features 


Understanding scatter from discrete surface features 
has led to big changes in the entertainment 
business (CDs, DVDs, digitized music, and films, 
etc.) as well as providing an important source of 
metrology for the semiconductor industry as they 
develop smaller faster chips for a variety of 
modern uses. Thus, just about everybody in the 
modern world utilizes our understanding of scatter 
from discrete surface features. 

On the metrology side, the roughness signals 
described in the last section are a serious source of 
background noise that limits the size of the 
smallest defects that can be found. Discrete surface 
features come in a dazzling array of types, sizes, 
materials, and shapes — and they all scatter 
differently. A 100 nm silicon particle scatters a lot 
differently than a 100nm silicon oxide particle 
(even if they have the same shape), and a 100 nm 
diameter surface pit will have a different scatter 
pattern. Models describing scatter from a variety of 
discrete surface features have been developed. 
Although many of these are kept confidential for 
competitive reasons, NIST offers some models 
publicly through a web site. 

Confirming a model requires knowing exactly 
what is scattering the light. In order to accomplish 
this, depositions of PSLs of known size are made 
on the surface. Scatter is measured from one or 
more spheres. A second measurement of back- 
ground scatter is then subtracted and the net BRDF 
is converted to DSC units using the known 
(measured) illuminated spot size. Measurements of 
this type have been used to confirm discrete feature 
scatter models. The model is then used to calculate 
scatter from different diameters and materials. 
Combined with the model for surface roughness 
to evaluate system noise, this capability allows 
signal to noise evaluation of different defect 
scanners designs. 


Practical Industrial Instrumentation 


Surface defects and particles, smaller than 100 nm 
are now routinely found on silicon wafers using 
scatter instruments known as particle scanners. 
Thousands of these instruments (with price tags 
approaching a million dollars each depending on 


type and use) are in daily use. These instruments 
are truly amazing; they inspect 200 mm wafers at a 
rate of one every thirty seconds reporting feature 
location, approximate size, and in some cases even 
type (pit or particle) by analyzing scatter signals 
that last only about 100 nanoseconds. Similar 
systems are now starting to be used in the 
computer disk industry and flat panel display 
inspection of surface features will follow. 

Scanners are calibrated with PSLs of different sizes. 
Because it is impossible to identify all defect types and 
because diameter has little meaning for irregularly 
shaped objects, feature ‘size’ is reported in ‘PSL 
equivalent diameters.’ This leads to confusing situ- 
ations for multiple detector systems, which (without 
some software help) would report different sizes for 
real defects that scatter much differently than PSLs. 
These difficulties have caused industry confusion 
similar to the ‘Gaussian statistics/bandwidth limited’ 
issues encountered before roughness scatter was 
understood. The publication of international stan- 
dards relating to scanner calibration has reduced the 
level of confusion. 


Scatter Related Standards 


Early scatter related standards for BRDE, TIS, 
and PSD calculations were written for ASTM 
(the American Society for Testing Materials), but as 
the industrial need for these documents moved to the 
semiconductor industry, there was pressure to move 
the documents to SEMI (Semiconductor Equipment 
and Materials Inc.), which is an international 
organization. By 2004, the process of rewriting the 
ASTM documents in SEMI format was well under- 
way in the Silicon Wafer Committee. Topics covered 
include: surface defect specification (M35), defect 
capture rate (M50), scanner specifications (M52), 
scanner calibration (M53), particle deposition 
testing (M58), BRDF measurement (ME1392), and 
PSD calculation (MF1811). This body of literature 
is probably the only place where all aspects 
of these related problems are brought together in 
one place. 


Conclusion 


The bottom line is that scatter measurement and 
analysis has moved from an art to a working 
metrology. Dozens of labs around the world can 
now take the same sample and get about the same 
measured BRDF from it. Thousands of industrial 
surface scanners employing scattered light signals are 
in use every day on every continent. In virtually every 
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house in the modern world there is at least one 
entertainment device that depends on scatter signals. 
In short — scatter works. 


See also 
Scattering: Scattering Theory. 
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Introduction 


Sp7ectrometers were developed after the discovery 
that glass prisms disperse light. Later, it was 
discovered that diffraction from multiple, equally 
spaced, wires or fibers also dispersed light. About 
100 years ago, Huygens proposed his wave theory 
of light and Fraunhofer developed diffraction 
theory, which allowed scientific development of 
diffraction gratings. 

These discoveries then led to the development of 
spectrometers. Light theory was sufficiently devel- 
oped such that spectrometer designs, developed over 
100 years ago, are still being used today. These 
theories and designs are briefly described along with 
comments on how current technology has improved 
upon these designs. This is followed by some 
examples of imaging spectrometers which have wide 
spectral coverage from 450 nm to 14 ym and produce 
images of more than 256 spectral bands. 
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The basic elements of a spectroscopic instrument 
are shown in Figure 1. The source, or more usually 
an image of the source, fills an entrance slit and 
the radiation is collimated by either a lens or 
mirror. The radiation is then dispersed, by either a 
prism or a grating, so that the direction of 
propagation of the radiation depends upon its 
wavelength. It is then brought to a focus by a 
second lens or mirror and the spectrum consists of 
a series of monochromatic images of the entrance 
slit. The focused radiation is detected, either by an 
image detector such as a photographic plate, or by 
a flux detector such as a photomultiplier, in which 
case the area over which the flux is detected is 
limited by an exit slit. In some cases the radiation 
is not detected at this stage, but passes through the 
exit slit to be used in some other optical system. As 
the exit slit behaves as a monochromatic source, 
the instrument can be regarded as a wavelength 
filter and is then referred to as a monochromator. 


Prisms 


The wavelength dependence of the index of refraction 
is used in prism spectrometers. Such an optical 
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The basic elements of a spectroscopic instrument. With permission from Hutley MC (1982) Diffraction Gratings, pp. 57-232. 
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Figure 2 Elementary prism spectrometer schematic. Wis the width of the entrance beam; S, is the length of the prism face; and B 
is the prism base length. Reproduced with permission from The Infrared Handbook (1985). Ann Arbor, MI: Infrared Information 


Analysis Center. 


element disperses parallel rays or collimated radiation 
into different angles from the prism according to 
wavelength. Distortion of the image of the entrance 
slit is minimized by the use of planewave illumina- 
tion. Even with planewave illumination, the image of 
the slit is curved because not all of the rays from the 
entrance slit can traverse the prism in its principal 
plane. The prism is shown in the position of minimum 
angular deviation of the incoming rays in Figure 2. At 
minimum angular deviation, maximum power can 
pass through the prism. For a prism adjusted to the 
position of minimum deviation: 


1S aie ee A,/2 [1] 


and 

i, = ip = (Dy + Ap V2 [2] 
where 
Dy = angle of deviation 


A, = angle of prism 
r, and r, = internal angles of refraction 
i, and i) = angles of entry and exit. 


The angle of deviation, D,, varies with wavelength. 
The resulting angular dispersion is defined as dD,/da, 
while the linear dispersion is dx/dA = F dD,/dA, 
where F is the focal length of the camera or imaging 
lens and x is the distance across the image plane. 
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Handbook (1985) Ann Arbor, MI: Infrared Information Analysis Center. 


It can be shown that: 


dD,/dA = [B/W][dn/da] = [dD,/dn]idu/dA] [3] 


where 


B = base length of the prism, 
W = width of the illumination beam 
n = index of refraction 


while 


dx/dA = F[B/W][dn/da] [4] 
One may define the resolving power, RP, of an 
instrument as the smallest resolvable wavelength 
difference, according to the Rayleigh criterion, 
divided into the average wavelength in that spectral 
region. Thus: 


RP = WAA = [A/dD,]I[dD,/dA] 


— [A/dD, [B/W] [da/da] [5] 
The limiting resolution is set by diffraction due to the 
finite beamwidth, or effective aperture of the prism, 
which is rectangular. Thus: 


RP = [A/M(A/W) [B/W] [dn/da] [6] 


so that: 


RP = Bidn/da] [7] 
If the entire prism face is not illuminated, then only 
the illuminated base length must be used for B. 
Littrow showed that aberrations would be mini- 
mized by making the angle of incidence equal to the 
angle of refraction B (also known as the Littrow 
Configuration). Littrow used a plane mirror behind 


the prism for a double pass through the prism, as 
shown in Figure 3. 


Gratings 


Rowland is credited with the development of a 
grating mount that reduced aberrations in the 
spectrogram. He found that a grating ruled on a 
concave surface of radius R and locating the entrance 
and exit slits on the same radius would give the least 
aberrations, as shown in Figure 4. r = R cos a is the 
distance to the entrance slit (r) and r; = R cos B is the 
distance to the focal point for the exit slit (7). 
Rowland showed that: 

cos a/R — cos* a/r + cos B/R — cos” B/r, = 0 [8] 
One solution to this equation is for a and B to each be 


zero and 
r=Rcosa 
and 


r; = Rcos B 


This condition is met if r and r,; lie on the Rowland 
circle. 

There are various ways in which the Rowland 
circle condition may be satisfied and some of them are 
shown in Figure 5. The simplest mounting of all is 
that due to Paschen and Runge (Figure 5a) in which 
the entrance slit is positioned on the Rowland circle 
and a photographic plate (or plates) is constrained to 
fit the Rowland circle. Alternatively, for photoelectric 
detection, a series of exit slits is arranged around the 
Rowland circle each having its own detector. In the 
latter case, the whole spectrum is not recorded, only a 
series of predetermined wavelengths, but when used 
in this ‘polychromator’ form, it is very rugged and 
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convenient for applications such as the routine 
analysis of samples of metals and alloys. In this 
case, slits and detectors are set up to measure the light 
in various spectral lines, each characteristic of a 
particular component or trace element. 








Figure 4 The construction of the Rowland Circle. With 
permission from Hutley MC (1982) Diffraction Gratings, 
pp. 57—232. London: Elsevier. 


Ce 
(f) fy) {h) 


The oldest concave grating mount is that designed 
by Rowland himself and which bears his name 
(Figure 5b). In this case, the grating and photographic 
plates are fixed at opposite ends of the diameter of the 
Rowland circle by a moveable rigid beam. The 
entrance slit remains fixed above the intersection of 
two rails at right angles to each other and along 
which the grating plate holder (or the exit slit) is free 
to move. In this way, this entrance slit, grating, and 
plate holder are constrained always to lie on the 
Rowland circle and it has the advantage that the 
dispersion is linear, which is useful in the accurate 
determination of wavelengths. Unfortunately, this 
mounting is rather sensitive to small errors in the 
position of the entrance slit and in the orthogonality 
of the rails, and is now very rarely used. 

A variation on this mounting was devised by 
Abney, who again mounted the grating and the 
plate holder on a rigid bar at opposite ends of 
the diameter of the Rowland circle (Figure 5c). The 
entrance slit is mounted on a bar of length equal to 
the radius of the Rowland circle. In this way, the slit 
always lays on the Rowland circle, but it had to 
rotate about its axis in order that the jaws should 
remain perpendicular to the line from the grating to 





Figure 5 Mountings of the concave grating: (a) Paschen—Runge; (b) Rowland; (c) Abney; (d) and (e) Eagle; (f) Wadsworth; 
(g) Seya—Namioka; (h) Johnson—Onaka. With permission from Hutley MC (1982) Diffraction Gratings, pp. 57-232. London: Elsevier. 
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the slit. It also had the disadvantage that the 
source must move with the exit slit, which could be 
inconvenient. 

In the Eagle mounting (Figures 5d and Se), the 
angles of incidence and diffraction are made equal, or 
very nearly so, as with Littrow mounting for plane 
gratings. Optically, this system has the advantage that 
the astigmatism is generally less than that of the 
Paschen—Runge or Rowland mounting, but on the 
other hand, the dispersion is nonlinear. From a 
mechanical point of view, it has the disadvantage 
that it is necessary with great precision both to rotate 
the grating and to move it nearer to the slits in order 
to scan the spectrum. However, it does have the 
practical advantage that it is much more compact 
than other mountings, and this is of particular 
importance when we bear in mind the need to enclose 
the instrument in a vacuum tank. Ideally, the entrance 
slit and exit slit or photographic plate should be 
superimposed if we are to set a = B. In practice, of 
course, the two are displaced either sideways, in the 
plane of incidence as shown in Figure 5, or out of the 
plane of incidence, in which case the entrance slit is 
positioned below the meridonal plane and the plate 
holder just above it, as shown in Figure 5. The out-of- 
plane configuration is generally used for spectro- 
graphs and the in-plane system for monochromators. 
The penalty incurred in going out of plane is that 
coma is introduced in the image, and slit curvature 
becomes more important. This limits the length of the 
ruling that can effectively be used. 

The second well-known solution to the Rowland 
equation is the Wadsworth mounting (Figure Sf), in 
which the incident light is collimated, so r is set 
at infinity and the focal equation reduces to 
r1 = Rcos* B(cos a+cos B). One feature of this 
mounting is that the astigmatism is zero when the 
image is formed at the center of the grating blank, 
i.e., when 6 = 0. It is a particularly useful mounting 
for applications in which the incident light is 
naturally collimated (for example, in rocket or 
satellite astronomy, spectroheliography and in work 
using synchrotron radiation). However, if the light is 
not naturally collimated, the Wadsworth mount 
requires a collimating mirror, so one has to pay the 
penalty of the extra losses of light at this mirror. The 
distance from the grating to the image is about half 
that for a Rowland circle mounting which makes the 
instrument more compact and, since the grating 
subtends approximately four times the solid angle, 
there is a corresponding increase in the brightness of 
the spectral image. 

Not all concave grating mountings are solutions to 
the Rowland equation. In some cases, other advan- 
tages may compensate for a certain defect of focus. 


A particularly important example of this is the 
Seya—Namioka mounting (Figure 5g), in which 
the entrance slit and exit slit are kept fixed and the 
spectrum is scanned by a simple rotation of the 
grating (Figure 5g). In order to achieve the optimum 
conditions for this mounting, we set a = g+ @ and 
B= 0- @, where 2¢ is the angle subtended at the 
grating by the entrance and exit slit and 6 is the angle 
through which the grating is turned. The amount of 
defocus is given by: 


F(0, ¢, 7,11) = [cos*(0+ )/r] + [cos(0+ ¢)/R] 
+ [cos”(@ [cos(@ — ¢)/R] 


[9] 





g)/ry] 4 


and the optimum conditions are those for which 
F(6,@,7,71) remains as small as possible as 6 is varied 
over the required range. Seya set F and three 
derivatives of F with respect to 6 equal to zero for 
6 = 0 and obtained the result: 


g = sin '(1/V3) = 35°15! [10] 


and 


r=1r,=Rcosg [11] 
which corresponds to the Rowland circle either in 
zero order or for zero wavelength. In practice, it is 
usual to modify the angle slightly so that the best 
focus is achieved in the center of the range of interest 
rather than at zero wavelength. 

The great advantage of the Seya—Namioka mount- 
ing is its simplicity. An instrument need consist only 
of a fixed entrance and exit slit, and a simple rotation 
of the grating is all that is required to scan the 
spectrum. It is, in fact, simpler than instruments using 
plane gratings. Despite the fact that at the ends of the 
useful wavelength range the resolution is limited by 
the defect of focus and the astigmatism is particularly 
bad, the Seya-Namioka mounting is very widely 
used, particularly for medium-resolution rather than 
high-resolution work. 

A similar simplicity is a feature of the Johnson- 
Onaka mounting (Figure 5h). Here again, the 
entrance and exit slits remain fixed, but the grating 
is rotated about an axis which is displaced from its 
center; in this way, it is possible to reduce the change 
of focus that occurs in the Seya—Namioka mounting. 
The system is set up so that at the center of the desired 
wavelength range, the slits and grating lie on the 
Rowland circle, as shown in Figure 5h. The optimum 
radius of rotation, i.e., the distance GC, was found by 
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Figure 6 Ebert mounting of the plane grating designed by 
Fastie. ‘SI is the entrance slit; Gis the grating; M is the concave 
mirror; and Pis the photographic plate. The horizontal section is at 
the top and the vertical section is at the bottom. Reproduced with 
permission from The Infrared Handbook (1985) Ann Arbor, MI: 
Infrared Information Analysis Center. 


Onaka to be: 
GCop = [R sint (a + p)/1 - +tan(a + B) 


X (tan B — tan a)] [12] 

Another non-Rowland spectrometer is the Ebert— 
Fastie mount, which mounts the slit, flat grating, 
and a detector array in the arrangement shown in 
Figure 6. Ebert first developed the design using two 
separate concave mirrors, one for collimating the 
incident beam and the second to focus the diffracted 
spectrum. Fastie used a single but larger concave 
mirror, which simplified the mounting structure and 
produced a rugged, compact spectrometer that has 
been used in rocket flights and space satellite 
observatories for astronomical and upper atmos- 
pheric applications. The Czerny-—Turner mount is 
similar to the Ebert mount, except the flat grating is 
located in the same plane that contains the entrance 
and exit slits. 


Advanced Spectrometers 


While the above spectrometer designs are still used, 
major advances in implementation are now available. 
Ray tracing allows the designer to quantify the 
aberrations and determine solutions to remove 
them. Aspheric optic elements can now be fabricated 
to correct aberrations. Gratings can be ruled on 
aspherical surfaces to not only disperse the light 
beam, but also be an element in the optical design. 
Holography has been developed to etch gratings for 
use over a wide spectral range and to not only 
disperse the light, but also work as an optical element. 
Because holographic gratings are chemically etched, 


there are no machine burrs to scatter light and the 
hologram is free of periodic differences in groove 
widths that create ghosts in ruled gratings. Linear and 
array photodetectors have replaced film. An advan- 
tage of film was its ability to fit curved focal planes. 
Photodetectors are etched into flat wafers of the 
photodiode material. To adapt flat arrays to a curved 
focal plane, fiber optic face plate couplers have been 
ground on one side to match the focal plane curvature 
and the flat back side is either optically coupled to the 
detector or closely coupled for proximity focusing. 
The photodetector arrays are available in multiple 
materials to cover the spectral range, from soft X-rays 
to the thermal infrared. Often cooling is required to 
obtain low noise. They are now available with 
sensitivities never reached with film and the ease of 
coupling the output data to a computer for real-time 
analysis has taken much of the labor out of analyzing 
the spectrograph. Another advance is precision motor 
drives with precision motion sensors, some using laser 
interferometry, to provide feedback on automated 
movement of gratings, slits, and detectors as a 
spectrometer cycles through its wavelength range. 


Imaging Spectrometers 


Spectrometers that image the spectral characteristics 
in each pixel of the image to form a data cube, as 
shown in Figure 7, are named imaging spectrometers, 
and if the spectra have high resolution and blocks of 
consecutive neighbors, then the data are called 
hyperspectral. Imaging spectrometers have several 
applications that range from medical to remote 
sensing of land use and environment. This article 
will cover examples for remote sensing imaging 
spectrometers which require spectral coverage in 
all of the atmospheric windows from the UV to 
thermal IR. 

Imaging spectrometers require a combination of 
spectrometers, light collecting optics, and scan 
mechanisms to scan the instantaneous field of view 
of the spectrometer over a scene. Remote sensing of 
the Earth applications requires an aerial platform. 
Either a helicopter, an aircraft, or orbital space 
satellites are used. The platform motion is used as 
part of the scanning process so that the optics image a 
single point on the ground so that a scanner (called a 
line scanner) scans a long line that is cross tracked to 
the platform motion. Or, the optics image a slit that is 
parallel to the platform track that covers many scan 
lines and a scanner moves the slit cross track to the 
platform motion. This scanner is called a whisk- 
broom scanner. Or, the optics image a large slit so no 
scan mechanism is needed other than the platform 
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Figure 7 Hyperspectral Data Cube. Hyperspectral imagers divide the spectrum into many discrete narrow channels. This fine 
quantization ofn spectral information on a pixel by pixel basis enables researchers to discriminate the individual constituents in an area 
much more effectively. For example, the broad spectral bands of a multispectral sensor allow the user only to coarsely discriminate 
between areas of deciduous and coniferous forest, plowed fields, etc., whereas a hyperspectral imager provides characteristic 
signatures which can be correlated with specific spectral templates to help determine the individual constituents and possibly even 
reveal details of the natural processes which are affecting them. 
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Figure 8 Multispectral infrared and visible imaging spectrometer optical schematic. 


motion to form an image. This scanner is called a pushbroom scanners, so that platform instability 
pushbroom scanner. from pitch roll and yaw and from inability to fly in 

One important requirement is that all spectral a straight line do not compromise the coregistration 
measurements of a pixel be coregistered. Most of spectral data on each pixel. The image data may 
airborne imaging spectrometers use a common _ require geometric correction, but the spectral data are 
aperture for a line scanner, or a slit for whisk and not compromised. 
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There is one other type of imaging spectrometer 
that uses a linear variable filter (also known as a 
wedge filter) over a 2D array of photodetectors. Each 
image contains a different spectral band over each 
row of pixels so that each frame images a scene witha 
different spectral band over each row of pixels. The 
array is oriented so the rows of spectral bands are 
perpendicular to the flight track. After the platform 





Table 1 MIVIS physical properties 
Height Width Depth? Weight 
in’ cm in cm in cm Ibs kg 
Scan head 26.5 67.0 20.6 52.0 28.1 71.0 220 100 
Electronics 40.0 102.0 19.0 48.3 24.0 61.0 


motion moves over one ground pixel, the whole array 
is read out and the frame is shifted one row of pixels 
so the second frame adds a second spectral band to 
each row imaged in the first frame. This frame 
stepping is carefully timed to the platform velocity 
and is repeated until each row of pixels is imaged in 
all spectral bands. This type of imaging spectro- 
meter has been flown in aircraft and _ satellites. 
In aircraft, the platform motion corrupts the coregis- 
tration of the spectrum in each pixel. Extensive 
ground processing is required to geometrically correct 
each frame to improve spectral coregistration. This 
is a difficult task and this type of imaging spectro- 
meter has lost favor for airborne use. Stabilized 
satellites have been a better platform and the wedge 
type of imaging spectrometer has been used success- 











Total system 460 209 fully in space. 

Nene) As examples of airborne and ground-based 
Not including connectors or cable bends. imaging spectrometers, a line scanner imaging 
Table 2 MIVIS spectral coverage (um) 

OPTICAL PORT 1 OPTICAL PORT 3 OPTICAL PORT 4 
CH # Band Edges CH # Band Edges CH # Band Edges CH # Band Edges 
Lower Upper Lower Upper Lower Upper Lower Upper 

1 0.43 0.45 29 2.000 2.008 61 2.250 2.258 93 8.20 8.60 
2 0.45 0.47 30 2.008 2.016 62 2.258 2.266 94 8.60 9.00 
3 0.47 0.49 31 2.016 2.023 63 2.266 2.273 95 9.00 9.40 
4 0.49 0.51 32 2.023 2.031 64 2.273 2.281 96 9.40 9.80 
5 0.51 0.53 33 2.031 2.039 65 2.281 2.289 97 9.80 10.20 
6 0.53 0.55 34 2.039 2.047 66 2.289 2.297 98 10.20 10.70 
7 0.55 0.57 35 2.047 2.055 67 2.297 2.305 99 10.70 11.20 
8 0.57 0.59 36 2.055 2.063 68 2.305 2.313 100 11.20 11.70 
9 0.59 0.61 37 2.063 2.070 69 2.313 2.320 101 11.70 12.20 
10 0.61 0.63 38 2.070 2.078 70 2.320 2.328 102 12.20 12.70 
11 0.63 0.65 39 2.078 2.086 71 2.328 2.336 
12 0.65 0.67 40 2.086 2.094 72 2.336 2.344 
13 0.67 0.69 41 2.094 2.102 73 2.344 2.352 
14 0.69 0.71 42 2.102 2.109 74 2.352 2.359 
15 0.71 0.73 43 2.109 2.117 75 2.359 2.367 
16 0.73 0.75 44 2.117 2.125 76 2.367 2.375 
17 0.75 0.77 45 2.125 2.133 77 2.375 2.383 
18 0.77 0.79 46 2.133 2.141 78 2.383 2.391 
19 0.79 0.81 47 2.141 2.148 79 2.391 2.398 
20 0.81 0.83 48 2.148 2.156 80 2.398 2.406 
OPTICAL PORT 2 49 2.156 2.164 81 2.406 2.414 
21 1.15 1.20 50 2.164 2.172 82 2.414 2.422 
22 1.20 1.25 51 2.172 2.180 83 2.422 2.430 
23 1.25 1.30 52 2.180 2.188 84 2.430 2.438 
24 1.30 1.35 53 2.188 2.195 85 2.438 2.445 
25 1.35 1.40 54 2.195 2.203 86 2.445 2.453 
26 1.40 1.45 55 2.203 2.211 87 2.453 2.461 
27 1.45 1.50 56 2.211 2.219 88 2.461 2.469 
28 1.50 1.55 57 2.219 2.227 89 2.469 2.477 

58 2.227 2.234 90 2.477 2.484 

59 2.234 2.242 91 2.484 2.492 

60 2.242 2.250 92 2.492 2.500 
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spectrometer and a ground-based scanned push 
broom scanner are described below. 

MIVIS (multispectral infrared and visible imaging 
spectrometers) hyperspectral scanner developed by 
SenSyTech Imaging Group (formerly Daedalus Enter- 
prises) for the CNR (Consiglio National Researche) 
of Italy is a line scanner imaging spectrometer. The 
optical schematic is shown in Figure 8. A rotating 45° 
mirror scans a line of pixels on the ground. Each pixel 
is collimated by a parabolic mirror in a Gregorian 
telescope mount. The collimated beam is reflected by 
a Pfund assembly to an optical bench that houses four 
spectrometers. An aperture pinhole in the Pfund 
assembly defines a common instantaneous field of 
view for each pixel. The collimated beam is then split 
off with either thin metallic coated or dielectric 


Table 3 LAFS technical specifications 


Spatial resolution 
Spatial coverage 
Focus range 
Spectral resolution 
Spectral range 
Dynamic range 


5’ to infinity 


400-1100 nm 
8 bit (1 part in 256) 


coated dichroics to four spectrometers. The thin 
metallic mirrors reflect long wavelengths and trans- 
mit short wavelengths. The multiple dielectric layers 
cause interference such that light is reflected at short 
wavelengths and transmitted at long wavelengths. 
After splitting off four wide bands (visible, near 
infrared, mid-wave infrared, and thermal infrared) 
each band is dispersed in its own spectrometers. 

The wavelength coverage for each spectrometer is 
based on the wavelength sensitivity of different 
photodetector arrays. The visible spectrometer uses 
a silicon photodiode array; the near infrared spec- 
trometer, an InGaAs array, the mid-infrared a InSb 
array and the thermal infrared, a MCT (mercury 
doped cadmium teluride) photo-conductor array. 
Note the beam expander in spectrometer 3 for the 


1.0 mrad IFOV vertical and horizontal (square pixels). Optical lens for 0.5 mrad IFOV 
15° TFOV horizontal, nominal. A second, 7.5° TFOV, is an option 


5.0 nm per spectral channel, sampled at 2.5 nm interval 


Illumination Solar illumination ranging from 10:00 a.m. to 2:00 p.m. under overcast conditions to full noon sunshine 
Acquisition time 1.5 sec for standard illuminations. Option for longer times for low light level conditions 

Viewfinder Near real time video view of the scene 

Calibrations Flat fielding to compensate for CCD variations in responsivity. Special calibration 


Data displays 
Single pixel spectral display 

Data format 

Data storage 





Single band imagery, selectable Waterfall Chart (one spatial line by spectral, as acquired by the CCD). 


Convertible to format compatible with image processors 
Replaceable hard disc, 14 data cubes/disk 
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Figure 9 LAFS system block diagram. 
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will match the 50 Q source to the 10 (2 HSMS-286C diodes (and load) series resistance at -30 dBm 
input. Since the HSMS-286C diodes inherently provides 503 Q series capacitive impedance at 
—30 dBm, a resultant series inductive impedance of 523 Q (192 nH at 434 MHz) is needed to tune the 
50 Q resistive source to the complete HSMS-286C diodes impedance at 434 MHz for -30 dBm input. 
The L-matched HSMS-286C diodes rectifier is as shown in Figure 5(a). 


Figure 5. (a) L-match RF to DC harvester using the HSMS-286C diodes at 434 MHz for 
—30 dBm input. (b) Small signal impedance model of a generalized L-matched RF to DC 
power converter as capacitive coupled series RLC resonator with different resonator elements. 
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induced 
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Cx is the tuning capacitance, L; is the tuning inductance, Xz, is the tuning inductive impedance, Cps 
is the diodes series capacitance, Xps is the diodes series capacitive impedance, Vs is the antenna 
captured ambient EM voltage, R, is the resistance of antenna, L, is the inductance of antenna, C, is the 
capacitance of antenna, R; is the resultant series resistance from the diodes and the connected load 
resistance, Vz; is the resistive load voltage. From Figure 5(a) the power dissipated in the resistance of 
the diodes (and connected load); Pr is given by Equation (9), where Ry is the series resistance of the 
diodes and load: 


i (9) 


The source power; Ps is given by Equation (10), where Vs* is the root mean squared (RMS) 
antenna captured source voltage. Half of the source power is transferred to the resistance of the diodes 
(and connected load) at match conditions as described by the maximum power transfer theorem: 

2 


V 5 
A A 


2 





(10) 
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mid-infrared (IR). Since wavelength resolution 
increases with the size of the illuminated area of a 
diffraction grating a beam expander was needed to 
meet the specified mid-IR resolution. 

The physical characteristics of MIVIS are given in 

and the spectral coverage in Table 2. 

An example of a push broom imaging spectrometer 
is the large area fast spectrometer (LAFS), which is a 
field portable, tripod mounted, imaging spectrometer. 
LAFS uses a push broom spectrometer with a 
galvanometer driven mirror in front of the entrance 
slit. The mirror is stepped to acquire a 2D image 
X 256 spectral bands data cube. 

LAFS was developed for the US Marine Corps 
under the direction of the US Navy Coastal Systems 
Station of the Dahlgren Division. The technical 
specifications are shown in 3. Various concepts 
for the imaging spectrometer were studied and the 


only concept that could meet the above specification 
was a Littrow configuration grating spectrometer that 
imaged one line in the scene and dispersed the spectra 
perpendicular to the line image onto a CCD array. A 
galvanometer mirror stepped the line image over the 
scene to generate a spectral image of the scene. A 
block diagram of LAFS is shown in and a 
photograph of the prototype in is 
a photograph of the optical head. Data from a single 
frame are stored in computer (RAM) memory then 
transferred to a replaceable hard disk for bulk 
storage. Data are collected in a series of 256 CCD 
frames and each CCD frame has a line of 256 pixels 
along one axis and 256 spectral samples along the 
second axis. The 256 CCD frames constitute a data 
cube as shown in F . This does not allow field 


viewing of an image in a single spectral band. Earth 
View™ 


software is used in the field portable computer 





Figure 10 LAFS. 
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Figure 11 LAFS optical head. 


"Water fall’ chart 
from a single 
camera frame 





256 Horizontal spatial voxels 
generated trom 256 


Images data cube, camera frames 


256 x 256 spatial 
by 256 spectral voxels 


Each data cube has 
256 images of a scene. 
one for each of the 
256 spectral bands 


Single spectral 
band image display 





Figure 12 Arrangement of image memory and construction of image displays. 
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Table 4 LAFS physical properties 





Dimensions and weight Size (inches) weight (Ibs) 
Optical head 7X9X8 11 
Electronics 12x 15.5x 9 30 
Battery 4.5x 16.5x2 7 

48 + cables 


Power: Less than 150W at 12 VDC; Battery time — 45 min/ 
charge. 


to reorder the data cube into 256 spatial images, one 
for each spectral band as shown in Figure 12. 

The prototype is packaged in two chassis, a com- 
pact optical head and a portable electronic chassis. 
The size, weight, and power are shown in Table 4. 

LAFS was designed to also work as an airborne 
imaging spectrometer. The framing mirror can be 
locked so it views a scene directly below the aircraft 
(push broom mode) or the mirror can be programmed 
to sweep a 256 lines cross track to the aircraft flight 
path (whisk broom mode). In the whisk broom mode, 
the scan mirror rotation arc can be increased for a 
wider field of view than in the push broom mode. 
LAFS illustrates the decrease in size, weight, and 
power of a push broom imaging spectrometer that 
results from a 256 X 256 pixel array rather than 
single pixel line arrays of a line scanner. The array 
increases integration time of a line by a factor of 
256, which allows longer detector integration 
dwell time on each pixel and thus smaller light 
collecting optics. 


List of Units and Nomenclature 


Multiple images of a scene in many 
spectral bands. The spectra of each 
pixel can be obtained by plotting 
the spectral value on the same pixel 
in each spectral band image. 

An image point (or small area) 
defined by the instantaneous-field- 
of-view of either the optics, entrance 
aperture or slit, and the detector 
area, or by some combination of 
these components. A pixel is the 
smallest element in a scene that is 
resolved by the imaging system. 
The IFOV is used in describing 
scanners to define the size of the 
smallest field-of-view (usually in 
milliradians or microradians) that 
be resolved by a scanner system. 
The total size in angular dimensions 
of a scanner or imager. 


Data cube 


Pixel 


Instantaneous- 
field-of-view 
(IFOV) 


Field-of-view 


Hyperspectral A data cube with many (>48) 
spectral bands. 

An optical/mechanical system that 
scans one pixel at a time along a 
line of a scene. 

An optical/mechanical system that 
scans two or more lines at a time. 
An optical system that images a 
complete line at a time. 


Line scanners 


Whisk broom 


Push broom 


See also 


Diffraction: Diffraction Gratings; Fraunhofer Diffraction. 
Fiber Gratings. Geometrical Optics: Prisms. Imaging: 
Hyperspectral Imaging; Interferometric Imaging. Inter- 
ferometry: Overview. Modulators: Acousto-Optics. Opti- 
cal Materials: Color Filters and Absorption Glasses. 
Semiconductor Materials: Dilute Magnetic Semiconduc- 
tors; Group IV Semiconductors, Si/SiGe; Large Gap II-VI 
Semiconductors; Modulation Spectroscopy of Semicon- 
ductors and Semiconductor Microstructures. Spec- 
troscopy: Fourier Transform Spectroscopy; Raman 
Spectroscopy. 
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Introduction 


In a broad sense, telescopes are optical instruments 
which provide an observer with an improved view of 
a distant object, where improved may be defined in 
terms of magnification, angular resolution, and light 
collecting power. Historically, the invention of the 
telescope was a breakthrough with an enormous 
impact on fundamental sciences (physics, astron- 
omy), and, as a direct consequence, on philosophy; 
but also on other technological, economical, political, 
and military developments. It seems that the first 
refractive telescopes were built in the Netherlands 
near the end of the sixteenth century by Jan 
Lipperhey, Jakob Metius, and Zacharias Janssen. 
Based on reports of those first instruments, Galileo 
Galilei built his first telescope, which was later named 
after him, and made his famous astronomical 
observations of sunspots, the phases of Venus, 
Jupiter’s moons, the rings of Saturn, and his discovery 
of the nature of the Milky Way as an assembly of very 
many stars. The so-called astronomical telescope was 
invented by Johannes Kepler, who in 1611 also 
published in Dioptrice the theory of this telescope. 
The disturbing effects of spherical and chromatic 
aberrations were soon realized by astronomers, 
opticians, and other users, but it was not before 
Moor Hall (1792) and John Dollond (1758) that at 


Torr MR, Baselow RW and Mounti J (1983) An imaging 
spectrometric observatory for spacelab. Astrophys. 
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Large Area Fast Spectrometer. Proceedings of the Inter- 
national Symposium on Spectral Sensing Research. 


least the latter flaw was corrected for by introducing 
the achromat. Later, the achromat was significantly 
improved by Peter Dollond, Jesse Ramsden, and 
Josef Fraunhofer. The catadioptric telescope was 
probably introduced by Lenhard Digges (1571) or 
Nicolas Zucchius (1608). In 1671, Sir Isaac 
Newton was the first to use a reflector for astronom- 
ical observations. Wilhelm Herschel improved this 
technique and began in 1766 to build much 
larger telescopes with mirror diameters up to 
1.22 m. When, in the nineteenth century, the conven- 
tional metal mirror was replaced by glass, it was 
Léon Foucauld (1819-1868) who applied a 
silver coating in order to improve the reflectivity of 
its surface. 

Modern refractors can be built with superb apo- 
chromatic corrections, and astronomical reflectors 
have advanced to mirror diameters of up to 8.4m 
(monolithic mirror), and 10 m (segmented mirror). 

While the classical definition of a telescope involves 
an observer, i.e., the eye, in modern times often 
electronic detectors have replaced human vision. In 
the following, we will, therefore, use a more general 
definition of a telescope as an optical instrument, 
whose purpose is to image a distant object, either in a 
real focal plane, or in an afocal projection for the 
observation by eye. 


Basic Imaging Theory 


In the most simple case, a telescope may be 
constructed from a single lens or a single mirror, 
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creating a real focal plane. Let us, therefore, 
introduce some basic principles of imaging using 
optical elements with spherical surfaces. 


Refraction at a Spherical Surface 


Figure 1 shows an example of refraction at a 
spherical surface. A ray emerging from object O 
hits the surface between two media of refractive index 
nand 7 at point P. After refraction, the ray continues 
at a deflected angle e’ towards the normal and 
intersects the optical axis at point O’. In the ideal 
case, all rays emerging from O at different angles o 
are collected in O', thus forming a real image of 
object point O in O’. In the paraxial approximation, 
we have sin 0 = tan 0 = o, and p ~ O. In triangle (O, 
O’, P): o' —-a=i-i'. Using Snell’s law ni=n'i', 
we obtain: 

won 


[1] 


! . 
GO —O=1 
n 


Since ¢ = o! + i’, and in the paraxial approximation: 








a'n' — on= dnl — n) [2] 
, nt : n (n' —n) [3] 


we obtain finally: 





For an object at infinity, where s = 00, s’ becomes the 
focal distance f': 








Lenses 


Combining two or more refractive surfaces, as in the 
preceding section, allows us to describe a single lens 
or more complex optical systems with several lenses 
in series. For a single lens in air, we just give the lens 
equation (without deriving it in detail): 


1 ro[nr, — (n — 1)d] 


/ i 
a ears ee a 


[6] 





where d is the lens thickness, measured between the 

vertices of its surfaces, 71, 72 are the radii of the 

surfaces, 1 the index of refraction of the lens material, 

and s5(F’) the distance of the object image from the 

vertex of the last surface, facing the focal plane. 
The back focal distance is given by: 


1 N11 


n-1 (n-1)d+n(7 - 11) 7] 








An important special case is where the lens thickness 
is small compared to the radii of the lens surfaces, i.e., 
when d <r, — 7;|. In this case we can neglect the 
term of (7 — 1)d and write: 


1 1112 
n—1 (1%, — 11) 


LS [8] 





Reflection at a Spherical Surface 


Let us now consider the other simple case of imaging 
object O into O’ by reflection from the concave 
spherical surface, as depicted in Figure 2. In the 
paraxial case, we have: 

a= y/s, a’ = y/s\, 


i=¢-a, 


p= ylr 


[9] 


i' =o - <0’, 





Figure 1 


Refraction at a spherical surface between media with refractive indices n and n’. 
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With i = —i', we obtain: the focal length of the telescope, we therefore have: 
A 
a ee 110] tan 6= = [12] 
ss 


Again, with s = 00, the focal length becomes: 


/ r 
ica > [11] 
In what follows, we will now assume that the distance 
of the object is always large (00), which, in general, is 
the situation when a telescope is employed. The 
image is formed at a surface defined by O’, ideally 
a focal plane (paraxial case). We will consider 
deviations from the ideal case below. 


Simple Telescopes 


As we have observed above, a telescope is in principle 
nothing but an optical system, which images an object 
at infinity. In the most simple case, a lens with positive 
power or a concave mirror will satisfy this condition. 
The principle of a refractor and a reflecting telescope 
is shown in Figures 3 and 4. In both cases, parallel 
light coming from the distant object is entering 
through the entrance pupil, experiences refraction 
(reflection) at the lens (mirror), respectively, and is 
converging to form a real image in the focal plane. 
Two point sources, for example two stars in the 
sky, separated by an angle 6, will be imaged in the 
focal plane as two spots with separation Ay. When fis 









Objective 


The so-called plate scale m of the telescope in units 
of arcsec/mm is given by: 


m = 3600 ian 
f 
In the case of the refractor, we have also shown an 
eyepiece, illustrating that historically the instrument 
was invented to enhance the human vision. The eye is 
located at the position of the exit pupil, thus receiving 
parallel light, ie., observing an object at infinity, 
however (i) with a flux which is increased by a factor 
A, given by the ratio of the area of the telescope 
aperture with diameter D to the area of the eye’s pupil 
d with A = (D/d)’, and (ii) with a magnification M of 
the apparent angle between two separate objects at 
infinity, which is given by the ratio of the focal lengths 
of the objective and the eyepiece: 


_ fois 
foal 


The magnification can also be expressed as the ratio 
of the diameters of the exit pupil and the entrance 


pupil: 


[13] 


(f in mm) 


r 





[14] 


p= Despup 


D soup 
The first astronomical telescopes with mirrors were 
equipped with an eyepiece for visual observation. The 
example in Figure 4 shows a configuration which is 
more common nowadays for professional astronom- 
ical observations, using a direct imaging detector 
in the focal plane (photographic plate, electronic 
camera). 


[15] 


Aberrations 


Reflector Surfaces 


We shall now study the behavior of a real telescope 
beyond the ideal in the case of a reflector. Figure 5 
shows the situation of a mirror, imaging an on-axis 


Exit 
pupil 





Focal plane 





Figure 3 Refractor, astronomical telescope for visual observations with eyepiece (Kepler telescope). 
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Focal plane Mirror 


Figure 4 Reflector, astronomical telescope with prime focus 
imager. 





Figure 5 


Imaging an object at infinity with reflector. 


object at infinity into focus at point O'. With Fermat’s 
principle, the optical paths of all rays forming the 
image must have identical length /. For all 7, we must 
satisfy: 


ZAf=l [16] 
From the geometry in Figure 5, we find also: 
W+F-Zy=P [17] 


Combining eqns [16] and [17], we obtain the 
equation for a surface which satisfies the condition 
for perfect on-axis imaging: 


y = -4fe [18] 


Obviously only a paraboloid is capable of fulfilling 
the condition for all rays parallel to the optical axis at 
whatever separation y. Also, we see that spherical 
mirrors are less than ideal imagers: rays at increasing 
distance y from the axis will suffer from increasing 
path length differences. The effect is called spherical 
aberration. We will investigate aberrations more 
quantitatively further below. 

Elementary axisymmetrical surfaces can be 
expressed as follows, with parameter C being the 


conic constant: 
y —2Rz+(14+Oz* =0 


and the following characteristics: 


[19] 


C>0 ellipsoidal, prolate 
C=0 spherical 
-1<C<0 ellipsoidal, oblate 
C=-1 paraboloidal 
C<-1 hyperboloidal 


Let us now leave the paraxial approximation and 
determine the focal length of rays which are parallel 
to, but further away at a distance y from the optical 
axis. Figure 5 shows the relevant geometrical 
relations. The intersection of the reflected ray with 
the optical axis at distance f from the vertex can be 
found from: 








f=z+(f -—2z) where oa =tan(2i) [20] 
We use the slope of the tangent in point P: 
dz ; 
a = tani [21] 
differentiate eqn [19] to get: 
dz y 
= 22 
dy R-(+0QOz ce 
use the trigonometrical relation: 
2tand 
26 = ————_ 2 
tan 26 = 7 — ents [23] 
and substitute for tan(2i) in eqn [20] to obtain: 
R (1-Qxz y 
= | 24 
f=3 2 W-d+opn 4 


In order to express eqn [24] solely in terms of y, we 
rewrite eqn [19]: 


__ R ne a 
z i 1 F a+] [25] 


Expanding z in a series and neglecting any orders 
higher than 6: 





4 y? 


16R° 


y y 3 
a 224 =o 
z aR t | + Chora + C) 





[26] 
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Paraxial 
focal plane 


Figure 6 Transverse spherical aberration. 


we obtain finally: 


ee eae 
2  4R 








(14+ O€(3+ 0) i 


f 16R? 


[27] 


Transverse Spherical Aberration 


Obviously, for any C # —1, rays of different distance 
y to the optical axis are focused at different focal 
lengths f (spherical aberration). The net effect for a 
distant point source is that the image is blurred, 
rather than forming a sharp spot. The lateral 
deviation of nonparaxial rays intersecting the nom- 
inal focal plane at fo =R/2 is described by the 
transverse spherical aberration A;, (Figure 6): 








y 
Arz.gph = Fazio a a! [28] 
Using eqns [19] and [27], one obtains: 
iO 2. SA OGG 
Abr sph me y SRI y a [29] 


Angular Spherical Aberration 


It is sometimes more convenient to consider the 
angular spherical aberration, since a telescope is 
naturally measuring angles between objects at infin- 
ity. To this end, we compare an arbitrary reflector 
surface according to eqn [19] with a reference 
paraboloid, which is known to be free of on-axis 
spherical aberration (Figure 7). For any given ray, we 
observe how the reflected ray under study is tilted 





Optical axis 











Optical axis 





Figure 7 Angular aberration determined with reference to a 
paraboloid. 


towards the reference ray, which would be reflected 
from the ideal surface of the paraboloid. While the 
former is measured under an exit angle of 27 towards 
the optical axis (see Figure 5), we designate the latter 
2i,. The angular spherical aberration is defined as the 
difference of these two angles: 





Aangsph = 2i — 2ip = 2(i — ip) [30] 


Again, we can use the slope of the tangent to 
determine the change of angles i— i,: 
dz dz, 


d 
Ang sph a $ dy aay Az [31] 


It is, therefore, sufficient to consider the difference 
in z between the surface under study and the 
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reference paraboloid. From eqn [26], we obtain as an 
approximation to third order: 


3 


Argue aphh = -(1 at O35 [32] 


Aberrations in the Field 


Since the use of a telescope exclusively on-axis would 
be somewhat limited, let us finally investigate the 
behavior under oblique illumination, i.e., when an 
object at infinity is observed under an angle © towards 
the optical axis of the system. This will allow us to 
assess aberrations in the field. For simplicity, we are 
considering a paraboloid, remembering that on-axis 
the system is free of spherical aberration. Again, we are 
employing an imaginary reference paraboloid which is 
pointing on-axis towards the object at angle © 
(Figure 8). Its coordinate system (O’, z’, y’) is displaced 
and tilted with regard to the system under study 
(O, z, y). One can show that the offset Az, which is used 
to derive the angular aberration in the same way as 
above, is given by: 








3 2@2 
_, x9 yO 3 
2Az a R2 + ay R + 4a3y0 [33] 
The angular aberration in the field is then: 
2 2 
(2) 2) 
Pike = 3a, oe + 2a = + a,0° [34] 
The coefficients are called: 
a1: coma 
a): astigmatism 
a3. distortion 
4 
y 











Figure 8 Aberration in the field, oblique rays. 


Chromatic Aberration 


So far we have only considered optical aberrations of 
reflecting telescopes. Spherical aberration in the case 
of a lens is treated in analogous ways and will not be 
discussed again. However, the wavelength depen- 
dence of the index of refraction in optical media 
(dispersion) is an important factor and gives rise to 
chromatic aberrations which are only encountered in 
refractive optical systems. We can distinguish two 
principal effects in the paraxial approximation: 
(i) longitudinal chromatic aberration, resulting in 
different axial image positions as a function of 
wavelength; and (ii) lateral chromatic aberration, 
which can be understood as an aberration of the 
principal ray as a function of wavelength, leading toa 
varying magnification as a function of wavelength 
(plate scale in the case of a telescope). 

As an example, let us determine the wavelength 
dependence of the focal length of a single thin lens. 
Opticians are conventionally using discrete wave- 
lengths of spectral line lamps of different chemical 
elements, e.g., the Mercury e line at 546.1 nm, 
Cadmium F’ 480.0 nm, or Cadmium C’ 643.8 nm, 
covering more or less the visual wavelength range of 
the human eye. Differentiation of eqn [8] yields for 
the wavelength of e: 








f ' 1 "112 
35 
du (n, —- 1)? 12-14 [35] 
Substituting 
18 = fin, - 1) [36] 
1%] 1 
we get: 
en | [37] 
ne 1 


Replacing the differential by the differences 
Af’ = ee = Fei and An = fpr — Ac, then: 


np — No 








ao [38] 


ne—1 V, 


fits 
v. is called Abbe’s Number: 


n.—1 


[39] 


Ve —. (= 
Np! — Nc! 


It is a tabulated characteristic value of dispersion 
for any kind of glass and allows one to quickly 
estimate the difference in focal length at the 
extreme wavelengths F’ and C’ when the nominal 
focal length of a lens is known as e. 
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Angular Resolution 


In the previous sections, we have exclusively 
employed geometrical optics for the description of 
telescope properties. With geometrical optics and in 
the absence of aberrations, there is no limit to the 
angular resolution of a telescope, i.e., there is no 
limiting separation angle Sj, below which two 
distant point sources can no longer be resolved. 
However, real optical systems experience diffraction, 
leading to the finite width of the image of a point 
source (Airy disk), whose normalized intensity 
distribution in the focal plane as a function of radius 
7 from the centroid for the case of a circular aperture 
of diameter D can be conveniently described by a 
Bessell function (A: wavelength, f’: focal length of the 
objective): 


10) _[ Bo) 


2 
2 ' where p= —— 


The intensity distribution is plotted in Figure 9. The 
first four minima of the diffraction ring pattern are 
listed in Table 1. Two point sources are defined to be 
at the resolution limit of the telescope when the 
maximum of one diffraction pattern happens to 
coincide with just the first diffraction minimum of 
the other one (Figure 9, right). As a rule of thumb, the 
angular resolution is of a telescope with diameter D is 





Figure 9 Left: radial intensity distribution of diffraction pattern 
(Airy disk). Right: two overlapping point source images with same 
intensity at limiting angular separation 6. 





Table 1 Diffraction minima of airy disk 

n Vn r'D/2f'» 
1 3.83 0.61 

2 7.02 1.12 

3 10.2 1.62 

4 13.3 2.12 


given by: 





[41] 


the latter in units of arcsec for a wavelength of 
550 nm and D in mm. 


Types of Telescopes 


There are very many different types of telescopes 
which were developed for different purposes. In order 
to obtain an impression, we will only briefly 
introduce a nonexhaustive selection of refractors 
and reflectors, which by no means is representative 
of the whole. For a more complete overview, the 
reader is referred to the literature. 


Refractor Objectives 


Refractors are first of all characterized by their 
objectives. Figure 10 shows a sequence of lenses, 
indicating the progress of lens design developments 
from left to right. All lenses are groups 2 or 3, designed 
to compensate for chromatic aberration through 
optimized combinations of crown and flint glasses. 
The first lens is a classical C achromat, e.g., using BK7 
and SF2 glass, which is essentially the design which 
was introduced by Hall and Dollond. It is still a useful 
objective for small telescopes, where a residual 
chromatic aberration is tolerable. The second lens is 
the Fraunhofer E type, which is characterized by an air 
gap between the two lenses (BK7, F2), which helps to 
optimize the image quality of the system, reducing 
spherical aberration and coma. As a disadvantage, the 
two additional glass—air interfaces lead to ghost 
images (reflected light) and Fresnell losses. The 
objective is critical with regard to the alignment of 
tip and tilt. The third example is an improved AS type 
achromat (KzF2, BK7), which is similar to the E type in 
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Figure 10 Different types of refractor objectives, from left to 
right: classical C achromat, Fraunhofer E achromat with air gap, 


AS achromat, APQ apochromat. 
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Equating P; and half RMS Ps gives a condition of maximum voltage gain for the matched RF to DC 
power converter shown in Figure 5(a): 


1 
Vs BAR, i) 


From Equation (8), substituting the series and parallel resistance ratio into Equation (11) the voltage 
gain can be expressed in terms of the loaded quality factor as in Equations (12) and (13), where Q is 
the loaded quality factor of the RF to DC power converter: 








1 1 
Vy OVO (12) 
Equation (12) is the voltage gain in-terms of the loaded Q if the resistance of the diodes (and 
connected load) is part of the series matching network and the resistance of the antenna source is part 
of the parallel matching network as in Figure 5(a). If the resistance of the diodes is part of the parallel 
matching network, then Equation (13) may be written as the voltage gain in-terms of the loaded Q in 
an L-matched circuit: 





V, 1 
poe (13) 
Equations (12) and (13) shows that the maximum voltage gain is directly related to the relative 
differences between the diodes (and connected load) resistance and source resistance at matched 
conditions or the circuit loaded quality factor. It is interesting to note that the circuit shown in Figure 5(a) 
has a loaded Q of 2, but an HSMS-286C unloaded quality factor of 50 (at 434 MHz for —30 dBm). 
Figure 5(a) is generally modeled as capacitive coupling of two series RLC resonators with a voltage 
source. This linearized model can be made at any defined frequency and power level. The model 
however neglects the metal/semiconductor physics of the diode’s junction potentials which results 
in a Schottky barrier. The first series RLC resonator is modeled as impedance from the antenna with 
or without some passive matching components. The voltage source Vs, is the antenna captured 
electromagnetic voltage. The second series RLC resonator is the impedance from the diodes (at a 
defined condition), connected resistance and some passive matching components. Ck is modeled as the 
coupling element between the two series RLC resonators. Figure 5(b) gives a more general look 
at the special scenario shown in Figure 5(a). The voltage equations in the two loops are given by 
Equations (14,15) according to Kirchhoff’s voltage loop laws, where @ is the angular frequency and 
I,, In are the currents in the first loop and second loop, respectively: 








; J J JL, 
Ve = £|R, + jal 
s | 4 + J@by, aC, | oC, (14) 
0= ahs + 1,|R, + jal, J J (15) 
OC, One OC, 


Using Cramers rule, /> can be expressed as: 
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that it also possesses an air gap, however with an 
improved chromatic aberration correction in com- 
parison to the Fraunhofer objective. The lenses show a 
more pronounced curvature and are more difficult to 
manufacture. The beneficial use of KzF2 glass is an 
example of the successful research for the develop- 
ment of new optical media, which was pursued near 
the end of the nineteenth century in a collaboration 
between Otto Schott and Ernst Abbé. The last 
example is a triplet, employing ZK2, CaF2, and 
ZK2. This APQ type of objective is an apochromat, 
whose chromatic aberration vanishes at 3 wave- 
lengths. It is peculiar for its use of a crystal (calcium 
fluoride, CaF) as the optical medium of the central 
lens. The manufacture of the CaF; lens is critical and 
expensive, but it provides for an excellent correction of 
chromatic and spherical aberration of this high quality 
objective. The triplet is also difficult to manufacture 
because of the coefficient of thermal expansion, which 
is roughly different by a factor of two between CaF) 
and the glass. In order to avoid disrupture of the 
cemented lens group, some manufacturers have used 
oil immersion to connect the triplet. Since CaF, not 
only has excellent dispersion properties to correct for 
chromatic aberration, but also exhibits an excellent 
transmission beyond the visual wavelength regime, 
this type of lens is particularly useful for applications 
in the blue and UV. 

Finally, Figure 11 shows the complete layout of an 
astrograph, which is a telescope for use with photo- 
graphic plates. The introduction of this type of 
instrument meant an important enhancement of 
astrophysical research by making available a signifi- 
cantly more efficient method, compared to the 
traditional visual observation of individual stars, one 
by one. Using photographic plates, it became possible 
to measure position and brightness of hundreds and 
thousands of stars, when previously one could 
investigate tens. Typical astrographs were built with 
apertures between 60 and 400 mm, anda field-of-view 
as large as 15 degrees. Despite the growing importance 
of space-based observatories for astrometry, some 
astrographs are still in use today. 


Basic Oculars 


While the general characteristics of a refractor are 
dominated by the objective, the eyepiece nevertheless 








Figure 11 Astrograph. 


plays an important role for the final appearance to the 
observer, with an effect on magnification, image 
quality, chromatism, field of view, and other proper- 
ties of the entire system. From a large variety of 
different ocular types, let us briefly consider a few 
simple examples. 

The first eyepiece in Figure 12 is the one of the 
Kepler telescope, which was already introduced in 
Figure 3. It has a quite simple layout with a single lens 
of positive power. The lens is located after the 
telescope focal plane at a distance which is equal to 
the ocular focal length foc. The telescope and the 
ocular focal planes are coinciding, and as a result, the 
outcoming beam is collimated, forming the system 
exit pupil after a distance foc. This is where ideally the 
observer’s eye is located. The focal plane is creating a 
real image, which is a convenient location for a 
reticle. The Kepler telescope is, therefore, a good 
tool for measurement and alignment purposes. 
We note that the image is inverted, which is relatively 
unimportant for a measuring telescope and astron- 
omy, but very annoying for terrestrial use. 


Kepler 
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Figure 12 Elementary eyepieces after Kepler, 
Huygens, and Ramdsen. 


Galilei, 
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This latter property has been avoided in the next 
example, which is the ocular of the Galilean 
telescope, which was built by Galileo and used for 
his famous observations of planets and moons in the 
solar system. It uses a single lens, but contrary to the 
Kepler type with negative power. The lens is located 
in the telescope beam in front of the focal plane of the 
objective, which means that the exit pupil is virtual 
and not accessible to the observer (indicated by 
dotted lines in Figure 12). The overall length of the 
telescope is somewhat shorter than Kepler’s, however 
at the expense of the lack of a real focal plane, so no 
reticle can be applied. 

The third example is the 2-lens-ocular of Christian 
Huygens, who was able to prove with his design that 
it is possible to correct paraxially the lateral 
chromatic aberration. The eyepiece is still being 
built today. 

Another elementary ocular is shown in Figure 12, 
which is the eyepiece after Ramsden. This system is 
also corrected for lateral chromatic aberration. The 
real image is formed on the front surface of the second 
lens, providing a location for a reticle or a scale for 
measuring purposes. The exit pupil is interior to the 
ocular. In addition to these selected basic types, there 
are many more advanced multilens oculars in use 
today, with excellent correction and large field of 
view (up to 60°). 


Reflectors 


Let us now describe several basic types of reflectors 
(see Figure 13). The first example is the Newton 
reflector, which uses a flat folding mirror to create an 
accessible exterior focus. It is conceptually simple and 
still in use today for amateur astronomy. When the 
main mirror is a paraboloid, the spherical aberration 
is corrected on the axis of the system. 

The second example represents an important 
improvement over the simple 1-mirror design of 
Newton’s telescope, in that the combination of a 
parabolic first mirror (main mirror, M1) with a 
hyperbolic secondary mirror (M2) eliminates spheri- 
cal aberration, but not astigmatism and coma. The 
Cassegrain telescope has a curved focal surface which 
is located behind the primary mirror. Due to the onset 
of coma and astigmatism, the telescope has a modest 
useful field-of-view. Besides the correction properties, 
the system has significant advantages in terms of 
mechanical size and weight, playing an important role 
for the construction of large telescopes. The basic type 
of this design has practically dominated the construc- 
tion of the classical large astronomical telescopes with 
M1 diameters of up to 5 m, and, more recently, the 
modern 8-10 m class telescopes. On the practical 































































































Figure 13 Reflectors, from top to bottom: Newton, Cassegrain, 
Gregory, Schmidt. 


side, the external focus of the Cassegrain on the 
bottom of the mirror support cell is a convenient 
location for mounting focal plane instruments (e.g., 
CCD cameras, spectrographs, and others). 

The more common variant of the Cassegrain type, 
which was actually used for the design of these 
telescopes, is the layout of Ritchey (1864-1945) and 
Cretien (1879-1956), which combines two hyper- 
bolic mirrors for M1 and M2 (RCC), but otherwise 
has the same appearance as the Cassegrain. Besides 
spherical aberration, it also corrects for coma, giving 
a useful field-of-view of up to 1°. Like in the case of 
the Cassegrain telescope, the RCC exhibits some 
curvature of the focal plane. 
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Our third example is the Gregory reflector, which 
also is a 2-mirror system, however with a concave 
elliptical secondary mirror. The correction of this 
telescope is similar, but somewhat inferior to the one 
of the Cassegrain. The use of a concave M2 is 
advantageous for manufacture and testing. Never- 
theless, the excessive length of the system has 
precluded the use of this layout for large astronomical 
telescopes, except for stationary beams, for example, 
in solar observatories. 

The last example is the design put forward by 
Bernhard Schmidt (1879-1935) who wanted to 
create a telescope with an extremely wide field-of- 
view. The first telescope of his new type achieved a 
field-of-view of 16° — something which had not been 
feasible with previous techniques. The basic idea is to 
use a fast spherical mirror, and to correct for spherical 
aberration by means of an aspherical corrector plate 
in front of the mirror, which also forms the entrance 
pupil of the telescope. The focal surface is strongly 
curved, making it necessary to employ a detector with 
the same radius of curvature (bent photographic 
plates), or to compensate the curvature by means 
of a field lens immediately in front of the focus. 








Figure 14 


The presence of the corrector plate and, if used, the 
field flattener, gives rise to significant chromatism. 
Nevertheless, the Schmidt telescope was a very 
successful design and dominated wide-angle survey 
work in astronomy for many decades. 


Applications 


General Purpose Telescopes 


According to the original meaning of the Greek 
‘tele-skopein’, the common conception of the tele- 
scope is the one of an optical instrument, which 
provides an enlarged view of distant objects. In 
addition, a large telescope aperture, compared to the 
eye, improves night vision and observations with 
poorly illuminated scenes. There are numerous appli- 
cations in nautical, security, military, hunting, and 
other professional areas. For all of these applications, 
an intuitive vision is important, essentially ruling out 
the classical astronomical telescope (Kepler telescope, 
see Figure 3), which produces an inverted image. 

Binoculars with Porro prisms are among the most 
popular instruments with upright vision, presenting a 
compact outline due to the folded beam geometry 
(Figure 14), but also single tube telescopes with 
re-imaging oculars are sometimes used. 


Metrology 


As we have realized in the introduction, telescopes are 
instruments which perform a transformation from 
angle of incidence in the aperture to distances from 
the origin in the focal plane. If the focal length of the 
objective is taken sufficiently long, and a high-quality 
eyepiece is used, very small angles down to the arcsec 
regime can be visually observed. Telescopes are, 
therefore, ideal tools to measure angles to very high 
precision. 

In Figure 15 we see a pair of telescopes, facing each 
other, where one instrument is equipped with a light 
source, and the other one is used to observe the first 
one. The first telescope is also called a collimator. It 
possesses a lamp, a condensor system, a focal plane 
mask (usually a pinhole, a crosshair, or some other 
useful pattern imprinted on a transparent plate), and 
the telescope objective. The focal plane mask is 
projected to infinity. It can thus be observed with the 











Figure 15 Collimator and telescope. 
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measuring telescope, such that an image of the 
collimator mask appears in the telescope focal plane. 
Also the telescope is equipped with a mask in its focal 
plane, usually with a precision scale or another pattern 
for convenient alignment with the collimator mask. If 
now the collimator is tilted by a small angle 6 against 
the optical axis of the telescope, the angle of incidence 
in the measuring telescope changes by this same 
amount, giving rise to a shift of the image by Ax = f 
tan 6. Note that the measurement is completely 
insensitive to parallel shifts between the telescope 
and the collimator, since it is parallel light which is 
transmitted between the two instruments. 





Figure 16 Autocollimator. 





Figure 17 


Another special device, which combines the former 
two instruments into one, is the Autocollimator. The 
optical principle is shown in Figure 16: in principle, 
the autocollimator is identical to a measuring 
telescope, except that a beamsplitter is inserted 
between the focal plane and the objective. The 
beamsplitter is used to inject light from the same 
kind of light source device as in the normal 
collimator. The axis of the folded light source beam 
and of the illuminated collimator mask are aligned to 
match the focal plane mask of the telescope section: 
the optical axis of the emerging beam is identical 
to the optical axis of the telescope. Under this 
condition, the reflected light from a test object will 
be exactly centered on the telescope focal plane mask, 
when it is perfectly aligned to normal incidence. 
Normally, a high-quality mirror is attached to the 
device under study, but sometimes also the test object 
itself possesses a plane surface of optical quality, 
which can be used for the measurement. 

Figure 17 shows schematically an example for such 
a measurement, where a mirror is mounted on a 
linear stage carriage for the purpose of measuring 
the flexure of the stage to very high precision. 
With a typical length of ~1m, this task is not 
a trivial problem for a mechanical measurement. 


Using an autocollimator to measuring the flexure of a linear stage. 
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Figure 18 The 80cm + 60cm ‘Great Refractor’ at the Astrophysical Observatory Potsdam. The correction of the 80 cm objective of 
this telescope led Johannes Hartmann to the development of the ‘Hartmann Test’, which was the first quantitative method to measure 
aberrations. This method is still in use today, and has been further developed to become the ‘Shack-Hartmann’ technique of wavefront 


sensing. Courtesy of Astrophysikalisches Institut Potsdam. 


By measurement with the autocollimator the tilt of 

the mirror consecutively for a sufficiently large 

number of points x; along the rail, we can now plot 

the slope of the rail at each point x; as tan d: 
* = tan d 

Integrating the series of slope values reproduces the 

shape of the rail y = f(x). 

Other applications include multiple autocolli- 
mation, wedge measurements, and right angle 
measurements. 

Multiple autocollimation is achieved by inserting a 
fixed plane-parallel and semi-transparent mirror 


[42] 


between the autocollimator and the mirror under 
study. Light coming from the test mirror will be 
partially transmitted through the additional mirror 
towards the autocollimator, and partially reflected 
back to the test mirror, and so forth. After k 
reflections, a deflection of kd is measured, when 6 is 
the tilt of the test mirror. 

The wedge angle a of a plane-parallel plate with 
refractive index m,, is easily measured by observing 
the front and back surface reflections from the plate, 
keeping in mind that the beam bouncing back from 
the rear will also experience refraction in the plate. 
If 5 is the measured angle difference between the two 
front and rear beams, then a = 6/2n,,. 
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Two surfaces of an object can be tested for 
orientation at right angles by attaching a mirror to 
surface 1 and observe the mirror with the fixed 
autocollimator. In a second step, an auxiliary 
pentaprism is inserted into the beam, deflecting the 
light towards surface 2, where the mirror is attached 
next. If a precision pentaprism is used, any deviation 
from right angles between the two surfaces is seen as 
an offset between step 1 and 2. 

These are only a few examples of the very many 
applications for alignment and angle measurements 
in optics and precision mechanics. 

Without going into much detail, we are just 
mentioning that also the theodolite and sextant 
make use of the same principle of angular measure- 
ments, however without the need of a collimator or 
autocollimation. 


Astronomical Telescopes 


Despite its importance as a measurement and testing 
device for optical technology and manufacture as 
described in the preceeding paragraph, it is the 
original invention and subsequent improvement of 
the telescope for Astronomy which is probably the 





Figure 19 Pistor & Martin Meridian Circle at the former Berlin 
Observatory in Potsdam Babelsberg. The instrument was one of 
the finest art telescopes with ultra-high precision for astrometry, 
built in 1868. Courtesy of Astrophysikalisches Institut Potsdam. 


most fascinating application of any optical system 
known to the general public. The historical develop- 
ment of the astronomical telescope spans from the 
17th century Galileian refractor with an aperture of 
just a few centimeters in diameter, over the largest 
refractors built for the Lick and Yerkes observatories 
with objectives of up to ~ 1m in diameter (see also 
Figures 18-20), the 4 m-class reflectors of the second 
half of the 20th century like e.g. the Hale Observatory 
5m, the Kitt Peak and Cerro Tololo 4m, the La Silla 
3.6 m, or the La Palma 4.2 m telescopes (to name only 
a few), to the current state-of-the-art of 8-10 m class 
telescopes, prominent examples being the two 
Keck Observatory 10m telescopes on Mauna Kea 
(Hawaii), or the ESO Very Large Observatory 
(Paranal, Chile), consisting of four identical 8.2m 
telescopes (Figures 21-24). 

This development has always been driven by the 
discovery of fainter and fainter celestial objects, 
whose quantitative study is the subject of modern 
astrophysics, involving many specialized disciplines 
such as atom/quantum/nuclear physics, chemistry, 
general relativity, electrodynamics, hydrodynamics, 
magneto-hydrodynamics, and so forth. In fact, 
cosmic objects are often referred to as ‘laboratories’ 
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Figure 20 Architect's sketch of historical ‘Einsteinturm’ solar 
telescope, Astrophysical Observatory Potsdam. The telescope 
objective is mounted in the tower structure, facing upward a 
siderostat which is mounted inside the dome. The light is focused 
in the basement after deflection from a folding mirror on the slit of a 
bench-mounted high resolution spectrograph. The telescope 
represented state-of-the-art technology at the beginning of the 
twentieth century. Courtesy of Astrophysikalisches Institut 
Potsdam. 
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Figure 21 The Very Large Telescope Observatory (VLT) on Mt 
Paranal, Chile, with VLT Interferometer (VLTI). The four large 
enclosures are containing the active optics controlled VLT unit 
telescopes, which are operated either independently of each 
other, or in parallel to form the VLTI. The structures on the ground 
are part of the beam combination optics/delay lines. Courtesy of 
European Southern Observatory. 





Figure 22 Total view of Kueyen, one of four unit telescopes 
of the VLT observatory. Courtesy of European Southern 
Observatory. 


with extreme conditions of density, temperature, 
magnetic field strength, etc., which would be imposs- 
ible to achieve in any laboratory on Earth. Except for 
particles (neutrinos, cosmic rays), gravitational 





Figure 23 8.2m thin primary mirror for the VLT. The VLT 
design is based on thin meniscus mirrors, made out of 
ZERODUR, which have low thermal inertia and which are always 
kept at ambient temperature, thus virtually removing the effect of 
thermal turbulence (mirror seeing). Seeing is the most limiting 
factor of ground-based optical astronomy. The optimized design 
of the VLT telescopes has introduced a significant leap forward to 
a largely improved image quality from the ground, and, 
consequently, improved sensitivity. The thin mirrors are con- 
stantly actively controlled in their mounting cells, using numerous 
piston actuators on the back surface of the mirror. Another key 
technology under development is ‘adaptive optics’, a method to 
compensate atmospheric wavefront deformations in real-time, 
thus obtaining diffraction limited images. Courtesy of European 
Southern Observatory. 


waves, and the physical investigation of meteorites 
and other solar system material collected by space 
probes, telescopes (for the entire wavelength range of 
the electromagnetic spectrum) are the only tool to 
accomplish quantitative measurements of these cos- 
mic laboratories. 

In an attempt to unravel the history of the birth 
and evolution of the universe, to discover and to 
measure the first generation of stars and galaxies, 
and to find evidence for traces of life outside of 
planet Earth, plans are currently underway to 
develop yet another new generation of giant optical 
telescopes with apertures of 30-100 m in diameter 
(ELT: extremely large telescope). The technological 
challenges in terms of precision and stability are 
outstanding. 

Along with the impressive growth of light collect- 
ing area, we must stress the importance of angular 
resolution, which has also experienced a significant 
evolution over the history of astronomical telescopes: 
from ~5 arcsec of the Galilei telescope, which 
already provided an order of magnitude improvement 
over the naked eye, over roughly 1 arcsec of 
conventional telescopes in the 20th century, a few 
hundredths of an arcsec for the orbiting Hubble Space 
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Figure 24 Top: spin-cast 8.4m honeycomb mirror #1 for the 
Large Binocular Telescope, the largest monolithic mirror of optical 
quality in the world. Shown in the process of applying a protective 
plastic coating to the end-polished surface. Bottom: LBT mirror #1, 
finally mounted in mirror cell. Courtesy of Large Binocular 
Telescope Observatory. 


Telescope (1 ), down to milli-arcsec resolution 
of the Keck and VLT Interferometers. The develop- 
ment of the aforementioned ELTs is thought to be 
only meaningful if operated in a diffraction-limited 
mode, using the emerging technique of adaptive 
optics, which is a method to correct for wavefront 
distortions caused by atmospheric turbulence (image 
blurr) in real-time. 

The combination of large optical/infrared tele- 
scopes with powerful detectors and focal plane 
instruments (see Instrumentation: Astronomical 
Instrumentation) has been a prerequisite to make 
astrophysics one of the most fascinating disciplines of 
fundamental sciences. 


See also 


Geometrical Optics: Aberrations. Imaging: Adaptive 
Optics. Instrumentation: Astronomical Instrumentation. 





Figure 25 Hubble Space Telescope (HST) in orbit. This 2.4m 
telescope is probably the most productive telescope which was 
ever built. Due to the absence of the atmosphere, the telescope 
delivers diffraction-limited, extremely sharp images, which have 
revealed unprecedented details of stars, star clusters, nebulae 
and other objects in the Milky Way and in other galaxies. Among 
the most spectacular results, HST has provided the deepest look 
into space ever, revealing light from faint galaxies that was emitted 
when the universe was only at 10% of its present age. Courtesy of 
Space Telescope Science Institute, Baltimore. 
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Introduction 


Interferometers are a powerful tool used in numerous 
industrial, research, and development applications, 
including measuring the quality of a large variety of 
manufactured items such as optical components and 
systems, hard disk drives and magnetic recording 
heads, lasers and optics used in CDs and DVD drives, 
cameras, laser printers, machined parts, components 
for fiber optics systems, and so forth. Interferometers 
can also be used to measure distance, spectra, and 
rotations, etc. The applications are almost endless. 

There are many varieties of interferometers. Some 
interferometers form interference fringes using two 
beams and some use multiple beams. Some inter- 
ferometers are common path; some use lateral shear; 
some use radial shear; and some use phase-shifting 
techniques. Examples of the various types are given 
below, but first we must give the basic equation for 
two-beam interference. 


Two-Beam Interference 


When two quasi-monochromatic waves interfere, the 
irradiance of the interference pattern is given by 


I= I, a L +2 LL cos[d] [1] 


where the I’s represent the irradiance of the individual 
beams and ¢ is the phase difference between the two 
interfering beams. The maximums of the interference 
occur when ¢ = 2mm, where m is an integer. In most 
applications involving interferometers, ¢ is the 
quantity of interest since it is related to the quantity 


being measured. Figure 1 shows typical two-beam 
interference fringes. 

There are many two-beam interferometers and we 
will now look at a few of them. 


Fresnel Mirrors 


Fresnel Mirrors are a very simple two beam 
interferometer. A beam of light reflecting off two 
mirrors, set at a slight angle to one another, will 
produce an interference pattern. The fringes are 
straight and equally spaced. The fringes become 
more finely spaced as the angle between the two 
mirrors increases, d increases, and D becomes smaller 
(Figure 2). 


Plane Parallel Plate 


When a monochromatic source illuminates a plane 
parallel plate, as shown in Figure 3, the interference 





Figure 1 


Typical two-beam interference fringes. 
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Figure 2. Fresnel mirrors. 





Figure 3 Plane parallel plate interferometer. 


fringes are circles centered on the normal to plate. 
The fringes are called Haidinger fringes, or fringes of 
equal inclination since, for a given plate thickness, 
they depend on the angle of incidence. If the 
maximum or minimum occurs at the center, the 
radii of the fringes are proportional to the square root 
of integers. If the plate has a slight variation in 
thickness and it is illuminated with a collimated beam 
then the interference fringes are called Fizeau fringes 
of equal thickness and they give the thickness 
variations in the plate. 


Michelson Interferometer 


A Michelson interferometer is shown in Figure 4. 
Light from the extended source is split into two 
beams by the beamsplitter. The path difference can be 
viewed as the difference between the mirror M1 and 
the image of mirror M2, M2’. With the M1 and M2’ 
parallel, the fringes are circular and localized at 
infinity. With M1 and M2’ at a slight angle, the 
interference fringes are straight lines parallel to the 
equivalent intersection of the mirrors and localized 
approximately at the intersection. When the mirrors 
are only a few wavelengths apart, white light fringes 
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Figure 4 Michelson interferometer. 
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Figure 5 Twyman-—Green interferometer for testing a concave 
spherical mirror. 


appear, and can be used to determine their 
coincidence. 


Twyman-Green Interferometer 


If a point source is used in a Michelson interferometer 
it is generally called a Twyman-Green interfero- 
meter. Twyman-Green interferometers are often used 
to test optical components such as flat mirrors, curved 
mirrors, windows, lenses, and prisms. Figure 5 shows 
a Twyman-Green interferometer for the testing of a 
concave spherical mirror. The interferometer is 
aligned such that the focus of the diverger lens is at 
the center of curvature of the spherical mirror. If the 
mirror under test is perfect, straight equi-spaced 
fringes are obtained. Figure 6 shows two interference 
fringes and the relationship between surface height 
error for the mirror being tested and fringe deviation. 
A is the wavelength of the light. 


Fizeau Interferometer 


The Fizeau interferometer is a simple device used for 
testing optical surfaces, especially flats and spheres 
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At resonance, there is no resultant reactance in the RLC resonators or the capacitive and inductive 
impedances become equal; hence Equation (19) can be written: 


oL , ae + ; = 0 and aL, by + : = 0 (19) 
O\Cy Ce Oil Cae Cy 


Equations in Equation (19) can be used to find the resonant frequencies of the series coupled 








resonator. The voltage gain of the coupled resonator at resonance can then be expressed as in 
Equation (20): 
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where Vain is the voltage gain. Vain at resonance is a function of the resistance of the source and load 
and the coupling element. The maximum of Equation (20) is obtained when: 
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This gives the results as in Equation (22): 
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Equation (22) can be simplified to find Cx(max): 


Cx (max) = Daa (23) 
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(Figure 7). The fringes are fringes of equal thickness. 
It is sometimes useful to tilt the reference surface a 
little to get several nearly straight interference fringes. 
The relationship between surface height error and 
fringe deviation from straightness is the same as for 
the Twyman-Green interferometer. 


Mach-Zehnder Interferometer 


A Mach-Zehnder interferometer is sometimes used 
to look at samples in transmission. Figure 8 shows a 
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Figure 6 Relationship between surface height error and fringe 
deviation. 
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Figure 7 Fizeau interferometer. 


typical Mach-Zehnder interferometer for looking at 
a sample in transmission. 


Murty Lateral Shearing 
Interferometer 


Lateral shearing interferometers compare a wave- 
front with a shifted version of itself. While there are 
many different lateral shear interferometers, one that 
works very well with a nearly collimated laser beam is 
a Murty shearing interferometer shown in Figure 9. 
The two laterally sheared beams are produced by 
reflecting a coherent laser beam off a plane parallel 
plate. The Murty interferometer can be used to 
measure the aberrations in the lens or it can be used 
to determine if the beam leaving the lens is 
collimated. If the beam incident upon the plane 
parallel plate is collimated a single fringe results, 
while if the beam is not perfectly collimated straight 
equi-spaced fringes result where the number of fringes 
gives the departure from collimation. 


Radial Shear Interferometer 


Radial shear interferometers compare a wavefront 
with a magnified or demagnified version of itself. 
While there are many different radial shear 
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Figure 9 Murty lateral shear interferometer. 
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interferometers, one that works very well with a 
nearly collimated beam is shown in Figure 10. It is 
essentially a Mach-Zehnder interferometer where, in 
one arm, the beam is magnified and in the other arm 
the beam is demagnified. Interference fringes result in 
the region of overlap. The sensitivity of the inter- 
ferometer depends upon the amount of radial shear. If 
the two interfering beams are approximately the same 
size there is little sensitivity, while if the two beams 
greatly differ in size there is large sensitivity. Some- 
times radial shear interferometers are used test the 
quality of optical components. 


Scatterplate Interferometer 


A scatterplate interferometer, invented by Jim Burch 
in 1953, is one of the cleverest interferometers. 
Almost any light source can be used and no high- 
quality optics are required to do precision interfero- 
metry. The critical element in the interferometer is the 
scatterplate which looks like a piece of ground glass, 
but the important item is that the scattering points 
are arranged so the plate has inversion symmetry 





Figure 10 Radial shear interferometer. 
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Figure 11 Scatterplate interferometer. 


Scatterplate 
(near center of curvature of 
mirror being tested) 


as shown in Figure 11. The light that is scattered the 
first time through the plate, and unscattered 
the second time through the plate, interferes with 
the light unscattered the first time and scattered the 
second time. The resulting interference fringes show 
errors in the mirror under test. This type of 
interferometer is insensitive to vibration because it 
is what is called a common path interferometer, in 
that the test beam (scattered—unscattered) and the 
reference beam (unscattered—scattered) travel along 
almost the same paths in the interferometer. 


Smartt Point Diffraction 
Interferometer 


Another common path interferometer used for the 
testing of optics is the Smartt point diffraction 
interferometer (PDI) shown in Figure 12. In the PDI 
the beam of light being measured is focused onto 
a partially transmitting plate containing a pinhole. 
The pinhole removes the aberration from the 
light passing through it (reference beam), while 
the light passing through the plate (test beam) does 
not have the aberration removed. The interference 
of these two beams gives the aberration of the lens 
under test. 


Sagnac Interferometer 


The Sagnac interferometer has beams traveling in 
opposite directions, as shown in Figure 13. The 
interferometer is highly stable and easy to align. If the 
interferometer is rotated with an angular velocity 
there will be a delay between the transit times of 
the clockwise and the counterclockwise beams. For 
this reason, the Sagnac interferometer is used in 
laser gyros. 





High-magnification 
image 
of a scatterplate 






Mirror being 
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Fiber Interferometers 


Fiber interferometers were first used for rotation 
sensing by replacing the ring cavity in the Sagnac 
interferometer with a multiloop made of a single- 
mode fiber. Fiber-interferometer rotation sensors are 
attractive as rotation sensors because they are small 
and low-cost. 

Since the optical path in a fiber is affected by its 
temperature and it also changes when the fiber is 
stretched, fiber interferometers can be used as sensors 
for mechanical strains, temperature, and pressure. 
They can also be used for the measurement of 
magnetic fields by bonding the fiber to a magneto- 
restrictive element. Electric fields can be measured by 
bonding the fiber to a piezoelectric film. 


Multiple Beam Interferometers 


In general, multiple beam interferometers provide 
sharper interference fringes than a two beam inter- 
ferometer. If light is reflected off a plane parallel plate 
there are multiple reflections. If the surfaces of the 
plane parallel plate have a low reflectivity, the higher- 
order reflections have a low intensity and the multiple 
reflections can be ignored and the resulting inter- 
ference fringes have a sinusoidal intensity profile, but if 
the surfaces of the plane parallel plate have a high 
reflectivity, the fringes become sharper. Figure 14 
shows the profile of the fringes for both the reflected 
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Figure 12 Smartt point diffraction interferometer. 


Figure 13 Sagnac interferometer. 


and the transmitted light for different values of surface 
reflectivity. Multiple beam interference fringes are 
extremely useful for measuring the spectral content of 
a source. One such multiple beam interferometer, that 
is often used for measuring spectral distributions of a 
source, is a Fabry—Perot interferometer that consists 
of two plane-parallel plates separated by an air space, 
as shown in Figure 15. 


Phase-Shifting Interferometry 


The equation for the intensity resulting from two- 
beam interference, contains three unknowns, the two 
individual intensities and the phase difference 
between the two interfering beams. If three or 
more measurements are made of the intensity of the 
two-beam interference as the phase difference 
between the two beams is varied in a known manner, 
all three unknowns can be determined. This tech- 
nique, called phase-shifting interferometry, is an 
extremely powerful tool for measuring phase 
distributions. Generally the phase difference is 
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Figure 14 Multiple beam interference fringes for the transmitted 
and reflected light for a plane parallel plate. 
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Figure 15 Fabry—Perot interferometer. 
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Figure 16 Vibration-insensitive phase-shifting interferometer. 


changed by 90 degrees between consecutive measure- 
ments of the interference intensity in which case 
the three intensities can be written as 


L(x, y) = 1, + , + 2VI, lL, cos(d(x, y) — 90°) 
I(x, y) = 1, + In + 2V 11h; cos(d(x, y)) 
I(x, y) = 1, +1,+2VI,b cos(d(x, y) + 90°) 


and the phase distribution is given by 


Le) 1) 
— I,(x, y) + 21,(x, y) — I(x, y) 





A(x, y) = ArcTan( 


Phase-shifting interferometry has greatly enhanced 
the use of interferometry in metrology since it 
provides a fast low noise way of getting interfero- 
metric data into a computer. 


Vibration-Insensitive Phase-Shifting 
Interferometer 


While phase-shifting interferometry has greatly 
enhanced the use of interferometry in metrology, 
there are many applications where it cannot be used 
because of the environment, especially vibration. One 
recent phase-shifting interferometer that works well 
in the presence of vibration is shown in Figure 16. In 
this interferometer, four phase-shifted frames of data 
are captured simultaneously. The test and reference 
beams have orthogonal polarization. After the test 
and reference beams are combined they are passed 
through a holographic element to produce four 
identical beams. The four beams are then transmitted 
through wave retardation plates to cause 0, 90, 180, 


and 270 phase difference between the test and 
reference beams. After passing through a polarizer 
the four phase-shifted interferograms fall on the 
detector array. Not only can the effects of vibration be 
eliminated, but by making short exposures to freeze 
the vibration, the vibrational modes can be measured. 
Movies can be made showing the vibration. Likewise, 
flow fields can be measured. 

Combining modern electronics, computers, and 
software with old interferometric techniques, pro- 
vides for very powerful measurement capabilities. 


List of Units and Nomenclature 


I irradiance 

R intensity reflectance 
A wavelength 

db phase 

See also 


Coherence: Speckle and Coherence. Detection: Fiber 
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Introduction 


In the later part of the nineteenth century Albert 
Michelson performed extraordinary experiments that 
shook the foundations of the physics world. 
Michelson’s precise determination of the speed of 
light was an accomplishment that takes great skill to 
reproduce today. Edward Morley teamed up with 
Michelson to measure the velocity of the Earth with 
respect to the aether. The interferometer that they 
constructed was exquisite, and through amazing 
experimental techniques the existence of the aether 
was disproved. The results of Michelson and Morley 
led to a revolution in physics, and provided evidence 
that helped Albert Einstein to develop the general 
theory of relativity. Now the Michelson interferom- 
eter may soon provide dramatic confirmation of 
Einstein’s theory through the direct detection of 
gravitational radiation. 

An accelerating electric charge produces electro- 
magnetic radiation — light. It should come as no 
surprise that an accelerating mass produces gravita- 
tional light, namely gravitational radiation. In 1888 
Heinrich Hertz had the luxury to produce and detect 
electromagnetic radiation in his laboratory. There will 
be no such luck with gravitational radiation because 
gravity is an extremely weak force. 

Albert Einstein postulated the existence of 
gravitational radiation in 1916, and in 1989 Joe 
Taylor and Joel Weisberg indirectly confirmed its 
existence through observations of the orbital decay 
of the binary pulsar 1913 + 16. Direct detection of 
gravity waves will be difficult. For humans to have 
any chance of detecting gravity waves there must 
be extremely massive objects accelerating up to 
relativistic velocities. The only practical sources are 
astrophysical: supernovae, pulsars, neutron star or 
black hole binary systems, black hole formation 
or even the Big Bang. The observation of these 
types of events would be extremely significant for 
contributing to knowledge in astrophysics and 
cosmology. Gravity waves from the Big Bang 
would provide information about the Universe at 
its earliest moments. Observations of supernovae 
will yield a gravitational snapshot of these extreme 
cataclysmic events. Pulsars are neutron stars that 
can spin on their axes at frequencies in the 


hundreds of hertz, and the signals from these 
objects will help to decipher their characteristics. 
Gravity waves from the final stages of coalescing 
binary neutron stars could help to accurately 
determine the size of these objects and the equation 
of state of nuclear matter. The observation of black 
hole formation from these binary systems would be 
the coup de grace for the debate on the existence 
of black holes, and the ultimate triumph for 
general relativity. 

Electromagnetic radiation has an electric field 
transverse to the direction of propagation, and a 
charged particle interacting with the radiation will 
experience a force. Similarly, gravitational radiation 
will produce a transverse force on massive objects, a 
tidal force. Explained via general relativity it is more 
accurate to say that gravitational radiation will 
deform the fabric of space-time. Just like electromag- 
netic radiation there are two polarizations for 
gravity waves. Let us imagine a linearly polarized 
gravity wave propagating in the z-direction, h(z, t) = 
hy,e**—. The fabric of space is stretched due to the 
strain created by the gravity wave. Consider a length 
Lo of space along the x-axis. In the presence of the 
gravity wave the length oscillates like 





ho4.L 
Lit) = Lo + a cos wt 


hence there is a change in its length of 
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AL, = cos wt 


A similar length Lo of the y-axis oscillates, like 





L(®) = Ly - hol 


cos wt 
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or 


_ Shik 


AL, = —3 


cos wt 

One axis stretches while the perpendicular one 
contracts, and then vice versa, as the wave propagates 
through. The other polarization (ho,) produces a 
strain on axes 45° from (x,y). Imagine some astro- 
physical event produces a gravity wave that has 
amplitude 4 9, on Earth; in order to detect a small 
distance displacement AL one should have a detector 
that spans a large length L. A supernova within our 
own Galaxy might possibly produce a gravity wave of 
size h ~ 107 '8 with characteristic frequencies around 
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1 kHz, but the occurrence of an event such as this will 
be extremely rare. More events will come from novae 
in other galaxies, but due to the great distances and 
the fact that the magnitude of the gravity wave falls 
of as 1/r, such events will be substantially diminished 
in magnitude. 

A Michelson interferometer, with arms aligned 
along the x- and y- axes, can measure small phase 
differences between the light in the two arms. 
Therefore, this type of interferometer can turn the 
length variations of the arms produced by a gravity 
wave into changes in the interference pattern of the 
light exiting the system. This was the basis of the idea 
from which modern laser interferometric gravita- 
tional radiation detectors have evolved. Imagine a 
gravity wave of amplitude h is incident on an 
interferometer. The change in the arm length will be 
h ~ AL/Lo, so in order to optimize the sensitivity it is 
advantageous to make the interferometer arm length 
Lo as large as possible. Detectors coming on-line 
are attempting to measure distance displacements 
that are of order AL ~ 10 ‘8m or smaller, less 
that the size of an atomic nucleus! If the interfero- 
meters can detect such distance displacements, and 
directly detect gravitational radiation, it will be one 
of the most spectacular accomplishments in experi- 
mental physics. The first implementation of a laser 
interferometer to detect a gravity wave was by 
Forward who used earphones to listen to the motion 
of the interference signal. The engineering of signal 
extraction for modern interferometers is obviously 
far more complex. 

Numerous collaborations are building and operat- 
ing advanced interferometers in order to detect 
gravitational radiation. In the United States there is 
the Laser Interferometer Gravity Wave Observatory 
(LIGO), which consists of two 4-km interferometers 
located in Livingston, Louisiana and Hanford, 
Washington. In addition, there is an additional 
2-km interferometer within the vacuum system at 
Hanford. An Italian—French collaboration (VIRGO) 
has a 3-km interferometer near Pisa, Italy. GEO, a 
German-British collaboration, is a 600-m detector 
near Hanover, Germany. TAMA is the Japanese 
300-m interferometer in Tokyo. The Australians 
(AIGO) are constructing a 500-m interferometer in 
Western Australia. All of the detectors will be 
attempting to detect gravity waves with frequencies 
from about 50 Hz to 1 kHz. 

As will be described below, there are a number of 
terrestrial noise sources that will inhibit the perform- 
ance of the interferometric detectors. The sensitivity 
of detection increases linearly with interferometer 
arm length, which implies that there could be 
advantages to constructing a gravity wave detector 


in space. This is the goal of the Laser Interferometer 
Space Antenna (LISA) collaboration. The plan is to 
deploy three satellites in a heliocentric orbit with a 
separation of about 5 x 10° km. The launch for LISA 
is planned for around 2015, and the detector will be 
sensitive to gravity waves within the frequency range 
of 10° to 10 'Hz. Due to the extremely long 
baseline, LISA is not strictly an interferometer, as 
most light will be lost as the laser beams expand while 
traveling such a great distance. Instead, the phase of 
the received light will be detected and used to lock the 
phase of the light that is re-emitted by another laser. 

Joe Weber pioneered the field of gravitational 
radiation detection in the 1960s. He used a 1400-kg 
aluminum cylinder as an antenna. Gravitational 
waves would hopefully excite the lowest-order 
normal mode of the bar. Since the gravity wave is a 
strain on space-time, experimentalists win by making 
their detectors longer in length. This provides a long- 
term advantage for laser interferometers, which can 
scale in length relatively easily. However, as of 2002, 
interferometers and bars (now cooled to 4 K) have 
comparable sensitivities. 


Interferometer Styles 


The Michelson interferometer is the tool to be 
used to detect a gravitational wave. Figure 1 shows 
a basic system. The beamsplitter and the end mirrors 
would be suspended by wires, and effectively free to 
move in the plane of the interferometer. The arms 
have lengths L; and L, that are roughly equal on a 
kilometer scale. With a laser of power P and 
wavelength A incident on the beamsplitter, the light 
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Figure 1 A basic Michelson interferometer. The photodetector 
receives light exiting the dark port of the interferometer and hence 
the signal. 
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exiting the dark port of the interferometer is 
2. 
Pou = P sin'| (Li = 1,)| 


The interferometer operates with the condition that 
in the absence of excitation the light exiting the dark 
port is zero. This would be the case for a simple and 
basic interferometer. However, interferometers like 
those in LIGO will be more sophisticated, and will 
use a heterodyne detection strategy. If Eo is the 
amplitude of the electric field from the laser, and 
assuming the use of a 50-50 beamsplitter, the electric 
field (neglecting unimportant common phase shifts) 
for the light incident on the photodetector would be 


ele) ~ i? (fy ~ dr) 


E = —(el?1 
2 (e 2 


out 
27 

= 1Ey5 —(L, —- L 

iEy (Li 2) 


The laser light will be phase modulated at a frequency 
in the MHz regime. As such, the deconvolved current 
from the photodiode that detects light at the 
interferometer output will be proportional to the 
phase acquired by the light, namely I « 27(L, — Ly). 

A gravity wave of optimal polarization normally 
incident upon the interferometer plane will cause one 
arm to decrease in length while the other increases. 
The Michelson interferometer acts as a gravity wave 
transducer; the change in arm lengths results in more 
light exiting the interferometer dark port. The 
mirrors in the interferometer are suspended via 
wires so that they are free to move under the influence 
of the gravity wave. 

An interferometer’s sensitivity increases with arm 
length, but geographical and financial constraints will 
limit the size of the arms. If there could be some way 
to bounce the light back and forth to increase the 
effective arm length it would increase the detector 
performance. Fabry—Perot cavities on resonance light 
have a storage time of 2L/[c(1 — ./R,R3)]. Figure 2 
shows the system of a Michelson interferometer with 
Fabry-Perot cavities. This gravity wave interfero- 
meter design was proposed and tested in the late 
1970s by Ron Drever. The far mirror Ry has a very 
high reflectivity (R2 ~ 1) in order to ultimately direct 
the light back towards the beamsplitter. The front 
mirror reflectivity R, is such that LIGO’s effective 
arm length increases to L ~ 300 km. The optical 
properties of the mirrors of the Fabry-Perot cavities 
must be exquisite in order to achieve success. LIGO’s 
mirrors were tested, and the root mean squared 
surface uniformity is less than 1 nm, scattered light 
is less than 50 parts per million (ppm), absorption is 





Fo 
L, 
Ry 
Ry L Ry 
oi —*—4 
Beamsplitter 
Photodetector 


Figure 2 A Michelson interferometer with Fabry—Perot cavities 
in each arm. The front cavity mirrors have reflectivity A, while the 
end mirrors have Re ~ 1. By using Fabry—Perot cavities LIGO will 
increase the effective arm length by a factor of 75. 





Figure 3 A picture of a mirror and test mass for LIGO. The fused 
silica component is 10.7 kg in mass and 25cm in diameter. 
Photograph courtesy of Caltech/LIGO. 


less than 2 ppm, and the radii of curvature for the 
mirrors are matched to less than 3%. A LIGO test 
mass (and therefore a Fabry—Perot mirror) can be 
seen in Figure 3. 

In 1888 Michelson and Morley, with their inter- 
ferometer, had a sensitivity that allowed the measure- 
ment of 0.02 of a fringe, or about 0.126 radian. 
Prototype interferometers constructed by the LIGO 
science team have already demonstrated a phase noise 
spectral density of #(f)=10~'° radian//Hz for 
frequencies above 500 Hz. Assuming a 1 kHz signal 
with 1 kHz bandwidth this implies a phase sensitivity 
of Ad =3.2X10~? radian. This is about the phase 
sensitivity that LIGO hopes to accomplish in the 
4-km Fabry-Perot system. There has been quite an 
evolution in interferometry since Michelson’s time. 

The noise sources that inhibit the interferometer 
performance are discussed below. However, let us 
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Figure 4 A power recycled Michelson interferometer with 
Fabry—Perot cavities in each arm. Normally light would exit the 
interferometer through the light port and head back to the laser. 
Installation of the recycling mirror with reflectivity A, sends the 
light back into the system. A Fabry—Perot cavity is formed 
between the recycling mirror and the first mirror (Rj) of the arms. 
For LIGO this strategy will increase the power circulating in the 
interferometer by a factor of 50. 


consider one’s ability to measure the relative phase 
between the light in the two arms. The Heisenberg 
uncertainty relation for light with phase ¢@ and 
photon number N is AfAN ~ 1. For a measurement 
lasting time 7 using laser power P and frequency f, the 
photon number is N = PAd/hc, and with Poisson 
statistics describing the light AN = VN = VPAz/he. 
Therefore 


AdAN = =T ALWPaaihe =1 
implies that 


1 |hea 
AL= a Pp 
With more light power the interferometer can 
measure smaller distance displacements and achieve 
better sensitivity. LIGO will use about 10 W of 
laser power, and will eventually work towards 
100 W. However, there is a nice trick one can use to 
produce more light circulating in the interferometer, 
namely power recycling. Figure 4 displays the power 
recycling interferometer design. The interferometer 
operates such that virtually none of the light exits the 
interferometer dark port, and the bulk of the light 
returns towards the laser. An additional mirror, R, 
in Figure 4, recycles the light. For LIGO, recycling 
will increase the effective light power by another 


Figure 5 A signal recycled and power recycled Michelson 
interferometer with Fabry—Perot cavities in each arm. Normally 
light containing the gravity wave signal would exit the 
interferometer through the dark port and head to the photo- 
detector. Installation of the signal recycling mirror with reflectivity 
R, sends the light back into the system. The phase of the light 
acquired from the gravity wave will build up at a particular 
frequency determined by the reflectivity Rg. 


factor of 50. The higher circulating light power 
therefore improves the sensitivity. 

There is one additional modification to the 
interferometer system that can further improve 
sensitivity, but only at a particular frequency. 
A further Fabry—Perot system can be made by 
installing what is called a signal recycling mirror; 
this would be mirror R, in Figure 5. Imagine light in 
arm 1 on the interferometer that acquires phase as the 
arm expands due to the gravity wave. The traveling 
gravity wave’s oscillation will subsequently cause arm 
1 to contract while arm 2 expands. If the light that 
was in arm 1 could be sent to arm 2 while it is 
expanding, then the beam would acquire additional 
phase. This process could be repeated over and over. 
Mirror R, serves this purpose, with its reflectivity 
defining the storage time for light in each inter- 
ferometer arm. The storage time defined by the cavity 
formed by the signal recycling mirror, R,, and the 
mirror at the front of the interferometer arm cavity, 
R,, determines the resonance frequency. Signal 
recycling will give a substantial boost to interferom- 
eter sensitivity at a particular frequency, and will 
eventually be implemented in all the main ground- 
based interferometric detectors. 

The LIGO interferometers are infinitely more 
complex than the relatively simple systems displayed 
in the figures of this paper. Figure 6 presents an aerial 
view of the LIGO site at Hanford, Washington. The 
magnitude of the 4-km system is apparent. 
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Figure 6 Arial view of the LIGO Hanford, Washington site. The 
vacuum enclosure at Hanford contains both 2-km and 4-km 
interferometers. Photograph courtesy of Caltech/ LIGO. 


Noise Sources and Interferometer 
Sensitivity 


If the interferometers are to detect distance displace- 
ments of order AL ~ 10°'?m then they must be 
isolated from a host of deleterious noise sources. 
Seismic disturbances should not shake the inter- 
ferometers. Thermal excitation of components will 
affect the sensitivity of the detector and should be 
minimized. The entire interferometer must be in an 
adequate vacuum in order to avoid fluctuations in gas 
density that would cause changes in the index of 
refraction and hence modification of the optical path 
length. The laser intensity and frequency noise must 
be minimized. The counting statistics of photons 
influences accuracy. If ever there was a detector that 
must avoid Murphy’s law this is it; little things going 
wrong cannot be permitted if such small distance 
displacements are to be detected. The expected noise 
sensitivity for the initial LIGO interferometers is 
displayed in Figure 7. 

In the best of all worlds the interferometer 
sensitivity will be limited by the counting statistics 
of the photons. A proper functioning laser will have 
its photon number described by Poisson statistics, or 
shot noise; if the mean number of photons arriving 
per unit time is N then the uncertainty is AN = JN, 
which as noted above implies an interferometer 
displacement sensitivity of 
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or a noise spectral density of 


AL(f) = x1 a (in units of m/VHz) 


Initial interferometer sensitivity 
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Figure 7 The target spectral density of the noise for the initial 
LIGO system. LIGO will be dominated by seismic noise at low 
frequencies (10-100 Hz), thermal noise (from the suspension 
system and internal modes within the mirrors) in the intermediate 
regime (100-300 Hz), and photon shot noise thereafter. Other 
sources of noise are also noted, specifically gravity gradients 
(gravitational excitation of masses from the seismic motion of the 
ground), radiation pressure of photons on the mirrors, stray 
(scattered) light, and index of refraction fluctuations from residual 
gas in the vacuum. 


Note also that the sensitivity increases as the light 
power increases. The reason for this derives from the 
statistics of repeated measurements. The relative 
lengths of the interferometer arm lengths could be 
measured, once, by a photon. However, the relative 
positions are measured repeatedly with every photon 
from the laser, and the variance of the mean decreases 
as VN, where N is the number of measurements (or 
photons) involved. The uncertainty in the difference of 
the interferometer arm lengths is therefore inversely 
proportional to photon number, and hence the 
laser’s power. In terms of strain sensitivity this 
would imply 


1 


bf) = => 


her. . 
ar (in units of 1/VHz) 


This assumes the light just travels down the arm and 
back once. With Fabry—Perot cavities the light is 
stored, and the typical photon takes many trips back 
and forth before exiting the system. In order to 
maximize light power the end mirrors (R2 ~ 1) and 
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the strain sensitivity is improved to 


if) = 1 her 
O= say P 
where L’ = 4L/(1 — Rj). 

As the frequency of gravity waves increases the 
detection sensitivity will decrease. If the gravity wave 
causes the interferometer arm length to increase, then 
decrease, while the photons are still in the arm cavity, 
then the phase acquired from the gravity wave will be 
washed away. This is the reason why interferometer 
sensitivity decreases as frequency increases, and 
explains the high-frequency behavior seen in 
Figure 7. Taking this into account, the strain 
sensitivity is 


1 |hea 2aL'f \ oF 
OSS CN oe - 


where L’ = 4L/(1 — R,) and f is the frequency of the 
gravity wave. 

If the gravitational wave is to change the inter- 
ferometer arm length then the mirrors that define the 
arm must be free to move. In systems like LIGO wires 
suspend the mirrors; each mirror is like a pendulum. 
While allowing the mirrors to move under the 
influence of the gravity wave is a necessary condition, 
the pendulum itself is the first component of an 
elaborate vibration isolation system. Seismic noise 
will be troublesome for the detector at low frequen- 
cies. The spectral density of the seismic noise is about 
(10° 7/f?)m/VHz for frequencies above 1 Hz. 
A simple pendulum, by itself, acts as a motion 
filtering device. Above its resonance frequency the 
pendulum filters motion with a transfer function like 
T(f) & (fo/f)*. Detectors such as LIGO will have a 
pendulum with resonant frequencies of about fy ~ 1 
Hz, thus providing an isolation of 10* when looking 
for signals at f = 100 Hz. The various gravity wave 
detector collaborations have different vibration iso- 
lation designs. The mirrors in these interferometers 
will be suspended in elaborate vibration isolation 
systems, which may include multiple pendulum and 
isolation stacks. Seismic noise will be the limiting 
factor for interferometers seeking to detect gravity 
waves in the tens of hertz range, as can be seen in the 
sensitivity curve presented in Figure 7. 

Due to the extremely small distance displacements 
that these systems are trying to detect it should come 
as no surprise that thermal noise is a problem. This 
noise enters through a number of components in the 
system. The two most serious thermal noise sources 
are the wires suspending the mirrors in the pendulum, 
and the mirrors themselves. Consider the wires; there 





are a number of modes that can oscillate (i.e. violin 
modes). At temperature Teach mode will have energy 
of kT, but distributed over a band of frequencies 
determined by the quality factor (or O) of the 
material. Low-loss (or high-O) materials work best; 
for the violin modes of the wires there will be much 
noise at particular frequencies (in the hundreds of 
hertz). The mirror is a cylindrical object, which will 
have normal modes of oscillation that can be 
thermally excited. The first generation of LIGO will 
have these masses composed of fused silica, which is 
typical for optical components. The Os for the 
internal modes are greater than 2x 10°. A switch 
may eventually be made to sapphire mirrors, which 
have better thermal properties. The limitation to the 
interferometers’ sensitivity due to the thermal noise 
internal to the mirrors can be seen in Figure 7, and 
will be a worrying noise source for the first- 
generation LIGO in the frequency band around 
100-400 Hz. 

The frequency noise of the laser can couple into 
the system to produce length displacement sensitivity 
noise in the interferometer. With arm lengths of 
4 km, it will be impossible to hold the length of the 
two arms absolutely equal. The slightly differing 
arm spans will mean that the light sent back from 
each of the two Fabry—Perot cavities will have 
slightly differing phases. As a consequence, great 
effort is made to stabilize the frequency of the light 
entering the interferometer. The LIGO laser can be 
seen in Figure 8. The primary laser is a Lightwave 
Model 126 nonplanar ring oscillator. High power is 
generated from this stabilized laser through the use 
of optical amplifiers. The beam is sent through four 
optical amplifiers, and then retro-reflected back 








Figure 8 A picture of the Nd:YAG laser and amplifier system 
that produces 10 W of light for LIGO. Photograph courtesy of 
Caltech/LIGO. 
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where Cxmax 18 the value of the coupling element where maximum power transfer from the first 
resonator to the second resonator occurs. Using Equations (19) and (23) the unknown optimal 
matching impedances can be found from the known impedances just like the classical L-matched 
procedure using Equations (5,6) and (8). By substituting Cxjmax) into Equation (20) and taking the 
magnitude of Vain, gives the maximum voltage gain of the coupled series resonator at resonance: 
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For wireless harvesters consisting of an antenna and a diode rectifying circuit, the diode resistive 
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impedance at any condition is dependent on the diode realized parameters, signal frequency, connected 
load and the input power level. The source impedance is determined by the impedance of the antenna. 
For maximum efficiency, the ratio of the source resistance to the load resistance must tend to zero at 
matched conditions. The efficiency 7 of the circuit is given by Equation (25): 
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2.5.3. L-Match RF to DC Converter Experimental Results and Discussion 


The presented circuit was L-matched between the 50 Q resistance of the antenna source and the 
resistance of the HSMS-285C diodes (and load) at 434 MHz for —30 dBm input as shown in Figure 6. 
Since the series equivalent resistance of the HSMS-285C diodes and load (72 Q) is greater than the 
50 Q series resistive antenna source, the diode is taken as parallel matching network with a parallel 
equivalent impedance of —7510(3519)/(—j510 + 3519) Q. The analysis follows the same procedure as in 
Section 2.5.2 after this step. Figure 6(b) shows the resultant L-matched RF to DC power converter. 
Cpp* is the resultant shunt matching capacitance. 


Figure 6. (a) L-matched impedance circuit for matching the HSMS-285C diodes at 
434 MHz for —30 dBm input. (b) Resultant network, (c) PCB layout of the L-matched 
Delon doubler with adjusted values on FR4 substrate (d) Fabricated PCB of the L-network 
matched Delon voltage doubler. 
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Figure 9 The optical system for the LIGO system. Light moves 
from the frequency-stabilized laser to a mode cleaner, and then 
to the interferometer. Presently 8W of TEMgo laser power is 
delivered to the interferometer. 


through the amplifiers again. For LIGO, the laser is 
locked and held to a specific frequency by use of 
signals from a reference cavity, a mode cleaner 
cavity, and the interferometer. For low-frequency 
stabilization the temperature of the ring oscillator is 
adjusted. At intermediate frequencies adjustment is 
made by signals to a piezo-electric transducer within 
the ring oscillator cavity. At high frequencies the 
noise is reduced with the use of an electro-optic 
crystal. The LIGO lasers currently have a frequency 
noise of 2x 10-*Hz/V/Hz at frequencies above 
1 kHz. 

It will prove important to worry about the stability 
of the laser power for the interferometric detectors. 
The hope is to be shot noise limited at frequencies 
above a few hundred hertz. The Nd:YAG power 
amplifiers used are pumped with an array of laser 
diodes, so the light power is controlled through 
feedback to the laser diodes. The LIGO require- 
ments for the fluctuations on the power P are 
AP/P < 10-8/J/Hz. The spatial quality of the light is 
ensured through the use of a mode-cleaning cavity. 
LIGO uses a triangular array of mirrors separated by 
15 m. LIGO’s input optical system can be seen in 
Figure 9. The current LIGO optical system yields 8 W 
of 1.06 wm light in the TEMo9 mode. 


Conclusion 


The attempt to measure gravitational radiation with 
laser interferometers could possibly be the most 
difficult optical experiment of our time. Over a 
hundred years ago Michelson succeeded in carrying 
off experiments of amazing difficulty as he measured 
the speed of light and disproved the existence of the 
aether. Gravity wave detection is an experiment 
worthy of Michelson, and there are hundreds of 
physicists striving to make it a reality. 

Great success has already been achieved. The 
TAMA 300-m interferometer is operational and has 
achieved a sensitivity h(f) = 5x 10-*!//Hz in the 
700 Hz to 1.5 kHz frequency band. The LIGO 


interferometers are now operating, and scientists are 
presently de-bugging the system in order to achieve 
the target sensitivity. The first scientific data taking 
for LIGO commenced in 2002, and is continuing at 
the time of writing. 

This will be a new telescope to peer into the 
heavens. With every new means of looking at the 
sky there has come unexpected discoveries. 
Physicists do know that there will be signals that 
they can predict. Binary systems of compact objects 
(neutron stars or black holes) will produce chirp 
signals that may be extracted by matched filtering 
techniques. A supernova will produce a burst that will 
hopefully rise above the noise. Pulsars, or neutron 
stars spinning about their axes at rates sometimes 
exceeding hundreds of revolutions per second, 
will produce continuous sinusoidal signals that 
can be seen by integrating for sufficient lengths of 
time. Gravity waves produced by the Big Bang will 
produce a background stochastic noise that can 
possibly be extracted by correlating the outputs 
from two or more detectors. These are exciting 
physics results that will come through tremendous 
experimental effort. 


See also 


Imaging: Interferometric 


Overview. 
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Introduction 


Phase-measurement interferometry is a way to 
measure information encoded in interference patterns 
generated by an interferometer. Fringe patterns 
(fringes) created by interfering beams of light are 
analyzed to extract quantitative information about an 
object or phenomenon. These fringes are localized 
somewhere in space and require a certain degree of 
spatial and temporal coherence of the source to be 
visible. Before these techniques were developed in the 
late 1970s and early 1980s, fringe analysis was done 
either by estimating fringe deviation and irregularity 
by eye or by manually digitizing the centers of 
interference fringes using a graphics tablet. Digital 
cameras and desktop computers have made it possible 
to easily obtain quantitative information from fringe 
patterns. The techniques described in this article are 
independent of the type of interferometer used. 

Interferometric techniques using fringe analysis can 
measure features as small as a micron wide or as large 
as a few meters. Measurable height ranges vary from 
a few nanometers up to 10s of mm, depending upon 
the interferometric technique employed. Measure- 
ment repeatability is very consistent, and typically 
repeatability of 1/100rms of a fringe is easily 
obtainable while 1/1000 rms is possible. Actual 
measurement precision depends on what is being 
measured and how the technique is implemented, 
while accuracy depends upon comparison to a 
sanctified standard. 


There are many different types of applications for 
fringe analysis. For example, optical surface quality 
can be determined using a Twyman-Green or Fizeau 
interferometer. In addition, wavefront quality 
measurements of a source or an optical system can 
be made in transmission, and the index of refraction 
and homogeneity of optical materials can be mapped 
out. Many nonoptical surfaces can also be measured. 
Typically, surface topography information at some 
specific spatial frequency scale is extracted. These 
measurements are limited by the resolution of the 
optical system and the field of view of the imaging 
system. Lateral and vertical dimensions can also be 
measured. Applications of nonoptical surfaces 
include disk and wafer flatness, roughness measure- 
ment, distance and range sensing. Phase measurement 
techniques used in holographic interferometry, TV 
holography, speckle interferometry, moiré, grating 
interferometry, and fringe projection are used for 
nondestructive testing to measure surface structure as 
well as displacements due to stress and vibration. This 
article outlines the basics of phase measurement 
interferometry (PMI) techniques as well as the types 
of algorithms used. The bibliography lists a number 
of references for further reading. 


Background 


Basic Parts of a Phase-Measuring Interferometer 


A phase-measuring interferometer consists of a light 
source, an illumination system (providing uniform 
illumination across the test surface), a beamsplitter 
(usually a cube or pellicle so both beams have the 
same optical path), a reference surface (needs to be 
good because these techniques measure the difference 
between the reference and test surface), a sample 
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fixture, an imaging system (images a plane in space 
where the surface is located onto the camera), a 
camera (usually a monochrome CCD), an image 
digitizer/frame grabber, a computer system, software 
(to control the measurement process and calculate the 
surface map), and often a spatial or temporal phase 
shifter to generate multiple interferograms. 


Steps of the Measurement Process 


To generate a phase map, a sample is placed on a 
sample fixture and aligned, illumination levels are 
adjusted, the sample image is focused onto the 
camera, the fringes are adjusted for maximum 
contrast, the phase shifter or fringe spacing is 
adjusted or calibrated as necessary, a number of 
images is obtained and stored with the appropriate 
phase differences, the optical path difference (OPD) is 
calculated as the modulo 27 phase and then is 
unwrapped at each pixel to determine the phase map. 

To make consistent measurements, some interfe- 
rometers need to be on vibration isolation systems 
and away from heavy airflows or possible acoustical 
coupling. It helps to cover any air paths that are 
longer than a few millimeters. Consideration needs to 
be made for consistency of temperature and humidity. 

The human operating the interferometer is also a 
factor in the measurement. Does this person always 
follow the same procedure? Are the measurements 
sampled consistently? Are the test surfaces clean? Is 
the sample aligned the same and correctly? Many 
different factors can affect a measurement. To obtain 
repeatable measurements it is important to have a 
consistent procedure and regularly verify measure- 
ment consistency. 


Common Interferometer Types 


One of the most common interferometers used in 
optical testing is the Twyman-—Green interferometer 
(Figure 1). Typically, a computer controls a mirror 
pushed by a piezo-electric transducer (PZT). The test 
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Figure 1 Twyman-—Green interferometer. 


surface is imaged onto the camera and the computer 
has a frame grabber that takes frames of fringe data. 

The most common commercially available inter- 
ferometer for optical testing is the Fizeau interfer- 
ometer (Figure 2). This versatile instrument is very 
insensitive to vibrations due to the large common 
path for both interfering wavefronts. The reference 
surface (facing the test object) is moved by a PZT to 
provide the phase shift. 

Interference microscopes (see Microscopy: Inter- 
ference Microscopy. Interferometry: White Light 
Interferometry) are used for looking at surface 
roughness and small structures (see Figure 3). These 
instruments can employ Michelson, Mirau, and 
Linnik interference objectives with a laser or white 
light source, or Fizeau-type interference objectives 
that typically use a laser source because of the 
unequal paths in the arms of the interferometer. 
The phase shift is accomplished by moving the 
sample, the reference surface, or parts of the objective 
relative to the sample. Figure 3 shows a schematic of a 
Mirau-type interferometric microscope for phase 
measurement. 
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Figure 2 Fizeau interferometer. 
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Figure 3 Mirau interference microscope. 
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Determination of Phase 


The Interference Equation 


Interference fringes from a coherent source (e.g., a 
laser) are theoretically sinusoidal (Figure 4a), while 
fringes from an incoherent source (e.g., white light) 
are localized in a wavepacket at a point in space 
(Figure 4b) where the optical paths of the arms of the 
interferometer are equal and marked on Figure 4 as 
scanner positions z= 0 (see Interferometry: White 
Light Interferometry). For generality, this analysis 
considers the determination of phase within the wave 
packet for fringes localized in space. 

Interference fringes at any point in the wavepacket 
can be written in the following form: 


I(x, y) = Ip{1 + y&, y, z)cos[ P(x, y)]} [1] 


where I, is the dc irradiance, y is the fringe visibility 
(or contrast), 2Iypy is the modulation (irradiance 
amplitude or the ac part of the signal), and ¢ is the 
phase of the wavefront as shown in Figure 5. For 
simplicity, this drawing assumes that the interference 
fringe amplitude is constant. 

Fringe visibility can be determined by calculating 


Fogg ls 
— max min 2 
" Imax + Tnin 


where I,,,, is the maximum value of the irradiance for 
all phase values and I,,;, is the minimum value. The 
fringe visibility has a real value between 0 and 1 and 
varies with the position along the wavepacket. The 
fringe visibility, as defined here, is the real part of the 
complex degree of coherence. 


Types of Phase Measurement Techniques 


Phase can be determined from either a number of 
interference fringe patterns or from a single inter- 
ferogram with appropriate fringe spacing. Temporal 
techniques require an applied phase shift between the 
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Figure 4 
lengths of the reference and object beams. 


test and reference beams as a function of time while 
multiple frames of interference fringe data are 
obtained. Spatial techniques can obtain data from a 
single interferogram that requires a carrier pattern of 
almost straight fringes to either compare phases of 
adjacent pixels or to separate orders while perform- 
ing operations in the Fourier domain. Spatial 
techniques may also simultaneously record multiple 
interferograms with appropriate relative phase shift 
differences separated spatially in space. Multiple 
frame techniques require more data than single 
frame techniques. Temporal techniques require that 
the interference fringes be stable over the time period 
it takes to acquire the number of images. While 
single-frame spatial techniques require less data and 
can be done with a single image, they generally have a 
reduced amount of resolution and less precision than 
temporal techniques. 

There are literally hundreds of algorithms and 
techniques for extracting phase data from interfer- 
ence fringe data. The references listed in the Further 
Reading offer more details of these techniques. 


Temporal Phase Measurement 


Temporal techniques use data taken as the relative 
phase between the test and reference beams is 
modulated (shifted). The phase (or OPD) is calculated 
at each measured point in the interferogram. As the 
phase shifter is moved, the phase at a single point in the 
interferogram changes. The effect looks like the fringes 
are moving across the interferogram, and because of 
these techniques are sometimes called fringe scanning 
or fringe shifting techniques. However, the fringes are 
not really moving; rather the irradiance at a single 
detector point is changing (hopefully sinusoidally) in 
time (see Figure 6). A 180° or a phase causes a bright 
fringe to become a dark fringe. 


Phase Modulation Techniques 


There are many ways to introduce a phase modu- 
lation (or shift). These include moving a mirror or the 
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Interference fringes for coherent and incoherent sources as observed at point x, y, z = 0 corresponds to equal optical path 
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sample, tilting a glass plate, moving a diffraction 
grating, rotating a polarizer, analyzer, or half-wave 
plate, using a two-frequency (Zeeman) laser source, 
modulating the source wavelength, and switching an 
acousto-optic Bragg cell, or magneto-optic/electro- 
optic cell. While any of these techniques can be used 
for coherent sources, special considerations need to 
be made for temporally incoherent sources (see 
Interferometry: White Light Interferometry). 
Figure 7 shows how moving a mirror introduces a 
relative phase shift between object and reference 
beams in a Twyman-—Green interferometer. 


Extracting Phase Information 


Including the phase shift, the interference equation is 
written as 


I(x, y) = In(x, y{1 + yolx, y)cos[ P(x, y) + a(t)]} [3] 


where I(x, y) is the irradiance at a single detector 
point, I(x, y) is the average (dc) irradiance, yo(x, y) is 
the fringe visibility before detection, #(x, y) is the 
phase of the wavefront being measured, and a(t) is 
the phase shift as a function of time. 
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Figure 5 Variable definitions for interference fringes. 
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Figure 6 Interference fringe patterns corresponding to different 
relative phase shifts between test and reference beams. 
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Figure 7 Moving a mirror to shift relative phase by 4/4. 


Since the detector has to integrate for some finite 
time, the detected irradiance at a single point becomes 
an integral over the integration time A (Figure 8) 
where the average phase shift for the ith frame of data 
is Qj: 


a;+(A/2) 
Le y= x |, lo nl + wey) 
x cos[ h(x, y) + a(t)]}da(t) [4] 


After integrating over a(t), the irradiance of the 
detected signal becomes 


A 
I(x, y) = Ip(x, yf + yo(x, yysine( >} 
X cos[ P(x, y) + ail} [5] 


where sinc(A/2) = sin(A/2)/(A/2), which reduces the 
detected visibility. 


Ramping Versus Stepping 


There are two different ways of shifting the phase; 
either the phase shift can be changed in a constant and 
linear fashion (ramping) (see Figure 8) or it can be 
stepped in increments. Ramping provides a continu- 
ous smooth motion without any jerking motion. This 
option may be preferred if the motion does not wash 
out the interference fringes. However, ramping 
requires good synchronization of the camera/digitizer 
and the modulator to get the correct OPD (or phase) 
changes between data frames. Ramping allows faster 
data taking but requires electronics that are more 
sophisticated. In addition, it takes a finite time for a 
mass to move linearly. When ramping, the first frame 
or two of data usually needs to be discarded because 
the shift is not correct until the movement is linear. 
The major difference between ramping and step- 
ping the phase shift is a reduction in the modula- 
tion of the interference fringes after detection 
(the sinc(A/2) term in eqn [5]). When the phase shift 
is stepped (A = 0), the sinc term has a value of one. 
When the phase shift is ramped (A = a) for a phase 





Figure 8 Change in OPD integrating over a A phase shift with 
sample separation a. 
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shift of a = 90° = w/2, this term has a value of 0.9. 
Therefore, ramping slightly reduces the detected 
fringe visibility. 


Signal Modulation 


Phase measurement techniques assume that the 
irradiance of the interference fringes at the camera 
covers as much of the detector’s dynamic range as 
possible and that the phase of the interference fringe 
pattern is modulating at each individual pixel as the 
phase between beams is modulated. If the irradiance 
at a single detector point does not modulate as the 
relative phase between beams is shifted, the height of 
the surface cannot be calculated. Besides the obvious 
reductions in irradiance modulation due to the 
detector sampling and pixel size or a bad detector 
element, scattered light within the interferometer, and 
defects or dirt on the test object, can also reduce 
signal modulation. Phase measurement techniques 
are designed to take into account the modulation of 
the signal at each pixel. If the signal does not 
modulate enough at a given pixel, then the data at 
that pixel are considered unusable, flagged as ‘bad’ 
and are often left blank. Phase values for these points 
may be interpolated from surrounding pixels if there 
are sufficient data. 


Three-Frame Technique 


The simplest method to determine phase uses three 
frames of data. With three unknowns, three sets of 
recorded fringe data are needed to reconstruct a 
wavefront providing a phase map. Using phase shifts 
of a; = 7/4, 37/4, and 57/4, the three fringe 
measurements at a single point in the interferogram 
may be expressed as 


= lol 1+ vcos( + 5)| 


=1f i+ 2 (cos b~ sin »| [6] 





2 cos @+ sin | [8] 





Note that (x, y) dependencies are still implied. The 
choice of the specific phase shift values is to make the 
math simpler. The phase at each detector point is 


—. afh-h 
d = tan (3-4) [9] 


In most fringe analysis techniques, we are basically 
trying to solve for terms such that we end up with the 
tangent function of the phase. The numerator and 
denominator shown above are respectively pro- 
portional to the sine and cosine of the phase. Note 
that the dc irradiance and fringe visibility appear in 
both the numerator and denominator. This means 
that variations in fringe visibility and average 
irradiance from pixel to pixel do not affect the 
results. As long as the fringe visibility and average 
irradiance at a single pixel is constant from frame to 
frame, the results will be good. If the different phase 
shifts are multiplexed onto multiple cameras, the 
results will be dependent upon the gain of corres- 
ponding pixels. 

Bad data points with low signal modulation are 
determined by calculating the fringe visibility at each 
data point using: 








_ V3 - bP? +h -— by 
y Jil, 


It is simpler to calculate the ac signal modulation 
(2Iyy) and then set the threshold on the modulation to 
a typical value of about 5-10% of the dynamic 
range. If the modulation is less than this value at any 
given data point, the data point is flagged as bad. Bad 
points are usually caused by noisy pixels and can be 
due to scratches, pits, dust and scattered light. 

Although three frames of data are enough to 
determine the phase, this and other 3-frame algor- 
ithms are very sensitive to systematic errors due to 
nonsinusoidal fringes or nonlinear detection, phase 
shifter miscalibration, vibrations and noise. In gen- 
eral, the larger the number of frames of data used to 
determine the phase, the smaller the systematic 
errors. 





[10] 


Phase Unwrapping 


The removal of phase ambiguities is generally called 
phase unwrapping, and is sometimes known as 
integrating the phase. The phase ambiguities owing 
to the modulo 27 arctangent calculation can simply 
be removed by comparing the phase difference 
between adjacent pixels. When the phase difference 
between adjacent pixels is greater than 7, a multiple 
of 2m is added or subtracted to make the 
difference less than a. For the reliable removal of 
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Figure 9 Fringes, wrapped, and unwrapped phase maps. 


discontinuities, the phase must not change by more 
than 7 (A/2 in optical path (OPD)) between adjacent 
pixels. Figure 9 shows an example of wrapped and 
unwrapped phase values. 

Given a trouble-free wrapped phase map, it is 
enough to search row by row (or column by column) 
for phase differences of more than aw between 
neighboring pixels. However, fringe patterns usually 
are not perfect and are affected by systematic errors. 
Some of the most frequently occurring error sources 
are noise, discontinuities in the phase map, violation 
of the sampling theorem and invalid data points (e.g., 
due to holes in the object or low modulation regions). 
Some phase maps are not easily unwrapped. In these 
cases different techniques like wave packet peak 
sensing in white light interferometry are used. 


Test surface 


Figure 10 Angles of illumination and viewing. 


From Wavefront to Surface 


Once the phase of the wavefront is known, surface 
shape can be determined from the phase map. Surface 
height H of the test surface relative to the reference 
surface at a location (x, y) is given by 


(x, y)A 
2a(cos 6+ cos 6’) 





H(x, y) = {11] 
where A is the wavelength of illumination, and 6 and 
6’ — the angles of illumination and viewing with 
respect to the surface normal — are shown in 
Figure 10. For interferometers (e.g., Twyman- 
Green or Fizeau) where the illumination and viewing 
angles are normal to the surface (6 = 6’ = 0), the 
surface height is simply: 


Hoey) = bey) [121 
T 

Since the wavefront measured represents the 
relative difference between the interfering reference 
and test wavefronts, this phase map only directly 
corresponds to the surface under test when the 
reference wavefront is perfectly flat. In practice, the 
shape of the reference surface needs to be accounted 
for by measuring it using a known test surface and 
subtracting this reference measurement from sub- 
sequent measurements of the test surface. 


Phase Change on Reflection 


Phase shifting interferometry measures the phase of 
reflected light to determine the shape of objects. The 
reflected wavefront will represent the object surface 
(within a scaling factor) if the object is made of a 
single material. If the object is comprised of multiple 
materials that exhibit different phase changes on 
reflection, the measured wavefront needs to be 
corrected for these phase differences (see Interfero- 
metry: White Light Interferometry). 


Overview of Phase Measurement 
Algorithms and Techniques 


There are literally hundreds of published algorithms 
and techniques. The optimal algorithm depends on 
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the application. Most users prefer fast algorithms 
using a minimal amount of data that are as accurate 
and repeatable as possible, immune to noise, adapt- 
able, and easy to implement. In practice, there are 
trade-offs that must be considered when choosing a 
specific algorithm or technique. This section provides 
an overview of the types of algorithms to aid the 
reader in sifting through published algorithms. 


Synchronous Detection 


One of the first techniques for temporal phase 
measurement utilized methods of communication 
theory to perform synchronous detection. To syn- 
chronously detect the phase of a noisy sinusoidal 
signal, the signal is first correlated (or multiplied) 
with sinusoidal and cosinusoidal reference signals 
(signals in quadrature) of the same frequency and 
then averaged over many periods of oscillation. This 
method of synchronous detection as applied to phase 
measurement can be extracted from the least squares 
estimation result when the phase shifts are chosen 
such that N measurements are equally spaced over 
one modulation period. With phase shifts a; such 
that: 


1, withi=1,...,N [13] 


the phase can be calculated from 
_ 1, Lil, y)sin a; 
d(x, y) = tan Sha. yeos a WiGGEe: | [14] 


Note that N can be any number of frames (or 
samples). The more frames of data, the smaller the 
systematic errors. This technique does not take large 
amounts of memory for a large number of frames, 
because only the running sums of the fringes 
multiplied by the sine and cosine of the phase shift 
need to be remembered. The 4-frame algorithm from 
Table 1 is an example of a direct adaptation of 
synchronous detection where simple values of 1, —1 
or 0 for every 7/2 phase shift can be assigned to the 
sine and cosine functions. 


Algorithm Design 


In the last ten years, a lot of work has been done to 
generalize the derivation of fringe analysis algor- 
ithms. This work has enabled the design of algorithms 
for specific applications, which are insensitive to 
specific systematic error sources. 

Most algorithms use polynomials for the numer- 
ator and denominator. Given fringe data: 


I; = Ipnf1 + y cos(¢ + a;)] [15] 


Table 1 Sampling function weights for a few selected 
algorithms 


























N frames Phase _ Coefficients 
shift 
T 1,-1,6 
bs 2 0,1,-1 
4 T 0, —-1,0, 1 
2 1,0,-1,0 
5 7 0, —2,0,2,0 
2 1,0, —2,0, 1 
T /3[0, 1, 1,0, -1, —1,0] 
3 =<1,=1,1,2,1,<—1, =1 
8 T 1,8,=11, =18, 15, 11,.=5, =1 
2 1,—5,-11,15,15,-11, -5,1 
a 7 /3[0, —3, —3, 3, 9,6, —6, —9, —3, 3, 3, 0] 
3 21¢=7,—11,—1, 16, 16,—1,<—11,-7, 1,2 
the phase is calculated using 
> nil; 
@=tan ! [16] 


> dil; 


The numerator and denominator of the arctangent 
argument are both polynomials. The numerator is a 
sum proportional to the sine (imaginary part) and the 
denominator is a sum proportional to the cosine (real 
part), 


num = 2kIyysin a; = > nl; [17] 


den = 2kIyy cos a; = > dil; [18] 


where the constant k depends on the values of 
coefficients. From this the fringe visibility is given by 


_ ¥(num)? + (den)? 
i 2kIy A 





The coefficient vectors for the numerator and 
denominator are window functions. For an algorithm 
such as the 4-frame technique, the weights of all 
samples are equal [1,1,1,1]. This makes the coeff- 
cients all equal. For other algorithms, such as the 5- 
frame technique, the weights are larger on the middle 
frames than on the outer frames. The weights for the 
5-frame technique are [1, 2,2,2,1]. A property of the 
coefficient vectors is that the sum of the coefficients 
for each, the numerator and denominator, should be 
zero. Examples of coefficient vectors for a few 
selected algorithms are given in Table 1. 
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Heterodyne Interferometry 


Historically, heterodyne techniques were developed 
and used before temporal phase-shifting techniques. 
These techniques generally determine the phase 
electronically at a single point by counting fringes 
and fractions of fringes. Areas are analyzed by 
scanning a detector. 

Phase shifts are usually obtained using two slightly 
different frequencies in the reference and test beams. 
The beat frequency produced by the interference 
between the reference and test beams is compared to a 
reference sinusoidal signal, which may be produced 
either optically or electronically. The time delay (or 
distance traveled) between the crossing of the zero 
phase points of the test and reference sinusoidal 
signals is a measure of the phase. Every time the test 
signal passes through another zero in the same 
direction as the test surface is moved, another fringe 
can be counted. This is how fringe orders are counted. 
If the beam is interrupted as the detector is scanned 
across the interferogram, the fringe count is corrupted 
and the measurement needs to be started again. 
Frequency multiplication (harmonics) can also be 
used to determine fractions of fringes. Today, hetero- 
dyne techniques are used mainly in distance measur- 
ing interferometers. The precision and accuracy of 
distance measuring interferometers is at least on the 
order of 1 part in 10°. 


Fourier-Transform Technique 


The Fourier-transform technique is a way to extract 
phase from a single interferogram. It is used a lot in 
nondestructive testing and stellar interferometry 
where it is difficult to get more than a single 
interferogram. The basic technique is shown schema- 
tically in Figure 11. The recorded interferogram 
distribution is Fourier transformed, and one order 
(usually the + or — first order) is either isolated and 
shifted to zero frequency or filtered out using a 


Interferogram Spectrum 


Dd - ala 


lsolate and shift 


one order Phase map 
AL CS) 
Figure 11 Fourier transform technique. 


rectangular window. After an inverse Fourier trans- 
form, the result is the phase. 

To illustrate this technique mathematically, the 
interference equation is rewritten as 


I(x, y) = Ip(x, y) + c(x, y) exp(i2 mfx) 


+c" (x, y)exp(—i2 fx) [20] 


where c(x, y) = Ip(x, y)y(x, y) exp[i¢(x, y)] and the * 
indicates a complex conjugate. The term c(x, y) 
contains the phase information we wish to extract. 
After performing a one-dimensional Fourier trans- 
form: 


(& y) = (& y) + E— fo.) + (E- fos») 


where € is the spatial frequency in the x direction, and 
italics indicate Fourier transforms. The next step is to 
filter out and isolate the second term, and then inverse 
Fourier transform to yield c(x,y). The wavefront 
modulo 277 is then given by 


[21] 


[22] 





_ -4h Imict, y)] 
eee Hee at 


where Re and Im refer to the real and imaginary part 
of the function. 

This technique has limitations. If the fringes are 
nonsinusoidal, there will not be a simple distribution 
in the frequency space; there will be many orders. 
Another problem is overlapping orders. There needs 
to be a carrier frequency present that ensures that the 
orders are separated in frequency space. This carrier 
frequency is produced by adding tilt fringes until the 
orders are separated. This means that the aberration 
(fringe deviation) has to be less than the fringe 
spacing. Another problem is aliasing. If the interfer- 
ogram is not sampled sufficiently, there will be 
aliasing and it will not be possible to separate the 
orders in frequency space. Finally, large variations in 
average fringe irradiance and fringe visibility across 
the interferogram can also cause problems. 


Spatial Carrier-Frequency Technique 


This is essentially the equivalent of the Fourier 
transform technique but is performed in the spatial 
domain. It is also used when there is only one 
interferogram available and its major applications 
include nondestructive testing and measurement of 
large optics. 

These techniques relate closely to the temporal 
phase-measurement methods; however, instead of 
using a number of interferograms they can obtain 
all the information from a single interferogram. As an 
example, let’s assume that the fringes are vertical 
and parallel to the columns on the detector array. 
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The carrier frequency (i.e., the number of tilt fringes) 
is adjusted so that there is an a phase change from the 
center of one pixel to the next. As long as there is not 
much aberration (deviation), the phase change from 
pixel to pixel across the detector array will be 
approximately constant. 

When the fringes are set up this way, the phase can 
be calculated using adjacent pixels (see Figure 12). If 
one fringe takes up 4 pixels, the phase shift a between 
pixels will be 90°. An algorithm such as the three- 
frame, four-frame, or five-algorithm can be used with 
adjacent pixels as the input. Therefore, 3, 4, or 5 
pixels in a row will yield a single-phase point. Then, 
the analysis window is shifted sideways one pixel and 
phase is calculated at the next point. This technique 
assumes that the dc irradiance and fringe visibility do 
not change over the few pixels used to calculate each 
phase value. 


Spatial Multichannel Phase-Shift Techniques 


These techniques detect all phase maps simul- 
taneously and multiplex the phase shift using static 
optical elements. This can be done by using either 
separate cameras as illustrated below or by using 
different detector areas to record each of the 
interferograms used to calculate the phase. The 
phase is usually calculated using the same techniques 
that are used for the temporal phase techniques. 


Detected signal 





Phase shift (spatial) 


Figure 12 Spatial phase shifting. Different relative phase shifts 
are on adjacent detector elements. 
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Figure 13 Spatial phase shifting using four cameras. 


As an example, a four-channel interferometer can 
be made using the setup shown in Figure 13 to record 
four interferograms with 90° phase shifts between 
them. Camera 1 will yield fringes shifted 180° with 
respect to camera 2, and cameras 3 and 4 will have 
phase shifts of 90° and 270°. The optical system may 
also utilize a holographic optical element to split the 
beam to multiplex the four phase shifts on four 
quadrants of a single camera. 


Signal Demodulation Techniques 


The task of determining phase can be broadened by 
looking toward the field of signal processing. For 
communication via radio, radar, and optical fibers 
electrical engineers have developed a number of ways 
of compressing and encoding a signal as well as 
decompressing a signal and decoding it. An inter- 
ference fringe pattern looks a lot like an am radio 
signal. Thus, it can be demodulated in similar ways. 
In recent years many new algorithms have been 
developed by drawing on techniques from communi- 
cation theory and applying them to interferogram 
processing. Many of these use different types of 
transforms such as Hilbert transforms for straight 
fringes or circular transforms for closed fringes. 


Extended Range Phase Measurement Techniques 


A major limitation of phase measurement techniques 
is that they cannot determine surface discontinuities 
larger than A/4 (A/2 in optical path (OPD)) between 
adjacent pixels. One obvious solution is to use longer 
wavelength sources in the infrared where optically 
rough surfaces look smooth and their shape can be 
measured. An alternative is two-wavelength inter- 
ferometry where two measurements at different 
wavelengths are taken and the measurable height 
limitation is now determined by the equivalent 
wavelength: 

AyAz 


Xv SO 
Al aoe 


[23] 


Another method that allows for measurement of 
smooth surfaces with large height discontinuities that 
is limited only by the working distance of the 
objective combines a white light and a phase 
measurement interferometric technique in one long 
scan. The position of the wave packet resolves 27 
ambiguities that result from the arctangent function 
(see Phase unwrapping section above). The phase of 
the fringe close to the wave packet maximum is 
determined without ambiguity. Sometimes it is not 
the step height discontinuity that is a problem but 
rather the high slope of the measured surface. If we 
know that the surface is continuous, then the 


Sensors 2012, 12 13647 


Figure 6. Cont. 














Vont_1 
| od] via 
100 pF 
HSMS 
120nH = 285C 
ee 
<—_\_—__» ! 
7mm 0.25 p 
PCB side 100 pF 
view via 
+i Vout 2 
(c) (d) 


Figure 6(a,b) assume perfect characteristic impedance between the various components in the 
matched circuit. When a copper route is introduced between components and on a material substrate, it 
must be accounted for in the total impedance as seen by the source or load. This PCB impedance 
compensation is carried out in Advance Design Systems (ADS) from Agilent [36]. ADS has extensive 
models for microstrip substrates to account for its impedances. The optimized layout using ADS 
microstrip models and its compensated values in the passive tuning components for a Delon doubler is 
shown in Figure 6(c). 

The circuit reflection coefficient (S1;) and input impedance at open circuit are shown in Figure 7. 
There is high return loss and resonance around 434 MHz. The circuit input impedance at open circuit 
conditions is ~38 Q at resonance for —40 dBm and ~17 Q at —10 dBm input. 

The measured L-matched circuit efficiency and voltage sensitivity is shown in Figure 8. The 
maximum measured L-matched efficiency at —30 dBm is 22% at ~20 kQ load and an open circuit 
voltage of 124 mV. At —10 dBm, the maximum efficiency and open circuit voltage is 47% and 2 V 
respectively. At the optimal load of ~20 kQ, the detected voltage is 58 mV and 1 V at —30 dBm and 
—10 dBm respectively. 


Figure 7. Measured open circuit S;; of the L-matched Delon circuit at different input 
power levels from a 50 Q source (left), measured open circuit input impedance at -10 dBm 
and —40 dBm of the L-matched circuit (right). 
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The open circuit voltage gain is 25 at —30 dBm and 40 at -—10 dBm. The maximum measured 
efficiency at —35 dBm is 27%. This is higher than that of -30 dBm due to the better matched circuit 
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unwrapping procedure can take advantage of this a 
priori information to look for a continuous. 


Techniques for Deformation Measurement 


Some of the techniques for deformation measurement 
have already been described earlier (see sections on 
Single frame techniques and Spatial multichannel 
phase-shift techniques). However, fringes in any 
interferometer can be analyzed not only in the x, y 
planes but also in the x, z, or y, z planes for which the 
carrier frequency of the fringes is introduced. Analysis 
of fringes in any plane has the same restrictions. 

If the initial static object shape is measured using 
conventional phase measurement techniques, not 
only can the motion of each object point be 
determined but also the deformation of the whole 
object in time. If the motion of the object is periodic, 
then the object motion can be ‘frozen’ by using 
stroboscopic illumination of the same frequency as 
the object’s motion. Once the motion is frozen, any 
temporal technique can be used to measure object 
shape at some phase of its motion. Changing the time 
offset between stroboscopic illumination and the 
periodic signal driving the motion, the object can be 
‘frozen’ and thus measured at different phases of its 
periodic motion. 


Systematic Errors 


Noise Sensitivity 


Measurement noise mostly arises from random 
fluctuations in the detector readout and electronics. 
This noise reduces precision and repeatability. Aver- 
aging multiple measurements can reduce effects of 
these random fluctuations. 


Phase Shifter Errors 


Phase shifter errors can be due to both miscalibration 
of the system and nonlinearities in the phase shift. It is 
possible to purchase very linear phase shifters. It is 
also possible to correct nonlinearities by determining 
the voltage signal making the phase shifter provide a 
linear phase shift. 

Linear phase shifter errors (miscalibration) of the 
phase shift have an error signature that is at twice the 
frequency of the fringes. If there are two fringes 
across the field of view, the error signature will have 
four across the field of view. Figure 14 shows the 
difference between a calibrated and an uncalibrated 
phase shifter as well as the difference in error for two 
different phase measurement algorithms. Some algo- 
rithms are obviously more sensitive than others to this 
type of error. 





(a) Fringes on flat 








2.3mm 


(b) 5 frame calibrated 


2.3mm 


(c) 4 frame-miscalibrated 





(d) 5 frame-miscalibrated 


Figure 14 Comparison of phase maps for calibrated and 
uncalibrated phase shifts using two different phase measurement 
algorithms. 


Other Types of Systematic Errors to Consider 


Other types of errors to consider are detector 
nonlinearities, quantization errors due to analog-to- 
digital converters, and dissimilar materials (see 
Phase change upon reflection). For temporal phase 
measurement techniques errors due to vibration and 
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Figure 15 Measurements of (a) hard disc substrate with a 
vertical range is 2.2 micrometers and (b) binary grating roughness 
standard. 


air turbulence need to be considered as well. Spatial 
phase measurement techniques are sensitive to mis- 
calibrated tilt (wrong carrier frequency), unequally 
spaced fringes, and sampling and windowing in 
Fourier transform techniques. 


Choosing an Algorithm or Technique 


Each algorithm and type of measurement technique is 
sensitive to different types of systematic errors. 
Choosing a proper algorithm or technique for a 
particular type of measurement depends on the 
specific conditions of the test itself and reducing the 
systematic errors for a particular type of measure- 
ment. This is the reason that so many algorithms 
exist. The references in the bibliography will help the 
reader determine what type of algorithm will work 
best for a specific application. 


Examples of Applications 


Phase shifting interferometry can be used for 
measurements such as hard disk flatness, quality of 
optical elements, lens curvature, dimensions and 
quality of air-bearing surfaces of magnetic read/write 
heads, cantilevers, and semiconductor elements. 
Figure 15 shows results for measurements of a hard 
disk substrate and a roughness grating. 


Conclusions 


Phase measurement interferometry techniques have 
increased measurement range and precision enabling 
the production of more complex and more precise 
components. As work continues on development of 
interferometric techniques, phase measurement tech- 
niques will continue to become more robust and less 
sensitive to systematic errors. Anticipated advances 
will enable measurements of objects that were 
unimaginable 20 or 30 years ago. 


See also 


Interferometry: White Light Interferometry. Microscopy: 
Interference Microscopy. 
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Introduction 


In 1960 the development of the laser injected new 
possibility into an old discipline, interferometry (see 
Interferometry: Overview). The excellent spatial and 
temporal coherence (ideally a single point and a single 
wavelength source) of the laser allowed for the 
formation of nonlocalized interference fringes. With 
lasers, researchers could easily generate good contrast 
fringes practically anywhere where the beams over- 
lapped. These excellent-quality fringes from laser 
interferometers enabled high-resolution distance and 
displacement measurements on the order of meters 
and made possible noncontact surface probing with 
nanometer and subnanometer resolution. This kind 
of precision, which was supported by the advent of 
computers and the advancement of detectors, was 
previously unimaginable. 

However, interference phenomena were used in 
metrology long before lasers and can be observed 
without any complicated device or source. On a rainy 
day we can observe the colorful interference patterns 
that have formed on a thin layer of gasoline in a 
puddle. The relationship between colors and the 
small distance between reflecting surfaces, observed 
as far back as 1665 by Hook, is still used to 
approximate layer thicknesses. The colors in inter- 
ference patterns have been used to determine the 
spectral components of beams. By the end of the 
nineteenth century, Michelson and Benoit were using 
interference phenomena to determine distances, long 
before the invention of the computer and the laser. 

While the application of lasers in interferometry 
has advanced the science, white light interferometry 
(WLI), which uses a spatially and temporally inco- 
herent source and creates fringes localized over a few 
microns in space, has also benefited from technologi- 
cal advancements. The development of solid state 
detectors, fast computers, electronic signal proces- 
sing, and precise scanning stages has allowed for 
incredibly fast analysis of white light interferograms. 
In fact, WLI is used in many applications from film 
thickness and surface measurement, through spec- 
troscopy to astronomy. 

This chapter focuses on the formation of white 
light fringes. We first examine the existence of white 
light fringes in the everyday world. A description of 
different interferometric setups and their uses follows. 


The bulk of this article details the formation of white 
light fringes and examines their different applications 
with an emphasis on the analysis of object structure. 
Suggestions for further reading, both within this 
encyclopedia and from outside sources, can be found 
at the end of this article. A basic theory of 
interferometry and coherence is to be found in 
corresponding articles of this encyclopedia. 


White Light Interference 
in Everyday Life 


The effects of interference display spectacular colors 
when observed in white light, such as the sun. We 
often see these effects in oil or gasoline spills, in soap 
bubbles, or between two smooth pieces of glass in 
contact (separated by a very thin layer of air film) — 
which are the simplest everyday white light inter- 
ferometers. The colors we see in these displays are 
interference colors, and their origin is interference 
rather than dispersion as in the colors of a rainbow or 
light reflected from a CD. The picture in Figure 1 is of 
a gasoline spill under cloudy sky illumination; we see 
beautiful interference colors that are hard to find in a 
rainbow: iron-gray, magenta, grayish blue, whitish 
green, and brownish yellow. Interference colors will 
differ not only with the thickness of the layer but also 
with the layer’s absorption and dispersion, the 
relative indices of refraction of the film, the surround- 
ing media, and the illumination. Interference colors 
can be observed for layers from a fraction of a micron 
to a few microns thick. 


Interferometers for White Light 
Observation 


In a white light interferometer, either the colors or the 
intensity distribution of the fringes is typically 
analyzed to retrieve the necessary encoded infor- 
mation, such as the film thickness, birefringence, 
index of refraction, dispersion, spectral properties, 
and surface structure. White light interference can be 
observed only in interferometric designs where the 
optical paths in both arms of the interferometer are 
(nearly) equal and the system is (nearly) compensated 
for dispersion. 


Interference in Thin Film 


Beams of light of different wavelengths incident on a 
transparent thin film (such as the ones in the puddle) 
are partially reflected from the top air/film interface 
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Figure 1 
microscope, if not for the leaf in the top left corner. 


and partially from the bottom film/substrate interface 
and then beams of the same wavelength interfere with 
each other. The optical path difference (OPD) 
traveled by the interfering beams is related to the 
film thickness, the index of refraction for the given 
wavelength and the angle of incidence. 

Fringes of equal thickness will be observed if the 
film thickness (distance between interfering wave- 
fronts) varies. These fringes represent points of equal 
distance between the two surfaces of the film and are 
formed close to the film (see Figure 2). This situation 
is typical in any interferometer since rarely are 
wavefronts perfectly plane and parallel. 

For any individual wavelength, A;, where the OPD 
is equal to mA;, and where m is an integer, a bright 
fringe of the color of the wavelength, A;, will be 
observed due to constructive interference. For white 
light illumination, the color at a given point will be 
dominated by the color of the wavelength for which 
the interference will be constructive. This color can be 
used to estimate the optical thickness of the film. 

An additional factor needs to be taken into account 
when color is used for estimating optical thickness, 
namely the phase change on reflection. Different 
colors will be observed if the ratio of indices of 
refraction for both film interfaces is <1 (or >1) as 
opposed to when the ratio of indices is <1 for one 
interface and >1 for the other. 


Interference colors in a gasoline spill in a puddle. This picture would closely resemble a picture from an interference 





Place of virtual : 
fringe formation 


Figure 2 Formation of fringes of equal thickness for film with 
wedge. 


Polarization Microscope 


Interference colors that correspond to equal thickness 
fringes can represent the birefringence of an object; 
these colors are often observed using a polarization 
microscope (see Microscropy: Interference Micro- 
scopy). The polarization microscope is a conventional 
microscope with a set of polarizers with crossed 
polarization axes, one placed above and the other 
placed below the tested birefringent object. 
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Interference colors have been tabulated for many 
years and for many different purposes. Newton 
devised his color scale to describe interference fringes 
for two pieces of glass in contact with each other. 
Michel-Lévy and Lacroix in 1889, created a color 
scale to help recognize different rock forming 
minerals. For more information about colors in 
white light interference see sections on White Light 
Interference and Spectral Interference below. 


Michelson Interferometer 


A Michelson interferometric setup, shown in Figure 3, 
is often used to analyze white light interference, but 
the intensity of the fringes is observed as one mirror is 
scanned rather than the color of fringes that is usually 
observed. 

Two plane mirrors (equivalent to the top and 
bottom surfaces of a thin film) return the beams to the 
beamsplitter, which recombines parts of the returned 
beams and directs them towards the detector where 
the interference is observed. Beam S1 travels through 
the parallel plate three times while beam S2 passes 
through the plate only once causing the system to be 
not well compensated (balanced) for dispersion. 
Thus, for observation of white light interference, an 
identical plate is placed in the path of beam S2. As one 
of the plane mirrors moves along the optical axis to 
change the OPD, the detector collects the irradiance, 
the intensity. Fringes will be observed if the system is 
well-compensated for dispersion and for optical path 
lengths. Any spectral changes or changes in optical 
path lengths in the interferometer affect the shape or 
position of the fringes, and the interferometer 
measures these changes. 

Common-path interferometers, like the Mach- 
Zender or Jamin interferometers, are naturally 





Compensating plate 


Beamsplitter plate 


Figure 3. Michelson interferometer. 


compensated interferometers and can be used for 
measurement of dispersion in gases. Other interfe- 
rometers, such as the Twyman-—Green or Fizeau 
interferometers, make use of their unequal interfe- 
rometer arms and their nonlocalized fringes from 
laser sources for testing different optical elements 
and systems in reflection and transition (see Interfero- 
metry: Phase Measurement Interferometry). 


White Light Interference 


A white light source consists of a wide spectrum of 
wavelengths in visible spectrum, from about 380 up 
to 750 (violet to red) nanometers. However, the 
principles of WLI described in this article basically 
apply when any low coherence source is used. Low 
coherence refers to a source of not only low temporal 
but also low spatial coherence; WLI can also be 
referred to as low coherence interferometry. We will 
be concerned mainly with temporal effect of the 
source, the source spectrum. 

Since different wavelengths from the source spec- 
trum are mutually incoherent, we will first look at 
interference between two waves of a selected mono- 
chromatic illumination with wave number k = 27/A, 
where A is the wavelength. The intensity of the 
interference fringes at point x, y (these coordinates 
are omitted in all equations), as one of the mirrors is 
scanned along the optical axis, z can be described as 


(kz) =] +h + 2Viblyz2)l cos(kz) [1] 


or can be written in the form: 





I(k,z) = if ahs ve ly(z)| cotta [2] 
ith 


where I, and I, are intensities of each of the beams 
and Ip = I, + Ih, | y(z)| is the modulus of the complex 
mutual coherence function (see Coherence: Over- 
view) assumed here to equal 1 (perfect coherence for 
each wavelength). The optical path difference z equals 
Z1 — Z. where z, and z) are the optical path lengths 
that the interfering waves have traveled. 
The difference in the traveled paths, z, corresponds 
to the position of the scanning mirror. 

White light interference (polychromatic interfer- 
ence) is the overlaying of all the monochromatic 
fringes created for each wavelength of the source 
spectrum (Figure 4a). A detector observes the sum of 
all the fringe intensities. 

In mathematical form, this interference can be 
described as the integral of all the fringes I(k, z) for all 
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Figure 4 Formation of white light fringes: (a) fringes for 
individual wavelengths; (b) fringes for white light. 


wavenumbers k: 
ky 
I(z) = ih S(R)D(R)I(R, z)dk [3] 


where S(k) is the spectral distribution of the light 
source, with S(k) = 0 outside of k; through ky range 
of wave numbers, and D(k) is a spectral response of 
the detector. We assume that the detector’s response 
D(k) equals 1 over the whole spectrum. Because the 
spacing of the fringes for each wavelength emitted by 
the white light source is different, the maxima of 
fringes will align around only one point for a well- 
compensated interferometer, as shown in Figure 4a. 
This alignment around a single point, occurs because 
in a well-compensated interferometer there is one 
point for which the OPD is zero for all wavelengths. 
Away from this point, the observed sum of the 
intensities quickly falls off, as shown in Figure 4b. 
The maximum fringe, the fringe that marks the zero 
OPD, is called the zero-order fringe, and each next 
fringe of smaller amplitude on either side is called +1 
and —1, +2 and —2 order fringe, and so on. 
Because white light fringes are localized and can 
only be found within microns or tens of microns of 
the zero OPD, white light interferometers are 


excellent distance and 3D position sensors. However, 
this same characteristic makes them more difficult to 
align than interferometers with nonlocalized fringes. 


Envelope of Fringes Due to Source Spectrum 


The resultant intensity of interference from a broad 
spectrum source (see eqn [3]) can be described in 
general form as 


I(z) = Ip{1 + Vz) cos(koz)] [4] 


where I) = I, + Jy is the background intensity, V(z) is 
the fringe visibility function or coherence envelope, 
and ky = 277/Ag is the central wave number for fringes 
under the envelope. The V(z) is proportional to the 
modulus of the Fourier transform of the source 
spectrum S(k). Generally, if the light source has a 
Gaussian spectrum S(k), then the envelope of the 
fringes can be described also as a Gaussian function 
V(z). If the spectrum of the source is rectangular, then 
the envelope of the fringes will be a sinc function. The 
wider that the spectrum of the source is the narrower 
the width of the envelope will be, as shown in 
Figure 5. The width of the fringe envelope determines 
the coherence length of the source (see Coherence: 
Overview); for a white light source this width is in the 
order of 1-2 microns. 

Different white light sources, such as tungsten- 
halogen, incandescent, or arc lamps, have different 
spectra and thus create different coherence envelopes, 
as shown in Figure 5. The spectra of semiconductor 
light sources, such as LEDs and SLDs, are similar in 
shape to a Gaussian function. 

The fact that the coherence envelope is related to 
the spectrum of the source by its Fourier transform is 
commonly used in Fourier transform spectroscopy, 
where the Fourier transform of the detected fringes is 
calculated to find the spectral components of the 
beams. 


Position of Fringes Under Envelope Due to 
Reflection of Dielectric 


Thus far we have assumed that in WLI the inter- 
ferometer is compensated for all wavelengths, and 
thus, for this position the maximum of the fringes 
aligns with the maximum of the envelope, namely 
where there is a zero phase shift g) = 0 between 
fringe and envelope maxima. 

If there is an odd number of reflections from 
dielectric surfaces in one arm of the interferometer 
and an even number in the other, the fringes will be 
shifted by g) = 180° under the coherence envelope 
and the minimum of the fringe will align with the 
maximum of the coherence envelope. Thus eqn [4] 
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Figure 5 Spectrum and interferogram for (a) tungsten-halogen lamp and for (b) red LED sources. 


can be expressed in a more general form: 
I(z) = Ip[1 + V(z) cos(koz + ¢o)] [5] 


Figure 6 shows color fringes for such a case; the dark 
fringe marks the zero OPD, and this fringe is 
surrounded by the greenish blue colors of shorter 
wavelengths. In contrast, the bright fringe at the 
maximum envelope position or marking the zero 
OPD would be surrounded by the reddish colors of 
longer wavelengths. 

In a real system the fringes may be shifted with 
respect to the envelope by any amount of @o, and this 
shift may be due to any number of factors, such as the 
phase shift on reflection from nondielectric surfaces 
and dispersion, which we consider next. 


Changes in Envelope and Fringes Due to 
Reflection of Nondielectric Materials 


The relative position of the envelope maximum and 
fringe position will be different if the beam is reflected 
from different nondielectric materials. This difference 
exists because the phase change on reflection from a 
test surface, like metals or heavily doped semicon- 
ductors, varies with each wavelength. This variance 
in fringe and peak coherence position may be 


predicted and corrected for in surface height calcu- 
lations. The linear dependence of the phase change on 
reflection versus wave number shifts the location of 
the coherence envelope peak position of fringes by 
different amounts. The constant phase change on 
reflection and higher-order terms only shift the fringes 
underneath the coherence envelope. As long as the 
change on reflection has a small dependence on 
the second- and higher-order of the wave number, the 
shape of the coherence envelope is preserved. 


Changes in Envelope and Fringes 
Due to Dispersion 


Dispersion in an interferometer that is not balanced, 
perhaps because a dispersive element was placed in 
one arm or the compensating plate has an incorrect 
thickness, will influence fringe formation. The phase 
delay between interference patterns for individual 
wavelengths is proportional to the product of the 
geometrical path and the index of refraction equal to 
dx nk). 


The intensity may be described as: 


ky 
i@= I, GLVAcke=kaeiyde «= HI 
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Figure 6 Formation of white light fringes with destructive 
interference for OPD = 0. 


The dependence of the refractive index on the wave 
number k can be described as a linear expansion: 


: 
n(k) = nko) + nals — ko) [7] 


The linear dispersion shifts the envelope by the group 
index of refraction times the thickness of the 
dispersive element; this dispersion also shifts the 
fringes under the envelope slightly. In other words, 
the linear phase delay for a range of wavelengths 
causes a group delay of the whole envelope (wave 
packet). Higher-order dispersion, absorption of the 
elements, or effects due to thin films can cause the 
envelope to widen or even become asymmetrical, 
the position of the fringes under the envelope to shift, 
the fringes to lose contrast, and the period of the 
fringes to change or vary with the z position. 
Dispersion effects will be stronger for sources that 
have a wider spectrum; however, the observed 
changes will be different for different shapes of 
spectra. 

The phase of the fringes under the envelope and the 
position of the envelope itself are parameters often 


used in astronomy. Highly accurate white light fringe 
estimation, using the optical path-length delay 
between the two arms of the interferometer, is a 
cornerstone of stellar interferometry. 


Fourier Analysis of White Light Interferograms 


Wavelength-dependent changes in a white light 
interferogram can be more easily analyzed in the 
spectrum rather than the spatial domain. The Fourier 
transform of a white light interferogram yields two 
symmetrical side lobes at the mean wavelength of the 
interferogram; analysis of just one of these side lobes 
is sufficient. The spectral amplitude of the side lobe 
contains information about the spectral components 
of the interfering beams, while the spectral phase in 
regions with appreciable spectral amplitude supplies 
information about any unbalanced dispersion in the 
interferometer, as shown in Figure 7. Fourier trans- 
form analysis is extensively used in Fourier transform 
spectrometry (see Spectroscopy: Fourier Transform 
Spectroscopy). 

For a dispersion-balanced interferometer, the inter- 
ferogram is symmetrical around the zero OPD 
position. For a symmetrical interferogram, the 
spectral phase will be zero if the zero OPD position 
of the sampled interferogram is in the middle of 
sampling range; otherwise a linear factor appears in 
the spectral phase. This linear term, while useful to 
surface profiling, because it determines the position of 
the coherence signal with respect to scanner 
sampling, is unwanted in Fourier spectroscopy and 
needs to be corrected for. Dispersion and possible 
thin-film effects will commonly introduce a non- 
linearity in the spectral phase. 


Controlled Phase Shift of Fringes Under the 
Envelope - Geometric Phase Shift 


Many techniques in interferometry depend on shift- 
ing the phase of the interfering wavefronts. Mechan- 
ical shifters used in white light interferometry will 
introduce the same shift measured in nanometers for 
all wavelengths; however, when measured in degrees 
or radians, the shift will vary for different wave- 
lengths. Geometric phase shifters (achromatic phase 
shifters operating on the principle of geometric phase) 
introduce for all wavelengths the same shift when 
measured in degrees and are based on polarization 
elements like a rotating wave plate in circularly 
polarized light or a rotating polarizer in a circularly 
polarized beam. Fringes underneath the coherence 
envelope shift, as shown in Figure 8, while the 
coherence envelope stays in place. 

The advantage to these techniques is that only 
the phase of fringes changes, not the fringe contrast 
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Figure 7 Spectral amplitude (a) and spectral phase (b) for input 
from unbalanced interferometer (c). 


(see Interferometry: Phase Measurement Interfero- 
metry). A geometrical phase shifter can be very useful 
in polarization microscopes (Figure 9), white light 
shearing interferometers, or any system where the 
phase of the white light fringes needs to be measured. 


Spectral Interference 


White light fringes, because they are made up of 
fringes of many wavelengths, are observed only over 
very small path differences. If we filter only a narrow 
band from the white light spectrum, fringes would be 
visible over a much larger scan. For different 
wavelengths we would observe different color and 
frequency fringes; this is simply the reverse process of 
the description in the white light interference section. 

If we place a spectrometer in the observation plane 
of the white light interferometer (Figure 10), we will 
observe fringes with continuously changing wave- 
lengths in dispersed light. These fringes are called 
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Figure 8 Fringes for two different geometric phase shifts. 
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Figure 9 Polarization interferometer with geometric phase shift. 


fringes of chromatic order or channeled spectrum 
fringes and find their application in film thickness 
measurement or absolute distance measurement in 
the range up to 1 mm. Channeled spectra were used 
for analysis of dispersion, thin film, and spectroscopic 
measurements. The number of observed fringes for a 
given wavelength is directly proportional to the 
measured optical path difference. The optical path 
difference can be determined if the difference in fringe 
numbers is determined for two well-known wave- 
lengths (this is equivalent to two-wavelength inter- 
ferometry). The optical path difference can be also 
quickly estimated from the frequency of fringes for a 
given wavelength; the larger the optical path differ- 
ence, the denser the fringes. 


Surface Topography and Object 
Structure Measurement 


Although WLI has many applications, this section 
focuses on white light interference as applied to 
surface topography measurement. Interference 
microscopes that use white light illumination are 
often based on the Michelson setup shown in 
Figure 11. 
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fringes of equal chromatic order for OPD measurement. 


A beamsplitter cube is placed underneath the bright 
field objective, and one mirror is placed to the side at 
the focus plane of the objective while the other mirror 
is replaced by the measured surface with respect to 
which the whole interference objective is scanned. The 
narrowly localized fringes at the best focus position for 
each point of the surface corresponding to a pixel on 
the CCD camera is observed during the scan. Because 
of the design of the Michelson objective, in order 
to accommodate higher magnification objectives 
constraints, other interference setups like Mirau and 
Linnik were developed (see Microscopy: Interference 
Microscopy). However, these designs are still based on 
the Michelson interferometer, being also compensated 
interferometers with equal lengths and amounts of 
glass in each arm. 

These interference microscopes typically have two 
complementary modes of operation; one mode uses 
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Figure 11 Michelson interferometric objective. 


monochromatic illumination and the other employs a 
white light source. Monochromatic illumination 
provides excellent vertical resolution but is limited 
in its range. It cannot correctly assign fringe order to 
discontinuous surfaces larger than 160 nanometers. 
Figure 12a shows monochromatic fringes for the 
surface of the profile shown in Figure 13. We see that 
with the monochromatic illumination the height of 
the grooves remains unknown because it is impossible 
to assign order numbers to these fringes. 

To resolve this ambiguity, white light illumination 
is employed because it allows for easy identification 
of the zero order fringe. Figure 12b shows white 
light fringes created for the same surface. We see 
the zero-order fringe for the zero OPD as well as the 
next orders due to the decreasing contrast of the 
fringes. The position of the zero-order fringe can be 
followed and approximate heights can be deter- 
mined visually. Thus, white light illumination 
permits the measurement of a broader range of 
surfaces that are rough or have large height 
variations up to a few millimeters. 

The white light interferometer is a great focus 
detector (Figure 14) at each point of the field of view. 
The principle behind WLI is finding these individual 
focus positions using localized fringes observed 
during the surface scan. WLI interferometers provide 
high lateral resolution and large vertical range in the 
order of hundreds of nanometers or micrometers 
(Figure 15). White light interferometers are com- 
monly used to measure magnetic heads, MEMS 
devices, binary optic, and machined surfaces. 


Signal Processing of White Light Interferograms 


For WLI topographic measurements, each pixel 
registers an interferogram whose position varies 
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impedance at —35 dBm (35 Q) than at —30 dBm (27 Q) input. The L-matched RF to DC power 
converter has a loaded Q, sensitivity and efficiency determined mainly by the diodes resistance, diodes 
junction potential, connected resistance and antenna source resistance at matched conditions. 


Figure 8. Measured L-matched circuit efficiency versus resistive load at various input 
power levels at 434 MHz (left), measured open circuit voltage and at 17 kQ load versus 
input power at 434 MHz (right). 
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2.5.4. PI-match RF to DC Power Converter 


A highly selective or small frequency bandwidth RF power converter is realized with a PI-network 
in-between the source impedance from the antenna and the diode rectifier. A PI-network is a ‘back to 
back’ L-network that are both configured to match the load and source impedance to an invisible 
resistance located at the junction between the two L-networks [37]. The quality factor of the L-network 
with the parallel resistance is given by Equation (26): 





QO, = =, (26) 


where Rp is the parallel resistance, R* is a virtual resistance and Qp* is the quality factor of the 
L-network with the parallel resistance. The quality factor of the L-network with the series resistance is 
given by Equation (27): 





QO; = — 1, (27) 


where Qs* is the quality factor of the L-network with the series resistance. The unloaded quality factor; 
Os* or Op* is set higher than what is normally achieved with a single L-network [37] to realize the small 
frequency bandwidth circuit. The resistance of the load is assigned the parallel network in a PI-matched 
circuit if its series equivalent resistance is higher than the source series equivalent resistance; the 
opposite is true if the source is higher than the load. Equation (26) and Equation (27) are synonymous 
to Equation (8), except the lowest resistive impedance in Equation (8) is substituted with the virtual 
resistance which is dependent on the newly desired circuit selectivity. From Equations (26) and (27) the 
loaded quality factor of the PI-matched circuit can be written as Equation (34) in terms of Os* and Op*: 


INTERFEROMETRY / White Light Interferometry 383 








(a) 
Figure 12 





78.4um 


Figure 13 3D object profile — binary grating. 


with the surface height. Figure 16 shows two 
interferograms for two positions in the field of view 
of a measured step height surface; the first shows the 
top surface of the step height and the second shows 
the bottom surface of the step height. 

Algorithms have been developed to analyze 
the signal in different ways. Some focus on finding 
the fringe envelope position and others examine the 
position of the fringe underneath the envelope. These 
algorithms work under the assumption that white 
light fringes can be described by the same function 
over the whole field of view of the interferometer. 
Algorithms are applied to a signal so as to find the 
position of the coherence envelope for each pixel. 
This process is called coherence gating, and all 
algorithms perform coherence gating. 

Some algorithms look for the position of the 
envelope’s maximum in a process whereby first the 
coherence envelope of the fringes is found using signal 
filtering. Then, the curve is fit to a few points around 
the envelope’s maximum, and finally the position of 
the envelope’s maximum is found. Other algorithms 
calculate the center of mass of the coherence signal, as 


(b) 


Fringes in quasimonochromatic and white light for object similar to one as presented in Figure 13. 


described in eqn [8]: 
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This method is very fast and computationally efficient. 
Center of mass calculations are equivalent to calcu- 
lations of the maximum of the envelope position, but 
only for a symmetrical signal. For an asymmetrical 
signal a piston is introduced for each point; however, 
this piston does not affect the whole measurement. Still 
another method calculates the spectral phase slope in 
the Fourier domain to determine the position of the 
coherence envelope in a process that is equivalent to 
finding the center of mass. Finally, a different group of 
algorithms tracks the position of the bright or dark 
fringe close to the envelope’s maximum. 


Scanner Speed - Sampling Rate 


A practical sampling rate of the white light inter- 
ference signal is around four pixels per fringe. 
Because in most algorithms it is not the position of 
the fringes that we want to determine but rather the 
position of the envelope of the fringes, sampling the 
envelope of the fringes with four samples is usually 
sufficient. However, this sufficiency comes at the 
expense of lower repeatability (higher noise). The 
advantage to this sampling rate is short measurement 
time; higher sampling rates increase measurement 
time. Measurement speed can be increased by up to 
25 times when the envelope of the fringes is widened 
by filtering light of a bandwidth about 20-40 nm 
from the white light source. 


Scanner Nonlinearity 


Scanner motion is assumed to be linear, but non- 
linearity in this motion impairs measurement 
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Figure 14 Operation of white light interferometer for surface topography measurement. 





Figure 15 WLI measurement of Fresnel lens in a high- 
resolution mode. Courtesy of Glimmerglass. 


accuracy. To account for this, simple algorithms can 
calculate the average steps along each interferogram 
in scanning direction (Figure 17) and measured steps 
can be used in coherence detection algorithms. 


In order to have continuous information about 
the scan steps, the fringes should be visible some- 
where in the field of view at each moment of the 
scan. This task may require introducing a large tilt 
for samples with large discontinuities such as 
stepped surfaces. For large discontinuities where 
introducing sample tilt may not be sufficient, the 
envelope of the fringes can be extended by 
increasing the spatial or temporal coherence of the 
light source. An alternate solution involves measur- 
ing the scanner motion with a distance-measuring 
interferometer or triggering the camera to collect 
intensity data at every equal scan step, which can be 
determined by using the zero-crossing technique, as 
is commonly done in Fourier transform spec- 
troscopy. Equal scan steps are more suitable for 
techniques based on transform techniques that 
assume equal sampling. Other peak detection 
algorithms, such as center of mass calculations, 
make use of measured but not necessarily equal 
steps directly in the algorithm. 

Observing the phase along the interferogram can 
also provide information that is important in optical 
fiber sensing. These observed changes, which assume 
that sampling rates of the interferogram are known, 
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Figure 16 White light fringes as seen by two pixels during scan 
through focus for object in form of step. 
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Figure 17 Phase calculated along the white light interferogram. 
This calculated phase can be used to determine scanner motion. 


enable correction for changes in wave number value 
ky which can be due to such things as changes in the 
working voltage of bulb, an introduced higher-order 
dispersion, or a large tilt of the sample. 


Increased Resolution White Light Interferometry 


Interferometric methods that employ a monochro- 
matic light source to detect the phase of the fringes 
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Figure 18 Fringes for (a) thin and (b) thick film. 


(see Interferometry: Phase Measurement Interfero- 
metry) can achieve about 10 times better (0.3 nan- 
ometers versus 3 nanometers) vertical resolution than 
the WLI methods described so far. Combining 
coherence position detection from WLI to determine 
fringe order with the phase detection of phase shifting 
techniques allows for the measurement of samples 
with height discontinuities larger than 160 nan- 
ometers with the resolution and accuracy of phase 
shifting interferometry (PSI). This combination is 
particularly well-suited for determining the shape of 
smooth surfaces with large height differences such as 
binary diffractive optics or micro-electromechanical 
systems (MEMS) (see Figure 15). 

Using this combined method we obtain both a 
lower-resolution map of the envelope position and a 
higher-resolution map of the phase (position) of the 
zero order fringe. These maps may differ slightly due 
to effects similar to those discussed in sections 
Changes in Envelope and Fringes Due to Reflection 
of Nondielectric and Changes in Envelope and 
Fringes Due to Dispersion above. In interference 
microscopes, shifts in the envelope and fringe 
position may be introduced by field-dependent and 
chromatic aberrations of the system and the system’s 
effective numerical aperture. These shifts can vary for 
different points on the tested surface, but for 
simplicity are assumed to be constant over the field. 
Some correction for these effects can be applied. 


Film Thickness Measurement 


White light interferograms that are obtained in an 
optical profiler can be used to measure transparent 
film thicknesses because the character of the inter- 
ferogram changes with the thickness of the film 
(Figure 18). Two different techniques, a thin or thick 
film technique, are used depending of the range of the 
film thickness. A thick film technique is used if two 
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the film. The typical range of measurable film 
thicknesses runs from 3 to 150 microns, depending 
on the dispersion of the film. This measurement 
allows for the detection of flows on the surface and 
interface of the film. Similar principles based on 
finding the position of the coherence envelopes are 
used for distance sensing, thickness measurement of 
plates, and the cornea of the eye, in low coherence 
reflectometry and structure measurements in biologi- 


cal samples in optical coherence tomography. 


Thin film measurement 

For thicknesses of five microns down to tens of 
nanometers, the white light interferogram is 
created from the interference between the beams 
reflected from the reference mirror and the two beams 
reflected from the thin film layer. Once the inter- 
ferogram is registered while the objective is scanned 
vertically with a constant velocity, the spectral phase 
is calculated by applying a Fourier transform to the 
measured signal at each pixel as described in the 
section Fourier Analysis of White Light Interfero- 
grams above. The phase slope is subtracted and 
the dispersion of the system needs to be known. 
The spectral phase for the thin film interference has 
the form of a polynomial; thus, the polynomial for the 
chosen film model (n and k) is fitted, and regression 


Figure 20 Thinfilm (see Figure 18a): (a) irradiance, (b) spectral 
amplitude and (c) spectral phase. 


analysis is used to find the best fit and, therefore, the 
film thickness (Figure 20). 


Spatial Coherence Effects in the Interference 
Microscope 


So far we have been discussing temporal coherence 
effects, but everywhere that the source has a 
wavelength bandwidth, spatial coherence may play 
an important role. In an interference microscope for 
surface topography measurement, the size of the 
aperture of the condenser is on the order of the 
aperture of the objective that illuminates the surface 
with a wide range of angles. For large angles, which 
are determined by the numerical aperture (NA) of the 
objective, where NA = 0.5-0.95, the combination of 
the influence of the spatial and temporal coherence is 
clearly visible. The additional spatial effects include a 
reduction of the fringe envelope width and a decrease 
in fringe spacing corresponding to ko. Calibration 
of fringe spacing is typically done on the system 
and accounts for spatial effects as well as for any 
uncertainty of ky due to the source spectra, the 
working temperature of the source, the spectral 
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response of the detector and the influence of 
other factors like the intensity distribution in the 
illuminating aperture. The spatial influences can be 
reduced by stopping down the condenser, which 
causes an increase in the contrast of the fringes. 


Rough Surfaces 


Rough surfaces are difficult to measure using inter- 
ferometric techniques, but under certain coherence 
conditions white light interference can do the job. For 
rough surfaces, if the microstructure of the object is 
not resolved by the imaging system, speckles, rather 
than fringes, are observed. Each speckle has a random 
phase which is approximately constant in the whole 
speckle area. If the rough surface is scanned through 
focus, each individual speckle exhibits the intensity 
modulation that is typical for WLI. These speckles 
enable the measurement, but they also introduce 
noise proportional to the roughness of the measured 
surface. 

Despite the noise that speckles introduce into the 
WLI measurement, WLI has an advantage because it 
rejects the light that has undergone scattering outside 
of a small sample volume, thus allowing precise 
noninvasive measurement of object structure, even in 
dense media. 


Applications 


WLI is used in many disciplines and instruments 
such as: 


e Fourier transform spectroscopy — source and 
material properties; 

e Michelson stellar interferometer — angular size of 
star, binary stars, delay measurement in optical 
paths of interferometer; 

e Shearing interferometry — structure measurement; 

e DIC Nomarski interferometry — structure measure- 
ment; 


e Speckle interferometry — structure measurement; 

e Holography — structure measurement; 

e Optical sensors — temperature, pressure, distance; 

e Optical coherence tomography —_ structure 
measurement. 

See also 


Coherence: Coherence and Imaging; Overview. Holo- 
graphy, Techniques: Holographic Interferometry. Inter- 
ferometry: Phase Measurement Interferometry. 
Microscopy: Interference Microscopy. Spectroscopy: 
Fourier Transform Spectroscopy. 
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Introduction 


This article gives a brief history of the development of 
the laser and goes on to describe the characteristics of 
the carbon dioxide laser and the molecular dynamics 
that permit it to operate at comparatively high power 
and efficiency. It is these commercially attractive 
features and its low cost that has led to its adoption as 
one of most popular industrial power beams. This 
outline also describes the main types of carbon 
dioxide laser and briefly discusses their characteristics 
and uses. 


Brief History 


In 1917 Albert Einstein developed the concept of 
stimulated emission which is the phenomenon used in 
lasers. In 1954 the MASER (Microwave Amplifica- 
tion by Stimulated Emission of Radiation) was the 
first device to use stimulated emission. In that year 
Townes and Schawlow suggested that stimulated 
emission could be used in the infrared and optical 
portions of the electromagnetic spectrum. The device 
was originally termed the optical maser, this term 
being dropped in favor of LASER, standing for: Light 
Amplification by Stimulated Emission of Radiation. 
Working against the wishes of his manager at Hughes 
Research Laboratories, the electrical engineer Ted 
Maiman created the first laser on the 15 May 1960. 
Maiman’s flash lamp pumped ruby laser produced 
pulsed red electromagnetic radiation at a wave- 
length of 694.3 nm. During the most active period 
of laser systems discovery Bell Labs made a very 
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significant contribution. In 1960, Ali Javan, William 
Bennet and Donald Herriot produced the first Helium 
Neon laser, which was the first continuous wave 
(CW) laser operating at 1.15 wm. In 1961, Boyle and 
Nelson developed a continuously operating Ruby 
laser and in 1962, Kumar Patel, Faust, McFarlane 
and Bennet discovered five noble gas lasers and lasers 
using oxygen mixtures. In 1964, C.K.N. Patel created 
the high-power carbon dioxide laser operating at 
10.6 pm. In 1964, J.R Geusic and R.G. Smith 
produced the first Nd:Yag laser using neodymium 
doped yttrium aluminum garnet crystals and 
operating at 1.06 pm. 


Characteristics 


Due to its operation between low lying vibrational 
energy states of the CO molecule, the CO laser has 
a high quantum efficiency, ~40%, which makes it 
extremely attractive as a high-power industrial 
materials processing laser (1 to 20 kW), where energy 
and running costs are a major consideration. Due to 
the requirement for cooling to retain the population 
inversion, the efficiency of electrical pumping and 
optical losses — commercial systems have an overall 
efficiency of approximately 10%. Whilst this may 
seem low, for lasers this is still a high efficiency. The 
CO, laser is widely used in other fields, for example, 
surgical applications, remote sensing, and measure- 
ment. It emits infrared radiation with a wavelength 
that can range from 9 um up to 11 pm. The laser 


Group(5) 


Population = 7, 
Vibrationally excited 
nitrogen | 


Group(1) 


Population = 9, 
Asymmetric stretching 
mode 


















Group{4} 


Group{0} 


transition may occur on one of two transitions: 
(00°1) > (10°90), A=10.6 pm; (00°1) > (02°0), 
A= 9.6 wm, see Figure 1. The 10.6 wm transition 
has the maximum probability of oscillation and gives 
the strongest output; hence, this is the usual 
wavelength of operation, although for specialist 
applications the laser can be forced to operate on 
the 9.6 wm line. 

Figure 1 illustrates an energy level diagram with 
four vibrational energy groupings that include all the 
significantly populated energy levels. The internal 
relaxation rates within these groups are considered to 
be infinitely fast when compared with the rate of 
energy transfer between these groups. In reality the 
internal relaxation rates are at least an order of 
magnitude greater than the rates between groups. 

Excitation of the upper laser level is usually 
provided by an electrical glow discharge. However, 
gas dynamic lasers have been built where expanding a 
hot gas through a supersonic nozzle creates the 
population inversion; this creates a nonequilibrium 
region in the downstream gas stream with a large 
population inversion, which produces a very high- 
power output beam (135kW —- Avco Everett 
Research Lab). For some time the gas dynamic laser 
was seriously considered for use in the space-based 
Strategic Defence Initiative (SDI-USA). The gas 
mixture used in a CO, laser is usually a mixture of 
carbon dioxide, nitrogen, and helium. The pro- 
portions of these gases varies from one laser system 
to another, however, a typical mixture is 10%-CO,; 
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Figure 1 Six level model used for the theoretical description of COz laser action. 
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10%-N2; 80%-He. Helium plays a vital role in the 
operation of the CO, laser in that it maintains the 
population inversion by depopulating the lower laser 
level by nonradiative collision processes. Helium is 
also important for stabilization of the gas discharge; 
furthermore it greatly improves the thermal conduc- 
tivity of the gas mixture, which assists in the removal 
of waste heat via heat exchangers. 

Small quantities of other gases are often added to 
commercial systems in order to optimize particular 
performance characteristics or stabilize the gas 
discharge; for brevity we only concern ourselves 
here with this simple gas mixture. 


Molecular Dynamics 


Direct Excitation and De-excitation 


It is usual for excitation to be provided by an 
electrical glow discharge. The direct excitation of 
carbon dioxide (CO;) and nitrogen (N>) ground state 
molecules proceeds via inelastic collisions with fast 
electrons. The rates of kinetic energy transfer are a 
and y, respectively, and are given by eqns [1] and [2]: 


= 2 -1 

a= Eacs Xms (sec ~) [1] 
_ Fy,xIP oy 

Y Em, (sec ") [2] 


where: 


Foo, = Fraction of the input power (IP) coupled into 
the excitation of the energy level Eoq01, 70 is 
the CO ground level population density; 

= Fraction of the input power (IP) coupled into 
the excitation of the energy level E,_,; and 14 
is the N> ground level population density. 


Px 


2 


The reverse process of the above occurs when 
molecules lose energy to the electrons and the 
electrons gain an equal amount of kinetic energy; 
the direct de-excitation rates are given by 7 and B, 
eqns [3] and [4], respectively: 





n=ax exp( Ft sce [3] 
B=yx csp al Jesse [4] 


where E, is the average electron energy in the 
discharge. 
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Figure 2 Electron energy distribution function. 


E.,Fcoo,, and Fx, are obtained by solution of the 
Boltzmann transport equation (BTE); the average 
electron energy can be optimized to maximize the 
efficiency (Fcoo,, Fx,) with which electrical energy is 
utilized to create a population inversion. Hence, the 
discharge conditions required to maximize efficiency 
can be predicted from the transport equation. Figure 2 
shows one solution of the BTE for the electron energy 
distribution function. 


Resonant Energy Transfer 


Resonant energy transfer between the CO, (00°1) 
and N2 (v = 2) energy levels (denoted 1 and 5 in 
Figure 1) proceeds via excited molecules colliding 
with ground state molecules. A large percentage of 
the excitation of the upper laser level takes place via 
collisions between excited Nz molecules and ground 
state CO2 molecules. The generally accepted rate of 
this energy transfer is given by eqns [5] and [6]: 


Ks; = 19000 Po, (sec™') [5] 


Kis = 19000 Py, (sec ') [6] 


where Pco, and Py, are the respective gas partial 
pressures in Torr. 

Hence, CO, molecules are excited into the upper 
laser level by both electron impact and impact with 
excited N> molecules. The contribution from N» 
molecules can be greater than 40% depending on the 
discharge conditions. 
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Collision-Induced Vibrational Relaxation of the 
Upper and Lower Laser Levels 


The important vibrational relaxation processes are 
illustrated by Figure 1 and can be evaluated from eqns 
[7-10]; where the subscripts refer to the rate between 
energy levels 1 and 32; 21 and 31; 22 and 31; 32 and 
0, respectively: 


K132 = 367 Pco, + 110 Py, +67 Pre (sec') [7] 
Ky131 = 6 X 10° Pco, (sec ') [8] 
Ky731 = 5.15 X 10° Peo, (sec ') [9] 


K399 =200 Peo, +215 Py, +3270Pye(sec!) [10] 

Ki32, Ko131, and Ky.3; are vibration/vibration 
transfer rates and K379 is a vibration/translation 
transfer rate. Note the important effect of helium on 
eqn [10]; helium plays a major role in depopulating 
the lower laser level, thus enhancing the population 
inversion. Py, is the partial pressure of helium in Torr. 


Radiative Relaxation 


Spontaneous radiative decay is not a major relaxation 
process in the CO, laser but it is responsible for 
starting laser action via spontaneous emission. The 
Einstein ‘A’ coefficient for the laser transition is given 
by eqn [11]: 


A = (Typ) = 0.213 (sec *) [11] 


Gain 


The gain (g) is evaluated from the product of the 
absorption coefficient (0) and the population inver- 
sion, eqn [12]: 


= (mo = e700) cm! [12] 
§2 

For most commercial laser systems the absorption 
coefficient is that for high-pressure collision- 
broadening (P > 5.2 Torr) where the intensity 
distribution function describing the line shape is 
Lorentzian. The following expression describes the 
absorption coefficient, eqn [13]: 


_ 692.5 ed 


Treo( 1 4.46032 4. 14846] 





NCO, NCO, 
[13] 


where T is the absolute temperature and 1 refers to 
the population density of the gas designated by the 
subscript. 

This expression takes account of the different 
constituent molecular velocity distributions and 
different collision cross-sections for CO,— COs, 
N2 — CO, and He — CO; type collisions. Equation 
[13] also takes account of the significant line broad- 
ening effect of helium. 

Neglecting the unit change in rotational quantum 
number, the energy level degeneracies g; and g) may 
be dropped. 1,909 is partitioned such that 14909 = 
0.1452) and eqn [12] can be re-cast as eqn [14]: 


g = o(n, — 0.1452n) cm! [14] 


where 7, and 7) are the population densities of energy 
groups ‘1’ and ‘2’ respectively. 


Stimulated Emission 


Consider a laser oscillator with two plane mirrors, 
one placed at either end of the active gain medium, 
with one mirror partially transmitting (see Figure 4). 
Laser action is initiated by spontaneous emission that 
happens to produce radiation whose direction is 
normal to the end mirrors and falls within the 
resonant modes of the optical resonator. The rate of 
change of photon population density (I) within the 
laser cavity can be written as eqn [15]: 


I 

oe =I,e- T, [15] 
where the first term on the right-hand side accounts 
for the effect of stimulated emission and the second 
term represents the number of photons that decay out 
of the laser cavity, Ty is the photon decay time, given 
by eqn [16], and is defined as the average time a 
photon remains inside the laser cavity before being 
lost either through the laser output window or due to 
dispersion; if dispersion is ignored, I,/To, is the laser 
output: 


2L 


1 
ole: ke 


where L is the distance between the back and the 
front mirrors, which have reflectivities of Rg and Rr, 
respectively. The dominant laser emission occurs on a 
rotational—vibrational P branch transition P(22), 
that is (J =21)—(J= 22) line of the (00°1)— 
(10°0),A = 10.6 ym transition, where J is the 
rotational quantum number. The rotational level 
relaxation rate is so rapid that equilibrium is 
maintained between rotational levels so that they 





To = [16] 
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feed all their energy through the P(22) transition. This 
model simply assumes constant intensity, basing laser 
performance on the performance of an average unit 
volume. By introducing the stimulated emission term 
into the molecular rate equations, which describe the 
rate of transfer of molecules between the various 
energy levels illustrated in Figure 1, a set of molecular 
rate eqns [17-21] can be written that permit simula- 
tion of the performance of a carbon dioxide laser: 





du 
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The terms in square brackets ensure that the system 
maintains thermodynamic equilibrium; subscript ‘e’ 
refers to the fact that the populations in the square 
brackets are the values for thermodynamic equili- 
brium. The set of five simultaneous differential 
equations can be solved using a Runge-Kutta 
method. They can provide valuable performance 
prediction data that is helpful in optimizing laser 
design, especially when operated in the pulsed mode. 
Figure 3a illustrates some simulation results for the 
transverse flow laser shown in Figure 9. The results 
illustrate the effect of altering the gas mixture and 
how this can be used to control the gain switched 
spike that would result in unwelcome work piece 
plasma generation if allowed to become too large. 
Figure 3b shows an experimental laser output pulse 
from the high pulse repetition frequency (prf—5kHz) 
laser illustrated in Figure 9. This illustrates that even a 


quite basic physical model can give a good prediction 
of laser output performance. 


Optical Resonator 


Figure 4 shows a simple schematic of an optical 
resonator. This simple optical system consists of 
two mirrors (the full reflector is often a water 
cooled gold coated copper mirror), which are 
aligned to be orthogonal to the optical axis that 
runs centrally along the length of the active gain 
medium in which there is a population inversion. 
The output coupler is a partial reflector (usually 
dielectrically coated zinc selenide — ZnSe-that may 
be edge cooled) so that some of the electromag- 
netic radiation can escape as an output beam. The 
ZnSe output coupler has a natural reflectivity of 
about 17% at each air—solid interface. For high 
power lasers (2kW) 17% is sufficient for laser 
operation; however, depending on the required 
laser performance the inside surface is often given 
a reflective coating. The reflectivity of the inside 
face depends on the balance between the gain (eqn 
[14]), the output power and the power stability 
requirements. The outside face of the partial 
reflector must be anti-reflection (AR) coated. 

Spontaneous emission occurs within the active gain 
medium and radiates randomly in all directions; a 
fraction of this spontaneous emission will be in the 
same direction as the optical axis, perpendicular to 
the end mirrors, and will also fall into a resonant 
mode of the optical resonator. Spontaneous emission 
photons interact with CO. molecules in the excited 
upper laser level, excited state (00°1), which stimu- 
lates these molecules to give up a quanta of 
vibrational energy as photons via the radiative 
transition (00°1)— (10°0), A= 10.6um. The radi- 
ation given up will have exactly the same phase and 
direction as the stimulating radiation and thus will be 
coherent with it. The reverse process of absorption 
also occurs, but so long as there is a population 
inversion there will be a net positive output. This 
process is called light amplification by stimulated 
emission of radiation (LASER). The mirrors continue 
to redirect the photons parallel to the optical axis and 
so long as the population inversion is not depleted, 
more and more photons are stimulated by stimulated 
emission which dominates the process and also 
dominates the spontaneous emission, which is 
important to initiate laser action. 

Light emitted by lasers contains several optical 
frequencies, which are a function of the different 
modes of the optical resonator; these are simply 
the standing wave patterns that can exist within 
the resonator structure. There are two types of 
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where Q is the loaded quality factor of the PI-network. Qs* or Op* are the unloaded quality factors of 
the PI-matched network. The larger value among the unloaded quality factors result in small frequency 
bandwidth response which is desired when matching a source and load impedance with a PI-network. 
Some authors approximate the highest value of Os* or Op* or their algebraic sum as the loaded quality 
factor of the PI-network as in [35] and [37], but Equation (28) gives the exact loaded Q of the 
PI-matched circuit in terms QOs* and QOp*. This allows for the correct estimation of the maximum 
voltage gain from the loaded quality factor. 


2.5.5. Selectivity RF to DC Converter Generalized Analytical Model 


An example of a PlI-matched RF to DC converter using the HSMS-285C diodes operating at 
434 MHz for —30 dBm input is presented first and then the generalized model is discussed. The circuit 
is matched for Op* of 60 between the antenna and the resistance of the diodes as shown in Figure 9. 


Figure 9. Impedance diagram of PI-matched RF power converter; (a) Impedance diagram 
of 50 Q source and the HSMS-285C diodes at 434 MHz, (b) Resultant PI matched network 
between the antenna source and load resistance. 
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Figure 9(b) can also be modeled as an inductive coupling of two parallel RC circuits. A more 
general look at such a circuit is shown in Figure 10, as an inductive coupling of two parallel RLC 
resonators with a current source. 


Figure 10. Inductive coupled parallel RLC small signal model of a generalized PI-matched 
antenna and diode rectifier. 
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Figure 3 (a) Predicted output pulses for transverse flow COz laser for different gas mixtures, (b) Experimental output pulse from 


transverse flow COz laser. 
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Figure 4 Optical resonator. 


resonator modes: longitudinal and_ transverse. 
Longitudinal modes differ from one another in 
their frequency of oscillation whereas transverse 
modes differ from one another in their oscillation 
frequency and field distribution in a plane ortho- 
gonal to the direction of propagation. Typically 
CO, lasers have a large number of longitudinal 


modes; in CQO, laser applications these are of less 
interest than the transverse modes, which deter- 
mine the transverse beam intensity and the nature 
of the beam when focused. In cylindrical coordi- 
nates the transverse modes are labelled TEM,), 
where subscript ‘p’ is the number of radial nodes 
and ‘’ is the number of angular nodes. The lowest 
order mode is the TEMg 9, which has a Gaussian- 
like intensity profile with its maximum on the 
beam axis. A light beam emitted from an optical 
resonator with a Gaussian profile is said to be 
operating in the ‘fundamental mode’ or the TEMoo 
mode. The decrease in irradiance (I) with distance 
r’ from the axis (Ij) of the Gaussian beam is 
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described by eqn [22]: 


I(r) = Ip exp(2??/w”) [22] 
where w is the radial distance, where the power 
density is decreased to 1/e* of its axial value. 
Ideally a commercial laser should be capable of 
operation in the fundamental mode as, with few 
exceptions, this results in the best performance in 
applications. Laser cutting benefits from operation 
in the fundamental mode; however, welding or heat 
treatment applications may benefit from operation 
with higher-order modes. Output beams are usually 
controlled to be linearly or circularly polarized, 
depending upon the requirements of the appli- 
cation. For materials processing applications the 
laser beam is usually focused via a water cooled 
ZnSe lens or, for very high power lasers, a para- 
bolic gold coated mirror. Welding applications will 
generally use a long focal length lens and cutting 
applications will use a short focal length, which 
generates a higher irradiance at the work piece 
than that necessary for welding. The beam delivery 
optics are usually incorporated into a nozzle 
assembly that can deliver cooling water and assist 
gases for cutting and anti-oxidizing shroud gases 
for welding or surface engineering applications. 


Laser Configuration 


CO, lasers are available in many different configura- 
tions and tend to be classified on the basis of their 
physical form and the gas flow arrangement, both of 
which greatly affect the output power available and 
beam quality. The main categories are: sealed off 
lasers, waveguide lasers, slow axial flow, fast axial 
flow, diffusion cooled, transverse flow, transversely 
excited atmospheric lasers, and gas dynamic lasers. 


Sealed-Off and Waveguide Lasers 


Depopulation of the lower laser level is via collision 
with the walls of the discharge tube, so the attainable 
output power scales with the length of the discharge 
column and not its diameter. Output powers are in 
the range 5 W to 250 W. Devices may be constructed 
from concentric glass tubes with the inner tube 
providing the discharge cavity and the outer tube 
acting to contain water-cooling of the inner discharge 
tube. The inner tube walls act as a heat sink for the 
discharge thermal energy (see Figure 5). The DC 
electrical discharge is provided between a cathode 
and anode situated at either end of the discharge tube. 
A catalyst must be provided to ensure regeneration of 
CO, from CO. This may be accomplished by adding 
about 1% of H2O to the gas mixture, or alternatively, 
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Figure 5 Schematic of sealed-off CO2 laser, approximately 
100 W per meter of gain length, gas cooled by diffusion to the wall. 


recombination can be achieved via a hot (300 °C) Ni 
cathode, which acts as a catalyst. RF-excited all metal 
sealed-off tube systems can deliver lifetimes greater 
than 45 000 hours. 

Diffusion-cooled slab laser technology will also 
deliver reliable sealed operation for 20 000 hrs. 
Excitation of the laser medium occurs via RF 
excitation between two water-cooled electrodes. The 
water-cooled electrodes dissipate (diffusion cooled) 
the heat generated in the gas discharge. An unstable 
optical resonator provides the output coupling for 
such a device (see Figure 6). Output powers are in the 
range 5 W to 300 W and can be pulsed from 0 to 
100 kHz. These lasers are widely used for marking, 
rapid prototyping, and cutting of nonmetals (paper, 
glass, plastics, ceramics) and metals. 

Waveguide CO, lasers use small bore tubes 
(2-4 mm) made of BeO or SiO» where the laser 
radiation is guided by the tube walls. Due to the small 
tube diameter, a gas total pressure of 100 to 200 Torr 
is necessary, hence the gain per unit length is high. 
This type of laser will deliver 30 W of output 
power from a relatively short (50 cm long) compact 
sealed-off design; such a system is useful for micro- 
surgery and scientific applications. Excitation can be 
provided from a longitudinal DC discharge or from 
an RF source that is transverse to the optical axis; RF 
excitation avoids the requirement for an anode and 
cathode and results in a much lower electrode 
voltage. 


Slow Axial Flow Lasers 


In slow flow lasers the gas mixture flows slowly 
through the laser cavity. This is done to remove the 
products of dissociation that will reduce laser 
efficiency or prevent it from operating at all, and the 
main contaminant is CO. The dissociated gases 
(mainly CO and O32) can be recombined using a 
catalyst pack and then reused via continuous recircu- 
lation. Heat is removed via diffusion through the 
walls of the tube containing the active gain medium. 
The tube is frequently made of Pyrex glass with a 
concentric outer tube to facilitate water-cooling of the 
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Figure 6 Schematic for sealed-off slab laser and diffusion cooled laser with RF excitation (courtesy of Rofin). 


laser cavity (see Figure 7). Slow flow lasers operate in 
the power range 100 W to 1500 W, and tend to use a 
longitudinal DC electrical discharge which can be 
made to run continuously or pulsed if a thyratron 
switch is build into the power supply; alternatively, 
electrical power can be supplied via transverse RF 
excitation. The power scales with length, hence 
high power slow flow lasers have long cavities and 
require multiple cavity folds in order to reduce their 
physical size. 


Fast Axial Flow Lasers 


The fast axial flow laser, Figure 8, can provide output 
powers from 1 kW to 20 kW; it is this configuration 
that dominates the use of CO, lasers for industrial 
applications. Industrial lasers are usually in the power 
range 2-4 kW. The output power from these devices 
scales with mass flow, hence the gas mixture is 
recycled through the laser discharge region at sonic or 
supersonic velocities. Historically this was achieved 
using Rootes blowers to compress the gas upstream of 
the laser cavity. Rootes compressors are inherently 
inefficient and the more advanced laser systems utilize 
turbine compressors, which deliver greater efficiency 
and better laser stability. Rootes compressors can be a 
major source of vibration. With this arrangement 
heat exchangers are required to remove heat after the 
laser discharge region and also after the compressor 
stage, as the compression process heats up the laser 
gases. Catalyst packs are used to regenerate gases but 
some gas replacement is often required. These laser 
systems have short cavities and use folded stable 
resonator designs to achieve higher output powers 
with extremely high-quality beams that are particu- 
larly suitable for cutting applications. They also give 
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Figure 7 Slow flow COz laser, approximately 100 W per meter 
of gain length, gas cooled by diffusion to the wall. 


excellent results when used for welding and surface 
treatments. 

Fast axial flow lasers can be excited by a 
longitudinal DC discharge or a transverse RF 
discharge. Both types of electrical excitation are 
common. For materials processing applications it is 
often important to be able to run a laser in continuous 
wave (CW) mode or as a high pulse repetition rate 
(prf) pulsed laser and to be able to switch between 
CW and pulsed in real time; for instance, laser cutting 
of accurate internal corners is difficult using CW 
operation but very easy using the pulsed mode of 
operation. Both methods of discharge excitation can 
provide this facility. 


Diffusion Cooled Laser 


The diffusion-cooled slab laser is RF excited and gives 
an extremely compact design capable of delivering 
4.5kW pulsed from 8 Hz to 5 kHz prf or CW with 
good beam quality (see Figure 6). The optical 
resonator is formed by the front and rear mirrors 
and two parallel water cooled RF-electrodes. Diffu- 
sion cooling is provided by the RF-electrodes, 
removing the requirement for conventional gas 
recirculation via Rootes blowers or turbines. 
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Figure 8 Fast axial flow carbon dioxide laser. 


This design of laser results in a device with an 
extremely small footprint that has low maintenance 
and running costs. Applications include: cutting, 
welding, and surface engineering. 


Fast Transverse Flow Laser 


In the fast transverse flow laser (Figure 9a) the gas 
flow, electrical discharge, and the output beam are at 
right angles to each other (Figure 9b). The transverse 
discharge can be high voltage DC, RE, or pulsed up to 
8 kHz (Figure 9c). Very high output power per unit 
discharge length can be obtained with an optimal 
total pressure (P) of ~100 Torr; systems are available 
delivering 10 kW of output power, CW or pulsed (see 
Figures 3a and b). The increase in total pressure 
requires a corresponding increase in the gas discharge 
electric field, E, as the ratio E/P must remain 
constant, since this determines the temperature of 
the discharge electrons, which have an optimum 
mean value (optimum energy distribution, Figure 2) 
for efficient excitation of the population inversion. 
With this high value of electric field, a longitudinal- 
discharge arrangement is impractical (S00 kV for a 
1 m discharge length); hence, the discharge is applied 
perpendicular to the optical axis. Fast transverse flow 
gas lasers provided the first multikilowatt outputs 
but tend to be expensive to maintain and operate. 
In order to obtain a reasonable beam quality, the 
output coupling is often obtained using a multipass 
unstable resonator. As the population inversion is 
available over a wide rectangular cross-section, this is 
a disadvantage of this arrangement and beam quality 
is not as good as that obtainable from fast axial flow 


designs. For this reason this type of laser is suitable 
for a wide range of welding and surface treatment 
applications. 


Transversely Excited Atmospheric (TEA) Pressure 


If the gas total pressure is increased above ~ 100 Torr 
it is difficult to sustain a stable glow discharge, 
because above this pressure instabilities degenerate 
into arcs within the discharge volume. This problem 
can be overcome by pulse excitation; using submi- 
crosecond pulse duration, instabilities do not have 
sufficient time to develop; hence, the gas pressure can 
be increased above atmospheric pressure and the laser 
can be operated in a pulsed mode. In a mode locked 
format optical pulses shorter than ins can be 
produced. This is called a TEA laser and with a 
transverse gas flow is capable of producing short high 
power pulses up to a few kHz repetition frequency. In 
order to prevent arc formation, TEA lasers usually 
employ ultraviolet or e-beam preionization of the gas 
discharge just prior to the main current pulse being 
applied via a thyratron switch. Output coupling is 
usually via an unstable resonator. TEA lasers are used 
for marking, remote sensing, range-finding, and 
scientific applications. 


Conclusions 


It is 40 years since Patel operated the first high power 
CO, laser. This led to the first generation of lasers 
which were quickly exploited for industrial laser 
materials processing, medical applications, defense, 
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Figure 9 
carbon dioxide gas discharge as seen from the output window. 


and scientific research applications; however, the first 
generation of lasers were quite unreliable and 
temperamental. After many design iterations, the 
CO , laser has now matured into a reliable, stable 
laser source available in many different geometries 
and power ranges. The low cost of ownership of 
the latest generation of CO, laser makes them a 
very attractive commercial proposition for many 
industrial and scientific applications. Commercial 
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(a) Transverse flow carbon dioxide laser gas recirculator, (b) Transverse flow carbon dioxide electrodes, (c) Transverse flow 


lasers incorporate many novel design features that 
are beyond the scope of this article and are often 
peculiar to the particular laser manufacturer. 
This includes gas additives and catalysts that may 
be required to stabilize the gas discharge of a 
particular laser design; it is this optimization of 
the laser design that has produced such reliable 
and controllable low-cost performance from the 
CO, laser. 
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List of Units and Nomenclature 


Qa 


a Q> 


P 


4=G)° 
= 0.213(sec!) 
Cc 
C, 
CO, 
e 


Ky32, Ky131, 
Ky931 


The direct excitation of carbon 
dioxide (CO) ground state 
molecules (sec ') 

The direct de-excitation of 
nitrogen (N>) (sec!) 

The direct excitation of nitrogen 
(N>) ground state molecules 6ec” ') 
The direct de-excitation of carbon 
dioxide (CO3) (sec _') 
wavelength (m) 

absorption coefficient (cm7) 
Electrical current pulse length (us) 
Spontaneous emission life time of 
the upper laser level (sec) 

The Einstein ‘A’ coefficient for the 
laser transition 

velocity of light (cm sec” ') 
Coupling capacitance (nF) 
Carbon dioxide 

subscript ‘e’ refers to the fact that 
the populations in the square 
brackets are the values for ther- 
modynamic equilibrium 

Electric Field (V cm™') 

Fraction of the input power (IP) 
coupled into the excitation of the 
energy level Eggo, 

Fraction of the input power (IP) 
coupled into the excitation of the 
energy level E,-1 

gain (cm~'*) 

energy level degeneracy’s of levels 
1 and 2 

Helium 

beam irradiance (W cm™ 
beam irradiance at the center 


2 


of a Gaussian laser beam 
(W cm?) 
Photon population density 


(photons cm) 

Input current (A) 

Electrical input power (W cm~°) 
the rotational quantum number 
Resonant energy transfer 
between the CO, (00°1) and 
No(v = 2) energy levels proceeds 
via excited molecules colliding 
with ground state molecules 
(sec!) 

are vibration/vibration transfer 
rates (sec ') between energy 
levels 1 and 32; 21 and 31; 22 
and 31, respectively (see Figure 1) 


K329 is a vibration/translation transfer 
rate (sec ') between energy levels 
32 and 0 (see Figure 1) 

Kyps A Spontaneous emission rate (sec ') 

L The distance between the back 
and the front mirrors, which have 
reflectivity’s of Rp and Ry (cm) 

n molecular population 
(molecules cm) 

N2 Nitrogen 

P Pressure (Torr) 

Poo,» PHe The respective gas partial press- 

and Py, ures (Torr) 

Pi, Electrical input power (kW) 

r radius of laser beam (cm) 

Rp Back mirror reflectivity 

Rg Front mirror reflectivity 

t time (sec) 

T Temperature (deg K) 

To the photon decay time (sec) 

w the radial distance where the 
power density is decreased to 1/e* 
of its axial value 

See also 
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Introduction 


Background 


Dye lasers are the original tunable lasers. Discovered 
in the mid-1960s these tunable sources of coherent 
radiation span the electromagnetic spectrum from the 
near-ultraviolet to the near-infrared (Figure 1). Dye 
lasers spearheaded and sustained the revolution in 
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atomic and molecular spectroscopy and have found 
use in many and diverse fields from medical to 
military applications. In addition to their extraordi- 
nary spectral versatility, dye lasers have been shown 
to oscillate from the femtosecond pulse domain to the 
continuous wave (cw) regime. For microsecond pulse 
emission, energies of up to hundreds of joules per 
pulse have been demonstrated. Further, operation at 
high pulsed repetition frequencies (prfs), in the multi- 
kHz regime, has provided average powers at kW 
levels. This unrivaled operational versatility is 
summarized in Table 1. 

Dye lasers are excited by coherent optical energy 
from an excitation, or pump, laser or by optical 
energy from specially designed lamps called flash- 
lamps. Recent advances in semiconductor laser 
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Figure 1 Approximate wavelength span from the various classes of laser dye molecules. Reproduced with permission from Duarte FJ 


(1995) Tunable Laser Handbook. New York: Academic Press. 
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Table 1 Emission characteristics of liquid dye lasers 

Dye laser class Spectral coverage* Energy per pulse® Prf? Power? 
Laser-pumped pulsed dye lasers 350-1100 nm 800 J° 13 kHz? 2.5 kw? 
Flashlamp-pumped dye lasers 320-900 nm 400 J? 850 Hz’ 1.2 kw’ 
CW dye lasers 370-1000 nm 43 W9 


“Approximate range. 
Refers to maximum values for that particular emission parameter. 


“Achieved with an excimer-laser pumped coumarin dye laser by Tang and colleagues, in 1987. 
“Achieved with a multistage copper-vapor-laser pumped dye laser using rhodamine dye by Bass and colleagues, in 1992. 
°Reported by Baltakov and colleagues, in 1974. Uses rhodamine 6G dye. 


‘Reported by Morton and Dragoo, in 1981. Uses coumarin 504 dye. 


%Achieved with an Ar* laser pumped folded cavity dye laser using rhodamine 6G dye by Baving and colleagues, in 1982. 


technology have made it possible to construct very 
compact all-solid-state excitation sources that, 
coupled with new solid-state dye laser materials, 
should bring the opportunity to build compact 
tunable laser systems for the visible spectrum. 
Further, direct diode-laser pumping of solid-state 
dye lasers should prove even more advantageous to 
enable the development of fairly inexpensive tunable 
narrow-linewidth solid-state dye laser systems for 
spectroscopy and other applications requiring low 
powers. Work on electrically excited organic gain 
media might also provide new avenues for further 
progress. 

The literature of dye lasers is very rich and many 
review articles have been written describing and 
discussing traditional dye lasers utilizing liquid gain 
media. In particular, the books Dye Lasers, Dye Laser 
Principles, High Power Dye Lasers, and Tunable 
Lasers Handbook provide excellent sources of author- 
itative and detailed description of the physics and 
technology involved. In this article we offer only a 
survey of the operational capabilities of the dye lasers 
using liquid gain media in order to examine with more 
attention the field of solid-state dye lasers. 


Brief History of Dye Lasers 


1965: Quantum theory of dyes is discussed in the 
context of the maser (R. P. Feynman). 

1966: Dye lasers are discovered (P. P. Sorokin and 
J. R. Lankard; EF. P. Schafer and colleagues). 

1967: The flashlamp-pumped dye laser is discovered 
(P. P. Sorokin and J. R. Lankard; W. Schmidt 
and F. P. Schafer). 

1967-1968: Solid-state dye lasers are discovered 
(B.H. SofferandB.B. McFarland; O.G. Peterson 
and B. B. Snavely). 

1968: Mode-locking, using saturable absorbers, is 
demonstrated in dye lasers (W. Schmidt and 
F. P. Schafer). 


1970: The continuous-wave (cw) dye laser is dis- 
covered (O. G. Peterson, S. A. Tuccio, and 
B. B. Snavely). 

1971: The distributed feedback dye laser is discov- 
ered (H. Kogelnik and C. V. Shank). 

1971-1975: Prismatic beam expansion in dye lasers 
is introduced (S. A. Myers; E. D. Stokes and 
colleagues; D. C. Hanna and colleagues). 

1972: Passive mode-locking is demonstrated in cw 
dye lasers (E. P. Ippen, C. V. Shank, and 
A. Dienes). 

1972: The first pulsed narrow-linewidth tunable dye 
laser is introduced (T. W. Hansch). 

1973: Frequency stabilization of cw dye lasers is 
demonstrated (R. L. Barger, M. S. Sorem, and 
J. L. Hall). 

1976: Colliding-pulse-mode locking is introduced 
(I. S. Ruddock and D. J. Bradley). 

1977-1978: Grazing-incidence grating cavities are 
introduced (I. Shoshan and colleagues; 
M. G. Littman and H. J. Metcalf; S. Saikan). 

1978-1980: Multiple-prism grating cavities are 
introduced (T. Kasuya and colleagues; 
G. Klauminzer; FE. J. Duarte and J. A. Piper). 

1981: Prism pre-expanded grazing-incidence grating 
oscillators are introduced (F. J. Duarte and 
J. A. Piper). 

1982: Generalized multiple-prism dispersion theory 
is introduced (F. J. Duarte and J. A. Piper). 

1983: Prismatic negative dispersion for pulse 
compression is introduced (W. Dietel, 
J. J. Fontaine, and J-C. Diels). 

1987: Laser pulses as short as six femtoseconds are 
demonstrated (R. L. Fork, C. H. Brito Cruz, 
P. C. Becker, and C. V. Shank). 

1994: First narrow-linewidth solid-state dye laser 
oscillator (F. J. Duarte). 

1999-2000: Distributed feedback solid-state dye 
lasers are introduced (Wadsworth and 
colleagues; Zhu and colleagues). 
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Molecular Energy Levels 


Dye molecules have large molecular weights and 
contain extended systems of conjugated double 
bonds. These molecules can be dissolved in an 
adequate organic solvent (such as ethanol, methanol, 
ethanol/water, and methanol/water) or incorporated 
into a solid matrix (organic, inorganic, or hybrid). 
These molecular gain media have a strong absorption 
generally in the visible and ultraviolet regions, and 
exhibit large fluorescence bandwidths covering the 
entire visible spectrum. The general energy level 
diagram of an organic dye is shown in Figure 2. It 
consists of electronic singlet and triplet states with 
each electronic state containing a multitude of 
overlapping vibrational-rotational levels giving rise 
to broad continuous energy bands. Absorption of 
visible or ultraviolet pump light excites the molecules 
from the ground state Sg into some rotational— 
vibrational level belonging to an upper excited singlet 
state, from where the molecules decay nonradiatively 
to the lowest vibrational level of the first excited 
singlet state S; on a picosecond time-scale. From S, 
the molecules can decay radiatively, with a radiative 
lifetime on the nanosecond time-scale, to a higher- 
lying vibrational-rotational level of So, From this 
level they rapidly thermalize into the lowest 
vibrational-rotational levels of Sg. Alternatively, 
from S,, the molecules can experience nonradiative 
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Figure 2 Schematic energy level diagram for a dye molecule. 
Full lines: radiative transitions; dashed lines: nonradiative 
transitions; dotted lines: vibrational relaxation. 


relaxation either to the triplet state T; by an 
intersystem crossing process or to the ground state 
by an internal conversion process. If the intensity of 
the pumping radiation is high enough a population 
inversion between S; and So may be attained and 
stimulated emission occurs. Internal conversion and 
intersystem crossing compete with the fluorescence 
decay mode of the molecule and therefore reduce the 
efficiency of the laser emission. The rate for internal 
conversion to the electronic ground state is usually 
negligibly small so that the most important loss 
process is intersystem crossing into T, that populates 
the lower metastable triplet state. Thus, absorption 
on the triplet—triplet allowed transitions could cause 
considerable losses if these absorption bands overlap 
the lasing band, inhibiting or even halting the lasing 
process. This triplet loss can be reduced by adding 
small quantities of appropriate chemicals that favor 
nonradiative transitions that shorten the effective 
lifetime of the T, level. For pulsed excitation with 
nanosecond pulses, the triplet—triplet absorption can 
be neglected because for a typical dye the intersystem 
crossing rate is not fast enough to build up an 
appreciable triplet population in the nanosecond time 
domain. 

Dye molecules are large (a typical molecule 
incorporates 50 or more atoms) and are grouped 
into families with similar chemical structures. 
A survey of the major classes of laser dyes is given 
later. Solid-state laser dye gain media are also 
considered later. 


Liquid Dye Lasers 


Laser-Pumped Pulsed Dye Lasers 


Laser-pumped dye lasers use a shorter wavelength, or 
higher frequency, pulsed laser as the excitation or 
pump source. Typical pump lasers for dye lasers are 
gas lasers such as the excimer, nitrogen, or copper 
lasers. One of the most widely used solid-state laser 
pumps is the frequency doubled Nd:YAG laser which 
emits at 532 nm. 

In a laser-pumped pulsed dye laser the active 
medium, or dye solution, is contained in an optical 
cell often made of quartz or fused silica, which 
provides an active region typically some 10 mm in 
length and a few mm in width. The active medium is 
then excited either longitudinally, or transversely, via a 
focusing lens using the pump laser. In the case of 
transverse excitation the pump laser is focused to a 
beam ~10mm in width and ~0.1 mm in height. 
Longitudinal pumping requires focusing of the exci- 
tation beam to a diameter in the 0.1—-0.15 mm range. 
For lasers operated at low prfs (a few pulses per 
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second), the dye solution might be static. However, for 
high-prf operation (a few thousand pulses per second) 
the dye solution must be flowed at speeds of up to a 
few meters per second in order to dissipate the heat. A 
simple broadband optically pumped dye laser can be 
constructed using just the pump laser, the active 
medium, and two mirrors to form a resonator. In order 
to achieve tunable, narrow-linewidth, emission, a 
more sophisticated resonator must be employed. This 
is called a dispersive tunable oscillator and is depicted 
in Figure 3. In a dispersive tunable oscillator the exit 
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Figure 3 Copper-vapor-laser pumped hybrid multiple-prism 
near grazing incidence (HMPGI) grating dye laser oscillator. 
Adapted with permission from Duarte FJ and Piper JA (1984) 
Narrow linewidth high prf copper laser-pumped dye-laser 
oscillators. Applied Optics 23: 1391-1394. 


side of the cavity is comprised of a partial reflector, or 
an output coupler, and the other end of the resonator is 
composed of a multiple-prism grating assembly. It is 
the dispersive characteristics of this multiple-prism 
grating assembly and the dimensions of the emission 
beam produced at the gain medium that determine the 
tunability and the narrowness, or spectral purity, of 
the laser emission. 

In order to selectively excite a single vibrational- 
rotational level of a molecule such as iodine (I>), at 
room temperature, one needs a laser linewidth of 
Av = 1.5 GHz (or AA ~ 0.0017 nm at A = 590 nm). 
The hybrid multiple-prism near-grazing-incidence 
(HMPGI) grating dye laser oscillator illustrated in 
Figure 4 yields laser linewidths in the 400 MHz = 
Av = 650 MHz range at 4—5% conversion efficien- 
cies whilst excited by a copper-vapor laser operating 
at a prf of 10kHz. Pulse lengths are ~10ns at 
full-width half-maximum (FWHM). The narrow- 
linewidth emission from these oscillators is said to 
be single-longitudinal-mode lasing because only one 
electromagnetic mode is allowed to oscillate. 

The emission from oscillators of this class can be 
amplified many times by propagating the tunable 
narrow-linewidth laser beam through single-pass 
amplifier dye cells under the excitation of pump 
lasers. Such amplified laser emission can reach 
enormous average powers. Indeed, a copper-vapor- 
laser pumped dye laser system at the Lawrence 
Livermore National Laboratory (USA), designed for 
the laser isotope separation program, was reported to 
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Figure 4 Flashlamp-pumped multiple-prism grating oscillators. From Duarte FJ, Davenport WE, Ehrlich JJ and Taylor TS (1991) 
Ruggedized narrow-linewidth dispersive dye laser oscillator. Optics Communications 84: 310-316. Reproduced with permission from 
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The first parallel RLC resonator is modeled as impedance from the antenna and some passive 
matching components. The second parallel RLC resonator is modeled as impedance from the 
linearized diodes, its connected load and some passive matching components. J is the antenna 
induced current, Vs this time is the voltage across the parallel R4, and K, is the coupling element 
between the two parallel resonators. Using Kirchoff’s current laws, the node equations can be 
expressed as Equations (29) and (30): 
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Load voltage (Vz) and the source voltage (Vs) at resonance are given by the equations in 
Equation (31). The resonance frequencies are given by Equation (32): 
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From V; and Vs in Equation (31), the voltage gain at resonance can be expressed as: 
V, = R, 
V,  joK, 423) 
The maximum of Equation (33) is obtained when: 
jok; >0 or Ry >& (34) 


Since j@K; is restricted by the conditions in Equation (32) to attain resonance, one cannot 
manipulate jwK; alone without changing the resonance conditions. What can drive the voltage gain is 
if R; is very large at resonance conditions. If the input impedance (Vs/Z) of the coupled resonator is 
maximum at resonance, conditions in Equation (35) hold: 
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Under these conditions and an optimal coupling coefficient Kjmax, the maximum voltage gain of the 
parallel coupled resonator can be written as in Equation (37), where Kimay is given by Equation (38): 
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yield average powers in excess of 2.5 kW, at a prf of 
13.2 kHz, at a better than 50% conversion efficiency 
as reported by Bass and colleagues in 1992. Besides 
high conversion efficiencies, excitation with copper- 
vapor lasers, at A= 510.554 nm, has the advantage 
of inducing little photodegradation in the active 
medium thus allowing very long dye lifetimes. 


Flashlamp-Pumped Dye Lasers 


Flashlamps utilized in dye laser excitation emit at 
black-body temperatures in the 20 000 K range, thus 
yielding intense ultraviolet radiation centered around 
200 nm. One further requirement for flashlamps, and 
their excitation circuits, is to deliver light pulses with 
a fast rise time. For some flashlamps this rise time can 
be less than a few nanoseconds. 

Flashlamp-pumped dye lasers differ from laser- 
pumped pulsed dye lasers mainly in the pulse energies 
and pulse lengths attainable. This means that 
flashlamp-pumped dye lasers, using relatively large 
volumes of dye, can yield very large energy pulses. 
Excitation geometries use either coaxial lamps, with 
the dye flowing in a quartz cylinder at the center of 
the lamp, or two or more linear lamps arranged 
symmetrically around the quartz tube containing the 
dye solution. Using a relatively weak dye solution of 
rhodamine-6G (2.2 X 10° M), a coaxial lamp, and 
an active region defined by a quartz tube 6cm in 
diameter and a length of 60cm, Baltakov and 
colleagues, in 1974, reported energies of 400J in 
pulses 25 ws long at FWHM. 

Flashlamp-pumped tunable narrow-linewidth dye 
laser oscillators described by Duarte and colleagues, 
in1991, employ a cylindrical active region 6 mm in 
diameter and 17cm in length. The dye solution is 
made of rhodamine 590 at a concentration of 
1x 10° M. This active region is excited by a coaxial 
flashlamp. Using multiple-prism grating architectures 
(see Figure 4) these authors achieve a diffraction 
limited TEMo9 laser beam and laser linewidths of 
Av =~ 300 MHz at pulsed energies in the 2-3 mJ 
range. The laser pulse duration is reported to be 
At ~ 100 ns. The laser emission from this class of 
multiple-prism grating oscillator is reported to be 
extremely stable. The tunable narrow-linewidth 
emission from these dispersive oscillators is either 
used directly in spectroscopic, or other scientific 
applications, or is utilized to inject large flashlamp- 
pumped dye laser amplifiers to obtain multi-joule 
pulse energies with the laser linewidth characteristics 
of the oscillator. 


Continuous Wave Dye Lasers 


CW dye lasers use dye flowing at linear speeds of up 
to 10 meters per second which are necessary to 


remove the excess heat and to quench the triplet 
states. In the original cavity reported by Peterson 
and colleagues, in 1970, a beam from an Ar* laser 
was focused on to an active region which is 
contained within the resonator. The resonator 
comprised dichroic mirrors that transmit the blue- 
green radiation of the pump laser and reflect the red 
emission from the dye molecules. Using a pump 
power of about 1 W, in a TEMopo laser beam, these 
authors reported a dye laser output of 30 mW. 
Subsequent designs replaced the dye cell with a dye 
jet, an introduced external mirror, and integrated 
dispersive elements in the cavity. Dispersive elements 
such as prisms and gratings are used to tune the 
wavelength output of the laser. Frequency-selective 
elements, such as etalons and other types of 
interferometers, are used to induce frequency 
narrowing of the tunable emission. Two typical cw 
dye laser cavity designs are described by Hollberg, 
in 1990, and are reproduced here in Figure 5. The 
first design is a linear three-mirror folded cavity. The 
second one is an eight-shaped ring dye laser cavity 
comprised of mirrors M;, Mz, M3, and M4. Linear 
cavities exhibit the effect of spatial hole burning 
which allows the cavity to lase in more than one 
longitudinal mode. This problem can be overcome 
in ring cavities (Figure 5b) where the laser emission 
is in the form of a traveling wave. 

Two aspects of cw dye lasers are worth emphasiz- 
ing. One is the availability of relatively high powers in 
single longitudinal mode emission and the other is the 
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Figure 5 CW laser cavities: (a) linear cavity and (b) ring cavity. 
Adapted from Hollberg LW (1990) CW dye lasers. In: Duarte FJ 
and Hillman LW (eds) Dye Laser Principles, pp. 185-238. 
New York: Academic Press. Reproduced with permission from 
Elsevier. 
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demonstration of very stable laser oscillation. First, 
Johnston and colleagues, in 1982, reported 5.6 W of 
stabilized laser output ina single longitudinal mode at 
593 nm at a conversion efficiency of 23%. In this 
work eleven dyes were used to span the spectrum 
continuously from ~ 400 nm to ~ 900 nm. In the area 
of laser stabilization and ultra narrow-linewidth 
oscillation it is worth mentioning the work of 
Hough and colleagues, in 1984, that achieved laser 
linewidths of less than 750 Hz employing an external 
reference cavity. 


Ultrashort-Pulse Dye Lasers 


Ultrashort-pulse, or femtosecond, dye lasers use the 
same type of technology as cw dye lasers configured 
to incorporate a saturable absorber region. One such 
configuration is the ring cavity depicted in Figure 6. In 
this cavity the gain region is established between 
mirrors M, and M, whilst the saturable absorber is 
deployed in a counter-propagating arrangement. This 
arrangement is necessary to establish a collision 
between two counter-propagating pulses at the 
saturable absorber thus yielding what is known as 
colliding-pulse mode locking (CPM) as reported by 
Ruddock and Bradley, in 1976. This has the effect of 
creating a transient grating, due to interference, at the 
absorber thus shortening the pulse. Intracavity prisms 
































Figure 6 Femtosecond dye laser cavities: (a) linear femto- 
second cavity and (b) ring femtosecond cavity. Adapted from 
Diels J-C (1990) Femtosecond dye lasers. In: Duarte FJ and 
Hillman LW (eds) Dye Laser Principles, pp. 41-132. 
New York: Academic Press. Reproduced with permission from 
Elsevier. 


were incorporated in order to introduce negative 
dispersion, by Dietel and colleagues in 1983, and thus 
subtract dispersion from the cavity and ultimately 
provide the compensation needed to produce 
femtosecond pulses. 

The shortest pulse obtained from a dye laser, 6 fs, 
has been reported by Fork and colleagues, in 1987, 
using extra-cavity compression. In that experiment, 
a dye laser incorporating CPM and prismatic 
compensation was used to generate pulses that were 
amplified by a copper-vapor laser at a prf of 8 kHz. 
The amplified pulses, of a duration of 50 fs, were 
then propagated through two grating pairs and a 
four-prism sequence for further compression. 


Solid-State Dye Laser Oscillators 


In this section the principles of linewidth narrowing 
in dispersive resonators are outlined. Albeit the dis- 
cussion focuses on multiple-prism grating solid-state 
dye laser oscillators, in particular, the physics is 
applicable to pulsed high-power dispersive tunable 
lasers in general. 


Multiple-Prism Dispersion Grating Theory 


The spectral linewidth in a dispersive optical system is 
given by 


Av ~ AAV, 6) ! [1] 


where A@ is the light beam divergence, V, = 0/0A, and 
V,@ is the overall dispersion of the optics. This 
identity can de derived either from the principles of 
geometrical optics or from the principles of 
generalized interferometry as described by Duarte, 
in 1992. 

The cumulative single-pass generalized multiple- 
prism dispersion at the mth prism, of a multiple-prism 
array as illustrated in Figure 7, as given by Duarte and 
Piper, in 1982, 


Vy 2m = Fa mV Min + (Ri mRam) 
x (Hi mV a? + Vadoim—1) [2] 


In this equation 


Rim = COS Wt m[Cos $19 [3a] 
kom = COS 2,m[COS Wr [3b] 
Ayn = tan bh n/n [4a] 
Ham = tan b2, mln [4b] 
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Figure 7 Generalized multiple-prism arrays in (a) additive and (b) compensating configurations. From Duarte FJ (1990) Narrow- 
linewidth pulsed dye laser oscillators. In: Duarte FJ and Hillman LW (eds) Dye Laser Principles, pp. 133-183. New York: Academic 


Press. Reproduced with permission from Elsevier. 


Here, kj,, and ky,, represent the physical beam 
expansion experienced by the incident and the exit 
beams, respectively. 

Equation [2] indicates that V,¢2,,, the cumulative 
dispersion at the mth prism, is a function of the 
geometry of the mth prism, the position of the light 
beam relative to this prism, the refractive index of the 
prism, and the cumulative dispersion up to the 
previous prism Vj 9 (7-1): 

For an array of r identical isosceles, or equilateral, 
prisms arranged symmetrically, in an additive con- 
figuration, so that the angles of incidence and 
emergence are the same, the cumulative dispersion 
reduces to 


Vi d27 = Vy G21 [5] 


Under these circumstances the dispersions add in a 
simple and straightforward manner. For configur- 
ations incorporating right-angle prisms, the disper- 
sions need to be handled mathematically in a more 
subtle form. 

The generalized double-pass, or return-pass, 
dispersion for multiple-prism beam expanders 
was introduced by Duarte, in 1985: 
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[6] 
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Here, M, and M, are the beam magnification factors 
given by 


Mi = | [kim [7a] 
m=1 

Mo = | | kom [7b] 
m=1 


For a multiple prism expander designed for an 
orthogonal beam exit, and Brewster’s angle of 
incidence, eqn [6] reduces to the succinct expression 
given by Duarte, in 1990: 


V,Pp = 2 y (ENG)? Vitin [8] 
m=1 


Equation [6] can be used to either quantify the overall 
dispersion of a given multiple-prism beam expander 
or to design a prismatic expander yielding zero 
dispersion, that is, V,Pp = 0, at a given wavelength. 


Physics and Architecture of Solid-State 
Dye-Laser Oscillators 


The first high-performance narrow-linewidth tunable 
laser was introduced by Hansch in 1972. This 
laser yielded a linewidth of Av ~ 2.5 GHz (or 
AA = 0.003 nm at A ~ 600 nm) in the absence of an 
intracavity etalon. Hansch demonstrated that the 
laser linewidth from a tunable laser was narrowed 
significantly when the beam incident on the 
tuning grating was expanded using an astronomical 
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telescope. The linewidth equation including the 
intracavity beam magnification factor can be 
written as 


AA = A@MY,0c)! [9] 


From this equation, it can be deduced that a narrow 
AA is achieved by reducing A@ and increasing the 
overall intracavity dispersion (MV,@c). The intra- 
cavity dispersion is optimized by expanding the size 
of the intracavity beam incident on the diffractive 
surface of the tuning grating until it is totally 
illuminated. 

Hansch used a two-dimensional astronomical 
telescope to expand the intracavity beam incident 
on the diffraction grating. A simpler beam expansion 
method consists in the use of a single-prism beam 
expander as disclosed by several authors (Myers, 
1971; Stokes and colleagues, 1972; Hanna and 
colleagues, 1975). An extension and improvement 
of this approach was the introduction of multiple- 
prism beam expanders as reported by Kasuya and 
colleagues, in 1978, Klauminzer, in 1978, and Duarte 
and Piper, in 1980. The main advantages of multiple- 
prism beam expanders, over two-dimensional tele- 
scopes, are simplicity, compactness, and the fact that 
the beam expansion is reduced from two dimensions 
to one dimension. Physically, as explained previously, 
prismatic beam expanders also introduce a dispersion 
component that is absent in the case of the 
astronomical telescope. Advantages of multiple- 
prism beam expanders over single-prism beam 
expansion are higher transmission efficiency, lower 
amplified spontaneous emission levels, and the 
flexibility to either augment or reduce the prismatic 
dispersion. 

In general, for a pulsed multiple-prism grating 
oscillator, Duarte and Piper, in 1984, showed that the 
return-pass dispersive linewidth is given by 

AX = AOg(MRV,@¢ + RV,®p) ' [10] 
where R is the number of return-cavity passes. The 
grating dispersion in this equation, V Qc, 
can be either from a grating in Littrow or near 
grazing-incidence configuration. The multiple-return- 
pass equation for the beam divergence was given by 
Duarte, in 2001: 


2 \ 12 
AO = (Mmw)(1+(Le/BrY +(AgLa/Br)) [11] 


Here, Lp =(mw7/A) is the Rayleigh length of the 
cavity, w is the beam waist at the gain region, while 
Ag and Be are the corresponding multiple-return- 
pass elements derived from propagation matrices. 


At present, very compact and optimized multiple- 
prism grating tunable laser oscillators are found in 
two basic cavity architectures. These are the 
multiple-prism Littrow (MPL) grating laser oscil- 
lator, reported by Duarte in 1999 and illustrated in 
Figure 8, and the hybrid multiple-prism near 
grazing-incidence (HMPGI) grating laser oscillator, 
introduced by Duarte in 1997 and depicted in 
Figure 9. In early MPL grating oscillators the 
individual prisms integrating the multiple-prism 
expander were deployed in an additive configur- 
ation thus adding the cumulative dispersion to that 
of the grating and thus contributing to the overall 
dispersion of the cavity. In subsequent architectures 
the prisms were deployed in compensating con- 
figurations so as to yield zero dispersion and thus 
allow the tuning characteristics of the cavity to be 
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Figure 8 MPL grating solid-state dye laser oscillator: optimized 
architecture. The physical dimensions of the optical components 
of this cavity are shown to scale. The length, of the solid-state dye 
gain medium, along the optical axis, is 10 mm. Reproduced with 
permission from Duarte FJ (1999) Multiple-prism grating solid- 
state dye laser oscillator: optimized architecture. Applied Optics 
38: 6347-6349. 
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Figure 9 HMPGI grating solid-state dye laser. Schematics to 
scale. The length of the solid state dye gain medium, along the 
optical axis, is 10 mm. Reproduced with permission from Duarte 
FJ (1997) Multiple-prism near-grazing-incidence grating solid- 
state dye laser oscillator. Optics and Laser Technology 29: 
513-516. 
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determined by the grating exclusively. In this 
approach the principal role of the multiple- 
prism array is to expand the beam incident on the 
grating thus augmenting significantly the overall 
dispersion of the cavity as described in eqns [9] or 
[10]. In this regard, it should be mentioned that 
beam magnification factors of up to 100, and 
beyond, have been reported in the literature. Using 
solid-state laser dye gain media, these MPL and 
HMPGI grating laser oscillators deliver tunable 
single-longitudinal-mode emission at laser linewidths 
350 MHz S Ap S 375 MHz and pulse lengths in the 
3-7 ns (FWHM) range. Long-pulse operation of 
this class of multiple-prism grating oscillators 
has been reported by Duarte and colleagues, in 
1998. In these experiments laser linewidths of 
Av = 650 MHz were achieved at pulse lengths in 
excess of 100 ns (FWHM) under flashlamp-pumped 
dye laser excitation. 

The dispersive cavity architectures described here 
have been used with a variety of laser gain media in 
the gas, the liquid, and the solid state. Applications to 
tunable semiconductor lasers have also been reported 
by Zorabedian, in 1992, Duarte, in 1993, and Fox 
and colleagues, in 1997. 

Concepts important to MPL and HMPGI grating 
tunable laser oscillators include the emission of a 
single-transverse-mode (TEMoo) laser beam in a 
compact cavity, the use of multiple-prism arrays, the 
expansion of the intracavity beam incident on the 
grating, the control of the intracavity dispersion, and 
the quantification of the overall dispersion of the 
multiple-prism grating assembly via generalized dis- 
persion equations. Sufficiently high intracavity 
dispersion leads to the achievement of return-pass 
dispersive linewidths close to the free-spectral range of 
the cavity. Under these circumstances single-longi- 
tudinal-mode lasing is readily achieved as a result of 
multipass effects. 


A Note on the Cavity Linewidth Equation 


So far we have described how the cavity linewidth 
equation 
Ad ~ AAV, 6) | 


and the dispersion equations can be applied to 
achieve highly coherent, or very narrow-linewidth, 
emission. It should be noted that the same physics can 
be applied to achieve ultrashort, or femtosecond, 
laser pulses. It turns out that intracavity prisms can be 
configured to yield negative dispersion as described 
by Duarte and Piper, in 1982, Dietel and colleagues, 
in 1983, and Fork and colleagues in 1984. This 
negative dispersion can reduce significantly the 
overall dispersion of the cavity. Under those 


circumstances, eqn [1] predicts broadband emission 
which according to the uncertainty principle, in the 
form of, 


AvAt ~ 1 [12] 


can lead to very short pulse emission since Av and AA 
are related by the identities 


AA = W7/Ax [13] 


and 


Av = clAx [14] 


Distributed-Feedback Solid-State Dye Lasers 


Recently, narrow-linewidth laser emission from solid- 
state dye lasers has also been obtained using 
a distributed-feedback (DFB) configuration by 
Wadsworth and colleagues, in 1999, and Zhu and 
colleagues, in 2000. As is well known, in a DFB laser 
no external cavity is required, the feedback being 
provided by Bragg reflection from a permanently or 
dynamically written grating structure within the gain 
medium as reported by Kogelnik and Shank, in 1971. 
By using a DFB laser configuration where the 
interference of two pump beams induces the required 
periodic modulation in the gain medium, laser 
emission with linewidth in the 0.01—0.06 nm range 
have been reported. Specifically, Wadsworth and 
colleagues reported a laser linewidth of 12 GHz 
(0.016 nm at 616nm) using Perylene Red doped 
PMMA at a conversion efficiency of 20%. 

It should also be mentioned that the DFB laser is 
also a dye laser development that has found wide and 
extensive applicability in semiconductor lasers 
employed in the telecommunications industry. 


Laser Dye Survey 


Cyanines 


These are red and near-infrared dyes which present 
long conjugated methine chains (!CH = CH!) and are 
useful in the spectral range longer than 800 nm, 
where no other dyes compete with them. An 
important laser dye belonging to this class is 
4-dicyanomethylene-2-methyl-6-( p-dimethylamino- 
styryl)-4H-pyran (DCM, Figure 10a), with laser 
emission in the 600-700 nm range depending on 
the pump and solvent, liquid or solid, used. 


Xanthenes 


These dyes have a xanthene ring as the chromophore 
and are classified into rhodamines, incorporating 
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Figure 10 Molecular structures of some common laser dyes: (a) DCM; (b) Rh6G; (c) PM567; (d) Perylene Orange (R = H) 
and Perylene Red (R = C4H,O); (e) Coumarin 307 (also known as Coumarin 503); (f) Coumarin 153 (also known as Coumarin 540A). 


amino radicals substituents, and fluoresceins, with 
hydroxyl (OH) radical substituents. They are gener- 
ally very efficient and chemically stable and their 
emission covers the wavelength region from 500 to 
700 nm. 

Rhodamine dyes are the most important group of 
all laser materials, with rhodamine 6G (Rh6G, 
Figure 10b), also called rhodamine 590 chloride, 
being probably the best known of all laser dyes. 
Rh6G exhibits an absorption peak, in ethanol, at 
530 nm and a fluorescence peak at 556 nm, with laser 
emission typically in the 550-620 nm region. It has 
been demonstrated to lase efficiently both in liquid 
and solid solutions. 


Pyrromethenes 


Pyrromethene.BF, complexes are a new class of laser 
dyes synthesized and characterized more recently as 
reported by Shah and colleagues, in 1990, Pavlopou- 
los and colleagues, in 1990, and Boyer and 
colleagues, in 1993. These laser dyes exhibit reduced 
triplet—triplet absorption over their fluorescence and 
lasing spectral region while retaining a high quantum 
fluorescence yield. Depending on the substituents on 
the chromophore, these dyes present laser emission 
over the spectral region from the green/yellow to the 
red, competing with the rhodamine dyes and have 
been demonstrated to lase with good performance 
when incorporated into solid hosts. Unfortunately, 
they are relatively unstable because of the aromatic 
amine groups in their structure, which render them 


vulnerable to photochemical reactions with oxygen as 
indicated by Rahn and colleagues, in 1997. The 
molecular structure of a representative and 
well-known dye of this class, 1,3,5,7,8-pentamethyl- 
2,6-diethylpyrromethene-difluoroborate complex 
(pyrromethene 567, PM567) is shown in Figure 10c. 
Recently, analogs of dye PM567 substituted at 
position 8 with an acetoxypolymethylene linear 
chain or a polymerizable methacryloyloxy poly- 
methylene chain have been developed. These new 
dipyrromethene.BF, complexes have demonstrated 
improved efficiency and better photostability than the 
parent compound both in liquid and solid state. 


Conjugated Hydrocarbons 


This class of organic compounds includes perylenes, 
stilbenes, and p-terphenyl. Perylene and perylimide 
dyes are large, nonionic, nonpolar molecules 
(Figure 10d) characterized by their extreme photo- 
stability and negligible singlet—-triplet transfer, as 
discussed by Seybold and Wagenblast and colleagues, 
in 1989, which have high quantum efficiency because 
of the absence of nonradiative relaxation. The 
perylene dyes exhibit limited solubility in conven- 
tional solvents but dissolve well in acetone, ethyl 
acetate, and methyl methacrylate, with emission 
wavelengths in the orange and red spectral regions. 
Stilbene dyes are derivatives of uncyclic unsatu- 
rated hydrocarbons such as ethylene and butadiene, 
with emission wavelengths in the 400-500 nm range. 
Most of them end in phenyl radicals. Although they 
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are chemically stable, their laser performance is 
inferior to that of coumarins. p-Terphenyl is a 
valuable and efficient p-oligophenylene dye with 
emission in the ultraviolet. 


Coumarins 


Coumarin derivatives are a popular family of laser 
dyes with emission in the blue-green region of the 
spectrum. Their structure is based on the coumarin 
ring (Figure 10e,f) with different substituents that 
strongly affect its chemical characteristics and allow 
covering an emission spectral range between 420 and 
580 nm. Some members of this class rank among the 
most efficient laser dyes known, but their chemical 
photobleaching is rapid compared with xanthene and 
pyrromethene dyes. An additional class of blue-green 
dyes is the tetramethyl derivatives of coumarin dyes 
introduced by Chen and colleagues, in 1988. The 
emission from these dyes spans the spectrum in the 
453-588 nm region. These coumarin analogs exhibit 
improved efficiency, higher solubility, and better 
lifetime characteristics than the parent compounds. 


Azaquinolone Derivatives 


The quinolone and azaquinolone derivatives have a 
structure similar to that of coumarins but with their 
laser emission range extended toward the blue by 
20-30 nm. The quinolone dyes are used when laser 
emission in the 400-430 nm region is required. 
Azaquinolone derivatives, such as 7-dimethylamino- 
1-methyl-4-metoxy-8-azaquinolone-2 (LD 390), 
exhibit laser action below 400 nm. 


Oxadiazole Derivatives 


These are compounds which incorporate an axodi- 
azole ring with aryl radical substituents and 
which lase in the 330-450 nm spectral region. Dye 
2-(4-biphenyl)-5-(4-¢-butylphenyl)-1,3,4-oxadiazole 
(PBD), with laser emission in the 355-390nm 
region, belongs to this family. 


Solid-State Laser Dye Matrices 


Although some first attempts to incorporate dye 
molecules into solid matrices were already made in 
the early days of development of dye lasers, it was not 
until the late 1980s that host materials with the 
required properties of optical quality and high 
damage threshold to laser radiation began to be 
developed. In subsequent years, the synthesis of new 
high-performance dyes and the implementation of 
new ways of incorporating the organic molecules 
into the solid matrix resulted in significant advances 
towards the development of practical tunable 


solid-state dye lasers. A recent detailed review of the 
work done in this field has been given by Costela ez al. 

Inorganic glasses, transparent polymers, and 
inorganic—organic hybrid matrices have been suc- 
cessfully used as host matrices for laser dyes. 
Inorganic glasses offer good thermal and optical 
properties but present the difficulty that the high 
melting temperature employed in the traditional 
process of glass making would destroy the organic 
dye molecules. It was not until the development of the 
low-temperature sol-gel technique for the synthesis of 
glasses that this limitation was overcome. The sol-gel 
process, based on inorganic polymerization reactions 
performed at about room temperature and starting 
with metallo-organic compounds such as alkoxides 
or salts, as reported by Brinker and Scherrer, in 1989, 
provides a safe route for the preparation of rigid, 
transparent, inorganic matrix materials incorporat- 
ing laser dyes. Disadvantages of these materials are 
the possible presence of impurities embedded in the 
matrix or the occurrence of interactions between 
the dispersed dye molecules and the inorganic 
structure (hydrogen bonds, van der Waals forces) 
which, in certain cases, can have a deleterious effect 
on the lasing characteristics of the material. 

The use of matrices based on polymeric materials 
to incorporate organic dyes offers some technical and 
economical advantages. Transparent polymers exhi- 
bit high optical homogeneity, which is extremely 
important for narrow-linewidth oscillators, as 
explained by Duarte, in 1994, good chemical 
compatibility with organic dyes, and allow control 
over structure and chemical composition making 
possible the modification, in a controlled way, of 
relevant properties of these materials such as polarity, 
free volume, molecular weight, or viscoelasticity. 
Furthermore, the polymeric materials are amenable 
to inexpensive fabrication techniques, which facili- 
tate miniaturization and design of integrated 
optical systems. The dye molecules can be either 
dissolved in the polymer or linked covalently to the 
polymeric chains. 

In the early investigations on the use of solid 
polymer matrices for laser dyes, the main problem to 
be solved was that of the low resistance to laser 
radiation exhibited by the then existing materials. In 
the late 1980s and early 1990s new modified 
polymeric organic materials began to be developed 
with a laser-radiation-damage threshold comparable 
to that of inorganic glasses and crystals as reported 
by Gromov and colleagues, in 1985, and Dyumaev 
and colleagues, in 1992. This, together with the 
above-mentioned advantages, made the use of 
polymers in solid-state dye lasers both attractive 
and competitive. 
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An approach that intends to bring about materials 
in which the advantages of both inorganic glasses and 
polymers are preserved but the difficulties are avoided 
is that of using inorganic—organic hybrid matrices. 
These are silicate-based materials, with an inorganic 
Si-O-Si backbone, prepared from organosilane 
precursors by sol-gel processing in combination 
with organic cross-linking of polymerizable mono- 
mers as reported by Novak, in 1993, Sanchez and 
Ribot, in 1994, and Schubert, in 1995. In one 
procedure, laser dyes are mixed with organic mono- 
mers, which are then incorporated into the porous 
structure of a sol-gel inorganic matrix by immersing 
the bulk in the solution containing monomer and 
catalyst or photoinitiator as indicated by Reisfeld and 
Jorgensen, in 1991, and Bosch and colleagues, in 
1996. Alternatively, hybrids can be obtained from 
organically modified silicon alkoxides, producing the 
so-called ORMOCERS (organically modified cer- 
amics) or ORMOSILS (organically modified silanes) 
as reported by Reisfeld and Jorgensen, in 1991. An 
inconvenient aspect of these materials is the appear- 
ance of optical inhomogeneities in the medium due to 
the difference in the refractive index between the 
organic and inorganic phases as well as to the 
difference in density between monomer and polymer 
which causes stresses and the formation of optical 
defects. As a result, spatial inhomogeneities appear in 
the laser beam, thereby decreasing its quality as 
discussed by Duarte, in 1994. 


Organic Hosts 


The first polymeric materials with improved resist- 
ance to damage by laser radiation were obtained by 
Russian workers, who incorporated rhodamine dyes 
into modified poly(methyl methacrylate) (MPMMA), 
obtained by doping PMMA with low-molecular 
weight additives. Some years later, in 1995, 
Maslyukov and colleagues demonstrated lasing 
efficiencies in the range 40-60% with matrices 
of MPMMA doped with rhodamine dyes pumped 
longitudinally at 532 nm, with a useful lifetime 
(measured as a 50% efficiency drop) of 15 000 pulses 
at a prf of 3.33 Hz. 

In 1995, Costela and colleagues used an approach 
based on adjusting the viscoelastic properties of the 
material by modifying the internal plasticization of 
the polymeric medium by copolymerization with 
appropriate monomers. Using dye Rh6G dissolved in 
a copolymer of 2-hydroxyethyl methacrylate 
(HEMA) and methyl methacrylate (MMA) and 
transversal pumping at 337 nm, they demonstrated 
laser action with an efficiency of 21% and useful 
lifetime of 4500 pulses (20 GJ/mol in terms of total 


input energy per mole of dye molecule when the 
output energy is down to 50% of its initial value). 
The useful lifetime increased to 12 000 pulses 
when the Rh6G chromophore was linked covalently 
to the polymeric chains as reported by Costela and 
colleagues, in 1996. 

Comparative studies on the laser performance of 
Rh6G incorporated either in copolymers of HEMA 
and MMA or in MPMMA were carried out by Giffin 
and colleagues, in 1999, demonstrating higher 
efficiency of the MPMMA materials but superior 
normalized photostability (up to 240 GJ/mol) of the 
copolymer formulation. 

Laser conversion efficiencies in the range 60-70% 
for longitudinal pumping at 532 nm were reported by 
Ahmad and colleagues, in 1999, with PM567 
dissolved in PMMA modified with 1,4-diazobi- 
cyclo[2,2,2] octane (DABCO) or perylene additives. 
When using DABCO as an additive, a useful lifetime 
of up to 550 000 pulses, corresponding to a normal- 
ized photostability of 270 GJ/mol, was demonstrated 
at a 2 Hz prf. 

Much lower efficiencies and photostabilities have 
been obtained with dyes emitting in the blue-green 
spectral region. Costela and colleagues, in 1996, 
performed some detailed studies on dyes coumarin 
540A and coumarin 503 incorporated into meth- 
acrylate homopolymers and copolymers, and demon- 
strated efficiencies of at most 19% with useful 
lifetimes of up to 1200 pulses, at a 2 Hz pyrf, 
for transversal pumping at 337nm. In 2000, 
Somasundaram and Ramalingam obtained useful 
lifetimes of 5240 and 1120 pulses, respectively, for 
coumarin 1 and coumarin 490 dyes incorporated into 
PMMA rods modified with ethyl alcohol, under 
transversal pumping at 337 nm and a prf of 1 Hz. 

A detailed study of photo-physical parameters of 
R6G-doped HEMA-MMA gain media was per- 
formed by Holzer and colleagues, in 2000. Among 
the parameters determined by these authors are 
quantum yields, lifetimes, absorption cross-sections, 
and emission cross-sections. A similar study on the 
photophysical parameters of PM567 and two PM567 
analogs incorporated into solid matrices of different 
acrylic copolymers and in corresponding mimetic 
liquid solutions was performed by Bergmann and 
colleagues, in 2001. 

Preliminary experiments with rhodamine 
6G-doped MPMMaA at high prfs were conducted 
using a frequency-doubled Nd:YAG laser at 5 kHz by 
Duarte and colleagues, in 1996. In those experiments, 
involving longitudinal excitation, the pump laser was 
allowed to fuse a region at the incidence window of 
the gain medium so that a lens was formed. This lens 
and the exit window of the gain medium comprised a 
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short unstable resonator that yielded broadband 
emission. In 2001, Costela and colleagues demon- 
strated lasing in rhodamine 6G- and pyrromethene- 
doped polymer matrices under copper-vapor-laser 
excitation at prfs in the 1.0-6.2 kHz range. In these 
experiments, the dye-doped solid-state matrix was 
rotated at 1200 rpm. Average powers of 290 mW 
were obtained at a prf of 1kHz and a conversion 
efficiency of 37%. For a short period of time average 
powers of up to 1 W were recorded at a prf of 
6.2 kHz. In subsequent experiments by Abedin and 
colleagues the rpf was increased to 10 kHz by using as 
pump laser a diode-pumped, O-switched, frequency 
doubled, solid state Nd:YLF laser. Initial average 
powers of 560 mW and 430 mW were obtained for 
R6G-doped and PM567-doped polymer matrices, 
respectively. Lasing efficiency was 16% for R6G 
and the useful lifetime was 6.6 min (or about 
4.0 million shots). 


Inorganic and Hybrid Hosts 


In 1990, Knobbe and colleagues and McKiernan and 
colleagues, from the University of California at Los 
Angeles, incorporated different organic dyes, via the 
sol-gel techniques, into silicate (SiO2), aluminosili- 
cate (Al,03-SiO,), and ORMOSIL host matrices, 
and investigated the lasing performance of the 
resulting materials under transversal pumping. Lasing 
efficiencies of 25% and useful lifetimes of 2700 pulses 
at 1 Hz repetition rate were obtained from Rh6G 
incorporated into aluminosilicate gel and ORMOSIL 
matrices, respectively. When the dye in the ORMO- 
SIL matrices was coumarin 153, the useful lifetime 
was still 2250 pulses. Further studies by Altman and 
colleagues, in 1991, demonstrated useful lifetimes of 
11 000 pulses at a 30 Hz prf when rhodamine 6G 
perchlorate was incorporated into ORMOSIL 
matrices. The useful lifetime increased to 14 500 
pulses when the dye used was rhodamine B. 

When incorporated into xerogel matrices, pyrro- 
methene dyes lase with efficiencies as high as the 
highest obtained in organic hosts but with much 
higher photostability: a useful lifetime of 500 000 
pulses at 20 Hz repetition rate was obtained by Faloss 
and colleagues, in 1997, with PM597 using a pump 
energy of 1 mJ. The efficiency of PM597 dropped to 
40% but its useful lifetime increased to over 
1000000 pulses when oxygen-free samples were 
prepared, in agreement with previous results that 
documented the strong dependence of laser par- 
ameters of pyrromethene dyes on the presence of 
oxygen. A similar effect was observed with perylene 
dyes: deoxygenated xerogel samples of Perylene Red 
exhibited a useful lifetime of 250 000 pulses at a prf 


of 5 Hz and 1 mJ pump energy, to be compared with a 
useful lifetime of only 10 000 pulses obtained with 
samples prepared in normal conditions. Perylene 
Orange incorporated into polycom glass and pumped 
longitudinally at 532 nm gave an efficiency of 72% 
and a useful lifetime of 40 000 pulses at a prf of 1 Hz 
as reported by Rhan and King, in 1998. 

A direct comparison study of laser performance of 
Rh6G, PM567, Perylene Red, and Perylene Orange in 
organic, inorganic, and hybrid hosts was carried out 
by Rahn and King in 1995. They found that the 
nonpolar perylene dyes had better performance in 
partially organic hosts, whereas the ionic rhodamine 
and pyrromethene dyes performed best in the 
inorganic sol-gel glass host. The most promising 
combinations of dye and host for efficiency and 
photostability were found to be Perylene Orange in 
polycom glass and Rh6G in sol-gel glass. 

An all-solid-state optical configuration, where 
the pump was a laser diode array side-pumped, 
Q-switched, frequency-doubled, Nd:YAG slab laser, 
was demonstrated by Hu and colleagues, in 1998, 
with dye DCM incorporated into ORMOSIL 
matrices. A lasing efficiency of 18% at the wavelength 
of 621 nm was obtained, and 27000 pulses were 
needed for the output energy to decrease by 10% of 
its initial value at 30 Hz repetition rate. After 50 000 
pulses the output energy decreased by 90% but it 
could be recovered after waiting for a few minutes 
without pumping. 

Violet and ultraviolet laser dyes have also been 
incorporated into sol-gel silica matrices and their 
lasing properties evaluated under transversal pump- 
ing by a number of authors. Although reasonable 
efficiencies have been obtained with some of 
these laser dyes, the useful lifetimes are well below 
1000 pulses. 

More recently, Costela and colleagues have demon- 
strated improved conversion efficiencies in dye-doped 
inorganic—organic matrices using pyrromethene 567 
dye. The solid matrix in this case is poly-trimethyl- 
silyl-methacrylate cross-linked with ethylene glycol 
and copolymerized with methyl methacrylate. Also, 
Duarte and James have reported on dye-doped 
polymer-nanoparticle laser media where the polymer 
is PMMA and the nanoparticles are made of silica. 
These authors report TEMog laser beam emission and 
improved dv/dT coefficients of the gain media that 
results in reduced AQ. 


Dye Laser Applications 


Dye lasers generated a renaissance in diverse 
applied fields such as isotope separation, medicine, 
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photochemistry, remote sensing, and spectroscopy. 
Dye lasers have also been used in many experiments 
that have advanced the frontiers of fundamental 
physics. 

Central to most applications of dye lasers is their 
capability of providing coherent narrow-linewidth 
radiation that can be tuned continuously from the 
near ultraviolet, throughout the visible, to the near 
infrared. These unique coherent and spectral proper- 
ties have made dye lasers particularly useful in the 
field of high-resolution atomic and molecular spec- 
troscopy. Dye lasers have been successfully and 
extensively used in absorption and fluorescence 
spectroscopy, Raman spectroscopy, selective exci- 
tations, and nonlinear spectroscopic techniques. 
Well documented is their use in photochemistry, 
that is, the chemistry of optically excited atoms and 
molecules, and in biology, studying biochemical 
reaction kinetics of biological molecules. By using 
nonlinear optical techniques, such as harmonic and 
sum frequency and difference frequency generation, 
the properties of dye lasers can be extended to the 
ultraviolet. 

Medical applications of dye lasers include cancer 
photodynamic therapy, treatment of vascular lesions, 
and lithotripsy as described by Goldman in 1990. 

The ability of dye lasers to provide tunable sub- 
GHz linewidths in the orange-red portion of the 
spectrum, at kW average powers, made them 
particularly suited to atomic vapor laser isotope 
separation of uranium as reported by Bass and 
colleagues, in 1992, Singh and colleagues, in 1994, 
and Nemoto and colleagues, in 1995. In this 
particular case the isotopic shift between the two 
uranium isotopes is a few GHz. Using dye lasers 
yielding Av=1GHz the 7°°U can be selectively 
excited in a multistep process by tuning the dye 
laser(s) to specific wavelengths, in the orange-red 
spectral region, compatible with a transition sequence 
leading to photoionization. Also, high-prf narrow- 
linewidth dye lasers, as described by Duarte and 
Piper, in 1984, are ideally suited for guide star appli- 
cations in astronomy. This particular application 
requires a high-average power diffraction-limited 
laser beam at A ~ 589 nm to propagate for some 
95 km, above the surface of the Earth, and illuminate 
a layer of sodium atoms. Ground detection of the 
fluorescence from the sodium atoms allows measure- 
ments on the turbulence of the atmosphere. These 
measurements are then used to control the adaptive 
optics of the telescope thus compensating for the 
atmospheric distortions. 

A range of industrial applications is also amenable 
to the wavelength agility and high-average power 
output characteristics of dye lasers. Furthermore, 


tunability coupled with narrow-linewidth emission, 
at large pulsed energies, make dye lasers useful in 
military applications such as directed energy and 
damage of optical sensors. 


The Future of Dye Lasers 


Predicting the future is rather risky. In the early 
1990s, articles and numerous advertisements in 
commercial laser magazines predicted the demise 
and even the oblivion of the dye laser in a few years. It 
did not turn out this way. The high power and 
wavelength agility available from dye lasers have 
ensured their continued use as scientific and research 
tools in physics, chemistry, and medicine. In addition, 
the advent of narrow-linewidth solid-state dye lasers 
has sustained a healthy level of research and devel- 
opment in the field. Today, some 20 laboratories 
around the world are engaged in this activity. 

The future of solid-state dye lasers depends largely 
on synthetic and manufacturing improvements. There 
is a need for strict control of the conditions of 
fabrication and a careful purification of all the 
compounds involved. In the case of polymers, in 
particular, stringent control of thermal conditions 
during the polymerization step is obligatory to ensure 
that adequate optical uniformity of the polymer 
matrix is achieved, and that intrinsic anisotropy 
developed during polymerization is minimized. From 
an engineering perspective what are needed are dye- 
doped solid-state media with improved photostability 
characteristics and better thermal properties. By 
better thermal properties is meant better dz/dT 
factors. To a certain degree progress in this area has 
already been reported. As in the case of liquid dye 
lasers, the lifetime of the material can be improved by 
using pump lasers at compatible wavelengths. In this 
regard, direct diode laser pumping of dye-doped 
solid-state matrices should lead to very compact, 
long-lifetime, tunable lasers emitting throughout the 
visible spectrum. An example of such a device would 
be a green laser-diode-pumped rhodamine-6G doped 
MPMMA tunable laser configured in a multiple- 
prism grating architecture. 

As far as liquid lasers are concerned, there is a need 
for efficient water-soluble dyes. Successful develop- 
ments in this area were published in the literature 
with coumarin-analog dyes by Chen and colleagues, 
in 1988, and some encouraging results with 
rhodamine dyes have been reported by Ray and 
colleagues, in 2002. Efficient water-soluble dyes 
could lead to significant improvements and simpli- 
fications in high-power tunable lasers. 
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The analysis of Section 2.5.2 and parallel coupled RLC resonators show that any antenna and 
matched rectifying diode can be described as an equivalent circuit of a coupled resonator at a defined 
operating point. This general model can be applied to optimize other harvesters with complex output 
impedance such as piezo-harvesters or vibration harvesters for maximum transfer of power or voltage 
to its connected load. The model can also be applied to near field magnetically coupled antennas/coils 
for optimization. 


2.5.6. Broadband RF to DC power converter 


A broadband network is preferred when an RF to DC power converter is to be operated for a wide 
range of frequencies. A broadband converter is realized by connecting successive L-networks together 
in a multi-network between the antenna source and the rectifying diodes. The result is broadband or 
multiband RF power converter around certain frequencies. This can be deduced from the general 
model of a coupled resonators that by choosing certain passive components between a source and the 
load, it is possible to have more frequencies (@) fulfilling Equation (32) and hence a result of multiple 
resonant frequencies or broader bandwidth at match conditions. For a two stage L-connected match, 
the quality factor of the L-network with the parallel resistance is given by Equation (39): 





OQ, = =i (39) 





—1 (40) 


From Equations (39) and (40) the loaded quality factor of the two stage L-connected broadband 
network may be written as Equation (41) in terms of the unloaded quality factors; O;* and Op*: 


O = (0, +I)QF +D}-1 (41) 


R* in this case may be chosen if it is larger than Rs and lower than the Rp. The highest possible 
bandwidth between a resistive source and resistive load is found for a virtual resistance (R*) given in 
Equation (42) [37]: 


ROS aRR: (42) 
For complex loads such as rectifying diodes or transistors, the largest achievable bandwidth 


prescribed by Equation (42) is limited by the load or source component quality factor, since Equation (42) 
does not take into account reactive impedance associated with the source or load. 
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Introduction 


The semiconductor edge emitting diode laser is a 
critical component in a wide variety of applications, 
including fiber optics telecommunications, optical 
data storage, and optical remote sensing. In this 
section, we describe the basic structures of edge 
emitting diode lasers and the physical mechanisms for 
converting electrical current into light. Laser wave- 
guides and cavity resonators are also outlined. The 
power, efficiency, gain, loss, and threshold character- 
istics of laser diodes are presented along with the 
effects of temperature and modulation. Quantum 
well lasers are outlined and a description of grating 
coupled lasers is provided. 

Like all forms of laser, the edge emitting diode laser 
is an oscillator and has three principal components; a 
mechanism for converting energy into light, a medium 
that has positive optical gain, and a mechanism for 
obtaining optical feedback. The basic edge emitting 
laser diode is shown schematically in Figure 1. Current 
flow is vertical through a pn junction and light is 
emitted from the ends. The dimensions of the laser in 
Figure 1 are distorted, in proportion to typical real 
laser diodes, to reveal more detail. In practical 
laser diodes, the width of the stripe contact is 
actually much smaller than shown and the thickness 
is smaller still. Typical dimensions are (stripe 
width x thickness x length) 2x 100 x 1000 um. 


Duarte FJ (ed.) (1991) High Power Dye Lasers. Berlin: 
Springer-Verlag. 

Duarte FJ (ed.) (1995) Tunable Lasers Handbook. 
New York: Academic Press. 

Duarte FJ (ed.) (1995) Tunable Laser Applications. 
New York: Marcel Dekker. 

Duarte FJ (2003) Tunable Laser Optics. New York: 
Elsevier Academic. 

Duarte FJ and Hillman LW (eds) (1990) Dye Laser 
Principles. New York: Academic Press. 

Maeda M (1984) Laser Dyes. New York: Academic Press. 

Schafer FP (ed.) (1990) Dye Lasers, 3rd edn. Berlin: 
Springer-Verlag. 

Radziemski LJ, Solarz RW and Paisner JA (eds) (1987) 
Laser Spectroscopy and its Applications. New York: 
Marcel Dekker. 

Weber MJ (2001) Handbook of Lasers. New York: 
CRC. 


Light emission is generated only within a few 
micrometers of the surface, which means that 
99.98% of the volume of this small device is inactive. 

Energy conversion in diode lasers is provided by 
current flowing through a forward-biased pn junc- 
tion. At the electrical junction, there is a high density 
of injected electrons and holes which can recombine 
in a direct energy gap semiconductor material to give 
an emitted photon. Charge neutrality requires equal 
numbers of injected electrons and holes. Figure 2 
shows a simplified energy versus momentum (E-k) 
diagrams for (a) direct, and (b) indirect semiconduc- 
tors. In a direct energy gap material, such as GaAs, 
the energy minima have the same momentum vector, 
so recombination of an electron in the conduction 
band and a hole in the valence band takes place 
directly. In an indirect material, such as silicon, 
momentum conservation requires the participation of 
a third particle — a phonon. This third-order process 
is far less efficient than direct recombination and, thus 
far, too inefficient to support laser action. 

Optical gain in direct energy gap materials is 
obtained when population inversion is reached. 
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Figure 1 Schematic drawing of an edge emitting laser diode. 
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Figure 2 Energy versus momentum for (a) direct, and (b) 
indirect semiconductors. 
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Figure 3 Density of states versus energy for conduction and 
valence bands. 


Population inversion is the condition where the 
probability for stimulated emission exceeds that of 
absorption. The density of excited electrons n, in the 
conduction band is given by 


n= le p,(E)f,(E)dE cm™3 [1] 


where p,(E) is the conduction band density of states 
function and f,(E) is the Fermi occupancy function. 
A similar equation can be written for holes in the 
valence band. Figure 3 shows the density of states p 
versus energy as a dashed line for conduction and 
valence bands. The solid lines in Figure 3 are the 
p(E)f(E) products, and the areas under the solid 
curves are the carrier densities 1 and p. 

The Fermi functions are occupation probabilities 
based on the quasi-Fermi levels Ep, and Epp, which 
are, in turn, based on the injected carrier densities, 67 
and 6p. Population inversion implies that the 
difference between the quasi-Fermi levels must exceed 
the emission energy which, for semiconductors, must 
be greater than the bandgap energy: 


Etn — Epp = ho ~ Eg [2] 


Charge neutrality requires that 62 = 6p. Transpar- 
ency is the point where these two conditions are just 


met and any additional injected current results in 
optical gain. The transparency current density J,, is 
given by 


QnoL, 





Jo= [3] 


Tspon 


where 7, is the transparency carrier density (6n = 
6p =n, at transparency), L, is the thickness of the 
optically active layer, and 7,5, is the spontaneous 
carrier lifetime in the material (typically 5 nsec). 

A resonant cavity for optical feedback is obtained 
simply by taking advantage of the natural crystal 
formation in single crystal semiconductors. Most 
III-V compound semiconductors form naturally into 
a zincblende lattice structure. With the appropriate 
choice of crystal planes and surfaces, this lattice 
structure can be cleaved such that nearly perfect 
plane-parallel facets can be formed at arbitrary 
distances from each other. Since the refractive index 
of these materials is much larger (~3.5) than that of 
air, there is internal optical reflection for normal 
incidence of approximately 30%. This type of optical 
cavity is called a Fabry—Perot resonator. 

Effective lasers of all forms make use of optical 
waveguides to optimize the overlap of the optical field 
with material gain and cavity resonance. The optical 
waveguide in an edge emitting laser is best described 
by considering it in terms of a transverse waveguide 
component, defined by the epitaxial growth of 
multiple thin heterostructure layers, and a lateral 
waveguide component, defined by conventional 
semiconductor device processing methods. One of 
the simplest, and yet most common, heterostructure 
designs is shown in Figure 4. This five-layer separate 
confinement heterostructure (SCH) offers excellent 
carrier confinement in the active layer as well as a 
suitable transverse waveguide. 

Clever choice of different materials for each layer 
results in the energy band structure, index of refraction 


Confining layer 


Inner barrier layer 
Active layer 


Inner barrier layer 


Confining layer 


Figure 4 Schematic cross-section of a typical five-layer 
separate confinement heterostructure (SCH) laser. 
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Figure 5 Energy band structure, index of refraction profile, and 
optical field mode profile of the SCH laser of Figure 4. 


profile, and optical field mode profile shown in 
Figure 5. The outer confining layers are the thickest 
(~1 wm) and have the largest energy bandgap and 
lowest refractive index. The inner barrier layers are 
thinner (~0.1 wm), have intermediate bandgap 
energy and index of refraction, and serve both an 
optical role in defining the optical waveguide and an 
electronic role in confining carriers to the active layer. 
The active layer is the narrowest bandgap, highest 
index material, and is the only layer in the structure 
designed to provide optical gain. It may be a single 
layer or, as in the case of a multiple quantum well laser, 
a combination of layers. The bandgap energy, E, of this 
active layer plays a key role in determining the 
emission wavelength, A, of the laser: 


_ be 
~  X 


E [4] 


where / is Planck’s constant and c is the speed of light. 

The bandgap energy of the SCH structure is shown 
in Figure 5. The lowest energy active layer collects 
injected electrons and holes and the carrier confine- 
ment provided by the inner barrier layers allows the 
high density of carriers necessary for population 
inversion and gain. The layers in the structure also 
have the refractive index profile shown in Figure 5 
which forms a five-layer slab dielectric waveguide. 
With appropriate values for thicknesses and indices of 
refraction, this structure can be a very strong 
fundamental mode waveguide with the field profile 
shown. A key parameter of edge emitting diode lasers 
is I’, the optical confinement factor. This parameter is 
the areal overlap of the optical field with the active 
layer, shown as dashed lines in the figure and can be as 
little as a few percent, even in very high performance 
lasers. 


Lateral waveguiding in a diode laser can be 
accomplished in a variety of ways. A common 
example of an index guided laser is the ridge 
waveguide laser shown in Figure 6. After the appro- 
priate transverse waveguide heterostructure sample 
is grown, conventional semiconductor processing 
methods are used to form parallel etched stripes 
from the surface near, but not through, the active 
layer. An oxide mask is patterned such that electrical 
contact is formed only to the center (core) region 
between the etched stripes, the core stripe being only 
a few microns wide. The lateral waveguide that 
results arises from the average index of refraction 
(effective index) in the etched regions outside the core 
being smaller than that of the core. Figure 7 shows the 
asymmetric near field emission profile of the ridge 
waveguide laser and cross-sectional profiles of the 
laser emission and effective index of refraction. 

The optical spectrum of an edge emitting diode 
laser below and above threshold is the superposition 
of the material gain of the active layer and the 
resonances provided by the Fabry—Perot resonator. 
The spectral variation of material gain with injected 
carrier density (drive current) is shown in Figure 8. 
As the drive is increased, the intensity and energy of 
peak gain both increase. 

The Fabry—Perot resonator has resonances every 
half wavelength, given by 





Figure 6 Schematic diagram of a real index guided ridge 
waveguide diode laser. 





Figure 7 Near field emission pattern, cross-sectional emission 
profiles (solid lines), and refractive index profiles (dashed lines) 
from an index guided diode laser. 
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Figure 8 Gain versus emission energy for four increasing 
values of carrier (current) density. Peak gain is shown as a 
dashed line. 
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Figure 9 Emission spectra from a Fabry—Perot edge emitting 
laser structure at, and above, laser threshold. 


where L is the cavity length, A/7 is the wavelength in 
the medium (7 is the refractive index), and m is an 
integer. For normal length edge emitter cavities, these 
cavity modes are spaced only 1 or 2A apart. 
The result is optical spectra, near laser threshold 
and above, that look like the spectra of Figure 9. 
Many cavity modes resonate up to threshold, 
while above threshold, the superlinear increase in 
emission intensity with drive current tends to greatly 
favor one or two of the Fabry-Perot longitudinal 
cavity modes. 

Laser threshold can be determined from a relatively 
simple analysis of the round trip gain and losses in the 
Fabry—Perot resonator. If the initial intensity is I, 
after one round trip the intensity will be given by 


I= I,RyR,e% 9" [6] 


where R, and R» are the reflectivities of the two 
facets, g is the optical gain, a; are losses associated 
with optical absorption (typically 3-15 cm '), and 
L is the cavity length. At laser threshold, g = 2,, 
and I= I), i.e., the round trip gain exactly equals 
the losses. The result is 


i+ : In 
ot on Rs 





&th = [7] 


where the second term represents the mirror losses 
Qm. Of course, mirror losses are desirable in the sense 
that they represent useable output power. Actually, 
the equation above does not take into account the 
incomplete overlap of the optical mode with the gain 
in the active layer. The overlap is defined by the 
confinement factor IT’, described above, and the 
equation must be modified to become 


1 1 
peel 
V'gn a + IL n RiR> 





[8] 


For quantum well lasers, the material peak gain, 
shown in Figure 8, as a function of drive current is 
given approximately by 


& = BJ, In— [9] 


where J, is the transparency current density. The 
threshold current density J,,, which is the current 
density where the gain exactly equals all losses, is 
given by 





+ : In u 
dy on BE PERS 


Note that an additional parameter 7; has appeared in 
this equation. Not all of the carriers injected by the 
drive current participate in optical processes; some are 
lost to other nonradiative processes. This is accounted 
for by including the internal quantum efficiency term 
ni, which is typically at least 90%. The actual drive 
current, of course, must include the geometry of the 
device and is given by 


Ty = wlhJin [11] 


where L is the cavity length, and w is the effective 
width of the active volume. The effective width is 
basically the stripe width of the core but also includes 
current spreading and carrier diffusion under the 
stripe. 

The power-current characteristic (P-I) for 
a typical edge emitting laser diode is shown 
in Figure 10. As the drive current is increased 
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Figure 10 Power versus current (P—/) curve for a typical edge 
emitting laser diode. 


from zero, the injected carrier densities increase and 
spontaneous recombination is observed. At some 
point the gain equals the internal absorption losses, 
and the material is transparent. Then, as the drive 
current is further increased, additional gain even- 
tually equals the total losses, including mirror losses, 
and laser threshold is reached. Above threshold, 
nearly all additional injected carriers contribute 
to stimulated emission (laser output). The power 
generated internally is given by 





h 
P= wL(J —Judn 4 [12] 


where wL is the area and hy is the photon energy. 
Only a fraction of the power generated internally is 
extracted from the device 


hv Qm 


Py — wl(f Ja) Ni 


q a, + Ap 





[13] 


Clearly a useful design goal is to minimize the internal 
optical loss a;. The slope of the P—I curve of Figure 10 
above threshold is described by an external differen- 
tial quantum efficiency 7g, which is related to the 
internal quantum efficiency by 


[14] 


Other common parameters used to characterize 
the efficiency of laser diodes include the power 
conversion efficiency 7, 





[15] 


and the wall plug efficiency 7, 
[16] 


The power conversion efficiency 7, recognizes that 
the forward bias voltage Vy is larger than the photon 
energy by an amount associated with the series 
resistance of the laser diode. The wall plug efficiency 
mws has the unusual units of WA‘ and is simply a 
shorthand term that relates the common input unit of 
current to the common output unit of power. In high 
performance low power applications, the ideal device 
has minimum threshold current since the current used 
to reach threshold contributes little to light emission. 
In high power applications, the threshold current 
becomes insignificant and the critical parameter is 
external quantum efficiency. 

Temperature effects may be important for edge 
emitting lasers, depending on a particular appli- 
cation. Usually, concerns related to temperature arise 
under conditions of high temperature operation 
(T > 50°C), where laser thresholds rise and efficien- 
cies fall. It became common early in the development 
of laser diodes to define a characteristic temperature 
T. for laser threshold, which is given by 


T 
Tn = Tho eso 7] 


where a high T, is desirable. Unfortunately, this 
simple expression does not describe the temperature 
dependence very well over a wide range of tempera- 
tures, so the appropriate temperature range must also 
be specified. For applications where the emission 
wavelength of the laser is important, the change in 
wavelength with temperature dA/dT may also be 
specified. For conventional Fabry-Perot cavity lasers, 
dA/dT is typically 3-5 AC“. 

In order for a diode laser to carry information, 
some form of modulation is required. One method for 
obtaining this is direct modulation of the drive 
current in a semiconductor laser. The transient and 
temporal behavior of lasers is governed by rate 
equations for carriers and photons which are 
necessarily coupled equations. The rate equation for 
carriers is given by 


[17] 


dn J 
dt qL, 





(cin) B(n — no )PE) [18] 


Tsp 


where J/qL, is the supply, n/7., is the spontaneous 
emission rate, and the third term is the stimulated 
emission rate (c/n)B(n —n,)@(E) where B is the 
gain coefficient and g(E) is the photon density. 
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The rate equation for photons is given by 
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[19] 


where @ is the fraction of the spontaneous emission 
that couples into the mode (a small number), and 7, is 
the photon lifetime (~1 psec) in the cavity. These rate 
equations can be solved for specific diode laser 
materials and structures to yield a modulation 
frequency response. A typical small signal frequency 
response, at two output power levels, is shown in 
Figure 11. The response is typically flat to frequencies 
above 1 GHz, rises to a peak value at some 
characteristic resonant frequency, and quickly rolls 
off. The characteristic small signal resonant frequency 
@,, is given by 


wo = (cin) BE [20] 
Tp 


where @ is the average photon density. Direct 
modulation of edge emitting laser diodes is limited 
by practicality to less than 10 GHz. This is in part 
because of the limits imposed by the resonant 
frequency and in part by chirp. Chirp is the frequency 
modulation that arises indirectly from direct current 
modulation. Modulation of the current modulates the 
carrier densities which, in turn, results in modulation 
of the quasi-Fermi levels. The separation of the quasi- 
Fermi levels is the emission energy (wavelength). 
Most higher-speed lasers make use of external 
modulation schemes. 

The discussion thus far has addressed aspects of 
semiconductor diode edge emitting lasers that are 
common to all types of diode lasers irrespective of the 
choice of materials or the details of the active layer 
structure. The materials of choice for efficient 
laser devices include a wide variety of HI-V 
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Figure 11 Direct current modulation frequency response for an 
edge emitting diode laser at two output power levels. 


binary compounds and ternary or quaternary alloys. 
The particular choice is based on such issues as 
emission wavelength, a suitable heterostructure 
lattice match, and availability of high-quality sub- 
strates. For example, common low-power lasers for 
CD players (A ~ 820 nm) are likely to be made on a 
GaAs substrate using a GaAs—Al,,Ga,_,As hetero- 
structure. Lasers for fiberoptic telecommunications 
systems (A ~ 1.3-1.5 um) are likely to be made on an 
InP substrate using an InP-In,Ga,_,As,P_, 
heterostructure. Red laser diodes (A ~ 650 nm) are 
likely to be made on a GaAs substrate using a GaAs— 
In,Ga,—,AsyP,—, heterostructure. Blue and ultra- 
violet lasers, a relatively new technology compared 
to the others, make use of Al,.Ga,;_,N-GaN- 
InyGa;_,N heterostructures formed on sapphire or 
silicon carbide substrates. 

An important part of many diode laser structures is 
a strained layer. If a layer is thin enough, the strain 
arising from a modest amount of lattice mismatch can 
be accommodated elastically. In thicker layers, lattice 
mismatch results in an unacceptable number of 
dislocations that affect quantum efficiency, optical 
absorption losses, and, ultimately, long-term failure 
rates. Strained layer GaAs—In,,Ga,_,As lasers are a 
critical component in rare-earth doped fiber 
amplifiers. 

The structure of the active layer in edge emitting 
laser diodes was originally a simple double hetero- 
structure configuration with a single active layer of 
500-1000 A in thickness. In the 1970s however, 
advances in the art of growing semiconductor 
heterostructure materials led to growth of high- 
quality quantum well active layers. These structures, 
having thicknesses that are comparable to the 
electron wavelength in a semiconductor (<200 A), 
revolutionized semiconductor lasers, resulting in 
much lower threshold current densities, higher 
efficiencies, and a broader range of available 
emission wavelengths. The energy band diagram 
for a quantum well laser active region is shown in 
Figure 12. 

This structure is a physical realization of the 
particle-in-a-box problem in elementary quantum 
mechanics. The quantum well yields quantum states 
in the conduction band at discrete energy levels, with 
odd and even electron wavefunctions, and breaks 
the degeneracy in the valence band, resulting in 
separate energy states for light holes and heavy holes. 
The primary transition for recombination is from the 
n = 1 electron state to the ) = 1 heavy hole state and 
takes place at a higher energy than the bulk bandgap 
energy. In addition, the density of states for quantum 
wells becomes a step-like function and optical gain 
is enhanced. The advantages in practical edge 
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Figure 12 Energy band diagram for a quantum well 
heterostructure. 


emitting lasers that are the result of one-dimensional 
quantization are such that virtually all present 
commercial laser diodes are quantum well lasers. 
These kinds of advantages are driving development of 
laser diodes with additional degrees of quantization, 
including two dimensions (quantum wires) and three 
dimensions (quantum dots). 

The Fabry-Perot cavity resonator described here is 
remarkably efficient and relatively easy to fabricate, 
which makes it the cavity of choice for many 
applications. There are many applications, however, 
where the requirements for linewidth of the laser 
emission or the temperature sensitivity of the emis- 
sion wavelength make the Fabry—Perot resonator less 
desirable. An important laser technology that 
addresses both of these concerns involves the use of 
a wavelength selective grating as an integral part of 
the laser cavity. A notable example of a grating 
coupled laser is distributed feedback laser shown 
schematically in Figure 13a. This is similar to the 
SCH cross-section of Figure 4 with the addition of a 
Bragg grating above the active layer. 

The period A, of the grating is chosen to fulfill 
the Bragg condition for mth-order coupling 
between forward- and_ backward-propagating 
waves, which is 


mx 
A= aE [21] 


where A/n is the wavelength in the medium. The index 
step between the materials on either side of the 
grating is small and the amount of reflection is also 
small. Since the grating extends throughout the length 
of the cavity, however, the overall effective reflectivity 
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Figure 13 Schematic diagram of distributed feedback 
(DFB) and distributed Bragg reflector (DBR) edge emitting laser 
diodes. 


can be large. Another variant is the distributed Bragg 
reflector (DBR) laser resonator, shown in Figure 13b. 
This DBR laser has a higher index contrast, deeply 
etched surface grating located at one or both ends of 
the otherwise conventional SCH laser heterostruc- 
ture. One of the advantages of this structure is the 
opportunity to add a contact for tuning the Bragg 
grating by current injection. 

Both the DBR and DFB laser structures are 
particularly well suited for telecommunications or 
other applications where a very narrow single laser 
emission line is required. In addition, the emission 
wavelength temperature dependence for this type of 
laser is much smaller, typically 0.5 AC’ '. 


See also 


Semiconductor Physics: Quantum Wells and GaAs- 
based Structures. 
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Introduction 


We present a summary of the fundamental operating 
principles of ultraviolet, excimer lasers. After a brief 
discussion of the economics and application motiv- 
ation, the underlying physics and technology of these 
devices is described. Key issues and limitations in the 
scaling of these lasers are presented. 


Background: Why Excimer Lasers? 


Excimer lasers have become the most widely used 
source of moderate power pulsed ultraviolet sources 
in laser applications. The range of manufacturing 
applications is also large. Production of computer 
chips, using excimer lasers as the illumination source 
for lithography, has by far the largest commercial 
manufacturing impact. In the medical arena, excimer 
lasers are used extensively in what is becoming one of 
the world’s most common surgical procedures, the 
reshaping of the lens to correct vision problems. 
Taken together, the annual production rate for these 
lasers is a relatively modest number compared to the 
production of semiconductor lasers. Current markets 
are in the range of $0.4 billion per year (Figure 1). 
More importantly, the unique wavelength, power, 
and pulse energy properties of the excimer laser 
enable a systems and medical procedure market, 
based on the excimer laser, to exceed $3 billion per 
year. The current average sales price for these lasers is 
in the range of $250 000 per unit, driven primarily by 
the production costs and reliability requirements of 
the lasers for lithography for chip manufacture. 
Relative to semiconductor diode lasers, excimer lasers 
have always been, and will continue to be, more 
expensive per unit device by a factor of order 10%. 


Kapon E (1999) Semiconductor Lasers I and IT. San Diego, 
CA: Academic Press. 

Nakamura S and Fasol G (1997) The Blue Laser Diode. 
Berlin: Springer. 
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UV power and pulse energy, however, are consider- 
ably higher. 

The fundamental properties of these lasers enable 
the photochemical and photophysical processes used 
in manufacturing and medicine. Short pulses of UV 
light can photo-ablate materials, being of use in 
medicine and micromachining. Short wavelengths 
enable photochemical processes. The ability to 
provide a narrow linewidth using appropriate resona- 
tors enables precise optical processes, such as litho- 
graphy. We trace out some of the core underlying 
properties of these lasers that lead to the core utility. 
We also discuss the technological problems and 
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Figure 1 The sales of excimer lasers have always been 
measured in small numbers relative to other, less-expensive 
lasers. For many years since their commercial release in 1976 the 
sales were to R&D workers in chemistry, physics and ultimately 
biology and medicine. The market for these specialty but most 
useful R&D lasers was set to fit within a typical researcher's annual 
capital budget, i.e., less than $100K. As applications and 
procedures were developed and certified or approved, sales and 
average unit sales price increased considerably. Reliance on 
cyclical markets like semiconductor fabrication led to significant 
variations in production rates and annual revenues as can be seen. 
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solutions that have evolved to make these lasers so 
useful. 

The data in Figure 1 provide a current answer to 
the question of ‘why excimer lasers?’ At the dawn of 
the excimer era, the answer to this question was quite 
different. In the early 1970s, there were no powerful 
short wavelength lasers, although IR lasers were 
being scaled up to significant power levels. However, 
visible or UV lasers could in principle provide better 
propagation and focus to a very small spot size at 
large distances. Solid state lasers of the time offered 
very limited pulse repetition frequency and low 
efficiency. Diode pumping of solid state lasers, and 
diode arrays to excite such lasers, was a far removed 
development effort. As such, short-wavelength lasers 
were researched over a wide range of potential media 
and lasing wavelengths. The excimer concept was one 
of those candidates. 

We provide, in Figure 2, a ‘positioning’ map 
showing the range of laser parameters that can be 
obtained with commercial or developmental excimer 
lasers. The map has coordinates of pulse energy and 
pulse rate, with diagonal lines expressing average 
power. We show where both development goals and 
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Figure 2 The typical energy and pulse rate for certain 
applications and technologies using excimer lasers. For energy 
under a few J, a discharge laser is used. The earliest excimer 
discharge lasers were derivatives of CO. TEA (transversely 
excited atmospheric pressure) and produced pulse energy in the 
range of 100 mJ per pulse. Pulse rates of order 30 Hz were all that 
the early pulsed power technology could provide. Early research 
focused on generating high energy. Current markets are at 
modest UV pulse energy and high pulse rates for lithography and 
low pulse rates for medical applications. 


current markets lay in a map. Current applications 
are shown by the boxes in the lower right-hand 
corner. Excimer lasers have been built with clear 
apertures in the range of a fraction of 0.1 to 10* cm?, 
with single pulse energies covering a range of 10’. 
Lasers with large apertures require electron beam 
excitation. Discharge lasers correspond to the more 
modest pulse energy used for current applications. In 
general, for energies lower than ~S J, the excitation 
method of choice is a self-sustained discharge, clearly 
providing growth potential for future uses, if 
required. 

The applications envisaged in the early R&D days 
were in much higher energy uses, such as in laser 
weapons, laser fusion, and laser isotope separation. 
The perceived need for lasers for isotope separation, 
laser-induced chemistry, and blue-green laser-based 
communications from satellites, drove research in 
high pulse rate technology and reliability extension 
for discharge lasers. This research resulted in proto- 
types, with typical performance ranges as noted on 
the positioning map that well exceed current market 
requirements. However, the technology and under- 
lying media physics developed in these early years 
made possible advances needed to serve the ultimate 
real market applications. 

The very important application of UV lithography 
requires high pulse rates and high reliability. These 
two features differentiate the excimer laser used for 
lithography from the one used in the research 
laboratory. High pulse rates, over 2000 Hz in current 
practice, and the cost of stopping a computer chip 
production line for servicing, drive the reliability 
requirements toward 10!° shots per service interval. 
In contrast, the typical laboratory experiments are 
more often in the range of 100 Hz and, unlike a 
lithography production line, do not run 24 hours a 
day, 7 days a week. The other large market currently 
is in laser correction of myopia and other imperfec- 
tions in the human eye. For this use the lasers are 
more akin to the commercial R&D style laser in terms 
of pulse rate and single pulse energy. Not that many 
shots are needed to ablate tissue to make the needed 
correction, and shot life is a straightforward require- 
ment. However, the integration of these lasers into a 
certified and accepted medical procedure and an 
overall medical instrument drove the growth of this 
market. 

The excimer concept, and the core technology 
used to excite these lasers, is applicable over a 
broad range of UV wavelengths, with utility at 
specific wavelength ranges from 351 nm in the near 
UV to 157nm in the vacuum UV (VUV). There 
were many potential excimer candidates in the 
early R&D phase (Table 1). Some of these 
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Table 1 Key excimer wavelengths 

Excimer emitter A (nm) Comment 

Af 126 Very short emission wavelength, deep in the Vacuum UV; inefficient as laser 
due to absorption, see Xeo. 

Kro 146 Broad band emitter and early excimer laser with low laser efficiency. 

Very efficient converter of electric power into Vacuum UV light. 

Fo 157 Molecule itself is not an excimer, but uses lower level dissociation; candidate 
for next generation lithography. 

X€o 172 The first demonstrated excimer laser. Very efficient formation and emission but 
excited state absorption limits laser efficiency. Highly efficient as a lamp. 

ArF 193 Workhorse for corneal surgery and lithography. 

KrCl 222 Too weak compared to KrF and not as short a wavelength as ArF. 

KrF 248 Best intrinsic laser efficiency; numerous early applications but found major 
market in lithography. Significant use in other materials processing. 

Xel 254 Never a laser, but high formation efficiency and excellent for a lamp. Historically 
the first rare gas halide excimer whose emission was studied at high pressure. 

XeBr 282 First rare gas halide to be shown as a laser; inefficient laser due to excited state 
absorption, but excellent fluorescent emitter; a choice for lamps. 

Bro 292 Another halogen molecule with excimer like transitions that has lased but had no 
practical use. 

XeCl 308 Optimum medium for laser discharge excitation. 

Hge 335 Hg vapor is very efficiently excited in discharges and forms excimers at high 
pressure. Subject of much early research, but as in the case of the rare gas 
excimers such as Xéo suffer from excited state absorption. Despite the high 
formation efficiency, this excimer was never made to lase. 

lo 342 lodine UV molecular emission and lasing was first of the pure halogen excimer-like 
lasers demonstrated. This species served as kinetic prototype for the F. 
‘honorary’ excimer that has important use as a practical VUV source. 

XeF 351, 353 This excimer laser transition terminates on a weakly bound lower level that 
dissociates rapidly, especially when heated. The focus for early defense-related 
laser development; as this wavelength propagates best of this class in the 
atmosphere. 

XeF 480 This very broadband emission of XeF terminates on a different lower level than 
the UV band. Not as easily excited in a practical system, so has not had 
significant usage. 

HgBr 502 A very efficient green laser that has many of the same kinetic features of the rare gas 
halide excimer lasers. But the need for moderately high temperature for the 
needed vapor pressure made this laser less than attractive for UV operation. 

XeO 540 This is an excimer-like molecular transition on the side of the auroral lines of the 


O atom. The optical cross-section is quite low and as a result the laser never 
matured in practice. 


candidates can be highly efficient, >50% relative to 
deposited energy, at converting electrical power 
into UV or visible emission, and have found a 
parallel utility as sources for lamps, though with 
differing power deposition rates and configurations. 
The key point in the table is that these lasers are 
powerful and useful sources at very short wave- 
lengths. For lithography, the wavelength of interest 
has consistently shifted to shorter and_ shorter 
wavelengths as the printed feature size decreased. 
Though numerous candidates were pursued, as 
shown in Table 1, the most useful lasers are those 
using rare gas halide molecules. These lasers are 
augmented by dye laser and Raman. shifting 
to provide a wealth of useful wavelengths in the 
visible and UV. 

All excimer lasers utilize molecular dissociation to 
remove the lower laser level population. This lower 


level dissociation is typically from an unbound or 
very weakly bound ground-state molecule. However, 
halogen molecules also provide laser action on 
excimer-like transitions, that terminate on a molecu- 
lar excited state that dissociates quickly. The vacuum 
UV transition in F, is the most practical method for 
making very short wavelength laser light at significant 
power. Historically, the rare gas dimer molecules, 
such as Xe>, were the first to show excimer laser 
action, although self absorption, low gain, and poor 
optics in the VUV limited their utility. Other excimer- 
like species, such as metal halides, metal rare gas 
continua on the edge of metal atom resonance lines, 
and rare gas oxides were also studied. The key 
differentiators of rare gas halides from other excimer- 
like candidates are strong binding in the excited 
state, lack of self absorption, and relatively high 
optical cross-section for the laser transition. 
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2.5.7. Broadband-Match RF to DC Converter Results and Discussion 


The antenna source resistance was broadband matched to the HSMS-285C diodes (and load) 
resistance at —30 dBm input around 434 MHz. For a desired Qp* and Qs* of 2.7 there is ~0.4 pF 
inherent diode capacitance which is un-tuned using a two stage L-matching network [Figure 11(b)]. 
This is because the HSMS-285C diodes provides an inherent component quality factor of 6.96 at 
434 MHz for —30 dBm input, hence a broadband circuit with Op* lower than this inherent component 
quality factor of the diodes (and load) is difficult to achieve without trade-offs. However, connected 
L-networks with QOp* as high as the diode component quality factor may perform worse than a single 
L-matched network with similar loaded quality factor. This is due to redundant components of the 
connected L-networks which have inherent losses. 


Figure 11. Impedance diagram of broadband RF power converter; (a) Broadband match 
around 434 MHz with loaded Q of 2.7, (b) Resultant impedance matching network with 
un-turned capacitance of 0.4 pF. 
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Figure 12. Measured open circuit S;; of the broadband circuit around 434 MHz at different 
input power levels from a 50 Q source (left), measured open circuit input impedance at 
—10 dBm and —40 dBm of the broadband circuit (right). 
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Therefore the broadband circuit is matched for Op* of 2.7, notwithstanding the un-tuned shunt 
capacitance as can be seen in Figure 11(b). Figure 12 shows the circuit S;; at various input power 
levels and input impedance at open circuit conditions. From Figure 12 (left) there is ~—5 dB return loss 
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Excimer Laser Fundamentals 


Excimer lasers utilize lower-level dissociation to 
create and sustain a population inversion. For 
example, in the first excimer laser demonstrated, 
Xe, the lasing species is one which is comprised of 
two atoms that do not form a stable molecule in the 
ground state, as xenon dimers in the ground state are 
not a stable molecule. In the lowest energy state, that 
with neither of the atoms electronically excited, 
the interaction between the atoms in a collision 
is primarily one of repulsion, save for a very weak 
‘van der Waals’ attraction at larger internuclear 
separations. This is shown in the potential energy 
diagram of Figure 3. If one of the atoms is excited, for 
example by an electric discharge, there can be a 
chemical binding in the electronically excited state of 
the molecule relative to the energy of one atom with 
an electron excited and one atom in the ground state. 
We use the shorthand notation “ to denote an electro- 
nically excited atomic molecular species, e.g., Xe”. 
The excited dimer, excimer for short, will recombine 
rapidly at high pressure from atoms into the Xe 
electronically excited molecule. Radiative lifetimes of 
the order 10 nsec to 1 psec are typical before photon 
emission returns the molecule to the lower level. 
Collisional quenching often reduces the lifetime 
below the radiative rate. For Xe> excimers, the 
emission is in the vacuum ultraviolet (VUV). 

There are a number of variations on this theme, as 
noted in Table 1. Species, other than rare gas pairs, 
can exhibit broadband emission. The excited state 
binding energy can vary significantly, changing the 


Recombination 


xcited state 
binding 


Energy ——> 


Emission 





Broadjemission band 


Lower level 
dissociation 





Xe + Xe 





Internuclear separation ——> 


Figure 3 A schematic of the potential energy curves for an 
excimer species such as Xé€s. The excited molecule is bound 
relative to an excited atom and can radiate to a lower level that 
rapidly dissociates on psec timescales since the ground state is 
not bound, save for weak binding due to van der Waals forces. 
The emission band is intrinsically broad. 


fraction of excited states that will form molecules. 
The shape of the lower potential energy curve can 
vary as well. From a semantic point of view hetero- 
nuclear, diatomic molecules, such as XeO, are not 
excimers, as they are not made of two of the same 
atoms. However, the more formal name ‘exciplex’ did 
not stick in the laser world; excimer laser being 
preferred. Large binding energy is more efficient for 
capturing excited atoms into excited excimer-type 
molecules in the limited time they have before 
emission. Early measurements of the efficiency of 
converting electrical energy deposited into fluorescent 
radiation showed that up to 50% of the energy input 
could result in VUV light emission. Lasers were not 
this efficient due to absorption. 

The diagram shown in Figure 3 is simplified 
because it does not show all of the excited states 
that exist for the excited molecule. There can be 
closely lying excited states that share the population 
and radiate at a lower rate, or perhaps absorb to 
higher levels, also not shown in Figure 3. Such excited 
state absorption may terminate on states derived from 
higher atomic excited states, noted as Xe™™ in the 
figure, or yield photo-ionization, producing the 
diatomic ion-molecule plus an electron, such as: 


Xe} + hy Xe3 +e [1] 


Such excited state absorption limited the efficiency for 
the VUV rare gas excimers, even though they have 
very high formation and fluorescence efficiency. 

Rare gas halide excimer lasers evolved from 
‘chemi-luminescence’ chemical kinetics studies 
which were looking at the reactive quenching of 
rare gas metastable excited states in flowing after 
glow experiments. Broadband emission in reactions 
with halogen molecules was observed in these 
experiments, via reactions such as: 


Xe" + Cl, — XeCl* + Cl [2] 


At low pressure the emissions from molecules, such 
as XeCl", are broad in the emissions bandwidth. 
Shortly after these initial observations, the laser 
community began examination of these species in 
high-pressure, electron-beam excited mixtures. The 
results differed remarkably from the low-pressure 
experiments and those for the earlier excimers such as 
Xe3. The spectrum was shifted well away from the 
VUV emission. Moreover, the emission was much 
sharper at high pressure, though still a continuum 
with a bandwidth of the order of 4nm. A basis for 
understanding is sketched in the potential energy 
curves of Figure 4. In this schematic we identify 
the rare gas atoms by Rg, excited rare gas atoms by 
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Figure 4 The potential energy curves for rare gas halides are 
sketched here. Both relatively sharp continuum emission is 
observed along with broad bands corresponding to different lower 
levels. The excited ion pair states consist of 3 distinct levels, two 
that are very close in energy and one that is shifted up from the 
upper laser level (the B state) by the spin orbit splitting of the rare 
gas ion. 


Reg", and halogen atoms by X. Ions play a very 
important role in the binding and reaction chemistry, 
leading to excited laser molecules. 

The large shift in wavelength from the VUV of 
rare gas dimer excimers, ~308 nm in XeCl” versus 
172 nm in Xe}, is due to the fact that the binding in 
the excited state of the rare gas halide is considerably 
stronger. The sharp and intense continuum at high 
pressure (> ~100 torr total pressure) is due to the fact 
that the ‘sharp’ transition terminates on a ‘flat’ 
portion of the lower-level potential energy curve. 
Indeed, in XeCl and XeF, the sharp band laser 
transition terminates on a slightly bound portion of 
the lower-level potential energy curve. Both the sharp 
emissions and broad bands are observed, due to the 
fact that some transitions from the excited levels 
terminate on a second, more repulsive potential 
energy curve. 

An understanding of the spectroscopy and kinetic 
processes in rare gas plus halogen mixtures is based 
on the recognition that the excited state of a rare gas 
halide molecule is very similar to the ground state of 
the virtually isoelectronic alkali halide. The binding 
energy and mechanism of the excited state is very 
close to that of the ground state of the most similar 
alkali halide. Reactions of excited state rare gases are 
very similar to those of alkali atoms. For example, 
Xe" and Cs are remarkably similar, from a chemistry 
and molecular physics point of view, as they have the 
same outer shell electron configuration and similar 
ionization potentials. The ionization potential of Xe" 
is similar to that of cesium (Cs). Cs, and all the other 


alkali atoms, react rapidly with halogen molecules. 
Xenon metastable excited atoms react rapidly with 
halogen molecules. The alkali atoms all form 
ionically bonded ground states with halogens. The 
rare gas halides are effectively strongly bonded ion 
pairs, Xe''X), that are very strongly bonded 
relative to the excited states that yield them. The 
difference between, for example, XeCl* and CsCl, is 
that XeCl" radiates in a few nanoseconds while CsCl 
is a stable ground-state molecule. The binding energy 
for these ionic bonded molecules is much greater than 
the more covalent type of bonding that is found in the 
rare gas excimer excited states. Thus Xel”, which is 
only one electron different (in the I) than Xe}, emits at 
254 nm instead of 172 nm. 

The first observed and most obvious connection to 
alkali atoms is in formation chemistry. Mostly, rare 
gas excited states react with halogen molecules 
rapidly. The rare gas halide laser analog reaction 
sequence is shown below, where some form of electric 
discharge excitation kicks the rare gas atom up to an 
excited state, so that it can react like an alkali atom, 
eqn [3]: 


fast + Kr— Kr* + slow [3] 


Kr’ + Fy > KrF", high + F [4] 


There are subtle and important cases where the 
neutral reaction, such as that shown in eqn [2] or [4], 
is not relevant as it is too slow compared to other 
processes. Note that the initial reaction does not yield 
the specific upper levels for the laser but states that 
are much higher up in the potential well of the excited 
rare gas halide excimer molecule. Further collisions 
with a buffer gas are needed to relax the states to the 
vibrational levels that are the upper levels for the laser 
transition. Such relaxation at high pressure can be 
fast, which leads the high-pressure spectrum to be 
much sharper than those first observed in flowing 
after-glow experiments. 

The excited states of the rare gas halides are ion 
pairs bound together for their brief radiative lifetime. 
This opens up a totally different formation channel, 
indeed the one that often dominates the mechanism, 
ion-ion recombination. Long before excimer lasers 
were studied, it was well known that halogen 
molecules would react with ‘cold’ electrons (those 
with an effective temperature less than a few eV) ina 
process called attachment. The sequence leading to 
the upper laser level is shown below for the Kr/F 
system, but the process is generically identical in 
other rare gas halide mixtures. 
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KrF" formation kinetics via ion channel: 


Ionization: e+Kr— Kr* + 2e [5] 
Attachment: e+F,—~FO+F [6] 
Ion—ion recombination: 

Krt + FO + M KrF"(v, nigh + M [7] 


Relaxation: 


KrF"(v, Dhigh +M = KrF*(v, iow + M [8] 

Finally, there is one other formation mechanism, 
displacement, that is unique to the rare gas halides. In 
this process, a heavier rare gas will displace a lighter 
rare gas ion in an excited state to form a lower-energy 
excited state: 


ArF’ + Kr KrtF°(v, Dnigh + At [9] 

In general, the most important excimer lasers tend 
to have all of these channels contributing to excited 
state formation for optimized mixtures. 

These kinetic formation sequences express some 
important points regarding rare gas halide lasers. The 
source of the halogen atoms for the upper laser level 
disappears via both attachment reactions with 
electrons and by the reaction with excited states. 
The halogen atoms eventually recombine to make 
molecules, but at a rate too slow for sufficient 
continuous wave (cw) laser gain. For excimer-based 
lamps, however, laser gain is not a criterion and very 


Table 2 Absorbers in rare gas halide lasers 


efficient excimer lamps can be made. Another point to 
note is that forming the inversion requires transient 
species (and in some cases halogen fuels) that absorb 
the laser light. Net gain and extraction efficiency are a 
trade-off between pumping rate, an increase in which 
often forms more absorbers and absorption itself. 
Table 2 provides a listing of some of the key 
absorbers. Finally, the rare gas halide excited states 
can be rapidly quenched in a variety of processes. 
More often than not, the halogen molecule and the 
electrons in the discharge react with the excited states 
of the rare gas halide, removing the contributors to 
gain. We show, in Table 3, a sampling of some of the 
types of formation and quenching reactions with their 
kinetic rate constant parameters. Note that one 
category of reaction, three-body quenching, is unique 
to excimer lasers. Note also that the three-body 
recombination of ions has a rate coefficient that is 
effectively pressure dependent. At pressures above 
~3 atm, the diffusion of ions toward each other is 
slowed and the effective recombination rate constant 
decreases. 

Though the rare gas halide excited states can be 
made with near-unity quantum yield from the 
primary excitation, the intrinsic laser efficiency is 
not this high. The quantum efficiency is only ~25% 
(recall rare gas halides all emit at much longer 
wavelengths than rare gas excimers); there is ineffi- 
cient extraction due to losses in the gas and windows. 
In practice there are also losses in coupling the power 
into the laser, and wasted excitation during the finite 
start-up time. The effect of losses is shown in Table 4 
and Figure 5 where the pathways are charted and 
losses identified. In KrE, it takes ~20 eV to make a 
rare gas ion in an electron beam excited mixture, 





Species XeF XeCl KrF ArF 

Laser A (nm) 351, 353 308 248 193 

F, absorption o (cm?) 8x 10-7" NA 1.5x10°*° 

Cl, absorption o (cm?) NA 1.7x10°'° NA NA 

HCl absorption o (cm?) NA Nil NA NA 

F”) absorption a (cm?) = 2.x 107 "8 NA 5x10°'8 5x10°'8 

Cl absorption o (cm?) NA 2x10" NA NA 

Rg$" diatomic ion Ne: ~107'8 Ne: ~107'7 Ne: ~2.5 x 107” Ne: ~107'8 
absorption o (cm?)# Ar: ~3x107'7 Ar: ~4x 107'7 Ar: ~2x 107 "8 Ar: NIL 

Xe: ~3x 10717 Xe: ~3x 10718 Kr <10 "® 


Other transient Excited states of rare 


Excited states of rare 


Excited states of rare Excited states of rare 


absorbers gas atoms and rare gas atoms and rare gas atoms and rare gas atoms and rare 
gas dimer molecules gas dimer molecules gas dimer molecules gas dimer molecules 
ao ~ 10-19-1077 ao ~ 1071-1077 o~ 10-'%-10-7 ao ~ 10-19-1077 
Other Lower laser level Weak lower level Windows and dust can Windows and dust 
absorbs unless absorption be an issue can be an issue 
heated a~4x10-'6 


Note that the triatomic rare gas halides of the form RgpX will exhibit similar absorption as the diatomic rare gas ions as the triatomic rare 
gas halides of this form are essentially ion pairs of an Rg$? ion and the halide ion. 
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Table 3 Typical formation and quenching reactions and rate coefficients 


Formation 
Rare gas plus halogen molecule 


Kr" + Fo > KrF*(v, J) +F 


k ~7x10~'° cm/sec; Branching ratio to KrF* ~ 1 
Ar® + Fo = ArF*(v, J)+F 

k ~ 6x 10~'° cm®/sec; Branching ratio to ArF* ~ 60% 
Xe" + Fo > XeF*(v, J)+F 

k ~7x10~'° cm/sec; Branching ratio to XeF* ~ 1 
Xe* + HCl(v = 0) —Xe+H-+Cl 

k ~ 6x 10~'° cm®/sec; Branching ratio to XeCI* ~ 0 
Xe* +HCl(v = 1) > XeCI* +H 

k ~ 2x 107° cm*/sec; Branching ratio to XeCl" ~ 1 








lon—ion recombination 





Ar) 4 FO + Ar ArF*(v,J) 


k ~1x107~*5 cm/sec at 1 atm and below 
k ~7.5x 10-6 cm®/sec at 2 atm; Note effective 3-body rate 
constant decreases further as pressure goes over ~2 atm 

Kr) + FO) 4 Kr— KrF*(v, J) 

k ~7x 107° cm®/sec at 1 atm and below; rolls over at higher pressure 


Displacement 


ArF*(v, J)+Kr— KrF*(v, J)+Ar 


k ~ 2x 10~'° cm®/sec; Branching ratio to KrF* ~ 1 


Quenching 
Halogen molecule 


XeCl* + HCl— Xe + Cl+ HCl 


k ~5.6x 10° '° cm*/sec; 

KrF* + Fp ~ Kr +F+F 

k ~6x 10° '° cm*/sec; 

All halogen molecule quenching have very high reaction rate constants 








3-body inert gas ArF* + Ar+ Ar— AroF* + Ar 
k ~4x 107%" cm®/sec 
KrF* + Kr + Ar— KraF* + Ar 











k ~6x 1073" cm®/sec 

XeCl* + Xe + Ne— XeoCl* + Ne 

k ~ 1x 1073 cm/sec; 4 x 10 °' cm®/sec with Xe as 3rd body 

These reactions yield a triatomic excimer at lower energy that can not 
be recycled back to the desired laser states 


Electrons 


XeCl* +e— Xe+Cl+e 


k ~2x 1077 cm*/sec 
In 2-body quenching by electrons, the charge of the electron interacts with the 
dipole of the rare gas halide ion pair at long range; above value is typical of others 


2-body inert gas 


KrF* + Ar— Ar+ Kr+F 


k ~2x 107? cm*/sec 

XeCl* + Ne— Ne+ Xe+ Cl 

k ~ 3x 107'8 cm*/sec 

2-body quenching by rare gases is typically slow and less important than the 
reactions noted above 


somewhat less in an electric discharge. The photon 
release is ~5 eV; the quantum efficiency is only 25%. 
Early laser efficiency measurements (using electron 
beam excitation) showed laser efficiency in the best 
cases slightly in excess of 10%, relative to the 
deposited energy. The discrepancy relative to the 
quantum efficiency is due to losses in the medium. For 
the sample estimate in Table 4 and Figure 5 we show 
approximate density of key species in the absorption 
chain, estimated on a steady-state approximation of 
the losses in a KrF laser for an excitation rate of order 
1 MW/cc, typical of fast discharge lasers. The net 


small signal gain is of the order of 5%/cm. The key 
absorbers are the parent halogen molecule, F2, the 
fluoride ion F'~’, and the rare gas excited state atoms. 
A detailed pulsed kinetics code will provide slightly 
different results due to transient kinetic effects and 
the intimate coupling of laser extraction to quenching 
and absorber dynamics. The ratio of gain to loss 
is usually in the range of 7 to 20, depending on 
the actual mixture used and the rare gas halide 
wavelength. The corresponding extraction efficiency 
is then limited to the range of ~50%. The small 
signal gain, gy, is related to the power deposition 
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Table 4 Typical ground and excited state densities shown for KrF at P,, ~ 1 MW/cm® 





Species Amount particles/cm* Absorption a (cm)? Loss %/cm 
Fo ~1.2x 1017 1.5x10 2° 0.18 
Kr ~3x 108 - - 
Buffer 4x 10° - - 
FO) ~10'4 5x 10-'8 0.05 
Rg", Rg** 1x 10'° (10° '®) depends on ratio 0.1 
of Rg** /Rg* 

KrF (before dissociating) ~10" 2x10 '6 0.02 
Rg2F* 8 x 10'*, Note this species density 1x 107'8 0.08 

decreases as flux grows 
KrF” (B) 2.5x10'4 2x 10°16 5 (gain) 









Fluorescence 


(071 ~1.4x 10%/sec 


KrF* (B,C) 


Pumping @ 1MW/cc 


~3x 10° Excitations/cc sec 


Ty, 


sa, 











Net small signal 
Gain: g,~ 5%/cm 





Laser output ~ 
55% of power 
@ Roprimum 









Stimulated 
Emission and 
Losses 


Gain to nonsaturable 
loss ratio -13/1 











Saturable loss 





Windows Fp 


~0.05%/cem 


~0.18%/cm 


FO Rg*, Rg** 
~0.05%/cm ~0.1%/cm 


Rg,"*) RgoF 
~0.08%/cm 





equivalent 


Figure 5 The major decay paths and absorbers that impact the extraction of excited states of rare gas halide excimers. Formation is 
via the ion—ion recombination, excited atom reaction with halogens and displacement reactions, not shown. We note for a specific 
mixture of KrF the approximate values of the absorption by the transient and other species along with the decay rates for the major 
quenching processes. Extraction efficiency greater than 50% is quite rare. 


rate per unit volume, P4epositeds by eqn [10]. 


Pacposited = Boke Taste: T}pumping Tranchingf ©) [10] 
E* is the energy per excitation, ~20eV or 
3.2 x 107 '8 J/excitation, f is the fraction of excited 
molecules in the upper laser level, ~40% due to KrF" 
in higher vibrational states and the slowly radiating 
‘C’ state. The laser cross-section is a, and the 7 terms 
are efficiencies for getting from the primary excitation 
down to the upper laser level. The upper state 
lifetime, Tupper, is the sum of the inverses of radiative 
and quenching lifetimes. When the laser cavity flux is 
sufficiently high, stimulated emission decreases the 
flow of power into the quenching processes. 

The example shown here gives a ratio of net gain to 
the nonsaturating component of loss of 13/1. Of the 


excitations that become KrF”, only ~55% or so will 
be extracted in the best of cases. For other less ideal 
rare gas halide lasers, the gain to loss ratio, the 
extraction efficiency, and the intrinsic efficiency are all 
lower. Practical discharge lasers have lower practical 
wall plug efficiency due to a variety of factors, 
discussed below. 


Discharge Technology 


Practical discharge lasers use fast-pulse discharge 
excitation. In this scheme, an outgrowth of the CO, 
TEA laser, the gas is subjected to a rapid high-voltage 
pulse from a low-inductance pulse forming line or 
network, PFL or PFN. The rapid pulse serves to break 
down the gas, rendering it conductive with an 
electron density of >~10!* electrons/em?. As the 
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gas becomes conductive, the voltage drops and power 
is coupled into the medium for a short duration, 
typically less than 50 nsec. The discharge laser also 
requires some form of ‘pre-ionization’, usually 
provided by sparks or a corona-style discharge on 
the side of the discharge electrodes. The overall 
discharge process is intrinsically unstable, and pump 
pulse duration needs to be limited to avoid the 
discharge becoming an arc. 

Moreover, problems with impedance matching of 
the PFN or PFL with the conductive gas lead to both 
inefficiency and extra energy that can go into post- 
discharge arcs, which both cause component failure 
and produce metal dust which can give rise to 
window losses. A typical discharge laser has an 
aperture of a few cm* and a gain length of order 
80 cm and produces outputs in the range of 100 mJ to 
1 J. The optical pulse duration tends to be ~20 nsec, 
though the electrical pulse is longer due to the finite 
time needed for the gain to build up and the 
stimulated emission process to turn spontaneously 
emitted photons into photons in the laser cavity. 

The pre-ionizer provides an initial electron density 
on the order of 10° electrons/em?. With spark pre- 
ionization or corona pre-ionization, it is difficult to 
make a uniform discharge over an aperture greater 
than a few cm”. For larger apertures, one uses X-rays 
for pre-ionization. X-ray pre-ionized discharge exci- 
mer lasers have been scaled to energy well over 10 J 
per pulse and can yield pulse durations over 100 nsec. 
The complexity and expense of the X-ray approach, 
along with the lack of market for lasers in this size 
range, resulted in the X-ray approach remaining in 
the laboratory. 

Aside from the kinetic issues of the finite time 
needed for excitation to channel into the excimer 
upper levels and the time needed for the laser to ‘start 
up’ from fluorescent photons, these lasers have 
reduced efficiency due to poor matching of the 
pump source to the discharge. Ideally, one would 
like to have a discharge such that when it is 
conductive the voltage needed to sustain the dis- 
charge is less than half of that needed to break the gas 
down. Regrettably for the rare gas halides (and in 
marked distinction to the CO, TEA laser) the voltage 
that the discharge sustains in a quasi-stable mode is 
~20% of the breakdown voltage, perhaps even less, 
depending on the specific gases and electrode shapes. 

Novel circuits, which separate the breakdown 
phase from the fully conductive phase, can readily 
double the efficiency of an excimer discharge laser, 
though this approach is not necessary in many 
applications. The extra energy that is not dissipated 
in the useful laser discharge often results in arcing or 
‘hot’ discharge areas after the main laser pulse, 


leading to electrode sputtering, dust that finds its 
way to windows, and the need to service the laser 
after ~10° pulses. When one considers the efficiency 
of the power conditioning system, along with the 
finite kinetics of the laser start-up process in short 
pulses, and the mismatch of the laser impedance to 
the PFN/PFL impedance, lasers that may have 10% 
intrinsic efficiency in the medium in e-beam excitation 
may only have 2% to 3% wall plug efficiency in a 
practical discharge laser. 

A key aspect of excimer technology is the need for 
fast electrical circuits to drive the power into the 
discharge. This puts a significant strain on the switch 
that is used to start the process. While spark gaps, or 
multichannel spark gaps, can handle the required 
current and current rate of rise, they do not present a 
practical alternative for high-pulse rate operation. 
Thyratrons and other switching systems, such as solid 
state switches, are more desirable than a spark gap, 
but do not offer the desired needed current rate of 
rise. To provide the pumping rate of order 1 MW/cm? 
needed for enough gain to turn the laser on before the 
discharge becomes unstable, the current needs to rise 
to a value of the order of 20 kA ina time of ~20 nsec; 
the current rate of rise is ~10'* A/sec. This rate of rise 
will limit the lifetime of the switch that drives the 
power into the laser gas. As a response to this need, 
magnetic switching and magnetic compression cir- 
cuits were developed so that the lifetime of the switch 
can be radically increased. In the simplest cases, one 
stage of magnetic compression is used to make the 
current rate of rise to be within the range of a 
conventional thyratron switch as used in radar 
systems. Improved thyratrons and a simple magnetic 
assist also work. For truly long operating lifetimes, 
multiple stages of magnetic switching and com- 
pression are used, and with a transformer one can 
use a solid state diode as the start switch for the 
discharge circuit. A schematic of an excimer pulsed 
power circuit, that uses a magnetic assist with a 
thyratron and one stage of magnetic compression, is 
shown in Figure 6. The magnetic switching approach 
can also be used to provide two separate circuits 
to gain high efficiency by having one circuit to 
break down the gas (the spiker) and a second, 
low-impedance ‘sustainer’ circuit, to provide the 
main power flow. In this approach, the laser itself 
can act as part of the circuit by holding off 
the sustaining voltage for a w-sec or so during 
the charge cycle and before the spiker breaks 
down the gas. A schematic of such a circuit is 
shown in Figure 7. Using this type of circuit, the 
efficiency of a XeCl laser can be over 4% relative to 
the wall plug. A wide variety of technological twists 
on this approach have been researched. 
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Figure 6 One of the variants on magnetic switching circuits that 
have been used to enhance the lifetime of the primary start switch. 
A magnetic switch in the form of a simple 1 turn inductor with a 
saturable core magnetic material such as a ferrite allows the 
thyratron to turn on before major current flows. Other magnetic 
switches may be used in addition to peak up the voltage rate of 
rise on the laser head or to provide significant compression. For 
example one may have the major current flow in the thyratron 
taking place on the 500 nsec time scale while the voltage pulse on 
the discharge is in the 50 nsec duration. A small current leaks 
through and is accommodated by the charging inductor. 
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‘Sustainer' circuit 


Laser discharge 


Figure 7 For the ultimate in efficiency the circuit can be 
arranged to provide a leading edge spike that breaks the gas down 
using a high impedance ‘spiker’ and a separate circuit that is 
matched to the discharge impedance when it is fully conductive. 
High coupling efficiency reduces waste energy that can erode 
circuit and laser head components via late pulse arcs. The figure 
shows a magnetic switch as the isolation but the scheme can be 
implemented with a second laser head as the isolation switch, a 
rail gap (not appropriate for long life) or a diode at low voltage. 


Excimer lasers present some clear differences in 
resonator design compared to other lasers. The 
apertures are relatively large, so one does not build 
a TEM,, style cavity for good beam quality and 
expect to extract any major portion of the energy 
available. The typical output is divergent and multi- 
mode. When excimer lasers are excited by a short 
pulse discharge, ~30 nsec, the resulting gain duration 
is also short, ~20 nsec, limiting the number of passes 
a photon in a resonator can have in the gain. The gain 
duration of ~20 nsec only provides ~3.5 round trips 
of a photon in the cavity during the laser lifetime, 
resulting in the typical high-order multimode beam. 
Even with an unstable resonator, the gain duration is 


not long enough to collapse the beam into the lowest- 
order diffraction-limited output. If line narrowing is 
needed, and reasonable efficiency is required, an 
oscillator amplifier configuration is often used with 
the oscillator having an appropriate tuning resonator 
in the cavity. If both narrow spectral linewidth and 
excellent beam quality are needed one uses a seeded 
oscillator approach where the narrowband oscillator 
is used to seed an unstable resonator on the main 
amplifier. By injecting the seed into the unstable 
resonator cavity, a few nsec before the gain is turned 
on, the output of the seeded resonator can be locked 
in wavelength, bandwidth, and provide good beam 
quality. Long pulse excimer lasers, such as e-beam 
excited lasers or long pulse X-ray pre-ionized 
discharge devices can use conventional unstable 
resonator technology with good results. 

Excimer lasers are gas lasers that run at both high 
pressure and high instantaneous power deposition 
rates. During a discharge pulse, much of the halogen 
bearing ‘fuel’ is burned out by the attachment and 
reactive processes. The large energy deposition per 
pulse means that pressure waves are generated. All of 
these combine with the characteristic device dimen- 
sions to require gas flow to recharge the laser mixture 
between pulses. For low pulse rates, less than 
~200 Hz, the flow system need not be very sophis- 
ticated. One simply needs to flush the gas from 
the discharge region with a flow having a velocity 
of the order of 5 m/sec for a typical discharge device. 
The flow is transverse to the optical and discharge 
directions. At high pulse rates, the laser designer 
needs to consider flow in much more detail to 
minimize the power required to push the gas through 
the laser head. Circulating pressure waves need to be 
damped out so that the density in the discharge region 
is controlled at the time of the next pulse. Devices 
called acoustic dampers are placed in the sides of the 
flow loop to remove pressure pulses. A final subtlety 
occurs in providing gas flow over the windows. The 
discharge, post pulse arcs, and reactions of the 
halogen source with the metal walls and impurities 
creates dust. When the dust coats the windows, the 
losses in the cavity increase, lowering efficiency. By 
providing a simple gas flow over the window, the dust 
problem can be ameliorated. For truly long life, high- 
reliability lasers, one needs to take special care in the 
selection of materials for electrodes and insulators 
and avoid contamination, by assembling in clean 
environments. 


See also 


Lasers: Carbon Dioxide Lasers. Laser-Induced 
Damage of Optical Materials. Nonlinear Optics, 
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Applications: Pulse Compression via Nonlinear Optics; 
Raman Lasers. Scattering: Raman Scattering. 
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Introduction 


The Free Electron Laser (FEL) is an exceptional kind 
of laser. Its active medium is not matter, but charged 
particles (electrons) accelerated to high energies, 
passing in vacuum through a periodic undulating 
magnetic field. This distinction is the main reason for 
the exceptional properties of FEL: operating at a wide 
range of wavelengths — from mm-wave to X-rays 
with tunability, high power, and high efficiency. 

In this article we explain the physical principles of 
FEL operation, the underlying theory and technology 
of the device and various operating schemes, which 
have been developed to enhance performance of this 
device. 

The term ‘Free Electron Laser’ was coined by John 
Madey in 1971, pointing out that the radiative 
transitions of the electrons in this device are between 
free space (more correctly — unbound) electron 
quantum states, which are therefore states of con- 
tinuous energy. This is in contrast to conventional 
atomic and molecular lasers, in which the electron 
performs radiative transition between bound (and 
therefore of distinct energy) quantum states. Based 
on these theoretical observations, Madey and his 
colleagues in Stanford University demonstrated FEL 
operation first as an amplifier (at A = 10.6 wm) in 
1976, and subsequently as an oscillator (at 
A = 3.4 pm) in 1980. 
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compression. Applied Physics Letters 40: 547-548. 
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excitation of gas discharge lasers. Applied Physics B, 
Lasers and Optics 59: 479-509. 


From the historical point of view, it turned out that 
Madey’s invention was essentially an extension of a 
former invention in the field of microwave-tubes 
technology — the Ubitron. The Ubitron, a mm-wave 
electron tube amplifier based on a magnetic undu- 
lator, was invented and developed by Philips and 
Enderbry who operated it at high power levels in 
1960. The early Ubitron development activity was 
not noticed by the FEL developers because of the 
disciplinary gap, and largely because its research was 
classified at the time. Renewed interest in high-power 
mm-wave radiation emission started in the 1970s, 
triggered by the development of pulsed-line genera- 
tors of ‘Intense Relativistic Beams’ (IRB). This 
activity, led primarily by plasma physicists in the 
defense establishment laboratories of Russia (mostly 
IAP in Gorky — Nizhny Novgorod) and the US 
(mostly N.R.L. — DC) led to development of high- 
gain high-power mm-wave sources independently of 
the development of the optical FEL. The connection 
between these devices and between them to conven- 
tional microwave tubes (as Traveling Wave Tubes — 
TWT) and other electron beam radiation schemes, 
like Cenenkov and Smith-Purcell radiation that 
may also be considered FELs, was revealed in the 
mid-1970s, starting with the theoretical works of 
P. Spangle, A. Gover and A. Yariv who identified 
that all these devices satisfy the same dispersion 
equation as the TWT derived by John Pierce in the 
1940s. Thus, the optical FEL could be conceived as a 
kind of immense electron tube, operating with a high- 
energy electron beam in the low gain regime of the 
Pierce TWT dispersion equation. 
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The extension of the low-gain FEL theory to the 
general ‘electron-tube’ theory is important because it 
led to development of new radiation schemes and new 
operating regimes of the optical FEL. This was 
exploited by physicists in the discipline of accelerator 
physics and synchrotron radiation, who identified, 
starting with the theoretical works of C. Pellegrini and 
R. Bonifacio in the early 1980s, that high-current, 
high-quality electron beams, attainable with further 
development of accelerators technology, could make it 
possible to operate FELs in the high-gain regime, even 
at short wavelengths (vacuum ultra-violet - VUV and 
soft X-ray) and that the high-gain FEL theory can be 
extended to include amplification of the incoherent 
synchrotron spontaneous emission (shot noise) 
emitted by the electrons in the undulator. These led 
to the important development of the ‘self (synchro- 
tron) amplified spontaneous emission (SASE) FEL, 
which promised to be an extremely high brightness 
radiation source, overcoming the fundamental 
obstacles of X-ray lasers development: lack of mirrors 
(for oscillators) and lack of high brightness radiation 
sources (for amplifiers). 

A big boost to the development of FEL technology 
was given during the period of the American ‘strategic 
defense initiative — SDI (Star-Wars) program in the 
mid-1980s. The FEL was considered one of the main 
candidates for use in a ground-based or space-based 
‘directed energy weapon — DEW’, that can deliver 
megawatts of optical power to hit attacking missiles. 
The program led to heavy involvement of 
major American defense establishment laboratories 
(Lawrence—Livermore National Lab, Los-Alamos 


(TRW, Boeing). Some of the outstanding results of 
this effort were demonstration of the high-gain 
operation of an FEL amplifier in the mm-wavelength 
regime, utilizing an Induction Linac (Livermore, 
1985), and demonstration of enhanced radiative 
energy extraction efficiency in FEL oscillator, using 
a ‘tapered wiggler’ in an RF-Linac driven FEL 
oscillator (Los-Alamos, 1983). The program has not 
been successful in demonstrating the potential of 
FELs to operate at the high average power levels 
needed for DEW applications. But after the cold-war 
period, a small part of the program continues to 
support research and development of medical FEL 
application. 


Principles of FEL Operation 


Figure 1 displays schematically an FEL oscillator. It is 
composed of three main parts: an electron accel- 
erator, a magnetic wiggler (or undulator), and an 
optical resonator. 

Without the mirrors, the system is simply a 
synchrotron undulator radiation source. The elec- 
trons in the injected beam oscillate transversely to 
their propagation direction z, because of the trans- 
verse magnetic Lorenz force: 


F, = —ev,é,xB, [1] 


In a planar (linear) wiggler, the magnetic field on axis 
is approximately sinusoidal: 


B, = Byéy cos kwz [2] 


In a helical wiggler: 
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Figure 1 Components of a FEL-oscillator. (Reproduced from Benson SV (2003) Free electron lasers push into new frontiers. Optics 


and Photonics News 14: 20-25. Illustration by Jaynie Martz.) 
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In either case, if we assume constant (for the planar 
wiggler — only on the average) axial velocity, then 
z = v,t. The frequency of the transverse force and the 
mechanical oscillation of the electrons, as viewed 
transversely in the laboratory frame of reference, is: 


Wo, = Ry = Qave [4] 
Ww 
where A,, = 27/k,, is the wiggler period. 

The oscillating charge emits an electromagentic 
radiation wavepacket. In a reference frame moving 
with the electrons, the angular radiation pattern 
looks exactly like dipole radiation, monochromatic in 
all directions (except for the frequency-line-broad- 
ening due to the finite oscillation time, i.e., the 
wiggler transit time). In the laboratory reference- 
frame the radiation pattern concentrates in the 
propagation (+z) direction, and the Doppler up- 
shifted radiation frequency depends on the obser- 
vation angle © relative to the z-axis: 


W0s 


7 1 — B, cos © IS] 


Wo 


On axis (© = 0), the radiation frequency is: 


chy B, 
a Bb. 


where B, =v,/c, y, = (1 — 62)? are the axial 
(average) velocity and the axial Lorenz factor, 
respectively, and the last part of the equation is 
valid only in the (common) highly relativistic limit 
y; > 1. 

Using the relations B? + Bi = B’, B, = ay/y, one 
can express y,: 


=(1+ B)Bryzcky =2yzckw [6] 


@ = 


Y 


= Z 
1+ a2/2 7] 


Vz 


(this is for a linear wiggler, in the case of a helical 
wiggler the denoninator is 1 + a2): 


Ek 





se et 2 lel 
mc 


= 1+ e [MeV]/0.511 [8] 


2 


and a, — (also termed K) ‘the wiggler parameter’ is 
the normalized transverse momentum: 


eB,, 
k,me 


Typical values of B,, in FEL wigglers (undulators) are 
of the order of Kgauss’, and Ay, of the order of CMs, 
and consequently a,, < 1. Considering that electron 
beam accelerator energies are in the range of MeV to 
GeV, one can appreciate from eqns [6]-[8], that a 
significant relativistic Doppler shift factor 2y2, in the 
range of tens to millions, is possible. It, therefore, 





ay = = 0.093B,, [KGauss]A,, [cm] [9] 


provides incoherent synchrotron undulator radiation 
in the frequency range of microwave to hard X-rays. 

Synchrotron undulator radiation was studied in 
1951 and since then has been a common source of 
VUV radiation in synchrotron facilities. From the 
point of view of laser physics theory, this radiation 
can be viewed as ‘spontaneous synchrotron radiation 
emission’ in analogy to spontaneous radiation emis- 
sion by electrons excited to higher bound-electron 
quantum levels in atoms or molecules. Alternatively, 
it can be regarded as the classical shot noise radiation, 
associated with the current fluctuations of the 
randomly injected discrete charges comprising the 
electron beam. Evidently this radiation is incoherent, 
and the fields it produces average in time to zero, 
because the wavepackets emitted by the randomly 
injected electrons interfere at the observation point 
with random phase. However, their energies sum up 
and can produce substantial power. 

Based on fundamental quantum-electrodynamical 
principles or Einstein’s relations, one would expect 
that any spontaneous emission scheme can be 
stimulated. This principle lies behind the concept of 
the FEL, which is nothing but stimulated undulator 
synchrotron radiation. By stimulating the electron 
beam to emit radiation, it is possible, as with any 
laser, to generate a coherent radiation wave and 
extract more power from the gain medium, which in 
this case is an electron beam, that carries an immense 
amount of power. There are two kinds of laser 
schemes which utilize stimulation of synchrotron 
undulator radiation: 


(i) A laser amplifier. In this case the mirrors in the 
schematic configuration of Figure 1 are not 
present, and an external radiation wave at 
frequencies within the emission range of the 
undulator is injected at the wiggler entrance. This 
requires, of course, an appropriate radiation 
source to be amplified and availability of 
sufficiently high gain in the FEL amplifier. 

(ii) A laser oscillator. In this case an open cavity (as 
shown in Figure 1) or another (waveguide) cavity 
is included in the FEL configuration. As in any 
laser, the FEL oscillator starts building up its 
radiation from the spontaneous (synchrotron 
undulator) radiation which gets trapped in the 
resonator and amplified by stimulated emission 
along the wiggler. If the threshold condition is 
satisfied (having single path gain higher than the 
round trip losses), the oscillator arrives to 
saturation and steady state coherent operation 
after a short transient period of oscillation 
build-up. 


Sensors 2012, 12 13653 


from 200 MHz to 500 MHz providing an operating band of ~300 MHz. The impedance of the circuit 
shows resonances at ~290 MHz and ~450 MHz as shown in Figure 12(right). A third resonance occurs 
around 356 MHz at —10 dBm as the frequency of highest harvester input resistance (~350 Q) and 
where the reactive impedances approach their extremes. Figure 12 show that a wireless EM harvester 
can exhibit different resonance scenarios depending on the dominant instantaneous conditions. The 
efficiency and voltage sensitivity of the broadband matched wireless EM harvester are shown in 
Figure 13. The average open circuit voltage is 47 mV and 1.1 V at —30 dBm and —10 dBm, 
respectively, when operating from 200 MHz to 500 MHz. 


Figure 13. Measured open circuit voltage versus frequency sweep from 200 MHz to 
500 MHz for —10 dBm and —30 dBm (left), measured efficiency at 17 kQ load versus 
frequency sweep for —10 dBm and —30 dBm (right). 


Efficiency (“%) 


S 
vo 
8p 
oI 
= 
° 
> 
= 
5 
1) 
=I 
—_ 
1S) 
| 
vo 
a 
ie) 


—— -30dBm input : —— -30dBm input, 17kOhm load 


*— -10dBm input —-—-10dBm input; 17kOhm Load 


300 §=6350 §=69©400)3=—450 = 5500 
Frequency (MHz) 


350 ©4000 450 500 
Frequency (MHz) 





The broadband circuit achieves average efficiency of 5% at 17 kQ load for -30 dBm and 30% at 
17 kQ load for —10 dBm input power from 200 MHz to 500 MHz. Figure 13 further confirm a direct 
link between frequency response and the unloaded quality factors. For Qs* and Qp* of ~2.7, the circuit 
response is broadband around 434 MHz. 


2.6. High Voltage Sensitive RF to DC Converter 


The current state of the art low power remote sensors would require a DC voltage supply of about 
1 V and DC current of about 30 uA for operation. Therefore, the issue is not only how efficient a 
wireless EM harvester is in converting RF to DC power, but also what the output DC voltage and 
current of the EM harvester are at the RF input power level [38]. Equations (11,24) and (33) show that 
the maximum voltage sensitivity of a coupled resonator system or an RF to DC power converter is 
mostly related to the load and the source resistances at resonance. Therefore high voltage sensitive 
wireless EM harvester can be achieved with a diode voltage doubler with a very high input resistance 
relative to the antenna source without the need to cascade the diodes as in voltage multipliers. If the 
diodes been used for the RF to DC power conversion cannot provide high resistive impedance at the 
working frequency relative to the antenna source, then a DC-DC converter can be applied after the EM 
harvester as presented in [39] or the diodes may be cascaded by way of multipliers as presented in our 
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Because the FEL can operate as a high-gain 
amplifier (with a long enough wiggler and an electron 
beam of high current and high quality), also a third 
mode of operation exists: self amplified spontaneous 
emission (SASE). In this case, the resonator mirrors in 
Figure 1 are not present and the undulator radiation 
generated spontaneously in the first sections of the 
long undulator is amplified along the wiggler and 
emitted at the wiggler exit at high power and high 
spatial coherence. 


The Quantum-Theory Picture 


A free electron, propagating in unlimited free space, 
can never emit a single photon. This can be proven by 
examining the conservation of energy and momen- 
tum conditions: 


[10] 


Ex, — Ex, = ho 


k, —ky=q [11] 


that must be satisfied, when an electron in an initial 
free-space energy and momentum state (e,,,/k;) 
makes a transition to a final state (e,,,#k,), emitting 
a single photon of energy and momentum (fa, q). 
In free space: 


ep = cy (hk)? + (mc?) [12] 
@ , 
q= ‘ae [13] 


and eqns [10]—[13] have only one solution, w = 0, 
q= 0. This observation is illustrated graphically in 
the energy-momentum diagram of Figure 2a in the 
framework of a one-dimensional model. It appears 
that if both eqns [10] and [11] can be satisfied, then 
the phase velocity of the emitted radiation wave vp, = 
w/q (the slope of the chord) will equal the electron 
wavepacket group velocity vg=v, at some inter- 
mediate point k* = p*/h: 


@ Ep, — Epp _ OE 


q kk) Op. 





Uph Ug [14] 


For a radiation wave in free space (eqn [13]), this 
results in c = v,, which contradicts special relativity. 

The reason for the failure to conserve both energy 
and momentum in the transition is that the photon 
momentum fig it too small to absorb the large mome- 
ntum shift of the electron, as it recoils while releasing 
radiative energy fw. This observation leads to ideas on 
how to make a radiative transition possible: 


(i) Limit the interaction length. If the interaction 
length is L, the momentum conservation 


Pan 








(b) Ky k 





(c} k, k 


Figure 2 Conservation of energy and momentum in forward 
photon emission of a free electron: (a) The slope of the 
tangent to the curve at intermediate point k*, de,(k*)/ak may be 
equal to the slope of the chord fiw/q which is impossible in free 
space. (b) electron radiative transition made possible with an 
electromagnetic pump (Compton Scattering). (c) The wiggler 
wavenumber — k, conserves the momentum in electron 
radiative transition of FEL. 
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condition in eqn [11] must be satisfied only 
within an uncertainty range +7/L. This makes it 
possible to obtain radiative emission in free 
electron radiation effects like ‘Transition Radi- 
ation’ and in microwave tubes like the Klystron. 
Propagate the radiation wave in a ‘slow wave’ 
structure, where the phase velocity of the 
radiation wave is smaller than the speed of 
light, and satisfaction of eqn [14] is possible. 
For example, in the Cerenkov effect, 
charged particles pass through a medium (gas) 
with index of refraction n> 1. Instead of 
eqn [13], q=n(w)(w/c)é,, and consequently 
dz = N(@)(w/c)cos 0, , where we assume radia- 
tive emission at an angle @, relative to the 
electron propagation axis z. Substitution in eqn 
[14] results in the Cerenkov radiation condition 
ven(w)cos O, = 1. 

Another example for radiation emission in a 
slow-wave structure is the Traveling Wave Tube 
(TWT). In this device, a periodic waveguide of 
periodicity A,, permits (via the Floquet theorem) 
propagation of slow partial waves (space harmo- 
nics) with increased wavenumber q,+mk, 
(m = 1,2, ...), and again eqn [14] can be satisfied. 
Rely on a ‘two-photon’ radiative transition. 
This can be ‘real photon’ Compton scattering 
of an intense radiation beam (electromagnetic 
pump) off an electron beam, or ‘virtual photon’ 
scattering of a static potential, as is the case in 
bremsstrahlung radiation and in synchrotron- 
undulator radiation. The latter radiation scheme 
may be considered as a ‘magnetic brehmsstrah- 
lung’ effect or as ‘zero frequency pump’ Comp- 
ton scattering, in which the wiggler contributes 
only ‘crystal momentum’ fik,,, to help satisfy the 
momentum conservation condition in eqn [11]. 
The Compton scattering scheme is described 
schematically for the one-dimensional (back 
scattering) case in Figure 3, and its conservation 
of energy and momentum diagram is depicted in 
Figure 2b (a ‘real photon’ (w,, ky) free-space 
pump wave is assumed with k,, = w,/c). The 
analogous diagram of a static wiggler (w,, = 0, 
ky, = 2q/X,,) is shown in Figure 2c. It is worth 
noting that the effect of the incident scattered 
wave or the wiggler is not necessarily a small 
perturbation. It may modify substantially the 
electron energy-dispersion diagram of the free 
electron and a more complete ‘Brillouin dia- 
gram’ should be used in Figure 2c. In this sense, 
the wiggler may be viewed as the analogue of a 
one-dimensional crystal, and its period A, 
analogous to the crystal lattice constant. The 
momentum conservation during a radiation 
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Figure 3 The scheme of backward scattering of an electro- 
magnetic wave off an electron beam (Doppler shifted Compton 
scattering). 


transition, with the aid of the wiggler ‘crystal 
momentum’ fk, is quite analogous to the 
occurrence of vertical radiative transitions in 
direct bandgap semiconductors, and thus the 
FEL has, curiously enough, some analogy to 
microscopic semiconductor lasers. 


All the e-beam radiation schemes already men- 
tioned can be turned into stimulated emission devices, 
and thus may be termed ‘free electron lasers’ in the 
wide sense. The theory of all of these devices is closely 
related, but most of the technological development 
was carried out on undulator radiation (Magnetic 
brehmsstrahlung) FELs, and the term FEL is usually 
reserved for this kind (though some developments of 
Cerenkov and Smith—Purcell FELs are still carried 
out). 

When considering a stimulated emission device, 
namely enhanced generation of radiation in the 
presence of an external input radiation wave, one 
should be aware, that in addition to the emission 
process described by eqns [10] and [11] and made 
possible by one of the radiation schemes described 
above, there is also a stimulated absorption process. 
Also, this electronic transition process is governed by 
the conservation of energy and momentum con- 
ditions, and is described by eqns [10] and [11] with k; 
and ky exchanged. 

Focusing on undulator-radiation FEL and assuming 
momentum conservation in the axial (z) dimension by 
means of the wiggler wavenumber k,,, the emission 
and absorption quantum transition levels and radi- 
ation frequencies are found from the solution of 
equations: 


Ek, — Ek, = ha, [15a] 
Ra ~ ket = Feet he [15b] 
Ex, — Ek, = ho, [16a] 
ei a Rei = Aa + Rey [16b] 


For fixed k,,, fixed transverse momentum and given 
e-beam energy ¢,, and radiation emission angle 0, 
(qz = (w/c)cos @,), eqns [15] and [16] have separately 
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Figure 4 The figure illustrates that the origin of difference between the emission and absorption frequencies is the curvature of the 
energy dispersion line, and the origin of the homogeneous line broadening is momentum conservation uncertainty +7/L in a finite 
interaction length. (Reproduced with permission from Friedman A, Gover A, Ruschin S, Kurizki G and Yariv A (1988) Spontaneous and 
stimulated emission from quasi-free electrons. Reviews of Modern Physics 60: 471-535. Copyright (1988) by the American Physical 


Society.) 


distinct solutions, defining the electron upper and 
lower quantum levels for radiative emission and 
absorption respectively. The graphical solutions of 
these two set of equations are shown in Figure 4, 
which depicts also the ‘homogeneous’ frequency-line 
broadening AAw,, hAw, of the emission and absorp- 
tion lines due to the uncertainty in the momentum 
conservation +7/L in a finite interaction length. In 
the quantum limit of a cold (monoenergetic) e-beam 
and a long interaction length L, the absorption line 
center w, is larger than the emission line center @,, 
and the linewidths Aw, = Aw, = Aw, are narrower 
than the emission and absorption lines spacing 
@, — We, as shown in Figure 5a. The FEL then 
behaves as a 3-level quantum system, with electrons 
occupying only the central level, and the upper level is 
spaced apart from it more than the lower level 
(Figure 4). 

In the classical limit # — 0, one can Taylor-expand 
&p, around k,;. Using: 


_ 1 OEp, 1 
fi ok, ° 
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Figure 5 Net gain emission/absorption frequency lines of FEL: 


(a) in the quantum limit: w, — we >> Aw, (b) in the classical limit: 
Wg — We < Aw. 


one obtains: 


OQ = @, = 2 = V(420 kw) [17] 





which for g.9 = (w/c)cos @, reproduces the classical 
synchronism condition in eqn [5]. The homogeneous 
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broadening linewidth is found to be: 


Aa, -_ 1 


ae [18] 
where N,, = L/A,, is the number of wiggler periods. 

The classical limit condition requires that the 
difference between the emission and absorption 
line centers will be smaller than their width. This is 
expressed in terms of the ‘recoil parameter ¢&’ 


(for @, = 0): 


®,-@ 1+ 8 hao 
Awy, a 





e= Ny <1 [19] 


ymc 


This condition is satisfied in all practical cases of 
realizable FELs. When this happens, the homo- 
geneous line broadening dominates over the quan- 
tum-recoil effect, and the emission and absorption 
lines are nearly degenerate (Figure 5b). The total 
quantum-electrodynamic photonic emission rate 
expression: 


dv 
a =T,,[(¥, + DF(@ — @,) — v,F(@— @,)| — [20] 
reduces then into: 
a6 = v,l’,,eAo, ——F(w — @,) 
+ [P,,F(@ — wo) [21] 


Here v, is the number of photons in radiation mode q, 
I’, — the spontaneous emission rate, and F(w — wp) is 
the emission (absorption) lineshape function. 
Figure 5b depicts the transition of the net radiative 
emission/absorption rate into a gain curve which is 
proportional to the derivative of the spontaneous 
emission lineshape function (first term in eqn [21]). 
Equation [21] presents a fundamental relation 
between the spontaneous and stimulated emission 
of FELs, which was observed first by John Madey 
(Madey’s theorem). It can be viewed as an extension 
of Einstein’s relations to a classical radiation source. 


The Classical Picture 


The spontaneous emission process of FEL (synchro- 
tron undulator radiation) is nothing but dipole 
radiation of the undulating electrons, which in the 
laboratory frame of reference is Doppler shifted to 
high frequency. The understanding of the stimulated 
emission process requires a different approach. 
Consider a single electron, following a sinusoidal 
trajectory under the effect of a planar undulator 


magnetic field in eqn [2] (Figure 1): 


Vy = Vy, COS Ry Z(t) [22] 


x= xy sin k,z,(£) [23] 


where vy, = cay/y and xy = vy/(u;Ry). An electro- 
magnetic wave E,.(z, t)= Ey cos(wt—k,z) propagates 
collinearly with the electron. Figure 6 displays the 
electron and wave ‘snap-shot’ positions as they 
propagate along one wiggler period A,,. 

If the electron, moving at average axial velocity v,, 
enters the interaction region z = 0 at t = 0, its axial 
position is z,(t)=v,t, and the electric force it 
experiences is —eE,(z,(t),t) = —eEy cos(w — k,v,)t. 
Clearly, this force is (at least initially at t= 0) 
opposite to the transverse velocity of the electron 
Vy = Vy cos(kyvz)t (imply in deceleration) and the 
power exchange rate —ev,-E = —ev,,E, corresponds 
to transfer of energy into the radiation field on 
account of the electron kinetic energy. Because the 
phase velocity of the radiation mode is larger than the 
electron velocity, vp, = w/k, > v;, the electron phase 
Q. = (w — k,v,)t grows, and the power exchange rate 
—ev,E, changes. However, if one synchronizes the 
electron velocity, so that while the electron traverses 
one wiggler period (t= A,/v,), the electron phase 
advances by 27: (w—k,v,)-Ay/v, = 27, then the 
power exchange rate from the electron to the wave 
remains non-negative through the entire interaction 
length, because then the electron transverse velocity 
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Figure 6 ‘Snapshots’ of an electromagnetic wave period 
slipping relative to an undulating electron along one wiggler 
period Ay. The energy transfer to the wave — ev-E remains 
non-negative all along. 
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v, and the wave electric field E,, reverse sign, at each 
period exactly at the same points (A,,/4, 3A,,/4). This 
situation is depicted in Figure 6, which shows the 
slippage of the wave crests relative to the electron at 
five points along one wiggler period. The figure 
describes the synchronism condition, in which the 
radiation wave slips one optical period ahead of the 
electron, while the electron goes through one wiggle 
motion. In all positions along this period, v-E = 0 (in 
a helical wiggler and a circularly polarized wave this 
product is constant and positive v-E > 0 along the 
entire period). Substituting A,, = 27/k,,, this phase 
synchronism condition may be written as: 


=k, +hy 


z 


[24] 


which is the same as eqns [17] and [5]. 

Figure 6 shows that a single electron (or a bunch of 
electrons of duration smaller than an optical period) 
would amplify a co-propagating radiation wave, 
along the entire wiggler, if it satisfies the synchronism 
condition in eqn [24] and enters the interaction region 
(z = 0) at the right (decelerating) phase relative to the 
radiation field. If the electron enters at the opposite 
phase it accelerates (on account of the radiation field 
energy which is then attenuated by ‘stimulated 
absorption’). Thus, when an electron beam is injected 
into a wiggler at the synchronism condition with 
electrons entering at random times, no net amplifica- 
tion or absorption of the wave is expected on the 
averages. Hence, some more elaboration is required, 
in order to understand how stimulated emission gain 
is possible then. 

Before proceeding, it is useful to define the 
‘pondermotive force’ wave. This force originates 
from the nonlinearity of the Lorenz force equation: 


(ym) = —e(EXv XB) [25] 
At zero order (in terms of the radiation fields), the 
only field force on the right-hand side of eqn [25] is 
due to the strong wiggler field (eqns [2] and [3]), 
which results in the transverse wiggling velocity (eqn 
[22] for a linear wiggler). When solving next eqn [25] 
to first order in terms of the radiation fields: 


B.(r,0) = RefB, 
a 4 [26] 
B,(r, t) = Re[B, e\* °?] 


the cross product vXB between the transverse 
components of the velocity and the magnetic field 
generates a longitudinal force component: 


Fim, t) = Referee | 127] 


that varies with the beat wavenumber k, + k,, at slow 
phase velocity (vp, = w/(k, + ky) <c). This slow 
force-wave is called the pomdermotive (PM) wave. 
Assuming the signal radiation wave in eqn [26] 
is polarization-matched to the wiggler (linearly 
polarized or circularly polarized for a linear or 
helical wiggler respectively), the PM force amplitude 
is given by: 

[Fom! = els: law/ YB, [28] 
With large enough k,,, it is always possible to slow 
down the phase velocity of the pondermotive wave 
until it is synchronized with the electron velocity: 


@ 
Uph k, + k, Vz [29] 
and can apply along the interaction length a 
decelerating axial force, that will cause properly 
phased electrons to transfer energy to the wave on 
account of their longitudinal kinetic energy. 

This observation is of great importance. It reveals 
that even though the main components of the wiggler 
and radiation fields are transverse, the interaction is 
basically longitudinal. This puts the FEL on an equal 
footing with the slow-wave structure devices as the 
TWT and the Cerenkov—Smith—Purcell FELs, in 
which the longitudinal interaction takes place with 
the longitudinal electric field component of a slow 
TM radiation mode. The synchronism condition in 
eqn [29] between the pondermotive wave and the 
electron, which is identical with the phase-matching 
condition in eqn [24], is also similar to the synchro- 
nism condition between an electron and a slow 
electromagnetic wave (eqn [14)]). 

Using the pondermotive wave concept, we can 
now explain the achievement of gain in the FEL 
with a random electron beam. Figure 7 illustrates 
the interaction between the pondermotive wave 
and electrons, distributed at the entrance (z= 0) 
randomly within the wave period. Figure 7a shows 
‘snap-shots’ of the electrons in one period of the 
pondermotive wave Ap, = 27/(k, + ky) at different 
points along the wiggler, when it is assumed that the 
electron beam is perfectly synchronous with the 
pondermotive wave Vp, = Vo. As explained before, 
some electrons are slowed down, acquiring negative 
velocity increment Av. However, for each such 
electron, there is another one, entering the wiggler 
at an accelerating phase of the wave, acquiring 
the same positive velocity increment Av. There is 
then no net change in the energy of the e-beam or 
the wave, however, there is clearly an effect of 
‘velocity-bunching’ (modulation), which turns along 
the wiggler into ‘density-bunching’ at the same 
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‘Snapshots’ of a pondermotive wave period interacting L with an initially uniformly distributed electron beam taking place 


respectively along the interaction length 0 < z< L,. (a) Exact synchronism in a uniform wiggler (bunching). (b) Energy bunching, density 
bunching and radiation are in the energy buncher, dispersive magnet L, < z< L, + Lyand radiating wigglerL, + Lag< z<Lb+l4+L; 
sections of an Optical—Klystron. (c) Slippage from bunching phase to radiating phase at optimum detuning off synchronism in a uniform 


wiggler FEL. 


frequency w and wavenumber k,+k, as the 
modulating pondermotive wave. The degree of 
density-bunching depends on the amplitude of the 
wave and the interaction length L. In the nonlinear 
limit the counter propagating (in the beam reference 
frame) velocity modulated electrons may over-bunch 
namely cross over, and debunch again. 

Bunching is the principle of classical stimulated 
emission in electron beam radiation devices. If the 
e-beam had been prebunched in the first place, we 
would have injected it at a decelerating phase relative 
to the wave and obtained net radiation gain right away 
(super radiant emission). This is indeed the principle 
behind the ‘Optical-Klystron’ (OK) demonstrated in 
Figure 7b. The structure of the OK is described ahead 
in Figure 19. The electron beam is velocity (energy) 
modulated by an input electromagnetic radiation 
wave in the first ‘bunching-wiggler section’ of length 
Ly. It then passes through a drift-free ‘energy- 
dispersive magnet section’ (chicane) of length Lg, in 
which the velocity modulation turns into density 
bunching. The bunched electron beam is then injected 
back into a second ‘radiating-wiggler section’, where it 
co-propagates with the same electromagnetic wave 
but with a phase advance of a/2 — m27,m = 1,2, ... 


(spatial lag of Apm/4 — mApm in real space) which 
places the entire bunch at a decelerating phase relative 
to the PM-wave and so amplifies the radiation wave. 

The principle of stimulated-emission gain in FEL, 
illustrated in Figure 7c, is quite similar. Here the 
wiggler is uniform along the entire length L, and the 
displacement of the electron bunches into a deceler- 
ating phase position relative to the PM-wave is 
obtained by injecting the electron beam at a velocity 
vo, slightly higher than the wave v,, (velocity 
detuning). The detailed calculation shows that 
detuning corresponding to a phase shift of AW(L) = 
[(w/vzo) — (k, +ky)|L = —2.6 (corresponding to 
spatial bunch advance of 0.4A,m along the wiggler 
length), provides sufficient synchronism with the PM- 
wave in the first half of the wiggler to obtain 
bunching, and sufficient deceleration-phasing of the 
created bunches in the second part of the wiggler to 
obtain maximum gain. 


Principles of FEL Theory 


The 3D radiation field in the interaction region can 
be expanded in general in terms of a complete set of 
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free-space or waveguide modes {e,(x, y)H,(x, y)}: 


E(r,t) = Re] ¥ cq(zeq(x, ye’ | [30] 
q 


The mode amplitudes C,(z) may grow along the 
wiggler interaction length 0 < z < L, according to 
the mode excitation equation: 


< Cy(z) = - ape | [Ic y,z)eg(x,y)dxdy [31] 
where P=—+5Ref Je,xH,-é,dxdy is the mode 
normalization power, and J is the bunching current 
component at frequency , that is phase matched to 
the radiation waves, and needs to be calculated 
consistently from the electron force equations. 


The FEL Small Signal Regime 


We first present the basic formulation of FEL gain in 
the linear (small signal) regime, namely the amplified 
radiation field is assumed to be proportional to the 
input signal radiation field, and the beam energy loss 
is negligible. This is done in the framework of a 
one-dimensional (single transverse radiation mode) 
model. 

The electron beam charge density, current 
density, and velocity modulation are solved in the 
framework of a one-dimensional plasma equations 
model (kinetic or fluid equations). The longitudinal 
PM-force in eqn [27] modulates the electron beam 
velocity via the longitudinal part of the force eqn [25]. 
This brings about charge modulation p(z,t) = 
Re[p(k, + ky, wel: +*w)2 I) and consequently, also 
longitudinal space-charge field BRig +k, @) 
and longitudinal current density modulation 
Jkz +ky,@), related through the Poison and 
continuity equations: 





i(k, + kw) Esclkz + Rw.) = OR, +Ry, oe [32] 





(he + hw )J(ke + Rw, @) = wp(k, + ky, @) [33] 


Solving the force eqn [25] for a general longitudinal 
force F,(z, t) = Re[F,(k,, w)e*:*—”] results in a linear 
longitudinal current response relation: 
Te(k,, ©) = —iwx,(k,, o)F(k,, o)l(—e) [34] 
where y,(k,, @) is the longitudinal susceptibility of the 
electron beam ‘plasma’.The beam charge density in 
the FEL may be quite high, and consequently the 
space charge field E,., arising from the Poison eqn 
[32], may not be negligible. One should take into 
consideration then that the total longitudinal force F, 
is composed of both the PM-force of eqn [27] and an 
arising longitudinal space-charge electric force — eF.. 


Thus, one should substitute in eqn [34]: 


F(R, + Ry, ©) = —elEgn(R, + Ry» @) 
+ E(k + ky, 0] [35] 


and solve it self-consistently with eqns [32] and [33] 
to obtain the ‘external-force’ response relation: 


Tekz + k,,, w) 


= —iwx,(k, + ky @) LA 
T+ xp(kz + hy, ole Egm(ke + Rw, @) 





[36] 


where we defined the PM ‘field’: Eym = Fm/(—e). 

In the framework of a single-mode interaction 
model, we keep in the summation of eqn [30] only 
one mode g (usually the fundamental mode, and in 
free space — a Gaussian mode). The transverse 
current density components in eqn [31] J, = 5 poy 
are found using eqns [22], [33], and [36]. Finally, 
substituting C,(z) = C, ek (where 8k =k, — Ray 
and k, =k,, is the wavenumber of the radiation 
wave modified by the interaction with the electrons) 
results in the general FEL dispersion relation: 


(kz — Reg hl + Xp(kz + Rw, w/e] 
= KXp(kz + ky, w/e 





[37] 


Equation [37] is a general expression, valid for a 
wide variety of FELs, including Cerenkov—Smith- 
Purcell and TWT. They differ only in the expression 
for x. For the conventional (magnetic wiggler) FEL: 


‘oy a, w 
4 Aen ¥ B2 ¢ 


where A, is the cross-section area of the electron 
beam, and An = P,/[3 Veo/Moleg: (0, OI] is the 
effective area of the interacting radiation-mode q, 
and it is assumed that the electron beam, passing 
on axis (Xe, Ye) = (0,0), is narrow relative to the 
transverse mode variation A./Ag, <1. The ‘Bessel- 
functions coefficient’ Aj is defined for a linear wiggler 
only, and is given by: 


a An, § 
Ay 1 aka | | aoa | [39] 


In a helical wiggler, Ajj = 1. Usually a, <1, and 
therefore Ay; = 1. 


Ajj [38] 


K 








The Pierce Dispersion Equation 


The longitudinal plasma response susceptibility func- 
tion yp(k,,@) has been calculated, in any plasma 
formulation, including fluid model, kinetic model, or 
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even quantum-mechanical theory. If the electron 
beam axial velocity spread is small enough (cold 
beam), then the fluid plasma equations can be used. 
The small signal longitudinal force equation derived 
from eqn [25], together with eqn [33] and the small 
signal current modulation expression: 


Jz = pov, + Up [40] 


result in: 
wl 
ee eer 
2 
(@ — k,vz) 


1/2 
) 


Hpi hx @) = [41] 
where Wy = (e7no/yyzem is the longitudinal 
plasma frequency, 7p is the beam electrons density 
(py = —eng), vz is the average axial velocity of the 
beam. 

In this ‘cold-beam’ limit, the FEL dispersion eqn 
[37] reduces into the well-known ‘cubic dispersion 
equation’ derived first by John Pierce in the late 1940s 
for the TWT: 

Sk(BR - 0 - Oy, BR-O+O,)=Q [42] 
where 5k = k, — k,,, @ is the detuning parameter (off 
the synchronism condition of eqn [24]): 


g= ~ keg — Row [43] 
(69) 
ee eR: 
= [44] 
Q=«k6; [45] 


Here 0,,=1,0>, where 7, <1 is the plasma 
reduction factor. It results from the reduction of the 
longitudinal space-charge field E,, in a beam of 
finite radius 7, due to the fringe field effect (r, > 1 
when the beam is wide relative to the longitudinal 
modulation wavelength: 7, > Apm = 27/(Rzq + Rw): 

The cubic equation has, of course, three solutions 
8k; (c= 1, 2, 3), and the general solution for the 
radiation field amplitude and power is thus: 


3 


C,(z) = > A, [46] 
j=1 
PQ) = CPP, [47] 


The coefficients A; can be determined from three 
initial conditions of the radiation and e-beam 
parameters C,(0), (0), i(0), and can be given asa 
linear combination of them (here i= A,jJ, is the 
longitudinal modulation current): 


Aj = Af (@)C2(0) + A¥(@)0°(0) + A(w)i2(0)— [48] 


Alternatively stated, the exit amplitude of the 
electromagnetic mode can in general be expressed in 
terms of the initial conditions: 


C,(L) = H*(w)C,(@, 0) + H*(w)i,(@, 0) 


+ H'(@)i(@, 0) [49] 


where 
3 . ri 
H®™(@) = > AE (ee? [50] 
j=l 
In the conventional FEL, electrons are injected in 
randomly, and there is no velocity prebunching 
(@(@, 0) = 0) or current prebunching (i(@, 0) = 0) (or 
equivalently #(w,0)=0). Consequently, C,(z) is 
proportional to C,(0) and one can define and 
calculate the FEL small-signal single-path gain 
parameter: 


_ PUL) _ IC,(@, L)I? 


-_ E 2 
PO) ~ ICwoe 


G() 





[S1] 





The FEL Gain Regimes 


At different physically meaningful operating regimes, 
some parameters in eqn [42] can be neglected relative 
to others, and simple analytic expressions can be 
found for 8k, A;, and consequently G(w). It is 
convenient to normalize the FEL parameters to the 
wiggler length: 6= OL, 05, = OL, Q=QL*. An 
additional figure of merit parameter is the ‘thermal’ 
spread parameter: 

Veth O 


64. = L [52] 





Vz Vz 


where v,,, is the axial velocity spread of the e-beam 
(in a Gaussian velocity distribution model: 
f(vz) = exp[(v; ~ Vo MWh] / JT zh) The axial vel- 
ocity spread can result out of beam energy spread 
or angular spread (finite ‘emittance’). It should be 
small enough, so that the general dispersion relation 
of eqn [37] reduces to eqn [42] (the practical ‘cold 
beam’ regime). 

Assuming now a conventional FEL (@,(0) = 0, 
(0) = 0), the single path gain in eqn [51] can be 
calculated. We present next this gain expression in 
the different regimes. The maximum values of the 
gain expression in the different regimes are listed in 
Table 1. 


Low gain 

This is the regime where the differential gain in a 
single path satisfies G — 1 = [P(L) — P(0)]/P(0) < 1. 
It is not useful for FEL amplifiers but most FEL 
oscillators operate in this regime. 
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Table 1 The gain regimes maximum gain expressions 
Gain regime Parameters domain Max. gain expression 
, Aga @ P(L) = 
Tenuous beam low-gain Q, Ors Oth < 7 PO) =1+0.27Q 
; ~.Q, P(L) sa 
ll Collective low-gain Oo. > 3 Oh: 7 PO = 14+ Q26p, 
. . F ra hy AN3 A E P(L) 1 6, 
HT} Collective high-gain Q2 > , > Q'™, On, Q> 7 —~ — _exp(,/20/0,,) 
P(O) 4 
IV Strong coupling high-gain Q"? > Oy, On, Q> 7 aa = J exp(/3a"®) 
V Warm beam Gn > Or, QUE, a at = exp(3Q/64,) 


The three solutions of eqn [42] — namely the terms 
of eqn [46] — are reminiscent of the three eigenwaves 
of the uncoupled system (x = QO = 0): the radiation 
mode and the two plasma (space-charge) waves of the 
e-beam (the slow and fast waves, corresponding 
respectively to the forward and backward propagat- 
ing plasma-waves in the beam rest reference-frame). 
In the low-gain regime, all three terms in eqn [46] are 
significant. Calculating them to first order in x, results 
in analytical gain expressions in the collective (6, > 
m) and tenuous-beam (6), <7) regimes (note that 
0,./27 = f'5,L/v, is the number of plasma oscillations 
within the wiggler transit time L/v,). 

In most practical situations the beam current 
density is small enough, and its energy high enough, 
to limit operation to the tenuous-beam regime. 
The gain curve function is then: 


G(w) — 1 = OF(&)) = 0 sinc? G2) [53] 
Ko) = Heal =27—-—_* [54] 





Awy, 


where sinc(u) = (sinu)/u, and in free space (no 
waveguide) propagation (k,, = w/c), the FWHM 
frequency bandwidth of the sinc?(6/2) function is: 


Awy, 1 


Wo 


N. [SS] 

The small signal gain curve is shown in Figure 8. 
There is no gain at synchronism — » = w). Maximum 
gain — G—1=0.270, is attained at a frequency 
slightly smaller than wy, corresponding to 6 = —2.6. 
The small gain curve bandwidth is Awsg = Aw,/2, 


(-2.6, 0.27) 





Figure 8 The low-gain cold-beam small-signal gain curve of 
FEL as a function of the detuning parameter 6(w). 


namely: 


Awsg 1 


2Ny fag 





Wo 


High gain 

This is the regime where the FEL gain in a single path 
satisfies G = P(L)/P(0) > 1. It is useful, of course, 
when the FEL is used as an amplifier. 

Since the coefficients of the cubic eqn [42] are all 
real, the solutions 8k; (¢ = 1, 2, 3) must be either all 
real, or composed of one real solution 6k3 and two 
complex solutions, which are complex conjugate of 
each other: 8k, = 8k}. In the first case, all terms in 
eqn [46] are purely oscillatory, there is no exponential 
growth, and the FEL operates in the low gain 
regime. In the second case, assuming Im(8k,) < 0, 
Im(8k>) > 0, the first term grows exponentially, and 
if L is long enough it will dominate over the other 
decaying (j = 2) and oscillatory (j = 3) terms, and 
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result in an exponential gain expression: 


i Ay 
Cw) (= Soy eter Fs 





2 
e2(im 8ky)L [57] 


If we focus on the tenuous-beam strong coupling 
(high-gain) regime 6,, < |8kl, then the cubic eqn [42] 
gets the simple form: 





Skl(Sky* — P| =T? [58] 
where 
ae alc I, ‘a 
r=" = (wi An Te 4%) [59] 
z2P 2 **em 


and I, = 47e9m,c’/e = 17 kA is the Alfven current. 
The solution of eqn [58] near synchronism (6 = 0) is: 














1— V3i 1 i 
dky = v3i T, dk — ze v3i I, 
2 2 [60] 
5k3 = —T 
resulting in: 
C,(z) 
H®(#) = —4 
O= So 
V3+i ~V3+4i ‘ 
= “Te a tea Fae at | [61] 
and for TL > 1: 
G= moe [62] 


The FEL gain is then exponential and can be very 
high. The gain exponential coefficient is characterized 
then by its third-order root scaling with the current, 
al;>. The high-gain frequency detuning curve (found 
by solving eqn [58] to second order in 6) is: 


l 


G= oe exp(—@/TL32”) 


ae 
ss oe eso - (@ — wo) | 


Meee [63] 


where Aa@jc is the 1/e half-width of the gain curve: 


Aoag _ 334 Ay 


OW 2a gly [64] 





Super-Radiance, Spontaneous-Emission and Self 
Amplified Spontaneous Emission (SASE) 


Intense coherent radiation power can be generated in 
a wiggler or any other radiation scheme without any 


input radiation signal (C,(w,0) = 0) if the electron 
beam velocity or current (density) are prebunched. 
Namely, the injected e-beam has a frequency com- 
ponent i(w) or i(w) in the frequency range where the 
radiation device emits. In the case of pure density 
bunching (i(w) = 0), the coherent power emitted is 
found from eqns [46, 47, 49]: 
(Py)sx = PalH'(w)!"li(w, 0)? [65] 
A ‘prebunched-beam FEL’ emits coherent radiation 
based on the process of Super-radiant Emission (in the 
sense of Dike). Because all electrons emit in phase 
radiation wavepackets into the radiation mode, the 
resultant field amplitude is proportional in this case to 
the beam current I, and the radiation. By contrast, 
spontaneous emission from a random electron beam 
(no bunching) is the result of incoherent superposition 
of the wavepackets emitted by the electrons and its 
power is expected to be proportional to the current I}. 
When the current to radiation field transfer 
function H‘(w) is known, eqn [65] can be used to 
calculate the superradiant power, and in the high-gain 
regime also the amplified-superradiant power. The 
latter is the amplification of the superradiant 
radiation in the downstream sections of a long 
wiggler. Such unsaturated gain is possible only when 
the beam is partly bunched i(w)(I,,) (because the FEL 
gain process requires enhanced bunching). 
The expressions for the current to field transfer 
function, in the superradiant gain and the high-gain 
amplified superradiance limits respectively, are: 


(Pa/Pay 


|H'(@)| = sinc( @L/2) [66] 
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where 
LZig f By NOE 
Py = 35*(— 
= 39") Aan o 
Z, is the radiation mode impedance (in free-space 


Z, = V/uo/eo). From these expressions one can calcu- 
late the power and spectral power of both coherent 
(superradiant) and partially coherent (spontaneous 
emission) radiation of FEL in the negligible gain and 
high gain regimes. The corresponding super-radiant 
power is in the negligible superradiance gain limit: 


= 2 
Psp = Ppp KOT ime2(OL/2) [69] 
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earlier work [40] and by several other authors [3,5,14]. In case of multipliers, the input voltage ought 
to be high enough to overcome the junction potential of the several diodes in the multiplier network. If 
frequency is not a constraint, then a frequency sweep versus impedance for the diodes can be made and 
the frequency where the diodes exhibits high resistive impedance can be used to realize high voltage 
sensitive wireless RF harvester. For Schottky diodes, high resistive impedance occurs mostly at lower 
frequencies (see Figure 3). The measured voltage gain of a high resistive diode pair (voltage doubler) 
is presented in the next results. 


2.6.1. High Voltage Sensitive RF to DC Converter Results and Discussion 


The presented result was L-matched using 50 Q resistance of the antenna source and the resistance 
of the HSMS-286C diodes (and load). The HSMS-286C diodes do provide high resistive impedance at 
low frequencies; notwithstanding the flicker noise which causes its resistive (and reactive) impedance 
to fluctuate. The HSMS-286C has low forward junction potential (~350 mV at 1 mA) per diode and 
series impedance of ~1.5-j8.1 kQ or parallel impedance of ~—/8.3(46.3)/(-j8.3 + 46.3) kQ at 
13.6 MHz for —30 dBm input. Even though the HSMS-286C diodes unloaded component quality 
factor at 13.6 MHz is similar to that of the HSMS-285C diodes at 434 MHz, the elevated resistive 
impedance at 13.6 MHz fulfills the condition for high voltage sensitivity relative to a 50 Q antenna 
source at resonance conditions. 


Figure 14. (a) L-matched impedance diagram for matching the HSMS-286C diodes at 
13.6 MHz at -30 dBm input. (b) Resultant network, (c) PCB layout of the L-matched 
Greinacher doubler with adjusted values due to impedances provided by copper route on 
FR4 substrate with thickness of 1 mm. (d) Fabricated PCB of the L-matched RF to DC 
power converter. 

Resultant 


L-matching }{SMS-286C and load L-matching network 
network — @ 13,6MHz -30dBm ios 





PCB side 
view 








(d) 


The high voltage sensitive EM harvester operating at 13.6 MHz is as shown in Figure 14. On the 
realized PCB is a Greinacher doubler. An inductance of 15 wH and a shunt capacitance of 5.6 pF were 
the adjusted values after the microstrip contributions. 
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(proportional, as expected, to the modulation 
current squared) and in the high-gain amplified 
superradiance limit (assuming initial partial bunching 
li(w)/Ib| < 1): 


i(@) : 





1 V3PL (Oo) Artic 
9PLy2 
The discussion is now extended to incoherent (or 
partially coherent) spontaneous emission. Due to its 
particulate nature, every electron beam has random 
frequency components in the entire spectrum (shot 
noise). Consequently, incoherent radiation power is 
always emitted from an electron-beam passing 
through a wiggler, and its spectral-power can be 
calculated through the relation: 


Par =F pb [70] 








dP 2 . (lila) |”) 

4 —~ SP |Hi(g@) tthe + 71 

da a4 (@) T [71] 
Here i(w) is the Fourier transform of the current of 
randomly injected electrons i(t) = =e 4 S(t — toi), 


where Ny is the average number of electrons i in atime 
period T, namely, the average (DC) current is I, = 
—eN-/T. For a randomly distributed beam, the shot 
noise current is simply (li(@)|*)/T = el, and therefore 
the spontaneous emission power of the FEL, which is 
nothing but the ‘synchrotron-undulator radiation’, is 
given by (see eqn [66]): 





dw 167 1 Aem \ YB: 72] 

If the wiggler is long enough, the spontaneous 
emission emitted in the first part of the wiggler can be 
amplified by the rest of it (SASE). In the high-gain 
limit (see eqn [67]), the amplified spontaneous 
emission power within the gain bandwidth of 
eqn [64] is given by: 


[2 2 
(a A, ( ay ) sinc2(6L/2) 


= = Prely { IH'(w)\?dw = sha ev3IL [73] 
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where P,, is an ‘effective — input power’: 
2 


Py = Va T ale ®)HG [74] 


Saturation Regime 


The FEL interaction of an electron with an harmonic 
electromagnetic (EM) wave is essentially described by 
the longitudinal component of the force in eqn [25], 
driven by the pondermotive force of eqns [27] 
and [28]: 


f(y) = |Fmlcos[ wt — (kz + ky zi] [75] 


dz;/dt = Vy [76] 


As long as the interaction is weak enough (small 
signal regime), the change in the electron velocity is 
negligible — v,; =v, 9, and the phase of the force- 
wave, experienced by the electron, is linear in time 
W(t) = [w — (Rk, + Rw)veol(t — toi) + wto;. Near syn- 
chronism condition 6 = 0 (eqn [24]), eqn [75] results 
in bunching of the beam, because different accelera- 
tion/deceleration forces are applied on each electron, 
depending on their initial phase V,(0) = wto;(—7 < 
W (0) < a) within each optical period 27/w (see 
Figure 7). Taylor expansion of v,; around v9 in eqns 
[75] and [76], and use of conservation of energy 
between the e-beam and the radiation field, would 
lead again to the small signal gain expression eqn 
[53] in the low gain regime. 

When the interaction is strong enough (the non- 
linear or saturation regime), the electron velocities 
change enough to invalidate the assumption of linear 
time dependence of W; and the nonlinear set of 
eqns [75] and [76] needs to be solved exactly. 

It is convenient to invert the dependence on time 
22) = [ by v,(t')dt', and turn the coordinate z to the 
independent variable t;(z) = [6 dz /vz(z’) + to;. This, 
and direct differentiation of y,(v,;), reduces eqns [75] 
and [76] into the well-known pendulum equation: 








ot ane [77] 
dz 
dv, 
ae ve 
where 
v,= | Glide == byde 178 
0 
ji a pk, [80] 


Vz 


are respectively the pondermotive potential phase and 
the detuning value of electron i at position z. 


ky /ayasAyy 


K, = ——_— [81] 
Yo Veo Bro 


is the synchrotron oscillation wavenumber, where a, 
is given in eqn [9], a, =elElw/mc, and yo = y(0), 
Y20 = y(0), and Bo = B,(0) are the initial parameters 
of the assumed cold beam. 

The pendulum eqns [77] and [78] can be integrated 
once, resulting in: 

1 (2) — K? cos V(z) = C [82] 

and the integration constant is determined for each 
electron by its detuning and phase relative to the 
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pondermotive wave at the entrance point (z= 0): 

j= +67(0) — Kycos (0). 

The 6(z), V(z) phase-space trajectories of eqn [82] 
are shown in Figure 9 for various values of C; 
(corresponding to the initial conditions 6,(0), V,(0)). 
The trajectories corresponding to |C;| > K2 are open; 
namely electrons on these trajectories, while oscillat- 
ing, can slip-off out of the pondermotive—potential 
wave period to adjacent periods, ahead or backward, 
depending on the value of their detuning parameter 6. 
The trajectories corresponding to 1|C;,| < K2 
are closed, namely the electrons occupying these 
trajectories are ‘trapped’, and their phase displace- 
ment is bound to a _ range IWV,(z)—n7l < 
Wim = arccos(|C;I/K2) < a within one pondermo- 
tive-wave period. The trajectory C; = K? defines the 
“‘separatrix’: 

6,(z) = £2K, cos(V;/2) [83] 
which is sometimes referred to as the ‘trap’ or 
‘bucket’. Every electron within the separatrix stays 
trapped, and the ones out of it are free (untrapped). 
The height of the separatrix (maximum detuning 
swing) is A@rap = 4K,. The oscillation frequency of 
the trapped electrons can be estimated for deeply 
trapped electrons (V,,<27). In this case the 
physical pendulum eqns [77] and [78] reduce to the 
mathematical pendulum equation with an oscillation 
frequency K,, in the z coordinate. This longitudinal 
oscillation, called ‘synchrotron oscillation’, takes 
place as a function of time at the ‘synchrotron 
frequency’ 0, = K,v,. 

Differentiation of 6,(v,;) and v,(y;) permits to 
describe the phase-space dynamics in terms of the 
more physical parameters 8v,;= vz; — Upp, and 
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Figure 9 The (6—W) phase-space trajectories of the pendulum 
equation. 


39; = Vi — Yph» where: 
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is the phase velocity of the pondermotive wave and 
=(1 — p2.\-12: 
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Figure 10 displays a typical dynamics of electron beam 
phase-space (y,‘V) evolution for the case of a cold 
beam of energy (0) entering the interaction region at 
z = Owith uniform phase distribution (random arrival 
times f;). The FEL is assumed to operate in the low- 
gain regime (typical situation in an FEL oscillator), 
and, therefore, the trap height (corresponding to 
AOrap = Ak): 


AVrap = 88272 VK./k 


remains constant along the interaction length. 
Figure 10a displays the e-beam phase-space evolution 
in the small signal regime. The uniform phase 
distribution evolves along the wiggler into a bunched 
distribution (compare to Figure 7c), and its average 
kinetic energy goes down (AE,) = [(y,(L))—- 
(0)]mc* < 0, contributing this energy to the field of 
the interacting radiation mode, AP, = (AEF, )Ip/e. In 
this case (corresponding in an FEL oscillator to the 
early stages of oscillation build-up), the electrons 
remain free (untrapped) along the entire length L. 

Figure 10b displays the e-beam phase-space evol- 
ution in the large signal (saturation) regime (in the 
case of an oscillator — at the steady-state saturation 
stage). Part of the electrons are found inside the trap, 
immediately upon entering the interaction region 
(z = 0), and they lose energy of less than (but near) 
me AYtrap as they pass through the interaction region 
(z = L). A portion of the electrons remain outside the 
traps upon entrance. They follow open trajectories 
and lose less energy or may even become accelerated 
due to their interaction with the wave. 

It can be appreciated from this discussion that a 
good design strategy in attempting to extract maxi- 
mum power from the electron beam in the FEL 
interaction, is to set the parameters determining the 
synchrotron oscillation frequency K, in eqn [81] so 
that only half a synchrotron oscillation period will be 
performed along the interaction length: 


[86] 


K.L=7 [87] 


This is controlled in an amplifier by keeping the 
input radiation power P,(0) (and consequently a,) 
small enough, so that K, will not exceed the value set 
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‘Snapshots’ of the (y—‘V) phase-space distribution of an initially uniformly distributed cold beam relative to the PM-wave 


trap at three points along the wiggler (a) Moderate bunching in the small-signal low gain regime. (b) Dynamics of electron beam trapping 
and synchrotron oscillation at steady state saturation stage of a FEL oscillator (K,L = 7). 


by eqn [87]. In an oscillator, this is controlled by 
increasing the output mirror transmission sufficiently, 
so that the single path incremental small signal gain 
G-1 will not be much larger than the round trip loss, 
and the FEL will not get into deep saturation. When 
the FEL is over-saturated (K,L > 7), the trapped 
electrons begin to gain energy as they continue to 
rotate in their phase-space trajectories beyond the 
lowest energy point of the trap, and the radiative 
energy extraction efficiency drops down. 

A practical estimate for the FEL saturation power 
emission and radiation extraction efficiency can be 
derived from the following consideration: the elec- 
tron beam departs from most of its energy during the 
interaction with the wave, if a significant fraction of 
the electrons are within the trap and have positive 
velocity 5v,; relative to the wave velocity vp, at z = 0, 
and if at the end of the interaction length (z = L), they 
complete half a pendulum swing and reverse their 
velocity relative to the wave 6v,(L) = —6v,,(0). 
Correspondingly, in the energy phase-space diagram 
(Figure 10b) the electrons perform half a synchro- 
tron oscillation swing and 8y(L) = y(L) — ¥ph = 
—8y,(0). In order to include in this discussion also 
the FEL amplifier (in the high gain regime), we note 
that in this case the phase velocity of the wave vp, in 
eqn [84], and correspondingly y,,, are modified by 
the interaction contribution to the radiation wave- 
number — k, = kg + Re(dk), and also the electron 
detuning parameter (relative to the pondermotive 


wave) 6; in eqn [80] differs from the beam detuning 
parameter 6 in eqn [43]: 6; = 6— Re(6k). Based on 
these considerations and eqn [85], the maximum 
energy extraction from the beam in the saturation 
process is: 


Re 8k —- 6 
k 


where 6 is the initial detuning parameter in eqn [43]. 

In an FEL oscillator, operating in general in the 
low-gain regime, [Re 8k! < 161, oscillation will start 
usually at the resonator mode frequency, correspond- 
ing to the detuning parameter 6(w) = —2.6/L, for 
which the small signal gain is maximal (see Figure 8). 
Then the maximum radiation extraction efficiency 
can be estimated directly from eqn [88]. It is, in the 
highly relativistic limit (6,9 = 1): 


Ay = 28y,(0) = 2B) v2 [88] 


= SS 9 
Text 0 2N,, [89] 


In an FEL amplifier, in the high-gain regime 
Re 8k = 1/2 > |6l, and consequently in the same limit: 


TA 
=~ 90 
Text Az [90] 
It may be interpreted that the effective wiggler length 
for saturation is Leg = 2a/T. 
Equation [90], derived here for a coherent wave, is 
considered valid also for estimating the saturation 


LASERS / Free Electron Lasers 447 





efficiency also in SASE-FEL. In this context, it is also 
called ‘the efficiency parameter’ —p. 


FEL Radiation Schemes and 
Technologies 


Contrary to conventional atomic and molecular 
lasers, the FEL operating frequency is not determined 
by natural discrete quantum energy levels of the 
lasing matter, but by the synchronism condition of 
eqn [24] that can be predetermined by the choice of 
wiggler period, A,, = 27/k,,, the resonator dispersion 
characteristics k,,(w), and the beam axial velocity v. 

Because the FEL design parameters can be chosen 
at will, its operating frequency can fit any require- 
ment, and furthermore, it can be tuned over a wide 
range (primarily by varying v,). This feature of FEL 
led to FEL development efforts in regimes where it is 
hard to attain high-power tunable conventional lasers 
or vacuum-tube radiation sources — namely in the 
sub-mm (far infrared or THz) regimes, and in the 
VUV down to soft X-ray wavelengths. 

In practice, in an attempt to develop short wave- 
length FELs, the choice of wiggler period 4, is limited 
by an inevitable transverse decay of the magnetic field 
away from the wiggler magnets surface (a decay range 
of ~ k,,') dictated by the Maxwell equations. To avoid 
interception of electron beam current on the walls or 
on the wiggler surfaces, typical wiggler periods are 
made longer than A,, > 1 cm. FELs (or FEMs — free 
electron masers) operating in the long wavelengths 
regime (mm and sub-mm wavelengths) must be based 
on waveguide resonators to avoid excessive diffraction 
of the radiation beam along the interaction length (the 
wiggler). This determines the dispersion relation 
kig(@) = (w* — Weoq) */c where Wcoq is the waveguide 
cutoff frequency of the radiation mode q. The use of 
this dispersion relation in eqn [24] results in an 
equation for the FEL synchronism frequency ap. 
Usually the fundamental mode in an overmoded 
waveguide is used (the waveguide is overmoded 
because it has to be wide enough to avoid interception 
of electron beam current). In this case (wy >> w,,) and 
certainly in the case of an open resonator (common in 
FELs operating in the optical regime) k,, = w/c, and 
the synchronism condition in eqn [24] simplified to the 
well-known FEL radiation wavelength expression in 
eqn [6]: 

A= (1+ B)B:Yzdw = 2YZAw [91] 
where y,, dy, are defined in eqns [7]-[9]. 

To attain strong interaction, it is desirable to keep 
the wiggler parameter a,, large (eqn [38]), however, if 
ay > 1, this will cause reduction in the operating 


wavelength according to eqns [7] and [91]. For this 
reason, and also in order to avoid harmonic 
frequencies emission (in case of a linear wiggler), 
ay <1 in common FEL design. Consequently, con- 
sidering the practical limitations on A,,, the operating 
wavelength eqn [91] is determined primarily by the 
beam relativistic Lorentz factor y (eqn [8]). 

The conclusion is that for a short wavelength FEL, 
one should use an electron beam accelerated to high 
kinetic energy E,. Also, tuning of the FEL operating- 
wavelength can be done by changing the beam energy. 
Small-range frequency tuning can be done also by 
changing the spacing between the magnet poles of a 
linear wiggler. This varies the magnetic field experi- 
enced by the e-beam, and effects the radiation wave- 
length through change of a,, (see eqns [7] and [91]). 

Figure 11 displays the operating wavelengths of 
FEL projects all over the world versus their e-beam 
energy. FELs were operated or planned to operate 
over a wide range of frequencies, from the microwave 
to X-ray — eight orders of magnitude. The data points 
fall on the theoretical FEL radiation curve eqns [7], 
[8], and [91]. 


FEL Accelerator Technologies 


The kind of accelerator used is the most important 
factor in determining the FEL characteristics. 
Evidently, the higher the acceleration energy, the 
shorter is the FEL radiation wavelength. However, 
not only the acceleration beam energy determines the 
shortest operating wavelength of the FEL, but also the 
e-beam quality. If the accelerated beam has large 
energy spread, energy instability, or large emittance 
(the product of the beamwidth with its angular 
spread), then it may have large axial velocity spread 
Vn. At high frequencies, this may push the detuning 
spread parameter 6,, (eqn [52]) to the warm beam 
regime (see Table 1), in which the FEL gain is 
diminished, and FELs are usually not operated. 

Other parameters of the accelerator determine 
different characteristics of the FEL. High current in 
the electron beam enables higher gain and higher 
power operation. The e-beam pulse shape (or CW) 
characteristics, affect, of course, the emitted radiation 
waveform, and may also affect the FEL gain and 
saturation characteristics. The following are the main 
accelerator technologies used for FEL construction. 
Their wavelength operating-regimes (eqn [91]) (deter- 
mined primarily by their beam acceleration energies), 
are displayed in Figure 12. 


Modulators and pulse-line accelerators 
These are usually single pulse accelerators, based on 
high voltage power supplies and fast discharge stored 
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Operating wavelengths of FELs around the world vs. their accelerator beam energy. The data points correspond in 


ascending order of accelerator energy to the following experimental facilities: NRL (USA), IAP (Russia), KAERI (Korea), IAP (Russia), 
JINR/IAP (Russia), INP/IAP (Russia), TAU (Israel), FOM (Netherlands), KEK/JAERI (Japan/Korea), CESTA (France), ENEA (Italy), 
KAERI-FEL (Korea), LEENA (Japan), ENEA (Italy), FIR FEL (USA), mm Fel (USA), UCSB (USA), ILE/ILT (Japan), MIRFEL (USA), 
UCLA-Kurchatov (USA/Russia), FIREFLY (GB), JAERI-FEL (Japan), FELIX (Netherlands), RAFEL (USA), ISIR (Japan), UCLA- 
Kurchatov-LANL (USA/RU), ELSA (France), CLIO (France), SCAFEL (GB), FEL (Germany), BFEL (China), KHI-FEL (Japan), FELI4 
(Japan), iFEL1 (Japan), HGHG (USA), FELI (USA), MARKIII (USA), ATF (USA), iFEL2 (Japan), VISA (USA), LEBRA (Japan), OK-4 
(USA), UVFEL (USA), iFEL3 (Japan), TTF1 (Germany), NIJI-IV (Japan), APSFEL (USA), FELICITAI (Germany), FERMI (Italy), UVSOR 
(Japan), Super-ACO (France), TTF2 (Germany), ELETTRA (Italy), Soft X-ray (Germany), SPARX (Italy), LCLS (USA), TESLA 
(Germany). X, long wavelengths; « , short wavelengths; O, planned short wavelengths SASE-FELs. Data based in part on H. P. Freund, 
V.L. Granatstein, Nucl. Inst. and Methods In Phys. Res. A249, 33 (1999), W. Colson, Proc. of the 24th Int. FEL conference, Argone, Ill. 
(ed. K. J. Kim, S. V. Milton, E. Gluskin). The data points fall close to the theoretical FEL radiation condition expression (91) drawn for two 


practical limits of wiggler parameters. 


electric energy systems (e.g., Marx Generator), which 
produce short pulse (tens of nSec) Intense Relativistic 
Beam (IRB) of energy in the range of hundreds of keV 
to few MeV and high instantaneous current (order of 
kAmp), using explosive cathode (plasma field emis- 
sion) electron guns. FELs (FEMs), based on such 
accelerators, operated mostly in the microwave and 
mm-wave regimes. Because of their poor beam 
quality and single pulse characteristic, these FELs 
were, in most cases, operated only as Self Amplified 
Spontaneous Emission (SASE) sources, producing 
intense radiation beams of low coherence at instan- 
taneous power levels in the range of 1-100 MW. 
Because of the high e-beam current and low energy, 


these FEMs operated mostly in the collective high- 
gain regime (see Table 1). 

Some of the early pioneering work on FEMs was 
done in the 1970s and 1980s in the US (NRL, 
Columbia Univ., MIT), Russia (IAP), and France 
(Echole Politechnique), based on this kind of 
accelerators. 


Induction linacs 

These too are single pulse (or low repetition rate) 
accelerators, based on induction of electromotive 
potential over an acceleration gap by means of an 
electric-transformer circuit. They can be cascaded to 
high energy, and produce short pulse (tens to hundreds 
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Figure 12 Approximate wavelength ranges accessible with 
FELs based on current accelerator and wiggler technologies. 


of nSec), high current (up to 10 kA) electron beams, 
with relatively high energy (MeV to tens of MeV). The 
interest in FELs, based on this kind of accelerator 
technology, stemmed in the 1980s primarily from the 
SDI program, for the propose of development of a 
DEW FEL. The main development of this technology 
took place on a 50 MeV accelerator — ATA (for 
operating at 10 wm wavelength) and a 3.5 MeV 
accelerator — ETA (for operating at 8mm _ wave- 
length). The latter experiment, operating in the high- 
gain regime, demonstrated record high power (1 GW) 
and energy extraction efficiency (35%). 


Electrostatic accelerators 

These accelerators are DC machines, in which an 
electron beam, generated by a thermionic electron- 
gun (typically 1-10 Amp) is accelerated electrostati- 
cally. The charging of the high voltage terminal can be 
done by mechanical charge transport (Van de Graaff) 
or electrodynamically (Crockford—Walton accelera- 
tor, Dynamitron). The first kind can be built at 
energies up to 25 MeV, and the charging current is 
less than mAmp. The second kind have terminal 
voltage less than 5 MeV, and the charging current can 
be hundreds of mAmps. 

Because of their DC characteristics, FELs based on 
these kinds of accelerators can operate at arbitrary 
pulse shape structure and in principle — continuously 
(CW). However, because of the low charging current, 
the high electron beam current (1-10 Amp), required 
for FEL lasing must be transported without any 
interception along the entire way from the electron 
gun, through the acceleration tubes and the FEL 
wiggler, and then decelerated down to the voltage 
depressed beam-collector (multistage collector), clos- 
ing the electric circuit back to the e-gun (current 
recirculation). The collector is situated at the e-gun 
potential, biased by moderate voltage high current 
power supplies, which deliver the current and power 


needed for circulating the e-beam and compensates 
for its kinetic energy loss in favor of the radiation field 
in the FEL cavity. This beam current recirculation is, 
therefore, also an ‘Energy retrieval’ scheme, and can 
make the overall energy transfer efficiency of the 
electrostatic-accelerator FEL very high. 

In practice, high-beam transport efficiency in excess 
of 99.9% is needed for CW lasing, and has not been 
demonstrated yet. To avoid HV-terminal voltage drop 
during lasing, electrostatic-accelerator FELs are 
usually operated in a single pulse mode. Few FELs 
of this kind have been constructed. The first and main 
facility is the UCSB FEL shown in Figure 13. It 
operates in the wavelength range of 30 ym to 2.5 mm 
(with three switchable wigglers) in the framework of 
a dedicated radiation user facility. This FEL operates 
in the negatively charged terminal mode, in which the 
e-gun and collector are placed in the negatively 
charged HV-terminal inside the pressurized insulating 
gas tank, and the wigglers are situated externally at 
ground potential. An alternative operating mode of 
positively charged terminal internal cavity electro- 
static-accelerator FEM was demonstrated in the 
Israeli Tandem—Accelerator FEM and the Dutch 
F.O.M. Fusion-FEM projects. This configuration 
enables operating with long pulse, high coherence, 
and very high average power. Linewidth of Aw/a = 
10° was demonstrated in the Israeli FEM and high 
power (730 kW over few microseconds) was demon- 
strated in the Dutch FEM, both at mm-wavelengths. 
The goal of the latter development project (which was 
not completed) was quasicontinuous operation at 
1 MW average power for application in fusion 
plasma heating. 


Radio-frequency (RF) accelerators 

RF-accelerators are by far the most popular electron- 
beam sources for FELs. In RF accelerators, short 
electron beam bunches (bunch duration 1-10 pSec) 
are accelerated by the axial field of intense RF 
radiation (frequency about 1 GHz), which is applied 
in the acceleration cavities on the injected short 
e-beam bunches, entering with the accelerating-phase 
of the RF field. In microtrons, the electron bunches 
perform circular motion, and get incremental accel- 
eration energy every time they re-enter the accelera- 
tion cavity. In RF-LINACs (linear accelerator), the 
electron bunches are accelerated in a sequence of RF 
cavities or a slow-wave structure, which keep an 
accelerating-phase synchronization of the traversing 
electron bunches with the RF field along a long 
linear acceleration length. The bunching of the 
electrons, prior to the acceleration step, is tradition- 
ally performed by bunching RF-cavities and a disper- 
sive magnet (chicane) pulse compression system. 
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The FEL small signal gain, must be large enough to 
build-up the radiation field in the resonator from 
noise to saturation well within the macropulse 
duration. 

RF-Linacs are essential facilities in synchrotron 
radiation centers, used to inject electron beam current 
into the synchrotron storage ring accelerator from 
time to time. Because of this reason, many FELs based 
on RF-LINACs were developed in synchrotron 
centers, and provide additional coherent radiation 
sources to the synchrotron radiation center users. 

Figure 15 displays FELIX - a RF-LINAC FEL 
which is located in one of the most active FEL 
radiation user-centers in FOM — Holland. 


Storage rings 

Storage rings are circular accelerators in which a 
number of electron (or positron) beam bunches 
(typically of 50-500 pS pulse duration and hundreds 
of ampere peak current) are circulated continuously 
by means of a lattice of bending magnets and 
quadrupole lenses. Typical energies of storage ring 
accelerators are in the hundreds of MeV to GeVs 
range. As the electrons pass through the bending 
magnets, they lose a small amount of their energy due 
to emission of synchrotron radiation. This energy is 
replenished by a small RF acceleration cavity placed 
in one section of the ring. The electron beam bunch 


dimensions, energy spread, and emittance parameters 
are set in steady state by a balance between the 
electrons oscillations within the ring lattice and 
radiation damping due to the random synchrotron 
emission process. This produces high-quality (small 
emittance and energy spread) continuous train of 
electron beam bunches, that can be used to drive a 
FEL oscillator placed as an insertion device in one of 
the straight sections of the ring between two bending 
magnets. 

Demonstrations of FEL oscillators, operating in a 
storage ring, were first reported by the French (LURE- 
Orsay) in 1987 (at visible wavelengths) and the 
Russians (VEPP-Novosibirsk) in 1988 (in the ultra- 
violet). The short wavelength operation of storage- 
ring FELs is facilitated by the high energy, low 
emittance and low energy spread parameters of 
the beam. 

Since storage ring accelerators are at the heart of all 
synchrotron radiation centers, one could expect that 
FEL would be abundant in such facilities as insertion 
devices. There is, however, a problem of interference 
of the FEL operating as an insertion device in the 
normal operation of the ring itself. The energy spread 
increase, induced in the electron beam during the 
interaction in a saturated FEL oscillator, cannot be 
controlled by the synchrotron radiation damping 
process, if the FEL operating power is too high. 





Figure 15 


The FELIX RF-Linac FEL operating as a radiation users center in F.O.M. Netherlands. (Courtesy of L. van der Meer, F.O.M.) 
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This limits the FEL power to be kept as a fraction of 
the synchrotron radiation power dissipation all 
around the ring (the ‘Renieri Limit’). The effect of 
the FEL on the e-beam quality, reduces the lifetime of 
the electrons in the storage ring, and so distrupts the 
normal operation of the ring in a synchrotron 
radiation user facility. 

To avoid the interference problems, it is most 
desirable to operate FELs in a dedicated storage ring. 
This also provides the option to leave long enough 
straight sections in which long enough wigglers 
provide sufficient gain for FEL oscillation. Figure 16 
displays the Duke storage ring FEL, which is used as a 
unique radiation user facility, providing intense 
coherent short wavelength radiation for applications 
in medicine, biology, material studies, etc. 


Superconducting (SC) RF-LINACS 

When the RF cavities of the accelerator are super- 
conducting, there are very low RF power losses on the 
cavity walls, and it is possible to maintain continuous 
acceleration field in the RF accelerator with a 
moderate-power continuous RF source, which deli- 
vers all of its power to the electron beam kinetic 
energy. Combining the SC-RF-LINAC technology 
with an FEL oscillator, pioneered primarily by 
Stanford University and Thomas Jefferson Lab 
(TJL) in the US and JAERI Lab in Japan, gave rise 
to an important scheme of operating such a system 
in a current recirculating energy retrieval mode. 
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This scheme revolutionized the development of 
FELs in the direction of high-power, high-efficiency 
operation, which is highly desirable, primarily for 
industrial applications (material processing, photo- 
chemical production, etc.). 

In the recirculating SC-RF-LINAC FEL scheme the 
wasted beam emerging out of the wiggler after losing a 
fraction of only few percents (see eqn [89]) out of its 
kinetic energy, is not dumped into a beam-dump, as in 
normal cavity RF accelerators, but is re-injected, after 
circulation, into the SC-RF accelerator. The timing of 
the wasted electron bunches re-injection is such that 
they experience a deceleration phase along the entire 
length of the accelerating cavities. Usually, they are 
re-injected at the same cell with a fresh new electron 
bunch injected at an acceleration phase, and thus the 
accelerated fresh bunch receives its acceleration 
kinetic energy directly from the wasted beam bunch, 
that is at the same time decelerated. The decelerated 
wasted beam bunches are then dumped in the electron 
beam dump at much lower energy than without 
recirculation, at energies that are limited primarily 
just by the energy spread induced in the beam in the 
FEL laser-saturation process. This scheme, not only 
increases many folds the over-all energy transform- 
ation efficiency from wall-plug to radiation, but would 
solve significant heat dissipation and radioactivity 
activation problems in a high-power FEL design. 

Figure 17 displays the TJL Infrared SC-RF-LINAC 
FEL oscillator, that demonstrated for the first time 
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Figure 16 The Duke — University Storage Ring FEL operating as a radiation-users center in N. Carolina, USA. (Mendening: Matthew 


Busch, courtesy of Glenn Edwards, Duke FEL Lab.) 
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record high average power levels — nearly 10 kWatt 
at optical frequencies (1-14 ym). The facility is in 
upgrade development stages towards eventual oper- 
ation at 100 kWatt in the IR and 1 kWatt in the UV. 
It operates in the framework of a laser material 
processing consortium and demonstrates important 
material processing applications, such as high-rate 
micromachining of hard materials (ceramics) with 
picoSecond laser pulses. 

The e-beam current recirculation scheme of SC- 
RF-LINAC FEL has a significant advantage over the 
e-beam recirculation in a storage ring. As in electro- 
static accelerators, the electrons entering the wiggler 
are ‘fresh’ cold-beam electrons from the injector, and 
not a wasted beam corrupted by the laser saturation 
process in a previous circulation through the FEL. 


This also makes it possible to sustain high average 
circulating current despite the disruptive effect of the 
FEL on the e-beam. This technological development 
has given rise to a new concept for a radiation-user 
facility light-source 4GLS (fourth-generation light 
source), which is presently in a pilot project 
development stage at Daresbury Lab in the UK 
(see Figure 18). In such a scheme, IR and UV FEL 
oscillators and XUV SASE-FEL can be operated 
together with synchrotron magnet dipole and 
wiggler insertion devices without disruptive inter- 
ference. Such a scheme, if further developed, can 
give rise to new radiation-user, light-source facilities, 
that can provide a wider range of radiation 
parameters than synchrotron centers of previous 
generation. 





transport 


Figure 17 The Thomas Jefferson Lab. recirculating beam-current superconducting Linac FEL operating as a material processing 
FEL-user center in Virginia USA (Courtesy of S. Benson, Thomas Jefferson Laboratory). 
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Figure 18 The Daresbury Fourth Generation Light-Source concept (4GLS). The circulating beam-current superconducting Linac 
includes SASE-FEL, bending magnets and wigglers as insertion devices. (Courtesy of M. Poole, Damesbury Laboratory) 
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Magnetic Wiggler Schemes 


The optical klystron 

The stimulated emission process in FEL (see Figure 7c) 
is based on velocity (energy) bunching of the e-beam 
in the first part of the wiggler, which turns into 
density bunching along the central part of the wiggler, 
and then the density-bunched electron beam performs 
‘negative work’ on the radiation wave and emits 
radiative energy in the last part of the wiggler. In the 
OK, these steps are carried out in three separate parts 
of the wiggler: the energy bunching wiggler section, 
the dispersive magnet density buncher, and the 
radiating wiggler section (see Figure 7b). 

A schematic of the OK is shown in Figure 19. 
The chicane magnetic structure in the dispersive sec- 
tion brings all electrons emerging from the bunching 
wiggler back onto the axis of the radiating wiggler, 


available for insertion devices in conventional syn- 
chrotron storage rings. It should be noted that the OK 
is equivalent to a long wiggler FEL of length Leg of 
equal gain and therefore its axial velocity spread 
acceptance is small (this is determined from the cold 
beam limit 64,< 7 with L.¢ used in eqn [52]). This 
too is consistent with storage ring accelerators, which 
are characterized by small energy spread and emit- 
tance of the electron beam. 


Radiation emission at harmonic frequencies 

In a linear wiggler (eqn [2]), the axial velocity: 
B, = [B° ~ ay!) cos* kz)" [92] 

is not constant. It varies with spatial periodicity 


Ay/2, and in addition to its average value 
B. = (8? — a2,/2y7]"'”, contains Fourier components 





but provides variable delay Aty; = f 2 rh Gg = von) 
dz = [d(Aty)/dy]8y; relative to the pondermotive 
wave phase to different electrons, which acquired 
different energy modulation increments 8y; = y; — 
Ypn in the final section. The radiation condition is 
satisfied whenever the bunch-center phase satisfies 
Aggy = wAty = 7/2 — 2m7Tr (see Figure 7b). However, 
because the energy dispersion coefficient d(Aty)/dy, is 
much larger in the chicane than in a wiggler of the 
same length, the density bunching amplitude, and 
consequently the OK gain, are much larger than in a 
uniform wiggler FEL of the same length. 

The OK was invented by Vinokurov and Skrinsky 
in 1977 and first demonstrated in 1987 at visible 
wavelengths in the ACO storage ring of LURE 
in Orsay, France, and subsequently in 1988 at 
UV wavelengths, in the VEPP storage ring in 
Novosibirsk, Russia. The OK is an optimal FEL 
configuration, if used as an insertion device in a 
storage ring, because it can provide sufficient gain to 
exceed the high lasing threshold at the short operating 
wavelengths of a high-energy storage-ring FEL, and 
still conform with the rather short straight sections 


of spatial frequencies 2mk,, (m= 1,2,...). When 
ay >> 1, the axial oscillation deforms the sinusoidal 
trajectory of the electrons in the wiggler (eqns [22] 
and [23]), and in a frame of reference moving at the 
average velocity B,, the electron trajectories in the 
wiggling (x—z) plane forms an figure 8 shape, rather 
than a pure transverse linear motion. In the labora- 
tory frame this leads to synchrotron undulator 
emission in the forward direction at all odd harmonic 
frequencies of w9, corresponding to substitution of 
ky 2 (2m + 1)k,, (m = 1,2, 3,...) in eqn [6]: 

Orme) = (2m+1)ay = 2y2c2n+ ky [93] 
All the stimulated emission gain expressions, pre- 
sented earlier for the fundamental harmonic, are valid 
with appropriate substitution of 








Bam = — — ky ~ (2m + Dky [94] 


z 


instead of eqn [43], and substitution of the 
harmonic-weight Bessel-function coefficient of 
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Figure 19 Schematics of the Optical—Klystron, including an energy bunching wiggler, a dispersive magnet bunching section and a 


radiating wiggler. 
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The measured S;; and input impedance at open circuit are shown in Figure 15. There is high return 
loss and resonance around 13.6 MHz. The circuit input impedance at open circuit conditions is 58 Q at 
resonance for both —40 dBm and —10 dBm. 


Figure 15. Measured open circuit S,; of the L-matched HSMS-286C diodes at 13.6 MHz 
for different input power levels from a 50 © source (left), measured open circuit input 
impedance at —10 dBm and —40 dBm of the L-matched HSMS-286C diode at 13.6 MHz 
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The efficiency and voltage sensitivity of the high voltage sensitive wireless EM harvester are shown 
in Figure 16. 


Figure 16. Measured circuit efficiency versus load at various input power levels at 
13.6 MHz (left), measured open circuit voltage and at 200 kQ load versus input power at 
13.6 MHz (right). 
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The maximum measured efficiency at —30 dBm is 20% for ~200 kQ load and an open circuit 
voltage of 0.5 V. At -10 dBm, the maximum efficiency and open circuit voltage are 54% and 5.4 V 
respectively. At the optimal load of ~200 kQ, the detected voltage is 0.2 V and 2.9 V at —30 dBm and 
—10 dBm respectively. The open circuit voltage gain is 100 at —30 dBm and 108 at -10 dBm. 
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synchronism with the beam. Slowing down the PM 
wave can be done by the gradual increase of the 
wiggler wavenumber k,,(z) (or decrease of its period 
Aw(z)), so that eqns [29] or [91] keep being satisfied 
for a given frequency, even if v, (or y,) goes down. 
A more correct description of the nonlinear 
interaction dynamics of the electron beam in a 
saturated tapered-wiggler FEL is depicted in 
Figure 20: the electron trap synchronism energy 
Yph(z) tapers down (by design) along the wiggler, 
while the trapped electrons are forced to slow down 
with it, releasing their excess energy by enhanced 
radiation. An upper limit estimate for the extraction 
efficiency of such a tapered wiggler FEL would be: 


a Yph(9) — ¥pn(L) 
Ypn(O) 





[99] 


and the corresponding radiative power generation 
would be: AP = »,,,[,E,/e. In practice, the phase- 
space area of the tapered wiggler separatrix is reduced 
due to the tapering, and only a fraction of the electron 
beam can be trapped, which reduces correspondingly 
the practical enhancement in radiative extraction 
efficiency and power. 

An alternative wiggler tapering scheme consists of 
tapering the wiggler field B,,(z) (or wiggler parameter 
amplitude a,,(z)). If these are tapered down, the axial 
velocity and axial energy (eqn [7]) can still keep 
constant (and in synchronism with the PM wave) 
even if the beam energy y goes down. Thus, in this 
scheme, the excess radiative energy extracted from 
the beam comes out of its transverse (wiggling) 
energy. 

Efficiency and power enhancement of FEL by 
wiggler tapering have been demonstrated experimen- 
tally both in FEL amplifiers (first by Livermore, 1985) 
and oscillators (first by Los-Alamos, 1983). This 
elegant way to extract more power from the beam 








i i — 


Figure 20 


still has some limitations. It can operate efficiently 
only at a specified high radiation power level for 
which the tapering was designed. In an oscillator, a 
long enough untapered section must be left to permit 
sufficient small signal gain in the early stages of the 
laser oscillation build-up process. 


FEL Oscillators 


Most FEL devices are oscillators. As in any laser, in 
order to turn the FEL amplification process into an 
oscillation process, one provides a feedback mechan- 
ism by means of an optical resonator. In steady state 
saturation, GR, = 1, where R,, is the round trip 
reflectivity factor of the resonator and G = P(L)/P(0) 
is the saturated single-path gain coefficient of the 
FEL. To attain oscillation, the small signal (unsatu- 
rated) gain, usually given by the small gain expression 
in eqn [53], must satisfy the lasing threshold 
condition G > 1/R,,, as in any laser. 

When steady state oscillation is attained, the 
oscillator output power is: 


T 
out ~ 1 AP [1 00] 


ext 
> Ry 


where AP: = Nextlo(Y — Lmc7/e and nex is the 
extraction efficiency, usually given by eqn [89] 
(low-gain limit). 

Usually, FEL oscillators operate in the low-gain 
regime, in which case 1 — R,, = L+ T <1 (where L 
is the resonator internal loss factor). Consequently, 
then Poy = APex¢T/(L+T), which would give a 
maximum value, depending on the saturation level 
of the oscillator. In the general case, one must solve 
the nonlinear force equations together with the 
resonator feedback relations of the oscillating radi- 
ation mode, in order to maximize the output power 
(eqn [100]) or efficiency by choice of optimal T for 
given L. 


‘Snapshots’ of the trap at three locations along a tapered wiggler FEL. 
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In an FEL oscillator operating with periodic 
electron bunches (as in RF-acclerator based FEL), 
the solution for the FEL gain and saturation 
dynamics requires extension of the single frequency 
solution of the electron and electromagnetic field 
equations to the time domain. In principle, the 
situation is similar to that of a mode-locked laser, 
and the steady state laser pulse train waveform 
constitutes a superposition of the resonator longi- 
tudinal modes that produces a self-similar pulse 
shape with the highest gain (best overlap with the 
e-beam bunch along the interaction length). 
Because the e-beam velocity vg is always smaller 
(in an open resonator) than the group velocity of 
the circulating radiation wavepacket, the radiation 
wavepacket slips ahead of the electron bunch one 
optical period A in each wiggling period (Slippage 


effect). This reduces the overlap between the 
radiation pulse and the e-beam bunch along the 
wiggler (see Figure 14) and consequently decreases 
the gain. Fine adjustment of the resonator mirrors 
(as shown in Figure 14) is needed to attain 
maximal power and optimal radiation pulse 
shape. The pulse-slippage gain reduction effect is 
negligible only if the bunch length is much 
longer than the slippage length NA, which can 
be expressed as: 


Tp > 27/Awz, [101] 
where Aw, is the synchrotron undulator radiation 
frequency bandwidth (eqn [55]). This condition 
is usually not satisfied in RF-accelerator FELs 
operating in the IR or lower frequencies, and the 
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Figure 21 


Anticipated peak brightness of SASE FELs (TTF-DESY, LCLS-SLAC) in comparison to the undulators in present third 


generation Synchrotron Radiation sources. Figure courtesy of DESY, Hamburg, Germany. 
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slippage effect gain reduction must be then taken 
into account. 

An FEL operating in the cold-beam regime 
constitutes an ‘homogeneous broadening’ gain med- 
ium in the sense of conventional laser theory. 
Consequently, the longitudinal mode competition 
process that would develop in a CW FEL oscillator, 
leads to single-mode operation and high spectral 
purity (temporal coherence) of the laser radiation. 
The minimal (intrinsic) laser linewidth would be 
determined by an expression analogous to the 
Schawlow—Towns limit of atomic laser: 


where Af, is the spectral width of the cold resonator 
mode. Expression [102] predicts extremely narrow 
linewidth. In practice, CW operation of FEL was not 
yet attained, but Fourier transform limited linewidths 
in the range of Af/fy = 10~° were measured in long- 
pulse electrostatic accelerator FELs. In an FEL 
oscillator, based on a train of e-beam bunches (e.g., 
an R.F. accelerator beam), the linewidth is very wide 
and is equal to the entire gain bandwidth (eqn [56]) in 
the slippage dominated limit, and to the Fourier 
transform limit Aw = 27/7, in the opposite negli- 
gible-slippage limit (eqn [101]). Despite this slippage, 
it was observed in RF-LINAC FEL that the radiation 
pulses emitted by the FEL oscillator are phase 


2 ; ; 
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Figure 22 Phase 1 of the SASE FE L (TTF VUV-FEL1): (a) Accelerator layout scheme; (b) General view of the TESLA test facility. 


Figure courtesy of DESY, Hamburg, Germany. 
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Introduction 


Metal vapor lasers form a class of laser in which the 
active medium is a neutral or ionized metal vapor 
usually excited by an electric discharge. These lasers 
fall into two main subclasses, namely cyclic pulsed 
metal vapor lasers and continuous-wave metal ion 
lasers. Both types will be considered in this article, 
including basic design and construction, power 
supplies, operating characteristics (including princi- 
pal wavelengths), and brief reference to their 
applications. 


Self-Terminating Resonance- 
Metastable Pulsed Metal Vapor Lasers 


The active medium in a self-terminating pulsed metal 
vapor laser consists of metal atoms or ions in the 
vapor phase usually as a minority species in an inert 
buffer gas such as neon or helium. Laser action occurs 
between a resonance upper laser level and a meta- 
stable lower laser level (Figure 1). During a fast pulsed 
electric discharge (typically with a pulse duration of 
order 100 ns) the upper laser level is preferentially 
excited by electron impact excitation because it is 
strongly optically connected to the ground state 
(resonance transition) and hence has a large excitation 
cross-section. For a sufficiently large metal atom 
(or ion) density, the resonance radiation becomes 
optically trapped, thus greatly extending the lifetime 
of the upper laser level such that decay from the upper 
laser level is channelled through the emission of laser 
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Figure 1 Resonance-metastable energy levels for self-termi- 
nating metal vapor lasers. 


radiation to the metastable lower laser level. Lasing 
terminates when the electron temperature falls to a 
point such that preferential pumping to the upper 
laser level is no longer sustained, and the build-up of 
population in the metastable lower laser level destroys 
the population inversion. Therefore after each 
excitation pulse, the resulting excited species in the 
plasma (in particular the metastable lower laser levels 
which are quenched by collisions with cold electrons) 
must be allowed sufficient time to relax and the 
plasma must be allowed to partially recombine before 
applying the next excitation pulse. The relaxation 
times for self-terminating metal vapor lasers 
correspond to operating pulse repetition frequencies 
from 2 kHz to 200 kHz. 

Many metal vapors can be made to lase in the 
resonance-metastable scheme and are listed together 
with their principal wavelengths and output powers 
in Table 1. The most important self-terminating 
pulsed metal vapor laser is the copper vapor laser 
and its variants which will be discussed in detail in the 
following sections. Of the other pulsed metal vapor 
lasers listed in Table 1, only the gold vapor laser 
(principal wavelengths 627.8nm and 312.3 nm), 
and the barium vapor laser which operates in the 
infrared (principal wavelengths 1.5 4m and 2.55 jm) 
have had any commercial success. All the self- 
terminating pulsed metal vapor lasers have essentially 
the same basic design and operating characteristics 
as exemplified by the copper vapor laser. 


Copper Vapor Lasers 


Copper vapor lasers (CVLs) are by far the most 
widespread of all the pulsed metal vapor lasers. 
Figure 2 shows the energy level scheme for copper. 
Lasing occurs simultaneously from the 7P3/2 level to 
the *D5,> level (510.55 nm) and from the *P 1,2 level to 
the *D3,> level (578.2 nm). Commercial devices are 
available with combined outputs of over 100 W at 
510.55 nm and 578.2 nm (typically with a green-to- 
yellow power ratio of 2:1). 

A typical copper vapor laser tube is shown in 
Figure 3. High-purity copper pieces are placed at 
intervals along an alumina ceramic tube which 
typically has dimensions of 1-4 cm diameter and 
1-2 m long. The alumina tube is surrounded by a 
solid fibrous alumina thermal insulator, and a glass or 
quartz vacuum envelope. Cylindrical electrodes made 
of copper or tantalum are located at each end of the 
plasma tube to provide a longitudinal discharge 
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Table 1 Principal self-terminating resonance-metastable metal vapor lasers 
Metal Principal wavelengths | Powers Total efficiencies Pulse repetition | Technological development 
(nm) frequency (kHz) 
Typical Maximum 
(W) (W) 
Cu 510.55 2-70 2500 total 1% 4-40 Highly developed and 
578.2 1-50 commercially available 
Au 627.8 1-8 20 0.13% 2-40 Commercially available 
312 0.1-0.2 1.2 1-8 
Ba 1500 2-10 12 0.5% 5-15 Have been produced commercially, 
2550 1 1.5 but largely experimental 
1130 0.5 1.0 
Pb 722.9 4.4 0.15% 10-30 Experimental 
Mn 534.1 (>50%) 12 total 0.32% ~10 Experimental 
1290 
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Figure 2 Partial energy level scheme for the copper vapor laser. 
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Figure 3 Copper vapor laser tube construction. 
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arrangement. The cylindrical electrodes and silica 
laser end windows are supported by water-cooled end 
pieces. The laser windows are usually tilted by a few 
degrees to prevent back reflections into the active 
medium. The laser head is contained within a water 
cooled metal tube to provide a coaxial current return 
for minimum laser head inductance. Typically a slow 
flow (~5 mbar | min~') of neon at a pressure of 
20-80 mbar is used as the buffer gas with an 
approximately 1% Hy additive to improve the 
afterglow plasma relaxation. The buffer gas provides 
a medium to operate the discharge when the laser 
is cold and slows diffusion of copper vapor out of 
the ends of the hot plasma tube. Typical copper fill 
times are of order 200-2000 hours (for 20-200 g 
copper load). Sealed-off units with lifetimes of order 
1000 hours have been in production in Russia for 
many years. 

During operation waste heat from the repetitively 
pulsed discharge heats the alumina tube up to 
approximately 1500°C at which point the vapor 
pressure of copper is of approximately 0.5 mbar 
which corresponds to the approximate density 
required for maximum laser output power. Typical 
warm-up times are therefore relatively long at around 
one hour to full power. 

One way to circumvent the requirement for high 
temperatures required to produce sufficient 
copper density by evaporation of elemental copper 
(and hence also reduce warm-up times) is to use a 
copper salt with a low boiling point located in 
one or more side-arms of the laser tube (Figure 4). 
Usually copper halides are used as the salt, with the 
copper bromide laser being the most successful. For 
the CuBr laser, a temperature of just 600°C is 
sufficient to produce the required Cu density by 
dissociation of CuBr vapor in the discharge. With the 
inclusion of 1-2% Hy in the neon buffer gas, HBr is 
also formed in the CuBr laser, which has the 
additional benefit of improving recombination in 
the afterglow via dissociative attachment of free 


electrons: HBr+e —H+Br’, followed by ion 
neutralization: Br + Cut > Br+Cu*. As a result 
of the lower operating temperature and kinetic 
advantages of HBr, CuBr lasers are typically twice 
as efficient (2-3%) as their elemental counterparts. 
Sealed-off CuBr systems with powers of order 
10-20 W are commercially produced. 

An alternative technique for reducing the operating 
temperature of elemental CVLs is to flow a buffer gas 
mixture consisting of ~ 5% HBr in neon at approxi- 
mately 50 mbar | min! and allow this to react with 
solid copper metal placed within the plasma tube 
at about 600°C to produce CuBr vapor in situ. 
The so-called Cu HyBrID (hydrogen bromide in 
discharge) laser has the same advantages as the CuBr 
laser (e.g., up to 3% efficiency) but at the cost of 
requiring flowing highly toxic HBr in the buffer gas, 
a requirement which has so far prevented commer- 
cialization of Cu HyBrID technology. 

The kinetic advantages of the hydrogen halide in 
the CuBr laser discharge can also be applied to a 
conventional elemental CVL through the addition of 
small partial pressure of HCl to the buffer gas in 
addition to the 1-2% Hp additive. HCl is preferred to 
HBr as it is less likely to dissociate (the dissociation 
energy of HCl at 0.043 eV is less than HBr at 
0.722 eV). Such kinetic enhancement leads to a 
doubling in average output power, a dramatic 
increase in beam quality through improved gain 
characteristics, and shifts the optimum pulse 
repetition frequency for kinetically enhanced CVLs 
(KE-CVLs) from 4-10 kHz up to 30-40 kHz. 

Preferential pumping of the upper laser levels 
requires an electron temperature in excess of the 
2eV range, hence high voltage (10-30kV), high 
current (hundreds of A), short (75-150 ns) excitation 
pulses are required for efficient operation of copper 
vapor lasers. To generate such excitation pulses CVLs 
are typically operated with a power supply incorpor- 
ating a high-voltage thyratron switch. In the most 
basic configuration, the charge-transfer circuit shown 
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Figure 4 Copper bromide laser tube construction. 
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in Figure 5a, a dc high-voltage power supply 
resonantly charges a storage capacitor (Cs, typically 
a few nF) through a charging inductor Lc, a high- 
voltage diode and bypass inductor Lg, up to twice the 
supply voltage Vs in a time of order 100 ws. When 
the thyratron is triggered, the storage capacitor 
discharges through the thyratron and the laser head 
on a time-scale of 100 ns. Note that during the fast 
discharge phase, the bypass inductor in parallel with 
the laser head can be considered to be an open circuit. 
A peaking capacitor Cp (~0.5 Cs) is provided to 
increase the rate of rise of the voltage pulse across the 
laser head. Given the relatively high cost of 
thyratrons, more advanced circuits are now often 
used to extend the service lifetime of the thyratron to 
several thousand hours. In the more advanced circuit 
(Figure 5b) an LC inversion scheme is used in 
combination with magnetic pulse compression tech- 
niques and operates as follows. Storage capacitors Cs 
are resonantly charged in parallel to twice the dc 
supply voltage Vs as before. When the thyratron is 
switched, the charge on Cg, inverts through the 
thyratron and transfer inductor Ly. This LC inversion 
drags the voltage on the top of Csy down to —4Vs. 
When the voltage across the first saturable inductor 
Ls; reaches a maximum (—4Vs) Ls; saturates, and 
allows current to flow from the storage capacitors 
(now charged in series) to the transfer capacitor 


Gg Ns 








(a) 





Vg 
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Figure 5 Copper vapor laser excitation circuits. (a) Charge 
transfer circuit; (b) LC inversion circuit with magnetic pulse 
compression. 


(Cy = 0.5Cg3) thereby transferring the charge from 
Cs, and Cs2 to Cy in a time much less than the initial 
LC inversion time. At the moment when the charge 
on transfer capacitor Cy reaches a maximum 
(also —4Vs), Ls2 saturates, and the transfer capacitor 
is discharged through the laser tube, again with a 
peaking capacitor to increase the voltage rise time. By 
using magnetic pulse compression the thyratron 
switched voltage can be reduced by 4 and the peak 
current similarly reduced (at the expense of increased 
current pulse duration) thereby greatly extending the 
thyratron lifetime. Note that in both circuits a 
‘magnetic assist’ La saturable inductor is provided 
in series with the thyratron to delay the current pulse 
through the thyratron until after the thyratron has 
reached high conductivity thereby reducing power 
deposition in the thyratron. 

Copper vapor lasers produce high average powers 
(2-100 W available commercially, with laboratory 
devices producing average powers of over 750 W) 
and have wall-plug efficiencies of approximately 1%. 
Copper vapor lasers also make excellent amplifiers 
due to their high gains, and the amplifiers can be 
chained together to produce average powers of 
several kW. Typical pulse repetition frequencies 
range from 4 to 20 kHz, with a maximum reported 
pulse repetition frequency of 250 kHz. An approxi- 
mate scaling law states that for an elemental 
device with tube diameter D (mm) and length L (m) 
the average output power in watts will be of order 
DX L. For example, a typical 25 W copper vapor 
laser will have a 25 mm diameter by 1 m long laser 
tube, and operate at 10 kHz corresponding to 2.5 mJ 
pulse energy and 50 kW peak power (50 ns pulse 
duration). Copper vapor lasers have very high single- 
pass gains (greater than 1000 for a 1 m long tube), 
large gain volumes and short gain durations 
(20-80 ns, sufficient for the intracavity laser light 
to make only a few round trips within the optical 
resonator). Maximum output power is therefore 
usually obtained in a highly ‘multimode’ (spatially 
incoherent) beam by using either a fully stable or a 
plane-plane resonator with a low reflectivity output 
coupler (usually Fresnel reflection from an uncoated 
optic is sufficient). To obtain higher beam quality a 
high magnification unstable resonator is required 
(Figure 6). Fortunately, copper vapor lasers have 
sufficient gain to operate efficiently with unstable 
resonators with magnifications (M = R,/R2) up to 
100 and beyond. Resonators with such high 
magnifications impose very tight geometric con- 
straints on propagation of radiation on repeated 
round-trips within the resonator, such that after two 
round-trips the divergence is typically diffraction- 
limited. Approximately half the stable-resonator 
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Figure 6 Unstable resonator configuration often used to obtain high beam quality from copper vapor lasers. 


output power can therefore be obtained with near 
diffraction-limited beam quality by using an unstable 
resonator. Often, a small-scale oscillator is used in 
conjunction with a single power amplifier to produce 
high output power with diffraction-limited beam 
quality. Hyperfine splitting combined with 
Doppler broadening lead to an inhomogeneous 
linewidth for the laser transitions of order 
8-10 GHz corresponding to a coherence length of 
order 3 cm. 

The high beam quality and moderate peak 
power of CVLs allows efficient nonlinear frequency 
conversion to the UV by second harmonic generation 
(510.55 nm — 255.3 nm, 578.2 nm — 289.1 nm) 
and sum frequency generation (510.55 nm + 
578.2nm — 271.3nm) using B-barium borate 
B-BaB2O, (BBO) as the nonlinear medium. Typically 
average powers in excess of 1 W can be obtained at 
any of the three wavelengths from a nominally 20 W 
CVL. Powers up to 15 W have been obtained at 
255nm from high-power CVL master-oscillator 
power-amplifier systems using cesium lithium borate; 
CsLi BgO19 (CLBO) as the nonlinear crystal. 

Key applications of CVLs include pumping of dye 
lasers (principally for laser isotope separation) and 
pumping Ti:sapphire lasers. Medically, the CVL 
yellow output is particularly useful for treatment of 
skin lesions such as port wine stain birth marks. CVLs 
are also excellent sources of short-pulse stroboscopic 
illumination for high-speed imaging of fast objects 
and fluid flows. The high beam quality, visible 
wavelength and high pulse repetition rate make 
CVLs very suited to precision laser micromachining 
of metals, ceramics and other hard materials. More 
recently, the second harmonic at 255 nm has proved 
to be an excellent source for writing Bragg gratings in 
optical fibers. 


Afterglow Recombination Metal Vapor 
Lasers 
Recombination of an ionized plasma in the afterglow 


of a discharge pulse provides a mechanism for 
achieving a population inversion and hence laser 


output. The two main afterglow recombination 
metal vapor lasers are the strontium ion vapor laser 
(430.5 nm and 416.2 nm) and calcium ion vapor laser 
(373.7 nm and 370.6 nm) whose output in the violet 
and UV spectral regions extends the spectral coverage 
of pulsed metal vapor lasers to shorter wavelengths. 

A population inversion is produced by recombina- 
tion pumping where doubly ionized Sr (or Ca) 
recombines to form singly ionized Sr (or Ca) in an 
excited state: Sr** +e +e —Sr** +e. Note that 
recombination rates for a doubly ionized species are 
much faster than for singly ionized species hence 
recombination lasers are usually metal ion lasers. 
Recombination (pumping) rates are also greatest in a 
cool dense plasma, hence helium is usually used as the 
buffer gas as it is a light atom hence promotes rapid 
collisional cooling of the electrons. Helium also has a 
much higher ionization potential than the alkaline- 
earth metals (including Sr and Ca) which ensures 
preferential ionization of the metal species (up to 
90% may be doubly ionized). 

Recombination lasers can operate where the energy 
level structure of an ion species can be considered to 
consist of two (or more) groups of closely spaced 
levels. In the afterglow of a pulsed discharge electron 
collisional mixing within each group of levels will 
maintain each group in thermodynamic equilibrium 
yielding a Boltzmann distribution of population 
within each group. If the difference in energy between 
the two groups of levels (5 eV >> kT) is sufficiently 
large then thermal equilibrium between the groups 
cannot be maintained via collisional processes. Given 
that recombination yields excited singly ionized 
species (usually with a flux from higher to lower ion 
levels), it is possible to achieve a population inversion 
between the lowest level of the upper group and the 
higher levels within the lower group. This is the mech- 
anism for inversion in the Sr* (and analogous Ca‘) 
ion laser as indicated in the partial energy level 
scheme for Sr* shown in Figure 7. 

Strontium and calcium ion recombination lasers 
have similar construction to copper vapor lasers 
described above. The lower operating temperatures 
(SO00—800°C) mean that minimal or no thermal 
insulation is required for self-heated devices. 
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Figure 7 Partial energy level scheme for the strontium ion laser. 


For good tube lifetime BeO plasma tubes are required 
due to the reactivity of the metal vapors. Usually 
helium at a pressure of up to one atmosphere is used 
as the buffer gas. Typical output powers at 5 kHz 
pulse repetition frequency are of order 1 W (~0.1% 
wall plug efficiency) at 430.5 nm from the He Sr* 
laser and 0.7 W at 373.7 nm from the He Ca” laser. 
For the high specific input power densities (10- 
15 W cm *) required for efficient lasing, overheating 
of the laser gas limits aperture scaling beyond 
10-15 mm diameter. Slab laser geometries have been 
used successfully to aperture-scale strontium ion 
lasers. Scaling of the laser tube length beyond 0.5 m 
is not practical as achieving high enough excitation 
voltages for efficient lasing becomes problematic. 
Gain in strontium and calcium ion lasers is lower than 
in resonance-metastable metal vapor lasers such as 
the CVL, hence optimum output coupler reflectivity is 
approximately 70%. The pulse duration is also longer 
at around 200-500 ns resulting in moderate beam 
quality with plane—plane resonators. 

For both strontium and calcium ion lasers the two 
principal transitions share upper laser levels and 
hence exhibit gain competition such that without 
wavelength-selective cavities usually only the longer 
wavelength of the pair is produced. With wavelength- 
selective cavities up to 60% (Sr*) and 30% (Ca*) of 
the normal power can be obtained at the shorter 
wavelength. 


Many potential applications exist for strontium 
and calcium ion lasers, given their ultraviolet 
(UV)/violet wavelengths. Of particular importance 
is fluorescence spectroscopy in biology and forensics, 
treatment of neonatal jaundice, stereolithography, 
micromachining and exposing photoresists for inte- 
grated circuit manufacture. Despite these many 
potential applications, technical difficulties in power 
scaling mean that both strontium ion and calcium ion 
lasers have only limited commercial availability. 


Continuous-Wave Metal lon Lasers 


In a discharge excited noble gas, there can be a large 
concentration of noble gas atoms in excited meta- 
stable states and noble gas ions in their ground states. 
These species can transfer their energy to a minority 
metal species (M) via two key processes: either charge 
transfer (Duffendack reactions) with the noble gas 
ions (N*): 


M+N*—M™*4+N+AE 


(where M*™ is an excited metal ion state) 


or Penning ionization with a noble gas atom in an 


excited metastable state (N°): 


M+N*>-M*+N+e_ 
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In a continuous discharge in a mixture of a noble gas 
and a metal vapor, steady generation of excited metal 
ions via energy transfer processes can lead to a steady 
state population inversion on one or more pairs of 
levels in the metal ion and hence produce cw lasing. 

Several hundred metal ion laser transitions have 
been observed to lase in a host of different metals. The 
most important such laser is the helium cadmium 
laser, which has by far the largest market volume by 
number of unit sales of all the metal vapor lasers. In a 
helium cadmium laser, Cd vapor is present at a 
concentration of about 1—2% in a helium buffer gas 
which is excited by a de discharge. Excitation to the 
upper laser levels of Cd (Figure 8) is primarily via 
Penning ionization collisions with He* 23S, meta- 
stable ions produced in the discharge. Excitation via 
electron-impact excitation from the ion ground state 
may also play an important role in establishing a 
population inversion in Cd* lasers. Population 
inversion can be sustained continuously because the 
?P3,. and *Py,2 lower laser levels decay via strong 
resonance transitions to the 7S4,. Cd* ground state, 
unlike in the self-terminating metal vapor lasers. 
Two principal wavelengths can be produced, namely 
441.6 nm (blue) and 325.0 nm (UV) with cw powers 
up to 200 mWand 50 mW available respectively from 
commercial devices. 









Typical laser tube construction (Figure 9) consists 
of a 1-3 mm diameter discharge channel typically 
0.5 m long. A pin anode is used at one end of the laser 
tube together with a large-area cold cylindrical 
cathode located in a side-arm at the other end of the 
tube. Cadmium is transported to the main discharge 
tube from a heated Cd reservoir in a side-arm at 
250-300 °C. With this source of atoms at the anode 
end of the laser a cataphoresis process (in which the 
positively charged Cd ions are propelled towards 
the cathode end of the tube by the longitudinal 
electric field) transports Cd into the discharge 
channel. Thermal insulation of the discharge tube 
ensures that it is kept hotter than the Cd reservoir to 
prevent condensation of Cd from blocking the tube 
bore. A large-diameter Cd condensation region is 
provided at the cathode end of the discharge channel. 
A large-volume side arm is also provided to act as a 
gas ballast for maintaining correct He pressure. As He 
is lost through sputtering and diffusion through 
the Pyrex glass tube walls, it is replenished from a 
high-pressure He reservoir by heating a permeable 
glass wall separating the reservoir from the ballast 
chamber which allows He to diffuse into the ballast 
chamber. Typical commercial sealed-off Cd lasers 
have operating lifetimes of several thousand hours. 
Overall laser construction is not that much more 
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Figure 8 Partial energy level diagram for helium and cadmium giving HeCd laser transitions. 
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Even though the RF to DC converter presented in Section 2.5.3 is the same as the L-match circuit 
realized with the HMSM-286C diodes at 13.6 MHz, the voltage gain is increased by a factor of 4 due 
to the large difference between the diodes (and load) resistance and source resistance so that at 
matched conditions high voltage gain occurs. The loaded Q of the L-matched circuit is 30 which 
results in small frequency bandwidth just like a PI-matched diode rectifier presented in our earlier 
work [40]. From this result and the results from our earlier presented PI-matched EM harvester, it can 
be inferred that all high loaded QO RF to DC circuits have high selectivity but not all highly selective 
RF to DC circuits have high loaded Q. The voltage sensitivity of the matched HSMS-286C diode at 
13.6 MHz can be improved if its resistive impedance is not lowered by the flicker noise. 


3. Wireless EM Power Harvester 


A wireless EM harvester, consisting of a rectifying antenna (rectenna) was designed to find a 
compromise between size and performance of its antenna. The rectenna is shown in Figure 17. 


Figure 17. Rectenna realized on a Duroid 5880, 1.57 mm substrate. (a) Backside of the 
rectenna, (b) cross-section of antenna output coplanar stripline dimensions (c) frontside of 


the rectenna. 
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The antenna (planar) part of the rectenna is based on our earlier work [41]. In contrast to the earlier 
presented antenna, this rectenna is realized on a Duroid [42] substrate of thickness 1.57 mm. Duroid 
5880 has lower loss tangent of 0.0004 at 1 MHz compared to 0.025 at 1 MHz for FR4. This means 
there is less loss in the transmission of signals on a Duroid PCB at this frequency range. The antenna 
part is fabricated to resonate around 434 MHz; hence its dimensions of 5 x 5.2 cm make it electrically 
small. The antenna is tuned with a chip inductor and a capacitor to achieve the resonance frequency 
around 434 MHz [Figure 17(c)]. This is done at a cost of reduced antenna radiation efficiency. An 
antenna is one of the few components the size of which is related to the operating frequency. Thus, if 
the size of an antenna is fixed, resonance frequency reduction of the antenna can only be achieved with 
penalty factors [10]. The antenna’s output impedance is tuned with the dimensions of the coplanar 


stripline as shown in Figure 17(b). 
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Figure 9 Helium cadmium laser tube construction. 


complex than a HeNe laser, hence unit costs are 
considerably lower than low-power argon ion lasers 
which also provide output in the blue. Usually 
Brewster angle windows are provided together with 
a high Q stable resonator (97-99% reflectivity 
output coupler) to provide polarized output. 

With their blue and UV wavelengths and relatively 
low cost (compared to low-power argon ion lasers), 
HeCd lasers have found wide application in science, 
medicine and industry. Of particular relevance is their 
application for exposing photoresists where the blue 
wavelength provides a good match to the peak 
photosensitivity of photoresist materials. A further 
key application is in stereolithography where the UV 
wavelength is used to cure an epoxy resin. By 
scanning the UV beam in a raster pattern across the 
surface of a liquid epoxy, a solid three-dimensional 
object may be built up in successive layers. 
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Boltzmann constant [eVK '] k 
Excited metal ion Mt 
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Energy difference [eV] AE 
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History 


The argon ion laser was discovered in early 1964, and 
is still commercially available in 2004, with about 
$70 million in annual sales 40 years after this 
discovery. The discovery was made independently 
and nearly simultaneously by four different groups; 
for three of the four, it was an accidental result of 


Mirror curvatures [m] Ry, Ro 
Metal atom M 
Noble gas atom N 
Noble gas ion Nt 
Pulse duration [ns] 
Pulse repetition [kHz] 
frequency 
Quality factor O 
Temperature [K] T 
Tube diameter [mm] D 
Tube length [m] L 
Wavelength [nm], [wm] 
Unstable resonator M 
magnification 
See also 
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studying the excitation mechanisms in the mercury 
ion laser (historically, the first ion laser), which had 
been announced only months before. For more on the 
early years of ion laser research and development, see 
the articles listed in the Further Reading section at the 
end of this article. 

The discovery was made with pulsed gas dis- 
charges, producing several wavelengths in the blue 
and green portions of the spectrum. Within months, 
continuous operation was demonstrated, as well as 
oscillation on many visible wavelengths in ionized 
krypton and xenon. Within a year, over 100 
wavelengths were observed to oscillate in the ions 
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of neon, argon, krypton, and xenon, spanning the 
spectrum from ultraviolet to infrared; oscillation was 
also obtained in the ions of other gases, for example, 
oxygen, nitrogen, and chlorine. A most complete 
listing of all wavelengths observed as gaseous ion 
lasers is given in the Laser Handbook cited in the 
Further Reading section. Despite the variety of 
materials and wavelengths demonstrated, however, 
it is the argon and krypton ion lasers that have 
received the most development and utilization. 

Continuous ion lasers utilize high current density 
gas discharges, typically 50 A or more, and 2-5 mm 
in diameter. Gas pressures of 0.2 to 0.5 torr result in 
longitudinal electric fields of a few V/cm of discharge, 
so that the power dissipated in the discharge is 
typically 100 to 200 W/cm. Such high-power dissipa- 
tion required major technology advances before long- 
lived practical lasers became available. Efficiencies 
have never been high, ranging from 0.01% to 0.2%. 
A typical modern ion laser may produce 10 W output 
at 20 kW input power from 440 V three-phase power 
lines and require 6-8 gallons/minute of cooling 
water. Smaller, air-cooled ion lasers, requiring 1 kW 
of input power from 110 V single-phase mains can 
produce 10-50 mW output power, albeit at even 
lower efficiency. 


Theory of Operation 


The strong blue and green lines of the argon ion laser 
originate from transitions between the 4p upper levels 
and 4s lower levels in singly ionized argon, as shown 






Argen Il 


we 


Figure 1 


in Figure 1. The 4s levels decay radiatively to the ion 
ground state. The strongest of these laser lines are 
listed in Table 1. The notation used for the energy 
levels is that of the L-—S coupling model. The ion 
ground state electron configuration is 3s73p°(7P$)). 
The inner ten electrons have the configuration 
1s*2s?2p°, but this is usually omitted for brevity. 
The excited states shown in Figure 1 result from 
coupling a 4p or 4s electron to a 3s”3p*(°P) core, with 
the resulting quantum numbers S (the net spin of the 
electrons), L (the net angular momentum of the 
electrons), and J (the angular momentum resulting 
from coupling § to L) are represented by ae 2 
where L = 0,1,2,... is denoted S, PR, D, E... The 
superscript ‘o’ denotes an odd level, while even levels 
omit a superscript. Note that some weaker transitions 
involving levels originating from the 3s73p*('D) core 
configuration also oscillate. Note also that the 
quantum mechanical selection rules for the L—S 
coupling model are not rigorously obeyed, although 
the stronger laser lines satisfy most or all of these 
rules. The selection rule IAJ| = 1 or 0, but not J = 
0 — J = 0 is always obeyed. All transitions shown in 
Figure 1 and Table 1 belong to the second spectrum of 
argon, denoted Ar II. Lines originating from tran- 
sitions in the neutral atom make up the first spectrum, 
Ar I; lines originating from transitions in doubly 
ionized argon are denoted Ar III, and so forth for even 
more highly ionized states. 

Much work has been done to determine the mec- 
hanisms by which the inverted population is formed in 
the argon ion laser. Reviews of this extensive research 
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4p and 4s doublet levels in singly ionized argon, showing the strongest blue and green laser transitions. 
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Table 1 Ar Il laser blue-green wavelengths 
Wavelength Transition? Relative 
(nanometers) (upper level) — (lower level) — strength? (Watt) 
454.505 4p ?P35 > 4s Px 0.8 
457.935 4p ?S2o > 48 2P io 1.5 
460.956 ('D)4p 7F32  ('D)4s *Deyo - 
465.789 4p ?P2,. > 48 *Payo 0.8 
472.686 4p ?D3)2 > 48 2Pay 1.3 
476.486 4p ?P3o > 48 ?P i/o 3.0 
487.986 Ap ?D8)o — 48 2Pao 8.0 
488.903 4p P35 48 ?P4/o e 
496.507 Ap "D832 4s P12 3.0 
501.716 ('D)4p D285 3d 7Dayo 1.8 
514.179 ('D)4p 7F3;2 4 3d 7Dso e 
514.532 Ap *D8)> — 48 2Pao 10 
528.690 4p *D32 > 4s 7Py/0 1.8 


4A\l levels are denoted in L—S coupling with the (P) core unless 
otherwise indicated. Odd parity is denoted by the superscript ‘o’. 
Relative strengths are given as power output from a commercial 
Spectra-Physics model 2080-25S argon ion laser. 

°These lines may oscillate simultaneously with the nearby strong 
line, but are not resolved easily in the output beam. 
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Figure 2 Schematic representation of energy levels in neutral 
and singly ionized argon, indicating alternative pathways for 
excitation and de-excitation of the argon ion laser levels. 


are found in the Further Reading section. While a 
completely quantitative picture of argon ion laser 
operation is lacking to this day, the essential processes 
are known. Briefly, the 4p upper levels are populated 
by three pathways, as illustrated in Figure 2: 


(i) by electron collision with the 3p° neutral ground 
state atoms. This ‘sudden perturbation process’ 
requires at least 37 eV electrons, and also singles 
out the 4p *P$, upper level, which implies that 
only the 476 and 455 nm lines would oscillate. 
This is the behavior seen in pulsed discharges at 
very low pressure and very high axial electric 
field. This pathway probably contributes little to 
the 4p population under ordinary continuous 
wave (cw) operating conditions, however. 

(ii) by electron collision from the lowest-lying s and d 
states in the ion, denoted M(s,d) in Figure 1. This 
only requires 3-4 eVelectrons. These states have 
parity-allowed transitions to the ion ground state, 
but are made effectively metastable by radiation 
trapping (that is, there is a high probability that 
an emitted photon is re-absorbed by another 
ground state ion before it escapes the discharge 
region), or by requiring IAJ| to be 2 to make the 
transition (forbidden by quantum selection 
rules). Thus, these levels are both created and 
destroyed primarily by electron collision, causing 
the population of the M(s,d) states to follow the 
population of the singly ionized ground state, 
which, in turn, is approximately proportional to 
the discharge current. Since a second electron 
collision is required to get from the M(s,d) states 
to the 4p states, a quadratic variation with 
current for the laser output power would be 
expected, and that is what is observed over some 
reasonable range of currents between threshold 
and saturation. Note that radiative decay from 
higher-lying opposite-parity p and f states, 
denoted X(p,f), can also contribute to the 
population of M(s,d), but the linear variation in 
population of the M(s,d) with discharge current is 
assured by electron collision creation and 
destruction. 
by radiative decay from higher-lying opposite- 
parity s and d states, denoted C(s,d). These states 
are populated by electron collision with the 3p° 
ion ground states, and thus have populations 
that also vary quadratically with discharge 
current. The contribution of this cascade process 
has been measured to be 20% to 50% of the 4p 
upper laser level population. 


(iii) 


Note that it is not possible to distinguish between 
processes (ii) and (iii) by the variation of output 
power with discharge current; both give the observed 
quadratic dependence. 

The radiative lifetimes of the 4s 7P levels are 
sufficiently short to depopulate the lower laser levels 
by radiative decay. However, radiation trapping 
greatly lengthens this decay time, and a bottleneck 
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can occur. In pulsed ion lasers, this is exhibited by the 
laser pulse terminating before the excitation current 
pulse ends, which would seem to preclude continuous 
operation. However, the intense discharge used in 
continuous operation heats the ions to the order of 
2300 K, thus greatly Doppler broadening the absorp- 
tion linewidth and reducing the magnitude of the 
absorption. Additionally, the ions are attracted to the 
discharge tube walls, so that the absorption spectrum 
is further broadened by the Doppler shift due to their 
wall-directed velocities. The plasma wall sheath gives 
about 20 V drop in potential from the discharge axis 
to the tube wall, so most ions hit the wall with 20 eV 
of energy, or about ten times their thermal velocity. 
A typical cw argon ion laser operates at ten times 
the gas pressure that is optimum for a pulsed laser, 
and thus the radiation trapping of the 4s — 3p° 
transitions is so severe that it may take several 
milliseconds after discharge initiation for the laser 
oscillation to begin. 

As the discharge current is increased, the intensities 
of the blue and green lines of Ar II eventually saturate, 
and then decrease with further current. At these high 
currents, there is a buildup in the population of 
doubly ionized atoms, and some lines of Ar III can be 
made to oscillate with the appropriate ultraviolet 
mirrors. Table 2 lists the strongest of these lines, those 
that are available in the largest commercial lasers. 
Again, there is no quantitative model for the 
performance in terms of the discharge parameters, 
but the upper levels are assumed to be populated 
by processes analogous to those of the Ar II laser. 


Table 2 Ultraviolet argon ion laser wavelengths 


At still higher currents, lines in Ar TV can be made to 
oscillate as well. 

Much less research has been done on neon, 
krypton, and xenon ion lasers, but it is a good 
assumption that the population and depopulation 
processes are the same in these lasers. Table 3 lists 
both the Kr II and Kr III lines that are available from 
the largest commercial ion lasers. Oscillation on lines 
in still-higher ionization states in both krypton and 
xenon have been observed. 


Operating Characteristics 


A typical variation of output power with discharge 
current for an argon ion laser is shown in Figure 3. 
This particular laser had a 4 mm diameter discharge 
in a water-cooled silica tube, 71 cm in length, with a 
1 kG axial magnetic field. The parameter is the argon 
pressure in the tube before the discharge was struck. 
Note that no one curve is exactly quadratic, but that 
the envelope of the curves at different filling pressures 
is approximately quadratic. At such high discharge 
current densities (50 A in the 4 mm tube is approxi- 
mately 400 A/cm?) there is substantial pumping of 
gas out of the small-bore discharge region. Indeed, a 
return path for this pumped gas must be provided 
from anode to cathode ends of the discharge to keep 
the discharge from self-extinguishing. The axial 
electric field in this discharge was 3—5 V/cm, so the 
input power was of the order of 10 to 20 kW, yielding 
an efficiency of less than 0.1%, an unfortunate 
characteristic of all ion lasers. 





Wavelength (nanometers) Spectrum Transition? Relative strength’ (Watt) 
(upper level) — (lower level) 

275.392 HII (7D°)4p 'D2 > (?D°)4s 'DS 0.3 
275.6 ? ? 0.02 
300.264 HI (7P°)4p 'P, — (?P°)3d 'DS 0.5 
302.405 Tt (?P°)4p °D3 — (PP°)4s °PS 0.5 
305.484 III (7P°)4p °D2 > (7P°)4s SPS 0.2 
333.613 HII (7D°)4p °F, — (?D°)4s DS 0.4 
334.472 HII (7D°)4p °F3 — (*D°)4s D8 0.8 
335.849 HI (7D°)4p °F — (7D°)4s °DF 0.8 
350.358 TH (7D°)4p °Dz — (7D°)4s *DS 0.05 
350.933 HII (*S°)4p Py — (48°)4s 383 0.05 
351.112 Tt (*S°)4p °P2 — (48°)4s S$? 2.0 
351.418 Hl (4S°)4p P; — (48°)4s 389 0.7 
363.789 III (7D°)4p 'F3 > (?D°)4s 'DS 2.5 
379.532 HI (7P°)4p °D3 > (2P°)3d SPS 0.4 
385.829 I (7P°)4p 8D2 > (7P°)3d SPF 0.15 
390.784 TT (?P°)4p 8D, — (?P°)3d SP8 0.02 
408.904 IV? ? 0.04 
414.671 TH (7D°)4p °P2 — (7P°)4s PS 0.02 
418.298 HI (7D°)4p 'P, > (7D°)4s 'D$ 0.08 


All levels are denoted in L—S coupling with the core shown in (). Odd parity is denoted by the superscript ‘o’. 
Relative strengths are given as power output from a commercial Spectra-Physics model 2085-25S argon ion laser. 
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Table 3 Krypton ion laser wavelengths 


Wavelength (nanometers) 


Spectrum 


Transition? 


(upper level) — (lower level) 


Relative strength’ (Watt) 





337.496 
350.742 
356.432 
406.737 
413.133 
415.444 
422.658 
468.041 
476.243 
482.518 
520.832 
530.865 
568.188 
631.024 
647.088 


(?P°)5p °Dg — (°P°)5s P32 


676.442 ll 
752.546 ll 
793.141 ll 
799.322 ll 


(4S°)5p °P2 — (4S°)5s °S9 1.5 
(4S°)5p °P, — (4S°)5s 3°89 0.5 
(7D°)5p 'Fs > (2D°)5s 'DS 0.9 
(4S°)5p SPs = (48°)5s 3S? 1.8 
(?7D°)5p °F, — (7D°)5s 'DS 0.3 
(°D°)5p °F2 — (°7D°)4d °DF - 
(P)5p *S32 > PP)5s *P 2 0.5 
(@P)5p "D8 > (°P)5s Pio 0.4 
(°P)5p *83/2 > (°P)5s *Pij2 0.4 
@P)5p {P30 =. @P)5s “Pap _ 
(P)5p “P82 — (°P)5s “Paya 1.5 
(°P)5p “D8 = (P)5s Psp 0.6 
(7D°)5p *P2 — (7P°)4d SD, 0.2 
SP)5p {P85 = @P)5s Pap 3.0 
3P)5p APO _ (°P)5s Py 0.9 
P)5p 4P 30 > (°P)5s "Pip 1.2 
'D)Sp “F302 > (PP)Ad *Feyo aa 
P)5p “P32 > (°P)4d “Diy. 


All levels are denoted in L—S coupling with the core shown in (). Odd parity is denoted by the superscript ‘o’. 
Relative strengths are given as power output from a commercial Spectra-Physics model 2080RS ion laser. 


Technology 


With such high input powers required in a small 
volume to produce several watts output, ion laser 
performance has improved from 1964 to the present 
only as new discharge technologies were introduced. 
The earliest laboratory argon ion lasers used thin- 
walled (~1 mm wall thickness) fused silica discharge 
tubes, cooled by flowing water over the outside wall of 
the tube. The maximum input power per unit length of 
discharge was limited by thermal stresses in the silica 
walls caused by the temperature differential from 
inside to outside. Typically, ring-shaped cracks would 
cause the tube to fail catastrophically. Attempts to 
make metal—ceramic structures with alumina (Al,O3) 
discharge tubes to contain the plasma were made early 
on (1965) but were not successful. Such tubes 
invariably failed from fracture by thermal shock as 
the discharge was turned on. Later, successful metal-— 
ceramic tubes were made with beryllia (BeO), which 
has a much higher thermal conductivity than silica or 
alumina and is much more resistant to thermal shock. 
Today, all of the lower power (less than 100 mW 
output) are made with BeO discharge tubes. 
Some ion lasers in the 0.5 to 1 W range are also 
made with water-cooled BeO discharge tubes. 

A typical low-power air cooled argon ion laser is 
shown in Figure 4. The large metal can (2) on the 
right end of the tube contains an impregnated-oxide 
hot cathode, heated directly by current through 
ceramic feed-through insulators (3). The small 


(~1mm diameter) discharge bore runs down the 
center of the BeO ceramic rod (1), and several smaller 
diameter gas return path holes run off-axis parallel to 
the discharge bore to provide the needed gas 
equalization between cathode can and anode region. 
A copper honeycomb cooler is brazed to the cathode 
can, two more to the outer wall of the BeO cylinder, 
and one to the anode (4) at the left end of the tube. 
The laser mirrors (5) are glass-fritted to the ends of 
the tube, forming a good vacuum seal. Note that in 
this small laser, the active discharge bore length is less 
than half of the overall length. 

The very early argon ion lasers were made with 
simple smooth dielectric tubes, allowing the continu- 
ous variation in voltage along the length of the tube 
required by the discharge longitudinal electric field. 
However, this variation can be step-wise at the 
discharge walls, and still be more or less smooth 
along the axis. Thus, the idea arose of using metal tube 
segments, insulated one from another, to form the 
discharge tube walls. The first version of this idea 
(1965) used short (~1 cm) metal cylinders supported 
by metal disks and stacked inside a large diameter 
silica envelope, with each metal cylinder electrically 
isolated from the others. The tubes and disks were 
made of molybdenum, and were allowed to heat to 
incandescence, thus radiating several kilowatts of heat 
through the silica vacuum envelope to a water-cooled 
collector outside. While this eliminated the problems 
of thermal shock and poor thermal conductivity 
inherent in dielectric wall discharges, it made another 
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Figure 3. Laser output power (summed over all the blue and 
green laser lines) versus discharge current for a laser discharge 
4mm in diameter and 71 cm long, with a 1 kilogauss longitudinal 
magnetic field. The parameter shown is the argon fill pressure in 
mTorr prior to striking the discharge. The envelope of the curves 
exhibits the quadratic variation of output power with discharge 
current. 


problem painfully evident. The intense ion bombard- 
ment of the metal tube walls sputtered the wall 
material, eventually eroding the shape of the metal 
cylinders and depositing metal films on the insulating 
wall material, thus shorting one segment to another. 
Many different combinations of materials and 
configurations were investigated in the 1960s and 
1970s to find a structure that would offer good laser 
performance and long life. It was found that simple 
thin metal disks with a central hole would effectively 
confine the discharge to a small diameter (on the 
order of the hole size) if a longitudinal d-c magnetic 


field of the order of 1 kiloGauss were used. 
The spacing between disks can be as large as 2-4 
discharge diameters. Of the metals, tungsten has the 
lowest sputtering yield for argon ions in the 20 eV 
range (which is approximately the energy they gain 
in falling to the wall across the discharge sheath 
potential difference). An even lower sputtering yield 
is exhibited by carbon, and graphite cylinders 
contained within a larger diameter silica or alumina 
tube were popular for a while for ion laser 
discharges. Unfortunately, graphite has a tendency 
to flake or powder, so such laser discharge tubes 
became contaminated with ‘dust’ which could 
eventually find its way to the optical windows of 
the tube. Beryllia and silica also sputter under 
argon ion bombardment, but with still lower yields 
than metals or carbon; however, their smaller 
thermal conductivities limit them to lower-power 
applications. 

The material/configuration combination that has 
evolved for higher-power argon ion lasers today is to 
use a stack of thin tungsten disks with 2-3 mm 
diameter holes for the discharge. These disks, 
typically 1 cm in diameter, are brazed coaxially to a 
larger copper annulus (actually, a drawn cup with a 
1cm hole on its axis). A stack of these copper/ 
tungsten structures is, in turn, brazed to the inside 
wall of a large diameter alumina vacuum envelope. 
The tungsten disks are exposed to and confine the 
discharge, while the copper cups conduct heat 
radially outward to the alumina tube wall, which, 
in turn, is cooled by fluid flow over its exterior. Thus, 
the discharge is in contact only with a low-sputtering 
material (tungsten) while the heat is removed by a 
high thermal conductivity material (copper). Details 
differ among manufacturers, but this ‘cool disk’ 
technology seems to have won out in the end. A 
photo of a half-sectioned disk/cup stacked assembly 
from a Coherent Innova™ ion laser is shown in 
Figure 5. The coiled impregnated-tungsten cathode is 
also shown. 

Sputtering of the discharge tube walls is not 
uniform along the length of the gas discharge. The 
small diameter region where the laser gain occurs is 
always joined to larger diameter regions containing 
cathode and anode electrodes (as shown in Figure 5, 
for example). A plasma double sheath (that is, a 
localized increase in potential) forms across the 
discharge in the transition region between large and 
small diameter regions (the discharge ‘throats,’ 
which may be abrupt or tapered). This sheath is 
required to satisfy the boundary conditions between 
the plasmas of different temperatures in the different 
regions. Such a double sheath imparts additional 
energy to the ions as they cross the sheath, perhaps 
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Figure 4 A typical commercial low-power, air-cooled argon ion laser. The cathode can (2) is at the right and the beryllia bore (1) and 
anode (4) is at the left. The cathode current is supplied through ceramic vacuum feed-throughs (3). Mirrors (5) are glass fritted onto the 


ends of vacuum envelope. (Photo courtesy of JDS Uniphase Corp.) 
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Figure 5 Discharge bore structure of a typical commercial high-power argon ion laser, the Coherent Innova™. Copper cups are 
brazed to the inner wall of a ceramic envelope, which is cooled by liquid flow over its outer surface. A thin tungsten disk with a small hole 
defining the discharge path is brazed over a larger hole in the bottom of the copper cup. Additional small holes in the copper cup near 
the ceramic envelope provide a gas return path from cathode to anode. Also shown is the hot oxide-impregnated tungsten cathode. 


(Photo courtesy of Coherent, Inc.) 


an additional 20 eV. When these ions eventually hit 
the discharge walls near the location of the sheath, 
they have 40 eV of energy rather than the 20 eV 
from the normal wall sheath elsewhere in the small 
diameter discharge. Sputtering yield (number of 
sputtered wall atoms per incident ion) is exponen- 
tially dependent on ion energy in this low ion 
energy region, so the damage done to the wall in 
the vicinity of the ‘throat’ where the double sheath 


forms may be more than ten times that elsewhere in 
the small diameter bore region. This was the 
downfall of high-power operation of dielectric 
discharge bores, even BeO; while sputtering was 
acceptable elsewhere in the discharge, the amount 
of material removed in a small region near the 
discharge throat would cause catastrophic bore 
failure at that point. This localized increase in 
sputtering in the discharge throat is common to all 
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ion lasers, including modern cooled tungsten disk 
tubes. Eventually, disks near the throat are eroded 
to larger diameters, and more material is deposited 
on the walls nearby. Attempts to minimize localized 
sputtering by tapering the throat walls or the 
confining magnetic field have proven unsuccessful; 
a localized double sheath always forms somewhere 
in the throat. Because of the asymmetry caused by 
ion flow, the double sheath is larger in amplitude in 
the cathode throat than the anode throat, so that 
the localized wall damage is larger at the cathode 
end of the discharge than at the anode end. 

Another undesirable feature of sputtering is that 
the sputtered material ‘buries’ some argon atoms 
when it is deposited on a wall. This is the basis of the 
well-known Vac-Ion® vacuum pump. Thus, the 
operating pressure in a sealed laser discharge tube 
will drop during the course of operation. In low- 
power ion lasers, this problem is usually solved by 
making the gas reservoir volume large enough to 
satisfy the desired operating life (for example, the 
large cathode can in Figure 4). In high-power ion 
lasers, the gas loss would result in unacceptable 
operating life even with a large reservoir at the fill 
pressure. Thus, most high-power ion lasers have a gas 
pressure measurement system and dual-valve 
arrangement connected to a small high-pressure 
reservoir to ‘burp’ gas into the active discharge 
periodically to keep the pressure within the operating 
range. Unfortunately, if a well-used ion laser is left 
inoperative for months, some of the ‘buried’ 
argon tends to leak back into the tube, with the 
gas pressure becoming higher than optimum. The 
pressure will gradually decrease to its optimum 
value with further operation of the discharge (in 
perhaps tens of hours). In the extreme case, the gas 
pressure can rise far enough so that the gas discharge 
will not strike, even at the maximum power 
supply voltage. Such a situation requires an external 
vacuum pump to remove the excess gas, usually a 
factory repair. 

In addition to simple dc discharges, various other 
techniques have been used to excite ion lasers, 
primarily in a search for higher power, improved 
efficiency and longer operating life. Articles in the 
Further Reading section give references to these 
attempts. Radio-frequency excitation at 41 MHz 
was used in an inductively coupled discharge, with 
the laser bore and its gas return path forming a 
rectangular single turn of an air-core transformer. 
A commercial product using this technique was 
sold for a few years in the late 1960s. Since this 
was an ‘electrode-less’ discharge, ion laser lines in 
reactive gases such as chlorine could be made to 
oscillate, as well as the noble gases, without 


‘poisoning’ the hot cathode used in conventional 
dc discharge lasers. A similar electrode-less dis- 
charge was demonstrated as a quasi-cw laser by 
using iron transformer cores and exciting the 
discharge with a 2.5 kHz square wave. Various 
microwave excitation configurations at 2.45 GHz 
and 9 GHz also resulted in ion laser oscillation. 
Techniques common to plasma fusion research 
were also studied. Argon ion laser oscillation was 
produced in Z-pinch and @-pinch discharges and 
also by high-energy (10-45 keV) electron beams. 
However, none of these latter techniques resulted 
in a commercial product, and all had efficiencies 
worse than the simple dc discharge lasers. 

It is interesting that the highest-power output 
demonstrations were made in less than ten years 
after the discovery. Before 1970, 100 W output on the 
argon blue-green lines was demonstrated with dc 
discharges two meters in length. In 1970, a group in 
the Soviet Union reported 500 W blue-green output 
from a two-meter discharge with 250 kW of dc 
power input, an efficiency of 0.2%. Today, the highest 
output power argon ion laser offered for sale is 50 W 
output. 


Manufacturers 


More than 40 companies have manufactured ion 
lasers for sale over the past four decades. This field 
has now (2004), narrowed to the following: 


Coherent, Inc. 
INVERSion Ltd. 
JDS Uniphase 
Laser Physics, Inc. 


http://www.coherentinc.com 

http://inversion.iae.nsk.su 

http://www.jdsu.com 

http://www. laserphysics.com 

Laser Technologies 
GmbH 

LASOS Lasertechnik 
GmbH 

Lexel Laser, Inc. 

Melles Griot 

Spectra-Physics, Inc. http://www.spectraphysics.com 


http://www.lg-lasertechnologies.com 
http://www.LASOS.com 


http://www.lexellaser.com 
http://lasers.mellesgriot.com 
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Optical fiber lasers were first demonstrated in the 
1960s, and since then have developed to become 
versatile optical sources with many desirable proper- 
ties. Aided by developments in associated technol- 
ogies, such as fiber design and fabrication methods, 
semiconductor pump diode technology, and fiber- 
coupled and in-fiber components such as Bragg 
grating filters, optical fiber lasers now compete 
with other laser technologies in many applications, 
from telecommunications to materials processing. 
An optical fiber laser is fundamentally an optical 
oscillator, which converts input pump power to 
coherent optical output power at one or more well- 
defined wavelengths. Optical oscillators require two 
basic elements: optical gain, and optical feedback. 
For sustained oscillation to occur the round-trip 
gain in the laser cavity must be unity, and the round- 
trip phase a multiple of 27. In optical fiber lasers the 
optical gain is provided by an optical fiber amplifier 
using one or a combination of fundamental physical 
processes, e.g., stimulated emission, stimulated 
scattering, or nonlinear parametric processes. Early 
fiber amplifiers used stimulated Raman scattering to 
produce optical gain; however, rare-earth-doped 
fiber amplifiers, in which gain is provided by 
stimulated emission, are now more common. The 
reader is referred to Optical Amplifiers: Erbrium 
Doped Fiber Amplifiers for Lightwave Systems, for 
more details on doped fiber amplifiers, and to 
Scattering: Stimulated Scattering, Nonlinear Optics, 
Applications: Raman Lasers, Optical Parametric 
Devices: Optical Parametric Oscillators (Pulsed), 
and Scattering: Raman Scattering, for more details 
on stimulated scattering and parametric gain pro- 
cesses. Optical feedback may be provided in two 
fundamental ways, e.g., by using a closed ring of 
fiber, or from reflections from nonuniformities and 


Dunn MH and Ross JN (1976) The argon ion laser. In: 
Sanders JH and Stenholm S (eds) Progress in 
Quantum Electronics, vol. 4, pp. 233-269. New York: 
Pergamon. 

Weber MJ (2000) Handbook of Laser Wavelengths. 
Boca Raton, FL: CRC Press. 


discontinuities in the waveguide such as in Bragg 
grating filters or at fiber ends. The reader is referred 
to Fiber Gratings for more details on fiber Bragg 
gratings. 

The main advantages of optical fiber lasers are 
derived from the confinement of the pump and signal 
in a small optical waveguide. In contrast with bulk 
lasers, the pump intensity in the fiber waveguide is 
largely independent of the laser length, resulting in 
large amplifier gain and low laser threshold, even for 
gain media with small absorption and emission cross- 
sections. The large gain enables lossy elements such as 
optical fiber-coupled devices and bulk optical 
elements to be incorporated into the laser cavity, 
providing additional control over the optical signal 
being generated. To obtain a large gain optical fiber 
amplifiers must usually be relatively long (i.e., from 
several centimeters to many meters), and so the linear 
and nonlinear properties of the fiber waveguide can 
have a significant influence on the optical signal being 
generated, resulting in some interesting and useful 
phenomena, e.g., as in soliton fiber lasers. The reader 
is referred to Fiber and Guided Wave Optics: Optical 
Fiber Cables, for fiber-based components, to Fiber 
and Guided Wave Optics: Dispersion, Light Propa- 
gation, and Nonlinear Effects (Basics), for a review of 
the linear and nonlinear properties of optical fibers, 
and to Solitons: Soliton Communication Systems, and 
Temporal Solitons, for the theory and applications of 
temporal solitons. 

Whilst optical fibers may be fabricated in a range of 
materials, including polymer and _ crystalline 
materials, most fibers and fiber lasers are currently 
made of silica containing rare-earth ion dopants — see 
Fiber and Guided Wave Optics: Fabrication of 
Optical Fiber, for details. Lasers in silica optical 
fiber have much in common with other glass-host 
lasers, including a wide range of potential pump and 
lasing wavelengths, and broadband absorption and 
gain due to homogeneous and inhomogeneous broad- 
ening of the lasing energy levels in the amorphous 
glass host. For example, erbium-doped amplifiers in 
alumino-silicate glass fibers at room temperature 
have lasing transitions with homogeneous and 
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Table 1 


Rare earth dopant Pump wavelengths [nm] 


Signal wavelengths [nm] 


Commonly used pump and signal transitions in rare-earth doped fiber lasers 


Excited state lifetime [ms] Energy levels 





Praseodymium 480, 585 885, 1080 0.1 4 
Neodymium 590, 800 920 (900-950) 0.5 3 
1060 (1055-1140) 4 
Samarium 488 651 1.5 4 
Holmium 455, 650, 1150 2040 0.6 3 
Erbium 800, 975, 1480 1550 (1530-1610) 10 3 
Thulium 790, 1210 (1060-1320) 1480 (1460-1520) 
1850 (1650-2050) 0.3 3 
Ytterbium 920 (840-980) 975 0.8 3 
1040 (1010-1160) 4 
Laser cavity 





S splice 





splice >) S 


Pump Signal Rare-earth doped fiber Output Pump Signal 
input reflector amplifier coupler reflector output 
ap 7S F(Ag) ~ 100% Flag) <100% AlA)~100% Ag 


Figure 1 Example of a simple all-fiber optical oscillator. The rare-earth doped fiber provides optical gain, and the Bragg gratings 


provide narrowband optical feedback. 


inhomogeneous linewidths of several nanometers, 
and can be optimized to provide around 30 dB gain 
over an 80 nm bandwidth centered around 1570 nm. 
The large gain-bandwidth is useful for achieving 
either wide tunability of the lasing wavelength and/or 
ultrashort pulse generation. Table 1 summarizes the 
most commonly used pump and signal transitions for 
a range of rare-earth dopants in silicate optical fibers. 

Other desirable properties of silica fiber lasers 
include high efficiency, excellent thermal dissipation, 
substantial energy storage, high power capability, and 
compatibility with a wide range of optical fiber 
devices and systems. The characteristics of optical 
fiber lasers can be optimized for some very different 
applications, ranging from narrow linewidth and 
low-noise lasers to broadband pulsed lasers with high 
energy and/or high peak power. In the following 
sections the fundamentals of laser theory as applied to 
fiber lasers will be reviewed, highlighting the reasons 
underlying such versatility. 


Fiber Laser Fundamentals 


An example of a simple all-fiber laser is shown 
schematically in Figure 1. The laser contains the basic 
elements of optical gain (e.g., a rare-earth doped fiber 
amplifier) and optical feedback (e.g., a pair of Bragg 
grating filters). In the laser shown, the two Bragg 
gratings provide optical feedback only over a narrow 
range of wavelengths, which further restricts the 


range of possible lasing wavelengths. One grating 
must have a reflectivity less than unity to allow a 
proportion of the lasing signal to be coupled out of 
the laser cavity. At threshold, the gain in the amplifier 
exactly compensates for the loss in the output coupler. 

The optical pump, typically from a semiconductor 
laser diode, is absorbed as is propagates along the 
fiber amplifier, e.g., by rare-earth ion dopants, which 
are raised to an excited state. The absorbed energy is 
stored and eventually emitted at a longer wavelength 
by either spontaneous or stimulated emission. Spon- 
taneous emission produces unwanted noise and is 
associated with a finite excited state lifetime, whilst 
stimulated emission produces optical gain provided 
the gain medium is ‘inverted’, i.e., with more active 
ions in the upper lasing energy level than the lower 
lasing energy level. In practice some energy is also lost 
to nonradiative (thermal) emissions, e.g., in the 
transfer of energy between the pump and upper 
lasing energy levels. In an ideal gain medium the 
nonradiative transfer rate between the pump and 
upper lasing energy levels is much larger than the 
spontaneous or stimulated emission rates, so the 
inversion may usually be assumed to be independent 
of nonradiative transfer rates. Energy level diagrams 
for three- and four-level atoms are shown in Figure 2. 

The local optical gain coefficient (i.e. power gain 
per unit length, in nepers”) in a fiber amplifier is 
proportional to the local inversion, i.e., g(z) ~ 0s 
AN(z), where os is the emission cross-section at the 
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HFSS [43] was used to simulate the presented antenna and to find the correct capacitive and 
inductive components for frequency tuning before the optimized design was fabricated. The simulated 
antenna resonances occur at 438 MHz and 445 MHz. At these frequencies, the radiation efficiency is 
20% and a peak gain of —6 dBi. The rectifying part of the rectenna consists of L-matched HSMS-285C 
diodes (Figure 17(c)). The L-matched HSMS-285C part of the rectenna can be engineered to be as 
small as possible if required. The separate parts of the rectenna were characterized by terminating their 
ends and measuring the individual reflection coefficients just like the power converters presented in 
Section 2. Figure 18 shows the measured antenna and matched rectifier individual S;; and impedance. 
Figure 18 (left) also show the HFSS simulated S;; results. From Figure 18 (right), the measured 
antenna resonance where the input impedance is at maximum is ~434 MHz. At ~434 MHz, 
the antenna input resistance is 376 Q and the reactive impedances approach their extreme (so called 
anti-resonance). The other resonance occurs when the input resistance is ‘finite’ and the reactive 
impedance is zero; at ~441 MHz. The input resistance is 57 Q at ~441 MHz. The rectifier circuit is 
matched for the antenna’s resistance at ~441 MHz. 


Figure 18. Antenna HFSS simulated, antenna measured, and measured L-matched diode 
rectifier S;, on a Duroid 5880 PCB for —30 dBm input (left), Measured open circuit input 
impedance of antenna and rectifier at -30 dBm input (right). 
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3.1. EM Range Results and Discussion 


At far field between wireless EM transmitting and receiving antenna, the coupling mechanism 
between the transmitting and receiving antenna is neither capacitive nor inductive as is the case for the 
RF to DC converters. The coupling is radiative which can be described by the Friis equation of 
transmission on the assumption that the transmitting and receiving antenna are in free space [44]. 
A modified Friis equation for a transmitting and receiving antenna at far-field (R >> A and 
R >> transmitting antenna largest dimension) to each other at a specified direction is given by 
Equation (43) [45]. Equation (43) assumes real world open space conditions: 


r A 


2 
eT EG) | , 
P ent Ty { 4) (43) 
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Figure 2 Energy level diagrams for three- and four-level laser 
transitions. Wrepresents the probability of an optical transition per 
unit time associated with stimulated absorption or emission, and 
1/7 is the rate of spontaneous emission. Dotted lines represent 
nonradiative transitions (e.g., between the pump and upper lasing 
level). 


signal wavelength, and AN(z) the difference in 
population density between the upper and lower 
lasing energy levels (AN > 0 if the gain medium is 
inverted). The local inversion can be calculated by 
solving the rate equations including all stimulated 
and spontaneous transitions between the laser energy 
levels. The end-to-end amplifier power gain, 
G = Ps(La)/Ps(0), in length La of amplifying fiber 


is then 
Ly 
G= ex I, 2(z) ae | [ 


which in decibels is 


= 
a 


La 
G= 4.34 | 2(z) dz 
0 


A large gain coefficient is desirable for amplifica- 
tion with minimal added noise (i.e., low noise figure), 
and a large gain per unit pump power is desirable for 
low threshold lasing. For a given gain medium the 
only factor usually accessible to control the inversion 
and hence gain is the pump rate, i.e., the rate at which 
pump energy is absorbed by the gain medium, which 
for an unbleached amplifier is proportional to pump 
intensity. For example, in an ideal four-level unsatu- 
rated laser medium with uniform pump intensity, the 
small signal gain is approximately 


PrabsT 
: 2 
hvpA 





Ly 
fi 2(z) dz = os 


in which 7 is the lifetime of the upper lasing level, 
Ppaps is the pump power absorbed in the fiber 
amplifier with cross-sectional area A, h is Planck’s 
constant, and pp is the pump frequency. 

For a three-level laser under the same conditions, 
the small signal gain is 


2Prabs T 
bh vpA 





La 
I, 2(Z) dz ~ —asNLay + Os 


in which the first term corresponds to ground state 
absorption of the signal, in which N is the dopant ion 
density, and the factor of 2 in the second term is due 
to the fact that in an ideal three-level system every 
absorbed pump photon increases the inversion, AN, 
by two. Equation [3] can be approximated by 
multiplying [2] by the factor (Ppaps — Ppsat)/(Ppabs + 
Ppsat), Where Pp. = PvpAM opt) is the pump power 
which must be absorbed to reduce the pump 
absorption coefficient to half its unpumped value 
(or the signal absorption coefficient to zero), and op is 
the pump absorption cross-section. Unlike four-level 
lasers in which gain is available as soon as pump 
power is applied, three-level lasers require half the 
active ions to be excited before the inversion becomes 
positive and gain is produced. 

The main advantages of optical fiber amplifiers are 
now clear; in an optical fiber waveguide the light is 
confined in a very small cross-sectional area, typically 
less than ten microns diameter. Consequently even a 
small coupled pump power can have a large intensity 
and produce a large gain coefficient, or low laser 
threshold. Even if the pump absorbed per unit length 
in the fiber amplifier is small (e.g., due to low dopant 
concentration or low absorption coefficient), this can 
often be compensated by using a long length of fiber 
with small intrinsic loss. Furthermore, rare-earth 
dopants have relatively long metastable state life- 
times, 7, which further assists in producing a large 
inversion throughout the fiber, and hence large 
overall gain or low lasing threshold, even at low 
pump powers. For example, a typical four-level 
neodymium doped fiber amplifier providing gain at 
As = 1.06 um, pumped at Ap = 0.8 pm, with core 
diameter 7pm, 7=0.5 ms, os = 1.4X10°7° cm’, 
and op = 23 x 10-2! cm, could theoretically provide 
a small signal gain of 0.3 dB for every milliwatt of 
absorbed pump power. 

Whilst the above analysis highlights the main 
advantages of fiber amplifiers, it is approximate in a 
number of respects. For example, eqns [2] and [3] 
assume both pump and signal have a uniform 
intensity distribution across the gain medium, and 
completely overlap. In single mode optical fibers the 
intensity distribution across the fiber core is not 
uniform but approximately Gaussian, with a width 
and effective area that depends on the numerical 
aperture of the waveguide and the wavelength. 
Consequently the overlap of the pump and signal 
beams with the doped fiber core and with each other 
is less than 100%, and the pump and signal intensities 
are higher in the center of the fiber than at the core- 
cladding boundary. The nonuniform distribution of 
pump and signal beams slightly modifies both 
the gain efficiency and gain saturation behavior 
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(i.e., the dependence of gain on signal power) in fiber 
amplifiers. More accurate analysis would also take 
into account factors such as the rare-earth dopant 
distribution (which may not be uniform), the 
variation of pump and signal intensities along the 
fiber, spectral variation in the absorption and emis- 
sion cross-sections, spatial and spectral hole-burning 
in the gain medium, degeneracies in the energy levels, 
excited state absorption and other loss mechanisms, 
temperature, and spontaneous emission noise. 


Continuous Wave Fiber Lasers 


The ideal continuous wave (cw) laser converts input 
pump power with low coherence to a highly coherent 
optical output signal which is constant in amplitude 
and wavelength, with the spectral purity of the output 
(i.e., linewidth) limited only by cavity losses. Practical 
continuous wave lasers may be characterized by four 
parameters: the pump power required for the onset of 
oscillation (i.e., threshold); the conversion efficiency 
of pump to signal power above threshold; the peak 
wavelength of the optical output; and the spectral 
width of the optical output. Continuous wave fiber 
lasers often have a low threshold, high efficiency, and 
narrow linewidth relative to other types of laser. 
Output powers approaching 100 watts have been 
achieved using specialized techniques. 

The threshold power is determined by the total 
cavity loss and gain efficiency (i.e., gain per unit of 
absorbed pump power) of the fiber amplifier. For 
example, for the laser shown in Figure 1 the internal 
losses are minimal, and the pump power required to 
reach threshold may be calculated by setting the 
product of the round-trip small-signal gain, and 
the output mirror reflectivity, G?R, equal to unity. 
For the laser configuration shown in Figure 1, and 
using eqns [1] and [2] for a four-level laser, the pump 
power which must be absorbed in the amplifier for 
the laser to reach threshold is 





hyvpA 
Pa, = QeayLic we [4] 
OsT 
in which Lc is the cavity length, and a4, = Qint + 


+L ¢ In(1/R) is the total cavity loss per unit length, 
comprising both internal losses, aj,,, and outcoupling 
losses through a mirror with reflectivity R. For 
example, if the internal losses were negligible and 
the transmittance, T = 1 — R, of the output reflector 
in the laser shown in Figure 1 was 50% (i.e. 3 dB), 
and the other fiber parameters were the same as above 
(i.e. G = 0.3 dB/mW), then the laser threshold would 
be 5 mW. In three-level fiber lasers ground state 
absorption of the signal is usually the dominant loss 
mechanism which must be overcome before a net 


gain is produced, and hence the threshold of three- 
level lasers is given approximately by eqn [4] 
with adj, = osNLa2Lc, and increases with 
amplifier length. In either case the pump power 
required at the input of the laser to reach threshold, 
Pp(0), may be approximated using the relation 
Ppabs = Pp(O) — Pp(La) ~ Pp(0)[1 — exp(—opNLa)I. 

For either three- or four-level lasers pumped above 
threshold, the inversion of the gain medium remains 
at its threshold level as the internal round-trip gain 
must remain unity; however a coherent optical output 
signal at the peak emission wavelength grows from 
noise until its amplitude is limited by saturation of the 
amplifier gain. Provided the output coupling loss is 
not too large (e.g., T < 60%) such that the total 
signal intensity is constant along the whole length of 
the fiber amplifier, it can be shown that changes in 
pump power above threshold cause a proportional 
change in the signal power coupled out of the 





Fabry-Perot cavity in one direction, P¢.,,,, i.e. 
(1—R) v 
aie = 5 : (Ppabs Pry) [5] 
0 Vp 


in which 6) = 2aj,,2+1n1/R represents the total 
round-trip loss at threshold. The relationship 
between absorbed pump power and output signal 
power is shown schematically in Figure 3. The 
constant of proportionality is known as the slope 
or conversion efficiency, defined as = 
Psout/(Ppabs — Pry). In both three- and four-level fiber 
lasers with small intrinsic losses a;,, ~ 0, and small 
output coupling (i.e., R ~ 1), the slope efficiency can 
approach the intrinsic quantum efficiency, vs/rp. 
Sustained oscillation can only occur if the optical 
path length around the cavity is an integral number of 
wavelengths. Wavelengths satisfying this condition 
are called ‘modes’ of the cavity, determined by 


P Sout 


Slope = 7, 


P th Pos bs 


Figure 3 Representative plot of laser output power versus 
absorbed pump power. 
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2nLc = mAg, where n is the effective refractive index 
seen by light propagating in the cavity, Lc is the cavity 
length, m is an integer, and Ag is the free-space 
wavelength. In Figure 1, the cavity length comprises 
the amplifying fiber, and two Bragg grating filters 
which may be regarded as having an effective length 
(i.e., less than the actual grating length) which depends 
on the grating characteristics. In fiber lasers the cavity 
is typically between several centimeters and many 
meters in length, hence there are usually very many 
potential lasing modes within the gain-bandwidth of 
the amplifying medium. For example, in the 
Fabry-Perot cavity of Figure 1, if the cavity length 
was 5 meters, the mode spacing would be 
Vingl — Vy = Cl(2nLe) = 20 MHz, i.e. orders of mag- 
nitude less than the bandwidth of the optical amplifier. 

Ideally the first mode to reach threshold would 
determine the laser output wavelength and the 
spectral width, or linewidth, of the laser output 
would be Avy = hv/(2m76Psout), in which tc is the 
lifetime of photons in the cavity and determined by 
cavity losses, including outcoupling, and given by 
Tc = tr/e, where tp is the cavity round trip time and ¢ 
the fractional energy loss in the cavity per round trip. 
In practice, the linewidth is usually significantly larger 
than the latter theoretical limit due to transient lasing 
of different modes within the bandwidth of the 
optical amplifier and environmental perturbations 
to the fiber cavity. Fiber amplifiers typically have a 
large homogeneously broadened gain-bandwidth, 
and being long and flexible are susceptible to acoustic 
and thermal perturbations, hence care must be taken 
to physically stabilize the laser cavity to minimize 
both mode-hopping and the output linewidth. 

Whilst the CW laser shown in Figure 1 has the 
advantage of simple construction, it would not be 
ideal for narrow linewidth CW generation. The 
reason is that counterpropagating waves in the 
Fabry—Perot cavity form a standing wave, i.e., in 
which the local signal intensity varies due to 
interference between forward and backward propa- 
gating waves. The standing wave can cause spatial 
hole-burning in the gain medium (i.e., a spatial 
variation in gain, linked to the spatial variation in 
intensity) which in turn reduces the average gain for 
the lasing mode and promotes mode-hopping and 
hence spectral broadening of the output. 

A preferable arrangement for many fiber lasers is a 
traveling wave laser, which can be realized using a 
ring configuration, as shown in Figure 4. In this 
configuration the optical isolator ensures uni- 
directional lasing and avoidance of spatial hole- 
burning. Additional components in the cavity can 
include a wavelength selective coupler (WSC), i.e., to 
couple the pump wavelength into the laser cavity 
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Figure 4 Schematic of a traveling wave laser, useful for low 
noise continuous wave oscillation. The wavelength selective 
coupler (WSC) is required to couple pump power into the laser 
cavity without coupling signal out. 


whilst not coupling the signal wavelength out, and a 
narrowband filter (e.g. a small Fabry—Perot resona- 
tor) to further stabilize and/or narrow the lasing 
linewidth. Rare-earth doped fiber lasers with similar 
cavity configurations have been realized with line- 
widths of approximately 10 kHz, limited by environ- 
mental (e.g., acoustic) perturbations. 


Pulsed Fiber Lasers 


There are two main types of fiber laser useful for 
generating short high-power pulses: Q-switched 
lasers, and mode-locked lasers. Q-switched fiber 
lasers are useful for generating large energy pulses 
(e.g., microjoules) with very high peak power (e.g., 
kilowatts) with relatively long pulse duration 
(e.g., tens of nanoseconds), whilst mode-locked fiber 
lasers are typically capable of generating ultrashort 
pulses (e.g., sub-picosecond) with moderate energy 
(e.g., mnanojoules) and moderate-to-high peak 
power (e.g., tens of watts). Pulsed lasers typically 
produce less average output power than CW lasers 
(e.g., up to about 10 W). Both types of pulsed laser 
typically contain an element for loss modulation 
within the cavity, however the pulse generation 
mechanisms are very different. 

Q-switched lasers operate by rapid switching of the 
cavity loss. Whilst the intracavity loss is high and 
the laser below threshold, energy is transferred from 
the pump to the lasing medium. The long excited state 
lifetime and small emission cross-sections of rare- 
earth dopants assists greatly in the latter process, so 
that a significant amount of energy can be stored in 
long fiber amplifiers before amplification of spon- 
taneous emission noise begins to deplete the inver- 
sion. After the gain medium is fully inverted the cavity 
loss is suddenly reduced, and the laser is taken well 
above threshold, resulting in a rapid build-up of noise 
and the formation of a pulse which ideally extracts all 
the stored energy within a few round-trips in the laser 
cavity. The situation is shown schematically in 
Figure 5. 
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Figure 5 Pulse generation in a Q-switched laser. Initially the 
intracavity loss is high, the laser remains below threshold, and the 
inversion of the gain medium increases. When the intracavity loss 
is suddenly reduced, the laser goes well above threshold and 
spontaneous emission noise is rapidly amplified into a large pulse 
which extracts much of the energy previously stored in the gain 
medium. 


An upper limit on the pulse energy obtainable from 
a O-switched laser may be determined by assuming 
all active ions in the laser cavity are excited before the 
pulse is generated (i.e., at the time the cavity O is 
switched high), that no ions remain excited immedi- 
ately after the pulse is generated, and that the pulse 
generated is much shorter than the time required to 
pump all the ions into their excited state. The energy 
stored in the gain medium, and hence the maximum 
conceivable pulse energy, would then be E = hy NV, 
where N is the density of active ions and V is the 
cavity volume. For example, a typical erbium-doped 
fiber laser of length 10m and dopant density 
N= 10!’ ions/cm in a single-mode fiber with core 
diameter 7 wm could ideally store up to 500 pJ of 
energy. 

Two things limit the maximum inversion and 
energy storage achievable in practice: spontaneous 
emission noise (due to the finite excited-state lifetime) 
which is amplified and depletes the inversion, and 


unwanted feedback (e.g., due to the finite extinction 
ratio of the O-switching element) which results in cw 
lasing which limits the inversion. Following from 
eqns [1] and [2], the unidirectional gain per unit of 
stored energy in a fiber laser may be expressed as 
G = 4.341(A coreFsat) = 4-34/Esar decibels per joule, 
where F,,, = bv<s/os is the saturation fluence, and 
Egat = AsarFsat is the saturation energy. For example, 
if the maximum gain achievable before the onset of 
cw lasing was 30 dB (i.e., even when the O-switch 
introduces a large loss), then the maximum energy 
storable in the gain medium would be E = 6.9E,qx. 
For the same erbium-doped fiber parameters as used 
in the previous paragraph, the maximum storable 
energy would be E ~ 70 pJ. 

Only a proportion of the energy stored in the gain 
medium may usually be converted into a Q-switched 
output pulse. The actual O-switched pulse energy, 
duration, and peak power can be calculated by 
solving the rate equations for the photon flux and 
the population difference between the lasing energy 
levels in the gain medium. The equations must usually 
be solved numerically, however assuming the O 
changes much more rapidly than the pulse build-up 
time, which is in turn much shorter than the time 
taken for a significant change in inversion to either 
pumping or spontaneous emission, the pulse para- 
meters may be approximated analytically and are 
found to be determined by only two parameters, i.e., 
the population inversion (or stored energy) just before 
Q-switching, and the lifetime of photons within the 
cavity, Tc, defined previously. 

Under the conditions described above, standard 
analysis gives the Q-switched pulse duration as 


welt > 1) 

oo a ae ees Fe [6] 
where r is the ratio of the inversion just before O- 
switching (low QO) to the threshold inversion for cw 
lasing after O-switching (O high). In fiber lasers the 
gain can be very high, hence it is common for r > 1 
and almost all available energy stored in the gain 
medium is extracted as a O-switched laser pulse. The 
Q-switched pulse duration is then determined pri- 
marily by the cavity lifetime; shorter pulses can be 
obtained only by shortening the laser cavity and/or 
increasing the cavity loss. For example, for a 10m 
long ring cavity in which the sum of cavity and 
outcoupling losses is 10 dB and r>>1, the pulse 
duration would be Tptc = 22 ns. 

The exact proportion of energy stored in the gain 
medium that is converted to a Q-switched pulse 
depends on the number of energy levels in the lasing 
medium, the degeneracy of those levels, and the rate 
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of nonradiative energy transfer between those levels. 
For example, for an ideal three-level gain medium 
(e.g., erbium dopant) with no internal cavity losses 
the maximum available Q-switched pulse energy is 
half the stored energy, or Epuise = E/2. It can be 
shown that the peak of the output pulse power occurs 
as the inversion decreases through threshold, and may 
be approximated by dividing the pulse energy by the 
pulse duration. Even for moderate pulse energies the 
peak power is potentially very high. For the erbium- 
doped fiber laser parameters used previously, the peak 
pulse power would be approximately 1600 W, i.e., 
sufficient to cause significant spectral broadening of 
the output wavelength due to stimulated Raman 
scattering and other nonlinear effects within the 
optical fiber. 

Mode-locked lasers generate optical pulses by 
forcing many cavity modes to be locked in phase. 
As per Fourier theory, the pulse repetition rate is 
related to the spacing of the lasing modes, and the 
more modes that add coherently, the greater the pulse 
bandwidth and the shorter the transform-limited 
pulse duration. For example, the relationship 
between mode spacing and pulse repetition rate, 
and between the spectral and temporal envelopes of a 
train of Gaussian pulses is shown in Figure 6. 

In mode-locked lasers a nonlinear or time-varying 
element must be present which synchronously modu- 
lates the optical signal circulating in the cavity in 
amplitude or phase at a frequency which is a 
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Figure 6 Schematic showing the Fourier-transform relationship 
between an infinite train of Gaussian pulses and the lasing modes 
in a mode-locked laser. The temporal and spectral widths are 
measured full width at half the maximum intensity. 


harmonic of the cavity mode spacing. There are two 
main methods of mode locking: 


(i) active mode locking (e.g., by an electro-optic 
modulator), in which amplitude or phase modu- 
lation is driven by an external source; and 

(ii) passive mode locking (e.g., by a fast or slow 
saturable absorber), in which an element with 
nonlinear gain or loss responds to the optical 
signal in the laser cavity itself. 


In both cases the modulation provided by the 
mode-locking element distributes energy between 
neighboring modes, effectively injection-locking 
them in phase. A variation of mode locking tech- 
niques often present in fiber lasers is soliton mode- 
locking, in which the active or passive modulation is 
weak, and a balance between nonlinearity and 
dispersion is the dominant process underlying pulse 
formation. Hybrid mode-locking techniques can 
also be used to combine the best aspects of different 
pulse-generation methods. 

Whilst the latter frequency-domain view of mode 
locking is helpful, nonlinear effects are almost always 
significant in mode-locked fiber lasers, and hence the 
linear concept of a mode is not appropriate for 
detailed analysis. Hence it is usually preferable to 
describe pulse generation in mode-locked fiber lasers 
in the time domain; for stable operation the pulse at 
any point in the cavity must self-replicate after each 
round-trip, with the net effects of temporal and 
spectral loss, gain, dispersion and nonlinearity all 
canceling. 

An optical pulse propagating in a fiber laser is 
usually described by a slowly varying complex 
envelope, V(z, t), where |'V(z, t)|" is the instantaneous 
power in a frame of reference moving at the pulse 
group velocity, and arg[V(z,2)] is the instantaneous 
phase relative to the optical carrier. The various 
elements in the laser cavity, such as the passive fiber, 
optical fiber amplifier, filters, and mode-locking 
devices, each modify the complex pulse envelope as 
it propagates around the laser cavity. 

For example, in the absence of other effects, group 
velocity dispersion (GVD) causes different wave- 
lengths to travel at different velocities along the 
fiber, resulting in ‘chirping’ and temporal broadening 
of optical pulses by an amount proportional to the 
distance propagated. The effect can be described 
mathematically as the accumulation of a phase shift 
which is quadratic in frequency, i.e., V(z,@) = 
W(0, w) expliB.w72/2|. Taking the derivative with 
respect to propagation distance, and using d/dt= 
—iw, the incremental change in the complex envelope 
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with propagation distance is 
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If the GVD parameter, B, is positive then long 
wavelengths propagate faster than shorter wave- 
lengths, and the dispersion is called ‘normal’. If the 
reverse is true, the dispersion is ‘anomalous’. In 
standard single-mode step index optical fibers the 
dispersion passes through zero at wavelengths around 
1300 nm, and is anomalous for longer wavelengths. It 
is often necessary to control the net dispersion in a 
fiber laser, and this can be done by incorporating 
specially designed fibers with wavelength-shifted or 
otherwise modified dispersion characteristics, or by 
using chirped Bragg grating reflectors. 

Whilst silica is not commonly regarded as a 
nonlinear medium (i.e., in which the optical proper- 
ties are a function of the intensity of light), in 
ultrashort pulsed fiber lasers the peak powers are 
usually such that nonlinear effects cannot be ignored. 
In silica the main nonlinearity is associated with the 
Kerr effect, and is readily observed as an intensity- 
dependent refractive index, ic. n=) +n), 
where the nonlinear index, m, is typically 
about 3x 10~7° m?/W in silica fibers. Other non- 
linear effects related to the Kerr nonlinearity which 
can sometimes be important are cross-phase- 
modulation and four-wave mixing. In the absence 
of other effects, the nonlinear index results in self- 
phase modulation (SPM), or a phase shift in the 
optical carrier which is proportional to the 
instantaneous intensity of the signal. Mathe- 
matically, V(z, t) = (0, t)expliyl'¥(0, t)*z), in which 
Y = MW /(cA) is the nonlinear coefficient of the fiber, 
@o is the radian frequency of the optical carrier, and 
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A is the effective core area for the guided mode. The 
incremental change per unit length in the complex 
pulse envelope induced by self-phase modulation is 
then 

ie iy [8] 
0z 


For example, self-phase-modulation is used to realize 
a nonlinear switching element in the passively mode- 
locked laser cavity shown schematically in Figure 7. 
For obvious reasons the laser is called a ‘figure-8’ 
laser, though it is actually a ring laser into which a 
device known as a nonlinear amplifying loop-mirror 
(NALM) has been incorporated. The NALM acts as a 
fast saturable absorber, with transmittance dependent 
on the instantaneous optical intensity. The NALM 
operates as follows: light propagating through the 
optical isolator is divided equally into co- and 
counter-propagating waves in the loop-mirror on 
the right-hand side. The light propagating in a 
clockwise direction is amplified immediately, and 
propagates around the loop with high intensity, 
whilst the counter-clockwise propagating signal has 
a low intensity for most of its time in the loop. The 
difference in intensity means that the co- and counter- 
propagating waves experience different nonlinear 
phase shifts. When they are recombined at the 
coupler, high-intensity light is transmitted back into 
the ring, whilst low-intensity light is reflected back to 
the isolator, and lost. In this way the NALM provides 
both gain and a nonlinear transmittance which 
depends on the instantaneous power of the input, 


described by 
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Figure 7 Schematic of a ‘figure-8’ fiber laser. The laser is passively mode-locked by the nonlinear amplifying loop mirror on the right, 
which acts as a fast saturable absorber, transmitting and amplifying high-power optical signals whilst reflecting low optical power signals. 
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in which G is the linear gain of the amplifier, and L 
the loop length, P;,, is the input power, and T the ratio 
of transmitted power to input power. The nonlinear 
transmittance of the NALM promotes pulse for- 
mation and shortening in the laser cavity, and hence 
passively mode-locks the laser. The polarization 
controllers are to compensate for unwanted bire- 
fringence in the optical fiber, and to control the 
transmittance of the loop-mirror at low input powers. 
The fiber dispersion and nonlinearity, together with 
other factors, further influence the pulses generated in 
the laser, as described in the following paragraphs. 
The combined effects of dispersion and self-phase- 
modulation can give rise to some interesting and 
useful physical phenomena. In lossless optical fibers, 
or fiber lasers in which loss is balanced by gain, pulse 
propagation is described by the nonlinear Schrédinger 
equation (NLSE), i.e., a nonlinear wave equation 
including the effects of both group velocity dispersion 
and intensity-dependent refractive index. The NLSE 
may be derived by combining eqns [8] and [9], i.e. 
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+ yiP lp = 0 [10] 


It can be shown that if the dispersion is anomalous 
(RB. < 0) then for a particular shape of pulse envelope 
the distributed effects of dispersion and nonlinearity 
can exactly cancel, so dV/dz=0, and the pulse 
propagates without changing shape. Such pulses are 
called fundamental solitons, the solution for which is 
W(z, t) = Vo sech(t/Tp) exp[iz(2Lp)], in which the 
peak amplitude is Wp = 1//yLp, To is the pulse 
width parameter, and Lp = T}/B, is known as the 
dispersion length. For example, in a standard silica 
fiber at A=1.55 um, B) ~ —20ps*/km and 
y~10W 'km', hence a soliton with Ty = 1 ps 
would have peak power 2W and _ energy 
Eo = 2|B2|(yTo) = 4 pJ. The energy of a soliton is 
quantized, in that pulses with initial energy between 
0.5 and 1.5 times Ep can evolve into a fundamental 
soliton during propagation. Consequently solitons 
behave somewhat like particles, and are robust even in 
the presence of significant perturbations. The pulses 
which form spontaneously in the figure-8 fiber laser 
have many of the properties of solitons. 
Mode-locked fiber lasers, such as that shown in 
Figure 7, can often be described by a generalized 
nonlinear Schrédinger equation, in which extra terms 
are included in eqn [10] to account for the average 
effects of an excess linear gain or loss, nonlinear gain 
and loss (e.g., due to a saturable absorber), spectral 
filtering, and temporal modulation, etc. Assuming the 
effects of the added elements can be regarded as 
distributed over the length of the cavity rather than 


lumped, such that the envelope of any pulse generated 
in the laser does not change shape significantly as it 
propagates around the cavity, then the master 
differential equation describing propagation of an 
optical signal within a fiber laser which is passively 
mode-locked by a fast saturable absorber can be 
written 
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Equation [11] is known as the Ginzburg-Landau 
equation, which describes propagation of the normal- 
ized pulse envelope, U(é, 7), as a function of delayed 
time, 7, and normalized distance, £, and under the 
combined influence of group velocity dispersion 
(D = +1 for anomalous or normal group velocity 
dispersion, respectively), dispersion due to band- 
limiting by amplification in a homogeneously broad- 
ened gain medium (6> 0), nonlinear refractive 
index, nonlinear gain or loss (¢), linear gain (6), and 
quintic terms, yx and v, which if less than zero relate to 
saturation of the nonlinear gain and refractive index, 
respectively. Note that if the right-hand side of 
the equation is set to zero, and « = B = 0, then the 
equation reduces to the normalized form of the 
nonlinear Schrédinger equation. Stable pulses gener- 
ated within the laser are solutions of the above 
equation with dU/0¢ = 0, and hence the effect of all 
terms must balance. Consequently it is possible for 
stable pulses to be generated even with normal 
dispersion in the cavity, though the pulses are then 
generally strongly chirped, and have an envelope 
which is approximately Gaussian shaped rather than 
the hyperbolic secant shape expected with anomalous 
dispersion. Stable soliton-like pulses can be found by 
solving the Ginzburg-Landau equation for specific 
ranges of parameters. There are many numerical 
solutions, and some analytical solutions, but in 
general the dynamics of pulse formation and propa- 
gation in passively mode-locked fiber lasers can be 
quite complex, and for some sets of parameters 
remarkable and unexpected numerical solutions can 
be found. One such example which has been observed 
experimentally is the ‘exploding’ soliton, which 
unlike the usual soliton is periodically unstable, as 
shown in the plot of pulse evolution in Figure 8. 


Other Fiber Lasers 


The lasers discussed in the previous sections are 
indicative of the main types of fiber laser in terms of 
their output characteristics; however it should be 
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Figure 8 Two periods of the evolution of an exploding soliton 
found by numerical solution of the quintic Ginzburg—Landau 
equation with normalized parameters « = 1.0,5 = 0.1, B = 0.125, 
w= 0.1, and v= 0.6. The process never repeats itself exactly in 
successive ‘periods’; however the pulse always returns to the 
same shape. Such solutions cannot be found in analytic form; 
nevertheless they are as common as stationary pulse solutions 
and exist for a wide range of parameters. 


noted that there is a wide range of other fiber laser 
configurations with similar behaviors incorporating a 
variety of other fiber and/or bulk elements. For 
example, specially designed fibers in which the 
pump and/or signal has a large cross-sectional area 
can be used to realize fiber lasers with a high output 
power, comparable to that in many bulk laser 
systems. Linear and/or nonlinear processing of the 
output of fiber lasers can be used to increase their 
peak output power and/or pulse energy, or to change 
their output wavelength (i.e., by harmonic gener- 
ation) from that achievable in the laser cavity itself. In 
mode-locked fiber lasers it is now common to include 
passive semiconductor devices which provide a slow 
saturable absorber action to initiate and stabilize 
soliton mode-locking. 

It should also be noted that there are a number of 
fiber lasers which generate optical outputs using 
different or modified physical processes compared to 
those described in previous sections. For example, it is 
possible to realize up-conversion fiber lasers in which 
the output wavelength is shorter than the pump 
wavelength, multiwavelength fiber lasers (pulsed and 
cw) which produce outputs at several wavelengths 
simultaneously, and lasers with limited output coher- 
ence such as chaotic fiber lasers and broadband 
superfluorescent sources, etc. Lastly, whilst the rare- 
earth doped fiber lasers dealt with in previous sections 
have some very desirable properties, it should be 
recognized that optical fiber lasers based on other 
optical gain mechanisms, such as stimulated 


scattering and parametric effects, can also be realized 
(e.g., as in fiber Raman lasers, and fiber Brillouin 
lasers). In the latter cases the lasing wavelength is 
limited only by available pump wavelengths. The 
reader is referred to the references in the Further 
Reading for information on the wide range of fiber 
lasers that are possible in practice. 


List of Units and Nomenclature 


Absorption cross-section om [m~7] 
Amplifier length La [m] 
Area A [m7] 
Cavity length Le [m] 
Complex amplitude WV [wo] 
Dispersion length Lp [m] 
Distance z [m] 
Emission cross-section Oc [m7] 
Frequency v [Hz] 
Gain coefficient g [m'] 
Group velocity dispersion Bo [s’m *] 
Inversion ratio r 

Lifetime T [s] 

Loss coefficient a [m~*] 
Nonlinear coefficient y [m-'W ty 
Nonlinear refractive index n2 [m?W |] 
Number density N [m7 >] 
Power gain G 

Pump power Pp [W] 
Pump wavelength Ap [m] 
Reflectivity R 

Saturation energy Bg [J] 
Saturation fluence Feat [J.m~7] 
Signal power Ps [W] 
Signal wavelength As [m] 
Threshold power Pw [W] 
See also 


Fiber and Guided Wave Optics: Dispersion; Fabrication 
of Optical Fiber; Light Propagation; Nonlinear Effects 
(Basics); Optical Fiber Cables. Fiber Gratings. Lasers: 
Up Conversion Lasers. Nonlinear Optics, Applications: 
Raman Lasers. Optical Amplifiers: Basic Concepts; 
Erbrium Doped Fiber Amplifiers for Lightwave Systems. 
Optical Parametric Devices: Optical Parametric 
Oscillators (Pulsed). Solitons: Temporal Solitons. Scat- 
tering: Raman Scattering; Stimulated Scattering. Ultra- 
Fast Laser Techniques: Generation of Femtosecond 
Pulses. 
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Introduction 


Organic semiconductors, and conjugated polymers in 
particular, are emerging as an interesting new class of 
visible laser media. The polymers are electrolumines- 
cent, broadband visible emitters and exhibit large 
optical gain coefficients. As plastics, they are amen- 
able to simple processing, and can be shaped into 
complex structures. This combination of photonic, 
electronic, and processing properties make these 
materials extremely well suited to forming novel 
microlasers, with future prospects as inexpensive, 
plastic diode lasers operating throughout the visible 
spectrum. 


Conjugated Polymers 


Plastics are widely used in low-cost optical com- 
ponents such as lenses, diffraction gratings, optical 
fibers, and adhesives. Their common use derives from 
a combination of qualities: good optical transmission, 
a wide range of mechanical properties and simple 
fabrication via molding: extrusion or solution proces- 
sing. Functional optical polymers, including liquid 
crystals and photorefractives, have also been widely 
applied to polarization control and for nonlinear- and 
electro-optics. Conjugated polymers are a remarkable 
class of functional plastics that exhibit some unusual 
properties. Firstly, they are plastics that can conduct 
electricity; and in fact are electrically semiconducting. 
Secondly, they are plastics that can be stimulated 
either optically or electrically to emit visible light. 
These two unusual properties derive from a 
particular chemical structure specific to this family 
of plastics. In all conjugated polymers, the backbone 


of the molecule is a chain of carbon atoms joined 
by alternating single and double covalent bonds. 
The simplest example is illustrated in Figure 1a, 
which shows the chemical structure of the polymer 
poly(acetylene). Structural integrity of the polymer is 
provided by a string of single o-bonds between 
adjacent carbon atoms. The additional bonding 
electrons in the double bonds are located in 7-orbitals 
oriented perpendicular to the polymer chain. Adjacent 
q-orbitals overlap, and their electrons can be widely 
delocalized along the polymer backbone. The deloca- 
lized electrons can move relatively freely along the 
chain, giving the electronic properties of the material. 
The z-orbitals can be transformed between bonding 
and anti-bonding states by the absorption or emission 
of light, leading to strong optical transitions. While 
poly(acetylene) is a very inefficient light emitter, other 
conjugated polymers, notably those that include 
phenyl rings in the backbone (Figure 1b-—d), can 
be highly emissive. Photoluminescence quantum 


(a) n 





(d) CeHy7” CgH,7 


Figure 1 Chemical structures of several conjugated polymers. 
(a) poly[acetylene]; (b) poly[2-methoxy-5-(2’-ethylhexyloxy)-1,4- 
phenylene vinylene], (MEH-PPV); (c) ladder-type poly[1,4- 
phenylene], (MeLPPP); (d) poly[9,9-dioctylfluorene], (PFO). 
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efficiencies, approaching unity in solution and as high 
as 60% in the semiconducting solid state, have been 
realized. 


Organic Semiconductor Lasers 


While organic dye lasers have been widely used 
since the mid-1960s, the history of organic 
semiconductor lasers is much more recent. Other 
than a few early observations of lasing in 
molecular crystals in the 1970s by Karl and others, 
the field of organic semiconductor lasers began in 
earnest following the related discovery in 1990 by 
Burroughes et al. of electroluminescence in a 
conjugated polymer. In 1992, Moses demonstrated 
lasing for the first time in a solution of the 
conjugated polymer MEH-PPV (Figure 1b). How- 
ever, it was another four years — once material 
synthesis had been sufficiently refined — before 
stimulated emission and then true laser action were 
observed in polymers in the semiconducting 
solid state. In the following year the first demon- 
strations were made of dye-doped small molecular 
semiconductor lasers. Since that time, there has 
been a great growth in interest in the field with an 
average of ~30 research papers per year. Further 
details of the development of the field of organic 
semiconductor lasers can be found in the Further 
Reading. 

So what are the particular properties of conjugated 
polymers that have stimulated interest in developing 
organic semiconductor lasers? Firstly these materials 
are broadband visible emitters. Through appropriate 
chemical design, their emission can be tuned through- 
out the visible spectrum, from 400 nm to 700 nm 
(Figure 2). The polymers exhibit large optical gain 
coefficients, because the optical transitions are 
dipole-allowed. Compared with small molecular 
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Figure 2 Photoluminescence spectra of three commonly used 
conjugated polymers; chemical structures inset. 


dyes, polymers exhibit a relatively low degree of 
self-absorption of the emitted light, and much 
reduced quenching of the luminescence with 
increased concentration. This means that it is possible 
to work with much higher chromophore densities 
than conventional laser dyes, which is advantageous 
for achieving very low threshold lasing in extremely 
compact resonators. Furthermore, because these 
materials are semiconducting, they have the potential 
for direct electrical excitation. This could lead to 
semiconductor diode lasers operating throughout the 
visible spectrum and, in particular, in the blue and 
green spectral bands where currently there are few 
commercially viable inorganic semiconductor 
sources. Finally, these materials are plastics and so 
are amenable to simple processing, and can be shaped 
and structured into complex feedback resonators. 


Organic Semiconductor Gain 
Materials 


A great advantage of organic laser media is that a very 
wide range of materials can be readily synthesized, 
and through minor changes in the molecular structure 
one can relatively simply tune the emission properties 
of the material. Many different organic semiconduc- 
tors have been applied as lasers, though they 
fall into three major categories. These are 
conjugated polymers, dye-doped small molecular 
semiconductors, and molecular single crystals. 
Conjugated polymers make up the most diverse 
materials set, most notably including derivatives of 
poly(paraphenylene-vinylene), poly(paraphenylene), 
and poly(fluorene) (Figure 1b—d). The second cate- 
gory comprises small molecular semiconductors that 
are co-evaporated under vacuum with a dopant laser 
dye. In this blend of materials, the organic semi- 
conductor functions simply as an energy transfer host 
for the emitting dye molecules. In the third category 
are organic single crystals, including materials such as 
polyacenes and thiophene oligomers. These materials 
have the advantage of having the highest electrical 
mobilities of any organic semiconductors, which is 
important for electrical excitation. However, they can 
be demanding to grow into high-quality single 
crystals, and so lack the key processing advantages 
of the other families of organic semiconductors. 
Figure 3a shows a typical exciton energy level 
structure of a semiconducting polymer. Similar to a 
conventional laser dye, the energy levels comprise a 
manifold of singlet states and a manifold of triplet 
states, each with vibrational sublevels. The laser 
transition occurs from the bottom of the first excited 
singlet state S; to the vibronic overtones of the ground 
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where Pr is the power at the receiving antenna port, Pt is the power supplied at the transmitting 
antenna port, Fen; is a factor accounting for environmental effects as such ground reflections among 
others, Gt and Gr are the transmitting and receiving antenna gain (at specified direction) respectively. 
R is the distance between the transmitting and receiving antenna and / is the wavelength of the 
transmitting EM wave. The rectenna receiving range measurements were carried out in an open space 
(hall) with the antennas 2 m above ground level. The transmitting and receiving antennas were 
arranged in the direction of their peak gain. The rectenna range performance is shown in Figure 19. 
According to Equation (43), the efficiency of RF power transferred between a sending and receiving 
antenna depends on controllable factors like the gain of the antennas in the arranged direction and the 
radiation efficiency of the antennas. Since the receiving/transmitting antenna’s incorporated in remote 
harvesters for sensor powering are normally small in relation to their operating frequencies, they tend 
to be less efficient. 


Figure 19. Rectenna receiving range performance by sending 17 dBm (50 mW) at a gain 
of —6 dBi at 437 MHz. Output DC voltage versus receiving distance for different loads 
(left), loads output power versus receiving distance (right). 
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The efficiency of the rectenna’s antenna is ~20% at resonance. A ‘perfectly’ matched RF to DC 
power converter operating in its square law region has efficiencies in the region of 20% as depicted in 
Section 2. The transmitting antenna was the same as the antenna incorporated in the rectenna. By 
transmitting the EM power with a small antenna (5 cm =< 5.2 cm) at 437 MHz with efficiency of ~20% 
and at a gain of —6 dBi, the power delivered by the rectenna is generally low at far-field from the 
transmitter as can be seen in Figure 19. A mediocre transmitting antenna was used to transmit the EM 
waves due to limitations in the European Union about transmitting EM power at certain frequencies; so 
the goal in the rectenna range experiment is to show the lowest limit functionality of such a harvester. 
At 4.2 m from the electrically small transmitting antenna transmitting at 17 dBm, the rectenna 
harvested DC voltage and power are 9 mV and 5 nW respectively for 10 kQ load. It can be seen from 
Figure 19 that the harvested voltage/power generally degrades as an inverse square of distance from 
transmitter as described by Friis equation. The measured received power however alternate along this 
R~ fit as shown in Figure 19. This anomaly is accounted for by Fz, [Equation (43)] as influence of 
ground reflections and polarization in real world open field measurements [45]. For any particular 
distance R, the signals reflected from ground can be constructive with the direct signal to the rectenna, 
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Figure 3 (a) Generic energy level structure and optical transitions of a conjugated polymer. Sy refers to the Nth singlet state; Ty refers 
to the Nth triplet state; ISC: intersystem crossing. (b) Absorption and photoluminescence spectra of the polymer MEH-PPV. 


state So, so forming a classic 4-level laser system. The 
optical transition is dipole-allowed and so has a high 
oscillator strength. As a result, conjugated polymers 
typically exhibit simulated emission cross-sections in 
the range 10° '° cm? to 10° '° cm”, while the popu- 
lation inversion lifetime is as short as a few hundred 
picoseconds. 

There are, however, several other transitions that 
can compete with the stimulated emission process. 
There can be excited-state absorption from the S,; 
singlet state into higher-lying singlet states. Addi- 
tionally intersystem crossing from the S; state to the 
lowest excited triplet state T,; can subsequently lead 
to excited triplet absorption. Other processes in the 
polymer can also impede the stimulated emission. 
Firstly, charged excitations can exhibit absorption 
bands that overlap with the emission. Secondly, at 
high excitation densities, exciton—exciton annihila- 
tion can significantly deplete the excited states 
available for stimulated emission. Ultimately, 
singlet—singlet annihilation is the limiting factor for 
the maximum excitation density possible, and while 
polymer films can have a repeat-unit density of 
~10*'cm~3, the excited state density is typically 
limited to around 10!8 cm~?. In many materials this 
is not restrictive on achieving optical gain because 
stimulated emission can occur at densities of 
10'7 cm? and below. 

An important factor that distinguishes the photo- 
physics of semiconducting polymers from conven- 
tional laser dyes is an internal process of exciton 
migration between the absorption and emission of a 
photon. Excitations are confined to short straight 
sections of the polymer between kinks or twists in the 
chain. These straight sections, or ‘sites’, are typically 
a few repeat units in length, though there is a 
statistical spread of site lengths in any given material. 


When formed, excitons tend to hop to the longest, 
lowest-energy, sites before emitting a photon. The 
exciton migration process has two effects. First, it 
means the emission takes place from a subset of the 
chain segments, resulting in a lower degree of 
inhomogeneous broadening of the emission spectrum 
(vibronic peaks are better resolved than in absorption 
(see Figure 3b)). Second, the peaks of the absorption 
and emission spectra tend to be widely separated in 
wavelength, reducing the level of self-absorption at 
the lasing wavelength. 

As mentioned above, blending materials is a 
particularly attractive approach towards further 
reducing self-absorption in organic semiconductor 
lasers. In such systems, a narrow bandgap dopant 
chromophore is blended with a concentration of 
1-2% in a wider bandgap semiconducting host. 
Emission from the host is strongly quenched via 
nonradiative Forster energy transfer to the guest 
molecule. The blended material exhibits an absorp- 
tion profile that is dominated by the host absorption, 
while the emission profile is almost completely that of 
the guest dopant. By strongly separating the emission 
peak from the absorption edge of the host, it is 
possible to achieve a substantially reduced (by 
perhaps an order of magnitude or more) residual 
absorption coefficient at the lasing wavelength. In 
doing so, the combined material acts much more like 
an ideal 4-level laser medium and can thereby have 
substantially lower pump thresholds for stimulated 
emission. 


Measuring Gain 


The dynamics of the excited state population in 
semiconducting polymers have been widely studied 
using femtosecond transient absorption experiments. 
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This is a pump-probe technique in which the 
transmission of the broadband probe pulse is 
compared in the presence and absence of a pump 
pulse that excites molecules into the first excited state. 
Such measurements have the time resolution of the 
pump pulses used and so can typically be ~100 fs. By 
systematically delaying the arrival of the broadband 
probe pulse, it is possible to map out the evolution of 
the gain dynamics across the emission spectrum of the 
material with very high time resolution. 

Figure 4 shows a series of snapshots of 
the absorption induced by a pumping pulse in a 
poly(thiophene) derivative. This figure shows the 
changing absorption of the sample between 200 fs 
and 400 ps after excitation. Within the absorption 
band of the material, one finds that the level of 
absorption is slightly reduced because the pump pulse 
has partly depleted the ground state. In the emission 
band there is also a reduction in the absorption that 
mimics in shape the photoluminescence spectrum of 
the polymer. This negative absorption — or optical 
gain — shows direct evidence for stimulated emission 
through much of the emission band. In the low energy 
tail of the emission, however, there is an increase in 
absorption that arises due to the excited-state 
absorption process mentioned earlier. Clearly, for a 
good laser material, the spectra of excited-state and 
charge-induced absorptions should overlap as little as 
possible with the photoluminescence. 

Many other investigations of gain in semiconduct- 
ing polymer films have used a phenomenon known as 
spectral line narrowing to explore indirectly the 
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Figure 4 Transient absorption spectra of poly[3-(2,5-dioctyl- 
phenyl)-thiophene]; chemical structure inset. (Reproduced from 
Ruseckas A, Theander M, Valkunas L, Andersson MR, Inganas O 
and Sundstrém V (1998) Energy transfer in a conjugated polymer 
with reduced inter-chain coupling. Journal of Luminescence 
76 & 77: 474-477. Copyright (1998), with permission from 
Elsevier.) 


amplifying properties of the medium. The experimen- 
tal procedure for such studies is as follows. A thin film 
of the semiconducting material, of typically 100 nm 
thickness, is excited by a pulsed pump laser focused 
to a stripe of dimensions ~100 wm wide by a few 
millimeters in length. A significant fraction of the 
light emitted by the material is trapped in the film 
by total internal reflection at the polymer—air and 
polymer-—substrate interfaces, and is thereby wave- 
guided along the length of the excitation stripe. This 
waveguided spontaneous emission can be amplified 
by stimulated emission before being emitted out the 
edge of the film. 

One finds that, above a particular threshold of 
pump energy, there is a superlinear increase in the 
output energy with pump intensity. Associated with 
this is a dramatic narrowing of the broad emission 
spectrum to a linewidth of typically less than 10 nm, 
as illustrated in Figure 5. These two features are 
signatures of gain narrowing via the process of 
amplified spontaneous emission. The line-narrowed 
feature usually appears at the first vibronic overtone 
of the optical transition, where the gain exceeds the 
losses in the material by the greatest amount. This 
particular wavelength experiences the greatest ampli- 
fication and, above a particular pumping density, 
undergoes a runaway effect in which most of the light 
is stimulated to emit at that wavelength at the expense 
of the rest of the spectrum. 

In the case of amplified spontaneous emission or 
mirrorless lasing as it is also known, the spontaneous 
emission guided along the length of the stripe acts as 
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Figure 5 The change in spectral shape with increasing 
excitation density (from 10 to 133 yJ cm) of the edge emission 
from a PFO film — the normalized spectra show a significant 
spectral line narrowing at high excitation densities. (Adapted from 
Heliotis G, Bradley DDC, Turnbull GA and Samuel IDW (2002) 
Light amplification and gain in polyfluorene waveguides. Applied 
Physics Letters 81: 415-417. Copyright (2002), with permission 
from American Institute of Physics.) 
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the ‘probe pulse’. In these experiments it is therefore 
necessary to extract information indirectly about the 
net gain in the material. By integrating the spon- 
taneous and stimulated emission along the length of 
the stripe, one finds that the wavelength-dependent 
output intensity I(A) of the spectral line narrowed 
light is given by the relationship 


1 

I(A) o< Ay exPlsQil 1] [1] 
where I, is pumping intensity, / is the length of the 
stripe, and g(A) is the net gain coefficient. Therefore, 
by monitoring the intensity of the line-narrowed 
emission as a function of the length of the pump 
stripe, one can extract the value of the net gain for the 
material. Similarly, by progressively moving the stripe 
further and further away from the edge of the film, it 
is possible to evaluate the waveguide losses of light 
propagating through an unpumped region of the 
waveguide. Waveguide losses in conjugated polymers 
typically lie in the range of 3-50 cm '. Net gains can 
be as high as 60cm | or 260 dBcm ' at modest 
pumping densities of 4kW cm *. These substantial 
gains, in very small propagation lengths, therefore 
highlight the attraction of waveguide-based resona- 
tors for polymer lasers. In the next section we will 
discuss the most commonly used feedback structures 
that have been used for polymer lasers. 


Polymer Laser Resonators 


The first demonstration of cavity lasing in a con- 
jugated polymer was made by Moses in 1992. The 
resonator consisted simply of two flat dielectric 
mirrors on either side of a cuvette containing the 
polymer in solution. Lasing occurred at the peak 
wavelength of the gain profile. Subsequent develop- 
ments in solid-state polymer lasers have involved 
more sophisticated resonators that exploit the 
capacity of these materials for very simple processing. 
For example, solution-processing methods such as 
spin-casting or dip-coating, make it possible to 
fabricate very high-quality optical waveguides. Wave- 
length-scale microstructures can also be readily 
formed, allowing the straightforward fabrication of 
laser microresonators. 

Many different resonators have been explored for 
solid-state polymer lasers. Some of the key types are 
shown in Figure 6, including different geometries of 
both microcavities and distributed feedback struc- 
tures. The first resonator used, by Tessler et al., was a 
planar microcavity (Figure 6a), in which the polymer 
film was sandwiched between two mirrors. The 
structure supported standing-wave resonances 
perpendicular to the plane of the film, at three 
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Figure 6 Resonators used for conjugated polymer lasers. (a) 
Planar microcavity; (b) annular microcavity; (c) spherical micro- 
cavity; (d) distributed feedback resonator; (e) 2D DFB/ photonic 
crystal resonator; (f) random laser. 


wavelengths in the emission band of the polymer. 
Above laser threshold, light was preferentially stimu- 
lated into only one of these modes. Microcavities of 
other geometries have also been studied, including 
annular and spherical microresonators (Figure 6b,c), 
in which the optical field is confined in waveguide 
modes, whispering gallery modes, or a superposition 
of the two. Such structures provide a longer inter- 
action length in the gain medium for stimulated 
emission; though tend to lase on many longitudinal 
modes and have no directional output beam. 

The final key group of resonators are distributed 
feedback (DFB) structures, which researchers have 
progressively favored to attain the low pump 
threshold densities that will be required to realize 
electrically pumped lasing. Figure 6d shows a typical 
DFB laser structure. The device is based on a thin 
polymer film that is typically 100 nm in thickness 
deposited on top of a silica substrate. The silica— 
polymer—air structure forms an asymmetric slab 
waveguide that supports only the lowest order 
transverse electric mode TEo. To provide the feed- 
back, the substrate is modulated with a wavelength- 
scale periodic grating structure. These corrugations 
give rise to Bragg scattering of the waveguide mode. 
Through careful selection of the grating period, 
one may arrange that optical wavelengths close to 
the peak of the polymer gain will be Bragg scattered 
from the propagating TEg mode to the counter- 
propagating TEp mode. This is achieved when the 
Bragg equation 


2nerp A = mdz [2] 


is satisfied, where A is the grating period, meg is the 
effective refractive index of the waveguide, m is an 
integer, and Ag is the Bragg wavelength. In so doing, 
one may arrange that two counter-propagating 
waveguide modes can be coupled together, thereby 
providing the distributed resonant feedback for the 
laser process. Commonly in semiconducting polymer 
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lasers, a second-order (i.e., 7 = 2) Bragg grating has 
been favored to provide the feedback for the laser, so 
that the first-order scattering provides a surface- 
emitted output coupling, perpendicular to the plane 
of the guide. This surface-emitting geometry is 
particularly attractive in polymer lasers because it is 
relatively difficult to achieve a high optical quality 
edge to the waveguide. DFB lasers have the advantage 
over simple microcavity resonators in that they can 
combine long interaction lengths, limited by the 
scattering length of the Bragg grating, with excellent 
wavelength selection, which is controlled by the 
grating period. 

In addition to conventional 1D DFB gratings, a 
number of more exotic 2D and 3D DFB, and 
photonic crystal resonators have been explored in 
semiconducting polymers. Even randomly located 
scattering sites in a polymer film have been used to 
provide a weak closed-loop cavity feedback. 
Examples of 2D gratings are given in Figure 7, 
which shows atomic force micrographs of an eggbox 
structure, formed from two orthogonal gratings, and 
a circular DFB grating. Such 2D DFB structures 
can significantly improve the operation of surface- 
emitting polymer lasers compared with 1D gratings. 
Improved feedback yields lower oscillation 
thresholds, combined with higher slope efficiencies 
and significantly improved beam quality. Indeed, such 
surface emitting DFB lasers can produce nearly 
diffraction limited laser beams. 

Typical operating characteristics of an egg-box 
DFB polymer laser are shown in Figure 8. This laser, 
which is based on the material MEH-PPV, is 
transversely pumped with a pulsed pump laser 
focused onto a small region of the waveguide; up to 
90% of the incident pump light is absorbed in the 
100 nm thick film. The laser has a threshold pump 
energy of 4nJ and an external slope efficiency of 
>7%, and operates on a single frequency close to the 
Bragg wavelength of the periodic waveguide. Lasing 
does not occur exactly at the Bragg wavelength, 
because at this wavelength the propagation of light is 
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Figure 7 Atomic force microscope images of (a) ‘egg-box’ DFB 
grating, and (b) circular DFB grating; grating period is 400 nm in 
each structure. 


suppressed by the periodic structure. This leads to a 
photonic stopband within which the emission is 
reduced. At the edges of this stopband the micro- 
structure can support standing wave electric field 
patterns of the same spatial period. At these 
wavelengths there can be a strong interaction 
between the electric field and excited states in the 
gain medium, which leads to low-threshold band 
edge lasing as observed in the figure. 

Although DFB resonators have advantages over 
microcavity devices, the complicated lithographic 
and etching steps involved in their fabrication can 
detract from the key material advantage of simple 
processing. To address this issue, several different 
techniques for simply replicating the complicated 
microstructures have been explored. These include 
UV embossing of flexible plastic substrates, and 
hot embossing and micromolding of the active 
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Figure 8 (a) Energy characteristic of an egg-box DFB laser; (b) 
normalized emission spectra above and below lasing threshold, 
showing lasing in the edge of the photonic stopband. (Reprinted 
from Turnbull GA, Andrew P, Barnes WL and Samuel IDW (2002) 
Operating characteristics of a semiconducting polymer laser 
pumped by a microchip laser. Applied Physics Letters 82: 313— 
315. Copyright (2003). With permission from American Institute of 
Physics.) 
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polymer itself. Such techniques can very readily 
reproduce structures with feature sizes as small as 
100 nm and could allow future mass production of 
photonic microstructures in these materials. 


Towards Plastic Diode Lasers 


A typical experimental configuration for characteris- 
ing optically pumped polymer lasers is shown in 
Figure 9. The laser is mounted in a vacuum chamber 
in order to isolate the polymer from oxygen and 
water. A pulsed visible or ultraviolet pump laser is 
attenuated and then focused onto the waveguide to 
transversely pump the polymer laser. The emission is 
collected using a CCD spectrograph for spectral 
measurements and energy meter and beam profilers 
for other characteristics. Typical pulsed pump lasers, 
which have been used, include nitrogen laser pumped 
dye lasers, and spectral harmonics of regeneratively 
amplified Ti**-sapphire lasers or flashlamp pumped 
Nd?*:YAG lasers. Recent advances have shown the 
thresholds to be low enough to be successfully 
pumped with a modest Nd** pulsed microchip laser. 

So while optically pumped polymer lasers are now 
proving to be compact, functional light sources, a 
major motivation for research in this field remains the 
prospect of electrically driven plastic diode lasers. 
Such lasers could be very low-cost, flexible light 
sources that would access any wavelength throughout 
the visible spectrum. In particular, there are exciting 
prospects of producing blue and green diode lasers in 
spectral regions currently difficult to access with 
inorganic semiconductors. The lowest threshold 
densities reported for optically pumped organic 
semiconductor lasers are of the order of 
100 W cm *. To achieve similar excitation densities 
electrically, one requires pump current densities of 
~200Acm™~. This is substantially more than the 
few mA cm 7” commonly used in polymer LEDs for 
display applications. Presently, such high current 
densities are infeasible with continuous excitation, 
but can be exceeded with short current pulses of a few 
tens of nanoseconds duration. 
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Figure 9 Schematic of a typical experimental configuration for 
characterizing polymer lasers. 


Electroluminescence in conjugated polymers was 
first achieved in 1990 by Burroughes and co-workers. 
Since that time there has been remarkable progress 
made in the science and technology of organic LEDs. 
Commercial products are now on the market, and 
the feasibility of both flexible and full-color light- 
emitting displays, in which the individual pixels have 
been ink-jet printed, have been demonstrated in the 
laboratory. Despite such rapid progress in the field of 
organic LEDs, there have been no successful demon- 
strations to date of electrically pumped lasing in any 
organic semiconductor. In this section we highlight 
some of the challenges that must be faced if electrically 
pumped lasing is to be achieved. To understand the 
problems associated with electrical driving of organic 
semiconductor lasers, it is useful first to review the 
generic structure of organic light-emitting diodes. 

A generic organic LED structure is shown in 
Figure 10. The device consists of one or more organic 
layers sandwiched between two electrical contacts. 
Usually a transparent anode is used, commonly made 
from ITO, which allows light to be emitted from the 
front face of the LED. A low work-function metal, 
such as calcium or aluminum, is used as the cathode. 
The organic part of the device may consist of several 
layers. These include one or more charge transport 
layers, plus a light-emitting layer in which the 
electrons and holes combine to form excitons before 
emitting light. Typically, the combined thickness of 
these organic layers is as little as 100 nm. Such thin 
devices are necessary to keep operating voltages low, 
to overcome potential barriers for injection, and 
because charge mobilities in organic semiconductors 
are very low (10 ° to 10 *cm* V's‘), 

The inclusion of electrical contacts into organic 
semiconductor laser structures can be problematic 
since they need to be situated very close to the 
emitting region. Metallic contacts can quench the 
luminescence and introduce losses to the waveguide 
mode, thereby increasing the oscillation thresholds. 
Furthermore, the ITO anode has a high refractive 
index and so can reduce the spatial overlap of the 
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Figure 10 Schematic structure of a generic organic light- 
emitting diode. 
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guided mode with the active medium. Such issues 
indicate that the design of organic LEDs needs to be 
somewhat modified for achieving electrically pumped 
lasing. In particular, there needs to be a trade-off 
between the optimum electronic and photonic 
designs. To address these issues, various device 
structures have been proposed that distance the 
optical mode from metallic contacts, while reducing 
the thickness of the ITO layer to optimize the mode 
confinement in the active material. 

A more demanding obstacle to electrically pumped 
lasing is the additional excited state absorption 
associated with the electrical pumping scheme. As 
many as three-quarters of the generated excitons in an 
organic LED are formed in the triplet state which is 
nonemissive and can lead to excited-state absorption, 
albeit principally at lower energies than the lasing 
wavelength. Additionally, injected charges that have 
not yet formed excitons, exhibit strong absorption, 
which overlaps significantly with the peak of the 
material gain. Indeed, this charge-induced absorption 
has so far prevented the demonstration of injection 
lasing in conjugated polymers, even in optimized 
device structures mentioned above. A possible 
alternative route for efficient pumping of polymer 
lasers could be through indirect electrical pumping. 
For example, an inorganic diode laser or LED, or 
even an organic LED, could be used as an electrically 
efficient optical pump for the semiconducting poly- 
mer laser. Recent advances in GaN-based LEDs 
and lasers provide interesting prospects for such 
alternative systems. 

Research on semiconducting polymer lasers con- 
tinues, both to reduce the excitation densities needed 
for threshold and to investigate new material systems 
that could overcome the obstacle of charge-induced 
absorption. By building on recent developments in 
resonator geometries, material blends, and compact 
pumping schemes, semiconducting polymer laser 
systems, whether optically or electrically pumped, 
should soon become practical, visible light sources for 
a range of applications. 
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Introduction 


Lasers have evolved to become true marvels of 
technology. From their invention in the early 1960s, 
laser light has changed the way society operates, its 
application stretching to virtually every aspect of 
human activity. The versatility of lasers is derived 
from the fact that there are several different types, 
each with a unique set of advantages. Solid-state 
lasers, made from specific semiconducting materials, 
are commonly used in the optical networks that 
underlie the greatest machine on Earth — the Internet. 
High power gas lasers, such as CO lasers, are used in 
industrial machining, whereas rare-earth doped and 
dye lasers have found applications ranging from eye 
surgery to tattoo removal. 

Planar waveguide lasers are a relatively new class 
of lasers made possible by advances in the field of 
optical waveguides. Over the past decade, with the 
aim to miniaturize optical components, planar 
waveguide technology has been developed to a high 
degree of sophistication. Likewise, Er and other rare- 
earth doping was studied extensively owing to its 
importance in all-optical amplification. These 
elements turned out to be the building blocks for 
the development of fiber lasers and subsequently 
planar waveguide lasers. 

This chapter will discuss the basic concepts 
underlying this category of lasers, the variations 
therein, and the main characteristics. It is important 
to understand the basic features of waveguides and 
lasers, which is included as a prelude. We will then 
discuss planar waveguide lasers with emphasis on the 
essential elements: the laser materials, the various 
designs, their performance, and the resultant 
advantages as well as the applications. 


Waveguides 


A waveguide is a general conduit for efficient 
propagation of an electromagnetic field. It is usually 
defined by making a region of higher refractive index 
within a dielectric medium. This behaves as an 
attractive potential well that confines light in the 
form of bound modes, much like a potential well that 
confines electrons to a bound state. The propagating 
field is referred to as the lightwave and is governed 
by Maxwell’s equation. For a weakly guiding 


approximation, as is the case when the refractive 
index contrast (Am) is small, Maxwell’s equation can 
be reduced to a scalar wave equation for the 
transverse electric field. For a given wavelength (A) 
and polarization, the scalar wave equation in a 
nonmagnetic medium is 


2 
VE(x) + AT nx) E(x) ~0 [1] 


where E is the electric field. For a waveguide aligned 
in the z direction, the field is the sum of the two 
propagating transverse modes, each with the form 
E(x) = ®(x, y)e** where ®(x,y) is the field distri- 
bution and k, is the propagation constant. The wave 
equation for the transverse mode reduces to 





Me fo? a? ; 
4ae ( —z 4 ay? Jove, y) + n(x, y) B(x, y) 


= (ny P(x, y) [2] 


Here, 7 is referred to as the effective refractive 
index and is given by 7 = k,A/2 7. The effective index 
dictates the occurrence of bound modes — these states 
occur when 7 is between Meore and Meladding: For 
smaller values of 7, there is a continuum of unbound 
and radiation modes. These are leaky modes that are 
dispersed quickly over a short distance. Only bound 
modes are guided in the core of the waveguide 
structure. 


Planar Waveguides 


Waveguides formed on a flat substrate are called 
planar waveguides. These are typically made by 
stepwise deposition of films of dielectric materials 
(typically glass). The waveguide core is defined by one 
of several methods, the most common of which uses 
lithography and etching. In this case, a film of an 
appropriately higher index material is deposited on 
an ‘under-cladding’ film and then selectively etched to 
define a core. This is generally covered with a suitable 
‘upper-cladding’ layer so that the index contrast is 
controlled in all directions. Other methods of forming 
the core include patterned ion exchange or ion 
implantation or increasing the index of the medium 
using a femtosecond laser, etc. In all these cases, the 
end result is the formation of an embedded higher- 
index region whose locus defines the optical path for 
the lightwave. A circuit made from these waveguides 
is known as planar lightwave circuits (PLC). 
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(a) (c) 


(b) (d) 





(f) (h) 


Figure 1 Range of different waveguide designs, with the core represented by the darker regions: (a) Optical fiber; (b) slab waveguide; 
(c) channel waveguide; (d) embedded channel waveguides with a layer of the overcladding; (e) rib waveguide; (f) inverted rib; (g) ion 
diffused; and (h)strip loaded, comprising of a strip of a different higher index material (that serves to confine light) on a core layer. 


Waveguide cores may be designed in several 
different configurations, as shown in Figure 1. These 
designs allow for different fabrication processes as 
well as the control over the modal properties of the 
lightwave. For a given index contrast, the number of 
modes traveling in the waveguide is primarily 
determined by the dimensions of the waveguide. 
The aspect ratio of the waveguide affects the 
propagation of the transverse electric (TE) and the 
transverse magnetic (TM) modes, due to different 
propagation constant k, for each mode. 


Lasers 


The generation of laser light requires four basic 
conditions to be satisfied: 


a source capable of light emission; 

e an energy supply source — typically electrical, 
optical, or chemical; 

e population inversion to the excited state in the 
lasing medium; and 

e absence of parasitic effects that would absorb the 

emitted light. 


Laser light is often a result of either electronic or 
vibrational excitation. This is because these exci- 
tations involve transfer between energy states that 
coincide with the radiation of UV, visible, or 
infrared light. Population inversion is an important 
requirement in lasers since the emission is stimu- 
lated. This involves having a greater fraction of the 
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Figure 2 Conceptual representation of a simple Fabry—Perot 
laser. 


atoms or molecules in the excited state so that a 
stimulating photon can cause a radiative decay to 
the lower energy level. The stimulated light from 
most lasing media is weak, which requires unac- 
ceptably long lengths to generate sufficient power. 
Instead, as shown in Figure 2, lasers are made with 
two parallel mirrors with an axial light-generating 
source in between. This configuration is known as 
a resonant cavity, a resonator, or an oscillator. The 
back mirror is usually fully reflective but a partial 
front mirror allows a portion of the light in the 
cavity to pass through. The two mirrors cause the 
light to bounce to and fro, forcing it into making 
multiple passes through the cavity. Light emanating 
from this structure is thus amplified and is also 
coherent (that is the lightwaves are in phase 
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with each other spatially and temporally). This has 
come to represent the signature output of a laser. 


Planar Waveguide Lasers (PWL) 


By way of an example, let us consider a solid state, 
rare-earth doped laser, such as an Nd-doped YAG 
laser. All rare-earth ions are able to fluoresce, some 
(e.g., Nd) more efficiently than others, and hence can 
be light emitters. These ions have to be dissolved 
(doped) into a solid host, say, a glass or a single crystal 
such as YAG (Yttrium Aluminum Garnet). The 
excitation of these ions is done optically with light 
of a suitably higher energy (or lower wavelength). 
When this ‘pump’ light is made incident on a rod of 
the rare earth doped material, it is absorbed by the 
rare earth ions and used to reach an excited electronic 
state. Amongst all the possible higher energy states, 
only certain ones are sustainable because the electron 
resides in that state for an acceptably long period of 
time (called the lifetime). Hence, population inver- 
sion can be more readily achieved in these longer 
lifetime states and stimulated processes such as 
amplification and lasing are readily possible. The 
laser light generated in the doped rod is emitted 
across its entire cross-section. 

Planar waveguide lasers are designed to miniaturize 
the kinds of stand-alone solid state lasers describe 
above. In principle, a PWL is a laser where the light 
emitting resonant cavity is a planar waveguide. This 
topic of our interest is a relatively recent development 
that renders some unique advantages. These can be 
broadly classified into two categories: one relating to 
making efficient high-power lasers and the other, to the 
integration of lasers with other optical components. 

An example of the first type is a Nd-YAG laser 
configured into a planar geometry so that the laser 
light is now contained within the waveguide. One 
design that has evolved to achieve this well is shown 
in Figure 3. The light is guided by the waveguiding 
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Figure 3 End view of a planar waveguide form of a Nd-YAG 
laser made using sapphire (single crystal AlsO3) for cladding. 


structure setup by the sapphire planes. Since both the 
excitation (or pump) and the lasing modes are well 
confined, high modal overlap is achieved. These 
PWLs can be edge-pumped or face-pumped and 
high powers (measured in the order of Watts) can 
be achieved. 

In the above design, the cavity is defined by two 
parallel reflectors bracketing the light-generating 
medium and is known as a Fabry-Perot etalon. The 
distance between the two mirrors sets up a wave- 
length filtering mechanism whereby only resonant 
wavelengths are sustained. These are related to the 
intra-mirror distance by the simple equation shown 
below: 


oe ar 13] 
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where L, is the length of the cavity, a is an integer, 7 is 
the refractive index of the medium, and A is the 
wavelength in vacuum. As the cavity length increases, 
the number of possible resonant wavelengths 
increases and the spacing between wavelengths is 
reduced. These are called the longitudinal modes 
(Figure 4a). Likewise, lateral modes (Figure 4b) can 
be generated in the cavity as well, tending to make the 
operation of the laser multimoded, as shown in 
Figure 5. This is characteristic of a Fabry—Perot laser, 
which can be overcome by embellishing the basic 
etalon design. 

As stated above, another big advantage here is that 
the platform for fabricating PWLs can be chosen to be 
the same as to make PLCs. Waveguide comprizing 
the laser can be continued further and configured into 
other desirable components, such as splitters, 
couplers, etc. Thus the laser does not have to be 
separately coupled to the waveguide. This is a 
major advantage as this connecting process is time- 
consuming and incurs loss of light. In the field of 
photonics, the ability to integrate active components 
with passive ones onto the same chip is considered to 
be the first step toward photonic chips, analogous to 
the integrated circuit chip that has revolutionalized 
our world. This is the driver behind continued 
research and development of active elements such as 
PWLs that can be coupled with other actives, such as 
thin film electro-optic modulators or acousto-optic 
filters, etc. 


Waveguide Laser Materials 


The waveguiding structure is comprised of materials 
that are either dielectrics or semiconductors, both 
inorganic and organic. For their homogeneity and 
broad transmittance, high silica glasses are ideal 
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Figure 4 Generation of longitudinal (a) and lateral modes (b) in a Fabry—Perot laser. 
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Figure 5 The output of a Fabry—Perot laser: (b) is governed by the number of modes within the gain spectrum of the lasing medium 
shown by the dotted lines (a). The spacing between the modes can be altered changing the length of the cavity. The smallest mode in 
output spectrum (b) needs to have enough gain to overcome the lasing threshold. 


materials for waveguiding. The chief advantages of 
high silica waveguides are easy index and mode 
matching to standard optical fibers, low propagation 
loss, and good durability. When crystalline materials 
are used, they have to be single-crystalline to avoid 
grain boundary scattering (for instance, Ti-diffused 
waveguide in single-crystal LINbO3). If semiconduc- 
tors are used, the bandgap of the material needs to be 
sufficiently high so as to avoid absorption of the 
photons. Silicon waveguide (bandgap = 1.1 eV) ona 
silica cladding (SOI) is commonly used system in 
PLCs used for telecommunication applications. 

The PWLs described above are fabricated in rare- 
earth doped glass waveguides. Waveguides have to be 
much shorter than fiber, so the challenge of incorpor- 
ating the rare-earth ions at high concentration in the 
host material has to be overcome. Planar waveguide 
lasers are a compressed version fiber lasers that have 
the unique advantage that they can be directly 
integrated with other components on the same chip 
using very large-scale integration (VLSI)-style proces- 
sing. The concentration of Er (or the lasing ion in 
general) in a PWL needs to be many times that in fiber 
amplifiers (~100 ppm). The need for high gain in a 
short length requires high pump powers and high 
lasing ion concentration, both of which lead to 
nonideal behavior. Since rare earth ions tend to 
have multiple excited electronic states, there can be 
absorption at the excited state level as well. When a 





(c) (b) 


Figure 6 The energy level diagram for a representative two 
level system. The inset (a) shows the excitation and emission 
process. Excited state absorption is shown in (b) and cooperative 
upconversion is shown in (c). 


higher energy state is separated from the upper 
emission level by the energy in one laser photon, the 
ions can undergo excited state absorption or ESA 
(Figure 6). Rare-earth ions in close proximity tend to 
undergo cooperative upconversion processes, where 
two excited ions transfer energy between each other 
so that neither ion may fluoresce at the desired 
wavelength. These processes can negatively affect the 
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in which case the measured power may be higher than that predicted by the original Friss equation as 
in [44]. The ground effect can also be destructive, in which case the measured power will be lower 
than what is predicted by the original Friis equation. 


4. Conclusions 


Optimization of Schottky diode-based RF to DC power converters using different matching 
techniques for wireless EM energy harvesting applications is presented. Using scattering parameters 
for small signal modeling, it is shown that wireless EM harvesters can be generally described as 
coupled resonators with efficiencies and maximum voltage sensitivity depending mostly on the source 
and load resistances under matched conditions. The analytical models allow systematic control in the 
design of passive wireless EM harvesters. Based on these analyses, a rectenna is built and tested for 
lower limit functionality from harvesting ambient EM waves. The analysis presented in this work may 
also be applied to optimize derivatives of wireless EM harvesters like RFID tags, NFC, wireless 
chargers etc., for efficient powering of their sensors or integrated circuits. Generally, most energy 
harvesters and their matched loads can be described as coupled resonators and thus may be optimized 
with the methods presented in this work. 
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useful gain of the system. Ensuring high spatial 
dispersion of the Er atoms is critical to minimize 
this effect. Special glass compositions, such as 
phosphate glasses, are used here to ensure that the 
Er is not phase separated or clustered. These glasses 
also provide a high induced cross-section for gain. 
Glasses with low phonon energy are also desirable to 
minimize phonon-mediated nonradiative decays in 
the rare earths. Light emitting semiconductors and 
polymers containing fluorescent dyes have also been 
used to make PWLs. 

Now that we have gained an overall perspective of 
PWLs, we can discuss different manifestations. The 
following discussion uses a Er doped system as a 
model since there is a substantial body of work on this 
system. 


Distributed Bragg Reflector (DBR) 
PWL 


In planar waveguide systems, it is difficult to 
construct efficient mirrors or reflective facets perpen- 
dicular to the waveguide. However, mirrors can be 
replaced by Bragg gratings, which be fabricated 
relatively easily. In-line Bragg gratings result in 
wavelength specific reflection as per eqn [4]: 


mx 

A= oh (4) 
where A is the grating pitch, m is the order of the 
grating, and A is the central Bragg wavelength. 
Gratings have another important benefit in that they 
ensure that unwanted frequencies outside the limited 
reflection spectrum are dispersed before they reach 
the lasing threshold. 

A DBR laser is similar in principle to a Fabry—Perot 
design but uses a Bragg grating on either end of planar 
Er-doped waveguide. This is shown schematically in 
Figure 7. Gratings can be made in a number of 
different ways. One popular way is to exploit the 


photosensitivity of glasses using 193 nm or 244 nm 
UV light to periodically alter the refractive index of a 
glass waveguide. Photosensitivity occurs by a combi- 
nation of molecular changes (such as the formation of 
oxygen deficiency sites or color centers) as well as 
changes in the material strain in the region exposed to 
the UV light (Figure 7c). Alternatively, gratings can 
also be formed using etching to make periodic 
grooves in the waveguide. These are called corrugated 
or surface relief gratings (Figure 7a and 6b). 

The back Grating 1 has a high reflectance of almost 
100%, whereas Grating 2 is a weaker grating. The 
reflectance strength of Grating 2 is determined by 
taking into account the gain coefficient of the material 
and the output power required from the laser. The 
reflection intensity can be altered according to the 
following equation: 


R = tant] oeeer | [5] 
B 


where Lg is the grating length, Av, is the index 
modulation of the grating, Ag is the Bragg wave- 
length, n(V) is the confinement factor, a function of 
the waveguide parameter V that represents the 
fraction of the integrated mode intensity contained 
in the core. Increasing the reflectance strength also 
widens the linewidth of reflected light. The overlap of 
the spectral width between the back (Grating 1) and 
the front grating (Grating 2) becomes the effective 
output window within the gain spectrum of the lasing 
material (Figure 8). 

Not unexpectedly, a DBR structure generates 
longitudinal and lateral modes. These modes are, 
however, limited to the overlapping section of the 
reflection spectrum of the two gratings, as opposed to 
the entire gain spectrum as in Fabry-Perot lasers 
(Figure 9). Yet, this can lead to problems such as 
spectral hole burning and mode hopping, whereby the 
dominant mode hops from one wavelength to 
another. The separation between the modes needs to 








pp 


Figure 7 DBR planar waveguide laser. The PWLs shown in (a) and (b) have sinusoidal and trapezoidal surface-relief gratings 
respectively etched in their cores. An in-line grating of the kind seen in (c) could be fabricated using the photosensitivity of the glass. 


The top cladding is shown only in (a). 
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Reflection intensity 





Figure 8 The reflection spectrum of the back (1) and the front 
(2) gratings. As the intensity of the reflected light is made to 
increase, so does the linewidth. Hence, the narrower spectrum of 
partially reflecting grating 2 tends to dictate the operating 
wavelength range of a DBR. 


Output power 
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Figure 9 A sample output from a DBR laser, shown in this case 
with 3 modes. The dotted line shows the effective overlap between 
the two gratings. The existence of the modes depends on several 
factors, in particular the pump intensity. 


be made sufficiently high compared to the spectral 
overlap so that single-mode operation can be 
achieved. But in practice the length of the cavity 
(L, in eqn [3]) is determined by factors such as power 
and space and may not be independently altered to 
achieve this. However, the reflection spectrum of the 
back and the front gratings could be slightly shifted in 
opposite directions to realize a smaller overlap within 
which only one or a few modes may exist (Figure 10). 
The occurrence of a single mode also depends on the 
gain profile of the lasing material and the optical 
pump power. In Er-doped PWLs, modes other than 
the primary one can be suppressed by using a pump 
power below a threshold limit and stable operation 
can be thus achieved. 


A 


Figure 10 Shifting the front and back gratings is one means of 
controlling the width of the overlap region, shown in gray. This way 
a single mode operation can be achieved even for a longer cavity 
with many modes. 


Distributed Feedback (DFB) PWL 


The modal problems listed above can be addressed by 
having a single, distributed grating that is placed 
along the entire length of the lasing waveguide itself 
(Figure 11). Alternatively, the gratings may be also 
placed in the upper or the lower claddings to 
minimize loss of optical power due to scattering 
because of the longer grating. In this case, it is the 
evanescent portion of the light that interacts with the 
grating. In all cases, the periodicity of the grating 
leads to a condition for a single lasing wavelength 
based on constructive interference. The strongest 
mode occurs when the period A of the Bragg grating 
satisfies the primary Bragg condition (for first order 
grating or m= 1) in eqn [4]. The device will also 
function if the grating pitch is equal to small integer 
multiples of (A/27). 

The grating needs to be made strong enough to 
generate sufficient feedback (reflections), which also 
widens the linewidth of the spectrum. To ensure a 
single narrow linewidth output, a quarter wave phase 
shift is introduced in the grating, as seen in Figure 11. 
This phase shift creates a transmission fringe in the 
spectrum (Figure 12) that significantly narrows the 
linewidth of the output signal. This design is con- 
sidered to be standard for the DFB lasers of today. 
Figure 13 shows a typical output of a DFB laser. 

Any of the geometries seen in Figure 1 can be used 
to make the waveguide for the laser. Due to 
processing constraints, rib (c) and ion diffused (d) 
configurations are commonly used. Waveguide losses, 
characteristically due to scattering from sidewall 
roughness, have to be low. Otherwise, this adds a 
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Substrate 


Figure 11 A DFB planar waveguide laser. 


Reflection intensity 
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Figure 12 The reflection spectrum of a grating with a central A/4 
shift in the pitch, showing the transmission fringe. 


Output power 





A. 


Figure 13 The typical output of a DFB PWL. The linewidth can 
be made to be as narrow as a few hundred kHz. 


significant overhead onto the pump power and lowers 
the output of the PWL. Birefringence caused by 
thermal expansion coefficient differences and exces- 
sive sidewall roughness also need to be minimized as 
they can substantially alter the loss of the TE mode 
compared to TM. 

Though their spectral properties are ideal as 
sources for long haul transmission, DFB lasers tend 
to be less powerful than the corresponding DBR 
designs. But the DBR PWLs are very sensitive to 
reflections that can cause a broadening of the laser 
linewidth or can act as a source of noise. In both 
cases, single mode lasers with very narrow linewidths 
in the kHz range with low radiance and noise, have 
been demonstrated. But neither is known to have 
been commercialized yet. 


PWL Arrays 


One of the unique advantages of the PWLs is that 
they are often processed using VLSI techniques. 
One important implication of this is the ability to 
make a PWL array where multiple lasers are formed 
simultaneously on the same chip, each with a unique 
output (Figure 14). Such arrays are likely to be very 
useful in future dense wave division multiplexing 
(DWDM) optical network systems where as many as 
128 channels (and more) are planned. Since packa- 
ging of individual lasers can be up to 75% of the total 
cost, making chips with multiple lasers is very 
attractive. The lasers may be DBRs or DFBs whose 
output wavelength is controlled by changing the 
grating parameters. To vary the individual wave- 
lengths either the effective index and/or the pitch of 
the grating can be changed. Thus, any output 
spectrum can be designed and executed merely by 
making the appropriate lithography mask. 





Figure 14 


Idealized output from a 4-PWL array. 
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The gratings are often written holographically, 
where the wafer is exposed to an interference pattern 
caused by two coherent light beams. The wafer 
underneath can be sensitized with a photosensitive 
glass layer or a film a photoresist. It is not efficient to 
do multiple holographic exposures to individually 
change each of the gratings in the array. One way of 
doing this with a single holographic exposure is by 
constructing the waveguides at different relative 
angles. Then the component of the index modulation, 
resolved along the axis of the waveguide, would vary 
for each waveguide depending on the relative 
waveguide angle (Figure 15); this would lead to 
differences in 7. Alternatively, the waveguide array 
can be made of the same height but of different 
widths. This is easily done since waveguide height is 
usually deposited uniformly but the width is a 
function of the mask layout. Here the waveguide 
and the grating are orthogonal to each other and the 
variation in wavelengths is achieved by the fact that 
the effective propagation constant for each of the 
waveguides is different. 

Arrays of PWLs have been made on a silicon 
substrate using deposition of an Er containing glass 
that is subsequently patterned into waveguide, and 
ultimately laser, arrays. Another approach has been 
to start with a phosphate glass as the host and the 
substrate. A phosphate glass is a superior host for 
rare-earth ions such as Er since the sensitization 
efficiency is nearly unity and much high doping levels 
are possible before concentration quenching effects 





(a) 





(b) 


Figure 15 Two different means of making planar waveguide 
laser array with a single holographic exposure to write the gratings. 
The darker rectangular blocks represent the core channels or ribs. 
In (a) the width and hence the effective index of the waveguide is 
varied whereas the relative angle between the waveguides is 
altered in (b). The lines represent the direction of the gratings, 
which is orthogonal only to the left most waveguide in (b). 


set in. Waveguides are created by ion-exchange by 
immersion in a hot bath containing suitable ions (Na 
for Li, for instance). When starting with a uniformly 
doped glass, one issue in the assimilation of the laser 
array with other components is the fact that Er-doped 
region does not start and end with the waveguide 
laser section. Recently, the Er has been deposited 
selectively in the laser waveguide in phosphate glass 
using methods such as ion implantation, bringing the 
concept of integration closer to reality. 


Pumping 


One of the key issues here is the optical pumping of the 
rare-earth PWLs to generate acceptably high output 
power. Individual diode lasers or an array of diode 
lasers all ona single chip (called a diode bar) have been 
utilized as pumps. Both single and multimode diode 
lasers are available and have been used. There are pros 
and cons for either choice: whereas single mode lasers 
are less powerful (in the range of few 100 mW), it is 
difficult to convert the multimoded output of their 
counterparts to useful power. The choice is determined 
by the waveguide design, which needs to be optimized 
for high overlap of the lasing mode with the pump. 
Carefully tapered waveguides can be used distribute 
the pump power from a diode bar to the various lasers 
in an array without significant loss. 


PWL Stability 


Stable operation of a PWL is one of the big 
challenges. In DBR PWLs, it is seen that there is a 
threshold for pump power only below which single 
moded operation can be achieved. Additionally, any 
PWL die needs to be made immune to ambient 
temperature changes. These changes can affect many 
of the critical output parameters of the PWL: 
wavelength, linewidth, power and in the case of an 
array, the wavelength separation. This occurs pri- 
marily due to the thermal shift in the grating pitch as 
well as the thermo-optic effect. It is overcome by 
supplanting the laser die onto a heat spreader chip 
made from conducting material such as Cu or BeO, 
followed by a thermoelectric cooler. Ironically, 
the laser’s output wavelength and linewidth are fine- 
tuned and ‘fixed’ using temperature to overcome any 
drifts due to processing errors or other reasons. 

Reliability is another important issue that needs to 
be addressed, especially for telecommunication appli- 
cations where these types of components have to 
pass high quality standards such as the Telecordia 
qualification in the USA. 
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Other PWL Systems 


Many of the PWLs to date have been developed using 
Er doping, which emits light in the range of interest 
for telecommunications (the C-band and even the 
L-band). Here, Yb can be added as a co-dopant to 
improve power conversion efficiency. Other fluores- 
cing ions have also been used: Nd, Tm, Ho, and Cr. 
Several research teams have successfully demon- 
strated Nd-YAG PWLs, in particular. Ridge wave- 
guide lasers have been made using semiconductor 
materials InGaAs/InP heterojunctions in both 
Fabry—Perot and DFB configurations. These systems 
are electrically pumped. DFB PWLs have also been 
made using dye doped polymers. 

It must be mentioned that there are other ways to 
use waveguides to make lasers. The primary example 
is a configuration where the waveguide resonator is 
external to the active region. Designs, such as ring 
resonator lasers and an external cavity lasers, fall in 
this category. 

Future research and development of PWLs would 
undoubtedly utilize photonic crystal structures. These 
structures have a periodic fluctuation in the index of 
refraction in two or three dimensions. Owing to the 
resultant Bragg reflections, specific allowed and 
forbidden states are created which can be used to 
control the confinement of light. Hitherto, these 
structures have been used to form mirrors or 
hexagonal ring resonators. These more sophisticated 
laser designs are likely to enable new functions such 
as tunability of the output spectrum. 


Summary 


Planar waveguide lasers are a special class of laser 
where light is confined to a waveguide. They have 
distinctive advantages that include high optical 
gains, low laser thresholds, narrow linewidths in 
the kHz range, and optimal thermal management. 
Significantly, they afford a platform that can be 
readily expanded to include an array of lasers, each 
with an unique output, and can ultimately be 
combined with multiple optical components on the 
same chip. Such compact integrated devices are 
bound to take photonics to a new high level of 
capability. 


List of Units and Nomenclature 


integer denoting number of laser modes 
electric field 

propagation constant for travel in z direction 
length of laser cavity 


nN 


bors 


a 


Le length of grating 

m order of the grating, an integer 

n refractive index of the medium 

A modal effective refractive index 

R reflectance 

V normalized frequency or the V parameter of 
the waveguide 


An. modulation of the effective index of the 
grating 

n confinement factor or fraction of the light 
confined in the region of interest 

A wavelength of the lightwave 

AB resonant wavelength of a Bragg grating or 
Bragg wavelength 

A grating pitch 

® electric field distribution 

See also 


Lasers: Carbon Dioxide Lasers; Dye Lasers. Optical 
Amplifiers: Erbrium Doped Fiber Amplifiers for Lightwave 
Systems. 
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Introduction 


This article discusses the principle of operation and 
the basic material engineering aspects for the design 
of semiconductor lasers. The physics of the gain 
medium is analyzed in detail and the role of many- 
body effects due to the Coulomb interaction of the 
carriers for the optical properties of the active 
semiconductor material is demonstrated. The two 
main types of laser resonators for diode lasers, 
Fabry—Perot resonators and vertical cavity struc- 
tures, are described. Finally, the dynamics of semi- 
conductor lasers, including the principles of short 
pulse generation and nonequilibrium gain dynamics, 
is addressed. 


Basic Principles 


The optical emission from semiconductor lasers arises 
from the radiative recombination of charge carrier 
pairs, i.e., electrons and holes in the active area of the 
device. The conduction-band electron fills the valence- 
band hole by simultaneously transferring the energy 
difference to the light field. This is called radiative 
recombination. Hence, the frequency of the laser light 
is mainly determined by the bandgap of the semi- 
conductor laser material. In order to achieve lasing, 
one needs carrier inversion, i.e., a sufficient number of 
electrons in the conduction band so that the prob- 
ability of light absorption is lower than the probability 
of emission. 

It has been shown that a large variety of 
semiconductor materials is suited for semiconductor 
lasers. The most stringent requirement for the 
material is that it has a direct bandgap. In other 
words, the maximum of the valence band and 
the minimum of the conduction band have to be at 
the same position in k-space (in the center of the 
Brillouin zone). The elemental semiconductors 
silicon and germanium do not fulfill this condition 
and therefore cannot be used for semiconductor 
lasers. 

In order to achieve carrier inversion, it is necessary 
to pump the semiconductor laser, i.e., to excite a 
sufficient number of electrons from the valence band 


into the conduction band. Even though this pumping 
in semiconductors, as in other solid state laser 
materials, can be done optically, the large techno- 
logical impact of semiconductor lasers is at least in 
part due to the possibility of electrical pumping with a 
few tens of milli-amperes at low voltages. 

The original version of such a semiconductor laser 
device is shown in Figure 1, The laser structure 
consists of a GaAs-based p-n junction which is biased 
in the forward direction. Electrons are injected from 
the n region and holes from the p region, respectively. 
Due to the diode characteristics of the p-n junction, 
semiconductor lasers are often also called laser 
diodes. In the device shown in Figure 1, the laser 
mirrors are formed by the cleaved facets of the 
semiconductor crystal. Because of the high refractive 
index of GaAs, the semiconductor—air interface 
provides a reflectivity of about 32% which is 
sufficient for laser emission. 

However, the early type of laser, the so-called 
homojunction device, was not very efficient because 
of the low carrier density in the active area and because 
of the weak overlap between the inverted region and 
the optical mode. Considerable improvement towards 
room-temperature continuous wave (cw) operation 
was achieved by the introduction of the so-called 
double heterostructure. Its principle is shown in 
Figure 2. 

The basic idea behind the double heterostructure 
laser is that the active material (e.g., GaAs) is 
embedded in another semiconductor with a slightly 
larger bandgap (e.g., (AlGa)As). This causes a 
potential well in which electrons and holes are 
confined in order to achieve high carrier densities in 
the active area. Moreover, the smaller refractive index 
of the surrounding high-bandgap material helps to 
guide the optical field within the region of highest 
inversion. Additional ridge-shaped lateral structuring 
is frequently used to form a complete optical 
waveguide. 





aU: afew V 
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Figure 1 Principle of operation of a semiconductor laser. 
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Figure 2 Double heterostructure laser diode. 


Nowadays, even more advanced laser structures can 
be fabricated, as modern crystal growth techniques 
such as molecular beam epitaxy (MBE) and metal 
organic chemical vapor deposition (MOCVD) have 
become available. These techniques allow the grower 
not only to determine the composition of the 
semiconductors with remarkable precision, but also 
to define the shape virtually on an atomic scale. In 
particular, it is now possible to grow microstructures 
so small that their electronic and optical properties 
deviate substantially from those of the corresponding 
bulk materials. So-called quantum-well (QW) struc- 
tures, in particular, turned out to be superior to bulk 
materials in many respects and are currently the active 
medium in most commercial semiconductor lasers. 
The gain medium in QW laser structures consists of 
one or more films with a thickness of a few atomic 
monolayers. These are embedded in a barrier material 
with a larger bandgap that serves to confine the 
carriers to the wells. In QWs the quantum confinement 
restricts the free carrier motion to the two dimensions 
within the plane of the films, since the well thickness is 
comparable to or less than the thermal wavelength of 
the carriers. Hence, one speaks of quasi-two-dimen- 
sional structures where no free motion perpendicular 
to the films is possible. The corresponding energy 
states of the carriers are quantized, i.e., only discrete 
values are allowed for that part of the carrier kinetic 
energy which is related to the confined direction. 

A major consequence of this restriction of the 
carrier motion to two dimensions is a change in the 
(single particle) density of states. This density of 
states is altered in QWs in comparison to bulk 
material. The density of states for bulk material is 
zero at the bandgap energy and rises with the square 
root of the energy for higher energies. In contrast, the 
density of states for a two-dimensional carrier system 
in a QW is a step-like function with a density of 
states different from zero at the QW-well bandgap 
(the bandgap energy of the active material plus the 
quantization energies of electrons and holes in 


the well). This increase of the density of states at the 
bandgap promises important advantages of QW 
structures over bulk material. Most importantly, the 
number of states that have to be occupied before 
inversion is obtained is considerably reduced in QW 
structures. This reduces the threshold current and 
increases the modulation speed of the laser structures. 
Accordingly, most of the modern laser structures are 
QW structures. 

These arguments have encouraged many research- 
ers to develop structures with further increased 
carrier confinement in two dimensions (quantum 
wires) and three dimensions (quantum dots). The 
single-particle density of states is even more favorable 
in quantum wires and quantum dots than in QWs: in 
both cases the single-particle density of states peaks at 
the effective bandgap energy. This argument seems to 
promise even better performance of quantum wire 
and quantum dot lasers as compared to QW devices. 
However, the single-particle density of states descrip- 
tion completely neglects the Coulomb interaction of 
the carriers which strongly influences the optical and 
electronic properties of semiconductor structures. 
The absorption is modified by excitonic effects that 
lead to additional resonances below the bandgap 
and to changes of the continuum absorption. These 
changes are often quantified by the so-called 
Sommerfeld factor, which depends on the dimension- 
ality of the system, i.e., it differs for bulk, QW, 
quantum wire and quantum dot structures. For 
example, the Sommerfeld factor completely sup- 
presses the singularity of the density of states at the 
bandgap of quantum wire structures. Accordingly, 
with inclusion of Coulomb effects, the benefit of the 
quantum confinement is much less than expected 
from the single-particle density of states. 

The use of quantum wire and quantum dot 
structures as a semiconductor laser gain medium is 
still in its infancy even though they can be grown with 
various degrees of precision. However, quantum dot 
structures, especially, hold great promise for the 
future, since they can be grown in large numbers 
using techniques similar to those already used for 
QWs. The possibility of layer growth under strained 
conditions, such as QWs between barrier material 
with a slightly different atomic lattice constant, also 
results in a greater flexibility to design the laser gain 
medium with the desired emission wavelength. 

In principle, the emission wavelength of a semi- 
conductor laser can be roughly designed by the 
choice of the material. Different semiconductors 
have different bandgaps between the valence band 
and conduction band and the bandgap energy 
determines the spectral range of the emission. One 
can tune the bandgap and thus the spectral range of 
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the emission by fabricating semiconductor alloys as, 
e.g., (Galn)As or (AlGa)As. Presently, a large variety of 
different materials is commercially available covering, 
for example, the red ((AlGaIn)P), the near infrared 
((AlGa)As, (GalIn)As), the telecom ((GaIn)(AsP)) and 
even the blue—ultraviolet range ((GalIn)N). 

Great care has to be taken that the crystal used for a 
semiconductor laser is of almost perfect quality. 
Dislocations in the crystal, for example, have to be 
avoided as well as any kinds of defects since they act 
as nonradiative recombination centers. Nonradiative 
recombination competes with the radiative recombi- 
nation that is essential for the laser process. Non- 
radiative recombination effects include Auger 
recombination and recombination via defects. 
Auger recombination is the process where an electron 
and a hole recombine and completely transfer the 
energy difference to another carrier (electron or hole) 
which is excited to a higher state. This is an intrinsic 
effect that depends mainly on the band structure and 
the relevant values of the transition probabilities 
(transition matrix elements). The probability for 
Auger recombination is temperature- and carrier- 
density-dependent and can be minimized, e.g., by 
properly cooling the device and by keeping the carrier 
densities as low as possible. 

Nonradiative recombination via defects is an 
extrinsic effect that depends on the material quality 
and can thus be minimized by optimized growth. 
However, trying to avoid dislocations limits the 
choice of materials for laser structures severely. The 
growth processes require ‘host’ crystals, so-called 
substrates, on which the real structure can be grown. 
GaAs, InP, SiC and sapphire wafers are available in 
sufficient quality as standard substrates for opto- 
electronic applications. The epitaxially grown 
material adapts to the crystal structure of the 
substrate which implies that the lattice constant of 
the substrate and structure material should be very 
similar. If the lattice constants do not agree, i.e., if 
there is a structural mismatch, a certain amount of 
strain develops which increases with increasing lattice 
mismatch. Too much strain leads to the formation of 
dislocations which are detrimental to laser appli- 
cations. Control of the dislocation density is currently 
one of the critical issues for the wide-gap III-V 
materials, such as GaN, because no substrate is 
available that matches the GaN lattice constant. 
However, a small amount of strain is often even 
desirable as long as it does not cause dislocations. 
Strain influences the band structure of the material in 
a predictable way and can therefore be used to tailor 
the laser emission properties. 

Thus laser materials for a certain desired 
wavelength range have to fulfill two important 


requirements: first, the bandgap of the material has 
to fit the desired photon energy; and second, and 
more crucial, an appropriate substrate with the right 
lattice constant has to be available. This second 
condition excludes many material compositions from 
laser applications. In many cases, both conditions can 
only be simultaneously met with quaternary semi- 
conductor alloys (for example (GaIn)(AsP) on InP 
substrates). 


Physics of the Gain Medium 


From a material physics point of view, the important 
structural aspects of a certain laser material are 
summarized in the band structure of the gain 
medium, i.e., in the quantum mechanically allowed 
energy states of the material electrons. The calcu- 
lation of the band structure of a particular gain 
medium is therefore a crucial aspect of semiconductor 
laser modelling. Additionally, however, one has to 
understand the relevant properties of the excited 
electron-hole plasma in the active region of the laser. 

In its ground state, i.e., without excitation and at 
very low temperatures, a perfect semiconductor is an 
insulator where no electrons are in the conduction- 
band states. The presence of a population inversion, 
i.e., occupied conduction band and empty valence 
band states in a certain range of frequencies, is, 
however, a requirement for obtaining optical gain and 
light amplification from a semiconductor. Sufficiently 
strong pumping leads to the generation of an 
electron-hole plasma, where the term ‘electron’ 
specifically refers to conduction-band electrons and 
‘holes’ to the missing electrons in the originally full 
valence bands. Holes are also quasiparticles, just as 
the electrons. Electrons in a solid are quasiparticles 
with an effective mass that is considerably different 
from the free-electron mass in vacuum and that is 
determined by the band structure, i.e., the interaction 
with all the ions of the solid. The properties of 
the missing electrons, such as a positive charge for the 
missing negative electron charge, a spin opposite to 
that of the missing electron, etc., are attributed to the 
holes. As a consequence of their electrical charges, 
the excited electrons and holes interact via the 
Coulomb potential which is repulsive for equal 
charges (electron—electron, hole—hole) and attractive 
for opposite charges (electron—hole). Furthermore, 
electrons and holes obey Fermi—Dirac statistics and 
the Pauli exclusion principle that forbids two 
Fermions from occupying the same quantum state. 
The consequences of the Pauli principle are often 
referred to as ‘band-filling effects’ in the physics of 
semiconductor lasers. 
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The theory therefore has to account not only for the 
band-structure but also for this band filling, i.e., the 
detailed population of the electron and hole states. 
Taking into account only the band structure and band 
filling leads to a so-called free-carrier theory. But the 
electron-hole plasma in a semiconductor gain med- 
ium is an interacting many-body system because of the 
carrier interactions and the exclusion principle. In a 
many-body system the properties of any one carrier 
are influenced by all the other carriers in their 
respective quantum states. Generally, advanced 
many-body techniques are needed to systematically 
analyze such an interacting electron—hole plasma and 
to compute the resulting optical properties, such as 
gain, absorption or refractive index, all of which are 
changing in a characteristic way with the changing 
electron-hole density. 

It is often helpful to investigate the characteristic 
time-scales and the most direct consequences of 
the various interaction effects even though the 
consequences of the different many-body effects are 
in general not additive. The fastest interaction, under 
typical laser conditions, is the carrier—carrier 
Coulomb scattering that acts on scales of femto- to 
picoseconds to establish Fermi—Dirac distributions of 
the carriers within their bands. These distributions 
are often referred to as ‘quasi-equilibrium distri- 
butions’ since they describe electrons and holes in the 
conduction and valence bands which may be charac- 
terized by an ‘electronic temperature’ or ‘plasma 
temperature.’ The plasma temperature is a measure 
for the mean kinetic energy of the respective carrier 
ensemble and relaxes towards the lattice temperature 
as a consequence of electron-phonon (= quantized 
lattice vibration) coupling, i.e., the carriers can emit 
or absorb phonons. The coupling to longitudinal 
optical phonons in polar materials is especially strong 
with scattering times in the picosecond range. The 
corresponding times for the electron—acoustic pho- 
non scattering are in the nanosecond range. Gener- 
ally, the carrier-phonon interaction provides an 
exchange of kinetic energy of the carriers with the 
crystal lattice in addition to the relaxation of the 
initial nonequilibrium distribution. Deviations 
between plasma and lattice temperature may occur, 
especially when lasers are subject to strong pumping 
or rapid dynamic changes. 

The Coulomb interaction not only causes rapid 
carrier scattering but also directly influences the laser 
gain spectrum. Gain, i.e., negative absorption, occurs 
in the spectral region of population inversion, in other 
words, where the net probability for a test photon to 
be absorbed is lower than the probability to be 
amplified by stimulated electron-hole recombina- 
tion. Energetically, the gain region is bounded from 


below by the effective (or renormalized) semiconduc- 
tor bandgap and from above by the electron-hole 
chemical potential. Here, the chemical potential is the 
energy at which neither absorption nor amplification 
occurs, i.e., where the semiconductor medium is 
effectively transparent. 

The effective bandgap energy for elevated carrier 
densities is significantly below the fundamental 
absorption edge of an unexcited semiconductor. 
This ‘bandgap renormalization’ is a consequence of 
the fact that the Pauli exclusion principle reduces the 
repulsive Coulomb interaction between carriers of 
equal charge. Furthermore, the Coulomb screening, 
i.e., the density-dependent weakening of the effective 
Coulomb interaction potential, contributes to the 
reduction of the bandgap. 

Another many-body effect originates in the 
Coulomb attraction between an electron and a hole, 
and leads to an excitonic or Coulomb enhancement 
of the interband transition probability. All these 
effects contribute to the detailed characteristics of 
the optical spectra of a semicondcutor gain medium. 
Figure 3 shows an example of calculated spectra in 
comparison to experimental data. 

The example demonstrates that the microscopic 
theory correctly accounts for the changes in the gain 
spectrum with changing carrier density by means of a 
consistent treatment of band structure, band-filling, 
and many-body Coulomb effects. 


The Resonator 


In addition to a gain medium, a laser needs a 
positive feedback process for the amplified stimulated 
emission. Hence, the inverted medium has to be 
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Figure 3 Comparison of experimental and theoretical gain 
spectra of a (Galn)(Nas)/GaAs laser. 
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embedded into a resonator. One of the conceptually 
simplest versions of such a resonator is a so-called 
Fabry—Perot resonator which consists of two parallel 
plane mirrors. A double heterostructure Fabry—Perot 
laser is shown in Figure 2. Such Fabry-Perot reso- 
nators are very easy to fabricate for semiconductor 
lasers: the semiconductor crystal is cleaved perpen- 
dicular to the optical waveguide. The cleaved edges 
provide a reflectivity of about 32% due to the high 
refractive index of the semiconductor. This is sufficient 
to provide enough feedback for laser operation. 

However, despite its conceptual simplicity, the 
cleaved-edge Fabry—Perot concept also introduces a 
number of problems. First, the light output occurs on 
two sides of the laser, whereas for most applications 
all the output power should be emitted out of one 
facet only. For practical applications, this problem 
can be solved by depositing coatings onto the cleaved 
facets of the structure. For example, deposition of a 
10% reflectivity coating on one facet and of a 90% 
reflectivity coating on the other facet concentrates the 
laser emission almost completely to the facet of lower 
reflectivity. Antireflection coatings with reflectivities 
below 10~* are used when laser diodes are coupled to 
external cavities, e.g., in tunable lasers. 

A second problem with Fabry-Perot lasers is that 
the emission wavelength is often not well defined. A 
Fabry—Perot resonator of length L (optical length “L) 
has transmission maxima — so-called modes — at all 
multiples of c/2nL where c is the speed of light and 
the refractive index. That means that for typical 
devices with a length of 500 ym, hundreds of modes 
are present even within the limited gain bandwidth 
of a semiconductor. These modes often compete 
with each other resulting in multimode emission 
which may become particularly complex and 
uncontrollable when the laser is modulated for 
high-speed operation. 

This problem can be overcome in so-called 
distributed feedback (DFB) lasers. In these devices, 
the refractive index is periodically modulated along 
the waveguide. In a simplified picture, this periodic 
pattern causes multiple reflections at different 
locations within the waveguide. For certain wave- 
lengths, these multiple reflections interfere construc- 
tively to provide enough ‘distributed’ feedback for 
laser operation. With the DFB concept, single-mode 
emission can be realized even for high-speed modu- 
lation of the lasers. Alternatively, the region of 
distributed feedback can be separated from the region 
of amplification in so-called distributed Bragg 
reflector (DBR) lasers. These are devices with 
multiple sections where one section is responsible 
for the optical gain and another section (the DBR 
section) is responsible for the optical feedback. 


So far, we have discussed so-called edge 
emitting lasers where the light emission is in the 
plane of the active area of the device. The lengths of 
these lasers are typically hundreds of microns and 
thus correspond to a few hundreds of optical 
wavelengths. This causes one of the major disadvan- 
tages of edge emitters — the multimode emission. 
Another disadvantage is the poor elliptic beam 
profile due to diffraction at the small rectangular 
output aperture. Finally, the fabrication procedure of 
edge emitters is complex since it requires multiple 
steps of cleaving before it is even possible to test 
the laser. 

A novel alternative semiconductor laser concept 
was realized in the early 1990s: the vertical-cavity 
surface-emitting laser (VCSEL). A typical VCSEL 
structure is shown in Figure 4. In VCSELs, the light 
emission is parallel to the growth direction, i.e. 
perpendicular to the epitaxial layers of the structure. 
The cavity length of a VCSEL is in the order of a few 
(1-5) multiples of half the wavelength of the emitted 
light in the material. These small dimensions imply 
that the interaction length between the active medium 
and the light field in the resonator is very short. 
Therefore, the mirrors of a VCSEL have to be of very 
good quality; reflectivities of more than 99% are 
required in most configurations. 

Very high reflectivities can be achieved with 
dielectric multilayer structures, so-called Bragg reflec- 
tors. Bragg reflectors consist of a series of pairs of 
layers of different refractive indices, where each layer 
has the thickness of a quarter of the emission 
wavelength. Most preferably, Bragg reflectors are 
epitaxially grown together with the active area of the 
device in only one growth process. 

Small VCSEL resonators with Bragg reflectors at 
both ends of the cavity are called microcavities. They 
are designed in such a way that only one longitudinal 
mode is present in the region of the semiconductor 
gain spectrum. Accordingly, VCSELs are well suited 
to provide single-mode characteristics. Moreover, a 
round aperture for light emission can be realized 
with a diameter of a few micrometers so that 
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Figure 4 Vertical-cavity surface-emitting laser (VCSEL). 
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diffraction is weak and the beam profile is almost 
perfect. 

VCSELs can be tested on wafer without further 
processing and can be arranged in two-dimensional 
arrays. A major disadvantage of VCSELs is their 
temperature dependence. The bandgap of the active 
material and the cavity mode depend on temperature 
in such a way that the cavity mode shifts away from 
the region of maximum gain when the temperature is 
varied. This severely limits the temperature range of 
operation for VCSELs. 


Semiconductor Laser Dynamics 


The dynamical behavior of semiconductor lasers is 
rather complex because of the coupled electron-hole 
and light dynamics in the active material. Like other 
laser materials, semiconductor lasers exhibit a typical 
threshold behavior when the pump intensity is 
increased. For weak pumping, the emission is low 
and spectrally broad; the device operates below 
threshold and shows (amplified) spontaneous emis- 
sion. At threshold, the optical gain compensates the 
losses in the resonator (i.e., internal losses and mirror 
losses) and lasing action starts. Ideally the output 
power increases linearly with the injection current 
above threshold. The derivative of this curve is 
proportional to the differential quantum efficiency. 
The differential quantum efficiency can reach values 
close to unity and even the overall efficiency of 
the diode laser, i.e., the conversion rate from 
electrical power into optical power, can be as high 
as 60% which is far higher than for any other laser 
material. 

Ideally, the laser emission is single mode above 
threshold. However, as discussed above, edge-emit- 
ting diode lasers tend to emit on multiple longitudinal 
modes and the competition of these modes can lead to 
complex dynamical behavior which is significantly 
enhanced as soon as the laser receives small amounts 
of optical feedback. Semiconductor lasers are extre- 
mely sensitive to feedback and tend to show 
dynamically unstable, often even chaotic, behavior 
under certain feedback conditions. 

Like other lasers, semiconductor lasers respond 
with relaxation oscillations when they are suddenly 
switched on or disturbed in stationary operation. 
Relaxation oscillations are the damped periodic 
response of the total carrier density and the optical 
output intensity as a dynamically coupled system. 
Both are important for many aspects of semiconductor 
laser dynamics. The relaxation oscillation frequency 
determines the maximum modulation frequency of 
diode lasers. This frequency is strongly governed by 
the differential gain in the active material, 


i.e., by the variation of the optical gain with carrier 
density. 

An important application of relaxation oscil- 
lations is short pulse generation by gain switching 
of laser diodes. The idea of gain switching is to inject 
a short and intense current pulse or an optical pump 
pulse into the laser structure. This pulse initiates 
relaxation oscillations but it is so short that already 
the second oscillation maximum is not amplified. As 
a consequence, only one intense pulse is emitted. The 
shortest pulse widths achieved with this scheme so 
far are in the few picoseconds range. For short pulse 
generation, a further complexity of the diode laser 
comes into play. The emitted pulses are observed to 
be strongly chirped, i.e., the center frequency 
changes during the pulse. This complex self-phase- 
modulation is a result of the strong coupling of the 
real and the imaginary parts of the susceptibility in 
the semiconductor. If the gain (which is basically 
given by the imaginary part of the susceptibility) 
changes during a pulse emission, the refractive index 
(basically the real part of the susceptibilty) also 
changes considerably. This leads to a self-phase- 
modulation if a strong optical pulse is emitted. This 
strong phase—amplitude coupling is also responsible 
for the high feedback sensitivity of diode lasers, for 
complex spatio-temporal dynamics (e.g., self-focus- 
ing, filamentation), and for a _ considerable 
broadening of the emission linewidth. The phase— 
amplitude coupling is often quantified with the 
so-called linewidth enhancement or a factor. This 
parameter, however, is a function of carrier density, 
photon wavelength, and temperature. 

Diode lasers are also suited for the generation or 
amplification of extremely short pulses with dur- 
ations below 1 picosecond. The concept used for such 
extremely short pulse generation is called mode- 
locking. The idea of mode-locking is to synchronize 
the longitudinal modes of the laser so that their 
superposition is a sequence of short pulses. The most 
successful concept to achieve mode-locking of diode 
lasers is to introduce a saturable absorber into the 
laser cavity and to additionally modulate the injection 
current synchronously to the cavity roundtrip freq- 
uency. A saturable absorber exhibits nonlinear 
absorption characteristics: the absorption is high for 
weak intensities and weak for high intensities so that 
high peak power pulses are supported. Such absor- 
bers can be integrated as a separate section into 
multiple-section diode lasers which have already been 
successfully used for subpicosecond pulse generation. 
Furthermore, electro-absorption modulators, passive 
waveguide sections, and tunable DBR segments for 
wavelength tuning can also be integrated into such 
multiple-section devices. 
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However, when subpicosecond pulses are gener- 
ated or amplified in semiconductor laser amplifiers 
the dynamics of the pulse generation or pulse 
amplification is strongly governed by complex 
nonequilibrium carrier dynamics in the semiconduc- 
tor. The most prominent effects are spectral hole 
burning and carrier heating. Spectral hole burning 
occurs if an intense laser field removes carriers 
from a certain area in k-space faster than carrier— 
carrier scattering can compensate for. This leads to 
nonthermal carrier distributions and a gain suppres- 
sion in certain energy regimes. As mentioned above, 
a nonthermal carrier distribution relaxes quickly 
(100 femtoseconds) into a thermal (quasi-equili- 
brium) distribution if the intense laser field is 
switched off, but this carrier distribution may 
have a plasma temperature much higher than the 
lattice temperature. This effect, which is referred 
to as carrier heating, also leads to a transient 
reduction of the gain on a few picoseconds time- 
scale until the carrier distributions have cooled 
down to the lattice temperature by interactions with 
phonons. These ultrafast effects are of course 
particularly important for amplification and 
generation of short pulses but they generally 
influence the whole dynamical behavior of diode 
lasers including, e.g., the modulation behavior. 
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Introduction 


Under photoluminescence excitation, a luminescent 
center located inside a transparent material usually 
emits at a longer wavelength than the excitation. This 
is because of the existence of de-excitation losses 
inside the material. Thus, efficient down-conversion 
lasers can be built, for example, the commercial 
Nd?+:Y3Al;O,2 laser which works at 1064 nm, 
under usual pumping near 800 nm. More surpris- 
ingly, it has been demonstrated that fluorescence can 
also be emitted at shorter wavelength than the 
excitation. This is possible if the losses are reduced 
and overcome by so-called ‘up conversion mechan- 
isms’. Generally speaking, a laser emitting at a shorter 
wavelength than the excitation is classified as an 
up-conversion laser. 

These lasers are able to generate coherent light in 
the red, green, blue, and uv spectral ranges. A point of 
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practical importance is that some of them can be 
pumped in the near-infrared range (around 800 nm or 
980 nm) by commercially available laser diodes. They 
can be based on all-solid-state technology and share 
its advantages: compactness of devices, low mainten- 
ance, and efficiency. They are needed for a variety of 
applications: color displays, high density optical data 
storage, laser printing, biotechnology, submarine 
communications, gas-laser replacement, etc. 

Because the emitted photons have higher energy 
than the excitation ones, more than one pump photon 
is needed to generate a single laser photon, so the 
physical processes involved in the up-conversion laser 
are essentially nonlinear. Two kinds of laser devices 
can be considered. In the first one, the excitation of 
the luminescent center up-migrates through the 
electronic levels and reaches the initial laser level. 
This step is due to some luminescence mechanisms. 
Then, in a second step, lasing at a short wavelength 
occurs through a transition towards the final laser 
level. In the second kind of device, the pump 
excitation activates a down-conversion lasing, but 


LASERS / Up-Conversion Lasers 509 





the laser wave is maintained inside the cavity, cannot 
escape, and is up-converted in short wavelengths by 
the second-order nonlinear susceptibility of the 
crystal host. This requires bifunctional nonlinear 
optical and laser crystals. The device is thus a self- 
frequency doubling laser or a self-sum frequency 
mixing laser. If the nonlinearity is not an intrinsic 
property of the laser crystal but is due to a second 
nonlinear optical crystal located inside or outside the 
cavity, the device operates intracavity or extracavity 
up conversion. 


Up-Conversion from Luminescence 
Mechanisms 


The numerous maece energy levels (4f” configuration) 
of the trivalent rare earth ions, inserted in crystals or 
glasses, offer many possibilities for up conversion, 
particularly from long-lived intermediate levels that 
can be populated with infrared pumping. Crystal field 
induced transitions between them are comprised of 
sharp lines, because the 4f” electrons are protected 
from external electric fields by the 5s”p° electrons. 
Their fluorescence spectra can exhibit cross-sections 
high enough (10° '? cm?) to lead to laser operation in 
the visible range. For up-conversion purposes, the 
most popular ions are Er?*, Pr**, Tm?*, Ho**, and 
Nd?*. Up conversion in Er** was used for the first 
time in 1959, to detect infrared radiation. 


Energy Transfers 


Two ions in close proximity interact electrostatically 
(Coulomb interaction) and can exchange energy. The 
ion which gives energy is called the sensitizer S$ or 
donor, and the energy receiving ion is the activator A 
or acceptor. Two examples discussed below are 
shown in Figure 1. The most typical case of such 
nonradiative energy transfer in trivalent rare earth 
ions in insulating materials is due to electrical dipole— 
dipole interaction. For the latter, the transition 


al Ay 


Ag 











{a} Sensitizer Activator (b) Sensitizer Activator 
Figure 1 (a) Up-conversion cross-relaxation energy transfer. 
(b) Down-conversion cross-relaxation energy transfer. The 


example in (a) is phonon assisted, the example in (b) is resonant. 


probability W(s') takes the form: 





shict 1 Qa ( fx(EfsE) 
4 Rb 7 dE [1] 
Aan” R° Trad E 
where R is the S—A distance, E is the photon energy of 
the transition operated by each ion, x the refractive 
index, and Qa, is the integrated absorption cross- 
section of the A-transition: 


Qa = | ox Ede, [2] 


— GA 
On 
In eqn [1], Taq is the radiative emission probability 


of S for the involved transition calculated from the 
emission probability As: 


1 
a = | Ase, fs = TradAs [3] 


The integral in eqn [1] is called the overlap integral 
and shows that the transfer is efficient if the 
luminescence spectrum of S is resonant with the 
absorption spectrum of A (corresponding to the S and 
A transitions involved in the nonradiative transfer). 
The transitions are often not in perfect resonance but 
remain efficient enough to be used in practice. Then 
the energy mismatch is compensated by phonons, and 
the energy transfer is said to be phonon-assisted. 

The energy transfer visualized in Figure 1a is an up- 
conversion cross-relaxation. It is often met in the rare 
earth ions cited above when they are sufficiently 
concentrated in the material. The S and A ions can be 
of the same or of different chemical species. Succes- 
sive energy transfers can promote the activator from 
its ground state towards higher energy levels, up to 
the one from which lasing can occur. This is the so- 
called ‘Addition de Photons par Transferts d’Energie’, 
sometimes appointed ‘APTE’. Yb** is the most used 
ion as sensitizer and leads to the following transfers in 
examples of Er** or Ho** co-doping: 


*Bsa(Yb) + “Ty52(Er)  *F72(Yb) + “Ty12(Er) 





*Fso(Yb) + *Ty49(Er) > 7F72(Yb) + *F72(Ex) 


*Fs(Yb) + °Ig(Ho) > 7F72(Yb) + °I6(Ho) 








*Fs(Yb) + °Ig(Ho) > 7F72(Yb) + °S (Ho) 


If several sensitizers give their energy simul- 
taneously to a single activator, promoting it directly 
from its ground state towards a high energy level 
without intermediate levels, the sensitization is said to 
be ‘cooperative’. 
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The energy transfer shown in Figure 1b is a down- 
conversion cross-relaxation. It is the inverse of the 
previous one. At first sight it is, of course, undesirable 
in an up-conversion laser. However, we notice that 
one ion in the upper level will lead to two ions in the 
intermediate level. This fact can be exploited in 
special conditions (see below) and be beneficial for up 
conversion. 

The dynamical study of the energy transfers, 
starting from the microscopic point of view contained 
in eqn [1], is very complicated because of the random 
locations of the ions or because of other processes, 
such as energy migration among sensitizers and back 
transfers. A popular method leading to useful 
predictions in practice is the rate equation analysis 
dealing with average parameters. The time evolution 
of the population densities 7; of the various levels i are 
described by first-order coupled equations, solved 
with adequate initial conditions and including the 
pumping rate. As an example, the rate equations for 
levels 1 and 2 in Figure 1a take the form: 


dn, op, Paniw 16 
dt 1 72 

diy _ m4 2 

Mo +tny+nm=1 [8] 


where 71,2 are the lifetimes of levels 1 and 2, k is the 
up-conversion transfer rate, B21 is the branching ratio 
for the 2 — 1 transition, and W is the pump rate (not 
shown in Figure 1). 


Sequential Two-Photon Absorption 


Pumping the ground state of a luminescent ion 
(Figure 2a) with a wave at angular frequency a, 





= 





(a) 2 (b) 








Figure 2 Two-photon absorption up-conversion. 


leads to population with density 7, of an excited state 
in a first step. Because the rare earth ions have 
numerous energy levels, it is possible for the pump to 
also be resonant with the transition from level 1 
towards a higher energy level 2, and is further 
absorbed. Such a process leading to 7. up-conversion 
population is a sequential two-photon absorption. If 
there is no 1—2 resonant transition for the w 
frequency, it is possible to use a second pump wave 
at a different angular frequency w’ resonant with the 
1 — 2 transition (Figure 2b). Of course, in practice, it 
is advantageous when a single pump beam is required 
for up conversion. 

Let us show the relevant terms of the rate equation 
analysis describing the process in Figure 2a: 


ae Sl ed ee [9] 
dt T71 T2 
dn n 
ae = ar + loyn, [10] 
Mp tm+m=1 [11] 


where I is the photon density of the pump (photons 
s ‘cm 7) and gg and oj are the absorption cross- 
sections (cm?) of the 0 > 1 and 1— 2 transitions, 
respectively. The 2, population density shows a 
nonlinear I dependence, most often close to I”. 


Photon Avalanche 


In rare earth doped materials, an up-conversion 
emission, intense enough for visible lasing, can result 
from a more complex mechanism. In this case, 
absorption of the pump is not resonant with a 
transition from the ground state (weak ground-state 
absorption), but on the contrary, the photon pump 
energy matches the gap between two excited states 
(high excited state absorption). These levels are 
labeled 1 and 2 in Figure 3. Level 1 generally has 
a rather long lifetime in order to accumulate 


fg population 





Pump power 








Ag 


Figure 3 Photon avalanche up-conversion. 
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population and level 2 is the initial up-conversion 
laser level. When the pump light is turned on, the 
populations of levels 1 and 2 first grow slowly, and 
then can accelerate exponentially. This is generally 
referred to as ‘photon avalanche’. The term ‘looping 
mechanism’ also applies, because we can see in 
Figure 3 that the excited state absorption 1— 2 is 
followed by a cross-relaxation energy transfer (quan- 
tum efficiency up to two) that returns the system back 
to level 1. So after one loop, the 7; population density 
has been amplified, and is further increased after 
successive loops. This pumping scheme was discov- 
ered in 1979, with LaCl3:Pr?* crystal used as an 
infrared photon counter. 

The rate equation analysis applied to the three-level 
system in Figure 3 leads to the following time 
evolutions: 





sc ce ee cee, |e [12] 
dt T Tp 
ate aie t Ioyn, kngny [13] 
dt T 
No tnytn,=1 [14] 


where the parameters have the same meaning as in 
eqns [6]—-[11]. 

The steady state limit of the populations at infinite 
time, upon continuous excitation starting at t= 0, 
can be obtained from canceling the time derivative in 
the left-hand side of the equation. Let us point out the 
interesting result. Two different dynamical regimes 
and analytical expressions for 17(00) are obtained. In 
the usual case of low pumping rate in the ground state 
and if the parameters of the systems satisfy: 
R< Fa, then the first regime is observed, whatever 
the pumping rate Io, in the excited state. 

If the parameters satisfy: 


k> 1— By 


72 


[15] 


the first regime is still observed at low pumping rate 
Io, in the excited state, more precisely at pumping 
rate low enough such that 


1 1 
e+ i) 2 
72) 71 


-_ (1 — bp1) 


Io; < 
72 


But interestingly, the second regime, the so-called 
photon avalanche, is obtained at high pumping rate 


Io, in the excited state, that is to say if: 


[16] 


So the right-hand side of eqn [16] appears to be a 
pump threshold separating two dynamical regimes 
when the condition in eqn [15] is satisfied, as the 
insert in Figure 3 shows. 

Another way to distinguish between the two 
regimes is given by linearization of the system of 
eqns [12]-[14] (7) = 1). Then the description will 
only be valid close to t = 0. We know from standard 
mathematical methods that the solutions of eqns 
[12]—[14] are then a combination of exp(at) terms. If 
the threshold condition in eqn [16] is satisfied, a 
parameter a in the combination becomes positive, so 
the population of level 2 increases exponentially 
(photon avalanche) at early times and the dynamics of 
the system is unstable. 

The physical meaning of eqns [15] and [16] is 
clarified by introducing the yield ncp of the cross- 
relaxation process: 


k 
= —_— 17 
es k + 1/1) 
and the yield 7 of the 2 > 1 de-excitation: 
bx4/1 
= —_—. 18 
a k + 1/1) 


Then, the threshold condition in eqn [16] can be 
written as: 


Io, 
———_— ](2 >1 19 
(st ) Ncr + 1) [19] 


Starting with one ion in level 1, the first parenthesis 
in eqn [19] is the yield with which it will be promoted 
to level 2, and the second parenthesis is the yield of 
the backward path 2 — 1. So, the left-hand side of 
eqn [19] is the new number of ions after a looping 
path 1 — 2 > 1, which has to be higher than 1 for the 
avalanche to occur. If we consider a lot of successive 
loops, the origin of the exponential behavior is clear. 
The role of the first ion in level 1 (and the weak 
pumping rate in the ground state Ig) is limited to 
initialize the process. Note that the value of the first 
parenthesis in eqn [19] is less than 1, so the second 
parenthesis has to be higher than 1. This condition is 
equivalent to eqn [15]. 
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Materials: The Energy Gap Law 


As we can see from the above mechanisms, up 
conversion needs intermediate energy levels and is not 
efficient if these cannot accumulate populations due 
to a short lifetime. The spontaneous rate of de- 
excitation of an electronic level is the sum of a 
radiative part W'4 and of a nonradiative part W™4, 
The radiative part can be obtained through the 
absorption cross-section corresponding to the tran- 
sition or from the Judd—Ofelt theory which also 
exploits the absorption spectrum. The nonradiative 
rate is then obtained by subtracting W'4 from the 
measured fluorescence decay rate of the level. Based 
on the measurements in many hosts for the different 
trivalent rare earth ions, at different temperatures, the 
nonradiative decay rate of a J-level towards the next 
lower J'-level was found to have the form: 





—P 

Wij! = Bexp(—BAEy)(1—exp( - Ge") [20] 
where AEjy is the energy gap between the two levels, 
p=AEjy/@maxs Omax being the energy of an effective 
optical phonon of the host. The values of B, B and 
®max are found by fitting with experimental data. An 
example of such a fit is represented in Figure 4. 

Equation [20] is the well-known and familiar 
‘energy gap law’. We have represented it for several 
oxide and nonoxide hosts at T = 300 K in Figure 5. It 
is clear that chloride, bromide, fluoride will be 
favorable hosts for up conversion due to their low 
phonon energy (LaBr3: @max = 175cm™!, LiYFy: 
Wmax = 400 cm™!, Y3A15;012: @nax = 700 cm“, sili- 
cate glass: ®max = 1100 cm™!). Let us mention also a 
fluorozirconate glass, ZBLAN, widely used in up- 
conversion fiber lasers. 
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Figure 4 Energy-gap dependence of nonradiative decay rates 
in YAIO3. 
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Figure 5 Energy-gap law for different hosts at 300 K. 


Up-Conversion from Second-Order 
Optical Nonlinearity 


The inter-atomic electric field acting on the electrons 
inside a medium has a magnitude of ~ 10° V/cm and 
derives from a potential that is anharmonic. The 
electric field E of an electromagnetic wave propagat- 
ing through the medium drives the electrons beyond 
the quadratic region of the potential in the case of 
high E. So, the electron response and the associated 
polarization P take the form of a function of E: 


P(E) = &)(¥? SE + X° (E+ yO: BP +--+) [20] 


The different terms in eqn [21] are responsible for 
many optical phenomena because in Maxwell elec- 
tromagnetic theory, the polarization is the source of 
the waves. We have selected in Table 1 the terms 
relevant for linear effects and for the purpose of 
frequency up conversions: second-harmonic gener- 
ation (SHG) and sum-frequency mixing, due to 
second-order terms. It should be noticed that the 
latter have a nonzero value only in noncentrosym- 
metric materials. 

Figure 6 visualizes the up conversion from SHG: 
two photons of the fundamental field at angular 
frequency @, are annihilated while one photon at 
twice the angular frequency is created. A similar 
picture could be drawn for sum-frequency up con- 
version: SHG is the degenerate case where w, = a. 

The second-order nonlinear processes have an 
efficiency given by an effective coefficient dog given 
hereafter: 

dete = >. €;( 3) djjp€)( 01 eg(W) [22] 
iik 


where e;(w,) is the ith component of the unit vector of 
the electric field of the wave / at angular frequency a, 
and dip a (1/2) xin. 
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Table 1 Relevant terms for frequency up-conversion 
Optical process Term New wave 
Linear 

Refractive index, x (= wo) 

absorption, stimulated 

emission 
Second order nonlinear 

Second harmonic x (= w3304,01) 03 = 204 

generation 

Sum-frequency mixing y(— 3301, +2) 3 = w, + wo 

IN, IN, #1? 

ne 

ia] 

2 

= 

=a 

e 

S Nova? 

% IN, -2? are 

o 

Fundamental Second harmonic 


Figure 6 Up-conversion from second harmonic generation. 


Moreover, the wave propagation equations in the 
slow varying envelope approximation, given here- 
after for the E3 electric field of the sum-frequency 
mixing wave: 


dE iw3d ; 
7 = a exp(i(ky + ky = k3)z) 
Zz 13C [23] 


impose that the frequency conversion is efficient in 
practice, only if the following phase matching 
condition is satisfied: 

@11 | (8, ¢) + @277 1 (6,9) = 03731 (6,9) [24] 
where n;f and n;| are respectively the upper and 
lower refractive index in the direction of propagation 
(0, ~) (m; in eqn [23] are the same with a simplified 
notation). Equation [24] is restricted here for 
simplicity to collinear type I (waves 1 and 2 and the 
same polarization) and is the expression of photon 
momentum conservation. It is usually achieved from 


the birefringence of the crystals. When this is not 
possible, another technique can be used, namely 
quasi-phase matching, which involves reversing 
periodically the sign of the nonlinear optical 
coefficient. 

In bifunctional crystals, the laser effect and the x7 
interaction occur simultaneously inside the same 
crystal. In the case of the self-frequency doubling 
laser, the angular frequency w, = @) in eqn [24] is 
that of the fundamental laser wave. In the case of the 
self-sum frequency mixing laser, w; corresponds to 
the fundamental laser wave and w to the pump wave. 
As we can see from eqns [22]—[24], the polarization 
of the laser emission is crucial in order for the device 
to work. So, the laser stimulated emission cross- 
section o for propagation in the phase matching 
direction (6, d) in the adequate polarization has to be 
evaluated. This can be performed with the formula: 
OxIyOZ 


a(8, 9) = [25] 








2 42 
yeZ 


\o}o%e% + oLozey + 20 
where oy y,z are the emission cross-sections for X, Y, 
Z-polarizations and ex yz are the components of the 
unit vector or the electric field of the laser wave. 

To summarize, the conditions necessary for a 
crystal to be a bi-functional material are: (i) it must 
be noncentrosymmetric; (ii) it must accept fluorescent 
doping (usually with Nd** or Yb?*); and (iii) it must 
be phase matchable for its laser emission. In practice, 
only a few crystals satisfy these requirements and 
have been tried with some success. The main ones are 
LiNbO3;, LaBGeOs, Ba,NaNb;0js, B'-Gd2(MoO,4)3, 
YAI3(BO3)4, GdAl3(BO3)4, CaY4(BO3)30, and 
CaGd4(BO3)30. 


Up-Conversion Lasers Based on 
Luminescence Mechanisms in 
Materials 


Energy Transfers 


Up-conversion lasers from energy transfers have the 
advantage of using a single pump laser. This latter 
populates firstly a long-lived intermediate level. 
A typical example, based on LiYF4:Er** crystal, is 
provided by Figure 7. 

The pump at 802 nm from a GaAlAs diode laser, or 
at 969 nm, populates efficiently at the 8 ms lifetime 
“T1142 level. The green laser, at 551 nm, corresponds to 
the *S3/, — “1,5, transition and it can be shown that 
energy transfer is an essential part of the mechanism 
by stopping abruptly the pump laser: green lasing 
continues to occur for several hundred microseconds 
because the *S3,> level is still fed (an excited-state 
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absorption would stop immediately). The involved 
energy transfer is: 


Tie + The “Fr + “lise [26] 


and leads to a 20 mW laser threshold and 2.3 mW 
green output power at 50K temperature upon 
95 mW of incident power. 

By using mirrors with high transmission in the 
green range but having high reflectivity at blue 
wavelengths, blue laser emission at 470 nm can be 
sustained, corresponding to the 7P3,. — 41,4. tran- 
sition. It originates from a mechanism involving three 
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Figure 7 Energy level diagram of LiYF4:Er°*. The dashed lines 
indicate the energy transfers responsible for the green and blue 
up-conversion lasing. Reproduced with permission of American 
Institute of Physics from Macfarlane RM, Tong F, Silversmith AJ 
and Lenth W (1988) Violet CW neodymium upconversion lasers. 
Applied Physics Letters 52(16): 1300. 


up-conversion energy transfers: 


4 4 4 4 
lin + Tue Foe + lis 





Tie Tv “Lisp nd *Foy + “Lisi [27] 


4 4 4 2 
S37 + "Fo > “Tis + “Kiz 


The illustration in Figure 7 shows up-conversion 
energy transfers between ions of the same chemical 
species, but co-doping the laser host with two ions of 
different chemical species provides the opportunity of 
separating their roles: one species is devoted to pump 
absorption (this is the sensitizer) and the other one is 
devoted to lasing (this is the activator). Due to the 
development of efficient semiconductor InGaAs 
diodes emitting near 980 nm, the most widely used 
sensitizer is Yb**. Table 2 provides a list of several 
up-conversion lasers based on energy transfer mech- 
anisms, operating at room temperature. We can see 
that among the most efficient lasers, are those based 
on rare-earth ions doped glass fibers. The reason is 
that in fibers, the pump and laser waves remain 
confined inside a core (typically 5 1m diameter) and 
have high energy densities over a long length (tenths 
of cms), which is favorable for all up-conversion 
mechanisms. 


Sequential Two-Photon Absorption 


An example of an up-conversion laser pumped by a 
two-photon absorption mechanism is represented in 
Figure 8. The material is LaF3:Nd?* and violet lasing 
at 380nm corresponds to the *D3,. > *h4 
transition. 

Transition from the ground state up to the *Fs/> 
level is firstly obtained from an infrared beam at 
790 nm in order to feed the *F3/ intermediate level 
after a fast nonradiative de-excitation. The *F3/> level 
has a rather long lifetime: 700 ws, so it accumulates 


Table 2 Main room temperature up-conversion lasers operating from energy transfers 





Laser material Laser wavelength (nm) Pump wavelength (nm) Output power 
BaY,.4Ybo.59H09.01Fg 670 1540 + 1054 

BaYYbo.998TMo.002F 8 649 1054 1% 
BaYYbo.99TMo.01F s 799-649-—510—455 960 

BaYYbo.99TMo.01F g 348 960 

LIYF4:Er(1%):Yb(3%) 551 966 37 mW 
LIYo.g9Y 0.4 TMo.01F 4 810-792 969 80 mW 
LIYo.89YDo.41TMo.01F 4 650 969 5 mw 
LIKYFs:Er (1%) 550 808 150 mW 
Fiber:Yb:Pr 635 849 20 mW 
Fiber:Yb:Pr 635 1016 6.2 mW 
Fiber:Yb:Pr 521 833 0.7 mW 
Fiber:Yb:Pr 635 860 4mw 
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Figure 8 Simplified energy level diagram of LaF,:Nd°* and up- 
conversion lasing from two-photon absorption. (a) Two different 
pump wavelengths, (b) doubly resonant single pump wavelength. 
Reproduced with permission of American Institute of Physics from 
Lenth W, Silversmith AJ and Macfarlane RM (1988) Green 
infrared pumped erbium up conversion lasers. In: TAM AC, Gole 
JL and Stwalley WC (eds) Advances in Laser Science — III. AIP 
Conference Proceedings n°172: 8-12. 


enough population that a second yellow pumping at 
591 nm (Figure 8a) can efficiently populate the *D3, 
initial laser level. With 110 mW of infrared pump and 
300 mW of yellow pump, 12 mW of violet output 
were obtained at 20 K temperature. 

A simpler device is obtained if a single-pump beam 
is used. This is the case in Figure 8b, where a yellow 
pump at 578 nm provides both ground state and 
excited state absorption. This doubly resonant 
scheme is less efficient in LaF3:Nd** than the previous 
one but in Figure 9, we show another example: 
LiYFy:Er?*, working at room temperature. The 
lasing *S3,. 4 “Is. transition at 551 nm delivers 
20 mW upon 1600 mW pumping at 974 nm. 

The simplified Er?* level scheme of Figure 9 
contains four main levels with population densities: 
no = Chisal, m = Chisel, m2 = Clin, 3 = (S321. 
The rate equations of populations of this system can 





Figure 9 Simplified energy level diagram of LiYF,4:Er°* and up- 
conversion lasing from two-photon absorption (doubly resonant). 
Reproduced with permission of Institute of Physics Publishing 
from Huber G (1999) Visible cw solid-state lasers. Advances in 
Lasers and Applications, Bristol and Philadelphia: Scottish 
Universities Summer School in Physics & Institute of Physics 
Publishing, 19. 


Table 3. Main room temperature up-conversion lasers operating 
from two-photon absorption 














Laser material Laser Pump Output 
wavelength (nm) wavelength (nm) power 
Y3Als04:Er 1% 561 647 + 810 
LIYF4:Er 1% 551 647 + 810 0.95 mJ 
LIYF4:Er 1% 551 810 40 mw 
LIYF4:Er 1% 551 974 45 mW 
LIYF,:Er 551 974 20 mW 
KYF4:Er 1% 562 647 + 810 0.95 mJ 
LiLuF4:Er 552 974 70 mW 
LiLuF,:Er 552 970 213 mW 
LIYF4:Tm 1% 453-450 781 + 649 0.2 mJ 
Fiber:Tm 480 1120 57 mW 
Fiber:Tm 480 1100-1180 45 mW 
Fiber:Tm 455 645 + 1064 3 mW 
Fiber:Tm 803-816 1064 1.2W 
Fiber:Tm 482 1123 120 mW 
Fiber:Yb:Tm 650 1120 
Fiber:Ho 540-553 643 38 mW 
Fiber:Ho 544-549 645 20 mW 
Fiber:Er 548 800 15 mW 
Fiber:Er 546 801 23 mW 
Fiber:Er 544 971 12 mW 
Fiber:Er 543 800 
Fiber:Pr 635 1010 + 835 180 mW 
Fiber:Pr 605 1010 + 835 30 mW 
Fiber:Pr 635 1020 + 840 54 mW 
Fiber:Pr 520 1020 + 840 20 mW 
Fiber:Pr 491 1020 + 840 7mW 
Fiber:Nd 381 590 74 pW 
Fiber:Nd 412 590 500 pW 
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be written and solved because all the implied 
parameters (lifetimes, branching ratios, ground, and 
excited states absorption cross-sections) have been 
measured in this material. Predictive models of the 
up-conversion green laser are successful, matching 
experimental measurements, and confirm that the 
doubly resonant mechanism is realistic at low doping 
concentration. 

Table 3 summarizes the performances of the main 
up-conversion lasers based on sequential photon 
absorption and working at room temperature. 


Photon Avalanche 


Photon avalanche up-conversion was observed 
mainly in Nd?+, Tm?*, Er?t, and Pr°* doped 
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Figure 10 Experimental set-up for Yb-—Pr-doped fiber up- 
conversion laser. M1: dichroic mirror, C1, C2: lenses, M2 dichroic 
input mirror. Reproduced with permission of Optical Society of 
America from Sandrock T, Scheife H, Heumann E and Huber G 
(1997) High power continuous wave up-conversion fiber laser at 
room temperature. Optics Letters 22(11): 809. 


materials. As an illustration of this mechanism, let 
us consider the case of the continuous wave Pr?*— 
Yb**-doped fluorozirconate fiber laser (3000 ppm Pr, 
20 000 ppm Yb). With two Ti:sapphire pump lasers 
operating at 852 and 826 nm (Figure 10), an output 
power at 635 nm as high as 1.02 W was obtained 
with an incident pump power of 5.51 W (19% slope 
efficiency). 

This remarkable result can be explained quantitat- 
ively by modeling the photon avalanche with a five- 
level diagram and restricted in Figure 11 to a single 
laser pump at 850nm. The laser emission corre- 
sponds to the 3P,) — 3B, transition. The five relevant 
levels have the population densities: my) = [>H,(Pr)], 
m =UGA(Pr)], m2 =[Po(Pr)], 3 = Fr2(Yb)), 
ng = (Fsp(Yb)]. 

The two components of the mechanism are: 


(i) the excited state absorption of the pump by the 
spin allowed transition: 'G4— ‘I, 

(ii) the process leading to the doubling of the 'G4 
population, in this instance through two energy 
transfers: 


"Te(Pr) + 7F72(¥b) > 'Gy(Pr) + *Fs2(¥b) 
*Fyo(Yb) + 3Hy(Pr)  7F72(¥b) + 'G4(Pr) 


The rate equation analysis predicts that the 
avalanche threshold occurs at about 1W pump 
and the long fluorescence rise time is somewhat 
shortened at higher pump power, as observed 
experimentally. 
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Figure 11 


Energy level diagram of fluorozirconate: Yb**:Pr** fiber. The dashed lines indicate the energy transfers. Reproduced with 


permission of the Optical Society of America from Sandrock T, Scheife H, Heumann E and Huber G (1997) High power continuous wave 
up-conversion fiber laser at room temperature. Optics Letters 22(11): 809. 
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Table 4 Main room temperature up-conversion lasers operating from photon avalanche 





Laser material Laser wavelength (nm) Pump wavelength (nm) Output power 
BaYoF,:Yb:Pr 607.5 822 55 mW 
BaYoF,:Yb:Pr 638.7 841 26 mW 
LIYo.89YDo.1 Pro.o1 Fy 720 830 1% 
LiYo.g9Ybo.14Pro.01F 4 639.5 830 

Fiber:Yb:Pr 635-637 780-880 300 mW 
Fiber:Yb:Pr 605-622 780-880 44 mw 
Fiber:Yb:Pr 517-540 780-820 20 mW 
Fiber:Yb:Pr 491-493 780-880 4mw 
Fiber:Yb:Pr 635 850 1.02 W 
Fiber:Yb:Pr 635 850 2.06 W 
Fiber:Yb:Pr 520 850 0.3 W 







NYAB crystal 


Pump 531.5nm green 





= 


1063 nm 


Figure 12 Scheme of a self-frequency doubling laser. Note that 
in reality the three beams are superimposed. 


Table 4 summarizes the performances of the main 
up-conversion lasers based on photon avalanche 
mechanisms. 


Up-Conversion Lasers Based on 
Bi-Functional Crystals 


The laser stimulated emission in a bi-functional 
crystal was first obtained in 1969 with Tm? in 
LiNbO; but the most used ion is, of course, Nd?* 
working in the two channels: 


“Fp “Trap [29] 

*F3 9 > “Ty30 [30] 
and more recently Yb** working in the channel: 

Fs > °F 79 [31] 


Channels in eqns [29] and [31] operate around 
1060 nm wavelength and the channel in eqn [30] near 
1338 nm. 


The Self-Frequency Doubling Laser 


A typical laser scheme is shown in Figure 12. 


Table 5 Main results of Nd°* and Yb** green self-frequency 
doubling lasers near 530 nm (eqns [29] and [31]) 





Crystal Input power Output power Pumping 
(mW) (mW) 
LiNbO3:MgO:Nd 215 1 Dye laser 
YAl3(BOx3)4:Nd 870 10 Laser diode 
YAI3(BO3)4:Nd 280 3 Laser diode 
YAI3(BO3)4:Nd 400 69 Laser diode 
YAI3(BO3)4:Nd 1380 51 Laser diode 
YAI3(BOs3)4:Nd 369 35 Laser diode 
LiNbO3:MgO:Nd 850 18 Dye laser 
LiINbO3:Sc203:Nd 65 0.14 Ti:sapphire 
laser 
LiNbO3:MgO:Nd 100 0.2 Laser diode 
YAI3(BO3)4:Nd 1600 225 Laser diode 
YAI3(BO3)4:Nd 2200 450 Ti:sapphire 
laser 
(Y,Lu)Al3(BO3)4:Nd 880 24 Laser diode 
LiNbO3:ZnO:Nd 430 0.65 Ti:sapphire 
laser 
BazNaNbs0,5:Nd 270 46 Ti:sapphire 
laser 
CaY4(BOx3)30:Nd 900 62 Laser diode 
CaGd,(BO3)30:Nd 1600 192 Ti:sapphire 
laser 
CaGd,(BO3)30:Nd 1250 115 Laser diode 
CaGd,4(BO3)30:Nd 1560 225 Ti:sapphire 
laser 
YAl3(BO3)4:YD 11 000 1100 Laser diode 
GdAls(BO3)4:Nd 2.8 mJ/pulse 0.12 mdJ/pulse Pulsed dye 
laser 


The laser beam cannot escape from the cavity and 
dichroic mirrors are used. The input mirror has high 
transmission at the pump wavelength and is highly 
reflective at laser- and second-harmonic wavelengths. 
The output mirror is highly reflective at laser 
wavelength and has high transmission for second 
harmonic. Channels in eqns [29] and [31] generate 
green light near 530 nm and the channel in eqn [30] 
generates red light near 669 nm. 
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The most exploited bi-functional crystal is YA; 
(BO3)4:Nd°*, well-known as NYAB. It is a 
negative uniaxial trigonal crystal (extraordinary 
index lower than the ordinary one) and its laser 
emission is easily observed in ordinary polarization 
with a high cross-section: 2x107~!? cm? at 
1063 nm. Type I phase matching occurs at a 
polar angle @=30.7° and 26.8° for channels in 
eqns [29] and [30] respectively. The effective 
nonlinear optical coefficient deg is close to 
1.4 pm V_' at azimuthal angle ¢ = 0°. 

The Yb** ion has some advantages over the Nd? 
ion due to its very simple energy level scheme: there 
is no excited state absorption at the laser wave- 
length, no up-conversion losses, no concentration 
quenching, and no absorption in the green. The 
small Stokes shift between pump and laser emission 
reduces the thermal loading of the material during 
laser operation. A self-doubling laser based on 
YAI;(BO3)4:Yb°* of crystal has produced 1.1 W 
green power upon 11 W diode pumping. 

The drawback of YAI3;(BO3)4 is that it is rather 
difficult to grow because it is not congruent. This 
difficulty was overcome by the discovery at Ecole 
Nationale Supérieure de Chimie de Paris of the rare- 
earth calcium oxoborate CaGd4(BO3)30 which can 
be grown to a large size by the Czokhralski method. It 
is a monoclinic biaxial crystal and doped with Nd**, 
it was firstly exploited (channel in eqn [29]) in 
the XY principal plane at 6= 90°, = 46° with 
(dete = 0.5 pm V~'). It was soon recognized that the 
optimum phase matching direction (dr = 1.68 pm X 
V~') occurred out of the principal planes, in the 






440 nm blue 


1063 nm 


Figure 13 Scheme of a self-sum frequency mixing laser. Note 
that in reality the three beams are superimposed. 


direction 0= 66.8°, @=132.6°, and high green 
power can be obtained: 225mW under 1.56 W 
pump. 

Table 5 summarizes the main self-frequency 
doubling results obtained with the channel in 
eqn [29]. 


The Self-Sum Frequency Mixing Laser 


The example in Figure 13 gives the main features of 
such a laser. The input mirror has high transmission at 
the pump wavelength and both mirrors are highly 
reflective at laser wavelength. The output mirror has 
high transmission at sum frequency mixing 
wavelength. 

The laser wave at angular frequency w, in Table 1 
corresponds to the channel in eqns [29] or [30] in the 
case of Nd**. The wave at angular frequency w) in 
Table 1 has two different roles: first it excites the 
Nd?" laser center and secondly its nonabsorbed part 
is up converted by the second-order nonlinear 
process. w) (corresponding to the wavelength A;) is 
then chosen to match the main Nd** absorption 
lines: 


To > *Gsp — 7Grp (Ay = 590 nm) 
“Ton — *Foyp = "Sap (Ar = 750 nm) 


[32] 
“To “Fs — "Hop (A = 800 nm) 


“To 2 4F 32 (Az = 880 nm) 


The most efficient self-frequency mixing lasers 
based on channels in eqns [29]—[31] are gathered 
in Table 6. 


See also 


Materials Characterization Techniques: y. Nonlinear 
Optics, Applications: Phase Matching. Nonlinear 
Optics, Basics: y‘°)—Harmonic Generation. 


Table 6 Main results of Nd** self-sum frequency mixing lasers based on eqn [29] 





Crystal Pump wavelength (nm) Generated wavelength (nm) Output power 
YAI3(BOz3)4:Nd 740-760 436-443 0.16 mJ/pulse 
GdAl3(BO3)4:Nd 740-760 436-443 0.403 mJ/pulse 
CaGd,(BO3)30:Nd 811 465 1mW 
YAI3(BOs3)4:Nd 585-600 377-383 0.25 mJ/pulse 
GdAls(BOs3)4:Nd 587-597 378-382 0.105 mJ/pulse 
YAI3(BO3)4:Nd 488, 515 330, 380 0.2 mW 
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Shortly after the invention of the laser, in the early 
1960s, it became apparent that laser performance 
was limited by the ability of optical materials to 
withstand high energy and power densities. Broadly 
speaking, laser damage arises from two causes: 
(i) thermal effects, which are associated with high 
average power; and (ii) dielectric breakdown, which 
is associated with high values of the local electric 
field. Early researchers quickly recognized that most 
of the observed damage effects arose from extrinsic 
causes, such as impurities and inclusions in the bulk 
material, or particles or defects on exposed optical 
surfaces. At that time, optical materials had not been 
developed for high-power use, and lacked the quality 
needed for laser applications. In fact, in many 
situations, the laser provided the inspection light 
source used to assess the properties of the materials, 
such as absorption, defects, scattering centers, surface 
topography, and dynamic behavior. Thus, the field of 
laser damage studies was broadened to include many 
aspects of material preparation and characterization. 
At high-power densities, nonlinear effects become 
important, often limiting performance without creat- 
ing any irreversible change in the material’s proper- 
ties. The most general definition of laser-induced 
damage includes all effects arising in optical materials 
and components that limit or degrade the perform- 
ance of laser systems. 

The pursuit of improved performance at high values 
of power and energy densities was motivated by 
several factors and applications. In general, improved 


tolerance to high flux and fluence leads to smaller, 
lighter, and more efficient systems. These are particu- 
larly important for military and energy applications. 
Since the 1970s, the laser fusion program alone has 
produced an extensive body of research on laser- 
induced damage in high-power nanosecond-scale 
systems, which has enabled orders of magnitude 
improvement in the damage resistance and extraction 
efficiency of glass lasers. More recently, with the 
development of fiber laser systems producing and 
transporting a kilowatt of average power in a fiber of 
less than 100 pm diameter, laser damage phenomena 
on an entirely different spatial scale have become 
important. 

Since the early 1970s, the literature of laser damage 
research has been collected in a series of annual 
publications of the Boulder Damage Symposium, 
initiated by the authors of this article, which was first 
held in 1969. Recently the papers presented at the 
Damage Symposium in the years 1969 to 1998 were 
collected and published in CD form by the SPIE. A 
CD containing the proceedings of the next five years 
(1999-2003) will be released by SPIE this year. Also 
in the late 1960s, in the Soviet Union, Academician 
Aleksei Bonch-Bruevich launched a comprehensive 
research project on the nonresonant interaction of 
laser radiation with matter, opening up a new branch 
of photonics research, known in the Soviet Union as 
power optics. In 1969, he founded the All-Union 
Conference on Interaction of Optical Radiation with 
Matter (AURICOM), which was held every two to 
three years until 1990. After 1990, the conference 
was renamed Nonresonant Laser-Matter Interaction 
(NLMI), and chaired by Professor Mikhail Libenson. 
NLMI was held in St Petersburg in 1996, 2000, and 
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2003. The proceedings of the 1996 AURICOM and 
subsequent NLMI conferences have been published 
by the SPIE. We are saddened to note that Professor 
Libenson died in February 2004. 

The Boulder Damage Symposium grew out of a 
one-day Symposium convened in Boulder in 1969 
under the auspices of the ASTM Subcommittee on 
Lasers, to establish standards for laser materials. In 
their summary of the first Symposium, the conference 
organizers remarked: 


The entire question of the nature of the standards 
remains to be addressed. Should they take the form of 
energy density at which catastrophic damage is likely to 
occur, or should they be specified in terms of a mean 
number of shots at a given level of energy density before 
certain degradation of performance is measured? The 
latter would seem to express the kind of information that 
the buyer of laser materials would find most useful. Once 
a standard is agreed upon, a meaningful test configur- 
ation must be established. It is likely that this will be a 
well-controlled oscillator amplifier chain with the test 
specimen an active element of the system, but this is not 
certain. Another point to be determined is that of the 
accuracy to which its specifications should be written. 
This depends in part on the kind of quality control the 
producers of laser glass believe is feasible. 


The questions raised in this first Symposium remain 
at the core of laser damage studies today. How do we 
define damage, in terms of the physical effect on the 
material or in terms of the degradation of perform- 
ance of the system? How do we measure damage 
thresholds or values? How do we specify the proper- 
ties and preparation of the sample, including the 
relevant experimental and material variables? How 
can we ensure that damage values are reproducible, 
unless we make the measurements in a very well 
controlled and characterized system? With what 
precision should damage levels be stated, in order to 
be useful? Extensive research was required in order to 
answer these questions, and to elucidate the funda- 
mental nature of damage mechanisms. Many of the 
results of this research are documented in the 35 year 
record of the Boulder Damage Symposium and the 
corresponding Russian-based conferences. 

From the beginning of this area of research, 
investigators devoted a significant effort to establish- 
ing the ‘first causes’ of damage phenomena. However, 
they quickly realized that in most cases, damage 
occurred at surfaces and material interfaces, or was 
mediated by impurities or inclusions in bulk 
materials. As material fabrication processes 
improved, and higher-quality materials became avail- 
able, observed damage thresholds approached the 
intrinsic limits of the pure material. This was 


particularly true of silicate glass, metal reflectors, 
and in some cases, polymers. In fact, silicate glass has 
become one of the purest noncrystalline materials 
available in bulk quantities. However, for practical 
purposes, most laser systems are limited by damage at 
surfaces, coatings, or impurities. Impurities aggregate 
at grain boundaries in crystalline materials, and 
coalesce into inclusions in glasses, resulting in 
absorption, scattering, and field enhancement. 

The coherent nature of laser light makes any 
scattering phenomena potentially damaging, because 
the scattered light interferes constructively with the 
laser beam, leading to the formation of intensity hot 
spots. Every interface in an optical system is poten- 
tially a source of constructive interference between the 
reflected and incident waves. Multilayer dielectric 
coatings are particularly vulnerable to damage, due to 
the presence of residual stress as well as field 
enhancement from Fresnel reflection. This has led to 
attempts to mitigate the problem by use of specific 
designs, such as avoiding AR coatings by using 
Brewster-angle surfaces, or use of nonquarter wave 
layers to move the peak field away from the vicinity of 
boundaries where impurities tend to collect. Other 
damage-sensitive design considerations can be found 
in the literature. Multiple reflections are the basis of 
photonic crystal optics, and applications of these 
devices to high-power density systems will undoubt- 
edly be limited by field-enhanced damage phenomena. 

In CW operation, of course, thermal effects 
dominate. They may be irreversible, creating perma- 
nent damage sites in the medium, or reversible, such as 
color centers that can be bleached out. As laser pulse 
durations vary from nanosecond to picosecond and 
femtosecond durations, the nature of the dominant 
damage mechanisms changes as well. As a rule of 
thumb, the scaling of damage thresholds as 7/7, where 
7 is the pulse duration, was established empirically, 
and was found to be valid over a wide range of pulse 
durations. This scaling implies the presence of diffu- 
sion effects, either of heat or of electrons, in the vicinity 
of a damage center. As might be expected, this scaling 
does not apply for very short pulses (femtoseconds or 
less), where the extremely high field values can lead to 
instantaneous breakdown of the material. 

Whether the damage is due to field enhancement or 
is impurity-mediated, it is difficult to establish a 
reproducible value for a damage threshold, unless the 
sample is macroscopic in extent, and the sampling 
laser beam is reproducibly of high spatial and 
temporal quality, preferably truly single-mode. 
Damage measurements on microscopic areas are 
unlikely to be representative of the entire sample. 
Damage will occur first at a point where the field is 
strongest or the material is weakest, and a sufficient 
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area must be tested to ensure that it includes such 
sites. Also, unless the beam quality of the laser used 
for testing is well controlled and well characterized, it 
will not be possible to reproduce the test results. 
It is equally important to characterize the samples, 
including their method of preparation, cleaning, and 
test environment. For damage research, as opposed to 
simple threshold testing, postmortem examination is 
also required, to elucidate the mechanism of the 
observed damage effect. However, we now have 
several techniques, such as photothermal deflection, 
that can provide useful pre-catastrophic indicators of 
the onset of laser damage, and thus are appropriate 
for quality control. 

Professor Roger Wood had published a series of 
reviews and textbooks on laser damage in optical 
materials, which provide an overview of the field, 
with appropriate emphasis on measurement tech- 
niques, characterization of the test setup and sample, 
and implications for system design. He has also edited 
a collection of seminal publications in the field, 
published by the SPIE in 1990. 

It is gratifying to those working in this field to 
observe how much of the research carried out to 
elucidate and, if possible, avoid the deleterious effects 
of laser damage has been applied to the constructive 
purpose of laser-assisted material processing and 
manufacturing. The introduction of low-cost, reliable 
femtosecond lasers has stimulated activity in this field, 
since it enables the experimenter to control to exquisite 
precision the power and energy deposited on a 
material. With femtosecond pulses, one can ablate 
material from the surface of an object while minimiz- 
ing any collateral damage to the interior material. 
Surface layers of dirt can be removed from priceless art 
works such as oil paintings, without concern for 
damage to the object itself. Objects with arbitrary 
shape can be built up from metal particles, using laser 
additive manufacturing techniques. Thin films and 
photonic crystal structures can be created using laser- 
assisted deposition. Laser irradiation provides a power 
tool for surface cleaning, conditioning, and annealing. 
Laser interaction with materials and laser-assisted 
manufacturing techniques comprise a vital area of 
research in the materials science community. 

In both the US and Russia, study of the interaction 
of intense coherent light with optical materials began 
with a disarmingly simple objective; to understand 
the fundamental mechanisms of interaction. In the 
review and summary of the 1969 ASTM Symposium, 
the editors wrote: 

In view of the number of problems remaining to be 


resolved, it is suggested that another Symposium on laser 
damage be held in 1970. Hopefully, at that time a better 


understanding of the nature of damage in laser glass will 
have been obtained. Higher threshold values will have 
been reproducibly achieved, and some agreement can be 
arrived at regarding useful and realistic standards. 


Thirty-five years later, damage levels in optical 
materials have been significantly improved, and reali- 
stic and useful standards have been developed under 
the auspices of the International Organization for 
Standardization (ISO), and are now accepted globally. 
However, as the operating regimes of lasers have 
moved to femtosecond temporal scale and micrometer 
dimensions, new phenomena have arisen that require 
further research. An entirely new technology of laser- 
enabled manufacturing and materials conditioning 
has developed, based on the same physics as laser 
damage. Combining the disciplines of materials 
science and applied optics, the interaction of intense 
light with materials remains a scientifically challen- 
ging and economically important field of research. 


See also 


Optical Coatings: Laser Damage in Thin Film Coatings. 
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Introduction 


Short Historic Overview 


During the second half of the nineteenth century, 
electric lighting became possible. In 1879, Edison 
demonstrated his incandescent lamp, and although 
some electric arc lamps competed with the incandes- 
cent lamp bulb for a few years, the first 50 years of 
electrical lighting was dominated by the incandescent 
lamp. Gas discharge lamps (both low- and _ high- 
pressure lamps) became more widely distributed only 
by the end of the third decade of the twentieth 
century, and widespread distribution of the fluor- 
escent lamp, that still dominates our offices and many 
other lighting applications today, was generally 
accepted only after the Second World War. 

The early incandescent lamps had an efficacy of a 
few lm/W, but by 1920 this could be increased by up 
to 10-15 lm/W. Gas discharge lamps started with 
approximately 30 lm/W, but by 1960 their efficacy 
increased to about 70 lm/W. Fluorescent lamps still 
provide only 70 to 100 1lm/W; high-pressure lamp 
efficacy could be increased above this value. The 
different lamp types can be used, however, in different 
applications, depending on the size and the unit 
power of the lamp type. Nonincandescent light 
generation in solid-state materials dates back to the 
1920s: a faint glow of a SiC crystal was observed 
when current passed through it at a point contact. In 
the 1930s, electroluminescence of ZnS powder layers 
was detected (Destriaux effect). By the mid-1960s, it 
became clear that by using the then available 
technology, good luminous efficiency could be 
expected only in III-V compounds (GaAs, GaP, and 
their ternary and quaternary compounds using Al, 
In, and N in the compounds). Pure GaAs has a 
bandgap in the infrared (IR), thus one can build 
good IR-emitters using this material, but no visible 
light emitter. However, GaAs proved to be an 
excellent coherent light-emitting material and 
enabled the construction of IR-emitting semiconduc- 
tor lasers. 

First visible light-emitting diodes were fabricated 
using a GaAsP alloy. Figure 1 shows how the efficacy 
of III-V compound LEDs can be increased by 
introducing new compositions, and later, new 
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Figure 1 Increase of luminous efficacy of LEDs during the past 
40 years. Courtesy of Lumileds Lighting. 


technologies and better light extraction techniques. 
In the figure we also show the efficacy values of 
average incandescent, high-pressure Hg- and fluor- 
escent lamps. The first LEDs emitted in the red part of 
the spectrum, and only by 1975 was the green LED 
invented. By 1985, practically any color between red 
and green became possible, and the efficacy of these 
lamps reached a level where for monochromatic light 
applications, their efficacy could compete favorably 
with filtered incandescent light. LEDs emit in a 
relatively narrow wavelength band (20 nm-30 nm 
bandwidth), and if one has to filter from the 
continuous spectrum of an incandescent lamp such 
a narrowband, the loss becomes considerable. LEDs 
needed only a few volts to function and it became 
general practice to build LEDs with approximately a 
20 mA current load. These LEDs became very 
popular for interior signaling (on instruments, 
household appliances, and in similar applications). 
The goal was, however, to be able to produce white 
light, but the blue-emitting LED was still missing. 
Only after 1990 could the problem of producing p-n 
junctions from GaN, that had a bandgap large enough 
to emit blue light, be solved. Different ternary and 
quaternary compounds, as shown in Figure 1, 
enabled efficacies comparable to incandescent 
lamp efficacy, and the race for producing white 
light began. 


Physical Fundamentals 


Figure 2 shows a forward-biased p—n junction. As 
injected free electrons and holes are driven towards 
the junction, they can radiatively recombine, emitting 
a photon. The probability of photon emission versus 
nonradiative recombination will depend on the band 
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Figure 2 Forward biased p—n junction, light generation via 
recombination of free charge carriers. 
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Figure 3 Band to band recombination in direct and indirect band 
semiconductor. 


structure of the semiconductor. Figure 3 shows the 
two possibilities of a direct and an indirect bandgap 
semiconductor. GaAs is, for example, a direct 
bandgap material. In this material free electrons at 
the bottom of the conduction band can recombine 
with free holes at the top of the valence band, as the 
momentum of the two ‘particles’ is the same and a 
photon emission takes care of the principle of energy 
conservation. GaP is an indirect bandgap material 
where the momentum of the free electrons at the 
bottom of the conduction band differs from the 
momentum of the free holes at the top of the valence 
band, and thus the recombination needs not only the 
fulfilment of the conservation of energy, but also of 
momentum. Thus, besides photon emission, phonon 
emission or absorption has to take place. Thus, the 
probability of the transition will decrease and 
competing nonradiative processes will become 
important. Using N doping produces very shallow 
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Figure 4 Relative spectral power distribution of some LED 
structures. 


Rel. intensity 





620 640 660 680 
Wavelength (nm) 


Figure 5 Spectral power distribution of a red LED at different 
temperatures. 


donor states and from these an efficient recombina- 
tion can take place. This enabled the production of 
early relatively efficient green-emitting LEDs. 

GaN is ideal for producing LEDs, as it is a direct 
gap material and has a high bandgap. The techno- 
logical difficulties are, however, enormous. Modern 
high-efficiency LEDs use (Al)InGaN-based materials 
for shorter wavelength LEDs, and AlInGaP-based 
materials for longer wavelength LEDs. Figure 4 
shows a number of LED spectra of different 
wavelengths including a white LED. Its spectrum 
consists of a blue maximum produced by the LED 
emission and a yellow broader band produced by the 
luminescent material excited by the blue emission of 
the LED. 

LEDs are semiconductor materials, and as with 
every semiconductor the LED characteristics are also 
temperature dependent. Not only the efficiency of the 
current carrier—photon emission process depends on 
the temperature, but the bandgap of the base material 
also depends on the temperature, and thus both the 
efficacy and the relative spectral distribution of the 
emission change with temperature. Figure 5 shows 
the spectral power distribution of a red LED at 
different temperatures. 
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Modern High Brightness LEDs 


Besides the high quantum efficiency of the semicon- 
ductor junction, two further requirements to achieve 
high luminous efficacy are the efficient light extrac- 
tion from the junction and keeping the temperature of 
the semiconductor chip low. 

All semiconductors for producing LEDs have a 
high refractive index, thus light reflection at the 
semiconductor-air interface is relatively high, and for 
obliquely impinging rays the critical angle for total 
internal reflection is soon reached. Different manu- 
facturers shaped the semiconductor chip in different 
forms to secure maximum light extraction. Figure 6 
shows the cross-section of an LED, where the side 
planes have been cut obliquely to secure good light 
extraction. 

The other problem that has to be solved is good 
heat conduction from the chip to a heat sink. At the 
time of writing, highest single chip power loads were 
in the order of 5 W. The structure of such a 
construction is seen in Figure 7. The GaN-based 
LED is grown on a visible light transparent sapphire 
(Al,O3) substrate. In modern LEDs the structure itself 





Figure 6 Truncated pyramid structure to secure good light 
extraction from the LED chip. Courtesy of Lumileds Lighting. 
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Figure 7 Inverted, flip-chip structure for good heat-sinking of the 
LED. Courtesy of Lumileds Lighting. 


is quite complicated; in the vicinity of the p—n 
junction some nanometer thick layers are deposited 
forming quantum wells (QW(s)). The p-type original 
upper layer is metalized and soldered to the submount 
serving as heat-sink. The n-type layer gets a second 
soldered heat conducting current leading to the 
submount. As seen, the original structure grown on 
the sapphire substrate is inverted, and now the light 
can be extracted through the sapphire layer. The 
metalization on the p-type layer serves at the same 
time as a mirror. High brightness LEDs are now 
available in package sizes of over 100 lumen. 


White LED Structures 


The advantages of LEDs (low drive voltage, extreme 
long lifetime of 50000 to 100000 hours, robust 
shock-resistant construction) can open up a new era 
of lighting engineering, if white light emission can be 
obtained. The LED structure in itself is a narrowband 
emitter, thus - with inorganic LEDs — it is not 
possible to produce white light within one chip. 
Organic LEDs (OLEDs) promise the production of 
broadband and white light emission, but these are still 
in an experimental phase. At present they are used in 
smaller, portable displays, such as those used on 
portable phones, cam-coders, etc. To get further 
information, go to the Further Reading section at the 
end of this article. 

At present three techniques to generate white light 
get thorough investigation: first, mixing the light of a 
red, a green, and a blue LED. This should theoreti- 
cally give the highest efficiency; the problem is, 
however, that the three LEDs have different tempera- 
ture dependence and aging characteristics, and thus it 
is difficult to keep the chromaticity of the mixed color 
constant (the three colored LEDs can be used in LED- 
based displays to produce full-color reproduction). At 
present the following technique is widely used. A blue 
LED excites a yellow phosphor, so that the mixture of 
the blue and yellow lights produce a white appear- 
ance. The color rendering of such white LEDs is not 
too good, and therefore alternative techniques using a 
green and a red phosphor are receiving increasing 
attention. The third method uses the same principle, 
but with an LED emitting in the near ultraviolet. This 
has the advantage that it provides a greater selection 
of phosphors, but as the energy difference between 
the UV photon and the photon emitted by the 
phosphor is larger than in the case of a blue-emitting 
LED, the theoretical efficiency is lower. 

The phosphor layer is deposited on the chip 
surface, and for blue-emitting diodes special care 
has to be taken that the LED light and the phosphor 
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light are properly mixed so that the emitted light 
shows no directional color shift. Early white LEDs 
suffered much from the fact that the spectral 
distribution of the light changed considerably with 
viewing angle. 

The problems with phosphor-coated white LEDs 
are how a suitable correlated color temperature and 
color rendering can be obtained. Early white LEDs 
had very bluish chromaticity, their correlated color 
temperature was very high, above 7000 K. Preferred 
white light has different chromaticity in different 
cultural regions, in the Far East 6000 K to 6500 K is 
preferred, in Europe and North America for general 
lighting a correlated color temperature of 4000 K is 
well accepted and for social and home lighting even 
lower correlated color temperatures, 2800K to 
3200 K are preferred. Recently, white LEDs based 
on blue chips and special phosphor blends have been 
produced that meet these requirements. 

A further problem is the color rendering of 
the white LEDs. The Commission Internationale 
d’Eclairage (CIE), the International Commission on 
Illumination, provides standards, recommendations, 
and technical reports in the field of light and lighting, 
including vision, color, and image processing. 
Photometry and colorimetry are based on the 
standards and recommendations of the CIE. 

The CIE established a method of calculating a 
color-rendering index in 1965 and updated it in 1974. 
Despite several attempts, the lighting community has 
been unable to agree on a revision of this outdated 
document since the 1970s. Thus, color-rendering 
indices are still calculated based on this method, 
although several investigations have shown that the 
calculated indices do not correspond with the visual 
observation. CIE, therefore, established a technical 
committee (TC) dealing only with the question of 
LED color rendering. It is hoped that this TC will be 
able to come up with some recommendations soon 
and, therefore, that LED manufacturers can tailor the 
emission spectra of their LEDs for optimal efficacy 
and color rendering. Until this happens, however, the 
published color rendering indices, especially the 
General Color Rendering Index (R,) have to be 
handled carefully. The color appearance of objects 
under LED illumination might deviate considerably 
from what one expects based on the R, index. 


Application of LEDs 


LEDs are the solution for practically every signaling 
application. Figure 8 shows an LED traffic light. 
Here it is also shown that, despite the fact that LEDs 
have extremely long life expectancy, the failure of 





Figure 8 Green LED traffic light. Due to an electronic failure 
some LEDs stay dark. 


the electronic circuitry can lead to unpleasant dark 
spots and rows in the display. 

LEDs are increasingly used in large active posters 
and displays. In such applications the highly saturated 
color of LED light is an advantage: LED displays can 
be very bright and emit saturated colors. 

LEDs have an advantage in every situation where 
colored light has to be produced. Thus, they become 
the preferred automotive stoplights, dashboard 
lights, and are widely used in other signaling 
applications on the roads, at airfields, and in other 
traffic situations; much decorative lighting is now 
using LEDs. 

Experiments are underway to find the best 
applications for white LEDs. Their drawback at 
the moment is still that their single unit power is 
below ten watts, as we often need ten to a hundred 
times larger units. For such applications, some LED 
clusters have been built, but these are still not 
competitive with other light sources. At places where 
the ruggedness of the LEDs is of an advantage, white 
LED lights are used - for example, in aircraft 
reading lights. One area where we will probably 
soon find higher-intensity white LEDs is car head- 
lamps. Both the efficacy and the luminous flux 
output of the single LED units is increasing 
continuously. Applications, unbelievable only a few 
years ago, can now be realized efficiently with LEDs. 
Thus it is very difficult to foresee in which 
applications — beyond signaling — LEDs will first 
supersede other light sources, but it is certain that 
within the next decade we will see many new 
applications of LED sources. 


526 LIGHT EMITTING DIODES 





List of Units and Nomenclature 


Adaptation by stimuli in which 
the dominant effect is that of 
different relative spectral dis- 
tributions. 

Partial description of the color 
stimulus, describing only chro- 
matic aspects and not the 
‘intensity’ (the luminance) of 
the stimulus. In light sources, 
chromaticity is an important 
descriptor, as the level of illu- 
mination can be changed by 
changing the distance between 
the source and the illuminated 
object. The luminance of the 
object will depend on the 
illumination and the reflection 
(transmission) characteristics 
of the object. 

In color science one dis- 
tinguishes between color (per- 
ception), characteristic of 
visual perception that can be 
described by attributes of hue, 
brightness (or lightness) and 
colorfulness (or saturation or 
chroma), and color stimulus, a 
specification of the optical 
stimulus in terms of operation- 
ally defined values, such as 
three tristimulus values, or 
luminance, and chromaticity 
(or dominant wavelength and 


Chromatic 
adaptation 


Chromaticity 


Color 


saturation). 
Color rendering Measure of the degree to 
which the psychophysical 


color of an object illuminated 
by the test illuminant conforms 
to that of the same object 
illuminated by the reference 
illuminant, suitable allowance 


having been made for the state 
of chromatic adaptation. 

The temperature of the Planck- 
ian radiator whose perceived 
color most closely resembles 
that of a given stimulus at the 
same brightness and under 
specified viewing conditions. 
Quotient of the luminous flux 
emitted by the power con- 


Correlated color 
temperature 


Efficacy (luminous 
efficacy of a 


source) sumed by the source. 
Luminous Ratio of radiant flux weighted 
efficiency according to V(A), the spectral 


luminous efficiency of the 
human eye, to the correspond- 
ing radiant flux. 

Ratio of the radiant flux at 
wavelength A,, to that at wave- 
length A, such that both radi- 
ations produce equally intense 
luminous sensations under 
specified photometric con- 
ditions and A,, is chosen so 
that the maximum value of this 
ratio is equal to 1. 


Spectral luminous 
efficiency (of the 
human observer) 


See also 


Incoherent Sources: Lamps. Lasers: Semiconductor 
Lasers. 
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Appendix A: Measuring Setup for RF Rectifier Efficiency and Voltage Sensitivity 


The measuring setup is as shown in Figure A1. 


Figure Al. RF to DC Power converter characterization setup. 
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The RF to DC circuit efficiency and voltage sensitivity measurements were made with a Keithley 
2400 source meter and Keithley 6514 system electrometer with an Agilent E4432B signal generator 
providing 50 Q RF signal into the circuit board. 

The closed circuit current drawn by the RF to DC power converter (without load) from the 
generator is first determined by the Keithley 2400 source meter; then starting from this current, the 
value of the current is decreased at set intervals to creates virtual load resistances to the circuit for up 
to a lowest current of 0.1 pA. The 6514 system electrometer is used to measure the output voltage. The 
number of data point is set through LabView [46] as well as the measurements. Additionally open 
circuit voltage or at specific loads and frequency sweep can be made through the LabView program. 
At —40 dBm input power and below, the detected voltages and currents were difficult to measure 
accurately with the measuring setup; hence measurements were made up to a minimum of -35 dBm 
input power. The circuit layout for the efficiency and voltage sensitivity measurements is 
schematically shown in Figure A2. 
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Introduction 


A complete understanding of the band structure of 
a semiconductor close to the Fermi energy requires 
information on the fundamental energy gap, the 
effective masses and the effective g-factors of the 
valence and conduction band. Magneto-optical 
methods in principle allow one to determine all 
these quantities; they are particularly well suited to 
measure the spin splittings of the energy bands. 

Faraday rotation is the rotation of the plane of 
polarization of linearly polarized light propagating 
through a sample parallel to an external magnetic 
field. The magneto-optical Kerr effect is the analog 
for reflection. Though in general it yields much 
smaller angles of rotation than the Faraday effect, it 
has to be applied in spectral ranges where the 
investigated sample is not transparent. 

If a semiconductor is excited by circularly polarized 
light with photon energies not too high above the 
energy gap a spin polarization in the conduction band 
can be obtained (optical pumping). A small transverse 
magnetic field reduces the degree of this spin 


polarization (the Hanle effect), Owing to the spin 
polarization of the photo-excited conduction elec- 
trons the photoluminescence radiation is partly 
circularly polarized. Thus mounting the sample in a 
microwave resonator and applying a longitudinal 
magnetic field, electron spin resonance transitions can 
be detected optically by monitoring the degree of 
polarization of the photoluminescence (ODCESR: 
optically detected conduction electron spin reson- 
ance). Via a ‘nuclear Hanle effect’ mediated by the 
hyperfine interaction, nuclear magnetic resonance 
transitions can also be detected optically (ODNMR). 
ODCESR and ODNMR are summarized under 
ODMR (optically detected magnetic resonance). 

In modern optics nonlinear optical effects have 
gained particular importance. Since electron spin 
resonances in semiconductors are Raman-active 
transitions, coherent Raman methods such as CARS 
(coherent anti-Stokes Raman scattering) or CSRS 
(coherent Stokes Raman scattering) are of great 
importance for the determination of spin splittings 
of energy bands and the investigation of magnetic 
structures in semiconductors. 

In the present contribution the physical basis for 
these methods will be discussed and typical examples 
for their application will be presented. 

For Faraday rotation and CARS the systems from 
which these examples will be taken are magnetic or 
dilute magnetic semiconductors. In these materials 
paramagnetic ions like Mn*~* or Eu‘ * are incorpor- 
ated. There are two types of exchange interactions: 
(i) between the magnetic ions which in most 
cases causes an antiferromagnetic coupling; and 
(ii) between the ions and free carriers which causes a 
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strong modification of the spin splittings of the 
energy bands with respect to nonmagnetic materials. 
Thus the Faraday effect or CARS are particularly 
well-suited methods for the investigation of such 
systems. 

As examples of optical pumping and ODMR, 
results obtained with III-V semiconductors will 
be presented, which show the most important 
applications of these experimental methods. 


Faraday Rotation and Magneto-optical 
Kerr Effect 


Basic Principles 


As already pointed out in the Introduction, the 
Faraday effect is the rotation of the plane of 
polarization of linearly polarized light traversing a 
sample parallel to a magnetic field. The angle of 
rotation @,,, is proportional to the length / of the 
sample and to the strength B of the magnetic field: 


Orar = VIB [1] 


where V is called Verdet’s constant. 

For a phenomenological understanding of the effect 
one can consider plane polarized light as a super- 
position of right- and left-hand circularly polarized 
components. If the indices of refraction are different 
for both components, then at the end of the sample, 
when the two components are recombined, a phase 
shift occurs which manifests itself as a rotation of the 
polarization plane. The angle resulting from this 
consideration is 


lw 
7, (7 
where @ is the frequency, c the velocity of light, and 
n_ and, are the refractive indices for left- and right- 
hand polarized light, respectively. If one neglects 
ellipticity of the light behind the sample only the 
real parts of the complex refractive indices 71 are 
important, 


Ora = ms n+) [2] 


ft, = Ns — ike [3] 


The imaginary parts, however, are needed to under- 
stand the magneto-optical Kerr effect which occurs in 
the light reflected from the sample surface. According 
to Fresnel’s formula for vertical incidence the field 
amplitude of the reflected beam is: 





E = 7B [4] 


where the superscript ‘r’ refers to the reflected beam 
and ‘i’ to the incident beam. The complex reflection 


coefficient can be split into an amplitude and a phase 
factor: 


7. = rs exp(ips) [5] 


By comparing eqns [4] and [5] the phase shifts during 
reflection can be expressed in terms of the refractive 
index: 


2Ks 


— [6] 


1— ni — Ky 





ws = arctan 


Finally the Kerr angle of rotation is obtained from the 
phase shifts in an analogous way to the Faraday 
rotation: 


Oxerr = (pe a W+) [7] 
It is seen that both effects can be understood in terms 
of the refractive index. In a simple oscillator model 
the refractive index has the form given in eqn [8]: 





a2 = i] 
+= Ex ,B)= Bait ary 8 
i= €.(w,B)= das i [8] 


with haw;, representing the transition energies 


i, 
between the energy levels i and j in of and a 
polarization, respectively, and Fj; and I; are the 
respective oscillator strength and _ linewidth 
parameter. 

From eqn [8] it is seen that when tuning the 
frequency, w, resonant enhancements of the 
rotation angles are expected whenever the frequency 
corresponds to an allowed electronic transition, e.g., 
an exciton in a wide-gap semiconductor. This is the 
reason why the Faraday and magneto-optical Kerr 
effect can yield information on interband transition 
energies. In the case of such a resonance, the 
refractive index will be dominated by the particular 
term in the sum, corresponding to that transition. 
By a Taylor expansion one can then show that 
the difference of the refractive indices for of and a 
polarization and thus the angles of rotation (see 
eqns [2] and [7]) are proportional to the difference of 
the transition energies for right- and left-hand 
circularly polarized light, and this difference depends 
on the spin splittings of the valence and conduction 
band. So we understand why the most important 
information obtained from Faraday or magneto- 
optical Kerr effect studies is on the spin splittings 
of the energy bands. 

A quantum mechanical description of the 
relation between the material properties and the 
magneto-optical effects beyond the simple oscillator 
model given here is published by Boswarva et al. 
and the reader is referred to this paper for 
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further studies. A matrix formalism to describe the 
effects for a multilayer system has been developed 
by Nies and Kessler. 


Examples of Experimental Results 


The straightforward method to measure Faraday 
rotation is to put the sample between polarizers 
and sweep the magnetic field. Then the transmitted 
intensity is proportional to a cos* function. 
Subsequent maxima demonstrate a rotation by 
180°. There have been numerous successful inves- 
tigations done in this way, but the possibilities of 
detecting small angles of rotation are very limited 
in this method. Therefore differential methods have 
been developed either using a polarizing beam 
splitter, or a photo-elastic modulator which period- 
ically switches the state of polarization. Rotation 
angles of the order of 10~* rad can be detected in 
this way. 

Figure 1 shows the Faraday rotation of an 
epitaxial film of Pbo.933Eug.o67Te (thickness 11m) 
for two temperatures. The plot demonstrates beha- 
vior typical for a diluted magnetic semiconductor in 
its paramagnetic phase. The spin splittings of the 
valence and conduction band and accordingly the 
Faraday rotation are proportional to the magnetiza- 
tion of the sample which behaves like a Brillouin 
function. (The lines without noise are fitted Brillouin 
functions.) 

Examples of the application of the magneto-optical 
Kerr effect to the investigation of semiconductors, 
particularly multilayer systems, are published, e.g., 
by Pohlt e¢ al. and Krenn et al. 
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Figure 1 Faraday rotation as a function of magnetic field of a 


PbEuSe epitaxial film for two temperatures. Lines with noise: 
experimental recordings; lines without noise: fitted Brillouin 
functions. 


Coherent Raman Scattering 


Basic Principles 


A more direct method for the determination of spin 
splittings of energy bands is provided by Raman 
scattering. There is a huge number of investigations 
of spin transitions in semiconductors using spon- 
taneous Raman scattering (for a review of spon- 
taneous Raman scattering in dilute magnetic 
semiconductors see the article by Ramdas and 
Rodriguez). However, there are several advantages 
in the spectroscopic application of the nonlinear 
Raman techniques compared to spontaneous Raman 
scattering: 


(i) The scattered radiation is emitted as a colli- 
mated beam which is more easily detectable 
than the light spontaneously scattered into 
the entire solid angle. This advantage is 
particularly important for the investigation of 
narrow-gap semiconductors which have to be 
investigated by infrared light, a spectral range 
where the detectors are less sensitive than in the 
visible. 

(ii) Fluorescence can be strongly suppressed by 

spatial filtering. 

The spectral resolution is determined by lasers 

instead of a classical spectrometer. 

Raman scattering cross-sections can be calcu- 

lated from the intensity of a collimated beam 

without taking care of the aperture of the 
detecting system. 


(iii) 


The coherent Raman techniques are special cases 
of optical four-wave mixing where two laser 
beams with frequencies w, and ws (wj, > ws) are 
superimposed in the sample. Due to nonlinear 
interactions radiation with new frequencies is 
generated, among them: 


cars = 20, — Ws [9] 


If one identifies w, with the frequency of the pump 
laser and ws with that of the scattered Stokes 
radiation of a spontaneous Raman experiment, then 
Wcars is the frequency of the anti-Stokes radiation. 
For the intensity of the radiation generated at wears 
one finds: 


2 
4 COCARS 
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j = a Plier 
as 16che3 ACARSMSML Ix | ol 
eos 2 
in(Ak 1/2 
en [10] 
Ak 1/2 
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where cg is the velocity of light, / is the length of the 
sample, I denotes the intensity, and n the refractive 
index at the respective frequency. Ne is the third- 
order nonlinear susceptibility of the scattering 
medium and 

eee Ge i * is 

Ak = 2k, — ks — Rears [11] 

as 

is the phase mismatch. Ak = 0 can be achieved by 
noncollinear alignment of the laser beams. However, 
for very thin epitaxial layers with | < m/Ak the phase 
factor in eqn [10] can be approximated by 1. 

The information on the investigated material is 
contained in the nonlinear susceptibility. It can be 
calculated by time-dependent perturbation theory 
taking into account a ground state la> and 
intermediate states Ib>, Ic> and Id>. It turns 
out that y) is proportional to a sum over all 
states of the system as intermediate states; in the 
sum 24 terms like the one given in eqn [12] have to 


be added: 
Hijkl 
(@pq — OL — DP pg) @cq — OL + Os — ID ca)(@da — Ocars — Waa) 
[12] 





Mik 1S a product of four dipole matrix elements 
between states la>:|lb>; |b>:lc>; |c>:ld> and 
ld>:la> with field polarizations as given by 
the indices. Wgg=(E,y—Eg)/h and Pag is the line- 
width of the respective transition. Resonances of the 
susceptibility are found by inspection of the 
denominators. y'3) exhibits Raman-like resonances 
whenever fi(@,—s) is equal to the excitation 
energy of a Raman allowed transition (see the 
second factor in the denominator of eqn [12]). If in 
this case the laser beams are polarized according to 
the Raman selection rules then j,; is not zero. For 
spin transitions in a semiconductor in a magnetic 
field (free electron spin flip as well as transitions 
within the magnetic ions) this is the case if in the 
Voigt configuration (k,5 1B) the beams with 
frequencies @, and ws are polarized perpendicular 
to one another. In the case of a spin transition w,, = 
g*upB (g” being the effective Landé-factor and pup 
the Bohr magneton). Thus holding the frequencies 
w, and ws fixed and tuning the magnetic field a 
resonance in Icars will be observed from the 
position of which the effective g-factor can be 
obtained. Using tunable dye lasers, of course, the 
laser frequencies can be tuned as well. 

Close to the resonance the real part of the 
susceptibility becomes small and the imaginary part 
is not negligible. Furthermore, one-photon reson- 
ances may occur if the laser frequency w, corresponds 
to the energy of a real electronic transition, e.g., an 


allowed interband transition. If one-photon and 
Raman-like resonances occur simultaneously one 
talks about resonance CARS. 

As discussed in the literature x‘) can be split into a 
resonant part x,, summing up all the resonant terms, 
and a nonresonant part y,,. In a semiconductor there 
are contributions to y,, due to free carriers and a 
background due to bound valence electrons. 
The background contribution in general is real. 
As can be seen from eqn [10], 


2 
Tears © |x2kas| = [or Hy' PHL" 42: xox! (13) 


x’ and y” being the real and imaginary parts of the 
resonant contribution. Depending on the relative 
strength of resonant and nonresonant contributions 
to x?) the last term in eqn [13] may cause complicated 
lineshapes which make it difficult to find the correct 
transition energy in spectroscopic applications of 
CARS. If more than one resonance is not completely 
resolved the lineshape is even more complicated 
and a careful analysis has to be performed to get 
the correct resonance positions and linewidths of 
the transitions. 


Examples of Experimental Results 


Figure 2 shows a scheme of a CARS setup suitable to 
measure spin transitions in a semiconductor. The 
scheme is drawn for backscattering geometry; for- 
ward detection is accomplished by directing the 
incoming beams onto the sample from the opposite 
side to that plotted. 

Two dye lasers (frequencies w, and qs) are 
pumped by a frequency-doubled Nd:YAG laser. 
A Glan-Thomson prism combines the two beams. 
The monochromator is set to 2@,;, — ws. The iris and 
the polarizer PZ3 reduce stray light. The experiment is 
performed either at fixed magnetic field and tuning one 
of the dye lasers (with the monochromator swept 
accordingly) or by keeping the laser frequencies fixed 
and sweeping the magnetic field. The latter method is 
also applicable in the mid-infrared using step-tunable 
CO or CO, lasers. 

As an example, in Figure 3 a spectrum obtained 
from a CdMnTe alloy crystal is reproduced. There 
are two peaks observed due to the paramagnetic 
resonance of the Mn 3d electrons and due to the 
spin resonance of photo-excited free electrons in the 
conduction band. The inset shows the paramagnetic 
resonance on an extended scale. The linewidth 
of 0.5 cm™! is not limited by the experimental resolu- 
tion, which in the present case is about a factor of 
10 better. 
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Figure 2 Scheme of the experimental arrangement for CARS. Bold full lines: light beams; dashed and dotted lines: data connections; 
BS: beam splitter; PZ1,2: Pockels cells for rotation of linear polarization; PZ3: polarizer; GTP: Glan—Thomson prism for superposition of 
beams polarized orthogonally to each other; L: lenses. 
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Figure 3 Coherent Raman intensity of a CdMnTe bulk crystal as a function of frequency difference w_ — ws. Inset: Region of 
paramagnetic resonance in an extended scale. Adapted from Rupprecht R, Muller B, Pascher H, ef a/. (1998) Coherent Raman 
scattering from magnetic excitations in diluted magnetic semiconductors: Bulk crystals of CdMnTe. Physical Review B 58: 16123. 
Copyright (1998) by the American Physical Society. 
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Optical Pumping 


The basic principles of optical pumping have been 
developed by Kastler. A material (gas or solid) is 
excited by absorption of circularly polarized light. 
Lampel was the first to demonstrate the possibility of 
optical spin orientation of free electrons in a 
semiconductor. The method has the most important 
applications in zincblende materials. Thus it is 
explained here with the example of GaAs. 


Principles of Optical Spin Orientation 


Most of the III-V and II-VI semiconductors have 
direct gaps at the center of the Brillouin zone. The 
conduction band (cb) is doubly degenerate with spin. 
The valence band consists of the heavy hole band 
(hh; m, = +3/2), the light hole band (lh; m; = +1/2) 
and the split-off band (so; m; = +1/2), each doubly 
degenerate. In bulk material hh and lh are degenerate 
at k=0. The transition probabilities for interband 
transitions between hh and cb are three times larger 
than for transitions between lh and cb. Due to the 
selection rules, e.g., for the absorption of ot 
circularly polarized light, transitions —3/2 — —1/2 
and —1/2 ++1/2 are allowed, the first having 
three times higher probability. The electronic spin 
polarization P is defined as: 

ne 


P=— 


gigs [14] 





where 1, and n_ are the densities of electrons with 
the two spin orientations with respect to the direction 
of propagation of light. These considerations yield 
P; = —0.5 as the initial spin polarization under 
excitation with o* circularly polarized light with 
a photon energy between the fundamental gap 
and the energy difference from the spin-orbit split 
valence band to the conduction band. Due to 
relaxation processes the actual electronic steady 
state polarization P is smaller than P;: 
ppeceh [15] 
T\ + 7 
with T, being the spin relaxation time, which in zero 
magnetic field is equal to the transverse relaxation 
time Ts, and 7 is is the lifetime of conduction 
electrons. 
The spin polarization of the electrons can be 
detected by analyzing the degree of circular polari- 
zation of the luminescence light which is defined as: 


_i-k 


~ LT [16] 





where I, and I_ are the intensities of oT and o 
polarized light, respectively. Since for emission due to 
free-electron/free-hole or free-exciton recombination 
the same transition probabilities as for absorption are 
obtained, one finds: 


T; 


PE eae ae 


[17] 





In the case of quantum wells, the lh-hh degeneracy is 
lifted due to different confinement energies. Then the 
maximum polarization of cb— hh as well as for 
cb — lh luminescence light is 0.5. 

Of course these considerations are only true for 
intrinsic or p-type materials where the number of 
photo-excited electrons is high compared to the 
equilibrium number of electrons. 


Hyperfine Interaction of Spin-Polarized Electrons 
and Atomic Nuclei 


In GaAs three isotopes exist with spin 3/2, namely 
Ga, 7'Ga and “As. Owing to the small energy 
separation of the nuclear spin levels in moderate 
magnetic fields, in thermal equilibrium no significant 
nuclear spin polarization exists even at a temperature 
of 2 K. However, the hyperfine interaction between 
electrons and nuclei allows so-called flip-flop pro- 
cesses, that is a simultaneous reversal of electronic 
and nuclear spins. This causes a considerable 
dynamic spin polarization of the nuclei if the 
electronic spin system is polarized due to optical 
pumping. Under most experimental conditions and 
when nuclear spin relaxation mechanisms other than 
via the hyperfine interaction are negligible, the mean 
nuclear spin is approximately: 


(I+ 1) P 


a SS+1 2 


[18] 


where I and S are the operators for nuclear and 
electron spin. These dynamically polarized nuclei act 
on the electrons and shift their spin resonance 
magnetic field by an effective nuclear field (the 
Overhauser shift). This shift is proportional to (J) 
and to the probability of finding the electrons at 
the nuclear sites, and is inversely proportional to g". 
In GaAs due to the small value of g* this field can 
reach several tesla. 


Effect of a Constant Transverse Magnetic Field - 
The Hanle Effect 


In a transverse (with respect to the direction of 
propagation of light) magnetic field the spin- 
oriented electrons precess around the field with an 
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angular frequency 0 = g"upB/h. If the spin lifetime 
Ts (A/T, = 1/T + 1/7) is long enough, this precession 
diminishes the average spin polarization and conse- 
quently the degree of circular polarization of the 
photoluminescence according to: 


TI(B) = I1(0) [19] 





1+0°TZ 


This is a Lorentzian with a width at half height of 
AB = hi(g" upTs). 

It is seen that by measuring II(B) the spin lifetime 
can be determined if g* is known. Together with 
eqn [17] the spin and interband lifetime can be 
determined in a steady-state experiment. If, on the 
other hand, Ts is known from a time-resolved 
experiment, g* can be found from a Hanle effect 
measurement. 


Optically Detected Conduction 
Electron Spin Resonance (ODCESR) 


Optical spin orientation of conduction electrons is 
the presupposition for ODCESR. Suppose now, a 
longitudinal magnetic field By is applied on the 
sample (Bg parallel to k, the direction of propa- 
gation of light, which is parallel to the direction of 
the optically oriented spins). If the field is not too 
high the considerations of optical spin orientation 
remain unchanged. In higher fields the spin polar- 
ization may be modified due to the energy splitting 
of the spin levels. In this case the spin polarization is 
enhanced or diminished, depending on the direction 
of the field parallel or antiparallel to k. If now an 
additional transverse microwave field B, of freq- 
uency @ ), which fulfills the resonance condition 
hwy = g"*UpBo, is applied, transitions between the 
two spin levels will occur which resonantly decrease 
the spin polarization. This decrease manifests itself 
in a decrease of the degree of circular polarization of 
the photoluminescence. 

The method has several advantages compared to 
conventional ESR. Microwave photons with freq- 
uency of about 10!°Hz change the state of 
polarization of optical photons with frequency of 
about 10'*Hz. Thus the sensitivity is that of the 
optical detection which is much higher than in 
conventional ESR. Even electrons in a single 
quantum well or heterostructure can be detected 
by the optical method. There is also the possibility to 
distinguish between electrons in different quantized 
levels in heterostructures due to the different 
spectral position of their photoluminescence. 
Another advantage is that the electrons are 


photo-excited; the sample does not need to be 
n-doped. High-purity samples can be investigated 
which exhibit narrower linewidths. 


Optically Detected Nuclear Magnetic 
Resonance (ODNMR) 


With the presuppositions provided in the pre- 
ceeding sections the basic principle of ODNMR 
is easily understood. As in ODCESR we assume 
that an external magnetic field Bp is applied 
parallel to k. Perpendicular to it a radio-frequency 
field B, with frequency @ is applied. The NMR 
resonance frequency is @) = y,°Bo with y, being 
the gyromagnetic ratio of the nucleus under 
consideration. In the frame rotating with » around 
the direction of Bp an effective field Beg = By — 
@/y,, + By acts on the nuclei. The nuclear magnetiza- 
tion is oriented parallel to Beg. It is seen that in 
resonance Bg is parallel to Bj, which means 
perpendicular to k. Via the hyperfine interaction this 
nuclear field acts on the electrons, diminishing their 
spin polarization via the Hanle effect. So the nuclear 
magnetic resonance can be detected as a reduction 
of the degree of circular polarization of the 
photoluminescence. 

The simplified model given above does not take 
into account several effects which influence the 
lineshape, position and intensity of the observed 
resonance lines. 


Examples of Experimental Results for 
Optical Pumping and Optically 
Detected Magnetic Resonances 


These experiments can be performed at liquid 
helium temperature in a standard photolumines- 
cence setup. In addition one has to provide the 
possibility of applying transverse (Hanle effect) or 
longitudinal (ODCESR, ODNMR) magnetic fields. 
For ODCESR the sample is mounted in a microwave 
resonator with optical access; for ODNMR a radio- 
frequency coil is wound around the sample. The 
state of circular polarization of the exciting laser 
light has to be controlled. The measured quantity 
is the sign and degree of circular polarization of 
the luminescence light at a certain wavelength. 
The sensitivity can be enhanced by periodically 
ot/o -modulating either the exciting light or the 
detection. Which one of these possibilities is used 
depends on whether or not a high nuclear spin 
polarization is wanted. 

As pointed out above the dynamically polarized 
nuclei, particularly in GaAs, strongly affect the 
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ODCESR resonant field. To get reliable values for the 
effective g-factor, the nuclear spin polarization must 
be completely suppressed. This can be achieved by 
o*/o -modulation of the exciting light with a 
modulation period much shorter than the nuclear 
spin relaxation time. But due to imperfections, e.g., if 
the intensities of o and o light or their time 
intervals are not equal, residual optical fields may 
remain. To get precise values for g" in addition the 
NMR has to be saturated by a suitable radio- 
frequency field. On the other hand, the strong 
Overhauser shift of the CESR can be useful for the 
determination of nuclear spin relaxation times. 
To perform such experiments the nuclei are first 
polarized by optical pumping with fixed circular 
polarization and afterwards, for the detection, 
o'/o -modulation is switched on. 

For the optical detection of NMR a high nuclear 
spin polarization is favorable. Thus for those 
experiments one uses fixed polarization of the 
exciting beam and modulates the detected light. 

Figure 4 shows examples of results obtained with 
a p-channel AlGaAs/GaAs single heterostructure. In 
this sample due to the doping profile a triangular 
potential well at the interface in the valence band of 
the GaAs layer is built, in which quantized hole 


B=1050 mT 
T=1.8K 


Intensity (relative units) 
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1.6 
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levels exist. The luminescence band shown in 
Figure 4a between 821 nm and 825 nm is due to 
recombination of electrons with holes in these 
quantized states. For the experiments shown in the 
other panels of the figure the spectrometer is set at a 
position within this band. The other lines are due to 
excitons and impurities and are not interesting for 
what follows. 

In Figure 4b the results of a Hanle experiment are 
reproduced. The line without noise is the fitted 
Lorentzian. The fit yielded 7 = 8.1 nsand T, = 4.7 ns. 

In Figure 4c a typical ODNMR spectrum of the 
same sample is plotted. One observes resonances due 
to As at 1.36 MHz, °’Ga at 1.9 MHz and 7!Ga at 
2.4 MHz. In the inset the ”*As resonance is plotted 
in an extended scale. A quadrupole splitting into 
three components is clearly resolved. This result 
demonstrates that the tetrahedral symmetry at the 
nuclear site is broken either due to local defects or 
due to the (rather small) lattice mismatch close to the 
AlGaAs/GaAs interface. 

Finally Figure 4d shows the ODCESR spectrum. 
For the experiment the exciting beam was o*/o - 
modulated and in addition during the sweep 
the NMR of all three nuclei was permanently 
saturated to make sure that no Overhauser shift 
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Figure 4 (a) Photoluminescence spectrum of a p-channel AlGaAs/GaAs heterostructure; (b) Hanle curve (luminescence polarization 
as a function of transverse magnetic field); (c) ODNMR recording; (d) ODCESR recording. Adapted from Schreiner M, Pascher H, 
Denninger G, et al. (1997) Nuclear spin relaxation in AlGaAs/GaAs heterostructures observed via optically detected magnetic 
resonance (ODMR) experiments. Solid State Communications 102: 715. Copyright (1997), with permission from Elsevier. 
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affects the result. The g-factor calculated from this 
plot is lg*l = 0.468, which is larger than that found 
for bulk GaAs. This value was also used for fitting the 


Hanle curve. 


List of Units and Nomenclature 


Angle 

Angular frequency w 

Bohr magneton pp 

Degree of circular 
polarization of 
light IT 

Electric field E 


Gyromagnetic ratio y 


Imaginary unit 1 
Intensity I 
Magnetic 

displacement B 
Permittivity of free 

space £9 
Planck’s constant h 
Refractive index n 
Speed of light 

in vacuum C, 
Spin polarization P 
Susceptibility x 


[rad] 
[rads ‘] 
9.2742 x 10°*4* JT! 


8.8542x10"%VsA 'm! 
1.0546 x 10° ** Js 


2.9979 x 10° ms! 


CARS coherent anti-Stokes Raman 
scattering 

CSRS coherent Stokes Raman 
scattering 

ODCESR optically detected conduc- 
tion electron spin resonance 

ODMR optically detected magnetic 
resonance 

ODNMR optically detected nuclear 
magnetic resonance 
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Introduction 


The addition of a magnetic field to an optical study of a 
semiconductor generally improves the specificity of 
the experiment, but in particular affects primarily the 
electrons rather than the lattice so that the magneto- 
optical properties are determined to a large degree by 
the electrons alone. The major interest has been in the 
determination of the electronic energy band structure 
of semiconductors, both in their bulk and low- 
dimensional (two-, one-, and zero-dimensional) quan- 
tum forms. The magneto-optical experiments fall 
mainly into two categories according to whether the 
effects are associated with intraband (within a single 
conduction or valence band) or interband (valence to 
conduction band) transitions; there are also hybrid 
(i.e., higher-order) effects such as spin-flip Raman 
scattering or two-photon absorption where both inter- 
and intraband transitions are involved in a two-stage 
process. Interband transitions occur typically in the 
visible to mid-infrared (MIR) region, and intraband 
transitions in the MIR to far-infrared (FIR) region. 


Theoretical Background 


The most common band structure involved in 
semiconductor magneto-optics is the so-called 
quasi-Ge model, which gives an accurate description 
of group IV, and zincblende (IJI-V and II-VI) 
semiconductors, so it is convenient to describe the 
theory in terms of this model. In this model the small 
terms associated with inversion asymmetry are 
neglected to a first approximation. At the Brillouin 
zone center (i.e., at k = 0) the conduction band has 
s-like symmetry and the triply degenerate valence 
band p-like symmetry. In the presence of strong 
spin-orbit coupling, part of this degeneracy is raised 
resulting in the doubly degenerate (at k = 0) heavy 
and light mass valence bands and a so-called 
spin-orbit split-off band. The reader should go to 
the general reviews quoted under ‘Further Reading’ 
for the equivalent coverage of other common systems 
such as the wurzite II-VI and the lead salt systems. 
The dynamics of a free electron subject to an 
external magnetic field have been given by a variety of 
authors, but the most universally used treatment is 


g(E) 


that of Landau. For the motion of an electron in a 
semiconductor we treat first the case of a simple 
parabolic energy band. For the case of the magnetic 
field, B, along the z-direction, k, remains a good 
quantum number, but k, and k, are subsumed into the 
new magnetic orbital (Landau) quantum number, n. 
The original three-dimensional energy band, E = 
hk?/2m*, is coelesced into a series of one-dimensional 
Landau sub-bands in the k,-direction (where the 
motion along k, remains unchanged): 


hk? 


F2(k,) = (n+ 1/2) he, + —% 
2m’ 


[1] 
The cyclotron frequency is w, = eB/m* and pp is 
the Bohr magneton. The resulting electron energy 
eigenvalues at k, = 0 in an external magnetic field 
(i.e., Landau sub-band extrema) are referred to as 
Landau levels, LLs. In practice each state is doubly 
degenerate with spin which results in an additional 
term +g" upB on the right-hand side, where g” is the 
effective g-factor. (Note that in the presence of strong 
spin-orbit coupling and small m”, there is a 
corresponding g” which becomes negative and sub- 
stantially different from the free-electron g-factor; the 
largest value for a binary elemental compound is that 
for InSb, where g* ~ —50.) The situation for a simple 
parabolic conduction band near k = 0 is shown in 
Figure 1a,b. Intraband optical absorption associated 
with direct transitions between successive Landau 
sub-bands is referred to as cyclotron resonance (CR) 
absorption. There are corresponding Landau sub- 
bands in the valence band, and direct transitions 
between valence and conduction sub-bands give rise 
to the so-called interband magneto-optical (IMO) 
effects. 

Expressions for the density of states (DOS) in three, 
two, and one dimensions in the absence of a magnetic 
field are given elsewhere (‘semiconductor basics’ — 
Pidgeon). In the presence of a magnetic field the 
three-dimensional energy band is reduced to one- 
dimensional sub-bands so that the energy dependence 
of the DOS has the one-dimensional form with the 
energy given by eqn [1]. Performing this substitution 
and multiplying by a term for the degeneracy of the 
Landau levels (LLs) gives the following expression for 
the total DOS per unit volume: 


_ (2m*)'? eB 
4m77h fh 





SV [E-@4+12)hoJ'? [2] 
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{b) DOs 


Figure 1 (a) Landau sub-bands according to eqn [1] with the 
magnetic field applied in the z-direction. The dashed line shows 
the parabolic conduction band for k along k, and B=0. 
(b) Schematic outline of the density of states (DOS) for free 
electrons in a magnetic field. It comprises the sum of identical 
contributions from each Landau sub-band. The density of states 
with B = 0 is shown dashed. 


Thus, the DOS for Landau sub-bands is quite 
different from the zero-field DOS, and is a series 
of square-root singularities with divergences at the 
energies (7 + 1/2)hw,. The two cases are illustrated 
schematically in Figure 1b. Since the optical 
absorption strength for both interband and intra- 
band transitions is proportional to the joint density 
of states for the initial and final states, this result 
shows the important advantage of the use of a 
magnetic field in semiconductor spectroscopy 
because it means that the absorption lines for CR 
or IMO transitions are strongly peaked at the sub- 
band extrema (i.e., at k, = 0). This allows accurate 
measurement of LL energy differences for transitions 
observed in a single experiment, and hence, by 
comparison to theoretical models, leads to the best 
determination of fundamental energy-band par- 
ameters. The basic LL selection rule can be shown 
straightforwardly from time-dependent perturbation 
theory to be An =0, Am, = 0 for IMO transitions 
and An = 1, Am, = 0 for CR absorption, where m, 
is the spin quantum number (i.e., +3, for spin up 
and spin down). The cyclotron resonance absorption 
occurs only for one sense of circularly polarized 
light, but the IMO effect can occur for all 
polarizations. The choice then of magnetic field 
direction, crystal orientation, and polarization of the 
optical radiation allows extremely detailed determi- 
nation of the energy band parameters for particular 
crystal symmetries. 

The data are often summarized in a so-called fan 
diagram of the energy levels, or transition energies, 
versus magnetic field. Such a plot is shown for 
hypothetical conduction and valence band LLs in 
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Figure 2 Fan plots of the conduction and valence band Landau 
levels versus magnetic field for simple parabolic bands: (a) a 
three-dimensional semiconductor; (b) quasi-two-dimensional 
systems. Some CR and interband magneto-optical transitions 
are shown by vertical arrows. 


Figure 2a, together with interband and CR tran- 
sitions. The states are labeled by the Landau 
quantum number, with selection rules An = 0 and 
An = 1 for interband and CR absorption transitions, 
respectively (or An = —1 for CR emission). If the 
energies of the transitions themselves are plotted 
versus the magnetic field, then the intercept of the fan 
plots at B = 0 gives the zero-field energy gap. Note 
that in the presence of excitonic effects (see below) 
the intercept will give the energy gap plus the exciton 
binding energy. 

For a strictly two-dimensional system the DOS per 
unit area is independent of energy: g(E) = m*/ah?. In 
the case of quasi two-dimensional confinement in the 
z-direction the motion in the z-direction is quantized, 
and the total energy becomes (see Semiconductor 
Physics: Quantum Wells and GaAs-Based Structures): 


ne 2 2 


Equation [3] describes a set of confinement sub-bands 
(parabolas induced by geometric, as opposed to 
magnetic, confinement), the bottoms of which are at 
the energies E;, where i is the sub-band index. The 
energies, E;, depend on the shape of the confining 
potential. The DOS per unit area is in this case a series 
of step functions of height m*/a*. From the point of 
view of magneto-optics, the main effect of the 
quantum confinement is to suppress the k, motion, 
so that in the presence of an external magnetic field 
along the z-direction, the motion is completely 
quantized. The energy eigenvalues are given by: 


E,j; = E;+ (n+ 1/2) he, [4] 
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The total DOS becomes: 


Ba 


mw, 


wh 





g(E) = d[E — (n+ 1/2) ha, | [5] 


a series of delta-functions located at the energy 
positions of the LLs. The DOS is obviously more 
singular in two dimensions than in three dimen- 
sions, and leads to substantially sharper magneto- 
optical and magneto-transport effects. For confined 
structures the selection rules for interband and 
intersub-band transitions are identical to the bulk 
case for the electromagnetic (em) radiation polarized 
in the xy plane provided that the external magnetic 
field is along the confinement (z-) direction. The 
only difference is that the conservation of momen- 
tum in the z-direction (Ak, = 0) is replaced by a 
selection rule on the sub-band index, Ai = 0. A fan 
plot for this configuration is shown schematically in 
Figure 2b. For each confinement sub-band transition 
there is a set of LL transitions. When the energy 
positions are plotted against B, this leads to a set of 
Landau ‘fans’, each of which extrapolates to the 
sum of a valence plus conduction confinement 
sub-band energy at B = 0. Allowed transitions are 
shown for the lowest two confinement sub-bands in 
Figure 2b. Again this picture may be complicated in 
the presence of excitonic effects at low temperature. 

Turning again to the bulk semiconductor picture, 
eqns [1]—[5] apply for a single parabolic energy band 
and are valid for the conduction band in the quasi-Ge 
model. In actual semiconductors further compli- 
cations arise. Most importantly the triply degenerate 
p-like valence band (heavy hole, light hole, and split- 
off band) must be treated by so-called degenerate 
perturbation theory. In the quasi-Ge model the 
conduction and three valence bands are treated 
together as one coupled band system using the so- 
called k- p method (described elsewhere by Zawdzki). 
With spin this results in an 8 X 8 matrix equation 
which has to be diagonalized for the eigenvalues and 
eigenvectors of the system. The spin-orbit coupling 
results in so-called complex, mixed-spin valence 
bands and anomalously spaced low quantum number 
LLs (the so-called quantum effects). The overall 
energy band scheme for InSb, near the fundamental 
direct gap in the center of the Brillouin zone for 
conduction and (heavy and light mass) valence bands 
is shown schematically in Figure 3, for no magnetic 
field and for an applied magnetic field. Each LL is 
doubly degenerate with spin, the a-set representing 
the so-called spin-up and the b-set the spin-down 
states. 
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Figure 3 (a) Schematic diagram of the conduction and valence 
bands for InSb (symmetry labels I’, and I's respectively) at B = 0. 
(b) Computed Landau levels for the conduction and valence 
bands of InSb at 4 K (E, = 0.23 eV) with B = 5 T along the [100] 
direction, grouped according to the so-called a- and b-spin sets 
(see text). 


Experimental 


The first serious use of magneto-optics to study 
effective mass and energy band structure of semi- 
conductors was in the microwave cyclotron reson- 
ance (i.e., intraband) investigations of Ge and Si in the 
early 1950s. Classically it can be shown that the ratio 
of the radiation power absorbed, P, to power 
absorbed in zero magnetic field, Po, is given by: 


P 14+ (@* + 2)7* 
Po [1 + (@2 — w?)72)? + 402772 





[6] 


where 7 is the collision time of the carriers. This 
expression for P/Pg describes cyclotron resonance 
absorption and is plotted as a function of frequency 
in Figure 4 for different values of the parameter @,7. 
Clearly the peak absorption occurs at w= a, 
namely at cyclotron resonance. Also evident is the 
very important requirement for observation of a 
clear resonance that w,.7 > 1; this condition corre- 
sponds physically to a travel time between collisions 
of the particle of at least 1/27 of a revolution so that 
the particle can interact for a sufficiently long time 
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Figure 4 Ratio of the radiation power absorbed to the 
power absorbed at zero magnetic field, P/Po, plotted as a function 
of w/w, according to eqn [6], for different values of woz from 
0.5 to 5.0. 


with the electromagnetic wave to absorb energy. For 
pure materials and low temperatures (where the 
condition w,.t>1 is achievable) this is the best 
technique for obtaining the details of the electron 
and hole band parameters of a semiconductor near 
k =0. The most thorough and successful studies of 
this type have been achieved in pure Si, Ge, and 
InSb where (with the aid of optical excitation to 
populate the levels shown in Figure 3) all possible 
electron, light and heavy hole cyclotron resonances 
have been resolved. In this way the valence band 
quantum effects, described above, have been 
observed in detail. The technique is equally appli- 
cable in low-dimensional systems where CR of both 
electrons and holes has been resolved in a large 
number of n- and p-type semiconductor hetero- 
structures and quantum wells. 

In interband — either absorption or photolumines- 
cence (PL) — spectroscopy at low temperatures, the 
photo-excited electrons and holes interact and form 
excitons (see Semiconductor Physics: Excitons). In 
many cases the excitonic state may be described in 
the so-called envelope function approximation as a 


hydrogenic system, in which the electron and hole 
are bound by their mutual Coulomb attraction. 
The energy spectrum of such a hydrogenic exciton 
is given by 


4 
a). He 
ta 2h 2n2 7] 


where 7 is the principal quantum number (n= 
1,2,3,..., but note that the symbol 7 is also used for 
the Landau quantum number above), pw is the 
electron-hole reduced effective mass, and « is the 
background dielectric constant. In low-dimensional 
(i.e., confined) semiconductor systems of the type 
described above the degeneracy of the valence bands 
at k= 0 is removed, and two types of excitons are 
observed; these are referred to as ‘heavy’ and ‘light’ 
hole excitons in the literature, where heavy and light 
refer to the effective masses along the confinement 
direction. These excitons can move freely (in the 
remaining two unconfined directions) or be bound 
to an impurity or defect. In these systems exciton 
absorption may be observed involving not only the 
ground-state excitons, but also excitons associated 
with higher confinement sub-bands. This is shown for 
the so-called asymmetric quantum well system 
Al,Ga,_,As/In,Ga;—,As/GaAs in Figure 5a. The 
data are taken both by the direct PL method (where 
the exciting beam has an energy much larger than 
the bandgap and the electrons and holes de-excite 
instantaneously to the bottom of the bands before 
recombining as exiton recombination radiation), 
and so-called PL excitation spectroscopy (where 
the exciting beam is a tunable laser, tuned into 
resonance with the successive exciton resonances). 
The interband Landau transitions can be observed 
either in PL or as excitations in a magneto-absorption 
or magnetoreflection experiment. Excitons are 
affected differently by the application of an external 
magnetic field depending whether the ratio 
y = ho,/2E: (where Ex is the exciton binding energy 
with 2 = 1 above) is less than or greater than one. In 
the so-called magnetic limit where y>> 1, the 
excitonic ground state moves approximately as 
+hw,, i.e., linearly with B. In this regime the magnetic 
field energy is the dominant term in the exciton 
Hamiltonian. The various states of the exciton 
(ground and excited states) become associated with 
the interband LL transition, and exhibit an energy 
dependence that is nearly identical to the free carrier 
LL transitions. The energies of the various excitonic 
transitions are shifted down with respect to the 
corresponding LL transitions by an amount equal to 
the binding energy of the excitonic state to that LL. 
Typical PL and PLE (photoluminescence excitation) 
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Figure 5 Interband transition data obtained in zero magnetic 


field (a) and fields of 5T (b) and 10T (c) from asymmetric 
quantum wells. The dashed lines indicate data obtained from PL 
and the solid lines data from PLE. The arrows in (a) indicate the 
calculated interband transition energies 1— 1, 2— 1, and 2— 2, 
the latter being clearly resolved in PLE (the asymmetric wells 
mean that transitions with Ai # 0 are allowed). In (b) and (c) the 
development of the spectra into LL transitions is clearly seen, 
although beyond 1.48 eV the analysis is obviously extremely 
complicated by the overlap of LL transitions associated with all 
three of the above sub-bands. 


spectra for interband magneto-optical transitions 
are shown in Figure 5b,c for a fixed applied 
magnetic field in the asymmetric quantum well 
system Al,Ga,_,As/In,,Ga,_,As/GaAs. 


Spin Flip Raman Scattering 


In addition to the interband transitions discussed 
above, Raman scattering of intersub-band transitions 
between conduction or valence band LLs can also be 
studied. It provides a versatile means of probing band 
edge parameters of electrons and holes in semicon- 
ductors since the excitation (normally a laser pump) is 
not confined to the resonance frequencies under 
investigation, i.e., any pumping energy below the 


band edge will do. Electronic Raman scattering is 
then allowed between LLs via virtual interband 
transitions. In the presence of spin-orbit coupling 
strong spin-flip processes via electric dipole tran- 
sitions become allowed giving rise to the so-called 
spin-flip Raman (SFR) cross-section. This is a single- 
particle process in which electrons or holes interact- 
ing with the radiation change their spin state. This 
process can be made to go stimulated particularly 
easily when the pump radiation is resonant with the 
bandgap of the semiconductor, forming the spin-flip 
Raman laser. The most important practical case 
has probably been that of InSb, resonantly pumped 
near 5 wm with the CO laser. In this case the small 
effective mass of a narrow-gap semiconductor in the 
presence of substantial spin-orbit coupling leads 
to both an extremely large anomalous effective 
g-factor (g* ~ —50) — giving a large tuning range, 
AE = hacp = g"BB - and a strong cross-section 
which is larger than that of the free electron by a 
factor (mo/m*)*. Efficient cw operation is possible 
with threshold powers less than 50 mW. 

SFR scattering has enabled the observation of a 
great variety of excitations in nonmagnetic and 
dilute magnetic semiconductors, including: free 
electrons and holes, electrons bound to donors 
and holes bound to acceptors, scattering from 
bound magnetic polarons, and scattering due to 
SF transitions within the Zeeman multiplets of 
paramagnetic ions. In addition to pure SF tran- 
sitions, combined resonances with combinations 
such as wcr + wsp have also been detected. The 
process has also been used in a similar manner to 
electron spin resonance to study coherent processes, 
including Raman photon echo spectroscopy in 
semiconductors. 


See also 


Magneto-Optics: Faraday Rotation, CARS, ODMR, 
ODSR, Optical Pumping. Semiconductor Physics: 
Outline of Basic Electronic Properties; Quantum Wells 
and GaAs-Based Structures. 
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Introduction 


Techniques used to measure second-order suscepti- 
bility ¥” or nonlinear optical coefficients are 
described in this article, and some measured values 
are quoted. These are the parameters that describe 
the property of a material that is responsible for 
second-harmonic generation and other three-wave 
nonlinear optical interactions. These other inter- 
actions include sum- and difference-frequency 
generation in which two waves combine to 
generate a third wave of a frequency that is the 
sum or difference of the first two waves. Also 
included are optical parametric generation and 
optical parametric oscillation, in which a single 
pump wave generates two resulting waves with 
frequencies that sum to the frequency of the pump 
wave. The measurement techniques involve measur- 
ing the efficiency of nonlinear frequency conversion 
by these processes. 

The measurements require a great deal of care and 
precision, and it is advisable to perform a comparison 
with previous measurements and obtain correlation 
with accepted standards whenever possible. A great 
deal of effort continues to be expended by researchers 
to establish correlations between measurements and 
provide additional values that are accepted as 
standards. A number of techniques have been used 
for these measurements sometimes yielding results 


that disagree. There are, however, values derived 
from early measurements that have proven accurate. 
In these measurements it is necessary to accurately 
control and characterize the polarization, power, 
spectral distribution, and spatial and temporal 
intensity distribution of the incident radiation and 
accurately measure the frequency-converted light, 
which can be many orders of magnitude smaller. 

The development and availability of single-longi- 
tudinal-mode and nearly diffraction-limited lasers has 
greatly reduced the ambiguity and simplified 
increased accuracy of measurements of second-order 
nonlinear optical coefficients. The improved optical 
quality of nonlinear-optical crystals has also been an 
important component of the increased accuracy of 
measurement. Measurement techniques have also 
improved, providing absolute measurements of opti- 
cal intensity over wide dynamic ranges at different 
wavelengths. Until the early 1990s, there was a range 
of measured values for nonlinear optical coefficients 
of common nonlinear materials, and numerous 
definitions were in use. Caution is required when 
consulting early publications on this topic, and some 
of this ambiguity is carried over to present time. 
Different definitions vary by factors of 2 and the 
permittivity of free space, ¢9 = 8.854 1072 C/N x 
m7. It is important that the definition of a nonlinear 
optical coefficient is clear before a value is used. This 
can be done through a statement of the nonlinear 
electric polarization or the coupled equations for 
nonlinear frequency conversion. 

The standard techniques that have been used to 
measure nonlinear optical coefficients are covered in 
detail in publications listed in the Further Reading at 
the end of this article. Brief descriptions of some of 
these techniques, such as Maker-fringe and wedge, 
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optical parametric fluorescence, and phase-matched 
second-harmonic generation, will be presented in this 
article. Each of these techniques has a unique set of 
advantages and disadvantages. There was some lively 
controversy over the technique that provided the 
most accurate measurements and those measure- 
ments that should be dismissed. Measurements 
based on phase-matched second-harmonic generation 
had the advantage of being most similar to practical 
application of nonlinear optical frequency conver- 
sion. However, the large divergence and multiple- 
longitudinal-mode operation of early lasers made this 
method unreliable. Even relative comparisons of 
nonlinear optical coefficients between different 
materials were inaccurate because highly structured 
laser pulses had different conversion characteristics 
due to differences in bandwidth acceptance, group 
velocity walkoff, and birefringent walkoff in different 
materials. 

Nonlinear optical coefficients of improved accu- 
racy were required for analysis of optical harmonic 
conversion in the large, well-characterized laser 
systems used in inertial-confinement fusion research. 
The development of these systems provided a 
standardization on the value of d3, = 0.39 pm V_! 
(1 pm= 10 '* m) for second-harmonic generation 
of neodymium laser radiation in the material 
potassium dihydrogen phosphate (KH 2PO,4 or 
KDP). The development of injection-seeded Q- 
switched lasers provided single-longitudinal-mode 
laser output that allowed the phase-matched 
second-harmonic techniques to be extended to 
provide more accurate absolute measurements and 
relative comparisons on KDP and a number of 
other materials. Correlation was achieved on a 
larger number of relative and absolute measurements 
of nonlinear optical coefficients to provide some 
systematic agreement. It is not well understood why 
the earlier measurements referenced to optical 
parametric fluorescence produced values that were 
higher by about 60%. Measurement techniques have 
been further refined, and more exacting measure- 
ments are leading agreement, using different 
methods of measurement on an increasing number 
of nonlinear optical materials. 


Definitions 


The definition of the nonlinear optical coefficient can 
be specified in a number of ways. Examples given here 
are how the coefficient relates to the nonlinear electric 
polarization in a material, the coupled equations for 
nonlinear frequency conversion, and expressions 
describing second-harmonic generation with a mono- 
chromatic plane-wave fundamental. 


The second-order optical nonlinearity is reported 
as both the second-order susceptibility y° and the 
second-order nonlinear optical coefficient d, which 
usually differ in definition by a factor of two. 
These are third-rank tensors that relate products of 
components of the electric field vector E; and E, to 
the vector components of the nonlinear polarization 
PN". The second-order susceptibility typically is used 
to express instantaneous values: 


PM (t) = 80 > XQE(DER@) 
jk 


[1] 


whereas the nonlinear optical coefficient more often is 
used to relate the vector amplitudes of frequency 
components of these quantities. The electric field at 
the fundamental angular frequency w can be 
expressed as 
1 ; 

E(w, 1, t) = 7 {E;(w) exp i(k,:t — wt)+c.c.} [2] 
and the nonlinear polarization at the harmonic 
frequency 2m can be expressed as 


1 
PN Qowr.t)=5{PNQoexpi(2k,1—2ot)+c.c.} [3] 
The intensity is given by I=(ncep/2)IEI’. The 
relationship between the complex amplitudes 
expressed in terms on the nonlinear optical coefficient 
tensor is 


PS'(2@)=89 > diix(—2.0;0,0)E(@)E,(o) 
jk 


[4] 


When waves of three different frequencies are 
involved, the expression becomes 


PS'(e3)=2e > dje(— 332,001 )Ej(@2) Ex (1) [5] 
ik 


Expressing the coefficient as d;;,(— w3;@1,@) allows 
for dispersion and indicates that fields at frequencies 
w@, and w) interact to produce a nonlinear polariz- 
ation at frequency 3, the sum of the first two 
frequencies. The relationship between the second- 
order electrical susceptibility and the second-order 
nonlinear optical coefficient is 

ee =2dizp [6] 

The dispersion of nonlinear optical coefficients is 

approximated by the use of Miller’s delta: 


dip (— ©3300) 


= 7. 
(n?(@3)—1)(17(@y)— 1)(ng(@) — 1) A 





Siik 
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The indices of refraction in the direction of the 
electric field components E,,(@,) are n,,(@,) for 
m=i,j,k and n=1,2,3. There is some theoretical 
and experimental justification for treating the com- 
ponents of Miller’s delta as constants. Earlier 
definitions of Miller’s delta included multiplication 
by €, the permittivity of free space. 

The nonlinear optical coefficient is usually 
reduced to a scalar quantity, the effective nonlinear 
coefficient or dr, that relates only the specific 
vector components of the fields involved in the 
interaction. The effective nonlinear optical coeffi- 
cient will be discussed in more detail later. The 
coupled equations for second-harmonic generation 
using der are 











dE>,,(z) 2 i OO eff E, (@E, (2) exp(—1 Akz) [8] 
dz NZ wC 

Pole) ag att Fh Cee ee) exp(iAkz) — [9] 
z NyC 


Here w is the angular frequency of the funda- 
mental wave; z is distance in the direction of pro- 
pagation, 7,, and 1, are the refractive indices of the 
harmonic and fundamental respectively; and c is the 
speed of light in free space. The complex electric 
field amplitudes of the harmonic and fundamental, 
E,,(z) and E,,(z), respectively, are assumed to be 
slowly varying functions of position compared with 
the oscillation of the carrier waves exp i(k>,,-r — 2a) 
and exp i(k,-r — wt), with k,,, and k,, the wave- 
vectors of harmonic and fundamental; the asterisk 
indicates complex conjugate. The quantity Ak 
is the wavevector mismatch and is given by 
Ak = ky,, — 2k,. These are simplified expressions 
that apply to nearly monochromatic plane waves. 
Two solutions to the coupled equations are 


20° d2,,I? 12(0) sin?(Akz/2) 


Nyce (Akz/2)* 


[10] 





1h(2) = 


for insignificant depletion of the fundamental 
amplitude and 


27 d?,271,,(0) 


NoMa Eo 


L,,,(2) = 1,,(0) tanh? [11] 


for the case of perfect phase matching Ak = 0 and 
allowing depletion of the fundamental. The quantity 
I,,,(z) is the harmonic intensity after propagating a 
distance z in the nonlinear material, and I,,(0) is the 
fundamental intensity at the input surface of the 
nonlinear material where I,,,(0) = 0. 


The above relationships for nonlinear polariza- 
tion, the coupled equations for second-harmonic 
generation, or harmonic conversion of a monochro- 
matic plane wave, each determine the definition of the 
second-order nonlinear optical coefficient. 


Symmetry 


Symmetry has an important role in the measurement 
of nonlinear optical coefficients. Indeed the second- 
order nonlinear optical coefficient must be identically 
zero if the material has inversion symmetry. This 
restricts materials to noncentrosymmetric crystals or 
isotropic materials in which inversion symmetry is 
removed by such techniques as application of an 
electric field or polymeric materials in which align- 
ment of molecules is achieved by some poling process. 
The discussion here is limited to noncentrosymmetric 
crystals. 

The nonlinear optical coefficient is a tensor of 
rank 3. Representation of the tensor in a rotated 
coordinate system is described by 


Nik = > RpRimRendimn 


Linn 


[12] 


where R;; is the matrix that describes rotation of the 
initial coordinate system xyz to the new coordinate 
system x’y’z’. The representation of a vector 1; in the 
original coordinate system becomes 7, = 5) Rjyr; in 
the new coordinate system. A required symmetry 
property of the nonlinear optical tensor, that 
exchange of the second two indices of a component 
does not change the value of the component dj, = 
djz;, allows the third-rank tensor to be written as a 


3 by 6 matrix: 


diy dy dy3 dig dys ate 
dy dyy dy3 dog dos dy [13] 
dx, d3, d33 d34 d35 36 


with the components of the matrix related to the 
tensor components by 








di =diy dig = din3 = diz 
dig =dixn dis = di3 = djz1, i= 1,2,3 [14] 
dj; > di33 dig = dita = din 


A further property, tensor components with any 
permutation of the indices are equal dj, = dj, called 
Kleinman symmetry or Kleinman’s conjecture, is 
often applied if there is no absorption at any of the 
wavelengths involved. Kleinman symmetry assures 
that the amount of energy depleted from the 
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fundamental is equal to the amount of energy gained 
by the second harmonic. This reduces the number of 
independent components of the nonlinear optical 
matrix to 10: dy14; dy2 = doe; d13 = d353 dig = dos = 
d363 dys = d313 dig = dy13 doa; dy3 = d343 do4 = 393 
and d33. Sometimes components equal, according to 
Kleinman symmetry, are measured individually, 
either as a check of the measurement or to check 
the validity of the conjecture. 

Crystal symmetry places additional constraints on 
the components of the nonlinear optical matrix. 
These constraints determine the components that 
must be zero and determine additional relationships 
between the nonzero components. Matrices for 
selected crystal point groups are given in Table 1. 
Effective nonlinear optical coefficients can be found 
by a coordinate frame transformation in which the 
rotated axes align with the direction of propagation 
and the eigen polarizations. Effective nonlinear 
coefficients for a few crystal point groups are given 
in Table 2. More complete listings of both the reduced 
matrices and effective nonlinear optical coefficients 
are given elsewhere. 


Table 1 Nonlinear coefficient matrices for selected crystal point 
groups 


Orthorhombic mm2 Hexagonal 6 
0 0 0 O ds 0 0 0 O dy ads O 
0 0 O dO 0O 0 0 O ds ad, 0 
d31 32 33 «OO 0 0 a3; 31 33, «OO 0 0 


Tetragonal 42m 


Hexagonal 6mm 


000 dy 0 0 0 0 0 0 dis O 
0000 ds 0 0 0 0 ds 0 O 
0000 O dg dy dy, deg 0 O O 
Trigonal 3m m 1 X Cubic 43m 

0 0 0 0 ds -de\ (0 00 dy, 0 0 
—dho 2 0 as O O 0000 dy, 0 

a3; dg; hg OO 0 O 0000 0. dy, 


Measurements 


Usually the symmetry of a nonlinear crystal is 
determined by techniques such as X-ray diffraction 
or surface morphology. Crystal symmetry determines 
the nonzero components of the second-order 
nonlinear optical tensor. Nonphase-matched second- 
harmonic-generation techniques, such as Maker- 
fringe and wedge measurements, allow selection of 
polarizations and propagation directions relative to 
the crystal lattice that isolates individual components 
of the tensor. Phase-matched measurement tech- 
niques usually require propagation in a direction for 
which an effective nonlinear optical coefficient 
applies and can involve more than one tensor 
component. Parametric fluorescence and sum- and 
difference-frequency-generation measurements are 
phase-matched processes that involve three wave- 
lengths. All of the measurement techniques have been 
used with pulsed and continuous-wave laser output. 
In all of these methods, except parametric fluor- 
escence, it is necessary to accurately characterize the 
incident radiation. Measurements relative to a 
standard material avoid some of the concerns of 
characterization of the fundamental radiation. Rela- 
tive measurements are important in that they allow 
correlation between different sets of measurements. 
Measurement sets, that include both relative and 
absolute measurements on a number of materials, are 
useful in developing correlations that achieve more 
accurate compilations of values. 

It is desirable to have an incident beam with a 
Gaussian-like transverse intensity distribution and 
close to diffraction limited propagation. Gaussian 
beams have advantages that they are most easily 
characterized and their propagation is described with 
relatively simple analytical methods. Accurate tem- 
poral characterization of the incident light is also 
essential. Here it is desirable to have stable single- 
mode laser operation to produce narrow bandwidth 
light that is well within phase-matching acceptance 
bandwidths and that has temporal structure slow 
enough to be easily characterized and slow enough 


Table 2 Effective nonlinear optical coefficient for a few symmetries 


mm, a point group with biaxial birefringence 


o& = 0, two waves EI|Y, one wave El|XZ ett = O32 Sin 0 
¢ = 90°, two waves EI|XY, one wave El|Z Obst = O31 COS? + dap sin? 4 
o& = 90°, two waves EIlX, one wave EI|YZ est = O31 Sin 0 


Some crystal symmetry groups with uniaxial birefringence 


point group 
42m 

3m 

6 and 6mm 


two e rays and one o ray 
Obst = O14 Sin?20 cos 2 
Att = doo COS*O COS 3h 
Cott — 0 


two o rays and one e ray 

det, = — 44 sin Osin2d 

det = Ais SiN 6 — doo Cos OsSin 3h 
Cott = Ass sin @ 
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that group-velocity mismatch will be of no concern. 
Generating such laser output usually requires special 
techniques, such as injection-seeded pulse operation 
or stabilized single-frequency cw operation. Often 
spatial filters are required to improve the beam 
quality on the laser output. Even though these topics 
are only mentioned here, the techniques are important 
and demand much effort. 

The analysis of measurements can also be 
complicated. Consider the Maker-fringe measure- 
ment technique (Figure 1). In this method a focused 
fundamental beam is incident on a thin slab of 
oriented nonlinear optical material for nonphase- 
matched second-harmonic generation. The thickness 
of the slab is large enough that the function 
sin(Akz/2) has gone through many cycles. As the 
crystal is rotated both the path length in the material 
! and the wave vector mismatch Ak change, and 
sin*(Ak-1/2) oscillates between maxima and minima 
(Figure 2). The coherence length L, = a/Ak is 
normally small enough that conversion remains in 
the region of small depletion of the fundamental. 
Knowledge of the material dispersion and birefrin- 
gence, required to calculate Ak, or L,, can be 
obtained from the fringe spacing. Ideally, the 
incident fundamental beam will be focused to a 
spot size wy, small enough to provide measurable 
harmonic conversion but large enough that the near- 
field approximation, in which diffraction is not 
significant, can be used for analysis of harmonic 
generation. In this case integration over the incident 
fundamental intensity distribution [,,(r,z = 0) = I,,0 
exp(—2r7/w%) yields an expression for the harmonic 
power: 





ee 272 
ee sin 


Tw We 


X correction factors 


al(a) 
2L,(@) 


[15] 
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Schematic illustration of an experimental setup to record Maker-fringe measurements. 
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Figure 2 The envelope and spacing of the fringes allow 


determination of the second-order nonlinear optical coefficient and 
the coherence length. 


where a is the angle of incidence of the fundamental 
radiation, W),,(a@) is the second harmonic power, 
and W,, is the incident fundamental power. This 
equation applies to cw radiation. It is necessary to 
integrate over the temporal distributions for pulsed 
fundamental light. The effective nonlinear coefficient 
d.(a@), the path length in the crystal [(a), and the 
coherence length L,(@) change with the angle of 
incidence a. The correction factors include Fresnel 
losses at the crystal surfaces, harmonic generation at 
the surfaces, multiple reflections between the sur- 
faces, absorption at either fundamental or harmonic 
wavelengths, and walkoff due to non-normal inci- 
dence and birefringence. 

The wedge technique (Figures 3 and 4) also uses 
nonphase-matched second-harmonic generation. A 
wedged sample is translated through a focused funda- 
mental beam, and the above equation applies with the 
angle @ constant. The crystal length / varies with 
transverse position. It is important that the wedge 
angle and the fundamental beam spot size are chosen 
so that the entire beam fits well within a maximum of 
conversion and the beam is large enough to avoid 
divergence due to diffraction. Both the Maker-fringe 
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Figure 3 The setup for wedge measurements is similar to that used for Maker-fringe measurements but with a wedged sample 


translated in the fundamental beam to change path length. 


Second-harmonic power 





Wedge translation 


Figure 4 The harmonic intensity cycles between a minimum 
and maximum when the path is changed by one coherence length. 


and wedge measurements have the advantage of 
being able to isolate individual components of the 
nonlinear optical tensor. Harmonic power can be low 
with cw beams requiring chopped, lock-in detection 
methods or even photon-counting techniques. Even 
with pulsed fundamental radiation, peak harmonic 
power may only be at the level of milliwatts. It is 
necessary to isolate the harmonic radiation from the 
fundamental radiation that could have peak power in 
the range of 10° W for a Q-switch laser. 
Phase-matched second harmonic generation 
(Figure 5) offers a measurement technique that is 
similar to practical applications. Harmonic signals 
are large, thus simplifying detection. However, it is 
helpful to keep conversion levels below a few percent 
to allow the use of small depletion approximations in 
data analysis. Good optical quality of the nonlinear 
optical material and good quality and accurate 
characterization of the fundamental radiation are 
important in this measurement technique. The 
analysis is simplified for low levels of conversion, 
spectral distribution well within the phase-matching 
bandwidth, no absorption or other losses, and no 
significant diffraction or walkoff. If the fundamental 


intensity is a pulse with distribution of [,,(r, t) = I.,0 
exp(—t?/1) exp(—277/w%), integration yields second- 
harmonic energy: 


Un, | de | 2ar drly,(7,z =) 


_ 220° del? Us, sin?(ARI/2) 16) 
Weer? mw, (AkI/2)* 





where U;,, is the second harmonic energy and U,, is 
the fundamental energy, r is the radial coordinate, t is 
time, and / is the length of the material. Harmonic 
conversion can be measured as Ak and varied, either 
by crystal rotation or temperature change, to confirm 
that optical quality of the nonlinear material and 
incident fundamental radiation are a level of tuning 
that is accurately predicted by theory (Figure 6). Even 
this simplified equation shows the importance of 
accurate characterization of the fundamental radi- 
ation and second-harmonic conversion in obtaining 
values of the nonlinear optical coefficient. Conversion 
efficiency is calculated more accurately with detailed 
analytical techniques or numerical methods, provided 
accurate and complete characterization of the funda- 
mental radiation is available. 

Parametric fluorescence, in principle, offers an 
experimental simplification over second-harmonic 
generation techniques. Parametric fluorescence 
(Figure 7) is a phase-matched technique in which a 
pump beam of angular frequency w, produces a 
signal beam and an idler beam of angular frequencies 
w, + @ = @, by the process of spontaneous para- 
metric generation. It is only necessary to measure the 
ratio of the generated signal power W, and the incid- 
ent pump power W,. The signal power is given by 


2(h/2 mas w;d-«n WO 


17 
(27) E90 nny ldAR/d w.| up (17) 





Ss 


where / is Planck’s constant, ©. is the solid angle of 
detection (inside the crystal), and n,, m;, and np are 


STANDARD ANTENNA TERMS 
AND RELATED FORMULAS 


QAR A 


Antenna Research 


The "IEEE Standard Definitions of Terms for Antennas" (IEEE STD-145) represents a consistent and 
comprehensive vocabulary suited for the effective communication and understanding of antenna theory. General 
use of these definitions of terms would eliminate much of the wide-spread inconsistency concerning antenna 
characteristics, particularly with regard to the basic parameters of gain, beamwidth, polarization and efficiency. 
For convenience, IEEE antenna terms of general interest are listed here. Wherever these terms appear in this 
catalog, the definitions given below apply. Other commonly used terms, not covered by the IEEE standard, are 


shown with an "*." 


ANTENNA APERTURE. A surface, near or on an 
antenna, on which it is convenient to make 
assumptions regarding the field values for the 
purpose of computing fields at external points. 
Note: The aperture is often taken as that portion of 
a plane surface near the antenna, perpendicular to 
the direction of maximum radiation, through which 
the major part of the radiation passes. 


ANTENNA EFFICIENCY OF APERTURE - TYPE 
ANTENNA. For an antenna with a specified planar 
aperture, the ratio of the maximum effective area of 
the antenna to the aperture area. 


* ANTENNA FACTOR. That quantity by which the 
voltage developed across the output of an antenna 
is related to the incident field strength in which the 
antenna is immersed. Note: Applicable to low 
frequency antennas and usually refers to a 50 ohm 
output. 


-1 
AFE (dBm )=E (dB V/m) - V (dB V) 
AFE = Electric Field Antenna Factor 
E = Electric Field Strength at antenna 
V = Voltage at terminals of antenna 

SI) el 

AFH (dB AV m _ )=H (dB A/m)-— V(db V) 
AFH = Magnetic Field Antenna Factor 
H = Magnetic Field Strength at antenna 
V = Voltage at terminals of antenna 

-1 -l ol 
AFE (dBm ) = AFH (dBAV m )+51.53 


for a plane wave in free space. 


AFB (apt) = B(dBpT) - V (dBuV) 
UV fe) 


Phone: 301-937-8888 @ Fax: 301-937-2796 © 


AFB = Magnetic flux Antenna Factor 

B = Magnetic flux at the antenna 

pT: picoTesla units 

V = Voltage at the terminals of the antenna 


AFB (ap Pty = AFH Ce +2 
LV Vm 


APERTURE ILLUMINATION. The field over the 
aperture as described by amplitude, phase, and 
polarization distributions. 


APERTURE ILLUMINATION EFFICIENCY. For a 
planar antenna aperture, the ratio of its directivity to 
the directivity obtained when the _ aperture 
illumination is uniform. 


BEAM. The major lobe of the radiation pattern. 


CIRCULAR POLARIZATION. It may be either right 
hand circular polarization (RHCP) or left hand 
circular polarization (LHCP). The sense of 
polarization is determined by observation of the 
direction of rotation of the electric field vector from a 
point behind the source, RHCP and LHCP 
correspond to clockwise and _ counter-clockwise 
respectively. Note: RHCP transmit requires a like 
polarization to receive. 


CO-POLARIZED. The polarization which the 
antenna is intended to radiate or receive. Also "like 
polarization". 


* CROSS POLARIZATION DISCRIMINATION 
(XPD). Cross polarization discrimination is the 
measure of the antenna’s ability to differentiate 
between the vertical and the horizontal polarization 
of an antenna. This difference, shown in relative 
signal level, is indicated on directional pattern 
envelopes (DPE’s). 


hitp://www.ara-inc.com @ sales@ara-inc.com 
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Figure 5 A setup for a relative measurement of second-order nonlinear optical coefficient based on phase-matched second-harmonic 


generation is shown. 


Second-harmonic energy 





re 





Wavevector mismatch, Ak 


Figure 6 Observation of a theoretically predicted phase- 
matching tuning curve confirms required optical quality. 


the indices of refraction of the signal, idler, and pump 
respectively. The absolute value of the partial 
derivative of Ak = k, — k, — kj, with respect to signal 
frequency with the pump frequency held constant, is 


dn; 


oO: —— 
; da; 


dn, 


Padi 
* da, 


1 
lWAR/I@.l op = Zt — Mi + [18] 


It is still not well understood why the carefully 
performed earlier measurements by this method 
produced nonlinear optical coefficient values larger 
than those obtained by other techniques. 
Tabulations of measurements of nonlinear optical 
coefficients are included in handbooks. The Internet 
posting ‘SNLO’ listed in the Further Reading is a 
good source of up-to-date values. Table 3 lists some 
nonlinear optical coefficients obtained from several 
sources. Signs of these coefficients are not always well 
determined, and they are reproduced where given and 
may only indicate relative polarity. Point group 


symmetry is given with some comments about axis 
assignments for the mm2 point group. The funda- 
mental wavelength is given for second-harmonic 
measurements and twice the shortest wavelength is 
given for three-wave processes. Many of the values 
obtained by Shoji et al. are based on carefully 
performed wedge measurements with single freq- 
uency cw lasers and taking detailed account of 
multiple reflections in the analysis. Their measure- 
ments for congruent LiNbO3 reported agreement 
between Maker-fringe and wedge measurements, and 
phase-matched difference-frequency generation 
measurements, and finally agreement with parametric 
fluorescence. The measurements of Alford and Smith 
combined optical-parametric amplification and 
second-harmonic generation at a number of different 
wavelengths and correlation with values previously 
reported in the literature to examine the validity of 
using a constant Miller’s delta, and reported best-fit 
values for the second-order nonlinear coefficient. 
Constant Miller’s delta provided reasonably accurate 
wavelength scaling, with good agreement for most 
materials in recent measurements. 

The measurements of the nonlinear optical coeffi- 
cients of KNbOs, listed in Table 3 are of particular 
interest. These measurements were performed by the 
separated-beam wedge technique (Figure 8). With 
this technique, a large wedge angle is used in a 
relatively long crystal and with a larger fundamental 
beam than in the conventional wedge technique. The 
beam is large enough that many fringes are present in 
the second-harmonic at the exit surface. The fringe 
structure causes focused harmonic radiation to 
diffract into two clearly resolved spots. Integration 
of an earlier equation, with constant fundamental 
field amplitude E,(0), provides a_ simplified 
expression of the second-harmonic field E,,(z, 1) 
in terms of a free wave with propagation constant 
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Figure 7 Spontaneous optical parametric fluorescence requires measurement of the ratio of the power of the signal fluorescent to the 
power of the pump radiation. The calibration laser is used to measure the signal transmission of the filtering system used to block the 
pump radiation from reaching the photomultiplier tube (PMT). 


Table 3 Selected nonlinear optical coefficients 


Material 


AgGaS»2 


AgGaSe2 
BaB2O4 (BBO) 


CdS 


CdSe 
CdTe 


CsLiBgO19 
GaAs 


GaP 


KD2PO, (KD*P) 

KHsPO, (KDP) 

KNbO3 
Z=Z,=x=! 
X=Y,=z=s 
Y=X,=-y=m 


KTIOAQ, (KTA) 
Z=Z,=z=m 
X=Y,=-y=s 
Y=X,=x=/ 

KTiOPO, (KTP) 
Z=Z,=z=m 
X=Y,=-y=s 


Y=X,=x=/ 

LiB,O; (LBO) 
Z=Z,=y=s 
X=Y,=z=m 
Y=X,=x=/ 

LilOg 

congruent 

LiNbO3 


Point group 


42m 


42m 
3m 


6mm 


mm2 


mm2 


mm2 


3m 


Nonlinear optical 
coefficient (pm V~') 


Ais = A314 = Azo 
Ag = Ahy = Age 
Ag = Ag = Age 
Ay4 = Ay = Age 
yg = Ay = Age 


Ay4 = Ay = Akg 


Wavelength 


10.6 wm 
1064 nm 
10.6 ~m 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
10.6 wm 
10.6 wm 
1064 nm 
1064 nm 
1064 nm 
10.6 wm 
10.6 wm 
1064 nm 
10.6 ~m 
1064 nm 
10.6 wm 
1064 nm 
10.6 wm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
2128 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 
1064 nm 


Source 


| 
Shi 


» ® © ® 0 ® * 9 © ® © © 0 0 ® © Q@Qee»eo © ® D 


So 


2,9, 


2 20% 0 0 0298 O09 FTTT FT 


MATERIALS CHARACTERIZATION TECHNIQUES / x2 23 





Table 3 (Continued) 


Material Point group Nonlinear optical Wavelength Source 
coefficient (pm V~") 








Agreement of measurements of d3; by Maker fringe and wedge SHG (4.6 pm V~') and parametric 
fluorescence and parametric amplification (4.3 pm V~‘) 


1064 nm \ 
5%MgO:LiNbO. 3m dag 25 1064 nm ° 
3 44 1064 nm 7 
LiTaO; 3m yg 13.8 1064 nm < 
ds 0.85 1064 nm e 
NH4H2PO, (ADP) 42m 14 = Ang = Age 0.47 1064 nm ae 
aSiO, 32 dy 0.3 1064 nm 
ZnGeP» 42m 14 = Oba = Ase 69 10.6 zm ae 


*Roberts DA (1992) Simplified characterization of uniaxial and biaxial nonlinear optical crystals: a plea for standardization of 
nomenclature and conventions. [EEE Journal of Quantum Electronics 28: 2057-2074. 

’Dmitriev VG (1997) Handbook of Nonlinear Optical Crystals, 2nd edn. Berlin: Springer-Verlag. 

°Sutherland RL (2003) Handbook of Nonlinear Optics, 2nd edn, chs 4 and 5. New York: Marcel Dekker. 

9Shoji |, Nakamura H, Ohdaira K, et al. (1999) Absolute measurement of second-order nonlinear-optical coefficients of 6-BaB2O, for 
visible to ultraviolet second-harmonic wavelengths. Journal of the Optical Society of America B 16: 620-624. 

°Shoji | (1997) Absolute scale of second-order nonlinear-optical coefficients. Journal of the Optical Society of America B 14: 2268-2294. 
‘Shoji I, Nakamura H, Ito R, et a/. (2001) Absolute measurement of second-order nonlinear-optical coefficients of CsLiBgO4o for visible- 
to-ultraviolet second-harmonic wavelengths. Journal of the Optical Society of America B 18: 302-307. 

9Alford WJ and Smith AV (2001) Wavelength variation of the second-order nonlinear coefficients of KNbO3, KTIOPO,4, KTiIOAsOu, 
LINbOs, LilO3, B-BaBzO,, KH2PO,, and LiB3O;s crystals, a test of Miller wavelength scaling. Journal of the Optical Society of America B 
18: 524-533. 

"Pack MV, Armstrong DJ and Smith AV (2003) Measurement of the x tensor of the potassium niobate crystal. Journal of the Optical 
Society of America B 20: 2109-2116. 


Wedged  Short-pass the geometry of the measurement. The large wedge 
crystal _laser-blocking eliminates problems of multiple reflections, and it is no 
filter longer necessary to carefully choose the beam spot size 
none to fit within one fringe maximum, yet be large enough 
to allow use of the near field approximation. The 
Aperture accuracy of this measurement is demonstrated when 
Detector the coefficients are expressed as Miller-delta 
, Ly values: 554=0.153pmV~!, 83, =0.150pmV~!, 8,5= 
0.195pmV~!, and 63,=0.192pmV~!. These values 
satisfy Kleinman symmetry, 6)4= 63) and 6,5 = 631, 
Figure 8 In the separated-beam wedge measurement tech- 
nique, a fundamental beam of large transverse size generates 


well within the reproducibility of the measure- 
: 420 
harmonic radiation that is separated into a free harmonic wave ments which was about + 3%. 


and a driven harmonic wave after exiting the crystal. The nonlinear optical coefficients of BBO d3,(1064 
nm)=2.3pmV! and KDP d3(1064nm) = 
0.39 pm V_! are gaining agreement from a number 
of independent measurements. The apparent 
5 disparity in the values for GaAs d3,¢(10.6 wm) = 

w eft EG (0) 1 : =i], = —1 : 
E,,(Z,t) = SE ee Sepik a 2ot)+c.c.} 83 pm V and d3.(1064 nm) = 170 pmV™, is 













Incident 
fundamental 
beam 


Driven harmonic 
wave 


harmonic wave 


k,, and a driven wave with propagation constant 
2k! 


M2w€ : Ak resolved when the coefficients are converted to 
_ wd EGO) 1 _ Miller’s delta values: 53, = 0.089 pm V_! and 
Ny C RLexPIAkW2 2wt)+ec.} 536 = 0.086 pm Vt, respectively. The same thing 


[19] can be done for GaP, for which d3¢(10.6 wm) = 

37 pm V_! and d3,(1064 nm) = 70.6 pm V_! convert 

The two beams with different propagation con- tO 636 = 0.085 pm Vi! and 835 = 0.077 pm V"', 

stants are refracted at different angles at the wedged respectively. However, the older and newer values 

exit surface. The detailed analysis must include losses for other materials such as CdTe and CdS do not 

due to absorption and reflections at the surfaces and achieve this agreement. Other materials such as 

also nonlinear effects at the surfaces. Precision againis CLBO and LBO need additional investigation to 

required in characterizing the fundamental beam and__ resolve differences. The measurement of nonlinear 
incident and generated intensities or energies as wellas _ optical coefficients is a continuing process. 
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Other techniques for measurement involving differ- 
ent nonlinear-optical processes are possible. Para- 
metric amplification was mentioned above. Generally 
more complicated processes are less well suited for 
measurement of fundamental properties. Integrated- 
optical devices such as waveguides are even more 
complex. Often nonlinearity is measured in fractional 
conversion per unit of pump power to characterize 
overall device performance. There are survey tech- 
niques for evaluating materials such as grinding the 
material to a powder, illuminating with intense laser 
radiation, and looking for harmonic conversion. 
A surprising amount of information, such as a rough 
estimate of nonlinearity and the possibility of bire- 
fringent phase matching, can be gleaned by sorting 
the power and measuring the scattered harmonic 
radiation. Second-harmonic reflections from surfaces 
and thin film can be used in some instances. Electric 
fields can be use to orient molecules in polymers 
and solute molecules in solution to measure the 
hyperpolarizability of individual molecules. 


Reporting Frames 


Standardized axis specifications avoid confusion, but 
nonstandard axes can prove convenient in some 
applications provided care is used. The crystal 
KNbO3 has mm2 point group; it could also be m2m 
or 2mm depending on the choice of axes to describe 
the crystal properties. The axis assignment for the 
orthorhombic class mm2, as it is used in Table 3, 
follows the IEEE/ANSI Std. 176-1987: Z is the polar 
axis, X is parallel to the shorter of the remaining 
unit cell dimensions, and Y is chosen to complete a 
right-handed coordinate frame. Polarity of the axes 
can be assigned by pyroelectric properties and piezo- 
electric properties of the crystal. The common 
assignments of the axes in the literature are given by 
X,, Y,, Zz, in the table. Reference to the biaxial 
indices of refraction are given by the lower case x, y, z 
with 1, <n, <n,. Finally the axes are identified by 
the unit cell dimensions s < m <1. Either a plus or 
minus rotation about the Y axis will bring the crystal 
into an xyz frame. However, a +90 degree rotation 
will give coefficients that are opposite in sign from a 
—90 degree rotation. The signs of the nonlinear 
optical coefficients are often not well determined 
because sign is not obtained from conversion effi- 
ciency in a single crystal. However, coefficient signs 
can be compared in the same crystal or between two 
crystals to determine if they are the same or opposite. 

The crystals KTP or KTA are used here as an 
example. A 90° rotation about the Z-axis gives a new 
coordinate system X’Y'Z’ aligned with the xyz frame 
determined by the indices of refraction. In the new 


frame, the component of the nonlinear optical tensor, 
in terms of the standard frame, are d,,, = d3. and 
d.yy = d3,. All that is needed here is to exchange d3) 
and d3, to change the standard frame to the one 
commonly used in the literature, X;, Y;, Z,. When 
the largest index of refraction is not aligned with the 
polar axis, as is the case for LBO and KNbO3, the 
specification of tensor components can become 
confusing if a standard frame is not used. 

Often crystallographers and crystal manufacturers 
can identify axes by surface morphology or by poling 
processes of ferroelectric crystals. With other crystal 
symmetries a change in the reporting frame that does 
not change linear optical properties may change 
the sign of some of the nonlinear optical tensor 
components while leaving others unchanged. For a 
crystal of 3m point group, a 180° rotation about Z 
will change the sign of dy7, d31, and dg and leave the 
other coefficients unchanged. The xyz frame with 
ny, < ny <n, is convenient for calculations of optical 
propagation, and the standard XYZ frame is unam- 
biguous for reporting of tensor properties. 


Conclusion 


There is still a range of values for nonlinear optical 
coefficients of many materials. Standardization is 
evolving on more commonly used materials. Greater 
precision in measurement and extension of measure- 
ment techniques are providing better accuracy. 
However, caution is still required when accessing 
values. It is necessary to scrutinize the sources of 
values to obtain the highest accuracy. Accurate 
measurements need to be extended to difficult 
spectral ranges of the ultraviolet and infrared. The 
ambiguity of the sign of tensor components needs to 
be resolved. In recent measurements, carefully exe- 
cuted wedge measurements are producing more 
reliable results. The separated beam wedge technique 
appears to be particularly promising. Phase-matched 
second-harmonic generation and other practical 
applications of nonlinear optical materials will 
continue to serve as techniques to verify accuracy. 
Current analytical and numerical techniques provide 
a method for precise modeling of nonlinear optical 
processes and the need for more accurate material 
characterization. 


See also 


Fiber and Guided Wave Optics: Nonlinear Optics. 
Nonlinear Optics, Basics: °’-Harmonic Generation. 
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Introduction 


Over the past 30 years, several methods have been 
used to measure and characterize optical nonline- 
arities. With increasing interest in nonlinear optics 
beyond the traditional harmonic generation, third- 
order nonlinear processes have been shown to be 
responsible for self-focusing and defocusing of optical 
beams, phase conjugation, optical bistability, etc. 
Third-order nonlinear processes in Kerr materials 
arise from the cubic dependence of the polarization 
P= pl + pNl, pNl — \@):E-E-E in a material on the 
optical field E, through the nonlinear susceptibility 
tensor ¥°). The cubic nonlinearity in turn results in 
a nonlinear refractive index coefficient nm) defined 
through: 
n= Ny + 1y|ES? [1] 
where E,” is the phasor part of E: E = Re[E,"exp X 
jwpt]. The relation between ¥° and m can be 
expressed as: 
ny = (3/819)Xi111(— 03 p, 9, — @) [2] 
In some materials, an effective x or an effective 
n can be defined as well. For instance, in a second- 
order nonlinear material, an effective ¥ is 
established through cascading of Y's, and in the 
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Roberts DA (1992) Simplified characterization of 
uniaxial and biaxial nonlinear optical crystals: a 
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presence of phase mismatch between the funda- 
mental and the second harmonic. In_ other 
materials, such as liquid crystals, an effective 1 
can be defined due to the nonlinear dependence of 
the reorientation of the director axis on the optical 
field. In photorefractive materials, the induced 
nonlinearity stems from the nonlinear dependence 
of the induced space charge distribution in the 
material on the optical field. Some of the techniques 
used to measure the third-order nonlinearity in 
materials include degenerate four-wave mixing 
(DFWM) or phase conjugation, interferometry, 
ellipse rotation, and beam self-refraction and/or 
distortion and bending. 

For instance, in DFWM, two contradirectional 
propagating pumps and the probe beam having the 
same frequency wo interact to give rise to the 
conjugate, whose amplitude depends on the magni- 
tude of the cubic nonlinearity coefficient. The 
conservation of energy and momentum describes a 
parametric interaction of the form @) + @) — @— 
wo (in frequency space) and, Kprobe + Kpump1 — 
Kk pump2 — Kconj (in k-space). The conjugate beam is 
clearly distinguishable by its spatial separation from 
the other interacting waves. However, alignment of 
the three waves is critical to obtain a good phase 
conjugate; furthermore, the sign of the nonlinearity 
cannot be determined. 

In the interferometric method, a laser beam is split 
into two parts, one serving as the reference, and the 
other being incident on the nonlinear sample. As in 
the case of interferometers, if the two beams are then 
recombined and introduced through a lens, an 
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interference pattern forms at the focal plane of the 
lens. While the information about the magnitude of 
the nonlinearity can be found from the fringes and 
their change when the incident power is varied, 
information of the sign of the nonlinearity is still not 
readily inferable. 

In this article, we will concentrate on self- 
refraction, particularly in light of the fact that it 
results in a sensitive and at the same time simple 
method called the z-scan®, requiring the propagation 
of a single beam through the nonlinear sample. We 
comment that self-diffraction does also cause self- 
bending of an asymmetric beam due to the asym- 
metric phase change induced through the cubic 
nonlinearity; however, extracting the information of 
the sign and magnitude of the nonlinearity can be 
effectively done only if the sample is thin, implying 
that there is negligible linear diffraction of the beam 
as it passes through the sample. In the rest of the 
article, we will therefore concentrate on the z-scan 
method, since it is an elegant and simple single 
(symmetrical) beam technique that yields information 
on the magnitude and sign of the cubic nonlinearity, 
as well as its real and imaginary parts. We will des- 
cribe in detail how the z-scan can measure the real 
part of the cubic nonlinearity, for both thin and thick 
samples, as well as showing its application in 
determining the reorientational nonlinearity of liquid 
crystals and the nonlinearity of photorefractive mate- 
rials, where photovoltaic effect and diffusion of charge 
carriers contribute to the effective nonlinearity. 

Since the mid-1990s z-scan has evolved as a 
standard method for determining effective non- 
linear refractive index coefficients of nonlinear 
materials. The name z-scan is derived from the 
fact that the nonlinear test sample is scanned along 
the direction of propagation (z) of a beam about 
the back focal plane of an external lens illuminated 
by an incident Gaussian beam from a laser. The 
far-field diffraction pattern yields information 
about the nonlinearity of the test material. The z- 
scan technique has been used to measure and 
characterize the nonlinear refractive index coeffi- 
cient and nonlinear absorption coefficient in 
materials such as CS,, ZnSe, Cs atoms, multi- 
photon absorption in GaN, organic dyes, thermal 
nonlinearities in liquids, liquid crystals, photore- 
fractive materials, etc., to name a few. z-scan 
measurements have been made using non-Gaussian 
incident beams, and z-scans have been performed 
using both CW and pulsed laser sources. 

The first extensive series of work on the z-scan 
technique, including analysis and application to 
the measurement of the cubic nonlinearity, was 
performed by the group of Van Stryland at the 


Center of Electro-Optics and Lasers (CREOL) at the 
University of Central Florida. Other investigators 
later performed similar measurements and charac- 
terization during the study of nonlinear optical 
properties of a solution of chlorophyll in acetone, 
and Chinese tea. 


Theory of the Thin Sample z-Scan 


We will first analyze propagation of a (circularly 
symmetric) Gaussian beam which is initially focused 
by an external lens and is then incident on a ‘thin’ slice 
of a cubically nonlinear Kerr medium. This case is 
important because, as explained below, it provides a 
basis for the measurement of the nonlinear refractive 
index coefficient 1). 

Figure 1 shows a simple ray diagram to demon- 
strate what happens if the cubically nonlinear 
material is thin. The propagating Gaussian beam 
induces its own lens, which is positive for a material 
having a positive 1), for reasons that will become 
clear to the reader later on in this section. Note that if 
the position of the induced lens is at the back focal 
plane of the external lens, the former does not affect 
the propagation of the beam behind the nonlinear 
material. The situation is thus the same as the 
propagation of the externally focused Gaussian 
beam in a linear diffraction-limited environment. 
However, if the separation between the external lens 
and the sample is less than the focal length f of the 
external lens, the beam in the far field is wider than 
the linear diffraction-limited case. Conversely, if the 
lens-sample separation is larger than f, the beam 
width is smaller. This is the basis of the z-scan: for a 
material with a positive 7), the scanning of a thin 
nonlinear sample through the back focal plane of the 
external lens, starting from a position to the left of the 
focus, yields far-field profiles which are initially larger 
and eventually smaller than the width in the linear 
diffraction-limited case. The opposite is true for 
materials with a negative 7. For very large displace- 
ments of the sample from the back focal plane of the 
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L Induced lens pl 

















Figure 1 Geometrical optics picture of z-scan setup for 
nonlinear refractive index nz. Reproduced with permission from 
Banerjee PP (2004) Nonlinear Optics: Theory, Numerical 
Modeling, and Applications. New York: Marcel Dekker. 
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external lens, the beam power is small enough that 
nonlinear lensing is negligible, and hence the beam 
widths return to the linear diffraction-limited case. 
The variation of the on-axis intensity or transmit- 
tance as a function of scan distance is complementary 
to the variation of the width, due to conservation of 
power, to be explained further below. A sketch of the 
on-axis transmittance during a z-scan for a positive 77 
material, is shown in Figure 2. 

The simpler ray picture described above can be 
augmented by using a q parameter approach to 
Gaussian beam propagation. For the sake of 
simplicity, we prefer to introduce the q parameter 
approach here, instead of the more rigorous 
Gaussian decomposition of the induced phase as 
computed by Van Stryland’s group. The q of a 
Gaussian beam in air is defined through the relation 
1/q = 1/R — i(2/kyw?), where R and w denote the 
radius of curvature and the beamwidth, respectively, 
and kg is the propagation constant in air. Assume a 
Gaussian beam with a waist wo (implying initially 
planewave fronts) incident on the external lens. The 
Gaussian can be described by g = qo = izpo, where 
Zro = kowG/2 is called the Rayleigh length of the 
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Figure 2 Typical z-scan plots for positive (top) and negative 
(bottom) cubic nonlinearities. The vertical axis is in arbitrary units. 


incident Gaussian. The laws of g transformation of a 
Gaussian beam are: 


(i) for translation through a distance d, the g changes 
to q+ d; and 

(ii) for a Gaussian with q-parameter q incident on a 
lens, the g immediately behind the lens, is given 
by (1/q — 1/f)71. 


Using these laws, the g = gop, of the Gaussian at 
a distance d from the nonlinearly induced lens of 
the focal length fing, which is located at a distance 
s =f + As behind the external lens, can be found as: 


finalgof + f — dof + AD] 
find(f — Go) — [dof + (f — 9o)s] 


In deriving eqn [3], we have used the laws of qg 
transformation on the initial Gaussian beam of 
q-parameter qo passing through the external lens, 
being translated a distance f + As, passing through 
the induced lens, and finally being translated a 
distance d to the observation plane. 

To determine fi,q(As), assume a Gaussian of the 
form: 


[3] 





obs = 


IES (x, y,z)l = E(z) exp(—(x* + y*)/w?(2)) [4] 
Since 
N= No + nglES |? ~ ng — 2m E* (a(x +y’w(z) [5] 


the nonlinearly induced phase change is 
Ad=kyndz~ koliy — 2m, E*(2)(x* + y/w*(zZlAz [6] 
so that 


find(Z) = Now” (z)/Anza(z)Az [7] 


Note that f,,q(z) is inversely proportional to 2)E7(z) 
and Az. The longer the sample length, the more the 
nonlinear induced phase, implying a stronger lensing 
(smaller fing). Also, the stronger the nonlinearity 
parameter 7 and/or on-axis intensity (E*(z)), the 
stronger the focusing since the change in 7 is larger. 
We must point out that the focal length f,,q of the 
induced lens is also a function of As, since it depends 
on the beam intensity at the location of the nonlinear 
sample. In fact, the focal length f,,q of the nonlinearly 
induced lens can be expressed in terms of the beam 
power P, the beam width w at the position As, f (the 
focal length of the external lens), the linear refractive 
index no, the nonlinear refractive index coefficient 1 
defined through eqn [1] where IE;"| = E is the optical 
field in the nonlinear material of length L, assumed 
‘thin’ for now. The term ‘thin’ means that the sample 
length is smaller than the depth of focus of the 
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externally focused Gaussian beam. In this case, we 
can assume that the beam width is a constant through 
the sample, and the induced focal length is then only 
directly dependent on the total thickness L of the 
sample. The focal length of a nonlinearly induced 
‘thin’ Kerr lens can be written as 


af ‘ng 


kiwis NoPLny 


now(As) % 


in (As) oa 
fin 4n,|EPL 





[8] 


for small As, where yo is the (linear) characteristic 
impedance of the nonlinear medium. Note that in 
eqn [8], the beam width w is given by 


| and w; = 


In eqn [9], ws denotes the waist size of the Gaussian 
beam at the back focal plane of the external lens. 
In deriving eqn [8], one has to use the power 
conservation relation |El*w? = (4/7)nP to re-express 
the dependence of the induced focal length on the 
field amplitude in terms of the corresponding width at 
the same point. 

Our final interest is to find the imaginary part of 
1/qops(= —2/kow2,,), in order to ascertain the width 
Wops Of the Gaussian beam on the observation plane. 
Simple but tedious algebra leads us to the relation: 


4(As)* 
kw} 


2f 


kowo 








w’(As) = wifi 








koWeps 
2 
_ Uffinad — (7d +f? fina) +f fina — DAS? + ZRol (fina — DAS + fina dl? 
zrof find 


[10] 


It can be shown simply that when As = 0, and for 
final > fs Wobs = Wod/f for large d. In other words, in 
the linear case, i.e., when fi,qg= 0, as well as in the 
nonlinear case when As = 0, the far-field width of the 
Gaussian beam is what is predicted by geometrical 
optics. Furthermore, from eqn [10], the rate of change 





of the width with As around As =0, (assuming 
Zro->f, and for large d) can be found as 
dwWobs _ —2d7zpR9 a wod 11] 
dAs koWobsf “find Hind 


provided we invoke the relation for wo,, derived 
above. In eqn [11], fing refers to the value of the 
induced focal jlenath (eqn [8]) with As = 0. Equation 
[11] may be written as 


_ _ kjw)PLny 
2anof? 


dw obs 
dAs 





[12] 


This means that in a material with a positive 
(negative) 2), implying a positive (negative) induced 


lens, the rate of change of the observed width with the 
position of the nonlinear sample about the focal plane 
of the external lens will be negative (positive), in 
agreement with the results from geometrical optics. 
Furthermore, the rate of change is proportional to the 
angle of convergence wo/f of the externally focused 
Gaussian, and to the position d of the observation 
plane. 

In z-scan, it is often important to relate the on- 
axis transmittance in the far field to the scan 
distance s for measurement purposes. Since for 
power conservation, the intensity is inversely 
proportional to the width of the beam in the far 
field, a positive 2) would imply a positive slope as a 
function of scan distance with increasing s, and a 
negative slope for negative 7). The value of the slope 
of the on-axis transmittance could give the infor- 
mation of the m, of the material. Note that the 
z-scan graph in this case is an odd function of 
the scan distance, measured about the back focal 
plane of the external lens. 

In practice, a detector with a finite aperture area is 
placed on-axis, and the detected power monitored as 
a function of scan distance. The transmitted power 
through the aperture is obtained by 


Pale) 


z “= 8dA 








[13] 
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where r, is the radius of aperture. The rate of change 
of P+ with As can be found as 





dPr —47°P 2rr \ dwop 
_ a a obs 14 
dAs w>. cso w>,) dAs 14] 


Substituting eqn [12] into eqn [14] and using 
the approximation w,,, = wod/f, eqn [14] can be 
rewritten as 








dPy _ 4nf?P Brat? 
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from which 
dP 4kjwonorgP?L Qtr 
TA, As= = aaa oxn(- ze | 


MATERIALS CHARACTERIZATION TECHNIQUES / y®) 29 





When r, approaches 0; 








oT as 0)= of Raunt ) a a [17] 
Therefore, 7 can be estimated as 
ano ad ViFy\ ae 
m= (Tou) (‘) dAs i 


Thus, if one knows the slope of the z-scan graph 
around As ~ 0, the value of 22 can be found. Another 
way to state this result is to say that the 72 is related 
to the peak-to-valley change in the on-axis trans- 
mittance AT,_,, which is proportional to dPy/dAs. 

In passing, we comment that the z-scan method 
can be also adapted to determine the nonlinear 
absorption coefficient a2 of a material, defined 
through the relation a= a) + aI, where a is the 
total absorption coefficient and I denotes the inten- 
sity. In order to achieve this, the aperture is assumed 
to be completely open, in order to collect all the 
light behind the nonlinear absorptive sample. For 
a, > 0, maximum absorption is experienced when 
the nonlinear sample, assumed thin, is at the 
back focal plane of the lens since the optical 
intensity is a maximum due to the external focusing. 
The z-scan graph is an even function of scan 
distance, measured about the back focal plane of 
the external lens. 


Thick Sample z-Scan 


Contrary to the thin sample case, a thick sample is 
defined as one whose thickness may be comparable 
to the depth of focus of the externally focused 
Gaussian beam. In this case, the beamwidth changes 
during propagation through the sample, so that the 
induced focal length also changes with propagation. 
This makes the problem substantially more involved. 
Indeed, to track the far-field profile in this case, one 
needs to describe the propagation of the Gaussian 
beam inside the nonlinear sample using the q 
parameter formalism. Since both the width and the 
radius of curvature of the beam at the exit face of the 
sample are required to predict the far-field behavior, 
one can write a simple differential equation describ- 
ing the variation of the g through the nonlinear 
sample. This equation can be composed from the laws 
of q-transformation described earlier, and the effects 
of propagation and nonlinear lensing can be added 
assuming each is small over an infinitesimal distance 
of propagation, much like the numerical method 
called the split step beam propagation method (BPM), 
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Figure 3 Plot of width of the beam in the far field as a function of 
the scan distance s. The light wavelength is 640 nm. Reproduced 
with permission from Banerjee PP (2004) Nonlinear Optics: 
Theory, Numerical Modeling, and Applications. New York: Marcel 
Dekker. 


often used to analyze such problems. We will not 
present details of the computation, rather show 
calculation results for a typical thick sample case, 
and point out differences with the thin sample 
predictions for z-scan. 

Figure 3 shows the beamwidth as a function of scan 
distance for the case where the observation plane is at 
a distance d = 1 m from the exit face of a 1 cm thick. 
Assume that a hypothetical sample with mj = 1, 2) = 
+107 m?/V? is scanned about the back focal 
plane of an external lens with focal length f= 5 cm. 
For comparison, the case of a linear sample is also 
superposed on the same graph. Note that with the 
variation of s, the far-field width initially increases, 
and then decreases before starting to increase again, 
for a material with a positive n. Note that around the 
point where the variations intersect the graph for the 
linear case, the slope of the curves are negative and 
positive for materials with positive and negative 1, 
respectively. The graphs for the variation of on-axis 
transmittance are opposite to the variation of the 
widths, as mentioned earlier. This is also in agreement 
with the results predicted from geometrical optics and 
the q formalism for a thin sample, described earlier. 

How do thick and thin sample z-scans differ? 
Important differences are: (i) the position of the points 
where the graphs for positive and negative, 1s, 
intersect the graph for the linear case; and (ii) the 
slope of the graphs, predicted from thin and thick 
sample calculations. For instance, for the thin 
sample approximation, the value of the slope around 
s=f is about —4 for a material with a n, = 107 
m’/V*. Recall from the previous section, the z-scan 
plot for a thin sample always intersects the graph for 
the linear case at the back focus of the external lens, 
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and therefore, it is easy to determine the slope of the 
z-scan at this point. From the graph in the thick 
sample case, it is perhaps difficult to ascertain at 
exactly which point one must determine the slope. 
A figure of merit would be the minimum value, which 
occurs for a value of s slightly smaller than f= 5 cm. 
A conservative estimate yields a slope of approxima- 
tely —1 for this particular example. Note, however, 
that in the thick lens analysis, we have taken a 
paraxial approximation to the Gaussian at every 
stage of its propagation through the nonlinear 
sample. Strictly speaking, this is not true, and to 
alleviate this problem, Van Stryland’s group 
included a correction factor with the width of the 
Gaussian beam. 

We would like to mention that values of 1) ~ 
—10~' m?/V? can indeed be measured for thermal 
nonlinearities in liquids. In fact, this is a typical value 
that we measured for our solution of chlorophyll in 
ethanol during our first experiments on z-scan. Values 
of effective 2) ~ 107 '* m?/V? can be measured for 
liquid crystals with orientational nonlinearities, and 
will be described below. 


Example of z-Scan: Effective Cubic Nonlinearity 
of Liquid Crystals 


The induced refractive index in a nematic liquid 
crystal, due to reorientational nonlinearity, is a 
function of position in the crystal and depends on 
the intensity of the incident optical plane wave, its 
angle with respect to the direction of propagation, 
and on the applied voltage. Because of the fact that 
the nonlinearity depends on the direction of propa- 
gation of the planewave and the director axis of the 
crystal, modeling Gaussian beam propagation is 
rather complicated. Moreover, the director axis has 
a certain distribution in the material due to the 
applied voltage, and hence, the electrostatic field in 
the material, as well as the optical field. This poses a 
level of complexity a degree higher than that 
discussed above for the simple thick sample case. 
Since the induced refractive index is not a constant, 
and more importantly, a function of the spatial 
frequency of the optical beam (which determines 
the angle between a planewave component of the 
Gaussian beam spectrum and the director axis 
distribution under external field), one is compelled 
to analyze optical propagation using split-step BPM. 
A typical set of simulated z-scan plots is shown in 
Figure 4, assuming one transverse dimension for 
simplicity, and the same parameters as in the 
experiment described below. Actual experimental 
results from a z-scan of a biased liquid crystal sample 
is shown in Figure 5 for transmitted power versus 
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Figure 4 z-scan simulation results for f=50.2mm and 
WV, = 1.01, 1.1, 1.2, 1.3, 1.4 with E,, =2x 10° V/m. z-scan 
simulation results for f= 50.2 mm and W/V, = 1.4, 1.8, 2.2, 2.6, 4 
with Eop = 2X 10° V/m. Reproduced with permission from 
Banerjee PP (2004) Nonlinear Optics: Theory, Numerical 
Modeling, and Applications. New York: Marcel Dekker. 


sample position in a z-scan experiment for a liquid 
crystal sample for applied voltages 0.8, 1.0, 1.2, 1.8, 
and 2.2 V. In this case, the focal length of the external 
lens is approximately 50 mm and aperture diameter 
on the observation plane is 1 mm. The scan range is 
0.15 inches or approximately 4mm. The scan step, 
AZ, is varied from about 0.002 inches to about 
0.01 inch, depending on the position of the sample. 
This is done so as to get the maximum information 
around the back focal plane of the external lens where 
the measurement values are to be used to find the 
slope of the z-scan graph, and hence the effective 
nonlinear refractive index coefficient. 

The plots of the effective 7. = m¢¢¢ (simulated and 
measured) are shown in Figure 6a and b, respectively. 
As seen from both plots, the meg increases and 
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* DIRECTIONAL PATTERN ENVELOPES (DPE’S). 
In accordance with standard practice, radiation 
characteristics in any given plane of polarization are 
measured and plotted using 360-degree polar 
coordinate systems. The resultant Directional Pattern 
Envelope is the smoothed composite of all these 
measurements. The purpose of these DPE’s is to 
emphasize the worst composite condition. 
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DIRECTIVE GAIN. In a given direction, 4 times the 
ratio of the radiation intensity in that direction to the 
total power radiated by the antenna. 


DIRECTIVITY. The value of the directive gain in the 
direction of its maximum value. 


EFFECTIVE AREA OF AN ANTENNA. In a given 
direction, the ratio of power available at the terminals 
of a receiving antenna to the power per unit area of a 
plane wave incident on the antenna from that 
direction, polarized coincident with the polarization 
that the antenna would radiate. 


FAR FIELD REGION. That region of the field of an 
antenna where the angular field distribution is 
essentially independent of the distance from a 
specified point in the antenna region. 


* FRONT-TO-BACK RATIO. _ The ratio of the 
maximum directivity of an antenna to its directivity in 
a specified rearward direction. 





* Gain, dBi. The gain expressed in decibels 
relative to an isotropic radiator that is linearly 
polarized. 
G(dBi) 
G(dBi) = 10log(G) G=10 
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* GAIN, dBic. The gain expressed in decibels relative 
to an isotropic radiator that is circularly polarized. 


HALF-POWER BEAMWIDTH. In plane containing the 
direction of the maximum of a beam, the angle between 
the directions in which the radiation intensity is one half 
the maximum value of the beam. 


HALF-WAVE DIPOLE. A half wavelength antenna, 
center fed so as to have equal current distribution in both 
halves. Mounted vertically, it has a doughnut shaped 
pattern, circular in the horizontal plane. It is an antenna 
that can be constructed. It has some inherent losses. 
When used as a gain reference, the half-wave dipole has 
a power gain of about 1.7 dBi. 


* ISOLATION. Refers to the ability of one port of a dual 
polarized feed to discriminate against a signal fed into the 
other port. 


ISOTROPIC RADIATOR. A hypothetical antenna having 
equal radiation intensity in all directions. Note: An 
isotropic radiator represents a convenient reference for 
expressing the directive properties of actual antennas. 


NEAR-FIELD REGION. The spherical region of space 
between the antenna and the far field region. 


NULL. The region of a radiation pattern, either 
computed or measured, where the amplitude goes 
through a minimum value. Note: (1) It represents the 
angular position where the phase or the far field pattern 
crosses the zero axis if the pattern is plotted as a phasor 
instead of a scalar value. Note: (2) The region outside 
the main beam of a directive antenna pattern consists of 
a series of minor lobes separated by nulls. 


PARALLEL POLARIZATION. The condition where the 
electric vector is parallel to the local conducting surface. 
Note: Over the earth, this is usually referred to as being 
horizontal polarization. 


PHASE CENTER. The location of a point associated 
with an antenna such that, if it is taken as the center of a 
sphere whose radius extends into the far-field, the phase 
of a given component over the surface of that radiation 
sphere is essentially constant, at least over the portion of 
the sphere where the radiation is significant. 
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z-scan for f= 50.2 mm, aperture diameter= 1mm 
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Figure 5 Measured z-scan graph for f= 50.2 mm and aperture diameter = 1 mm. Reproduced with permission from Banerjee PP 
(2004) Nonlinear Optics: Theory, Numerical Modeling, and Applications. New York: Marcel Dekker. 


reaches a maximum at V/V, = 1.4, before starting to 
decrease. Simulated and experimental 1.4 have 
similar trends. Furthermore, there is reasonable 
agreement between the calculated and measured 
values of 1¢5¢. 


Discussion: Effective nz of 
Other Materials 


The z-scan is a powerful tool in the measurement and 
characterization of effective cubic nonlinearities of 
different materials. The method is simple and easy to 
set up, and can be readily automated. We provide two 
other examples of z-scans below, as examples. For 
instance, photorefractive materials are commonly 
used for dynamic holography, in order to record 
and reconstruct volume holograms. Photorefractive 
materials are doped light-sensitive electro-optic 
materials in which optical radiation creates mobile 
charge carriers which redistribute themselves to 
create an induced space-charge field. This electro- 
static field in turn modulates the refractive index 
which phase modulates the optical beam. A figure of 
merit for the effectiveness of such a material, e.g., 
lithium niobate, for holographic storage, is the donor 
to acceptor ratio in such materials. It turns out 
that this ratio, along with the photovoltaic coefficient, 
can be related to an effective m2 in lithium niobate. 
This is also responsible in producing an elliptic beam 
in the far field by starting out from a circularly 
symmetric Gaussian beam focused onto the sample. 


The ellipticity stems from the tensor nature of the 
electro-optic coefficients. Typical simulated z-scan 
plots for lithium niobate are shown in Figure 7, and 
carries the signature variation of the scan in the varia- 
tion of the beam ellipticity with scan distance. From 
this plot, we are able to determine the effective m2 and 
hence, the donor to acceptor concentration ratio. 

In other photorefractive materials, such as barium 
titanate, in which diffusion of charge carriers plays a 
dominant effect, the induced change in the refractive 
index is proportional to the gradient of the intensity, 
rather than the intensity itself, as was the case in all 
previous examples. In this case, as seen in Figure 8, it 
can be shown that the z-scan plot for on-axis 
transmittance with a small finite aperture on the 
observation plane is an even function of scan 
distance. This, however, should not be confused 
with the open aperture z-scan that is also even, but 
which yields information of the nonlinear absorption 
coefficient, as described earlier. Experiments with a 
new material, manganese aluminum oxide, which is 
thought to have both photovoltaic and diffusive 
contribution to space charge field distribution, yields 
a z-scan that has both odd and even components. 
Through careful analysis of the z-scan results, one is 
able to determine the relative contributions of each of 
these effects. Care should be taken in the interpret- 
ation of the results in this case, since in an actual 
experiment, the aperture size cannot be infinitely 
small, and thus, an optimum aperture size must be 
determined that allows for sufficient detected power, 
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Experimental nog for f= 50.2 mm, aperture diameter = 1mm 
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Figure 6 (a) Calculated nog for f= 50.2mm with Ep = 2 x 10° Vim; (b) Experimental noe for f= 50.2 mm with aperture 
diameter = 1mm. Reproduced with permission from Banerjee PP (2004) Nonlinear Optics: Theory, Numerical Modeling, and 


Applications. New York: Marcel Dekker. 
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Figure 7 Typical simulated z-scan plot showing variation of 
beam ellipticity as a function of scan length. Reproduced with 
permission from Banerjee PP (2004) Nonlinear Optics: Theory, 
Numerical Modeling, and Applications. New York: Marcel Dekker. 
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Figure 8 Typical z-scan plots of a diffusion dominated 
photorefractive material, with Ax = CVI. Different values of C 
are written on the graph. 
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but at the same time allows one to neglect any effects 
of nonlinear absorption. 

In summary, it is hoped that this article illuminates 
readers on the history of the z-scan, its application to 
thin and thick samples, its effectiveness in measure- 
ment and characterization of effective third-order 
optical nonlinearities for a wide class of nonlinear 
materials, such as x materials, materials with 
cascaded second-order nonlinearities, liquid crystals, 
photorefractives, etc., and its potential for auto- 
mation, while at the same time pointing out areas 
where care should be taken in the interpretation of 
the measured data. With appropriate modification in 
the theory, it can also be applied to characterization 
of linear lenses, possibly voltage controllable lenses 
and lenslet arrays, suitable for dynamic imaging in 
biomedical applications. 


See also 


Materials for Nonlinear Optics: Liquid Crystals for NLO. 
Nonlinear Optics, Basics: Four-Wave Mixing; 
x‘) —Third-Harmonic Generation. 
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Introduction 


Liquid crystals are complex organic molecular 
systems that exhibit various mesophases character- 


ized by the degree of order. In this review, we 
shall focus mainly on thermotropic liquid crystals 
which exhibit various mesophases in the temperature 
range between the crystalline and the isotropic liquid 
states. In particular, we shall discuss the extraordi- 
narily large optical nonlinearities of nematic liquid 
crystals, as well as the electronic nonlinearities of 
isotropic-phase liquid crystals. Recent studies have 
shown that these materials are promising candidates 
for advanced photonic applications. 

Nematic liquid crystals (NLC) possess directional 
ordering, i.e., when placed in thin cells with surface 
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axis 





Figure 1 Nematic liquid crystals (NLC) which exhibit directional 
ordering characterized by the director axis. The lower figure 
shows how the NLC molecules are aligned in a typical cell with 
surfactant coated windows. 
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treated boundaries, the NLC molecules will self- 
assemble into a birefringent crystal characterized by a 
so-called director axis #, cf. Figure 1. For light 
polarized parallel to #, the refractive index is ,, while 
for light polarized perpendicular to a, the refractive 
index is 19. Typically n, is ~1.7 and ng is ~1.5. This 
large birefringence An=n, — 1g of NLC holds 
throughout the near UV to the far infrared spectral 
regime, cf. Figure 2. Perhaps the most important 
characteristics of NLCs is the easy susceptibility of 
the birefringent director (crystalline) axis orientation 
to externally applied fields, which has led to their ever 
increasing widespread use in various opto-electronics 
information and image display and processing 
devices. In analogy to dc and ac field effects, 
the director can easily be reoriented by an optical 
field, and thus cause a large optically induced index 
of refraction change. By doping the NLC with 
photosensitive or photo-charge producing agents, 
this process of refractive index change can be 
enhanced considerably. The refractive indices of 
NLC are also very strongly temperature dependent. 








&@ 9 10 11 12 13 14 15 16 


Wavelength, um 


Figure 2. Broadband birefringence of nematic liquid crystals from the near ultraviolet to far infrared. 
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Accordingly, a large refractive index change can also 
be generated with laser absorption induced density 
and order parameter changes. In the following 
sections, we will broadly classify these nonlinear 
optical processes originating from the collective 
response of NLC to external fields as nonelectronic 
nonlinearities. 

On the other hand, individual NLC molecules 
also respond to an optical field through the 
electronic dipolar interaction. A typical electronic 
energy level structure of liquid crystal molecules is 
shown in Figure 3. The dipolar interaction gives rise 
to the usual nonlinear polarization characterized 
by the second, third and higher-order nonlinear 
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susceptibilities Y, x, ... etc. The complex imagin- 
ary parts of these linear and nonlinear suscepti- 
bilities account for the photonic absorption 
processes. Most liquid crystalline molecules possess 
small linear absorption in the visible region (400- 
700 nm), and begin to absorb near the UV region 
(<350 nm), cf. Figure 4. This absorption spectrum 
translates into a (usually) large nonlinear two- 
photon absorption spectrum in the visible. In some 
organic molecules, the intermediate absorption 
cross-section o; or the excited state absorption 
cross-section o, is much larger than the ground 
state linear absorption og, giving rise to reverse 
saturable absorption (RSA) and excited state 
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Nonelectronic responses, e.g. thermal, 
density, order parameter change, and 
crystalline axis reorientation (nematic 
liquid crystals) 


Schematic depiction of the typical energy level structure of liquid crystal molecules and various linear and nonlinear optical 
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Figure 4 Molecular structure and absorption spectrum of typical isotropic liquid crystal molecules. 
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absorption (ESA), respectively. As we will see 
presently, these so-called electronic nonlinearities 
are quite useful for optical limiting applications. 

Following photo-absorption, the liquid crystal 
molecules could undergo intersystem crossing, 
cis-trans or other conformational changes, and form 
isomers or charge transfer complexes. These pro- 
cesses will contribute to the nonelectronic nonlinea- 
rities such as reorientational, order parameter 
changes and thermal effects. 


Orientational Nonlinearities 


Purely Optically Induced Orientation 


Figure 5 depicts schematically various processes that 
could occur in an aligned nematic film upon 
irradiation by an optical field. The reorientation of 
the director axis # is governed by the system’s 
tendency to minimize the overall free energy, which 
consists of several bulk and surface interaction terms, 
and the interaction energy with the applied field. 
In purely dielectric nonabsorbing nematic liquid 
crystals, director axis reorientation is caused by the 
torque I’, between the anisotropic nematic and the 
optical electric field, 


Dope = ( 


which competes with the elastic restoring torque I 
of the surrounding NLC molecules: 


Ag 


87 
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where the K’s are the elastic constants, and Ae is the 
(optical) dielectric anisotropy. 

As a result of the director axis reorientation, an 
optical wave propagating through the medium will 
‘see’ a refractive index change. A frequently employed 
method for measuring the refractive index change in 
nematic liquid crystal films is the grating diffraction 
setup, as shown in Figure 6a. Two polarized coherent 
writing beams are overlapped on a nematic film, 
which is probed by a polarized reading beam. If the 
writing beams are copolarized, they impart an optical 
intensity grating onto the nematic film I = I)(1 + 
cos qx), where gq is the grating wavevector, cf. 
Figure 6b. On the other hand, if the writing beams 
are orthogonally polarized, the resulting intensity is 
uniform over the illuminated area, and instead a 
polarization grating is created, cf. Figure 6c. The 
polarization state of the light in the overlapped region 
varies from circular, through elliptical to linear in 
accordance to the phase difference between the two 
coherent writing beams. Using a linearly polarized 
probe beam, this setup allows one to distinguish 
various intensity and reorientation dependent effects, 
and assess their contribution to the induced refractive 
index change An. 

The magnitude of the induced reorientation angle, 
and therefore the extraordinary index change, 
depends on whether the interaction is transient or 
steady state. In the steady state case, to the first 
order of approximation, Av is proportional to the 
optical intensity I, i.e., An =739I. Under some 
experimental conditions, one can also show that 
the transient nonlinear index coefficient 12 (tp) is 
given by m2 (Tp) ~ N° T/T, where 1, = yd7/Ka7 
is the orientational relaxation time constant. For 
d= 100 pm, y = 0.1 poise and K = 10 ° dynes, we 
have t,~ 1s. Typical observed values of 13°(@) are 
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Figure 5 Schematic depiction of various laser-induced optical processes in a nematic liquid crystal film. 
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(a) Schematic depiction of grating formation and probe diffraction from the index grating induced in a nematic film. (b) Optical 


intensity grating formed by interfering two coherent copolarized writing beams. (c) Optical polarization grating formed by interfering 


two coherent crossed-polarized writing beams. 


in the range of 10 °-10 * cm* W '. In the transient 
case, if r>=1ns, then m2 (7) ~ 10 '*cmW ! 
x’) ~ 2x 107" esul. 


Excited Dye-Dopant Induced Intermolecular 
Torque 


Studies of nematic liquid crystals doped with anthra- 
quinone or dichroic dyes have shown that the excited 
dye molecules could exert an intermolecular torque 
Tynole that could be much larger in magnitude than 
I’,p. By considering the interaction energies between 
ground and excited dyes with the surrounding LC 
molecules, one can show that Pyyo1e may be written as: 


T snole = lop [3] 


where the proportionality constant £ can be much 
larger than unity. The nonlinear index coefficients nz 
obtained in these films are on the order of 
10°? cm? W~!. The response times for the director 
axis reorientation and relaxation are similar to the 
optically induced reorientation process discussed in 
the preceding section. 


Photorefractive Effect 


Another mechanism, namely, orientational photo- 
refractivity, could also result in a very large optical 


nonlinearity. This effect occurs in nematic liquid 
crystals doped with photo-charge producing agents 
such as fullerene Cg9 or rhodamine 6G dye, in 
conjunction with a small applied dc field. For a 
25 pm thick film with a dc bias voltage of ~1 V, the 
observed nonlinear coefficient ny is in the range of 
10 +10 *cm? W’. Figure 7 illustrates the orien- 
tational photorefractive effect. An incident optical 
field excites the doped liquid crystals to form charge 
transfer complexes (CTCs). The CTCs subsequently 
dissociate and create dc space charge fields through 
ionic diffusion, migration and other electrodynamical 
processes. The space charge fields, in combination 
with the applied dc field, create a dc field induced 
torque of the form: 





BEV nace 
Vac = ( = Nana x Eint) [4] 
7 


Here the total internal dc field Ej,, contains the 
applied dc field Eg. and the generated dc space charge 
fields E,.. This causes director axis reorientation and 
refractive index change. 

The space charge fields consist of one photorefrac- 
tive and two anisotropy components. For an incident 
optical intensity grating function of the form I, = 
Ip(1 +m cos gé), the photorefractive space charge 
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Figure 7 Schematic depiction of photo-induced space charge field formation in a nematic liquid crystal illuminated by a monotonic 


(upper curve) or a sinusoidal (lower curve) laser intensity function. 


field is given by: 





oO 
Eph = qv mkyT( Tae 


ad Jeos( qe ) [Sa] 
2 
where kg is the Boltzmann constant, o is the illumi- 
nated conductivity, og is the dark state conductivity, 
v=(D, — D_)K(D, + D_), where D, and D_ are the 
diffusion constants for the positively and negatively 
charged ions, respectively; m is the optical intensity 
modulation factor, g = 27/A is the magnitude of the 
grating wavevector, and é is the coordinate along q. 
Two other sources of space charge fields are also 
at work, and they arise from the conductivity and 
dielectric anisotropies of the nematic under the action 


of the dc bias field Eg.: 
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where (a, — a ,) is the low-frequency conductivity 
anisotropy and (e, — €,) the dielectric anisotropy of 
the liquid crystal, and @ is the reorientation angle of 
the director axis. 

In addition to these space charge field induced 
effects, the flows of the charged ions and complexes 
under the applied dc field and the generated space 


charge fields also contribute significantly to reorient- 
ing the director axis. For an interaction geometry 
similar to Figure 5, the flow creates a shear torque 
Tshear Of magnitude proportional to the velocity 
gradient 


_ dv(Z) 


Tenear = ae (asin — a3cos* 6) [6] 


where the a’s are the viscosity coefficients, and v(£) is 
the flow velocity. The combined action of the above 
space charge fields and the flow effects on director 
axis reorientation have been quantitatively formu- 
lated and shown to describe experimental results very 
well, including, in particular, the observation that 
maximal diffraction is obtained for a grating con- 
stant A, ~ 2d. Furthermore, the flow-reorientation 
and adsorption of the excited dopant molecules 
on the surfaces are believed to be responsible for 
quasi-permanent and permanent director axis reor- 
ientation in rhodamine 6G- and C¢o-doped nematic 
films, respectively. 


Supra-Nonlinear Methyl-Red Doped 
NLC - Observed Phenomena 


Recent studies in methyl-red doped nematic liquid 
crystals (MRNLCs) have ushered in the era of supra- 
nonlinearity. Unlike photorefractive nematic liquid 
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crystals, no external bias field is needed. The observed 
ny values could be as large as 10cm*W'. In 
MRNLC, a large photovoltage drop across the 
sample is also observed upon irradiation. The polarity 
of the photovoltage is reversed if the light impinges 
from the opposite cell window. The extremely non- 
linear optical response of MRNLC is attributed to 
nematic director axis reorientation by the optically 
induced space charge fields, similar to the effect 
discussed in the previous section. The unusually large 
response is possibly due to several factors, including 
the higher photo-charge producing abilities of methyl 
red, and the large difference in the positive and 
negative photo-ion diffusion constants. Another 
cause of director axis reorientation is the intermole- 
cular torque exerted by the photo-excited dye 
molecules on the NLC. This is particularly evident 
in experiments using an input polarization grating on 
planar aligned samples. Because the laser excited dye 
molecules are adsorbed and strongly ‘anchored’ on 
the cell walls, they cause permanent realignment of 
the nematic liquid crystal. This process usually occurs 
upon prolonged illumination of the liquid crystal cells 
with a low-power laser, and can be sped up with 
higher laser power. 


Trans-Cis |lsomerization and Order Parameter 
Change 


Some nematic liquid crystals are azo-compounds, i.e., 
their molecular structures are analogous to the typical 
one depicted in Figure 8. An azo-compound when 
irradiated at its absorption wavelength will change 
from the trans to the cis form, cf. Figure 8. Trans—cis 
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Figure 8 Trans—cis isomerization of azo-molecules upon 
optical illumination. The upper diagram depicts molecular 
structural changes; the lower diagram shows the excitation 
energy versus the molecular coordinate associated with these 
photo-excited processes. 


isomerization of these azo-nematic liquid crystals or 
azo-dopants in NLC’s could also give rise to a 
refractive index change through modification of the 
NLC’s order parameter and/or director axis reorien- 
tation. The trans species are oblong in shape, and 
align parallel to the director axis. On the other hand, 
the ‘bent’ structure of the cis species is incongruous to 
the nematic order, and thus causes an order parameter 
change, and therefore a refractive index modification. 
Such refractive index changes owing to order 
parameter modification are similar to thermal effects 
discussed in the next section. The response [on-] time 
for these trans—cis isomerization induced order- 
parameter changes can be quite fast (as fast as 
nanoseconds in some cases). The relaxation time 
(typically in the millisecond regime) is decided by the 
director axis relaxation rate as discussed earlier. 

The other index-changing mechanism is the ten- 
dency of the trans molecule to align with its transition 
moment perpendicular to the optical polarization in 
order to minimize the interaction (absorption) 
energies. This in turn causes the NLC director axis 
to realign through the intermolecular torque effect. 
Both mechanisms are characterized by a nonlinear 
index coefficient n> on the order of 107? cm? W7!. 


Thermal and Density Effect 


Laser induced temperature and density changes are 
described by time-dependent coupled hydrodynamics 
equations. In grating diffraction experiments, cf. 
Figure 6, the problem can be simplified to a one- 
dimensional one, i.e., along the grating wavevector 
direction, if the grating spacing is smaller than the 
nematic film thickness and the beam size. In that case, 
the thermal and Brillouin (sound wave) decay time 
constants are given by, respectively: 





poCy 
a 7 
TT Arq? [ a] 
2 
m= [7b] 
1q 


where q = 27/A, is the grating wavevector, pp the 
unperturbed density, C, the specific heat, Ay the 
thermal conductivity, and 7 the viscosity. The values 
of these parameters depend on the director axis align- 
ment relative to the optical fields, thermal diffusion 
and sound propagation directions. For typical values 
of n=7x10*kgm's 4, po=10°?kgm ’, 
D = Aq/pp, Cy ~ 1.6 X 10°” m*s ! and a grating 
spacing Ag = 20 um, we have 77 ~ 50 ps, whereas 
Ta ~ 200 ns. Such a vast difference between the 
relaxation times allows one to distinguish the contri- 
bution from thermal and density origins. 
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Table 1 Nonelectronic nonlinearities of nematic liquid crystals 
Nonlinear processes Typical magnitude Time-scale Liquid crystal 
Orientational nonlinearities 
Purely optically induced nz 10°-* cm? Ww"! ms pure 5CB 
Excited dopant assisted no 10°-2cm? Ww! ms dyed 5CB 
Photorefractive 10°-2cm? Ww! ms 5CB 
Photorefractive + Methyl-red doped 5CB 10cm? W! ms 
Trans— Cis and order parameter modification 10°-4cm? Ww! ms dyed 5CB 
Thermal nonlinearities 
Np 10 &cm? Ww"! ms E7 
Np 10° "cm? w"! ns E7 
Density effect 
electrostrictive no 10° "cm? Ww"! ns E7 
In the steady state, i.e., when the laser-nematic given by: 
interaction time is much longer than ty; and 7p, the 
nonlinear index coefficient is given by: d=a:E+ B:EE + y:EEE + --: [10] 





nS(AT) = () = [8] 


dT / poCy 


where dn/dT is the appropriate thermal index 
coefficient. The absorption constant a of liquid cry- 
stals varies widely in the visible—infrared spectrum. 
Near the phase transition temperature, dij, /dT also 
changes dramatically. The magnitude of 135(AT) 
could therefore vary by several orders of mag- 
nitude. For a= 100cm ', dny,,/dT ~ 10° kK", 
and Ag = 20 pm, we have n3°(AT) ~ 10°° cm? WI. 
This is the typical value observed in wave mixing 
experiments with infrared [CO,] or visible lasers. 

In the transient regime (tT) < 7,,7,), the nonlinear 
index coefficient is proportional to the laser 
pulse duration: 


Ny(T>) = n3(AT)1,/7, [9] 


With 7,~0.5x107*s and Tp = 1 ns, 12(Tp) ~ 
5x10°'' cm? W~'. Such nonlinearities have been 
observed in transient dynamic grating diffraction 
studies involving nanosecond laser pulses. In these 
studies, it is found that the contribution from the 
electrostrictive effect (movement of the nematic due to 
the optical intensity gradient) to the refractive index 
change can be as large as the absorptive thermal 
component. 

In Table 1, we give a concise summary of these 
nonelectronic optical nonlinearities observed in 
nematic liquid crystals. 


Electronic Nonlinearities 


Second and Third Order Nonlinear Susceptibilities 


Electronic interaction involves the perturbation of the 
electronic wavefunctions by the impinging optical 
fields. The induced dipole moment of a molecule is 


where a, B, and y are the linear, second-order and 
third-order nonlinear polarizability tensors, E is the 
optical electric field and : denotes tensorial operation. 
The macroscopic polarization P (dipole moment per 
unit volume) is 


P= eox'?:E+ x :EE+ x : EEE + -:: [11] 


where x"), x7), and x?) are the linear, second and 
third-order nonlinear susceptibilities, respectively. 
The macroscopic parameters x are related to a, B 
and y by the local field correction factors. 

A well-known process associated with the second- 
order nonlinear polarization is second harmonic 
generation, in which two incident photons of 
frequency w are converted into a photon of frequency 
2@. Symmetry rules require that a material should be 
non-centrosymmetric in order to exhibit second- 
order nonlinear polarization. In centrosymmetric 
nematic liquid crystals, an applied dc field or 
discontinuity at a surface or interface, or director 
orientational curvature, could provide the required 
symmetry-breaking mechanism. 

In ferroelectric or smectic C* liquid crystals, the 
molecules possess permanent polarization, i.e., the 
centrosymmetry is broken, and it is possible to 
observe second harmonic generation associated with 
the second-order nonlinear polarization. Typically, 
the observed nonlinear coefficients B2}4G are on the 
order of ~10°-'*mV~'. In contrast to inorganic 
crystals of much larger dimensions, these thin liquid 
crystal films are not useful for practical devices. 
Nonetheless, because of the sensitivity of second 
harmonic generation to surface and interface 
conditions, second harmonic generation has been 
proven to be an effective spectroscopic tool. 

In dc field induced second harmonic generation, 
the nonlinear polarization involved is actually the 


QAR A 


Antenna Research 


POLARIZATION. The polarization of an antenna is 
defined as the polarization of the electromagnetic 
wave as described by the shape and orientation of 
an ellipse, which is the locus of the extremity of the 
field vector, and the sense in which the ellipse is 
traversed with time. The elliptical locus is called 
the polarization ellipse and the wave is said to 
elliptically polarized. Circular polarization and linear 
polarization are degenerate cases of elliptical 
polarization. 


POWER DENSITY AT A POINT 





Say = Time average power density in W/m2 
P; = Power transmitted in watts 

G =Antenna gain relative to an isotrope 

r = Distance from antenna to point in meters 


POWER DENSITY TO VOLTS/METER IN FREE 
SPACE 


E*® (V/m) = 377 Sav (W/m?) 
Sav (W / m*) = E? (V/ m) / 377 


1V/m=2.65 mW/ mm 


POWER GAIN. In a given direction, 4 times the 
ratio of the radiation intensity in that direction to the 
net power accepted by the antenna from the 
connected transmitter. Note: (1) When the 
direction is not stated, the power gain is usually 
taken to be the power gain in the direction of its 
maximum value. (2) Power gain does not include 
reflection losses arising from mismatch of 
impedance. 


POWER GAIN IN PHYSICAL MEDIA. In a given 
direction and at a given point in the far field the 
ratio of the power flux per unit area from an 
antenna to the power flux per unit area from an 
isotropic radiator at a specified location with the 
same power input as the subject antenna. 


Phone: 301-937-8888 @ Fax: 301-937-2796 @ 


STANDARD ANTENNA TERMS 
AND RELATED FORMULAS 


Note: The isotropic radiator must be within the 
smallest sphere containing the antenna. Suggested 
locations are antenna terminals and points of 
symmetry, if such exist. 


POWER GAIN REFERRED TO A SPECIFIED 
POLARIZATION. The power gain of an antenna, 
reduced by the ratio of that portion of the radiation 
intensity corresponding to the specified polarization 
to the radiation intensity. 


POWER TRANSMISSION FORMULAS 


GGWw 
- t r 
rt (4mry 


P, (dB W) = P; (dB W) + G; (dBi) + G, (dBi) 
- 20 log r - 20 log f + 27.56 


P, (dB W) = P} (dB W) - AFE; (dB m*1) 
- AFE (dB m1) - 20 log r + 20 log f - 32 


P, = Power received 

P; = Power transmitted 

G, = Gain of receiving antenna 

G; = Gain of transmitting antenna 

f =Frequency in MHz, A= Wavelength 
r = distance between antennas in meters 
AFE, = AFE of receiving antenna 

AFE; =AFE of transmitting antenna 


RADIATOR. Any antenna or radiation element that is 
a discrete physical and functional entity. 


RADIATION, ELECTROMAGNETIC. The emission 
of energy in the form of electromagnetic waves. 


RADIATION INTENSITY. In a given direction, the 
power radiated from an antenna per unit solid angle. 


RADIATION LOBE. A portion of the radiation pattern 
bounded by regions of relatively weak radiation 
intensity 


RADIATION PATTERN (ANTENNA PATTERN). A 
graphical representation of radiation properties of the 
antenna as a function of space coordinates. Note: 
(1) In the usual case the radiation pattern is 
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Table 2 Electronic optical nonlinearities of nematic liquid crystals 





Nonlinear optical phenomena and nonlinearities Magnitude Time-scale (pulse duration of laser used) 
Second harmonic generation (dc field induced), 
x!) 2.7 x 10 '? esu ns 
x2 0.55 x 10 '? esu ns 
Second harmonic generation Bzrc 10°’? mv"! ps (ferroelectric) 
Two-photon absorption, 6 5cemGw! 80 ps 
Effective nonlinear absorption, Ber 200 cm GW" 10 ns 
Degenerate four-wave mixing 
electronic x(a; w, —a, ) 10° '? esu ns 


third-order nonlinear polarization given by 
P(2w) = x E(0)E(w)E(w). Typically measured 
values of x) are ~10 '*esu, expressed in the 
commonly used cgs units. The conversion factor 
between cgs and SI unit is given by 
xX [esu] = 34 x 10!”x [SI unit] [12] 
There is relatively little work done on measuring or 
studying the third-order nonlinear electronic polariz- 
abilities of nematic liquid crystals. Most of the 
studies are centered on the molecular correlation 
effects associated with the nematic—isotropic phase 


transition. The typical magnitude of electronic x) is 
10°"? esu. 


Nonlinear Absorption and Limiting 


Two-photon absorption occurs where the molecule 
is excited to a real electronic excited state by 
simultaneous absorption of two photons from the 
incident light. Since the absorption is proportional to 
the square of the optical intensity, the incident light 
will experience an increasing absorption effect, 
and its transmission at high intensity will be 
‘quenched’ to an almost constant level. Two-photon 
absorption is usually characterized by the two- 
photon absorption coefficient 8, which is related to 
the imaginary part of x"). For liquid crystals, they 
are on the order of 5 x 10° '*-107'' mW! (equi- 
valent to 0.5-5 cm GW | in the more commonly 
used units). 

Liquid crystalline materials in their (less scattering) 
isotropic phase have been extensively studied in 
the last few years for application in optical 
limiting devices as a result of their large nonlinear 
absorption constant. In the nanosecond time 
regime, the RSA and ESA effects, cf. Figure 3, act to 
give rise to a very large effective nonlinear absorption 
coefficient 8 on the order of several hundreds of 
cm GW‘. In combination with special device 
structure such as a nonlinear fiber array, it has 
become possible to clamp the transmitted nano- 
second laser pulse energy to below the retina damage 
level (below 0.5 wJ). 





In Table 2, we give a concise summary of these 
electronic optical nonlinearities of nematic liquid 
crystals. 


Concluding Remarks 


We have presented a concise review of the nonlinear 
optics of liquid crystals in their nematic and 
isotropic phases. Nematic liquid crystals in their 
various pure and doped forms possess many 
interesting nonlinear optical responses, with non- 
linearities ranging over 16 orders of magnitude. 
Some of the extraordinarily large nonlinearities 
enable the performance of several all-optical switch- 
ing and limiting, image modulation and sensing 
processes at unprecedented low threshold power. In 
particular, self-defocusing and optical limiting effects 
with nanowatt-power lasers, and incoherent—coher- 
ent image conversion at ~W cm ~ optical intensity 
have been demonstrated. Liquid crystal films have 
been used in selective attenuation of glares and 
blinding laser light. Stimulated scattering that used 
to be the domain of high-power lasers can now be 
performed in thin nematic films with mW-power cw 
laser. Readers can consult the Further Reading 
section for some of these advanced photonic devices 
and applications based on nonlinear optics of liquid 
crystals. Current active studies by several research 
groups worldwide are likely to result in even more 
interesting nonlinear optical effects and useful 
applications in the near future. 


List of Units and Nomenclature 


Absorption coefficient a[cm ‘] 
Density po [kg m7? ] 
Eleastic constant K [dynes] 
Intensity (optical) I[Wem?] 
Nonlinear susceptibility x) [esu] 
Second harmonic generation Boruc [mV] 
coefficient 
Specific heat Cy [m7 s~ 1] 


The nonlinear index coefficients 
Time constants 


ny [cm? W +] 


T [s] 
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Two-photon absorption constant 6 [cm GW ‘] 
Viscosity n{kgm='s'] 
Viscosity coefficient [poise] 


See also 


Nonlinear Optics, Basics: Cascading; Kramers— 
Krénig Relations in Nonlinear Optics; Nomenclature and 
Units; Photorefraction. 
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Nonlinear Medium Polarization 


Macroscopic 


Photons are neutral, noninteracting bosons. Inter- 
action is possible only through a material medium. 
Indeed, photons can be absorbed by electrons leading 
to excited states. A reverse transition may go through 
radiative channels, with emission of photons, usually 
with a different energy than the excitation energy. 
Interaction of photons with matter may also lead to 
other types of excitation, such as vibronic, rotational, 
libronic, etc., or just to a change in the medium 
polarization. This change may be expanded in the 
power series of the electric forcing field strength with 
ith component given by: 


P(g) = Po(@g) + 01K 1X47'(— @g3 @y)Ey” 


+ Ka xiK(- Wy; M1, @)E;" E? 





+ K3xiyxi(— o3 1, >, w3)E; Ee EY? tose] 
[1] 


“On leave from POLITECHNICA University of Bucharest, 
Romania. 


Khoo IC and Wu ST (1993) Optics and Nonlinear Optics of 
Liquid Crystals. Singapore: World Scientific. 

Khoo IC, Chen PH, Wood MV and Shih MY (1999) 
Molecular photonics of a highly nonlinear organic 
fiber core liquid for picosecond—nanosecond optical 
limiting effect. Chemical Physics 245: 517-531. 

Khoo IC, Wood MV, Shih MY and Chen PH (1999) 
Extremely nonlinear photosensitive liquid crystals for 
image sensing and sensor protection. Optics Express 
4(11): 431-442. 

Khoo IC, Shih MY, Wood MV, et al. (1999) Dye- 
doped photorefractive liquid crystals for dynamic and 
storage holographic grating formation and spatial light 
modulation. IEEE Proceedings 87: 1897-1911. 

Marrucci L and Papara D (1997) Photoinduced molecular 
reorientation of absorbing liquid crystals. Physical 
Review ES6: 1765-1772. 

Rau H (1990) Photoisomerization of Azobenzenes. In: 
Rabeck FJ (ed.) Photochemistry and Photophysics, 
vol. 2, chap. 4, pp. 119-141. Boca Raton, FL: CRC 
Press. 

Shen YR (1990) Principles of Nonlinear Optics. New York: 
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where the expansion coefficients ¥” are (1 + 1) rank 
three-dimensional tensors, describing linear (7 = 1) 
and nonlinear (7 > 1) responses of the medium, 
Po;(@,) is its permanent polarization (at frequency 
w,) and the coefficients K; (¢=1,2,3,...) take 
account of the conventions for the Fourier transform 
of electric field and polarization vectors used, as well 
as the degeneracy of nonlinear optical processes. 
For historical reasons two conventions in quantitative 
description of NLO processes are used: 


E(r,t) = F[EMe +c.c.] (Convention!) [2] 


and 


E(r,t) = E(re’™ 4+ c.c. (Convention II) [3] 


and similarly for the polarization field. As researchers 
often use different conventions, it is important to 
bear this in mind when comparing NLO properties of 
materials coming from different sources. The tabu- 
lated data and the formulas used here are within 
convention I, with the permutation factors included 
explicitly in coefficients K; (eqn [1]). In centro- 
symmetric media and in dipolar approximation, 
the static polarization Po, as well as all even order 
NLO susceptibilities, are equal to zero, as it follows 
from time reversal symmetry. 
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Relations Between Macroscopic 
and Microscopic Polarizations 


Microscopic Polarization 


Similar expansions to eqn [1] also obey the conven- 
tions on a molecular level. Similarly, as for bulk 
polarization, the ith component of the molecule 
dipole moment can also be expanded into the series 
of the local field strength giving: 


MWg) = Moi(@,) + Ky Q;(— Wy; W,)E;" 
+ Ko Bip(— 53 1, (oy EE” 
+ K3Yijei(— o3 ©), ©), @3)E;" EP EP? +++ 


= MoM) + Mind(@g, @1, 2, +++, On, A, B..., & 
E” FE” | .., BE) [4] 





where a is the linear molecular polarizability, B is the 
first order and y is the second molecular hyperpolar- 
izability. y4;, in eqn [4] denotes the induced dipole 
moment. The expansions [1] and [4] may be also 
considered as the Tamm—Dancoff perturbation 
development as functions of an increasing number 
of interacting photons. In this case, the second term 
on the right-hand sides of eqns [1] and [4] describes 
the interaction of two photons, the third term that 
of three photons, etc. The electric field in eqn [4] is 
the effective field experienced by the molecule and is 
given by 


B= fi [S] 


where f is the local field factor, depending on the form 
of molecule. In eqns [1] and [4] Einstein’s notation 
is used. 

For a single crystal and for noninteracting mole- 
cules there exists a straightforward relationship 
between the macroscopic and microscopic quantities 
given by: 


2: £4 
Xi o5 1 ©) = Yh fa fe Nn 
n 


x > AjAjAKE Big — Og3 1, 2) [6] 
iik 
for the second-order NLO susceptibility and 
3 te 03 
Xi (— 3 1,7, 03) = Di a tata Nn 
n 


x > AA GAKRALIY ijkl ®o: @1, 2, 3) [7] 
ijkl 


for the third-order NLO susceptibility, respectively. 
The coefficients a; in eqns [6] and [7] are Wigner 
rotation matrix elements, N,, denoting the number 
density of species (7). The subscripts (ikl) refer to the 


molecule, and (IJKL) to the laboratory reference 
frames, respectively. 

For disordered (or partly ordered) materials, 
the macroscopic NLO susceptibility depends on 
the orientation average of nonzero molecular 
hyperpolarizability components: 


XipkC— Og 15 2) = Df fa fa No 
nn 


x > < Bip(— Og; @1, ©) > YK [8] 
‘ik 


and similarly for Y° susceptibility. The average in 
eqn [8] is taken over all NLO molecule orientations 
and all 6 tensor components. Fortunately, the number 
of the nonzero f tensor components (21 for 6 tensor) 
is limited by the molecular symmetry and in the case of 
charge transfer (CT) molecules, only the component 
in the charge transfer direction B,,, may be retained. 
The others are usually significantly smaller and can 
be neglected with respect to this one. 


Second-Order Nonlinear Optical 
Materials 


The research on nonlinear optical materials is boosted 
by the potentiality of their applications in photonics, 
and particularly in optical signal processing, image 
recognition, frequency conversion, and light amplifi- 
cation. New fields of applications open in biology, 
medicine (photodynamic therapy), material proces- 
sing (optical engineering), etc. Depending on the 
targeted application, the materials showing enhanced 
second-, third-, and/or higher-order nonlinear optical 
properties are developed and optimized. The optim- 
ization is performed on both molecular and macro- 
scopic levels. Indeed, the bulk nonlinear optical 
response depends not only on the individual hyper- 
polarizabilities but also on the way the molecules 
are assembled into the bulk material. As already 
mentioned, only the noncentrosymmetric materials 
exhibit the second-order nonlinear optical response. 


Molecules 


The most promising molecules for the application 
in second-order NLO devices are intramolecular 
CT compounds, composed from an electron 
donating (D), an electron accepting (A) part, linked 
by a 7 conjugated backbone (Figure 1). The CT 
molecules exhibit a large first-order susceptibility 
B tensor component B,,, enhanced in the charge 
transfer direction x. The value of B,,, depends on 
the strength of electron donating and electron 
accepting groups (amount of the charge transfer) 
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Figure 1 Schematic representation of a charge transfer 


molecule. 


Table 1 Chemical structures of commonly used electron 
donating and electron accepting groups 





Donors Acceptors 
—N(CHs)o -NO 
—NH3 —NOz 
—OCH3 -CHO 
—OH -CN 
-CH3 —SO2CH3 
—SCH3 —SO2CF3 
—N(CHs)2 =C(CN)2 


and on the conjugation length of the transmitter. 
Table 1 shows the chemical structures of typical 
electron donating and electron accepting groups. 
Chemical structures of selected CT molecules 
are given in Table 2, together with the values of 
the B,,., tensor component, as determined by the 
electric field induced second-harmonic generation 
technique (EFISH). 

The dependence of ,.,,.on the conjugation length 
L of the conjugated transmitter is given by the 
scaling law: 


Brxex OC L* [9] 


with a, > 1. Usually the conjugated backbone is 
composed of a number of alternate single/double (or 
single/triple) bonds and in this case, the scaling law is 
tested as a function of the number of double (or triple) 
bonds N: 


Brcxex 0 N“ [10] 


For a number of CT oligomers with the same electron 
donating and electron accepting groups, differing 
only in the length of the conjugated transmitter, the 
exponent ag ~ 2.5. The B,.. value saturates for a 
larger number of double bonds (N > 4, in the case of 
phenyl oligomers used as transmitter). 

A number of studies are in progress on octupolar 
molecules which exhibit large 8 hyperpolarizabilities. 
However, their processing into efficient, noncentro- 
symmetric bulk materials is still at its initial stage and 
up to now no practical application has been 
demonstrated. 


Bulk Materials 


In order to obtain noncentrosymmetric materials, 
different approaches are used such as: 


(i) single crystals growth; 
(ii) epitaxy or heteroepitaxy; 
(iii) Langmuir—Blodgett films; 
(iv) self-assemblies; 
(v) intermolecular charge transfer structures; 
(vi) poled polymers; and 
(vii) chiral structures. 


The growth of good-quality optical single crystals 
is costly and difficult, especially as the charge transfer 
molecules usually exhibit a large ground state dipole 
moment (Table 2). The strong dipole-dipole inter- 
action usually leads to their antiparallel alignment, 
and as a consequence, a centrosymmetric bulk 
structure. Only a few molecules crystallize in a non- 
centrosymmetric structure. One of the approaches 
used consists of design and synthesis of molecules 
with a negligible ground state dipole moment such 
as POM (Table 3). Therefore, a lot of effort has been 
put into forcing molecules to build into noncentro- 
symmetric bulk materials (ii)—(vi). Owing to the fact 
that most of applications are targeted in waveguiding 
configuration, a significant effort has been made to 
grow noncentrosymmetric thin films (ii)—(vi). While 
the chiral molecules form spontaneously noncentro- 
symmetric films, in other techniques, this is obtained 
more easily by application of an external electric field 
(poled polymers), by use of an adequate substrate 
(epitaxy, pseudoepitaxy, self assembly), intramole- 
cular charge transfer in ordered layered structures (v), 
and interaction between molecules and molecules— 
substrate (Langmuir—Blodgett films). In the last case, 
three types of well-ordered structures, with control- 
lable thickness are obtained: X, Y, Z (Figure 2). 
Only X and Z type structures give noncentro- 
symmetric thin films exhibiting second-order 
NLO properties. 


Poled polymers 

Up to now, the best results in getting efficient 
materials for second-order NLO application are 
obtained with poled polymers. The materials consist 
of a polymer matrix, exhibiting excellent optical 
properties, functionalized with active NLO chromo- 
phores (CT molecules). Four kinds of structures, 
shown schematically in Figure 3, are realized: 


(i) guest—host systems; 
(ii) side chain polymers; 
(iii) main chain polymers; and 
(iv) thermally or photo-crosslinked polymers. 


Table 2 Molecular first hyperpolarizabilities and dipole moments of selected CT molecules 





Molecule Chemical structure max [nm] Solvent Ground state Product Bl10-* mses Bo [10° 
dipole moment, up [10°77 mv~'y [nm] mVv~'] 
uw [D] cm’ V~"] 

p-NA 358 1,4 dioxane 5.5 1.30 71.0 1064 35 

ac Am HN NO, 

( para-nitroaniline) 0.74 40.2 1907 

MNA Hy 361 1,4 dioxane 7.4 1.72 69.9 1064 33 

(2-methyl-4-nitroaniline) 0.98 39.8 1907 

NPP H20H 397 acetone 7.3 4.28 176 1064 67 

(N-(4-nitrophenyl)- 

(L)-prolinol) <p 

2 

POM CH, 320 from crystal 0 () 36 1064 24 
(3-methyl-4- ee ioe! data 

nitropyridine-1-oxide) O—N NO, 

\ 4 

PNP GH,0H 376 1,4 dioxane 7.2 2.28 95 1064 38 
(1-(N-prolinol)-5- 1.41 59 1907 

nitropyridine) A 10 

2 

MMONS H3C 366 1,4 dioxane 5.2 2.14 123.9 1907 90 
(3-Methyl-4-methoxy-4/ 

nitrostilbene) H3scO— 

on dno, 

DRI HeGhae 509 DMSO 525 1356 197 
(4-[N-ethyl-N-(2- my Son 455 1,4 dioxane 234.1 1907 150 

hydroxyethyl)Jamino- © HOH ,CH,C” NO. 

4'-nitroazobenzene 

(dispersed red 1)) 

DMSO 1640 1580 648 


DADAB HyCH.C 582 


(4-(N,N-diethylamino)-4’- = 
see ( a 


tricyanovinylazo 
benzene) 





= (1/3) x 1079 Cm. 
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Table 3 Bulk second-order nonlinear optical properties of selected organic materials 





Material Chemical structure Form Point Ameas Refractive SHG Electrooptical 
group [nm] index susceptibility coefficient, r, 
Xie (~20; «, «) [pm V""] 
[pm V~"] 
MNA ice Single m 514.5 2.0 70 + 14 
(2-methyl-4-nitroaniline) crystal 1064 x, = 500 
H3N NO, xe —76 
POM CHa Single 222 514.5 1.712 4.0 
(3-methyl-4-nitropyridine-1-oxide) ae crystal 600 1.919 5.1 
O—N NOs 10 600 1.638 3.7 
1064 x83 = 19.2 
x28 = Nest 
= X$i2 
COANP Single mme2 514.5 1.672 9.3+ 1.5 
(2 cyclooctylamino-5 nitropyridine) crystal 600 1.781 15.4 + 3.2 
Hy C) NOz 10600 ‘1.647 
x35 = 48 
PNP CH20H Single 2 514.5 1.990 8.0 + 1.4 
(2-(N-prolinol)-5-nitropyridine) crystal 600 1.788 13.0 + 2.2 
O)-n0, ie 1.467 
Ni XH = 170 
Xee8 = 55 
MNBA H.cO Nz Single m 514.5 2.024 = 
(4’-nitrobenzylidene-3-acetamino- 3 “S (O) NO, crystal 600 1.585 
4-methoxyaniline) 10 600 1.652 
= = 1064 XG = 437 
HC 
MMONS H3G Single mm2 514.5 1.569 19.3+4 
(3-Methyl-4-methoxy-4'- crystal 600 1.693 39.947 
nitrostilbene) H,cCO— 10 600 2.129 
Os or x = 968° 


vy = 142" 





or 
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PMMA + DR 1 H.C 
(Poly(methy! methacrilate) + | 
4-[N-ethyl-N-(2-hydroxyethyl)] —CHz—-G 
amino-4'-nitroazobenzene d 
(Dispersed red 1)) fr 
| O OCH. In 


HaCH,©. 
3 ae 


r 
N— N 
HOH,CH,C~ (O)- \n O)-10, 


PMMA + DCV H;G 
(Poly(methyl metacrilate) + | 
4-dicyanovinyl-4’- CHz—-G 
[N-ethyl-(2 hydroxyethyl)] I 
azobenzene) 
QO OCH,4n 


+ 


~On-O< 
HOCH2CH; N il 
H 


PMMA + 3RDCVXY HG 
(Poly(methyl metacrilate) + | 
4-dicyanovinyl-4! CHs—-G 
(diethylamino) d 
diazobenzene) AY 
O" OCH, 1, 
+ 
CN 
HHO, Oy Oe 
N 
H,CH»C~ Om ‘ 
CH, 


PP/GH 1580 
633 

PP/SC 1580 
799 

PP/SC 1064 
633 


(2) =5 


X333 

f33 = 2.5 
xs = 42 

33 = 18 
XS = 840 

f33 = 40 
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Table 3 (Continued) 








Material Chemical structure Form Point Ameas Refractive SHG Electrooptical 
group [nm] index susceptibility coefficient, r, 
Xn (—20; o, w) [pm V~"] 
[pm V~"] 
NNDN + NAN oO PP/CL 1064 Xa = 28 
(N,N-diglycidyl-4-nitroaniline + 
N-(2-aminophenyl)-4-nitroaniline) 
N NOs 
0 
+ 
NH yy 530.9 13 = 6.5 
DCANP CoaHas LB film 632.8 1.598 
fy N (TEo-mode) 
H O 1064 x8, = 19.5425 
NO. 
FAO6 LB film 1064 Xso2 = 20 


H 
Cig —s(O)-£ 
way \n—y{O)-no. 


PP, poled polymer; GH, guest host system; SC, side chain polymer; CL, cross linked polymer; LB, Langmuir—Blodgett film. 
Calibrated with KTP single crystal (x23 = 27.4 pm/V). 
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Figure 2 Schematic representation of X, Y, Z type Langmuir— 
Blodgett films. The arrows symbolize the direction of dipole 
moments, which usually are tilted with respect to the normal to 
film surface. 
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Figure 3 Schematic representation of functionalized polymers 
for second-order NLO effects: guest—host systems (a), side chain 
polymers (b), main chain polymers (c), photo and thermally 
cross-linking polymers (d). Arrows represent the NLO 
chromophores. 


The guest—host systems are just solid solutions of 
NLO chromophores in an inert matrix. The concen- 
tration of NLO chromophores is limited because of 
already-mentioned strong dipole-dipole interaction 
leading to antiparallel alignment, resulting in an 
increase in propagation losses and decrease of x” 
susceptibility. The polar order is obtained by applying 
an external field. In order to increase the rotational 
mobility of chromophores, the material is heated to 
the glass transition temperature of polymer. The 
interaction of dipole moments with the external field 
forces them to orient in its direction. The orientation 
is frozen by cooling the material (usually a thin film) 
to room temperature. However, the stability induced 


in this way results in a polar order that is poor. Better 
stability and higher concentration of chromophores is 
obtained by attaching chemically the NLO active 
molecules to the polymer backbone (side-chain 
polymers). However, it requires a significant effort 
in chemical synthesis. The stability of induced order 
depends strongly on the difference between the glass 
transition and the operation temperatures. The larger 
the difference, the less relaxation is observed. 
Therefore, a lot of effort is going into developing 
functionalized high glass transition temperature 
polymers such as polyimides, polyurethanes, poly- 
vinyl carbazoles, etc. 

The main-chain polymers (iii) attract a relatively 
weak interest. This is due, not only to the difficulties 
encountered with chemical synthesis, but also with 
the efficient chromophore orientation. More promis- 
ing is the last class of functionalized polymers (iv). 
Here the active chromophores are used to link 
covalently the polymer chains through a thermal or 
photo-crosslinking process. However, the poling 
process is very delicate as the glass transition 
temperature is increasing with the poling time, so 
the time process has to be carefully monitored. Also 
the cross-linking may lead to shrinkage and crackling 
of thin films and as a consequence, to the increase of 
propagation losses. 

A special class of functionalized materials, similar 
to poled polymers, represent sol—gels. Here the active 
chromophores either fill the pores of sol-gel or are 
chemically bonded to the matrix. The poling process 
is very similar to that applied to the thermally and 
photo cross-linking polymers and also has to be 
carefully monitored. The main advantage of these 
materials consists of excellent optical properties, and 
the disadvantage on a relatively low chromophore 
content, limiting the bulk ,? susceptibility value. 
The representative values of second-order nonlinear 
optical susceptibility Xe for different materials for 
second-order NLO optics, are listed in Table 3. 


Poling efficiency 

The DC poling of functionalized polymers leads to 
birefringent noncentrosymmetric materials with two 
nonzero x) tensor components: the diagonal: 


2 
Xe7(— 9; 1, W) = NFB yx(— O55 1, @) 


x (cos*@) [11] 
and the off-diagonal: 
(2) ; = i 
Xxxz— oy; 1, @) —_ 7 NF Bxxx(— 03 1, @y) 
x (sin*® cos @) [12] 
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where we assumed for simplicity, that only one 
nonlinear species, as is usually the case. Z, in 
eqns [11] and [12], is the direction of the applied 
external field and @ is the angle between the electric 
field and the molecule dipole moment. The efficiency 
of poling is measured by the ratio: 


(2) 3 
_ Xzz7(— We; 1, @2) 


[13] 
Xekz(— O55 @1, @) 


a 





It varies between 1 and co (perfect alignment). For 
isotropic poled polymers a = 3 + 6 and for nematic 
liquid crystal side-chain polymers, values of ao 18 
were obtained. 

Usually, the second-order NLO susceptibility 
is measured by the second-harmonic generation 
technique (@, = 2; w,; = @ = w), giving the elec- 
tronic part of y” susceptibility, with ultrafast 
response time as the generated harmonic wave has 
to follow the fundamental one. This susceptibility is 
important, not only for frequency conversion through 
the second-harmonic generation, but also for sum and 
difference frequency generation as well as for optical 
parametric oscillation (OPO) and amplification 
(OPA). Another important effect described by 
x¥”)(—«@; w, 0) susceptibility is the linear electro-optic 
effect (Pockels effect). It finds application in electro- 
optic modulation for signal transmission. Tradition- 
ally, this effect is described by the electro-optic 
coefficient rj, which is a third-rank three-dimen- 
sional tensor. The variation of the medium refractive 
index under the applied electric field is given by the 
following formula: 


2 


An; == a3 iE 


L 


[14] 


7 
The electro-optic coefficient is directly linked to the 
xX” (—o; w, 0) susceptibility: 

ay (—@,; w, 0) 


(njnj) 





[15] 





Tiik 


The measured values of electro-optic coefficient for 
some selected organic single crystals and thin films are 
also given in Table 3. 


Third-Order Nonlinear Optical 
Materials 


There is no symmetry restriction on molecules and 
materials for third- (or higher-odd-) order nonlinear 
optical effects. These materials are used in signifi- 
cantly larger classes of applications than the materials 
for second-order NLO effects, particularly in logic 
systems, all optical switching, frequency conversion 


(e.g., frequency tripling in third-harmonic gener- 
ation), light amplification, optical bistability, all 
optical switching, etc. In the case of organic 
materials, it was shown that the conjugated quasi 
1D 7a electron systems, such as semiconducting 
polymers (Figure 4) exhibit an enhanced third-order 
NLO response. 


Molecules 


Similarly, as in the case of second-order NLO 
materials, the NLO response depends strongly on 
the conjugation length. In the case of conjugated 
quasi 1D molecules, such as polymers with a chemical 
structure as shown in Figure 4, the y tensor 
component in the conjugation direction (largest 
hyperpolarizability) is strongly enhanced and 
described by a scaling law: 


oc 1 


[16] 


Voexxx 


where L is the conjugation length and the exponent 
a, >1. The scaling law, eqn [16], can also be 
presented as dependent on y on a number of 7 
conjugated double or triple bonds N: 


oc N®& [17] 


YVoroxezex 


It was extensively studied for a series of conjugated 
oligomers polyenes, oligothiophenes, etc., and the 
exponential coefficients are listed in Table 4, together 
with the calculated values. For a larger value of 
double (or triple) bonds, a saturation in ¥° suscep- 
tibility is observed. 

The molecular second hyperpolarizability 
measurements are derived from solution measure- 
ments. Some typical values, obtained by the third- 
harmonic generation technique (THG) are listed in 
Table 5. Although other NLO property determi- 
nation techniques were used, the THG method 
gives the fast, electronic part of molecular 
hyperpolarizability. 


Bulk Materials 


Importance of Order 


Similarly, as in the case of materials for second-order 
NLO effects for practical applications the value of y° 
susceptibility is important, which on the other hand 
depends on the molecular second hyperpolarizability 
y. Although the noncentrosymmetry is not required in 
the case of third-order NLO materials, the values of 
the bulk x) susceptibility depend on the order, as it 
follows from eqn [7]. This is particularly clear in the 
case of conjugated molecules, with enhanced y,,.. 
component. In the case of parallel polarizations 


@/\ ) \ STANDARD ANTENNA TERMS 
INI AND RELATED FORMULAS 


Antenna Research 





determined in the far-field region and_ is NOTES: 
represented as a_ function of directional 
coordinates. (2) Radiation properties include power 
flux density, field strength, phase, and polarization. 


* RADIATION RESISTANCE OF AN 
ELECTRICALLY SMALL LOOP ANTENNA. The 
resistive component of an _  antenna's input 
impedance that results from the coupling of the 
antenna to its environment. This resistance 
dissipates the power that is actually radiated from 
the antenna. 


R = 20(2n/A) n A ohms 
Tt 


n = number of turns 
A = area of the loop 


REALIZED GAIN. The power gain of an antenna in 
its environment, reduced by the losses due to the 
mismatch of the antenna input impedance to a 
specified impedance. 


* REALIZED RADIATOR EFFICIENCY. The 
efficiency of an antenna in its environment reduced 
by all losses suffered by it, including: ohmic losses, 
mismatch losses, feedline transmission losses, and 
radome losses. 


RELATIVE POWER GAIN. The ratio of the power 
gain in a given direction to the power gain of a 
reference antenna in its reference direction. 
Note: Common reference antennas are half-wave 
dipoles, electric dipoles, magnetic dipoles, 
monopoles, and calibrated horn antennas. 


RETURN LOSS. The reflection coefficient of a 
mismatch expressed in decibels. | Note: Modern 
swept VSWR _ techniques actually sense the 
reflected component which is normalized to the 
forward component to yield return loss. A 2:1 
VSWR is equivalent to 9.5 dB return loss. 


VSWR. The voltage standing wave ratio of a 
component such as an antenna. It is referred to 
the characteristic impedance of the transmission 
line being used. Note: The most common 
characteristic impedance is 50 ohms, but 75 and 
300 ohms are frequently used in coaxial or twin 
lines for VHF, UHF applications. 
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Figure 4 Chemical structures of selected conjugated quasi 1D organic polymers. 


Table 4 Calculated (calc) and measured (meas) values of the scaling low exponent y oc N*“” for different conjugated oligomers 





Oligomers Qycale Remark Qy meas Remark 
Polyene oligomers 5 free electron model 2.82 CT polyenes (w = 0) 
INDO (w = 0) 3.5 Aw = 1.907 ~m 
3 SCF/STO-3G 2.3 Symmetric A-A 
3.27 SCF/3-21G THG 1.907 pm 
3.14 N=2 3.3 Asymmetric D-A 
3.67 N = 6, decrease THG 1.907 ~m 
3.98 For N > 6 DVB-PPP 4.4 Symmetric D-D 
EFISH 1.34 wm 
no saturation up to N = 14 
3.8 neutral solitons 
3.85 charged polarons 
6.32 trans form 
5.4 cis form 
4.7 
Thiophene oligomers 4.5 CNDO N<6 4.05 DFWNM in solutions 
Saturation N > 6 4.54 EFISH in solid solutions N = 3,5,6 


3.4 THG 1.907 pm 
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of @,,@1,@7,3 fields, the bulk susceptibility is 
given by: 


3 
x (a; W1,W2, @3) = NF Ys G5 @1,W2, 3) 


x (cos*®) [18] 


where F is the total field factor and ® is the angle 
between the polarization direction of @,, @1, @, 03 
fields and a chosen direction in the laboratory 
reference frame. The value of (cos* ®) varies between 
0.2 for an isotropic distribution of polymer chains 
and 1 for perfectly aligned, respectively. It gives a 


Table 5 Molecular off resonance second hyperpolarizability y 
for selected organic molecules 





Molecule ¥ (— 30; w, w, 0) 10°°° m°/V?_— Ameas NM 
Carbon tetrachloride 5.1 1064 
4.7 1907 
Chloroform 3.8 1064 
3.2 1907 
Acetone 2.5 1064 
2.6 1907 
Methanol 1.16 1064 
1.21 1907 
Ethanol 1.8 1064 
2.1 1907 
Propanol 2.4 1064 
2.5 1907 
Water 0.46 1064 
Nitrobenzene 9.2 1907 
Chlorobenzene 5.8 1907 


Calibrated with silica value: y°(—3a; w, w, w) = 3.9 x 10-72 m2/V? 


factor of 5 difference in the macroscopic 
susceptibility. Some examples of third-order NLO 
susceptibilities for representative conjugated poly- 
mers are given in Table 6. These were obtained by 
third-harmonic generation technique which measures 


the fast, electronic contribution to x). 


Two-Photon Absorbing Materials 


Two-photon absorbing (TPA) materials are a special 
class of third-order NLO materials exhibiting a 
complex Kerr susceptibility »(—@;@,—@,w). In 
this case, the nonlinear refractive index, derived 
from eqn [1] is complex too. 


N=N +ml=not+ (ni t+ KI [19] 


where J is the light intensity, 75 is the real part and kz 
is the imaginary part (nonlinear extinction coefficient) 
of the nonlinear index of refraction, respectively. 
The nonlinear index of refraction is directly related to 
the Kerr susceptibility Y°(—@; w, —@, w): 


a 3x? (- a; @, — @, @) 


2 
4eqcn5 





[20] 


where c is the light velocity. If y°)(—@; @, —@, @) is 
complex (close to a resonance) then 7, is complex too 
and the light beam propagating in such a medium in 
direction z is attenuated through the two-photon 
absorption process: 











at 1907 nm. I(z) = Ip eet orealz [21] 
Table 6 Resonant and nonresonant values of cubic susceptibility y°) for selected organic materials 
Material Form Ameas NM XP (- 3u; w, 0, w) 10-7? m?/V? Remark 
PDA-PTS Single crystal 1890 119 (70) x 10° chain, 3ph 
<1400 . chain 
2620 22.4 (14) x 10° chain 
<280 L chain 
PDA-TCDU Single crystal 1890 9.8 (7) x 10° chain 
<70 L chain 
2620 51.8 (20) x 107 chain 
<40 . chain 
DEANS Single crystal 1900 1.4x 104 (mol. axis) 
127 + (mol. axis) 
PDA-AFA LB film (blue) 1350 7.8 (1.4) x 10° 2ph 
PDA-AFA LB film (blue) 1907 11.6 (1.2) x 10° 3ph 
PA Isotropic oriented 1907 78.4 (22) x 104 3ph 
2.4 x 108 3ph 
PDA-C,UC, Oriented film 1907 2.9 x 104 || chain, 3ph 
3x 10° 1 chain 
Ceo Isotropic film 1064 11.5 (1.1) x 10° 3ph 
Cr Isotropic film 1420 13 (1.4) x 10° 3ph 
PPV Isotropic film 1450 1.96 x 104 3ph 


Numbers in brackets are standard deviations. Data calibrated with silica: y°(—3w;w,w,w) = 3.9 x 10 72 m?/V?; 2ph, two photon 
resonance enhancement; 3ph, three photon resonance enhancement; for chemical structures see Figure 4. 


Table 7 Two photon absorption cross-sections oyp,, maximum TPA wavelength (Ama), measurement wavelength (Ameas), Pulse duration and measurements technique for a series of 


organic molecules 


Molecule/material Chemical structure 
BDBAS i n-Bu 
(Bis(di-n-butylamino)stilbene) n-Bu N 
SO 
/ 
n-Bu 





BDPAS 


(Bis(diphenylamino)stilbene) ©) 
N 
OO 


Trans-stilbene 








Solvent APPA 
[nm] 
Toluene 600 
600 
Acetone 
Toluene 755 
730 
Toluene 
Toluene 514 
Toluene 730 
~725 
Toluene 730 
~725 


OTPA 


[GM] 


310 
9300 
1000 

210 

6 

110 

17700 
10000 
17000 

290 

300 

790 


13 000 
110 


12 


995 
635 


900 
680 


Pulse 
duration 


4ps 
5 ns 
5ns 
5ns 
5 ns 
100 fs 
5ns 
5 ns 
5 ns 
4ps 
5ns 
5 ns 


5 ns 
4ps 


5ns 


5 ns 
100 fs 


5ns 
100 fs 


A meas 
[nm] 


600 
600 
700 
600 
698 
620 
600 
700 
755 
700 
698 
730 


700 
700 


514 


730 
725 


730 
725 


Measurement 
technique 
NLT 


TPF 


NLT 
NLT 


TPF 


NLT 


TPF 


TPF 


TPF 
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Molecule/material Chemical structure Solvent AES CTPA Pulse Npians Measurement 
[nm] [GM] duration [nm] technique 
Toluene 775 1250 5ns 7715 TPF 
~ 750 1270 100 fs 750 
Toluene 835 1940 5 ns 835 TPF 
810 3670 100 fs 810 
Toluene 825 480 5ns 825 TPF 
940 620 940 
815 650 100 fs 815 
910 470 910 
Toluene 970 1750 5ns 970 TPF 
Toluene 975 4400 5ns 975 TPF 
945 3700 100 fs 945 
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CZ-DTT-CZ sy) 

(2,6 -Bis [2-(9-ethylcarbazol-3-yl) 
vinyl] thiopheno [3',2’-2,3] 
thiopheno [4,5-b] thiophene) 





CZ-DTT-OX 


(2-[2-(4-(5-(4-tert-Buthy| 
phenyl-1,3,4-oxadiazol-2-yl) an 
phenyl) vinyl)-6-[2-(9-ethyl 
carbazol-3-yl) vinyl] © 5 Or 


thiopheno [3’,2’-2,3] 
thiopheno [4,5-b] thiophene) 


TP-DTT-TP 
([4-(2-(6-(2-(4-Diphenylamino) 


phenyl)vinyl) thiopheno WO) oD © 
/3!-4,5] thi : a. © 
[2’,3'-4,5] thiopheno [3,2-b] Ae \ 








thiophen 2-yl-vinyl) phenyl] 
diphenylamine) 


TP-DTT-OX © 
([4-(2-(6-(2-(4-(5-(4-tert- 
Buthylphenyl-1,3,4- 


oxadiazol-2-yl)) phenyl) 
vinyl) thiopheno [2’,3’-4,5] 
thiopheno [3,2-b] 

thiophen 2-yl)-vinyl) phenyl] 
diphenylamine) 


ee O-O-O 





Toluene ~ 800 


1,1,2,2-Tetra 
chloro-ethane 


1,1,2,2-Tetra 
chloro-ethane 


1,1,2,2-Tetra 
chloro-ethane 


1,1,2,2-Tetra 
chloro-ethane 


450 


105 000 


33500 


199 000 


119000 


80 


330 


5ns 


8ns 


8ns 


8ns 


8ns 


800 


810 


810 


810 


810 


TPF 


NLT 


NLT 


NLT 


NLT 


Theoretical 
calculus 


Theoretical 
calculus 





GG sjelieyeyy AeauljuON D1Ue61C / SOLLdO YWANITINON YO4 SIVINSLVIN 


Table 7 (Continued) 















Molecule/material Chemical structure Solvent TEA OTPA Pulse Nias Measurement 
[nm] [GM] duration [nm] technique 
Sexiphenyl ©) @ ©) 2090 Theoretical 
4 calculus 
AF 50 Tetrahydro-furan 11560 8ns 800 NLT 
Har GigGioHar Benzene 19300 
: 
on a 
AF 80 ©) Tetrahydro-furan 6840 8ns 800 NLT 
g 
ASPT CHsCHy.. 3 Ojon, Poly hydroxyethyl 12000 10ns 1064 NLT 
ON é e metacrylate 
CH3CH» B(Ph), 
DEANST CHCH,. fo NOs Tetrahydro-furan 200 46 ps 1064 KE 
CH,CH,~” 
Rhodamine B Methanol 50 100 fs 730 TPES 
cooH 
CL Wee 
Se ea O N—GH,CH, 
CH.CH, CH.CH, 
DR1 H,CH.C Tetrahydro-furan 102 42 ps 1064 KE 


(4-[N-ethyl-N-(2-hydroxyethyl)] 
amino-4’-nitroazobenzene 


(dispersed red 1)) 


n-C)- 
HOH,CH,C~ \nwO)-No; 


KE, optical Kerr effect; NLT, nonlinear transmission; TPF, two photon fluorescence; TPS, two photon excitation spectroscopy. 
1 GM = 10° °° cm* s/photon-molecule. 
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Table 8 Two photon absorption coefficients for different molecules and extrapolated bulk values 





Molecule arpa CT/GW So Amax NM Atpa nm Concentration g/l — Solvent Bulk value cm/GW 
DR 1 0.8 490 835 70 THF 11.4 
DBANS 14 450 808 70 THF 15.7 
DCNP 0.06 460 920 30 THF 2.3 
DEANST 0.64 440 920 105 THF 6.1 
DCM 0.1 480 950 11 DMSO 9.1 
PDA-PTS 80 620 1064 not max of Atpa Bulk Single crystal 80 
PDA-PTS 800 620 925 Bulk Single crystal 800 
Poly(3-octy! 0.27 435 (142) 720 (94) 25 THF 9.6 
thiophene) 
Poly(3-octy! 0.85 550 (170) 730 (70) 11.2 THE 76 
thiophene) 


regioregular 


Amax corresponds to the maximum linear and Atpa to the maximum nonlinear absorption wavelengths, respectively, DCNP: 
3-(1,1-dicyanoethenyl)-1-phenyl-4,5-dihydro-1H-pyrazole, for other molecules see Figures 4 and 5 and preceding tables. 


where ay, is the linear and ayp, is the two-photon 
absorption coefficient, respectively. The last coeffi- 
cient can be explicitly expressed by the imaginary 
part of the nonlinear index of refraction: 


277K 
ro 





aTpA = [22] 


where A, is the wavelength of the propagating 
beam. On the molecular level one also defines the 
two-photon absorption cross-section given by 


ho 
OTPA — a QTPA 


[23] 
where N is the number density of molecules. 
The values of TPA absorption cross-sections and 
two-photon absorption coefficients for selected 
organic molecules and solids are listed in Tables 7 
and 8, respectively. 


Photorefractive Materials 


The photorefractive effect consists of the gener- 
ation of a refractive index grating in an NLO 
material by its inhomogeneous illumination. This 
is a necessary condition but not a sufficient one. 
The sufficient condition consists of the possibility 
of creating the space charge field, which combined 
with the applied external field, leads to the 
refractive index modulation through the Pockels 
effect. In that case, the refractive index grating is 
phase mismatch with the intensity grating, leading 
to the transfer of photons from one beam to 
another, as occurs in two-beam coupling experi- 
ments, and thus applies to light amplification. 


Although the photorefractive effect was first 
observed in ferroelectric single crystals, the 
researchers at IBM demonstrated, at the beginning 
of 1990s, the photorefractive effect in organic 
composite materials. However, the main contri- 
bution in these materials comes from the 
rotational mobility of nonlinear optical (NLO) 
chromophores under the applied external electric 
field. Thus, to exhibit a photorefractive effect, the 
organic material has to possess the following 
properties: 


(i) charge generation and separation capacity; 
(ii) charge mobility; 
(iii) linear electro-optic (Pockels) effect; and 
(iv) rotational mobility. 


Composite Materials 


The different properties satisfying the above 
requirement to exhibit a photorefractive effect, 
are obtained by mixing together four types of 
molecules: 


(i) photoconducting polymer; 

(ii) highly second order nonlinear CT molecules; 
photoensitizer for charge generation under illu- 
mination; and 

plasticizer, lowering the glass transition tem- 
perature, thus increasing the rotational 
mobility. 


Some examples of different types of molecules used 
are shown in Figure 5. Although these structures 
exhibit large exponential gain coefficients I and high 
diffraction efficiencies y, their main disadvantage 
consists of slow, seconds-duration response times 
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Figure 5 Chemical structures of photoconducting polymers, CT chromophores, photosensitizers and plasticizers commonly used for 
the fabrication of photorefractive polymers. 


Table 9 Photorefractive properties of selected single crystals at zero external field, composite photorefractive polymers and liquid crystals 





Structure Form Thickness Composition Laser Exponential Electric Response Diffraction Ameas 1M 
um w% intensity gain’ cm~' field V/um time s efficiency % 
W/em? 
COANP: TCNQ Single crystal 0.08 100-1000 514.5 
depending 
on grating 
period A 
MNBA Single crystal 0.1 2 10-100 514.5 
DMNPAA/PVK/TNF/ECZ Composite 105 50: 33: 16: 1 220 (p-polarized) 90 1 86 514.5 
material — 40 (s-polarized) 
Doped: 5 CB/Cgo Composite 25 95:5 2890 0.07 0.3 514.5 
material 
Doped: 8 OCB/5 Composite 37 640 0.04 0.04 514.5 
CB /PER/NI material 
SCLCP/E7/Cgo Composite 50 49.975: 600 0.7 3.5 632.8 
material 49.975: 0.05 
PVA/E44/Cgo PDLC 25 40 On: 8s 52 
Off: >3 days 
PMMA/E49/ETZ/TNF PDLC 53 45: 33: 21: 1 41 22 8 675 
POT/LC HPCPLC 10 965 0.6 0.011 26 514.5 
POT/DR1/LC HPCPLC 10 2600 0.6 0.010 31 514.5 
PVK/TNF/LC HPCPLC 10 3700 0.9 0.010 45 514.5 


LC, liquid crystals; PDLC, polymer dispersed liquid crystals; HPCPLC, hybrid photoconducting polymer-—liquid crystal; COANP-2-cyclooctalamino-5 nitropyridine, TCNQ, 7,7,8,8- 
tetracyanoquinodimethane; MNBA4’, nitrobenzylidene-3 acetamino-4-methoxyaniline; 5-CB-4’, (n-octyloxy)-4-cyanobiphenyl; 80CB-4’, (n-octhyloxy)-4-cyanobiphenyl; PER, perylene; NI, 
N,N-di(n-octyl)1,4,5,8-naphtalenediimide; SCLCP, side chain liquid crystalline polymer (PMMA-4-cyanophenyl benzoate); E7, E44, E49, commercial LC mixtures (Merck, Germany); other 
molecules in Figure 5 and Tables 2 and 3. 
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and require large external operation electric fields 
(~100 V/um). 


Photorefractive Liquid Crystals 


In order to improve the performances of organic 
photorefractive materials the use of nematic liquid 
crystals was proposed as active media. These 
materials exhibit a large rotational mobility, 
requiring a relatively small electric field with 
response time of milliseconds. The reorientation 
of domains requires 2 + 3 orders of magnitude 
electric fields as compared with the composite 
materials (reorientation of individual molecules). 
Several types of structures of liquid crystal based 
photorefractive structures are realized, such as: 


e composite materials in which the liquid crystals 
mesogens are NLO chromophores; 

e polymer dispersed liquid crystals (PDLCs); 

e hybrid photoconducting polymers - liquid 
crystals (HPCPLCs), in which the rotational 
mobility is separated from the charge mobility. 
Moreover the use of photoconducting polymer 
allows the modulation of the electric field on the 
liquid crystal layer, enhancing the effect. 


The performances of different, representative, 
organic photorefractive structures are listed in 
Table 9. 


See also 


Nonlinear Optics, Basics: Photorefraction; 
Harmonic Generation. Polarization: Introduction. 
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In Part 1, oscilloscope operation was covered for making basic voltage, time and frequency measurements. In this part, 
well continue with some more advanced uses of a scope, and in particular, how to use a scope for testing and 
troubleshooting ham radio ORP transceivers in the homebrewer s workshop. 


Receiver Filter Bandwidth. 
This procedure uses a scope (a DVM can be used with less accuracy) for determining the overall filter bandwidth (or selectivity) 
of areceiver. It is basically measured by plotting output voltage vs. audio frequency to construct a picture of the filter response. 


Connect scope to the receiver audio output (speaker or phone jack); measurement will be based on peak-to-peak voltages (Vpp) 
on ascope, orrms voltage (Vrms) ona DVM. 


Using a signal generator, set the frequency for the band of interest on your radio. For example, on a general coverage shortwave 
receiver, you might set it for 10 MHz (top end of the 31M band), or perhaps to 7.040 MHz on a 40M ham radio 
receiver/transceiver. Tune the receiver to the signal generator signal. If you don’t have a signal generator, you can also tune to a 
steady carrier or station to produce a hetrodyne audio “pitch.” Tune in the signal to the pitch that causes the maximum peak-to- 
peak display. Adjust the scope and volume control to produce a 2Vpp display (4 divisions). This is the peak response of the overall 


filtering stages as shown in Fig. 13. 


Now determine the audio frequency at this peak response by 
measuring the time period between cycles and covert to frequency. 
In the example to the right, the period of one cycle is 1.7mS, which 
is an audio tone of 750Hz (1/.0017sec). A frequency counter on the 
output can also be used. 


Next, tune the receiver such that the sidetone pitch goes UP in 
frequency and the peak-to-peak signal will decrease in magnitude. 
Tune to the point where the signal is exactly 1 Vpp on the scope. See 
Fig. 12. 


This is the —-6dB point of the high end of the filter (20log 1v/2v 
—6dB). Determine the frequency of the audio pitch as before. In 
the example, this is 1100 Hz. Record the data. 


From these two data points, the -6dB bandwidth can be estimated. 
The bandwidth from the filter peak (750 Hz) to the —6dB point 
(1100 Hz) is 350 Hz. The bandwidth (BW) between the two —6dB 
points is usually twice this value, or 700 Hz. A filter with a -6dB 
BW of 700Hz is a mediocre filter for CW reception, and way too 
narrow for SSB or AM. 


Of course you can determine the exact -6dB BW by tuning the 
receiver back to the 2Vpp peak response, and continue tuning 
DOWNward in frequency until the audio is again exactly 1 Vpp. 
Determine this frequency and record. In this example, it should 
occur around 400 Hz if the filter shape is symmetrical. 


Plot these three data points on a sheet of graph paper as shown in 
Fig. 15 to construct the filter shape. Return to the upper —6dB point 
(1100Hz in the example) and continue tuning upwards in audio 
pitch, recording the frequency at 0.5v (-12 dB), 0.25v (—18 dB), 
125mV (—24 dB), etc. Everytime you “halve the voltage,” it is a 6 
dB change. The more points you collect, the more accurate your 
filter response plot will be. 
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Fig. 14 — Displaying -6dB Frequency 
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Introduction 


The basic construction and imaging properties of the 
optical microscope, one of the most important optical 
instruments, are described. But the restrictive mean- 
ing of a microscope as a device that the user looks 
down to see a magnified image is far from the present 
terminology that includes scanning systems (where 
the image is stored in a computer), nonvisible 
radiation, such as electrons or X-rays, and a variety 
of different contrast mechanisms. 

According to the Oxford English Dictionary a 
microscope is ‘an instrument magnifying objects by 
means of lenses so as to reveal details invisible to the 
naked eye’. Thus, basically a microscope forms a 
magnified image of an object. The first microscopes 
used visible light and formed an image showing 
variations in the intensity of light scattered by the 
object. This intensity is in general related to the 
optical properties of the object in a complicated way. 

Nowadays there are many different types of 
microscope. Our understanding of a microscope 
must therefore be generalized in the following ways. 


e The microscope may not be a conventional 
imaging system using lenses or mirrors. For 
example, it may be a scanning imaging system. 
A confocal system is a combination of a conven- 
tional and a scanning system. Another important 
category of microscopes is that of probe micro- 
scopes, including near-field optical microscopes. 


Some probe microscopes, for example the atomic 
force microscope (AFM) do not even seem at first 
glance to rely on the direct use of radiation. 

e The microscope may not use visible light, but other 
electromagnetic radiation, or even other forms of 
radiation. 

e The image can be formed using a variety of different 
contrast mechanisms. Some of these, such as phase 
contrast, are designed to image particular optical 
properties of the sample. Others image the gener- 
ation of a form of radiation when the object 
is stimulated by another form of radiation. In 
particular, in principle, virtually any form of 
spectroscopy can be the basis of building up an 
image by measuring the spatial variations in the 
signal. 


Different Forms of Microscopes 
The Conventional Microscope 


In a simple microscope, an objective lens forms a real, 
magnified, and inverted image of an object. In a 
compound microscope, an eyepiece is added, forming 
a virtual image that is viewed by eye to give real image 
on the retina. The eye can be replaced by CCD 
camera to record moving or still images. In early 
microscopes, the objective lens and eyepiece are 
mounted in the two ends of a brass tube. The 
objective screws into the tube using an RMS (Royal 
Microscopical Society) thread (0.8 Whitworth 36 
threads per inch), until its mounting face is flush 
with the end of the tube. The length of the tube is 
the mechanical tube length. The distance from the 
mounting face of the objective to the plane of the real 
image is the optical tube length, which varied 
according to different manufacturers in the range 
160-210 mm. Now most objectives have infinity 
tube length, so that they collimate the light from 
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the object. The collimated light is brought to a focus 
by an additional tube lens. An objective of correct 
tube length should always be used as otherwise 
spherical aberration is introduced. As the objective, 
tube lens, and eyepiece are designed together as a 
system, great care should be exercised when mixing 
components from different manufacturers. 

Abbe showed that in order to form a perfect lateral 
image the objective must satisfy a different condition 
called the Herschel condition. Otherwise the image of 
an off-axis point will suffer from coma. An aberration- 
free system satisfying the sine condition is called an 
aplanatic system. A microscope produces a three- 
dimensional (3D) image of a 3D object. A point of the 
object closer to the lens appears further from the lens in 
the image. If the lateral magnification is M, the 
longitudinal magnification is approximately equal to 
M?. However, it can be shown that it is impossible to 
devise an instrument that can produce a perfect 3D 
image of a 3D object, because to have a perfect 
transverse image the system must satisfy Abbe’s sine 
condition, but to have a perfect axial image the system 
must satisfy the Herschel condition. These two 
conditions are not mutually compatible. Actually, we 
find that the longitudinal magnification is not exactly 
equal to M’, and is not even constant in space. 
Different depths of the object are imaged differently: 
the microscope objective only produces a good image 
for one plane of focus, and other planes will exhibit 
spherical aberration. However, all of these problems 
can be overcome by bringing the part of the object 
under observation into focus, without refocusing the 
eye or other detector. A 3D image can thus be 
generated by scanning the object stage in the axial 
direction, and recording a stack of images from 
different depths in a computer. For modern objectives 
of infinite tube length, focusing can be alternati- 
vely achieved by piezoelectric scanning of the 
objective lens. 


Resolution 

For an object consisting of a single bright point object 
in a dark background, the image produced by a 
perfect microscope, according to paraxial diffraction 
theory, is the so-called Airy disk, consisting of a bright 
central spot, surrounded by a series of rings. The 
intensity in a meridional cross-section through the 
Airy disk is the same for any aperture of objective, or 
wavelength of light, but its width varies. The intensity 
of the first bright ring is 1.75% of that at the peak. 
The radius of the first dark ring of the Airy disk is 


— 0.61A 1 


nsin a 





where A is the wavelength, 1 is the refractive index of 
the immersion medium, and a is the angle subtended 
at the edge of the objective aperture. The radius 
depends on nsin a, which is called the numerical 
aperture and should be as large as possible for good 
resolution. Thus, high-magnification lenses often use 
an immersion fluid, usually oil with a refractive index 
of 1.518 (ISO 8036/1). 
The optical coordinate v is defined as 


v= mn sin a [2] 


so that the dark ring of the Airy disk occurs at a value 
of v of 27 X 0.61 = 3.83. Resolution is sometimes 
expressed in terms of the full width at half maximum 
(FWHM) of the image of a point object, which is 
3.232 in optical coordinates. A full nonparaxial 
theory does not give a very different figure. 

Resolution of a microscope is often specified by 
two-point resolution, which describes whether the 
image of two points can be distinguished from that of 
a single point. According to the Rayleigh criterion of 
two-point resolution, two points are just resolved if 
the second point is placed on the first dark ring of the 
first. The separation is then 0.61A/( sin a). A cross- 
section through the image in an incoherent optical 
system of two bright point objects of equal strength 
and different separations is shown in Figure 1. The 
intensity in the image between the points decreases as 
the separation is increased. The ratio of the intensity 
midway between the points to that at the points for 
the Rayleigh criterion to be satisfied is then found to 
be 0.735. 

The concept of resolution should be distinguished 
from sensitivity or precision. An object much smaller 
than the resolution limit can still be detected, perhaps 
weakly, in a microscope: this detection of weak 
contrast depends on the sensitivity of the microscope 
rather than its resolution. The size of an object can 
also be measured with a precision much greater than 
the resolution of the microscope. 


Illumination 

If the object is not self-luminous, in order to be 
imaged in a microscope it must be illuminated. A 
semitransparent object, such as a biological slice, is 
illuminated in transmission. For observation of bulk 
objects, or surfaces, we use illumination in the 
reflection geometry, called epi-illumination. Either a 
tungsten halogen lamp or an arc source is usually 
used. In critical illumination, the source is focused on 
to the object by a condenser lens. The disadvantage 
of this approach is that variations in emission of 
the source are imaged directly into the image. 


MICROSCOPY / Overview 63 





Cheaper microscopes avoid this problem by using a 
diffuser. Better microscopes use instead the Kohler 
illumination system, where the source is placed in the 
front focal plane of the condenser lens. Figure 2 
shows a Kohler illumination system in which the 
source is imaged into the front focal plane of the 
condenser lens by another, projector, lens. The system 
incorporates a separate field stop and aperture stop. 
In practice, the size of the field stop should be reduced 
to illuminate as small a region of the object as 
necessary in order to minimize stray light. An 
important part of setting up a microscope to operate 
properly consists in centering the aperture stop of the 
condenser. This is often done using a so-called 
Bertrand lens that allows imaging of the aperture stop. 
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Figure 1 A cross-section through the image of two equal point 
objects in an incoherent microscope. The separation of the points 
is that for the Rayleigh criterion to be satisfied, and for changes of 
+10, 20% of the Rayleigh separation. 


Source Projector lens _ Field stop 





Figure 2 


Image formation 

The Rayleigh criterion was originally specified for an 
incoherent optical system. It is thus applicable in 
fluorescence microscopy, as fluorescence is an inco- 
herent process as two fluorescent point objects 
fluoresce independently. But for the image of a 
trans-illuminated object, the resolution depends on 
the coherence of the illumination. This is controlled 
by the numerical aperture of the condenser lens as 
compared with that of the objective. The ratio of 
these numerical apertures is called the coherence 
parameter, S, so that 


s= nN, SiN a, 13] 


nsin a 


For S = 0 the illumination is purely coherent, while 
for S$ co imaging becomes purely incoherent, thus 
corresponding to the Rayleigh criterion, so S should 
really be called an incoherence parameter. An 
important in-between case is when S = 1, when the 
apertures of objective and condenser are equal. This is 
termed matched, full, or complete illumination. 
According to the generalized Rayleigh criterion, the 
points are just resolved when the ratio of the intensity 
midway between the points to that at the points is 
0.735, which is called the generalized Rayleigh 
criterion. We require that the distance between the 
points is as small as possible when this occurs. The 
generalized Rayleigh separation is the same for 
incoherent illumination and for $= 1, and corre- 
sponds to a distance of 2v 9 = 3.83 in optical 
coordinates. Note, however, that for other separ- 
ations of the points, the ratio is different for these two 
cases: it is not true, but often erroneously stated, that 
S = 1 corresponds to incoherent imaging. Resolution 
improves as the aperture of the condenser is increased 
(2v9 = 5.15 in optical coordinates for coherent 
illumination) reaching a maximum when S = 1.46, 
when resolution is 9% better than for incoherent 
imaging (2v) = 3.58). This maximum in resolution is 
achieved when the numerical aperture of the con- 
denser is larger than that of the objective, which is not 
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Aperture stop 
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Geometry of the Kohler illumination system. In practice an arrangement with a smaller number of lenses is usually used. 
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physically achievable if the objective has the highest 
possible numerical aperture. Similarly, it is impossible 
to achieve incoherent illumination with very large 
objective numerical apertures. 

The effect of coherence on the resolution of an 
image depends on the form of the object, and on the 
particular resolution criterion employed. In practice, 
contrast also depends on the aperture of the 
condenser. Usually, opening the condenser improves 
resolution, but reduces contrast, so there will be an 
optimum condenser aperture size. 


Abbe theory of microscope imaging 

Abbe argued that for coherent illumination of a 
grating, the grating spectra can be observed in the 
back focal plane of the objective. The tube lens then 
forms an image from the grating components. Thus, 
this is an early description of Fourier optics. The 
strength of the grating components can be altered in 
the back focal plane to give various optical effects, 
such as phase contrast. Abbe’s theory was not properly 
appreciated at the time because it was known that in 
practice, resolution could be improved by using a 
larger condenser aperture, which does not give 
coherent illumination. There was much controversy 
about the merits of Kéhler versus critical illumination, 
and different sizes of condenser aperture. 

We now know that Kohler and critical illumination 
are in principle equivalent. The aberrations of the 
condenser lens are not important, so that the source 
and condenser together behave simply as a partially 
coherent effective source. Imaging can still be 
described by Fourier optics within the framework of 
partially coherent imaging theory. 

Although Kohler and critical illumination are 
equivalent in principle, Kohler illumination is in 
practice better because of its improved illumination 
uniformity. 


Depth of focus 

The longitudinal image of a point object is found to 
be approximately invariant when expressed in terms 
of an optical coordinate u, defined as 


u= oT en sin’ 5 [4] 


The axial resolution, and thus also the depth of focus, 
varies strongly with aperture. The FWHM for 
longitudinal imaging is 11.13 in optical coordinates. 


Microscope objectives 

Because microscope objectives often have large 
apertures, aberrations will be very strong, unless the 
objective is designed correctly. The basic design 


principle for a high aperture lens is the aplanatic 
front element (Figure 3). It is found that all rays from 
a point A ina sphere of refractive index n, where A is 
a distance r/n from its center, appear to come from a 
point B, distance rn, without any aberration. This 
principle is used by employing a front element that 
has one surface of the same radius of curvature as the 
sphere. The front surface is a sphere centered on A 
(Figure 3b), so that the rays are not deviated on 
crossing it. 

A low-power achromat uses just two components 
with different optical dispersion to cancel chromatic 
aberration and correct for other aberrations (an 
achromatic doublet). For higher powers, two separ- 
ated doublets are necessary. For the highest apertures, 
an aplanatic front is used. However, this can never 
converge the light, but only makes it less divergent. It 
is thus used together with an achromatic doublet. For 
oil immersion, the interface between the oil and the 
front element is not very important, so it is made 
planar to simplify manufacture. In practice, it is 








(b) 


Figure 3 The principle of the aplanatic front: (a) an aplanatic 
surface; (b) a meniscus lens that acts as an aplanatic system. 
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usually made planar even for a dry lens, and the 
resulting aberrations cancelled out elsewhere in the 
objective. Apochromats, corrected for three colors, 
use more elements, which may include two or more 
stages of aplanatic front. The final objective thus 
consists of a number of elements that must be 
accurately aligned relative to one another. The 
objective is adjusted by the manufacturer to give a 
good star image (image of a point object). First a 
spacer is selected to optimize spherical aberration. 
Then a sleeve is adjusted to make the objective 
parfocal with others. Finally a screw is used to center 
the assembly to remove coma. 


Conventional and Scanning Microscopes 


Conventional microscope 

Various different types of transmission microscope 
are illustrated in Figure 4. We consider image 
formation in a conventional microscope as illustrated 
schematically in Figure 4a, showing a microscope 
with critical illumination. A large area incoherent 
source is focused by the condenser lens on to the 
specimen, illuminating a comparatively large area of 
the specimen, corresponding to the whole field of 
view of the objective. Information from each illumi- 
nated point in the specimen is simultaneously 
transmitted by the objective lens to form the primary 
image. The objective is responsible for forming the 
image, with the condenser playing only a secondary 
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role in determining the resolution of the system, 
through control of the coherence of the illumination. 
Figure 4b shows a conventional microscope in which 
the image is measured point by point by a detector. 
In practice this could be achieved by using a CCD 
detector. 


Scanning microscope 

An image can be generated by a scanning system, as 
illustrated in Figure 4c. A probe of light is formed by 
demagnification of a source, and is scanned over the 
object in a raster. The transmitted (or reflected) light 
is detected by a photodetector and thus builds up an 
image. The size of the probe of light limits the 
resolution of the system, that is, the smallest detail in 
the object that can be seen in the image. It should be 
noted that the magnification of the image is given 
simply by the ratio of the distance scanned in the 
image to the distance scanned by the probe. It is thus 
unrelated to the demagnification of the source. The 
image magnification can be altered without changing 
the lens and is not in any way related to the 
resolution. 

It has been shown that the imaging properties of 
scanning and conventional microscopes are identical 
under analogous conditions, this being known as the 
principle of equivalence. This property is based on the 
principle of reciprocity, which is a very general 
physical law that holds even with diffraction, 
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Figure 4 Different geometries of transmission microscope: (a) a conventional microscope; (b) a conventional microscope with a point 


detector; (c) a scanning microscope; (d) a confocal microscope. 
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absorption, multiple scattering, and stray light. The 
principle of equivalence is generally valid except if 
there are nonreciprocal magnetic or polarization 
effects, or energy losses involved (such as in fluor- 
escence microscopy, and with inelastic scattering in 
electron microscopy). 

Scanning systems exhibit a number of important 
advantages over conventional systems. Broadly, these 
are based on two classes of property. First, in a 
scanning system the image is in the form of an 
electronic signal. As a result, this is advantageous 
for quantitative measurements, as well as for 
image processing, including image enhancement, 
image restoration, and image analysis. Second, in a 
scanning system the object is illuminated by a focused 
spot, which extends the range of imaging modes 
available. 


Confocal microscope 

Finally in Figure 4d, we combine the arrangements of 
Figures 4b and c to give a confocal scanning optical 
microscope, in which a point source illuminates just a 
small region of the object, and a confocal point 
detector detects light from this illuminated region. If 
the point source and detector are scanned in unison, a 
two-dimensional image is generated. However, this 
system now behaves very differently from the 
previous ones. The confocal microscope is thus not 
a special case of the general partially coherent 
conventional imaging system. From the symmetry of 
Figure 4d, it is clear that the two lenses play an equal 
part in the imaging process. This results in an 
improvement in resolution. In fact, the confocal 
system behaves as a coherent imaging system, but 
with a sharper effective point spread function than in 
a conventional coherent microscope. 

Although Figure 4 is drawn for the transmission 
geometry, in practice most confocal systems operate 
in the reflection or epi-illumination mode, in which 
the same objective lens is used both for illumination 
and detection. For a specimen placed in the focal 
plane, the properties of confocal transmission and 
reflection systems are identical. However, once the 
object is moved from the focal plane, certain 
differences arise: in particular in confocal reflection 
a strong optical sectioning effect occurs that allows a 
single section through a thick object to be imaged. 
This is the major advantage of the confocal micro- 
scope arrangement. Figure 4 also applies equally well 
to fluorescence imaging. However, in this case, 
because of the incoherent nature of fluorescence 
emissions after excitation by coherent light, imaging 
is then incoherent. 

Confocal microscopes can be achieved by using 
either a point detector, in practice performed by 


placing a pinhole in front of a photodetector, or by 
using a coherent detector. Such a coherent detector, 
sensitive to the amplitude of the incident radiation, is 
not directly available for light, but is available for 
acoustic radiation, as in a scanning acoustic micro- 
scope. For light, a confocal effect can also be achieved 
by using an interferometric method to synthesize a 
coherent detector. Thus, in interference microscopes 
using the high aperture condenser and objective 
lenses, an optical sectioning effect arises similar to 
that in the confocal microscope. Another way of 
producing a coherent detector is to use a single-mode 
optical fiber. 


Probe Microscopes 


Scanning tunneling microscope 

The scanning tunneling microscope was the first of the 
family of probe microscopes, relying on a fundamen- 
tally different principle from the usual forms of 
microscope. A physical tip in the nanometer range is 
brought close, also in the nanometer range, to a 
conducting sample. If an electric potential is applied, 
electrons can tunnel across between the sample and the 
tip. By scanning the tip mechanically across the 
sample, an image can be generated with a resolution 
in the subnanometer range. The surface topography 
can also be measured with subnanometer sensitivity. 
While interference microscopy can measure surface 
topography with subnanometer sensitivity, in this case 
the profile is averaged over the lateral resolution of 
the microscope, of the order of the wavelength in 
dimensions. The scanning tunneling microscope can 
image individual atoms. The signal is related to the 
work function of the material. Altering the bias 
voltage allows the band structure of the material to 
be investigated. 


Atomic force microscope 

In the atomic force microscope, the force between the 
surface and the tip is measured using a cantilever beam 
and used to build up an image. Atomic force 
microscopy can be performed in either a contact or 
noncontact mode. It can be used with insulating 
specimens. Optical methods, often using a position- 
sensitive detector, are used to measure displacements 
of the cantilever. 


Near-field scanning optical microscope (NSOM) 

In a near-field scanning optical microscope, a very 
small tip or aperture is scanned relative to the 
specimen to attain resolution greater than the 
classical limit set by the wavelength of the radiation. 
As Figure 5 shows, various different designs of near- 
field microscope have been proposed. It is evident that 
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Figure 5 Different forms of near-field microscope: (a) illumina- 
tion-mode NSOM; (b) collection-mode NSOM; (c) a near-field 
probe used for both illumination and collection in a confocal 
arrangement; (d) photon tunneling microscope (PTM). Repro- 
duced with permission from Sheppard CJR (1978) The scanning 
optical microscope. The Physics Teacher 16: 648-651. © 1978 
American Association of Physics Teachers. 


these again form into the conventional/scanning 
categories described earlier. The sample can be 
illuminated using the near-field probe, as in 
Figure 5a. This is called the illumination-mode 
NSOM. Or the sample can be uniformly illuminated, 
and a signal detected using a near-field probe as in 
Figure Sb, giving a collection-mode NSOM. Or a 
confocal arrangement can be used, with a near-field 
probe used for both illumination and collection (c). In 
this case, an uncoated tip can be used; as otherwise 
the detected signal will be very small. Finally, 
Figure 5d shows the photon tunneling microscope 
(PTM), in which the sample is illuminated with 
evanescent waves produced by total internal reflec- 
tion and an uncoated tip used to probe the evanescent 
field in the presence of the sample. 


Different Types of Radiation 
Electromagnetic Radiation 


UV radiation and X-rays 

The first microscopes used visible light, but, in fact, 
we do not need to use visible light, but can use any 
electromagnetic radiation, over a broad range of 
different available wavelengths. In Figure 6 we show 
the wavelength of the electromagnetic spectrum, 
illustrating how the wavelength in air varies with 
frequency. Instead of using visible light, shorter 
wavelengths allow greater resolution to be achieved. 
Ultra-violet light is commonly used to excite fluor- 
escence. X-rays have also successfully been used to 
image biological samples. 


IR and microwave radiation 

In the longer wavelength region, infra-red radiation is 
used for observation of semiconductors or for 
molecular spectroscopic imaging. Imaging of emitted 
midinfra-red radiation can show up variations in 
temperature, such as hot spots in semiconductors. 
Microwaves have also been used, but resolution is 
limited by the long wavelength. For this reason 
microwaves (and mid-IR) have also been used for 
near-field microscopy. 


Other Radiation 


Electron microscope 

The other important class of radiation that can be 
used for illumination is matter waves. The most 
common of these, of course, is electrons, the 
wavelength of which, as a function of acceleration 
voltage, is shown in Figure 7. The bend in the curve at 
very high voltages is caused by relativistic effects. The 
wavelength of the electrons is very small: even for 
100 V electrons, the wavelength is only 0.1 nm. But 
aberrations caused by the electron lenses limit 
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Figure 6 The wavelength of different forms of electromagnetic 
radiation and acoustic radiation. Reproduced with permission from 
Sheppard CJR (2002) The generalized microscope. In: Diaspro 
A (ed.) Confocal and Two-Photon Microscopy: Foundations, 
Applications and Advances, pp. 1—18. New York: Wiley-Liss. 
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Figure 7 The wavelength of matter waves (electrons and 
protons) as a function of accelerating voltage. Reproduced with 
permission from Sheppard CJR (2002) The generalized micro- 
scope. In: Diaspro A (ed.) Confocal and Two-Photon Microscopy: 
Foundations, Applications and Advances, pp. 1-18. New York: 
Wiley-Liss. 
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resolution so that at present atomic resolution is only 
just achievable, even with much higher voltages. 

In a transmission electron microscope (TEM), a 
beam of electrons is produced by an electron gun. The 
specimen is illuminated via a condenser lens (or 
lenses). Usually these are magnetic lenses in which a 
current ina coil produces a magnetic field that focuses 
the electrons. The electrons that are transmitted 
through the specimen are then focused by a series of 
lenses to form a final image that can be viewed 
directly on a phosphor screen. An X-ray detector can 
be used to characterize the elements in the specimen. 
An electron-energy-loss spectrometer, together with a 
detector, can measure the energy of the electrons in a 
particular region of the image. 


Other matter radiation 

Instead of electrons, other particle beams can be used 
for illumination. Figure 7 shows the wavelength of a 
beam of protons, as function of the accelerating 
voltage. Because of the larger mass of protons, 
relativistic effects are not apparent for protons in 
the curve in Figure 7. Microscope images have also 
been formed using ions, and even neutral particles 
such as neutrons. Neutral atom microscopes are also 
under development. 


Acoustic radiation 

Instead of electromagnetic waves, acoustic radiation 
can be used to form a scanning acoustic microscope 
(SAM). Ultrasonic waves are focused into a water 
immersion medium. Mechanical scanning is again 
used to build up an image. Figure 6 shows the 
wavelength of the acoustic wave as a function of 
frequency. By using microwave frequencies, wave- 
lengths, and therefore resolution, in the submicron 
range, can be generated. The SAM acts as a confocal 
microscope because the detector is sensitive to the 
amplitude of the acoustic wave. The acoustic micro- 
scope provides information on variations in the elastic 
properties (viscosity and elasticity) of the sample. 


Different Contrast Mechanisms 


The bright field microscope detects the intensity of the 
light transmitted through the object. A microscope 
with a condenser aperture of appreciable size behaves 
as a partially coherent system, and the image will, in 
general, depend on the phase of the light coming from 
the object as well as its intensity. Many objects are 
weakly scattering, so the contrast of this phase 
information is weak. In this case, the microscope 
effectively images variations in the transmittance or 
reflectance of the sample. Different designs of 
microscope can be used to image various properties 


of the object, thus providing new and complementary 
information. Phase contrast microscopy provides but 
one example of a different contrast mechanism. In 
fact, in general, any physical or chemical interaction 
of the illuminating radiation with the sample can 
be used as the basis for a contrast mechanism. 
These different contrast mechanisms can be per- 
formed in either a conventional or scanning arrange- 
ment, or in a confocal system. 


Phase Contrast Microscopy 


Phase contrast is a widely used technique in both 
biological microscopy (in transmission) and materials 
microscopy (in reflection). Its importance in biologi- 
cal microscopy stems, firstly, from the fact that 
contrast may otherwise be too weak to be visible, 
but secondly because the phase variations are caused 
by changes in optical thickness, related to physical 
density. In reflection microscopy, phase is related to 
surface height variations, but also depends on the 
optical material properties of the sample. 


Polarization Microscopy 


The polarization state of light transmitted through or 
reflected from a sample can also be changed. This 
change is detected in polarization microscopy, for 
example by placing the sample between crossed 
polarizers. The birefringence detected can be either 
material birefringence, or form birefringence (caused 
by the shape of the microstructure). Polarization 
microscopy is widely used in biological microscopy, 
and in mineralogy. 


Fluorescence Microscopy 


In fluorescence microscopy, electrons excited by 
illumination decay to the ground state and emit 
photons of light. Autofluorescence is natural fluor- 
escence of the sample. Fluorescent dyes can be used as 
labels for particular biological or chemical constitu- 
ents. Fluorescence microscopy is usually performed in 
the epi-illumination geometry to assist rejection of 
light from the source. Often it is performed in a 
confocal microscope, allowing 3D localization of the 
fluorescent labels. 


Raman Microscopy 


Raman spectroscopy can be performed on a micro- 
scopic scale to produce images of presence of 
particular molecular bonds. It is usually performed 
in a scanning system, often of the confocal type. 

This is one example of the wider class of spectro- 
scopic microscopies: in principle, any form of 
spectroscopy can be used as the basis for a microscope 
contrast mode. 
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Nonlinear Microscopy 


Another class of contrast mechanisms is based on 
nonlinear optical interactions. Again, any nonlinear 
mechanism can be used as the basis for a contrast 
mechanism. These include two- (or multiphoton) 
fluorescence, second- (or higher-order) harmonic 
generation, sum or difference frequency generation, 
and coherent anti-Stokes Raman scattering (CARS). 
Probably other nonlinear optical mechanisms will be 
exploited in microscopy in the future. 


Other Contrast Mechanisms 


The contrast mechanisms described above, all rely on 
illumination and detection of light. But in many other 
modes, radiation of one form can be converted 
into another. These include cathodoluminescence 
microscopy (electrons to light), X-ray microanalysis 
(electrons to X-rays), photo-emission microscopy 
(light, usually UV, to electrons), photo-acoustic 
microscopy (light to ultrasonics), photothermal 
microscopy (light to thermal waves), optical or 
electron beam induced current (OBIC/EBIC). Again, 
in many of these, the illuminating or emitted 
radiation can be focused, or a combination can be 
used in a confocal arrangement. 


See also 
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Introduction 


It is probably fair to say that the development and 
wide commercial availability of the confocal micro- 
scope has been one of the most significant advances in 
light microscopy in the recent past. The main reason 
for the popularity of these instruments derives from 
their ability to permit the structure of thick specimens 
of biological tissue to be investigated in three 
dimensions. It achieves this important goal by 
resorting to a scanning approach together with a 
novel (confocal) optical system. 


Microscopy; Nonlinear Microscopy; Phase Contrast 
Microscopy. 
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The traditional wide-field conventional microscope 
is a parallel processing system which images the entire 
object field simultaneously, which is a severe require- 
ment for the optical components. We can relax this 
requirement if we no longer try to image the whole 
object at once. The limit of this relaxation is to 
require a good image of only one object point at a 
time. The price that we have to pay is that we must 
scan in order to build up an image of the entire field. 

A typical arrangement of a scanning confocal 
optical microscope is shown in Figure 1 where the 
system is built around a host conventional microscope. 
The essential components are some form of mechan- 
ism for scanning the light beam (usually from a laser) 
relative to the specimen and appropriate photodetec- 
tors to collect the reflected or transmitted light. 
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Figure 1 Schematic diagram of a confocal microscope. 


Most of the early systems were analog in nature, but it 
is now universal, due to the serial nature of the image 
formation, to use a computer both to drive the micro- 
scope and to collect, process, and display the image. 

In the beam scanning confocal configuration of 
Figure 1, the scanning is typically achieved by using 
vibrating galvanometer-type mirrors or acousto-optic 
beam deflectors. The use of the latter gives the 
possibility of TV-rate scanning, whereas vibrating 
mirrors are often relatively slow when imaging 
an extended region of the specimen, although 
significantly higher scanning speeds are achievable 
over smaller scan regions. We should note that other 
approaches to scanning may be implemented, such 
as specimen-scanning and lens-scanning. These 
methods, although not generally available commer- 
cially, do have advantages in certain specialized 
applications. Since this article is necessarily limited 
in length much additional material may be found in 
other sources listed in the Further Reading at the end 
of this article. 


Image Formation in Scanning 
Microscopes 


We will not discuss the fine detail of the optical 
properties of confocal systems. However, the essence 


is shown in Figure 1 where we see that the confocal 
optical system consists simply of a point source of 
light which is then used to probe a single point on 
the specimen. The strength of the reflected or 
fluorescence radiation from the single object point 
is then measured via a point, pinhole detector. 
The confocal - point source and point detector — 
optical system therefore merely produces an ‘image’ 
of a single object point and hence some form of 
scanning is necessary to produce an image of an 
extended region of the specimen. However, the use of 
single-point illumination and single-point detection 
results in novel imaging capabilities which offer 
significant advantages over those possessed by con- 
ventional wide-field optical microscopes. In essence, 
these are enhanced lateral resolution and, perhaps 
more importantly, result in a unique depth discrimi- 
nation or optical sectioning property. It is this latter 
property which leads to the ability to obtain three- 
dimensional images of volume specimens. 

The improvement in lateral resolution may at first 
seem implausible. However, it can be explained 
simply by the principle which states that resolution 
can be increased at the expense of field of view, which 
can then be increased by scanning. One way of taking 
advantage of this principle is to place a very small 
aperture extremely close to the object. The resolution 
is now determined by the size of the aperture rather 
than the radiation. In the confocal microscope we do 
not use a physical aperture in the focal plane but 
rather use the back-projected image of a point 
detector in conjunction with the focused point source. 
Figure 2 indicates the improvement in lateral resolu- 
tion that may be achieved. 

The confocal principle was introduced in an 
attempt to obtain an image of a slice within a thick 
specimen which was free from the distracting 
presence of out-of-focus information from surround- 
ing planes. The confocal optical systems fulfills this 
requirement and its inherent optical sectioning or 
depth discrimination property has become the major 
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Figure 2 The point spread functions of the conventional and 
confocal microscopes showing the improvement in lateral 
resolution which may be obtained in the confocal case. 


Of interest to proper rig alignment is to repeat the above 
using the output of the product detector. To maximize the 
effectiveness of the filtering, the receive offset frequency set 
by the BFO should be adjusted to the same frequency as the 
peak frequency response of the audio. In this example, with 
the peak audio response occuring at 750Hz, if your BFO is 
set for a sidetone frequency of 700 Hz, you are loosing 2-3 
dB, since this is in your filter skirt. This is shown on the 
response plot in Fig. 15 by the dashed lines. By adjusting 
your BFO for a sidetone frequency of 750 Hz, you will pick 
up 3-4dB of overall gain in your receiver, plus increase the 
selectivity a bit as well. Why? Because nearby stations, such 
as one at 800—900Hz tone, could actually be louder than the 
700Hz tone signal you are trying to copy, since the gain of 
the receiver is greater at those tones than at 700Hz, as shown 
in the plot. 


Opposite Sideband Rejection 

A superhet receiver is supposed to pass just one sideband 
and reject the other. Poor opposite sideband rejection could 
indicate the crystals in your IF filter are not well matched or 
other problems. It is measured almost identical to plotting 
the filter response just described. First, you tune the receiver 
to the test signal to find the peak response frequency, or 
750Hz inthis example. Set the scope display for2Vpp. Now 
tune downward in audio pitch, passing zero-beat, and 
continue tuning and you should hear the test signal, much 
weaker, now rising again in tone. This is the opposite 
sideband. Measure the peak-to-peak voltage, if you can. For 
example, say it is 80mVpp, as shown in Fig. 16. Calculate 
the opposite sideband rejection by: 


rejection = 20log oe = Rt 
UV m 





= —28dB 


If you can’t hear the opposite sideband, then obviously you 
have excellent filter rejection. If you can just barely hear it, 
you may have to increase the sensitivity of your scope (set 
vertical gain to 20 or 50 mV/div). In this example, —28dB 
rejection of the opposite sideband is quite good. A —30dB 
rejection means the opposite sideband is only 1/1000th of the 
desired sideband, a very suitable attenuation of the opposite 
sideband. 


These tests are important to perform on your rig for documenting it’s current performance, and repeated periodically to detect 
unfavorable changes or for troubleshooting when a problem is evident. For homebrewing, these tests can allow you to evaluate 
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Fig. 15 — Plotting Audio Response 
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Fig. 16 
Calculating Opposite Sideband Rejection 
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different circuits or when experimenting with different components or part values. 


Oscillator Phase Noise 


When homebrewing a basic oscillator circuit, such as a VFO, looking at the oscillator output on a scope can reveal several 
problems. One is to check for excessive phase noise. Phase noise is small variations of the oscillator frequency that causes power 


in the close-in sidebands, usually measured on laboratory equipment within 100KHz, or even within 10 KHz. 


To check for oscillator phase noise, connect the oscilloscope to the oscillator output, loading the output of the oscillator as little 
possible. Most scopes have sufficiently high input impedances where this shouldn’t be a problem, but some cheaper scopes can 
load an oscillator circuit. If you suspect your scope is loading the oscillator, couple the scope to the circuit with a small value 


capacitor, less than 20pF. 








MICROSCOPY / Confocal Microscopy 71 





Beamsplitter 





Ef 


f 


Detector 







Figure 3 The origin of the optical sectioning or depth discrimination property of the confocal optical system. 


motivation for using confocal microscopes, and is the 
basis of many of the novel imaging modes of these 
instruments. The origin of the depth discrimination 
property may be understood easily from Figure 3, 
where we show a reflection-mode confocal micro- 
scope and consider the imaging of a specimen with an 
undulating surface. The full lines show the optical 
path when an object feature lies in the focal plane of 
the lens. At a later scan position, the object surface is 
supposed to be located in the plane of the vertical 
dashed line. In this case, simple ray tracing shows that 
the light reflected back to the detector pinhole arrives 
as a defocused blur, only the central portion of which 
is detected and contributes to the image. In this way 
the system discriminates against features which do 
not lie within the focal region of the lens. A very 
simple method of both demonstrating the effect and 
giving a measure of its strength is to scan a perfect 
reflector axially through focus and measure the 
detected signal strength. Figure 4 shows a typical 
response. These responses are frequently termed the 
V(z), by analogy with a similar technique in scanning 
acoustic microscopy. A simple paraxial theory models 
this response as 


a= on) ] iy 


where uw is a normalized axial coordinate which is 
related to real axial distance, z, via 


“= oT ng sin? (a/2) [2] 


where A is the wavelength and x sin a the numerical 
aperture. As a measure of the strength of the 
sectioning, we can choose the full width at half 
intensity of the I(w) curves. Figure 5 shows this value 
as a function of numerical aperture for the specific 
case of imaging with red light from a helium neon 
laser. These curves were obtained using a high 
aperture theory which is more reliable than eqn [1] 


1.9 





0.8 


0.6 


0.4 


Confocal signal 


0.2 





0.0 n I 1 
-3 -2 -1 0 1 2 3 


Axial position, um 


Figure 4 The variation in detected signal as a plane reflector 
is scanned axially through focus. The measurement was 
taken with a 1.3 numerical aperture objective and 633nm 
radiation. 
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Figure 5 The optical sectioning width as a function of numerical 
aperture. The curves are for red light (0.6328 4m wavelength). 
Az is the full width at the half-intensity points of the curves of /(u) 
against u. 
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at the highest values of numerical aperture. We note, 
of course, that these numerical values refer to 
nonfluorescence imaging. The qualitative explanation 
of optical sectioning, of course, carries over to 
the fluorescence case but the actual value of 
the optical sectioning strength is different in the 
fluorescence case. 


Applications of Depth Discrimination 


Since this property is one of the major reasons for the 
popularity of confocal microscopes, it is worthwhile, 
at this point, to review briefly some of the novel 
imaging techniques which have become available 
with confocal microscopy. 

Figure 6 illustrates the essential effect: Figure 6a 
shows a conventional image of a planar microcircuit 
which has deliberately been mounted with its normal 
at an angle to the optic axis. We see that only one 
portion of the circuit, running diagonally, is in focus. 
Figure 6b shows the corresponding confocal image: 
here the discrimination against detail outside the 
focal plane is clear. The areas which were out of focus 
in Figure 6a have been rejected. Furthermore, the 
confocal image appears to be in focus throughout the 
visible band, which illustrates that the sectioning 
property is stronger than the depth of focus. 

This suggests that if we try to image a thick 
translucent specimen, we can arrange, by the choice 
of our focal position, to image detail exclusively from 
one specific region. In essence, we can section the 
specimen optically without having to resort to 
mechanical means. Figure 7 shows an idealized 
schematic of the process. The portion of the 
beehive-shaped object that we see is determined by 
the focus position. In this way it is possible to take a 
through-focus series and obtain data about the three- 
dimensional structure of the specimen. If we represent 
the volume image by I(x, y,z), then by focusing at a 





Figure 6 


position z=z,, we obtain, ideally, the image 
I(x, y, Z,). This, of course, is not strictly true in prac- 
tice because the optical section is not infinitely thin. 

It is clear that the confocal microscope allows us to 
form high-resolution images with a depth of focus 
sufficiently small that all the detail which is imaged 
appears in focus. This suggests immediately that we 
can extend the depth of focus of the microscope by 
adding together (integrating) the images taken at 
different focal settings without sacrificing the lateral 
resolution. Mathematically, this extended-focus 
image is given by 


Tep(o y) = | 1c. y,2)dz [3] 


As an alternative to the extended-focus method, we 
can form an auto-focus image by scanning the object 
axially and, instead of integrating, selecting the focus 
at each picture point by recording the maximum in 
the detected signal. Mathematically, this might be 
written as 

Typ, y) = IX, Ys max) [4] 
where Zax Corresponds to the focus setting giving the 
maximum signal. The images obtained are somewhat 
similar to the extended focus and, again, substantial 
increases in depth of focus may be obtained. We can 
go one step further and turn the microscope into a 
noncontacting surface profilometer. Here we simply 
display Zmax: 

It is clear by now that the confocal method gives usa 
convenient tool for studying three-dimensional struc- 
tures in general. We essentially record the image as a 
series of slices and play it back in any desired fashion. 
Naturally, in practice it is not as simple as this, but we 
can, for example, display the data as an x — z image 
rather than an x — y image. This is somewhat similar 
to viewing the specimen from the side. As another 





(b) 


(a) Conventional scanning microscope image of a tilted microcircuit: the parts of the object outside the focal plane appear 


blurred. (b) Confocal image of the same microcircuit: only the part of the specimen within the focal region is imaged strongly. 
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Figure 7 An idealization of the optical sectioning property 
showing the ability to obtain a through-focus series of images, 
which may then be used to reconstruct the original volume object 
at high resolution. 


example, we might choose to recombine the data as 
stereo pairs by introducing a slight lateral offset to 
each image slice as we add them up. If we do this twice, 
with an offset to the left in one case and the right 
in another, we obtain, very simply, stereo pairs. 
Mathematically, we form images of the form: 


g 


[1 + yz, y, z)dz 


where y is a constant. In practice it may not be 
necessary to introduce offsets in both directions to 
obtain an adequate stereo view. 

Our discussion so far on these techniques has been 
by way of a simplified introduction. In particular, we 
have not presented any fluorescence images. The key 
point is that, in both brightfield and fluorescence 
modes, the confocal principle permits the imaging 
of specimens in three dimensions. The situation is, of 
course, more involved than we have implied. 
A thorough knowledge of the image formation 
process, together with the effects of lens aberrations 
and absorption, is necessary before accurate data 
manipulation can take place. 

In conclusion to this section it is important to 
emphasize that the confocal microscope does not 
produce three-dimensional images. It essentially 
produces very high-quality two-dimensional images 
of a (thin) slice within a thick specimen. A three- 
dimensional rendering of the entire volume specimen 
may then be generated by suitably combining a 
number of these two-dimensional image slices from a 
through focus series of images. 


Fluorescence Microscopy 


We now turn our attention to confocal fluorescence 
microscopy, because this is the imaging mode which 
is usually employed in biological applications. 


Although we have introduced the confocal micro- 
scope in terms of bright-field imaging the comments 
we have made concerning the origin of the optical 
sectioning, etc., carry over directly to the fluorescence 
case although the numerical values describing the 
strength of the optical sectioning are, of course, 
different and we will return to this point later. 

If we assume that the fluorescence in the object 
destroys the coherence of the illuminating radiation 
and produces an incoherent fluorescent field 
proportional to the intensity of the incident radiation, 
I(v,u), then we may write the effective intensity point 
spread function, which describes image formation in 
the incoherent confocal fluorescence microscope, as 


lv, ol B a) [6] 
B B 

where the optical coordinates u and v are defined 

relative to the primary radiation and B = A,/A, is the 

ratio of the fluorescence to the primary wavelength. 

We note that v = (27/A)rn sin a, where r denotes the 

actual radial distance. 

This suggests that the imaging performance 
depends on the value of £. In order to illustrate this 
we show in Figure 8 the variation in detected signal 
strength as perfect fluorescent sheet scans through 
focus. This serves to characterize the strength of the 
optical sectioning in fluorescence microscopy in the 
same way that the mirror was used in the brightfield 
case. We note that the half-width of these curves is 
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Figure 8 The detected signal as thin fluorescent sheet is 
scanned axially through focus for a variety of fluorescent 
wavelengths. We note that if we measure the sectioning by the 
half width of these curves, the strength of the sectioning is 
essentially proportional to p. 
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essentially proportional to 6 and so for optimum 
sectioning the wavelength ratio should be as close to 
unity as possible. 

We have just discussed what we might call one- 
photon fluorescence microscopy in the sense that a 
fluorphore is excited by a single photon of a particular 
wavelength. It then returns to the ground state and 
emits a photon at the (slightly longer) fluorescence 
wavelength. It is this radiation which is detected via 
the confocal pinhole. Recently, however, much 
interest has centered on two-photon excitation 
fluorescence microscopy. This process relies on the 
simultaneous absorption of two, longer wavelength 
photons, following which a single fluorescence 
photon is emitted. The excitation wavelength is 
typically twice that used in the one-photon case. 
The beauty of the two-photon approach lies in 
the quadratic dependence of the fluorescence intensity 
on the intensity of the illumination. This leads to 
fluorescence emission which is always confined to the 
region of focus. In other words the system possesses 
an inherent optical sectioning property. Other 
benefits of two-photon fluorescence over the single 
photon case include the use of red or infra-red lasers 
to excite ultra-violet dyes, confinement of photo- 
bleaching to the focal region (the region of exci- 
tation), and the reduced effects of scattering and 
greater penetration. However, it should also be 
remembered that, compared with single photon 
excitation, the fluorescence yield of many fluorescent 
dyes under two-photon excitation is relatively low. 

In order to make a theoretical comparison between 
the one- and two-photon modalities, we shall assume 
that the emission wavelength A,,, is the same, 
irrespective of the mode of excitation. Since the 
wavelength required for single-photon excitation is 
generally shorter than the emission wavelength, we 
may write it as yA., where y < 1. Since two-photon 
excitation requires the simultaneous absorption of 
two photons of half the energy we will assume that 
the excitation wavelength may be written as 2yAem 
which has been shown to be a reasonable approxi- 
mation for many dyes. 

If we now introduce optical coordinates u and v, 
normalized in terms of A.m, We May now write the 
effective point spread functions in the one-photon 
confocal and two-photon case as 


Lip-conf = i oe lew. u) [7] 
yoy 
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respectively. We note that although a pinhole is not 
usually employed in two-photon microscopy it is 
possible to include one if necessary. In this confocal 
two-photon geometry the effective point spread 
function becomes 

vo ou 
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If we now look at eqns [7] and [8] in the y= 1 
limit, we find that 


lw. ws 9] 


Tip-cont = Pw, u) [10] 


and 


a(u u 

Ihp = I (5.5) [11] 
We now see that because of the longer excitation 
wavelength used in two-photon microscopy the 
effective point spread function is twice as large as 
that of the one-photon confocal in both the lateral 
and axial directions. The situation is somewhat 
improved in the confocal two-photon case but it is 
worth remembering that the advantages of two- 
photon excitation microscopy are accompanied by a 
reduction in optical performance as compared to the 
single-photon case. 

From the practical point of view it is worth noting 
that the two-photon approach has certain very 
important advantages over one-photon excitation, 
in terms of image contrast, when imaging through 
scattering media apart from the greater depth of 
penetration afforded by the longer wavelength 
excitation. In a single-photon confocal case it is 
quite possible that the desired fluorescence radiation 
from the focal plane may be scattered after generation 
in such a way that it is not detected through the 
confocal pinhole. Since the fluorescence is generated 
throughout the entire focal volume it is also possible 
that undesired fluorescence radiation, which was not 
generated within the focal region, may be scattered so 
as to be detected through the confocal pinhole. 
In either case this leads to a reduction in image 
contrast. The situation is, however, completely 
different in the two-photon case. Here the fluor- 
escence is generated only in the focal region and not 
throughout the focal volume. Furthermore since all 
the fluorescence is detected via a large area detector — 
no pinhole is involved — it is not so important if 
further scattering events take place. This leads to 
high-contrast images which are less sensitive to 
scattering. This is particularly important for speci- 
mens which are much more scattering at the 
fluorescence (A/2) wavelength than the excitation (A) 
wavelength. 
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The Use of Structured Illumination 
to Achieve Optical Sectioning 


An alternative approach to obtain optical sectioning 
is to use structured illumination in a conventional 
microscope. This approach is attractive since the 
conventional light microscope already possesses 
many desirable properties: real-time image capture, 
standard illumination, ease of alignment, etc. How- 
ever, it does not produce optically sectioned images 
in the sense usually understood in confocal 
microscopy. In order to see how this deficiency 
may be corrected via a simple modification of the 
illumination system let us begin by looking at the 
theory of image formation in a conventional 
fluorescence microscope and start by asking in 
what way the image changes as the microscope is 
defocused. We know that in a confocal microscope 
the image signal from all object features attenuates 
with defocus and that this does not happen in a 
conventional microscope. However, when we look 
closely at the image formation process we find that it 
is only the zero spatial frequency (constant) com- 
ponent which does not change with defocus 
(Figure 9); all other spatial frequencies actually do 
attenuate with defocus to a greater or lesser extent. 
Figure 10 illustrates this by showing the image of a 
single spatial frequency one-dimensional bar pattern 
object for increasing degrees of defocus. When the 
specimen is imaged in focus, a good image of the bar 
pattern is obtained. However with increasing defo- 
cus the image becomes progressively poorer and 
weaker until it eventually disappears leaving a 
uniform gray level. This observation is the basis of 
a simple way to perform optical sectioning in a 
conventional microscope. 

If we simply modify the illumination path of the 
microscope so as to project onto the object the 
image of a one-dimensional, single spatial frequency 
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Figure 9 The transfer function for a conventional fluorescence 
microscope for a number of values of defocus (measured in 
optical units). We notice that the response for all nonzero spatial 
frequencies decays with defocus. 


——,> 


Figure 10 The image of a one-dimensional single spatial 
frequency bar pattern for varying degrees of defocus. We note 
that for sufficiently large values of defocus the bar pattern is not 
imaged at all. 


Defocus 





fringe pattern, then the image we see through the 
microscope will consist of a sharp image of those 
parts of the object where the fringe pattern is in 
focus together with an out-of-focus blurred image 
of the rest of the object. In order to obtain an 
optically sectioned image it is necessary to remove 
the blurred out-of-focus portion as well as the fringe 
pattern from the in-focus optical section. There are 
many ways to do this — one of the simplest involves 
simple processing of three images taken at three 
different spatial positions of the fringe pattern. The 
out-of-focus regions remain fairly constant between 
these images and the relative spatial shift of the 
fringe pattern allows the three images to be 
combined in such a way as to remove the fringes. 
This permits us to retrieve both an optically 
sectioned image as well as a conventional image 
in real time. 

Since the approach involves processing three 
conventional microscope images, the image for- 
mation is fundamentally different from that of the 
confocal microscope. However, the depth discrimi- 
nation or optical sectioning strength is very similar 
and this approach, which requires very minimal 
modifications to the instrument, has been used to 
produce high-quality three-dimensional images of 
volume objects which are directly comparable to 
those obtained with confocal microscopes. A sche- 
matic of the optical arrangement is shown in 
Figure 11a, together with experimentally obtained 
axial responses in Figure 11b. It will be noted that 
these responses are substantially similar to those 
obtained in the true confocal case. As an example of 
the kind of images which can be obtained with this 
kind of microscope, we show in Figure 12 two images 
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Figure 11 (a) Shows the optical system of the structured 


illumination microscope together with experimentally obtained 
axial responses in (b) which confirm the optical sectioning ability of 
the instrument. 


of a spiracle of a head louse. The first is an auto-focus 
image of greatly extended depth of field constructed 
from a through-focus series of images. The second is a 
conventional image taken at mid-focus. The dramatic 
increase in depth of field is clear when compared with 
a mid-focus conventional image. We note that these 
images were taken using a standard microscope 
illuminator as light source. Indeed, the system is so 
light efficient that good-quality optical sections have 
been obtained or transistor specimens using simply a 
candle as light source! 

Imaging using fluorescence light is also possible 
using this technique. However, an alternative 
approach that does not require a physical grid is 
possible if a laser is used as the light source. In this 





(b) 





Figure 12 Two images of the region around the spiracle of a 
head louse. As in the previous figure, (a) is an autofocus image 
and (b) shows a mid-focus conventional image. The scale bar 
depicts a length of 10 ym. 


system the laser illumination is split into two beams 
which are allowed to interfere at an angle in the 
fluorescent specimen. This has the effect of directly 
‘writing’ a one-dimensional fringe pattern in the 
specimen. Spatial shift of the fringe pattern is 
achieved by varying the phase of one of the interfering 
beams. As before, three images are taken from which 
both the optically sectioned image and conventional 
image may be obtained. The beauty of this approach 
is that no imaging optics are required at the 
illuminating wavelength and system. 


Summary 


We have discussed the origin of the optical sectioning 
property in the confocal microscope in order to 
introduce the range of imaging modes which this 
unique form of microscope leads to. A range of 
optical architectures have also been described. By far 
the most universal is that shown in Figure 1 where a 
confocal module is integrated around a conventional 
optical microscope. Other, more recent, real-time 
implementations have also been described. A number 
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of practical aspects of confocal microscopy have not 
been discussed. This is because they are readily 
available elsewhere, such as advice on the correct 
choice of detector pinhole size or because they are 
still the focus of active research, such as 
the development of new contrast mechanisms for 
achieving enhanced three-dimensional resolution 
such as the stimulated emission depletion method, 
STED or 4-Pi which are still under development but 
offer great promise. 


See also 


Microscopy: Imaging Multiple Photon Fluorescence 
Microscopy; Overview. 
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Introduction 


The field of light microscopy started with Ernst 
Abbe’s introduction of the diffraction-limited objec- 
tive lens in the late nineteenth century. Over the last 
60 years, new imaging modalities, such as video, 
fluorescence, confocal, near field, and more recently 
multi-photon microscopy, have enabled the experi- 
mentalist to observe a plethora of new phenomena 
in the biological and physical sciences. Of these 
techniques, multi-photon microscopy has emerged 
not only as a valuable imaging technique but it also 
forms the technology base for emerging fields of 
optical memory and microfabrication. 

The history of multi-photon microscopy (MPM) 
began with Goppert-Mayer’s theoretical prediction of 
two-photon excitation in 1931. Although the theo- 
retical groundwork was established, it took another 
30 years for this process to be experimentally rea- 
lized when Kaiser and Garrett observed two-photon 
absorption fluorescence emission from CaF :Eu‘?. 


Soon after this observation was made, Singh and 
Bradley witnessed higher-order multi-photon 
processes in 1964. 

Historically, three-dimensional imaging was first 
achieved using confocal microscopy. In contrast to 
MPM, photo-interaction and fluorescence emission 
occurs throughout the excitation light path in 
confocal microscopy. Confocal microscopy selects 
the signal from the focal plane by the use of a 
conjugated pinhole aperture. In order to construct 3D 
images, successive planes must be imaged. As a result, 
the entire sample volume is exposed to the excitation 
light multiple times, and inevitably, photobleaching 
and photodamage occurs throughout the imaging 
volume. Furthermore, the pinhole aperture in the 
emission path causes additional signal reduction in 
optically thick specimens where the emission photon 
is scattered. Consequently, the utility of confocal 
microscopy is limited for imaging living biological 
specimens. The introduction of multi-photon 
microscopy, by Denk and Webb in 1990, 
addressed many of these limitations. By combining 
the methodology of multi-photon excitation with 
scanning microscopy, MPM offered advantages such 
as 3-D localized, femtoliter excitation volumes, 
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reduced scattering and absorption of the infrared 
excitation light by the specimen, and a large 
separation between the excitation and emission 
wavelengths. MPM can produce excellent three- 
dimensional images with increased signal to noise 
ratios. 


Theoretical Basis of Multi-Photon 
Microscopy 


Multi-photon Excitation Selection Rules 


Unlike direct ground state to excited state one-photon 
transitions, multi-photon transitions depend on the 
presence of virtual electronic intermediate states to 
reach an excited state (see Figure 1). 

Using perturbative expansion, the probability of 
excitation for one-photon transitions is described by 
the first-order solution, and multi-photon transitions 
can be determined by including the higher order 
solutions. The interaction of an electric field vector E, 
with a molecule’s dipole, 7, is described by the 
respective one-photon and two-photon transition 
probabilities: 


Papp ~ (WIE, 7; 
. “, 2 [1] 
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where V;,V,,,, and Vy are the initial, intermediate, 
and final transition states, E, is the electric field 
associated with the excitation light, s, is the energy 
difference between the ground state and excited 
states, &,,; is the energy difference between the 
intermediate state m and the ground state, i, and the 
summation is over all possible intermediate states 71. 
Although electronic transitions, that result from the 
interaction of a strong electric field with a molecular 
dipole, are affected by vibrational mode overlap 
(Franck Condon factors) and anharmonic perturba- 
tive effects, the presence of intermediate transition 
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Figure 1 


states creates a set of general selection rules for 
multi-photon absorption processes. 

Molecular states have eigenfunctions with a 
defined parity: ‘gerade’ describing even or symmetric 
states (no change in the sign of the wavefunction 
when the sign changes in the spatial coordinates) and 
‘ungerade’ describing odd or antisymmetric states 
(the sign of the wavefunction changes when the sign 
changes in the spatial coordinates). Selection rules 
arise from the physics inherent in these even and odd 
eigenfunctions and the odd dipole operator that 
couples transitions between ground and excited 
states. In one-photon excitation, transitions are 
allowed for ground state and excited state transitions 
of opposite parity. In contrast, two-photon excitation 
occurs between ground and excited states with the 
same parity, by coupling through intermediate states 
with opposite parity. In general, ground and excited 
states with the same parity have a high excitation 
probability for an even number of photons; ground 
and excited states with different parity have a high 
transition probability for excitations involving an 
odd number of photons. 

In the absence of major vibrational pertur- 
bations, inductive effects, or solvent relaxation, 
the probability of the transition depends on the 
magnitude of the integral overlap between the 
ground, intermediate, and excited states. As a 
result, molecule absorption cross-sections for one- 
photon, two-photon, three-photon, or multi-photon 
excitation processes can be estimated. Choosing 
fluorophores with higher multi-photon cross-sec- 
tions allows more efficient excitation with lower 
excitation intensity. Finally, it should be noted that 
while the absorption cross-sections for one-, two-, 
and multi-photon excitation of a given fluoro- 
phores are different, the molecules rapidly relax to 
the same vibrational level in the excited electronic 
state. The excited state residence time (fluorescence 
lifetime), and the fluorescence decay processes 
depend only on the molecular structure and its 
microenvironment. Therefore, the fluorescence 
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Jablonski diagram of a fluorescent dye molecule in one-, two- and n-photon excitation mode. 
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quantum yield and emission spectra is independent 
of the initial excitation process. 


Enhanced Microscope Resolution Based on 
Multi-photon Excitation 


The number of photons that are absorbed in a multi- 
photon process is proportional to the fluorophore 
concentration, C(7,t), the molecule’s absorption 
cross-section, 0;,, which depends on n, the number 
of photons involved in the absorption process, and 
the intensity of the excitation source, such that 


Nops(t) = | dine. NCE, Do, [2] 


When estimating N,};(), the spatial and temporal 
intensity distribution of the excitation intensity are 
considered independently: 


Io(F, t) = SMI) [3] 


such that for an n-photon process, Ip(t) is the 
temporal dependence of the excitation intensity at 
the maxima of the spatial distribution and S(#) is the 
unitless spatial distribution of the excitation light. 
Combining eqns [2] and [3] gives 


Napg(#) = | d7S"PINE)CE, tho, [4] 


If it is assumed that fluorophore distribution is 
uniform and the system does not undergo photo- 
bleaching or ground-state depletion, C(7,f) can be 
considered a constant and the previous equation can 
be rewritten as 


Nopg(t) = Conl5(e) |  S"Gdi [5] 


By expanding the incident laser beam and overfilling 
the back aperture of the objective lens, the paraxial 
form of the normalized intensity point spread 
function (PSF, h?[u,v]) determines the properties for 
a diffraction-limited lens. The dimensionless radial 
distance, v, from the optic axis and the distance from 
the in-focus plane, u, are given by 
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where NA= sin @ (0 being the half-angle of 
collection for the lens and 1p is the index of refraction 
the medium) is the numerical aperture. Expressing the 
spatial distribution function with the optical units, v, 


u, and 6 gives the following equation: 
. 2 
S@) = [u,v] = 1 | Jove 12" @ aa [3] 


where J, is the zero-order Bessel function. If an 
oil immersion objective with a NA < 1.0 is used, 
the paraxial approximation accurately estimates 
the spatial distribution, and the integral of S(7) 
evaluates as 


Ny I> Nod? 
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where a, = [og 27 dv [™,, dulh(u,v)}*". Since this 
integral cannot be solved analytically, the values of a,, 
are determined using numerical integrations of 
h?(u, v) over all space. As a result, the volume integral 
of the spatial distribution is always proportional to 
NA“ and therefore independent of the number of 
photons involved in the excitation process. For higher 
NA objectives, the paraxial form of the normalized 
intensity PSF may no longer be an adequate approxi- 
mation. The expression for temporal part of eqn [5] 
can be written as 


NA?2 
I(t) = (2 re 


where P(£) is the excitation power and A is the center 
wavelength of the pulsed excitation source. The 
temporal dependence can be described with the time 
average expression: 
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where T is an arbitrary time interval for continuous 
wave lasers and T = 1/f, for a pulsed laser with a 
repetition rate, f,. Since multi-photon microscopy 
uses pulsed laser systems, the integral in eqn [11] 
must be evaluated accordingly. For a pulsed laser with 
a pulse width, 7, repetition rate, f,, and averaged 
power, Po, the pulse profile can be approximated as 
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such that eqn [11] can be expressed as 
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and evaluated as 
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Assuming no stimulated emission and no self- 
quenching, the quantity of emitted photons collected 
per unit time, F(t), is 
1 

F(t) = a onN,p;(t) [16] 
where y and ¢ are the fluorescence quantum 
efficiency of the dye and collection efficiency of the 
system, respectively. Since n photons are needed for 
each individual excitation event, 1/n is a normaliza- 
tion factor for N,,, which describes the total number 
of photons absorbed. Rewriting this expression in 
terms of the average number of absorbed photons, 
(Naps(t)), gives the average fluorescence intensity: 


1 
(FO) = — dnlNau(0) [17] 
where (N,p<(¢)) is 
(Napy(2)) = CornAtite) | s"@dF [18 


such that the measured fluorescence intensity or time 
averaged photon flux is expressed as 


(Fo) = TanCo,l5(0) | Sd? 119) 
Since the time averaged fluorescence is proportional 
to (Ij(t)), eqns [9] and [15] can be substituted into 
eqn [19] to give a practical expression that relates 
average fluorescence to measurable laboratory quan- 
tities, such as Po, 1, fp, C, On, m, n, and b, NA, and 
associated numerical constants such that 
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As eqn [19] shows, the fluorescence intensity has an 
nth order dependence on the spatial and temporal 
distribution of the excitation power. Therefore, 
appreciable multi-photon probability occurs only at 
a region of high temporal and spatial concentration of 
photons. Confocal pinholes can be eliminated making 
this technique better suited for 3D biological imaging. 

The higher order (>2) dependence of the fluor- 
escence signal upon the excitation intensity distri- 
bution results in axial confinement. Experimentally, 


[20] 


it can be shown that over 80% of fluorescence signal 
emanates from a 1 wm thick region about the focal 
point for objectives with a numerical aperture of 1.25 
under two-photon excitation. This confinement is 
significantly different from one-photon excitation 
where a spatially uniform fluorescent sample contrib- 
utes equal fluorescence intensities from each z-section 
above and below the focal plane (assuming negligible 
excitation attenuation). For an excitation wavelength 
of 960 nm, the typical point spread function of two- 
photon absorption has FWHM of 0.3 wm in the 
radial direction and 0.9 ym in the axial direction. In 
comparison with confocal microscopy, the localiz- 
ation of the volume of excitation instead of the 
volume of observation, as in confocal microscope, 
allows 3D imaging with minimal photobleaching and 
damaging. 


Basic Imaging Applications of 
Multi-Photon Microscopy 


Multi-photon microscopy finds an increasingly 
broad range of applications, especially in biological 
and medical areas. For example, multi-photon micro- 
scopy has been utilized to study the physiological 
and biological states in various highly scattering 
tissues such as cornea, skin, and pancreas islet. Also, 
multi-photon microscopy is used in embryology to 
study the development of sea urchin, Caenorhabditis 
elegans, hamster, and zebra fish. Neurobiological 
applications include qualifying calcium dynamics 
dendritic spines, memory and structural plasticity, 
hemodynamics, and plaque evolution in Alzheimer’s 
disease. MPM has been applied to study pharmaco- 
logical distribution in tissues and in the quantification 
of transdermal drug delivery. Due to minimally 
invasive capability of multi-photon microscopy, 
intra-vital microscopy imaging into thick tissues of 
living animals is possible leading to applications in 
the study of cancer biology. 

Although the advantages of MPM are less compel- 
ling in studying cell cultures where the specimen is 
optically thin, a number of uniquely exciting uses 
have been identified. For instance, the significantly 
broader two-photon absorption spectra of many 
fluorophores allow convenient imaging of specimens 
labeled with multiple color fluorophores. The loca- 
lized excitation volume reduces photo-interaction 
with fluorophores outside the excitation volume 
allowing better 3D images to be obtained from 
cellular systems labeled with easily photobleachable 
fluorophores. The use of three and higher photon 
excitation has also allowed the excitation and imaging 
of important biomolecules with deep ultraviolet 





Display 2-3 cycles of the oscillator output as shown on the scope 
display shown in Fig. 17. Properly focus the scope and carefully 
observe if the waveform appears in focus at the peaks, but slightly 
out-of-focus at the zero-crossing points, that is, on the rising and 
falling edges of the sine wave. 


If it appears out-of-focus, this is excessive phase noise jittering f ff \ \ 
the signal and “smearing” the waveform along the time 
(horizontal) axis. Extreme phase noise may show 2-3 sine waves N ) 


very close to each other, as shown in the exagerated waveform to 
the right — assuming you have your scope properly triggered. 


Fig. 17 — Checking Oscillator Phase Noise 
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Phase noise is random, instantaneous changes in the oscillator 





frequency that smears the display. If you can see this on a scope, the phase noise is excessive! If you can’t see it, 1t doesn’t mean the 
oscillator has no phase noise (all oscillators have some phase noise), it just means it is not excessive enough to see on a scope. A 
scope is not a good instrument for checking phase noise, but for homebrew circuits, it is a check to ensure you do not havea serious 
oscillator problem. 


Excessive oscillator phase noise in receivers can cause IMD products and noise in the audio range at the output of the mixer(s), 
including the product detector. In a transmitter, excessive oscillator phase noise will put power in the close-in sidebands of your 
carrier, not only wasted power for lower transmitter efficiency, but may produce strange sounds (buzzing or chirping) to the 
receiving station. A few causes of phase noise are excessive current in the oscillator transistor, low-Q coil(s), high dissipation in 
the tuning caps or poor power supply filtering at the oscillator frequency. 


AM (Amplitude) Noise 


Another oscillator problem may be AM noise, or amplitude modulated noise. It is an opposite effect on a scope when displaying 
the oscillator output — the sine wave appears out-of-focus or thicker at the peaks, and in-focus elsewhere as shown in Fig. 18. 





If you detect AM noise, slow down the scope’s sweep rate to the 
audio frequencies or slower to see if you can notice a lower 
frequency component. A common cause of AM oscillator noise is 
60 Hz from the power mains leaking into the circuits. This is 
particularly true if using a power supply off of 120v 60 Hz, or 
sometimes it can be due to the AC lighting above your head! If the 
AM noise seems to be at the same frequency as the audio output 
tone, it means audio is getting into the Vcc bus, likely due to poor 
bypass filtering at the audio amplifier stages (particular if using 
an LM386 or similar). 


Fig. 18 — Checking for AM Oscillator Noise 


Check for an 
<— out-of-focus or 
thicker signal here 


<< Check for a clean, 
focused signal here 


If you can’t find a low frequency component, the AM noise may 
be random, which may indicate poor voltage regulation, a noisy 
voltage regulator, or perhaps a circuit in VHF oscillation. If the 














AM noise seems to occur on key-down only on a transmitter, the transmit current may be loading the power supply, the voltage 
regulator is under-rated, or just simply loading the oscillator. In the case of loading the power supply or regulator(s), perhaps a 
separate voltage regulator or zener circuit should be used, dedicated for the oscillator(s). In the case of transmit loading, adding a 
buffer amplifier or emitter follower to isolate the load from the oscillator may help. 


Much of this can be diagnosed also with the scope, by looking at the AC ripple on the DC power lines. You should have less than 
50mV of any AC component on the 8-12v DC wiring, whether 60Hz, audio or RF. If >50mV, then additional low or high 
frequency filtering on the DC power is needed. 


Monitoring Transmitter RF Output 

RF Power (in watts) is E’/R, where E is in rms and R=50Q. The voltage displayed on the scope (peak-to-peak) must be converted 
to rms by Erms=.707(Epp/2). To measure properly, the transmitter should be on a 50Q dummy load using the normal hi-Z scope 
input. If your scope has a selectable “50Q”’input, it can be the transmitter dummy load directly, providing it can tolerate the 50Vpp 
input. (Always know what the maximum p-p input voltage your oscope will tolerate. Itis often stated on your scope at the vertical 
channel inputs. 50Vpp to 100Vpp are typical). 
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absorption. Another interesting application of multi- 
photon excitation in cellular systems is based on the 
ability of this method to produce localized chemical 
reactions. Through the photoactivation or photolysis 
of ‘caged’ molecules, their chemical structures are 
altered to produce biologically active molecules, 
fluorescent species, or other observable chemical 
changes. Multi-photon excitation has been used to 
locally uncage neurotransmitters for mapping ion 
channels in neurons and to uncage calcium in 
studying signal transduction events. In cellular 
systems, MPM is being used to image normally 
nonfluorescent biomolecules, such as serotonin in 
neurons, based on multi-photon induced chemical 
conversion and multi-photon excitation. Finally, 
multi-photon microscopy has also found applications 
in studying the conformation, aggregation, diffusion, 
and transport of single molecules and proteins. Two- 
photon fluorescence correlation spectroscopy and 
photon counting histograms are powerful techniques 
that have been applied to study protein aggregation, 
conformation changes, and diffusion in vitro with 
applications ranging from cell biology to high 
throughput drug discovery. The large separation of 
excitation and emission spectra of two-photon 
excitation also allows high sensitivity detection of 
fluorescence from single chromophore; however, the 
higher photobleaching rate at the excitation volume 
for some chromophores may lessen or even reverse 
this advantage. 


Advanced Multi-Photon Microscopy 
Techniques 


As described in the previous sections, excitation 
processes involving multiple numbers of photons 
offers considerable advantages for the imaging 
process in fluorescent microscopy. 4Pi Confocal 
Microscopy and high-speed Multifocal Multi-photon 
Microscopy MMM are advanced multi-photon 
microscopy techniques that capitalize on these 
advantages to improve image resolution and acqui- 
sition times in fluorescence imaging. 


4Pi Confocal Microscopy 


In contrast to near-field microscopy, far-field light 
microscopes, i.e. confocal and multi-photon micro- 
scopes, can create three-dimensional images of the 
interior of cells. The lateral and axial resolution of 
these systems is limited between 180 nm and 300 nm 
and 500-1000 nm, respectively. This limitation is 
dictated by the Abbe theory where resolution is 
inversely proportional to the numerical aperture of 
the focusing lens. When focusing with a single lens, 


geometric constraints limit the numerical aperture to 
about 1. 4Pi microscopy was developed to overcome 
this limitation. By utilizing two opposing objective 
lenses whose spherical wavefronts are coherently 
combined, a greater total effective numerical aperture 
is achieved. This results in a higher axial resolution, 
while the lateral resolution of the 4Pi microscope 
remains unchanged with respect to its confocal 
counterpart. 

In the setup of a 4Pi microscope, the illuminating 
wavefronts emanate from a common point light 
source. The path is split by a beamsplitter, guided 
through two optically identical paths, and through 
two opposing high NA lenses that share a common 
focus. The fluorescence light is then collected through 
one lens and a confocal pinhole. In the axial direction, 
this arrangement yields a PSF with one main 
maximum lobe that is 3—4 times sharper along the 
optic axis than the PSF of a conventional confocal 
microscope, and two undesired side-lobes. 

These side lobes can produce artifacts in the image 
and their effect needs to be suppressed for unambigu- 
ous 3D imaging. Lobe suppression can be achieved in 
a 4Pi system using two-photon excitation resulting in 
a quadratic decrease in the ratio of the side-lobe and 
the main lobe amplitudes. Using an excitation 
wavelength of 800nm and 1.4 NA oil-immersion 
objectives, a FWHM along the axial direction of the 
main lobe is about 145nm and side lobes are 
approximately 25-35% of the maximum lobe 
intensity. These side lobes can be further mathema- 
tically reduced by means of a linear filter after (or 
during) image acquisition. The filter can be applied at 
lobe heights below 50%, and an effective 3D PSF 
consisting of a single spot with a 250 nm lateral and 
145 nm axial FWHM is achieved. When combined 
with nonlinear image restoration, 4Pi confocal 
microscopy achieves a 3D resolution in the 100 nm 
range. This resolution is similar to that obtained with 
near-field optical microscopy in biological appli- 
cations with an added advantage of 3D imaging of 
the cell interior. 

Since resolution improvement in 4Pi microscopy 
can be negated by the presence of aberrations, the 
usage of oil immersion lenses requires the specimen to 
be fixed and mounted in glycerol to minimize 
aberrations resulted from index mismatch. The 
sample thickness is further limited in the range of 
20-30 pm. Due to significant index mismatches 
between oil and water, the imaging of live cells in 
aqueous medium is extremely difficult, if not imposs- 
ible. In order to circumvent this difficulty, water 
immersion objective lenses are introduced into the 
4Pi system. These lenses have a lower aperture 
angle a = 62° (NA = 1.2) than oil immersion lenses 
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(c) (d) 


(a) Two-photon confocal and (c) 4Pi confocal point deconvolved images of an immunolabelled microtubule network in fixed 


NIH3T3 cells. The 3D rendered images in (a) and (c) were generated out of a large XZ-image-stack, partly shown in (b) and (d). 
As indicated in the XZ-images, the axial resolution is 820 nm and 190 nm for the two-photon confocal and the two-photon 4Pi confocal 
images, respectively. The images were taken with water immersion lenses (NA = 1.2). Reproduced from Bahlmann K, Jakobs S, e¢ al. 
(2001) 4Pi-confocal microscopy of live cells. U/tramicroscopy 87(3): 155-164, with permission from Elsevier. 


a = 68° (NA = 1.4) and therefore are expected to 
produce higher side lobes, which are reduced by 35% 
with careful aberration studies such that linear 
filtering is possible. Nonetheless, the use of water- 
immersion lenses solves two major problems. First, 
they extend the possible sample thickness to the 
working distance of the objective lens (~200 um); 
second they allow the imaging of live cells in aqueous 
medium. As a result, microtubule networks (see 
Figure 2) and live bacteria can be imaged with a 
resolution of 280 nm in lateral and 190 nm in axial 
direction. The water immersion 4Pi microscope, 
utilizing two-photon excitation, is capable of the 
highest 3D resolution so far reported in live cell 
imaging to date. 


Multifocal Multi-Photon Microscopy (MMM) 


Improving imaging speed is critical for applying 3D 
microscopy in biological specimens. An MMM scans 
an object with an array of high-aperture foci whereas 
a conventional multi-photon microscope scans with a 
single beam. An MMM combines nonlinear fluor- 
escence excitation with parallelized 3D imaging. The 
technical design consists of a densely packed micro- 
lens array; each microlens transmitting a collimated 
beam at a slightly different angle, overfilling the back 
aperture of the objective. Consequently, from the 
arrangement of the microlenses, an array of foci is 
reproduced in the image plane. The foci are scanned 
rapidly across the image plane to ensure full coverage 
of the focal plane and real-time imaging (a stack of 50 
images of 30—70 wm diameter can be acquired within 
a few seconds). The foci’s movements are either 


generated by rotating a microlens array that is 
arranged in a Lasserie pattern or by rectilinear 
scanning of a square microlens matrix. 

MMM development was initiated because non- 
linear optical damaging processes limit the usable 
focal peak intensity to about 200 GW/cm”, which can 
be reached by a tightly focused 7-15 mW femto- 
second laser beam. This power consumption makes 
use of only a fraction of the laser output of a typical 
mode-locked titanium-sapphire laser light source. 
The MMM better exploits the 1-2 W of the beam 
power by dividing the power among 25-40 foci 
and scanning each in parallel. With this method, 
typical acquisition times are cut from ~1000 ms to 
10-50 ms. MMM provides an excellent method for 
real time 3D multi-photon imaging. 

A fundamental problem in parallelized 3D 
microscopy is that increasing density of the foci 
over a certain level decreases the axial resolution. 
The reduction of the distance between the foci 
increases not only the speed or image brightness, 
but it also increases the interference between 
neighboring focal fields; especially in planes shortly 
before and after the focal plane. For neighboring 
foci in high NA objective lenses, interference effects 
can be significant. The relatively short laser pulses 
that are commonly used in multi-photon excitation 
provide a means to reduce this interference by 
using time multiplexing. Experimentally, the fem- 
toseconds pulses of the Ti:sapphire laser, going 
through each lenslet, can be scheduled to arrive at 
the focal plane at different times by a mask of 
glass in front of each microlens, varying the optical 
path lengths of these beams. The different arrival 
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time eliminates interference effects. The resolution 
of the parallelized system remains unchanged as 
compared with the conventional one foci system. 
In conclusion, the MMM enables increased image 
acquisition speed by a factor of the number of foci 
in the optical plane without compromising image 
resolution. 


Advanced Multi-Photon Microscopy 
Applications 


As described by the previous section, MPM techno- 
logy is undergoing rapidly development with 
improved resolution and increased instrument 
throughput. Recently, MPM has also found appli- 
cations in exciting new areas of optical memory and 
microfabrication. 


Multi-Photon 3D Optical Memory 


Researchers in the field of optical memory are 
challenged to develop instrumentation that records 
three-dimensional, high density, robust bitwise infor- 
mation in low-cost and readily available storage 
materials. Initially, early optical memory techniques 
relied on higher energy pulsed recording beams and 
red shifted reading beams. Aided by the development 
of the Ti:sapphire laser and high numerical aperture 
objectives that can confine laser light to a volume 
of the order, A°, the power of the focused femto- 
second pulses at the focal point can reach over 
10'* W/cm? with electrical field strengths reaching 
2.7 x 10'° V/cm. These fields are substantial enough 
to locally change the optical properties of selected 
materials. Thus, multi-photon processes were inter- 
twined with the field of optical memory. Recent 
experiments showed that with properly chosen 
materials and instrumentation, high density, three- 
dimensional data storage was possible. 

Optical memory is based on photochromic 
material whose optical properties are changed upon 
irradiation such that initial and final chemical states 
have different absorption spectra or indices of 
refraction. In 1989, Parthenopoulos and Rentzepis 
first showed that 3D information could be stored in a 
polymer film doped with photochromic molecules. 
Although the recorded information is lost when the 
photo-excited compound spontaneously reverts back 
to the original nonfluorescent compound, Dvornikov 
and Rentzepis later improved the material such that 
the stored information was stably recorded at room 
temperature. 

For photochromic materials, the recording and 
reading mechanisms often required multiple laser 
sources and complex optical setups. Kawata et al. 
addressed these issues with the development of an 


alternative optical method that used photorefractive 
crystals as the storage media, a Ti:sapphire as the 
recording device, and a phase-contrast microscope 
configuration for data readout of bits separated by 
20 wm. Using this method, Kawata avoided the 
complication of different recording and read-out 
laser sources, thereby simplifying the instrumenta- 
tion. However, in photorefractive material, poor 
refractive index matching, between the storage 
medium and the objective, results in aberration and 
degrades storage densities. Recent advances in 
objective lens design have attempted to address 
these limitations. Kawata and Kawata describe 
many of these optical memory devices in a recent 
review. A recent publication by Olson et al. describes 
a method for multi-photon data storage in molecular 
glasses and highly cross-linked polymers. These 
materials prove to be highly efficient and robust for 
long-term data storage. 

Although the field of optical memory has made great 
progress since 1989, further advances are required 
before this field becomes a widely adopted technology. 
For example, simpler recording and reading tech- 
niques are required to insure a cost-effective and 
reliable data storage technology. Consequently, 
further progress in the production of compact ultrafast 
lasers and high-speed scanning instrumentation will 
be needed before broader acceptance of optical 
memory storage devices. 


Multi-Photon 3D Microfabrication 


Another promising emerging application of 
multi-photon excitation is 3D microfabrication. 3D 
microfabrication processes can be performed with 
two-photon absorption. Maruo et al. and Sun et al. 
provide examples of microfabricated structures 
generated with femtosecond pulses to induce 
photopolymerization. Much like the optical memory 
techniques, this methodology relies on photo- 
initiators with large two-photon cross-sections to 
initiate polymerization of surrounding monomer or 
polymer molecules. Kawata et al. and Sun et al. 
showed that two-photon photopolymerization 
could be used successfully to create intricate three- 
dimensional microstructures. These systems offer 
lower polymerization thresholds, higher polymeriz- 
ation rates, and wider dynamic write ranges such 
that rapid fabrication and low-power writing 
are possible. Recently, Cumpston et al. described 
a class of am-conjugated compounds with large 
two-photon cross-sections, which can be effectively 
used for two-photon polymerization initiators 
in three-dimensional optical data storage and 
microfabrication processes. 
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As with most of these processes, the techniques 
have proven to be successful, but the mechanisms 
behind the multi-photon initiated chemical processes 
are not completely understood. With further work to 
optimize the reaction parameters, it is possible 
to design experiments that will allow new materials 
to be synthesized or patterned based on processes 
such as dielectric breakdown, microexplosions, 
optical damage, and pyrolytic effects. 


Conclusion 


Relying on femtoliter excitation volumes and large 
separations between excitation and emission wave- 
lengths, multi-photon microscopy has emerged as 
a powerful technology that allows for increased 
resolution and enhanced signal-to-noise ratios. It 
has also enabled scientists to avoid complications 
in imaging biological systems due to decreased 
sample photodamage and in some _ instances, 
photobleaching of fluorophores. Advancements in 
multi-photon imaging applications, such as 4Pi Con- 
focal microscopy and multifoci multi-photon 
microscopy, have further enhanced the resolution of 
imaging technology and improved the speed of data 
acquistion respectively. Furthermore, the application 
of multi-photon technology in the fields of micro- 
fabrication and optical memory promises to address 
some of the difficulties involved in designing three- 
dimensional high-density storage devices and micro- 
fabricated components. Overall, multi-photon 
microscopy provides the scientific community with 
an invaluable tool in the study and design of biological 
and physical systems. 
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Introduction 


Interference microscopy is a powerful noncontact 
metrology technique for reflection and transmission 
characterization of samples. The field can be divided 
roughly into two main categories, polarization- 
splitting interferometers and amplitude-splitting 
interferometers. In both cases, the light incident on 
a test sample is first divided into two beams and later 
recombined to form an interference pattern. This 
interference pattern is analyzed by one of a variety of 
methods to determine the difference in the optical 
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Microscopy: Confocal Microscopy; Imaging Multiple 
Photon Fluorescence Microscopy; Overview. 
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paths the two beams traversed. This optical path 
difference may be used to quantify surface shape, 
refractive index variations, or thickness variations of 
the sample to a very high accuracy. This article 
describes the background of the two categories of 
interference microscopy, specifics of their implemen- 
tations for different types of measurements, current 
state of the technologies, and examples of different 
measurements performed using these techniques. 


Background 


Interference fringes were first observed in a micro- 
scope by Robert Hooke in 1665. In the late 1800s, 
several practical versions of interference microscopes 
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entered use to examine transparent specimens, 
though none gained widespread commercial success. 
Then in the 1950s, differential interference contrast 
(DIC) microscopy was invented to increase image 
contrast when examining semi-transparent samples 
under a microscope, particularly biological speci- 
mens. As this technique does not require staining of 
samples, and avoids the halo effect common in phase 
contrast microscopy (see Microscopy: Phase Contrast 
Microscopy), such systems became widely used in a 
variety of biological applications. In the early 1960s, 
Krug, Rienitz and Shulz published a comprehensive 
book to summarize all of the various interference 
microscope designs that had been produced thus far, 
showing the large depth and breath of research to 
that point. 

With the advent of affordable computers and CCD 
cameras in the 1970s and 1980s, various commercial 
systems were developed using a variety of interfero- 
metric configurations to quantify the measured 
interference patterns from small samples. Due to 
their noncontact nature and ability to provide area 
measurements, as opposed to the two-dimensional 
traces produced by contact stylus techniques, such 
systems gained rapid acceptance in a variety of 
industries. Performance has steadily improved such 





that vertical resolution is sub-nm and accuracy on the 
nm-level is readily achievable. Lateral resolution is 
limited only by the optics of the microscope, with 
high numerical aperture objectives achieving resol- 
ution below 0.5 wm. Today, commercial systems are 
used in such measurements as index variations of 
biological samples, roughness of paper, microfluid 
channel volume, MEMS properties, hard drive head 
dimensions, drug coating thickness, and machine part 
characterization. 


Polarization-Division Interference 
Microscopes 


While the concepts behind polarization division 
interference microscopes have been known for well 
over a century, they did not gain widespread use until 
after Georges Nomarski invented the DIC micro- 
scope, also referred to as a polarization interference 
contrast microscope, in 1955. A schematic of a 
transmission-based and reflection-based Nomarski 
setup is shown in Figure 1, where the displacement of 
the beams has been greatly exaggerated for clarity. 
The illumination in Nomarski systems is generally 
from an unpolarized broadband source, such as a 
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Figure 1 


Sample 


(a) Schematic of transmission-based Nomarski interferometer and (b) reflection-based Nomarski interferometer. 
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tungsten—halogen bulb. A polarizer in the illumina- 
tion path is then used to set the polarization state of 
the light incident on a modified Wollaston prism pair. 
The modified Wollaston prism consists of two 
birefringent wedge prisms which divide the beam in 
two parts, each with orthogonal polarization states. 
The two beams travel in slightly different directions 
from one another. The condenser lens brings the light 
to illuminate the sample, with each of the two 
orthogonally polarized beams slightly sheared from 
one another. This shear is typically much less than the 
resolution limit of the microscope objective, typically 
from tens of nanometers to several hundred nano- 
meters, such that only one image is seen by the 
observer. After passing through or reflecting from the 
sample and the imaging microscope objective, a 
Wollaston prism pair is used to recombine the two 
polarized beams. Finally, an analyzer is used to bring 
both beams to a common polarization state, allowing 
interference between the two beams. 

As the system is very sensitive to the position and 
optical properties of the prisms, different Wollaston 
prism pairs are used for each objective, usually 
rotating into the path automatically on a turret as 
the objectives are changed. In a reflection system, this 
prism also recombines the displaced beams after they 
reflect from the test piece; a transmission system will 
usually have only one Wollaston prism pair after the 
sample that can handle all objectives, instead of 
requiring a different recombining prism for each 
objective. 

The observed interference pattern is an image of the 
gradient in the sample in the direction of shear 
created by the Wollaston prism pairs. In order to fully 
characterize the surface, the sample or optics must be 
rotated to capture shear images in both orthogonal 
directions. Essentially the technique acts as a high- 
pass filter, emphasizing edges and lines on the test 
piece. 

With a white-light source, dispersion effects will 
cause one side of a feature to appear brighter or in a 
specific color range whereas the other side appears 
darker or in different colors. This gradient effect 
confers a pseudo three-dimensional appearance to the 


specimen. The images are quite colorful, with 
different colors shearing differently; by adjusting the 
Nomarski prisms along the optical axis, one can vary 
the retardation between the two beams, producing 
more or less contrast or color variation in the 
observed images. 

The Nomarski system has several appealing qual- 
ities for surface and index characterization over other 
interferometric and polarization-based techniques. 
First, it is a common-path interferometer; with the 
exception of the slight shear, both beams pass through 
exactly the same optics. This means that these 
interferometers are mostly insensitive to vibration, 
as both interfering beams will be affected in the same 
manner. In addition, the common path nature of the 
system reduces the quality requirements on the optics, 
improving measurement quality and reducing overall 
system cost. In addition, Nomarski techniques do not 
suffer the halos associated with phase contrast 
imaging techniques (see Microscopy: Phase Contrast 
Microscopy) and provide better out of focus rejection 
and higher light levels since they can use the entire 
aperture of the microscope objective. 

For reflection-based systems, the observed fringes 
relate to the surface slope along the direction of 
shear; for transmission systems, index of refraction 
gradients or thickness variations are observed, 
producing much higher contrast images of biological 
samples than conventional bright-field techniques. 
The good out-of-focus rejection mentioned earlier 
makes possible more accurate optical sectioning of 
samples, where each vertical layer of the specimen is 
in focus while all others are out of focus. These 
features, combined with the fact that high contrast 
images can be obtained without chemical staining, 
have made these systems widely used in biology. In 
addition, the high sensitivity to slope has made DIC 
systems commonly used in semiconductor inspection 
applications and other precision surface characteriz- 
ation and defect inspection applications, where 
automatic image processing is combined with the 
highly sensitive measurements to quantify both sur- 
face and subsurface defects. For instance, Figure 2 
shows a bright-field image of a laser diode facet as 





Figure 2 Bright field (left) and Nomarski (right) images of laser diode facet defects. Courtesy of Royce Instruments, Inc., Napa, CA. 
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well as a Nomarski image, with the facet defects 
greatly emphasized by the Nomarski optics. 

Initial systems using differential interference con- 
trast were strictly qualitative, with the user manually 
rotating the incoming polarization to produce the 
best contrast for a given sample and visually 
evaluating the resulting image. As mentioned above, 
visual inspection of biological specimens and defect 
review remain primary applications of these devices, 
though quantitative. By translating the Wollaston 
prisms laterally or rotating the analyzer in the system, 
one can phase shift the interference pattern. Storing 
multiple phase shifted images on a computer, one can 
obtain quantitative data about the shear using 
standard phase shifting interferometry equations. In 
addition to phase shifting through translation of the 
prism, quantitative data may be performed through 
analysis of the colors of the observed fringes or 
through geometric phase shifting techniques. 
More details on these methods can be found in the 
articles on Interferometry: Phase Measurement 
Interferometry; and Interferometry: White Light 
Interferometry. 

Once quantitative information about the shear 
between the beams is obtained, the resulting data may 
be integrated to get back the original surface or index 
profile. Performing this operation on data with shear 
in two orthogonal directions allows the complete 
surface profile to be obtained. Unfortunately, since 
Nomarski setups are typically employed as add-on 
modules to standard microscope platforms rather 
than custom-designed metrology instrumentation, 
such quantitative phase shifting capability has not 
been widely commercialized; only a few custom or 
laboratory systems are in use when compared with 
white-light optical profilers described below. How- 
ever, many research groups report nm-level surface 
characterization, and have developed a variety of 
techniques to accurately quantify thickness and index 
changes. The primary limitation of the quantitative 
techniques comes from the depth of focus of the 
microscope objective, which limits the vertical 
heights, thickness range, and index gradients that 
can be measured in a single measurement. Phase 
shifting at multiple vertical locations can be per- 
formed, but unless greatly increases the complexity of 
the measurement and reconstruction algorithms. 


Amplitude-Division Interference 
Microscopes 
White Light Optical Profilers 


Probably the most common amplitude divi- 
sion interferometric microscopes are white-light 


interferometers, also often called optical profilers. 
These systems consist of three main elements: the base 
microscope, with illuminator and imaging optics; an 
interferometric element to divide and recombine the 
wavefront, and a scanning mechanism by which the 
optical path between the test and reference beams 
may be varied in a known manner. As the name 
implies, these systems typically employ spectrally 
broad sources, generally from a tungsten—halogen 
bulb. Unlike Nomarski interferometers, white light 
interferometers are used only in reflection-mode, as 
their noncommon-path nature and low-coherence 
source preclude interference from thick samples 
measured in transmission. 

Figure 3 shows a schematic of a typical white light 
interferometer. Light from the illuminator arm, 
typically in a Kohler configuration, is coupled into 
the system with a first beamsplitter and passes 
through a second beamsplitter which is typically 
inside the microscope objective. This beamsplitter 
divides the beam into two parts, one of which travels 
to the sample and reflects from it, while the other 
reflects from a very high-quality reference surface. 
The reflected light is then recombined by the same 
beamsplitter and the resulting interfering light is 
imaged onto a camera. The static interferogram thus 
produced is usually by changing the optical path 
difference between the test and reference beams 
through translation of the objective with respect to 
the sample. The resulting signal is analyzed by one of 
a variety of methods as described below. 

White light interferometers generally have two 
distinct modes of operation. In the first mode, 
generally referred to as phase shifting mode, a filter 
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Figure 3 Schematic of white light optical profiler showing the 
illuminator, and translating interferometric objective. 
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is used to produce quasi-monochromatic light for the 
measurement process. This produces a large number 
of high-contrast interference fringes that obey the 
classical interference formula: 


T(x, y) = I(x, y) + I(x, y) 
42, /T,1-(cos( f(x, y) + a4) [1] 


In the above I(x, y) is the irradiance observed at any 
one point of the image, I,(x, y) and I(x, y) are the 
irradiances of the test and object beams, (x, y) is the 
optical path difference between the two beams, and q; 
is a phase offset introduced by the interferometric 
instrument. By varying a; in a known manner and 
collecting at least three irradiance patterns, any of the 
three unknowns in the above equation can be 
determined; specifically, the optical path difference 
may be solved for every point. Assuming measure- 
ments are in a medium of known and constant 
refractive index, such that the only contributions to 
the OPD are height variations rather than index 
variations, surface height at each point is simply: 


r 
A(x, y) = 4, 0 y) [2] 


Phase shifting techniques produce sub-nm repeat- 
ability and very high accuracy, but suffer from a 27 
phase ambiguity from the calculation of phase from 
irradiance data. Thus, this technique cannot handle 
surfaces with point-to-point steps greater than one 
quarter of the wavelength of the light used. Calibra- 
tion methods and further information may be found 
in the article on Interferometry: Phase Measurement 
Interferometry. 


In order to extend interference microscopy to cover 
large steps, steep slopes, and vertical ranges greater 
than the depth-of-focus of the microscope objectives, 
a second technique of fringe analysis may be 
employed, that of coherence sensing. In this method 
an incoherent light source is used, such as a tungsten— 
halogen bulb. Due to the wide spectral range of the 
source, as interference patterns from different wave- 
lengths add in the observation plane, the observed 
interference fringes will rapidly wash out for nonzero 
optical path difference between the two beams. See the 
article on Interferometry: White Light Interferometry, 
for further details and illustrations of this effect. 

With the localization of fringes only at the point of 
zero optical path, the instrument scans the inter- 
ference objective over the desired range and then 
calculates the position at which maximum fringe 
contrast occurs for each point. Calculating this 
position across all points within the field creates a 
height map of the surface; the interference fringes 
serve as a tool for depth discrimination in much the 
same way that the pinhole in a confocal microscope 
does (see Microscopy: Confocal Microscopy), 
another technique finding wide use in surface profil- 
ing. No phase unwrapping is required, with each 
pixel height calculated independently of all others, 
avoiding ambiguities associated with phase shifting 
methods. The vertical range is limited only by the 
scan range of the measurement and the working 
distance of the microscope objectives; current com- 
mercial instruments can achieve vertical ranges of 
over 8 mm. Figure 4 shows the fringes one would 
observe at a given scan location during measurement 
of a test piece with three steps. As the OPD between 
the test and reference arms varies, the fringes will 





Figure 4 _ Localized fringes (left) of a 3-tiered surface structure (right). As the OPD is varied, the fringes will scan through the field, with 
the point of maximum contrast corresponding to the relative surface height of each pixel. 
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translate across the steps, and the surface plot at the 
right can be generated by calculating the scanner 
location of the peak contrast condition for each pixel. 

There are a variety of methods for calculating the 
position of maximum fringe contrast using the 
coherence-sensing method. These include center-of- 
mass calculations of the peak fringe position, various 
frequency-space techniques and correlation of the 
measured fringe pattern with a theoretical pattern. 
Calibration of these systems generally involves 
repeated measurement of a known step height 
standard and varying the scanner motion until the 
step height is accurately calculated, though some 
systems employ separate distance-measuring inter- 
ferometers to perform on-the-fly calibration for each 
scan. Generally speaking, coherence sensing tech- 
niques have repeatability in the range of a few nm, as 
opposed to the sub-nm repeatability of phase shifting 
techniques. This reduced sensitivity is the trade-off for 
avoiding the height and slope limitations of phase- 
shifting techniques. More details can again be found 
in the article on Interferometry: White Light Inter- 
ferometry. 

Recent advances in computing power have 
enabled an additional method of calculating surface 
height by combining coherence sensing with phase 
shifting. Coherence sensing methods are used to 
determine the point of best fringe contrast, and uses 
this information combined with the phase calcu- 
lations to overcome ambiguities caused by large 
steps or steep slopes. Thus, one can obtain the sub- 
nm repeatability of phase-shifting methods without 
limitations on the vertical range or slope of the 
sample to be measured. 

New fringe analysis techniques are extending the 
utility of these systems even further. Strobed sources 
are now available which effectively freeze the periodic 
motion for the instrument; this allows dynamic 
properties of samples to be measured, from surface 
deformation under motion to resonance frequency 
and switching time calculations. By analyzing the 
multiple interference patterns generated by transpar- 
ent films deposited on a surface, film thickness, 
homogeneity, and differences between substrate and 
film surface properties may be determined. 


Interferometric Microscope Objectives 


One of the most critical elements in white light 
interferometers is the interferometric objective which 
splits and recombines the wavefront to form an 
interference pattern. Three primary interferometric 
configurations are used to divide and recombine the 
wavefront: Michelson, Mirau, and Linnik. Each of 
the three types of objectives is described below. 


For low-magnification objectives, typically 5X or 
below, a Michelson interferometer configuration is 
typically used. A schematic of such an objective is 
shown in Figure 4. The illuminating beam passes 
through the objective and is divided by a beamsplitter 
placed just underneath the objective. A portion of the 
light travels to the test sample and the rest to a high- 
quality reference surface. The light reflected from 
each beam path is recombined by the beamsplitter 
and propagates to the observation plane. Note that 
it is important that the distance between the 
beamsplitter and reference surface match the distance 
between the beamsplitter and focus position of the 
sample. If the reference surface is defocused, 
fringe contrast will be reduced, aberrations 
increased, and overall system accuracy and repeat- 
ability will suffer. 

This objective configuration has several advantages. 
First, one can add a Michelson housing to almost any 
standard objective with sufficient working distance for 
the beamsplitter, making these objectives easy to 
produce and relatively inexpensive. Second, the 
reference surface can be easily changed by the user to 
closely match the reflectivity of the test piece, ensuring 
maximum fringe contrast in the interfered beam (see 
Interferometry: Phase Measurement Interferometry). 
Third, provided there is distance between the beams- 
plitter and reference, one can insert a dispersion- 
compensating plate into the reference arm to allow 
measurement of parts beneath a cover glass or other 
dispersive medium; without such compensation, 
fringe contrast is generally insufficient for accurate 
measurements for transmissive media beyond a few 
hundred micrometers thickness. 

As one moves towards higher magnifications, 
however, the working distance of the objective is 
typically insufficient to accommodate a large 
beamsplitter and still leave a reasonable distance 
between the objective and sample. In addition, a large 
cube beamsplitter will generally introduce unaccep- 
tably high aberrations in these higher numerical 
aperture objectives. For this reason, objectives from 
10X magnification to 50X magnification are typically 
of the Mirau configuration, shown schematically in 
Figure 5. 

Mirau objectives contain two additional plates 
compared to a standard bright-field objective: one 
is coated and acts as a beamsplitter, splitting the 
incident beam, while a second holds a_ small, 
high-quality reference surface and acts as a 
compensating plate so that optical paths in both 
arms of the interferometer are balanced (Figure 6). 
Such objectives are more expensive than Michelson 
designs, but maintain long working distances even 
at higher magnifications. Thermal stability becomes 
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Figure 5 Schematic of a Michelson interference objective used 
for low-magnification applications. 
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Figure 6 Schematic of a Mirau interference objective used for 
medium-magnification applications. 


very important, as depth of focus is much reduced 
over lower-magnification objectives and the path 
from beamsplitter to reference still must be the 
same as from beamsplitter to in-focus test object, 
and most Mirau designs are therefore thermally 
compensated. 

As one moves to even higher magnifications and 
numerical apertures, such as 75X or 100X, the 
microscope objectives do not have sufficient working 
distance to allow for any reasonable beamsplitter 
after the objective unless the numerical aperture is 
greatly reduced. To maintain high numerical aperture 
and high lateral resolution, a Linnik configuration 
must be used. A schematic of this configuration is 
shown in Figure 5. In this configuration, two separate 
microscope objectives are used after a beamsplitter, 
with one beam again reflecting from a high-quality 
reference and the other from the sample. 

A Linnik objective is generally the most difficult to 
use and expensive interferometric configuration 
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Figure 7 Schematic of a Linnik interference objective used for 
high-magnification applications. 


(Figure 7). High numerical aperture typically limits 
working distance to a few hundred micrometers. In 
addition, depth of focus is very small, and thus these 
objectives must often actively adjust the reference 
mirror position to maintain focus over long periods of 
time and environmental conditions. Also, the dis- 
persion and aberrations in the two objectives must be 
closely matched to ensure good fringe contrast, as 
there are many noncommon-path optical elements in 
this design; typically many objectives must be 
evaluated to find two that suitably match, another 
contributor to cost. However, these objectives do 
have the highest lateral resolution, and with an NA of 
up to 0.95, can measure the steepest slopes due to a 
large collection angle. 


Applications 


White-light interferometers are noncontact, and thus 
will not damage samples under test. They provide 
true three-dimensional surface characterization with 
nm-level accuracy and repeatability, and can be 
employed in production and laboratory environ- 
ments. The various interferometric objectives allow 
for lateral resolutions and ranges to meet most 
needs; fields of view may even be stitched together to 
create surface maps whose extent is limited only by 
the range of the translation stage employed. In 
addition, each scan is typically quite fast, from under 
one second in phase-shifting mode to vertical scan 
rates of up to 100 m/sec in coherence-sensing 
mode, with no sample preparation time. While the 
systems must be properly calibrated, vibration 
minimized, contrast maximized, and potential error 
sources such as dispersion and phase change on 
reflection effects must be managed, they remain one 
of the most accurate surface characterization tools 
available. 

All of the above factors have enabled the use 
of white light interferometers in a variety of 
fields. The semiconductor and data storage industries 


Measuring Transmitter RF Output Power 

Figure 19 shows how you can use an oscilloscope to fairly accurately 
measure output power from a low power transmitter (generally 10W 
or less with a 1X probe and 20-30W with a 10X probe). Connect 
transmitter output to a 50Q dummy load. Connect the scope lead to 
the transmitter output (after the low pass filters) or directly to the 
dummy load. Do not connect the scope leads to the collector or drain 
of the final PA transistor. The displayed voltage in this case will be 
erroneous. 


In the example, the output transmit voltage across the dummy load 
measures 24Vpp. Convert this voltage to Vrms, then use the equation 
(Vrms squared divided by the load resistance) to calculate the power 
in watts. In the example, 24Vpp, the output power is 1.4 watts. ASW 
QRP transmitter should produce about 45Vpp. 


The accuracy of your power measurements depend upon the 

condition of your oscilloscope: 

1) Ensure your scope’s vertical sensitivity (volts/division) is 
properly calibrated (see Part I) 

2) Ensure your vertical sensitivity is properly calibrated with the 1X 
or 10X probe you are using. 








Fig. 19 —Oscilloscope as a Power Meter 





24V pp 
across 
50Q load 
1. Measure output voltage. 24Vpp 
2. Convert Vpp to Vrms 
Vrms=.707(Vpp/2) 8.5Vrms 


3. Calculate power in watts 


Vrms* a 8.5v 


= = 1.4W 
R 50Q 





3) Ensure that the transmitter frequency is well within the bandwidth of your scope. A 100 MHz scope should give 
reliable readings on all HF bands. A50 MHz scope should be reliable on all HF bands except slight errors at 283MHz. 


Checking Transmitter Purity 


Phase Noise of the transmitter is measured identically to the phase noise checks on page 2-3. With the scope properly triggered 
and focused, you are looking for an out-of-focus “fuzziness” around zero crossing. If it appears phase noise exists, the fault is 
generally at the beginning of the transmit chain. That is, seldom does the PA transistor add phase noise; it’s merely amplifying 


what it is given. Phase noise on the transmitter output is more likely due to the transmit oscillator, or the transmit mixer ifused. 


Harmonic Power can also be detected on a scope while looking at 
the transmitter RF output power. In Fig. 20, notice the “dips” or the two 
“peaks” on the top and bottom of each sine wave. This is caused by 
excessive 2nd harmonic output power. The rule-of-thumb is — if you 
can see any 2nd harmonic power (a dip or flattening at the peaks), then 
you are right at or exceeding the —-30dBc FCC harmonic specification. 
A clean sine wave implies FCC compliance, providing the 2nd 
harmonic is within your scope’s bandwidth. Obviously, a spectrum 
analyzer should be used for accurate harmonic evaluation, but a scope 
can be used to indicate if you have a problem. If you build your own 
transmitter, it is your responsibility to ensure it is compliant. An 
approximate method of estimating 2nd harmonic attenuation is shown. 


—30dBc means the 2nd harmonic power is 1/1000th of the fundamental 
power. For a 5W transmitter, this means the 2nd harmonic power 
should be 5mW or less, or about | Vpp. In displaying a 5W signal ona 
scope (45Vpp), it would be difficult to resolve much less than a 1 Vpp 
dip orripple. 


Conclusion. This concludes the NASN “Handiman’s Guide to Oscilloscopes.” Hopefully, it has helped you to understand your 
oscilloscope to make simple measurements, and with some practice, perform the more advanced measurements discussed. An 
oscilloscope is a very powerful tool that is invaluable on the homebrewer’s workbench. If there is a particular measurement you 


feel I omitted, please let me know and I will add it when time permits. 


73, Paul Harden, NA5N (na5n@zianet.com or pharden@nrao.edu) 








Fig. 20 —Checking 2nd Harmonic Power 





1. Measure output voltage. 
2. Measure ripple voltage. 


24Vpp 


1Vpp 
3. Calculate dBc of 2nd harmonic ripple 


V2 1v 


20log — = 20log —— = —27.6 dBc 
V1 24v 





or, not quite FCC compliant! 
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(a) (b) 





(c) (d) 


Figure 8 Surface plots from a white light optical profiler. (a) Human skin sample, (b) MEMS microgears, (c) binary optic, and (d) 1 Euro 


coin. Pictures courtesy of Veeco Instruments. 


perform critical dimension and surface characteriz- 
ation of various components using these systems, 
some of which are configured for full wafer-handling 
capabilities. Systems are also used to measure 
precision machine parts, optics, and medical instru- 
mentation and implants. The high sensitivity of the 
coherence sensing techniques allows surfaces with 
less than 0.1% reflectivity to be measured, so that 
characterization of paper, abrasives, and even differ- 
ent foods has been measured with these instruments. 
With the addition of the advanced technologies 
mentioned above, these systems are also now doing 
dynamic measurements of MEMS and thermal 
response characterization of precision surfaces, and 
also are measuring thicknesses of adhesives, drug 
coatings, photoresist, and a variety of other semi- 
transparent layers in various applications. Figure 8 
shows several surface measurements, including 
human skin, MEMS microgears, a binary optic, and 
1 Euro coin. 


Laser-based Interference 
Microscopes 


Another, less common type of amplitude-division 
interference microscope has recently been commer- 
cialized, primarily for use in examining micro-optics. 
These laser-based systems employ a Tywman-Green 
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Figure 9 Schematic of a micro-LUPI interferometer operating in 
reflection mode. 


interferometric configuration combined with a micro- 
scope, and are generally called micro-LUPI (laser 
unequal path interferometer) systems. A schematic of 
a micro-LUPI interferometer is shown in Figure 9. A 
beamsplitter divides the incident laser beam, half of 
which travels to a generally flat reference surface, 
while the other half typically travels through a 
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microscope objective that acts as a diverger lens and is 
incident on the test sample. 

Due to the long-coherence length of the laser 
source, the two optical paths do not have to be 
equal in order to observe interference fringes, and 
samples may be measured either in reflection or 
transmission, depending on the desired test result. 
Collimated, diverging or converging illumination 
may be brought incident on the sample, depending 
on the optics in the test beam and their placement. 
The diverger elements are noncommon-path optics, 
and reduce the ultimate accuracy of the system to 
approximately lambda/10, similar to laser-based 
Fizeau interferometers. 

Micro-LUPI-based systems have several advan- 
tages for testing small optics over other interference 
microscopes. First, the ability to measure both 
transmission and reflection properties of the optics, 
as well as different incident illumination schemes, 
means they can test the optics in their use configur- 
ation rather than inferring optical properties based 
solely on surface measurements. They can determine 
imaging properties, inhomogeneities and thickness 
variations in addition to characterizing the surfaces 
under test. Also, the curved test wavefront better 
matches spherical test surfaces, minimizing the 
number of observed fringes and making testing of 
small aspheres easier. Lastly, these systems can have 
curved reference surfaces as well as flat, and with the 
proper configuration aberrations in measurements 
due to the interferometric microscope can be 
minimized, ensuring high-quality measurements of 
the optic under test. 

These systems have only phase-shifting measure- 
ment capability, as the coherence length of the 
source is too long for white-light interferometric 
techniques. Transmission tests necessitate a more 
complex part handling structure, with both the 
test piece and reflective return optic needing 
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Introduction 


Nonlinear microscopy has become an important tool 
for the investigation of biological applications where 
high resolution and three-dimensional imaging are 


adjustment for tip/tilt and vertical and lateral 
translation. Therefore, such systems are more costly 
and not as versatile as a white light optical profiler, 
but do provide a valuable capability to the micro- 
optics community. 
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metric Imaging. Interferometry: Overview; Phase 
Measurement Interferometry; White Light Interferometry. 
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essential for understanding the underlying biological 
function. Two-photon excitation fluorescence (TPEF) 
microscopy has opened the way to nonlinear tech- 
niques and is now widely available. As this new 
technology enables noninvasive study of biological 
specimens with high resolution, the number of 
applications in biology and medicine is still increas- 
ing. By exploiting autofluorescence of cells or tissues 
components, or by coupling with genetically modified 
fluorescent indicators or small extrinsic probes, high 
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contrast and localization can be obtained. Different 
detection techniques (fluorescence lifetime imaging 
(FLIM), fluorescence correlation spectroscope (FCS), 
intensity, and spectral imaging) permits the analyze of 
several fluorescence properties and so obtains comp- 
lementary informations. 

The successful development of two-photon 
techniques has generated substantial interest in the 
scientific imaging community in further developing 
and exploiting optical nonlinearities for generating 
new image contrast. All these new developments have 
strongly benefited from the major advances in ultrafast 
lasers which have become more compact and reliable. 
Second- and third-harmonic generation (SHG, THG) 
as well as coherent anti-Stokes Raman scattering 
microscopy (CARS) have thus benefited from the fact 
that it is now easier to generate ultrashort pulses at 
almost any desired wavelengths. Association of these 
new nonlinear techniques in the same instrument 
(TPEF-SHG/TPEF-CARS, TPEF/THG) is commonly 
encountered and provides a powerful instrumental 
tool for probing biological samples. 


Basic Principles of Two-Photon 
Microscopy (TPM) 


Two photon microscopy is preferred over single 
photon method in many biological applications due 
to several intrinsic advantages which arise from 
having a nonlinear intensity depend absorption. In 
general, the nonlinear polarization for a material can 
be expressed as 


P= VE! 4 OR 4 OR 4... [1] 


where P is induced polarization, x(”) is the mth 
order nonlinear susceptibility, and E the electric 
field vector of the incident light. The first term 
describes normal absorption and reflection of light; 
the second term describes SHG, hyper-Rayleigh 
scattering, sum and difference frequency generation, 
and the third terms covers multiphoton absorption, 
third-harmonic generation and stimulated Raman 
processes. 

In 1931 Maria Goppert Mayer predicted that 
photons of lesser energy can together cause an 
excitation ‘usually’ produced by the absorption of a 
single photon of higher energy, in a process call 
multiphoton excitation. The hypothesis could not be 
confirmed until the invention of pulsed ruby lasers, 
in the 1970s, and was first applied to microscopy with 
the work of Denk et al. Two-photon microscopy 
used the simplest version of her theory: two photons 
of equal energy (from the same laser) can excite a 


molecule, and the excitation is similar to that 
obtained with a single photon possessing twice the 
energy (Figure 1). Thus, the molecule can emit a 
fluorescent photon just as if it was excited with 
a single higher energy photon (Figures 1 and 2). 
Of course, the absorption of the two photons must 
occurs nearly simultaneously (~10° '® s), resulting in 
a quadratic dependence on the light intensity rather 
than the linear dependence of conventional one 
photon fluorescence. 
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Figure 1 Jablonski diagram for one and two-photon excitation. 





Figure 2 Localization of excitation under two photon excitation 
(left) compared to one photon excitation (right). 
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The nonlinear optical absorption property of two- 
photon excitation, limits the fluorochrome excitation 
to the point of focus. This localized excitation volume 
results in greatly improved axial resolution and image 
contrast compared with conventional microscopy, 
but also significantly decreases sample photobleach- 
ing and photodamage by reducing the region of 
photointeraction (Figure 2). 

Another major advantage of TPEF is its ability to 
image deeper inside biological samples, owing to 
the reduced scattering and absorption of near 
infrared wavelength compared to UV and visible 
light. Near infrared light (700-1000 nm) is located 
within the ‘therapeutic optical window’ where the 
absorption of the main cells and tissue components 
is low. 

TPEF also permits a high rejection of residual 
excitation light: in standard one-photon microscopy, 
the excitation wavelength can be spectrally close 
to the fluorescence emission band. Filters used to 
eliminate the leakage of excitation light into the 
detection channel often cuts off a part of the 
fluorescence emission. For TPEF excitation and 
emission band are well separated, and highly 
efficient filters can remove the residual excitation 
light without compromising the microscope 
sensitivity. 

Under two-photon excitation, the fluorescence 
photon flux depends on the square of incident 
photon flux: 


Fo Ger [2] 


where gop is the two-photon cross-section (cm‘ s) 
with 10° °° cm‘ s, called a Goppert—Mayer (GM), C 
the fluorophore concentration, and I? the incident 
photon flux. The two-photon cross-section is a 
quantitative measure of the probability of two- 
photon absorption and as a second-order process is 
low. As it is difficult to directly measure two-photon 
cross-sections, we usually use the cross-section of two 
photon-induced fluorescence (oyppgp) as the product 
of two photon absorption cross-section (op) with the 
fluorescence quantum yield dp oTtpEF = O2phr. 

Intrinsic fluorophore, such as nicotinamide 
adenine dinucleotide (NADH), have low cross- 
sections (<10°*GM), usual fluorescent dye in 
biology ranging between 1 and 300 GM and quan- 
tum dots approaching 50 000 GM. As the probability 
of two-photon absorption is quiet low, high incident 
photon flux needs to be delivered to the sample to 
generate efficient absorption: 


I«<E 





1 
5 [3] 
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I depends on the energy per impulsion E (mean 
power/pulse frequency), the pulse duration Az, and 
the beam waist w. The expression of I clearly 
demonstrates that by using ultrashort pulses and by 
reducing the beam waist, one can maximize the 
incident flux. Currently the most commonly used 
laser source for multiphoton microscopy is the 
femtosecond titanium-sapphire (Ti:Sa) system. 
These pulsed femtosecond lasers deliver a 100 fs 
pulse train at a repetition rate of ~80 MHz with a 
tuning range from 700 to 1000 nm. The beam waist 
depends on the objective numerical aperture. If we 
consider a Gaussian beam profile, with radial and 
axial parameters of o, and a, respectively and for a 
high numerical aperture NA > 0.8: 


3/2 
v=(Z) ot, (4 


with o, ~ 0.52A/sina@ and a, ~ 0.76A/(1 — cos a). 
where A is the excitation wavelength, a@ is the one-half 
of the objective angular aperture (NA =n sina, n 
index of the immersion medium). So for a wavelength 
of 780nm and an objective working with water 
immersion with a numerical aperture of 0.9, the 
excitation volume can be described as an obloidal 
shape with a radial axis of typically 500 nm and an 
axial axis of 1.90 ym. It corresponds to an excitation 
volume of ~ 1 fL ou 1 pm’. Higher resolution can be 
achieved using an immersion oil objective (NA = 1.3) 
at the cost of a higher cost and a shorter working 
distance. 

Typical powers used to generate two-photon 
excitation without damaging the sample are between 
1 and 10 mW for the mean incident power. For a laser 
beam of 1 mW, at a rate of 76 MHz with 100 fs pulse 
duration, and with an objective leading to a surface in 
the focal plane of 1m’, the peak power is 
0.13 x 10? W/cm” at the focal plane of the sample. 
Of course each samples has its own limits regarding 
incident intensity, and the key to use TPEF safely is 
always to reduce the excitation intensity in order to 
avoid photodamage. 


Fluorescent Probes 


Biological systems often possess endogenous fluor- 
escent molecules that can be imaged, revealing 
important sample characteristics without the need 
of labeling (Figure 3a,b). Cells or tissues can be 
imaged through their autofluorescent, with the 
emission of several components, NADH, flavins, 
collagen fibers, etc. Pharmacology studies also exploit 
the natural autofluorescence of aromatic drugs, to 
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Figure 3 Applications showing various capabilities of TPEF: (a) Hela cells in transmitted image and corresponding autofluorescence 
image (b) under TPE (780 nm). (c) After adding 40 ,.M of an anti-HIV drug on similar cells, intrinsic fluorescence of the drug allows us to 


find its preferable localization inside the cytoplasm. 


localize drug inside cells and study their reactivity 
without any labeling. 

However, for some specific applications where the 
autofluorescence is too low, or if one needs to 
specifically identify different cells components 
(Figure 3g), or follow protein mobility, the samples 
need to be labeled your with extrinsic fluorophores. 
Extrinsic fluorophores are organic molecules, first 
developed for one-photon excitation, and are used 
under two-photon excitation with more or less 
efficiency as OPE and TPEF have different quantum 
mechanical selection rules, and the TPE spectrum is 
not always scaled to the half of OPE spectrum. 
Current works are focused on the development of 
specific markers for TPE or SHG to enhance contrast 
and also reduce incident laser power. 

Two new generations of marker have been 
developed: the development of the green fluorescent 
protein (GFP) and its mutant introduces a con- 
venient method for monitoring gene expression in 
cells and tissues; quantum dots are the latest focus in 
fluorescence labeling. They are promising reporters 
as their size (1-100 nm) induces a specific narrow 
emission spectrum in the visible. Absorption can 
occur over a wide range of short wavelengths 
because of the existence of multiple electronic states. 
Time-domain measurement has been performed with 
CdSe quantum dots which shows multiexponential 
decay with fluorescence lifetime of 3.4ns, 16.1 ns, 
and 35.6ns, much longer than autofluorescence 
lifetimes, hence providing greater sensitivity than 
intensity-based measurement. However, like GFPs, 
quantum dots display blinking behavior. 


Two-photon Applications 


Two-photon excitation has become the technique of 
choice for fluorescence microscopy and is applied to a 
variety of imaging tasks on samples ranging from 
single molecules to thick tissues. Owing to the high 
NIR penetration depth, biopsies and living tissue can 
be noninvasively investigated by morphological and 
functional fluorescence imaging of endogenous 


(Figure 3b) or exogenous fluorophores to depths of 
more than 300 pm. In genomics, multiphoton multi- 
colour fluorescence in situ hybridization (FISH) are 
used to label various specific regions of DNA, and 
identified different genes and chromosome regions. In 
pharmacology, a higher penetration and localization 
of photodynamic therapy is observed, detection of 
low drug concentration inside cells facilitates the 
reactivity comprehension (Figure 3b,c). Neurobiolo- 
gists investigate calcium dynamics inside brain slices 
and live animals, or follow neurotransmitter diffu- 
sion. Of course, these are only a few examples among 
the increasing number of applications, and some of 
them are illustrated in Figure 3. 


Two-photon Instrumentation 


Two-photon microscopes are now commercially 
available, however a large number of groups have 
built their own from separate components or by 
modifying an existing confocal microscope. Home- 
made microscopes present a higher configuration 
flexibility for excitation/detection at a much lower 
price. 

Femtosecond, picosecond, and continuous wave 
(CW) laser sources have been used for TPM. By 
using a cw laser sources such as ArKr and NdYag, 
the average power increases by ~200-fold to 
achieve the same excitation rate obtained with a 
femtosecond laser, which is not highly desirable for 
biological samples. So as previously shown, the 
TPE efficiency is higher with shorter pulses, so Ti: 
Sa femtosecond lasers are most commonly used. 

One of the drawbacks of TPM is that it is a 
laser scanning technique. To reconstruct an image 
you need either to move the sample or the laser 
beam. Most commonly x-y mirrors driven by a 
galvanometer scanner are used to scan the laser at 
the focal plane of the sample. Lenses are used to 
expand the beam to overfill the objective back 
aperture and so obtain a diffraction limited focal 
volume. The excitation light enters the modified 
inverted epi-fluorescence microscope (Figure 4). 
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Figure 4 Schematic of a typical two-photon microscope. 


A dichroic mirror transmits the excitation light and 
reflects fluorescence. High numerical aperture 
objectives are used to provide a high resolution 
but also maximize fluorescence collection. They are 
usually mounted on piezo-electric translators to 
provide a fast Z-scan. The fluorescence is collected 
by the same objective, reflected by the dichroic to 
the detector. A filter is placed in front of the 
detector to remove any residual excitation light. 
Typical detectors used are the photomultiplier tube 
(PMT), microchannel plate-PMT (MCP-PMT), 
avalanche photodiode or charge-coupled device 
(CCD) cameras. PMTs are the most commonly 
implemented because they are robust, low-cost, 
have large, active areas, and good sensitivity. 

As TPE is intrinsically confined to the focal volume, 
two-photon microscopy unlike confocal microscopy, 
does not need emission pinholes and descanning 
optics to achieve axial depth discrimination Some 
authors have, however, added a pinhole to enhance 
resolution but at the cost of important sign al loss. 
Concerning the design of the detection pathway, 
depending on the size of the sample scanned, the 
objective magnification and the detector area, one 
may need to use a lens to collect the fluorescence onto 
the detector. 


Fluorescence Detection 


Contrast in fluorescence imaging can be provided 
through several complementary parameters such as 
steady-state intensity, spectral dependence (at absorp- 
tion and emission), or fluorescence lifetime. 


Intensity Imaging 


Intensity images are obtained by summing all the 
incoming photons during an acquisition time (typi- 
cally ~1 to 10 ms) which strongly depends on the 
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fluorescence quantum yield of the sample. The whole 
samples intensity image is obtain by scanning the 
beam on the focal plane with the X—Y scanner, 
leading to an acquisition time of 25s for a 
50 X 50 wm image (1 pm step). 


Spectral Imaging 


Spectral imaging can be a powerful way to 
discriminate different molecules, and to identify 
cellular components or perform co-localization of 
different proteins. It can be performed by either 
using an interference filter in front of the detector 
to extract the contribution in a specific band, or 
more precisely with a spectrometer. However, 
autofluorescent spectral bands are usually broad 
and sometimes it is difficult to separate the different 
emissions. Extrinsic trackers are thus used to labels 
specifically, for example, the nucleus, the plasma 
membrane, and mitochondria, and each tracker 
usually emits in a specific and well-known spectral 
band, allowing to easily discriminate and localize 
the different cellular components. Quantum dots 
offer narrow emission spectra and allow high 
spatial resolution, and with the rapid development 
of their functionalization, they should lead to rapid 
progress in intracellular imaging. 


Fluorescence Lifetime Imaging (FLIM) 


Imaging of fluorescence lifetimes is a useful contrast- 
enhancing method that provides information related 
to the microenvironment with spatial resolution. The 
fluorescence lifetime t corresponds to the average 
time a fluorophore stays in its excited state is given 
by t= (Re + ky) with ke the radiative decay and 
kur the nonradiative decay rate. 

The radiative decay rate is a characteristic property 
of a molecule and therefore may be used to 
contrast different chemical species or fluorophores. 
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The nonradiative decay rate is a function of the local 
environment of an excited molecule, and so fluor- 
escence lifetime measurements can provide infor- 
mation about environmental changes (e.g., pH, pO2, 
[Ca**]). Furthermore, different cellular probes or 
tissue components with similar emission spectra but 
different lifetimes can be distinguished. Another 
advantage of lifetime measurement is that as a 
relative measurement of the fluorescence intensity, it 
does not depend on a non-uniform intensity exci- 
tation of the sample, and also does not depend on 
molecular concentration, allowing one to detect very 
low quantity of molecules. 

Following a delta excitation, the fluorescence 
intensity de-excitation is given byl(t) = Ip e~"”, 
with Ip the initial amplitude. Fluorescence lifetime 
measurement has been demonstrated either in fre- 
quency or time-domains. Time-resolved measure- 
ments in the frequency domain are based on the 
determination of demodulation M and phase shift Ag 
and require modulated light sources (modulation 
frequency w = 27f). 

The excitation source Ig(f) and induced fluor- 
escence I,(t) can be written as: 


Tg(t) = Igo + Ig Cos(wt + Gg) 


5 
Tp(t) = Igo + Ip cos(wt + Gp) an 
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Figure 5 Time course of excitation and emission light in 
fluorescence 
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In the case of fluorescence with mono-exponential 
decay, the lifetime 7 can deduced from the relations 
(Figure 5): 





Tp,,/I 
M= Fo!Lro 


1 
= : a | 6 
Tgo/TE0 ie 


wT = tan(Ag) = v2 
In order to translate the phase and demodulation 
information from the 80 MHz frequency to a lower 
kHz frequency, a modulated gain G(t) at the frequency 
w can be applied to the detector (heterodyne 
detection): 


G(t) = Gp + G,, cos(w't + Gc) [7] 


The detector response S(f) is thus proportional to the 
fluorescence intensity: 





Gal Ip 1 
S(t) = Golpo + ° 
(t) olgo 5) it (op? 
X cos[(w — w)t + Gg — op + Ag] [8] 


In the time-domain, the single point detection system 
is called time-correlated single-photon counting 
(TCSPC). The principle of the TSCPC system is 
shown in Figure 6. For each excitation pulse a trigger 
signal is sent to a time-to-amplitude converter (TAC) 
within which a capacitor starts charging linearly 
with time. Upon arrival of each fluorescence photon 
on the detector a second trigger pulse stops the 
capacitor charging. The charge is proportional to the 
delay between the excitation pulse and the fluor- 
escence photon. By repeating the measurement over 
many thousands of excitation pulse, a histogram of 
photon arrival can be build up. As each photon must 
be record individually, the incident power is reduce 
to avoid the detection of only photons from the 
beginning of the decay (pile-up) which would lead to 
shorter lifetimes. To match detector dead-time and 
TAC counting rate, the TAC is oftenly used in 
reverse mode: the fluorescence photon starts the TAC 
and the following pulse stops it. 
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Figure 6 Schematic of time correlated single photon counting system. 
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Figure 7 Typical instrumental response of MCP-PMT (black 
curve), and fluorescence decay curve of rhodamine B (grey curve) 
with 7 ~ 1.7 ns. 


Typical detectors used are the photomultiplier tube 
(PMT), microchannel plate-PMT (MCP-PMT), and 
avalanche photodiode. 

Typical instrumental response of our MCP-PMT is 
represented in Figure 7 (black curve) leading to a 
resolution of 30 ps. Depending on the fluorescence 
quantum yield of the sample, in order to have a good 
signal to noise ration, acquisition time is ranging 
between 1 and 30s per point. Fluorescence decay of 
rhodamine B with a lifetime 7~ 1.7ns is also 
presented in Figure 7. 

For both detection approaches, single point lifetime 
measurements can be extended to lifetime imaging by 
synchronizing the sample scanning and the lifetime 
detection. However, due to the long time acquisition 
needed, images are only limited to small interesting 
areas rather than the whole sample. We will see in the 
recent development section below, new ways to 
overcome this issue. 


Fluorescence Correlation Spectroscopy (FCS) 


FCS experiments are performed by recording fluor- 
escence intensity fluctuations (i.e., fluorescence bursts 
(Figure 8)) from the small focal volume (<1 fl). 
Applications include diffusion, chemical reactions, 
molecule concentration, or hydrodynamic flow—FCS 
under TPE benefits from all the advantages of TPE 
versus OPE. 

Various experimental parameters can be extracted 
through temporal analysis of fluorescence intensity 
fluctuations by calculating the autocorrelation or 
cross-correlation of the fluorescence signal defined as: 
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Figure 8 Fluorescence intensity raw data along the time. Bursts 
are observed when molecules cross the focal volume. 

















1.08 Latex beads R=13nm 
(OF Viscosity (cp) _ 
1.06 ri tT 
1.05 3.6 
" 6 
te 1.044 ; 
DB Se 
1.03 q 4%, | 
QB 
1.02 on 
1.01 - “ >, 
“Rp Ro 
1.00 | SRR ana Stigg 
hd A el 
0.1 1 10 100 1000 
Time (ms) 


Figure 9 Correlation function observed for microspheres placed 
in different viscous solution. 


where I; is the time-dependent fluorescence signal. By 
considering that the fluorescence intensity fluctuates 
around a mean value: 





Ip(t) = (Ip) + 8] p(t) [10] 
the autocorrelation function can be written as: 


(Ie) 


FCS have been extensively used to extract diffusion 
coefficient of small fluorescent latex bead in solution, 
showing the influence of the bead radius or solvent 
properties. Figure 9 clearly exhibits the influence of 
the viscosity of the solvent on the diffusion of 
microspheres. Single molecule detection has also 
been reached. FCS as also been extended to biological 
applications where the low background associated 
with TPE and the reduced autofluorescence is critical. 
Diffusion of microbeads inside cells cytoplasm 
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or bacterial biofilms have been successfully 


demonstrated. 


Recent Developments in Two-Photon Microscopy 


Towards video microscopy 

All the nonlinear microscopies share an important 
limitation: the image build up pixel-by-pixel by 
scanning across the sample, leading to long-time 
acquisition. Depending on the sample’s emission 
and the area studied, scanning rates between 0.5 Hz 
and 30Hz can be reached for intensity images. 
To speed up this acquisition time, a first approach is 
based on a line excitation, in combination with 
widefield CCD detection. This provides real-time 
image acquisition rates at the expense of a reduced 
axial resolution (5 wm instead of 1 wm). A more ideal 
way of spreading the available excitation power over 
the sample and speed up image buildup, is the 
simultaneous use of several well separated foci, each 
of them generating a diffraction limited spot. In 
combination with whole field detector, as with a CCD 
camera, image acquisition rates can be strongly 
enhanced without compromising resolution. The 
spacing between the foci must be carefully chosen in 
order to avoid out-of-focus interference. By introdu- 
cing time-delay between the different foci, larger than 
the pulse duration, each foci of a microlens array can 
be position very closed without loss of resolution. An 
alternative way has been proposed; a special beams- 
plitter has been developed to create multiple beams 
with a higher efficiency, furthermore this setup 
inherently induced time-delay between each foci. 
Time-domain has been demonstrated in both 
approach, and FLIM maps on cells imaging have 
been obtained in only few second with 200 ps time 
resolution. 


Sharpen the focal point 

Nonlinear microscopy facilitates 3D-imaging but the 
resolution is still limited to 180 nm in the focal plane 
and 500-800 nm along the optical axis. According to 
the diffraction theory, the resolution of a focusing 
light microscope is related to the size of its focal 
point. In the mid-1990s, new concepts appeared to 
break this diffraction theory and sharpen the focal 
volume. In 4-pi microscopy the sample is placed 
between two large NA objective lenses in a single axis 
at their common focus. Coherent interference of 
beams passing through the two lenses generate a 
point spread function whose central maximum is 3-4 
times narrower than in the normal confocal case, but 
which also has side lobes. This last issue can be 
overcome using two-photon excitation. A two- 
photon 4-pi microscopy can thus result in a resolution 


of ~100 nm in all directions, and has been demon- 
strated successfully on filamentous actin and immu- 
nofluorescently labeled microtubules. However, a 
4-pi microscopy requires the sample to be thin and 
mounted between two coverslips, unless one of the 
lenses is a dipping lens. Recent development on 
sample chambers allows one to overcome this issue, 
and results in live mammalian cells have been shown. 
A compact 4-pi commercial version has recently been 
proposed (Leica), achieving a seven-fold-improved 
axial resolution (80 nm) compared to the classical 
two-photon microscope. 

Another technique, also developed by Professor 
Hell’s group, is called stimulated emission depletion 
(STED) microscopy. The fluorophore in the fluor- 
escent state S1 is stimulated to the ground state SO 
with a doughnut-shaped beam. The depletion of the 
$1 saturates with increased Ictgp intensity, and 
therefore establishes a nonlinear relationship between 
the fluorescence and the intensity applied to the 
STED. The saturation of $1 depletion is the essential 
element for breaking the diffraction limit as it 
confines fluorescence to the center. Spot size is not 
limited, but in practise depends on the quality and the 
saturation factor limited depletion. Using STED 
microscopy with wavelengths of 750-800 nm leads 
to a lateral resolution of up to 28nm on single 
molecules experiments. 

STED microscope has been successfully com- 
bined to 4-pi microscopy, and lateral resolution of 
30-40 nm has been demonstrated. 


Others Nonlinear Imaging 
Techniques 


The success of two-photon microscopy has opened 
the way for other nonlinear microscopy. As opposite 
to multiphoton fluorescence absorption techniques 
where the induced signal is incoherent fluorescence, 
the signal generated by harmonic generation and 
stimulated Raman scattering is coherent with specific 
directional and polarization properties, as such 
fluorescence and harmonic images are derived from 
fundamentally different contrast mechanisms. How- 
ever, both techniques share many features like 
intrinsic three-dimensionality, reduce photobleaching 
or deep sectioning, and require essentially identical 
equipment, allowing one to combine these two 
techniques as discussed further below. 


Second-Harmonic Generation Microscopy 


SHG is a second-order nonlinear optical process that 
can only arise from a medium lacking a center of 
symmetry, for example, an anisotropic crystal or at an 


100 MICROSCOPY / Nonlinear Microscopy 





interface of a membrane. SHG can be used to image 
tissue, muscles, cells membranes, or protein array, 
and has been recently reported to enhance membrane 
potential by using voltage sensitive dye. 

SHG does not arise from an absorptive process, as 
the intense laser field induces a nonlinear, second- 
order, polarization in the assembly of molecules, 
resulting in the production of a coherent wave at 
exactly twice the incident frequency (half the 
wavelength). As represented in Figure 10, for an 
excitation at 800 nm, the SHG is observed at 400 nm 
and depending on the fluorescence properties of the 
molecule, a broadband fluorescent spectra is emitted 
in the visible. 

Contrary to TPEF, where the emission properties 
depend only on the molecular properties and are 
independent of the laser source, the spectral and 
temporal characteristics of SHG are derived from the 
laser source. The SHG is temporally synchronous 
with the excitation pulse and its bandwidth is 1/V2 of 
the laser’s bandwidth. As SHG is an instantaneous 
process, the signal is only generated during the 
duration of the laser pulse (Figure 11), in contrary 
to TPEF where de-excitation of the molecules can 
occur over several nanoseconds after the pulse 
excitation. 

A major difference between SHG and TPEF is that 
SHG requires a noncentrosymmetric environment to 
produce a signal. By examining the second term of 
eqn [1] P = x” E* where the polarization and electric 
field are vector quantities and y” is a tensor, this 
condition is only satisfied for a birefringent crystal, an 
order array, or an interface. For example, the induced 
polarization from molecules in a dye cuvette (centro- 
symmetric sample) would be equal and opposite in all 
directions, leading to a vector sum zero. The SHG 
propagation is essentially in the forward direction, 
and the emission pattern is confined to twin lobes in 
the case of surface generation, or a cone in the case of 
volume generation. The off-axis of the two lobes 
critically depend on the tight focus of the driving field. 
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Figure 10 Wavelength domain for two-photon induced fluor- 
escence and second-harmonic generation: excitation meets 
the same criteria and Ti: Sa are typically used in the range 
700-1000 nm. For a typical excitation at 800 nm, fluorescence 
will be observed over ~ 450 nm, and SHG, at exactly 400 nm. 


The total radiated SHG power can be derived by 
integrating the radiation profile from all the emission 
directions: Psy¢ = 40,N*o7I5 with a o< lyI”, Ip the 
driving field intensity at the focal center, N the 
effective number of radiative molecules, and 
O) ~ (0.1A/w9). 

A schematic of a typical SHG/TPEF microscope is 
shown in Figure 12. The excitation source is a mode 
locked Ti:Sa laser which delivers ~ 120 fs at 76 MHz. 
The laser light is focused into the sample with a water 
immersion microscope objective (Olympus, LUM- 
planFl 60x) and the resultant SHG is collected in a 
forward direction, while TPEF is collected in the 
backward direction. 

Figure 13 illustrates SHG and TPEF images of 
Di-6-ASPBS molecules under 880 nm excitation. 
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Figure 11 Typical time-response for two-photon induced 
fluorescence and SHG. SHG signal is an instantaneous process 
whereas fluorescence emission can occur several nanoseconds 
after the pulse excitation. 
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Figure 12 Schematic of SHG setup combined with TPEF 
extracted from (DM dichroic mirror, MO microscope objective NA 
0.9 water immersion, C condenser, F colored glass filter, BP 
bandpass filter, PMT photomultiplier tube). Reproduced with 
permission from Moreaux L, Sandre O, Blanchard-Desce M and 
Mertz J (2000) Membrane imaging by simultaneous second- 
harmonic generation and two-photon microscopy. Optics Letters 
25: 320-322, © 2000 Optical Society of America. 
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When in the course of human events, it becomes necessary to look at neat signals floating around your radio, you go to a hamfest 
and buy that $50 o-scope. Now what? This two part article will attempt to explain basically how an oscilloscope works, operator 
functions, basic measurements, and some advanced applications. An o-scope is a powerful tool in any shack — even a real 
"cheapie" with limited bandwidth. 


HOW AN OSCILLOSCOPE WORKS 

A block diagram of a typical o-scope is shown in Fig. 1. The test probe usually plugs into the scope via a BNC connector, then 
passes through a switch to determine whether the input signal will be dc or ac coupled (to remove any dc component). Often this 
switch will have a "ground" position for setting the zero-volts reference. Next is the input attenuators. The vertical input amplifier 
is quite sensitive, designed for 20-50mV of input. For larger input voltages, the signal is applied to attenuators comprised of sim- 
ple voltage dividers. This is the first area of concern for cheap o-scopes, as the input attenuators may not be very linear or accurate. 
For example, if you appy a 10Vpp signal on the 1 0v/division setting, the signal should be 1 division high. Switching to 1 v/div., the 
signal should be 10 divisions (usually full-scale) high. If it is not exactly 10 divisions, the attenuator for that setting needs adjust- 
ing. Some scopes have internal adjustments for fine-tuning each attenuator setting. 


























Following the attenuators, the signal is applied to ; 
the first vertical amplifier, which converts the Input @ Volts/division asia cea 
input to a differential signal. This differential sig- al “a 
nal is amplified up to high voltages for the oscillo- f AC 
scope deflecting plates — moving the beam up and el CHa ac! 
down (in the vertical axis). Input 7 
The sweep generator is usually a constant current 
source charging a capacitor to make a sawtooth HORIZONTAL 
waveform that eventually deflects the beam in the a AMPLIFIER 
horizontal axis. The frequency of the sawtooth 4 - 
determines how fast the beam travels from the left ® Trigger} Rectan grager 
to the right side of the tube, and is controlled by the Time/division p Te 
sweep control, usually calibrated in seconds, (Sec/div) oT 
milli-seconds or micro-seconds per division. This ey = ane External 
is the second area of concern for an oscilloscope — een) F 3 oreo) Trigger 
how linear the sawtooth waveform is generated. anager @ -- 7 put 
: . Level -V 
For example, a sawtooth with a nonlinear ramp 
will cause the signal displayed in the central por- FIG. 1 - Basic block diagram of an Oscilloscpe 











tion of the tube to be expanded or compressed 
compared to the signal at the ends. 


The sawtooth ramp is amplified to high voltages, applied to the oscope tube, to deflect the beam from left to right. An important 
task of an oscope is when the horizontal deflection begins. Normally a switch labeled "Trigger Source" determines what initiates 
the sawtooth ramp. In the "Internal" position, a sample of the input signal (in the vertical amplifiers) is sampled, with a variable 
resistor setting the level. When the input signal exceeds the "Trigger Level," a pulse is generated to start the sawtooth ramp and 
hence the horizontal sweep. The purpose of triggering is to keep the input waveform synchronized to the sweep so it appears 
stationary on each sweep. The trigger source usually has a "Line" position, which simply triggers the sweep off of 60Hz from the 
power supply. This synchronizes the sweep to the AC power frequency and is useful for checking television signals, which are 
synchronized to the power mains. Also, an "External" position may be present, which connects an external input signal (viaa BNC 
connector) to trigger the sweep generator. 


Other features your oscope may have are two vertical channels for dual trace operation, various modes to display both waveforms 
(alternate, chopped, A+B added, etc.), delayed sweep features, dual sweep time bases, built in calibrators, etc. 


CALIBRATING YOUR OSCILLOSCOPE 


The first thing you should do upon acquiring an o-scope is to check its calibration. 


The vertical amplfiers can be checked with a known voltage source or 9v transistor radio battery. Measure the output voltage 
of the battery with an accurate voltmeter. Let's say it just happens to be +9v exactly. Set the input coupling to ground (Ov) and move 
the trace to the bottom division. Switch the input coupling to DC and set the attenuators to 1v/div. The deflection should be 9 
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Figure 13 (a) SHG and (b) TPEF of two adhering vesicles labeled with Di-6-ASPBS (equatorial slice) excited at 880 nm. (c) The 
forward-detected SHG spectra (left peak) and the backward broad band fluorescence spectra (right peak). The Stokes shift in fluorescence 
leads to an important spectral separation between the two peaks. An expanded view of the SHG peak is presented in the inset. 
Reproduced with permission from Moreaux L, Sandre O, Blanchard-Desce M and Mertz J (2000) Membrane imaging by simultaneous 
second-harmonic generation and two-photon microscopy. Optics Letters 25: 320-322, © 2000 Optical Society of America. 


The total acquisition time for the images was 1.5 s for 
an excitation power less than 1 mW. The adhesion 
area where the membranes are fused exhibits a 
centrosymmetric molecular distribution wherein 
TPEF is allowed, but not SHG. The corresponding 
forward-detected emission spectra of SHG (left peak) 
and TPEF (right peak) is shown in Figure 13c. 


Third-Harmonic Generation (THG) 


Third harmonic generation takes advantage of the 
discontinuity of third-order nonlinear susceptibility 
x) at material interfaces. At the focus point of an 
input laser beam with wavelength A, this disconti- 
nuity gives rise to a new wave in the forward direction 
at the third-harmonic, 4/3. This signal can be 
analyzed in the transmission mode either with a 
single pixel detector or with a CCD camera. As with 
the other nonlinear techniques, THG offers a high 
3D sectioning capability. Since all materials have 
nonvanishing third-order susceptibilities, THG 
microscopy can utilized as a general-purpose 
microscopy technique, with no need for fluorescence 
labeling or staining. Experimental setup for THG are 
very closed to SHG microscope. The need for efficient 
THG in the sample, together with low average laser 


power to avoid heating, dictates a laser source that 
operates with femtosecond pulses. The lasers that are 
often used THG microscopy are a synchronously 
pumped OPO at the wavelength of 1500 nm, a low 
repetition-rate OPA at 1200 nm and a Cr:Forsterite 
laser at 1240 nm. All these lasers are in the infrared 
above 1200 nm, thus generating THG signals in the 
visible range. These visible signals are compatible 
with the collection optics. A infrared laser undergoes 
low scattering, however absorption in water strongly 
increases. 

THG have been demonstrated from subcellular 
to millimeter-size organisms with imaging of nerve 
cells, chloroplasts of a leaf, or Ca”? intracellular 
dynamics. 


Coherent Anti-Raman Stokes (CARS) 


Chemical imaging by use of inherent molecular 
vibration signals avoids the photobleaching problem 
and perturbations to cell function induced by 
fluorophore labeling. Confocal Raman microscopy 
can provide 3D spatial resolution but it requires high 
average power due to small cross-section of Raman 
scattering, or long-time exposure which is not 
desirable in studying dynamic living system. 
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The above difficulties can be circumvented by multi- 
photon vibrational microscopy based on coherent 
anti-stokes Raman scattering (CARS). CARS is a 
four-wave mixing process in which a pump field 
E,(@,), a Stokes field Es (ws), and a probe field 
E,' (@,’). Interact with a sample and generate an anti- 
Stokes field Eas, at the frequency was = @) — ws + 
wy. In practise, the pump and the probe fields derive 
from the same laser w, = wy and was = 2a, — ws. 
The energy diagram of CARS is shown on Figure 14. 

The CARS intensity is the square modulus of the 
induced polarization, P? = YESE,, with x) the 
third-order susceptibility. 

The application of the CARS process to 
microscopy opens up a new method for chemical 
imaging. In CARS microscopy, the signal is also 
dependent on the square of the pump field intensity, 
so the temporally and spatially overlapped pump and 
Stokes laser pulses tightly focused into a sample, 
generate a signal of a small excitation volume 
(<1 m°). As with all other nonlinear imaging 
techniques, the image is obtained by raster scanning 
the sample or the laser beams. The vibrational 
contrast in CARS microscopy arises from signal 
enhancement when w, — w, is tuned to Raman-active 
vibrational frequency 0. CARS signal generation 
needs to fulfill the phase-matching condition, 
I <Ic= w/lAkl = a/lk,, — (2k, — k,)l, where ky, k,, 
and k,, are wavevectors of the pump, Stoke and 
CARS fields, respectively, and Ak is the wavevector 
mismatch. 

CARS presents several advantages similar to TPEF: 
high 3D sectioning capabilities, a low scattering and 
absorption of the excitation beams. CARS signal is 
higher in frequency than one-photon fluorescence, so 
it can be detected in the presence of a strong 
fluorescent background. Vibrational contrast is 
intrinsic to biological samples. Fluorescent probes 
are not necessary and photobleaching is thus circum- 
vented. The coherent signal accumulation in the 
CARS process produces a strong and directional 
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Figure 14 Energy diagram for Coherent anti-Raman 


spectroscopy (CARS). 


signal, making CARS microscopy much more sensi- 
tive than the conventional Raman microscopy. 
Consequently, CARS microscopy requires only a 
moderate average power tolerable by biological 
samples and has a high data acquisition speed. 
However, CARS microscopy is not without short- 
comings. First, the intrinsically weak induced non- 
linear polarizability requires sophisticated laser 
excitation sources with high peak power and moder- 
ate average power, and with low jitter. Second, unlike 
fluorescence imaging, CARS measurement is not 
background free, and the nonresonant signal limits 
the image contrast. 

The typical setup is very similar equipment 
compared to TPEF and SHG. The main difference 
arise from the excitation, two laser beams, the pump, 
and Stokes laser beams overlapping (in space and 
time) and are tightly focused into the sample using a 
high NA objective. The CARS signal can be detected 
in the forward (F-CARS) and the epi-detection 
(E-CARS). Unlike fluorescence emission and spon- 
taneous Raman scattering, the radiation pattern of 
CARS is dependent on both the size and shape of a 
scatterer. The two detection geometry are thus 
complementary, the forward detection is suitable for 
imaging objects of a size comparable to or larger than 
the excitation wavelength. 

For smaller objects, the F-CARS contrast is limited 
by the large nonresonant background from the 
solvent. Epi-detected CARS (E-CARS) microscopy 
provides a sensitive means of imaging objects having 
an axial length much smaller than the excitation 
wavelength because it avoids the large background 
from the solvent. 

On the application side, CARS microscopy has 
been used for mapping the distribution, orientation, 
and diffusion of specific molecules in dynamic 
samples, for imaging lipids, proteins, and chromo- 
somes in unstained live cells, and for monitoring 
cellular processes. CARS is a very promising tech- 
nique to image small molecules such as lipids, 
hormones, and drug molecules, for which fluor- 
escence labeling is prone to alter their function in 
cells and tissues. As for SHG, CARS microscopy is 
often combined with TPEF in order to obtain 
simultaneously the complementary contrasts. 


Conclusion 


Since its introduction more than a decade ago, two- 
photon fluorescence microscopy has quickly become 
a standard tool in biophotonic with applications 
ranging from the study of single molecules to thick 
tissue imaging. TPEF has opened the way to new 
coherent nonlinear imaging techniques such as SHG, 
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THG, or CARS which all shared a high spatial 
resolution. Based on different contrasts these different 
approaches are often combined for a more complete 
diagnosis. With developments of new low cost, 
compact, and reliable lasers with tuning wavelength 
covering the spectra of a wide range of endogenous or 
extrinsic markers, nonlinear imaging will continue its 
successful implementation outside physics labs. 
Development of endoscopy systems in which ultrafast 
pulse duration is preserved, will open a new range of 
in vivo studies. Nonlinear imaging still has more to 
offer and will definitely be a powerful tool for 
biomedical applications. 
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Microscopy: Overview. Nonlinear Optics, Basics: 
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Introduction 


Many biological specimens behave as phase objects, 
that is, they alter the phase of the light transmitted 
through them, rather than its intensity. Similarly, 
reflection from a surface with height variations alters 
the phase of the reflected light. Observation of phase 
objects requires special imaging techniques. These 
include defocusing, dark field, Zernike phase con- 
trast, Schlieren imaging, Hoffmann modulation con- 
trast, differential phase contrast, interference 
microscopy, shearing interferometry, Nomarski 
differential interference microscopy, and digital 
phase retrieval. The imaging performance of these 
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different methods are most easily appreciated and 
compared by consideration of the transfer function 
approach. In particular, we can consider weakly 
scattering objects and slowly varying phase objects as 
special cases. 

When a thin unstained biological specimen is 
illuminated, in general the transmitted light suffers 
changes in amplitude, phase, and polarization. The 
change in polarization is related to the birefringence 
of the sample, which is neglected in the following. 
Thus the object (complex) amplitude transmittance 
can be written: 


t(x, y) = a(x, ye” [1] 


where a(x, y) is real and represents the modulus (also 
called amplitude) of the light wave on exiting from 
the sample, and (x,y), also real, represents the 
phase. In a perfect microscope, we observe the 
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intensity of the transmitted light, so the image is given 


by 


I(x, y) = la(x, ye’? = a?(x, y) [2] 


Thus the phase information is invisible in the image. 
A perfect microscope does not image phase 
variations in the object, but results in an image 
that depends on the amplitude of the transmittance, 
called amplitude contrast. Usually the change in 
modulus is also small, so that the image will exhibit 
weak contrast, which may not be discernable. 
In order to render the phase variations visible it is 
necessary to modify the microscope in one of a 
number of different ways. 

This conclusion is also relevant in incident light 
microscopy of surface structures. Then phase changes 
result from variations in surface height, and can be 
made visible by phase contrast microscopy. Quanti- 
tative measurement of the phase allows quantitative 
measurement of the surface profile. But care must be 
taken to avoid errors caused by phase change on 
reflection from a conducting material, or from effects 
of the numerical aperture of the optical system. In 
transmission microscopy quantitative phase measure- 
ment can be useful too, for example giving the 
concentration of a solute. 

Some of these phase contrast methods are easily 
understood using the simple imaging model described 
above. Others are more easily appreciated by 
considering imaging in terms of Fourier optics, 
equivalent to Abbe’s theory of microscope imaging. 
We introduce the angular spectrum of the object 
amplitude transmittance: 


T(m,n) = [- i t(x, y) exp[—i2a(mx + ny)]dx dy 
[3] 


where m,n are spatial frequencies in the x,y 
directions. We can write for the object amplitude 
transmittance: 

(x,y) 


Ux, y)=e [4] 


where (x, y) is in general complex. For a weak object 
we have 


U(x, y) ~ 14+ d(x, y) [5] 


and the spectrum is 


T(m, n) = &(m)d(n) + Bim, n) [6] 
where 6 is a Dirac delta function and |B| < 1. The 
problem with imaging of phase arises because a 
change in the imaginary part of b produces only a 
small change in the modulus of t. 


For a coherent imaging system, with coherent 
transfer function c(m,n), the image intensity is 


I(x, y) = 





[. [- c(m,n)T(m, n) 


2 


x exp| aT mx +ny) Jen dn [7] 





where M is the magnification. The coherent transfer 
function c(m, 2), is equal to the scaled pupil function 
P(Afm, Afn), where f is the focal length of the 
objective. Substituting eqn [6] into eqn [7] and 
dropping terms of second order we obtain: 


I(x, y) = |c(0, 0)? + anf 0) i i 


xX c(m, n)B(m, n) exp| ST mx + ny) |e in} [8] 


Normalizing the transfer function to unity at the 
origin: 


I(x,y)=1+ anf - i c(m, n)B(m, n) 


x exp “a (mx + ny) |e inf [9] 


For an axially symmetric aberration-free system, 
the coherent transfer function is real and even, so that 
a pure phase object is not imaged (only the Hermitian 
component of B is imaged). Many phase contrast 
methods in principle rely on appropriate modification 
of the coherent transfer function, either by making it 
complex or asymmetric. 

However, this theory is an approximation as 
microscope systems are in practice partially coherent. 
For a partially coherent system the image intensity is 


wes=[ ff J _Commp.ay Tomy 





. i2 
xT"(p.gexr| <7im p)x+(n ay] fama [10] 


where C(m,n;p,q) is the partially coherent transfer 
function, sometimes called the transmission cross- 
coefficient, which can be calculated as an integral 
over the objective and condenser pupils. The partially 
coherent transfer function is nonzero over a finite 
region of m,n;p,q space, thus limiting the resolution 
of the system. Then eqn [8] for a weak object 
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becomes, normalizing so that C(0,0;0,0)=1: 


I(x,y)= 1a [ le C(m,n;0,0)B(m,n) 


xexp| Tnx ry) Jaman} [11] 


where C(m,7;0,0) is called the weak object transfer 
function. 

For the image of a general object that is not 
necessarily weak, eqn [10] is often difficult to 
interpret. We can gain much insight into the imaging 
process by considering another special form of object, 
this time a slowly varying object: 


t(x, y) = a(x, y) exes 38 +y “ )| 


where a and ¢ are assumed slowly varying. Thus, the 
object spectrum, assumed now as slowly spatially 


varying, is 
1 of) 1 da¢ 
1 
27 0x a(x 27 oy [13] 


Substituting in eqn [10], we then find: 


[12] 





T(m,n) =~ aa(m 


I(x, y) = a(x, y)C(m, n; m,n) 


_ lag _ 1 ad 
Qi ax’ 2a ay 


[14] 





in which C is called the phase gradient transfer 
function, and is real. For an ordinary bright field 
system, C is an even function. Thus a phase gradient 
results in a change in image intensity, but for an 
axially symmetric system the sign of the change is 
independent of the sign of the phase change. 


Defocused Imaging 


Historically, the oldest method of phase contrast is 
simply to defocus the object. The transfer function is 
then complex, and phase detail is imaged. If the 
system is aberration-free, the contrast of the phase 
information reverses on the opposite side of focus. 
The strength of the contrast increases with defocus, 
until eventually artifacts are introduced when the 
imaginary part of the transfer function becomes 
negative. If the relative condenser aperture is too 
large, contrast is reduced. 
Assume a pure weak phase object: 


t(x, y) = 1 + id cos(2 7px) [15] 








so that 
Tem,n) = | 50m) +i 80m ”) 4 iS 3m ! ») [an 
[16] 
Then: 
I(x, y) = 1 — dC\(v, 0; 0, 0) cos( a ) [17] 


where C; is the imaginary part of C. Thus the phase 
information is imaged by the imaginary part of the 
weak object transfer function. 


Dark Field Microscopy 


Dark field microscopy can be used to visualize weak 
amplitude and phase information. The constant 
background in eqn [5] is eliminated, so we obtain 
an image of b. Note that eqns [8] and [11] are no 
longer valid because we cannot neglect the second- 
order term. For a coherent system, the background 
can be eliminated by use of a central stop to intercept 
the nondiffracted light. For a partially coherent 
microscope, an annular condenser aperture (larger 
in diameter than the objective pupil) is used (Figure 1). 
In both cases, in practice a range of low spatial 
frequencies are eliminated, resulting in the appear- 
ance of halo artifacts. 

For the pure weak phase object of eqn [12], the 
image in a coherent microscope is 





I(x, y) = 5P CCW, oft + cos( amin ) [18] 
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Figure 1 Schematic diagram of dark field microscopy. 
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so that the spatial frequency is double that in the 
original object. For the partially coherent microscope, 
we have 


I(x, y) = + 4'| Cu. v; 0, 0) 
+ C(y, —v; 0,0) cos( am )| 


in which the two terms represent difference and sum 
frequency components. However, it can be shown 
that for the annular dark field system the transfer 
function for sum frequencies is zero, so the image 
intensity is a constant. The system images only 
difference frequencies of pairs of spatial frequencies, 
and not sum frequencies. 

For a slowly varying phase object, zero intensity 
results from a region of constant phase, but the 
intensity rises quickly for small values of phase 
gradient, thus giving strong contrast. For larger 
phase gradients, the intensity falls off slowly. 





[19] 


Zernike Phase Contrast 


The Zernike phase contrast method is similar to dark 
field except that the direct (nondiffracted) light has its 
relative phase changed by 90°, rather being elimi- 
nated. In practice this is achieved using an annular 
condenser aperture and an objective with a phase ring 
(Figure 2). The phase change can be +90°, giving 
positive or negative phase contrast. The phase ring is 
usually only partially transmitting, which has the 
effect of enhancing the sensitivity. From eqns [8] 
or [11], imaging of a weak object is linear in phase. 
The halo artifact is present, as in dark field 
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Figure 2 Schematic diagram of Zernike phase contrast 
microscopy. 


microscopy. Weak amplitude information is imaged 
as in dark field microscopy. 
For the weak phase object eqn [12], we then have 


TVX 





I(x,y)=1+ © €(1,0:0.0) cos( = ) [20] 


for positive or negative phase contrast, respectively, 
where g is the amplitude transmittance of the phase 
ring. The response of the weak object transfer 
function is improved as a result of the annular 
condenser aperture. 


Schlieren Imaging, Hoffman 
Modulation Contrast, and Differential 
Phase Contrast (DPC) 


In Schlieren imaging with coherent illumination, a 
half plane mask (a Foucault knife edge) is inserted to 
eliminate say the negative spatial frequencies in x. 
Taking now c(0,0) = 1/2, eqn [8] becomes, after 
normalization: 


I(x, y)=1+ onl [- le c(m, n)B(m, n) 
ida 
x exp| yr me ty) |e an} [21] 


For the weak phase object eqn [15], we then have: 


2avx ) 

M 
The image exhibits a variation in phase quadrature to 
the original phase variation, that is, it is related to the 
x-derivative of the phase. The effect occurs because 
the coherent transfer function contains an odd (but 
real) part. 

For a partially coherent microscope a similar effect 
can be achieved simply by offsetting the illumination 
system, but now the transfer function is no longer 
single-sided. It can be resolved into odd and even 
parts that result in differential phase contrast and 
amplitude contrast, respectively. The amplitude con- 
trast component merely contributes to the back- 
ground for a phase-only object, and can be removed 
simply by contrast enhancement of a digital image. 
The offset can be introduced in practice by inserting a 
half-plane mask into the condenser aperture stop. 
Imaging of a slowly varying object can be explained 
by eqn [14], in which the transfer function is not 
symmetrical. The image shows a_pseudo-three- 
dimensional bas relief effect. A commercial 
implementation of an asymmetric transfer function 
is Hoffman modulation contrast, which uses offset 





I(x, y) = 1 — de(v) sin( [22] 
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illumination together with an amplitude mask in the 
objective pupil (Figure 3). Advantages of Hoffman 
contrast are that it uses standard bright-field objec- 
tives and avoids problems from birefringent 
specimens. 

A similar method can be used in scanning laser 
microscopy. In a scanning microscope the effect of 
the illumination and detection systems are inter- 
changed. Thus DPC can be achieved in a scanning 
laser microscope by offsetting the detector. In 
practice this is conveniently done by using a split 
detector (Figure 4), a detector divided into two 
semicircular elements. If the signal of one half is 
subtracted from that of the other, the amplitude 
contrast component cancels out, so that pure 
differential phase contrast results. For weak phase 
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Figure 3 Schematic diagram of Hoffmann modulation contrast 
microscopy. 
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Figure 4 Schematic diagram of differential phase contrast 
(DPC) microscopy. 


gradients, the intensity varies linearly with phase 
gradient, again showing the bas relief effect. It is thus 
bi-directional, and the difference signal can become 
negative. A constant value is, therefore, usually added 
to it before display. The sum of the two detector 
elements results in a conventional bright-field image. 
From eqn [14], both difference and sum signals are 
proportional to a?(x, y), so that if the ratio of these 
two signals is extracted, an image of the phase 
gradient in the x direction results. The response to 
either weak phase gradients or fine detail can 
be enhanced by modifications using annular split 
detectors. Use of a quadrant detector allows the phase 
gradients in the x and y directions to be imaged. DPC 
microscopy has been demonstrated to be sensitive 
enough to observe monomolecular films and atomic 
surface steps. 


Interference Microscopy 


Interference microscopy allows quantitative measure- 
ment of the object phase by interference of the object 
beam with a reference beam. In the transmission 
geometry, a Mach-Zehnder interferometer is used, 
which is effectively two parallel microscopes, each 
with matched condenser and objective lenses. In the 
reflection geometry we can use a Michelson, a Mirau, 
or a Linnik interferometer. The Michelson interfe- 
rometer has an inclined beamsplitter and the refer- 
ence mirror situated between the objective and object, 
and hence can be used only with low numerical 
aperture objectives. The Linnik interferometer has 
matched objectives in the object and reference beam 
paths. There is no limit to the numerical aperture that 
can be used, but it is not a common-path inter- 
ferometer and is hence sensitive to vibrations and 
air currents. Probably the most practicable system for 
interference microscopy in the reflection geometry is 
based on the Mirau interferometer that uses a 
beamsplitter with its normal parallel to the optic 
axis. Until recently, interference microscopes used a 
small condenser aperture giving nearly coherent 
illumination. The image consists of three com- 
ponents: an object beam term (noninterference 
image) a reference beam term, and the interference 
term. The phase (and amplitude) of the object 
beam can be extracted using phase stepping or 
heterodyning techniques. The measured phase is 
wrapped, and requires unwrapping to obtain the 
absolute phase. 

If the condenser aperture is opened up, the 
behavior is modified. The interference term is 
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given by 


Tint (x, y) — ant | | Cint(™M, n)T(m, n) 


x exp| em) |e inf [23] 


where Ci,,(77, 7) is the coherent transfer function for 
interference imaging, given by a convolution integral 
of the object path objective pupil with the product of 
the reference pupil and the source. The first thing to 
note is that for a high numerical aperture, the 
spacing of the interference fringes is increased by 
20-40%, and depends on defocus, tilt, and central 
obscuration. Thus accurate measurement of phase 
requires careful calibration. The objective pupil 
exhibits a phase variation when defocused that 
reduces the modulus of the coherent transfer 
function, resulting in the fringes being modulated 
by an envelope the width of which becomes smaller 
as the aperture becomes larger. The envelope is 
similar to that of the optical sectioning effect in 
confocal microscopy. This envelope allows the zero- 
order fringe to be identified, although simulations 
have suggested that fringe hopping could occur at 
phase jumps as a result of diffraction effects. 


Multiple Beam Interferometry 


The topography of a surface can be investigated by 
using a Fizeau interferometer formed by bringing a 
coated optical flat near to the surface. Then if the 
surface and flat have high reflectivity, multiple beam 
interference occurs and the width of the bright 
fringes can be much reduced. The system can be used 
with a tilted flat, to give fringes that are substantially 
straight, or with an almost parallel flat, so that the 
entire field of view is occupied by a single fringe. In 
the latter case, the sensitivity can be in the 
subnanometer range. Multiple beam interference 
also enhances the contrast of weak amplitude 
information. 


Shearing Interferometry 


In conventional interferometry, the object beam is 
arranged to interfere with a constant reference beam. 
In shearing interferometry, on the other hand, it 
interferes with a shifted version of itself. 


Lateral Shearing Interferometry 


An approach that is suitable for quantitative optical 
path measurements is to use an interferometer that 
shears the microscope image. The Interphako system 
uses a Mach-Zehnder interferometer that can 


measure optical path differences as low as ~3 nm in 
either the reflection or transmission geometry. 
The interferometer allows the shear distance to 
be varied. 


Differential Interference Microscopy (DIC) 


The most common form of shearing interferometry is 
differential interference microscopy, usually associ- 
ated with the name of Nomarski. DIC microscopy 
can be performed in either the transmission or the 
reflection geometry. A plane polarized illumination 
beam is split into two orthogonally polarized beams 
traveling at slightly differing angles by a Wollaston 
prism in the front focal plane of the condenser lens 
(Figure 5). The beams are thus sheared laterally in the 
object plane. The light from the sample travels 
through the objective and a second Wollaston 
prism, which recombines the two beams into one. 
In the reflection geometry, a single lens and Wollaston 
prism are used. An analyzer set at 45° allows the two 
beams to interfere. The shear is arranged to be 
smaller than the width of the point spread function. 
Different prisms are supplied for use with different 
magnification objectives. The system results in 
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Figure 5 Nomarski differential interference contrast (DIC) 
microscopy. 
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differential phase contrast, but there are differences as 
compared with the DPC microscope described above. 

There are two different implementations of DIC in 
use. In one implementation, the illumination polar- 
izer and analyzer are crossed. The relative phase 
difference between the two beams (the bias retar- 
dation) is adjusted by moving the Wollaston prism 
laterally. It is claimed that rotation of the analyzer can 
be useful when observing mixed phase/amplitude 
objects. In the second arrangement (the Sénarmont 
compensator) the position of the Wollaston prism 
is fixed, and the analyzer rotated to change the 
relative phase. 

A recent variation of DIC uses circularly polarized 
illumination. The Wollaston prism still produces two 
plane polarized components, but with an additional 
phase difference of 7/2. The advantage of using 
circular polarization is that the prism can then be 
rotated to change the direction of shear. 

If the shear is 2A, and the phase difference is 
1 — 2dp (ie., if do = 0 then the two beams are in 
anti-phase), then the effective object spectrum is: 


T.¢(m, 2) = —2 sin(2amA — do)T(m,n) [24] 


Thus the effective transfer function can be written: 


Cn, 1; p, gd) = 4 sin(2amA — do) sin(27pA — do) 
x C(m, n; p,q) 
= 2{cos[2a(m — p)A] 
— cos 2¢o cos[27(m + p)A] 
— sin 2p sin[27(m + p)Al} 


x C(m,n; p,q) [25] 


It is the final term of the three in braces that, because 
it is an odd function, results in differential phase 
contrast. We can now examine imaging of special 
forms of object. For a weak object, putting p = 0 asin 
eqn [11]: 


Cerp(m, 1; 0,0) = 2{(1 — cos 24) cos[27mA] 
— sin 2¢o sin[27mA]}C(m, n; 0, 0) 
[26] 


The first term in braces corresponds to an amplitude 
contrast background component because it is real and 
even. The second term results in DPC, because it is 
real and odd. For zero bias retardation, dark-field 
imaging results. As the bias retardation is increased 
from zero, the strength of both the amplitude contrast 
and the DPC components increase, but that of the 
DPC component increases more rapidly. For visual 
observation we require good contrast, and hence we 
choose a small value of bias retardation, just large 
enough so that the background is large enough to 


avoid artifacts in the DPC image. In digital 
microscopy, contrast is not so important as it can 
be enhanced digitally, and hence we can increase ¢ 
to a value of 7/4, which maximizes the strength of the 
DPC component. Further increase in bias retardation 
decreases the DPC signal, until for a/2 pure 
amplitude contrast results. The actual form of the 
weak object transfer function depends on the magni- 
tude of the shear. The condition mgA = 1/4, where mo 
is the cut-off in spatial frequency, gives optimum 
performance for the imaging of weak objects. 

The phase gradient transfer function is: 

Cg (m.nzm,n)=4 sin?(27mA —o)C(m,n;m,n) [27] 
For the bright-field microscope the phase gradient 
transfer function falls off symmetrically from its value 
at zero phase gradient. The effect of the pre- 
multiplying factor in eqn [27] is to increase the fall- 
off for positive phase gradients and reduce it for 
negative ones. A bas-relief effect occurs, with high- 
lighting for negative phase gradients for some values 
of the parameters. Increasing the value of the shear 
increases the highlighting effect, but, unlike in DPC, 
the behavior is not anti-symmetric. 

Because interference is dependent on the wave- 
length of the light, useful and beautiful effects can 
be seen with DIC microscopy using white light. 
Usually it is regarded as a qualitative, rather than a 
quantitative, imaging method. However, as from 
eqn [14], the intensity can be written: 


I(x, y) = 2a’ (x, y)[1 — cos(2armA — 9)|Cm, n; m,n) 
[28] 


By recording images at different bias retardations, 
conventional phase stepping methods can be used to 
extract the phase gradient 27m = d¢/dx. 


Axial Shearing Interferometry 


Instead of shearing in the transverse direction, a shear 
in the axial direction can be used. In the reflection 
geometry, the complex amplitude from the point of 
observation is compared with the average over a 
defocused spot. This method has proved to be 
extremely sensitive, and can detect height changes 
smaller than 0.1 nm. 


Phase Retrieval 


Digital Phase Retrieval 


The phase of a single two-dimensional (2D) measure- 
ment of intensity can be retrieved by an iterative 
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procedure, if constraints such as nonnegativity and 
band-limitedness can be assumed. If the modulus of 
both an object and its Fourier transform are known, 
then the phases can also be recovered. In this case, the 
two 2D real data sets have information content 
sufficient to reconstruct the 2D complex object. This 
approach has been extended to the case of measure- 
ment of two defocused images, using the method of 
phase diversity. 


Imaging Using the Transport of Intensity Equation 


The transport equation of intensity can be used to 
recover the phase of a partially coherent wavefield 
directly (i.e., noniteratively) from two 2D intensity 
measurements. If the wavefield is represented in 
terms of its intensity I and phase ¢ in a plane, the 
transport equation can be written in the paraxial 
approximation and in the absence of phase 
singularities: 

ae =Vr-[IVrd] [29] 

0z 

where V7 is a 2D operator acting in the plane. This 
expression can be inverted to give ¢ quantitatively, if I 
and d//dz are known. However, it gives the phase of the 
image field, rather than the phase of the object, so that 
obtaining quantitative values for a strong object may 
be difficult. The transport of intensity method is valid 
with partially coherent illumination: if the relative 
condenser aperture is too great then contrast becomes 
weak. Further, an effect similar to the variation in 
fringe spacing with aperture in interference 
microscopy is introduced because oblique illuminat- 
ing rays traverse the sample at an angle to the axis. In 
practice, a series of three images are usually taken at 
different focus positions. Then, from the quantitative 
phase data, various different contrast mechanisms 
such as DIC, Zernike phase contrast, and so on, can be 
simulated. 


Surface Profiling Methods: 
Triangulation and Coherence 
Domain Methods 


Although strictly they are not phase imaging 
methods, other surface profiling methods can be 
used to measure optical path. These could also be 
adapted to measure optical path in transmission. It is 
important also to be aware of these methods, as they 
could affect measurements made using other phase 
contrast techniques. 

Apart from the phase measurement techniques 
described above, surface profiling methods fall into 


one of two categories: triangulation and coherence 
domain methods. An example of a technique that 
relies on triangulation is confocal microscopy. Con- 
focal microscopy exhibits an optical sectioning effect 
similar to that described for interference microscopy. 
The effect is stronger for higher numerical aperture. 
As a reflector is scanned through focus the intensity 
goes through a maximum. By locating the position of 
the maximum, the local surface height can be 
obtained. In a similar way, in a confocal transmission 
system, introduction of an object with some optical 
thickness has the effect of altering the axial position 
of the confocal pinhole, with a resultant drop in 
intensity. This effect can be used to image the optical 
thickness of the sample. 

Coherence domain methods rely on the finite 
coherence length of the light. In an interferometer, 
this results in an envelope that multiplies that arising 
from the nonzero relative condenser aperture. 
Measurement of the peak of the envelope allows 
local surface height to be measured. Unlike the 
confocal approach, the width of this coherence 
envelope is independent of the numerical aperture 
of the system. 

In reflection, both the confocal and the coherence 
domain methods have the advantage over direct 
phase imaging techniques that they allow measure- 
ment of surface height changes without errors caused 
by the phase change on reflection from a conducting 
medium. 


See also 


Interferometry: Phase Measurement Interferometry. 
Microscopy: Interference Microscopy. Phase Control: 
Phase Conjugation and Image Correction. 
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divisions. Switching to 10v/div., deflection should be 0.9 divisions. Internal to the oscope (or perhaps accessible from the outside) 
are adjustments for the vertical amplifier gain. Adjust this for 9 divisions of deflection in the lv/div. range. Procedure can be 
repeated witha 1.5v flashlight battery (assuming you know the exact voltage from a DVM). 


The horizontal amplifiers should be checked/calibrated using a signal generator. For example, a 1MHz signal has a period of 
luS. Setting the sweep rate to 1.0uS/div., a 1MHz signal should take exactly 1 division per cycle. Set the horizontal width control 
properly to ensure the beam starts at the first division and ends at the last division. If the sweep rate appears incorrect, an internal 
adjustment (Sweep gain or similar) can be set for proper display of the test signal. 


The main operator controls are: 

¢ Intensity - controls the brightness of the beam. NOTE: Too bright a beam can damage to the CRT tube! 
¢ Focus - adjusts the beam for the thinnest and sharpest display. 

¢ VERT & HOR Position - controls the vertical and horizontal position of the display respectively 

¢ VERT V/div - controls the vertical sensitivity of the display, i.e., how many volts (or mV) per division. 

e HOR Sweep Speed - sets the horizontal sensitivity, i.e., how many mS or uS per division. 

¢ VERT & HOR vernier - allows the vertical and horizontal sensitivity settings to be varied in small steps. 


Other adjustments you may find on your scope are: 


Astigmatism - With the scope intensity and focus properly set, this adjustment compensates for the curvature of the CRT tube by 
making it in-focus across the sweep. If your trace is out-of-focus in certain areas, but in-focus elsewhere, the astigmatism needs to 
be adjusted. See Fig. 2. 


Trace Rotation - is a small coil around the CRT that skews the trace to ensure it is perfectly horizontal. On scopes without this ad- 
justment, the trace is leveled by physically rotating the CRT to align the trace to the graticle grid. See Fig. 2. 





DCBAL (DC Balance) - is adc offset in the vertical amplifiers that Fig. 2 — Effects of 

causes a shift in the trace baseline when changing vertical scales. It Astigmatism & Trace Rotation 
is most obvious when measuring ac voltages. For example, you are 
displaying a 10Vpp sine wave, centered on the center graticle, at 
2v/div. Changing to 5v/div, the sine wave shifts off the center 
graticle ... that is, itassumes a dc bias error. The DC BALis adjusted 


until the shift no longer occurs when changing vertical scales. ; Effects of 


ASTIGMATISM 
HV ADJ. - is the high voltage that controls the intensity of the (Inconsistent focus) 
trace. Turn up the Intensity control to its brightest position, then 
adjust the HV ADJ for a trace slightly brighter than normal 
intensity. The Intensity control now has the proper range. The HV 
ADJ might have to be re-adjusted to acquire proper focus. 


<+— Effects of 
TRACE ROTATION 
(Trace not level) 








NOTE: Very bright trace displays can cause permanent 
damage to the CRT, particularly ona well-used scope. 








Fig. 3 — Triggering 





LET’S MAKE SOME MEASUREMENTS 


It is assumed you have your scope relatively calibrated and familiar with the front panel 
controls. The sample o-scope displays are based on eight vertical and ten horizontal 
divisions on the CRT screen, typical to most oscilloscopes. Most waveforms are actual 
displays of the signal cited, photographed from my trusty Tektronix 475 oscilloscope. 


First ...a word on TRIGGERING. 

Most oscilloscopes have a knob or two for “Triggering.” This tells the oscilloscope when to 
start the sweep. When the Triggering Slope is placed in the (+) position, the scope will TEK 475 
begin its trace when the input signal goes positive. Likewise, when (—) triggering is 
selected, the trace will begin when the input signal goes negative, as shown in Fig. 3. Often 
there will be the option to chose the Triggering Source, such as “CH.1” or “LINE.” Line 
means the scope is triggered off the 60Hz line voltage, and is useful when synchronizing on 
television signals or looking at 60Hz power supply noise. CH.1 or CH.2 means the scope 
will trigger off the signal on channel | or 2 respectively. Trigger Level is at what voltage of 
the input signal triggering begins. For example, if set high, triggering may not begin until 
the input signal reaches several volts. When set around zero, it will trigger the moment the 
signal goes positive (if set for (+) triggering). This setting can be troublesome if noise exists 
on the signal. Adjust for stable triggering. TEK 475 
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Acousto-optics deals with the interaction of light 
waves with sound waves and has given rise to a 
large number of devices related to various laser 
systems for display, information handling, optical 
signal processing, and numerous other applications 
requiring the spatial or temporal modulation of 
coherent light. The basic principles and phenomena 
controlling these interactions were largely under- 
stood by the mid-1930s, but had little practical 
significance because very high acoustic power levels 
were required to attain good optical efficiency and 
there were few good sources of well-collimated 
monochromatic light. During the period from 1960 
to the present, several key technologies were 
developing rapidly, at the same time that many 
applications of the laser were being suggested 
which require high-speed, high-resolution scanning 
methods. These new technologies gave rise to high- 
efficiency, wideband acoustic transducers capable of 
operation to several gigahertz, high-power wide- 
band solid-state amplifiers to drive such transdu- 
cers, and the development of a number of new, 
synthetic acousto-optic crystals with low-drive- 
power requirements and low acoustic losses at 
high frequencies. This combination of properties 
makes acousto-optics feasible for many systems, 
and for several is the method of choice to satisfy 


demanding requirements. This chapter will sum- 
marize the basic features of acousto-optic inter- 
actions and the operating principles of the most 
common acousto-optic devices. 


The Photo-Elastic Effect 


The change induced in the refractive index of a 
transparent material by the pressure change pro- 
duced by an acoustic disturbance is the underlying 
mechanism of all acousto-optic interactions. An 
acoustic wave produces periodic regions of com- 
pression and rarefaction in the material, which 
modulates the density. The Lorentz—Lorenz 
relation relates the refractive index to the density, 
for the simplest case of an ideal gas 


(a’ — 1) 
(n? +2) 
where 7 is the refractive index and p is the density. 
This relation is followed to a good approximation 


for most simple solid materials as well. The 
elastooptic coefficient is 


pda — (n*—1)/(n* +2) | 
dp 6n 


oc p [1] 


[2] 





The fundamental quantity given by eqn [2], also 
known as the photo-elastic constant p, is related to 
the pressure applied by 


1 ( dn 
= ae [3] 
: alse) 
where P is the applied pressure and £ is the 
compressibility of the material. The photo-elastic 
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constant of an ideal material with refractive index 
of 1.5 is 0.59. The photo-elastic constants of a 
wide variety of materials lie in the range from about 
0.1 to 0.6. 

The relation in eqn [3] follows from the usual 
definition of the photo-elastic constant: 


A(1/e) = A(1/n*) = pe [4] 


where ¢ is the dielectric constant, e = n, and e is the 
acoustic strain amplitude. The induced change in 
refractive index, An, is 


An = —n°pe [5] 


Strain amplitudes typically lie in the range of 10~* to 
10~°, with Az in the range of about 10~* to 107 (for 
n = 1.5). Devices based upon such a small change in 
refractive index are capable of generating large effects 
because these devices are configured in a way that can 
produce large phase changes at optical wavelengths. 

The more complete relation defining the photo- 
elastic interaction is more complex than the simple 
scalar eqn [5] in which the photoelastic constant is 
independent of the directional properties of the 
material. In fact, even for an isotropic material such 
as glass, longitudinal acoustic waves and transverse 
(shear) acoustic waves cause the photoelastic inter- 
action to assume different parameters. A tensor 
relation between the dielectric properties, the elastic 
strain, and the photo-elastic coefficient describes the 
interaction, particularly for anisotropic materials. 
The tensor equation is 


A(1in?) = ¥ ijn ext = ACA) [6] 
kl 


where (1/e);; is a component of the optical index 
ellipsoid, e,; are the Cartesian strain components, and 
Pijki ate the components of the photo-elastic tensor. 
The crystal symmetry of the photoelastic material 
places limits on the possible configurations of 
interaction geometry. 


Diffraction by Acoustic Waves 


For typical acousto-optic devices the acoustic wave 
acts as a diffraction grating, made up of periodic 
changes in optical phase, moving at sound velocity. 
These features determine the properties of acousto- 
optic diffraction. Using a quantum-based model, 
the light and sound may be thought of as particles, 
photons and phonons, undergoing collisions in which 
energy and momentum are conserved. Either of these 
descriptions may be used to obtain all the important 


diffraction effects, but some are more easily under- 
stood on the basis of one or the other. A description of 
both is given here. Consider Figure 1 in which the light 
wave, of frequency wand wavelength A, is incident into 
the material with an acoustic wave of frequency f and 
wavelength A. If the refractive index of the medium is 
n + An in the presence of the acoustic wave, the phase 
of the optical wave will be changed by an amount 


Ad = 2n(L/A)An [7] 


where L is the length of the interaction region. Some 
typical values of Ad can be obtained by assuming 
L=2.5 cmand aA = 0.5 wm, with Av reaching a peak 
value of 10°. This yields a phase change of 7 rad, 
which is, of course, quite large. It is large because L/A, 
the number of optical wavelengths, is 50 000, so that 
a very small Az can still produce a sizable Ad. If 
the electric field incident on the delay line is 
represented by 


E=E,e” [8] 


then the field of the phase-modulated emerging light 
will be 


E=E) eliottAd) — giot .2mi(L/A)sin(fi) [9] 


where f is the acoustic frequency. 

A detailed derivation of the resulting temporal and 
spatial distribution of the light field is mathematically 
complex, but, analogy with radio-wave modulation 
can be used to arrive at the resultant fields. The 
spectrum of a phase-modulated carrier of frequency w 
consists of components separated by multiples of the 
modulation frequency f, as shown in Figure 2. 
Sidebands are produced about the carrier frequency, 
such that the frequency of the mth sideband is 
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Figure 1 Interaction of light waves with acoustic waves. 
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Figure 2 Spectrum of a phase-modulated wave of carrier 
frequency wp, and modulation index Ad. 


w+mf, where m may be positive or negative. The 
amplitude of each of the sidebands is proportional to 
the Bessel function of order equal to the sideband 
number, and whose argument is the modulation index 
Ad. The odd-numbered negative orders are 180° out 
of phase with the even-numbered ones, a feature that 
may be useful for certain signal processing appli- 
cations. The light emerging from the delay line is 
composed of a number of light waves whose 
frequencies have been shifted by mf from the 
frequency w of the incident light. The relative 
amplitudes will be determined by the peak change 
in the refractive index. The two extremes of the 
diffraction process are simplified in the ‘thin grating’ 
and the ‘thick grating’ models. The ratio of the 
interaction length, L, to the acoustic wavelength, A, 
will determine the character of the diffraction 
process. The plane wave approximation in which 
the acoustic energy propagates as a plane wave is 
valid when this ratio is very large. However, when this 
ratio is small, the acoustic propagation can be 
described in terms of a sum of plane waves, the 
angular spectrum of which increases as the ratio 
decreases. In this phenomenological model the partial 
wave which is propagating at an angle A/A to the 
forward direction may diffract the light second time 
into an angle 26= 2A/A, and the frequency of this 
light will once again be up-shifted, for a total 
frequency shift of 2f. If the spectrum of acoustic 
waves contains sufficient power of still higher orders, 
then this rediffraction process can be repeated, so that 
light will be multiply diffracted m times into higher- 
order angles, 0 = mA/A each with a frequency shift 
mf. A similar argument holds for the negative orders, 
so that a complete set of diffracted light beams will 
appear as shown in Figure 3, where the deflection 
angle corresponding to the mth order is given by 
sin 06,, = mdA/A and the frequency of the light 


as exp[i(@+2f)t] 
ad exp[i(@+ f)t] 
————> exp (iat) 
Say = expli(o—f)t] 
acoustic wave, 

exp[i(@—2f)t] 
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Figure 3 Diffraction of light in the Raman—Nath limit. 


deflected into the mth order is w,, = @+ mf. The 
intensity of the carrier wave, or zero order, will be 
zero when the modulation index Ad is equal to 2.4. 
The first order will be a maximum for Ad = 1.8, 
corresponding to the maximum of the first-order 
Bessel function B,, and decreasing for larger modu- 
lation indices. These phenomena were described by 
Debye and Sears and so are often referred to as 
Debye-Sears diffraction. An extensive theoretical 
analysis of the effect was given by Raman and Nath 
and is alternatively referred to as Raman—Nath 
diffraction. As the interaction length is increased 
the Raman-—Nath diffraction gradually weakens. 
The weakening begins around an interaction length 
L ~ A7/4A. This value of L is expressed in the 
O parameter 

O = 4LA/A? [10] 
which is known as the Raman—Nath parameter. 
A different regime of diffraction takes effect for values 
of the interaction length O > 1. 

The phenomena in this regime can be more easily 
understood in terms of the quantum description of 
the light and sound waves as collisions between 
photons and phonons. In this model, the dynamics 
of the collisions of the light and sound are governed 
by the laws of conservation of energy and momen- 
tum. The momentum vectors magnitudes of the light 
and sound, k and K, are given by the well-known 
expressions 

|k| = 2am/A and |K| = 2a/A [11] 
where the acoustic wavelength, A, is related to the 
acoustic velocity, V, by A = V/f. 

Conservation of momentum is expressed by the 

vector relation 


k}+K=ky [12] 
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the diagram for which is shown in Figure 3, where k;,, 
and ky represent the momentum of the incident 
photon and the diffracted photon, respectively. In this 
notation 


k; = 270;/X, [13a] 


and 


If the material is anisotropic (birefringent), 2; and ng 
may be different. 
Conservation of energy requires that 


hag = hw, + bf [14] 


in which / is Planck’s constant. Since ; lies in the 
optical frequency range, ~ 10'* Hz, and f lies in the 
RF or microwave range, 10°=10° Hz, then wg ~ @. 
This results, for isotropic materials, in the magnitudes 
of k; and kg being equal and resulting in the isosceles 
momentum triangle of Figure 4. The angles of 
incidence and diffraction (with respect to the planar 
acoustic wavefronts), called the Bragg angles, are 
equal for this case, and are 


6g = (1/2)A/A [15] 


A schematic diagram for this process is shown in 
Figure 5. The interaction will be large only if the 
light is well-collimated, and incident at this angle. 
Unlike the Debye—Sears regime, there is only a single 
diffracted beam. The energy of the phonon may either 
be added to that of the incident photon, increasing its 
frequency to way = w; + f, or the reverse, resulting in 
wg = w, — f. The sense of the momentum vectors 
determines which of these occurs. The Debye—Sears 
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Figure 4 Momentum diagram for diffraction of light. 
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Figure 5 Acousto-optic diffraction cell. 


effect and Bragg diffraction are not different phenom- 
ena, but are the limits of the same mechanism. The 
Raman-—Nath parameter O determines which is 
the appropriate limit for a given set of values A, A, 
and L. 


Anisotropic Bragg Diffraction 


In optically anisotropic materials, acousto-optic 
Bragg diffraction can occur between an ordinary 
and extraordinary optical beam, and vice versa. This 
is generally referred to as birefringent diffraction, and 
it offers additional design capabilities compared to 
the isotropic case, such as enhancing the angular 
aperture, and extending the aperture—bandwidth 
product. 

The theory of diffraction of light so far described 
has assumed that the optical medium is isotropic. 
A number of important acousto-optic devices make 
use of the properties of birefringent materials. It is 
different from diffraction in isotropic media in that 
the magnitude of the momentum vector of the light 
will in general be different for different light 
polarization directions. Thus, the vector diagram 
representing conservation of momentum will no 
longer be the simple isosceles triangle of Figure 4. 
The momentum vector for ordinary polarized light 
will, in general, be different from the momentum 
vector for light that is extraordinary polarized. To 
understand the effect of anisotropy on diffraction, 
it is necessary to mention another phenomenon 
which occurs when light interacts with shear 
acoustic waves, i.e., waves in which the displace- 
ment of matter is perpendicular to the direction of 
propagation of the acoustic wave. A shear acoustic 
wave may cause the direction of polarization of 
the diffracted light to be rotated by 90°. The 
underlying reason for this is that the shear 
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disturbance induces a birefringence which causes 
the plane of polarization to be rotated. The 
acousto-optic tunable filter (AOTF) is a particularly 
interesting birefringent device. It was first devel- 
oped for the case of collinear optical and acoustic 
beams, and was used for wavelength selection in a 
dye laser. 


Diffraction Efficiency 


The acoustic power required to diffract light will be 
determined by the geometric parameters as well as 
by the properties of the medium. A simplified 
calculation leads to results that are useful. 
Referring to the spectrum of a phase-modulated 
wave shown in Figure 2, we can see that the ratio 
of the intensity in the first order to that in the zero 
order is 

Typ = [By (AG/Bo(Ad)}? [16] 
By analogy this same result comes about for acousto- 
optically diffracted light. The acoustic power flow is 
given by 


a De [17] 
Zz: 

where c is the elastic stiffness constant. The elastic 

stiffness constant is related to the bulk modulus B, 

the density p, and acoustic velocity v through the 

expression 


1 2 
c=—=pV [18] 
B 
and the acoustic power density is 
Lt 2 2 
P= zeVv e [19] 


The optical phase modulation of the medium result- 

ing from the change in refractive index, Ax, is 

Ad = 2a(L/NAn [20] 

Using eqn [5] for An, the phase modulation is related 
to the acoustic power density by 

Ag = —a(L/A) n° p (2P,/pV°) 7 [21] 

The diffraction efficiency can now be calculated by 

using this value for the optical phase change in 


eqn [16]. The first- and second-order Bessel func- 
tions can be approximated for small modulation 


index by 
Bo(Ad) ~ cos(Ad) ~ 1 — (Ad)*, and 


. [22] 
B,(A¢) ~ sin(A¢d) ~ Ad 


The small signal approximation to the diffraction 
efficiency is then 

Iy/Ip ~ (Ab = (7717/22°)(n'p*/pV*)P, [23] 
The expression 1°p*/pV° is known as the figure of 


merit of the material, and is designated as M); it is 
comprised entirely of intrinsic material properties. 


Acousto-optic Materials 


Acousto-optic device technology has matured to the 
point that performance is chiefly limited by material 
parameters, particularly the figure of merit and 
acoustic attenuation. Nature has arranged that 
materials with high figures of merit usually have 
high attenuation and vice versa. The widely used 
acousto-optic materials are fused quartz, tellurium 
dioxide, and lithium niobate. Development work on 
new infrared materials has been reported recently. A 
list of commonly used acousto-optic materials is 
given in Table 1. For materials with a low figure of 
merit, a higher drive power can be used to obtain the 
required efficiency. 

Experience has indicated that the upper limit for 
very small devices (active area ~ 0.1 mm”) is a drive 
power density of 100-500 mW/mm/, provided there 
is proper heat sinking to transfer the heat energy. 
For larger devices, sizes greater than ~1cm/7, the 
limit is closer to a few W/cm”. At the high drive power 
levels, the acoustic attenuation may cause significant 
optical distortion. 


AO Devices 


Resolution, bandwidth, and speed are the important 
characteristics of acousto-optic scanners, shared by 
all types of scanning devices. Depending upon the 
application, only one, or all, of these characteristics 
may have to be optimized. Consider the acousto-optic 
scanner in Figure 6 with a collimated incident beam 
of width D, diffracted to an angle 0, at its RF 
bandcenter, and whose bandwidth is Af. If the 
diffracted beam is focused onto a plane by a lens, or 
lens combination, at the scanner, the diffraction 
spread of the optical beam will be 


Ax = FAd ~ F— AD [24] 
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Table 1 Selected acousto-optic materials 
Material Transmission range Acoustic mode & V Acoustic attenuation n M2 
(um) mission propagation direction (cm/sx 10°) — (dB/em GHz*)° (s*/g x 10°") 
Visible—near-infrared (VIS-NIR) 
LiNbO3 0.04-4.5 L[100]# 6.57 0.15 2.20 7.0 
sjoo1y? 3.59 2.6 2.29 2.92 
TiOs, 0.45-6 L[001] 10.3 0.55 2.58 1.52 
a-SiOz; 0.12-4.5 L[001] 6.32 2.1 1.54 1.48 
L[100] 5.72 3.0 1.55 2.38 
TeOs. 0.35-5 L[001] 4.20 15 2.26 34.5 
S[110] 0.616 90 2.26 793 
Far IR 
Ge 2-20 L[111] 5.50 30 4.00 840 
T13AsS, (TAS) 0.6-12 L[001] 2.5 29 2.63 510 
GaAs 1-11 L[110] 5.15 30 3.37 104 
ZnTe 0.55-20 L[110] 3.37 130 2.77 18 
GaP 0.6-10 L[110] 6.32 60 3.31 30 
T13PSe,4 0.85-9 L[100] 2.0 150 2.9 2069 
Te 5-20 L[100] 2.2 60 4.8 4400 
CdS 0.5-11 L[100] 4.17 90 2.44 12 
GaP 0.6-10 L[110] 6.32 60 3.31 30 
ZnS 0.4-12 L[001] 5.82 27 2.35 3.4 
S[001] 2.63 130 2.35 8.4 


“Longitudinal acoustic waves propagating along the [100] crystallographic direction. 
’Shear acoustic waves propagating along the [001] crystallographic direction. 
“Attenuation constant at 1 GHz; the frequency dependence of the attenuation for most crystals is quadratic. 


where F is the focal length of the lens. The light 
intensity will be distributed in the focal plane with a 
sinc’ distribution by aperture diffraction. The number 
of resolvable spots, N, will be the angular scan range 
divided by the angular diffraction spread, 


[25] 


where A@ is the range of the angular scan. 
Differentiating the Bragg angle formula yields 


Ad = (A/V cos 69) Af [26] 


and 


N = Af(D/V cos 65) = Aft [27] 
where 6p is the Bragg angle at band center, and 7 is 
the time that it takes the acoustic wave to cross 
the optical aperture. The resulting expression is the 
time—bandwidth product of the acousto-optic 
scanner, a concept applied to a variety of electronic 
devices as a measure of information handling 
capacity. The time—bandwidth product of an 
acousto-optic Bragg cell is equivalent to the 
number of bits of information which may be 
instantaneously processed by the system. In order 
to maximize the number of resolution elements, it 
is desirable to have as large a bandwidth as 
possible (i.e., large frequency range) and also as 
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Figure 6 Acousto-optic scanner. 


large an aperture delay time as possible. There are 
two factors limiting the bandwidth of an acousto- 
optic device: the bandwidth of the transducer 
structure (discussed later), and acoustic absorption 
in the delay medium. The acoustic absorption 
increases with increasing frequency; for high-purity 
single crystals the increase generally goes with the 
square of the frequency. For glassy materials, on 
the other hand, the attenuation will increase more 
slowly with frequency, often approaching a linear 
function. The maximum frequency is generally 
taken as that for which the attenuation of the 
acoustic wave across the optical aperture is equal to 
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3 dB. A reasonable approximation of the maximum 
attainable bandwidth is 


Af = O.7fenase [28] 


Birefringent Scanners 


The birefringent scanner is a significant use for 
anisotropic Bragg diffraction. There are a number of 
advantages with the birefringent scanner over the 
anisotropic scanner, such as a larger angular scan 
range along with lower frequencies. There are also 
disadvantages, such as lower speed due to generally 
lower shear wave velocities, and the particular 
application will dictate whether an isotropic or 
birefringent scanner is better. Scanners represent a 
fairly important aspect of acousto-optic devices due 
to the widespread commercial use of laser 
beam deflectors for displays and laser printers. For 
applications where the required speed is beyond that 
of mechanical scanners, the acousto-optic scanner 
is an ideal candidate. However, unlike mirrors, 
acousto-optic deflectors are wavelength sensitive, and 
can only be used with single-wavelength laser beams. 

The birefringent scanner can be described with the 
wavevector diagram, as shown in Figure 7 for a 
positive uniaxial crystal where the extraordinary 
index of refraction is larger than the ordinary. The 
acoustic wavevector is tangent to the diffracted 
surface, which produces the largest scan angle for a 
given acoustic bandwidth. This is also the degenerate 
case, where only a single diffracted beam results, 
whereas two beams at two different acoustic 
frequencies will generally result from arbitrary input 
and acoustic propagation directions. The azimuthal 


Optic axis 





Figure 7 Wavevector diagram for birefringent scanner using a 
positive uniaxial crystal. 


acceptance angles (angles normal to the plane of 
incidence) of the acoustic and optical wavevectors 
can be different, although propagation and polariz- 
ation directions must be selected that will produce 
high efficiency. 

For the positive uniaxial case, the acoustic and 
diffracted wavevectors will be perpendicular at the 
design point, which allows the center frequency to be 
calculated from geometry as 

fy = (VIA\(nz — m9)" [29] 
where 7; is the index of refraction at the incidence 
angle. Due to the typically low velocity of shear waves, 
this frequency can be much lower than an isotropic 
scanner, and the incidence angle can also be chosen to 
adjust the frequency. It is also possible to use the 
optical activity of certain materials such as TeOo, 
along with circularly polarized light to further reduce 
the acoustic frequency. It is important to maintain as 
low a frequency as possible due to acoustic attenu- 
ation, which is especially high with the soft materials 
typically used for birefringent applications. 

The bandwidth over which the scanner can 
efficiently operate is fairly large due to having the 
acoustic and diffracted wavevectors perpendicular, 
and is approximately Af = 2/9, assuming an octave of 
bandwidth for the isotropic scanner. This will 
produce a larger scan angle than an isotropic scanner, 
and more spots of resolution. The number of 
resolution spots is determined through diffraction 
by the aperture size and diffraction, along with the 
scan angle. Since a larger aperture requires a longer 
time for the acoustic waves to propagate across the 
aperture, the response time 7 to access the scanner 
will increase, and the product of 7 and f is related to 
the number of spots by eqn [27]. The advantage of the 
birefringent scanner is that it can operate at a lower 
frequency fo with better performance. However, since 
other factors such as acoustic attenuation are 
important in designing a scanner, for some appli- 
cations it might be better to operate an isotropic 
scanner at a higher frequency. 


AOTFs 


With anisotropic Bragg diffraction, the magnitude of 
the diffracted wavevector kg will differ from the 
incident wavevector k;, which cannot occur for the 
isotropic case. This is illustrated in Figure 8 for an 
AOTF utilizing a negative uniaxial crystal where an 
extraordinary input wave propagating at an incident 
angle 6; relative to the crystal axis is diffracted into an 
ordinary output wave at an angle 64. This occurs 
through an acoustic wave propagating at an angle 0, 
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Figure 8 Wavevector diagram for an AOTF using a negative 
uniaxial crystal. 


with wavevector K,, where all the wavevectors lie ina 
plane through the optic axis of the crystal. This 
diagram is identical to the index ellipsoid for the 
crystal, scaled by 27/A, where A is the vacuum 
wavelength. The acoustic wavevector is shown as 
adding to the incident wavevector, which increases the 
frequency of the optical wave by the acoustic 
frequency. It can also be represented in the reverse 
direction, which would reduce the optical frequency by 
the same amount. 

An AOTF spectrally filters the optical input, and 
maintains its spectral purity over a large angular 
aperture. These conditions are maximized when the 
power flow or ray directions of the input and output 
beams are collinear. This produces a parallel-tangents 
condition, where lines drawn tangent to the 
wavevector surfaces and connecting the input and 
diffracted wavevectors are parallel. For beams at 90° 
to the optical axis, it is referred to as the collinear 
case, whereas all other parallel-tangents conditions 
are noncollinear. The diffracted beam is rotated by 
90° during anisotropic Bragg interaction, so that 
crossed polarizers can be used to separate the input 
and diffracted beams. For the collinear case polariz- 
ation separation must be used, whereas angular 
separation can also be used for the noncollinear case. 

The AOTF design equations can be derived 
from the geometrical conditions imposed by the 
wavevector matching condition 


ky =k, +K [30] 


along with decomposing the acoustic wave into its 
Fourier components which result from the finite 
interaction length produced by the transducer. These 
components allow for phase matching over a range of 
input angles, and they also allow for a spectral spread 
of the interaction. The full width half maximum 
(FWHM) resolution is given by 


1.8A2 


AA = en 
bL sin 26; 


[31] 


where A is the vacuum wavelength, b is the dispersion 
term (essentially 277An, where the birefringence Az is 
the difference between the ordinary index ng and 
extraordinary index mn. of refraction), L is the 
interaction length of the input beam defined geome- 
trically by the acoustic beam, and 6; refers to the angle 
of the central or cardinal ray of the input beam, and 
the AOTF is designed around this angle. It is therefore 
a sensitive function of the incidence design angle, 
with the highest resolution occurring for the collinear 
case. The resolution is also narrower for larger 
birefringence. 

The geometry of a noncollinear AOTF is shown 
schematically in Figure 9. The acoustic waves 
propagate in the correct direction and are generated 
by a transducer of length L,, which is related 
geometrically to the interaction length. These waves 
are generally absorbed at the other side of the AOTF 
to prevent interfering reflections, and the sides may 
also be wedged to eliminate reflections into the 
interaction region. The optical beam enters the 
AOTF at the correct angle to the crystal optic axis, 
and either diffracts or passes through as the zero 
order. The input beam will have an angular spread, 
producing an acceptance angle that is a function of 
the interaction length, wavelength, and crystal 
parameters, and the external solid angular aperture 
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Figure 9 Noncollinear AOTF orientation of optical and acoustic 
beams. 
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is roughly given by 


and 


AQ = 
AnL 





[32] 


where 1 refers to the diffracted beam index of 
refraction, which can be either mp or n. depending 
upon the design. The resolution and solid angle are 
therefore related through the transducer length, and 
the product of the resolving power times the solid 
angle is given by 


(/AA)(AQ) = 2a? sin?6,/IFoF I’? [33] 

where 
Fy =2 cos* 0, — sin’ 6, [34a] 
Fi=2 cos” 6, + sin’ 6, [34b] 


are form factors for the polar and azimuthal 
components of the optical field. Since all the 
wavectors lie in a plane containing the optic axis, 
the azimuthal components of the incident, diffracted, 
and acoustic wavevectors must always be identical 
under the parallel-tangents condition. 

The product (A/AA)(AQ,) forms a figure of merit for 
spectrometers, and for the collinear case, the product 
is identical to a Fabry—Perot etalon having an index 
of n, and at other angles it is more complicated due to 
the angular dependence. The angular field is also 
symmetrical for the collinear AOTE, but nowhere else 
other than along the optic axis, where the resolving 
power becomes zero. 

The great advantage of the AOTF designed under 
the parallel-tangents condition is the large angular 
aperture compared to the general case. Under this 
condition, the dependence of the angular aperture on 
resolving power is second order rather than first 
order, and the angular aperture can be tens of degrees 
for a typical resolution, which is useful for imaging 
applications. At the special angle of 54.7°, the second- 
order dependence is also zero, and the aperture can be 
extremely large relative to the resolving power, 
although this requires a high-resolution device with 
a corresponding narrow field, since the condition 
would soon be violated at larger field angles. 

The efficiency of the AOTF under phase matching 
is given by 

n= sin?[@ M>P,L*/(2a°)]'” [35] 
which depends on 6; and various material properties. 
Since the interaction is anisotropic, Mz must be taken 
as a tensor quantity, in which both the polarization 
and propagation directions of the acoustic and optical 


waves must be accounted for. For acoustic waves, the 
polarization direction is the particle motion, which is 
perpendicular to the propagation direction for shear 
waves. In general, M> is much larger for a specific 
configuration of a particular material, and AOTFs are 
designed around this condition. The range of useful 
design angles is also usually limited since M) is 
generally a sensitive function of 6. The angular 
dependence on Mp) is important in designing an 
efficient device since it can be near zero at specific 
design angles for some materials, such as with TeO 
for the collinear case. 

The AOTF must be designed to optimize perform- 
ance. The resolution is generally given as a system 
requirement, and the design angle along with the 
transducer length must be adjusted to optimize 
the throughput, or total optical power through the 
AOTE. This requires maximizing the efficiency, 
angular aperture, and aperture dimension. The 
maximum crystal size that can be grown ultimately 
limits these parameters, both in the interaction length 
and in the aperture size. 

AOTFs have been used for a wide range of spectral 
filtering applications for spectroscopy and laser 
applications. Both collinear and noncollinear devices 
have electronically tuned a variety of lasers, including 
dye, semiconductor, and Ti:sapphire lasers. The 
AOTF is placed within the laser cavity, which requires 
high transmission on the laser line, with enough 
resolution to separate nearby laser transitions. 
A related application is the multiplexing of optical 
communications systems, where the AOTF is used to 
separate the various laser diode wavelengths. Perhaps 
the most widely used application is spectroscopy, and 
single-point detection systems have been used for a 
variety of biological and chemical applications in the 
visible and infrared. These techniques have been 
extended to spectral imaging, again in the visible and 
the infrared. Due to a variety of AOTF aberrations 
the image quality will be somewhat degraded. 
Since the AOTF is electronically tunable, it can be 
rapidly modulated both in amplitude and wave- 
length, which allows for modulation spectroscopy to 
detect small signals in a large background. By 
applying multiple frequencies, the AOTF has also 
been used as a rejection filter, in which all wave- 
lengths other than that selected are allowed to pass. 


Modulators 


Acousto-optic modulators are used to vary and 
control laser beam intensity. A Bragg configuration 
gives a single first-order output beam, where intensity 
is directly linked to the power of RF control signal. 
The rise time of the modulator is the time required for 
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the acoustic wave to traverse the laser beam. For 
minimum rise time the laser beam will be focused 
down, forming a beam waist as it passes through the 
modulator. 

A Bragg configuration gives a single first-order 
output beam, the intensity of which is controlled by 
the RF signal power, and diffaction angle controlled 
by the drive frequency. Two deflectors can be used in 
series and at right angles to each other to give full 
two-dimensional scanning. 

One requirement in the design of acousto-optic 
modulators is that the diffracted beam and undif- 
fracted beam must be well separated. For an adequate 
extinction ratio, the Bragg angle should be at least as 
large as the divergence of the optical beam. This 
condition puts a minimum value on the center 
frequency. Equating the Bragg angle 


_ fo 
* OAV Pel 
and the diffraction angle of the Gaussian beam 
4X 
60) = —— 7 
A med) [37] 


where d is the beam diameter at the minimum, it 
follows that the lower limit of the acoustic frequency 
is given by 


[38] 


We may combine these expressions to determine a 
limit of modulator bandwidth of acousto-optic 
modulators, with the result 


Af ~ ihn 


ie., the modulation bandwidth is approximately 
equal to 25% of the midband acoustic frequency, 
fm. In view of the present status of transducer 
technology, the modulation bandwidth of acousto- 
optic modulators is limited to several hundred MHz. 

A frequency shifter uses the shift inherent in the 
acousto-optic interaction to up- or down-shift a 
laser’s frequency. Two kinds of shifters can be 
distinguished: the fixed frequency shifter, and the 
variable frequency shifter. The frequency shift is equal 
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Figure 10 An acousto-optic Q-switch in a laser cavity. 


to the signal frequency applied to the transducer. 
Various device configurations can be used to shift the 
laser beam, such as multiple travels inside the shifter to 
double or triple the frequency shift, or a combination 
of two frequency shifters in series. Acousto-optic 
frequency shifters can be used, for example, in optical 
heterodyning and interferometry, or in laser Doppler 
velocimetry for particle velocity analysis. 


Q-Switches 


A Q-switch is a special modulator which introduces 
high repetition rate losses inside a laser cavity 
(typically 1 to 100KHz). They are designed for 
minimum insertion loss and to be able to withstand 
very high laser powers. In normal use an RF signal is 
applied to diffract a portion of the laser cavity flux out 
of the cavity. This increases the cavity losses and 
prevents oscillation. When the RF signal is switched 
off, the cavity losses decrease rapidly and an intense 
laser pulse evolves. A diagram of a typical acousto- 
optic O-switched laser cavity is shown in Figure 10. 
Q-switches are the preferred method of intracavity 
modulation where high speed, high stability, and 
modest cost are important design factors. 


List of Units and Nomenclature 


b dispersion constant - 

c elastic stiffness dynescm * 

D,d optical beam diameters cm 

e elastic strain - 

f acoustic frequency hertz 

F optical focal length cm 

Fy,Fg angular form factors - 

k optical momentum cm | 
wavevector 

K acoustic momentum cm” 
wavevector 

M> acousto-optic figure of merit sec’ gram™! 

n refractive index 

p photo-elastic constant - 

P pressure dynes cm * 

P, acoustic power wattscm’ * 

V acoustic velocity cmsec ! 

B compressibility cm? dyne ! 

n diffraction efficiency - 

2 dielectric constant - 

w optical frequency hertz 

0 solid angle steradians 

p density grams cm ° 

0 Bragg angles radians 

T acoustic wave travel time sec 


DC Voltages. 

Say you want to check the transmit-receiver (T-R) switch in your QRP rig, or other digital signal. 
See Fig. 4. The key line is the input to the HCT240 inverter to form the Ov TX— on key- down and 
the Ov RX-— on key- up. This switches the rig between transmit and receive (T-R Switch). Itis a 
logic function, that is, a voltage to represent ON or OFF. 


Place the scope lead on pin 13 at 10v/div. and you should see the waveform like the top trace in 
Fig. 4 ... about +6v on key-up and Ov on key down. Move the scope lead to pin 7 and you should 
see Ov on key-up and about +8v on key-down (bottom trace). If the output does not go "HI" 
(+8v) on key-down, or does not go to a solid "LO" (<1v) on key-up, the inverter is not working 
properly. (It’s busticated). Many shortwave receivers use similar schemes for switching filters 
or attenuators. 


While this test could be done with a DVM, the integration time is slow, requiring long key- 
downs to get the voltages. A scope will also show you how clean the switching is, or if there is an 
ac voltage (or RF noise) riding on the T-R voltage. 


Scopes are thus good dc voltmeters, with about a5% reading accuracy. 


AC Voltages. 

Here is where an oscilloscope pays for itself by making AC voltage (and frequency) measure- 
ments. You must remember, AC voltages are displayed on a scope as peak-to-peak voltages, 
while a voltmeter measures in rms. RMS voltages are about 1/3 the p-p voltage read on a scope, 
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Fig. 4 - 38-Special 
T-R Switch 


VERT: 10v/div DC 
HOR: 500mS/div 








or specifically: 









Vrms='2(.707 x Vpp) = 0.354 x Vpp 


For example, let's measure the output voltage and frequency from 
the sidetone oscillator in your QRP rig. Place the scope lead on the 
audio amplifier output. On key-down, you get the waveform shown 
in Fig. 5. The transmit sidetone audio is 1.9Vpp. 


AC Frequency Measurement. 

With this waveform, we might as well see what frequency our 
sidetone or transmit-offset frequency is. Most operators prefer the 
sidetone to be about 700—750Hz. Trigger the scope for a stable 


waveform and set the time-base (sweep) to display 2 or 3 cycles, as Fig. 6 

shown in Fig. 6. Center the waveform between two horizontal divi- ; 

sions so zero volts on the waveform is on a graticle line, then move VERT: 0.5v/div ACV 
the crs position so the first "zero— crossing” is also on a divi- HOR: 0.5mS/div 
sion line. 


Ov 


Measure the time it takes to make one complete sine wave from one 
zero-crossing to the next. In this example, it is 1.5 divisions, at lmS : 
per division, or 1.5mS. Frequency is simply the reciprocal of time, First "Zero 
such that the sidetone frequency is: Crossi ng" 


fs ay eee He 


t 15m 3 divisions between 
"Zero-crossings 


For some, this may be about right. For others, this may be a little 
low to your liking. To raise it to 700Hz, calculate the time period of 
700Hz (1/700 = 1.4mS). At 1.0mS/div, you can adjust your 
sidetone or transmit offset until zero-crossings for a single 
sinewave is 1.4 divisions. This will be about 700 Hz. (Sidetone may 
not be adjustable on some rigs). 


All frequency measurements are made in this fashion, by measur- 
ing the distance between zero-crossings (or from one peak to the 
next) and converting the time period to frequency. This should em- 
phasize the importance of ensuring your sweep speed is calibrated; 
as any error in the time base will cause a corresponding error in the 
accuracy of your time or frequency measurements. 





wm VERT: 0.5v/div ACV 





HOR: 0.5mS/div 

3.8 divisions 
peak-to-peak 
times 0.5v/div 


= 1.9 Vop 
= 0.67 Vrms 


Fig. 5 


Fig. 7 
Example of 


Waveform Quality 


VERT: 2v/div ACV 
HOR: 1.0mS/div 
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See also 


Modulators: Acousto-Optics. Optical Amplifiers: 
Raman, Brillouin and Parametric Amplifiers. Scattering: 
Raman Scattering. Spectroscopy: Raman Spectroscopy. 
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The electro-optic (EO) effect can be described as any 
one of a number of phenomena that occur when an 
electromagnetic wave in the optical spectrum 
(e.g., characterized by wavelengths in the range 200 
to 2000 nm) interacts with an electric field, or with 
matter under the influence of an electric field. Two of 
the most important electro-optic phenomena are the 
Kerr effect (discovered by John Kerr in 1875) and the 
Pockels effect (discovered by Friedrich Pockels in 
1893), in which birefringence is induced or modified 
in a liquid (the Kerr effect) or a solid (the Pockels 
effect). Birefringence is the difference in refractive 
indices for light of orthogonal line polarizations, one 
of which is parallel to the induced optical axis. The 
Kerr effect involves creation of birefringence in a 
liquid that is otherwise not birefringent. The degree of 
birefringence is quadratically proportional to the 
applied electric field strength. Hence, the Kerr effect is 
frequently referred to as the quadratic electro-optic 
effect while the Pockels effect involves a linear 
dependence on the applied electric field and is 
referred to as the linear electro-optic effect. In 
considering practical applications of the electro- 
optic effect, a commonly encountered term is that of 
‘electro-optic modulator’, which can be described as a 
device wherein a signal control element is used to 
modulate a beam of light. The control element is 
typically an electric field with frequency components 
in the zero (DC) to hundreds of gigahertz 
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(1 GHz = 10? Hz) range (or even tens of terahertz 
(1 THz = 10 Hz). The modulation may be imposed 
on the phase, frequency, amplitude, or direction of 
the modulated optical beam. 

Electro-optic effects are one class of second-order 
nonlinear optical phenomena. Other important 
second-order nonlinear optical phenomena include 
sum (e.g., second-harmonic) and difference frequency 
generation. Such phenomena derive from the second- 
order term in the power series expansion of macro- 
scopic (material) polarization, P, in terms of applied 
electric fields: 


P= XP Ej + Xie EE + XG EERE t+ 


where ue : Xie , and Xn are the linear, second-, and 
third-order optical susceptibilities, respectively. 
Second-harmonic generation (SHG) or frequency 
doubling (2) effects, where a beam at twice the 
frequency of the input beam is generated, can be seen 
by substituting a sinusoidal field, E,, cos(wt — kz); for 
E, and E,. After using a well-known trigonometric 
identity, the equation for macroscopic polarization 
becomes (through second-order and dropping the 
subscript 1): 


P= XE, cos(wt — kz) + (1/2) E?, 
xX [1 + cos(2wt — 2kz)] +-°: [2] 


The electro-optic effect can be appreciated by 
considering interaction of the medium with an optical 
field E,, cos(@t — kz) and a low-frequency field Eo. 
Note that although we have used the symbol zero to 
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denote the frequency of the low-frequency electrical 
field, actual frequencies can extend to hundreds of 
gigahertz or even tens of terahertz. Again substituting 
(and now keeping terms to third order), the equation 
for polarization can be written as: 


P= E,,cos(wt — kz) +2 Eo E,, cos(wt — kz) 
+3 ESE,,cos(wt — kz) + (3/4) x E3 cos(wt — kz) 
= Vet E,, cos(wt — kz) [3] 


The equation for the nonlinear index of refraction, 1, 
can be expressed as 


m= 1+ Amer 





= 144 a[X? +2 Ey + 3X9 EG + B/4YPES] [41 


Denoting the linear index of refraction as mp, the 
above equation can be rewritten as 


1 — np =8ayE + 127XP EG +37XPE, [5] 
which in turn leads to 


n=No t+ (4alny) x” Eo + (6m) x EG 
+ (32/29) ¥ EZ, [6] 


The definition of light intensity in cgs units is 
E2,=(87/cno)I(w), which when substituted into the 
above equation gives 


n=ng +(4alno)X” Ep + (6/9) x Eh 
+(12alenp)y ow) [7] 
The index of refraction can now be written as 
n(@) = No(@) +1 (@)E9+n2(0)E5+n3(@)I(w) — [8] 


where the terms 11(@), 7(0), 73(w) correspond to the 
linear electro-optic effect, the quadratic electro-optic 
effect, and the optical Kerr effect, respectively. 
The above equation can also be expressed as 


n=No — (1/2)n?rEp — (1/2)n3 sEG — ++ [9] 


where r and s are the linear and quadratic electro- 
optic coefficients, respectively. 

Unfortunately, a great deal of confusion exists 
concerning the use of the terms electro-optic effect 
and electro-optic modulator. First of all, the terms 
‘electro-optic’ and ‘opto-electronic’ are frequently 
confused and used interchangeably. Opto-electronic 


devices function as electrical-to-optical or optical-to- 
electrical signal transducers. Examples of commonly 
used opto-electronic devices include light-emitting 
diodes (LEDs), photodiodes (PDs), injection laser 
diodes (ILDs), and integrated optical circuit (IOC) 
elements. An electro-optic device can also function as 
an electrical-to-optical signal transducer (e.g., a 
Mach-Zehnder interferometer or a_ birefringent 
modulator employing polarizers at the input and the 
output); however, the mode of operation is entirely 
different for electro-optic and opto-electronic devices. 
For example, with LEDs or modulated lasers, the 
applied electric field produces modulation of trans- 
mission of light by altering the excited state popu- 
lation of the light emitting (lasing) state of the 
material. With electro-optic materials, no actual 
excited state population is generated. Electro-optic 
devices typically operate in regions of the optical 
spectrum removed from resonant transitions, 
i.e., regions of relatively high transparency. 
The applied electric field acts only to perturb the 
charge distribution of the material (the spatial 
positions of the electrons and nuclei). The altered 
charge distribution interacts with the optical beam 
transmitting the material with the result that the 
speed of light in the material (i.e., the index of 
refraction or birefringence) is altered. The response 
times of opto-electronic and electro-optic phenomena 
(and hence bandwidths of devices exploiting these 
phenomena) are quite different. In the former case, 
response will be limited by the lifetime of the relevant 
(emitting) excited state while in the latter case, 
response will be defined by the relaxation time of 
the material (e.g., reorientation time of a liquid or 
lattice relaxation time of a solid) following removal 
of the perturbing electric field. 

An even greater confusion can arise due to the 
jargon used in particular technologies, such as 
telecommunications. A telecommunications engineer 
frequently refers to ‘electro-optic switching’ when 
describing opto-electronic transduction of an optical 
signal to an electrical signal, followed by re-routing in 
the electrical domain, and finally opto-electronic 
transduction of the electrical signal back to the 
optical domain. Electro-optic switching (in the sense 
used in this article) involves quite a different operation 
and would be described by that same telecommu- 
nications engineer as ‘all-optical switching’ — a term 
reserved by physicists for the optical Kerr effect 
(control of one light beam by another light beam). 

A second point of confusion involves distinguishing 
between the terms ‘electro-optic’ and ‘electro-absorp- 
tive’ modulation. Again, the terms are frequently used 
interchangeably. However, they involve quite diffe- 
rent physical mechanisms. An electro-absorptive 
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modulator is, like a modulated laser or LED, a 
‘resonant’ device. In a device such as a gallium 
arsenide (GaAs) or indium phosphide (InP) quantum 
dot electro-absorptive modulator, the position and 
width of an optical absorption (resonant transition) 
are defined by the physical dimensions of the 
quantum dot. Application of an electric field shifts 
the spectral wavelength of the quantum dot absorp- 
tion. This phenomenon can be used to dramatically 
change optical transmission through (or equivalently, 
absorption by) the material by choosing the wave- 
length of the propagating beam of light to be near the 
resonant absorption. With the electric field off, the 
material is reasonably transparent but becomes 
strongly absorbing when the electric field is applied, 
shifting the resonant absorption to the wavelength of 
the propagating beam. Obviously, the voltage 
required to achieve a desired change in optical 
transmission will depend on control of quantum dot 
dimensions in fabrication, which has been and 
continues to be a topic of research focus for electro- 
absorptive materials. Likewise, control of insertion 
losses of such devices is a concern as the wavelength 
used for the transmissive state of the device must be 
sufficiently close to the optical resonance to achieve 
the desired attenuation with application of a modest 
control voltage. Another issue to be faced with 
electro-absorptive devices is that of ‘chirp’ (optical 
signal distortion arising from the fact that both 
absorption and index of refraction — the imaginary 
and real parts of the optical susceptibility — change 
with application of the electric control field). On the 
positive side, electro-absorptive modulators are 
‘polarization-insensitive’ modulators and are thus 
conveniently used with multimode (as well as single 
mode) optical transmission. 

Further confusion exists because widely different 
types of materials can be used in electro-optic and 
electro-absorptive devices. As these materials are 
frequently competing for the same applications 
(signal transduction, optical switching, etc.), the 
advantages and disadvantages of different materials 
are often compared without maintaining the con- 
text that quite different phenomena are involved. 
Even restricting our discussion to electro-optic 
materials, we note that materials can range from 
organic liquid crystalline materials (nematic, sme- 
tic, ferroelectric, etc.) to organic electro-optic 
materials (both crystalline and ‘macromolecular’) 
to inorganic crystalline materials (lithium niobate, 
LiNbO3; barium titanate, BaTiO3; barium borate, 
BBO; potassium dihydrogen phosphate, KDP; 
lithium tantalate, LiTaO3; zinc telluride, ZnTe, 
etc.). The response times of these materials to 
transient application of an applied electric field 


will be quite different, reflecting the different 
types of lattice motion involved. With liquid 
crystalline materials, particularly nematic materials, 
considerable molecular reorientation is involved 
and due to the mass that must be moved, response 
times are quite slow although the index change will 
be relatively large. With use of liquid crystalline 
materials, device bandwidths will typically be 
limited to tens of megahertz (MHz) or less. In 
contrast, conjugated 7a-electron organic materials 
typically exhibit response times of tens to hundreds 
of femtoseconds, which translates to potential 
device bandwidths of tens of terahertz (actual 
device bandwidths may be less due to factors 
other than material response). For conjugated 7- 
electron organics, the response time is the phase 
relaxation time of the z-electron system. Because 
only a slight change in bond length alternation of 
the conjugated 7-electron system occurs with 
application of an applied electric field and because 
strong electron-phonon coupling and resonance 
stabilization of the z-electron system act to reduce 
the barrier to lattice relaxation, the response times 
of -electron organic materials are among the 
fastest observed in nature. With crystalline inor- 
ganic materials, the ionic constituents move to new 
locations with application of an electric field with 
the exact movement determined by the field 
strength, the charge on the ions, and the restoring 
force. Unequal restoring forces along the three 
mutually orthogonal (perpendicular) axes of the 
crystal lead to anisotropy in the optical properties 
of the material. The applied electric field will 
induce a change in the anisotropy (the principal 
refractive indices). The symmetry of the electro- 
optic tensor will be closely related to the symmetry 
of the piezoelectric tensor. The linear electro-optic 
effect requires that the crystal exhibit noncentro- 
symmetric (acentric or ferroelectric) symmetry. A 
centrosymmetric crystal possesses a center of 
symmetry defined by identical particles existing in 
the lattice at vectors r and —r, where r is a 
position vector measured from an arbitrary origin. 
A centrosymmetric crystal, like an isotropic liquid 
or gas, can exhibit a quadratic electro-optic effect. 

For the sake of completeness, it can also be noted 
that index of refraction changes can be induced by 
acoustic waves (acousto-optic modulation) and by 
heating (thermo-optic modulation). Also, elasto-optic 
and photo-elastic effects can produce index of 
refraction changes. 

To keep this article to a manageable length, 
discussion is limited to solid-state electro- 
optic materials. Design principles being used to 
produce new organic electro-optic materials will be 
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illustrated. Since inorganic materials exist as crystals, 
limited chemical modification of such materials 
is possible, although processing techniques for 
fabricating thin films of such crystalline materials 
have been developed in a number of cases. For 
organic macromolecular materials, development of 
new materials is an on-going activity. Several 
representative devices being fabricated, using elec- 
tro-optic materials, will be discussed. Four of the 
most commonly encountered types of EO devices 
include: (i) stripline devices; (ii) prism, cascaded 
prism, and superprism devices; (iii) resonated devices, 
such as ring microresonator and photonic bandgap 
devices, and (iv) waveplates. Of course, devices such 
as stripline devices can be configured in a variety of 
ways to produce polarization-sensitive and polariz- 
ation-insensitive electrical-to-optical signal transdu- 
cers, optical switches either using simple 1x2 or 
2 x 2 switch architectures or multimode interference 
(MMI) switches, optical gyroscopes, photonically 
controlled phased array radar systems, spectrum 
analyzers, optical digital signal processors, analog- 
to-digital (A/D) and digital-to-analog (D/A) signal 
converters, electromagnetic (radiofrequency to milli- 
meter wave) signal generators, voltage sensors, 
etc. Prism-type devices are typically used for 
spatial light modulation or laser beam deflection. 
Ring microresonator devices afford a rich array of 
applications ranging from active wavelength division 
multiplexing (WDM) to active optical interconnect 
reconfiguration, to voltage-controlled wavelength 
tuning of laser outputs. 


Basic Relationships 


The effect of the applied field is to deform the index of 
refraction ellipsoid, which can be represented as 


xX’ 4 Y* 4 Z +2 YZ 
( n2 ), n> }2 n> }3 n2 }4 
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where the electro-optic tensor components are related 
to the tensor components of the second-order non- 
linear optical susceptibility by r= —(8alngin5,)x;,” 
The full tensorial equation for change of the 
‘indicatrix’ (index of refraction ellipsoid) can be 


expressed as 
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The electro-optic tensor reduces considerably for 
specific materials reflecting the symmetry of the 
particular material. For inorganic crystalline 
materials, the electro-optic tensor can be reasonably 
complex (containing many nonzero elements). It is 
also helpful to note that for crystalline inorganic 
materials, the electric-field-induced change in crystal 
shape leads to strain and the orientation of the 
indicatrix is altered, leading to an additional 
contribution to the change in index coefficients: 


An); = > piSe + > ryE; [tS 
k / 


where S, is a component of the strain and p,z is the 
elasto-optic tensor. At high frequencies, the inertia of 
the crystal prevents macroscopic straining so that the 
first term of the above equation vanishes. At low 
frequencies, elasto-optic effects cannot be ignored. 
Because the deformation leading to strain is generally 
caused by the inverse piezoelectric effect, it is linearly 
related to the applied electric field (the same 
dependence as the linear electro-optic effect). 
This can lead to a frequency dependence of the 
‘effective’ electro-optic coefficient for crystalline 
materials. 

A brief comment on the photo-elastic effect (the 
change in index coefficients produced directly by 
applied stress) is warranted. This effect has the form: 


ACIn*); = SY. m0 [14] 
I 


where o; are the components of the stress and 7 are 
the piezo-optical coefficients. Note that this effect is 
independent of the applied electric field. 

For axially symmetric ‘charge-transfer type’ 
organic chromophores prepared by deposition or 
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electric field poling, only two unique tensor elements, 
733 and 1,3, survive: 


0 O 1743 

0 O 743 
fore] os 

713 «20 

0 oO 0O 


The electro-optic effect for organic macromolecular 
materials derives from molecules with conjugated 
q-electrons confined within molecules (chromo- 
phores). The electro-optic tensor elements can be 
related to molecular first hyperpolarizability, B, 
and the chromophore number density, N 
(molecules/em?), by 


— 


133 = —2Nf(0)P(cos° 6)/nge* 


13 = —Nf(O)B(sin? cos O/ng,n3, ‘16 


The expressions in brackets are ‘order parameters’ 
describing the degree of noncentrosymmetric order. 
(cos? 0)=1 corresponds to all ‘dipolar’ (charge 
transfer type) molecules pointing in the same 
direction (perfect noncentrosymmetric or ferroelec- 
tric order) while (cos? 6)=0 corresponds to 
complete disorder and no electro-optic effect. The 
reason that three angles appear in the order 
parameter is that an angle is required to represent 
the principal symmetry axis for the chromophore, 
the principal symmetry axis of the optical field, 
and the principal symmetry axis of the electric 
control field. Thus, averaging (denoted by brackets) 
must be carried out over each of these three angles. 
The tensor element 733 corresponds to the electric 
control field applied along the principal axis of the 
ordered chromophores and the principal axis of the 
optical field vector, transverse magnetic (TM) 
polarized light. The tensor element 7,3 corresponds 
to the control electric field applied along the 
principal axis of the optical field, transverse electric 
(TE) polarized light, and orthogonal to the 
principal chromophore axis. The notation 733 is 
contracted notation for 7333. The factor f(0) takes 
into account the dielectric nature of the medium 
into which the chromophores (molecules with large 
first hyperpolarizability) are embedded. 

For organic electro-optic materials, elasto-optic 
effects do not appear to make significant contri- 
butions. Moreover, electro-optic activity can be 
systematically improved by improving 6B and by 


optimizing the product of chromophore number 
density and order parameter. Due to the presence of 
intermolecular electrostatic interactions, W, among 
chromophores, order parameters and number density 
are not independent, e.g., for materials that are 
prepared by electric field poling the order parameter 
relevant to the principal component of the electro- 
optic tensor can be expressed approximately as 


(cos® 6) = L3(uf(0)E,/kT)[1 — Li(W/RTY] [17] 


where L3, and L; are Langevin functions, pw is the 
chromophore dipole moment, E, is the strength of the 
electric poling field, k is the Boltzmann constant, and T 
is the Kelvin poling temperature. W is a quadratic 
function of chromophore number density, N. 
The above equation indicates that a maximum will 
be observed in the graph of r33 versus N. 


Materials 


With inorganic and organic crystalline materials, very 
little can be done to optimize electro-optic activity 
other than discovering new EO crystalline materials 
or employing isotopic (e.g., deuterium for hydrogen) 
or ion substitution with existing materials. 

As with organic liquid crystalline materials, the 
electro-optic activity of macromolecular organic 
second-order nonlinear materials can be system- 
atically improved by molecular modification. 
As shown in Figure 1, quantum mechanical 
calculations can provide useful guidance as to 
which structural modifications will lead to 
improvements in molecular (first) hyperpolarizabil- 
ity and ultimately electro-optic activity. The mol- 
ecular hyperpolarizability (long wavelength limit) 
can be increased by a factor of two by simple 
variation of the acceptor structure. The calculated 
values of wavelengths for the interband charge 
transfer transitions are 390nm, 403nm, and 
430nm. Since dipole moments do not change 
significantly with structure, intermolecular electro- 
static interactions should be similar for these three 
chromophores and the improvement in B should 
translate to an improvement in electro-optic 
activity. This theoretical prediction has been 
experimentally verified. This is just one example 
of use of quantum mechanics to guide the 
improvement of electro-optic activity for organic 
materials. This figure also illustrates the typical 
structure of an organic electro-optic chromophore, 
which consists of an electron donor region (an 
amine donor in the example shown), a connective 
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conjugated -electron bridge, and an electron 
deficient electron acceptor region. The theoretically 
predicted (by density functional theory, DFT, 
calculations) variation of molecular first hyperpo- 
larizability with molecular structure has been 
verified for the structures shown. However, the 
critical point is that electro-optic activity of organic 
materials (currently exhibiting a maximum value of 
182 pm/V at 1.3 microns wavelength) is likely to be 
improved for some time to come. This value is to 
be compared to a value of 32 pm/V for lithium 
niobate. Another factor influencing the value of 
macroscopic electro-optic activity realized for 
electrically poled organic materials is the effect 
of intermolecular electrostatic interactions on 


nc NG 
> N 
N / O ay 
ay 


Dipole moment: 11.8 


Hyperpolarizability 23.8 


optimization of Nicos® 6). Statistical mechanical 
calculations can provide guidance as to how this is 
achieved (see Figure 2 where the role of chromo- 
phore shape is illustrated). Approximating the 
chromophore shape by a rigid prolate ellipsoid 
with embedded dipole moment yields nearly 
quantitative reproduction of the experimental 
data. If the w-electron structure (dipole moment) 
is left unchanged but the shape of the chromophore 
is altered to a spherical shape, a_ significant 
improvement in electro-optic activity is predicted. 
The shape effect arises because there are two 
components to the electronic dipole-dipole inter- 
molecular electrostatic potential function describing 
the many body interaction of chromophores. 


nc NG nc NC 
Vi A ~CN Vj Z~CN 
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Figure 1 Density functional calculations (DFT) of molecular first hyperpolarizability (8) and dipole moment (1) for three chromophore 


structures. 
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Figure 2 Two theoretical (statistical mechanical) simulations of the variation of electro-optic activity with chromophore number density 
are shown and compared with experimentally observed results for the CLD chromophore (structure shown) dissolved in an amorphous 
polycarbonate host polymer. 
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One component favors centrosymmetric ordering 
while the second component favors noncentrosym- 
metric ordering. Their relative weighting in defin- 
ing macroscopic order depends on chromophore 
shape. Theoretical calculations have also shown 
that embedding chromophores in nanoscopic 
macromolecular objects (such as dendrimers and 
dendronized polymers) can dramatically enhance 
electro-optic activity. This type of engineering can 
also be used to control auxiliary properties such as 
optical loss and stability. The exceptional proces- 
sability of organic electro-optic materials has 
permitted conformal and flexible devices to be 
fabricated and has permitted electro-optic circuitry 
to be integrated vertically on top of semiconductor 
VLSI (very large-scale integration) electronics. 
Mach-Zehnder modulators, with 3 dB operational 
bandwidths of 200 GHz, have been fabricated from 
organic electro-optic materials as have Mach- 
Zehnder devices with operational drive voltages 
of less than one volt. The major advantage that 
crystalline inorganic materials possess, relative to 


Table 1 Comparison of electro-optic performance for inorganic 
and organic EO materials at 1.3 microns wavelength 





Parameter LiNbO; NLO polymer 
Effective EO coefficient, rey, pm/V 32 182 
Index of refraction (n) 2.2 1.6-1.7 
Dielectric permittivity (e) 30 3 
Material Figure of Merit, n?(ron)/e 10 270 
Bandwidth x length product, GHzcm 7 >100 
V,L, Vcm 5 1.5 
Optical loss, dB/cm 0.2 0.2-1.0 
Processing temperature (°C) 1000 <200 
Multiple layers possible No Yes 
Optical phase modulator 
— > 
E(t) = EgeiaV(t) 


I 


Vinodlt) 


Optical amplitude modulator 
with complementary outputs 


: W 
ail 
eal 


macromolecular organic EO materials, is superior 
thermal and photostability. A comparison of 
lithium niobate and the best organic EO materials, 
is given in Table 1. Cost is a significant factor if 
electro-optic materials are to compete with modu- 
lated lasers and other opto-electronic devices for 
applications in communications, computing, trans- 
portation, and defense. Currently, manufacturing 
costs for both crystalline and macromolecular 


materials are very high (several thousand 
dollars per modulator). Recently, it has been 
demonstrated that organic macromolecular 


materials can be used with soft lithography 
techniques to mass-produce electro-optic circuitry. 
This could conceivably dramatically reduce manu- 
facturing costs. Also, the fact that organic macro- 
molecular materials can be directly integrated with 
silicon photonics and VLSI semiconductor elec- 
tronics, may influence future commercial utilization 
of electro-optic materials, which is currently 
dominated by lithium niobate. 


Devices 


Representative simple device structures are shown in 
Figure 3. For a simple stripline phase (birefringence) 
modulator (Figure 3, upper left), the phase retar- 
dation produced by application of an electric field is 
given by 

Ad = 2aAnLi/d = mB rEL/A = mn? rVLIAd [18] 
where L is the electrode length (the distance over 
which the electrical and optical fields co-propagate), 
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Figure 3 Schematic representation of simple electro-optic device structures are shown: Upper left (birefringent modulator), upper 
right (Mach—Zehnder interferometer), lower left (1 x 2 optical switch), lower right (ring microresonator). 
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A is the optical wavelength, V = E/d is the electric 
field felt by the material, and d is the electrode 
spacing. Electro-optic device performance is fre- 
quently characterized by the voltage, V,, required 
to produce a phase shift of aw radians. For a TM 
polarized light propagating through a birefringent 
modulator: 

V,, = Ad/(nj.733LT) [19] 
where I characterizes the overlap of the optical and 
electrical waves. 

A simple Mach-Zehnder interferometer (electro- 
to-optical signal transducer) is shown in the upper 
right of Figure 3. When such a device is constructed 
from electrically poled organic electro-optic chromo- 
phores and a voltage is applied to one arm, a 
retardation of light propagating in that arm will be 
effected. This, in turn, will result in a change in the 
constructive/destructive interference of the beams at 
the output of the device. The consequence of applying 
an electrical signal to one arm of a Mach-Zehnder 
interferometer is that the applied voltage is trans- 
duced onto the optical output beam as an amplitude 
modulation of that beam. The voltage required to 
achieve full wave modulation for an optical beam of 
TM polarization is 


V,, = Ad/(nj.r33LT) [20] 


Amplitude modulation can also be achieved using a 
birefringent modulator by placing polarizers at the 
input and output of the device. If an input 
polarizer is used to launch TM and TE modes, 
the birefringent modulator functions to produce a 
rotation of light, which is turned into an amplitude 
modulation by inserting a polarizer at the output. 
For such a device, V, depends upon the difference 
in 733 and 1,3. Note that for poled organic 
chromophores, 733 ~ 3733, (V,)prm ~ 1.5(V2)MzM- 
For the above devices, it is clear that V, will 
depend on the length over which the electrical and 
optical fields co-propagate in phase. For low 
electrical field frequencies, L will be the electrode 
length. The electrode spacing d, that can be used, 
will depend on the index of refraction difference 
between the core (electro-optic material) and a 
cladding material used to prevent the optical field 
experiencing the metal electrodes (an event that 
would dramatically increase propagation loss). For 
poled organic macromolecular materials and stan- 
dard commercial claddings, d is typically in the 
order of 10 microns. Electrode lengths usually 
range from 1 to 3 cm. Two factors limit bandwidth 
in stripline devices: (i) velocity mismatch between 
the electrical and optical waves (which relates to 


the difference between mj and ¢, where « is the 
dielectric permittivity of the material - see 
Table 1); and (ii) microwave and millimeter wave 
loss in the metal electrodes. For organic electro- 
optic materials, the latter defines operational 3 dB 
bandwidth of devices. 

Optical routing switches (see Figure 3, lower left) 
are more complicated to understand and typically 
require somewhat larger V, voltages to effect a 
switching operation (e.g., 
1.7(V,)MzM)- 

Two conditions must be satisfied for light to be 
coupled into a ring microresonator device (see 
Figure 3, lower right): (i) the circumference of the 
ring must be a multiple of the wavelength of light, 
and (ii) the velocity of light in the ring must equal 
the velocity of light at the input. If a ring 
microresonator is fabricated from an electro-optic 
material, then an applied electrical voltage can be 
used to control coupling of light into and out of 
the ring microresonator. The same electrode struc- 
ture, that is used to achieve voltage-controlled 
wavelength selective filtering, can also be used to 
transduce electrical information onto the optical 
beam while it is in the ring resonator. The quality 
(Q) factor of a ring microresonator defines both 
the wavelength selectivity and the bandwidth of the 
device. Ring microresonator devices also have the 
advantage of permitting a long interaction length 
to be achieved in a very compact device structure. 
The dimensions (radii) of ring microresonator 
structures are defined by bending loss and thus 
by the difference between core and cladding 
materials. Typical radii can range from hundreds 
of nanometers to hundreds of microns. With ring 
microresonators, a reduction in drive voltage 
requirements can be achieved by trading off 
bandwidth. Another price paid in the use of ring 
microresonator device structures is that of bending 
loss, which is not present in the other device 
structure shown. Ring microresonators can be used 
for active wavelength division multiplexing 
(WDM), voltage-controlled optical signal routing, 
and wavelength tuning of optical sources. 

The interaction length of a prism optical beam 
deflector can be increased by cascading prisms 
together. For such a device structure, the angle of 
deflection becomes 


(CV a) simple2x2erossbar ~ 


0 = ner33(V/d)(L/h) [21] 
where / is the height of an individual prism and L is 
the length of the prism array. For currently available 
electro-optic materials only small deflection angles 
(a few degrees or less) can be achieved with practical 
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voltage levels. Superprism structures may permit 
large deflection angles to be achieved but such 
devices have yet to be demonstrated in a convincing 
manner. 


See also 


Interferometry: Overview. Modulators: Acousto-Optics. 
Optical Communication Systems: Wavelength Division 
Multiplexing. 
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Introduction 


Since earliest times, light has been used for communi- 
cation purposes. In order to convey information, a 
physical variable of light, such as the optical intensity 
or field amplitude, must be modulated to encode a 
signal onto the optical carrier, and it must be 
demodulated or decoded after transmission. Laser 
sources provide the capability of extremely high 
modulation speeds, which result in high information- 
carrying capacity in optical communication systems. 
After transmission, semiconductor photodetectors 
demodulate the optical signals to recover the original 
information (see Optical Communication Systems: 
Basic Concepts). 

The modulation of optical signals can be classified 
into two types: field modulation and intensity 


modulation, which is illustrated in Figure 1. In field 
modulation, the physical variable that is modulated is 
the frequency, phase, or amplitude of the optical field. 
These three techniques are sometimes referred to as 
frequency shift keying (FSK), phase shift keying (PSK) 
and amplitude shift keying (ASK). Figure 1b shows an 
example of frequency modulation of light. Field 
modulation requires keeping track of the phase of 
the carrier, which imposes strict requirements on the 
optical coherence (see Coherent Lightwave Systems). 
Because the optical carrier is at an extremely high 
frequency of around 2x10!* Hz at fiber-optic 
communication wavelengths of 1.5 wm, the required 
optical coherence is very difficult to realize, and 
moreover the receiver requires complex optical 
heterodyne methods to detect the phase of the 
optical field. 

In intensity modulation, the physical variable that 
is modulated is the optical power. Figure 1c shows 
that it is the envelope of the light power that contains 
the information. The optical field oscillations at 
10'*-10'° Hz in this case are not related to the 
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Figure 1 
lated optical field; (b) frequency-modulated field; (c) intensity or 
envelope modulation of the optical power. 


Types of modulation of optical signals. (a) unmodu- 


modulation and demodulation process, and only the 
optical power variation is important. This is a key 
advantage, and as a result intensity modulation 
systems are prevalent for optical communications. 
Here, we discuss how varying the injected current ina 
semiconductor laser or light emitting diode, or by 
operating the source with constant output and 
introducing an external modulator, can realize 
modulation of the optical power of the source. The 
process by which the optical power variations can be 
detected at the receiver with semiconductor photo- 
diodes are also discussed, including detection noise 
characteristics and means of enhancing the respon- 
sivity by introducing internal gain mechanisms or 
wavelength selectivity. The speed capabilities of 
optical modulation and demodulation in semicon- 
ductor lasers and photodetectors are discussed, based 
on the rate equations for carrier and photon 
dynamics. 


The Modulation of Semiconductor 
Lasers 


Townes, Basov and Prokhorov, who shared the Nobel 
Prize in 1964, developed the principle of lasers. 
Semiconductor lasers emit light through a stimulated 
emission mechanism. The required optical gain for 
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Figure 2 Light-current properties and the dynamic modulation 
characteristics of semiconductor lasers. 


the lasing action is obtained by injecting a forward 
bias current into a heavily doped p-n junction, 
thereby injecting carriers into the active junction 
layer and creating a population inversion. Here we 
limit our discussion to the optical modulation 
characteristics of the laser in response to changes in 
the injection current. 

Figure 2 shows the typical light-current character- 
istics of semiconductor lasers. For drive currents 
above the threshold value I,,, the emitted optical 
power is predominantly by stimulated emission and it 
increases linearly with the drive current up to 
moderate currents. The differential responsivity of 
the laser, defined by the ratio of optical power 
increase to electric current increase above threshold, 
is typically around 0.5mW/mA. At high current 
levels, the light output deviates from a proportional 
dependence on the current because of saturation 
effects and the differential responsivity decreases. 

The dynamic response of the semiconductor laser 
to modulation of the injection drive current is 
governed by the rate equations for the carrier density 
and the photon density in the active junction region. 
Figure 3 shows the active layer under consideration 
(see Lasers: Edge Emitters). The electron concen- 
tration in the active layer is denoted N and the photon 
concentration in the active layer is denoted S. The 
dynamic behavior of the electron concentration and 
photon density is governed by the following rate 
equations: 
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FIG. 8 — Full Scale 
Signal Display 


Quality of the waveform is another feature of a scope that is unsurpassed since you are 
"seeing" the waveform in real time. Two examples of waveform quality are shown in Fig. 7. 


The top trace shows the sidetone frequency with distortion, perhaps due to improper time- 
constant on the coupling capacitors or improperly biased audio amplifiers. The bottom trace 
would be a raspy sounding side tone, due to the amplifier being over-driven and in 
compression (clipping). The o-scope is an invaluable tool for detecting and diagnosing such 
impurities in the signal quality. 


MORE NIFTY MEASUREMENTS 





TEK 475 


‘ ‘ Actual display 
Amplifier Gain. Tektronix 475 


The gain of an amplifier can be measured in terms of voltage or decibels 
(dB). For voltage gain, it is simply Vout/Vin of the amplifier. For exam- 
ple, if the input is 1 Vpp and the output is 4Vpp, then the amplifier has a Fig. 9 — Volt. vs. dB relationship 
voltage gain of 4. AS Se ET = 











Gain in GB is often more useful and is how the gains of amplifiers are usu- 
ally expressed. With dB's, every-time you double the AC voltage, you add 
6dB of gain. It is the ratio of output to the input, and this ratio is easy to 
measure on a scope. 


It is often easier to start with the output. Set the vertical amplifier gain to 
display the amplifier output as a full-scale signal as shown in Fig. 8. Now 
move the scope probe to the amplifier input without disturbing the scope 














gain. You will of course have a much smaller signal, and the ratio of the ~ TEK 475 

input to the output will be the gain in dB. In our example of using eight Zero 

divisions for full-scale, then four divisions would be 6db, 2 divisions Crossings 

12dB, etc. as shown in Fig. 9. You may want to add your own GB scale 

along your scope display to remind you of this relationship. Note: this is . 

voltage gain (Av=20log x Vout/Vin). In this example, with 4Vpp output Fig. 10 

and 1 Vpp input (Av=4), then the gain is dB=20log(4) = 20(0.602) = 12dB, Measuring 

or as shown directly on the CRT tube. Since this is arelative measurement, Phase 

the absolute Vin or Vout voltage does not need to be determined. Shifts 

Insertion Loss. 

In some circuits, such as filters or attenuators, the /oss in the circuit needs 

to be measured, and like circuit gain — expressed in dB. The loss through a 1.6 divisions 
circuit is called the insertion loss. It is determined in the same way as x90 =145 


amplifier gain just presented, except start with the input (the highest AC 

voltage) as the full-scale or reference display, then measure the output AC voltage (the : ; 
lowest level). The ratio is the insertion loss in dB. Fig. 11 —Phase Shift 
by imposition 





For example, with a signal generator connected to your receiver, you want to measure the 
insertion loss through the IF crystal filter. At the filter input, you can just barely squeek out 2 
divisions of input signal on your scope at its most sensitive setting. The output from the 
crystal filter is 1.5 divisions. The insertion loss would be 20log(1.5/2.0 div.) =—2.5 dB. If the 
output were only 1.0 division (50% reduction), the insertion loss would be 6dB. 


Measuring Phase Shifts. 

Phase relationships between two signals at the same frequency can be measured with 2-5 
accuracy with a scope, although more suited for a dual-trace scope. The reference signal is 
applied to CH. 1 and the signal to be measured to CH. 2. For proper phase measurements, iEICATE 
ensure your dual trace display is in the chopped mode, not alternate mode for proper phased 
referenced triggering. 


oO 














There are many methods to do this. One is to stretch out the signal so it takes 4 horizontal divisions, such that each division is 90° of 
phase, as shown in Fig. 10. By measuring from a common point on one signal (zero-crossing or from peak-to-peak) to the next, the 
phase can be measured. For example, say you are making a phased-array antenna in which one feedline must cause a 90° delay. 

You calculate the electrical length for a 4A [L=(246/f) x Velocity Factor] and cut the coax to that length. You are now working on 
blind faith that you have exactly 90°. With a scope, you can measure it fairly accurately by injecting a signal into one end with a 
signal generator (at the frequency of interest) and a 50Q load on the other. Connect the scope CH.1 to the coax (signal) input and 
CH.2 to the load end and measure the phase. In the Fig. 10 example, the CH.2 signal is delayed by 1.6 divisions, at 90° /div is 145". 

Your delay line is too long! Cut off an inch or two at atime until the CH.2 signal is 90° from CH. 1 for precise tuning of the delay 
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Figure 3 Semiconductor laser. (a) intrinsic device; (b) active 
region with injected current /, electron concentration N, and 
photon concentration S. 
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where I is the injected current, q is the electronic 
charge, v, is the volume of the active layer, D,, is the 
diffusion constant, 7,,, is the carrier lifetime, I is 
the confinement factor (defined as the fraction of the 
optical power in the active region), B is the fraction of 
the spontaneous emission power coupled into the 
lasing mode, 7, is the cavity or photon lifetime, and 


G(x) = yN(x) — N;] [3] 


where G is the net rate of stimulated emission, and 
N, is the electron concentration at transparency. 
Equations [1] and [2] are statements of the 
fundamental continuity equations for electrons and 
photons in the active layer. Hence, eqn [1] expresses 
the fact that the rate of increase of electron 
concentration in the active layer is given by the rate 
of increase of electron concentration due to injected 
current, the rate of increase of electron concentration 
due to diffusion current, the rate of decrease of 
electron concentration due to spontaneous recombi- 
nation, and the rate of decrease in electron concen- 
tration due to stimulated photon emission. Equation 
[2] expresses the fact that the rate of increase of 


photon density in the active layer is given by the rate 
of increase in photon density due to spontaneous 
emission coupled into the lasing mode, the rate of 
increase of photon density due to stimulated emission 
coupled into the active layer, and the rate of decrease 
of photon density due to cavity loss mechanisms. 

The actual electron and photon distribution varies 
across the active layer. However, for simplicity, it 
is convenient to use average values of N and S, and 
the simplified rate equations in terms of position 
independent variables are given by: 


dN I N 
dt qVyz Te 








G(1 — &S)S [4] 





+ I-G(1 — eS)S 2 [5] 


Te Tp 


where the scaling factor (1 — eS) accounts for gain 
saturation arising from several phenomena such as 
spatial hole burning, spectral hole burning, carrier 
heating and two-photon absorption, and « is a 
nonlinear gain parameter. 

The modulation response of the laser is obtained by 
solving the rate eqns [4] and [5] for a time dependent 
input current of the form 


I(t) = Ip + Inx() [6] 


where I, is the steady-state bias current, I,, is the 
modulation current amplitude and x(t) represents the 
normalized shape of the modulation waveform. 

The small-signal modulation bandwidth of the 
laser is obtained by considering the response to small 
amplitude sinusoidal current modulation at fre- 
quency @, so that x(t) = sin(wt), around a steady- 
state bias current above lasing threshold. Under the 
small signal condition, the rate equations can be 
linearized and combined to result in a second order 
differential equation. The solution for the photon 
output exhibits a damped resonant type response. 
Hence the modulation response displays some peak- 
ing at the relaxation oscillation resonance frequency 
w,, and is flat for frequencies much lower than w,. The 
resonance frequency w, o< ./S,, where S, is the photon 
density at the laser bias level, so the bandwidth can be 
increased by biasing the laser further above its 
threshold current. Semiconductor laser bandwidth 
to 30 GHz has been observed; however, it is often 
limited to around 10 GHz due to electrical parasitics 
in the current drive circuit and interface. 

The large-signal modulation response of the laser is 
obtained by solving the differential eqns [4] and [5]. 
The response of the carrier-photon coupled system to 
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a step change of drive current has the potential for 
damped oscillation. This is caused by a resonant type 
of behavior in which, for example, an increase in 
photon density causes a depletion in population 
inversion which leads to a decrease in photon density 
enabling the carrier density to recover, thus producing 
a time lag between cause and effect resulting in 
damped oscillations before settling to the steady state 
value. These dynamic characteristics are illustrated in 
Figure 2. For a step modulation of the laser drive 
current, the optical output response exhibits a delay 
time, a risetime, an overshoot, and damped oscil- 
lations. The risetime of the laser output is typically in 
the range of 100-300 ps. The turn-on time of the 
laser and the overshoot are improved by ensuring that 
the minimum drive current does not fall below 
threshold. The damped oscillations in the optical 
output occur at the relaxation oscillation frequency 
of the laser. 

These laser pulse waveform imperfections cause 
deteriorations in the eye diagram of the laser 
transmitter that is modulated by very high speed 
digital bit streams (see Optical Communication 
Systems: Lightwave Transmitters). Figure 4 shows 
the eye diagram for the optical output of a 
semiconductor laser directly modulated by a 5 Gbit/s 
pseudo-random bit stream of length 2'°—1. The 
output waveform imperfections cause a partial 
closure of the eye, which ultimately limits the 
modulation speed that can be obtained by directly 
modulating the laser drive current. Although the 
semiconductor laser optical output does not exactly 


Power [mW] 





replicate the applied electrical drive waveform, the 
deviations are small enough so that these lasers can be 
used for data transmission up to around 10 Gbit/s. 

Another inherent consequence of direct modu- 
lation of semiconductor lasers is the production of 
laser frequency chirp. This arises from the fact that 
modulation induced changes in the carrier density in 
the active region of the laser cavity cause a change in 
the refractive index of the active layer, which results 
in a chirping in the output wavelength during 
modulation. Hence amplitude modulation of semi- 
conductor lasers is fundamentally accompanied by 
phase modulation from the basic physical mechanism 
of carrier induced changes in the refractive index. The 
resulting transient changes in the output wavelength 
of the laser causes a chirping phenomenon as it is 
being modulated. The order of chirp magnitude is 
about 0.1-1 GHz/mA of drive current change. 
During digital pulse modulation, the laser wavelength 
shifts to the blue side near the leading edge and 
towards the red side near the trailing edge of the 
pulse. Chirp results in a broadening of the laser 
linewidth. This wavelength change effect in combi- 
nation with the dispersion characteristics of optical 
fiber (see Fiber and Guided Wave Optics: Dispersion; 
Light Propagation) causes an important limitation to 
the transmission capacity of fiber optic communi- 
cation systems. The chirp in semiconductor lasers 
can be reduced, but not entirely eliminated, by using 
modulation-doped strained multiquantum-well 
lasers, which reduce the linewidth enhancement 
factor. 








Time [ns] 


Figure 4 


Eye diagram for the optical output of a semiconductor laser directly modulated by a 5 Gbit/s pseudo-random bit stream. 
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The Modulation of Light Emitting 
Diodes 


The light emitting diode (LED) generates light 
through spontaneous emission. A semiconductor 
p-n junction is pumped with a forward current, so 
that electrons are provided in the upper energy state 
that can recombine radiatively to produce incoherent 
light by a spontaneous emission mechanism. The rate 
of photon generation is directly proportional to 
the carrier injection rate, and hence the modulating 
drive current. 

Figure 5 shows the typical light-current properties 
and the modulation characteristics of a LED. The 
responsivity of the LED, defined as the ratio of the 
emitted optical power to the injected current, is 
typically in the range of 10 to 50 wW/mA. The optical 
output power generated is linearly related to the 
injection (drive) current up to moderate currents, and 
is given by 


P= nchye [7] 


where 7 is the emission quantum efficiency (defined as 
the ratio of the radiative recombination rate to the 
total recombination rate), 4 is Planck’s constant, v is 
the optical frequency, I is the injected current, and q is 
the electronic charge. For larger currents, the light 
output deviates from a proportional dependence on 
the current because of saturation effects and the 
responsivity decreases. 

The modulation response of the LED is governed 
by the rate equation for the carrier density N 
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Figure 5 Light-current properties and the modulation charac- 
teristics of light emitting diodes. 


where I is the injected current, g is the electronic 
charge, v, is the volume of the active region, and 7, is 
the carrier lifetime. Equation [8] expresses the fact 
that the rate of increase of carrier concentration is 
given by the rate of increase of carriers through 
current injection and the rate of carrier loss through 
radiative and nonradiative recombination. The small 
signal response arising from this first order differen- 
tial equation, exhibits a simple single pole response 
and the resulting modulation bandwidth of the LED 
is given by 


B= 1/(277,) [9] 


The pulse modulation response of the LED is shown 
in Figure 5. The output modulated optical waveform 
is not square but exhibits risetimes and falltimes 
determined by the carrier lifetime 7,. This sets a limit 
to the maximum modulation rate that the LED can 
achieve. The bandwidth can be increased by decreas- 
ing the radiative lifetime, which can be controlled to a 
limited extent by the choice of doping level. Typical 
lifetimes for InGaAsP LEDs are in the range of 
1-5 ns, which corresponds to attainable modulation 
data rates of several hundred Mbit/s. 


The External Modulation of Lasers 


Modulation of lasers realized by changing the 
injection current, as described above, is classed as 
direct modulation. This is the simplest method of 
modulation; however, it is limited by several physical 
phenomena. These include bandwidth limitations 
due to carrier dynamics in the laser active region, 
waveform limitations due to relaxation oscillations 
and overshoot effects, and chirping which causes 
transmission limitations in optical fibers arising from 
dispersion effects. 

A superior modulation technique, classed as 
external modulation, operates the laser with continu- 
ous wave (CW) output and impresses the modulation 
by means of a device external to the laser. Although 
more complex, this approach has many modulation 
performance advantages. Because the laser is oper- 
ated CW, this technique removes chirping effects and 
also enables higher power lasers to be used. More- 
over, it is capable of much higher modulation 
bandwidths, larger on-off extinction ratios, and 
superior modulation spectral purity. 


Electro-optic Modulation of Light 


The linear electro-optic effect in materials was first 
described by Friedrich Pockels in 1893. The Pockels 
effect is the change in refractive index of the material 
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resulting from the application of an electric field, and 
is given by 


n(E) =n —- whi 


5) [10] 


where 7 is the refractive index, E is the applied 
electric field, and r is the electro-optic coefficient. 
Typical values of r lie in the range 10° '* to 10° '° m/V, 
and the most common electro-optic materials used 
include LiNbO3, GaAs, InP, InGaAsP, and syn- 
thetic polymers such as polymethylmethacrylate 
(see Modulators: Electro-optics). 

If light traverses an optical waveguide of length L, 
to which an electric field E is applied, it undergoes a 
phase shift given by 


[11] 


The electric field can be produced by applying a 
voltage V across the waveguide of width d, hence 
E=V/d. It is therefore possible to modulate the 
phase of the light by varying the voltage V that is 
applied to the material through which the light 
passes. The voltage required to produce a phase 
shift of a is given by 


V,==3> [12] 


The parameter V,, known as the half-wave voltage, is 
an important characteristic that expresses the applied 
voltage required to give a phase shift of 7. 

Intensity modulation of light can be obtained 
by placing the phase modulator in one arm of an 
optical interferometer. The structure, known as a 
Mach-Zehnder modulator, is shown in Figure 6a. The 
optical output is the phasor sum of two lightwaves 
that travel through the two arms, resulting in 
constructive or destructive interference depending 
on the optical phase difference. The electric field is 
applied to the optical waveguide in a direction 
perpendicular to the direction of light propagation 
using the metal electrodes, see Figure 6a. Hence the 
refractive index of the waveguide and thus the phase 
of the light can be modulated by varying the 
voltage V. When no voltage is applied, the optical 
fields in the two arms of the interferometer experience 
identical phase shifts, and hence interfere construc- 
tively at the output. When a voltage is applied, the 
waveguide index changes, and the light in that arm 
experiences a phase shift with respect to the light in 
the other arm. This destroys the constructive nature 
of the interference at the output, and reduces the 
transmitted light emitted at the output. The extreme 
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Figure 6 Mach-Zehnder electro-optic intensity modulator. 
(a) Structure; (b) transfer function and modulation characteristics. 


case is when the phase difference between the two 
arms equals a, which causes complete destructive 
interference resulting in no light transmission. 

The modulation transfer function is given by 


P ie = tpt + cos(A@)] 


5) [13] 


where Ad is the phase difference encountered by light 
as it travels through the two arms. In terms of the 
applied voltage, the optical power transmitted 
through the modulator is given by 


1 V 
Pee Pal + coo(y_} | 


This transfer characteristic is shown in Figure 6b. The 
modulator may be operated as an analog optical 
modulator by operating in the nearly linear region 
around point O. Alternately, it may be operated as a 
digital modulator by operating between points A and 
B, thus switching the light on and off as V is switched 
between 0 and V,. 

Improved efficiency of modulation, and hence 
a reduction in the value of V, (typically a few volts) 
can be obtained by placing a second electrode on the 
other arm of the interferometer, and using a push- 
pull configuration to drive the interferometer. 
Hence the phase modulators in both arms are 
driven with modulating voltages of opposite 
polarities so the phase is advanced in one arm and 
is retarded in the other arm. This produces a net 
phase difference, which is double that produced in 
either arm. 


[14] 
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The Pockels effect is an extremely fast physical 
mechanism, hence in principle external modulation is 
capable of achieving extremely high speeds. In 
practice, the modulation speed of an electro-optic 
modulator is limited by the capacitive effects at the 
electrodes and by the transit time of the light through 
the material. If the electric field varies significantly 
within the time it takes for light to transit through the 
waveguide, then the travelling optical wave will be 
subjected to different electric fields as it traverses the 
waveguide, and this results in a transit time limitation 
to the modulation bandwidth. A technique to avoid 
this limitation is to apply the voltage at one end of the 
waveguide and to design the electrodes to form a 
transmission line. By this means it is possible to make 
the velocity of the electrical wave match that of the 
optical wave to essentially eliminate the transit 
time effects. These external modulators have 
demonstrated speeds well in excess of 100 GHz. 


Electro-absorption Modulation of 
Light 


Electro-absorption external modulators are based on 
the principle of semiconductor bandgap decrease 
that occurs upon application of an electric field (the 
Franz-Keldysh and Stark effect). With no applied 
voltage, the semiconductor waveguide is transparent 
to light having a photon energy smaller than the 
bandgap, and such wavelengths are transmitted with 
very little attenuation. When a voltage is applied, 
the bandgap of the semiconductor decreases and the 
material absorbs the light once the photon energy 
exceeds the bandgap energy, and this produces optical 
attenuation. Hence by applying a modulation voltage 
to the semiconductor waveguide, the absorption 
property of the waveguide and hence the output 
light intensity can be modulated. 

Improved modulation efficiency, and hence a 
reduction in the voltage required to decrease the 
bandgap energy, is obtained by using multiquantum- 
well semiconductor structures, which exhibit 
enhanced electro-absorption effects arising from the 
quantum confined Stark effect. The conventional 
technique of applying a transverse field across a 
multiquantum-well is to apply a reverse voltage 
across it. Modulator drive voltages of a few volts 
can be obtained. The on/off extinction ratio of 
modulation depends on the value of the field- 
dependent absorption coefficient at the operating 
voltage, and typical on/off extinction ratios are 
10-15 dB. 

The modulation bandwidth is determined by 
intrinsic factors related to carrier dynamics, such as 


exciton formation and dissociation times and the time 
taken to remove electrons and holes from the wells by 
thermionic emission and tunelling. It is also deter- 
mined by extrinsic factors related to the capacitance 
of the junction diode. These modulators can have 
bandwidths of around 50 GHz. They also enable low 
chirp modulation to be obtained. The optical power 
handling capability of electro-absorption modulators 
is lower than for electro-optic modulators. However, 
a principal advantage of the electro-absorption 
modulator is that the semiconductor waveguide can 
be fabricated onto one substrate with the semicon- 
ductor laser, enabling the realization of monolithic 
integration on the same chip. 


The Demodulation of Optical Signals 


The process of demodulation converts the modulated 
intensity of an optical wave into an electrical signal to 
recover the information content. Semiconductor 
photodetectors are based on the principle of absorp- 
tion of photons to generate mobile electron-hole 
pairs, and the transport of these mobile carriers via an 
applied electric field to create a flow of current. 


Demodulation using PIN Photodiodes 


The PIN photodiode comprises a P-doped/intrinsic/ 
N-doped semiconductor structure. An applied reverse 
voltage bias creates a depletion region with a high 
electric field in the intrinsic layer. When the intrinsic 
layer is illuminated with light, photons are absorbed 
and electron-hole pairs are created, which are swept 
by the built-in electric field. The resulting flow of 
current is proportional to the incident optical power. 

The quantum efficiency of the photodetector is 
defined as the ratio of electron generation rate to the 
photon incidence rate, and is given by 


= as [15] 


where I, is the photocurrent, P is the incident optical 
power, v is the optical frequency, ) is Planck’s 
constant and q is the electron charge. If the width of 
the absorbing intrinsic region is large enough to 
capture all the light, quantum efficiency values 
approaching 100% can be achieved. 

The current-voltage characteristics of the photo- 
diode under optical illumination are shown in 
Figure 7a. The dark current Ij, which is the current 
generated in the photodetector in the absence of light 
originates from thermally generated electron-hole 
pairs, and is typically extremely small (<5 nA). 
Figure 7b shows the transfer characteristic of the 





the area of the photodiode. The demodulation 
bandwidth of PIN photodiodes can exceed 100 GHz. 

Photodetection shot noise is a fundamental noise 
mechanism that introduces noise in the demodulation 
process of optical signals. This leads to fluctuations in 
the photocurrent, even for a constant incident optical 
power, because the photocurrent actually consists of a 
stream of electrons that are generated at random 
The photodiode current generated by a 
constant incident optical power is given by 


I(t) = lave + ishor(t) [18] 


where I,y. is the average photocurrent generated, and 
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Figure 7 Semiconductor photodiode. (a) Current-light charac- 
teristics under optical illumination; (b) transfer function and 
demodulation photocurrent versus incident optical power. 


photodetector. The current is linearly proportional to 
the optical power up to moderate power levels, when 
saturation mechanisms occur. The responsivity of the 
photodiode ®, defined as the ratio of the generated 
electric current to the incident optical power, is 
given by 


19 
R= aa [16] 
The responsivity is an important parameter, and 
provides a measure of the photodetection efficiency of 
the device for demodulating optical signals. Typical 
responsivity values for PIN photodiodes are around 
1 A/W. 

The bandwidth B of demodulation of the photo- 
detector is determined by the speed with which it 
responds to variations in the incident optical power. 
This is limited by the transit time 7,, and the RC time 
constant Tpc and is given by 


27 


B —) 
Tir + TRC 


[17] 


The transit time limitation arises because of the time 
it takes for the generated carriers to traverse the 
absorption region and be collected. To maximize the 
bandwidth, the transit time needs to be reduced, 
which can be achieved by decreasing the width of the 
absorption region. However, this requires a trade-off 
with the responsivity, which drops because a smaller 
fraction of the light can be absorbed under these 
conditions. The capacitance C and the resistance R of 
the photodetector and its circuitry form the RC time 
constant. To maximize the bandwidth, the photo- 
diode capacitance needs to be reduced by decreasing 


ishor(t) is the current fluctuation due to shot noise and 
which is described by a stationary random process 
with Poisson statistics. The mean-square noise 
current is given by 

< iyo) >= lave Af [19] 
where Af is the effective noise bandwidth of the 
receiver. The shot noise degrades the signal to noise 
ratio of the demodulated signal, and causes a 
fundamental limit to the sensitivity of the PIN 
photodetection. 


Demodulation using Avalanche 
Photodiodes 


Demodulation using avalanche photodiodes detec- 
tors (APD) has the advantage of significantly 
increased responsivity. This is achieved by providing 
an internal current gain mechanism within the device. 
The APD operates by generating more than one 
electron-hole pair per absorbed photon. This is 
achieved by strongly reverse biasing the diode to 
create a large junction electric field, so photoelectrons 
accelerate and acquire enough energy to produce new 
carriers by the process of impact ionization. These 
devices incorporate a modification to the PIN 
structure, by including an additional doped layer 
known as the multiplication layer, which under 
reverse bias provides a region of very high electric 
field that can produce avalanche breakdown. Hence a 
single primary electron generated through absorption 
of a photon, generates many secondary electrons and 
holes in the avalanche multiplication layer, and all 
these secondary carriers contribute to the photo- 
current. As a result of this current gain mechanism, 
the responsivity of the APD is increased by a 
multiplication factor M, and is given by 


Mnq 


Rapp = ae [20] 
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where M can range between 5—50 depending on the 
bias voltage. 

The bandwidth of the APD depends on the 
multiplication factor M. This is because the avalanche 
process takes additional time. The frequency response 
can be written 


Mo 


M(@) = ; 
[1 + (w7,Mp)7]2 


[21] 





where Mo is the low frequency gain and 7, is the 
effective transit time that depends on the ionization 
coefficient. The intrinsic APD bandwidth (assuming 
no RC limitations) is approximately given by 


1 


B — es 22 
APD = 97 My [22] 


Hence the bandwidth decreases as the multiplication 
factor increases, and there exists a trade-off between 
the bandwidth and the responsivity. The demodula- 
tion characteristics of the avalanche photodiode can 
be expressed by means of a gain-bandwidth product 

Bapp:Mo, and this can exceed 150 GHz. 
Photodetection noise in APDs has an additional 
contribution because the avalanche gain itself is a 
random variable. Hence the secondary electron-hole 
pairs are generated at random times and this adds a 
noise component to the basic shot noise associated 
with the generation of primary electro-hole pairs. 

The total shot noise is given by 
< Khorarp@) >= 2gM*FMyIygAf [23] 
where I,,g = ‘RP, and F is the excess noise factor 

expressed by 
2 
F= est Boe [24] 
<M >? 
and is approximately given by F ~ M*, where 
0.2 <x <1. Hence the excess noise increases with 
the multiplication ratio, so there exists an optimum 
avalanche photodiode gain that maximizes the signal 
to noise ratio of the demodulated signal. Despite the 
fact that additional noise is introduced, because of the 
higher responsivity, APDs can provide higher sensi- 
tivity in demodulating optical signals than PIN 
photodiodes. 


Demodulation using Metal- 
Semiconductor-Metal (MSM) 
Photodiodes 


Demodulation using MSM _ photodiodes enables 
extremely high bandwidths to be achieved. 


The MSM photodiode comprises two reverse-biased 
metal-to-semiconductor Schottky contacts formed on 
a semiconductor layer that prevents flow of electrons 
from metal to semiconductor. Photons incident 
between the contacts create electron-hole pairs that 
are collected by the electric field to generate a 
photocurrent proportional to the incident optical 
power. The metal contacts are usually fabricated on 
the same side of the semiconductor to create a planar 
structure, which is suitable for monolithic inte- 
gration. However, a drawback of the MSM device is 
that the electrodes block some of the light from 
reaching the absorption region, which results in a 
reduced responsivity. 

The bandwidth of demodulation of the MSM 
photodiode is determined by the transit time of the 
photogenerated carriers and the RC time constant. 
Since the electrode spacing can be around 1 wm, the 
transit time is extremely small. Moreover, since in the 
planar structure the parasitic capacitance is inher- 
ently low, the RC time constant is also extremely 
small. This results in demodulation bandwidths of up 
to 300 GHz. 


Wavelength Selective Demodulation 


A technique to obtain both wavelength selective 
demodulation and high-speed, high-responsivity 
demodulation involves the use of microcavity res- 
onant photodetectors. This is useful for very high- 
speed detection in wavelength multiplexed systems. 
The microcavity photodiode comprises a Fabry- 
Perot cavity placed around the photodetector absorp- 
tion region, to enhance the responsivity. The mirrors 
are typically formed using Bragg reflectors or 
dielectric mirrors implemented in the semiconductor. 
A resonance is built up in the cavity at the 
wavelengths of incoming light for which the round- 
trip phase shift is 2a, which corresponds to 
constructive interference. Hence at the resonant 
wavelength, the incoming light is reflected at the 
two mirrors and permits the absorbing layer to be 
reused many times by effectively recirculating the 
optical signal, thus enhancing the absorption and the 
responsivity. However, the transit length can remain 
extremely small, because the photogenerated carriers 
only have to traverse the thickness of the absorption 
region to be collected. This solves the problem of the 
fundamental responsivity-bandwidth trade-off in 
normal photodetectors, in which increasing the 
absorption layer width to increase responsivity 
increases the transit time thus reducing the band- 
width. Microcavity resonant photodiodes enable 
the simultaneous achievement of large bandwidth 
and high responsivity possible. Also, the resonant 
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behavior leads to wavelength selectivity, which 
can be used to advantage in some wavelength 
division multiplexed WDM applications (see Optical 
Communication Systems: Wavelength Division 
Multiplexing). This approach can provide demodu- 
lation of optical signals with quantum efficiencies 
close to 100% and with bandwidths in excess of 
100 GHz. 


Optical Receivers - Preamplification 
and Clock Recovery 


The front end of an optical receiver comprises the 
photodiode and a preamplifier to amplify the 
electrical signal for further processing. In order to 
obtain a high demodulation bandwidth, it is import- 
ant to minimize the photodetector capacitance and to 
minimize the input resistance of the preamplifier that 
acts as the load resistance. However, because the 
thermal noise current is inversely proportional to the 
load resistance, minimizing the load resistance causes 
excessive noise and degraded demodulation sensi- 
tivity. An alternative approach is to use a_high- 
impedance preamplifier. This reduces the noise at the 
price of a lower bandwidth. Thus there is a trade-off 
between the bandwidth and sensitivity. The trans- 
impedance front-end, in which the load resistor is 
connected as a feedback resistor around an inverting 
amplifier, is often used as an optimum compromise 
that combines high sensitivity together with large 
bandwidth. This enables the use of a large resistance, 
which minimizes noise, but at the same time the effect 
of negative feedback reduces the input impedance by 
a factor equal to the amplifier gain, thus increasing 
the bandwidth. 

In digital optical transmission systems the data 
recovery section of the optical receiver comprises a 
clock recovery circuit and a decision circuit. Accurate 
timing (clock) information about the bit slot, in order 
to synchronize the decision process, is obtained 


from the amplified front-end waveform using a 
timing extraction circuit (see All-Optical Signal 
Regeneration). Typical clock recovery circuits 
comprise a high-Q resonant circuit which rings at 
the bit rate frequency or a phase locked loop. This 
enables precise data time sampling in the following 
decision circuit within the bit intervals of the original 
pulse train. 


See also 


All-Optical Signal Regeneration. Fiber and Guided 
Wave Optics: Dispersion; Light Propagation. Lasers: 
Edge Emitters. Modulators: Electro-Optics. Optical 
Communication Systems: Basic Concepts; Lightwave 
Transmitters; Wavelength Division Multiplexing. 
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Introduction 


The pioneering experiments by Hanbury-Brown and 
Twiss, and the subsequent development of the 
quantum theory of electromagnetic radiation by 
Glauber and Sudarshan, raised the interest in 
the question of photon statistics. It followed from 
their theories that states of the electromagnetic field 
which can only exist in a quantum treatment. These 
nonclassical states show up in photon statistics 
through the phenomenon of antibunching. Later, 
further nonclassical states of the radiation field were 
found in the so-called squeezed fields, which are fields 
with phase-sensitive quantum fluctuations being at 
certain phase angles smaller than those of a perfect 
classical coherent field. In order to achieve squeezing 
of laser radiation, various forms of nonlinear optical 
interactions can be used. 


Classical Versus Quantum Waves 


In classical electrodynamics, a monochromatic wave 
(e.g., an extended light beam) is often described using 
the complex representation: 


EV,) =E (7,)+ Et, 


= 5 letr De +e (7, De] [1] 


In classical theory, this complex description is 
merely a tool for the simplification of some calcu- 
lations. However, there is some physical significance 
when using the quantum description, where « and s* 
lead to the lowering and raising operators of the field. 
The above field can also be represented in the 


following way: 


Eq,t) = —- coswt 4 5) 





sinwt [2] 


with real coefficients e,=(e+e 2 and «= 
(e — ©")/2i. This description gives the state of the 
field in a two-dimensional phase diagram where the 
sin-component is plotted versus the cos-component. 
In this plot, the wave above is represented by one 
point giving phase and amplitude of the field. These 
phase diagrams will play an important role in 
characterizing the nonclassical fields in a quantum 
phase diagram, as discussed below. 

The properties of a field are described by the first- 
and second-order correlation functions. The first- 
order correlation function is given by 


GO (ry, th, Po, te) = (e"(14, ty e(T2, ty)) [3] 


It is obtained by multiplying the electric field 
amplitudes at two spacetime points and taking the 
ensemble average. For 7, =1) and t; =t), G is 
proportional to the intensity at this point and is, 
therefore, called the first-order in intensity. The first- 
order correlation function is connected to the spec- 
trum I(w) of the field through its Fourier transform. 

The second-order correlation function is necessary 
to characterize the radiation field completely. It 
describes the intensity fluctuations, being the classical 
equivalent to photon statistics, and is given in the 
general form: 


G(r, ty, 12, t, 3, t3, ‘A, t4) 
= (e'(11, ty) (12, ta)e(r3, t3)e(14, ta)) [4] 


If G® is considered for two spacetime points 
1, =1, the connection to intensity fluctuations 
becomes obvious: 


Ga = A(t) (ta) = (e*(tDeC ve (tye(t2)) — £5] 


The subscript I indicates that we have to deal 
with intensity correlations; + stands for ft) — ty. 
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In connection with the Hanbury-Brown, Twiss 
experiment, in general, the normalized intensity 
correlation is given by 
g(r) = Ie + D)/IOY [6] 
I(t) stands for the intensity which is given by the 
mean value (I(t)) plus fluctuations AI(¢) for which the 
mean value is zero. The mean value of the squared 
intensity is then (I?) = (I)? + (AI). It follows for the 
normalized intensity correlation function: 


Qn =UOle+ dD) (KIO 
1+(AP)/I? for r= 0 
_ [1+ Q@P\KIY for s a 
1 for T— 00 


For t— 00, the intensities are not correlated and 

gn) feet 1. Otherwise (AP?) /(I* = 0; this 
means that g; )(7) is always equal to or larger than 1, 
and g(a) smaller than 1 is not possible classically 
The photon correlation is usually measured by the 
classical Hanbury-Brown, Twiss setup shown in 
Figure 1. 

The maximum of g; 7) at t= 0 is called intensity 
bunching and was first observed by Hanbury-Brown 
and Twiss. The decrease of g(2) as a function of 7 
is a measure of the coherence length of the light 
source. 

When the experiment in Figure 1 is considered in 
the photon picture there is a principal difference 
compared to the classical intensity. In the classical 
case, the intensity on the two detectors is the same if 
the beamsplitter is dividing the light beam in equal 
portions. Both detectors, therefore, measure the same 
fluctuations. In the quantum picture, however, a 
photon can only be detected in one of the two 
detectors; this leads to the result that values for 22) 
smaller than 1 can be found. The effect of photon 
bunching was initially thought to be an inherent 
property of light owing to the boson nature of 
photons. Therefore, it came as a big surprise when 
Glauber showed theoretically that for the quantized 
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Figure 1 
experiment. 


Experimental setup for the Hanbury-Brown, Twiss 


radiation field gi(7), <1 is possible. This effect, 
known as photon antibunching, and its experimental 
observation constitutes an unambiguous proof of the 
quantum nature of light. 

In the quantum description of the electromagnetic 
field, the electric field amplitudes ¢ and «” are 
replaced by @ and a*, the photon annihilation and 
creation operators. 

In this case, the electric field operator is written as 
~  atat a-a 
Eo coswt 


5) i sinwt [8] 





In analogy, the operators 4, = (4+ 47 )/2 and a) = 
(@ — @*)/2i, can be defined describing the amplitude 
of the cosine and sine parts of the wave. a, and a) do 
not commute [41,4] = (i/2)1, therefore, the expec- 
tation values of the two operators a, and a underlie 
an uncertainty relation given by 


(Aaj) = (43) — (Aa, = 1/16 [9] 


with (Aa?) = (a?) — (Aa;)*. In the corresponding 
phase diagram, the expectation values for 4, and 4 
are represented by a shaded area defined by the 
uncertainty (Figure 2). The state of the radiation field, 
where both phase and amplitude fluctuations are 
symmetrically minimized, (Aaj) = (Aaj) = +, best 
approximates the classical wave with well defied 
phase and amplitude. The state with symmetrical 
minimum uncertainty is the coherent state describing 
laser radiation. It is an eigenstate of 4 with a photon 
number fluctuation given by a Poissonian distribution 
with (An’) = (n). 

There are other minimum uncertainty states, 
however, with unsymmetrical uncertainty regions 


Amplitude fluctuations 





Figure 2 Phase diagram of the quantum mechanical field 
amplitudes (a) and (a) for coherent radiation. 


line. (While departing from o-scopes for a moment, the sharp null of a phased array is astounding when exactly 90° delay is 
achieved. More than 10-15° in error causes a very “mushy” null with little difference over a single vertical antenna. Most errors in 
achieving exactly 90° by the "measure-and-cut" method are due to uncertainties in the stated velocity factor of the coax). 


Another method is to superimpose the two signals on top of eachother. Make one signal larger than the other so you know which 
one is what, as shown in Fig. 11. In this example, the smaller signal lags the larger signal by about 100", estimated by where they 
cross. For more accurate determination, use the time base to measure the time period of one cycle (T1), then the time period one 


signal lags (or leads) the other (T2). The phase shift is then 0=(T2/T1)x360°. 


Phase measurements can be made on a single trace scope as well. First, connect the reference signal, uisng a BNC "T," to both the 
external trigger and the normal vertical input. Adjust the trigger level so the zero-crossing occurs at the beginning of the trace 
(left-hand graticle). Remove the reference from the vertical input, but not the external trigger, and apply the signal to be tested to 
the vertical input — without altering the time base or trigger level. The distance of zero-crossing of the test signal is from the left- 
hand graticle can now be measured to determine the phase, though with slightly less accuracy than using a dual-trace scope. 


An interesting experiment is to measure the phase shift of the audio signal at different frequencies as it travels through the stages in 
aCW, SSB or AM active filter. What is the phase shift of the wanted vs unwanted frequencies? 


Measuring Rise and Fall Times. 





In digital circuits, it is sometimes important to know the rise and fall times of a signal through a Fia. 12 — 
gate. In amateur radio transceivers, this same interest could be applied to how fast the T-R ; g- 5 
switch switches. On key-down, if the transmitter turns on slightly before the receiver is turned Rise and Fall Times 


off, it can produce an annoying "thump" in the receiver. Rise and fall times are measured by 
triggering on the edge of the signal of interest, then increase to a faster sweep speed to measure 
the time it takes the signal to reach 90% of its final level. The signal to be measured is shown in 
Fig. 12 on the top trace, and the expanded version on the bottom. For proper rise times, the 
signal being measured should be well within the bandwidth of your scope and using a low 
capacity probe. 


For example, in Fig. 12 (bottom trace), the rise time is about 1/4th of a division. If the sweep 
speed is 100nS/division, the rise time would then be about 25nS. 














USING LIMITED BANDWIDTH SCOPES 


Today's scopes have 200-SOOMHz bandwidths. Likely your scope is much less than that. A limited bandwidth scope is still very 
useful to the amateur or homebrewer. Say the bandwidth of your scope is 5MHz. This does not mean you can't see 7MHz signals. 
It just means the peak-to-peak value has lost meaning, and will likely be very weak, since it is beyond the bandwidth of the scope. 
(Like other bandwidth measurements in electronics, the “bandwidth” of a scope is usually based on the “3dB bandwidth.” Thatis, 
at the maximum bandwidth, you are already at the —-3dB point, or a 25% reduction in the peak-to-peak voltage display). You can 
still resolve individual cycles higher than the cited bandwidth to a certain degree and make gain and phase measurements, since 
they are based on ratios. 


Most of the examples in this article explore many regions of a communications receiver or ham transceiver without the benefit of 
any great bandwidth. Experiment with your scope to learn its limitations. Use a good scope probe and make measurements with a 
good ground to get the most out of the bandwidth you have. 


For the homebrewer building circuits in the HF bands, a 50 MHz scope with good calibration will yield fairly accurate 
measurements up to 30 MHz with little concern for accuracy. The old 465 or 475 series of Tektronix scopes, with 100/200 MHz 
bandwidths, make an excellent oscilloscope for the amateur or experimenter. They can often be found at hamfests today for 
$100-150, and tend to maintain a fairly good calibration almost regardless of how much use they have seen. 


In Part 2 - we'll probe (bad pun) into some advanced measurement techniques, even with a simple scope ... such as measuring 
sideband rejection, filter responses, VCO phase noise, etc. (and what it all means). 
72, PaulNASN 
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with the uncertainty squeezed into mainly one 
component. These states, which are called squeezed 
states, are defined by (Aat) < 0.25 or (Aa) < 0.25. 
Squeezed state may also refer to a state which is not a 
minimum uncertainty state but where, nevertheless, 
the mean square fluctuation in one of the two 
components is less than 0.25. 

A classical electromagnetic field consists of waves 
with well-defined amplitude and phase. This is not the 
case in a quantum treatment: fluctuations are 
associated with both conjugate variables. The case 
of a coherent state that most nearly describes a 
classical electromagnetic field has an equal amount of 
uncertainty in the two variables (when normalized to 
the field of a single photon). Equivalently, the field 
can be described in two conjugate quadrature 
components and the uncertainties in the two con- 
jugate variables satisfy an uncertainty relation. 
The coherent state represents a minimum uncertainty 
state with equal uncertainties in the two quadrature 
components. This case is usually called the shot-noise 
limit; it is represented in Figure 2 as a phase diagram. 

In a quantum treatment of radiation, it is also 
possible to generate states that are not present in the 
classical limit. They can show fluctuations reduced 
below the classical limit in one of the quadrature 
components, while the canonically conjugate quad- 
rature component must display enhanced fluctu- 
ations in order to fulfill the uncertainty relation. 
Those states are called ‘squeezed states.’ An electro- 
magnetic field with fluctuations below the standard 
quantum limit in one of the quadrature components 
has, in principle, many attractive applications, for 
example, in optical communication, in precision and 
sensitive measurements such as gravitational wave 
detection, or in noise-free amplification. Therefore, 
there has been great interest in generating squeezed 
radiation. Optical measurements have three charac- 
teristics that enable them to reach the quantum noise 
level more readily than in other fields of physics: (i) 
optical signals are naturally immune to external 
sources of noise; (ii) thermal noise at room 
temperature is negligible in the optical domain; and 
(iii) the outstanding equalities of the optical sources 
and detectors allow a very-low-level instrumental 
noise. 

Squeezed states with reduced photon number 
fluctuations (sub-Poissonian photon statistics) corre- 
spond to a light beam in which the photons arrive 
more equally spaced than in a coherent beam for 
which a (0) = 1. Therefore, sub-Poissonian number 
fluctuations correspond to photon antibunching. This 
shows that photon antibunching and squeezing are 
related. The state with the largest possible antibunch- 
ing is the number state, represented by a circle in the 


phase diagram. It has large fluctuations in both 
components a, and a, and, therefore, is not a 
squeezed state. Thus, it is obvious that antibunching 
does not imply squeezing. On the other hand, weak 
squeezing of a coherent state may result in anti- 
bunching. If the state is squeezed harder the a, 
component will be better defined. The amplitude 
fluctuations, however, will start increasing and there 
will be a transition from antibunching to bunching. 

The quantum calculation of the normalized 
second-order correlation function leads to the 
following result: 

gi (0) = 1+ ((An’) — (n)/(n)”) [10] 

A pure number state of the radiation field with 
(An*) = 0, leads to gi”(0) <1, as discussed above. 
For a coherent state, (An*) = () yielding g\”(0) = 1, 
corresponding to the classical calculations. 

It can be concluded that although antibunching and 
squeezing are related and nonclassical phenomena, 
one does not imply the other. Thus, the detection 
schemes necessary to determine the existence of one 
or the other are quite different. Antibunching or sub- 
Poissonian statistics can be detected via intensity 
correlations. Squeezing, on the other hand, is a 
property of either (a,) or (az), and phase sensitive 
homo- or heterodyne detection is needed. 

Nonclassical states of the radiation field are very 
sensitive to linear attenuation. Coherent and thermal 
light fields are the only ones that do not change their 
photon statistics when attenuated. This is different 
for nonclassical light. The change depends on the 
particular case and has to be carefully evaluated. 

The first observation of squeezing was achieved in 
1985, in an experiment of parametric generation 
involving four-wave mixing in sodium vapor. 


Nonclassical Light from 
a Single Atom 


Resonance fluorescence of atoms is a basic process in 
radiation—atom interactions, and has therefore 
always generated considerable interest. The methods 
of experimental investigation have changed continu- 
ously due to the availability of new experimental 
tools. A considerable step forward occurred when 
tunable and narrowband dye laser radiation became 
available. These laser sources are sufficiently intense 
to easily saturate an atomic transition. In addition, 
the lasers provide highly monochromatic light 
with coherence times much longer than typical 
natural lifetimes of excited atomic states. Excitation 
spectra with laser light using well-collimated atomic 
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beams lead to a width, being practically the natural 
width of the resonance transition, therefore it 
became possible to investigate the frequency spec- 
trum of the fluorescence radiation with high resol- 
ution and to also study the photon statistics of the 
fluorescent light. 

Previous experiments to investigate antibunching 
in resonance fluorescence have been performed by 
means of laser-excited collimated atomic beams. 
The initial results obtained in 1977 showed for the 
second-order correlation function g(t), a positive 
slope characteristic of photon antibunching, but 
g’(0) was larger than g’(t) for t— ©. This was due 
to number fluctuations in the atomic beam and to 
the finite interaction time of the atoms. In 1978, the 
analysis of the experiment was refined and in 1982, 
another experiment with a longer interaction time 
was performed. In the latter experiment, the photon 
correlation was also measured for very low laser 
intensities. The ideal experiment to study the 
photon statistics in resonance fluorescence is the 
investigation of a trapped ion since, in such an 
experiment, the fluctuations of the atomic number 
are excluded. 

The fluorescence of a single ion should also display 
the following property. The probability distribution 
of the photon number recorded in a finite time 
interval t is narrower than Poissonian, which means, 
that the variance is smaller than the mean value of the 
photon number. This is because the single ion can 
only emit a single photon. Antibunching and sub- 
Poissonian statistics are often associated. They are, 
nevertheless, distinct properties and need not necess- 
arily be simultaneously observed, as is the case in the 
experiment described here. Although there is evidence 
of antibunching in the atomic-beam experiments, the 
photon counts are not sub-Poissonian as a result of 
fluctuations in the number of atoms. In further 
experiments this effect was excluded by use of a 
special trigger scheme for the single-atom event. In 
the setup with a trapped ion these precautions are not 
necessary since there are no fluctuations in the atomic 
number. Figure 3 shows the photon correlation of a 
single trapped ion. The measurements are performed 
using the 37S}, -37P3,) transition of the 7*Mg*-ion at 
a wavelength of 280 nm. The laser is tuned slightly 
below resonance in order to Doppler-cool the secular 
motion of the ion. 

The investigation of the photon correlation 
employed the ordinary Hanbury-Brown and Twiss 
setup with two photomultipliers and a beamsplitter 
(Figure 1). The time delay 7 between the photo- 
multiplier signals was converted by a time-to- 
amplitude converter into a voltage amplitude 
proportional to the time delay. A delay line of 100 ns 
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Figure 3 Antibunching signals of a single **Mg*-ion for 
different laser intensities (decreasing from (a) to (c)). At larger 
intensities (a) and (b) the Rabi oscillations owing to a strong 
coherent coupling between ground and excited state are 
observed. 


in the stop channel allowed for the measurement of 
g(r) for both positive and negative 7 in order to 
check the symmetry of the measured signal. The 
output of the time-to-amplitude converter was 
accumulated by a multichannel analyzer in pulse 
height analyzing mode. Three typical measurements, 
each at small values of the laser intensity but with 
different detunings, are shown in Figure 3. The solid 
curve is a theoretical fit to the measurements. 
For small time delays (<20ns), the nonclassical 
antibunching effect is observed, superimposed 
with Rabi oscillations being damped out with a 
time constant corresponding to the lifetime of the 
excited state. 

Recently it also became possible to combine a 
trapped ion with a cavity. In this way the emission of 
a photon in the cavity mode can be achieved. This 
leads to a directed emission of the photon being more 
efficient than the fluorescence occurring in the entire 
4a geometry. In this way, a deterministic single 
photon source is obtained. 
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Survey on the Experiments 
on Squeezing 


In order to produce squeezed light from nonlinear 
optical phenomena, a variety of methods has been 
used, depending on the type of nonlinearity and the 
number of interacting modes involved. The choice of 
optical nonlinearity reduces to either three-wave or 
four-wave mixing, leading to quadratic or cubic 
nonlinear response functions, respectively. Each of 
these methods has advantages and disadvantages. 
Three-wave mixing requires a pump field at twice 
the frequency of the field-mode being squeezed. 
However, it has the advantage as any sidebands 
induced on the pump, owing to phase noise, have a 
large frequency offset from the squeezed fields. 
The other method, the much simpler four-wave 
mixing, does not require any frequency-doubling 
step. This was, therefore, the first method used to 
obtain squeezing with quadrature noise below the 
vacuum level. 

Most of the early experiments on squeezing were 
performed with one or two cavity modes with the 
squeezed modes being transferred to propagating 
external modes via beamsplitters for measurement. 
This narrowband procedure is followed in more 
recent experiments commonly used for three-wave 
(parametric) squeezing. Also squeezing in waveguides 
was achieved leading to a relatively simple and 
broadband implementation of squeezing, with, 
mostly a four-wave mixing with short pulses or 
solitons being performed. 

The main limiting factors that remain include 
control over the driving laser phase and intensity 
noise, absorption in the dielectric material and 
associated devices, and phase fluctuations caused 
both by low-frequency technical noise in com- 
ponents, and by intrinsic material properties of 
phonon interactions and refractive index fluctuations. 
It appears not impossible to reach squeezing levels of 
10 dB or more below shot noise, over bandwidths of 
up to 1 THz. At this level of noise reduction, the main 
problem is the issue of improving detector technology 
to allow such low noise levels to be investigated. 


Squeezing in Lasers 


The quantum noise properties of the laser were 
studied intensively after its invention in the early 
1960s. The conclusion of these studies is that the laser 
output approaches quite closely the noise properties 
of a coherent state, provided the laser is operated well 
above threshold. That is, the spectral variance of the 
photon number and phase fluctuations at high 
enough Fourier frequencies will be at the Poissonian 


or quantum noise limit (also referred to as the shot 
noise level). On the other hand, the phase of the laser 
is unconstrained and drifts as a function of time, 
so-called laser phase diffusion. As a result, the phase 
fluctuations show excess noise at low frequencies. 

In the early 1980s, it was realized that if the 
pumping mechanism for the laser could be made sub- 
Poissonian then amplitude squeezing could be 
obtained at low frequency. A few years later it was 
shown that sub-Poissonian pumping could be realized 
in semi-conductor lasers by regularizing the pump 
current. An experimental demonstration of amplitude 
squeezing from semi-conductor lasers was soon 
achieved. Although still requiring rather specialized 
lasers, many groups now routinely obtain squeezing 
from semi-conductor lasers. 

There are a number of disadvantages to semi- 
conductor lasers, including their poor beam quality 
and short coherence length. As a result, interest in 
other possible squeezing mechanisms continues. It 
has been found that intrinsic dynamical effects can 
also lead to amplitude squeezing in the laser output. 

Laser squeezing is of a different character to that 
produced by more ‘traditional squeezers.’ For 
example, in parametric amplification, the de-ampli- 
fication of phase fluctuations is accompanied by an 
equal and opposite amplification of amplitude 
fluctuations which preserves the uncertainty relation- 
ship between them. However, in laser squeezing the 
reduction in amplitude fluctuations is not linked to 
any increase in phase fluctuations. Thus, in laser 
squeezing we take advantage of the fact that the laser 
output is not in a minimum uncertainty state to 
suppress amplitude noise. This means that laser 
squeezing is always amplitude or intensity squeezing. 


Application of Nonclassical Light 


The applications of nonclassical light are numerous. 
The single photon sources discussed above have their 
main applications in quantum communication with 
single photons where they may be used to establish 
secure signal transmission. There is also a decisive 
advance in the field of quantum information expected 
from the combination of local atomic quantum 
processing with photonic transmission of quantum 
states. Conceptually, new possibilities would arise to 
enhance quantum computational capabilities. For 
example, separate local quantum processors of 
moderate size could be linked in a quantum network, 
with quantum information being exchanged by 
means of photons. 

Although a large number of phenomena have been 
predicted in which the quantum nature of the 
squeezed vacuum plays an essential role in modifying 
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atomic properties, only the linear dependence of the 
two-photon absorption rate of a three-level ladder 
atom has been confirmed experimentally but classical 
sources show a quadratic dependence. In 1998 an 
important series of experiments was reported which 
investigated the interaction of a beam of Cs atoms 
with squeezed light in the Fabry—Perot cavity 
environment. The principal phenomena examined 
were the modification of the transmission spectrum 
of a weak, tunable probe beam due to the presence 
of the squeezed light, and the variation of the 
transmission modulation with the phase of the 
squeezed vacuum relative to that of an applied, 
saturating, coherent field. 

There have been many proposed practical appli- 
cations of squeezed light, and some experiments have 
already demonstrated its potential in precision 
measurements and improvement of spectroscopic 
sensitivity. Squeezed light may be used in optical 
communications to enhance signal-to-noise ratio, 
gravitational wave detection, and quantum non- 
demolition measurements. 

The wider applications of squeezed light are 
numerous. An idea of the range and variety of 
applications is provided by the following selection: 
the protective measurement of a single squeezed 
harmonic oscillator state, coherent nonlinear spec- 
troscopy using number squeezed light, the improve- 
ment of quantum nondemolition measurements using 
a squeezed meter input, sub-shot-noise Doppler 
anemometry with amplitude squeezed light, noiseless 
transfer of nonclassical light through bistable sys- 
tems, generation of few photon states from squeezed 
atoms, and spin squeezing in a collection of atoms 
illuminated with squeezed light. 


Einstein-Podolsky-—Rosen (EPR) 
Correlations and Entanglement 
of Photons 


In 1986, a quantum nondemolition experiment 
confirming the quantum correlation of the quad- 
rature phase amplitudes of two spatially separated 
fields, was reported. In 1987, two-mode squeezing 
with two spatially separated detectors was experi- 
mentally demonstrated using parametric oscillation. 
With the experimental realization of such two- 
mode squeezing and quantum nondemolition 
measurements, the possibility of testing for con- 
tinuous variable EPR-type correlations became 
apparent. In these proposals, the conjugate 
‘position’ and ‘momentum’ observables would be 
the two orthogonal quadrature phase amplitudes of 
the field. The high efficiency of detectors used in the 


quadrature phase amplitude squeezing experiments 
was an important issue in this connection. Experi- 
mental tests of EPR correlations at the time were 
based on Bohm’s version of the EPR paradox, and 
in fact, focused on Bell’s extension of this work. 
These tests involved measurements performed on 
individual photon pairs, and used very inefficient 
detectors. 

A specific proposal and a criterion to demonstrate 
the continuous variable EPR correlations for real 
experiments by way of a realization of the 1935 EPR 
paradox, was put forward in 1989. This proposal 
employed the two-mode squeezed state as the EPR 
source. The first experimental achievement, using the 
parametric oscillator, of the 1989 EPR criterion, for 
efficient measurements with continuous variable out- 
comes, was reported in 1992. 

The EPR fields have proved significant in enabling 
the experimental realization of continuous variable 
quantum teleportation, and may have application 
also to quantum cryptography. Again, because of the 
efficient nature of the measurement of field quad- 
rature phase amplitudes, and the intrinsic macro- 
scopic nature of the correlated fields, continuous 
variable teleportation and cryptography may provide 
large advantages over protocols using a finite number 
state basis, where signals of individual photons are 
sent. At the moment, several groups are working in 
this promising direction. 


Conclusions 


In this contribution the generation of nonclassical 
light was reviewed. The generation of nonclassical 
light became possible after stable and reliable laser 
sources were available. There are many sources of 
nonclassical light available now. It is clear that we 
will see many new applications in the future. 
Especially in connection with optical communi- 
cation, rather interesting improvements can be 
expected. 


See also 


Coherent Lightwave Systems. Photonic Crystals: 
Electromagnetic Theory. Quantum Optics: Atomic 
Coherence Effects. 
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Introduction 


It is now possible to produce, with compact lasers, 
intensities so large that the relativistic character of the 


electrons dominates laser—matter interactions. This is 
a fundamentally new regime in optics where optics, 
confined to the study of eV characteristic phenomena, 
are now addressing phenomena with characteristic 
energies vastly greater in the MeV—GeV (TeV in the 
near future) range. With relativistic optics, the field 
of nonlinear optics found a number of novel 
applications, including fast ignition of inertially 
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compressed fusion target, bright sources of energetic 
electrons, protons, ions, positrons, pions, etc., but 
also nuclear physics, high energy physics, astro- 
physics, and general relativity. 

Relative optics has been one of the most active 
fields of optics and it is impossible to describe all the 
applications here. So, this new regime will be 
illustrated with few examples of the key relativistic 
mechanisms — reminiscent of conventional nonlinear 
optics, such as relativistic harmonics, relativistic 
optical rectification (wake-field acceleration), and 
relativistic self-focusing in refraction and reflection. 
We finally show that relativistic optics offers a new 
and efficient gateway to attosecond physics and 
nonlinear quantum electrodynamics (QED). 

Optics is the study of how electrons respond to 
light. All material optical properties are the 
consequence of how light interacts with electrons 
in materials. Because, in the visible regime the 
photon energy is of the order of 1 eV, optics deals 
with phenomena with eV characteristic energy. 
Light is a wave composed of coupled electric and 
magnetic fields oscillating in synchrony at high 
frequencies. The electric and magnetic field oscil- 
late perpendicular to each other, and perpendicular 
to the direction of propagation, k. Because of the 
electric field E, electrons under the action of the 
Lorentz force, F = eE, moves a distance x = a ,E 
transversally to the propagation direction. In 
classical optics, the oscillation amplitude x is 
small compared to the wavelength, and the 
electrons oscillate and radiate at the laser freq- 
uency. The radiated field amplitude and phase 
depend on how the electron is bound to the atom 
of the material. The invention of the laser in 1960 
gave access to much larger intensities and electro- 
magnetic fields. The laser field became strong 
enough that the electron displacement, x, in this 
field could no longer be considered as strictly 
proportional to the laser field. This departure 
from linearity is addressed by the addition of 
new terms in the Taylor series expansion of the 
displacement: 


x=a,E+aE* +a3E*+--- [1] 


These additional terms are responsible for all the 
effects that form the field of nonlinear optics. Note 
here that the field is still not strong enough to 
ionize an electron from its parent atom and is 
therefore below the field that could irreversibly 
damage the material. Thus, the typical intensity 
must be kept to a value of less than ~10'* W/cm”, 
where the quiver energy Eg starts to challenge the 


ionization energy of a few eV, depending on the 


material: 
272 
er 
E — 
Q ee ) 


The bracket denotes the time average over one 
cycle and w is the laser angular frequency. Above 
this limit, the material response is dominated by 
multiphoton ionization or tunneling, as shown in 
Figure 1. During the ionization event, high harmo- 
nics are produced. Note here again that because the 
electron is still bound to its nucleus during the 
emission, we can consider the process of high 
harmonic generation as bound-electron nonlinear 
optics. As the intensity increases from 10'* to 
10'8 W/cm? (Figure 1), we are entering the 
regime of relativistic intensity or relativistic 
nonlinear optics. This is a regime that was predicted 
and discussed in the 1960s but that could 
be accessed only after the technique of chirped 
pulse amplification (CPA) was demonstrated, 
followed by significant progress in the areas of 
short pulse generation and pulse focusing. 





[2] 


Relativistic Optics 


In classical optics one always assumes that during a 
laser oscillation period the electron mass mpg stays 
constant. It is a reasonable assumption since the 
quiver velocity v of the electron is small compared to 
the speed of light c. As the intensity is increased a 
point is reached where the electron quiver velocity 
approaches the speed of light. This has several 
implications; first, the mass of the electron changes 
to become 


[3] 


m= YM 


where y is the Lorentz factor given by 


(1-8) 
Y o 


Second, because v is close to c, the magnetic force 
component needs to be added and the Lorentz force 
becomes: 


[4] 


F=cE+—xB [5] 


ale 


Until recently, in classical optics and laser physics, the 
v XB component was totally ignored. However, in 
the relativistic regime, this component is as large as 
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Figure 1 Laser intensity versus years. Note the very steep slope in intensities that occurs during the 1960s. This period corresponds 
to the discovery of most nonlinear optics effects. Since 1985 after the CPA invention followed by the successive laser short pulse 
improvements, we are experiencing a similar increase in intensity opening a new regime in optics at 10'® W/cm? dominated by the 


relativistic character of the electrons. 


the electric one. It pushes the electron forward and is 
the tenet of the relativistic regime. 

At this point, it is convenient to introduce the 
normalized vector potential: 


evAE 
“ [6] 





which represents the energy gain by the electron over 
one period (A) normalized to the electron rest mass 
energy. At dy = 1, corresponding to 10'° W/cm? for 
1 pm wavelength light, the laser—-matter interaction 
is strongly dominated by the relativistic character of 
the electrons. At these intensities, the motion of the 
electrons becomes relativistic and the trajectory of 
the electron dramatically changes. Figure 2 depicts 
the difference between the two regimes. It can be 
shown that independently of the intensity regime, the 
electron transverse motion is always proportional 
to do, while the longitudinal motion is always 
proportional to aj. This means that for classical 








Figure 2 A comparison between classical optics and relativistic 
optics. The transverse electron displacement scales as a and the 
longitudinal scales as a§. (a) In classical optics ay) <1 the 
transverse electron displacement is proportional to ap. It is larger 
than the longitudinal proportional to a§. (b) In relativistic optics it is 
the opposite, a >1 the transverse displacement becomes 
smaller than a@. 
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optics or even bound-electron nonlinear optics with 
dy varying from 10~'° to 10~*, the longitudinal 
motion is ~ 107! to 10~* smaller than the transverse 
motion. Of course, the situation reverses completely 
for ay > 1, where the longitudinal motion becomes 
larger than the transverse motion. The departure of 
the electron motion from the linear regime, due to its 
relativistic character, gives rise to a new kind of 
nonlinear optical effects that constitutes the field of 
relativistic nonlinear optics. This area has become 
one of the most active in laser physics. In many cases, 
there are strong similarities between conventional 
and relativistic optics, and it is the purpose of this 
article to illustrate the field of relativistic optics by 
using some of the effects well established in bound 
electron nonlinear optics. 

Considering the rapid progress in laser intensities 
that the field experienced in the 1960s, as indicated 
in Figure 1, scientists expected to observe the 
manifestation of relativistic effects in the 1970s. 
Formidable intensities on the order of 10'S W/cm? 
for 1 um wavelength light were necessary, however, 
and could not be readily obtained. Such intensity 
levels could only be produced in the early 1980s with 
large-scale sources such as the Helios laser at Los 
Alamos National Laboratory (LANL) (Figure 3a). 
Work in relativistic optics virtually could not be 
conducted in university research laboratories, but 
rather only in government laboratories. The first 
relativistic harmonics produced by the critical sur- 
face nonlinear motion were observed in 1980 with a 
kJ-pulse-energy laser at mHz repetition rates (one 
shot/20 m). 

The advent of CPA (Figure 4) revolutionized the 
field of relativistic optics, placing it within reach of 
more researchers through enormous reductions in 
laser size and cost. Further advances in the ultrashort- 
pulse duration of lasers and in laser focusing made 
relativistic optics more accessible, especially to 
universities. Relativistic intensities can be achieved 
with mJ energy levels at kHz repetition rates by 
university-size lasers (Figure 3b) instead of with large, 
kJ, sub-Hz-repetition-rate government-type lasers. 
Figures 3a and b illustrate the revolution in the 
relativistic laser evolution representing the Helios 
(LANL) system. Figure 3b depicts the relativistic 4° 
laser target chamber. The A° laser reaches its 
relativistic intensity (10'* W/cm?) with pulse energy 
only on the order of 1 mJ and pulse duration on the 
order of 10 fs, i.e., a few light periods. Its energy is 
concentrated on a single wavelength spot size using 
an f#1 paraboloid corrected by a deformable mirror. 
Note that all the energy is contained in a focal volume 
of a few A’, hence its name. 








(b) 


Figure 3 Two relativistic lasers. (a) Helios at LANL, was 
the first relativistic laser with ag ~ 1 at mHz repetition rate. 
(b) The A° at the University of Michigan has an a ~ 1 at kHz 
repetition rate. 


Some Examples of Relativistic Nonlinear Optics 


We will illustrate the field of relativistic optics by 
comparing relativistic effects with some well-known 
nonlinear effects. 


(a) Relativistic optical rectification (laser wake-field 

acceleration of electrons and ions) 

One well-known bound-electron optical effect com- 
ing from the second-order term in eqn [1] is optical 
rectification. This effect, which takes place in 
noncentrosymmetric crystals, gives rise to a DC 
field transverse to the propagation direction. In the 
relativistic regime, a similar effect known as wake- 
field acceleration will also contribute to rectification 
of the optical field. We have seen that in vacuum, 
electrons are strongly pushed forward by v x B force. 
In a plasma, the electromagnetic wave will also push 
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Figure 4 The concept of CPA is the key technique to get relativistic intensity. An initial short pulse is first stretched out (chirped) by a 
factor ~ 10‘, for instance by a pair of diffraction gratings. The stretched pulse intensity becomes lowered by the same factor of ~10*. 
The stretched pulse intensity can then be amplified to a level 10* times higher. Once the laser energy has been extracted from the 
amplifier the stretched pulse is recompressed by the same factor (~10*) to its initial value. This way the laser intensity has been boosted 
to 10‘ times the peak intensity that the amplifier could have withstood. 


forward the electrons, dragging the much heavier 
positive ions behind, as shown in Figures 5a and b. 
The charge separation that ensues will produce a 
strong electrostatic field that can be of the order of 
the transverse light electric field, which is huge. 
Unlike in classical optical rectification, in the 
relativistic regime the effect can be very efficient. 
Of the order of 10% or more of the transverse field 
may be rectified. For an intensity of 10'® W/cm”, the 
electric field can be on the order of 10'7 V/m (CERN 
on one meter), or 10° times larger than the field that 
can be obtained by more conventional technology. In 
addition, the rectified field is flipped along the 
longitudinal direction. Note also that since the field 
is created within a plasma, the medium cannot be 
broken down further and can support these extre- 
mely high fields. This effect had to wait for the 
relativistic-intensity lasers to become a reality before 
being demonstrated. Today energies up to 200 MeV 
have been demonstrated by using a 50 TW laser 
focused on a gas jet. Because the electrons drag the 
ions, a beam of ions is also observed concomitant 
with the electron beam. The generation of protons 
with energy up to 56 MeV has been reported by 
LLNL. 


(b) Relativistic harmonic generation 

Harmonic generation in the relativistic regime can be 
produced in two ways, as a result of the laser plasma 
interaction with electron density n,, either below or 
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Figure 5 Relativistic rectification in plasma. (a) The high 
intensity pulse before entering the plasma. (b) Illustrate the v x B 
pushing first the plasma electrons. The electrons then drag the 
heavy ions behind them like a horse pulling a cart. The longitudinal 
electrostatic field that is generated is almost as large as the 
transverse laser field. 


above the critical density 1,. The first is for nm, <n, 
and corresponds to an underdense plasma where light 
can propagate. Harmonics generation was predicted 
in the late 1960s. Even-order harmonics are observed 
with linear and circular polarizations. This is the 
signature of relativistic effects since even-harmonics 
cannot occur in conventional nonlinear optics in 
centrosymmetric media. 
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Harmonic generation can also be produced in 
over-critical plasmas, where 1 >n,. In this case, 
the light cannot propagate and be reflected. The 
strong v X B oscillatory force applied to the critical 
surface will produce a_ self-modulated reflected 
beam. This effect was first observed using the 
Helios laser. The idea of the moving-mirror model 
was first put forward in the early 1980s. Gener- 
ation of frequencies up to the 70th harmonic has 
been demonstrated so this method could provide 
an efficient way to produce high harmonics. This 
technique has the advantage over conventional high 
harmonic generation in that it is capable of 
accommodating a pulse of large energy, since one 
can focus the beam over a small area, limited only 
by the laser wavelength, without fear of disrupting 
the plasma. 


(c) Relativistic self-focusing in refraction 

In bound-electron nonlinear optics, the third-order 
term in eqn [1] is responsible for self-focusing. A 
similar effect also exists in relativistic optics; it is 
described in Figure 6a. In the relativistic regime, the 
electron driven by the laser field changes its mass. In 
turn, this mass change will modify the index of 
refraction according to: 


[7] 


[8] 


= —n, 
m 
where n, is the plasma electron density, and m is the 

intensity-dependent mass according to eqn [1]. 

For @ > w,, the index of refraction is positive and 
the pulse can propagate in the plasma. For the higher- 
beam-intensity part of the beam, i.e., on the beam 
axis, the plasma frequency will be less than the 
frequencies corresponding to the pulse wing. This will 
cause a modification of the laser wavefront and the 
beam to self-focus. 


(d) Relativistic self-focusing in reflection and isolated 
attosecond pulse generation 

For w<a,, (eqn [7]) is negative and the pulse 
cannot propagate and so is reflected at the critical 
surface. However, the large light pressure will push 
the plasma critical-density surface at twice the laser 
frequency, making it cancel out the beam spatial 
intensity profile. In the relativistic A* regime, the 
laser is focused at one wavelength. If the light is 





(a) 





(b) 


Figure 6 Relativistic self-focusing. (a) Relativistic self-focusing 
in refraction. Here the index of refraction is modified by the 
change in the electron mass. The electron mass change will in 
turn modify the plasma frequency across the beam and 
consequently the index of refraction. (b) Relativistic self-focusing 
in reflection showing the deformation of the critical surface by the 
light pressure from a strongly focused beam. The light is 
reflected in a series of ultrashort pulses in the attosecond 
domain. 


linearly polarized, the electron density will be 
collectively moved back and forth along the critical 
surface. This time-dependent deformation of the 
critical surface will produce a deflection of each 
electromagnetic half-cycle in a specific direction 
(Figure 7), providing a simple means for generating 
isolated attosecond pulses efficiently. The relativistic 
motion of the critical surface compresses (relativis- 
tic Doppler) the incident femtosecond pulse to the 
attosecond regime. To understand this compression, 
recall that the incident pulse travels opposite to the 
mirror motion formed by the critical surface (for a 
fraction of the cycle). As we have seen in this 
regime the critical surface moves also at close to the 
speed of light, v. Since the reflected light must also 
travel at c, it has no choice but to be compressed, 
producing an electromagnetic accumulation along 
the critical surface. The compression factor will 
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Figure 7 Compressed and deflected attosecond pulses. The combination of relativistic deflection and compression leads to 200 as 


isolated pulses. 


depend on the critical surface velocity and is 
dependent on the plasma stiffness, i.e., the plasma 
density. Low-density plasmas are softer than high- 
density ones; here, 1, is the plasma critical density. 
The compressed pulse duration has been deter- 
mined by a particles-in-cell (PIC) simulation to be 
given by t= 600/aj. From the PIC simulation, it 
can be determined that the compressed pulse 
optimum duration is obtained for n, = aon,/2. 
This technique is an interesting alternative to the 
one based on high-harmonic generation due to 
bound electrons, which has been recently demon- 
strated. The advantage of the relativistic optics 
approach is that it can be scaled up to large 
energies, from the mJ to the several-joule level, in 
contrast with demonstrated attosecond schemes 
that can only compress mJ pulse energies with an 
efficiency of 10°. For ap ~100, corresponding to 
incident intensities of ~10?? W/cm’, a 10-as pulse 
can be produced by relativistic compression and 
deflection. 


(e) Nonlinear QED on a table top 
Looking at Figure 1, we see that there is a regime 
around 107? W/cm? where it becomes possible to 


produce electron—positron pairs. The condition to 
fulfill this is given by 


E,Ace = 2moc 


[9] 


Here A, = h/moc is the Compton wavelength, E, the 
Schwinger field, and h the Planck constant. 
This expression states that for pair creation the 
work of the laser field over a Compton wavelength 
must be equal to the electron—positron rest-mass 
energy. This field E,, also known as the critical field, 
E, ~10'® V/cm, corresponds to a laser intensity of 
10°? W/cm”. 

An alternative way to depict the process of 
electron—positron generation from vacuum is by 
considering the vacuum as a dielectric medium 
with a gap Eg =2moc’. The field to produce an 
electron—positron pair is the one necessary to bend 
the bands so that an electron can tunnel from the 
Dirac sea into the vacuum states (Figure 8). The 
probability for such an event is given by 


Wo exp(- ue ) 


Today, the intensity necessary to reach pair 
creation is more than six orders of magnitude higher 





[10] 
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Figure 8 Pair creation. Electron tunneling from the Dirac sea 
into the vacuum state. 


than what we could produce, ~107* W/cm’. To 
bridge this enormous gap the electric field has 
been enhanced by colliding a short and intense 
pulse with a Stanford Linear Accelerator Center 
(SLAC) super-relativistic, 50 GeV electron beam. 
The Lorentz factor is y= 10°, and the laser field 
of 210!° V/cm (corresponding to an intensity of 
10'8 W/cm?) can be enhanced by 10° to reach the 
critical field. 

The progress in relativistic compression described 
above could make possible the generation of 
electron—positron pairs directly from the laser. 
We are on the verge of having a tabletop laser 
that could produce an intensity close to 
1073 W/em7, corresponding to dy > 100. From the 
scaling law described previously, we should get 
7 <6, where the wavelength of such a compressed 
pulse would also be reduced by ~100. The focal 
volume would then be reduced by six orders of 
magnitude. If we assume an efficiency of 10‘, an 
intensity close to the critical intensity of 107? W/em 
could be reached with a tabletop laser and boil 
vacuum. 


Conclusion 


Today, laser intensities are such that during light- 
matter interaction, the electron motion is dominated 
by relativistic effects responsible for a new type of 
nonlinear optics called relativistic nonlinear optics. 
Relativistic nonlinear optics is characterized by 
extreme field gradients (TV/m) and light pressure in 
the Gbar regime. Relativistic nonlinear optics offers 
an attractive and novel way for efficient attosecond 
pulse generation with intensities near the critical 
(Schwinger) field, opening optics to vast new 
horizons. 


See also 


Relativistic Nonlinear Optics. 
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Introduction 


Phase matching is important in any process that 
coherently transfers energy from one optical mode to 
another over a long interaction length. We will start 
by illustrating the principle, by imagining that the 
original mode is a single transverse mode of a 
waveguide, and that microscopic scattering centers 
distributed uniformly throughout the waveguide 
weakly scatter light into a second mode with 
orthogonal polarization. Then suppose that the 
scattering process preserves phase so the phase of 
the wavelet scattered at each point into mode two is 
the same as that of the original wave in mode one. 
Such a process is shown in Figure 1 where the 
propagation constant of the initially excited mode is 
k, and the propagation constant of the second mode 
is ky. At each z location the light scattered into the 
second mode has the phase @¢=k,z, and after 
propagating to the end of the waveguide (z= L) 





0 Zz L 


Figure 1 An input wave with propagation constant k, in a 
waveguide mode is weakly scattered into a second waveguide 
mode with propagation constant ko. The phase mismatch is 
Ak= ko = ky. 


with the phase velocity characteristic of the second 
mode, it has the phase ¢, =[kjz+k)(L—2)] = 
[koL + 2(k, — ky)]. Coherently summing the fields 
scattered at all of the z positions, gives the net output 
field in the second mode. Figure 2 shows how this 
field can be constructed graphically. The rotation 
angle of each phasor represents its phase, $,, while 
the length of each phasor represents the magnitude of 
the field contribution from the corresponding z 
segment. It is apparent that the energy transfer is 
maximized if the contributions from all z positions 
have the same phase, in which case the phasors forma 
straight line, and the power in the second mode is 
proportional to L*. This corresponds to (k, — ky = 0). 
When this condition is met the waves in the two 





Phasors 





sfe}s[a]s}e]7|e}efiojn| 


Crystal segments 









> E, 





Figure 2 Phasor diagram showing the net output field 
contributions from segments 1-11. The net field at the output 
end, Ene, is the vector sum of the phasors. The phasors are 
complex quantities whose angles represent their relative phases 
according to E, = E, exp(id,) where 6, = do — Ak(Z, — 24). 
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modes have equal phase velocities, and the process is 
phase matched. 

The quantity (k, — k,) is called Ak, the phase 
mismatch. If Ak #0 the phasors curl to form a 
section of a circle, reducing the net field in mode two. 
If all the phasors have the same length, as they would 
if the wave in mode one is undepleted, the size of the 
mode two field at position z is 


sin(Akz/2) _ 4, ee | a) a 
2 


ss a ae 





where K is a constant describing the scattering 
strength. The corresponding power in mode two is 
plotted in Figure 3 for various values of Ak. When 
Ak = 0 the power grows quadratically with z, but 
for Ak #0 it is proportional to sin*(Akz/2)/Ak?. 
If we plot the normalized output power in mode two 
(z= L) versus Ak, we have the curve shown in 
Figure 4 which is sinc”?(ARL/2). 

When Ak=27/L the phasors form a complete 
circle so the power in mode two first grows with z but 
then shrinks back to zero at z = L. For a given value 
of Ak the length for which the phasors form a 
complete circle is known as the coherence length, 
Loh = 2a/Ak. 

Reducing the z increments to infinitesimals, we can 
write the output field for mode two in integral form: 


L . 
Enet = I, s(zje#® de 12] 


This shows that when Ak is independent of z, the 
output field is the Fourier transform of a source term, 





lE(2)17 
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Figure 3 Plot of power in second mode versus z for different 
values of Ak. For Ak=0 the power is proportional to z°. For 
Ak= 2z7/L the phasors form a closed circle so the net field is zero 
at z=L. For Ak= 4n/L the phasors trace two complete 
overlapped circles so again the field is zero at the z = L/2 and 
atz=L. 


1.0 


0.8 


0.6 


IEI 


0.4 


0.2 





0.0 
—10 





AKL/2 


Figure 4 The plotted function indicates the relative irradiance of 
the output field, |EI°, versus the phase mismatch Ak. The full width 
at half maximum is Ak = 1.777/L= 5.57/L. 


S(z), transformed into Ak space. Where S(z) has a 
constant value from z = 0 to z = Land is zero outside 
that range, the Fourier transform has the form given 
by eqn [1], with z= L. 

The L? sinc?(ARL/2) form for the output power 
is ubiquitous in functions that describe the 
efficiency of nonlinear optical interactions, as well 
as acousto-optic and electro-optic modulation of 
light waves. However, it should be kept in mind that 
L? sinc?(ARL/2) holds only when S(z) is independent 
of z. If the scattering is strong enough to alter the 
phase or amplitude of the driving wave, or if the 
coupling strength varies with z for any other reason, 
S(z) is not independent of z and the L? sinc?(ARL/2) 
dependence is modified. 

Our simple example relied on scattering in a 
waveguide, with a source term that was linear in 
the field in mode one. In practice, most optical 
devices that couple light between modes, rely on 
nonlinear interactions among multiple optical fields, 
or between an optical field and an acoustic or an rf 
electric wave. These nonlinear interactions produce 
a polarization wave in a suitable material at a sum 
or difference frequency. Each point of this polariz- 
ation radiates a wavelet in all directions. These 
wavelets interfere constructively only in directions 
that are nearly phase matched. Examples include 
traveling wave acousto-optic filters, in which an 
acoustic wave traveling parallel to an input light 
beam of one polarization in a birefringent material, 
couples light into the orthogonal polarization via 
the elasto-optic effect. Traveling wave electro-optic 
modulators are similar but rely on the linear 
electro-optic effect for the coupling. Optical freq- 
uency mixing uses the nonlinearity of various 
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materials to mix multiple optical waves, creating 
polarization waves at sum and difference frequen- 
cies. A wide variety of such nonlinear interactions 
is discussed in textbooks on nonlinear optics, 
electro-optics, and acousto-optics. In all of these 
cases the phase velocity mismatch of interest is 
that between an induced polarization wave and 
a radiated mode, and the phase mismatch is 
Ak = Rigdoten _ Rcleitiations 

To find S(z) and Ak for these nonlinear mixing 
processes, we must construct the polarization wave. 
We consider only monochromatic plane waves here, 
considering beams with spatial or temporal structure 
in a later section. The electric field of a monochro- 
matic plane optical wave propagating in direction r, 
can be described by 


E= E, cos(@,t — ky-ro + bo) 


1[E e Me@ot Koto) 4+E* el @ot Koto) ) [3] 
The complex notation is a convenience that simplifies 
algebraic book-keeping. Similarly, an acoustic field 
propagating in direction r, can be written: 


A= A, cos(@,t — k,-r, + 3) 


= +[A e l@at—ky ta) + A* ef@atkata)] [4] 


In a suitable material the polarization induced by the 
product of the optical and acoustic waves has a term 
of the form: 


P=sEA [5] 


P has components at both the sum and difference 
frequency. The sum frequency component is: 


P 


1 _; i F 
eg geae eer ee), Tl 
where ‘cc’ indicates the complex conjugate of the first 
term. The component at the difference frequency is 


P = s[EA* e M@o— @a)t+i{Ko ky) a: cc] [7] 
An important point is that the k vector of the sum- 
frequency polarization is (k, +k,). Phase matching 
requires that the radiated sum-frequency wave has 
the same propagation vector. The radiated difference 
frequency wave must have the propagation vector 
(k, — k,) to be phase matched. Phase matching for 
these two cases is shown in Figure 5. Note the 
general rule that if the frequency of a wave appears 








Figure 5 An optical wave with propagation vector k, and an 
acoustic wave with propagation vector k, produce a polarization 
wave at the sum frequency with the propagation vector ky, (top 
diagram), and a polarization wave at the difference frequency with 
the propagation vector k,_ (bottom diagram). 


as +w in the induced polarization, the associated k 
vector contribution to the polarization wave is +k, 
while if it appears as —a, the k vector contribution 
is —k. For example, the acoustic wave in P,, 4... is 
associated with +k, contribution to the polarization 
wave, while in P,,,, it is associated with a —k, 
contribution. 
Using the definition of k: 


ily am [8] 


as 


where v is the phase velocity, we can write Ak as 





ie k,) [9] 


Vota Vo V4 





Clearly, if all of the waves had equal phase velocities, 
phase matching would be achieved for collinear 
interactions, where all of the propagation vectors 
are parallel, because the frequencies inside the 
parentheses sum to zero. This is seldom the case as 
for example, the phase velocity of an acoustic wave is 
much less than that of an optical wave, making an 
acoustic wave’s k-vector disproportionately long 
compared with that of an optical wave. On the 
other hand, an rf wave usually has a disproportio- 
nately short k-vector compared with an optical wave. 
Even when all of the waves are optical, dispersion of 
the refractive index usually makes the k-vector of the 
bluer waves disproportionately long compared with 
those of the red waves. A wide variety of methods are 
used separately or in combinations to compensate for 
these effects in order to achieve phase matching and 
these are discussed below. 
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Phase Matching Techniques 


Noncollinear Phase Matching 


If one of the low frequency waves in a three wave 
mixing process, such as the acousto-optic interaction 
discussed above, has a lower phase velocity than the 
bluest wave, then noncollinear phase matching may 
be possible. Acousto-optic deflectors are often phase 
matched with a noncollinear geometry, such as that 
shown in Figure 6. An input optical wave of 
frequency a, reflects from a traveling acoustic wave 
with frequency w, in an optically isotropic material to 
produce an output optical wave of frequency w, + @,. 
The Bragg condition for efficient reflection is 


Rs [10] 


sin 2k. 





which may be seen from the figure to be the same as 
the phase matching condition, assuming k,,, and kj, 
have the same magnitude, which is a good approxi- 
mation for typical acoustic frequencies less than a 
few GHz. 

Stimulated Brillouin scattering is another example 
of noncollinear mixing of acoustic and optical waves. 
One possible geometry has the input optical and 
acoustic waves traveling in opposite directions to 
create a reflected optical wave at the sum frequency. 
The phase matching condition is then 


Reconstia ee 2 Repeal [11] 
which implies 
2NWo pti 
_ ptical 
Wacoustic — a acoustic [12] 


The acoustic frequency that phase matches such 
counter propagating Brillouin scattering is usually a 
few GHz in liquids and solids. 

If noncollinear phase matching in an isotropic 
material is not possible, as is usually the case for 
electro-optic modulation and for all-optical sum and 
difference frequency mixing, it is sometimes possible 
to use the properties of nonisotropic media to adjust 
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Figure 6 Phase matching in an acousto-optic deflector. 


the phase velocity of one or more of the waves. There 
are several possibilities, such as natural birefringence, 
form birefringence, photonic band edge tuning, wave 
guide modal propagation, and various forms of quasi 
phase matching. Each is briefly described below. 


Birefringent Phase Matching 


Natural birefringence 
Naturally birefringent crystals can be categorized as 
either uniaxial or biaxial. In either case, light 
propagating along any direction (except along an 
optical axis) has two orthogonal eigen polarizations 
with different refractive indices. In uniaxial crystals, 
one of these indices is independent of the propagation 
direction and is called the ordinary index, n,. The 
refractive index for the other polarization, known as 
the extraordinary polarization, is given by 
“42 2 
1 sin ep 0 [13] 


n2(6) ne ne, 





where @ specifies the propagation direction measured 
from the z, or optical, axis, and m, and n, are the 
refractive indices for light polarized parallel and 
perpendicular to z. The two eigen polarizations are 
aligned with the lines of constant or latitude (o-wave) 
or constant longitude (e-wave). The variation of the 
two refractive indices with propagation angle @ is 
shown in Figure 7 for a negative uniaxial crystal 
which is characterized by n, < n,, and for a positive 
uniaxial crystal, characterized by 1, > ng. 

The acousto-optic tunable filter relies on natural 
birefringence to achieve a phase match. An optical 
and an acoustic wave propagate normal to the optical 
axis of a uniaxial crystal. If the crystal is negative 
uniaxial, with an input optical polarization of ‘e’, and 
an output optical polarization of ‘o’, the k vector 
of the acoustic wave must make up the difference 








Figure 7 The circle and ellipse represent the two refractive 
indices for a negative uniaxial crystal (left diagram) and a positive 
uniaxial crystal (right diagram) for different propagation directions 
specified by the angles (6,4) with @ fixed. These curves are 
independent of the azimuthal angle ¢, so in three dimensions the 
ordinary refractive index, n, forms a sphere in both cases, while 
the extraordinary index, ne, forms a prolate ellipsoid for a negative 
uniaxial crystal, or an oblate ellipsoid for a positive uniaxial crystal. 
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k, — k,. This may be expressed as 


MO (@+ @,)No 


Vy Cc G 


ON, 





k, = [14] 


ot, ignoring the difference between w and w+ a,, the 
optical frequency that is phase matched is 
@,C 


o= Tha [15] 





where v, is the phase velocity of the acoustic wave, 
and An=n, —1n,. The phase matched optical fre- 
quency is seen to be tunable with o,. A typical 
acoustic frequency for a visible filter is a few hundred 
MHz. The phase matching bandwidth set by the 
sinc’(ARL/2) function can be quite narrow, with a 
subnanometer optical bandpass in a crystal a few 
cm long. 

Natural birefringence is also widely used to phase 
match all-optical sum and difference frequency mix- 
ing. To counter normal optical dispersion, the bluest 
wave is polarized in the direction associated with the 
smaller refractive index, while at least one of the two 
redder waves has the opposite polarization. By 
adjusting the propagation angle, 6, the refractive 
index of the extraordinary waves can be adjusted 
until exact phase matching is achieved. If the two 
redder waves both have the high index polarization 
the process is sometimes called type I, whereas if they 
have opposite polarizations it is called type II. 

Figure 8 illustrates type I phase matched second 
harmonic generation in a negative uniaxial crystal. 
The fundamental wave with frequency w is 








Figure 8 Collinear phase matching of second harmonic 
generation in a negative uniaxial crystal. The second harmonic 
light is e-polarized with a refractive index indicated by the solid line 
while the fundamental light is o-polarized as indicated by the 
dashed line. The crossing point of the two refractive indices 
determines the phase matching angle 65:. 


o-polarized, while the second harmonic wave at 
frequency 2@ is e-polarized. The circle drawn in 
dashes represents the line swept out by the polariz- 
ation wave vector 2k,, as the propagation direction 6 
is swept, while the ellipse represents the loci of kp,, for 
the same angle. Collinear phase matching is achieved 
at the point of intersection of the two curves. This sets 
the angle 6,. For angles greater than 6,,,, dispersion 
is over-compensated and Ak <0 so noncollinear 
phase matching is possible. All ¢@ angles have 
equivalent propagation properties, so the loci of 
phase matched propagation directions form a cone at 
6 = 05m. Usually the propagation angle ¢ is chosen to 
maximize the nonlinear response of the crystal. 

Biaxial crystals share with uniaxial crystals the 
property of two orthogonal eigen polarizations 
with different refractive indices, but the angular 
dependence of the indices is more complex. The two 
indices associated with propagation along direction 
(0, @) can be found by solving 





sin? 6 cos? sin* @ sin? d cos? & 0 [16] 
Un? — 1/nz 1/n? — 1/n; "Un? — 1/n2 
for the two possible values of n. Here n,, ny, and n, 


are the refractive indices for light polarized along the 
respective principal axes, where the convention is 
Ny < Ny <n,. There are two optical axes lying in the 
x—z plane at an angle determined by the values of n,, 
ny, and ,. The phase matching loci are no longer lines 
of constant latitude as they were for uniaxial crystals, 
but instead are curves that encircle either the optical 
axes or one of the principal axes. Figure 9 shows an 








Figure 9 Calculated loci of propagation directions that achieve 
birefringent phase matching for type | collinear second harmonic 
generation of different wavelengths in the crystal CsB305. The 
fundamental wavelengths are 2,700 nm (dotted curve looping 
around the x axis), 3,000 nm (dashed curve looping around the y 
axis), 1,000 nm (solid curve looping around the optical axis ‘oa’), 
and 800 nm (chained curve looping around the z axis). For clarity 
only a single octant of the sphere of propagation directions is 
shown. The loci in the other octants of the sphere are formed by 
reflections in the three principal planes. 
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example of each type of phase matching curve 
associated with second harmonic generation of 
different wavelengths in the crystal CsB3Os. 

Note that because these curves always intersect at 
least one of the principal planes, if phase matching in 
biaxial crystals is possible at all, it is also possible in a 
principal plane. Biaxial crystals are usually phase 
matched in a principal plane, but phase matching 
outside the principal planes can in some cases 
maximize the nonlinear response, minimize the 
temperature sensitivity, or adjust the relative group 
velocities. 


Form birefringence 

Some materials, such as GaAs, have a strong nonlinear 
optical response but are not birefringent, so optical 
frequency mixing cannot be phase matched using 
natural birefringence. However, form birefringence 
can be engineered by layered growth, and it can be 
used to phase match. If many alternating layers of two 
materials with different refractive indices are stacked 
together with a layer thickness comparable to the 
wavelength of light, the material is birefringent for 
light propagating parallel to the layers. Light polarized 
with its E field parallel to the layers will have a higher 
refractive index than light polarized with its field 
perpendicular to the layers. The strength of bire- 
fringence, (7 — 7), can be engineered by varying the 
relative thicknesses and refractive indices of the two 
layered materials. This has been demonstrated in 
GaAs/AlAs waveguide structures in which the AlAs 
layers were oxidized to form Al,03, which has a 
refractive index of 1.6, compared with an index of 3.4 
for GaAs. The resulting large birefringence was used to 
phase match infrared difference frequency mixing. 


Photonic Lattice Phase Matching 


The propagation constant of a light wave can be 
controlled by tuning its frequency near the bandgap 
of a Bragg structure. The Bragg structure can be a 
stack of layers with alternating refractive index. If the 
stack consists of layers of thickness and refractive 
index 1, 14 and /,, my, the Bragg condition at normal 
incidence is 


Ny1>) = MIT [17] 





WBragg 
oi + d2 = : (ml, 4 


where m is an integer. Frequencies near @prage are 
strongly reflected. The width of the reflective band of 
a structure with many layers is proportional to the 
refractive index contrast, (m; —1)/(mj +m). At 
certain frequencies, on both sides of the bandgap, 
the reflectivity vanishes. The first transmission 
peak on the red side of the bandgap has an 


effective refractive index that is greater than the 
average (1, + 17)/2, while the first peak on the blue 
side has an effective index less than the average. This 
effect can be used to adjust the effective value of Ak in 
the structure. As a bonus, operating on one of the 
transmission peaks near the bandgap enhances the 
optical field in the material, increasing the strength of 
the nonlinear interaction. 

It is also possible to use a Bragg structure in 
reflection mode. Tuning to the red side of the band 
center increases the effective refractive index of the 
reflected wave, while tuning to the blue side decreases 
it. The internal fields are not enhanced in this case and 
the interaction length may be quite short. 


Quasi-Phase Matching (QPM) 


Quasi-phase matching uses spatial modulation of the 
polarization source with a modulation period of 
Linod = 27/Ak to boost the efficiency of the mixing 
process even though Ak # 0. We can consider the 
periodic modulation as another interacting wave that 
is included in the creation of the polarization wave. 
The modulation wave has w= 0 and is stationary 
with period L,,,.4- Because the modulation is usually a 
square wave rather than sinusoidal, it is made up of 
multiple sinusoidal waves with periods Ly,oq/m, all of 
which can participate in generating a polarization 
wave. Like traveling waves, the stationary modu- 
lation waves can be oriented in any direction, and any 
Fourier component of the modulation wave with 
wave vector A,, =27m/Lyoq can participate in 
(quasi) phase matching, as shown in Figure 10. 
Usually the spatial modulation is achieved by 
periodically reversing the sign of the nonlinear 
coupling coefficient. Figure 11 shows the associated 
phasor diagram for perfect first-order QPM. The net 
fields from the first two modulation periods are 
labeled E, and EF}. If the sign of the nonlinearity in the 
first half of the modulation period were not reversed 
in the second half, the phasors would form a complete 
circle resulting in a null net field. All following 
periods would also produce null net fields. However, 
if the sign is reversed midway through the first period, 
the phasors from the second half are sign reversed and 
the net field is Ey as shown. The magnitude of EF, is 
smaller than for a truly phase matched segment by the 


Figure 10 Quasi-phase matching vector diagram for sum 
frequency mixing. The mth Fourier component of the grating 
vector is indicated by Am. 
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Figure 11 Phasor diagram for a quasi-phase matched 
interaction in a material with alternating signs of the nonlinear 
coefficient. The contributions from four segments, each of length 
tooh/2 are shown. The net field from the first QPM period is labeled 
E,, and that from the second period is E,. The dashed line shows 
the path the phasors would trace if the nonlinear coefficient were 
not sign reversed in the even numbered segments. 


ratio of the diameter of the circle to its circumference, 
or by 2/7. Coherence lengths in crystals are typically 
5-50 um so crystals that are several mm long have a 
large number of periods, in which case the net 
phasors E,,E,... can themselves be considered 
elementary phasors that form the net field for the 
full crystal. For example, if the modulation period 
Linod iS not exactly equal to 27/Ak, QPM is imperfect 
and phasors F,E>,... curl up to give a net field of 
sinc(Ak’L/2) where Ak’ = AR —2a/Linoq- For all 
practical purposes, a QPM crystal containing many 
modulation periods performs the same as a phase 
matched crystal with its nonlinear coupling reduced 
by 2/7. 

Referring to eqn [2], we note that periodic 
modulation of the source term S(z) produces peaks 
in the phase matching curves at Ak = m2a/Linod 
where m is an integer. If S(z) is a square wave of 
alternating sign over 0 < z < L, its Fourier transform 
is the convolution of sinc(ARL/2) with a picket fence 
function with spikes at Ak = m2a/Lymoq- If Linod X L; 
the crystal contains many periods of the square wave 
and the spikes are separated by many times the width 
of the sinc(ARL/2) function. This results in well 
separated sinc functions centered at Ak = 27M/Linoa; 
and any process with a coherence length of Ly,,q/m 
will be quasi-phase matched. That is, one of the 
Fourier peaks in Ak space will be centered on the 
corresponding value of Ak. 

The magnitudes of the QPM peaks are maximized 
if the modulation of S(z) is a sign reversal, as 
described above. If the positive and negative segments 
have unequal lengths, we can define the duty cycle as 
D=1,/(1,+1_). The heights of the pickets in the 
picket fence are then 


[18] 


bin = agen 
mr 


The largest magnitude peak is form = 1 and D = 0.5 
in which case h, = 2/7. 


Unlike birefringent phase matching, QPM can, in 
principle, phase match any set of polarizations for the 
interacting waves. This makes it possible to use a 
polarization set that maximizes the nonlinear 
response of the crystal. 


Ferroelectric poling 

There are various ways to achieve QPM. By far the 
most popular and versatile is by ferroelectric poling. 
Ferroelectric crystals have an internal electric field 
that can be reversed by the application of a 
sufficiently strong external poling field. Reversing 
the internal field also reverses the sign of the 
nonlinearity for some light polarizations but does 
not alter the refractive indices. Crystals of LiINbO3 
and KTiOPO,, with thickness up to 1 mm, can be 
poled with periods as short as 5 ym. This is sufficient 
to quasi-phase match frequency mixing of visible or 
near infrared light. Figure 12 shows an example of 
the orientation of the internal fields of patterned 
ferroelectric domains. 

It is possible to pole a crystal aperiodically so that 
multiple mixing processes are quasi-phase matched 
simultaneously. To design the poling pattern for such 
a device, the Fourier transform of an initial trial 
pattern can be calculated and compared with the 
target spectrum in Ak space. Iterative algorithms can 
be used to modify the poling pattern, zeroing in on the 
target spectrum. 

Ferroelectric poling can also form two-dimensional 
poling patterns, corresponding to a two-dimensional 
set of Fourier components in Ak space. It can also 
produce chirped gratings which have a broad phase 
matching peak. Chirped gratings can be used to 
simultaneously frequency convert and tailor the 
temporal shapes of the output pulse when the input 
pulses are frequency chirped. Poling can also yield 
fanned poling patterns so the poling period and thus 
the phase matching wavelength can be shifted by 
translating the grating. 





Figure 12 Diagram of a poled ferroelectric crystal. The four 
crystal segments represent four ferroelectric domains with internal 
crystal field directions indicated by the arrows. Reversal of the 
internal field is accompanied by reversal of the nonlinear 
coefficient, so this is a quasi-phase matched structure with 
alternating signs of dey. 
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Wafer stacking and patterned crystal growth 
Another method of quasi-phase matching relies on 
stacks of thin plates oriented so the sign of the 
nonlinearity reverses in adjacent plates. Each plate 
has a thickness of mL,,,/2 where m is an odd integer. 
If all the plates are identically prepared crystals, it is 
often possible to reverse the sign of their nonlinearity 
by reorienting them. It is sometimes possible to 
optically contact the plates or even to diffusion bond 
them, avoiding reflective losses at the interfaces. This 
technique is conducive to large aperture QPM 
crystals. However, the plates are thin so fabrication 
is a challenge. 

Quasi-phase matched crystals of GaAs have also 
been epitaxially grown on patterned substrates. 
The patterning serves as a template for growth of 
zones with alternating crystal orientation and sign of 
the nonlinear coefficient. 


Total internal reflection 

Total internal reflection in a thin slab has also been 
exploited for QPM (Figure 13). Two effects 
contribute to the source modulation, one is the 
rephasing of the waves on total internal reflection; 
the other is the change in nonlinearity that may 
accompany the change in propagation direction. 
Usually plates much thicker than one coherence 
length are used, so the quasi-phase matching is of 
high order (m > 1). 


Wave Guide Modal Phase Matching 


In waveguides the size and shape of the guide 
influence the transverse field distributions and the 
propagation constants for the transverse modes. 
Generally the higher order transverse modes have 
higher phase velocities than the lower order modes. 
This can be used to counteract index dispersion in 
three wave mixing if the bluest wave propagates in a 
higher order mode than the redder waves. A problem 
frequently encountered in using this effect is that the 
transverse modes are orthogonal, or nearly so. 
Because the nonlinear response is proportional to 








Figure 13 Diagram of quasi-phase matching based on total 
internal reflection. Relative phases acquired by the waves upon 
total internal reflection, combined with the path lengths and 
possible changes in the value of dg for alternating legs, can be 
combined to achieve quasi-phase matching. 


the overlap integral 
dice | | d(x, yy (x,y) Exe, Ese, y)dedy [19] 


where the E’s are the transverse field distributions of 
the three waves, the nonlinear response is often quite 
small. If the local nonlinearity d(x,y) can be 
engineered to maximize the integral, this problem 
can be alleviated. This may be thought of as 
transverse quasi-phase matching. 

Waveguides can also be designed for Cerenkov 
phase matching where the phase velocity of the 
radiated wave is less than that of the polarization 
wave. Figure 14 shows an example. The emission 
angle is 

2k. V2 


cos @= —— 
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where the v’s are phase velocities. The transverse 
momentum A must be supplied by the waveguide. 
In other words, the source harmonic polarization 
must have a transverse Fourier component with 
spatial frequency A. This is another example of 
transverse quasi-phase matching. 

Another application of waveguide phase matching 
is in traveling wave electro-optic modulation, where 
the rf wave travels along an rf waveguide parallel 
to the light path. For maximum modulation band- 
width, the phase velocity of the rf wave should equal 
that of the light wave over the desired modulation 
bandwidth. Because the phase velocity of the rf wave 
in the bulk medium is usually faster than that of the 


light wave, the rf guide must be designed for a slow 
phase velocity. 


Compensated Phase Matching (CPM) 


Compensated phase matching is somewhat like QPM 
in that multiple crystal segments are used, but it 
differs by requiring that sequential crystal segments 
have ARL’s of equal magnitude but opposite sign. 
Ideally the nonlinearity would be the same in all 
segments. Figure 15 shows the phasor diagram for 
one such arrangement, in this case with unequal 
nonlinearity in alternating segments. CPM is realized 





WS 


Nonlinear wave guide 





Figure 14 Cerenkov phase matched second harmonic gener- 
ation. The phase velocity of the fundamental wave in the 
waveguide is greater than the phase velocity of the harmonic 
wave in the cladding. 
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Hi there! This Instructable is all about building a basic crystal radio set that is so 
simple to build and understand, that a child could do it - with help from mum or dad 
- or even at school, as a class project. Parts can be bought "off the shelf" at Jaycar 
Electronics and other suppliers, or purchased online via Ebay and Paypal. 


| built my first ever crystal set when | was 9 years old, but that was a different world. 
We're going to build a 21st century style radio with all modern components which 
are relatively easy to obtain at your local electronics store or on the Internet. 


The radio is contained inside a Tic Tac box, and is called "The Nic Nac Tic Tac 
Radio". It is built on a square of matrix board, with the component leads poked 
through the holes in the board, and joined underneath. It is a very simple crystal 
set, designed to initially receive only one station, but you can expand the tuning 
range with the addition of only one extra component. 


The Tic Tac radio can be constructed by simply twisting the component leads 
together, underneath the matrix board and attaching antenna/ground wires as well 
as the earphone wires to the board, using that same technique. You don't have to 
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Figure 15 Phasor diagram for four segments of a device 
with compensated phase matching device. The magnitude of 
AkL is equal in each segment but the sign of Ak alternates. 
The length of the E,, field from segment n is proportional to 
sinc(AkL/2) so the net field SE, must also be proportional to 
this function. 


in walkoff compensated geometries where a sequence 
of crystals is arranged so AR=O in each for a 
particular monochromatic plane wave. In the case of 
spatial walkoff compensation the walkoff direction in 
alternating crystals is reversed so the walkoff is 
exactly compensated in pairs of adjacent crystals. 
Tilting the input beams by a small amount changes 
the values of the Ak’s in such a way that CPM is 
achieved. In the case of temporal walkoff compen- 
sation, temporal walkoff is reversed in alternating 
crystals, in which case tuning the input frequency 
leads to CPM. The advantage of CPM is that the 
acceptance bands, which will be discussed in the 
next section, are those of the individual crystal 
segments which are larger than those of a single 
crystal of equivalent length without walkoff 
compensation. 


Spatial and Temporal Effects 


Acceptance Bands 


Our discussion to this point has been based on 
monochromatic plane waves. Real beams have spatial 
and temporal structure which means they can be 
decomposed into sets of monochromatic plane waves 
with tilted propagation directions relative to the 
nominal direction, and with detuned frequencies 
relative to the nominal frequency. As we showed 
above for monochromatic plane waves, there is a 
range of angles and frequencies, called the acceptance 
bands, over which AkL < 27. If the interacting 
beams’ angular spectra and frequency spectra lie 
within these bands, the process is well phase matched 
for all angular and frequency components, and 
efficiency is maximized. This statement is equivalent 
to saying that if the spatial walkoff due to beam tilts 
and birefringence, and the temporal walkoff due to 
differing group velocities are small enough that the 
interacting beams stay well overlapped in space and 
time, the efficiency of energy transfer to the output 
channel does not suffer. Consider, for example, 
second harmonic generation of short pulses. The 
frequency acceptance bandwidth for the fundamental 


wave, Aw, is found using 








d(Ak) _ (2dky — 2dky 2a 
da, oi ( da, = da, eae ce 
Using the usual definition of the group velocity: 
daw 
Ug = Ab. [22] 
this can be written 
Aw ue 7 = [23] 
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where 7, and 7 are the passage times through a 
crystal of length L for the fundamental and 
harmonic pulses, and At = (7) — 71) is the temporal 
walkoff between the two. This shows that the 
acceptance bandwidth is approximately equal to the 
transform bandwidth of a pulse whose duration is 
equal to the temporal walkoff Az. Input pulses 
shorter than Ar will not convert efficiently because 
the fundamental and harmonic pulses do not remain 
overlapped as they propagate through the crystal. 
In the frequency domain it is said that pulses 
shorter than the Az have spectral widths larger than 
the acceptance bandwidth, meaning they are not 
well phase matched across their full spectra, and 
hence do not convert efficiently. Parallel arguments 
apply to spatial walkoff and angular acceptance 
bandwidths. Beams that do not remain spatially 
overlapped through the crystal do not convert 
efficiently. Equivalently, if the angular spectra of 
the beams exceed the acceptance angle, efficiency 
suffers. 

Sometimes these notions are described in terms of 
an effective interaction length or an effective crystal 
length. For short pulses the effective interaction 
length is that for which temporal walkoff is equal to 
the pulse duration. Equivalently it is the length for 
which the acceptance bandwidth is equal to the 
spectral width of the pulse. Crystals shorter than this 
will have mixing efficiencies nearly equal to that 
expected for a phase matched process, while longer 
crystals have efficiencies that fall short of this 
expectation. 


Focused beams 

Focused Gaussian beams are a particularly important 
class of spatially structured beams. In passing through 
a focus, a lowest order Gaussian beam acquires a 
phase shift relative to an unfocused beam. The phase 
velocity near the focus is higher for the focused beam, 
leading to a phase shift of a through the focus. 
For second harmonic generation the phase shift of the 
second harmonic polarization is twice this, or 27. 
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A second harmonic wave also acquires a phase shift 
of a, but this leaves a aw phase shift between the 
harmonic polarization source wave and a freely 
propagating harmonic wave. The phasors represent- 
ing harmonic radiation from symmetrically located 
points well before and well after the focus will 
therefore be 180° out of phase. Point pairs closer to 
the focus will have less severe cancelation, but it is not 
surprising that the maximum efficiency is achieved, 
not at Ak = 0, but for a slightly negative value Ak. 
The phase matching function sinc(ARL/2) is shifted 
and distorted for focused beams. Its exact shape 
depends on the nature of the mixing process. For 
example, the phase matching peak is different for 
third harmonic generation and second harmonic 
generation, and it is different for mixing with small 
birefringence and mixing with large birefringence. 


Phase Conjugation 


Degenerate four-wave mixing 

Some wave mixing processes are automatically phase 
matched. One example is phase conjugation by 
degenerate four wave mixing. This process creates a 
polarization wave that is the time reversed image of 
one of the input waves. Figure 16 compares the 
reflection from a conventional mirror with that from 
a phase conjugate mirror. 

The mixing process shown in Figure 17 is one that 
can act as a phase conjugate mirror. Waves fand b are 
strong pump waves that are phase conjugates of one 
another. In their presence a weak signal field at the 
same frequency produces a polarization given by 


a sE,EpE: eo iotrilky “ky —k,)-r [24] 
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Figure 16 Comparison of a normal and a phase conjugate 
mirror. The wavy lines represent the phases of the incident and 
reflected waves. 





Figure 17 Phase conjugation via degenerate four wave mixing 
near a one photon resonance. Two counter propagating pump 
waves with fields E; and E, interact with a signal beam, E,, 
to produce a polarization wave P, where the frequencies obey 
wp — Ws + Wp = we (upper left), implying the k-vector of the 
polarization wave is given by k, = kj — k, +k, (upper right). 
The lower diagram shows the grating induced by waves f and s 
that scatters wave b into the direction of c. 


The two pump propagation vectors cancel one 
another leaving 

P = sE¢E, (Ei e **) [25] 
The quantity in parentheses is the phase conjugate of 


the signal wave, so the polarization wave exactly 
phase matches a radiated conjugate wave. 


Brillouin scattering 

Other possibilities for automatic phase matching are 
processes that involve a stimulated wave in the 
nonlinear medium such as an acoustic wave (Brillouin 
scattering) or waves of coherent molecular vibration 
or rotation (Raman scattering). Phase conjugation, 
based on Brillouin scattering, is widely used to reduce 
phase distortions acquired on passing through an 
amplifier, for example. A single beam of light is 
focused into a material that has a high polarizability. 
Example media include high pressure gases Xe and 
SF¢, liquids acetone and freon, and fused silica. The 
conjugation process is not as simple to describe as it 
was in the case of four wave mixing because many 
acoustic waves can be generated. The key is that the 
phase conjugate wave has the highest gain under 
certain conditions and can dominate the Brillouin 
scattering process, so the reflected wave is nearly a 
phase conjugate of the incoming wave. 


See also 


Modulators: Acousto-Optics; Electro-Optics. Nonlinear 
Optics, Basics: Cascading; Four-Wave Mixing; Nonlinear 
Optical Phase Conjugation; y—Third-Harmonic Gener- 
ation. Nonlinear Sources: Harmonic Generation in Gases. 
Optical Parametric Devices: Overview. Optical Para- 
metric Devices: Optical Parametric Oscillators (Pulsed). 
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Phase Control: Phase Conjugation and Image Correction. 
Photonic Crystals: Nonlinear Optics in Photonic Crystal 
Fibers. Scattering: Raman Scattering. 
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Introduction 


Ultrashort pulses have a great potential in several 
areas of research and application, such as measure- 
ments of ultrafast physical processes, infrared time- 
resolved spectroscopy, and sampling systems, but 
they are also invaluable for communications. With 
increasing demands being put on the performance of 
optical fiber communications, the emphasis now is on 
producing a source of ultrashort optical pulses that 
can be used in high-bit rate and long-distance optical 
communication systems. 

Several optical pulse compression techniques are 
described in the literature. These techniques utilize 
dispersion, possibly from gratings or prisms, simul- 
taneously to compensate for chirp and achieve pulse 
compression. In fact, when a chirped optical pulse 
propagates in a linear dispersive medium, it acquires a 
dispersion-induced chirp. If the initial chirp is in the 
opposite direction to that imposed by the group- 
velocity dispersion (GVD), the two tend to cancel 
each other, resulting in the compression of the optical 
pulse. 

Early work on optical pulse compression did not 
make use of any nonlinear optical effects. Only during 
the 1980s, when the use of single-mode silica fibers as 
nonlinear media became widespread, the self-phase 
modulation (SPM) effect was used to achieve pulse 
compression. It has led, in 1987, to the production of 
optical pulses as short as 6fs in the 620nm 
wavelength region. Such advances were possible, 


only after having understood the evolution of optical 
pulses in silica fibers. 

We can consider two main categories of pulse 
compressors which make use of nonlinear effects in 
optical fibers: grating-fiber and soliton-effect com- 
pressors. In a grating-fiber compressor, the input 
pulse is propagated in the normal-dispersion regime 
of the fiber, which imposes a nearly linear, positive 
chirp on the pulse through a combination of SPM and 
GVD. The output pulse is then sent through a grating 
pair where it experiences anomalous GVD and gets 
compressed. In the case of a soliton-effect compressor, 
the fiber itself acts as a compressor without the need 
of an external grating pair. The input pulse propa- 
gates in the anomalous-GVD regime of the fiber and 
is compressed through an interplay between SPM and 
GVD. This compression mechanism is related to a 
fundamental property of the higher-order solitons. 
These solitons follow a periodic evolution pattern 
such that they go through an initial narrowing phase 
at the beginning of each period. If the fiber length is 
suitably chosen, the input pulses can be compressed 
by a factor that depends on the soliton order. 


Grating-Fiber Compressors 


The grating-fiber compressor is generally used at 
wavelengths A4<1.3 um. At these wavelengths, 
optical pulses acquire a positive chirp across its entire 
width during their passage through conventional 
silica fibers. A schematic of a grating-fiber compres- 
sor in the double pass configuration is shown in 
Figure 1. After the propagation in the fiber, the optical 
pulse is sent through a grating pair, which provides 
the anomalous (or negative) GVD required to get the 
pulse compression. 
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Figure 1 Schematic representation of a grating-fiber compres- 
sor in the double-pass configuration. (Reproduced with per- 
mission from Agarwal GP (2001) Applications of Nonlinear Fiber 
Optics. San Diego: Academic Press.) 


Different frequency components of an optical pulse 
incident at one grating are diffracted at slightly 
different angles. As a consequence, they experience 
different time delays during their passage through the 
grating pair, the blue-shifted components arriving 
earlier than the red-shifted ones. In the case of an 
optical pulse with a positive chirp, the blue-shifted 
components occur near the trailing edge of the pulse 
and the passage through the grating pair provides its 
compression. 

A limitation of the grating pair is that the spectral 
components of the pulse are dispersed not only 
temporally but also spatially. As a consequence, the 
optical beam becomes deformed, which is undesir- 
able. This problem can be avoided simply by using a 
mirror to reflect the pulse back through the grating 
pair. Mirror M,, in Figure 1, performs this function. 
Reversing the direction of propagation not only 
allows the beam to recover its original cross-section, 
but also doubles the amount of GVD, thereby 
reducing the grating separation by a factor of 2. 
The mirror M, in Figure 1 is used to deflect the 
compressed pulse out of the compressor. 

The phase shift acquired by the spectral component 
of the pulse at the frequency w passing through the 
grating pair can be written in the form: 





1 
db, = bo + b1(@ — wo) + 7 bx ) 
1 . 
+ Eb3(@ — a) +++ [1] 


where wp, is the pulse center frequency, 9 is a 
constant, @, is a constant delay, and qd) and @;3 are 
parameters that take into account the GVD effects 
associated with the grating pairs. These parameters 
depend on the grating period (line spacing), as well as 
on the orientation and separation of the two gratings. 
In most cases of practical interest, the spectral width 
of the pulse satisfies the condition Aw < wy and the 


cubic and higher-order terms in eqn [1] can be 
neglected. 

To achieve optimum performance from a grating- 
fiber compressor, it is necessary to optimize the fiber 
length, as well as the grating separation. Concerning 
the first aspect, the effects of both GVD and SPM 
during the propagation of the pulse inside the fiber 
must be considered. SPM alone determines a linear 
chirp only over the central part of an optical pulse. 
Since the grating pair compresses only this region, 
while a significant amount of energy remains in the 
wings, the compressed pulse is not of high quality in 
this case. The effect of GVD turns out to be important, 
since it broadens and reshapes the pulse, which 
develops a nearly linear chirp across its entire width. 
In these circumstances, the grating pair can compress 
most of the pulse energy into a narrow pulse. 

The balanced effects of both GVD and SPM explain 
the existence of an optimum fiber length, z,,,, for 
maximum pulse compression. In fact, when the fiber 
length is less than Z,,,, the SPM-induced chirp has not 
yet been linearized. On the other hand, when it is 
longer than Zo, the SPM effects become negligible 
due to the GVD-induced pulse broadening. 

If the input pulse is unchirped and presents a 
hyperbolic secant shape, the optimum fiber length for 
maximum pulse compression is well approximated by 


Zopt ~ (6LpLy)” [2] 
where 
TS 
Lp = TBI [3] 
and 
1 
igs 4 
NL = Dp, [4] 


are length scales associated with the GVD and the 
SMP effects, respectively. In eqns [3] and [4], Tp is the 
input pulsewidth, 8» is the fiber GVD parameter, y is 
the nonlinearity parameter of the fiber, and Po is the 
peak power of the input pulse. 

If the input pulse presents a negative chirp, this 
must be compensated for by the positive chirp 
provided by the fiber. As a result, the optimum fiber 
length increases. The opposite occurs in the case of an 
input pulse with a positive chirp. 


The optimum compression factor, Foe, in the case 
of a grating-pair compressor, is given by 
1/2 
TrwHM Lp 
Foo: = ——— _ = 0.625) —— 5 
a Toomp IN 
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where Tryp is the full width at half maximum 
(FWHM) of the input pulse (Tpypy ~ 1.76T, for a 
hyperbolic secant pulse) and T..m, is the FWHM of 
the compressed pulse. Equations [2] and [5] provide 
a good estimate even for pulse shapes other than 
a hyperbolic secant as long as a > 100. 

The previous results were obtained neglecting the 
higher-order nonlinear and dispersive effects, which is 
acceptable for pulsewidths Ty) > 0.1 ps. However, 
when shorter pulses are used at the input, their 
spectral width Aq is large enough that the cubic term 
in the expansion [1] must be taken into account. In 
this case, the compression factor turns out to be 
smaller than that given by eqn [5]. 

The third-order dispersion (TOD) of the grating 
pair, resulting from cubic term in eqn [1], has been 
compensated for in one experiment using a combi- 
nation of gratings and prisms. Performing such 
compensation, a reduction of the pulsewidth to 
about 6fs has been achieved. Such a pulse at 
620 nm consists of only three optical cycles. 

Even though the compression factor F. « ./Po, the 
peak power of the input pulse must be kept below the 
Raman threshold to avoid the loss of pulse energy 
through the stimulated Raman scattering (SRS) 
process. If this condition is not then satisfied, besides 
the energy loss problem, the Raman pulse can interact 
with the input pulse through cross-phase modulation 
and deform the linear nature of the frequency chirp. 
As a result, the compression factor is reduced from 
the predictions of eqn [5]. 


Fiber Bragg Gratings 


A uniform fiber Bragg grating (FBG) reflects light 
whose wavelength is within the stop-band centered at 
the Bragg wavelength. The GVD is anomalous on the 
high-frequency side of the stop-band and becomes 
normal on the low-frequency side. Near the stop- 
band edges, the grating exhibits large GVD. Since a 
FBG acts as a dispersive delay line, it can be used in 
place of the bulk-grating pair in a grating-fiber 
compressor, providing a compact all-fiber device. In 
fact, a typical 1 cm long fiber grating may provide as 
much dispersion as a bulk-grating pair with more 
than one meter spacing. However, the grating induced 
TOD can affect significantly the quality of the pulses 
when the optical frequency falls close to the edges of 
the stop-band. 

The compression factor as well as the pulse quality 
can be significantly improved by using a FBG in 
which the grating optical period changes along its 
length — the so-called chirped fiber grating. In this 
case, different frequency components of the pulse are 


reflected from different regions of the grating. Such a 
device has been used since the mid-1990s to 
compensate for dispersion-induced broadening of 
pulses in fiber-optic communication systems, and 
compression factors above 100 have been achieved. 
In practice, the only disadvantage of a chirped fiber 
grating is that the compressed pulse is reflected rather 
than transmitted. 


Soliton-Effect Compressors 


Optical pulses at wavelengths exceeding 1.3 um 
generally experience both SPM and anomalous 
GVD during their propagation in silica fibers. Such 
a fiber can act as a compressor by itself without the 
need of an external grating pair. In the case of a 
fundamental or first-order soliton, the effects of SPM 
cancel the effects of anomalous GVD perfectly, and 
the soliton propagates whilst preserving its hyper- 
bolic secant shape in a lossless optical fiber. A higher- 
order soliton, on the other hand, changes its shape 
periodically as it propagates in a fiber. Such a soliton 
always experiences an initial pulse narrowing phase 
before recovering its original hyperbolic secant 
profile at integral multiples of the soliton period zo, 
and this behavior is exploited to achieve pulse 
compression. Optimum compression is achieved 
when the higher-order soliton leaves the fiber just as 
it attains its narrowest width. 

The evolution of a soliton of order N inside an 
optical fiber is governed by the nonlinear Schrédinger 
equation (NLSE), which can be written in the 
following form: 


2 
or N’lgi’g =0 [6] 


where gq is the normalized amplitude, = 2/Lp, 
t= T/Tp, and the parameter N is the soliton order, 
given by 

Lp _ yPoTo 
[Bo 


The soliton period, zo, is given by 


NS [7] 





Ln 


7 aT> 
SOS = ras [8] 





In writing eqn [6], the fiber losses were neglected, 
since fiber lengths employed in practice are relatively 
small. Even though higher-order solitons follow an 
exact periodic evolution only for integer values of N, 
eqn [6] can be used to describe pulse evolution for 
arbitrary values of N. 
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In practice, soliton effect compression is carried out 
by initially amplifying optical pulses up to the power 
level required for the formation of higher-order 
solitons. The peak optical power of the initial pulse 
required for the formation of the Nth-order soliton is 
given by 


| By|N* 


Py = 3.11 
YTiwum 


[9] 


These Nth-order solitons are then passed through the 
appropriate length of optical fiber to achieve a highly 
compressed pulse. The optimum fiber length, z,5., 
and the optimum pulse compression factor, Fop., of a 
soliton-effect compressor can be estimated from the 
following empirical relations: 


0.32 1.1 
Zopt oa zo( “3 a =z) [10] 
Fope ~ 4.1N [11] 


These relations are accurate to within a few percent 
for N > 10. 

Compression factors as large as 500 have been 
attained using soliton-effect compressors. In fact, 
considering the same input pulse, the soliton-effect 
compressor provides a pulse compression that is 
larger with a fiber that is shorter than a grating-fiber 
compressor. However, the pulse quality is poorer, 
since the compressed pulse carries only a fraction of 
the input energy, while the remaining energy appears 
in the form of a broad pedestal. From a practical 
point of view, the pedestal is deleterious since it 
causes the compressed pulse to be unstable, making it 
unsuitable for some applications. Despite this, 
soliton-effect compressed pulses can still be useful 
because there are some techniques that can eliminate 
the pedestal. 

One difficulty faced, when using the soliton-effect 
compressor, is that pulses with high peak power are 
required for the formation of high-order solitons in 
conventional fibers. As suggested by eqn [9], the use 
of dispersion-shifted fibers (DSFs) with small values 
of B at the operating wavelength can reduce the peak 
power required for soliton generation by an order of 
magnitude. However, because the soliton period Zp is 
inversely proportional to || (see eqn [8]), eqn [10], 
indicates that longer lengths of DSFs will be required 
for solitons to achieve optimum compression. As a 
result, the total fiber loss experienced by those 
solitons will be larger and the loss-induced pulse 
broadening will have a significant impact on the 
compressor global performance. 

Another problem introduced by the use of DSFs 
in soliton-effect compressors is the TOD, which 


generally degrades the quality of the compressed 
pulse. In the case of soliton-effect compressors using 
conventional optical fibers, the effects of TOD 
become significant only when the widths of the 
compressed pulse become very short (<1 ps). In 
DSFs, however, the relative importance of TOD is 
increased and those effects become more pronounced 
because the GVD parameter, 83, is small. In this case, 
TOD is detrimental in the compression, even of pulses 
with widths of a few picoseconds, resulting in serious 
degradation of the optimum compression factor Fope. 

The result given by eqn [11] for the optimum 
compression factor holds only for the case of an ideal 
soliton-effect compressor, when high-order nonlinear 
and dispersive effects, such as intrapulse Raman 
scattering (IRS), TOD and self-steepening, are neg- 
lected. However, these effects cannot be neglected for 
the highly compressed pulses because of their 
subpicosecond widths and high intensities. 

For not-too-short optical pulses (widths >50 fs) 
propagating not too close to the zero-dispersion 
wavelength of the fiber, the dominant higher-order 
effect is IRS, which manifests as a shift of the pulse 
spectrum toward the red side — the so-called soliton 
self-frequency shift. As a consequence, the group 
velocity is reduced and there is a delay of the optical 
pulse. This delay affects substantially the interplay 
between GVD and SPM that is responsible for pulse 
compression. 

Interestingly, the IRS effect can be used to improve 
the quality of the compressed pulse, by removing the 
pedestal mentioned above. In fact, as a consequence 
of the change in the group velocity induced by the IRS 
effect, the sharp narrow spike corresponding to the 
compressed pulse travels more slowly than the 
pedestal and separates from it. Moreover, the pedestal 
can be removed by spectral filtering and a red-shifted, 
pedestal-free, and highly compressed pulse is then 
produced. 


Compression of Fundamental 
Solitons 


As described in the last section, the propagation of 
higher-order solitons provide a rapid compression 
method, but it suffers from the existence of residual 
pedestals. Some techniques can help to reduce or even 
eliminate those pedestals, but energy is always wasted 
in this process. 

A less rapid technique that provides better pulse 
quality is adiabatic amplification of fundamental or 
first-order solitons, which are of primary importance 
in the domain of optical communications. Solitons 
have fixed area, so the increased energy from 
amplification is accommodated by an increase in 
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power and a decrease in width. To avoid distortion, 
the amplification per soliton period cannot be too 
great. 

The same effect as adiabatic amplification can be 
achieved using an optical fiber with dispersion that 
decreases along the length of the fiber. In fact, for 
optical solitons, a small variation in the dispersion 
has a similar perturbative effect as an amplification or 
loss: such a variation perturbs the equilibrium 
between the dispersion and nonlinearity in such a 
way that when, for example, the dispersion decreases, 
the soliton pulse is compressed. It can be seen from 
eqn [7] that if the value of |,| decreases along the 
fiber and to keep the soliton order N (N = 1 for the 
fundamental soliton), the pulsewidth must indeed 
decrease as |®)!"”. Hence, the use of fibers with 
variable dispersion is viewed as a passive and effective 
method to control optical solitons in soliton com- 
munication systems. Dispersion-decreasing fibers 
(DDFs), in particular, have been recognized to be 
very useful for high-quality, stable, polarization- 
insensitive, adiabatic soliton pulse compression and 
soliton train generation. These fibers can be made by 
tapering the core diameter of a single-mode fiber 
during the drawing process, and hence changing 
the waveguide contribution to the second-order 
dispersion. 

In a DDF of certain length, the dispersion is 
monotonically and smoothly decreased from an 
initial value to a smaller value at the end of the 
length according to some specified profile. Provided 
the dispersion variation in the DDF is sufficiently 
gradual, soliton compression can be an adiabatic 
process where an input fundamental soliton pulse can 
be ideally compressed as it propagates, while retain- 
ing its soliton character and conserving the energy. 

The evolution of the fundamental soliton in a DDF 
can be described by the following NLSE: 


.0g | 
where the variable coefficient p(€) = |B )(€)/B2(0)| 
takes into account the variation of dispersion along 
the fiber. Using the transformations s = f[ : p(y)dy and 
U = q/,/p, eqn [12] assumes the form: 





Te de 
hE) 3 +lg’g=0 [12] 





00d LOT. aoe 
laa 5 yee lUI-U =iGU [13] 
where 
1 dp 
=-— & 14 
o 2p ds [14] 


Equation [13] shows clearly that the effect of decreas- 
ing dispersion is mathematically equivalent to the 


effect of an optical amplifier, adding a gain term to 
the NLSE. The effective gain coefficient G is related to 
the rate at which GVD decreases along the fiber. 

Since decreasing dispersion is equivalent to an 
effective gain, a DDF can be used in place of a 
conventional fiber amplifier to generate a train of 
ultrashort pulses. To achieve such an objective, a 
continuous wave (CW) beam with a weak sinusoidal 
modulation imposed on it is injected into the DDE 
The sinusoidal modulation can be imposed, for 
example, by beating two optical signals. As a result 
of the combined effect of GVD, SPM, and decreasing 
GVD, the nearly CW beam is converted into a high- 
quality train of ultrashort solitons, whose repetition 
rate is governed by the frequency of the initial 
sinusoidal modulation. 

Different approaches have been developed to 
determine the optimum GVD profile and its depen- 
dence on the width and peak power of input pulses. In 
the case of picosecond soliton pulse compression, 
direct numerical simulations of the NLSE show that 
linear, Gaussian, and exponential dispersion profiles 
may all be used effectively to provide ideal, adiabatic 
compression, where the input pulse energy is con- 
served and remains localized within the pulse. In this 
case, the final pulse compression factor at the end of a 
certain length L of DDF is equal to the ratio of the 
initial to the final second-order dispersions: 


Bo(0) 
Bo(L) 





R= TrwHM _ [15] 


T comp 


Compression factors larger than 50 are possible 
launching input pulses with peak powers correspond- 
ing to the fundamental soliton into a DDF whose 
length is about one soliton period. This technique 
takes advantage of soliton-effect compression but 
requires lower peak powers and produces compressed 
pulses of better quality. 

In the case of subpicosecond soliton pulses, the 
influence of higher-order nonlinear and dispersive 
effects must be accounted for. Some studies show that, 
in this case, the linear and Gaussian dispersion profiles 
are the most suitable to achieve high-quality, pedestal- 
free, adiabatic compression of fundamental solitons. 
However, in the presence of higher-order effects, the 
final compression factor is generally lower, and after 
reaching a maximum at a particular length of DDE, it 
decreases steadily. This can be explained in terms of 
pulse compression stabilization, which originates 
from a competition between the rate of dispersion 
decrease in the DDF and the rate of dispersion 
increase due to the combined effects of soliton self- 
frequency shift and third-order dispersion. 
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List of Units and Nomenclature 


F. compression factor 

Fope optimum compression factor 

G amplifier gain 

L fiber length (m) 

Lp dispersion length (m) 

Ly nonlinear length (m) 

N soliton order 

Pn peak power of the Nth-order 
soliton (W) 

Po pulse peak power (W) 


q normalized pulse amplitude 


To input pulse (s) 

Tone compressed pulse FWHM (s) 

TrwHM pulse full width at half 
maximum (s) 

Zo soliton period (m) 

Sipe optimum fiber length (m) 

Bo group-velocity dispersion 
coefficient (s* m7 ') 

y fiber nonlinearity coefficient 
(Wo! m™') 

é normalized distance 

T normalized time 

de phase shift induced by the grating 
pair (rad) 

Wo pulse center frequency (rad s_') 
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The Raman effect bears the name of the Indian 
scientist Chandrasekhara V. Raman (1888-1970) 
who received the Nobel Prize in the year 1930 for the 
discovery, published in 1928, of this scattering 
phenomenon. 

The Raman effect is an inelastic light scattering 
process, occurring in gaseous, liquid, and solid media. 
The frequency of the scattered photon can be either 
down-shifted or up-shifted and the result of the 
process is the generation of new radiation. Frequency 
down-shifted and up-shifted waves are respectively 
called Stokes and anti-Stokes waves. The energy 
difference between input and output photons is either 
absorbed by, or released from, the atoms or molecules 
of the medium, which are left in different energy 


optical frequency (rad s_') 
pulse spectral width (rad s~') 


wW 


Aw 
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Chirped Pulse Amplification. Fiber Gratings. Scatter- 
ing: Raman Scattering. Solitons: Soliton Communication 
Systems. Ultrafast Laser Techniques: Pulse Character- 
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states; jumps can be between electronic states, but 
more often they are among vibrational or rotational 
states. The upper energy state involved in the 
scattering process can be either a true energy state, 
and this case is referred to as resonant Raman 
scattering, or a virtual one. The off-resonance effect 
has a lower probability to occur and high-power 
beams are needed to observe it. The emission of anti- 
Stokes waves requires either an inverted Raman 
medium or particular four-wave-mixing phase- 
matching conditions to be satisfied in order to 
occur. The second condition is referred to as coherent 
anti-Stokes Raman scattering. Here we will consider 
mainly Stokes wave generation, which is the most 
common in Raman lasers. 

When pumping is very hard, or a seed wave is 
provided, stimulated Raman scattering can also occur 
and a high percentage of the input pump radiation 
can be converted into Stokes, or anti-Stokes, 
radiation. The stimulated process efficiency, defined 
as the ratio between the output Raman wave energy 
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and the input pump wave energy, depends on the 
imaginary part of the third-order nonlinear suscepti- 
bility coefficient and on the pump intensity. Stimu- 
lated Raman scattering observation dates back to 
1962 during the pioneering studies with lasers sources 
by Woodbury and Ng; their experiment with a ruby 
laser was actually the first example of an intracavity 
Raman laser. 

Since its discovery, Raman scattering has become a 
valuable tool for spectroscopy and a practical 
technique to extend laser light emission to wave- 
lengths not directly generated by laser active 
materials. This fundamental property stems from 
the fact that Raman scattering does not require an 
upper energy state to occur. Hence, the frequency of 
the emitted radiation can be any, if a suitable incident 
radiation wavelength is provided. New frequencies 
are constrained only by the available powerful pump 
laser sources and by Raman medium shifts. 

The frequency shifts provided by some of the 
materials that are most often used in Raman lasers are 
presented in Table 1. Finally, it is important to note 
that Raman scattering can also occur for the newly 
generated radiation through an identical process in 
which a Stokes photon is Raman scattered. This 
radiation, which is generated if the Stokes radiation 


intensity grows large enough, is referred to as a 
second-order Stokes wave. For very large pump 
intensity, a cascading process to several Stokes orders 
can take place, thus extending the range of generated 
frequencies to the far-infrared portion of the 
spectrum. 

We will describe the design of Raman lasers that 
are most commonly used, as well as their perform- 
ances, also taking into consideration the Raman 
medium that sets the main constraint to the laser 
characteristics. Continuous wave as well as pulse 
Raman lasers will be described and the tuning 
capability will be discussed. 


Raman Shifters 


The simplest conversion scheme is obtained when a 
Raman medium is placed at the output end of a laser. 
This single-pass setup, shown in Figure 1, provides a 
fairly efficient frequency shifter. 

Single-pass amplification of the spontaneous scat- 
tering or of an injected seed copropagating with an 
intense pump is usually modeled by a couple of 
equations whose derivation, under a plane, continu- 
ous wave approximation, can be found in the 





Table 1 Measured Raman frequency shifts and steady-state gain for some of the most important Raman media 

Medium Frequency shift [THz] Gain [cm/GW] 
Calcite (CaCO3) 32.58") 5.5) 

Lithium iodate (LilO3) 23.1-24.66°) 4.8 

Barium nitrate (Ba(NOs3)2) 31.464) 11°) 
Potassium gadolinium tungstate (KGd(WO,)>) 27.03 or 23°) 6) 

Silica fiber (SiO.) 13.2 0.017 
Hydrogen gas (H2) (p = 10 atm, T = 293 K) 124.65) 1.53) 
Nitrobenzene 40.35" 3") 


“Pump wavelength 694 nm; from Zverev PG, Basiev TT and Prokhorov AM (1999) Stimulated Raman scattering of laser radiation in 
Raman crystals. Optical Materials 11: 335-352. 

)Values refer to a propagation direction respectively perpendicular or orthogonal to the crystal axis; from Guadalberto GM and Arguello 
CA (1974) Raman spectra from oblique phonons in powdered samples. Solid State Communications 14: 911-914. 

Pump wavelength 1064 nm; from Falk J and Moshrefzadeh (1985) Oblique Raman and polariton scattering in kithium iodate. /EEE 
Journal of Quantum Electronics QE-21: 110-113. 

‘Pump wavelength 1064 nm; from Basiev TT, Sobol AA, Zverev PG, Ivleva LI, and Osiko VV (1999) Raman spectroscopy of crystals 
for stimulated Raman scattering. Optical Materials 11: 307-314. 

©) Pump wavelength 1064 nm; from Basiev TT, Voitsekhovskii VN, Zverev PG, et al. (1987) Conversion of tunable radiation from a laser 
utilizing an LiF crystal containing Fs color centers by stimulated Raman scattering in Ba(NO3)2 and KGd(WO,)> crystals. Soviet Journal 
of Quantum Electronics 17: 1560-1561. 

)Values refer respectively to two linear and orthogonal pump beams at the wavelength 1064 nm; from Zverev PG, Basiev TT and 
Prokhorov AM (1999) Stimulated Raman scattering of laser radiation in Raman crystals. Optical Materials 11: 335-352. 

Pump wavelength 1064 nm; from Stolen RH (1978), Fibre Raman lasers. In Ostrowsky D (ed) Fiber and Integrated Optics, NATO ASI 
Series B41. New York, Plenum Press, 157-182. 

‘)From Bischel WK and Dyer MJ (1986) Temperature dependence of the Raman linewidth and lineshift for the Q(0)—Q(1) transition in 
normal and para Hs. Physical Review A 33: 3113-3123. 

)Pump wavelength 1064 nm; from Ottusch JJ and Rockwell DA (1988) Measurements of Raman gain coefficients in hydrogen, 
deuterium and methane. /EEE Journal of Quantum Electronics 24: 2076-2080. 

“Bump wavelength 694 nm; from Bloembergen N (1967) The stimulated Raman effect. American Journal of Physics 35: 989-1023. 
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Figure 1 Experimental setup of a single-pass Raman shifter. 


literature: 


dIs(z) 


a [1] 





= grls(z)[p(z) — asls(z) 


Is, Ip are the continuous wave intensities of the Stokes 
and pump waves, z is the propagation distance, gp the 
Raman steady-state gain coefficient, and as, ap are 
the attenuation coefficients at the Stokes and pump 
frequencies. The Raman gain coefficients, whose 
general expression as a function of the microscopic 
material properties can be found in many textbooks, 
of some of the most commonly used Raman laser 
media are listed in Table 1. 

For short propagation lengths the medium loss can 
usually be neglected, and if the pump beam is well 
collimated, the pump intensity can be considered as a 
constant. For a long interaction length or very 
absorptive media, the evolution of the pump intensity 
must also be considered. Though the pump beam is 
depleted by the scattering process an undepleted 
pump approximation is often used until high conver- 
sion is reached. Under this approximation, the 
evolution of the pump intensity is mainly governed 
by diffraction spreading, by losses or by both. In bulk 
media, single-pass scattered radiation has a coaxial 
component whose divergence is dictated by the 
geometry of the pump beam, because Stokes radia- 
tion is close to the diffraction limit. Besides this 
radiation, a nonaxial component can also be 
observed; this phenomenon stems from the well- 
known effect of conical emission, which is a phase- 
matched parametric process. If the Raman medium is 
within a waveguide, losses are usually the dominating 
effect. In the undepleted approximation, the evolu- 
tion of the pump beam intensity as a function of the 
propagation distance z, either dictated by diffraction 
or by losses, is known. Then the general solution of 
eqn [1] is: 


Is(z) = I5(0) exp| gx I, Ip(2)dz! — ass | [2] 


where Is(0) is either the input Stokes signal intensity 
or an equivalent spontaneous scattering intensity. 
Then, the amplification gain G of the Stokes beam 
in the single-pass shifter, for a medium of length L, 


is given by 


_ Is) 
Is(0) 





L 
= cx I, Ip(z’)dz’ — as | [3] 


Though single-pass Raman shifters are appealing for 
their simplicity, their application is hampered by the 
high power necessary for reaching a sufficient 
efficiency due to the short interaction length that 
can be obtained, in particular in bulk media, where 
diffraction dominates. Q-switched pulsed pump 
lasers are often required, but the propagation in the 
Raman medium of very powerful pulses requires 
special precautions to prevent other linear and 
nonlinear effects occurring. In fact, optical break- 
down, thermal and Kerr self-focusing, four-wave 
mixing, and Brillouin scattering can take place, thus 
reducing the efficiency of the converter. Precautions 
may include the optimization of the pump pulse 
duration, of the focusing, of the interaction length, 
and the control of the input beam spot size. The 
multipass configuration has also been exploited to 
avoid many of the single-pass configuration short- 
comings; the typical experimental setup is presented 
in Figure 2. Note that neither the pump nor the 
Stokes wave are resonant within the cavity. 

The primary advantage of the multipass configur- 
ation is the lowering of the pump power required to 
realize an appreciable conversion. This is due to the 
increased total gain coefficient, that has been found to 
be equal to 


1 — R” 
1-R 


where G is the single-pass gain of eqn [3], R the 
reflectivity of the mirrors at the Stokes wavelength, 
and the number of passes through the Raman 
medium. There are two main drawbacks of multipass 
Raman shifters that finally limit the conversion 
efficiency of this setup. The first is the simultaneous 
generation of many undesired and uncontrolled 
Stokes orders, because the first-order Stokes intensity 
grows rapidly during propagation. The second is the 


G,=G 





+ (n — 1)logR [4] 
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Figure 2 Experimental setup of a multipass Raman shifter. 
Mirrors M, and Mz reflect both Stokes and pump waves. 
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intensity decrease associated with the dispersion of 
pulses, in particular if the Raman medium is a solid. 
These problems have limited the applications of 
multipass shifters to hydrogen gas. 


Raman Lasers 


By placing the Raman medium into an optical cavity, 
Stokes radiation can be selectively enhanced and 
Raman oscillation takes place. The two main 
experimental setups, either with the Raman medium 
placed in an external cavity or within the pump 
laser cavity (intracavity), are represented in Figures 3 
and 4. In some cases, for the intracavity configur- 
ation, the Raman medium may also be the host of the 
doping laser active material. 

For the external resonator Raman laser, the 
reflectivity of the mirrors is such that they are almost 
transparent for the pump but highly reflective 
(resonant) for the shifted radiation. The threshold 
condition of Raman lasers can be obtained by 
requiring that the net round trip gain equals the total 
cavity losses. The net round trip gain, under the plane 
wave, steady-state, undepleted pump approximation, 
is given by the single-pass gain G, multiplied by a 
factor of two to account for the forward and 
backward amplification. In fact, Raman scattering 
takes place also between the pump and the counter- 
propagating Stokes wave reflected by mirror Mo. 
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Figure 3 Experimental setup of an externally pumped Raman 
oscillator. Mirrors M, and Mp are highly reflective for the Stokes 
wave but not for the pump wave. 
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Figure 4 Experimental setup of an intracavity Raman oscillator. 
Mirrors M, and Mo are highly reflective for both the Stokes and the 
pump wave. 


Losses are given by the medium contribution, which is 
already accounted for in eqns [2] and [3], and by the 
energy leakage from the mirrors. Assuming that the 
mean reflectivities of the mirrors, at the Stokes 
wavelength, are respectively Rj, R2, then the threshold 
condition is GR,Ry = 1. Through eqn [3] we obtain 
L 
8R fe Ip(z’)dz! — ash = —log(RR2) [S] 
Equation [5] can be used to evaluate the pump 
intensity because at threshold low depletion occurs 
and the approximation taken to obtain [5] is valid. 
Raman steady-state gain is not very different for gases, 
liquids and crystals, as shown in Table 1 and 
oscillation thresholds depend more on the interaction 
length and the focusing properties of the pump and 
Stokes beams. Nonetheless, the type of Raman 
medium imposes many practical constraints for laser 
design, which are addressed in the next paragraphs. 
With gas media it is hard to maintain a high pump 
intensity over the entire length of the cell, which must 
be used to contain the gas. Usually gas cells can be 
from 5 to 30cm long; this means that Q-switched 
pump lasers are required to set intensities above 
10* GW m °, that is the typical threshold value of 
Raman oscillation. Continuous wave oscillation of 
gas Raman lasers is, nonetheless, possible when the 
pump wavelength is near a medium resonance. In 
fact, the imaginary part of the third-order non-linear 
polarization coefficient, to which the Raman gain is 
proportional, is enhanced near energy transitions 
because of the resonance in correspondence of that 
photon energy. The main limitations of this setup are 
that pump wavelengths are dictated by the Raman 
medium transitions, and thus also Stokes wavelengths 
are fixed, and finally conversion efficiency is usually 
low (about 5% is reported) possibly because of the 
high absorption. Off-resonance, continuous wave 
operation can also be attained by using high finesse 
cavities in a doubly resonant cavity. In fact, by 
resonating both Stokes and pump wave with high 
reflectivity mirrors (R = 0.999), the threshold inten- 
sity is lowered and conversion efficiency is high 
(about 35% has been demonstrated). In spite of the 
relatively high Raman gain and the large Stokes shifts 
obtainable, the exploitation of gas cell Raman 
oscillators is mainly hampered by the need of a 
high-pressure-resistant vessel and a constant gas flow. 
The latter is needed because of the low thermal 
conductivity of gases that might cause local tempera- 
ture variations and thermal-optical distortions that 
diminish the output beam uniformity and stability. 
Moreover the repetition rate of pump pulses must be 
small (below 50 Hz) so as not to impose a too strong 
thermal load on the gas. 
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Liquid media suffer basically the same problems as 
gases and, moreover, they show higher non-linear 
refractive indices that result in strong self-focusing. 
This lens effect results in filamentation, optical 
breakdown, and high beam divergence. Often 
Raman liquids are also toxic and very volatile; their 
use has been slowly but steadily decreasing. 

Solid media, in particular crystals, do not show 
many of the problems listed above and present the 
advantages of solid-state technology such as com- 
pactness, low maintenance, and opportunity of 
integration. The high density and the restricted 
atom motion result in high Raman steady-state 
gains and minimal line broadening. Precise resonance 
enhancement, as well as low threshold intensities, can 
be obtained by choosing an adequate mirror reflec- 
tivity spectral response. Pump intensities as low as 
10° GW m ? were reported for the oscillation of an 
external cavity Raman laser whose medium was a 
5-cm-long, barium nitrate (see Table 1) crystal, with 
mirror reflectivity R = 0.49 at the Stokes wavelength. 
Though the intensity threshold is about an order of 
magnitude smaller than for gas Raman lasers, 
Q-switched input pump pulses are still required. 
Solid-state Raman lasers can be easily forced to 
oscillate on a TEMo,o mode with divergence close to 
the diffraction limit even with multimode pumps. 
Moreover the Stokes beam is subject to a very 
complex clean-up process; this can be basically 
explained by the fact that the Stokes beam, growing 
from the spontaneous emission, does not retain the 
pump spatial characteristics. Pulse duration is equal 
to or slightly less than the input one. Conversion 
efficiency, which depends strongly on mirror reflec- 
tivity, can reach 60%, where saturation occurs due to 
higher-order Stokes wave generation. Solid-state 
Raman lasers can be easily forced to oscillate also at 
these higher-order Stokes frequencies if mirror 
reflectivity is large enough at the relative wavelengths. 
Second- and third-order Stokes conversion efficiencies 
of 30% and 20% have been reported. 

The theoretical determination of the cavity pump 
and Stokes fields does not have an analytical solution. 
For continuous wave or long Q-switched pulsed 
lasers, eqns [1] must be extended to include all 
forward and backward Stokes and pump waves and 
boundary conditions due to the mirrors must be 
imposed. This problem can only be solved 
numerically. 

The experimental setup of intracavity Raman lasers 
is shown in Figure 4; both the Raman and the laser 
medium are placed within the cavity and sometimes 
the two media coincide. This is, for example, the case 
of potassium gadolinium tungstate which can be 
doped with neodymium ions (see Table 1). The cavity 


is usually resonant for both the pump and the Stokes 
waves; very high conversion efficiency (up to 80%) is 
attained when special dichroic coatings are provided 
such that pump output is suppressed (high-finesse 
cavity for the pump). Besides the nearly diffraction- 
limited property of output radiation and clean output 
beams that are common characteristics of all Raman 
lasers, enhanced brightness is also observed in this 
setup. This effect is probably due to the high thermal 
loading, the consequent linear and nonlinear lens 
effects, and also to a short pulse generation mechan- 
ism that increases output beam intensity. This regime 
can be reached by reducing the Stokes cavity length 
with respect to the pump cavity length. A first setup is 
to use an additional dichroic intracavity mirror that is 
transparent for the pump but highly reflective for the 
Stokes; an alternative setup exploits a double ring 
cavity configuration as depicted in Figure 5. 

The principle governing the compression can be 
explained as follows. The optical paths of the pump 
and Stokes pulses are made different by an amount 
AL. Then the Stokes pulse generated within the 
Raman medium, once re-injected into the cavity from 
mirror Mg, will overlap with an undepleted portion 
of the recirculating pump pulse. Hence, another 
Stokes pulse is generated at each round trip, until 
the pump pulse is completely depleted; the Stokes 
output finally consists of a train of pulses of duration 
AL/c, at a repetition rate equal to the cavity round- 
trip. This mechanism leads to pulses as short as the 
limit imposed by the Raman gain bandwidth. In fact, 
when the pulse duration becomes comparable to the 
inverse of the gain bandwidth, transient effects take 
place because of the delay in the nonlinear medium 
response. Ring Raman lasers have been obtained with 
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Figure 5 Experimental setup of an intracavity, double ring, 
Raman oscillator. Mirrors Msgs, Ms3, Mp2, and Mp3 are highly 
reflective respectively for the Stokes and the pump wave. Mgj, 
Mp, are partially reflective respectively for the Stokes and 
pump wave. 
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gases (e.g., hydrogen) and crystal media (barium 
nitrate and lithium iodate). 

Another commonly used experimental setup is that 
of synchronously pumped ring Raman lasers. In such 
devices, whose typical setup is sketched in Figure 6, a 
new input pump pulse is synchronized with the 
output Stokes pulse thus enhancing the conversion 
within the Raman medium. 

Though electronic trigger detection is needed to 
lock the pump pulse time repetition rate to a multiple 
or submultiple of the cavity round-trip, synchro- 
nously pumped Raman lasers are relatively simple, 
stable, high repetition rate sources of radiation. Very 
compact and reliable synchronously pumped Raman 
lasers can be realized with optical fibers; in this case 
the feedback of the ring resonator can be realized by 
means of a fiber directional coupler. The device, 
besides the high integration achieved by the all-fiber 
technology, can also be continuously tuned over a 
large bandwidth. 

Continuous tuning of the same laser source is a very 
desirable property; the Raman lasers so far described 
can generate radiation at wavelengths restricted to a 
few values. In fact, output spectral lines can be 
changed either by replacing the Raman medium, or 
the pump laser, or by exploiting cascade Raman 
scattering or finally resonating a different vibrational 
line of the same material (if there are many as for 
example in hydrogen gas); all these cases require 
substantial cavity changes. Frequency switching 
without setup changes is attained only in case of 
potassium gadolinium tungstate. For this medium 
there exist two independent directions, orthogonal to 
the crystal optical axis, for which the Raman shifts are 
different if the pump polarization changes. Then, the 


Output Stokes 








Pulsed 
pump 





Raman 
medium 


Stokes 
beam 


Ms 


Figure 6 Experimental setup of a synchronously pumped, ring, 
Raman oscillator. Mirrors Mz and Msg are highly reflective for both 
the Stokes and the pump wave. M, is partially reflective for both 
the Stokes and pump wave. 


wavelength selection is just a matter of controlling the 
input pump polarization. Though Raman lasers can 
greatly expand the wavelength range of available 
laser sources, controlled, continuous tuning of the 
same Raman laser over a certain frequency band can 
be obtained only in a few particular cases. 

Wavelength tuning can be attained by selecting the 
direction of propagation in polar crystals (like lithium 
niobate and lithium iodate). Different directions 
allow for wavevector matching of polariton scatter- 
ing at different frequencies. Also phase matching of 
parametric interactions, like four-wave mixing, is a 
possible technique to attain wavelength tuning. 
However, such Raman lasers cannot operate at 
maximum gain, and this fact decreases the output 
energy, the conversion efficiency, and the stability, 
and increases the pump intensity threshold. Continu- 
ous tuning with an external control parameter is 
attained in the spin-flip Raman semiconductor laser. 
Semiconductors are Raman media that can be 
exploited to build far-infrared or even submillimeter 
Raman lasers, with pump intensity thresholds that are 
comparable with those of gas and liquid media. 
Though frequency shifts are fixed, under normal 
conditions, tuneable operation can be achieved if the 
semiconductor is placed in a magnetic field. Each 
energy level of an electron in the solid is, in fact, split 
into two, depending on the orientation of the electron 
spin with respect to the magnetic field. When there is 
a transition involving Raman scattering, the electron 
spin can change its direction. Then the wavelength of 
the laser can be continuously varied by changing 
the magnetic field applied. Tuning over a range of 
several micrometers in the infrared has been attained 
and spin-flip Raman lasers have been developed with 
semiconductors like InSb, Hgo.77Cdo.23Te, and 
Pbo.ggSno.12Te. Use of this technique is severely 
limited by the need for magnetic field sources. 

The simplest method to achieve tuneable radiation 
is through the use of a material that shows a broad 
Raman linewidth. Inhomogeneous broadening of the 
energy level is a well-known effect that takes place in 
noncrystalline solid media, such as glasses. Though 
line broadening is accompanied by a decrease in the 
steady-state Raman gain of about two orders of 
magnitude with respect to a crystalline medium, this 
disadvantage can be over-compensated by the 
increase in the Raman medium length that can be of 
3 or 4 orders of magnitude. In fact, glasses are 
commonly exploited to make optical waveguides, in 
particular optical fibers, that present very low optical 
absorption coefficients, in the near-infrared part of 
the spectrum (1200-1600 nm). 

Optical fiber Raman lasers based on silica tele- 
communication fibers are very versatile, compact, 
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and simple to implement. In principle the setup is not 
very different from the corresponding external cavity 
or intracavity Raman lasers so far presented; how- 
ever, fiber lasers show the great advantage of an 
integrated, all-fiber technology. 

Cavity mirrors can be replaced by fiber Bragg 
grating reflectors (Figure 7) that can be constructed 
with a very well-defined spectral reflectivity, thus 
allowing fine enhancement or suppression of the 
desired wavelengths. By splicing the Raman fiber, 
which can be several hundred meters long, with the 
gratings, the net losses are very low, finally decreasing 
the pump intensity threshold. The pump threshold for 
first-order Stokes generation can be easily as low as 
200 mW; this means that diode lasers can be used for 
pumping. Moreover, the need for cavity alignment is 
eliminated, the laser stability increased and the 
construction simplified. This simplification allows 
us to build, much more easily than by using bulk 
optics, nested multiple resonant cavities, to generate 
higher-order Stokes beams (Figure 8). 

Continuous-wave lasing of up to six Stokes orders 
has been reported for a fiber Raman laser of this type, 
with a total injected power of about 7 W. Another key 
advantage of Bragg gratings is that their reflectivity 
can be adjusted by means of a piezoelectric stretching 
of the fiber support; this allows one to control the 
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Figure 7 Experimental setup of a continuous-wave, all-fiber, 
Raman oscillator. FBGg; are fiber Bragg gratings highly reflective 
for both the first Stokes wave. 


Pump 
laser 









FBGs,, FBGgo FBGa, 
Optical 
fiber 
FBGsy FBGg, FBGg, 
n Stokes 
beams 





Figure 8 Experimental setup of a continuous-wave, all-fiber, 
nth-order Stokes, Raman oscillator. FBGg| are fiber Bragg 
gratings highly reflective for the ith Stokes wave. 


output intensity of all waves. As previously men- 
tioned, ring cavities can also be constructed by 
exploiting an all-fiber technology, if feedback is 
provided by a fiber directional coupler (Figure 9). 
Pulsed operation of fiber Raman lasers has been 
obtained too; due to the long interaction length, 
Q-switched pump lasers are no longer needed but 
rather mode-locked sources can be used. This means 
that trains of very short laser pulses, down to the 
hundreds of femto-second regime, can be obtained 
from fiber Raman lasers, the limit being represented 
by the Raman bandwidth, which is as large as about 
7 THz, at the half maximum, in silica fibers. 
Propagation of short and intense laser pulses in an 
optical fiber may induce several other nonlinear 
effects, like self-, cross-phase modulation, and four- 
wave mixing. Besides nonlinearity, linear dispersion 
and velocity mismatch become important too, due to 
the long propagation. All these linear and non-linear 
effects limit the Stokes pulse quality. In more detail: 
self- and cross-phase modulations lead to the spectral 
broadening of both pump and Stokes waves; broad- 
ening is asymmetric, because of the contemporary 
action of group velocity mismatch. In fact during the 
propagation the Raman pulse walks off the pump 
pulse, because of velocity mismatch, and this induces 
an asymmetry in gain depletion and in nonlinear 
index modulation. The final outcome is that Stokes 
waves can be asymmetric both in time and in 
frequency, and also highly chirped. Four-wave mixing 
is usually negligible, if phase-matching conditions are 
not imposed and Brillouin scattering is not an issue 
for short pulses. Very symmetric and low chirped 
pulses are attained as soon as the fiber Raman laser is 
working in the soliton regime, that is when compen- 
sation between the dispersion and the nonlinear phase 
shift occurs. Synchronously pumped, fiber Raman, 
soliton lasers are able to provide 200-fs pulses, at 
various wavelengths and with very high conversion 
efficiency (50%). Intracavity fiber Raman lasers have 
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Figure 9 Experimental setup of an all-fiber, ring Raman 
oscillator. 
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also been realized by doping the fiber with neody- 
mium, erbium, or ytterbium ions. 

The extremely broad Raman spectral linewidth of 
the glass allows for broadband tuning of the emitted 
wavelength. For continuous and pulsed wave oper- 
ation the change in the peak Stokes wavelength can be 
attained through an intracavity frequency selective 
element, like for example a prism or a grating. In this 
case tuning is not obtained in an all-fiber configura- 
tion but rather with bulk optical elements and thus 
additional lenses or objective are needed to collimate 
the Stokes wave at the fiber ends. The experimental 
setup is shown in Figure 10. 

The laser can be continuously tuned, over about 
6 THz, by adjusting the prism or grating rotation. 
All-fiber Raman laser tuning is possible in a double 
ring configuration with an inserted optical filter, 


Pump 
laser 
M, L, 


Stokes beam Optical 


fiber 


Tuning 
Pump prism 


beam 
Ma ay 


Figure 10 Experimental setup of a tuneable, fiber Raman 
oscillator. Mirrors M, and Mp are highly reflective for the Stokes 
wave but not for the pump wave. L,; and Lz, are collimating lenses 
or objectives. The tuning prism is rotated to control wavelength 
selection. 
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Figure 11 Experimental setup of a double-ring fiber Raman 
oscillator. OC; and OCz are fiber optic circulators, and TOF is a 
tuneable optical filter. 


whose experimental setup is shown in Figure 11. 
Stokes and pump waves are counterpropagating in 
the Raman fiber; the Stokes wave frequency is 
selected by the tuneable optical filter. 

The devices of Figures 10 and 11 stop emitting 
Stokes radiation for frequencies at which the Raman 
gain has decreased to a level such that laser threshold 
is higher than the pump intensity. Due to the fact that 
Raman gain in fibers is almost constant over about 
3 THz, tuning within this frequency range does not 
lead to any sensible decrease in conversion efficiency. 
For synchronously pumped ring fiber Raman lasers 
another technique, named time dispersion tuning, can 
be used. The experimental setup is shown in 
Figure 12. 

The output fiber end is placed on a moveable 
mount, that controls the relative delay between the 
Stokes pulse and the new pump pulse at the fiber 
input. Since Stokes pulses are dispersed during fiber 
propagation, to each time slot within a pulse there 
corresponds a certain portion of the Stokes spectrum. 
By properly delaying the time of injection of the Stokes 
pulse back into the fiber the most powerful part of the 
pump pulse is overlapped to a different part of the 
Stokes pulse, and this causes a preferred amplification 
of certain frequencies with respect to others. The shift 
of the Stokes peak wavelength AA is given by: 


Al 
= cLD(A) Pl 
where AI is the translation step, c the speed of light, 
L the fiber length, and D(A) the fiber dispersion at the 
Stokes wavelength A. A total tuning range of 10 nm 
can be obtained with this technique that can also be 
used as a test measurement of fiber dispersion. 
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Figure 12 Experimental setup of a time dispersion tuned, ring 
fiber Raman oscillator. L; and Ls are lenses or objectives. The 
output collimating lens Lz and the fiber end are mounted on a 
translation stage to control wavelength selection by time delaying 
the re-entrant Stokes pulse. 
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Applications 


Raman lasers have found a large variety of appli- 
cations. Gas and liquid Raman lasers are fundamen- 
tal tools for spectroscopic investigation. Solid-state 
Raman lasers have been shown to be very powerful, 
eye-safe sources for light detection and ranging 
(LIDAR) and medical applications. Fiber Raman 
lasers are exploited for long-haul fiber optics trans- 
mission. They can be either sources of short pulses 
and solitons or high-power continuous-wave sources 
at multiple wavelengths for subsequent link-distrib- 
uted Raman broadband amplification. 


List of Units and Nomenclature 


Amplification gain [dimensionless] 
Efficiency [dimensionless] 
Energy J] 

Frequency [Hz] 

Intensity [Wm 7] 
Length [m] 

Loss coefficient [m7 *] 

Power [W] 

Raman bandwidth [Hz] 

Raman gain [mW] 
Reflectivity [dimensionless] 
Wavelength [m] 

See also 


Fiber and Guided Wave Optics: Dispersion; Light 
Propagation; Measuring Fiber Characteristics; Nonlinear 
Effects (Basics); Overview. Fiber Gratings. Optical 
Amplifiers: Optical Amplifiers Long-Haul Transmission 
Systems. Imaging: Lidar. Laser-Induced Damage 
of Optical Materials. Nonlinear Optics, Basics: 
Four-Wave Mixing. Magneto-Optics: Interband 


Magnetoabsorption, Cyclotron Resonance, Spin Flip 
Raman Scattering. Nonlinear Optics, Applications: 
Pulse Compression via Nonlinear Optics; Phase Match- 
ing; Self-Focusing and Related Effects (Solitons and 
Multiphoton Absorption). Optical Materials: Optical 
Glasses. Solitons: Temporal Solitons. Scattering: 
Raman Scattering; Stimulated Scattering. Spectroscopy: 
Nonlinear Laser Spectroscopy; Raman Spectroscopy. 
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Introduction 


When an intense beam of light with axial symmetry 
propagates in a medium possessing a nonlinear index 
of refraction, it will induce its own lens in the medium 


and be focused. This phenomenon, first discovered 
just a few years after the invention of the laser, is 
called self-focusing. It is one of many phenomena 
under the general classification of self-action, which 
includes such effects as self-trapping, self-bending, 
self-phase modulation, and self-steepening. This 
general class of phenomena involves action on the 
beam of light induced by the beam itself: light causes 
a change in an optical property of the medium, which 
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in turn produces an effect back on the light beam. We 
will discuss the mechanisms responsible for self- 
focusing in nonlinear optical media and the resultant 
action on the optical beam. In this we will see how the 
topics of self-trapping and self-phase modulation are 
intimately connected to self-focusing. This will lead 
to a discussion of related effects as well as many 
potential applications. 

It is instructive to first review the properties of a 
conventional thin lens, illustrated in Figure 1. By 
‘thin’, we mean that just before and just after the 
lens, the beam size and shape are approximately the 
same. However, the phase of the optical wave is 
changed on passage through the lens. We apply the 
paraxial (aberrationless) approximation where only 
rays that lie near the lens axis are considered. In this 
treatment the spherical surfaces of the lens are 
approximated as parabolic surfaces. For a symmetric 
double-convex lens (as shown in Figure 1), this phase 
change is 








2 
Ag(r) = —k(n Dz = 


ft=m@-H5 [1] 


where 7 is the index of refraction of the lens 
material, and R is the radius of curvature of the lens 
surfaces. The light beam has a wavevector k = a/c, 





Nonlinear self-focusing lens 


Figure 1 Focusing with a conventional lens, a graded-index 
(GRIN) lens, and a nonlinear self-focusing lens. 


where w is the frequency and c the speed of light in a 
vacuum. The phase retardation is a maximum on the 
lens axis (z) and decreases quadratically with the radial 
coordinate r. In other words, the phase advances 
quadratically with distance from the axis and 
forms a spherical, converging wave that comes to 
focus on the z-axis a distance f (the focal length) from 
the lens. 

Next consider a graded-index (GRIN) lens, also 
illustrated in Figure 1. This is a flat slab of material 
with thickness L and an inhomogeneous index of 
refraction given by n(r) = m9(1 — 1/2077’). The index 
has a maximum (70) on the lens axis and decreases 
quadratically with radial distance from the axis. The 
constant a is a measure of the rate of the index change 
with r. Upon passage of light through a GRIN lens, 
the phase change is 


= 2 a = kr 34 _ 2 
Ag(r) = —knya*L 5 oF f na lL [2] 








Because of the parabolic nature of the index 
distribution, the phase retardation again decreases 
quadratically with r and thus forms a converging 
spherical wave. Notice that for both the convention- 
al and GRIN lenses, the optical thickness of the lens 
is parabolic. In the conventional lens the index is 
constant, but the physical thickness varies continu- 
ously. In the GRIN lens, the physical thickness 
remains constant while the index varies continu- 
ously. Both produce the same kind of focusing 
action. 

Finally, consider a flat slab of homogeneous 
material that has a nonlinear index of refraction. 
Light of intensity I induces a change in the refractive 
index given by An = nyI. The parameter 72 is called 
the nonlinear refractive index coefficient and has 
physical units of cm? W'. There are other definitions 
of m given in the literature where the index change is 
given in terms of the square of the electric field, which 
would obviously have different physical units. We 
will adopt the intensity form of 7 in this discussion. 
We now assume the light incident on this slab is a 
plane wave with a Gaussian intensity distribution 
given by I(r) = Ip exp(—2?7/w”) as shown in Figure 1. 
Ip is the peak intensity along the z-axis, and w is the 
radius of the beam at 1/e? of the peak intensity. 
Consistent with the paraxial approximation, we 
expand the exponential function, keeping only the 
first two terms, to yield I(r) ~ Ig(1 — 27°/w7). This 
parabolic approximation to the intensity is sketched 
as the dotted curve in Figure 1. The index distribution 
induced in the medium by the intensity approxi- 
mately follows this parabolic shape, and the resultant 
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phase change is 








2 
Ag(r) = —k4nzIo Lf oik ; 
w* 2 2f [3] 
fo _ AnzIoL 
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Note the similarity to the GRIN lens, with the 
association of the peak index my > Ip, and a? > 
4/w?. We can say that the nonlinear medium acts like 
a GRIN lens with an intensity-dependent focal length. 
However, this correspondence is only accurate within 
the parabolic approximation, and the nonlinear lens 
can introduce significant aberrations to the focal 
properties of the full beam. 

In the paraxial approximation, the conventional, 
GRIN, and nonlinear lenses all have the same effect 
on an incident beam of light. Although we have 
considered only plane parallel incident waves, it 
should be obvious that the GRIN and nonlinear 
lenses will produce analogous effects on converging 
and diverging wavefronts as the conventional lens. 
The effect of a stack of nonlinear lenses in an optical 
train can also be analyzed in the same way as a stack 
of conventional lenses, with the exception that the 
focal length of each lens will depend on the local 
intensity and hence size of the beam. Finally, we note 
that if we change the sign of R, a”, or 12, we obtain a 
negative focal length. This is a diverging lens, and 
in the nonlinear optics realm the effect is called 
self-defocusing. 


Nonlinear Index of Refraction 


The concept of an intensity-dependent refractive 
index has its roots in the power series expression of 
the nonlinear dielectric polarization P in terms of the 
electric field E of the optical wave, which in its 


simplest form is 


P = e9(¥PE + DXF? + DO YE? +--+) 
- &o(x” + D® PE + D® F? +++JE [4] 


where x” (m= 1,2,3...) is called the m-th order 
susceptibility. The quantity D”” is called the degen- 
eracy factor and is 3 for m= 3 in the self-focusing 
case. This leads directly to the definition of a 
nonlinear susceptibility ,(E). All materials have 
first- and third-order susceptibilities. Centrosym- 
metric materials (e.g., gases, liquids, cubic crystals) 
do not possess a second-order susceptibility. Here, we 
will consider only centrosymmetric media and briefly 
discuss second-order materials later. 

The refractive index is n= [1+ x(E)]'”. Conse- 
quently, the linear index (small electric field) is 
ny = (1+ xP)!7. The leading nonlinear term in 
X(E) is generally small. Expanding the square root 
in a binomial series, the first nonlinear term in the 
refractive index can be approximated by 3 E7/2np. 
Since I = 2egnocE’, we see that 


n=Nngyt+ nl [5] 


where 1) = 3y/4eqnic. Third-order (cubic) 
materials that exhibit an intensity-dependent refrac- 
tive index described by eqn [5] are called Kerr or 
Kerr-like. 

Several physical mechanisms produce a refractive 
index of the form given in eqn [5]. A list of the 
significant ones is presented in Table 1. We emphasize 
that these mechanisms lead to eqn [5] over a limited 
range of intensity. For example, in materials where 
the main mechanism is electronic state population 
redistribution, when the incident intensity becomes 
comparable with the saturation intensity, the index 
begins to saturate (i.e., the change of index with 








Table 1 Physical mechanisms responsible for the nonlinear index of refraction 
Mechanism Typical nz (em? W~") Typical sign Typical response time (seconds) 
Electronic polarization ~107 '®—107 "5 + ~10~ "© 
Molecular orientation 
Isotropic liquids ~10° 1-107 "4 + ~10°"? 
Liquid crystals ~10°4-10° + ~10°3-10° 
Electrostriction ~107 18-107? + ~10°° 
Population redistribution 
Atomic vapors (w below resonance) ~107'°-1079 - ~10°§ 
Atomic vapors (w above resonance) ~10°1°-10°9 + ~10°° 
Semiconductors ~10°° + ~10°§ 
Band filling (semiconductors) ~10- 104 + ~10° 8-107” 
Exciton saturation (quantum wells) ~10~* ~10°§ 
Thermal ~10°8 + ~10-4 
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intensity becomes sublinear). The simple expression 
in eqn [5] no longer applies. These types of effects can 
be important and will be discussed later. Finally, we 
mention that other mechanisms exist that produce 
self-focusing related effects, but they are not Kerr-like 
and will be briefly discussed later. 

We learn from Table 1 that values of m2 range over 
several orders of magnitude. High-intensity lasers are 
required to observe the effects of small optical 
nonlinearities. Hence pulsed lasers are often used in 
self-focusing applications. Laser pulse widths can 
generally range from 100s of nanoseconds to 10s of 
femtoseconds. Consequently, one must keep in mind 
the response time of the mechanism/material when 
analyzing experiments. If the pulse width is long 
compared to the response time, a quasi-steady-state 
self-focusing regime results. If the pulse is too short, 
transient effects will appear. Also, as one goes to longer 
response time mechanisms, lower intensities can 
be used. In some cases it is even possible to use cw 
lasers. 


Self-Lensing 


Thin nonlinear media can be employed in self-lensing 
applications, where self-focusing is used to modify 
the far field properties of a beam, just as a 
conventional lens would do, but with effects depen- 
dent on the beam intensity. Gaussian beams are 
usually employed in the paraxial approximation. 

A popular technique employing this effect to 
measure the magnitude and sign of 7 is the Z-scan. 
A typical experiment is illustrated in Figure 2. A thin 
nonlinear medium is scanned axially between a 
focusing lens and an aperture in the far field. Consider 
a material with positive 72. When the sample is close 
to the lens the intensity is too low to induce significant 
self-lensing. As the sample approaches the focal point 
of the lens, the intensity rises and a positive self-lens is 
induced that focuses the beam more strongly. This 
displaces the focus to the left, causing the beam to 
spread out more in the far field and less power to pass 






Scan direction (Z) 


through the aperture. As the sample passes to the 
right of the focal point, the positive self-lens reduces 
the divergence of the beam so that more power is 
passed through the aperture. Near the focal point the 
self-lens is strongest, but a thin lens at this point has 
no effect on the beam passing through the far-field 
aperture. The measured aperture transmittance as a 
function of scan-position Z is sketched in Figure 2. 
The peak and valley of this dispersion-shaped curve 
will be interchanged for a negative 12. For a small 
aperture and fixed power of the laser, the difference 
between the peak and valley transmittance is 
proportional In|. 

The same experimental configuration is also 
popular for measuring small absorption coefficients 
or thermo-optic coefficients (dv/dT <0 for most 
materials). Under steady-state conditions (cw 
beam), the thermal 7 is given by 


at dn 
n= pC dT [6] 


where a is the absorption coefficient, 7 is the thermal 
diffusion time, p is the mass density, and C is the 
specific heat. This technique is extremely sensitive 
and can easily be observed, for example, with a 
~1 mW laser pointer and a 1 cm cuvette filled with 
minute quantities of ink or food coloring dissolved in 
methanol. 

This combination of self-lensing and a hard 
aperture has also been put to use in devices. One 
such device is the optical power limiter. A typical 
configuration is similar to the Z-scan experiment in 
Figure 2, with the sample fixed near the lens focal 
point. Thick media in the focal region have also 
been used. At sufficiently low optical power, the 
medium acts like a flat window. As the input power 
rises, self-lensing sets in and spreads the beam out at 
the aperture, limiting the transmitted power. The 
higher the incident power gets, the more the beam 
spreads. The result is a transmitted power that is 
clamped below a preferred level. Thermal lensing 
has been used for cw beams, while positive Kerr 





Figure 2 A Z-scan experiment. The transmittance through the aperture as a function of the position (Z) of the thin nonlinear medium is 


sketched at the right. 
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self-lensing has been employed for Q-switched 
lasers. 

A less obvious but very important application of 
this configuration is for mode-locking lasers 
(see Figure 3). Mode-locking is a coherent phenom- 
enon that locks the relative phase of multiple 
longitudinal modes in a laser having a broadband 
gain profile. These stabilized modes interfere to form 
a train of short pulses with pulsewidth inversely 
proportional to the gain bandwidth. A common 
technique for passively mode-locking a laser is to 
insert a saturable absorber into the laser cavity. 
A saturable absorber blocks low-power light, keeping 
the round-trip gain below the oscillation threshold, 
but transmits high-power light as the absorption 
coefficient saturates. Thus the mode-locked condition 
is favored for gain and oscillation since the peak 
power of the pulses is high. It turns out that transverse 
spatial modulation, due to self-focusing combined 
with an aperture, can produce the same type of effect 
in a laser cavity. The laser rod acts as both the gain 
medium and nonlinear lens. For example, titanium: 
sapphire (Ti:Al,O3) has m2 =3x10 '®cm* W1. 
Thus, in a Ti:Al,O3 laser the rod produces self- 
lensing that modifies the beam shape propagating 
through an intracavity aperture. The loss due to the 
aperture is intensity dependent, as in the Z-scan. 
Therefore, the net round-trip gain of the cavity is low 
for low-power but high for high-power pulses, and 
the mode-locking condition is fulfilled. These types of 
lasers are called Kerr lens mode-locked (KLM) lasers. 
KLM lasers are generally not self-starting, but can be 
self-sustaining. They, therefore, require some active 
means of starting the mode-locking. Ultrashort pulses 
(<100 fs) have been obtained with a cw KLM 
Ti:Al,O3 laser. For pulsewidths this short, the simple 


High reflector Gain medium Saturable absorber Output coupler 


Absorber prevents 
light oscillation/gain 


quasi-steady-state self-focusing picture is not entirely 
adequate to describe the dynamics. Other factors, 
such as group-velocity dispersion (GVD) and self- 
phase modulation (SPM), must be considered. More- 
over, since the laser rod is typically several millimeters 
long, it is more appropriate to model it as a thick 
rather than a thin nonlinear lens. 


Beam Trapping 


When an intense beam propagates in a thick non- 
linear medium, a question arises as to the ultimate 
fate of the beam. A possibility that has intrigued 
researchers for a long time is diffractionless propa- 
gation of a beam over long distances. In other words, 
self-focusing exactly balances diffraction to force the 
beam into a nonlinear waveguiding mode. This 
phenomenon is called beam trapping or self-trapping. 
A simplified analysis of a uniform beam captures the 
essential physics (see Figure 4). The refractive index 
inside the beam is higher than outside by eqn [5]. 
Therefore, light incident on the ‘interface’ at the edge 
of the beam can experience total internal reflection if 
its angle of incidence exceeds the critical angle, 
dependent on the value of the nonlinear index. If 
the complement of the critical angle matches the 
diffraction angle of the beam, the beam is trapped in 
its own self-induced waveguide. The critical power 
Pz at which this occurs is given in Table 2. The 
condition for beam trapping is independent of beam 
size since both diffraction and self-focusing depend 
on beam area, and these size effects cancel. 

A detailed solution of the wave equation for a 
Gaussian beam using the parabolic approximation 
yields a slightly different critical power P..1, also 
given in Table 2. Numerical analyses of the wave 
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Figure 3 


Laser mode-locking using a saturable absorber (left) and self-lensing in combination with an intracavity aperture (right). 
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You will need to acquire the following components from a local electronics shop or 
an online electronics business. 


| am adding the catalogue numbers for Jaycar Electronics, so if you live in Australia 
or North America, you may be able to visit a Jaycar store and buy the parts over 
the counter, if not then you may be able to do an online mail order via Paypal: 


Parts List 
Resistor - 47k - yellow-purple-black-red and brown - RR 0612 (pkt of 8) 


Capacitor - 68pF - ceramic x 2 - RC 5322 (pkt of 2) and a 100 or 120 pF value as 
well for experiments. 


Inductor - 220 UH - red-red-brown silver - LF 1538 (resistive type) 
Polyvaricon tuning capacitor - 220 pF - RV 5728 - with knob and mounting screws 


Diode - BAT46 - ZR 1141 (You can also use a 1N34A Germanium Diode too if you 
have one at home) 


Ceramic Earphone - AS 3305 * 


A 25 meter roll of yellow hook up wire for the Antenna wire and a 3 meter length of 
wire for the Ground wire. 


Please note that some Jaycar parts come in multiples of 2 or more per packet. And 
please note the following: 
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Figure 4 Self-trapping conditions for a uniform beam of intensity 
! and width 2w in a Kerr medium. 


Table 2 Critical power for beam trapping (collapse) 
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Gaussian beam Poy = 1A 
: ‘ ‘ 2 4imnon, 
(parabolic approximation) a ‘ 
: 1.22 Xr 
Gaussian beam Poo * (1.227)° 
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(‘whole beam’ collapse) 


Townes soliton, lower bound 
for arbitrary beam shape 


Pop ~ 1.86225 —— Z a 
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Arbitrary beam (upper bound)* Pog = Glf]—_—— 


4ingNno 


2G[f] defined in text. 


equation for a whole Gaussian beam have shown for 
incident power such that Py.4 < P< Paz the beam 
comes to a ‘soft’ focus and then diffracts (partial 
beam focusing), but for AP > P..2 the whole beam 
catastrophically collapses (i.e., the beam approaches 
a singularity). Catastrophic self-focusing has been 
observed experimentally, but as the beam collapses 
the intensity becomes so large that additional non- 
linear effects, such as multiphoton absorption and 
stimulated Raman scattering, come into play. These 
effects rob the beam of energy and terminate the 
collapse. At this stage the beam will then spread by 
diffraction. 

A more rigorous analysis of this problem is 
obtained by examining the nonlinear wave equation 
in the slowly varying amplitude approximation 
(propagation along z), but including the transverse 
variation of the wave. If the electric field of the optical 
wave is of the form E(r) = A(t) exp(ikz), where now 
k = ngolc, then the wave equation can be written as 


2k A + Vi A+ 4epmck7lAl’A = 0 [7] 


where the transverse Laplacian V7 is 07/dx7+ 
a’/ay* in rectangular Cartesian coordinates, or 


4°/d77 + (1/r)a/ar in cylindrical coordinates (assum- 
ing azimuthal symmetry). This equation is known as 
the nonlinear Schrédinger equation (NLSE). In 
normalized coordinates = x/w, n= y/w, p= rlw, 
£=2/2kw*, where w is the input beam radius, and 
= 2kw(cegnr)?A, eqn [7] takes the normalized 
form of the NLSE: 





ie +V wt lpr =0 

a? a? av 1a [8] 
Vi=zesatoe 

a? a1 ap” sp: Op 


A waveguiding (i.e., diffractionless) solution of the 
form WZ, p) = exp(iOR(p) exists for eqn [8], where 
R(p) is a solution of 


ViR-R+R°=0, R(0)=0, R(~)=0 [9] 


R(p) is known as the Townes soliton. It has a radial 
profile similar to a Gaussian but differing in fine 
detail. Since the Townes soliton exactly balances 
diffraction and self-focusing, it carries a critical 
power ¥.,7 given by the expression in Table 2. For 
comparison, (1. 22.7)*/8 = 1.83624. Therefore, P..7 
and PY... differ by only about 1%. However, the 
Townes soliton is unstable. An analysis of the 
solutions of the NLSE shows that a beam will not 
catastrophically collapse (i.e., its intensity will not 
blow up) if its power is less than Py. Thus Yr 
forms a lower bound for the critical power. An upper 
bound can also be found from analysis of the NLSE. It 
depends on the input beam profile [yp, 0) o< f(p)] and 
is given as Py3 in Table 2. The quantity G[f] 
characterizes the input beam profile and is given by 


2{ If!’ pdp f IVE? pdp 
J lf pdp 


For example, a Townes soliton, a Gaussian beam, and 
a hyperbolic secant beam yield G = 1.86225, G = 2, 
and G = 1.86257, respectively. Thus, if the beam 
power is such that P..7 = FP S Y.3, the beam may 
collapse, but it will definitely collapse if A > Py3. 
We note that if the input beam is elliptical, with 
ellipticity e = b/a (where a and b are the semi-major 
and semi-minor widths, respectively), then 


1 
a J ren 


This expression is accurate to within 1.5% of 
numerical simulations of the NLSE, and also holds 
well for Gaussian input beams. 

The conclusion is that there is no stable self-trapped 
(2+1)-D beam (two diffracting dimensions, one 


G[f] = [10] 








Pte) = ( : [11] 
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propagating dimension) in a Kerr medium. The beam 
will diffract, blow up in a finite distance, or go 
through a single focusing—defocusing cycle. For an 
incident plane wave, the distance from the input plane 
to the blowup point is (assuming a Gaussian input) 





0.369 mw7/d 
= 12 
PP oa)? — 0.858 a 
where the approximation holds well for 
P>12X Faz. 


Why, then, does self-trapping appear to occur in 
Kerr media? Time integrated photographs show what 
appears to be the formation of a filament, and laser 
damage tracks in solids follow the shape of a self- 
trapped filament. This can be explained in terms of 
the moving focus model. In the quasi-steady-state 
approximation, each time slice of the pulse comes to 
focus independently at different times and positions. 
Figure 5 shows a series of snapshots of a Gaussian 
spatial and temporal pulse (assume axial symmetry), 
where the peak power of the pulse is greater than 
P x2. Slices of the pulse with P > FY... will come toa 
focus at a finite distance z(P), which can be 
approximated by eqn [12]. The time at which that 
focus appears is determined by the time it takes for 
that slice of power F to propagate to the input plane 
(z= 0) plus propagate to z(P). As illustrated in 
Figure 5, slice 1a takes the minimum time to come to 
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a focus. At a later time slices 2a and 2’ come to focus 
simultaneously but at different positions, 2a to the left 
and 2’ to the right of 1a, since A(2a) > A(la) and 
P(2') < P(1a). The solid curves in the left of Figure 5 
are the trajectories of the beam rays showing where 
each slice will come to focus. Slice 2b, having the 
same power as 2a, comes to focus at the same position 
as 2a, but later in time, and so on. The original focus 
thus appears to split in two, with one branch 
propagating forward and the other backward. The 
backward branch comes to a turning point when slice 
4 of maximum power in the pulse center comes to 
focus, then propagates forward as time slices in the 
back part of the pulse come to focus. The motion of 
the foci traces out the U-shaped curve shown to the 
right in Figure 5. The time-integrated picture that 
appears like a filament is thus just the tracks of 
moving foci. 

The question remains, do conditions exist under 
which stable self-trapped beams can form? The 
answer is yes, and these types of beams are called 
spatial solitons. The (1+ 1)-dimensional NLSE 
admits the fundamental spatial soliton solution: 


A(x, z) = Apsech(x/w) exp(iz/2kw”) 
1 [13] 
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Figure 5 Moving focus model of apparent filament formation by quasi-steady-state self-focusing of a pulsed Gaussian beam. The 
series of snapshots on the left illustrate when and where different time slices of the pulse come to focus. The tracks of moving foci trace 


out the curve shown on the right. 
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The wave given by eqn [13] propagates along z witha 
constant width w along the x-axis. Such a (1 + 1)-D 
soliton can be formed in a slab waveguide, as 
illustrated in Figure 6, consisting of a nonlinear thin 
film deposited on a linear slab, where the wave is 
confined along y but can diffract along x. These types 
of solitons have been confirmed experimentally and 
shown to be quite robust. They are stable against 
perturbations and propagate as a self-induced wave- 
guide. Since a soliton changes the refractive index 
where it propagates, it can also attract and guide 
other beams. The interactions or ‘collisions’ of 
solitons are an active area of current research. 
Intriguing potential applications include all-optical 
reconfigurable interconnects for telecommunications 
and optical computing based on the properties of 
soliton collisions. 

Although (2+ 1)-D spatial solitons are not 
stable in ideal Kerr media, they can be in Kerr- 
like media with a saturating nonlinearity. For 
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Figure 6 Spatial soliton propagation in a nonlinear slab 
waveguide. 
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example, a two-level saturable absorber (e.g., an 
atomic vapor) at a wavelength tuned above the 
natural absorption frequency will exhibit a positive 
Kerr-like response at low intensity (I< I,,), but 
then saturates as (1+ I/I,,,) ' for I ~ I, or larger, 
where I,,, is the saturation intensity. This can form 
a stable trapped beam, as was first reported in 
1974 for a cw laser in Na vapor, because as the 
beam self-focuses and the intensity rises, the 
nonlinear index levels off asymptotically until a 
balance between diffraction and focusing is 
reached. This type of situation is stable against 
perturbations, but may undergo almost periodic 
focusing—defocusing cycles. 

Spatial solitons employing mechanisms other than 
the Kerr nonlinearity are also being vigorously 
studied. One of these is the photorefractive effect. 
An illustration of the generation of a slab soliton is 
shown in Figure 7. A Gaussian beam is focused to a 
line (e.g., by a cylindrical lens) and propagated as an 
extraordinary wave along the optic (z) axis of a 
uniaxial photorefractive crystal. A dc electric field is 
also applied along z. Charge carriers are generated in 
the slab beam by photo-ionization of dopant atoms 
and drift in the dc field. The lower resistivity in 
this region causes the voltage drop to be smaller 
and hence the field to be lower. The field induces a 
refractive index change by the Pockels effect 
(An = —nlregE\/2, where reg is the effective 
Pockels coefficient and no is the background index). 
The index change is negative, but is reduced in 
magnitude where the field is lower. The index 
change depends on the local intensity, and the 
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Figure 7 Mechanism of slab soliton formation in a photorefractive material. 
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photorefractive mechanism produces an effective 
saturable self-focusing nonlinearity. (There are a 
limited number of charge carriers, and the field 
cannot be reduced below zero.) This produces a 
waveguide that traps the slab beam, which then 
propagates without spreading. Thus the photorefrac- 
tive soliton is stable. This effect can be observed with 
milliwatt-level cw lasers, but the space-charge field 
takes time to build up to a steady state (typically of 
the order of seconds). Needle (circularly symmetric) 
solitons have also been observed by launching a 
TEMop Gaussian beam in a photorefractive crystal, 
but the theoretical description is not as simple. Other 
types of spatial solitons and other mechanisms have 
been explored using the photorefractive and photo- 
voltaic effects. The reader is referred to the literature 
for a more in-depth discussion. 

Another mechanism useful for soliton formation 
is cascaded second-order (quadratic) effects. This 
includes such phenomena as second-harmonic 
generation (SHG) and other frequency conversion 
processes. Consider SHG with imperfect phase 
matching. (The reader is referred to other articles 
discussing harmonic generation and phase match- 
ing.) A fundamental (F) wave generates its second 
harmonic (SH), but because of dispersion n(w), 
the two waves travel at different phase velocities. 
The SH(2@) beats with the F(w) wave to generate, 
via the second-order nonlinear polarization, 
another wave at w that adds to the incident F 
wave. This produces a net phase shift of the F wave 
that accumulates continuously as the waves propa- 
gate together and periodically exchange power; this 
is called cascading. In the nondepleted pump 
approximation, this phase accumulation can be 
expressed as 





where a is an effective second-order susceptibility 
(dependent on crystal symmetry, polarization vectors, 
and propagation direction), Ak = 2k(w) — k(2w) 
is the phase mismatch, I is the intensity of the F 
wave, and mg is the approximate refractive index 
for both F and SH waves. Although not due to a 
refractive index change, this phase change produces 
a self-focusing effect for a bell-shaped intensity. 
For a small enough pump intensity or sufficiently 
large phase mismatch, an equivalent m2 can be 


approximated by 


(2))2 
AN ete 


—- 1 
ie 2egnic’Ak eo 


Note that the sign of 2 depends on the sign of Ak. 
For I ~ (Ak/2«)* or larger, eqn [15] is not valid and 
eqn [14] must be used. Note that the equivalent index 
change is then sublinear with respect to I, and soliton 
formation is stable. When pump depletion cannot be 
ignored, the F and SH coupled-wave equations must 
be solved numerically to analyze soliton dynamics. 
Figure 8 illustrates the difference between a beam 
diffracting normally and a diffractionless quadratic 
soliton. When an F beam is launched in a nonlinear 
medium, it does not immediately form a soliton, but 
evolves into one, shedding some energy in the process. 
Note that this soliton does not consist of a single 
frequency beam, but depends on the nonlinear 
coupling between the w- and 2w-waves that continu- 
ously exchange energy as the beams propagate. 
For this reason, these solitons are called simultons. 


Self-Focusing in Space-Time 


The moving focus model describing the self-focusing 
of optical pulses becomes inadequate when dispersion 
effects must be included. This is true in the case of 
ultrashort pulses (typically ~100 fs or less). To 
properly describe the propagation of a pulse with 
group velocity v,, eqn [7] must be modified by 
dA/dz— [0/dz + (1/v,)0/0t]A. In addition, to include 
the effects of GVD, a term —k,k(d7A/dt*) is added, 
where k) =(d*k/dw*) is the GVD coefficient. For 
anomalous GVD, k» < 0. Taking this to be the case 
and defining another normalized coordinate T= 
(t—z/vg)/ (Ika|k)'"w, the normalized NLSE (eqn [8]) 
becomes 


a 2 2 2: 
ts (2 a a 


x4 oe lyi?w=0 [16] 





Note the complete symmetry in eqn [16] between the 
transverse space (é, 7) and time (7) variables. There is 
thus a correlation between diffraction (space) and 
dispersion (time). The corresponding phenomenon 
to self-focusing is self-phase modulation (SPM). This 
effect denotes the additional phase retardation 
experienced by a pulse in a Kerr medium due to its 
time-dependent intensity: Ag(t) = —(@/c)n7I(£)z, 
where wo is the center (carrier) frequency of the 
pulse. SPM produces new frequencies (dg/dt) that 
are red-shifted on the leading edge of the pulse and 
blue-shifted on the trailing edge. The frequency shifts 
in a self-focused filament can be quite sizeable and 
create a large continuum (a white light pulse) that 
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Figure 8 Comparison of normal beam propagation to simulton propagation in a quadratic nonlinear medium. In a simulton, the F and 
SH waves periodically exchange energy as they co-propagate in the medium. 


can be used for ultrafast spectroscopy. In a medium 
with normal GVD the pulse spreads in time because 
blue frequencies in the trailing edge travel slower 
than red frequencies in the leading edge. However, 
for anomalous GVD the opposite is true, and the 
pulse can ‘focus’ or collapse in time. 

The simultaneous spatiotemporal collapse of a 
beam of ultrashort pulses leads to the consideration 
of (3+1)-D soliton generation, where the third 
‘transverse’ dimension is time. While the NLSE 
leads to unstable solitons for transverse dimensions 
>1, a saturating nonlinearity could possibly bound 
the collapse and lead to the formation of stable, 
diffractionless, dispersionless pulses. These types of 
pulses are called light bullets. Light bullets have a 
particle-like nature and display many interesting, 
exotic properties that could lead to ultrafast 
switching rates for optical digital logic systems in 
telecommunications and computing. 

The saturable nature of self-focusing in quadratic 
nonlinear media makes them natural candidates in 
the search for light bullets, and (2 + 1)-D spatiotem- 
poral simultons have been observed in crystals of 
lithium iodate. The drawback of ultrashort pulse 
simulton generation in quadratic media is the added 
complications of requiring anomalous GVD at both w 
and 2a, and dealing with the effects of group-velocity 
mismatch (GVM). The phenomenon of GVM 
involves the different group velocities of the F and 
SH pulses, which makes them walk away from one 


another. Without the physical overlap of these two 
pulses, the simulton will cease to exist. By tilting the 
amplitude front of the pulses with respect to their 
phase fronts, it is possible (over a limited distance) to 
compensate pulse walkoff due to GVM with spatial 
walkoff due to the birefringence of the quadratic 
medium. Accomplishing this, however, requires the 
beam to be in the form of a narrow stripe, and the 
propagation distance over which pulse overlap is 
good is greater for a longer stripe. This can be 
achieved by focusing a beam onto the medium with a 
cylindrical lens. The simulton then propagates 
without a change of width temporally or spatially 
(in 1-D). This is not a light bullet, however, because 
the confinement is not in all three dimensions. 

The elliptic nature of the diffraction—dispersion 
operator in eqn [16] makes pulse collapse a possibility 
in nonlinear media with anomalous GVD. With 
normal GVD, the operator is hyperbolic. For such a 
medium, it has been predicted and observed that 
instead of collapsing, a self-focused pulse in a Kerr 
medium will split in time. Since the red-shifted 
frequencies generated at the front of the pulse travel 
faster than the blue-shifted frequencies produced at 
the back, the front of the pulse separates from the back 
part. Collapse of the pulse, as well as self-trapping, is 
not favored under conditions of pulse splitting. 

Given this property of the NLSE, it is somewhat 
surprising that the reportedly first observation of light 
bullets was in a quadratic medium with normal GVD. 
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Focusing a beam of Gaussian profile in both space 
and time near the entrance to a lithium triborate 
crystal under the condition of a large positive phase 
mismatch, the pulses propagated without spread 
temporally or spatially (2D) over a distance 
~20mm (the length of the crystal). However, the 
pulse did not retain its shape, but evolved into a 
so-called ‘X-wave’, or X-shaped soliton. A generic 
X-shaped soliton (or, strictly speaking, simulton) is 
shown in Figure 9. The pulse has a conical (clepsydra, 
or hourglass-shaped) 3D structure with a central 
hump and slowly decaying conical tails. Interestingly, 
an X-shaped pulse has been shown to propagate 
without spreading in a linear optical medium 
exhibiting normal GVD. But such a pulse must be 
specially contrived at the input and may be impossible 
in many cases. In a quadratic nonlinear medium with 
normal GVD, the X-shaped light bullet appears to 
form spontaneously. The physics of this evolution lies 
buried in the coupled wave equations for the 
fundamental and second harmonic. In the strong 
phase-mismatched SHG process, weak perturbations 
in the waves at specific spatial and temporal 
frequencies can grow exponentially. The hyperbolic 
nature of the diffraction—dispersion operator with 
normal GVD leads to amplification of conical wave 
perturbations with frequencies approaching that of the 
X-wave. This amplification of the proper frequency 
components acts as a trigger that drives the evolution 
of the Gaussian spatiotemporal input pulse into the 
X-wave. This basic shape has been confirmed in 
experiments that outline the spatiotemporal intensity 
profile of the pulse exiting the rear of the crystal. 
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Figure 9 Generic shape of an X-wave light bullet as a function 


of space and retarded time (t — Z/vg) coordinates. The light bullet 


has radial symmetry. 


Other Related Effects (Multiphoton 
Nonlinearities) 


At this point we should note that the susceptibility 
is frequency dependent. Optical waves couple 
principally to bound electrons, which can only 
occupy discrete energy levels. When the photon 
energy fiw is nearly resonant with a difference 
between these energy levels, the dielectric response 
of the medium is enhanced. This well-known 
property of linear optics, accounting for absorption 
of light as well as normal and anomalous dis- 
persion, is also applicable in nonlinear optics. The 
third-order susceptibility is actually a complex 
number. A sketch of its real and imaginary parts is 
given in Figure 10, the real part relating to m. The 
imaginary part is associated with optical loss, if 
positive, or gain when it is negative. In the present 
case the frequency dependence of the susceptibility 
displays a resonance (i.e., peak of the imaginary 
part) at a frequency w = 29. Referring to Figure 10, 
when the optical frequency is significantly less than 
wo, the imaginary part of y is small compared to 
the real part and nonlinear refraction dominates. 
However, when the frequency is comparable to wo, 
the resonance at 29 plays a major role. The real 
part of y® is resonantly enhanced, but the 
imaginary part signifies loss: two photons are 
simultaneously absorbed. This is called two-photon 
absorption (2PA). The intensity-dependent absorp- 
tion loss per unit length is given by ajI, where ay is 
called the two-photon absorption coefficient (often 
designated by B) and has physical units of cm W'. 
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Figure 10 Sketch of the real and imaginary parts of the 
frequency-dependent third-order susceptibility © illustrating a 
two-photon resonance. 
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In many materials at a variety of optical frequen- 
cies, 2PA will naturally accompany self-focusing. 
Since these two phenomena are both intensity 
dependent, while one decreases the intensity and the 
other increases it, there is an obvious interplay 
between the two. We illustrate the effect of 2PA in 
Figure 11 by comparison of the phase retardance of a 
Gaussian beam (in the parabolic approximation) with 
and without 2PA in a ‘thin’ medium, for which the 
size of an optical beam is nearly constant (diffraction 
ignored). Obviously, Ag(r) does not reproduce the 
parabolic shape when strong 2PA is present. Actually, 
it is possible to have multiphoton absorption (MPA) 
of m photons with corresponding coefficient a,, 
(related to ~’”). The effects of 3PA and 4PA are 
also shown in Figure 11. 2PA, or more generally 
MPA, distorts the phase and modifies the focusing 
properties of the beam. This shows up in the Z-scan, 
for example, as a distortion of the dispersion-like 
transmittance curve: the valley is deeper and the peak 
is suppressed. 

The reason for this phase distortion is that 
nonlinear absorption changes the shape of the beam: 
absorption is stronger where the intensity is higher. 
For MPA, the intensity at position zin a thin medium is 


I(r, 0) 


I(r,z) = 
[1 +(m — 1a,,1”"~"(r, O)z 





‘le [17] 


The other obvious effect of MPA is that it reduces the 
strength of self-focusing since it robs power from the 
beam. The interplay of the two effects shows up more 
in thick media where the beam can diffract and change 
size. When self-focusing is dominant at the front of the 
medium, the intensity will start to blow up as the beam 





+ _ 1 w—> 


collapses, but the intensity becomes so large that MPA 
becomes much stronger. This robs energy from the 
beam and can stop or reverse the collapse. When MPA 
is dominant at the start, the beam will still self-focus, 
but MPA flattens the beam in the center causing the 
edges of the beam to experience dramatic diffraction 
effects; for example, a ring structure can develop. 
The intensity of a self-focused filament can be quite 
high. At a level ~10'! W cm ” or higher, it is possible 
for MPA to lead to multiphoton ionization (MPI) of 
the medium. This is illustrated in Figure 12 where the 
absorption of m photons promotes an electron 
from the ground state to the continuum in a gas, 
or from the valence band to the conduction band in 
a solid. The ionization rate is o,,I’”, where m depends 
on the optical frequency and the ionization potential 
of the material. For example, at a wavelength of 
810nm, m= 11 for nitrogen and o,, = 5.08 x 
107'*4 s~! cm”? W7!!. We note that for intensities 
larger than ~10'* W cm %, the dominant ionization 
mechanism is tunneling, where a ‘quivering’ electron 
has sufficient energy to tunnel through the coulombic 
barrier. MPI can create a plasma whose optical 
properties depend on the density of free electrons. 
The refractive index of the plasma is nonuniform, and 
for @ > w, = (Ne7/eqm,)'””, the plasma frequency is 
<1; N,, e, and m, are the electron density, charge, and 
mass, respectively. Hence, plasma formation leads to 
defocusing. Consequently, self-focusing in air (which 
has a positive 72) can lead to plasma formation by 
MPI, and the resultant defocusing can stabilize the 
formation of a self-trapped filament of light propa- 
gating over a distance of meters. These filaments have 
been called ‘gas-induced solitons’. High peak power 
femtosecond pulses are typically used to generate 
these. The pulse width is short compared to the mean 
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Figure 11 The effects of two-, three-, and four-photon absorption on the intensity-induced phase retardation due to a Kerr self- 
focusing nonlinearity. The radial dependence of Ag on MPA in the parabolic approximation is shown on the left, and the peak of Apas a 
function of nonlinear absorption loss is plotted on the right. 
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Figure 12 Multiphoton ionization in a gas (left) and a solid (right). 


collision time of molecules, and the energy is low so 
that plasma heating is negligible. 

The electron density in plasmas induced by MPI in 
gases is typically low enough that absorption by free 
electrons can be ignored. This is generally not the case 
in solids. MPI can provide enough ‘seed’ electrons to 
induce avalanche ionization. As illustrated in 
Figure 12, impurities may also supply these seed 
electrons by thermal ionization if they lie within an 
energy ~kpT of the conduction band (kg is the 
Boltzmann constant and T is the temperature). Free 
electrons can absorb electromagnetic energy while 
colliding with ions or atoms (a process called inverse 
bremsstrauhlung) and accelerate in a high-intensity 
field. They strip electrons from other atoms or 
molecules by impact ionization. The process multi- 
plies free electrons and avalanche ionization ensues. 
A plasma forms, absorbs more energy and expands, 
developing a shock wave that can lead to a permanent 
crack in the solid. This phenomenon is called optical 
breakdown. Typically observed with nanosecond and 
picosecond pulses, permanent laser damage of the 
material also robs energy from the beam and 
generally terminates the collapse of a self-focused 
beam. When the electron density is sufficiently high so 
that w, > @, the plasma absorbs and scatters light, a 
process that can be put to use in optical power 
limiters. 

Many additional nonlinear phenomena play 
important roles when the intensity of a self-focused 
beam gets this large (e.g., stimulated Raman scatter- 
ing, stimulated Brillouin scattering, etc.). The reader 
is referred to the literature on nonlinear optics for 
more in-depth discussions of these effects. 


List of Units and Nomenclature 


[W] 
[Vm ‘] 


Critical power 
Electric field 


Conduction band 


Tr [ket 


Impurity level 





Valence band 


solid 


Four-photon absorption [cem? W >] 
coefficient 
Intensity [W cm? 


Multiphoton (-photon) 
absorption coefficient 

Multiphoton (-photon) 
ionization rate coefficient 


Nonlinear refractive index [om? W 1] 
coefficient 

Pockels coefficient [m V+] 

Second-order susceptibility [mV ‘] 

Third-order susceptibility [m? V7] 

Three-photon absorption [cm? W 7] 
coefficient 

Two-photon absorption [cm W*] 
coefficient 

Vacuum permittivity [CV 'm‘] 
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Introduction 


Nonlinear optical three-dimensional microfabrica- 
tion (3DM) is a photolithographic technique that 
enables topologically complex 3D microstructures 
with feature size as small as 1m or less to be 
generated in a single exposure step by nonlinear 
photopatterning in a material. In the broadest 
context, 3DM encompasses schemes based on 
single-beam serial patterning and parallel patterning 
achieved by multiple-beam interference exposure. In 
both cases, the photopatterning is initiated by 
coherent multiphoton excitation (MPE). The 
material may be a glass, a polymerizable resin, or 
even a heterogeneous composite, such as a resin 
containing dispersed nano-particles. The limiting 
resolution, or the dimensions of the smallest feature 
that can be generated, is determined by the optical 
parameters of the excitation geometry and the 
physical and chemical response of the material 
to MPE. 

3DM offers great promise as a tool for generating 
complex microdevices, such as micro-electromecha- 
nical systems (MEMS), microfluidics, and micro- 
optical components. New frontiers in the technology 
of microdevices require that complex 3D structures 
can be produced in one or more materials that are 
optimized for a target application in terms of 
physical, chemical, and mechanical properties. 
Rapid and versatile fabrication is also essential. 


Extensive work has been done with conventional 
photolithography or electron-beam lithography, and 
more recently using soft-lithography approaches, 
such as microcontact printing. 3DM provides a new 
set of tools that overcomes some of the limitations 
inherent to other methods. 


Single-Beam Three-Dimensional 
Microfabrication 


3D Confinement 


The simplest form of 3DM involves patterning a 
microstructure within a material using a single tightly 
focused laser beam that can activate the medium or 
one of its constituents by two-photon excitation 
(TPE) (Figure 1). The TPE initiates a photochemical 
or photophysical process (e.g., a polymerization 
reaction or a phase change) within the focal volume 
and results in an irreversible change in the material. 
The pattern of the target structure is impressed point 
by point as the focus is translated within the volume 
of the material. For some applications the final 3D 
microstructure is obtained when the unexposed 
material surrounding the photopatterned regions is 
removed. In the first report of this type of 3DM in 
1990 two-photon-induced polymerization (TPIP) of 
an acrylate resin was used to fabricate free-standing 
3D micron-scale letters on a substrate (Figure 2). The 
unexposed material does not have to be removed in a 
post-exposure process when the target structure 
consists of the phototransformed material supported 
within the matrix of the unexposed media, as in the 
case of 3DM of waveguide circuits embedded within 
a host slab. 

3DM is possible because, under tight focusing, TPE 
and the subsequent material transformation are 
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1. TPE patterning 








Substrate 


2. Development 





3. Completed structure 


[Substrate 


Figure 1 General scheme for single-beam 3DM based on TPE. (1. TPE patterning): The 3DM medium is supported on a substrate 
and translated in 3D-space relative to a tightly focused laser beam. The laser transforms the material only in the region around the focal 
point through a photochemical or photophysical process initiated by TPE. (2. Development): In cases where the final structure is needed 
free from the unexposed material, the sample is treated with a ‘developer’ that removes the unexposed material, for example by 
dissolving it in a solvent. (3. Completed structure): Following removal of the unexposed material, the final 3D structure is obtained 


free-standing on the substrate. 





Figure 2 Scanning electron micrograph of a structure obtained 
by TPIP-3DM in an acrylate-ester resin. The excitation wavelength 
was 630 nm. The voxel dwell time was 10 ms along the letters. The 
thin filaments connecting some of the letters are approximately 
100 nm wide. Reproduced from Strickler JH and Webb WW (1990) 
Two-photon excitation in laser scanning fluorscence microscopy. 
Proceedings of the Society of Photo-Optical Instrumentation 
Engineers 1398: 107-118. Copyright (1990), with permission 
of SPIE. 


confined at the focus within a volume of ~ (A/no)?, 
where A and mp are the vacuum wavelength of the 
exciting radiation and the refractive index of the 
material, respectively. Degenerate TPE is a resonant 
third-order nonlinear optical process in which a 
species is promoted to an excited electronic state by 
the simultaneous absorption of two photons of equal 
energy. Relative to conventional one-photon exci- 
tation (OPE), TPE is typically achieved using longer- 
wavelength radiation (often red or near infrared), for 
which the combined energy of two photons is 
sufficient to promote the species into one of its 
lower lying excited electronic states (Figure 3, left). 
The rate of TPE, that is the number of species excited 
per unit volume and time, R»,,,, is proportional to the 
square of the intensity, J. For a focused Gaussian 
beam, the on-axis intensity attains its maximum, Io, 
at the focus and decreases with distance from the 


focal plane, z, approximately as Iz 7. For a 


focused Gaussian beam, the on-axis intensity is 
given by I = Ip/[1 + (z/zp)"], where zp is the Rayleigh 
range of the focused wavefront. Thus, I « z~? in the 
limit of z>> zp. Consequently, the excitation rate 
decreases as R>),, < 2 *. Similarly, the excitation rate 
decreases rapidly away from the propagation axis. 
This results in a region of high excitation, and thus 
material transformation, that is tightly confined both 
laterally and longitudinally in space about the focal 
point (Figure 3, right). This situation may be 
contrasted with that for OPE, for which the 
excitation rate, Rj,,, is linearly proportional to I, so 
Ry, 2% ~. The weaker dependence of Ry, on z 
results in material being excited appreciably through- 
out the irradiation volume, with less longitudinal 
confinement at the focus than is achieved under TPE. 
Similar arguments can be used to describe 3DM 
involving higher-order excitation, for which the 
excitation is confined to an even smaller volume for 
a given A. 

The rate for molecular -photon excitation, R,,,,, 
represents the average number of molecules that are 
excited per unit volume per unit time and is given by 


oa” NI” [1] 





Ray = n(hv)" 


where 7 is the order of the excitation process, 
h is Planck’s constant, v is the frequency of the 
exciting radiation, o” is a molecular n-photon 
absorption cross-section, which has units of 
[cm*” s”~! photon” '"~")], N is the number density 
of the photo-excitable species [em *], and I is the 
intensity [W cm 7]. The factor of 1/n accounts for the 
fact that 2 photons must be absorbed to promote a 


single molecule to an excited state. Note that o™ is a 


PLEASE NOTE: THIS PROJECT/KIT CONTAINS SMALL PARTS THAT MAY 
FORM A CHOKING HAZARD FOR SMALL CHILDREN OR PETS. NOT SUITABLE 
FOR CHILDREN UNDER FIVE (5) YEARS OLD. 


*A normal crystal radio earphone is OK, but if you can't get one of these, or if the 
one you bought goes dead (as they sometimes do,) you can use a substitute, such 
as the Murata PKM44EW passive transducer (see picture above) which is available 
from an old Telstra TF200 touchphone, (the one on the left in the diagram above, ) 
or an equivalent, such as the ARIO transducer, from an old Telstra T1000 
pushbutton phone. 


The ARIO unit is soldered to the phone's pc board so you'll need to be able to 
unsolder the three mounting pins underneath the board, or find someone in the 
neighbourhood who is able. 


Take the back off the TF200 (if you've obtained one of these phones,) and you'll 
see a black disc shaped object 2" round by 1/2' thick - with a red and black wire. 
Unplug the wires from the circuit board, and unscrew any retaining screws and 
remove the transducer. Cut the mini plug off, carefully strip the insulation from the 
ends of the wires and extend them by about 18" with 2 thin lengths of hookup wire. 
These pietzo devices make good earphones for crystal sets and can be housed in 
an old pair of ear muffs. 


Miscellaneous Materials: 
A Tic Tac box (smaller size) 


A piece of matrix board at least 7 holes long by 8 holes across. Cut the board to fit 
neatly inside the Tic Tac box. 


A short length of 2 differently coloured wires 60 mm in length and 2 crocodile clips 
with red and black plastic covers 
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(Left) Jablonski representation of electronic one- and two-photon excitation (OPE and TPE, respectively). (Right) Illustration 


of a3DM medium undergoing OPE and TPE using focused short- (black) and long-wavelength (dark gray) radiation, respectively. The 
regions that are appreciably excited are shown in light gray. Under OPE the medium is excited throughout the length of the interaction 
volume. Under TPE the excitation is confined in three dimensions to a small region around the focal point. 


molecular parameter that is independent of the 
intensity. The molecular cross-sections for OPE and 
TPE, o) and o™, are respectively equivalent to the 
parameters o and 6 that are commonly encountered 
in the literature. 

For MPE to occur, the intensity must be sufficiently 
large that there is a high probability of more than 
one photon arriving simultaneously at the species 
to be excited. Typical magnitudes of the OPE and 
TPE cross-sections are o ~10°'7cm* and 
o? = 10-47 cm*s photon” ', and under conven- 
tional excitation conditions, R2;, << R4,,. To achieve 
R2hv ~ Ribp, I ~ 2hvo/o is required. For the 
cross-sections given above, this condition corre- 
sponds to I ~ 500 GWcm~” at A= 800 nm. Such 
peak powers can be achieved by focusing ultra-short 
laser pulses, so mode-locked femtosecond- or pico- 
second-pulse lasers are generally used for 3DM. Tight 
focusing in 3DM is desirable then, not only to provide 
a means for 3D confinement, but also to increase the 
intensity to a level that R,,),,, becomes large enough to 
produce a significant material change. 


Opto-Mechanical Implementation 


One method for implementing single-beam 3DM is 
illustrated in Figure 4. An excitation laser beam is 
directed onto a high numerical aperture (NA) 
objective. A beamsplitter, detector, attenuator, and 
shutter are placed upstream of the objective to 
measure and control the average power at the sample, 
(P). A substrate is coated with the photo-active 


medium and attached to a 3-axis nano/micro- 
positioner under the objective. The interior of 
the photo-active material is patterned during the 
exposure by translating the sample relative to the 
focus of the laser beam and shuttering the beam as 
needed. The process is automated as a computer 
controls the sample translation coordinates and the 
exposure conditions for each volume element (voxel). 
This configuration is well suited for patterning solid 
or semi-solid photo-media. An index-matching fluid 
must be used with high-NA objectives to achieve the 
smallest focal spot size. If the photo-medium is a 
liquid, a coverslip or other thin transparent barrier 
must be placed between the index matching fluid and 
the photomedium so that the latter does not become 
contaminated. 

Alternatively, an inverted configuration may be 
used. Here, the laser is focused through the substrate 
into the medium. The objective and the index 
matching fluid are kept out of contact with the 
medium by the substrate. In this case, the maximum 
depth that can be patterned is limited by at least two 
conditions: (i) The working distance of high-NA 
objectives is small, often no more than 200 pm, so 
the substrate must be kept thin (~100 wm); and (ii) 
unless the viscosity of the medium is very high, 
patterning must begin at the medium/substrate 
interface and proceed layer by layer away from it, 
so that the structure remains anchored to the 
substrate. This could be disadvantageous, as the 
change in refractive index in the previously 
patterned layers could alter the intensity distribution 
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Beamsplitter 







Figure 4 Optomechanical setup for single-beam 3DM. 


at the focus. In all configurations, it is best to 
minimize the number of optical interfaces to main- 
tain the quality of the focus. 

A scanning confocal microscope system provides a 
convenient platform for single-beam 3DM. The 
nano/micro-positioner can be mounted directly on 
the sample stage of the microscope, and the optical 
components of the confocal system can be used 
directly for 3DM. The confocal system also enables 
the medium and the structure to be imaged in situ, 
using confocal reflectance or fluorescence imaging. If 
the material is fluorescent under MPE, a 3D image 
can be obtained by scanning multiphoton fluor- 
escence microscopy. These imaging modes facilitate 
3DM by providing a means for locating the focus at 
an absolute position within the photo-active medium. 

3DM can also be realized by moving the focused 
beam relative to a fixed sample. One convenient 
implementation utilizes galvanometer-driven mirrors 
to scan the beam in planes parallel to the substrate 
(xy-plane). Motion in the z-direction is accomplished 
by raising and lowering the objective relative to the 
substrate. A galvo-based system typically enables 
faster fabrication, but may not afford motion as 
precise as that obtained using a multi-axis nano- 
positioner. 


Excitation Sources 


The most commonly used and arguably the most 
convenient and reliable laser for 3DM is the 
continuous-wave (CW) mode-locked titanium sap- 
phire (Ti:S) laser. Ti:S lasers routinely produce 
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3DM medium 
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» 3-axis 
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sub-100 fs pulses at high repetition rates 
(~80 MHz) with single-pulse energies, E,, of ~1 nJ. 
The Ti:S laser emission spans the range of 700- 
1050 nm, making it particularly well suited for two- 
and three-photon excitation. (P) can be as high as 
several watts at the peak of the gain curve 
(A ~ 800 nm) with high pulse-to-pulse and time- 
averaged stability (RMS ~ 1%). Such systems may 
also produce a nearly Gaussian TEMgg mode, which 
is helpful in achieving the tightest focus in the 
material. Note that focusing a 1 nJ, 100 fs pulse to 
a 1 um-radius spot generates a focused average peak 
intensity of 320 GW cm ~, as is needed to achieve 
photo-excitation rates of Ryp, ~ Ryp,. 

For higher peak powers, amplified femtosecond 
(AFS) lasers can be used for 3DM. These systems can 
produce ~100 fs pulses with E, ~ 1 mJ or higher at 
repetition rates of 1-100 kHz. Given that a continu- 
ous microfabricated structure should be generated 
from partly overlapping voxels, a low repetition rate 
reduces the speed with which the laser beam may be 
scanned within the material. An AFS laser can be used 
to pump an optical parametric generator to extend 
the output wavelength range. 

Recently, some researchers have turned their atten- 
tion toward identifying compact solid-state turn-key 
lasers for 3DM that could be more convenient 
and cheaper alternatives to the complex systems 
described above. A commercial Nd:YAG microlaser 
(A= 1064 nm, E, = 5.4 uJ, 7 = 640 ps, 13.6 kHz) 
and a mode-locked erbium-doped fiber laser 
(A= 780nm, Ey ~0.5nJ, 7 =100fs, 50 MHz) 
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have both been shown to be satisfactory for 3DM in 
certain acrylate-based media. 


Material Systems 


Structural Materials 


The most widely used materials for 3DM are based on 
acrylates that are patterned by multiphoton induced 
polymerization. The process begins when an initiator 
chromophore C is excited by n-photon absorption to 
C’, with an efficiency specified by the x-photon cross- 
section «”, C* then generates an initiating radical I. 
Acrylate monomers (M) can react with I- and undergo 
a free-radical chain reaction that leads to high 
molecular weight polymer. With sufficient exposure, 
the starting material is converted to less soluble 
high-molecular weight polymer chains or densely 
cross-linked polymer networks. The photo-patterned 
structure can then be ‘developed’ by immersing the 
sample into a solvent that removes the unexposed 
material, leaving behind a free-standing structure that 
is a replica of the photopattern. 

Photo-polymerization starts when the MPE 
exposure generates enough I- to react with and 
consume all of the inhibitor in the local volume at 
point 7 within a homogeneous medium. In this 
discussion we assume that the local concentration of 
inhibitors is not changed by diffusion on the exposure 
timescale. The total number of I- generated during an 
exposure at 7 per unit volume, N,.(7,1f), is obtained 
from the time-integrated MPE rate: 


(1) ON t 
N.@,t) = 222 c | 


GD o Nk 1@, ty" dt [2] 
Here, Nc is the number density of C, and ¢” is the 
n-photon chemical quantum yield, defined as the 
number of I- generated divided by the number of C* 
present after excitation. If we identify the initial 
number density of the inhibitors as Nj, then 
polymerization occurs when N,(7,t) > Ninn. In 
multiphoton-induced polymerization, Nj.(7,t) is a 
nonlinear function of I, which generally involves a 
rapidly varying time envelope, as from a mode-locked 
ultrashort-pulse laser. 

Several different commercial acrylate systems have 
been used successfully for 3DM, such as Nopcocure 
800 (San Nopco), NOA 72 (urethane acrylate 
oligomer, Norland Products), and SCR 500 (blend 
of urethane acrylate monomers and oligomers, 
Japan Synthetic Rubber Co.). Researchers have 
also successfully developed custom formulations 
using blends of commercially available monomers, 


oligomers, and polymer additives to create resins 
with tailored physical, chemical, and optical proper- 
ties. This aspect of acrylates, and more generally 
polymer-based systems, makes them one of the 
most attractive classes of materials for 3DM. 
Conventional one-photon UV- or blue-sensitive 
radical generators (e.g., benzil, benzoin methyl 
ether, 4,4’-bis(N,N’-dimethylamino)benzophenone, 
to name just a few) have most often been used, 
and these were activated by promoting the molecule 
into one of its low-lying electronic states by MPE 
over the range of 730-800 nm. 

3DM based on epoxide polymerization has also 
been demonstrated using commercial resins including 
cross-linkable small molecular weight monomers 
(e.g., 4-vinyl-1-cyclohexene diepoxide) and epoxide 
oligomers (e.g., SU-8, first developed by IBM). 
Epoxide polymerization is most commonly initiated 
by molecules that, after excitation, generate a 
Bronsted acid, H*. The propagating species is a 
carbocation, and bases present in the medium act as 
inhibitors. Relative to acrylates, epoxides shrink 
substantially less upon polymerization, leading to 
less distortion of the microstructure after 
development. 

Acrylate chemistry has also been exploited for 
3DM of functional composite materials. Acrylamide 
resin mixtures were used to fabricate bi-layer micro- 
cantilevers that deflect from the surface when 
illuminated with UV light. This type of microstruc- 
ture could form the basis of a photo-activatable 
MEMS. 3D gratings were fabricated from an acrylate 
pre-polymer containing a dendrimer functionalized 
with cross-linkable acrylic L-phenylalanine groups. 
The dendrimer acts as a host encapsulation site 
that enables a laser dye to be loaded in the material 
at high weight-percent (see below). A variety of 
complex micro-structures have also been fabricated 
using ‘Ormocer-I’, an ORganically MOdified CER- 
amic. Ormocer-I is an inorganic-organic hybrid 
polymer consisting of a Si-O-Si (siloxane) backbone 
that is functionalized with organic moieties, including 
cross-linkable methacryloxypropyl groups. Ormocers 
are extremely promising for 3DM because of the 
thermal stability and chemical inertness of the back- 
bone and their attractive physical and optical 
properties. 

3DM could be a powerful tool for fabricating 
biologically active structures and devices. In this 
context, hydrogels and Ormocers should be useful 
material systems as some formulations are known to 
be bio-compatible. Microstructures can also be 
fabricated from proteinaceous material. 3D micro- 
structures were produced by patterned MPE of 
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solutions containing the dye rose bengal and the 
proteins bovine serum albumin or fibrinogen. 

The material systems discussed thus far are 
‘negative-tone’ media. This means that only the 
exposed regions of the material remain after the 


post-exposure development, so the final structure is 
a replica of the exposure pattern. In contrast, 
‘positive-tone’ media are solid-state systems for 
which the exposed regions become soluble in a 
developer. The final structure is then the inverse of 





tb 





THPMA-MMA 


2SbF¢ 


BSB-S, ~~ 


o®) = 690 x 10°? cm* s photon” at 705 nm 


6,4, = 0.50 + 0.05 


Figure 5 A 3D micro-channel structure fabricated by TPE-3DM using the positive-tone chemically amplified resist THPMA-MMA 
containing the two-photon PAG BSB-S,. A 50 m-thick film of the resist was exposed in the pattern of the target structure at 745 nm with 


tightly focused 80 fs pulses at (P) = 40 »W and a linear scan speed of 50 hms — 


'_ (a) Target structure consisting of two rectangular 


cavities (width: 100 jm, length: 20 1m, depth: 20 jm) with a sloped side-wall, that are connected by 12 channels (length: 50 jm; 4 wm 
by 4 um cross-section) lying 10 zm below the surface and spaced apart by 8 .m (center-to-center). (b) Scanning electron micrograph of 
the final structure, viewed normal to the substrate. (c to e) Two-photon-fluorescence images of the final structure (viewed normal to the 
substrate): (c) at the surface of the film; (d) 10 2m below the surface; (e) 19 ym below the surface. (f) Two-photon-fluorescence cross- 
sectional image of the buried channels. The scale bar in b to f corresponds to 20 ~m. Reproduced from Zhou W, et al. (2001) Science 
296: 1106-1109. Copyright (2001), with permission of The American Association for the Advancement of Science. 
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the exposure pattern. Positive-tone 3DM was first 
demonstrated as early as 1992 with the generation of 
high aspect ratio trenches in thin layers of commercial 
photoresists. A positive-tone material system was 
designed for 3DM (Figure 5), is based on a chemically 
amplified resist and a high-sensitivity two-photon- 
activatable photo-acid generator (PAG) (discussed 
below). Using this medium, it was possible to 
fabricate subsurface microchannel structures and 
microgratings, using moderate laser scan speeds 
(50 ums‘) and exceptionally low (P) (40 pW). 
Composites have been formulated that enable 3D- 
patterning of nanoscale metal features within a host 
matrix. A two-step process has been described that 
involves MPE of a Ag‘-containing sol-gel followed 
by thermal development of the latent image with 
a AgClO, solution. Using this system, 3D spirals of 
silver nano-particles embedded within the sol-gel 
matrix were generated. A HAuCl4-doped poly(vinyl 
alcohol) composite was used to 3D-pattern gold 
nano-particles. It was shown that after TPE a 
particular sensitizer dye hosted in a poly(vinylcarba- 
zole) matrix containing AgBF, and ligand-stabilized 
Ag nanoparticles, electron transfer from the dye 
to Agt leads to nucleation of Ag® at the nano- 
particles and the formation of conducting bulk metal 


features (Figure 6). Material systems like these 
should find wide application for generating micro- 
and nano-scale structures, having unusual and useful 
optical and electronic properties. 

3DM in glasses is of great interest for photonic 
applications. Several groups have demonstrated that 
tightly focused infrared or visible amplified ultra- 
short laser pulses can be used to 3D-pattern pure and 
doped silica and other glasses. The patterned voxels 
can be generated as a result of photo-induced 
changes in the refractive index or extreme dielectric 
breakdown, resulting in pits within the material. The 
mechanisms for these two cases are not fully 
understood, but both are thought to be activated 
through an initial MPE event. The leading edge of 
the laser pulse generates a free-carrier plasma 
through MPE. The remainder of the pulse is 
increasingly absorbed by the plasma leading to 
avalanche ionization. The optical energy deposited 
into the local lattice results in cavitation, creating a 
pit at the focal point. Based on the electronic 
bandgap of silica, the process likely involves three- 
and six-photon absorption when 400- and 800-nm 
light is used, respectively. This approach has been 
used for the 3D-patterning fused silica and germa- 
nium doped glasses. 





Figure 6 Metallic structures fabricated by TPE-3DM using a silver nanoparticle/polymer composite. (a) Model of the ‘stack-of-logs’ 
target structure. (b) 3D image constructed from a series of two-photon fluorescence microscopy images of the silver structure 
immediately following 3DM. (c) Scanning electron micrograph of the free-standing silver structure following removal of the surrounding 
unexposed composite. The scale bar corresponds to 10 pm. (d) Transmission optical microscopy image of the silver structure 
immediately following 3DM. The scale bar corresponds to 25 4m. Reproduced from Stellacci F, et al. (2001) Advanced Materials 


14: 194-198. Copyright (2001), with permission of Wiley. 
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Multiphoton Initiators 


For 3DM to develop into a widely used fabrication 
tool, material systems and patterning methods must 
be developed that enable rapid microfabrication at 
low cost. ‘Soft materials’, such as the polymer systems 
described above, are promising in this respect, as both 
the initiating species and the host resin can be 
engineered to optimize the multiphoton response 
and the physical and chemical properties of the 
patterned medium. It may also prove possible to 
create doped glasses that have physical properties 
close to that of neat silica and yet offer higher 
multiphoton sensitivity. 

To develop this concept, let us consider 3DM in 
acrylates further. A high-sensitivity acrylate medium 
is one for which: (i) C strongly absorbs n-photons 
(large o”); (ii) C* efficiently generates the initiating 
species I- (large 6”); and (iii) I- is an efficient initiator 
(high initiation rate). As criteria (i) and (ii) are 
predominantly determined by the molecular proper- 
ties of C, it should be possible to engineer soft 
materials for 3DM by optimizing multiphoton 
initiators and incorporating these into pre-polymer 
resins that once patterned have the correct properties 
for the target application. The sensitivity of materials 
can be compared on the basis of the minimum 
average laser power, (P)min, that is required to 
pattern a material using a fixed scan speed (or 
exposure time). Alternatively, we can use the product 
o(n)¢c(m) as a multiphoton initiator figure-of-merit 
(FOM) that accounts for the strength of the 
multiphoton absorption and the efficiency with 
which I: is generated. 

The chromophores that have been used most 
frequently for polymerization-based 3DM do effi- 
ciently generate highly active initiating species once 
excited; however, they were developed for one- 
photon response to UV and blue radiation and 
generally have low multiphoton FOMs. The use of 
xanthene dyes was explored as initiators for free- 
radical polymerization of acrylamides and it was 
found that the multiphoton sensitivity was low. As a 
result, 3DM using conventional initiators requires 
high laser power (typically (P) pi, ~ 10-100 mW) 
and slow laser scan speeds (~50 ms‘). Under 
tight-focusing conditions, the resulting peak powers 
are often near the damage threshold of the materials, 
rendering the process unreliable from a manufactur- 
ing stand-point. 

A series of D-a-D molecules was examined 
(Figure 7), where D is an electron-donating group 
and w is a conjugated zr-electron bridge. This class of 
D-a-D chromophores was found to have large TPE 
cross-sections (o > 200 x 10-*° cm* s photon ') 


and to initiate the polymerization of acrylates follow- 
ing TPE in the visible and near infrared, with (P) nin a 
factor of 30-50 times lower than for conventional 
one-photon initiators. The sensitivity achieved with 
D-a-D initiators is so enhanced that TPIP-3DM 
was performed at laser scan-speeds as high as 
9cms ', using (P) = 3 mW, enabling a volume of 
180 wm X 180 pm X20 pm to be polymerized 
in 200 s. 

D-a-A molecules have also been examined for 
TPIP (Figure 7), where A is an electron accepting 
functionality. Such molecules can have large TPE 
cross-sections, and some have been shown to 
activate TPIP efficiently in acrylates at A ~ 800 nm. 
A derivative of Michler’s ketone was synthesized 
with an extended a-conjugated system (Figure 7). 
This molecule exhibited strong two-photon absorp- 
tion over the broad range of 800-1100 nm and was 
also shown to be active toward acrylate polymeriz- 
ation at 1064nm. A strategy was implemented for 
enhancing two-photon sensitivity based on up- 
converted fluorescence and used for 3DM of 
waveguide structures. The strongly two-photon- 
absorbing dye AF-183 was incorporated into a 
commercial acrylate photoresist containing a rad- 
ical-generator that is activated by OPE at 
315-450 nm. After AF-183 undergoes TPE at 
800 nm, it fluoresces efficiently at ~465 nm. The 
up-converted emission then excites the one-photon 
initiator and radicals are generated. 

The strategies discussed above are oriented 
toward enhancing multiphoton sensitivity by 
increasing 0 of the initiating chromophore. Little 
attention has been paid to the need of ensuring 
that the MPE couples to a mechanism for 
efficiently generating an active initiating species. 
This problem was addressed with the design of a 
two-photon PAG by covalently linking a D-7-D 
chromophore and sulfonium moieties, which can 
generate H* when reduced by photo-induced 
electron transfer (BSB-S, in Figure 5). BSB-S5 
features strong two-photon absorption and_ its 
quantum yield for the generation of H* per 
photo-excited molecule (y+) exceeds that of 
some commercial one-photon PAGs. Based on 
(P) mins BSB-S2 was found to be 10 to 100 times 
more sensitive toward multiphoton epoxide polym- 
erization than one-photon UV/blue-sensitive PAGs. 

It should be understood that this discussion 
of multiphoton initiators is not comprehensive 
of all work that has been done in the field. Rather, 
it is intended as a highlight of the many 
outstanding examples of progress in this area. The 
use of inexpensive low-power lasers for 3DM 
should become more practical as high-sensitivity 
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Figure 7 Examples of high-sensitivity initiators for 3DM based on TPIP of acrylates. 


3DM media are developed. This should, in turn, 
facilitate the widespread use of 3DM as a micro- 
fabrication tool. 


Resolution 


The resolution of single-beam 3DM is determined by 
the size of the smallest voxel that can be reliably 
produced. Both the optical parameters and the 
material response under MPE affect the size of the 
voxel. Given the wide range of physical and chemical 
mechanisms that can be involved, no single set of 
guidelines can be outlined regarding the effect of the 
material response on voxel size. Additionally, this 
aspect of 3DM remains relatively unexplored. How- 
ever, as 3DM based on TPIP of acrylates has been 
examined in some detail, an overview of this material 
response provides some valuable insight into the 
overall problem of resolution. The following simpli- 
fied discussion is based on the local response of the 
material to photo-excitation. 

TPIP initiated in the vicinity of the focus could, in 
principle, propagate throughout the entire volume of 
the medium, were it not for termination by inhibitors. 


Let us consider further the expression for N,(7, 1), 
expanding the intensity as: 


IGA) =I HI@) [3] 


Here, f(t’) is a time-dependent amplitude function, 
i(z, r) is the peak intensity, and the position vector 7 is 
expressed in cylindrical coordinates (z,r) with the 
origin at the focus. As before, z denotes the direction 
in which the beam propagates (longitudinal). The 
radial coordinate orthogonal to the z-axis (lateral) is 
denoted by r. The beam is taken to have cylindrical 
symmetry, so I does not depend on the angular 
coordinate. For a fixed exposure time t > 7,,, we can 
identify a polymerization-threshold peak intensity, 
I,,, for which i(z,r) >I, results in Nj.(z,7, Tex) > 
Ninh and polymerization occurs. The polymerized 
voxel consists then of all points within the volume 
centered at the focal point and bounded by the I, 
isophote. 

The shape of the I, isophote depends upon the 
optical parameters of the system. The tightest 
focusing is achieved when the highest NA objective 
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is used to focus parallel incident rays that overfill 
the entrance aperture. This situation generates a 
diffraction limited intensity pattern about the focal 
point. Within the focal plane the lateral intensity 
distribution follows the Airy pattern: 


(0,7) = [2hi(p\/pl Io [4] 
where J; is the first-order Bessel function: 
p = 2arNA/A [5] 


and I is the peak intensity at the origin. Near the 
focus, the longitudinal intensity distribution is 
given by 


i(z, 0) = [sin(/4)(G4) Ip [6] 
where 
f= 2nNA72(ngA) [7] 


Let us define the longitudinal and lateral widths of 
the focal spot, Z and R respectively, to be twice the 
distance along the corresponding z- and r-axes over 
which the peak intensity of the central bright fringe 
decreases to Ip/2. If (P) is adjusted so that Ip/2 = I, 
then to first order we can expect the polymerization 
voxel to be a solid of rotation centered about the 
focus having a longitudinal and lateral width of Z and 
R, respectively. Numerical evaluation shows that the 
I)/2-points occur at p= £1.6154 and = +5.5661. 
For A= 800 nm, NA = 1.4, and mp ~ 1.5, we find 
R= 0.29 pm and Z = 1.1 pm. 

Several groups have demonstrated that voxels 
generated under conditions similar to those discussed 
above do indeed have dimensions comparable to 
those calculated, based on diffraction limited propa- 
gation. As shown in Figure 8, voxels with lateral and 
longitudinal widths below the diffraction limit can be 
fabricated by steadily reducing 7,, (or Ip) so that an 
increasingly smaller portion of the central bright 
fringe exceeds I. In this way, voxels having 
R = 100 nm and Z < 800 nm have been generated, 
which convincingly demonstrates the potential of this 
technique as a nano-fabrication tool. 

Post-exposure material processing can also have a 
profound impact on the resolution. In the case of 
TPIP-3DM, material near the boundary of the I, 
isophote may not have sufficient molecular weight or 
cross-linking density to resist removal in a develop- 
ment step. In this case, the final voxel will be smaller 
than the I, isophote defined strictly in terms of a 


polymerization threshold. Additionally, a solvent- 
based developer can swell or otherwise distort the 
voxels. Overall, three important factors determine the 
final size of the voxel: (i) the exposure and focusing 
conditions; (ii) the response of the material to photo- 
excitation; and (iii) the behavior of the photocon- 
verted material during the development process. It 
should be emphasized that 3D confinement is due to 
the combined effects of nonlinear photo-excitation 
and the nonlinearity inherent in the photoconversion 
and post-exposure development of the material. 
More advanced treatments have also attempted to 
address the effects of radical and inhibitor diffusion 
on the size of the voxel. 

Previously, we assumed that the voxel is cylindri- 
cally symmetric. The intriguing result of some recent 
work has shown that the widths of the voxel in the 
transverse directions can actually differ by as much as 
10% when linearly polarized radiation is used 
because the symmetry of the electric field vectors in 
the x- and y-directions is broken in high-NA focusing 
geometries. Cylindrically symmetric voxels can be 
obtained by using depolarized or circularly polarized 
radiation. Clearly, study of the combined effects of 
optical parameters and material response remains an 
important area for further research in this rapidly 
advancing field. Although this discussion has centered 
on TPIP, similar arguments can be developed for 
3DM based on other photomaterials and _ higher- 
order processes. 
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Figure 8 Single voxels produced by TPIP-3DM in an acrylate 
medium. (a) Scanning electron microscope (SEM) images of a 
single voxel showing its longitudinal (top) and lateral (bottom) 
width. (b) Dependence of the longitudinal and lateral widths of 
voxels on exposure time, as measured from SEM images following 
fabrication. Reproduced from Kawata S and Sun H-B (2003) 
Two-photon photopolymerization as a tool for making micro- 
devices. Applied Surface Science 208-209: 153-158. Copyright 
(2003), with permission of The American Institute of Physics. 
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Multibeam-Interference Three- 
Dimensional Microfabrication 


Multibeam-interference (MBI) 3DM is an alterna- 
tive approach to 3DM that enables large volumes of 
material to be simultaneously patterned into a 3D 
periodic structure. In MBI-3DM, multiple coherent 
laser beams interfere within a photo-active medium. 
A periodic structure results because the material 
undergoes photo-induced changes that occur maxi- 
mally in the regions of peak intensity across the 
periodic interference pattern. Depending on the 
number of beams utilized and their reciprocal 
orientation, periodic structures in one, two, or 
three dimensions can be generated, and the period- 
icity is of the order of A. This technique is often 
referred to as holographic lithography or recording. 

MBI-3DM has most often been achieved using one- 
photon-induced polymerization; however, higher- 
order excitation may be used as well. In this 
discussion we will focus on multiphoton MBI-3DM, 
with the understanding that most of the concepts 
apply equally well to the case of linear photo- 
excitation. When the power of the incident beams is 
adjusted so that the intensity at the peaks of the 
interference pattern just exceeds I, polymerization 
only occurs in the local vicinity of these points, 
whereas the 3DM medium is not appreciably poly- 
merized in regions where the intensity is below I, and 
may be removed by dissolution in a solvent. The 
result is a periodic porous structure with highly 
interconnected parts, that extends over the whole 
volume where the beams overlapped. 

Let us assume that m-beams are directed onto a 
photosensitive material. The intensity of light at a 
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Figure 9 


given point 7 in the region where the beams overlap is 
proportional to: 
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where Eo and K; are the electric field and wavevector 
of beam j, and is its angular frequency (w = 271). 
Equation [8] indicates that the intensity distribution 
depends on the difference between pairs of wave- 
vectors of the interfering beams, Kj — K;. This 
distribution is periodic in space and can be described 
as a crystal lattice with reciprocal lattice vectors equal 
to K; — K; and with a unit cell structure determined 
by the pre-factors Eo; Eo). By choosing the intensity 
of the incident beams and the exposure time appro- 
priately, it is thus possible to generate a pattern in the 
medium that has the same periodicity and structure as 
the I, isophote of the interference pattern. 

The simplest implementation of MBI-3DM 
involves interfering two linearly polarized beams at 
angles +6/2 with respect to the normal to the film 
being patterned (6 is the angle between the two 
beams in vacuum). From eqn [8], it can be shown 
that the intensity is maximum if (K, — K,)-*#=2q7, 
where g is an integer, or K[sin( 6/2)|r' = qm, where K 
is the magnitude of both K; and Kj, and r' is the 
component of 7 along (K; — K2). Thus, the two beams 
generate an interference pattern with periodicity (in 
one dimension) given by A = A/[2sin(6/2)], if A is the 





(a) Relative orientation of the beams in a four-beam interference scheme to obtain a face-centered cubic lattice. The beams 





have wave vectors along the directions [—3/2, —3/2, —3/2], [—5/2, 


1/2, — 1/2], [—1/2, —5/2, — 1/2], and [—1/2, — 1/2, — 5/2]. (b) One of 


the isophotes generated by the interference of the four beams in (a). The inset represents the shape of the unit cell. Reproduced with 
permission from Nature, Campbell M, et al. (2000) Nature 404: 53-56. Copyright (2000), Macmillan Magazines Limited. 
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vacuum wavelength of the exciting beam (A = 277/K). 
When a film of a polymerizable material is placed at 
the intersection of the beams, a series of ridges is 
generated in the resist, spaced by A and with a width 
dependent on the beam intensity. For example, if a 
laser beam at 800 nm is split in two components 
forming an angle of 30°, A = 1.5 wm. The periodicity 
becomes smaller as the angle between the beams is 
increased. 

By interfering three beams it is possible to obtain 
a two-dimensional periodic structure. For example, 
the interference of three beams forming an angle 0 
with respect to the medium normal and symme- 
trically arranged around it was used to generate an 
hexagonal lattice of rods that extends parallel to 
the normal. At least four beams must interfere to 
obtain a microstructure with 3D periodicity. The 
beam geometry shown in Figure 9a was used to 
produce a microstructure with the symmetry of a 
face-centered cubic lattice (Figure 9b). Beam 
geometries for generating interference patterns 
having other symmetries, such as body-centered 
cubic and body-centered tetragonal, have also been 
described. 

An advantage of MBI-3DM is that it enables rapid 
patterning of large volumes during a single exposure. 
In fact, the polymerization takes place, in principle, 
throughout the region in which the beams overlap. 
When the process is activated by OPE, the beams 
can be attenuated significantly by absorption in the 
material. This can limit the thickness of the 
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Figure 10 (a) Optical image of a diffraction grating obtained by 
TPIP using a two-beam interference scheme (A = 810 nm). The 
spacing period is 3.4 4m and film thickness is 40 wm. The grating 
is made of an acrylate-based resin. (b) Diffraction pattern of the 
grating in (a) generated using a Helium—Neon laser (632.8 nm). 
The maximum diffraction efficiency was measured to be 57%. 
Reproduced from Guo H, et al. (2003) Chemical Physics Letters 
374: 381-384. Copyright (2003), with permission from Elsevier. 


fabricated structure or result in spatial variation in 
the filling ratio. The use of TPIP can overcome this 
limitation and allow for thicker media to be 
patterned uniformly. Structures with the same 
symmetry are generated if either one- or two-photon 
processes are exploited to induce the material 
transformation. However, the structures will be 
different for at least two reasons: (i) if the same 
initiator is used in both cases, the wavelength used 
for TPE is approximately twice that for OPE, and 
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Figure 11 Emission spectra of the laser dye DCM 
encapsulated in a dendrimer-based resin that was patterned 
into a grating microstructure by single-beam 3DM. The grating 
was pumped at 532 nm (8ns pulses) with excitation energies 
of (a) 0.03, (b) 0.05, and (c) 0.20 wJ. Starting at excitation 
energies as in (b), a narrow band at 612 nm appears over the 
spontaneous emission. The relative intensity of this lasing 
emission increases with excitation intensity with respect to the 
spontaneous emission. Reproduced from Yokoyama S, ef al. 
(2003) Thin Solid Films 438-439: 452—456. Copyright (2003), 
with permission from Elsevier. 


A length of antenna wire at least 25 metres long and a 3 metre length of a different 
colour for the Ground wire. 


A metal rod or cold water pipe for the ground stake. Be careful which pipes you 
connect your Ground wire to. 


You will need a small sharp object for punching holes in the Tic Tac box. 


A small pair of wire cutters for cutting and stripping wires. 


Add Tip Ask Question 


Step 2: How a Crystal Radio Works 





NONLINEAR OPTICS, APPLICATIONS / Three-Dimensional Microfabrication 201 





the periodicity of the structure is correspondingly 
different; and (ii) the Ij, isophote, and thus the 
details of the polymerized structure inside each unit 
cell, is different under OPE and TPE because the 
excitation rate is proportional to I and I’, respect- 
ively. In principle, better defined features can be 
obtained using two-photon or higher-order exci- 
tation because the transition between regions of low- 
and high-exposure is sharper than that under OPE, 
due to the nonlinear dependence on I. Interference 
fabrication techniques can enable the generation of 
features considerably smaller than the diffraction 





Figure 12 Example of a wood-pile PhC structure obtained by 
single-beam TPIP-3DM. The periodicity is 5 wm. The change in 
the cross-section of the structure from top to bottom, is due to 
shrinking of the material during development, whose effect is 
largest in the region farthest from the substrate. Reproduced with 
permission from Nature, Cumpston BH, Ananthavel SP, Barlow S, 
et al. (1999) Two-photon polymerization initiators for three- 
dimentional optical data storage and microfabrication. Nature 398: 
51-54, Copyright (1999), Macmillan Magazines Limited. 


limit, when the beam geometry and excitation 
intensity are chosen appropriately. 

The beams used to generate the interference pattern 
are usually obtained by splitting the output of a single 
laser source into the desired number of components. 
The intensity and polarization of each beam are then 
independently controlled. Temporal overlap of the 
beams at the sample can be ensured by introducing an 
optical delay into each of the beam paths. As 
fluctuations in the beam intensity can cause changes 
in the lattice unit cell or its filling ratio, the use of a 
laser with good stability is imperative in cases where 
exposure time extends over more than a single laser 
pulse. 


Structures and Functional Devices 


The versatility of 3DM is easily appreciated by 
surveying the variety of microstructures that have 
been fabricated over the years. These may be divided 
into two categories: (i) structures whose character- 
istics lay in their form and in the interconnectivity of 
their parts; and (ii) structures that incorporate an 
active functionality that can be exploited in a specific 
application. Some of these microstructures are 
described below. 

Fabricating functional micro-optical devices is a 
promising application of 3DM. Figure 10 shows a 
grating fabricated by two-beam-interference TPIP in 
an acrylate with a period of 3.4m, whose 
diffraction efficiency is 28% as fabricated and 
57% after annealing. The same method was used 
to generate a surface relief grating in a resin 
containing a polycationic peptide. In the presence 
of aqueous silicic acid, the peptide catalyzes the 
formation of ordered arrays of silica nanospheres in 





(a) 


Figure 13 


(b) 


(a) Cross-sectional optical images of various planes of a diamond lattice fabricated in glass. The numbers to the right are 


the relative positions of the planes, in units of the lattice constant. (b) Diagram of the expected position of lattice points in a diamond 
structure. Points located in different planes have different shading. Reproduced from Mizeikis V, et al. (2001) Journal of Photochemistry 
and Photobiology A 145: 41-47. Copyright (2001), with permission from Elsevier. 
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(b) 


Figure 14 (a) Illustration of a diamond lattice. (b) Scanning 
electron micrograph of a polymeric microstructure with the 
symmetry of a diamond lattice, obtained by single-beam TPE- 
3DM. The letters A, B, C, D, A’ refer to the lattice planes at 0, 1/4, 
1/2, 3/4, and 1 lattice units in the vertical direction. Reproduced 
from Kaneko K, et al. (2003) Applied Physics Letters 83: 
2091-2093. Copyright (2003), with permission of The American 
Institute of Physics. 








Figure 15 (Left) Images obtained by laser scanning confocal 
microscopy of linear defects generated by three-photon-induced 
polymerization of a triacrylate resin backfilled into a silica colloidal 
crystal. The spacing between the planes of the images is 0.5 tm. 
(Right) Cross-sectional image in the xz-plane of the same 
structure. Reproduced with permission from Lee W, et al. (2002) 
Advanced Materials 14: 271-274. Copyright (2002), with 
permission of Wiley. 


the troughs of the grating, which increases the 
diffraction efficiency 50-fold. 3DM was used to 
fabricate a grating structure in an acrylate resin 
containing the laser dye 4-(dicyanomethylene)-2- 
methyl-6-(4-dimethylaminostyryl)-4H-pyrane (DCM) 





(b) 


Figure 16 Microstructure of a bull fabricated by single-beam 
3DM. The scale bar corresponds to 244m. Reproduced with 
permission from Nature, Kawata S, et al. (2001) Nature 412: 
697-698. Copyright (2001), Macmillan Magazines Limited. 


encapsulated in a host dendrimer (see above) as an 
active optical medium. When pumped at 532 nm 
above a certain threshold, lasing emission from 
DCM was observed at 612 nm, with a bandwidth of 
0.15 nm ( ). 

Several groups have explored the potential of 3DM 
as a tool for patterning waveguide-based optical 
circuitry. For example, a mixture of thermally and 
photocurable resins was used to generate embedded 
waveguides by photocross-linking within the ther- 
mally set medium. A Y-coupler was created in fused 
silica through the refractive index change generated 
by patterned MPE. 

3DM provides a powerful route to 3D photonic 
crystals (PhC). PhCs are structures in which a basic 
motif, or ‘unit cell’, is repeated within the material 
with a given periodicity. PhCs have attracted great 
interest, because the modulation of the refractive 
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Figure 17 Scanning electron micrographs of two structures in the form of (a) a hand and (b) a robot which were fabricated by single- 
beam 3DM. Reproduced from Maruo S and Ikuta K (2000) Proceedings of the Society of Photo-Optical Instrumentation Engineers 3937: 


106-112. Copyright (2000), with permission of SPIE. 


ememem! 





Figure 18 Scanning electron micrograph of a series of 
connected chain links obtained by single beam TPIP-3DM in an 
acrylate resin. Notice the tilt angle between the central links, 
indicating that each link can move with respect to the 
others. Reproduced from Kuebler SM, Rumi M, Watanabe T, 
et al. (2001) Optimizing two-photon initiators and exposure 
conditions for three-dimentional lithographic microfabrication. 
Journal of Photopolymer Science and Technology 14: 657-668. 
Copyright (2001), with permission of the Technical Association of 
Photopolymers Japan. 


index between the ‘filled’ areas and the surround- 
ing space provides a means for controlling the 
propagation of electromagnetic radiation within the 
structure. PhC with periodicities in the submicron 
and micron range exhibit their peculiar properties 
in the visible and near infrared spectral region. 
Optical wavelength PhCs can be fabricated in a 
straightforward way by 3DM, either by serial 
patterning using the single beam approach or by 
parallel patterning using the interference method, 
for which the number and orientation of the beams 
is dictated by the symmetry of the desired 
structure. Typical examples are woodpile structures 
(Figure 12), which consist of layers of rods of a 
material fabricated side by side with a fixed 
spacing, and alternate layers are rotated by 90° 
with respect to one another. If the rods in one layer 
are displaced by half the lattice constant with 
respect to the previous layer with the same 
orientation, the structure obtained has the sym- 
metry of a face-center cubic lattice. PhCs with the 
symmetry of the diamond crystal have also been 
fabricated, either by inducing changes in a glass 





Figure 19 Optical image of a micro-wheel obtained by single-beam 3DM. (a) Structure before development. (b) When ethanol is used 
to remove the unpolymerized material, the wheel rotates around the axle in the solvent. Reproduced from Maruo S and Ikuta K (2000) 
Proceedings of the Society of Photo-Optical Instrumentation Engineers 3937: 106—112. With permission of the Institute of Electrical 


Engineers of Japan. 
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Figure 20 Optical image of a micro-spring tethered to a 
polymer block. The structure in (a) is at its resting point 
in ethanol. In (b) the spring was elongated by displacing the 
polymer bead at the free end using laser trapping. Reproduced 
with permission from Nature, Kawata S, et al. (2001) 
Nature 412: 697-698. Copyright (2001), Macmillan Magazines 
Limited. 





Figure 21 Hollow micro-tubule generated by single-beam 
TPIP-3DM in a urethane acrylate. The inner diameter is 1.8 ym. 
Reproduced from S Maruo and S Kawata (1998) Journal of 
Microelectromechanical Systems 7: 411-415. Copyright (1998), 
with permission of IEEE. 


substrate at lattice points (Figure 13), or by 
constructing a network of polymeric rods connect- 
ing nearest neighbor points (Figure 14). It was 
showed that a PhC created by TPIP-3DM does 
exhibit a partial bandgap in the infrared spectral 
region. The position of the bandgap can be tuned 


by fabricating the structure with the appropriate 
periodicity. 

The ability to introduce defects in PhCs in a 
controlled fashion is of key importance for the 
application of these structures in optical circuitry, as 
they can act as waveguides for channeling light into 
preferential directions. Point, line, and plane defects 
can be generated easily, by locally altering the 
fabrication pattern in the PhC. Point-by-point MPE 
of a Ge-doped glass was used to pattern a cubic lattice 
containing systematic defects that defined a Y-shaped 
waveguide splitter in a [100] plane. 3DM can also be 
used to modify a structure that is created using 
another fabrication method, and additional materials 
can be introduced into the structure in this second 
fabrication step. A silica colloidal crystal was back- 
filled with a polymerizable material and waveguides 
were generated by photocross-linking channels in the 
medium through three-photon-excitation 3DM 
(Figure 15). 

The full potential of single-beam 3DM can be 
appreciated by surveying some of the structures 
that have been fabricated, featuring topologically 
complex shape, high interconnectivity, and extreme 
under-cut. Examples include those of Figures 16, 17, 
and the diamond-lattice PhC of Figure 14. Struc- 
tures with freely movable parts, like those needed 
for MEMS, are difficult to obtain by other fabrica- 
tion techniques, but can often be made by 3DM ina 
single exposure step. The ability to generate 
structures with independent but interconnected 
parts is exemplified by the microchain of 
Figure 18. A further example is the microgear in 
Figure 19, which is shown to spin around its axle 
when the sample is flooded with a liquid. Other 
functional microstructures have also been reported, 
such as the microspring in Figure 20, fabricated in a 
urethane acrylate resin and characterized by a core 
diameter of only 300nm. When the sample is 
immersed in ethanol, the pendant mass can be 
captured and extended with optical tweezers. When 
the mass is released, the spring behaves like a 
damped oscillator. 

Promising results have also been obtained in the 
production of structures to be used in micro-fluidics 
applications. Of key importance, in this case, is the 
ability to pattern channels, cavities, and other hollow 
structures that can be used to store or transfer small 
amounts of fluids between different parts of a device, 
as needed to perform, for example, analytical pro- 
cesses on a femtoliter scale. Examples include the 
hollow microtubule (Figure 21), and the submersed 
channels structure fabricated in a positive-tone 
resist (Figure 5). 
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List of Units and Nomenclature 


Nd:YAG 


Electron accepting molecular 
fragment 

Amplified femtosecond 
Chromophore 

Excited chromophore 

Continuous wave 

Electron donating molecular 
fragment 

Three-dimensional 
Three-dimensional microfabrication 
Spatial component of the electric field 
vector [Vm |] 

Laser pulse energy [J ] 

Normalized temporal distribution of 
the beam intensity [dimensionless] 
Figure of merit 

Planck’s constant [J s] 

Spatial distribution of the beam 
intensity [W cm *] 

Intensity of a propagating 

beam [W cm 77] 

Maximum on-axis intensity for a 
Gaussian beam [W cm 7] 

Threshold intensity (minimum peak 
intensity at which polymerization 
occurs for a given exposure time) 
[W cm *] 

Initiating radical 

Integers [dimensionless] 

First order Bessel function 
[dimensionless] 

Amplitude of a beam wave vector 
(K = 2n/d) [m~'] 

Wave vector of a beam [m~*] 
Number of beams in a multi-beam 
interference configuration 
[dimensionless] 

Monomer 

Multi-beam interference 
Micro-electromechanical systems 
Multi-photon excitation 

Number of photons involved in MPE 
[dimensionless] 

Linear refractive index of the 
medium [dimensionless] 

Number density (concentration) 

of a species [cm~°*] 

Numerical aperture of a lens 
[dimensionless] 

Number density of chromophores 
present [cm >] 

Neodymium:Yttrium aluminum 
garnet 











Number density of initiating radicals 
generated [cm *| 

Number density of inhibitors 

present [cm 3] 

One-photon excitation 

Organically modified ceramic 

Average laser power [W] 

Minimum average laser power 

for patterning a material [W] 
Repetition rate (number of laser 

pulse per unit time) [Hz] 

Photo-acid generator 

Photonic crystal 

Radial coordinate (distance from 
optical axis) [m] 

Component or 7 along a given wave 
vector [m] 

Position vector in three-dimensional 
space [m] 

Twice the radial coordinate of the 
point at which the intensity 

is Ip/2 [m] 

Molecular one-photon excitation rate 
(number of molecules excited per unit 
volume and time via OPE) [cm * s '] 
Molecular two-photon excitation rate 
(number of molecules excited per unit 
volume and time via TPE) [cm * s~*] 
Molecular n-photon excitation rate 
(number of molecules excited per unit 
volume and time via n-order MPE) 
[oem™* 571] 

Root-mean-square 

Time [s] 

Lowest order transverse 
electromagnetic mode of a laser 
Titanium:sapphire 

Two-photon excitation 

Two-photon induced polymerization 
Coordinate along the beam 
propagation direction [m] 

Rayleigh range of a Gaussian beam; 
axial distance between the point of 
minimum beam waist and the point at 
which the waist has increased by a 
factor of /2 [m] 

Distance between the points of inten- 
sity Ip/2 along the coordinate z [m] 
Longitudinal optical coordinate 

(¢ = 27 Z(NA)*/npA) [dimensionless] 
Angle between a beam wave vector 
and the normal to a substrate [rad] 
Wavelength (in vacuum) [m] 

Period of a one-dimensional 

grating [m] 
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v Frequency [s ‘] 
7 a-conjugated molecular fragment 
p Transverse optical coordinate 


(9 = 2mrNA/A) [dimensionless] 


ao) One-photon absorption 
cross-section [cm?] 

a”) Two-photon absorption 
cross-section [cm* s photon‘ 

ao” n-photon absorption cross-section 
[cm?” 5”! photon” ”~ P] 

Tex Exposure time [s] 

7s Laser pulse duration [s] 

re n-photon chemical quantum yield 
[(# of chemical species generated)/ 
(# of n-photon-excited species)]| 
[dimensionless] 

buy Chemical yield for the generation of 
H* (number of H* generated per 
excited molecule) [dimensionless] 

ro) Angular frequency (@ = 27v) [Hz] 

See also 


Chemical Applications of Lasers: Nonlinear Spectro- 
scopies. Diffractive Systems: Applications of Diffractive 
and Micro-Optics in Lithography; Design and Fabrication 
of Diffractive Optical Elements. Holography, Techni- 
ques: Overview. Imaging: Volume Holographic Imaging. 
Laser-Induced Damage of Optical Materials. Materials 
for Nonlinear Optics: Organic Nonlinear Materials. 
Microscopy: Confocal Microscopy; Imaging Multiple 
Photon Fluorescence Microscopy; Nonlinear Microscopy; 
Overview. Photonic Crystals: Electromagnetic 
Theory; Nonlinear Optics in Photonic Crystal Fibers; 
Self-Assembled and Functionalized Photonic Crystals. 
Ultrafast Laser Techniques: Generation of Femto- 
second Pulses. 
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Introduction 


Historically the field of nonlinear optics has evolved 
along two main axes, depending on the order of the 
nonlinearity used. The phenomena associated with 
the second-order nonlinearity y) have dealt with 
frequency conversion requiring wavevector matching 
(i.e., momentum conservation), such as second 
harmonic and optical parametric generation. On the 
other hand, effects associated with the third-order 
susceptibility y'°) have focused on inherently phase- 
matched phenomena at a single frequency, for 
example an intensity-dependent refractive index or 
degenerate four-wave mixing. 

In cascading, multiple sequential nonlinear 
events based on y'*) can mimic some well-known 
x?) phenomena. For example, it leads to nonlinear 
phase shifts AfN reminiscent of those obtained 
through self-phase modulation over a distance L, i.e., 


AdNY(L, D = ko LnyI [1] 


where I is the irradiance, kg the vacuum wave- 
vector, and m, the Kerr coefficient or nonlinear 
refractive index. These can be used for all-optical 
switching, the generation of spatio-temporal 


solitons, etc. Some of these cascading effects have 
been known from the very earliest days of 
nonlinear optics, but their effectiveness was not 
realized until recently, when it proved possible to 
phase match second-order interactions with use- 
fully large nonlinearities. Note that the medium 
must be x ?)-active, l.e., noncentrosymmetric, 
which usually requires crystals rather than amor- 
phous materials (such as glass). 

Here we review the basic concepts, the character- 
istic interactions, some of the numbers involved and, 
finally, a few applications. 


Physics of Cascading 


Nonlinear Phase Shift in Collinear Second 
Harmonic Generation 


The most important cascading effect, the nonlinear 
phase shift, is rooted in the fundamentals of the 
parametric interaction when two or three waves of 
different frequencies (w3 = w; + @)) are coupled by 
the second-order susceptibility y?)(—@3; @1, +). 
The simplest case is “Type TP second harmonic 
generation (SHG), in which one eigenwave at the 
fundamental (FF) and one at the harmonic freq- 
uency (SH) interact with @, =) = 503. When 
the waves have different phase velocities, this 
process involves simultaneously up-conversion 
(w, +@,—@3) and down-conversion (w3 — @|— @). 
By the latter the FF is regenerated from the 
harmonic after a characteristic propagation distance 
called the coherence length. This phenomenon is 
cyclic (see Figure 1a). 
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Figure 1 Phase-mismatched SHG. (a) Typical evolution of the 


generated second harmonic irradiance versus propagation for 
different mismatches. The period is twice the coherence length. 
(b) Intuitive picture of phase shift through cascading: the fraction 
of the initial energy which is first up-converted (SHG) and later 
down-converted (DFG), having traveled at a different phase 
velocity due to the wavevector mismatch, recombines with the 
through-FF causing an overall phase shift. 


The field amplitudes in normalized form are 


1 2 “fap, foe 

E,(z,t) = 51 ay (Zeer?) 4 ce, 
2\ ceon, 
1 2 “agate 

E3(z,t) = aa a; (ze?) 4 ce, 
2 CEQN3 


where |a;|* and la3|? are power densities, c is the 
speed of light in vacuum, and n; and k; are the 
refractive indices and wavevectors at angular fre- 
quencies ;(j = 1,3), respectively. As is common in 
nonlinear optics, the efficiency of these processes 
depends on the irradiance of the different waves, 
and on the wavevector mismatch between them, i.e., 
Ak = 2k, — k3 for collinear beams. Since the phase 
velocities of the two waves, v,, = @,/k, and 
Vo, = w3/k3, are generally different and Ak 40, 
their phase fronts fall out of synchronism 











during propagation. This leads to a periodic oscil- 
lation with distance (coherence length = 5 period = 
m/|Ak|) in the irradiances of the fundamental and 
harmonic waves, conserving the total energy but 
giving rise to a cascading phase shift, as pictured in 
Figure 1b. 

The equations that describe the evolution of 
the fields stem from coupled mode theory, and are 
given by 


© ies = —iTa2(z)e A 
dz 


d ie 
qu® = —i'a3(z)ai (ze 
z 


where 


(2) 
1X ett 


V2n ce 
(2) + 


X44 is the ‘effective’ nonlinearity (for a specific crystal 
orientation and field polarization) and we assumed 
n =n, =n3. In the limit of a large mismatch, the 
energy conversion to the harmonic is negligibly small, 
and it is possible to find an analytical expression for 
an effective ‘72’, 712,64. In this limit la,(z)| = la,(0)| = 
constant, and, in the absence of loss, solving for the 
small SH wave and substituting back into the 
equation for da;(z)/dz gives 


d Pe he 
ce a,(z) = “ig {1 cos(Akz) 


r= [4] 





-1 sin(Akz)} la,(0)I"a;(z) 
[S] 


By comparing this with the corresponding equation 
based on 1 (<¥[—w;a,—, @]) and describing 
self-phase modulation, namely 





‘ ay (2) = in, lay (2) Pay(z) [6] 
z& Cc 


we can define an equivalent nonlinear refractive 
index 
(2)\2 
TX} 
2egcn*rA, Ak 





n2(z) = [1 — cos(Akz)] [7] 

which turns out to be strictly nonlocal because it 

relies on propagation. Since the cos(Akz) term 

oscillates rapidly in space, the above averages to 
aXe} 


ae 8 
2egcn*A,Ak [8] 


12 eff = 


In this so-called ‘Kerr limit’? cascading leads to 
a Kerr-like nonlinear response, with either a 
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self-focusing (Ak > 0, 72, ¢¢¢ > 0) or a self-defocusing 
nonlinearity, depending on the sign of Ak. 

It is worthwhile to link the above equations to the 
physics of cascading with a simple argument. The 
evolution of the waves on propagation depends on 
their fields (in both amplitude and phase) at the input. 
When only the fundamental beam at w= a, is 
incident (the classical case of SHG), the harmonic is 
initially up-converted 7/2 out of phase with the input 
(first of eqns [3]) via ¥?(—2o; w, w). If Ak = 0, the 
phase fronts travel at the same velocity and the 
relative phase is locked in at a/2. Difference 
frequency generation (DFG, second of eqns [3]) 
results in a down-converted fundamental which is 
an additional 7/2 out of phase, i.e., exactly out of 
phase with the original input field. This leads to the 
monotonic depletion of the input and the growth of 
the SH with distance. If Ak ¥ 0, there is only partial 
and periodic conversion to the harmonic, the 
wavefronts travel at different velocities (v,, and v2,,, 
respectively), and the relative phase between the two 
waves changes with distance. As a result, the down- 
converted FF is no longer a out of phase with the 
input, thereby changing the overall phase of the total 
input-frequency wave by a cascaded amount Ad". 
This is the mechanism sketched in Figure 1b and 
buried in the better-known Maker-fringe effect 
represented in Figure 1a. Its magnitude depends on 
the irradiance and the mismatch, and its sign on that 
of Ak (see eqn [8]). The higher the input irradiance, 
the larger the harmonic conversion, and hence the 
larger Ad N". 

Alternatively, with a harmonic input at high 
irradiance and a weak seed at the FF, parametric 
amplification makes the fundamental grow via down- 
conversion. If Ak=k3—2k, #0, self-focusing 
(-defocusing) is obtained on the strong harmonic for 
Ak > 0 (Ak < 0). These phenomena can be general- 
ized to the nondegenerate cases of sum and difference 
frequency generation, keeping in mind that when 
using three input waves their mutual phase relation- 
ship is essential in determining the details of the 
interaction. 

The solutions to eqns [3] can be obtained 
numerically or written in terms of Jacobi elliptic 
integrals subject to boundary conditions (a3(0) = 0, 
a,(0) #0) at z=0, providing additional insight 
into the cascading phenomenon. In contrast to the 
Kerr case given by eqn [1], the variation in m2 with 
distance implies a staircase-like increase in Ad" 
with distance for various detunings ARL, as shown 
in Figure 2a. This is consistent with our intuitive 
picture above, the increase in A@N" being maxi- 
mized where the fundamental is the smallest (see 
Figure 2b for the oscillations in the fundamental 


amplitude), with the step-period corresponding to 
twice the coherence length. Conversely, for a fixed 
input irradiance, the evolution of A@™! exhibits 
two extrema with detuning AkL, as shown in 
Figure 3a. Note also that, for small AkL and large 
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Figure 2 Calculated nonlinear phase (a) and throughput 
(b) of the fundamental field versus normalized propagation 
distance, for three values of phase mismatch. 
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Figure 3 Calculated FF phase shift (a) and generated SH 
fraction (6) versus phase mismatch, i.e., the detuning curve, for 
three different nonlinear strengths (unitary FF irradiance). 


210 NONLINEAR OPTICS, BASICS / Cascading 





(unrealistically high) irradiances, the increase in 
Ad" tends to become proportional to the field 
amplitude, a clear indication that cascading 
depends on a different order of nonlinearity than 
xy), namely y’, On the other hand, for large 
ARL the growth of Ad" is slower but linear with 
distance and irradiance, as in eqn [1]. 

There are trade-offs between the fundamental 
output and the net nonlinear phase shift. This is 
clearly visible in Figures 3a,b: the maxima in Ad N¢ 
correspond to a reduced FF throughput. Although it 
is possible to operate cw at the zeros of the SHG, 
their location changes with the irradiances required 
for useful phase shifts (>), complicating the 
trade-offs and the response to temporal pulses 
(encompassing a continuous irradiance distribution). 
The problem can be alleviated at the expense of 
reducing the net phase shift for a given irradiance 
and propagation length, by introducing regions with 
a nonuniform matching condition at both ends of the 
sample. The goal at the input end is to first 
adiabatically generate the SH required for optimum 
Ad™*. At the output, this harmonic is adiabatically 
converted back to the FE. The corresponding output 
for wavelengths larger than the phase-matching 
condition exhibits a A@N' with negligible funda- 
mental depletion. This approach has been used in 
temperature-tuned and quasi phase matched (QPM, 
where a periodic modulation of the nonlinearity 
provides phase matching via the additional grating 
momentum) lithium niobate waveguides to generate 
phase shifts of a with less than 10% net loss of the 
fundamental wave to the harmonic. 

While the preceding discussion has focused on 
Type I SHG, it is also valid for Type II SHG (i.e., 
with two FF input waves), provided the two 
fundamental inputs have equal input energy. In 
fact, an input imbalance between the two funda- 
mental polarizations could give rise to a phase shift 
on the weaker field even when Ak = 0, leading to all- 
optical modulation and transistor action, as demon- 
strated in potassium titanyl phosphate (KTP) 
crystals. 

Finally, due to the nature of the quadratic non- 
linearity, the phase and/or amplitude of a coherent SH 
seed can have a large effect on the cascaded outcome, 
both in the phase and amplitude of the fundamental, as 
shown in Figure 4 for a fixed irradiance seed 1000 
times weaker than the FF input. This can be used in 
seed-controlled optical processors. 


Frequency Shifting 


In the nondegenerate case of y'*) sum and difference 
frequency generation, two successive operations can 
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Figure 4 FF transmission (solid line) and phase shift 
(dashed line) versus the relative phase of a much weaker (three 
orders of magnitude) SH seed. Here perfect phase matching was 
assumed. 
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Figure 5 Wavelength shifter: (a) single-pass and (b) double- 
pass configurations. In (b) a dichroic mirror reflects the second 
harmonic of the pump. 


perform the useful function of a frequency shifter 
(Figure 5). The idea is to shift the signal frequency 
(w, — 5) by first generating from the pump (@,) a 
second harmonic (2@,), followed by DFG involving 
the latter and the signal. This leads to an output at 
w, + 6 through X?(-(@, +3), 20,,—(@,— 0), L534 
frequency shift of 26 with an output spectrally mirror- 
imaged about the pump frequency. This feature is 
useful in WDM (wavelength division multiplexing) 
systems, and guarantees a_ protocol-insensitive 
wavelength shift with an additional phase con- 
jugation useful in dispersion-compensating schemes. 
Notice that, since w, + 6 = w, — 6 and 5 << w,, the 
bandwidth is large because the interaction is near the 
degeneracy point. 
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Radio signals consists of two parts - the 'carrier wave' which is the AM radio 
station's frequency of operation, and the 'program signal’ which is mixed with the 
carrier wave for transmission. 


Radio waves travel out from the AM transmitter tower through the atmosphere. We 
want to capture one specific frequency so we can listen to it, so we need the 
antenna/ground wire system to capture that signal. We also need a ‘tuned circuit’ 
that will filter out the desired AM signal, and discard the rest, so that all the other 
unwanted radio signals pass out through the ground wire to earth. 


Two components in our circuit will perform that task for us. The capacitor C1, 
together with L1 inductor, form a basic ‘series tuned’ circuit. Their respective values 
will determine just which local AM radio station we will capture. 


We also need a diode to 'detect' the voice and music, so we can hear them in our 
earphone, which transduces electrical signals into sound waves that we can hear. 


In the photo above you can see a completed Tic Tac crystal radio. It is already 
inside the box. The other set is connected to the antenna/ground wire circuit, 
undergoing a ‘soak test’. It is necessary to do this to ensure that the radio will work 
once inside the box! 
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Figure 5 shows two possible configurations for the 
same device length. The efficiency of the process can 
be increased in a double-pass geometry by using a 
back-propagating signal and a mirror-coated facet to 
reflect the SH, as sketched in Figure 5b. The best 
results to date were obtained at communica- 
tion wavelengths with single-pass waveguides in 
periodically poled (QPM) LiNbO3, including 
shift of multiple wavelength-channels with low 
cross-talk. 


Multiple Beam Generation 


Two successive '*) processes can also be used to 
mimic three-wave mixing, a classic noncollinear y ‘°) 
interaction where two photons are taken out of one 
beam and one out of the second. In cascading, first a 
second harmonic is generated by one of the inputs, 
and then difference frequency mixing (DFM) between 
that SH and the second input leads to the signal of 
interest. In the simplest configuration, two equi- 
frequency (w) beams of wavevectors k; and k, are 
incident in slightly different directions close to phase- 
matching and overlap inside the sample. When wave 
1 is doubled (2w) and wave 2 mixes with this 
harmonic via DFM, a new beam (at 2H — w— @) is 
generated with wavevector 2k, — ky. Of course the 
complementary output at 2k, — k, is also generated 
via the SHG of wave 2. If these two new beams are 
strong enough, they can generate another pair via 
cascading, and so on. The generation of more than six 
extra beams has been demonstrated in 6-barium 
borate with 1064 nm inputs. 

This interaction can be applied to the control of the 
frequency chirp in pulses. For example, if wave 1 has 
a frequency chirp a; and wave 2 a chirp a», then the 
chirp of the beam scattered into the direction 2k, — ky 
is 2a; — a. This becomes especially interesting if 
Q@z = —a, so that the chirp in the new beam is 3a, as 
observed and subsequently employed in enhancing 
pulse compression. Note that, since a cascaded phase 
shift occurs on the down-conversion step back to 
the original fundamental (wave 1), it is not present 
in the scattered beam resulting in a clean transfer 
of the chirp. 


Typical Numbers 


From eqn [8] it is clear that the figure of merit 
(FOM) for cascaded processes is the same as for all 
second-order processes, namely |y*'l?/n*. The key is 
to find materials phase-matchable at the wavelengths 
of interest. Therefore, basically any material that is 
suited for frequency conversion, either SHG or 
parametric generation, will work. The most versatile 


material, which also has the largest easily usable 
nonlinear coefficient (18 pm/V), is lithium niobate 
when QPM is employed. As a reference, Table 1 
gives the maximum 72,¢ for 1-cm-long samples, 
obtained by extrapolating eqn [8] to the ARL which 
maximizes the nonlinear phase shift. This is not 
strictly valid for such small ARL, but it is a useful 
estimate. 


Other Implications of Cascading 


A straightforward conclusion that could be drawn is 
that cascading with its 72 ¢ and Ad™ can generally 
replace the Kerr m2. This is true for self-phase 
modulation and the applications stemming from it, 
including all-optical guided-wave switches such as 
directional couplers, Mach-Zehnder interferometers, 
etc. However, this is not necessarily true for other 
applications, because all the waves have to be coupled 
through y) interactions (at most three at a time) and 
must be nearly phase-matched for efficient effects. For 
example, cross-phase modulation between two input 
FF polarization components is feasible via Type II 
SHG cascading, but specific wavelengths will require 
different crystals, or crystal cuts. The nonlinear phase 
shift can also be used in all-optical devices for analog 
processing, such as isolators, modulators, and tran- 
sistors, in laser mode-locking, etc. 

In the following subsections we discuss a few 
additional applications. Specifically, we describe a 
non-reciprocal device that operates as an isolator, and 
the cascading of beams of finite extent in space or 
time. The latter can counterbalance either spatial 
diffraction or temporal dispersion or both and gives 
rise to solitons of various dimensionalities. 


An Optical Diode 


A nonlinear response, when combined with a device 
structure that is asymmetric about its midpoint, can 
provide nonreciprocal behavior upon excitation of the 
structure (crystal, waveguide) from different ends. 


Table 1 Figures for cascading in various materials. The 
effective nonlinear coefficient is estimated under optimum conditi- 
ons and a 1 cm propagation length 





MaterialL = 1cm di: (pm/V) dj (pm/V) No ef (cm*/W) 
LiNbO. 36 2x10" 
LiNbOs 5.8 5x10 1% 
MNA“) 165 7x 10°" 
NPP® 84 2x10°1° 
DAST®) 600 6x10°° 


MINA: 2-methyl-4-nitroaniline 
NPP: N-(4-nitrophenyl)-(L)-prolinol 
“)DAST: dimethyl amino stilbazolium tosylate 
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In analogy to the standard electronic element, we 
can refer to such device as a power-dependent 
optical diode. Dealing with quadratically nonlinear 
waveguides, simple ways to induce a directional 
asymmetry are variations in wavevector mismatch, 
or in QPM periodicity. A mismatch profile which 
depends on distance from one end, or a localized defect 
(i.e., an isolated domain in a QPM grating), will give 
rise to different throughputs when the waveguide is 
excited from opposite sides, up to complete FF 
depletion in one direction, and complete transmission 
in the opposite one. This can be explained by the 
fact that the output depends on the evolution 
and interaction of the FF field with its harmonic. 
The amount and phase of the latter, however, do 
depend on the details of the propagation path and 
can substantially change the FF throughput as in the 
case of seeded SHG. 

The sketch of an all-optical diode in a QPM 
waveguide with its calculated response is shown in 
Figure 6a,b. Clearly, total depletion is obtained via 
SHG in backward propagation, whereas unity FF 
transmission is recovered by the insertion of a phase 
discontinuity (and seeded interaction) in the for- 
ward path. As demonstrated at 1.55 wm in lithium 
niobate, different degrees of isolation are available 
at various excitations, with a large extinction ratio 
at a given power when launching FF waves from 
opposite ends. 


Quadratic Solitons 


When beams propagate in a two- (planar waveguides) 
or three-dimensional (bulk) medium with a quadratic 
response, cascading induces a nonlinear phase-front 
distortion which, coupled to the inherent parametric 
gain, can effectively counteract diffraction and lead to 
diffractionless propagation or ‘spatial solitons’ 
(Figure 7). In contrast to the Kerr case, such solitons 
are multifrequency solutions or ‘simultons’ with field 
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Figure 6 All-optical diode: (a) sketch of implementation with 
an engineered ‘defect’ in a QPM grating (z-cut periodically poled 
lithium niobate), and (b) example of FF transmittance 7 versus 
propagation for forward (solid line) and backward (dashed line) 
FF excitation of power P). 
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Figure 7 Top: sketch of a quadratic spatial soliton excited by an 
FF input: when the irradiance is high enough, linear diffraction is 
overcome by parametric self-trapping and a two-color simulton is 
obtained. Bottom: sample photograph (top view) of a quadratic 
soliton experimentally observed in a potassium niobate crystal 
excited by a 1064-nm laser beam. 


components (FF and SH in the degenerate SHG 
process) bound together in propagation despite 
possible walk-off or transverse velocity mismatch. 
Moreover, since the second-order nonlinearity is 
inherently saturable, the solitons are stable and 
robust even in bulk media, and provide ‘clean’ filtered 
beam profiles at FF and SH frequencies, as has been 
demonstrated in KTP. Just like other cascading 
phenomena, quadratic solitons can be controlled by 
a weak seed, by polarization imbalance at the input 
(Type II SHG), by direction of propagation (due to 
birefringence), by phase mismatch, etc. Employing 
quadratic spatial solitons, phenomena such as col- 
lisions, soliton fusion, spatial reshaping, and trans- 
verse light localization and instabilities have 
been studied and constitute an active field of 
investigation. 

When employing pulses, the cascaded phase 
shift can balance dispersion (material, chromatic, or 
photonics bandgap) leading to temporal simultons 
with frequency components locked together despite 
their individual group-velocity differences and dis- 
persion. This feature can also substantially broaden 
the bandwidth available for parametric generation. 
Finally, in analogy to the cubic case, a combination of 
space and time effects is expected to lead to the 
formation of ‘light bullets’ in (3 + 1) dimensions. 


List of Units and Nomenclature 


[s-"] o) 
[FV-' m'] £0 


Angular frequency 
Dielectric constant 
of vacuum 
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Electric field [Vm] E 
Irradiance, [Wm 7] I 
intensity 
Length [m] L 
Refractive index [ | n 
Speed of light [ms ‘] c 
in vacuum 
Second-order [mV '] x?) 
electronic 
susceptibility 
Third-order [m* V7] 7°) 
electronic 
susceptibility 
Wavevector in [m~"] k =nolc 
medium 
Wavevector in [m-*] ky = alc 
vacuum 
Wavelength [m] A =2an/lk 
= 2mlko 
See also 


Solitons: Bright Spatial Solitons; Soliton Communi- 
cation Systems. Spectroscopy: Second Harmonic 
Spectroscopy. 
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Introduction 


Optical harmonic generation is nonlinear conver- 
sion of laser output to light, of a frequency that is 
an integer multiple of that of the fundamental. It is 
used over a wide range of applications, from 
battery-operated, pencil-sized pointers emitting less 
than a milliwatt of light to installations that occupy 
large buildings and generate thousands of Joules of 
ultraviolet energy in nanosecond-duration pulses. 
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The applications also range from frequency-stable 
continuous-wave light to generation of pulses a few 
femtoseconds in duration. Laser output with specific 
properties may only be available in narrow spectral 
regions, and harmonic generation is a method to 
convert the laser output to spectral regions of 
shorter wavelength. It is customary to call light 
of twice the frequency of the fundamental the 
second harmonic; three times the third harmonic, 
and so on. 

The conversion of light by harmonic generation 
is a process that is driven by the nonlinear electric 
polarization. The total polarization P(#), including 
the linear term, is a vector quantity related to 
the electric field E(t) by the susceptibility tensors 
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x of a material: 


P(t) = eg? : E(t) + €9 xX : E(t)E(t) 
+ eoX” : EQE()E() +... [1] 


where e) = 8.854 10 4 C/N-m’? is the permittivity 
of free space. The first-order tensor describes linear 
optical properties on the material. The second-order 
tensor ¥”) describes second-harmonic generation and 
sum- and difference-frequency generation. This is the 
term that is of interest here. The second-order 
nonlinear optical tensor, equal to half the second- 
order susceptibility, is used widely instead of the 
susceptibility: 


dijp = Xie! 2 [2] 


In calculations of harmonic generation and sum- and 
difference-frequency generation, the coefficient is 
usually reduced to a scalar quantity d., the effective 
nonlinear coefficient that expresses the relationship 
between only the specific vector components involved 
in an interaction. The second-order optical nonli- 
nearity, when present, is usually significantly larger 
than higher-order optical nonlinearities. When opti- 
cal frequency conversion is possible, using the 
second-order nonlinearity, it is generally preferred. 
Any material that has inversion symmetry, 
however, will have vanishing second-order non- 
linearity. Although there is continuing interest in 
developing other materials, such as poled polymers 
for future applications, materials for current 
practical applications are restricted to noncentro- 
symmetric crystals. 

This article will provide a description of the process 
of optical harmonic generation and discuss some of 
the concerns in the design of harmonic generation 
systems. In many cases, harmonic generation can be 
modeled accurately by analytic or numerical tech- 
niques. Some of the theoretical development that is the 
basis for this modeling will be presented along with 
examples. There are several essential considerations 
that must be made in selecting a harmonic generation 
process. These involve both material properties and 
conditioning of the fundamental radiation. 


General Considerations 


The nonlinear optical material must be highly 
transmitting at the fundamental and harmonic 
wavelengths and must have a laser-induced-damage 
threshold high enough to allow optical intensities 
that will provide adequate conversion efficiency. 
Phase matching must be possible in the material. 
Other material characteristics must be considered 


for specific applications. The harmonic generation 
process requires that the phase velocities of the 
fundamental and harmonic radiation be matched. 
Without phase matching, power converted to the 
harmonic is back converted to the fundamental in 
a rapid oscillation, and harmonic conversion 
remains at low levels. The material also needs to 
be of good optical quality to provide optical 
transmission without distortion, which would 
destroy the phase relationship. Continuous-wave 
harmonic generation may involve local intensities 
of the order of 1 megawatt per square cm 
(1 MW/cm?). Pulsed applications with Q-switched 
laser output of a few nanoseconds duration 
typically employ intensities of several hundred 
MW/cm?, and harmonic-generation applications 
with mode-locked lasers may involve pulse dura- 
tions of tens of femtoseconds with peak intensities 
of tens of gigawatts per square cm. Many other 
properties are desirable, but it is necessary to work 
within the limitations of available materials. 

Phase matching is an essential requirement. When 
harmonic and fundamental waves of different eigen 
polarizations are coupled through the nonlinear 
optical tensor, it may be possible to use crystal 
birefringence to provide phase matching. The bire- 
fringence, if large enough, can compensate dis- 
persion. The fundamental wave is introduced into 
the crystal with the polarization of the larger 
refractive index, and the harmonic is generated in 
the polarization of the smaller index. This is a 
description of type-I birefringent phase matching. 
Phase matching is achieved by selecting the direction 
of propagation in the crystal or by changing the 
temperature of the crystal. Type-II phase matching 
with the fundamental wave resolved into the two 
eigen polarizations is possible with large birefrin- 
gence. Quasi phase matching involves periodically 
structuring the nonlinear material in a way that 
spatial modulation of the optical nonlinearity com- 
pensates for dispersion. Quasi phase matching is 
tuned by selection of the modulation period, and 
temperature control may provide a fine tuning. 
Periodic poling, one method of quasi phase matching, 
involves changing the orientation of ferroelectric 
domains after each coherence length of the harmonic 
generation process. These methods of phase matching 
are sketched in Figure 1. 

The physical arrangement of the harmonic gener- 
ation process depends on properties of the available 
fundamental light and the properties of the selected 
nonlinear material. The single-pass techniques, 
shown in Figure 1, may have the advantage of 
simplicity, but expanding or focusing the fundamen- 
tal beam may be required. Crystal length and clear 
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Figure 1 Different methods of phase matching optical harmonic generation are illustrated. The arrows indicate the directions of 


electric-field polarization and directions of propagation. 
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Figure 2 Placing a harmonic-generation crystal inside a 
laser cavity with mirrors highly reflecting at the laser wave- 
length is one technique of increasing the intensity of the 
fundamental beam. 


aperture need to be selected. Intracavity harmonic 
generation (Figure 2), or external-resonant-cavity 
harmonic generation, may provide advantages in 
other cases. Analysis of harmonic generation provides 
the means to select among the options. 


Basic Equations 


Much of the analysis of second-harmonic generation 
follows from the differential equations that describe 
the interaction between the fundamental and harmo- 
nic fields, and it is appropriate to describe the 
development of these coupled equations. The wave 
equation: 





dE(r, t) *E(r,t) 
Eo = 


a*P(r, t) 
at Ho Ie Ho 


2 
V-EG,.) re 


Moe 


[3] 


is obtained from Maxwell’s equations. Here py = 
477X107’ is the permeability of free space, and a is 
the conductivity, which later will be incorporated into 
the optical absorption coefficient a= poac/2, and 
(eoMo) 1% =c=2.998 x 10° m/s is the speed of light 
in vacuum. The electric field of a planewave, at 
angular frequency @, is expressed in complex nota- 
tion as the product of a slowly varying complex 


amplitude and a carrier wave: 
E,(@,0 = (1/2){E, expi(k,:r— ot)+c.c.} [4] 
The intensity of this plane wave is 
1, = (nceo/2)IE,," [5] 


Here n is the index of refraction of the material in 
which E is specified. The nonlinear polarization 
resulting from the second-order susceptibility driven 
by the plane wave E,,(r,f) is expressed as 


Pr, t) =(1/2){PN exp i(2k,-r —2et)+c.c.} [6] 


The individual components of the polarization 
amplitude vector are 


Poni = &0 > dix(—20; 0, O)E, Fae [7] 
Tk 


If the nonlinear polarization is produced by two 
distinguishable waves, such as for sum-frequency 
generation of the third harmonic by the second 
harmonic and the fundamental, the nonlinear polar- 
ization is 
PS" (r,t) = (1/2){P3" exp if(ky +ky)-r 
— (@1 + @)t]+ ee} [8] 
where 
Py = 289 > dijk(—@3; @1, 02) Ey jE p [9] 
ik 
and 
[10] 


3 = W112 


A number of simplifications are used to arrive at 
the coupled equations for harmonic generation with 
monochromatic plane waves. All waves are assumed 
to be propagating collinearly in the z direction. 
Only the vector components involved in the 
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interaction are retained, and the nonlinear optical 
tensor is replaced by the scalar effective nonlinear 
coefficient d.¢. Finally, the slowly varying envelope 
approximation is invoked and the higher-order 
derivatives of the amplitudes are ignored, as are 
time derivatives of the envelopes. The wave equation 
simplifies to 


dE (2) 
dz 





aE(z) = —P(2) [11] 
where 7 is the index of refraction. 

With three distinguishable waves, as with sum- 
frequency generation and type-II second-harmonic 


generation, there are three coupled equations: 











oe) + 03E3(2) = jac O3Aeft F(z) Ey(z) exp(—iAkz) 
[12] 
AiO a E,(z) = ee Ole FE (2) E3(expiAke) 
[13] 
28) + an Ex(2) = jac 20S F(z) Ei (2expliAke) 
[14] 
Here the wave vector mismatch is 
Ak =k, —k, — ky [15] 
and 
03 = @, + @ [16] 


with the convention of w; <= w) < w3. The indices of 
refraction of the three waves are 11,7, and n3, 
respectively, and a,,a), and a3 are the respective 
amplitude absorption coefficients. 

With type-I second-harmonic generation, the fun- 
damental field consists of only a single eigen 
polarization, and there are two coupled equations: 





dE>,,(zZ) re OE d6(%) = Sag et wd eff E,,(2)E,(z)exp(—iAkz) 
dz 12 @C 
[17] 
dE,,(z) 





+ a,Ey(@) =i odert  Eo@Es (zyexp(iAkz) 


dz 
[138] 
Indices of refraction at the harmonic and funda- 


mental are 7,, and 1, respectively; a,, and a, are the 
respective absorption coefficients; and the wavevector 


mismatch is 


Ak = ky, — 2k, [19] 
The equations for type-II second-harmonic gener- 
ation, where w, = @) and 3; = 2w,, become equiv- 
alent for those for type-I second-harmonic 
generation, providing intensities of the two funda- 
mental polarizations are equal, I, = I, and a, = ay,. 


Steady-State Solutions 


Three monochromatic planewave solutions for type-I 
second-harmonic generation are discussed. These 
solutions address type-I harmonic generation; first 
for low levels of conversion with arbitrary phase 
mismatch; next for high levels of conversion with 
perfect phase matching; and last for arbitrary levels of 
conversion with arbitrary amounts of phase mis- 
match. Near-field and focused-beam approximations 
also exist. Beyond that, numerical techniques, such as 
split-step Fourier transform methods can handle 
more complicated conditions. The simple approxi- 
mations of monochromatic planewaves, or steady- 
state solutions, however, yield useful information. 

The coupled equations for type-I second-harmonic 
generation can be solved by simple integration for 
low levels of fundamental depletion, where E,,(z) is 
treated as constant and there is insignificant absorp- 
tion. Initial conditions are I,,(0), incident on the 
crystal and I,,(0) = 0. Integration of the equation for 
the harmonic electric field yields an expression for 
electric field after propagating a distance of / in the 
crystal: 


wd ¢E2(0) 1 


ree exp i(2k,D} 


Eo= {exp i(ky,J) — 





[20] 


Expressed as intensity the solution is 


L,.() = 1,,(0)07P sinc?(AkI/2) [21] 
where sinc(x) = sin(x)/x and 
I? = 20° del (OM(nr Mac €0) [22] 


When AkR=0 and a, =a), = 0, conditions of 
perfect phase matching and no absorption, the 
coupled equations for type-I second-harmonic gener- 
ation can be combined into a single equation. This is 
done using conservation of energy, which requires 
E2(z) + E},,(z) = E2(0), in this case with no initial 
harmonic intensity. The equation can then be 
manipulated into a standard integral that yields the 
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inverse hyperbolic tangent. Rewritten and expressed 
in terms of intensity the result is 


L,()) = 1,,(0)tanh?(T/) [23] 


The two solutions for I,,,(/) given above serve well for 
a number of applications. The sinc?(Ak-I/2) function 
is widely used to determine phase-matching accep- 
tances. The tanh*(I/) function is a good appro- 
ximation for local conversion with large, 
well-collimated fundamental beams. 

An exact solution to the coupled equations, 
however, gives insight to conditions such as high 
initial fundamental intensity with small amounts of 
phase mismatch. After extensive algebraic manipu- 
lation, a solution in the form of a Jacobian elliptic 
function sn(ul77) is obtained: 


Dade | » 
Vp 





it) [24] 
where 


[25] 


1/vy, = As/4 +41 + (As/4)? 


As = AR/T 


and Ak and [I retain the earlier definitions. This 
solution can be extended to provide the phase of the 
fundamental and harmonic as the conversion process 
evolves. Expressing the complex harmonic and 
fundamental field amplitudes as the product of a 
real amplitude and a complex exponential: 


E(z) = A(z)exp id(z) [26] 
the harmonic phase is 
2.(%) = (a — Akz)/2 [27] 


The fundamental phase, however, is found to be 
dependent on the conversion process: 


b(2) = (1/2)are cos[Ay4(z)ARM2KAz(2))] 


— (7 — Akzlz [28] 
where k= wd.g/(n,c). Small amounts of phase 
mismatch significantly change the phase of the 
fundamental at high levels of conversion. This phase 
change is used for switching applications in wave- 
guide interferometers. It also makes phase-matching 
requirements more stringent at high levels of conver- 
sion. The three planewave solutions are illustrated in 
Figure 3. The narrowing of phase matching at higher 
conversion is illustrated in Figure 4. 
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Figure 3 Monochromatic plane-wave solutions of the coupled 
equations for second-harmonic generation are illustrated for 
different amounts of wavevector mismatch. The solution takes the 
form tanh?(I'/) when Ak = 0 and (I'/)?sinc2(Ak/2) when conver- 
sion is small. 


There is a Jacobian elliptic function solution for 
intensities with the coupled waves of type-II second- 
harmonic generation and sum-frequency generation. 
The phases of the individual waves can be recovered 
with elliptic integrals of the third kind. Both sets of 
equations, the two coupled equations for type-I phase 
matching and the three coupled equations for type-II 
phase matching, are amenable to numerical solution 
by Runge-Kutta methods. 


Phase Matching 


Phase matching is achieved in birefringent materials 
by balancing the dispersion of the material with the 
difference between the indices of refraction of the fast 
and slow waves. With adequate birefringence it may 
be possible to obtain phase matching by selecting the 
direction of propagation in the crystal. Equations 
describing the dispersion and birefringence of non- 
linear crystals, necessary for calculating phase match- 
ing, along with the nonlinear optical coefficients and 
expressions for the effective nonlinear optical coeffi- 
cients, are tabulated in handbooks. Values for a few 
examples are given here. 

The negative uniaxial crystal potassium dihydro- 
gen phosphate (KH2,PO,4 or KDP) is used as an 
illustrative example. The harmonic wave is chosen to 
have extraordinary polarization with the smaller 
index of refraction in this crystal with negative 
birefringence. With type-I phase matching, the 
fundamental consists of only an ordinary polarized 
wave. To have phase matching, Ak = 0, it is necessary 
to choose a direction of propagation that makes an 
angle @ with the optic axis that satisfies: 


Ne 2wl 0) = Now [29] 
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Figure 4 High levels of overall second-harmonic conversion require higher levels of conversion at peak pulse intensity. Phase- 
matching bandwidths narrow at the higher levels of peak conversion. The broken curve is the (I'/)sinc?(Ak/2) small conversion 


approximation. 


The extraordinary index for propagation at an angle 
of 6 to the optical axis in a uniaxial crystal 1,(0) is 
given by 

1 °9@  sin*6 

ae oe | = 130] 
nz(6) ns ne 





where n, is the ordinary index and n, is the 
extraordinary index for propagation at 90° to the 
optic axis. The phase-matching angle is obtained 
by using the identity cos?@= 1 — sin*@ and solving 
for 0: 


2 1/2 


2 2 
-1 Ne 20% 20 ~~ N60) 


2 2. 2. 
Pn CR NEw) 








[31] 


Op = sin 


where the subscripts refer to ordinary and extraordi- 
nary indices at the fundamental and second-harmonic 
frequencies. 

The effective nonlinear coefficient is determined by 
crystal symmetry, the type of phase matching, the 
birefringence of the crystal, and the direction of 
propagation. For crystals of point group 42m with 
negative birefringence, such as KDP, the effective 
nonlinear coefficient for type-I phase matching is 
given by 

des = —d36 sin Osin 2h [32] 


The azimuthal angle ¢ is measured from the crystal 
x-axis. The x-axis and y-axis are specified by X-ray 


diffraction and piezoelectric coefficients and can be 
determined from the growth morphology. The 
azimuthal orientation of a finished crystal, however, 
is not obvious, and requires X-ray orientation, 
piezoelectric characterization, or nonlinear optical 
measurements, if the record of crystal orientation is 
lost. The nonlinear coefficient d3¢ is an abbreviation 
for the d31. and d3.; tensor components, which are 
equal. For harmonic generation with a 1064nm 
fundamental in KDP, d3, = 0.39107 m/V. The 
unit of 10° '* m/V is usually expressed as picometers 
per volt (pm/V). The effective nonlinear coefficient for 
type-II phase matching for this class of crystals is 


dept = dye sin 20 cos 24 [33] 


Type-I and type-II crystals cut from the same material 
are not interchangeable. The type-II phase-matching 
angle for KDP can be found by iterative solution of 
the equation: 


Ne 209) — {10,0 + Ne, O)Y2 [34] 


The birefringent walkoff angle, that is the angle the 
Poynting vector of an extraordinary wave makes with 
the wavevector, is another consideration for birefrin- 
gent phase matching. There will be no further 
harmonic generation when the extraordinary and 
ordinary fundamental beams of type-II phase match- 
ing no longer overlap. For type-I phase matching, 
birefringent walkoff can limit the interaction 
length, but there can be several interaction lengths 
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in a crystal. The birefringent walkoff of an extraordi- 
nary wave propagating at an angle 6 to the optic axis 
in a uniaxial crystal is given by 


1] 2c. 1 ‘ia 
p=tan ' 5 [is & feo] [35] 


Refractive indices for 1064 nm to 532 nm second- 
harmonic generation in KDP are >, = 1.4709, 
Nodw = 1.5129, ne = 1.4603, and 1, = 1.4944. 
The dispersion of KDP and indices at the phase- 
matching angles are shown in Figure 5. For type-I 
phase matching deg = 0.26 pm/V, Opy, = 41.2°, and 
P2» = 28 milliradians (mr), and for type-II phase 
matching deg = 0.34 pm/V, Opy = 59.1°, p, = 20 mr, 
and p>,, = 25 mr. Type-II phase matching in KDP for 
this application offers an advantage of larger effective 
nonlinear coefficient. Also the angular acceptance is 
larger for type-II phase matching. 

The angular acceptance is calculated from dis- 
persion equations by first evaluating the derivative 
dAk/d0 and then finding the value of A@ correspond- 
ing to the full width at half maximum (FWHM) of the 
sinc?(Ak-1/2) function: 


SAE A Oras = = 4x 1.39 radians/I 





[36] 


When @ is 0° or 90° for uniaxial crystals, or for 
propagation along one of the refractive index 
principal axes in a biaxial crystals, the first derivative 
dAk/d0 becomes zero, and the angular acceptance 
must be calculated from the second derivative 07Ak/ 
00. This case is called noncritical phase matching 
(NCPM), and the case for @ between 0° and 90° is 
called critical phase matching. 
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Figure 5 Dispersion of the birefringent nonlinear material 
KHsPO, with refractive indices indicated for type-| and type-ll 
1064 nm to 532 nm second-harmonic generation. (Adapted from 
Byer RL (1977) Parametric oscillators and nonlinear materials. In: 
Harper PG and Wherrett BS (eds) Nonlinear Optics, pp. 47-159. 
San Francisco, CA: Academic Press.) 


Second-harmonic generation of 1064 nm funda- 
mental radiation in the crystal lithium triborate (LBO 
or LiB3O5) is an example of NCPM. At 149°C, this 
crystal will phase match for type-I SHG for propa- 
gation along the x-axis in the xyz frame determined 
by the indices of refraction of this biaxial crystal 
Nn, <Mny<n,. The following are calculated — 
dispersion equations for this case: dAk/00=0 
d* Ak/d 07 = 2.04 x 104 (rad/cm)/rad?;dAk/ab=0; and 

d*Ak/ad* = 6.45 X 103 (rad/em)/rad?. The FWHM 

angular acceptances for a 1.5 cm-long LBO crystal 
are A6rwHmM = 1.09° and Adrwum = 1.94°. Angle- 
tuned CPM at 23°C in LBO occurs at @= 90° 
and @=11°.5. For this case dAk/dd = 1.32 x 104 
(rad/cm)/rad, and the azimuthal angular acceptance 
decreases to Adpwrm =0.16°. Also there is a 
birefringent walkoff angle of p,.=19 mr, which 
results in a displacement of 0.29 mm of the extra- 
ordinary-like harmonic beam for a 1.5 cm-long 
crystal. Both the larger angular acceptance and the 
absence of birefringent walkoff are advantages for 
harmonic generation. The effective nonlinear coeffi- 
cient of LBO is reported as 0.85 pm/V and 1.04 pm/V 
by different sources. 

Quasi phase matching offers the possibility, in 
principle, of noncritical phase matching at any 
wavelength in the transmission range of a material. 
However, it may be difficult producing the periodic 
structure that is required for phase matching in a 
particular application. The ferroelectric crystals 
lithium niobate (LiINbO3), lithium tantalate 
(LiTaO3), and potassium titanyl phosphate 
(KTiOPO, or KTP) can be processed by electric- 
field poling to produce domains of alternating 
polarity. Lithography techniques are used to apply a 
patterned electrode structure on the surface of a wafer 
or thin slab. Domains are reversed by the application 
of a carefully monitored and controlled electric field. 
Thicknesses of several mm have been achieved in 
periodically poled KTP (PPKTP). The higher coercive 
field of 21 kV/mm has limited the thicknesses that can 
be achieved in periodically poled lithium niobate 
(PPLN), particularly at shorter wavelengths for which 
poling periods become small. Progress is now being 
made with zincblende materials such as gallium 
arsenide. These materials have large linearity and 
good transmission in the infrared, but they are not 
birefringent. Epitaxial growth on patterned sub- 
strates is now being used to produce periodically 
structured GaAs on a research basis, and bonded 
stacks of wafers of alternating orientation also have 
been used. Harmonic conversion with quasi phase 
matching is compared with conventional phase 
matching and nonphase-matched harmonic genera- 
tion in Figure 6. 
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Figure 6 The growth of harmonic intensity is illustrated 
schematically for a quasi-phase-matched process in which the 
polarity of the nonlinearity is reversed after each coherence 
length. Conversion for Ak= 0, Ak #0, and a uniform effective 
nonlinear coefficient are shown for comparison. (Adapted from 
Fejer MM (1992) Quasi-phase-matched second harmonic 
generation: tuning and tolerances. /EEE Journal of Quantum 
Electronics 28: 2631-2654.) 
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Figure 7 Random variations in domain length will lower 
harmonic conversion efficiency and have effect on back 
conversion. RMS variations in domain length are indicated in 
the legend for this specific example. 


Quasi phase matching also provides access to 
tensor components that are not accessible with 
birefringent phase matching. This is the case for 
lithium niobate; the largest tensor component is 
d333 = d33, which has a value of 25 pm/V. The 
effective nonlinear coefficient is the relevant Fourier 
component of the modulated nonlinearity: 

dete = (2/m)d33 = 16 pm/V [37] 
This is a larger effective nonlinearity than is available 
with common birefringently phase matched materials 
in the visible and near-infrared. A more accurate 
treatment of second-harmonic generation involves 
application of the Jacobian-elliptic-function solution 
to each domain. After nearly complete conversion is 


reached, the phase perturbations on the individual 
domains have effect, and back conversion takes over 
(Figure 7). Conversion is lower and back conversion 
can set in sooner with random differences in the 
domain length. There is some experimental evidence 
that this type of back conversion has been observed in 
guided-wave harmonic conversion devices. Guided- 
wave nonlinear optical interaction can have long 
interaction lengths not limited by diffraction. Quasi 
phase matching is particularly useful in waveguide 
second-harmonic generation because the direction of 
propagation is fixed. 


Gaussian Beams and Pulses 


A radially symmetric Gaussian light beam has 
transverse intensity of 


I(r) = Ip exp(—2r/w”) [38] 


where r is the radial coordinate and w is called the 
spot size. Harmonic generation in the low-conversion 
limit by a Gaussian beam, with a focus of spot size w9 
at the center of a crystal with optimized phase 
matching, is described by 


Prwo(l/p.(0) = 20° deep (ORA(B, Ean eqc*) [39] 


The harmonic power after propagating distance / in 
the crystal is p>,(/), and p,(0) is the incident 
fundamental power. The function h(B,é) is the 
Boyd and Kleinman focusing factor. It is a function 
of the walkoff parameter: 


B= pvik/2 [40] 
and the focusing parameter: 
E= Ikw9) [41] 


The spot size wo of the fundamental beam at its 
waist is used to described the fundamental 
intensity distribution at the focus at the center of 
the crystal: 

L(r) = (2p. .(O\Mmw))exp(—2r°/wp) [42] 
Values of the focusing factor for arbitrary focusing 
and walkoff are usually displayed in the form of a 
graph (Figure 8). In the case of weak focusing €< 1 
and relatively small walkoff wo > pl, the focusing 
factor is given by 


h(B, €) ~ &1 — 7/12 + 14/120 — £9/1344 +...) 
[43] 


where t = 2B(2€)!”. 


The first diagram shows a typical antenna wire installation. Coming out of a 
window, the wire is anchored to the building and then over some distance (10 
metres +) to a nearby tree or other building. 


You must take great care not to erect antenna wires near to power or telephone 
cables, near your home! 


The ground wire comes out the same window and is anchored to a metal 
pipe/water pipe or metal ground stake, embedded in soft, moist soil. 


You must not connect ground wires to electrical mains wiring installations, including 
wall power outlets! 


Another electrical hazard to consider is lightning strikes! Although it is very rare for 
anyone to be seriously injured or die from a lightning strike it is not impossible. So, 
if you hear a thunderstorm coming your way (you may hear the lightning 'crashes' 
in your earphone first,) then disconnect your antenna wire immediately, connect it 
to the ground wire and put it well up out of the way. Stay well clear of this temporary 
antenna/ground connection until the storm has completely passed away from your 
general area - miles away! 


Add Tip Ask Question 


Step 3: How to Build the Tic Tac Crystal Radio Set 
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An example of continuous-wave second harmonic 
generation is used. This calculation models a conver- 
sion experiment published in the literature. External- 
resonant-cavity second-harmonic generation of 
6.5 W of 532nm radiation was reported. The 
1064 nm fundamental radiation with 378 W of 
circulating power in a resonant cavity external to 
the laser was focused to a 32 ym spot size in the 
center of a 6 mm-long LBO crystal (Figure 9). This 
corresponds to a focusing factor of €= 0.62 in the 
index n = 1.6053 material. The value of the focusing 
parameter is )(0,0.62) = 0.58. The nonlinear optical 
coefficient for this process is reported as 0.85 pm/V 
and 1.04 pm/V by different sources. When these 
values are inserted into the earlier equation for 
P2.()/p,,(0), the higher coefficient yields a conversion 
efficiency of 0.0273 and 10.3 W of 532 nm output, 
whereas the lower coefficient yields a conversion 
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Figure 8 The Boyd and Kleinman focusing factor h(B,é) for 
type-I] second-harmonic generation is shown as a function of the 
focusing parameter é for different values of the walkoff parameter 
B. The curves shown were generated with a split-step Fourier 
transform calculation. (Adapted from Boyd GD (1968) Parametric 
interactions of focused Gaussian light beams. Journal of Applied 
Physics 39: 3597-3639.) 





efficiency of 0.0182 and 6.9 W of 532 nm radiation. 
Differences in published values of nonlinear optical 
coefficients are common. The reported precision of 
the experiment and the measured values tend to 
support the lower value. Practical applications are 
useful to check the accuracy of parameter values. 
With many variables and the added complication of 
operation at high intensity there is uncertainty that 
demands caution in accepting the derived parameter 
values. It is interesting to note that the power and 
beam size of the example result in a maximum 
intensity of 17 MW/cm? at the surface of this crystal. 
Many vendors will warranty antireflection coatings 
for only 1MW/cm* maximum continuous-wave 
intensity. 

For a pulsed fundamental with temporal shape 
p(t) = Po(O)exp(—t7/7*), integration over time gives 
a calculated energy conversion efficiency of: 


Neale = U,,,(D/U,,(0) 


= 20d U, (ORB, WMV Pec) [44] 


where U;,,(/) is the harmonic energy generated after 
propagation distance / in the crystal and U,,(0) is the 
incident fundamental energy. This is still a low 
conversion approximation. An estimate of conversion 
efficient at arbitrary levels of depletion 7... is obtained 
with the empirical expression: 


Nest = Neale/(1 + Neale) [45] 


Returning to the example 1.064 nm to 532 nm, type- 
Il SHG in KDP and using / = 3 cm, U,,(0) = 0.3 J, 
and 7 = 3.6 ns for a 6 ns FWHM pulse duration, the 
above two relationships predict a conversion eff- 
ciency of 50%. These parameters give a peak 
intensity of 330 MW/cm7, a value typical for efficient 
harmonic conversion, while avoiding laser-induced 
damage in a long-term, repetitive-pulse application 
using KDP. Single-shot laser-induced-damage 
thresholds for KDP are about 10 times higher. 
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Figure 9 A bow-tie cavity for externally resonant second-harmonic generation is illustrated. The reflected fundamental beam is used 
to develop an error signal to drive the piezoelectric translator and hold the cavity in resonance. 
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Figure 10 Short crystals less than 1 mm in length are typically used for second-harmonic generation with fundamental pulses that are 
only ten’s of femtoseconds in duration. It is necessary to separate fundamental and second-harmonic pulses and recombine them with 
appropriate delay to compensate for group-velocity mismatch before sum-frequency generation to the third harmonic. 


As a final example, consider second-harmonic 
generation of a 100fs (1fs=10 's) duration 
pulse from a mode-locked Ti:Al,03 laser operating 
at 800 nm. Typical laser output might consist of 10 nJ 
(10 x 107? Joule) pulses at 80 MHz repetition rate. 
Group velocity walkoff is a concern for this short 
pulse duration (Figure 10). Barium borate (BaB2O, or 
BBO) is a common crystal for this application. The 
group velocity walkoff rate between the ordinary- 
polarization 800nm fundamental pulse and the 
extraordinary-polarization 400 nm harmonic pulse 
is 190 fs/cm. A crystal length no longer than 0.5 mm 
is needed to avoid lengthening the harmonic pulse 
in time. Fortunately, the laser-induced-damage- 
threshold intensity increases approximately as the 
inverse of the square root of the pulse length between 
roughly 10 ns and 1 ps, and it is possible to focus the 
beam to achieve higher intensity without crystal 
damage and compensate for the short crystal length. 
However, the 68-milliradian birefringent walkoff of 
the harmonic will limit the size of the focus. A 20 um 
spot size will allow an interaction length that roughly 
matches the crystal length and provides a peak 
fundamental intensity around 16 GW/cm* and a 
conversion efficiency of nearly 30%. Now suppose 
the 100 fs pulse is amplified to 100 mJ in a large 
chirped-pulse regenerative amplifier. A larger diam- 
eter crystal is required, and KDP is an appropriate 
choice. The group velocity walkoff rate in KDP is 
78 fs/mm, and a crystal of 1.5 mm thickness could be 
used. With the beam spot size increased to 30 mm, the 
peak intensity will be 71 GW/cm7, and the conversion 
efficiency will be about 40%. Material availability, 
such as the large sizes possible with KDP, often 
determines a choice. 


Conclusion 


Basic techniques for describing and modeling second- 
harmonic generation have been discussed. Birefrin- 
gent phase matching and quasi phase matching were 
reviewed. Three examples were used to illustrate 
considerations for implementing harmonic-gener- 
ation systems. There are many more parameters to 
be considered for other applications and for more 
detailed analysis. The examples presented illustrate 
the demands nonlinear optical frequency conversion 
places on materials. A few materials have been 
established as primary choices in common appli- 
cations. But for many applications, available 
materials or laser system performance are limiting 
and it is necessary to use the materials and systems 
that are available. The importance of using the 
analysis methods is stressed. It is possible to sacrifice 
performance by improperly specifying a crystal. 
Choosing the best crystal for a harmonic-generation 
application with an appropriate optical design will 
optimize harmonic conversion. 


See also 


Nonlinear Optics, Applications: Phase Matching. 
Nonlinear Sources: Harmonic Generation in Gases. 
Spectroscopy: Second Harmonic Spectroscopy. 
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Introduction 


The invention of the ruby laser, in 1960, provided a 
revolutionary new light source, which emits an 
intense, highly collimated polarized beam of light. 
The new source opened the way for developments 
that have enabled new technologies, thus profoundly 
changing our way of life. One of these new frontiers 
opened by the laser was the field of nonlinear optics. 
In 1961, Franken ez al. were the first to report the 
observation of second-harmonic generation from a 
quartz crystal, using ruby laser light. Third-harmonic 
generation (THG) was soon discovered by Terhune 
and co-workers in 1962. 

THG has found applications as a spectroscopic tool 
to probe optical properties of materials, but recently 
it has been developed as a microscopy tool and a pulse 
measurement technique. More efficient THG is 
possible by engineering the materials; for instance, 
one way to improve conversion efficiency is to use 
periodic structured dielectric materials, called photo- 
nic bandgap structures. 


Polarization and the Third-Order 
Susceptibility 


THG is a nonlinear optical phenomenon, where light 
of angular frequency @ is converted into light at an 
angular frequency 3 that is three times higher. Light 
is made of particles called photons and the nonlinear 
medium enables the process whereby three photons of 
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frequency are annihilated to create one photon of 
frequency 3@. The nonlinear interactions are strongly 
dependent on the polarization or the dipole moment 
per unit volume, which is written as a series 


POHHAOREOLH TE OAL EO 1 


where y is the susceptibility of the optical material, 
the superscript of y in parentheses denotes the order 
of nonlinearity, t is the time variable, and E is the 
electric field. Both the electric field and the polari- 
zation are vectors; therefore the susceptibilities are 
tensors. The first-order or linear susceptibility Ge isa 
second-order tensor. This term constitutes the linear 
polarization of the medium denoted a P". It has nine 
elements, but only up to three independent elements 
depending on the symmetry of the lattice. The other 
terms represent an expansion for the nonlinear 
polarization of the medium, PN. Note that the 
superscripts ‘L’ and ‘NV’ denote linear and nonlinear 
polarization contributions, respectively. The third- 
order susceptibility rere is a four-rank tensor, which 
usually has 81 elements (3x 3x3xX3= 681). In 
asymmetric crystalline solids, all 81 elements can be 
of nonzero value and independent. With a higher 
degree of symmetry in other optical materials, the 81 
elements are no longer all independent, and thus the 
number of independent elements can be reduced to a 
lower number. For example, isotropic material such 
as glass, liquid, or vapor has only three independent 
elements. For illustration, we consider a general case 
where the applied frequencies w are arbitrary, and the 
third-susceptibility is given as 
yc), = 

Xijkl = X jet @4 = @ + @ + @3) [2] 
Note that the superscript has been removed. In the 
isotropic material, the coordinate axes must be 
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equivalent. Thus, the susceptibility has symmetry 
given by 

















X1111 = X2222 = X3333 [3a] 
Ni122 = Xi133 = X2211 = X2233 = X3311 = X3322 —«([3b 
X1212 = X1313 = X2323 = X2121 = X3131 = X3232 [3c] 
X1221 = X1331 = X2112 = X2332 = X3113 = X3223~— [3d] 





For the isotropic material, there are only 21 nonzero 
elements, as given in eqns [3a]—[3d], because these 
elements have a Cartesian index (1, 2, or 3) that 
appears an even number of times. The reason for 
nonexistence of the elements with an index appearing 
an odd number of times is because, for example, x1277 
would give a response in the X, direction due to a field 
applied in the %, direction. This response must vanish 
in an isotropic material, because there is no reason 
why the response should be in the +, direction 
rather than in the —X, direction. In summary, the 
elements in the third-order susceptibility of the 
isotropic material have the relationship given by 

Nik = X1122 Oj et + X1212 Sik St + X1221 O41 5je [4] 
where 6 is the Kronecker delta function; it has a unit 
value, 6; = 1, if and only if i = j, otherwise, it is zero, 
5; = 0. Thus, we see from eqn [4] that there are only 
three independent elements in the isotropic material. 
Crystalline materials have more independent com- 
ponents and they have been determined for the 32 
crystals classes. The relationships between the 
elements for these crystalline classes are tabulated in 
books by Boyd and by Butcher and Cotter. 

A block diagram of a material illustrates THG and 
its corresponding energy-level diagram is depicted in 
Figure 1. Figure 1a shows that fields of frequency w 
excite the x° optical material to generate the third- 
harmonic field with the residual of the fundamental 
harmonic field. Figure 1b shows that three photons of 
frequency w are destroyed to generate a photon of 
frequency 3m in the third-harmonic generation. 


—> 
—> 


o ——> (3! 


(a) 


Figure 1 


For third-harmonic generation, the frequency 
dependence of the susceptibility is expressed as 
Xijk(3o = w+ w+ @). With the intrinsic permutation 
symmetry of the nonlinear susceptibility, the elements 
of the susceptibility tensor has a relationship such 
that y1492 = X1212 = X1221. So we can further reduce 
eqn [4] for the third-harmonic generation as 


Xie Go = OF OF @) =YX1122(30= w+ +4 @) 


X (Sj Spi + Fj~ 541 + 55j~) [5] 
Therefore, we see that the third-harmonic suscepti- 
bility tensor has only one independent element. 


Wave Equation for y* Third-Harmonic 
Generation 


Theoretically, we have to use the wave equation to 
observe how an intense laser field interacts with the 
nonlinear material, so that the polarization of the 
medium could develop new frequency components 
that are not present in the incident field. Thus, these 
new frequency components of the polarization 
become the sources of the new frequency components 
of the electromagnetic field. 

To formally describe THG, we begin with 
Maxwell’s equations (in Gaussian units), and we have 





Vx D= 479 [6a] 

VxB=0 [6b] 

ven [6c] 
c ot 

VeHe 2? 425) [6d] 
c ot C 


where H is the magnetic field, B is the magnetic flux 
density, D is the electric flux density, p is the charge 
density, and J is the current density. The desired 
solution is in the region of space in the nonlinear 
material that has no free charge (9 =0), and 
therefore, there is no free current (] = 0). We assume 


aw 
aw 


3a 


(b) 


The third-harmonic (a) block diagram; and (b) energy level description. 
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that the nonlinear material is nonmagnetic, so that 
B=ypH=H, where w=1 in a nonmagnetic 
environment. In nonlinear material, the electric flux 
is defined as 


D=E+4nP [7] 


so that the polarization depends nonlinearly on the 
strength of E. Using eqns [6c] and [6d], we have 


1 a*D 
VxVxE+ — —=0 8 
v2 at? [3] 


Substituting eqn [7] into [8], we have 


1 0°E —40a°P 
VxVXE = 9 
= c ot c at 7] 





Using an identity from the vector calculus, we have 


VXVXE=VVXE)-VE [10] 


In linear optics, we see from eqn [6a] that when 
there is no free charge in source-free isotropic 
material, Vx D=VxE=0. Thus, the first term 
on the right-hand side of eqn [10] has no effect. 
Whereas in nonlinear optics, V X E # 0 in isotropic 
material, but the contribution from the first term 
on the right-hand side of eqn [10] is negligible, 
therefore, we can ignore it. Thus, eqn [9] can be 
simplified as 


10°E 47 0°P 
a ar oe oF 





VE [11] 


For distinction of the linear and nonlinear contri- 
butions, we modified eqn [7] to get 


D=E+4aP! + 47PNt 


where P= P! + PN'. Let D1} =E+4aP', and we 
rewrite eqn [11] as 
1 aD’ = 4ar 2 PNE 
VE= 2 7 , 2 
cot c ot 





[12] 


Equation [12] is the most general form of the wave 
equation seen in nonlinear optics, and could be used 
as our starting point for our study of third-harmonic 
generation. 


Methods of Third-Harmonic 
Generation 


Since nonlinear optics is a popular research topic, 
there are a handful of existing methods that can be 
used for third-harmonic generation, and possibly new 
methods may be developed in the future. Here, we will 


discuss three methods using y* material: (i) photonic 
crystal; (ii) defect mode using photonic crystal; and 
(iii) homogeneous nonlinear crystal. 


Photonic Crystal 


After the invention of electronic bandgap structure, 
the optical scientists and engineers saw the possibility 
to extend the operating waveband into the visible, 
and thus we have the photonic bandgap structure. 
The geometry and material choices of the photonic 
bandgap structure create a unique bandgap in 
frequency spectrum that has potential applications 
in laser optics, telecommunication, medical imaging, 
optical limiting, etc. A photonic bandgap structure is 
also commonly known as the photonic crystal. For a 
one-dimensional photonic crystal, two materials of 
certain thicknesses each, repeat themselves a number 
of times. For example, the first and second materials 
are of thickness ‘a’ and ‘b’, respectively, so that their 
combined thickness is ‘d’, and have a periodicity of 
10. The schematic of such a one-dimensional photo- 
nic crystal, with its corresponding dielectric function 
as a function of axial distance z, is depicted in 
Figure 2. 

By using y* materials for photonic crystal, and 
using method of multiple scales (MMS), we have the 
nonlinear polarization given as 

pt — jy) EF [13] 
where A is the perturbation parameter. With reference 
to Figure 2, assume that ‘a’ is equal to ‘b’ so that 
d = 2a, then the Fourier expansion of the dielectric 


£(Z,@) 


s+ Agta) | 


e(@) 





Figure 2 The schematic of the one-dimensional photonic 
crystal. 
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function is given as 
&(Z, W) = &(w) + AAe(w) cos(2 72/d) 


- 5 Ade(w) cos(6mz/d) +++: [14] 
where &(w) is the zeroth-order coefficient, and Ae(w) 
is first-order coefficient of the Fourier series expan- 
sion. Without going through the mathematics of 
MMS, we use eqns [12] and [13] to obtain the 
solution of the wave equation and two sets of coupled 
mode equations. The solution to the wave equation 
in eqn [12] is given by 


1 . 1 _: a 
Eo= (pg Antentnet +——Api (21,41 )e we mae 


vei vei 


1 ; 1 7 - 
+ (Fe totenmnel + FoAtentne ws) Sian 


vks vks 


+c.c. [15] 


where A is the amplitude of the field, k is 
the wavenumber such that kt=w7e(w)/c*, and 
k3=(3)*e(3w)/c? where c is the speed of light, 
and ‘c.c.’ refers to the complex conjugate. Note that 
the subscript ‘f’? and ‘b’ refer to the forward and 
backward modes, respectively. Also, the subscript ‘0’ 
refers to the slowest scale, and ‘3’ refers to 
the fastest scale chosen in the analysis using MMS. 
Let ain =NAq ei™iz/d ay =NAy eo mz1/d 

NA; e'73*14, and a,3=NA,3e °73*"”4, such that 


nz Zav3ks Go)" x) 
k3ctkiJky 


The coupled mode equations for the fundamental 
field are given as 


43> 











0a d 0a id 2 : ‘ 
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024 TU 51 Oty 2k, ee Ane el 
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5 4et ig [2lay, + lag 7] 
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—04p1 , d day id _» : : 
= Vi api +164 Ika 
Oz TU 54 Oty 27k, BE et ae 


Qa ‘ 
= 5401 +1ap4 [2lag, eae layi 7] 


+iapiay3 [16b] 
where, at the fundamental harmonic, v,, is the group 
velocity of the homogeneous medium, 6; is the laser 
detuning, «; is the coupling coefficient, a, is the 
absorption coefficient, V7 is the transverse Laplacian 
and the whole term (V7 a, and V7 a,,) accounts for 
diffraction effects, and ‘*’ denote the complex 


conjugate of the corresponding term. Similarly, the 
coupled mode equations for the third-harmonic field 
are given as 


0453 d 0a¢3 _ id 














Vii ag 
024 Tg 3 Oty 27k; 1463 
. 3k 
sing] +6 gas 
3 
1K34p3 Sars ia [17a] 
da d da id 
Ab3 b3_ ve ea 
024 TU 53 Oty 27k; 
‘ 3k 
+ iap3 . + 64] k (lap, |? 4 an" 
3 
: a3 - 3 
— 13493 — 5-43 +1454 [17b] 


where at the third harmonic, v,3 is the group velocity 
of the homogeneous medium, 63 is the laser detuning, 
«3 is the coupling coefficient, and a3 is the absorption 
coefficient. Note that in the limit when k3 ~ 3k}, the 
coupling coefficient between the fundamental and 
third harmonics are related by 


d Asa 
m= 3(4) 8 pola 





[18] 


Also, note that the laser detuning between the 
fundamental and third harmonics are expressed as 


= (2)ak+39, [19] 
T 

where Ak=k3—3k,; X Equation [19] described the 
phase matching condition, which determines the 
efficiency of the third-harmonic generation. When 
the phase is completely matched (Ak=0), then we can 
achieved the most efficienct in third-harmonic genera- 
tion when 63=36,. Equations [16] and [17] are useful 
equations which are commonly used for numerically 
simulation of beam propagation. 


Defect Mode Using Photonic Crystal 


A defect mode can be generated in the photonic 
crystal if we introduce a defect in the geometry of the 
photonic crystal. The schematic of the photonic 
crystal with a defect of length dg located at the center 
of the photonic crystal, where the subscript ‘d’ 
denotes defect, is depicted in Figure 3. For the 
convenience of the analysis, we divide the entire 
photonic crystal into three regions: (i) Region I; 
(ii) Region II; and (iii) Region III. Since we arbitrarily 
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Figure 3 The schematic of the photonic crystal with a defect of 
length dy. 


put the defect in the center of the photonic crystal, 
Region I and II will be identical, thus it will be easier 
for us in our analysis. The strategy of our analysis is 
to solve the wave equation for Region I of the 
photonic crystal, and apply the result to the Region II 
analysis. Similarly, we apply the corresponding result 
of Region II to Region III. Thus, by breaking up the 
entire photonic crystal into three regions, we can then 
easily analyze the propagation of a field through the 
entire photonic crystal. 

Assume that Region I and II are each of length L/2. 
Using the coupled mode equations without consider- 
ing the effect of absorption, the fundamental fields 
in the forward and backward modes in Region I 
is given as 


10, . 
461(REG) (21) = (covaren = ‘sine ara" 
1 
1K 


Lae 


sin(A 24 )4pierec)(0) [20a] 


16, . 
4y1(REG) (21) = (<ovaren + sins 2) au a864 
1 


ik. 
= 5 sin(Ayz apie (0) [20b] 
1 


where 


dap Ae(w) 

— [2 _ 2 _ 40 

A, =o, -k, K= “See 

and the subscript ‘(REG)’ denotes solution in either 
Region I, II, or III. The boundary conditions for the 
fundamental harmonic field, at the interface between 
Region I and II, are given as 


aeran(da) = eae (L/2) [21a] 


ayian(da) = & **ayiy(L/2) [21b] 


where k = na/c. The field that propagates through 
Region II can be determined using eqns [20] and [21]. 
Also, the boundary conditions at the front and end 
faces of the Region III of the photonic crystal are 
given as 


Ariay(0) = agian (da) [22a] 


apyiamp(L/2) = 0 [22b] 


Using eqns [20] and [22], we can determine the field 
that propagates through Region III. Similarly, we can 
use the same approach to analyze the third-harmonic 


field. 


Homogeneous Nonlinear Crystal 


If we examine Figure 2, we see that when Ae(w) = 0, 
the photonic crystal becomes a homogeneous non- 
linear crystal. In another word, x3 = 0 when we set the 
laser detuning to zero, thus there is no more coupling 
between the layers, and we are left with only the 
forward mode. Without going through the mathemat- 
ics of four-wave mixing to describe the THG in a 
homogeneous nonlinear crystal, we can obtain the 
fundamental and third-harmonic coupled mode 
equations from eqns [16] and [17]. This will make it 
easier to make comparisons between the photonic 
crystal and the homogeneous nonlinear crystal, rather 
than comparing the coupled mode equation with the 
four-wave mixing equations among them. Since no 
backward wave is generated in the homogeneous 
nonlinear crystal when there is no coupling between 
the forward and backward modes, eqn [16] can 
remove the coupling term and the backward mode 
equation, and the modification is given as 


0a d 0a = id 








a 
Vida bites = a 
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for the fundamental and third-harmonic fields, 
respectively. 


Applications 


Generation of short wavelength radiation is possible 
using THG. Therefore, it becomes less expensive to 
generate green, blue, or ultraviolet light with the 
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infrared and the red light. In order to improve THG 
conversion efficiency, a beam with a tight focus is 
used, which results in an electric field of highest 
intensity, and has the highest possible y° polarization 
effect. Normally, due to the phenomenon of the Gouy 
phase shift at a tight focal point of the beam, third- 
harmonic generation is suppressed. However, in 
the presence of an interface within the focal volume, 
the phase is disturbed and a third-harmonic signal is 
generated. This phenomenon has been used to image 
cells in in vivo microscopy on a femtosecond time- 
scale. The ultrashort pulses have little energy and 
therefore little heat is deposited in the material. The 
cells can be continuously imaged without damage. 


See also 


Materials Characterization Techniques: x °. Photonic 
Crystals: Photonic Crystal Lasers, Cavities and 
Waveguides. 
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Introduction 


Light waves propagate along straight lines in a 
vacuum and in materials. However, their amplitude 
and phase can only be affected by the intrinsic 
properties of the sample, such as absorption and 
refraction index. Experimental work from the early 
1960s, has deviated from this simple approach, 
mainly through propagating intense light beams in 
crystals and glasses. Among many puzzling new 
effects, frequency conversion and beam coupling 
have triggered intense studies and opened a whole 
new field, theoretically and experimentally. These 
various phenomena have been classified according to 
the order of their optical nonlinearity. The second 
order mainly occurs in frequency generation and has 
already been discussed in previous articles of this 
encyclopedia. Therefore, this article will be devoted 
to the higher order, in which self focusing, coupling, 
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and mixing of light beams will be explained. We will 
illustrate some simple ideas with a convenient model 
before describing a few applications. 

The framework of electromagnetic wave inter- 
action with matter is embedded in the Lorentz force. 
The oscillating electric field drives the components, 
ions, and electrons, but due to the large mass 
differences, only the electron movement is strongly 
perturbed. In dielectric media, these carriers are 
connected with static bonds such that the applied 
electric field modulates the spatial position of 
equilibrium of the charges. As a result, a dipolar 
moment is created and oscillates quasi-adiabatically 
at very high frequencies (between 10'* and 10'” Hz) 
for an applied optical wave. These collective oscil- 
lations of the induced dipoles compose the so-called 
matter polarization, proportional to the driving 
electric field amplitude. Magnetic field interaction is 
usually much weaker and so can be neglected in 
nonmagnetic media. 

As an electromagnetic wave, lasers are a 
coherent source of very high intensity, i.e., large 
electric fields. For example, in standard pulsed 
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lasers focused on a target, the light intensity can 
easily reach 10 Tw/cm?, corresponding to an electric 
field of the order of magnitude of the internal 
bonding field (10'° V/m). At this level of inter- 
action, dipolar moments are no longer strictly 
proportional to the applied electric field, as depicted 
in Figure 1. In the weak field regime, the simple 
perturbation approach displaces the carriers in a 
power series of the applied electric field. The 
polarization is thus developed in series, in respect 
to this electric field. 


Formalism 


Relation Between Field and Polarization: The 
Response Function 


Although numerous works have been published with 
a frequency description of the material polarization, 
we will discuss here the study of nonlinearity in the 
time domain in order to follow the physical reality. In 
most processes, both spaces are equal and can be 
selected at will, as long as the entire requirements are 
fully understood; the electromagnetic field is classi- 
cally described. 

In the time domain, the polarization can be 
developed as 


Pr, t) = Plinear(1, t) oF PNonlinear(? t) [1] 


where the linear part of the polarization can be 
written as 


Pisce hs t) = €o | | RPGs ty) 
R3 J —o 
x E(r _ r,t = t,)dt, dr, [2] 





Figure 1 Polarization for various field amplitude: (a) Weak field 
case, linear response. (A) Strong field, distortion and nonlinearity. 


This general expression is rather complex but shows 
that the polarization, due to collective movement of 
carriers in a macroscopic volume (thousands of 
dipoles) centered at position r, always depends on 
the applied electric field. This expression is also 
nonlocal as dipoles—dipoles interactions play an 
important role. 

In general, for the nonlinear (NL) part of the 
polarization, an approximation of the local inter- 
action is described for simplicity. For a second-order 
interaction, one can write: 


p® (r,t)h=e i. i. RU to) 
NL\"? 0 ee ee 1>°2 


x E(r,t — t)E(r,t — ty — t)dty dt, [3] 


For the other series expansion — at third order, one 
obtains 


+00 ¢+oo f¢+oo 
PRL(r.t)=60 | | | R(t t,t) E(t —t5) 


x E(r,t —t3 — t E(r,t — tz — th — t,) dt, dt, dt; 
[4] 


This third-order polarization already combines three 
electric fields. This nonlinear polarization also 
radiates a fourth wave and is therefore the adopted 
framework for describing four-wave mixing experi- 
ments (Figure 2). 

As the physical properties of materials depend only 
on time intervals between the different pulse inter- 
actions, eqn (4) can be rearranged as 


+00 c¢+oo f+oo 3 
PR} (.t)=60 | | | R‘ \(t— 14,t— %),t— 73) 
—o —oc —oo 


X E(r, 7) E(t, 2) E(r, 73)d7, dt d73 [5] 


If the sample response time is much shorter than 
pulse duration, the so-called adiabatic limit (as for 
electronic cloud deformation excited distant from 
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Figure 2 Three incoming beams &;, E>, E3 create a polarization 
(nonlinear). The sample responds while radiating a fourth field E,. 
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resonance) the polarization is written as 
PUL (7,1) = e909 Er, DEQ, DE(1,0) [6] 


We will see later how this expression is useful for 
third-harmonic generation and optical Kerr effects, 
etc. This expression is accurate for materials excited 
at a distance from resonances and care must be taken 
to reserve such a model for corresponding processes. 
In this case, the frequency approach is quite simple 
too and both spaces, time or Fourier, can be chosen 
at will. 

For very long response time, such as orientational 
or structural molecular reorganization, one can use 
the Born—Oppenheimer approximation and present 
the nonlinear polarization as 


PO) (7, 0) = eoE(r, ORO) [7] 


Similar is linear polarization, where the response 
function takes into account the changes of the 
molecular structure under the light intensity stress: 


RM= ie dt — 4) EC, t)E(r,t,)dt, [8] 


The material response will then be mostly driven by 
the field amplitude rather than the frequency. 


Properties of Nonlinear Susceptibilities 


The third-order nonlinear susceptibility x is the 
Fourier transform of the response function R and has 
proved to be a most practical tool in optical nonlinear 
theory. The symmetry properties of the material lead 
to simplification on the tensor of rank 4 (fourth rank 
tensor), involved in four-wave mixing: 


3 3 
P (Om )=& De 2. Xie re Om Ons r++ 


soMp 115. 


x E, (a) ; E(t [9] 


The nonlinear susceptibility tensor must account for 
all the spatial and symmetrical order of the sample. 
This will eventually reduce the number of indepen- 
dent elements from a possible 81. 


Wave Equation in Nonlinear Regime 


From Maxwell’s equations, with a sample without 
free carriers and current, one can deduce the wave 
equation in the time domain, as: 


1 0°E 
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[10] 


In the frequency domain, this equation reduces to 


AE(r, a) + k(w) E(r, @) = —pow’ Pyro) [11] 


In order to solve these (coupled) wave equations in 
relation to four-wave mixing, we must develop the 
electric field and the polarization in a slowly varying 
envelope approximation, using the following conven- 
tions: 


1 eae ee Te 
Ex(r,t)= 5 (Ar te" KO + Arde OF Mo?) 
[12] 
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Pui) = 


Within the framework of small perturbations, dif- 
fraction can be neglected and the wave equation can 
be easily reduced to one dimension: 


JA _ 1@ 


az. 2n(w)eoc (14) 


NL(z, w) exp(—ik(w)z) 
where w represents the sum or difference permu- 
tations over all the frequencies w,, thus reflecting the 
law of energy conservation. 

In the case of four-wave mixing, one has to solve 
four coupled equations for the four interacting waves. 
Using the polarization eqn [13], one gets: 


aA; 1a; 4 4) 
‘az 2n(w)c* PAD Ay AS 
cee ee eae [15] 
i=1,2,3 


This set of generic equations respectively represent 
indifferently, either the three incoming beams (j= 
1,2,3), or the radiated field E, at w. The algebra used 
here associates at each complex conjugate field (*) 
with the counter propagating wave (—k). The 
amplitude variation of the j field at frequency «; is 
due to the coupling of the three other fields within the 
sample. The accumulated field is nevertheless always 
strongly dependent of the phase term and will vanish 
except when this phase term is zero. This is known as 
the phase matching condition which has to be fulfilled 
to ensure an efficient energy conversion. A more 
general approach of this condition can be found in the 
corresponding article of this encyclopedia. 


Example and Selected Applications 


When inserting the full material polarization (linear 
and nonlinear) into the propagation equation, even 


Eerarnin! dye | lam, Daflajerjoin 
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restricted at third order, a whole set of processes must 
be considered. All of them are described by the 
generic equation already presented, but only a few 
very important processes — with increasing complex- 
ity — will be described here. 


Optical Kerr Effect 


We consider one single beam incident at frequency 
@ on a sample. The non-linear polarization is 
given by 


PROD = Bx (ECO +E (rt) +3EC,DE (rt 


+3E(r,HE'(r,t)’) [16] 
The polarization at frequency w reduces to 
PO (7,1) PLE DPE) [17] 


4 


This term has the same phase as the incident beam 
and, therefore, the phase matching is automatic. 
Using eqns [12] and [13], one can rewrite the wave 
equation for the optical Kerr effect in the thin 
sample approximation: 


dA 3iw 73 
CLEC TT 


18 
dz 8nc fae 
The solution of this equation is 
A(z)=A(O)exp( —— A(0)2z [19] 
8nc 


Along the beam, the amplitude of the input pulse 
stays constant for this process but its phase is 
affected by a nonlinear shift proportional to power 
density I. 

In literature, one can find the concept of 1, the 
sample nonlinear index, in the following formula: 

@ 
YL) = Pe [20] 
In this way of describing the total phase along the 
beam, the index of refraction in the nonlinear regime 
can be expressed more conveniently as 


n= No + nT [21] 


One of the most significant demonstrations of this 
effect is the self-focusing phenomenon. The usual 
Gaussian transverse structure of a laser beam presents 
high intensity at the center of the beam, therefore 
creating an index variation in the isotropic sample 
due to this optical Kerr effect. An induced lens can 
then be applied to this refractive index gradient, 


following the field distribution. As a result, the beam 
focuses itself along the propagation and can result in 
a complete breakdown. 


Third Harmonic Generation 


In the third harmonic generation, i.e., the third-order 
nonlinear process where the frequency of the gener- 
ated wave is three times the frequency of the input 
wave at o, only two waves are in the sample (at w and 
3w). For the nonlinear wave, the master equation is 
then: 


dA3, iw 
dz. 8n(3)c 





x Ad exp((3ik(w) —ik(3@))z) [22] 


Here, propagation effects have to be carefully 
considered as theses waves do travel at different 
velocities and will eventually be out of phase. 
Obviously this discrepancy of phase velocities pre- 
cludes the co-propagation and strongly affects the 
global efficiency. The only way to ensure a coherent 
generation of the harmonic wave throughout the 
material is to fulfill the relation: 


k(3.@)=3k(w) [23] 


This is the so-called phase matching condition. 
Although difficult because the usual dispersion of 
materials is very large for such a frequency difference, 
this can be satisfied using either geometrical arrange- 
ment or, if possible, using the birefringent properties 
of the material. The efficiency of this method is poor 
and a better approach is implemented when two ¥” 
processes are cascaded (doubling and sum frequency 
mixing). 


Degenerate Four-Wave Mixing and Phase 
Conjugation 


One of the most popular and intriguing interactions is 
depicted in Figure 3. Where the sample is excited by 
three fields at the same frequency w in this particular 
geometry: two-waves, named pump beams E, and E), 
are exactly counter-propagating with opposite 
wave vectors of +k; and ky = —k,, while the third 
wave (E3) arrives at the sample with a given wave 
vector of k3. 

Of possible couplings, one contribution E, corre- 
sponds to a re-emitted beam along ky = —k3, i.e., 
opposite to the E3; wave. 
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The third-order nonlinear polarization is given 
here by 


é ae 
PO (7,0) = = y(Eq(r, t) + Ex(r, t) + En(r,t) 


+ Ex(r,t) + E3(r,t) + Ex(r,0)° [24] 


This E, wave (along —k3) originates in this product 
from source terms including: 


E,(r, )Eg(7, )E3(7, 2) [25] 
and thus present an evolution driven by: 
dA, 3i@ 43) : 

ez. Antena * A, A2A3 [26] 





Figure 3 Two counter-propagating fields (E,, E,) and the third 
field E3; create a polarization (nonlinear). The sample responds 
while radiating a fourth field E, opposite to the E, wave. 
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Figure 4 (a) Snell refraction in a conventional mirror; (b) Phase 
conjugate mirror. 
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where the phase matching condition is automatically 
fulfilled. Interesting facts can be described using this 
expression. First, the radiated amplitude is pro- 
portional to the complex conjugate of the E; field. 
This nonlinear process is not only able to reverse the 
direction of propagation but also the whole phase of 
an arbitrary incoming beam of light. This ‘phase 
conjugator’ can be considered as a kind of mirror 
with very unusual reflection properties. Unlike a 
conventional mirror, where a ray is redirected 
according to the ordinary law of reflection, a phase- 
conjugate mirror (PCM) retro-reflects all incoming 
rays back to their origin (Figure 4). 

Second, the reflectivity of this mirror depends on 
the susceptibility and the amplitude of the first two 
fields, usually called pump beams. This will allow 
reflectivity that is much higher than the unity, unlike 
with conventional mirrors. 

The remarkable reflection properties of the PCM 
have found many important applications. The most 
useful undoubtedly is related to distortion correction. 
If the image information has been distorted by the 
transmitting medium on its way to the PCM, then 
these aberrations will be corrected when the reflected 
signal retraces its original path through the medium. 
Through this amazing ‘healing’ property of optical 
phase conjugation, a high-quality optical beam can be 
double passed through a distorting medium, such as 
an imperfect imaging device or a turbulent atmos- 
phere, without any loss of beam quality. Figure 5 
shows the basic two-pass geometry for imaging and 
aberration correction using a PCM. 

The spherical wave from the object point P is 
aberrated by the distorting medium. The wave-front 
is reversed by the PCM and a second passage through 
the same distorting path restores the initial field. The 
resulting spherical wave converges to the image point 
P’, separated from P by the beamsplitter. 

Numerous other applications for PCM and the 
various underlying nonlinear optical interactions 
have been proposed. These include effects as diverse 


Distorting 
medium 


Figure 5 A basic two-pass system for imaging and distortion compensation using optical phase conjugation. 
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as parametric oscillation, optical tracking and point- 
ing, spatial and temporal image processing, optical 
computing, optical filtering, etc. The PCM is also 
successfully implemented for aberration correction in 
high-power laser resonators. 


Nondegenerate Four-Wave Mixing 


If the frequencies of the impinging fields build a 
nonlinear polarization with an oscillating term close 
to absorption (or emission) frequencies of the sample, 
the nonlinear susceptibility increases tremendously. 
The radiated field amplitude changes by orders of 
magnitude and allows spectroscopic studies of the 
sample. The most popular process used to perform 
gas spectroscopy is CARS, an acronym for coherent 
anti-Stokes Raman scattering (or spectroscopy). In 
this case, the three incoming beams have different 
frequencies and the phase matching condition is 
eventually fulfilled in the 3D space. 

Usually, two beams at the same frequency wp 
(pump beams), are mixed with a third beam at 
a tunable frequency ws, according to the energy 
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Figure 6 Energy diagram for a CARS experiment. Four-wave 
mixing efficiency increases when the frequency difference wp — 
wg is Close to a resonant frequency of the sample, @molecule- 





Figure 7 


scheme in Figure 6. As the radiated frequency wcars 
is higher, the Raman spectroscopic notation is used 
and the subscripts ‘S’ hold for ‘Stokes’ and ‘P’ for 
‘anti-Stokes’. 

Whenever wp — @s = @molecule, then an increase of 
the CARS intensity by many orders of magnitude is 
observed. Therefore, a Raman spectrum can be 
obtained by continuously changing, the Stokes laser 
and simultaneously recording the intensity of the 
CARS beam. This procedure is called scanning 
CARS, an interesting technique insofar as it allows 
taking high-resolution spectra, as well as measuring 
temperature of the sample while scanning over the 
Boltzmann distribution of the electronic ground state. 

Figure 7 displays a classical geometrical arrange- 
ment where the phase matching condition fully 
determines the directionality of the radiated field at 
@cars- Although the alignment of the setup can 
become tedious, this technique has been widely used, 
even in hostile industrial environments. The coherent 
aspect of this four-wave mixing process, imbedded in 
the phase matching condition, has a huge benefit over 
classical spectroscopic techniques and thus isotropic 
techniques, such as laser-induced fluorescence or 
Raman spectroscopy. 

The CARS process is an interference process 
comparable to diffraction of a grating. The two fields 
at wp and ws form a laser-induced moving grating and 
the third field, at wp, undergoes a Doppler shift at 
cars: This scattered field undergoes a coherent 
amplitude addition in the Bragg direction. 


Conclusion 


In this article, we have discussed a set of optical 
nonlinear processes occurring at the third order of the 
development in series of the material polarization. At 
this order, wave mixing obviously shows most 





Layout of the CARS beams near a sample (a flame here). This particular arrangement is called folded (or 3D) Boxcars. 
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significant behavior and has been extensively 
studied and applied in many scientific areas. The 
general framework presented here can be further 
investigated using some books listed in Further 
Reading below. 


See also 


Fiber and Guided Wave Optics: Nonlinear Optics. 
Nonlinear Optics, Applications: Phase Matching. Non- 
linear Optics, Basics: y°—Third-Harmonic Generation. 
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Since their introduction nearly 75 years ago, the 
Kramers—Krénig (KK) dispersion relations have 
been widely appreciated and applied in the analysis 
of linear optical systems. Because they are a 
consequence of strict causality, the KK relations 
apply not only to optical systems, but also to any 
linear, causal system such as electrical networks and 
particle scattering. In this article, we review the 
formulation and application of these relations in 
nonlinear optical systems. Simple logical arguments 
are used to derive dispersion relations that relate 
the nonlinear absorption coefficient to the nonlinear 
refraction coefficient. More general formalisms 
are then derived that apply to all nonlinear 


susceptibilities including the harmonic generating 
cases. Examples of recent successful application 
of these dispersion relations in analyzing various 
nonlinear materials will be presented. 

The mathematical formalism of the KK dispersion 
relations in nonlinear optics was studied in the 
formative days of the field. The great usefulness of 
these relations was appreciated only recently, how- 
ever, when they were used to derive the dispersion of 
the optical Kerr effect in solids from the correspond- 
ing nonlinear absorption coefficients, including two- 
photon absorption. 

Before examining the details of KK relations in 
nonlinear optical systems, it is instructive to revisit 
the linear dispersion relations and their derivation 
based on the logic of causality. We will begin this task 
by introducing the definition of the linear as well as 
nonlinear susceptibilities y’. In most nonlinear 
optics texts, the total material polarization (P) that 
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drives the wave equation for the electric field (E) is 
expressed as 


PiQ)= e0| Ria — ty )E\(ty dey + eo | 
x RO(E- ty ,t— ty E(t Eg (ty)dty dey 


+20 | | Rit —t1,t— t,—t3) 
—oo —oo —oco 


x E,(ty E(t )E/(t3)dt) dtp dt; +--+ [1] 


where R“™? is defined as the nth-order, time-depen- 
dent response function or time-dependent suscepti- 
bility. The subscripts are polarization indices 
indicating, in general, the tensor nature of the 
interactions. The summation over the various indices 
j,k, 1, ... is implied for the various tensor elements of 
R™), Upon Fourier transformation, we obtain: 


Pi(w)=e0 | den x,)dE(on)5(o~ 0) 


+60 | da, I. dw, 


XH (1,02) Ej( 1) Ex (2) 5(@— 0} ~ 03) 


+60 | do | don | dw; 


X HEP ( 1 2, 03)E;(1 JEK(@2) E)(3) 


X d(@ — W1 — W) — 3),°** [2] 





where 6 is the Dirac delta-function. Here the E(w) are 
Fourier transforms of the corresponding electric field. 
The nth-order susceptibility is defined as the Fourier 
transform of the mth-order response function: 


-oo -boo boo 
Nie -n(O1s 250405 Opn) = dn | dry | 
[oe) 


—0o —oo 





1(@y Ty Hy T2 + +O Tm) 


(n) 
XA R ip gal Ths T25+0+s TE [3] 


For simplicity, we drop the polarization indices 
i,j, ..., and thus ignore the tensor properties of y\” 
as well as the vector nature of the electric fields. 

Let us for the moment concentrate on the linear 
polarization alone and derive the linear KK relations 
for the first-order susceptibility y'"(w). For this, we 
rewrite eqn [3] for 1 = 1: 


XP) = | 


R® (De 127 dr [4] 


(As defined above, y'"(w) and R (7) are not a strict 
Fourier transform pair because of a missing factor of 
27.) Causality means that the effect cannot precede 


the cause. This can be restated mathematically as: 
ROE) = RO DOW) [5] 


i.e., the response to an impulse at t = 0 must be zero 
for t < 0. Here @(t) is the Heaviside step function 
defined as @(t) = 1 for tf > 0 and @(t) = 0 fort < 0. 
Upon Fourier transforming this equation, the product 
in the time domain becomes a convolution integral in 
frequency space 


My — rf Ho) 1 
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which is the KK relation for the linear optical 
susceptibility. The symbol g stands for the Cauchy 
principal value of the integral. The KK relation is thus 
a restatement of the causality condition [5] in the 
frequency domain. Taking the real part we have, 


2 Im{X?(a)} 
-o wW-w 





Rel Cw) = =o | dol (71 
Taking the imaginary part of eqn [6] leads to a similar 
relation relating the imaginary part to an integral 
involving the real part. It is conventional to write the 
optical dispersion relations in terms of the more 
familiar quantities of refractive index, n(w), and 
absorption coefficient, a(w). For |y?|<41 then 
n—-1=Re{¥P\/2 and a = w3m{xP Vc, and eqn [7] 
is transformed into 


oA 2g 
7 





where we additionally used the reality conditions of 
n(w) = n(—@), and a(w)=a(—w) to change the 
lower integral limit to 0. More rigorous analysis 
shows that eqn [8] is general and valid for any value 
of |x|. Although the KK dispersion relations and 
the extent of their applications in linear optics are 
well understood, some confusion sometimes exists 
about their applications to nonlinear optics. Caus- 
ality clearly holds for both linear and nonlinear 
systems. The question is: what form do the resulting 
dispersion relations take in a nonlinear system? The 
linear Kramers—Kronig relations were derived from 
linear system theory, so it would appear to be 
impossible to apply the same logic to a nonlinear 
system. The key insight is that one can linearize the 
system. This is illustrated in Figure 1 where a linear 
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(a) (b) 


Figure 1 (a) A causal linear system obeying KK relations. (b) 
The system in (a) when externally perturbed by é. The dotted box 
now represents our new linear causal system whose altered y ‘” 
obeys the KK relations. 


(and of course, causal) optical material is trans- 
formed into a ‘new’ linear system that now contains 
the material and an external perturbation denoted by 
é. Although we are interested in perturbations of an 
optical nature, this formalism is general under any 
type of perturbation. It is important to appreciate the 
fact that our new system is causal even in the 
presence of the perturbation. This allows us to write 
down a modified form of the Kramers—Krénig 
relation linking the index of refraction to the 
absorption: 


[m(@) + An(w; £)] — 1 


_ <9 | aw!) + Aas 0) 4 


0 w2 — a 7] 
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which, after subtracting the linear relation between n 
and a leaves a relation between the changes in index 
and absorption: 





Aaa’; é) dw 


a2 — w [10] 


C CO 
Anwig)= <0 | 

aw Jo 
where ¢ denotes a general perturbation. An equival- 
ent relation also exists whereby the change in 
absorption coefficient can be calculated from the 
change in the refractive index. It is essential that the 
perturbation be independent of frequency of obser- 
vation, w, in the integral (i.e., the excitation £ must 
be held constant as w’ is varied). 

Equation [10] has been used to determine refrac- 
tive changes due to ‘real’ excitations such as thermal 
and free-carrier nonlinearities in semiconductors. In 
those cases, £ denotes either AT (change of tempera- 
ture) or AN (change of free-carrier density), respect- 
ively. In the former case, one calculates the refractive 
index change resulting from a thermally excited 
electron-hole plasma and the temperature shift of 
the band edge. For cases where an electron-hole 
plasma is injected (e.g., optically), the change of 


absorption gives the plasma contribution to the 
refractive index. In this case, the £ parameter in 
eqn [10] is taken as the change in plasma density 
regardless of the mechanism of generation or the 
optical frequency. 

Let us now extend this formalism to the case where 
the perturbation is virtual, occurring at an excitation 
frequency Q, that is below any material resonance. To 
the lowest order in the excitation irradiance Ig, we 
write 


Aaa; £) = Aa(w; QO) = 2a7(@; Wo [11] 


and 


An(w; 2) = An(@; 0) = 277(@; Oo [12] 
where 7 and a» are the nonlinear refractive index 
and absorption coefficients of the material, respect- 
ively. By definition, these coefficients are related to the 
third-order nonlinear susceptibility ¥°(@,, a, @3) 
via (see Nonlinear Optics, Basics: Nomenclature 
and Units) 








cove 3 Be. = 
n7(@;Q) Aavnaaan@ne Refy’(w, —O, O)} [13] 
and 
ane 30, Bel pat 
a7(@;0) mame Sm{xX(w, -—0,0)} [14] 


We can therefore write the dispersion relations 
between a and m: 


da! 





c [*% ay(a;Q) 
n7(w;,Q) ae We 0 S02 [15] 
Note that even when the degenerate 17(w)=72(w;) 
is desired (at a given w), the dispersion relation 
requires that we should know the nondegenerate 
absorption spectrum a>(a’;w) at all frequencies a. 
Let us pause here and discuss some physical 
mechanisms that can be involved for a given system 
of interest. Consider a material characterized by an 
optical resonance occurring at, say wg (i.e., a 
degenerate two-level system). For a solid, this 
resonance can be regarded as that of the fundamental 
energy gap; @p = w, = E,/h in a two-band system. 
Now, let us examine how the presence of an optical 
excitation at (<p can alter the absorption 
spectrum (at a variable probe w’). In the quantum 
mechanical picture, this gives rise to a ‘new’ material 
whose perturbed wave functions are ‘dressed’ by the 
intensity and frequency of the applied optical field. 


NONLINEAR OPTICS, BASICS / Kramers—Kronig Relations in Nonlinear Optics 237 





The lowest-order correction to the absorption is 
given by a)(w;Q) which involves three major 
physical processes. Recalling that 0 < wo, these 
processes include (1) two-photon absorption (2PA) 
when w’ + Q— w and (2) Raman-induced absorp- 
tion when w’ — 0 > wp, both implying an absorption 
of a photon at the probe frequency w’ (i.e., a > 0). 
The third process can be identified as resulting from 
the blue-shift (for Q < wo) of the resonance (known 
as the quadratic optical Stark effect) caused by the 
excitation field. For our two-level system, the latter 
results in a decrease followed by an increase in 
absorption in the vicinity of @). An example of the 
overall absorption changes due to such processes is 
shown in Figure 2 where aj(w';Q) is qualitatively 
plotted for a degenerate two-level system. We should 
note that the relative magnitude of each contribution 
as well as the width and shape of the resonances are 
chosen arbitrarily for the purpose of illustration. 
Using the KK relation in eqn [15], we can now arrive 
at the nonlinear index coefficient 7) (w; 0). The result 
of this transformation is also given in Figure 2. The 
above simple example elucidates the key concepts 
involving the relationship between nonlinear absorp- 
tion and refraction in materials for third-order 
processes. These concepts, when applied more 
rigorously to semiconductors, have been successful 
in predicting the sign, magnitude, and dispersion of 
nz due to the anharmonic motion of bound electrons. 
This will be briefly discussed later. Returning to the 
mathematical foundation of KK relations, we use 


PA 


rs 


A5(w; Q) 


Np(; Q) 


eqns [13] and [14] to write eqn [15] in terms of the 
nonlinear susceptibility y 
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[16] 


The above dispersion relation for y°) was obtained 
using the physical and intuitive arguments that 
followed the linearization scheme depicted in 
Figure 1. General dispersion relations can be 
formulated following a mathematical procedure 
that is similar to the derivation of the linear KK 
relations. In this case we apply the causality 
condition directly to the mth-order nonlinear 
response R), For example, without loss of general- 
ity, we can write 


RO (11, 12, 0105 Tr) = RO (1, 12, + THOT) [17] 


and then calculate the Fourier transform of this 
equation. Here j can apply to any one of the indices 
1,2,....,2. Following the same procedure as for a 
linear response, we obtain 


(1, 2, 00.5 Wj, +4, Oy) 


Sol (1, Wy, 2 009 Wn) dad 





[18] 
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Figure 2 Upper trace: the nonlinear absorption coefficient in a fictitious ‘degenerate’ two-level system. Lower trace: the resulting 
nonlinear refractive index obtained using the KK relations. The insets show the three possible physical mechanisms involved. 
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By separating the real and imaginary parts of this 
equation, we get the generalized Kramers—Kronig 
relation pairs for a nondegenerate, mth-order non- 
linear susceptibility: 


Rely (aw, w2, ..., jy. seal) 











— ai Imn{y(@1, @2, ..., W, «+, Oy)} da! [19] 
7 —co ad a @; 
and 
Im{y(@1, @2,..-,0j,.--,@n)} 
of Rel M1 Ors Tyron} 4 20) 
tT J} —co wo — aw; 


In particular, for x) processes having w, = w,,0) 0), 
and 3b, this becomes identical to eqn [16]. 

Note that in describing the nonlinear suscepti- 
bilities, no special attention was given to the 
harmonic generating susceptibility y“)(Nw) = 
¥)(w,@,...@), i.e., the susceptibility generating 
the Nth harmonic at No. It turns out that in 
addition to the KK relations given by eqns [19] and 
[20], the real and imaginary parts of y“)(Nw) can 
also be related in different sets of dispersion 
integrals that involve only the degenerate forms of 
the susceptibilities. A more general yet simple 
analysis gives the most general form of KK relations 
for any type of ¥”: 


X” (@1 +1 0,02 + P20, ..-, Qn + Pm) 
1 of XO F P19, 02 + P2.0,--Om+PmD 4 








im J —c OQ-a@ 
[21] 
for all p1,p2,...,.Dm=0. Setting w;=a)=---=@,,=0, 
and py=po="'=P,=1 in eqn [21] yields an 


interesting form of the KK relations for the Nth- 
harmonic susceptibilities: 


o x N) / 
Rely Nw}= =o | a oly 





[22] 


These dispersion relations have allowed calculations 
of ¥”(2@) and y°)(3@) in semiconductors using full 
band structures. 

At the beginning of this article, it was noted that 
all the KK relations for nonlinear optics were known 
in the early days of the field. Their application in 


unifying nonlinear absorption (in particular two- 
photon absorption) and the optical Kerr effect (72) in 
solids came only much later. More recent work 
demonstrated that the KK relations are a powerful 
analytical tool in nonlinear optics. Following the 
picture of a degenerate two-level system shown in 
Figure 2, a simple two-band model has been used to 
calculate the nonlinear absorption coefficient, 
Q7(@1;@), resulting from three mechanisms: 2PA, 
the Raman absorption process, and the ac Stark 
effect. The optical Kerr coefficient 1)(@,;@) was 
then calculated using eqn [15]. Of particular 
practical interest is the degenerate case 
(@, = @, =), from which the 2PA coefficient 
B(@) = a(w;w) can be extracted. Figure 3 depicts 
the calculated dispersion of 2 and 6 as a function of 
hw/E, where E, is the bandgap energy of the solid. 
The dispersion of m2 and its sign reversal shown in 
Figure 3 has been observed experimentally in many 
optical solids. 

Finally, let us discuss a related implication of 
causality in nonlinear optics. The KK dispersion 
relations are traditionally derived in terms of internal 
material parameters such as susceptibility, absorption 
coefficient, and refractive index. Similar to the case of 
electrical circuits, one can obtain dispersion relations 
that apply to an external transfer function of the 
system that relates an input signal to an output signal. 
In this case, the dispersion of the transfer function 
includes system structure as well as the intrinsic 
dispersion of the material. As an optical (and linear) 
example, consider a Fabry—Perot etalon. The optical 
transmission of this system has well-known spectral 


Arbitrary units 
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Figure 3. The two-photon absorption coefficient in semiconduc- 
tors (8) calculated for a two-band model. The resultant nonlinear 
refractive index (Nz) obtained using a KK transformation of the 
calculated nondegenerate nonlinear absorption coefficient 
includes all major mechanisms. 
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features that are primarily caused by structural 
dispersion (i.e., interference) in addition to the 
intrinsic dispersion of the material. Causality still 
demands that the transmitted signal has a phase 
variation whose value and dispersion can be deter- 
mined using a KK relation linking the real and 
imaginary parts of the transmission coefficient. In 
other words, the KK relations provide a spectral 
correlation between the real and imaginary com- 
ponents of the transfer function which in turn may 
translate to a spectral correlation between the phase 
and amplitude of the transmitted signal. However, the 
variations in phase do not necessarily imply the 
presence of a varying index of refraction, nor does an 
amplitude variation suggest the existence of material 
absorption (dissipation). Ultimately, this implies that 
any mechanism causing a variation in amplitude 
(including reflection, scattering, or absorption) must 
be accompanied by a phase variation. (One should note 
that the reverse of the previous statement is not 
necessarily true; i.e., a variation in phase does not 
have to be accompanied by an amplitude modulation.) 
In nonlinear optics with the ‘black box’ approach 
of Figure 1, the optical perturbation €é (with freq- 
uency ©) can render an amplitude variation in 
the probe (at w) using various frequency mixing 
schemes in a noncentrosymmetric material (i.e., with 
nonzero y?). For instance, the probe at w can be 
depleted by nonlinear conversion to @y, = @+0, 
via sum-frequency generation involving x?)(w,) 
and/or to wgif¢ = @—Q via difference-frequency 
generation involving ¥7(w, —Q). Such a conversion 
(or depletion) should be accompanied by a phase 
variation according to the KK dispersion relations. 
This type of nonlinear phase modulation is known as 
a x'*):y"2) cascaded nonlinearity. Such cascaded 
processes are routinely (and more simply) analyzed 
with Maxwell’s equations governing the propagation 
of beams in a second-order nonlinear material. 
The KK relations, however, provide an interesting 
physical perspective of the process. We find that 
cascaded second-order nonlinearities are yet another 
manifestation of causality in nonlinear optics. 


List of Units and Nomenclature 


a linear absorption coefficient 
a2 nonlinear absorption coefficient 
B two-photon absorption coefficient 


x” nth-order nonlinear optical 
susceptibility 

n linear refractive index 

nN nonlinear refractive index 


coefficient, coefficient of optical 
Kerr effect 


O(t) step function 
9 principal value 
2PA two-photon absorption 


KK relations Kramers—Kronig relations 


See also 


Materials for Nonlinear Optics: Liquid Crystals for NLO. 
Nonlinear Optics, Basics: Cascading; Nomenclature 
and Units. 
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Nomenclature Associated with the 
Excitation Light 


Particular care must be used when characterizing the 
excitation beam in nonlinear optical experiments 
compared to linear measurements. By definition, 
nonlinear optical phenomena depend on the electric 
field to high order. The higher the order, the more 
sensitive the observed behavior depends on the 
input. Extracting a representative nonlinear coeffi- 
cient from an experiment, for example, becomes 
progressively more difficult as the order of the 
optical nonlinearity increases. In other words: the 
errors associated with optical beam characterization 
get magnified by the order of the nonlinearity under 
study. 

There is an extensive nomenclature for character- 
izing the light (almost always laser light) interacting 
with the nonlinear optical medium. Different descrip- 
tions may be used depending on whether the 
excitation light is pulsed, continuous, or a continuous 
train of pulses. When a laser beam is constant or 
continuous, it is often described by its ‘cw power’. 
‘Cw’ stands for ‘continuous wave’, an acronym taken 
from the nomenclature of electronics. The cw power 
of a laser is determined by placing a power meter in 
the path of a beam. Repetitively pulsed lasers can be 
characterized in the same way, provided the response 
time of the power meter is slower than the pulse 
separation period. This will almost certainly be the 
case with a continuously pumped mode-locked laser 
such as a dye laser, fiber laser, or Ti:sapphire laser, 
which produce pulses at repetition frequencies of tens 
of megahertz. Cw power may also be suitable for 
describing pulsed flashlamp lasers, gas discharge 
lasers, or any laser that is excited in a periodic 
fashion. 

When the optical output can be distinguished 
as individual pulses, additional metrics are used. 
A pulse, by definition, exists during a window of time, 
i.e., there is a time when light is present and a 
time when light is absent. How one characterizes the 
time light is present — the pulse duration — is critically 
important and not always obvious. There are a 
myriad of ways the pulse temporal envelope can 
manifest itself; common examples include square 
pulses, triangular pulses, Gaussian pulses, and 


hyperbolic secant pulses. These names refer to the 
mathematical waveforms that map the pulse envelope 
as a function of time. 

A pulse waveform that exhibits symmetry about 
the peak in its temporal envelope is commonly 
characterized by its ‘full-width, half-maximum’, 
abbreviated FWHM. One obtains the full-width, 
half-maximum by locating the two points on the 
pulse profile that are at half the peak value. The 
temporal separation of these two points is the FWHM. 
One uses this measure because in a strict mathematical 
sense, waveforms such as the Gaussian or hyperbolic- 
secant exist even at times t= too. A less common 
term is the ‘half-width, half-maximum’ or HWHM. 
As the name implies, the HWHM is exactly half the 
FWHM value. Not all light-pulses are temporally 
symmetric, however, so greater detail may be 
needed when giving a mathematical description of 
asymmetric pulses. 

Light pulses are also characterized by their energy 
and peak power. The temporal envelope recorded by 
a so-called square-law detector (all laboratory detec- 
tors are square-law detectors) shows the power of the 
pulse as a function of time, provided the detector 
response time is sufficiently fast. Integrating this 
waveform gives the pulse energy. It makes no sense to 
talk about the energy of a cw beam of light, unless 
that beam is composed of repetitive, distinguishable 
pulses. Each pulse in the train carries a distinct 
amount of optical energy. 

‘Ultrafast’ or ‘ultrashort’ laser pulses generally 
refer to light pulses that are of such small duration 
they cannot be measured directly with detectors and 
oscilloscopes because of bandwidth limitations. To 
infer the pulse duration, so-called intensity autocor- 
relation measurements are often made. The temporal 
power profile is then deduced from the autocorrela- 
tion signal with the appropriate mathematical 
conversion factor. Equally important is the spectrum 
of a short pulse. The optical bandwidth determines 
the lower limit of temporal compression; such ideally 
compressed pulses are said to be ‘transform limited’. 
If different components of the spectrum can be 
distinguished at specific positions on the pulse 
temporal profile, then the pulse is ‘chirped’. Infor- 
mation on the methods of ultrafast laser science can 
be found in Ultrafast Laser Techniques: Generation 
of Femtosecond Pulses. 

Nonlinear optical effects take place when light is 
concentrated on a target — there is a cross-section 
or ‘footprint?’ of the beam on the medium. 
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1. Take the components and lay them out on a clean surface. 


2. Take the square of matrix board (this is also called 'perf board’ because of all the 
holes or perforations in the material) and beginning with the 220UH (UH = micro- 
Henry) and place it as shown in the diagram. 


3. Then take the diode, capacitor and resistor and place them in the places shown 
for them, making sure that the coloured band at one end of the diode joins with the 
resistor wire, as shown 


4. Then take each junction where wires come together through their respective 
holes and gently twist them together, until they form a neat, tight bundle. Take your 
side cutters and cut off any excess length, taking care not to cut any one wire too 
short, so that it comes undone from the join. 
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The interaction of the light and material takes place in 
a region called the beam area, beam cross-section, 
focal area, or focal volume. One must then define the 
appropriate interaction area or volume. 

Specification of the beam area allows one to define 
two important quantities used frequently in nonlinear 
optics. The power/area is known as irradiance or 
power density. This quantity is commonly called the 
intensity, although the strict radiometric definition of 
intensity is power/(solid angle). The second important 
quantity is energy/area, which is called the energy 
density or fluence. 

The convention in nonlinear optics is to define the 
optical electric field as: 


E(z, t) = 5 Bo exp[i(k-z — wf)] + c.c. [1] 


where Eo is the peak field, k is the propagation vector, 
w is the angular frequency of the light, and c.c. stands 
for complex conjugate. This represents a forward- 
and backward-propagating (in the z-direction) infi- 
nite, transverse plane wave. Other definitions are also 
used. In SI/mks units and using the convention of 
eqn [1], the irradiance (I in units of W/m”) inside a 
material of refractive index 1 is related to the 
electric field vector of the light (E in units of V/m) 
as follows: 


I= 5 onedlEP [2] 


Here c is the speed of light (2.998 x 10° m/s) and €p is 
the permittivity of free space (8.854107! F/m). 
Nonlinear optics has an unfortunate tradi- 
tion of mixing mks and cgs units, resulting in a lot 
of confusion. Irradiance is usually expressed in 
units of W/cm. One can calculate the peak electric 
field (in units of V/cm) of a laser beam given its 
irradiance (in units of W/cm?) by using this simple 


formula: 
I 
Ey = 38.82,| 4 (~) [31 
n \cm 


The root-mean-square value of the electric field is 
obtained by replacing the factor 38.82 by 27.45. In 
Gaussian/cgs units, irradiance is expressed in units of 
ergs/(cm* sec) and is related to the field as: 


i= =, lEP [4] 


where the field is in units of statvolt/em and c= 
2.998 x 10!° cm/sec. Conversion between mks and cgs 
for the electric field is 3 x 10* V/m = 1 statvolt/cm; 


irradiance is converted using 1 erg/(cm’sec) = 
1x107-3W/m?. The following point must be 
emphasized: depending on how the electric field is 
defined, there can be factors of 2 or even 4 
discrepancies in the irradiance values quoted by 
different authors. The common definitions are used 
here, although they are certainly not universal. 

Avery common realization of the spatial irradiance 
profile of a laser beam is the radially symmetric 
Gaussian function: 


277 
I(r) = Ip cxr( _ ") [5] 


where Ip is the peak irradiance at the center of the 
beam (r = 0) and w is the ‘spot size’. The spot size 
changes continuously as the beam propagates and the 
minimum spot size is known as the waist. One often 
hears the spot size referred to as the radius, but the 
radius of a Gaussian beam traditionally denotes the 
curvature of the phase front. By definition, the phase 
front radius is infinite at the waist. The factor of 2 
appearing in the argument of the exponential in 
eqn [5] stems from the fact that the spot size w is 
conventionally defined for the electric field of the 
Gaussian beam. When the field is squared to 
obtain the irradiance, the factor of 2 appears. Using 
this function for the irradiance spatial profile leads 
to the common parameter ‘1/e* diameter’. The 
irradiance falls to 1/e” (0.1353) of its peak value 
when r= w. 

The Gaussian spatial profile or ‘Gaussian beam’ 
results when the laser has been designed to operate 
in the lowest-order transverse mode, usually 
denoted TEMo 9. The TEMo9 Gaussian beam is 
particularly convenient because the same relative 
power profile is maintained in the near- and 
far-field, whether or not the beam is collimated 
or focused. 

The cross-sectional area of a TEMo9 Gaussian beam 
normally incident ona surface is found as follows. The 
power in the beam is obtained by integrating the 
irradiance profile (I) over the surface: 


P= I IdA [6] 
Referring to eqn [5], the integral becomes: 
277 00 2 2 2. 
P= | do| rdr Ip cxn( a =I) tse [7] 
0 0 w 2 


Hence the effective area of a TEMop Gaussian beam 
normally incident on a surface is: 





TW 
os 8] 
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There are many situations where the Gaussian 
formulation of eqn [5] is not suitable. Beams 
produced by unstable laser resonators, for example, 
are not Gaussian. A multitransverse mode beam 
profile obtained from a stable resonator does not 
usually lend itself to a simple mathematical 
characterization. 


Nomenclature Associated with the 
Nonlinear Optical Medium 


In nonlinear optics texts, the subject is often 
introduced by writing the macroscopic polarization 
in Maxwell’s equations as a power series expansion in 
the electric field. This approach, proposed by 
Bloembergen and coworkers in the early 1960s, has 
been spectacularly successful for interpreting experi- 
ments, though it has also led to confusion in the 
definition of nonlinear optical coefficients. The 
confusion, which stems from arbitrary definitions 
and nomenclature used by different authors, cannot 
be resolved here. The reader should, however, be 
alert for these discrepancies. Comparison of 
results published by different laboratories requires 
that the fundamental equations for extracting the 
nonlinear coefficients from their data are known. As 
the discipline has matured, the nonlinear optics 
community largely recognized the ambiguities and 
confusion; precise definitions of terms and coefficients 
are now commonly provided in the research 
literature. 

It should also be noted that the power-series 
framework may not always be the best formulation 
for modeling and characterizing nonlinear optical 
effects. A carefully designed optical limiter, for 
example, may exhibit an abrupt decrease of trans- 
mission at a specific ‘threshold irradiance’ or 
‘threshold fluence’, perhaps at a given laser pulse 
duration. The physical phenomenon or phenomena 
driving this behavior may not readily succumb to 
characterization by an nth-order coefficient in a 
power series expansion. In this situation it may be 
appropriate to specify a threshold optical input 
parameter. Another example is a homogeneously 
broadened saturable absorber, in which the absorp- 
tion of an optical medium decreases with increasing 
input irradiance. The irradiance-dependent absorp- 
tion coefficient a (refer to eqn [26]) is characterized 
by a ‘saturation irradiance’ I,.:: 


a(I) = —2— [9] 
1+ 





Tat 


where av is the linear absorption coefficient. 


Nonlinear Susceptibility 


The power-series expansion of the macroscopic 
polarization is the standard approach for modeling 
nonlinear optical behavior and categorizing the 
various phenomena. A common way to write 
the polarization, nonlinear in the electric field, is 
(mks units): 


P= e9(-E+ yx? :BE+ YO:EEE+...) [10] 
where the polarization P is a time- and space- 
dependent vector and the terms y) are the various 
orders of the nonlinear susceptibility (the cgs equation 
is obtained by dropping the free-space permitivitty 
coefficient €9). A second-order effect is associated with 
x”, a third-order with y°?, and so on. In general, there 
are distinguishable electric field vectors (in eqn [10], 
the fields have not been individually designated for 
clarity). The susceptibility terms are generally tensors, 
which means the medium is sensitive to the orientation 
of the input fields. The dots in eqn [10] indicate tensor 
products. The input field vectors can have different 
frequencies and the presence of complex conjugates in 
eqn [1] indicates that the frequency components will 
have both + and — signs, i.e. the jth electric field term 
will have associated frequency factors exp(+ia;t). 

The nomenclature used here can be illustrated by 
example. In the case of the second-order nonlinear 
polarization (mks units): 

Pi = eoXiny : ExEy [11] 

Note that subscripts have been introduced. The 
indices correspond to Cartesian space vectors. 
This equation says that the polarization in the 
j-direction results from the tensor product of the 
appropriate y) with the input fields at E, and E,. 
The jth component of polarization has an oscillation 
frequency that is determined by mixing of the input 
fields. In this example, the indices j, k and / can each 
take the value of x, y, and z. Let each input field be at 
one of two possible frequencies, call them @, and @. 
There are an enormous number of permutations 
(81 to be exact) of eqn [11]. One term is: 


P,(@ + ©) = E9N2(@, + @)E-()Ey(@)) 


X exp[—i(@, + @2)t] [12] 
Another possibility is: 
P(@) — a1) = EONS (Or — @1)Ey(@2)E(— @4) 
X exp[—i(@) — w)t] [13] 
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Equation [12] corresponds to sum frequency genera- 
tion (@; +) and eqn [13] shows difference 
frequency generation (wz — @)). 

Not explicitly written on the right-hand side of 
the above equations is the exponential containing the 
mixing of the propagation vectors. To maximize 
the nonlinear polarization, which is the source of 
nonlinear behavior in Maxwell’s equations, the 
vector sum }'k; for all the interacting fields should 
be close to zero. Arranging the propagation vectors to 
accomplish this is known as ‘phase matching’. 

It is important to point out that there are eight 
more terms describing the nonlinear polarization at 
P,(@, + @) in addition to eqn [12]; likewise for 
P,(@2 — @ 1). Also note that the indices k and / may be 
identical, hence a nonlinear polarization driven by 
x5) for example, is allowed. Higher-order nonlinear 
polarizations get progressively more complicated. 
The general third-order nonlinear polarization is 

P, = 69x?) EEEn [14] 
Sometimes the second-order nonlinear susceptibility 
is written with the coefficient d instead of y) 
The relation between the d-coefficient and y'” 
depends arbitrarily on how it is defined; a common 
definition is 


Lg 
dix) = 5 Nil [15] 
but the reader is cautioned that the factor ; is 


sometimes missing. In the preceding discussion it was 
pointed out how there can, in principle, be a large 
number of tensor components involved in the 
expansion of the nonlinear polarization. Simplifica- 
tion occurs when it is realized that there is no 
discernible physical difference between the frequency 
terms w; and —«, and that ordering of the fields in 
eqn [14] — which suggests a time order in the arrival 
of the fields - is irrelevant. These symmetry 
arguments show that dj) = dj, which reduces the 
number of independent d-coefficients from 81 to 18. 
A simpler subscript notation is then introduced that 
uses the integers 1-6 to represent pairs of Cartesian 
components k and /. This reduces the number of 
subscripts from three to two. An example of this 
notation is d,., = dy4. 

In certain situations, one can take advantage of 
crystal symmetry to further reduce the complicated 
summations to a single scalar coefficient for the 
nonlinear susceptibility, which is referred to as 
‘d-effective’. For these specialized cases, the nonlinear 
polarization is 


P= e0d.E\ Ey [16] 


In SI/mks units, the polarization is in units of coul/m?. 
The second-order susceptibility (ie. x’, dix) ue 
therefore have units of m/volt. The units of y° 

m?/volt* og x is m3/volt?, and so on. In At 
units, ) has dimensions cm/statvolt, v3) will 
be a etc. although sometimes in the 
Gaussian system all the coefficients y'”) are discussed 
with shorthand ‘electrostatic units’ or ‘esu’. 


Complex Quantities 


In linear optics, the susceptiblity has real and 
imaginary parts 


(1) _ \) +i (1) 


x Xeal UN aitnacy [17] 


The complex linear index is, in turn, written as the 
sum of real and imaginary components, derived from 
the linear susceptibility as follows (mks units): 


yl +? =n +ik 


where mo is the linear refractive index and k is the 
imaginary term leading to absorption of light. In 


[18] 


general, the nonlinear susceptibilty y”) is also a 
complex number: 

(n) _ ,(n) (n) 

xX” = Xreal +1 UN aetbiaey [19] 


As in linear optics, the complex notation is a 
bookkeeping method that conveniently accounts for 
what is known as ‘resonant enhancement’. Nonlinear 
optics research has revealed that the nonlinear 
susceptibility y'”’ can be a strong function of 
frequency. Specifically, this quantity will be strongly 
enhanced when sums and/or differences of the photon 
energies in the interacting light beams coincide with 
quantum mechanical energy resonances in the 
material. When a resonance condition is achieved, 
x” will be dominated by its imaginary component. 
Far from the resonances, y'") behaves more like a real 
quantity. These complex terms directly enter the wave 
equations describing how light propagates in a 
nonlinear medium and are particularly important 
for x); the complex quantity '%) determines 
whether light will be refracted or absorbed and by 
how much. The real part of y'°) drives nonlinear 
refraction while the imaginary portion characterizes 
nonlinear absorption (e.g., two-photon absorption) 
and the inverse effect — gain. This rich subject — in 
particular the critical importance of the wavelength 
dependence of the nonlinear phenomena — is 
considered in Nonlinear Optics, Basics: Kramers— 
Kr6nig Relations in Nonlinear Optics. 
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Nonlinear Refraction 


The most common manifestation of nonlinear refrac- 
tion arises from the third-order nonlinear suscepti- 
bility, the so-called optical Kerr effect. In this case, 
the refractive index is linearly proportional to the 
irradiance (I) of a monochromatic light beam. 
The irradiance-dependent refractive index is 


nl) = m9 + mI [20] 
where 7p is the linear, irradiance-independent refrac- 
tive index and n> is the nonlinear refractive index 
coefficient. Because 1 is a dimensionless quantity, 72 
must be in units of area/power. 

The optical Kerr effect is usually written in mks 
units with the expression shown in eqn [20]. In cgs 
units, the common (but by no means universal) 
convention is to write: 


1 

mE) = no + zmlel [21] 
where the field is in units of statvolts/em. The 
nonlinear coefficient 7, (cgs) must therefore be in 
units of cm?/statvolt”, which is sometimes abbre- 
viated to ‘esu’. The conversion for 22 between these 
two equations is: 

_ Ngoc 

fin(cgs) = ——n(mks) [22] 
407 
where 12(mks) is in units of m?/W and c is in m/sec. 
Also useful is the relation between 1 and y), 
written in mks units as: 


Re(x) 


An=nIl= 
. ie 4eqn*c 


I [23] 





where ‘Re’ denotes the real part of y'. In cgs units 
we have: 


1 Am*Re( ¢° 
fin IEl = e(z ), 


An = 
ee nC 





[24] 


where I is in units of ergs/(cm” sec) defined by eqn [4]. 
The reader is again advised that different authors will 
show discrepancies of 2, 4, or even 8 when writing 
these equations. The susceptibilities x‘) are related 
as follows: 


8 
9x10" > anks) 


Aq [25] 


~(3 

x (cgs) = 
If the coefficients mj and m2 exist, does the 
nomenclature imply there are terms 1, 13, and 
others? These coefficients are certainly allowed, but 
not often seen in discussions of nonlinear refraction. 


When one refers to nonlinear refraction, the com- 
mon understanding is that the index depends linearly 
on irradiance, which is conveniently modeled by 
eqn [20]. But there are other physically relevant 
situations to consider. The coefficient 1,, for 
example, describes the linear electro-optic effect in 
which the change in index is linearly proportional to 
the electric field (although it is called the linear 
electro-optic effect, it is actually derived from the 
second-order nonlinear susceptibility). The electric 
field can be the oscillating field of a laser beam, for 
example, or a dc field applied to an electro-optic 
crystal (e.g., Pockel’s cell). When other terms are 
added to eqns [20] or [21], the units of the 
coefficients must be chosen to keep the equation 
dimensionless. 

In the preceding discussion, there is an impli- 
cation that the nonlinear index is an instantaneous 
function of the irradiance or field. Although the 
material system can never respond instantaneously, 
this is a good approximation in many situations. 
Sometimes it is not. Consider a pulsed laser beam 
that heats the material. When the local temperature 
increases, the linear refractive index can change. A 
short, Q-switched laser can have a pulse duration 
far less than a microsecond, while the temperature 
change it induces can last many orders of magni- 
tude longer. This means optical modification of the 
refractive index may persist long after the exciting 
pulse has vanished, i.e., when the irradiance is 
at zero. 

Another example is when a laser beam promotes 
electrons from their ground state to higher energy 
states of the material system. These excited electrons 
may modify the refractive index of the material. In 
general, the excited electrons remain in high-energy 
states for some period of time before relaxing to 
the ground level — if this time is longer than 
the excitation, the change of the refractive index 
persists beyond the time the laser beam is present. 
In these situations, the model of nonlinear refraction 
suggested by the above equations is inaccurate. 
One cannot obtain the nonlinear refraction 
from a simple algebraic analysis. A system of 
time-dependent equations — describing the dynamics 
of excitation and relaxation — must be solved 
using numerical procedures. Such phenomena 
are sometimes loosely categorized as ‘dynamic 
linear optical effects’ or ‘effective third-order 
nonlinearities’. 


Nonlinear Absorption 


Consider a single-frequency light beam passing 
through an optically absorbing region of length L. 


NONLINEAR OPTICS, BASICS / Nomenclature and Units 245 





For simplicity, neglect reflections caused by surfaces 
that may define the region of interest, i.e., ignore 
reflections at surfaces that may be located on 
the optical axis z at points z=0, z=L, or any 
other point in the path. Linear absorption means 
that the optical power extracted from the light 
beam as it traverses the absorbing medium is a 
direct function of the power at a given point. This 
is described mathematically by an elementary, 
linear differential equation known as Beer’s law: 

d 

——I(z) = —al(z) [26] 

dz 
The constant of proportionality is a, which is the 
linear absorption coefficient. Equation [23] is solved 
by direct integration: 


I(L) L 
= a -a| dz [27] 
mo) I 0 
This has the solution: 
(LL) | _ 


which means the irradiance decreases exponentially 
as a function of propagation distance in a linearly 
absorbing medium. 

In the nonlinear regime, we don’t expect a classical 
Beer’s law model to hold. By definition, the absorp- 
tion will be a nonlinear function of irradiance at a 
given point. One makes the following power- 
series expansion to describe nonlinear absorption of 
monochromatic light: 





a, Br ye fae [29] 
dz 

The coefficient 8 corresponds to a two-photon 
absorption process and y is the coefficient of three- 
photon absorption. What about four-photon and 
even higher-order processes? These are rarely 
encountered, but certainly possible. To make these 
distinctions, eqn [29] is sometimes written with 
coefficients K; or a; instead of the sequential Greek 
alphabet: 


d 
dz 





I= —-K,I — K,P — K3P - K,r [30] 
The units of the various absorption coefficients must 
maintain the dimensional consistency of eqns [29] 
and [30], which is irradiance/length or power/ 
(length)?. These are shown in Table 1. 

If there is linear absorption, the nonlinear processes 


at that wavelength are often (but not always) 


Table 1 Dimensions of optical absorption coefficients 





Process Coefficient Units 

Linear absorption a, K, (length)~' 
Two-photon absorption B, Ke length/power 
Three-photon absorption y, Kg length®/power® 
Four-photon absorption Ky length®/power® 


negligibly weak. This means we have the following 
inequalities: 

K,l>>K,I', — where i= 2 [31] 
Nonlinear absorption is generally observed in the 
wavelength region where the medium is transparent 
to low-irradiance light, i.e., where linear absorption is 
negligible. It should be emphasized that there are 
situations where linear absorption is large and in fact 
a crucial component of the aggregate nonlinear effect. 
We will return to this point later in the discussion. For 
the moment, we neglect linear absorption. If the 
energy of the incident photons and energy levels of 
the system permit it, the lowest-order nonlinear 
process is two-photon absorption, described by 
the equation 





ae = -K,. [32] 
dz 
which can be solved by elementary integration: 
ce 1 
10)  1+1(0)KL [33] 


Unfortunately, the situation is rarely this convenient. 
The above integration has ignored the fact that 
nonlinear absorption may enable significant linear 
absorption. This is possible because nonlinear 
absorption promotes electrons from low- to high- 
energy states in the medium. The change in excited 
electron density associated with absorption of 
light (both linearly and nonlinearly) is called 
‘photocarrier generation’. These photocarriers (e.g., 
photo-electrons) may modify the linear absorption as 
well as the refractive properties of the material. If 
two-photon absorption causes the linear absorption 
to increase, for example, the assumption that 
allowed us to ignore K, when writing eqn [32] 
ceases to be valid. While eqn [32] was appropriate at 
the very start of the light—matter interaction, the 
generation of photocarriers after the passage of time 
may change that condition. The behavior of the 
system is therefore time-dependent, i.e., it is 
dynamic. Simple analytic solutions are almost 
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always not possible when dealing with nonlinear 
absorption. 

The time rate of change of the photocarrier 
population (N) is modeled by the following equation: 





dye Kil | K.P | K3P | K4l* 
ot hw 2ho 3hw 4ho 
+-+-++— recombination — diffusion [34] 


where @ is the angular frequency (@ = 27f) of the 
incident light. Also included are place-holders for loss 
processes such as recombination and diffusion, which 
may themselves have complicated mathematical 
descriptions. The coefficients K; have exactly the 
same units, dimensions, and interpretation as in 
eqn [30] and Table 1; in the spirit of the preceding 
discussion, these coefficients may be time dependent. 
Note that the dimensions of eqn [30] describe 
absorption of light (irradiance/length), while 
eqn [34] models the photocarrier population density 
(length * time”). The units of these two equations 
are very different. 


List of Units and Nomenclature 


CARS Coherent anti-Stokes 
Raman scattering 

Cc; Complex conjugate 

CSRS Coherent Stokes Raman 
scattering 

DFG Difference frequency 
generation 

DFM Difference frequency mixing 

DFWM, FWM (Degenerate) Four wave 
mixing 

DRO Doubly resonant OPO 

EIT Electromagnetically induced 
transparency 

ESA Excited state absorption 

GVD Group velocity dispersion 

GVM Group velocity mismatch 

NLA Nonlinear absorption 

NLR Nonlinear refraction 

OFID Optical free-induction decay 

OPA Optical parametric amplifica- 
tion/amplifier 

OPG Optical parametric genera- 
tion/generator 

OPL Optical power limiter 

OPO Optical parametric oscillation/ 


oscillator 


2PA, TPA Two-photon absorption 

PCM Phase conjugate mirror 

QPM Quasi phase matching 

RIKES Raman-induced Kerr effect 
spectroscopy 

RSA Reverse saturable absorption 

SBS Stimulated Brillouin scattering 

SFG Sum frequency generation 

SHG Second harmonic generation 

SIT Self-induced transparency 

SRO Singly resonant OPO 

SRS Stimulated Raman scattering 

SRWS Stimulated Rayleigh wing 
scattering 

SVEA, SVAA Slowly varying envelope 
(amplitude) approximation 

THG Third harmonic generation 

TPF Two-photon fluorescence 

See also 


Fiber and Guided Wave Optics: Nonlinear Optics. 
Nonlinear Optics, Basics: Ultrafast and Intense-Field 
Nonlinear Optics. Spectroscopy: Nonlinear Laser 
Spectroscopy. 
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Phase conjugation (PC) beams and their applications 
are best illustrated by Figure 1, which shows the 
passage of a coherent planewave incident upon a 
transparent optical element with inhomogeneities of 
refractive index (Figure 1a). Reversibility of light 
propagation implies the existence of such an ‘anti- 
distorted’ beam, which reverts back to a planewave 
after reversing through the same inhomogeneities 
(Figure 1b). A real-valued monochromatic optical 
wave, E,,..\(R,t), may be represented by the complex 
amplitude E(R) via E,eq\(R, t) = 0.5LE(R)exp(—iwt) + 
E*(R)exp(iwt)], where E*(R) represents the complex 
conjugate of E(R): 


E(R) = |E(R)I explig(R)] ‘ai 
E*(R) = |E(R)| exp[—ig(R)] 


Mathematical expression of time-reversal, E,.a 
(R, t) > E,eai(R, —£), becomes the exchange E(R) 
E*(R) for monochromatic waves. The reversibility of 
propagation means that the complex propagating 
field E(R) (for example, planewave exp(ik-R)), is a 
wave equation solution equivalent to E*(R) (in this 
example, exp(—ik-R)). Conjugation of complex 
amplitude means reversal of the sign of the phase, 
and a mixed label PC has been coined and nowadays 
is firmly established. Terms such as ‘wave front 
reversal’ and ‘generation of time-reversed replica of 
the beam’ are also used to describe PC. 

Figure 1 also illustrates one of the most important 
applications of PC. If the element in question is a 
laser-type amplifier, then double-passage allows 
the extraction of energy from the optically 














PC device 
generates 
‘anti-distorted' 
(PC) beam 













Figure 1 (a) Collimated beam is distorted by propagation 
through inhomogeneous medium. (b) Conjugate, a.k.a. antidis- 
torted beam becomes collimated after backward passage through 
the same medium. 


inhomogeneous laser medium in the form of a 
perfectly collimated beam of diffraction-limited 
divergence. A PC device may also serve as a mirror 
of a laser resonator, resulting in the same beam- 
correction purpose. 

One of the most practical and robust methods of 
PC is based on stimulated Brillouin back-scattering 
(SBS). The incident beam illuminates the SBS-active 
transparent medium, for example, liquids (CS, CCl4, 
acetone, etc.), compressed gases (CHy, SFg, etc.), or 
solids (fused or crystalline quartz, glass, etc.). This 
‘pump’ beam, E(R) = E(r,z), must possess well- 
developed transverse inhomogeneities of intensity 
IE(r,z)?. Here, r= {x,y} is the part of coordinate 
vector transverse with respect to the central direction 
z of the beam in question, and R = {r,z}. These 
inhomogeneities may constitute a narrow focal waist 
in the case of weakly distorted focused beams, 
speckle-inhomogeneities in cases of strong distor- 
tions, or a combination thereof; see Figure 2, where 
solid lines symbolize the ‘rays’ of the incident pump. 

Spontaneous scattering of the pump results in a 
multitude of possible transverse profiles S(r, z = 0) of 
the signal, whose ‘rays’ are depicted via the dotted 
lines on Figure 2. The signal is amplified exponentially 
due to SBS processes. This exponent in a simplified 
form may be represented as |S(r,z)I7 o¢ exp( J gdz), 
with the gain g(z) being the result of transverse 
overlapping of the intensity profiles of signal and 


pump: 
g(z) ~ const - (IE(r, z)I7-|S(r, z)7)/(IS(r, 2)!") [2] 


Thus, the similarity of the intensity profile of 
the signal to that of the pump is rewarded by the 
exponential preference in the output signal level. 
However, this is not enough to guarantee that the 
output backward-scattered signal S(r,z) is phase 








Figure 2 Stimulated Brillouin Scattering (SBS) method of PC. 
Solid lines symbolize the rays of incident ‘beam’, while dotted lines 
depict the rays of the signal amplified by the SBS process. 
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conjugate with respect to the pump. It is here that the 
mutual reversibility of propagation of strongly 
inhomogeneous signal and pump becomes crucial. 
Namely, good transverse overlapping is sustained 
along the entire interaction length z, only if 
S(r, z) « E*(r, z). This constitutes the ‘discrimination 
mechanism’ of SBS-PC: the ‘conjugate mode’ of 
the signal has a z-sustained advantage in exponential 
gain and, under appropriate conditions, suppresses 
all nonconjugate signal configurations in com- 
petition for pump power. Nonlinear-optical 
wave theory of this discrimination process has been 
developed further. 

The holographic mechanism of PC has a different 
nature. It may take the form of static holography or 
dynamic holography; the latter essentially may be 
considered as a part of nonlinear optics. Here is a 
simplified description of one of the variants. Suppose 
one wants to obtain a conjugate replica of the incident 
monochromatic signal, whose complex profile is S(R). 
A plane reference wave A(R) = exp(ik,-R) is also 
directed to the registering medium. If S(R) and A(R) 
are mutually coherent, then an interference pattern 
of intensity is produced {S*(R)A(R) + compl. conj.}. 
The medium records this pattern in the form of the 
modulation of refractive index and/or of the absorp- 
tion coefficient, Se(R) o< (cy + ic2){S*(R)A (R) + c.c.} 
(Figure 3a). At the ‘reconstruction’ stage, the holo- 
gram is illuminated by another plane reference 
wave, B(R) = Boy exp(ikp-R). In the specific case, when 
kp = —k,y, the source 5Deon; of the reconstructed 
wave becomes, as shown by Figure 3b: 


BDeonj = (C1 + ic) [S"(R)A(R)]-B(R) o< S*(R) 
X (cy + 1c2)AoBo [3] 
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Figure 3 (a) Recording of a hologram in a photosensitive 
medium by a reference wave A and signal wave S. (b) Read-out of 
that hologram by the wave B counter-propagating to A results in 
generation of the conjugated signal S". 


Reversibility of propagation laws guarantees that 
this source will indeed excite a conjugate wave with 
high efficiency. Both processes, recording of the 
interference pattern and reconstruction of the con- 
jugate wave, may occur simultaneously, if one deals 
with the dynamic holography. The same process may 
also be described as nonlinear-optical four-wave 


mixing (FWM) via cubic nonlinearity x: 


SD conj(R)= X'S" (RYA(R)B(R) = ¥S*(RYAnBo [4] 


with the four waves; A, B, S, S*. 

Important characteristics of a PC device are: 
fidelity of conjugation, efficiency of returning back- 
reflected power/energy, and reaction time or build-up 
time. The fidelity parameter must show how close the 
output of the device E,,,(r) is to the perfectly 
conjugate profile S*(R) of the incident signal (up to 
an arbitrary constant complex factor). Among other 
definitions, the square modulus of the normalized 
transverse overlapping integral of the fields is often 
discussed: 


| il} Bout, y)S(x, y)dxdyl* 
(I lEgue(x, yl’ dady + fff Sto, y)l?dxdy) 





To achieve good (close to 1) fidelity of PC in 
the holographic or FWM scheme, one has to guar- 
antee that the reference waves, Ag exp(ik,-R) and 
Bo exp(ikg-R), are exactly conjugate to each other, 
k, = —kg. That, in turn, requires the absence of any 
distortions in the holographic or nonlinear medium. 
To the contrary, there are very modest requirements 
on the phase inhomogeneities of the medium in the 
SBS scheme of PC, and for that reason it is usually 
labeled as a scheme of self-phase conjugation. 

A hybrid scheme, Brillouin-assisted FWM, has 
been suggested and implemented, where mutually 
conjugate reference waves are produced via SBS-PC, 
while FWM, in a separate medium, exploits SBS 
nonlinearity. This scheme has produced extremely 
high, up to about 101°, reflectivity, accompanied by 
an extremely low-noise detection of incoming signals. 

A number of other PC schemes were first realized 
with the use of an important class of materials for 
nonlinear optics: photo-refractive crystals (PRC). 
These are crystals where ionization of the dopants 
by the incident light creates interference pattern of 
charge separation. The linear electro-optic (Pockels) 
effect transforms the resulting patterns of the 
electrostatic field into patterns of refractive index, 
thus creating dynamic holograms. A remarkable 
property of these crystals is that most of them act as 
very good electrical insulators. Therefore, the only 
source of conductivity, which tends to erase the 
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hologram, is photoconductivity, the value of the latter 
being proportional to the intensity of incident light 
itself. For this reason, the steady-state strength of the 
hologram turns out to be independent of the intensity. 
It is the build-up time that must be increased, if 
intensity is low. One can achieve various processes in 
PRG, including those similar to the ¥°-type optical 
Kerr effect, stimulated scattering, etc. 

The simplest use of PRC for generation of PC waves 
is to devise a FWM scheme (see Figure 3 ). However, a 
multitude of other, nontrivial schemes have been 
devised and implemented. The most impressive use of 
PRC for PC is based on interactions of the beams in 
the vicinity of a corner of a rectangular crystal, 
typically BaTiO3, these interactions being of the 
stimulated scattering type. To honor J. Feinberg’s cat, 
whose image was reconstructed in the first demon- 
stration, this scheme is universally called ‘cat 
conjugator’. It turned out to be a very reliable and 
robust scheme of self-phase-conjugation (SPC). 

Another important group of the SPC scheme is 
called ‘tail-biting’. One of the variants of the latter is 
shown in Figure 4. Incident ‘pump’ wave A(R), whose 
transverse profile one wants to conjugate, enters the 
medium, and then is redirected by mirrors back into 
the same medium, to ‘bite itself’. For the purpose 
of discussion, this redirected pump is labeled as 
wave B(R) on its second arrival into the medium. 
Spontaneous scattering results in a seed for the 
amplification of the wave C(R) via the process of 
stimulated scattering (SS) A(R) — C(R). 

Wave C(R) is also redirected into the medium by the 
same mirrors, and is labeled as wave D(R) onits second 


A, incident 
‘pump’ 








Figure 4 Tail-biting scheme of phase conjugation. 


arrival into the medium. Both C(R) and D(R) are 
depicted in Figure 4 by white arrows. Wave D(R) is 
also amplified due to the SS process B(R) > D(R). 

As it follows from the macroscopic description of 
SS process, volume gratings of refractive index are 
recorded in the medium, 87(R) oc —i[A*(R)C(R) + 
B*(R)D(R)]. Among all the transverse profiles for the 
seed C(R), the one that happens to be proportional to 
B*(R) will be reflected by the mirrors into the medium 
in the form D(R) oc A*(R). The latter case is again a 
consequence of the reversibility of propagation laws, 
where both gratings have the same profile and add 
coherently in the form A*(R)B*(R). What is even 
more important, the grating B*(R)D(R) oc B*(R)A*(R) 
serves to close the feedback loop for seeding the 
appropriate C(R). This, and other variants of tail- 
biting schemes, have also proved to be reliable 
and robust. Quite often a laser amplifier is inserted 
in the path A—B and C—D, thus enhancing 
the feedback. 

Another important scheme is traditionally called 
‘double PC’; albeit it may be better described as 
‘mutual PC’. Figure 5 should help in understanding 
that scheme. Consider the beam A(R) incident 
to a medium active with respect to the stimulated- 
scattering-type process A(R)— C(R). This process 
originates from a random seed and results in a fan of 
different waves C(R). Such a process is characteristic 
of PRCs and is a consequence of recording dynamic 
gratings of refractive index 87(R) o —i[A*(R)C(R)]. 
Suppose another beam B(R), typically incoherent 
with respect to A(R), illuminates the medium from 
the other side, and also is engaged in the fanning 
process, this time B(R) > D(R), with the grating of 
refractive index 8”(R) o —i[B*(R)D(R)] involved. 
Among all the transverse profiles for the seed grating 
C(R)A*(R), the one that happens to be proportional 
to B*(R)A*(R) will be supported by similar profiles in 
the B(R) — D(R) scattering. In this way, two fanning 
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Figure 5 Towards the mechanism of double PC (mutual PC). 
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processes enhance each other and close the feedback 
loop. An important consequence is that one obtains 
the following output waves: 


C(R) = const, X B*(R) ? 

D(R) = const, x A*(R) [6] 
One can say that the output wave C(R) presents a 
conjugate replica of B(R)-beam, while the output 
wave D(R) presents a conjugate replica of 
A(R)-beam; hence the label ‘mutual PC’. In some 
experiments the incident beams, A(R) and B(R), were 
of somewhat different colors (i.e., from different 
lasers), or their pulses did not overlap in time in the 
medium. It is the grating memory that ‘informs’ one 
beam about the presence of the other. The mechanism 
of cat conjugator is considered to be a combination of 
tail-biting and double PC schemes. 

Pumped laser material with saturable gain often 
serves as an important nonlinear-optical medium for 
implementing PC. One of the evident advantages is 
that possible low efficiency of properly nonlinear 
process may be compensated by the gain in the same 
piece of material. 

Considerable attention is paid nowadays to the 
chirp reversal of optical pulses that are used in 
fiber optical communications. Such chirped pulses, 
S(t) = exp(—iwot + iBt?/2 — t?/77), with the value of 
the ‘chirp’ dw/dt=—£B and an increased pulse 
duration 71, arise as a result of propagation in a fiber 
which possesses group velocity dispersion (GVD). 
Pulse stretching and chirp are the consequences of 
different propagation times for the different frequency 
constituents of the pulse. If some device changes the 
sign of that chirp, then subsequent propagation of the 
pulse, through a piece of fiber with the same GVD, 
restores the duration of the pulse to original shorter 
value 7). A scheme has been suggested to use nonlinear 
optical FWM ina y ‘°)-medium or three-wave mixing 
(ThWM) ina y *)-medium: 


SDeonj(t) = X'S (DADB() 


Z 
BDeonj(d) = XS" (HCO) _ 
Indeed, complex conjugation of the time dependence 
of the signal’s field is equivalent to the change of 
the chirp sign. The second (ThWM) expression is 
written assuming that the reference wave 
C(f) o exp(—2iw pt), so that is has the frequency 
double that of the signal. The same process of 
ThWM has been shown to yield the conjugation of 
transverse phase profile of the beams, but for a number 
of reasons it was not applied. 
As for the applications of PC, one of them was 
discussed above (Figure 1: double-pass scheme of a 


laser amplifier). Lasers with one or two PC mirrors, 
or with more complicated PC scheme, promise 
generation of high-transverse-quality beams with 
the use of realistic laser media, the latter inevitably 
possessing thermal and other distorting inhomo- 
geneities. Another important potential application is 
free-space optical communications: Earth—Earth or 
Earth—satellite through atmosphere, or satellite— 
satellite communications. An ‘interrogating? beam 
may be sent in one direction through an imperfect 
optical system and/or through turbulent atmos- 
phere. Conjugation of transverse profile of the 
‘interrogating’ beam at the other end of the 
communication link leads to an almost perfect 
redirection of the reflected beam towards the 
‘beacon’ source, while time modulation may carry 
the information. 

Readout of information data from a holographic 
storage is almost always performed in the regime of 
reading the conjugate wave, since it corrects for the 
most part of aberrations of optical systems in 
question. 

To conclude, one may use a citation from the two 
consecutive Scientific American popular papers on 
PC: ‘at present the number of applications would 
seem to be limited only by imagination.’ 

Reviews of various aspects of phase conjugation 
may be found in monographs and Scientific American 
papers listed below. The author of the present article 
was introduced to PC by his colleague V. V. Ragulskii, 
and has greatly benefited from collaboration with 
V. V. Ragulskii and V. V. Shkunov. 


See also 


Microscopy: Phase Contrast Microscopy. Nonlinear 
Optics, Basics: Four-Wave Mixing. Phase Control: 
Phase Conjugation and Image Correction. Scattering: 
Scattering Theory. 
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6. Then take the ceramic earphone, cut the plug off the end, and strip the 2 wire 
ends about 1.5 centimetres in length. Wrap each earphone wire around each end 
of the resistor component, underneath the matrix board. 
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free end of capacitor C1 and this will be the antenna wire connection. Both 
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Introduction and Basics of the 
Photorefractive Effect 


In 1966 Ashkin and coworkers were pursuing 
research on optical devices using the electro-optic 
material lithium niobate. They noticed that the 
refractive index of lithium niobate would change 
when it was exposed to laser light, and upset the 
expected operation of their devices. They called 
the effect optical damage. Shortly thereafter, Chen, 
LaMacchia, and Fraser reported on the use of the 
optical damage effect for holographic data storage. 
Thus began the field of photorefractive nonlinear 
optics, which has been used in various applications 
such as real-time holography, optical data storage, 
optical image amplification, nondestructive testing, 
distortion compensation by phase conjugation, 
pattern recognition, and radar signal processing. 
Many inorganic and organic materials have been 
investigated for their photorefractive effects, includ- 
ing ferroelectrics, semiconductors, and _ sensitized 
polymers. The most well-known inorganic materials 
are lithium niobate, bismuth silicon oxide, barium 
titanate, and strontium barium niobate. Most organic 
photorefractive materials are based on polymeric 
photoconductors such as those used in xerography 
that are doped with electro-active molecules, some 
plasticizers, and sensitizers. 

While in its broadest interpretation, the photo- 
refractive effect occurs whenever light incident on a 
material causes a refractive index change, one usually 
applies the term to electro-optic index changes 
resulting from optically generated space charge fields. 
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and exciting radiation in stimulated Brillouin scattering. 
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Materials that are photorefractive in this sense share 
the following properties 


e high transmission at the operating wavelengths; 

e linear electro-optic coefficients or orientational 
Kerr effects; 

e charge carriers that become mobile when optically 
excited; 

e trapping centers for these charge carriers to enable 
spatially non-uniform redistribution of charge. 


Consider two beams from the same laser crossing 
inside a photorefractive material such as barium 
titanate. The interference pattern will have bright and 
dark fringes. Charge carriers are excited where the 
light is bright, then drift and diffuse to regions of 
relative darkness where they preferentially recombine 
into trapping centers. In this way, a net excess charge 
develops in the dark regions, and a net deficit of 
charge develops in the bright regions. The spatially 
varying charge distribution has an electric field 
associated with it and this electric field causes a 
spatially varying refractive index profile. Because the 
space charge, its field, and resulting refractive index 
have the same spatial periodicity as the original 
interference pattern we have a holographic phase 
grating. The diffraction efficiency of the hologram 
can easily approach 100% for materials such as 
barium titanate and strontium barium niobate 
which have high electro-optic coefficients. Likewise, 
such high diffraction efficiencies are easily 
obtained in 100 micrometer-thick photorefractive 
polymer films. 


The Standard Rate Equation Model 


The development of photorefractive gratings can be 
modeled using standard semiconductor rate 
equations. Figure 1 shows two beams incident 
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Figure 1 Diagram of two-beam coupling process showing 
optical interference pattern, space charge, resultant electric field, 
and 7/2 phase shifted electro-optically induced refractive index 
grating. 


symmetrically on a photorefractive crystal or poly- 
mer. They form an interference pattern whose 
intensity may be written: 


I(x) = Ind + m cos(k,x)) [1] 


where x is the direction perpendicular to the 
interference fringes, I) is the average intensity, 7 is 
the modulation index, and k, is the wavenumber of 
the interference pattern. 

The crystal may be considered a wide bandgap 
semiconductor containing electron donors in the 
bandgap with density Np and electron acceptors 
with density Na. It is assumed that some electrons 
ionized from the donors permanently occupy these 
acceptors so that when charge in the crystal is 
distributed uniformly in the dark, the number density 
of ionized donors Np is equal to Na. Likewise, 
polymers contain donor and acceptor-like molecules 
that can be neutral or ionized. The spatially varying 
light distribution ionizes the donors at the following 
rate, assuming that Nii < Np: 


aNh, 
at 





= sINp — yrneNb [2] 


where s is a photoionization coefficient, yp is a 
recombination parameter, and n, is the density of 
excited charge carriers, which we assume here to be 
electrons. The model can easily be generalized to 
include holes. We also use the equation of charge 
conservation: 





aNi dane 1c. 
a v;j [3] 
t ot e 


where e is the charge of an electron, and j is the 
current in the conduction band. 


j = pen.E + kgTpVn, [4] 


where w is the electron mobility, kg is Boltzmann’s 
constant, and T is the temperature. The electric field 
obeys Gauss’s law: 


V-E = —e(n. + Na — Nbjle [5] 


where Na is the density of acceptors. These equations 
may be linearized by approximating the electron 
density, ionized donor density, and electric field with 
their first Fourier components: 


E=Eo+5(E, exp(ik,x)+Ej exp(—ik,x)) 
Nb =Nbo+ 4(Np1 exp(ikyx) + Np exp(—ik,x)) [6] 


Ne = Neo + F(Ney Explikgx) + ne exp(—ik,x)) 


This assumption is strictly valid only when the 
modulation index m is much less than unity. 
Otherwise, a generalization to higher orders in the 
Fourier series is required. However, the linearized 
theory is sufficient to illustrate the most important 
features of the photorefractive effect. The solution for 
the space charge field E, for the case when the 
interference pattern is applied at time t=0 is 


sp TEQEo + iED) 
Ey +i(Ep + Eq) 





E,;= (1 —exp(—t/7)) [7] 


where Ep is an externally applied or photovoltaic field 
(if any), Ep is the diffusion field 


_ kpThe 
a 


Ep [8] 


and Eq is the limiting space charge field 
— eNa 
sk 





Eg [9] 
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Some photorefractive crystals, most notably LiINbO3, 
exhibit the photovoltaic effect in which optical 
illumination induces a dc field across the crystal. 

The sinusoidally varying space charge field EF, 
operates through the linear electro-optic effect with 
effective coefficient r to produce a sinusoidal variation 
in the refractive index n of the crystal: 


n(x) = 19 + 3(n1 explikyx) +n} exp(—ikgx)) [10] 
where 
Leg 
= — 5 TEs [11] 


The effective electro-optic coefficient r may be found 
from tensor analysis of the electro-optic tensor and 
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the vector space charge and optical fields. Notice 
that there is a 90-degree phase shift between the 
interference pattern and the refractive index grating 
when Ep is zero. The time constant 7 is given by 


Na Eo+i(Ep+£,) 


= : 12 
7 'SNplp Ey +i(Ep + Eq) [12] 





where E,, is a mobility field 


E, _ YrNa [13] 

pk, 
When Eg is nonzero, there is an oscillatory com- 
ponent to the time constant. 

In contrast to the case of ordinary optical 
nonlinearities such as the optical Kerr effect, in 
which the nonlinear coupling strength is proportional 
to the optical intensity, the steady state strength of 
the photorefractive effect is independent of optical 
intensity while the time constant is inversely pro- 
portional to intensity in the basic model described 
above. The time constant varies with the photocon- 
ducting performance of a given material. In the fastest 
polymeric and inorganic materials it is, at the time of 
writing, of the order of a few milliseconds at 
1 W cm ? of incident optical intensity. 

At low intensities (below the equivalent dark 
intensity, 1 W cm in barium titanate), the above 
equations need to be modified to include the effect of 
dark conductivity. Even in the dark, there will be a 
few mobile charge carriers in the conduction band 
that tend to erase the grating. This will result in the 
effect appearing more Kerr-like, except still with the 
90-degree phase shift between the index grating and 
the interference pattern. 


Coupled Wave Equations 


The change in refractive index 1, can be large enough 
to produce substantial interactions between the 
writing beams. The writing beams generate a phase 
grating that diffracts the beams into each other. The 
grating influences the writing beams, which in turn 
influence the grating. In the cases where the diffusion 
field dominates, for example when the externally 
applied or photovoltaic field Eo is absent, one beam is 
amplified by in-phase diffraction of the other beam 
from the grating. As shown in Figure 2, this 
amplification results from a 90-degree phase shift 
due to diffraction from a phase grating coupled with a 
— 90-degree phase shift from the spatial phase shift 
between the interference pattern and the index 
grating. The second beam is attenuated by destructive 
interference with the first beam diffracted by the 


Beam 1 + ® 


Beam 2 


/ Beam 1 —- 


Beam 2 

















Beam 2 Beam 1 


Figure 2  Two-beam coupling amplification. Beam 1 is amplified 


by constructive interference. Beam 2 is de-amplified by 
destructive interference. 


grating. These interactions can be modeled by 

standard coupled wave theory. Let the electric field 
amplitude associated with the jth beam be 
E,(r, £) = e[ Aj(r) exp(i(k; - r — wf) 

+ A* exp(-i(k; «1 — ot))| [14] 


where e is the polarization unit vector. Using the 
scalar wave equation 
VE+KE=0 [15] 


and the slowly varying envelope approximation 
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with the coupling constant y given by 
iwAn 
= 18 
” ccos 0 el 


where % is the half-angle between the writing beams 
and An,, is given by 
oo 


_ 3 
An, = — ~nor— 
m 


) [19] 


Equation [17] shows that beam 1 is amplified and 
beam 2 is attenuated. That beam 1 is amplified 
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instead of beam 2 is a result of the choice of crystal 
orientation and hence the sign of y. These nonlinear 
equations can be solved for normalized intensity 








i@= fo 
mS THEOLOKPGD — 44 
= Io 
h@ = TT Oh Opexp(-Fo 





where [= y+ y' is the intensity coupling constant. 
In the limit where I, < I,, the weak beam, beam 1, 
experiences exponential amplification. This ampli- 
fication can be used to build optical oscillators with 
many of the same properties as conventional laser 
oscillators. The solution can be generalized to the 
case where y has an imaginary component due to an 
applied or photovoltaic field Ep. Linear absorption 
can also be included. 


Materials 


Photorefractive materials may be separated into two 
broad classes: inorganic and organic. The first 
materials investigated were inorganic oxides and 
semiconductors. Their success led to efforts to 
endow more easily produced organic materials with 
the required photoconductivity, charge trapping 
centers, and electro-optic coefficients. 


Inorganic Materials 


The first requirement in a classic photorefractive 
material is a linear electro-optic coefficient, such 
as appears in sillenites such as bismuth silicon 
oxide Biz2SiOz9 and bismuth germanium oxide 
Bij2GeO29. These were some of the first photore- 
fractive materials used for image processing and 
phase conjugation applications. However, their 
electro-optic coefficients (a few pm/V) are not large 
enough to easily give rise to large diffraction 
efficiencies, or to photorefractive oscillators. 
Materials at a temperature near a phase transition 
generally have higher electro-optic coefficients 
because their crystal structures are on the verge of 
changing. They are extremely susceptible to the effect 
of any external influence such as the application of 
electric fields including photorefractive space charge 
fields. That is why ferroelectric materials are good 
candidates for photorefractive materials. These 
include barium titanate BaTiO3, potassium 
niobate KNbO3, and strontium barium niobate 
Sr,Ba;-,Nb20,¢. The mean free path of charge 
transport is less than that in sillenites, so they require 
more photons to reach a steady state. Therefore, 


ferroelectric materials are typically less sensitive than 
sillenites. 

The second requirement is for photoconductivity. 
This requires the existence of photoexcitable charge 
carriers, either from valence band to conduction band 
or from intraband trapping centers. The latter source 
of photocarriers is used most often because the 
absorption length of light whose energy is greater 
than the bandgap is usually only a few micrometers. 
This places a severe restriction on the beams’ 
interaction length €. Thus there has been considerable 
research on suitable dopants, most commonly Fe** and 
Fe**. These dopants also act as trapping centers. 

Lithium niobate is an example of a material with a 
large photovoltaic effect. When illuminated, this 
crystal develops a large dc field, which acts to enhance 
the grating strength. In those cases where the photo- 
refractive effect is not wanted, such as in the design of 
lithium niobate waveguide devices, the photovoltaic 
effect can be greatly diminished by the addition of 
Mg6O to the crystal melt during growth. 

For photorefractivity in the near infrared, semicon- 
ductors such as gallium arsenide and indium phos- 
phide have been used with success. These materials 
also have the advantage that they can be grown in 
layered structures to produce, for example, multiple 
quantum wells that can be used to tailor the 
characteristics of optical excitation and charge 
transport. 


Organic Materials 


First-generation photorefractive polymers were 
designed to mimic the properties of their inorganic 
counterparts. Owing to their rich structural flexi- 
bility, organic synthetic materials with suitable charge 
transport, trapping, linear electro-optic effects and 
low optical absorption, were developed. This 
approach did build on the know-how developed 
previously in making photoconducting polymers for 
xerography and electro-optic polymers for optical 
modulation. Current polymers are based on an 
orientational photorefractive effect that leads to 
higher refractive index changes compared with 
traditional photorefractive materials. In materials 
with orientational photorefractivity, the refractive 
index change is produced by the field induced 
reorientation of anisotropic conjugated molecules 
that possess a permanent dipole moment and that 
have a high polarizability anisotropy. The photo- 
refractive space charge field together with the applied 
field will periodically reorient these molecules and 
produce a periodic refractive index modulation 
through an orientational Kerr effect. The build-up 
and dynamics of this space-charge field are similar to 
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those of traditional photorefractive crystals and can 
be described by eqns [2]—[7]. The time constant of the 
hologram is a convolution of the build-up time of the 
space-charge and the orientational diffusion time of 
the dipolar molecules in the total electric field. In 
contrast to crystals, polymers are nearly amorphous 
and the transport properties are described by 
charge hopping processes instead of band-type trans- 
port in crystals. Consequently, the photoconducting 
properties of polymers are strongly field dependent 
and photorefractivity is mainly observed under strong 
applied voltages. Numerous polymer composites 
have been developed using the hole transport polymer 
poly(N-vinylcarbazole). Several materials with a 
refractive index modulation amplitude of the order 
of a percent and two-beam coupling constants 
y>100cm~' have been reported. New polymer 
composites are continuously being tested. Photo- 
refractivity is also studied in other organic 
materials including organic crystals, liquid crystals, 
nanocomposites such as polymer-dispersed liquid 
crystals, or hybrid materials such as sol-gels. 


Applications 


Holographic Data Storage 


Holographic data storage takes advantage of the 
Bragg selectivity of thick gratings. This allows many 
holograms to be superimposed in the same small 
volume, typically of the order of one cubic centimeter. 
A page of data is displayed ona spatial light modulator 
and a laser beam passing through the modulator is 
holographically recorded in the crystal with a refer- 
ence beam at a specific angle. Many pages of data can 
be superimposed by recording many holograms with 
angularly multiplexed reference beams. Other multi- 
plexing schemes are implemented by changing the 
shape of the wavefront of the reference beam. In 
principle, the upper limit of recording density is 
determined by the wavelength of light: one bit per 
cubic wavelength. If the recording wavelength is 
0.5 ym, then one cubic centimeter can contain 1000 
gigabytes of data. In practical circumstances, when 
noise is taken into consideration, the capacity is 
more realistically of the order of one gigabyte if 
a 1000 x 1000 spatial light modulator is used. 


Distortion Compensation by Phase Conjugation 


Photorefractive materials can be used to make high- 
reflectivity phase conjugate mirrors. The phase con- 
jugate of a laser beam is produced when a hologram of 
the beam is read by another beam traveling in the 
opposite direction to the original reference beam. The 
phase conjugate reconstruction is a time-reversed 


copy of the original beam. If the original beam has 
passed through distorting optics, then the phase 
conjugate beam will retrace the path of the original 
beam through the distortion and emerge in its 
undistorted original state. In the standard nomencla- 
ture of phase conjugation, the input beam is called the 
signal, or probe, and the two reference beams are 
called the pumps. The output beam at z = 0 is called 
the phase conjugate beam and has zero amplitude at 
its input at z= €, where € is the interaction length. 
Applications for phase conjugation exist, for 
example, in signal transmission through distortions 
and laser cavity design. If a phase conjugate mirror 
is used as a cavity mirror, then the effects of 
intracavity distortions are removed. 

Since the photorefractive gratings can be very 
strong, the diffraction efficiency of the counterpropa- 
gating reference beam can be so high that the phase 
conjugate reflectivity can exceed unity. The simplest 
generalization of eqn [17] to the four-wave mixing 
phase conjugation case is when only transmission 
gratings are important, as occurs in many circum- 
stances depending on the mutual coherence proper- 
ties of the beams, and the material’s properties. 
The coupled wave equations are 
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In the undepleted pumps approximation, 


(I), >> 13,14), the equations become linear and 
the solution for phase conjugate reflectivity 
R = 1;(0)/I4(0) is 


R= sinh[ yé/2] 
cosh[(yé + In r)/2] 





[22] 


where r = I,/I, is the ratio between the intensities of 
the pumping beams. 

The fact that the reflectivity of the phase conjugate 
mirror can be greater than unity means that we can 
build an optical oscillator bounded by a regular 
mirror and a phase conjugate mirror only. Not only 
does it not require any additional optical gain, but it 
also compensates for intracavity distortions. The 
regular mirror can have any shape, provided that it 
is sufficiently reflective. 
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Self-pumped Phase Conjugate Mirrors 


If a laser beam passes through a crystal placed inside 
an optical cavity formed by two facing mirrors, light 
scattered by imperfections in the crystal can be 
amplified through the photorefractive effect. The 
cavity provides feedback and optical oscillation can 
build up. The oscillation beams pump the crystal as a 
phase conjugate mirror for the incident beam, 
thus forming a self-pumped phase conjugate mirror. 
The feedback can even be provided by total internal 
reflection in the crystal in which case the crystal by 
itself can become a phase conjugate mirror. 


Pattern Recognition and Image Filtering 


Photorefractive wave mixing can be used to perform 
pattern recognition by matched filtering. One 
example would be to identify a tank in a battlefield 
scene, another would be to identify all of the 
occurrences of a particular word on a page of text. 
Suppose the input beams contain the corresponding 
pictorial information, such as might be obtained by 
passing the beams through an image-bearing trans- 
parency or spatial light modulator. Equation [21] 
shows that the source for beam 3 contains a term 
proportional to the product of the amplitudes of the 
three input beams. If lenses are placed in the input 
beams so that the crystal receives the Fourier trans- 
forms of those beams, then the output beam at the 
crystal, beam 3, will be proportional to the product of 
the Fourier transforms of the input beams 1, 2, and 4. 
A lens may then be used to perform the inverse 
Fourier transform of the product of the Fourier 
transforms of the input beams, producing an output 
proportional to beam 1 convolved with beam 2 
correlated with beam 4. If beam 1 is a point source 
before its Fourier transforming lens, then it will be a 
plane wave at the crystal. Beam 3 after inverse Fourier 
transformation by its lens will be the correlation of 
beams 4 and 2. For example, suppose we want to find 
all the occurrences of a particular word, say ‘optics’ in 
a given page of text. Then we would make a 
transparency of the word ‘optics’ and place that in 
input beam 4. We would then place an image of the 
page of text in beam 2. Beam 3 would then contain a 
field with bright spots at the places containing the 
word ‘optics’ in the original text. 

The real-time holographic recording properties of 
photorefractive materials can also be exploited in 
medical imaging applications by performing time- 
gated holography. In this method, a hologram is 
formed by the temporal overlap in the photorefrac- 
tive sample of a reference pulse and the first-arriving 
(ballistic photons) light from a stretched image- 
bearing pulse that has propagated through a 


scattering medium. The filtering of the useful photons 
from the scattered ones is achieved by reconstructing 
the hologram formed with the ballistic photons in a 
four-wave mixing geometry. 


Optical Limiting, the Novelty Filter, and Laser 
Ultrasonic Inspection 


The attenuation of beam 2 in eqn [17] can be used in 
several applications including optical limiting and 
novelty filtering. If one wants to protect a sensor 
from high-intensity laser radiation, then one could 
split a small portion of the input beam directed at the 
sensor and use it as beam 1 in a photorefractive 
recording setup with the input beam acting as 
beam 2. If the laser intensity is above the equivalent 
dark intensity such that the optically excited charge 
density is greater than the thermally excited charge 
density, the photorefractive effect will be activated 
and the input beam will be de-amplified by 
destructive interference with beam 1, thus protecting 
the sensor. In materials with high gain—length 
products (y€ > 1), separate provision of beam 1 is 
unnecessary because light scattered from the input 
beam by imperfections in the material and other 
scattering centers will be greatly amplified, often to 
such an extent that the input beam is almost 
completely attenuated. This photorefractive ampli- 
fication of scattered radiation is known as the 
fanning effect, because the amplified scattered light 
often appears as a fan, or brush of light, as can be 
seen in Figure 3. The effect can also be used to make 
a novelty filter, which transmits only the moving 
portion of a scene. The crystal is only fast enough to 





Figure 3 Photorefractive barium titanate exhibiting amplified 
scattering. A helium neon laser beam is incident from the lower 
left, passes through the crystal to a screen where it is blacked out 
to prevent saturation of the camera. The screen shows brushes of 
amplified scattering, or fanning. 
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respond to the slowly changing or static components 
of an image-bearing beam. Since the grating formed 
is Bragg-matched only to the slow component, the 
grating will only attenuate that slow component. 
Any rapidly changing parts of a scene pass through 
the crystal unattenuated. Such a filter is useful for 
picking out moving objects in a static cluttered 
background, for example a tank on a battlefield, or a 
micro-organism swimming against a stationary 
background. 

A related application is in laser ultrasonic inspec- 
tion. Defects in industrial material processing such as 
welding have characteristic ultrasonic signatures. The 
part under test is pinged by a pulsed laser and a probe 
laser is reflected from the part. As the part is shaken by 
the ultrasound, speckle in the reflected beam vibrates. 
A photorefractive recording is made of the speckle 
beam. Electrodes are placed on the photorefractive 
material, so that any optically induced currents can be 
detected. If the speckle pattern is not moving, or is 
moving more slowly than the speed of response of the 
photorefractive material, the photorefractive grating 
will be essentially at steady state: the drift currents 
balance the diffusion currents so there is no net 
current. There is no signal as the part moves through 
the process line. However, if the speckle beam is 
moving faster than the response time of the material, it 
will move photoexcited charge back and forth past the 
quasistatic grating and generate a net current for 
detection via the electrodes. 


Adaptive Signal Processing 


The relatively slow speed of photorefractive devices 
can be used to advantage in radio-frequency (RF) 
signal processing, such as signal extraction and 
coherent combination of signals from antenna arrays. 
The signal extraction application depends on grating 
competition in two-beam coupling. Suppose we wish 
to separate signals on two different RF carrier 
frequencies w; and w, respectively. The combined 
signal is applied to an optical carrier beam using a 
high-speed modulator. The resulting optical field may 
be represented as 
S(t) exp(iw,t) + Sy(t) exp(iat) [23] 
It is used to pump a unidirectional ring resonator 
so that grating competition allows oscillation only 
on the strongest component of the combined signal, 
say S;. The output of the oscillator is proportional 
to the extracted component S;. The effectiveness of 
the intersignal competition is enhanced by placing 
another photorefractive material in the cavity. A 
portion of the intracavity beam is picked off by a 


beamsplitter and used as a two-beam coupling 
pump in the second material. The crystal is oriented 
so that the photorefractive grating diffracts the 
picked-off beam back into the cavity. The return of 
the picked-off component is most effective for the 
stronger component S$, thus decreasing its loss 
compared to that of the weaker component S>. 
This beamsplitter/crystal combination is known as a 
reflexive coupler. 


Photorefractive Solitons 


Under favorable conditions, a single beam incident 
on a photorefractive crystal will induce a positive 
refractive index change at the center of the beam. 
This provides a self-focussing tendency that counter- 
acts the beam’s divergence due to diffraction. When 
these two effects balance each other, the beam can 
propagate with a constant diameter. Such a beam is 
known as a spatial soliton in analogy with temporal 
solitons in optical fibers and can occur when there is 
a component of the photorefractive response due to 
drift. The drift component of the photorefractive 
effect appears when a dc field Eg is applied to the 
material. Potential applications are optically written 
waveguides and couplers. 


List of Units and Nomenclature 


Amplitude gain [ 
Applied dec field [ 
Current [ 
Dielectric permittivity [ 
Diffusion field [ 
Electron acceptor density [ 
Electron charge [C] e 
Electron donor density [ 
Grating wavenumber [ 
Intensity gain [ 
Interaction length [ 
Ionized donor density [ 
Limiting space [ 
charge field 


Mobility [m7V-1seco4] pp 
Mobility field [Vm~"] E, 
Normalized intensity [V7 m-?] I 
Photo-ionization coefficient [kg sec *] s 
Photorefractive time [sec] T 
constant 
Pump ratio [1] r 
Radian frequency [sec *] @ 
Recombination coefficient [m? sec” '] YR 
Slowly varying optical [Vm *] A 


electric field 
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Introduction 


The tremendous development of high-powered fem- 
tosecond laser systems since the 1980s, has opened up 
new areas of research in nonlinear optics, plasma 
physics, atomic and molecular dynamics, and intense- 
field physics. For many of these applications, it is 
important to understand how ultrashort light pulses 
propagate through a medium under conditions in one 
or more of the processes in which nonlinear optics 
play an important role. 

The starting point for the modeling of light 
propagation under these conditions is Maxwell’s 
wave equation for the electric field E(r,t) which is 
given in Gaussian units as 


2 2 
VE _ 4 oP A 


WE 
at? at? 





where the P(r,z) is the polarization inside the 
medium. Typically, the polarization is separated into 
a term P, that depends linearly on the field E and into 
a term P,, that depends nonlinearly on the applied 
field. The Fourier transform of the linear polarization 
can be expressed as P((r, w) = x? (w)E(r, w), where 


E(r, w) is the Fourier transform of electric field E(t, 2). 
For the laser—matter interactions that we consider 
here, we assume that the linear susceptibility ¥?(w) is 
real, in which case the wave equation can be 
expressed as 
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where nw) = /1+47y(@) is the frequency- 
dependent linear refractive index of the medium. 
For light pulses that are longer than an optical 
period, the envelope description is valid and the 
electric field can be described by an amplitude 
envelope A(r, 2) and a carrier frequency wp such that 


E(t, t) = A(t, the®*- + cc [3] 


where ky = k(wo) = Nowo/c is the wavevector ampli- 
tude and 1) = 1;(@9). This envelope description is 
advantageous for performing analytical and numeri- 
cal studies of pulse propagation. However, for 
sufficiently short laser pulses, where the shape of the 
envelope function does not depend on the carrier 
phase of the carrier wave, such a description is no 
longer applicable. Nevertheless the envelope descrip- 
tion can be made valid for pulses that are nearly as 
short as a single cycle or, alternatively, that have 
spectral bandwidths that are comparable to the 
central frequency wy. To derive an equation for 
the spatio-temporal evolution of the pulse envelope, 
the relation for the electric field is substituted into the 
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wave equation (eqn [2]) and the following two 
approximations are made: i) kydA/dz < d7A/dz’, 
which signifies that the envelope varies slowly in 
space over a distance compared to the central 
wavelength; ii) Up, ~ Ver where vp, = c/no is the 
phase velocity and vg, = (dk/dw) ' is the group 
velocity. This latter approximation is invariably well 
satisfied when the frequencies contained in the laser 
field are highly nonresonant with any transition 
frequencies of the medium. 

For an input pulse at z = 0 with a peak amplitude 
Ag, and characteristic widths in space and time given 
by wo and ty, respectively, the equation for the 
normalized amplitude u(r,,z,t) = A(r,,z,t)/Ap can 
be expressed as 
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where T= (t — 2/vg)/T, is the normalized retarded time 
for the pulse traveling at the group velocity vg, i? = 
T,/B, is the nth-order dispersion length, B,(7 = 2) is 
the mth-order dispersion constant, Lg, = EO | is the 
dispersion length, £=2z/Lgs is the normalized dis- 
tance, La; = kw%/2 is the diffraction length, p, is the 
normalized nonlinear polarization, and V7 is the 
transverse Laplacian. The presence of the operator 
(1+ 0/wp07) in the diffraction term (V7) of eqn [4] 
leads to space-time focusing, while its presence in the 
nonlinear term results in self-steepening and 
both these terms arise from not making the slowly 
varying envelope approximation in time (i.e., 
kod Alat <0" A/dt”) in deriving eqn [4]. For a self- 
consistent analysis of pulse propagation in the non- 
linear regime, both the effects of space-time focusing 
and self-steepening must be included. 


Nonlinear Refractive Index 


For an isotropic medium in the highly nonresonant 
limit, the third-order term is the lowest-order 
contribution to the nonlinear susceptibility. This 
term gives rise to the nonlinear refractive index, 
that is, the index of refraction depends on the local 
intensity of the laser field. For many materials there 
are two contributions to the nonlinear refractive 
index: i) an instantaneous part that arises from 
the electronic response of the medium; and ii) a 
noninstantaneous contribution due to the nuclear 
motion of the molecules (i.e, the Raman 
contribution). For such a medium, the nonlinear 


polarization may be expressed as 
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where L,) = (c/wo72Io) is the nonlinear length, Ip = 
noclAyl*/2m is the peak input intensity, f is the 
fraction of the Raman contribution to the nonlinear 
refractive index, and R(7) = {[1 + (Oprp)*|/Or7e} 
exp(—7/Tz) sin(Q.p7) is the Raman response function, 
Tr is the characteristic Raman response time, Or is 
the characterstic Raman frequency, and yp = 7)/Tp. 
For example, for fused silica f = 0.15, tp = 50 fs, and 
Ortpr = 4.2. For a noble gas such as Xe, there is no 
Raman contribution and f = 0. 


Self Focusing, Supercontinuum 
Generation, and Filamentation 


The presence of the nonlinear refractive index with 
ny > 0 can lead to self-focusing of a laser beam. For 
sufficiently long pulses such that dispersion, self- 
steepening, and space-time focusing effects can be 
neglected, it is found that laser beams with input 
powers greater than the critical power P,.= 
ad?/42nyn will undergo catastrophic self-focusing 
collapse. The dimensionless parameter a = 1.86 
depends on the spatial profile of the input beam and 
for a Gaussian input beam is given by a= 1.9, in 
which case the ratio of the input power P to the 
critical power satisfies the relation P/P,, = 
1.055Lq/L,. Extensive studies have been made on 
the dynamics of laser beams undergoing self-focusing. 
For example, it has been shown that the shape of the 
collapsing beam evolves to a radially symmetric 
profile as it approaches the collapse point and that 
the total power contained in the collapsing portion 
always corresponds to the minimum value (i.e., 
a ~ 1.86) regardless of the initial power in the beam. 

For light pulses shorter than a picosecond, the role 
of material dispersion plays an important role and 
completely alters the dynamics of the self-focusing 
process. These dispersive effects lead to a temporal 
splitting of the pulse into two pulses and the arrest of 
its collapse. At even higher powers, other phenomena 
can occur, such as ‘optical shock’ formation at the 
rear edge of the pulse, due to self-steepening and 
space-time focusing. Shock formation leads to the 
emission of a broad spectrum of radiation extending 
from the ultraviolet to the mid-infrared, known as 
supercontinuum generation (SCG). This phenomenon 
was first observed in 1970, and since then it has been 


260 NONLINEAR OPTICS, BASICS / Ultrafast and Intense-Field Nonlinear Optics 





observed in many different solids, liquids, and gases, 
under a wide variety of experimental conditions. 

If the peak intensity of the pulse approaches 
intensities of > 10! W/cm’, either through self- 
focusing or external focusing, multiphoton ionization 
occurs and a plasma is formed in the medium. (See 
section below on Plasma Nonlinearities and Relati- 
vistic Effects.) The generation of the plasma lowers 
the refractive index and effectively counteracts the 
self-focusing process, resulting in the spatial confine- 
ment of the pulse for distances far beyond what 
would be allowed by ordinary linear diffraction and 
has been observed in gases, liquids, and solids. A 
striking example of this apparent self-waveguiding is 
the observation of ‘light strings’ in air which can 
extend more than 10 km into the atmosphere. This 
phenomenon was first observed with 100 fs laser 
pulses in the near infrared (A = 800 nm). Researchers 
found that pulses with energies greater than 10 mJ 
undergo self-focusing collapse in air and produce a 
highly intense (> 10!° W/cm?) 100-micron-diameter 
light filament tens of meters long. 


Multiphoton Absorption 


Multiphoton absorption is a process in which an 
atom or molecule makes a transition from a ground 
state to an excited state by means of the simultaneous 
absorption of N photons. In the lowest order of 
perturbation theory, such a process can be described 
by means of a susceptibility of order (2N — 1), that is, 
by y°N~). Alternatively, this process can be described 
in terms of an N-photon cross-section 0%) defined 
such that the transition rate per atom is given by 


RY) = of) NX [6] 


where I is the intensity of the laser field. Quantum 
mechanical expressions for the N-photon cross- 
sections are readily obtained. One finds, for instance, 
that 
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In each of these expressions, the quantity ps represents 
the density of final states, or equivalently the atomic 
lineshape function, evaluated at the N-photon tran- 
sition frequency. 


Optical Damage 


High-intensity laser fields can produce unwanted 
damage to optical materials. As a point of reference, 
the threshold for laser damage to fused silica at a 
wavelength of 1.05 micrometers for a pulse of 30 ps 
duration corresponds to an intensity of 230 GW/cm? 
or a fluence of 7 J/cm?. Over a wide range of 
pulselengths (approximately 1 ps to 1s), the 
threshold intensity for laser damage decreases with 
pulse length T as T~'? and correspondingly the 
threshold fluence for laser damage increases with 
pulse length T'”. In this range of pulse durations, the 
dominant mechanism of laser damage is avalanche 
breakdown. In this process, free electrons are 
accelerated by the laser field until they acquire 
sufficient energy to impact-ionize other atoms in the 
sample. These additional electrons are similarly 
accelerated and create still more free electrons. The 
combined action of the breaking of chemical bonds 
and the deposition of heat energy leads to the 
fracturing of the optical material. For pulses shorter 
than 1 ps, processes such as multiphoton absorption 
and multiphoton dissociation contribute to the 
mechanism of optical damage. For laser pulses longer 
than approximately 1 ys (including continuous wave 
laser beams), the dominant damage mechanism is 
direct heating of the optical material by linear 
absorption. 


High-Harmonic Generation 


Let us consider how nonlinear optical effects are 
modified when excited by a super-intense pulse. 
Nonlinear optical effects are traditionally modeled 
using a power-series expansion, such as 





but this series is not expected to converge if the 
laser field strength E exceeds the atomic unit of 
field strength E,, = e/aj =2xX10’ statvolt/em = 
6X10’ V/cm. This field strength corresponds to 
a laser intensity of I,,=4%x10!° W/cm’, which 
constitutes the threshold intensity for exciting 
nonperturbative nonlinear optical response. 

One of the consequences of excitation with 
intensities comparable to the atomic unit of intensity 
I,,, is the occurrence of high-harmonic generation. In 
a typical experimental arrangement, a gas jet is 
irradiated by high-intensity laser radiation, and all 
odd harmonics of the fundamental laser frequency, 
up to some maximum value N,,.x, are observed. 
The various harmonics below Ninax ate typically 
emitted with approximately equal intensity; such an 
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observation is incompatible with a perturbative 
explanation of this phenomenon. Recent work has 
demonstrated harmonic generation with Nina. as 
large as 341. 

The phenomenon of high-harmonic generation can 
be understood in terms of a simple physical model. 
One imagines an atomic electron that has received 
kinetic energy from the laser field and is excited to a 
highly elliptical orbit. The positively charged atomic 
nucleus is at one focus of this ellipse, and each time 
the electron passes near the nucleus it undergoes 
strong acceleration and emits a short pulse of 
radiation. This radiation will occur in the form of a 
train of short pulses; the spectrum of the radiation 
will be the square of the Fourier transform of this 
pulse train, which will contain the odd harmonics of 
the oscillation frequency up to some maximum 
frequency, that is approximately the inverse of the 
time the electron spends near the atomic core. This 
argument can be made quantitative to show that the 
maximum harmonic number is given by 


Nmmaxfi@ = 3.17K + U, [9] 
where K = e?E7/ma~ is the ‘ponderomotive energy’ 
(the kinetic energy of an electron in a laser field) and 
U, is the ionization energy of the atom. 


Plasma Nonlinearities and 
Relativistic Effects 


The process of multiphoton ionization can liberate a 
sufficient number of free electrons to transform the 
optical medium into a plasma, that is, a fully or 
partially ionized gas. The process of plasma for- 
mation is described by the equation 


pee ae (Nz — No IN — NN; 


dt — dt ro 





where N, is the number density of electons, N; is the 
number density of ions, Ny is the total number of 
atoms (both ionized and un-ionized) in the material, 
and r is the electron-ion recombination coefficient. 
The optical properties of plasmas are very different 
from those of typical dielectric materials; the plasma 
contribution to the dielectric constant is given by 


me 
e(w) =1-— Zz [11] 
where w, = V4aNe*/m is known as the plasma 
frequency. 

Nonlinear effects can occur in the propagation of 
light through a plasma. One example is the nonlinear 
response resulting from the relativistic change in mass 


of the electron due to the large velocity that it can 
attain in the field of an intense laser beam. Detailed 
consideration of this effect shows that the nonlinear 
change in refractive index can be described as 
An = nyI where 
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Nonlinear Quantum Electrodynamics 


One can imagine an electric field so intense that it 
could lead to the spontaneous creation of electron— 
positron pairs. Such a field would have a strength of 
the order of Eggp = mc’lex where x, = hi/mc is the 
reduced Compton wavelength of the electron. The 
intensity of a light beam with a peak field amplitude 
of Earp is Igrp = 4X 107? W/cm. Detailed con- 
sideration shows that even for fields weaker than Igg¢p 
there will be a field-induced change in the dielectric 
tensor given by 


4 
eh 
€ie = Bie + Goa [ 2(E? — B*)8, + 7B;B, | (13) 





Because of the unusual tensor properties of this 
relation, it displays a different polarization depen- 
dence than typical optical nonlinearities. Nonethe- 
less, to an order of magnitude one can describe the 
strength of this response as 





ee opens -34. 90 
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See also 


Fiber and Guided Wave Optics: Nonlinear Optics. 
Quantum Electrodynamics: Quantum Theory of the 
Electromagnetic Field. 
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Introduction 


The generation of laser harmonics in gases provides 
high-brightness ultraviolet and soft X-ray radiation 
induced by an intense laser pulse. This phenomenon 
was discovered experimentally in the late 1980s, in a 
simple setup as that sketched in Figure 1. The laser 
pulse is focused in the interaction medium, which may 
be a gas jet formed by a pulsed electromagnetic valve, a 
capillary, or a small chamber filled with the gas. The 
beam leaving the interaction region includes a part of 
the laser pulse and a number of odd harmonics. 

The harmonic orders generated in this way may 
reach and exceed an order of 300, so that this 


mechanism, often referred as high-order harmonics 
(HHs) generation (HHG), directly up-converts low 
frequency radiation, usually in the near-infrared 
spectrum, to extreme-ultraviolet (XUV) or soft 
X-rays. An example of a HH spectrum is shown in 
Figure 2, where several tens of discrete harmonic peaks 
are present. The striking difference with ordinary 
nonlinear processes is the flatness of the photon yield 
versus nonlinear order, up to a sharp cut-off point. 

The HHG is based on the sequence of three 
processes: the electric field of an intense laser pulse 
ionizes atoms placed near the laser focus; the 
liberated electrons are driven by the laser electric 
field in a trajectory which returns on the parent ion; 
and the electron recombines releasing a photon whose 
energy is the ionization potential plus the electron’s 
kinetic energy. The process is periodic in time, with the 
period of the laser pulse, and the emitted spectrum is 
then expressed by discrete components, multiples of 
the laser frequency. The emission is in the form of a 
traveling wave in the direction of the laser beam and 
so only odd harmonics are present. 
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Figure 1 Scheme of the interaction between a focused laser 
pulse and a gas jet. z axis originates at laser focus. 
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Figure 2 HHs experimental spectrum, obtained from helium 
gas, and a Ti:sapphire laser pulse at 790 nm, with 25 fs duration 
and 6 x 10'4 W/cm? intensity. 


The individual processes in HHG have highlighted 
the coherent response of electrons in the laser field, 
that show up interferences between quantum trajec- 
tories, as well as a nonlinear phase-matching issue — 
which have provided a simple method to investigate 
the interaction of single particles with the electro- 
magnetic field, where plasma effects and bonds may 
be of minor influence. 


Background 


The interest to produce laser harmonics using gases 
instead of crystals was expressed by many. For the gas 
medium; the mass-density is three order of magnitude 
lower than for solids and the nonlinear susceptibility 
can be strongly enhanced for suitable resonance 
frequencies. Moreover, the phase-matching of the 


phase velocities may be achieved by tuning the gas 
pressure or by mixing diverse gases, so realizing a 
highly homogenous conversion region, free from 
walk-off and with an extension much longer than 
for crystals. In addition, gases have a high threshold 
for the intensity-induced damage, which is also 
non-permanent. 

This research was made possible with the introduc- 
tion of chirped-pulse laser amplifiers in the early 
1980s, when picosecond lasers pulses reached inten- 
sities capable of directly ionizing solids and matter 
with their own electric field. This effect, known as 
optical ionization, was further enhanced when the 
laser pulses were reduced to subpicosecond duration, 
up to a few femtoseconds (10's), close to their 
natural limit, which is the optical cycle. The 
experimental observation of HHs and of the ejection 
of electrons with unexpected high energy, the above 
threshold ionization (ATI), dramatically changed the 
scenario of laser matter interaction and has indicated 
a new regime in the coupling of laser radiation with 
the matter. The ordinary nonlinear optics, using the 
perturbative approach, was not capable of interpret- 
ing the findings and so the request was made for new 
models for the description of the interaction, which 
has been now named nonperturbative. 


Typical Experimental Parameters 


In the experimental investigation of the HHG, 
many laser wavelengths and pulse durations were 
used, including radiation from excimer, visible, 
Ti:sapphire, Nd:YAG (first and second harmonics) 
and CO; lasers, and pulses of duration from hundreds 
of picoseconds to a few femtoseconds. Among these, 
the more effective strategy in the generation of high 
harmonic order with high conversion efficiency, has 
been that of near infrared pulses with shortest 
duration. In order to induce optical single-ionization, 
the required laser intensity needs to span in the 
10'* W/cm? range. Different elements are a possible 
choice for the gas in the interaction medium, though 
noble gases are used for the generation of the highest 
orders, since these have the higher ionization poten- 
tial. Due to the very short duration of the laser pulse, 
the gas temperature is not relevant, while a pressure 
range of 10-500 mbar is usually chosen to balance, 
on one side, the needs of a large number of atoms that 
take part in the HHG and on the other side, the limit 
posed by the attenuation of the XUV and soft X-ray 
radiation after the generation, caused by the gas 
absorption. For the same reason, a powerful pumping 
system is needed, in order to reduce the ambient 
pressure in the apparatus below 10 ° mbar level. 
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The Models for the High Harmonics 
Generation 


The physical processes involved in HHG are many: in 
the emission of the HH photons, the laser field 
interacts with a single atom of gas and induces the 
ionization, the electron’s motion and its recollision 
with its parent ion; besides, the beam of HHs is the 
result of the superposition of the radiation from all 
the ionized atoms, as in an ordinary nonlinear 
medium, where the phase velocity of the laser field 
and of HHs is a function of the position and of the 
laser intensity and phase; therefore, the phase- 
matching issue has to be addressed in order to 
understand the global yield of HHG. The more 
relevant causes for the mismatch are the geometrical 
phase shift at the beam focus, which for Gaussian- 
profile beams is the Gouy phase, the nonlinear phase 
from the atomic polarization, and the effects of the 
plasma induced by the laser pulse itself. In addition, 
other effects have to be considered, such as the 
nonuniform density distribution of the target gas or 
the fact that the propagation of XUV radiation 
through a gas is usually influenced by a strong 
absorption, which is frequency dependent. 

The study of HHG is first approached by introduc- 
ing what is known as the simple man model, in which 
simplifications are introduced in order to treat the 
problem in a simple classical scheme, but from which 
the essential characteristics are derived. We then 
introduce the more complex quantum model based 
on the path integrals. 


First Step: lonization 


The first step in the HHG model is the process with 
which the laser electric field applies to an electron, 
belonging to an atom or a molecule, a force that 
causes its detachment. This takes place only if such a 
field is strong enough to liberate the electron from its 
atomic bond. This may happen when the laser, 
which is taken here as linearly polarized and periodic 
in time, has modified the potential well so that the 
electrons may tunnel through it or pass over it. In 
fact, the sum of the atomic potential with that 
associated to the laser, which can be thought of as a 
plane that swings between a positive and negative 
slope at the laser frequency, gives rise to a finite 
sized well, through which the electron escapes by 
tunneling, or eventually to an aperture from which 
the electron is drawn away from the nucleus. In 
Figure 3, is shown such a well and the tunnel path 
for the electron. 

Once freed, the electron responds to the periodic 
force from the laser which makes it oscillate. The 





Figure 3 Electron potential when the laser pulse shines on the 
atom; |g) indicated the level of the ground state; in red, a possible 
trajectory of the liberated electron after tunneling. 


average kinetic energy on such oscillations is known 
as the ponderomotive potential U,, and is related to 
the laser intensity and wavelength, according to the 
following: U, = e*E9/4map, which reads numerically 
as U,(eV) = 9.31)(10'* W/em*)A*(um), where A is 
the laser wavelength, Ey and Ip the laser peak electric 
field and intensity. 


Second Step: Free-electron 
Trajectory 


On the freed electron are applied both the time- 
varying force due to the laser field and the ionic 
potential. Its motion can be approximated according 
to the simple man model as a nonrelativistic classical- 
mechanics trajectory; its initial velocity is set to zero, 
and its initial position is by the ion; finally, the laser 
exerts a force much stronger than that from the ion as 
well as from the laser magnetic field, thus these two 
latter forces are cancelled out. 

As mentioned above, the electron trajectories that 
induce HHs are those where the electron returns by 
the ion with strong kinetic energy. If the laser is 
linearly polarized, the induced trajectory takes place 
along a line, at which also belongs to the parent ion. 
Moreover, the electron final velocity is related to the 
actual instant of ionization, or phase of the field, with 
respect to the laser peak. Therefore, electron final 
energies span from zero to a maximum value K,,,, 
By considering the first semi-cycle, Kya, Occurs at 
about 17° of field phase angle, while for the second 
semi-cycle it is at 197°. 

In Figure 4 the electron trajectories for different 
ionization in the first semi-cycle are shown: the 
electron displacement in the laser-field direction with 
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Figure 4 Electron trajectories relative to different ionization 
instant within the first semi-cycle; in dotted red, half-cycle, in 
continuous red, the whole optical cycle. Trajectories for later times 
do not return to the ion, do not contribute to HHG and correspond 
to ejected photoelectrons. 


respect to the ion position, which is the initial as well 
as the final position, is represented versus time, where 
the time origin is at the laser peak, where field phase is 
equal to zero. The laser intensity directly influences 
the value of K,,,, according to the following 
expression: K,,4x = 3.17 U,. In the case shown in the 
figure, the peak laser intensity is I) = 8 x 10'4 W/cm? 
and the ponderomotive potential is U, = 45 eV and 
Kc = 149 8V. 

Moreover, for a given final energy below Kyax; 
there are more than one value of the phase of the laser 
field where the trajectory results with the same final 
kinetic energy. This indicates that multiple trajec- 
tories may produce a given HH, and this is relevant in 
terms of the interference between them. 


Third Step: Recombination 


The final process which occurs in the HHG, is the 
recombination of the ionized electron with the parent 
ion. The energy conservation means that the kinetic 
energy and the ionization potential have to be 
delivered to the emitted photon. In the simple man 
model, the spectrum of HH then spans from I, to the 
maximum values of Emax = Ip + 3.17 Kmax. In the 
case of Figure 2, obtained using helium gas at 
6x 10!* W/cem?, the spectral position of cutoff 
can be estimated at about 9 nm, or 140 eV, which 
is in good agreement with the prediction of the 
relationship described above. 

The electron recombination is not a unique process 
occurring at this point: the electron may be scattered 
by the ion and be emitted with a kinetic energy of up 
to 10 U,, which is known as the rescattering plateau 


in ATI, or it may ionize the ion by collision, leaving a 
double ionized atom via sequential ionization, with a 
strong increase in the observed cross-section of this 
process. 


Feynman Path-Integral Approach 


The ideas in the simple man model have been 
expanded in order to include the quantum mecha- 
nical description of the laser-electron-ion interaction. 
By using the Feynman path-integral approach, the 
evolution of the electron driven by the laser force is 
associated to a probability which depends on the sum 
of an infinite number of amplitudes f,,. These are 
complex numbers and correspond to different trajec- 
tories, or quantum orbits, r,(t), followed by the 
electron. Their phase is proportional to the classical 
action of the electron motion, S[r,(¢)], calculated 
along r,,(t), which begins at time ¢; and ends at a later 
time ty = ¢; +7. Here 7 defines the duration of the 
liberated electron trajectory. In our case, the action is 
the sum of three terms: 


S[r,(2)] = Stoundn a Stren oF Stinal.n [1] 


that correspond respectively to the electron ioni- 
zation: 


Stoundn = —Eo lin [2] 


where Ep is the binding energy of electron in the atom 
ground state, Ey < 0, to the free electron trajectory: 


Sie = [. [k — eA(t)”}d¢ [3] 
t; 


where k is the electron momentum after ionization, 
directed parallel the laser electric field, and A(Z) is the 
vector potential of the laser field, and to the final 
recombination with the parent ion: 


Stinal,n = (hw, 1 Eo )tpn [4] 


The condition that normally points out the trajec- 
tory made by the electron may be obtained from the 
principle of least action. Within the path integral 
approach, this principle can be used to deduce some 
equations which have to be obeyed by the quantum 
orbits, and that express the energy conservation in 
both the ionization and recombination process and 
the fulfilment of boundary conditions for electron 
trajectory. These are known as saddle-point 
equations, and reads as: 


[k — eA(t)]’ = 2mEp [5] 
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for the ionization process: 
tf 
kr = e| A(fdt [6] 
tj 


which compares the initial momentum with that 
exchanged with the laser field during the trajectory, 
and 


[k — eA(tp)]° = 2m(hw, + Ep) [7] 


for the recombination process which emits an 
harmonic of order q. 

From eqn [5] we note that the solution for the 
ionization time ft; is a complex number, since the right 
hand side is negative. This suggests that the quantum 
orbits are complex as well. The reason for this is that 
the tunnel through the potential well is a nonclassical 
process. 

The orbits solutions to eqns [5]—[7] have different 
durations, and for some of them 7 is shorter than an 
optical cycle, while for the others the electron returns 
ina later cycle than the one where it was ionized. This 
latter solution is of minor influence, since the electron 
wavefunction spreads out along the trajectory, 
decreasing the recombination probability. Those 
within the initial optical cycle sum the amplitudes 
to give the probability of the generation of gq-th 
harmonic, and their interference is evident from the 
irregular single-atom spectrum. 

The time evolution of the laser pulse as well as the 
interaction geometry are experimental tools that 
influence the relevance of the different trajectories. 
In particular conditions it is possible to set the 
condition for HHG from a single trajectory, with a 
very simple phase structure and clear spectrum; some 
cases are described below. 


HHs Generated by Few-Optical-Cycle 
Pulses 


The laser electric field considered so far has been 
taken as stationary, relying on the hypothesis that the 
pulse envelope has a duration much longer than the 
laser optical cycle. For the analysis of the electron 
trajectories, that last a fraction of the laser optical 
cycle, this hypothesis is valid for pulses down to 
about 20 fs. For shorter pulses, as those generated 
with the hollow fiber technique, there is a noticeable 
variation of the electric field between a cycle and the 
next. The generation process is now aperiodic, and 
the characteristics of HH spectrum and conversion is 
strongly influenced by the pulse actual duration. 

In order to show the striking changes in this regime, 
Figure 5 shows the laser electric field, the envelope and 
the ionization probability of helium gas in the case of a 
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Figure 5 lonization rate for helium gas shined by a 5 fs FWHM 
pulse of intensity 9 x 10'4 W/cm?. The dotted line shows the 
normalized evolution of electric field of the pulse. Only the three 
central half-cycles induce ionization. 


pulse of 5 fs of full width at half-maximum (FWHM) 
duration and a laser intensity of 9 x 10'* W/cm. The 
atom can be ionized during only three intervals, of 
sub-fs duration but where only one is dominant. 

The HHG experiment in this temporal regime 
have revealed that the influence of the plasma in the 
interaction region is progressively reduced and 
eventually vanishes for pulses of duration of about 
5 fs. This is because the atoms are exposed directly 
to the maximum electric field, and so there is no 
pre-ionization of the gas caused by the initial part 
of the pulse. This effect, which is present in the case 
of many-cycle pulses, causes a reduction in the 
HHG efficiency, due to a depletion of the neutral 
density available at the time of maximum electric 
field, where the higher HHs are produced with a 
large dispersion, which deteriorates the phase- 
matching. 

Moreover, the effect of the carrier-envelope-phase 
in the HHs spectrum has been demonstrated as an 
evident spectral shift of the cut-off harmonics 
generated with few-cycle pulses. The reason can be 
found in the variation of the phase of the emission 
from each electron after its trajectory. For the few- 
cycle pulses, this phase changes for every laser semi- 
cycle, due to the change in the actual electric field 
which drives the electron motion. 

This portion of the spectrum is also relevant to its 
phase structure, since here the HHs are generated by a 
single electron trajectory. This condition sets a 
constant phase difference between the subsequent 
harmonic orders. In this way, similarly to the mode 
locking laser, this effect allows the synthesis of a 
pulse, from the combination of several harmonic 
orders, which has a duration much lower than the 
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individual harmonics. This process has been 
exploited to produce a soft X-ray pulse of duration 
of 650 as (1 as, attosecond = 1 X 107 !8s). 


HHs Beam Characteristics 


The HHG is a coherent process, in that the emitted 
radiation has a direct relationship with the laser 
pump. The emitted HH beam also reflects this fact in 
its good directional characteristics and in its spatial 
and temporal coherence, as different experiments 
have demonstrated. 

Using a 110 fs laser pulse, the interference fringes 
produced in the far field of two spatially separated 
HH beams were measured as a function of the mutual 
delay. The HH coherence time ft, resulted in agree- 
ment with the expected duration of the HHs, which is 
a fraction of that of the laser pulse. Moreover, it has 
been observed at a different t, in the central and 
external regions of the far field of harmonic 23rd, 
50 fs and 20 fs respectively. This is because different 
phase-matching in the HHG contribute to the on-axis 
and off-axis part of the HHs beam, where the more 
prominent quantum orbit is also different. 

The measurement of the beam divergence for 
different harmonic orders is relevant for both the 
estimate of the beam brightness and the irradiance 
available in the case of the HH applications. 
Moreover, it is useful for the understanding of 
the phase-matching which is realized in actual 
interaction geometry. The experimental measure- 
ments requires an astigmatic spectrometer, as is 
described later. In this kind of experiment, the 
focalplane images of the HH spectrum are taken 
for different generation conditions, usually moving 
the gas-jet position with respect to the laser focus, 
the z coordinate in Figure 1. The harmonic peaks 
appear as elongated spots, as shown in Figure 6 for 
helium gas and an intensity of 4 x 10'* W/cm* and 
duration of 20 fs, whose length in a transverse 
direction to the dispersion plane can be related, by 
a optical calculation, to the beam divergence. 

A comparison between divergences for HHG 
driven by few- or many-optical-cycle pulses has 
revealed another aspect of the phase-matching 
condition. In this case, the laser pulse was compressed 
in time by means of the hollow fiber technique, and 
so the resulting phase front is of the Bessel-beam type, 
truncated at the first zero. The experiment indicates a 
divergence for plateau harmonics of about 3 mrad 
FWHM of the beam, in the case of the 7 fs pulse and 
larger values by more than 50% using the 20 fs pulse. 
In both cases, the beam divergence increase moving 
downstream the gas jet and with increasing harmonic 
order. The reduced divergence can be ascribed to a 


1 mrad 





Figure 6 Focal plane image obtained from the spectrograph 
shown in Figure 9, relative to the HHs spectrum of helium with 
20 fs and 4 x 10'* W/cm”. The bar in upper-left corner indicates 
the scale-length of vertical axis corresponding to a divergence of 
the HH beam of 1 mrad. 
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Figure 7 Peak brightness of the HHs beam determined from 
absolute-intensity and divergence measurements, using neon gas 
and a 790 nm laser pulse with 7 fs duration and 9 x 10'4 W/cm? 
intensity. 


more regular wavefront of the harmonic beam, which 
can be related to the simpler phase structure of the 
few-cycle case. 

By using an intensity-calibrated detector, the 
number of photons per harmonic order per laser 
shot can be measured. Combining this measure with 
that of the divergence, the HH beam brightness can 
be calculated. The source size and the HH pulse 
duration can be easily modeled from the experimental 
parameters. The result for the case of neon with 7 fs 
pump-pulse with intensity of 9 x 10'* W/cm* is 
shown in Figure 7, as a function of the gas-jet 
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position, with positive values when the jet is 
downstream with respect to laser focus. 

The large divergence reduces the brightness of 
downstream positions. Maximum values of about 
8 x 10° W/srad cm” are found close to the focus, 
relatively flat with respect to harmonic order. 

The conversion efficiency yyy from the fundamen- 
tal intensity to that of the HHs can also be derived 
from this kind of measurement. The more convenient 
parameters for HHG in the range 41-71 were found 
using neon gas jet from a pulsed valve and a pulse 
duration of 7 fs, which leads to 744 in the scale of 
10’, while for lower orders, from 17 to 31, a value 
about two orders of magnitude larger has been 
obtained using a short hollow fiber filled with argon 
gas. A remarkable intracycle optimization mechanism 
was introduced in this case, in order to maximize the 
given harmonic order of chosen. This was done by 
tailoring the shape of the pump pulse in spectrum and 
time, using an adaptive component in the laser 
compressor. In this case, the optimal pulse shape to 
maximize the efficiency in the driving of the electron 
ona trajectory producing the required harmonic order, 
is sought by means of a genetic algorithm. 

A strong efficiency enhancement has also been 
demonstrated by manipulating the laser wavefront by 
means of a deformable mirror (DM). In this case, the 
DM was controlled by a genetic algorithm, aiming to 
increase the HHs intensity in a given spectral interval. 
The purpose of this technique is the correction of the 
optical aberrations on the beam, introduced by both 
the optical components in the beam focusing line and 
the phase distortion caused by nonlinear effects 
leading to an optimum laser front. The effect is 
shown in Figure 8, where the spectrum obtained with 


Harmonic order 
7363 53 43 33 23 





100F 











— 
o 
™T 






HHs intensity (arbitrary units) 


——_ Flat mirror 
—— Optimized wavelrant 
Aj f f 1 


1015 20 25 30 
HHs wavelength {nm) 








Figure 8 Comparison of the HHs spectrum obtained with and 
without the wavefront correction using a deformable mirror. Neon 
gas was used and a 790 nm laser pulse with 6 fs duration and 
0.3 mJ energy. 


the original beam is compared with that optimized by 
the genetic algorithm. It can be noticed there is 
both a remarkable extension of the HHs spectrum, of 
about 20 orders, as well as a strong enhancement of 
the plateau intensity. 


Spectrometers and Monochromators 
for HHs 


The extended spectrum of HHs reaches the optical 
domains of the extreme-ultraviolet (XUV, 10- 
100 nm) and soft X-ray (1-10 nm). In these regions, 
the optical materials have very poor or zero 
transmission, and so the optical design of instruments 
for HHs analysis uses reflective optics only. Excep- 
tions sometimes used are the frequency-selective 
XUV transmission filters, whose thickness does not 
exceed a few tenths of a micrometer, and the 
diffracting zone-plates. Moreover, for the radiation 
of wavelength shorter than 30 nm, even the reflectiv- 
ity of optics becomes poor, and this forces the use of 
grazing-incidence mountings or the narrow band 
XUV and soft X-ray multilayer mirrors. 

On the other hand, HHs as optical sources have 
favorable characteristics, in that they are emitted in 
a region smaller than the laser waist focus, so usually 
of a few tens of micrometers, and their divergence is 
small, as seen above. In addition, the very short 
duration of the pump pulses broadens the HHs 
spectrum, due to time-bandwidth inequality, usually 
smearing details below 0.1 nm of width. 

The spectrograph is then realized with the least 
number of components, usually combining in one or 
two optics of the spectral dispersion, the gathering of 
the HH beam and its focusing on the detector. 
Moreover, it is not feasible to collect with a single 
detector all the broad HH spectrum in once, so 
usually a spectral interval of interest is selected and 
acquired with a linear or bidimensional detector, or 
scanned sequentially by rotating the grating. 

An example of spectrograph with 2D-detector, is 
shown in Figure 9, the layout of the instrument 
developed for the simultaneous measure of the 
divergence and the intensity of HHs generated from 
few-optical-cycle pulses. 


Dispersion plane 


HHs source = Toroidal mirror VLS grating Focalplane 


a ee 


Sagittal plane 


Figure 9 Optical layout of the astigmatic spectrometer for the 
divergence measurement. 
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The upper part of Figure 9 shows the optics in the 
dispersion plane, where the toroidal mirror gathers 
the HH radiation and relays it to the source point for 
the spherical grating. The latter has a varied line 
spacing (VLS) of the grooves, in order to image an 
erected spectrum in the focalplane. This feature is 
convenient in order to use a bidimensional detector. 
In the sagittal plane, the grating has negligible effect, 
and the toroidal mirror is designed to realize an 
astigmatic image of the source in the focalplane, from 
which the divergences can be extracted. The detector 
needs to be blind at the radiation of the laser and at 
the lower harmonics, and to have an extended linear 
response in the XUV and soft X-ray. A good solution 
can be obtained with an open micro-channel 
plate (MCP), with a suitable photocathode such as 
MgF>, placed in the focalplane, coupled with a 
high-resolution and a high dynamic CCD camera. 

For the selection of a single harmonic order or of 
a narrow spectral region, an XUV monochromator is 
used. This device is based on the spectral dispersion of 
the HHs beam by using a diffraction grating. The 
desired harmonic order is selected by scanning the 
wavelength which falls on the slit, usually by rotating 
the grating. This technique uses a single optical 
component, a concave grating, to reduce the reflection 
losses. On the other hand, the single-grating mono- 
chromator introduces a remarkable time broadening 
in the selected radiation. In fact, the grating 
diffraction is based on the optical path length 
difference for the rays diffracted by subsequent grating 
grooves. Therefore the selected beam, of wavelength 
A, is composed of rays whose difference in length is 
AL = N,mA, where m is the diffraction order and N, 
is the number of illuminated grooves, given by 
the beam diameter on grating multiplied by the 
groove density. The time broadening of the selected 
pulse is then Ar=AL/c. For a HH XUV pulse, 
the diffracted pulse results is 7 ps of duration, if 
beam size is of 3 mm and it is diffracted at 87° by a 
1200 gr/mm grating. 

The solution to this problem may be found in 
adopting a twin grating design. In this case, the 
dispersion induced by the first grating is used to select 
the desired spectral portion of the HH spectrum, and 
will be cancelled by the second grating. This latter 
grating has to be mounted in order to compensate for 
the different optical path length of different rays 
within the aperture of the HH beam. The layout of 
this optical scheme is reported in Figure 10. The ray 
tracing of this compensated monochromator indi- 
cates that for both the grazing incidence and the 
normal incidence regions, the residual broadening 
results is of the order of one femtosecond. 


Source 





Figure 10 Scheme of the compensated XUV monochromator, 
for the selection of a spectral portion of the HHs spectrum without 
introducing temporal broadening. See also Villoresi P (1999) 
Compensation of optical path lengths in extreme-ultraviolet 
and soft X-ray monochromators for ultrafast pulses. Applied 
Optics 38: 6040. 


HHs at Work: Applications and 
Perspectives 


The advantages of HHs with respect to other XUV 
and soft X-ray sources, as laser-plasma, synchrotron 
radiation or X-ray lasers, are mainly the very short 
duration of their emission, their high brightness, and 
the source compactness and their intrinsic synchro- 
nization with a laser pulse. These aspects have been 
already exploited in a few experiments, based either 
on the detection of a photoelectron emitted in the 
time-dependent interaction of the matter with the HHs 
plus fundamental laser beams, or the observation of 
changes in the HHs XUV spectrum. 

As examples of direct application, the interfero- 
metry of a laser-plasma has been obtained with HHs, 
to determine spatial distribution of the electron 
density. In this case, two beams of harmonic 
radiation were generated by splitting in equal parts 
the laser pulse, with one of them passing through a 
laser-generated plasma from a solid aluminum 
target. By means of a grating monochromator, a 
single harmonic order is selected, of both beams, and 
their interference pattern in the far field is acquired. 
From the shift in the fringes pattern, the map of the 
plasma electron density was estimated. Here, the 
broad spectrum of the HHs was exploited to operate 
the interference at the most convenient wavelength, 
far from atomic resonances and with fair fringe 
contrast. 

The direct monitoring of a chemical reaction at the 
surface was achieved by pumping, with a part of the 
laser pulse, a platinum surface with some adsorbed 
molecular oxygen. By observing changes in the 
spectrum of the photoelectrons generated by the 
delayed HHs beam, the oxygen-platinum bond 
switch from a superoxo (OZ) to a peroxo (O37) 
state was observed in the time domain. 
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The electron bond in an atom may be dressed by a 
laser field, and the changes induced in its orbital are 
diagnosed by a HHs beam, which photo-ionizes the 
atom. This phenomenon have been exploited as a 
diagnostic of the temporal structure of a HHs beam: 
the sidebands in the photoelectron spectrum have 
been related to the phase of different harmonics. 
The findings indicate that HHs are locked in phase and 
their superposition produces a train of 250 as pulses. 

By using the mixing scheme of some suitable orders 
of a HHs beam generated with few-optical-cycle 
pulses, mentioned already in section ‘HHs beam 
characteristics,’ a pulse with sub-femtosecond dur- 
ation may be generated. This was used in the detailed 
analysis of the photoelectron spectrum in a pump- 
probe experiment, with time resolution of 150 as. 
Again using the IR and HHs radiation together, this 
technique has accessed the direct probe of the laser 
field oscillation, as demonstration by the use of HHs 
in the new domain of attosecond spectroscopy and 
metrology. 

Finally, the HH radiation can also be considered as 
the seed for an amplifier of radiation in the soft X-ray 
region, as in the case of a free electron laser. 


See also 


Coherent Transients: Ultrafast Studies of Semi- 
conductors. Instrumentation: Spectrometers. Ultrafast 
Laser Techniques: Generation of Femtosecond Pulses. 
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When you've finished constructing the matrix board circuit and have clipped all the 
excess component leads off, puncture three (3) holes in the Tic Tac box - 2 small 
holes on the top lid of the box, about an inch (24mm) apart, so that your antenna 
and ground wire leads can come through the box lid, and be connected to the 
matrix board at those 2 points. 


Feed the wires through the holes and then tie small knots in each one, near the 
underside of the box lid, so that they won't pull back out if strained, and disconnect 
themselves from the matrix board. 


Then make one larger hole in the centre of the bottom of the box (clear part) so that 
your earphone wires can be fed through to the connecting points on that part of the 
matrix board. Tie a larger knot in the earphone lead so as to prevent it from pulling 
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Introduction 


The transmission distance of a fiber-optic communi- 
cation system is limited by fiber loss and dispersion. 
For long-haul lightwave systems, the loss limitations 
have traditionally been overcome by periodic regen- 
eration of the optical signals at repeaters applying 
conversion to an intermediate electric signal. Because 
of the complexity and high cost of such regenerators, 
the need for optical amplifiers became obvious in 
the mid-1980s. The optical amplifier is ideally a 
transparent box that provides gain and is also 
insensitive to the bit rate, modulation format, 
power and wavelength of the signal passing 
through it. 

Several means of obtaining optical amplification 
has been suggested since the 1970s, including direct 
use of the transmission fiber as gain medium through 
nonlinear effects, semiconductor amplifiers, or doping 
optical waveguides with an active material (rare-earth 
ions), that could provide gain. Due to the spectacular 
results on erbium-doped fiber amplifiers, which are 
particularly suitable in the third transmission window 


(around 1.5 um), an intense worldwide research 
activity on optical amplifiers has developed. As a 
consequence, the development of erbium-doped 
fiber amplifiers has reached an industrial level, and 
commercial devices are now available. 

Semiconductor amplifiers, on the other hand, 
have the same technical basis as semiconductor 
lasers. Although the strong nonlinearity of semi- 
conductor amplifiers degrades the performances of 
transmission systems, the state-of-art semiconductor 
devices seem to be the most interesting amplifiers for 
transmission in the second transmission window 
(around 1.3 wm). 


Amplifier Gain and Bandwidth 


In a perfect amplifier, the amplification process 
would be insensitive to the bit rate, modulation 
format, power, state of polarization, wavelength, and 
optical bandwidth of the signal passing through it. 
On the other hand, no interaction would take place if 
more than one signal were amplified simultaneously. 
In practice, however, the optical gain depends not 
only on the wavelength (or frequency) of the 
incident signal, but also on the electromagnetic 
field intensity at any point inside the amplifier. 
Details of wavelength and intensity dependence 
of the optical signal depend on the amplifying 
medium. 
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We consider a case in which the gain medium is 
modeled as a homogeneously broadened two-level 
system. In such medium, the gain coefficient (i.e., the 
gain per unit length) can be written as: 








§0 
gv, P) = [1] 
i. (vy — u)* noe 
Avs = oP 


where gp is the peak value of the gain coefficient 
determined by the pumping level of the amplifier, v 
the optical frequency, vp) the atomic transition 
frequency, Avy the 3 dB local gain bandwidth, P the 
optical power of the signal, and P,,, the saturation 
power, which depends on the gain medium para- 
meters. It must be emphasized that Avy and P,,, refer 
to the local gain. However, from the communication 
system point of view, it is more desirable to use the 
related concepts of amplifier bandwidth and amplifier 
saturation power that will be evaluated below. 
The amplifier gain G is defined as 


Pout 


C= [2] 


where P;, is the input power and P,,, the output 
power of a continuous wave (CW) signal being 
amplified. The amplifier gain G may be found by 
using the relation: 


e = 2 PP [3] 
z 

where P(z) is the optical power at a distance z from 
the amplifier input end. 

If the signal power obeys the condition P < Pyar 
throughout the amplifier, the gain coefficient given by 
eqn [1] can be considered independent of the signal 
power. In such a case, the amplifier is said to be 
operated in the unsaturated regime and works as a 
linear device. The gain coefficient presents in this 
situation a Lorentzian profile that is characteristic 
of homogeneously broadened two-level systems. 
However, the gain spectrum of actual amplifiers can 
deviate significantly from the Lorentzian profile. 

The solution of eqn [3] in the unsaturated regime is 
an exponentially growing signal power, given by 


P(z) = Pin ExP(8z) [4] 
For an amplifier length L, we then find that the 


linear amplifier gain is 
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G(r) = exp(gL) = ex 


Both the amplifier gain G(v) and the gain coefficient 
g(v) are maximum when v= rp. However, G(r) 
decreases much faster than g(v) with the signal 


Gain 





Figure 1 Gain coefficient profile g(v) and the corresponding 
amplifier gain spectrum G(v). 


detuning v— v9, because of the exponential depen- 
dence of G on g. As a consequence, the amplifier 
bandwidth Avy, which is defined as the FWHM of 
G(v), is much smaller than the gain bandwidth Avg 
(Figure 1). This can result in signal distortion in the 
case where a broadband optical signal is transmitted 
through the amplifier. From eqn [5] we can obtain the 
following relation between the amplifier bandwidth 
and the gain bandwidth: 
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Gain Saturation 


An important limitation of the nonideal amplifier is 
related with the power dependence of the gain 
coefficient given by eqn [1]. This property is known 
as gain saturation and it appears when the signal 
power ratio P/P,,, is non-negligible. Since the gain 
coefficient is reduced when the signal power P 
becomes comparable to the saturation power Pa: 
the amplifier gain G will also decrease. 

Assuming that v= vp and substituting g from 
eqn [1] in eqn [3] gives 

dP 2oP 
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Considering the initial condition P(0) = P;,, we 
obtain from eqns [2] and [7] the following implicit 
relation for the amplifier gain: 


a-G) Pin = io c [8] 





Peat Go 


where Go = exp(goL). The input saturation power 
P, is defined as the input power for which the 
amplifier gain G is reduced by a factor of 2 from its 
unsaturated value Gp (Figure 2). Indeed, it is obtained 
by using G = G)/2 in eqn [8]: 
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Pe Input power 


Figure 2 Saturated amplifier gain as a function of the input 
power. 


As observed from eqn [9], the input saturation power 
P:, does not coincide with P,,,. The output saturation 
power is given by P§,,, = GoP3,/2. In practice, Gp >> 2 
and P§,, is found to be smaller than P,,,, by 
about 30%. 

Gain saturation can be seen as a serious limitation, 
particularly for multichannel communication sys- 
tems. However, the self-regulating effect of gain 
saturated amplifiers can be useful in long-haul light- 
wave communication systems, including many con- 
catenated amplifiers. In fact, if the signal level in a 
chain of amplifiers is unexpectedly increased along 
the chain, the saturation effect causes a lower gain 
provided by the following amplifiers and vice versa 
for a sudden signal power decrease. 


Amplifier Noise 


Besides the bandwidth and gain saturation limi- 
tations, another property must be considered con- 
cerning practical optical amplifiers. In fact, optical 
amplifiers always add spontaneously emitted 
photons to the signal during the amplification 
process. Those photons are amplified besides the 
signal photons so that, at the amplifier output, an 
amplified spontaneous emission (ASE) noise is pre- 
sented. Since spontaneous emission always takes 
place, ASE noise is unavoidable and does not depend 
on the amplifier temperature. This is one of the most 
important differences between optical and electrical 
amplifiers, where amplifier noise is of thermal 
origin and can be reduced by lowering the amplifier 
temperature. 

The ASE determines a degradation of the signal-to- 
noise ratio (SNR). The SNR degradation is usually 
characterized by the amplifier noise figure, which is 
defined as the SNR ratio between input and output: 


SNR; 
NF = 2 
SNRout 





[10] 


The SNR is usually referred to the electrical power 
generated when the optical signal is converted to 


electrical current by using a photodetector. Therefore, 
the noise figure as defined in eqn [10] would usually 
depend on several detector parameters, which deter- 
mine the shot noise and thermal noise associated with 
the practical detector. We will consider the case of an 
ideal detector, whose performance is limited by shot 
noise only. 

The SNR of the input signal is simply determined 
by the detection shot noise and can be written as: 


Pin 
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[11] 


where Af is the detector bandwidth. 

To evaluate the term SNR,y,, one should add the 
contribution of spontaneous emission to the receiver 
noise. The ASE noise spectral density is assumed to 
be constant and can be written as 


Ssp(v) = (G — 1)n,phv [12] 
where G the amplifier gain and 
Ni 
1,45 = ——— [13] 
BN Ne 


is known as the spontaneous emission factor or the 
population inversion factor. In eqn [13] No and N, 
are the atomic populations for the ground and excited 
states, respectively. 

Considering a low noise amplifier, the signal power 
impinging the photodetector is larger than the optical 
noise power and the shot noise power. As a 
consequence, the electrical noise, due to the signal- 
ASE beating, is the dominant contribution and the 
SNR of the amplified signal is given by: 


GPin 


SNRout = 45,,Af 


[14] 


Using eqns [11]-[14], the amplifier noise figure 
defined by eqn [10] becomes: 


G oe 

NF = 21) —— 

where the approximation holds when the gain is 

much higher than one. In the case of an ideal 

amplifier, 7, = 1 and eqn [15] show that the SNR 

is degraded by 3 dB. For most practical amplifiers, NF 
can be as large as 6—8 dB. 





[15] 
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Basic Amplifier Configurations 


The relative importance of the different limiting 
factors discussed above depends on the actual 
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Figure 3 Four generic configurations for incorporating optical 
amplifiers into transmission systems: (a) as a power amplifier; 
(b) as in-line amplifiers; (c) as a preamplifier; (d) for compensation 
of distribution losses in local-area networks. 


amplifier application. Figure 3 shows the four basic 
system configurations envisioned for the incorpor- 
ation of optical amplifiers. The first configuration is 
to place the amplifier immediately following the laser 
transmitter to act as a power amplifier or booster 
(Figure 3a). The main purpose of such amplifiers is to 
boost the signal power, which can provide an increase 
of the transmission distance by 100 km or more. Since 
the signal input power is typically large (0.1- 
1.0 mW), the key parameter for the power amplifier 
will be to maximize the saturation output power and 
not necessarily the absolute gain. 

The second configuration is to place the amplifier 
in-line and perhaps incorporated at one or more 
places along the transmission path (Figure 3b), 
replacing the electronic regenerators. The in-line 
amplifier corrects for periodic signal attenuation 
and may exist in a cascade form. The use of in-line 
optical amplifiers is particularly attractive for multi- 
channel communication systems, since they can 
amplify all channels simultaneously. 

The third configuration consists of using the 
amplifier immediately before the receiver, so it 
functions as a preamplifier (Figure 3c). The purpose 
of such an amplifier is to improve the receiver 
sensitivity. The main figures of merit are high gain 
and low amplifier noise, because the entire amplifier 
output is immediately detected. 


In local-area networks (LANs), distribution losses 
often limit the number of possible nodes. The fourth 
application of optical amplifiers consists of using 
them for compensating such distribution losses 
(Figure 3d). 


List of Units and Nomenclature 


Zo peak value of the gain m! 
coefficient at peak 
g(V) gain coefficient im 
Go unsaturated amplifier gain 
G(v) amplifier gain 
L amplifier length m 
Ney spontaneous emission factor 
P signal power W 
Pin input signal power Ww 
Py input saturation power W 
Pt output signal power Ww 
Pout output saturation power W 
Pat saturation power W 
Ssp(Y) ASE noise spectral density J 
Af detector bandwidth Hz 
Avy bandwidth of the gain coefficient Hz 
v optical frequency Hz 
Vp atomic transition frequency Hz 
See also 


Optical Amplifiers: Optical Amplifiers in Long-Haul 
Transmission Systems. Optical Communication 
Systems: Architectures of Optical Fiber Communication 
Systems. 
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Introduction 


The telecommunications industry has undergone a 
revolution since the 1980s, by using glass optical 
fibers for the transmission of information encoded as 
pulses of light. A single telecommunications-grade 
optical fiber has been shown to support the propa- 
gation of more than 1 Tbit per second (1 x 10'* 
pulses per second) over distances comparable to 
typical city separations (>100 km). From this tech- 
nology, optical fiber links have evolved to become a 
network on a planet-wide scale, and form the physical 
backbone of the information age. 

Erbium-doped fiber amplifiers (EDFAs) are an 
enabling technology for optical fiber communication 
networks. They have several important properties 
that make them the amplification component of 
choice in long-distance commercial data transport 
networks. Erbium ions deposited in silica-based glass 
allow amplification in the lowest loss region of 
commercial-grade optical fiber (<0.25 dB/km from 
approximately 1530-1620 nm). Erbium-doped fiber 
(EDF) is manufactured in a form that allows for low- 
loss fusion splicing to standard communications fiber. 
Compact semiconductor laser diodes are available to 
excite the erbium ions into an amplification state. The 
long lifetime of the excited state of erbium provides 
the ability to simultaneously amplify multiple wave- 
length channels without significant cross-channel 
interference. Multiple channel systems have been 
deployed with more than 100 optical channels (or 
wavelengths) through each EDFA, and this has 
allowed network capacities to be dramatically 
increased. The low noise properties of the EDFA 
also allow networks to be constructed with many 
amplified spans before the optical signal has to be 
electronically regenerated. Practically unlimited 
transmission distance has been demonstrated using 
a small number of optical soliton channels through 
periodically amplified EDFA lightwave systems. 

The development history of the EDFA can be traced 
back to the first optical amplifier. In 1962, 
a neodymium-based fiber amplifier was invented 
that operated at 1064nm. During the 1980s, the 
need for an optical amplifier at telecommunications 
wavelengths initiated research at many locations 
throughout the world. In 1987, the University of 


Southampton (UK) was first to demonstrate an EDFA 
that had optical gain at 1550 nm, and during the 
following years the design of erbium-doped fiber was 
optimized for this application. In 1989, a practical 
semiconductor laser diode became available to pump 
EDF, and the first compact optical fiber amplifier 
modules soon appeared for commercial deployment. 
The traditional method of signal regeneration, prior 
to 1990, was to use electronics to detect the optical 
signal after each transmission span, recover the 
digital signal, and then retransmit using another 
laser diode. The EDFA allows practical wavelength 
division multiplexing (WDM) of multiple optical 
signals with all optical signal amplification, and 
provides significant performance and cost advantages 
over electronic regeneration. 

EDFAs have emerged from the laboratory to be 
widely deployed in communication networks. EDFAs 
are used to boost transmitted power of the signal 
lasers (booster amplifier), amplify signals in transit 
to compensate losses sustained in the fiber (line 
amplifier), or amplify signals before a receiver (pre- 
amplifier). Typically, the amplifier module is specifi- 
cally manufactured for particular systems that are 
mounted on electronic circuit boards. These circuit 
packs are then housed in central offices (local 
telephone exchanges), remote ‘repeater huts’, or 
even in undersea ‘bottles’ as part of a transoceanic 
cable. The high cost of network failure requires that 
the manufactured EDFA modules comply with 
stringent reliability criteria, to provide a useful 
operating lifetime greater than 25 years when subject 
to extreme environmental conditions. 

Amplifiers are constructed for incorporation into 
either existing fiber links as part of an upgrade, or for 
newly planned systems. Because of the high cost of 
installing new fiber into the ground and securing 
property rights, it has become economically desirable 
to upgrade many existing fiber links rather than to 
build new systems. Transmission cables usually have 
many pairs of individual optical fibers, some of which 
will not initially be transporting data, and these ‘un- 
lit? or ‘dark fibers’ can be activated as consumer 
demand increases over time. Typically, each fiber of a 
pair is used to carry either ‘east’- or ‘west’-bound 
traffic. Around city areas metropolitan area networks 
can be expanded in this way, but for long-distance 
links (long haul networks with distances >1000 km) 
operation is designed for a larger number of channels 
(40 to 120 wavelengths) at higher data rates (10 or 
40 GHz per channel) over specialized transmission 


276 OPTICAL AMPLIFIERS / Erbrium Doped Fiber Amplifiers for Lightwave Systems 





cables containing low numbers of fiber pairs. Typi- 
cally communication systems are designed to meet 
certain cost targets, expressed as dollars per Gbit/s 
per km, for total transmission distances. The total 
transmission distance is limited by the optical signal 
to noise ratio (OSNR) degradation after each fiber- 
amplifier link, with a smaller permissible degradation 
at higher bit rates. The required gain and OSNR 
performance for the system is then translated to an 
EDFA module specification. 

This article discusses EDFA design and appli- 
cations, and shows the elements involved in produ- 
cing reliable modules for commercial lightwave 
systems. 


Components for EDFAs 


EDFAs are comprised of passive optical components, 
erbium-doped fiber, and pump lasers. Passive 
components are chosen to meet optical and environ- 
mental specifications, while the erbium-doped fiber is 
selected based on the optical power, gain, and 
noise figure requirements. Pump lasers are a key 
influence on the price and performance of optical 
amplifiers. 

The amplifier module is typically connected to 
the transmission fiber using fiber connectors. 
These polished fiber connectors have a higher insertion 
loss and reflectivity than fusion splicing, but allow for 
easy deployment in the network. Internal optical 
components are fusion spliced together to provide low 
loss, low back reflection, high strength, and high 
reliability joins. Fusion splicing is tailored to parti- 
cular fiber types, so that optical components with 
dissimilar fiber types are joined with the lowest loss. 

The signal and pump radiation is combined with 
low loss using optical components called wavelength 
division multiplexers (see Figure 1). These com- 
ponents are based on fused fiber or interference filter 
based technology. Fused fiber WDMs offer the lowest 
insertion loss (<0.1dB is commercially available) 
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Figure 1 Single-stage EDFA with features. 
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but is restricted to widely spaced wavelengths 
(e.g., 980 nm pump and 1550 nm signal). Interfer- 
ence filter based WDMs are available for closely 
spaced wavelengths (e.g., 1480 nm pump and 
1530 nm signal) and have a very low wavelength 
dependent insertion loss (flatness). Interference 
filters can be designed to produce sharp low-pass, 
high-pass, or bandpass type filters suitable for 
combining closely spaced wavelengths, as well as 
broader peaks suitable for lowering the gain in 
particular signal wavelength regions to produce gain 
flattened amplifiers. 

Signal reflections can cause an amplifier to act as a 
laser, and this detrimental effect is eliminated in 
EDFAs by using optical isolators. In an isolator the 
signal light is coupled out of the single-mode fiber 
through a graded index (GRIN) lens and passes 
through a nonlinear crystal before being coupled back 
into the optical fiber. The isolator consists of a 
birefringent rutile (TiO2) or Yttrium OrthoVanadate 
(YVO,) wedge, followed by a Yttrium Iron Garnet 
(YIG) Faraday rotator, followed by another birefrin- 
gent wedge. The YIG crystal is surrounded by a 
permanent magnet that rotates the light’s polarization 
by 45 degrees. The 45-degree polarization rotation, 
coupled with the two birefringent wedges, ensures 
that light is efficiently coupled to the output fiber but 
not in the reverse direction. Commercial isolators are 
available with low insertion losses across the signal 
band, with some samples below 0.35 dB. Note that 
the YIG crystal works well for the 1480 nm pump 
and 1530-1620 nm signal bands, but currently there 
is no suitable isolator material that covers 980 to 
1550 nm and this puts some limitations on certain 
EDFA designs. 

The isolator design has been extended to make 
multiport circulators. A three-port circulator has the 
input into port 1 and output of port 2, light entering 
port 2 is directed to port 3, and light entering port 3 is 
blocked with an isolator. The circulator allows for 
adding and dropping of individual channels when a 
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narrow bandwidth reflective filter is placed on 
port 2. Circulators also can be used to separate co- 
propagating and counter-propagating traffic on a 
single transmission fiber before amplification is done. 

Erbium-doped fiber has two strong absorption 
bands around 980 nm and 1480 nm that are suitable 
for achieving a population inversion in the erbium 
ion. The 980nm wavelength allows low noise 
amplification, while 1480 nm lasers provide higher 
EDFA output. 980 nm pump lasers usually incorpor- 
ate fiber Bragg gratings to stabilize the laser 
wavelength to match the narrow EDF absorption 
peak, and also have lower drive current requirements. 
A 1480 nm pump can provide more amplification, 
since there are more photons in each mW of laser 
power at 1480 nm than 980 nm. High-output power 
pump lasers incorporate thermo-electric coolers 
(TECs) within the pump laser package and can 
provide fiber coupled power greater than 500 mW. 
Both high-power lasers have been qualified to meet 
the most stringent reliability standards, with typical 
mean time before failure beyond 25 years. Low-cost 
980 nm pump lasers, that do not have TECs, are 
also available in smaller packages and can supply up 
to ~200 mW. By using wavelength division or 
polarization combining techniques, it is possible to 
further increase the available pump power in the 
erbium fiber. 

The EDFA module is assembled into a package that 
may contain passive optical components, several 
meters of coiled EDF, pump lasers, photo-detectors, 
and electronic circuit boards. In some cases, it is 
advantageous to thermally stabilize the components 
so that the amplifier performance can be maintained 
when exposed to extreme environmental conditions. 
This may occur when the central office’s environmen- 
tal control is compromised (e.g., air conditioning 
failure). In particular, EDF can exhibit undesirable 
spectral gain changes if the ambient temperature 
changes by more than 5 °C. 

Pump lasers with internal TECs can dissipate more 
than 5 Watts of heat per laser and since cooling fans 
usually do not have the required reliability, passive 
cooling is commonly used in the module in the form 
of a metal heat sink. The amplifier module’s size can 
be compact, limited by the height of optical com- 
ponents or pump laser diodes, or by the size of a built- 
in heat sink. The module is designed to survive 
conditions of electrostatic discharge, humidity, tem- 
perature, thermal shock, extreme vibration, and other 
stresses that may be inadvertently present during 
operation in the field. In addition, all material in the 
EDFA module is also qualified against problems with 
out-gassing (e.g., hydrogen release), combustion and 
chemical or biological exposure. 


The Single-Stage Amplifier 


A simple single-stage EDFA consists of an erbium- 
doped fiber spool with signal and pump combining 
multiplexer. The fiber is optically pumped by 980 nm 
and/or 1480 nm laser(s), whose light is coupled into 
the signal fiber by a passive component called an 
optical multiplexer. The pump wavelengths are 
readily absorbed by erbium ions embedded in silica 
raising them to an excited state. Amplification occurs 
when, stimulated by a nearby signal photon, an 
excited erbium ion relaxes back to the ground state 
producing a second, identical signal photon. The 
erbium ion can be approximated as a three-level 
atomic system that can be completely inverted by a 
980 nm photon, to provide the lowest noise amplifi- 
cation. In contrast, the 1480 nm pump will excite the 
erbium ion directly into the upper laser level as a two- 
level system, and because of rapid spontaneous 
emission from this level, the maximum inversion in 
this case cannot exceed approximately 75%. Note 
that as the pump photons are absorbed, the inversion 
will be nonuniform along the EDF length. 

There are two signal wavelength regions commonly 
amplified by EDFAs, the C-band (conventional band) 
from approximately 1528 to 1565 nm, and the L- 
band (long band) from approximately 1570 to 
1620 nm. Amplification in the C-band readily occurs 
when moderate pump power is available, and relies 
on the erbium ion’s spectral absorption and emission 
wavelength window that is suited to high levels of 
atomic inversion. L-band amplification is also 
achieved with moderate pump powers, but because 
of the lower absorption and emission cross-sections, 
similar gain is reached using approximately five times 
more EDF with a lower average inversion. The 
C-band amplifier is typically less costly because less 
EDF is used, while high-concentration erbium fibers 
are available specifically for L-band EDFAs. 

An EDFA’s most critical performance parameters 
are its amplified signal output power (typically 
stated in dBm) and its noise figure (stated in dB). 
Output power is mainly determined by total pump 
power and the amplifier internal loss. The noise 
figure (NF) is defined as the ratio of the signal-to- 
noise ratio at the input to the signal-to-noise ratio at 
the output. 

A single-stage amplifier typically has 1 or 2 
pump lasers but can have more if polarization- or 
wavelength-pump-combining is implemented for 
higher power. When the pump radiation propagates 
in the same direction as the signal, the amplifier is 
co-pumped, while counter-pumping denotes the 
case when the pump laser propagates against the 
signal. For a single pump, a co-pumping 980 nm 
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laser minimizes the NF (suitable for a_pre- 
amplifier) while counter-pumped 1480 nm architec- 
ture optimizes output power at some expense to 
the NF (suitable for a booster amplifier). Recent 
semiconductor pump laser improvements have 
enabled 980 nm pump lasers with output powers 
>500 mW to be commercially available, allowing 
most single- or dual-stage EDFAs to be energized 
by one laser. 

Single-stage designs can be enhanced, as shown in 
Figure 1. To control the network an optical signal 
may be used as a telemetry or network supervisory 
channel, and this is removed with a filter. Telemetry 
wavelengths are usually outside of the useful EDF 
amplification window, and commonly range from 
1500-1520 nm and from 1620-1640 nm. An iso- 
lator may be used at the input and/or output to 
prevent pump laser or amplified spontaneous emis- 
sion from the erbium-doped fiber ‘leaking’ into the 
transmission path. Optical taps may be included to 
provide information about signal spectra at the input 
and output sides. Their feedback can be used to 
control pump laser biases for tuning output power, 
monitoring amplifier performance, or simply to 
trigger alarms. In addition, a reflection monitor is 
sometimes placed at the output to observe backwards 
propagating optical signals arising from reflections. 
Electronics in the module will continuously monitor 
the pump lasers and photodetectors and, for example, 
can place the module in an ‘eye-safe’ low-output 
power (<10mW) mode within milliseconds if a 
transmission fiber break is detected through increased 
back-reflected optical power. 

The amplifier has a signal input power of —30 to 
—10 dBm (1-100 pW) for each optical channel, and 
has a gain of 25 dB to compensate for a typical span 
loss of 100 km optical fiber link. This signal level 
allows high powers at the receiver photodetector for 
high-quality signal detection, yet is low enough to 
avoid nonlinear propagation effects in the trans- 
mission fiber. The typical total output signal power of 
an 80 channel (wavelength) C-band EDFA is less than 
200 mW (+23 dBm) to avoid stimulated Raman 
scattering (SRS) in standard transmission fiber. 
The use of improved low nonlinearity transmission 
fibers and longer transmission distances can lead to 
specified total EDFA output powers to be greater than 
400 mW (+26 dBm). To provide the best perform- 
ance, the amplifier usually will allow only a single 
direction of propagation, with bi-directional com- 
munications systems using one transmission fiber and 
circulators to separate ‘east’ and ‘west’ traffic into 
individual EDFAs. 

Figure 2 shows the results of a numerical simu- 
lation for a single-stage amplifier as a function of the 


input power and EDF length. The amplifier was 
assumed to have EDF with peak absorption of 
5.5 dB/m near 1530nm, and was pumped with 
100 mW at 980 nm. The amplifiers signal loss before 
and after the EDF was taken to be 0.8 and 1.2 dB, 
respectively. As amplifier input power increases there 
is a decrease in gain provided by the medium since 
there is a fixed amount of pump power available. The 
maximum gain is usually achieved near 1530 nm 
where the difference between the EDF’s emission and 
absorption cross-sections is greatest. Selecting the 
length of EDF is critical to achieving the desired 
performance, and this can be examined using numeri- 
cal simulation for a wide range of design options. 

Undersea systems, with their long distances and 
large costs of network failure, place stringent design 
requirements on EDFAs. These systems mostly use 
single-stage designs with emphasis on low noise 
operation. This can be achieved by eliminating most 
of the optical components prior to the EDF, and also 
by co-propagating a strong 980 nm pump using a low 
loss fused fiber WDM. Undersea repeaters are spaced 
by 30 to 80 km, shorter than terrestrial networks, 
with each channel operated at higher power to 
achieve multi-thousand kilometer distances. For 
example, the trans-Pacific TPC-5J cable spans 
8600 km from Coos Bay, Oregon (USA) to Ninomiya 
(Japan), using EDFAs spaced every 33 km. The tight 
electrical power budgets available to each repeater 
(powered from land) necessitate using pump lasers 
without TECs. During installation, the EDFA will 
experience large mechanical shock, as the cable and 
metal repeater bottles are unwound aboard ship and 
dropped into the ocean. Other design considerations 
are done for operation at the constant ambient 
temperature of the ocean bottom (~+2 to 4°C) or 
for seasonal temperature changes on the continental 
shelves, where the optics and EDF will operate at 15 
to 30 degrees above ambient due to heating from the 
electronics. 

Single-stage optical amplifiers are suited for a 
wide range of applications such as single-channel 
amplifiers, simple WDM amplifiers, and low-cost 
amplifiers. Using high-power pump lasers or com- 
bined pump laser schemes allows such amplifiers to 
deliver output powers >20 dBm. However, single- 
stage amplifiers cannot meet the requirements of all 
telecommunications architectures, leading to increas- 
ing demand for multiple-stage EDFAs that are 
discussed below. 


Multiple-Stage EDFAs 


The most common implementation of a multiple- 
stage EDFA is to improve the noise and output power 
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Figure 2 Typical single-channel performance of a single-stage EDFA. 


characteristics by imbedding an optical isolator 
between two sections of EDF. The isolator blocks 
backward-traveling amplified spontaneous emission 
to improve the efficiency of the amplifier. This is 
shown in Figure 3 for two common single-pump 
designs. The first is the ‘pump by-pass’, design where 
the residual pump radiation from the first stage is 
redirected around the mid-stage isolator. This is often 
used when pumping with 980 nm since signal band 
optical isolators will not transmit 980 nm radiation. 
This design can introduce problems when using low- 
quality components as small signal levels can 
propagate around the pump by-pass fiber to create 
multiple path interference (MPI) effects. Although 
MPI effects can be eliminated by using a pump 
splitting coupler to directly pump each EDF section, 
the pump by-pass design makes the most efficient use 
of available pump power. The second design is called 
the ‘pump through’ design, and is used when 
pumping at 1480 nm since both the pump and signal 
band (e.g., 1550 nm) photons will transmit through 


commercial isolators with only small loss. Note that 
for cost and space constraints within the module, it is 
sometimes advantageous to use hybrid optical com- 
ponents, e.g., an isolator and WDM can be combined 
into one compact package. 

An EDFA with multiple input signals will have a 
very nonuniform output gain profile. This is a 
consequence of the erbium ion’s wavelength-depen- 
dent emission and absorption cross-sections in the 
host glass material. Figure 4 shows gain spectra for 
both C-band and L-band EDFAs with and without 
gain-flattening filters (GFFs). The gain spectrum is 
dependent on the EDF’s chemical composition and 
EDFA design features. For an amplifier with 25 dB 
gain, a GFF with peak loss less than 10 dB is usually 
needed to correct for these gain deviations. 
Although many technologies are available for GFFs 
(e.g., thin-filter interference filters, Bragg gratings, 
tapered fiber filters, etc.) the basis function of these 
technologies is usually not identical to the EDF’s 
gain profile, and this mismatch results in gain 
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Figure 4 Gain spectrum of a multi-staged optical amplifier with and without gain flattening filters. 


flatness error. However, when using these techno- 
logies, manufactured EDFAs can have a gain error 
(flatness) less than 1.0 dB over bandwidths greater 
than 35 nm. 

Early EDFAs for WDM systems used 16 optical 
channels spaced by 200 GHz in the 1540 to 1560 nm 
part of the C-band. In this case, the EDF gain profile is 
relatively smooth and no GFFs are needed to achieve 
a 1.0 dB gain flatness specification. It is important to 
note that for a particular level of signal and pump 
power, a longer length of EDF in the EDFA will 


produce more gain at the long wavelength end of 
the spectrum, hence by shortening the EDF length 
in Figure 4 the result will be relatively flat gain 
from approximately 1540 to 1560nm. As EDFA 
technology has matured, the EDF can be the 
bandwidth-limiting component in a system, and it 
has become necessary to use GFFs to realize useable 
bandwidths of up to 55nm when using regular 
silica-based EDF. The most economic EDFAs operate 
in the C-band where relative to the L-band, pump 
laser efficiency is highest, EDF lengths are shortest, 


out of the box if it is strained. Strip the insulation off the earphone leads, and wrap 
them around the matrix board leads at those 2 points. You are now ready to test out 
the Nic Nac Tic Tac Crystal Radio. 
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and the chromatic dispersion of most installed 
transmission fiber limits nonlinear optical effects. 

In single-stage amplifiers, the gain-flattening filter is 
at the amplifier output, and this results in lost output 
power. Wideband gain-flattened amplifiers usually 
have a multiple EDF stage design, with the GFF 
component between two EDF stages. The EDF 
sections that follow the attenuating GFF provide 
additional amplification, to give high power out of 
the EDFA module that has large internal losses. 

In addition to GFF components inside the EDFA, 
an attenuator can be used to compensate for input 
signal power changes, which will produce a spectral 
gain rotation or tilt. The attenuator reduces the 
power on all optical channels equally and allows the 
amplifier to operate in a ‘fixed gain’ mode. In WDM 
systems, optical amplifiers may also need mid-stage 
access where the signal is fed into an external device 
between the amplifier stages. Reasons for doing this 
include monitoring, adding or dropping of individual 
channels, and dispersion compensation. Since 
additional losses up to 10 dB are introduced in the 
amplification path, the amplifier design has to be 
optimized for those losses. 


Isclator 





WDM 


Pump 
laser 1 


Typical two-stage gain-flattened optical amplifier 
architecture is shown in Figure 5. Input and output 
couplers and telemetry WDMs can be included if 
required. A single pump can be split and shared 
between stages to save cost. When multiple pumps are 
needed, the most common configuration is a 980 nm 
pump laser co-pumping the first stage (EDF1) for low 
noise and a 1480 nm laser counter-pumping the 
second spool (EDF2) for high gain. A significant 
loss element, e.g., a gain-flattening filter, add/drop 
module or dispersion compensation module, is situ- 
ated between the stages. Note that mid-stage access 
can be located before or after the gain flattening or 
between additional EDF stages. The gain spectrum of 
multistage gain-flattened EDFAs is shown in Figure 6, 
showing the gain equalization possible using a multi- 
stage amplifier design and gain-flattening filters. Using 
deeper GFFs can increase the usable bandwidth of the 
amplifiers, but this requires higher-power pump lasers 
to maintain the same gain and optical signal-to-noise 
ratio (OSNR) performance. 

The two-stage EDFA shown in Figure 5 highlights a 
common problem for amplifier design. Given high- 
grade optical components and pump lasers, what 
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Figure 5 Typical multistage gain-flattened optical amplifier architecture. 
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Figure 6 Measured gain and noise spectra of multistaged gain-flattened C-band and L-band EDFAs. 
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length of erbium-doped fiber should be used to give 
the best amplifier performance? This question is best 
answered by using the results of extensive numerical 
simulations of the optical amplifier. 

Figure 7 shows the results of numerical simulation 
for a two-stage amplifier as a function of the first and 
second EDF stage lengths. The amplifier was assumed 
to have EDF with a peak absorption of 5.5 dB/m near 
1530 nm, and was pumped with 130 mW at 980 nm 
in the first stage and 160 mW at 1480 nm in the 
second stage. The total input power was assumed to 
be —2.5 dBm for 80 channels distributed from 
1530nm to 1563nm. Note that each of the 80 
channels is separated by 100 GHz, and will generally 
support a long-distance communications system with 
each wavelength modulated at 10 GHz. 

Figure 7a shows that the optical output power is 
largest when both EDF stages are approximately 
20 meters. For this design, EDF lengths significantly 
longer than 20 meters will produce less output power, 
since the pump radiation will have been completely 
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Figure 7 
optical amplifier with a gain-flattening filter. 


absorbed in the first few meters of EDF. The spectral 
gain flatness is shown in Figure 7b. For this design, 
approximately 17 meters of EDF was needed to 
produce a flat gain spectrum, i.e., each optical 
channel had the same gain. Other combinations of 
EDF lengths were not matched to the particular gain- 
flattening filter and produced large gain variations 
across the band. In general as the amplifier’s total 
EDF length increases the gain spectrum exhibits a 
positive tilt (e.g., longer wavelength channels will 
experience more gain). Figures 7c, d show the average 
channel and maximum channel NE, respectively. 
From a system design perspective, a link can be 
limited by the optical channel with the lowest 
optical signal-to-noise ratio (OSNR) or highest 
noise figure, and this is a critical parameter of 
interest when designing optical amplifiers. In practice 
the best amplifier design is a compromise between 
high-gain, low-gain flatness, and low NE From 
extensive numerical simulations, for the two-stage 
gain flattened amplifier example it was for 
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approximately 4 meters in EDF stage 1, and 
13 meters in stage 2. 

Successful commercial EDFA products are more 
than a single amplifier design that can accommo- 
date all applications. In some cases an economical 
solution is a modular design approach, where 
smaller capacity, lower-cost amplifiers are initially 
installed in a network. Additional gain can be 
added to the basic amplifier for longer-distance 
spans or as network traffic increases over time. 
This ‘pay as you grow’ approach can be done 
using additional gain stages, or pump lasers, and 
can be upgraded without interruption of revenue- 
generating network traffic. 


Low-Noise Design of EDFAs 


A key design feature of commercial EDFAs is low- 
noise operation since the degradation of the OSNR 
limits the reach of the system. The NF of an EDFA can 
be defined as 


NF = SNR,,/SNR out [1] 


The NF can also be calculated from 


i | Pas | [2] 


MS G hy, 





where Pasp is the amplified spontaneous emission 
(ASE) noise power at the signal frequency v, for an 
EDFA of gain G (4 = Plancks constant). An alterna- 
tive equation for the NF for a single section of EDF is 





L a 
NF = | Yel Ys, 2) — YalYss 2) 


i Be xPO)dz+1 [3] 


where y, and y, are the EDF emission and absorption 
factors at the signal frequency v,, at distance z along 
the amplifying fiber. Equation [3] shows that low NF 
can result from rapid signal gain in the initial fiber 
along the EDE This result indicates that co-propagat- 
ing pump and signal photons, both into the same end 
of the EDF, combined with the maximum inversion 
obtained by using a 980 nm pump, will result in low- 
noise amplification. The NF is typically expressed in 
dB units, and using a full quantum mechanical theory, 
the lowest possible NF for a fully inverted EDF with a 
large signal gain can be shown to be approximately 
3 dB. Actual EDFAs will only approach the ‘3 dB 
quantum noise limit’ when the signal is significantly 
lower than the available pump power (e.g., low 
channel count applications) so that high inversion can 
be maintained along the EDF length. Optical 
components in the EDFA prior to the first EDF will 
attenuate the signal but not the noise, since ASE is 


only generated in the EDK, and this input stage loss 
will directly add to the EDFA’s NF. 

The use of 1480 nm pump lasers can also result ina 
further NF penalty of 0.3 to 1.5 dB since complete 
inversion cannot be achieved when the erbium ions 
are operating as a two-level atomic system and more 
ASE is generated. The ASE, like the signal gain, has a 
wavelength-dependent spectral profile and this results 
in each channel having a different NF. Typically, the 
optical channel with the largest NF (lowest OSNR) is 
used to define the EDFA’s noise performance. EDFAs 
with low-input signal power (e.g., —15 dBm) and 
high gain (e.g., 25 dB) may be described as low noise 
when the NF is <4 dB. For large total input signal 
power (e.g., +2.5dBm for high channel count 
operation) low noise may be NF <5 dB. 

For an amplifier with multiple EDF sections, the 
noise figure can be calculated from 
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[4] 


where L, is the signal loss prior to the gain G; of the 
EDF stage 7. From egn [4], multistage amplifiers with 
large inter-stage losses will have numerically larger 
NFs, but the total module NF is dominated by the first 
EDF stage. Undersea EDFAs, with a single short EDF 
section, very small L; and 980 nm pumping, can have 
NF <3.5 dB. 


Advanced EDFA Functions 


An important trend in optical amplifiers, and systems 
in general, is the move towards dynamic control. 
Several technologies are being considered and the 
primary idea is to dynamically control the intensity 
level of each optical channel or wavelength to correct 
for any gain/loss inequalities in the network. This is 
particularly important as channel counts and bit rates 
rise concurrently with the functionality demanded of 
optical communication networks. A common 
requirement in this category is fast amplifier response 
so that in a network where individual optical 
channels can be added or dropped there are no 
power distortions at other surviving wavelengths. 
In a typical drop event, in less than 1 microsecond, 31 
of 32 wavelengths can be completely removed from 
the input to the EDFA by an add/drop module located 
elsewhere in the network. This event will cause a total 
input power decrease of 15 dB and without rapid 
pump power adjustment the remaining channel will 
be excessively amplified. 
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Erbium ions have an excited state lifetime of 
approximately 10 ms, and this sets the time-scale 
for the transient signal response. A network transient 
usually manifests as a sharp optical amplifier (OA) 
gain fluctuation lasting up to several tens of micro- 
seconds that will pulse large signal levels through the 
entire optical network. Dynamic network loading 
necessitates controlling temporal gain transients, and 
this may be achieved by using a microprocessor in the 
amplifier module. These intelligent EDFA modules 
can rapidly adjust the pump laser power based on 
feedback from internal photo detectors to control 
gain transients. 

The need for dynamic control also exists in the 
frequency domain. Wideband amplifiers have a gain 
variation among the optical channels of typically up 
to 1 dB over all operating conditions, and since these 
EDFAs are concatenated over many spans the 
electronic receiver circuit at the end of the network 
will have to detect optical channels with widely 
varying power levels. This can limit the number of 
spans that the network can bridge before electronic 
regeneration becomes necessary. This problem can be 
corrected using a dynamic gain equalizing filter 
(DGEF) to actively attenuate individual optical 
channels levels. A DGEF can be embedded inside an 
amplifier to create a loss-less component, and can be 
used to equalize channel powers for an entire 
network. 

The problems of accumulation of gain ripple 
become more apparent in systems that employ 
amplifiers based on stimulated Raman scattering. A 
conventional EDFA amplified system may have 10 
spans transmitting 100 optical channels at 10 Gbit/s 
each over a distance of approximately 800 km before 
electronic regeneration becomes necessary. To 
span longer distances with higher capacity, 
Raman amplifiers are used to amplify the trans- 
mission fiber along with EDFAs. This system archi- 
tecture has the advantage of a higher effective OSNR 
for the individual spans, and has been demonstr- 
ated for distances over 4000km with 40 Gbit/s 
channels. However, the variability of the Raman 
amplifier gain, due to network loading and differing 
transmission fiber properties, necessitates the use of 
loss-less DGEFs. 

High-capacity transmission uses individual chan- 
nels that are each modulated up to typical 2.5, 10, or 
40 GHz, that requires that the optical amplifiers have 
low polarization mode dispersion (PMD) and low 
chromatic dispersion (CD). Polarization mode dis- 
persion distorts the temporal spread of an ultra-short 
pulse as different polarization states travel at different 
speeds through the transmission fiber and amplifier 
components. PMD is particularly a problem in the 


first generation of installed transmission fiber and 
through polarization components (e.g., isolators) that 
are not PMD compensated. Without PMD compen- 
sation, 40 Gbit/s transmission, for example, can be 
limited to very short distances (several km). Fortu- 
nately, PMD compensators have been developed for 
upgrading aged installed networks, and also ampli- 
fiers are available with very low PMD. 

To achieve long-distance transmission, a chromatic 
dispersion map is produced for all the optical spans, 
and by using a dispersion compensating module in 
each amplifier, the net dispersion across the channel 
wavelength window is controlled. Although optical 
amplifiers have approximately 1000 times less optical 
fiber in them compared to the transmission span that 
it is amplifying, chromatic dispersion in the amplifier 
can also be of concern for very long-haul networks. 
The CD of the amplifier is primarily in the EDF, and is 
specific to the EDF’s geometric and chemical compo- 
sition. Furthermore, since the erbium ion is a resonant 
atomic system, there may be a pump and signal power 
contribution to the dispersion (resonant dispersion) 
that could degrade network performance. Character- 
ization of these optical effects is typically done on 
manufactured ‘field grade’ amplifiers as part of a 
quality control process. 


Conclusion 


As optical networks evolve EDFAs will continue to be 
an enabling technology for higher capacity and more 
dynamic communications networks. EDFA technol- 
ogy has already advanced to accommodate multiple 
channels, to span several wavelength windows and to 
provide features such as dispersion compensation, 
gain-transient suppression, and dynamic gain flat- 
ness. As future network architectures are introduced, 
to incorporate Raman amplification and additional 
wavelength windows, the demands placed upon 
EDFA design will continue to expand. 


See also 


Optical Communication Systems: Architectures 
of Optical Fiber Communication Systems; Wavelength 
Division Multiplexing. Scattering: Raman Scattering. 
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Introduction 


Optical amplifiers have been a key element for 
enabling the development of optical transmission 
systems, which have reached total capacity in the 
order of a few terabits per second. The first type of 
optical amplifier to see application in the telecom 
industry has been the erbium-doped fiber amplifier. 
Following its invention in the late 1980s, the mid- 
1990s saw its industrial application in submarine and 
terrestrial transmission systems. 

Since then, optical transmission systems have been 
the predominant source for transmitting information 
over distances ranging from a few 100 km to more 
than 10 000 km, connecting cities, countries, and 
continents. 

This article will describe the applications of 
optical-fiber amplifiers in long-haul transmission 
systems, focusing on erbium-doped fiber amplifiers 
and Raman amplifiers, the most popular type of 
optical amplifiers used in modern transmission 
optical systems. 


Fundamentals of Long-Haul 
Transmission Systems 


This section explains the key elements and para- 
meters of an optical transmission system. 


Key Elements 


An optical transmission system consists of a trans- 
mitter, a receiver, one or more optical amplifiers, and 
one or more spans of transmission fiber. Figure 1 
shows a simplified schematic of a_ bidirectional 
transmission system using a fiber pair. 

Optical amplifiers are used to compensate for the 
loss of the transmission fiber and the other optical 
elements placed along the signal path. Boosters and 
pre-amplifiers refer to optical amplifiers which are 
located at, respectively, the input end and output end 


of the system. In-line amplifiers refer to optical 
amplifiers located between the transmission fiber 
spans. 

The transmitter includes laser diodes to generate 
the signal power and optical modulators to transfer 
the data stream from the electrical input signals to 
optical signals. The optical signal is transmitted to the 
receiver after traveling through the transmission fiber. 
At the receiver are located the photodiodes, which 
transfer back the information into electrical output 
signals. In order to increase the total bandwidth of the 
transmission system, time-division multiplexing 
(TDM) and wavelength-division multiplexing 
(WDM) can be used. TDM techniques combine the 
electrical domain data stream of several electrical 
channels, which is carried by a single optical channel. 
An optical channel refers to an optical signal located 
at a particular wavelength and modulated with the 
transmission data. TDM increases, therefore, the bit 
rate supported by the optical channel. Typical bit 
rates used in modern optical transmission systems are 
2.5 Gbit/s and 10 Gbit/s. With WDM, several optical 
channels are combined, in the optical domain, into a 
single optical beam, which is launched into the 
transmission fiber. For this technique, optical multi- 
plexers (Mux) and de-multiplexers (Demux) are 
required at, respectively, the transmitter and the 
receiver. 

Long-haul transmission systems typically operate 
at wavelengths around 1.5 wm, where the attenuation 
of fibers is the lowest. We label C-band the region 
located between 1530 nm and 1565 nm. Its lower 
bound is labeled S-band; the upper bound the L-band. 

Apart from attenuation, several other effects 
existing in fiber can be responsible for degrading the 
quality of the transmission. Among those is chromatic 
dispersion, which distorts the optical signal as it 
travels along the transmission fiber. Several types of 
fiber have been deployed with different chromatic 
dispersion characteristics. The most common one is 
the standard single-mode fiber (SSMF), which has a 
zero-dispersion wavelength — wavelength for which 
no chromatic dispersion is observed — near 1.3 wm. 
The dispersion-shifted fiber (DSF) has a zero- 
dispersion wavelength near 1.55 jm, and the nonzero 
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dispersion shifted fiber (NZDSF) has a zero-dispersion 
wavelength close to 1.5 um. To remedy this effect, 
dispersion compensating modules (DCM) are placed 
along the link. These modules — generally a special 
type of fiber — have chromatic dispersion with 
inverted characteristics with respect to those of the 
transmission fiber. 


Key Optical-Amplifier Parameters 


Optical amplifiers spontaneously generate optical 
noise — referred to as amplified spontaneous emission 
(ASE) — that is added to the modulated signal and 
consequently degrades the quality of the trans- 
mission. It is essential to quantify the level of ASE 
for a given optical transmission system. 

We define the optical signal-to-noise ratio (OSNR) 
in the bandwidth Av as 


ies Signal 


OSNR = [1] 


ASE 


where Psignai is the signal power and Pasp is the ASE 
power in the bandwidth Av. 

The required OSNR at a receiver, to detect the 
information with high quality, depends on the 
modulation format and on the other sources of 
noise or signal degradation existing in the trans- 
mission system. If we assume a nonreturn to zero 
(NRZ) modulation format, and signal detection 


4a OM =. © 


Revccceseve voces socescocenccsened 


East to West direction 





East terminal 


Schematic of a bidirectional long-haul transmission system. 


limited only by ASE noise, an OSNR, in 0.1 nm 
bandwidth, of about 18 dB, is required at the receiver 
for a bit-error rate — number of erroneously 
transmitted bits divided by number of transmitted 
bits — of 1071. Introduction of other transmission 
degradation sources requires a higher OSNR to 
maintain the same bit-error rate. 

The decibel unit (dB) for a given ratio, R, is 
defined by 


Rap = 10 logioRiinear [2] 
Similarly we defined the power decibel unit (dBm) as 
Pam = 10 logioPmw [3] 

where P,,w is the power in mW. 
In order to quantify the amount of ASE generated 


by an optical amplifier, we define the equivalent input 
noise factor (eq), in a linear unit, by 





_ Pase 
"eq = hvAvG [4] 


where Pasp is the output ASE power in one 
polarization state in the bandwidth Ay, h the Planck’s 
constant, v the frequency of the ASE, and G the gain 
of the amplifier. 

We also define the noise figure of the amplifier 
(NF) - a universal parameter to characterize 
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amplifier noise — as 


NF = 2tteq + S [5] 
If an optical component, having a loss Tj, (Tin < 1), 
is inserted at the input of the amplifier, the total NF 
of the amplifier becomes NFyotaj = NF/Tin. If an 
optical component, having a loss Tout (Tour < 1), is 
inserted at the output of the amplifier, NFioa = 
NF + 1/G(1/T,,, — 1). When G>1, we have 
NFrotal ~ NE 

The OSNR in 0.1 nm bandwidth obtained after N 
fiber spans of loss, Losspj,-, (in dB), each having an 
amplifier, is in decibels: 


OSNR = Pgignal — Losspiber - NF—10logig N+58 [6] 


where Psignai is the signal power at the output of the 
amplifier. 

When the optical signal power is sufficiently high, 
nonlinear effects also become responsible for the 
degradation of the system performance. Therefore, 
choosing the value of the signal power launched into 
the transmission fiber results in a trade-off between 
increasing the OSNR, and reducing nonlinear effects. 


Optical Fiber Amplifier 


An optical fiber amplifier consists of fiber with an 
active medium and at least one optical pump source, 
which is launched simultaneously with the signal into 
the fiber by means of a dichroic coupler. 

We define as forward and backward pumping, the 
case where the pump is launched, respectively, in the 
same direction as the signal and in the opposite 
direction to the signal. We define as bidirectional 
pumping, the case where the fiber is pumped from 
both ends. The most commonly used pump sources 
are the semiconductor laser diodes. These lasers may 
use different technologies to meet the various 
performance requirements with respect to the ampli- 
fier types and applications. The most popular pump 
diodes are the distributed Bragg reflector (DBR), 
distributed feedback (DFB), or external-grating 
stabilized lasers. 


Erbium Fiber Amplifier 


Fiber doped with the rare-earth Er** ion can amplify 
a signal located at 1.5 wm with the appropriate fiber 
host material and if pumped near 0.98 wm or near 
1.48 ym. Silica is the most common material used for 
the fiber host. Er?* has three energy levels, as 
described in Figure 2. 

0.98 4m pumping occurs between the upper level 
‘Tui and the ground level “I5, and 1.48 pm 
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Figure 2. Energy level diagram for Er** ions. 


pumping occurs between the metastable level 41,3) 
and the ground level. 

The signal amplification takes place between the 
metastable level and the ground level. With 0.98 um 
pumping, a rapid energy transfer occurs between the 
upper level and the metastable level via a phonon- 
assisted process. The lifetime of the upper level 
is much lower than the lifetime of the metastable 
level, about 10 ms. Therefore, with 0.98 zm pumping 
we can assume a two-level energy transfer, between 
the metastable and the ground levels, for the 
description of the amplification process in the Er** 
medium. 

We define the normalized medium inversion (D) by 


Nz —Ni 


D= 
N, 


[7] 


where N> is the population of the metastable level, 
N, the population of the ground level, and N, = 
N, +N, the total population. D=+1 when the 
metastable level is fully populated and D = —1 when 
only the ground level is populated. 

A simple approach for calculating the gain (G) with 
erbium-doped fiber amplifiers (EDFA) is given, in 
decibel units, by 


D+1 
GQ) = (aA) + 8M)=F— — ALB] 


where A is the wavelength of the signal, a the 
absorption coefficient in dB unit length at the signal 
wavelength, g the emission coefficient in dB unit 
length at the signal wavelength, and L the length of 
the erbium-doped fiber (EDF). Here D is the norma- 
lized path-average medium inversion of the EDF. 
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The gain per unit length, G(A)/L, is equal to g(A) for 
D = +1 and to —a(A) for D= —1. 

The absorption and the emission coefficients 
depend on the EDF host material and the codoping 
element used for the realization of the EDE With 
silicate EDF the most commonly used codoping 
elements are germanium, aluminum, and phosphorus. 

In Figure 3 we show the dependence of the gain per 
unit length on the normalized path-average medium 
inversion, for a signal wavelength ranging from 1500 
to 1560 nm. 

For a more comprehensive description of the EDFA 
characteristics we use the standard confined-doping 
model. This model, which is also based on the two- 
level system, uses the following differential equations: 
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Figure 3 Dependence of the gain per unit length on the 
normalized path-average medium inversion, D. D ranging from 
—1 to +1 with a 0.2 step (alumino-silicate EDF; peak absorption of 
1 dB m“'; peak emission of 0.93 dB m~'). 


where Ps(z), Pasp(z), and Pp(z) in W are, respectively, 
the signal power, the ASE power, and the pump power 
along the length (z-axis) of the EDF; * and ~ indicate, 
respectively, the backward-traveling and the forward- 
traveling directions; a, and ap in m ' are the 
absorption coefficients at, respectively, the signal 
and pump wavelengths, g, and g, in m | are the 
emission coefficients at, respectively, the signal and 
pump wavelengths, v, and v, are the frequencies of, 
respectively, the signal and the pump beams; Av is 
the frequency bandwidth of the ASE; and / is the 
Planck’s constant. N>/N, is the medium inversion 
along the z-axis of the EDE, and is given by 
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where the index k represents all the beams, i.e., signal, 
ASE, and pump, traveling backward and forward 
along the EDK, ris the lifetime of the metastable level, 
and Beg is the effective erbium-doping area. For a 
typical silicate EDF, having a peak absorption 
coefficient of 1dBm ', we have +t=10ms, 
Bey = 12 pm’, and Ne= 5x 1077 m-> 

Using the standard confined- dopine model we 
calculate the dependence of the EDFA noise figure 
on the normalized path-average medium inversion, as 
shown in Figure 4. We vary the path-average 
normalized medium inversion by changing the length 
of the EDFA, while adjusting the pump power so that 
the signal gain is kept constant. 

The noise figure decreases when the medium 
inversion increases, and approaches the quantum 
limit value of 3 dB when the path-average normalized 
medium inversion is close to unity. Near full inversion 


Noise figure (dB) 





0.6 0.7 0.8 0.9 1 
Path-average medium inversion 


Figure 4 Dependence of the noise figure on the normalized 
medium inversion (alumino-silicate EDF with peak absorption of 
1 dBm‘; EDF lengths ranging from 16 m to 60 m; gain equals to 
15 dB; input signal power of —40 dBm at 1530nm; backward 
pumping at 980 nm). 
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may be obtained with a pump located at 0.98 um 
because the emission coefficient is null at this pump 
wavelength. However, this is not the case at 1.48 um 
where the ratio g,/a, is about 0.3. The maximum 
medium inversion that can be obtained with 1480 nm 
is D=0.8. Therefore, higher noise figures are 
obtained with 1.48 um pumping than with 0.98 pm 
pumping. The pumping direction also has an effect on 
the noise figure, in particular with 0.98 pm. Since at 
0.98 xm the emission coefficient is null, when back- 
ward pumping configuration is used the 0.98 um 
pump is quickly absorbed along the EDF length. This 
leads to a low-medium inversion at the input end of 
the EDK, resulting in high noise figures. However, in 
order to achieve forward pumping, a dichroic coupler 
must be placed at the input end of the EDF, thus 
inducing an additional loss at the input of the 
amplifier. This increases the noise figure and, there- 
fore, to some extent, counterbalances the NF 
improvement associated with forward pumping. 


Raman Fiber Amplifier 


Stimulated Raman scattering, an optical-phonon 
based nonlinear effect present in silica fiber, is used 
to convert energy from a pump located at a frequency 
Vp, to a signal located at a lower frequency v,. The 
efficiency of the so-called Raman amplification 
depends on the frequency shift Av,=v, — %. 
Figure 5 shows the dependence of the Raman gain 
on the frequency shift in standard single-mode fibers. 
The exact Raman gain spectrum depends on the 
doping elements used during the fabrication process 
of the fiber. With standard telecommunications fibers 
the Raman gain is maximum for Ap, close to 13 THz. 

Raman amplification can be achieved within the 
transmission fiber of the system — distributed 
amplification — or within a specific fiber, such as a 
dispersion compensation fiber — discrete amplifica- 
tion. Contrary to EDFA, Raman amplification has a 
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Figure 5 Raman gain spectrum in standard single mode fiber. 





very fast response time — in the order of a few 
hundred femtoseconds — and is strongly dependent 
on the polarization state of the signal and the pump, 
the highest gain efficiency being obtained when the 
polarization states of the signal and the pump are 
parallel. Because of the nonpolarization-maintaining 
nature of standard telecommunications fibers, 
depolarized pump sources are preferable for Raman 
amplification. To avoid pump fluctuation being 
transferred to the signal, Raman amplifiers generally 
use backward pumping, which virtually averages the 
fluctuation. Forward pumping can also be employed 
with Raman amplifiers but with careful control of the 
pump characteristics. 

If the signal is sufficiently low the pump depletion 
can be neglected. In that case the gain of the Raman 
amplifier is given by 





G=exp SRP 
ActeQp 


(1 — exp") — ws] [15] 
where P,, is the launched pump power, L is the length 
of the fiber, gp is the Raman gain coefficient, and Agg 
is the effective area of the fiber. We assume for the 
simulation examples given in this article that the peak 
value of gp is equal to 6 x 10 '* m/W. 

A more comprehensive model for Raman amplifi- 
cation is given by the following set of differential 
equations: 
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Figure 6 Evolution of the signal power and pump power along 
fiber length with Raman amplification (standard single-mode fiber; 
fiber length of 15 km; input signal power of -10 dBm at 1550 nm; 
forward pumping with 400 mW at 1450 nm; total amplifier gain of 
9.5 dB). 
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Figure 7 Dependence of the Raman amplifier gain and the 
noise figure on the pump power (standard single-mode fiber; fiber 
length of 15 km; input signal power of —10dBm at 1550 nm; 
forward pumping at 1450 nm with power ranging from 100 mW to 
800 mW). 
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[21] 


where rs and r, are the Rayleigh backscattering 
coefficients at, respectively, the signal wavelength and 
the pump wavelength. 

An example of the evolution of the signal power 
and pump power along fiber length is given by 
Figure 6. 

Figure 7 shows the dependence of the Raman 
amplifier gain and noise figure on the pump power. 


Distributed and Discrete Amplification 


A system uses distributed amplification when the 
transmission fiber is used as the medium for genera- 
ting the optical signal amplification. It uses discrete 


amplification when an optical amplifier is located 
between the transmission fiber spans. 


Discrete Amplification 


Both EDFA and Raman amplifiers can be used to 
provide discrete amplification. Discrete amplifiers can 
be used as booster, pre-amplifier, or in-line amplifier. 
They can also be used to compensate for the loss of 
additional elements such as DCM, which may be 
located between the fiber spans. In Figure 8 we show 
the path of the signal when a discrete amplification is 
used to compensate for the loss of the transmission 
fiber and for the loss of a DCM. In this example, 
we assume that the discrete amplifier is made of two 
amplifiers. The first-stage amplifier compensates 
mainly for the loss of the transmission fiber, while 
the second-stage amplifier compensates mainly for 
the loss of the DCM. 

If a ‘lossy’ element is inserted between two 
amplifiers, the noise figure of the composite amplifier 
increases the total noise figure of the dual-stage 
amplifier. 

The total noise figure of a dual-stage amplifier, 
NFiotal is given by 


1, NF 
G 1 G 1 Tita 


where NF, is the noise figure of the first-stage 
amplifier, G; is the gain of the first-stage amplifier, 
NF; is the noise figure of the second-stage amplifier, 
and Tiniq is the loss of the optical element inserted 
between the two amplifiers (Tmiq < 1). 


NFrotal a NF, 





[22] 


Distributed Amplification 


When fibers are deployed it is generally assumed, at 
least for terrestrial networks, that it can be used with 
different types of transmission systems, which may or 
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Figure 8 Schematic of a transmission system using discrete 
amplification to compensate for the loss of the transmission fiber 
and the dispersion compensating module. 
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Take your finished Tic Tac Radio (with the lid part gently pushed back inside the top 
of the box) and connect your Antenna and Ground wires to the lead outs from the 
box lid. Place the earphone in/over your ear,and listen carefully for a local AM radio 
station. This crystal radio is a simple one, and you may have to make one or two 
adjustments to the components, before you succeed in receiving one or more local 
AM radio stations, in your area. 


If you can't hear anything in the earphone, don't panic. It might just be a simple 
wiring mistake, which is easily fixed. Go back over all of the steps, making sure that 
you have the right value components from the electronics store. Make sure that 
each component is in the right place on the matrix board, (don't confuse the L1 
inductor with the R1 resistor - they look a lot like each other!) and that no 
component wires have come undone from the twisted joins you have just made. I'll 
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Figure 9 Schematic of a transmission system using distributed Raman amplification. 


may not use distributed amplification. Doping the 
transmission fiber with erbium is not a practical 
solution since the absence of a pump would result in 
high fiber loss. On the other hand, Raman amplifica- 
tion can be achieved with conventional fibers, and is 
consequently the preferred solution to generate 
distributed amplification. Raman amplification is 
then obtained by launching a pump signal into the 
transmission fiber. Figure 9 shows the schematic 
of a transmission system using distributed Raman 
amplification with backward pumping. 

Even if distributed amplification can be used to 
compensate fully for the loss of the transmission fiber, 
discrete amplifiers are generally required to compen- 
sate for the loss of the transmitter and receiver 
terminals. In order to compare distributed amplifica- 
tion with discrete amplification we define the 
equivalent noise figure as follows: 
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where Pase is the total ASE power at the output end of 
the transmission fiber and where the on/off gain, 
Gowog is given by 
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where Peal and Peel are the signal power levels 
at the output end of the transmission fiber when 
the distributed amplifier is, respectively, turned on 
and off. 

To illustrate the meaning of the on/off gain, we 
show in Figure 10 the evolution of the signal power 
along a fiber with and without Raman pump power. 
In this case, the on/off gain is 20 dB. 

The equivalent noise figure, which has no real 
physical meaning, is equal to the noise figure of an 
imaginary discrete amplifier that would be located 
at the output end of the transmission fiber and 
would lead to the same OSNR. Figure 11 shows 
the dependence of the equivalent noise figure on 
the Raman gain, with no Rayleigh backscattering 
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Figure 10 Evolution of signal power along the fiber length with 
and without pump power (standard single-mode fiber; fiber length 
of 100 km; fiber attenuation of 0.2 dB/km at signal wavelength; 
input signal power of O0dBm at 1550nm; backward pumping 
400 mW at 1450 nm). 


and with a Rayleigh backscattering level of 
—74 dBm"'. 

Once the on/off gain is higher than ~10 dB the 
equivalent noise figure becomes negative and it 
decreases when the on/off gain further increases. 
However, once the on/off is higher than 20 dB, 
Rayleigh backscattering limits the minimum equival- 
ent noise figure that can be achieved. The lowest 
equivalent noise figure is observed for an on/off gain 
of ~33 dB. In addition, Rayleigh backscattering 
causes the reflected portion of the signal to be 
superimposed onto the transmitted signal, leading 
to multipath interference (MPI), which level increases 
with the gain. This results in an additional source of 
noise for the signal, and consequently degrades the 
system performance. 


Hybrid Amplification 


Discrete and distributed amplification can be used 
simultaneously in a same-transmission system. An 
example of the evolution of the signal power with 
hybrid amplification is represented in Figure 12, for 
the case where distributed Raman amplification and a 
dual-stage discrete amplifier are used to compensate 
for the loss of the transmission fiber and for the loss of 
a DCM. 
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Figure 11 Equivalent noise figure versus distributed on/off gain 
(standard single-mode fiber; fiber length of 250km; fiber 
attenuation of 0.2 dB/km at 1550nm; input signal power of 
0 dBm at 1550 nm; backward pumping ranging from 0 to 1 W at 
1450 nm). 
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Figure 12 Evolution of the signal power using discrete and 
distributed amplification (standard single-mode fiber of 100 km; 
fiber loss of 20 dB at signal wavelength; DCM loss of 8 dB; input 
signal power of 0 dBm at 1550 nm; Raman backward pumping 
with 200 mW at 1450 nm; Raman on/off gain of 10 dB). 


Similar to the case of distributed amplification, the 
total equivalent noise figure of a hybrid amplifier can 


be defined by 


ND iscrete = 


NEIotal = Npbistributed a3 
Goniott 


Equ Equ [25] 


where i oe amanaae is the equivalent noise figure of the 
distributed amplifier and NF”'S“'*° is the noise figure 
of the discrete amplifier. 

In Figure 13 we show the dependence of the 
total equivalent noise figure on the on/off gain for 
a hybrid amplifier with fixed discrete noise figure. 
The dependence of the distributed equivalent noise 


figure on the on/off gain is also plotted on the 
same graph. 


Since the equivalent noise figure of the distributed 
amplifier is relatively low, the total equivalent noise 
figure is lower than the noise figure of the discrete 
amplifier once distributed amplification is used. 
Moreover, as the on/off gain becomes large, the total 
equivalent noise figure of the hybrid amplifier con- 
verges toward the distributed equivalent noise figure. 


Wavelength-Division Multiplexing 


The transmission of WDM signals over long distances 
requires meticulous control of the spectral character- 
istics of the amplifier gain. The amplifier gain 
excursion induces a power excursion between the 
channels of the WDM signal, which increases with the 
number of spans. Consequently, the available band- 
width for WDM transmission narrows with the total 
distance of the link. This is illustrated in Figure 14, 
where the power excursion observed after an amplifier 
chain is plotted for different numbers of amplifiers, 
a fiber span being included between each amplifier. 
With this example, the 1 dB-bandwidth drops from 
9 nm after one span to 1.5 nm after 50 spans. 

For a comprehensive analysis of the spectral gain 
characteristic of EDFA and Raman amplifiers we 
generalize the single-channel model described in the 
amplifier section of this article to the multichannel 
case. The generalization of the models is obtained by 
adding a frequency dimension to each beam propa- 
gating in the amplifier, as described in Table 1, where 
each k element represents the signal, the ASE noise or 
the pump, A is the wavelength of the kth beam, Av is 
the frequency separation between the pump beam p, 
and the signal beam s. 


Total noise figure (dB) 





0 5 10 15 20 25 30 
On/off gain (dB) 


Figure 13 Total noise figure of the hybrid amplifier and noise 
figure of the distributed amplifier versus on/off gain (noise figure of 
the discrete amplifier equals to 5 dB; standard single-mode fiber of 
100 km; fiber loss of 20 dB at signal wavelength; input signal 
power of 0 dBm at 1550 nm; Raman backward pumping ranging 
from 0 mW to 600 mW at 1450 nm). 
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Figure 14 Dependence of the power excursion on the number 
of fiber spans. Number of spans equals, respectively, to 1, 2, 5, 10, 
20, 30, 40, and 50 (amplifier with 15 m long alumino-silicate EDF; 
peak absorption of 1 dB m~'; D =0.6; fiber loss of 8.5 cB; flat 
fiber loss spectrum). 


Table 1 Correspondence between parameters used for the 
EDFA and Raman amplifier models with the single-channel and 
the multichannel approaches (the multichannel approach is also 
used to describe the power evolution of pump beam when WDM 
pump scheme is used) 





Single-channel Multichannel 
model model 
Power Pi (2) Pi, 2) 
Sum of power Pi (z) X PRA, 2) 
+P, (2) +Px (A, 2) 
Absorption coefficient Qk a(A) 
Emission coefficient OK QA) 
Raman gain coefficient 9R 9r(Ar%s) 


With EDFAs, the main factors in the gain flatness 
are the path-average medium inversion, the EDF 
codopant composition, and fiber host material. 
Depending on the bandwidth and the wavelength of 
the WDM signal, the way the EDF is optimized 
may vary. 

In the following example, we focus on the path- 
average medium inversion for the case of C-band 
applications. Figure 15 shows the output spectrum 
of a WDM signal amplified by an alumino-silicate 
EDFA having, respectively, a medium inversion of 
D = +0.4 and D = 0. The peak-to-peak gain excur- 
sion is, respectively, 2 dB and 14dB for D=-+0.4 
and D = 0. 

Application with C-band WDM signals requires 
amplifiers operating with high-medium inversion. As 
can be extrapolated from Figure 15, if the WDM 
signal is centered around 1560 nm, a lower medium 
inversion is more suitable. Indeed, as shown in 
Figure 3, when the medium inversion is close to 
zero the peak gain wavelength changes from 1530 nm 
to 1560nm and higher; the optical window for 
L-band applications. 


Regarding the doping elements, we show in 
Figure 16 the gain spectrum for a germano-silicate 
and an alumino-silicate EDF, respectively. The 
peak-to-peak gain excursion is 8dB with the 
germano-silicate EDF compared to 2dB with 
the alumino-silicate EDF. 

With Raman amplifiers, the gain flatness can be 
adjusted by using wavelength-multiplexed pumps. In 
Figure 17 we show the power spectrum when a 
Raman amplifier is pumped with three wavelength- 
multiplexed pumps located, respectively, at 1430 nm, 
1455nm, and 1480nm. The maximum power 
excursion between the channels is 2 dB. 

For comparison, we also show in Figure 18 the 
power spectrum of the Raman amplifiers when only 
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Figure 15 Gain spectrum of an alumino-silicate EDF for 
D=0.4 and D=0 (C-band WDM signal made of 7 channels 
equally spaced ranging from 1530 nm to 1560 nm; flat input power 
of —10dBm per channel; gain of channel located at 1545 nm 
of 10dB for D=0.4 and D=0; EDF with peak absorption of 
1 dBm‘; EDF length of 30 m for D = 0.4; EDF length of 100 m 
for D = 0). 
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Figure 16 Gain spectrum of an alumino-silicate EDF and of a 
germano-silicate EDF for D = 0.4 (C-band WDM signal made of 7 
channels equally spaced ranging from 1530 nm to 1560 nm; flat 
input power of —10 dBm per channel; gain of channel located at 
1545nm of 10dB for D=0.4 and D=O; alumino-silicate 
EDF of 30 m with peak absorption of 1 dB m~'; germano-silicate 
EDF of 40 m with peak absorption of 1 dB m~'). 
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Figure 17 Output power spectrum of a Raman amplifier 
pumped with three wavelength-multiplexed pumps (standard 
single-mode fiber of 100 km; WDM signal made of 6 channels 
equally spaced ranging from 1530 nm to 1580 nm; pumping in 
forward direction with 100 mW per pump located at 1430 nm, 
1455 nm, and 1480 nm). 
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Figure 18 Output power spectrum of Raman amplifiers pumped 
at three different wavelengths (standard single-mode fiber of 
100 km; WDM signal made of 6 channels equally spaced ranging 
from 1530nm to 1580 nm; pumping in forward direction with 
300 mW at, respectively, 1430 nm, 1455 nm, and 1480 nm). 


one of the three multiplexed pumps is used, with the 
same total pump power. The power excursion 
becomes 10 dB for the 1430 nm pump, 7 dB for the 
1455 nm pump, and 8.5 dB for the 1480 nm pump, 
which are much higher values than are obtained with 
the multiplexed pump scheme. 

To further reduce the gain excursion of the 
amplifiers an external gain equalizing filter can be 
used. The filter, which is located next to the amplifier, 
is manufactured so that its attenuation spectrum 
matches the gain spectrum of amplifier, as illustrated 
in Figure 19. Gain equalizing filters are generally 
made with thin film filters or fiber Bragg gratings 
(FBG). 


In order to obtain amplification over ultra-wide 
bandwidths, amplifiers of smaller bandwidths, 
e.g., C-band and L-band EDFAs, can be operated in 
parallel by means of Mux and Demux. Another 
option is to use a Raman amplifier with multiple 
pumps having their wavelengths distributed over a 
very large bandwidth. 


Long-Haul Transmission 
System Types 


Long-haul optical transmission systems are appro- 
priate for different types of applications. We dis- 
tinguish here three types of transmission system: the 
submarine systems; the terrestrial systems; and the 
unrepeatered systems. Each of these applications 
requires a careful design of the system, with particular 
attention to the optical amplifiers. In this section we 
focus on the key points of their design. 


Submarine Systems 


Submarine systems are used to transmit information 
across the oceans, i.e., over distances of up to several 
thousand kilometers. The transmission fiber and the 
in-line optical amplifiers, which are packaged in the 
repeater modules, are deployed undersea at the same 
time. The drastic constraints imposed on the 
reliability of the repeaters lead to their high cost, 
and consequently minimizing their number in a link is 
essential. The optimum span length, and therefore the 
number of in-line amplifiers, depends on the total 
distance of the transmission system. To illustrate this 
point, we derive from eqn [6] which number of spans 
of a particular length can be used for a given received 
OSNR, launched signal power, amplifier noise figure, 
and span loss per km. Based on the number of spans 
and span length, we then calculate the maximum 
distance that can be reached. The result is represented 
in Figure 20. 

With the assumption made here regarding the 
amplifier characteristics, in order to reach distances 
of more than 5000 km, span lengths close to 50 km 
are required. 


Terrestrial Systems 


Terrestrial systems are used to connect traffic from 
cities to cities and from cities to submarine-system 
landing sites. Their total distances vary from a few 
hundred kilometers to several thousand kilometers. 
Generally with terrestrial systems, the deployments of 
the transmission fibers andthe transmission systems are 
done at different times. During its lifetime, the same 
fiber plant might be used with a different generation of 
transmission system. Furthermore, because of the 
geographical constraints that can be imposed on the 
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Figure 19 Combination of optical amplifier and gain equalizing filter to provide a flat gain amplifier. 
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Figure 20 Dependence of the maximum distance and span number of a system on its span length (signal power at the output of the 
amplifier of -2 dBm; amplifier noise figure of 5 dB; fiber loss of 0.2 dB/km; required OSNR of 20 dB/0.1 nm). 


locations of the terminals and the in-line optical 
amplifiers, the different span lengths may greatly 
vary in a given link. Consequently, an important 
characteristic of the terrestrial systems is their capa- 
bility to operate with different span parameters. 

For terrestrial systems using large numbers of 
WDM channels, maintaining the gain excursion of 
the optical amplifiers as little as possible under 
different operating conditions is crucial. Approaches 
to limit the gain excursion under these variations can 
be taken. With EDFAs of a given length, the medium 
inversion depends on its operating gain. The EDFA 
can be forced to operate at constant gain, indepen- 
dent of the span loss, by adding an adjustable 
attenuator to the amplifier, e.g., in the middle of a 
dual-stage amplifier, such that the sum of the 
attenuator loss and the span loss remains constant. 
With Raman amplifiers, the control of the gain 
excursion can be realized by adjusting the power of 
the pumps when a wavelength-multiplexed pumping 
scheme is used. Another possibility is to insert 
dynamically adjustable gain flattening devices along 
the link. The automatic adjustment of the gain 
flatness requires the need of a feedback generally 
provided by an optical channel power monitor. 


Unrepeatered Systems 


Unrepeatered systems are used to connect mainland 
sites separated by a water area, such as islands or 
cities located on the coast. Their main characteristic 
is that they do not use any electronic component 
along the transmission fiber; therefore optical 
amplifiers cannot be placed under water. The length 
of such systems is typically of a few hundred 
kilometers, meaning that, even for those systems 
where very low loss fiber is used, the loss of the 
transmission fiber is in the order of several tens of dB. 
To allow sufficiently high OSNR at the receiver, 
several options can be used. Among them are the 
use of very high-power boosters, distributed Raman 
amplification, and remotely pumped discrete 
amplification. Remote amplification is obtained by 
inserting, along the submerged fiber cable, a piece of 
EDE. A 1.48 ym pump is launched into the EDF from 
the mainland via the transmission fiber or via a 
dedicated fiber running along the transmission 
fiber. Figure 21 shows a schematic of a possible 
configuration for unrepeatered systems when a very 
high-power booster, distributed Raman amplifica- 
tion, and remote discrete amplification are used 
simultaneously. 
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Figure 21 Schematic of unrepeatered systems using high-power booster, remote EDFA, and distributed Raman amplification. 


The total equivalent noise figure, NF go", of an 


unrepeatered transmission system, using remote 
discrete amplification and distributed amplification, 
is given by 





1 
NFpoe! = TNFRemote 4. 
Remote 
ae Npbiscrete —| 
x Npbistributed T 
( oe Goniott [26] 


where NF®*™° and Gremote are, respectively, the 
noise figure and the gain of the remote amplifier; T is 
the loss of the transmission fiber between the remote 
amplifier and the pre-amplifier (T <1); NEES Paes 
and Gono are, respectively, the equivalent noise 
figure and on/off gain of the distributed amplifier; and 
NE? is the noise figure of the pre-amplifier. 

Assuming that the gain and noise figures of the 
remote EDFA are, respectively, 10 dB and 7 dB, that 
the remote EDFA is located at 100 km from the pre- 
amplifier, that the fiber loss per km is 0.2 dB/km, that 
the Raman distributed amplifier provides 30 dB of 
on/off gain with an equivalent noise figure of —3 dB, 
and that the pre-amplifier noise figure is 5 dB, the 
equivalent total noise figure of the unrepeatered 
system is —10 dB. 


List of Units and Nomenclature 


Aest effective area 

ASE amplified spontaneous emission 
Beg effective erbium doping area 

D normalized medium inversion 
dB ratio in decibel 

dBm power in decibel 


DBR distributed Bragg reflector 
DCM dispersion compensating modules 
Demux optical de-multiplexers 
DFB distributed feedback 
DSF dispersion-shifted fiber 
EDF erbium-doped fiber 
EDFA erbium-doped fiber amplifiers 
FBG fiber Bragg gratings 
gR Raman gain coefficient 
G gain 
Gonoft on/off gain 

Planck’s constant 
Length meter (m) 
MPI multi-path interference 
Mux optical multiplexers 
Neg equivalent input noise factor 
NF noise figure of the amplifier 
NRZ non-return to zero 
NZDSF non-zero dispersion shifter fiber 
No/N, medium inversion 
OSNR optical signal-to-noise ratio 
Power watt (W) 
SSMF standard single-mode fiber 
TDM time-division multiplexing 
Time second (s) 
WDM wavelength-division multiplexing 
T lifetime 
See also 


Coherent Lightwave Systems. Dispersion Manage- 
ment. Fiber and Guided Wave Optics: Nonlinear 
Effects (Basics). Optical Amplifiers: Basic Concepts; 
Erbrium Doped Fiber Amplifiers for Lightwave 
Systems; Raman, Brillouin and Parametric Amplifiers. 


OPTICAL AMPLIFIERS / Raman, Brillouin and Parametric Amplifiers 297 





Optical Communication Systems: Architectures of 
Optical Fiber Communication Systems; Basic Concepts; 
Historical Development; Lightwave Transmitters; Optical 
Time Division Multiplexing; Wavelength Division Multi- 
plexing. Solitons: Soliton Communication Systems. 


Further Reading 


Agrawal G (2001) Nonlinear Fiber Optics. London: 
Academic Press. 

Chesnoy J (2002) Undersea Fiber Communication Systems. 
London: Academic Press. 

Desurvire E (1994) Erbium-Doped Fiber Amplifiers, 
Principles and Applications. New York: John Wiley & 
Sons. 


Desurvire E, Bayart D, Desthieux B and Bigo S (2002) 
Erbium-Doped Fiber Amplifiers, Device and System 
Developments. New York: John Wiley & Sons. 

Emori Y, Kado § and Namiki S (2002) Broadband flat- 
gain and low-noise Raman amplifiers pumped by 
wavelength-multiplexed high-power laser diodes. 
Optical Fiber Technology 8: 107. 

Hansen PB and Eskildsen L (1997) Remote amplification 
in repeaterless transmission systems. Optical Fiber 
Technology 3: 221. 

Islam MN (2004) Raman Amplifiers for Telecommunica- 
tions. New York: Springer-Verlag. 

Kaminow I and Li T (2002) Optical Fiber Telecommunica- 
tions IV. London: Academic Press. 

Keiser G (2000) Optical Fiber 
New York: McGraw-Hill. 


Communications. 


Raman, Brillouin and Parametric Amplifiers 


MF S Ferreira, University of Aveiro, Aveiro, Portugal 


© 2005, Elsevier Ltd. All Rights Reserved. 


Introduction 


Glass fibers for optical communications are made of 
fused silica, an amorphous material, to which dopant 
materials of various kinds can be added to produce 
changes in refractive index. A number of third-order 
nonlinear processes can occur; these can grow to 
appreciable magnitudes over the long lengths avail- 
able in fibers, even though the nonlinear coefficients 
in the materials are relatively small. The effects are 
particularly important in single-mode fibers, in which 
the small mode field dimensions result in substantially 
high light intensities with relatively modest input 
powers. 

Nonlinear optical effects, such as stimulated 
Raman scattering (SRS), stimulated Brillouin scatter- 
ing (SBS), and four-wave mixing (FWM), can cause 
some problems such as nonlinear loss, pulse distor- 
tion, and cross-talk between signals in wavelength 
division multiplexed (WDM) transmission systems. 
However, these effects are also useful for efficient 
amplification and frequency conversion of injected 
signals, as well as for generation of new frequencies. 
In this chapter the main properties of fiber Raman 
amplifiers (FRAs), fiber Brillouin amplifiers (FBAs), 
and fiber parametric amplifiers (FPAs) will be 
reviewed, regarding their applications in the field of 
fiber optic communications. 


Fiber Raman Amplifiers 


Stimulated Raman scattering is likely to occur in 
fibers, producing appreciable amplification for 


down-shifted signals when moderate pump power 
levels are used. This is largely because the process 
is phase-matched, so that the long interaction 
lengths available in fibers will enhance the 
process. Additionally, the small mode field cross- 
section yields high intensities for relatively modest 
power levels. 

In the SRS process one has simultaneously the 
absorption of a photon from the pump beam at 
frequency w, and the emission of a photon at the 
signal (Stokes) frequency, stimulated by the incident 
signal beam at frequency w, (Figure 1a). The 
difference in energy is taken up by a high energy 











Vibrational states 





fo, 


Ground state 








Fiber coupler Fiber 


Filter 
(b} 
Figure 1 (a) Energy-level illustration of the process of 


stimulated Raman scattering and (b) schematic diagram of 
a fiber Raman amplifier. 


298 OPTICAL AMPLIFIERS / Raman, Brillouin and Parametric Amplifiers 





phonon (molecular vibration) at frequency w,. Thus, 
SRS provides for energy gain at the signal frequency 
at the expense of the pump. 

Figure 1b shows schematically a fiber Raman 
amplifier. The pump and the signal beams are 
injected into the fiber through a WDM fiber 
coupler. The case illustrated in Figure 1a shows 
the two beams co-propagating inside the fiber, but 
the counter-propagating configuration is also poss- 
ible. In fact, the SRS can occur in both directions, 
forwards and backwards. It was confirmed exper- 
imentally that the Raman gain is almost the same in 
both cases. 


Raman Gain and Bandwidth 


Figure 2 shows the Raman gain coefficient for fused 
silica as derived from the spontaneous Raman 
spectrum. At the peak, the Raman gain coefficient 
for silica fibers is 9.4 x 10° '* m W! for a pumping 
wavelength A,=1.0~m and varies as Ne 
At this wavelength, a shift of 15 THz corresponds 
to 50 nm. The most significant feature of the Raman 
gain in silica fibers is that Zp extends over a large 
frequency range (up to 40 THz) with a broad 
dominant peak near 13 THz. This behavior is due 
to the amorphous nature of silica glass, whose 
molecular vibrational energy levels merge together 
to form a band. 

The use of oxide glasses as dopants for fiber 
fabrication is suitable to enhance the Raman gain 


Raman gain (X10-'? mW) 








6 12 18 24 30 36 42 
Frequency shift (THz) 


Figure 2 Measured Raman gain spectrum for fused silica at a 
pump wavelength A, =1.0jm. The Raman gain scales 
inversely with Ap. Reproduced with permission from Stolen RH 
and Ippen EP (1973) Applied Physics Letters 22: 276. © 1973 
American Institute of Physics. 


coefficient. For example, in the case of pure GeO», the 
Raman gain coefficient is about 9.2 times that for 
pure SiO, glass. In fact, doping the core of an SiOz 
Raman fiber amplifier with GeO, has two beneficial 
effects. First, the index difference A is raised, which 
increases the effective waveguiding and in turn 
reduces the effective cross-sectional area A,. As a 
consequence, the rate of SRS is increased. Secondly, 
the Raman gain coefficient increases above that of 
pure SiO; in proportion to the concentration GeOz, 
and is given by 


&r = (1+ 80A)gR [1] 


where Zp is the Raman coefficient for pure SiOp. 

In spite of the positive aspects mentioned 
above, doping with GeO, also increases the fiber 
losses, due to the concomitant rise in Rayleigh 
scatter and in the number of dopant-dependent 
loss centers. Thus, greatly increasing the GeO, 
concentration will not be worthwhile if the 
increased fiber losses outweigh the improvement in 
amplifier gain. 


Gain Saturation 


The interaction between the pump and Stokes waves 
is governed by the following coupled equations: 








dP, 

Fe = uP + aCe? [2] 
dP Wy ZR 
Tao SHE 


where A, is the effective cross-sectional area of the 
fiber mode, a, and a, are absorption coefficients 
which account for the fiber loss at the signal and 
pump frequencies, respectively, and the signal wave is 
considered to be co-propagating with the pump wave. 
Assuming that a, = a, = @ (which is a reasonable 
approximation around the 1.5 1m wavelength region 
in a low loss fiber), the following approximate 
solutions of eqns [2] and [3] can be written when 
P,(0) > P,(0): 


P,,(0) exp(— az) 








P,(2) = 1+ FQ [4] 
_ P,(0) exp(T(1 — e “*) — az) 
P.(z) 1+F@ [S] 
where 
_ grP,(0) 
r= aA. [6] 
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and 
@,P.(0) 
wP,(0) 





F(z) = exp(I(1 — e “)) [7] 


The dimensionless parameter F(z) accounts for the 
effects of pump depletion and the attendant satur- 
ation of the gain seen by the signal. 

Figure 3 shows the output signal power P,(L) versus 
the input signal power P,(0) for a Raman amplifier 
with length L = 8 km and several values of the input 
pump power. Typical values gp = 6.7X10° 4mW |, 
a= 0.2 dBkm ',A, = 30x 10° m’, A, = 1.46 pm 
and A,=1.55 wm were assumed. The transfer 
characteristics are linear for P,(0)= 0.1, 0.2, and 
0.4 W, but the effects of pump depletion become 
discernible for input signal levels P,(0) > —15 dBm 
when P,(0) = 0.6 W. For a pump power P,(0) = 
0.8 W the linear behavior of the Raman amplifier 
cannot be observed, even for signal power levels as 
low as —25 dB m. 

Since, in the absence of Raman amplification, 
the signal power at the amplifier output would 
be P,(L) = P,(0) exp(—a@L), the amplifier gain is 
given by 





Gy = — PAL) _ ex lenPDL/Ad) 4g 
RPO) exp(—aL) 1+ F(L) 
where 
L.= “[1 = exp(—al)| [9] 


is the effective interaction length and L is the actual 
fiber length. The gain given by eqn [8] is seen to be a 
function of the input signal power (i.e., a saturation 
nonlinearity) through the term F(L). 


Output signal (dBm) 





-20 
Input signal (dBm) 


—10 0 


Figure 3 Transfer characteristics for a Raman amplifier with a 
length L = 8 km and several values of the input pump power. 


When F(L) > 1 we have from eqn [5], that 


PL) = * P,(0) exp(— a) [10] 
P 


In this case, the amplifier output reaches the pump 
level irrespective of the input signal level. This implies 
that any spontaneous Raman scatter in the fiber will 
be amplified up to power levels comparable to that 
of the pump. This is obviously inadmissible in 
an amplifier application, thus this operating regime 
must be avoided. 

On the other hand, when F(L) < 1 we have, from 
eqn [5], that 


P,(L) = P,(0) exp(grL-P,(0)/A. — aL) [11] 
In this case, the amplifier gain is 
PL 
GR © =exp(gel.Po/A.) [12] 





~ P(0) exp(—aL) 


From eqn [12], the Raman gain in decibels is expected 
to increase linearly with the pump input power. 
Raman gains were experimentally confirmed to be 
almost the same for forwards and backwards 
pumping. 

Figure 4 illustrates the variation of the amplifier 
gain (full curves, left scale) and the saturation 
parameter F(L) (dashed curves, right scale) with the 
pump power P,(0) for a fixed input signal power 
P,(0) = 0 dBm and amplifier lengths L = 2, 4, and 
8km. The full curve corresponding to L=2km 
shows a linear dependence of the gain on the pump 
power. However, the other two full curves show how 
the pump depletion limits the achievable gain. The 
black point on these curves marks the value of the 
pump power at which the depletion parameter F 
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Figure 4 Raman amplifier gain (full curves, left scale) and 


parameter F(L) (dashed curves, right scale) against input pump 
power for three values of the amplifier length. 
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becomes equal to unity. Only operating at pump 
powers sufficiently below each point ensures linear 
operation of the amplifier, whilst choosing to operate 
the amplifier significantly above that point will mean 
F > 1 and spontaneous scatter will be amplified to 
intolerable levels. 


Noise Light Power 


The dominant noise light in fiber Raman amplifica- 
tion is due to the amplified spontaneously Raman 
scattered light. In fact, a part of the pump energy is 
spontaneously converted into Stokes radiation 
extending over the entire bandwidth of the Raman 
gain spectrum and is amplified together with the 
signal. The output thus consists not only of the 
desired signal but also of background noise extending 
over a wide frequency range (~10 THz or more). 

It has been shown that, for both forwards and 
backwards pumpings, the noise light power is equi- 
valent to a hypothetical injection of a single-photon 
per unit frequency at the fiber input end for forwards 
pumping, and at some distance away from the 
fiber output for backwards pumping. Assuming that 
Gp >1 and a, > 1, the noise light powers for 
forwards pumping, P,,.,(L), and backwards pump- 
ing, P,,sp(L), are approximately given by 


Peep (LE) = hv,Avg(GR = 1) exp(— aL) [13] 


Phasp(L) a hv,Avy(GR ~ 1)/ In GR [14] 
where Avg is the Raman gain bandwidth, h is Planck’s 
constant, and », is the signal frequency. We can 
observe from eqn [13] that the noise light power in 
the case of forward pumping decreases as the 
fiber length is increased. However, in the case of 
backwards pumping, it depends mainly on the 
Raman gain, being nearly independent of fiber length 
and loss. 


FRA Performance and Applications 


One main limitation affecting the operation of fiber 
Raman amplifiers is the requirement of a relatively 
high-power laser as a pump source. The experiments 
near 1.55 wm are usually carried out using color- 
center lasers for this purpose. However, such lasers 
are too bulky for communication applications and the 
use of compact high-power laser diodes (LDs) 
becomes desirable. This objective has recently been 
achieved with the advent of high-power multimode 
LDs. In some cases, the output lights from 
various LDs are combined to attain the necessary 
pump power. 


In a Raman amplifier, SRS has to compete 
frequently with other nonlinear effects. For example, 
since the intrinsic gain coefficient for SBS is two 
orders of magnitude larger than that for SRS, in some 
cases the SBS may occur at lower pump powers and 
may affect significantly the SRS process. In particular, 
the Raman gain may not only be reduced but also 
become unstable. However, the SBS can be sup- 
pressed taking into account its narrow linewidth, 
which is typically less than 100 MHz. Therefore, if a 
pump laser with linewidth broader than the Brillouin 
bandwidth is employed, the SBS effect would not be 
significant. When a semiconductor laser is used as 
pump source, its spectral linewidth can be artificially 
increased by direct frequency modulation, resulting in 
effective SBS suppression. 

Considering its broad bandwidth (>5 THz), fiber 
Raman amplifiers can be used to amplify several 
channels simultaneously in a multichannel communi- 
cation system. The same characteristic also makes 
such amplifiers suitable for amplification of short 
optical pulses. 

Considering a repeaterless transmission system, 
the FRA can be used in three different con- 
figurations: forwards pumping, backwards pumping, 
and bi-directional pumping. In the first case, the 
signal amplification occurs near the fiber input, where 
the signal power is relatively high. This configuration 
for the Raman amplification does not generally affect 
the transmission quality and can compensate for the 
transmission loss by approximately the value of 
the Raman gain. For example, 10 dB Raman gain 
provides an increase in transmission distance of 
50 km when the fiber attenuation is 0.2 dB km7!. In 
the case of backwards pumping, the signal amplifica- 
tion occurs near the fiber output end before photo- 
detection, where the signal power may be very weak, 
comparable with the Raman noise power. This 
scheme for the Raman amplification can considerably 
reduce the minimum detectable signal power, which 
results in a corresponding increase of the transmission 
distance. However, the transmission quality is 
affected due to backwards noise light. The bi- 
directional pumping configuration uses both for- 
wards and backwards pumping simultaneously and 
its performance can be estimated from those for the 
respective unidirectional schemes considered above. 

The FRAs can also be used in nonregenerative all- 
optical multirepeater systems. In this case, the 
transmission loss is compensated for by both for- 
wards and backwards Raman gain providing the 
periodically injected pump light. This scheme can be 
used to overcome the fiber loss in soliton-based 
communication systems. In this case, the pulse 
broadening due to chromatic dispersion of the 


be writing up a troubleshooting step soon, so if you run into any problems, post 
your questions in the 'comments' section down at the bottom of the page, and I'll try 
and answer them as soon as possible. 


Make sure that your antenna and ground wires aren't snagged on anything metal or 
anything dangerous! 


If you have ANY doubts about the electrical safety of your antenna or ground wires, 
then consult a licensed electrical trades person, who will be able to advise you on 
electrical safety principles and procedures! 


Always remember that electrical safety is your responsibility! If you don't think it is 
safe to proceed, then don't! 


You will need at least 10 to 15 metres of antenna wire, strung between 2 insulating 
points (not connected to anything metallic, or that gets wet,) at least 2 to 3 metres 
in height - anything less than this minimum arrangement may mean that you cannot 
receive any signals at all. 


Some places are regarded as 'radio dead spots’, so you may need to try an open 
space, such as a park or a remote corner of a beach. If you do erect antenna and 
ground wires in public places, hang some streamers or balloons off of them, to alert 
people to their presence, otherwise people going past may become entangled with 
them - and get cranky with you!!! 


As a final word for now, you'll be happy to know that the completed "Nic Nac Tic 
Tac Radio" shown in the picture above, picked up local AM radio station 1116 khz 
4BC here in Brisbane, with a very clear signal and quite good volume. It works! So 
be safe kids, have some fun and look forward to more... mk484 


Add Tip Ask Question 
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fiber is also eliminated, which provides the possi- 
bility of achieving ultralong distance distortionless 
transmission. 


Fiber Brillouin Amplifiers 


The process of SBS can be described as a classical 
three-wave interaction involving the incident 
(pump) wave of frequency w,, the Stokes wave of 
frequency @,, and an acoustic wave of frequency «@,. 
The pump creates a pressure wave in the medium 
owing to electrostriction, which in turn causes 
a periodic modulation of the refractive index. 
This process is illustrated schematically in Figure 5. 
Since the acoustic wavefronts are moving away from 
the incident pump wave, the scattered light is shifted 
downward in frequency to the Stokes frequency: 


@, = @, — @, [15] 


The response of the material to the interference 
of the pump and Stokes fields tends to increase 
the amplitude of the acoustic wave. Therefore, the 
beating of the pump wave with the acoustic wave 
tends to reinforce the Stokes wave, whereas the 
beating of the pump wave and the Stokes waves tends 
to reinforce the acoustic wave. This explains the 
appearance of the stimulated Brillouin scattering 
process. 

In spite of the apparent similarity between SBS and 
SRS, these processes differ in three important aspects: 
i) Brillouin amplification occurs only when the pump 
and signal beams counter-propagate inside the fiber; 
ii) the Stokes shift for SBS is smaller by three orders of 
magnitude compared with that of SRS; and iii) the 
Brillouin gain spectrum is extremely narrow, with a 
bandwidth <100 MHz. These characteristics signifi- 
cantly affect the performance and the fiber Brillouin 
amplifiers. 


Brillouin Gain and Bandwidth 


Physically, each pump photon in the SBS process gives 
up its energy to create simultaneously a Stokes photon 
and an acoustic phonon. Since both the energy and 
the momentum must be conserved in this process, 
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Figure 5 Schematic illustration of the stimulated Brillouin 
scattering process. 


the frequencies of the three waves must satisfy 
eqn [15], whereas the wave vectors are related by 
ko =ko tha [16] 
where ke and k, are the wave vectors of the pump and 
signal beams, respectively. The frequency w, and the 
wave vector k, of the acoustic wave satisfy the 
dispersion relation: 
wy = IRqlv, = 2v,lk,|sin(6/2) [17] 
where v, is the acoustic velocity, 0 is the angle between 
the pump and signal waves, and |k,! ~ Ik, 
was used. Equation [17] shows that w, vanishes in 
the forward direction (6 = 0), whereas it is maximum 
in the backward direction (0 = 77). The frequency shift 
vp in the backward direction is given by 


_ @ — 2nv, 
lr 2X 





4) [18] 


P 


where eqn [17] was used with Ik, | = 2amlh,, Ap is the 
pump wavelength, and 7 is the refractive index. 
Considering n = 1.45 andv, = 5.96 kms ‘as typical 
values for silica fibers, we obtain vg = 11.1 GHz at 
Ap = 1.55 pm. 

Assuming a monochromatic pump, the spectrum of 
the scattered light depends on the uniformity of the 
fiber parameters. For a uniform medium the spectrum 
is Lorentzian with a width Avg determined by the 
acoustic attenuation. For 1.5 wm light the width is 
about 17 MHz. However, both the frequency shift vp 
and the gain bandwidth Avg can vary from fiber to 
fiber because of the guided nature of light and the 
presence of dopants in the fiber core. In particular, the 
inhomogeneities in the core section along the length 
determine an increase of the amplifier bandwidth, 
which can exceed 100 MHz, although typical values 
are 50-60 MHz for A, ~ 1.55 wm. 

The peak value of the Brillouin gain coefficient is 
given by 
2an’piry 


&p(p) = [19] 


cA; pov, Avp 


where pj is the longitudinal elasto-optic coefficient, 
Po the average material density, the refractive index, 
c the vacuum speed of light, and y is a numerical 
factor that depends on the polarization properties of 
the optical fiber, which assumes the value > for long 
lengths of nonpolarization-preserving optical fiber. 
By using the parameter values typical of fused silica, 
gp is estimated to be about 2.5 x 107!! m W_ !" which 
is two orders of magnitude larger than the Raman 
gain coefficient at A, = 1.55 ym. 
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The expression for the Brillouin gain in eqn [19] 
assumes that the spectral width of the pump 
beam (Ay,) is much narrower that the Brillouin 
linewidth (Avg). When such condition is not 
verified, the Brillouin gain is reduced according with 
the relation: 


: _ Apr 
&p(Vp) = Avy + Av, 82 [20] 


For this reason, fiber Brillouin amplifiers need to be 
pumped by narrow-linewidth semiconductor lasers 
(Av, < 10 MHz). 


Gain Saturation 


The slowly varying steady-state Fourier amplitudes of 
the Stokes (E,) and pump (E,) electric fields are 
related by the following coupled-wave equations: 











dE, |. KiKiIE, a 

az | sk el 21] 
dE K,Kj|E,? a 

p ea AN Ss j 

az S+jr ¢ 2 le, [22] 


where I~! is the acoustic phonon lifetime resulting 
in a spontaneous Brillouin scattering linewidth 
Avg =I/a, a= a, ~ ay is the absorption coefficient, 
and the coupling constants are 


2 3 de digtth 
_ Kypon eo NP 120s(Ep X es) 


Kk, = ——_ Kk, = 
a 2v, 





2cpo 23] 


&q being the free-space permittivity and é, and é@, the 
unit vectors in the directions of the pump and Stokes 
optical fields, respectively. In eqns [21] and [22] it is 
assumed that the pump wave is launched at z = 0 and 
propagates in the +z direction, whereas the signal 
wave is launched at z = L and propagates in the —z 
direction. The parameter 6 = w, — w, — @, takes into 
account a possible detuning of the signal from the SBS 
gain line center. 

Equations [21] and [22] can be written in terms of 
optical power as follows: 











dP, = - gp(0) 
eee [24] 
dP, 8p (6) 
ee = aP, A. P,P, [25] 


where A, is the effective core area and gp(6) is the 
Brillouin gain coefficient, given by 


2 


r 
8p(6) = roars pea [26] 
where gp(vp) is given by eqn [19]. 

Considering that a < 1, the following approximate 


solutions of eqns [24] and [25] can be written: 





P.(z) = P,(0)D(z)e“ [27] 
P,(2) = P,(0)D(@)H(z)e"* [28] 

where 
D(z) = 29 
2 [P,(O)H(z) — P,(0)] 27] 

and 

H(z) = exp}gn[P)(0) — P,(O)][1 — exp(—az)]/(Aca)} 
[30] 


The Brillouin amplifier gain is given from eqn 
[27] as 


PO) 1 


CB Be ~ DD 





[31] 


Figure 6 shows the output signal power P,(0) 
versus the input signal power P,(L) for a Brillouin 
amplifier with length L=8km and _ several 
values of the input pump power. Typical values 
g3(0) = 2.5X107'! mW !, a=0.2 dBkm', A, = 
30x10 m* were assumed. The transfer 
characteristics are linear for P,(0) = 0.2 mW, but 
the effects of pump depletion become discernible 
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Figure 6 Transfer characteristics for a Brillouin amplifier with a 
length L = 8 km and several values of the input pump power. 
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for input signal levels P,(0)>2 pW when 
P,(0) = 1mW. For a pump power P,(0) =2 mW, 
linear behavior of the Brillouin amplifier cannot be 
observed even for signal powers as low as 10 nW. 

The dependence of the Brillouin amplifier gain on 
the input pump power is illustrated in Figure 7 for 
several amounts of the signal detuning and two values 
of the signal power. The fiber length is L = 5 km and 
the gain bandwidth is Avg = 30 MHz, whereas the 
other parameter values are equal to those assumed 
in Figure 6. The saturated gain shows a significant 
dependence on the input signal power. An input signal 
of 1 nW, which is comparable to the original value of 
spontaneous emission, can be amplified by about 
60 dB for a pump power P,(0) ~ 5 mW. However, 
the amplifier gain can be considerably reduced when 
the signal is detuned from the gain peak. For example, 
for an input signal power P,(L) = 1 nW and a pump 
power P,(0) ~ 3 mW, a detuning of 15 MHz (which 
corresponds to a reduction of the gain coefficient to 
half of its maximum value) determines a reduction of 
about 25 dB on the amplifier gain. 

Substituting eqn [28] for P,(z) in eqn [21], the 
following result is obtained for the Stokes field at the 
amplifier output: 


E,(0) = E,(L)/Gg exp{-aL/2 — j¢} [32] 
where 
=28 In(G 33 
$= sp ln(Gp) [33] 
80 
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Figure 7 Brillouin amplifier gain against the input pump power 
for an amplifier length L = 5 km and different amounts of detuning 
from the gain center. The full curves and the dashed curves 
correspond to input signal powers P,(L)= 1 nW and P,(L)= 1 pW, 
respectively. Reproduced with permission from Ferreira MFS, 
et al. (1994) Optical and Quantum Electronics 26: 35, with 
permission from Kluwer Academic Publisher. 


represents a nonlinear phase change, which depends 
on the SBS gain, input signal power, and frequency 
detuning. This nonlinear phase shift can impose a 
stringent limit on the pump- and signal-frequency 
stability when FBAs are used in some phase-sensitive 
detection schemes. 


Noise Light Power 


To describe the spontaneous emission noise we 
must add a spontaneous emission term to the 
equations describing the evolution of the Stokes and 
pump waves. The amplified spontaneous scattered 
power per unit frequency is then obtained in the form: 


Pasp(® z) = (hvlA,.)gp(6)(N ae 1)GQ, Z) 


L 
x P,(2)LG(%, Z)) de! [34] 


where 


L 
G(v, z) = exp| I. [P,(z)gpn(5)/Ae — alse} [35] 


is the gain function, ) is Planck’s constant, and N is 
the thermal equilibrium number of acoustic phonons, 
given by 

1 


N= ~ kT/bvy ~ 500 


exp(hup/kT) | el 





where k is the Boltzmann constant and T is the 
absolute temperature. The total amplified signal and 
spontaneous powers are given by integration of 
P,(v, 2) over the gain profile. 

Similarly to the behavior of the gain, the noise 
power depends significantly on the signal magnitude 
in the saturation regime and becomes particularly 
high for low signal powers. This high noise level, 
which is about 20 dB above that of an ideal amplifier, 
imposes some limitations on the use of FBA as a 
receiver preamplifier. 


FBA Performance and Applications 


Fiber Brillouin amplifiers can provide high gains at 
low pump powers. However, the gain bandwidth is 
small and the amplified spontaneous emission noise is 
substantially larger than that observed with other 
amplifiers, leading to a noise figure that is quite large 
(>15 dB). This fact limits their usefulness as a 
preamplifier. Use as in-line amplifiers at high signal 
levels is possible in some configurations. Some 
problems in this application are concerned with the 
narrow bandwidth and the small saturation power of 
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the FBAs. In particular, the Brillouin linewidth strictly 
limits the bandwidth of data signals that can be 
amplified in a FBA. 

The Brillouin gain bandwidth can be intentionally 
extended by more than one order of magnitude by 
applying frequency modulation to the pump laser. Of 
course, the bandwidth enhancement is accompanied 
by a reduction of the peak gain. Consequently, a 
higher pump power will be necessary to achieve the 
same gain. 

The narrow bandwidth of the FBAs can be used to 
advantage in coherent lightwave systems to amplify 
selectively the carrier of a phase- or amplitude- 
modulated wave, thus allowing homodyne detection, 
using the amplified carrier as local oscillator. The 
scheme should work well at bit rates >100 Mbs ! 
because the modulation sidebands then fall outside 
the amplifier bandwidth, and the optical carrier can 
be amplified selectively. However, an inevitable 
accompaniment of this narrow-band amplification is 
the nonlinear phase shift induced by the pump on the 
signal, given by eqn [33]. This phase shift imposes the 
most stringent limit on pump- and signal-frequency 
stability when FBAs are used for self-homodyne 
detection. In the case of amplitude-shift keyed 
(ASK) signals, for example, a phase stability of 
about 0.1 rad for the amplified signal carrier may be 
required, which corresponds to a pump-signal fre- 
quency offset <100 kHz. The nonlinear phase shift 
can be used with advantage in some self-homodyne 
schemes which require some specific adjustment of 
the carrier phase. In the case of a self-homodyne 
coherent receiver for phase-shift keyed (PSK) signals, 
for example, a quadrature phase correction is 
required. Typically, this requires a detuning of only 
a few MHz from the SBS gain peak, well within the 
Brillouin gain bandwidth. 

Another application of the narrow linewidth 
associated with the Brillouin gain, is as a tunable 
narrow-band filter for channel selection in a densely 
packed multichannel communication system. A 
channel can be selectively amplified through Brillouin 
amplification by launching a pump beam at the 
receiver end so that it propagates inside the fiber in a 
direction opposite to that of the multichannel signal. 
Different channels can be selectively amplified by 
tuning the pump laser. The adjustable bandwidth and 
high out-of-band rejection can be used to advantage 
in this case. In another approach, the fiber 
Brillouin amplifier can be used to selectively amplify 
multiple subcarrier-multiplexed (SCM) channels car- 
ried by a single optical carrier within a WDM 
signal, or to amplify a backward-propagating super- 
visory signal. 


Fiber Parametric Amplifiers 


In both stimulated Raman scattering and stimulated 
Brillouin scattering, the optical fiber plays an active 
role through the participation of molecular vibrations 
or acoustic phonons. However, in many other non- 
linear phenomena, the fiber plays a passive role 
except for mediating the interaction among several 
optical waves. Since these phenomena involve the 
light-induced modulation of some medium para- 
meter, they are known as parametric processes. 

The parametric processes can be classified as 
second-order or third-order processes, depending on 
whether the second-order susceptibility or the third- 
order susceptibility is responsible for them. Concern- 
ing the second-order parametric processes, they are 
not significant in silica fibers, due to the small value of 
the second-order susceptibility. In contrast, some 
third-order parametric processes, namely third-har- 
monic generation, four-wave mixing, and parametric 
amplification, can exhibit relatively high conversion 
efficiencies. The parametric gain in optical fibers can 
be used to make fiber parametric amplifiers, which 
find some interesting applications for squeezing and 
optical fiber communications. 


Phase-Matching in Parametric Processes 


The efficiency of the four-wave mixing process 
depends on the relative phase among the interacting 
optical waves. A high efficiency requires matching 
of the frequencies as well as of the wave vectors. 
The latter requirement is often referred to as 
phase-matching. In contrast with SRS and SBS, 
where phase-matching is automatically fulfilled as a 
result of the active participation of the nonlinear 
medium, the phase-matching condition in parametric 
processes requires a specific choice of the frequencies 
and the refractive indices. 

Considering the case in which two photons at 
energies w, and w, are annihilated with simultaneous 
creation of two photons at frequencies w3 and w4, the 
matching of the frequencies imposes the condition: 

W, + @) = 03 + 4 [37] 
On the other hand, the phase-matching is given by the 
condition Ak = 0, where 


Ak = ks t ky ky ky 








71) w)/c [38] 


= (713.03 t N4W4 1, 
where the #; are the effective refractive indices of 
the fiber modes. It is relatively easy to satisfy the 
phase-matching condition when @, = @). In this 


case, a strong pump at @; = @) = @, generates a 
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low-frequency sideband at w3 and a high-frequency 
sideband at w4, when we assume w4 > w3. These 
sidebands are referred as the Stokes and anti-Stokes 
bands, respectively, which are also often called the 
signal and idler bands. The frequency shift of the two 
sidebands is given by 





0, = w 


p — 03 = 04 — Wy [39] 


The effective indices 7; in eqn [38] can be written as 


Nn; = Nn; + An; [40] 
where An; is the change of index refraction due to 
waveguiding. As a consequence, considering the 
eqn [40] and the case w,; = w), eqn [38] can be 
written in the form: 





Ak = Ak, + Aky [41] 
where 
Akin = (1303 + 144 — 2, )/c [42] 
results from the material dispersion and 
Aky = (An3@3 + Angws — (Any + Anz)a1)/e [43] 


results from the waveguide dispersion. We must note 
that although the two pump waves have the same 
frequency, An; and Any are, in general, different if 
these waves propagate in different modes. 

The material contribution Ak,, can be expressed in 
terms of the frequency shift , given by eqn [39], if 
we use an expansion of Ak,, about the pump 
frequency , = @ = @). By retaining up to terms 
quadratic in Q, in this expansion, one obtains 


Akm = BoM [44] 


where B, = d*k/dw” is the group-velocity dispersion 
(GVD) coefficient at the pump frequency. In the 
description of the evolution of the Stokes and anti- 
Stokes waves, an effective propagation constant 
appears, given by 


k= Ak t Aknr = Akin Ak, Aknt 





[45] 


In eqn [45], Akyy, represents a nonlinear contribution, 
given by 


where P,, = P, = P, is the power in each pump wave 
and 
NywW 
= 47 
= EA, [47] 





is the nonlinearity coefficient, #, being the nonlinear- 
index coefficient. 


Parametric Gain 


The evolution of the Stokes and anti-Stokes waves are 
governed by the following coupled equations: 


dE : ‘ P 

aa = 2jyP, exp(—jxz)E4 [48] 
z 

dE; 

re = —2jyP, exp(jxz)E3 [49] 


The general solution of eqns [48] and [49] is 
given by 


E3(z)=(c, exp(gpz) +c) exp(—gpz)) exp(—jxz/2) [50] 


E4(z)=(c3exp(gpz)+c4exp(—gpz)) exp(jxz/2) [51] 


where the coefficients c; are determined from the 
boundary conditions and the parametric gain gp is 
given by 


2 
sr=2r,*-(5) [52] 


In the range 


—6yP,=Ak=2yP, [53] 
the radicand in eqn [52] is positive, so a gain 
occurs. The maximum gain is achieved when x=0 
and it is given by 








_ 2P, 
Spmax= Aku =2 YP p= 8p [54] 
where 
Wp) 
R= [55] 
c 
Considering that #)=3.2x10°79m*W! and 


assuming a pump wavelength A,=1 ym, we find 
that the gain coefficient 2p is larger by a factor of 2 
than the peak of the Raman gain coefficient gp. 
Consequently, the threshold for the parametric 
process is lower than with the Raman effect. 
However, the Raman effect dominates in general 
for long fibers, since it is difficult to maintain phase 
matching because of fluctuations of the core 
diameter. One can define a coherence length, 
given by 


Loh =27/ Kmax [56] 


where Kmax is the maximum tolerable phase 
mismatch. Significant four-wave mixing occurs 
only if L<L gop. 
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In the case of a monomode fiber, Ak,, is very small 
and can be ignored. For A, below the zero of 
dispersion Ap ~ 1.3 wm (B) > 0), one has to keep 
both Ak,, and Akyy small by using small frequency 


shifts 0, and low pump powers. When Ak, 
dominates, we have 
27 20 
| ee er 
coh TAR! By 2 b7] 


In the visible range, one has B, ~ 50 — 60 ps* km™1, 
and Lo, ~1km for ff = 0,/27 ~ 50 GHz. For a 
pump wavelength above the zero dispersion (8. < 0), 
the negative value of Ak,, must be compensated by 
Akw,. For phase matching one has 





K=0= ARim t Aknt = Bo? Aknt [58] 
From this, we obtain 
Q, = /2yP,/|Br! [59] 


which coincides with the frequency shift character- 
istic of the modulation instability. 


Amplifier Gain and Bandwidth 


Four-wave mixing can be used, for example, in a 
fiber-optical parametric amplifier. In fact, the main 
difference between the four-wave mixing experiments 
and the parametric-amplification experiments is 
whether a signal at the phase-matched frequency is 
co-propagated with the pump or not. In the absence 
of a signal, the signal and idler waves are generated 
from amplifications of noise. 

Let us consider the situation in which a signal 
wave with a power P3 is launched at z= 0, and 
simultaneously an idler wave appears, with P4(z = 
0) = 0. In this case, considering the solution given by 
eqs [50] and [51] and taking into account eqn [52], 
we can write the following results for the signal and 
idler powers: 


ie 
P3(z) = Pro + (1+ Ag 4 ) in uo | [60] 


Ke 
Pace) PuO(1 + )sinhere) = Pye) ~ PAO 
P 


[61] 


The single-pass gain of the parametric amplifier 
becomes 





SPD ag PID os ag V9 
Gp P3(0) T P3(0) 14 (: T 4g )sin (gpL) 
reas ¥ CoE” 


2 
a aa a sinh?(gpL) ~ (14 42 Js 
P 


P 
[62] 


The approximation holds for gpL>>1. According to 
eqn [52], amplification (gp > 0) occurs only in the case: 

Ikl< 4yP, [63] 
Since |x| must be small, this also means good phase- 
matching. If one has complete phase-matching («= 0) 


and still gpL >> 1,one obtains exponential behavior for 
the amplifier gain: 


1 1 
Gp= sinh? (gpL) = qexPgrl) = a oxy, L) [64] 
From Eqs [44] and [45], we have that the phase 
mismatch x and the frequency shift Q, are related by 


k= BO; + Ak, + Akny [6S] 
From eqn [65] we have 
Ak 

AQ =the [66] 


In order to estimate the amplification bandwidth AQ,, 
we set 





Ak= Kmax=4YPp [67] 
From Eqs [66] and [67] we obtain 
2yP 3 
AQ, =? = 
© BIO, 1821O,LNL i 


where Ly, =(yPp)~ ' is the nonlinear length. Con- 
sidering typical values |8)|=20-60 ps” km™(, 
0,,/27= 10-100THz, and Ly; ~1m, we obtain a 
bandwidth in the range ~10-100 GHz. This band- 
width lies between that of a fiber Raman amplifier 
(~5 THz) and a fiber Brillouin amplifier 
(~100 MHz). 

For Ikl >4yP, the parametric gain becomes 
imaginary and there is no longer amplification, 
but rather a periodical power variation of the signal 
and idler waves. In particular, if Ix! >>4yP,, then 
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gp ~ j«/2 and the parametric amplifier gain is 


» sin?(KL/2) 


= (2yP,,L 
Gp = (2yP,L) (xL/2? 


[69] 


A convenient measure for the width in this case corres- 
ponds to a wavevector mismatch Ak = 27/L, where L 
is the fiber length. Using eqn [66], we then have 


T 


AQ, = 775,10, 


[70] 


Amplifier Performance and Applications 


Parametric amplification can induce considerable 
crosstalk in WDM communication systems. Such 
crosstalk affects the system performance, particularly 
for channel spacings less than 10 GHz. Considering 
a channel spacing of 5 GHz and —20 dB allowed 
crosstalk, calculations show that the input power per 
channel should be smaller than 1 mW for a 15 km- 
long monomode fiber, and 0.1 mW for 100 km-long 
fiber. However, this effect can be avoided by an 
appropriate frequency separation of the channels. 

Besides the limitation mentioned above, parametric 
amplification may be useful in the field of optical fiber 
communication systems. In fact, parametric ampli- 
fiers have a bandwidth of ~100 GHz, which is 
smaller that the bandwidth of fiber Raman amplifiers 
(~5 THz) but still sufficiently large for many appli- 
cations. On the other hand, the frequency shift in 
FPAs can be as large as ~ 100 THz, which must be 
compared with the pump-signal frequency shift of 
~13 THz of FRAs. These characteristics of FPAs 
allow a considerable flexibility in the choice of the 
pump source. 

Parametric amplifier gains above 40 dB, with a 
30-m-long fiber for input signal powers less than 
1 mW and a pump power P, ~ 70 W, were already 
measured. Such large gain values show clearly the 
potential of fiber parametric amplifiers provided 
phase-matching can be achieved. In fact, this 
condition puts stringent limits on the control of 
frequency shift Q, between the pump and signal 
waves. One method to satisfy the phase-matching 
requirement consists in using large birefringence of 
polarization-preserving fibers. Several parametric 
amplifiers using this kind of fiber have been demon- 
strated. Moreover, the possibility to realize a 
parametric laser was also demonstrated, by 
placing the fiber inside a Fabry—Perot cavity. 

Fiber-optic parametric amplifiers have also 
attracted considerable attention in the context of a 
phenomenon known as squeezing. In contrast to 
coherent light containing equal minimum noise 


fluctuations in cophasal and quadrature components, 
in squeezed states one of these components acquires a 
noise fluctuation below the quantum-noise level at 
the expense of the other component. This phenom- 
enon can occur in a parametric amplifier for certain 
values of the relative phase between the signal and 
idler waves. In fact, spontaneous emission at the 
signal and idler frequencies generates photons with 
random phases. Four-wave mixing increases or 
decreases the number of specific signal-idler 
photon pairs, depending on their relative phases. 
The noise reduction below the quantum-noise level 
can be verified using a phase-sensitive detection 
scheme in which the phase of the local oscillator is 
conveniently adjusted. The phase-sensitive nature of 
parametric amplifiers can also be usefully exploited to 
reduce the timing jitter in soliton communication 
systems. 


List of Units and Nomenclature 


A. effective fiber core area, m* 

c vacuum speed of light, ms! 

E> amplitude of the pump wave electric 
field, Vm"! 

E, amplitude of the signal wave electric 
field, Vm~' 

2B Brillouin gain coefficient, m W' 

Gz Brillouin amplifier gain 

2p parametric gain, ur 

Gp parametric amplifier gain 

gR Raman gain coefficient, m W 

Gr Raman amplifier gain 

k, wave vector of the acoustic wave, 

. radm | 

ky wave vector of the pump wave, 

7 rad m=! 

k, wave vector of the signal wave, 
radm | 

L amplifier length, m 

Lccis coherence length, m 

Ee effective amplifier length, m 

Ly nonlinear length, m 

n refractive index 

Ay nonlinear-index coefficient, m? W~! 

Pi2 longitudinal elasto-optic coefficient 

ee amplified spontaneous scattered 
power, W 

Py pump power, W 

P, signal (Stokes) power, W 

Vy acoustic velocity, ms ' 

Vp Brillouin frequency shift, s ' 

a, absorption coefficient at the pump 


frequency, m * 
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Qs; absorption coefficient at the signal 
frequency, m ' 

Bo group-velocity dispersion coeffi- 
cient, s* m | 

Y nonlinearity coefficient, W' m ! 

r inverse acoustic phonon lifetime, s ' 

6 frequency detuning from Brillouin 


gain peak, s ' 


Avp Brillouin gain bandwidth, s ! 

Av, pump linewidth, s ' 

Avg Raman gain bandwidth, s ' 

0 free-space permittivity, Fm! 

Po average material density, kg m ° 

ob nonlinear phase shift, rad 

Wy acoustic wave frequency, rads ! 

Wp pump wave frequency, rads! 

Ws signal (Stokes) wave frequency, 
rads ' 

QO, sideband frequency shift, rads! 

See also 


Optical Communication Systems: Wavelength Division 
Multiplexing. Nonlinear Optics, Basics: Four-Wave 
Mixing. Scattering: Raman Scattering. 
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Introduction 


There has been rapid growth in the deployment 
and capacity of optical fiber communication net- 
works over the past 25 years. This growth has 
been made possible by the development of new 
optoelectronic technologies that can be utilized to 
exploit the enormous bandwidth of optical fiber. 
Today, systems are operational which operate at bit 
rates in excess of 100 Gb/s. Optical technology is 
the dominant carrier of global information. It is 
also central to the realization of future networks 
that will have the capabilities demanded by society. 
These capabilities include virtually unlimited band- 
width to carry communication services of almost 
any kind, and full transparency that allows 
terminal upgrades in capacity and flexible routing 
of channels. Many of the advances in optical 
networks have been made possible by the optical 
amplifier. 


Optical amplifiers can be divided into two classes: 
the optical fiber amplifier and semiconductor optical 
amplifier (SOA). The former dominates conventional 
system applications such as in-line amplification to 
compensate for optical link losses. However, due to 
advances in optical semiconductor fabrication tech- 
niques and device design, the SOA is showing great 
promise for use in evolving optical communication 
networks. It can be utilized as a general gain element 
but also has many functional applications, including 
optical switching and wavelength conversion. These 
functions, where there is no conversion of optical 
signals into the electrical domain, are required in 
transparent optical networks. 

We will review SOA basics, technology (materials 
and structures), signal transmission performance 
(pattern effects, crosstalk, and ultrashort pulse ampli- 
fication), and some important functional applications 
(optical switching and wavelength conversion). 


Basic Principles 


The SOA is based on similar technology as a laser 
diode. Optical gain is achieved by electrically pump- 
ing a suitable semiconductor material, such that a 
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population inversion occurs between the material 
conduction and valence bands. An incoming photon 
can then be amplified when the resulting stimulated 
emission exceeds losses due to stimulated absorption 
and internal material losses. SOAs can be designed to 
operate in either the 1300 nm or 1550 nm optical 
communication windows. The principle of operation 
of an SOA with low residual reflectivities (R ~ 0) is 
shown in Figure 1. An input optical power experi- 
ences a single-pass gain G = exp(gL) after traveling 
through the SOA active waveguide of length L. 
The net gain coefficient g = I'g,, — Qin, where I’ is 
the optical confinement factor (the fraction of the 
propagating signal power confined to the SOA 
waveguide), g,, the material gain, and a;,, the optical 
loss coefficient. gm is a function of the injected carrier 
(electron) density and wavelength. The single-mode 
active waveguide can support two orthogonal polar- 
ization modes: transverse electric (TE) and transverse 
magnetic (TM). 

The amplification process also adds broadband 
noise, amplified spontaneous emission (ASE) to the 
output signal. The amplifier noise figure (NF) is a 
measure of the signal-to-noise ratio (SNR) degra- 
dation of the signal after amplification. It is defined 
as the ratio of the SNR of the input to that of the 
output when the input noise is shot noise limited. 
Expressions for the output SNR are usually calculated 
assuming that the SOA is followed by a narrowband 
optical filter and an ideal photodetector, such that the 
main source of detector noise is the beat noise 
between the signal and the ASE falling within the 
filter bandwidth. In this case the SOA noise figure is 
given by 


NF = 2n,,K [1] 
with the excess noise factor K given by 


— (+RG\(G —- IP gn 
(1 aad R)GU gin aa int) 





Active 
R=Q Waveguide 


where n,, is the effective population inversion 
parameter. To achieve a low NF, the internal losses 
must be small and a value of m,, close to one is 
required. A favorable value of 1, is achieved by 
operating the SOA at high gain. 

A low R is required to prevent the SOA from 
oscillating at high gains. The residual reflectivity is 
manifest as ripples in the amplifier gain spectrum and 
ASE spectrum. 


SOA Structures 
The key parameters required for a practical SOA are: 


e low reflectivity (<10~*) to ensure low gain ripple 
(<0.5 dB); 

e low optical loss coefficient to achieve a high gain; 

e high material gain to allow low drive current 
operation; 

e low polarization sensitivity (<0.5 dB) because the 
polarization state of the optical signal coming from 
a link fiber is usually random; 

e high saturation output power (P,,,), defined as the 
output power at which the gain is reduced by 3 dB; 
and 

e low fiber-to-chip coupling losses (<3 dB per facet). 


A schematic diagram of a commercial SOA chip is 
shown in Figure 2. The active waveguide consists of a 
0.2 wm thick InGaAsP bulk active layer sandwiched 
between 0.1 xm thick InGaAsP separate confinement 
heterostructure (SCH) layers. The central section of 
the active waveguide is 600 wm long with a constant 
width of 1.4 um. The mode-expanding active wave- 
guide tapers are 150 um long with a width that 
changes linearly from 1.4 wm to 0.4 pm at the tip. 
The tapers allow optical coupling to an underlying 
passive waveguide enabling efficient coupling to the 
input and output optical fibers. The structure 
provides a high confinement factor because of the 
refractive index mismatch between the layers in the 
gain section. The p-n junction formed by the p-InP 
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Figure 1 SOA basic structure. 
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Tensile-strained InGaAsP 
bulk active layer surrounded 
by InGaAsP SCH layers 


(a) Cross-section of the SCH SOA structure. 


Passive 
waveguide 


Figure 2 SCH SOA with tensile-strained bulk active layer. 


Table 1 Typical specifications of a commercial SOA 
Wavelength of peak gain 1550 nm 
Peak fiber-to-fiber gain 22 dB 
Noise figure 6.5 dB 
Saturation output power 10 dBm 
Polarization sensitivity 0.2 dB 
Gain ripple 0.1 dB 

3 dB bandwidth 40 nm 
Drive current 200 mA 


and n-InP layers acts as a current block, thereby 
providing good confinement of the injected carriers 
from the drive current to the active layer. Very low- 
reflectivity (<10 °) is obtained by combining buried 
windows with antireflection-coated tilted facets 
(7° tilt angle). 

Because of the active waveguide asymmetry, the TE 
confinement factor is larger than the TM confinement 
factor. gm is isotropic in bulk material. The introduc- 
tion of tensile strain, due to the lattice mismatch 
between the active layer and SCH layers, causes the 
bulk material band structure to change in such a way 
that the TM material gain is greater than the TE 
material gain. The introduction of the correct amount 
of tensile strain compensates for the difference in the 
TE and TM confinement factors leading to low 
polarization dependence. 

Other SOA structures that can achieve low 
polarization dependency are based on active wave- 
guides with near square cross-section having almost 
the same TE and TM confinement factors or the 
combination of compressively strained quantum 
wells (higher TE gain) and tensile strained quantum 
wells (higher TM gain). Typical specifications and 
characteristics of a commercial SOA are listed in 
Table 1 and shown in Figure 3. 

As Figure 3 shows, gain saturation in conventional 
SOAs is manifest at output signal powers well below 
P.at- Because the gain recovery time (carrier lifetime) in 


AR coating 


InGaAsP buried 
active waveguide 
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window AR coating 
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(b) Top view of the active waveguide. 


SOAs is fast (typically 0.1-1 ns), this can lead to 
pattern effects in single-channel systems and severe 
crosstalk in wavelength division multiplexed (WDM) 
systems. This problem can be greatly reduced by the 
use of a gain-clamped SOA (GC-SOA). Ina GC-SOA, 
lasing action is produced, at a wavelength remote from 
the operating wavelength range, by the introduction of 
wavelength specific feedback. Once lasing begins, the 
carrier density in the SOA active layer is clamped at a 
fixed value. Changes in the input signal power lead to 
opposing changes in the lasing mode power. This has 
the effect of keeping the carrier density fixed (i-e., 
clamped), thereby making the signal gain relatively 
insensitive to changes in the total input power. A 
common method of providing this feedback is the use 
of distributed Bragg reflectors (DBRs) as shown in 
Figure 4. A typical GC-SOA gain versus output power 
characteristic is shown in Figure 5. 


Basic Applications of SOAs in 
Optical Communication Systems 


The three basic applications of SOAs in optical 
communication systems are: booster amplifier, in- 
line amplifier, and preamplifier. The main require- 
ments of SOAs for such applications are listed in 
Table 2. 

A booster amplifier is used to increase the power of 
a high power signal. Boosting laser power in an 
optical transmitter can be used to overcome external 
modulator losses, compensate for splitting and tap 
losses in optical distribution networks and to increase 
the power budget of optical links. The most critical 
requirement of a booster amplifier is a high P,,,., to 
obtain a high output signal power and minimize 
pattern effects. SOAs with P,,, in excess of 10 dBm 
are now available commercially. 

The sensitivity of a conventional optical receiver is 
limited by thermal noise. The sensitivity is the 
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Figure 3 Typical commercial SOA small-signal gain and noise figure versus bias current and gain versus output power 


characteristics. 


minimum signal power required at the receiver input 
to achieve a desired bit-error-rate (typically 10°”). An 
optical preamplifier can be used to increase the power 
level of an optical data signal prior to detection and 
demodulation, leading to an increase in sensitivity. 
The performance of a preamplified optical receiver is 
dependent on the detector signal-to-noise ratio, 
SNR = is) oie The signal photocurrent ij, is 
proportional to the amplified signal power. The 
mean square noise current 7,; includes circuit 
noise (thermal noise and detector dark current 
noise), signal shot noise, spontaneous emission shot 
noise, signal-spontaneous beat noise, and beat noise 
between the spectral components of the spontaneous 
emission. The best improvement in SNR occurs when 
the SOA is operated in the signal-spontaneous beat 
noise limit. In this regime, the signal power is 
sufficiently large such that the dominant receiver 
noise is the signal-spontaneous beat noise that falls 
within the signal bandwidth. This usually requires 
that the spontaneous emission from the SOA be 
reduced using a narrowband optical filter. The noise 
figure is a critical parameter in this application and 
should be as low as possible. 

In long-haul optical transmission systems, in-line 
optical amplifiers can be used to compensate for link 
losses thereby increasing the spacing between optical 
regenerators. The main advantages of in-line SOAs 
are transparency to data rate and modulation format 
(unsaturated operation), bidirectionality, WDM 
capability, simple mode of operation, low power 
consumption, and compactness. The latter two 
advantages are important for remotely located optical 
components. To avoid noise accumulation in the link, 
it may be necessary to follow each SOA by a 
narrowband optical filter, but this can prevent 
capacity enhancements using WDM. 

An example of a single channel optical trans- 
mission system utilizing booster, in-line, and 
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Figure 4 Schematic structure of a GC-SOA. 
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GC-SOA gain versus output power 


preamplifier SOAs is shown in Figure 6. The 
transmitter comprised a 1309nm gain-switched 
laser diode directly modulated with a 10 GHz 
sinusoid to produce a train of 40 ps wide pulses at a 
repetition rate of 10 GHz. At 1309nm fiber dis- 
persion is small and the maximum transmission 
distance is mainly limited by the link losses. The 
laser output was connected to an external modulator, 
driven by a 2?!-1 pseudo-random bit sequence (PRBS) 
to produce an optical data stream with an extinction 
ratio of 13 dB. A booster SOA was used to increase 
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Table 2 Requirements of basic SOA applications 














Requirement Booster amplifier In-line amplifier Preamplifier 
High gain Yes Yes Yes 
High Peat Yes Yes Not critical 
Low noise figure Not critical Yes Yes 
Low polarization sensitivity Not critical Yes Yes 
Optical filter Not necessary Not critical Yes 
: Eye diagram at 
Ce \transmission fiber 
H i } input 
i /' i 1 P . 
i hoa ADA 38 km single-mode fiber 
110 GHz 2°'-1 PRBS Booster, | oo po 
Lene ee | 
i p-i-n photodiode Clock and 
i receiver data recovery | ! 
Optical filters sia 
Figure 6 10 Gbit/s transmission experiment utilizing booster, in-line and preamplifier SOAs. (Adapted from Kuindersma et al. (1996) 


10 Gbit/s RZ transmission at 1309 nm over 420 km using a chain of multiple quantum-well semiconductor optical amplifier modules at 
38 km intervals. European Conference on Optical Communications 1996.) 


the average transmitted power to between 0 and 
2 dBm (7-9 dBm peak power). The transmission fiber 
length was 420 km with 12 in-line SOAs, used to 
compensate for fiber loss, spaced at 38 km intervals. 
At the receiver the signal was passed through a 1 nm 
bandpass filter, to reduce the accumulated sponta- 
neous emission, amplified by an SOA preamplifier and 
filtered by a 1 nm bandpass filter. The signal was then 
detected by a p-i-n photodiode followed by an 
electronic clock and data recovery circuit. The SOA 
preamplifier and filter increased the receiver sensitivity 
from —14 dBm to —31 dBm for a BER of 107!°. The 
receiver penalty after 420km was 5 dB. In this 
experiment, the main limitation on transmission 
distance was the accumulation of spontaneous emis- 
sion within the optical filter bandwidth. 


Pattern Effects and Crosstalk 


When an SOA is operated in the unsaturated regime, 
the amplifier gain is independent of the number of 
input signals and signal data rate. Outside this 
regime, the SOA will cause distortion because at 


high input powers, the gain saturates and compresses. 
Dynamic gain saturation occurs on the same time 
scale as the gain recovery time. This leads to pattern 
effects where the power of an incoming bit affects the 
gain experienced by subsequent bits. This is particu- 
larly important when the bit rate is of the same order 
as the inverse of the gain recovery time as shown in 
Figure 7. In WDM systems cross-gain modulation 
(XGM) between the channels can lead to severe 
interchannel crosstalk. 

A further complication in WDM systems using 
SOAs is interchannel crosstalk caused by four-wave 
mixing (FWM). FWM is a coherent nonlinear process 
between two optical fields within the SOA, resulting 
in gain modulation at the beat frequency between the 
fields, and in the process generating new sidebands. In 
WDM systems with equally spaced wavelengths, the 
net effect of FWM is the generation of crosstalk terms 
interfering with the desired signals. Although the 
crosstalk can be relatively low in power terms, it can 
produce significant power penalties due to the 
coherent beat noise phenomena. The level of 
FWM crosstalk increases as the channel spacing 
decreases and the channel output power increases. 
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Figure 7 Typical eye diagrams of 10 Gb/s nonreturn to zero data (a) before and (b) after amplification by an SOA. ASE noise is 


present in the output eye diagram. 


FWM crosstalk is of particular importance in dense 
WDM systems where the inter channel spacing is less 
than 100 GHz. Figure 8 shows a typical SOA output 
spectrum for an 8-channel multiplex with FWM- 
generated crosstalk signals. 


Ultrashort Pulse Amplification 


Optical time division multiplexing is an efficient 
method for increasing the bit rate of optical trans- 
mission systems. This requires the time interleaving 
of short optical pulses. The transmission distance is 
limited by the fiber group velocity dispersion, which is 
proportional to the pulse spectral width. Soliton 
transmission is also possible where the pulse shape is 
preserved as it propagates in the fiber. 

Because an SOA has a very large bandwidth 
(typically 5 THz) it is capable of amplifying pulses as 
short as 100 fs. An input pulse can be amplified 
without significant distortion if the pulse energy is 
much less than the saturation energy E,,, of the SOA. 
Typical SOA saturation energies are of the order of a 
few pico Joules. As the pulse energy approaches E,a,, 
considerable spectral broadening and distortion 
can result. For an input pulse width 7, (full width 
at half maximum) of the order of 10-100 ps spectral 
broadening is primarily due to self phase modulation 
(SPM). SPM is caused by gain saturation, which 
leads to intensity-dependent changes in the SOA 
active layer refractive index in response to carrier 
density variations. The degree of spectral broadening 
and distortion also depends on the input pulse shape. 
If 7, is much less than the carrier lifetime, the output 
pulse power P,,(¢) and phase ,,(f) are given 
approximately by 


Poult) = Pin(t) explh@] [3] 
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Figure 8 Typical SOA output spectrum for an 8-channel WDM 
multiplex with 100 GHz spacing. Channel 6 has been dropped to 
show the FWM crosstalk signal caused by channels 5 and 7. 
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where P;,,(t) and ¢;,(¢) are the input pulse power and 
phase, respectively. Gg and a@ are the amplifier 
unsaturated gain and linewidth enhancement factor, 
respectively. Typical values for a are in the range 
2-10 and depend on the amplifier active region 
material and operating conditions. The output pulse 
spectrum can be obtained from 
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S(o)=|[ Poul explidan(t) +i op élde] (7 





where 1)=@/277 is the pulse optical frequency. The 
output pulse chirp (frequency variation) is given by 


1 Odour a ah 
aa are Ph as [8] 





where Ay, (f) is the input pulse chirp. Using the 
above theory the shape, chirp and spectrum of an 
amplified zero-chirp (transform limited) Gaussian 
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pulse of input power 





is shown in Figure 9. E;, is the pulse energy and 
T)~ 1.6657. The amplified pulse is asymmetric 
because the leading edge of the pulse experiences 
a larger gain than the trailing edge. The amplified 
pulse spectrum is broader than the input pulse and 
also develops a multipeak structure. This is due to 
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Figure 9 Amplified pulse shape, frequency chirp and spectrum 
for a transform-limited Gaussian input pulse with &,,/Ezar = 0.1 
and a= 5. vis optical frequency. The parameter is the amplifier 
unsaturated gain. 
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Figure 10 2 x 2 hybrid SOA switch module. 


the SPM-induced frequency chirp imposed on the 
pulse as it propagates through the amplifier. In this 
case the chirp is linear around the peak of the 
pulse power spectrum. It can be compensated by 
transmitting the pulse through an optical fiber with 
anomalous group-velocity dispersion. In practice 
optical pulses can be far from Gaussian and can 
also have an initial chirp. In this case the induced 
chirp and resulting pulse spectrum can be more 
complex and more difficult to compensate. 

When the input pulse width is less than ~ 10 ps, the 
above theory is no longer adequate and other 
nonlinear effects within the SOA such as carrier 
heating and spectral hole burning must be taken into 
account. The resulting pulse power and spectral 
distortions induced by an SOA on such pulses can 
be very complex. 


Functional Applications 


SOAs can be used to perform functions that are 
particularly useful in optically transparent networks. 
Recent advances in photonic integrated circuit and 
optoelectronic device packaging technology have 
made the deployment of SOA functional elements 
feasible. Two of the most important applications 
of SOAs are optical switching and wavelength 
conversion. 

An example of a 2 X 2 SOA switch module used for 
optical routing is shown in Figure 10. Larger switch 
matrices can be constructed using this basic element. 
The module is based ona hybrid structure consisting of 
four integrated SOAs mounted on a silicon submount. 
The SOA-array is aligned to input and output polymer 
waveguides through V-grooves and alignment inden- 
tations. An incoming data packet can be routed to any 
output port by switching on the appropriate SOA. 
Switching times of the order of 1 ns are possible. 

Ultrafast switching (<100 fs) can be achieved by 
incorporating SOAs in non-linear loop mirror struc- 
tures, such as the terahertz optical asymmetric 
demultiplexer (TOAD) shown in Figure 11. Switching 
is achieved by placing an SOA offset from the 
center of an optical fiber loop mirror and injecting 
data into the loop via a 50:50 coupler. The two 
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Figure 11 Ultrahigh speed optical switching using a TOAD. 
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Figure 12 SOA Mach-Zehnder wavelength converter. 


counter-propagating data pulse streams arrive 
asynchronously at the SOA. A switching pulse is 
timed to arrive after one data pulse but just before its 
replica. The switching pulse power is adjusted to 
impart a phase change of 7 radians onto the replica, so 
the data pulse is switched out when the two counter- 
propagating components interfere on their return 
to the coupler. The TOAD can also be used to 
demultiplex high-speed time division multiplexed 
pulse streams. 

All-optical wavelength converters will play an 
important role in broadband optical networks. Their 
most important function will be to avoid wavelength 
blocking in optical cross-connects in WDM networks. 
Wavelength converters increase the flexibility and 
capacity of a network using a fixed set of wavelengths 
and can be used to centralize network management. 
In packet switching networks, tunable wavelength 
converters can be used to resolve packet contention 
and reduce optical buffering requirements. 

Wavelength conversion in SOAs can be achieved 
using XGM, cross-phase modulation (XPM), or 
FWM. The design of an SOA wavelength converter 
based on XPM requires that one or more SOAs be 
incorporated into an interferometer, an example of 
which is the Mach-Zehnder interferometer (MZI) 
shown in Figure 12. An input data signal at 
wavelength A; is used to modulate the upper SOA 
refractive index, which controls the phase shift 
experienced by a second unmodulated input signal at 
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Az in one of the interferometer arms. When the input 
data signal is low (logic 0), the arms are in phase and 
the A, signal appears at the top output. When the input 
pump signal is high (logic 1) it produces an extra 7 
phase shift between the two arms, causing them to be 
totally out of phase and the A, signal to appear at the 
bottom output. Both outputs contain a copy of the 
original data signal imposed onto the new wavelength. 
Up and down conversion is possible. The lower SOA is 
used to equalize the gain experienced by the A, signal 
in each of the arms. An optical filter is required at the 
output to remove A,. Such wavelength converters can 
Operate at very high bit rates (>10 Gb/s). An 
important advantage of the MZI structure is that it 
also gives 2R regeneration (re-amplification and 
reshaping) of the input data signal with wavelength 
conversion. This is because the interferometer non- 
linear response increases the converted signal extinc- 
tion ratio compared to the input data. All-optical 3R 
(2R + retiming) regenerators are of great interest in 
future optical communication networks to restore 
degraded transmission signals. SOA-based interfero- 
metric structures can be used to achieve 3R (2R + 
retiming) regeneration at data rates >80 Gb/s. 


See also 


Coherent Lightwave Systems. Lasers: Semiconductor 
Lasers. Optical Amplifiers: Basic Concepts; Erbrium 
Doped Fiber Amplifiers for Lightwave Systems; Optical 
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Amplifiers in Long-Haul Transmission Systems. Optical 
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Introduction 


Scientists are well known for the diversity of their 
interests. One topic that captures the interest of 
virtually all scientists, and people in general, is 
money. Not only are people engaged in obtaining 
money, but they are also fascinated about the 
manufacture of money and the protection of its value. 

The relationship between manufacturing tech- 
niques and the protection of value documents 
(currency, stock shares, bonds, etc.) is not accidental. 
Technology has always been employed to counter the 
contemporary threats of counterfeiters. These threats 
vary, depending on the skill set and resources 
available to the criminal, as well as the counterfeiting 
strategy adopted. While we refer to banknotes 


repeatedly in this chapter, the information applies, 
as well, to passports, stamps, tax banderoles, identi- 
fication cards, visas, licenses, checks, and bankcards. 
Banknotes can be considered the most challenging 
application for optical anticounterfeiting technol- 
ogies. Stamps, banderoles, and checks are single-use 
items, and do not have to be as durable as currency. 
Identification cards, passports, and the like are used 
many times but are generally in protective covers and 
are examined by trained personnel. Currency must 
endure the rigors of commerce and travel, while still 
being easily authenticated by the average citizen. 

The ever-increasing availability of low-cost com- 
puter hardware and software, along with color 
photocopiers and printers, has stimulated the use of 
optical and electro-optical technologies that were 
previously applied in a limited fashion or not at all. 
These optical techniques include: transmitted light 
devices, such as watermarks and threads; luminescent 
materials; reflective, interference, and diffraction 
schemes; modulation techniques (Moiré, for 
example); and light polarization effects. 

Each of these concepts either has been or is likely to 
be applied to value documents to prevent counter- 
feiting. Each has its own set of potential benefits and 
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application challenges. Also, some of these effects 
have been successfully applied to commercial dec- 
orative products. It is important to understand the 
difference between commercial and security uses. 
Effects aimed at commercial uses are mainly decora- 
tive or aesthetic, whereas security devices are func- 
tional and integrated into a security strategy. To 
ensure economic success, decorative products must be 
easily manufactured and widely distributed. In 
contrast, security products are carefully controlled 
in both their availability and the diffusion of 
manufacturing expertise. 


Historical Perspective 


Paper currencies (banknotes) have been printed for 
hundreds of years. Their history has been marked by a 
succession of technical changes in an effort to prevent 
counterfeiting. Sophisticated manufacturing tech- 
niques, such as intaglio printing and watermarks, 
along with special papers, made it difficult for 
counterfeiters to produce acceptable imitations. 
Intaglio is the centuries old method of printing, 
using incised or engraved metal plates. The tremen- 
dous pressure of the intaglio press forces the paper 
into an ink-coated plate engraving, forming patterns 
of ink on the paper. 

In the eighteenth and nineteenth centuries, bank- 
note printers often used unique engravings of 
guilloche patterns (intricate, overlapping curves), 
vignettes, and portraits as anticounterfeiting devices. 
These sophisticated patterns effectively discouraged 
early, relatively unskilled, counterfeiters. The devel- 
opment of photography and lithographic printing in 
the late nineteenth century created new opportunities 
for counterfeiting. Photochemical technology made it 
possible to produce suitable reproductions using print 
shop facilities throughout the world. 

Photochemical techniques had significant limi- 
tations, however. The printed notes were passable 
but not high-quality imitations of genuine intaglio 
notes. Making lithographic plates required specific 
skill, considerable equipment, and left behind mean- 
ingful evidence (films, plates, press blankets, etc.) for 
police to find. 


Table 1 


Class of threat Typical volume of notes 


Until the 1980s, counterfeiting detection methods 
by governmental officials were relatively uncompli- 
cated, as three general perpetrators could be classified 
in fairly predictable ways (Table 1). 

Until the advent of home computers, optical 
scanners, color printers, and copiers, the challenge 
for law enforcement was difficult but focused. 
Amateur counterfeiting was virtually nonexistent. 
The effort required to make a few notes was daunting, 
the risk high, and potential profit meager. This meant 
that anticounterfeiting police efforts could be con- 
centrated on criminal counterfeiters. Government- 
sponsored counterfeiting was certainly known (both 
the Germans and the British attempted to de-stabilize 
their opponents’ national economies during World 
War II), but this was more an issue of foreign policy, 
diplomacy, and espionage and not the main province 
of national police. 

The situation changed quickly and radically in the 
late 1980s. Color photocopiers had improved in cost, 
quality, and size to the point that commercial 
establishments were buying hundreds of machines. 
The 1990s introduced numerous new technologies to 
seduce the casual counterfeiter. These included home 
computers, graphics editing software, color printers, 
and low-cost scanners. 

The amateur counterfeiter now had an array of 
sophisticated tools that could copy, edit, and repro- 
duce virtually any kind of document. Banknotes 
made by the techniques of ‘digifeiting’ (a term coined 
by Dr. Sara Church of the US Treasury Department) 
were not of high quality, but passable in small 
quantities in low risk situations. It was now possible, 
economical, and relatively safe to make one or a 
dozen bills, especially in low denominations. 

Police efforts were now severely challenged as 
the proliferation of amateur counterfeiters made 
investigation and prosecution costly. Especially in 
the United States, average citizens were lured by the 
prospect of augmenting their incomes by printing one 
or two notes a week. When apprehended, effective 
prosecution and punishment of such small-stakes 
criminals was expensive and unpopular. 

Large-production criminal counterfeiting was 
augmented by new digital and electro-optical 


Resources and skills (1980) 





Amateur 
Criminal 


Small (<100) 
Medium to large (1000 to 1 000 000) 


State-sponsored Large (millions) 


Retail paper, ink. Household chemistry 

Litho press, darkroom, plate making, cutting equipment. Skilled 
printing personnel 

Intaglio press, currency paper. Skilled engravers and printers, 
Major distribution networks 
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breakthroughs. Lithographic plates could now be 
made without cameras or chemistry. Laser ablated 
plates made directly on the printing press (such as 
Heidelberg/Presstek) accurately duplicated features 
as small as 10 or 15 microns. Further, computer-to- 
plate technology with erasable plates presented an 
unusual opportunity for counterfeit production in 
small press shops. 

The use of new electronic and optical tools by 
amateur and criminal counterfeiters coincided with a 
rise in state-sponsored counterfeiting. The United 
States, in particular, was victimized in the early 1990s 
by high-quality, intaglio-printed notes. One such 
note, dubbed the ‘super $100’ was allegedly produced 
in huge volumes in the Middle East and circulated 
widely in Europe. 

Various means of detecting counterfeits were 
promoted but remain largely ineffective today. The 
so-called ‘detector pen’ applies a small amount of 
iodine solution onto a banknote. The iodine reacts 
with starch (often used to stiffen paper to give it a 
banknote ‘feel’), turning the pen mark from light 
brown to black. Unfortunately, the presence or 
absence of starch in the paper is not a foolproof 
criterion. US currency paper contains no starch, while 
the currencies of other countries, such as Canada, 
have a starch component. 

Concurrent with the availability of new high-tech 
counterfeiting tools, optical science has been hard at 
work to create protection schemes, utilizing the latest 
optical effects and manufacturing technologies. These 
new technologies have been largely outside the 
skill set and resources of amateur, criminal, and 
even state-sponsored counterfeiters. 

An analysis of all the types of optical materials used 
for anticounterfeiting purposes as well as for dec- 
orative purposes shows that all are based on the 
control of electromagnetic radiation in the ultra- 
violet (UV), visible, and infrared. Exploiting various 
degrees of light transmission, reflectance, absorption, 
or scatter controls this radiation. In particular, all 
anticounterfeit devices fall into one or more of five 
basic categories: light patterning, light re-emission, 
light diffraction, polarization, or light interference. 
Characteristics of an effective anticounterfeiting 
solution include: 


e quick verification by the average person; 

e ability to function in a variety of lighting 
situations; 

e deterrence of scanning and electronic photocopy- 
ing; 

e compatibility with existing banknote production 
schemes and equipment; 

e ability to be verified by machines; 


e durable and reliable despite strenuous handling 
conditions; 

e tight control of materials and manufacturing 
processes. 


Devices Based on Light Patterning 


Watermarks 


Images can be created in the paper substrate during 
the manufacturing process. Watermarks have been in 
use for at least 500 years and are produced by the 
arrangement of the paper fibers in the cylinder-mold 
paper machine or by impression in wet paper in the 
Fourdrinier paper machine. Because they are not on 
the surface of a document, watermarks are not readily 
visible in reflected light, but become apparent when 
light is transmitted through the paper substrate. 
Credible counterfeits, however, have been produced 
using images created by imprinting paper with waxy 
or oily substances. The fatty ‘ink’ is not readily 
detected on the surface of the document and serves 
to change the light transmission characteristics of 
the paper. 

Watermarks serve chiefly to authenticate the paper 
substrate and to deter the practice of ‘raising’ notes, 
that is, bleaching a genuine low-denomination note 
and re-printing it as a higher value. The most effective 
watermarks are produced by the cylinder-mold 
process and use an image that is a duplicate of that 
image printed in ink (Figure 1) elsewhere on the 
document. This gives the examiner a reference point 
to compare the watermark as, for example, on all 
high-denomination US currency. 

Watermarks are an effective counterfeiting deter- 
rent when the general population is educated about 
their presence and their function. The limited opport- 
unity to expose banknotes to a source of transmitted 
light (outdoors or in a dimly lit restaurant, for 
example) somewhat reduces their effectiveness. 





Figure 1 Watermark portrait of Clara Schumann, famous 
pianist and wife of composer Schumann: far left — portrait in 
transmitted light; center — portrait in reflected and transmitted 
light; and right — banknote in reflection. Courtesy of Papierfabrik 
Louisenthal. 
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Threads 


Thin strips of polymer or metallized polymer can be 
imbedded in the paper substrate during the paper- 
making process. Such strips are approximately 12 
microns thick and 1-5 millimeters wide. These strips 
are known as threads because Crane & Company 
developed the original concept in the 1860s, using 
colored silk thread. Typically, threads are installed 
border-to-border in the narrow direction of the 
banknote. Because they are inside the paper, they 
are not seen in reflected light, but are readily visible 
when light is transmitted through the substrate. Such 
threads are effective deterrents against counterfeiting 
achieved by scanning or photocopying, as the scanner 
uses only reflected light and cannot duplicate the 
buried thread. Threads have evolved into several 
varieties: 





Figure 2. Windowed thread. Reproduced with permission from 
De La Rue International Limited. 





Figure 3 Fluorescent thread embedded into US $100 note. 
Reproduced with permission from Crane and Co., Inc. 


De-metallized threads: Thin polymer coated with 
an opaque metal. The metal is selectively removed 
to create text or images. 

e ‘Window’ threads: Metallized polymer that is 
‘woven’ in and out of the paper to permit 
observation in both reflected and transmitted 
light (Figure 2). 

e Fluorescent threads: Polymer impregnated with 
ultraviolet inks that emit a specific color under UV 
irradiation (Figure 3). See the section ‘Devices 
Based on Light Re-emission’ later in this article. 

e Diffractive threads: Metallized polymer strips that 

have been embossed with diffractive or holo- 

graphic patterns and attached by hot-stamping or 
adhesive to the surface of the note. See the section 

‘Devices Based on Light Diffraction.’ 


Potential drawbacks to the use of threads are 
durability and the temptation of the general public to 
try to extract them from the banknote. Also, some 
threads can be simulated by printing or by attaching a 
polymer film to the surface of the banknote. 


Laser Perforation 


A modern ‘watermark’ concept is laser perforation 
of the banknote substrate. Precise patterns of 
microscopic holes (ca. 100 microns diameter) can 
be drilled using a high-power laser apparatus. The 
200-Franc Swiss banknote features denomination 
numbers that are not readily visible in reflected 
light. However, when a light source is held behind 
the note, the numerals fabricated by laser perfor- 
ation are clearly visible (Figure 4). In addition to 
being easily authenticated by non-expert observers 
with no special viewing apparatus, laser perforation 
has forensic advantages. The penetrations made by 
laser beams have a particular shape, spacing, and 
dimension, which are not easily mimicked. By clever 
adaptation of laser scanning software, holes of 
different shapes can be made and inter-mixed for 
additional security complexity. As a result, manual 





Figure 4 Microperf® laser holes in banknote. Left image in transmitted light; right image in reflected light. Reproduced with permission 


from Orell Fussli Security Printing Ltd. 
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pin pricks and mechanically pierced holes can be 
discriminated as forgeries. 


Reflective Foils 


One of the earliest defenses against photocopying and 
digital scanning was the use of reflective metallic foils 
affixed to the surface of the document. Such foils yield 
>80% reflection during scanning and the resultant 
scanned image is usually a black field. 

Attachment of foils to currency paper or documents 
is carried out by applying a thermoset adhesive under 
heat and pressure and releasing the optical film from 
its carrier web by means of a separate polymeric 
release layer. This process is known as hot-stamping. 
Alternatively, an ultraviolet curing adhesive can be 
used to affix the foil to the paper substrate using a 
cold roll-on process. 

Foiling may impede the amateur counterfeiter; 
since decorative foiling of stationery and packaging is 
well known, it presents little challenge to the 
professional perpetrator. 


Planchettes 


Planchettes are small flakes or fragments a few 
millimeters in diameter and 10-25 microns thick. 
These are often colorful or reflective materials and can 
feature a variety of effects including iridescence, 
diffraction, fluorescence, magnetic properties, or 
thermochromic properties. These fragments are 
attached to the banknote substrate by an adhesive 
(Figure 5). Planchettes discourage scanning and 
photocopying, since the copier cannot duplicate their 
special properties. Unfortunately, planchettes have 
been found to be non-durable and easy to simulate. 
The generally random placement makes it difficult 
for an examiner to authenticate a genuine note. 


Thermochromic Inks 


Inks that react to temperature changes have been 
employed on checks and identity cards. Thermo- 
chromic inks fluctuate from one color to another 





Figure 5 Peruvian 100 Nuevo Soles note showing iridescent 
planchettes. Reproduced with permission from Flex Products, Inc. 


when the temperature of the printed image is raised. 
While it is possible for body temperature to activate 
this change, the effect is more certain if infrared heat 
is used. Since the process requires several seconds to 
activate (depending on the heat source), thermo- 
chromic materials have not been widely used on 
banknotes where immediate authentication is 
necessary. 


Colored Fibers 


Extremely fine fibers (ca. 15 microns diameter) have 
been incorporated into currency papers for decades. 
The United States, for example, uses a few hundred 
grams of red and blue fibers per ton of paper in 
making currency. While of some forensic interest, the 
amount and size of the fibers makes them nearly 
undetectable by the average citizen. 

Alternatively, fibers may be impregnated with 
fluorescent materials, or with absorbers that selec- 
tively absorb the wavelengths of light typically used 
in copy machines, producing obvious forgeries when 
copied. 


Moiré Effects 


Images can be created with very fine details that 
produce aliasing errors when digitized. Aliasing is the 
creation of new and spurious patterns through the 
superposition of two patterns whose periodicities are 
unequal. It represents interaction between the spatial 
frequency of the genuine document and the sampling 
frequency of the copying device. Aliasing is com- 
monly known as moiré in the printing industry. 
Typical moiré generating patterns are constructed as 
closely spaced concentric circles, often found around 
the eyes in portraits on banknotes. When scanned 
digitally, the resulting copy will contain spurious 
images (scan traps) that are easily identified as 
fraudulent. 

For example, if a genuine document is designed in a 
1000 dpi (dots per inch) printing process it can later 
be scanned on a 1000 dpi scanner and, theoretically, 
all the data can be reproduced accurately. If, however, 
the scanner and the document are not in synchrony, 
the scanner will miss pieces of data, depending on the 
registration error, resulting in a digitized image that 
does not resemble the original. 

In the scanned section of a US $5 note (Figure 6), 
one can see patterns of curved lines intersecting in the 
background, whereas the authentic image consists of 
fine parallel lines that do not intersect. The curvature 
and intersections are artifacts of the moiré created by 
digital scanning. 


If you've built your Tic Tac crystal set and found that you can't receive a local AM 
radio station yet - don't panic - help is in on the way. You have just built the simplest 
version of the Tic Tac crystal radio and you may need to add one more component 
part for it to work properly. This is called a 'polyvaricon' - a miniature tuning 
capacitor, which can vary the frequency that your radio will receive at. You can see 
a picture of one up above - the small white box with the black knob next to it. It has 
3 connecting tags - the one in the middle ('G') goes to the moving plates and the 
shaft, while the 2 outer tags ('O' and 'A') go to 2 sets of fixed plates. the smaller set 
of plates has a value of 60pF - pF is short for 'picoFarad' - a unit of measurement 
for capacitance. The larger set of plates is valued at 160 pF so that the combined 
value of the polyvaricon is 220 pF - or 220 picoFarads. 


The other picture shows you what happens inside a basic tuning capacitor. there 
are 2 sets of metal plates - one set is fixed and the other set moves on a rotating 
shaft, connected to the tuning knob of your radio set. Both sets of plates are 

mounted on an insulating frame so that they won't 'short out’ by touch each other. 


The fixed capacitor C1, was chosen to tune somewhere close to the middle of the 
AM radio band. This band of frequencies starts at 531 kilohertz (Khz) and goes as 
far as 1701 Khz here in Australia. So we need a combination of coil and capacitor 
which will tune across all of those frequencies. Our simple Tic Tac radio is known 
as a'series tuned' set. If you look at the circuit diagram, you can see electronic 
symbols for all components in the radio set.If you start at the top with the antenna 
symbol, you can see the capacitor C1 underneath that, the inductor L1 underneath 
C1 and then finally, the ground symbol - all wired in series with each other. 


The diode D1 detector, the resistor and the earphone plus the link wire, can be 
considered as one block - the "detector unit". The Antenna wire, ground wire, 
inductor/coil and capacitor/polyvaricon, can be also be considered as another block 
- the "tuned circuit". So joining both blocks together, we have the tuned circuit that 
tunes in only one frequency, passing all other unwanted signals out through the 
ground wire to earth. This one ‘tuned frequency’ passes through the diode detector, 
which strips away the 'carrier wave' and leaves only the 'program signal’ (voice, 
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Figure 6 Scanned section of US $5 note showing moiré effect. 
Authentic image has no intersecting lines. Courtesy of Flex 
Products, Inc. 


Modulation Techniques 


Images produced by offset lithography are based 
on patterns (screens) of fine dots. By varying dot 
density, an array of shadings and tones can be created. 
More progressive modulation techniques, such as 
amplitude modulation (varying dot sizes) and fre- 
quency modulation (varying dot spacing) are often 
used to produce high-resolution images. To deter 
counterfeiting, banknotes can be printed using pixels, 
which are lines of equal length but assorted angular 
orientation. This technique is known as screen angle 
modulation (SAM). 

SAM techniques can be used to defeat digital 
scanners by preventing the scanning of all available 
information due to under-sampling, or by concealing 
hidden patterns which are not demodulated by the 
human eye, but can be detected with suitable filters 
(Figure 7). A variant of this technology, called 
Scrambled Indicia®, has been used to protect US 
postage stamps (Figure 8). 


Devices Based on Light Re-emission 


Ultraviolet Fluorescent Inks 


Ultraviolet (UV) inks are widely used on banknotes as 
semicovert deterrents. Images printed in UV inks are 
challenging to detect in normal lighting situations but 
are readily visible under UV (black light) illumina- 
tion. Such printed images require a special light 
source for authentication and are subject to degra- 
dation over time from the handling and chemical 
exposure of banknotes. Typically, these products are 
sensitive to either short UV at 254 nanometers or long 
UV at 366 nanometers. 

UV inks provide good protection against photo- 
copying but can be readily simulated by more 
advanced counterfeiters. 


SCREEN Em 
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Figure 7 Top image — hidden image as normally seen; Bottom 
image — Image decoded with visible line screen. Courtesy of Joh 
Enschedé Security Printing Ltd. 





Figure 8 Hidden image in 32¢ US postage stamp decoded by 
invisible line screen (left image — normal view; right image — with 
decoder in place). Courtesy of Flex Products, Inc. 


UV Fibers 


Several countries mix minute quantities of UV 
luminescent fibers into the paper substrate. In most 
cases, these are randomly placed and invisible to the 
naked eye. 


Devices Based on Light Diffraction 


Diffractive structures range from simple periodic 
surface relief structures (textured surfaces) to multi- 
level holographic structures that form a continuum of 
products ranging from decorative coatings to anti- 
counterfeit devices. Figure 9 shows a generalized 
structure for all known types of reflective-based relief 
structures. 

Most devices are based on reflection; however, in a 
few instances where clear polymer is used, devices 
may also be based on diffractive light transmission. 
The sizes, shapes, and orientation of the grooves vary 
according to the exact device. The opaque aluminum 
layer insures that the design works in reflected light. 
Most of these structures exhibit a rainbow effect 
where the color moves from short to long wavelength 
as the viewing angle increases. This rainbow effect 
can be found for all types of structures with grooves 
that have sizes near that of light wavelengths. The 
color shifts in a direction opposite to that of a thin 
film interference structure. Further, the rainbow effect 
can only be seen in a direction perpendicular to the 
groove direction. In the special case where the groove 
dimensions are less than the wavelength of light, the 


322 OPTICAL COATINGS / Anti-Counterfeiting and Decorative Coatings 





-1st order violet 










Embossable 
plastic or organic 
coating 


Metal reflector 
or high index 
dielectric layer 


Adhesive 


Substrate 


Incident Light 


| 


1st order violet 


yellow 


orange 


1st order 
red 


Figure 9 Cross-section of diffraction device. Courtesy of Flex Products, Inc. 


rainbow effects disappear and are replaced by 
another type of diffraction (zero-order diffraction), 
where only specific colors are seen in reflection. 
Groove height and width for all diffraction products 
range from 0.1 to 10 microns. 

For a unique set of discrete angles and for a given 
spacing d, the diffracted light from each facet is in 
phase with the light diffracted from any other facet, 
so they combine constructively: 


GmaA = sina+ sin B [1] 


where G = 1/d is the groove density or pitch, a is the 
angle between the incident light and the normal to the 
grating, B is the angle between the diffracted beam 
and the normal to the grating and m is an integer 
called the diffraction order. 

For m= 0, 8 = —a for all A, the grating acts as a 
mirror and the wavelengths are no longer separated. 
This is called specular or zero-order reflection. 

In contrast to grating structures (linear grooves) 
that only modify light intensities, holographic 


structures are complex surface contours that modify 
both the phase and intensity of the reflected light. 
Light reflecting off a metallized holographic structure 
is capable of producing an image in either two 
dimensions (2D) or three dimensions (3D). Heat and 
pressure may emboss the relief structure into a 
metallized polymeric film by hot-stamping. Alterna- 
tively, an embossing metal roller presses the relief 
image into a thermoplastic film or thin ultraviolet 
curable coating. The embossed structure is sub- 
sequently metallized with opaque aluminum or with 
a high-index dielectric material such as zinc sulfide or 
zirconium dioxide. The latter layers allow printed 
information on the substrate to show, while at the 
same time provide a holographic image. However, 
such high-index holograms are not as bright, since 
some of the reflective light is lost in transmission. 
Polymethylmethacralate (PMMA), polycarbo- 
nate (PC), polyvinyl chloride (PVC), and polyester 
(type G) are typical materials that can accept such an 
embossing. 
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Thick metallized embossed plastic films of ca. 50 
microns are used for decorative labels. Thin metal- 
lized embossed hardcoats of ca. 7 microns, which can 
be released from carrier sheets or embossed thin 
plastic films, are used for the security field. 

Holograms used for high-security applications 
have one characteristic that distinguishes them from 
ordinary holograms or other diffractive devices used 
for decorative purposes. This characteristic finds itself 
in the complication of images, multilevel images at 
different focal depths, different images that appear at 
various viewing angles, images of 3D objects super- 
imposed with synthetic 2D images, micro-images, or 
images that appear to move as the device is tilted back 
and forth. Specific types of diffractive structures are 
described below. The list starts with simple holo- 
grams used in decorative markets and progresses to 
high-security devices. 


Diffractive grating: A structure comprised of square 
or sinusoidal linear grooves that breaks light into 
its component colors. An assemblage of abutting 
islands, each randomly oriented and with its own 
parallel grooves, gives the viewer a twinkling color 
effect (Figure 10). 

2D hologram: A relief structure that, upon viewing 
with a point source of light, shows a 2D image of 
objects, text, logos, or lines that emerge over a 
background. Such holograms are often referred to 





Figure 10 Picture of a typical diffractive assemblage of 
gratings. Reproduced with permission from Amagic Holographics 
Inc./K-Laser Technology, Inc. 





Figure 11 2D hologram. Courtesy of American Bank Note 
Holographics, Inc. 


as ‘cartoon images’ since they are images of 
original drawings (Figure 11). Because of their 
simplicity and frequent use as decorative packa- 
ging, these holograms are generally not used in the 
security market. 

Multilevel 2D hologram: A relief structure that shows 
a simulated 3D effect. This is accomplished by 
creating an image with two or more layers of flat 
artwork, with each layer at a slightly different 
focal depth (Figure 12). These images are well 
suited for labels, cards, and other decorative 
products. They have also been used on coupons, 
gift certificates, and tickets. 

3D hologram: A relief structure that reconstructs a 
3D image from a real or computer-synthesized 3D 
object (Figure 13). A 3D dove has been used on the 
VISA credit card as a security device for many 
years, though many now consider it more of a 
marketing logo than a security feature. 

2D/3D hologram: A relief structure that reconstructs 
an image showing both a 3D and a 2D object, 
created from a 3D sculpture and flat art drawings 
(Figure 14). The artwork is created in such a way 
that the images appear at different depths of view. 

Stereo-hologram: A relief structure that reconstructs 
a 3D image such that upon tilting from side to side 
one can see around the object, and additional 
features can then be viewed. At any given angle, it 
appears to be a 3D hologram. The image is created 
through multiple exposures of a 3D object during 
the holographic mastering process. 





Figure 12 Multilevel, 2D hologram. Courtesy of American Bank 
Note Holographics, Inc. 





Figure 13 3D hologram. Courtesy of American Bank Note 
Holographics, Inc. 
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Figure 14 2D/3D hologram. Courtesy of American Bank Note 
Holographics, Inc. 








Figure 16 High-definition security hologram. Number 50 
appears in various colors in first angle of view. Colored shells 
appear at another angle of view. Reproduced with permission 
from DeLaRue International Limited. 





Figure 17 Left and center images — Exelgram™ at two different 
viewing angles. Reproduced with permission from CSIRO. Right 


Figure 15 True color hologram. Reproduced with permission image — HiMax® OVD high security device showing portrait of 
from Light Impressions International, Inc. Sir Isaac Newton. Reproduced with permission from Light 
Impressions International, Inc. 


True color hologram: In contrast to the holograms 


described above, a true color hologram is created 
by diffraction angle control of the colors red, 
green, and blue from a 3D object or color 
transparency. The relief structure, when viewed 
in white light, reveals a picture in true color, as 
opposed to the rainbow effect seen in regular 2D 
and 3D holograms (Figure 15). 


High-definition security hologram: A relief structure 


that produces an image composed of multiple 
elements, such as fine line text and complex 
patterns that simulate movement as the device is 
tilted back and forth. Different images also appear 
at different angles (Figure 16). These images occur 
because different images are recorded in the 
holographic mastering process at different angles. 
The complicated imagery and the use of multiple 
images is the major holographic technique in use 
today for anticounterfeiting. 


High-definition diffraction gratings: The relief struc- 


ture in Figure 17 shows a multitude of elements, 
each with colors that change upon tilting. It 
consists of a very fine line grating structure, 
1000 lines or greater per millimeter. These 
gratings are sometimes combined with holo- 
graphic images that change depictions upon 
tilting, thus providing a high level of security. 


Kinegrams®: This grating structure, based on com- 


puter-generated graphic images, is composed of 


light diffracting microstructures of less than one 
micron, with blaze (saw-tooth) contours that 
when viewed display optokinematic movements. 
This security device was first used in 1987 on 
Austrian 5000 Schillings. When the orientation 
of the blaze grating changes across the device, 
two distinct images are possible, depending on 
the view with respect to the blaze angles. The 
images do, however, require an aluminum reflec- 
tive layer deposited onto the relief structure in 
order to generate the highly reflective colored 
images. 

A 180° rotation of the device can lead to a 
marked change in the diffraction properties and, 
consequently, the image properties. This stands in 
contrast to holographic symmetrically based 
structures that yield identical images. An example 
of a Kinegram®™ security device is shown in 
Figure 18. The letter ‘K’ on the front facet of the 
cube is filled with an asymmetric structure, 
whereas the background is realized by using the 
same structure rotated by 180°. When viewed 
from one side, the letter ‘K’ appears bright on a 
dark background. Upon rotation in its plane by 
180°, the contrast between the letter ‘K’ and the 
background is reversed. 

Zero-order diffraction grating: This relief structure is 
quite different from holographic or normal grating 
structures, as it is based on an abrupt change in the 
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Figure 18 The Kinegram® security device as seen in two views 
differing from each other by a rotation of 180° in its plane, while 
illumination and viewing conditions remain unchanged. Repro- 
duced with permission from OVD Kinegram Corporation. 





Figure 19 Zero-order diffraction images in a DID® security 
device: two views 180° apart in planar rotation. Reproduced with 
permission from Hologram Industries. 


refractive index from approximately 2.3 to 1.5. 
Rather than employing an aluminized layer for 
reflection, the structure uses a thin, high-index 
layer (1 = 2.3, for example) embedded in an 
organic polymer with a refractive index of about 
1.5. The high-index layer appears as a parallel 
series of lines, approximately 0.2 microns wide, 
with another parallel series of lines beneath the 
first set, but oriented under the spacing of the first 
set of lines at a depth of about 0.2 microns. 

This structure not only changes color as the 
device is tilted back and forth but also as it is 
rotated. In rotation, the color changes from red to 
green (Figure 19). Further, the light is polarized as 
it reflects. When a linear polarizer is inserted 
between the eye and the device, the color changes 
to black. The colors seen are based on specular 
zero-order reflection, unlike standard diffraction 
gratings where the reflected color is based on first- 
order reflection. The preeminent effect is when the 
device is placed over a black background. Over a 
white background the colors are subtler. Viewing 
reflection in zero order allows one to see the 
reflected colors in both point and diffuse lighting. 
The combination of polarization effects and color 
in rotation is ideally suited to high-security 
applications. 


Devices Based on Light Interference 


Thin-Film Foils 


There are two types of thin-film interference devices. 
The first is based on an all-dielectric filter, and the 
second is based on a Fabry-Perot resonance 
cavity structure of the type absorber/dielectric/reflec- 
tor. The all-dielectric filter uses pairs of high and 
low refractive index materials at a quarter-wave 
thickness. A typical filter is the one used initially on 
Canadian currency that employed the design: ZrO 
1QW/SiO, 3QW/ZrOz. 1QW/SiIO, 3QW/ZrO2 
1QW, where the QW (quarter-wave optical 
thickness) is centered at 585 nm. This design exhibits 
a gold-to-green color shift with viewing angle. 

A Fabry-Perot filter also has a gold-to-green color 
shift and typically uses the design Cr 5 nm/MgF, 
4QW @ 604 nm/Al (opaque). This filter has slightly 
higher color saturation than the all-dielectric filter. 
The design is opaque and, therefore, the color 
observed is independent of the substrate color onto 
which it is affixed. This stands in contrast to the all- 
dielectric filter that must be laid over a black 
background for optical color saturation. If the all- 
dielectric filter is placed on a white background, the 
transmitted light passing through the optical filter 
will reflect off the white background and combine 
with the filter’s reflection to give white light. 
However, with a varied colored background, the 
reflected color will vary depending on the combi- 
nation of reflected color from the substrate and the 
reflected color from the filter. 

The gamut of reflected colors from a metal- 
dielectric foil covers all four-color quadrants in the 
CIE Lab color space. Brightness of the foil depends on 
the materials used and on the design. Figure 20 shows 
the theoretical gamut of colors as plotted on the a” b* 
plane for the design, using the materials Cr, MgF> 
and Al. 

Foils based on thin film interference layers contain 
a reflectance peak property moving from long 
wavelength to short wavelength as the viewing 
angle is increased. This is true across the UV, through 
the visible and into the near-infrared. To the human 
eye, the color moves from red to blue. The anti- 
counterfeit foil shown in Figure 21 exemplifies this 
effect. 

Shifts from long to short wavelength occur because 
the path light difference (see the bold line in Figure 22) 
between the rays of light that reflect from the surface 
and the reflector are a function of the cosine of the 
incidence angle. 

The path length difference is shown by the term 
2d cos 0, where @ is the angle of incidence within the 
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Color a* b* Plot of OVD as a Function of Dielectric 
Thickness at 0 Degrees 





—B— 2 QW 400nm-700nm 
—a— 3 QW 470nm-700nm 
—#— 4 QW 530nm-700nm 
—G-— 5 QW 570nm-700nm 
—B— 6 QW 590nm-700nm 


Figure 20 Gamut of colors at 0° incidence viewing under Illuminant C produced from Fabry—Perot designs as a function of 


quarter-wave optical thickness. Courtesy of Flex Products, Inc. 





Figure 21 Anticounterfeit interference foil on brake shoes. 
Reproduced with permission from November AG. 


filter and d is the distance between the surface of the 
filter and the reflector. The angle @ and the angle ¢ are 
related by Snell’s law: mo sin ¢ = n, sin 0. 

Light interference occurs where the wavefronts 
superimpose on one another. The fractional number 
of wavelengths that can fit into this path length 
difference is given by VW = 2n,d cos(6)/A, where A is 
the wavelength of light. Waves reflected from these 
two surfaces will interfere constructively when WV is 
an integral number of wavelengths and interfere 
destructively when WV is at multiples of half wave- 
lengths. As the viewing angle (@) increases, the angle 6 
also increases. Thus, constructive interference 


Incident light 


Reflected light 





Index = Ay 


dcos a 









Figure 22 Diagram showing the principle of optical shift with 
viewing angle. Courtesy of Flex Products, Inc. 


translates into a reflectance peak that moves toward 
shorter wavelengths as the angle of viewing is 
increased due to its cosine dependence. 

The Fabry-Perot filter can use any transparent 
dielectric (colored or clear), a reflective metal, 
although optical metals are preferable since they 
have the highest reflectance (e.g., Ag, Al, Ni, Cu), and 
an absorber that is partially transmissive and partially 
reflective. Thin metals, absorbing dielectrics, and 
metal nitrides are typical materials used as an 
absorbing layer. 


Light Interference Inks 


Inks based on interference pigments have been 
developed over the last thirty years, starting with 
pigments based on high-index thin film coated micas 
(typically TiO coated micas) and culminating with 
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TiO, (anatase or Dielectric 
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Figure 23 Left image — cross-section of interference mica; right image — cross-section of optically variable pigment (OVP®). 


Courtesy of Flex Products, Inc. 


OVP® pigments based on the Fabry—Perot structure 
(Figure 23). 

Inks created from micas are known as pastel or 
pearlescent inks, whereas inks formulated from 
OVP® are known as optically variable inks (OVI®). 
The latter inks are used as a primary defense against 
counterfeiting, defeating color copying and color 
printing from computer images. The difficulty with 
using interference micas for security features is that 
they can be readily purchased in the commercial 
world. In contrast, OVP® is a tightly controlled 
material and cannot be purchased by the general 
public. 

OVI® security ink has been formulated into 
intaglio, silkscreen, flexographic and gravure appli- 
cations. Its use on security documents encompasses 
over 75 banknotes worldwide, including the newly 
issued Euro notes, post-1996 $10, $20, $50, and 
$100 US banknotes, and banknotes for China. With 
the use of such inks, postage stamps, tax stamps, 
identification cards, and other security documents 
have also been effectively protected against counter- 
feiting. Color control for OVI® is assured because 
OVP® can be blended according to additive color 
theory to produce a desired color and color shift. Two 
examples of OVI®- the 100 Pula Botswana note and 
the new 100 Euro note — can be seen respectively in 
Figures 24 and 25. 

OVI® inks have been extremely successful for 
banknote protection and might even be a de facto 
standard, because they meet the seven characteristics 
of an effective anticounterfeit solution as described 
earlier. 


Devices Based on Light Polarization 


The use of light polarization as an anticounterfeit 
feature has taken several avenues, one as coatings or 
pigments, the other as invisible images that are 
detected with a linear polarizer. With the exception 
of the zero-order diffraction device described earlier, 
polarization devices are based on cholesteric liquid 
crystals, using either nematic (planar oriented) layers 
or helical twisted layers. 





ecooccoos|s 





Figure 24 100 Pula Botswana note showing green-to-blue color 
shift OVI® with latent images. Reproduced with permission from 
SICPA. 








Figure 25 100 Euro note showing magenta-to-green OVI®. 
Courtesy of Flex Products, Inc. 


Liquid crystal pigments are constructed from 
cholesteric polysilozanes that have been oriented 
and cross-linked in place with photopolymerization. 
With this cross-linking, pigments are relatively stable 
to temperature changes. These materials can form 
helical structures in either right or left twist orien- 
tation. Such materials reflect 50% of a band of 
wavelengths, centered at wavelength, Ao, of the 
incoming light as circularly polarized light and 50% 
of the band centered at Ag as transmitted, circular 
polarized light, but with the opposite twist. The 
remaining wavelengths pass through the structure 
with no interaction. The amount and type of the 
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chiral phase (components that inherently orient into a 
helical structure) in the polymer determine the pitch 
of the helical structure. This, in turn, determines the 
wavelength of reflection, i.e. Ag = nP where n is the 
average refractive index and P is the pitch length of 
the material (pitch length determined by 360° 
rotation of the helix). At tilted viewing angles, the 
color changes according to the formula A = Ag cos 6 
where @ is the viewing angle relative to the vertical, 
and Ag is the reflected wavelength seen perpendicular 
to the surface. By the judicious combination of 
left- and right-handed helical based layers, or by 
inserting a half-wave retarder layer between two 
layers having the same helical structure, the resulting 
pigments reflect nearly 100% at Ao. 

When these materials are properly processed and 
ground (particles 2-50 microns thick, with an 
aspect ratio of 3:1 in lateral/thickness dimensions), 
particles with the helical structure perpendicular to 
the planar surfaces can be realized. Such pigments, 
or liquid crystal polymeric coatings, when printed, 
have color-shifting properties with viewing angles 
that defeat color copiers and the like, since toners 
have no color-shifting properties (Figure 26). These 
pigments also have an additional security feature, 
namely, that when viewed through a circular 
polarizer having the opposite twist, the color- 
shifting pigments appear black. 


ores Sr, 
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Figure 26 Anticounterfeit label showing liquid crystal 
coating viewed straight-on and at tilt angles. Courtesy of Flex 
Products Inc. 


without polarizer 


image invisible 


ill 


A special technology known as linear photo- 
polymerization (LPP) is a process to produce 
photo-patterned liquid crystal polymer (LCP) A/4 
phase retarders, which, when combined with a 
series of layers involving a reflector, and a linear 
polarizer, shows positive and negative images. 
Without the diagnostic linear polarizer, however, 
the image is invisible (Figure 27). 

Adding a nematic liquid crystal layer, which 
exhibits a helical twist configuration, extends this 
technology. The latter technology can produce 
colored images when viewed with a linear polarizer. 
Such devices can be coated or hot-stamped onto a 
substrate containing viewable information. 


Combination Devices 


Beginning in 2000, combinations of holographic 
structures with liquid crystal or interference thin 
films were developed, which could make counter- 
feiting even more difficult. Such structures emerge as 
a hologram floating on a color shifting background. 
Magnetic layers, integrated into part of the optical 
interference stack, allow spatial orientation and 3D 
effects during printing. 


Decorative Coatings 


Coatings Based on Diffractive Pigments 


When pigments based on diffractive effects are 
created, individual flakes have surface contours 
of groove-like structures of 2000-3500 lines mm '. 
In spray-out coatings using such pigments, diverse 
interplay of subtle rainbow colors results (Figure 28). 
The effect is particularly striking in full sunlight 
as, for example, on curved surfaces found on 
cars and motorcycles. Some manufacturers have 


successfully used finely shredded diffraction gratings 


detection with a linear polarizer 
positive invisible 


negative invisible 








LPP/LCP security device 








polarizers (+45° and 0°) 


Figure 27 Reflective optical LPP/LCP security device showing a complex LPP/LCP retarder image visualized with one polarizer; 
rotation of the polarizer changes the image from positive to negative. Reproduced with permission from Rolic Research, Ltd. 
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Figure 28 Motorcycle painted with diffraction-based pigments. 
Courtesy of Flex Products, Inc. 


(ca. 25 microns thick) as flakes mixed in paints for 
decorative purposes. The use of such thick flakes 
seriously limits the applicability and uniformity of 
the coating. 


Coatings Based on Interference Pigments 


Pigment-based interference effects are widely known 
and have been used for decades in the paint, plastics, 
and cosmetic industries. These structures are based on 
TiO, coated mica, where the mica thickness is 
between 300 and 600nm with planar diameters 
ranging from 1 to 200 microns, depending on the 
application. 

Depending on the thickness of the TiO>, different 
reflective colors of silver, gold, red, blue, and green 
are achievable. For maximum color reflection, a black 
substrate or viewing at a particular angle is required 
so as to prevent dilution of the reflected color from 
light reflected from the substrate surface. Colored 
mica pigments are platelets of mica coated with 
colored oxides. Metallic-like colors are also formed 
from iron oxide coated micas. In the first instance, 
two colors may be seen: the platelet color (due to 
absorption) and the interference color at one angle. 
Only the interference color may be seen at another 
viewing angle. If the substrate is colored, the color 
switches from the interference color to the substrate 
color as the viewing angle changes. More recently, 
laminar pigments with an all-dielectric optical stack 
have been produced with a low-index central core, 
encapsulated with high-index layers that cause 
interference. 

Interference pigments based on absorber/dielec- 
tric/metal/dielectric/absorber have also been intro- 
duced into the decorative marketplace. These 
structures are based on aluminum as the central 
layer, a dielectric spacer layer, and either a wavelength 
selective absorber layer such as iron oxide (Fe.O3) or 
a nonwavelength selective absorber such as chro- 
mium (Cr). In Fe2O3 based pigments, the face-on 
colors are mainly found in the yellows and reds 
whereas for the Cr-based pigments, a full color gamut 
is possible. 


Diffractive Foils 


These foils are based on diffractive and grating 
surfaces where the contours are generally less than 
2000 lines mm’. These materials show a glittering 
effect, i.e., multiple points of color, as the viewing 
angle is changed. 


Interference Polymeric Films 


These films are made from multilayer extrusions of 
pairs of polymers of 50 or more layers. Each pair is 
composed of two different polymers with a slightly 
different refractive index. Each layer is approximately 
one-quarter wave in thickness. Due to the small 
refractive index differences between layers, the 
resultant film is approximately 25 microns thick. 
Uniform color at a given viewing angle is generally 
not possible due to the lack of thickness control. 
Hence, they tend to look like oil slicks, with each 
color changing as the viewing angle changes 
(Figure 29). Interference polymeric films have found 
use as decorative gift wrapping material. 


Holographic Foils 


As indicated earlier, holograms designed for non- 
security markets may range from simple 2D holo- 
grams to more complex ones that function for either 
decorative or brand protection purposes. Another 
application of holographic foils is in holographic 
fabrics, whereby small holograms approximating 
several millimeters in diameter are affixed in a pattern 
to the cloth (Figure 30). 


Aluminum Flake Based Inks and Coatings 


These inks are composed of leafing or nonleafing 
aluminum powders and a polymeric vehicle. The use 
of leafing pigments produces images and coatings of 
high brilliance, whereas nonleafing pigments produce 
a matte or satin-like finish. 





Figure 29 Visual effect from multilayer extruded polymeric film. 
Reproduced with permission from Englehard Corporation. 
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Summary and Challenges for 
the Future 


Optical scientists have shown tremendous creati- 
vity in discovering and employing clever technical 
devices in the fight against counterfeiting of valu- 
able documents. Optical solutions have been created 
that meet the functional as well as the economic needs 
of the document security industry. A cadre of research 
institutions and manufacturing companies has 
accepted the challenge of protecting the instruments 
of our economic and physical security. 

This vigilance will have to continue in the future. 
Nearly as fast as new defenses are developed, 
criminals are illicitly using new tools to defeat the 
protection schemes. Financing for sophisticated 
counterfeiting efforts is likely to increase, whether 
sourced by international terrorists or drug dealers. 
Likewise, the more we move toward an information 





Figure 30 Fabrics showing holographic effects. Reproduced 
with permission from Amagic Holographics, Inc./K-Laser Tech- 
nology, Inc. 


Table 2 Internet sites: Banknote Design & Protection 


Sponsor 


society, the more we depend on machines to count, 
sort, and verify documents and money. This machine- 
driven trend will mandate new features, especially in 
banknotes and cards. 

It is likely that the future of optical anticounterfeit- 
ing technology will be strongly influenced by: 


e Active, rather than passive, devices. That is, 
devices that can be applied to a document and 
later stimulated or interrogated by a machine to 
elicit a specific effect or signal. 

e Schemes that may be merged with new biometric 
technologies, especially for individualized docu- 
ments, such as passports and identification cards. 
In such applications, it will be necessary to confirm 
that a document is genuine, and that it is in the 
possession of its rightful owner. 

e The need to clearly differentiate security appli- 
cations from decorative or aesthetic uses. Effective 
security products must always be carefully 
controlled and their availability limited. 

e The willingness of the public to accept regular 
changes in the appearance of value documents. 
Currency will have to undergo redesign on a three- 
to-six year cycle, rather than the long cycles typical 
in the past. 


This chapter was intended only as a survey of 
the issues involved in anticounterfeiting protection. 
To learn more about the optical methods discussed 
here, or to learn more about the science of anti- 
counterfeiting, please consult the “Further Reading” 
section and the Internet sites listed in Table 2. 


Web Address 





Amagic Holographics, Inc. 
American Bank Note Holographics, Inc. 
Bank of England 

Bundesdruckerei GmbH 

Crane & Co. 

Engelhard Corporation 

European Central Bank 

Flex Products, Inc. 

Giesecke & Devrient 

Graphic Security Systems Corp. 
Hologram Industries 

Joh Enschedé 

K-Laser Technology, Inc. 

Light Impressions International, Inc. 
November AG 

OVD Kinegram Corporation 
Papierfabrik Louisenthal GmbH 
Rolic Research, Ltd. 

SICPA Security Inks 

Thomas De La Rue 

United States Bureau of Engraving 


http://www.amagic-usa.com/ 
http://www.abholographics.com/ 

http://www. bankofengland.co.uk/banknotes/index.htm 
http://www. bundesdruckerei.de/en/products/index.html 
http://www.crane.com/specialty_papers/default.asp 
http://www.engelhard.com/ 

http://www.ecb.int/ 
http://www.ocli.com/markets/flex_products.html 
http://www.gdm.de/eng/main/home/index.php4 
http://www.graphicsecurity.com 

http://www. hologram-industries.com/pages/index.htm 
http://www.joh-enschede.nl/divisies/jess-engels.html 
http://www.klaser.com.tw 

http://www. lightimpressions.com/ 
http://www.november-ag.de 

http://www. kinegram.com/ 

http://www. louisenthal.de/ 

http://www.rolic.com/ 
http://www.sicpa.com/default.asp?lang=e 
http://www.delarue.com/ 

http://www.bep.treas.gov/ 


music etc,) behind, which is then fed via the resistor into the earphone. The 
earphone changes electrical impulses from the diode detector, into sound waves 
that we can hear. You need the R1 resistor to provide a pathway for the signals 
going through the diode, out to the ground wire connection. Without this resistor, 
the signals would sound very distorted and you couldn't hear the program signal 


very clearly. 


Add Tip Ask Question 


Step 7: Adding the Polyvaricon Tuning Capacitor 
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List of Units and Nomenclature 


2D two-dimensional 
3D three-dimensional 
CIE Commission Internatio- 


nale de |’Eclairage; Inter- 
national Commission on 
Illumination 

(L* = Lightness; a*.b” = 
chroma coordinates) 


CIELAB color space 


CMYK cyan-magenta-yellow- 
black 

QW quarter wave 

See also 


Holography, Techniques: Color Holography; Holo- 
graphic Interferometry; Holographic Recording Materials 
and their Processing; Sandwich Holography and Light in 
Flight. Microscopy: Interference Microscopy. Optical 
Coatings: Thin-film Optical Coatings. Polarization: 
Introduction; Matrix Analysis. 
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What do a human, a plant, the photoresist used in 
microfabrication, and a polymer have in common? 
Why has carbon become a crucial part of all known 
living systems? The answer to these questions may be 


embedded in carbon’s hybrid bonding structure (sp, 
sp’, and sp* C-C bonds). Carbon has 4 electrons in 
its outermost shell (the valence shell), which is the 
second shell. At first sight, one would expect that 
these 4 electrons are distributed among its one 2s and 
three 2p orbitals. However, it is well known that, in 
the diamond lattice, each carbon atom bonds with its 
four neighbors. Are the electrons in 2s and 2p orbitals 
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responsible for the four bonds? One possible answer 
is that the 2s, 2p,, 2p,, and 2p, orbitals of the carbon 
atom form bonds with their neighbors. There are two 
problems with this answer. First, these bonds will 
have different strengths (s and p orbitals), which is in 
contradiction with the experimental fact indicating 
an equal strength for all the four C-C bonds in the 
diamond. Second, the computed strength of such 
bonds will be lower than that found experimentally. 
What is then the nature of C-C bonds found in 
organic compounds? 


2p, 


Four sp? orbitals 
2p, 


Figure 1 Hybridization of s and p orbitals in carbon to form sp® 
orbitals, which form the so-called sigma bonds responsible for the 


strong diamond lattice. 


The answer to this difficult question was provided 
in 1931 by Linus Pauling (1901-1994), the winner of 
two Nobel prizes. With the help of quantum 
mechanical calculations, Pauling showed how one 
s orbital and three p orbitals can mix, or hybridize, to 
form four equivalent atomic orbitals with tetrahedral 
orientation. The resulting hybrid orbitals are called 
sp® orbitals as shown in Figure 1. The sp* or sp! 
orbital results if two or one p orbital combine with 
the s orbital, respectively, to form the hybrid. While 
sp> C-C bonds lead to a diamond lattice, the sp* 
C-C bonds lead to graphite, and a material which 
contains both sp* and sp* C-C bonds is called 
diamond-like carbon (DLC). The optical properties, 
such as the bandgap, of DLC depend on the sp°/sp* 
ratio. If a sheet consisting of a monolayer of graphite, 
which consists of sp* bonds, is wrapped into a pipe, 
the resulting structure is called a single-wall nanotube 
(SWNT), as shown in Figure 2a. A multiwall 
nanotube (MWNT) has many such _ layers 
(Figure 2b-c). Other elements such as oxygen 
(in H,O) and nitrogen (in NH3) also form sp° 
orbitals but carbon seems to be only one which is 
capable of forming sp, sp”, or sp* bonds, depending 
upon the bonding environment (Figure 3). 
This may explain why nature has selected carbon 





Figure 2 CNT: (a) drawing of a single wall CNT showing sp” bonded layer; (b) a mat of multi-wall CNTs; and (c) a TEM of MWNT 


showing 13 sp? bonded layers. 
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2 micrometers 


Figure 3 Polycrystalline diamond film; crystalline regions separated by grain boundaries containing non-diamond phases. 


Sp? C-C bonds; crystalline 
diamond inside the grain 


Sp? and Sp' C—C bonas; 
non-diamond phases at the grain 
boundaries 





Table 1 Comparison of semiconductor properties 
Property Diamond Si GaA B-SiC 
Poly-C Crystalline 
Fig. of merit 
Johnson, 107° W 0 s~? 73 856 62.5 10 240 
Keyes, 107 Wem™'s-?°C 444 13.8 6.3 90.3 
Sat. electron vel., 10’ cms! 2.7 1 2.5 
Carrier mobilities, (em? V's” ') 
Holes 1-165 1600 600 400 50 
Electrons 2200 1500 8500 400 
Resistivity, Q cm 10° 7-108 10 3—10'S 104-108 2-108 150 
Breakdown field, MV cm~! 0.1-1 10 0.3 6 4 
Band gap, eV 5.45 1.12 1.42 3 
Dielectric constant 6.7 5.5 11.7 12.5 9.7 
Thermal expan. coeff., 107°C! 2.6 11 2.6 5.9 4.7 
Thermal cond., Wcm7' K~' 20 4-22 1.5 0.5 5 
Lattice constant, A 3.57 5.43 5.65 4.36 
Density, g/em® 3.52 2.32 5.31 3.215 
Melting point, °C 40007 1412 1240 2540 
Hardness, kg mm~? 10 000 1000 600 3500 
Poisson ratio 0.11 0.15 0.23 0.315 
Young’s modulus, 10'? Pa 0.8-1.2 1.1-1.2 0.155 0.085 0.7 


*Diamond may convert to graphite well below 4000 °C depending upon the ambient and it oxidizes at 650 °C to form CO2/CO in Oo. 


(perhaps due to its bonding flexibility, to form long 
C-C chains and rings) as the material of choice for 
building living systems. 

The sp® bonding in a diamond lattice makes it a 
very unique material with a combination of proper- 
ties not matched by any other known materials 
(Table 1). In fact, the C-C sp? bond in diamond 
is responsible for its remarkable properties leading 
to current and potential applications as shown in 
Figure 4. Although diamond (for centuries) and its 
bonding structure (for over 70 years) has been known 
for a long time, the growth of diamond films using 
chemical vapor deposition (CVD) took a long time to 
mature. Again, this delay relates to the difficulty with 


which the diamond lattice with sp* C-C bonds is 
fabricated. 


Diamond Growth by CVD 


First evidence of diamond growth by CVD, by 
Eversole in 1952-1953, led to the use of Hy and 
CH, in the hot filament CVD (HFCVD) to grow 
diamond on diamond substrates (homoepitaxial 
growth) by Angus in 1971. The inexpensive CVD 
polycrystalline diamond (poly-C) was grown on 
non-diamond substrates by Deryagin in 1976, Spitsyn 
in 1981, and by Matsumoto et al. in 1983. Currently, 
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Sp? bonds 
in the diamond 
lattice lead to its 
unique properties 









Optical; windows, 
coatings, RFMEMS, 
Optical MEMS, switches, 
microlenses, spectrometers, etc. 





Mechanical; coatings, abrasives, tools, MEMS, etc. 
Electrical; devices, semiconductor, packaging, sensors, etc. 


Thermal; heat sinks, sensors, bolometers, heaters, etc. 





Figure 4 Sp® bonds in diamond make it a unique material. 


Table 2 Different diamond deposition methods 


Chemical; electrodes, sensors, coatings, etc. 





Methods HFCVD MPCVD DC-arc Jet CVD Combustion Multiple pulsed 
synthesis laser 

Deposition rate (wm/hr) 0.1-10 0.1-10 30-150 4-40 3600 

Substrate temperature (°C) 300-1000 300-1200 800-1100 600-1400 50 

Deposition area (cm?) 5-900 5-100 <2 <3 N/A 

Advantages Simple, large area Quality, stability | High rate, good quality Simple, high rate Ultra-high rate 

Disadvantages Contamination, Rate Contamination, Small area Expensive 


fragile filament 


HFCVD, hot filament CVD. 


it is believed that, during the CVD of diamond, the 
CH; is responsible for deposition of C as diamond 
and non-diamond phases. The atomic hydrogen, 
present in the growth environment, removes the 
non-diamond phases leaving behind the diamond 
phase. Near the end of the 1990s, basic science of 
CVD diamond was well understood, and today 
diverse plasma and thermal techniques have been 
developed to produce poly-C films several mm thick 
and over 12 inches in diameter. Optically smooth 
300-micrometer thick undoped poly-C wafers are 
available on the market. Although there are some 
reports of n-type poly-C and crystalline diamond 
growth, the well-established techniques exist only for 
in situ doping of p-type diamond. 

A number of diamond growth techniques are 
currently available for the growth of diamond 
and carbon nanotubes. Microwave plasma CVD 
(MPCVD) can be used for the growth of both 
diamond and carbon nanotubes. As shown in 
Table 2, the deposition rate of diamond shows 
a large variation (0.1-3600 micrometers/hour) 
depending on the growth technique. For applications 
of diamond in optical coatings, optoelectronic devices 
and optical systems, the study of transmission, 
reflection and absorption of light for diamond is 
very important. These properties of diamond are 
responsible for its beauty and glamor. For appli- 
cations in optoelectronic materials, devices 
and systems, the micro-fabrication and -machining 


small area 


technologies are crucial, particularly in the case of 
inexpensive poly-C films. 


Absorption, Reflection, and 
Transmission in Diamond 


The optical properties, which have been studied for 
hundreds of years, of naturally occurring single 
crystal diamond have led to the gem commerce. The 
fundamental concept involved in the tremendous 
historical fame of diamond is its high refractive index, 
ng (in the range of 2.38—2.64 depending upon the 
wavelength of light). The refractive index of a 
material is a measure of decrease of velocity of light 
(which is also true for all electromagnetic waves) 
when the wave enters the material. Mathematically, 
ng is defined by 


Ng = Vvacl Va [1] 
where V,,. and Vy are velocities of light in vacuum 
and diamond, respectively. 

When a beam of light of intensity Ig in air is 
incident normally on the surface of diamond, the 
reflected part of the beam, characterized by the 
reflection coefficient R, depends on ng, and R is 
given by 


[2] 
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where 7, is refractive index of air and ng is given by 
Sellmeier dispersion equation: 


n= 


where A is the wavelength of light expressed in 
micrometers. When the beam enters diamond, part of 
it is absorbed in diamond. The absorption, charac- 
terized by the absorption coefficient a, is caused by: 
(i) impurities (such as nitrogen, boron, hydrogen, 
etc.); and/or (ii) intrinsic defects (such as dangling 
bonds, sp* bonds, and sp bonds). However, if the 
energy of light is close to or above the bandgap of 
diamond (5.5 eV), the absorption can be caused by 
electronic transitions from valence to conduction 
bands. The intensity I(x) at a distance x below the 
diamond surface is given by 





0.33d2 
2 — 0.031 


4.3 
2 — 0.0121 





[3] 


I(x) = Ip. — R) exp(—ax) [4] 


The fundamental expressions for a are different for 
indirect and direct type semiconductors. However, 
the modeling of a, for energies close to the bandgap 
of diamond, can be accomplished empirically using 
Urbach’s rule according to the following equation: 


o(T\(E — Eo) 


kT [5] 


a= a exp| 
where aj and o are Ubach tail parameters, and 
Eo (6.5 eV) is direct gap energy of diamond. K is 
Boltzmann constant and T is the temperature. As 
at T = 300 K, ay = 4.23 x 10!! cm ‘and o = 0.585, 
eqn [5] can be simplified: 


a—423~x 10!! e22-6(E—6.5) [6] 


where the units for a and E are in cm! and eV, 
respectively. Using the expression E = 1.24/A, where 
E is in eV and A is in micrometers, eqn [6] can be 
written as 


a=423~x 101! e277 (UA-S.24) [7] 


where A is in micrometers. The variations of a and ng 
with wavelength and energy of light are shown in 
Figure 5, which are plotted using eqns [3] and [7]. 
Impurities and intrinsic defects in diamond strongly 
affect a, mg, and its other properties. 


Impurities in Diamond 


A pure diamond with perfect lattice structure is 
transparent to ultraviolet (UV), visible, infrared 
(IR), millimeter and microwave regions of the 


electromagnetic spectrum. However, even an impur- 
ity-free diamond has some absorption in the infrared 
due to phonon excitations and an ultraviolet cutoff 
due to band-to-band absorption. The defects, impur- 
ity-related and intrinsic, in single crystal diamond 
have been extensively studied because they strongly 
affect its properties. In fact, diamonds are classified 
according to the type of defects that are dominant. 
Impurities in diamond give rise to additional 
energy levels in its bandgap. If the density of these 
impurities is sufficiently high, they can cause 
absorption of electromagnetic radiation (including 
light) on one hand and break the lattice symmetry on 
the other. The breaking of the lattice symmetry 
can lead to one-phonon IR absorption, which is 
forbidden in pure diamond. The fact that impurities 
affect the optical properties of diamond led to its 
classification into types Ia, Ib, Ha, and IIb which 
correspond to pale yellow, golden yellow, no color, 
and blue, respectively. The transmission properties 
of these various types of diamond are depicted 
in Figure 6. The dominant impurities are nitrogen 
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Figure 5 Wavelength and energy dependence of absorption 
coefficient and refractive index of diamond. 
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Figure 6 Transmission spectra of natural diamond and CVD 
polycrystalline diamond (poly-C). 
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(5—2500 ppm atomic) in type I and boron (10 ppm 
atomic) in type II. It may be pointed out that 
boron-doped diamond is a semiconductor with 
p-type conductivity measured at room temperature. 
Nitrogen-doped diamond does not show n-type 
conductivity at room temperature as the donor levels 
are too deep to be ionized. 


Polycrystalline CVD Diamond 


Due to the lack of a reliable hetero-epitaxial diamond 
growth technique, the crystalline diamond films are 
very expensive (require single crystal diamond sub- 
strates for their growth) and, consequently, their 
widespread commercial use is severely limited. 
Polycrystalline diamond (poly-C) grown by CVD, 
which can be as inexpensive as any other material if 
mass produced, is very attractive for optical and other 
applications (Figure 2). The properties of high-quality 
(with high density of sp*> C-C bonds) poly-C films are 
comparable to those of crystalline films. 

As shown in Figure 6, the transmission properties 
of poly-C are comparable to or better than those of 
type I and II diamonds for part of the energy range. 
Free-standing commercial poly-C films are typically 
polished and have thicknesses in the range of 50-300 
micrometers (the least expensive are 300 wm thick). 
White poly-C films transparent to visible light are also 
available. Such films, with optically smooth surface, 
can be considered free of scattering effects. These 
films can be considered as a transparent plate in 
air and, for normal incidence of light with energy 
less than the bandgap, the transmission coefficient 
is given by 


(l= r= 75) 
1 + rir5 + 2ryr cos(26) 





[8] 


where the Fresnel coefficients are given by 


nN, — Nn Ng Nn 
= a a 1 = d a [9] 
N+ M4 Ng + Ng 


where 1, and mq are refractive indexes of air and 
poly-C, respectively, and 6 is phase change for a 
poly-C film with a thickness of t: 


2 
B= nat [10] 


A 


Using 2, = 1.0003, mg = 2.4, andt = 100 wm, egn [8] 
can be written as 


1 





T= [11] 





1.49 — 0.493 cos( “ ) 








100 + 
= 807 
e 
Ke 
60 + 
40 
200 400 600 800 
(a) A (um) 
100 + 
= ot 
# 
ae 
60 + 
40 + 
200 400 600 800 
{b) Wavenumber (cm7") 


Figure 7 Transmission coefficient of a polished poly-C film 
with a thickness of 100 um as a function of (a) wavelength and 
(b) wavenumber. 


or 
1 


| = 
1.49 — 0.493 cos(0.048 k) 


[12] 





where A is in ym and k, the wavenumber, is in cm '. 
Variation of T as a function of A and k, is shown in 
Figure 7. A similar behavior is observed for non- 
polished poly-C films if the wavelength is larger than 
the surface roughness of the films. For a sample with a 
very rough surface, scattering effects need to be 
included in eqn [8]. 


Electroluminescence in Poly-C 


In a luminescence process, the electron must first be 
excited to higher energy, which can be accomplished 
by light (photoluminescence), electron beam (cath- 
odoluminescence) or electrical energy (electrolumi- 
nescence). A subsequent electron transition to lower 
energies leads to emission of light. A common 
example of electroluminescence is a forward biased 
p—n junction made out of direct bandgap type 
semiconductor such as GaAlAs. The light emitting 
diodes (LED) and LASERS are based on electro- 
luminescence. Red, green, and blue LEDs are made 
from GaAlAs, GaP, and SiC/GaN, respectively. 
Indirect bandgap type semiconductors, such as 
diamond, typically do not exhibit electrolumines- 
cence. The fact that electroluminescence has experi- 
mentally been observed in crystalline diamond and 
poly-C seems to be, at first sight, a contradiction of its 
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indirect bandgap. In fact, defects in diamond are 
believed to be responsible for their luminescence 
properties. All types of diamond are found to have a 
number of defects related to vacancies and impurities. 
Due to a unique combination of properties of 
diamond (Table 1), its electroluminescence properties 
offer a very unique application potential in optical 
microelectromechanical systems (MEMS), displays 
and communication devices in IR, visible and UV 
regions. 

Electroluminescence (EL) in optoelectronic devices 
is produced by excitation of electrons by electronic 
current. Yellow-green EL has been observed in 
Schottky diodes made of boron-doped poly-C. 
Blue-green and blue-violet EL has been observed in 
free-standing poly-C films, with thicknesses in the 
range of 15-400 micrometers, when the samples were 
subjected to applied fields in the range of 2 V/um. 
The EL peaks are observed at energies in the range of 
3-3.85 eV, with the main peak occurring at 3 eV. 

Recently, a very interesting type of EL has been 
observed in poly-C and carbon nanotubes, which 
seems to have an application potential in displays and 
optical MEMS. Under applied electric fields in the 
range of 20-40 V/y™m, electrons are known to tunnel 
out of a poly-C film into vacuum and the process is 
called field emission. EL has been observed during the 
field emission process, and this new effect is called 
field emission EL (FEEL). A typical FEEL spectra is 
shown in Figure 8. It is believed that FEEL results 
from direct type defects in poly-C, which are 
populated during the field emission process. The 
electrons in these defects, instead of being field 
emitted, make transitions to lower energy levels 


2500 - 








leading to light emission. The main FEEL peak is 
observed at 2.6 eV which is in the visible range. 


Poly-C Applications 


The current applications of diamond, which include 
optical windows, temperature sensors, heat sinks, 
cutting tools, surgical instruments, and optical coat- 
ings, are based on natural, synthetic, and CVD 
diamond. The cost of producing diamond has always 
been prohibitive in widespread diamond appli- 
cations. Fortunately, over the past 20 years, the 
development of CVD diamond technologies has 
eradicated the fears of diamond being too expensive 
for its widespread applications. As the CVD poly-C 
can be as inexpensive as any other electronic material, 
widespread applications of diamond are expected for 
poly-C. In the area of micro- and nanostructures, 
the poly-C can provide a unique opportunity for both 
polycrystalline and crystalline microdevices. Using 
the present fabrication techniques, the grain size in 
poly-C can be varied in the range from a few tens of 
nanometers (nanocrystalline diamond) to hundreds 
of micrometers (commercial free-standing poly-C 
films). This leads to a whole range of device structures 
ranging from inter- to intra-grain devices. An intra- 
grain device made in poly-C will be an inexpensive 
single crystal device with properties better that those 
found in natural/synthetic diamonds, because an 
intra-grain poly-C device will have a higher degree 
of purity (because it is grown by CVD). 

The applications of poly-C in microsystems 
(current, in-progress, and future) include optical 
MEMS, biological/protective/hard coatings, sensors, 
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Figure 8 FEEL spectra in poly-C as function of wavelength and emission current (inset). 
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field emission displays, and WIMS (wireless inte- 
grated microsystems). Intra-grain microlenses, 
RFMEMS, heat pipes, sensors, microabrasives, and 
spectrometers may lead the way for unique poly-C 
applications. 


Optical MEMS 


A basic MEMS structure, with electrostatic actuation 
mechanism, is shown in . Currently, most of 
the Optical MEMS and RFMEMS (radio frequency 
MEMS) devices are made from poly-Si (polycrystal- 
line Si) using surface or bulk micro-machining 
fabrication techniques. The ability to integrate 
micro-optical elements with movable structures and 
micro-actuators has opened up many new opportu- 
nities for optical and optoelectronics systems, as 
MEMS allow a more effective manipulation of optical 


Electrostatic force 





Figure 9 A simple MEMS structure with electrostatic moving of 
the cantilever beam. 





Figure 10 A poly-C MEMS combdrive for high-quality factor 
resonators, inertial sensors, optical MEMS, etc. Poly-C is superior 
to poly-Si as its Young’s modulus is 4 times higher than that of 
poly-Si. 


structures than the conventional methods. Optical 
MEMS have applications in displays, sensing, data 
storage, and communication systems. Some of the 
examples are optical switches, optical cross-connects, 
wavelength division add/drop mixers, tunable filters/ 
lasers/detectors, dispersion components, polarization 
dispersion components, and spectrometers. 
Material-related limitations put some constraints 
on the current optical MEMS technologies and 
applications. Diamond is an excellent material for 
optical MEMS and can extend the application range 
and reliability. The use of poly-C in optical MEMS 
can also remove the traditional cost constraints 
associated with the use of single crystal diamond. 
Although the poly-C optical MEMS are in their 
infancy, recent developments are very exciting. 
shows a poly-C resonator structure 
fabricated using a poly-C fabrication technology 
compatible with Si processing techniques. Such 
structures, if used as filters and switches, can lead to 
a superior performance as compared to any other 
currently used material. Poly-C on-chip spec- 
trometers are also expected to operate in a large 
wavelength range. 





100 um 


Figure 11 Poly-C microabrasive structures two different 
densities of pyramids. (Courtesy of Dr. H. Bjorkman of Upsala 
University.) 
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Microabrasives 


Poly-C is also a very promising material for micro- 
abrasives. Micromachined poly-C MEMS structures 
have recently been fabricated for possible use for 
microabrasives. Figure 11 shows micromachined 
MEMS structures which are expected to enhance 
the life of a tool. Such abrasives by design are 
inherently cost-effective because they are batch 
fabricated. 


See also 
Light Emitting Diodes. 
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Introduction 


Since the very beginning of laser technology, Laser- 
induced Damage Thresholds (LIDT) of optical 
components were always an obstacle for the devel- 
opment of laser systems operating at high power 
levels. In such systems, the surface or the bulk of the 
optical components can be damaged by laser radia- 
tion of sufficiently high power or energy density 
resulting in an uneconomical standstill of the laser 
and its application. In the early days of high power 
laser development, mainly inclusions in laser rod 
materials were discussed as a major complication for 
an augmentation of the output power in solid state 
laser systems. Nowadays, in the course of the 
development of optical materials with excellent 
quality and power handling capability, the 
problem of laser-induced damage has shifted from 
the bulk to the surface of the optical component. The 
optical surface is subjected to various production 
steps and environmental influences, which modify 
its structure and composition. Especially, the thin 
film coating, which is deposited on the optical surface 
to adapt its reflectance and transmittance to the 
application, contributes predominantly to the 
reduction of the LIDT values. As a consequence, 
the measurement and optimization of the power 
handling capability of thin films is considered as one 
of the primary research areas in modern optics 
technology and is supported by an extensive scientific 
community. 


In the following, a brief review will be given on 
selected fundamental damage mechanisms in thin 
films, considering also the scaling of LIDT values for 
different operation conditions. Also, current stan- 
dards for the measurement of LIDT will be described, 
and examples illustrating some practical aspects of 
high power optical coatings will be presented. 
Finally, a summary of the present state of the art 
will be given and recent trends in laser technology will 
be discussed in respect to research in laser-induced 
damage. 


Fundamental Damage Mechanisms 
in Thin Films 


During thirty years of intense research in laser 
damage of thin films, a broad spectrum of different 
damage and degradation mechanisms had been 
discovered and studied for a variety of laser operation 
conditions and wavelengths. For prominent high- 
power laser systems often applied in industrial 
production fields or fundamental research, specific 
models for laser-induced breakdown have been 
developed, which are also of practical relevance. In 
many experiments, damage sites with the mor- 
phology illustrated in Figure 1 are observed. The 
coating is delaminated from the surface of the optical 
component in the center of the laser beam area. 
Obviously, mechanical stress has built up in the 
coating by heating, which is induced by the absorbed 
laser power. At a certain stress level, exceeding 
the adhesion strength of the coating to substrate 
surface, the thin film cracks and may even delaminate 
from the component. In other cases of this absorp- 
tion-induced damage effect, the film reaches its 
melting point prior to the mechanical threshold and 
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Figure 1 SEM-picture of a damage site on an alternating 
coating of SiO2/HfOz. The system was irradiated by a Nd:YAG- 
laser with an energy density of 45 J/cm?. As a dominant damage 
mechanism, a delamination of the coating by extreme mechanical 
stress is suggested. Reproduced with permission from Ristau D, 
Ebert J and Welling H (1989) Optische Beschichtungen fur 
Hochleistungslaser. Laser und Optoelektronik 21(4): S.49. 


| = 
Figure 2 Nomarski micrograph (magnification 250x) of a 
damage site on an antireflecting coating of SiO2/Taz2Os5. The 
system was irradiated with an energy density of 51 J/cm? at a 
wavelength of 1.064 zm. A delamination of the coating in the 
center of the beam is surrounded by a recrystallization zone. 


evaporates or changes its crystalline structure. The 
morphology of such damage sites exhibits a discolor- 
ing or an increased surface roughness in the center of 
the laser beam (see Figure 2). Absorption-induced 
damage is dominated by the instantaneous heating of 
the coating material in the area of interaction with the 
laser beam and can be described on the basis of the 
heat diffusion equation. In this approach, the source 
term in the heat diffusion equation is given by the heat 


coupled into the system by the absorbed laser power, 
and the boundary conditions are determined by the 
geometry and the structure of the layer system as well 
as the spatial laser beam profile. Apparently, absorp- 
tion-induced damage has to be considered only for 
components with significant absorptance at their 
operation wavelength. Typical examples for coating 
materials and wavelength regimes, where absorption- 
induced damage is frequently observed, are the 
wavelength 10.6 um of the CO -laser with ZnSe, 
ZnS, and fluorides as coating materials, or the DUV/ 
VUV-wavelengths dominated by excimer lasers and 
fluoride coating materials. The effect of absorption- 
induced damage in optical materials is also of 
practical relevance for cw- and long-pulse operation 
conditions of the laser system corresponding to long 
thermal diffusion lengths. For cw-irradiation, the 
temperature rise in the component can be calculated 
by numerical methods involving finite elements or 
differences. For boundary conditions with circular 
symmetry and a Gaussian beam profile (beam 
diameter w, power P), an analytical expression can 
be derived for the temperature rise AT in the center of 
an irradiated circular component 
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In this model the temperature rise is dependent 
on the thermal properties (k: thermal conductivity, 
«x: thermal diffusivity), on the surface absorption of 
the component (8s), and on the beam diameter. For 
irradiation times ¢;, long compared to the typical heat 
diffusion time w?/k, eqn [1] reduces to the asymptotic 
dependence 
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Obviously, the temperature rise AT scales with the 
P/w for these long-time irradiation conditions com- 
pared to the short pulse regime, where the scaling of 
the temperature rise is proportional to P/w*. For the 
application of optical components in high power 
cw- and long-pulse lasers, this P/w scaling law has to 
be considered carefully, because the power handling 
capability depends critically on the size of the 
irradiated area. Also, the onset of damage may be 
delayed in respect to the start of irradiation by time 
constants in the range of several 10 seconds. 

In the course of the development of improved 
coating processes, optical absorptance could be 
reduced to very low levels in the near infrared and 
visible spectral region. For example, high reflecting 
mirrors for the wavelength of the Nd: YAG-laser with 
total losses below 1 ppm can be produced with 
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If you want to expand the tuning range of your Tic Tac Radio, than all you have to 
do is a simple modification (change) to the circuit of your radio set. You can see 
from the 2 pictures above, that there's an alternative way of building the crystal 
radio - you can use the matrix board method or you can use a 4 way screw terminal 
strip. 


To use the screw terminal version, cut yourself a 4 way strip of terminals as shown 
in the diagram and pictures. Undo the screws right out as far as they will go without 
falling out of the strip. Connect the component leads and wires from the 
antenna/ground system as well as the earphone wires. Cut off any excess from 
component leads that you don't need. Wrap thin wires from the antenna/ground 
system and the earphones, around the thicker component leads before screwing 
the screws in tight. 


Regardless of which method you have used, all we will now wire up the tuning 
capacitor between the actual Antenna wire and the junction (join) where the diode 
D1, the fixed capacitor C1 and one end of the inductor meet. Remove the capacitor 
from the matrix board, and connect the Antenna lead out wire straight to the join of 
the diode and inductor. Then take the polyvaricon and another piece of wire. Strip 
both ends of that wire and join the two outer tags (tagged 'O' and 'A' - the centre on 
is tagged 'G') and then connect you actual Antenna wire to one of the outer tags. 
Connect the antenna lead out wire, coming out of the box, to the 'G' (middle) tag of 
the tuning capacitor,so that the antenna wiring now looks like the picture up above. 


If you're having problems following the pictures, then refer to the diagrams, which 
clearly shows all of the connections Make sure your ground wire is connected to 
the set, and then, listening with your earphone in/over your ear, slowly turn the 
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advanced ion beam sputtering processes nowadays. 
Therefore, another principal damage mechanism, 
which is based on inclusions or defects in the 
coatings, is often found in the near infrared spectral 
range. A detail of a damage site representing inclusion 
dominated damage induced by a pulsed Nd:YAG- 
laser in a coating of HfO2/SiO; is shown in Figure 3. 
In the laser beam area numerous craters are located, 
which extend from circular voids with different 
diameters in a range below 1pm. At the high 
magnification of the employed electron microscope, 
the multilayer structure of the coating system can be 
resolved indicating an origin of damage approxi- 
mately in the same depth of the layer structure at the 
substrate surface. The underlying damage mechanism 
is initiated by inclusions or other defects with an 
absorption, which is significantly higher than for the 
surrounding thin film material. As a consequence, the 
inclusion is rapidly heated during the interaction with 
the laser beam and explodes removing the covering 
layer structure. This inclusion breakdown can be 
modeled by calculating the temperature behavior T(r) 
at the radial position r of a sphere (radius g, thermal 
conductivity kp, diffusivity kz) which is embedded 
in a medium with defined properties (see eqn [3]). 
The interaction of the sphere, which has a size in the 
range of the wavelength A and a refractive index 7’, 
with the laser irradiation, is described by the Mie 
absorption coefficient O. For the instant of damage, a 
critical temperature at the outer surface of the sphere 
(r = g) is assumed, which is often related to the 
melting point of the layer material 
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Besides the thermal properties of the host material 
(thermal conductivity k, diffusivity «), the properties 
and the statistic distribution of the inclusions have to 





Figure 3 SEM-picture of damage site on a high reflecting 
coating of SiOz/HfOz. This inclusion-dominated breakdown 
mechanism was initiated at an energy density of approximately 
130 J/cm? with a Nd:YAG-laser. 


be known for a quantitative description of inclusion 
breakdown. 

In contrast to the nearly deterministic behavior of 
absorption induced damage, defect dominated 
damage mechanisms often exhibit a statistical nature. 
Since the inclusions are not homogeneously distri- 
buted in the layer structure, a variation of the thres- 
hold value is observed for different damage sites on a 
single sample. The assessment of the inclusion para- 
meters is extremely difficult in practice. Therefore, the 
inclusion model is mainly employed for the prediction 
of tendencies for the LIDT as a function of the beam 
parameters and the properties of the layer materials. 

Different aspects related to the substrate polishing, 
cleaning, and deposition process have to be con- 
sidered for an investigation in the various origins of 
inclusions or defects in a layer structure. Besides 
contamination of the substrate surface prior to the 
deposition process, particles may be generated during 
the deposition process by mechanical abrasion of 
material from moving parts in the plant or by 
delamination of material coated on the inner walls. 
Also, the deposition source may contribute to the 
formation of defects by sputtering of particles or 
droplets from the melt or the target. Especially in low 
energetic thermal deposition processes, defects are 
often the origin for the formation of nodules. These 
conical faults in the layer structure reduce the LIDT 
because they are less resistant against intensive laser 
radiation than the bulk of the coating system. 

Besides models, which are based on the transform- 
ation of laser radiation into heat, direct electronic 
excitation has to be considered as a breakdown 
mechanism for short-pulse lasers. In these intrinsic 
breakdown models for dielectric materials, the 
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generation of a high electron density in the conduc- 
tion band is assumed. This carrier generation can be 
explained by high field ionization of electrons in the 
valence band of the dielectric material. Many 
theoretical concepts introduce the avalanche effect 
as an important mechanism contributing to the 
generation of free electrons. Electrons excited by 
strong field ionization can interact with the electric 
field and accumulate excitation energy. By collisions 
with the lattice, this energy can be also transferred to 
the electrons in the valence band. Thus, when the 
energy of the free electrons exceed a critical value, 
other electrons can be excited to the conduction band, 
and a carrier generation like an avalanche arises. 
Another theoretical approach is the multiphoton 
model which is formulated on the basis of multi- 
photon absorption for the generation of free elec- 
trons. In most intrinsic models it is assumed, that 
laser-induced damage breakdown occurs when the 
electron density in the conduction band reaches a 
critical value of approximately 107! 1/cm*. At this 
high electron density, a plasma state is reached and 
the impinging radiation is coupled efficiently into the 
layer structure resulting in its destruction. 

Intrinsic damage is often characterized by a 
deterministic damage behavior with a well defined 
threshold value which is also characteristic for 
damage in bulk materials. As a prominent example, 
damage induced by ultra-short pulses with a duration 
below 1ps can be often attributed to intrinsic 
mechanisms, because the diffusion length of thermal 
effects can be neglected in comparison to the intensive 
interaction of the laser radiation with the electrons of 
the coating materials. In this case, the generation rate 
dn/dt of electrons in the conduction band can be 
described on the basis of the impact ionization rate 
and multiphoton excitation 


dn m 
Gp 7 Mal + Bn alo | [4] 
In this model I(¢) is the power density of the laser 
radiation, and q is a correction factor representing 
interference effects in the coatings, which may result 
in a local power exceeding the power density of 
the radiation impinging on to the layer system. The 
electron excitation mechanisms are described by the 
impact ionization coefficient a and the m-photon 
absorption coefficient B,,. The relative contributions 
of both excitation mechanisms to laser-induced 
breakdown are depending on the pulse duration and 
the bandgap energy of the layer material. 

In a rough approximation, the damage threshold 
increases with the bandgap energy of the materials as 
a consequence of the photon absorption coefficient 


Bm decreasing with its order m. For short pulse 
durations below a few 10 fs, multiphoton processes 
contribute significantly in the range of some 10% to 
the free-carrier generation. In most materials, ava- 
lanche ionization develops to the dominant gener- 
ation mechanism for pulse durations above 100 fs. 
These tendencies could be demonstrated for single 
layers of selected oxide material deposited by ion 
beam sputtering on quartz substrates, which were 
tested in a pulse duration regime from 20 fs to 1 ps. 
According to the theoretical model, the expected 
increase of the damage also influencing values with 
the pulse duration was observed in the damage 
experiments. 

In practice, the power handling capability of 
optical components is also often limited by imperfec- 
tions like scratches, digs, and areas with high rough- 
ness on the optical surface. In most deposition 
techniques applied in optical technology, the layer 
system tends to replicate or even enhance surface 
imperfections of the substrate. In the application, 
additional weak points may be introduced by 
improper handling or contamination of the optical 
surfaces. If the contaminants are not removed by the 
impinging high-power laser radiation, they increase 
the surface absorption and act as initiation points for 
laser-induced damage. Voids, grooves, pores, or 
scratches reduce the power capability of the optical 
element, because they act as concentrators for the 
electric field. 


Units and Scaling of Laser-Induced 
Damage Threshold 


According to the theoretical models of laser-induced 
damage, the appropriate units of measurement for 
LIDT values are mainly given by the dominant 
damage mechanism and the irradiation time. For 
pulsed laser radiation and dielectric breakdown 
effects, the laser-induced damage threshold is usually 
reported in W/cm”. In the case of absorption-induced 
damage or inclusion dominated breakdown and a 
pulse duration short compared to the thermal 
diffusion time in the layer structure, LIDT values 
are often scaled in J/cm*. The unit of linear power 
density (W/cm) is indicated for the LIDT of long- 
pulse, cw-lasers or other sources, which induce a 
temperature increase in the optical component with 
rise times in the regime of seconds. 

Laser-induced damage thresholds of optical thin 
films are critically dependent on the operation 
conditions of the applied laser system and on the 
design of the layer structure. For example, even the 
damage mechanism can change if the wavelength 
or the pulse duration is varied. Therefore, LIDT 
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values should be scaled with the irradiation 
parameters only for small intervals, in cases 
where the fundamental damage mechanism is 
clarified. In all other situations, the extrapolation 
of threshold values is extremely difficult and may 
lead to inaccurate results. Especially, an over- 
estimation of the LIDT value holds severe dangers 
in practical applications, where the replacement of 
a damaged component and the repair of other 
parts impaired by the damage event causes high 
expenses. If the damaged components consist of 
toxic materials (e.g., ZnSe, GaAs, CdTe, ThF4, 
chalcogenides, Be, Cr, etc.) severe health hazards 
may occur, and an expensive decontamination of 
the environment may be necessary. Therefore, the 
determination of the laser-induced damage 
threshold using the actual laser parameters under 
controlled environmental conditions is always 
recommended for unclear cases. 

In the present state of research in laser-induced 
damage mechanisms, only few tendencies are 
generally accepted as confident for scaling of LIDT 
values. As a function of the pulse duration, laser- 
induced damage thresholds increase for longer pulses. 
For inclusion and absorption dominated breakdown, 
a ty-law is often used in the pulse duration regime 
between 10°'° to 108s. This dependency can be 
extended to other pulse regimes up to pulse lengths in 
the ms-range, if the exponent is replaced by a value 
between 0.5 to 2. In respect to the laser wavelength, a 
decrease of the LIDT value with decreasing wave- 
length is observed for most materials and operational 
conditions. Investigations in the influence of the beam 
diameter have been performed by many research 
groups, indicating a decrease of the LIDT values for 
increasing beam diameters. Especially for inclusion 
dominated breakdown, the event of damage for a 
certain laser irradiated site will be dependent on the 
distribution of inclusions at that position. If the beam 
size is small, the probability for interrogating a defect 
vulnerable to damage is low. By increasing the spot 
diameter, this probability will asymptotically reach 
unity, because at a certain beam diameter, at least 
one defect will always be covered by the beam. 





















Therefore, the onset of laser-induced damage is not 
dependent on the beam diameter for inclusion- 
dominated breakdown, which is often encountered 
in conventional optical coating systems. Another 
special case is the scaling of the cw-damage threshold 
with the beam diameter. Since the cw-LIDT is 
expressed in linear power density, the power handling 
capability increases more slowly with the beam 
diameter for the cw-lasers than expected from the 
normal pulsed operation. For example, extrapolating 
the LIDT value of 100 Wat a beam diameter of 1 mm 
for a laser mirror to a beam diameter of 10 mm, 
results in a maximum power load for the component 
of 1kW according to the correct P/w-law. The 
threshold power would be extremely overestimated 
to approximately 3.2 kW, if the general P/w?-depen- 
dence is applied. 


Measurement of Laser-Induced 
Damage Thresholds 


As a consequence of the complicated relation 
between the laser damage mechanism and a broad 
spectrum of thin film properties and laser para- 
meters, laser-induced damage threshold measure- 
ments have to be performed under well-defined 
conditions. To investigate the comparability of 
LIDT measurements, an extended international 
round-robin experiment has been conducted on 
coated optics for the wavelength of 1.064 um at 
the beginning of the 1980s. This experiment 
indicated the need for a clearly specified LIDT- 
measurement procedure, and conceptual work was 
initiated to develop a corresponding ISO-Standard 
series. During recent years, an International Standard 
(ISO 11254) has been adopted covering testing 
conditions relevant for most typical laser appli- 
cations. In the first part of ISO 11254 1 on 1-testing 
of optical surfaces, in respect to laser damage, is 
described. The fundamental approach of the stan- 
dard measurement procedure is illustrated in 
Figure 4. A laser source operating in transversal 
and longitudinal single mode is employed for 
the irradiation of the sample surface. The beam 
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Fundamental setup for the measurement of laser-induced damage thresholds. 
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parameters of the laser are assessed by a beam 
diagnostic system which monitors the spatial and 
temporal profile as well as the energy of the laser 
radiation in the target plane. In order to achieve the 
high energy density levels necessary to destroy the 
surface of the specimen, a well characterized 
focusing system is installed. For adjustment of the 
laser energy in the target plane, an attenuating 
system is employed. In the 1 on 1 measurement 
protocol, each site on the sample surface is subjected 
to a single laser pulse once only. In a test sequence, 
the test surface is examined by pulses of different 
energies, covering low values without damage and 
high values causing damage. After the test, the 
specimen will be inspected with a Nomarski inter- 
ference contrast or a darkfield microscope at a 
magnification of 150x or higher to identify the 
damaged sites. For the evaluation of the damage test, 
the damage probability method is recommended. In 
this evaluation scheme, the ratio of the number of 
damaged sites to the total number of sites objected to 
a certain energy or power level is interpreted as the 
damage probability. The plot of these damage 
probability values as a function of energy or 
power, which is called the survival curve of the 
optical component, provides an insight into the 
damage mechanisms involved. The damage 
threshold is given by the highest quantity of laser 
radiation for which the extrapolated probability of 
damage is zero. A typical example for a 1 on 1 
damage test at the wavelength 1.064 wm and the 
extrapolated LIDT value is depicted in Figure 5. 

In most catalogs of optics manufacturers, the 1 on 1 
LIDT values are used to illustrate the power handling 


100% 


Damage probability 
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Figure 5 Survival curve of an anti-reflective layer system (two 
layer V-coating, SiOz/TazOs) on fused silica substrate for the 
Nd:YAG-laser wavelength. The measurement was performed at a 
wavelength of 1.064 zm, a beam diameter of 420 um, and a pulse 
duration of approximately 15 ns, respectively. 
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Figure 6 Characteristic damage curve of a high reflecting mirror 
of SiO./TiOz for fs-laser systems. The layer structure was tested 
with a high repetition (1 kHz repetition rate) fs laser system 
operating at a pulse duration of 150 fs. 


capability of their products, even though 1 on 1 data 
are of limited importance for practical applications, 
where an optical component is always subjected more 
than one time to a laser beam. This customary 
situation is covered by Part 2 of the ISO-LIDT- 
Standard which describes a damage test procedure for 
a series of pulses (S on 1-tests). For an assessment of 
the reliability, the concept of the characteristic 
damage curve is introduced by this standard. This 
curve is deduced directly from the S on 1 test data by 
plotting the energy density for a selected damage 
probability as a function of the number of pulses (see 
Figure 6). By an extrapolation of the characteristic 
damage curve to high pulse numbers in the order of 
10? to 10'* shots, the lifetime of the optical 
component can be roughly estimated. For a certifica- 
tion of optical components in respect to their power 
handling capability, a third part of ISO 11254 is 
under development, which is concentrated on differ- 
ent testing protocols of a defined surface fraction at 
power levels expected in the application. The funda- 
mental approach of these tests is a simulation of 
conditions at the upper limits of operation parameters 
encountered in practice. 


Optical Coatings for High Power 
Lasers 


For the development and application of coating 
systems with high LIDT values, several major aspects 
have to be considered. In the first approach, appro- 
priate materials and processes have to be selected 
which deliver coatings with sufficient power resist- 
ance. In many studies, a correlation of the LIDT 
values of the constituent single layers to the power 
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handling capability of a layer system was observed. 
Therefore, single layers of potential deposition 
materials were investigated at the wavelengths of 
prominent laser systems from the VUV- to the FIR- 
spectral region. For specific deposition processes, 
often a clear ranking of the coating materials in 
respect to their power handling capability could be 
demonstrated. An example for a Nd:YAG-laser 
with a pulse duration of 15ns is illustrated by 
Table 1. With the exception of the ZrO>-layer, 
which exhibited severe inhomogeneity and a high 
inclusion density, a correlation can be assumed 
between the LIDT value and the melting point of the 
bulk materials under these operation conditions. This 
dependency can be attributed to absorption-induced 
damage as well as to the inclusion model, and 
therefore, the damage morphology has to be studied 
in each case to identify the dominating damage 
mechanism. In the fs-regime or the UV/VUV-spectral 
range, often a dependence of the power handling 
capability on the bandgap of the materials is found. 
According to the relationships of the avalanche and 
other dielectric breakdown models, materials with 
highest bandgaps are frequently encountered at the 
top of an LIDT ranking. 

For the influence of the coating process on the laser- 
induced breakdown of optical coatings, no clear 
tendencies can be detected. For example, Ion Beam 
Sputtering (IBS), which is considered as the depo- 
sition process for coatings with extremely low losses 
and contamination, cannot always surpass conven- 
tional thermal deposition processes in laser stability. 
In general, ion or plasma assisted deposition tech- 
niques produce coatings with lower LIDT values than 
conventional coating processes for most operation 
conditions. Sol-gel processes, which were developed 
for the deposition of removable coatings on large 
optics in laser fusion, can reach superior power 
handling capabilities. In general, as a consequence of 
the complicated relation between the production 


Table 1 Laser induced damage thresholds of selected single- 
layer coatings in relation to the melting points of the corresponding 
bulk materials. In the last column, LIDT values of anti-reflective 
coatings (AR-Coating) composed of the high index material and 
SiOz are compiled to illustrate the correlation between single LIDT 
values and the damage threshold of layer systems 


Material Melting point LIDT value LIDT value 





(°C) (J/em”) single layer (J/em*) AR-coating 
TiOs 1775 13+1 14+1 
TazO, 1918 28+2 3245 
HfOz 2758 41+3 46+6 
ZrO, 2700 3444 28 +4 
AlsO3 2072 39 +1 
SiOz 1723 3447 


parameters and laser-induced breakdown, pro- 
duction processes for optical coatings have to be 
optimized separately for different wavelength regimes 
and irradiation conditions. 

Besides the fundamental production parameters, 
the design of the coating system is of similar 
importance for the achievement of high LIDT values, 
because damage is directly driven by the electric field 
strength in the layer structure. A standing wave field 
pattern is depicted in Figure 7 for a high reflecting 
stack of Ta.O; and SiOz. The design consisting of 
layers with an optical thickness of 1 QWOT is typical 
for most standard laser mirrors. The power density 
reaches extreme values always at the interfaces 
between the layers and even exceeds the incoming 
irradiation power density (100%). Interfaces between 
the layers can be considered as weak points in a 
coating system, because additional contamination 
may occur during the switching of the material in the 
production process. Also, the adhesion between the 
adjacent layers may be reduced, and mechanical 
stress may be built up by the different materials. To 
improve damage thresholds of laser mirrors, the 
thickness of the first few layer pairs can be adjusted to 
shift the points of maximum field strength into the 
bulk of the layer with higher damage resistivity (see 
Figure 8). Also, a thick layer can be attached to the 
system in order to stabilize the outer layer pair in 
respect to thermal or mechanical stress. Another 
technique, which can be applied to enhance the 
stability of the interface is the codeposition of 
materials, resulting in a gradual interface with a 
mixing zone of materials between the layers. This 
region of codeposited material exhibits a higher 
resistance against mechanical stress resulting in an 
improvement of LIDT values of up to 20%. 

The effect of the internal electric field strength 
distribution on the power handling capability of a 
layer system should be most apparent for intrinsic 
damage mechanisms, which are dominant in the ultra 
short pulse regime below 1 ps. According to the 
fundamental model (see eqn [4]), a direct relationship 
of the damage threshold to the maximum field 
strength value within the layer system is expected. 
As an example, an investigation in the threshold 
behavior of ion beam sputtered coating systems with 
different field strength values is illustrated in Figure 9. 
In this experiment, the maximum field strength in the 
last low index layer of SiOz has been adjusted to 
factors between 0.4 and 1.6 of the impinging field 
strength (see upper diagram in Figure 9) by depositing 
different designs on a basic 1-QWOT layer stack of 
TiO3/SiO>. In the lower part of Figure 9, the S on 1 
LIDT values, measured with a fs-laser, are depicted 
for selected pulse numbers N. For all layer systems, 
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Figure 7 Distribution of the power density in a high reflecting layer stack of SiO2/TazOs. The first nine layers of the system and a final 
thick stabilizing layer of SiO. next to the air interface are depicted. The incoming energy density is calibrated to 100%. Reproduced with 
permission from Ristan D, Ebert J and Welling H (1989) Optische Beschichtungen fur Hochleistungslaser. Laser und Optoelektronik 
21(4): $.53. 
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Figure 8 Distribution of power density in a high reflecting layer stack of SiO2/Ta2O5. The first nine layers of the system, which is 
designed for reduced power density at the interface in the first layer pair are depicted. Reproduced with permission from Ristan D, 
Ebert J and Welling H (1989) Optische Beschichtungen ftir Hochleistungslaser. Laser und Optoelektronik 21(4): S.53. 


OPTICAL COATINGS / Laser Damage in Thin Film Coatings 347 





1L 1.69L 1.845L 
a =f tt 


2L 0.775H 0.59H OH 
| =I 











1.6 
1.4 
1.2 
1.0 
08 
0.6 


Relative field strength 


0.4 


0.2 (HL)® H XLH (HL)® H 2L XH 


NSC) YT) Tm EV SD 








0.0 
0.6 


0.5 


0.4 


0.3 


0.2 


Energy density [U/cm?] 


0.1 























0.0 


1L 1.69L 1.845. 2L 0.775H 0.59H OH 


Figure 9 Damage thresholds (lower diagram) and internal field 
strength relative to the field strength of the impinging wave (upper 
diagram). The damage thresholds were measured with an ultra- 
short pulse laser operating at a repetition rate of 1 kHz, a pulse 
duration of 150 fs, and a beam diameter of 100 1m on the sample 
surface. Damage thresholds for selected numbers between N = 
30 to N = 30 000 of pulses are indicated by columns. The plotted 
maximum field strength in the last SiO2-layer is adjusted on the 
basis of design variation. 


which were deposited in separate deposition runs, a 
strong correlation between the maximum field 
strength and the laser threshold is observed. This 
experiment clearly demonstrates the role of the 
electric field strength distribution in high-power 
coatings and the potential of advanced thin film 
design strategies. 

Besides the properties of the coatings, the quality of 
the substrate has to be considered in respect to surface 
imperfections and to the polishing procedure. For 
example, substrates for the production of high- 
quality optics with enhanced power handling capa- 
bility in the VIS/NIR-spectral range should be 
polished to a surface roughness of less than 1 nm,m, 
with a surface imperfection value 5/1 x 0,010 
according to ISO 10110. For an illustration of 
the effect of the polishing grade on the LIDT 
values, selected results are compiled in Table 2 for 
substrates of BK7-glass and high reflecting mirrors. 


Table 2 Laser-induced damage threshold values of samples 
polished using compounds of different grain size. Besides the 
LIDT values of the uncoated surfaces, also data for anti-reflective 
coatings of selected materials on these surfaces are summarized 


Coating type LIDT value LIDT value 
(J/cm*) polishing type |_ (J/cm?) polishing type II 





Bare surface 76+ 1 68 + 12 
TazO;/SiO. 44+2 38 + 1 
HfO./SiO2 47+ 16 oo 2 5 
NdzO3/MgF2 34+6 24+8 


Substrates with the polishing Type I and Type II were 
processed with powder of different grain diameter 
(2 xm and 3 pm) in conventional pitch polishing. For 
the LIDT values of the bare substrate and the 
coatings, a clear relation to the surface roughness 
can be observed. Especially for optical coatings with 
significant transmittance, subsurface damage in the 
substrate has to be taken into account. As a 
consequence of the chemical and mechanical inter- 
action of the surface with the polishing compounds, 
impurities and dislocation are introduced in the 
surface structure resulting in a reduction of the 
damage threshold. 


Summary 


In the course of the rapid development of laser 
technology, a large background in high power optical 
coatings had been built up during the last three 
decades. Nowadays, the corresponding experience in 
the production of high power coatings is mainly 
located at industrial companies and a few research 
institutes, which are also involved in the characteriz- 
ation of optical coatings. For an illustration of the 
present state in thin film technology, damage 
threshold values of advanced optical components 
are summarized in Table 3 for laser systems and 
operation conditions often applied in industrial 
production environments. 

Besides the spectacular experiments in laser fusion, 
isotope separation, and fundamental physics, indus- 
trial applications of lasers in material processing, 
medicine, information technology, and semiconduc- 
tor lithography are considered as major pacemakers 
for the progress of high power optics. Therefore, 
trends in these technology fields will dominantly 
govern the future development of thin film techno- 
logy. For example, in semiconductor lithography at a 
wavelength of 157 nm, which would open the way to 
feature sizes well below 100 nm, optical coatings 
with extended lifetimes are still on rank 6 of the list of 
challenges to achieve an effective lithographic pro- 
duction facility. In next generation lithography, optics 
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Table 3 Laser-induced damage threshold values of selected 
optical coating systems for laser applications (Types: HR: high 
reflecting mirror, AR: antireflective coating, th: thermal evaporation, 
IBS: ion beam sputtering) 





Laser system Type Laser-induced damage 
wavelength threshold ISO 11254 
193 nm, ArF-excimer AR/th 1-2 J/cm? (1 on 1, 20 ns) 
HR/th = 2—4 J/em? (1 on 1, 20 ns) 
248 nm, KrF-excimer AR/th 10 J/cm? (1 on 1, 30 ns) 
HR/th >20 J/cm? (1 on 1, 30 ns) 
HR/IBS >3 J/cm? (1 on 1, 30 ns) 
1,064 um, Nd:YAG ~~ AR‘th >60 J/cm? (12 ns, 0,25 mm) 
HR/th > 100 J/cm? (12 ns, 0,25 mm) 
HR/IBS >80d/cm? (12 ns, 0,25 mm) 
10,6 um, COz-Laser AR/th  >20d/cm? (100ns, 1,4 mm) 
>2 kJ/em? (1,2 ms, 250 um) 
>3kW/mm (cw, 100 ~m) 
HR/th =>25d/em? (100 ns, 1,4 mm) 


> 2 kJ/cm? (1,2 ms, 250 xm) 


of even smaller wavelengths, around 13 nm, have to 
be optimized to achieve the 60 nm node. Ultra-short 
pulse lasers gain importance as innovative tools for 
material processing, laser medicine, and biology, as 
well as the analysis and control of chemical reactions. 
For the development of fs lasers needed in these 
applications, special high-power broadband coating 
systems are required. In addition to high LIDT values, 
these coatings have to fulfil demands with respect to 
their group delay dispersion for the compensation of 
dispersion effects in the laser systems. Other chal- 
lenges have to be expected from applications, where a 
combination of the high-power handling capability 
with additional properties has to be achieved. As a 
typical example, high-power laser coatings with 
improved mechanical or chemical stability for 
applications in laser medicine can be considered. 


List of Units and Nomenclature 


dn/dt generation rate of electrons in the 
conduction band 

g radius of a spherical inclusion; (cm) 

I(t) power density of laser radiation, 

k thermal conductivity; (W/(cm °C)) 

kr thermal conductivity of a spherical 
inclusion; (W/(cm °C)) 

LIDT laser induced damage threshold 
(J/cem*; W/em*; W/cm) 

n refractive index of a spherical 
inclusion; (1) 

P output power of a laser; (W) 

q correction factor representing inter- 
ference effects in coatings 

O Mie absorption coefficient of a 


spherical inclusion; 


quarter wave optical thickness: unit 
for the thickness of the layer 
ty irradiation time for a cw-laser; (s) 


QWOT 


T(r) temperature in a spherical inclusion 
at the radial position 1; (°C) 

w diameter of a laser beam with 
Gaussian profile; (cm) 

a impact ionization coefficient; (1) 

Bin m-photon absorption coefficient; (1) 

Bs surface absorption of an optical 
component; (1) 

AT temperature rise in the center of an 
irradiated circular spot; (°C) 

K thermal diffusivity; (cm7/s) 

KE thermal diffusivity of a spherical 
inclusion; (cm7/s) 

A wavelength of a laser; (cm) 

See also 
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Introduction 


Black surfaces play an important role in many, if not 
most, optical systems. Optical instruments and 
systems of all types often rely on black surfaces to 
help minimize the effect that stray or off-axis light can 
have in degrading optical system performance. The 
strategic selection and placement of appropriate 
black surfaces can often limit significant detrimental 
stray light effects in an optical systems, thereby 
dramatically improving system performance. The 
high emissivity of black surfaces also gives them an 
important role in the design and construction of black 
bodies, calibration surfaces, and radiator surfaces. 
The characterization and selection of black sur- 
faces is an important field of optics and optical system 
design. However, the selection of black surfaces is a 
specialized undertaking requiring careful study to 
ensure the proper selection of particular surfaces for 
each optical system. A black surface that works well 
in one application may not be at all appropriate for a 
different application, where different systems per- 
formance goals are desired. The wavelength of 
operation of the system is an important consideration 
since a surface which has low reflectance at one 
wavelength band may have different reflective proper- 
ties at another wavelength or range of wavelengths. 
Specialized measuring devices called goniophot- 
ometers are often used to characterize the reflectance 
and scatter of black surfaces for a given wavelength 
or set of wavelengths. Goniophotometric measure- 
ments can be used to create a specialized functional 
description of reflectance and scatter off a surface, 
called the Bidirectional Reflectance Distribution 
Function (BRDF) or Bidirectional Scatter Distri- 
bution Function (BSDF). In practice, having the 
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BRDF or BSDF of a surface is extremely valuable 
for surface selection and is more useful than other 
reflectance and scatter measurement measurements 
or descriptions. Comparing the measured BRDF or 
BSDF of several surfaces helps to distinguish the 
general optical properties of these surfaces and allows 
a direct comparison of the value of these different 
surfaces in an optical system as they contribute to 
overall system performance. 

The BRDF distinguishes, at a particular wave- 
length, how a surface specularly reflects or how it 
scatters light in different directions when incident 
light from a particular direction relative to the surface 
(at a given angle of incidence) interacts with the 
surface. By understanding the BRDF of a surface, the 
optical designer can understand how the surface 
behaves in a given system location when illuminated 
from a specific direction. The BRDF of a black surface 
is also important because it can be used as a 
mathematical function in stray light analysis pro- 
grams to predict system performance. The BRDF and 
other properties of surfaces can be input into stray 
light codes so that the propagation of light from black 
surfaces can be modeled through Monte Carlo-based 
propagation models. Using these models, the stray 
light can be directed through the placement of black 
surfaces into directions less likely to degrade system 
performance. Thus a measure of stray light control 
can be gained through absorption by black surfaces 
or by redirection of the stray light into less critical 
directions. 

Black surfaces may be considered a subset of a class 
of surfaces known as spectrally selective surfaces. The 
term ‘spectrally selective surface’ indicates that the 
spectral properties of many surfaces are different 
when examined in various spectral regions. For 
applications such as the design of blackbodies, 
space radiators, and baffles, surfaces with unique 
spectral emissive and reflection properties are needed. 
Large databases of spectrally selective surfaces are 
available to allow the optical designer flexibility in 
choosing surfaces for applications where specific 
optical reflectance and optical scatter properties 
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are desired. Spectrally selective surfaces are import- 
ant for applications that range from solar energy to 
telescope design. In some applications, it is desirable 
for a surface to be highly absorbing at one wavelength 
and more reflective at another, rather than to be 
highly absorbing of light over a wide range of 
wavelengths. An analysis of the spectral properties 
of a large number of surfaces allows the optical 
designer to choose surfaces optimized for a particular 
application. 

Black surfaces come in many types, but may be 
generally characterized as being more shiny (specular) 
or more diffuse (Lambertian) in their reflective and 
scattering properties, depending on the form of their 
BRDF curve. Surfaces are often described in compu- 
ter models as a combination of their respective 
specular and Lambertian properties for a given 
wavelength. Many black surfaces have significant 
reflectivity at some region of the electromagnetic 
spectrum, even if they are highly absorbing at one 
wavelength. Some black surfaces are constructed to 
be remarkably nonreflecting over a range of wave- 
lengths; these surfaces are often used as baffle surfaces 
for telescopes and instruments that must operate over 
a wide range of wavelengths. No black surface can 
work well in all optical systems. Optical designers 
must understand the specific optical properties of a 
black surface to determine if the surface can work in 
their particular system. To characterize a surface, it is 
helpful to know at least the BRDF of the surface at the 
wavelength of interest as well as basic materials 
properties of the surface. The specific BRDF at the 
most appropriate wavelength for the system can be 
used with the optical system stray light model to 
determine if the surface can fulfill the designer’s, 
expectations of it for the system performance. The 
placement and choice of black surfaces in an optical 
system are often critical decisions with highly 
significant effects on overall system performance. 

For this reason, optical designers rely greatly on 
databases of the reflection and scatter properties of 
black surfaces in order to make the right choice of 
surface. These databases have been created to provide 


the optical engineer with the information needed to 
understand a wide variety of candidate surfaces and 
select the most appropriate ones. These databases not 
only describe the optical properties of surfaces but 
also elucidate material properties so that the selection 
process can examine the heat resistance, outgassing 
rates, fade resistance, durability, and a myriad of 
other surface or material properties that may be 
relevant. 

The reflectance and scatter data on black surfaces 
are often taken using a variety of reflectance- 
measuring instruments and the data format often 
varies greatly. When published and unpublished data 
sets are compiled, they are often confusing and 
sometimes even contradictory. This has made the 
comparison of surfaces a difficult proposition. In 
recent years, there have been successful attempts to 
gather existing large amounts of existing data so that 
comparisons among black surfaces can be made in a 
data-rich environment so that anomalous data can be 
ignored. A significant amount of reflectance data on 
black surfaces has been created by private or 
governmental organizations such as NASA and 
NIST — the US National Institute for Standards and 
Technology. These data now appear in databases of 
BRDF and reflectance measurements. Designers are 
relying increasingly on databases of BRDF surfaces 
rather than the individual measurements that can be 
found in the optical physics and applied optics 
published literature. 


Uses of Black Surfaces 


Table 1 lists some of the major areas in which black 
surfaces or black coatings may be used in instruments 
and optical systems. The optical properties of 
desirable surfaces may be different for the specific 
categories in the table. Plausible surfaces for these 
different applications can be found in materials 
databases such as the SOLEXIS™ database which 
contains a useful compilation of data from private 


Table 1 Possible uses for black surfaces and black coatings in optical systems 
Apertures Baffles Barrels Calibration screens Choppers 
Cold shields Detectors Dewars Diffusion screens Domes for telescopes 
and instruments 
Enclosures and Integrating sphere Lens edges Light traps Mounts 
curtains for rooms enclosures 
and instruments 
Radiators Radiometers Solar collector Standards and Targets 


absorbers and 
concentrators 


references of 
reflectance 
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and Hear Great Sound... 
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Hi there folks - this isn't really an extra 'Step' as such - it's a sneak preview ata 
picture of my upcoming Instructable for a one transistor amplifier, which will connect 
to the Tic Tac Radio - and give you some really good volume - in your Iphone 
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and governmental data compilations from the US, 
Canada, and the former Soviet Union. 


Selection of Optical Black Surfaces 


The selection of appropriate black surfaces for a given 
application becomes progressively harder as the 
number of optical requirements (e.g., reflectivity, 
scatter, emissivity, etc.) and materials requirements 
(e.g., stiffness, coefficient of thermal expansion, etc.) 
increase. Because of this, the selection process for 
specialized surfaces for space applications can be quite 
involved, since there are a large number of criteria, 
each of which may be regarded as an essential 
requirement. 

The optical system designer must consider at least 
the following aspects of the system in selecting a 
surface: 


the wavelength(s) and waveband(s) of interest; 
the position of the surface in optical system; 

the general robustness required of the surface; 

the environment of the optical system; 

the cost including inspection, handling, and 
assembly; and 

e the production and delivery schedule, including 
spares. 


The selection process must carefully address the 
system needs as well. Poor decisions are often made 
when only a cursory study of potential black surfaces 
is made or when databases and the literature on the 
subject are neglected. Therefore, an important part of 
the selection process is the management of the timing 
of the selection, in order to give the designer time to 


Performance 
specifications 


e Image quality 
* |mage stability 
® Stray light 





access available information and to influence the 
system design in a timely manner. 

If black surfaces are used for stray light control, 
then the use of these surfaces must be planned at the 
beginning of the optical system design process. If the 
placement of black surfaces and the array of potential 
surface treatments are examined early in the pro- 
gram, the optimal choices can often be determined in 
a careful manner that enhances the system perform- 
ance. If the selection is saved until the very end of the 
program, the choice of surfaces will be more limited 
and improvements in system performance may be 
minimal, even with the most excellent black surfaces. 
This is because the location of the surfaces in the 
system often proves to be as critical as the choice of 
surface. If the surface is in the wrong location, the 
best optical black may not be able to improve 
the stray light performance. For best results, the 
layout of the system and the placement of baffles 
must be considered first, before the baffle surfaces 
are selected. 

An optimal flowchart of good system design for 
black surface selection is given in Figure 1. Figure 2 
describes a work flowchart where black surface 
selection is neglected until the end of the program, 
often with dire consequences for system performance, 
cost, and schedule. 

For space-based systems, the effect of atomic 
oxygen in a low-earth orbit environment is an 
important consideration. For space systems, the 
designer must also examine how black surfaces may 
be affected by or contribute to contamination and 
outgassing. Other considerations are the generation 
of particles during launch, the effect of solar 


* Optical design 

* Optical engineering 
* Baffle design 

* Black surfaces 


Analysis 


Figure 1 Diagram of the system design process which treats black surface selection as an important part of basic system design, to be 
done early in the design process. This gives the designer an opportunity to conduct system tradeoffs to optimize system performance. 
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Performance 
specifications 


Optical 
design 


Procure 
components 


Align and 
test 


What about 
stray light? 





Tolerance 
analysis 


Opto-mechanical 
layout 


ye Image quality Optical engineering 
CI specification met? Ca detailed design 


Where do the 
baffles go? 


Which black 
surface? 


Figure 2 Diagram of a poor system design process. This process addresses the selection of black surfaces late in the system design 
process, where selection is significantly more difficult, expensive, and risky. Even with a late selection, there may be severe impacts 


on schedule. 


ultraviolet radiation on black surfaces, and how 
spacecraft charging may affect conductive, dielectric, 
or insulating black surfaces. Since black surfaces may 
have a large surface area in an optical system, the 
designer must ensure that the black surfaces do not 
contribute significantly to the risk of system failure 
through some degradation process that may contami- 
nate other optical surfaces. For space-based systems, 
data on surface outgassing and the past performance 
of a surface in a specific space environment is 
essential. 

There are a variety of resources available to assist 
in the selection of black surfaces. The best databases 
allow the user to create 2-dimensional and 3-dimen- 
sional BRDF plots for extensive lists of potential 
black surfaces. For most surfaces, with no preferred 
directionality in the structure of the surface, a 
2-dimensional BRDF plot is adequate. Most of these 
databases provide information on a wide variety of 
spectrally selective materials including black, white, 
and reflective surfaces for thermo-optical appli- 
cations for ground and space-based instrumentation. 
The BRDF plots can be examined by the user or fed 
into existing, commercially available optical design 
and analysis software packages. The results of 
these models indicate whether the chosen surfaces 
give adequate performance or whether more 
specialized coatings are necessary to achieve the 
desired level of performance. 


A significant problem for many designers is that 
the formulations of many paints and other surface 
treatments often change. Sometimes the name of 
the coating remains the same even as the optical 
properties change, due to a change in the 
compounds or methods used to prepare the coat- 
ing. Sometimes the name changes with or without 
a change in the formulation. These often unpub- 
lished changes increase the risk of using older plots 
from the published literature as definitive optical 
modeling data. Experts in the optical blacks area 
continuously investigate these changes and their 
implications and can advise optical designers of the 
implications of recent changes in the paint and 
coating arena. These experts are often aware of 
situations where coating failures have occurred or 
where mission performance was degraded by 
unanticipated changes in coatings, even if reports 
of this incidents were never published. 

In summary, the selection process, by its very 
nature, must be a deliberate and careful effort to 
examine the best surface options. Some of the better 
surfaces which were considered laboratory standards 
(e.g., 3M Black) are no longer easily available and 
replacements must be found. For the most systematic 
decision-making process, access is needed to the best 
optical black surface databases, often commercial 
databases with hundreds to thousands of BRDF 
curves on several hundred materials. The use of 


OPTICAL COATINGS / Optical Black Surfaces 353 





these optical surface databases can substantially 
reduce the costs, time, and scope of a measurement 
program, as well as streamline the selection process. 
Additionally it allows the designer to consider 
materials used successfully in other programs which 
may not be familiar to the designer. Finally, the 
designer may avoid using materials that have been 
rendered unreliable through changes in the manufac- 
turing process or in the coating chemistry. 


Characterization of Black and 
Spectrally Selective Surfaces 


Optical Characterization 


An understanding of black surfaces relies heavily 
upon an understanding of the meaning and use of the 
BRDE. While the optical properties of surfaces can be 
characterized through specular and diffuse reflectance 
measurements, the use of BRDF measurements has 
become extremely important. BRDF measurements 
are equally adept at characterizing highly specular 
and highly diffuse surfaces and the myriad of surfaces 
with both characteristics. The BRDF is often used in 
general to describe the angle-dependent optical 
scatter from these surfaces. This is important as the 
angular distribution of scatter can be used to calculate 
if the scatter from a black surface will be a limiting 
factor in the resolution or noise level of the system. 
BRDF measurements can even be used in computer 
graphics visualization programs that illustrate what a 
surface may look like under various illumination 
conditions. For example, the BRDF is used in 
computer graphics models to render a certain color 
for an automobile or a countertop in a kitchen. For 
some black surfaces, the angular distribution of 
scatter can be used to calculate a variety of surface 
parameters such as the surface roughness, given 
certain assumptions about the surface. For opaque 
black surfaces, BRDF measurements have proved to 
be one of the best overall descriptors of the optical 
properties of the surface. 

BRDF is defined as the ratio of scattered radiance 
(watts/(cm? sr)) to surface irradiance (watts/cm7); its 
units are inverse steradians. Radiance is used in the 
definition, in order to make the BRDF independent of 
the parameters of the measuring instrument, such as 
the detector aperture and distance to the detector. 
BRDF measurements are made by a variety of 
instruments for a number of wavelengths. For 
example, BRDF measurements of surfaces have 
been made in wavelengths ranging from the vacuum 
ultraviolet to the far infrared. The most common 
BRDF measurements made on black surfaces 
are made at laser wavelengths of 0.6328 and 


10.6 micrometers. However, these measurements 
may be of limited value if the system is operating at 
substantially different wavelengths, where the 
surface’s BRDF is significantly different. 

To make a BRDF measurement requires a light 
source, a sample mounted and illuminated by that 
source, a receiver (detector) to measure the scatter 
from the sample, and the computer/electronics 
package to accurately record the detection of the 
scattered light. Additionally the sample and/or light 
source must be able to be moved so that the sample 
can be illuminated from nearly every angle, and 
scattered light from the surface can be detected in a 
hemisphere around the sample. The geometry of the 
BRDF measurement is illustrated in Figure 3. 

To make a BRDF measurement on black surfaces, 
appropriate sources, detectors, and low-scatter optics 
must be used. This becomes more difficult for 
wavelengths less than about 0.25 micrometers. At 
longer, infrared wavelengths, diffraction effects 
become important. Despite the instrumental difficul- 
ties, it is often better to measure the amount of scatter 
at a specific wavelength A and angle @,, rather than try 
to predict it from theoretical models. This is because 
the extrapolation to new angles or wavelengths using 
scaling theories is not always accurate or even 
possible. Methods for wavelength scaling (extra- 
polating from BRDF data for one wavelength to 
data for any other wavelength) or angle scaling 
(where data taken at particular incident and scatter 
angles are extrapolated to other angles) will not be 
discussed as BRDF curves are now widely available 
for many surfaces at a variety of wavelengths and 
angles. 

The definitions of BRDF are given in Table 2. 

















Figure 3 Geometry of BRDF measurement and the angle 
conventions accepted by the American Society for Testing 
Materials (ASTM). The plane of incidence is the I-0-ZB plane and 
the scatter plane is the S-0-ZB plane. 


354 OPTICAL COATINGS / Optical Black Surfaces 





Table 2 BRDF term definitions 


Bidirectional reflectance 


distribution function BRDF 


Scatter 


Sample coordinate system 


Plane of incidence, PLIN 


Beam coordinate 
system, XB, YB, ZB 


Incident direction 
Angle of incidence, 6, 
Incident azimuth angle, ¢; 


Scatter direction 


Scatter angle, 0, 

Scatter azimuth angle, ¢, 
Specular direction 

Delta theta, Ag 

Delta beta, AB 


Receiver solid angle, 0, 
Sample radiance, L, 


Sample irradiance, E, 


The sample radiance divided by the sample irradiance. The procedures given in 
this practice are correct only if the field of view (FOV) determined by the receiver 
field stop is sufficiently large to include the entire illuminated area 

The radiant flux that has been redirected (by interaction with the sample) over a 
range of angles 

A coordinate system is fixed to the sample and used to a specify position on the sample 
surface for the measurements. The sample coordinate system may be application 
and sample specific. A Cartesian coordinate system is recommended for flat 
samples, with the origin at the geometric center of the sample face with the Z axis 
normal to the sample 

The plane defined as containing the central ray of the incident flux and the sample 
normal 

A Cartesian coordinate system defined with the origin on the central ray of the incident 
flux at the sample surface, the XB axis in the plane of incidence (PLIN) and the ZB 
axis normal to the surface. The angle of incidence, scatter angle, and incident and 
scatter azimuth angles are defined with respect to the beam coordinate system 

The central ray of the incident flux specified by 6 and gi in the beam coordinate system 

Angle between the central ray of the incident flux and the ZB axis 

The fixed 180° angle from the XB axis to the projection of the incident direction onto the 
XB-YB plane. It is convenient to use a beam coordinate system in which ¢ = 180° 
since this makes ¢, the correct angle to use directly in the familiar form of the grating 
equation. Conversion to a sample coordinate system is straight forward, provided the 
sample location and rotation are known 

The central ray of the scattered flux specified by 0, and ¢, in the beam coordinate 
system 

Angle between the central ray of the scattered flux and the ZB axis 

Angle from XB axis to the projection of the scatter direction onto the XB—YB plane 

The central ray of the reflected flux that lies in the PLIN with 6, = 6, and ¢, = 0 

The angle between the specular direction and the scatter direction 

The projection of A@ onto the XB—YB plane, that is, the A@ angle measured in direction 
cosine space. For scatter in the PLIN, AB = sin 6, —sin@,. For scatter out of the 
PLIN, the calculation of AB becomes more complicated 

The solid angle subtended by the receiver aperture stop from the sample origin 

A differential quantity that is the reflected radiant flux per unit projected receiver solid 
angle © per unit sample area. L, is often an average calculated from scattered 
power, P, collected by the projected receiver solid angle © cosé,, from the 
illuminated area, A. The receiver aperture and distance from the sample determines 
Q, and the angular resolution of the instrument 

The radiant flux incident on the sample surface per unit area. In practice, E, is an 
average calculated from the incident power, P,, divided by the illuminated area, A. 
The incident flux should arrive from a single direction; however, the acceptable degree 
of collimation or amount of divergence is application specific and should be reported 


Table adapted from ASTM E1392-90 “Standard Practice for Angle Resolved Optical Scatter Measurements on Specular or Diffuse 
Surfaces,” American Society for Testing Materials, 1990. 


Given these definitions, BRDE, is mathematically The BRDF is therefore referenced by the incident 


described by 


BRDF = 


Le _ (P/QA cos 0,) _ 


power. The cos 6, term in the formula accounts for 
the foreshortening of A as the angle 6, increases, so 


Ps 1 that true radiance is being used in the calculation. 





[sr 


E, (P;/A) P;O. cos, 


The BRDF is a function of many measurable 
quantities. It depends on the angle of incidence of 
the incident flux and the wavelength of this radiation. 
It also depends on the direction in which the scattered 
light is measured as well as the wavelength and 
polarization of the incident and scattered flux. 
The BRDF can be calculated for a given angular 
configuration of incident source and detector from the 
average radiance divided by the average irradiance. 


Because of this, the BRDF is constant for a surface 
with Lambertian (uniformly diffuse) properties. The 
detector must have a field of view so that all of A can 
be viewed and such that P; includes the entire beam. 
In practice, P; is measured by removing the sample 
from the measurement position. Then the detector is 
moved into the straight-through position. Often a 
reference detector is used to monitor the incident 
beam power so that any changes after the initial Vj, 
measurement can be recorded. 
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For BRDF measurements to be meaningful, the 
instrument signature must be examined and under- 
stood. This is particularly important in the measure- 
ment of low-scatter surfaces. The instrument 
signature is the BRDF when the sample is removed 
and there is no sample scatter. In this case the stray 
light and scatter signature of the device will be 
apparent. Angular positioning errors and electronic 
noise can also be important. For example, as 9, 
approaches 90° the accuracy of measuring 6, becomes 
critical due to the 1/cos 6, term in the BRDF equation. 
Ideally the instrument signature is a small fraction of 
the BRDF being recorded. An understanding of the 
instrument signature provides the needed information 
to decide where the BRDF data loses its meaning. 

The BRDF is most often displayed in a plot, 
where the BRDF value (vertical axis) and the angle 
of scatter (horizontal axis) are plotted on logarith- 
mic scales. In these ‘log-log’ plots it is easy to 
examine the scatter distribution close to the 
specular direction which, for shiny surfaces, rep- 
resents the bulk of the scattered light. For surfaces 
that are diffuse in nature, a log—log plot of the 
BRDF generally yields a straight line. The slope of 
this plot is characteristic of the surface of the 
process which is used to produce the surface. This 
straight-line plot is useful in comparing samples 
made with the same process. Deviations from the 
slope of the line or the value of the points on the line 
indicate that there may be problems with a sample. 


FeseaBR. RAW 





1.00E-—06 


Thus the simplest scattering instrument can be used 
for quality control of black samples. For a fixed 
angle of incidence and a fixed detection angle, 
variations in the BRDF value may indicate changes 
in the materials or the processes which created their 
surfaces. The quality control process can be 
performed by looking for variations in the BRDF 
among the different samples. 

The BRDF can be used as a measure of surface 
roughness — an important attribute for a diffuse 
black surface. As random surface roughness fea- 
tures increase on a surface, the scatter from the 
surface also increases. Because of this, the BRDF 
can be used to characterize surface roughness 
parameters. If the surface roughness is all in the 
form of small, micro-rough surface features, the 
BRDF value then is very much proportional to 
the surface power spectral density function (PSD), 
which is a measure of the power plotted against 
spatial frequency. The characterization of surface 
roughness by BRDF scatter measurements only 
works if the scattered energy is due to surface 
micro-roughness. If the scatter is from larger sur- 
face features or from surface contamination, then it 
will be difficult to accurately characterize the 
surface roughness. Thus only smooth, mirror-like 
black surfaces can be used for this simple leap 
from BRDF values to surface roughness par- 
ameters. Some sample BRDFs of black surfaces 
are found in Figures 4-7. 
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Figure 4 BRDF at wavelength of 0.633 micrometers and 60° incidence angle of black anodize sample. Plot generated by SOLEXIS 
using CASI software from Schmitt Measurement Systems, Portland, OR, USA. 
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Figure 5 BRDF at wavelength of 10.6 micrometers of black anodize at 45° incidence. Plot generated by SOLEXIS using CASI 
software from Schmitt Measurement Systems, Portland, OR, USA. 
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Figure6 BRDF ata wavelength of 10.6 micrometer of Martin Optical Black at 45° incidence. Plot generated by SOLEXIS using CASI 
software from Schmitt Measurement Systems, Portland, OR, USA. 
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Figure 7 BRDF at a wavelength of 0.488 micrometers of a glossy black surface at 60° incidence. Plot generated by SOLEXIS using 
CASI software from Schmitt Measurement Systems, Portland, OR, USA. 


Examples of Black Surfaces 


Black surfaces appear in many forms. They may be 
either diffuse or specular in nature, or both. Black 
surfaces may be created by painting a surface, by 
altering a surface (such as through an anodization 
process), or by any number of other surface treatment 
effects. For example, absorbing compounds may be 
added to paint or to a surface to decrease reflection. 
Adding large (compared to the wavelength) craters or 
holes to a surface may result in multiple reflections 
within the surface leading to decreased reflection. 
Surfaces may be modified to increase their light- 
scattering ability, with the hope that reflection in a 
specific direction will be reduced. Sometimes surfaces 
may be created in such a way as to enhance thin-film 
interference effects, leading to reduced reflection. 
These and other techniques may be combined 
together in an attempt to reduce reflection and 
make the material appear blacker in a particular 
wavelength range of interest or in a particular 
direction. 

Some sample black surfaces are given in Table 3, 
although databases are much more current on current 
names and manufacturers. 

Many black surfaces use surface texture to enhance 
their light-absorbing ability. Scanning electron micro- 
graphs of surfaces reveal the surface morphology and 


how multiple reflections can be used for light 
trapping. Surface chemistry, changes in the index of 
refraction, and the use of particles of different sizes 
are also used to create better absorbers. A variety of 
other proprietary methods are used as well 
(Figures 8-11). 


Future Developments 


There are many new kinds of black surfaces being 
developed for specialized applications. Black surfaces 
can be created using a variety of new techniques and 
materials. For example, new surfaces can be created 
using laser ablation or chemical microetching of 
surfaces. Surfaces can also be created using new 
materials such as carbon nanotubes or by using the 
technology used to create flocked materials. These 
new kinds of surfaces generally have good absorption 
at a variety of wavelengths. Even with the creation of 
these new surfaces, the greatest gain in an optical 
system will probably be attained through a concerted 
effort to choose the appropriate black surfaces early 
in the program and to place them properly in the 
optical system. An early selection of surfaces and an 
analysis of their performance will lead to a higher 
level of system performance than a search for 
an exotic, ultrablack surface at a late stage 
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Table 3 Selected optical black surfaces 





Name Manufacturer Notes Type 

Aeroglaze L300 Lord Corporation Erie, PA Formerly called Chemglaze L300 Paint 

Aeroglaze Z004 Lord Corporation Erie, PA Formerly called Chemglaze Z004 Paint 

Aeroglaze Z302 Lord Corporation Erie, PA Formerly called Chemglaze Z302 Paint 

Aeroglaze Z306 Lord Corporation Erie, PA Formerly called Chemglaze Z306 Paint 

Aeroglaze Z306 Lord Corporation Erie, PA Formerly called Chemglaze Z306 Paint 
with microspheres with microspheres 

Aeroglaze Z307 Lord Corporation Erie, PA Formerly called Chemglaze Z307 Paint 

Aeroglaze Z313 Lord Corporation Erie, PA Formerly called Chemglaze Z313 Paint 

Ames 24E NASA Ames Research Paint 
(Ames 24E2) Center Moffett Field, CA 

Cardinal 6450 Cardinal Industrial Finishes Formerly ‘Cardinal 6550’ Paint 

South Elmonte, CA 

Cornell Black Cornell University Paint 

DeSoto Flat Black Courtaulds Paint 

Electrically Conductive Jet Propulsion Laboratory Has no trade name Paint 
Black Optical Paint Pasadena, CA 

IITRI Bone Black D-111 _ Illinois Institute of Technology Paint 


(IITTRI D111) 
LMSC Black 
MH21-1 


MH55 
MH2200 
Solarchem 
463-3-8 
443-3-8 


443-3-17 

Infrablack 

Martin Black 

Martin Black, 
Enhanced 

Infrablack 

Black Chrome 
Type Surfaces 

Black Cobalt Type 
Surfaces (Cobalt 
Black) 


Black Nickel 


(NBS Black) 
(Ball Black) 


Black Kapton™ Foil 
Black Tedlar™ Foil 
Boron Black 


Boron Carbide 
Silicon Carbide 


Textured Surfaces 


Chicago, IL 

Lockheed Martin Palo Alto 

Illinois Institute of Technology 
Chicago, IL 

Illinois Institute of Technology 
Chicago, IL 

Illinois Institute of Technology 
Chicago, IL 

Eastern Chem Lac Corporation 
Malden, MA 

Akzo Coatings, Inc. Orange, CA 


Akzo Coatings, Inc. Orange, CA 


Akzo Coatings, Inc. Orange, CA 
Lockheed Martin Denver, CO 
Lockheed Martin Denver, CO 
Lockheed Martin Denver, CO 


Lockheed Martin Denver, CO 
Lockheed Martin Denver, CO 


Lockheed Martin Denver, CO 
and many more companies 


—NIST 


—Ball Aerospace 
—Lockheed Martin and others 


Lockheed Martin Denver, CO 


Lockheed Martin Denver, CO 
Lockheed Martin Denver, CO 
and other companies 
—NASA Ames Research Center 
Moffat Field, CA 
—SPIRE Corporation Bedford, MA 
—Optics MODIL Oak Ridge 
National Laboratory 


Formerly 3M’s ECP 2200 paint, 
but sold to IIT 


Formerly called ‘Cat-a-lac 463-3-8" 
diffuse black paint 

Formerly called ‘Cat-a-lac 443-3-8’ 
glossy black 

Formerly called ‘Sikkens 443-3-17’ 

For Al substrates only 

For Al substrates only 

For Al substrates only 


For Al substrates only 

For many kinds of metal 
substrates 

For many kinds of metal 
substrates. References to Black 
Copper, Black Steel etc. are 
covered by Black Cobalt 

For many kinds of metal 
substrates 


Ball modified the process 
developed by NBS 
For many kinds of metals 


For Ti substrates only 
For many kinds of metals 


For many kinds of metal 
substrates 


Painted multilayer coating 
Paint 


Paint 
Paint 
Paint 
Paint 
Paint 


Paint 

Anodization process 
Anodization process 
Anodization process 


Anodization process 
Electrodeposition process 


Electrodeposition process, 
and can be followed by 
chemical or thermal oxidation 


Deposition and etching 
process 


Foil 

Foil 

Plasma spray deposition 
process 

Proprietary process 

Chemical vapor 
deposition 

Either: —sputter coated 
—ion beam etched 
—sputter coated then 

etched 


Note that finish names and manufacturers change regularly. Table adapted from SOLEXIS™ database, Stellar Optics Research 
International Corporation (SORIC), 78 Normark Dr., Thornhill, Ontario, Canada L3T 3R1. 
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Figure 8 Scanning electron micrograph of Martin Optical Black 
surface on 6061T6 aluminum. This surface is a good absorber 
at ultraviolet, visible, and near infrared wavelengths. (Courtesy of 
Stephen Pompea and Donald Shepard.) 





Figure 9 Scanning electron micrograph of phosphoric acid 
etched electroless nickel surface. This surface is a good absorber 
in the visible wavelength region. (Courtesy of Stephen Pompea 
and Donald Shepard.) 


Figure 11 Scanning electron micrograph of tungsten hexa- 
fluoride surface. This surface is a good absorber at visible and 
near infrared wavelengths. (Courtesy of Stephen Pompea and 
Donald Shepard.) 


in the program. Although better black surfaces are 
constantly being developed, the most important 
future development in the area of black surfaces 
may be a wider realization of the importance of an 
early and comprehensive surface selection process. 
The value of starting the selection process early 
using black surface databases has been confirmed 
repeatedly by optical designers. 


See also 


Instrumentation: Photometry; Telescopes. Scattering: 
Scattering from Surfaces and Thin Films. 





Figure 10 Scanning electron micrograph of Aeroglaze Z-306 painted surface with embedded microspheres. This surface is used 
primarily at visible wavelength. (Courtesy of Stephen Pompea and Donald Shepard.) 
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Thin-film optical coatings are employed to adapt the 
properties of an optical surface to its specific 
application. Commonly, optical coatings comprise a 
sequence of single layers of different transparent 
materials with a thickness in the range of the 
operation wavelength. Depending on this coating 
design, the spectral characteristics of an optical 
surface can be tuned to nearly any required transfer 
function including a suppression of reflection for a 
broad spectral range by an antireflective coating or 
even the achievement of highest reflectance values up 
to 99.999% using a high reflecting layer stack. 
Besides these basic functions, optical coatings can 
be employed to realize a variety of transfer spectra 
specified for multiple wavelengths or wavelength 
ranges to manipulate radiation according to even 
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extremely sophisticated demands in optical systems 
for laser technology, communication, or fundamental 
research. Moreover, the desired optical properties can 
be combined with additional specifications, for 
example, concerning the mechanical or chemical 
stability of an optical surface by selecting adapted 
coating materials. As a consequence of this enormous 
versatility, thin-film optical coatings can be found in 
nearly every product and development of modern 
optical technology today. Aside from the large market 
of consumer optics including ophthalmology, camera 
objectives, binoculars, and optical systems for data 
storage, progress in optical coating technology is 
predominantly driven by demanding applications in 
many future technology fields. As one prominent 
pace-setter, semiconductor lithography imposes new 
demands on optical coatings extending the operation 
wavelength of stepper systems in chip production to 
the extreme ultraviolet (EUV)-spectral range. Other 
examples can be found in communication technology, 
where thin-film filters with a bandwidth below 
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0.5nm are required, or also in laser material 
processing, where coatings with high power handling 
capability and lifetime are indispensable for the 
development of cost-efficient laser tools. 

In this article a concentrated review will be given 
on the design, production, and on specific properties 
of optical coatings. After an introduction to the 
fundamental principles of operation of coating 
systems, basic expressions for the optical transfer 
function of a single layer will be derived and extended 
to layer structures on the basis of the matrix method. 
Selected conventional and ion processes for the 
production of coatings will be discussed with respect 
to the achievable optical and structural properties of 
the coatings. Also, the thickness control of the 
coatings during production will be considered intro- 
ducing the crystal monitoring technique as well as 
optical measurement strategies at a single wavelength 
or ina broad spectral range. The article will conclude 
with a review of the present state of optical coatings 
and an analysis of future trends. 


Design of Optical Coatings 


The colorful appearance of optical coatings and 
microstructures, which can be observed on some 
butterflies and other insects, was present in nature 
long before mankind invented them. The beginning of 
the technical evolution of optical surfaces may be 
dated back to Greek culture, where polished metal 
surfaces were used as mirrors. Considering the 
application of transparent coatings, the investigations 
of Joseph Fraunhofer in the reflectivity of aged glass 
surfaces during the year 1819 should be mentioned as 
a first approach towards an antireflective coating. On 
the basis of controlled etching, this technique was 
further developed for different glass materials by 
Dennis Taylor in 1891 to realize the first antireflective 
coatings on lenses for applications in optical devices. 
In 1899, the Fabry—Perot theory was developed as a 
milestone in the theoretical description of multilayer 
structures. This theory describes the interference of 
partial waves reflected from two parallel optical 
surfaces, which can be considered as the fundamental 
arrangement of a multilayer structure (see Figure 1). 
In an optical thin-film system, layers of different 
transparent materials are composed on a stack 
deposited on the surface of the optical component 
(substrate refractive index my). In general, to adjust 
the spectral characteristics of the layer system to the 
demanded specifications, at least two layer materials 
with a high refractive index my and a low index ny, 
have to be selected. The choice of the thin-film 
materials is dependent on the application wavelength 
and the desired stability of the coating system as well 





Figure 1 Basic structure of a thin-film system. Transparent 
layers of at least two different materials (n4, n_) are deposited ona 
substrate with refractive index ny. 
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Figure 2 Schematic path of a plane wave incident onto a single 
layer with refractive index n,. The reflection and transmission 
coefficients for the amplitudes at the interfaces m= 1,2 
are denoted by ¢,, and r,, respectively. A prime added to the 
coefficients indicates a transfer of the wave opposite to the 
direction of incidence. 


as on their optical properties essential for the specific 
design and the targeted optical quality. Similar to the 
Fabry-Perot principle, the optical function of the 
layer structure is based on the interference of partial 
waves reflected and transmitted at the interfaces 
between the layers. The trace of the incoming wave 
and the induced partial waves are depicted in Figure 2 
for a single layer, which can be considered as the basic 
unit for coating systems even with highest complexity. 
For a theoretical description of the transfer function 
of this single layer, the contributions of the individual 
partial waves have to be calculated and accumulated 
to form the total transmitted and reflected wave. In 
this classic approach, the incoming wave can be 
described by the function of a plane wave with 
amplitude Eo, wavenumber k = 27/X incorporating 
the wavelength A, and frequency w: 


E(x, t) = Ep exp[—i(kx — ot)] [1] 


At the first interface, a part of this plane wave is 
directly reflected with an amplitude of Ag = Eory 
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(order zero), which can be calculated using the 
reflection coefficient r, given by the Fresnel formulas. 
After passing the first interface, a reflection and 
transmission of the incoming wave at the second 
interface has to be considered. Also a phase shift has 
to be taken into account, which is introduced by 
the path of the wave from the front to the rear 
interface of the single layer. This phase shift 6; is 
dependent on the thickness d; of the layer and the 
refractive index n;: 


ao 2an;d; cos 6; 
_ NY 


[2] 
For oblique incidence also the angle of incidence 6; in 
the layer, which has to be calculated by Snell’s law, has 
to be taken into account. The index i has been chosen 
in this consideration for convenience to account for 
the layer number in coating systems, which will be 
discussed later. Following the wave reflected the first 
time inside the layer, a further phase shift for the path 
from the rear side to the front side has to be taken into 
account. This partial wave is then transmitted by 
the front surface resulting in an amplitude A, of the 
first-order wave leaving the layer: 


Ay = tyt'11Eo exp(—i26) [3] 


where t} is the transmission coefficient for the 
amplitude of the wave passing the layer at the interface 
to the ambient. By following the wave further through 
the layer, the amplitudes Ay of each partial wave of 
order k can be determined: 


Ap — ty t' i12Eo exp(—126) * (7197 exp(—i28))*"! [4] 


Obviously the contributions of the partial waves 
follow the rule of a geometric expansion, and therefore 
the total amplitude of the wave reflected by the layer, 
which is the sum of the amplitudes of the partial 
waves, can be expressed in closed form: 


Ator = E 


The reflection coefficient rs; of the single layer is 
given by the ratio between the total amplitude of 
the reflected wave and the amplitude of the 
incoming wave: 


tyt} 1. exp(—i26) 
; 0 [S] 
1 — rir exp(—126) 





ry +1 exp(—7256) 
1+ 11 exp(—126) 





[6] 


>= 


In this equation, the coefficients ri and ti have been 
replaced by using the relations 





tt,=-7)pd-n=A-1)d+n)=1-74 7] 


In principle, this method of compiling the contri- 
butions of the partial waves reflected at the layer 
interfaces can be extended also to the calculation of 
systems with more than one layer. But, considering the 
enormously increasing number of partial beams, the 
resulting equations become extremely complicated for 
multilayer structures. Therefore, the matrix formal- 
ism, which can be deduced from the boundary 
conditions of the electric and magnetic field at the 
interfaces, is usually employed for the calculation of 
thin-film systems. The major advantage of this 
approach, which was developed in the 1940s, is the 
representation of each layer by a single matrix M, 
containing all specific parameters of the film. The 
matrix M, of a thin film at position i within the layer 
system relates the electric (E;_,) and magnetic (H;_1) 
field strength at the front face to the field strength 
values (E; and H;) at the rear face of the layer: 


) (1) cos8; —siné, (1) 
=M; = nj [8] 
Fi-1 i in;sin6; cos 6; Ai 

By considering the boundary conditions for the field 
strengths at the interfaces, the matrix components 
given in eqn [8] can be determined. On the basis of 
the matrix formalism, the transfer function of a 
layer system can be simply accomplished by multipli- 
cation of the matrices M, representing the constituent 
single layers. Thus, the transfer matrix Msg of a stack, 
which is formed by a number K of single layers with 


layer 1 located at the first interface with respect to the 
incoming wave, is given by 


Ms;=M,M,)M;3...M;M;,1...Mx [9] 


For calculating the reflection coefficient rsx of the 
entire arrangement including the substrate (index of 
refraction mz) and the ambient medium (index of 
refraction mo), again the ratios of the amplitudes have 
to considered: 


= Ny My, + ingot My — M2, — 27My) 


- - 10 
19M, + ino My2 +iMo1 +27M22 el 





TSK 





As a consequence of its perceptible structure, the 
matrix method can be readily transferred into 
computer codes, which cover the calculation of all 
important properties of even extremely complicated 
layer systems. In particular, considering the funda- 
mental relations of the matrix method, also the field 
strength distribution within the layer structure can be 
determined. In software packages, which are commer- 
cially available as standard tools for optical thin-film 
technology, often the film thickness D; of the layers is 
expressed in the units of QWOT (quarter wave optical 
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thickness) at the design wavelength Az: 


p= An,d; 
Az 





[11] 


In the case of normal incidence, the matrices M; reduce 
to simple expressions for layers of integer QWOT 
values, because the corresponding phase shift terms 
are multiples of 7/2. Clearly, an integer QWOT value 
of optical thickness also represents an extreme value in 
the spectral behavior at the design wavelength. This 
fact is often exploited for a precise thickness control by 
optically monitoring the reflectance or transmittance 
of the growing layer at the design wavelength Az: by 
recording the transfer behavior as a function of time 
during production, extreme values and accordingly 
thickness values of multiple QWOT can be accurately 
determined. Thus, if a layer structure is composed 
only of multiple QWOT layers, switching between the 
layer materials can always be precisely performed at a 
minimum or maximum read-out of the optical 
monitor tuned to the design wavelength. In respect 
of this advantage in production, most coating designs 
are based on QWOT layers indicating the practical 
importance of the unit QWOT. For an efficient 
description of the designs, often a notation in capital 
letters is used, which indicate a 1 QWOT layer of a 
certain coating material. For example an alternating 
QWOT-stack with 11 layers of a high-index material 
(H, refractive index m4) and a low-index material 
(L, refractive index m,) is described by the sequence 
HLHLHLHLHLH or even more condensed by 
(HL)°H. The QWOT stack is the fundamental design 
for dielectric high reflecting mirrors and represents the 


R (%) 





920 
Wavelength a (nm) 





basis for a variety of functional coatings in optical 
thin-film technology. By applying the matrix method, 
an approximate expression for the reflectance Rg at the 
design wavelength can be derived for such a stack: 


2N 
Ry~1 — 4nynrxrp [12] 
my 

This expression is only valid for a large number N of 
QWOT layers and underlines the role of the materials 
for the practical production of optical coatings. 
Highest reflectivity with lowest number of layers can 
be achieved only by selecting materials with a high 
contrast of their refractive indices. This contrast also 
influences the spectral broadness of the high-reflecting 
region of the stack (Figure 3). 

Besides highly reflecting mirrors, antireflective 
coatings are another important class of functional 
coatings for modern optics and laser technology. 
Antireflective coatings often involve non-QWOT 
layer structures of more than two materials in order 
to accomplish the demands of lowest residual 
reflectivity for a broad spectral range. Eye glasses 
with antireflective coatings covering the entire visible 
spectral range can be considered as a prominent 
example for consumer optics, which impose require- 
ments on the coatings also in respect to their stability 
against cleaning and other environmental influences 
during normal use. In this context, the introduction of 
optical plastic materials is an additional challenge in 
consumer optics and ophthalmology, which has to be 
mastered by adapted designs and production pro- 
cesses. In contrast to the typical demands of consumer 
optics, antireflective coatings on laser windows are 
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Figure 3 Spectra calculated for high-reflecting QWOT stacks (15 layers, substrate index n; = 1.52) composed of a low-index material 
(n_, = 1.46) and different materials with high indices of refraction varying between ny = 1.7 (solid), 1.9 (dashed), 2.1 (dotted) and 
2.3 (dash-dotted). The spectral broadness and the reflectivity increase with the ratio n4/n_. 
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Figure 4 Spectrum of an antireflective coating for the wavelength 1.064 .m, which is designed as a V-coating with two layers of TazO5 
(Ny = 2.03; dy = 0.383 QWOT) and SiOz (n, = 1.46; a, = 1.308 QWOT) for a quartz substrate (substrate index n; = 1.46). 





Figure 5 Boat evaporation source in operation. The deposition 
material is put into the boat which is made of a metal with high 
melting point. A high electric current is conducted through the boat 
for heating to temperatures up to 2000 °C. 


often restricted to one wavelength, but have to fulfill 
extreme requirements with respect to optical losses 
and power handling capability. Therefore, most 
antireflective coatings in laser technology are com- 
posed only of two thin layers to minimize the total 
thickness, which is often a direct measure of the 
expected losses of the layer system. With such a 
coating, which is often called V-coating according to 
its spectral characteristic (Figure 4), the reflectivity of 
the window surface can be suppressed ideally for 
one wavelength. 


Production of Optical Coatings 


The industrial production of optical coatings 
started in the 1940s on the basis of glass bell jar 


Optical thickness monitoring Vacuum chamber 


Substrates 








Evaporation source 
(e-beam) 


Figure 6 Outline of amodern box coater used for the production 
of optical coatings with e-beam deposition processes. 


systems equipped with diffusion pumps and boat 
evaporators for the deposition of single layers of 
metals for mirrors and fluoride materials for 
antireflective coatings. Metal containers are used 
as boat evaporation sources. These containers are 
filled with the deposition material and heated by 
electric currents up to several 100A (Figure 5). In 
the course of the rapid improvement of vacuum 
systems and especially the development of the 
electron beam evaporator over the next three 
decades, new materials with improved optical and 
mechanical quality could be combined to form 
more complicated dielectric coating systems. The 
layout of an e-beam deposition plant of these times, 
which can still be considered as fundamental for 
the advanced deposition systems of today, is 
illustrated in Figure 6. In such a box coater, the 
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substrates are installed in a calotte which is rotated 
to achieve a uniform distribution of the layer 
thickness. The deposition materials are put in 
water-cooled crucibles and are subjected to an 
electron beam operated at currents in the range 
between 0.1 A to more than 10A and voltage levels 
of several kilovolts. As a consequence of the 
interaction with the energetic electrons, the depo- 
sition material can be heated to high temperatures 
above 5000 K allowing the evaporation of most of 
the desired deposition materials. These achievable 
high temperatures in conjunction with the good 
controllability are the major advantages of e-beam 
sources (Figure 7) in comparison with the classical 
boat evaporation process. In particular, e-beam 
evaporation opened the way for the deposition of 
oxide materials and other optical materials with 
high evaporation temperatures, which exhibit opti- 
cal properties as well as a high mechanical and 
chemical stability superior to the material classes 
accessible with boat evaporation. However, the cost 
efficient boat evaporation technique is still applied 
today for the deposition of metals or temperature- 
sensitive materials for coating systems in the 
vacuum ultraviolet (VUV)/UV and mid-infrared 
(MIR) spectral ranges. If the shutter above the 
deposition source is opened, the evaporated 
material reaches the substrates and forms the 
layer by condensation. This condensation process 
is sensitively dependent on the environmental 





Figure 7 Electron beam source in operation. The deposition 
material is put in a water-cooled crucible and subjected to an 
e-beam. Since the zone heated by the e-beam is entirely 
embedded in the surrounding deposition material, very low 
contamination levels and temperatures above 5000 °C can be 
achieved. For the generation of the e-beam an arrangement 
similar to the system of a cathode ray tube is employed: the 
electrons emitted by a hot filament are focused by an aperture and 
accelerated by a high voltage. 


conditions of the substrates and the deposition 
sources. Sufficient microstructural properties of the 
growing layer can generally be achieved only under 
fine vacuum below 100Pa and heating of the 
substrates to temperatures in the range of some 
100 °C. Even under well-optimized conditions, the 
typical microstructure of such thermally evaporated 
coatings exhibits specific deficiencies (Figure 8) 
which influence the optical and mechanical proper- 
ties of the layer systems. Often, microcrystallites 
with diameters in the range of a few nm are 
observed, which are arranged in columns of a 
typical size growing from the substrate interface to 
the outer surface of the layer. For a simulation of 
the growing mechanisms for this low energetic 
deposition process, uncomplicated models with a 
few input parameters already lead to satisfactory 
results. Assuming a kinetic energy of 0.1—-0.3 eV, 
which is typical for thermal evaporation according 
to the Boltzmann distribution, the impinging atoms 
can move only a small distance or even adhere 
directly at their position of incidence on the 
growing layer. As a consequence of this small 
mobility, the atoms are not able to reach their 
energetically optimum positions in the layer, and 
they even obstruct the path of the following atoms 
by shadowing. On the basis of these assumptions, 
computer simulations of the growing process result 
in structures which are comparable to the columnar 
growth observed in practice. The packing density of 
such a columnar structure is significantly below the 
bulk values of the corresponding deposition 
materials, and it contains also a high number of 
defects and voids, which reduce the optical quality 
of the coating. In particular, the coating tends to 
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Figure 8 Microstructure of a MgFo single layer (geometric 
thickness approximately 780 nm) deposited by conventional boat 
evaporation. For the preparation of the TEM picture, the coating 
has been fractured and replicated. 
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adsorb water from the normal atmospheric 
environment into its internal structure leading to a 
shift of the spectral characteristics as a function of 
the ambient conditions. Besides this loss of spectral 
stability, the adsorbed water also induces an 
increased optical absorption of the coatings in the 
VUV and the MIR spectral ranges. 

The increasing demand in laser technology and 
other optical applications for coatings far exceeds the 
quality level of conventionally deposited coatings and 
this was the driving force for the development of 
advanced concepts for the production of optical 
coatings during the last three decades. Considering 
the fundamental growth mechanism of conventional 
optical coatings, two basic approaches for an 
improvement of the microstructure are available. 
On one hand, the mobility of the atoms on the surface 
of the growing layer can be increased by the insertion 
of additional energy from other sources. This concept 
leads to the development of ion-assisted deposition 
processes, where the additional energy is transferred 
to the adatoms by collisions with ions generated 
directly in the plant by an ion source at energy levels 
of approximately 30-300 eV (Figure 9). Especially, 
by the deposition of oxide materials, which can be 
assisted directly with oxygen ions for balancing their 
stoichiometry, coating systems with high environ- 
mental stability and low optical losses can be 
achieved for the VIS up to the MIR spectral range. 
On the other hand, the energy of the adatoms can be 
directly increased in sputter processes which deliver 
deposition energies orders of magnitude higher than 
the thermal energy range. Besides adapted activated 
reactive magnetron sputter processes, particularly ion 





Figure 9 lon assisted deposition. An additional ion source is 
installed, which delivers inert or reactive ions impinging on the 
growing layer. The energy transfer from the ions to the adatoms 
results in improved microstructure of the produced coatings with 
higher packing density. 


beam sputtering (IBS) was developed for a coating 
process delivering high-end coatings mainly for laser 
technology with an unsurpassed optical quality 
(Figure 10). For example, mirrors with total losses 
below one ppm can be produced for the Nd:YAG 
laser (wavelength 1.064 um) with adapted IBS 
processes. 

In addition to stable deposition processes, precise 
control of the layer thickness with an accuracy below 
1nm is a further important step towards the 
realization of complex optical coatings. Most depo- 
sition plants are equipped with quartz crystal 
monitors, which measure the optical thickness on 
the basis of the resonance frequency shift of an 
oscillating quartz crystal induced by the increase 
in mass of the deposited coating. The relative 
accuracy of these monitors ranges from 2% to 10% 
and is well suited for the regulation of the deposition 
rate. In order to achieve the required precision for 
high-quality coatings, optical monitors are often 
employed, which record the transmittance of the 
growing layer system at a single wavelength or even in 
a broad spectral range. Since these systems account 
directly for the optical properties of the deposited 
layer system, an efficient and accurate control of the 
film thickness is possible allowing the production of 
extremely sensitive filters with bandwidths below 
1 nm for telecommunications or mirrors with defined 
group delay dispersion for fs-laser systems 
(Figure 11). 


Substrate holder 






lon source 





Figure 10 Principle of the ion beam sputtering (IBS) process. 
Inert ions with an energy in the range 1—2 KeV are generated in 
an ion source and directed onto the target which consists of the 
desired deposition material. Material is sputtered from the target 
and reaches the substrates. As a consequence of the high energy 
of the adatoms (5-30 eV) the formed layer exhibits a superior 
microstructure. 
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Quality Parameters of Optical 
Coatings 


Besides the spectral characteristics, a variety of 
specific parameters has to be considered for each 
application of optical coating systems (Table 1). For 
laser systems the laser-induced damage threshold and 
the optical losses have to be evaluated in the 
context of technical and also economic requirements. 
Absorption is a loss channel, which transforms a 
fraction of the impinging radiation energy into heat, 
inducing a temperature increase in the coating. This 
generated temperature profile influences the imaging 
properties of the optical component via thermal 
expansion and temperature-induced alterations of 
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Figure 11 Example of a complicated layer system deposited 


under the control of an advanced optical broadband monitoring 
device: double chirped mirror (566 non-QWOT layers of SiO2/ 
TiOz). Only small deviations between the calculated spectrum and 
the spectrum of the produced coating can be observed. 


the refractive indices of the coating as well as the 
substrate materials. Despite numerous technical 
problems, absorption always implies the loss of 
laser energy which is produced with high economic 
expense. Absorption losses are related to defects and 
impurities, which are introduced during the pro- 
duction process into the layer by a variety of 
contamination mechanisms. Furthermore, an unba- 
lanced stoichiometry with a higher metal content is 
often observed as a cause for increased absorption in 
dielectric optical coatings, which are mainly com- 
posed of binary metal compounds. Absorptance 
values of optical components are determined by laser 
calorimetric techniques described in ISO 11551. 
In this measurement scheme, the temperature increase 
in the sample is monitored during irradiation with a 
well-characterized laser beam. After this heating 
phase, the laser beam is blocked and the temperature 
curve during the cool-down cycle is also recorded. 
On the basis of the measured temperature 
development, the absorptance can be calculated 
taking into account the laser power and the heat 
capacity of the specimen. 

All mechanisms, which deflect radiation from its 
specular direction, contribute to optical scattering 
representing the second major loss channel in optical 
coatings. Since scatter losses are mainly attributed to 
microstructural imperfections and the surface rough- 
ness of the layers, a scaling with wavelength can be 
deduced from the corresponding theoretical models. 
Especially in the VUV/UV spectral range, high scatter 
values are apparent and may dominate the losses of 
the optical components. For longer wavelengths, the 
contribution of scattering is decreased to a point in 
the MIR spectral range where it can be neglected in 
comparison to the absorption losses. Scatter effects 


Table 1 Selected quality parameters of optical coatings and surfaces in conjunction with corresponding ISO standards and 


measurement principles 





Specification Parameter/Unit Standard/Measurement principle 
Laser induced damage cw-LIDT W/cm ISO 11254-1: cw-laser irradiation 
threshold (LIDT) 1 on 1-LIDT J/em? ISO 11254-1: irradiation with single pulses 

S on 1-LIDT J/em? ISO 11254-2: repetitive irradiation with pulses 
Assurance J/em? DIS 11254-3: irradiation sequence 

Optical losses Absorptance ppm ISO 11551: laser calorimetry 
Total scattering ppm ISO 13696: integration of scattered radiation 

Transfer function Reflectance % CD 13697: precise laser ratiometric method 


Transmittance % 


Surface quality Scratch/Digs 
Roughness 
Stability Abrasion 


Environmental 
Stability 


DIS 15368: spectrophotometry 


ISO 10110: 13 parts containing different types of imperfections 


ISO 9211: different test methods 
ISO 9022: 21 parts containing a variety of conditioning methods 
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may impair the imaging properties or the resolution, 
and they reduce the efficiency of an optical system. 
Besides the economic aspect of each loss effect, 
scattering can also be considered as relevant for 
safety in high-power laser systems, where some 
100 ppm of scattered radiation carry enough power 
to injure or blind the operator. In the ISO 13696 
standard, measurement procedures based on the 
collection or integration of the total radiation 
scattered by the sample are described. 

Depending on their application, coatings have to 
withstand also manifold mechanical, chemical, and 
environmental influences. Severe mechanical and 
chemical requirements are imposed onto coatings 
for ophthalmology or consumer optics, which are 
often cleaned with abrasive and aggressive cleaning 
solvents and tissues. To qualify coatings for these 
applications, various testing procedures have 
been developed and are routinely employed in 
industrial quality management. Coatings for laser 
systems and precision optics are predominantly 
certified according to conditioning methods 
described in the ISO standard series 9211. Test 
procedures with respect to environmental 
influences are extensively outlined in the more 
than 20 parts of ISO 9022, which is dedicated to a 
variety of climatic, mechanical, and chemical 
conditioning cycles. 


Summary and Outlook 


Optical coatings are the major tool for engineering 
the properties of functional optical surfaces for an 


extensive spectrum of applications. On the basis of 
the matrix algorithm, a comprehensive theoretical 
model for the spectral transfer characteristics of 
optical coatings is available, which has been trans- 
ferred to commercial computer programs. Now, most 
design problems can be solved with these computer 
codes, whereas the reproducible and precise pro- 
duction of optical coatings with high quality could 
only be partially achieved until today (Table 2). 
Besides conventional thermal processes, new ion- 
assisted deposition processes and sputtering concepts 
are gaining importance in optical thin-film technol- 
ogy. For the quality management of optical coatings, 
a variety of often standardized testing procedures 
has been developed during the last two decades 
including the determination of the power handling 
capability, the measurement of the optical losses 
and a broad spectrum of conditioning methods for 
optical coatings. 

Demanding future challenges will be imposed on 
optical coatings by the development of semiconduc- 
tor lithography in the EUV spectral range to achieve 
nodes well below 100nm in chip production. 
Another important trend is directed by new laser 
applications in material processing, medicine and 
communication technology, operating at extremely 
high repetition rates and power levels, or with 
ultrashort pulses in the fs-regime. Other requirements 
will be defined by the rapid development of optical 
technology towards a broad range of special products 
with short innovation cycles obligating significant 
progresses in thin-film technology in the direction 
towards flexible and reproducible process concepts 


Table 2 Selected quality parameters of optical coating systems for laser applications 


Laser, wavelength Type 


Absorption ISO 11551 Total scattering ISO 13696 Laser induced damage threshold, ISO 11254 





157 nm, Fe excimer HR/th 1-4% 
193nm, ArF excimer AR/th 0.7-2.5% 0.2-0.5% 
HR/th 0.4—2.0% 0.2-2.5% 
248 nm, KrF excimer AR/th <0.025% 
HR/th <500 ppm <0.2% 
HR/IB <0.1% 
633 nm, HeNe laser HR/th <30ppm <30 ppm 
HR/IB =<Sppm <5 ppm 
1.064 um, Nd:YAG AR/th <20ppm <100 ppm 
HR/th <50ppm <100 ppm 
HR/IB <1 ppm <1 ppm 
10.6 um, COz laser AR/th <0.16% = 
HR/th <0.10% - 


1-2 J/cm? (10n1, 20 ns) 
2-4 J/icm? (10n1, 20 ns) 
10 J/cm? (10n1, 30 ns) 

> 20 J/em? (10n1, 30 ns) 
>3 J/cm? (10n1, 30 ns) 


>60 J/cm? (12 ns, 0.25 mm) 
> 100 J/cm? (12 ns, 0.25 mm) 
> 80 J/cm? (12 ns, 0.25 mm) 


>20 J/em? (100 ns, 1.4 mm) 
>2 kJ/em? (1.2 ms, 250 um) 
>3 kW/mm (cw, 100 zm) 

> 25 J/cm? (100 ns, 1.4 mm) 
> 2 kJ/cm? (1.2 ms, 250 um) 


Types: HR: highly reflecting mirror; AR: antireflective coating; th: thermal evaporation; IB: ion beam sputtering. 
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for coatings with increasing complexity. In all fields of 
modern optics, optical thin films will represent an 
enabling technology which will play a key role for 
many future applications and products. 


List of Units and Nomenclature 


Ao amplitude of partial wave of order zero 
At amplitude of first-order partial wave 
Ap amplitude of the partial wave of order k 
d; thickness of layer number i 

D; film thickness expressed in units of 

QWOT 
Eo amplitude of a plane wave 
E,, H; electric field strength and magnetic field 


strength at the rear front of layer 
number i 


IAD ion-assisted deposition 

IBS ion beam sputtering 

k wavenumber of a plane wave k = 277/A 

M; matrix of layer number i 

Ms composite matrix of a layer stack of K 
single layers 

no index of refraction of the ambient 
medium 

ny refractive index of a_high-index 
material 

nj refractive index of layer number i 

nN, refractive index of a low-index material 

ny refractive index of the substrate 

QWOT quarter wave optical thickness: unit for 
the thickness of the layer 

"15 11 reflection coefficients of the ambient- 
layer interface 

ry reflection coefficient at the layer- 
substrate interface 

rs reflection coefficient of a single layer 

Tsk reflection coefficient of a layer stack of 
K single layers 

Rs reflectance of a QWOT stack 

ty, th transmission coefficients of the 
ambient—layer interface 

X-Ray Coatings 


P Dhez, Université Paris Sud, Orsay, France 


© 2005, Elsevier Ltd. All Rights Reserved. 


In all spectral ranges, there exist two principal 
options for coating an optical element. This may be 


6; phase shift of a plane wave in layer 
number i 

A wavelength of a plane wave 

Az design wavelength 

6; angle of incidence in layer number i 

w frequency of a plane wave 


See also 


Optical Coatings: Laser Damage in Thin Film Coatings. 
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a simple layer, as for example a metallic layer is 
frequently used in the visible spectral region. The 
second option is to use a multilayer coating, making 
use of the optical properties of two or more materials 
to achieve enhanced reflectivity over a limited spectral 
range. In both cases, a knowledge of the refractive 
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index of the materials (real or complex) is required, 
and of course one must choose materials that can be 
coated in a practical deposition process. A frequent 
side-advantage of coating is to make it possible to 
choose the material of the substrate for its mechanical 
or cooling properties without regard to the optical 
properties of the coatings. 

Originally (at the beginning of the twentieth 
century) the progress of X-ray optics was hampered 
by a poor understanding of the nature of these rays, 
and in particular by the observation that they are very 
weakly reflected and refracted. After the electromag- 
netic nature of these rays had been confirmed, the 
problem of producing polished surfaces that were 
sufficiently smooth on an atomic scale to reflect 
X-rays still remained. Optical coatings gave little 
hope of improvement due to the growth of roughness 
during the coating process. Thus early attempts to 
make X-ray mirrors produced poor results and little 
progress was made until the 1960s. However, in the 
past 30 years, much technical progress has been 
made, and now many optical principles used in the 
visible spectral region have been extended to very 
short wavelengths. Even refractive and diffractive 
focusing lenses (not treated here) have been 
implemented in the X-ray region. 

In the first section we outline the history of the 
discovery of the properties of X-rays, which were 
achieved mainly in experiments using crystals. This 
allows us to understand how their electromagnetic 
nature was discovered, and how they interact with 
materials. We then describe the phenomenon of the 
‘total reflection’ of X-rays, which occurs only at very 
high angles of incidence (‘grazing incidence’) and its 
main applications in X-ray optics. Finally, we outline 
the principles of mirrors based on interference, their 
applications in the X-ray region, their advantages and 
their limitations. 


X-rays Compared to the Other 
Electromagnetic Spectral Regions 


Infrared radiation was discovered by W. Herschel in 
1800, and ultraviolet rays by J. Ritter in 1801. 
These were the only ‘invisible rays’ known before 
Maxwell’s contribution to the understanding of the 
electromagnetic spectra through the development of 
his equations in 1869. The discovery of radio waves 
by H. Hertz in 1887 confirmed that our eyes are blind 
to most of the electromagnetic spectrum. 

In 1895, W. Roentgen discovered some previously 
unknown ‘rays’ that had the surprising property of 
being able to penetrate low-density material opaque 
to visible light. This discovery was a side-effect of his 


studies of low-pressure electrical discharges, fashion- 
able at the time. The nature of these unknown or ‘X’- 
rays as Roentgen named them, remained unknown 
for 12 years or so. Were they electromagnetic waves 
or particles? Roentgen used lenses, prisms and 
mirrors to try to detect a reflective, refractive or 
focusing effect, with inconclusive results. Although 
the electromagnetic nature of the X-rays was favored, 
the magnitude of the frequency or the refractive index 
was unknown. We note that natural radioactivity and 
gamma rays were discovered a year after X-rays, and 
the same questions concerning their nature were 
raised. However, in neither case did the ignorance of 
the nature of the radiation impede their use in medical 
radiography or in cancer therapy. 

In 1906, the experiments of C. Barkla provided the 
first evidence of the electromagnetic nature of X-rays. 
In scattering X-rays from blocks of a light element (in 
this case, carbon), he was able to show that the 
scattered radiation was polarized, and therefore had 
the nature of a transverse wave. This kind of 
experiment had been performed almost a century 
previously to demonstrate the transverse wave nature 
of visible light. In 1916, following a suggestion by 
M. von Laue that X-rays might be diffracted from a 
grating of period comparable to their wavelength, 
Friedrich and Knipping succeeded in diffracting 
X-rays from the atomic planes of a natural 
crystal. This experiment established definitively the 
electromagnetic nature of X-rays and also the scale of 
their wavelength. 

In 1915 W. L. Bragg summarized the diffraction 
rules for crystals through his equation [1], now 
known as the simplified Bragg law: 


2d; sin 6; = Na; [1] 


This equation relates the diffracted X-rays wave- 
length A; to a set of parallel atomic planes separated 
by a distance d; and to the incidence angle 6;. N is an 
integer indicating the order of diffraction, as in the 
grating equation. In using this equation, care is 
needed because of two peculiarities compared to the 
usual mirror or grating equations in the visible range. 
In the Bragg equation, the angle of incidence @ is 
measured from a given atomic plane to the incident 
rays. However, inside a crystal several different 
atomic planes exists, not only the planes parallel to 
the surface as indicated in Figure 1. In addition, 6 is 
not measured from the normal as is usual in optics; 
hence the angle 6 is referred to as the glancing or 
grazing angle of incidence. 

We note that the Bragg equation is not restricted to 
X-rays, but is a coherent scattering phenomenon 
which is common to all cases where waves, such as 
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Figure 1 The geometry for the conditions leading to selective 
reflection on a periodic medium. 


sound waves or ripples on water, are diffracted by 
regular arrays of scattering centers. 

In order to visualize the phenomena, we refer to 
Figure 1 which is a schematic representation of a 
plane wave incident upon a two-dimensional array of 
scattering centers (electrons around nucleus, in the 
case of X-rays), shown here as dots. As the sine 
function has a maximum value of 1, the maximum 
wavelength A that can be reflected from a spacing d is 
given by A = 2d,,,. As the largest value of 2d that can 
be found in natural crystals is about 2 nm (in natural 
muscovite mica, for example), X-rays of 2 nm, with 
an equivalent energy of about 620 eV, are the ‘softest’ 
(least energetic) that can be reflected in this manner. 

The model shown in Figure 1, similar to that 
proposed by M. von Laue, does not take into account 
the detailed interaction of the atoms with the X-rays, 
and therefore ignores effects such as absorption and 
refraction, and discrete atomic transitions. 
A.H. Compton attempted the first treatment of the 
interaction of matter with X-rays from an atomic 
viewpoint. In 1917, he developed a classical theory in 
which the electrons bound to the nucleus are treated 
as harmonic oscillators. In this way, he was able to 
derive an expression for the atomic scattering 
coefficients and to describe resonance effects at 
frequencies corresponding to specific atomic tran- 
sitions. A few years later, he was able to establish a 
link between these ‘atomic scattering factors’ and the 
macroscopic concept of refractive index. This new 
formulation allowed the use of the Fresnel equations, 
widely used in other spectral regions, to calculate the 
intensity of X-rays reflected from smooth, polished 
surfaces. These surfaces may be amorphous as well as 
crystalline. 

The refractive index can be written in several ways; 
since it is close to unity over the X-ray range, the most 
common form is complex: 


n=1-6-iB [2] 


where 6 is the refractive index decrement, and the 
imaginary part 8 the absorption index. For photon 
energies corresponding to X-rays, both have small 
negative values, typically 10 *-10 °, and are cor- 
recting factors to the vacuum index 1. As in other 
photon energy ranges, the absorption and the 
refraction coefficient variations are linked 
through the Kramers—Krénig relations. In the visible 
range the index values are usually larger than 1, being 
below 1 only around specific optical thresholds. In the 
UV region, the index values become smaller 
than unity at energies above about 30 eV, which 
corresponds to the energy range for which atoms can 
be ionized. 

At an early stage, Roentgen demonstrated X-ray 
absorption by sheets of materials. The demonstration 
of refraction took much longer and was more 
difficult. The first direct X-ray refraction index 
measurement was achieved in 1924, using a prism 
and an X-ray tube. Figure 2 is the scheme of the 
experiment, which is easy to perform in the visible 
range to measure the refraction of a transparent 
material. The footprint of the direct beam on the 
photographic plate is made before inserting the prism. 
In the visible range for which n> 1, the beam is 
refracted at larger angle than the glancing incidence 
angle, and so below the direct beam direction as 
shown in Figure 2a. At the contrary, as indicated in 
Figure 2b, the X-ray beam is refracted toward the 
prism surface and such an experiment effectively 
demonstrated that the index was slightly inferior to 
unity, as suggested by A.H. Compton. We will return 
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Figure 2 The geometry of the experiment used to evaluate the 
magnitude and the sign of the refractive index in the X-ray and the 
visible ranges. 
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to this peculiarity in the following section, when the 
total reflection phenomenon is described. 

More details about the successive steps in our 
understanding and the pioneering works on X-rays 
can be found in standard textbooks. 


Total Reflection X-Ray Mirrors 


Using Fresnel’s equations and tabulated values of the 
refractive index one can verify that, on any material, 
grazing incidence is necessary to reflect X-rays. 
Reflectivity calculations over the range from EUV to 
X-rays (30eV to 10 keV), with approximations to 
allow calculations for rough surfaces, can be carried 
out using the web site of the Center for X-ray Optics 
of Lawrence Berkeley Laboratory http://www-cxro. 
Ibl.gov, and curves similar to those presented below 
can be reproduced. 

In the case of normal incidence, Fresnel’s equation 
indicates that for any material the X-ray reflectivity 
R? =|(n—-1)n+ WI is very low, typically below 
10~*. This is a direct consequence of the X-ray index 
values, which are close to unity, as mentioned above. 

In the visible range, normal incidence reflectivity 
from the surface of a transparent medium is low but 
can be increased just by going to glancing incidence. 
This is also the case in the X-ray region but in 
addition as the real part of the X-ray refractive index 
is lower than that of the vacuum, we have an 
‘external’ total reflection phenomenon. From 
Figure 2 one can see how, for a sufficiently small 
incidence angle, the refracted wave becomes parallel 
to the interface. This is well known in the visible 
range (in which case it is the ‘internal’ reflection) and 
the phenomenon is used, for example, in fiber optics. 
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Figure 3 Examples of calculated reflectivity variations versus 
the incidence angle in the case of 8 keV X-rays on perfect 
platinum, nickel and glass surfaces. 


Figure 3 shows examples of calculated reflectivity 
variations versus grazing incidence angles, for per- 
fectly smooth glass (SiO), nickel, and platinum 
surfaces. Curves are drawn for the 8 keV energy 
photons, corresponding to the Cu Ka line produced 
by conventional X-ray tubes. One observes that for 
this energy the reflectivity is low beyond a grazing 
angle around 1°, then rises quickly at low angles. 
This is typical of the total reflection phenomenon. 
The grazing angle corresponding to a 50% reflectivity 
is called the critical angle @,, its value being 
roughly proportional to the refractive index decre- 
ment at the relevant photon energy. Notice that 
weaker absorption materials, lower Z, lead to more 
abrupt reflectivity variation but with smaller critical 
angles. 

Such reflectivity variations at grazing incidence 
were systematically studied with X-ray tubes as early 
as the 1930s. The penetration depth of X-rays at 
grazing incidence was also studied. The evanescent 
wave inside the material, under total reflection 
conditions, is confined to a surface layer of a few 
tens of wavelengths. Hence, in the total reflection of 
X-rays, a coating having a thickness of a few tenths of 
a micron, on any substrate, is all that is required. 

Figure 4 shows examples of the variation in 
nickel reflectivity calculated over the energy range 
0.3-10 keV, for several grazing incidence angles. 
Nickel is one of the coatings commonly used for 
X-ray mirrors. The abrupt reflectivity variations and 
the dips correspond to the energies of the nickel 
atomic thresholds L (0.85 keV) and K (7.5 keV) for 
which the index tables predict a rapid change in 
absorption and refraction coefficients. Choosing an 
incidence angle provides a practical way of limiting 
the reflected spectral range. The energy cut-off of the 
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Figure 4 Calculated reflectivity variations versus photon 
energy, on a perfect nickel surface, for different incidence angles. 
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X-ray mirror acts as a filter for the higher-energy 
photons. That is effectively the method of suppressing 
the short wavelengths from an incident spectrum if 
they are not desired in an experiment. 

When using highly divergent sources such as X-ray 
tubes, the restriction to operation at grazing incidence 
leads to a strong limitation of the collected solid 
angle, and thus of the beam size and angular aperture. 
These constraints are less stringent on highly colli- 
mated beams emitted by synchrotron sources. Thus, 
most synchrotron beam lines use total reflection 
optics in the form of curved mirrors, to refocus the 
beams and remove the undesired high X-ray energies. 
Recently, X-ray imaging optics, consisting of a series 
of parabolic and hyperbolic nested grazing incidence 
mirrors to increase the collected aperture, have been 
launched on satellites. 

The reflectivity curves in Figures 3 and 4 are 
calculated for perfect surfaces. Real surfaces, even 
polished surfaces, have roughness created by 
defects over a large and continuous range of 
spatial frequencies, ranging from several centi- 
meters down to the atomic scale. Coating a surface 
replicates the large period defects. Eventually new 
defects are added at near-atomic scale by nuclea- 
tion of the coating material. Interferometric 
methods have been developed to study the range 
of defects from centimeter to micron spatial 
periods, whereas the atomic force microscope 
(AFM) is able to measure roughness from the 
micron down to the 0.1nm scale. As waves are 
scattered most efficiently by asperities of a size 
comparable to their wavelength, scattering 
measurements are used in the X-ray region to 
probe defects of atomic scale. The prevalence of 
scattering explains why mirrors that reflect well in 
the visible range were disappointing when used in 
early X-ray experiments. The recent development 
of adaptive polishing methods has almost solved 
this problem. 

The main effect of scattering by an optical 
system is not to decrease the number of photons 
coming out, but to modify their angular distri- 
bution. Scattering measurements are experimentally 
studied to test and evaluate the spatial defect 
distribution. In X-rays, one first characterizes the 
incident beam angular distribution in measuring its 
angular variation intensity after a scanning slit. 
Performing the same measurement after the optic, 
across the reflected beam in the case of mirrors, 
provides the modified angular distribution. From 
such a measurement, a few theoretical models 
adapted to the X-ray range can be used to deduce 
the mirror spatial defect distribution and so to 
check progress in polishing methods. The simplest 
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Figure 5 Calculated reflectivity variations versus photon 
energy, on nickel surfaces having different roughness, for different 
incidence angles. 


model, coming from early crystal studies, is 
describing defects by a single parameter named 
roughness and denoted o. Figure 5 shows an 
example of calculated reflectivity; on nickel sur- 
faces versus photon energy and for increasing 
roughness; it shows how many photons have 
deviated from the symmetrical direction. Corres- 
ponding angular distributions can also be 
calculated. 

The coating systems used for X-ray mirrors are 
material dependent. Deposition methods are similar 
to those used for visible optics coatings, but specific 
effort has been devoted to avoid nucleation growth to 
achieve uniform smooth layers. In general, one tries 
to give the evaporated particles, ions or clusters a 
kinetic energy lying within a specific range, which 
promotes mobility on the surface but is below the 
energy needed for implantation. In the case of 
electron beam deposition the energy distribution is 
thermal, but an auxiliary ionic bombardment can be 
used during deposition to provide the necessary 
energy to the previously deposited atomic layer (ion 
assisted deposition). For each material, the specific 
sputtering deposition and ionic bombardment con- 
ditions need to be carefully studied. 

Until the 1970s, Bragg reflection by crystals and the 
total reflection phenomenon was the only way to 
reflect X-rays. 


Multilayer X-Ray Mirrors 


In the visible range, optics are frequently coated with 
stacks of dielectric multilayers obtained by periodic 
deposition of layers of two amorphous transparent 
materials. Such stacks are highly selective reflectors, 
or bandpass filters. They operate on the principle of 
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constructive interference between all the waves 
partially reflected by the successive interfaces. They 
can be regarded as analogous to two-dimensional 
Bragg reflectors, in which the interfaces play the same 
role as atomic planes in crystals. Hence the Bragg 
equation [1] can be applied, the relevant period d 
being the thickness of an individual bilayer, if the 
stack is truly periodic. 

The concept of using artificially deposited stacks of 
thin films, of alternating high and low electron 
density, to reflect and diffract X-rays dates back at 
least to the 1920s. It was not until 1944, however, 
that DuMond and Youtz were able to demonstrate 
significant X-ray reflection from such an artificially 
layered structure. Their work used alternating layers 
of copper and gold, laid down by evaporation. 
Unfortunately these materials diffuse into one 
another, reducing the electron density contrast and 
hence the X-ray reflectivity. In 1967 Dinklage and 
Frerichs succeeded in making a structure of alternat- 
ing layers of iron and magnesium, which do not 
interdiffuse quickly, and thus produced the first stable 
X-ray reflecting multilayer. 

Since then, enormous progress has been made in 
the fabrication and application of such multilayer 
reflectors, principally because of the efforts of two 
pioneers. Troy Barbee, while at Stanford University, 
developed open loop sputtering methods for 
controlling the thickness of the many thin (~nm) 
layers required to make up such a stack, while 
Eberhard Spiller at IBM developed an evaporation 
method using in situ X-ray monitoring to achieve 
similar thickness control. Almost all of the many 
multilayer deposition systems in use around the world 
are based on one of these two methods. 

As for the total reflection mirror, only recent 
progress in methods for deposition and controls has 
made this new kind of X-ray optics practical. Present 
applications range from the extreme ultra violet 
(30 eV) region to hard X-rays having energies of a 
few tens of keV. 

Prediction of the reflectivity variations can be 
simulated by calculations on the same web site 
mentioned in the preceding section. Multilayer 
mirrors are based on interference, so the reflectivity 
coefficient and the width of the reflected bandpass 
are determined by the amount of absorption inside 
the stack and the partial reflectivity at each 
interface. The more efficient pairs of materials 
have the lowest X-ray absorption and the highest 
refractive index difference at the required energy. 
The selection of real materials is constrained by the 
coating conditions and the need to achieve smooth 
interfaces. In particular, a low interdiffusion coeffi- 
cient between the successive material pairs is a 


requirement for temporal stability. Epitaxial depo- 
sition methods have been considered but no useful 
pair of materials has yet been found. 

An example of a flourishing application is multi- 
layer-coated normal incidence X-ray optics. Optical 
schemes used in the visible region for telescopes and 
microscopes have excellent optical performance and 
high numerical aperture but a very low reflectivity in 
the X-ray region if coated witha single layer. However, 
if coated with multilayers they can be used, providing 
that extremely low-roughness surfaces can be pro- 
duced. The interface qualities of the deposited thin 
layers presently limit normal incidence optics to the 
soft X-ray energy range, typically below 300 eV so 
around the carbon edge. This corresponds to periods 
of about 2 nm, ora few atomic layers, and the resulting 
roughness seriously decreases the reflectivity. 

Figure 6 is a reflectivity curve versus energy for a 
quasinormal incidence Mo/Si multilayer mirror opti- 
mized to get the first-order peak at 93 nm. On Mo/Si 
mirrors, precise control of the layer period and the 
quality of the interfaces allow the manufacture of 
mirrors with reflectivity only a few percent below the 
theoretical limit shown here. Considerable effort has 
been invested in such mirrors, with a view to 
applications to EUV projection lithography. 

It is possible to build polarizer mirrors over the soft 
X-ray range. An incidence angle of 45° corresponds to 
the Brewster angle, because the X-ray index is close to 
unity. X-ray multilayer and semitransparent selective 
beam splitters now permit the development of 
Michelson interferometers for newly developed soft 
X-ray lasers. 

Figure 7 is an example of a tungsten/carbon (W/C) 
reflectivity curve for a multilayer adapted to the 
8 keV energy of Cu Ka, mentioned before. The curve 
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Figure 6 Calculated reflectivity versus incidence angle for a 
typical Mo/Si multilayer, optimized around 93 eV, under quasi- 
normal incidence. 
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Figure 7 Calculated reflectivity versus incidence angle for a 
typical W/C multilayer adapted to reflect 8 keV photons. 


of reflectivity versus glancing angle has been calcu- 
lated from the total reflection range to the second- 
order peak. This kind of multilayer is being used in X- 
ray tubes to premonochromatize the beam and make 
it parallel. In such an application, the period of the 
coating is continuously graded laterally to satisfy 
locally the Bragg law at each point of the curved 
mirror. 

As a final example of the new possibilities offered 
by X-ray multilayers, we mention the possibility 
of widening the reflected bandpass by varying 
continuously the period from the bottom to the top 
of the deposited stack. This is the equivalent of 
multilayer neutron ‘supermirrors’. Such interference 
mirrors are usable at quite high X-ray energies, and 
give high reflectivity and a larger incidence angle than 
total reflection mirrors working over the same energy 
range. 

The continuous fast development of coating 
technologies and X-ray multilayer applications can 
be followed through the proceedings of dedi- 
cated meetings at, for example, on a web site like 
http://PXRM. 


Summary and Perspectives 


After the discovery of X-rays in 1895, almost 25 
years were necessary to understand their charac- 
teristics compared to the visible range. Only in 
1923 did F. Holweck and R.A. Millikan demon- 
strate the continuity of electromagnetic radiation 
from X-rays to ultraviolet. The selective Bragg 
reflection by natural crystals is limited to energy 
commonly larger than about 2 keV photons. Below 
this energy the total reflection mirror was the only 
optical device to reflect and focus wavelengths 


shorter than the far UV until the development of 
adapted interferential mirrors. 

During the 1960s, the EUV and X-UV ranges 
gained interest due to the spread of fusion research 
and in the astrophysics community studying the Sun 
and stars. For both communities, the continuum and 
the lines emitted at short wavelengths by ionized 
matter were a convenient tool to evaluate high 
plasma temperatures. At about the same time, the 
development of synchrotron radiation sources 
increased the need for X-ray optics. In addition, this 
last source offered the possibility to attempt new 
optical solutions with convenient intense and parallel 
beams from UV to X-rays. Finally, the concomitant 
progress in various microtechnologies afforded the 
necessary tools to produce new adapted optical 
devices for short wavelengths. At the present time, 
adapted optics are under development to take 
advantage of various applications from microscopy 
to interferometry over the very large electromagnetic 
energy X-ray range. 

As a matter of fact, it is now possible to tailor a 
choice of mirror coatings adapted to each X-ray 
photon energy and application. Such coatings are 
specific because they must be optimized to take 
into account the inevitable absorption energy 
dependence. 

Progress achieved in blank polishing and evapor- 
ation methods has led to efficient and high-quality 
X-ray mirrors even able to keep the spatial coherence 
of synchrotron sources. Such technological advances 
are also steps to master surfaces and interfaces at the 
atomic scale. They are now becoming applicable to 
the other spectral ranges and to various micro- and 
nanotechnologies. 


List of Units and Nomenclature 


Crystal period d= [nm] 1nm=10 ?m 

Incidence Angle © [degree] 

Photon Energy E_ [eV] (h/271)@.A = he = 
1239.842 eV.nm 

Wavelength A [nm] 1nm=10°?m 

See also 


Diffraction: Fresnel Diffraction. Geometrical Optics: 
Lenses and Mirrors. Incoherent Sources: Synchrotrons. 
Optical Coatings: Thin-film Optical Coatings. 
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Introduction 


Since modern lightwave communication started in the 
1970s, extensive efforts have been made to increase 
data rate and transmission distance. Recently, the bit 
rates for single-channel and multichannel systems 
have exceeded 40 and 2Tb/s on single fibers 
respectively, for transoceanic distances. One revolu- 
tionary development in lightwave systems has been 
the deployment of erbium doped fiber amplifiers 
(EDFAs). These amplifiers facilitate transmission of 
an optical signal over long distances, by providing 
periodic analog-like amplification rather than digital- 
like regeneration. The wide bandwidth provided by 
EDFAs has made possible the increased use of 


wavelength division multiplexing (WDM) in which 
multiple lightwave signals, each having a different 
wavelength, are co-propagated on a single fiber. 
EDFAs and WDM techniques can enhance the 
lightwave system capacity, both in terms of obtain- 
able transmission distance, and total number of data 
rates (see Figure 1). 
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Figure 1 Bit rate product. Data from T. Li (private 
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Optical Fiber 


Most telecommunication fibers are made of silica, 
therefore following the attenuation of silica material. 
Figure 2 shows the silica fiber attenuation as a 
function of wavelength. The downward slope 
towards 1.6m and upward slope away from 
1.6 wm, are the theoretical limits due to Rayleigh 
scattering and absorption of silica material, respect- 
ively. The absorption peak near 1.4 ym is due to 
water molecule absorption. There are two low 
attenuation regions: ~1.3 wm and 1.55 wm, both of 
which are used for communications in general, and 
some other wavelengths are also used for shorter 
distance communications. Figure 2 also shows the 
comparison between gain bandwidth of EDFA 
(~3 THz) and the low attenuation window around 
1.55 um (~25 THz). The typical values of attenu- 
ation at 1.3m and 1.55 um for single-mode 
fiber (SMF) are ~0.35 dB/km, and 0.2 dB/km, 
respectively. 

When an electromagnetic wave interacts with the 
bound electrons of a silica fiber, the medium response 
depends upon optical frequency (w). This property, 
referred to as material dispersion, manifests itself 
through the frequency dependence of the refractive 
index (w). Fiber material dispersion plays a critical 
role in propagation of short optical pulses since 
different spectral components associated with the 
pulse travel at different speeds, given by c/n(o). 
Consequently, the optical pulse at the output of the 
fiber is broadened in time. The commonly used system 
parameter is called the dispersion parameter D 
(the negative D value is called normal dispersion, and 
the positive D value is called anomalous dispersion), 
and is measured in ps/(nm-km); D for SMF is ~+ 
17 ps/(nm-km) at 1.5 wm. However, because of 
dielectric waveguiding, the effective mode index is 
slightly lower than the material index n(@), with the 
reduction itself being w-dependent (waveguide dis- 
persion). This results in a waveguide contribution that 
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Figure 2. Silica fiber attenuation versus wavelength. 


must be added to the material contribution to obtain 
the total dispersion (see Figure 3). 

Generally, the waveguide contribution to dispersion 
D is to shift zero dispersion wavelength (Ao) to longer 
wavelengths. Furthermore, the waveguiding can be 
tailored to shift the Ap from 1.3 pm to 1.5 wm, the 
wavelength at which the fiber has the minimum 
attenuation loss. The fiber having Ag in the neighbor- 
hood of 1.5 zm, is called dispersion-shifted fiber 
(DSF); D for DSF is usually between —2.5 and 
+2.5 ps/nm-km, at a wavelength of 1.5 um. The 
typical dispersion parameter, D, as a function of a 
wavelength for both SMF and DSF, is shown in 
Figure 4. 
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Figure 3 Total dispersion (D) and contribution of material 
dispersion and waveguide dispersion in conventional SMF. 
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In addition to chromatic dispersion, optical fiber 
has another dispersion properties related to polariz- 
ation. An optical wave of arbitrary polarization can 
be represented as the superposition of two ortho- 
gonally polarized modes. In an ideal fiber, these two 
modes are indistinguishable, and have the same 
propagation constants owing to the cylindrical 
symmetry of the waveguide. However, in real fibers 
there is some residual anisotropy due to unintentional 
circular asymmetry, usually caused by noncircular 
waveguide geometry or asymmetrical stress around 
the core, as shown in Figure 5. 

In either case, the loss of circular symmetry gives 
rise to two distinct orthogonally-polarized modes 
with different propagation constants (differential 
phase velocity) responsible for polarization mode 
dispersion (PMD) in the fiber, and can be related to 
the difference in refractive indices (birefringence) 
between the two orthogonal polarization axes. The 
differential phase velocity indicated is accompanied 
by a difference in the group velocities for the two 
polarization modes, therefore the pulse at the end of 
the transmission fiber is broadened by this differential 
group delay (DGD). DGD is usually expressed in 
units of ps/km for a short length (1m to 1 km) of 
birefringent fiber. However, DGD does not accumu- 
late along a long fiber link in a linear fashion. Instead, 
because of random variations in the perturbations 
along a fiber span, the DGD in one section may either 
add to or subtract from another section of the fiber. 
As a result, average DGD in long fiber spans 
accumulates in a random-walk-like process that 
leads to a square root of transmission-length depen- 
dence. Therefore, average DGD is expressed in 
ps/km'? in long fiber spans, referred to as the 
PMD of the fiber, and the typical PMD parameter 
has a value of 0.01 to 10 ps/km'?. Because of 
the many perturbations that act on a real-world 
fiber (e.g., temperature, vibration, etc.), transmission 
properties typically vary with time. Therefore, 
the PMD of the fiber link fluctuates randomly, 
thus causing random fluctuations in system 
performance. 
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Figure 5 Origin of PMD. 


It is well known that optical fibers show nonlinear 
behavior under conditions of high power and long 
interaction length. The power-times-distance pro- 
ducts for amplified transmission systems can be 
large enough to make fiber nonlinear effects the 
dominant factor in the design of long-distance 
systems. 

There are two categories of fundamental optical 
nonlinear effects: stimulated scattering effects and 
refractive index effects. Stimulated scattering effects 
arise from parametric interactions between light and 
acoustic or optical phonons in the fiber. Two non- 
linear effects fall into this category: stimulated 
Brillouin scattering (SBS) and stimulated Raman 
scattering (SRS). The main difference between the 
two is that optical phonons participate in SRS, while 
acoustic phonons participate in SBS. In a simple 
quantum-mechanical picture, a photon of the inci- 
dent field is annihilated to create a photon at a longer 
wavelength. The new photon is co-propagated and 
counter-propagated along the original signal in SRS, 
while counter-propagated in SBS. Refractive index 
effects are caused by modulation due to changes in 
light intensity. There are three types of refractive 
index effects: self-phase modulation (SPM), cross- 
phase modulation (XPM), and four-wave mixing 
(FWM). SPM introduces the change of optical phase 
by its own intensity, and, this leads to frequency chirp 
of the pulse, depending on the relative position from 
the peak. When this nonlinear frequency chirp 
interacts with the fiber dispersion, the pulse either 
broadens or compresses, depending on the sign and 
the amount of dispersion along the fiber. In XPM, the 
phase of the signal in one wavelength channel is 
modulated by the intensity fluctuation of the other 
wavelength channels. In a WDM system, XPM 
imposes far more damaging effects than SPM because 
XPM is stronger by a factor of two than SPM when 
the channel power is the same, and large number of 
WDM channels can contribute to XPM. FWM is the 
generation of modulation sideband at new frequen- 
cies, due to the phase modulation of channels 
between lights at different frequencies in multi- 
channel system. FWM causes penalties in a WDM 
system if the newly generated frequency is either 
equal to or close to the frequency of existing WDM 
channels. 

Fiber nonlinearities impose significant degradation 
in optical transmission system, and limit the system 
on allowable number of channels, channel power, and 
channel spacing (see Figure 6). But, the effects can be 
well suppressed by carefully designing the fiber 
dispersion profile (i.e., dispersion map) in the 
transmission system, and controlling the optical 
launch power for each fiber span. 
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Figure 7 (a) EOM: MZ interferometer on LINbO2, (b) operation of EOM; constructive and destructive interference resulting in intensity 


modulation. 


Communication Components 


Distributed feedback laser (DFB) is widely used as a 
light source for metro, long-haul, and undersea 
applications, due to its narrow spectral width, and 
wavelength stability. Fabry-Perot (FP) lasers, and 
vertical cavity surface emitting lasers (VCSEL) are 
used for local area networks (LAN), and for access 
applications, because these are cheaper than DFB 
lasers. For an application, where the cost is the most 
important parameter with low data modulation 
speed, light-emitting diode (LED) is used as a light 
source. 

In optical data modulation, the simplest and easiest 
technique is turning ON or OFF the laser, depending 
on the binary logic ‘1’ or ‘0’ (direct modulation). This 
type of modulation is simple and cheap compared to 
external modulation technique. But, its application is 
limited by the bandwidth of modulation, and the 
induced frequency chirp (i.e., difference in optical 
frequency at the turn ON state and just before 
the turn OFF state of laser) that limits the 


transmission distance. Two different types of external 
modulators are widely used for digital optical data 
transmission. Electro absorption modulator (EAM) 
uses the Franz—Keldysh effect, where it is observed 
that the wavelength of the optical absorption edge ina 
semiconductor is lengthened by applying an electric 
field. Electro-optic modulator (EOM) utilizes the 
linear electro-optic effect, called the Pokels effect, 
which changes the refractive index of the material 
caused by and proportional to an applied electric field, 
so therefore changes the phase of the optical signal. 
This phase change is used to modulate the intensity of a 
lightwave through a Mach-Zehnder (MZ) interfero- 
meter (see Figure 7). Because the Pockels effect exists 
only in crystal, lithium niobate crystal (LINbO2) or 
electro-optic polymers are used for EOM. 

EDFA is a wideband optical amplifier that 
has merits in that: (i) erbium ions (Er**) emit light 
in the 1.55 wm loss-minimum band of optical fiber, 
(ii) a circular fiber-based amplifier is inherently 
compatible with a fiber optics system; (iii) it provides 
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Figure 8 Energy level and transition diagram of EDFA. Reproduced with permission from Willner AE (1997) Mining the optical 
bandwidth for a terabit per second. [EEE Spectrum Apr.: 32—41. Copyright © 1997 IEEE. 


amplification independent of bit-rate, modulation 
format, power, and wavelength; and (iv) it has low 
distortion and low noise during amplification. EDFA 
contains a gain medium (i.e., erbium-doped fiber) 
that must be inverted by a pump source. A signal 
initiates stimulated emission, resulting in gain, and 
spontaneous emission occurs naturally, which results 
in noise. 

Figure 8 shows the energy level and transition 
diagram of EDFA. A 0.98 um pump photon is 
absorbed and excites a carrier (Er** ions) into higher 
excited states, and the excited carrier decays rapidly 
to the first excited state that has a very long lifetime of 
~10 ms (metastable state). In contrast, a 1.48 pm 
pump photon is absorbed and excites a carrier into a 
metastable state. This long metastable state is one of 
the key advantages of EDFA, and intersymbol 
distortion and interchannel crosstalk are negligible 
as a result of these slow dynamics. Depending on the 
external optical excitation signal, this carrier will 
decay in a stimulated or spontaneous fashion to the 
ground state and emit a photon. Both absorption and 
emission spectra have an associated bandwidth 
depending on the spread in wavelengths that can be 
absorbed or emitted from a given energy level. This is 
highly desirable because (i) a pump laser does not 
need to be an exact wavelength; and (ii) the signal 
may be at one of several wavelengths, especially in a 
WDM system. Figure 9 shows the bandwidth in the 
1.48 xm absorption and 1.55 ym fluorescence spec- 
trum of a typical erbium-doped amplifier. 

When the noise characteristics of EDFA are 
considered, noise figure (NF) is an important para- 
meter, which is defined by NF = SNR;j,/SNRous 
where SNRin (SNRout) is the electrical equivalent 
signal-to-noise ratio (SNR) of the optical wave going 
into (coming out) of the amplifier, if it were be 
detected. The typical value of NF in commercially- 
available EDFA is 4.5—6 dB. The importance of NF in 
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Figure 9 The absorption and fluorescence spectra for erbium 
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Figure 10 Typical EDFA diagram. 


optical communication systems is presented later in 
this chapter, when the required optical SNR (OSNR) 
for error-free optical data transmission is considered. 
Figure 10 shows an example of EDFA diagram. 
Recent development of EDFA in longer wavelength 
regimes or L-band (1570-1620 nm) has doubled the 
useful transmission bandwidth over the conventional 
band or C-band (1525-1265 nm). L-band gain of 
EDFA is generally achieved by proper arrangement of 
pump lasers through longer lengths of erbium-doped 
fiber than conventional C-band EDFA. Figure 11a 
shows the concept of wideband EDFA. The incoming 
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Figure 11 Wide band EDFA. Reproduced with permission from Yanada M (1997) Electronics Letters. Copyright © 1997 IEEE. 
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Figure 12 Block diagram of functions performed in advanced receiver packages. 


WDM signal is split into two bands (C- and L- 
bands), amplified separately, and combined at the 
output. Gain and NF characteristics of this wideband 
EDFA is shown at Figure 11b. 

Because SRS transfers the energy of a lower 
wavelength channel into the higher wavelength 
channel in the optical fiber, the transmission fiber 
itself can be used as a gain medium on specific 
channel (or channels) when the proper pump signal 
(or signals) are provided in the fiber. Even though 
Raman gain is much lower than the gain of EDFA 
(i.e., <0.1 dB gain‘/mW pump in Raman amplifier 
(RA) compared to a few dB gain/mW pump in 
EDFA), RA has several advantages over EDFA (i) RA 
has the capability to provide gain at any signal 
wavelengths, (ii) the amplification window is expand- 
able by combining multipump wavelengths; and 
(iii) RA offers improved noise performance because 
the signal is amplified over transmission fiber (i.e., 
distributed amplifier). Especially improved noise 
performance increases system OSNR, which can be 
used to extend system reach or create more wave- 
length channels on the system. The Raman pumps 
are typically located ~100nm shorter than the 
wavelength of the signal to be amplified, and 
a few 100smW pump lasers are used to get a 
10-15 dB gain. 

In general, telecom receiver (RCVR) consists of 
photo diode (PD) with transimpedence amplifier 


(TIA), followed by limiting amplifier (LA) or auto- 
matic gain control amplifier (AGC), low pass filter, 
and clock data recovery circuit (CDR) (see Figure 12). 

Vertically illuminated positive-intrinsic-negative 
(PIN) photodiode and avalanche photo diode (APD) 
are the most common PD that is used in RCVR. In 
PIN, incoming light is absorbed in the n” (low doped 
or intrinsic) region and generates an electron-hole 
pair, which drifts to a depletion region and collected 
n’ and p* regions, therefore generating electric 
current. APD is used for high-sensitivity detection 
up to 10 Gb/s. It is structured as absorption, grading, 
and multiplication layers. The multiplication layer of 
APD provides additional transit time delay compared 
to PIN, therefore the bandwidth of APD is smaller 
than PIN in general. TIA is a broadband low noise 
amplifier that is used to convert and amplify the weak 
current from PD to the desired output voltage. A low 
pass filter is used to suppress the noise and data 
distortion from high frequency components with a 
typical cut-off frequency ~0.7 bitrate. LA and AGC 
are amplifiers that limit the output voltage as a 
constant. LA is a nonlinear amplifier that makes a 
decision either to make logic ‘1’ or ‘0’ based on input 
voltage level, and limits output voltage as fixed 
values. AGC is a linear amplifier that limits the output 
voltage by adjusting the gain of the amplifier based on 
input voltage level. CDR consists of a phase lock loop 
(PLL) with a voltage controlled oscillator (VCO) 
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Figure 13 Amplitude modulation (a) nonreturn-to-zero (NRZ), and (b) return-to-zero (RZ). 


and data flip-flop circuit. The PLL is used to 
synchronize the VCO to the incoming high-speed 
bit stream, therefore recovering the system clock. The 
recovered clock is used in D-FF to retime and 
regenerate the data. 


Data Modulation Formats 


In digital optical communications, numerous modu- 
lation formats have been developed and utilized, in 
order to achieve higher spectral efficiency (i.e., ratio 
of individual channel bit rate to dense WDM 
(DWDM) separation), and to improve system 
performance over fiber impairments. A simple 
amplitude modulation of lightwave is still the 
most widely used method for optical communi- 
cation. The easiest amplitude modulation technique 
is to using a nonreturn-to-zero (NRZ) format. 
Figure 13a shows an example of NRZ binary 
sequence in time domain, and the corresponding 
frequency domain spectrum. In NRZ, data ‘1’ and 
‘0’ correspond to the ON and OFF state of a 
lightwave transmitter, respectively, occupying entire 
bit time (i.e., binary symbol time). When the ON or 
OFF state of a lightwave transmitter does not 
occupy the entire bit time (Tg) (i.e., when the data 
pulse duration (Tq) is less then (Tp), it is called the 
return-to-zero (RZ). Figure 13b shows a binary 
sequence of RZ, and its frequency spectrum when 
Tg ~ 0.5 Tg. The Fourier transform of the square 
wave is the Sinc function. Therefore, the frequency 
spectrum of an ideal NRZ and RZ follows the 
pattern of a Sinc square function. Note that the first 
null of frequency spectrum of RZ is about twice as 
high as the null of NRZ. 

Even though NRZ is better in spectral efficiency 
than RZ, RZ has an advantage over NRZ in 


NRZ 


10 F 
16 channels 


8 


Eye closure penalty (dB) 








0 
0 


200 


300 400 500 


Transmission distance (km) 


Figure 14 System performance of different modulation format 
(NRZ vs. RZ). 


tolerance of fiber impairments. Figure 14 shows an 
example on eye closure penalty comparison 
between NRZ and RZ data formats at a 16- 
channel WDM system at 40 Gb/s data rate. It is 
clearly seen that the penalty of RZ is much less 
severe than the penalty of NRZ, as the trans- 
mission distance increases. (Note, nonlinearities and 
dispersion increases as the transmission distance 
increases.) 

There has been much effort to increase the spectral 
efficiency, to improve the system performance over 
fiber impairments, or to achieve both simultaneously. 
Figure 15 shows some of examples of these. Chirped 
RZ (CRZ) is the modulation format inducing 
frequency chirp on conventional RZ. CRZ is robust 
on fiber impairment at the cost of losing spectral 
efficiency. In carrier-suppressed RZ (CS-RZ), a strong 
un-modulated optical carrier is removed from con- 
ventional RZ, therefore suppressing the nonlinear 
effects. Duo-binary is a three-level signal modulation 
format generated by a series of delay and added 
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Figure 15 Examples of bandwidth efficient modulation formats. (a) Chirped RZ (CRZ) generation, (b) carrier suppressed-RZ (CS-RZ) 
generation, (c) duo-binary generation, and (d) vestigial single side band (VSB) RZ generation. 


circuits in the transmitter. The advantage of 
duo-binary is that its bandwidth is reduced to one 
half of conventional NRZ, therefore having enhanced 
spectral efficiency, and has a high tolerance in 
chromatic dispersion, and suppression of fiber 
nonlinearites. 

Single-sideband (SSB) or vestigial singleside band 
(VSB) can be generated into either NRZ or RZ, by 
either optically utilizing optical filtering with a sharp 
cut-off filter, or electrically applying tapped-delay-line 
filter approximation on both amplitude and phase 
modulators. SSB (or VSB) has about a two times 
higher spectral efficiency and higher tolerance on 
chromatic dispersion than conventional modulation 
formats. 


Data Multiplexing 


At their most basic, optical networks can imitate 
electrical networks in which time division multi- 
plexing (TDM) is overwhelmingly used for digital 
data transmission. A fiber can carry many time- 
multiplexed channels, in which each channel can 
transmit its data in an assigned time slot. A typical 
TDM link is shown in Figure 16, in which N 
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Figure 16 Concept of bit-interleaving TDM. 


transmitters are sequentially polled by a fast multi- 
plexer to transmit their data. The time-multiplexed 
data are sequentially and rapidly demultiplexed at the 
receiving node. 

Time multiplexing and demultiplexing functions 
can be performed either electrically with an ele- 
ctrical time (DE)MUX switch and an optical 
transmitter/receiver, or optically with multiple 
optical transmitters/receivers and an optical time 
(DE)MUX switch. The major advantage of TDM is 
that there is no output—port contention problem 
(each data bit occupies its own time slot and there is 
only a single high-speed signal present at any given 
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instant). The disadvantage of TDM is that the scheme 
requires a ultra-high-speed switching component if 
the individual signals are themselves high-speed and 
if there are many users. 

In WDM, multiple wavelength channels are trans- 
mitted through a single fiber, therefore enabling the 
fiber to carry more throughput. By using wavelength- 
selective devices for the ON and OFF ramps, 
independent signal routing also can be accomplished. 
Figure 17a shows a simple point-to-point WDM 
system in which several channels are multiplexed at 
one node, the combined signals transmitted across a 
distance of fiber, and the channels demultiplexed at a 
destination node. As shown in Figure 17b, the 
wavelength becomes the signature address for either 
the transmitter or the receivers, and the wavelength 
will determine the routing path through an optical 
network. 

Many interesting challenges face the eventual 
implementation of WDM systems and networks. 





Several of these challenges involve the control and 
management of the data through this novel high- 
speed network. Figure 18 shows a small subset of 
critical component technologies typically required for 
a WDM system, including multiple-wavelength 
transmitters, multiport star couplers, passive and 
active wavelength routers, EDFAs, and tunable 
optical filters. 

Some generic goals that a WDM-device technol- 
ogist aims to achieve include; large wavelength tuning 
range; multi-user capability; wavelength selectivity 
and repeatability; low cross-talk; high extinction 
ratio; minimum excess losses; fast wavelength tun- 
ability; high-speed modulation bandwidth; low 
residual chirp; high finesse; low noise; robustness; 
high yield; potential low cost. Depending on system 
requirements, device availability and cost, WDM 
technologies divide into two; course-WDM 
(CWDM) and dense-WDM DWDM. Figure 19 
shows the wavelength allocation for CWDM and 
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Figure 17 (a) A simple point-to-point WDM transmission system; (b) a generic multiuser network in which the communication links 
and routing paths are determined by the wavelengths used within the optical switching fabric. 
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Schematic of a small subset of enabling device technologies for a WDM system. 
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DWDM. CWDM technology uses an International 
Telecommunication Union (ITU) standard 20 nm 
spacing between the wavelengths from 1310 nm to 
1610nm. Also DWDM technology uses an 
ITU standard 100 GHz or 200 GHz between 
wavelengths, arranged in several bands at around 
1500-1600 nm. 


Dispersion Management 
and Compensation 


As mentioned previously, chromatic dispersion is one 
of the most basic characteristics of fiber, although it is 
possible to manufacture fiber that induces zero 
chromatic dispersion. But such fiber is incompatible 
with the deployment of a WDM system since harmful 
nonlinear effects are generated, therefore chromatic 
dispersion must exist, and must be compensated for. 
The effect of chromatic dispersion is cumulative 
and increases quadratically with the data rate 
(see Figure 20). 

The quadratic dependence of dispersion with the 
data rate is a result of two effects. First, a doubling of 
the data rate will double the Fourier-transformed 
frequency spectrum of the signal, thereby doubling 
the effect of dispersion. Second, the same doubling of 
the data rate makes the data pulse only half as long in 
time and therefore twice as sensitive to temporal 
spreading due to dispersion. The conventional 
wisdom for the maximum distance over which data 
can be transmitted is to consider a broadening of 
the pulse equal to the bit time period. For a bit 
period B, a dispersion value D and a spectral 
width AA, the dispersion-limited distance is given by 
Lp = 1/(D-B-Ad) (see Figure 21). 

In theory, compensation of chromatic dispersion 
for high-speed or long-distance systems can be fixed 
in value if each link’s dispersion value is known. A 
simple yet elegant solution is to create a dispersion 
‘map’, in which the designer of a transmission link 
alternates elements that produce positive and then 
negative dispersion (see Figure 22). This is a very 
powerful concept: at each point along the fiber 
the dispersion has some nonzero value, effectively 
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Figure 20 Pulse broadening at two different data rates 
(2.5 Gbit/s, and 10 Gbit/s) as a result of quadratic nature of 
chromatic dispersion. 
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distance in single-mode fiber (SMF) as a function of data rate for 
intensity-modulated optical signals. Courtesy of L.D. Garrett. 
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Figure 22 Typical static management of chromatic dispersion. 
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Figure 23 Effect of tunable compensation at 40 Gb/s (OC-768); 
it allows a wide range of transmission distance. On the contrary, 
the 80km fixed compensator allows only small range of 
transmission around 80 km. 


eliminating FWM and XPM, but the total accumu- 
lated dispersion at the end of the fiber link is zero, so 
that minimal pulse broadening is induced. The 
specific system design, as to the periodicity of 
management, depends on several variables, but a 
typical number for SMF as the embedded base is a 
compensation at every 80 km in a 10 Gb/s system. 
Dispersion-compensating fiber (DCF) has been gen- 
erally used as a dispersion compensating element. 

However, there are several important aspects of 
optical systems and networks that make tunable 
dispersion compensation solutions attractive, includ- 
ing: (i) it significantly reduces the inventory of 
different required types of compensation modules; 
(ii) it tunes to adapt to routing path changes in a 
reconfigurable network, (iii) it tracks dynamic 
changes in dispersion due to environment, and 
(iv) it achieves a high degree of accuracy necessary 
for 40 Gb/s channels (see Figure 23). 

One brute-force method to achieve tunable dis- 
persion compensation is to build a module with 
optical switches used to add or remove sections of 
fixed DCF to achieve a discrete set of dispersion 
compensation. Many other elegant, yet viable, 
approaches have been developed for tunable dis- 
persion compensation, and these approaches 
include linearly chirped FBG with nonuniform 
heating, nonlinearly chirped Fiber Bragg grating 
(FBG) with a simple mechanical stretcher, virtually 
imaged phase array, electronic tap delay filter with 
weights, multiple stage all pass filter, etc. 


System Performance Parameters 


An eye diagram provides a simple and useful tool to 
visualize intersymbol interference between data bits. 
Figure 24a shows a perfect eye diagram. A square bit 
stream (i.e., series of symbol ‘1’s and ‘0’s) is sliced 
into sub-bit stream with predetermined eye intervals 


(i.e., several bit periods), and displayed through bit 
analyzing equipment (e.g., digital channel analyzer), 
overlapping the sliced sub-bit stream in order to obtain 
the eye diagram. When a perfect transmitter and 
receiver (i.e., infinite receiver bandwidth with zero 
noise characteristics and jitter), and a perfect trans- 
mission media (i.e., no dispersion and nonlinearites) 
are used, the received eye diagram is shaped as a 
perfect rectangular. In reality, the transmitter and 
receiver have a limited bandwidth with noise and jitter, 
and the transmission media (i.e., optical fiber) has 
dispersion and nonlinearites. Therefore, the eye 
diagram deviates from the perfect rectangular shape. 
Figure 24b shows the eye diagram close to a real 
situation. The shape of the eye is generally broadened 
and distorted (i.e., eye is closed) due to limited 
bandwidth and fiber impairments, and noise and 
timing jitter are added onto this broadened and 
distorted eye shape. 

The Q-factor (q) is also an important system 
parameter widely used in long-distance optical 
transmission system design. It is defined as the 
electrical signal-to-noise ratio before the decision 
circuit at receiver. The Q-factor is directly related to 
bit-error-rate (BER: the percentage of bits that has an 
error relative to total number of bits received in a 
specific time) by: BER = 0.5-erfc(q/2°°), where 
erfc(x) is the complementary error function. The 
Q-factor is an unitless linear ratio, and is express in 
dB by 20-log(q). As a conventional relationship, 
Q-factor of 15.6 dB (i.e., linear ratio 6) is required to 
achieve BER = 10~”. Figure 25 shows the relation- 
ship of eye diagram, Q-factor, and BER. 
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Figure 24 (a) A perfect square eye diagram, (b) a closed eye 
diagram due to bandwidth, fiber impairments, noise, and timing 
jitter. 
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Figure 25 The relationship of eye diagram, Q-factor, and BER 
(w1, 2: mean levels of logic ‘1’ and ‘0’, 01, 02: standard deviation 
of logic ‘1’ and ‘0’). 
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Figure 26 BER curve and power penalty. 


Power penalty (PP) is one of the most important 
system parameters, and is defined as the received 
optical power difference in dB with and without 
signal impairments at a specified BER (conventionally 
10°), from measured BER versus optical power 
curve. Therefore, 1 dB PP means that a system with 
signal impairments requires 1 dB more optical power 
at the receiver in order to achieve the same BER 
performance compared to the system without signal 
impairments. Figure 26 shows the typical BER curve 
as a function of received optical power and PP. Note 
that PP reduces from ~3.5dB to ~1dB with 
dispersion compensation. 

In long-haul and undersea transmission system 
with many EDFA chains, OSNR is an important 
system parameter to design and characterize the 
optical transport system. OSNR is defined as 
the ratio of the power of signal channel to the 
power of ASE in a specified optical bandwidth 
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Introduction 


This article describes the development of optical fiber 
communication systems. After describing some of the 
motivations for using optical fiber communications 
and the advantages of this technology, the key 
milestones and the principal people involved in 


(conventionally 0.1 nm). The OSNR (in dB) of a 
signal channel at the end of the system is approxi- 
mated by: OSNR (dB) = 58+ Pou — Lspan — 
NF — 10 log(Namp), when the system has Namp fiber 
spans, span loss Lepan (in dB) followed by an optical 
amplifier with output power Po, (in dBm) per 
channel launched into the span and noise figure 
(NF) (in dB). As an example, a typical OSNR 
requirement for BER=10~? is about 17 dB at 
10 Gb/s data rate. The required OSNR should be 
increased by 6 dB when the data rate is increased by a 
factor of 4. Improving the amplifier’s NF can increase 
OSNR, and the improved OSNR can be used to 
increase the system reach, reducing the channel 
power in order to suppress the nonlinearities, etc. 
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developing optical fibers and compatible light sources 
are presented. Following this, the article looks at the 
evolution of fielded systems and the use of optical 
fiber links in undersea applications. 

One of the principal needs of people since antiquity 
has been to communicate. This need created 
interests in devising communication systems for 
sending messages from one distant place to another. 
Many forms of such systems have appeared over the 
years. The basic motivations behind each new one 
were either to improve the transmission fidelity, to 
increase the data rate so that more information could 
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be sent, or to increase the transmission distance 
between relay stations. Prior to the nineteenth century, 
all communication systems operated at a very low 
information rate and involved only optical or acous- 
tical means, such as signal lamps or horns. One of the 
earliest known optical transmission links, for 
example, was the use of a fire signal by the Greeks in 
the eighth century Bc for sending alarms, calls for help, 
or announcements of special events. 

The invention of the telegraph by Samuel FB 
Morse in 1838 ushered in the era of electrical 
communications. In the ensuing years an increasingly 
larger portion of the electromagnetic spectrum, 
shown in Figure 1, was utilized for the conveying of 
information from one place to another. The reason 
for this trend is that, in electrical systems, the data 
usually are transferred over the communication 
channel by superimposing the information onto a 
sinusoidally varying electromagnetic wave, which is 
known as the carrier. When reaching its destination 
the information is removed from the carrier wave and 
processed as desired. Since the amount of information 
that can be transmitted is related directly to the 
frequency range over which the carrier operates, 
increasing the carrier frequency theoretically 
increases the available transmission bandwidth 
and, consequently, provides a larger information 
capacity. Thus the trend in electrical communication 
system developments was to employ progressively 
higher frequencies (shorter wavelengths), which offer 
corresponding increases in bandwidth or information 
capacity. This activity led to the birth of communi- 
cation mechanisms such as radio, television, micro- 
wave, and satellite links. 

Another important portion of the electromagnetic 
spectrum encompasses the optical region shown in 
Figure 1. In contrast to electrical communications, 
transmission of information in an optical format is 


carried out, not by frequency modulation of the 
carrier but by varying the intensity of the optical 
power. Similar to the radio-frequency spectrum, two 
classes of transmission medium can be used: an 
atmospheric channel or a guided-wave channel. 
Whereas transmission of optical signals through the 
atmosphere was done thousands of years ago, the use 
of a guided-wave optical channel such as an optical 
fiber is a fairly recent application. 

Fiber optic communication systems have a 
number of inherent advantages over their copper- 
based and radio-transmission counterparts. Fiber 
optic cable can transmit at a higher capacity, thereby 
reducing the number of physical lines and the amount 
of equipment needed for a given transmission span. 
The lower weight and smaller size of optical fibers 
offer a distinct advantage over heavy, bulky copper 
cables in crowded underground cable ducts, in 
ceiling-mounted cable trays, and in mobile platforms 
such as aircraft and ships. Their dielectric compo- 
sition is an especially important feature of optical 
fibers, since this ensures freedom from electro- 
magnetic interference between adjacent fibers, elim- 
inates ground loops, and results in extremely low 
fiber-to-fiber crosstalk. In addition, an optical fiber 
affords a high degree of data security since the 
optical signal is well confined within the optical 
waveguide. 


Optical Fiber Development 


Since an atmospheric channel requires a line-of-sight 
link and because it can be adversely affected by 
weather conditions, a guided-wave channel is the 
preferred approach in most cases for communication 
system applications. A challenge in using an optical 
fiber channel is to have a flexible, low-loss medium 
that transfers the optical signal over long distances 
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without significant attenuation and distortion. Glass 
is an obvious material for such applications. The 
earliest known glass was made around 2500 Bc and 
glass already was drawn into fibers during the time of 
the Roman Empire. However, such glasses have very 
high attenuations and thus are not suitable for 
communication applications. One of the first known 
attempts of using optical fibers for communication 
purposes was a demonstration in 1930 by Heinrich 
Lamm of image transmission through a short bundle 
of optical fibers for potential medical imaging. 
However, no further work was done beyond the 
demonstration phase since the technology for produ- 
cing reasonably low-loss fibers with good light 
confinement was not yet mature. 

Further work and experiments continued on using 
optical fibers for image transmission and by 1960 
glass-clad fibers had attenuations of about one decibel 
per meter. This attenuation allowed fibers to be used 
for medical imaging, but it was still much too high for 
communications. Optical fibers had attracted the 
attention of researchers at that time, because 
they were analogous in theory to plastic dielectric 
waveguides used in certain microwave applications. 
In 1961, Elias Snitzer demonstrated this similarity 
by drawing fibers with cores so small they carried 
light in only one waveguide mode. He published a 
classic theoretical description of single-mode fibers in 
May 1961. However, to be useful for communication 
systems, optical fibers would need to have a loss of no 
more than 10 or 20 decibels per kilometer. 

As a reminder, decibels measure the ratio of the 
output power to the input power on a logarithmic 
scale. The abbreviation for a decibel is ‘dB.’ The 
power ratio in decibels is given by the expression ‘10 
log (power out/power in).’ As an example, a power 
loss of 20 dB over a 1-km distance in an optical fiber 
means that only 1% of the light injected into the fiber 
comes out of the other end. Table 1 gives some typical 
examples of various power ratios and their decibel 
equivalents. 

In the early 1960s Charles Kao pursued the idea of 
using a clad glass fiber for an optical waveguide, 


Table 1 Examples of some optical 
decibel equivalents 
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building on optical waveguide research being done at 
the Standard Telecommunication Laboratories in 
England. After he and George Hockman painstak- 
ingly examined the transparency properties of various 
types of glass, Kao made a prediction, in 1966, that 
losses of no more than 20 dB/km were possible in 
optical fibers. In July 1966, Kao and Hockman 
presented a detailed analysis for achieving such a 
loss level. Kao then went on to actively advocate and 
promote the prospects of fiber communications, 
which generated interest in laboratories around the 
world to reduce fiber loss. It took four years to reach 
Kao’s predicted goal of 20 dB/km, and the final 
solution was different from what many had expected. 

To understand the process of making a fiber, 
consider the schematic of a typical fiber structure 
shown in Figure 2. A fiber consists of a solid dielectric 
(glass or plastic) cylinder of refractive index n, called 
the core. This is surrounded by a dielectric cladding 
which has a refractive index no, that is less than nj, in 
order to achieve light guiding in the fiber. This 
structure is then encapsulated by a buffer coating to 
protect the fiber from abrasion and outside contami- 
nants. The first step in making a fiber is to form the 
clear glass rod or tube called a preform. This 
normally is done by a vapor-phase oxidation process. 
The preform has two distinct regions that correspond 
to the core and cladding of the eventual fiber. 
Fibers are made from the preform by precision 
feeding it into a circular furnace that softens the end 
of the preform to the point where it can be drawn into 
a very thin filament which becomes the optical fiber. 

Most researchers had tried to purify the compound 
glasses used for standard optics, which are easy to 
melt and draw into fibers. A different approach was 
taken at the Corning Glass Works where Robert 
Maurer, Donald Keck, and Peter Schultz started with 
fused silica. This material can be made extremely 
pure, but has a high melting point and a low 
refractive index. Silica has the approximate attenu- 
ation versus wavelength characteristic shown in 
Figure 3. Note that for early silica fibers there are 
regions of low attenuation around 850, 1310, and 
1550 nm, which the literature refers to as the first, 
second, and third windows, respectively. The large 
attenuation spikes in the 1000- and 1400-nm spectral 
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Figure 2 Typical optical fiber structure. 
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Figure 3 Attenuation versus wavelength approximation for silica fibers. 


regions are due to absorption by residual water 
molecules in the glass. Although ultra-pure material 
processing techniques can eliminate these spikes to 
produce what are known as full-spectrum or low- 
water-peak fibers, most installed fibers still have a 
relatively large attenuation between 1350 and 
1500 nm. 

Note that since the attenuation spikes no longer are 
present in various types of fibers, the idea of operating 
windows has been replaced by the concept of spectral 
bands. The International Telecommunications Union 
(ITU) has designated six spectral bands for use in 
intermediate-range and long-distance optical fiber 
communications within the 1260 to 1675-nm region. 
The regions, which are known by the letters O, E, S, 
C, L, and U, are defined as follows: 


Original Band (O-Band): 1260 to 1360 nm 
Extended Band (E-Band): 1360 to 1460 nm 
Short Band (S-Band): 1460 to 1530 nm 
Conventional Band (C-Band): 1530 to 1565 nm 
Long Band (L-Band): 1565 to 1625 nm 
Ultra-long Band (U-Band): 1625 to 1675 nm 


The Corning team made cylindrical preforms by 
depositing purified materials from the vapor phase. 
To produce a fiber that has light guiding properties 
they carefully added controlled trace levels of 
titanium to the core to make its refractive index 
slightly higher than that of the cladding without 
raising the attenuation significantly. In September 
1970, they announced the fabrication of single-mode 
fibers with an attenuation of 17dB/km at the 633-nm 


helium-neon line. The fibers were fragile, but 
independent tests at the British Post Office Research 
Laboratories facility in Martlesham Heath, England 
confirmed the low loss. 

This dramatic breakthrough was the first among 
the many developments that opened the door to fiber 
optic communications. The ensuing years saw further 
reductions in optical fiber attenuations. By mid-1972, 
Maurer, Keck, and Schultz at Corning had made 
multimode germania-doped fibers with a 4-dB/km 
loss and much greater strength than the earlier brittle 
titania-doped fibers. In order to couple a sufficient 
amount of optical power into a fiber, early appli- 
cations used multimode fibers with a refractive-index 
gradient between core and cladding of around 2% 
and core diameters of 50 or 62.5 micrometers. 

Single-mode fibers have much smaller core diam- 
eters on the order of 9 micrometers in order to allow 
only one propagation mode. This type of fiber has a 
much higher transmission capacity since the effect of 
modal dispersion is eliminated. The first single-mode 
fibers were optimized to have a zero dispersion value 
at 1310 nm, since the silica material used at that time 
exhibited a low loss within a spectral band around 
this wavelength. Figure 4 shows the dispersion 
characteristic of this type of fiber as a function of 
wavelength in the S-, C-, and L-bands. As a result of 
its widespread use in early single-mode transmission 
systems, this fiber design has been standardized by the 
International Telecommunication Union (ITU-T) 
under the designation Recommendation G.652. 

Standard G.652 silica fibers provide the lowest 
attenuation at 1550 nm, but have a much larger signal 
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BUYING A MULTIMETER 


There are many different types on the market. 

The cost is determined by the number of ranges and also the extra features such as 
diode tester, buzzer (continuity), transistor tester, high DC current and others. 
Since most multimeters are reliable and accurate, buy one with the greatest 
number of ranges at the lowest cost. The cheapest multimeters are on eBay. 

This article explains the difference between an analogue meter and a digital meter. 


Multimeters are sometimes called a "meter", a "VOM" (Volts-Ohms-Milliamps or 
Volt Ohm Meter) or "multi-tester" or even "a tester" - they are all the same. 


One term used to describe a DIGITAL MULTIMETER is 31/2 digits. 

This is the number of digits on the display. The first digit is usually made from two 
pixels and can only produce "1." This is called a half-digit. The other digits are full 
digits. The cheapest digital multimeters have 3% digits. This will produce a reading 
of 1999 and the decimal point can produce values from 1.999 to 19.99 to 199.9 to 
1999. 

Another term is DISPLAY COUNTS. This is connected with the accuracy of the 
display, but since digital meters are accurate to 1% or less and we are using 
resistors with an accuracy of 5%, even a $10.00 digital meter will be perfect. 








to Index 





USING A MULTIMETER 


Analogue and digital multimeters have either a rotary selector switch or push 
buttons to select the appropriate function and range. Some Digital Multimeters 
(DMMs) are auto ranging; they automatically select the correct range of voltage, 
resistance, or current when doing a test. However you need to select the function. 


Before making any measurement you need to know what you are checking. If you 
are measuring voltage, select the AC range (10v, 50v, 250v, or 1000v) or DC range 
(0.5v, 2.5v, 10v, 50v, 250v, or 1000v). If you are measuring resistance, select the 
Ohms range (x1, x10, x100, x1ik, x10k). If you are measuring current, select the 
appropriate current range DCmA 0.5mA, 50mA, 500mA, 10A. Every multimeter is 
different however the photo below shows a low cost Analogue multimeter with the 
basic ranges. 
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Figure 4 Dispersion characteristics of three types of standard 
optical fibers. 


dispersion at this wavelength than at 1310 nm. Since 
system designers wanted to use fibers at a 1550-nm 
wavelength, in order to transmit high-speed data over 
longer distances, fiber manufacturers overcame the 
larger signal dispersion limitation by creating the so- 
called dispersion-shifted fibers. This was done 
through a clever manipulation of the core and 
cladding designs that allowed the zero-dispersion 
point to shift to longer wavelengths. In particular, 
the ITU-T created a specification for operation at 
1550 nm which is designated as recommendation 
G.653. Figure 4 also shows the dispersion character- 
istic of this type of fiber as a function of wavelength. 

Although the G.652 and G.653 fibers work well for 
single-wavelength operation, a different type of fiber, 
having non-zero dispersion within a broad spectral 
range, is needed when implementing systems that use 
many independent light sources simultaneously 
within a particular wavelength band. This led to the 
specification of the non-zero dispersion shifted fiber 
(NZDSF) in the ITU-T Recommendation G.655 that 
are designated to operate around 1550 nm. The main 
purpose of having a positive dispersion value over the 
entire operating spectrum is to mitigate a nonlinear 
optical effect called four-wave mixing (FWM), 
which is analogous to intermodulation distortion in 
electrical systems. Figure 4 shows the dispersion 
characteristic of the G.655 fiber in the S-, C-, and 
L-bands. 


Light Sources 


The fiber by itself is not practical unless there is a 
compatible optical source for launching light signals 
into it. The most suitable device for this is a 
semiconductor light-emitting diode (LED) or a laser 
diode. In the 1960s, a great deal of effort took place to 
achieve laser action in pn-junction diodes. The early 
devices were GaAs and GaAsP lasers that operated at 
a temperature of 77K, emitted at a wavelength 


around 850nm, and had high lasing threshold 
current densities. To make devices that were more 
application-friendly by operating at room tempera- 
ture, structures consisting of sandwiched layers of 
AlGaAs and GaAs were investigated. Finally, in 1970, 
researchers at Bell Laboratories and a team at the 
Ioffe Physical Institute in Leningrad made the first 
semiconductor diode lasers based on a layered 
AlGaAs/GaAs/AlGaAs structure that were able to 
emit continuous-wave light in the 850-nm region at 
room temperature. 

Major improvements in laser diode performance 
and reliability followed this achievement during 
the next decade. In addition, around 1976, room- 
temperature laser diodes operating at longer wave- 
lengths, in the 1100 to 1600-nm region, started to 
appear. Of particular interest were GalInAsP/InP- 
based laser diodes emitting in the 1310-nm and 
1550-nm low-loss windows of optical fibers. 
The progressive development of ever-improving 
devices during the 1980s and 1990s, included 
single-frequency emission with narrow linewidths 
under continuous operation, low levels of chirp under 
direct modulation, high output power, and the ability 
to tune specially constructed laser diodes over a 
wavelength range of up to 30 nm. 


Fielded Systems 


The bit rate-distance product Bx L, where B is the 
transmission bit rate and L is the repeater spacing, 
measures the transmission capacity of optical fiber 
links. Since the inception of optical fiber communi- 
cations in the mid-1970s, the link transmission 
capacity has experienced a tenfold increase every 
four years. Several major technology advances 
spurred this growth. Among the technology develop- 
ments are laser diodes emitting over an extremely 
narrow spectral band, optical amplifiers, fibers with 
low losses and low dispersions, and the concepts of 
wavelength division multiplexing. 

Some of the initial telephone-system field trials in 
the USA were carried out in 1977 by GTE in Los 
Angeles and by AT&T in Chicago. These trans- 
mission links were largely for the trunking of 
telephone lines, which are digital links consisting of 
time-division-multiplexed 64-kb/s voice channels. 
Similar demonstrations were carried out in Europe 
and Japan. Applications ranged from 45 to 140 Mb/s 
with repeater spacings around 10 km. 

With the advent of high-capacity fiber optic 
transmission lines in the 1980s, service providers 
established a standard signal format called synchro- 
nous optical network (SONET) in North America 
and synchronous digital hierarchy (SDH) in other 
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parts of the world. These standards define a 
synchronous frame structure for sending multiplexed 
digital traffic over optical fiber trunk lines. The basic 
building block and first level of the SONET 
signal hierarchy is called the synchronous transport 
signal—level 1 (STS-1), which has a bit rate of 
51.84 Mb/s. Higher-rate SONET signals are obtained 
by byte-interleaving N STS-1 frames, which are then 
scrambled and converted to an optical carrier—level 
N (OC-N) signal. Thus the OC-N signal will have a 
line rate exactly N times that of an OC-1 signal. For 
SDH systems, the fundamental building block is the 
155.52-Mb/s synchronous transport module—level 1 
(STM-1). Again, higher-rate information streams are 
generated by synchronously multiplexing N different 
STM-1 signals to form the STM-N signal. Table 2 
shows commonly used SDH and SONET signal 
levels. 

The development of optical sources and photo- 
detectors capable of operating at 1310 nm allowed a 
shift in the transmission wavelength from 850 nm to 
1310 nm. This resulted in a substantial increase in 
the repeaterless transmission distance for long-haul 
telephone trunks, since optical fibers exhibit lower 
power loss and less signal dispersion at 1310 nm. 
Intercity applications first used multimode fibers, but 
in 1984 switched exclusively to single-mode fibers, 
which have a significantly larger bandwidth. Bit rates 
for long-haul links typically range between 155 and 
622 Mb/s (OC-3 and OC-12), and in some cases up to 
2.5 Gb/s (OC-48), over repeater spacings of 40 km. 
Both multimode and single-mode 1310-nm fibers are 
used in local area networks, where bit rates range 
from 10 Mb/s to 100 Mb/s over distances ranging 
from 500 m to tens of kilometers. 

In the next step of system evolution, links operating 
in the low-loss window around 1550 nm attracted 
much attention for high-capacity, long-span terres- 
trial and undersea transmission links. These links 
routinely carry traffic at 2.5 Gb/s over 90-km 
repeaterless distances. By 1996, advances in high- 
quality lasers and receivers allowed single-wave- 
length transmission rates of 10 Gb/s (OC-192). 


Table 2 Commonly used SONET and SDH transmission rates 


In 1989, the introduction of optical amplifiers gave 
a major boost to fiber transmission capacity. 
Although there are GaAlAs-based solid-state 
optical amplifiers for the first window and InGaAsP 
amplifiers for the second window, the most successful 
and widely used devices are erbium-doped fiber 
amplifiers (commonly called EDFAs) operating in 
the 1530 to 1560-nm range and Raman fiber 
amplifiers that are used for operation in the 1560 to 
1600-nm region. 

During the same time period, impressive demon- 
strations of long-distance high-capacity systems were 
made using optical soliton signals. A soliton is a 
nondispersive pulse that makes use of nonlinear 
dispersion properties in a fiber to cancel out chromatic 
dispersion effects. As an example, solitons at rates of 
10 Gb/s have been sent over a 12 200-km experimen- 
tal link using optical amplifiers and special 
modulation techniques. 


Entrance of Wavelength Division 
Multiplexing 


The use of wavelength division multiplexing (WDM) 
offers a further boost in fiber transmission capacity. 
The basis of WDM is to use multiple sources 
operating at slightly different wavelengths to transmit 
several independent information streams over the 
same fiber. Although researchers started looking at 
WDM in the 1970s, during the ensuing years it 
generally turned out to be easier to implement higher- 
speed electronic and optical devices than to invoke 
the greater system complexity called for in WDM. 
However, a dramatic surge in WDM popularity 
started in the early 1990s, as electronic devices neared 
their modulation limit and high-speed equipment 
became increasingly complex. 

Figure 5 shows the concept of implementing many 
closely spaced wavelengths within a spectral band 
centered around 1552.524nm. This scheme is 
referred to as dense WDM or DWDM. Concep- 
tually, the DWDM scheme is the same as frequency 





SONET level Electrical level Line rate (Mb/s) SDH equivalent Common rate name 
OC-1 STS-1 51.84 - 

OC-3 STS-3 155.52 STM-1 155 Mb/s 

OC-12 STS-12 622.08 STM-4 622 Mb/s 

OC-24 STS-24 1244.16 STM-8 

OC-48 STS-48 2488.32 STM-16 2.5 Gb/s 

OC-96 STS-96 4976.64 STM-32 

OC-192 STS-192 9953.28 STM-64 10 Gb/s 

OC-768 STS-768 39,813.12 STM-256 40 Gb/s 
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Figure 5 Wavelength division multiplexing (WDM) concept. 


division multiplexing (FDM) used in microwave 
radio and satellite systems. Just as in FDM, the 
wavelengths (or optical frequencies) in a DWDM 
link must be properly spaced to avoid interference 
between channels. In an optical system this inter- 
ference may arise from the fact that the center 
wavelength of laser diode sources and the spectral 
operating characteristics of other optical 
components in the link may drift with temperature 
and time, thereby giving rise to the need for a guard 
band between wavelength channels. 

Since WDM is essentially frequency division multi- 
plexing at optical carrier frequencies, the ITU devel- 
oped DWDM standards that specify channel spacings 
in terms of frequency. The ITU-T Recommendation 
G.694.1, which is entitled ‘Dense Wavelength 
Division Multiplexing (DWDM),’ specifies WDM 
operation in the S-, C-, and L-bands for high-quality, 
high-rate metro area network (MAN) and wide area 
network (WAN) services. It calls out for narrow 
frequency spacings of 100 to 12.5 GHz (or, equiva- 
lently, 0.8 to 0.1 nm at 1550 nm). This implemen- 
tation requires the use of stable, high-quality, 
temperature-controlled and wavelength-controlled 
(frequency-locked) laser diode light sources. 

With the production of full-spectrum (low-water- 
content) fibers, the development of relatively inex- 
pensive optical sources, and the desire to have 
low-cost optical links operating in metro and local 
area networks, came the concept of coarse WDM 
(CWDM). In 2002, the ITU-T released a standard 
aimed specifically at CWDM. This is Recommen- 
dation G.694.2, which is entitled ‘Coarse Wavelength 
Division Multiplexing (CWDM).’ The CWDM grid 
is made up of 18 wavelengths defined within the 
range 1270nm to 1610nm (O-through L-bands) 


spaced by 20 nm with wavelength-drift tolerances of 
+2nm. This can be achieved with inexpensive 
light sources that are not temperature-controlled. 
The targeted transmission distance for CWDM is 
50 km on single-mode fibers, such as those specified 
in ITU-T Recommendations G.652, G.653, and 
G.655. 

Wavelength tunability of a source is an important 
property of WDM systems. Obviously it is not 
desirable or practical to maintain an inventory of 
dozens of lasers that emit at different wavelengths for 
WDM applications. The ideal tunable laser should be 
adjustable to emit at a specific wavelength across a 
broad spectral range. One such device is a distributed 
Bragg reflector (DBR) laser diode that can be tuned 
over a 10 to 20 nm spectral range. Work on perfecting 
such devices are still underway. 

Starting in the mid-1990s, a combination of 
EDFAs and WDM was used to boost fiber infor- 
mation capacity to even higher levels and to 
increase the transmission distance. A major system 
consideration in these super-high capacity links is to 
ensure that there is appropriate link and equipment 
redundancy, so that alternate paths are available in 
case of disruptions in communications resulting 
from cable ruptures (for example, caused by 
errant digging from a backhoe) or equipment 
failures at an intermediate node. Such disruptions 
otherwise could have a devastating effect on a large 
group of users. 


Undersea Optical Cable Systems 


The first transoceanic fiber optic cable systems were 
installed in the Atlantic and Pacific Oceans in 1988 
and 1989. Initially these systems operated at 
280 Mb/s per fiber pair using 1310-nm lasers and 
single-mode fibers. The links consisted of a series of 
point-to-point optical fiber segments between 
electronic-based undersea regeneration points that 
were located nominally 60km apart. Later the 
transmission capacity of these links was upgraded 
to 2.5 Gb/s and the regenerator spacing was increased 
to 100km by converting the 1310-nm multiple- 
frequency light sources to 1550-nm single-frequency 
laser diodes. Later, the regenerator spacing was 
increased to 140 km. 

Although these cable systems significantly 
improved the quality of the international telephone 
service, the optical-to-electrical conversion process at 
each regeneration point remained a capacity bottle- 
neck. The introduction of erbium-doped optical fiber 
amplifiers (EDFA) eliminated this bottleneck from 
undersea lightwave systems by amplifying signals 
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directly in the optical domain. Since EDFAs operate 
over a 30-nm wavelength band, they are well suited 
for use with undersea WDM links, which have 
provided a further capacity increase. These undersea 
optical amplifiers are typically spaced about 45 km 
apart. 

One example of the many worldwide installations 
of optically amplified WDM networks is the SEA- 
ME-WE-3 Cable System. This undersea network runs 
from Germany to Singapore, connecting more than a 
dozen countries in between. Hence the name SEA- 
ME-WE, which refers to Southeast Asia (SEA), the 
Middle East (ME), and Western Europe (WE). The 
network has two pairs of undersea fibers with a 
capacity of eight STM-16 wavelengths per fiber. 


See also 


Lasers: Optical Fiber Lasers. Optical Communication 
Systems: Architectures of Optical Fiber Communication 
Systems; Wavelength Division Multiplexing. 
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Simple Optical Fiber Links 


The most basic optical fiber communication system 
architecture is a point-to-point link consisting of the 
elements shown in Figure 1. The key sections are a 
transmitter consisting of a light source and its 
associated drive circuitry, a cable offering mechanical 
and environmental protection to the optical fibers 
contained inside, and a receiver consisting of a 
photodetector plus amplification and signal-restoring 
circuitry. Very long links may include periodic optical 
amplifiers for boosting the level of the optical signal. 
In networks that use only simple point-to-point links, 
the optical fiber is used principally as a transmission 
medium and all the switching and processing of 
information bits is done by electronics. 


At the transmitting end of an optical fiber link, 
information bits consisting of electronic pulses are 
used to modulate the light output of the source. The 
resulting light pulses are coupled into an optical fiber. 
As they travel along the fiber these signal pulses 
become progressively weakened and distorted due to 
attenuation and dispersion mechanism that are 
characteristic of an optical fiber. At the end of the 
fiber link a photodetector converts the optical pulses 
back to an electrical format for switching to another 
link or for processing at the end station. 


Cabled fibers 





Light source Protodetectar 
and and 
drive circuitry amplifier circuitry 














Optical amplitiers 
for long links 


Figure 1 Basic elements of a point-to-point fiber optic link. 
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The cabled fiber is one of the most important 
elements in an optical fiber link, since it determines 
operational parameters such as transmission distance 
and achievable data rates. In addition to protecting 
the glass fibers during installation and service, the 
cable may contain copper wires for powering optical 
amplifiers or signal regenerators, which are needed 
periodically in long-distance links for amplifying and 
reshaping the signal. 

Analogous to copper cables, the installation of 
optical fiber cables can be either aerial, in ducts, 
undersea, or buried directly in the ground. As a result 
of installation and/or manufacturing limitations, 
individual cable lengths will range from several 
hundred meters to several kilometers. Practical 
considerations such as reel size and cable weight 
determine the actual length of a single cable section. 
The shorter segments tend to be used when the cables 
are pulled through ducts. Longer lengths are used in 
aerial, direct-burial, or undersea applications. Spli- 
cing together individual cable sections forms con- 
tinuous transmission lines for these long-distance 
links. For undersea installations, the splicing and 
repeater-installation functions are carried out on 
board a specially designed cable-laying ship. 

One of the principal characteristics of an optical 
fiber is its attenuation as a function of wavelength, as 
shown in Figure 2. Early technology used the 800 to 
900nm wavelength band, since in this region the 
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fibers made at that time exhibited a local minimum in 
the attenuation curve, and optical sources and 
photodetectors operating at these wavelengths were 
available. This region originally was referred to as the 
‘first window’. By reducing the concentration of 
hydroxyl ions and metallic impurities in the fiber 
material, in the 1980s manufacturers were able to 
fabricate optical fibers with very low loss in the 1100 
to 1600 nm region. Two windows are defined here, 
these being the ‘second window’ centered around 
1310 nm and the ‘third window’ centered around 
1550 nm. 

In 1998 a new ultra-high purifying process 
patented by Lucent Technologies eliminated virtually 
all water molecules from the glass material. The 
resulting fiber is designated as either a low-water- 
peak or a full spectrum fiber. By dramatically reducing 
the water-attenuation peak around 1400 nm, this 
process opens the transmission region between the 
second and third windows to provide around 100 nm 
more bandwidth than in conventional single-mode 
fibers. This particular fiber allows wider spectral 
tolerances on optical components, which reduces 
costs for moderate-distance metropolitan network 
applications. 

Since the attenuation of low-water-peak fibers 
makes the designation of transmission windows 
obsolete, the concept of operational spectral bands 
arose for the 1260-1675nm region. As shown in 
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Figure 2 Attenuation versus wavelength for silica fibers and the concept of spectral bands. 
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Figure 2, the regions are known by the letters O, E, S, 
C, L, and U, which are defined as follows: 


Original band (O-Band): 1260-1360 nm; 
Extended band (E-Band): 1360-1460 nm; 
Short band (S-Band): 1460-1530 nm; 
Conventional band (C-Band): 1530-1565 nm; 
Long band (L-Band) 1565-1625 nm; 
Ultra-long band (U-Band): 1625-1675 nm. 


Once the cable is installed, a light source that is 
dimensionally compatible with the fiber core is used 
to launch optical power into the fiber. Semiconduc- 
tor light-emitting diodes (LEDs) and laser diodes are 
suitable for this purpose, since their light output can 
be modulated rapidly by simply varying the bias 
current at the desired transmission rate, thereby 
producing an optical signal. The electric input 
signals to the transmitter circuitry for the optical 
source can be either of an analog or digital form. 
For high-rate systems (nominally greater than 
1 Gb/s), direct modulation of the source can lead 
to unacceptable signal distortion. In this case, an 
external modulator is used to vary the amplitude 
of a continuous light output from a laser diode 
source. 

After an optical signal is launched into a fiber, it 
will become progressively attenuated and distorted 
with increasing distance because of scattering, 
absorption, and dispersion mechanisms in the 
glass material. At the receiver a photodiode will 
detect the weakened optical signal emerging from 
the fiber end and convert it to an electric current. 
The design of an optical receiver is inherently more 
complex than that of the transmitter, since it has to 
interpret the content of the weakened and 
degraded signal received by the photodetector. 
The principal figure of merit for a receiver is the 
maximum optical power necessary at the desired 
data rate to attain either a given error probability 
for digital systems or a specified signal-to-noise 
ratio for an analog system. The ability of a receiver 
to achieve a certain performance level depends on 
the photodetector type, the effects of noise in the 
system, and the characteristics of the successive 
amplification stages in the receiver. 


Networks of Links 


With the advent of fiber optic transmission lines, the 
next step in the evolution of the digital multiplexing 
scheme used by telecommunication providers was 
a standard signal format called synchronous 
optical network (SONET) in North America and 


synchronous digital hierarchy (SDH) in other parts 
of the world. In the mid-1980s, efforts started on 
developing a standard that would allow network 
engineers to interconnect fiber optic transmission 
equipment from various vendors through multiple- 
owner trunk networks. This resulted in a series of 
standards for SONET by the American National 
Standards Institute (ANSI) and a series of rec- 
ommendations for SDH from the International 
Telecommunications Union (ITU). Examples of 
particular interest are the ANSI T1.105.06 standard 
and the ITU-T G.957 recommendation. Although 
there are some implementation differences between 
SONET and SDH, all SONET specifications conform 
to the SDH recommendations. A key characteristic 
of SONET and SDH is that they are usually 
configured as a ring architecture. This is done to 
create loop diversity for uninterrupted service 
protection purposes in case of link or equipment 
failures. The SONET/SDH rings commonly are 
called self-healing rings, since the traffic flowing 
along a certain path can be switched automatically 
to an alternate or standby path following failure or 
degradation of the link segment. 

The basic building block and first level of the 
SONET signal hierarchy is called the Synchronous 
Transport Signal — Level 1 (STS-1), which has a bit 
rate of 51.84 Mb/s. Higher-rate SONET signals are 
obtained by byte-interleaving N STS-1 frames, 
which are then scrambled and converted to an 
Optical Carrier — Level N (OC-N) signal. Thus the 
OC-N signal will have a line rate exactly N times 
that of an OC-1 signal. For SDH systems the 
fundamental building block is the 155.52 Mb/s 
Synchronous Transport Module — Level 1 (STM-1). 
Again, higher-rate information streams are generated 
by synchronously multiplexing N different STM-1 
signals to form the STM-N signal. 

Three main features, each with two alternatives, 
classify all SONET/SDH rings, thus yielding eight 
possible combinations of ring types. First, there can 
be either two or four fibers running between the nodes 
on a ring. Second, the operating signals can travel 
either clockwise only (which is termed a uni- 
directional ring) or in both directions around the 
ring (which is called a bidirectional ring) Third, 
protection switching can be performed either via a 
line-switching or a path-switching scheme. Upon 
link failure or degradation, line switching moves all 
signal channels of an entire OC-N channel to a 
protection fiber. Conversely, path switching can move 
individual payload channels within an OC-N channel 
(e.g., an STS-1 channel within an OC-12 channel) 
to another path. 
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Of the eight possible combinations of ring types, 
the following two architectures have become popular 
for SONET and SDH networks: 


e two-fiber unidirectional path-switched ring (two- 
fiber UPSR); 

e two-fiber or four-fiber bidirectional line-switched 
ring (two-fiber or four-fiber BLSR). 


The common abbreviations of these configurations 
are given in parentheses. They also are referred to as 
unidirectional or bidirectional self-healing rings 
(USHR or BSHR). 

Figure 3 shows a two-fiber unidirectional path- 
switched ring network. By convention, in a uni- 
directional ring the normal working traffic travels 
clockwise around the ring, as indicated by the heavy 
arrows. For example, the connection from node 1 to 
node 3 uses links 1 and 2, whereas the traffic from 
node 3 to node 1 traverses links 3 and 4. Thus, two 
communicating nodes use a specific bandwidth 
capacity around the entire perimeter of the ring. If 
nodes 1 and 3 exchange information at an OC-3 rate 
in an OC-12 ring, then they use one-fourth of the 
capacity around the ring on all the primary links. 
In a unidirectional ring the counter-clockwise path is 
used as an alternate path for protection against link or 
node failures. To achieve this, the signal from a 
transmitting node is dual-fed into both the primary 
and protection fibers. This establishes a designated 
protection path on which traffic flows counter- 
clockwise, i.e., from node 1 to node 3 via links 5 
and 6 (in that order), as shown in Figure 3b. A heavy 
line and a dashed line indicate the primary and 
protection paths, respectively. 

Consequently, two identical signals from a particu- 
lar node arrive at their destination from opposite 
directions, usually with different delays, as denoted in 
Figure 3b. The receiver normally selects the signal 
from the primary path. However, it continuously 
compares the fidelity of each signal and chooses the 
alternate signal in case of severe degradation or loss 
of the primary signal. Thus, each path is individually 
switched based on the quality of the received signal. 
For example, if path 2 breaks or equipment in node 2 
fails, then node 3 will switch to the protection 
channel to receive signals from node 1. 

Figure 4 illustrates the architecture of a four-fiber 
bidirectional line-switched ring. Here two primary 
fiber loops (with fiber segments labeled 1p through 
8p) are used for normal bidirectional communication, 
and the other two secondary fiber loops are standby 
links for protection purposes (with fiber segments 
labeled 1s through 8s). In contrast to the two-fiber 
UPSR, the four-fiber BLSR has a capacity advantage 
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Figure 3 Schematic of a two-fiber unidirectional path-switched 
ring network. 


since it uses twice as much fiber cabling and because 
traffic between two nodes is only sent partially 
around the ring. 

To see the function and versatility of the standby 
links in the four-fiber BLSR, consider first the case 
where a transmitter or receiver circuit card used on 
the primary ring fails in either node 3 or 4. In this 
situation the affected nodes detect a loss-of-signal 
condition and switch both primary fibers connecting 
them to the secondary protection pair, as shown in 
Figure 5. The protection segment between nodes 3 
and 4 now becomes part of the primary bidirectional 
loop. The exact same reconfiguration scenario will 
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Figure 4 The architecture of a four-fiber bidirectional, line- 
switched ring. 
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Figure 5 Reconfiguration of a four-fiber BLSR under transcei- 
ver failure. 


occur when the primary fiber connecting nodes 3 and 
4 breaks. Note that in either case the other links 
remain unaffected. 

Now suppose an entire node fails, or both the 
primary and the protection fibers in a given span are 
severed, which could happen if they are in the same 
cable duct between two nodes. In this case the nodes 
on either side of the failed span internally switch the 
primary-path connections from their receivers and 
transmitters to the protection fibers, in order to loop 
traffic back to the previous node. This process again 
forms a closed ring, but now with all of the primary 
and protection fibers in use around the entire ring, as 
shown in Figure 6. 


Single-Span WDM Links 


An interesting and powerful aspect of an optical 
communication link is that many different wave- 
lengths can be sent along a fiber simultaneously in 
the 1300-1600nm spectrum. The technology of 


combining a number of wavelengths onto the same 
fiber is known as wavelength division multiplexing or 
WDM. Figure 7 shows the basic WDM concept. Here 
N independent optically formatted information 
streams, each transmitted at a different wavelength, 
are combined with an optical multiplexer and sent 
over the same fiber. Note that each of these streams 
could be at a different data rate. Each information 
stream maintains its individual data rate after being 
multiplexed with the other streams, and still 
operates at its unique wavelength. Conceptually, the 
WDM scheme is the same as frequency division 
multiplexing (FDM) used in microwave radio and 
satellite systems. 

To see the potential of WDM, consider the 
characteristics of a high-quality optical source such 
as a distributed feedback (DFB) laser, which has a 
very narrow frequency spectrum on the order of 
1 MHz, which is equivalent to a spectral linewidth 
of 10° nm. When using such a source, a guard band 
of 0.4-1.6 nm is typically employed. This is done to 
take into account possible drifts of the peak 
wavelength due to aging or temperature effects, and 
to give both the manufacturer and the user some 
leeway in specifying and choosing the precise peak 
emission wavelength. With such spectral band 
widths, simplex systems make use of only a very 
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Figure 6 Reconfiguration of a four-fiber BLSR under node or 
fiber-cable failure. 
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Figure 7 The basic WDM concept. 
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small portion of the transmission bandwidth 
capability of a fiber. This can be seen from Figure 2, 
which depicts the attenuation of light in a silica fiber 
as a function of wavelength. The curve shows that the 
two low-loss regions of a single-mode fiber extend 
over the wavelengths ranging from about 1260 to 
1360 nm (the O-band) and from 1460 to 1625 nm 
(the S-, C-, and L-bands). 

These regions can be viewed either in terms of 
spectral width (the wavelength band occupied by the 
light signal and its guard band) or by means of optical 
bandwidth (the frequency band occupied by the light 
signal). To find the optical bandwidth corresponding 
to a particular spectral width in these regions, 
consider the fundamental relationship c = Av, which 
relates the wavelength A to the carrier frequency 1, 
where c is the speed of light. Differentiating this yields 
Av = (c/A”)AA, where the deviation in frequency Av 
corresponds to the wavelength deviation AA around 
A. Thus the optical bandwidth is Av = 14 THz for a 
usable spectral band AA = 80 nm in the O-band. 
Similarly, Av = 15 THz for a usable spectral band 
AA = 120 nm in the region spanning the S-, C-, and 
L-bands. 

Since the spectral width of a high-quality source 
occupies only a narrow optical bandwidth, the two 
low-loss windows provide many additional operating 
regions. By using a number of light sources, each 
emitting at a different peak wavelength that is 
sufficiently spaced from its neighbor so as not to 
create interference, the fidelities of the independent 
messages from each source are maintained for 
subsequent conversion to electrical signals at the 
receiving end. 

Since WDM is essentially frequency division multi- 
plexing at optical carrier frequencies, the WDM 
standards developed by the ITU specify channel 
spacings in terms of frequency. A key reason for 
selecting a fixed frequency spacing, rather than a 
constant wavelength spacing, is that when locking a 
laser to a particular operating mode it is the frequ- 
ency of the laser that is fixed. The ITU-T Recommen- 
dation G.692 specifies selecting the channels from a 
grid of frequencies referenced to 193.100 THz 
(1552.524 nm) and spacing them 100 GHz (0.8 nm 
at 1552 nm) apart. Suggested alternative spacings 
include 50 GHz and 200 GHz. 

Historically the term dense WDM (DWDM) was 
used somewhat loosely and generally referred to the 
spacings denoted by Recommendation G.692. In 
2002 the ITU-T released an updated standard aimed 
specifically at DWDM. This is Recommendation 
G.694.1, which specifies WDM operation in the S-, 
C-, and L-bands for high-quality, high-rate metro 
area network (MAN) and wide area network (WAN) 


services. It calls out for narrow frequency spacings of 
100 to 12.5 GHz (or, equivalently, 0.8 to 0.1 nm at 
1550 nm). 

Alternatively, by using the larger spectral window 
available in low-water-content fibers, one can relax 
the spectral tolerances on the optical components and 
space the individual sources much further apart. This 
is the basis of coarse WDM (CWDM), which is useful 
for metropolitan area networks where variations in 
attenuation between different wavelength channels 
is not critical over short transmission distances. 
In 2002 the ITU-T released Recommendation 
G.694.2, which is aimed specifically at CWDM. 
The CWDM grid is made up of 18 wavelengths 
defined within the range 1270-1610 nm (O- through 
L-bands) spaced by 20nm with wavelength-drift 
tolerances of +2 nm. 

A key feature of WDM is that the discrete 
wavelengths form an orthogonal set of carriers 
which can be separated, routed, and switched with- 
out interfering with each other. This holds as long as 
the total optical power intensity is kept sufficiently 
low to prevent nonlinear effects such as stimulated 
Brillouin scattering and four-wave mixing processes 
from degrading the link performance. 

The implementation of WDM networks requires a 
variety of passive and/or active devices to combine, 
distribute, isolate, and amplify optical power at 
different wavelengths. Passive devices require no 
external control for their operation, so they are 
somewhat limited in their application in WDM 
networks. These components are mainly used to 
split and combine or tap off optical signals. The 
performance of active devices can be controlled 
electronically, thereby providing a large degree of 
network flexibility. Active WDM components include 
tunable optical filters, tunable sources, and optical 
amplifiers. 


Passive Optical Networks 


Another step towards realizing the full potential of 
optical fiber transmission capacity is the concept of 
all-optical WDM networks to extend the versatility 
of communication networks beyond architectures 
such as those provided by SONET. These networks 
can be classified as either broadcast-and-select or 
wavelength-routing networks. In general, broadcast- 
and-select techniques employing passive optical stars, 
buses, or wavelength routers are used for local 
network applications, whereas active optical com- 
ponents form the basis for constructing wide-area 
wavelength-routing networks. Broadcast-and-select 
networks can be categorized as single-hop or multi- 
hop networks. Single-hop refers to networks where 
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information transmitted in the form of light 
reaches its destination without being converted to 
an electrical form at any intermediate point. On the 
other hand, intermediate conversion can occur in a 
multihop network. 

Figure 8 shows two alternate physical architectures 
for a WDM-based local network. Here N sets of 
transmitters and receivers are attached either to a star 
coupler or a passive bus. Each transmitter sends its 
information at a different fixed wavelength. All the 
transmissions from the various nodes are combined in 
a passive star coupler or coupled onto a bus and the 
result is sent out to all receivers. 

Each receiver sees all wavelengths and uses a 
tunable filter to select the one wavelength addressed 
to it. In addition to point-to-point links, this 
configuration can also support multicast or broadcast 
services, where one transmitter sends the same 
information to several nodes. An interesting point 
is that these passive WDM networks are protocol 
transparent. This means that different sets of 
communicating nodes can use different information- 
exchange rules (protocols) without affecting the 
other nodes in the network. This is analogous to 
current time-division-multiplexed telephone lines in 
which voice, data, or facsimile services are sent 
in different time slots without interfering with 
each other. 

Although the architectures of single-hop broadcast- 
and-select networks are fairly simple, there needs 
to be careful dynamic coordination between the 
nodes. For example, if the network is set up so that 
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Figure 8 Two alternate physical architectures fora WDM-based 
local network. 
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Figure 9 Example of a four-node broadcast-and-select multi- 
hop network. 


a transmitter sends its information at a unique fixed 
wavelength, then the destined receiver needs to be 
informed when a message is being sent to it, so 
that it can tune its selective filter to that wavelength. 
Also conflicts need to be resolved in cases where 
two stations transmitting at different wavelengths 
want to send information to the same recipient 
simultaneously. 

A drawback of single-hop networks is the need for 
rapidly tunable lasers or receiver optical filters. The 
designs of multihop networks avoid this need. 
Multihop networks generally do not have direct 
paths between each node pair. Each node has a small 
number of fixed-tuned optical transmitters and 
receivers. Figure 9 shows an example of a four-node 
broadcast-and-select multihop network where each 
node transmits on one set of two fixed wavelengths 
and receives on another set of two wavelengths. 
Stations can send information directly only to those 
nodes that have a receiver tuned to one of the two 
transmit wavelengths. Information destined for other 
nodes will have to be routed through intermediate 
stations. 

The flow of traffic can be seen from Figure 9. If 
node 1 wants to send a message to node 2, it first 
transmits the message to node 3 using A,. Then node 3 
forwards the message to node 2 using Ag. In contrast 
to single-hop networks, with this scheme there are no 
destination conflicts or packet collisions in the 
network, since each wavelength channel is dedicated 
to a particular source—destination link. However, for 
H hops between nodes, there is a network throughput 
penalty of at least 1/H. 


Wavelength-Routed Optical Networks 


Wavelength-routed networks overcome the limi- 
tations of passive optical networks through wave- 
length reuse, wavelength conversion, and optical 
switching. The physical topology of a wavelength- 
routed network consists of optical wavelength routers 
interconnected by pairs of point-to-point fiber links 
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in an arbitrary mesh configuration, as illustrated in 
Figure 10. Each link can carry a certain number of 
wavelengths, which can be directed independently 
to different output paths at a node. Each node may 
have logical connections with several other nodes 
in the network, where each connection uses a 
particular wavelength. Provided the paths taken by 
any two connections do not overlap, they can use 
the same wavelength. Thereby the number of 
wavelengths is greatly reduced. For example, the 
connection from node 1 to node 2 and from node 2 
to node 3 can both be on A;, whereas the connec- 
tion between nodes 4 and 5 requires a different 
wavelength (A,). 








C) Wavelength-routing node 


[| End station 


Figure 10 The physical topology of a wavelength-routed 
network. 


A high degree of path modularity, capacity scaling, 
and flexibility in adding or dropping channels at a 
user site can be achieved by introducing the concept 
of an optical cross-connect architecture in the 
physical path structure (the so-called path layer) of 
an optical network. These optical cross-connects 
(OXCs) operate directly in the optical domain and 
can route very high-capacity WDM data streams 
over a network of interconnected optical paths. 

Contentions could arise when channels having the 
same wavelength but traveling on different input 
fibers enter the OXC and need to be switched simul- 
taneously to the same output fiber. This could be 
resolved by assigning a fixed wavelength to each 
optical path throughout the network, or by 
dropping one of the channels and retransmitting it 
at another wavelength. However, in the first 
case, wavelength reuse and network scalability 
(expandability) are reduced, and in the second 
case the add/drop flexibility of the OXC is lost. 
These blocking characteristics can be eliminated 
by using wavelength conversion at any output of 
the OXC. 

As an example consider the 4 x 4 OXC shown in 
Figure 11. Here two input fibers are each carrying 
two wavelengths. Either wavelength can be switched 
to any of the four output ports. The OXC consists of 
three 2 x 2 switch elements. Suppose that A, on 
input fiber 1 needs to be switched to output fiber 2 
and that A; on input fiber 2 needs to be switched to 
output fiber 1. This is achieved by having the first two 
switch elements set in the bar state (the straight- 
through configuration) and the third element set in 
the cross state, as indicated in Figure 11. Obviously 
without wavelength conversion there would 
be wavelength contention at both output ports. 
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Figure 11. Example of a 4 x 4 optical cross-connect (OXC). 
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By using wavelength converters, the cross-connected 
channels can be converted to noncontending 
wavelengths. 


See also 


Lasers: Optical Fiber Lasers. Optical Communication 
Systems: Wavelength Division Multiplexing. 
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Introduction 


Free space optical (FSO) communication is the 
wireless transmission of data via a modulated optical 
beam directed through free space, without fiber optics 
or other optical systems guiding the light. The 
fundamental idea goes back to ancient times, as 
light (or smoke) signals were used to transmit 
information. From a more modern point of view, 
Graham Bell’s patent on the photophone may mark 
the onset of modern FSO techniques, as it transmitted 
audio signals (i.e., voice) via the modulation of 
sunlight. A renaissance of FSO systems started with 
the availability of lasers, light sources with high 
output power and high coherence, which allowed 
the accurate direction of the light beams over 
long distances. During the 1970s and 1980s the 
main proposed application of FSO systems was for 
secure and long distance (50-1000 km) communi- 
cation, mainly targeted for ground-satellite or 
satellite—satellite communication. This focus chan- 
ged drastically over the last decade as a new market 


for FSO grew in the establishment of high bandwidth 
data link and their integration over a locally restricted 
area. 

The main competitors in this market are the fiber- 
based optical network, the RF communication 
system, as well as the low bandwidth copper cable- 
based system. In comparison to the closely related 
wireless radio frequency transmission, the higher 
frequency of the optical carrier (~10'*-10!° Hz) 
thereby allows for much higher transmission rates, 
comparable to those of typical fiber optic networks. 
On the other hand, the use of an optical carrier also 
results in much more directed beam propagation, 
which requires an undisturbed line-of-sight between 
emitter and detector. This restricts the application of 
most FSO systems to a range between a few hundred 
meters up to several kilometers, which are still 
favorable for distribution of high bandwidth net- 
works over a locally restricted area. This makes FSO 
a highly attractive candidate for the ‘last-mile’ 
distribution of high-bandwidth Ethernet to the 
individual homes. 

The simplicity of setup of FSO links, as well as their 
modularity, is thereby their biggest advantage, com- 
pared to fiber-based networks. It makes them not only 
highly cost efficient, but it eases the maintenance or 
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allows for fast and easy upgrades, as it does not 
require any extensive and time-consuming installa- 
tion — in contrast to the installation of fiber optic 
cables. This advantage makes FSO highly attractive 
for temporary installations (emergency or short-time 
high broadcast situations, such as the Olympic 
Games), as well as to overcome geometrical restraints 
(river, seas, etc.). As most detector and emitter systems 
are typically based on the same electro-optical 
components used for fiber optic networks, they 
seamlessly integrate and expand an existing network 
without complications in data handling. 


Standard FSO System 


Figure 1 shows schematically the setup for a typical 
FSO system connecting two separate local networks. 
It consists of: an electronic data input; a small but 
powerful light source which can be modulated; emitter 
optics which shape the emitted beam to a highly 
directed beam; the atmosphere as transmitting device; 
detector optics which receive the transmitted light 
and focus it onto a photodetector; and an electronic 
amplifier which serves as data output. 

Compared to a fiber optical communication 
system, the main difference is the use of the 
atmosphere as the transmission medium, in contrast 
to guided optical propagation. The transmission 
properties are thereby determined by the atmospheric 
conditions, which can lead to degradation and/or 
redirection of the beam. The main influences which 
have to be taken into account are atmospheric 
scattering, molecular absorption, turbulence effects 
(including beam wander and fading), as well as the 
impact of low-visibility weather situations like rain, 
snow, or fog. These depend strongly on wavelength 
and linewidth of the used emitter system, distance 
between emitter and receiver, as well as the 
environmental conditions. As a consequence, the 


Emitter 
optics 
fh 





source 








Atmospheric transmission 
channel 


characteristics of the atmospheric channel determine 
the layout of the other FSO components — and have 
to be considered first. 


Atmospheric Losses 


The overall losses of the atmospheric transmission are 
determined by the Beer—-Lambert absorption law: 


I= Ip exp[—aL] [1] 


where I is the intensity at the receiver, Ip the intensity 
of the transmission beam after the emitter optics, and 
L is the range (i.e., distance between emitter and 
detector optics). The total extinction coefficient a = 
Rayleigh + Amie + Absorption 1S based on three different 
contributions: Rayleigh scattering, Mie scattering, 
and absorption. 

In contrast to absorption, the losses due to 
scattering originate from redirection of light and 
will be discussed first. Depending on the size of the 
scattering partner, two separate regimes have to be 
taken into account. For scatter smaller than the 
wavelength, the effect can be described based on 
Rayleigh’s classical formula. The scattering cross- 
section of an element with mass m, charge q, natural 
oscillation wavelength Ag, is then: 


fq'y 1 
—_ 6me,m ct Py [2] 


where é9 is the dielectric constant, c the speed of 
light, and A the wavelength of the incident 
light, leading to an extinction coefficient of 
Rayleigh = O5Ns, where N, is the concentration of 
the scattering elements. The ’ * dependence in the 
scattering predicts stronger scattering for shorter 
wavelengths and Rayleigh scattering is therefore 
dominant for short and visible wavelengths (which 
gives the sky its blue color). For typical FSO 
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Figure 1 Typical components of a FSO system. 
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wavelengths in the region of near-infrared radiation 
(NIR, 800-2000nm) or mid-infrared radiation 
(MIR, 2000-20 000 nm), the contribution of 
Rayleigh scattering is typically relatively low and 
can be neglected. 

On the other hand, Mie scattering is, in most 
cases, the strongest contribution for FSO systems — 
but also the hardest to predict. It is due to resonant 
scattering effects, where the particle size is of the 
wavelength of the scattered light. For the typical 
FSO wavelengths these particles include water 
and oil droplets, dust, smog, fly ash, and aerosols 
(which can originate from pollution). A correct 
calculation of the Mie scattering coefficient is 
possible, but requires knowledge of the exact particle 
concentration as well as their size distribution. As 
these numbers are not only difficult to measure, but 
also fluctuate continuously depending on weather 
situation, time of day, season, temperature, climate, 
pollution, and other factors, a numerically correct 
evaluation is not possible. 

Historically, most systems rely on an empirical 
formula, which estimates the attenuation coefficient to 


3.91 A \? 
OMie = (4) [3] 


where V denotes the visibility and the value of p 
ranges from 1.6 for high visibility (V > 50 km) and 
1.3 for average visibility (50 km > V> 6 km) down 
to 0.585 V3, respectively for low visibility. The 
formula is based on data collected in the 1950s and 
1960s. More accurate measurements show that the 
actual scattering cross-sections differ quite strongly, 
especially for low-visibility cases. Especially, the 
predicted dependence on wavelength is not correct. 
The failure of such a general model is not surprising, 
as the actual scattering properties are strongly 
dependent on the weather situation and the environ- 
mental conditions. It is the focus of ongoing research 
to find more accurate models describing the scatter- 
ing condition in multiple environments and con- 
ditions to provide the background for more accurate 
empirical models. 

Apart from the light redirection due to scattering, 
absorption either by molecules or aerosols is nearly as 
important for the transmission calculation of a FSO 
system. The strongest molecular absorptions are 
typically due to water, carbon dioxide, as well as 
ozone. A typical absorption spectrum can be easily 
calculated using standard software together with the 
publicly available HITRAN database, both available 
from ONTAR. The upper part of Figure 2 shows a 
low-resolution transmission spectrum for the inter- 
esting wavelength region for a path length of 1 km. 
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Figure 2 Upper: Low-resolution transmission spectrum of the 
atmosphere showing molecular absorption for a path length of 
1km. Lower: high-resolution spectrum of the atmospheric 
windows around 9.5 wm. 


Within this spectrum, several well-known atmos- 
pheric windows exist, which are naturally preferred 
for FSO applications. These include the region 
around 830 nm, 1550 nm, and from 8 wm to 12 wm. 
For the exact selection of a wavelength, a closer look is 
needed. As an example, a high-resolution analysis of 
the atmospheric windows around 9.5 ym is shown 
in the lower part of Figure 2, which identifies 
additional absorption lines as well as highly trans- 
parent wavelength ranges within the window. Such 
substructure has to be taken carefully into account for 
the FSO wavelength selection, especially if lasers are 
employed, which have a linewidth comparable to the 
width of the absorption line. 

Besides the molecules, aerosol particles also con- 
tribute to the absorption spectrum. Calculation of 
their contribution can also be performed using 
available software package, such as Air Force’s 
MODTRAN and LOWTRAN program as well as 
OPAC from the LMU University in Munich. Figure 3 
shows a typical low-resolution transmission spectrum 
for 50% humidity as well as 99% humidity, where 
by scattering as well as absorption effects have 
both been included in the calculation. The occur- 
rence of sharp absorption features, as well as the 
increasing losses for wavelengths above 10 um, is 
typically due to the aerosol absorption, whereas the 
scattering dominates the function for wavelengths 
below 3m. Losses due to the aforementioned 
Rayleigh scattering are also shown in the same 
diagram, demonstrating its low influence at longer 
wavelengths. 

MODTRAN and LOWTRAN also allow the 
calculation of transmission spectra under rain and 
snow conditions, where rain and snow consist of 
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Figure 3 Typical low-resolution transmission spectrum calcu- 
lated based on absorption and scattering losses from aerosols for 
50% humidity (dashed line) and 99% humidity (solid line). The 
dotted line shows additionally the losses due to Rayleigh 
scattering. 


clusters of water and aerosol with diameters from 
200 pm to 2mm and above. Depending on the 
severity of the precipitation, the losses can range 
from ~ 0.5 dB/km for light rain up to 13 dB/km for 
cloudbursts, requiring an additional power margin in 
the preparation of the FSO link. Significantly stronger 
is the impact of fog, as typically particles with much 
lower sizes are present. The losses inflicted by a 
moderate fog (visibility 500m) range above 
20 dB/km, surpassing the effect of a cloudburst; for 
thick fog the attenuation can even grow beyond 
200 dB/km. However, depending on the size distri- 
bution within the fog itself, the losses can be highly 
wavelength dependent. Recent experiments show 
that long wavelength FSO systems operating in the 
MIR wavelength region have a much stronger 
stability under the influence of thick fog than one 
operating at NIR wavelengths. 


Turbulence and Scintillation 


In contrast to a static medium, the atmosphere is a 
dynamic mixture which undergoes continuous 
changes due to wind, temperature, and other 
influences. This creates a constant change in the 
parts of the atmosphere which are contributing to 
the FSO channel and therefore in the optical proper- 
ties of the beam path. The index of refraction can 


differ, not only in its total value, but also within 
subsections of it, creating a random fluctuation in the 
beam paths. Such localized changes in the refractive 
index of the air are schematically shown in Figure 4, 
where turbulences of different sizes modify the beam 
path and disturb the beam front. The turbulence in 
the atmosphere can be quantified by the refractive- 
turbulence structure coefficient C2, which can range 
from 10° m-*? in the middle of the afternoon 
(highest value) to 107!” m~7? one hour after sunrise 
or sunset. As the turbulence effect is typically due to 
strong temperature difference, C? is strongest near 
hot surfaces (e.g., tar roofs or asphalt in the summer) 
and decreases with altitude. The effects of such 
turbulences on a directed light beam (such as used 
in FSO systems) include mainly beam wander and 
scintillation effects. 

Beam wander is thereby based on large size 
turbulences which act as a lens on the propagating 
beam. Consequently, a narrow focused beam could be 
randomly steered away from the detector area, 
creating a fluctuation in the detected intensity. 

Stronger impact for FSO links has scintillation, 
which is better known as the twinkling of a star or the 
heat shimmer of the horizon on a hot day. It is based 
on the continuous variation of the beam front which 
can lead to intensity fluctuations (like the twinkling) 
and loss in the image resolution (heat shimmer). 
Strong intensity fluctuations can thereby cause 
signal loss as well as receiver saturation, both 
resulting in downtime in the link. Such local 
intensity disturbances can occur up to sizes of VAL, 
reaching, for example, 4 cm for a 1.55 wm link after 
1 km. For small fluctuations, the intensity follows a 
classical stochastic behavior and can be described by 
the irradiance variation (normalized to its mean 
value) as 
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Figure 4 Schematic depiction of atmospheric turbulences 
with different sizes in FSO systems. Shown below are illustrations 
of its main effects on a directed beam causing intensity 
fluctuations and beam wander. 
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with usual values in the range from 5 to 70%. 
Nonetheless, it should be pointed out that actual 
turbulence effects can differ quite strongly from these 
predictions, due to local inhomogeneities in tempera- 
ture distribution. Consequently, test measurements 
are necessary for the correct evaluation of a specific 
installation site. 

What makes scintillation effects difficult to handle 
for communications systems is the relatively slow 
frequency of fluctuations in the order of a few 
hundred Hz or less. The corresponding downtimes 
for a link can range from 1 ms to 10 ms, or even up to 
seconds. This is magnitudes higher than typical 
downtimes in standard communications links and 
cannot be compensated by standard forward error 
correction systems. One possibility to reduce the 
influence of scintillation is the method of aperture 
averaging, whereby multiple beams originating from 
slightly different positions are deployed and targeted 
at the same receiver. Assuming that the variation in 
each of the separate beam paths is random and 
uncorrelated, the signal-to-noise ratio will decrease 
by the square root of the number of beams. Recent 
experiments have impressively demonstrated this 
effect and allow reduction of intensity fluctuation to 
an acceptable level. 

Another alternative to decreasing the scintillation 
effects is in the application of longer wavelength FSO 
systems. Whereas beam wander is relatively indepen- 
dent from the wavelength, scintillations effects scale 
with ”°, as turbulences smaller than the wavelength 
cannot obscure its beam front. Using a 2 times longer 
wavelength, for example, should have the same 
impact as signal averaging with 4 different beams. 


Beam Spreading and Pointing 


Based on optical diffraction theory, the beam leaving 
the emitter optics will be divergent and its beam 
diameter will consistently increase during trans- 
mission through the optical channel. Assuming an 
optimal alignment and using standard geometrical 
optics, the losses due to beam spreading can 
estimate the ratio of emitted power (Pg) to received 
power (Pk): 
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where Dg is the diameter of the receiving optics, Dr 
the diameter of the emitting optics, and @ the 
divergence of the beam. The minimal divergence of 
the beam is typically determined by the light source 
and is given by 6 = A/D, M’, where Dy is the initial 
size of the laser beam and M* the laser-mode structure 


parameter, for a typical semiconductor laser 6 below 
0.1 mrad. In many cases, the divergence of the emitted 
beam is commonly enlarged by slight defocusing of the 
emitting optics — if the power budget allows for the 
additional losses. The beam size at the receiver is 
typically several times larger than the receiving 
aperture, which not only eases the alignment of the 
system, but also reduces pointing losses. This includes 
the effect of beam wander due to turbulence as well as 
swaying of the buildings or the mount. If those effects 
are solely compensated for by an increased beam 
spread, divergence can easily reach values of 
2-20 mrad for short-distance links. Obviously this is 
not an option for longer-distance FSO links, as 
the losses will increase dramatically. In these cases, 
active tracking systems are incorporated in the emitter 
optics allowing for continuously adjustment to 
achieve and keep an optimal alignment. Typical 
tracking devices are thereby based on servo-driven 
Gimbal mounts, steering mirrors, or recently, MEMS 
devices. 


Laser Eye Safety 


As the atmospheric transmission channel of most FSO 
systems is not completely isolated, there exists the 
possibility of a human person intercepting the beam. 
To allow for this, most FSO systems are designed to 
be eye-safe following the voluntary ANSI standard, 
which limits the output irradiance to a certain value 
depending on the deployed wavelength. As radiation 
below 1400 nm is still being focused on the retina, it 
causes a higher irradiance, which results in a lower 
damage threshold. For 800 nm laser systems, the 
minimum permissible exposure (MPE) level for a 10s 
long exposure is therefore recommended not to 
exceed 1 mW cm *, whereas for 1.55 um or longer 
wavelength systems, an MPE of 100 mW cm” is 
suggested. The recommendations for incoherent 
light sources such as LEDs are thereby less 
stringent as they cannot be focused quite as strongly 
as laser light. 


The Light Source 


Following the discussion above, the optimal light 
source for FSO system should be emitting at a 
wavelength away from any absorption line (or should 
be much broader then the absorption line), have a 
relatively long wavelength as well as a relative low 
divergence, be eye-safe, and allow for high modu- 
lation speed. In reality, most FSO systems use either 
GaAsAI laser diodes or LEDs emitting at 0.8 pm, or 
the typically more expensive 1.5 wm laser diodes 
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based on the InGaAsP semiconductor system. 
The output power of both laser systems is typically 
in the range of 1mW to 100 mW, which for the 
longer wavelength case can be boosted to 1-10 W 
using erbium-doped fiber amplifiers (or even higher 
for specific applications). The longer wavelength 
system has the additional advantage of higher ANSI 
standards as discussed above, allowing stronger 
eye-safe emission power, but is typically far more 
expensive. 

Both laser types were developed and optimized for 
standard fiber-based communication systems allow- 
ing direct modulation up to 10 Gbit/s. To achieve 
higher bandwidth in FSO systems, standard tech- 
niques known from fiber-based networks can easily 
be deployed, like wavelength division multiplexing 
which increases the bandwidth up to state-of-the-art 
levels of fiber-based networks. 

Contrary to semiconductor lasers, LEDs provide 
a much less expensive alternative, but allow only 
for modulation up to 10-100 MHz. Their broad 
emission spectrum is thereby an advantage, as it is 
less sensitive to sharp absorption lines which - 
as discussed earlier — can have a drastic impact 
on the FSO link performance. Consequently, LEDs 
have been successfully implemented in several com- 
mercial FSO systems targeted at the short-range 
market. 

Recently developed sources, which have also been 
applied for FSO systems, include vertical-cavity 
surface-emitting lasers as well as quantum cascade 
lasers (QCL) which emit in the mid-infrared regime. 
The latter devices have been predicted to have a 
strong impact on the FSO market, as they combine 
high-output power (up to 1 W) together with 
fundamentally high modulation bandwidth 
(2.5 Gbit/s recently demonstrated and higher rates 
predicted) at wavelengths ranging from 3.5 wm to 
12 um and beyond. They can access the long- 
wavelength atmospheric window atmospheric for 
the FSO systems (typically reserved for CO, lasers) 
with the convenience of direct semiconductor 
lasers like direct electrical modulation, small size, 
and low power consumption. Recently, first FSO 
experiments, employing experimental QCLs, 
demonstrated the predicted higher stability of the 
link in low-visibility situations, including strong fog 
as well as high dust concentration. Nonetheless, to 
date the high cooling requirement for QCLs restricts 
more general use of them, but their very fast 
development, recent reports of cw-operation of 
room-temperature QCLs as well as FSO links with 
TE-cooled QCLs in pulse operation, give hope for a 
solution to this problem. 


The Detector System 


Once the light reaches the receiver, it is typically 
collimated using a short focal length telescope or a 
single lens system. To optimize efficiency without 
sacrificing ease of alignment a compromise has to be 
made between a wide aperture for greater light 
collection and a short focal length. The concentrated 
light then hits the detector, which, depending on the 
wavelength, is either Si or InGaAs-photodiodes. Si- 
based devices can detect up to wavelengths of 
1100 nm and InGaAs systems are typically used for 
the 1.5 um region, respectively. To enhance the 
sensitivity of the detectors, avalanche photodiodes 
are preferred which internally enhance the detected 
signal by a factor ranging from 20 to 100. To ensure 
high bandwidth operation (10 MHz—10 GHz), the 
size of the detecting device has to be kept relatively 
small (20 to 100 ym) avoiding parasitical capacitance 
effects — but raising the requirement on the detecting 
optics. 

The sensitivity of these NIR detectors is typically 
limited by the shot-noise, which is due to statistical 
fluctuations of the received phonons and scales with 
the square root of its number. For practical purposes 
the internal noise of the detector is quantified 
using the corresponding amount of incident optical 
power leading to a comparable signal. The values for 
this noise equivalent power (NEP) can range from 
microwatts to tens of nanowatts. Other sources 
for detector noise can include a background current 
from the detector-amplifier combination, typically 
referred to as Johnson noise. 

Mid-infrared detectors are additionally objected to 
strong background radiation due to thermal emis- 
sion, which peaks around the 10 pm at temperature 
of 300 K. The use of additional cold filters and high- 
resolution spectral filters can help to overcome this 
restriction, but still the sensitivity of those detectors is 
lacking compared to NIR systems. 

For communication system the noise is more 
commonly quantified as bit error rate (BER), quanti- 
fying the average percentage of wrongly received 
bits (submitted ‘1’, detected ‘0’ or vice versa). A BER 
greater than 10°” is usually referred to as an 
error-free system, as the residual errors can be 
corrected employing forward error correcting 
algorithms. In contrast, the performance of FSO 
systems can more easily be measured in its signal-to- 
noise ratio (SNR). Following standard communi- 
cation theory, a peak SNR of 12 and an average 
SNR of 6 is required to achieve a BER of 107°, 
guaranteeing error-free communication. Con- 
sequently range limits for FSO links are typically 
based on SNR = 6. 
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Link Budget and FSO 
Range Equation 


Classical link budget estimation is a commonly used 
tool to access the performance of FSO systems. To 
take into account the losses due to atmospheric 
absorption, scattering, turbulence, and beam spread- 
ing, as well as optical losses in the used receiver and 
emitter optics, they are deducted from the starting 
power emitted from the FSO light source. The 
estimated intensity at the detector is then compared 
with the intensity needed to establish error-free 
communication (for example SNR = 6), the calcu- 
lated difference is the link margin of the specific 
system, i.e., the amount of additional losses under 
which the FSO link will still be working. 

Comparing this number to losses from nonpredict- 
able fluctuations (like heavy rain or fog) gives an 
insight under which implications the link will fail. 
Using weather station data, the frequency of such 
extremely low-visibility occurrences can be obtained 
and a number for the reliability of the FSO link be 
estimated. Typical well-installed FSO systems esti- 
mate very high reliabilities, between 99.9% and 
99.999%, which have been obtained in installation 
and verified in long-term measurements. 

Another way to estimate the performance for a 
given system is based on the FSO range equation, 
where the received power on the detector (Pp) is 
calculated to 
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TK exp[—alL] [6] 
T denotes the optical losses of the transmission and 
receiver system, and K denotes additional losses 
for incoherent lights sources and is given by the 
ratio of LED emitting area to detector area, and is 
K = 1 for laser light sources. This equation can also 
be used to estimate losses for different weather 
situations and obtain the maximum range L of a 
specific FSO system. 


Recent Research and Future 
Considerations 


Existing FSO systems have impressively demon- 
strated their versatility and stability, as well as 
their seamless integration into existing networks, 
on multiple occasions. A prime example is the 
re-establishment of communication links between 
Merrill-Lynch Brokerage and Wall Street in New 
York, in the aftermath of the terrorist attack on 
September 11th, which destroyed one of the central 
fiber optic hubs in downtown Manhattan. 


The installation of a commercial FSO system by 
Terabeam ensured a fast replacement and a stable 
continuation of their work. 

The demonstrated performance of such links 
compares to standard fiber-based links. The inclusion 
of wavelength division multiplexing as well as other 
standard or nonstandard techniques in FSO systems 
proves the strengths of a system, which is based on 
identical hardware for emitter and detectors as fiber- 
based networks. Nonetheless, FSO allows a multitude 
of applications not possible in fibers, which current 
research projects are targeted at. This includes, for 
example, long wavelength FSO communication 
systems, continuously ground-satellite links and 
free-space quantum communication for extreme 
secure data transmission — to list only a few of the 
possibilities. One very obvious example is extreme 
wavelength division multiplexing, which uses one 
link operating in all atmospheric windows at the same 
time. Such a FSO system would not only allow very 
high data rates and extreme stability against weather 
effects, but could also employ new kinds of wave- 
length-based modulation and encoding schemes 
increasing the security of the data link. Concluding 
the actual state of the FSO system as well as ongoing 
research, free space optical communication has all 
the ingredients needed to be one of the mayor 
key ingredients of future networks — and based on 
the increasing demand of bandwidths they will 
contribute strongly. 


List of Units and Nomenclature 


c speed of light 

Cr refractive-turbulence structure coefficient 

Dg diameter of the emitting optics 

Dr diameter of the receiving optics 

I intensity 

L range (i.e., distance between emitter and 
detector optics) 

m mass 

M laser-mode structure parameter 

Ng concentration 

Pr emitted power 


PR received power 
qd charge 
T optical losses of the transmission and recei- 


ver system 
V visibility 
a extinction coefficient 
E0 dielectric constant 
6 divergence of the light beam 
A wavelength 
Xo natural oscillation wavelength 
Os scattering cross-section 
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See also 


Environmental Measurements: Doppler Lidar; Optical 
Transmission and Scatter of the Atmosphere. Imaging: 
Infrared Imaging; Lidar. 
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Introduction 


Optical fiber telecommunications has changed 
human society forever, providing the capacity for 
affordable and ubiquitous communication. It pro- 
vides data rates and transport economies far in excess 
of those available using purely electronic means. It is 
doubtful whether the Internet and worldwide web, or 
the vast infrastructure of wireless cellular telephony, 
would be viable without optical fiber technology. Its 
rapid development and acceptance has been driven 
largely by contemporaneous successes in manufactur- 
able low-loss optical fiber cables, sensitive pin-FET 
photoreceivers, and reliable high-performance laser 
diode-based transmitters. The earliest developments 
in silica glass fibers at Standard Telecommunication 
Laboratories, UK, (then part of the US-based ITT 
Corporation) and Corning Glass Works (USA) in the 
1960s and 1970s, were pivotal in determining the 
directions of modern fiber technology, as were 
later key inventions of rare-earth doped fiber 
amplifiers at the University of Southampton (UK) 
and AT&T Bell Laboratories (USA) in the 1980s and 
early 1990s. However, perhaps the greatest contribu- 
tors to the success of fiber optics have been 
semiconductor injection lasers, or laser diodes, 
which in various forms have made up the vast 
majority of all fiber optic transmitters, and the 
entirety of long-haul transmitters, as well as pump 
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sources for the doped-fiber amplifiers which enable 
modern networks. The fascinating story of the 
development of fiber optics is to a large extent driven 
by the dramatic progress in the development of high- 
performance, reliable semiconductor lasers. These 
emitted at wavelengths near 1300 and 1550 nm, 
which respectively correspond to the dispersion and 
attenuation minima of single-mode silica optical 


fibers. 


Semiconductor Laser Principles 


Semiconductor lasers were first demonstrated 
in research laboratories at General Electric, IBM 
Corporation and the MIT Lincoln Laboratory (all 
USA) as early as 1962, although it took almost two 
decades for the basic science and engineering of 
materials, fabrication, reliability, and performance 
design issues to be developed sufficiently for their use 
in practical communication systems. Early successes 
were obtained using the GaAs/AlGaAs lattice- 
matched material system, in which a lightly doped 
GaAs or ternary compound AlGaAs active layer is 
sandwiched between two lattice-matched heterojunc- 
tions with n- and p-doped AlGaAs layers with higher 
Al fractions than the active layer, so that their 
refractive indices are lower and their bandgaps higher, 
providing optical and charge-carrier confinement. In 
all cases the material is epitaxially grown, meaning 
that the entire laser chip forms a single crystal. The 
gain, and hence the laser emission, occurs at the direct 
bandgap of the active layer, at wavelengths in the 
range 750-870 nm depending on the Al fraction. 
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Later evolutions used the quaternary compound 
GalInAsP clad by InP guiding layers, where the In and 
P fractions are chosen to match the lattice constant to 
the InP substrate. 

In general, optical gain in a laser diode is generated 
by creating an electron-hole plasma in the vicinity of 
the forward-biased junction, a situation correspond- 
ing to population inversion in a conventional laser, 
and with sufficient forward current the material 
becomes transparent, in that the gain exactly equals 
the absorption and scattering losses, at a particular 
wavelength. When this arrangement is enclosed 
within a suitable optical cavity, and the forward 
current is increased further, the system begins to lase, 
that is to oscillate continuously to produce coherent 
optical radiation at a wavelength which satisfies 
two basic conditions: it must be within the set of 
wavelengths at which the material produces 
sufficient gain, and it must be close to one of the 
electromagnetic modes at which the optical cavity is 
resonant. These conditions, which define lasing 
threshold, are characterized by the equality of the 
optical gain and the total losses, that is the material 
losses (absorption, scattering, and free-carrier plasma) 
and the cavity losses which include the light output. 

Early laser diodes in both the GaAs/AlGaAs and 
GaInAsP/InP systems were of the edge-emitting 
type, in which the light is emitted from the edge 
of the laser chip, perpendicular to the growth 
direction in the plane of the wafer. Although this 
geometry complicates laser production flow, par- 
ticularly the testing function which requires that the 
wafer be scribed into bars to define the laser output 
facets, edge-emitting lasers (EELs) make up the vast 
majority of optical fiber transmission sources. An 
alternative laser diode structure is the vertical 
cavity surface-emitting laser (VCSEL), in which 
emission occurs in the growth direction perpen- 
dicular to the plane of the wafer. VCSELs offer 
major advantages in spectral stability, beam quality, 
manufacturability and cost, but their output powers 
are low (a few mW) and they are not yet available 
at the key telecommunication windows around 
1300 nm and 1550 nm, due to difficulty in forming 
the necessary high-reflectivity Bragg mirrors in the 
GalInAsP/InP material system. Major initiatives are 
currently underway to produce long-wave VCSELs 
in the GaAs/AlGaAs system using InAs quantum 
dots, or dilute nitrides such as InGaAsN, or hybrid 
approaches such as InP-based gain media fused to 
high-reflectivity mirrors using GaAs/AlGaAs, dielec- 
tric coatings, air gaps, and others. At present, 
however, all long-haul optical fiber transmission is 
based on edge-emitting laser diodes fabricated in 
GaInAsP/InP. 


General Structure and Requirements 
of Optical Fiber Communication 
Systems 


The first optical fiber communication links were 
simple point-to-point affairs, consisting essentially of 
series-connected transmitters, fibers, and receivers. 
The transmitters were simple Fabry—Perot laser 
diodes, onto which data were encoded by direct 
digital modulation of the injection current at rates 
~100 Mbit/s. The first commercial optical fiber link 
was built in 1976, a single fiber cable linking two 
switching centers of the Illinois Bell Telephone Co just 
2.5 km apart in the Chicago metropolitan area, using 
850 nm GaAs laser technology. In 1988, the first 
transatlantic fiber link, AT&T’s TAT-8, was com- 
pleted linking endpoints in New Jersey, England, and 
France with three fiber pairs carrying signals gener- 
ated by 1300 nm GalnAsp single mode lasers. In these 
early systems, data were regenerated frequently by 
repeaters each consisting of a receiver, signal condi- 
tioner and transmitter. Each fiber in TAT-8 carried a 
single optical frequency modulated at 280 Mbit/s and 
the construction cost of the system was ~ $50 k/km, 
resulting in an economic figure of merit of over 
$600 k/Mbit/s. Twenty-five years later, current sys- 
tems cost the same per kilometer to build in absolute 
dollars despite inflation, a major effective cost 
reduction enabled largely by replacement of the 
expensive repeaters by doped-fiber optical amplifiers. 
Moreover, each fiber is now highly multiplexed, with 
the potential for hundreds of wavelengths each 
carrying 10 Gbit/s signals generated by 1550nm 
laser transmitters, so that the unit cost has plummeted 
to ~$200/Mbit/s, a reduction of three and a half 
orders of magnitude. 

In the remainder of this article, we will describe 
transmitters for both short- and long-haul systems 
where the channel spacing is only tens of GHz in the 
optical carrier frequency. Modern short-haul systems 
either feed client networks as part of bi-directional 
transceivers, or drive metro and local access networks 
connected directly by photonic switches to terminals 
of the long-haul systems. 


DWDM Transceivers 


Modern practice uses modular units containing 
transmitters and receivers allowing bi-directional 
data flow. In the send mode, data are applied to a 
long-haul transmitter at the local (client) source and 
coupled through the external fiber network to the 
remote long-haul receiver. In the receive mode, 
data arrive from a remote long-haul transmitter and 
are coupled (via a regenerator including signal 
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conditioning, clock recovery, and error correcting 
steps) to a local short-haul transmitter leading to the 
client’s internal network. Each transceiver card 
therefore contains a long-haul transmitter and 
receiver set (known collectively as dense wavelength 
division multiplexing (DWDM) transport devices) 
and a short-haul transmitter and receiver set (known 
as client interfaces or local transport devices). 


Transmitter Requirements 


Short-haul transmitters may be simple Fabry—Perot 
edge-emitting laser diodes, or vertical cavity laser 
diodes, or even superluminescent LEDs for sub-Gbit/s 
data rates. They are generally not required to be at one 
of the minimum-loss telecom windows near 1550 nm, 
as the transmission distances are short. However, as 
client networks grow into large metropolitan net- 
works, it is likely that 1300 nm sources will be used to 
minimize dispersion. Power requirements are modest, 
a few mW peak, at data rates ~ 1-10 Gbit/s. Single 
mode laser emission and polarization control are 
not required by present day systems, although 
polarization-mode dispersion may limit transmission 
at higher data rates. Both return-to-zero (RZ) and 
nonreturn-to-zero (NRZ) coding may be used, and 
direct modulation of the laser amplitude is the norm. 

For long-haul transmitters the situation is dramati- 
cally different. Operation in one of the standard 
erbium-doped fiber amplifier (EDFA) bands near 
1550 nm is mandatory: the C (conventional) band 
extends from 1530-1565 nm, the S (short-wave) 
band from 1460-1530 nm) and the L (long-wave) 
band from 1565-1625 nm. In the C-band, output 
powers ~10 mW are generally sufficient, and powers 
above ~30 mW are limited by nonlinear effects such 
as self-phase modulation and four-wave mixing in the 
fiber. In the S- and L-bands, where the available 
gain from EDFAs is less, lasers may need to operate 
close to the nonlinear limit, several tens of mW, 
although various schemes (differential pumping, 
gain-flattening filters, etc.) are being evaluated to 
flatten the global EDFA gain spectrum. 

In current practice, a single fiber utilizing DWDM, 
using only the C-band, can carry up to 1 Tbit/s 
comprising 100 channels at 10 Gbit/s on each 
channel, the current standard. For such performance 
a channel spacing of 50 GHz in optical frequency is 
required. Using all three bands with similar density 
would enable ~3 Tbit/s, which could be doubled by 
using 25 GHz channel spacings. Ultimately, even 
higher channel densities and hence overall system 
data rates are possible, with a practical limit 
~10 Tbit/s. The channel spacing is a key parameter 
in that it determines the laser design, specifically its 


spectral stability and linewidth, and the overall 
transmitter design in that laser chirp (modulation 
induced dynamic spectral shift) must be less than 
half the channel spacing. In practice, only single- 
wavelength and coarse wavelength division multi- 
plexing (CWDM) systems may be modulated directly. 
All modern DWDM systems require external modu- 
lation, for example using electro-absorption or 
Mach-Zehnder interferometric devices outside the 
laser cavity. For the latter cases, stabilization of the 
laser wavelength is required for example by on-chip 
gratings to form distributed feedback (DFB) or 
distributed Bragg reflector (DBR) lasers, or by 
external fiber gratings. 


Directly Modulated Lasers 


Direct modulation of semiconductor lasers is con- 
venient and effective: by modulating the laser injec- 
tion current, one modulates the carrier density and 
hence the optical gain, resulting in modulation of the 
laser output up to ~10 Gbit/s. The actual modulation 
bandwidth is determined by interactions between 
photons and carriers, whose respective decay life- 
times, 7, and 7,, are determined by cavity losses and 
total recombination rates. The simplest form of such 
interactions is described by the photon and carrier 
rate equations for the injected carrier density N and 
photon density S in a single lasing mode: 


dN/dt = Jled — gNS — N/s, [1] 
dP/dt = gNS + BNI, — Sir, [2] 





where J is the injected current density, e the electronic 
charge, d is the thickness of the active region (hence 
Jled is the rate of injection of carriers per unit volume), 
g is the gain coefficient per unit length and is the 
fraction of the spontaneous emission coupled into the 
lasing mode, typically ~ 10-7-107° for edge-emitting 
lasers (product of geometric and spectral overlap 
factors). These equations simply state that the rate of 
change of the carriers or photons is given by the rate of 
generation less the loss rate. Additional terms are 
required in the presence of optical feedback or 
coupling (in which case the photon density is replaced 
by the complex amplitude and phase of the optical 
electric field) or for extremely rapid modulation 
where the traveling wave nature of the disturbances 
in the photon fields is significant. These so-called 
traveling-wave rate equations for the photons are of 
the form: 


dS, /dt + cdS,/dz = gNS, + BN/7, [3] 
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dS_/dt — cdS_/dz = gNS_ + BN/t, [4] 


with the same carrier rate equation as [1] using the 
total photon number S made up of the forward- 
traveling component S, and the backward-traveling 
component S_:S$=$,+5S_. 

Both sets of rate equations are based on approxi- 
mations such as homogeneous gain broadening, 
neglect of transverse field effects, and diffusion. 
These are valid in most situations but care is 
required when analyzing lasers with large transverse 
apertures, or when ultrashort (picosecond) pulses 
are involved. 


Small-Signal Modulation 


Small-signal modulation may be analyzed by a linear 
perturbation analysis of the rate equations, leading to 
a conjugate pair of poles in the response function, 
with damped relaxation oscillations at frequency: 


fr = (1/27)/(gSo/Tp) [S] 


or, in terms of the injected current density J (assuming 
S~ G(J — Jed with T the electromagnetic con- 
finement factor of the mode): 


fr = A2m)JIP J — Judled] 


fx can be regarded as the resonant frequency for the 
interaction between the carriers and photons. As a 
practical matter, lasers can be modulated up to ~ 2fR 
but the modulation response rolls off rapidly with 
increasing frequency above fr. Using explicit 
expressions for the threshold gain, we can write fp as: 


fa = (W2m)JUGNrgt + Dex — Dist] 16) 


where Ny is the transparency carrier density 
~10'8cm™?. fg can take values in excess of 
10 GHz for a well-designed laser. It should be 
noted, however, that high modulation bandwidth 
almost always requires high differential gain dg/dN 
and short tp). Increasing dg/dN requires p-doping 
(which increases optical loss) and/or some special 
quantum-confining structure such as wells, wires, or 
dots. Decreasing 7, inevitably leads to greater optical 
loss and thus a higher threshold. 

The damping rate of the relaxation oscillations is 
also important in limiting modulation bandwidth, 
and also (when increased) in reducing the sensitivity 
of the laser to optical feedback. For bulk or quantum 
well lasers, the condition for critical damping is 
A*=4B with A= (S/gr,)- o[N—Nrl/gt, and 
B= o[1+(So/g7,) — (1 — B)(N — Ny)]. For quan- 
tum dot lasers there are additional damping terms 


due to carrier transport and thermalization which may 
restrict small-signal modulation bandwidths to a 
few GHz. 

Experimentally, small-signal modulation proper- 
ties may be determined using a simple sampling 
oscilloscope, low-noise tunable signal generator and 
spectrum analyzer. A combination of these elements 
with automated frequency sweeping may be found in 
a scalar network analyzer acting as an s-parameter 
test set. The modulated laser is connected to port 1 
and a high speed photodetector connected to port 2, 
then a swept-frequency measurement of the 
transfer characteristic s7, is performed. In addition 
to the limitations on modulation response due to 
the carrier-photon resonance, practical lasers are 
limited by RC parasitics in the laser chip (junction 
impedance) and its package. For the highest 
modulation speeds, packages need to be designed 
as microwave transmission line components with 
effective impedance matching and low back reflec- 
tions, as characterized by the voltage standing wave 
ratio (VSWR). 


Large-Signal Modulation 


Large-signal direct modulation can be analyzed by 
numerical integration of the rate equations. In general, 
its results are beyond the scope of this review, but for 
effective high-speed response, digital modulation of 
laser diodes should be carried out with a pre-bias close 
to threshold. Modulation bandwidth also increases 
with laser power, which is limited for systems 
considerations by fiber nonlinearities, and for reasons 
of laser reliability. In pulse code modulation, care must 
be taken that the laser is near critical damping, to 
minimize thermal patterning effects due to long 
strings of ones (high power) or zeros (low power). 
Experimentally, large signal modulation is 
analyzed by constructing eye diagrams, in which 
pulse traces on a fast oscilloscope are continuously 
overlaid when the laser is modulated using pseudor- 
andom binary pulses. When the signal quality is high, 
the high and low digital levels are easily distinguish- 
able, resulting in an open ‘eye’ in the accumulated 
traces. 


Requirements for Externally 
Modulated Lasers 


The requirement for external modulation occurs when 
the laser chirp exceeds half the desired channel spacing 
in the communication system. Chirp occurs due to 
changes in the refractive index, and hence the optical 
phase, during modulation. This dynamic phase shift 
then results in an instantaneous frequency shift. 
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For direct modulation we have instantaneous 
wavelength 


A(t) = ACO)(u(t)/(0) [7] 


Where y(t) is the refractive index at time t. pw shifts 
with carrier density N due to combinations of several 
factors (free carrier plasma dispersion, thermal 
bandgap shrinkage, bandgap renormalization, dyn- 
amic Burstein—Moss effects) which give du/dN ~ 
—3x10°7° cm’, which for large signal digital 
modulation can result in tens of GHz. The actual 
degree of chirp depends on the so-called antiguiding 
or linewidth enhancement factor a given by 


a = —2ko(du/dN)(dg/dN) [8] 


where ky = 277/Ag is the free-space wavenumber. a as 
defined is positive, typically in the range 2—7 depend- 
ing on the material, operating carrier density, and 
wavelength relative to the gain peak. Distributed 
feedback (DFB) or distributed Bragg reflector (DBR) 
lasers, which use integrated gratings to control the 
lasing wavelength, can have lower chirp by detuning 
from the gain peak but therefore are likely to require 
careful temperature stabilization. Quantum dot 
lasers, based on 3D nanoclustered active regions, 
have the potential for very low chirp, narrow line- 
widths, and reduced wavelength shifts, so that directly 
modulated DWDM transmitters may be possible. 

Integration of laser diodes with electro-absorption 
or Mach-Zehnder type modulators is achieved in the 
transmitter optical subassembly and may in some 
cases be accomplished by monolithic integration on 
the same chip. Using separate modulators allows each 
device to be optimized independently but requires 
optical assembly, alignment, and retention. Mach- 
Zehnder modulators in X-cut lithium niobate, for 
example, have essentially zero chirp and can operate 
to 40 Gbit/s and above, with dynamic extinction 
ratios (ratio between fully on and fully off) of ~20 dB. 
Integrated semiconductor M-Z modulators have 
chirp an order of magnitude less than those of directly 
modulated lasers, so that channel spacings ~25 GHz 
are possible in DWDM systems with suitable 
temperature and wavelength controls. Although the 
details of such modulators are beyond the scope of 
this article, the laser requirements are to generate 
~10mW of continuous power with stable center 
wavelength and narrow linewidth. Such lasers are 
usually mounted in hermetic packages (e.g., the 
current 14-pin butterfly standard) with integrated 
thermo-electric cooler, power monitor photodiode, 
an optical isolator to suppress optical backreflections 
which cause instabilities and self-pulsing, and 
optional wavelength locking optics. 


Reliability of Lasers in Fiber Optic 
Systems 


From the early days, when laser diode lifetimes were 
measured in seconds even at cryogenic temperature, 
enormous progress has been made in achieving 
materials purity and reducing crystalline defects. 
Today’s fiber optic laser transmitters have projected 
lifetimes of decades. In common with electronic 
devices, diode lasers fail at a rate given by a ‘bathtub’ 
curve, that is the failure rate r(t) defined as the 
probability of failure per unit time at time ¢, has 
relatively high values at low ¢ (early failures) and high 
t (wearout failures) and very low values in between. 
In terms of the population of lasers 1(t) we have: 


r(t) = (—1/n(2)) dn(t)/dt [9] 


If Av is the number of samples which fail in time At, 
then assuming At begins at t = 0, the effective or 
average failure rate r.¢¢ over the interval is 


retg(t) = AtAn/n(0) [10] 


In reliability science it is customary to define ref in 
FITs (failures integrated in time) with the time-span 
chosen to yield statistically significant numbers. For 
electronic and photonic devices, it is customary to 
select the time interval At = 107 h (1 billion operating 
hours), so that if 1% of the devices fail in 10 years 
(~10° hours) we have rg ~ 100 FITs, which is the 
order of magnitude required by modern fiber optic 
laser sources. 

In terms of actual statistical models, failure rates 
can be estimated using failure probability density 
functions f(t). This is related to r(¢) by f(t) = r(H)S() 
where S(t) is the cumulative probability of surviving 
until ¢. When 7(¢) is nearly constant, as in early 
failures due to material defects or process errors, the 
statistics are approximately exponential: 


f(t) + (A/a) exp(—t/7) [11] 


or Weibull-distributed (an exponential is a Weibull 
distribution with 6 = 1): 


f(t) = (pit?)t?—! expl-(t/7)"] [12] 


but this description is not suited to wearout failures 
for which f(t) shows a significant increase as the 
population ages. For such cases, the lognormal 
distribution is often applicable: 


f(t) = A/otJ2m) exp[—(Int —In7)*/207] [13] 


where in each case 7 is approximately the mean time 
to failure (MTTF). 
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Laser diodes undergo standardized qualification 
tests to demonstrate sufficient reliability prior to 
being used in commercial systems. Operationally, 
failure statistics must be tabulated and the best fit 
obtained. Burn-in procedures are used to screen early 
failures. Chip and module failures should be distin- 
guished clearly, as the latter includes many additional 
factors such as thermal and power management, light 
coupling, mechanical or chemical integrity. 

Given that effective lifetimes of decades are 
required, it is clearly necessary to accelerate aging 
to produce statistically meaningful failure rates in 
reasonable times ~10°h. For the most common 
modes of laser chip degradation, due to recombina- 
tion-induced aggregation of defects in the crystalline 
epitaxial material, these are thermally activated and 
current driven, so that it is customary to use a 
modified Arrhenius law at temperature T: 


T ~ (1/J”) exp(E,/kpT) [14] 


where J is the operating current density, 7 is an index 
~2, E, is the activation energy, and kp is Boltzmann’s 
constant. In terms of thermal acceleration, we have a 
factor F = t(T,)/t(Tp) with: 


F = exp|(E,/kp)(1/Ta — 1/Tp)] [15] 


Typical values of E, for laser diodes are ~1 eV so that 
acceleration factors ~10° are possible. 

Finally, it should be noted that laser diodes are 
generally subject to catastrophic failure in the event of 
overdriving or static discharge, the failure mode being 
thermal facet damage at ~1-10 MW/cm? for con- 
tinuous-wave operation, the exact value depending on 
the material, surface preparation and specifically surf- 
ace state absorption and its temperature coefficient. 


Conclusions 


Laser diodes are ideal sources for optical fiber 
communication systems and have propelled the 
development of fiber optics from its origins in the 
1960s to the present day. They are compact, rugged, 
efficient, and reliable sources of light at key wave- 
length ranges such as 1300-1310 nm (short haul high 
speed links) and 1500-1600 nm (long haul amplified 
systems). They are capable of direct modulation at 
gigabit rates for simple systems but require external 
modulation and careful wavelength control for dense 
wavelength division multiplexed terabit systems. 
Transmitter lasers for real systems must satisfy 
stringent reliability conditions. 
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Introduction 


Local area networks (LANs) are privately owned 
networks that are used to carry internal traffic 
loads within an organization. A LAN may exist on 
many levels categorized by its application and 
speed. This is illustrated in Figure 1 whereby, at 
the simplest requirement, a low-speed LAN may be 
used to interconnect a cluster of personal compu- 
ters and workstations. Such a scenario may exist in 
a department within a university campus, or a 
building within a technology park. If need be, these 
individual departmental or building LANs may be 
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interconnected using a moderately high-speed 
backbone LAN. The backbone LAN may also 
provide interconnection to servers which support 
mass storage devices that are shared by the individual 
lower speed LANs. In larger organizations, a much 
higher speed LAN is linked to the backbone LAN to 
support bulk data transfer between mainframes, 
supercomputers, and other office equipment. 

The common transmission mediums for traditional 
low-speed LANs are coaxial cable and twisted pairs. 
High-speed backbone LANs advocate the use of the 
optical fiber. The continuing progress in fiber-optic 
technology and devices, and the availability of 
appropriate standards have given rise to LANs that 
can span distances of hundreds of kilometers or more, 
and that operate at data rates in the order of hundreds 
to thousands of megabits per second (Mb/s). 
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Figure 1 Interconnection of local area networks (LANs). 


The increase in demand, to extend LAN capabilities 
towards higher data rates and across larger geographi- 
cal areas, is fueled primarily by the need to provide 
new bandwidth intensive services such as multimedia 
teleconferencing, image processing, and streaming 
video, to a significantly higher number of end-users. 

This article focuses on three existing fiber-optic 
LAN standards, namely Ethernet, Fiber Distributed 
Data Interface (FDDI), and Distributed Queue Dual 
Bus (DQDB). While the current uses of FDDI and 
DQDB are not as widespread as Ethernet, both 
standards have significantly contributed to the initial 
deployment of fiber-optics for LAN applications, with 
standard-based products still commercially available. 
In general, standards are required to ensure inter- 
operability between components and equipment from 
different vendors and suppliers. Two key features are 
addressed by the standards: the physical topology, 
and the medium access control (MAC) protocol. A 
network’s physical topology defines the way in which 
the users, or nodes, are interconnected to each other 
and to the transmission medium. Common optical 
LAN topologies are the star (e.g., Ethernet), bus 
(e.g., DQDB and Ethernet), and ring (e.g., FDDI). 
In comparison, the MAC protocol controls network 
access such that its capacity is efficiently and fairly 
shared amongst all nodes. 

Access control can be either centralized or decen- 
tralized. In the former, a node wishing to transmit 
must wait until it receives permission from a 
controller, whereas in the latter, nodes collectively 
determine the transmission order. Further, capacity 


allocation to each node can be either synchronous or 
asynchronous. The synchronous approach guarantees 
a specific capacity to each node, e.g., using time 
division multiple access (TDMA), whereby nodes are 
allowed to transmit only during a designated time 
slot. In contrast, the asynchronous approach allows 
capacity to be dynamically allocated to each node. 
The asynchronous approach can be further categor- 
ized into round robin, reservation, and contention 
schemes. With round robin, nodes take it in turn to 
transmit in a cyclic manner and a node may transmit 
up to a maximum amount of data during its turn. 
With the reservation scheme, time on the medium 
is divided into slots, and a node wishing to 
transmit must reserve future slots by transmitting 
additional control information into the network. 
With the contention scheme, nodes randomly 
access the network. The Ethernet standard, dis- 
cussed in the following section, is based on the 
contention scheme. 


Ethernet 


Overview 


The IEEE (Institute of Electrical and Electronics 
Engineers) 802.3 standards committee first stand- 
ardized 10 Mb/s Ethernet in 1985. It is now the most 
widely used technology for high-speed LANs, with 
standards extended to cater for operating speeds of 
100 Mb/s, 1 Gb/s and 10 Gb/s, and encompassing the 
use of the optical-fiber transmission medium. Low- 
speed 10 Mb/s and 100 Mb/s Ethernet LANs use the 
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carrier-sense multiple access with collision detection 
(CSMA/CD) MAC protocol, whereas a switched 
technique is used for the 1 Gb/s and 10 Gb/s options. 

In CSMA/CD, a node wishing to transmit an 
Ethernet frame first listens to the transmission 
medium by detecting the presence of signals on the 
channel (i.e., carrier-sense). This process allows the 
node to determine if another transmission is in 
progress. If the medium is in use, the node continues 
to listen until the medium is idle, and then transmits 
immediately. While transmitting, the node continues 
to listen to the medium. It may happen that two or 
more nodes may attempt to transmit at the same time. 
If this occurs, there will be a collision, and data from 
both transmissions will become garbled. 

A collision can be indicated by a combined signal 
that exceeds a predefined CD threshold voltage at the 
carrier-sense receiver, taking into account the col- 
lision between frames from nodes that are located 
furthest apart. If a collision is detected during 
transmission (i.e., collision detection), the transmit- 
ting node ceases transmission and proceeds to 
transmit a brief jamming signal to notify all nodes 
of the collision. After transmitting the jamming 
signal, the node must back off before attempting to 
transmit the same data frame again. The back-off 
period is random, and is determined by a binary 
exponential back-off algorithm. Every time a node 
attempts to retransmit, the mean value of the random 
back-off period is doubled until the tenth attempt. 
After that the node is allowed to retransmit a further 
six times with the same mean random delay before 
discarding the frame and reporting an error to higher 
control layers. 

The transmission medium remains unusable when 
frames collide but only until the collision is detected. 
As such, the minimum transmission time of a frame 
must be longer than the maximum propagation delay 
of the network so that collision is detected prior to the 
end of transmission. If shorter frames are used, then 
collision detection does not occur, and CSMA/CD 
thus exhibits the same performance as its less efficient 
predecessor protocol, CSMA. Accordingly, the 
CSMA/CD standards specify a minimum frame 
length and maximum network size, which place 
fundamental limitations on the practical application 
of a pure CSMA/CD LAN. 


IEEE 802.3 10 Mb/s Ethernet 


In 1993, the IEEE 802.3 committee extended the 
10 Mb/s Ethernet standard to include the optical- 
fiber transmission medium. The standard notation 
of this option is 10BASE-F Each transmission 
link comprises a pair of graded-index 62.5 um core 


multimode optical fibers (MMF), one for each 
direction of transmission. The transmission wave- 
length is 850 nm. 1OBASE-F can be further categori- 
zed into three specifications. The first, denoted 
10BASE-FP (fiber passive star), specifies a broadcast 
star topology that can interconnect up to 33 nodes 
and repeaters. Each of these devices is attached to a 
passive star coupler via two optical-fiber links with 
distances up to 500 m. The passive star coupler splits 
the optical power of any incoming frame equally 
amongst its output links, allowing all nodes or 
repeaters in the network to receive the frame, albeit 
at a lower optical power level. 

The second and third specifications, denoted 
10BASE-FL (fiber link) and 10BASE-FB (fiber back- 
bone) respectively, define point-to-point links over 
distances of up to 2 km. 10BASE-FL supports both 
nodes and repeaters, whereas 10OBASE-FB supports 
only repeaters. A repeater is a device that detects the 
optical signals on its incoming link, performs 
electrical signal regeneration, and then optically 
retransmits the signals on its output link. Repeaters 
used in 10BASE-FB have an additional function in 
which the detected signals are retimed with a local 
clock before being retransmitted. This prevents the 
propagation of timing distortions, allowing distances 
of up to 15 cascaded repeater links to be 
implemented. The characteristics of the three speci- 
fications for 1OBASE-F, along with the 100 Mb/s and 
1 Gb/s specifications to be discussed in the following 
sections, are summarized in Table 1. 


IEEE 802.3 100 Mb/s Ethernet (Fast Ethernet) 


Fast Ethernet refers to the standard developed by 
the IEEE 802.3 committee to provide low-cost, 
Ethernet-compatible LANs operating at 100 Mb/s. 
The optical-fiber transmission medium option is 
denoted 100BASE-FX. Originally defined for FDDI 
(covered in the section on FDDI below), 100BASE- 
FX specifies the use of two 62.5 um MMF links, 
each operating at a unidirectional rate of 100 Mb/s. 
While 10 Mb/s Ethernet can only operate in half- 
duplex mode, whereby a station can either 
transmit or receive a frame but cannot do both 
simultaneously, Fast Ethernet can operate in either 
half- or full-duplex modes. A node operating in full- 
duplex mode can simultaneously transmit and receive 
data frames. 

In order to deploy full-duplex Fast Ethernet, all 
repeaters must be replaced with switching hubs. 
Figure 2a illustrates a repeater located in the central 
point in an active star topology. Each node is attached 
to the repeater via two optical links. The repeater 
retransmits frames received from any one of its input 
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Table 1. Summary of IEEE 802.3 physical and MAC layer specifications for 10 Mb/s, 100 Mb/s and 1 Gb/s Ethernet 
10BASE-FP 10BASE-FL 10BASE-FB 100BASE-FX 1000BASE-SX 1000BASE-LX 
Data rate 10 Mb/s 10 Mb/s 10 Mb/s 100 Mb/s 1 Gb/s 1 Gb/s 
Transmission 850 nm 850 nm 850 nm 850 nm 850 nm 1310 nm 
wavelength 
Transmission 62.5 wm 62.5 wm 62.5 um 62.5 pm 50 wm or 10 um SMF, 
medium MMF pair MMF pair MMF pair MMF pair 62.5 um 50 jm or 
MMF pair 62.5 wm 
MMF pair 
MAC protocol CSMA/CD CSMA/CD CSMA/CD CSMA/CD CSMA/CD CSMA/CD 
(half duplex) (half duplex) (half duplex) (half duplex) (half duplex) (half duplex) 
Switched Switched Switched 
(full duplex) (full duplex) (full duplex) 
100 Mb/s repeater 100 Mb/s repeater 
LZ US 
Receive Transmit Receive Receive Receive Transmit Transmit Receive 
(a) (b) 
100 Mb/s switch 











i 


Receive Transmit 


(c) 
Figure 2 


Transmit Receive 


(a) Shared LAN repeater. (b) Collision at a shared LAN repeater due to simultaneous transmission of frames. (c) LAN switch 


(adapted from William S (2004) Data and Computer Communications, 7th edn, Ch. 15-16. Upper Saddle River, NJ: Pearson 


Education). 


links to all of its output links. If more than one node 
transmits at the same time, then collisions will occur 
at the repeater, as illustrated in Figure 2b. A switching 
hub, on the other hand, switches an incoming frame 
from a particular input to an appropriate output line. 
The same switching function can be performed 
simultaneously on other input-output links without 
interference to the frames involved, as illustrated in 
Figure 2c. As such, each node has a dedicated 
capacity equal to that of the transmission rate of the 
LAN, and the switching hub can support mixed 
capacity links, e.g., 10 Mb/s and 100 Mb/s. With 
dedicated access to the medium and appropriate 
buffering at the switch to avoid contention of the 
same output link, there is no need to implement the 
CSMA/CD access algorithm. Nonetheless, the con- 
ventional Ethernet frame format is used to ensure 


inter-operability between existing 10 Mb/s and 
100 Mb/s LANs. 


IEEE 802.3 1 Gb/s Ethernet (Gigabit Ethernet) 


The IEEE 802.3 1 Gb/s Ethernet standard, commonly 
referred to as Gigabit Ethernet, was finalized in 1998. 
An example of a Gigabit Ethernet backbone LAN is 
shown in Figure 3, whereby a Gigabit Ethernet 
backbone switch connects central servers to high- 
speed workgroup switches. In turn, each workgroup 
switch supports gigabit high-performance workgroup 
servers, as well as 100 Mb/s workstations and hubs. 
As in the 100 Mb/s standard, Gigabit Ethernet uses 
the conventional Ethernet frame format and allows 
both half-duplex and full-duplex operation. For half- 
duplex operation, the CSMA/CD access protocol is 
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Figure 3 Gigabit Ethernet backbone network (adapted from William S (2004) Data and Computer Communications, 7th edn, 


Ch. 15-16. Upper Saddle River, NJ: Pearson Education). 


equipped with two additional features. The first 
feature, known as carrier extension, extends the 
propagation time of short frames by adding nondata 
symbols to the end of frames. The minimum length of 
a frame for Gigabit Ethernet is 512 bytes as opposed 
to the specified minimum of 64 bytes in the preceding 
two standards. The second feature, known as frame 
bursting, allows a node to transmit multiple consecu- 
tive frames, up to a specified maximum, without 
having to undergo the contention process for each 
transmission. Both features improve the efficiency of 
the protocol. 

There are two optical-fiber transmission medium 
specifications for Gigabit Ethernet. The short 
wavelength option, denoted 1000BASE-SX, is for 
850 nm transmission. Specified maximum link dis- 
tances are 275 m using 62.5 jm MME, and 550 pm 
using 50 ym MMF. The long wavelength option, 
denoted 1000BASE-LX, is for 1310nm trans- 
mission. Achievable duplex link distances are 
550m using 62.5 um or 50 um MME, and 5 km 
using 10 pm SMF 


IEEE 802.3 10 Gb/s Ethernet (10GbE) 


The Ethernet standard was extended to incorporate 
10 Gb/s (10GbE) in 2002, fueled by ever-increasing 
Internet traffic and bandwidth intensive applications. 
10GbE fulfills not only LAN specifications, but also 
metropolitan and wide-area network specifications. 
It is envisioned that with the emergence of 
10GbE metropolitan and wide-area networks, the 
deployment of 10OGbE LANs will enable a seamless 
transport of Ethernet frames across different network 


boundaries, thus simplifying network management 
and optimizing operational costs. 

Unlike its predecessor standards, the physical layer 
options for 10GbE include only the optical-fiber 
transmission medium and allow only for full-duplex 
operation. Four specifications are defined for 10GbE. 
10GBASE-S is designed for 850 nm transmission on 
63.5 wm MME, while 1OBASE-L and 10BASE-LE use 
10 ym single mode fiber (SMF) for 1310 nm trans- 
mission and 1550 nm transmission, respectively. The 
corresponding maximum achievable distances are 
300 m, 10 km, and 40 km, respectively. An alterna- 
tive specification, 10GBASE-LX4, is designed for 
wavelength division multiplexed (WDM) trans- 
mission links. The specification caters for four 
2.5 Gb/s transmission channels within the 1270- 
1355 wavelength region on either 10 um SMF, 50 pm 
MME, or 62.5 wm MMF. Single-mode transmissions 
can reach distances of up to 10 km, while multimode 
transmissions can reach distances up to 300 m. The 
characteristics of these physical layer specifications 
are summarized in Table 2. 


Fiber Distributed Data 
Interface (FDDI) 


Overview 


The Fiber Distributed Data Interface (FDDI) standard 
was developed by the Accredited Standards Commit- 
tee X3T9.5, and approved by both ANSI (American 
National Standards Institute) and ISO (International 
Standards Organization) in 1989. While not as 
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Table 2. Summary of IEEE 802.3 physical and MAC layer specifications for 10 Gb/s Ethernet 





10GBASE-S 10GBASE-L 10GBASE-E 10GBASE-LX4 

Data rate 10 Gb/s 10 Gb/s 10 Gb/s 4x 10 Gb/s 
Transmission 850 nm 1310 nm 1550 nm 1270 nm to 1355 nm 

wavelength 
Transmission 62.5 wm MMF pair 10 pm SMF pair 10 pm SMF pair 10 um SMF or 50 pm, 

medium 62.5 wm MMF pair 
MAC protocol Switched Switched Switched Switched 

(full duplex) (full duplex) (full duplex) (full duplex) 
Loop back Link 
failure 





Transmission and reception 
on primary ring 


(a) 


Both primary and 
secondary rings in use 


(b) 


Figure 4 (a) FDDI ring network. (b) Use of secondary ring for protection against link failures. 


widely deployed as the Ethernet family of LANs, due 
to the high cost of equipment and devices, it 
remains as the first to be standardized for high- 
speed fiber-optic LAN applications and is now 
mainly used to interconnect existing FDDI- 
compatible LANs. Extensions have been made to 
the FDDI standard to incorporate single-mode 
fiber operation for increased signal reach. 

FDDI specifies a dual counter-propagating ring 
network as shown in Figure 4a. Each ring operates at 
the speed of 100 Mb/s, and can reach a maximum 
length of 100 km. The dual ring topology is self- 
healing against fiber-cuts and node failures. Under 
normal operation, frame transmission and reception 
are performed ona primary ring. The secondary ring is 
utilized to form a closed loop when a node or link 
failure occurs, as illustrated in Figure 4b. In FDDI, the 
interface between each node and the optical-fiber 
transmission medium is a repeater. Data frames, each 
of which carries its source and a destination address in 
a defined field in the frame header, are transmitted 
sequentially around the ring from one repeater to 
another. Each frame can vary in length by up to 4550 
bytes. Each repeater copies the destination address 
field of all incoming frames and, upon recognizing the 
destination address as its own, additionally copies 


the remainder of the frame. The repeater attached to 
the source node also facilitates the removal of frames it 
has transmitted after a round-trip propagation around 
the ring. 

FDDI employs a distributed timer-controlled, 
token-passing mechanism, referred to as timed 
token rotation protocol, to control access to the 
shared optical fiber ring. While Ethernet-based 
LANs are highly suited to support throughput 
sensitive services which can sustain reasonable 
delay in return for high throughput, FDDI provides 
an additional capability to support delay sensitive 
services such as packetised voice and video. For 
such services, frames must be received within a 
certain time interval for quality of service require- 
ments. A node connected to an FDDI network can 
therefore transmit both classes of services: the 
former referred to as burst traffic and the latter as 
stream traffic. In addition, the timed token rotation 
protocol can limit the amount of frames that can be 
transmitted by a particular node for each class of 
service, ensuring efficient and fair network access 
amongst all nodes and services. FDDI is thus well- 
suited to carry the mixture of burst and stream 
traffic expected in a backbone network which 
supports a number of smaller LANs. 
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"Ohms Adjust" is also called "ZERO SET" 
The sensitivity of this meter is 20,0000hms/volt 
on the DC ranges and 5k/v on the AC ranges 





Before taking a resistance reading (each time, for any of the Ohms scales) you 
need to "ZERO SET" the scale, by touching the two probes together and adjust the 
pot until the needle reads "0" (Swings FULL SCALE). If the pointer does not reach 
full scale, the batteries need replacing. Digital multimeters do not need "zero 
adjustment." 
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ANALOGUE Vs DIGITAL 


You cannot say one meter is better than the other because BOTH have advantages 
and disadvantages. 

An analogue multimeter is the "old style" and it puts a load on a circuit and this 
may change the reading to give an incorrect readout, but it has the advantage of 
the needle moving across the scale fairly quickly so you can sometimes see if the 
voltage is fluctuating. 

It also gives a more-accurate result in some high frequency circuits as it does not 
pick up stray fields and produce a false reading. 

Digital meters put almost no load on a circuit and produce accurate readings from 
both low-impedance and high-impedance circuits. 

Digital meters can display very low resistances. 

You must remember to turn a Digital meter OFF to prevent the battery going flat. 


If you are testing a circuit containing a high-frequency oscillator, use BOTH an 
ANALOGUE and DIGITAL meter to check the reading. Sometimes the leads of a 
Digital multimeter will pick up signals and create a false reading. 

Sometimes you will get a voltage reading with a Digital multimeter due to a high 
resistance leak and a zero reading with an Analogue meter. This is why you need 
BOTH meters. 
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MEASURING VOLTAGE 


Most of the readings taken with a multimeter will be VOLTAGE readings. 

Before taking a reading, you should select the highest range and if the needle does 
not move up scale (to the right), you can select another range. 

Always switch to the highest range before probing a circuit and keep your fingers 
away from the component being tested. 

If the meter is Digital, select the highest range or use the auto-ranging feature, by 
selecting "V." The meter will automatically produce a result, even if the voltage is 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page7.html 6/28 





OPTICAL COMMUNICATION SYSTEMS / Local Area Networks 421 





MAC Protocol 


Token-passing mechanism 

In FDDI, access to the shared transmission medium is 
governed by a timed token rotation protocol. A token 
is a special frame created during network (re)- 
initialization by a pre-assigned node. The token 
circulates the ring network and gives the node that 
holds it the right to transmit. Figure 5 gives an 
example of a single frame transmission from Node A 
to Node C, and from Node B to Node A. Node A has 
a frame to transmit to Node C and thus waits for a 
token (Figure 5a). Upon recognizing that a token 
frame is passing through, it aborts the token 
transmission without regenerating the token bits. 
After Node A has completely received the token, the 
node begins transmitting frame FA addressed to Node 
C, and appending a new token upon completion 
(Figure 5b). Meanwhile, Node B regenerates and 
retransmits FA as it circulates past. When FA reaches 
Node C, the node copies FA in addition to regenerat- 
ing and retransmitting FA. Node B captures the token 
issued by A and transmits FB to Node A (Figure Sc). 
Eventually FA recirculates back to its originating 
node, Node A, whereby it is removed from the ring 
(Figure 5d). At the same time, Node B finishes 
transmitting FB and releases the token. Nodes C 
and D, with no frames to transmit or receive, 
regenerate and retransmit both FB and the token. 
When FB reaches Node A, it is copied by the node. 
Node A also regenerates and retransmits both FB and 
the token. FB is finally removed from the ring by 
Node B (Figure Se), and the token remains in the ring 


(a) (b) 


to be received by the next node with a frame to 
transmit (Figure 5f). 

Aside from source and destination address fields, 
each dataframe also contains a frame status field 
which comprises error detected (E), address recog- 
nized (A), and frame copied (C) indicator bits. Each 
node can check passing frames for errors and can set 
the E indicator if an error is detected using the 
standard cyclic redundancy check procedure. If a 
node detects its own address, it sets the A indicator, 
and upon copying the frame, the station may also set 
the C indicator. When a dataframe recirculates back 
to its source node, the indicator bits are examined. If 
both A and C are not set, then the destination node 
does not exist or is inactive. On the other hand, if the 
frame has not been copied by an active destination 
node or an error has been detected, higher control 
layers are notified for future retransmission. 


Time-controlled mechanism 

FDDI uses a time-controlled mechanism to prevent 
nodes from dominating the network capacity. During 
initialization, a target token rotation time (TTRT) is 
established based on the shortest allowable time 
between token arrivals at each node. The same TTRT 
value is then stored at all nodes. In addition, each 
node has a maximum capacity guaranteed for the 
transmission of its stream traffic. The total trans- 
mission time of this stream traffic and the latency of 
the ring (i.e., total round-trip propagation time, the 
transmission time of a maximum length frame and 
the token frame) must never exceed the TTRT. 
During network operation, each node measures the 
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Figure 5 Fiber Distributed Data Interface (FDDI) token passing mechanism. 
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time interval between successive token arrivals, using 
a token-rotation timer (TRT). The TRT is enabled 
only upon a token arrival, and expires if the counter 
reaches the TIRT value. In turn, a late counter (LC) is 
incremented and TRT is reset to zero. The number of 
TRT expirations since a token was last received is, 
therefore, counted by LC. Any token that arrives at a 
node with a nonzero LC value is referred to as a late 
token. Likewise, an early token is one which arrives at 
a node with a zero LC value. 

The action of a node when it receives a token 
depends on whether the token is early or late. When a 
late token is received, LC is reset to zero but TRT 
continues to run. The node then transmits for the 
period of time which corresponds to the predeter- 
mined bandwidth for steam traffic transmission. The 
node is not allowed to transmit any bursty traffic 
frames. In the event of an early token reception, the 
node transfers the current value of TRT to a second 
timer, the token-holding timer (THT) but does not 
enable it. TRT is reset to zero and is enabled to track 
the next rotation of the counter. The node then 
transmits stream traffic frames for the allocated 
period of time. After that, THT is enabled and bursty 
traffic frames are transmitted until THT reaches the 
TTRT value. The THT is then reset and the node 
releases the token into the ring. The transmission of 
bursty frames may be further controlled by two 
additional mechanisms. The restricted-token mech- 
anism allows only two nodes in the network to use all 
the available bursty bandwidth, and restricts all other 
nodes to their stream bandwidth. This is facilitated by 
the use of a restricted token which is issued by one of 
the two nodes. The priority mechanism provides each 
station with the capability to transmit bursty frames 
according to eight priority levels. Each priority level 
corresponds to a different time threshold in the THT. 

Note that the time-controlled mechanism of the 
MAC protocol guarantees a maximum response time 
for the ring because, in the worst case, the time 
between the arrival of two successive tokens will 
never exceed twice the value of TTRT. Most multi- 
media applications, such as video conferencing, real- 
time video, and entertainment video can be supported 
on FDDI with stream service and a small TTRT. 
However, since the TTRT cannot be less than the ring 
latency, applications requiring time bounds less than 
twice the ring latency cannot be supported by FDDI. 
Long and continuous isochronous services which 
must adhere to strict periodic access require FDDI-II. 


FDDI-II 


FDDI-II provides the additional circuit-switching 
capability to support constant bit-rate telecommuni- 


cation applications. Like FDDI, the transmission 
bit-rate of FDDI-II is 100 Mb/s. FDDI-II can operate 
in either complete isochronous mode, complete 
packet-switching mode, or in hybrid mode in which 
both isochronous as well as bursty and stream 
services are supported. Strict periodic access required 
by isochronous services are accomplished with 
transmission opportunities repeated every 125 ws. 
At 100 Mb/s, time on the ring is divided into several 
frames, each 1562.5 bytes long. Out of the 1562.5 
bytes, 1560 bytes are used for data transmission while 
the remaining 2.5 bytes are used as interframe gap. In 
turn, the 1560 bytes are divided into 16 wideband 
channels of 96 bytes each. Each wideband channel 
thus provides a bandwidth of 6.144 Mb/s, sufficiently 
adequate for television broadcast and multiple voice 
channels. For operation in the hybrid mode, some of 
the wideband channels are allocated for packet mode 
transmission. Likewise, if complete packet-switching 
operation is required, all wideband channels are 
allocated for packet switching transmission. 


IEEE 802.6 Distributed Queue 
Dual Bus (DQDB) 


Overview 


The IEEE 802.6 Distributed Queue Dual Bus 
(DQDB) standard, finalized in 1990, specifies a dual 
bus network with an operating speed of 150 Mb/s. 
DQDB is now mainly used for MAN applications, 
although it can be readily deployed for LAN back- 
bone interconnection. Figure 6 illustrates the basic 
architecture of a DQDB network with access nodes, 
Node 1 to Node N, distributed along two counter 
propagating buses, BUS A and BUS B. Each access 
node is considered to be connected to a lower speed 
LAN. At the head end of each bus, a slot generator 
continuously generates fixed-size time slots which 
propagate along its respective bus. The contents of 
each time slot are regenerated at each access node it 
passes, and upon reaching the end of the bus, a sink 
terminal receives and removes the time slots from the 
network. Data are transported across the network 
from one access node to another in the form of fixed- 
size segments. A node transmits a segment by 
changing the contents of a passing time slot. Each 
segment needs only be transmitted on one of the two 
buses, the choice depending on the locations of the 
transmitting and receiving nodes. For example, 
referring to Figure 6, a downstream transmission 
from Node i to Node i+1 requires the use of BUS 
A. On the contrary, an upstream transmission from 
Node i to Node i — 1 uses BUS B. 
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Figure 6 Distributed Queue Dual Bus (DQDB) architecture. 
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Figure 7 Behavior of Node / during (a) idle state; and during (b) countdown state. 


MAC Protocol 


In DQDB, permission to transmit segments into the 
network is determined by a global distributed 
queueing algorithm. The algorithm allows each 
node to continuously monitor both buses, counting 
the requests and available time slots that pass by. In 
addition to maintaining a global first-in-first-out 
queue (DQ) for each bus, the algorithm relies on 
information in the header of time slots, namely the 
BUSY and REQ fields, and counters at the access 
nodes to coordinate transmissions. A ‘BUSY = 0’ 
field represents the availability of a time slot for the 
transport of a segment. For example, time slots 
generated at the head end of each bus have default 
‘BUSY = 0’ and ‘REQ = 0” fields. The BUSY field 
is set to 1 when a segment is transmitted into an 
available time slot. 

The REQ field is used in conjunction with 
the counters to inform nodes of an impending 


transmission from downstream. To simplify the 
explanation, consider only packets propagating on 
BUS A. A node wishing to transmit a segment 
downstream needs to queue the segment in the 
appropriate DQ. The node with an impending 
transmission must then notify all upstream nodes 
that it has inserted a segment in the DQ so that an 
available time slot can be reserved for the trans- 
mission. This is accomplished by setting the first time 
slot propagating in the opposite bus, BUS B, with 
REQ = 0 to REQ = 1. As such, the node maintains 
the outstanding segments in the DQ belonging to 
downstream nodes via the value in the REQ field. 
To illustrate, Figure 7a shows an arbitrary node, 
Node i, in an idle state, whereby the node has no 
segments to transmit downstream on BUS A. With 
every ‘REQ = 1’ observed on BUS B, a request 
counter, REQ_CNT is incremented by one. However, 
with every empty slot, i.e., ‘BUSY = 0’, observed on 
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Table 3 Comparison of standardized local area networks 





Ethernet Fast Gigabit 10GbE FDDI DQDB 
Ethernet Ethernet 
Data rate 10 Mb/s 100 Mb/s 1 Gb/s 10 Gb/s 100 Mb/s 150 Mb/s 
MAC protocol CSMA/CD CSMA/CD or CSMA/CD Switched Timed token Distributed 
Switched or Switched technique rotation queue 
technique technique 
Standard IEEE 802.3 IEEE 802.3 IEEE 802.3 IEEE 802.3 ANSI-FDDI IEEE 802.6 


the BUS A, REQ_CNT is decremented by one. When 
Node i has a segment to transmit, it enters the 
countdown state as illustrated in Figure 7b. The 
value in REQ_CNT is transferred into an independent 
countdown counter, CD_CNT, and REQ_CNTis reset 
to zero. Node ialso sets ‘REQ = 1’ inthe opposite bus, 
BUS B. As in the idle state, each ‘REQ = 1’ observed 
on BUS B increments REQ CNT while each 
‘BUSY = 1’ observed on BUS A decrements it. When 
CD_CNT reaches zero, Node i transmits its segment in 
the first time slot with ‘BUSY = 0’ on BUS A and sets 
‘BUSY = 1’. The node returns to the idle state if there 
are no other segments to transmit. The algorithm 
allows the node to determine the number of time 
slots reserved by downstream nodes and the time 
to transmit a segment into an available time slot. 
Note that both the idle and countdown states are 
replicated for transmissions on BUS B. 

The DQDB standard also specifies a limited 
support of isochronous services. Nodes which pro- 
vide and receive such services are reserved a certain 
amount of time slots which are indicated with 
additional header information. The remaining time 
slots are used by all other access nodes for the 
transport of packet-switched traffic, and access to 
these time slots is managed by the global distributed 
queueing algorithm. A priority mechanism based on 
using multiple DQs, each with a different priority 
level, may also be implemented to guarantee access to 
certain segments in the network. 


Summary 


Due to the explosive demand for high-bandwidth 
applications, fiber-optics has become an essential 
technology in LANs. Table 3 compares the various 
fiber-optic LAN standards discussed in this article. 
The Ethernet family remains the most prevalent of 
LAN technologies. Its widespread use is contributed 
by the availability of low-cost chipsets, mature and 
familiar management and analysis tools. The future 
of fiber-optic LANs operating beyond 10 Gb/s 
will depend upon WDM solutions. The current 
usage of one transmission channel per network is 
impeded primarily by the limitation of the speed of 


electro-optic conversion, and thus does not fully 
exploit the massive transmission bandwidth of the 
optical fiber. With WDM, multiple transmission 
channels are concurrently transmitted on a single 
optical fiber, thereby greatly increasing the capacity of 
an optical LAN. Ongoing research efforts have been 
directly towards advancing WDM component tech- 
nology and addressing prevailing issues such as 
polarization control, chromatic dispersion, and 
four-wave mixing among others. 


List of Units and Nomenclature 


CD_CNT countdown counter 

CSMA/CD carrier-sense multiple access with 
collision detection 

DQ global first-in-first-out queue 

DQDB distributed queue dual bus 

FDDI fiber distributed data interface 

LAN local area network 

LC late counter 

MAC medium access control 

MAN metropolitan area network 

MMF multimode fiber 

REQ CNT request counter 

SMF single mode fiber 

TDMA time division multiple access 

THT token-holding timer 

TRT token rotation timer 

TIRT target token rotation timer 

WDM wavelength division multiplexing 

See also 
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Introduction 


As the demand for bandwidth continues to grow, 
driven by the massive increase in Internet usage, so 
will the necessity to have communications networks 
that can handle very high data rates. The use of optical 
fiber networks is the clear choice for such systems 
given the huge available bandwidth of the fiber 
transmission medium. However, in a basic optical 
communication system comprising a laser transmitter, 
an optical fiber transmission medium, and a receiver, 
the capacity is essentially limited by the speed at 
which light can be modulated at the transmitter. To 
overcome this limitation, which is basically due to the 
speed of available electronics, it is necessary to use 
optical multiplexing techniques, and one such tech- 
nique, known as optical time division multiplexing 
(OTDM), will be the subject of this article. 


Principles of Time Division 
Multiplexing 


Time division multiplexing (TDM) has long been the 
traditional method for electrically combining infor- 
mation channels. If we take the most fundamental 
data rate to be that of a simple voice call at 64 kbit/s, 
then the transmission of data at higher bit rates is 
achieved by electrically multiplexing a large number 
of 64 kbit/s channels in the time domain. With the 
evolution of standards, a number of different data 
rates have been specified as standard transmission 
rates. In Europe the synchronous digital hierarchy 
(SDH) has a basic data rate of 155.52 Mbit/s, which 
is known as the synchronous transport module - 
Level 1 (STM-1). This particular data rate is 
essentially obtained by electrically multiplexing over 
2000 voice calls in the time domain (with some of the 
capacity required for overhead information). By 
subsequently multiplexing a number of STM-1 


channels together we can obtain transmission at the 
higher standard data rates of STM-4 (622 Mbit/s), 
STM-16 (2.48 Gbit/s), and STM-64 (9.88 Gbit/s), as 
outlined in Table 1. 

Figure 1 illustrates how basic electrical TDM is 
used in standard optical communication systems. 
Clearly as we approach the higher data rates of 
STM-64, a serious level of electrical multiplexing is 
required, and as the data rates increase so does the 
cost and complexity of the electrical equipment at 
the transmitter and receiver. Indeed the present state 
of the art in electronics seems to suggest 40 Gbit/s 
as the limit for electrically multiplexed communi- 
cation systems. However, as we stated earlier, 
communications traffic has been growing explo- 
sively over the last decade and will continue to do 
so. In order to meet this demand for capacity, and 
better exploit the massive available bandwidth of 
optical fiber, it is necessary to use optical multi- 
plexing techniques for communications systems. 
The two main optical multiplexing techniques 
available are wavelength division multiplexing 
(WDM) and optical time division multiplexing 
(OTDM). WDM essentially involves transmitt- 
ing data at a number of different wavelengths on 
the same fiber. Although electrical multiplexing may 
be limited to data transmission rates of around 
40 Gbit/s using one laser, by multiplexing together 
N different wavelength channels each carrying 
40 Gbit/s, we can achieve overall data rates up to 
and beyond a terabit/s. 

The second of these optical multiplexing tech- 
niques, OTDM, is the subject of this article. Whereas 
WDM multiplexes optical data channels in the 


Table 1 Standard data rates for SDH transmission systems 





SDH standard Data rate (Mbit/s) 
STM-1 155.52 

STM-4 622.08 
STM-16 2488 

STM-64 9953 

STM-256 39 813 
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Figure 2 Basic configuration for an OTDM transmission system comprising transmitter, transmission fiber, and receiver. 


wavelength domain, the basic principle of OTDM 
communications is to increase the system capacity by 
multiplexing optical data channels in the time 
domain. This multiplexing is usually achieved by a 
process known as bit-interleaving. This process can 
be explained by considering Figure 2, which shows a 
basic schematic of an OTDM based transmission 
system. The main component of the overall system is 
a source of ultrashort optical pulses (pulse duration 7) 
at a certain repetition rate, R. The optical pulse 
source is initially split into N channels using a passive 
fiber coupler, and each pulse train is subsequently 
modulated by electrical data which is at a data rate 
of R. The resulting output from each modulator is 
essentially an optical data channel where the data are 
represented using ultrashort optical pulses (return-to- 
zero data format). The data from each modulator 
then passes through a fixed fiber delay line which 
delays each channel by a time equal to 1/RN relative 
to its adjacent channel (as shown in Figure 2). The N 
modulated and delayed optical data channels are then 
recombined in another passive fiber coupler to form 


the OTDM data signal. We can consider that the 
delay lines essentially assign each data channel to a 
specific bit slot (of width 1/RN) in the overall 
multiplexed signal. The multiplexed data signal may 
then be transmitted over optical fiber before arriving 
at the receiver which is responsible for demultiplexing 
the optical signal into its discrete channels. 

The duration of the optical pulse source is 
extremely important in determining the maximum 
overall data rate which can be achieved. The overall 
data rate is basically defined by the temporal 
separation between channels in the multiplexor, but 
in order to avoid cross-channel interference, this 
separation must be significantly greater than the pulse 
duration. Thus to increase the overall data rate we 
must use shorter optical pulses. However, as we 
reduce the optical pulse width to raise the data rate 
we need to take into account the problems that may 
be encountered as this high-speed data signal 
propagates over optical fiber, and also the difficulty 
in demultiplexing a high-speed OTDM data signal. 
The following section will look in greater detail at 
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these key elements of the OTDM communication 
system, namely the optical pulse source, the 
transmission of the ultrahigh capacity signal, and 
the demultiplexing at the receiver. 


Key Elements of an OTDM 
Communication System 


Ultra-Short Optical Pulse Sources 


As stated earlier, the optical pulse source is a key 
element in any OTDM-based communication system. 
The important characteristics of the pulse source that 
will affect its usefulness in an OTDM system are the 
pulsewidth, the spectral width, and the temporal 
jitter. The pulse duration clearly has to be short 
enough to support the desired overall transmission 
rate. For example, if we wish to design an OTDM 
system with an aggregate data rate of 100 Gbit/s 
(which will have a delay of 10 ps between each 
channel in the multiplexed signal), then the pulse- 
width should normally be less the 30% of the channel 
spacing to avoid cross-channel interference (i.e. 
around 3 ps). For terabit/s OTDM systems we 
would require pulsewidths less than 0.5 ps. The 
spectral width of the pulse source is also important, 
as it will have a major impact on how the pulse will 
evolve during propagation in the fiber. A standard 
figure of merit which is employed is the time- 
bandwidth product, and ideally we require the pulse 
source to be transform limited, which implies that 
the spectral width is as small as possible for the 
associated pulsewidth. The impact of temporal jitter 
on the pulses can be easily understood by considering 
the above example of a 100 Gbit/s system, employing 
3 ps pulses, with the multiplexed channels spaced by 
10 ps. Obviously if the jitter on the pulses becomes 
significant in relation to the channel spacing, then this 
can also lead to interference between adjacent 
channels in the overall OTDM system. A large 
number of techniques have been employed to develop 
ultrashort pulse sources suitable for use in 
OTDM systems, but the three main methods which 
will be described below are active mode-locking, 
gain-switching, and external modulation of a CW 
light signal. 

Active mode-locking of laser diodes normally 
involves modulating the amplitude of the optical 
field inside the laser cavity at a frequency which is 
equal to the mode spacing of the laser. This can be 
achieved by applying an electrical sinusoidal signal at 
the correct frequency, and results in the generation of 
optical pulses at the repetition rate of the applied 
signal. This technique has been successfully 
employed in the generation of subpicosecond pulses 


at repetition rates up to and beyond 40 GHz, with 
excellent spectral and temporal jitter characteristics. 
However, an inherent problem in all mode-locked 
pulse sources is the difficulty in synchronizing the 
mode-locked frequency to a specific SDH standard 
data rate. 

Gain switching of semiconductor laser diodes is 
probably the simplest and most reliable technique to 
generate optical pulses. The technique, which is 
presented in Figure 3, involves applying a_high- 
power electrical pulse (or electrical sinusoidal signal) 
to the laser in conjunction with a certain bias current. 
By ensuring that the electrical pulse signal and the 
bias signal have the correct level, the relaxation 
oscillation phenomenon of the laser results in the 
production of optical pulses with durations between 
10 and 30 ps, at the repetition rate of the applied 
electrical signal. The frequency of the electrical signal 
applied to the laser is essentially arbitrary (provided it 
is not larger than the modulation bandwidth of the 
diode), thus making it straightforward to synchronize 
the optical pulse train to a SDH line-rate. The main 
problem with this technique is that the spectral width 
of the pulses generated is such that the pulses are far 
from transform-limited, which would affect their 
subsequent propagation in the fiber. In addition, 
temporal jitter on gain-switched pulses can also be a 
problem. However, by using novel arrangements such 
as external injection into the gain-switched laser, this 
difficulty can be overcome. 

The third pulse generation technique mentioned 
above involves external modulation of a cw light 
signal with an electro-absorption modulator. The 
experimental configuration for this pulse generation 
technique is shown in Figure 4. By biasing the 
modulator around its null point, and applying an 
electrical sinusoidal signal to it, the cw light passing 
through the modulator becomes shaped into optical 
pulses. The optical pulse train which is generated due 
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Figure 3 Pulse generation using the gain-switching technique 
followed by pulse compression. 
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Figure 4 Pulse generation based on shaping of cw light using the nonlinear response of an external modulator biased about its 


null point. 


the nonlinear response of the electro-absorption 
modulator is at a repetition rate of twice the applied 
electrical signal. The pulses generated are normally 
transform limited with extremely low temporal jitter, 
and the repetition rate is arbitrary as in the gain- 
switching technique (with the limit being ultimately 
determined by the modulation bandwidth of the 
modulator). This method may be readily used to 
generate pulses at repetition rates up to 40 GHz with 
pulsewidth around 5 ps, and it has the advantage that 
the optical source and the modulator can be 
integrated in a single device to form a compact 
pulse source suitable for OTDM communication 
systems. 

It should also be noted that in addition to the 
various techniques that have been outlined, it is 
possible to use pulse compression in order to reduce 
the pulse width. The main issues concerned with pulse 
compression are the shape and spectral width of the 
optical pulses after compression. One of the most 
attractive methods of achieving pulse compression 
involves using nonlinear compression in dispersion- 
decreasing fiber, with the main advantage of this 
technique being the ability to maintain a transform 
limited pulse after compression. By employing this 
compression scheme, optical pulse sources at 10 GHz 
with pulsewidths below 200 fs have been developed, 
and such pulsewidths would be suitable for use in 
Tbit/s OTDM systems. 


Transmission of an OTDM Signal over Fiber 


The transmission performance of an OTDM data 
signal is vital in determining the distance over which 
the data can be transmitted successfully. The main 
fiber parameters, which will affect the signal trans- 
mission, are attenuation and dispersion. If we 
consider OTDM systems operating at a wavelength 
of around 1550 nm (minimum loss wavelength), to 
overcome the fiber attenuation and maintain a 
suitable optical power budget for the system, optical 


amplifiers are normally employed. If we thus assume 
that the amplifiers overcome the fiber loss problem, 
then the maximum transmission distance will be 
limited by the fiber dispersion. In a very basic OTDM 
system operating at 1550 nm, with transmitter and 
receiver linked using standard fiber (dispersion 
parameter of about 16 ps km! nm‘), the maximum 
transmission distance will be limited by the overall 
data rate, and the pulsewidth and spectral width of 
the optical pulse source. For example, consider a 
40 Gbit/s OTDM data signal which is formed using 
8 ps optical pulses with a spectral width of 40 GHz 
(0.32 nm). From the spectral width we can calculate 
the signal broadening due to dispersion to be around 
5 ps km ', and as the pulses broaden and spread into 
adjacent channels of the OTDM signal then this 
interference will make it increasingly difficult to 
correctly detect the signal at the receiver. In this 
case after propagation through 5 km of fiber, the 
signal pulses will have already dispersed to around 
25 ps duration, the same value as the temporal bit slot 
into which each channel is placed. This will clearly 
result in serious loss of signal integrity. A straightfor- 
ward possibility to increase the transmission distance 
of OTDM systems is to employ dispersion shifted 
fiber; the dispersion parameter is now around 
1-2 pskm™' nm‘, at an operating wavelength of 
1550 nm. This reduction in dispersion will obviously 
increase the allowed transmission distance by about 
an order of magnitude for the example described 
above. However, to develop ultrahigh-speed, long- 
haul OTDM communications we require more 
complex transmission schemes. Two possibilities for 
this include dispersion compensation, and soliton 
transmission techniques. 

Dispersion compensation basically involves com- 
pensating for the dispersion that has been encoun- 
tered during transmission by using some fiber with a 
total dispersion of opposite sign but equal magnitude 
to the transmission fiber. Dispersion compensation 
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may also be achieved using a suitably designed fiber 
grating. For a long-haul OTDM system, a dispersion 
compensator may be used every 50 or 60 km, in 
conjunction with the optical amplifier, thus allowing 
us to compensate both fiber loss and attenuation 
periodically along the link. The main limitation, 
however, with the dispersion compensation technique 
is caused by the dispersion slope of the fiber, as for 
ideal compensation it is necessary to compensate 
completely for the dispersion slope in addition to the 
overall fiber dispersion. The second technique that 
may be employed to greatly extend the transmission 
distance of high-speed OTDM communication sys- 
tems is the use of soliton transmission. The basic 
principle of soliton transmission is to use optical data 
pulses with a particular shape, pulsewidth, and peak 
power, such that as the pulse propagates, the effects of 
fiber dispersion and nonlinearity counterbalance to 
allow the signal to propagate undistorted. By using 
optical amplifiers to ensure that the optical pulse peak 
power does not vary too much along the transmission 
link, OTDM transmission at data rates greater than 
100 Gbit/s, over distances approaching 500 km have 
been demonstrated. 


Demultiplexing of OTDM Signal at Receiver 


For OTDM communication systems with data rates 
above 40 Gbit/s, it is not feasible to use electrical 
switching. Indeed for ultrahigh-speed systems 






OTDM signal Coupler 


operating at 100 Gbit/s and beyond, the only solution 
for demultiplexing is to use all-optical switching in 
which optical control signals are used to switch the 
OTDM data signal. All-optical switches normally use 
nonlinear optical effects either in optical fiber or 
semiconductors. A typical scenario (as presented 
in Figure 5) involves the injection of both the 
OTDM data signal and an optical control signal 
into the nonlinear device. The control signal 
consists of high-power ultrashort pulses at the repe- 
tition rate of the individual channels within the 
temporally multiplexed signal, and by synchronizing 
it with one of the OTDM channels it is possible to 
demultiplex this channel from the high-speed OTDM 
signal. 

Two of the most popular all-optical demultiplexers 
are the nonlinear optical loop mirror (NOLM), and 
the terahertz optical asymmetric demultiplexer 
(TOAD). The NOLM is based on the nonlinear 
refractive index of optical fiber. It essentially 
consists of a 2 X 2 fiber coupler with its two outputs 
joined using a certain length of fiber. When an OTDM 
signal is injected into an input port of the coupler, it 
splits into two counterpropagating components in the 
fiber loop, and when these components recombine 
and interfere at the coupler, the overall signal is 
output through its initial input port. If we now inject 
a high-power control signal directly into the loop, 
such that it propagates unidirectionally, and is 
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Figure 5 Configuration of OTDM demultiplexers using (a) an interferometer based on nonlinear phase shift in fiber or semiconductor 
optical amplifiers, and (b) four-wave mixing in fiber or semiconductor optical amplifiers. 
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synchronized with one of the OTDM data channels, 
then the phase shift induced by the control on the 
copropagating signal channel (via the nonlinear 
refractive index of the fiber) results in that particular 
channel being switched out to the second input port 
of the coupler. The remaining data channels of the 
OTDM signal are once again output through the 
same port that they entered the coupler. As this 
particular nonlinear effect in fiber (known as the Kerr 
effect) has a femtosecond response time, it should be 
possible to realize extremely high-speed switching 
with the NOLM. Demultiplexing at data rates in 
excess of 100 Gbit/s has already been achieved 
using this technique. One disadvantage of this 
method is that the nonlinear index coefficient of 
standard fiber is very small, so in order to achieve the 
required phase shift from the control pulse, it is 
necessary to use a fiber loop of around 1km in 
length (depending on the power of the control pulse 
used). This length may affect the overall stability of 
the demultiplexer and its ability to be readily 
integrated into high-speed OTDM systems. However, 
it should be noted that recent developments in the 
design of high-nonlinearity fibers may reduce this 
problem. 

The second all-optical switch mentioned above is 
known as a TOAD. Whereas the NOLM is based on 
the nonlinear refractive index of the fiber, the TOAD 
is based on a nonlinear optical effect in semiconduc- 
tor optical amplifiers (SOA). The overall setup for a 
TOAD is very similar to that for a NOLM, except 
that a semiconductor amplifier, as shown in Figure 5, 
replaces the length of fiber in the loop. As for the 
NOLM, the OTDM data signal is injected into the 
TOAD using one input of the coupler, such that it 
splits into two counterpropagating signals, while the 
control signal propagates unidirectionally in the loop 
containing the SOA. By synchronizing the control 
with one channel in the OTDM signal, this particular 
channel is switched out. Although the response time 
of a TOAD-based switch may not be as fast as the 
NOLM, it does have the major advantage that it can 
be developed into a very compact demultiplexer, 
suitable for deployment in OTDM-based communi- 
cation systems. 

In addition to the NOLM and the TOAD 
structures, which are both interferometric-based 
switches, it is also possible to use four-wavemixing 
(FWM) in optical fiber or semiconductor optical 
amplifiers to carry out the demultiplexing of OTDM 
signals. In this case, the high-power control pulse is 
synchronized with one of the OTDM channels such 
that the wavelength of this channel is shifted as it 
passes through the nonlinear device. Optical filtering 


may then be used to select out the demultiplexed 
channel. 

As we discussed in the section on demultiplexing, 
whatever specific all-optical switching technique is 
employed, we need to generate an optical clock signal 
for use as the control pulses. This implies that it is 
necessary to extract a clock at the base rate of the 
individual data channels from the high-speed OTDM 
signal. Depending on the base data rate, which may 
be anywhere from 2.5 to 40 Gbit/s for typical OTDM 
systems, different clock recovery techniques have 
been demonstrated. These range from basic electronic 
clock recovery schemes to more advanced techniques 
based on self-pulsating laser diodes and optical phase- 
locked loops. 


OTDM Networking Issues 


The previous section has predominantly dealt with 
the basic elements required to implement a high- 
speed OTDM transmission link. However, if we are 
to use OTDM technology for high-speed networking, 
then additional elements will be required. One of the 
most important of these is an add/drop multiplexer 
(ADM). The ADM allows us to switch out one 
channel from the OTDM signal, and then insert 
another data channel for transmission in the vacant 
bit slot. If we consider employing OTDM in a ring 
configuration network, then a typical architecture for 
the network will be as shown in Figure 6. The high- 
speed OTDM data signal propagates around the 
closed fiber loop, and each node in the network is 
responsible for switching out the data it requires, in 
addition to inserting the data it wishes to transmit 
onto the fiber ring. Add/drop multiplexing is 
thus imperative in developing such an OTDM 
ring network. 

The configuration for each node in an OTDM ring 
network is shown in Figure 7. At each node it is 
initially necessary to recover the base rate clock 
signal. The recovered clock is then used in conjunc- 
tion with the OTDM signal to switch out the required 
data channel from the multiplexed signal. When an 
add/drop multiplexer is used for this purpose we 
obtain two outputs, one being the demultiplexed 
data, and the other being the OTDM signal less the 
switched-out data channel. A simple fiber coupler can 
subsequently be used to allow this particular node to 
insert the data it wishes to send into the free bit slot of 
the overall OTDM signal. This obviously requires 
control of the relative delay between the OTDM 
signal and the local data channel to be inserted onto 
the fiber ring, to ensure that the local data are inserted 
into the vacant bit slot. A number of techniques have 
been used for implementing add/drop multiplexers in 
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AC or DC. 

If the meter is not auto-ranging, you will have to select V= if the voltage is from a 
DC source or Y~ if the voltage is from an AC source. DC means Direct Current (but 
this does not mean you select the CURRENT range - you are taking a voltage 
reading that is not rising and falling. That's why we say it is DC and do not say the 
words "direct current"). The voltage is coming from a battery or supply where it is 
steady and not "rising and falling." 

You can measure the voltage at different points in a circuit by connecting the black 
probe to chassis. This is the Ov reference and is commonly called "Chassis" or 
"Earth" or "Ground" or "Ov." 

The red lead is called the "measuring lead" or "measuring probe" and it can 
measure voltages at any point in a circuit. Sometimes there are "test points" on a 
circuit and these are wires or loops designed to hold the tip of the red probe (or a 
red probe fitted with a mini clip). 

You can also measure voltages ACROSS A COMPONENT. In other words, the reading 
is taken in PARALLEL with the component. It may be the voltage across a transistor, 
resistor, capacitor, diode or coil. In most cases this voltage will be less than the 
supply voltage. 

If you are measuring the voltage in a circuit that has a HIGH IMPEDANCE, the 
reading will be inaccurate, up to 90% !!!, if you use a cheap analogue meter. 


Here's a simple case. 

The circuit below consists of two 1M resistors in series. The voltage at the mid point 
will be 5v when nothing is connected to the mid point. But if we use a cheap 
analogue multimeter set to 10v, the resistance of the meter will be about 100k, if 
the meter has a sensitivity of 10k/v and the reading will be incorrect. 

Here how it works: 

Every meter has a sensitivity. The sensitivity of the meter is the sensitivity of the 
movement and is the amount of current required to deflect the needle FULL SCALE. 
This current is very small, normally 1/10th of a milliamp and corresponds to a 
sensitivity of 10k/volt (or 1/30th mA, for a sensitivity of 30k/v). 

If an analogue meter is set to 10v, the internal resistance of the meter will be 100k 
for a 10k/v movement. 

If this multimeter is used to test the following circuit, the reading will be inaccurate. 


The reading should be 5v as show in diagram A. 

But the analogue multimeter has an internal resistance of 100k and it creates a 
circuit shown in C. 

The top 1M and 100k from the meter create a combined PARALLEL resistance of 
90k. This forms a series circuit with the lower 1M and the meter will read less than 
lv 

If we measure the voltage across the lower 1M, the 100k meter will form a value of 
resistance with the lower 1M and it will read less than lv 

If the multimeter is 30k/v, the readings will be 2v. See how easy it is to get a totally 
inaccurate reading. 
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Figure 7 Configuration of an add/drop multiplexing node for use in OTDM-based communication systems. 


OTDM-based networks. These have used either fiber 
interferometers, or interferometers using semicon- 
ductor optical amplifiers, in which we obtain both the 
demultiplexed data signal and the OTDM signal less 
the switched-out channel (to which the local data 
channel is then added). The continuing development 
and enhancement of ADM devices for OTDM 
systems will be vital for the future implementation 
of OTDM communication systems. 


Conclusion 


In this article we have explained the main ideas 
involved in building OTDM communication systems, 
and also introduced the principal technologies which 


are required to do so. OTDM is an extre- 
mely wavelength-efficient technique for delivering 
high-capacity data signals, and it may be used both 
for long-haul transmission and networking around 
metropolitan areas. In addition, unlike WDM, it does 
not require a different wavelength source for each 
channel in the multiplexed signal. Despite these and 
other advantages, OTDM is still way behind WDM 
when it comes to commercial maturity, with no 
OTDM systems currently available in the telecom- 
munications market. However, the technologies 
required to implement high-speed OTDM systems 
(outlined in Table 2), including ultrashort pulse 
sources, clock extraction circuitry, and demultiplex- 
ing devices, are developing rapidly. It therefore seems 
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Table 2 Main elements of an OTDM communications system 


Device Principal function 


Technical implementation 





Optical pulse source 


Multiplexer 


Optical amplifier 


Transmission fiber 


Clock recovery 


in demultiplexing 
Demultiplexer 
OTDM signal 


Add/drop demultiplexer 


slot for transmission 


likely that in the future, OTDM technology may be 
used for enhancing the overall capacity of optical 
communication systems. 

One possibility for employing OTDM systems 
would be for upgrading installed WDM networks. 
The current method for improving WDM networks 
involves using more wavelength channels, but it may 
also be feasible to increase the overall capacity by 
developing hybrid WDM/OTDM communications 
systems. In such a system, each wavelength channel 
may carry aggregate data rates in excess of 
100 Gbit/s, achieved using OTDM. The design of 
these hybrid networks would permit switching of the 
optical data signals to be carried out at two different 
levels in the overall network. The WDM signals could 
be switched coarsely using passive filtering devices, 
and the OTDM data channels could be switched with 
fine granularity using one of the all-optical switching 
techniques available. 


List of Units and Nomenclature 


Dispersion [ps km~! nm~'] 

Transmission [bits ‘] 

data rate 

ADM Add drop multiplexer 

CW Continuous wave 

FWM Four-wave mixing 

NOLM Nonlinear optical loop mirror 
OTDM Optical time division multiplexing 
SDH Synchronous digital hierarchy 
SOA Semiconductor optical amplifier 
STM Synchronous transport module 


Generate ultrashort optical pulses suitable for 
transmission in high-speed OTDM systems 

Multiplex individual pulse data channels 
in the temporal domain using appropriate 
delays to achieve an OTDM signal 

Amplify the OTDM signal during fiber 
transmission to overcome fiber loss 


Transmit the OTDM data signal from 
transmission site to required receiver 


Extract clock (at base rate of individual channels) 
from OTDM data signal at receiver, for use 


Demultiplex one of the channels from the overall 


Extract one channel from OTDM data signal, 
and insert a local channel into the empty time 


Gain-switching, mode-locking, or external 
modulation techniques 

Passive couplers with fixed fiber delay 
lines, or planar waveguide circuits 
(for accurate control of delays) 

Fiber doped with rare earth materials 
(e.g. erbium) in conjunction with 
pump laser 

Standard single-mode fiber, dispersion 
shifted fiber, or other specialty fiber 
may be used 

Electronic or optical phase-locked loops, 
self-pulsating lasers, or mode-locked 
ring laser techniques 

Interferometric or four-wave mixing 
techniques based on fiber or 
semiconductor nonlinearity 

Similar technical implementations to 
demultiplexer described above 


TOAD Terahertz optical asymmetric 
demultiplexer 

WDM Wavelength division multiplexing 

See also 


All-Optical Signal Regeneration. Optical Communi- 
cation Systems: Basic Concepts; Wavelength Division 
Multiplexing. 
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Introduction 


Wavelength division multiplexing (WDM) has 
enabled a revolution in communications technology. 
This article describes the technology, critical com- 
ponents of WDM systems, and transmission impair- 
ment and limits to transmission distance and capacity. 


Multiplexing 


There are three techniques used in fiber optics to 
multiplex the information that is transmitted from 
one point to another. The first is space division 
multiplexing (SDM), which simply consists of having 
multiple fibers in a cable or conduit. In a typical 
installation, there may be between 8 and 1000 fibers 
in parallel. The second approach is time division 
multiplexing (TDM) (see Optical Communication 
Systems: Optical Time Division Multiplexing), which 
consist of interleaving multiple data streams into one 
higher bit rate stream. For example, 672 voice 
channels (DSO) at 64 kbit/s are multiplexed into one 
T1 data stream at 1.544 Mbit/s. Eighty-four of these 
T1 channels are then multiplexed into a SONET 
(Synchronous Optical NETwork) OC-3 signal at 
155 Mbit/s. The third multiplexing approach is 
wavelength division multiplexing (WDM), which 
consists of sending multiple signals at different 
wavelengths. These signals can be used to fill up the 
entire low loss transmission band of an optical fiber 
(Figure 1). The low loss transmission band extends 
from 1200nm to 1600 nm, which corresponds to 
over 40 THz. One approach is to pack the signals 
densely together, as in dense wavelength division 
multiplexing (DWDM). This is a relatively expensive, 
but very high capacity approach. The other approach 
is to space the signals widely apart, (coarse WDM or 
CWDM) resulting in very low cost components, but 
with fairly limited transmission capacity. 


Dense Wavelength Division 
Multiplexing (DWDM) 


Most DWDM systems use multiple beams spaced at 
100 GHz spacing centered at 193.1 GHz as defined 
by an International Telecommunications Union (ITU) 
standard (Figure 2a). Some higher capacity systems 
use finer spacing, 50, 25, or even 12.5 GHz spacing to 
pack more information into the fiber. The 100 GHz 
spacing used in DWDM systems corresponds to 
0.8 nm spacing at 1.55 mm. In principle, 40 THz of 
information can be sent down an optical fiber. If high 
spectral efficiency (~1 bit/Hz) is maintained across 
the band, then this would correspond to 40 Tbit/s. 
Practical DWDM systems are limited by the band- 
width of erbium-doped fiber amplifiers (EDFAs) and 
by signal impairments discussed below. Conse- 
quently, most systems utilize a single band, typically 
the C-band extending from 1530nm to 1565 nm. 
Additionally some transmission systems use multi- 
plexers to combine other bands, typically C and L 
bands for additional transmission capability. 
The wavelength definitions are shown in Figure 1. 
Subbands are often used within a band to facilitate 
adding and dropping a group of wavelengths within a 
band. Typically 4010 Gbit/s signals spaced at 
100 GHz are used to fill the C-band. Higher capacity 
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Figure 1 Transmission spectrum of optical fiber. Also shown 
are the standard transmission bands. 
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systems with 80 to 200 wavelengths have also been 
deployed commercially. 

The historical evolution of optical transmission 
systems can be seen in Figure 3. The lower line shows 
the increasing bit rate demonstrated in experimental 
TDM systems, which began in 1978 with 45 Mbit/s 
systems and has now reached 1.28 Tbit/s. The upper 
line shows what has been demonstrated with DWDM 
with over 10 Tbit/s transmission demonstrated. 


Coarse Wavelength Division 
Multiplexing (CWDM) 


The fine frequency requirements of DWDM systems 
result in significant cost for transmitters, multiplexers 





rrr 
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Figure 2 (a) DWDM spectrum (b) CWDM spectrum. 


and other components. A low-cost approach is to 
space the colors widely apart. The ITU standard is 
20 nm spacing from 1271 to 1611 nm (Figure 2b). 
Note that the spacing is uniform in wavelength, but 
varies in frequency because the frequency spacing is 
related to the wavelength spacing by 


[1] 


The wide spacing of signal wavelengths means that 
temperature stabilization of elements is not needed 
and the yield of components is high, resulting in a 
lower-cost system. 


Point-to-Point DWDM Links 


Point-to-point DWDM links were widely deployed 
during the 1990s. The essential elements are shown in 
Figure 4, namely single frequency lasers, optical 
multiplexers and demultiplexers, optical amplifiers, 
optical add drop multiplexers (OADM), and optical 
receivers. These will be described in more detail in 
subsequent sections. Essential parts of the design of 
these links are managing the signal-to-noise ratio and 
managing the pulse broadening. With periodic 
amplification in EDFAs and dispersion compensation, 
links of 1000 km are common. The widespread use of 
forward error correction (FEC) circuits allows error- 
free transmission over a link with limited signal-to- 
noise ratio. With careful design, ultra-long-haul 
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Figure 3 Historical evolution of transmission systems. 
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Figure 4 Point-to-point WDM link. 
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(a) WDM ring network. (b) DWDM mesh networks (after Basch B, Gringeri S, Goudreault R and Ravinkumar S (2002) 


Evolution of the photonic core within metropolitan and regional networks. NFOEC. Technical Proceedings). 


transmission over 5000 km is possible, even with 
many 10 Gbit/s channels. 


DWDM Networks 


Point-to-point DWDM links are widely deployed in 
opaque networks with electronic regeneration and 
switching at nodes. The next stage in optical net- 
works is the deployment of DWDM transparent ring 
and mesh networks. An example of a simple ring 
network is shown in Figure 5a where most of the light 


signals transit nodes transparently. The OADM 
elements drop particular wavelengths at each node. 
As more wavelengths are deployed in these ring 
networks, it becomes necessary to dynamically 
reallocate wavelengths and resources. Reconfigurable 
optical add/drop multiplexers (ROADMs) and opti- 
cal switches have been developed to allow for 
dynamic transparent mesh networks (Figure 5b). 
This allows service providers to provision their 
networks remotely and quickly adapt to changing 
demand and restore vital connections when service 
interruptions occur. 
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Critical WOM Components 


The previous sections described WDM _ networks. 
This section describes in more detail the critical 
components used in these networks. 


Multiplexers/Demultiplexers 


Multiplexers (MUXs) are used to combine multiple 
wavelength channels into a single fiber. They are 
usually wavelength selective and utilize wave 
phenomena such as diffraction and interference. A 
simple cascade of 3 dB couplers is not a practical 
multiplexer since the output power decreases expo- 
nentially with channel count. Due to the reciprocity 
of electromagnetic waves, most MUXs can also serve 
as a DEMUX. For high channel count systems, a 
multistage design may be necessary to overcome the 
limitations of a single MUX/DEMUxX. This approach 
also provides a more flexible upgrading plan. In this 
case, wavelength channels can be grouped into bands 
or interleaved. Diffraction gratings and arrayed 
waveguide gratings (AWGs) are among the available 
technologies for MUX/DEMUX. 

In a diffraction grating, narrow slits or micro 
structures are spaced evenly on the grating plane and 
serve as a secondary light source for the input light. 
The transmitted or reflected light (depending on the 
design) forms a diffraction pattern on the image 
plane. The locations of peak intensity on the image 
plane depend on the wavelength and the grating 
pitch. Therefore, wavelength channels can be separ- 
ated in space and fibers can be positioned properly to 
couple individual channels. An AWG is a planar 
integrated and digitized form of diffraction grating as 
shown in Figure 6. It is usually fabricated on a silicon 
substrate with silica waveguides (silica-on-silicon). 
The input light is coupled into an array of waveguides 
with incremental difference in length. These tribu- 
taries are then combined in a free-propagating output 
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Figure 6 Schematic diagram of an AWG. 


coupler to several output waveguides. Due to the 
interference of these tributaries from the arrayed 
waveguides, different wavelength channels are 
focused to different output waveguides. 


Optical Add/Drop Multiplexer 


An optical add/drop multiplexer (OADM) provides 
critical networking capability for WDM systems. In 
an OADM, some of the wavelength channels are 
dropped from the input and are either terminated or 
routed. New channels at these wavelengths are then 
added with the through channels. This function can 
be done with the combination of a MUX and a 
DEMUX of any kind as shown in Figure 7a. 
However, if only one wavelength channel needs to 
be processed while others pass through, a simpler 
configuration can be used where a circulator drops 
the reflected wavelength from the fiber Bragg grating 
and a new channel is added with a coupler (Figure 7b). 

The two approaches described above are termed 
static since the wavelength processed is fixed. To 
enable a more flexible network, reconfigurable 
OADM (ROADM) are required, where the wave- 
lengths to be added or dropped can be dynamically 
specified. Figure 7c shows a configuration of 
ROADM based on a high port-count optical switch 
and a set of MUX/DEMUx. A tunable laser is highly 
desirable in this scenario since the wavelength of the 
added channel can be reconfigured to resolve 
wavelength contention in the network. 


Optical Amplifiers 


Erbium-doped fiber amplifiers (EDFA) (see Optical 
Amplifiers: Erbrium Doped Fiber Amplifiers for 
Lightwave Systems) provide simultaneous amplifica- 
tion of wavelength channels in the entire C-band 
(1530 to 1565 nm) and part of the L-band (1565 to 
1605 nm). EDFAs were a key enabling technology for 
the deployment of WDM systems, especially for long- 
haul transmission where costly regenerators were 
eliminated. Both 980 nm and 1480 nm pumps can be 
utilized to achieve gain in erbium-doped fibers. The 
980 nm pumps provide low-noise and high-gain 
operation while the 1480nm pumps are more 
favorable for high-output power. One of the most 
significant advantages of an EDFA over a semicon- 
ductor optical amplifier (SOA) is that crosstalk 
among wavelength channels is much smaller in 
EDFA due to a millisecond-scale spontaneous emis- 
sion lifetime. One critical issue for EDFAs is that the 
gain is not flat over the operation wavelength range 
and peaks around 1532 nm. However, this can be 
equalized by specially designed filters. 
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Figure 7 (a) A parallel OADM architecture which allows multiple simultaneous add’s and drop’s; (b) a linear OADM architecture for 
processing a single channel; (c) an ROADM which enables reconfigurable processing of multiple wavelength channels. 


Outside the gain spectrum of EDFAs, Raman 
amplifiers can be used, where the gain peak is about 
13 THz (100 nm) below the frequency of the pump 
signal. Also, Raman amplification occurs in the same 
fiber used for transmission so that it can provide a 
distributed gain over the span of the fiber, which 
results in a better signal-to-noise ratio. This is 
particularly important for ultra-long-haul trans- 
mission. A counter-propagating pump scheme is 
preferable to reduce the influence of pump noise 
and depletion. The biggest challenge for Raman 
amplifiers is the availability of high-power pump 
lasers at the required wavelengths. 


Optical Filters 


Filters can find many applications in WDM systems, 
such as in multiplexers, demultiplexers, OADM, 
receivers and optical amplifiers. Fiber Bragg grating, 
Fabry—Perot filter, and multilayer thin-film filters are 
among the most widely used filters and utilize the 
interference property of optical waves. There are 


some general requirements for filters in WDM 
systems. First, the top of the pass-band must be flat 
enough so that cascading of filters in the network does 
not lead to a significant decrease of bandwidth. In 
addition, the roll-off of the pass-band must be sharp 
so that cross-talk from other channels is minimized. 

A fiber Bragg grating has a periodic perturbation of 
refractive index made by exposing a photosensitive 
fiber to interfering ultraviolet lights. These pertur- 
bations reflect the input light as it propagates. At a 
specific wavelength, these reflected beams add in 
phase, which results in a strong overall reflection. The 
reflections at other wavelengths do not add up and 
these wavelengths will eventually pass through the 
grating. In short, the fiber Bragg grating acts as a 
wavelength-selective reflector and is usually used 
with a circulator or isolator to manage the reflected 
light. A Fabry-Perot filter is composed of two 
partially transmitting interfaces and a cavity in 
between. The underlying mechanism is similar to 
the fiber Bragg grating but the transmission is 
periodic in optical frequency. The spacing is called 
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the free spectral range, which depends on the optical 
length of the cavity. The bandwidth of the passband is 
a strong function of the reflectivity of the partially 
transmitting interfaces. A multilayer thin-film filter is 
an extended form of Fabry—Perot filter where several 
layers of dielectric reflectors are formed with dielec- 
tric cavities in between. This allows for more tuning 
dimensions in the design of the passband shape in 
order to meet the requirements of WDM systems and 
the temperature tolerance is better than other kinds of 


filter. 


Laser Sources 


Semiconductor lasers (see Lasers: Semiconductor 
Lasers) are widely used in optical communication 
because they are compact, low cost and efficient. As a 
light source for transmission, single frequency oper- 
ation is necessary for high-capacity WDM systems. 
Multilongitudinal mode lasers such as Fabry—Perot 
lasers have excess bandwidth which causes excessive 
penalty due to dispersion unless the transmission 
distance is short. They also result in crosstalk in 
DWDM systems. The most widely used single- 
frequency laser in WDM systems is the distributed- 
feedback laser (DFB), where a corrugated grating 
structure is fabricated on top of the gain region and 
only the wavelength which satisfies the Bragg 
condition can oscillate in the laser cavity and all 
other modes are suppressed. 

As WDM networks advance, tunable lasers are 
strongly desired to reduce the excessive inventory of 
fixed wavelength lasers for DWDM and also to 
provide reconfigurability in the network. One poss- 
ible structure is the distributed Bragg reflector (DBR) 
laser, in which the Bragg grating is decoupled from 
the gain region and the Bragg wavelength can be 
tuned independently by isolated current injection. 
More complicated variations of this concept such as 
the three-section DBR laser and the sampled grating 
DBR laser can provide more continuous and wider 
tuning in wavelength. 


Photonic Switches 


Photonic switches are necessary in transparent net- 
works to allow reconfigurability in networks, and 
allow rapid provisioning and fault recovery. They 
provide connectivity between rings and between 
point-to-point links without requiring the DWDM 
signal to be broken into individual wavelengths 
and to be electronically regenerated. Photonic 
switches can be used to switch fibers, wavebands, 
or individual wavelengths. They are inherently 
transparent to bit-rate and data format. A number 
of different technologies have been developed. 


iu 





Figure 8 3D MEMS optical switch. 


Microelectromechanical system (MEMS) switches 
are widely used for 2X2 protection switches, 
wavelength selective switches and for nonblocking 
crossbar switches with sizes from 8x8 to 
1024 x 1024. The technology usually used for large 
switches is called 3D MEMS switches (Figure 8), in 
contrast to 2D technologies where the optical beams 
are confined to a two-dimensional plane. 


Transmission Issues 


Chromatic Dispersion 


Chromatic dispersion (see Fiber and Guided Wave 
Optics: Dispersion) means that the group velocity, 
which is the propagation speed of an optical signal, 
changes with wavelength. Since every real pulse has a 
finite bandwidth, each slice of wavelength within this 
bandwidth propagates with a different speed and 
results in the distortion of the pulse as it propagates 
along the fiber. Depending on the sign of the 
dispersion and the initial phase distribution, the 
pulse can either be broadened or compressed. 
However, if the fiber is long and nonlinear effects 
are small, the pulses will eventually be broadened and 
result in intersymbol interference. Dispersion com- 
pensating fibers (DCFs), which have an opposite sign 
of dispersion, can be used to reverse this process and 
restore the original pulse shape. In general, it is advan- 
tageous to minimize the length of DCF by keeping the 
dispersion low. Dispersion-shifted fibers (DSF) have a 
zero-crossing of dispersion around 1.5 ~m and hence 
a reduced dispersion for the C-band. 

For a WDM system, a very low dispersion will 
result in more severe nonlinear impairments since the 
distance pulses can overlap with each other along 
the fiber is long. Nonzero-dispersion-shifted fibers 
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(NZ-DSF), which introduce a suitable amount of 
dispersion, can be used instead to solve this issue. 
Chirped fiber Bragg grating can also be used, where 
different wavelengths are reflected at different pos- 
itions in the grating so as to compensate the 
dispersion caused by transmission. It is capable of 
compensating a given amount of dispersion with a 
much shorter length when compared to DCE. For 
high channel count WDM systems, the dispersion 
experienced by each channel may be different and 
dispersion compensation needs to be implemented on 
a per-channel basis after a demultiplexer. 


Polarization Mode Dispersion 


Polarization mode dispersion (PMD) means that the 
group velocity dispersion of the two orthogonal 
polarizations in the fiber are different and cannot be 
simultaneously compensated by a single DCF. It is 
usually manifested as the splitting of a pulse at the 
receiver even after chromatic dispersion compen- 
sation and causes intersymbol interference. PMD can 
originate from the imperfections in the fiber or 
environmental factors like temperature and mechan- 
ical pressure. Therefore, the amount of PMD can vary 
with time for a given link, which means that dynamic 
compensation is necessary. Traditional electrical 
equalization after the optical signal is detected can 
be used for compensation but the highest bit-rate 
achievable is limited by the speed of electronics. 
Optical compensation is another choice. The optical 
signal is split into fast and slow components and the 
fast component is delayed properly before being 
recombined with the slow component. 


Nonlinear Impairments 


The most important nonlinear impairments for 
WDM systems are the cross-phase modulation 
(CPM) and the four-wave mixing (FWM). They are 
both third-order nonlinear effects, where the non- 
linear dielectric polarization is proportional to the 
third power of the electric field of the signal. In CPM, 
the phase of a wavelength channel can be modified by 
other channels, which increases the chirp and results 
in more dispersion penalty. On the other hand, FWM 
can generate new waves at other wavelengths, 
causing unwanted crosstalk if the generated wave 
happens to coincide with another channel. The 
existence of dispersion in fiber can help to reduce 
the effects of both impairments since the pulses at 
different wavelengths propagate at different speeds 
and walk away from each other so that nonlinear 
interactions are reduced. This is why NZ-DSF is 
preferred over DSF. Self-phase modulation (SPM) is 
another third-order nonlinearity, where the phase 


distribution of a pulse is altered by its intensity 
profile. It will lead to the distortion of the pulse. 
Other nonlinear effects include stimulated Brillouin 
scattering and stimulated Raman scattering. Both 
originate from the interactions of phonons and 
photons in the fiber and cause power fluctuations at 
different wavelengths. 


Forward Error Correction 


To reduce the errors of a transmission link, extra 
information relating to the data can be sent by the 
transmitter and used by the receiver to detect and 
correct errors in the received data. This technique is 
called forward error correction (FEC) and imposes 
redundancy to the transmission which means that the 
bit-rate transmitted will be higher than the actual 
data rate. A measure of performance for FEC is the 
coding gain, which is defined as the decrease in 
receiver sensitivity at a given bit-error-rate. Reed- 
Solomon codes are one of these codes. With a 7% 
redundancy, up to 6dB of coding gain can be 
achieved. This could correspond to more than 9 
orders of magnitude improvement in bit-error-rate. 
Therefore, the use of FEC can increase the spacing 
between regenerators in ultra-long-haul transmission 
and reduces the cost. It is also useful to overcome 
error floor problems due to crosstalk in a WDM 
system, where a further increase in received power 
cannot reduce the bit-error-rate. Crosstalk among 
wavelength channels can happen due to nonlinear 
impairments during fiber transmission or due to 
imperfect channel isolation in components like multi- 
plexers, demultiplexers, filters, and switches. The use 
of FEC can greatly increase the system margin. 


Conclusions 


WDM technology has enabled a huge increase in the 
transmission capacity of optical fibers and a huge 
reduction in the cost of fiber optic transmission since 
the cost of the installed fiber is shared between the 
signals traveling on different wavelengths. As new 
components have been developed, WDM technology 
has expanded simple point-to-point links to trans- 
parent networks. Great progress has been made over 
the past 20 years to solve transmission impairments 
and extend the reach and bandwidth of these systems. 
This is likely to continue to meet the increasing 
communication needs of our society. 


List of Units and Nomenclature 


Distance (km, m, jm) 
Bit rate (bit/s) 
Wavelength (nm) 
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Introduction 


Optical filter and absorbing glasses can be categor- 
ized by either the optical behavior of the filter, for 
example, bandpass, shortpass or longpass, neutral 
density, or interference filters — or by the method used 
to filter the light, i.e., glasses which absorb light 
themselves and those which serve as high quality, 
transparent substrates for coatings which either 
absorb or reflect light. The term ‘filter’ usually refers 
to glasses used in optical systems, to either transmit 
or prevent transmission of specific wavelengths. 


The term ‘absorber’ is usually reserved for glasses 
which are used for controlling light to provide 
protection from damage to humans, for example, 
for eye protection, as in sunglasses, or welder and 
laser goggles, or to materials exposed to light, for 
example, plastics and other components in the 
passenger compartment of automobiles. Manufactur- 
ing technology is normally based on the method 
used to produce the device, such as control of 
absorbing species in the glass or method of appli- 
cation of optical coatings. Terminology for optical 
applications is almost always based on optical 
behavior and not on the method used to produce 
that behavior. 


Bandpass Filters 


The first glasses used to filter light were colored by 
inclusion of ions from the first row of transition 
metals. These colored glasses still provide most of 
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If the reading is taken with a Digital Meter, it will be more accurate as a DMM does 
not take any current from the circuit (to activate the meter). In other words it has a 
very HIGH input impedance. Most Digital Multimeters have a fixed input resistance 
(impedance) of 10M - no matter what scale is selected. That's the reason for 
choosing a DMM for high impedance circuits. It also gives a reading that is accurate 
to about 1%. 
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MEASURING VOLTAGES in a CIRCUIT 


You can take many voltage-measurements in a circuit. You can measure "across" a 
component, or between any point in a circuit and either the positive rail or earth rail 
(Ov rail). In the following circuit, the 5 most important voltage-measurements are 
shown. Voltage "A" is across the electret microphone. It should be between 20mV 
and 500mvV. Voltage "B" should be about 0.6v. Voltage "C" should be about half-rail 
voltage. This allows the transistor to amplify both the positive and negative parts of 
the waveform. Voltage "D" should be about 1-3v. Voltage "E" should be the battery 
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Figure 1 Transmission spectra for bandpass filters with a large 
bandwidth (solid line), medium bandwidth (dashed line), and 
narrow bandwidth (dot dash line). 


the glasses used to control the wavelength of light. 
They are widely used as absorbers in windows in 
buildings and automobiles, to control the entrance of 
ultraviolet and infrared light into these environments. 
These filters allow the passage of light over a 
significant range of wavelengths, while absorbing 
wavelengths outside that range. They are designated 
by the peak transmission wavelength, or central 
wavelength, and the bandwidth, or wavelength 
range, over which light is transmitted with at least 
some designated transmission value. Filters based on 
absorption by transition metal or rare earth ions 
usually have larger bandwidths and somewhat diffuse 
cutoffs at the edges of the transmitted spectral region 
(Figure 1). 

The most common bandpass filters absorb radi- 
ation in a desired wavelength region. Historically, the 
first bandpass filters, which are still the most 
common, relied on absorption of light as a result of 
ligand field (also known as crystal field) effects and/or 
charge transfer processes within a glass, to create 
absorption bands in the spectrum. 

Ligand field effects will produce optical absorption 
bands in glasses which contain transition metal 
(usually row 3d) or rare earth (lanthanide, or 4f) 
ions. The differences in the electronic structures of the 
transition metal and rare earth ions result in very 
different absorption spectra. Absorption spectra, due 
to transition metal ions, are characterized by broad 
bands and are frequently accompanied by charge 
transfer bands, due to the same ions, while the bands 
due to absorption of light by rare earth ions are very 
sharp and are not accompanied by charge transfer 
absorption bands. 

Iron oxide was probably the first, and is still the 
most widely used additive for production of glasses 
which primarily transmit light in the visible portion of 
the spectrum. A large, broad absorption band due to 


ferrous ions is centered at ~1050 nm in common 
soda-lime-silica glasses. The tails of this band extend 
into the visible portion of the spectrum, allowing 
passage of the blue-green portion of the spectrum, but 
absorbing much of the red light, and to wavelengths 
in excess of 2000 nm, absorbing much of the near 
infrared spectrum. 

Ferric iron produces relatively small ligand-field 
absorption bands in the region from 380 to 440 nm. 
These bands remove most of the blue part of the 
spectrum, allowing passage of light with longer 
wavelengths. Both ferrous and ferric ions also display 
charge transfer bands in the ultraviolet, effectively 
eliminating transmission of light with a wavelength 
<300 nm. Glasses containing enough iron oxide, to 
effectively eliminate both ultraviolet and near infra- 
red transmission, exhibit various shades of green, 
depending on the ratio of ferrous to ferric ions 
present. Melting under strongly reducing conditions 
yields blue-green glasses, whereas melting under 
strongly oxidizing conditions yields yellow-green 
glasses. Glasses containing 20.5 wt% iron oxide 
are used in windows of automobiles to minimize the 
amount of ultraviolet and infrared radiation entering 
the passenger compartment. 

Copper oxide is also used to remove a portion of 
the near infrared spectrum from sunlight and to 
produce glasses which transmit in the green and blue 
region. The primary ligand-field absorption band of 
copper is due to cupric ions and is located near 
800 nm. This band in similar in shape to that due to 
ferrous ions, with tails extending into the visible and 
near infrared regions of the spectrum. The shift in 
band position toward the visible, however, results in 
less absorption in the infrared and more in the visible 
than for ferrous iron. As a result, glasses containing 
copper are more strongly colored than those contain- 
ing ferrous iron and are less effective filters for 
infrared light. Glasses colored with cupric ions can be 
used to produce a transmission window from about 
350 to 600 nm in soda-lime-silica glasses. Cuprous 
ions do not create any significant absorption bands. 

Glasses containing hexavalent chromium, which 
must be produced in a strongly oxidizing environ- 
ment, effectively remove ultraviolet light between 300 
and 400 nm, but allow transmission of ultraviolet 
light in a narrow range centered around 300 nm. 
A small tail of the charge transfer band due to 
Cr°textends into the visible, producing a yellow- 
green glass. The presence of a set of much weaker 
ligand-field bands, centered around 650 nm due to 
trivalent chromium, also contributes to the green 
color of these glasses. Combining chromium with 
copper ions in a glass yields a filter with a small 
transmission window centered at about 520 nm. 
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Combination of chromium with iron results in 
suppression of both hexavalent chromium and 
ferrous iron, yielding a green glass without either 
the strong ultraviolet absorption of hexavalent 
chromium or the strong near infrared absorption of 
ferrous iron. 

Manganese oxide can be used to produce bandpass 
filters which block most of the visible, but allow 
transmission of ultraviolet and infrared light. 
Addition of manganese ions to a glass results in a 
set of absorption bands with a maximum intensity at 
about 500 nm and a tail extending to around 900 nm. 
Since these ions do not absorb in the ultraviolet, the 
transmission spectra of these glasses has a window 
between about 300 and 400 nm, which overlaps the 
transmission window due hexavalent chromium. The 
absorption bands due to manganese ions are rela- 
tively weak, so that concentrations of manganese 
oxide in excess of 1 wt% are needed to effectively 
block visible transmission. 

Cobalt oxide is the strongest colorant of the oxides 
of 3d transition metals. A small addition of cobalt 
oxide to silicate glasses creates strong absorption 
bands between about 450 and 700 nm. The optical 
window of these glasses in the ultraviolet is centered 
near 380 nm and is somewhat broader than that of 
glasses containing manganese oxide, which have 
similar spectra. Since cobalt oxide is such a strong 
absorber, black glasses are easily produced by use of 
cobalt oxide in combination with other oxides. If 
cobalt oxide is combined with nickel oxide, the 
resulting glass retains a bandpass in the ultraviolet, 
while combining cobalt oxide with iron oxide, which 
has a complementary absorption spectrum, yields a 
black glass which also effectively eliminates trans- 
mission in the ultraviolet and near infrared. 

The optical spectra of glasses containing most rare 
earth ions are characterized by sharp absorption 
bands. Some rare earth ions create spectra with many 
absorption bands, while others display only a few 
bands. The band structures which result from rare 
earth ions are not particularly useful for creation of 
bandpass filters, although Yb** ions do effectively 
remove light around 1100 nm, without absorbing 
light in the rest of the spectrum. 

While not commonly used for filters, glasses 
containing rare earth ions have been used for 
wavelength calibration standards for uv-vis spectro- 
photometers. Acommon wavelength standard called a 
‘didymium’ glass contains a combination of neody- 
mium and prasedymium oxides. Since the optical 
spectrum from each of these ions contains many sharp 
bands, these glasses provide known wavelengths for 
absorption bands over a wide region of the spectrum. 
Neodymium ions, which have absorption bands near 


the D line of sodium, are used in goggles for eye 
protection for glassblowers, to remove the intense 
yellow light resulting from the sodium in the glass. 


Interference Filters 


Interference filters are a special case of bandpass 
filters which are created by application of dielectric 
films to glass substrates. The dielectric films are 
deposited on a glass substrate in alternating layers of 
high and low refractive index materials. The combi- 
nation of refractive indices and thickness of the 
dielectric films determines the wavelength regions 
where constructive and destructive interference occur, 
i.e., those wavelength regions which will transmit or 
reflect the incident light. Since the choice of materials 
will control the indices, production of filters for 
different wavelengths usually relies on deposition of 
layers of differing thicknesses. 

These filters can be produced with very narrow 
bandwidths (+10 nm) or with broader bandwidths 
(commonly +50 or +80 nm). The peak transmission 
frequently does not occur at the midpoint of the 
bandwidth. Since the wavelengths for constructive 
and destructive interference depend upon the path 
length through the dielectric layers, these filters are 
extremely dependent upon the incident light angle, 
with a shift toward lower wavelengths for incident 
angles other than normal to the filter surface. 
Interference filters typically reduce throughput of 
light as compared to absorption-based bandpass 
filters, but provide for much narrower transmission 
windows. If the dielectric layers are deposited in such 
a manner that their thickness varies along the length 
of the substrate, interference filters can be produced 
with a continually varying central transmission 
wavelength along the length of the substrate. While 
convenient for applications, which might otherwise 
require several filters of different central wavelengths, 
these linearly variable interference filters are much 
more expensive than those designed to block specific 
wavelengths. 


Dispersion Filters 


Dispersion filters are based on the passage of light 
through a medium consisting of a matrix material and 
dispersed, very small particles of a material which has 
a very different dispersion curve. The original version 
of these filters, called a Christiansen filter, consists of 
small glass particles with a controlled particle size 
suspended in a liquid. The dispersion curve for the 
glass is much less wavelength-dependent than that of 
the liquid. Transmission of light occurs at the 
wavelength where the refractive index of the glass 
and the liquid are equal, while light of other 
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wavelengths is scattered. Since the refractive index of 
a typical liquid is highly temperature sensitive, the 
transmitted, or peak, wavelength can be shifted over a 
wide region by controlling the temperature of the 
mixture. The bandwidth of dispersion filters can be 
very narrow (<+10 nm). 

The large temperature dependence of the tra- 
ditional dispersion filter can be useful in that it 
provides an optical filter with an adjustable peak 
wavelength. On the other hand, this sensitivity to 
temperature also results in a serious control problem, 
since a temperature change of only a few degrees can 
shift the transmission window by up to 100 nm. This 
problem can be decreased or even eliminated by 
making a solid dispersion filter using two glasses of 
different dispersions, with one glass distributed in the 
other, or a glass dispersed in some other transparent 
solid such as a polymer with a similar thermal 
expansion coefficient. Since the refractive index of 
solids tends to vary with thermal expansion coeffi- 
cient, these solid state dispersion filters can be almost 
temperature independent. 


Neutral Density Filters 


Neutral density filters are used to reduce the 
throughput of light to some desired value over a 
wide spectral region. Gray glasses are used to reduce 
the intensity of light from a bright source such as the 
sun. Black glasses are used to completely block light 
in the visible region. Neutral density filters can be 
produced using a combination of transition metal 
ions or by use of optical coatings. They are 
characterized by their percent transmission, range of 
wavelength where the transmission is constant, and 
the ‘ripple’, or spectral flatness, within the designated 
spectral region (Figure 2). 
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Figure 2 Transmission spectra for neutral density filters with 
different % transmission. 


An approximation to a neutral density filter for 
visible light is often created by combining the 
absorptions in the ultraviolet and near infrared 
from ferrous and ferric ions, with the multiple 
absorption bands centered in the region of 500 to 
600 nm due to divalent cobalt ions. While the 
resulting absorption spectrum displays small ripples 
throughout the region from 350nm to beyond 
1200 nm, the transmission of the glass can be 
controlled to within a few percent by the proper 
balance of ferric and ferrous ions combined with the 
desired concentration of CoO. These glasses are 
generally gray, or, if enough of iron and cobalt oxides 
are present, black. Combination of CoO with NiO 
can produce similar filters covering a smaller wave- 
length range which maintain transmission in the 
ultraviolet. Filters with different transmission values 
can be produced by either varying the composition of 
the glass or by use of different glass thicknesses. A 
continuously graded neutral filter can be produced 
from a single piece of glass by etching or polishing to 
form a wedge. With more effort, a step-graded filter 
can be produced by etching or polishing to form 
sharply delineated thickness steps along the length of 
a glass plate. 

Neutral density filters can also be produced by 
coating a glass substrate with a metal film. Coated 
neutral density filters have less ripple than absorptive 
filters based on iron and cobalt oxides dissolved in the 
glass. In order to produce a constant transmission 
throughout the desired wavelength region, the metal 
used (commonly inconel) should have a constant 
reflectance across the desired wavelength region. Use 
of a metal with a varying wavelength dependence in 
its reflectivity, such as silver, will result in a 
wavelength dependent transmission. Continuously 
graded neutral filters can be produced by varying 
the thickness of the film along the length of a strip 
of glass. 


Longpass/Shortpass Filters 


Longpass filters are designed to pass light with 
wavelengths longer than the specified cutoff value. 
They are frequently used to block ultraviolet light 
while transmitting visible light or to block visible 
light while transmitting infrared light. Shortpass 
filters provide the opposite effect, i.e. they pass light 
with wavelengths shorter than the specified cutoff 
value, while blocking light with longer wavelengths. 
Shortpass filters are often used to block passage of 
heat (infrared light), while allowing transmission of 
visible light (Figure 3). 

Ultraviolet blocking longpass filters can be pro- 
duced by varying the basic composition of a glass or 
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Figure 3 Transmission spectra for longpass filters with different 
cutoff wavelengths. 


by addition of specific ions which absorb strongly in 
the ultraviolet. Varying the primary glassforming 
oxide can alter the ultraviolet cutoff frequency of a 
glass. Vitreous silica, for example, has an ultraviolet 
cutoff beyond 200 nm, so that it is a very effective 
transmitter of ultraviolet light. Vitreous germania, on 
the other hand, has an ultraviolet cutoff near 400 nm, 
so that it acts as an effective longpass filter for most 
ultraviolet light. While vitreous silica is widely used 
as an optical material, the poor chemical durability of 
vitreous germania prevents its use in most optical 
applications. 

The ultraviolet cutoff wavelength of silicate glasses 
is shifted toward the visible by addition of alkali and 
alkaline earth oxides to silica. The addition of these 
oxides creates nonbridging oxygens in the vitreous 
network, which shift the ultraviolet cutoff toward the 
visible. These glasses are effectively opaque beyond 
their cutoff wavelength, creating longpass filter 
glasses with cutoff wavelengths which vary with the 
nonbridging oxygen concentration. Impurities such 
as iron or copper can also reduce the ultraviolet 
transmission of silicate glasses due to the creation of 
charge transfer bands, producing longpass filters with 
cutoffs in the range of 250 to 300 nm. 

Longpass filters with tightly controlled ultraviolet 
cutoff wavelengths are often made by adding either 
cerium or a combination of cerium and titanium 
oxides to silicate glasses. Additions of cerium oxide 
result in a strong absorption band near 320 nm, 
which provides protection from ultraviolet light. 
Cerium also is routinely used to reduce radiation- 
induced coloration of glasses exposed to high energy 
radiation. An absorption band due to trivalent 
titanium also serves to cut off ultraviolet light, while 
producing a yellow glass. The use of a combination of 
cerium and titanium produces a very effective 


ultraviolet filter which eliminates transmission of 
almost all ultraviolet light. 

Long bandpass absorption filters can also be 
based on precipitation of colloids of metals or 
semi-conductors in an otherwise colorless glass. 
The glasses are initially prepared in a colorless 
state, with the materials which will form the 
colloids dissolved as ions. The glasses are then 
reheated into the glass transformation region, 
where the desired ions are reduced to the atomic 
state and precipitated as colloids. Since this process 
is known as ‘striking’, these filters are known as 
striking filters. Colloids can be produced by 
striking from several elements, including silver, 
gold, copper, arsenic, antimony, lead, and bismuth, 
and from a number of compounds, including the 
cadmium chalcogenides and ZnS. 

Formation of silver colloids in common soda- 
lime-silicate glasses results in a very strong optical 
absorption band centered near 400 nm. Glasses 
containing silver colloids are yellow, with a 
bandpass window in the ultraviolet. Since these 
glasses absorb so strongly at a wavelength com- 
monly used to irradiate photosensitive polymers in 
the production of electrical circuit boards, they are 
frequently used for the production of beam masks. 
A pattern of silver colloids is easily produced in the 
surface of common float glasses by depositing 
metallic silver through a mask onto the surface of 
the glass and then heating the glass to 500 °C for a 
short time. 

Copper can also be used to form longpass filters 
with a cutoff in the red portion of the spectrum by 
a similar process to that used to form the silver 
colloid filters. In this case, it is necessary to use a 
copper salt in place of the metallic silver, but the 
remainder of the process is essentially the same 
(Figure 4). 
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Figure 4 Transmission spectra for longpass filters containing 
silver or copper colloids. 
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Precipitation of semi-conducting colloids contain- 
ing CdS, CdSe, and CdTe in silicate glasses results in 
sharp cutoffs in the range from the near ultraviolet to 
the near infrared. The cutoff is the direct result of the 
bandgap of these crystallites. Since these materials 
form a broad series of solid solutions, the desired 
cutoff wavelength can be obtained by use of an 
appropriate mixture of two of these compounds in 
the glass batch. Glasses containing only CdS, for 
example, have cutoffs in the range of 400 to 500 nm. 
Combining CdS with CdSe will shift the cutoff 
toward the infrared, with cutoffs in the range of 
500 to 700 nm. Combining CdS with CdTe produces 
glasses with cutoffs near the edge of the visible region. 
Use of CdTe alone results in filters with cutoffs 
around 800 nm. 

While the most common explanation for the shift 
in the cutoff in glasses containing the cadmium 
chalcogenides is based on solid solution arguments, 
it has been shown that the size of the particles also 
strongly affects the position of the cutoff for glasses 
containing CdSe. In this case, the energy gap, which 
determines the cutoff wavelength, varies inversely 
with the square of the particle size. 

Glasses containing CdS and ZnS can be heat- 
treated to form filters with cutoffs in the range from 
340 to 518 nm. Heat treatment at lower temperatures 
yields CdS colloids, with a cutoff around 500 nm. At 
higher heat treatment temperatures, the absorption 
edge shifts toward the ultraviolet, approaching the 
value of 340 nm representative of the lattice absorp- 
tion of ZnS. This behavior has been interpreted as 
indicating that CdS crystals precipitate at lower 
temperatures, while at higher temperatures, solid 
solution crystals of ZnS and CdS are formed. 

Colloids of arsenic, antimony, bismuth, and lead 
form less interesting filter glasses. The optical proper- 
ties of these metals are such that there is no sharp 
cutoff wavelength. Growth of colloids produces 
wavelength-dependent scattering, with a long tail 
extending into the visible or infrared. These glasses 
can be produced in colors ranging from light tan to 
black by progressive heat treatments of the originally 
colorless glasses in hydrogen. The hydrogen serves to 
reduce the ions to the atomic state. The atoms then 
diffuse to form colloids. The growth process creates a 
sharp interface between the colored and colorless 
region of the glass, which can be used to produce 
windows for visible light of highly transmitting glass 
surrounded by essentially opaque glass. 


Absorber Glasses 


Glass filters are used to remove unwanted wave- 
lengths from light. When the application is less 


demanding than those of complex optical devices or 
systems, the glasses are commonly called ‘absorbers’ 
rather than filters. These applications usually involve 
protection of humans or materials from damage by 
light, for example, sunglasses and goggles for welders 
and glassworkers, or to enhance the environment by 
controlling the entrance or exit of ultraviolet and 
infrared light. Most of these applications are vari- 
ations on the filters discussed above. 

The most common use of glass as an absorber 
for both protection from damage and enhancement of 
the environment is found in the soda-lime-silicate 
glasses used as windows in buildings and auto- 
mobiles. The presence of a relatively large concen- 
tration of iron oxide provides absorption in both the 
ultraviolet and infrared regions of the spectrum. Since 
glasses containing iron do absorb some light in the 
visible, a compromise between total absorption of 
unwanted, nonvisible light and the desired visible 
light must be made. As a result, these glasses usually 
contain between 0.5 and 2 wt% iron oxide. Changes 
in melting conditions which alter the ratio of ferrous 
to ferric ions in the glass are used to tune the glass for 
specific applications. While these glasses are techni- 
cally broad bandpass filters, their common appli- 
cations are based on the favorable location and 
bandwidth of their transmission window, which 
roughly corresponds to the visible region. 

Iron is also used for protection from ultraviolet and 
infrared radiation in welder goggles. These glasses 
contain much more iron (up to 8 wt% or more) than 
those used for windows, since the demand for 
protection from the intense light created in welding 
is much greater. The high absorption coefficient for 
infrared light results in considerable heating of the 
glass during lengthy use. A thin film of gold is often 
applied to the glass to reflect infrared radiation and 
reduce heating of the glass. 

Other absorber applications are more demanding 
in terms of absorption wavelength. As mentioned 
earlier, glasses containing neodymium have a strong 
absorption band at the wavelength of the yellow 
sodium emission line. These glasses transmit visible 
light at other wavelengths, allowing their use by 
glassblowers, who need to be able to see the unheated 
part of the glass and their immediate surrounding 
area, while simultaneously reducing the intense 
yellow light given off by the sodium in the glasses 
normally used for glassworking. 

Protection of the eye from laser radiation is even 
more demanding due to the very high intensity over 
very narrow wavelength ranges. Common ultraviolet 
longpass filters are usually satisfactory for absorption 
of light from ultraviolet lasers. Specific ions must be 
added to glasses to provide protection from many 
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visible and near infrared lasers, since the glass must 
simultaneously permit transmission of visible light of 
other wavelengths and total absorption at the laser 
wavelengths. Light from lasers which operate in the 
far infrared is readily absorbed by most glasses, since 
the infrared cutoff of oxide glasses lies around 5 
micrometers. Great caution should always be used in 
selecting glasses for eye protection from lasers. No 
assumptions regarding the degree of protection 
should ever be made without insuring that the 
glass is designed for the conditions under which it 
will be used. 


See also 


Optical Coatings: Thin-Film Optical Coatings. Optical 
Materials: Optical Glasses. 
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Introduction 


The term heterogeneous materials — being a quite 
diffuse classification of matter with discrete building 
units of different kinds, irrespective of their sizes — is 
defined here by scaling these inhomogeneities in 
relation to optical light wavelengths. Matter consist- 
ing of atoms in a regular structural order (or, 
alternatively, in fully statistical disorder) is classified 
as homogeneous since the inhomogeneities are too 
small to effect optical fields. This applies to crystal- 
line, liquid, and glassy or amorphous matter likewise. 

All geometrical/topological and chemical hetero- 
geneities on a larger length-scale than the atomic 
scale, i.e., single crystallites, organic macromolecules, 
domains, extended lattice defects, clusters, and 
nanoparticles of chemical compositions differing 
from their host material, etc., result in a macroscopic 
material that is heterogeneous, in optical properties 
and optical experiments. Examples are multilayer- 
structures, heterogeneous in one dimension, three- 
dimensional heterogeneous composites, i.e., isometric 
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building units distributed in some homogeneous host 
(photographic systems, drugs, cosmetics, color pig- 
ments in binders, etc.), and three-dimensional het- 
erogeneous densely packed systems (poly- or 
nanocrystalline materials, ceramics, or nanoceramics, 
etc.). 

The materials most intensively investigated, in the 
field of nanoscience, represent a subclass of hetero- 
geneous materials. 

Most of the common materials in our everyday 
environment have heterogeneous structures, often on 
larger characteristic size-scales. More generally, 
heterogeneous materials are so widespread that they 
are much more frequent than homogeneous 
materials. Some more examples, relevant for their 
optical properties, may illustrate this: pigment colors, 
photovoltaic composites, aerosol-systems, hydrosol- 
systems, many minerals, photonic crystals, island 
film devices, nanosensors, special biosystems, and 
polymer-systems. Most interesting optical features 
arise when these inhomogeneities are below or of the 
order of light wavelengths. Recent research has 
concentrated on a narrow size region on the lower 
nanometer scale where many-atoms-systems change 
from molecular to solid-state behavior with increa- 
sing sizes. This ‘transition’ is accompanied by 
drastic changes of almost all physical and chemical 
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properties, hence these properties develop strong 
dependences on particle size in that size region, and 
materials with uncommon properties can be 
developed. 

In contrast to the widespread applications and 
research perspectives, the basic theoretical under- 
standing of heterogeneous material is generally still 
poor. One reason is that, since the beginning of the 
development of optics as a science, the homogeneous 
materials like glass, water, etc. were preferentially 
treated since they were easier to describe theoreti- 
cally. Another reason is the extremely wide variability 
of existing heterogeneous structures usually based 
upon low symmetries. This variability is too large, 
and the resulting optical properties too complex and 
multifarious to enable a general and uniform descrip- 
tion of heterogeneous matter on a quantitative level, 
like the one successfully developed for the much 
simpler topology of homogeneous crystals. 

Qualitative general features, however, can be 
obtained from investigations of model systems, with 
especially simplified topological structures. In the 
following we describe the model system of nanopar- 
ticle/host-matter (or, synonymously, cluster-matter), 
which is based upon nanoparticles/clusters packed 
closely in a host material, thus forming macroscopic 
or microscopic heterogeneous many-particle systems. 


Chemical compesition 


Even this model system exhibits broad variability of 
topologies and of chemical compositions, as shown in 
Figure 1. 

The restriction in the present contribution to this 
topologically simple model system appears to be 
justified by the fact that the optical properties 
discussed below for this system are also qualitatively 
characteristic of other arbitrary heterogeneous 
materials. We also admit that the nanos may consist 
of a nucleus and a surrounding shell of different 
structure and/or different material. 

Heterogeneous matter can be defined by its 
heterogeneous building units and by the borders of 
these units and by the host material and the borders 
between building units and host, i.e., the internal 
interfaces. 

It is a general feature that structures are visible 
because of property changes at their terminating 
borders: borders create structures, and structures 
require borders. The more refined the structures are, 
the more increases the topological extent of the 
borders. This means that when sizes of building units, 
for example, in cluster matter decrease, the relative 
amount and the effects of surface/interface regions 
increase. Such interfaces in heterogeneous matter 
are not two-dimensional (as suggested by the 
term ‘interface’) but consist of three-dimensional 
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Figure 1 Examples of heterogeneous nanoparticle/host materials. Left: possible material combinations of the three building units: 


cluster, shell, matrix. Right: some examples of sample topologies. 
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interlayers, the atomic and electronic structure and 
the chemical composition of which are usually in 
complex disorder. In the case of very small particles 
the interface volume can easily exceed the volume of 
the building units themselves. There are, however, 
also examples where the atomic arrangement forms 
regular interfaces, such as at coherent grain 
boundaries. 

Hence, heterogeneous materials are characterized 
by various building units, homogeneous matrices and 
the interface regions. To describe them, we will focus 
on our introduced model system of nanoparticle/host 
matter, where we further specialize to spherical 
shapes of the particles. 

The investigation and description of optical proper- 
ties of heterogeneous materials have to deal with the 
interior of the building units, e.g., characteristic 
optical size effects, and with the interfaces, e.g., 
optical interface effects. The importance of both 
increase with decreasing characterizing structural 
lengths. The role of the host materials, when present, 
can be different, depending on their concentration: in 
dilute particle systems they may act as bulk-like 
homogeneous matter (e.g., the electrolyte in colloi- 
dal liquid systems); at low amounts, the host may 
also develop size effects (e.g., the water layers in 
the opal). 


General Optical Properties 


Among the experimental characterization methods 
most frequently applied to heterogeneous matter, the 
optical ones are essential, ranging from spectroscopy 
in the frequency domain (from FIR to UV), to 
femtosecond analysis in the time domain. 

Optics can mean physical optics, i.e., the science of 
optical material properties, including light emission 
(the ‘active’ properties) and light absorption (the 
‘passive’ properties), and instrumental optics, i.e., 
special experimental techniques based upon propa- 
gation of light to analyze such samples. 

The most usual experiments for the investigation 
of linear optical response are refraction, absorption, 
reflection, and elastic scattering. Also, there are the 
emission responses and the broad field of nonlinear 
optical responses. 

Refraction, reflection, and absorption are typical of 
homogeneous matter. Elastic light scattering, on the 
other hand, can be used to define optical hetero- 
geneous matter, since elastic scattering is a direct 
consequence of the existence of interior interfaces 
forming deviations from the homogeneous structure. 
While the grainy structure on the atomic level in 
homogeneous matter does not give rise to disturb- 
ances of the shape of a plane interacting optical wave, 


this does occur with heterogeneous matter. Each 
inhomogeneity gives rise to a wavefront deformation 
and, hence, to light scattering. Scattering spectra and 
intensities provide important information about the 
heterogeneous material, so such optical methods are 
frequently used for its identification. 

Besides scattering, the electrical charging of the 
interior interfaces induced by the light field, can lead 
to spectacular multipolar optical absorption features, 
unseen in related macroscopic homogeneous 
materials, such as Mie resonance, discussed below. 

The optical properties of our model system are 
composed of various contributions which all act 
together in a complex way, which can be described as: 


1. the optical properties of the single building units. 
In the case of solid state units, they are character- 
ized by the optical material properties, frequency 
dependent and, generally, complex dielectric 
function e(w) or, alternatively, the (generally 
complex) refraction index n(w), which, in the 
nanometer-size region, both develop strong vari- 
ations with size. 

2. the optical interactions among all building units in 
the sample. There are different effects: 


e interference effects among the scattering radi- 
ation of the units; 

e electromagnetic coupling effects; 

e the contributions of host materials, if present; 
and 

e the interactions between heterogeneous build- 
ing units and host. 


The Optical Nanoparticle Resonances 
(Mie Resonances) 


Metallic and semiconductor nanoparticles can exhi- 
bit special, spectrally selective absorption and scatter- 
ing bands which do not have counterparts in the 
molecular state, in thin film structures, or in the 
extended bulk. They represent the most spectacular 
optical properties of matter with nanosized hetero- 
geneities. Therefore they will now be treated in more 
detail in the frame of our model material of spherical 
inclusions in a homogeneous embedding medium. We 
begin with a comparison to thin film structures. 

The interband transitions (in Ag below 325 nm) are 
almost equal in both spectra shown in Figure 2, of a 
thin Ag film and spherical Ag nanoparticles, respect- 
ively, while above 325 nm the flat relaxator spectrum 
of the conduction electrons in the metal film differs 
strongly from the oscillator spectrum of the same 
electrons in the clusters. The inset demonstrates the 
excitation of the dipolar surface oscillator mode by 
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Figure 2 Comparison of absorbances of a thin Ag film and 
spherical small Ag nanoparticles. 


incident polarized light. This figure exemplifies the 
above-mentioned effect that charging of interfaces by 
the incident electromagnetic lightwave can give rise 
to electromagnetic multipole resonances, the Mie- 
resonances. 

The monotonic conduction electron absorption 
spectrum of the thin film, ranging from UV to zero 
frequency (the dc current), is thereby compressed in 
the nanoparticles into the narrow Mie-absorption 
band with peak position in the blue, containing 
almost the whole oscillator strength of the conduc- 
tion electrons. In particular, the Ag-spheres are 
therefore transparent in the low frequency region, 
and if we assume the conductivity according to the 
Drude model as being definitive for a metal, we must 
assume that these particles are no longer metallic. The 
conduction electrons no longer follow the Drude 
relaxator behavior; instead the narrow peak indicates 
the properties of an oscillator. 

The origin of this oscillator and its excitation can 
be described, being a quantum phenomenon; due to 
the incident electrical field, the electron plasma, the 
‘electronic particle’, is shifted against the fixed ionic 
background, the ‘ionic particle’, causing surface 
charges modulated with the light frequency. The 
surface charges produce restoring forces to the 
plasma, following the periodic field strength, which 
is the condition required for oscillator behavior. As 
every free oscillator the particle develops resonances 
at special eigenfrequencies, and in the case of our 
metal clusters these are close to the peak frequency of 
the Mie-absorption, the oscillations of which not 
being free but forced by the incident field. Analogous 
to the mechanical case, the resulting resonance 
frequencies of free and forced oscillations differ 
slightly. To distinguish them, Mie resonances in 
metallic particles, coupled to the external electro- 
magnetic field, are called plasmon polaritons. 

In the frame of classical electrodynamics each 
single particle in the heterogeneous material acts as 
a spherical nano-antenna. This acts as receiving 


antenna by absorption and, as with every other 
kinds of antenna, simultaneously becomes a transmit- 
ting antenna by re-radiating elastically scattered light. 

In the case of Cu, Ag, and Au, and many other 
metals, these absorption frequencies are in the visible, 
hence beautiful colors appear. However, there are a 
lot of metals where this oscillator is overdamped due 
to low electron mobility. Under particular conditions, 
such resonances also occur in semiconductor nano- 
particles, but due to the lower charge densities, in the 
IR. At weak fields, the optical response of the 
oscillator is linear. At higher fields it becomes 
nonlinear, and thus second and higher harmonics 
can be excited. 

Such unique collective excitations are not restricted 
to electrons but also spherical surface phonon 
polaritons can be excited if the particles are non- 
metallic (in this case, free electron excitations do not 
cover the spectral region of phonon excitations). 
Only in the most simple case of particles which are 
extremely small compared to wavelength (R/A S 
1/20), the dipolar mode of excitation described so 
far (i.e., homogeneous polarization of the whole 
particle) comprises the whole response. For larger 
particle sizes, a complicated, nonhomogeneous 
polarization of the whole particle occurs, which can 
be described by an orthogonal multipole expansion, 
i.e., multipolar oscillations. The according size (R-) 
dependent multipolar contributions, which are 
excited simultaneously and sum up to the total 
optical response. Further complications arise in larger 
particles by retardation-induced phase shifts of the 
lightwaves along the particles. 

A complete description of this complex multipole 
excitation was given by Gustav Mie on the basis of 
classical electrodynamics. Mie’s theory is the exact 
solution within the frame of Maxwell theory for 
spherical symmetry, as are the Fresnel-formulae for 
the planar geometry. However Mie’s theory does not 
describe exactly the conditions which we observe in 
real heterogeneous systems, hence several extensions 
of Mie’s theory will be presented in the section 
entitled Beyond Mie’s Theory, below. 

Mie’s theory also gives some qualitative insight into 
the optical behaviour of other kinds of heterogeneous 
matter. A highly abridged summary of this theory will 
be presented below. 


The Theory of Mie 


In the following, an outline of the Mie theory for one 
spherical particle is given by listing the mathematical 
steps: 


1. Introduction of spherical coordinates r, 0, ¢. 
Particle radius R; 
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2. Incidence of a plane, monochromatic, harmonic 
electromagnetic wave (circular frequency , 
wavelength A); 

3. Solution of Maxwell’s equations for the incident 
and scattered fields in the surrounding 
dielectric host medium with (real) dielectric 
constant matrix, and in the interior of an arbitrary 
spherical particle of (complex) dielectric 
function e(w). 

There are two solutions for transverse fields: 
one with the radial component of the electric field 
E, = 0, called ‘transverse electric (TE) solution’, 
and one with the radial component of the 
magnetic field H, = 0, called ‘transverse magnetic 
(TM) solution’. These solutions can be obtained 
in terms of vector spherical harmonics which can 
be derived from corresponding scalar potentials 
II; and II,;. These are solutions of the Helmholtz- 
equation: 


Vv? Igy es KeSueehe x Tey = 0, 
[1a] 


2 — 272 
K praneverse = Etransverse@ Ic 


In spherical coordinates, the Helmholtz equation 
is solved by a separation of variables ansatz and a 
multipole expansion, yielding an infinite number 
of independent partial solutions with multipolar 
order L, the TM partial waves or ‘electric partial 
waves’, and the TE partial waves or ‘magnetic 
partial waves’. 

A third solution, the potential [, that only 
affects the electric field, can be found as the 
solution of 

wr = 0, Elongitudinal = 0 [1b] 
and represents longitudinal excitations in the 
particle. 
4. Boundary conditions at r= R: 
for the transverse fields: 
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for the longitudinal fields: 


incident scattered __ pinterior 
E, Ey — E 


(Sauter—Forstmann condition) 


The linear response function of the particle 
material used here, is &, where ¢€ = €; + ie€, is 
averaged over the particle volume, including the 
surface—interface region. 
The magnetic permeability w is set 1 for the 

investigated high frequency regions. 

5. Computation of cross-sections for extinction, 
scattering, and absorption from Poynting’s law: 


e Extinction, i.e., the sum of absorption and 
scattering losses: 


27 
Oext = 


>. QL + WRefa, + by} [4] 
L=1 


e Elastic scattering: 


27 

Cuca = Fy > QL + D(laz*+lbp?) [5] 
L=1 

e Absorption, i.e., the energy dissipation (pro- 
duction of heat and thermal radiation): 

Osca [6] 


Oabs — Fext — 


L indicates the multipolar order of the Mie 
resonances. 


The coefficients a, and b,, following from the 
Maxwell boundary conditions for transverse fields, 
are 
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with m = 2x/nyfarrix, Where m denotes the complex- 
valued index of refraction of the particle e = n’* and 
Mmatrix the real-valued index of refraction of sur- 
rounding medium. k is the wavevector and x = k-R, 
the size parameter. V,(z) and 7;(z) are Riccati— 
Bessel functions of the first and third kind. The prime 
indicates differentiation with respect to the argument 
in parentheses. Including longitudinal fields, eqn [7] 
will be slightly modified. 

Applying Lambert—Beer’s law, these cross-sections 
are related to the absorption-, scattering-, and 
extinction-constant A(w), S(w), and E(w), respect- 
ively, and the resulting intensity loss AI of a 
many-particle system of number-density Z of the 
(noninteracting) particles, is 


AI = Ip(1 — exp(—Z-o¢,4°d)), 


d = sample thickness 
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MEASURING CURRENT 


You will rarely need to take current measurements, however most multimeters have 
DC current ranges such as 0.5mA, 50mA, 500mA and 10Amp (via the extra banana 
socket) and some meters have AC current ranges. Measuring the current of a 
circuit will tell you a lot of things. If you know the normal current, a high or low 
current can let you know if the circuit is overloaded or not fully operational. 


Current is always measured when the circuit is working (i.e: with power applied). 
It is measured IN SERIES with the circuit or component under test. 

The easiest way to measure current is to remove the fuse and take a reading across 
the fuse-holder. Or remove one lead of the battery or turn the project off, and 
measure across the switch. 

If this is not possible, you will need to remove one end of a component and 
measure with the two probes in the "opening." 

Resistors are the easiest things to desolder, but you may have to cut a track in 
some circuits. You have to get an "opening" so that a current reading can be taken. 
The following diagrams show how to connect the probes to take a CURRENT 
reading. 

Do not measure the current ACROSS a component as this will create a "Short- 
circuit." 

The component is designed to drop a certain voltage and when you place the 
probes across this component, you are effectively adding a "link" or "jumper" and 
the voltage at the left-side of the component will appear on the right-side. This 
voltage may be too high for the circuit being supplied and the result will be 
damage. 
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Figure 3 Mie extinction spectra of various particle materials. 2R = 10 nm. The clusters are embedded in matrix materials with 
dielectric constants between 1 and 10, which are indicated for each spectrum. Obviously, the peak structure of the spectra strongly 


depends on the matrix. 


Figure 3 gives a compilation of some spectra of 
general interest determined by evaluating Mie’s 
theory. 


Beyond Mie’s Theory 


Application of Mie’s theory to experimental results is 

disappointing because, in most cases, quantitative 

coincidence is not obtained. One reason is that the 

simple assumptions incorporated either in Maxwell’s 

theory or in Mie’s derivation are not met by reality. 
Mie’s theory does not apply, if: 


1. particle sizes in a diluted cluster matter sample are 
not uniform; 

particle shapes differ from the sphere; 

Ematrix Varies with frequency, &marrix(@) 
cluster-dependent dielectric functions differ from 
the according functions of the bulk; 


RYN 


5. the (step-function like) Maxwellian boundary 
conditions at the particle-matrix interface are not 
applicable; 

6. dielectric functions of particles and/or matrix are 
nonlinear; 

7. surrounding/embedding matrix material is 
absorbing; 

8. particle structures are heterogeneous (core-shell 
structures, multi-grain clusters, etc); and 

9. particles form close-packed aggregates instead of 
being well-separated, and hence, electromagnetic 
coupling among particles is important. 


Of course, this list may be continued. Regarding 
realistic samples, it is obvious already from these 
deviations that quantitative correspondence between 
experiment and Mie theory usually cannot be 
expected. But, over time, each of these extra effects 
has been treated and included into extensions of Mie’s 
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theory, which should therefore be applied, instead of 
the original theory. In the following several of these 
effects will be treated in some detail. 


Particle Shapes Deviating From the Sphere 


Even metals of high structure-symmetry, like the fcc- 
Au, can yield nanoparticles with low symmetry 
habits. Figure 4 shows Au nanoparticles with exotic 
shapes ranging from triangle and hexagonal platelets 
over fivefold symmetry multitwin-particles to rodlike 
shapes. The majority of particles are multigrain 
structures of irregular isometric shapes. 


Multishell Particles 


In experiments, particle surfaces often react chemi- 
cally with the surrounding media, thereby forming 
compound shells. Core/shell structures can be clearly 
visible in the optical absorption spectra. Figure 5 
shows, as an example, the absorption spectra of 
nanoparticles of Ag core/Au shell and of Au core/Ag 
shell, respectively with varied shell thicknesses. 





Figure 4 Chemically (Esiguondy method) produced Au clusters 
with extraordinary variety of different shapes. (Of special interest 
are the small particles of five-fold symmetry.) Mean sizes of the 
irregular, almost spherical particles: 36 nm. 


Resonances will also occur, e.g., in metal-coated 
dielectric particles. An example is shown in Figure 6, 
with extinction spectra of silver-coated titanium- 
dioxide particles, computed by an extension of Mie’s 
theory. 


Aggregates of Nanoparticles with Electrodynamic 
Particle-—Particle Coupling 


The optical extinction and scattering spectra of 
many-particle systems with dense packing forming 
aggregates (see Figure 4) are strongly influenced by 
electromagnetic interactions: each particle feels the 
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Figure 5 Measured extinction spectra of (a) silver-coated gold 
particles (gold core 2R = 17 nm, shell thickness varying from 
d=0 to d=3.6nm from top to bottom), and (b) gold-coated 
silver particles (silver core 2R = 18 nm, shell thickness varying 
from d = 0 to d= 5nm from bottom to top). 
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Figure 6 Calculated extinction spectra of spherical silver-coated 
titanium dioxide particles. The shell thickness is kept constant at 
d=10nm, the core sizes amount to 2R = 30 nm, 50nm, and 
80 nm, respectively, as indicated in the graph. 
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scattering near fields of all its neighbors, which give 
rise to splitting, broadening, and shifts of resonances. 
This is clearly demonstrated with colloidal Ag and Au 
particles in Figure 7. 

The splitting, broadening, and shifts can be 
assigned to the shape and size of the resulting 
many-particle aggregates. An example for the influ- 
ence of the topology of the many-particle system is 
given in Figure 8 with extinction and scattering 
spectra of silver particle aggregates of N = 5 identical 
silver particles with 2R = 40 nm, which were com- 
puted by the Generalized Mie Theory (GMT). As a 
rough rule-of-thumb, such electrodynamic coupling 
effects of the oscillators only can be ignored if the 
smallest next neighbor center-to-center distance d., 
exceeds d,, = 5-R. 


Size Effects 


The extraordinary practical success of Mie’s theory is 
based upon the fact that this example of classical 
electrodynamics enables us to compute numerically 
the optical response for arbitrary realistic particle 
materials. In contrast quantum theoretical calcu- 
lations are restricted, beyond the molecule-solid state 
transition, to jellium and jellium-related hypothetical 
material. 

Classical electrodynamics, being a phenomenolo- 
gical theory to describe light propagation, does not 
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yield information about optical material properties. 
These enter via the dielectric functions inserted into 
the Maxwell boundary conditions. They must be 
taken from elsewhere, such as from experiments or 
from quantum solid state theory model calculations. 
This twofold basis of Mie’s theory is illustrated in 
Figure 9. 

There are two different sources for particle size 
dependences of the optical extinction spectra: 


1. The electrodynamics: the larger the particles, the 
larger are the number of contributing multipoles 
and the influences of retardation effects, both 
influencing strongly the optical spectra; 

2. The optical material properties describing the 
particle material which, in the nanoscale size 
region, exhibit size dependences. These size 
dependences can be treated by corrections entering 
the bulk material function. 


In general, the dielectric function e(w) of a metal or 
semiconductor is the sum of susceptibility contri- 
butions of the lattice, of the conduction electrons, and 
of the interband (electron-hole) excitations: 


&(@) = €1(@) + 1€7(@) 
=e mame) si Yad SIRCHRONS (75) 
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Figure 7 Measured extinction spectra of aggregated samples of (a) silver particles with 2R = 28 nm, and (b) gold particles with 
2R = 38 nm. The samples contain random distributions of aggregates of various topologies, but with increasing state of aggregation 


from bottom to top. 
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Figure 8 Calculated extinction and scattering spectra of aggregates with N = 5 almost touching identical silver spheres of 2R = 
40 nm. From top to bottom, the spectra belong to the following particle arrangements in the aggregate: *™** 8 ft whee maf of " w. 


The dashed line represents the single particle spectra. 
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Figure 9 Scheme of the basics of Mie’s theory. 


A detailed expression was given by Bassani (here, the 
lattice contributions, mainly important in the IR, 
were disregarded): 
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[11] 


In this equation, the quantity 1 is the conduction 
electron density, k the wavevector of the electrons 
with norm k, and BZ denotes the Brillouin Zone. 
The vector e is the polarization vector of the 
incident light. Mis is the transition matrix element 
with i = initial and f = final states. 

To which degree of approximation a single 
dielectric function can describe the optical response 
of a nanoparticle consisting of inner core and surface 
with differing local optical properties (i.e., polariz- 
abilities), and how this function has to be modelled 
as an average, is still a problem. An easy, but 
only approximate answer is to identify terms in the 
eqns [10] and [11], which may change if the cluster 
size is reduced down to the nanometer scale, and to 
introduce correction terms. 

In the case of the conduction electrons of eqn [10], 
these are the electron density n, the effective electron 
mass meg, and the relaxation frequency y. In the 
terms of the interband transitions (index inter), these 
are the transition matrix elements Mj and the band 
structure energies of the initial and final states E; and 
E;. All of these quantities change, when the particle 
size is reduced, in different size regions and to 
different amounts, and detailed quantum theoretical 
investigations are required to derive proper correc- 
tion terms. 

The application of the continuum-based dielectric 
functions and of Mie’s theory fail when the molecule- 
solid state transition region is reached. 


OPTICAL MATERIALS / Heterogeneous Materials 455 





The effects of size-dependent dielectric functions 
upon cluster absorption spectra are demonstrated in 
the series of absorption spectra of Figure 10, 
measured on highly diluted heterogeneous systems 
containing spherical Ag, Au, and Cu particles which 
were embedded in a glass matrix. If e(w) were 
independent of size, then the spectra should be 
identical, in the investigated particle size region. 
So, their differences reflect clearly that ¢ = e(R). 

To describe the size effects of the conduction 
electrons, the relaxation frequency y of eqn [10] has 
been modified introducing a parameter that is called 
A-parameter which also contains size effects and also 
particle—host interface effects. To explain the 
electronic size effects in detail, quantum effects have 
to be considered taking the discretization of the 
bandstructure into account, but they can also be 
treated by a simple classical approach: this is the 
mean free path effect (FPE), assuming the mean flight 
time of the effective conduction electrons (i.e., those 
with Fermi energy Ey) between subsequent surface 
collisions amount to 


VFermi 
R 





TYPE = Appr [12] 


The A-parameter is a measure of the effectiveness of 
the single collision in view of relaxation. Complete 
‘memory loss’ of the drift momentum in each collision 
would lead to Agpg = 1. Taking electron correlation 
effects and energy relaxation into account, A-values 
larger than 1 may also be realistic. Values larger than 
unity also occur in multigrain particles, due to grain 
boundary ‘collisions’. 

Various quantum mechanical models of electronic 
particle size effects result in relations, formally 
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coinciding with the 1/R-dependence in eqn [12]. 
Most relevant is the value of A for particles in vacuo 
with clean surface. This value has been determined 
theoretically and experimentally to A ~ 0.25 for 
Ag particles. 


Properties of Internal Interfaces 


Structures of Surfaces/Interfaces 


Only mathematical interfaces in geometry can, in 
fact, be two-dimensional planes separating two 
different volume elements. This is assumed in the 
frame of Maxwell boundary conditions entering 
Mie’s theory. In real nanostructured matter, however, 
the interface regions are three-dimensional layers 
formed by disturbances of atomic and/or of electronic 
structures, and/or of chemical compositions. In 
addition, due to the finite wavelengths of the 
conduction electrons, the according electron density 
‘spills out’ and, as a consequence, we find electron 
density beyond the geometric surface. It should be 
kept in mind that these effects hold, with proper 
changes, for interfaces in nanostructured materials in 
general. Hence, an understanding of the interface 
regions is of key importance for all nano-material. 


Electronic Interface States 


Up to now, this discussion has been restricted to 
particles with uncovered, ‘clean’ surfaces. In most 
practical examples of heterogeneous materials how- 
ever, the building units are embedded in a host 
matrix, deposited upon the surface of a substrate, or 
are in close contact to neighboring crystallites, etc., 
to stabilize the samples. Then, special electronic 
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Figure 10 Measured extinction spectra of Ag, Au, and Cu clusters of various mean sizes, grown in glass matrix. In the case of 


Cu-particles, measurements at 1.5 K are added. 
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interface states are created by contributions of 
particle electrons and host electrons, which are 
(disregarding their density on the surface) similar to 
adsorbate states. 

One might assume that the broad knowledge about 
these states in surface science, obtained from samples 
with extended crystallographic planes, should be very 
useful here. However, the surface of a cluster, in 
principle, differs from the planar surface of a single 
crystal by containing a multitude of different local 
surface structures, atomic sites, and varying atomic 
coordination numbers. Even if the surface structure is 
not irregular (as is usual in nanoparticles), the surface 
consists of several facets of different orientation 
separated by edges and corners. The coordination 
numbers of surface atoms, thus, vary strongly 
(e.g., between 5 at a corner and 9 on a plane), 
indicating surface sites to have different energies. 

We have shown that, if the particles are metallic, 
the ‘particle/host’-interface states give rise to two 
different electronic charge transfer processes of 
particle conduction electrons, the static and the 
dynamic charge transfer. This will be demonstrated 
qualitatively for metal particles by the example 
presented in Figure 11. 


The Static Interface Charge Transfer and its 
Effects Upon Mie Resonance Positions 


At the left side of Figure 11, the conduction band of 
the metal cluster close to its surface is shown, which is 
occupied with electrons up to the Fermi energy Ep 
Chemisorption of a free atom (one energy level E, of 
which is plotted at the right-hand side) is assumed to 


occur by approaching the atom to the cluster surface. 
The resulting energy states are also shown. Let us 
assume the marked electronic level E, in the free atom 
is nonoccupied. During the chemisorption process, 
this level is shifted and broadened, developing density 
of nonoccupied states below the particle Fermi 
energy, which is localized at the three-dimensional 
interface region. After complete the process is, such a 
state will be occupied permanently by electrons of the 
cluster (static charge transfer), and the nanoparticle 
will have lost electrons, thus its electron density being 
reduced. The driving impact of this process is the 
equilibration of the chemical potential in the whole 
cluster-matrix system. 

Now assume we embed a cluster into some 
surrounding material. Then all those atoms of the 
latter, which are situated directly at the interface, 
become chemisorbed at the cluster. Hence remarkable 
amounts of charges can be transferred into the 
interlayer region and an electrical double layer is 
created. As an example, a very strong amount of 
static charge transfer was observed experimentally 
when applying solid Fullerite (Cg 9 molecules) as 
embedding matrix for Ag-nanoparticles: here, each 
C6 in direct contact with the Ag particle attracts one 
electron, forming (Cg9). Hence, in this experiment 
with 500 atoms large particles, in total about 20% of 
the conduction electrons of the Ag-particle were 
transferred into the interlayer. Strictly speaking, such 
a nanoparticle of the heterogeneous material is no 
longer a silver particle because of the remarkable 
changes of electronic properties by static charge 
transfer. 





Atom ata 
metal surface 


Free 
atom 


Figure 11 Electron energy scheme for atomic adsorbation at a metal particle surface. The free atom (energy spectrum: right) 
approaches the particle surface (left; conduction band with Fermi-level E-). Its energy level E, is thereby shifted and broadened 
(including ensemble broadening of many atoms deposited at many clusters). The atoms are assumed to be separated from the metal by 


a tunnel barrier (see text). 
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Some consequences are listed in the following: 

In a first step, let us assume that the electronic 
bandstructure is not altered by the charge transfer. 
Then we expect: (i) changes of level occupation; 
(ii) changes of Fermi energy and Fermi velocity; 
(iii) changes of effective masses close to Ep; (iv) 
changes of surface ‘spill out’; (v) additional adsorbate 
levels and special surface states; and (vi) changes of 
the optical interband transition edge. 

In a second step, we may consider possible changes 
of electronic bandstructure (e.g., energies) and, 
finally, also changes of atomic structures (i.e., lattice 
structures and/or surface structures). 

Since plasmon frequencies depend on the conduc- 
tion electron density, the resulting Mie resonance can 
monitor and give quantitative information of this 
effect. We find shifted by the static charge transfer: 
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with 1, being the conduction electron density in the 
cluster in vacuo, and ny being the electron density 
after contact with foreign material (adsorbate, sub- 
strate, or host-matrix). This peak shift of the Mie 
resonance, however, is superimposed in the experi- 
ment by a much larger shift, following simply from 
the change of Maxwell boundary conditions by the 
altered dielectric constant of the particle surrounding 
Ematrix» When going from vacuum to a matrix 
material. Hence, the experimental determination of 
static charge transfer processes is rendered more 


difficult. 


The Dynamic Interface Charge Transfer and its 
Effects Upon Mie Resonance Widths 


After the static charge transfer in Figure 11 has taken 
place, electrons close to Ep can fluctuate between the 
cluster and empty adsorbate levels, if present at Ep. 
The residence times in these levels, which are usually 
separated from the Fermi sea of the metal cluster by 
some tunnel barrier, vary statistically. If a plasmon is 
excited, i.e., mainly a collective, phase ordered 
motion of all conduction electrons superimposed to 
their statistical motion, we may assume that, after 
such electron transfer back and forth, the reminis- 
cence to the primary drift momentum, and the phase 
of this excitation, has been lost. Thus, the phase 
relaxation of the plasmon is increased. 

The consequences of this dynamic charge transfer 
effect (‘chemical interface damping’) have been 
investigated in detail. Here, we only state that 
the directly observable main consequence is the 


broadening of Mie resonances. If the particles are 
sufficiently small to neglect radiation damping (this 
is the case for Ag clusters smaller ~15 nm), band 
broadening is only due to internal energy dissipation 
and the band width can be modeled quantitatively 
with the modified relaxation frequency y in eqn [10] 
which yields an additive correction term: 
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with the A-parameter extended to the additional 
electronic excitations in the particle/host interlayer: 
A= Asgize effects Ainterface effects [15] 
The A-parameter of eqn [15] now expresses both 
the strengths of the particle size effects and of 
the chemical interface damping, due to statistically 
varying occupation of interface states near Er. 

An important feature of this model is that the 
dependence on the kinds of materials is described 
by specific material parameters (Agize effects and 
Ainterface effects)> and the direct size dependence effects 
are given by an 1/R-dependence, for both the direct 
size effects and the interface effects. For one fixed 
cluster size R, the magnitude of Ajnterface effects directly 
characterizes the probability of the single temporal 
charge transfer, including the number and energies of 
contributing interface states; hence, important prop- 
erties of the adsorption process can be investigated by 
determining the A-parameter. 


Experimental Results 


In the experiments presented in the following, we deal 
with the interfaces between clusters and a more or less 
homogeneous solid embedding medium. We selected 
very small silver nanoparticles of about 2 to 4 nm size 
with accordingly large ratio of surface- to volume- 
atoms, in order to optimize the sensitivity of the 
measurements. Silver is unique in having the most 
pronounced Mie resonance of all known materials. 

In Figure 12 two classes of matrix materials are 
presented, fluorides and oxides. The absorption 
spectrum of the free particles with uncovered ‘clean’ 
surface (measured in a cluster beam in UHV) is added 
in both diagrams which is only influenced by size 
effect. General features are, that embedding in a host 
medium causes: 


e drastic Mie resonance peak shifts toward IR, 
depending on the dielectric constant of the matrix 


458 OPTICAL MATERIALS / Heterogeneous Materials 





Ag clusters (2R = 2 nm) in 


GrQ — InSnQ (ITO) -— SrTiO — AlO SiG — free beam 









Aq clusters (2R = 2 nm) in 


MogF - LiF — CaF — free beam 








0.03 
0.04 

< 0.02 

Ss 

Ee 8 

ix = 0.02 

0.01 a 

0.00 oe ee ee ee ome 0.0000  —«*0.00 ee ile eee oe eee 
40 15 20 25 30 35 40 45 59 10 15 20 25 30 35 40 45 59 

Energy (e¥) Energy (e¥) 


Figure 12 Measured optical extinction spectra of 2nm Ag nanoparticles, embedded in various different embedding materials. 
For comparison, the spectrum of the free nanoparticle beam is added. Left side: oxidic materials, right side: fluoridic materials. 


Ematrixs Which classically follow from Mie’s theory 
and by comparingly small additional shift due to 
static charge transfer; 

e drastic broadening (exceeding, in some cases, all 
known size effects), which according to eqn [14], 
can be described by characterizing values of the 
A-parameter. Recently, these parameters have been 
experimentally determined for Ag nanoparticles 
embedded in a broad variety of host materials. 
Their interpretation is rendered difficult, however, 
due to inhomogeneous broadening of varying 
magnitude. 


We can immediately judge from Figure 12 that both 
shift and broadening are larger in the case of oxidic 
matrices than of fluoridic ones, i.e., oxides possess 
more interface states close to Ep of the material. 
In Figure 13, observed peak positions hw,,,, and 
broadenings expressed in the resulting A-parameters, 
are summarized for a broad variety of different 
embedding materials. 


Comparison of Plasmon Polariton 
Lifetimes with Femtosecond 
Experiments 


In the last section, experimental examples were 
presented to show how fundamental physical proper- 
ties are changed by forming heterogeneous materials. 
Because the Mie resonance widths are mainly a 
consequence of finite plasmon polariton life times 7, 
(in addition, there are interband contributions, in 
larger particles radiation damping, and dispersion 
influence), the latter can be evaluated from measured 
optical absorption spectra. This supposes the 
bandwidth to be essentially homogeneous. From 
a width analysis fitting Mie’s theory numerically we 
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Figure 13 Silver nanoparticles (22 =2nm) embedded in 
various solid host matrices: measured Mie peak positions and 
resonance halfwidths expressed by the A-parameters. 


obtained for Ag particles, free flying in UHV with 
uncontaminated free surfaces and 2 nm in size, a 
plasmon lifetime of += 6 fs. Under these experi- 
mental conditions, the measured bandwidth is the 
homogeneous one. 

Concerning the size dependences, we can extra- 
polate to larger particles. The longest lifetimes are 
expected for 15 nm particles, for which 7 = 15 fs was 
obtained by extrapolating the experimental data for 
2 nm particles to this size. The same width analysis 
was performed for the nanoparticles embedded in 
matrix materials, and as a result, the lifetimes 
drastically decrease down to 1-2 fsec. The observed 
increase of the A-parameter, as shown in the previous 
section, is thus directly correlated to the measured 
decrease of the plasmon polariton lifetime. Hence, we 
conclude that the decrease of the lifetime is mainly 
due to increased phase relaxation caused by the 
dynamic charge transfer effect. 
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These results can be compared with recent femto- 
second spectroscopy experiments which have recently 
given much impact on the experimental investigation 
of the dynamics of Mie resonances in silver and gold 
nanoparticles. In these experiments data between 
6 and 10 fsec were obtained for deposited Ag and Au 
particles of different sizes and different substrates. 
Regarding the complexity of the different exper- 
iments the correspondence of the data appears 
convincing. 

Obviously the lifetimes evaluated in the frequency 
domain, from our spectra of particles in vacuo, 
coincide with the lifetimes determined in the time 
domain. The latter, though, were measured with 
larger particles deposited on substrates (i.e., not from 
free particles but including interactions with sub- 
strates). 

As a concluding remark, it may be pointed out 
again, that the optical properties and the heterogen- 
eity effects presented here for the model system of 
nanoparticle/host-matter, are also to be found in 
other examples of the large field of heterogeneous 
materials. 


List of Units and Nomenclature 


Absorption bandwidth r 
circular frequency [s '] w 
dielectric constant/dielectric € 


function [-] 


effective electron mass [kg] Meg 

electric field [V m7 '] E 

(electron) relaxation frequency y 
[s*] 

electron state energies for By Ey 


initial and final state [J] 
elementary charge [C] €o 
extinction, scattering, 
absorption cross 
section [m7] 


Gexts Fscar Fabs 


Fermi energy [J] Er 

Fermi velocity of electrons VEermi 
[ms~"] 

intensity [W m ”| I 

Kronecker energy distribution o(E) 
Bikes 

magnetic field [A m ‘] H 

norm of wave vector of k 
electrons [m~*] 

number density of conduction n 


electrons [m7 >] 
Riccati-Bessel functions of 
first kind [-] 
particle radius [m] R 
(phase-) life time [s] T 


Planck constant [J; ] h 

Riccati-Bessel functions of Ny (2) 
third kind [-] 

scalar electromagnetic LT 
potentials [V] 

susceptibility [—] N 

transition matrix element Mir 
[kg ms ‘] 

vacuum permittivity E0 
[CV 'm)] 

vacuum velocity c 
of light [ms] 

vacuum wavelength A 
of light [m] 

wave vector of electrons [m~'] k 

See also 


Scattering: Scattering Theory. Semiconductor Physics: 
Polarons. 
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The desire to probe the heavens is as old as humanity; 
the realization that the human eye could be aided in 
these investigations is somewhat more recent. In May 
1609, Galileo Galilei, while visiting in Venice, heard 
about the new ‘telescope’ invented by the Dutch lens- 
maker Hans Lipershay and decided that it would be 
useful in his astronomical investigations. He returned 
to his home in Padua and made his own telescope 
comprised of 4.2cm diameter plano-convex and 
plano-concave lenses. With this telescope, Galileo 
discovered the satellites of Jupiter; got tenure; had his 
salary doubled —- and the race was on! It did not take 
too long to realize that ‘bigger’ was ‘better’, and from 
this point forward, there has been a continuous 
striving to increase collecting area and resolution, 
thereby enabling the astronomer to ‘see’ farther and 
farther into the heavens. 

The limitations of refractive optics soon 
prompted investigations into reflecting optics — 
mirrors. In 1668, Isaac Newton produced the first 
reflecting telescope having a 2.5 cm diameter mirror 
made of speculum (copper (6), tin (2), and arsenic 
(1)). A little over 100 years later, in 1789, William 
Herschel constructed his ‘Great Telescope’, having a 
1.22 m diameter mirror made of bronze. Of course 
as telescopes grew, so did mirror weight. In 1845, 
William Parsons’ ‘Leviathan’ was built. It had a 
1.84m diameter mirror made of speculum that 
weighed 3600 kg — a whopping 1354 kg m™. 

Problems with corrosion in speculum and bronze 
mirrors led to a renewed interest in glass, and the 
development of highly reflective coatings soon made 
metal mirrors obsolete. In 1917, the mirror for 
the Hooker telescope arrived on Mount Wilson. 
Made by the Saint Gobain glassworks in France 
from the same material used for wine bottles, the 
mirror was 2.54m in diameter, 33cm thick and 
weighed over 4000 kg (789 kg m7”). 

The increasing weight of larger and larger mirrors 
produced practical problems for telescope makers 
and astronomers. Herschel’s telescope was so 
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unwieldy that he found it almost impossible to use 
and returned to smaller telescopes for most of his 
observations, and the 2.54m Hooker telescope 
required a 100ton mount and drive system. 
Obviously, if telescope apertures were to increase, 
steps had to be taken to make mirrors lighter. The 
first major success in this arena was accomplished 
for what was to become the Hale Telescope 
commissioned at the Palomar Observatory in 
1948. In 1936, Corning cast a mirror made of a 
new borosilicate glass blend called Pyrex. The blank 
was lightweighted by placing hexagonal shaped 
obstructions in the mold which created correspond- 
ing voids in the glass. The finished mirror (Figure 1) 
was 5.08 m in diameter, 61 cm thick at the edge and 
weighed approximately 13 000kg (641 kgm). 
Even with this degree of ‘lightweighting’ the 
mounting and drive mechanisms still weighed 
around 182 000 kg. 

Although the desire for larger ground-based 
telescopes provided the initial impetus for develop- 
ing lightweight mirrors, the advent of the space 
program and the desire to put telescopes in space 
became the main driver in the pursuit of ‘serious’ 
lightweighting techniques. The cost of launching 





Figure 1 
the Hale Telescope. Reproduced with permission from the 
Palomar Observatory/California Institute of Technology. 


5.08 m Pyrex™ mirror made by Corning/Caltech for 
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large telescopes into space quickly becomes prohi- 
bitive as aperture size increases. Consequently, the 
current emphasis is on developing ultra-lightweight, 
deployable telescopes that permit ever-increasing 
apertures to be placed in orbit. Fortunately, the zero 
gravity environment of space permits satisfactory 
operation of such ultra-lightweight telescopes and 
therefore the extent to which a mirror can be 
lightweighted is primarily dependent upon the 
mirror material and the manufacturing techniques 
utilized. 


Manufacturing 


Mirror manufacturing can, in some sense, be divided 
into two general classes, one that removes material 
(direct generation) and one that deposits material 
(replication). The two classes have significantly 
different limitations relative to producing lightweight 
mirrors. Direct generation encompasses the more 
traditional methods of mirror manufacturing, blank 
fabrication, and optical surface generation, i.e., 
grinding and polishing. Many innovative techniques 
have been developed over the past decade that have 
not only made significant strides in improving 
fabrication times, optical figure, and surface finish, 
but have also made possible the reduction of weight 
to unprecedented levels. 

Although extremely lightweight mirrors are 
being fabricated using direct generation, in the end, 
there are limitations in the fabrication processes that 
are not present in replication. This process offers the 
fascinating potential to create mirrors that are only a 
few molecules thick, thereby bringing a new meaning 
to the term ‘lightweight optics’. 


Direct Generation 


Mirror blank fabrication 

Casting lightweight glass mirror blanks has evolved 
substantially since 1936. Four 8.2m diameter 
Zerodur™ mirror blanks were spun cast for the 
European Southern Observatory’s Very Large 
Telescope Interferometer. The largest mirror cast to 
date was the 8.4m borosilicate mirror cast in a 
spinning oven for the Large Binocular Telescope on 
Mount Graham. Although not exactly lightweight by 
space standards - the blank weighs 15 455 kg 
(266kgm~7) — it is substantially less than a 
conventionally cast solid blank. 

It has been postulated that an areal density of 
around 64kgm * probably represents the limit of 
lightweight glass castings. Therefore, as the demand 
for lighter and lighter mirrors increased, methods 


other than casting had to be developed. Investigations 
in the 1960s indicated that mirrors could be 
lightweighted to about 180 kg m * by first fabricat- 
ing a ‘honeycomb’ core and then fusing plates on the 
front and back of the core using a high-temperature 
fusion process. This process was used to produce 
the Hubble Space Telescope mirror (Figure 2). 
Hubble had a 2.5 cm thick face-sheet and back- 
sheet and a honeycomb interior constructed of 
individual pieces 0.5 cm thick. These pieces were 
assembled and placed in a large furnace where the 
temperature was increased until they fused together. 
The resulting 2.4 m diameter mirror weighed 828 kg 
(183 kg m7’). 

During the 1980s, Frit bonding technology was 
developed. Unlike the fusion process, Frit allowed 
the bonding of glass elements at a lower tempera- 
ture. This allowed the cross-sections of the glass 
elements to be significantly reduced. The thicknesses 
of face-plates were typically reduced to around 
7mm and areal densities in the 40-50 kgm 
range became routine. New advances were also 
made in core manufacturing. Diamond tooling was 
developed along with computer controlled systems 
to machine cores from solid blanks. High-pressure 
water jets were developed that allowed cores to be 
made much faster than with diamond tooling. In 
addition, the water jet cutting provided the ability 
to create very flexible geometries optimized to 
minimize weight while retaining stiffness. Water 
jets could machine core walls that could be held to 
a thickness of around 1.5 mm over a core depth of 
20cm. Computer controlled diamond machining 
has created even thinner cores (less than 1mm in 
thickness) but the process requires longer generation 
times. 





Figure 2 2.4m ULE™ mirror made by Corning/Perkin Elmer for 
the Hubble Space Telescope. Photography courtesy of NASA. 
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Material removal 
The evolution in blank manufacturing required a 
corresponding evolution in the process of material 
removal. Many new grinding and polishing tech- 
niques were developed over the years to more accu- 
rately and rapidly generate precision optical surfaces. 
These included adaptive force grinding, electrolytic 
in-process dressing (ELID), water jet figuring, 
computer controlled polishing, stress lap polishing, 
magneto-rhelogical figuring (MRF), plasma-assisted 
chemical etching (PACE), ion figuring, and vacuum 
lap figuring. Most of these processes induce localized 
forces on the face-sheet in the process of material 
removal, and for a ‘honeycomb’ mirror, the face-plate 
deflects away from the grinding/polishing tool as the 
tool reaches the center of the cell. This means that less 
material will be removed in the center of the cell than 
at the edge of the cell where the core wall holds the 
face-sheet against the tool. This creates a ‘quilted’ 
pattern in the surface that must be removed in 
subsequent steps. As face-sheets become thinner, 
quilting becomes more pronounced and the process 
of removing ‘quilting’ becomes exacerbated. For a 
number of years, this was the limiting factor in the 
development of high-precision lightweight mirrors. 
Ion figuring is a noncontact process that has 
eliminated the problems associated with mechanical 
material removal. It bombards the surface of the optic 
with neutralized ions causing atoms to be dislodged. 
The process creates no deflection of the surface and 
therefore can remove quilting and other irregularities 
without generating further distortion in the surface. 
This has permitted 2-3 mm thick face-plates to be 
manufactured without concern for quilting effects. 
Primary limitations now being encountered are in 
face-plate generation and the various associated 
handling processes. Great care must be taken to 
avoid fracture. Spin casting ultra-thin face-plates is 
being investigated as a means of further reducing 
problems in the generation process. The 0.75 m 
mirror made for IKONOS, the high-resolution 
imaging satellite, represents the state-of-the-art in 
all-glass lightweight mirrors (28 kg m 7). 


Replication 


Replication techniques are quite common in low-cost 
production mirrors and lenses for commercial pur- 
poses. However, there are also a number of tech- 
niques that hold great potential for precision mirrors 
as well. Chemical vapor deposition (CVD), plasma 
vapor deposition (PVD), plasma spray deposition, 
and electro-forming are all being investigated for 
producing lightweight precision mirrors. This class of 
mirror generation does not start with a mirror blank 


per se, rather it replicates a ‘mandrel’ that has the 
appropriate surface finish and the inverse of the shape 
desired in the final mirror. The mandrel can be made 
very rigid and therefore unperturbed by either 
gravitational forces or the localized forces generated 
by grinding and polishing. Extremely thin mirrors 
with areal densities on the order of 0.1 kgm * are 
currently being manufactured using replication 
techniques. These ‘membrane’ mirrors are currently 
being used for solar energy collection; however, recent 
advances in membrane quality and wavefront correc- 
tion techniques hold out the promise of producing 
high-resolution, membrane imaging systems. 


The Future? 


Theoretically, single-molecule thick mirrors could be 
manufactured in space using self-replicating nano- 
technology systems that ‘grow’ mirrors according to a 
mathematical description of the desired optical sur- 
face. These ‘smart’ mirrors could self-correct in the 
presence of physical disturbances and self-heal when 
damaged. They could be ‘grown’ to hitherto unim- 
agined size, being limited only by the availability of 
raw material. Such mirrors, however, are definitely of 
the future and should merit re-examination 20 years 
hence. 


Materials 


A variety of materials have been developed over the 
years that have led to lighter and lighter mirrors. 
Recently, metals are coming back into play as means 
of fabricating stiff, lightweight mirrors. These metals 
include beryllium, nickel, nickel alloys, aluminum, 
and aluminum alloys. Composite materials are also 
playing a large role in lightweight mirror fabrica- 
tion, both as a support structure and also as a 
reflecting surface (with appropriate coatings). 
Hybrid mirrors comprised of a combination of 
glass and composites have also been developed, as 
well as combinations of glass and beryllium. Various 
forms of silicon carbide have been extensively 
investigated and lightweight mirrors of pure silicon 
are being manufactured. Glass still plays a signifi- 
cant role in large lightweight mirrors, and various 
plastics are under investigation for the production of 
ultra-thin membrane mirrors. 


Glass, Glass Ceramics, and Hybrids 


The most common glass/glass ceramic materials used 
in large telescope mirrors are fused silica, ULE™ 
(Ultra-Low Expansion) glass, and Zerodur™, a glass 
ceramic. As was mentioned earlier, there are a variety 
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Figure 3 


1.5 mULE™ mirror made by Corning/Kodak for NASA’s 
Next Generation Space Telescope Advanced Mirror System 
Demonstrator technology program. Photograph courtesy of NASA. 


of methods available for the manufacture of glass 
mirrors depending upon the extent of lightweighting 
desired. Most of the current effort in lightweight 
mirrors is centered around hybrid mirrors. One 
method bonds very thin (2-3 mm) glass face-sheets 
to composite cores to form ‘sandwich’ mirrors. 
Another method attaches face-sheets to composite 
back-plane structures via actuators. In the latter case, 
the actuators can be used to actively control 
mirrors to correct for distortions. These mirrors 
were developed as part of the James Webb Space 
Telescope technology program, and typically have 
areal densities on the order of 15 kg m 7 (including 
back-plane structures). An all glass face-sheet and 
core is shown in Figure 3. 


Silicon Carbide 


Silicon carbide has long been a promising material for 
lightweight mirrors. It has many of the desirable 
properties of beryllium and is nontoxic. Until recently 
difficulties were encountered in producing mirrors 
larger than ~ 0.5 min diameter. Of late, several manu- 
facturers have produced large (<1 m) lightweight 
mirrors using different processes; sintering, liquid 
silicon infiltration and chemical vapor deposition. 
The sintering process consists of preparing a finely 
ground silicon carbide powder mixed with organic 
binders and additives and then compacting the 
powder by isostatically pressing it at high pressure. 
The resulting compact is then machined to the desired 
shape and weight and the blank heated to cause 
agglomeration of the particles. The resulting material 
is known as reaction-bonded silicon carbide; it can be 
polished to around 30 angstroms and can be ion 
figured. If smoother surfaces are required, then a 
layer of CVD or PVD silicon carbide can be added. 
A 1.35 m diameter mirror has been fabricated as a 


demonstration for the European Space Agency’s 
Herschel Space Observatory. The mirror was fabri- 
cated in nine segments that were then brazed together 
to form a unified 26 kg m * blank. This mirror was 
not designed to test the limits of lightweight and, 
consequently, there is no reason to believe that this 
process could not achieve an areal density compar- 
able to the 7.8 kgm * of Cesic™ described in the 
following paragraph. The size of mirrors produced 
using this technique is currently limited to around 
4 m due to the availability of the furnaces required for 
segment brazing. 

The liquid infiltration process is used to create a 
biphase carbon, silicon carbide material known as 
Cesic™. This material is manufactured by creating 
a block of chopped carbon fibers embedded in a 
phenolic resin. The block is machined to the desired 
shape and then put into a furnace where the 
temperature is elevated until the resin is turned to 
carbon. The temperature is further elevated and 
liquid silicon infiltrated to produce silicon carbide. 
Bare Cesic™ can be polished to approximately 
100 angstroms. In a subsequent step, a silicon carbide 
slurry can be applied to the blank that can be polished 
to around 30 angstroms. It is also possible to add a 
CVD or PVD silicon carbide layer to the blank that 
can be polished to obtain angstrom-level surfaces. A 
1.04 m diameter Cesic™ mirror has been constructed 
for the NASA program, Solar Lite. The mirror weighs 
approximately 60kg for an areal density of 
56kgm *. Again, this mirror was not designed to 
test the limits of lightweighting, but in a separate 
demonstration, an areal density of 7.8 kgm * was 
achieved. The size of mirrors produced using this 
technique is also currently limited to around 4 m due 
to the availability of existing furnaces required for 
infiltration. 

The CVD process produces a SiC material that is 
highly polishable, yielding surface finishes on the 
order of angstroms. It has been used quite successfully 
as a coating layer, and has the potential to provide a 
means of replicating very lightweight mirrors by 
depositing a thin layer of SiC onto a mandrel. In one 
approach, the mandrel has the appropriate shape, but 
not the surface finish. In this case, once the SiC has 
been deposited, the mandrel is burned away and a SiC 
mirror blank is left. The blank is then ground and 
polished to produce the desired figure and finish. If 
the blank is too thin, this can present a problem in 
achieving a high-performance mirror. A second 
approach involves the deposition of SiC onto a 
figured and polished mandrel. In principle, both the 
figure and surface finish can be replicated. Success in 
this approach, however, has been somewhat limited, 
and although 20-angstrom surface finishes have been 
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replicated, they have not been repeatable. A 1m 
diameter blank was manufactured using the first 
approach, but it too has not been repeated and the 
lack of success appears to be due to high stress 
developed in the deposition process. The residual 
stress in the blank causes large-scale deformation and 
frequently fracture. 


Beryllium 


The extremely high stiffness of beryllium makes it a 
highly desirable candidate for lightweight mirrors. 
Unfortunately, it is a highly toxic material and there 
are only a very few companies involved in the 
manufacture of beryllium mirrors and even fewer 
that produce the raw material. Blanks are manufac- 
tured by isostatically compressing beryllium powder 
at high temperature and pressure. The blanks are then 
machined and subsequently ground and polished. 
Early beryllium mirrors often exhibited interesting, 
mysterious changes in figure after seemingly benign 
handling events. Unpredictable changes in figure also 
occurred as they were cycled between ambient and 
cryogenic temperatures. These problems appear to 
have been resolved with the production of spherical 
powder. The older powder consisted of irregularly 
shaped particles and when the powder was com- 
pressed, small, irregularly shaped voids were created 
throughout the material. It is hypothesized that these 
voids changed in size and shape as the blank was 
stressed, thereby causing unpredictable dimensional 
changes in the blank. The spherical powder permits 
uniform, high-density packing yielding homogeneous 
blanks that do not appear to exhibit unpredictable 
dimensional changes. 

The lightest-weight beryllium mirror to date 
(11.8 kg m~?) was made for NASA’s James Webb 
Space Telescope technology program. This tech- 
nology was selected for the flight mirror. The weight 
reduction was achieved by machining the blank to 
create an open back honeycomb structure with an 
integral face-sheet. The ability to fabricate large 
beryllium mirrors is limited by the availability of 
facilities capable of isostatically pressing the material 
at the requisite pressures and temperatures. Cur- 
rently, blank sizes are limited by available isostatic 
presses to around 1.2 m in width and 1.6 m in length. 
The expense of construction of larger facilities 
combined with limited need make it highly unlikely 
that any larger mirrors will be manufactured in the 
near term. A brazing process, however, has been 
demonstrated for joining segments to form a large 
blank. This process could, in principle, permit the 
fabrication of mirrors several meters in diameter. Bare 
beryllium can be polished to around 30 angstroms 


surface finishes. If smoother surfaces are required, 
beryllium can be vacuum deposited on the blank. 
Nickel may also be deposited on the blank; this has 
the added benefit that it can be polished without the 
special facilities required for the hazardous beryllium 
polishing operations. The drawback of using nickel is 
that of the bimetallic effect if the mirror is to be 
operated over a wide temperature range. The Vavilov 
Institute in Russia has developed an alternative 
approach to obtaining good surfaces by creating a 
glass that matches the coefficient of thermal expan- 
sion (CTE) of beryllium over a 50° temperature range. 
The glass is then fused to the beryllium blank. 
There have been numerous attempts over the 
years to produce replicated mirrors using a CVD 
process to deposit beryllium on a mold. So far these 
attempts have been unsuccessful, the process produ- 
cing a material structure that no longer has high 
stiffness. 


Silicon 


Silicon as a mirror material has the advantage of 
being a very homogeneous material that can be 
polished to very smooth surfaces (angstrom level) 
very rapidly. A lightweight mirror has been 
fabricated using a silicon face-sheet brazed to a 
central core of silicon foam. This mirror 
‘sandwich’ has demonstrated an areal density of 
<15 kg m *. Technology has been developed to braze 
segments together in a manner that has been shown to 
have no adverse effects on either polishability or 
cryogenic performance (i.e., no distortion across the 
braze). Consequently, it should be possible to 
manufacture lightweight silicon mirrors of 1m 
diameter or larger. 


Composites 


There have been many attempts to manufacture 
mirrors from composite materials, beginning 
initially with graphite/epoxy and more recently with 
graphite/cyanate-ester. These mirror are produced by 
laying up graphite sheets impregnated with epoxy, or 
cyanate-ester on a near net shape mold and then 
curing the material at elevated temperatures. The 
optical surface is typically created by coating another 
mold (this time with the desired optical surface) with 
a passivation layer and then with epoxy and placing 
the near net shape composite substrate on the epoxy. 
When the epoxy cures, the completed mirror is 
separated from the mold and the epoxy surface ion 
milled to remove residual errors such as fiber print- 
through. These mirrors can be very lightweight 
(~5kgm~7), but typically have problems with 
large-scale distortion due to inhomogeneities due to 
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the lay-up process. The epoxy surface replication can 
also be a problem if the mirror is subjected to 
temperature extremes. A 3.5 m diameter composite 
mirror was made as a demonstration for the FIRST 
program. It has suitable performance for submilli- 
meter and infrared wavelengths, but not for shorter 
wavelengths. At this time, the accuracy required 
for large (>1 m) visible imaging systems has not yet 
been achieved. 


Gossamer Mirrors 


The term ‘gossamer’ refers to that category of mirrors 
that in and of themselves have no structural rigidity 
beyond spatial scales of fractions of millimeters. 
Several materials are currently being used for these 
types of materials including Kapton™ and various 
other polyimide films. The initial shape of the 
membrane is formed by a variety of techniques 
including vacuum forming, pressure forming, spin 
casting, hot forming, and others. Early mirrors were 
manufactured by joining together triangular-shaped 
segments (gores) to form the desired shape. When 
deployed, these mirrors require some means of 
applying pressure to achieve the desired shape. 
Some methods have involved applying force at the 
edge to put the mirror in tension; some involve using a 
clear membrane as a face-sheet and then pressurizing 
the combination to create a ‘lens’ with a reflecting 
inner surface. Most recently, techniques have been 
demonstrated involving various forms of electrostatic 
deflection to achieve the desired shape after deploy- 
ment. At present the primary applications are in the 
area of solar collection, power beaming, and thermal 
propulsion. The mirrors are approaching the quality 
required for imaging telescopes, particularly for small 
sizes. Techniques for correcting these mirrors with 





Figure 4 


15 m antenna made by L’Garde for NASA’s Inflatable 
Antenna Experiment. Photograph courtesy of NASA. 


‘downstream’ active optics have reached the 
point where it is not unrealistic to imagine that 
membrane optics could soon reach the accuracy 
required for imaging. There have been two space- 
based demonstrations, one by the Russians — a 20 m 
reflector — and the other by the USA - a 14m 
inflatable antenna (Figure 4). 


Grazing Incidence Mirrors 


Broadband X-ray telescopes make use of the reflec- 
tion property of materials at angles of grazing 
incidence. The most common design is based on the 
X-ray microscope objective designs of Wolter in the 
early part of the twentieth century. These mirrors 
are hyperboloids and paraboloids of revolution. 
This configuration provides a structural rigidity not 
present in normal incidence mirrors; consequently, 
X-ray mirrors can be made much lighter. The largest 
mirror of the Chandra X-ray Observatory is made 
from Zerodur™ (Figure 5). It is a 1.2 m diameter, 
0.9 m long cylindrical mirror with a wall thickness of 
only 24 mm. Such a thickness in a normal incidence 
mirror of this size could be easily deformed. 
Lightweight approaches in grazing incidence optics 
are almost all concentrated in various forms of 
replication. Recent developments in electroformed 
nickel alloy mirror technology have resulted in a 
0.5 m diameter 0.6 m long mirror that weighs only 
1.2kg (Figure 6). A similar-sized mirror in the 
Chandra telescope weighs over 100 kg. Extremely 
lightweight cylindrical mirrors have been made from 
graphite/epoxy and from CVD SiC. Various investi- 
gations are underway in producing segments of 
cylinders that are then mounted to form a complete 





Figure 5 


1.2m Zerodur™ made by Schott Glass Werken/ 
Hughes Danbury Optical Systems for NASA’s Chandra X-ray 
Observatory. Photograph courtesy of NASA. 
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Figure 6 0.5m electro-formed nickel—cobalt technology mirror 
made by NASA’s George C. Marshall Space Flight Center 
for NASA’s Constellation X-ray Mission technology program. 
Photography courtesy of NASA. 


cylindrical mirror. These techniques involve a variety 
of materials including aluminum foil, and beryllium 
plates. In segment replication, the mandrel is passi- 
vated and then coated with the desired reflecting 
material of the final optic (the passivation process 
prevents the coating from adhering too strongly to the 
mandrel.) After the mandrel has been coated with the 
reflecting material, an epoxy coating is applied and a 
preformed shell segment is placed on the epoxy. After 
the epoxy cures, the segment can be removed from the 
mandrel along with the desired reflective surface 
(typically gold). In this case, the preformed shell does 
not have to have as precise a figure, or surface as the 
mandrel, since the epoxy will accommodate minor 
differences. 


See also 


Geometrical Optics: Lenses and Mirrors. Imaging: 
Adaptive Optics; Wavefront Sensors and Control (Imaging 


through Turbulence). Instrumentation: Astronomical 
Instrumentation; Telescopes. Optical Materials: Smart 
Optical Materials. 
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Introduction 


The interaction of light with solids takes place 
through different mechanisms, depending on the 
type of material and the range of wavelength 
investigated. Insulators or dielectrics are typically 


transparent to visible light while most semiconduc- 
tors are opaque to visible light yet transparent to 
infrared radiations; in contrast metallic solids appear 
shiny because they reflect all wavelength up to the 
ultraviolet region. The optical properties of a solid 
depends on its chemical composition and its struc- 
tural properties and vary for every material, though, 
one parameter, the complex refractive index n, is suffi- 
cient to characterize entirely the optical properties 
of a specific material. 
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In this article we will briefly review the physics 
underlining the nature of the refractive index n, in 
order to understand its relationship to the observable 
quantities such as absorption, reflection, and trans- 
mission routinely measured in optics experiments. 
A description of the experimental techniques, as well 
as a physical interpretation of the data, will also be 
presented. 


Origin of Light Interaction 
with Matter 


Light is described as a transverse electromagnetic 
wave consisting of an electric and magnetic field 
oscillating perpendicular to the direction of propa- 
gation at optical frequencies within 10'? — 10'” Hz. 
This range of frequencies comprises the ultraviolet, 
visible, and infrared domain. On the other hand, solid 
mediums are composed of charged particles, negative 
electrons, and positive ions producing electric 
dipoles, which can be polarized under the action of 
an electric field. Hence, when electromagnetic radi- 
ation impinges upon a material it interacts by 
polarizing the molecular units, producing oscillating 
dipole moments. This interaction results in several 
observable optical phenomena such as reflection, 
transmission, absorption, or scattering, which will be 
described in more detail in a following section. The 
classical model of light propagation assumes that the 
oscillating electric field can interact with several 
different types of dipole oscillators within the 
material. Different dipoles are usually accessed by 
light wave from different frequency range depending 
on their mass. 


Electronic Oscillators 


Lorentz originally proposed that the electrons bound 
to the nucleus of an atom behave as oscillators. In this 
representation, electrons behave as if they were held 
by springs and subjected to a linear restoring force, 
therefore oscillating up and down (Figure 1a). This 
representation of an atom might seem to contradict 
the conventional picture of electrons orbiting around 
the nucleus; however, it is valid as far as light—matter 
interactions are concerned. The resonant frequency of 
such an oscillator is proportional to the inverse of its 
reduced mass pw defined as 


1 1 1 

— = — + — [1] 
my 

where my and m, are the mass of the nucleus and 
electrons, respectively. The resonant frequency wp is 
then related to w according to 


@ o [2] 
pb 


(a} — Electronic oscillator (b) = Vibrational oscillator 


Figure 1 (a) Classical oscillator model of a polyelectronic atom. 
The electrons depicted as black dots are bound to the positive 
nucleus by springs, which represent the electrostatic restoring 
forces between the charged particles. The electronic oscillators 
are distorted under the effect of an electric field. (b) Classical 
model of a diatomic vibrational oscillator. The chemical bond is 
represented as a spring and the charged ions vibrate around their 
equilibrium position under the effect of an oscillating electric field. 


Considering that my <m, we can assume that 
f@=m, and show that the smaller mass of the 
electron determines the resonant frequency of 
the oscillator. Hence, resonant electronic oscillations 
are accessed at higher frequencies in the ultraviolet 
and visible region of the spectrum. In solids, the 
quantum theory shows that these resonances 
correspond to excitation of electrons across the 
gap between a full valence band and an empty 
conduction band. 


Vibrational Oscillators 


The second type of dipoles contained in the medium 
are based on pairs of charged atoms vibrating around 
their equilibrium position in the solid. Every atom 
has a different electronegativity, hence the electronic 
density on atomic pairs is distorted and result in a 
charge imbalance, which can couple to the electric 
field of light. This generates oscillating dipoles, which 
involves the motion of atomic nucleus (Figures 1b). 
The nuclear mass being several orders of magnitude 
larger than the electronic mass, we can show by 
analogy with eqns [1] and [2] that the resonant 
vibration will occur at lower frequencies in the 
infrared region. In solids, the quantum theory 
shows that the lattice atoms vibrate cooperatively 
and generate quantized lattice waves called phonons. 


Free Electron Oscillators 


In contrast with the bound electrons from the 
electronic oscillator model, free electrons can move 
without being subjected to a restoring force. These 
correspond to the conduction electrons present in 
metals and to a smaller extent in doped semiconduc- 
tors. The free electron oscillator model is therefore 


468 OPTICAL MATERIALS / Measurement of Optical Properties of Solids 










Orientation — 
Distortion 


Electronic 


Infrared Visible Ultraviolet 


Radio microwave 


Figure 2 Contributions to the polarizability of a medium as a 
function of light frequency. At optical frequencies, the molecules 
cannot re-orient fast enough to follow the reversing electric field 
and the contribution of dipole orientation is lost. 


principally used to describe the optical properties of 
metals such as reflectivity. The free electrons are well 
described as conventional oscillator with a natural 
resonant frequency wp) = 0. 

The relationship between the applied electric field 
E and the resulting polarization of the medium P is 
expressed through the dielectric susceptibility y as 


P= e0XE [3] 


where &) is the permittivity of vacuum. We can 
generally recognize three contributions to the dielec- 
tric susceptibility or the polarizability of an optical 
material (Figure 2). Applied fields in the radio or 
microwave region oscillate slowly enough that polar 
molecular units can reorient and align in the direction 
of the field. The characteristic time for orientational 
motion is fairly long and this contribution is quickly 
lost when the molecules cannot follow the field 
oscillating at higher frequency. When the field reaches 
optical frequency, the two remaining contributions 
are the vibrational and electronic dipoles mentioned 
above. The vibrational dipoles involve a distortion of 
the chemical bond and are the slowest process 
occurring only in the infrared region. This contri- 
bution is lost at visible frequencies and leaves only the 
fast electronic polarization processes. 

If we treat it rigorously, the polarization P is 
actually expressed as a function of higher order terms 
according to 


P= e0(xXE+XEE+ YEEE+...) [4] 


This gives rise to nonlinear effects such as self- 
focusing and second or third harmonic generation. 
However, the higher order susceptibilities y” are very 
small and these effects are only significant for very 


high intensity light source such as lasers. In the 
following text we will only consider linear optical 
processes. 


The Dipole Oscillator Model 
(Lorentz Oscillator) 


In the Lorentz model, the bound electrons behave as 
harmonic oscillators and are constrained to vibrate at 
their natural resonant frequency wo. These oscillators 
are also submitted to a damping force corresponding 
to a resistance to the motion due to collisional 
processes. The equation of motion is then 


( dx dx | 
m T 





aR a o's] =qE [5] 
where x is the displacement along E, y is the damping 
factor, m is the mass of the electron and q its charge. 
The passage of an electromagnetic wave through a 
medium exerts an oscillating force on the electrons 
causing them to vibrate up and down. In other words 
these electronic dipoles are submitted to a forced 
oscillation induced by an electric field varying 
periodically with time. The electric field felt by the 
atomic dipoles is written as 


E= Ee” [6] 


where w is the frequency of the light. 

The electric field of the light wave then drives the 
dipole oscillations at its own frequency w and the 
dipoles displacement oscillates according to 


x = xe [7] 


Solving eqn [5] for x in terms of E gives the expression 
for the displacement of the electrons 


qlm 





x= 8 
ay — o + iyw [8] 
The atomic dipole moment p induced by the electrons 


displacement is therefore 


q?im 





= qx = 9 
p=4 wo —w +iywo I 
And for a medium with N atoms per unit volume the 
total polarization P is 


2 
P=N q lm 





—E 10 
w — w+ 1yw va 
Our result in eqn [10] only contains one natural 
frequency wo and therefore only accounts for one 
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single type of oscillator in the medium. However, 
normal optical mediums are composed of different 
kinds of atoms, each with several characteristic 
resonant frequencies ;. In our model, we can 
simply treat these multiple resonances by considering 
that each oscillator acts separately and add the 


contributions of all oscillators. 


q Nj 


ge reer 


7 w + 1y;@ 





[11] 


Comparing eqns [3] and [11] then gives an expression 
for the polarizability y of the medium 


N; 


2 

q 
= 12 
ie mae aw eae (12) 





Additionally, the polarization P is associated with 
Maxwell’s displacement vector, D, through the 
relationship 
D=e)9E+P and D=cE [13] 

where e is the permittivity of the medium. The 
permittivity « is normally expressed relative to the 
permittivity of vacuum é) in terms of the dimension- 
less quantity ¢«,=e/e9. Where «, is the familiar 
dielectric constant of a material, which is related 
to the refracted index m as n= \/é,. 

Combining eqns [3] and [13] we obtain an 
important relationship linking y to «,, and in turn 
x ton. 


s=1+y or w=1+4+y [14] 


Finally, combining eqns [12] and [14] we obtain the 
expression for 7 in terms of the oscillator model. 





] 
[15] 
fi — wo +1y;@ 


The Refractive Index 


Two important points should be made concerning the 
result of eqn [15]. The refractive index is a 
wavelength-dependent quantity and is a complex 
quantity. The complex refractive index n is indeed 
usually expressed as 


[16] 


n=n+ik 


where 7 is the real refractive index also defined as the 
ratio of the wave velocity in vacuum to the velocity in 
the medium u=c/v. And x is the extinction 


coefficient, which is directly related to the absorption 
coefficient a as we shall see in the next section. 

As we mentioned in the introductory section, the 
complex refractive index n is sufficient to characterize 
the optical properties of the solid. The real part of the 
index describes the change in velocity or wavelength 
of a wave propagating from a vacuum into a medium 
while the imaginary part is a measure of the 
dissipation rate of the wave in the medium. 

By inspection of eqn [15] we can predict the form of 
the variation of 7 with wavelength. At frequencies w 
below the resonant frequency ;, the terms w” and 
iyo are much smaller than oF and to a first 
approximation 7 is constant. When w reaches a 
resonant frequency w;, the term (w7 — w") goes to 
zero and since the term iy; is very small, the value of 
n increases very sharply and exhibits a resonance line 
as depicted in Figure 3. 

On closer inspection of eqn [15] however, we can 
see that nm is not exactly constant in between 
resonance lines. As w rises, the denominator slightly 
decreases and therefore n rises slowly with frequency. 
The refractive index is then slightly larger for wave of 
higher frequency. This is why a glass prism bends blue 
light more strongly than red light. This phenomenon 
is called dispersion as waves of different frequencies 
are ‘dispersed’ by the prism. 

Another important point raised by eqn [15] is that 
because (7 —w’) goes to zero at a resonant 
frequency, the damping term iy; dominates and n 
becomes almost entirely imaginary. n is then mostly 
governed by the extinction coefficient x. The damping 
associated with the coefficient y; corresponds to a 
friction force causing a loss of energy, which becomes 
the dominant effect during resonance. The resonance 
region is then associated with strong attenuation or 


Vibrations 





Electronic transitions 





Refractive index 


@ 
Ultraviolet 
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Infrared 


Figure 3 Variation of the refractive index of a hypothetical 
dielectric solid in the optical frequency range. At high frequency, w 
is larger than all resonant frequencies and the refractive index n 
reaches unity. 
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absorption of the wave. In contrast, between resonant 
frequencies, the refractive index is almost entirely real 
as the imaginary part /y, is negligible in comparison 
with (@; — w*). Absorption is then very small and 
that region corresponds to the transparency domain 
of the material. In fact, we can assume that n = 7 in 
the transparent region, that is why tables of optical 
constants of transparent optical materials only list the 
real part of the refractive index n. However, at 
resonant frequencies on either side of the transpar- 
ency domain, absorption becomes significant and the 
imaginary part of the refractive index must be taken 
into account so that n= 1+ ik. 

The refractive index n being a complex quantity 
it ensues that ¢, must also be complex, since n = ,/é,. 
Hence we also define the complex dielectric 
constant as 

E&, = €, + 18) [17] 
Both parameters describe equivalently the optical 
properties of a solid so that n or e, are called the 
optical constants of the material. Note that it is an 
unfortunate misnomer since they vary distinctly with 
wavelength (Figure 3). 

Using equation [17] and n = \/e,, we can establish 
the relationships between the real and imaginary 
parts of n and «,. 


ey = nw —K [18] 


&) = 2nk [19] 
We can see that n and «, are not independent variables 
but that the real and imaginary part of e, can be 
calculated, knowing the real and imaginary part of n 
and vice versa. 

Moreover, it can be shown that the real and 
imaginary parts of each individual parameter are 
not independent either but can be computed from one 
another with use of the following Kramers—Kronig 
relations. 











(oo) U 
&1(@) = 1+ = I, ote) dol [20] 
20 (°  21(a) : 
£7(@) = I, ia dw [21] 


In these equations, only the principal value of the 
integral is calculated so that e; can be computed if e, 
is known over all frequencies and vice versa. 
The same equation connect 7 and «x together. 

This analysis shows that it is only necessary 
to know one real or one imaginary part over a 
wide frequency range to determine all others. 


The interaction of light with matter is in fact 
characterized by a single independent real quantity. 


Absorption 


All electromagnetic phenomena are governed by 
Maxwell’s equations. The form of an electromagnetic 
wave propagating through a medium is obtained by 
solving Maxwell’s equation. For a wave propagating 
along z through a homogeneous, optically isotropic 
medium the form of the oscillating electric field is 
given by: 


E= Bet [22] 


where k is the wave vector and w the angular 
frequency of the light. For a wave traveling into a 
transparent medium of refractive index n, the 
relationship between k and w is 


[23] 


However, for an ordinary optical material there are 
regions of absorption and the refractive index is 
therefore complex. We should then rewrite eqn [23] as 
: @ 
k= (n+ ik)— [24] 
c 

By substituting this value of k in eqn [22] we obtain an 

expression with two exponential terms 


25 5( 22a) 


E=Eje ¢ e [25] 


The term ec“) represents a wave traveling at a 
speed v = c/n, while the term Eye“ represent the 
amplitude of this wave which decays exponentially 
with distance z. The intensity I of the wave is 
proportional to the square of the amplitude so that 


_ 2@Kz 


Ine or aa 


Ixe [26] 


where ais the familiar absorption coefficient routinely 
measured by absorption spectroscopy. Hence we 
obtain an important relationship relating the obser- 
vable quantity a to the imaginary part of the refractive 
index x according to 

2kw 


a= — 
Cc 


[27] 


Local Field Correction 


It should be pointed out that the derivation of our 
refractive index expression eqn [15] assumes that 
only the electric field of the light affects the 
polarization of the dipole oscillators. However, this 
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When measuring across an "opening" or "cut," place the red probe on the wire that 
supplies the voltage (and current) and the black probe on the other wire. This will 
produce a "POSITIVE" reading. 

A positive reading is an UPSCALE READING and the pointer will move across the 
scale - to the right. A "NEGATIVE READING" will make the pointer hit the "STOP" at 
the left of the scale and you will not get a reading. If you are using a Digital Meter, 
a negative sign "-" will appear on the screen to indicate the probes are around the 
wrong way. No damage will be caused. It just indicates the probes are connected 
incorrectly. 

If you want an accurate CURRENT MEASUREMENT, use a digital meter. 
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MEASURING RESISTANCE 


Turn a circuit off before measuring resistance. 

If any voltage is present, the value of resistance will be incorrect. 

In most cases you cannot measure a component while it is in-circuit. This is because the 
meter is actually measuring a voltage across a component and calling it a "resistance." 
The voltage comes from the battery inside the meter. If any other voltage is present, the 
meter will produce a false reading. 

If you are measuring the resistance of a component while still "in circuit," (with the 
power off) the reading will be lower than the true reading. 





Measuring resistance 
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assumption is not correct in dense materials because 
of the contribution from the electric field of neighbor- 
ing atomic dipoles. The field generated by each dipole 
will affect all other dipoles in the vicinity. It is possible 
to approximate this contribution by accounting for 
the effect of dipoles within a local sphere. The result 
of this approximation is known as the Clausius— 
Mossotti equation, which is accurate for isotropic 
medium such as glasses and cubic crystals 


w-1_ x 


ee 2 
n+2 3 2 


Measurable Optical Parameters 


Four things can happen to a beam of light propagat- 
ing through a thick slab of optical material (Figure 4). 
Some of the light can be reflected at the surface of the 
solid, some can be absorbed by the sample, some can 
be scattered in different directions, and some of the 
light can be transmitted through the sample. The 
effect on the light beam, resulting from these 
phenomena, can be quantified by a number of optical 
coefficients, which characterize the macroscopic 
properties of the material. 

Reflection of light at the surface of a solid is 
described by the reflectance R defined as the ratio of 
the reflected intensity I to the incident intensity Ig. For 
a beam falling perpendicularly on a flat surface, the 
reflection is called specular and is governed by the 
complex refractive index according to the Fresnel 
equation 


I @m-iyt+r 


R= 
Ip (nt+12+ 4? 


[29] 





This provides us with a second important formula 
relating a measurable quantity (R) to the optical 
constant of the material. For measurements 





Figure 4 Representation of the four main optical processes 
happening to a beam as it propagates through a slab of 
transparent material. 


performed within the transparency region of a solid, 
the value of « is much less than 7 and eqn [29] reduces 
to the more familiar form 


_ a= 1F 


Get [30] 


Absorption occurs when the light frequency reaches 
the natural resonance of some dipole oscillators in the 
medium. The energy of the electromagnetic wave is 
partly transferred to the material and generally 
dissipated in the form of heat. The light intensity is 
therefore attenuated as it propagates through the 
material and the attenuation efficiency is quantified 
by the absorption coefficient a. The intensity 
decreases exponentially with pathlength z according 
to Beer’s law 

I(z) = Ibe ™ [31] 
where I is the incident intensity. The imaginary part 
« of the optical constant can then be directly obtained 
from measurements of a using eqn [27]. 

Scattering is the process whereby light is redirected 
in different directions due to microscopic density 
fluctuation in the sample produced by defects, 
impurities, or structural inhomogeneities. The inten- 
sity of light propagating in the forward direction 
is attenuated by the scattering event and it can be 
quantified in a way equivalent to absorption. 
The intensity has an exponential dependence on 
pathlength z analogous to Beer’s law 

ig=he™ [32] 
where S is the scattering coefficient. When the 
scattering center is smaller than the wavelength of 
light this phenomenon is called Rayleigh scattering 
and the scattering coefficient § vary with the inverse 
fourth power of the wavelength 


S(A) oc = [33] 
By measuring light attenuation we cannot tell the 
difference between absorption and scattering and 
the total attenuation is a7,, = a+S. However, the 
scattering contribution is generally much weaker 
than the absorption and can be neglected so that 
AT or = &. 

Transmission occurs when the light is neither 
reflected, absorbed, or scattered. The beam is then 
transmitted through the sample and the fraction of 
light exiting the back surface is quantified as the 
transmittance T. If we disregard scattering in com- 
parison to absorption then conservation of energy 
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require that 


R+T+A=1 [34] 


where A is the fraction of light absorbed. The 
transmittance can then be compiled from R and a 
for an incident beam Ip traveling across a sample of 
thickness /. In this case we must consider the 
reflection of the light on the front surface as well as 
on the back surface when it exits the transparent 
medium. The expression for the transmittance 
accounting for dual reflection is 

T=(1- Rye“ [35] 
It should be noted that a rigorous treatment of 
eqn [35] should account for multiple reflections 
between the front and back surface in the interior of 
the sample. In this case, interference effects compli- 
cate the determination of n and a modified version of 
eqn [35] can be computed by summing up the 
intensities due to the contribution of the multiple 
reflections. 

Transmission and reflection measurement are 
readily obtained using conventional spectrometers. 
Two types of spectrometers must be used to cover the 
entire optical spectral region. FTIR (Fourier Trans- 
form Infra Red) spectrometers use a glow bar as the 
light source, which enable it to cover the infrared and 
near infrared domain. The UV-VIS (ultraviolet 
visible) double beam spectrometers use a tungsten 
and deuterium lamp and cover the spectrum from the 
ultraviolet down to the near infrared. Using eqns [27], 
[29] and [35], the reflection and transmission 
measurements thus obtained are used to calculate 
the real and imaginary component of the optical 
constant over the entire optical frequency range. 

An example of transmission measurement is shown 
in Figure 5, for a dielectric and a semiconductor. 
The two spectra have the same principal features. At 
short wavelength the edge of the transparency 
window is due to absorption of energy by the valence 
electrons. In classical terms this corresponds to the 
resonance of electronic oscillators, and in quantum 
mechanical terms to the excitation of electrons from 
the valence to the conduction band. This edge is due 
to a sharp increase of x, which extends over a 
significant range of frequency corresponding to the 
domain of opacity or high absorption. The wave- 
length at the edge determines the minimum energy of 
the photon necessary to promote an electron across 
the bandgap E,. Insulators have a large bandgap and 
appear transparent to the human eye because visible 
light is not energetic enough to promote an electron 
across E,. In contrast, semiconductors have a smaller 
bandgap and appear black (opaque) because all the 
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Figure 5 (a) Transmission spectrum of SiOz glass, a standard 
dielectric solid. (b) Transmission spectrum of GeSeg glass, a 
semiconductor (Eg = 1.6 eV). (c) Reflectance spectrum of silver 
metal. 


visible light is absorbed to induce electronic tran- 
sitions. On the low frequency side the transparency 
window is limited by atomic vibrations in the solid 
structure. The wavelength of the vibrations increases 
with the mass of the atomic oscillators. Semiconduc- 
tor compounds have higher atomic masses and 
therefore transmit at longer wavelength in the 
infrared while insulator have lower atomic mass and 
exhibit their vibrational absorption edge at shorter 
wavelength. 

In between the two absorption regions, « is very 
small and the material is transparent. The refractive 
index is almost entirely governed by the real part n. 
Eqn [15] shows that 7 is proportional to the number 
N of electronic oscillators. The refractive index will 
then be higher for heavy atoms with a high electronic 
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Figure 6 Refraction of a beam propagating across the interface 
between two mediums of different refractive index. The incident 
angle and the refraction angle are related to the index of refraction 
through Snell’s Law. 


density. Consequently, semiconductors exhibit a 
maximum transmission of only 60% because of 
significant surface reflectivity (eqn [35]) resulting 
from their higher refractive index n (eqn [30)). 

Most applications of materials in optics are only 
concerned with the transparency domain so that the 
useful optical constant is reduced to the real part 1. 
Hence a number of experimental techniques have 
been developed to obtain n, often by measuring 
angles of refraction with the use of Snell’s law 


[36] 


n, sin 6; = ny sin 6, 


where 6; is the angle of the beam incident in the 
medium of index 1,, and @, the angle of the beam 
refracted at the interface with a medium of index 1 
(Figure 6). The basic principle is to compare the 
sample with a standard glass of known refractive 
index and measure the refraction angle at their 
interface. The sample’s index can then be obtained 
following eqn [36]. Since 7 varies with wavelength, 
these techniques are normally performed with 
monochromatic light and provide n at a single 
wavelength. Among these methods are: the Abbe 
refractometer, using a glass hemisphere as a standard, 
the V-block refractometer, using a V shaped prism as 
a standard, and the prism goniometer based on the 
relative deviation between a known glass prism and a 
prism shaped sample. 

Ellipsometry is another technique widely used to 
measure the index n. This technique is normally used 
on thin films deposited on substrate, as it allows to 
simultaneously measure the thickness and the refrac- 
tive index. However, the method can also be applied 
to bulk samples. The principle of ellipsometry is 
based on measuring the change in polarization of a 


beam reflected off the sample surface as a function of 
incidence angle. The reflected light is elliptically 
polarized to an extent depending on n. This technique 
is especially useful to measure n at frequency range 
above the absorption edge where the sample is highly 
absorbing. 


Metals 


The optical properties of metals are mainly charac- 
terized by their very high reflectivity, which causes 
their shiny appearance. All metals reflect light in the 
infrared and visible region up to a cutoff frequency in 
the ultraviolet. This critical frequency is called the 
plasma frequency w,. The physical significance of 
the plasma frequency can be understood using the 
Drude-Lorentz model of the free electron oscillator. 
As mentioned previously, the free electron can be 
described accurately as dipole oscillators with a 
resonant frequency wy = 0. If we consider a system 
with negligible damping, we can introduce y = 0 and 
by assuming all free electrons to be equivalent we can 
consider only one type of oscillators so that eqn [15] 
reduces to 





2 
w=1- 2 [37] 
(09) 
where 
N 2 
= —1 [38] 
EM. 


Equation [37] means that in the low frequency 
domain w<,, the refractive index m must be 
imaginary (n” < 0) and in the high frequency domain 
> wp, n is a real positive number. The low 
frequency region is therefore dominated by the 
extinction coefficient « and the reflectance R, given 
by eqn [29], is essentially unity. In the high frequency 
limit, R decreases and n is real. These features are 
shown in Figure 5c. Metals are opaque and highly 
reflective below the plasma frequency, while they 
become transparent in the ultraviolet. 


List of Units and Nomenclature 


absorbance 
light velocity in vacuum 
electric displacement 
electric field 
intensity of light (power per unit surface) 
wave vector 
mass of electron 
N mass of nucleus 
complex refractive index 
real refractive index 


a 
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p dipole moment 

P polarization 

qd charge of electron 

R reflectance 

S scattering coefficient 

T transmittance 

v phase velocity 

a absorption coefficient 
£0 permittivity of vacuum 
é, relative dielectric constant 
K extinction coefficient 

r wavelength 

Bb reduced mass 

x dielectric susceptibility 
w angular frequency 

Wo resonant frequency 

Wp plasma frequency 
See also 


Instrumentation: Ellipsometry; Spectrometers. 
Scattering: Scattering from Surfaces and Thin Films. 
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Introduction 


While advances continue in this field, some optical 
glasses have histories which can be traced to the 
seventeenth century. These glasses are produced by 
direct melting of raw materials of relatively high 
purity. Modern, or nontraditional, optical glasses are 
more commonly used to transmit light outside the 
visible region and are often made by nontraditional 
methods, including many variations on chemical 
vapor deposition, reactive melt processing, and sol— 
gel techniques. These glasses are used for ultraviolet 
and infrared lenses and other optical components, for 
optical fibers, for glass lasers, and for photonic 
devices such as optical isolators. Purity requirements 
and production demands for these glasses are 
significantly greater than those for traditional optical 
glasses. 


Traditional Optical Glasses 


Traditional optical glasses are primarily used as 
components such as lenses, prisms, or windows 
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for optical systems operating in the visible region. 
These applications require glasses of high homo- 
geneity, with precisely known refractive indices 
and dispersions. Glasses, as defined in this 
article, are nonmetallic, inorganic materials which 
have no long-range atomic structure and which 
display a temperature region of time-dependent 
properties. 


Crown and Flint Glasses 


Traditional optical glasses are designated as either 
crown or flint glasses. Crown glasses were originally 
based on the soda-lime-silica ternary system and were 
developed for use as window glass. The crown 
process involved spinning a spherical gob of molten 
glass to form a flattened disk which was much thicker 
in the center than at the edges. The edges of these 
disks were used for window panes, while the ‘crown’ 
in the center was often used as a crude lens. Crown 
glasses have low refractive indices and low to 
moderate dispersions. 

The first flint glasses were potash-lead-silicate 
glasses prepared using English ‘flint’ as the source of 
silica. The presence of lead in these glasses results in 
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higher refractive indices and dispersions than those of 
crown glasses. 

The designations of crown and flint have since been 
expanded to include glasses from many other 
compositional systems. Glasses with lower refractive 
indices and dispersions are designated as crowns, 
while those with higher refractive indices and 
dispersions are designated as flints. Modern crown 
glasses are based on silicate, phosphate, and boro- 
silicate systems. Additions of fluorine are particularly 
useful for production of low refractive index, low 
dispersion glasses, and for adjusting these parameters 
to meet specific needs. The lowest combinations of 
refractive index and dispersion are found for glasses 
based on BeF2, while the highest combinations of 
refractive index and dispersion are found in rare earth 
borate systems. Other common optical glasses con- 
tain barium or lanthanum, which can be used to 
produce either crown or flint glasses, depending on 
the other components of the glass. 

The need for glasses with different combinations of 
refractive index and dispersion can be traced back to 
the development of the telescope. Use of lenses made 
of a single glass made it difficult to obtain sharp 
images. Newton recognized that this problem was 
due to divergence of light of different wavelengths 
while passing through a lens. He felt that this problem 
was inherent to lenses and could not be eliminated. 
Others eventually recognized that a compound 
lens containing a positive crown glass and a negative 
flint glass would result in cancellation of the 
divergences and produce a sharper image. While 
this development did not totally eliminate the 
colored fringes in telescope images due to the 
presence of the secondary spectrum, it did lead to 
major improvements in optical imaging. Binary 
compound lenses are still fashioned from a combi- 
nation of crown and flint glasses, with much greater 
flexibility today due to development of glasses with 
much more varied combinations of refractive index 
and dispersion. 


Notation for Optical Glasses 


Since the refractive index and the dispersion are the 
two most important characteristics of an optical glass 
for use as a lens, a notation system has been 
developed to designate any glass by a six digit 
number. This notation system requires that the 
dispersion be expressed by the Abbe number, 14, 
which is defined as 


vg = (ng — 1)/ (ap — 7) [1] 


where d, EF, and c indicate the value of the refractive 
index measured at the yellow helium line at 


587.6 nm, the blue hydrogen line at 486.1 nm, and 
the red hydrogen line at 656.3 nm, respectively. Since 
the Abbe number is a reciprocal dispersion, a large 
Abbe number indicates a low dispersion, while a 
small Abbe number indicates a larger dispersion. 
A glass is then designated by the expression 


1000(1,4 _ 1) (1017) [2] 


where each term is rounded to 3 significant digits. A 
common crown glass known as BK7, for example, 
which has a mg of 1.516 800 and vy of 64.17 is 
designated as 517 642. A very high index flint glass, 
with mg = 1.807410 and vy= 31.61 would be 
designated as 807 316. This system can be used for 
all but the exceptional glasses with ny = 2.00. Some 
tabulations are based on the green mercury line, or 
e line, at 546.1 nm instead of the yellow helium (d) 
line. The choice of the d or e line results in a small 
difference in the reported refractive index and Abbe 
number for any given glass (Figure 1). 


Dispersion Formulae for Optical Glasses 


The combination of a refractive index near the 
middle of the visible region of the spectrum and 
the Abbe number describe the contribution of an 
optical glass to the refractive power and chromatic 
aberration of a lens. This information was sufficient 
for many early applications of lenses and is still 
sufficient for the design of optical devices of modest 
expectations. More sophisticated optical devices 
require more information for proper design. The 
simple Abbe number is often insufficient for expres- 
sing the dispersion, since it is necessary to provide a 
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Figure 1 Relation between the refractive index and Abbe 


number of optical glasses. Commerical optical glasses lie in the 
regions labeled flint and crown above the curve. 
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detailed set of values of the refractive index as a 
function of wavelength across the entire visible 
region. The refractive index can be listed at a 
number of wavelengths, or described by an equation 
covering the entire wavelength range of interest. 
Although there are a number of expressions for the 
wavelength dependence of the refractive index, the 
most commonly used are the Cauchy dispersion 
formula, or 


n=a+tbr*+cr* [3] 


where a, b, and c are constants derived from a best 
fit of the data to this expression, and variations of 
the Sellmeier dispersion formula, which is often 
simplified to the expression 








He = Ag HAIN +AgN OHAX AX +A” {Al 


where the six A,, constants are tabulated. The Cauchy 
dispersion formula is accurate to ~10~*, while the 
modified Sellmeier dispersion formula is accurate 
to ~3X 10 °. The validity of the latter expression 
can be extended further into the ultraviolet by 
adding a A~!° term and into the infrared by adding 
a A* term. 


Annealing of Optical Glasses 


Much of our knowledge of the behavior of glasses in 
the glass transformation region is based on studies of 
the annealing of optical glasses. Glass-forming melts 
have much higher thermal expansion coefficients 
than those of solid glasses of the same composition. 
During cooling of a melt, the density increases rapidly 
so long as the melt is relatively fluid. As the viscosity 
increases, the rate of structural rearrangement of 
the melt slows and eventually becomes fixed at 
some effective, or fictive, temperature. If the melt is 
cooled rapidly, the structure of the glass will be 
representative of a high temperature melt. If the melt is 
cooled more slowly, the structure will have time to 
equilibrate at lower temperatures and the glass 
formed will have the structure of a lower temperature 
melt and hence will be more dense. Since the 
refractive index of a solid is related to its density, 
the refractive index will be less for the glass 
produced by rapid cooling than for one produced by 
slower cooling. 

There are two ramifications of the cooling effect on 
refractive index. First, the refractive index will be 
different for different cooling rates, even though the 
composition is identical. Statements regarding the 
refractive index of a glass are only applicable for a 
known thermal history. Second, but less obvious, the 
outside of a piece of glass will cool more rapidly than 


the inside due to the kinetics involved with removing 
heat from the glass. As a result, a refractive index 
gradient will exist in the glass, with a lower refractive 
index at the surface. If the glass is ground and 
polished to form a lens, the lens will not perform as 
expected if the shape is based on the assumption that 
the refractive index is constant through the entire 
lens. While cooling-induced differences in refractive 
index between the surface and center of a large block 
of glass are usually of the order of 0.000 1, they can be 
=0.001 for a rapidly cooled block. 

Control of the cooling rate is essential for the 
production of a block of glass of uniform refractive 
index. The cooling rates used to reduce stresses to 
acceptable levels in the production of nonoptical 
glasses are much too fast for the production of 
optical glasses. Use of a constant cooling rate 
throughout the glass transformation region will not 
yield a block of uniform refractive index. Ideally, 
the cooling rate should be decreased gradually as 
the temperature decreases throughout the glass 
transformation region. The production of a fine 
annealed glass requires a very slow cooling process, 
with a gradually decreasing cooling rate with 
decreasing temperature within the temperature 
region where permanent changes in the structure of 
the glass can occur. 


Athermal Lenses 


While the thermal expansion coefficient of many 
glasses is relatively low, it is not zero. As a result, the 
dimensions and refractive index of a glass are 
functions of temperature. Temperature changes in 
an optical system therefore result in changes in optical 
path length. While changes in optical path length of 
this magnitude may be unimportant for optical 
systems used within a narrow temperature range, 
those used over ranges exceeding 10 to 20 K must be 
designed to minimize thermal effects. Production of 
athermal optical systems, i.e., systems of constant 
power over a range of temperatures, requires use of 
glasses where the thermal changes in refractive index 
are exactly offset by the changes in dimensions, i.e., 
the optical path length is independent of temperature. 
This condition is met if the temperature coefficients 
of the index and the thickness are equal and of 
opposite sign. 

The overall effect of changes in temperature on the 
optical path length are tabulated in terms of the 
thermo-optical constant, G, given by 


G = a(n — 1) + dn/dT [5] 


where a is the linear thermal expansion coefficient, 1 
is the refractive index, and dn/dT is the thermal 
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coefficient of the refractive index. Perfect compen- 
sation between changes in index and dimensions are 
obtained when G = 0. Since a is positive for most 
optical glasses, with values in the range of 3 to 
15 ppm/K, this condition requires a negative dn/dT. 
Negative values of da/dT are found primarily for 
glasses containing some fluorine, such as fluoride 
glasses and those in which oxygen is partially 
replaced by fluorine, such as fluorosilicates, fluoro- 
borates, etc., or for some phosphate glasses. 
Silicate glasses rarely, if ever, have a negative 
value of dv/dT. For the same glassformer, e.g., 
POs, use of modifier ions with large diameters and 
low field strengths favor increasingly negative values 
of dn/dT. 

The value and sign of dv/dT is determined by the 
competition between the decrease in refractive index 
induced by an increase in molar volume and the 
increase in the refractive index induced by an increase 
in polarizability of the ions in the glass with an 
increase in temperature. Equation [5] indicates that 
the absolute value of the refractive index is also 
important in determining the value of G. If the 
refractive index is high, then d#/dT must be more 
negative to yield G = 0. As a result, most athermal 
glasses are crown glasses. The value of du/dT is also 
wavelength-dependent, generally decreasing with 
increasing wavelength. In particular, du/dT becomes 
more positive at wavelengths near the UV edge of the 
glass. An athermal lens is only perfectly athermal at 
the design wavelength. 

A few special glasses and glass-ceramics used for 
optical applications, e.g., vitreous silica, titanium- 
doped silica, and some aluminosilicate glass- 
ceramics, have thermal expansion coefficients 
which approach zero or are slightly negative. 
Vitreous silica has a very low refractive index and 
thermal expansion coefficient and can be used to 
produce lenses which, while not truly athermal, have 
relatively low temperature sensitivity. These low 
thermal expansion materials are often used as 
substrates for coated reflective optics (mirrors), 
where dimensional stability is far more important 
than any change in the refractive index of the 
substrate. 


Production of Traditional Optical Glasses 


Quality requirements for optical glasses are much 
greater than those for other common glasses. A 
constant refractive index throughout the glass 
requires an extremely high degree of homogeneity. 
The glass must be free from defects such as striae 
(regions of refractive index variation due to density/ 
composition variations) and stones (undissolved 


material) and the bubble content must be as low as 
possible. The thermal history of the glass must be such 
that the refractive index variation, due to differing 
fictive temperatures, is minimized. Internal stresses 
must be minimized to yield a low birefringence. The 
glass must also be free of any species which contribute 
to absorption in the desired spectral region. 

The quality demands of optical glasses require use 
of much higher quality, and thus more expensive, raw 
materials. Concentrations of third-row transmission 
metal ions must be held to rigid specifications, with 
maximum values usually in the ppm, or even in the 
ppb range, for the highest quality glasses. Defects are 
reduced by melting in platinum containers instead of 
the oxide containers used in the past. Stirring the 
melt, using platinum wherever possible, is essential 
for obtaining acceptable homogeneity. Control of the 
melting atmosphere may be essential for controlling 
the redox state of the melt. Rigorous annealing 
schedules must be used to produce glasses with the 
desired thermal history so that the problems of stress- 
induced birefringence and refractive index gradients 
are reduced to acceptable levels. 


Non-Traditional Optical Glasses 


While most traditional applications of optical glasses 
involve transmission in the visible, many modern 
applications require high transmission in the ultra- 
violet, near-infrared, or infrared regions of the 
spectrum. Transmission in each of these regions is 
determined by both the bulk composition of the glass 
and by the concentration of impurities present. Most 
nontraditional applications place even more stringent 
requirements on the purity of the materials used in 
manufacturing the glass. An extreme example of the 
demand for purity is found in the glasses used for 
telecommunication optical fibers, where concen- 
trations of some impurities must be held to the low 
ppb level. 


Ultraviolet-Transmitting Glasses 


The ultraviolet transmission of a glass is determined 
by the intrinsic electronic transitions of the material, 
by charge transfer absorption bands due to impu- 
rities, and by surface and bulk scattering. The first of 
these is determined by the electronic bandgap of the 
material, while the other two are controlled by the 
care taken during production of the glass. These 
glasses are used in spectroscopy for windows, lenses, 
UV-lamps, and sample cuvets, for microlithography, 
and for lenses in excimer laser optical systems. 
Vitreous silica is widely used as an ultraviolet 
transmitting glass for transmission optics at 
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wavelengths well below 200 nm. The lowest energy 
absorption band for this glass occurs at 10.2 eV, or 
122 nm. Many UV-VIS spectrometers, which nor- 
mally are capable of measurements extending to 185 
to 190 nm, use vitreous silica as optical elements. 
Additions of alkali or alkaline earth oxides to 
silica produce nonbridging oxygens in the network. 
Nonbridging oxygens do not bind the excitable 
electrons as tightly as bridging oxygens, which shifts 
the absorption edge to lower energies, i.e., longer 
wavelenths. These glasses are incapable of high 
transmission beyond 5 eV, or about 250 nm, and are 
not used for applications requiring good ultraviolet 
transmission. 

Addition of elements which eliminate nonbridging 
oxygens favors good ultraviolet transmission. 
Alumina and/or boric oxide are frequently used in 
conjunction with alkali or alkaline earth oxides to 
counter the formation of nonbridging oxygens and 
preserve the ultraviolet transparency of silicate 
glasses. This approach can be taken to its logical 
conclusion by eliminating silica from the composition 
and producing alkali/alkaline-earth-aluminoborate 
glasses with good ultraviolet transparency. 

In theory, fluoride glasses should provide better 
ultraviolet transmission than oxide glasses due to the 
larger bandgaps of fluorides. This assumption is true 
for single crystals, where fluorides such as CaF, are 
under development for transmission to higher ener- 
gies than those obtainable with oxide crystals or 
glasses. In practice, the superiority of fluoride glasses 
for ultraviolet transmitting glasses has proven diffi- 
cult to achieve. Vitreous BeF2 and related glasses have 
superior ultraviolet transmission when compared to 
silicate glasses. Unfortunately, BeFy is very volatile 
and quite toxic, which restricts production of glasses 
based on BeF>. Some fluoroaluminate and fluoro- 
phosphate glasses also have excellent ultraviolet 
transparency, but difficulties in producing these 
glasses in large sizes and of optical quality has limited 
their application. 

Impurities are particularly important in production 
of ultraviolet transmitting glasses. The third-row 
transition metals, platinum, and cerium are all 
known to absorb strongly in the region from 200 to 
300 nm when dissolved in glasses. Ferric iron has 
such a strong absorption band at ~230nm that 
concentrations of ferric ions must be kept in the low 
ppm range in glasses used for ultraviolet trans- 
mission. Since iron is a very common impurity in 
the sands used to produce silicate glasses, special care 
must be taken to minimize the Fe** content of 
ultraviolet-transmitting silicate glasses. Since ferrous 
iron has lower absorption in the ultraviolet, the effect 
of iron can be reduced by melting under reducing 


conditions. Platinum can enter melts from the melting 
unit and can be present as either ions or metallic 
particles. The ionic form of platinum absorbs 
ultraviolet light, while the metallic form scatters the 
same light. 


Near-Infrared-Transmitting Glasses 


Most glasses have good intrinsic optical transmission 
in the near-infrared. Absorption in this region is 
primarily due to impurities. Ferrous iron is especially 
detrimental to transmission in this region as a result 
of an extremely broad ligand field absorption band 
centered at about 1050 nm and extending into the 
visible and out to over 2000nm. Reduction of 
absorption due to ferrous ions is obtained by careful 
control of raw materials to minimize the amount of 
iron oxide present and by melting under oxidizing 
conditions, which converts the ferrous ions to ferric 
ions. Conversion from ferrous to ferric ions increases 
the ultraviolet absorption of the glass. If good 
transmission in both the ultraviolet and near infrared 
regions is required, the iron content must be held to 
very low levels. 

Although many rare earth ions also have absorption 
bands in this region, these elements are rarely found as 
impurities in sufficient levels to impair transmission in 
the near-infrared region for lenses and other common 
optical components. A more serious problem occurs 
for glasses used as optical fibers, where the greater 
optical path length magnifies the effect of impurities 
which may be undetectable in the spectra of samples 
only a few mm thick. The same can be said of 
absorptions of other ions which have very weak 
absorption bands in this region. Even higher order 
overtones/combination bands of infrared vibration 
absorption bands due to hydroxyl become important 
in optical fibers. While the hydroxyl absorption in 
infrared-transmitting glasses used in mm thicknesses is 
insignificant for concentrations less than 1 ppm, the 
hydroxyl concentration of optical fibers must be 
reduced to levels of a few ppb to reduce the effect of 
the overtone/combination bands to acceptable levels. 


Infrared-Transmitting Glasses 


Infrared transparency is limited by the intrinsic 
vibration, or multiphonon, edge of the glass and by 
the presence of impurities, primarily hydroxyl and 
carbon dioxide, which absorb in the infrared. The 
position of the infrared edge is determined by the force 
constant, which is proportional to the bond strength, 
and the masses of the ions. The best infrared 
transmission is found for materials with weak bonds 
and heavy ions. Infrared transmitting glasses are 
used in infrared spectrometers, lenses for pyrometers, 
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infrared transparent domes for aircraft and missiles, 
and optical components for many systems using 
infrared lasers. 

The fundamental absorptions of B.03, SiOz, P2Os, 
and GeO; lie in the region from 7.5 to 12 um. These 
bands have such strong absorptions that the first 
overtone, at half the wavelength of the fundamental 
vibration, effectively determines the infrared edge for 
samples of more than a few hundred micrometers in 
thickness. The best infrared-transmitting oxide glasses 
do not contain significant amounts of B.O3, SiO», or 
P,O;. The lower fundamental vibrational frequency 
of GeO allows production of some glasses of limited 
use for infrared transmission to about 5 wm. Com- 
parable transmission is obtained for calcium alumi- 
nate glasses. Better transmission has been obtained for 
glasses combining the oxides of lead, bismuth, or 
cadmium with gallium oxide. These gallate glasses are 
termed heavy metal oxide, or HMO, glasses and 
transmit to ~7 wm in mm thicknesses. The HMO 
glasses transmit into the visible, with a cutoff at 400 to 
500 nm. Since these glasses are transparent to visible 
light, they offer advantages over many other infrared- 
transmitting glasses which are opaque in the visible. 

Recently, heavy metal halide (HMH) glasses have 
been found to exist in a wide range of compositional 
systems. HMH glasses transmit much further into the 
infrared than the best oxide glasses, with cutoff 
wavelengths extending beyond 20 um. These glasses 
are much more difficult to prepare than oxide glasses 
and are highly prone to crystallization, less durable in 
water, and mechanically weaker than the HMO 
glasses. Improvements in infrared transmission cor- 
relate with degradation in the other properties needed 
for most applications. Oxide impurities severely 
degrade the infrared transmission of these glasses. 
While much greater infrared cutoffs can be obtained 
in the laboratory, glasses currently produced com- 
mercially transmit to ~8 pm. 

Chalcogenide glasses contain either S, Se, or Te as 
the glassforming anion and are free of oxygen. 
Commercial compositions transmit to 16 wm, while 
laboratory samples transmitting beyond 20 zm can be 
made. These glasses have refractive indices in the 
infrared in the range of 2 to 3, very low glass 
transformation temperatures, which limit their tem- 
perature range of application, and are, with few 
exceptions, opaque in the visible. Toxicity is also a 
problem for Se and Te. Oxygen impurities must be 
kept below the 1 ppm level to avoid unacceptable 
absorption bands. 

All infrared-transmitting glasses suffer from trans- 
mission interference in the region from 2.5 to 6 wm, 
due to hydroxyl in the glass. Since hydroxyl readily 
forms in any melt exposed to an atmosphere 
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Figure 2 Infrared transmission spectra of several optical 


glasses showing the effect of glass composition on the infrared 
cutoff frequency. 


containing water vapor, great care must be used to 
reduce the hydroxyl content to acceptable levels. 
Glasses can be melted in sealed containers, under 
reactive atmospheres containing fluorine or chlorine, 
or under vacuum. Some glasses are prepared under dry 
conditions and then remelted under a vacuum to 
reduce the hydroxyl content. Similar care must be used 
to exclude CO from HMH glasses, where a band at 
4.25 wm has been assigned to the asymmetric stretch- 
ing vibration of the dissolved molecules (Figure 2). 


Optical Isolators 


Optical isolators based on the Faraday effect contain 
high concentrations of rare earths for paramagnetic 
devices and lead for diamagnetic devices. The highest 
concentrations of rare earth ions are obtained in 
aluminosilicate, aluminoborate, and aluminogerma- 
nate systems, where excellent quality glasses can be 
produced, while the best diamagnetic isolators are 
obtained using the lead bismuth gallate glasses. 


See also 


Optical Materials: Color Filter and Absorption Glasses. 
Magneto-Optics: Faraday Rotation, CARS, ODMR, 
ODSR, Optical Pumping. 
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Introduction 


Injection molded precision plastic optics in high 
volumes were first produced during the 1960s. After 
the development of sophisticated measuring and 
manufacturing methods in the late 1960s, precise 
aspheric surfaces were as easy to make as spheric 
contours in plastics. Today plastic is a widely used 
low-cost option compared to glass with even more 
degrees of freedom for optical and component design. 
Polymer optical systems are used in sensor appli- 
cations, visual systems, cameras, mobile phones, 
video-conferencing cameras, scanners, security sys- 
tems, and so on. 

The physical and chemical properties of plastic 
materials are very different from those of glass. 
Generally speaking, glass materials are harder, more 
durable, and more stable against temperature and 
humidity than plastics. The variety of optical glasses 
comprises hundreds of different materials. Compared 
with this the choice for plastic materials is limited 
only to about 10 different materials (and even less 
optical parameter variations). However, plastic optics 
offers other design freedoms that are not achievable 
with glass optics. 

The manufacturing technologies for glass and 
plastic optics are totally different. Glass lenses are 
made by a grinding and polishing process 
whereas precision plastic lenses are usually made by 
injection molding, compression molding, or casting. 
Because of the material’s characteristics and the 
manufacturing process, plastic optics have some 
unique advantages. 
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High production numbers at low costs 

Injection molding is ideal for high-volume production 
with low-unit costs. Moderate raw material costs 
and multicavity mold designs (up to 32 cavities) allow 
large production volumes at a reasonable unit price. 
In spite of considerable tooling costs, these 
costs compared to glass design versions, can be 
relatively low. 


Lightweight and hardiness 

For a given volume glass is much heavier than plastic 
(by a factor of 2.3 to 4.9). However, plastic materials 
are relatively shatter and impact resistant. These 
features are important for head-mounted systems and 
other weight-sensitive applications (mobile phones, 
cameras, etc.). 


Design potentials 

Injection molding makes it economical to produce 
sophisticated optical shapes such as aspheres, 
diffractive optical elements, or even freeform surface 
structures. From the design point of view, the more 
sophisticated surface shapes reduce costs or obtain 
better performance (Fresnel structures, lens arrays, 
diffractive optical elements, etc.). 


Optical systems and component assembly 
For typical optical system designs optical components 
(mirrors, lenses, prisms, etc.) must be fixed in a 
mounting. With plastic optics it is possible to mold 
mounting elements, posts, or alignment notches 
integrally with the optical component. This can 
reduce part and assembly costs considerably. 
Technologies adapted to plastic materials, such as 
ultrasonic and laser welding, gluing and integrated 
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snap-in structures, allow fast and cost-efficient auto- 
mated and manually operated assembling solutions. 


History of Transparent 
Plastic Materials 


A Material With No Use 


In 1840, the Austrian chemist Redtenbacher (1810- 
1870), a student of Justus Liebig, discovered during a 
chemical experiment a malodorous transparent 
liquidity, the acrylic acid. It was an unwanted 
byproduct which was not further analyzed at that 
time. Nevertheless, that discovery can be considered 
to be the origin of today’s plastic optics. 

The development of plastics began in the US in 
1860 as people were searching for an alternative for 
ivory in the production of billiard balls. 

In 1869 John Wesley Hyatt developed from 
cellulose nitrate and camphor the first plastic 
material: celluloid. At first it was used for dental 
plates and afterwards for shirt collars and as a film 
base material. Despite its flammability and its lack of 
light resistance, it was a first economical success. 

In the following decades the first synthetical 
plastics were developed, for example, the material 
with the trade name Bakelite in 1906. 


Otto Réhm’s Doctorate 


The basis of acrylates was rediscovered in the records 
of Redtenbacher in 1900. From 1901 onwards, Prof. 
Pechmann (1850-1902) asked his postgraduates to 
do more research into the acrylic acid. The acrylic 
acid is an acetylene compound which can be 
extracted from carbon, petroleum, or lime. 

In 1901 Otto Réhm, a student of Pechmann, wrote 
his dissertation ‘About polymerisation products of 
the acrylic acid’ — the basis of the methacrylate 
chemistry. 

Hermann Staudinger (1881-1965), head of the 
Institute of Chemistry in Freiburg started theoretical 
investigations into the structure and natural charac- 
teristics of natural and synthetical polymers in 1920. 
He assumed that the molecules of plastic materials 
consist of numerous small molecule units. Exper- 
iments as proof of the theory led to a rapid 
development of scientific research and to significant 
breakthroughs in plastic chemistry. Staudinger won 
the Nobel Prize for Chemistry for his work in the field 
of macromolecules in 1953. 

In 1928 methyl methacrylate was syntheticized for 
the first time and patented. Acrylic resin was used as a 
binder in multi-layer glass. 

In the 1920s and 1930s a number of plastic 
materials were developed, including cellulose acetate 


CA (photo film, synthetic fiber); polyvinyl chloride 
PVC (pipes, coatings, isolations); urea formaldehyde 
resin (dishes, electrical equipment). 

Polystyrene resins were commercially produced for 
the first time in 1937. Polytetrafluoroethene (PTFE) 
was produced for the first time in 1938, and 
distributed as ‘Teflon’ since 1943. Another key 
development was the synthesis of Nylon, the first 
technical high-performance plastic material. 


Plexiglas Captures the World 


The industrial production of methacrylic acid methyl 
ester began in 1934. With its polymerization to a hard 
and transparent plastic material, polymethyl- 
methacrylic (PMMA or acrylic) was developed. It 
was patented in 1936 and caused, under the 
registered trade name Plexiglas®, a sensation at the 
world exhibition in Paris in 1936, almost 100 years 
after the discovery of acrylic acid. 

Plates of Plexiglas were manufactured by means of 
effusion and polymerization between glass plates. At 
first it was used for watch glass, cockpits, and the 
construction of street lighting and luminous advertis- 
ing. People already experimented with Plexiglas 
injection moulding in 1935. Arthur Kingston, the 
founder of Combined Optical Industries Limited 
(COIL) had invented and patented the first plastic 
lens in 1933. 


The First Plastic Lenses in Cameras 


The first camera, incorporating plastic optical parts, 
to be mass produced was the ‘Purma Special’ 
introduced by RF Hunter Ltd., in 1937, using 
‘Perspex’ (another brand name for Acrylic), for the 
direct-vision viewfinder. 

Due to the scarcity of natural raw materials at the 
beginning of World War II, the plastic industry 
became a source of outstanding substitute materials. 
This development had a lasting effect far into the 
post-war period. Results were mainly achieved with 
technical plastics, such as polycarbonates, acetates, 
and polyamides. Other plastics were developed as a 
substitute for metals as well as for hardhats, for high- 
temperature constructions, and for products which 
are resistant against acids and bases. 

The German chemist Karl Ziegler discovered 
polyethylene (Polyethen, PE) in 1953 and the Italian 
chemist Giulio Natta Polypropylene (PP) in 1954. 

The Eastman Kodak company is credited with 
giving birth to the modern-day plastic Fresnel lens. In 
1946 Kodak developed a tooling and manufacturing 
process to mass produce plastic Fresnel lenses. 
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The circular Fresnel lenses made at that time had 
spiral grooves like music records. 

It took another 10 years of improvement in 
injection molding techniques to the first plastic lens 
camera — the Kodak Brownie 44A from 1959. 

Between 1953 and 1959 the Polycarbonate poly- 
mer was developed by Bayer and General Electrics. 
Currently acrylics and polycarbonates are still the 
most important materials for plastic optics. 

But not only thermoplastic materials were deve- 
loped over this time. In May 1940 research 
work resulted in the monomer allyl diglycol carbonate 
(ADC). In the following years more than 180 different 
compounds of this monomer were investigated and 
examined. 

During World War II Columbia Southern 
Chemical Company (a subsidiary of Pittsburgh 
Plate Glass) began research into ways of obtaining 
nonthermoplastic materials. The project was given 
the name ‘Columbia Resins’. The 39th tested (CR 39) 
turned out to be the most significant due to its unique 
properties and was used since 1947. 

At first, solely the low-refractive CR 39 was 
available for organic eyeglasses. Only in the mid- 
1980s did the development begin in the field of high- 
refractive nonthermoplastic materials. 


Properties of Plastics for Optics 


As already mentioned, the choice for plastic optical 
material is limited only to about 10 different types of 
material. Optical properties (abbe value, refractive 
index, transparency) as well as mechanical, thermal, 
and humidity boundary conditions are decisive for 
the material choice. Different to glass during plastic 
processing (injection molding, casting, etc.) the 
process affects not only the geometry but also inner 
properties like refractive index, transparency, and 
birefringence. 


Optical Properties 


Fundamental optical properties are defined by optical 
transmission, refractive index, and dispersion. For 
plastic optics birefringence is an important parameter 
too. 

Although the total number of plastic materials has 
increased in recent years, the range of refractive index 
and dispersion characteristic is limited to almost two 
major groups — crown-like materials such as Acrylic 
(PMMA), Polyolefin (COC, COP) and flint-like 
materials such as Polystyrene (PS), Polycarbonate 
(PC) and Styrol-Acrylnitril-Copolymer (SAN). 


This strongly limited variety of plastic optical 
materials significantly restricts the optical design 
freedom (Figures 1 and 2). 


Physical Properties 


Important physical properties are weight, impact, and 
abrasion resistance — and thermal properties like 
temperature resistance and thermal expansion. 
Already, during system design, both mechanical and 
thermal properties have to be taken into consider- 
ation. The thermal expansion of optical plastics is 
approximately ten times higher than that of glass 
materials. In an optical system this effect has to be 
compensated for by optical design or mounting. 

Typically most optical plastics can withstand 
temperatures up to 90°C. The maximum service 
temperature of Polycarbonate and Poly-Olefin 
materials reaches 120°C. 

The specific gravity of plastic optical materials 
ranges from 1 to 1.3. 

Polycarbonate has the highest impact resistance of 
all optical plastics and so is used for windshields and 
crash helmets. Acrylic has the best abrasion resistance 
(Table 1). 


Common Materials 


Thermoplastics 


Thermoplastics are polymers with a linear molecule 
structure — with or without side chains — which 
can be deformed reversibly without any modifi- 
cation of their thermoplastic characterization by 
means of the impact of heat. Optical elements can 
be manufactured by injection molding or hot 
embossing. 
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Figure 2. Transmission characteristics. 


Typical optical thermoplastic polymers are listed 
below. 


Acrylic or PMMA (Polymethyl methacrylate) 
Acrylic is the most commonly used optical plastic. 
It is moderately priced, easy to mold, scratch 
resistant, and not very water absorptive. Its 
transparency is greater than that of most optical 
glasses throughout the visible range of the spec- 
trum (organic glass). PMMA can replace glass in 
every application as long as the service temperature 
is less than 90°C and a low chemical resistance is 
required. Additives to acrylic (as well as to several 
other plastics) considerably improve its ultraviolet 
transmittance and stability. 


PC (Polycarbonate) 
Polycarbonates are linear polyesters of the carbonic 
acid which combine many characteristics of metal, 
glass, and plastics. 

Polycarbonate is very similar to styrene in terms of 
optical properties such as transmission, refractive 
index, and dispersion. Polycarbonate, however, has a 
much broader operating temperature band of up to 
more than 120°C. It is used as the flint material for 
systems that have to withstand severe thermal 
conditions. 

Another advantage is the high-impact resistance of 
polycarbonate. Safety glasses and systems requiring 
durability often consist of polycarbonate. Because of 
its high ductility polycarbonate is not easily machined. 


Table 1 Material properties 





Material Characteristics Acrylic Polystyrene Polycarbonate  Styrol- Cyclic Olefin Cyclic Olefin Polyether-  Acryinitril-Butadien- CR39 Optical 
(PMMA) (PS) (PC) Acrylnitril Polymer Copolymer _ sulfone Styrolco-polymere glass (B7) 
(SAN) (COP) (COC) (PES) (ABS) 
Optical Spectral Passing 390-1600 400-1600 360-1600 395-1600 300-1600 
Band (nm) 
Refractive index at 1.4918 1.5905 1.5855 1.5674 1.5261 1.6600 1.5380 1.501 1.517 
587 nm and 20 °C 
Abbe value 57.2 (53) 30.8 34 (29.9) 34.8 55.8 58 19.4 58 64.4 
(nD — 1)/(nF — nC) 
Transmittance (%) 92 87-92 85-91 88 92 92 80 85 
thickness 3.2 mm 
Haze% thickness 1.3 2-3 1.7 1.5 1.5 1.5 1.5 
3.2mm 
Physical Specific Gravity 1.18 1.06 1.25 1.07 1.01 1.03 1.37 1.05 1.32 2.53 
(g/cm) 
Max. Service 92 82 124 95 123 130 200 90 130 400 
Temperature (°C) 
Linear Expansion 6.8x10° 80x10° 66x10 ° 7.0x10°° 7.0x10°° 7.0x10° 55x10° 85x10° 1.14x 1074 
Coefficient (1/K) 
Abrasion 10 4 2 6 6 
Resistance (1—10) 
Environmental dn/dT ( x 107°) —8.5 —12 —11.8...— 14.3 -8 —10.1 
Sensitivity to high low low medium low high medium 
Humidity 
Water Absorbtion 0.30 0.20 0.15 0.30 <0.01 <0.01 0.70 0.45 0 
(weight %) 23 °C, 
ISO 61 
Manufacturability Processability excellent good poor excellent good 
Birefrigence low high high low 
Chemical Resitance to limited good limited good 
Alcohol 
Costs approx. Material 3.3 2.5 4.4 4.4 27.1 21.0 3.5 25.0 


costs (EUR/kg) 
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PS (Polystyrene) 

Polystyrene or Styrene is a low-cost material with 
excellent molding properties. Styrene has a higher 
index and a lower numerical dispersion value than 
other plastics. It is often used as the flint element in 
color-corrected plastic optical systems. 

Compared with acrylic, styrene has lower trans- 
mission in the UV range of the spectrum. It has a 
lower resistance to UV than acrylic but is more easily 
scratched than acrylic. 

Because its surface is less durable, styrene is more 
typically used in nonexposed areas of a lens system. A 
styrene lens, when paired with an appropriate acrylic 
lens, offers an effective achromatic solution. 


SAN (Styrol-Acrylnitril-Copolymer) 

SAN is a copolymer of certain fractions of Poly- 
styrene and Acrylic (typically 70/30), which allows 
adjusting refractive indexes. It is a glassy polymer 
with a low tendency to stress cracks. SAN has slightly 
more chemical durability than PS and is a low-cost 
material with excellent molding properties. 


ABS/MABS (Acryl-Butadien-Styrol-Copolymer) 
ABS is developed from polymerization of styrene and 
acrylnitrit on polybutadien during the emulsion 
process. Process variations lead to different material 
characteristics. Compared to PS, the chemical resist- 
ance and temperature stability of ABS is considerably 
better. ABS has a natural color so it cannot be used for 
every optical application. 


PES (Polyethersulfon) 

PES shows a remarkable temperature stability, a low 
transmission against UV-light, a limited transmission 
with a natural yellow color, and cannot be used for 
every optical application. Because of its excellent 
temperature stability, PES is suitable for assembling, 
even on electronic motherboards by reflow soldering. 
This process causes temperature stress up to 220°C 
(Figure 3). 


COP and COC (Cyclic olefin polymer 

and copolymer) 

Cyclic olefin (co-)polymer provides a high-tempera- 
ture alternative to acrylic. Its refractive index and 
transmittance are similar but the heat distortion 
temperature is about 30°C higher than for acrylic. 
It has a remarkably low water absorption value of less 
than 0.01% (compared with Polycarbonate 0.2% 
and PMMA 0.3%). 

Cyclic Olefin Polymer (COP) is a family of 
amorphous plastic resins with low native stress 
birefringence properties. Zeonex is a resin developed 
by the Nippon Zeon Company — one grade, E48R, 
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Figure 3 PES. 


has a heat distortion temperature of about 122°C. 
Zeon Chemicals has another class of polymers called 
Zeonor, that can be provided as a lower-cost 
alternative to Zeonex. 

Cyclic Olefin Copolymer (COC), with the trade 
name of Topas, is another high-temperature alterna- 
tive to acrylic. Generally, it is a lower-cost alternative 
to COP. Particularly favorable is the high flowability 
(good injection moldability) of these thermoplastics. 


PMP (Polymethylpenten — TPX®) 

PMP has a structure similar to PE, except that only 
the methyl groups are replaced with isobutyl groups. 
The chemical resistance can be compared to PP, 
although it tends to stress crack under the impact of 
ketones or chlorinated solvents. The main advantages 
of PMP are its excellent transparency and its good 
mechanical characteristics, even at high service 
temperatures of up to 150°C. 


PE-HD (high density polyethylene) 

If polymerization is controlled catalytically, mol- 
ecules with a low number of side chains will be 
received. Compared to PE-LD (low density), the 
molecules are quite compact with a higher stability 
and chemical resistance and service temperature can 
be up to 105°C. PE shows a bad transparency (milky 
appearance) in the visible spectral range. However, 
this material is permeable for infrared beams and so is 
frequently used for motion detectors. 


Elastomere 


Elastomeres are plastics with loose and networked 
molecules which are rubber elastic at a normal 
temperature. The most popular elastomeres are 
natural rubber and silicone rubber. These materials 
are optically used as flexible light guides. 
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Duromeres 


Organic glass is a fully synthetic plastic material 
available in a vitreous state. It consists of macromol- 
ecular organic compounds which do not follow any 
principle of periodic arrangement and are hence 
amorphous. 

Duromeres are plastics with spacial closely 
networked molecules which are very hard and 
refractory at a normal temperature. Impact of heat 
causes an irreversible induration. In most cases, 
duromers are used to produce plastic lenses made of 
organic glass. Once they have been thermally treated 
after production, their shape can no longer be 
changed. 

The well-known plastic CR 39 is one of the organic 
materials used for plastic lenses. 

CR39 plastic is made by polymerization of the allyl 
diglycol carbonate (ADC). It is a transparent, 
thermosetting resin which combines an exceptional 
range of qualities which are not available in other 
plastic transparent materials. The CR39 plastic is 
colorless and completely transparent to the visible 
light and almost completely opaque in the infrared 
and ultraviolet region of the spectrum. For these 
reasons, it is largely used for the production of sun- 
glass lenses. They can be colored by surface dyeing or 
bulk tinting, have high abrasion resistance, and high- 
quality optical properties. Their weight is about half 
as much as glass, they keep their excellent optical 
properties despite long-term exposure to chemicals 
and resist heat distortion up to 100°C. These 
qualities, combined with the exceptional optical 
characteristics, make CR39 the best choice for 
applications where severe conditions of use exclude 
all other optical materials. 


Additives and Colors 


The characteristics of many plastics, particularly of 
thermoplastic materials, can be changed by adding 
so-called additives. 

UV-filter materials are frequently added to 
improve the stability of materials in the sunlight. 
Sometimes nonstabilized plastics tend to yellow 
(transmittance decreases). Color filters can also be 
generated by coloring. Infrared coloring permits 
the production of optical elements which appear 
black in the visible spectral range. These materials 
are particularly used for sensors, optical scanners, 
or remote control front windows. Even character- 
istics, such as temperature stability, can be influenced 
by additives. 


Manufacturing Methods 


The manufacturing processes for glass and plastic 
optics are totally different. Glass lenses are made by a 
grinding and polishing process. By contrast, typical 
manufacturing methods for precise technical plastic 
optical parts are diamond turning of plastic blocks, 
injection, and compression molding of granulates. 
Other methods, such as casting, have their appli- 
cation in special fields like ophthalmics (eyeglasses). 
In any case, processing transparent plastic materials 
for optical purposes should take place in a clean 
environment. 


Diamond Point Turning 


Diamond point turning is an ultra-precision machin- 
ing process carried out on special high-performance, 
ultra-precision diamond CNC-machining systems. 

In combination with vibration isolation systems, 
digital signal processor-based machine control and 
integrated measuring systems with nanometer pro- 
gramming resolution manufacturing of optical sur- 
faces is possible. This method can be expanded to full 
3D-milling systems. With such an arrangement the 
generation of free-form surface profiles is possible. 

Because of the long production time and the high 
machine costs, this technology is used for prototyping 
in plastics and nonferrous metals, mold inserts, and 
series production plastic parts — which cannot be 
manufactured by injection molding (because of size 
or precision demands). 


Injection Molding 


Injection molding produces several parts per shot 
(molding cycle) in single or multicavity tools. This 
production method is used for most of the plastic 
optic parts. Other fabrication techniques are used 
only when molding is inappropriate. 

A plastic injection-molding machine consists of a 
fixed platen, a moving platen, a clamping unit, and 
an injection unit. Molding of optical parts requires 
special machine configurations and auxiliary 
equipment. 


Compression Molding 


Compression molding is used in the making of Fresnel 
lenses or other micro-optical structures. The material 
is pressed between heated platens with accurately 
defined temperature cycling during pressing. 
Mold inserts are formed by electroplated copies, 
replicated from master structures. These masters can 
be, for instance, diamond turned structures or 
diffraction gratings made by holographic methods. 
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The compression molding process allows realizing 
small structures with high aspect ratios and tight 
angular and positioning tolerances. 


Manufacturing Process 


Optical and System Design 


On the one hand, optic design for plastic optics in 
principle uses the same mathematical algorithms 
as optic design for glass. On the other hand, 
designing plastic optics requires a profound under- 
standing of the material properties and the manufac- 
turing processes. Knowledge of production 
technologies, material characteristics, and assembling 
methods, together with design expertise, are needed 
to fully exhaust what precision plastic optics can be. 
Simply substituting the indices of refraction and 
re-optimizing, the design will not succeed. Expert 
design assistance is essential at this stage. 

Designing plastic optics with modern design tools 
allows greater design freedom. The advantage of 
combining integral mounting structures with the 
optical surfaces to create mounting flanges, align- 
ment, and snap features, provides the ability to 
automated assembly. Aspheric, cylindric, or toroidal 
surfaces are as easy to realize as spherical ones. 
Microstructures such as diffractive optical elements 
can be integrated too. 


Prototyping 


After designing a plastic optical system, lens proto- 
types can be made by diamond point turning in 
various plastic materials. The best surface finishes can 
be obtained with PMMA. Materials such as poly- 
carbonate, pleximid, or Zeonex do not yield smooth 
surface finishes. 

A major problem is the availability of semi-finished 
plastic blocks in various materials. For PMMA, a 
wide variety of bars or plates are available. For other 
materials or colored options, semi-finished items have 
to be made by injection molding. Because of the high 
manufacturing costs, diamond point turning is only 
recommended for making a limited number of 
prototypes to verify functionality of the optical design 
and to perform first tests. 

In this stage optical systems are normally 
assembled from single elements. Housing parts 
often are made from aluminum. The resulting surface 
quality and system performance cannot be a vali- 
dation of the manufacturability by injection molding. 
To get reliable knowledge about this, making a 
molded prototype from a single-cavity prototype 
mold is recommended. 


The Injection Mold 


A high-quality injection mold is obviously essential 
for precise plastic optic parts. The parts can never be 
better than the tool — but good tooling, however, does 
not guarantee good parts. A strong understanding of 
the whole manufacturing process is the key to 
producing precision plastic components. 

Any injection mold consists of three main parts. 
The upper half, which is affixed to the injection-side 
platen, the lower mold half, which is affixed to the 
ejector-side platen, and the mold-ejection mechanism. 
Guide pins and taper locks ensure proper alignment 
of the mold halves. 

Production volume and precision required from a 
tool influences the selection of mold materials and 
built-in maintenance features. 

Single-cavity and multi-cavity molds from two 
to eight, 16, or even 32 cavitys are used for plastic 
optic parts. 

Thermoplastic materials shrink during cooling in 
the mold. This geometric effect has to be compen- 
sated for in the injection mold. Exact shrink rates can 
be calculated and the tool can be modified. 

For manufacturing optical plastic parts by injection 
molding, the optical surfaces (plano or aspherical 
shapes, diffractive, conical, lenticular, and cylindrical 
surfaces) are generated as separate inserts in the tool. 

Aspheric inserts are manufactured by two steps. 
First a best-fit curve is generated on a stainless steel 
substrate. The substrate is then subjected to a nickel- 
plating process (electroless nickel) that deposits a thin 
layer of nickel (up to 500 ym). In the second step, 
single-point diamond turning produces the final 
aspheric or diffractive curve in the nickel. Because 
the hardness of a nickel-plated insert is less than that 
of a steel spherical insert, it will be more susceptible 
to scratch defects (Figure 4). 


Pre-Production 


A pre-production stage is recommended to check the 
manufacturing process. Typically this is done by using 
a single-cavity prototype mold. This mold can be used 
to find optimal molding conditions. 

Optical and mechanical design can be verified with 
real molded components and design revision is 
possible to affordable conditions. Often the proto- 
type molds is used to start limited production since 
production tooling may take much more time. 


Series Production 


For series production of high volumes, multicavity 
production molds are required. Depending on quality, 
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Figure 4 


Injection mold. 


volume, throughput, and cost, the production tool 
may have 2, 4, 8 or even up to 32 cavities. 
The production molds function for at least several 
hundred of thousands of injection cycles. 


Coating and Component Assembly 


Coating 


Because of their limited temperature and UV 
resistance, plastic lenses must not be coated in an 
elevated temperature and radiation environment. 
During the deposition of thin films onto plastic, the 
coating chamber temperature is significantly lower 
than that for glass optics. This requires deposition 
techniques such as ion-assisted deposition to apply 
antireflective, conductive, mirror, and beamsplitter 
coatings. 

Today, multi-layer dielectric coatings are routinely 
deposited on plastic components. Typical broadband 
antireflection coatings reduce reflection to about 
0.5% per surface across the entire visible spectrum. 
Narrowband, multilayer antireflection coatings can 
achieve surface reflectances less than 0.2%. Multi- 
layer dielectric coatings can be modified easily to 
scratch-resistant designs for front lenses and 
windows. 

Several front and back surface reflector coatings 
are available for plastic substrates. Standard 
coating metals include aluminum, silver, and gold. 
Aluminum coatings provide surface reflectances 
greater than 88% across the visible spectrum and 
gold coatings greater than 95% for the near-infrared 
region. 


Component Assembly 


Many advantages of using plastic optics will come out 
in manufacturing components. The integration of 
optical, mechanical, and electronic elements allows 
building low-cost polymer optical components such 
as small camera lenses or scanner heads. 

Plastic optical assemblies are usually carried out in 
a clean room environment by manual, semi-, or fully 
automated processes. The components have to be 
designed to ensure ease of assembly. Snap-on features, 
UV-cementing, heat-staking, and ultrasonic and laser 
welding, can also be employed with plastic materials. 

Since most optical tolerances are additive, it is 
essential to establish quality check points in the 
manufacturing process to sort out nonconforming 
sub-assemblies. 

Automatic in-line optical performance, monitoring 
such as MTF testing, can be implemented. SPC 
techniques should be used here to ensure the process 
is not drifting out of the controllable range. 


Summary 


For centuries, glass proved to be the material of 
choice for all optical applications. During the 
twentieth century, applications for glass elements 
and complex optical systems greatly expanded. Early 
uses of plastic molded elements included toy objec- 
tives, gauge windows, and watch crystals. Through- 
out the 1970s and up to the present day, high-grade 
polymers were developed specifically for optical 
applications. These advancements in materials, 
coupled with improved mold design have enabled 
plastic optics to replace glass optics in a wide and 
growing number of applications. 

Plastic optic technology permanently expands their 
traditional limits and fields of application. On the one 
hand, plastic optic is still limited by material proper- 
ties but, on the other hand, design and assembling 
freedoms allow new approaches. 


See also 


Diffraction: Fresnel Diffraction. Geometrical Optics: 
Lenses and Mirrors. Optical Coatings: Thin-Film Optical 
Coatings. Optical Materials: Color Filter and Absorption 
Glasses. 
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Corning Precision Lens Inc. (2000) The Handbook of 
Plastic Optics, 2nd edn. Cincinatti, OH: Corning 
Precision Lens Inc. 


OPTICAL MATERIALS / Sculptured Thin Films 1 





OPTICAL MATERIALS 





Sculptured Thin Films 


K Robbie, Queen’s University, Kingston, ON, 
Canada 


© 2005, Elsevier Ltd. All Rights Reserved. 


Introduction 


Optical materials, like all materials, ultimately derive 
their physical properties from their chemical compo- 
sition and physical form. Aluminum behaves differ- 
ently from copper because of a chemical difference, 
while graphite behaves differently from diamond 
because of a crystallographic difference. For materials 
that are not infinite perfect crystals, an important 
contribution to their electromagnetic (optical) 
response comes from the morphological form of the 
material. Morphological form describes the physical 
structure of the material: a perfect crystal is one type 
of morphological structure, a porous fibrous bundle is 
another. An example of a morphological difference is 
that between snow and ice. Snow and ice are 
chemically identical, composed of solid water, but 
they exhibit different optical properties because of a 
difference in morphology. The polished glasses and 
large perfect crystals that comprise most optical 
components have morphologies more like ice than 
snow; their morphologies are dense and crystalline, 
with few and small disordered ‘defects’. Unlike ice, 
snow is rich with morphological structure (see 
Figure 1) arising from the complex growth of each 
flake in the clouds, and the aggregate growth of snow 
on the ground. The morphology of snow scatters all 
colors of visible light, giving it an opaque white 
appearance, while ice is transparent and nearly 
colorless. 

Sculptured thin films (STFs) are materials with 
controlled and designed morphology that exhibit a 
rich behavior unlike that of the constituent materials 
in bulk; they are the snow to most optical materials’ 
ice. Unlike snow, sculptured thin film morphology is 
designed to scatter light in a controlled manner to 
produce a desired optical response. A sculptured thin 
film could be a coating applied to an optical element 
where the coating converts polarizations of light, 
circular or linear, but is composed entirely of an 
optically isotropic material (which doesn’t usually 
affect the polarization of light). The film morphology 
is designed to create the desired optical properties. 


Sculptured thin films are also useful for magnetics, 
where an example of a sculptured thin film is the metal 
film coated onto plastic tape for video, audio, and data 
recording. The film is deposited under conditions that 
impose an elongated shape onto the magnetic 
domains, altering the magnetic properties. The mor- 
phological form of a sculptured thin film defines the 
way it responds in electromagnetic, chemical, and 
biological interaction, and there is hope that these 
unique materials will someday form the core of 
technologies that make the world a better place. 


Structure in Thin Films 


As chemical composition and morphology determine 
the electromagnetic response of materials, it would be 
wonderful to have a technique where we could build 
materials atom by atom, placing each exactly where 
we wished, and varying the element at will. With this 
level of control it would be possible to design and 
fabricate materials for almost any conceivable optical 
application. In some sense this is what is done now to 
fabricate lasers and optical switches. Microelectronic 
and micromachining processes have produced fantas- 
tic optical devices by controllably mixing materials 
(mostly semiconductors) and patterning designed 
structures. These techniques typically employ a 
repeated series of thin-film depositions and photo- 
lithographic patterning. Examples of thin-film coat- 
ings include antireflection coatings on eyeglasses, 
hard coatings on grocery store barcode scanners, 





Figure 1 Photograph of snow accumulating at — 20°C. Photo 
courtesy of Chelsea Elliott. 


2 OPTICAL MATERIALS / Sculptured Thin Films 





ultraviolet blocking aluminum inside potato chip 
bags, and all integrated electronic circuits. Thin films 
are usually produced by vapor deposition in vacuum, 
and can be made with most elements and inorganic 
compounds (and a growing list of organics). Most 
thin films grow as uniform, dense, two-dimensional 
(2D) layers, and three-dimensional structure (3D) is 
produced by removing portions of the film with 
photolithography and etching. Photolithography is a 
process where ultraviolet light is projected through a 
mask and microscope system onto a photosensitive 
polymer layer atop the thin film. The light hardens 
areas of the polymer in the pattern of the mask, 
preventing them from dissolving in a chemical 
developer solution. Exposed portions of the thin 
film can then be etched away with chemical or other 
means. Repeating as desired, many steps can create 
complex 3D designed structures. Computer chips and 
other integrated circuits are semiconductor crystals 
covered with a layered structure of conductors 
(aluminum, copper, platinum) and insulators (metal 
and semiconductor oxides) patterned with thin film 
deposition and lithography. Semiconductor lasers and 
many other optical devices are made this way as well, 
usually employing compound semiconductors (GaAs, 
AlGaAs, GaAsP, InP, etc.). The micrometer-scale 
patterning made possible with thin-film deposition 
and etching techniques has produced a wealth of 
semiconductor optical devices. 

Optical lithography, however, is limited in size 
scale to dimensions comparable to the wavelength of 
light used to expose the photomask. Modern UV 
lithography can pattern 100-200 nm structures. 
Visible light has wavelengths from 400 nm (violet) 
to 700 nm (red). Shrinking the dimensions of physical 
structures is a great benefit for optical devices as it 
allows light to be controlled coherently without 
strong random scattering. Structures with dimensions 
comparable to the wavelengths of light strongly 
scatter light waves; scratches on optical components 
or imperfections in materials with dimensions com- 
parable to the wavelength are considered defects, and 
are usually deleterious. However, materials with 
morphology much smaller than the wavelength 
(nanometer structure, or nanostructure) are seen by 
propagating light as homogeneous, with polarization 
and dispersion effects characteristic of the underlying 
structure. Sculptured thin films are materials 
where complex nanostructure has been created by 
controlling growth parameters dynamically during 
deposition of a thin film. The simplest sculptured thin 
film might be one where the temperature is periodi- 
cally varied during thin-film deposition (although this 
is a very simple example, lacking the anisotropy 
central to the sculptured thin-film concept). Variation 


in the growth process with temperature affects film 
density, producing a porosity variation (periodic 
inhomogeneity) as a function of film thickness. 
Varying porosity produces varying refractive index, 
and this film would be an optical interference filter. 
The largest limitation of sculptured thin films is that 
all attainable structures must be characteristic of the 
growth process. As all morphological control is 
accomplished by varying film growth parameters, 
structure that is not characteristic of thin film growth 
is not possible. Fortunately, thin film deposition and 
growth is sufficiently complex to allow the fabrica- 
tion of a large range of useful structures. As with 
lithographic patterning, the structural control is two 
dimensional, but now the third dimension is con- 
structed by continuing the deposition, not by repeat- 
ing the deposition and lithography cycle. Complex 
structures can be produced on the scale of tens or 
hundreds of atoms (approximately tens of nano- 
meters) with controlled 3D morphology. This 
reduction in size scale compared to lithographic 
patterning is a huge benefit. Materials can now be 
designed and created with subwavelength structure to 
coherently scatter light. Because the morphological 
structure (<100nm) is much smaller than the 
wavelength of visible light (~500 nm), light traveling 
in a sculptured thin film sees a medium with averaged 
properties. The material can be designed to control 
refractive index through a wide range, and birefrin- 
gence and circular polarization effects are 
controllable. 

The morphological structure of thin films is a vast 
topic. Thin films are produced with a nonequilibrium 
growth process, somewhat like the growth of clouds, 
and the mechanics of the growth determine the 
structure, which is often very different from that 
seen in a bulk sample of the same substance. Crystal 
and morphological structure vary with deposition 
process conditions, and vary during deposition to 
record a history of growth much like the rings of a 
tree, or stratified rock. If chemical composition is 
varied during the deposition, that change will be 
reflected in layers in the film. If vapor energy or 
temperature is varied, variations in density and 
crystal structure will result. Thin film growth is an 
aggregation process (the film accumulates over time), 
and exhibits many of the features of similar processes, 
sometimes producing materials with structures simi- 
lar to broccoli or clouds. This self-affine (self-similar) 
structure is observed over a large range of sizes under 
some film deposition conditions. Under other depo- 
sition conditions, crystallographic effects dominate 
growth and films become layers of faceted crystals. In 
sculptured thin films, these growth characteristics are 
controlled and exploited in a functional manner to 
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Do not measure the "Resistance of a Battery" 


1. Do not measure the "resistance of a battery." The resistance of a battery (called the 
Internal impedance) is not measured as shown in the diagrams above. It is measured by 
creating a current-flow and measuring the voltage across the battery. Placing a 
multimeter set to resistance (across a battery) will destroy the meter. 

2. Do not try to measure the resistance of any voltage or any "Supply." 


Resistance is measured in OHMs. 

The resistance of a 1cm x 1cm bar, one metre long is 1 ohm. 

If the bar is thinner, the resistance is higher. If the bar is longer, the resistance is higher. 
If the material of the bar is changed, the resistance is higher. 

When carbon is mixed with other elements, its resistance increases and this knowledge 
is used to make RESISTORS. 

Resistors have RESISTANCE and the main purpose of a resistor is to reduce the 
CURRENT FLOW. 

It's a bit like standing on a hose. The flow reduces. 

When current flow is reduced, the output voltage is also reduced and that why the water 
does not spray up so high. Resistors are simple devices but they produce many different 
effects in a circuit. 

A resistor of nearly pure carbon may be 1 ohm, but when non-conducting "impurities" 
are added, the same-size resistor may be 100 ohms, 1,000 ohms or 1 million ohms. 
Circuits use values of less than 1 ohm to more than 22 million ohms. 


Resistors are identified on a circuit with numbers and letters to show the exact value of 
resistance - suchas 1k 2k2 4M7 


The letter 2 (omega - a Greek symbol) is used to identify (or express) (or represent) 
the word "Ohm." 

But this symbol is not available on some word-processors, so the letter "R" is used. The 
letter "E" is also sometimes used and both mean "Ohms." 

A one-ohm resistor is written "1R" or "1E." It can also be written "1RO" or "1E0." 

A resistor of one-tenth of an ohm is written "OR1" or "OE1." The letter takes the place 
of the decimal point. 

10 ohms = 10R 

100 ohms = 100R 
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design material properties. For example, magnetic 
video and audio tapes that have the symbol ME, 
abbreviating ‘metal evaporated’, employ a structured 
magnetic thin film that has superior magnetic 
response for recording. Similar effects are observed 
in optical materials, and sculptured thin films appear 
promising for improving existing optical devices or 
enabling new ones to be developed. 

The most studied form of sculptured thin films is 
that produced by an asymmetric deposition process. 
In deposition by vacuum evaporation, a thin film is 
fabricated by evaporating some source material in 
vacuum, and condensing a vapor onto a substrate. 
Eyeglasses, mirrors, television phosphor screens, etc. 
are coated this way. In most thin films the vapor 
arrives straight down (perpendicular) to the plane of a 
flat substrate. The film structure reflects the symmetry 
of the vapor, and is typically composed of a dense 
layer with some defects or voids oriented perpen- 
dicular to the substrate surface. A thin film exhibiting 
this morphology is shown in the scanning electron 
microscope image of Figure 2. When vapor arrives 
asymmetrically onto a substrate, however, that 
asymmetry is reflected in the growth, producing 
structural asymmetry in the resulting film, and altered 
physical properties. A second scanning electron 
microscope image is shown in Figure 3, of a 
sculptured thin film where the orientation of the 
substrate relative to the vapor is changed twice, 
producing three layers with different morphologies. 
The thin uniform gray at the absolute bottom of the 
image is the edge of the silicon crystal substrate which 
has been cleaved to reveal an interior section of the 
film. The bottom and first film layer is inclined to the 
right, toward the vapor source for the duration of this 
first part of the deposition. The middle and second 





Figure 2 Micrograph of MgFz film deposited onto a 75mm 
silicon wafer substrate, then fractured to reveal the edge shown. 


film layer has a twisted structure created by slowly 
rotating the substrate relative to the vapor, while 
keeping the tilt fixed. The top layer has a vertical 
structure created by rapidly rotating the substrate. 
The entire film was produced with the vapor arriving 
at an angle of 45°, measured from either the plane of 
the substrate or its perpendicular. Varying the tilt 
angle has a profound effect on the morphology of thin 
films. The void structure in these films records the 
geometry of the deposition. When we cleave a film we 
are able to observe a 2D slice of this rich morphology. 
At large tilt angles, glancing angle deposition (GLAD) 
produces films with highly porous and complex 
structure. At these angles, the film structure becomes 
isolated columns of material where growth variations 
are now reflected in variations in the shape of 
individual columns. At less oblique vapor angles, 
growth variations are reflected in the shape of 
networks of atomic-scale voids within a largely 
dense film. Indeed, for the best optical devices fabri- 
cated to date (with the serial bideposition technique 
described later) it is difficult to distinguish any 
variation in structure even using a high-resolution 
scanning electron microscope. The film deposition 
process can be designed to control the morphology 
of the growing film, and to vary the structure as a 
function of time and thickness. The morphology of 
these films determines their optical properties; optical 
birefringence, second harmonic generation, filter 
bandwidth and attenuation, etc. can all be controlled 
in sculptured thin films. 





Figure 3 Micrograph of SiO film deposited with a tilt angle of 45° 
with one layer of no rotation, one layer with one rotation, then one 
layer with rapid rotation. 
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Optical Thin Films 


Light can be described as a traveling wave with 
electric and magnetic fields oscillating perpendicular 
to each other, and to the direction of propagation. If 
the orientation of the electric field remains constant as 
the wave propagates, the light is said to be linearly 
polarized. If the orientation of the electric field rotates 
through a circular path, the light is circularly 
polarized, and can be left or right handed. In the 
most general description, the electric field traces an 
ellipse during propagation and the light is said to be 
elliptically polarized. The experimental study of light 
polarization is called ellipsometry. When light pro- 
pagates through vacuum or air, the state of polariz- 
ation remains constant. When light propagates 
through some types of materials, however, crystal- 
lographic or morphological asymmetry (or more 
correctly, anisotropy) results in different propagation 
conditions for different polarizations. Upon passage 
through these materials, the orientation and form of 
the state of polarization is changed, for example from 
left circularly polarized (LCP) to right circularly 
polarized (RCP). When multiple layers of anisotropic 
materials are combined into an optical circuit, as in 
the sculptured thin film concept, highly controlled 
optical response characteristics can be created. 

The discussion of the optical properties of thin 
films begins with definitions of isotropic, uniaxial, 
and biaxial materials. Isotropic materials have optical 
properties that are independent of the direction that 
the light propagates through them. Vacuum and air 
are isotropic, as is glass. Rotation of the optical 
material relative to the light propagation direction 
has no effect on how the light propagates, and the 
state of polarization remains constant. Uniaxial 
materials have properties that vary with direction, 
but with one preferred direction (or axis) where 
response is independent of rotation. Biaxial materials 
have properties that are even more dependent on 
propagation direction, and require two axes to 
describe their optical properties. For biaxial materials 
there is no propagation direction where the optical 
response is independent of rotation. The mineral 
calcite is an example of a uniaxial material where the 
refractive index, and therefore the speed of light 
propagation, varies with direction relative to the 
crystal structure. This is a direct consequence of the 
trigonal crystal structure of calcite, and is an example 
of linear birefringence. Birefringence is the effect 
caused by anisotropic materials whereby light of 
different polarizations, even within one ray of light, 
travel with different speeds. When light propagates in 
a birefringent material, the orientation of the light’s 
electric field relative to the material’s optical axis 


determines the speed of propagation. Light with 
different polarization (orientation) propagates at 
different speeds, and a beam’s polarization state is 
altered on passage through the material. Thin films 
can be isotropic, uniaxial, or biaxial, depending on 
the conditions under which the film is deposited. 
Sculptured thin films are films fabricated in a manner 
that controllably enhances the anisotropic optical 
response to produce materials with designed optical 
properties based on control of their morphological 
structure. As in calcite where the anisotropic crystal 
structure yields a uniaxial optical response, aniso- 
tropic morphological structure in sculptured thin 
films yields biaxial optical response. A plan view 
scanning electron microscope image of an anisotropic 
thin film is shown in Figure 4. The film was deposited 
with two vapor sources with the substrate placed 
between and the vapor arriving from both sides at an 
angle of 70° from the substrate perpendicular. This 
film is similar to those produced with the serial 
bideposition technique, and is optically birefringent. 
Polarization filters and other optical components can 
be constructed by designing the morphological 
structure of the thin film. 

As discussed above, when a thin film is deposited 
from a vapor arriving perpendicular to a flat substrate 
surface, a structure composed of small (tens of 
nanometers diameter) columns of film material 
grows, with the columns oriented perpendicular to 
the substrate (Figure 2). This film is optically uniaxial, 
with the preferred axis perpendicular to the substrate, 
and parallel to the vapor flux. Light propagating 
along this optical axis (perpendicular to the substrate) 
travels at one speed regardless of polarization, and 
independent of rotations of the substrate around this 
axis. Light propagating along other paths will travel 
at a speed that depends on the polarization of the light 





Figure 4 Micrograph of MgF= film, viewed from above, 
deposited with simultaneous growth from two vapor sources. 
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(orientation of the electric field relative to the 
propagation direction). The effect is small, and arises 
from the morphological structure of the film. More 
pronounced optical response is produced when the 
vapor arrives onto the substrate at an angle from the 
substrate perpendicular, producing optically biaxial 
materials, and enabling exciting polarization and 
filtering effects. If a thin film of magnesium fluoride is 
deposited onto a polished piece of glass with the 
vapor arriving at 45° (relative to an axis perpendicu- 
lar to the substrate), a slanted columnar film is 
produced. The morphology of the film is tightly 
packed columns of polycrystalline magnesium fluor- 
ide with diameters between 50 and 200 nanometers 
(nm), inclined toward the vapor source, and pene- 
trated by a network of atomic-scale voids. Because of 
the anisotropic nature of the deposition, the voids are 
anisotropic, and the film is optically biaxial. If the 
substrate is then held at that tilt angle and is rotated 
during deposition, the anisotropy in the structure 
rotates with the deposition, and an important type of 
sculptured thin film is produced. The electromagnetic 
description of this type of film is a ‘helicoidal 
bianisotropic medium’, describing both the helix 
shape of the rotation of the structure and the local 
bianisotropic (biaxial) physical, and optical, struc- 
ture. Films with helicoidal symmetry are ideally 
suited for studies involving circular polarizations of 
light, and many demonstrations of sculptured thin 
films have involved these films and circularly polar- 
ized light. Like many organic molecules and some 
mineral crystals, these film are chiral, existing in two 
mirror image forms, called enantiomers. A right- 
handed structure rotates clockwise traveling away 
from an observer; a left-handed structure rotates 
counterclockwise. Also like some organic molecules 
and mineral crystals, helicoidal films are optically 
active — they affect the polarization of light. The 
observed effect depends on the wavelength of light 
relative to the physical helicoidal structure. If these 
two lengths match, a strong resonance effect is 
observed where the light wave coherently scatters 
from the anisotropic structure. Filters to produce and 
convert circular polarized light have been constructed 
with sculptured thin films of this type. 

The range of structural control over the mor- 
phology of thin optical films limits the ability to 
tailor optical response for desired applications. 
While optical systems must always be treated as a 
whole to determine response properties, the descrip- 
tion of some basic elements is useful. A film deposited 
at normal incidence will be uniaxial with the axis 
perpendicular to the substrate. For light propagation 
along this axis (common for optical systems), the 
material exhibits no birefringence. This structure is 


often called an isotropic element even though the 
columnar structure is slightly optically anisotropic. 
A truly isotropic layer could be produced by 
ion bombardment or elevated temperature during 
deposition, either of which would have the effect of 
eliminating the columnar structure and reducing 
anisotropy in the film. The second elemental structure 
is a slanted columnar film that is commonly described 
as a matchstick morphology. It is produced by 
changing the vapor incidence away from the substrate 
normal, leading to an inclination of the column 
structure toward the vapor source, as described 
above. Further structures can include: helicoidal 
structure where the anisotropy rotates through the 
thickness of the film, and periodically bent nematic 
structure where the anisotropy tilts in an s-shaped 
pattern through the film (fabricated with a complex 
pattern of rotations and depositions). These four 
elementary microstructures are shown in Figure 5. 
Electrical, optical, and magnetic anisotropy can also 
be increased by depositing obliquely from two sides 
instead of one, and this technique (called serial 
bideposition) can be used to increase the anisotropy 
in sculptured thin films. At extremely oblique 
deposition angles, a regime called glancing angle 


(a) Matchsticks 


(b) Zigzags 


(c) Coils (HBMs) 





(d) Periodically 
bent nematics 


Figure 5 Elementary microstructures of sculptured thin films. 
From Lakhtakia A, Messier R, Brett MJ and Robbie K (1996) 
Sculptured thin films (STFs) for optical, chemical and biological 
applications. Innovations in Materials Research 1(2): 165-176, 
reproduced with permission. 
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Figure 6 Micrograph of MgFo film deposited with a tilt angle of 
85° and substrate rotation clockwise for the first half and 
counterclockwise for the second. 


deposition, a rapid increase in porosity with approxi- 
mately constant column tilt results from a compe- 
tition between deposition processes. Films deposited 
here are highly porous and strongly scatter light, 
limiting their usefulness for conventional optical 
devices, though some application has been seen in 
these highly porous films when impregnated with 
liquid crystals, and switched similarly to liquid crystal 
displays. An example of a highly porous optical filter 
with circular polarization effects is shown in Figure 6, 
where two layers of helicoidal porous films are 
deposited with different handedness and pitch. 
Sculptured thin films for most optical devices are 
deposited at less oblique angles to reduce porosity 
and therefore diffuse light scatter (haze) as well as 
sensitivity to humidity and other environmental 
changes. 

Combining the concepts of film growth and optical 
response to morphology leads to the hoped-for vision 
of sculptured thin films: optical circuits in a chip. 
Combining the elementary microstructures described 
above, and employing powerful computer growth 
modeling and optical design programs, researchers 
are currently defining and producing sculptured thin 
films with increasingly complex optical response 
characteristics. There are substantial steps required 
to move from the fairly simple optical filters fabricated 
today to large-scale devices with complex function- 
ality, but continuing success and increasing interest 
suggest that sculptured thin films could become a 
dominant optical technology in years to come. 


Current Research 


While thin films deposited at off-perpendicular 
incidence angles have been studied for many years, 
the last decade has produced significant new insights 
into these materials, leading to the concept of 
sculptured thin films. Understanding that morpho- 
logically rich materials can be used to produce new 
optical effects has yielded some impressive demon- 
strations. Research is also underway to explore these 
materials for chemical, magnetic, biological, and 
other applications. 

Significant research has been conducted in the past 
few years to develop and extend the concepts of 
sculptured thin films. Optical studies, both theoretical 
and experimental, have revealed a range of remark- 
able properties including circular birefringence and 
Bragg reflection, liquid crystal alignment and switch- 
ing, optical interconnection, and even suggestions of 
photonic bandgaps. Studies of optical sensing of gases 
and other materials is progressing, and simulation 
and modeling of the growth processes is ongoing. The 
following are two examples of optical materials that 
have been fabricated with sculptured thin-film 
techniques; one is a polarization discriminatory 
light-handedness inverter and the second is a liquid 
crystal switching cell that can be used to electrically 
modulate the transmission of polarized light. The 
handedness inverter converts left circularly polarized 
light to right circularly polarized within a spectral 
band, and blocks right circular polarized light. It is 
constructed by combining a layer with vertical 
columnar, or matchstick, morphology together with 
a layer with helicoidal morphology. In keeping with 
the sculptured thin film concept, the films are 
deposited sequentially during the same deposition, 
and optical properties are monitored during growth. 
The transmission spectrum for the devices is shown in 
Figure 7, where Tp, and Typ are the light transmit- 
tances of right circularly polarized light when the 
incident is LCP, and of LCP when the incident is RCP, 
respectively. LCP light is almost entirely converted to 
RCP upon transmission, and RCP light is blocked. 
The bandwidth of the devices is about 50 nm, 
determined by matching of the circularly polarized 
light with the layer with helicoidal morphology. 

When films are deposited with helicoidal mor- 
phology at glancing angles, i.e., glancing angle 
deposition, highly porous structures are produced 
where the columns stand alone and are individually 
shaped by the deposition process. Optical devices can 
be constructed by filling these porous films with gases 
or liquids, and there have been demonstrations of 
display-type switching with liquid crystals, 
and discussions of chemical sensing possibilities. 
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Figure 7 Transmission spectrum for visible light through 
a polarization-discriminatory light-handedness _ inverter. 
Adapted with permission from Hodgkinson IJ, Lakhtakia A and 
Wu Q-H (2000) Experimental realization of sculptured-thin-film 
polarization-discriminatory light-handedness inverters, Optical 
Engineering, 39: 2831-2834. 
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adhesive 


glass substrate 
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Figure 8 Liquid crystal switching cell schematic with highly 
porous glancing angle deposited (GLAD) film between glass 
plates coated with transparent electrodes. Reproduced with 
permission from Sit JC, Broer DJ and Brett MJ (2000) Alignment 
and switching of nematic liquid crystals embedded in porous chiral 
thin films. Liquid Crystals 27: 387-391, www.tandf.co.uk/journals. 


The device shown in Figure 8 is a liquid crystal 
switching cell where the space between the electrodes, 
usually composed solely of liquid crystalline material, 
is now filled with a highly porous helical structured 
film. The film structure is somewhat similar to 
helicoidal film produced for the handedness inverter 
discussed above, but glancing angle deposition has 
produced a film of individual formed columns instead 
of a more dense film with a helicoidal void 
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Figure 9 Transmission spectrum for visible light through a liquid 
crystal cell where the difference between right- and left-circularly 
polarized light transmission is eliminated with applied electric field. 
Adapted with permission from Sit JC, Broer DJ and Brett MJ 
(2000) Alignment and switching of nematic liquid crystals 
embedded in porous chiral thin films. Liquid Crystals 27: 
387-391, www.tandf.co.uk/journals. 


morphology. When the porous portions of the film 
are filled with simple nematic liquid crystalline 
material, the orientation of the rod-like molecules is 
strongly influenced by the helical columns. An 
orientational phase occurs in the liquid crystals 
mirroring the helical structure of the columns in the 
film, and producing optical properties similar to 
chiral nematic liquid crystals. The discrimination of 
left and right circularly polarized light increases 
relative to the unfilled film. When an electric field is 
applied across the liquid crystal cell, dipole moments 
in the liquid crystal molecules force them to align 
with the field, and chiral optical properties vanish 
(see Figure 9). Used as an electro-optic filter for 
circularly polarized light, this cell can switch light 
transmission on and off. Initial work has not shown 
clear benefits of this system over conventional 
liquid crystal display technology, but control of 
liquid crystal orientation throughout the cell 
instead of just at the glass plates appears promising. 
Possibly more complex optical circuits, incorporating 
layers of porous films filled with liquid crystals, will 
be useful. 

Theoretical and experimental study of sculptured 
thin films is in its infancy, and many exciting uses for 
these materials are expected in coming years. Con- 
tinuing study of thin film growth dynamics will 
improve and expand the range of structures attain- 
able. Theoretical investigations will aid in the design 
and understanding of the optical response. 


List of Units and Nomenclature 


Aluminum (Al) — white metal used in airplanes, 
mirrors, and microelectronic 


circuits 
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Anisotropic 


Biaxial 


Chiral 


Diamond 


Electromagnetic 
waves 


Epitaxy 


Etching 


Graphite 


Inhomogeneity 
Isotropic 


Lithography 


Magnesium 
fluoride 


Morphology 
Nanometers (nm) 


Nematic liquid 
crystal 





Pitch 


Polarization 


Refractive index 


Substrate 


having properties that vary with 
orientation (rotation) 

having anisotropic optical 
response characteristics that 
require two axes to describe 
having a shape that exists in 
two mirror image forms, called 
enantiomers 

carbon crystallographically 
ordered in a face-centered-cubic 
lattice, and used in cutting tools 
and jewelry 

traveling waves of energy that 
compose light, x-rays, radio- 
waves, etc. 

growth of a thin film that pre- 
serves the crystal structure of the 
underlying film or substrate 
removing material with chemical 
or physical atomic scale process 
carbon crystallographically 
ordered in hexagonal sheets, and 
used in pencils and lubricants 
varying with translation 
(position) 

having properties that are identi- 
cal in all directions 

process where patterns are pro- 
duced in a sensitive layer by 
irradiating the layer through a 
mask with the desired pattern 
ceramic (MgF>) that is used in 
thin-film or single-crystal form in 
many optical systems 
microstructural shape, or physi- 
cal arrangement of atoms in a 
material 

one billionth of a meter, 10~? m 
optical material composed of rod- 
shaped organic molecules that 
usually exhibits uniaxial optical 
properties 

physical period for one full 
rotation of a helical structure 
orientation and phase of the 
electric and magnetic fields in a 
traveling electromagnetic wave; 
can be linear, circular, or gener- 
ally, elliptical 

the ratio of the speed of light in 
vacuum to the speed of light in a 
material 

object that a thin film is deposited 
onto, often polished glass or 
semiconductors 


Ultraviolet (UV) electromagnetic radiation (light) 
with wavelength shorter than 
visible light and longer than 
X-rays 

having optical response charac- 
teristics that are anisotropic, but 
are rotationally symmetric about 
one axis 

absence of matter, typically pro- 
duced inside sealed glass or steel 
chambers by removing air with 
pumps 

moving gas-like collection of 
material, emitted from a source 
such as an evaporator or effusion 
cell, that will condense to form a 
thin film 


Uniaxial 


Vacuum 


Vapor flux 


See also 


Coherence: Overview. Coherent Lightwave Systems. 
Fiber and Guided Wave Optics: Overview. 
Imaging: Imaging Through Scattering Media. Infor- 
mation processing: All-optical Multiplexing/Demultiplex- 
ing; Coherent Analogue Optical Processors; Optical 
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Optical Processing Systems. Optical Coatings: 
Anti-Counterfeiting and Decorative Coatings; Optical 
Black Surfaces; Thin-Film Optical Coatings. Optical 
Materials: Measurement of Optical Properties of 
Solids. Polarization: Introduction; Matrix Analysis. 
Scattering: Scattering from Surfaces and Thin Films; 
Scattering Theory. Semiconductor Materials: Band 
Structure Engineering. Terahertz Technology: Coherent 
Terahertz Sources. 


Further Reading 


Ball P (1997) Made to Measure. Princeton, NJ: Princeton 
University Press. 

Barabasi A-L and Stanley HE (1982) Fractal Concepts 
in Surface Growth. Cambridge, UK: Cambridge 
University Press. 

Collins PJ (1990) Liquid Crystals. Princeton, NJ: Princeton 
University Press. 

de Gennes PG and Prost J (1993) The Physics of Liquid 
Crystals. Oxford, UK: Clarendon Press. 

Hodgkinson IJ and Wu Q-H (1997) Birefringent Thin Films 
and Polarizing Elements. Singapore: World Scientific 
Publishing. 

Hodgkinson IJ, Lakhtakia A and Wu Q-H (2000) 
Experimental realization of sculptured-thin-film 
polarization-discriminatory light-handedness inverters. 
Optical Engineering 39: 2831-2834. 


OPTICAL MATERIALS / Smart Optical Materials 9 





Hodgkinson IJ, Wu Q-H, Thorn KE, et al. (2000) Spacerless 
circular-polarization spectral-hole fitters using chiral 
sculptured thin films: theory and experiment. Optics 
Communications 184: 57-66. 

Lakhtakia A, Messier R, Brett MJ and Robbie K 
(1996) Sculptured thin films (STFs) for optical, 
chemical and biological applications. Innovations in 
Materials Research 2: 165-176. 

Liu K Umlor MT, Shen L, et al. (1999) The growth of 
nanoscale structured iron films by glancing angle 
deposition. Journal of Applied Physics 85: 5486-5488. 

Messier R, Venugopal VC and Sunal PD (2000) Origin and 
evolution of sculptured thin films. Journal of Vacuum 
Science and Technology 18: 1538-1545. 

Ohring M (1992) The Materials Science of Thin Films. 
New York: Academic Press. 


Smart Optical Materials 


P M Martin, Pacific Northwest National Laboratory, 
Richland, WA, USA 


© 2005, Elsevier Ltd. All Rights Reserved. 


Introduction 


Smart optical materials are those materials whose 
optical properties (transmittance, reflectance, absorp- 
tance, emittance, fluorescence) can be controlled by 
external stimuli; either by an applied electric field or 
voltage, mechanical stress, incident light or electro- 
magnetic field intensity, temperature variation, or 
time duration. This includes electrochromic, photo- 
chromic, thermochromic, nonlinear optical, light 
emitting, fluorescing, emissive, and piezochromic 
materials. These materials can be in various states, 
such as solids, gels, composites, and mesophases. 
Electrochromic and photochromic materials, 
however, are used most extensively. 

The mechanism for adaptive control of light must 
be reversible, have a well-defined response time, and 
have an activation threshold, otherwise, the material 
is considered passive. The primary mechanisms that 
can cause variations in optical properties are crystal 
phase transitions, nonlinear effects in the polariz- 
ability, optical energy band transitions and band 
bending, compositional changes, defect and color 
center formation, and lattice strain. Crystal phase 
transitions change the bonding morphology of a 
material, which affects the energy bandgap. Most 
optical materials have several possible crystalline 
phases, depending on temperature. The optical 
properties of the anatase and rutile phases of TiO:, 
for example, are very different, and result from 
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different energy bandstructures (recall that the energy 
bandstructure depends on lattice spacing and crystal- 
line plane orientation). The crystalline phase of 
several thermochromic materials changes from the 
martensite structure to the austenite structure with 
change in temperature, and an associated change in 
optical properties. Compositional changes are caused 
by chemical or physical reactions in the material, such 
as a metal ion bonding to an atom in the lattice, or 
loss of an atom in the lattice. The reaction can be 
caused by an energetic photon or ion driven by an 
electric field; electrochromic materials fit into this 
category. If their energy is high enough, incident 
photons can create defect states in the bandgap of 
materials, which in turn form color centers that 
absorb light. Modulated electric and electromagnetic 
fields can cause changes in the linear and nonlinear 
polarizability of the atoms in a lattice. Nonlinear 
optical and piezochromic effects are based on this 
mechanism. 


Photochromic Glass 


Photochromic glass is one of the most widely used 
smart optical materials, and definitely the most 
widely marketed. It has been around for over 30 
years with hundreds of associated patents. The 
transmission of photochromic materials adjusts to 
the light level of their environment, but these 
materials give no output information for data 
processing or communications. They do, however, 
require no other external control mechanism other 
than the intensity of light (characteristics of a true 
smart material). Photochromic materials darken 
reversibly when exposed to sunlight or a specific 
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optical (UV-LWIR) wavelength band. Absorption in 
specific narrow or broad wavelength bands is due to 
the formation of color centers, or point defect states 
in the lattice. The kinetics of darkening has been 
described by a two-color center model with two rate 
constants. Energy (usually in the ultraviolet wave- 
length range) of the incident photons, ionizes atoms 
in the glass, thus forming ‘F’ centers. F centers are 
highly absorptive and the absorption generally occurs 
in a broad wavelength band. The earliest photo- 
chromic glass developed utilized a dispersed and 
sensitized colloidal silver halide as the darkening 
agent. Copper oxide was a typical sensitizer and AgCl 
is also a fairly common impurity used in PC glass. 
This material darkens by the equation 


Ag! + Cu! = Ag? + Cull [1] 


This type of reaction is fairly typical of these 
materials. The defect state is created in the silver 
and copper, creating optical absorption. Photo- 
chromic glass can darken down to 22% transmittance 
in sunlight and become nearly clear indoors, trans- 
mitting 85% of visible light. Figure 1 shows the 
transmittance of the darkened and normal states. 
Temperature, however, does have an effect on the 
lenses. The glass will not darken completely at 
temperatures above 32°C, and at cold temperatures 
the lens will get extremely dark in a shorter period of 
time. Recently, BaO—R2O3-SiO, (R= Al, B, La) 
nanoparticles have been introduced to enhance 
photochromicity. 


Thermochromic Materials 


Thermochromic materials darken and lose transmit- 
tance when heated above a critical temperature. 
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Figure 1 Transmittance of photochromic glass in darkened and 
normal states. (Reproduced with permission from Jorgenson GV 
and Lee JC (1985) Optical Materials for Energy Efficiency and 
Solar Energy Conversion IV, SPIE Proceedings, vol. 562. 
Bellingham, CA: SPIE.) 


They can be as sophisticated as a multilayer thin 
film optical interference coating or as mundane as a 
cereal bowl that changes color when heated. 

Thermochromic products are used to darken 
windows of automobiles, for example, when the 
internal temperature gets above a specific value. The 
conductivity of these materials also decreases with 
darkening in many cases because additional electrons 
are excited into the conduction band due to the 
increased number of defect states in the bandgap. The 
most common inorganic thermochromic thin film 
materials are transition metal oxides, and among 
these, the vanadium oxide family (V2O5, VO2) shows 
the best performance. Figure 2 shows the transmit- 
tance of a VO, thin film before and after heating. 
Here T, is the transition temperature. When heated 
above T;,, the film darkens. Stoichiometric VO> 
darkens at a temperature near T, = 68°C due to a 
semiconductor to metal transition. The resistivity of 
VO, decreases by three orders of magnitude and the 
emittance can be increased up to 90% at the 
transition temperature. This material has promising 
applications for thermal control of space structures, 
where surfaces are exposed to intense solar radiation 
and periods of darkness at very low temperatures. 
The transition temperature can be engineered 
(increased or decreased) by doping with metals such 
as W and Ta. 

Loss of transmission can be achieved by absorption 
or increased reflectance. Reflectance increases with 
heating are observed in substoichiometric WO3 films 
and absorptance increases in stoichiometric films. 
The reflectance increase is attributed to a decrease in 
W/O ratio and an associated increase in the refractive 
index (n) and extinction coefficient (k). 
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Figure 2 Change in transmittance of a thermochromic VOz film 
with heating. T < T; for normal transmission and T > T; when 
heated. (Reproduced with permission from Jorgenson GV and Lee 
JC (1985) Optical Materials for Energy Efficiency and Solar Energy 
Conversion lV, SP/E Proceedings, vol. 562. Bellingham, CA: SPIE.) 
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Electrochromic Materials 


Electrochromic materials, also called switchable 
materials, are usually used in the form of thin film 
devices. Electrochromic windows, or smart windows, 
have finally reached maturity and promise to be the 
next major advance in energy-efficient window 
technology. These devices are used in architectural 
glazings, automotive mirrors, rear view mirrors, 
sunroofs, sunglasses, and other high-end appli- 
cations. Electrochromic devices are well suited for 
both solar and thermal control. A window can be 
controllably darkened during periods of bright sun- 
light and switched back to transparency during the 
evening or during cloudy periods. Windows with 
multilayer thin film electrochromic coatings change 
color and darken with an applied voltage, and bleach 
with a reverse bias. The magnitude of the applied 
voltage determines the degree of coloring and 
bleaching. In addition to a change in visible trans- 
mission, the NIR transmission and reflectance, and 
the associated thermal properties, can also be 
controlled. The major advantages of electrochromic 
devices are: (1) power is used only during switching; 
(2) switching voltages are small (1-5 V); (3) reflec- 
tance and transmittance is always specular; (4) gray 
scale variations are possible; (5) polarization is 
minimal (reduces birefringence and distortion); and 
(6) the memory is adjustable in many cases. 

The electrochromic effect occurs in inorganic 
compounds by dual injection (cathodic) or ejection 
(anodic) of ions (M) and electrons (e ). A typical 
reaction for a cathodic coloring material is 


WO(colorless) + yM* + ye" = MyWO,(blue) [2] 


where M is Ht, Lit, Na‘, Ag’, etc. 
A typical anodic reaction is 


Ir(OH),(colorless) = IrO,(black) + XH* + xe [3] 


Movement to the right creates color or darkening, 
and movement to the left results in bleaching. Figure 3 
shows the spectral data for the switching of a 
tungsten oxide film over the solar spectrum; the 
spectral response of the coating in the bleached and 
colored (or ‘switched’) states, and Figure 4 shows 
the bleached and darkened states of an actual 
electrochromic window. 

Figure 5 shows the design of a simple electro- 
chromic coating. The basic electrochromic coating 
consists of a transparent top electrode (usually 
indium tin oxide — ITO), which also injects electrons 
into the electrochromic layer beneath. By far the most 
studied and most promising electrochromic material 
is tungsten oxide (WO3), which can have either an 
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Figure 3 Spectral switching of an electrochromic window for 
darkened (—2V bias) and bleached (2V bias) states. (Reproduced 
from Kre J, Topic M, Smole F, et a/. (2002) Solar Energy Materials 
and Solar Cells 71: 387-395, with permission from Elsevier.) 





Figure 4 Bleached (left) and darkened (right) states of an 
electrochromic window. 


amorphous or crystalline microstructure. WO3 has a 
high coloration efficiency and capacity. Other inor- 
ganic materials that are presently being developed for 
solar control applications are various forms of WO3, 
NiO, WMoO3, MoOs, and IrO,.. Many of these are 
doped with a conduction ion such as Lit or H*. The 
ion conductor layer is used to transport protons (H*), 
which are supplied by the ion storage or counter- 
electrode layer, into the electrochromic material. The 
most promising ion conductors are certain immobile 
solvent polymer systems, ionic glasses, and open- 
channel metal oxide structures such as perovskites. 
Oxides of Ta and Nb also show promise. The bottom 
layer is another transparent conducting coating. It is 
possible to inject both electrons and protons into the 
electrochromic material, thereby inducing a strong 
absorption band in a given region, e.g., the visible 
spectrum, that results in a color change. In an 
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Figure5 Basic layer design of electrochromic coating for use on 
a window. 








Table 1 Electrochromic device structures 

Electrochromic lon conductor or lon storage 
layer electrolyte 

a-Li,WO3 LiClO, + PC Redox Cple/NiO 
a-WO3 TasOs Ir,SnyOo:F 
a-Li,WO3 LiClO, + PC Prussian blue 
a-H,WO3 Polymer Polyaniline 
a-H,WO3 SiO2/metal WO3 

Viologen PMMA + organic none 

a-WO3 Ta2Os a-IrOz 

c-WO3 Li-B—SiO Glass IC/Li,V205 
a-WO3 Li-PEO CeO, 

a-Li,WO3 PPG-LiClO,—MMA LiyV205 
a-H,WO3 TazO5 NiO 

a-WO3 Li-PEO NiO 

NiO a-PEO copolymer Nbs0s5, WO3:Mo 
a-WO3 a-PEO copolymer Polymer 
Polyaniline HCl - 


a, amorphous; c, crystalline; IC, ion conductor; MMA, methyl 
methacrylate; PC, polycarbonate; PEO, poly (ethylene oxide); 
PMMA, poly (methyl methacrylate); PPG, poly (propylene glycol). 


electrochromic device, an externally applied electric 
field is used to control the injection process (voltage 
is applied across the two transparent electrodes). 
The coloration remains for some time, even after the 
external field is removed. The system returns to the 
initial state upon reversing the polarity of the external 
field. It is interesting to note that electrochromic 
windows being developed by NREL now employ 
solar cells to facilitate optical switching. 

There are two major categories of electrochromic 
materials: transition metal oxides (including inter- 
calated compounds) and organic compounds (includ- 
ing polymers). Table 1 shows a few of the most 
common electrochromic materials. Organic electro- 
chromic materials are based on the viologens, 


anthraquinones, diphthalocyanines, and tetrathiaful- 
valenues. With organic compounds, coloration is 
achieved by an oxidation—reduction reaction, which 
may be coupled to a chemical reaction. The viologens 
are the most studied of the organic electrochromics. 
Originally, organic electrochromics tended to suffer 
from problems with secondary reactions during 
switching, but recently more stable organic systems 
have been developed. However, their reliability in 
harsh environments is questionable, and protective 
encapsulation may be required. 

Electrochromic nickel oxide (NiO) is also being 
developed. NiO has been combined with manganese 
oxide, cobalt oxide, and niobium oxide in all alkaline 
devices. 


Nonlinear Optical Materials 


Nonlinear optical materials have evolved slowly over 
the past 20 years. At relatively low light intensities, 
the properties of most optical materials are indepen- 
dent of intensity of illumination. There is no 
interaction between the light waves in the medium. 
However, if the intensity of illumination gets high 
enough, nonlinear optical effects can occur and the 
optical properties become intensity dependent. 
When an electromagnetic field oscillating at optical 
frequencies (~10'°-~10'’ Hz) is applied to the 
lattice of a dielectric material, the electrical charges 
in the lattice become polarized and form electric 
dipoles. The positive ion cores do not move signifi- 
cantly, but the electrons are displaced in a harmonic 
motion. The polarization P is defined as — NeX, 
where N is the number of electric dipoles, X is the 
displacement of the electrons, and e is the charge on 
an electron. Here X is a complex number. Now, P is 
related to the electric field E by P = eoxE, where x is 
the susceptibility and 9 is the permitivity of free 
space. 

The linear dielectric constant is Re(1 +X) 
which is just the index of refraction. The imaginary 
part causes optical absorption. 

When the intensity of illumination is high, the 
elastic limit of the electron’s displacement is exceeded 
and the harmonic restoring force becomes nonlinear 
in X, which adds quadratic and higher order terms to 
the expression for X and P. In addition to the 
fundamental resonance, the dipoles now also oscillate 
at twice and thrice their fundamental resonant 
frequency (second and third harmonics). The polar- 
ization then is also nonlinear in displacement and can 
be expressed by the well-known relation 
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P= e0(X VE + YOR? + XE? +...) [4] 
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1,000 ohms = 1k (k= kilo = one thousand) 
10,000 ohms = 10k 

100,000 ohms = 100k 

1,000,000 ohms = 1M (M = MEG = one million) 


The size of a resistor has nothing to do with its resistance. The size determines the 
wattage of the resistor - how much heat it can dissipate without getting too hot. 
Every resistor is identified by colour bands on the body, but when the resistor is a 
surface-mount device, numbers are used and sometimes letters. 

You MUST learn the colour code for resistors and the following table shows all the 
colours for the most common resistors from 1/10th of an ohm to 22 Meg ohms for 
resistors with 5% and 10% tolerance. 


TO | De | | 
‘\ 
i | ‘gold 5% | Gbld 5% If 3rd band is gold, Divide by 10 
MMM ino MIMMioR if 3rd band is silver, Divide by 100 
ee Pe (to get 0.220hms etc) 
ROW SILVER eee ELHEK Brown REO ORANGE Heald GREEN 


1- oo R10 EEO iro HM ior [IG 100R Emiko 10K [IC 100K EE 1Mo 
2-BM 2811 BHM 1A) B11 110k Bik B11k SON0K Sis 
3- BM R12 BBM 1R2 BO 12R 120k BO 1k2 Bi 2k BO120Kk Siw 
4-BM 713 BM 1R3 BO 13k BO 130k BO 1k3 BH 13k BHO1i30k Bis 
5- BBM R15 BHM 1R5 BH 15k BH 150R BB 1kKs BH isk BHOi50K Bis 
6- BBO R16 BEM 1R6 BE 16k BB 160 BE iks Bick BOicok BH imns 
7-BOM r18 BOM 1R8 BO isk BOW 1s0R BO 1ks BOO isk BOOis0k BOWime 
8- BO R20 BD 2R0 BE 20k BE 200k BB 2k0 BO 20k BE 200k BB 2m0 
9- BBO R22 BEM 2R2 BE 22h BE 220k BB 2k2 BO 22k BO 220k Bn 
10-BOM R24 BOM 2R4 BO 24h BOO 240R BO 2k4 BO 24k BOO 240k BOM 
11-BBM R27 B27 BO 27h Be 270k BO 27 B27 BO270K B27 
12-GM R30 BEM 3h0 OM 30R OD 300k OM 3k0 OED 30k ODEO 300k OE 3Mo 
13- BM R33 BHM 3R3 DOS 33k GO 330k OO 3k3 BO 33k BHO330k GH 3M3 
14-DM R36 BEM 3R6 OB 36k OE 360rn OM sks DEO 36k ODEO36c0xk GE 3M6 
15-BOM R39 BOM 3R3 OCI 39R BO 390k OO 3k3 BO 39k BOO390x GO 3us 
16-DOM R43 OB 43 OO 43k OD 430k OD 4k3 O43 OO 430xk OD 43 
17-OM R47 OB 4R7 OB 47k OD 470R OB 4k? OB D4 OBD470K OW 4M7 
18-BBO R51 BBM 5R1 BSR BB 510n BK BBO51k SEO5io0K SS 
19- BM R56 BBM 5s BH Se BB 5con BB Ks BBO Sek BEOSscok BW 5ws 
20- BM R62 BHO sR2 BH 62h BB 620rn BO 6k2 BBDs2k BOs20k Bw sw2 
21-BDM rés SOM sks BOM ssh BOW scorn BO cks BOOsek BOOssoxk BOWsus 
22- BBM R75 BHM 7R5 BH 75R BH 750R BH 75 BHO 7k BOK Bes 
23- DM R32 OM sk2 OB 32k OB 320k OM sk2 OBO s2k OOs20x. OB sw2 
24-DOBM R31 COB 9R1 OB 91R OD 910k OB oK1 OB s1k OBOs10k Com 


COLOR CODES FOR THE WHOLE E12/E24 RANGE OF RESISTORS Gm iom 
The twelve odd rows- 1, 3, 5...- represent values available in the E12 range only, plus 10M 











to Index 


MAKE YOUR OWN RESISTOR 


Make your own variable resistor that changes resistance according to the pressure. 
Use a piece of conductive foam used to package Integrated Circuits. You can ask at 
an electronics shop. 

Use two coins or pieces of printed circuit board or aluminium foil for the top and 
bottom conductors. 





You can solder wires to the PC board or fold the aluminium foil over a few times to 
hold the wires. 

The resistance of the foam will reduce as you press on the "cell." 

The actual resistance-values will depend on the size of the foam, the thickness and 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page7.html 
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where x7) and x'?)... are called the nonlinear 
susceptibilities. The second-order polarization P') 
causes optical mixing phenomena, involving sums 
and difference frequencies. When mixed with a DC 
field, the refractive index of the x) material can be 
controllably varied by varying the DC field. This is 
the well-known Pockels effect and is used in 
optical modulators. Figure 6 shows one method 
that is used to modulate the refractive index by the 
photorefractive effect. Here two laser beams (A; and 
Ap) are mixed in the x‘) material with the resulting 
intensity I = I,(1 + mcos(kx)). The material is polar- 
ized in phase with the mixed beams p= p,(1+ 
m cos(kx)), which results in a modulated electric field 
E,.. The refractive index (An in the figure) is 
modulated in phase with the mixing signal. The y'* 
materials are also used for frequency doubling. 
Barium titanate (BaTiO3), lithium niobate 
(LiNbO3), KH,PO3; (KDP), lithium  tantalite 
(LiTaO3) and potassium niobate (KNbO3) are x) 
optical switching and frequency doubling materials 


/= I) (1 +m cos(kx)) 
P= Po (1 + mcos(kx)) 
Egg = Iple dx 


An = 1/2 n3 Ege 








Figure 6 Modulation of the refractive index of a nonlinear optical 
material with incident laser modulation. From top to bottom: 
modulated laser intensity /, density p, electric field E.,, refractive 
index An, and phase angle 7/2. (Reproduced with permission 
from Bass M (ed.) (1995) Handbook of Optics II. New York: 
McGraw-Hill.) 


Partially reflecting 





N= Ny + Nol 


Figure 7 Optical switching behavior of a Fabry—Perot filter. 
| and fF, are the incident and transmitted intensities respectively. 
(Reproduced with permission from Butcher PN and Cotter D 
(1990) The Elements of Nonlinear Optics. Cambridge, UK: 
Cambridge University Press.) 


that have been studied for decades. Note that because 
they can be easily polarized, these are also excellent 
piezoelectric/ferroelectric smart materials. 

The x‘) effects are sought after for applications 
such as laser eye protection, optical sensor protection, 
optical switching, optical limiting, and signal proces- 
sing. In this case the refractive index (real and 
imaginary) depends on the intensity of the incident 
radiation. Figure 7 shows how this nonlinear effect is 
used in an optical switching device. It is all based on 
the change in the optical path length of a Fabry—Perot 
filter. At normal intensities, the refractive index of 
the spacer layer is mo and the filter is in the ‘off? 
state. The refractive index becomes 7p + 11 and the 
optical thickness (mt) of the spacer layer changes 
at high illumination intensities, which in turn 
shifts the resonant wavelength (frequency) of the 
Fabry—Perot filter and creates the optical switch 
(‘on’ state). 

There are a large number of x‘°) and y? organic 
materials, including dyes, dimethylamino nitro- 
stilbene, methyl nitroanaline, poly-BCMU, poly- 
diacetylenes, and urea. Because they are essentially 
chains, many organic molecules can be easily 
polarized and possess higher order susceptibilities. 
The polarizability of organic materials is often 
enhanced by the mobility of delocalized 7 electrons 
in C-C bonds in aromatic rings. Hybrid nonlinear 
materials have even been formed by combining 
organic and inorganic components such as metallo- 
phthalocyanines which display very strong excited 
state absorptions. Most of these materials are 
deposited by spin casting. 


Emissive Materials 


Two of the newest applications of smart optical 
materials are emissive displays and electronic ink. 
This encompasses light-emitting polymers and small 
molecules, light-emitting diodes, and quantum cas- 
cade lasers. Organic light-emitting device (OLED) 
technology is leading the revolution in the flat panel 
display industry. This device was first invented by 
Tang and Van Slike and first reported in Applied 
Physics Letters in 1987. Figure 8a shows the layer 
structure of the OLED and Figure 8b shows a blue 
OLED pixel. The device is deposited onto an indium 
tin oxide (ITO)-coated glass or plastic substrate, with 
the ITO acting as the anode. The active layers can be 
either light-emitting polymers or small molecules. 
About 500 A of a hole transport material (hole tran- 
sport layer, HTL), here a tertiary amine, is deposited 
over the ITO. An aluminum trisquinalate (Alq), 
which transports electrons (electron transport layer, 
ETL) is deposited next. The device is topped off with 
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Figure 8 (a) Layer diagram of an OLED. (b) Blue OLED pixel. 
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Figure 9 Simple energy level diagram of an OLED showing the 
relationship between the ETL and LUMO, and HTL and HOMO. 


a low work function cathode, usually Ag:Mg or Ca. 
The entire device thickness is about 1000 A. Even a 
dust particle can ruin the operation of an OLED by 
creating inactive regions or shorting out the 
electrodes. 

The OLED emits light in a blue, green, or red 
wavelength band when activated by an electric 
current, i.e., electron and hole injection. The device 
functions by injecting holes from the ITO into the 
HTL. As shown in the simplified energy band 
diagram (Figure 9) for an OLED, the hole moves 
into the HOMO (highest occupied molecular orbital), 
which loosely corresponds to the valence band of a 
semiconductor. Electrons are injected from the 
cathode into the ETL, where it is transported into 


the LUMO (lowest unoccupied molecular orbital), 
which loosely corresponds to the conduction band of 
a semiconductor. When a voltage is applied between 
the anode and cathode, an electron flows and the 
holes and electrons combine in the ALQ layer and 
form excitons. Light is emitted when the excitons 
decay back a lower energy state. The color of the 
emitted light (green, red, or blue) can be changed by 
changing the HTL and ETL material composition. 
Light is emitted by fluorescence processes, from both 
singlet and triplet states if the material chemistry is 
correct, which results in 100% internal quantum 
efficiency. Twenty percent external quantum effi- 
ciency results from using all available exciton states. 
Photons can be lost through absorption in the layers, 
scattering, reflection between layers, and waveguide 
modes. These factors must be minimized to maximize 
the external quantum efficiency. 

OLED video displays now have outputs near 
100 cd/m (201lm/W), which is about twice the 
normal video brightness. Red, green, and blue 
OLEDs now emit with very high efficiencies. For 
comparison, a 100 W light bulb emits at 17 lm/W 
and the best fluorescent light emits at 80 lm/W. 
Today, OLEDs are already sitting at intensities of 
50-60 lm/W, and could easily push 150 1m/W in 
the near future. Another advantage of OLED 
displays is their wide viewing angle, up to 160°. 

There are several types of OLED display 
configurations. Figure 10 shows a passive matrix 
display geometry and placement of the OLED 
layers. Here the OLED is sandwiched between 
crossed cathode and anode contacts. By injecting 
current between sets of crossed anode and cathode 
rows, the OLED will light up, each contact point 
forming a pixel. Displays can typically have as 
many as 3 million pixels. OLED displays seem 
brighter and livelier to the eye because the colors 
are additive, rather than subtractive as with LCD 
displays. For a full-color passive matrix display 
green, red, and blue pixels must be located very 
close together. Sony has developed an active matrix 
13-inch diagonal display with 800 x 600 pixels 
(~150 000 functioning OLEDs). 
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Figure 10 Geometry of a passive matrix display. 
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Among the more promising pixel geometries is 
the SOLED, the stacked OLED, where, red, green, 
and blue pixels are stacked on top of each other. It 
is mandatory that the pixels and the electrical 
contacts be transparent for this design, or light will 
not be transmitted through each layer. Very thin 
Mg contacts are used with a top sputtered ITO 
cathode. The emitted color is simply changed by 
applying current across the pixels, with white being 
obtained when all pixels are activated. 

The future of OLED displays is plastics, or the 
flexible OLED (FOLED). Plastic substrates are light- 
weight, low cost, and rugged. However, they have an 
inherent problem of being very permeable to oxygen 
and water vapor, both of which severely degrade 
performance of the OLED by reacting with the anode 
layer. For displays to be practical, they must have 
lifetimes in excess of 10000 hr and preferably 
20 000 hr. Barrier coatings are now being developed 
for plastics to prevent oxygen and water ingress and 
extend the life of the OLED to this goal. 

Electronic ink is a display medium that can be 
formatted using a passive matrix. It consists of 
millions of tiny negatively charged microcapsules, 
about 100 microns in diameter, floating inside a 
liquid medium. Each microcapsule is filled with 
hundreds of pigmented chips. One half of each 
microcapsule is white and the other half is dyed 
blue. When an electric charge is applied to the 
microcapsules, the chips are drawn either to the 
bottom or top of the microsphere. The viewer sees 
dark areas when they are drawn to the top. In 
another version being developed by Xerox Corp., 
half the chip is white and half the chip is dark. 
When an electric charge is placed on the chip, the 
dark side is oriented up and the white side down, 
creating dark regions where charge is placed. This 
can be easily erased and reformatted into text, 
symbols, signs, and pictures. 

Future smart optical materials will simulate bio- 
logical systems such as an insect’s eye and will employ 
quantum structures to achieve optical switching, 
emission, and control of optical properties. 


List of Units and Nomenclature 


Absorptance (A) The amount of light absorbed by 


an optical element divided by the 
incident intensity. 
A=1-T-—R. 


Active matrix 
display 


A display geometry in which the 
voltage to the pixel is controlled 
individually by a transistor. 

Formerly known as a candle. The 
luminous intensity equal to 1/60 


Candela (cd) 


Exciton 
FOLED 


LCD 
Lumen (lm) 


NIR 


Passive matrix 
display 


Piezoelectric 


Polarization 
(coulomb/m?) 


Quantum 


efficiency 


Reflectance (R) 


Susceptibility 
(no units) 


Transmission 


(T) 


UV 


Visible 


Wavelength 
(wm or nm) 


of the luminous intensity per 
square meter of a black body 
radiator operating at the tem- 
perature of freezing platinum. 
An electron-hole pair, usually 
generated by a photon. 

Organic light emitting device ona 
flexible plastic substrate. 

Liquid crystal diode. 

A unit of luminous flux equal to 
the luminous flux emitted in a 
solid angle of one steradian for a 
point source having an intensity 
of one candela. 

The near-infrared spectral region, 
consisting of wavelengths 
between 700 and 2500 nm. 

A display geometry consisting of 
a grid of horizontal and vertical 
wires. At the intersection of each 
grid is an active element (LCD or 
OLED) which constitutes a single 
pixel, either letting light through 
or blocking it. 

Capable of generating a voltage 
when a force or stress is applied. 
A vector quantity equal to the 
electric dipole moment per unit 
volume. 

The number of electrons, holes, 
or electron—hole pairs generated 
per incident photon at a given 
optical wavelength. 

The intensity of light reflected 
from an optical element divided 
by the incident intensity. 
R=1-T-—A. 

A scalar quantity equal to the 
ratio of the electric polarization 
of a material to the electric field 
strength. 

The intensity of light transmitted 
through an optical element 
divided by the incident intensity. 
Note that transmission + 
reflection + absorption = 1 
(T+R+A=1). 

The ultraviolet spectral region 
consisting of wavelengths 
between 200 and 400 nm. 

The spectral region consisting of 
wavelengths between 400 and 
700 nm. 

The length of one oscillation of a 
light wave. 
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Materials. Optical Coatings: Thin-Film Optical Coatings. 
Optical Materials: Optical Glasses. 
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Introduction 


Sol-gel optics represents a methodology for fabricat- 
ing optical materials in fiber, thin film, and bulk 
geometries. Defined broadly, sol-gel optics encom- 
passes a variety of optical devices that contain sol-gel 
processed components. The optical device may be 
based wholly on sol-gel processing or incorporate a 
sol-gel material, along with conventional optical 
materials. Principally, the optical devices prepared 
by sol-gel processing or assembled with sol-gel 
materials are traditional optics or, in some cases, 
opto-electronics. Among the current sol-gel optical 
materials, by far the most common are oxides. 
Further, the majority of sol-gel optics is for trans- 
parent components, which typically means glasses, 
and, consequently, silicates. 

In fact, most sol-gel materials have been developed 
to duplicate conventional silica optical materials. 
While glass melting technology is highly advanced for 
making quality lenses, an equivalent material can be 
made using a sol-gel route. Similarly, ultralow-loss 
optical fiber can be made by chemical vapor 
deposition (CVD). Now sol-gel processing can be 
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used to prepare comparable fibers for telecommuni- 
cations. In cases where sol-gel processing produces an 
exact duplicate of optical materials produced other 
ways, the perceived advantage is that sol-gel pre- 
cursors have a higher purity and better level of mixing 
than powder raw materials. Perhaps, a more signifi- 
cant advantage is that sol-gel formulations can be 
designed to promote a particular geometry in the final 
material, essentially making near-net shape materials. 

While sol-gel processing is not designed to produce 
new optical phenomena, it does offer new ways to 
assemble materials to produce new optical designs, 
such as filters, Bragg gratings, amplifiers, and beam 
splitters. One noted case of sol-gel materials in 
nonlinear optics is the case where semiconductor 
particles are trapped in nanometer-sized pores. This 
leads to so-called quantum dots. The microporosity 
of the gel, no doubt, assists in this effect, but it is not 
the gel itself that has produced the optical effect. The 
optical effect is derived from the nanometer size of 
the particles. The gel serves as a transparent host 
that restricts the size of the particles and provides for 
their uniform distribution. 


Sol-Gel Chemistry of Oxide Optical 
Materials 


The sol-gel process for oxides is the name given to any 
one of a number of processes involving a solution or 
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sol that undergoes a sol-gel transition. Solution 
refers to a single-phase liquid, while a sol is a 
kinetically stabilized suspension of colloidal particles. 
At the transition, the solution or sol becomes a 
rigid, porous mass by destabilization, precipitation, 
or supersaturation. Once the solution or sol goes 
through a sol-gel transition, it is a rigid two-phase 
system of solid and solvent filled pores. The sol-gel 
transition is not reversible. 

In using a sol-gel process, it is important to be 
familiar with the reagents, the intermediates and the 
products. The most important reagent in this case is a 
hydrolyzable organometallic which is called a metal 
alkoxide, M(OR), where (OR) is an alkoxy group. 
Alkoxides are the precursors for SiOz, GeO or B2O3, 
among others. Hydrolysis occurs when the metal 
alkoxide and water are mixed in a mutual solvent. 

The first step is choosing the right reagents. Since 
most of the glasses are silicates, we start with the 
silica precursor. Of the available silicon alkoxides, 
tetraethylorthosilicate (TEOS) is used most often, 
because it reacts slowly with water and comes to 
equilibrium as a complex silanol. The colorless liquid 
Si(OC2Hs)4 has a density of about 0.9 g/cm’, is easy 
to handle safely and is extremely pure when distilled. 
Most metal alkoxides are prepared by the reaction of 
halogenated species or pure metals with alcohol. 

The two other ingredients in a typical formulation 
are alcohol and distilled water. In the case of TEOS, 
ethanol serves as the mutual solvent for TEOS and 
water. Once TEOS is dissolved in ethanol to make it 
soluble in water, the chemical reactions hydrolyzation 
and polymerization begin. The chemical reactions are 
approximately: 


Hydrolyzation 
I I 
~Si-O-C)Hs + Hy0 - 7Si-OH + C,HsOH [1] 


Polymerization 


I I | 
~Si-O-C,H; + Si-OH > -Si-O-Si+ C,H;OH 
I I I 


[2] 


An acid is usually added to control the rates of 
these reactions. The temperature is often ambient, 
and mixing is continued for between 1 and 3 hours. 
Complete hydrolysis does not occur. Instead, conden- 
sation occurs between silanol and ethoxy groups to 
give bridging oxygens or siloxane groups. The 
intermediates that remain soluble in the alcohol- 
water medium are silanols, ethoxysilanols, and 
polysiloxanes. 

The equipment needed for laboratory-scale pro- 
duction consists of a narrow-necked glass flask with 


magnetic stir bar on a stirring hot plate. The reactants 
are added volumetrically to the flask in the order: 
solvent, TEOS, water, and acid. When everything is 
dissolved and the solution is clear, the hot plate may 
be turned on to accelerate reactions or a reflux 
condenser may be attached. 

The parameters that influence the chemical reac- 
tions are temperature, pH, amount of water, solvent, 
and precursor. More complex compositions are easier 
to mix in longer chain alcohols, and longer chain 
organic groups give slower reaction rates. Low pH 
favors a polymerization scheme that gives linear 
molecules and the solution remains clear. High pH 
favors cluster growth and the solution may become 
cloudy. At high pH or high water, solutions produce 
cross-linked polymers or branched clusters. A small 
volume fraction of branched clusters restricts flow, 
when the same volume fraction of linear polymers 
does not. At a higher volume fraction, the linear 
polymers become tangled, and then low water 
solutions will gel. The result of these reactions 
under all conditions is an increase in the molecular 
weight of the oxide polymer. Eventually, the solution 
reacts to a point where the molecular structure is no 
longer reversible, and the sol-gel transition has been 
reached. 


Shapes, Compositions and Precursor 
Concentrations 


A sampling of compositions and precursors is given 
in Table 1. Some compositions such as SiOz and 
TiO —-SiO» have been prepared in bulk, to duplicate 
materials made by melting for lenses and mirror 
blanks. Other compositions such as ByO3—SiOz have 
been prepared for thin-film applications. The dis- 
tinguishing aspect between the solutions formulated 
for bulk objects and those formulated for thin films is 
the oxide concentration in the solution. An indication 
of the solution concentration is the molar ratio of 
water to alkoxide. The higher ratios are used when 
bulk objects are desired. 

Table 2 gives a sampling of the geometries for 
sol-gel silica. For each geometry, an example of a 
shape is given, with an application for each shape 
and the approximate dimensions of the sol-gel 
material. 

In terms of near-net shape processing, when the 
material goes through its sol-gel transition, it 
proceeds to dry and shrink. This phase is character- 
ized either by isotropic shrinkage or anisotropic 
shrinkage. Monoliths fall into the first category with 
isotropic shrinkage following molding. Thin films on 
substrates fall into the second category with aniso- 
tropic shrinkage following dipping. Fibers also show 
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Table 1 Typical compositions of sol-gel optical materials 
Oxides Precursors Compositions in mol % R* 
Single oxide 
SiO, Si(OC3Hs)4 100 SiOz 16 
Two oxides 
B203-SiO2 Si(OC2Hs)4 80 SiO2—20 B203 1.5 
B(OCHs)s 
GeO2-SiOz Si(OCHs)4 90 SiO2—10 GeOz 4 
Ge(OC2Hs)4 
TiO2—-SiOs Si(OC2Hs)4 94 SiO2—-6 TiOz 50 
Ti(OC3H7)4 
P205—-SiO2 Si(OC2Hs)4 90 SiO2—-10 P205 16 
H3PO, 
Three oxides 
Liz0—Alz03-SiOs Si(OC2Hs)4 82 SiOz—-3 Alz03-15 Liz0 8 
Al(OC4Ho9)3 
LINO; 
NazO-—B203-SiOs Si(OC2Hs)4 82 SiO2—-12.4 B2O3—5.6 NazO 10 
B(OCHs)s 
NaNO3 


“Approximate ratio of water to alkoxide, e.g., R = 16 means 16 moles of HzO per mole of Si(OC2Hs)4. 


Table 2 Geometries and approximate dimensions for selected applications of sol-gel silica 





Geometry Shape Dimensions Application 
Monolith Flat disk 10 cm diameter Lens 
1cm thick 
Cylinder 0.5 cm diameter Rigid host for chromophores 
2cm long 
Thin film Film on Si wafer 500 nm thick Antireflection 
Film on Hollow tube ~10 000 nm thick Solar collector panel 
Fiber Rod 0.8 cm diameter Preform for drawing 
25 cm long 
Filament 150 micron diameter/100 m length Lightguide 


anisotropic shrinkage, though it depends on whether 
or not the fiber is drawn from a preform many times 
its diameter or produced from a filament that is closer 
to its diameter. 


Sol-Gel Monolith Processing 


Monoliths formed from an alkoxide solution are 
achieved only in dilute solutions. Therefore, alkoxide 
gels are somewhat difficult to dry because of their 
small pores (<10 nm). To avoid cracking in alkoxide 
gels, different treatments have been tried. Aerogels 
are dried in an autoclave by hypercritical techniques. 
That is, the solvent is removed above its critical point. 
The resulting gel is about 10% dense and shows no 
shrinkage. Xerogels are dried by natural evaporation. 
Xerogels are 60% dense and have reductions 
40-60% in volume. 

Alternatively, monoliths can be formed from 
colloidal solutions. These particles coalesce at 


gelling. Colloidal gels are easily dried, and they 
are less likely to crack than alkoxide xerogels. While 
alkoxide gels have small pores, colloidal gels 
have larger pores or voids between particles. 
For the same reason, colloidal gels densify at 
higher temperatures than alkoxide xerogels. The 
higher temperature for colloidal gels may lead to 
undesirable crystallization. 

By either route, a serious problem for sol-gel 
processing is the presence of water. Especially when 
monoliths are used for fiber drawing, residual OH 
ions have a deleterious effect on optical properties. 
That is why non-aqueous solvents, as well as 
fluorination or chlorination treatments, have been 
investigated to reduce the OH content. 


Sol-Gel Fiber Processing 


While monolithic pieces need high water content, 
fibers can be drawn out of low water content 
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solutions. The sol-gel process allows one to bait and 
draw a string of gel about the same diameter as the 
desired fiber directly from the solution. This has been 
shown where the water to alkoxide ratio was 
controlled to give the property of spinnability. The 
time and manner in which the system loses fluidity 
depend on composition and catalyst. Low water 
solutions show a gradual increase in viscosity before 
losing fluidity, while high water solutions lose fluidity 
more abruptly from a lower viscosity. A problem with 
this method is the shape of the fiber, which tends not 
to be cylindrical. 

Another approach to making near-net shape fibers 
from a sol-gel process involves coating a shell or 
concentric shells of sol-gel glass on a filament of 
textile fiber. This approach is referred to as the 
volatile host method, where a plastic filament is used 
as a template. Multiple dipping or adjustment of 
the viscosity can lead to different thicknesses. 
Upon exposure to atmospheric moisture, the films 
gel. After gelling, a rigid, continuous shell runs the 
length of the filament. 

Once the shell has hardened, solvent and water can 
escape through interconnected pores. The shell 
shrinks in the radial dimension, but remains conti- 
nuous along its axis. During heat treatment and 
desiccation, little if any densification occurs at 
temperatures well below the glass transition. The 
interconnected pore structure remains open until the 
volatile host is eliminated and undesirable gases are 
removed. This method is capable of producing optical 
fibers, but is more suitable for hollow fibers or ion 
exchange media. 


Sol-Gel Thin Film Processing 


Like sol-gel fibers, sol-gel thin films are prepared 
from low water content solutions. The process is 
exceedingly simple. A solution containing the desired 
oxide precursors is applied to a substrate by dipping 
or spinning. 

At this time, the majority of sol-gel coatings are 
applied by dipping. This is an approach that allows 
the properties of the solution to control the depo- 
sition. A substrate is lowered into a vessel containing 
the solution. A meniscus develops at the contact of 
the liquid and the substrate. As the substrate is 
withdrawn, the meniscus generates a continuous film 
on the substrate. The process is able to apply a 
coating to the inside and outside of complex shapes 
simultaneously. 

The equipment is inexpensive, especially in com- 
parison to any deposition techniques that involve 
vacuum. Coatings can be applied to metals, plastics, 
and ceramics. Typically, the coatings are applied at 


room temperature, although most need to be calcined 
and densified with heating. Dip films are typically one 
micron, uniform over large areas and adherent. The 
time-to-gel is especially important when it comes to 
coatings because film formation, drying, and creation 
of pores must be rapid. Optimum film formulations 
correspond to those solutions that lose tackiness 
quickly. 

In most cases, the effect of the viscosity is far 
greater than the surface tension. Two simple relation- 
ships are that the film thickness increases with 
increasing withdrawal rate and, for a given with- 
drawal speed, the film thickness increases with an 
increase in oxide content. The process is frequently a 
batch process, certainly on the laboratory scale. 
However, the batch process can be scaled up. 
Repeated dipping builds up a thicker film. 

For one-side coating, a technique that is often used 
is spin coating. In this case, the substrate, usually a 
silicon wafer, is placed on a spinner, rotated at 
perhaps 200 rpm while solution is dripped on the 
center of the substrate. As with dip coatings, a film 
between 50 and 500 nm results. 


After the Sol-Gel Transition 


Having selected a shape and designed the formu- 
lations accordingly, there are several further steps 
common to monoliths, fibers, and films. First of all, 
the gels must be dried. Using the example of silica, 
TEOS is less than 30% by weight silica and the 
solution is even less. From the time the solution is 
applied to the time it gels, there is about 50% weight 
loss. Then, as the gel dries there is another reduction 
in weight by one-half. To go along with the weight 
loss there is about 70% volume reduction. 

Films can be dried quickly in air because of the one 
thin dimension. It has been shown repeatedly that all 
shrinkage is taken up in the thin dimension and not in 
the plane of the substrate. Yet, the films remain 
adherent and continuous and maintain complete 
surface coverage. To go from a tacky film to a hard 
film may take only a few minutes. 

Following drying and shrinkage comes the heat 
treatment. It would be inaccurate to say that glass has 
been formed at room temperature by simply reacting, 
gelling, and drying the solutions. In this state, the 
materials have many of the characteristics of the 
corresponding glass, but they are more or less porous. 
Water and solvent escape through interconnected 
pores that remain open at the surface until the gels are 
fired to temperatures well above 600°C. When needed 
to fulfill the requirements of an application, the 
hard gel is heated to various degrees of collapse. 
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The microporosity in silica xerogels is not removed 
entirely until 1000°C. 


Applications of Sol-Gel Optical 
Coatings 


Sol-gel processing has a special relevance to optical 
coatings. In most cases, the applications are substi- 
tutions of a sol-gel coating for a coating obtainable by 
other means. Most optical coatings achieve their 
effect by selective absorption and interference. By 
depositing 1-14 or more layers of dielectric thin 
films, using two or more different compositions, a 
variety of antireflection (AR), half-mirror, hot-mirror 
and cold-mirror coatings can be designed. An early 
design was for rear-view mirrors for cars, where the 
coatings consisted of titania-silica-titania interference 
filters that gave the effect of total reflectance and 
replaced conventional metallizing. Another early 
application was solar reflecting films for windows. 
These coatings consisted of Pd-containing titania 
films which show selective absorption. 

A sampling of optical coatings is given in Table 3. 
The application, the mechanism, and the oxide 
composition are listed. Generally, these coatings 
can be prepared by other deposition techniques. 
Those applications which are specific to sol-gel 
coatings relate to the microporous nature of the 
sol-gel processed films. In Table 3, there are anti- 
reflective coatings of several types. Both borosilicates 
and titania silicates have been developed for this 
application. Changes in the composition, changes in 
the microstructure, and changes in the porosity can 
be used to grade the index of refraction. Antireflec- 
tion in the ultraviolet range has been accomplished 
with thoria and hafnia films. Broadband antireflec- 
tion has been used for laser optics. The sol-gel 
coating technique provides control over composition 


Table 3 Thin-film applications 





Optical application | Mechanism Typical composition 
Color filters Selective Cr203—-SiO2 
Absorption 
Mirror Interference 14-layer 
TiOz: SiOz 
Antiglare Absorption CoO-SiOz 
Antireflection 
Narrow Graded porosity SiOs 
Broadband Interference Three-layer 
1/4 wavelength SiO2-TiO2:ZrO2: SiO. 
Graded porosity SiO. 
IR reflector Interference Three-layer 
TiOz:Ag:TiOs 


and deposition thickness. The layers, being quarter 
wavelength in thickness, require precise control. 


Sol-Gel Rigid Hosts 


An exciting way of looking at sol-gel materials is to 
use the gel as a host. The important point to note is 
that the sol-gel materials are transparent. While most 
of the materials are porous, the porosity is on a scale 
that does not scatter visible light. Therefore, most 
light is transmitted. The appeal of the bulk shape host 
is that it can be molded to near-net shape and can be 
cut and polished. 


Hybrids 


Several approaches have been taken to prepare so- 
called hybrid gels incorporating organic and inor- 
ganic components. Those methods that mix the 
components on the nanometer scale include the 
infiltration of previously formed oxide gels with 
monomers, reacting of alkoxide and organic mono- 
mers, or organic polymers with alkoxides in mutual 
solvents. The products of these processes are var- 
iously called ormosils (organically modified silicates), 
ceramers (ceramic polymers), interpenetrating 
networks (IPNs) and nanocomposites. 

The original route to hybrids was one where a gel 
was formed first as a rigid matrix. Monomer was 
infiltrated into the open porosity of the shaped gel and 
polymerized inside the gel using UV curing, for 
example. Since silica gel is the easiest gel to prepare 
in monolithic form, one combination that has 
been investigated widely is silica gel/polymethyl 
methacrylate (PMMA). 

Silica and PMMA, which both have good visible 
light transmission and similar index of refraction, 
have been used in hybrids, although it turns out that 
the match in index of refraction is less critical on the 
nanoscale. They are also glassy materials with similar 
strength. PMMA has much higher fracture energy 
than silica and is often used as glazing in applications 
where impact resistance is a priority. However, 
PMMA has a much lower hardness than silica and 
is less resistant to abrasion. Ideally, silica-PMMA 
hybrid nanocomposites have the strength and impact 
resistance of PMMA, and the hardness of silica 
in one. One obvious application is transparent, 
lightweight windows. 


Encapsulation 


Sol-gel hosts have been used to encapsulate a 
variety of organic and inorganic molecules, chro- 
mophores, and biological agents. Whatever is 
incorporated into the gel can act in two ways, to 
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give information about the gel host or to be 
influenced by the gel in its interaction with light. 
For example, spiropyrans have been incorporate for 
photochromics, CdS for nonlinear optics, Nd for 
tunable lasers, and various enzymes for sensors. 
Early on, silica gel hosts were used to encapsulate 
the electro-optically active organic compounds 
2-methyl-4-nitroaniline (MNA). In comparison to 
conventional optical cells, MNA doped silica hosts 
retained optical quality at higher temperature and 
were more abrasion resistant. Since this discovery, 
silica hosts, in particular, and sol-gel processing, in 
general, has been used extensively for encapsulating 
molecules and species that cannot be heated, but 
need to be protected in a rigid matrix. 


Future Directions 


As more and more is learned about the sol-gel 
process, the greater the number of possibilities for 
useful optical devices. In the selected examples given 
above, a key feature is that the sol-gel material is 
transparent. In addition, the sol-gel material is 
suitable for application to a variety of substrates. 
Also, the process is a low-temperature process that is 
compatible with polymers and organic chromo- 
phores. In summary, sol-gel processing has had a 
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number of successes in its application to optical 
materials, and its use is likely to expand. 


See also 
Optical Coatings: Thin-Film Optical Coatings. 
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Introduction 


In today’s world of information processing the role of 
optics and opto-electronics is expected to become 
increasingly important as the performance of com- 
munication, processing, sensing, and display 
technologies is continuously evolving. Making these 
photonics technologies faster and smaller requires, at 
the same time, the introduction of massive parallelism 
and miniaturization. As a result, high-quality, high- 
precision, and low-cost microlens arrays are 
becoming indispensable components. Moreover, the 
introduction of micro-optics provides new degrees of 
freedom for the system design and, therefore, also for 
the functionality. It allows solutions which are not 
possible with purely conventional optics such as the 
integration of different micro-optical components 


and systems, hence reducing the additional mechan- 
ical assembly cost as required in conventional optics. 

Since the beginning of the 1990s, several research 
groups and industrial research labs have been 
focusing their attention on the development of 
fabrication techniques for refractive and diffractive 
microlenses. Microlenses and microlens arrays are 
used for beam shaping purposes such as collimation 
and focusing (e.g., in combination with laserdiode 
arrays, detector arrays, and fibers), for illumination 
(e.g., in display systems and projection systems), and 
for imaging purposes (e.g., in photocopiers). 

In this article we will mainly focus on refractive 
microlenses and we intend to provide an introductory 
guide to those basic geometrical and optical para- 
meters that are used to characterize refractive 
microlenses. Indeed, some elementary principles of 
geometrical optics (the geometrical laws for optical 
propagation without the inclusion of diffraction) and 
wave optics (in wave optics the imaging is studied as a 
result of the propagation of a wavefront to the image 
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plane; diffraction effects can be explained on the basis 
of this wave theory) are required to understand the 
characterization and performance evaluation of these 
lenses. We, therefore, bring forward the basic 
nomenclature of refractive micro-optics and will 
highlight how the performance of an optical lens is 
affected when reducing its physical dimensions. 

We start this article by introducing the imaging 
properties of both thick and thin lenses in the paraxial 
approximation. In the section on lens aberrations, we 
discuss the different primary aberrations that influ- 
ence the imaging properties of a lens. Combined 
effects of aberrations and diffraction give rise to some 
frequently used lens performance criteria which we 
discuss in the section on diffraction. Different aspects 
have to be considered when discussing the quality of a 
lens, because each type of microlens application 
requires specific performances. It is, therefore, not 
possible to come up with a single figure of merit 
which satisfactorily evaluates the overall quality of a 
microlens. Moreover, one needs specific information 
about the characteristics of the light sources and 
detectors that are used in the system and also details 
about the imaging system geometry and the required 
imaging contrast. We review them in the section on 
quality criteria. 

In the section on interference, we describe these 
phenomena and focus on two-beam interference that 
forms the basis of the photonic instrumentation that 
can be used to characterize discrete microlenses and 
microlens arrays. For a complete evaluation of a 
microlens it is essential to measure both its geometri- 
cal properties (diameter, sag, surface profile, etc.) and 
its optical performance (focal length, wave aberra- 
tions, etc.). In the final section of this article we 
introduce three interference-based instruments which 
are crucial to the full quantitative characterization of 
refractive microlenses: a noncontact optical profiler 
based on a Mirau interferometer, a transmission 
Mach-Zehnder interferometer, and a Twyman- 
Green interferometer. 


Geometrical Optics 


Introduction 


Within the paradigm of geometrical optics or ray- 
optics, light travels from the source along straight 
lines or rays. When a light ray traverses an optical 
system consisting of several homogeneous media in 
sequence, the optical path is a chain of straight-line 
segments. Discontinuities in the line segments occur 
each time the light is refracted or reflected. The laws 
of geometrical optics that describe the direction of the 
rays are described below. 


The law of refraction, also called Snell’s law 

The refraction of a ray at a ‘well-polished’ surface 
between two isotropic media, with indices of 
refraction 1, and 7, is given by 


nN, SIN Yy = Ny SIN Po [1] 


where gy, and gq) are the angles between, respectively, 
the incident and the refracted ray and the normal to 
the surface. 


The law of reflection 

When a ray is reflected on a flat ‘polished’ interface 
dividing two uniform media, the reflected ray remains 
within the plane of incidence and the angle of 
reflection equals the angle of incidence. 

Geometrical wavefronts can then be constructed 
from the optical rays propagating through the system. 
Locally they are orthogonal to the rays and the 
optical path lengths along all rays from one wave- 
front to another are equal. In regions where the 
wavelength is considered to be negligible, as com- 
pared to the dimensions of the relevant components 
of the optical system, geometrical wavefronts are 
close approximations of the physical wavefronts. 


The Paraxial Approximation 


The basic optics of image location and magnification 
is demonstrated by the application of paraxial or first- 
order optics, also called Gaussian optics. In the 
paraxial approximation, only those points and rays 
will be considered which lie in the immediate vicinity 
of the optical axis, so that all angles @ are small 
(g = 15°). This assumption is true in lens systems 
with small object and image field sizes and small 
apertures of pupils. The terms involving squares 
and higher powers of the off-axis distances or of 
the angles, which the rays make with the optical axis, 
will not be discussed here. This leads to: 


sin p= tan p= p+ Oz2(9) ~ & [2] 


With this assumption we can write the refraction law 
by the linear relation: 


11 P| = M2 [3] 


Refraction at a spherical surface 

In Figure 1 a spherical surface with a radius of 
curvature R forms an interface between two materials 
with indices of refraction 1; and 1). Two rays are 
shown emanating from an axial object point S. One is 
an axial ray, normal to the surface of the lens at its 
vertex V. The vertex of a lens is defined as the point 
on the refracting surface at the center of its free 
aperture. This assumes that the aperture is circular 
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pressure. 
This cell is a very simple cell called a LOAD CELL. 





The top and bottom "plates" 





The foam is placed between the plates. 





The complete LOAD CELL 
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Figure 1 


Refraction at a spherical surface. 


and centered and the surface is spherical. More 
generally, if the surface is not spherical but has 
rotational symmetry, the vertex is the point where the 
axis of symmetry intersects the optical surface. It is 
refracted without any change in direction. The other 
ray is an arbitrary ray incident at O and refracting 
there according to Snell’s Law. 

We can rewrite the paraxial refraction law (eqn [3]) 
and derive a relation between the object and image 
distances, s, and s;, respectively. 

From the triangles SOC and POC, we have: 


og =atlal lal = IBl + g [4] 


where |6| and |! represent the absolute values of 6 
and B. 


We also have: 





h 
t = tanlBl = 
es Isol + 6 sa s,— 6 


lal = : 

tanl6l = > [S] 
As discussed above, for paraxial rays we may 
approximate the sine and tangent of an angle by the 
angle itself and one can show that the small distance 6 
may be ignored. In accordance with the sign 
convention the object distance, being to the left of 
the refracting surface, is to be taken as negative. 

Inserting eqns [4] and [5] into [3] results in: 


n2 mM Nm nNy 





Sj So R [6] 


This equation does not contain the angle a, so the 
image distance s; is the same for all paraxial rays 
starting from S. 

The spherical surface power g is now defined as: 


Ny —Nn 
9= [7] 


We can relate this power of the surface g to the object 
and image distance, by combining eqns [6] and [7]: 
my my 


=9 [8] 


Sj So 


The distance from the object point to the vertex of the 
refractive surface is called the front focal length fpr, 
if the image is at infinity (s; = 0). Equations [6] and 
[8] then give: 


n\ n\ 





R=- 
ny — ny gy 





[9] 


f FFL 


Similarly, if the image is placed at the back focal 
length fpr, such that the object distance equals 
infinity (s, = 00), then: 





[10] 


Thick lenses 

A thick lens can be treated as a component consisting 
of two spherical refracting surfaces separated by a 
distance d between their vertices V,; and V>, as shown 
in Figure 2. The determination of the focal length as a 
function of the object and image distance and of the 
radii of curvature can also be solved using the matrix 
formalism. 

The first and second focal points or the object and 
image foci, F, and F,, can be measured from the two 
vertices or poles and are called the front and the back 
focal length denoted by fpr, and fpr, respectively 
(Figure 2). The incident and the emerging rays will 
virtually meet at points that belong to two curved 
surfaces. These surfaces, approximating planes in the 
paraxial region, are termed the primary and second- 
ary principal planes, PP; and PP;. Points where 
the primary and secondary principal planes 
intersect the optical axis are known as the first and 
second principal points, H, and Hb, respectively. 





Figure 2 


The thick lens geometry. 


24 OPTICAL MICROLENSES 





They provide a set of very useful references from 
which to measure several of the system parameters. 
To fully describe a system by its cardinal points, two 
more points are needed in addition to the two focal 
points, F, and F, and the two principal points, H; and 
H,. These points are called the nodal points. 
However, they coincide with the principal points 
when the lens is surrounded on both sides by the same 
medium, for example, air. Note that 4, and h, 
determine the positions of the principal points 
relative to the vertices V; and V>, while f determines 
the focal point position relative to the principal 
points. One can show that these distances are given 


by: 














= —Rnyd 
m(Rz — Ry) + (1 — Mn)d 
—_ Ryn,d 
* (Ry — Ry) + (m — Mm) [11] 
An 
f= 1 1 d(m, — 1m) 
m1 rw Ri Ry) RR | 


We now derive the Gaussian formulae that describe 
imaging through two surfaces which are rotationally 
symmetric about the same axis. We assume here that 
the lens, with refractive index m, faces the same 
medium of refractive index n,, on both sides 
(Figure 3). We can correctly use this hypothesis 
since the microlenses which we discuss throughout 
this work are mainly surrounded by air. Let R; and R 
be the radii of curvature of the surfaces at their axial 
points, measured as positive when the surface is 
convex towards the incident light. 

The image of a given object, formed by refraction 
at the first surface with radius of curvature Rj, 
becomes the object for refraction at the second 
surface. The image formed by the second surface 
with R, as radius is then the final image due to 
the action of the thick lens. We know from eqn [6] 
that the paraxial rays issuing from S at a distance s,, 








Figure 3 Refraction at both spherical surfaces of a thick lens. 


from V, will meet at P’, at a distance which we call s,1. 
This gives: 


n\ Nn nN —~ An 


Ry 





[12] 


Sil Sol 


Thus, at the second spherical surface, eqn [6] 
becomes: 


An ny Ny ~ 1 











+ == [13] 
S2 (Sir — @) R, 
As discussed above, we have: 
1  m-n, 1 
frrva My Ry 
1 4) —m 1 [14] 
feri2 Mm Ry 


where ffrii is the front focal length of the first 
refracting surface and fppy2 the back focal length of 
the second refracting surface. 

Eliminating s;; in eqns [12] and [13] and inserting 
[14] yields: 


ny n 


1 1 1 1 
4m| — - =— Nm) —— - — 
Sol fh FFL1 fi BFL2 Si2 


where s,; is measured with respect to V, and 5; is 
measured with respect to V>. After some calculations 
this equation may also be put in the form: 


d= 





[15] 














Pes fori2 (feria + Am) 
one m(feeia + feei2) + dtm 
feria (fprr2 + dan) 
So [16] 
* m(freua + fort2) + dtm 
so: din feria BFL2 =f) 


>" (feria + fori2) + dtm 


Obviously eqn [16] is much too cumbersome to find 
image locations. However, we can transform and 
reduce the latter equation to the form: 


1 1 1 
Sor — hy f 


where /,, 4, and f are the unknowns. 
Indeed, rewriting eqn [17] gives: 





Siz — hy ae 


SoiSi2 — (f +h2)so1 + (f — y)si2 + f(A — b2) +h =0 
[18] 


Equations [16] and [18] will be identical if the 
coefficients of their corresponding terms are equal; 
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that is when: 





Pie fori2(miferii + dtm) 
m (feria + feri2) + dtm 


$25, feria (tiferi2 + dtm) 











19 
(feria + feri2) + dtm “ 
dw feriiferi2 
hy, —hy)+hyh = 
f(a ~ ba) + aha (feria +feri2) + dm 


These three equations may be solved for the three 
unknowns hy, /, and f: 








= = 
1 1 d(m-—mny) 
(n Ny) R R t 
1 2 mR, Ry 
—Rynpd [20] 





h — 
(Ry — Ry) +m — 1m) 


— Rinn»d 
> m(Rz — Ry) + (m= Md 








Thus we see that the relation between the object 
position and the image position (eqn [16]) is 
expressed in the more convenient form of eqn [17] 
with the values of ;, 42, and f given by eqn [20]. 
Here /,, h, and f depend on the constants of the 
system where, as shown in eqn [11], 4; represents the 
distance between the vertex V; and the principal point 
Hj, and f is the focal length measured from a principal 
point on the axis and not from the vertex of the lens. 
If we now assume that: 


So = So1 — Mn, Sj = Sin — hp [21] 


we can write the thick lens equation as: 


* a s 

Si So ‘4 
where the object and image distance, s, and s;, 
respectively, are measured from the principal points 
of the lens. We can conclude that the formula that 
describes imaging through two surfaces may be 
simplified to the thick lens formulation given in 
eqn [22] by choosing the principal points H; instead 
of the vertices V;, from which §$ and P are to be 
measured. 


Thin lenses 

The preceding eqn [20] takes a particularly simple 
form when the lens is so thin that the axial thickness 
of the lens d may be neglected. But obviously there 
exists no real lens with a thickness equal to zero. A 
thin lens is only a concept which is an extremely 
useful tool in optical system design. When a lens or an 


optical system has a zero thickness, the object and 
image calculations can be greatly simplified. In this 
case, the two principal points are coincident and are 
located where the thin lens is situated. 

As a further simplification, we assume that the 
surrounding medium of the lens is air which means 
that 2,, ~ 1. When 1 = 1, we find: 


oe oe re co ane! 
fs, is Ri, Rp 


These equations are often called the thin-lens 
equation and the lensmaker’s formula, respectively, 
because the latter predicts the focal length of a lens, 
fabricated with a given refractive index and radii of 
curvature. This formula is very useful in the optical 
design process as a first-order approach to calculate 
the features of the thin lenses and results in a set of 
lens powers (or focal lengths) for the different lenses 
and in the spacings between them. Once the thin lens 
optical system is solved and the primary aberrations 
are corrected for, one can design the thick lens system. 
The corresponding thick lens system must have the 
same component powers and the lenses must be 
spaced apart by the same distances as for the thin lens 
design, but the thick lens spacings must be measured 
from the principal points of the lenses instead of from 
the vertices of the lenses. 





[23] 


Other lens characteristics 

Another basic parameter of a refractive lens is its 
focal number f#. The f-number, also called the speed 
of the lens, is defined as the ratio of its effective focal 
length and the lens aperture diameter D (Figure 4): 


[24] 





f 


Figure 4 A lens with an aperture diameter D, a focal length f 
and a semi-angle a. 
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The effective focal length f of a lens or often called 
the focal length is defined from a principal point on 
the axis of the lens and not from its vertex. Typical 
focal numbers for refractive microlenses range 
between 0.8 and 30. 

The numerical aperture (NA), is another way of 
defining the same characteristic. It is described as the 
sine of the angular semi-aperture a in the object space 
multiplied by the refractive index n of the object space 
(Figure 4): 

NA = 7 sin a [25] 
Both the focal number (f#) and the NA are related in 
the paraxial approximation by 


nN 
ft = ON 





[26] 


Lens Aberrations 


Introduction to Third-Order Monochromatic 
Aberrations 


An exact ray trace or a measurement on a real lens 
will certainly disclose inconsistencies with the corre- 
sponding paraxial description. Such deviations from 
the idealized Gaussian optics are known as aberra- 
tions. For monochromatic light there are five third- 
order or Seidel aberrations: three of them, namely 
spherical aberration, coma, and astigmatism, deterio- 
rate the image by blurring it, while the remaining two, 
curvature of field and distortion, deform the image. 
An additional aberration, chromatic aberration, 
results from the wavelength dependence of the 
imaging properties of an optical system. We will not 
discuss the latter as this aberration can be minimized 
by selecting a lens material with a refractive index 
that only varies by a negligible amount over the 
wavelength range of interest. 

For a brief discussion of aberrations we consider the 
case of a perfect lens focusing a collimated light beam. 
In this case, the lens transforms the incoming 
planewave into a spherical wave, also called the 
reference sphere. For a lens with aberrations, however, 
the real wavefront behind the lens shows deviations 
from the ideal spherical shape (Figure 5). The optical 
path length [AB] may be called the wavefront 
aberrations yx, y) and can be calculated as: 


Wx, y) = W(x, y) — R(x, y) [27] 


where W(x, y) represents the spherical wavefront in 
the Gaussian approximation and R(x, y) depicts the 
real wavefront. The wave aberration is given by 
the optical path difference along a ray between the 
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Figure 5 Relation between wavefront and ray aberration. 


reference sphere and the real wavefront behind 
the lens. Alternatively, the aberrations can be 
described in terms of the ray aberrations. In this 
case, not all the rays intersect the paraxial image plane 
at the same point and the distribution of the ray 
intercepts around the paraxial image point can be used 
to measure the amount of light blur. These two ways of 
quantitatively describing the aberrations are appar- 
ently not independent of each other, the ray aberra- 
tions being the derivate of the wavefront aberrations. 

There are several sets of suitable polynomials over 
which the wavefront aberrations can be expanded. 
The Zernike polynomials will be further used in this 
work (see, for example, the Mach-Zehnder and 
Twyman-Green interferometers in the section on 
Microlens testing). 

For rotational symmetric optical systems, the most 
common approach is to expand the aberration 
function w to the fourth order as a power series in 
polar pupil coordinates. This corresponds to the 
third-order ray aberrations or primary aberrations. 
The different terms in the aberration polynomial ware 
to the fourth power of the object coordinate hb’ and 
the pupil coordinate r. In that case, the wavefront 
aberration polynomial w, as a function of the object 
coordinate h' and the polar pupil coordinates r and 6 
(Figure 6), is given by 


Wh! ,r, 0) = yCagr* + 1C3,h'?? cos 0+ »Cxh? cos” 
+ igh? + 3C hr cos 0 [28] 


The ;C;, coefficients are subscripted by the numbers 
that specify the powers of the term dependence on /’, 
r and cos 0, respectively. These terms comprise the 
five monochromatic or Seidel aberrations as shown in 
Table 1. 

Each aberration is characterized by its dependence 
on the deviation from the optical axis h’, on the 
aperture of the refracting surface r, and on the 
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Figure 6 (a) Imaging of an off-axis point P; (b) frontal view of a 
portion of the wavefront. 


Table 1 The five monochromatic or Seidel aberrations 

pe Spherical aberration 
h'r? cos 6 Coma 

hr? cos? 4 Astigmatism 

Hn? 2 Curvature of field 
hr cos 6 Distortion 


symmetry around the optical axis 6. Equation [28] 
can be used to estimate how the aberration blurs 
change if the aperture or field of view of a lens is 
changed. In the following section we briefly describe 
each of these aberrations in terms of their visual 
effects. 


Spherical Aberration 


The first term in eqn [28], 9 Cor‘, is the only term in 
the third-order wave aberration that does not depend 
on the deviation b’ from the optical axis. Thus, 
spherical aberration (SA) is the only monochromatic 
aberration that occurs on the optical axis and that 
exists even for axial object and image points. As 
shown in Figure 7a, SA results from the rays that 
enter via different zones of the aperture and are 
focused at different distances from the lens. It is 
evident from Figure 7a that the best focus is not at the 
paraxial plane. The best focus, however, is found at 
the location where the circular image blur is the same 
over the entire field of view and is called the circle of 
least confusion. 

Because most applications consist of on-axis 
illuminated planoconvex microlenses, we will firstly 
focus our attention on how microlenses have to be 
positioned to minimize SA. When we consider a 
planoconvex lens with the curved surface towards the 
infinite conjugate for an incident parallel beam, both 
surfaces are contributing approximately equal 
amounts of ray bending. Figure 8a shows the ray 
diagram for a planoconvex lens as obtained with the 
ray-tracing program Solstis. Solstis is a commercial 
photonics design software, consisting of different 
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Figure 7 The primary aberrations: (a) spherical aberration — 
negative SA: the rays through the outer zones of the lens focus 
closer to the lens than the rays through the central zones; 
(b) coma — positive coma: the rays through the outer zones of 
the lens form a larger image than those going through the center; 
(c) astigmatism — negative astigmatism: the tangential or vertical 
fan of rays is focused to the left of the horizontal or sagittal fan; 
(d) curvature of field — negative curvature of field: images farther 
from the axis focus nearer to the lens than the on-axis images; 
(e) positive distortion — the magnification increases as the field 
angle increases; (f) negative distortion. 





(b) 


Figure 8 Ray diagram of a planoconvex lens (D= 200 pm; 
f = 249 ym) with planewave illumination incident on (a) the curved 
surface and (b) on the plane surface. LSA (longitudinal SA) 
represents the difference between the paraxial and the marginal 
focus while TSA (transversal SA) shows the radius of the spot in 
the paraxial focal plane. 


modules, each of which is dedicated to a certain 
optical modeling approach. If, however, the flat 
surface is turned toward the incident rays, then the 
first surface does not bend the rays and all the ray- 
bending work is done by the second surface 
(Figure 8b). We can conclude here that the best 
orientation is that which distributes the ray bending 
equally between the two surfaces of the lens. 
Because the ray blur varies with the third power of 
the lens aperture, lowering the aperture diameter will 
cause a rapid decrease in the extent of the spherical 
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(a) 


Figure 9 Ray diagram of a planoconvex lens (a) with a focal 
length f and (b) with a focal length 2f 





Figure 10 lens 


(a) Ray diagram for 
(D= 200 pm; f= 249m). (b) The spherical aberration is 
reduced with a factor 4 by splitting the optical power of the 
original lens and using a doublet (D= 200 ym; f= 621 wm for 
both lenses). 


a_ planoconvex 


aberration blur. For a given aperture of the lens, the 
spherical aberration is a function of the focal length 
of the lens and increases with a decreasing focal 
length or an increasing NA (Figure 9). 

A change in SA, contributing to the wave aberra- 
tion, for a variation of the lens diameter D or the focal 
length f can be estimated with the following rules: 


Spherical aberration + D* —_ for a constant f 


Spherical aberration + 1/f? for a constant D 


However, by preserving the focal length and hence the 
optical power of the lens, the SA can be changed by 
varying the radii of the surfaces. This would be the 
same as physically bending a lens made of flexible 
plastic. In Figure 10 we have reduced the spherical 
aberration with a factor of four by splitting a lens into 
two elements, each with a longer focal length, 
keeping the total optical power of the elements the 
same as the original lens. This means that, in practice, 
high NA microlenses can be replaced by a number of 
microlenses reducing the SA significantly. 

However, in optical systems, where only a small 
number of surfaces are allowed, aspherical surfaces 
can be used to correct the SA. In Figure 11 we show 
that making the lens shape elliptical while maintain- 
ing the other characteristics of the microlens 
(D = 200 pm; R= 150 pm) results in a reduction 
of the SA. The most common form of an aspheric 
surface is a rotationally symmetric surface with the 
sag, defined as: 


R-1\(x? + y) 


[29] 
141-(+KR 2%? +) 








Sconic 


where R is the radius of curvature, K the conic 
parameter, and x and y the coordinates in the 
substrate plane. The meaning of K is given in Table 2. 

In eqn [28] we have shown that the wavefront 
aberrations can be written as the sum of the Seidel or 
third-order aberrations. Furthermore, we have seen 
that only the SA contributes to the wavefront 
aberration when we illuminate the microlens on- 
axis (}' = 0). When we limit our experiments to on- 
axis illumination during the optical characterization 
of the microlenses, the wavefront aberrations are a 
measure for the SA. To prove this, we have calculated 
and plotted in Figure 12, the SA and the wavefront 
aberrations as a function of the focal length for a 
200 wm lens (7 = 1.48). 

Both the SA and wavefront aberration values are 
obtained with the ray-tracing software Solstis. The 
wavefront aberration is calculated here as the optical 
path difference [BA] between a real wavefront 
surface and a spherical reference surface. From 
these results we can observe that for microlenses 
with an f > 330 um or an NA lower than 0.3 only 
the spherical aberration contributes to the root-mean- 
square (RMS) wavefront aberration. The RMS or 
standard deviation o of a number N of data x; 
(i= 1,...,N) with a mean value X can be written as 


o= oj (X —x;)°/N. For smaller focal length 
microlenses, however, we notice that higher-order 
aberrations appear and compensate the SA, resulting 
in a lower wavefront aberration compared to the SA. 
We can conclude that the wavefront aberration values 
represent the optical performance of the microlenses 
with a main contribution from the SA for on-axis 
illumination. 








Figure 11 (a) Ray diagram of a spherical planoconvex lens 
(D= 200 pm; R= 150 wm; K= 0) with planewave illumination. 
(b) The spherical aberration is reduced by making the lens shape 
elliptical (K = — 0.57). 


Table 2 The surface type for different conic parameters K 


Conic constant K Surface type 





kK=0 Sphere 
K<-1 Hyperboloid 
K=-1 Paraboloid 
-1<kK<0 Ellipsoid 
kK>0 Oblate ellipsoid 
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Figure 12 The spherical aberration SA and the RMS wave aberration as a function of the focal length for a 200 um lens (n= 1.48). 


Other Seidel Aberrations 


Coma is an image-degrading aberration that increases 
rapidly with the lens aperture r. It indicates an off-axis 
aberration (h' ~ 0) that is nonsymmetrical around 
the optical axis (cos 6 # constant). Figure 7b illus- 
trates the aberration due to a vertical fan of parallel 
rays refracted by a spherical lens. It results from a lens 
having different magnifications for rays passing 
different zones of its aperture. Each circular zone of 
the lens forms a circular image called the comatic 
circle. Every other fan of rays forms images that 
complete the comatic circle. The combination of all 
these circles causes a comet-shaped flare. 
Astigmatism is the imaging of an off-axis point as 
two perpendicular lines at different distances. In this 
aberration the rays from a point object converge at a 
certain distance from the lens to a line which is called 
the primary image. This line lies in the sagittal plane 
and is perpendicular to the plane defined by the 
optical distance and the object point. At a somewhat 
different distance from the lens they converge to a 
second line, called the secondary image, which is 
parallel to the tangential plane. This effect is shown in 
Figure 7c. The elimination of astigmatism requires 
that the tangential and sagittal surfaces be made to 
coincide. The resulting surface is then called the 
Petzval surface. Although in that case astigmatism 
has been eliminated, the associated aberration, called 
curvature of field, remains. So off-axis images are 
focused on a curved saucer-shaped surface as drawn 
in Figure 7d, instead of on an ideal flat image surface. 
The last of the five primary aberrations is distortion 
and causes straight lines which do not intersect the 


axis to be imaged as curved lines. This effect is not 
related to a lack of sharpness of the image but results 
from the fact that the magnification varies across the 
field and induces the image of a square object to be 
bowed outward (Figure 7e) or sagged inward 
(Figure 7f). 

We have shown that three of the five Seidel 
aberrations (namely SA, coma, and astigmatism) are 
responsible for a lack of sharpness of the image. The 
other two (i.e., curvature of field and distortion) are 
related to the position and the form of the image. In 
general, it is impossible to design a system which is 
free from all the primary as well as the higher-order 
aberrations, and therefore, a suitable compromise as 
to their relative magnitude has to be made. In some 
cases, the effects of the Seidel aberrations are reduced 
by balancing them against aberrations of higher 
orders. In other cases, one has to eliminate certain 
aberrations completely, even at the price of introdu- 
cing aberrations of other types. So far we have studied 
the aberration effects on the basis of geometrical 
optics only. However, if the aberrations are very small 
(wave aberrations of the order of a wavelength or 
less), diffraction starts to play an important role. That 
is why, in the next section, we will discuss the role of 
diffraction on the imaging quality of a lens. 


Diffraction 


Introduction 


So far we have used simple geometrical optics to 
evaluate the effects of aberrations — deviations of the 
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wavefront behind the lens from the ideal shape — that 
influence the quality of an image generated by a lens. 
However, we know that even for an aberration-free 
lens, blur of the spot in the image plane occurs. This 
means that diffraction effects at the lens aperture can 
also influence the spot size and the point spread 
function (PSF), certainly because diffraction gains 
importance when miniaturizing optical components. 
Therefore, we have to introduce diffraction before we 
can bring forward the most important figures of merit 
for microlens performance and study its effects on 
imaging quality. 


Fraunhofer and Fresnel Diffraction 


In certain regions of space occupied by our optical 
lens system, the simple geometrical model of energy 
propagation is inadequate. In particular, deviations 
from this model can be expected in the immediate 
vicinity of the boundaries of shadows and in regions 
where a large number of rays meet. These regions are 
of great practical interest, as they include that part of 
the image space in which the optical image is situated. 
These deviations are manifested by the appearance of 
diffraction fringes. Also, the phenomena involving the 
superposition of coherent wavefronts cannot be 
treated with a geometrical model of energy propa- 
gation. Thus a more accurate treatment is necessary 
where the wave nature of light and diffraction are 
taken into account. Wave optics is such an approach 
with which the actual light intensity, that will be 
observed as a result of the propagation of a wavefront 
to the image plane, can be constructed. According to 
Huygens’ construction, every point of a wavefront 
may be considered as a center of secondary disturb- 
ance, which gives rise to spherical wavelets. The 
wavefront at any later instance may be regarded as 
the envelope of these wavelets. Fresnel was able to 
account for diffraction by supplementing Huygens’ 
construction with the postulate that the secondary 
wavelets mutually interfere. We discuss diffraction 
here, on the basis of wave theory, by the application 
of Huygens’ construction together with the principle 
of interference. The latter principle, also called the 
Huygens-—Fresnel principle, sufficiently describes the 
propagation of light in free space. 

This Huygens—Fresnel principle may be regarded 
as an approximate form of the integral theorem of 
Helmholtz and Kirchhoff. Kirchhoff’s theory makes 
an approximation to the diffraction of scalar waves. 
This scalar theory is adequate enough for the 
treatment of problems in instrumental optics where 
polarization effects are of minor importance and can 
be neglected. If we consider a strictly monochromatic 
electric field s(x, y,z,t) = E(x, y,z)-e ‘® in any ideal 


isotropic dielectric, the space-dependent part will 
satisfy the homogeneous time-independent wave 
equation: (V7+k*)E=0, also known as the 
Helmholtz equation where k= a/c. This theorem 
expresses the solution E of the Helmholtz equation at 
an arbitrary field point P, in terms of its solution E 
and its first derivatives dE/dn at all points on an 
arbitrary closed surface surrounding P, provided the 
medium is a homogeneous dielectric: 


—iks —iks 
E(P)= ~ if er( - ae - vE [ads 
S 


[30] 








Here, s is the distance from point P to the point on 
surface S, 2 is the outward normal to S, and k = w/c is 
the wave number in vacuum. 

When we consider a monochromatic wave, from a 
point source P, propagating through an aperture 0 in 
a plane opaque screen, and P is the point at which the 
light disturbance has to be calculated, the theorem 
can be reduced to an approximate but much simpler 
form (Figure 13a) on condition that we can assume 
that the linear dimensions of the aperture 0, although 
large compared to the wavelength, are small com- 
pared to the distances of both P, and P from the 
screen. 

As a result of Kirchhoff’s theorem we obtain: 





iA e7 iR(r+s) 
E(P)= J [cos(n,7r) — cos(n,s)]dS [31] 
2A Q rs 


where A is a constant, A the wavelength, and r and s 
are the distances from element dS on Q to P, and P, 
respectively. Equation [31] is known as the Fresnel- 
Kirchhoff diffraction formula. In case a more general 
field E, is incident at the aperture ©, replacing the 
point source Ae ‘*’/r, an equivalent formulation, 
known as the Huygens integral, can be found: 
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Figure 13 Geometry for evaluating (a) the Fresnel—Kirchhoff 
diffraction formula and (b) the Huygens’ integral. 
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In the case of the Huygens integral an alternative 
Green’s function is chosen, namely G(P)= 
exp(—jks)/s—exp(—jkn)/r instead of  G(P)= 
exp(—jks)/s used in the Fresnel—Kirchhoff diffraction 
formula. This then results in an obliquity factor 
cos(7,s) instead of cos(7,s) — cos(n,7r). If the distances 
of the points P, and P are large compared to the 
dimensions of the aperture, the factor [cos(m,7r) — 
cos(7,s)] in eqn [31] will not vary appreciably over 
the aperture and may be replaced by 1. In this case, 
the optical beams are close to the optical axis and this 
is considered as the paraxial diffraction theory. In the 
phase factors, we can expand r(x, y,z) and s(x, y,z) as 
power series. If the quadratic and higher-order terms 
may be neglected in the series expansion (r,s >> A), one 
speaks of Fraunhofer diffraction, when the previous 
assumption is not fulfilled (r,s= A), the quadratic 
terms cannot be neglected and one speaks of Fresnel 
diffraction. The regions where the Fresnel and 
Fraunhofer diffraction integral may be applied are 
called the near-field (NF) and far-field (FF) diffraction 
regions respectively. The Rayleigh range zp marks the 
boundary between the NF and FF regions for the 
beam emerging from the aperture (Figure 14). 

As an example, we discuss the diffraction of a 
uniform planewave by a circular aperture of diameter 
2a. The Rayleigh range for this circular aperture is 
given by 


[33] 


The FF diffraction pattern (z >> zp) for a uniformly 
illuminated circular aperture is the well-known Airy 

















Figure 14 The Rayleigh range Z, marks the boundary between 
the NF and FF regions for a beam emerging from the aperture ©. 


disk pattern and is given by 


2),(27a6/A) 


E(r,2) ~ aa) 


[34] 


where J; is the first-order Bessel function. This 
pattern has a single dominant central lobe surrounded 
by a series of increasingly weaker circular rings. The 
first zero of this pattern occurs at a half angle 6, or a 
radius 7, in the FF, given by 


— r, _ 122d 
2 2a 





[35] 


The NF or Fresnel diffraction patterns for a uniformly 
illuminated circular aperture (z < zp) consist of a 
series of circular rings modulating a constant- 
amplitude background. When moving even closer to 
the aperture, the beam profile becomes more and 
more square and the frequency of the Fresnel ripples 
increases. 

We now know that light is diffracted at the 
apertures of optical elements (lenses) and that this 
diffraction can affect its performance. Ideally, the 
focus of a planewave should be infinitely small, being 
the image of a point source located at infinity. But 
even in the ideal case, when no geometrical aberra- 
tions are introduced, diffraction will limit the lens 
performance and the focus of such diffraction-limited 
lenses will have a finite extension. 


Quality Criteria for Lens Performance 


In this section we discuss some of the most important 
figures of merit for diffraction-limited lens perform- 
ance. This survey raises the problems related to this 
issue. A more detailed overview can be found in the 
literature. 


Diffraction in a Lens System: The Point Spread 
Function (PSF) 


Diffraction at the lens aperture D causes a blur of the 
focus. The light distribution in the focal plane of an 
aberration free lens essentially arises from Fraunhofer 
diffraction at the aperture of the lens. From eqn [34] 
we know that the diffraction image for an aberration- 
free lens with a circular aperture D is the scaled Airy 
disk, given by 


a] (rDIAf) 
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[36] 


where A denotes the wavelength of the illuminating 
light beam and f the focal length. 
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The normalized intensity of this pattern is called 
the diffraction-limited (PSF) of the lens: 


PSE(r, z) = |E(r, 2? [37] 


Although irradiance replaces nowadays the word 
intensity in optics, we will still use intensity to 
nominate the flow of energy per unit area per unit 
time. We can define the irradiance as I = 4d eqc(E*), 
with €9 and c the electric permittivity in vacuum and 
the speed of light, respectively. The radius of this 
pattern is known as the Rayleigh diffraction limit or 
Rayleigh resolution and is compared to the measured 
spot size in the image plane. 

To include the effects of aberrations in the 
diffraction computation, we have to include both 
the phase profile and the amplitude of the real 
wavefront in the pupil of the lens. The pupil function 
T(x, y) may be written as: 


T(x, y) = E(x, yei®¥ [38] 


where E(x, y) represents the amplitude distribution 
over the exit pupil and yx, y) is the wavefront 
deformation on this pupil. Starting from the 
Huygens-—Fresnel approach, the diffraction integral 
can be rewritten in the form of a Fourier transform: 


E(r,2) ~ FT(e®!”) [39] 


The PSF at the focal position can then be found by 
calculating the Fourier transform of the wavefront 
error Wor the pupil function T(x, y) of the lens and 
taking the complex square of the latter. Figure 15 
shows the shape of the PSF of an ideal or diffraction- 
limited lens. When the lens aperture D decreases, the 
extension of the PSF increases proportionally, which 
means that it becomes easier to achieve diffraction- 
limited performance. Since the extension of 
the diffraction-limited PSF becomes larger, the 
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Figure 15 The 1D point spread function of an ideal lens. 


constraints on the shape of the phase profile become 
less stringent. This has important consequences on 
the scaling behavior of lenses. In the extreme case, the 
microlens diameter becomes so small, that diffrac- 
tion-limited imaging is possible without any specific 
phase profile in the lens pupil. This is also one of the 
reasons why small water droplets often form rela- 
tively good lenslets. For systems including micro- 
optic lenses, we therefore will have to find better 
criteria than the PSF of a diffraction-limited lens to 
evaluate or compare these optical components. 


The Rayleigh and Maréchal Criterion 


The widely used Rayleigh criterion states that a 
system is diffraction-limited, as long as the maximum 
wavefront deviation li,,4.(x)| is less than one quarter 
of a wavelength (Figure 16). It was shown by 
Rayleigh that for a system which suffers primarily 
from SA such that the wavefront deviation is less than 
a quarter wavelength, the intensity at the Gaussian 
focus is diminished by less than 20%; a loss of light 
that can usually be tolerated. Also in the presence of 
other commonly occurring Seidel aberrations is the 
quality of the image not seriously affected when the 
deviation is less than A/4. This criterion, which 
determines the amount of aberration that can be 
tolerated in an image-formation system is, of course, 
only a rough guideline since the light distribution in 
the image does not only depend on the maximum 
deformation but also on the shape of the wavefront, 
and even more on the type of aberration. Moreover, 
the loss of light that can be tolerated depends on 
the particular use to which the optical component is 
put and more stringent tolerances have to be imposed 
for certain applications. 
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Figure 16 Illustration of the Rayleigh criterion. 
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The fully loaded resistance can be as low as 9,330 ohms 





to Index 





MEASURING CONTINUITY 

CONTINUITY is the same as ZERO OHMS or the resistance of a short length of 
wire. It can also mean the resistance through a switch or globe or a low-value 
resistor. 

It basically means a "PATH" and sometimes refers to a whole circuit when the 
switch is closed. In other words CONTINUITY means we have a "circuit." We have 
"current flowing" and generally refers to a low-resistance circuit. 

Both ANALOGUE and DIGITAL multimeters can measure CONTINUITY and you have 
to work out the approximate value of resistance for the circuit you are testing, - 
BEFORE TAKING A READING. 

If the reading is above 300 ohms or contains a diode, you cannot use a DIGITAL 
MULTIMETER as the buzzer on the continuity setting will not respond. 


The project being tested must not have the power applied as the resistance ranges 
on a multimeter are actually measuring a voltage across the leads and any voltage 
on the circuit or contained in any electrolytics, will upset the reading. 


To take a reading with an ANALOGUE multimeter, select the x1 setting and the 
pointer will move across the scale to the actual value of resistance. 

It it move full scale, you have ZERO OHMS resistance and this can mean a short- 
circuit or continuity via a wire. 

If a diode is in the circuit you must also reverse the leads to get a reading. 

The resistance of a globe will be very low when it is not illuminated, so don't think a 
fault is present. 

Measuring CONTINUITY is the same as measuring LOW RESISTANCE. 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page7.html 16/28 


OPTICAL MICROLENSES 33 





Low-order aberrations merely cause a shift of light 
from the main lobe of the PSF to the side lobes. 
Higher-order aberrations additionally cause a broad- 
ening of the PSF and the correlation between the 
image quality and the maximum value of the 
wavefront aberration is usually lost. In the latter 
case, it seems more appropriate to formulate toler- 
ance criteria restricting the average amount of 
aberration. Criteria of this type were considered by 
Maréchal, who used the relation that exists between 
the intensity at the center of the reference sphere and 
the RMS deviation of the wavefront from a spherical 
form. 

This Maréchal criterion uses the following RMS 
wavefront aberration ypyys to define the lens quality: 





2) 
thems = fives? dx — [ [layla] =i [40] 


This criterion is sensitive to statistical noise on the 
measured phase profile, while a criterion such as the 
Rayleigh criterion is little affected by it. 


Strehl Ratio 


For some applications not the imaging quality but the 
maximum deposited energy is the most essential 
feature. In such a situation, the Strehl ratio S is a 
suitable figure of merit. The Strehl ratio is defined as 
the normalized peak intensity of the PSF of the lens: 


goa -|{fe elton doe ay} [41] 
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Treal(0,0) and Tigeai(O,0) denote the intensities at the 
center of the real point image and the ideal PSF 
without aberrations, respectively. Even for small 
aberrations, which do not affect the extension of the 
PSE, the light intensity in the center peak can drop 
significantly (Figure 17). A Strehl ratio S = 0.8 is 
generally considered to correspond to diffraction- 
limited performance. 

By a Taylor expansion of eqn [40], the relation 
between the Strehl ratio S and the Maréchal criterion 
can be written as: 


27 2 
S=1- (= veo) [42] 


If only low-order aberrations are taken into account, 
Rayleigh’s A/4 criterion also results in a Strehl ratio of 
S = 0.8. For large aberrations (S = 0.3), however, the 
behavior of the Strehl ratio becomes uncorrelated to 
the image quality due to interference effects. 
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Figure 17  Strehl ratio criterion. 
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Figure 18 Modulation transfer function for a perfect lens and for 
small amounts of spherical aberration (A/2 and A/4). 


Transfer Functions 


Transfer functions are most commonly used for 
evaluating the image quality in lens design. As 
discussed above, the PSF is the Fourier transform of 
the wavefront error wW. For simplicity we can assume 
that the modulus of the pupil function is 1. The PSF 
then follows from the Fourier transform: 
PSF(y, v) = |FT(e*") | [43] 
The optical transfer function (OTF) is calculated 
from the PSF data by means of an inverse Fourier 
transformation: 
OTF(9, p) = FT”! [PSF(u, »)] [44] 
The OTF is a spatial frequency-dependent complex 
quantity whose modulus is the modulation transfer 
function (MTF) and whose phase is, of course, the 
phase transfer function (PTF). The former is a 
measure for the reduction in contrast from the object 
to the image over the whole spectrum. Figure 18 
shows the normalized MTF for both a perfect lens 
and a lens subjected to some small amounts of 
spherical aberration. The PTF is, in most cases, 
not so conclusive concerning the optical behavior. 
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Therefore the wave aberrations, the PSK, the MTF, 
and the Strehl ratio are the characteristics that are 
usually provided as an output of lens design 
programs. 


Interference 


Many of the processes for the manufacturing of 
microlenses are not fully understood nor perfectly 
controlled. It occurs that one generates a microlens 
array and then measures its performance, hoping that 
by accurately repeating the processing conditions, 
a consistent result can be achieved. To achieve 
optimum conditions, it is therefore crucial to measure 
the geometrical and optical parameters of the 
microlenses. Most of the microlens measurement 
instruments are based on two-beam interference, the 
phenomena where light from a source is divided into 
two beams which are later on superposed again. The 
intensity in the region of superposition is found to 
vary from point to point between maxima which 
exceed the sum of the beam intensities and minima 
which may be zero. 


Two-Beam Interference 


We consider the interference of two waves, a 
reference and an object wave, represented by Eye¢ 
and E,,,; respectively, where we take into account the 
vector properties of the electric fields. In the case of 
interference, both waves typically originate from a 
single source and recombine after traveling along 
different paths. For the moment we will consider only 
monochromatic linearly polarized waves of the form: 


i®,.¢(r) —iwt ID, \(7) —iwt 


Exe = Foret e > Fob; = Eo obj e [45] 
The total electric field intensity E at the output of the 
interferometer, according to the principle of super- 


position, is given by: 


E= Ever oF Eopj [46] 
The total intensity at the output, being the time 
average of the square of the wave amplitude, can be 
written as 


T= Tie + TSG a L ebisb} [47] 


with [ef cs (E2693 Lobj a (E%,)) and Lretiobj ~~ 2KE gb): 
Notice that if both E-fields are perpendicular to one 
another, the interference term I,¢f/.p; vanishes, while if 
we assume that both fields are parallel, we can restrict 
our discussion to scalar theory. Under the latter 
condition we can write the total intensity as: 


i= Lee oe Tj +2 Leet obj COS(P obj = ®,.£) [48] 


where the presence of the third term is indicative of 
the wave nature of light which can produce enhance- 
ment or diminution of the intensity through 
interference. 

We can rewrite eqn [48] in Michelson’s manner of 
writing: 


T= Ip(1 + V cos(® on; — Pree) 
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with V the visibility or fringe contrast indicating the 
degree of modulation. 

We can conclude that the measured intensity of a 
two-beam interferogram depends on the mean 
intensity Ig, the visibility V, and the phase difference 
Pp; — Prep There are a number of techniques to 
measure the three unknowns: the mean intensity, the 
visibility, and the interesting spatial phase variation. 
In the optical instrumentation, further discussed in 
this article, phase shifting interferometry (PSI) is used 
which requires a measurement of the intensity in each 
point of the aperture for at least three different 
reference phase values, in order to obtain three 
equations for the three unknowns (Ip, V, and ®,1; — 
®,.¢). In practice, the reference phase values are 
obtained by a piezodriven transducer (PZT) mirror 
and should be equally spaced over one phase cycle of 
27. It has been shown that the five-phase algorithm is 
the optimal choice as the calculation still remains 
simple and the second-order nonlinear response of the 
detector is eliminated. A charge coupled device 
(CCD) sensor then records the intensity of the 
resulting interference pattern for different relative 
phase shifts and converts the intensity data to 
wavefront phase data through integration. 


Microlens Testing 


In microlens (lens with a diameter lower than several 
millimeters) testing, it is essential to measure in a first 
step the shape or the surface profile of the microlenses 
or in cases where gradient-index lenses are concerned, 
their refractive index distribution. In addition, the 
paraxial parameters, such as the focal length, and the 
more complex properties like the wave aberrations 
and surface quality have to be characterized. As 
discussed in the introduction, massive parallelism and 
miniaturization ask for the fabrication of microlenses 
and microlens arrays. The most critical features of 
these lenslet arrays are the uniformity of the micro- 
lenses and their mutual positioning accuracy. As a 
variation of these properties deteriorates the optical 
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performance in most applications, dedicated test 
instrumentation is needed. 

In the following, we discuss different measurement 
instruments designed to characterize all the geometri- 
cal and optical parameters of microlenses. First, we 
introduce an optical noncontact profiler which can be 
used to determine the diameter and the sag (the 
maximum height of the spherical lenscap) of the 
surface profile microlenses. In addition, it allows us to 
quantify the surface roughness on the top of the 
microlenses. With a transmission Mach-Zehnder 
(MZ) interferometer the wave aberrations and the 
focal length of the microlenses can be measured, 
while a Twyman-Green (TG) interferometer can be 
used for the measurement of the surface deviations of 
a microlens from an ideal spherical shape and for the 
measurement of the radius of curvature of the surface. 


Surface Profile Measurements 


Optical noncontact profiler 


Principle. The surface profile of a microlens can 
be measured with a Wyko NT2000 noncontact 
optical profiler (Figure 19a). This surface profiler 
system uses two approaches to measure a wide range 
of surface heights. The PSI mode allows measuring 
fairly smooth and continuous surfaces (0.1 nm < 
heights < 160 nm) while the vertical scanning inter- 
ferometry (VSI) mode can measure rough surfaces 
and heights ranging between 160 nm and 2 mm. We 
only discuss here the vertical scanning mode because 
the principle on which PSI is based has been explained 
above. As shown in Figure 19b, this noncontact 
profiler is based on a Mirau interference microscope 
where a white light beam passes through a beam- 
splitter which reflects half of the incident beam to a 





(a) (b) 


Figure 19 


reference surface and transmits the other half onto the 
sample. The light reflected from the sample and from 
the reference surface then recombine at the beam- 
splitter to form interference fringes. The system 
measures the degree of the fringe modulation or the 
fringe contrast. Because white light has a short 
coherence length, interference fringes are present 
only over a very shallow depth for each focus 
position. The coherence length can be described 
here as the optical path distance (OPD) between 
two wavefronts of an interferometric system for 
which the phase remains correlated. Or in other 
words it is a measure of the range of heights over 
which the instrument will be able to obtain measur- 
able interference fringes. Fringe contrast at a single 
sample point reaches a peak as the sample is 
translated through focus. During a measurement, 
the reference arm containing the interferometric 
objective moves vertically to scan the surface at 
varying heights. A linearized PZT precisely controls 
this motion. As the system scans downward, an 
interference signal for each point on the surface is 
recorded. Finally, a series of advanced computer 
algorithms is used to demodulate the envelope of the 
fringe signal and to extract the surface information. 
The vertical resolution is approximately 3 nm RMS 
for a single measurement. The lateral resolution is a 
function of the total magnification, of the cursor 
position accuracy, and of the detector array size. 


Measuring the geometrical lens dimensions. This 
profiler provides us with information on geometrical 
dimensions of microlenses. For each microlens we can 
derive from the contour plot (Figure 20) the sag and 
the diameter of the microlenses along the x and the y 
direction. As an example, we show in Figure 21, the 
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Beamsplitter 


(a) Vertical scanning noncontact profiler (WYKO NT2000); (b) Working principle. 
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profiles of the cross-section of a 200 ym fused silica 
microlens (NA = 0.05; D = 200 pm) along the x and 
y directions. 

The surface roughness on top of the microlens 
can also be derived from measurements with the 
noncontact profiler. As an example, we show the 
fringes on the vertex area (65 X 61 m7) of a 200 um 
diameter lens as well as the average and RMS 
roughness on the vertex of the lens (Figure 22). 


Measurement of the Optical Lens Performance 


To investigate the optical properties of discrete 
microlenses one of the most accurate and reliable 
techniques is interferometry. It is well known that 
microlenses can be tested in transmitted light 
using instruments with a single pass geometry 
(e.g., MZ interferometer) as well as in reflected light 
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Figure 20 Contour plot of a 200 1m fused silica microlens as 
obtained with the noncontact profiler. 
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interferometers using a double pass configuration 
(e.g., TG interferometer). The interferometers pro- 
posed in this section have been especially designed 
and constructed for microlens testing. 


Mach-Zehnder (MZ) interferometer for 
transmitted light measurements 


Principle. A MZ interferometer, constructed at 
the Erlangen—Niirnberg University, is used in this 
work for the measurement of microlenses in trans- 
mitted light. The interferometer is installed in a 
commercial Carl Zeiss Jena microscope, while fiber- 
optics is used for beam delivery. The scheme is shown 
in Figure 23. A polarizing beamsplitter (PBS) cube 
splits the beam of a HeNe laser while a halfwave plate 
at the entrance enables the balancing of the two 
interfering beams. The fibers are polarization preser- 
ving in order to keep the polarization in the two 
beams of the interferometer. The planewave of the 
object arm is either focused by an illumination 
microscope objective so that a spherical wave 
impinges onto the microlenses (this is the so-called 
spherical wave illumination) or the first microscope 
objective is removed so that a planewave illuminates 
the object (this is the so-called planewave illumina- 
tion). By using a telescope consisting of the imaging 
microscope objective and an achromatic doublet, the 
expanded planewave then enters a second beamsplit- 
ter and is superimposed on a reference planewave 
generated by the second fiber and an expansion lens. 
This second beamsplitter is a nonpolarizing one. To 
force the two beams to interfere, the plane of 
polarization of the reference beam must be rotated 
by 90° which is achieved by twisting the fiber end 
accordingly. This solution has been chosen to avoid a 
polarizer in front of the CCD camera as it has been 
shown that the latter would decrease the optical 
quality. In addition one of the mirrors in the object 


Lum 









































0 20 40 60 80 
(a) 


Figure 21 
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(a) 2D lens profile of the microlens shown in Figure 20 along the x direction and (b) along the y direction. 
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Figure 22 (a) Different roughness values on the vertex area of a 200 um lens; (b) Fringes in this vertex area (65 x 61 wm?). 
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Figure 23 (a) Scheme and (b) picture of the Mach—Zehnder interferometer for measurements in transmitted light. 


arm of the MZ is mounted on a PZT driver to enable 
phase shifting interferometry. 


Focal length and array uniformity through plane- 
wave illumination. The MZ interferometer with 
planar wavefront illumination offers for slow lenses 
(NA < 0.1) the opportunity to measure also the total 
phase lag introduced by the lenses, as shown in 
Figure 24. This makes it possible to determine the 
focal length and hence the NA of the microlenses. 

For certain applications of arrays of microlenses it 
is also important to know the uniformity of the lens 
array or at least of a part of the lens array. There are 
several different test methods (e.g., Smartt test, 
shearing test) which can provide a measure of the 
uniformity. One can even obtain the total phase 
retardation for a subsection of the microlens array 
(see Figure 25b). 


Measuring the aberrations with spherical wave 
illumination. Wave aberrations of refractive micro- 
lenses can be determined with a spherical wavefront 
illumination (Figure 26). The measurement of the 
wave aberrations is carried out by using a PSI 
algorithm. This requires a measurement of the 
intensity in each point of the aperture for five different 
reference phase values. The result of a PSI evaluation 
is the phase distribution ®(x, y) in the exit pupil: 


D(x, y) = =O yx, y) [SO] 
where y(x, y) are the wave aberrations of the lens 
under test. 

From these data, the software calculates the 
unwrapped phase distribution and by subtracting 
the tilt and defocus, the deviation from an ideal 
wavefront (phase/lambda) can be found. Fitting this 
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deviation to a fourth degree Zernike polynomial then 
gives the aberrations (phase/lambda). Besides the 
aberrations we also derive from the measured phase 
distribution other optical lens characteristics such as 
the modulation transfer function and the PSF. 

Finally, we emphasise that the measurements 
should preferably be done in a cleanroom environ- 
ment as the smallest dust particle on the lens surface 
decreases the optical performance. 


Twyman-Green interferometer 


Principle. For most applications microlenses have 
to feature a spherical or nearly spherical shape. The 
measurement of the deviations of the microlens 
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Figure 24 Interferogram of a 200 pm lens with an NA of 0.05 
under planewave illumination. 
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surface from an ideal sphere is therefore very 
important. The basic principle comes down to a 
planewave which is focused by a high NA microscope 
objective in such a way that the focus coincides with 
the center of curvature of the microsphere under test. 
The light rays are reflected, and behind the micro- 
scope objective a nearly planewave carrying the 
surface deviations and misalignment errors, results. 
The vertex of the test surface is then imaged onto a 
CCD camera and the nearly plane object wave 
interferes with the plane reference wave. The 
evaluation here is also done with phase shifting 
interferometry by axially shifting the reference mirror 
with a piezo transducer. 

The use of laser illumination allows us to obtain 
high contrast fringes. However, the high spatial and 
temporal coherence of the laser light also has 
important drawbacks, such as speckle noise and 
spurious fringes across the field. It is convenient to 
divide coherence into two classifications, temporal 
and spatial. The former relates directly to the finite 
bandwidth of the source, the latter to its finite extent 
in space. Therefore, polarization beamsplitter optics 
is commonly used to reduce the contribution of 
spurious reflections. The polarizing beamsplitter 
group additionally allows balancing the intensity 
between the object and the reference arm of the 
interferometer. Even so, the remaining scatter leads to 
poor and rough interference fringes. To further 
increase the fringe quality, the spatial coherence has 
to be reduced while the temporal coherence of the 
laser is preserved. This can be done by introducing a 
rotating scatterer in the light beam which gives a 
smoothing effect of the interference fringes. 


Measurement of the deviations from sphericity. To 


determine the surface deviation of a microlens 
from a perfect sphere we make use of a TG 
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Figure 25 (a) Interferogram of an array of 200 1m diameter microlenses with an average NA of 0.05 and illuminated with a plane 
wavefront; (b) 3D representation of the phase lag (RMS 1.26A, PV 4.37A) for the same microlens array. 
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interferometer, constructed by the Erlangen-Niirn- 
berg University (Figure 27). In this interferometer, 
the light of a HeNe laser is imaged onto a rotating 
scatterer by a microscope objective and the 
scattered light is collimated by an achromat. The 
collimated laser beam then passes a field stop 
which is sharply imaged by a 4f system onto the 
lens under test. The image of the field stop can be 
focused onto the surface under test by moving the 
field stop along the optical axis. Once the image of 





Figure 26 Interferogram of a microlens under spherical 
wavefront illumination: the resulting planewave is a measure for 
the wave aberrations. 





the field stop is sharply imaged onto the CCD 
array, one can translate the reference mirror until 
the reference image of this stop in its turn becomes 
sharp onto the CCD camera. Thus, two conditions 
have to be met to achieve high contrast fringes: the 
surface under test and the image of the field stop 
of both arms of the interferometer have to be 
sharp on the detector. The half wave plate in front 
of the PBS adjusts the splitting ratio at the PBS 
while the polarizer after the beamsplitter is 
necessary to force the two orthogonally polarized 
beams to interfere. Finally, the optics at the output 
of the interferometer gives a sharp image of the 
intermediate image of the lens surface onto the 
CCD camera. Analogous to the MZ interferometer, 
five phase images are grabbed and subjected to 
different algorithms, leading to the desired 
information. 

A condensor objective transforms the radius of 
curvature of the spherical wavefront such that it 
matches the radius of curvature of the microlens. 
Hence, the wavefront impinges everywhere perpen- 
dicularly on the lens surface. This means that the 
sensitivity to surface deviations is independent on the 
surface position leading to high accuracy measure- 
ments. The TG interferometer allows us to test the 
sphericity of microlenses with diameters ranging 


_ Ff ccD 


Tessar lens 
f= 155mm 


Zoom objective 











\ f= 12.5 mm 
_ Second ¥ Fa f..=75mm 
| intermediate —— mn 
> Rotating 'mage ~ ; 
YY ground glass 4f imaging 
i optics 

oo a — Achromatic 

a 4t imaging doublets 
eae f= 160mm 

a essar lenses 
f=115mm 
a 2 
a 2 + 
= Wewaespe id 

stop 1 Objective 

(a) (b) rit J 100x : 0.8 
J Microspheres 
First 
intermediate 
image 


Figure 27 (a) Twyman-Green interferometer setup. (b) Detailed schematic overview of this interferometer. 
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Figure 28 (a) Measured deviation from an ideal sphere (phase/lambda) for a 200 um lens with an NA of 0.05 as obtained with a 
Twyman-Green interferometer. (b) Polynomial fitted surface deviation (phase/lambda) of this microlens. 
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Figure 29 Necessary adjustments of the spherical microlens for 
radius measurements. 


from 50 to 1000 ym and with a maximum radius of 
curvature of 1960 pm. 

An example of a 200 pm fused silica microlens, 
with an NA of 0.05, is shown in Figure 28. The 
deviation from an ideal sphere can be derived from 
the unwrapped phase after subtracting the tilt and 
defocus. Fitting the deviation to a fourth degree 
Zernike polynomial then gives the surface 
deviation. 


Measuring the radius of curvature. Using the TG 
interferometer it is also possible to determine the 
radius of curvature R of a microlens. To do this, the 
test object has to be shifted axially from the basic 
position, where the light rays impinge perpendicu- 
larly onto the surface and the focal length of the 
condensor objective coincides with the center of the 
sphere under test, to the so-called cat’s eye position, 
where the focus of the impinging spherical wave is at 
the vertex of the sphere (Figure 29). For both 


positions straight, parallel, and equidistant interfer- 
ence fringes are obtained, only perturbed by 
aberrations due to the lens surface and the condensor 
objective. This forms the criterion for the adjustment 
of the two positions. The difference between these 
two positions then gives the radius of the micro- 
sphere. It should be mentioned that the cat’s eye 
position causes an inversion of the object wavefront 
with respect to the reference wavefront, which results 
in a vanishing contrast with the partially coherent 
illumination. The latter can only be avoided by 
providing the necessary coherence. This implies that 
the rotating scatterer will have to be removed. 


Summary of the Interferometric Instrumentation 


Figure 30 summarizes the various instruments we 
discussed in this section: a noncontact optical 
profiler, a MZ and a TG interferometer. For each 
of these instruments, we highlight the measurands, 
the assumptions that are made, and the resulting 
optical lens characteristics. From this figure, it is 
clear that one can obtain a measure for the focal 
length and hence the numerical aperture and the 
focal number of a refractive microlens, with all 
three instruments. However, only the focal length 
obtained with the MZ interferometer is a direct 
measurement. The focal length obtained with the 
optical profiler is derived from the sag of the lens 
under the assumption of an ideal sphere while the 
radius of curvature measured with the TG inter- 
ferometer allows to calculate the focal length as 
well. Nevertheless, the three values make an 
interesting comparison possible. 
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Figure 30 Overview of the instruments that we will use to quantitatively characterize the refractive microlenses: the measurands and 


the resulting optical lens characteristics. 


Conclusions 


In this article we introduced geometrical optics to 
discuss the imaging properties and the aberrations 
of refractive lenses, while wave optics was used to 
explain the effects of diffraction on the imaging 
properties of lenses. Next we put forward some 
commonly used quality criteria to assess lens 
performance and we pointed out the unique 
properties of microlenses. Finally, interference was 
briefly introduced to clarify the working principle 
of various instruments to quantitatively character- 
ize refractive microlenses and microlens arrays: a 
noncontact profiler, a transmission MZ interferom- 
eter and a TG interferometer. 

We can conclude that micro-optics is a key 
technology with many applications in various areas 
of tomorrow’s information society. It enables new 
functionalities and applications previously unachie- 
vable with conventional optics and improves product 
performance, stability and robustness while reducing 
cost, volume, and weight. While in conventional 
optics discrete lenses are mounted to form optical 
systems using mechanical alignment equipment, for 
microlenses new integration approaches are avail- 
able. For most of the applications, the integration of 


micro-optical components into fully functional sys- 
tems is very important. 

Thus micro-optics is a generic technology that 
allows the manipulation of light with micron and 
submicron scale structures and components. Micro- 
optics is therefore the technology to help provide the 
necessary tools to interface the macroscopic world we 
live in with the microscopic world of opto- and nano- 
electronic data processing. Micro-optic processing 
and fabrication technologies can be adapted to a wide 
variety of specialty optical materials such as plastics, 
polymers, semiconductors, sol-gels, and doped 
glasses. The application of these modified materials 
permits the widening of the field of photonic function- 
alities to virtually any region of the optical spectrum 
and beyond, such that a wealth of novel optical and 
photonic applications can be realized. Micro-optic 
processing technologies can be made compatible 
with scalable industrial mass-manufacturing and 
replication techniques. 
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List of Units and Nomenclature 


[AB] optical path length 

c speed of light 

d lens thickness 

D lens aperture diameter 

E electricfield 

f focal length 

fBEL back focal length 

fret front focal length 

f# focal number 

F, image focal point 

F, object focal point 

hy position of the first principal 
point relative to the vertex V1 

hy position of the second principal 
point relative to the vertex V2 

h! deviation from the optical axis 

Hy, first principal point 

Hy second principal point 

I intensity 

k wave number in vacuum 

n index of refraction 

nj index of refraction of medium i 

O object point 

P arbitrary field point 

P image point 

P lens pitch 

9 spherical surface power 

r aperture of the refracting surface 

R radius of curvature 

R(x, y) real wavefront 

S axial object point 

S Strehl ratio 

So object distance 

Sj image distance 

V lens vertex 

V visibility or fringe contrast 

W(x, y) spherical wavefront in the Gaus- 
sian approximation 

Vo object height 

Yj image height 

ZR Rayleigh range 

a angular semi-aperture 

0 symmetry around the optical axis 

A wavelength of light 


o standard deviation 

Q1 angle between the incident ray 
and the normal to the flat surface 

2 angle between the refracted ray 


and the normal to the flat surface 


Dou; — Pree phase difference 
P(x, y) phase distribution 
Wx, ) wavefront aberration 
w angular frequency 


0, aperture in a plane opaque screen 
Back focal length 

Charge coupled device 

FF Far-field 


FFL Front focal length 

MTF Modulation transfer function 
MZ Mach-Zehnder 

NA Numerical aperture 

NF Near-field 

OPD Optical path difference 

OTF Optical transfer function 
PBS Polarizing beamsplitter 


PP Principal plane 


PSF Point spread function 

PSI Phase shifting interferometry 
PTF Phase transfer function 

PZT Piezo-electric transducer 

RMS Root mean square 

SA Spherical aberration 

VSI Vertical scanning interferometry 
See also 


Diffraction: Fraunhofer Diffraction. Diffractive Systems: 
Aberration Correction with Diffractive Elements. 
Geometrical Optics: Aberrations; Lenses and Mirrors. 
Interferometry: Overview; Phase Measurement Inter- 
ferometry. 
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To take a reading with a DIGITAL multimeter, select the buzzer setting. It will 
respond if the resistance is less than 300 ohms. It will not respond if a diode is in 
the circuit. 


COM mAYil 





Meter set to BUZZER - CONTINUITY 


You can also use the x1 resistance setting to get an accurate value of resistance. 
Touch the probes together to get the initial reading and subtract this value from the 
final reading. 

When probing a circuit containing electrolytics, you may get a beep from the buzzer. 
This indicates the resistance is low because the multimeter is charging the 
electrolytic and it will beep until the electrolytic is charged to about 0.7v. 

The same applies when probing across the power rails of a circuit. The circuit may 
contain electrolytics that will charge when probing and the buzzer will beep. 

The Digital multimeter is actually detecting a voltage less than 0.7v across the 
probes and is created by a voltage-divider network inside the meter. 

The voltage divider put 2v across the probes and when this drops to less than 0.5v, 
the buzzer is activated. That why it odes not buzz when testing a diode as the diode 
drops the voltage to 0.6v. 








to Index 





MEASURING A DIODE 


A diode can be measured to see if it is "open" or "damaged" or "working" by placing 
the probes across the component. 

If the diode is "open" (it will not work), the needle will NOT swing across the scale 
when touching the component with the probes in one direction or when the probes 
are reversed. 

If the diode is "damaged" (does not work), the needle will swing fully across the 
scale when touching the component with the probes in one direction or when the 
probes are reversed. 

If the diode is FUNCTIONAL, (works) the needle will swing about mid-way when 
touching the leads of the diode in one direction and it will not move when the 
probes are reversed. 


WHY? 

The positive of the battery inside an analogue multimeter comes out the black 
probe and that is why you will get a reading when the probers are "around the 
wrong way." The needle will swing a different amount for each resistance setting on 
the dial as the needle represents 0.6v drop and NOT an actual resistance. 


There are two things you must remember. 
1. When the diode is measured in one direction, the needle will will not move at 
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Introduction 


Many forms of optical parametric device (OPD) 
play significant roles as three-wave nonlinear- 
optical sources of tunable coherent light for laser- 
based science and technology. Any such device will 
fall into one of three categories, in increasing order 
of sophistication: optical parametric generator 
(OPG); optical parametric amplifier (OPA); and 
optical parametric oscillator (OPO). This article 
concentrates largely on nanosecond-pulsed OPOs, 
with particular emphasis on designs that facilitate 
their wavelength control and their optical power- 
or energy-efficiency. The two other important 
temporal manifestations of OPOs (ultra-fast pulsed 
and continuous-wave) are briefly outlined. OPDs 
serve as versatile sources of tunable, intense, 
coherent radiation covering the infrared, visible, 
or ultraviolet spectral regions. Their most obvious 
uses are associated with laser wavelength-conver- 
sion and/or tunability, resulting in a variety of 
spectroscopic applications. Four-wave nonlinear- 
optical parametric contributions, such as those 
involved in stimulated Raman scattering and 
highly nonlinear optical fibers, are also briefly 
considered. 


What is an Optical Parametric Device? 


An optical parametric device (OPD) is a source of 
coherent, laser-like radiation that is typically intense 
and tunable over a wide range of wavelengths. 
Its mechanism invariably depends on nonlinear 
optics, usually through a three-wave mixing process 
mediated by the nonlinear-optical susceptibility y 7’ 
in a noncentrosymmetric crystalline medium. Three 
forms of OPD are illustrated in Figure 1, and also 
illustrated is a closely related (but distinct) nonlinear- 
optical device. Coherent light waves are represented 
by arrows, with their associated optical frequency 
w; and wave vector k; (which are defined below). 
In Figure 1, input and output waves are shown as 
arrows on the left and right, respectively, with 
their breadth intended to indicate typical relative 
intensities. 

An optical parametric generator (OPG) is the 
simplest form of OPD, with a single input wave 
(pump, P) from a laser generating two coherent 
output waves (signal, S; idler, I; ws = w,), as depicted 
in Figure 1a. The nonlinear-optical process itself is 
initiated by low-intensity parametric spontaneous 
emission/noise/fluorescence processes that occur 
naturally, effectively ‘splitting’ a pump photon into 
two new photons. Once a signal and/or idler wave has 
been generated, it can be coherently amplified by 
passing it through an _ optical parametric 
amplifier (OPA) together with input pump radiation, 
as depicted in Figure 1b. A further order of 
sophistication is reached in an optical parametric 
oscillator (OPO), as depicted in Figure 1c, where the 
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Figure 1 Schematic diagrams of three forms of optical 
parametric device (OPD): (a) optical parametric generator 
(OPG); (b) optical parametric amplifier (OPA); (c) optical 
parametric oscillator (OPO). Note that, by convention, optical 
frequencies of the signal (S) and idler (1) output waves are defined 
such that wg = @,. Also shown is a fourth closely related device: 
(d) difference-frequency generator (DFG). Nonlinear-optical 
media are denoted by their susceptibility 7°. Arrows are used 
to represent input and output waves, together with their optical 
frequencies w; and wave vectors k;. An OPO requires an optical 
resonator, comprising at least two aligned reflectors (M1, Mo). 


functions of an OPG and an OPA are combined by 
multipassing the optical waves involved inside a 
resonant optical cavity, formed by two or more 
appropriately aligned reflectors (Mj, Mo). 

A difference frequency generator (DFG), as 
depicted in Figure 1d, is not an OPD, although the 
DFG source term is central to the nonlinear-optical 
mechanism of an OPD. In a DFG, two input waves 
(labeled 1 and 2) are combined coherently to generate 
a third output wave at the difference frequency of the 
two input waves: there are now two relatively high- 
power driving waves, rather than one, and photons 
are effectively ‘joined’, rather than ‘split’ as in the 
OPD case. Nevertheless, the outcome and utility of a 
DFG can be similar to that of an OPD. For instance, if 
coherent radiation is required at a particular infrared 
(IR) wavelength, it can be generated either as the idler 
wave of an OPD, with frequency w, = (wp — ws) or as 
the output wave of a DFG, with frequency 3 = 
lw > wy. 


Many of the desirable attributes of OPDs in 
general, and OPOs in particular, arise from the fact 
that any such instrument is a nonlinear-optical 
device, not a laser. This allows versatile, flexible 
design features, such as methods of temporal and 
wavelength control that are not possible with lasers. 
The latter generally depend on population inversion 
of an optical gain medium, with associated optical 
lifetime and saturation limitations. On the other 
hand, optical parametric gain, oscillation and ampli- 
fication are more amenable to modular system design 
because (as is explained below) they depend on 
nonlinear-optical coefficients and phase-matching 
conditions. 


Nonlinear-Optical Origins of OPDs 


Nonlinear optics involves interaction of a number 
(o > 2) of optical waves in a medium with a 
nonlinear-optical susceptibility tensor 4°). For 
inelastic optical processes, these waves (each 
with an angular frequency @1,@,...,@,) obey 
two conservation conditions, one for energy 
(or frequency): 


@ +a,+...+0,=0 [1] 


The other conservation condition (expressed in terms 
of wave vectors k;, with i= 1,2,...,0, that have 
magnitudes k; = njw/c = 27mn,/d;, where n; is the 
refractive index at vacuum wavelength A; and c is the 
speed of light) is for momentum: 


k+k4+...+k,+Ak=0 [2] 


where Ak is the phase-mismatch between the o 
interacting waves. Each frequency component and 
wavevector is ascribed a positive or negative sign, 
according to their phase relationships. Equation [2] 
defines phase-matching conditions in which Ak must 
be minimized to optimize the efficiency of the 
nonlinear-optical process of interest. 

We shall consider below the two specific three- 
wave nonlinear-optical processes that are particu- 
larly relevant to this article, namely, those for an 
OPD (i.e., OPG, OPA, or OPO) or a DFG. Each of 
these is mediated by the nonlinear-optical suscep- 
tibility tensor ¥?, which is nonzero in a crystalline 
medium only if it is noncentrosymmetric. Many 
such crystals are available. For example, lithium 
niobate (LiNbO3) has been popular since the early 
days of pulsed tunable OPOs. Subsequent interest 
and activity in OPD technology have been stimu- 
lated by the availability of new nonlinear-optical 
materials such as BBO (6-barium borate, BaB2O,) 
and KTP (potassium titanyl phosphate, KTiOPO,). 
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Additional recent impetus has come from quasi- 
phase-matched (QPM) nonlinear-optical media, 
such as periodically poled lithium niobate (PPLN) 
and PPKTP, tailored for specific wavelengths by 
periodic optical structuring of domains. QPM media 
offer compact, efficient, low-threshold alternatives 
to conventional birefringently phase-matched 
(BPM) media. Characteristics of BPM and QPM 
nonlinear-optical crystalline media are accessible 
via Arlee Smith’s SNLO software package, 
accessible by internet at www.sandia.gov/imrl/ 
XWEB1128/xxtal.htm. 

For a three-wave OPD, which is of principal 
interest in this article, the energy and momentum 
conservation conditions of eqns [1] and [2] become: 





Wp — Wy — Wy = 0, kp ks ky Ak =0 [3] 


where a laser input wave (‘pump’, frequency wp, 
wave vector kp) yields two coherent output waves 
(‘signal’, frequency ws, wave vector ks; ‘idler’, 
frequency w,, wave vector kj; ws = w). Note that 
the idler frequency ow; equals the difference lwp — 
ws| between pump and signal frequencies. Equation 
[3] should be viewed in the context of sections 
(a—c) of Figure 1. 

Equation [2] and the second half of eqn [3] 
apply strictly only to the conventional case of BPM 
media. In such media, the phase-matching con- 
dition Ak ~ 0 is achieved by adjusting the angle 
and/or temperature of a_ birefringent nonlinear- 
optical crystal via its ordinary- and extraordinary- 
ray refractive indices. Such adjustments are used to 
optimize OPD conversion efficiency and thereby 
control the output signal and idler wavelengths, 
As and dj. If it is assumed that the three waves are 
collinear and that Ak is exactly zero, then the 
signal frequency/wavelength is given simply in 
terms of the pump frequency/wavelength and the 
refractive indices n; (i= P,S,I) as: 


@s = Wp(Mp — ny) / (ns — Mm); 
[4] 


As = Ap(ns — 11)/(np — ny) 


An alternative to birefringent phase matching is 
the quasi-phase-matching approach first suggested 
by Nobel Laureate Nicolaas Bloembergen and 
co-workers in 1962. This approach has been 
realized experimentally only in the last few years, 
via QPM nonlinear-optical media such as PPLN or 
PPKTP. Equation [2] and the second half of eqn [3] 
need to be slightly modified to include QPM 
grating contributions. 

In the corresponding case of a DFG (which, we 
repeat, is not an OPD), the energy and momentum 


conservation conditions of eqns [1] and [2] become: 


lw, _ wy! — Wdiff = 0, 
[S] 
Ak = 0 





k, — ky — kgite 
where two laser input waves (frequencies @1, @»; 
wave vectors k,, k2) yield one coherent output wave 
at the difference frequency wai = lw, — w2| (with 
wave vector kgis), as depicted in Figure 1d. As above, 
phase matching is defined by Ak ~ 0 for BPM media 
and, in the case of QPM media, there is an additional 
grating contribution in the second half of eqn [5]. 

Finally, we mention briefly two other important 
forms of nonlinear-optical device arising from four- 
wave mixing processes that are mediated by the 
nonlinear-optical susceptibility 7°) which can be non- 
zero, even in isotropic or centrosymmetric media such 
as gases, liquids, optical fibers, and all classes of 
crystal. Optical parametric processes of this type 
contribute to stimulated Raman scattering (SRS), 
involving an optical medium with Raman-active 
resonance frequencies @pg that coincide with the 
difference between two optical frequencies. This is 
particularly useful in providing a relatively straight- 
forward source of coherent radiation, Raman-shifted 
at discrete intervals from the frequency w, of an input 
pump laser (either tunable or fixed-wavelength). 
Four-wave parametric processes are involved, such 
as that in eqn [1] with lw! = lo3! = a, 1a! = 
wy, — wR, and lw4l = lw,!+ 13! — lay! = a, + ap, 
where wp is the characteristic Raman frequency of 
the nonlinear-optical medium used in the Raman 
shifter (e.g., high-pressure hydrogen, deuterium or 
methane gas). These Raman-shifted intervals, both 
added to (anti-Stokes) and subtracted from (Stokes) 
the laser frequency w,, are integer multiples of wp. 
Other nonlinear-optical Raman parametric processes 
give rise to various forms of nonlinear Raman 
spectroscopy, such as CARS (coherent anti-Stokes 
Raman spectroscopy), and to Raman fiber-optical 
amplifiers, used in optical telecommunications. 

Another promising area of developing OPD tech- 
nology entailing ¥°) nonlinearities concerns OPGs, 
OPAs, and OPOs based on highly nonlinear optical 
fibers, with either pulsed or cw pump lasers. Such 
processes use two pump waves (P) to generate 
tunable signal (S) and idler (I) output waves, such 
that @, = 2ap — as. 


Nanosecond-Pulsed OPOs - Design 
and Wavelength Control 


Here we consider pulsed OPOs that operate on 
nanosecond (ns, 10°? s) time-scales, and design 
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Table 1 


Key properties 


Some elements of OPO applications to spectroscopy 


Options 


Comments on instrument/technique 





Wavelength range: what 
forms of spectra need 
to be measured? 

OPO phase matching: 
BPM or QPM? 


UV/visible (0.2—0.7 wm) 

Near IR (0.7—4.0 pm) 

Longwave IR (> 4.0 ym) 
Birefringent phase matching (BPM) 
Quasi-phase matching (QPM) 


Many nonlinear-optical OPO materials 
are available, but less well developed 
for longwave IR applications 

BPM is well established and preferred 
for high-power operation. Various 


Temporal: continuous-wave (cw) 
or pulsed? 


Optical bandwidth: broad 
or narrow? 


Mode of recording of spectra: 


continuous tuning or multiplex? 


Wavelength control: intracavity 
elements or injection seeding? 


Pulsed for power and timing 
Cw for narrowest bandwidth 


Broadband (free-running) 
Single longitudinal mode 


Scan narrowband signal/idler 
OPO output wavelength 
Free-running OPOs operate 
broadband in multiplex case 
Intracavity gratings or étalons 
Injection seeding of signal or 
idler by a tunable low-power 
coherent light source 


low-threshold QPM media are now 
available for both pulsed and cw OPOs 

Ultrafast (ps, fs) OPO output pulses 
are relatively broadband, owing to the 
Fourier transform limit 

The Fourier transform limit is 44 MHz 
(0.0015 cm~') for an ideal 10 ns pulse 
Cw OPOs offer even lower Av. 
Ultrafast-pulsed OPOs are inevitably 
broadband: e.g., Av = 0.44 THz 
(215 cm™') fora 1 ps pulse 

Wavelength control yields continuously tuned 
narrowband spectra. Multiplex spectra use 
dispersed detection or multi-wavelength 
spectroscopic tailoring 

Intracavity-element designs yield broad 
tunability but can be complicated. 
Injection seeding facilitates narrowband, 
mode-hop-free spectra and tailored 
multi-wavelength experiments 


The above options determine ways to use OPOs for spectroscopic applications, such as: (1) linear absorption (e.g., with a multipass 
cell); (2) cavity ringdown (CRD) absorption spectra; (3) high-resolution spectra (Av ~ MHz or kHz); (4) nonlinear-optical (e.g., coherent 
Raman); (5) atmospheric remote sensing (e.g., DIAL); (6) fast (us, ns) and ultrafast (ps, fs) processes. 


me ° 
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Figure 2 Schematic diagrams of three forms of optical 
parametric oscillator: (a) free-running OPO (with no active 
wavelength control), similar to Figure 1c; (b) OPO with an 
intracavity tuning element (T); (c) injection-seeded OPO. 


features that make them fit for one of the principal 
applications of OPDs, namely, spectroscopy. Options 
that determine ways to use OPOs for spectroscopic 
applications are summarized in Table 1. Some design 
and wavelength-control features used in ns-pulsed 


OPOs are depicted schematically in Figure 2. Some of 
these applications and features are shared with other 
forms of OPO, notably the ultrafast-pulsed OPOs 
and cw OPOs that are considered much more briefly 
in later sections. 

The first OPO, demonstrated by Giordmaine and 
Miller in 1965, was ns-pulsed; it was based on 
LiNbO3, tunable over the range ~0.96-1.16 wm, 
spanning a signal- and idler-wavelength range of 
+0.1 wm on either side of the degeneracy point 
defined by the 529nm pump radiation (from a 
frequency-doubled, Q-switched Nd:CaW0O, laser). 
This advance occurred soon after lasers were 
discovered and the potential of nonlinear optics 
had been realized through harmonic-generation 
processes such as frequency doubling. Pioneering 
work by Stephen Harris, Robert Byer and their 
co-workers at Stanford University soon established 
ns-pulsed OPOs as practical sources of tunable 
coherent light for significant applications such as 
spectroscopic sensing of chemical processes, in 
industrial or environmental diagnostics and in basic 
science. Such ns-pulsed OPOs had an impressive 
impact in the 1970s, followed by sporadic 
progress in much of the 1980s, and a dramatic 
resurgence of interest and activity since the late 1980s. 
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This irregular rate of progress is attributable to 
the availability of suitable high-quality nonlinear- 
optical crystals (as mentioned above), as well as high- 
performance pump lasers and advanced tunable OPO 
system designs. 

In a typical ns-pulsed OPO, the pump laser delivers 
sufficient optical energy to enable parametric gain to 
build up from noise during the pump—pulse duration, 
exceeding the threshold for oscillation. To maximize 
gain, the parametric (signal and/or idler) waves are 
amplified by multipassing them during the pump pulse 
in an optical resonator, as depicted in Figures 1c 
and 2. Light travels ~3 m during a 10 ns pump pulse, 
so that the parametric waves can make ~15 round 
trips of a 10 cm linear OPO cavity. 

A simple free-running OPO, comprising an optical 
cavity with input and output mirrors M; and M> but 
with no wavelength-selective elements, is depicted in 
Figure 2a. The output radiation from such an OPO 
generally has a relatively broad optical bandwidth — 
typically ~5 cm’! (~150 GHz) or more — depending 
on several factors: refractivity, dispersion, and 
absorption of the OPO medium; wavelengths Ap, As, 
and Aj; type of phase matching (BPM or QPM, 
whether collinear or not); crystal dimensions and 
orientation; cavity reflectivity and effective number of 
passes of the resonated wave; optical bandwidth, 
divergence, pulse duration and pulse energy of the 
pump radiation. Free-running pulsed OPOs represent 
one extreme of operational simplicity, yielding 
relatively broadband output radiation suitable for 
low-resolution or multiplex spectroscopy. Additional 
OPO wavelength-control measures are usually 
necessary for higher-resolution spectroscopic 
applications. 

At the other extreme of operational complexity, 
intracavity wavelength-selective elements, such as 


ly. Multi-grating 
TT .PPLN crystal 
UU ; 
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1.55 um Signal 
+ 
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Figure 3 


gratings and/or étalons, provide a traditional way to 
control OPO output wavelength and to achieve 
narrow optical bandwidths. One such approach is 
depicted in Figure 2b, where a tuning element T 
(in this case, a tilted étalon or filter; in other designs, 
an intracavity diffraction grating replacing the output 
cavity mirror M3) is inserted in the cavity. Such 
approaches were used in early pulsed LINbDO3 OPO 
designs that were continuously tunable in the near IR 
with an optical bandwidth of ~0.1 cm~' (~3 GHz), 
but these were often difficult to operate and were 
damage-prone (with intracavity losses from gratings 
and étalons causing the operating threshold to 
approach the damage threshold of OPO nonlinear- 
optical materials such as LINbO3). 

Continuous narrowband tunability, preferably on a 
single-longitudinal-mode (SLM) basis, is a desirable 
performance characteristic of pulsed OPOs amenable 
to high-resolution spectroscopy. A commercially 
viable approach to this ideal was achieved by Walter 
Bosenberg and Dean Guyer in their advanced KTP 
OPO/OPA system, which includes a master OPO 
stage with a grazing-incidence grating. This is 
continuously tunable under computer control in 
the near IR (1.3-—4 pm) with narrow optical band- 
width — ~0.02 cm™' (~600 MHz) or better. Such a 
high-performance tunable coherent IR source has 
been used for various forms of laser spectroscopy 
(cavity ringdown, degenerate four-wave mixing, 
long-path absorption, etc.), including investigations 
of chemically reactive media, combustion diagnos- 
tics, and studies of processes in molecular beams. 

A popular alternative approach to OPO wave- 
length control is injection seeding by a low-power 
tunable coherent source such as a tunable diode 
laser (TDL). This approach is depicted in Figure 3; 
in practice, a ring cavity is often used to avoid 

















Isolator 


Injection 
seeder 


control (1.55pm cw TDL) 


Schematic diagram of an injection-seeded tunable PPLN OPO system with active cavity control, developed in the author’s 


laboratory. Legend: PD = photodetector, PZT = piezoelectric translator, TDL = tunable diode laser, M;_3 = cavity reflectors; the inset 
shows the QPM multi-grating structure of the PPLN nonlinear-optical crystal. 
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feedback from the OPO to the seed laser. A significant 
advantage of injection seeding is that OPO 
construction is simplified by putting the wavelength- 
control function into a module that is effectively 
separate from the optical generation and amplifica- 
tion functions. For example, a high-performance, 
TDL-seeded PPLN OPO system developed in the 
author’s laboratory is illustrated in Figure 3. It 
features a multigrating QPM gain medium that is 
temperature-adjustable up to 250°C, and is pumped 
at a wavelength of 1.064 um by a ns-pulsed, SLM 
Nd:YAG laser. An active cavity control scheme 
devised by Yabai He enables the SLM near-IR signal 
and idler outputs from this OPO (at ~1.5 wm and 
~3.5 um, respectively) to be tuned continuously 
without mode hops over optical frequency ranges of 
~250cm ! (~7.5 THz) with a SLM optical band- 
width of <0.004cm~! (K120 MHz), as has been 
confirmed in assorted applications to molecular 
spectroscopy. The PPLN OPO can by itself generate 
only moderate output pulse energy (~0.1 mJ, 
approximately 70% of which is signal radiation), 
since the 1.064 um Nd:YAG pump laser pulse energy 
is limited to ~1 mJ to avoid the optical damage 
threshold of the PPLN crystal. For higher-power 
applications, a further portion of the Nd:YAG laser 
energy (~200 mJ/pulse) can be used to pump an OPA 
stage based on BPM LiNbO3, thereby generating 
SLM signal and idler output pulse energies of 
~1.3 mJ and ~0.7 mJ, respectively. 

An alternative approach to injection-seeded 
tuning of ns-pulsed OPOs (used extensively by 
the author’s group in the context of BPM media 
such as BBO and LiNbO3) entails passive control 
of the OPO cavity by slightly misaligning one of its 
reflectors. This facilitates continuous tuning of the 
injection-seeded OPO signal and idler outputs by 
decreasing the effective finesse of the OPO cavity, 
so that it is then not necessary to lock the OPO 
cavity length to the seed wavelength. This mode of 
operation is simpler optically and electronically 
than active control of the OPO cavity. The method 
depends on the OPO cavity having a series of high- 
order transverse modes to smooth out the sharp, 
widely separated resonances that occur when the 
OPO cavity is well aligned; a resulting disadvan- 
tage is that the multiple transverse modes tend to 
cause some degradation of output beam quality. 
Nevertheless, this approach has proved useful for 
many applications of tunable OPOs, with seeding 
by either pulsed dye lasers or SLM TDLs. 

This passive, misaligned-cavity approach to injec- 
tion seeding of ns-pulsed OPOs is particularly well 
suited for spectroscopic applications requiring a 
coherent source that simultaneously generates 


two or more adjustable output wavelengths. Such a 
TDL-seeded, dual-wavelength BBO OPO has been 
used in the author’s laboratory for coherent-Raman 
spectroscopic measurements of nitrogen (N2) in 
furnace air; the relative intensity of the two spectro- 
scopic features provides an instantaneous, turbu- 
lence-immune estimate of the temperature of gas in 
the furnace, within a single shot of the OPO’s pump 
laser (i.e., within ~10 ns). This is an example of 
so-called spectroscopic tailoring, in which an OPO 
generates a structured set of two or more discrete 
output wavelengths, each of which is set to be on- or 
off-resonance with characteristic features in spectra 
of molecular target species of interest. 

Dual-wavelength injection seeding of ns-pulsed 
OPOs is relevant to atmospheric remote sensing by 
DIAL (differential absorption lidar), with TDL- 
seeded OPO output switched between on- and off- 
resonance IR wavelengths on alternate shots of the 
pump laser; range-resolved measurements have been 
made of key atmospheric species such as methane 
(CH4) and water vapor (H2O). Figure 4 illustrates 
a proposed extension of the spectroscopic 
tailoring concept, applicable to dual- and multi- 
wavelength remote sensing applications by long-path 
absorption or DIAL. This multiplex system comprises 
a multi-wavelength passive-cavity pulsed OPO, 
injection-seeded by a set of single-mode TDLs and 
a computer-controlled fiber-optic switch to code 
and decode the resulting multiplex spectroscopic 
signals. 

A significant frontier for narrowband pulsed 
OPOs entails extending the spectral output range 
beyond the present readily attainable near-IR limit 
of ~4 wm (as provided by materials such as BBO, 
KTP, LiNbO3, PPLN, and PPKTP). This extension 
yields high-performance tunable coherent spectro- 
scopic sources at longwave-IR wavelengths where 
many of the strongest molecular fundamental IR 
absorption bands are located. OPOs that target the 
longwave IR depend on availability of suitable 
nonlinear-optical materials and coherent pump 
sources at sufficiently long wavelengths (typically 
>2 wm). One of the most promising longwave-IR 
OPO materials is zinc germanium phosphide 
(ZnGeP2), pumped at 2—3 um by solid-state crystal 
lasers such as those based on holmium or erbium. 
An étalon-tuned narrowband (~0.1 cm~!) ZnGeP> 
OPO, itself pumped at 2.55 wm by a broadband 
(~15 cm~') Nd:YAG-pumped LiNbO; OPO, is 
able to cover the wavelength range 3.7-8 pm and 
has been used to record spectra of H2O vapor in 
the 6.2 ym region. Pulsed OPOs based on gallium 
arsenide (GaAs) also have great potential; they can 
be pumped at wavelengths as short as 1 wm and 
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Figure 4 Schematic diagram of a multi-wavelength pulsed OPO system employing spectroscopically tailored injection seeding. 
This design has been proposed by the author for atmospheric remote sensing by DIAL (differential absorption lidar) or long-path 


absorption. 


offer (so far unrealized) tunability out to ~16 wm. 
Despite its cubic structure and lack of birefrin- 
gence, GaAs serves as a QPM nonlinear-optical 
medium in the form of orientation-patterned films. 

Another approach to operating continuously tun- 
able OPOs is to vary the wavelength of the pump 
laser, while fixing other phase-matching parameters 
such as temperature of the gain medium and crystal 
angle or QPM grating pitch. Suitable tunable pump 
laser sources that have been used to pump ns-pulsed 
OPOs include Ti:sapphire and tunable fiber lasers. 

The various wavelength-control strategies outlined 
above illustrate some of the distinctive attributes of 
OPOs. It should be recognized that the signal and 
idler wavelengths of an OPO are distinctly different 
from that of the pump laser itself, thereby opening up 
fresh regions of the electromagnetic spectrum. Even if 
an OPO is injection-seeded (e.g., by a cw TDL) at 
its signal or idler wavelength, it still generates 
complementary idler or signal radiation at a new 
wavelength and (in the case of a pulsed OPO) it also 
pulse-amplifies the original seed light. Moreover, the 
nonlinear-optical parametric relationships between 
the pump, signal, and idler waves in an OPO 
allow various wavelength-control approaches 
(e.g., spectroscopic tailoring by multi-wavelength 
injection seeding) that are simply not attainable in 
tunable lasers. 


Ultrafast-Pulsed OPOs 


Given the relatively high peak power of very short 
(sub-ns) pulses of coherent laser light, it might seem 
quite easy to use such light to pump the gain medium 
of an OPD and to exceed its OPO threshold. 
However, such a task is not at all straightforward, 
because an ultrafast light pulse, on the time-scale of 
picoseconds (ps, 10 '*s) or femtoseconds (fs, 
10's), does not stay in one place long enough to 
enable a coherent parametric wave to build up from 
noise in the nonlinear-optical medium. Light travels 
a distance of only ~0.3 mm in 1 ps, which does not 
allow it to make multiple traversals of the nonlinear- 
optical medium and build up coherent signal and 
idler waves. This problem is overcome by synchro- 
nous pumping (also used in some ultrafast lasers), in 
which a train of many consecutive ultrafast pulses 
from a pump laser interact sequentially with a single 
signal or idler pulse circulating within the OPO 
cavity. The mode-locking interval of the pump laser 
(essentially the round-trip transit time in the laser 
cavity) must therefore equal the round-trip time of 
the down-converted (signal or idler) pulse in the 
OPO cavity. The situation is aggravated when sub-ps 
(e.g., ~100 fs) pump pulses are used, because the 
pump and signal (or idler) waves have sufficiently 
different group velocities that they undergo 
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‘temporal walk-off’, becoming separated in time 
after traversing a relatively short length (typically 
1-10 mm for 100-fs pulses) of the nonlinear-optical 
medium. 

Practical ultrafast OPOs were introduced around 
1990 and their utility grew as improved pump lasers, 
nonlinear-optical materials (e.g., KTP, PPLN), and 
OPO cavity designs became available. Research on 
ps- and fs-OPOs is now a hot topic, and numerous 
broadly tunable commercial systems are on the 
market. Ultrafast OPO-based spectroscopy is becom- 
ing extremely important in applications to biology 
and medicine, where many key processes occur on 
ps- and fs-time-scales. 


Continuous-Wave OPOs 


The first cw OPO, reported in 1968, operated in the 
near-IR and was based on barium sodium niobate 
(Baz2NaNb20O; — known popularly as ‘banana’); it 
was soon followed by visible cw OPOs based on 
LiNbO3. However, there was not much more 
substantial progress on practical cw OPOs for 
another 20 years, until several technological 
advances had been made: low-threshold QPM 
nonlinear-optical gain media, such as MgO:LiNbO3 
and KTP; efficient, wavelength-selective cavity 
designs; all-solid-state cw pump lasers (e.g., diode- 
pumped crystal lasers or MOPA diode systems). More 
recently, QPM media (such as PPLN and PPKTP) 
have provided a further stimulus to efficient, compact 
cw OPOs. 

Most ns-pulsed OPOs use singly resonant 
(SROPO) designs in which the cavity resonates at 
either the signal or idler wavelength (but not both), 
doubly resonant (DROPO) schemes in which both 
signal and idler resonate are often needed to meet the 
more demanding pump threshold requirements of cw 
OPOs. Continuous tuning of a DROPO without 
longitudinal mode hops needs multiparameter 
approaches, either dual-cavity (with separate signal- 
and idler-resonant arms) or concerted tuning of pump 
and signal/idler wavelengths. Efficient cavity designs 
for cw OPOs include those that are pump-enhanced 
(i.e., the cavity is resonant at the pump wavelength as 
well as the signal and/or idler) and intracavity 
arrangements in which the laser and OPO gain 
media share a common cavity. Progress is also being 
made on cw OPOs based on highly nonlinear optical 
fibers. With such developments, cw OPOs now have 
great potential as tunable spectroscopic sources, 
through their narrow optical bandwidth and their 
compactness. 


OPGs and DFGs - Dispensing with 
the Optical Cavity 


Most of this article has focused on OPOs, in which 
parametric processes are generated by pumping a 
nonlinear-optical medium in an optically resonant 
cavity. As already explained, such a cavity is used to 
enhance the optical parametric gain by multipassing 
the signal and/or idler radiation. In some cases, the 
cavity also contributes to wavelength control, tem- 
poral characteristics, beam quality, etc. However, not 
all optical parametric and related devices need a 
cavity, as is evident from the OPG, OPA, and DFG 
schematics in Figures 1a, b, and d. 

The use of one or more OPA stages, to supplement 
the intracavity amplification already present in an 
OPO itself, is widespread in tunable OPO/OPA 
systems. Moreover, in some applications (e.g., spectro- 
scopic measurements where optical power is not at a 
premium) of pulsed OPDs, it is found that a single pass 
ofa (relatively long) nonlinear-optical crystal results in 
a useful OPG (without an OPO cavity). For instance, 
Scott Bisson, Thomas Kulp, Peter Powers and 
co-workers have developed and used several OPD 
systems of this type. A cavity-free OPG/OPA system 
that is pumped by a 1 kHz Nd:YAG laser, based on 
‘fan’ PPLN (tuned by continuous transverse variation 
of the QPM grating pitch), and spectrally filtered by a 
high-finesse étalon, generates ~10 pJ/pulse of idler 
radiation. This OPG/OPA radiation has been used to 
measure narrowband (Av < 0.1 cm ') cavity-ring- 
down spectra of CHy gas. 

Likewise, various tunable DFG devices (closely 
related, but not identical, to OPDs) have been used in 
many spectroscopic applications. For instance, a DFG 
system developed by Frank Tittel and colleagues at 
Rice University took the near-IR output of two room- 
temperature TDLs (at 1.55pm and 1.32 um, 
respectively), mixed them in a BPM nonlinear-optical 
medium such as AgGaSe2, and generated 8.7 um 
mid-IR radiation for long-path absorption studies of 
sulfur dioxide (SO2), an important atmospheric 
pollutant. The same group has also used QPM 
media (e.g., PPLN) for DFG mixing of TDL outputs 
in the 0.8 wm-1.6 pm range, yielding output at 
~3.5 wm to monitor gases such as H,O, CHg4, and 
formaldehyde (H2CO); such DFG devices have been 
used in NASAs Lunar-Mars Life Support Test 
program. 

Relative to OPGs and DFGs, OPOs and OPAs offer 
higher output power and coherence, both of which 
are advantageous in some applications (e.g., remote 
spectroscopic sensing of the atmosphere). Never- 
theless, OPGs and DFGs still have a useful role to 
play, as indicated above. 
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Concluding Remarks - When to Use 
an OPD? 


Coherent light sources based on optical parametric 
generation, amplification, and oscillation represent a 
significant application of nonlinear optics. Such 
devices can in turn address as many applications as 
lasers themselves, at least in principle. However, the 
fact that OPDs need to be pumped by a laser tends to 
limit their use to situations that take advantage of 
their wavelength-conversion and tunability capabili- 
ties. The most obvious areas of application of an 
OPO or any other OPD are therefore those in which 
the wavelength of the output radiation is critical (e.g., 
spectroscopy, as indicated in various parts of the 
above text). 

From time to time, there have been suggestions that 
OPOs would largely displace established tunable 
lasers such as dye and Ti:sapphire lasers. In the early 
1990s, one major laser manufacturer ventured to 
advertise its new OPO-based instrument with the 
slogan, “Goodbye to Ti: and Dye”. However, such a 
projected monopoly for OPOs has not eventuated 
and most laser spectroscopy facilities now depend 
upon a balanced combination of OPOs together with 
various forms of tunable laser (including semicon- 
ductor lasers, which are almost ubiquitous). 


See also 
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Introduction 


A continuous-wave optical parametric oscillator 
(cwOPO) is a frequency conversion device in which 
a continuous-wave (cw) laser field (pump) of fre- 
quency «, is partially converted into two cw waves of 


lower frequencies w,, @; (historically denoted by 
signal and idler) inside an optical cavity. The three 
frequencies are related by w + w, = w,. The cavity 
contains a nonlinear medium with a second-order 
susceptibility and the mirror reflectivities are chosen 
such that at least one of signal and idler resonates in 
the cavity. The conversion efficiency from pump 
power to signal or idler power or both can be larger 
than 10%. The frequencies of signal and idler waves 
can be tuned by means similar to conventional lasers, 
i.e., by changing the spectral dependence of the cavity 
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loss and by tuning the cavity length. Additional 
tuning parameters specific to OPOs are the pump 
frequency and the refractive indices of the nonlinear 
medium for pump, signal and idler. CwOPOs provide 
a unique combination of features that makes them 
suitable sources for a variety of spectroscopic 
applications. Today’s cwOPOs can exhibit the 
following features: 


e spectral coverage from the near-infrared (0.7 1m) 
to the mid-infrared (5.2 um); for a single device 
two optical octaves can be covered without change 
of optical components; 

e high output power (up to several W); 

e high pump power conversion efficiency (>30%) 
and good wall-plug efficiency; 

e nearly diffraction-limited output beams (modes are 
close to lowest-order transverse electromagnetic 
(TEMoo) modes) 

e single-frequency output, absence of frequency 
jumps (mode hops); 

e narrow free-running linewidth (<6 kHz); 

e high absolute frequency stability (<100 MHz drift 
per hour); 

e continuous frequency tuning exceeding 10 GHz; 

e rapid, stepwise tuning over several THz; and 

e transportability. 


cwOPOs complement their pulsed relatives (see 
Optical Parametric Devices: Optical Parametric 
Oscillators (Pulsed)) nanosecond and synchronously 
pumped pulsed parametric oscillators (see Optical 
Parametric Devices: Overview). 


Basic Principle 


The operation of a cwOPO is most simply described 
for a singly resonant OPO (SRO) (see Figure 1 and 
Figure 2a). 

Without loss of generality we take the signal wave 
to be the resonant wave. When a higher-frequency 
pump wave (power P,,, angular frequency w,) and a 
lower-frequency (signal) wave (power P,, angular 
frequency «,) traverse a ¥”) medium (see Fiber and 
Guided Wave Optics: Nonlinear Optics), a transfer of 
power from the pump wave to the signal wave occurs, 
described by a power gain: 


AP, = GP, = EP,P, [1] 


P 


This parametric amplification expression is valid as 
long as AP, < P,, P,, i.e., in the limit of small gain 
and small pump depletion. The (unsaturated) gain 
coefficient E is a function of: the medium’s indices of 
refraction, orientation and length L, the frequencies 
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Figure 1 Schematic of a singly resonant cwOPO (SRO) in ring 
configuration. The signal wave (,) is resonated, the idler wave 
(@;) is not. In the nonlinear crystal, the pump wave overlaps with 
the signal and idler waves; here they are shown displaced with 
respect to each other for clarity. The signal wave’s attenuation 
coefficient per roundtrip, S,, is the sum of loss inside the nonlinear 
crystal, V, (indicated by arrows), and transmission through 
mirrors, here represented by a single mirror of transmission T,. 
Scatter and absorption losses at mirrors (indicated by arrows) are 
included in Vg. 
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Figure 2 Common types of cwOPOs. (a) basic SRO. (b) Doubly 
resonant OPO (DRO). Standing-wave cavities are shown. (c) 
SRO with enhancement of the pump wave (PR-SRO); a common- 
cavity configuration is shown. 


@;,@p, and the spatial modes and overlap of the 
two beams. 

If the wave w, is made to circulate inside a cavity 
and the power attenuation per roundtrip, S,P, is 
smaller than the power gain per roundtrip (eqn [1]), a 
sustained oscillation is possible. This is satisfied when 
the input pump power P,, exceeds the threshold: 

pth 


p.in 


= SJE [2] 


As the pump power P, is increased above Pa 


conversion of pump power to idler power occurs, 
implying that the pump power decreases within the 
medium. Qualitatively, the average pump power (P,) 


1/27/2018 Basic Electronics 1A 


all. The technical term for this is the diode is reverse biased. It will not allow any 
current to flow. Thus the needle will not move. 

When the diode is connected around the other way, the needle will swing to the 
right (move up scale) to about 80% of the scale. This position represents the 
voltage drop across the junction of the diode and is NOT a resistance value. If you 
change the resistance range, the needle will move to a slightly different position 
due to the resistances inside the meter. The technical term for this is the diode is 
forward biased. This indicates the diode is not faulty. 

The needle will swing to a slightly different position for a "normal diode" compared 
to a Schottky diode. This is due to the different junction voltage drops. 

However we are only testing the diode at very low voltage and it may break-down 
when fitted to a circuit due to a higher voltage being present or due to a high 
current flowing. 


2. The leads of an Analogue Multimeter have the positive of the battery 
connected to the black probe and the readings of a "good diode" are shown in the 
following two diagrams: 





The diode is REVERSE BIASED in the 
diagram above and diodes not conduct. 


Here is the equivalent citcuit: 





The diode is FORWARD BIASED in the 
diagram above and it conducts 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page7.html 
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along the medium remains at the level cae so that 
the roundtrip fractional power gain remains constant, 
G = EP,) = BPe =~ §,. This ensures that the device 
reaches a stationary state. The circulating signal 
power P, increases steadily with increasing pump 
power, and so does the signal power emitted from the 
OPO, T,P;, which is equal to the ‘useable’ fraction of 
the roundtrip power gain, (T,/S,)GP,. 

The parametric process that allows the signal wave 
to experience gain (eqn [1]), also generates an idler 
wave (difference frequency generation). Its power at 
the end of the medium is given by the Manley-Rowe 
relation: 





Pi = ap, [3] 
Ws 
An OPO also requires a process that starts the 
oscillation. Spontaneous parametric fluorescence 
provides this trigger. Due to this quantum effect, a 
pump wave traversing a Y” medium will generate a 
flux of signal photons even if there is no signal wave 
present at the crystal input face. In the photon 
picture, a tiny fraction (on the order 10° for a 1 W 
pump) of the pump photons spontaneously annihi- 
late, creating pairs of signal and idler photons 
(photon splitting). The idler photons have a frequency 
» ~ @;, So that photon energy conservation 
holds. The process may be thought of as being 
stimulated by the vacuum fluctuations of the electro- 
magnetic field at the signal and idler frequencies. 
Some of the signal photons are emitted into the cavity 
mode, so that after a roundtrip they can serve as a 
seed for further (stimulated) photon splitting. The 
process repeats, and the signal wave builds up 
exponentially in time to a macroscopic level if the 
pump power is above threshold. The spontaneous (as 
well as the parametric amplification) process is 
strongest when momentum conservation is essentially 
fulfilled, k, = k, + ki, where k = wn(a)/c. 
In the photon picture, the relation (eqn [3]) is a 
statement that signal and idler photons are always 
created in pairs. 


w, = Ww 


Types of OPOs 


OPO types may be classified according to the number 
of waves that resonate within cavities. Typically, a 
realizable roundtrip loss coefficient is on the order of 
S;=1% (to which the linear absorption of the 
nonlinear crystal and mirror transmissivities contrib- 
ute) and the gain coefficient E ~ 0.1%/W-1%/W for 
Gaussian waves, depending on the pump wavelength, 
crystal type, etc. This leads to SRO threshold powers 
on the order of 1 to 10 W. Until the early 1990s, 
solid-state pump lasers of this power level and 


single-frequency output were unavailable. This led 
to the interest in and development of cwOPOs in 
which more than one of the three waves is resonated 
(Figure 2). The corresponding external threshold 
powers are 


Pe = §,S,/4E for a doubly-resonant OPO 
(DRO, Figure 2b) 

Pee = S,S,/E for a pump-resonant SRO 
(PR-SRO, Figure 2c, see eqn [35]) 

aan = S,S,S,/E for a triply-resonant OPO (TRO) 


[4] 


Here S = T + V is the fractional power attenuation 
per roundtrip, arising from the mirror transmission T 
and absorption/scatter loss V. While the mirror 
transmission maintains power in a given spatial 
mode, the loss V removes optical power completely 
and is the fundamental cause for the nonunity 
efficiency of the frequency conversion process. 
Typically, each additional resonant enhancement 
lowers the threshold power by one to two orders. 

Examples for threshold values reported in the 
literature are: 1.9W for a 920nm-pumped SRO, 
4 mW fora 0.5 pm-pumped DRO, and 140 mW fora 
1 pm-pumped common-cavity PR-SRO. DROs can 
therefore be pumped even by low-power diode lasers. 
TROs (where pump, signal, and idler are resonated) 
are not of importance due to their higher complexity. 


Output Power 


As an example, the signal and idler output powers for 
a PR-SRO that resonates the signal are (for a 
derivation, see Appendix B): 

Psat = T;P,(0), Eicut = (w,/@,)S,P,(0) [5] 


where the circulating signal power is 








Py) = “s 2 ph | [Pin _ 4 [6] 
Wp SsSp Pia 
T, is the input mirror transmission for the pump 


wave, and T, is the output mirror transmission of the 
signal wave. Signal and idler output powers have the 
same dependence on pump input power and increase 
monotonically with Pin. The conversion efficiencies 
reach a maximum four times above threshold, i.e., 
when P, in = aPO There, the signal and idler photon 
(quantum) conversion efficiencies @,P, our/Ppin@; and 
WpPi our! Pp in@ exceed 25% and 50%, respectively, if 
the mirror transmissions T,, T, for pump and signal 
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are chosen larger than the respective loss V,, V,. This 
can be achieved in practice, of course, at the expense 
of a higher threshold. 


Nonlinear Materials 


While the fundamental developments in cwOPOs 
were performed using birefringently phase-matched 
nonlinear crystals (MgO:LiNbO3, LBO, KTP, 
KNbOs) (see Materials for Nonlinear Optics: Liquid 
Crystals for NLO), and substantial spectral coverage 
is possible with these crystals, most cwOPOs are now 
operated with quasi-phase-matched (QPM) nonlinear 
crystals (see Nonlinear Optics, Application: Phase 
Matching). The most commonly used material is 
periodically poled (PP) LiNbO3 (PPLN), other 
crystals used are PPKTP and PPLiTaOs, crystals. 
Their use has led to a substantial widening of the 
spectral coverage, opening in particular the wave- 
length range A > 1.6 wm, a reduction of the required 
pump powers thanks to their much higher nonlinea- 
rities compared to birefringently phase-matched 
crystals, and a simplification of (gross) tuning 
through the use of multigrating structures (containing 
several sections of differing A periods side by side 
within the same crystal). The above PP crystals 
exhibit a loss of 0.1%/cm at wavelength around 
1 wm, and can be coated with broadband dielectric 
antireflection coatings, in order to maximize the 
overall transmission. Another important aspect is 
that the crystals withstand long irradiation times with 
high-power focused cw light. For PPLN, operation 
temperature above 100°C is chosen in order to 
prevent photorefractive effects. 


Spectral Coverage 


An example of particularly wide spectral coverage 
reported in the literature is a cwOPO pumped by a 
frequency-doubled Nd:YVO,4 laser (A, = 532 nm) 
using a multigrating PPLN crystal. With grating 
periods A = 6.5-9.6 wm, the range 660-1030 nm 
(signal wave) and 1100-2800 nm (idler wave) was 
covered. A cwOPO with a Nd:YAG pump source 
emitting at the fundamental wavelength (A, = 1064 
nm) and a multigrating PPLN crystal (A = 25.5- 
31.2 um) achieved a range of 1.45-1.99 wm (signal) 
and 2.3-—4.0 wm (idler). 

For idler wavelengths beyond 4 wm, idler absorp- 
tion by the crystals types above becomes relevant, 
leading to a reduction in the gain G (this effect is not 
considered in the treatment given in the Appendix) 
and to an increase of the threshold. To a certain 
extent, this can be compensated with powerful 
cw pump lasers. For example, a 1064 nm pumped 


PPLN-SRO achieved idler emission in the range 
3.6—4.7 ym at 11 W pump power. Also, an 850 nm 
pumped PR-SRO covered an idler range 4.3-5.3 wm 
when pumped with 750 mW. 

In the future, cwOPOs will certainly profit from 
the development of novel QPM materials with wider 
IR transparency range. 


Frequency Control 


The small-signal gain G(@,) of a parametric inter- 
action in a cwOPO is analogous to the homogenously 
broadened gain in a laser medium. In contrast to it, 
however, spatial hole-burning cannot occur. There- 
fore, mode competition is generally strong in a 
cwOPO, which will oscillate on a single longitudinal 
mode: the one for which the difference (or ratio) 
between ‘unsaturated’ parametric gain G and total 
loss S is largest (Figure 3). This is equivalent to the 
condition of minimum threshold. 

The functions G(@,) and S(w,) are therefore 
important characteristics of a cwOPO. Oscillation 
can only occur for a frequency «, that is very close to 
a cavity mode frequency w, = 27qc/OPL(w,), where 
q is the integer mode number, and OPL(a,) is the 
round-trip optical path length at the frequency @,. 

To tune a cwOPO to a particular signal/idler 
frequency pair, a coarse tuning is initially performed 


Etalon tuning 
Etalon FSR 


<< G(@) 


Frequency of resonant wave 


Cavity loss S(a@) 





Temperature or pump 


Cavity modes Og frequency change 














Cavity length change 


Figure 3 Frequency selection and tuning in a SRO (or PR-SRO) 
containing an etalon. Oscillation occurs on the signal cavity mode 
(circled) closest to the frequency where the difference between 
the small-signal gain G and the loss Sis largest (dashed line). The 
frequency of this mode or the mode number gq can be changed by 
changing the parameters indicated near the thick double arrows. 
The parameter changes shift the line(s) ‘attached’ to the 
corresponding double arrow. Changing the temperature leads to 
a rough setting of the oscillation frequency. Tilting the etalon 
allows mode-hop tuning of signal and idler frequencies. Fine 
tuning by a small amount can be done by changing the cavity 
length. The frequency of the idler is not shown here; it is always 
given by the difference between pump frequency and the 
frequency of the oscillating mode. Thus, tuning of the pump 
frequency generally leads to a tuning of the idler frequency. For 
modest pump tuning the amount of signal tuning however 
depends on SRO type: no signal tuning in a basic SRO and ina 
dual-cavity PR-SRO, while in a common-cavity PR-SRO pump 
and signal frequencies are correlated and thus pump tuning leads 
to signal tuning. FSR: free spectral range. 
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by tuning the corresponding phase mismatch ARL 
(L is the crystal length) approximately to zero. 
Taking into account a modulation of the nonlinear 
susceptibility of the crystal with period A, the quantity 
Ak =k, —k, —k, + 2a/A describes the deviation 
from momentum conservation in the photon splitting 
process. When using a multigrating QPM crystal, the 
first tuning consists in the selection of a grating of 
appropriate period A, which is moved into the pump 
wavepath. This is followed by tuning the photon 
momenta via the refractive indices of the nonlinear 
medium, which is usually accomplished by tempera- 
ture tuning, or alternatively by angle-tuning of the 
crystal. These steps place the maximum of G(a,) to 
the vicinity of the desired frequency. Options for 
tuning the emission exactly to the desired frequency 
are described below for the different OPO types. 

Because external perturbations change parameters 
that enter in G(@,), S(@,), and w,, the value of the 
oscillating frequency will also change in time. 
The change will be continuous over a certain range 
of the parameters, but if their perturbation is large 
enough, a mode hop can occur: the oscillation on 
the initial mode g will eventually cease and another 
mode q', for which G(w,) — S(wy) is larger, will 
oscillate instead. A variety of parameters is affected by 
perturbations: pump power, pump beam direction, 
cavity length, crystal temperature, and pump 
frequency. 

When such perturbations are applied on intention- 
ally, the OPO output frequencies can be tuned, 
scanned, or adjusted. The tolerable change in the 
various parameters before a mode-hop occurs, and 
the sensitivity of the output frequencies to changes in 
the parameters depends on the particular cwOPO 
type. One important approach to suppress mode- 
hops consists in adding elements into the cavity, such 
as an etalon, that modify the function S(@), typically 
by modulating it spectrally. 


SRO 


In the following, we assume that the signal wave is 
resonated. The SRO is the simplest cwOPO type. The 
oscillation nominally occurs at the cavity frequency 
that is closest to the gain maximum, as described 
above. In practice, environmental disturbances will 
cause mode-hops on a time-scale of minutes. For this 
reason, an etalon is added to the cavity. Mode-hop- 
free oscillation, for several hours, is then achieved. 
Typical nonlinear crystals exhibit parametric gain 
with spectral widths of hundreds of GHz. In contrast, 
the cavity mode spacing (free spectral range, FSR) 
c/OPL is on the order of 1 GHz. The tuning range 
achievable by a cavity length change (using, e.g., a 


piezo translator) is therefore, at most, one free 
spectral range (equal but opposite for signal and 
idler); then a mode-hop to the neighboring cavity 
mode occurs, with a signal/idler frequency jump by 
one FSR in the opposite direction to the previous 
tuning. This process repeats itself as the cavity length 
is tuned further. It is, therefore, not possible to easily 
and reliably access a large frequency range by using 
the cavity length as tuning parameter. 

As shown in Figure 3, if an etalon of linewidth 
smaller than the gain bandwidth is added to the 
cavity, it becomes the dominant influence (etalon 
FSRs on the order of one hundred to a few hundred 
GHz have been used). This means that shifting the 
etalon’s transmission maximum (i.e., the cavity loss S) 
in frequency space (by tilting a solid etalon or 
changing the spacing of an air-spaced etalon) as 
indicated by the double-headed arrows in Figure 3, 
forces the signal to mode-hop to an adjacent mode, 
with a corresponding idler frequency hop in the 
opposite direction. As the etalon is tuned further this 
occurs repeatedly. This discontinuous ‘mode-hop 
tuning’ is useful for tuning the SRO output frequen- 
cies over a significant range (e.g., 100 GHz) and 
allows to reach a desired frequency within one cavity 
free spectral range. 

Continuous tuning of both signal and idler waves is 
obtainable, if the pump laser is not frequency tunable, 
by changing the cavity length and synchronously 
tuning the etalon. This can be achieved by a feedback 
or feedforward system that controls the etalon angle 
or spacing. Up to 38 GHz tuning for signal and idler 
were achieved in this way. 

When a tunable pump is available, one can tune the 
pump frequency while keeping the cavity length and 
the etalon angle fixed. This keeps the signal cavity 
mode fixed, and thus the nonresonant wave’s 
frequency (usually the idler) is tuned by an amount 
equal to the pump frequency change. Continuous 
tuning ranges exceeding 50 GHz have been obtained 
in this way. For such pump tuning ranges, the shift of 
the gain curve, indicated by a double-arrow in 
Figure 3, is usually sufficiently small that it can be 
neglected. The use of a widely tuneable pump laser is 
also possible. A (discontinuous) idler tuning of 9 THz 
around 3.3 ym has been demonstrated, covered in 
just 0.3 ms thanks to a large pump tuning rate. In 
such a case of large pump tuning range, the gain shift 
is important, causing a significant tuning also of 
the signal. 

The advantages of the basic SRO as compared to 
other cwOPOs are mainly the simpler tuning beha- 
vior, the possibility of continuous tuning without 
necessitating a tunable pump laser, and the possibility 
to achieve a very wide tuning range without optics 
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change, since only the spectral range covered by one 
of the two parametric waves must be provided as a 
high reflectivity coating on the cavity mirrors. More- 
over, in the simplest implementation, it is possible to 
operate without any electronic servo control of cavity 
elements, at the expense of a reduced power and 
frequency stability. In terms of spectral properties 
(linewidth, frequency stability, time between unde- 
sired mode-hops) the SRO does not offer particular 
advantages compared to other cwOPO types, even if 
actively stabilized (see below). The disadvantage of 
the basic SROs based on Gaussian modes is the 
high threshold, necessitating expensive high-power 
(several W) cw lasers. This disadvantage is likely to 
disappear with progress in laser development. The 
alternative of waveguide SROs is mentioned below. 


PR-SRO 


In a PR-SRO, the pump wave is also resonated, 
leading to a substantial reduction of threshold. For 
example, it is possible to generate mid-IR radiation 
(3 um range), even with much more affordable 
1 W-level Nd:YAG pump lasers. 

One implementation is the common-cavity PR- 
SRO (Figure 4). The cavity length is either locked to 
the pump laser frequency or vice-versa. If a 
frequency-stable pump laser is used, the first solution 
is favorable, since then both signal and idler waves 
have a stability comparable to that of the pump laser. 
With an etalon (coated so as to be transparent for the 
pump wave) inside the cavity, mode-hop-free oper- 
ation for several hours has been demonstrated. 


Reflected 
unconverted 
pump wave 







Nonlinear 
Mirror 
transmits 






coupling i,out 
mirror 


Figure 4 Schematic of a pump-resonant SRO with a common 
cavity for pump and signal waves. The inset shows the pump 
wave fields incident on and leaving the input coupling mirror. The 
arrow symbolizes pump wave loss during the round trip. 


Mode-hop tuning in a PR-SRO with cavity-to-laser 
lock can be achieved: 


(i) by tuning the etalon at constant pump frequency: 
the signal mode-hops from mode to mode, the 
idler tunes equally but in opposite direction; 

(ii) by tuning the pump frequency at constant etalon 
position: the cavity length must follow and 
therefore the signal tunes by Aw, = (@,/@,)Aw,, 
while the idler frequency tunes by Aw; = (@/@,) 
Aw,. This continues until the signal must mode- 
hop back, causing an equal but opposite fre- 
quency jump in the idler. The pump tuning is thus 
completely transferred to the idler. 


Continuous signal and idler tuning is performed by 
tuning the pump frequency and synchronously 
adjusting the etalon angle. Thus, a limitation of the 
common-cavity PR-SRO concept is that continuous 
tunability necessitates a tunable pump laser. 

In a dual-cavity, PR-SRO pump and signal waves 
resonate in separate cavities. The pump cavity is 
usually stabilized to the pump frequency and an 
etalon is placed into the signal cavity for better 
stability against mode-hops. This configuration com- 
bines the tuning simplicity of a basic SRO with a low- 
threshold power. For example, a threshold for a 
1 ~m-pumped PPLN dual-cavity PR-SRO at the 
0.4 W level was obtained. 

Mode-hop tuning (in opposite directions) of the 
frequencies of both parametric waves in steps of the 
cavity’s FSR can be performed by changing the etalon 
angle (Figure 3). A range exceeding 50 GHz (at 
constant output power) has been achieved. Continu- 
ous signal and idler wave tuning (by equal but 
opposite amounts) is possible by changing the signal 
cavity length (Figure 3). However, the range is limited 
to the FSR of the cavity, typically on the order of 
500 MHz, then the frequencies mode-hop back. It is 
expected that wider continuous tuning should be 
possible by synchronous etalon and cavity length 
scan. If a tuneable pump laser is employed, continu- 
ous tuning of only the idler frequency is possible by 
keeping the etalon and signal wave cavity length 
fixed; the pump tuning range is fully transferred to 


the idler. 


DRO 


In contrast to an SRO, this device type requires both 
parametrically generated waves to be resonant in the 
cavity. Here we consider only DROs with a common 
cavity for both signal and idler waves (dual-cavity 
DROs have also been demonstrated). 
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Because of the added resonance condition, mode- 
hops of the oscillating mode pair occur already upon 
a very small change (~1 nm) in the cavity length. 
Under normal environmental conditions such 
changes are unavoidable and therefore a ‘free- 
running’ DRO does not produce frequency-stable 
output. However, by active control of one additional 
parameter of the OPO system the mode-hops can be 
effectively suppressed. A practical solution is to 
actively control the length of the cavity via the 
position a of one of the cavity mirrors so that a 
particular mode pair, q,, g;, continues to oscillate; this 
is achieved by maximizing the OPO output power or 
by minimizing the detuning of one of the two 
resonant waves from its respective cavity mode 
frequency. This control system ensures that energy 
conservation and the two resonance conditions are 
simultaneously satisfied: 


W, + Wi = Wp 


w, = 27cq,/OPL(d, o,, T) [7] 
w; = 21cg;/OPL(d, @;, T) 


Experimentally, mode-hop-free oscillation exceeding 
10 h was achieved by such active stabilization. 

Another system parameter may then be used to 
tune both signal and idler frequencies. The tuning 
coefficient for the crystal temperature T is small, 
but tuning the pump frequency is an efficient 
way. The tuning coefficient is approximately 
Aw, = (@,/w,)Aw,, and accordingly for aj. 

Continuous tuning of signal and idler frequencies 
over 10 GHz by pump tuning was achieved. This 
range was limited by the available continuous tuning 
range of the pump laser. Mode-hop tuning can be 
induced by mechanical perturbations: by tapping on 
the DRO cavity, mode-hop tuning over 220 GHz has 
been demonstrated. 


Linewidth and Frequency Stability 


For high-resolution spectroscopy a narrow linewidth 
for signal or idler is desirable. One contribution to the 
linewidth of a cwOPO arises from the unavoidable 
spontaneous parametric fluorescence, similar to the 
Schawlow—Townes limit in lasers due to spontaneous 
emission. This contribution is negligible if the OPO 
operates at power levels of practical interest. Thus, 
other sources of classical noise dominate the line- 
width of cwOPOs. As discussed above, the frequency 
of cwOPOs depends (on a fine scale) on pump 
frequency and cavity optical path length. Both 
parameters fluctuate: the pump laser has a finite 
linewidth as well as frequency jitter, and the cavity 


optical path length fluctuates due to acoustic noise 
affecting the mirror positions, to air pressure fluctu- 
ations, temperature fluctuations of the crystal and of 
the cavity structure. 

With careful construction and shielding, many of 
these noise sources can be minimized. Furthermore, it 
is highly favorable to use pump lasers of narrow 
linewidth and high intrinsic frequency stability (e.g., 
diode-pumped monolithic solid-state lasers), or 
actively frequency-stabilized lasers. Note that this 
special requirement on the pump source does not 
exist for lasers. 

In an SRO, the linewidth and frequency stability of 
the signal are mostly determined by the stability 
properties of the cavity. The idler spectral properties 
then follow entirely from the signal and pump 
spectral properties through w; = @, — @,. Since the 
idler is usually the wave of interest, this implies that 
the SRO cavity and the pump laser must both have a 
stability appropriate to the spectroscopic application. 

If the SRO cavity is not sufficiently stable 
(e.g., because of insufficient temperature stability of 
the oven containing the nonlinear crystal), the 
frequency fluctuation/drift of the signal and idler 
can be substantial, tens to hundreds of MHz within 
minutes being typical. 

To avoid mode-hops also on long time-scales, the 
cavity length (or the etalon angle) can be actively 
stabilized so as to maximize the idler’s output power. 
This ensures that the cavity mode position and the 
frequency of maximum difference between gain and 
loss are kept equal. 

If a frequency-stable pump wave is used, it is 
possible to transfer these characteristics by stabilizing 
the SRO cavity length to the pump wave frequency. In 
an SRO without resonant pump one can make use of 
the residual reflection of the pump wave by the cavity 
mirrors that leads to interference with the pump wave 
reflected from the pump input mirror. This was 
implemented in a SRO pumped by a high-power 
diode-pumped internally doubled Nd:YVOy, laser 
(532 nm) of high intrinsic frequency stability. Signal 
and idler drifts of less than 50 MHz/h were achieved. 
At the same time, a very small 20 kHz linewidth of 
the (resonant) signal radiation was obtained. Similar 
levels were obtained for a PR-SRO with a common 
cavity for pump and signal wave. 

In a PR-SRO with dual-cavity configuration, the 
same requirements of minimization of disturbances to 
the parametric wave’s cavity arise as in a basic SRO. 
Using a highly frequency-stable kHz linewidth 
monolithic pump laser, together with the above- 
mentioned idler power maximization control, fre- 
quency drift values for both parametric waves at the 
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level of 30 MHz/h were obtained and a short-term 
linewidth below 6 kHz. 

In a single-cavity DRO, the linewidth and fre- 
quency stability of the parametric waves are essen- 
tially determined by the pump wave properties (see 
discussion in the section on DRO above). Here, too, 
the use of narrow-linewidth, high-frequency-stability 
pump lasers has led to excellent signal/idler charac- 
teristics. For example, less than 40 kHz linewidth and 
<40 MHz per hour drift were obtained with a DRO 
pumped by an externally doubled monolithic 
Nd:YAG laser of 10 kHz linewidth. 

If further narrowing of linewidth or reduction of 
frequency drift is desired, the OPO output frequen- 
cies can be stabilized to a stable cavity, atomic, or 
molecular transition. Locking to a cavity has been 
demonstrated for a DRO. 


Applications 


CwOPOs are most interesting as sources of radiation 
in the IR range beyond 2 um, especially in the 3- 
5 wm range, where vibrational transitions of many 
molecules occur. In comparison to other sources of 
coherent radiation (color center laser, quantum 
cascade laser, lead-salt diode laser, CO overtone 
laser, difference frequency generation), cwOPOs 
provide a unique combination of desirable features. 

A simple application of cwOPOs would be as 
a source providing a power level/output wave- 
length/mode quality combination not available from 
other sources. Possible applications are vibrational 
spectroscopy in the condensed phase, where a narrow 
linewidth is not required. The excellent beam quality 
provides a high spatial resolution. 

Concerning high-resolution spectroscopy (mostly 
in the gas phase), methods demonstrated in conjunc- 
tion with cwOPOs include: 


Absorption spectroscopy; 

Doppler-free saturation spectroscopy; 
Photo-acoustic spectroscopy (PAS); 
Hole-burning spectroscopy; 

Coherent atomic spectroscopy; 

Cw cavity ring down spectroscopy (cw-CRDS). 


Trace gas detection using PAS or cw-CRDS is a 
particular application where cwOPOs have reached 
excellent sensitivity (minimum detectable concen- 
trations as low as 1 part in 10''). The high output 
power and/or the narrow linewidth are specific 
features that make such sensitivity possible. 


Quantum-Optical Properties 


The pairwise production of signal and idler photons is 
at the heart of the parametric process. This perfect 


quantum correlation is to a certain extent also 
maintained in the output waves of a cwOPO. In 
particular, the intensity fluctuations of signal and 
idler waves emitted by a DRO are strongly (albeit 
never perfectly) quantum correlated if their output 
coupler transmissions significantly exceed their 
respective roundtrip losses. For these ‘twin beams’ 
the spectral density of the fluctuations of their power 
difference can be less than the spectral density of the 
fluctuations of the power of an individual wave 
(squeezing). Making use of this correlation permits to 
increase the obtainable sensitivity in spectroscopic 
measurements for a given power level of the wave 
interacting with the sample. 


Device Development Trends 


CwOPOs using solid-state pump lasers have become 
commercially available. In the near future, some 
likely developments will be miniaturization and 
optimization in order to reduce the influence of 
perturbations, further extension of continuous and 
mode-hop tuning ranges and the wider use of diode 
lasers as pump lasers, leading to cost reduction. 
To access a larger range of molecules in spectroscopy, 
extension of the emission range well beyond 5 ym is 
also of significant interest. Novel nonlinear materials 
and pump lasers of wavelength longer than the often 
employed Nd:YAG lasers will become of importance 
in this development. 

Two specific lines of development complementary 
to the bulk cwOPOs described above are waveguide 
and intracavity cwOPOs (ICSRO). If pump, signal and 
idler waves are confined in a waveguide (see Photonic 
Crystals: Photonic Crystal Lasers, Cavities and Wave- 
guides) the parametric gain coefficient is a few orders 
higher than for free-space Gaussian waves, due to the 
small mode cross-section and the scaling with the 
square of the crystal length, compared with the linear 
scaling in case of Gaussian beams (see eqn [36]). 
Values are on the order of E ~ 1/W at A, = 1.5 pm 
leading to low thresholds even for SROs, with pump 
lasers of comparatively long wavelength. For example, 
in a SRO consisting of a 9 cm long titanium:PPLN 
waveguide, a threshold below 300 mW for a 1.5 wm 
pump was achieved. The idler emission range was 
3.1-3.4 wm. The potential for mass production and, 
therefore, cost minimization is clear. 

An ICSRO consists of an SRO internal to the cavity 
of a cw laser, where the high circulating laser power is 
taken advantage of for pumping. An ICSRO is thus 
similar to a PR-SRO but there is no need to 
implement a control system for the frequency lock 
between pump laser and pump cavity nor to 
mode-match the pump wave to the SRO cavity mode. 
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Appendix A 
Three-Wave Mixing in a x?) Medium 
with Focused Waves 


The wave equation in a nonlinear medium reads 


2 2 


3 a 5 
AE — Lob, ve Dy = Mob, =z PN [8] 





at? 


The displacement field Dy is related to the electric 
field E by linear response. Px; is the nonlinear 
polarization. We deal with nonmagnetic media (yu, = 
1) and choose the principal axis system as coordinate 
system. The Fourier transform of, for example, the 
x-component of the wave equation then reads: 


AE,.(@, 7) + [pW €9&,(W)E,.(@, F) 
= — po Pry x(w,?) [9] 


In the following, we take into account only second- 
order nonlinear effects, so the nonlinear polarization 
reduces to Py; = P®. The fields to be considered are 
monochromatic, propagate in the z-direction and are 
linearly polarized along x. The notation can then be 
simplified to: 

E,(0,7) = Ee", Pyix(@,7) = PO(F) [10] 
with the wavevector k = wn(w)/c and the refractive 
index for the polarization under consideration 72, = 
n(w)* = E,(w). The electric field is obtained as 
E(t,7) = 4Re(E(7 ex, 

Since the parametric gains are small in cw 
conversion, the derivative of the envelope E(7) 
changes only little over a propagation distance on 
the order of a wavelength 27a/k. Inserting eqn [9] 
into eqns [6] and [8] and neglecting the term 
~ d*E(7)/dz*, yields the paraxial or slowly varying 
envelope wave equation: 


a2 | a2 
ax? | ay? 


The electric field envelope can be expanded in a 
complete set of Gaussian TEM,,,,, — mode functions 


Winn? 





0 = 6 
+ 2ik + Ye) = gor PO He. 


[11] 


y Amn(@)Yinn(F) [12] 


E(¥) = |— 
mn=0 


These mode functions are defined to satisfy the 
paraxial wave equation in absence of nonlinearity 
(vanishing right-hand side in eqn [11]) and the 


orthonormality properties 


+00 
A particular mode function set is characterized by 
position (along z) and size of the waist, which can be 
chosen arbitrarily. The functions A,,,,(z) are slowly 
varying amplitude functions. The power in a particu- 
lar mode can be calculated from: 


OA inn 2)I? 


14 
Diss [14] 


Pile) = 


where c is the speed of light im vacuo. Inserting 
eqn [12] into eqn [11], multiplication with y,,,,,(7), 
and integration over x, y yields: 





Be , Hoc se [ee ae POP) ry (F)dx dy 


[15] 


If all electric fields are linearly polarized, the Fourier 
amplitudes of the nonlinear polarization can be 
written as: 


POF) = 2epd (Eu, (PEs (7) 


PO (F) = 2ed@)Ew, FE, (F) [16] 


PO? (?) = end (2)E, (7)E,,(7) 


where d is the tensor element appropriate to the 
particular combination of linear polarizations of the 
three waves. (In eqn [16], w+ @, = @,.) 

The mode amplitude equations for the three 
interacting waves follow from eqns [10], [15], and 
[16] as 





E(F)E(F) | 4° 


x1 EEG) bu et? 117] 


E,(7)Es(7)" 


The quantity AkR=k,—k,—k;j is the wavevector 
mismatch. Here, the envelope of each wave has an 
expansion of the form in eqn [12] with its respective 
(independent) set of mode functions. 
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Appendix B 


Steady-State Description 
of the cwOPO 


The general eqns [17] are applicable to any type of 
cwOPO. Below and at threshold at least two of the 
three waves have given modes, i.e., the corresponding 
function E(7) is known up to a slowly z-dependent 
amplitude: the resonant parametric wave has a mode 
defined by the cavity geometry and mirrors, while the 
pump wave mode is defined by the used focusing 
optics. This knowledge allows to obtain an analytic 
expression for the threshold of any OPO type and for 
an arbitrary cavity. 
Above threshold two cases can be distinguished: 


(i) in a basic SRO the pump mode itself becomes a 
function of pump power, due to its depletion by 
signal and idler wave, and only a numerical 
solution can be given; and 

(ii) if two or more waves resonate in one or more 
cavities (DRO, PR-SRO, TRO), an analytic 
solution is possible even above threshold. 


In the following, the PR-SRO is treated. Figure 4 
shows a schematic of a common cavity PR-SRO and 
the notation; the treatment below also holds for the 
dual cavity PR-SRO. Without loss of generality, the 
signal wave is taken to be the signal. For the sake of 
simplicity, below a further assumption about the 
spatial mode of the idler will be made. 

The pump and signal waves are given by TEMgo 
modes of the cavity (or cavities): 


E9(#) = | Agop(2)oop(?) 
Pp 


E,(7) = 2 Aoos(@roo(?) 


In the case of a common-cavity PR-SRO, pump and 
signal resonate in the same cavity and therefore their 
modes have the same waist position and Rayleigh 
ranges Zp = kw*/2, (w is the waist). In the case of a 
dual-cavity PR-SRO the modes are in principle 
independent. 

Although the idler wave is in general not purely 
TEM, it may be approximated by a TEMg9 mode, 
whose mode parameters are determined by an 
optimization criterion. We can then introduce the 
overlap function: 


O(2) = | | de dy oopF))" Hoos Poi FS [19] 


Under these assumptions, the infinite set of mode 
eqns [17] reduces to just three coupled equations 
(A = Ago): 











A e 
qd ae) = -i1&(2)A,(2)A;(zZ)e “¥ O(2) [20] 
he = -1&2)A,@AT@e"O@)* [21] 

dA; : * iAkz . 
AD — GA, OA@OEKO@ — (221 
where 
di si 
ps''1 


Two phasematching cases have to be considered: for 
birefringent phasematching, d=const and € is 
independent of z. In QPM, the d-coefficient 
is modulated periodically along z with period A. It 
suffices to consider only the particular term of its 
Fourier series expansion that gives the smallest 
wavevector quasi-mismatch. When only the first 
term is relevant, this is referred to as first-order 
QPM and d(z) = dd(gye?™/ +c.c.). This case can 
be taken into account by replacing d(z) in eqn [23] by 
deff = + dg, and in eqns [20]—[22] the relevant wave- 
vector mismatch becomes Ak = k, — k, — kj + 2a/A, 
where, for usual materials, the minus sign applies. 

We solve eqns [20]—[22] by expanding in powers of 
the nonlinearity é. This is appropriate due to the small 
gain and implies that the resonant pump and signal 
wave amplitudes do not change substantially (relative 
to the respective average amplitude) along the crystal 
length and around the cavity. 

Integrating eqn [22] after approximating the 
amplitudes on the right-hand side by their values at 
z= 0 yields: 


Aj(z) = —i&A,(0)A; OI") 


~~ 24 
I(2)= =I, dz O(z)e A fae 


We insert this result into eqns [20] and [21] and 
approximate A,(z) and A,(z) by their values at z = 0. 
The result is 


1 . 
Ap(2) = A,(0) — 5 (&yD (Z)A,(OIA CO)? [25] 


A) =A) + FEPDOAMIAWO? (26) 
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2 (2 ian 
D@ = z ie dz'z/I(z')O(z')* el [27] 


This completes the calculation of the propagation 
through the nonlinear medium. Now we proceed to 
calculate the propagation around the cavity. 

Since the signal wave is resonant with the cavity, we 
can immediately write the self-consistency equation 
for the roundtrip: 


|A,(0)l = JR,(1 — VOIA,(L)| 


The roundtrip cavity reflectivity and roundtrip loss 
for the signal wave are denoted by R, and V,. At the 
input mirror (see lower part of Figure 4), character- 
ized by a transmission T, = 1 — R,, the interference 
of the injected pump wave Apjn and the internally 
circulating pump wave must be considered: 


Ay(0) = of TpApin + Rp — Vp)Ap(Le* 


V, is the pump roundtrip loss. Evaluating eqn [26] at 
z = L and comparing with eqn [28] yields: 


[28] 


[29] 





|A,(0)I° -| [30] 


1 1 
VRC — V5) : | (€L)Re D(L) 


Here the imaginary part of D(z) was neglected since 
|gLA,(0)7 <1. Expression [30] shows that the 
intracavity pump power is clamped at a fixed value, 
equal to the value at threshold, independent of the 
input power. 

In eqn [29] we can assume A, j, to be real without 
loss of generality, yielding the relation: 


Apjin 4 _ ip Ap(L) 
20)" Rp — Vpe A,() 


where $= 0,OPL(@,,T)/c. The pump wave is 
assumed to be exactly resonant; this means that 
A,(0) is maximum. The phase ¢ must therefore be 
such that: 





[31] 





ip Ap(L) 
id Pp 
~ TA,(O| 
Together, with eqn [25], we obtain: 


A,(L) 
A,(0) 





2 1 2 
= 1 — Z(LLYDDIAOF] [33] 








The right-hand side is evaluated neglecting the 
contribution proportional to €*; inserting the result 


in eqns [31] and [32] gives: 
Apin 3 = _ 
Voto =1-./R,(1 - V,) 
1 
+,/R,(1 - Vp) 5 (EL) Re DIA,(0)I7 


[34] 


Equations [30] and [34] represent the steady-state 
solution of the PR-SRO: they give the circulating 
pump and signal powers, from which all desired 
quantities can be computed. 

The external threshold is found by setting A,(0) = 0 
and assuming small losses, T,, V, < 1 





Ty V, T,; + V; 
Pha PET HVE 135) 
with the nonlinearity 
2 . 
Pe en Oe Re D(L) [36] 


TC? MpyN.n 


Note that Re D(L) = II(L)|*. The second factor in eqn 
[35] is responsible for the reduction of threshold due to 
pump resonance. The last factor is the internal pump 
threshold and constant circulating pump power level: 


(T, + Vs) 
E 


which is also equal to the threshold of a basic SRO. 
The nonlinearity may be written as 


P,(0) = [37] 








[38] 


with the dimensionless focusing function hpy. A 
detailed calculation shows that the value of bp, cannot 
exceed 1.1 and is close to its maximum when the phase 
mismatch ARL is approximately zero and the pump 
and signal focusing by the cavity is such that their 
Rayleigh range zp = L/2. 

The OPO will select the signal cavity mode 
frequency @, and idler spatial mode that minimizes 
the threshold eqn [35]. Note that this is not 
necessarily equivalent to a maximization of E, since 
T, and V, may also be dependent on signal frequency, 
for example, because of the presence of an etalon 
inside the cavity. 

The circulating signal power as derived from eqns 
[30] and [34], is given in eqn [6]. 

The signal power extracted from the cavity is 
Pout = TsPs(L) = T,P,(0), while the (fully extracted) 
idler power is given by: 


Prou = Pi(L) = EPO)P0) [39] 
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See also 


Nonlinear Optics, Applications: Phase Matching. 
Optical Parametric Devices: Overview. 
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Advantages and Applications of 
Ultrashort Pulsed OPOs 


The advantages of ultrashort pulsed optical para- 
metric oscillators (OPOs) are twofold: on the one 
hand, it is possible to generate tunable laser radiation 
with a pulse duration in the femtosecond and 
picosecond time domain; on the other hand, the 
short pulses give rise to a high peak intensity of the 
electric field of the pump wave inside the nonlinear 
medium. Due to the fact that the OPO single-path 
gain coefficient reads as: 


82r7d2-L7 Ip sin*(ARL/2) 
(ARL/2)° 


Pinal _ 





= [1] 
Pump EQNpNsMcrz 
where Ip is the pump intensity, Ak is the phase 
mismatch between pump, signal, and idler, mp, 1s, m, 
are the refractive indices at the pump, signal, and 
idler wavelengths, respectively, and L is the length 


of the nonlinear medium with an effective nonlinear 


coefficient d.g, the efficiency grows proportional to the 
intensity of the pump. 

Ultrashort pulsed OPOs can provide widely tun- 
able femtosecond or picosecond pulses, covering the 
spectral range from the visible to the mid-infrared, 
which have many applications, such as time-resolved 
spectroscopy, pump-probe measurements, semicon- 
ductor analysis, photochemistry, optical ranging, 
data transfer, and data processing with high carrier 
frequency, white-light generation, etc. 


Synchronous Pumping 


The key issue in operating ultrashort-pulse OPOs is 
synchronization between the pump pulses and the 
signal pulses. Consider the following sequence: 
a pump pulse enters the OPO cavity and generates 
spontaneously downconverted light at the signal 
wavelength (see Figure 1, inset). These signal photons 
travel inside the OPO cavity, entering the nonlinear 
medium again after exactly one cavity round trip. 
This light will act as seed light for another down- 
conversion process if a second pump pulse enters the 
nonlinear medium at exactly the same instance (see 
Figure 1). The presence of the signal pulse will lead to 
a much more efficient stimulated downconversion 
process. 
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TESTING A DIODE ON A DIGITAL METER 

A Digital multimeter will measure the voltage-drop across the diode when the 
probes are connected in one direction (approx 0.640 on the scale) and a high 
reading (1) in the other direction. You need to select the "DIODE" setting on the 
dial as the other settings will produce a meaningless reading. 





Sthodetkin” 


Some DIGITAL MULTIMETERS will show mV drop 
across the diode when the setting on the meter is 
"diode" or the "x1" or "x10" resistance range. 








to Index 





TESTING A LED 


Some multimeters will test LEDs. 

It depends on the voltage of the battery inside the case of the multimeter. 

Many analogue multimeters have a single 1.5v cell and these cannot test LEDs. 
Analogue Multimeters with 3v (for the resistance ranges) can test some LEDs. 
White LEDs need about 3.6v and they may not illuminate on 3v. 
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Synchronous pumping of a typical ring-cavity OPO: P, pump pulses; S, signal pulses; OC, output coupler; wp, ws, a, 


frequencies of the pump, the signal, and the idler, respectively. Inset: energy level diagram for optical parametric oscillation. 


This requires the repetition rate of the pump 
oscillator and the OPO to be synchronized precisely. 
Therefore, this pump scheme is called synchronized 
pumping. If the temporal separation between the 
pump pulses does not exactly equal the roundtrip time 
of the signal pulses inside the OPO cavity, the 
generation efficiency will decrease dramatically as 
the temporal pulse overlap is reduced. 


Dispersion in Nonlinear Media 
and Optical Glasses 


Maintaining synchronicity between the pump pulses 
and the signal pulses is a necessary, but not sufficient 
prerequisite for successful operation of an ultrashort- 
pulse OPO. The signal pulses will be temporally 
broadened during their repeated trip through the 
nonlinear medium. This will lead to problems, as the 
newly generated signal pulses are still rather short (as 
they have been generated by a short pump pulse), but 
the previously generated signal pulses, which should 
act as seed pulses and ideally have a similar pulse 
duration as the pump pulses, have already been 
broadened temporally, due to dispersion in the non- 
linear medium and other intracavity optical elements. 
Meanwhile, temporal walk-off between the signal 
(idler) and the pump pulses will take place, resulting in 
reduced conversion efficiency and broadened signal 
pulses. Group velocity dispersion (GVD) and group 
velocity mismatch (GVM) are normally used to 
characterize the dispersion in nonlinear medium. 

The group velocity of the laser pulses propagating 
in a nonlinear optical medium is defined as: 


Vg = ———— 2 
G du [ ] 
da 

where c is the velocity of light in vacuum, 1 is the 
refractive index of the nonlinear medium at the center 


wavelength A of the laser pulses. Then the GVD can 
be written as: 

dyg _ Avg d’n 3] 
dA oc «6d? 


In most cases, we evaluate the GVD of the optical 
materials using the group velocity dispersion para- 
meter (k”), which is defined as: 


- dk _ ’ dn 


Rk! 
dw* 2ac* dd 





[4] 


where k = na/c is the wave vector, w is the frequency 
of the incident wave, and consequently: 


dug _ 2mcve dk 
da da? 





[S] 


Due to GVD in the nonlinear medium, the spectral 
components in the broadband spectrum of an 
ultrashort pulse will travel at different group velocities 
and will consequently be delayed differently in the 
crystal, therefore the pulses will become temporally 
broadened or become chirped. This linear chirp 
induced pulse broadening effect can be characterized 
quantitatively by the following formula: 


z 2 
Tp = Tpo Les) [6] 


where 7po is the incident pulse duration, 7p is the pulse 
duration after the pulse propagates in the nonlinear 
medium over a distance of z, and zg is called the 
characteristic length and defined as: 


_ T 50 [7] 
d ~~ 4 In 2IRM 


In frequency conversion processes, such as 
second-harmonic generation (SHG), sum-frequency 
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generation (SFG), difference frequency generation 
(DFG), optical parametric oscillation (OPO), or 
optical parametric amplification (OPA), three waves 
interact with each other while propagating through 
the nonlinear medium. Due to dispersion of the 
material, different waves propagate at different 
group velocities. This effect is generally called group 
velocity mismatch. In cases of interaction on the 
femtosecond scale, the interacting pulses may get 
separated after propagating some distance in the 
medium, which means that there is a reduced effective 
interaction length. The GVM is a quantitative 
evaluation of this effect, which is defined as: 


-1 
Avg = ( u = ) [8] 
UG UGj 


where vg; and vg; are the group velocities of the two 
interacting waves i and j. The effective interaction 
length Leg for wave i and wave j can thus be calculated 
by the following formula: 


1 : 
VG UG; 


where 7p is the incident pulse duration at full width at 
half maximum (FWHM). It is assumed that wave i and 
wave j have a similar pulse duration. This temporal 
walk-off will lead to two effects. First, the interacting 
pulses will get separated and the conversion efficiency 
will be reduced. The second effect is the broadening of 
the signal pulses. In the case of sub-100 fs operation, to 
restrict the broadening in pulse length to less than 
~10%, the crystal length should be smaller than L./2. 

Figure 2 shows the GVD of some typical OPO 
crystals, including KTP, KTA, RTA, CTA, PPLN, 
PPKTP, and LBO. Their Sellmeier equations are as 
summarized in Appendix A. In addition to the 
wavelength of the incident beam, the GVD is also 
dependent on the polarization of the incident beams 
and the type of phase matching. 

We give the GVM values between the pump and the 
signal (P—S), the signal and the idler (S—I), and 
between the pump and the idler (P—I) for a KTP 
crystal in Figure 3. 








[9] 


Lest = tplAvg| = Tp 








Intracavity Dispersion Compensation 
and Extra Cavity Pulse Compression 


In order to tackle the problem of intracavity dis- 
persion, corrective elements have to be placed inside 
the cavity in order to compensate the chirp. There have 
been several solutions to this problem, namely the 
combination of intracavity prism pairs, chirped 
mirrors, chirped grating periods (for quasi-phase 
matching) with oppositely chirped pump pulses, and 

















1900 1100 1200 1300 1400 1500 1600 1700 1800 
Wavelength {nm} 


Figure 2 Group velocity dispersion characteristics of some 
typical OPO crystals. 
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Figure 3 GVM between the interaction waves of a KTP OPO 
versus pump wavelength (Ap). 


glass plate dispersion compensators. Certainly, a 
shorter crystal length will yield a smaller GVM 
and GVD, but will also give a smaller nonlinear 
conversion efficiency due to the shorter crystal length 
(see eqn [1]). 


Pump Sources 


As pump pulses, mode-locked femtosecond or pico- 
second lasers are used. The requirements on pulse 
durations are determined by the desired pulse 
durations of the OPO signal and by the phase- 
matching bandwidth of the correspondingly used 
crystal. Shorter pump pulses normally lead to higher 
pump power thresholds due to shorter temporal 
overlap between the interacting pulses. It can also 
lead to higher instability of the OPO operation due to 
its higher sensitivity to the cavity length fluctuations. 
Generally, larger pump bandwidth means larger 
bandwidth of the signal. Consequently, a potentially 
shorter signal pulse duration can be achieved if the 
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intracavity dispersion is perfectly compensated. 
Sometimes it is advantageous for stability to operate 
the OPO in the slightly negative total GVD regime. In 
a quasi-phase-matched (QPM) OPO, the phase- 
matching bandwidth is so large that only a narrow 
pump bandwidth is required to phase-match a large 
bandwidth of the signal. Therefore, a pump depletion 
hole can be commonly observed with the oscillation 
of the OPO. 


Design of Ultrashort Pulsed OPOs 


Design of an OPO device may involve the design of the 
cavity length, cavity mirrors, focal length for focusing 
the pump beam, intracavity dispersion compensation 
scheme, frequency stabilization module, crystal 
length, and some other design depending on the 
special configuration of the OPO, for example, a 
heating module (an oven) is required for a PPLN OPO 
and temperature control module is required for a 
temperature phase-matched LBO OPO. For an ultra- 
short pulsed OPO, the most important designs include 
the design of the crystal length, the design of 
intracavity dispersion compensation components, 
and the frequency stabilization control. 


Crystal Length 


Several factors have to be taken into account when 
designing a crystal length. The design of a crystal 
length should be a compromise of all of these 
considerations. What is special for a femtosecond or 
picosecond OPO is the dispersion and temporal walk- 
off between the interacting pulses in the crystal: 


1. Effective interaction length: Pump pulse duration, 
estimated signal pulse duration, temporal walk-off 
between the pump and the signal give a limit of the 
crystal length that is characterized by eqn [9]. 

2. Pulse broadening due to GVM and GVD from the 
OPO crystal and other intracavity optical glass 
elements should be estimated. It is reasonable that 
shorter crystal length is always favorable for 
ultrashort pulse generation. The crystal length 
should be as short as possible while maintaining 
an acceptable conversion efficiency. When design- 
ing the crystal length, the available dispersion 
compensation device should be considered 
simultaneously. 


Dispersion Compensation 


For a crystal with a given material and length, the 
intracavity dispersion can be calculated. The compen- 
sation device should introduce an amount of negative 
GVD such that the total intracavity GVD is equal to or 


slightly smaller than zero at the desired center 
wavelength of the signal pulses. Meanwhile, the 
compensation should be relatively uniform (for 
instance having a GVD fluctuation of <50 fs*/mm) 
over the bandwidth of the expected signal spectrum. 
Then a compensation method (as described above) 
should be chosen and corresponding device should be 
designed. 


Piezo-Driven Mirror and Frequency Stabilization 


To achieve fine tuning of the cavity length, one of the 
cavity mirrors should be mounted onto a piezoelectric 
translation stage. When feeding back the signal output 
of the OPO to this piezo-driven mirror, forming a 
closed loop to compensate for the drift of the cavity 
length, a stabilization of the OPO repetition rate is 
achieved. If the signal is dispersed by a grating, a 
change in cavity length will also lead to a change in the 
output spectrum. Using a split photodiode, the 
difference signal of the dispersed spectrum can be 
utilized as the measured signal in the feedback loop. 


Tuning Characteristics and Methods 


Tunability is one of the most important advantages of 
the OPO over other ultrashort pulsed lasers. A large 
variety of tuning methods make the OPO more 
practical and versatile in many applications. For 
birefringently phase-matched OPOs, the tuning of the 
signal wavelength can be achieved through changing 
the pump wavelength (pump wavelength tuning), 
using an intracavity wavelength selection element 
(such as a birefringent filter), changing the tempera- 
ture of the crystal when its refractive index is sensitive 
to the temperature change (temperature tuning), or 
changing the orientation of the OPO crystal (angle 
tuning). Some more methods can be utilized for a 
QPM OPO, for example through changing the poling 
period of the crystal (grating period tuning). A special 
method for an ultrashort pulsed OPO is the so-called 
cavity length tuning. 

As has been discussed above, in synchronous 
pumping, the OPO must have the same cavity length 
as the pump laser, so that the signal pulse arrives 
simultaneously with the pump pulse at the crystal to 
get the most efficient interaction. Because of dis- 
persion of the nonlinear crystal, the signal will be 
delayed differently at different wavelengths. In other 
words, signal pulses have different round-trip times in 
the cavity at different center wavelengths. When the 
cavity length of the OPO is changed slightly, the 
signal has to change its wavelength to keep constant 
optical path length or constant round-trip time. 
Cavity length tuning can be achieved easily by tuning 
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the voltage on a piezoelectric transducer (PZT), onto 
which one of the cavity mirrors is mounted. There- 
fore, this method is the most common and frequently 
used to tune the signal wavelength of a synchronously 
pumped OPO. This is also the basis for stabilizing the 
operation of a synchronously pumped OPO. 


High-Repetition-Rate (HRR) 
Operation 


Synchronously pumping an OPO at high repetition 
rate produces a high-repetition-rate signal pulse train 
which extends the application fields of the OPO. 
Using high-repetition-rate laser pulses (e.g., >1 GHz) 
as the pump is a straightforward method to run the 
OPO at a high repetition rate. But a high repetition 
rate means an extremely short cavity length. For 
instance, the cavity length is about 30 cm at 1 GHz 
repetition rate. Such a short cavity length leads to a 
large mode of the signal beam waist in the crystal. 
Mode matching between the signal and the pump 
beams requires that the transverse mode of the 
pump beam should be slightly larger than that of 
the signal beam within the interaction zone to 
maintain stable and efficient oscillation of the OPO. 
Large modes of the signal and the pump beams mean 
low interacting intensities, increasing the pump 
threshold significantly. Using smaller curvature radius 
of the curved mirrors and shorter focal length of the 
focusing lens might reduce the mode sizes at the focus 
in the nonlinear medium, but this will introduce 
extremely serious astigmatism when the signal beam 
is reflected from a strongly tilted curved mirror with a 
quite small curvature radius. In addition to exact 
synchronous pumping, there are at least two methods 
to realize high-repetition-rate operation of an OPO. 
First, pumping at low repetition rate while using a 
shorter cavity length of the OPO (Lopo) than the 
pump laser (Lp) with Lopo = Lpm/N, where m and N 
are both integers and m< N, as demonstrated in 
Figure 4a, which is called lower-order synchronous 
pumping. However, applying this technique, the 
signal pulses experience more round-trip losses, also 
resulting in a much higher pump threshold and 
periodically varying intensities of the output pulses. 
Second, pumping the OPO at high repetition rate 
while using a much longer cavity length of the OPO 
than the pump laser with Lopo = LpN/m, where m 
and N are both integers and m < N, is called higher- 
order pumping, as demonstrated in Figure 4b. In 
higher-order synchronous pumping, the signal pulse 
train has the same repetition rate as the pump, while 
the mode-matching problem is removed through a 
long OPO cavity. 




















SSRI A MIATIMIAT ATT ATI 
{a) 


paar TTL LULL LULL 

$1 

= - aT | | 

« tet |_| 
» Ser) TATU EE 


Figure 4 (a) 3/7-order synchronous pumping. Three signal pulse 
trains (S1—S3) are produced, each having a repetition period (Ts) 
3/7 that of the pump pulse train (P): Ts = 3/7T. The pump repetition 
rate is multiplied by a factor of 7 in the signal pulse train (S). (b) 
Fourth-order synchronous pumping at 1 GHz. The signal pulse 
train (S) is a combination of four pulse trains (S1—S4), each having 
a repetition period (47) 4 times that of the pump pulse train (P). 





























See also 


Optical Parametric Devices: Optical Parametric Oscil- 
lators (Continuous Wave); Overview. 


Appendix A 


Sellmeier Equations for some Typical 
Crystals and Optical Glasses 


In the equations, 7 denotes the refractive index; A is 
the wavelength of incident light in wm; A, B, C, D, Ay, 
A>, A3, Ay, As, Ag, By, Bo, B3, By, ..., are the Sellmeier 
coefficients; the subscripts X, Y, Z, stand for the 
directions of the principal axes of the biaxial crystals. 








KTP 
B 
nw = A4 De 
C\2 
1-(5) 
Xr 
A B C D 

nx 2.1146 0.89188 0.20861 0.01320 
ny 2.1518 0.87862 0.21801 0.01327 
nz 2.3136 1.00012 0.23831 0.01679 
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KTA 
2 _ p)2 
n=A+t+ eas Da 
A B C D 
nx 3.1413 0.04683 0.04055 0.01023 
ny 3.1593 0.04828 0.04710 0.01049 
nz 3.4435 0.06571 0.05435 0.01460 
RTA 
B 
nw = A4 eae DN 
A 
A B G D 
nx 2.04207 1.17785 0.20157 0.01035 
ny 2.14941 1.09267 0.21462 0.01067 
nz 2.18962 1.30103 0.22809 0.01390 
CTA 
B 
nw = A4 5 DN 
A 
A B C D 
nx 2.34498 1.04863 0.22044 0.01483 
ny 2.74440 0.70733 0.26033 0.01526 
nz 2.53666 1.10600 0.24988 0.01711 
LiNbO, 
ey wae Az + Bof _ Agt Baf 2 
Ne Ay T Bif T 5) A B 77 z AZ Agar 
AOS Aa Bap) MAS 
f =(T — To)(T + Ty +546) and Ty = 24.5 °C 
Coefficients Values 
Ay 5.35583 
Ay 0.100473 
A3 0.20692 
Ag 100 
As 11.34927 
Ag 1.5334 x 10° 
By 4.629 x 1077 
By 3.862x 10-8 
B; —0.89x 10-8 
B, 2.657 x 1075 


LBO 
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Sapphire 
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1.023798 1.058264 5.280792 0.00377588 0.0122544 321.3616 


Quartz 








1.07044083 0.0100585997 
1.09509924 0.0102101864 
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Fused Silica, BK7, SF2, SF5, SF10, SF11, SF18 
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Ay Az A3 By By B, 
Fused silica 0.6961663 0.4079426 0.8974794 0.0046791 0.01351206 97.9340025 
BK7 1.03961212 0.23179234 1.01046945 0.0060007 0.0200179 103.560653 
SF2 1.40301821 0.23176750 0.93905659 0.0105796 0.04932270 112.405955 
SF5 1.46141885 0.24771302 0.94999583 0.0118261 0.05085946 112.041888 
SF10 1.61625977 0.25922933 1.07762317 0.0127535 0.05819840 116.607680 
SF11 1.73848403 0.31116897 1.17490871 0.0136069 0.06159605 121.922711 
SF18 0.29141358 0.96030788 0.0121864 0.05355680 111.451201 


1.56441436 
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Introduction 


Modern optical systems find many applications in 
sensing, recording, storage, and transmission of data. 
These applications stimulate the development of 
many new optical devices, components, materials, 
and applied technologies. The basic element of an 
optical system is the light. The physical implications 
of the light in optical systems are very analogous to 
those of electricity, hence, light signals are quite 
similar to electric signals. High-speed spatial light 
components are being developed for more stringent 
applications in coherent optical processing systems, 
where they may be used in the input plane or in the 
Fourier transform plane. Research in this area is 
directed towards the design of robust and compact 
correlators. 

Novel transforms for information processing (also 
known in electronics) include Fourier and wavelet 
transforms. Such optical transformations serve as the 
basic platform for linear optical system processing. 
Optical devices and systems for information proces- 
sing include spatial light modulators, which are used 
to implement optical information processing systems. 
There are holographic applications in information 
processing, display systems, memory systems, optical 
computing systems, and imaging systems. Such 
devices and systems are based on applications of 
novel materials for information processing. Optical 


and digital techniques are used for optical system 
design, optical computing, image processing, and 
even for encryption and security systems. 

The imaging system is an optical system and 
integrates hardware as well as software. Figure 1 
presents a general model of an extensive imaging 
system. The starting point of the system is the object 
(or the light source). An imaging device, such as 
camera or optical sensor detects the energy radiated 
in electromagnetic waves from the light source. 
The image (or series of images — video) formed in 
the imaging device depends on the received irradiance 
of the image propagated through the imaging path 
and is correspondingly diminished from that in the 
object plane. The properties of the optical medium 
(transmission path) such as atmospheric properties, 
background light, motion, and vibration in both the 
object and the image planes, and the quality of the 
imaging device, all affect the quality of the images. 


Object 
Imaging 


- Medium 
device 
— 
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Display device image 


Figure 1 General description of an imaging system. 
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There are atmospheric phenomena that give rise to 
attenuation of the irradiance of the propagating 
image, thus reducing the contrast of the final image, 
as well as atmospheric phenomena that cause 
blurring of detail. Both types of phenomena degrade 
image quality. 

Image blurring caused by vibration is a factor 
whose influence on resolution is often significant in 
imaging systems that involve mechanical motion. In 
order to obtain a well processed imaged, as similar as 
possible to the ideal image (the source), image 
processing techniques such as image enhancement, 
restoration, and filtering are implemented in an 
optical processing system which is a combination of 
software (algorithms) and hardware (electronic and 
optical components). The processing procedure 
involves mathematical and especially optical trans- 
formations. The output of the processing system is 
presented by using a display device or hardcopy. The 
development of imaging systems (imaging devices and 
displays) which include integrated optical com- 
ponents and processing units, assist in improving 
image quality at early stages, and as a result reduce 
the need of unique processing systems and may serve 
as the standalone device. 

The key issues which must be addressed in the 
design, evaluation, and implementation of practical 
systems for optical processing, are provided here ina 
detailed review. Thus, the review is focused on 
imaging where considerations such as optical 
transformations, optical computing, effects of diffrac- 
tion, scatter, absorption, and design on the perform- 
ance of optical systems, imaging and the optical 
transfer function (OTF) for image restoration, and 
filtering, are all discussed in detail. 


Digital Processing and Control 


The Fourier transform properties of Fraunhofer 
diffraction permit data processing operations carried 
out optically that can, in many situations, be more 
advantageous than digital signal processing. The 
primary advantages of optical techniques over 
electronic analog and digital signal processing, are 
best realized when the information to be processed 
has two degrees of freedom. Optical systems corre- 
spondingly can have two degrees of freedom. Thus, 
for handling pictorial data, they can be intrinsically 
superior to electric or electronic systems, which 
have only time as an independent variable. This 
two-dimensional (2D) processing property can be 
particularly valuable in radar applications where 
previously velocity and position data had to be 
processed separately in order for sufficient 


accuracy in the estimation of each set of data to be 
obtained. 

Many of the basic operations that can be 
performed by optical computers can also be done 
with electronic systems. However, if large quantities 
of wideband data are to be processed, the electronic 
techniques can often be prohibitively expensive and 
time consuming. The optical computer is faster than a 
digital computer because it operates on signals that 
are functions of positions, not time. The input to an 
optical data processor is a pattern of light irradiance 
that varies over some area, not light irradiance that 
varies as a function of time. 

Thus, optical data processing can be very appro- 
priate for such lengthy operations as the calculation 
of complicated Fourier transforms and the processing 
of side-looking radar signals. In addition to mathema- 
tical operations such as differentiation, integration, 
and producing Fourier transforms, the two classes of 
applications for which optical signal processing is 
most often used are filtering and correlation. 


Optical Computing 


Optical computing (OC) means the use of light as a 
primary means for carrying out numerical calcu- 
lations, reasoning, artificial intelligence, etc. The 
history of OC is linked to that of radar systems. OC 
systems received a great push from the invention of 
laser in 1960. In the 1960s, the first schemes for 
all-optical digital computers were proposed. Since the 
1990s, researchers have been pursuing the develop- 
ment of computers based on optical technology, and 
emphasis has shifted to optical interconnection of 
arrays of semiconductor smart pixels. OC provides 
the first in-depth review of the possibilities and 
limitations of optical data processing. The partial 
listing of those points that make OC appealing are 
direct image processing, massive parallelism and 
connectivity, immunity to electromagnetic inter- 
ference (EMI), speed, size, and cost. There are three 
distinct trends in OC: special purpose analog optical 
systems, general purpose digital optical systems, and 
hybrid optical/electronic systems. 

Innovations such as the electro-optic spatial filter, 
the 2D spatial light modulator, and the variable 
electro-optic mirror provide the fundamental build- 
ing blocks for both analog optical computing (AOC) 
and digital optical computing (DOC) technologies. 
Optical techniques can provide solutions and a 
number of ways of extending the information 
processing capability of electronics. The optical 
processors have to be compatible with existing 
electronic systems. Free space digital optics is one 


OPTICAL PROCESSING SYSTEMS 71 





direction that provides some valuable solution. DOC 
requires the use of nonlinear optics. 

All-optical processing refers to optically based 
processors employed nonlinear optical resources 
either of liquid crystal spatial light modulators 
(SLMs) or nonlinear interference filters (NLIFs). 
Electro-absorption devices are a bridge between all- 
optical demonstrators and optically interconnected 
smart pixels (logic and local on-chip interconnection 
is electrical whereas chip to chip interconnection is 
optical). Optically interconnected smart pixels have 
several advantages like faster data acquisition and 
low power consumption. A major breakthrough in 
nonlinear optics is essential to increase the use of 
optics within computing and the manufacture of 
optical digital computers. 

An optically bistable device used for photonic 
switching is the self electro-optic effect device 
(SEED). It is the analogous component for the 
transistor in optical processing. A SEED consists of 
multiple elements, biased by an external voltage, 
which creates an external field that shifts the 
wavelength of the onset of absorption, thus varying 
the intensity of the transmitted light. SEEDs rely on 
changes in the optical transmission of a semiconduc- 
tor induced by an applied electric field. SEEDs can be 
configured in pairs (connected electrically) so that a 
beam of light switching one device can cause a 
complementary switch in the transmission of the 
other. Hence, a small change in the intensity of 
one beam can cause a large change in intensity of the 
other. This kind of configuration is known as 
symmetric SEEDs, and acts like an electronic 
flip-flop and permits logic operations NAND and 
NOR to be carried out on pairs of optical input 
signals. With symmetric SEEDs, the higher the input 
optical power, the faster the switching speed. Cellular 
logic image processor (CLIP) is implemented using 
the symmetric SEEDs. CLIP computer architecture is 
designed to permit parallel information processing, in 
which logic operations are performed on each 
element of the array simultaneously. 


Holography 


Holography is a photographic method of recording 
information (two mutually coherent beams) about 
an object, in which one beam is the object beam and 
the other a reference beam, which enables the 
construction of objects in three dimensions. Holo- 
graphy relies on the encoding of the object 
formation in a set of complex interference fringes 
formed by the interaction of a plane coherent 
reference wave with the wavelets diffusely scattered 
by the object. 


The microscopic interference fringes recorded on a 
high resolution photographic plate after development 
and processing become a hologram. Hologram 
applications assist the study of small deformations 
of objects, to replace conventional optical elements 
such as lenses and beamsplitters, for data/information 
storage, and use of photo-refractive materials in 
analog computing, object recognition, and corre- 
lation, etc. 

The purpose of recording a hologram is not optical 
data processing but rather a lensless method of 
forming an image. The uniqueness of a hologram as 
compared to an ordinary photographic image, for 
example, is that the latter contains amplitude 
information only. A hologram, because it involves 
interference of the complex field amplitude (CFA) of a 
given scene with a reference beam, records both 
amplitude and phase of the CFA of the given scene as 
seen within its field of view (FOV) by a square-low 
photosensitive device such as a film. 

The film is exposed within its region of linearity 
whereby transmission is proportional to irradiance 
for a given time exposure. The transparency resulting 
from the film is the hologram. To view the holo- 
graphic image, the hologram is illuminated with a 
reference wave, which causes the CFA of the given 
scene (both amplitude and phase) to be reconstructed. 
Since hologram reconstruction involves the CFA of 
the given scene in its entirety, depth information is 
included as well. Furthermore, it is even possible to 
view the holographic scene from different physical 
points of view and to see around objects in the 
scene. This ability, however, is limited by the solid 
angle subtended by the object when the hologram 
is recorded. Hologram reconstruction cannot 
supply more information than that recorded in the 
hologram itself. 


Image Processing 


Figure 1 demonstrates a general behavior of an 
imaging process. The ‘Processing System’ block in 
Figure 1 is expanded and presented in more detail by 
Figure 2. Figure 2 demonstrates in a flow chart, a 
general process occurring within the processing 
system. The input to the processing system is a 
degraded image (or set of images or video signal) such 
as blurred image, noisy image, image with clutters, 
multi-spectral image, etc. The input depends on 
exterior (environmental conditions) and interior 
(optical, electronic, and mechanical) effects of the 
imaging system. It may be generated as an analog 
signal or digital signal. As a result, the output of the 
imaging system is expected to be a processed (filtered, 
enhanced, estimated, restored, cleared, etc.) image. 
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Image processing 


Optical transformations 

Optical or digital processing 
Software/hardware as the processing tools 
Linear and nonlinear algorithms and techniques 
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Figure 2 Image processing. 


Implementations and applications depend on the 
output obtained by the imaging system. The output 
can be presented by a display device and/or hardcopy. 
The output can be stored for future assignments and 
may also serve for data analysis such as detection, 
recognition, and identification of patterns and other 
details of interest (mapping, target acquisition, 
defects and imperfections in the human _ body, 
meteorology, security, intelligence, etc.). 

Spatial units are reciprocal to time, and are 
cycles/seconds or Hz. The spatial units are also 
reciprocal to the domain of the information being 
sought. Spatial signals are 2D or even 3D on 
occasions. 2D spatial transforms may actually exist 
physically in the spatial plane. Novel transforms for 
information processing include Fourier and wavelets 
transforms. Such optical transformations serve as the 
basic platform for linear optical system processing. 
Image processing techniques are based on the image 
spatial frequencies. In most techniques the degraded 
image is transformed using an optical transformation, 
as a primary stage before any other process is being 
conducted. Optical (inverse) transformations also 
serve as the last processing tool before the output. 
Practically, optical transformations are involved and 
integrated in most processes related to image 
processing. 

Image processing refers to both digital and optical 
image processing, and also considers algorithms and 
techniques, which are implemented by an integration 
of software and hardware. Image processing is an 
extremely broad field. It considers digital image 
processing, 2D and 3D image processing and pattern 
recognition, real-time processing, neural networks, 
image enhancement/improvement, image restoration, 
estimation, filtering for noise removal, linear and 
nonlinear filtering techniques for variety of 
implementations, optimum filtering, etc. Image pro- 
cessing also include varieties of algorithms such as 


linear and nonlinear algorithms, algorithms for 
pattern recognition, linear and nonlinear techniques 
for pattern recognition, neural networks based 
algorithms, etc. Both optical and _ electronic 
implementations (hardware) are still under investi- 
gation. Nevertheless, image processing based on 
software presents reliable results and hence, can be 
transformed into hardware components, which may 
become an integrated part of the processing 
hardware. 


Optical Transformations 


Mathematical transformations are applied to signals 
to obtain further information from the signal that is 
not readily available in the raw signal. Most of the 
signals, in practice, are time-domain signals in their 
raw format. That is, whatever that signal is measur- 
ing, is a function of time. In many cases, the most 
important information is hidden in the frequency 
content of the signal. The frequency spectrum of a 
signal is basically the frequency components (spectral 
components) of that signal. The frequency 
spectrum of a signal shows what frequencies exist in 
the signal. 

There are many transforms that are widely used, 
often by engineers and mathematicians, in solving 
problems in science and engineering. Fourier, 
Laplace, Hilbert, Wigner distributions, Radon, and 
wavelet transforms, constitute only a small portion of 
a huge list of transforms that are available. Every 
transformation technique has its own area of 
application, with advantages and disadvantages. 


Fourier Transform 


The Fourier transform (FT) is probably the most 
popular linear transform being used. The FT, a 
pervasive and versatile tool, is used in many fields 
of science as a mathematical or physical tool to alter 
a problem into one that can be more easily solved. 
It is used in linear systems analysis, antenna studies, 
optics, random process modeling, probability theory, 
quantum physics, and boundary-value problems 
and has been successfully applied to restoration 
of astronomical data. Some scientists understand 
Fourier theory as a physical phenomenon, not simply 
as a mathematical tool. In some branches of science, 
the FT of one function may yield another physical 
function. The FT, in essence, decomposes or separates 
a waveform or function into sinusoids of different 
frequency which sum to the original waveform. It 
identifies or distinguishes the different frequency 
sinusoids and their respective amplitudes. There are 
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The negative lead of an ANALOGUE meter is POSITIVE! 
The multimeter must have 3v (2 cells) 


Digital multimeters have a 9v battery and they will illuminate all colour LEDs when the leads are 
placed as shown in the diagram: 





A Digital meter will illuminate all LEDs and the black probe 
touches the cathode. 





to Index 





TESTING A TRANSISTOR WITH A DIGITAL METER 


Testing a transistor with a Digital Meter must be done on the "DIODE" setting as a 
digital meter does not deliver a current through the probes on some of the 
resistance settings and will not produce an accurate reading. 

The "DIODE" setting must be used for diodes and transistors. It should also be 
called a "TRANSISTOR" setting. 


TESTING A TRANSISTOR WITH AN ANALOGUE METER 


The first thing you may want to do is test an unknown transistor for COLLECTOR, 
BASE AND EMITTER. You also want to perform a test to find out if it is NPN or PNP. 
That's what this test will provide. 

You need a cheap multimeter called an ANALOGUE METER - a multimeter with a 
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functions for which the Fourier transform does not 
exist; however, most physical functions have a FT, 
especially if the transform represents a physical 
quantity. Other functions can be treated with Fourier 
theory as limiting cases. Many of the common 
theoretical functions are actually limiting cases in 
Fourier theory. 


Wavelets 


Wavelets were developed independently in the fields 
of mathematics, quantum physics, electrical engin- 
eering, and seismic geology. Interchanges between 
these fields have led to many new wavelet appli- 
cations including image processing. Wavelets are 
mathematical functions that cut up data into different 
frequency components, and then study each com- 
ponent with a resolution matched to its scale. Wavelet 
transforms comprise an infinite set. The different 
wavelet families make different trade-offs between 
how compactly the basis functions are localized in 
space and how smooth they are. Within each family 
of wavelets are wavelet subclasses distinguished by 
the number of coefficients and by the level of 
iteration. 

The wavelet transform (WT), which is also a linear 
operation, provides the time-frequency represen- 
tation. Often a particular spectral component occur- 
ring at any instant can be of particular interest. In 
these cases it may be beneficial to know the time 
intervals at which these particular spectral com- 
ponents occur. WT is capable of providing the time 
and frequency information simultaneously, hence 
giving a time-frequency representation of the signal. 
The WT was developed as an alternative to the short- 
time FT (STFT). The WT was developed to overcome 
some resolution related problems of the STFT. The 
frequency and time information of a signal at some 
certain point in the time-frequency plane cannot be 
known. What spectral component exists at any given 
time instant is a mystery. Therefore, it is best to 
investigate what spectral components exist at any 
given interval of time. This is a problem of resolution, 
and it is the main reason why researchers have 
switched to WT from STFT. STFT gives a fixed 
resolution at all times, whereas WT gives a variable 
resolution as follows: higher frequencies are 
better resolved in time, and lower frequencies are 
better resolved in frequency. This means that a 
certain high frequency component can be located 
better in time (with less relative error) than a 
low frequency component. On the contrary, a low 
frequency component can be located better in 
frequency, compared to high frequency component. 


Wavelet versus Fourier Transforms 


Both transforms are linear and the mathematical 
properties of the matrices involved in the transforms 
are similar. The inverse transform matrix for 
both transforms is the transpose of the original. 
Wavelets have advantages over traditional Fourier 
methods in analyzing physical situations where the 
signal contains discontinuities and sharp spikes. 
The most interesting dissimilarity is that individual 
wavelet functions are localized in space, Fourier sine 
and cosine functions are not. This localization 
feature, along with wavelets localization of 
frequency, makes many functions and operators 
using wavelets ‘sparse’ when transformed into the 
wavelet domain. This sparseness, in turn, results in a 
number of useful applications such as data com- 
pression, detecting features in images, and removing 
noise from time series. One way to see the time- 
frequency resolution differences between the FT and 
the WT is to look at the basis function coverage of the 
time-frequency plane. In order to isolate signal 
discontinuities, some very short basis functions are 
needed. At the same time, in order to obtain detailed 
frequency analysis, some very long basis functions are 
needed. A way to achieve this is to have short high- 
frequency basis functions and long low-frequency 
ones. This happy medium is obtained with WT. FT 
utilizes just the sine and cosine functions (single set of 
basis functions). Therefore, its new domain contains 
basis functions that are sines and cosines. On the 
other hand, WT includes an infinite set of possible 
basis functions. Hence, its new domain contains more 
complicated basis functions called wavelets, mother 
wavelets, or analyzing wavelets. The basis functions 
are localized in frequency, making mathematical tools 
such as power spectra and scalegrams useful at 
picking out frequencies and calculating power 
distributions. Thus wavelet analysis provides 
immediate access to information that can be obscured 
by other time-frequency methods such as Fourier 
analysis. 


Physical Properties and Analog/Digital 
Mitigation Processing in Nonideal 
Systems 


The weakest link in most imaging systems is time 
varying distortions, such as the Earth’s atmosphere, 
motion, or vibrations. To obtain clear imaging 
through time varying distortions, it is useful to 
characterize the physical degradation phenomena 
using an OTF. It is often important to use the 
appropriate filter based on the OTF magnitude, 
modulation transfer function (MTF), to correct 
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(restore) the degraded image (using software or 
hardware). On the other hand, it may be useful to 
incorporate real-time phase correction into the 
imaging system such as adaptive optics. 


Optical Transfer Function for Incoherent Imaging 


In electronics, the transfer function is redefined as the 
Fourier transform of the impulse response. The OTF 
is defined similarly, but is normalized to its own 
maximum value which normally occurs at zero 
spatial frequency, that is: 


OTF=7(@)= T(@,,@y) 
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= 50.0) = MTF exp(PTF) [1] 


where S(w,,@,) is the FT of the spread function or 
impulse response s(x’,y’). Ordinarily, for artificial 
imaging systems, the OTF is maximum at zero 
frequency. The magnitude of the OTF is called the 
MTE The name refers to spatial modulation of light 
irradiance. If there is no such modulation, irradiance 
is uniform and there is no image. Thus, spatial 
modulation is related to image quality and MTF is a 
measure of the ability of an imaging component or 
system to transfer such spatial modulation from input 
(object plane) to output (image plane). 

There is also a phase transfer function (PTF) 
whose importance in resolution is not nearly as 
widespread as that of MTF but which, nevertheless, 
cannot be neglected. Spatial phase determines image 
position and orientation, rather than amount of 
detail. If a target is displaced bodily in the image 
plane such that each part of the target image is 
displaced by the same amount, the target image is 
not distorted. However, if portions of the target 
image are displaced more or less than other portions, 
then the target image is distorted. This information 
is contained in the PTF. 

The physical implications of the OTF are very 
analogous to those of electronics transfer functions. 
Both permit determination of output for any given 
input. In both cases, since the FT of the delta function 
is a constant (unity) amplitude, a delta function input 
permits indication of the frequency response of the 
system, that is, which frequencies pass through the 
system unattenuated and which are attenuated and by 
how much. Perfect fidelity or resemblance between 
input and output requires infinite bandwidth so that 


an impulse function is obtained at output for impulse 
function input. In imaging, an impulse formation at 
output is a point image. This means that, to obtain a 
point image for a point object, infinite spatial 
frequency bandwidth is required of the imaging 
system. Physically, this means that because of 
diffraction effects optical elements such as lenses, 
field stops, and mirrors must be of infinite diameter so 
as to eliminate diffraction at the edges. This, of 
course, is not attainable. 


Pixel Modulation Transfer Function 


To measure the point spread function (PSF), it is 
important to determine which size object can be 
considered a point object. This is affected primarily 
by instrumentation pixel size. The pixel is the smallest 
element recordable in image space. The brightness 
value represents average irradiance over that small 
portion of the image scene. Pixel size is often related 
to detector size. If only a portion of the detector is 
illuminated, the output current is equivalent to that 
obtained for the same total radiant power absorbed 
by the detector but averaged over the entire detector 
area. No detail smaller than a pixel can be resolved in 
the image. In practice, dead space between pixels 
violates isoplanaticism (spatial stationarity), which is 
a requirement for linear systems. Nevertheless, dead 
space is small and such effects are often neglected in 
image system characterization. However, it is 
possible to overcome distortions in MTF measure- 
ments arising from this lack of isoplanaticism by 
using a ‘white’ spatial noise random object. This 
gives rise to a white noise random image. The ratio of 
the image power spectral density to object power 
spectral density is equal to the square of the system 
MTF. In this way the lack of isoplanaticism is 
overcome by the spatial randomness of the object 
and image. 

Pixel size strongly affects system MTF. If a pixel 
represents a point image, then pixel size and shape are 
minimum spread function. A best case OTF for such 
an imaging system is then a normalized FT of the pixel 
shape. For example, a square pixel yields a two- 
dimensional sinc MTF whose width increases as pixel 
size decreases. 


Optical Transfer Functions for Image Motion 
and Vibration 


Image blurring caused by vibrations is a factor whose 
influence on resolution is often significant in imaging 
systems that involve mechanical motion. A stabilized 
system, which obtains image motion corrections 
by moving optical elements so as to counteract 
sensor motions, has a residual error typically on the 
order of 2500 wrad/s involving pitch, roll, yaw, and 
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forward motion compensation errors. The greatest 
errors usually result from rotational vibration. A 
stabilized mount-type system has a combined error 
typically on the order of 100 wrad/s. Even where 
no motion is involved, as in large fixed-position 
astronomical telescopes, vibrations deriving from 
thermal gradients in the walls and other parts of the 
telescope can be the limiting factor in image 
resolution. 

As a consequence of such image motion, in many 
high-resolution systems, despite the use of high- 
quality sensors, resolution is limited by image motion 
and, as a result, the high-resolution capability of the 
sensor may be wasted. It can be a significant waste of 
means to use an expensive high-resolution sensor in 
such a situation unless the blur can be corrected with 
image restoration. In imaging system design, a 
convenient engineering tool is OTF. The overall 
system OTF is limited by the OTF of the weakest 
link. The formulation of such image motion blur into 
an OTF format is thus very convenient for system 
design and system analysis purposes, as well as for 
image restoration. 

OTFs can describe image quality for many 
forms of image motion such as linear (uniform) 
motion, sinusoidal vibrations at high vibration 
frequencies, sinusoidal vibrations at low vibration 
frequencies, acceleration, etc. The OTF for any type 
of image motion can be calculated numerically in 
real time provided the motion function is known. 
This is usually determined easily via a gyroscope or 
microelectronic accelerometer. 

In general, the motion of interest is not the actual 
relative motion between object and imager, but 
rather the relative motion between imager and 
image plane. The latter motion is that observed in 
the image plane. Both of these motions are related to 
each other by the image system magnification. 
Hence, image plane relative motion is usually much 
less than the actual relative motion. However, any 
motion during an exposure gives rise to blurring of 
image plane detail. One question to be considered is 
how much blur can take place as a result of motion 
and still not be noticeable because of inherent blur 
deriving from the PSF of the rest of the imaging 
system. In other words, assuming that image motion 
and vibration blur cannot be removed completely, 
how much is tolerable before resolution and target 
acquisition capability are affected? This depends on 
focal length and system zoom. 

A general method of OTF calculation is obtained by 
the line spread function (LSF) derived from image 
motion transverse to the optical axis. The MTF is 
derived as the modulus of the MTF or FT of the LSF, 
and the PTF is derived as the phase of the OTF. The LSF 


is the probability density function (PDF) of the 
histogram of the relative transverse displacement 
between object and sensor beginning at time ¢, and 
ending at time t, +t. where t, is measured from the 
instant the sensor is first exposed and f, is exposure 
time. 

Recently a method of calculating motion OTF 
analytically has been developed for any type of 
motion. Also, methods to calculate motion OTF 
without a motion sensor have been derived for a 
sequence of consecutive images and even from a 
single motion-blurred image. All three methods have 
been used successfully in image restoration. 


Optical Transfer Functions for the Atmosphere 


Many properties of the atmosphere affect the quality 
of images propagating through it. There are atmos- 
pheric phenomena that give rise to attenuation of the 
irradiance of the propagating image, thus reducing 
the contrast of the final image. There are also 
atmospheric phenomena that cause blurring of detail. 
Both types of phenomena prevent small detail from 
being resolved in the final image, thus degrading 
image quality. 

Electromagnetic (EM) wave absorption and scat- 
tering by the constituent gases and particulates of the 
atmosphere and airborne particulates give rise to 
attenuation. Scattering of photons by airborne 
particulates is manifested as deflections of the 
photons to directions other than that of the original 
propagation. If such scattering causes the deflected 
photons to miss the imaging receiver, then the 
scattering is manifested as attenuation. The received 
irradiance of the image propagated through the 
atmosphere is correspondingly diminished from that 
in the object plane. However, if the light scattering is 
at very small angles with respect to the original 
direction of the propagation, and several such small- 
angle scattering events take place, then forward- 
scattered radiation can take round-about paths and 
still be received by the imaging system together with 
the unscattered radiation. The net effect is image 
blurring caused by a multitude of angles of arrival at 
the imaging receiver of radiation emanating from the 
same point in the object plane. Many multiple- 
scattering paths give rise to a relatively large 
blurred-point image rather than a fine sharp-point 
image. Adjacent image plane points can then appear 
for a single object plane point, thus degrading image 
resolution. Such aerosol scatter blur is known as the 
adjacency effect. 

Another effect of light scattering, particularly at 
large angles, is increased path radiance. The atmos- 
pheric background irradiance at wavelengths less 
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than 2-4 wm, consists through the day of scattered 
background light such as sunlight. This atmospheric 
background radiation is imaged over the same 
image space as the received irradiance from the 
target plane. The result is decreased contrast of 
the target plane scene. At wavelengths larger than 
4m, most of the path radiance is not scattered 
sunlight, but rather thermal emission of the atmo- 
spheric constituents, gases in particular. This thermal 
path radiance decreases contrast in thermal imaging 
systems, particularly in the longwave infrared 
(8-13 pm). 

Turbulence results from variations in the atmos- 
pheric refractive index, which are random in both 
time and space. These refractive index fluctuations 
are caused by local fluctuations in atmospheric 
temperatures, pressure, humidity, etc., all of which 
are affected by wind speed, which in itself is also 
random in time and space. Generally, the larger the 
temperature and humidity gradients, the more serious 
the image resolution degradation caused by turbu- 
lence. The lower the wind speed, the stronger the 
impact of turbulence. Scattering and turbulence are 
basically two very different physical mechanisms, 
each exhibiting quite different properties. Time 
dynamic properties such as scintillations and image 
dancing derive from turbulence, while aerosol scatter 
light changes only slowly with time. 

A point that must be strongly emphasized is that 
there is no such thing as a purely turbulent, purely 
scattering, or purely absorption atmosphere. All three 
properties occur simultaneously in the real-world 
atmosphere. Modeling and interpretation of experi- 
mental results must relate to all three processes. Any 
attempt to pretend otherwise is not realistic. In 
general, blur is caused by turbulence and small- 
angle scatter of light by aerosols and_ particles. 
Attenuation is caused by large-angle scatter and by 
absorption. 

Generally turbulence blur is dominant for images 
near the ground, where ground heating gives rise to 
the turbulence. Aerosol blur is usually dominant at 
higher elevations, even as little as several meters 
above ground, depending on weather conditions and 
wavelength. 

The product of both aerosol and turbulence 
MTFs (in the spatial frequency domain, after FT) 
yields approximately atmospheric MTF. The atmos- 
pheric MTF can be predicted according to 
atmospheric (meteorological) parameters. Aerosol 
MTF calculation is based on optical depth, which 
includes parameters such as scattering and absorp- 
tion coefficients through the atmosphere over the 
imaging path. Turbulence MTF calculation is based 
on the refractive index structure coefficient, which 


includes parameters such as temperature, humidity, 
wind speed, etc. 

By referring to the edge response in a given 
scene the atmospheric MTF may be calculated. 
The edge separating the wide white and black bars 
is imaged from the scene. The image of the edge is 
not a step function because of atmospheric blur. 
The gradient of the edge image is the LSF, from 
which the overall atmospheric MTF can be 
obtained after the FT of the LSF is divided by 
the hardware MTE 


Spatial Filtering 


Spatial filtering is a process by which we can alter 
properties of an optical image by selectively 
removing certain spatial frequencies that make up 
an object, for example, filtering video data received 
from satellite and space probes, or removal of 
raster from a television picture or scanned image. 
In digital image processing, the term image refers 
to a two-dimensional light-intensity function, 
where amplitude at spatial coordinates (x,y) 
gives the intensity (brightness) of the image at 
that point. 

Digital image processing techniques are oriented to 
transform, enhance, restore, or encode an image. 
Digital image restoration is on the basis of the OTF or 
even MTF alone describing the image degradation. 
Resolution is limited usually not by electronics or 
optics, but by image motion and vibration. For long- 
range imaging, the image quality may be limited by 
atmospheric effects. 

By image restoration filters we refer primarily to 
spatial frequency filters placed in the spatial fre- 
quency plane in the optical data processor. Although 
data processing is done optically, the same math- 
ematical concept is usually carried out with a digital 
computer. It is also possible to do restoration in the 
spatial domain. The simplest image restoration filter 
is the inverse filter. When noise becomes a problem, 
there are often used three classes of minimum mean 
square error estimations (MMSEE), which are the 
noncausal Wiener filtering, causal Wiener filtering, 
and Kalman filtering. Kalman and Wiener filters are 
proposed to obtain the optimum solution for the 
MMSEE problem in linear systems. Wiener filters are 
applied in linear time invariant systems, and Kalman 
filters in linear systems which may be either time 
invariant or time variant. A novel area of application 
for Wiener filtering is image restoration. On the other 
hand, if the estimation processes are partial and an 
ideal image is not obtainable, a Kalman filter 
may present better restoration results than a 
Wiener filter. 
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Figure 3 An example for satellite image restoration. (a) Original image of Beer-Sheva, Israel, from Landsat 7 satellite; (b) restored 
image after Kalman filter using aerosol and turbulence MTFs. Reproduced with permission of the American Society for Photogrammetry 
and Remote Sensing from Arbel D, Cohen E, Citroen M, Blumberg DG and Kopeika NS (2004) Landsat TM satellite image restoration 
using Kalman filters. Photogrammetric Engineering and Remote Sensing (PE&RS) 70(1): 91-100. 


Figure 3 demonstrates the restoration result for a 
satellite image. Figure 3a presents an original 
Landsat 7 enhanced thematic mapper plus (ETM+) 
image of the city of Beer-Sheva, Israel. The image was 
recorded from 750 km satellite elevation. The image 
was recorded using an ETM+ sensor with 15m 
ground resolution, and its wavelength range is 
520-900 nm (Panchromatic band). Figure 3a is of 
256 X 256 pixel size, which is a segment defined as 
a region of interest (ROI) in the original image. 
The scene was recorded on August 7, 1999 and was 
degraded (blurred) as a result of the meteorological 
conditions, which were measured and recorded 
(as data) at the same time. Figure 3b shows the 
restored image using the Kalman filter, which was 
based on the atmospheric MTE, which is obtained by 
using aerosol MTF with turbulence MTF. The 
restored image (Figure 3b) is more detailed. For 
example, roads and buildings were deblurred and 
became more accurate than in the original image 
(Figure 3a). 


See also 


Environmental Measurements: Optical Transmission 
and Scatter of the Atmosphere. Fourier Optics. Holo- 
graphy, Techniques: Computer-Generated Holograms. 
Quantum Optics: Quantum Computing with Atoms. 
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Introduction 


The concept of radiation pressure or pressure from 
the propagation of light is not new. In the early 
seventeenth century, Johannes Kepler proposed that 
radiation pressure from the sun accounted for the fact 
that tails of comets always point away from the sun. 
In 1873, James Maxwell, on the basis of electromag- 
netic theory, showed that pressure should result from 
the absorption or reflection of a beam of light. 
However, early studies in the beginning of the 
twentieth century that attempted to detect and 
quantify the effects of radiation pressure were 
unsuccessful, mainly frustrated by thermal forces 
from temperature gradients that tended to obscure 
the weak effects of radiation pressure. It was only in 
the 1960s, that the advent of lasers provided a light 
source with the power to generate sufficient radiation 
pressure to overcome forces due to thermal effects. 

As lasers became generally available in the early 
1970s, Arthur Ashkin from the Bell Labs pioneered 
the development of optical tweezers. He showed that 
the forces of radiation pressure from focused laser 
beams could be used to affect the dynamics of small 
transparent micrometer-sized particles. According to 
Ashkin, his early experiments were motivated by 
simple back of the envelope calculations of the 
magnitude of the radiation pressure force of light 
on a totally reflecting mirror. Let us consider such 
a calculation: a photon of frequency w has a 
momentum of fw/c. For a total power of I, we have 
a flux of I/hw photons per second incident on the 
mirror. When the photons are reflected, they 
transfer a momentum of 2I//c to the mirror. 
The force exerted on the mirror for I=1W, is 
approximately 10~? N. If the mirror is a 1 wm size 
particle weighing 10° '° kg, this force will induce an 
acceleration of 10° g! 

In the following decade, Ashkin demonstrated that 
by focusing laser light using a high numerical aperture 
microscope objective, strong intensity gradients could 
be created to optically trap small dielectric particles 
such as microspheres. Ashkin named this trapping 
scheme a ‘single-beam gradient force trap’, now more 
commonly called optical tweezers. 

Today optical tweezers are well-established and 
extremely versatile tools for the physical and life 


sciences. Using optical tweezers, forces up to 200 pN 
can be applied with a resolution of 100aN on 
particles with dimensions on the order of the 
wavelength of light. Even particles as small as 5 nm 
can be trapped, rotated, positioned, and arrayed. 
Optical tweezers have been used in single molecule 
studies of biopolymers (DNA, RNA), in the manipu- 
lation of various types of cells and in cell sorting, in 
microsurgical procedures, as well as in viscoelastic 
studies of membranes, and protein. Optical tweezing 
has also been the key tool in the understanding of the 
workings of molecular motors such as myosin, 
kinesin, RNA polymerases, etc. 


Theory 


Optical tweezers trap dielectric particles using radi- 
ation pressure generated by a tightly focused beam of 
light from a laser. Depending on the size of the particle 
in relation to the wavelength of the trapping beam, 
there are two different mechanisms responsible for 
trapping small particles in a single beam gradient trap. 
For particles in the Mie regime, where the particle size 
is large compared to the laser wavelength, a simple 
geometric-optics model serves best. Figures la—c, 
illustrate possible cases of a Mie particle in an optical 
trap. Here, the particle is assumed to be a sphere that is 
transparent with a refractive index higher than that of 
the surrounding medium. The particle behaves as a 
convergent lens refracting and deflecting the beam 
when its center is displaced from the laser focus. In 
Figure 1a, the sphere is axially displaced from the 
focus, away from the microscope objective. Ray A is 
then refracted toward the surface normal as it enters 
and exits the sphere, causing a change in the 
momentum of the ray. Due to conservation of 
momentum, the sphere reacts with a force F, in the 
opposite direction. The situation is similar for ray 
B. The gradient force, F obtained from the vectorial 
addition of F, and F,, is directed toward the light 
source. At the same time, the scattering force, arising 
from back and scattered reflections, is directed away 
from the light source. It can be seen that above the 
focal point, the scattering and gradient forces act in the 
same direction, pushing the particle away from the 
light source (Figure 1b). For a particle in the focal 
plane, but transversely displaced from the trap center, 
the gradient force acts in a restoring direction pushing 
the bead into the trap focus (Figure 1c). At a location 
just below the focus, the scattering force balances the 
gradient force and stable optical trapping is achieved. 
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(a) 





Figure 1 Ray diagram sketches showing three cases of particle trapping in the Mie regime. Rays A and B border the cone of light 
focused by a high numerical aperture microscope objective. The refraction of these rays gives rise to forces F, and Fp, the resultant 
force Ftends to restore axial and transverse displacements of the particle from the trap focus (at the intersection of dotted rays A and B). 


This simple ray optics model can also be used to 
estimate the trapping force, an example of such a 
calculation is shown in Box 1. 

For dielectric particles in the Rayleigh regime, 
where the size of the particle is small compared to the 
wavelength of the incident light, the particle acts as a 
simple dipole. The electromagnetic light wave 
polarizes the particle, inducing a set of oscillating 
dipoles. The dipoles respond to the electric field of the 
incident light in the direction of the gradient, 
resulting in the movement of the particle towards 
the focal point. Additionally, there is also a scattering 
force, acting in the direction of beam propagation, 
from light that is scattered or absorbed. While the 
scattering force is proportional to the electromagnetic 
field, the gradient force is proportional to the gradient 
of the electromagnetic field. Therefore, stable optical 
trapping can be achieved for a field with a gradient 
large enough to overcome the scattering force. This 
can be obtained by using a microscope objective with 
a high numerical aperture. 

Stable trapping is achieved when the energy 
associated with the trapping significantly exceeds 
the thermal energy of the trapped particle, +kgT per 
degree of freedom. Since the optical gradient is 
weakest in the axial direction of the trap, the trap 
stiffness in this direction limits its stability. Further- 
more, the trap is weakened in the axial direction by 
the scattering force, which pushes the microsphere 
away from the objective. To overcome this, two 
counterpropagating laser beams can be used, not only 
to increase the axial gradient of the trap, but also to 
provide a compensating scattering force in the 
opposite direction. 


Force Measurement 


Optical tweezers can be used as picotensiometers 
or highly sensitive force sensors. Measuring the 


displacement of a particle in a trap with known 
stiffness k, yields the force F given by 


F= —-k-x [1] 


The displacement can be measured in different ways, 
ranging from video microscopy to light-scattering 
techniques. Some of these methods are discussed in 
the instrument design section below. 

The trap stiffness is generally not known a priori as 
it depends on the shape and intensity of the trap, as 
well as the relative refractive index, shape, and 
position of the object in the trap. Since theoretical 
approximations are usually not accurate enough, the 
trap stiffness must be empirically determined and 
calibrated. 

Various force calibration strategies have evolved 
over the years, however, they can be broadly divided 
into two types: (i) schemes that rely on the interaction 
of the optical trap with viscous forces; and (ii) those 
that exploit the thermal fluctuations of the trapped 
object. 


Force Calibration by Viscous Drag 


The conceptual basis for calibration by viscous drag is 
simple. A known force is exerted on a trapped object 
and the deviation in its position is measured as a 
function of the applied force. The trap stiffness can 
then be calculated from eqn [1]. Force can be exerted 
by either flowing liquid past the trapped object, 
translating the microscope stage while keeping the 
trap fixed, or translating the optical trap while 
keeping the sample fixed. 

In a situation where the Reynolds number is small, 
inertial forces can be neglected and Stokes’ Law gives 
the viscous drag force on a sphere of known radius r: 


Fa = (67nr)v = Bv [2] 
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Optical Tweezers in the Ray Optics Model 


In a simple ray optics model, the trapped microsphere acts like a small lens on the incident laser beam. If 
the microsphere is not centered on the beam axis, the beam will be refracted. The corresponding change 
in the momentum of the laser beam gives rise to a restoring force on the microsphere. 


A 


Apy 





Figure B1 


A photon of frequency w in a medium of refractive index 7, that is deflected by an angle 6, as shown in 
Figure B1, acquires a lateral momentum of 


_ hon, 





Ap. sin 0 [B1] 


Momentum conservation requires a counteracting force on the microsphere, which is for a laser beam of 
intensity I 


I 
F, = at sin 0 [B2] 


Assuming that the deflection angle 0 is given by the deflection of a beam that is incident on biconvex lens 
with curvature R and refractive index n at an off-axis displacement Ax, we find for the restoring force on 


the microsphere: 





21 
xe = (m2 — my )Ax [B3] 
Re 
which describes a linear spring with a stiffness of the optical trap of 
2I 
k re. 11) [B4] 
c 





Here, 7, the viscosity of the sample fluid, is known 
and immediately allows the determination of the 
friction coefficient B of the sphere. The fluid velocity, 
v, can be measured in the case of external fluid flow 
by either tracking the trapped object when the trap is 
switched off or measuring the speed of some other 
marker in the sample. If the stage is moved to 
generate the fluid flow, the velocity of the fluid 
surrounding the trapped object can be estimated from 


the motion of the stage. In either case, the drag 
coefficient, from eqn [2] may need to be corrected if 
the trapped object is close to the walls of the sample 
cell. This correction is well known as Faxen’s Law, 
which accounts for hydrodynamic interactions 
between the trapped particle and the wall. 
These effects are particularly significant when the 
center of the trapped particle is less than a diameter 
away from the wall. The advantage of these fluid-flow 
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calibration methods is that the trap stiffness at regions 
far from the trap center can be measured. The 
drawback is that, in general, only transverse trapping 
forces can be measured and the trapped objects have 
to be approximated as spherical or ellipsoidal. 


Thermal Motion Methods 


These methods measure the Brownian motion of a 
trapped particle to deduce the trap stiffness. A 
trapped particle experiences three forces: (i) the 
thermal forces due to collisions with surrounding 
solvent molecules; (ii) forces from viscous drag; and 
(iii) the restoring force of the trap. For low Reynolds 
numbers, where the inertial effects can be neglected 
for the microsphere, the equation of motion is 


Bx + kx = F(t) [3] 


Where B is the viscous drag, k is the trap stiffness, and 
F(t) is a randomly fluctuating Langevin force due to 
thermal fluctuations. This motion of the microsphere 
in the trap at a temperature T is characterized by a 
Lorentzian power spectrum of the form: 


2 kyT 


“2 Be +P) " 





where fy = k/(27) is the corner frequency, above 
which the motion of the particle is Brownian. 

To calibrate the optical trap by the corner 
frequency method, the motion of a trapped particle 
is observed and its power spectrum, which is the 
Fourier transform of the autocorrelation function, is 
calculated. Fitting the power spectrum to a Lorent- 
zian function will yield the corner frequency fp, which 
can be directly related to the trap stiffness k, provided 
that the drag coefficient B can be estimated. 

Alternatively, the trap stiffness can be obtained 
directly from the time constant of the exponential 
decay of the autocorrelation function of the 
particle motion. The spring constant is the ratio 
of the drag coefficient to the time constant of the 
trap. 

Another approach known as the mean square 
displacement method does not require the estimation 
of the drag coefficient but does require a well- 
calibrated position detector. In this method, the 
mean square displacement (x7) of the fluctuations of 
a trapped particle is computed from position data and 
then by the Equipartition theorem: 


(x?) = kpT/k [5] 


This enables a simple, straightforward calculation of 
k, the trap stiffness. 


Design 


Optical tweezing stations broadly fall into three 
categories: (i) stand-alone systems; (ii) systems 
incorporating an optical microscope; and (iii) com- 
pletely configured commercially available systems. 
Stand-alone systems feature optical tweezers built 
around a microscope objective and suitable optical 
components. These systems provide the maximum 
flexibility and can be easily reconfigured to adapt to 
different experimental needs. Furthermore, they also 
tend to provide the best mechanical stability, if 
configured properly. Figure 2a shows a picture of a 
stand-alone optical tweezing setup from our labora- 
tory. This system is capable of the basic tasks of 
trapping, holding, and positioning microscopic 
objects. The most common optical tweezing stations 
are integrated into commercial light microscopes as 
sketched in Figure 3. The advantage of these hybrid 
systems is that the commercial microscope provides a 
flexible, optimized optical imaging platform, in 
which the optical trapping system can be integrated 
with only moderate difficulty. Figure 2b shows a 
picture of a typical optical tweezing station built 
around a commercial inverted microscope and 
mounted on a vibration-isolation table. This system 
includes an acousto-optic modulator that enables 
beam scanning for line-tweezing experiments. At the 
time of this writing, optical tweezing systems range 
from less than $10 000 for basic demonstration 
stations to between $50 000 to $100 000 for more 
sophisticated hybrid systems. 

Commercial fully integrated systems are available 
from P.A.L.M. Microlaser Technologies AG (Bern- 
ried, Germany), Cell Robotics, Inc (Albuquerque, 
NM, USA), and Arryx (Chicago, IL, USA). Figure 2c 
shows a commercial optical tweezers set-up available 
from P.A.L.M. Microlaser Technologies. 

When designing an optical tweezing station, the 
first item to consider is the choice of laser system. A 
simple single beam tweezing system can be built 
around a laser with less than 100 mW of power. Even 
though the minimum power required for trapping is a 
few milliwatts in the laser focus, there is considerable 
power loss in the tweezing and microscope optics. 
Also, the trap stiffness and thus the maximum 
trapping force decreases linearly with intensity, 
therefore most optical tweezers typically use lasers 
with an output power of 1 W. In some special 
applications, when beam scanning or multiple traps 
are required, the power requirement can be signifi- 
cantly larger. The wavelength of the laser also affects 
the capability of the trap in that the optimum 
wavelength depends on the size of the objects that 
are to be trapped. In general, the strongest traps occur 
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1/27/2018 Basic Electronics 1A 


scale and pointer (needle). 

It will measure resistance values (normally used to test resistors) - (you can also 
test other components) and Voltage and Current. We use the resistance settings. It 
may have ranges such as "x10" "x100" "xik" "x10" 

Look at the resistance scale on the meter. It will be the top scale. 

The scale starts at zero on the right and the high values are on the left. This is 
opposite to all the other scales. 

When the two probes are touched together, the needle swings FULL SCALE and 
reads "ZERO." Adjust the pot on the side of the meter to make the pointer read 
exactly zero. 


How to read: "x10" "x100" "x1k" "x10" 

Up-scale from the zero mark is "1" 

When the needle swings to this position on the "x10" setting, the value is 10 ohms. 
When the needle swings to "1" on the "x100" setting, the value is 100 ohms. 

When the needle swings to "1" on the "x1k" setting, the value is 1,000 ohms = ik. 
When the needle swings to "1" on the "xi0k" setting, the value is 10,000 ohms = 
10k. 

Use this to work out all the other values on the scale. 

Resistance values get very close-together (and very inaccurate) at the high end of 
the scale. [This is just a point to note and does not affect testing a transistor. ] 


Step 1 - FINDING THE BASE and determining NPN or PNP 

Get an unknown transistor and test it with a multimeter set to "x10" 

Try the 6 combinations and when you have the black probe on a pin and the red 
probe touches the other pins and the meter swings nearly full scale, you have an 
NPN transistor. The black probe is BASE 

If the red probe touches a pin and the black probe produces a swing on the other 
two pins, you have a PNP transistor. The red probe is BASE 

If the needle swings FULL SCALE or if it swings for more than 2 readings, the 
transistor is FAULTY. 





This is an NPN transistor This is a PNP transistor 
The black probe isthe BASE heredprobe is the BASE 


Step 2 - FINDING THE COLLECTOR and EMITTER 

Set the meter to "x10k.” 

For an NPN transistor, place the leads on the transistor and when you press hard on 
the two leads shown in the diagram below, the needle will swing almost full scale. 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page7.html 
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Figure 3 A sketch showing the instrumentation of a typical optical tweezing system incorporated into a commercial microscope. 


for particles of size comparable to the wavelength of 
the laser. Another important concern in the choice of 
wavelength is possible damage to the sample from 
absorption and heating. In general, biological 
material is more transparent to the longer wave- 
lengths of the IR spectrum. Studies on living cells have 
shown that generally, a range of wavelengths of 
700 nm to 1100 nm, termed ‘the optical window’ 
of cells and tissue, is most suitable. Importantly, at 
higher wavelengths there is a reduced possibility 
of damage from multiphoton effects. DNA (260 nm) 
and proteins (280 nm) are strong absorbers in the 
ultraviolet range. Due to multiphoton effects, wave- 
lengths between 700-800 nm have been seen to affect 
cell metabolism and lead to cell death within seconds. 
However, at wavelengths greater than 1000 nm, the 
simultaneous absorption of four photons required is 
unlikely at typical laser intensities used in trapping 
experiments. 

The beam quality of the laser also restricts the 
choice of laser system. Diode lasers, in particular, 


have poor beam quality since the beam is often 
elliptical in shape and astigmatic, leading to a larger 
inefficient trap. Over the years, Nd-YAG lasers, at 
1064 nm, have emerged as the lasers of choice, 
providing the best balance between price, power, 
and quality. 

To achieve stable trapping it is essential to create an 
optical potential in which the gradient forces dom- 
inate the scattering force as discussed in the 
Theory section above. This suggests that the higher 
the numerical aperture (NA) of the microscope 
objective the stronger and more stable the trap will 
be. Oil or water-immersion microscope objectives 
with NA > 1.2 are commonly used. Further, this 
requirement also implies that the back aperture 
(rear entrance) of the microscope objective needs to 
be completely filled or, in the case of a Gaussian 
beam, overfilled to a certain degree to achieve 
optimal trapping efficiency. Since most commercial 
objectives are corrected for achromatic and spherical 
aberrations in the visual region of the spectrum, only 





Figure 2 


(a) A stand-alone tweezing station built around a microscope objective mounted on a vibration isolation table. (b) A typical 


tweezing station incorporated into a standard commercial microscope. This setup features dual-steerable optical traps and includes a 
CCD camera. Position detecting instrumentation can be mounted on the existing microscope stage. (c) The commercially available 
PALM® Combisystem utilizes an IR laser (wavelength 1064 nm) and a UV laser (wavelength 377 nm) coupled via the epi-fluorescence 
path to a research microscope. The system advertises automated and noncontact laser microdissection as well as trapping, sorting, and 
positioning. (Figure 2: (c), courtesy of P.A.L.M. Microlaser Technologies, Bernried, Germany.) 
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a small fraction of the working distance is usable for 
viable trapping. Normally this is limited to within 
40 pm of the cover slip. 

In addition to providing a beam large enough to 
overfill the back aperture, there are two other criteria 
that the external optics have to satisfy: first, the 
optical trap should be parfocal with the specimen 
plane. This enables the visualization of trapped 
objects. Second, the laser beam should be able to 
pivot around the back aperture without moving 
laterally to maintain the same degree of overfilling. 
This allows for a stable two-dimensionally movable 
trap. In practice, these requirements are fulfilled by 
using a telescopic system of lenses and Gimbal 
mounted mirrors. The latter are special mounts that 
enable a mirror to be tilted around its center position 
without lateral displacement. The telescope expands 
the incoming beam to fill the back aperture of the 
microscope objective and also images the back 
aperture onto the center of the Gimbal mounted 
mirror. As seen in Figure 4, since the back aperture of 
the microscope objective and the Gimbal mounted 
mirror are in conjugate planes, a small tilting of the 
mirror will only result in a change in the angle of 
the laser beam entering the microscope objective. The 
position of the beam will be unchanged, as will 
the degree of overfilling. 

More sophisticated optical tweezer designs use 
acousto-optic modulators and galvanometer scan- 
ning mirrors to create scanning line tweezers and/or 
multiple traps. The basic approach is to deflect the 
laser beam to create multiple traps or to scan a single 
trap to create a one-dimensional potential well. 
Additionally, a new generation of holographic optical 
tweezers, capable of creating three-dimensional 
arrays of trapped particles, has emerged. Computer 
generated holograms that modify the phase and 
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amplitude of the trapping laser are reverse engineered 
from the desired two- or three-dimensional optical 
trapping patterns. Furthermore, constructing such 
holograms from liquid crystal light modulators 
allows for dynamic control of the trapping pattern, 
yielding a fully computerized reconfigurable trapping 
system. An interesting example of the application of 
holographic optical tweezers to colloidal transport is 
shown in Figure 5, the first demonstration of 
‘kinetically locked-in states’ where particles traveling 
across a potential mesh display a preference for 
certain paths. 

It is to be noted that the optical tweezer is 
fundamentally a constant-extension technique, that 
is, it attempts to maintain the extension of a stretched 
molecule whereas the force is varied. However, it is of 
interest to study the action of molecular motors under 
constant force conditions. A basic optical tweezers 
setup can be modified to include an electronic 
feedback loop to provide constant force conditions. 
More recently, scanning-line optical tweezers have 
been adapted to implement all-optical constant force 
schemes that dispense with the need for electronic 
feedback. 

An important aspect of any force measurement is 
the ability to accurately image and measure the 
position of a trapped particle. Standard digital video 
microscopy techniques yield a resolution of ~5 nm 
but have limited bandwidth and thus cannot be used 
for systems that employ feedback control of laser 
intensity or trap position. In these systems, the 
forward- or back-scattered trapping laser light from 
the trapped particle can be imaged onto a calibrated 
quadrant photodiode to provide sensitive position 
detection at high bandwidths (~1 kHz). If the 
photodiode is fixed in a plane conjugate to the back 
focal plane of the microscope objective, the trap can 


Back focal plane 
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Figure 4 A sketch showing the working of a gimbal mounted mirror in two positions (shown as shaded and as unshaded). For small 
tilts of the mirror, the beam is seen to ‘pivot’ about the back aperture of the microscope objective resulting in the displacement of the 
optical trap in the focal plane. Note that for both beams the degree of overfilling of the back aperture of the microscope objective is 


unchanged, a crucial requirement for movable traps. 
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Figure 5 Data showing the superimposed paths of approxi- 
mately 18 000 micron-sized particles flowing across a 10 x 10 
grid of optical traps created by holographic optical tweezers. The 
particles are deflected laterally assuming a path dictated by the 
potential energy landscape and display kinetically locked-in 
states. This technique can be used to sort particles based on size, 
refractive index or charge. (Picture courtesy of D. Grier.) 


be moved without having to move or recalibrate the 
photodiode detector. Using the quadrant photodiode 
method 2- and 3-dimensional position sensing is 
possible. A further improvement is found in schemes 
that use an additional laser dedicated to position 
sensing. The most sensitive method, however, for 
position sensing is interferometry. In this scheme, the 
trapping laser beam is split into two orthogonally 
polarized beams that are recombined after passing 
through the microscope objective and the sample. For 
a particle perfectly centered in the trap, the resulting 
combined beam has a circular polarization. In other 
cases, the bead displacement is sensitively reflected in 
the ellipticity of the polarization. 


Applications 


Colloids 


Optical tweezers have been widely used to probe the 
interaction in colloids and other complex fluids. In 
fact, an optical tweezer apparatus was included in the 
instrumentation on the International Space Station 
for use with colloidal crystallization experiments in 
space. Various aspects of colloidal interactions have 
been studied using optical tweezers including mutual- 
and self-diffusion coefficients, the effects of hydro- 
dynamic and electrostatic interactions, and depletion 


layer effects. More sophisticated scanning-line tweez- 
ing setups have been used to probe entropically driven 
self-assembly and interactions of colloids in polymer 
suspensions. 

Blinking optical tweezers provide an elegant 
method for positioning colloidal particles in configur- 
ations of interest in a solution. When the tweezers are 
switched off the colloids respond to their environ- 
ment, reacting to thermal forces and interacting either 
with other colloids or interfaces. The trajectories of 
the released colloids can be tracked and analyzed in 
2D using digital video microscopy or 3D if combined 
with an evanescent illumination scheme. Switching 
on the tweezers again results in a return to the initial 
configuration, yielding a reproducible and tightly 
controlled experiment to examine colloidal behavior. 


Biopolymers 


The study of biopolymers has benefited from the 
development of optical tweezers. By chemically 
attaching a trappable latex microsphere to a biopo- 
lymer of interest, the molecule can be stretched, 
positioned, or moved. Measuring the response of the 
biopolymer to these external forces yields useful 
information such as elasticity, rigidity, and domain 
unfolding characteristics. This information obtained 
at a single molecule level has provided invaluable 
insight into the relationships between the structure 
and function of biopolymers. For example, in an early 
tweezing experiment, characterizing the intrinsic 
elasticity of A-phage DNA, it was discovered that 
the double-stranded DNA undergoes a reversible 
structural transition when stretched at forces greater 
than 65 pN, extending to about 1.7 times its crystal- 
lographic contour length. These studies comple- 
ment well-established structural techniques, such as 
X-ray crystallography and NMR, which provide 
information in a force-free environment. Further- 
more, by anchoring one strand of DNA to a surface 
and pulling on the other strand, unzipping forces for 
DNA have been measured. Optical tweezers have also 
been combined with other mechanical tools, such as a 
micropipette, and used as sensitive tensiometers. 
Protein folding and unfolding experiments are 
generally harder, as their contour length is shorter 
than that of typical DNA fragments. Nevertheless, 
the folding and unfolding behavior of single giant 
muscle protein, titin has been probed by attaching a 
different latex bead to either end of the molecule. The 
first bead is held by a movable micropipette and the 
second bead is optically trapped. As the micropipette 
is moved, the position of the optically trapped bead 
provides information about the forces required to 
unfold the membrane domains of the protein. 
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Figure 6 Observation of the stepping motion of the molecular 
motor kinesin. (a) A microsphere attached to a kinesin molecule is 
optically trapped; as the kinesin steps along a microtubule track 
which is immobilized onto a glass substrate, it pulls on the 
microsphere, whose motion is followed by an electronic feedback 
mechanism. (b) Motion of a single kinesin motor stepping against 
a 5pN force. The data shows the discrete 8 nm steps of kinesin. 
(Figures courtesy of S. Block.) 


Molecular Motors 


Molecular motors (proteins that transduce chemical 
potential energy in to mechanical motion) have been 
the subject of intense attention since the early 1990s. 
Optical tweezers have played a crucial role in 
furthering the understanding of the mechanisms of 
molecular motors. The characteristics of molecular 
motor systems that have been studied with optical 
tweezers include speed, step-size, processivity, 
ATPs consumed per stroke, stall force, and static 
force. In fact, many of the advances in optical 
tweezers technology have been motivated by the 
study of molecular motors and have lead to 


spectacular results. An impressive example is the 
observance of the stepping motion of kinesin, as 
shown in Figure 6. Other experiments on molecular 
motors with optical tweezers have measured the stall 
force of motors as they move along their polymer 
track, or observed the transcription of DNA and 
RNA polymers, yielding interesting observations of 
the pauses during the transcription process. 


Cells 


The application of optical tweezers to cell biology 
was first demonstrated by Ashkin and co-workers 
in the late 1980s, by successfully trapping living 
objects: large viruses and bacteria. Since then, optical 
tweezers have been widely used to study various 
aspects of cellular biology. These include cell repro- 
duction, growth, adhesion, mobility, and membrane 
elasticity. Additionally, the noninvasive nature of 
optical tweezers enables manipulations in the 
interior of an unopened object, allowing for the 
study of intracellular mechanisms by subcellular 
manipulations. 

Optical tweezers have also been combined with 
various techniques to yield application-oriented tools 
for cell biologists. For instance, the combination of 
optical tweezers and state-of-the-art image recog- 
nition algorithms has been used to develop micro- 
fluidic cell sorters. In reproductive medicine, two of 
the major problems are penetration of the egg and 
sperm motility. A promising new solution combines 
laser zona drilling to pierce the egg envelope and 
optical tweezing to transport the sperm cells to the egg. 


See also 


Modulators: Acousto-Optics. 
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Introduction 


Phase conjugation of a wave is a process that has long 
been recognized. However, the technique for produ- 
cing high-quality phase conjugation is relatively new. 
Also, the principal use of phase conjugation, the 
correction of phase errors in waves that have 
propagated through phase-distorting media, is rela- 
tively new, having originated in holography in the 
1960s. Today, phase conjugation is an important area 
of modern optics. This article describes the conju- 
gation of a wavefield by the process of holography 
and the holographic phase conjugation method of 
removing phase distortions from a wavefield, thereby 
permitting high-quality images to be produced from 
phase-distorted waves. 

The basic meaning of a conjugated wave is 
explained with the aid of Figure 1. Figure 1a shows 
a wavefield propagating to the right. For simplicity, 
we show only one wavefront, i.e., one contour of 
constant phase. It is understood that a wavefield 
consists of a sequence of such wavefronts, with each 
wavefront differing in phase by 27 from the adjacent 


one, and separated by the wavelength A. Of the two 
points, A and B, on the wavefront, we say that the 
wavefront at A lags that at B, since when the 
wavefront crosses a plane normal to the direction of 
travel, point A of the wavefront crosses that plane 
behind point B. The wavefield produces, at the plane 
P, a field ae'®, where a is the amplitude and ¢ is the 
phase of the wavefront at the plane P. 

We place a phase conjugator in the path of the 
wave. The wave passes through the conjugator, 
emerging as a phase conjugated wave, in which the 
point B, which formerly led point A in phase, now lags 
behind it by a corresponding amount. This illustrates 
the basic meaning of the term ‘phase conjugation’. 
This device could be considered as a forward phase 
conjugator, since the phase conjugated wave travels in 
the same direction as the original wave. 

Next (Figure 1b) we describe a backward phase 
conjugator. The conjugate wave travels in a direction 
opposite to that of the incident wave. The conjugate 
wave emitted by the phase conjugator seems to be 


P ' 
PG : 
A A aC PC 
~ /B B —o Ip 
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Figure 1 A phase conjugator. (a) shows a forward phase 
conjugator; (b) shows a backward phase conjugator. For clarity, in 
(b) the conjugated wave is shown with dotted lines. PC is phase 
conjugator, and P is the entrance plane of the conjugator. 
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Figure 2 Light reflected from mirrors. (a) Light falling on a conventional mirror and being reflected; (b) light reflected from a 
conjugating mirror; (c) as in (b), except that illustration is with wavefronts instead of rays. 


Figure 3 A ray of light reflected from a retroreflector (or corner 
cube). 


identical to the incident wave; we show the two 
waves to be in coincidence, or more precisely, for 
purposes of clarity, almost in coincidence. The points 
A on the two wavefronts coincide, as do the points 
B. As before, on the incident wave, point A lags 
behind point B. On the exiting wave, since the wave is 
traveling in the opposite direction, point B is now 
lagging point A, i.e., is lagging in phase. In either case, 
forward or backward conjugation, the wave 
emerging from the conjugator has the complex 
amplitude a(x, ye 1). 

A phase conjugator (backward variety) is like a 
mirror, in that it obeys the basic mirror law, that the 
angle of reflection equals the angle of incidence, but in 
a rather different way, as Figure 2 shows. In fact, the 
reflected ray travels back on itself. A simple way to 
generate a conjugate wave, and one that has been 
known for a very long time, is with the use of an array 
of retroreflectors, or corner cubes. As shown in 
Figure 3, each ray undergoes two reflections and 
emerges traveling in exactly the opposite direction, 
although with some displacement. If we considered 
the third dimension, there could be three reflections. 
The amount of displacement depends on where the 
ray strikes; if it strikes near the apex of the corner 
cube, the ray displacement will be slight; if at the 
edge, the displacement is greatest. Thus, the image 
formed in reflection is degraded. This geometrical 


degradation is greater for larger corner cubes. Thus, 
why not make the cubes very small? Then, however, 
the image is degraded by diffraction effects, since each 
corner cube constitutes a small aperture. Thus, there 
is an optimum size for the cubes; if too large, 
geometrical factors degrade the image; if too small, 
diffraction effects degrade the image. 


Phase Conjugation by Holography 


With holography, however, came a method of 
conjugating a wavefront that yields high-resolution 
imagery. The holographic process inherently pro- 
duces a phase conjugate image, as was noted by 
Gabor in his early papers on _ holography. 
The holographic process is illustrated in Figure 4. 
For simplicity, we assume the object to be a planar 
transparency s(x, y). A coherent light wave, generally 
a plane or spherical wave, passes through the 
transparency and a diffracted field u is produced at 
the recording plane P, as in Figure 4a. The field wu is 
typically the Fresnel diffraction pattern of the object 
s, but if the propagation distance is sufficiently great, 
u could be the Fraunhofer pattern of s. Of course, 
lenses can be placed between the object and recording 
planes, thus modifying the diffraction pattern. 

The field u is combined with a reference wave uo, 
which is generally an off-axis planar or spherical 
wave. The two beams produce an interference pattern 
with intensity 


T=l|u, + ul? = lug? + lvl? + 2Re urn [1] 


where the final term can be written as uju+u,u'; 
the “denotes complex conjugate. The process of 
forming the interference of the two beams, ice., 
forming the intensity of their sum, has generated 
the conjugate term u*. When the intensity is 
recorded, as on photographic film, for example, 
both terms are stored on the film. Suppose for 
simplicity that u, is a plane wave a,e?™*, where a, 
is a constant, and f, = (sin 6)/A, where @ is the angle 
that the reference wave makes with the optic axis 
and A is the wavelength of the light. Also, u can be 
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Figure 4 The holographic process. (a) Making the hologram; (b) 
reading out the hologram, using a readout beam that duplicates 
reference beam; (c) reading out with reversal of reference beam. 


written as a product of an amplitude term a and a 
phase term e'®, or u=ae'?. Let the photographic 
plate, after exposure and development, have a 
transmittance ft proportional to the intensity I, or 
t= kl, with k a constant; this is an oversimplifica- 
tion of the recording process, but preserves the 
essence of the holographic process. Now let the 
photographic plate, which after development 
becomes a hologram, be illuminated with a readout 
wave that, for simplicity, we let be u,, a duplicate 
of the reference wave. Then, the field emerging 
from the hologram is 


ue = tok| lil? + lul? + tu + uo | [2] 


Only the last two terms are of interest. These can 
be written as klu,l*u and ku2u*, respectively, or 
alternatively, as kadae'® and kazae4%*, The 
term klu,|’u represents a wave that is, to within a 
constant, identical to the object wave u; the other 
term represents a wave that is, to within a constant 
and a linear phase term, a conjugate of the original 
wave. The factor e'*”/* has the physical meaning 
that the wave is propagating in a direction 26 given 
by sin 20/A = 2f,. The readout waves are shown 
in Figure 4b. 

The so-called true wave u and the conjugate wave 
u* thus propagate angularly away from each other 


and from the direct transmitted beam, which carries 
the uninteresting components |v,|* and lul*. 

However, a more suitable way to form the 
conjugate wave is to illuminate the hologram with 
a readout wave that is, again, a duplicate of the 
original reference wave, but propagating in the 
opposite direction, as in Figure 4c. The conjugate 
wave is now propagating along the z axis, along the 
path of the original object wave. It is readily shown 
that this counterpropagating wave is identical in 
shape to the original object wave recorded by the 
hologram, except that it travels in the opposite 
direction, exactly the situation portrayed in Figure 2. 
This wave propagates so as to form an image that is, 
to within a constant, identical to the original object, 
except for the counterpropagation, which produces a 
conjugate image s*(x, y). The image intensity, how- 
ever, is |s|?, which is identical to the original image 
intensity. 

This conjugate wave was, in the early days of 
holography, a detriment, since without the use of the 
off-axis method (reference wave introduced at an 
angle to the object wave) the two images were 
inseparable, and the true image could be observed 
only against the background of the defocused 
conjugate image. Thus, an out-of-focus image over- 
laid the true image, making it noisy. 

In 1962, the same year that the off-axis reference 
wave for separating the two images was introduced, a 
possible use for the conjugate image was suggested. If 
the original propagation path of the object wave were 
aberrated, as would occur if the wave propagated 
through an irregular medium, then the conjugate wave 
propagating through the medium would undergo a 
correction and would arrive at the original object 
position perfectly corrected, resulting in a sharp 
image, a process sometimes called wavefront healing. 
The idea lay dormant for 3 years, until in 1965, 
experimental demonstration of this idea was reported. 
In one case, the object was a transparency containing 
opaque lettering against a transparent background 
and the inhomogeneity was a piece of frosted glass, 
which resulted in extremely severe aberrations, so that 
the object wave, having traversed the diffuser, was no 
longer capable of forming an image. However, when 
the distorted wave was recorded holographically, 
conjugated, and sent back through the same diffuser, 
the result was a highly legible image. 

The principle of wavefront healing is illustrated in 
Figure 5, when the inhomogeneity is an extended, 
or three-dimensional, structure. A point object O 
sends a spherical wave into the inhomogeneity. 
As the wavefront propagates, it becomes distorted, 
and loses its sphericity. When it emerges from the 
inhomogeneity, the wavefront is highly distorted. 
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Figure 5 The wavefront healing process. C is the conjugator, | is the inhomogeneity, and O is a point object. 


The wave is conjugated at the conjugator C and 
emerges as a back-propagating wave that retraces the 
original wave path through the inhomogeneity, 
gradually losing its aberrations and looking more 
like a spherical wave. When it emerges from the 
inhomogeneity, it is a perfect spherical wave that 
converges to a point image that coincides with the 
original object. At each plane throughout the 
inhomogeneity, the back-propagating conjugate 
wave (dashed lines) has the same shape as did the 
original wave when it crossed that plane (solid line). 

This interesting wavefront healing property of 
holographic phase conjugation was the beginning of 
a new branch of optics, called phase conjugation, 
giving rise to a number of applications. However, the 
holographic method had the problem that it did not 
occur instantaneously, but had to await the proces- 
sing of the photographic film on which the hologram 
was recorded. This delay limited the range of 
potential applications. Later, in the 1970s, nonlinear 
crystals became available that did the equivalent of 
holography, but in real time, or near real time - a 
process known as four wave mixing. There are yet 
other types of real-time phase conjugators with 
nonlinear devices. 


Pseudoscopic Image 


As long as the object is only two-dimensional, a 
function of x and y only, with no extent along the 
axial dimension, z, the intensity distribution of the 
true and conjugate images is identical. The conjug- 
ateness, being a pure phase phenomenon, disappears 
when the observable is the image intensity |sI?, and 
not the complex amplitude s. Since the intensity is 
always the observable, whether the image is viewed 
by eye, or with a camera, the conjugateness generally 
is of no significance. 

However, when the object for holography is three- 
dimensional, the situation is different, and the 


conjugate image exhibits some strange properties. 
These arise from conflicting cues pertaining to the 
three-dimensionality of the image. To explain, we 
review some basics about how a three-dimensional 
world is perceived by a viewer. First, there is the 
stereo effect, resulting from the viewer having two 
eyes, with each eye seeing an object from slightly 
different positions, a phenomenon called binocular 
disparity. The mind uses this stereo effect to perceive 
three-dimensionality. But there are other cues that 
also contribute to perception of three-dimensionality. 
Another is parallax; as the viewer moves his head, 
objects farther from the observer change their angular 
position more slowly than objects close by. The 
observer can sense the three-dimensionality of an 
object, even with only one eye, by moving the head, 
thereby inducing parallax. Also, there is interposi- 
tion, whereby near object portions block the viewing 
of object portions lying behind them, again giving a 
sense of depth. There are still other cues, more 
subjective, such as perspective, parallel lines conver- 
ging toward infinity, shadowing, etc. With these 
observations in mind, we consider the hologram 
under illumination and the two images that it forms 
(Figure 6). As depicted in Figure 6, these two images 
lie in mirror symmetrical positions relative to the 
hologram. Both images have the same side facing the 
hologram. It must be this way, because when 
the hologram was recorded, it was side a that faced 
the recording plane. And both images must therefore 
have side a closer to the hologram. 

When a viewer observes the true image (a virtual 
image), he views it looking through the hologram, 
and he sees the image at the position where the 
original object was when the hologram was recorded, 
and it is, in its visual properties, indistinguishable 
from the actual object; it has all of the three- 
dimensional and the parallax properties that the 
original object would exhibit. However, when the 
viewer observes the conjugate image, he must view it 
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Figure 6 Formation of the true and conjugate images from a hologram. 


from the side of the image opposite from the 
hologram, i.e., he views the image from the back 
side. When a viewer observes the conjugate image, he 
sees it from the back side (side b). All of the above 
cited cues are in agreement about the orientation of 
the image, viz., that side b is closer to the observer 
than is side a. That is, all cues but one. The conjugate 
image is formed as the hologram recording plate saw 
it, with side a being closer. Thus, all interpositions are 
formed with the same relation that the object had 
with respect to the recording plate. The side a is the 
part of the object that was closer to the hologram, so 
that when interpositions occur, side a blocks side b. 
Since the observer thus sees side a partially obscuring 
side b, he must conclude that side a is closer than is 
side b. However, this observation is in direct conflict 
with the other cues, especially the stereo and the 
parallax cues, which are themselves strong cues, as is 
the interposition cue. The conflict of these cues, with 
two of them interpreting the image as being formed 
with one depth orientation, the other with the 
opposite, gives a number of strange effects. For 
example, as the viewer moves his head so as to 
induce parallax, the object appears to rotate. If the 
image is that of a human head, for example, the 
observed effect is that as the viewer changes his 
position, the head appears to rotate in synchronism 
with the observer, as if the image had its gaze fixed 
on the viewer, an effect that is often perceived as 
being eerie. 

Similarly, if the object were two flat plates, 
(Figure 7) in the situation depicted, the planes have 
no overlap, i.e., no interposition, as seen by the 
observer. And the observer unequivocally perceives 
plate A as being closer than plate B. However, if 
the viewer moves his head to a position where 


Figure 7 Pseudoscopic conjugate image formed from an object 
consisting of two plates. The viewer V perceives plate A as being 
closer than B and there are no conflicting cues, since there is no 
interposition. However, if the observer moves his head upward, 
there is partial interposition, thus conflicting cues, and the sense of 
three-dimensionality is lost. 


interposition occurs, the conflict of cues arises, 
A becomes partially blocked by B, which is quite 
correct as observed at the position of the hologram, 
but is quite incorrect from the viewer’s vantage point. 
The result of this conflict is that the viewer, who 
previously perceived the three-dimensionality, now 
sees the three-dimensionality perception suddenly 
collapse, and the sense of three-dimensionality is 
lost. Other strange perception anomalies can also be 
produced. Such images, with conflicting depth cues, 
are called pseudoscopic, as opposed to orthoscopic 
images, where the cues do not conflict. 


One Way Phase Conjugation 


A significant limitation of phase conjugation aberra- 
tion correction is that the image and object are on the 
same side of the inhomogeneity. One would usually 
want them to be on opposite sides. In a modified form 
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Figure 8 One-way phase conjugation. Top: Making the hologram. Bottom: The viewing process. We show three points on the object. 
The center point forms a well-corrected image, but the other two points produce imperfectly corrected images. 


of the phase conjugation process, shown in Figure 8, 
this result is achieved. The first step of the process is 
carried out by passing a plane wave, instead of the 
object wave, through the inhomogeneity. This plane 
wave originates from a point source located at the 
focal plane of a collimating lens. The plane wave thus 
carries information about the inhomogeneity to the 
recording plate, where it is combined with a reference 
wave and a hologram of the distorted plane wave is 
recorded. Thus, information about the phase defect is 
stored on the hologram. 

Next, the hologram is read out, not with a 
counterpropagating replica of the reference wave as 
before, but instead with an object-bearing wave that 
passes through the hologram. This wave emerges 
from the hologram and now has on it the recorded 
aberration information. As it counterpropagates 
along the path of the original object wave, it passes 
through the inhomogeneity, whereupon the aberra- 
tion is cancelled and a corrected image forms at the 
focal plane of the collimating lens, where previously 
the point source had originated. The goal is achieved; 
the object and the corrected image are now on 
opposite sides of the inhomogeneity. 

This correction is only approximate. To explain, 
we think of the object as being a collection of many 
points. The radiation from each point is converted 


into a plane wave by the lens, with different object 
points producing plane waves propagating at differ- 
ent angles. These plane waves then impinge on the 
hologram and emerge with each one bearing the 
aberration stored on the hologram. They continue 
on their paths and enter the inhomogeneity. 
The plane wave component, whose path direction 
matches that of the reference wave used in recording 
the hologram, will emerge from the inhomogeneity 
as a perfectly corrected wave, thus forming a well- 
corrected point image at the position of the original 
point radiator. However, another plane wave com- 
ponent, traveling in an incorrect direction, will be 
laterally displaced from the proper position for 
entering the inhomogeneity, and the aberration 
correction will be imperfect, the degree of imperfec- 
tion being in direct relation to this displacement 
error. The displacement error is the product of the 
angular error and the propagation distance 
between hologram and inhomogeneity. If the 
inhomogeneity is slowly varying as a function of x 
and y, and if the object does not have a large extent, 
so that the range of angles is small, the image 
degradation will be small. 

If the last two conditions do not apply, two 
options are available. First, the distance between 
inhomogeneity and hologram can be reduced, either 
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by bringing the hologram closer to the inhomogen- 
eity, or by imaging the hologram onto the inhom- 
ogeneity. The correction is now valid over a wider 
extent of the image, especially if the inhomogeneity 
can be treated as planar rather than extending over a 
volume. Alternatively, a scanning process can be 
carried out on the object beam falling on the 
hologram, so that in sequence, each plane wave 
component assumes the proper angle to counter- 
propagate along the path for perfect correction, and 
will form a well-corrected image point. This output 
spot then falls on a pinhole positioned to separate it 
from other, imperfectly corrected points. Then, over 
time, all points of the object will form well-corrected 
image points, and the entire object will thus be well- 
imaged. The one way phase conjugation method was 
first used to correct the spherical aberration of a lens, 
and the result was quite successful. 

Phase conjugation has become an important 
branch of modern optics. The process is often carried 
out using photographic materials. More often nowa- 
days, it is carried out using nonlinear crystals. Some 
of the crystal methods are essentially holography in 
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Introduction 


We describe a new paradigm for designing imaging 
systems that have performance that is otherwise 
unobtainable. These are hybrid systems that use the 
optics of the system to acquire an ‘intermediate’ 
image, which is processed to produce the final image. 
The optical components of the system are designed 
jointly with signal processing to optimize overall 
performance. It is possible to extend the depth of field 
of an imaging system, for example, by a factor of 
eight to ten. On the other hand, by concentrating on 
the increase of the depth of focus in the detector 
plane, it is possible to use that increase in the depth of 
focus to make the system invariant to focus-related 
aberrations. By doing this, it becomes possible to 
design a single-lens imaging system with small f- 
number and large field of view. Another example of 
the sort of new imaging system that can be designed is 


real time, but others, such as phase conjugation by 
Brillouin scattering, go beyond holography. 


See also 


Nonlinear Optics, Basics: Nonlinear Optical Phase 
Conjugation. Phase Control: Wavefront Coding. 
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a two-lens zoom lens that images with a large field 
and a very short overall length. 

First, the term ‘Wavefront Coding’ is defined as 
employed with imaging systems, and a description is 
given of how such coding is achieved. Examples of 
means of applying Wavefront Coding are given along 
with the analysis and design tools that are useful in 
designing hybrid optical/digital imaging systems. 
Finally, some potential future applications of Wave- 
front Coding in imaging systems are suggested. 


Background and Basic Concepts 


Some early suggested modifications to imaging 
systems can be viewed as wavefront modification, 
even though they were not described in that manner 
at the time. These include the work of Ojeda- 
Castafieda that described masks to block portions 
of the lens to extend the depth of field. In addition, it 
has long been known that the depth of field is slightly 
greater in lenses that have spherical aberration. In 
both of these cases, the wavefront is modified, in one 
case by changing the wave amplitude, and in the other 
by a deviation from the traditional ideal phase front. 
However, in both cases, the increase in the depth of 
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field was only a few percent. Hausler extended the 
depth of field by requiring that the focus be 
continuously changed during the exposure time of 
the camera. This resulted in a modulation transfer 
function (MTF) for the imaging system that was the 
incoherent superposition of a spread of MTFs for the 
different foci during the exposure. To form an 
acceptable image, signal processing was used. 

The use of Wavefront Coding here refers to new 
optical systems arrived at by designing the modu- 
lation of the wave and signal processing to achieve 
previously unobtainable imaging modalities. These 
new imaging systems can have more than an order of 
magnitude increase in depth of field, for example. The 
coding of signals so that particular information is 
optimally conveyed is not new. For example, in radar, 
coding of the pulses is done to optimally provide 
information concerning a target’s range. At the radar 
receiver, signal processing is required to extract the 
range information. In a similar manner, an imaging 
system can have a coded wavefront in order to 
provide range or misfocus information in a manner 
such that signal processing can easily extract the 
desired information in the scene. Alternatively, the 
wavefront can be modified so that the imaging system 
is invariant to object depth or to misfocus of the 
system, so that, after processing, good resolution can 
be obtained over a large image depth. 

A primary feature of Wavefront Coding in imaging 
is that the optical image-gathering portion of the 
system can be designed in combination with the 
design of the signal processing. This is normally not 
done in the design of imaging systems. It is done, 
however, in tomography, coded aperture imaging, 
and sometimes, interferometric imaging. In 1984, a 
group pointed out the potential of increasing the 
performance of imaging systems by jointly designing 
the optics and the signal processing. Since that time, 
major advances have been made in doing this. Now, 
several analysis and design tools are available, and are 
described in the following section. 


Theory and Applications of 
Wavefront Coding 


Wavefront Coding refers to a modification of the 
imaging system by placing specialized phase plates (or 
phase and amplitude masks) in the aperture stop, or 
in an image of the aperture stop, of the imaging 
system. This could be a phase plate as a separate 
optical element, or, if a surface of a lens is close to the 
aperture stop, the Wavefront Coding surface can be 
superimposed onto the normal lens surface. Proces- 
sing to decode the image that is formed by the 


detector array (the intermediate image) is related 
to the coding that is impressed on the wavefront. 
The term ‘signal processing’ also includes the spatial 
integration provided by the width and height of the 
pixels. The final image is hence a function of the 
optics that form the intermediate image and the signal 
processing that produces the final image. 

In the following section, we discuss the Woodward 
function as used in analysis and design of hybrid 
imaging systems, and show visualizations of the effect 
of Wavefront Coding on the image performance of 
two dramatically different types of systems. Then, 
other design techniques are discussed for imaging 
systems using Wavefront Coding and several 
examples of systems are given where the depth of 
field of imaging systems is extended by at least an 
order of magnitude. By concentrating on the increase 
in the depth of focus, rather than the depth of 
field, very simple imaging systems can be designed 
where Wavefront Coding makes the imaging system 
invariant to focus-related aberrations, and the 
shape of the lens is used to minimize the other 
aberrations. 


Wavefront Coding Theory 


The Woodward function 
P. M. Woodward showed that the capability of a 
radar system to estimate both the range and the 
velocity of a target can be described by a mathemat- 
ical function that became known as the Ambiguity 
Function. The Ambiguity Function shows how well 
systems that use different types of radar pulses can 
measure the transit time of the pulse (hence the range 
to the target) and the Doppler shift in the frequency of 
the returned pulse (hence the velocity of the target). 
Because the parameters, range, and Doppler, are 
measured with different accuracy, there is ambiguity 
in the measurement, and the Ambiguity Function is a 
display of the tradeoffs that are possible, Brenner, 
Lohmann, and Ojeda-Castafieda showed that the 
same mathematical function, with differently defined 
variables, can represent the Optical Transfer Function 
(OTF) of a one-dimensional imaging system. 

The Ambiguity Function for a radar system is given 


by 
A(u, v) = [Pe + u/2)P*(x — u/2) exp(i2mvx)dx [1] 


where i = sqrt(—1), “ denotes complex conjugate, u is 
time, v is frequency, x is a dummy variable, and P(x) 
is a complex function representing the transmitted 
waveform of the radar system. The OTF of a one- 
dimensional imaging system for different values of 
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misfocus can be written as 


HW) = | {re + ul2)exp(i(x+ul2yP wh 
{P(x — wl2)exp(—j(x — wl Wtdx — [2] 


where P(x) represents the complex pupil function of 
the imaging system. The misfocus parameter can be 
shown to be equal to the physical parameters: 


w= (L7/(4A))(A/f — 1/d, — 1/d;) 
= 24Wy/A= kW 3] 
where L is the one-dimensional length of the aperture, 
and A is the center wavelength of the narrowband 
illumination. The distance d, is measured between 
the object and the first principal plane of the lens, and 
d; is the distance between the second principal plane 
of the lens and the image plane. The focal length of 
the lens is given by f. The wavenumber is given by k 
and the traditional misfocus aberration constant is 
given by W29. A comparison of the form of the 
ambiguity function and the OTF shows that: 


H(u, Ws) = A(u, uy 7) 





The mathematics of the Woodward function as 
used for the Ambiguity Function has been studied 
extensively. Hence one can apply the theory that was 
worked out for the Ambiguity Function to the study 
of imaging systems. This gives a tool that is, in many 
ways, more powerful than other forms of three- 
dimensional optical transfer functions. For example, 
it can be shown that the squared volume under the 
Woodward function is a constant. This means that 
whatever one does to modify the Woodward func- 
tion, there is a constraint on what can be done. 
Another constant is the power under a vertical cut of 
the Woodward function at a particular value of 
spatial frequency. This means that there is constant 
power for all misfocus values at any given spatial 
frequency. It can be bunched up about the normal in- 
focus position, or it can be spread out as shown 
below, but the squared area does not change. 


Examples of the Woodward function for different 
imaging systems 

A display of the Woodward function for a high- 
quality, one-dimensional lens is shown in Figure 1a. 
The horizontal line and the slanted line represent in- 
focus and out-of-focus slices through the Woodward 
function. A projection onto the horizontal axis gives 
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(a) The Woodward function for a high-quality one-dimensional lens with slices that represent in-focus and out-of-focus 


imaging. (b) The corresponding values of the modulation transfer function for those two cases. 
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the OTFs for those two focal conditions. The 
magnitudes of those two OTFs, the MTF, is shown 
in Figure 1b. Note that the out-of-focus MTF goes 
through a zero, where there is a phase shift, which 
gives a contrast reversal in the image. 


Extended depth of field. Figure 2a shows the 
corresponding display of the Woodward function for 
a one-dimensional lens with a cubic phase function, 
¢ = ax? added in the aperture stop. The appearance 
of the Woodward function immediately shows that 
this imaging system will have an increased depth of 
field, because the Woodward function shows that 
the energy is spread over a larger misfocus region. 
The slices in the Woodward function are taken for the 
same misfocus values as were used for the images in 
Figure 1. Notice that the MTFs of Figure 2b are very 
similar, and that the MTF for the misfocused case 
does not go through a zero. This implies that the 
imaging system will have an extended depth of focus. 

The analogy to the Ambiguity Function of radar 
was key in selection of the cubic function for early 
demonstrations of extending the depth of field of an 
imaging system. Work in the radar field had shown 
that a radar pulse, where the carrier frequency 
increases quadratically with time, has an Ambiguity 
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Function that is identical to the distribution in 
Figure 2a. Because a quadratic in time is a cubic in 
phase, the cubic phase function: 


b= ax? [5] 


was selected as one that will provide the same 
Woodward function, and hence an increase in the 
depth of field. Many families of phase distributions 
have now been found that extend the depth of focus 
of an imaging system. 


Antialiasing. When the resolution of the optics of 
an imaging system exceeds the resolution of the image 
detector array, the high spatial frequencies cannot be 
detected. They are not lost, however. When a spatial 
frequency is sampled below the Nyquist sampling 
rate, the high spatial frequency shows up, or aliases, 
as a lower spatial frequency. This aliased frequency is 
equal to the sampling frequency (determined by the 
pixel spacing) less the difference between the high 
frequency that has been undersampled and the 
sampling frequency. This results in an image with 
broad bands (low spatial frequencies) across the 
image as is often seen in television images of patterns 
with high spatial frequency content, such as striped 
shirts. Because the signal power at a given spatial 
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Figure 2 The Woodward function and the modulation transfer functions for a high-quality one-dimensional lens that has a phase plate 
with a cubic profile in the aperture stop. (a) The Woodward function showing a broadened pattern that is indicative of an increased depth 
of field. (6) The MTFs that are associated with the slices that represent in focus and out of focus. 
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frequency over all misfocus (the squared area under a 
vertical slice of the Woodward function at that spatial 
frequency) is constant, these frequency components 
cannot be removed. They can, however, be reduced at 
a given focus value by spreading the Woodward 
function vertically. Figure 3 shows a Woodward 
function that would be ideal. Below the cutoff spatial 
frequency, all of the signal power is in the focal plane, 
and beyond the cutoff frequency, the power is spread 
as much as possible over a large misfocus region. 
There is no assurance that a phase distribution can be 
found to give a desired Woodward function, however. 
Figure 4 shows the effect of one phase function, 
given by 


S(r, 0) = rcos(36) [6] 


upon the MTF of the imaging system. The dashed 
vertical line shows the cutoff spatial frequency that is 
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Figure 3 The Woodward function for an ideal antialiasing filter. 


due to the sampling rate of the pixels. Note that in 
Figure 4, the magnitude of the Wavefront Coded 
spatial frequencies that are aliased have lower values 
than do those that are passed by a traditional full 
aperture F/2.5 system. Stopping the traditional 
system down to F/25 reduces the aliased MTF to an 
amount close to that obtained with the wide aperture 
and Wavefront Coding, but it also reduces the 
amount of light by a factor of 100. 


Wavefront Coding in Imaging Systems with 
Extended Depth of Field or Focus 


Figure 2 shows the Woodward function for one phase 
distribution (cubic in x and y for a two-dimensional 
imaging system) that increases the depth of field of an 
imaging system. The cubic function was selected by 
using analogies to the Ambiguity Function of radar. 
Even though it is doubtful that this phase distribution 
could have been found by using conventional lens 
design techniques, it is instructive to show the ray 
traces and point spread functions that are obtained 
when this phase distribution is used in the aperture 
stop. 


Ray trace analysis 

Figure 5 shows the ray trace from a point object 
through a conventional (one-dimensional) lens and 
through a lens that has been modified with the cubic 
profile of eqn [5]. Figure 5a shows the rays through a 
conventional lens coming to a focus, and Figure 5b 
shows the corresponding rays as they go through a 
lens with a cubic profile added. In the latter case, the 
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Figure 4 Normalized MTFs for traditional optics and Wavefront Coding. The full aperture F/2.5 system has a large amount of optical 
power beyond the detector cutoff frequency of 50 Ip/mm. With Wavefront Coding the aliased optical power can be greatly reduced. The 
traditional system aperture needs to be reduced to F/25 to compare to the antialiasing performance of the Wavefront Coded system. 
This reduction reduces the light level by a factor of 100 in comparison with the F/2.5 system. 
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rays cross, but have a relatively constant ray density 
in the region of what was the focal region. Figure 6 
shows experimentally acquired point spread func- 
tions (PSF) for both cases. Note that the PSF changes 







































































Figure 5 Ray traces from a point object through (a) a 
conventional one-dimensional lens, and (b) a lens that has been 
modified to have a cubic profile on the surface. 


(a) 


(c) 


very little over the region of misfocus. After signal 
processing, the PSF can be brought back to that of the 
conventional imaging system when in focus. Figure 7 
illustrates the effect of the signal processing upon the 
intermediate image that is acquired by the optics. The 
object is a tilted bar pattern, so that a portion is in 
focus, and the remainder of the bar pattern is so far 
out of focus that there is a contrast reversal in the 
image. With the system that has a coded wavefront to 
give an extended depth of field, the entire image 
appears to have the same blur, no matter which part 
of the tilted bar pattern is observed. This is because 
the same PSF is convolved with the object distribution 
for all regions of misfocus. Signal processing removes 
the effect of the modified PSF, resulting in the image of 
Figure 7b. Figure 7c shows a trace through the image 
of Figure 7b. The amount of the misfocus that can be 
tolerated is a design parameter, and is discussed in the 
next section. 


Signal processing requirements 

It is necessary to do signal processing when using an 
imaging system that employs Wavefront Coding; the 
signal processing is needed to ‘decode’ the image that 
is formed by the detector array. This intermediate 
image is not a clear image. To obtain an intermediate 
image, the object distribution is convolved with a PSF, 
or impulse response, that has a shape similar to that 


(b) 





(d) 


Figure 6 Point spread functions for a conventional lens in focus (a) and with large misfocus (b), and a lens that has been modified to 
have a cubic profile on the surface when in focus (c) and with a large misfocus (d). 
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of Figure 6c and d. To obtain the final image, the 
intermediate image must go through a deconvolution 
with the PSE. Because of the square law detection that 
occurs in the detector array, this deconvolution does 
not simply undo the effects of the convolution with 
the PSF that describes image formation. A straight- 
forward digital convolution is required in most cases, 
and has been shown to run at video frame rates in 
software. 


Parameter trade offs in imaging systems with 
extended depth of field 

Depth of field and signal-to-noise ratio. The 
greater the phase modulation by the phase plate 
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Figure 7 Image ofa tilted bar pattern with an extended depth of 
field imaging system. (a) Image with a conventional imaging 
system. (b) Final image from the imaging system with Wavefront 
Coding. (c) Traces through the images to give quantitative 
comparisons of the image quality. 


(with a cubic profile in this example), the greater the 
extension of the depth of field. The greater the phase 
modulation for extending the depth of field, the larger 
the PSE, and the greater the drop in the MTF, as seen 
in Figure 2b, which show the MTF of the imaging 
system. The use of the phase function to extend the 
depth of field causes portions of the MTF to sag as 
compared with the MTF of the in-focus conventional 
system. This reduces the signal-to-noise ratio. If there 
is a greater phase alteration, the MTF sags more. 


Focus budget and focus-related aberrations. 
Another set of trade offs can be seen by considering 
the imaging systems from the detector plane. Here, 
we see an increase in the depth of focus of the system. 
All of this increase in the focal depth can be used to 
increase the depth of field if the optics of the system 
are of high quality. Otherwise, the increase in the 
depth of focus can be used to compensate for focus- 
related aberrations. For example, chromatic aberra- 
tion occurs when different colors focus to different 
planes. Figure 8 shows that if the depth of focus is 
extended, then there is a region where red, blue, and 
green, for example, are in focus. Figure 9 shows the 
red, blue, and green images of a US Air Force test 
pattern, as formed with a two-element imaging 
system with severe chromatic aberration, and with 
the same system when a Wavefront Coding element is 
used to extend the depth of focus. 

Compensation can also be seen for the case of 
curvature of field, where the image of a plane object 
falls onto a curved surface. If an extension of the 
depth of focus causes the focal region to resemble a 
curved bar instead of a curved line, then it is possible 
to place a flat detector array in the curved region, and 
therefore obtain a good image after signal processing. 
Similar arguments can be made for other focus- 
related aberrations. This leads to the concept of a 
focus budget, where a portion of the increased depth 
of focus can be allocated to extend the depth of field 
by some amount, and other portions of the depth of 
focus allocated to provide invariance to focus-related 
aberrations. 
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Figure 9 Color images of a US Air Force test pattern. (a) Images from a two-element lens of the center portion of the test pattern. 
(b) Images from an extended-depth-of-focus imaging system of the center portion of the test pattern. (c) Images from a two-element 
lens of a small number ‘three’ on the test pattern. (d) Images from an extended-depth-of-focus imaging system of a small number ‘three’ 
on the test pattern. Some residual effects remain due to different magnifications at different wavelengths. 
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Figure 10 Schematic of a tool for designing imaging systems with Wavefront Coding. A ray trace determines the distribution in the exit 
aperture, and software determines the effect of the detector array and the signal processing. Then the ray trace and signal processing 
can be modified to optimize the entire system. 


PHASE CONTROL / Wavefront Coding 101 





New design tools for imaging systems with wavefront 
coding 

The Woodward function is a very good tool for 
analyzing imaging systems with a coded wavefront 
and is a good guide for someone who is expert in 
designing such systems. However, another approach 
is better for those designers who are more familiar 
with conventional lens design tools. If one combines a 
conventional ray-tracing tool with custom software, 
it is possible to jointly design the optical and the 
signal processing portions of the system. A schematic 
of such a system is shown in Figure 10. The ray- 
tracing tool is used to trace the rays and determine the 
distribution in the exit aperture. Various software 


(a) 


Figure 11 
signal processing for the same object positions as in (a). 





(e) 
Figure 12 


tools then are used to take into account the effect of 
pixel size and spacing, and the signal processing. The 
criteria for optimizing the design can include the size 
of the digital filter, acceptable noise gain, and other 
parameters related to signal processing as well as the 
parameters of the optical elements. 


Example applications of hybrid imaging systems with 
an extended depth of field or focus 

Barcode and label readers. The images of Figure 7 
show that image-based bar code reading is a good 
application for imaging systems that are based on 
Wavefront Coding. A bar code or label reader need 
not be positioned nearly as accurately as without the 


wy: 





Images of a 2D bar code as the object position is varied for (a) conventional images and (b) Wavefront Coded images after 








Images of an iris taken with infrared illumination. The top row shows images with a traditional CMOS camera. The lower row 


is taken with a camera using wavefront coding to extend the depth of field. The misfocus distance in the right and left columns is 


the same. 
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(c) 
Figure 13 





Images from a digital camera (a) Conventional camera with the lens wide open and focused on the white crayon. (b) 


Conventional camera with the lens stopped down to increase the depth of field, with the resulting increase in noise due to a lower light 
level. (c) Intermediate image of a camera that was modified with Wavefront Coding to have an extended depth of field. (d) Final image 


with the modified camera. 


extended depth of field. Images of 2D bar codes 
imaged with and without Wavefront Coding are 
shown in Figure 11. Images in Figure 11a show the 
image of a 2D bar code formed by a conventional 
imaging system as the position of the object is varied. 
As with most imaging systems with fast optics and 
moderate magnification, the depth of field of the 
system is smaller than the application would prefer. 
Images in Figure 11b show the Wavefront Coded 
images of a 2D bar code after signal processing for the 
same object positions as (Figure 11a). These images 
are sharp and clear over a very large change in the 
distance to the bar code. 


Biometric imaging systems. Biometric imaging 
applications, such as fingerprint or iris recognition, 
provide the means to eliminate passwords, secure E- 
commerce, and securely identify humans or animals. 
In traditional imaging technology, quite often the 
trade-off between light throughput and depth of field 
makes conventional biometric systems difficult to use 
or not sufficiently reliable. By using Wavefront 
Coding, the depth of information gathered can 
greatly increasing the ease of use and possibly 
reducing the cost of the systems. 

Figures 12a,b, and c shows example images of an 
iris taken with near IR illumination and a traditional 
CMOS imaging system at three different planes of 
focus. At best focus (Figure 12b) the detail of the iris 
is sharp and clear. This iris detail is used by iris 
recognition algorithms to accept or reject the person. 








Figure 14 Aschematic of a fast single-lens imaging system that 
has good performance over a wide field of view and the full visible 
range. 


With slight movement towards (Figure 12a) or away 
(Figure 12c) from the imaging system the detail of the 
iris is lost. Figures 12d,e, and f show example iris 
images taken with the same near-IR illumination and 
a CMOS Wavefront Coded imaging system. At best 
focus (Figure 12e), the iris detail is as high as that 
from the traditional system. Movement towards 
(Figure 12d) or away (Figure 12f) from the imaging 
system results in images with essentially a constant 
level of iris detail. The size of the iris changes through 
magnification change. Increasing the range at which 
clear images can be made extends the useful image 
capture volume, enabling a more flexible system that 
is easier to use. 


1/27/2018 Basic Electronics 1A 
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Color images with digital cameras. A convention- 
al digital camera has a small depth of field as shown in 
Figure 13a, where the camera was focused on the 
white crayon. In a conventional imaging system, the 
only way to increase the depth of field is to stop down 
the lens. As seen in Figure 13b, this reduces the light 
that is available, and results in a very noisy image. 
The intermediate image of an imaging system that has 
an extended depth of field is shown in Figure 13c, 
where it is seen that the result of convolving the object 
distribution with the modified PSF is an intermediate 
image that appears to have the same blur over the 
entire image. After signal processing of the inter- 
mediate image to obtain the final image, a clear image 
is seen with good signal-to-noise ratio. 


Inexpensive imaging systems with high-quality 
imaging characteristics. By exploiting the extension 
of the depth of focus that is made possible with 
Wavefront Coding techniques, one can design imaging 











Figure 15 A schematic of a fast two-element zoom system with 
good performance over a 2.5 X zoom and a wide viewing angle. 
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systems that have fewer optical elements than tra- 
ditional designs that do not use Wavefront Coding. In 
high-volume applications, reduction in the number of 
optical elements can lead to greatly reduced costs. 
Figure 14 shows a schematic of a fast, single-lens 
Wavefront Coded imaging system that is very compact 
and has the performance of a longer lens that 
traditionally requires two or more optical elements. 
In this example, the entire focus budget was used to 
compensate for focus-related aberrations, and the 
shape of the lens was used to compensate for distortion 
and coma. Even zoom systems can be greatly 
simplified with the new design techniques. Figure 15 
shows a fast two-element Wavefront Coded zoom lens 
that images over a wide field with performance that is 
traditionally obtained only with three or more optical 
elements. Both of these imaging systems use non- 
rotationally symmetric forms of phase functions and 
are different from the ones of eqns [5] and [6]. 


Large depth of focus microscopes. A microscope 
can be modified to employ Wavefront Coding by either 
modifying the surface of one of the lenses in the 
objective, or by inserting a phase plate into the system 
at some appropriate position. One easy means of 
doing the modification is to place a Wavefront Coding 
phase plate in the slider position of a microscope, as 
shown in Figure 16. In this case, the optics is of high 
quality, and the entire focus budget was allocated to 
increasing the depth of field. A modified Zeiss 
microscope was used to obtain the images shown in 
Figure 17. An image ofa diatom in Figure 17 shows the 
comparison with a conventional microscope in (a) and 
as with a Wavefront Coded microscope in (b). Notice 
that the greater depth of field gives more of an 
appearance of depth in the image. 
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Figure 16 Schematic of a modified Zeiss microscope to employ Wavefront Coding to extend the depth of field. 
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(b) 


Figure 17 A100 x image of diatoms made with (a) conventional and (b) modified Zeiss microscope to give an extended depth of field. 
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Figure 18 Imaging 0.5 micron diameter fluorescent beads at different sample distances. The images were taken with a 63x, 
NA = 1.4 imaging system in one micron steps. (a) Three image planes taken using a traditional system. They show that individual beads 
are sharp only in a single plane. The images in (b), which were taken with a Wavefront Coding system at the same image planes, show 
all beads are imaged clearly at each plane. 
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Other modes of microscopy are also possible. In 
fluorescence microscopy, ultraviolet light illuminates 
objects that have fluorescing compounds in them. The 
images are formed using the fluorescence that is 
excited by the ultraviolet illumination. Figure 18 
shows images of fluorescing beads having a 0.5 
micron diameter. The beads are at various depths 
within the sample. The traditional system, operating 
at 63 X with an immersion objective having a NA of 
1.4, has a depth of field that is too small to image all 
of them. The images in Figure 18a were taken with 
the same microscope but with a wavefront coding 
phase element placed in the slider and signal 
processing of the captured images. All beads are 
clearly seen at all three of the focus positions. 


Potential Future Applications 


Wavefront Coding should be useful in many imaging 
system where signal processing is to be done anyway; 
in that case, optimizing the optics and the signal 
processing to the purpose of the imaging system. 
Examples where an extended depth of field may be 
desired are endoscopes, video cameras, and lithogra- 
phy. In designing an imaging system to take advan- 
tage of a large depth of focus to produce inexpensive 
digital cameras, high-quality images can be formed 
with fewer optical elements and much lighter 
cameras. In lithography, a larger process window is 
possible. 

Because an increase in the depth of focus can permit 
wide spectral imaging, wide band infrared images can 
be formed. In systems that are used to provide images 
for machine interpretation, it is possible to design the 
optics and signal processing so that the desired 
process can be optimized globally, with the optics 
and the signal processing. For example, if the object is 
to classify cells as cancerous or noncancerous, it may 
be that the optics should be modified so that the 
information of primary importance is acquired and 
transmitted to the detector array. This modification 
would be done in conjunction with the optimization 
of the signal processing. 


Conclusion 


The mathematics and concepts that underlie a new 
approach to lens design were summarized. The 
technique has thus far been useful in enhancing the 
performance of some imaging systems such as 
microscopes, and in making simpler systems for 
inexpensive cameras. This new approach requires 
that some signal processing be done, but in digital 
cameras, some signal processing is being done 
already. 


List of Units and Nomenclature 


Modulation transfer The magnitude of the optical 
function transfer function of an imaging 

system. 

The response of an imaging 

system as a function of the 

spatial frequency of a sinusoi- 

dal object distribution. 

A measure of spatial variation 

in the form of sinusoids in 

cycles per millimeter. 


Optical transfer 
function 


Spatial frequency 


See also 


Imaging: Wavefront Sensors and Control (Imaging 
Through Turbulence). Microscopy: Imaging Multiple 
Photon Fluorescence Microscopy; Overview. 
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Introduction 


The photon nature of light is the central topic in the 
field of quantum optics, which has developed into a 
leading area of research. The possible technological 
impacts of this field to many areas, such as imaging, 
computing, and lithography, have greatly expanded 
interest into the nature of the photon. A photon 
description of light goes well beyond the particle 
nature of light, to include any optical phenomena that 
cannot be adequately described by classical physical 
optics. This article will introduce the nature of the 
photon through a discussion of many such phenom- 
ena, covering topics from the beginning of quantum 
mechanics, including black-body radiation and 
Compton scattering, to areas of modern interest, 
such as squeezed light and entangled photons. 


The Origins of Quantum Optics 


One of the earliest theories in the development of 
quantum physics was the description of black-body 
radiation by Max Planck (1858-1947). Using the 
model of a radiating body as a collection of 
oscillators, he postulated that the amount of energy 
emitted or absorbed was proportional to its freq- 
uency, v, and that these oscillators could only 
have energies corresponding to integer multiples of 
such a packet of energy, where one unit of energy 
was given by 


E=hv [1] 


where h = 6.626 x 10-** Js is the universal constant, 
now known as Planck’s constant. He then assumed a 
Maxwell—Boltzmann distribution to describe the 
probability of such oscillator states being occupied: 


P(n) — Per [2] 


where k = 1.381 x 10 -*° JK! is Boltzmann’s con- 
stant and T is the temperature of the blackbody. The 
energy density in the radiation field, at a given 
frequency, is given by the oscillator density (at that 
frequency) times the average energy of the oscillators. 
Previous models had not only failed to quantize the 
oscillator energies, but in doing so also assumed equal 


occupation probabilities that led to a prediction of 
infinite energy densities at short wavelengths, the so- 
called ultraviolet catastrophe. The oscillator density 
is given by 


nv) = 8arv7/c [3] 
where c=3X10% ms ' is the speed of light. This 
value can be found by a mode density calculation 
within a box, as is often done in an introductory 
electromagnetics text. The average energy of the 
oscillators is found by calculating the sum of the 
occupation probability times the state energy and 
dividing by the sum of the occupation probabilities: 


By = ¥ (Pepben / > Pe" [4] 


Evaluating the above expression for E,, and multi- 
plying by n(v), one finds the Planck radiation law: 


Shrv? 


1) = Shik? — 1) 


[S] 


The black-body curve described by Planck’s law is 
shown in Figure 1. By introducing quantization to 
solve a problem that classical physics had failed to 
explain, Planck paved the way for quantum physics. 

Albert Einstein (1879-1955) made use of Planck’s 
quantization for two important results that will be 
described here. The first is the photoelectric effect, a 
process by which electrons are released from a metal 
surface when exposed to light. The process has 
several traits that could not be explained by 


Energy density 





Optical frequency 


Figure 1 The spectral density emitted by a blackbody at a given 
temperature as given by Planck’s law. 


PHOTON PICTURE OF LIGHT 107 





classical physics. A given metal will only release 
electrons if the incident light is above a certain 
frequency, regardless of the intensity. However, once 
sufficient frequency components are present, elec- 
trons are immediately released, with their number 
dependent on the intensity of the light and indepen- 
dent of its frequency. Contrarily, the maximum 
potential energy of the released electrons depends 
only on the maximum frequency of light present, 
independent of intensity. Einstein was able to satisfy 
all of these conditions by saying that the light energy 
comes in quantized amounts as described by Planck, 
and that the electrons in the metal require a minimum 
energy, or work function W, to be ejected. Then for 
each quantum of light, which we now call a photon, 
with energy greater than W that strikes an electron, 
the electron will be released with kinetic energy 
given by 


K=hv-W [6] 


It is historically important to note that, although 
Planck introduced the idea of a quantized release of 
radiation from oscillators, he still believed the light 
field itself to be continuous and classical. Planck’s 
approach of quantizing energy levels of matter while 
treating light classically has since become known as 
the semiclassical method, and is adequate for solving 
many problems. Thus, it was also in quantizing light 
itself that Einstein took the next step, and thus can be 
viewed in many respects as the father of the modern 
photon, although the term photon was not used until 
two decades later. 

The second area in which Einstein used the idea of 
energy quantization is in predicting radiative tran- 
sition probabilities. A radiative transition is a process 
by which a photon is either absorbed or emitted to 
satisfy conservation of energy when an atom moves to 
a higher or lower energy state. Einstein assumed three 
such processes existed, as shown in Figure 2: absorp- 
tion of a photon raising the atom to a higher energy 
level; spontaneous emission of a photon, where the 
atom emits a photon in going to a lower energy level; 
and stimulated emission, a process in which a photon 
interacts with the atom and causes it to emit a second 
photon (in phase with the first) and thereby go to a 
lower energy level. For each of these processes he 
defined a corresponding coefficient, now known as 
the Einstein A and B coefficients. They are labeled By 
for absorption, Az, for spontaneous emission, and 
B,, for stimulated emission. Note that there is no A1 
as absorption by its very nature is a stimulated 
process. Einstein further stated that the rate of 
spontaneous emission was only dependent on his 
material dependent coefficient and the number of 
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Figure 2 Energy level diagrams representing the processes of 
absorption, spontaneous emission, and stimulated emission. 


atoms in the upper energy state, with the rate given by 
Rg = Axi No 


However, he said that the rates of the stimulated 
processes were also dependent upon the strength of 
the optical field seen by the atoms, I(v), and were 
given by 


Ri = I(v)ByyNy [7] 
for absorption and 
Ry = [(v)By1N2 [8] 


for stimulated emission. The full absorption rate is 
given by R,, as defined above, whereas the full 
emission rate is the sum of the spontaneous and 
stimulated rates, given by 


Rem = [Aoi + Bail) No [9] 


Einstein was primarily interested in a system in 
equilibrium, for which R,, = Rem. If one then looks 
at the limit where the optical field is very large such 
that spontaneous emission is negligibly small and the 
population is equally divided between the upper and 
lower state, the relationship By, = By, is found. 
Applying the same Maxwell—Boltzmann occupation 
statistics that Planck used to find his black-body 
expression, one can find that in thermal equilibrium 
the ratio of probability of finding an atom in state 1 to 
finding an atom in state 2 is 

Ny/N = eB EAT — gh kT [10] 
Note that for a two-level system in thermal equili- 
brium, the population in the upper level can at 
most equal, never exceed, the population in the lower 
level, regardless of the strength of the applied field. 
This is important in showing that the B coefficients 
are equal, and will also be a crucial point when 
discussing the theory of the laser later in this article. 
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Appropriately combining the above expressions 
leads to 


1(v) = An, /[Ba(e?"** — 1)] [11] 


Equating this with Planck’s radiation law yields the 
relation: 

Ap4/B>, = 8abv7/e3 [12] 
Thus, to fully specify the transition probabilities for a 
given system, one needs only to find A or B. It is rather 
straightforward using only atomic quantization to 
calculate B (such a derivation can be found in many 
introductory quantum mechanics textbooks). Direct 
calculation of A is more involved, requiring quantiza- 
tion of both the optical field as well as the atomic 
system. 

Arthur Compton (1892-1962) used the idea of 
quantized radiation to explain the presence of longer 
wavelength components present when X-rays are 
scattered from matter, an effect which now bears his 
name. The amount of scattering is independent of the 
scattering material and the wavelength of the source, 
depending only on the angle of scattering, 0. If the 
scattering is treated as a collision between a particle- 
like photon and a massive particle (taken to be 
initially at rest) as shown in Figure 3, the result can 
then be found simply by applying conservation of 
energy and momentum, where the photon energy is as 
given above and the photon momentum is given by 


p= Elc=hld [13] 


Recalling that the momentum is a vector quantity, the 
conservation laws provide a set of three coupled 
equations. Solving them directly one finds that 

AA = (bic)(1 — cos 6)(2K)/[p* — (K/e)?] 14] 
where K and p correspond to the final kinetic energy 
and momentum of the massive particle. It is 
important to allow for the possibility of very high 
velocities for the massive particle, thus implying that 
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Figure 3 Schematic representation of Compton scattering. 


relativistic expressions for K and p are needed. In 
terms of the kinetic energy, the relativistic expression 
for momentum is 


p = \2Km + (Kic? 


where m is the mass of the scattering particle. Using 
this relation, the above expression can be simplified, 
giving the wavelength shift to be 


[15] 


Ad = (1 — cos ™)hb/mc [16] 


The scaling factor is known as the Compton 
wavelength: 

A. = hlmc [17] 
For the case of an electron, the Compton wavelength 
has the value 0.02426 angstroms. For a massive 
particle, the Compton wavelength is often used 
when wanting to discuss and analyze wavelike 
properties. As a final note on this process, if the 
calculation would have been done nonrelativistically, 
there would have been an extra factor of 
[1 — 0.25(v/c)*]"!, where v is the velocity of the 
particle. The appearance of the factor (1/c) in any 
result implies the need for a relativistic treatment, 
though often (as in this case) taking the limit of 
vic = 0 yields the proper result. 

Another area in which the photon nature of light is 
revealed is a form of inelastic scattering of light now 
known as the spontaneous Raman effect. Discovered 
by CV Raman (1888-1970), this is a process in 
which a material illuminated by a light source scatters 
light into frequency components not found in the 
source. The frequency shift is due to the energy 
difference, AE, between two energy states in the 
material. There are two possible cases, each of 
which is represented in Figure 4. In the first, known 
as Stokes scattering, an atom in the lower state 
absorbs a source photon, raising it to the upper 
state via a virtual level, during which it emits a 
photon at the Stokes frequency, v,, as represented by 
the relation 


hy, = hv, + AE [18] 


where 1; is the frequency of the incident photon from 
the source. The second case, anti-Stokes scattering, 
has an atom in the upper state absorb the source 
photon and simultaneously fall to the lower 
state, again through the virtual level during which it 
emits a photon at the higher anti-Stokes frequency, v,, 
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Figure 4 Energy level diagrams for Stokes and anti-Stokes Raman scattering. 


given by 


hv, = hv, — AE [19] 
Since the anti-Stokes scattering requires the atom to 
be initially in the upper state, the probability of such 
scattering is generally much less than that for Stokes 
scattering. This can be quantified by the same 
occupation statistics used above, giving the ratio of 
probabilities as 

Rapa [20] 
It is important to note that the energy difference can 
either be based on the electronic structure of an 
atomic system as has been discussed thus far, or other 
energies such as the vibrational energies in a 
molecular system. The ability to probe a variety of 
energy structures without having to tune the source 
to a particular wavelength has led to wide use of 
Raman scattering for spectroscopy. A related effect, 
known as stimulated Raman scattering, will be 
discussed later. 


The Photon in Modern Physics 


As an indication of the widespread importance of the 
results discussed thus far, they led to four Nobel 
prizes in physics: Planck in 1918; Einstein in 1921; 
Compton in 1927; and Raman in 1930. Our initial 
understanding of the photon comes from these 
results, but it was with the development of modern 
quantum mechanics by Erwin Schrodinger (1887- 
1961), Werner Heisenberg (1901-1976), and Paul 
Dirac (1902-1984); quantum electodynamics by 
Richard Feynman (1918-1988) and others; and the 
invention of the laser by Charles Townes (1915—) and 
others, that the field of quantum optics and our 
modern view of the photon began to fully take shape. 
In this section, the basics of modern quantum optics 
will first be introduced. A brief discussion of the 
theory of the laser as related to photon transitions 
will then be given, followed finally by examples of 
important areas of experimental quantum optics that 
have been made accessible by the laser. 


It is now common to treat the photon with a very 
similar formalism as that originally created for 
massive particles in the development of quantum 
mechanics. That is, one describes the photon by a 
wave function, |W), which contains all the infor- 
mation about the photon and must satisfy the 
Schrédinger equation 

0 

ih —|V) = H|V) [21] 

ot 

where fi = h/27= 1.054 10-*4 Js and H is the 
Hamiltonian for the photon. Just as in classical 
electromagnetics, the Hamiltonian is related to an 
electric and magnetic field. Clearly, for this treatment 
to be in agreement with the well-established classical 
electromagnetic theory, these fields must satisfy 
Maxwell’s equations. There are several possible 
representations of the Hamiltonian, but for the 
purposes of this discussion a convenient choice is 


H = hv(a+0.5) [22] 


where 7 is called the number operator as it returns 
the average number of photons in the state, (7), 
represented by the operation 

(a) = (WlAlV) [23] 
Explanations of the notation used can be found in any 
elementary quantum mechanics text. Note that in 
defining the Hamiltonian, a single frequency v was 
used. This implies a single mode field. For a more 
general case, one would simply sum over the modes 
corresponding to various frequencies. 

In addition to obeying the Schrédinger equation, 
the photon is also restricted by the Heisenberg 
uncertainties as for massive matter, given in a general 
form as 

AgAp = h [24] 
where q and p are any set of canonically conjugate 
variables, such as position and momentum or energy 
and time. Note that, depending on the exact 
definitions used for g and p, there can be extra 
factors such as 0.5, and sometimes normalized 
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variables are used such that the inequality is with 
respect to 1. However, it is interesting to note that, 
unlike for massive particles that were considered well 
localized in classical theory, the idea of uncertainty 
for light had been accepted in some form long before 
the development of quantum mechanics. Neglecting 
the scaling factor h, which is purely quantum in 
origin, an uncertainty principle can be derived for any 
wavelike phenomena simply using the relationship 
between Fourier transform pairs. 

Using the basic ideas of a photon state and the 
uncertainty principle, some important properties of 
light will now be explored. There are several possible 
forms the wave function can take. It is often 
convenient to write the wave function in terms of 
states containing a certain number of photons. Such 
states are known as Fock or number states and are 
represented as Iz), with nm being the number of 
photons in the state and are said to be eigenstates of 
the number operator. The energy of a Fock state is 
given by 


E, =hv(n + 0.5) [25] 


Notice that this predicts a background, or vacuum, 
energy for the electromagnetic field, even when the 
average number of photons in the field is zero. This 
vacuum energy is given by 0.5 hv. Correspondingly, 
due to the uncertainty principle, there must be some 
uncertainty in this energy as well as with any energy. 
The fluctuations in the vacuum energy are known 
as vacuum fluctuations. Many processes, such as 
spontaneous emission that cannot be adequately 
described by a simple semiclassical approach, where 
matter is treated quantum mechanically and light is 
treated classically, can be treated by the addition of 
vacuum fluctuations, without requiring a full quan- 
tum mechanical treatment of the electromagnetic 
field. Such an approach is used in many texts, but 
there are several important physical phenomena 
that do require the fully quantized approach dis- 
cussed here. 

The state most resembling a classical field is known 
as the coherent state, represented here as a sum of 
Fock states: 


= _ ,—lal?’/2 ~ a 
Iv) = |a)=e 2. al” [26] 


where a is a parameter describing the field, with the 
average number of photons in the field given by 
(7) = lal? [27] 


One key property of coherent states is that they 
exhibit minimal uncertainty. That is, the uncertainty 


relations become equalities. Also, the uncertainty is 
equally divided between quadrature components. 

Before applying the above principles to explore 
some of the dramatic results of quantum optics, a 
brief discussion of the laser will be given due to its 
importance in the field. The theory of operation of the 
laser is based directly on Einstein’s transition prob- 
abilities. For the transition of interest, one wants to 
generate a large number of coherent photons (that is, 
photons in phase with one another). Recall that in the 
process of stimulated emission, one photon leads to 
two coherent photons, whereas spontaneous emission 
leads to photons which are not phase referenced to 
anything else in the system. Also, if a significant 
number of the photons are to escape the region where 
they are generated, it is important to minimize the 
absorption. Thus, a laser requires that the stimulated 
emission rate exceed both the spontaneous emission 
rate and the absorption rate. The first condition 
places a lower limit on the optical field density present 
at the lasing frequency. This density can be reason- 
ably large, but presents no fundamental difficulties. In 
practice, mirrors are placed around the emission 
region to confine the photons and counteract losses, 
thereby building up the energy density until the above 
condition is satisfied. The second condition, however, 
can be written as 

N, >N; [28] 

and is the more restrictive requirement. Such a 
condition is referred to as inversion and, as was 
previously mentioned, cannot be sustained in a two- 
level system once equilibrium is reached. Therefore, 
to be able to maintain lasing, additional levels are 
needed. Two typical laser energy diagrams are shown 
in Figure 5. In such multilevel systems, it is possible to 
create an inversion in the levels of interest and thus 
allow lasing. Further details on lasers (both in theory 
and practice) are widely available, though it should 
be noted that the output of a laser is a good 
approximation of a coherent state described above. 

The invention of the laser revolutionized optics, as 
well as the whole of modern physics, by making 
readily available electromagnetic fields of a vastly 
different nature than that from any previous source of 
light. This quickly led to the birth of a new field 
known as nonlinear optics. Nonlinear optics 
describes interactions between light and matter 
which have properties dependent on the field 
strength. Although some nonlinear processes can be 
described adequately without the use of a photon 
picture, most nonlinear process can be best described 
as some combination of annihilation (absorption) 
and creation (emission) of photons. Two such 
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Figure 5 Energy level diagrams for three-level and four-level lasers. 


processes, that are of great interest in quantum optics, 
are stimulated scattering and parametric down 
conversion. 

Earlier, the process of spontaneous Raman scatter- 
ing was discussed. For such a process, it is assumed 
that the incident field driving the process is relatively 
weak such that the scattering process generates very 
low photon densities in the various modes of the 
electromagnetic field. However, just as there are both 
stimulated and spontaneous emission processes in the 
radiative transitions discussed previously, in the 
presence of strong fields there can also be stimulated 
scattering. The total Raman scattering rate can be 
expressed as 

R= nlp + 1) [29] 
where 7 is a scaling factor, including the gain of the 
process for a given material, I; is the strength of the 
incident optical field (generally a laser field to be 
sufficiently strong to cause stimulated scattering), and 
Ip is the Raman field strength. Note that for Ip, the 
rate is just linear with the applied field, representing 
the spontaneous process. However, with a strong 
pump, the generated field will quickly become large 
enough such that the stimulated process will domi- 
nate. The spontaneous scattering is not directional 
dependent, but since the stimulated process grows 
along the length of the scattering material in the path 
of the incident beam, it will tend to be generated 
along the path of the incident laser. Due to linear and 
nonlinear dispersion effects, however, the light will 
form in a narrow cone about the pumping laser rather 
than exactly collinear. Unlike the spontaneous scat- 
tering, a significant percentage of the incident 
photons can be converted to the Raman frequencies, 
making stimulated Raman scattering an extremely 
powerful spectroscopic tool. 

Possibly the most important nonlinear optical 
process for quantum optics is parametric down 
conversion. This process is interesting both in the 
nature of the process itself, as well in the properties of 
the generated light. In parametric down conversion, 
shown schematically in Figure 6, one photon (known 
as a pump photon) of frequency », is annihilated 


Signal 
Pump 
Idler 
Signal seed 
(for stimulated) 


Figure 6 Schematic representation of parametric down 
conversion. 


and two new photons (generally referred to as signal 
and idler) are created with frequencies v, and y; 
respectively, given by the conservation of energy 
relationship: 

hy, = hv, + hy; [30] 
In the case where v, = 1;, the process is referred to as 
degenerate. Down conversion can either be spon- 
taneous, in which only pump photons are externally 
applied, or stimulated, in which both pump photons 
and signal photons are applied. In the stimulated case, 
the signal is amplified and idler photons are generated 
as a byproduct. Parametric down conversion is one of 
the leading sources of nonclassical states of light. The 
term nonclassical is used rather than quantum, 
because all states of light can be accurately described 
by a quantum picture, but while most can also be 
described very well with a classical picture the states 
referred to as nonclassical cannot. Two of the most 
common nonclassical states of light are entangled 
states and squeezed states. 

Entangled states are multiphoton states in which 
the state cannot be written as a product of the states 
of the individual photons. For simplicity, only two- 
photon entangled states (commonly referred to as 
EPR states for Einstein, Podolsky, and Rosen) will be 
discussed. More extensive and general material, 
including discussions of higher-order entanglement, 
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Figure 7 Uncertainty diagrams for squeezed and unsqueezed 
vacuum and coherent states. 


such as the three-photon entangled states (commonly 
referred to as GHZ states for Greenberger, Horne, 
and Zeilinger), can be found in a variety of textbooks 
on modern quantum optics. One of the simplest ways 
to generate a two-photon entangled state is by the 
process of spontaneous parametric down conversion 
described above. If the product of the pumping 
intensity, generation length, and generation gain is 
of an appropriate level, individual pairs of photons 
are emitted. The states of these photon pairs are 
entangled, with the position, momentum, wave- 
length, polarization, and all other properties of the 
photons completely correlated and inseparable. Such 
states have been a powerful tool for the experimental 
verification of many of the predictions of quantum 
mechanics and quantum optics. Entangled states can 
also act as a source for many of the newer tech- 
nologies in quantum optics, including cryptography 
and teleportation. 

Another important form of nonclassical light is 
known as squeezed light. The principle behind 
squeezed light is that, unlike for coherent states 
where the uncertainty is equally distributed, the 
uncertainty in one quadrature can be reduced at the 
expense of increased uncertainty in the other quad- 
rature. This is shown schematically in Figure 7. As 
opposed to entangled states which tend to be very 
weak, containing only a few photons, squeezed states 


of light can be quite intense. This makes squeezed 
light more desirable for many applications. 

In conclusion, it should be noted that while the 
photon description of light can explain a wide variety 
of physical processes and is now leading to many 
exciting technological developments, much is still 
unknown about the photon at the fundamental level. 
Any accurate description of the photon must be in 
agreement with experimental evidence, including that 
discussed in this article, but one should be aware that 
the accepted picture of the photon nature of light is 
still constantly evolving and growing. 
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Introduction 


The fabrication and study of dielectric structures 
whose refractive index is periodically modulated on a 
micron or submicron scale, known as photonic 
crystals (PCs), are attracting considerable interest at 
present. One-, two-, or three-dimensional (1D-, 2D-, 
or 3D-) periodic PCs exhibit photonic band gaps 
(PBGs), analogously to electronic band gaps in 
ordinary crystals, and can incorporate defects, 
designed to form localized narrow-linewidth (high- 
QO) modes at PBG frequencies. The advent of such 
structures Opens up new perspectives in atomic 
physics and quantum optics, since they are expected 
to allow an unprecedented control over the spectral 
density of modes (DOM) and the spatial modulation 
of narrow-linewidth (high-O) modes, in the micro- 
wave, infrared, and optical domains. An interesting 
situation arises when foreign atoms or ions — 
dopants -— with transition frequencies within the 
PBG, are implanted in the PC. Then light near one of 
these frequencies resonantly interacts with the 
dopants and is concurrently affected by the PBG 
dispersion. Consequently, highly nonlinear processes 
with a rich variety of unusual PC-related features are 
anticipated. Such nonlinear optical processes, 


involving near-resonant transitions in PCs, undergo 
basic modifications as compared to the corresponding 
processes in free space, which are attributed to the 
strong suppression of the DOM within PBGs, to 
sharp bandedges and to intra-gap narrow lines 
associated with high-O defect modes. 

Results are detailed below for spontaneous emis- 
sion of radiation in PCs and for the resonant 
interaction of atoms with the field of a single high- 
O defect mode. These results stem from the failure of 
perturbation theory and the onset of strong field- 
atom coupling near sharp bandedges or narrow 
defect-mode lines in 2D and 3D PCs. 3D-PBGs are 
needed, in order to extinguish spontaneous emission 
in all possible directions of propagation and dipole 
orientations. If only one polarized atomic transition is 
involved in the spontaneous emission, 2D-PCs suffice 
for its suppression. For controlling strictly uni- 
directional field propagation, it is sufficient to resort 
to PBGs in 1D-periodic structures (Bragg reflectors or 
dielectric multi-layer mirrors). 

As a further example of field—atom interactions in 
doped PCs, we will show that two ultraweak 
electromagnetic fields (or photons), coupled to appro- 
priate transitions of the dopants in a PC, can mutually 
induce large phase shifts or drastic changes in 
absorption. Appreciable photon—photon correlations 
can then be established, which can be utilized in 
both classical and quantum optical communications. 


Radiative Decay and Photon-Atom 
Binding in a PC 
The interaction of a two-level atom with an arbitrary 


field-mode continuum can be described by the 
following second-quantized Hamiltonian in the 
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rotating-wave approximation (RWA) 
H =ha,|eel +h oe w,4 4; 
k 
+h = [x(w;)a,| g)<el + hermitian constant] 
k 


[1] 


Here le) and lg) are the excited and ground atomic 
states, respectively, w, is the atomic transition 
frequency, a and a; are the creation and annihilation 
operators of a field mode with wavevector k, and 
frequency ;, and fx(w;) is the resonant coupling 
energy of this mode with the atomic dipole. The 
k-summation can be replaced by an integral over 
the continuum DOM in the frequency domain, )}; > 
Jo dwp(w), avoiding, for the sake of simplicity, the 
study of direction-(angle-)dependent DOM effects. 

We consider a two-level atom that is excited at time 
t = 0 in an empty, periodic dielectric structure. The 
wavefunction of the combined system field + atom 
can be cast in the general form: 


Y(t) = altyle, (0,}) + | Bots 1elo)de — [2] 


where {0,,} signifies the completeness of field modes in 
the vacuum state and |1,,) denotes single-photon 
occupation of the w-mode. The corresponding 
Schrodinger equation can be solved with the initial 
condition |'¥(0)) = le, {0,,}) by means of the con- 
tinuum spectral response: 


G() = |«(w)!* p(w) [3] 


The analysis of eqn [2], with G(w) appropriate for 
photonic bandstructures, is aimed at revealing the 
prominent features of the atomic excitation decay 
a(t) and the corresponding emission spectrum. 

In what follows, we consider a photonic band- 
structure with several PBGs, separated by allowed 
bands. Each PBG is labeled by index i and has lower 
and upper cutoff frequencies w,; and wy;, respectively. 
Then G(w)=0 for w; << wy;. Naively, one 
might expect that an excited atom would either be 
stable against single-photon decay, if w, is within a 
PBG, or decay completely at t > 0, if w, is anywhere 
in an allowed band. However, both statements turn 
out to be inaccurate. 

Incomplete decay of a(t— 0c) occurs if there is a 
stable eigenvalue (energy level) Aw; of the total (field- 
atom) Hamiltonian eqn [1]. Such an energy level is 
possible only if G(@, = 0, i.e., for @; in a PBG. 


It must satisfy: 


@; = w, + A(@;) [4 


pay 


“i G(o') 


/ 
hay | Ge) 
0 


OO do! + . Odo! 15] 








Here the integrals are the frequency shifts of the 
atomic resonance fiw, induced by the spectral parts 
of the reservoir situated, respectively, below and 
above the ith PBG (Figure 1). If eqn [4] holds, 
then the corresponding term in a(t) is proportional to 
exp(—ia;t), and does not decay. Physically, such a 
stable level can be interpreted as representing the 
binding of the photon to the atom (photon-dressed 
atom), without the ability to leave the atomic vicinity, 
due to Bragg reflection in the PBG. 

Assuming that @; occurs in the ith PBG, we observe 
that the first shift is positive whereas the second shift 
is negative, i.e., each part of the continuum repels the 
atomic level from its PBG edge. Equation [4] has a 
solution if w, falls between the minimum and 
maximum values assumed by its left-hand side in 
the ith PBG, ice., if 


a; — A(@j;) < @, < wy; — A(@u;) [6] 
(a) OO Oy O% 
(b) 0 thy 


Figure 1 Frequency shifts of the atomic resonance w, (dashed 
line) due to ‘repulsion’ (arrows) by asymmetric spectral parts of the 
continuum below and above the PBG: (a) Incomplete decay for w, 
in allowed band. The interaction with the continuum splits the state 
into a superposition of a stable part in the PBG (solid line) anda 
decaying part above w, (shaded peak). (b) Complete decay for 
same wa, due to larger shifts that split the state into decaying parts 
in two allowed bands. 
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Incomplete decay occurs if this condition holds at 
least for one PBG. There may be, at most, one stable 
state in a single PBG (Figure 1). However, a two-level 
atom in a periodic structure can have several stable 
dressed states simultaneously, when conditions hold 
for several PBGs. It is quite extraordinary that the 
conditions (eqn [6]) for incomplete decay can be 
fulfilled with w,, not only in a PBG, but even in an 
allowed band, e.g., when A(wy;) is negative or when 
A(q,,;) is positive (Figure 1a,b). 

Equally counterintuitive is the converse possibility, 
of complete decay for w, within a PBG. When there is 
a single PBG and one of the inequalities in eqn [6] is 
violated, complete decay will occur for a; < @, < 
oj — A(ar;), if A(@;) < 0, or wy; — A(@y;) < a, < 
yi, if A(@y;) > 0. 

The possibility that one or several discrete, stable, 
states exist yields the corresponding wavefunction in 
the form: 


IW) = >. Velie" + IV.) [7] 


Here the summation is over all discrete atomic 
photon-dressed states with energies ha;, |;) is a 
discrete-(dressed-)state eigenfunction of the Hamil- 
tonian (eqn [1]) normalized to unity, and weighted by 
the amplitude Jc; = [1+ Jj dwG(w)w — ay), 
The dressed state |;) consists of an excited-state 
component and a photon-bound ground-state 
component. 

The population of the excited state for long times: 


la(é)l? = ®. CC COS(w; — w,)t for to [8] 


ii 


is a nonzero time-constant if there is one discrete 
stable state, whereas in the case of several such states, 
it undergoes beats at the frequencies corresponding to 
their energy differences. The splitting of an excited 
state le) into superposed stable states, oscillating at 
bandgap frequencies w;, whose amplitudes c;, and 
eigenfrequencies w; are controllable by the atomic 
transition detuning from cutoff, constitutes spon- 
taneous coherence control. 

If, however, w, is far from the cutoff, then eqn [2] 
results in an exponentially decaying amplitude: 


a(t) ~ e (Matiog)t [9] 
where @, = w,+A,, Ag, and y, being the effective 


spectral shift and width of the decaying atom. 
This regime holds for a locally smooth G(w ~ ,) 


such that 


lyil, IALI<1; ly, Agl< yas Yas lAgl «lo, — wel [10] 
where w, is the bandedge frequency nearest to w, and 
the primes denote differentiation with respect to @,. 
We now apply the foregoing general results to a 
model DOM distribution. This distribution is 
derived on keeping the lowest term in the Taylor 
expansion of the dispersion relation w(k) near a 
photonic bandedge wy (the effects of the further 
PBG edge are neglected). This yields the effective 

mass approximation: 
o~aoy+ DY (k= kyilm; [11] 


1=X,Y,% 


with 1/m; = (1/2)(0* w/k?)|,-o,- In a structure with 
period L, ky satisfies the Bragg condition ky = a/L. 
The corresponding DOM in a 3D-periodic structure 
with an allowed symmetry may be approximated as 


p(w) ~ (@ — wy)?” (w — wy) [12] 


where @ is the step function and D is the dimension 
of the Brillouin-zone surface spanned by bandedge 
modes with vanishing group velocity. In realistic 
photonic structures D = 2, D = 2 corresponding to 
completely isotropic dispersion (spherical Brillouin- 
zone surface) and D=O corresponding to an 
anisotropic three-dimensional Brillouin zone. Both 
cases can be represented, respectively, as the limits 
é— 0 and e— oo of the function: 





eC ee Ga 


[13] 
TwW-Wyte 


@y) 


where « is the ‘cutoff-smoothing’ parameter and C 
is the continuum coupling constant. Depending 
on whether C”%/e is greater or less than one, 
the continuum is close to the case e = 0(D = 2) or 
e— co (D = 0), respectively. 

Using the properties of the model DOM (eqn [13]), 
we can infer the criteria for the two regimes discussed 
above: 


(i) The conditions for incomplete decay, eqn [6], are 
now (Figure 2) A. = @, — wy < Ce”. Hence, 
the abrupt, singular cutoff of the DOM with D = 
2 (e — 0) implies the existence of a discrete state 
for any @,, either inside or outside the PBG. The 
energy of the discrete state, iw), which must lie in 
the PBG, is found to be a real and positive root of 


the equation w, — @) = Ci. /oy — @ + Ve). 
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Figure 2 (a) Incomplete decay of the excited state population as 
a function of yet, where y, = Ce”, forse = 10-3, at cutoff A, = 0. 
The beat period is 27/(wy — wo) and the nondecaying probability 
is c2? = 4/9. (b) The corresponding spectrum. The frequency is 
normalized to 7. 


(ii) The conditions for nearly exponential decay, 
eqn [10], can be shown to reduce now to 
the requirement that w, be in the allowed 
zone sufficiently far from cutoff, A.,> 
min{C?, Ce~ 7}. Under this condition, the inter- 
mediate-time exponential decay of the excited 
state (Figure 3) is given to first approximation 
by eqn [9], with y,=C/AMe+A,) and 
A, = —CJeKe + A,). 


The resulting atomic frequency shift A, is negative 
in the present model, vanishing for s— 0 (D = 2). 
The long-time behavior of a(t) can be shown to 
exhibit a tail decaying as t°? (or ¢°'? at 
A. = Ce~'”) and oscillating at the cutoff frequency 
wy (Figure 3). 

With the increase of e, the smoothing inhibits the 
decay more strongly for w, at cutoff, A, = 0, because 
G(@, ~ @y) is now weaker and the stable-state 
probability cg (eqn [7]) is correspondingly larger. 
By contrast, at a large detuning from cutoff A., the 
large-e smoothing allows the decay to become 
complete, and the corresponding spectrum is entirely 
Lorentzian. 
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Figure 3 As in Figure 2, for a large detuning from the sharp 
cutoff, s = 1073, A, = 0.3. (a) log, laltl? is plotted as a function of 
i. The nearly complete decay (c3 ~ 107%) is modulated by beats 
with frequency A,. A power tail obtains for t>> y,' ~ A/C, 
decreasing as t-'* for t< A2/C? and as t °? for t >> A2/C?. (b) 
The nearly Lorentzian spectrum, w(w), has a small peak near wy, 
due to the sharply peaked DOM near the cutoff. 


A defect in the periodic structure can produce a 
narrow-linewidth local mode in the PBG, whose 
spectral response is describable by a Lorentzian: 


Ya ¥; 
Gq(w) = 
? 7 14 +(@— wy)” 





[14] 


where yy characterizes the coupling strength of the 
atomic dipole with the defect field, whereas wg and Ig 
stand for the line center and width, respectively. The 
presence of a nonvanishing DOM in the PBG, due to 
a defect, causes spontaneous emission in the PBG 
spectral range. This broadens the discrete state wo, 
which becomes metastable (see Figure 4). The 
oscillator strength of the line at wo is then pro- 
portional to co. 


EIT and Cross-Coupling of Photons in 
Doped PCs 


Nonlinear effects, whereby one light beam influences 
another, require strong fields or else light confinement 
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ina high-O cavity. The analysis above has shown that 
by choosing an appropriate detuning of an atomic 
transition from the PBG cutoff, the spontaneous 
coherence is established between the states of an 
initially excited atom. The ability to control this 
coherence, by varying the detuning, opens interesting 
perspectives for optical processes in PCs containing 
multilevel atoms with a resonant transition near a 
bandedge. From among such processes, we discuss 
here electromagnetically induced transparency (EIT) 
and its applicability to nonlinear photon switching or 
giant cross-phase modulation. 

Let us examine the nonlinear coupling of two weak 
(single-photon) optical fields E, and E, with the 
frequencies w, and @,, respectively, propagating 
along the z-axis in a PC dilutely doped with identical 
four-level atoms (Figure 5a). These fields interact with 
the atoms via the transitions |1) — |2) and |3) — 14), 
respectively, while the transition |2) — 13) is coupled 
to the structured mode-continuum p(@) in the 





Spectrum 
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Figure 4 Spectrum w()(same units as in Figures 2 and 3) for 
w, at cutoff, A, =0, in the presence of a defect in the PBG, 
q 10, y=0.1, [y= 3, e= 107%. The oscillator strength is 
now roughly equally shared between the distribution above cutoff 
(same as in Figure 2b) and the defect peak at wo. 
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PC (Figure 5b). Initially the atoms are in the 
ground state 11) and the continuum is in the vacuum 
state {0,,}. Then the wavefunction of the system at the 
position z, of the /th atom reads: 


IW (z), t)) = 411, {0,,}) + a7!2, (0,,}) 


- | B Jat Spade 





- | Prol4 1owdo [15] 


The consecutive terms in eqn [15] denote the atom 
being in states 1), 12), 13), or 14), with zero {0,,} or one 
|1,,) photon in mode w whose DOM is p(w), and ay, 
Q, B3,4, OF B4,, are the corresponding probability 
amplitudes. Upon making the weak-field linear- 
response approximation, we can set a; ~1 and 
solve the set of equations for the slowly varying 
(compared to an optical cycle) probability amplitudes 
a and £, using the perturbation theory. Under these 
conditions, we effectively obtain a free-space propa- 
gation of the E, field. By contrast, the evolution of the 
E, field in the slowly varying envelope approxi- 
mation, is given by E,(z,t) = E,(0,t — z/v,)exp(ip2). 
We thus see that the real part of the macroscopic 
complex polarizability p is responsible for the phase 
shift ¢, of the E, field, ¢, = Re(p)z, while the 
probability of the absorption . of the field depends 
on the imaginary part of p, « = 1 — exp[—2Im(p)z]. 
The polarizability is expressed by 


1y2/2 


1 
°'y,/2 — iA, + I(A,) Hel 





p=a 


where dj = OpN is the linear resonant absorption 
coefficient on the atomic transition |1) > |2), with oo 
the resonant absorption cross-section and N the 
density of doping atoms, y, is the radiative width of 


(@)d 


14) 





Figure 5 (a) Photonic crystal dilutely doped with atoms located at black dots. (b) Four-level atom coupled to a structured continuum 
p(w) near the band-edge or defect mode frequencies (DOM plotted) via the intermediate transition |2) — 13) and interacting with two 
weak fields E, and &, at the sideband transitions 11) — !2) and |3) — |4), respectively. 
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state 12), A, = w, — @, is the detuning from the 
atomic resonance @),, and I(A,) is the integral of 
the saturation factor over the structured DOM. The 
group velocity vg is expressed as v, = 0,0, = 
[n,/c + 0,,Re(p)]-1, where m, is the (averaged) 
refraction index at the frequency a,. 

To calculate I(A,), we assume the isotropic PBG 
model, eqn [13] with e — 0, with the atoms doped at 
the positions of the local defects in the PC separated 
by a distance d from each other. These defect modes 
in the PBG are localized around each atomic site in a 
volume Vy = (rL)° of several (r)° lattice cells L*, with 
L = mc/a@ 3, and serve as effective high-O cavities, 
eqn [14] with Ty <1. Assuming IA,! >> IAI, IA,|, v4, 
where A, = @ — 43 and A=w- @)3, the inte- 
gration leads to 


Bi 


I(A,) = : 
vii — HA, — Ag — Sa) 





3/2 
By 


Viysi + (A, — Ay — 53) 








[17] 


where Agy = gy — @23 < 3 are the detunings of 
the defect-mode and PBG-edge frequencies from the 
atomic resonance @3, Y31 the 11) 13) decoherence 
rate, s; = (34/h7A,)IE,|° is the E, field-induced ac 
Stark shift of level 13) (1; is the atomic dipole matrix 
element on the transition |?) > |/)), and Bg and By are 
the coupling constants of the atom with the struc- 
tured reservoir, whose main contributions are near wg 
and wy. 

To illustrate the results of the foregoing analysis, 
we plot in Figure 6 the imaginary and real parts of the 
polarizability (eqn [16]). Consider first the case of one 
incident field E,(E, = 0). Clearly, two frequency 








(a) 
Figure 6 


and E, #0 (dashed lines). The parameters (normalized by yo) are: Ag 


a = 1cm'. The insets magnify the important frequency regions. 





regions, A, ~ Ag and A, ~ Ay, where the absorption 
vanishes and, at the same time, the dispersion slope is 
steep, are of particular interest. One can see that there 
is, however, a substantial difference between the 
spectra in the foregoing frequency regions, for the 
following physical reasons. First, in the vicinity of Ag, 
the atom interacts with the defect mode as in a high- 
O cavity. This strong interaction ‘dresses’ the atomic 
states 12) and 13), thereby splitting the spectrum 
around A, ~ Ag by the amount equal roughly to 2B,. 
Near the two-photon Raman resonance A, = Ag, the 
two alternative transition paths |1)— |2) (the direct 
transition) and |1)— 12) 13) 2) (transition via 
state |3)) interfere distractively with each other, 
cancelling thus the absorption of the E, field and 
the medium becomes transparent to the radiation. 
This effect has been widely studied in atomic vapors, 
where the transition |2) — |3) is strongly driven by a 
coherent laser field, and is called electromagnetically 
induced transparency (EIT). The transparency win- 
dow is rather broad and is given by the inverse 
Lorentzian (see the first term on the right-hand side of 
eqn [17]). Due to the steepness of the dispersion 
curve, the corresponding group velocity is much 
smaller than the speed of light, v, = 2Bal(y2a0) < , 
which leads to a large delay time Ty.) = {/v, at the 
exit zg = {from the medium. One has to keep in mind, 
however, that the absorption-free propagation time is 
limited by the EIT decoherence time Ty.) < y3/, 
which imposes a limitation on the length ¢ of the 
active PC medium. Second, in the vicinity of Ay, the 
strong interaction of the atom with the continuum 
near the bandedge wy causes the Autler-Townes 
splitting of level |2) into a doublet with a separation 
equal roughly to By. One component of this doublet 
is shifted out of the PBG, while the other one remains 


06 
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(a) Imaginary and (b) real part of the complex polarizability p as a function of the detuning A, for the case E, = 0 (solid lines) 





1, Ay =1, y31 = 0.001, By = By = 1, S3 = —0.1, and 
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within the gap and forms the photon—atom bound 
state. Consequently, there is vanishing absorption and 
rapid variation of the dispersion at A, ~ Ay. Since the 
transparency region is very narrow with a width 6a ~ 
¥31(y2, By), for an absorption-free propagation of 
the E, pulse, its temporal width 7, should satisfy the 
condition 7, > m/S. Simultaneously, a small devi- 
ation from the condition A, = Ay will lead to a strong 
increase in the absorption of the E, field. 

Let us now switch on the E, field. As seen from 
eqn [17], its effect is merely to shift the spectrum by 
the amount equal to s3 (Figure 6). This shift, 
however, will have different implications in the two 
frequency regions distinguished above: if s; << By, 
i.e., the Stark shift is smaller than the width of the 
EIT window at Ag, the medium will still remain 
transparent for an E, field with the detuning A, = 
Ay, but its phase will experience an appreciable 
nonlinear shift ,, given by @¢, = Re(p)z= 
— y)a983z/(2B7). On the other hand, for an E, field 
with the detuning A, = Ay, the medium, which is 
transparent for E,=0, Im(p)< ap, will become 
highly absorptive (opaque) even for such a small 
frequency shift as s3 (provided s;<0O and 
ls3| > Aw), Im(p) = ya9V/ls3!/(2B¥) and thus acting 
as an ultrasensitive, effective switch. 

The remaining question is how to maximize the 
interaction between the E, pulse, which propagates 
with a small group velocity, and the E,, pulse, which 
propagates with a velocity close to the speed of light. 
The interaction between the fields is maximized if: 
they enter the medium simultaneously; the transverse 
shapes of their envelopes overlap completely; and the 
pulse length J, of the Fy, field satisfies the condition 
(, + $)/c = vg. Then the E, pulse leaves the 
medium not later than the E, pulse. The effective 
interaction length between the two pulses is, there- 
fore, Ze ~ [pu,/c = ¢, after which the two pulses slip 
apart. Thus, the presence of the E,, (control) field 
induces either strong absorption or a large phase shift 
of the E, (signal) field, depending on the frequency 
region employed. 

The effects surveyed above reveal unusual features 
of spontaneous emission and photon—atom binding in 
PCs, atomic interaction with the field of a high-O 
defect mode, and nonlinear coupling of two fields via 
four-level dopant atoms in PCs. These effects are of 
fundamental interest. In addition, they can serve as the 
basis for highly efficient optical communications and 
data processing, in either the classical or the quantum 
domain, by providing two key elements: ultrasensitive 
nonlinear phase-shifters and photon switches. 


List of Units and Nomenclature 


Atomic or photonic eigenstates sas) 
[dimensionless] 
Complex polarizability [cm~ *] 


Coupling constant [s *] mC" B 

Decay rate [s ‘] Y 

Density of modes [s] p 

Frequency [s ‘] w, A, s 

Phase [dimensionless] d 

Probability amplitudes a, B,C 
[dimensionless] 

Reservoir spectral G 
response [s_ ‘] 

Resonant absorption do 
coefficient [cm '] 

Spontaneous emission W 
spectrum [s] 

Wave vector [m7] k 

See also 


Electromagnetically Induced Transparency. Photonic 
Crystals: Photonic Crystal Lasers, Cavities and Wave- 
guides. 
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Introduction 


Photonic crystals are periodically structured electro- 
magnetic media, generally possessing photonic 
bandgaps: ranges of frequency in which light cannot 
propagate through the structure. This periodicity, 
whose lengthscale is proportional to the wavelength 
of light in the bandgap, is the electromagnetic analog 
of a crystalline atomic lattice, where the latter acts on 
the electron wavefunction to produce the familiar 
band gaps, semiconductors, etc., of solid-state phy- 
sics. The study of photonic crystals is likewise 
governed by the Bloch—Floquet theorem, and inten- 
tionally introduced defects in the crystal (analogous 
to electronic dopants) give rise to localized electro- 
magnetic states: linear waveguides and point-like 
cavities. The crystal can thus form a kind of perfect 
optical ‘insulator’, which can confine light around 
sharp bends, in lower-index media, and within 
wavelength-scale cavities, among other novel possi- 
bilities for control of electromagnetic phenomena. 
Below is introduced the basic theoretical background 
of photonic crystals in one, two, and three dimensions 
(schematically depicted in Figure 1), as well as hybrid 
structures that combine photonic-crystal effects in 
some directions with more-conventional index guid- 
ing in other directions. (Line and point defects in 
photonic crystals are discussed in another article.) 
Electromagnetic wave propagation in periodic 
media was first studied by Lord Rayleigh in 1887, 
in connection with the peculiar reflective properties of 


1-D 


2-D 





Periodic in 
two directions 


Periodic in 
three directions 


Periodic in 
one direction 
Figure 1 Schematic depiction of photonic crystals periodic in 
one, two, and three directions, where the periodicity is in the 
material (typically dielectric) structure of the crystal. Only a 3d 
periodicity, with a more complex topology than is shown here, can 
support an omnidirectional photonic bandgap. 


a crystalline mineral with periodic ‘twinning’ planes 
(across which the dielectric tensor undergoes a mirror 
flip). These correspond to one-dimensional photonic 
crystals, and he identified the fact that they have a 
narrow bandgap prohibiting light propagation 
through the planes. This bandgap is angle-dependent, 
due to the differing periodicities experienced by light 
propagating at non-normal incidences, producing 
a reflected color that varies sharply with angle. 
(A similar effect is responsible for many other 
iridescent colors in nature, such as those of butterfly 
wings and abalone shells.) Although multilayer films 
received intensive study over the following century, it 
was not until 100 years later, when Yablonovitch and 
John, in 1987, joined the tools of classical electro- 
magnetism and solid-state physics, that the concepts 
of omnidirectional photonic bandgaps in two and 
three dimensions was introduced. This generaliza- 
tion, which inspired the name ‘photonic crystal’, led 
to many subsequent developments in their fabrica- 
tion, theory, and application, from integrated optics 
to negative refraction to optical fibers that guide light 
in air. 


Maxwell’s Equations in Periodic Media 


The study of wave propagation in three-dimension- 
ally periodic media was pioneered by Felix Bloch in 
1928, unknowingly extending an 1883 theorem in 
one dimension by Gaston Floquet. Bloch proved that 
waves in such a medium can propagate without 
scattering, their behavior described by a periodic 
envelope function multiplied by a planewave. 
Although Bloch studied quantum mechanics, leading 
to the surprising result that electrons in a conductor 
scatter only from imperfections and not from the 
periodic ions, the same techniques can be applied to 
electromagnetism by casting Maxwell’s equations 
as an eigenproblem in analog with Schrédinger’s 
equation. By combining the source-free Faraday’s and 
Ampere’s laws at a fixed (angular) frequency @, i.e., 
time dependence e7', one can obtain an equation in 
only the magnetic field H: 


= => =~ va 
¥x ctxA=(2) A (1 
E€ 


where « is the dielectric function e(x, y, z) and c is the 
speed of light. This is an eigenvalue equation, with 
eigenvalue (w/c)* and an eigen-operator V X (1/e)V X 
that is Hermitian (acts the same to the left and right) 
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under the inner product [ H* - H!' between two fields 
H and H’. (The two curls correspond roughly to 
the ‘kinetic energy’ and 1/e to the ‘potential’ 
compared to the Schrédinger Hamiltonian V* + V.) 
It is sometimes more convenient to write a general- 
ized Hermitian eigenproblem in the electric field 
E,VxVXE= (w/c) eE, which separates the kinetic 
and potential terms. Electric fields that lie in higher 
é, i.e., lower potential, will have lower a; this is 
discussed further in the context of the variational 
theorem of eqn [3]. 

Thus, the same linear-algebraic theorems as those 
in quantum mechanics can be applied to the 
electromagnetic wave solutions. The fact that the 
eigen-operator is Hermitian and positive-definite (for 
real « > 0) implies that the eigenfrequencies w are 
real, for example, and also leads to orthogonality, 
variational formulations, and perturbation—theory 
relations that are discussed further below. An 
important difference compared to quantum mech- 
anics is that there is a transversality constraint: one 
typically excludes V-H #0 (or V-eE #0) eigen- 
solutions, which lie at w = 0; i.e., static-field solutions 
with free magnetic (or electric) charge are forbidden. 


Bloch Waves and Brillouin Zones 


A photonic crystal corresponds to a periodic dielec- 
tric function «(x)= «(x + Rj) for some primitive 
lattice vectors R; (i= 1,2,3 for a crystal periodic in 
all three dimensions). In this case, the Bloch—Floquet 
theorem for periodic eigenproblems states that the 
solutions to eqn [1] can be chosen of the form H® = 
elk 3 FY nk) with eigenvalues w,(R), where H, j isa 


sefibdic envelope function satisfying 





(7+ ik) x 2 (7 +18) x A, = nll) He 2 
yielding a different Hermitian eigenproblem over 
the primitive cell of the lattice at each Bloch 
wavevector k. This primitive cell is a finite domain 
if the structure is periodic in all directions, leading to 
discrete eigenvalues labeled by n= 1,2,.... These 
eigenvalues w,(k) are continuous functions of k, 
forming discrete ‘bands’ when plotted versus the 
latter, in a ‘band structure’ or dispersion diagram — 
both wand k are conserved quantities, meaning that a 
band diagram maps out all possible interactions in the 
system. (Note also that k is not required to be real; 
complex k gives evanescent modes that can exponen- 
tially decay from the boundaries of a finite crystal, but 
which cannot exist in the bulk.) 

Moreover, the eigensolutions are periodic functions 
of k as well: the solution at k is the same as the 


solution at k + CG. where G; _is a primitive reciprocal 
lattice vector defned by R. G = 276,;. Thanks 
to this periodicity, one ead ane sampute the 
eigensolutions for k within the primitive cell of 
this reciprocal lattice — or, more conventionally, one 
considers the set of inequivalent wavevectors closest 
to the k = 0 origin, a region called the first Brillouin 
zone. For example, in a one-dimensional system, 
where R, = a for some periodicity a and G, = 27/a, 
the first Brillouin zone is the region k = —7/a...7/a; 
all other wavevectors are equivalent to some point in 
this zone under translation by a multiple of G,. 
Furthermore, the first Brillouin zone may itself be 
redundant if the crystal possesses additional sym- 
metries such as mirror planes; by eliminating these 
redundant regions, one obtains the irreducible 
Brillouin zone, a convex polyhedron that can be 
found tabulated for most crystalline structures. In the 
preceding one-dimensional example, since most 
systems will have time-reversal symmetry (k > —k), 
the irreducible Brillouin zone would be k = 0... 7/a. 

The familar dispersion relations of uniform wave- 
guides arise as a special case of the Bloch formalism: 
such translational symmetry corresponds to a 
period a— 0. In this case, the Brillouin zone of the 
wavevector k (also called $8) is unbounded, and 
the envelope function Hyp is a function only of the 
transverse coordinates. 


The Origin of the Photonic Bandgap 


A complete photonic bandgap is a range of w in which 
there are no propagating (real k) solutions of 
Maxwell’s eqn [2] for any k, surrounded by propa- 
gating states above and below the gap. There are 
also incomplete gaps, which only exist over a 
subset of all possible wavevectors, polarizations, 
and/or symmetries. Both sorts of gaps are discussed 
in the subsequent sections, but in either case, their 
origins are the same and can be understood by 
examining the consequences of periodicity for a 
simple one-dimensional system. 

Consider a one-dimensional system with uniform 
é = &, which has planewave eigensolutions w(k) = ck, 
as depicted in Figure 2(left). This e¢ has trivial 
periodicity a for any a= 0, with a=0 giving the 
usual unbounded dispersion relation. One is free, 
however, to label the states in terms of Bloch envelope 
functions and wavevectors for some a # 0, in which 
case the bands for |kl > w/a are translated (folded) 
into the first Brillouin zone, as shown by the dashed 
lines in Figure 2(left). In particular, the k = —a/a 
mode in this description now lies at an equivalent 
wavevector to the k = w/a mode, and at the same 
frequency; this accidental degeneracy is an artifact of 
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Figure 2 Left: Dispersion relation (band diagram), frequency w 
versus wavenumber k, of a uniform one-dimensional medium, 
where the dashed lines show the ‘folding’ effect of applying 
Bloch’s theorem with an artificial periodicity a. Right: Schematic 
effect on the bands of a physical periodic dielectric variation 
(inset), where a gap has been opened by splitting the degeneracy 
at the k = +7/a Brillouin-zone boundaries (as well as a higher- 
order gap at k = 0). 


the ‘artificial’ period that has been chosen. Instead of 
writing these wave solutions with electric fields 
E(x) ~ e*'™*", one can equivalently write linear 
combinations e(x) = cos(ax/a) and o(x) = sin(ax/a) 
as shown in Figure 3, both at w= ca/la,/é. Now, 
however, suppose that one perturbs e so that it is 
nontrivially periodic with period a; for example, a 
sinusoid e(x) = &-[1+A-cos(27x/a)], or a square 
wave as in the inset of Figure 2(right). In the presence 
of such an oscillating ‘potential’, the accidental 
degeneracy between e(x) and o(x) is broken: suppos- 
ing A > 0, then the field e(x) is more concentrated in 
the higher-e regions than o(x), and so lies at a lower 
frequency. This opposite shifting of the bands away 
from the mid-gap frequency w = ca/a,/é creates a 
bandgap, as depicted in Figure 2(right). (In fact, from 
the perturbation theory described subsequently, one 
can show that for A < 1 the bandgap, as a fraction of 
mid-gap frequency, is Aw/w = A/2.) By the same 
arguments, it follows that any periodic dielectric 
variation in one dimension will lead to a bandgap, 
albeit a small gap for a small variation; a similar 
result was identified by Lord Rayleigh in 1887. 

More generally, it follows immediately from the 
properties of Hermitian eigensystems that the 
eigenvalues minimize a variational problem: 
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e =i eat ee 
= hg J elE, ;| 
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c [3] 







sin (x/a) 


cos (7x/a) 


Figure 3 Schematic origin of the band gap in one dimension. 
The degenerate ka = +7/a planewaves of a uniform medium are 
split into cos(zx/a) and sin(zx/a) standing waves by a dielectric 
periodicity, forming the lower and upper edges of the bandgap, 
respectively — the former has electric-field peaks in the high 
dielectric (Npign) and so will lie at a lower frequency than the latter 
(which peaks in the low dielectric). 


in terms of the periodic electric field envelope Ez 
where the numerator minimizes the ‘kinetic energy’ 
and the denominator minimizes the ‘potential energy’ 
Here, the 2 > 1 bands are additionally constrained to 
be orthogonal to the lower bands: 


[Fg Aaa [oB Ej, =0 [4] 


for m<n. Thus, at each k, there will be a gap 
between the lower ‘dielectric’ bands concentrated in 
the high dielectric (low potential) and the upper ‘air’ 
bands that are less concentrated in the high dielectric: 
the air bands are forced out by the orthogonality 
condition, or otherwise must have fast oscillations 
that increase their kinetic energy. (The dielectric/air 
bands are analogous to the valence/conduction bands 
in a semiconductor.) 

In order for a complete bandgap to arise in two or 
three dimensions, two additional hurdles must be 
overcome. First, although in each symmetry direction 
of the crystal (and each k point) there will be a 
bandgap by the one-dimensional argument, these 
bandgaps will not necessarily overlap in frequency 
(or even lie between the same bands). In order that 
they overlap, the gaps must be sufficiently large, 
which implies a minimum « contrast (typically at least 
4/1 in 3d). Since the 1d mid-gap frequency ~ ca/aJé 
varies inversely with the period a, it is also helpful if 
the periodicity is nearly the same in different 
directions — thus, the largest gaps typically arise for 
hexagonal lattices in 2d and fcc lattices in 3d, which 
have the most nearly circular/spherical Brillouin 
zones. Second, one must take into account 
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the vectorial boundary conditions on the electric 
field: moving across a dielectric boundary from « to 
some é! < , the inverse ‘potential’ elEl’ will decrease 
discontinuously if E is parallel to the interface (Ej is 
continuous) and will increase discontinuously if E 
is perpendicular to the interface (eE, is continuous). 
This means that, whenever the electric field lines cross 
a dielectric boundary, it is much harder to strongly 
contain the field energy within the high dielectric, and 
the converse is true when the field lines are parallel to 
a boundary. Thus, in order to obtain a large bandgap, 
a dielectric structure should consist of thin, continu- 
ous veins/membranes along which the electric field 
lines can run — this way, the lowest band(s) can be 
strongly confined, while the upper bands are forced to 
a much higher frequency because the thin veins 
cannot support multiple modes (except for two 
orthogonal polarizations). The veins must also run 
in all directions, so that this confinement can occur 
for all k and polarizations, necessitating a complex 
topology in the crystal. 

Ultimately, however, in two or three dimensions 
there are only rules of thumb for the existence of a 
bandgap in a periodic structure, since no rigorous 
criteria have yet been determined. This made the 
design of 3d photonic crystals a trial and error 
process, with the first example by Ho et al. of a 
complete 3d gap coming three years after the initial 
1987 concept. As is discussed by the final section 
below, a small number of families of 3d photonic 
crystals have since been identified, with many 
variations thereof explored for fabrication. 


Computational Techniques 


Because photonic crystals are generally complex, 
high index-contrast, two- and three-dimensional 
vectorial systems, numerical computations are a 
crucial part of most theoretical analyses. Such 
computations typically fall into three categories: 
time-domain ‘numerical experiments’ that model the 
time-evolution of the fields with arbitrary starting 
conditions in a discretized system (e.g., finite-differ- 
ence); definite-frequency transfer matrices wherein 
the scattering matrices are computed in some basis to 
extract transmission/reflection through the structure; 
and frequency-domain methods to directly extract the 
Bloch fields and frequencies by diagonalizing the 
eigenoperator. The first two categories intuitively 
correspond to directly measurable quantities such as 
transmission (although they can also be used to 
compute e.g., eigenvalues), whereas the third is more 
abstract, yielding the band diagrams that provide a 
guide to interpretation of measurements as well as a 
starting-point for device design and semi-analytical 
methods. Moreover, several band diagrams are 


included in the following sections, and so the 
frequency-domain method used to compute them is 
briefly outlined here. 

Any frequency-domain method begins by 
expanding the fields in some complete basis, H;(x) = 
>, b,b,(X), transforming the partial differential 
eqn [2] into a discrete matrix eigenvalue problem 
for the coefficients h,,. Truncating the basis to N 
elements leads to N XN matrices, which could be 
diagonalized in O(N*) time by standard methods. 
This is impractical for large 3d systems, however, and 
is also unnecessary — typically, one only wants the 
few lowest eigenfrequencies, in which case one can use 
iterative eigensolver methods requiring only ~ O(N) 
time. Perhaps the simplest such method is based 
directly on the variational theorem eqn [3]: given 
some starting coefficients ,, one iteratively mini- 
mizes the variational ‘Rayleigh’ quotient using e.g., 
preconditioned conjugate-gradient descent. This 
yields the lowest band’s eigenvalue and field, and 
upper bands are found by the same minimization 
while orthogonalizing against the lower bands 
(‘deflation’). There is one additional difficulty, how- 
ever, and that is that one must at the same time 
enforce the (V+ik)- Hi, = 0 transversality con- 
straint, which is nontrivial in three dimensions. The 
simplest way to maintain this constraint is to 
employ a basis that is_ already transverse, for 
example planewaves heel * with transverse ampli- 
tudes be: (G +k) =0. (In such a planewave basis, 
the action of the eigen-operator can be computed via 
a fast Fourier transform in O(N log N) time.) 


Semi-analytical Methods: Perturbation Theory 


As in quantum mechanics, the eigenstates can be the 
starting point for many analytical and semi-analytical 
studies. One common technique is perturbation 
theory, applied to small deviations from an ideal 
system — closely related to the variational eqn [3], 
perturbation theory can be exploited to consider 
effects such as nonlinearities, material absorption, 
fabrication disorder, and external tunability. Not 
only is perturbation theory useful in its own right, 
but it also illustrates both old and peculiarly new 
features that arise in such analyses of electromagnet- 
ism compared to scalar problems such as quantum 
mechanics. 7 

Given an unperturbed eigenfield E ; for a struc- 
ture e, the lowest-order correction Aw) to 
the eigenfrequency from a small perturbation Ae is 
given by 








1 
Aol? 
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where the integral is over the primitive cell of the 
lattice. A Kerr nonlinearity would give Ae ~ IEI’, 
material absorption would produce an imaginary 
frequency correction (decay coefficient) from a small 
imaginary Ae, and so on. Similarly, one can compute 
the shift in frequency from a small Ak in order to 
determine the group velocity dw/dk; this variation of 
perturbation theory is also called k-p theory. All 
such first-order perturbation corrections are well 
known from quantum mechanics, and in the limit of 
infinitesimal perturbations give the exact Hellman- 
Feynman expression for the derivative of the 
eigenvalue. However, in the limit where Ae is a 
small shift Ah of a dielectric boundary between some 
€; and €), an important class of geometric pertur- 
bation, eqn [5] gives a surface integral of |EI? on 
the interface, but this is ill-defined because the field 
there is discontinous. The proper derivation of 
perturbation theory in the face of such discon- 
tinuity requires a more careful limiting process from 
an anisotropically smoothed system, yielding 
the surface integral: 








h b lz - —1| i 
(1) w,(k) SSA (Aci. Ey! — Ae |D, ) 
Ao, 5 —_ 
J elE, | 


where Agy) = €1 — &), Ae; = e]! — e5/, and E,/D, 
denotes the (continuous) interface parallel/perpen- 
dicular components of the unperturbed electric/ 
displacement eigenfield. A similar expression is 
required in high index-contrast systems to 
employ, e.g., coupled-mode theory for slowly-varying 
waveguides or Green’s functions for interface 
roughness. 

Standard perturbation-theory techniques also 
provide expressions for higher-order corrections to 
the eigenvalue and eigenfield, based on an expansion 
in the basis of the unperturbed eigenfields. This 
approach, however, runs into immediate difficulty 
because the eigenfields are also subject to the 
transversality constraint, (V + ik)-eE; = 0, and this 
constraint varies with ¢ and k — the eigenfields E; 
are not a complete basis for the eigenfields con- 
strained at a different ¢ or k. For ¢ perturbations, this 
problem can be eliminated by using the H or D 
eigenproblems, whose constraints are indepen- 
dent of e. For k& perturbations, one can employ a 
transformation by Sipe to derive a corrected higher- 
order perturbation theory (for e.g., the group-velocity 
dispersion), based on the fact that all of the non- 
transverse fields lie at w = 0. Such completeness issues 
also arise applying the variational eqn [3], as was 
noted in the previous section: in order for a useful 


variational bound to apply, one must operate in the 
constrained (transverse) subspace. 


Two-Dimensional Photonic Crystals 


After the identification of one-dimensional bandgaps, 
it took a full century to add a second dimension, and 
three years to add the third. It should therefore come 
as no surprise that 2d systems exhibit most of the 
important characteristics of photonic crystals, from 
nontrivial Brillouin zones to topological sensitivity 
to a minimum index contrast, and can also be used 
to demonstrate most proposed photonic—crystal 
devices. The key to understanding photonic crystals 
in two dimensions is to realize that the fields in 2d can 
be divided into two polarizations by symmetry: TM 
(transverse magnetic), in which the magnetic field is 
in the (xy) plane and the electric field is perpendicular 
(z); and TE (transverse electric), in which the electric 
field is in the plane and the magnetic field is 
perpendicular. 

Corresponding to the polarizations, there are two 
basic topologies for 2d photonic crystals, as depicted 
in Figure 4(top): high index rods surrounded by low 
index (top) and low-index holes in high index 
(bottom). Here, a hexagonal lattice is used because, 
as noted earlier, it gives the largest gaps. Recall that a 
photonic band gap requires that the electric field 
lines run along thin_veins: thus, the rods are best 
suited to TM light (E parallel to the rods), and the 
holes are best suited to TE light (E running around the 
holes). This preference is reflected in the band 
diagrams, shown in Figure 4, in which the rods/ 
holes (top/bottom) have a strong TM/TE band gap. 
For these diagrams, the rod/hole radius is chosen to be 
0.2a/0.3a, where a is the lattice constant (the nearest- 
neighbor periodicity) and the high/low « is 12/1. The 
TM/TE bandgaps are then 47% /28% as a fraction of 
mid-gap frequency, but these bandgaps require a 
minimum é« contrast of 1.7/1 and 1.9/1, respectively. 
Moreover, it is conventional to give the frequencies w 
in units of 2ac/a, which is equivalent to a/A (A being 
the vacuum wavelength) — Maxwell’s equations 
are scale-invariant, and the same solutions can be 
applied to any wavelength simply by choosing 
the appropriate a. For example, the TM mid-gap 
w in these units is 0.36, so if one wanted this 
to correspond to A=1.55 um one would use 
a= 0.36-1.55 pm = 0.56 pm. 

The Brillouin zone (a hexagon) is shown at left- 
center, with the irreducible Brillouin zone shaded 
(following the sixfold symmetry of the crystal); the 
corners (high symmetry points) of this zone are 
given canonical names, where I always denotes the 
origin k= 0, K is the nearest-neighbor direction, 
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Figure 4 Band diagrams and photonic band gaps for hexagonal lattices of high dielectric rods (e = 12, r = 0.2a) in air (top), and air 
holes (r = 0.3a) in dielectric (bottom), where a is the center—center periodicity. The frequencies are plotted around the boundary of the 
irreducible Brillouin zone (shaded triangle, left center), with solid/dashed lines denoting TE/TM polarization (electric field 
parallel/perpendicular to plane of periodicity). The rods/holes have a gap in the TM/TE bands. 


and M is the next-nearest-neighbor direction. The 
Brillouin zone is a two-dimensional region of 
wavevectors, so the bands @,(k) are actually 
surfaces, but in practice the band extrema almost 
always occur along the boundaries of the irreducible 
zone (i.e., the high-symmetry directions). So, it is 
conventional to plot the bands only along these zone 
boundaries in order to identify the bandgap, as is 
done in Figure 4. 

Actually, the hole lattice can display not only a TE 
gap, but a complete photonic bandgap (for both 
polarizations) if the holes are sufficiently large (nearly 
touching). In this case, the thin veins between nearest- 
neighbor holes induce a TE gap, while the interstices 
between triplets of holes form ‘rod-like’ regions that 
support a TM gap overlapping the TE gap. 


Photonic-Crystal Slabs 


In order to realize 2d photonic-crystal phenomena in 
three dimensions, the most straightforward design is 
to simply fabricate a 2d-periodic crystal with a finite 


height: a photonic-crystal slab, as depicted in Figure 5. 
Such a structure can confine light vertically within the 
slab via index guiding, a generalization of total 
internal reflection — this mechanism is the source of 
several new tradeoffs and behaviors of slab systems 
compared to their 2d analogs. 

The key to index guiding is the fact that the 
2d periodicity implies that the 2d Bloch wavevector 
ky is a conserved quantity, so the projected band 
structure — all states in the bulk substrate/superstrate 
(the uniform regions far below/above the slab) versus 
their in-plane wavevector component (projected 
wavevector) — creates a map of which states can 
radiate vertically. If the slab is suspended in air, for 
example, then the eigensolutions of the bulk air 


are w = cy/lRy|’ +, which when plotted versus kj 


forms the continuous light cone w = clky|, shown as a 
shaded region in Figure 5. Because the slab has a 
higher ¢(12) than the air (1), and frequency goes as 
1/,/e, discrete guided bands are ‘pulled down’ in 
frequency from this continuum — these bands, lying 
beneath the light cone, cannot couple to any vertically 
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Figure 5 Projected band diagram for a finite-thickness (0.5a) slab of air holes in dielectric (cross section as in Figure 4 bottom), with 
the irreducible Brillouin zone at lower left. The shaded region is the light cone: the projection of all states that can radiate in the air. 
Solid/dashed lines denote guided modes (confined to the slab) that are even/odd with respect to the horizontal mirror plane of the slab, 
whose polarization is TE-like/TM-like, respectively. There is a ‘bandgap’ (region without guided modes) in the TE-like guided modes only. 


radiating mode by the conservation law and so are 
confined to the slab (exponentially decaying away 
from it). If the horizontal mid-plane of the slab is a 
mirror symmetry plane, then just as there were TM 
and TE states in 2d, here there are two categories of 
modes: even (TE-like) and odd (TM-like) modes 
under reflections through the mirror plane (which are 
purely TE/TM in the mirror plane itself). Because the 
slab here is based on the 2d hole crystal, which had a 
TE gap, here there is a 26% ‘bandgap’ in the 
even modes: a range of frequencies in which there 
are no guided modes. It is not a complete photonic 
bandgap, not only because of the odd modes, but also 
because there are radiating (light cone) modes at 
every w. The presence of these radiating modes means 
that if all in-plane translational symmetry is broken 
by a localized change in the structure, say a 
waveguide bend or a resonant cavity, then vertical 
radiation losses are inevitable; there are various 
strategies to minimize the losses to tolerable levels, 
however. On the other hand, if only one direction of 
translational symmetry is broken, as in a linear- 
defect waveguide, ideally lossless guiding can be 
maintained. 

Photonic-crystal slabs have two new critical 
parameters that influence the existence of a gap. 
First, it must have vertical mirror symmetry in order 
that the gaps in the even and odd modes be treatable 
separately — such symmetry is broken by the presence 
of a substrate that is not the mirror image of the 
superstrate, but in practice the symmetry breaking 
can be weak if the index contrast is sufficiently high 
(so that the modes are strongly confined in the slab). 
Second, the height of the slab must not be too small 


(or the modes will be weakly confined) or too large 
(or higher-order modes will fill the gap); the optimum 
height is around half a wavelength A/n.; (relative to 
an average/effective index ns that depends on the 
polarization). In Figure 5, a height of 0.5a is used, 
which is near the optimum (with holes of radius 0.3a 
and e = 12 as in the previous section). 


Three-Dimensional Photonic Crystals 


Photonic-crystal slabs are one way of realizing 2d 
photonic-crystal effects in three dimensions; an 
example of another way, lifting the sacrifices imposed 
by the light cone, is depicted in Figure 6. This is a 3d- 
periodic crystal, formed by an alternating hole-slab/ 
rod-slab sequence in an ABCABC stacking of bilayers — 
equivalently, it is an fcc (face-centered cubic) lattice of 
air cylinders in dielectric, stacked and oriented in the 
111 direction, where each overlapping layer of 
cylinders forms a rod/hole bilayer simultaneously. 
Its band diagram is shown in Figure 6 along the 
boundaries of its irreducible Brillouin zone (from a 
truncated octahedron, inset), and this structure has a 
>21% complete gap (Aw as a fraction of mid-gap 
frequency) for « = 12/1, forbidding light propagation 
for all wavevectors (directions) and all polarizations. 
Not only can this crystal confine light perfectly in 3d, 
but because its layers resemble 2d rod/hole crystals, it 
turns out that the confined modes created by defects 
in these layers strongly resemble the TM/TE states 
created by corresponding defects in two dimensions. 
One can therefore use this crystal to directly transfer 
designs from two to three dimensions while retaining 
omnidirectional confinement. Its fabrication, of 
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Figure 6 Band diagram (bottom) for 3d-periodic photonic 
crystal (top) consisting of an alternating stack of rod and hole 
2d-periodic slabs (similar to Figure 4), with the corners of the 
irreducible Brillouin zone labeled in the inset. This structure 
exhibits a Aw/wmidgap = 21% omnidirectional bandgap. 


course, is more complex than that of photonic-crystal 
slabs (with a minimum « contrast of 4/1), but this and 
other 3d photonic crystal structures have been 
constructed even at micron (infrared) lengthscales, 
as described below. 

There are three general dielectric topologies that 
have been identified to support complete 3d gaps for 
é = 12/1 (e.g., Si:air) contrast: diamond-like arrange- 
ments of high dielectric ‘atoms’ surrounded by low 
dielectric, which can lead to > 20% gaps between the 
2nd and 3rd bands; fcc ‘inverse opal’ lattices of 
nearly-touching low dielectric spheres (or similar) 
surrounded by high dielectric, giving gaps around 
10% between the 9th and 10th bands; and cubic 
‘scaffold’ lattices of rods along the cube edges, giving 
~7% gaps between the 2nd and 3rd bands. It is 
notable that the first two topologies correspond to fcc 


lattices, which have the most nearly spherical 
Brillouin zones in accordance with the rules of 
thumb given above. Many variations on these 
topologies continue to be proposed — for example, 
the structure of Figure 6 is diamond/graphite-like — 
mainly in conjunction with different fabrication 
strategies, such as the following three successful ap- 
proaches. First, layer-by-layer fabrication, in which 
individual crystal layers (typically of constant cross- 
section) are deposited one-by-one and etched with a 
2d pattern via standard lithographic methods (giving 
fine control over placement of defects, etc.); Figure 6 
can be constructed in this fashion (as well as other 
diamond-like structures with large gaps). Second, 
colloidal self-assembly, in which small dielectric 
spheres in a fluid automatically arrange themselves 
into close-packed (fcc) crystals by surface forces — 
these crystals can be back-filled with a high-index 
material, out of which the original spheres are 
dissolved in order to form inverse—opal crystals 
with a complete gap. Third, holographic lithography, 
in which a variety of 3d crystals can be formed by an 
interference pattern of four laser beams to harden a 
light-sensitive resin (which is then back-filled and 
dissolved, as with colloids, to achieve the requisite 
index contrast). The second and third techniques are 
notable for their ability to construct large-scale 3d 
crystals (thousands of periods) in a short time. 


See also 


Photonic Crystals: Atomic Physics; Photonic Crystal 
Lasers, Cavities and Waveguide. 
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Photonic Crystals 


Photonic crystals are materials that have a period- 
ically varying dielectric constant that results in a 
bandgap, or range of frequencies where electro- 
magnetic waves are unable to propagate. A simple 
one-dimensional example is the Bragg mirror, or 
quarter-wave stack, in which periodic layers of 
alternating dielectrics reflect photons within a fre- 
quency band determined by the thickness and 
refractive index of the layers. Photonic crystals are 
the extension of this concept into two or three 
dimensions. They are constructed as a lattice of two 
different dielectrics, and examples include a triangu- 
lar lattice of circular rods, or a diamond lattice of 
spheres. Certain geometries will produce a bandgap, 
within which propagation is impossible in any 
direction. These materials are the photonic analog 
of semiconductors, in that their periodic dielectric 
function provides a bandgap for photons in much the 
same way that the periodic atomic potential of a 
crystal lattice can provide a bandgap for electrons. 

While most photonic crystal research has focused 
on optical wavelength structures, many of the first 
experimental studies were performed on scale models 
at microwave frequencies, where fabrication and 
measurements were simpler. Operating at microwave 
frequencies also allowed a new class of materials to 
emerge, based on metals and lumped circuit elements. 
The nearly infinite dielectric contrast provided by the 
use of metals, and the ability to make complex 
subwavelength scale structures at radio frequencies, 
allows photonic crystals with ultra-wide bandgaps to 
be produced. Furthermore, the use of lumped circuit 
elements allows the electromagnetic properties to 
be easily tuned, resulting in unique microwave 
structures. 


Wire Mesh Photonic Crystals 


At optical frequencies, conductive losses preclude the 
use of metals for many applications. However, at 
microwave frequencies, metals are nearly ideal 
materials, since they have low loss and are easily 
formed into complicated geometries. The simplest 
metallic photonic crystal is a three-dimensional wire 
mesh, shown in Figure 1. This example resembles a 


diamond crystal lattice, in which metal wires have 
been substituted for atomic bonds. It can be 
constructed using zig-zag-shaped metal strips that fit 
together to form a continuous conductive network. 
The electromagnetic properties of this wire mesh 
can be understood by considering a traditional 
microwave analog: an array of metal waveguides. 
Open tunnels permeate the mesh in various direc- 
tions, and it behaves as an interpenetrating fabric of 
waveguides, whose walls are defined by the wires. 
Shorter wavelengths, that fit between the wires, can 
propagate through the crystal, while longer waves see 
the mesh as a continuous metal surface, and are 
reflected. As for a conventional waveguide, the cutoff 
frequency occurs approximately where one half 
wavelength fits between the rows of wires. Similarly, 
for a diamond lattice of wires, the cutoff frequency is 


TC 


Weutoff = wae 


[1] 


where 7 is the refractive index of the material between 
the wires, and a is the length of the unit cube of the 
diamond lattice. Because the cutoff frequency is 
primarily determined by the diameter of the open 
tunnels, and it is largely independent of the detailed 
arrangement of the wires, other mesh geometries can 





Figure 1 A wire mesh photonic crystal with diamond geometry. 
(a) The mesh forms continuous conductive structure that is 
permeated with open tunnels. (b) A diagram of one of the 
interlocking metal parts that fit together to form the crystal. 
(Reproduced with permission from Sievenpiper D, Sickmiller M 
and Yablonovitch E (1996) 3D wire mesh photonic crystals. 
Physics Review Letters 76: 2480. Copyright (1996) by the 
American Physical Society.) 
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Figure 2 The transmission magnitude through a conductive 
wire mesh photonic crystal as a function of frequency, w. Shorter 
wavelengths can propagate through the open tunnels, while 
longer wavelengths see the mesh as a continuous block of metal. 
The cutoff frequency is determined largely by the lattice constant, 
a, and the refractive index, n, of the material between the wires. 
A cut wire forms a defect state within the band gap. 


be expected to give similar results. However, the 
cutoff frequency can vary by a constant of order unity, 
depending on the lattice and the unit cell chosen. 

The transmission magnitude, as a function of 
frequency for such a mesh, is depicted in Figure 2. 
Experimentally, it is found that a typical wire mesh 
structure attenuates roughly 6dB per layer for 
frequencies below cutoff. However, because the 
exact transmission magnitude above cutoff depends 
on details of the measurement, such as impedance 
matching at the crystal boundary, the vertical scale 
shown here is arbitrary, and the intent is simply to 
give the qualitative behavior of these and similar 
crystal structures. Waves just below the cutoff 
frequency can penetrate a crystal with finite thick- 
ness, as depicted by the finite slope of the trans- 
mission edge. 

We can better understand the behavior of waves 
within the crystal by examining the dispersion 
diagram, shown in Figure 3, in which we plot the 
allowed frequencies as a function of wave vector k = 
2a/d, the spatial frequency of waves inside the 
material. A band of allowed frequencies is bounded 
by upper and lower band edges, corresponding to 
high and low cutoff frequencies, beyond which 
propagation is forbidden. The reflective nature of 
the crystal below cutoff is shown as a bandgap that 
extends down to zero frequency. The slope of the 
dispersion curve corresponds to the group velocity of 
waves within the allowed band, and states at the 
bandedges represent standing waves. The upper edge 
of this band occurs where the wavelength matches the 
periodicity of the crystal, and for a diamond mesh, it 
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Figure 3 The dispersion diagram for a wire mesh photonic 
crystal, plotted as frequency, w, versus wave vector k. The 
bandgap extends to zero frequency. The lower bandedge of the 
allowed band is determined largely by the lattice constant. Like 
other photonic crystals, the wire mesh also supports higher 
frequency bands, which are not shown. A point defect such as a 
cut wire creates a mode at a single frequency, which contains all 
wave vectors. 


is approximately 


27 


na 


Miattice = [2] 

Like traditional dielectric photonic crystals, these 
wire mesh structures also have higher order bands 
and gaps that occur at higher frequencies. The nature 
of the higher band structure depends on the detailed 
geometry of the mesh to a much greater extent than 
the lowest order gap, which is our primary interest for 
radio frequency materials. 


Defect States 


As in semiconductor crystals, we can alter the 
behavior of photonic crystals by adding defects to 
create localized states within the bandgap. For the 
wire mesh photonic crystal, a defect may be a cut 
wire, or a lumped circuit element inserted into the 
mesh. For example, replacing one of the wires with a 
capacitor creates a parallel resonant circuit, which 
acts as a small electromagnetic cavity within the 
mesh. Its resonance frequency is given by 


1 


— 3 


defect = 
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where C is the capacitance of the defect, and L is the 
inductance of the surrounding wires. The inductance 
depends logarithmically on the wire diameter, so it is 
largely fixed for a given mesh lattice. However, the 
capacitance can be easily changed, since it is a simple 
lumped circuit element. Thus, by adding capacitive 
defects we can create tunable local states within the 
bandgap. The presence of a defect is seen as a narrow 
transmission band within the bandgap, shown in 
Figure 2. Because a point defect contains all wave 
vectors, it is shown as a horizontal line in the 
dispersion diagram in Figure 3. 

If two defects are located in close proximity, their 
modes overlap, and they interact with each other. For 
example, two neighboring defects with identical 
capacitance will exhibit a split pair of resonances, 
corresponding to a lower frequency symmetric mode, 
and a higher frequency anti-symmetric mode. The 
modes are highly localized at the defects, and this 
interaction is limited to defects that are within one or 
two lattice constants of each other. If one member of a 
pair of nearby defects is tuned with respect to the 
other, the frequencies the two modes exhibit are an 
avoided crossing behavior, as is typical in many 
systems of coupled oscillators. The resonance fre- 
quencies for more complex arrangements of defects 
can be calculated by assigning an interaction energy 
to each neighboring pair, and solving the resulting 
Hamiltonian matrix to find the energy levels of the 
complete system. In this way, the interaction among 
defects in small clusters is analogous to atoms in 
simple molecules, and the resulting energy level 
structure is similar. 

As more defects are added periodically throughout 
the mesh, they form a superlattice, and their states 
merge into an additional band within the original 
bandgap. The upper frequency of this band depends 
on the LC resonance frequency of the defects. The 
lower frequency depends on the density of the 
remaining wires, since waves at the lower bandedge 
must be able to fit through the open regions in the 
mesh. In the extreme case, where every wire is cut and 
replaced by a capacitor, the mesh is no longer a 
continuous conductive network. These structures 
have an allowed band that extends to zero frequency, 
and they will be explored in greater detail in the next 
section. Not every wire must be cut to reach this limit, 
and the conditions for this to occur are the subject of 
percolation theory. 


Capacitive Mesh Photonic Crystals 


In a capacitive mesh photonic crystal, small isolated 
metal islands are distributed on a lattice, and 
they are capacitively coupled to their neighbors. 


This represents the extreme case of the wire mesh 
photonic crystal, where every wire has been cut, and 
replaced by a capacitor. An example of such a 
structure, built as a stack of printed circuit boards, 
is shown in Figure 4. A diamond lattice can be 
approximated using planar circuit boards, with 
printed tetrapodal structures consisting of two 
orthogonal metal strips connected by a metal plated 
via. Each metallic island couples to its four nearest 
neighbors through their overlapping capacitor plates. 

The capacitive mesh photonic crystal is transmis- 
sive at low frequencies because it is not traversed by 
conducting paths, like the continuous wire mesh 
version. The crystal supports a lower band that 
extends from zero frequency, up to an LC resonance 
frequency: 


1 
Mower — abe 


which marks the lower edge of the bandgap. This is 
determined by the capacitance between the metal 
islands, and the inductance associated with each 
island. At higher frequencies, the capacitors appear as 
shorts, and the crystal behaves similarly to the 
conductive wire mesh structure described previously, 
with an upper edge given by 


[4] 


TTC 


upper ~ 


Ha [S] 
At this frequency, the waves can again fit through the 
open areas between the metallic islands. The trans- 
mission magnitude, as a function of frequency for the 
capacitive mesh photonic crystal, is shown in Figure 5, 
and the additional band is illustrated in the dispersion 
diagram in Figure 6. Like the conductive wire mesh, 
the capacitive mesh also has a rich upper band 
structure, that is outside the scope of this article. 
With these capacitive mesh structures, it is possible 
to create materials with finite, but arbitrarily large 
bandgaps, because the upper and lower edges of the 
bandgap are controlled independently by the lattice 
constant and the capacitance, respectively. In con- 
ventional dielectric photonic crystals, the width of the 
bandgap depends on the dielectric contrast between 
the constituent materials. Waves at the upper edge 
primarily reside in the lower dielectric material, and 
waves at the lower edge inhabit the higher dielectric 
material. This reasoning can also be applied to 
capacitive mesh structures. The lower dielectric is 
the substrate material that fills the open spaces 
between the metal islands, and modes at the upper 
edge of the gap primarily fill these open spaces. 
However, for modes at the lower edge of the gap, the 
electric field is primarily concentrated within the 
capacitors. The metal regions and the capacitors can 
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Figure 4 A capacitive mesh photonic crystal, built as a diamond lattice of capacitively coupled metallic islands. It can be built by 
stacking printed circuit boards. (a) One ‘atom’ of the crystal, which is made of two small orthogonal metal strips connected by a metal- 


plated via. (b) A side view, showing how the metal strips overlap 


to form a capacitor. (c) Several periods of the completed crystal 


structure, shown without the substrate. (Reproduced with permission from Sievenpiper D, Yablonovitch E, Winn J, et al. (1998) 
3D metallo-dielectric photonic crystals with strong capacitive coupling between metallic islands. Physics Review Lett. 80: 2829. 


Copyright (1998) by the American Physical Society.) 
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Figure 5 The transmission magnitude through a capacitive 
mesh photonic crystal, as a function of frequency. The crystal is 
transparent at low frequencies, because the conducting paths are 
broken by capacitors. At higher frequencies, the capacitors 
appear as shorts, and crystal behaves like a solid wire mesh. 


be considered as an effective medium, or artificial 
dielectric whose properties depend on the density, 
arrangement, and values of the capacitors. By using 
large capacitors, the dielectric contrast can be made 
arbitrarily large, and the bandgap arbitrarily wide. 

Within the bandgap, these materials can support 
surface waves, which are modes that are bound to the 
interface between the crystal and free space. Surface 
waves propagate along the crystal surface, and they 
have their own band structure. In the following 
sections, we examine these waves, and we will 
introduce periodically textured surfaces that suppress 
them, much like three-dimensional photonic crystals 
suppress internal plane waves. 


Surface Waves 


Electromagnetic waves that are bound to the interface 
between two materials are known as surface waves. 
They exist on ordinary metals, and at optical 
frequencies they are often called surface plasmons. 
They also exist on photonic crystals within the 


132 PHOTONIC CRYSTALS / Microwave Photonic Crystals 





Band gap 





Figure 6 The dispersion diagram of the capacitive mesh 
photonic crystal. The two edges of the bandgap can be adjusted 
independently by varying the lattice constant and the capacitance. 


bandgap region, as well as on other impenetrable 
materials. They cannot propagate into the crystal 
because of Bragg reflection, yet they are prevented 
from escaping into free space by total internal 
reflection. They typically interact strongly with the 
top layer of the crystal, and they can often be 
manipulated or suppressed by adjusting the geometry 
of that layer. At radio and microwave frequencies, 
these waves are usually called surface currents, 
because the associated fields are only loosely bound 
to the surface, and extend a great distance into free 
space. Their presence can be seen in antenna radiation 
patterns and other phenomena, and by suppressing 
them we can make a variety of unique radio 
frequency devices. However, we must first understand 
the nature of these waves. 

To understand the nature of these surface currents, 
we begin by examining surface waves on metals, 
where we assume a wave confined to a dielectric 
interface, and then insert the complex dielectric 
constant of a metal. Consider a surface in the YZ 
plane, where X <0 is filled with dielectric ¢, and 
X > Ois filled with vacuum. A wave propagates in the 
Z direction with propagation constant k. For 
transverse magnetic (TM) polarized waves, which 
are illustrated in Figure 7, the transverse electric field 
E, = 0. The electric field has the form 


EF, = (RE 1, as phe [6] 


(a) 





(b) 


Figure 7 Surface waves can be classified into two polarizations. 
(a) A TM wave, shown on a metal surface; (b) A TE wave, shown 
on a textured surface. TM waves consist of electric charges on the 
metal surface that oscillate along the direction of propagation. 
They have nonzero electric field components both perpendicular 
to the surface, and parallel to the direction of propagation. TE 
waves are associated with transverse currents in the surface. 
They are similar to TM waves, but with the electric and magnetic 
fields exchanged. 


for X > 0 and 


Es = (KE x, oo zip ee [7] 
for X <0, where @ and y are the attenuation 
constants into free space and dielectric, respectively. 
The fields of such a wave are shown in Figure 7. We 
can solve the wave equation for the electric field: 


[8] 
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. solution for transverse electric (TE) waves, where 
Hy = 0, can be found by applying the principle of 
duality, by exchanging the electric and magnetic 
fields, and substituting p for «. 

For surface waves on a metal surface, we insert the 
dielectric constant of a metal, which is 

io 

e=1- — 

WEo 


[12] 
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The conductivity, A, is 
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Se 1 
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where Tt is the mean electron collision time, g is the 
electron charge, m and n are the effective mass and 
the density, respectively, of the conduction electrons. 
For frequencies much lower than 1/7, which includes 


microwave and radio frequencies, we can substitute 
eqns [12] and [13] into eqn [9] to find 


@ 
alee 


[14] 


Thus, surface waves on metals propagate at nearly the 
speed of light in vacuum, and they travel for many 
wavelengths with little attenuation. We can also solve 
for the decay constants into free space using eqn [10]: 
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a=(1-f at oe [15] 
and into the metal using eqn [11]: 
y~ (1+) ogo (1+) [16] 





2 6 


where 6 is recognized as the skin depth. Thus, we 
have derived the skin depth of a metal from the 
penetration depth of surface waves. 

From the skin depth, we can derive the impedance 
of a metal sheet. Assuming that Eo is the electric field 
at the surface, the surface current is given by 


],(x) = oE,(x) = cEge tH 17] 


The magnetic field at the surface is found by 
integrating along a path that surrounds the surface 
current: 





—2 06 
Ho = 4 J Ax)dx = T4390 [13] 
The surface impedance of the metal is therefore 
E 1+i2 
Z.=- ~ = 19 
<= = [19] 


y 


We can see that the resistance of a metal surface is 
accompanied by an equal amount of inductance, 
because the real and imaginary parts of the surface 
impedance are equal, and have the same sign. 

The part of the wave that extends into vacuum is 
very loosely bound to the metal surface, but the 
currents in the metal occur in a well-defined 
skin depth. For example, copper has a surface impe- 
dance of 0.03(1 + 1) ohms/square at 10 GHz. Using 
eqns [15] and [16], a surface wave at that frequency 


extends about 70 meters, or 2300 wavelengths into 
free space, but less than 1 micron into the metal. For 
this reason, surface waves are often described simply 
as surface currents at microwave and radio frequen- 
cies, although they are the same phenomenon as the 
more tightly bound surface plasmons that occur at 
optical frequencies. Nonetheless, their presence can 
be seen in a variety of phenomena at RF frequencies, 
such as antenna radiation patterns. 

The above discussion can be generalized to a simple 
impedance surface, and it can be shown that TM 
waves are supported on inductive surfaces having an 
impedance of 
ia 


Z(TM) = [20] 


WE 
while TE waves are supported on capacitive surfaces, 
having an impedance of 
wp 


Z,(TE) = [21] 





Thus, while ordinary metals, which are inductive, 
support TM waves, they do not support TE waves, 
which require a capacitive surface. 

Surface waves on metals can be suppressed over a 
finite frequency band by applying various kinds of 
periotic textures. For example, at optical frequencies, 
a lattice of small bumps on a metal surface can create 
a surface wave bandgap. Surface waves are scattered 
by the bumps, and form standing waves when one- 
half wavelength fits between the rows of bumps. Two 
modes occur, in which the wave nodes lie either on the 
bumps or between them. These two modes have 
slightly different frequencies, separated by a narrow 
bandgap. 

At microwave frequencies, more elaborate struc- 
tures can be built to control the surface properties. 
One example is a corrugated metal surface, shown in 
Figure 8. The corrugations can be considered as 
transmission lines running into the slab, and shorted 
at the bottom. They are typically one-quarter 
wavelength deep, so that the short circuit at the 
bottom is transformed into an open circuit at the top. 
Because of these resonant structures built into the 
surface, it has high impedance for waves that are 
polarized with the electric field transverse to the 
corrugations, but it has low impedance for waves that 
are polarized in the orthogonal direction, with the 
electric field parallel to the metal ridges. For waves 
propagating transverse to or parallel to the corruga- 
tions, the surface can be described as hard or soft, 
respectively, by analogy to the acoustic surfaces of the 
same names. Both of these boundary conditions are 
used in antennas to control scattering properties or 
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Figure 8 A corrugated metal surface containing quarter-wave 
resonant grooves presents a soft boundary condition to waves 
propagating transverse to the grooves, and a hard boundary 
condition to waves propagating along the grooves. 





Table 1 Four basic boundary conditions in electromagnetics, 
and the surface impedance for each polarization 

Boundary condition Z.(TM) Z,(TE) 
Electric conductor 0 0 

Soft surface oo 0 
Hard surface 0 oo 
Magnetic conductor oo oo 


field profiles. These two surfaces, along with the 
electric and magnetic conductors, describe four basic 
boundary conditions for electromagnetics, which are 
summarized in Table 1. Like the soft and hard 
surfaces, the magnetic conductor does not exist in 
nature, but it can be produced artificially over a finite 
frequency band, using a kind of two-dimensional 
photonic crystal known as a high-impedance surface. 


High-Impedance Surfaces 


Just as three-dimensional photonic crystals forbid 
internal plane waves, two-dimensional photonic 
crystals can be designed to suppress surface waves. 
Like the capacitive mesh described earlier, they can be 
constructed with lumped circuit elements. They can 
be understood as corrugated surfaces, in which the 
resonant corrugations have been folded up into 
resonant LC circuits, and distributed on a two- 
dimensional lattice. An example of such a structure 
is shown in Figure 9. It can be built using printed 
circuit boards, in which flat metal patches are 
connected to a common ground plane by metal 
plated vias. 

When the plates are small compared to the 
wavelength, we may treat the surface as an effective 
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Figure 9 A high-impedance surface, constructed as a printed 
circuit board. (a) The top view shows an array of hexagonal metal 
patches; (b) the side view shows metal-plated vias that connect 
the patches to the ground plane; (c) the effective surface 
impedance can be modeled as a parallel resonant LC circuit. 


medium, with a surface impedance defined by a 
parallel resonant LC circuit. The proximity of the 
neighboring metal plates provides capacitance, while 
the current paths, through the vias and the ground 
plane, provide inductance. The surface impedance is 
given by 


iwoL 
2Z,= >>> 22 
*  1-e*LC 22] 
and the resonance frequency is 
1 


The sheet capacitance, C, is equal to the value of the 
individual capacitors, multiplied by a geometrical 
factor that is related to their arrangement. It can be 
shown that for nonmagnetic materials, the sheet 
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inductance L is equal to 


L= pot [24] 


where ¢ is the total thickness of the high-impedance 
surface. The surface is inductive for frequencies 
below resonance, and capacitive for frequencies 
above resonance. Near the resonance frequency, the 
magnitude of the surface impedance is very high 
(Z, >> 7, where n = 3770 is the impedance of free 
space). 
For a normally incident wave, the reflection 
coefficient of the surface is 
_ Z; — 7 


= 25 
Tia [25] 


The phase ¢ = Im(Ln(R)) of the reflection coefficient 
is plotted as a function of frequency in Figure 10. 
While a low impedance surface such as a conven- 
tional electric conductor reflects with a phase shift of 
a, a high-impedance surface or artificial magnetic 
conductor reflects with a phase shift of 0. This can be 
used to build low-profile antennas, because radiating 
elements can lie very near to a high-impedance 
ground plane without being shorted out. For 
example, a thin wire antenna can be placed within a 
small fraction of a wavelength of the high-impedance 
surface, yet retain high radiation efficiency. While 
image currents in a metal ground plane would 
normally oppose the antenna current, the currents 
in a high-impedance ground plane reinforce the 
antenna current because of the opposite reflection 
phase. This effect occurs when the reflection 
phase falls between a/2 and —7/2, and the corre- 
sponding frequency range defines the practical 
bandwidth of a low-profile antenna on such a surface. 


—n/2 





—t 
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Figure 10 The reflection phase of a high-impedance surface 
crosses through 0 at the resonance frequency, where the surface 
appears as an artificial magnetic conductor. The reflection phase 
falls between 7/2 and — 77/2 for frequencies corresponding roughly 
to the edges of the surface wave bandgap. 


Experimentally this bandwidth is found to be roughly 
equal to the surface wave bandgap, to be described 
later. 

The reflection phase properties of these materials 
can also be used to build unique microwave reflectors. 
Since the phase depends on the resonance frequency, 
one can vary the local resonance frequency in order to 
tune the reflection phase as a function of position on 
the surface. For example, a linear phase gradient can 
be used for beam steering, or a parabolic phase 
function can be used for focusing. The resonance 
frequency can be adjusted by tuning the capacitance 
of the individual unit cells, using varactors or 
mechanical motion, to build actively controlled 
microwave reflectors. 

The other important property of these textured 
ground planes is their surface wave bandgap, which 
can be used to control the radiation pattern of 
antennas near the surface. We examine the surface 
wave properties by considering a wave that decays 
into free space, as in eqn [6]. From Maxwell’s 
equations, we can obtain 

= My eo@~ +a [26] 
which can be combined with eqs [20] and [21] to 
obtain the dispersion relations for TM and TE waves 
on a general impedance surface, respectively. For TM 
waves, which occur where w < wy, we have 


2; 
k(TM) = <1 = 7 


and for TE waves, which occur where w > wp) we 


have 
2 
a Oe 
(TE) = =I Bz 


These functions describe, to first order, the dispersion 
of waves on a high-impedance surface. However, they 
do not predict the bandgap, which can only be 
obtained by including the effects of radiation 
damping. 

Consider an oscillating sheet of current that sees 
the impedance of the textured surface on one side, 
and the impedance of free space on the other side. At 
very low, or very high frequencies, the current is 
shunted through the surface. Near the resonance 
frequency, where the surface impedance is high, 
power is delivered to free space through radiation 
damping. The half power bandwidth of this radiation 
is defined by the frequencies where the magnitude of 
the surface impedance is equal to the impedance of 


[27] 


[28] 
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free space: 
iwL 
eel 29 
| 1- =| a 27] 
We solve for A to yield the frequencies of the two 
bandedges: 


s AI a ee 


OTe” ee alll’ 4f@ 





[30] 


The terms in 1/7C? are typically small compared to 
the terms in 1/LC, so we neglect them to obtain 


@ ~ wWo,/1 + Zo [31] 
where 
L 
Zo = rai [32] 


is the characteristic impedance of the surface. For 
structures that are thin compared to the wavelength, 
the characteristic impedance is small compared to 7. 
We can expand the square root in eqn [31], 
to approximate the fractional bandwidth of the 
radiation as 





Aw = Zo _ VLIC [33] 
@ n V Ho/€9 


Using eqn [23], this can be rearranged to obtain 
[34] 


where Ag is the free space wavelength at the resonance 
frequency. This defines a surface wave bandgap that is 
centered at the resonance frequency, between a lower- 
frequency TM band and a higher-frequency TE band. 
From eqn [34], we see that the bandwidth of a high- 
impedance surface, or of an antenna on that surface, 
is limited by its thickness with respect to its free space 
wavelength at resonance. The term Ao/27 is recog- 
nized as the radian length, described by Wheeler, who 
showed that the fractional bandwidth limit of a small 
resonant antenna is given by its volume with respect 
to a notional sphere of this radius. Equation [34] 
represents the equivalent bandwidth limit for a 
two-dimensional resonant surface. 

The surface wave bandgap can be measured 
experimentally with a pair of small probes placed 
near the surface. A surface wave probe can be 
constructed from the end of a coaxial cable with a 
short section of the inner conductor exposed. Fields 
from the probe excite surface waves when they are 
placed near the surface, and the transmission 


magnitude between the probes can be used to analyze 
the surface wave band structure. For a high impe- 
dance surface, the bandgap can be seen as a range of 
frequencies with a significant reduction in surface 
wave transmission magnitude, shown in Figure 11. 
Within the bandgap, waves are not bound to the 
surface, and currents on the surface readily radiate 
energy into free space. The upper edge of the bandgap 





1 

VLC 
Figure 11 The surface wave transmission magnitude as a 
function of frequency for a high-impedance surface. TM waves are 
supported at low frequencies, and TE waves are supported at high 


frequencies. Leaky TE waves, which are damped by radiation, 
can occur within the bandgap. 
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Figure 12 The dispersion diagram for surface waves on a high- 
impedance surface. The bandgap spans from the upper edge of 
the TM band, to the point where the TE band crosses the light line. 
Within the bandgap, electromagnetic waves are not bound to the 
surface. Modes to the left of the light line represent leaky waves. 
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is typically less abrupt than the lower edge, due to the 
presence of leaky TE waves. 

The dispersion diagram for surface waves on a 
high-impedance surface is illustrated in Figure 12. 
The TM band begins at zero frequency, and bends 
over flat below the resonance frequency. The TE band 
begins at the resonance frequency, and slopes upward 
through the light line. The bandgap, which is the 
region where bound surface waves are not supported, 
extends from the upper edge of the TM band to the 
point where the TE band crosses the light line. This 
boundary, where w= ck/n, represents waves in free 
space propagating parallel to the surface. TE modes, 
that lie to the right of the light line, are bound to the 
surface while those that lie left of the light line lose 
energy to radiation damping. They are not bound to 
the surface, and are described as leaky waves. The 
approximate dispersion functions of eqns [27] and 
[28] are similar to the curves shown in Figure 12, but 
because they neglect radiation damping, they do not 
describe these leaky modes. Furthermore, like other 
photonic crystals, high-impedance surfaces also have 
higher-order bands and gaps that are not explained by 
the effective medium model. 

The suppression of propagating surface modes can 
be used for a variety of applications, such as antennas 
and other microwave structures. One example is to 
change the radiation pattern of an antenna by 
covering its ground plane with a textured surface. 
Figure 13 shows a simple monopole antenna, along 
with the radiation patterns produced by the mono- 
pole when it is placed on a flat or textured ground 
plane. These plots show the relative magnitude of 
radiation from the antenna as a function of angle. TM 
surface currents on the finite metal ground plane form 
standing waves, which scatter from the edges and 
corners of a finite ground plane. This causes ripples in 
the radiation pattern as radiation from the edges 
interferes with the direct radiation from the antenna. 
Scattering of the surface currents from the ground 
plane edges also allows the antenna to radiate power 
into the backward hemisphere, which would other- 
wise be shadowed by the ground plane. On the high- 
impedance ground plane, the suppression of surface 





Figure 13 (a) A monopole antenna on a ground plane, used for 
testing the effect of a textured surface on the radiation pattern. (b) 
The E-plane radiation pattern of the monopole on a flat metal 
ground plane shows ripples due to standing surface waves. (c) On 
a high-impedance ground plane, within the bandgap, surface 
waves are forbidden, and the radiation pattern is smooth. (d) 
Outside the bandgap, in the TM band, there is a high density of 
surface modes. 
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currents within the bandgap results in a smooth 
radiation pattern in the forward hemisphere, and very 
little power in the backward hemisphere. For 
frequencies outside the bandgap, such as within the 
TM band, the high density of TM modes can be seen 
as fine ripples in the pattern, and significant power in 
the backward hemisphere. 

The monopole is useful for illustrating the suppres- 
sion of TM surface modes, but many other antenna 
designs are possible. For example, the suppression of 
both TM and TE surface waves can be used to build 
patch antennas or aperture antennas with a high 
degree of symmetry between the E and H planes. 
Because these materials behave as artificial magnetic 
conductors, they can also be used to design a variety 
of thin antennas that would be impractical on 
conventional metal ground planes. Finally, by incor- 
porating active elements into the surface, tunable or 
steerable antennas are possible. 


List of Units and Nomenclature 


a __ lattice constant meters 

c speed of light in vacuum meters/second 
C capacitance Farads 

E electric field Volts/meter 
H_ magnetic field Amps/meter 
i unit imaginary number - 

J current density Amps/meter” 
k wave vector 1/meters 

L inductance Henrys 

m_ effective electron mass kilograms 

n refractive index - 

n electron density number/meter® 
q__ electron charge Coulombs 

r radius meters 

R __ reflection coefficient - 

t thickness meters 

T transmission coefficient - 

Z — surface impedance Ohms/square 
a decay constant into free space 1/meters 

y decay constant into material 1/meters 

6 — skin depth meters 

é electric permittivity Farads/meter 
nm impedance of free space Ohms 

A wavelength meters 

#! magnetic permeability Henrys/meter 
a diameter/circumference ratio = 

o electrical conductivity 1/Ohms 

7 mean electron collision time seconds 

w angular frequency radians/second 
VY vector differential operator - 

3d scalar differential operator - 

oo = infinity - 
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Crystals. 


Further Reading 


Ashcroft N and Mermin N (1976) Solid State Physics. 
Orlando, FL: Saunders College Publishing. 

Brillouin L (1953) Wave Propagation in Periodic Struc- 
tures: Electric Filters and Crystal Lattices, 2nd edn. 
New York: Dover Publications. 

Brown E, Parker C and Yablonovitch E (1993) Radiation 
properties of a planar antenna on a photonic-crystal 
substrate. Journal of the Optical Society of America B 
10: 404. 

Collin R (1991) Field Theory of Guided Waves, 2nd edn. 
New York: IEEE Press. 

Fan S, Villeneuve P and Joannopoulos J (1996) Large 
omnidirectional band gaps in metallodielectric photonic 
crystals. Physics Review B 54: 1124S. 

Feynman R, Leighton R and Sands M (1964) The Feynman 
Lectures on Physics, vol. 3. Reading, MA: Addison- 
Wesley. 

Joannopoulos J, Meade R and Winn J (1995) Photonic 
Crystals: Molding the Flow of Light. Princeton, NJ: 
Princeton University Press. 

Kildal P-S (1990) Artificially soft and hard surfaces in 
electromagnetics. IEEE Transactions on Antennas and 
Propagation 38: 1537. 

Kurizki G and Haus J (eds) (1994) Photonic 
band structures. Journal of Modern Optics 41, special 
issue. 

Lee S, Zarrillo G and Law C (1982) Simple formulas for 
transmission through periodic metal grids or plates. 
IEEE Transactions on Antennas and Propagation 30: 
904. 

Pendry J, Holden A, Stewart W and Youngs I (1996) 
Extremely low frequency plasmons in metallic meso- 
structures. Physics Review Letters 76: 4773. 

Ramo S, Whinnery J and Van Duzer T (1984) Fields and 
Waves in Communication Electronics, 2nd edn. 
New York: John Wiley and Sons. 

Sievenpiper D (1999) High-Impedance Electromagnetic 
Surfaces. Ph.D. Thesis, Los Angeles: University of 
California. 

Sievenpiper D, Sickmiller M and Yablonovitch E (1996) 3D 
wire mesh photonic crystals. Physics Review Letters 76: 
2480. 

Sievenpiper D, Yablonovitch E, Winn J, et al. (1998) 3D 
metallo-dielectric photonic crystals with strong capaci- 
tive coupling between metallic islands. Physics Review 
Letters 80: 2829. 


PHOTONIC CRYSTALS / Nonlinear Optics in Photonic Crystal Fibers 139 





Sigalas M, Chan C, Ho K-M and Soukoulis C (1995) 
Metallic photonic band-gap materials. Physics Review B 
52: 11744. 

Smith D, Schultz S, Kroll N, et al. (1994) Experimental and 
theoretical results for a two-dimensional metal photonic 
band-gap cavity. Applied Physics Letters 65: 645. 

Soukoulis C (ed.) (1996) Photonic band gap materials. 
Proceedings of the NATO ASI on Photonic Band Gap 


Materials, Elounda, Crete, Greece, June 18-30, 1995. 
The Netherlands: Kluwer Academic Publishers. 

Wheeler H (1947) Fundamental limitations of small 
antennas. Proceedings of the Institute of Radio Engin- 
eers 35: 1479. 

Yablonovitch E (1987) Inhibited spontaneous emission in 
solid-state physics and electronics. Physics Review 
Letters 58: 2059. 


Nonlinear Optics in Photonic Crystal Fibers 


J E Sharping, Cornell University, Ithaca, NY, USA 


P Kumar, Northwestern University, Evanston, IL, 
USA 


© 2005, Elsevier Ltd. All Rights Reserved. 


Introduction 


Photonic crystal fibers (PCFs) are very similar to 
normal optical fibers in that they consist of a core 
surrounded by cladding, such that light is guided 
within the core of the fiber. The primary difference 
between PCF and standard optical fibers is that PCFs 
feature an air—silica cross-section, whereas standard 
optical fibers have an all-glass cross-section. An 
electron micrograph of a typical PCF is shown in 
Figure 1. The air holes extend along the axis of the 
fiber for its entire length and the core of the fiber is 
formed by a defect, or missing hole, in the periodic 
structure. The core is formed of solid glass, whose 
refractive index is that of pure silica (or whatever 
other glass is chosen), and the cladding is formed by 
the air—glass mixture, whose effective refractive index 
depends on the ratio of air-to-glass, also known as the 
air-fill fraction, that comprises the structure. The 
resulting effective-index of the cladding will be lower 
compared with that of the core and, as such, will 
provide the refractive index variation necessary to 
support total internal reflection at the core-cladding 
boundary, and guide light in a manner similar to that 
of standard optical fibers. The fiber design (i.e., size, 
shape, and the air-fill fraction) dictates solutions to 
Maxwell’s equations for light propagating within 
the fiber. Valid solutions are referred to as ‘modes’ 
which propagate along the fiber in a known manner, 
and have a well-defined shape in the transverse 
direction (i.e., they have a well-defined transverse 
mode structure). 

Nonlinear-optical effects in fibers result from the 
interaction of optical fields with the glass via the x, 
or Kerr nonlinearity. The phenomenon of nonlinear 
refractive index is a manifestation of a light—material 


interaction mediated by ¥°’. The magnitudes of the 
components of the third-order susceptibility tensor in 
glass, x’, are generally quite small compared with 
the analogous second-order (¥”) terms for materials 
exhibiting such nonlinearities (e.g., lithium niobate, 
beta-barium borate (BBO), etc.). The relatively small 
x nonlinearity in optical fibers makes them ideal for 
wavelength-division multiplexed optical communi- 
cation where light propagation subject to a minimum 
of nonlinear effects is critical. Nonlinearity does, 
however, eventually become an issue in wavelength- 
division multiplexed systems as the launched optical 
power increases and as the channel spacing decreases. 
On the other hand, one can utilize nonlinear-optical 
effects in soliton communication systems and to build 
useful photonic devices. Despite the weak y° 





Figure 1 An electron micrograph showing the periodic 
microstructure of a typical PCF. The core is formed by the 
‘missing hole’ in the center of the microstructure. (Reproduced 
with permission from Ranka JK, Windeler RS and Stentz Ad 
(2000) Visible continuum generation in air-silica microstructure 
optical fibers with anomalous dispersion at 800 nm. Optical Letters 
25: 25-27. ©2000 Optical Society of America, courtesy of OFS.) 
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nonlinearity, the net nonlinear-optical effect in fibers 
can be large due to the ability to tightly confine 
intense fields within the core of an optical fiber and 
maintain the interaction over a long distance as the 
guided fields propagate through the fiber. 

The study of nonlinear-fiber optics has benefited 
from dramatic improvements in optical fiber and 
fiber-optic device fabrication. The importance of 
understanding nonlinear-fiber optics is driven by the 
need to develop fiber-integrated devices, and also by 
the need to understand and mitigate the problems 
that these nonlinearities cause in optical communi- 
cation systems. 

This section introduces the unique linear- and 
nonlinear-optical properties of PCFs in order to 
understand the reasons why nonlinear-optical effects 
are often enhanced in such fibers. These discussions 
pertain to PCFs which are ‘highly nonlinear’. It is 
essential to clarify that ‘highly nonlinear’ in this 
context does not mean that the y°) is any larger than 
that of standard telecommunication fibers, rather that 
the effect of this nonlinearity is enhanced due to the 
fiber’s very small core. 


PCF Properties 


Photonic crystal fibers feature a variety of interesting 
properties. From the standpoint of nonlinear-fiber 
optics there are four very useful fundamental proper- 
ties of PCFs: 


e a mechanically robust optical fiber can be fabri- 
cated with an extremely small core (a few m7”); 

e a fiber can be made to guide in a single transverse 
mode over an extremely broad wavelength range 
(370 nm-—1600 nm); 

e there are new degrees of freedom that allow one to 
manipulate the fiber’s group-velocity dispersion 
(GVD) properties; and 

e many, but not all, PCFs are polarization maintain- 
ing as a result of form birefringence present in the 
core. 


The fact that small-core PCFs can be fabricated is 
clear from Figure 1 by taking note of the fact that the 
center defect region which comprises the core is about 
1.7 wm in diameter. Photonic crystal fibers with even 
smaller cores have been fabricated. 


Transverse Mode Structure 


A widely accepted model used to describe the 
transverse modal behavior of PCFs is called the 
effective-index model. The effective-index model can 
be used to understand why some PCFs are ‘endlessly 


single mode’, meaning that the fiber guides in a single 
transverse mode over an exceptionally wide wave- 
length range (370 nm-1600 nm). In the effective- 
index model, the refractive index of the core, 7,.,(A), is 
that of glass, and the refractive index of the cladding, 
Nefg(A), assumes a value in between that of glass and 
air. In the context of PCFs, one makes a modification 
to the standard expression describing single-mode 
behavior in step-index fibers: 





277A 
Vest = > reo AP ~~ Nest(A)* < Veutotf [1] 


where A is the spacing between air holes, A is the 
wavelength of light, and Veyrog¢ is the cutoff condition 
for the PCE. A similar expression for the V parameter 
is commonly used to understand the modal behavior 
of standard fibers where the larger the V is, the more 
transverse modes are supported within the fiber. In 
standard fibers the cutoff condition below which only 
a single mode can propagate within the core of a fiber 
is given by Veutofp < 2.405. In the case of PCFs, a 
numerical method should be used to determine Veyroff- 
Mechanically robust PCFs can be fabricated where 
the dispersion in mgg(A) (i.e., the variation of Mer 
with A) offsets dispersion in 7,,(A) and compensates 
for the 27rA/A coefficient in eqn [1]. Therefore, the 
light within the fiber propagates in a single, Gaussian- 
like mode because for all wavelengths Veg < Veutoft- 
A graph of the variation of Vg with A/A is shown in 
Figure 2, where d represents the size of an air hole. 

Conceptually, the effective index model can be 
understood by noting that at short wavelengths the 
mode field is confined well within the all-silica core, 
but as A increases the mode field extends further into 
the air—-glass cladding and Vu and me(A) both 
decrease. 


Dispersion in PCF 


Other critical differences between PCFs and standard 
optical fibers lie in the dispersion properties. When 
light propagates through a fiber its behavior depends 
on the light’s optical frequency: 


E(t, z) = A(t, zeta [2] 


Equation [2] describes the mode as it propagates 
through the fiber. It is decomposed into a slowly 
varying envelope, A(f,z), and a rapidly varying 
exponential component where is the frequency of 
the mode, t is time, z is the position along the length 
of the fiber, and B(@) is called the mode-propagation 
constant. The general term used in describing the 
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Figure 2 Variation of V4 for different relative hole diameters 
d/A. The calculation assumes a fiber with an air—glass cross- 
section where the refractive index of air and glass was taken to be 
1 and 1.45, respectively. The dashed line marks V4 = 2.405, the 
cutoff value for a step-index fiber. (Reproduced with permission 
from Birks TA, Knight JC and Russell PStJ (1997) Endlessly 
single-mode photonic crystal fiber. Optical Letters 22: 961-963. 
©1997 Optical Society of America.) 


frequency dependence of B is chromatic dispersion, 
which includes contributions from the material as 
well as the waveguide. Other types of dispersion 
present in optical fibers include multi-modal (arising 
from multiple guided transverse modes) and polari- 
zation-mode dispersion. 

One way to understand the chromatic dispersion of 
a mode propagating through an optical fiber is to 
study the Taylor series expansion of the mode- 
propagation constant, 6, about the center frequency 


of the field, wo: 





1 
Blo) = Bo + Bi(@~ @) + > Bao wo) +e [3] 


where B;=d'B/dw'. The physical significance of the 
various 6; in eqn [3] are as follows: the phase-fronts 
of the electric field move at a speed given by w/By = vp, 
and the envelope, A(t,z), moves at a group velocity 
given by 1/8,. A GVD term, which governs temporal 
spreading of the envelope, is given by 6). Higher- 
order 6 terms are usually negligible for propagation 
of pulses of =1 ps duration in optical fibers and are 
lumped into the category of ‘higher-order chromatic 
dispersion’. 

The notation ‘8’, as defined above, is often used in 
the literature with dimensions of ps*/km. However, 
another expression is frequently used because of its 
direct relationship to measured quantities. It is 
straightforward to measure the relative delay, T, 
between two pulses having different center wave- 
lengths. Choosing a particular wavelength as a 
reference, one can then measure relative delay as a 
function of an injected pulse’s center wavelength. 
The first derivative with respect to A of the relative 


delay curve gives the GVD according to 





1 
(z,) 
Vg 1 dT 27 
D an Edt) [4] 


where vg is the group velocity, and L is the length of 
the fiber under test. The dimension commonly used 
for D is ps/(nm km). 

Chromatic dispersion in single-mode optical fibers 
results from two different wavelength-dependent 
fiber parameters. The medium itself, glass in this 
case, has a wavelength-dependent refractive index. 
This ‘material’ contribution has the same magnitude 
regardless of the various parameters associated with 
the waveguide. A second contribution has to do with 
the design of the optical fiber. This ‘waveguide’ 
contribution to dispersion arises from the fact that 
the wavelength-dependent mode depends on the 
properties of the waveguide (i.e., the core size and 
refractive index contrast between the core and 
cladding). Empirical models can be used to describe 
the material, waveguide, and total GVD for standard 
communication fibers. Such a set of curves is given in 
Figure 3 where it can be seen that it is possible to have 
positive, negative, or zero values for D. For historical 
reasons, the regions where D is negative (B) is 
positive) exhibit ‘normal GVD’, while those where 
D is positive (8) is negative), exhibit ‘anomalous 
GVD’. The wavelength corresponding to D = 0 is 
referred to as the zero-dispersion wavelength (Ag), 
which for most silica glass fibers is about 1,300 nm. 

In contrast with standard optical fibers, where the 
waveguide contribution to D is always less than zero, 
small-core PCFs can be fabricated where the wave- 
guide contribution to GVD is positive and quite large. 
As such, in PCFs, A, can be shifted to wavelengths 
shorter than the intrinsic dispersion zero of glass. 
Control over the GVD is essential for phase matching 
certain nonlinear-optical interactions involving light 


Material dispersion 


Total dispersion 
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Figure 3 Plots of the theoretical dispersion coefficient, D, as a 
function of wavelength for a standard optical communication fiber. 
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of different colors co-propagating within a fiber. 
Indeed, several exciting applications of nonlinear 
optics in PCF require a fiber with a Ay ~ 800 nm. The 
GVD is also of great importance when working with 
pulsed light in PCF, because GVD results in temporal 
pulse broadening. It also governs pulse temporal 
walkoff effects, limiting the effective interaction 
length between pulses of different colors. This new 
flexibility to manipulate the GVD curve, by varying 
waveguide design parameters, is a key advantage 
associated with using PCFs for nonlinear optics. 


Birefringence in PCF 


The core of an optical fiber often exhibits some 
amount of anisotropy. The core may be elliptical in 
form (shape) which leads to a phenomenon referred 
to as form birefringence. Since mode propagation 
depends on the fiber structure, a fiber with an 
elliptical core will exhibit mode propagation that 
depends on the electric field’s polarization with 
respect to the axes of the elliptical core. As a result 
of birefringence, the polarization of the mode varies 
as it propagates through the fiber (unless care is taken 
to align the polarization of the injected light with 
respect to a principal axis of the birefringence). 

Polarization-maintaining (PM) fibers are designed 
to include birefringence in a particular axis of the 
fiber. By including a well-defined birefringence 
throughout the length of a fiber that is larger than 
that induced by external perturbations, fast and slow 
axes of the optical fiber are created for all guided 
wavelengths, giving two orthogonal ‘polarization 
modes’. If light is injected into one of the polarization 
modes (i.e., with its linear polarization along one of 
the axes) it remains linearly polarized along that axis 
as it propagates along the fiber. The two polarization 
modes generally have different group velocities, so 
pulsed light in each mode will take a different amount 
of time to propagate through a given segment of fiber. 
Most PCFs exhibit strong birefringence due to a 
slightly elliptical core combined with a large core- 
cladding index difference, and so they behave simi- 
larly to PM fibers. Special care must be taken when 
working with PCF to be sure that the polarization of 
the light launched into the fiber is aligned with one of 
the birefringent axes. 

In practice, there are a few other features of PCF 
that are of importance when discussing nonlinear- 
optic interactions: 


e propagation losses are generally larger in PCFs 
than in standard optical fibers; and 

e free-space coupling and splicing are difficult and 
can result in large coupling losses. 


Nonlinear Phenomena 


The basic principles determining nonlinear effects in 
PCFs are the same as those for standard optical fibers 
(see Fiber and Guided Wave Optics: Nonlinear Effects 
(Basics)). It is the new flexibility in PCFs to obtain 
transverse-modal and GVD behavior different from 
that of standard optical fibers that makes PCFs truly 
interesting for nonlinear optics. The relevant non- 
linear-optical effects are: self-phase modulation 
(SPM); cross-phase modulation (CPM); third-harmo- 
nic generation (3HG); four-wave mixing (FWM); 
Raman scattering; and Brillouin scattering. 

Self-phase modulation (also known as the optical 
Kerr effect) refers to the self-induced phase shift 
experienced by an optical field as it propagates 
through a fiber. It becomes particularly important for 
the case of pulses of light propagating through optical 
fibers. In small core PCFs, SPM is enhanced due to 
the high-intensity light propagating within the core. 
Self-phase modulation can lead to substantial spectral 
broadening of pulsed light propagating along an 
optical fiber. 

When a pulse of light experiences normal GVD 
(i.e., D <0) as it propagates, the longer-wavelength 
components travel faster than the shorter-wavelength 
components. Anomalous GVD (i.e., D > 0) leads to 
the opposite, short-wavelength components traveling 
faster than the long-wavelength components. Group- 
velocity dispersion generally leads to temporal 
broadening of pulses as they propagate along a 
fiber. Under ideal conditions, however, SPM in 
combination with anomalous GVD, leads to pulses 
which propagate without any temporal or spectral 
broadening. These self-sustaining pulses are called 
‘optical solitons’. 

When waves of light having different wavelengths 
co-propagate along a fiber, CPM can occur. It can be 
understood as a phase shift induced on one wave, 
due to the presence of the other wave. Cross-phase 
modulation also leads to spectral broadening and 
solitonic pulse propagation. 

In 3HG and FWM, one or more photons are 
destroyed and others are created. In 3HG, three 
‘fundamental’ photons are destroyed to create one 
with three times the energy of the fundamental 
photons. In FWM, two fundamental photons are 
destroyed while two others are created. While it is 
straightforward to conserve energy in 3HG and 
FWM, these interactions must be ‘phase-matched’, 
meaning that the interacting waves must be made to 
propagate in-phase over a meaningful length. Such 
phase-matching conditions need to be carefully 
considered when studying 3HG and FWM. Never- 
theless, 3HG and FWM can be used to obtain 
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frequency shifts and all-optical amplification. In 
comparison with other types of optical fibers, PCFs 
are particularly useful for 3HG and FWM appli- 
cations. The small core of the PCF allows interactions 
to occur at much lower input powers, and the new 
flexibility associated with the GVD properties permits 
phase matching in cases which are not possible using 
standard optical fibers. Finally, the fiber’s endlessly 
single-mode behavior permits very good transverse 
mode overlap between interacting waves having 
widely different center wavelengths. 

Self-phase modulation, CPM, 3HG, and FWM are 
photon—photon interactions wherein no energy is 
exchanged with the medium itself. In contrast, 
Raman scattering and Brillouin scattering result 
from photon-phonon interactions. The differences 
between Raman and Brillouin scatterings lie in the 
energy of the phonons involved and the direction in 
which the interactions occur. Raman scattering is an 
interaction between a photon and an optical-phonon 
mode of the molecules making up the material. In the 
case of Raman scattering in glass, the energy shift, 
associated with molecular vibrational (Raman) 
modes, corresponds to frequencies of 1-12 THz. 
Raman scattering occurs in the forward and back- 
ward directions. With pulsed light, stimulated Raman 
scattering can occur when the lower-frequency 
spectrum of the pulse overlaps with the spectrum of 
the Raman resonances excited by the higher- 
frequency spectrum. When this happens, energy can 
be efficiently shifted in spectrum towards the peak of 
the Raman resonance. In the forward direction, this 
‘Raman self-frequency shift’ builds up. Additionally, 
if the Raman self-frequency shift occurs in the 
presence of anomalous dispersion, a ‘Raman soliton 
self-frequency shift? can result. As the injected 
power is increased, the spectral shift between the 
injected pulse and the resulting Raman soliton 
increases. The principal advantage associated with 
PCF is the ability to generate Raman solitons for a 
broader range of wavelengths than was previously 
possible. 

For Brillouin scattering, interaction with the 
acoustical phonons results in frequency shifts of 
about 10 GHz and the interaction only occurs in the 
backward direction. Brillouin scattering is generally a 
nuisance in fiber-based devices, leading to intensity 
noise and other problems. The interesting feature of 
Brillouin scattering in PCFs is that the threshold 
intensity where problems begin to occur is higher for 
PCFs than for standard optical fibers. The higher 
threshold permits further optimization of fiber-based 
devices wherein Brillouin scattering limits the 
performance. 


Experiment Examples 


In the following subsections, a selection of experi- 
ments, demonstrating a few of the relevant nonlinear- 
optical phenomena, are briefly described. 


Supercontinuum Generation 


One of the most exciting demonstrations of non- 
linear optics in PCF is that of supercontinuum 
generation. In a typical experiment, 100 femto- 
second pulses from a mode-locked Ti:Sapphire laser 
operating at a wavelength of 800 nm were injected 
into the PCE. As the injected power was increased, 
a broad continuum of spectrum was generated from 
wavelengths of 400nm up to 1,600nm. Typical 
data showing the input and output optical spectra 
are given in Figure 4, where it can be seen that well 
over an octave of frequency spectrum is generated 
from an input pulse whose spectral width is only 
about 10 nm. 

It is widely accepted that supercontinuum gener- 
ation results from a combination of linear and 
nonlinear optical effects conspiring to generate the 
broad spectrum. As the pulse propagates through the 
PCE, SPM, FWM, and Raman scattering are all likely 
to occur with relative efficiencies depending heavily 
on the input pulse’s spectral and temporal character- 
istics, as well as the fiber’s properties. Indeed, efficient 
supercontinuum generation can occur in PCFs for 
pump wavelengths lying near the zero-dispersion 
point in the normal or anomalous dispersion regime 
of the PCE, and for fibers as short as a few millimeters 
in length. 

Spectral broadening, due to SPM, is common 
in standard optical fibers, but what makes this 
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Figure 4 |n supercontinuum generation one observes a broad 


continuum generated after short pulses of light from a Ti:Sapphire 
laser propagate through a 75cm section of PCF. The spectrum 
of the input pulse is shown as a dashed curve, while the 
output is a solid curve. (Reproduced with permission from Ranka 
JK, Windeler RS and Strentz AJ (2000) Visible continuum 
generation in air-silica microstructure optical fibers with anom- 
alous dispersion at 800nm. Optical Letters 25: 25-27. ©2000 
Optical Society of America.) 
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particular experiment interesting is the remarkable 
width of spectrum generated with a short piece of 
fiber (~1 m) and with comparatively small optical 
powers. 


Optical Switching in PCF 


Cross-phase modulation can be used to build an all- 
optical switch. Such a switch can be implemented as a 
three-port device where the output port for a given 
optical bit (the signal pulse), is determined by the 
presence of an optical control (the pump pulse). 
Switching can then be achieved by dividing the signal 
pulse equally on two arms of an interferometer and 
injecting the strong pump pulse only on one arm. 
Because the pump pulse co-propagates with only one 
of the two signal pulses, there exists a CPM-induced 
phase difference x, = 2yP,L at the output of the 
interferometer, where P, is the peak power of the 
pump pulse and L is the interaction length. By varying 
the intensity of the pump pulses one can vary the 
magnitude of this phase difference. If a 7-phase shift 
is achieved, one can switch the interference from 
destructive to constructive, or vice-versa, thus reali- 
zing an all-optical switch. 

Figure 5 shows an experimental setup used to 
observe switching near 1,550 nm (a similar apparatus 
using bulk-optic rather than fiber-optic components 
can be used to conduct experiments near 780 nm). 
The pump and signal are synchronous few-ps- 
duration pulses with a tunable wavelength separation 


Signal 
(1546nm, 2.6ps) 










Pump 
(1537nm, 4.9ps) 


EDFA 


POL 
Detector 


Synchronous pump 
and signal input 


Sagnac 
loop 


MF 

(5.8m) 

Figure 5 Experimental setup used to demonstrate all-optical 
switching near 1,550 nm. (EDFA, erbium-doped fiber amplifier; 
BWDM, bandpass wavelength-division multiplexor; PBS, polariz- 
ation beamsplitter; FPC, fiber polarization controller) (Reproduced 
with permission from Sharping JE, Fiorentino M, Kumar P and 
Windeler RS (2002) All-optical switching based on cross-phase 
modulation in microstructure fiber. /EEE Photonics Technology 
Letters 14: 77-79. ©2002 IEEE). 
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Figure 6 Switching curves (open boxes and filled circles), 
showing the relative power measured in each port of the switch 
vs. the pump peak power, for experiments conducted near 
(a) 1,550 nm and (b) 780 nm. The curves accompanying the data 
are generated from numerical solutions of coupled wave equations 
for CPM. (Reproduced with permission from Sharping JE, 
Fiorentino M, Kumar P and Windeler RS (2002) All-optical switching 
based on cross-phase modulation in microstructure fiber. /EEE 
Photonics Technology Letters 14: 77-79. ©2002 IEEE.) 
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Figure 7 A schematic of the experimental setup used to 

investigate FWM in PCFs. (Reproduced with permission from 

Sharping JE, Fiorentino M, Coker A, Kumar P and Windeler RS 

(2001) Four-wave mixing in microstructure fiber. Optical Letters 

26: 1048-1050. ©2001 Optical Society of America.) 
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Figure 8 A typical FWM spectrum observed at the output of the microstructure fiber. The inset shows a spectrum where higher-order 
cascaded mixing is evident. (Reproduced with permission from Sharping JE, Fiorentino M, Coker A, Kumar P and Windeler RS (2001) 
Four-wave mixing in microstructure fiber. Optical Letters 26: 1048-1050. ©2001 Optical Society of America.) 


of 5-15 nm. The switching characteristics for this 
implementation are shown in Figure 6. The apparatus 
has the advantage of requiring short fiber lengths, low 
switching powers, and allows switching of weak 
pulses. It demonstrates the feasibility of using non- 
linear optics in PCF to perform essential functions in 
high-speed all-optical processing. 


Parametric (Mixing) Processes 


The first set of experiments with controlled FWM ina 
PCF achieved nondegenerate parametric gains over a 
30 nm range of pump wavelengths near the Ao of the 
PCF. The experiments also confirmed the wavelength 
dependence of the GVD coefficient of the PCF near 
Ag. Since the dispersion characteristics of these fibers 
can be adjusted during the fabrication process, the 
experiments demonstrate the potential for the use of 
PCFs in broadband parametric amplifiers, wave- 
length shifters, and other optical communication 
devices. 

The experimental setup used to demonstrate phase- 
matched FWM in PCF is shown in Figure 7. The 
pump and the input signal are two synchronous 
pulsed beams having 3-5 nm wavelength separation 
with the center wavelength tunable over a 720- 
850 nm range. The maximum peak power of the 
pump pulses is ~12 W. The two synchronous beams 
are then combined and injected into the PCE The 


pump and signal’s optical paths are adjusted to obtain 
temporal overlap in the PCF and their polarizations 
are aligned by fiber polarization controllers. 

Figure 8 shows a typical FWM optical spectrum at 
the output of a 6.1m long PCE Here the strong 
pump beam and the weak signal beam have 
wavelengths of 753nm and 758 nm, respectively. 
The spectrum shows the undepleted pump, the 
amplified signal, and the generated idler at 747 nm. 
The spectra in Figure 8 show that large gain is 
achievable for a pump-to-signal spacing of 5 nm. 
Gain values of more than 20 (13 dB) were obtained. 


Conclusion 


In summary, the advantages of using photonic crystal 
fibers for demonstrating nonlinear-fiber optical effects 
arise from four novel properties: 


e the nonlinear coefficient is enhanced in small-core 
PCFs (core area of a few ym”); 

e PCFs can support a single transverse mode over 
an extremely broad wavelength range (370 nm-— 
1600 nm); 

e PCF design parameters allow one to manipulate 
the fiber’s GVD properties; and 

e nonlinear interactions are enhanced due to the 
polarization maintaining properties of PCFs which 
result from form birefringence present in the core. 
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These four properties combine to allow efficient 
interactions to occur in PCFs which are either 
inefficient or not possible at all in standard optical 


fibers. 


See also 


Optical Amplifiers: Raman, Brillouin and Parametric 
Amplifiers. Photonic Crystals: Electromagnetic Theory. 
Scattering: Raman Scattering. 
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Introduction 


Photonic bandstructure engineering, in which the 
electromagnetic dispersion relations are intentionally 
modified, can be accomplished by creating one-, two-, 
and three-dimensionally periodic dielectric materials. 
These periodic materials, called photonic crystals, can 
be used to confine and guide light. This article 
describes the formation of optical resonant cavities 
and waveguides in these materials. Most of the 
discussion will focus on two-dimensional photonic 
crystals. One-dimensionally periodic systems are 
treated elsewhere in this volume. This article will 
begin with a short review of the relevant electromag- 
netic properties of photonic crystals. The formation 
and properties of resonant cavities will follow this, and 
the article will conclude with waveguides formed by 
linear defects in two-dimensional photonic crystals. 


Electromagnetics of Photonic Crystals 


A two-dimensional photonic crystal consists of a 
dielectric material in which the dielectric constant is 
periodic in two dimensions. The period of these 
materials is on the order of a half-wavelength of the 


operating optical wavelength. In this section, we 
briefly review the electromagnetic properties of two- 
dimensional photonic crystals. For more details, see 
the article entitled Spectroscopy: Raman Spectroscopy 
in this volume. 

There are five Bravais lattices in two dimensions. 
Most of the research on photonic crystal resonant 
cavities and waveguides has focused on square and 
triangular lattices, and in this article we will 
consider examples based on the triangular lattice. 
Since these structures are usually defined litho- 
graphically however, there is, in principle, no need 
to confine the investigation to naturally occurring 
Bravais lattices. Due to the limitations of current 
nanofabrication technology, much of the research 
has focused on photonic crystals that have a finite 
thickness. The important feature of photonic 
crystals is that the bandgaps in the electromagnetic 
spectrum opened up by all of the Bragg planes 
overlap spatially and spectrally, so that a frequency 
region exists in which no electromagnetic propa- 
gation is allowed. These electromagnetic bandgaps 
can be used to confine optical modes in very small- 
volume resonant cavities and in waveguides. In 
high-contrast dielectric systems, such as a semi- 
conductor/air periodic system, only a few lattice 
periods may be necessary to confine an electro- 
magnetic mode. In the case of finite thickness 
photonic crystals, this periodicity has the effect of 
limiting the bandgap formed to the in-plane 
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directions and in the case of a two-dimensional 
photonic crystal in a high-index dielectric slab to 
the formation of a bandgap in the guided modes of 
the slab. In this case there are still radiation modes 
of the slab. 

Consider a two-dimensional photonic crystal that 
is periodic in the x—y plane. To start, we can consider 
materials that are uniform and infinitely extended 
in z. Electromagnetic fields propagating in the x—y 
plane are Bloch states. These can be written as: 

Ay (p, z,t) = eo br HhDy, 


ky (P) [1] 


oR] 


where p labels the in-plane coordinates and ky labels 
the in-plane wavevectors. Hp. 4, is a periodic function 
in the x-y plane. Modes propagating in the x—y 
plane in such a system can be classified as transverse 
electric (TE) waves or transverse magnetic (TM) 
waves. TE waves have nonzero E,, E,, and H, field 
components, and TM waves have nonzero E,, H,, 
and Hy, field components. A triangular lattice of air 
holes patterned into a high refractive index dielectric 
can be used to create a bandgap for both the guided 
TE and TM modes of the membrane for a range of 
hole radii. The TE and TM bandgaps that are formed 
can be over different spectral ranges, however. For 
laser applications this is unimportant since in practice 
the emission occurs from electron-hole recombina- 
tion in a semiconductor quantum well, and for 
unstrained or compressively strained quantum well 
materials this emission is TE polarized. In most cases, 
waveguides have also been designed to work for a 
single optical polarization. It is generally true that a 
photonic lattice that consists of a connected high 
dielectric region is likely to exhibit a TE bandgap, 
while a lattice formed by disconnected high dielectric 
regions is more likely to exhibit a TM bandgap. 
The bandgap in the TE modes is formed between the 
first and second bands. The first band is called the 
dielectric band because the field at the Brillouin zone 
boundary is a standing wave with its intensity 
concentrated in the high dielectric regions. The 
second band is called the air band because at the 
Brillouin zone boundary this field is a standing wave 
with its intensity localized in the low dielectric 
regions. Over a reasonable range of lattice para- 
meters, the bandwidth of the TE bandgap can be 
changed by changing r/a where r is the radius of the 
holes and a is the lattice constant of the triangular 
lattice. As r/a gets larger the dielectric band moves up 
in frequency. This can be thought of as being due to 
the fact that this mode has a decreasing effective index 
as r/a increases. The air band frequency increases as 
r/a increases. Since more of the electric field of the air 
band is located in the low dielectric regions than the 


field of the dielectric band, the air band increases in 
frequency with increasing r/a faster than the dielectric 
band and the bandgap therefore increases with 
increasing r/a. This trend holds in photonic crystals 
of finite thickness as well. 

For photonic crystals of a finite thickness, the 
ability to simply classify modes as either TE or TM 
is lost. In the most simple finite thickness photonic 
crystals, that of a high index dielectric slab in 
which a two-dimensional photonic crystal has been 
patterned surrounded above and below by the 
same low index material which may be air of 
sapphire, or silicon dioxide, the modes can be 
classified as being either even or odd modes with 
respect to the mid-plane of the high index slab. In 
this mid-plane, however, modes can be classified as 
being either TE or TM, with each containing the 
same nonzero vector field components as in the 
infinite case. Away from this mid-plane, however, 
modes have in general six nonzero electromagnetic 
field components. The photonic bandgap that is 
created in this case is in the guided mode spectrum 
of the high index dielectric slab. There is no gap 
formed in the radiation modes of the slab. The 
radiation modes consist of modes with a ray vector 
that is not totally internally reflected at the high 
index slab/low index cladding interfaces. Figure 1 
shows the dispersion relation, plotted over the 
irreducible Brillouin zone, of the even modes for 
dielectric slab with a refractive index of 3.4 in 
which a two-dimensional triangular lattice of holes 
has been patterned. The surrounding material is 
air. The figure shows an electromagnetic bandgap 


Normalized frequency (a/A) 








Figure 1 The photonic band diagram for a photonic crystal slab 
with a triangular lattice of air holes perforating a high-index 
dielectric slab. The slab, which assumes a refractive index 
n = 3.4, is suspended in the air with a thickness of d/a = 0.6. The 
air holes have radii of r/a = 0.3, where a is the lattice constant. 
Only the lowest three eigenmodes are shown in the plot. 
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formed between the first and the second guided 
modes of the slab. Radiation modes of the slab 
have real valued propagation vectors in the z- 
direction. These modes lie above the in-plane 
dispersion relation for air and exist inside the 
shaded region in the figure. This dividing line 
between the guided modes and the radiation modes 
is referred to as the light line. 

If the upper and lower cladding layers of the high 
index slab are different and therefore have different 
indices of refraction, then the ability to classify modes 
as being either even or odd about the mid-plane of the 
slab disappears and it is possible to lose the bandgap 
in the guided modes altogether. In cases where the 
refractive index of the bottom cladding is not 
significantly different from that of the top cladding, 
such as a case where air serves as the top cladding 
layer and a material such as sapphire or silicon 
dioxide forms the bottom cladding, it is found that 
the even and odd modes describe the field reasonably 
accurately. To emphasize the approximation involved 
in the model, these modes are most often referred to 
in the literature as even-like or odd-like. Overall, 
there are three primary effects of having asymmetric 
cladding layers such as an air top cladding and 
sapphire bottom cladding case. These are a reduction 
in the effective bandgap width, an increase in the area 
of the radiation modes on the dispersion relation, and 
the loss of a rigorous bandgap in the guided modes of 
the slab. The first two of these effects are the most 
serious for device designers. 


Photonic Crystal Resonant 
Cavities and Lasers 


Photonic crystal resonant cavities can be formed at 
frequencies inside the bandgap or at the bandedges. 
Modes in the bandgap are formed as a result of a 
defect in the lattice. Modes at the bandedge are also 
sometimes used because the fields with wavevectors 
at Brillouin zone boundary are standing waves. These 
standing waves are analogous to the resonant modes 
that are formed in distributed feedback (DFB) laser 
structures. Here we will focus on modes confined in 
the bandgap. Allowed modes in electromagnetic 
bandgaps in photonic crystal slabs can be introduced 
by introducing one or more defects into the lattice. By 
perturbing a single lattice site, we can permit a 
localized mode or modes that have a frequency in the 
gap. This phenomenon is similar to the formation of 
deep levels in an electronic bandgap of a solid due to 
impurities and identical to the formation of resonant 
modes in vertical cavity surface emitting lasers 
(VCSELs) and phase-shifted DFB lasers. In each of 
these last cases, a defect in the periodicity of a precise 


thickness occurs between two one-dimensional dis- 
tributed Bragg reflectors. Defect modes in photonic 
crystal resonant cavities can be engineered to radiate 
in a particular direction by trading-off the in-plane 
versus out-of-plane losses, and the resonant freq- 
uency is determined by the parameters of the lattice. 
Very small mode optical mode volumes can also be 
obtained in these resonant cavities leading to the 
possibility of modifying spontaneous emission. 

Simple models exist which illustrate the formation 
of localized modes inside the bandgap as a result of 
defects in the otherwise periodic lattice. One of these 
was applied to the formation of deep levels in solids. 
This model can also be applied to the electromag- 
netics of defects in periodic structure. For a simple 
one-dimensional case, assuming that the defect exists 
at a single unit cell and that the dispersion of the band 
is dominated by nearest neighbor interactions, this 
can be solved exactly. Figure 2 shows the allowed 
frequencies of a ten unit cell chain with a single defect 
located at the center unit cell. Notice that one mode, 
called a donor mode, drops out of the band for 
positive values of Ae and one mode, called an 
acceptor mode, rises out of the band for negative 
values of Ae. This is true in general. A perturbation of 
the lattice in which the defect has a higher index than 
the unperturbed lattice will cause a mode to drop out 
of the air band while a perturbation that has a lower 
dielectric constant than the background lattice will 
cause a mode to rise into the bandgap out of the 
dielectric band. In practice, resonant modes and 
frequencies in photonic crystals are modeled 
numerically. 

A great deal of variety exists in resonant modes 
formed by defects in two-dimensional photonic 
crystal slabs. The simplest examples consist of a 
single missing hole in a two-dimensional square or 


Acceptor 2 
defect mode 








Donor defect mode rae 


Figure 2 A one-dimensional Slater—Koster model for a single 
defect in a 10-unit-cell chain, showing the allowed states as a 
function of the defect perturbation. 
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triangular lattice patterned into a high-index 
dielectric slab. However, the resonant mode size, 
shape, frequency, and polarization can be engin- 
eered by tailoring the local dielectric in the region 
of the resonant mode. Losses in these cavities can 
be conceptually separated into losses in-plane 
through the photonic crystal and radiation losses 
out-of-plane. The in-plane losses are a result of 
having only a finite number of lattice periods 
surrounding the localized mode. A finite number of 
periods results in a finite loss due to tunneling of 
the fields through the lattice. This loss can in 
principle be made arbitrarily small by increasing 
the number of lattice periods surrounding the 
resonant mode. For a fixed number of lattice 
periods, the in-plane radiation loss will be reduced 
as the bandwidth of the photonic bandgap is 
increased because the magnitude of the in-plane 
decay constant increases with increasing bandgap 
width. A resonant mode formed by a defect in a 
truly three-dimensional photonic crystal will have 
losses limited by the number of achievable lattice 
periods and the bandwidth of the photonic crystal 
bandgap. 

Photonic crystal cavities formed by two-dimen- 
sional photonic crystals of finite thickness suffer from 
an out-of-plane radiation loss. Optical confinement in 
the direction perpendicular to the two-dimensional 
photonic crystal is due to total internal reflection of the 
mode that occurs in the high index photonic crystal 
slab surrounded by lower index materials. Out-of- 
plane losses are due to the presence of wavevector 
components in the resonant mode that lie above the 
light line inside the radiation cone of the cladding. 
Figure 3 shows the Fourier transform of the magnetic 
field at the mid-plane of photonic crystal slab in which 
the resonant mode is formed by a single missing hole in 
a two-dimensional triangular lattice. In this cavity 
geometry, a doubly degenerate pair of modes is 
introduced into the photonic bandgap. The figure 
shows the Fourier transform of the field for one mode 
of this double degenerate pair. The boundary of the 
radiation cone in the figure is marked by the solid 
circle. Components of the mode inside this circle are 
not confined to the slab and contribute to out-of-plane 
radiation losses. These losses can be reduced by 
engineering the mode so that it has a smaller overlap 
with the radiation cone. This can be accomplished by 
allowing the mode to expand in real space in directions 
in which the wavevectors of the mode extend into the 
radiation cone. This reduces the spread of the Fourier 
transform of the mode and reduces the overlap of the 
mode with the radiation cone. 

Symmetry can also be used to reduce the coupling 
to the radiation fields of the slab. Reducing the 
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Figure 3 (a) The spatial Fourier transform of the magnetic field 
component, Hz, of a defect cavity mode at the mid-plane of a 
triangular-lattice suspended membrane single-defect photonic 
crystal microcavity. The inner circle indicates the light cone inside 
which mode components radiate vertically. (b) The spatial Fourier 
transform of a modified defect cavity mode. The overlap of 
the mode with light cone has been reduced by modifying the 
defect cavity. 


resonant frequency of the mode can also reduce out- 
of-plane radiation losses. This has the effect of 
reducing the size of the radiation cone in k-space. 
One way to accomplish this is to reduce r/a in the 
photonic crystal lattice. This will generally reduce 
frequencies of all of the photonic crystal modes. It 
will also, however, generally be accompanied by a 
reduction in the bandwidth of the photonic bandgap 
which will increase the in-plane losses. As a result, 
care must be taken in designing photonic crystal 
resonant cavities. Nevertheless, in the smallest mode 
volume photonic crystal resonant cavities, the optical 
losses will generally be dominated by out-of-plane 
radiation loss. 

Quality factors have been predicted to exceed 
100 000 in carefully designed photonic crystal 
resonant cavities in which the optical mode volume 
is on the order of a few cubic half-wavelengths in the 
material. Larger resonant cavities formed by introdu- 
cing multiple defects in the lattice are often less well 
confined in the real space lattice leading to a 
reduction in the components overlapping the radi- 
ation cone in k-space and a reduction in out-of-plane 
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radiation loss. These cavities also are much more 
likely to support multiple resonant modes for a given 
index perturbation. 

In analyzing resonance modes of photonic crystal 
resonant cavities, one of the most important para- 
meters is the quality factor O of the cold cavity. 
Practically, a theoretical prediction of the quality 
factor requires the use of numerical methods and 
finite-difference time-domain and finite element 
techniques are commonly used. There are basically 
three numerical approaches that can be used to 
calculate the quality factor of the cavity modes. Two 
of these methods calculate the quality factor from the 
time domain fields while the third is a frequency 
domain approach. The first method is to calculate the 
slope of the exponential decay of the energy of a given 
cavity mode with time. This decay of energy from the 
cavity is described by exp(—t/t,,) where ¢,, is the 
photon lifetime which is related to the quality factor 
QO, by Q= at,,. This method is most useful for 
relatively low O modes where the slope of energy 
decay is visibly greater than zero. 

Another method is to calculate the ratio of the full 
width at half magnitude (FWHM) of the cavity 
resonance in the frequency domain, Aa, to the center 
frequency, wo. However, distortion to the spectrum is 
often introduced because the numerical simulation 
terminates before the impulse response is fully 
evolved. This has the effect of viewing the true time- 
domain response through a rectangular window, 
which translates mathematically into the convolution 
of the true spectrum with a sinc function. This must be 
accounted for in the determination of the quality 
factor. 

A third method calculates the ratio of cycle- 
averaged power absorbed in the boundary to the 
total energy in the cavity mode. This last method has 
the advantage of by being able to separate the 
radiation losses into different directions: 





1 = wP _ o(P, + Pi) 
Oo vU U 
oes 
OQ. Qi 


in which, the effective vertical quality factor OQ, is 
given by the ratio of power lost to the absorber at the 
top and bottom P, to the total cavity energy U(t), and 
the effective in-plane quality factor Q) is similarly 
given by the ratio of in-plane power loss Pj to the 
total cavity energy. 

Photonic crystal lasers and resonant cavities have 
been demonstrated experimentally. The first demon- 
stration of lasing in a two-dimensional photonic 
crystal laser occurred in a cavity formed by a single 


defect in a triangular lattice that was patterned into 
an InGaAsP membrane. The laser operated under 
optically pumped conditions at 143 K. Room tem- 
perature pulsed operation of photonic crystal defect 
lasers was reported shortly thereafter. Figure 4 shows 
an electron micrograph of such a resonant cavity. In 
the figure, the resonant cavity is formed in a 
suspended membrane in which a triangular lattice 
photonic crystal with a defect has been patterned. The 
fabrication of these devices involves pattern definition 
by electron beam lithography and pattern transfer by 
a series of wet and dry etching steps. The observed 
quality factors are, of course, sensitive to fabrication 
imperfections. Many other cavity designs and dem- 
onstrations have also been reported. 

To operate a photonic crystal laser continuously at 
room temperature, it is necessary to design a high-O 
resonant cavity that dissipates heat well. Poor heat 
dissipation is a major drawback of suspended 
membrane resonant cavities. One strategy for 
improving the heat dissipation in photonic crystal 
laser cavities is to form the two-dimensional photonic 
crystal membrane cavity on top of a low-index high- 
thermal-conductivity substrate. Figure 5 shows an 
electron micrograph of a photonic crystal cavity 
formed by leaving out 37 holes from a triangular 
lattice patterned into an InGaAsP membrane. This 
membrane is bonded to a sapphire substrate, which 
facilitates heat dissipation. This cavity is capable of 
room temperature continuous wave operation. 

It is believed that these lasers are capable of 
electrically-pumped room temperature operation. 
This is based on the fact that large quality factors 
have been demonstrated in optically-pumped photo- 
nic crystal lasers and some quality factor reduction 
due to free carrier absorption and absorption at 
metal contacts can be tolerated and still lead to 
lasing. A reasonable assumption would be that the 
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Figure 4 The scanning electron micrograph of a triangular- 
lattice suspended membrane photonic crystal single defect 
cavity. 
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Figure 5 The scanning electron micrograph of a triangular- 
lattice, 37-missing-hole, photonic crystal defect cavity, bonded 
on sapphire which serves as lower cladding to improve heat 
dissipation. CW operation of the laser cavity was demonstrated. 


performance of these electrically-pumped photonic 
crystal lasers would have much in common with the 
performance of VCSELs. Both VCSELs and photonic 
crystal cavities have small mode volumes with the 
cavity formed in some directions by distributed Bragg 
reflection. The emission direction of photonic crystal 
lasers can be engineered to be vertical or in-plane, but 
the basic resonant cavities do have important 
similarities. The free carrier absorption loss in 
photonic crystal laser cavities may be expected to be 
larger than in VCSELs since a photonic crystal laser 
mode lacks the standing wave behavior in the vertical 
direction that allows doping at the nodes of the 
standing wave to reduce the absorption loss. If free 
carrier absorption loss leads to larger internal losses 
for photonic crystal lasers than for VCSELs, then 
some reduction in the achievable slope efficiencies 
will also occur for photonic crystal lasers. 


Photonic Crystal Waveguides 


Another important optical element for integrated 
photonic circuitry is a linear waveguide. Conven- 
tional dielectric waveguides confine propagating 
beams by an index of refraction difference between 
the waveguide core and the waveguide cladding. 
Photonic crystal waveguides are most often formed 
by a linear defect, which consists of a row of modified 
unit cells of the lattice, patterned into a high index 
dielectric membrane. The guiding in this case is due to 
a mixture of total internal reflection at the high index 
membrane/low index cladding interfaces and distrib- 
uted reflections from the photonic crystal in-plane. 
Because this confinement does not exclusively depen- 
dent on total internal reflection, the transmission loss 
through small bending radius waveguide branches 
and bends can be made very small. Predictions and 
experimental demonstrations exist which show that 
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Figure 6 (a) The top view of a triangular lattice photonic crystal 
single-line defect waveguide with air hole radius r/a = 0.3. (b) The 
2D spatial Fourier transform of the waveguide dielectric 
distribution. (c) The photonic band diagram for a suspended 
membrane single-line photonic crystal waveguide. The mem- 
brane has a refractive index of n= 3.4 and its thickness is 
d/a = 0.6. The surrounding material is air. The light gray and dark 
gray area indicate the regimes where field radiates through the air 
and photonic crystals, respectively. 


photonic crystal waveguides are capable of support- 
ing small bending radius waveguide bends with 
almost total transmission. This makes photonic 
crystal waveguides a candidate for waveguides in 
densely integrated photonic circuits. 

Figure 6a shows an illustration of the top view of 
a two-dimensional photonic crystal waveguide. 
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This is a triangular lattice in which one row of unit 
cells has been modified. Shown in Figure 6b is the 
Fourier transform of index of refraction for the 
situation in which the photonic crystal consists of low 
index holes in a high index semiconductor. The 
presence of the linear defects modifies and broadens 
the reciprocal lattice from a simple reciprocal 
triangular lattice, before the creation of linear defect, 
to the distribution shown in the figure. This Fourier 
transform has components along the direction of 
propagation at (b; — b2)/2 as shown in the figure 
where b; and by are reciprocal lattice unit vectors. 
These reciprocal lattice components at (b; — b2)/2 
couple a planewave with wavevector B to other 
planewaves with wavevectors B + (b, — by)/2. The 
result of this coupling is that the electric field of the 
waveguide mode is a Bloch wave. In a photonic 
crystal waveguide in which the waveguide axis is the 
z-direction, the Bloch wavefield in the waveguide can 
be written in the form: 


Ewe, y.z.0= > Cufa%.2) 
Xexp] i on | p+ n( =], 


In this expression the periodic function of the Bloch 
wave has been explicitly expanded as a Fourier series 
and each term in the Fourier series is called a spatial 
harmonic. Note that these fields differ from that of a 
photonic crystal fiber because the cladding of a 
photonic crystal waveguide has a periodicity along 
the direction of a waveguide. A photonic crystal fiber 
does not. 

Most of the realizations of photonic crystal 
waveguides occur in two-dimensional photonic crys- 
tals formed in high index dielectric slabs. The 
membrane is usually located a few microns above a 
high index substrate. Because the fields of the guided 
modes decay exponentially outside the membrane, 
the effect of a substrate several microns away is very 
nearly negligible. The photonic band structure for 
rla = 0.3, normalized membrane thickness d/a = 0.6 
and refractive index of n = 3.4 is shown in Figure 6c. 
Only the modes with even symmetry along the mid- 
plane of the membrane are shown. A bandgap opens 
for modes with odd symmetry only for large low 
index filling factors in the triangular lattice. Filling 
factors large enough to create a bandgap for the odd 
modes are often impractical so that the odd modes are 
rarely considered. The even and odd modes are 
orthogonal, so that plotting the dispersion relation 
for the even modes only is justified. In reality, even 


[3] 


and odd modes may be weakly coupled as a result of 
fabrication imperfections. The horizontal axis of the 
dispersion relation covers the in-plane wavevector B 
along the propagation direction of the irreducible 
Brillouin zone. The vertical radiation light cone and 
transverse radiating region of the photonic crystal are 
mapped as light gray and dark gray areas, respect- 
ively. They correspond to the regimes in which light 
radiates through the air cladding and photonic crystal 
cladding, respectively. Waveguide dispersion relations 
can be calculated using two-dimensional approaches 
in which case the guiding due to the high index slab is 
accounted for by using an effective index of refraction 
for the mode. The effective index is the ratio of the 
propagation coefficient to the free space wavevector 
of the guided mode of the slab. The two-dimensional 
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Figure 7 The photonic band diagram for a triangular-lattice 
sapphire-bonded single-line photonic crystal defect waveguide. 
The dielectric membrane has a refractive index of n = 3.4 and 
thickness of d/a = 1.0. The index of the sapphire bottom cladding 
is assumed to be 1.6. 
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Figure 8 The photonic band diagram for a triangular-lattice 
deeply etched single-line photonic crystal defect waveguide. The 
top cladding, guiding membrane, and bottom cladding have an 
index of refraction of 3.0, 3.4, and 3.0, respectively. Their 
normalized thicknesses d/a are 1.0, 1.0, and 6.0, respectively. 
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calculation then uses the effective index of the mode 
as the high index of material in the photonic crystal. 
To obtain accurate results, the effective index for each 
mode calculated separately and the two-dimensional 
calculation of the photonic crystal waveguide dis- 
persion must be repeated for each waveguide mode. 

Examples of photonic crystal waveguide dispersion 
relations are shown in Figures 7 and 8 for waveguides 
formed by photonic crystals in dielectric slabs on high 


index lower cladding layers. Figure 7 is the dispersion 
relation for an oxide lower cladding layer. The area of 
the light gray region, which is the projection of the 
oxide cladding light cone onto waveguide propa- 
gation direction, increases as a result of higher index 
of refraction. Figure 8 shows the dispersion relation 
for a waveguide with an even larger lower cladding 
index. In this case the air holes of the two- 
dimensional photonic crystal are patterned all the 
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Figure 9 The out-of-plane radiation loss as a function of normalized frequency for the photonic crystal defect slab waveguides 
illustrated in Figures 6—8. The lattice constant a = 450 nm for deeply etched waveguide and 420 nm for the rest of the cases. Points are 


calculated values and lines are B-spline curve fits. 
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Table 1 Photonic crystal defect slab waveguides considered in the calculations 

Waveguide structures Suspended membrane Oxidized lower cladding Deeply etched 
Deep undercut Shallow undercut Thin oxide Thick oxide 

Layer description: Material Air (>3.0) 

(normalized thickness d/a) 
- - - - AlGaAs (1.0) 
GaAs (0.6) GaAs (0.6) GaAs (0.6) GaAs (0.6) GaAs (1.0) 
Air (3.0) Air (1.0) Al,Oy (2.0) Al,Oy (5.0) AlGaAs (6.0) 


GaAs substrate (>3.0) 


Refractive index of 3.4 is assumed for GaAs, 3.0 for AlGaAs, 1.6 for Al,Oy, and 1.0 for air. 





Figure 10 The scanning electron micrograph of a photonic 
crystal Y-branch fabricated on InP material system. 


way through the lower cladding layer, with an index 
of 3.0, on a high index substrate. The defect modes 
lying within the in-plane photonic bandgap are all 
above the cladding light line in this case. Propagation 
losses are predicted to increase by over two orders of 
magnitude from the structure with very low index 
cladding layers shown in Figure 6 to the high index 
lower cladding structure of Figure 8. 

Figure 9a and b shows the results of a fully three- 
dimensional calculation for the propagation loss of 
the three structure shown in Figures 6—8. The details 
of these structures are shown in Table 1. This 
calculated loss is due to coupling between the guided 
mode and the radiation modes of the high index 
substrate. A wavelength scale is also included using 
a= 420 nm in Figure 9a and 450 nm in Figure 9b. 
The suspended membrane suffers the least vertical 
radiation loss among all of the waveguides considered 
and has a minimum loss around 0.2 cm” '. Low-loss 
waveguides formed on high index cladding layers 
may be possible, but care should be taken to eliminate 
coupling between the guided modes and the radiation 
modes of the cladding. In this case, the design strategy 
for reducing the optical loss is to reduce the 
magnitude of the Fourier component of the electro- 
magnetic field inside the light cone. It should also be 


noted that deeply-etched waveguides formed by 
removing multiple rows of holes have been 
demonstrated with significantly lower radiation loss 
than is predicted for the single line defect waveguides. 
However, these waveguides are multi-moded at all 
frequencies. It is also important to remember that the 
nanofabricated waveguides will suffer additional 
losses due to fabrication imperfections that were not 
included in the numerical model. Figure 10 shows a 
nanofabricated photonic crystal waveguide. The 
image is an electron micrograph of a y-branch 
component of a Mach-Zehnder interferometer 
formed in a two-dimensional photonic crystal wave- 
guide patterned into a suspended InGaAsP 
membrane. 

Finally, it is worth noting that the group velocity of 
photonic crystal waveguide modes, where the group 
velocity is given by the gradient of the dispersion 
surface: 


Ug = V 5@ [4] 


is very small near the zone boundary. This can be seen 
from the dispersion relations shown in Figures 6-8. 
In fact, the slope of the dispersion relations is likely to 
be a parameter which can be engineered by careful 
waveguide design. This property may allow photonic 
crystal waveguides to find applications in optical 
processing functions such as delay lines. 


See also 


Photonic Crystals: Atomic Physics; Electromagnetic 
Theory. 
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Introduction 


Photonic crystals mimic the role of the atomic 
structure of a semiconductor in manipulating elec- 
trons, in this case for light. Hence, called semicon- 
ductors of light, these crystals are not generally found 
in nature and have to be designed and fabricated. 
Research and development in this field is taking place 
at a feverish pace to both understand the various 
nuances of this concept, as well as to evolve new 
methods to fabricate such crystals in the laboratory 
and ultimately on a commercial scale. The driving 
force behind this is the tremendous potential of these 
systems. They promise to revolutionize the way light 
can be used for future devices: from forming perfect, 
omnidirectional mirrors to the smallest ever lasers, 
and ultimately, complex optical chips with a wide 
range of functionality arranged in three-dimensional 
(3D) circuits. 

This article seeks to elaborate on a specific 
technique to make photonic crystals called colloidal 
self assembly. Here, we will review the fundamental 
concepts underlying photonic crystals and see how 
the above process can lead to a versatile platform in 
making such systems. We will discuss the basic 
aspects of this method and look at the various 
innovative manifestations that have been used 
to fabricate many types of photonic bandgap 
materials. 


Photonic Bandgap 


A key attribute of a semiconductor is the formation of 
a bandgap, a band of energy states that the electrons 
cannot acquire. They may exist in the so-called 
valence band where their energy levels are less than 
that of the bandgap. Or they may be energized to 


states above the bandgap, i.e., to the conduction 
band, but the bandgap is the forbidden region. The 
continuous band of states that constitutes this 
bandgap is a result of the long-range order imposed 
by the crystal structure of the semiconductor, where 
the atomic lattice presents a periodic potential to a 
propagating electron. The tremendous usefulness of 
semiconductors comes from their ability to perform 
switching and logic functions, which in turn is a result 
of controlling the availability of electrons above and 
below the bandgap. 

The propagation of light as an electromagnetic 
wave is influenced by the dielectric properties of the 
medium. For a waveguide aligned in the z direction, 
the field is the sum of the two propagating transverse 
modes, each with the form E(x) = ®(x, y)e’**, where 
@(x,y) is the field distribution and k, is the 
propagation constant. The wave equation for the 
transverse mode reduces to 





2 92 2 5 
AS & oem) +m) P(x, y) 
= (Ay O(x, y) [1] 


Here, #7 is referred to as the effective refractive index 
and is given by 7 = k,A/2 7. 

Equation [1] has the same form as the Schrédinger 
equation, which describes the wave functions of 
quantum particles such as electrons. This equivalence 
helps us to understand the similarity between the 
attractive potential well structures that bind electrons 
to the wells created by a local increase in the 
refractive index that confines light into optical modes. 

The creation of a structure with a 3D periodic 
change in the refractive index (Figure 1) opens a gap, 
due to Bragg scattering off the dielectric interfaces 
whereby a set of frequencies of light becomes 
forbidden to propagate in any direction — a photonic 
bandgap. To understand the formation of the 
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Figure 1 Schematic representation of a three-dimensional 
photonic crystal. The structure formed is a periodic variation in the 
dielectric properties of the matrix. Here, the two different dielectric 
regions are represented by LJ and 


























bandgap, one needs to consider the complex pattern 
of overlapping beams that results from the refractions 
and reflections from the numerous interfaces. This 
pattern is determined by the characteristics of light- 
waves (wavelength and direction of travel) and those 
of the periodic dielectric variation (pitch and magni- 
tude of the contrast). Thus, for a select band of 
wavelengths, complete cancellation through destruc- 
tive interference occurs in all directions. 

One way to breach this restriction is by creating a 
defect or a disturbance in the periodicity, which 
would allow localized photonic states in the gap. This 
defect can be a point defect to form a microcavity, or 
have a 1D trace that behaves as a waveguide or a 
planar defect. Thus, a photonic crystal with a specific 
defect structure can be used to manipulate light in 
unique ways that can be used for a variety of 
applications, including lasers, filters, switches, 
waveguides, and for 3D integrated optics circuits. 
These structures are also interesting because they 
have been predicted to exhibit enhanced optical 
nonlinearities. 


Photonic Crystals 


The lattice constant for the photonic crystal must be 
comparable to the wavelength of light, typically in the 
range of 0.5 to 2 ym. This range is three orders of 
magnitude greater than the lattice constants found in 
solids and hence photonic crystals need to be 
synthesized. A common example of such a structure 
is a diffraction grating in a waveguide, which serves as 
a 1D photonic crystal. There are also examples of 
photonics crystal structures found in nature, such as 


the iridescent colors seen in certain butterflies and 
opal gemstones. The structure of opal is a 3D 
photonic crystal consisting of small spherical particles 
of hydrated silica (SiO). These spheres tend to be 
irregular in size but in rare precious opals, they are 
monosized. Diffraction from these spheres leads to 
the remarkable colors seen in opals. 

Fabrication of 3D photonic crystal structures, with 
two materials with sufficiently different dielectric 
properties, has been extensively investigated over the 
past several years. Given the requirement of a tightly 
controlled periodicity, one obvious means of doing 
this is to use the microlithographic patterning 
processes that are so well developed for very large- 
scale integration (VLSI). Since these are planar and 
not volumetric techniques, several iterations of layer- 
by-layer deposition, lithography, and etching are 
necessary. A popular second method is that of 
colloidal self assembly. 


The Self-Assembly Technique 


The term ‘self assembly’ is usually used to describe the 
act of spontaneous and controlled agglomeration of 
some basic moieties. These basic units could be 
molecules, supramolecules, nanoclusters, or particles. 
It is similar to what is seen in living systems, where 
organic and inorganic materials are assembled into 
useful configurations mediated by various proteins. 
Since there is no intrinsic restriction on the number of 
such building blocks that can spontaneously organize 
into periodic structures, this process is readily 
scalable to large dimensions, and is the main 
attraction of this process. 

The self-assembly technique is well suited for 
making periodic structures such as photonic crystals. 
Starting with particles of the appropriately uniform 
size (in the range 0.5 to 2 wm), one can conceive of 
organizing them into a periodic 3D array. Particles, 
rather than molecules or nanoclusters, are the 
preferred starting materials for photonic crystals 
because their larger size provides periodicity on the 
length-scale of optical wavelengths. Large block 
copolymer molecules have also been used instead, 
but they are limited in their scope. 

The following sections will discuss the salient 
details of using self assembly to form photonic 
crystals. The sequence of the discussion follows the 
path increasing process complexity. To begin, we will 
examine the simplest of photonic crystals made by 
neatly packing uniform particles called a colloidal 
lattice. Given the limited range of monosized particles 
available, such lattices are inadequate as useful 
photonic crystals but can be used as templates into 
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which other materials can be incorporated. We shall 
discuss one particularly attractive incorporation 
technique, namely electrochemical deposition, in 
more detail. Finally, since the process is dominated 
by surface interactions, diverse classes of particles can 
be generated by simply functionalizing the particle 
surface. Looking ahead to the future, this is an 
important aspect that can vastly increase the capa- 
bility of a colloidal assembly. 


Formation of Colloidal Lattices 


Colloidal crystallization has been studied for several 
decades but has received renewed attention due to 
both the availability of more uniform powders as well 
as new applications such as photonic crystals. Fine 
particles are unwieldy in their dry state due to 
high solid—gas interfacial energy and are typically 
dispersed in a liquid. Particle concentration is kept 
low to avoid agglomeration. Further stabilization of 
the particles may be achieved by either charging the 
particles’ surface (electrostatic stabilization) or by 
adsorbing a neutral shielding molecule (steric 
stabilization). A preferred approach is to induce 
monosized spherical particles to settle into a tightly 
packed lattice. The settling rate, v, of particles of 
diameter d, is given by the well-known Stokes 
equation: 


d5aAp 
v — 
18u 





[2] 





where a is the acceleration due to gravity (or a 
centrifugal field), Ap is the density difference between 
the particle and the liquid, and pis the viscosity of the 
liquid. Whereas settling is a popular means of self 
assembling, other methods such as centrifugation, 
filtering, pressing, or dip coating can be used 
(Figure 2). For charged particles, electrophoresis, 
where an electric field induces flow, is applicable. 

The typical lattice types in these domains are 
hexagonal close-packed planes (hcp) as shown in 
Figure 3 or face-centered cubic (fcc) structures 
(Figure 4). In fcc crystals, the layer stacking follows 
the order ABCABC; in hcp it is ABAB. In both 
stacking sequences, hard spheres occupy a volume 
fraction of 0.7404 and can be shown to have little 
entropic differences. However, it is experimentally 
observed that the preferred ordering of spheres is the 
fcc close-packed arrangement, which is also the case 
in high-quality opals. 

This method clearly has the advantage of being a 
simple, cost-effective platform to make 3D photonic 
crystals that can be readily scaled to various levels. 
There are no repetitive steps as would be the case in 
layer-wise lithographic pattering. However, there are 
still some outstanding challenges. The primary one is 
the difficulty in ensuring that the organization of the 
particles does not incur the formation of unwanted 
defects and domains. Also, introduction of inten- 
tional defects such as waveguides is not trivial, 
although this is being demonstrated in diff- 
erent laboratories. Another shortcoming is the 
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Figure 2 Diagram showing some of the techniques to use self assembly of spherical particles to make colloidal lattices. These include 
settling (a); centrifuging (b); electrophoresis (c); dip-coating (d); and filter-pressing (e). 
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Figure 3 The arrangement of spheres in a hexagonal closed 
packed (hcp) arrangement (a). The unit cell is shown in 
(b) whereas the stacking abab sequence can be seen in (c). 








Figure 4 The arrangement of spheres in a face centered cubic 
(fcc) arrangement with spheres of radius r (a). The unit cell is 
shown in (b). The stacking follows an abcabc order. The a and c 
sites relative to spheres populating the b sites are seen in (c). 


unavailability of uniformly sized particles of various 
different chemical compositions. 

The formation of monosized spherical particles is a 
complex problem in its own right. Usually, such 
particles can be made from specific polymeric 
materials such as polystyrene or latex, whereas SiOz 
is the best-known inorganic system. These particles 
are not perfectly uniform but the typical deviations 
from the mean size of a few percent are acceptable 
for most applications. Given the attractiveness of 
photonic crystals for a wide array of applications 
in optics, research in this field is burgeoning and 
more breakthroughs are bound to come. Already 
first-generation photonic bandgap devices, such as 
fiber gratings or photonic crystal optical fiber, are 
commercially available. 


Colloidal Lattices as Photonic 
Crystals 


Due to the limited range of composition of the 
particles available, the particle-to-air refractive index 
contrast provided by straightforward colloidal lat- 
tices is small. This results in low diffraction efficien- 
cies and hence colloidal lattices do not have photonic 
bandgap in all directions. However, these structures 
can then be used as templates for various additional 
modifications, as seen later. 

On the other hand, a simple colloidal lattice can be 
more easily modeled. An analytical solution can be 
achieved for this system using dynamical diffraction 
theory for a low diffraction efficiency approximation. 
For a close-packed stacking of spheres in a fcc array, 
there exists a minimum in the transmission band at 
a wavelength A. which is given by the Bragg-Snell 


equation: 
AC = 2a alte — sin?6 [3] 


where d, is the d-spacing between the planes in the 
(111) direction, ef, is the effective refractive index of 
the assembly and @ is the angle between the incident 
beam and normal to the (111) plane. This minimum 
in the transmission is referred to as the primary 
stop-band. 

Photonic crystals are characterized using a 
Michelson or Mach Zehnder interferometer to obtain 
the phase and amplitude of the transmission (or 
reflection) as a function of the wavelength of light 
(Figures 5 and 6). Ideally, the whole band structure 
can be calculated from these data. In addition to A,, 
the close-packed structures also exhibit a transmission 
threshold at a wavelength A,, as seen in Figure 5. Both 
A, and A, depend on the particle diameter and increase 
with particle size. In a close-packed structure, 
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Figure 5 The typical profiles observed from transmission 
measurements on a photonic crystal. The stopband wavelength 
(A,) increases with ad), where (ad); >(db)2 >(dp)3. The polariz- 
ation of light is fixed at s or p polarized. 


Reflectance 








Figure 6 The typical profiles of the reflectance peaks 
corresponding to the transmission plot seen in Figure 5. 


Transmittance 














Figure 7 The transmittance profiles as a function of the angle of 
incidence of light of a fixed polarization. Typical values of @ would 
be 6, = 0, 6. = 10°, 63 = 30°, 44 = 50°, 65 = 60°. 








the lattice d-spacing d, is related to the particle 
diameter d, as d, = d,V2/3. So when the incident 
light is orthogonal to the structure, eqn [3] can be 
simplified to: 


Ae = 2V2/3(dpnett) [4] 


Thus, 7.4, can be obtained from the slope of a plot of 
the stop-band wavelength A, as a function of the 
particle diameter d,. The angular dependence of 
the reflectance spectra is illustrated in Figure 7. These 
results depend upon the polarization state of the 
incident light and hence need to be obtained 


separately for s and p polarized light. 


More Complex Colloidal Lattices 


While the use of SiO. and polymer microspheres is 
ubiquitous, they are optically passive materials. New 
methods are being developed for making uniform 
spherical particles from other more optically active 
systems. The zinc oxide (ZnO) system is one such 
example. The higher refractive index (~2.2) and the 
light emission ability of this system make it particu- 
larly interesting. Monosized particles in the size range 
of 100 to 600 nm can be made using a two-stage 
reaction method, which allows extra control over the 
particle formation. Other optically active systems 
include rare-earth doped SiOz, dye doped PMMA 
spheres, or composite spheres comprised of core- 
shell configuration with SiO, or zinc sulfide (ZnS) 
cores and gold (Au) or SiO, shells, respectively. 

Whereas the above discussion focuses on mono- 
sized particles, binary crystals can be made using 
spheres of two different sizes. The strategy here is to 
vary the particle size during the deposition of every 
alternate layer. For instance, a first layer of closely 
packed spheres is followed by the deposition of layers 
of smaller particles. The resultant crystal structure 
depends primarily on the concentration of the smaller 
particles in the dispersion. As seen in Figure 8, the 
second layer can vary from having three to six 
particles around every underlying larger particle. 
Thus the large-small (LS) stoichiometry of these 
binary crystals can be varied from LS to LS3 to LS3 
by increasing the concentration of the smaller 
particles in the suspension phase. Such crystals open 
up interesting new avenues for complex photonic 
crystals. 


Colloidal Lattices as Templates 


By using the colloidal lattice as porous host for a 
second material, a greater range of photonic crystals 
can be synthesized. Here, the role of the colloidal array 
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Figure 8 Binary crystals formed using spheres of two different sizes. The large-small (LS) ratio in (a) is 1:1 whereas in (b) it is 1:2. 





Figure 9 Schematic representation of the templating process 
using infiltration (a). Upon removal of the particles, a macroporous 
photonic crystal is formed (b). This is the inverted opal 
configuration. 


is simply as a scaffolding structure. The second 
material to be infiltrated may be either a liquid (in 
the form ofa dispersion, a solution, ora molten liquid) 
or a vapor. Both eventually deposit a solid material 
inside the template. Subsequent selective removal of 
the template yields a 3D photonic crystal in the form of 
an inverted opal (Figure 9). This is one of the best and 
most versatile means of achieving high index contrast, 
which is required for true photonic bandgap behavior. 

It must be noted that to use self-assembled particle 
arrays as a template, the whole structure has to be 
often heat treated to confer greater mechanical 
strength. As assembled, the particles are normally 
attached by short-range Van der Waals forces and 
hydrogen bonding, which in the case of SiO; is silanol 
(Si-OH) mediated. Both of these are relatively weak 
bonds. By heating the assembly, a greater number of 
siloxane (Si-O) bonds can be formed which addition- 
ally strengthens and stabilizes the particulate 


network. This is important to retain the periodic 
structure of the assembly during the exposure to high 
stresses during the infiltration step, for instance. At 
temperatures around 750°C, there is significant 
generation of siloxane bonds but minimal sintering 
so that the lattice does not change dimensions and 
retains its original open porosity. With latex particles, 
the annealing is done just above the glass transition 
temperature T, of the polymer for no more than a 
critical period of time. Longer treatments can destroy 
the ordering of the spheres. 

A template thus strengthened by heat treatment is 
now ready for infiltration. For example, a template 
comprised of polystyrene spheres can be infiltrated 
with a hydrolyzed sol of titanium alkoxide to 
ultimately form titania in the interstitial regions. 
Upon standing, the alkoxide sol gels in the interstitial 
regions leading to a polymeric network called a 
xerogel. This entire composite can then be further 
heated to high temperatures (> 300°C). All organics 
are removed by decomposition and combustion so as 
to leave behind a titania matrix with periodic voids 
(in place of the polystyrene spheres). The templating 
spheres may also be dissolved, rather than com- 
busted, in solvents such as toluene. The refractive 
index of titania depends on the crystalline phase that 
results after heat treatment — anatase is ~ 2.5 while 
rutile is ~ 2.9. High indices can also be achieved with 
semiconducting materials such as selenium (Se) with 
an index of ~ 2.5 or cadmium selenide (CdSe), ~ 2.9. 
These chalcogen-derived materials have low absorp- 
tion in the visible and near infrared, so they are 
suitable candidates. 

When SiO, particles are used for templating, they 
are eventually removed by etching, typically with 
dilute, buffered hydrofluoric acid at low tempera- 
tures. Given the thermal and chemical stability of the 
SiO» particles, molten Se (or other low melting 
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metals) can be used to rapidly fill the interstitial space. 
Vapor phase deposition has also been used to fill the 
porous templates. Examples include the backfilling 
with silicon (Si) using chemical vapor deposition 
(CVD), or indium phosphide (InP) using metal- 
organic chemical vapor deposition (MOCVD). 

A variety of structured, macroporous carbon 
matrices has been made with remarkable optical 
properties. The templates are artificial opals 
assembled using SiO, microspheres, which are filled 
with carbon by either: (a) infiltrating with phenolic 
resin followed by anaerobic pyrolysis of the resin to 
glassy carbon; (b) CVD of graphitic carbon; and 
(c) growing diamond-seeded CVD graphite from a 
plasma. The resultant carbonaceous ‘inverse opals’ 
are highly conductive, show intense opalescence due 
to the ordered arrays of holes, and have a photonic 
bandgap in the infrared region. 


Electrochemical Deposition 


One particularly effective backfilling technique is 
electrodeposition, which has been successfully used to 
deposit most of the different classes of materials — 
semiconductors, metals, and polymers. Here, a 
conducting substrate serves as the appropriate elec- 
trode where deposition occurs. By placing a colloidal 
lattice template on this electrode, the electrochemical 
deposit is used to fill the interstitial voids in the 
template (Figure 10). This method has been 
successfully applied for a host of different metals 
such as gold (Au), nickel (Ni), platinum (Pt), and 
alloys such as tin—cobalt (Sn—Co). Likewise, con- 
ducting polymers can be efficiently deposited by 
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Figure 10 An electrochemical cell for deposition of CdSe from 
an electrolytic solution on a conducting electrode. The solution 
contains sulfuric acid (H2SO,), CdSO,, and SeOz. A potentiostat 
is used to generate the electric fields. 


this method. Although these polymers suffer from 
inherently low indices, they have favorable electro- 
optic properties that can be tuned by controlling the 
composition. In the case of II-VI semiconductors, 
galvanostatic or potentiostatic deposition can be 
used: for instance, interstitial CdSe has been depos- 
ited (Figure 10) using an acidic solution of electrolytes 
such as cadmium sulfate (CdSO4) and selenium 
dioxide (SeO2). 

Electrochemically deposited structures have mini- 
mal porosity leading to densities close to bulk density. 
Hence, they have a higher refractive index and are 
generally more robust than those made by simple 
infiltration. Also, they exhibit little change in dimen- 
sions and a lower tendency toward cracking during 
the various physicochemical processes such as drying 
and sintering that occur en route to forming the 
photonic crystal. Hence, it is a preferred technique in 
many cases. 


Functionalization 


The self-assembly process, whether used directly or as 
a template to synthesize a photonic crystal, is 
dominated by surface interactions between particles 
starting from the organization process through to the 
thermal stabilization step. These interactions can be 
tailored by specially treating the surface of the 
particles with functional groups. Functionalized 
colloidal templates can enhance the infiltration of 
the high index material and its properties such as 
smoothness, density, or optical nonlinearity. Latex 
spheres can be surface functionalized with sulfate and 
carboxylic acid groups to increase their surface 
charging capability, which can lead to more robust 
self-organization. These spheres can also be coated 
with a layer of SiOH, which gives them a SiO,-like 
appearance on the surface and allows them to be used 
in conjunction with SiO» microspheres. The infiltra- 
tion of metal (such as Au) nanoparticles into a 
template crystal of SiO. microspheres can be signifi- 
cantly enhanced by functionalizing the SiO, surface. 
This can be achieved using long-chain organic 
molecules with polar groups on one end that bond 
with silanols on the SiO> surface and thiol groups on 
the other that strongly latch onto the gold nanopar- 
ticles. Simulations of light interaction with ordered 
three-dimensional arrays of these metallodielectric 
spheres, show that they are promising starting 
points for the construction of full photonic bandgap 
materials in the visible part of the optical spectrum. 
Also, in these systems, the plasmon resonance of the 
Au shell particles can be controlled over the visible 
and infrared region by varying the thickness of the 
Au shell. 
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The site-selective attachment ability of biological 
moieties can also be used effectively here by attaching 
them onto particle surfaces. DNA oligomers are well 
known to form conjugate specific bonds — adenine to 
thymine and guanine to cytosine. Thus particles 
functionalized with these oligomers can be made to 
organize in specific sequences that are differentiated, 
depending on the surface group. These particles can 
have variable sizes or compositions but their surface 
properties are controlled largely by the attached 
biomolecules. Likewise, the antigen-antibody 
attachment ability can be exploited to improve 
surface bonding. 


Positioning Defects in Photonic 
Crystals 


Much of the work on photonic crystals involves the 
making of a long-range periodic microstructure with 
high dielectric contrast because the underlying 
materials engineering aspects are very challenging. 
However, the usefulness of photonic crystals depends 
on the successful placement of defects in precise 
locations within the crystal. The placement of a point 
defect leads to a photonic microcavity and that of a 
line defect, a waveguide for propagation of a light- 
wave (Figure 11). However, there are certain unique 
advantages to this style of propagation, such as the 
possibility of bending light around sharp corners. 
Line defects in the form of air cores have been 
introduced in a photonic crystal using a combination 
of lithography and self assembly. First, ridges are 
defined in a photoresist on top of the substrate by 
optical lithography (Figure 12). Upon forming a 
colloidal lattice on top, the ridges are converted to 
linear voids by removing the photoresist using 
combustion or etching. Another technique is to 
infiltrate a photopolymerizable monomer into a 
colloidal crystal and preferentially polymerize the 
liquid by focusing a light beam inside the crystal. 
Thus the locus of the focused beam defines the 
waveguiding region that is formed upon removal of 
the unpolymerized liquid. 
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Figure 11. Two common defects in colloidal lattices. 











Air-core 


Figure 12 Formation of intentional defect using a lithographic 
process to define an air-core. This structure can also be used as a 
template for backfilling a high dielectric material. 


Tunable Photonic Crystals 


The holy grail in many photonic devices is tunability, 
and photonic crystals are no exception. Given the 
wide spectral range that constitutes the domain of 
light, the ability of devices to switch or translate their 
performance to another wavelength through an 
external stimulus is indeed very attractive. The two 
parameters that can be externally tuned are the 
dielectric contrast, which would result in a change in 
the neg of the crystal and the periodicity of the 
grating. One technique to tune the former is to form 
an interference pattern that organizes liquid crystals 
dispersed in a polymer matrix into droplets to form 
the photonic crystal. Applying an electric field that 
changes the refractive index of the droplets can 
therefore alter the transmission spectrum of the 
photonic crystal. 

To control the lattice parameter, the size of or the 
spacing between the spheres need to be varied. This 
concept has also been demonstrated using self- 
assembled hydrogel-based nanoparticles, which are 
made of a thermo-responsive material such as poly- 
N-isopropylacrylamide. These particles are soft and 
conformable and their sizes can be tuned depending 
on the water content of the system. This ordered 
matrix is in the form of a gel that can be made to swell 
and compress upon changing the temperature as 
water is exchanged between the gel and the ambient. 
Wavelength tunability of one nanometer has been 
achieved this way. Tunability has also been sought 
using methods such as straining the lattice. Calcu- 
lations show that a 2 or 3% shear strain ought to 
create a 52-73% distortion of the bandgap. In one 
novel approach, SiO» or polystyrene microspheres 
were strongly surface charged and ordered with a 
less than dense packing within a poly-acrylamide 
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Figure 13 Tunable photonic crystal. Spherical particles are 
assembled in a compressible media like a hydrogel, which 
deforms upon applying a stress. The deformation can be used to 
tune the lattice parameter and hence the optical properties of the 
photonic crystal. 


hydrogel housing (Figure 13). Due to the strong 
charging the arrangement tends to be body centered 
cubic (bec) with the lattice spacing that depends on 
the concentration of the particles. When the hydrogel 
is deformed by applying mechanical stress, the 
diffraction peaks were shown to be tunable over 
almost the whole visible light wavelength spectrum. 

Photonic crystals made from self-organized hydro- 
gels have been used as sensors. Here, they are 
functionalized with chemical recognition agents that 
cause the gels to swell upon binding to the analyte. 
The resultant change in the lattice parameters causes 
a measurable change in the color. Specific examples 
include the detection of the toxic organophosphate, 
parathion, using acetylcholinesterase or of glucose 
using boronic acid and polyethylene glycol. Utilizing 
the same principle, even metal ions such as copper can 
be detected using a hydroxyquinoline-based hydro- 
gel. These serve as a good illustration of the multi- 
faceted potential of photonic crystals. 


Summary 


Photonic crystals have aroused tremendous interest 
with their promise to lift the field of photonics to a 
new level of capability. These crystals are concep- 
tually analogous to electronic semiconductors in their 
function and hence are called photonic bandgap 
materials. The big challenge lies in synthesizing them 
artificially without defects. One of the few methods to 
synthesize these crystals is by self assembly of micron- 
sized building units. Self assembly leads to formation 
of a uniform array of monodispersed particles, 
typically silica or latex. This process can be further 
embellished by permeating a second, high-index 
material using the particulate assembly as a template. 
Useful applications of photonic crystal require them 
to have specifically positioned defects and 
tunability. These aspects, which currently constitute 


the state-of-the-art research in this field, promise to 
deliver unique devices and applications. 


List of Units and Nomenclature 


a Acceleration (typically due to gravitational 
or applied centrifugal force) 

ds Diameter of the particle 

d, d-spacing or distance between lattice planes 

E Electric field 

k, Propagation constant for travel in z direction 

n Refractive index of the medium 

in Modal effective refractive index 

Neff Effective refractive index of the colloidal 
assembly 

Vv Settling velocity 

Ap Density difference between the particle and 
the fluid in which it is suspended 

0 Angle between the incident beam and normal 
to the lattice plane in question 

A Wavelength of the lightwave 

Ag Stopband wavelength 

At Threshold wavelength for the photonic 
crystal 

pb Viscosity of the suspending fluid 

® Electric field distribution 

See also 


Photonic Crystals: Atomic Physics; Electromagnetic 
Theory; Photonic Crystal Lasers, Cavities and Waveguide. 
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Introduction 


The topic of this article is a survey on the main 
applications of free-electron lasers (FELs) in physical 
sciences. The merits of FELs are discussed with 
respect to other available laser sources. For the 
wavelength ranges, where FELs contributed signifi- 
cantly to advances in physical sciences, specific 
examples of the research with FELs are given. 

The basic physics of FELs, their historic develop- 
ment, and the state of the art of these laser sources are 
described in detail in this Encyclopedia (see Lasers: 
Free Electron Lasers). The present article covers the 
applications of FELs in physical sciences, but 
excludes all phenomena involved in the physics of 
FELs themselves. From the application point of view, 
one should regard an FEL as any other laser, as a 
source of coherent electromagnetic radiation with 
high power, narrow bandwidth, and a diffraction 
limited beam. Thus, the radiation produced by an 
FEL significantly differs from that generated by 
synchrotrons (see Incoherent Sources: Synchrotrons). 


The specifications of the FEL, such as wavelength, 
temporal structure of the output intensity, and peak 
power, determine the possible applications of the 
laser. One might now ask, why it is worthwhile to 
write — and read — an article on its own devoted to 
the applications of FELs. The answer to this question 
is the uniqueness of the radiation produced by 
FELs, which enables certain classes of experiments 
and applications in specific wavelength ranges not 
covered by other laser sources, such as gas, solid state, 
or semiconductor lasers. 

Since the construction and operation costs of an 
FEL facility are usually orders of magnitude higher 
than those for the equipment of a conventional laser 
spectroscopy laboratory, FEL facilities have been 
built, and are planned for the future, in different 
places all over the world as dedicated-user facilities. 
These user facilities allow researchers from univer- 
sities and industry to exploit the unique properties 
of FEL radiation for their research and provide the 
basic infrastructure and support for setting up the 
experiments. Usually potential users apply using a 
standard procedure for beam time at an FEL by 
submitting a short proposal to the facility. The 
proposals are judged by a panel which distributes 
the available beam time to the different users. So 
researchers active in the field of optics should keep 
in mind that these facilities exist and are available to 
anyone who has specific needs which can be fulfilled 
by an FEL facility. A list of all major FEL facilities is 
given in Table 1. 
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Table 1 


FEL user facilities. Facilities marked with an asterisk 


are under construction at the time of publication 


Facility name 


Wavelength ranges 





iFEL (Osaka, Japan) 


230 nm—1.2 wm 
1-6 pm, 5-22 wm 


20-60 ym, 50-100 pm 


Duke University Free Electron 193-400 nm 
Laser Laboratory (US) 2-9 pm 

Vanderbilt University Free Electron 2.1-9.8 wm 
Laser Center (US) 

FELIX—FOM (Rijnhuizen, 4.5-250 pm 
Netherlands) 

Stanford Picosecond FEL Center 3-15 wm 
(US) 15-65 pm 

CLIO-—LURE (Orsay, France) 3-90 pm 

Jefferson Lab (US) 3-6.2 pm 

FEL—SUT-—Science University of 5-16 pm 
Tokyo (Japan) 

UCSB Center for Terahertz 63-338 pm 
Science and Technology (US) 338 pm—2.5 mm 

ENEA Compact FEL (Frascati, Italy) 2-3.5 mm 

FELBE (Dresden, Germany)” 5-150 pm 

SCSS SPring-8 Compact SASE X-ray 
Source (Japan)* 

Institute for Plasma Research sub-mm 


(India)* 

BESSY FEL (Germany)* 

Brookhaven—NSLS SDL 
DUV-FEL (US)* 

University of Maryland—MIRFEL 
(US)" 

University of Hawaii (US)* 


deep UV-X-ray 
deep UV 


far-infrared 


UV -far-infrared 


SLAC SSRL X-ray FEL—LCLS (US)* — X-ray 
TESLA X-ray FEL, DESY (Germany)” X-ray 
Daresbury 4GLS (UK)* IR, X-ray 
MIT Bates Lab X-ray FEL (US)* X-ray 
INFN SPARX X-FEL (ltaly)* X-ray 


Tel Aviv University (Israel)* 


far-infrared 


Center for Advanced Technology far-infrared 


(India)* 


The basic principles of an FEL are briefly summar- 
ized here, while for an in-depth description the reader 
is referred to the article on free electron lasers 
(see Lasers: Free Electron Lasers). As with any other 
laser, the FEL consists of a laser cavity and a gain 
medium. The gain media are free electrons, which 
travel with a velocity close to the speed of light in 
vacuum through a periodic array of magnets called an 
undulator or wiggler. The magnets are arranged in a 
way that the electrons feel an alternating magnetic 
field. Due to the Lorentz force, the electrons perform 
an undulating or wiggling motion perpendicular to 
the magnetic field, which gives rise to spontaneous 
electromagnetic radiation into the forward direction. 
The radiation, emitted in due course of the passage of 
the electrons through the undulator, superposes 
constructively. The FEL may operate in such a way 
that the gain from one passage of an electron bunch 
is high enough to produce a coherent light pulse. 


This regime is known as self-amplified spontaneous 
emission (SASE) regime which is especially desirable 
for short wavelength operation in the UV and X-ray 
region, where the manufacturing of adequate 
resonator optics is difficult. At longer wavelengths, 
a laser cavity provides the feedback for the build-up 
of the coherent light field. The laser starts lasing when 
the amplification exceeds the losses of the cavity, 
including the light intensity coupled out of the cavity. 

One of the distinct properties of FELs, in comp- 
arison to other laser sources, is their continuous 
tunability. The emission wavelength of an FEL is 
given by the following relation (see Lasers: Free 
Electron Lasers): 


d RK 
= (+5) 


with d the period of the magnet array, the y- 
parameter is the relativistic factor related to the 
electron velocity u via y= 1/1 — u*/c*)"", and the 
K-parameter is given by d, and the magnetic field B as 
K = 0.934 x B[T] X d[cm]. From eqn [1] it becomes 
obvious that the emission wavelength of the FEL can 
be continuously tuned via the electron energy and the 
magnetic field. This is in distinct contrast to other 
laser sources, where the emission wavelength is fixed 
by the energy separation of electronic levels in atoms 
or by the bandgap energy of semiconductors. 

The main advantage of FELs concerns the high 
power, both average and peak, which can be obtained. 
In addition, an FEL provides short optical pulses due 
to the fact that the electron beam passing through 
the undulator consists of short electron bunches. The 
temporal width of these electron bunches can be 
below one picosecond (10° '* s), so that optical pulses 
in the sub-picosecond to picosecond range are 
obtained. These pulses are extremely adjuvant for 
performing nonlinear optical experiments (see Spec- 
troscopy: Nonlinear Laser Spectroscopy) and pump- 
probe experiments with high temporal resolution 
(see Chemical Applications of Lasers: Pump and 
Probe Studies of Femtosecond Kinetics). Typically the 
optical pulses are Fourier transform limited, i.e., the 
product of the spectral bandwidth Av times the pulse 
duration Az equals a constant, which depends on the 
specific shape of the pulse. For a pulse of Gaussian 
shape in frequency and time, this so called time- 
bandwidth product is given as Av At = 0.441. From 
this equation the minimum spectral width (temporal 
duration) can be calculated for a given temporal 
duration (spectral width) of the laser pulse. When the 
electron beam driving the FEL is produced by a 
superconducting radio frequency linear electron 
accelerator, the repetition rate of the pulses is in the 
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range of some tens of MHz. The energy per optical 
pulse is obtained by dividing the average power of the 
FEL through the repetition rate. The peak power 
within an optical pulse is obtained by dividing the 
energy per pulse through the pulse duration, which 
can be in the picosecond to sub-picosecond range. 
Typical values for FELs are energies per pulse in the pJ 
to mJ range, pulse lengths from some 100 femto- 
seconds to a few picoseconds, and accordingly peak 
powers in the range of kW to GW. Depending on the 
type of electron accelerator employed, the pulse 
structure of an FEL may have further peculiarities. 
Superconducting radio-frequency accelerators pro- 
vide a quasi continuous-wave (CW) train of electron 
pulses, thus enabling the FEL to emit a continuous 
optical pulse train. Electrostatic accelerators provide 
macropulses of electrons at some Hz repetition rates 
with a duration of several ws. These macropulses 
consist of micropulses with MHz repetition rates and 
picosecond or sub-picosecond duration. Hence the 
FEL output has the same temporal characteristics with 
the FEL turning on at the beginning of each 
macropulse. 

Another important development is the synchroni- 
zation of table-top short-pulse laser systems to FELs. 
This is accomplished by stabilizing the repetition rate 
of the table-top laser system via a movable intracavity 
mirror accurately to the repetition rate (or a higher 
harmonic of the FEL) of the FEL. Using a high- 
frequency electronic phase-locked loop, a timing 
jitter, down to 500 femtoseconds between the FEL 
pulses and those from a mode-locked titanium- 
sapphire laser, have been obtained. Nonlinear 
frequency conversion of the near-infrared pulses 
from the synchronized titanium-sapphire allows one 
to perform multi-color pump-probe measurements in 
a broad spectral range in combination with the FEL. 

In the following, FELs will be discussed with 
respect to the wavelength range which they cover. For 
each wavelength range alternative laser sources are 
given and compared to FELs. It should be noted that 
these alternative sources evolve very rapidly and thus 
pose challenges on the justification of FELs in certain 
wavelength and power ranges. For each wavelength 
region selected scientific achievements obtained from 
experiments performed with FELs are given. 


FELs in the Far Infrared Region 


The far infrared region is roughly defined as the 
wavelength (energy) range from 20 wm to 300 um 
(62 meV to 4meV). At the long wavelength end 
(wavelengths larger than 220 wm) radiation can be 
obtained from pure electronic devices, so-called 
backward wave oscillators (BWO). Furthermore, 


optically pumped gas lasers operate at certain discrete 
wavelengths in this range where there exists one 
fundamental problem for realizing a semiconductor 
laser based on transitions between the conduction 
and the valence bands. Auger recombination, where 
an electron and hole combine by transferring another 
electron high into the conduction band, becomes 
increasingly important for smaller bandgaps. Recent 
advancements in this field are based on quantum 
cascade lasers, which use inter-sub-band transitions 
of quantum structures for achieving lasing in the 
wavelength range from 105 wm to 3.4 pm. Another 
possibility to generate coherent radiation in this 
wavelength range is optical rectification or difference 
frequency mixing of femtosecond laser pulses at near- 
infrared wavelengths. However, none of these sources 
outperform FELs in terms of peak or average power, 
making FELs the most important tunable laser source 
in this wavelength range. 

In the far-infrared, several scientific opportunities 
exist. In condensed matter many important elemen- 
tary excitations exist in this frequency range, e.g., 
phonon-polaritons, plasmons, polarons, and mag- 
nons. The quantum confinement in semiconductor 
heterostructures leads to the formation of discrete 
electronic levels with energy separation typically in 
the far-infrared. The associated radiative transitions, 
so-called inter-sub-band transitions, can be arbitrarily 
tuned by varying the materials and the dimensions of 
the confining potential. In surface science, intramo- 
lecular vibration of molecules adsorbed to surfaces 
are of large interest. They can be studied by resonant 
nonlinear optical experiments such as sum-difference 
frequency generation or second harmonic generation, 
giving information about the energy transfer between 
the molecules and the surface. In biophysics, low- 
frequency modes of large bio-molecules lie in the 
far-infrared, whose dynamics can also be studied. 

Important scientific results have been obtained 
with FELs in the following fields, which exclude the 
important fields of molecular science, chemistry, 
biology, and medical research. 


Scanning Near-Field Optical Microscopy (SNOM) 


Increasing the spatial resolution is an important task 
in spectroscopy. Free-space focusing of a laser beam is 
diffraction-limited to a spot with the dimensions of 
the wavelength. Especially in the far-infrared region 
this would allow to resolve objects larger than 10 pm 
only. However, the imaging of elementary excitations 
in solid state or of collective excitation in biomole- 
cules on a sub-ym scale, would be highly desirable. 
SNOM allows to circumvent the diffraction limit. 
Several different SNOM techniques have been 
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introduced in recent years, most of them working 
with apertures smaller than the wavelength. Imaging 
is performed by scanning the aperture over the sample 
or vice versa. An evanescent electromagnetic field is 
present at the aperture which can couple to the 
specimen brought into the proximity of the aperture. 
Since the aperture is smaller than the wavelength, the 
light intensity drops by order of magnitudes. It is here 
that the high power available from FELs becomes 
advantageous. Usually, the end of a fiber is tapered 
and metalized, leaving a small aperture at the tip of 
the fiber. In the far-infrared region the problem exists 
in the absorption of the fiber material. Chalcogenide 
fibers are capable of transmitting in the 2-12 pm 
range, while hollow glass capillaries coated with 
metals inside work also at longer wavelengths. Recent 
approaches try to work without apertures, e.g., by 
coupling the light locally via a nanometer metal tip to 
the sample. Another interesting approach is to use the 
focus of visible laser light to create a small highly 
reflective spot on a material. By creating free-carriers 
with the visible laser light in the material, the 
reflectivity of the far-infrared light of the FEL can 
be strongly increased, thus a reflecting spot is created 
which is diffraction-limited by the wavelength of the 
visible light rather than that of the infrared 
light. The techniques described here are, of course, 
not limited to the far-infrared region but may 
also be applied successfully, for example, in the 
mid-infrared region. 


Rabi Oscillations 


Rabi oscillations are a fundamental phenomenon ina 
quantum mechanical two-level system driven by a 
light field. The light field promotes electrons from the 
lower to the upper state and back, depending on the 
duration and intensity of the light field, i.e., the popu- 
lation oscillates between the lower and upper state of 
the two-level system with the oscillation period 
depending on the intensity of the light field. This 
phenomenon has been studied extensively in atoms. In 
semiconductors, scattering processes strongly aggra- 
vate the observation of Rabi oscillations. By using the 
Santa Barbara FEL Rabi oscillations between the 
ground and excited state of a hydrogenic, impurities in 
GaAs could be observed. From the excited state of the 
impurity, electrons are transferred to the conduction 
band, thus changing the photoconductivity of the 
crystal, which is measured as a function of time delay. 
Overdamped oscillations with frequencies changing 
with the laser intensity could be clearly resolved. 


Optical Nonlinearities in Semiconductors 


An important concept of nonlinear optics is based on 
the nonlinear susceptibility y") of a material, where n 


denotes the order of the nonlinearity. The nonlinear 
susceptibility has tensorial character and determines, 
for example, the efficiency of second harmonic 
generation and difference frequency mixing (y'’), 
third harmonic generation, and the Kerr nonlinearity 
(v°)), etc. Hence the knowledge about the dispersion 
and the absolute value of y ‘"’s is both of fundamental 
and practical importance. Due to the lack of tunable 
laser sources, these values are not well known in the 
far-infrared. Especially close to fundamental lattice 
resonances in the far-infrared, a strong dispersion is 
theoretically expected. Here FELs play an important 
role in the determination of these values. For 
example, in GaAs, the dispersion of the y has 
been recently determined from second harmonic 
generation experiments below the fundamental opti- 
cal phonon resonance at 8 THz, i.e., wavelengths 
larger than 37 ym, where a resonance enhancement 
at half the phonon frequency could be observed. 


Relaxation Kinetics in Semiconductor Quantum 
Structures 


The investigations of inter-sub-band transitions in 
semiconductor heterostructures have opened the 
pathway for the realization of the quantum cascade 
laser. In these devices, the radiative and nonradiative 
transition rates between different electronic quantum 
levels are of prime importance for a working device. 
The relevant time-scales have been obtained from 
pump-probe experiments with FELs. In semiconduc- 
tor quantum dots, the strong coupling of phonons to 
inter-sublevel transitions could be observed and the 
polaron lifetime could be determined. 


Bloch Oscillations in Semiconductor Superlattices 


Bloch oscillations are an intriguing concept of solid 
state physics. When an electron experiences the force 
of an electric field in a periodic potential, the resulting 
dynamics is oscillatory in the absence of scattering 
events. However, since in real solid state the scatter- 
ing rates are much higher than the expected 
oscillation period, such oscillations cannot be 
observed and the application of an electric field 
leads to a net electric current. However, in artificial 
semiconductor superlattices, the Bloch oscillation 
period can be tailored to be smaller than the 
scattering rate, leading to the observation of Bloch 
oscillations and the associated THz emission. The 
inverse effect of a Bloch oscillator, i.e., the generation 
of a photocurrent by tuning an FEL to the Bloch 
oscillation frequency, could be observed. 


Cluster Physics 


FELs can be an important tool for studying the 
dynamics of clusters and molecules in the gas phase by 
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infrared resonance enhanced multiphoton ionization 
(IR-REMPI). In IR-REMPI, the species of interest are 
irradiated by pulsed, tunable IR radiation from a free 
electron laser. When the radiation is resonant with a 
vibrational mode of the molecule or cluster, the 
absorption of many — up to several hundred - 
photons can take place. When the internal energy is 
high enough, the thermal emission of an electron can 
take place. The resulting ions can be detected mass 
selectively in a time-of-flight mass spectrometer. 
Monitoring the mass specific ion yield as a function 
of IR wavelength then yields the IR spectrum of that 
species. This technique has given important infor- 
mation on the IR absorption spectra of interstellar 
dust. 


FELs in the Mid-Infrared Region 


This wavelength (energy) range extends from 20 um 
to 2 wm (62 meV to 0.62 eV). Alternative sources in 
this wavelength range are nonlinear optical 
parametric generators and amplifiers (OPGs/OPAs) 
which compete against FELs in terms of peak 
power. However, there still exists a large number of 
interesting phenomena where FELs are better suited, 
e.g., due to their higher repetition rate in the MHz 
range as opposed to the kHz repetition rate of 
OPGs/OPAs and their higher average power exceed- 
ing several W up to kW as compared to mW for 
OPGs/OPAs. These high-power levels find appli- 
cations in material processing and recently in 
surgery. Since these applications cover such a wide 
variety of different materials, we refer the reader to 
publications from users of the Jefferson Laboratories 
FEL and the Vanderbilt University FEL (see Table 1). 
The advantage of FELs in this context is that their 
wavelength can be tuned exactly to a resonance of 
the material under preparation. The following 
significant spectroscopic application was performed 
with FELs. 


Vibrational Relaxation of Defects in 
Semiconductors 


The heat dissipation in submicron electronic devices 
is of prime importance for the failure behavior of such 
devices. As the device size shrinks to the nanometer 
scale, atomic defects play an important role. In 
silicon, hydrogen passivation of defects is a standard 
process step in the production of metal-oxide- 
semiconductor electronic devices. Hence detailed 
knowledge about the stability and heat dissipation 
of hydrogen defects is very important. By employing 
nonlinear optical methods such as four-wave mixing 
or a transient bleaching technique, the vibrational 
lifetime of hydrogen vibrational modes in silicon 


(around a wavelength of 5 um to 6 wm) could be 
determined and important information on the depen- 
dence of the local atomic arrangement and the 
vibrational lifetime could be obtained. 


FELs in the Near-Infrared to the UV 
Region 


The wavelength (energy) range from 2 pm to 200 nm 
(0.62 eV to 6.2 eV) is the realm of solid state lasers. 
Especially diode pumped solid state lasers have made 
tremendous improvements in terms of power and 
stability in the past years. Nonlinear frequency 
conversion of ultrashort optical pulses generated 
from titanium-sapphire lasers and amplifiers cover 
almost all of this wavelength range. Hence there is no 
specific need for operating FELs in this wavelength 
range for applications in physical sciences. 


FELs in the Extended UV to X-ray 
Region 


In the wavelength (energy) range shorter than 200 nm 
(larger than 6.2 eV) the availability of laser sources is 
very scarce. In this wavelength range, solid state 
lasers have the problem of the reabsorption of the 
laser light by the crystals’ hosts. Also nonlinear 
frequency conversion processes are hampered by the 
absorption of the nonlinear crystals in this wave- 
length range. The generation of ultrashort pulses at 
the wavelength of the Cu K, line has been obtained 
on the basis of amplified femtosecond titanium- 
sapphire pulses, thus enabling the study of the lattice 
vibrations in the time domain via a modulation of the 
X-ray diffraction. Since these sources are limited in 
their wavelength and output power, the development 
and operation of FELs in this wavelength range is 
truly important. 

Only recently the first experimental verification of 
the feasibility of a SASE FEL at short wavelengths 
was obtained at the DESY facility. The lasing 
wavelength was 110nm. Since several of these 
sources are presently under construction worldwide, 
there are as yet no experimental results published. 
However, the future development of short-wave- 
length FELs will enable new types of time-resolved 
experiments in atoms, solid state physics, chemistry, 
and biology. One prominent example is protein 
crystallography with X-ray pulses. The high intensity 
of FELs in this wavelength range should allow one to 
obtain a diffraction pattern of a single protein or 
other important bio-molecules in a single shot on a 
subpicosecond time-scale, i.e., before the protein is 
fragmented. The short-pulse duration opens the 
pathway to study the dynamical behavior of such 
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structures in pump-probe experiments with solid- 
state lasers synchronized to the FEL. In solid state 
physics, such experiments could yield important 
insights into the dynamics of phase transitions. 


Other Developments 


Beyond the use of an FEL as a light source in the 
above described wavelength ranges, there exists the 
possibility of using FEL facilities in a broader way. 
One example is the development of a high-intensity 
y-ray source which can be accomplished by Compton 
backscattering of FEL photons from the relativistic 
electrons driving the FEL. This work has been 
performed at a storage ring FEL (OK-4/Duke 
University), where 12.2 MeV y rays were obtained 
by backscattering 379.4nm free-electron laser 
photons from 500 MeV electrons circulating in the 
storage ring. The advantage of these y rays is that they 
are highly monochromatic and linearly polarized, 
thus making them an ideal source for nuclear 
spectroscopy and investigations in cancer therapy. 


See also 


Incoherent Sources: Synchrotrons. Lasers: Free 
Electron Lasers. Spectroscopy: Nonlinear Laser Spec- 
troscopy. 
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enabling advances in laser technology. Core laser 
technology advances are based on robustness, per- 
formance, and cost. A combination of gas and solid- 
state lasers currently see application across the 
spectrum, from the extreme ultraviolet (EUV) to the 
infrared (IR). Industrial applications continue to 
emerge across the spectrum and are being extended 
to the extreme ends of the spectrum at terahertz 
(THz) and X-ray frequencies (see Figure 1). 
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Where a step in level of performance is offered by a 
laser based tool, that is robust enough and cost- 
effective for industrial application, it can be antici- 
pated that new applications and markets will emerge. 
For this reason, many established laser manufacturers 
and new entries in the 1980s and 1990s were driven 
in part by the exploitation of laser technology 
advances, as opposed to market application demand. 
As markets mature for lasers applied to materials 
processing and diagnostics, so the driver across 
industry is beginning to shift from being predomi- 
nantly set by the capability of emerging laser 
technology, to a combination of laser technology 
drive and application demand. 

Figure 2 shows the current and emerging picture of 
laser technologies across a core range of wavelengths 
and pulse durations. Current technologies are shown 
along with emerging technologies expected to see 
industrial application in this decade, opening up new 
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Figure 1 


Industrial laser applications across the spectrum. 
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applications and markets. Currently established 
technologies include: CO, gas lasers at 10 wm; 
excimer and K¢F gas lasers emitting in the ultraviolet 
at 248 and 193 nm, respectively; direct diode lasers 
emitting in the near infrared and visible; and solid 
state lasers emitting in the near infrared and visible. 
Current technology developments are centered on 
extending the range of performance of both gas and 
solid-state lasers: gas lasers are being extended to the 
ultraviolet with gases such as F,; diode lasers are 
being extended to the ultraviolet with materials such 
as nitride-based semiconductors and to the infrared 
with the incorporation of quantum cascade technol- 
ogy; and solid-state diode pumped lasers are being 
extended to the infrared and ultraviolet via nonlinear 
conversion. In essence, achievable laser parameter 
space is seeing continued expansion, not only in terms 
of pulse duration and wavelength, but also in terms of 
average power, pulse energy, beam quality, robust- 
ness, and cost. Laser technology has now arrived as a 
major driver for industrial and social change through 
this decade and into the next. 

Infrared wavelengths directly stimulate nuclear 
motion, coupling to heat without necessary recourse 
to electronic excitation. Visible wavelengths couple to 
electronic transitions and at high laser intensities can 
ionize via multiphoton absorption. Ultraviolet wave- 
lengths couple to electronic transitions and for 
wavelengths in the region of or below 200 nm, 
ultraviolet radiation can directly result in bond 
breaking. For materials processing applications, 
ultraviolet radiation can have advantages in reducing 
the laser threshold required for ablation, translating 
to reduced thermal load imparted to the material. 
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Figure 2 Current and emerging laser technologies across the spectrum as a function of laser pulse duration. Currently established 
technologies (light gray) are shown with technologies expected to emerge during this decade (dark gray). 


PHYSICAL APPLICATIONS OF LASERS / Industrial Applications 171 





Nuclear motions in materials cover a range of 
timescales of dynamics from 100 ps (0.3 cm ') to 
10 fs (3000cm~'). As the laser pulse duration is 
reduced below 1 us, the effects of thermal diffusion are 
mitigated in solids and as the pulse duration is further 
reduced below 100 ps, the interaction between radi- 
ation and matter is seen to adopt impulsive behavior. 
Reduction in pulse duration below the microsecond 
regime can lead to increased efficiency for material 
ablation combined with improved quality. 


Materials Processing - Photochemical 


Lithography in Semiconductor Manufacture 


Laser technology’s role in semiconductor and micro- 
electronics fabrication is growing as manufacturers 
move towards producing smaller, more powerful 
devices. The overriding commercial driver for a 
generation has been to increase the number of 
integrated components per area of silicon. This has 
been achieved by reducing the feature size of a 
transistor on silicon and this trend is anticipated to 
remain in place through to 2010. 

Features on silicon are chemically etched following 
lithographic exposure. To meet the increasing 
demand in resolution and throughput, lasers have 
been applied with a trend in development towards 
shorter (ultraviolet) wavelengths, with increasing 
power and reliability. 

The semiconductor industry is currently in 
transition from 248nm (XeCl gas) to 193nm 
(ArF gas) ultraviolet (UV) pulsed laser technology 
to expose silicon wafers of diameter 30cm. A 
typical laser power available at this time at 
193 nm, is 40 W at a repetition rate of 4 kHz. To 
continue the reduction of feature sizes by a factor 
of two every four to five years, the industry is 
considering moving to 157 nm (F> gas) pulsed laser 
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technology. As wavelengths reach the deep ultra- 
violet (DUV), transmission through gas is signifi- 
cantly reduced, requiring a move to vacuum-based 
systems. Associated technologies relating to trans- 
lation (stepper), mask, and image relay optics also 
require significant advancement. A technology also 
being considered at this time is to image the mask 
to silicon through a medium with refractive index 
greater than unity, thereby reducing the minimum 
feature size afforded by diffraction theory, whilst 
maintaining the same laser wavelength and numeri- 
cal aperture. 

It is estimated that at a feature size of approxi- 
mately 80 nm, the above technologies will be reach- 
ing their resolution limit. This will necessitate a 
switch to electron beam projection lithography or 
extreme ultraviolet (EUV, 13 nm) technology. Elec- 
tron beam projection carries a disadvantage in terms 
of projected rates of wafer throughput and as such, 
emphasis has been placed by the industry on the 
current development of EUV technology. EUV 
radiation can be produced by laser interaction with 
a gaseous volume. 


Computer to Plate Printing 


A common advantage where lasers are replacing 
current technologies is to reduce the number of 
associated processes and thereby reduce the cost of 
process ownership. Computer to plate (CTP) printing 
involves the laser exposure of a printing plate without 
the use of a film intermediate. This technology is 
finding fast traction within the printing industry and 
is applicable to drum or flat bed platforms. CTP first 
gained serious attention in the 1990s and has since 
substantially advanced, with a wide range of tech- 
nology suppliers (Figure 3). 

Traditional methods have involved offset printing 
plates, imaged used traditional film, and high-power 
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Figure 3 Moore's Law: continuing growth in computing power, showing a doubling in the number of transistors per unit area of silicon 
every 2 to 2.5 years. Also shown are 110 nm dense lines on silicon (state of the art in 2002). Source: International Sematech. 
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UV lamps. In contrast, CTP exposes the plate directly 
with laser radiation. The major saving reported by 
users of CTP is a faster turnaround time. For color 
printers, CTP gives almost instant color register on 
the press and there is a reduced requirement to stop 
the press to delete dust marks and scratches, as 
was the case with film. As the industry sees transition 
to reduced press run lengths, so the importance of 
CTP is increasing. 

Digital plates generally use a high-quality, grained, 
and anodized aluminum substrate, as for analog 
plates (see Figure 4). High tolerance electrochemical 
graining and anodizing ensure stable ink/water 
balance and good-quality printed results and trans- 
lates to predictable press behavior. Multiple coatings 
are applied for CTP, in contrast to a single coating for 
offset printing, and these take the form of a 
photopolymer or silver halide and a thermally 
responsive layer. 

On the press, ink and water rollers are continually 
rolled over the plate. The grained and anodized 
aluminum substrate serves as a hydrophyllic surface 
volume to attract water. Ink is oil based and is repelled 
from areas of water absorbed into the substrate, but is 
attracted to the hydrophobic dot material. 

Silver halide is rated for runs up to 350 000, 
proving a popular choice for commercial and news- 
paper applications. It is straightforward to sensitize 
for a range of writing wavelengths and is the fastest to 
write. 

Thermal plates offer high resolution, equivalent to 
silver halide and can be baked to enable the longest 
application lifetimes. Typically the plates are exposed 
to 830nm radiation on the external surface of a 
drum. This technology has served the industry well, 


but has struggled to find full application in the 
newspaper business, due to its disadvantage in 
writing speed. 

The most common CTP technology used for 
newspapers uses a photopolymer coating, which is 
fast to write and durable. Resolution has traditionally 
been limited, with Agfa, for example, rating their 
N91 photopolymer plate to a maximum of 175 lines 
per inch (LPI), whilst thermal and silver plates are 
able to image at 200 LPI and above. However, recent 
advances in shorter wavelength violet diode lasers 
and violet sensitive polymers have improved resol- 
ution. Launched in 2000, violet technology is seeing 
widespread takeup. This technology is a spinoff from 
the DVD industry and with laser lifetimes estimated 
at 10 to 20 years, cost of ownership is one of the 
drivers. Both silver halide and photopolymers can be 
sensitized to violet. Current typical laser parameters 
are for: silver halide, 2-3 pJ/cm” at 405 nm; photo- 
polymer, 0.2 mJ/cm? at 488 or 532 nm; and thermal, 
0.1 J/cm? at 830 nm. 

The chemical composition of the CTP surface 
layers is balanced to determine the response to 
different laser wavelengths, as well as performance 
characteristics in different print applications. The 
plate coatings undergo a photochemical change 
during laser exposure. This is a critical stage since it 
is important that the plate surface is not under- or 
over-exposed. 

Chemical post processing after exposure is gener- 
ally required for CTP to date, with the exception of 
ablative CTP, to remove unexposed material. After 
imaging, thermal plates go through a pre-bake step, 
during which the system heats the plate to 130°C 
(266 °F) for about 30 seconds. The energy from this 





Figure 4 Three typical polymer dots of a few microns depth on an anodized aluminum substrate. Also shown is a further 
magnified electron microscope image of the substrate material, with the anodized layer cut away for presentation. The porous structure 
increases water retention. Oil-based ink is repelled from areas other than the dots. Figure courtesy of Agfa (Tony King, 


tony.king1 @agfa.com). 
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Use your "brain, knowledge and your fingers." 


Before we start, fixing anything is a combination of skill, luck and good diagnosis. 
Sometimes you can fix something by letting it run until it finally fails. 

Some things start to work as soon as you touch them. 

Some things can never be fixed. 

But some things can be fixed by feeling the temperature rise and deciding if it is 
getting too hot. 

Sometimes you can smell something getting too hot. 

Sometimes you can see SMOKE. 

All these things make you a very clever technician and about 50% of faults will be 
fixed by looking for dry joints, burnt parts, overheating and carefully inspecting an 
item before you disturb it. 
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heating stage completes cross-linking of polymer 
chains in the exposed portions of the emulsion. 
Chemical processing consists of processing the plate 
through an alkaline developer solution where the 
polymer that is not cross-linked washes away. 
Following the wash is a rinse and application of a 
coating. After chemical processing, some plates 
require baking to 200°C (392 °F) for 35 minutes. 
Afterwards, the plate continues on to rinsing. 

The machine tools required for these processing 
steps measure 30 feet long and take up to 7 minutes to 
process a plate after imaging. For both polymer and 
thermal plate processing, the temperatures are care- 
fully controlled to prevent the aluminum substrate 
from deforming during the baking stages. 

The effluent from thermal and other photopolymer 
plate processors is fairly benign and is typically 
directly disposed without significant environmental 
concern. Spent photopolymer chemistry can, however, 
pose problems with waste flow, it being a plastic sludge 
that can solidify and over time, clog plumbing systems. 

Silver diffusion plate processors are relatively 
compact and tend to process plates in less than a 
minute. Environmental precautions are required with 
the disposal of accumulated silver particulates. 
Relatively simple systems are available, which neu- 
tralize the pH of the effluent and filter out silver until 
concentration levels are below 3 parts per million. 
Under these circumstances, most jurisdictions allow 
drain disposal. 

Ablative plates do not require post processing, 
other than a rinse to remove residues. This is an 
emerging technology that has not taken hold at this 
time in the printing industry and requires more 
powerful lasers to ablate a layer from the plate. 
These plates use layers of ink-repellent silicon on top 
of an aluminum substrate to provide the non-inking 
portion of the plate. Variations of this technology use 
a laser to ablate the silicon from the substrate in the 
image areas of the plate, or to transfer material froma 
donor layer to the aluminum substrate. A weakness of 
this technology has been the limited durability of the 
plates in press. There is continuing development to 
produce ablative plates with other surface layers that 
are more durable on press. 


Materials Processing - Heating 


One way in which lasers can be applied to materials 
processing is as a directed source of heating. With 
material quickly raised in temperature to the point of 
melting and vaporization, applications lie in drilling, 
welding, cutting, and scintering. 

The exploited characteristics of a laser source are 
its directionality and discrete color. Directionality 


enables the formation of a restricted area for heating 
as well as an extended working distance, whilst a 
discrete color enables absorption to be optimized for 
the material being worked. Laser technologies typical 
in application to materials processing through heat- 
ing, range from diodes at 808 and 940 nm to flash- 
lamp or diode pumped solid state lasers at 1 um, and 
CO> gas lasers at 10 um. A recent entry technology is 
in diode pumped fiber lasers, reaching output powers 
in the kilowatt regime at a wavelength of 1 wm and 
typically being continuous in emission or pulsed with 
a pulse duration in the millisecond regime. 

Direct diode lasers (see Figure 5) have advantages 
in simplicity and robustness and with the minimum of 
additional assembled optical components, costs can 
be expected to continue to reduce, fed by Moore’s law 
for the cost of semiconductor manufacture. Typical 
powers range from 1 to 10 kW and light can be fiber 
delivered to the work piece. A disadvantage of direct 
diode emission is the reduced directionality in 
comparison with alternative laser sources. For 
example, a current typical numerical aperture of 
emission from a diode bar array emitting a power of 
60 W, is 10 and 60 degrees in directions parallel 
and perpendicular, respectively, to the array. 
These divergences can be reduced to a numerical 
aperture of approximately one degree with the 
addition of micro-optics, at a device cost increment 
of approximately 20%. For an array of diode bars 
with emitting powers in the kilowatt regime and with 
emitting dimensions sided 2.cm, a typical optical 
quality is one thousand time diffraction limited, 
translating to working distances are on the order of 
centimeters for a laser spot size at a work piece that is 
on the order of 1 mm. 

CO, gas lasers and solid state lasers offer the 
advantage of reduced divergence and corresponding 
greater working distance, combined with a smaller 
laser spot size at the work piece for finer processing. 





Figure 5 Diode bar array, with an output power exceeding 
500 W. Courtesy of Rofin. 
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Both laser technologies can operate in the kilowatt 
regime, for application to sheet metal cutting and 
welding. 

With the interaction process involving high tem- 
peratures and the ejection of material, a high-pressure 
gas bathes the area of illumination to remove smelt 
and either reduce exothermic chemical reactions, or 
where process acceleration is required, to utilize an 
assist gas to increase heating through exothermic 
reaction. Oxygen is typically used as an assist gas for 
the processing of low-alloy steels, with the process 
being typically known as laser flame cutting. The gas 
is, in general, injected coaxially with the laser beam. 
Laser flame cutting is used in industry for material up 
to 4cm thick, albeit the width of the cut becomes 
significant at this thickness. Both CO, and Nd:YAG 
lasers are applied for this application, the choice of 
which is dependant on the cut geometry, the cycle 
time, and the material. Typical cutting speeds are, for 
example, in the region of 10 meters per minute for 
1 mm, 3 meters per minute for 6 mm, and 1 meter per 
minute for 15 mm thick material. 

In the case of high-alloy steels and aluminum, in 
particular, the material is bathed with an inert gas 
such as nitrogen or argon. The material is heated 
solely by the energy in the laser beam, and is typically 
referred to as laser fusion cutting (see Figure 6). The 
laser power required is higher than for laser flame 
cutting. Laser fusion cutting reduces oxidization to 
the cut edges, which is particularly important where 
welding is the next process step after cutting. 

Laser fusion cutting is used in industry for material 
up to 25mm thick, albeit the width of the cut 
becomes significant at this thickness. 





Figure 6 


Laser fusion cutting. Courtesy of Rofin. 


As with laser flame cutting, both CO, and Nd:YAG 
lasers are suitable for this application, the choice of 
which is influenced by the geometry of the cut, the 
cycle time, and the material. Typical cutting speeds in 
steel are, for example, in the region of ~8 meters per 
minute for 1mm, 4.5 meters per minute for 3 mm 
and 1.5 meters per minute for 8 mm thick material. 


Materials Processing - Localized 
Heating 


As a material is heated in a localized volume to the 
point of vaporization, so also is the surrounding 
material, which can melt and experience cracking or 
changes in phase. Such heating is mainly considered 
deleterious, reducing process tolerances and reducing 
the tensile strength of the surrounding material. 

As the pulse duration is reduced for a localized laser 
heating source, so are the dimensions that experience 
heating around the interaction volume (the heat 
affected zone), translating to improved part quality, 
with the length for thermal diffusion, /,, given by: 


ly, = VDt [1] 


where D is the thermal diffusivity and t, the time of 
diffusion. As the pulse duration is reduced, the pulse 
energy required to ablate material is also reduced, with 
the laser pulse energy required to raise the material 
temperature to the point of vaporization being 
proportional to the volume heated. For an example 
such as silver, a pulse duration of 200 fs is associated 
with a diffusion length of 6 nm. Extrapolating, a pulse 
duration of 100 ps, 100 ns, and 100 ws are associated 
with diffusion lengths of 0.1, 4, and 130 um, 
respectively. For typical metals and dielectrics, the 
process quality and pulse energy threshold for ablation 
become decoupled from variation in pulse duration for 
pulse durations less than a few picoseconds. In this 
regime, the volume for heating is dictated more by the 
depth for optical absorption and further, the physical 
mechanism for absorption changes to that of material 
breakdown and multiphoton ionization (Figure 7). 

Additional advantages of operating in the short- 
pulse regime are a sharpening of threshold to 
ablation, enabling the processing of features of 
dimension less than that of the laser spot size and 
an increase in the number of materials that can be 
processed by the same color laser source. 

Given the advantages of the short-pulse regime, it 
should be noted that this is currently juxtaposed with 
the complexity and cost of the required laser sources. 
Solid-state laser technology is, however, advancing, 
significantly reducing the number of optical com- 
ponents required to deliver short pulses at multi-kHz 
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Figure 7 Pulse duration dependence of threshold damage 
fluence for fused silica. Reproduced with permission from Stuart 
BC, Feit MD, Herman S, Rubenchik AM, Shore BW and Perry MD 
(1996) Nanosecond-to-femtosecond laser-induced breakdown 
in dielectrics. Physics Review B 53: 1749. Copyright (1996) by 
The American Physical Society. 


repetition rates and multi-mJ pulse energies. At this 
time of evolution in laser technology, solid-state, 
diode-pumped high repetition rate (>10 kHz), high 
pulse energy (>40 mJ) nanosecond (1-200 ns) lasers 
at a wavelength of 1m are seeing increasing 
application. Such laser sources offer a combination 
of robustness and cost-effectiveness, combined with a 
process quality improvement over sources with 
longer pulse duration. 

In the nanosecond regime, the nature of light- 
matter interaction remains dependent on the wave- 
length of the laser source and the material properties. 
In particular, wavelengths in the UV exhibit reduced 
pulse energy threshold and can offer improved 
process quality. UV wavelengths less than 300 nm 
are currently produced by excimer and ArF gas lasers, 
emitting at 248 and 193 nm, respectively, or solid- 
state sources that are wavelength converted with 
nonlinear optical parametric materials to emit at 354 
or 256nm. Significant laser development effort is 
underway to improve optical parametric materials for 
nonlinear conversion, to enable greater robustness for 
solid-state UV sources that then offer reduced overall 
laser tool cost and complexity. 


Semiconductor Lithography 


The advantage of nanosecond and shorter pulsed 
lasers for materials processing extends from 


localization of heating. With heating being localized, 
a greater temperature can be achieved. This behavior 
is fundamental to the production of EUV radiation 
for application to next-generation lithographic 
processing. 

EUV lithography is considered as an attractive 
candidate to succeed deep DUV-based optical litho- 
graphy within this decade. EUV wavelengths around 
13 nm will allow the reduction of structure sizes to 
less than 80 nm in semiconductor devices. 

For such a high-power light source that emits at 
a wavelength of 13nm, solutions are currently 
being pursued by multiple industry players in 
electrical plasma discharge and laser produced 
plasmas (LPP) (Figure 8). Electron beam and 
synchrotron sources could, in principle, satisfy the 
application requirements, but suffer from restric- 
tion relating to cost, size, and throughput. The 
choices of technologies remain to be finalized. It is, 
however, accepted across the industry that Moore’s 
Law should remain intact and that a solution is 
required that is scalable to high throughput rates 
for wafer exposure. 

For a laser-produced plasma, the peak wave- 
length of the light emitted from a plasma is 
determined by its temperature, T, where according 
to the blackbody formula: 


T~ By/3 [2] 


where E,, is the photon energy associated with the 
wavelength of maximum emission. Liner photo- 
polymerization (LPP) schemes use pulsed laser 
radiation to heat a target to the optimum 
temperature required for efficient EUV production. 
For plasma-emitted light which peaks at a wave- 
length of 13.5 nm, the optimum temperature is 
approximately 3.5 x 10° Kelvin (30 eV). 

A laser is focused onto a target, transferring its 
energy into the target in such a way that a plasma is 
formed and heated. A range of targets have been 
investigated for use in LPP schemes ranging from 
gaseous and cluster targets, to liquid targets and 
macroscopic solid targets. The interaction begins 
with the production of free electrons via multiphoton 
ionization, which is strongly dependent on the peak 
intensity of the laser. As heating progresses, there is 
further ionization from inelastic collisions between 
heated electrons and ions to reach a pseudo-equili- 
brium state, where cooling competes with heating on 
nanosecond timescales. Given this time-scale for 
cooling and requirements on source size and tem- 
perature, the optimum laser pulse duration lies in the 
regime of nanoseconds and the optimum laser pulse 
energy is hundreds of millijoules. Laser technology 
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Figure 8 Light source roadmap to 2010. Courtesy of Intel Corporation. 


suited to this application is diode-pumped Nd:YAG, 
emitting at a wavelength of 1m and pulsed at 
multikilohertz repetition rates. 


Fine Control Material Removal 


Localized heating afforded with the application of 
lasers with pulse durations in the nanosecond regime 
and shorter, is seeing increasing takeup to replace 
processes ranging from wet etching and electro- 
discharge machining (EDM) in applications such as 
scribing, drilling, and differential layer removal. 
Laser methods are seeing advantage in direct ablation 
of material, for feature sizes on the order of microns 
to hundreds of microns. Large areas on the order of 
2 m? are now becoming cost-effective to process with 
direct laser ablation, with the advent of high average 
power laser sources of hundreds of watts of average 
power, combined with nanosecond regime or shorter 
pulse durations. Typical sources are gas excimer or 
diode-pumped solid-state. 

The finest processing is advantaged by the appli- 
cation of pulse durations in the picosecond regime. A 
restriction in application of this technology has been 
robustness and cost of the laser sources to date; 
however, such technology is continuing to see rapid 
improvement and may be expected to see wider 
takeup in industry by 2010. 

Also seeing application, are wavelengths in the UV 
regime combined with nanosecond pulse durations. 
UV radiation in general offers a reduced threshold of 
ablation, translating to reduced heating and 
improved process quality. High absorption at UV 





Figure 9 KrF laser micromachined microfluidic channels in 
polyester for application to lab-on-a-chip technologies or sensing 
devices. Courtesy of Exitech Ltd. 


wavelengths in most materials, combined with 
photon energies that can exceed bond energies of 
the material, contribute to the removal of material 
with the minimum of heating. Excimer, KrF, and ArF 
gas lasers are applied here (Figure 9), but it is 
expected that solid-state lasers will emerge by 2010 
to capture a large part of the UV market. CO, gas 
lasers are used for fine processing where the material 
being ablated is of low thermal diffusivity, which is 
typical for dielectrics or ceramics. Materials of low 
thermal diffusivity are associated with a low heat 
affected zone (see eqn [1]). 
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Scribing is required for dicing of wafers such as 
silicon and other low-k materials, both for computing 
device manufacture and for solar cell manufacture. 
Nanosecond and shorter pulsed lasers have seen 
recent application in this area, enabling higher aspect 
ratio scribing and a reduced material affected zone. 
This application has seen laser wavelengths applied 
from the UV to near-infrared. Short pulse laser 
scribing can see advantages of high throughput yet 
reduced or eliminated chipping, delamination, and 
film peeling. 

Fine drilling is required for a wide variety of 
applications and markets ranging from constructing 
vias for through-layer interconnects in printed circuit 
board (PCB) fabrication, to ink jet nozzles (Figure 10) 
and high aspect ratio holes in hard materials, such as 
steel or alloys for application to combustion engines. 








Figure 10 A laser drilled hole in steel and an array of shaped 
holes in polyamide for inject nozzle application. Courtesy of 
Exitech Ltd. 


Excimer and CO, laser drilling has seen industrial 
application in the drilling of via holes for electronics 
interconnection packages, since early investigations 
in the 1980s. More recently, high repetition rate 
diode-pumped solid-state lasers, nonlinearly con- 
verted to emit in the UV, are seeing application. In 
parallel with the increasing density of transistors in 
silicon processors, the density of packaging of multi- 
chip modules (MCM) and PCB components has also 
been increasing, requiring the drilling of blind vias on 
the order of 100 microns in diameter to enable 
interconnects between multiple conducting layers 
(Figure 11). Also, as processor power increases, so 
does the number of connections required to devices. 
Microvias have enabled the application of two- 
dimensional grid array connections to the underside 
of devices, reducing overall package size, including 
processor electrical connections, by a factor of five. 

Laser drilling of microvias in PCBs is expected to 
increase as packing density increases. PCBs remain 
cheaper than MCMs and traditionally have been 
mechanically drilled. As via sizes are reduced below 
100 um, however, it is expected that pulsed CO, and 
Nd:YAG lasers will be applied. 

Thin layer ablation is required for applications 
ranging from surface cleaning to display manufacture 
and for polymers, dielectrics, and metals. For 
example, manufacture of plasma displays currently 
incorporates lithography combined with wet etching, 
to pattern layers of thin conducting oxide onto a 
substrate. Multiple process steps can be replaced by 
application of direct laser ablation and increased laser 
average power combined with pulse durations in the 
nanosecond regime are allowing millions of cells to 
be processed per minute, with the accommodation 
of process areas currently greater than 2.5 m7 
(see Figure 12). 





Figure 11 Cross-section of 14-layer copper plated MCM board showing 80 .m diameter microvias drilled by a KrF laser in acrylic 
resin-polyimide and, fully assembled MCM package. Courtesy of Siemens AG. 
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Laser-Based Diagnostics 


With a continuing increase in reliability, perform- 
ance, and range of specifications, lasers are seeing 
growing industrial application for process monitoring 
and diagnostics, ranging from gas phase detection 
of molecular specific concentrations to in vitro 
microscopy in the life sciences. Markets are emerging, 
driven in a large part by advances in laser technology. 
Chemical sensing with application of lasers is a vast 
field, which is difficult to cover here completely. 
Following, are some applications seeing current 
industrial application and growth. 


Microscopy 


Confocal microscopy has seen large uptake, in 
particular, for the application to imaging of cell and 
membrane function, with more than fifteen manu- 
facturers now supplying confocal microscope tools 
including Zeiss, Biorad, Leica, Olympus, and Nikon. 
Confocal microscopy enables increases in resolution 
and contrast compared to standard microscopy. 
Techniques such as fluorescence resonant energy 
transfer (FRET), fluorescence recovery after photo- 
bleaching (FRAP), fluorescence loss in photobleach- 
ing (FLIP), fluorescence lifetime imaging (FLIM), or 
fluorescence correlation spectroscopy (FCS), where 
married with confocal microscopy and, in particular, 
where relevant molecular structures are known in 
advance, can offer the additional advantages of 
specific molecular and structural specificity through 
the incorporation of tracer fluorophores. This is seen 
as color coding of the resultant image, with sophis- 
ticated microscopes currently offering differential 





imaging stimulated by three laser colors and with 
six selectable colors for detection. 

The confocal microscope operates with advantage 
over a standard microscope, by illuminating only a 
small area in the sample with dimensions of the 
resolution limit of the objective and re-imaging 
emission from that area through a pinhole spatial 
filter (Figures 13 and 14). Structures outside of the 
illuminated area or at a depth outside that of the 
focus, are suppressed from detection. Fluorophores 
(tracers) can be inserted into protein sequences at 
predetermined locations and are stimulated by either 
single or two-photon absorption of the stimulating 
laser light. 

Two photon absorption has the additional advan- 
tages of increased resolution and detected contrast 
over single photon absorption. Laser sources applied 
are generally modelocked oscillators operating near 
800 nm, with a pulse duration on the order of 100 fs. 
This technology is continuing to improve in robust- 
ness, with fiber and direct diode pumped solid-state 
sources available from multiple vendors. 

FRAP and FLIP monitor diffusion or transport of 
fluorescent labeled molecules into or out of the laser 
focal volume, respectively. FCS monitors the fluctu- 
ations in detected signal from emissions within the 
laser focal volume, to determine the rate of diffusion 
with sensitivity achievable to the single molecule level 
(Figure 15). 

FRET is seeing application for the probing of 
protein interactions in cells or at cell membranes. 
FRET involves the nonradiative transfer of excitation 
energy from one fluorophore to another, which 
subsequently emits at a different wavelength. The 
fluorophores are inserted into molecules, the 





Figure 12 Plasma display manufactured by direct laser ablation of thin-film indium tin oxide (ITO). Courtesy of Exitech Ltd. 
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Figure 13 Confocal microscope principle of operation. Courtesy of Leica Microsystems Heidelberg GmbH. 


(a) 


(b) 


Figure 14 Image (a): Drosophila melanogaster, fluorescence 
nonconfocal configuration and Image; (b): Drosophila melanoga- 
ster, fluorescence confocal 3D projection. Courtesy of Leica 
Microsystems Heidelberg GmbH. 


interaction of which is being investigated. FRET 
effectively enables sensitivity to relative position at 
fluorophore separations less than 10 nm; a significant 
advance over the 200 nm resolution provided by a 
standard optical microscope. Concentrations of bind- 
ing events can be monitored over time (Figure 16). 







Figure 15 Spectral selective imaging with three fluorescence 
channels showing triple labeled mouse fibroblast: green: actin 
fibers, red: microtubules, blue: vimentin. Courtesy of Leica 
Microsystems Heidelberg GmbH. 


Raman Methods and Microscopy 


Raman spectroscopy sees broad application in 
chemistry in the analysis of chemical composition 
and molecular structure, being used, for example, in 
pharmaceuticals, polymer materials science, bioclini- 
cal science, and forensic science. 

The history of Raman scattering stems from 
theoretical predictions in the early 1920s, 
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Figure 16 Fluorescence resonant energy transfer mechanism and example relating to cytoplasmic Ca?* concentration. 
Cyan Fluorescent Protein (CFP) and Yellow Fluorescent Protein (YFP) are acceptor and donor, respectively, for the FRET. Courtesy 


of Carl Zeiss, Germany. 
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Figure 17 Timeline of Raman spectroscopy from the first incorporation of a laser source. Courtesy of Jobin Yvon. 


accompanied also in the 1920s by early measurements, 
notable being those of C.V. Raman for which he was 
awarded the Nobel prize, soon followed in the 1930s 
by hundreds of chemistry papers describing this 
technique. Raman used for his early experiments 
filtered sunlight, a prism spectrometer, and visual 
observation. This was followed by application of 
filtered Hg emission and photographic plates. Lasers 
first saw application to Raman scattering in the 1960s, 
shortly after their innovation (see Figure 17). 


In the simplest form of application of the Raman 
effect, UV or visible radiation illuminates a sample, 
coupling to excite electronic transitions near or on 
resonance. Spontaneous emission is shifted to a 
longer wavelength than that of the excitation (Stokes 
emission) and this is filtered and detected. In general, 
a broad spectrum of fluorescence is superimposed by 
weaker, narrow features that originate from 
vibration-electronic coupling (Raman emission). 
Inclusion of laser excitation increases the rate of 
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data collection and also enables nonresonant inter- 
action of the stimulating radiation with the sample 
whilst maintaining data collection rates. Nonreso- 
nant interaction preferentially reduces electronic 
emission of fluorescence relative to that of the narrow 
featured Raman emission. Lasers applied to spon- 
taneous Raman spectrometers in general emit in the 
visible or near-infrared running nonpulsed, such as 
Ar-ion, Nd:YAG or He:Ne. 

Further enhancements are made to deliver spatial as 
well as vibration-specific information, through tight 
focusing of the stimulating radiation on to the sample 
in a confocal microscope arrangement, delivering 
spatial resolution down to 200 nm (Figure 18). 

A limitation of standard Raman spectrometers and 
microscopes is the rate of signal collection, requiring 
concentrated samples for interrogation. The 
restricted signal level derives from a typical cross- 
section for the spontaneous emission of Raman 
radiation being 1073°cm*; 101° to 10'* times 
less than that typical for spontaneous electronic 
fluorescence. Enhancements in the level of signal 
and the ratio of signal to background noise may be 
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made through coherent laser stimulation of anti- 
Stokes Raman emission, known as coherent anti- 
stokes Raman scattering (CARS) (Figures 19 and 20). 

It can be anticipated that bond-specific imaging 
will see wide industrial application in future, employ- 
ing Raman as well as resonant infrared techniques. 
Application of CARS to microscopy involves two 
laser colors. A vibration transition is exited at the beat 
frequency of the two laser frequencies and the shorter 
laser wavelength is subsequently scattered from the 
sample to a yet shorter wavelength of emission. Such 
a coherent process has the advantage of signal scaling 
proportional to the square of emitters at the sample, 
thereby increasing the signal over that of spontaneous 
Raman scattering. Typical laser pump and Stokes 
powers range from less than 1 mW to 10s of mW, 
with laser repetition rates ranging from multi-kHz to 
greater than 100 MHz and typical pulse durations 
from 10s of picoseconds to 100 fs. 


Infrared Methods 


Infrared absorption spectroscopy provides a wealth 
of information on bond-specific sample concentration 
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Figure 18 Confocal Raman image of semicrystalline polypropylene film. Two typical Raman spectra are shown. The ratio of the 
Raman lines at 809 and 841 cm increases with the degree of crystalline order, delivering a two-dimensional image (Hendra et al. 1995). 


Courtesy of Witec GmbH. 
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Figure 19 CARS image of a NIH 3T3 cell in metaphase, where 
Raman vibration stimulation is tuned to the POs symmetric 
stretching vibrational frequency at 1090 cm~'. Reproduced from 
Cheng J-X, Kevin JYK, Zheng G and Xie X-S (2002) Laser- 
scanning coherent anti-Stokes Raman scattering microscopy and 
applications to cell biology. Biophysical Journal 83: 502—509, with 
permission from The Biophysical Society. 
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Figure 20 CARS microscope image of an erythrocyte ghost, 
consisting of a single lipid bilayer, with a Raman shift of 
2845 cm” '. The scale bar is of length 2 um. Reproduced from 
Potma EO and Xie X-S (2003) Detection of single lipid bilayers 
with coherent anti-Stokes Raman scattering (CARS) microscopy. 
Journal of Raman Spectroscopy 36: 642-650, with permission 
from Wiley InterScience. 


and has become a standard tool for the chemistry 
laboratory. Interaction between the radiation and 
sample is via resonant vibrational absorption and is 
otherwise analogous to the operation of a standard 
optical absorption spectrometer. Applied to a micro- 
scope arrangement, resolution on the order of 10 pm 
is standard. One restriction associated with infrared 
absorption spectroscopy applied to solution, is that 
absorption lineshapes are broadened and the spectra 
lose detail at room temperature, hindering identifi- 
cation of the contributing species. 

A technique showing early promise for application 
in bond-specific molecular detection in solution, is 
coherent resonant infrared wavemixing. Here, cross 
coupling between vibrational modes are detected, 
promising information more detailed than that of 
infrared absorption. Figure 21 shows an example of 
triply vibrationally enhanced four-wave mixing, 
where two infrared laser beams mix to deliver cross 
peaks representing vibration mode coupling. Here, 
the 2D spectrum contains two sets of cross-peaks 
corresponding to the couplings of the two strong IR 
modes at 1943 and 2002cm~! of Ni(CO)2(PPh3)2 
and 1996 and 2068 cm ‘| of Ni(CO)3PPh3. Concen- 
trations in solution are on the order of 10 mM. Such 
methods provide a means sensitive to chemical 
structure without a requirement for fluorophores. 

Current application requires complex laser equip- 
ment delivering microjoule pulse energies, tunable 
between 3 and 10 microns, with pulse durations on 
the order of 1 ps. However, following the example of 
other laser diagnostic techniques in application 
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Figure 21  Triply vibrationally enhanced four-wave mixing of 
Ni(CO)2(PPhg)2 and Ni(CO)3PPh3. Reproduced from Meyer KA, 
Besemann DM and Wright JC (2003) Coherent two dimensional 
spectroscopy with triply vibrationally enhanced infrared four-wave 
mixing. Chemical Physics Letters 381: 642-649, with permission 
of Elsevier. 


By simply touching different items you can quite often feel a hot item and home-in 
on the fault - at a saving of hours of work. 

Servicing is not "A bull at a gate" approach. 

You may be able to service something by turning it on and leaving it for hours - and 
start thinking. 

It may take you a day to come up with the answer. 

Believe me. That's how it worked for me - while fixing over 35,000 TV's. 


TEST EQUIPMENT 


Everyone thinks TEST EQUIPMENT will "solve the problem." 

This is a big big MISTAKE. 

Test equipment can help solve a problem and it can "lead to frustration, 
incorrect answer," "mess you up," and make things worse. 

You have to be very careful with test equipment and especially EXPENSIVE 
equipment because it is very sensitive and can detect pulses and glitches and 
voltages that are not affecting the operation of the circuit. 

You will learn a lot of tricks when reading through this article, but let me say two 
things. 

There are lots of faults and components that you cannot test with "test equipment" 
because they are either intermittent or the equipment does not load the device to 
the same extent as the circuit. 

And secondly you need both an ANALOGUE multimeter and a DIGITAL meter to 
cover all the situations. 

And if you are working on a car, you only need a $5.00 analogue meter because it 
will be dropped or fall into a crack, and you will only lose $5.00 

You will learn that a digital meter will pick up spikes and signals on a line and show 
an incorrect reading. 

That's why you need to back-up your readings with an analogue meter. 

When you charge a battery it gets a "floating voltage" and this will be higher than 
the actual voltage, when the battery is fitted to a project. An analogue meter will 
draw a slight current and remove the "floating voltage." 

Component testers can also give you a false reading, either because the component 
is out of range of the tester or intermittent and you need to be aware of this. 
Oscilloscopes can also display waveforms that are parts of glitches or noise from 
other chips and these do not affect the operation of the part of the circuit you are 
investigating. 

Sometimes you cannot pickup a pulse because it is not regular and the trigger on the 
oscilloscope does not show it on the screen. You may think it is missing. 

It all depends on the "speed of the oscilloscope" - it's maximum frequency of 
operation. 

Lastly- Power Supplies. You cannot test globes and motors on a power supply 
because the starting current can be 5 times more than the operating current. The 
power supply may not be able to deliver this high current and thus you will think the 
motor or globe is faulty. 


W W 


give an 


MULTIMETERS 


There are two types: 

DIGITAL and ANALOGUE 

A Digital Multimeter has a set of digits on the display and an Analogue Multimeter 
has a scale with a pointer (or needle). 

You really need both types to cover the number of tests needed for designing and 
repair-work. We will discuss how they work, how to use them and some of the 
differences between them. 
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Figure 22 DIAL trace of sulfur dioxide distribution from Mount 
Etna. Reproduced with permission from Weibring P, Edner H and 
Svanberg S (2003) Versatile mobile lidar system for environmen- 
tal monitoring. Applied Optics 42: 3583-3594. © 2003 Optical 
Society of America. 


across industry today, as laser technology advances 
over this decade, we can expect such methods of 
probing chemical systems to see significant uptake, 
in particular in the bio-industries. 


Laser Diagnostics and Treatment of Tumors 


For clinical medicine, fluorescent detection is applied 
in the visualization of malignant tumors. Important 
natural chromophores emitting fluorescence in the 
blue-green region are elastin, collagen, NADH, and 
NAD‘, whilst administered agents such as porphyrins 
and phthalocyanines yield sharp peaks in the dark red. 

Excitation is via UV or violet light. Where emission 
is monitored in both the blue-green and red regions of 
the spectrum and the ratio taken, an enhanced tumor 
differentiation is possible from that of normal tissue 
whilst simultaneously reducing sensitivity to geome- 
try, illumination, and detection efficiency. Fiber optic 
probes are generally applied for delivery and collec- 
tion of radiation. 

Such detection can be combined with techniques of 
laser photodynamic therapy (PDT) to preferentially 
remove cancerous tissues. Typical laser wavelengths 
for photodynamic therapy are in the visible region of 
600 to 700nm with a pulse fluence of tens of 
joules/cm*, a pulse duration in the nanosecond regime 
and a repetition rate from single shot to 10 Hz. Where 
combined with diagnostic detection, the PDT can be 
carried out by exciting the same administered 
sensitizer, with subsequent transfer of ground-state 
triplet oxygen to a toxic singlet state. 


Remote Chemical Sensing 


The atmosphere can be monitored by absorption and 
laser-induced fluorescence (LIF). Three-dimensional 


mapping of chemical distribution can be achieved 
with light detection and ranging (LIDAR), using a 
pulsed laser as a transmitter and an optical telescope 
as a receiver. Information collated includes pollution 
concentration, temperature, humidity, and wind 
velocity. Strong quenching prohibits LIF at atmos- 
pheric pressures; however, it does become practical to 
monitor for example, Li, Na, K, and Ca layers in the 
mesosphere. Pollution monitoring in the troposphere 
is most frequently performed with differential absorp- 
tion LIDAR (DIAL). Range resolved optical transi- 
ents are taken as a ratio of two laser wavelengths; on 
and just off resonance for the species of interest. 
Typical ranges for detection of SO2, O03, NO2, NO, 
and Hg are 500m to 5 km, making this technique 
suitable for urban and industrial monitoring. Sulfur 
dioxide is the most common pollutant emitted when 
fossil fuels are burned or sulfide ores are roasted and 
this technique sees application for the monitoring of 
industrial emissions. Figure 22 shows a DIAL trace 
recorded from Mount Etna, from which emissions of 
SO, are estimated at 75 tonnes/h. Laser wavelengths 
used are 300.02 and 299.30nm for on and off 
resonance for absorption, respectively. 

Important to the widespread application of LIDAR 
and LIF for atmospheric chemical monitoring, has 
been the advance in robustness and flexibility of the 
associated laser technologies. The laser technology 
applied for the above measurement is based on 
solid-sate Nd:YAG, nonlinearly converted via optical 
parametric amplification to wavelengths tunable 
between 220 nm and 4 wm, delivering up to 20 mJ in 
the mid-infrared at a repetition rate of 20 Hz and with 
bandwidths of less than 0.2 cm‘, in a pulse duration 
of 4 ns. 


See also 


Imaging: Infrared Imaging. Lasers: Carbon Dioxide 
Lasers. Microscopy: Confocal Microscopy. Scattering: 
Raman Scattering. Spectroscopy: Raman Spectroscopy. 
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Introduction 


Under sufficiently intense illumination the optical 
properties of a material system depend nonlinearly on 
the strength of the electromagnetic field. Related to 
this nonlinear optical response is a large number of 
phenomena and fundamental processes which are 
discussed in various articles of this encyclopedia. This 
article will focus on second-harmonic generation 
(SHG) and sum-frequency generation (SFG) for the 
investigation of surfaces and interfaces. The intrinsic 
surface sensitivity of these techniques allows for 
investigations of surface properties not readily 
accessible by other spectroscopies. Here, the basic 
principles of these optical processes as well as their 
experimental implementation are discussed, and a 
summary of the applications to different material 
systems is given. 

Among the various techniques employed for the 
characterization of surfaces and interfaces, those 
using light are particularly attractive. They are 


applicable in situ to all interfaces accessible by 
light, are nondestructive, and offer unprecedented 
time resolution. However, the penetration depth of 
optical radiation in matter is generally of the order 
of a wavelength, which makes isolation of the 
surface or interface contribution to the optical 
response from the bulk contribution difficult. In 
contrast, for reasons of symmetry, SHG and SFG 
are intrinsically surface sensitive in media with 
inversion symmetry, and hence the signal generated 
mainly originates from the topmost surface layer 
where the inversion symmetry is broken. By means 
of electronic or vibrational SHG or SFG spec- 
troscopy, information on surface structure, chemi- 
cal composition and bond or molecular orientation 
at solid and liquid interfaces can be deduced. To 
date, SFG and SHG have been well established as 
important tools for the investigation of surfaces 
and interfaces of solids ranging from metals and 
semiconductors to insulators and magnetic 
materials, liquids, polymers, biological membranes, 
and other systems. The studies are motivated by 
fundamental interests as well as applications in 
many areas such as heterogeneous catalysis, 
electrochemistry, device fabrication, epitaxial 
growth, and environmental science. 
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Theory 


The nonlinear optical response of a material, in the 
electric-dipole approximation, can often be described 
by an induced polarization in the form of a power 
series, 
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where E(a,) is the optical field with frequency o; 
and y is the mth-order linear (7=1) or nonlinear 
(n> 1) susceptibility tensor. The second term, being 
the lowest-order nonlinear optical response, is 
responsible for sum-frequency generation and 
second-harmonic generation (with w;=@ ). In the 
electric-dipole approximation, all even-order terms 
(x7,x, etc.) are forbidden in media with inversion 
symmetry. At the surface or interface, however, 
the inversion symmetry is necessarily broken and 
hence ¥?) #0. This makes SHG and SFG surface- 
sensitive and specific. While electric-quadrupole and 
magnetic-dipole contributions from the bulk may 
not be totally negligible, in many cases it has 
been shown that the surface contribution clearly 
dominates. 

Surface SFG and SHG is best described by radiation 
from a surface polarization Pw) induced in a thin 
sheet with dielectric constant e’ sandwiched between 
two linear media (1) and (2) as shown schematically 
in Figure 1. This surface polarization has an in-plane 
wavevector component equal to the sum of the in- 
plane wavevector components of the incident fields: 
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Figure 1 Schematic of SHG and SFG geometry in reflection 
and transmission from an interface. 


ky(@) = ky(w 1) + Ri (w2). The ratio of ky(w) to k(w) 
then determines the direction of the sum-frequency 
output that appears in both transmission and reflec- 
tion. The reflection geometry is often used in order to 
minimize the bulk contribution. 

With P® as the source term, the sum-frequency 
output can be obtained from the solution of the wave 
equation. With the proper boundary conditions the 
sum frequency (SF) intensity is given by: 
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In this expression, y® is the surface nonlinear 
susceptibility defined by P? = eny? : E(w,)E(a); 
the quantities e(w;) correspond to the unit polariz- 
ation vectors after the appropriate Fresnel correction, 
e(w;) = F(w;)é(w;), with F(@;) being the transmission 
Fresnel factor and é@(@,) the unit polarization 
vector of E(w;); 6,, denotes the SF output angle with 
respect to the surface normal, e(@,) is the dielectric 
constant at frequency w;, and I; is the input pump 
intensity at w;. 

The surface nonlinear susceptibility y© is a third- 
rank tensor. In Cartesian coordinates it has 27 tensor 
elements ep) many of which could vanish or 
depend on others due to the surface structural 
symmetry. As an example, XG(@ = w + wy) for 
an isotropic surface, with the z-direction defined 
by the surface normal, has only four indepen- 
dent nonvanishing elements: y@. = x0). yQ.= 
X Sey Xe = = y$), and y{). Different combinations 
of input and output beam polarizations in SFG 
measurements are often used to deduce values for the 
non-vanishing elements. Such measurements then 
allow the determination of surface symmetry or 
surface molecular orientation. Being a third-rank 
tensor, x can reflect up to three-fold rotational 
symmetry. rae ii is related to the rele nonlinear 
polarizability or hyperpolarizability ay where &, 7, 
and ¢ define the molecular coordinates, through the 
coordinate transformation 


x9, = NAEOG DEE) OL), - 


The angular brackets denote an average over the 
molecular orientational distribution, and N, is the 
surface molecular density. For simplicity, micro- 
scopic ay a correction is neglected in eqn [3]. 
Knowing ea and ae, thus permits deduction of 


information on the orientational distribution. 
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An explicit expression for the nonlinear optical 
polarizability is obtained from a second-order 
quantum mechanical perturbation calculation: 
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This expression shows how the nonlinear polariz- 
ability or susceptibility depends on material para- 
meters such as the dipole transition moments (zlr;|g) 
and energy levels. It contains a sum over eight 
resonant terms. The quantities w,,. and I’, are the 
frequencies and half-widths for the transitions 
between quantum states |7) and |g), and pe denotes 
the population in lg). It can be seen that a”, and 
hence the SF output, should be resonantly enhanced 
when the pump frequency @; or w) and/or the sum 
frequency , + @) approach resonance. The resonant 
enhancement provides spectral information and 
makes SHG and SFG effective spectroscopic tools. 
The resonances could be electronic or vibrational, 
or more generally, any surface characteristic 
transition. 


Experimental 


Here we deal with basic considerations concerning 
the optical setup for SHG or SFG experiments in 
reflection from a surface as is shown schematically in 






aperture 


Figure 2. In general, the pump radiation from 
pulsed laser sources is directed onto the surface. 
High-power tunable light pulses can be obtained 
from optical parametric generation and amplifica- 
tion (OPG/OPA) together with harmonic, sum- or 
difference-frequency generation, preferably pumped 
by picosecond or femtosecond lasers with high 
repetition rates. By this means radiation tunable 
from near UV at ~200 nm to mid IR at ~18 wm can 
be generated. For SFG the input pulses with 
frequencies w,; and mw, are directed to overlap 
spatially and temporally on the sample. The sample 
could be the surface of a liquid or solid in air, a 
single crystalline surface in ultrahigh vacuum, buried 
interfaces, etc. Polarizers and half-wave plates allow 
for tuning of incident power and polarizations at the 
sample. Together with the polarizer in the output 
path, different input/output polarization combi- 
nations can be chosen. In the detection system the 
signal has to be discriminated against reflected and 
scattered pump light. This is achieved by spatial and 
spectral filtering with apertures, dielectric mirrors, 
and interference and color glass filters. An optional 
monochromator can also be used for additional 
stray-light suppression. The signal is then detected 
by a photomultiplier tube and gated electronics are 
used for signal integration or photon counting. 
From eqn [2] the expected signal strength for 
SHG/SFG can be estimated. With a typical value of 
x2 of 10-7! m*V~', a single 1-um pump pulse, 
incident at 9=45° having pulse energy E=I 
At= 100 J, beam cross-section A=1mm7*, and 
pulse duration r= 10 ps, can generate about 10° 
photons per pulse of SHG. By means of photon 
counting a minimal count rate of 107° photons/pulse 


filter pinhole 
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electronics 
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Figure 2 Schematic of experimental setup for second-harmonic and sum-frequency generation. 
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can be achieved which allows the detection of y as 
small as 10°74 m*V_'. The spectral resolution is 
limited by the spectral width of the pump pulses. 
In order to obtain accurate spectral data over a wide 
tuning range or to obtain absolute values for eee of 
the material investigated, a reference material such 
as z-cut quartz with known values of y is to be 
measured for comparison. 

The simplest kind of experiments are SHG at a 
fixed pump frequency. From the signal variation in 
response to surface modification one can probe 
kinetics and dynamics of adsorption, desorption, 
diffusion, surface melting, phase transitions, etc. 
By tuning the pump wavelength, second-harmonic 
spectroscopy can give information on surface elec- 
tronic states. For surface vibrational spectroscopy, 
however, IR-vis SFG must be employed. In the latter 
case, tunable IR input is mixed with visible input to 
yield a SF signal in the visible region. 


Surface Specificity 


In many cases, the surface contribution to SFG 
or SHG from a centrosymmetric medium clearly 
dominates over the bulk contribution. This generally 
occurs when the surface or interface is composed of a 
polar oriented molecular layer. An example is shown 
in Figure 3, where the vibrational spectra in the C-H 
stretch region of three buried solid—liquid interfaces 
are presented. The spectrum for hexadecane 
(Cy6H34)/fused silica shows no C-H peaks. This is 
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Figure 3 SFG spectra of different interfaces obtained 
with ssp polarization combination: hexadecane/silica (dashed), 
CCl,/ OTS/silica (solid circles), and hexadecane/OTS/silica (open 
squares). OTS refers to a monolayer of octadecyltrichlorosilane. 


in spite of the fact that liquid hexadecane has strong 
infrared and Raman activity in this spectral range. 
The result indicates that the bulk signal contribution 
is negligible. In contrast, strong resonances are 
observed from the hexadecane/OTS/silica system, 
where OTS is a monolayer of octadecyltrichlorosilane 
(CH3(CH>2)17SiCl;) chemisorbed on the fused silica 
plate. A similar spectrum is obtained for the CCl,/ 
OTS/silica interface. This clearly indicates that it is 
the contribution from the OTS monolayer that 
dominates the spectra. 

Another example is described in Figure 4 where 
the SFG spectrum in reflection from a free liquid 
water surface is shown. The resonant features 
between 3000 and 3600 cm ' are due to the O-H 
stretches of hydrogen-bonded OH groups. The sharp 
peak at 3700 cm’! can be identified with the free OH 
bonds. Since no dangling OH bonds can exist below 
the surface its presence indicates that the spectrum 
must originate from the topmost layer of water 
molecules. Furthermore it can be shown that the 
surface water molecules are oriented with one of the 
OH bonds directed out of the liquid. In addition to 
the above examples, the surface sensitivity and 
specificity has been demonstrated and successfully 
applied to a large number of systems as will be 
shown below. 

A note on the definition of surface or interface is in 
order. In SHG and SFG, the surface or interface layer 
refers to a thin layer between two adjacent bulk 
media that has a different structure from the bulk 
media and lacks inversion symmetry. If molecules in 
the surface layer are polar-ordered, then SHG and 
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Figure 4 SFG spectrum of the liquid—vapor interface of pure 
water (ssp polarization combination). The mode at 3700 cm“ is 
due to the dangling OH bonds at the surface. 
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SFG are often dominated by contributions from the 
surface layer. However, the bulk contribution is not 
strictly zero even if the media have inversion 
symmetry, as x can arise from electric-quadrupole 
and magnetic-dipole contributions. Separation of 
surface and bulk contributions in SHG and SFG is a 
subtle problem in general. Experimentally, how 
surface modification affects the signal can be used 
to evaluate whether or not the surface contribution 
dominates. 

A special case concerns materials that lack bulk 
inversion symmetry, for example, III-V and II-VI 
semiconductors such as GaAs and ZnSe. In this case, 
the bulk contribution to SHG and SFG is electric- 
dipole allowed and may be very significant. With an 
appropriate choice of polarization combinations and 
surface orientation, it can nevertheless be well 


suppressed, leaving the surface contribution 
dominant. 
Applications 


Both SFG and SHG have been applied to a wide 
variety of surface and interfacial systems. To illustrate 
their capabilities and versatility as surface spectro- 
scopic tools, the focus of this summary will be on 
examples where the information deduced cannot 
readily be obtained by other techniques. (For details, 
readers are referred to the review articles cited in 
Further Reading and the original papers cited 
therein.) 

SFG and SHG have been used for the study of 
adsorbates at surfaces even under ambient con- 
ditions. The adsorbate alters electronic or structural 
properties of the substrate and the signal is thus 
related to the surface density of the adsorbate and its 
orientation. 

Elementary surface reactions, in particular adsorp- 
tion, dissociation, or desorption of simple molecules 
such as CO, hydrogen, oxygen, or water on metal and 
semiconductor single-crystal surfaces under ultra- 
high-vacuum conditions, have been investigated. 
Sensitivity into the sub-percent monolayer regime is 
achieved and allows the identifictation of competing 
reaction channels and adsorbate dynamics on sur- 
faces. Such studies can help to understand epitaxial 
growth or heterogeneous catalysis because the 
techniques are applicable at any gas pressure and 
surface temperature. Related to this is the study of 
surface diffusion, which can be probed following 
the temporal decay of a diffracted SHG signal 
off a submonolayer adsorbate grating formed by 
laser-induced desorption. 


Making use of the spectroscopic capabilities of 
SHG, the surface electronic structure of selected 
metals and semiconductors, in particular silicon, 
were studied with an emphasis on the effects of 
temperature, crystallographic orientation and differ- 
ent adsorbates. Among buried interfaces, the Si/SiO 
interface has been the subject of intense investigations 
and the sensitivity of SHG to static electric fields at 
the interface and to inhomogeneous strain was also 
demonstrated. 

Different in-plane surface symmetries associated 
with different crystallographic orientations or surface 
reconstructions yield different SHG and SFG 
responses. This allowed for the investigation of 
surface reconstructions (e.g., Si(111)2x 1— 7x 7), 
order—disorder transitions (e.g., Si(111)7 x 7 1 1, 
Au/Si(111)) and surface melting (e.g., single-crystal 
ice, $i(111), Ge(111)), providing information on 
latent heat, superheating, and its dynamics using 
pump-probe techniques. Magnetization-induced 
SHG was also used for probing surface and interface 
magnetism of ferromagnetic metals and bimetallic 
systems. 

Many unique applications of spectroscopic SFG 
have been developed based on its capability to study 
large molecules, in particular under ambient con- 
ditions. Surface vibrational spectra with different 
input/output polarization combinations and sample 
geometries provide information on orientation, 
conformation and alignment of surface molecules 
and the composition and structure of the surface 
layer. The study of self-assembled monolayers (e.g., 
OTS on quartz) to deduce the orientation and 
conformation of the alkyl chains in the monolayer 
is an example. The effect of molecular density and 
temperature on the spectrum gives information on 
intermolecular interactions and phase transitions. 
Another example concerns the adsorption of liquid 
crystal molecules on nanostructured polymer sub- 
strates. Both the chain orientation at the polymer 
surface and its effect on the alignment of adsorbed 
liquid crystal molecules can be addressed. 

Surface structures of liquids, especially those of 
pure liquids, are of great interest in science and 
technology, and SFG is a unique spectroscopic tool 
for probing liquid surfaces and interfaces. For 
example, the SFG vibrational spectrum for the 
water—vapor interface in Figure 4 gives information 
on the density and orientation of the surface water 
molecules at the water—vapor interface. The surface 
layer was found to be more ordered compared to the 
bulk as was also observed for various other organic 
liquids studied with SFG. In other cases soluble and 
insoluble organic molecules at a liquid—vapor, 


PHYSICAL APPLICATIONS OF LASERS / Sum-Frequency Generation at Surfaces 189 





liquid-liquid, or liquid-solid interface have also 
been studied. They appear as adsorbed monolayer 
films and their structure and phase behavior are 
relevant to many applications. Identification of the 
adsorbed molecular species at solid—liquid interfaces 
is also important for understanding electrochemical 
processes. Various studies with SFG have addressed 
bonding of, e.g., CO, CN, and SCN at electrodes 
and its variation with electrode potential. 

SFG spectroscopy also finds unique applications 
in studies of polymer surfaces and interfaces 
most relevant to modern science and technology. 
The observed surface vibrational spectra of poly- 
mers provide information on surface composition, 
molecular orientation, and conformation of neat and 
blended polymers. The effect of environment and 
surface treatment on the surface structure can also be 
studied. Investigation of the biological functions of 
complex molecular systems has attracted increasing 
interest, and SHG and SFG have been applied 
successfully to selected systems ranging from the 
isomerization of retinal — a molecule involved in the 
vision process — to functional aspects of model 
membranes. 

Both SHG and SFG can be combined with 
microscopy techniques for surface microscopic 
studies. Microscopic imaging can be achieved by 
rastering the probe beam or, preferably, the sample 
position. Near-field SFG/SHG spectroscopy has 
recently been developed. 

Performing surface SHG and SFG experiments in 
the time domain can provide information on surface 
dynamics. Pump-probe experiments allow for mea- 
surements of energy relaxation and phase coherence 
of excitations such as surface electronic states and 
surface phonons and vibrations. 


Outlook 


Although SHG and SFG were established as surface 
analytical tools more than 15 years ago, it is still an 
active field of research with much potential that has 
not yet been explored. As an example, it has only 
recently been demonstrated that doubly resonant 
infrared—visible SFG, as a two-dimensional spec- 
troscopy, can give access to couplings between 
vibrational modes and surface electronic transitions. 
With the commercial availability of suitable laser 
sources, the techniques can be extended to a much 
wider range of applications. This includes possible 
investigations of ultrafast surface dynamics, 
nanostructures, and biological systems. 
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Introduction 


Polarization is one property of light waves and will be 
defined after a brief overview of the properties of 
light. Light is part of the electromagnetic spectrum of 
waves that have both particle-like and wave-like 
properties. Light waves carry energy in the form of 
photons which act like particles; the photon energy 
increases in proportion to the frequency of the wave. 
The particle-like properties of light and other 
electromagnetic waves are described by quantum 
mechanics. Light also acts like transverse waves that 
travel in straight lines in air and vacuum and can be 
described by classical electromagnetic theory. Polari- 
zation deals with the wave-like properties of light, 
and is described mathematically by Maxwell’s 
equations, the key relations in electromagnetic 
theory. Polarization effects occur when light interacts 
with matter. In order to understand polarization, 
there will be a brief introduction to the subject of 
electromagnetic waves. 

For a more in-depth treatment of the material in 
this article, the reader is directed to the Further 
Reading list at the end of this article and in particular 
to the two chapters on ‘Polarization’ and ‘Polarizers’ 
written by the author in Bass M (ed.) Handbook 
of Optics, 2nd edn, vol. I, chapter 5 and vol. II, 
chapter 3. New York: McGraw-Hill Inc. 

Electromagnetic waves have both electric and 
magnetic fields associated with them. These are 
vibrations in directions perpendicular to the direc- 
tion the wave is traveling, i.e., the direction of 
propagation, E represents the vector of the electric 
field and H, perpendicular to E, represents the 
magnetic field vector. Both these vectors are complex 
and have real and imaginary parts. Polarization 


effects are always associated with the E vector. 
Specifically, the plane of polarization is defined as the 
plane in which the E vector is vibrating. Waves 
having different amplitudes, phases, or angular 
orientations (azimuths) of their electric or magnetic 
vectors can be combined by conventional vector 
addition methods. Also the E vector of a particular 
vibration can be resolved into two components in 
mutually perpendicular directions that are vibrating 
in phase. 

If a light source such as the sun, a candle flame, or 
an electric light bulb is considered on a microscopic 
scale, each vibrating atom or molecule emits linearly 
polarized light (see the definition below). But the 
individual atoms or molecules do not act together, so 
their vibrations have no fixed phase relationships to 
each other and they cannot be added into a single 
linearly polarized beam. Thus, we call light from 
these sources unpolarized. In an unpolarized light 
beam, the E vector vibrates in all directions perpen- 
dicular to the direction of propagation. If a snapshot 
is taken at a particular instant of time, different parts 
of the beam will have E vectors vibrating with 
different amplitudes and phases at different angles to 
each other, but all in a plane perpendicular to the 
direction of propagation. In the most common 
convention used in optics, the wave travels in the 
+z direction in a right hand coordinate system and 
the E vectors are all vibrating at various angles in the 
x-y plane. The angle of vibration is measured from 
the positive x axis in a counterclockwise direction 
when the observer is looking against the direction of 
propagation of the light beam. 

For linearly polarized or plane polarized light, if a 
snapshot of a light beam is taken at a particular 
instant, the E vector will be vibrating at a certain 
angle in the x—y plane. As time (or position on the 
traveling wave) varies, the amplitude of the E vector 
will vary in a sinusoidal manner, but the vibration will 
remain at the same angle in the x—y plane. As an 
example, the real part of the electric vector of a 
linearly polarized beam that is vibrating in the +x and 
—x directions and traveling in the +z direction is 
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given by the relation: 
E,(z, t) =iE cos(kz — wt) [1] 


where ft is the time, 7 is a unit vector in the +x 
direction, Ep is the amplitude of the vibration, k is the 
propagation vector in the direction the wave is 
traveling, i.e., the z direction (its magnitude is 
2a/X), and w = 27f where fis the vibration frequency 
of the wave. In free space, w = 2ac/A where c is the 
velocity of light and A is the wavelength of the 
vibration. 

Light can also be circularly or elliptically polarized. 
Circularly polarized light is produced by adding the 
electric vectors of two waves, each having the same 
amplitude but which are 90° out of phase; the 
resulting vibration sweeps out a circle in the x—y 
plane. When the first wave is vibrating in the +x and 
—x directions (eqn [1]), the second wave is vibrating 
in the +y and —y directions: 


E,(z, t) = jE sin(kz — ot) [2] 


and is added to the first wave. The resultant wave is 
the sum of eqns [1] and [2]: 


E = Eplicos(kz — wt) +jsin(kz — wf)] [3] 


The direction of vibration of this wave will rotate in a 
circle as either the time increases or as the distance 
along the wave increases, but the amplitude of the 
vibration will not change. As time increases, the 
vibration will make a circle in the clockwise direction 
(to negative angles). This light is defined to be right 
circularly polarized. If the + sign between the two 
parts of eqn [3] is changed to a minus sign, as time 
increases, the vibration will make a circle in the 
counterclockwise direction (to positive angles) and 
the light is now defined to be left circularly polarized. 
These definitions are for conventional (traditional) 
optics. However, the opposite definitions with right 
(left) circularly polarized light defining circles in the 
counterclockwise (clockwise) direction are also in 
use. In modern physics, there is still another 
convention that defines right (left) circularly polari- 
zed light as having negative (positive) helicity. 

Right and left elliptically polarized light beams 
have the same angle conventions as for circularly 
polarized beams but are produced by adding two 
electric vectors that have different amplitudes. In 
eqns [1] and [2], the amplitude terms will be, for 
example, E, and E, instead of Eg and eqn [3] can no 
longer be used. There is now a major axis and a minor 
axis of the ellipse. If E; > E,, the major axis will be 
along the x axis; for E, < E5, the major axis will 
coincide with the y axis. 


The preceding discussion has dealt entirely with the 
electric vector of the electromagnetic field. However, 
one cannot observe the E vector. The irradiance 
(energy per unit area per unit time), EE”, is what can 
be observed visually and measured by electronic 
detectors. Thus, measurements of the polarization are 
irradiance measurements. Light transmitted by a 
polarizer is called the transmittance of the polarizer; 
similarly, light reflected from a polarizer is called the 
reflectance of the polarizer. 

One of the most important parts of the subject of 
polarization is how to produce linearly polarized light 
starting with unpolarized light. This is done by using 
polarizers, as discussed in the section on polarizers 
below. Certain materials have special properties that 
make them able to polarize light. Depending on the 
application, different kinds of polarizers are pre- 
ferred. Optics textbooks by Hecht and Guenther 
discuss the most important polarizers and two articles 
by Bennett describe many kinds of polarizers includ- 
ing special ones (see the Further Reading at the end of 
this article for full references). Only the basic 
principles will be described here. 

Sunlight scattered by air molecules in the atmos- 
phere (Rayleigh scattering) is also partially linearly 
polarized. The air molecules act like tiny dipoles and 
vibrate when they absorb sunlight. They emit 
radiation that is polarized in certain directions 
relative to the vibration direction. When the viewer 
is at a 90° angle with respect to the sun, the 
polarization of the skylight is a maximum. Rayleigh 
scattering is the subject of several books and will not 
be further discussed here. 

Retarders are used to change linearly polarized 
light into circularly or elliptically polarized light and 
compensators, which are a form of retarders, can 
analyze an unknown type of polarized light and 
determine its composition. They are discussed below. 

Polarimetry and ellipsometry are closely related 
techniques that are used to determine the optical 
properties of a material by shining a known type of 
polarized light on the material at non-normal inci- 
dence and analyzing the polarization properties of 
the light after it has been reflected from the material. 
These subjects are treated in other articles in this 
encyclopedia and in several references at the end of 
this article. 

Changes can be produced in the optical properties 
of some materials by applying an electric field, a 
magnetic field, an acoustic field, or another form of 
variable pressure. The materials changed in these 
ways are said to be electro-optic, magneto-optic, or 
piezo-optic. The changes in the optical properties 
modify some parameter of a _ light wave 
passing through a material or reflecting from it. 
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The amplitude, phase, frequency, polarization, or 
direction of the light wave can be modified. In this 
article, we are only concerned with modifications that 
produce changes in the polarization; these are 
discussed towards the end of this article. 

Matrix methods have been developed to handle 
problems involving polarization and there is also a 
visual representation of the matrix algebra that is 
based on the Poincaré sphere. Both topics are covered 
at the end of this article. 


Polarizers 


Basic Relations for Polarizers 


A linear polarizer is anything which, when placed in 
an incident unpolarized beam, produces a beam of 
light whose electric vector is vibrating primarily in 
one direction with only a small component vibrating 
in the direction perpendicular to it. The transmittance 
T of the linear polarizer is 


T= 3(T, + T,) [4] 


where T}, the principal transmittance of the polarizer, 
is >>T>, the transmittance of the polarizer at 90° to 
the principal transmittance. Thus, a perfect polarizer 
would transmit only 50% of an incident unpolarized 
beam. 

If a linear polarizer is placed in a linearly polarized 
beam and is rotated about an axis parallel to the beam 
direction, the transmittance will vary between a 
maximum value T; and a minimum value T, 
according to the law: 


T =(T, — To) cos?6+ T> [5] 


where 6 is the angle between the plane of vibration of 
the principal transmittance and the plane of vibration 
of the electric vector in the incident beam. 

The extinction ratio pp of a polarizer is defined as 


= 2 


pp = T [6] 


and the degree of polarization of a polarization P is 


dyads 


p= — 
Ty Ty 


[7] 
When two identical polarizers are placed in an 
unpolarized beam, and the directions of their 
principal transmittances, T, and Tp, are inclined at 


an angle 6 to each other, the transmittance of the pair 
will be 


Ty = 4(T7 + Tz) cos*0+T;T> sin’@ [8] 


Thus, when the directions of the principal transmit- 
tances are aligned, T) = 4(T{ + Tj), and when they 
are perpendicular, T, = T,T). 


Birefringent Materials (Calcite) 


The majority of high-quality polarizers are made 
from calcite. This is a birefringent (doubly refracting) 
crystalline material that is uniaxial (i.e., there is one 
preferred direction in the crystal). A birefringent 
material acts differently for light going in different 
directions through the crystal. For example, if an 
unpolarized light beam passes through the crystal in a 
certain direction, it will be split into two spatially 
separated beams that are parallel but are linearly 
polarized at right angles to each other. A uniaxial 
crystal has an optic axis (i.e., a certain direction in the 
crystal). When light rays travel parallel to the optic 
axis, they travel at the same velocity and there is no 
difference between them. When light passes through 
the crystal in other directions, the ray whose vibration 
direction is perpendicular to the optic axis is governed 
by the ordinary laws of geometrical optics (the same 
as for isotropic materials) and is called the ordinary 
ray. The ray whose vibration direction is parallel to 
the optic axis does not follow the normal geometrical 
optics laws and is called the extraordinary ray. One 
ray travels faster than the other, so there is a phase 
retardation for one ray relative to the other. This is 
the principle of a retarder or retardation plate (see the 
next section). 

Calcite is a negative uniaxial crystal which means 
that the refractive index for the ordinary ray is larger 
than the refractive index for the extraordinary ray. 
When the ordinary ray enters a block of calcite from 
air at non-normal incidence, it is bent more than the 
extraordinary ray. 

Calcite can be easily cleaved along three distinct 
planes, making it possible to produce rhombs of the 
form shown in Figure 1. The optic axis, going in the 
HI direction, makes equal angles with all three faces 
at point H. Any plane, such as DBFH, which contains 
the optic axis and is perpendicular to the two 
opposite faces of the rhomb ABCD and EFGH is 
called a principal section. If the plane of incidence of 
light on the rhomb coincides with a principal section, 
the light entering the crystal will be split into two 
components polarized at right angles to each other 
which travel in slightly different directions and leave 
the crystal as two beams slightly displaced but 
parallel to each other. 

The large birefringence of calcite and its excellent 
transmission through the visible spectral region and 
into the ultraviolet and infrared regions has made it 
possible to make excellent high extinction ratio 





DIGITAL AND ANALOGUE MULTIMETERS 


BUYING A MULTIMETER 


There are many different types on the market. 

The cost is determined by the number of ranges and also the extra features such as 
diode tester, buzzer (continuity), transistor tester, high DC current and others. 
Since most multimeters are reliable and accurate, buy one with the greatest number 
of ranges at the lowest cost. 

This article explains the difference between a cheap analogue meter, an expensive 
analogue meter and a digital meter. You will then be able to work out which two 
meters you should buy. 


Multimeters are sometimes called a "meter", a "VOM" (Volts-Ohms-Milliamps or 
Volt Ohm Meter) or "multi-tester" or even "a tester" - they are all the same. 


USING A MULTIMETER 


Analogue and digital multimeters have either a rotary selector switch or push buttons 
to select the appropriate function and range. Some Digital Multimeters (DMMs) are 
auto ranging; they automatically select the correct range of voltage, resistance, or 
current when doing a test. However you need to select the function. 


Before making any measurement you need to know what you are checking. If you 
are measuring voltage, select the AC range (10v, 50v, 250v, or 1000v) or DC range 
(0.5v, 2.5v, 10v, 50v, 250v, or 1000v). If you are measuring resistance, select the 
Ohms range (x1, x10, x100, x1k, x10k). If you are measuring current, select the 
appropriate current range DCmA 0.5mA, 50mA, 500mA. Every multimeter is 
different however the photo below shows a low cost meter with the basic ranges. 
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polarizers with different designs. Some of these are 
shown in Figure 2. There are two main types: Glan 
types with rectangular shapes and Nicol types with 
rhombohedral shapes. The polarizers are made of two 
pieces of calcite cemented together. Glan types have 
their optic axes in the plane of the entrance face. In 
the Nicol types, the principal section is perpendicular 
to the entrance face, but the optic axis is neither 
parallel nor perpendicular to the face. The two halves 
of conventional polarizing prisms are cemented 
together with cement that has a refractive index 








Figure 1 Schematic representation of a rhombohedral calcite 
crystal showing the angles between faces. The optic axis passes 
through corner H and point | on side BF. (Reproduced with 
permission from Bennett JM (1995) Polarizers. In: Bass M (ed.) 
Handbook of Optics, 2nd edn, vol. Il, chap. 3. New York: 
McGraw-Hill, Inc.) 


(d) ie 


intermediate between the ordinary and extraordinary 
refractive indices. This enables one ray (generally the 
extraordinary, or e ray) to be transmitted and the 
other to be reflected at the cut, so that only one ray 
exits from the prism in the direction of the incoming 
ray. The Glan types are also used without cement 
with only an air space between the two halves. They 
can be used at shorter wavelengths in the ultraviolet 
where the cement absorbs. The extinction ratio can 
be very high for air-spaced prisms. For example, 
for a Glan—Foucault prism (an air-spaced Glan- 
Thompson prism, Figure 2), the extinction ratio 
can be better than 1 X 10° and the prism is usable 
from about 0.214 wm in the ultraviolet to 2.3 wm in 
the infrared. However, air-spaced polarizers have 
very small field angles, so they are mainly used with 
laser sources where the beam is parallel. 

The extreme paths of light through a cemented 
Glan—Thompson prism are shown in Figure 3. This 
prism has a length that is three times the width of the 
entrance aperture (i.e., an L/A ratio of 3). The optic 
axis is perpendicular to the plane of incidence which 
is in the plane of the paper. In the first half of the 
polarizer, the paths of the ordinary and extraordinary 
rays, both of which follow the conventional law of 
refraction (Snell’s Law, eqn [8] above) nearly 
coincide. Ray A is incident on the entrance face of 
the polarizer at an angle such that the angle of 
incidence on the cut is the smallest angle for which the 
O ray is totally internally reflected. Ray B is incident at 
an angle such that the angle of refraction in the first 
half of the prism is essentially equal to the cut angle, 
S, so that the e ray just passes through the cut. The 
field angle of the polarizer is twice the smaller of 
angles 0, and 6,. Thus, all rays having angles of 
incidence between rays A and B will be polarized 


(f) 


Figure 2. Types of polarizing prisms. Glan types: (a) Glan-Thompson, (b) Lippich, and (c) Frank-Ritter; Nicol types: (d) conventional 
Nicol, (e) Nicol, Halle form, and (f) Hartnack-Prazmowsky. The optic axes are indicated by the double-pointed arrows. (Reproduced 
with permission from Bennett JM (1995) Polarizers. In: Bass M (ed.) Handbook of Optics, 2nd edn, vol. Il, chap. 3. New York: 


McGraw-Hill, Inc.) 
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when exiting the prism. The paths of similar rays can 
be traced through the other prism designs. 

In addition to conventional polarizing prisms, there 
are also polarizing beamsplitter prisms and Feussner 
prisms. In polarizing beamsplitter prisms, the two 
beams that are polarized at right angles to each other 
both emerge from the prism but are separated 
spatially. Figure 4 shows a diagram of several types 
of polarizing beamsplitter prisms and Figure 5 shows 
the paths of rays through side views of these prisms. 

A Feussner prism is made of isotropic material but 
the film separating the two halves is birefringent. 





Figure 3 Extreme rays (A and B) that can pass through a 
cemented Glan-Thompson prism. Both rays change to ordinary 
and extraordinary rays in the calcite. Both ordinary rays are 
reflected at the boundary between the two halves of the prism and 
the extraordinary rays exit in the directions indicated. Rays 
entering the prism between rays A and B would be transmitted by 
the prism. The field angle of the prism is twice the smaller of the 
two angles of incidence (ray A). 


(a) (b) 





These prisms have the advantage that much less 
birefringent material is required but they have a more 
limited wavelength range when calcite or sodium 
nitrite (another birefringent material) is used 
because the transmitted ordinary ray has a shorter 
transmission range than the extraordinary ray which 
is transmitted by the conventional and air-spaced 
polarizing prisms. 


Dichroic Absorbers 


A dichroic material is one that absorbs light polarized 
in one direction more strongly than light polarized at 
right angles to that direction. Dichroic materials are 
different from birefringent materials because the 
latter usually have negligible absorption coefficients 
for both the ordinary and extraordinary rays. 
Stretched polyvinyl alcohol sheets treated with 
absorbing dyes or polymeric iodine are the most 
common type of dichroic absorbers and are primarily 
sold under the tradename Polaroid. These polarizers 
do not have as good an extinction ratio as the calcite 
prism polarizers (see above), but they are inexpensive, 
come in large sizes, are easily rotated, and produce 
negligible beam deviation. Also, they are thin, light- 
weight, and can be made in any desired shape. One of 
their main advantages is that they are insensitive to 
the degree of collimation of the beam and can be 
used in strongly convergent or divergent light. 


(e) 


Figure 4 Three-dimensional views of various types of polarizing beamsplitter prisms: (a) Rochon; (b) Sénarmont; (c) Wollaston; 
(d) Foster (shaded face is silvered); and (e) beamsplitting Glan-Thompson. (Reproduced with permission from Bennett JM (1995) 
Polarizers. In: Bass M (ed.) Handbook of Optics, 2nd edn, vol. Il, chap. 3. New York: McGraw-Hill, Inc.) 
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{d) pEyepiece 
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Figure 5 Side views of the polarizing beamsplitter prisms in Figure 4. The directions of the optic axes are indicated by the dots and the 
heavy double-pointed arrows. When the Foster prism is used as a microscope illuminator, the source, specimen, and eyepiece are in the 
positions indicated. (Reproduced with permission from Bennett JM (1995) Polarizers. In: Bass M (ed.) Handbook of Optics, 2nd edn, 


vol. Il, chap. 3. New York: McGraw-Hill, Inc.) 


Depending on the density and type of absorbing dye 
used to make the polarizer, the transmission can be 
maximized for the visible or near infrared spectrum. 
The extinction ratio of the Polaroid HN-22 sheet 
compares favorably with that of the Glan—Thompson 
prisms throughout the visible spectral region, but the 
transmission of the Glan—Thompson prism is 
superior. As the dichroic polarizer transmission 
increases, the extinction ratio becomes worse. Trans- 
mission and extinction ratio curves for various types 
of dichroic polarizers are shown in Bennett JM (1995) 
Polarizers. In: Bass M (ed.) Handbook of Optics, 2nd 
edn, vol. II, chap. 3. New York: McGraw-Hill, Inc. 

A wire grid polarizer is another kind of dichroic 
absorber. It is made of a series of equally spaced 
conducting bars or wires that are either free standing 
or deposited onto a transparent substrate (backing 
plate). Energy that is polarized parallel to the length 
of the bars is absorbed out of the incoming wave by 
inducing oscillations in the electrons in the metal. 
Thus, only light polarized perpendicular to the bars 
will be transmitted. In order to have an appreciable 
degree of polarization, the wavelength must be at 
least twice the spacing between grids in the polarizer. 
Because of the difficulty of making wire grids with 
small enough spacings, these polarizers are limited to 
the mid- and long-wavelength infrared spectral 
region, beyond about 5 pm. The polarizer will have 
the best extinction ratio if the substrate has a low 
refractive index; if a high refractive index substrate 
such as silicon or germanium is used, it must be 
covered with an antireflection coating before the grid 
is deposited. 


Most of the wire grid polarizers have been used 
with microwaves, so the theory is in the form for 
transmission lines. Similar transmission line theory 
has been applied to infrared polarizers in the form of 
bars and wires. 


Reflection and Transmission 


Light can be polarized by reflecting it from the flat 
surface of a material inclined at non-normal incidence 
to the light beam or by transmitting it through a 
transparent plate at non-normal incidence. These 
polarizers work because light has different reflec- 
tances when the electric vector is linearly polarized 
parallel and perpendicular to the plane of incidence. 
The plane of incidence contains both the incoming 
light beam (incident beam) and the reflected light 
beam. The angles for both the incident and reflected 
light beams are measured relative to an axis 
perpendicular to the surface (the surface normal). 
The reflection coefficients are given by the Fresnel 
equations and, for nonabsorbing materials, are: 








E2(reflected sin?(0) — 0 
kay zi | y x lo — 91) 19] 
Ez(incident) sin“ (6) + 61) 
4 E> (reflected) tan?(@) — 0;) 
R, == 3 = 5 [10] 
EZ(incident) — tan*() + 4) 


where R, and R, are called the reflectances (pre- 
viously called the intensity reflection coefficients), 
a r, and r, are the amplitude reflection coefficients. 

E, (Ep) is the incident or reflected electromagnetic 
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wave vibrating perpendicular (parallel) to the plane 
of incidence and 6 and 6, are the angles of incidence 
and refraction, respectively. The angle of refraction is 
the angle of the light beam in the material, measured 
from the surface normal. For a nonabsorbing 
material, it can be obtained in terms of the refractive 
index n, of the material from Snell’s Law: 


sin A _ 1 (14 


sin 6, No 





where mq and n, are the refractive indexes of the 
incident medium (usually air with mj =1) and 
the material. Sometimes the refractive index of the 
material is expressed as a ratio measured relative 
to the refractive index of the incident medium: 


Reflectance 








{a) 


Reflectance 








n=n,/no. The reflectances of absorbing materials 
are similar to eqns [9]—[11] but involve complex 
refractive indexes and angles of refraction. 

Figure 6 shows curves for R, and R, as a function 
of angle of incidence for four nonabsorbing materials 
that have different refractive indexes. In all cases the 
reflectance is higher for the s component than for the 
p component except at 0° and 90° angles of incidence 
where they are the same. At the so-called Brewster 
angle, 63, R,=0, tan 6; =1,/m9, and incident 
unpolarized light is now completely linearly polarized 
perpendicular to the plane of incidence (s-polarized 
light). Note that high refractive index materials 
produce more intense polarized beams (i.e., have 
higher reflectances) than low refractive index 
materials. 











Angle of incidence @, deg 
(d) 


(c) 


Figure 6 Reflectance of light polarized parallel A, and perpendicular FR, to the plane of incidence from materials of different refractive 
index nas a function of angle of incidence: (a) n = 1.5 (alkali halides in the ultraviolet, glass (approximately) in the visible, and sheet 
plastics in the infrared), (b) mn = 2.0 (AgCl in the infrared), (c) n = 2.46 (Se in the infrared), and (d) n = 4.0 (Ge in the infrared). 
The Brewster angle 6g (at which A, goes to 0) and the magnitude of AR, at 6g are also indicated. (Reproduced with permission from 
Bennett JM (1995) Polarization. In: Bass M (ed.) Handbook of Optics, 2nd edn, vol. |, chap. 5. New York: McGraw-Hill, Inc.) 
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(b) Angle of incidence 4, deg 
Figure 7 (a) Reflectance A, and (b) extinction ratio R,/R, for 


materials of different refractive index at angles near the Brewster 
angle 6g. Asingle surface of the material is assumed. (Reproduced 
with permission from Bennett JM (1995) Polarization. In: Bass M 
(ed.) Handbook of Optics, 2nd edn, vol. |, chap. 5. New York: 
McGraw-Hill, Inc.) 


Figure 7 shows the reflectances and extinction 
ratios for materials having different refractive 
indexes. Each curve is for a single reflection. Since 
plates have two surfaces, there will be two reflections 
from an actual reflection polarizer so the reflectance 
and extinction ratios will increase. If the plates are 
thick, the reflection from the back surface of the plate 
will be displaced from the reflection from the front 
surface of the plate. A reflection polarizer is normally 
used close to the Brewster angle because a high degree 
of polarization (i.e., a very small extinction ratio) is 
desired. Because the extinction ratio changes rapidly 
for angles of incidence close to the Brewster angle, the 
incident beam must be well collimated to obtain a 
high degree of polarization. A main disadvantage of 
reflection polarizers is that the reflected beam is no 
longer parallel to the incident beam and two 
additional reflections are required to align the beam. 

Light transmitted through a plate will only be 
partially linearly polarized at any angle of incidence 
including the Brewster angle because both s- and 


p-components are partially transmitted. Trans- 
mission polarizers are thus made of several plates to 
increase the degree of polarization. Figure 8 shows 
the transmittance and extinction ratio for a stack of 
four plane parallel plates assuming multiple incoher- 
ent reflections within each plate and no reflections 
between plates. At the Brewster angle the p-transmit- 
tance is theoretically 1 (assuming that there is no 
absorption within the material) but the extinction 
ratio greatly depends on the refractive index of the 
material. A stack of low refractive index plates (n = 
1.5) has a poor extinction ratio, while a pile of high 
refractive index plates (7 = 4.0) has a much better 
extinction ratio. The plates are often inclined at small 
angles to each other so the light multiply reflected 
between plates (which decreases the polarization) is 
removed from the transmitted beam. The sides of 
each plate are plane parallel to increase the polariza- 
tion, but the plates are too thick for the amplitudes of 
the multiple internally reflected beams to add or 
subtract. If the amplitudes of the beams could be 
added, there would be interference effects and the 
transmittance would vary with the thickness of each 
plate and with the wavelength. These are so-called 
interference polarizers and are mentioned below. 

Transmission polarizers do not have the angle 
deviation problem of the reflection polarizers, but 
the transmitted beam may be slightly displaced 
parallel to the incident beam if the plates are thick. 
The main problem with transmission polarizers is 
that the light is not completely polarized even with 
several plates in a stack. If the plates are slightly 
absorbing, the transmission of the polarizer is 
reduced. 


Miscellaneous Types 


There are numerous other types of polarizers that 
mostly use thin films. Interference effects in thin films 
can increase the polarization efficiency at certain 
wavelengths depending on the thicknesses of the films 
and the design of the multilayer coating. Many of the 
applications involve non-normal incidence designs. 
For example, a single high refractive index film or a 
multilayer coating evaporated onto a low refractive 
index substrate increases the degree of polarization of 
reflection and transmission polarizers. Polarizing 
beamsplitters also use multilayer dielectric coatings. 
Free-standing films of different thicknesses were 
formerly used for infrared polarizers before wire 
grid polarizers became available. 

Dichroic absorbers have been made from two- 
phase lamelar eutectics of thin needles of a conduct- 
ing material embedded in a transparent matrix. 
Thin sheets of pyrolytic graphite material also act 
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Figure 8 


(a) Transmittance and (b) extinction ratio of four plane-parallel plates of refractive index nas a function of angle of incidence, 


for angles near the Brewster angle. Assumptions are multiple reflections but no interference within each plate and no reflections 
between plates. (Reproduced with permission from Bennett JM (1995) Polarization. In Bass M (ed.) Handbook of Optics, 2nd edn, vol. |, 


chap. 5. New York: McGraw-Hill, Inc.) 


as dichroic absorbers. There are also numerous 
miniature polarizer designs for fiber optics and 
nanotechnology applications. 


Retarders or Retardation Plates 


Retarders, or retardation plates, are devices that can 
change linearly polarized light into circularly or 
elliptically polarized light. They can also rotate the 
plane of polarization of linearly polarized light. 


A retardation plate is made from a uniaxial crystal 
that has an optic axis (as discussed above); the light 
travels in a direction perpendicular to the optic axis, 
as described below and shown in Figure 9. The 
ordinary and extraordinary rays travel at different 
velocities through the crystal depending on their 
refractive indexes: 1 = c/v, where c is the velocity of 
light in a vacuum and v is the velocity of light in the 
material. The larger the refractive index, the slower is 
the velocity of light in the material. The ordinary ray 
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with a refractive index m, and the extraordinary ray 
with a refractive index n, have mutually perpendicu- 
lar vibration directions. If the ray has a vibration 
direction at another azimuth in the crystal, the 
refractive index is intermediate between n, and n,. 
For a positive uniaxial crystal n,>n, so the 
extraordinary ray travels slower than the ordinary 
ray through the crystal. Thus, the designation ‘fast 
axis’ is often used for the ordinary ray and ‘slow axis’ 
is used for the extraordinary ray, as shown in Figure 9. 
In a negative uniaxial crystal, m, <p, i.e., the 
velocities along the two axes are reversed. 

Because there is a velocity difference between the 
ordinary and extraordinary rays traveling through a 


Optic axis and vibration of 
extraordinary ray (slow axis) 





Vibration direction of 
ordinary ray (fast axis) 
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Figure 9 Light incident normally on the front surface of a 
retardation plate showing the vibration directions of the ordinary 
and extraordinary rays. In a positive uniaxial crystal, the fast and 
slow axes are as indicated in parentheses; in a negative uniaxial 
crystal, the two axes are interchanged. (Adapted with permission 
from Bennett JM (1995) Polarization. In Bass M (ed.) Handbook of 
Optics, 2nd edn, vol. |, chap. 5. New York: McGraw-Hill, Inc.) 
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uniaxial crystal, they get out of phase. Depending on 
their velocities and the optical thickness of the 
material (the refractive index times the physical 
thickness), the addition of their amplitudes results 
in a wave whose vibration direction is either: 
(a) perpendicular to the original vibration direction; 
(b) rotates in a circle (right or left circularly polarized 
light); or (c) rotates in an ellipse (right or left 
elliptically polarized light). The path difference N 
between two rays in the crystal, measured in terms of 
the wavelength of the light, is NA = +d(n, — n,), 
where d is the physical thickness of the material. The 
corresponding phase difference 6 between the two 
rays is 6 = 2a7N = +(27d/A)(n, — n,). The quantity 
N is important because if beams of light vibrating 
along the fast and slow axes of a crystal get out of step 
by one quarter of the wavelength of the light, the 
device is called a quarter wave (or A/4) retardation 
plate, or simply a quarter-wave plate. There are also 
half-wave (A/2) plates that rotate the plane of 
polarization, and full-wave (A) plates that rotate the 
plane of polarization through 180°. If light passes 
through a full-wave plate, theoretically it is indis- 
tinguishable from the original beam. However, 
materials are normally temperature sensitive so that 
as the temperature changes, the retardation is no 
longer exactly one wave, but may be slightly less than 
or greater than one wavelength. Other thicknesses of 
retardation plates produce elliptically polarized light. 

Figure 10 shows what happens to a beam of 
linearly polarized light when the axis of vibration 
is at 45° to the fast and slow axes of a positive 
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Figure 10 State of polarization of a light wave after passing through a crystal plate whose retardation is indicated in fractions of a 
wavelength (phase retardation 277/A times these values) and whose fast axis is indicated by the double arrow. In all cases the incident 
light is linearly polarized at an azimuth of 45° to the direction of the fast axis. (Adapted with permission from Bennett JM (1995) 
Polarization. In: Bass M (ed.) Handbook of Optics, 2nd edn, vol. |, chap. 5. New York: McGraw-Hill, Inc.) 
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Figure 11 State of polarization of a light wave after passing through a A/4 plate (whose fast axis is indicated by the double arrow) for 
different azimuths of the incident linearly polarized beam. (Adapted with permission from Bennett JM (1995) Polarization. In Bass M (ed.) 
Handbook of Optics, 2nd edn, vol. |, chap. 5. New York: McGraw-Hill, Inc.) 


uniaxial crystal. The fast axis is in the horizontal 
direction, the same as in Figure 9. 

The main purpose of a quarter-wave plate is to 
change linearly polarized light into circularly polar- 
ized light. However, as Figure 11 shows, the state of 
polarization of the light will be quite different 
depending on the orientation of the plane of 
polarization of the incident beam relative to the fast 
axis of the quarter-wave plate. 

A half-wave plate is used to rotate the plane of 
polarization of a linearly polarized beam. The plane 
of polarization is always rotated through an angle 
that is twice the angle the initial plane of polarization 
makes with the fast axis of the uniaxial crystal. A 
linearly polarized beam always remains linearly 
polarized. 

Retardation plates are often made of mica, stretched 
polyvinyl alcohol, or crystal quartz, although they can 
also be made of other stretched plastics, sapphire, 
magnesium fluoride, and other materials. 


Variable Retardation Plates 
and Compensators 


Variable retardation plates are devices whose retar- 
dation can be varied in a variety of ways. They can be 
used to modulate or vary the phase of a beam of 
linearly polarized light or to analyze a beam of 
unknown polarization (often elliptically polarized 
light) such as might be produced by transmission 
through a birefringent material or by reflection from a 
metal or film-covered surface. The term compensator 
is often applied to a variable retardation plate since it 
can be used to compensate for the phase retardation 
produced by a material. Common types of compen- 
sators include the Babinet and Soleil compensators, in 
which the total thickness of a birefringent material in 
the light path is changed, the Senarmont compensator 
which consists of a fixed quarter-wave plate and 
rotatable analyzer to compensate for varying 
amounts of ellipticity in a light beam, and tilting- 
plate compensators, which change the thickness of 
birefringent material in the light beam by changing 


the angle of incidence. Electro-optic and piezo-optic 
modulators can also be used as high-frequency 
variable retardation plates since their birefringence 
can be changed by varying the electric field or 
pressure (see next section). 

The Babinet compensator, shown schematically in 
Figure 12 consists of two crystal quartz wedges, each 
with its axis in the plane of the face but with the axes 
at right angles to each other. One wedge is stationary, 
and the other can be moved in the direction indicated 
by the arrow, so that the total amount of quartz 
through which the light passes can be varied. The 
total retardation is proportional to the difference in 
thickness between the two wedges. This type of 
compensator was used extensively when the light 
source was a vertical slit and visual measurements 
were made of the state of polarization of a beam. 
However the bands representing different phase 
retardations were too narrow to be used effectively 
with a photoelectric detector, so the Babinet com- 
pensator was replaced by a Soleil compensator 
(Figure 13). This device, sometimes called a 
Babinet—Soleil compensator, is similar to the Babinet 
compensator except that the field of view has a 
uniform tint if the compensator is constructed 
correctly. This is because the ratio of the thicknesses 
of the two crystal quartz blocks (a movable wedge 
and a fixed wedge attached to a plate with the two 
axes perpendicular to each other) is the same over the 
entire field. The Soleil compensator will produce light 
of varying ellipticity depending on the position of the 
movable wedge. It is used in the same way as a 
Babinet compensator with the uniformly dark field of 
the Soleil compensator corresponding to the black 
zero-retardation band in the Babinet compensator. 

It is sometimes necessary to accurately measure the 
azimuth of a beam of linearly polarized light using a 
photoelectric detector with a rotatable analyzer (i.e., 
a polarizer) directly in front it. The obvious method is 
to rotate the analyzer until the detector signal is a 
minimum and then read the analyzer angle, which 
equals the extinction angle (perpendicular to the 
azimuth of the linearly polarized beam). However, the 
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Figure 12 Arrangement of a Babinet compensator, polarizer, and analyzer for measuring the retardation of a sample. The 
appearance of the field after the light has passed through the compensator is shown to the left of the sample position. Retardations are 
indicated for alternate regions. After the beam passes through the analyzer, the field is crossed by a series of dark bands, one of which is 
shown to the left of the analyzer. (Adapted with permission from Bennett JM (1995) Polarizers. In: Bass M (ed.) Handbook of Optics, 


2nd edn, vol. Il, chap. 3. New York: McGraw-Hill, Inc.) 


angle can be determined more precisely if the analyzer 
is offset by a small angle from the extinction angle 
and the transmittance noted. Then the analyzer is 
offset by a small angle on the other side of the 
extinction angle at the angle where the transmittance 
is the same. One half the difference between these two 
azimuthal angles gives a more accurate value of the 
extinction angle than can be obtained by measuring it 
directly. 

Before the days of photoelectric detectors, half- 
shade devices were extensively used to determine the 
azimuth of a linearly polarized beam. The device 
consisted of two polarizers with their axes inclined at 
a small angle to each other. As the device was rotated, 
one part of the field became darker and the other part 
became lighter. At the match position, both parts of 
the field appeared equally bright. There were a variety 
of these devices as well as ellipticity half-shade 


devices that could detect very small amounts of 
ellipticity in a nominally linearly polarized beam 
and hence could verify when a compensator had 
completely converted elliptically polarized light into 
linearly polarized light. 


Electro-Optic, Magneto-Optic, 
and Piezo-Optic Devices 


The state of polarization of light can be rapidly 
altered by passing it through a material that has 
electro-optic, magneto-optic or piezo-optic proper- 
ties. The voltage, magnetic field, or pressure are 
varied to make the material birefringent (see above). 
Some materials are isotropic without the applied 
field, i.e., the refractive index is the same in all 
directions. Other materials have an optic axis 
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Figure 13 Arrangement of a Soleil compensator, polarizer, and analyzer for measuring the retardation of a sample. The appearance 
of the field after the light has passed through the compensator is shown to the left of the sample position. After the beam passes through 
the analyzer, the field appears as one of the shades of gray shown to the left of the analyzer. (Adapted with permission from Bennett JM 
(1995) Polarizers. In: Bass M (ed.) Handbook of Optics, 2nd edn, vol. Il, chap. 3. New York: McGraw-Hill, Inc.) 


(uniaxial materials) or two optic axes (biaxial 
materials). In these cases, the applied field creates 
further asymmetries in the material. 

The most common electro-optic, magneto- 
optic and piezo-optic effects are the Pockel’s effect 
(depending on the electric field), the Kerr effect 
(depending on the square of the electric field), the 
Faraday effect (depending on the magnetic field), 
the Cotton—Mouton and Voigt effects (depending on 
the square of the magnetic field), and stress birefrin- 
gence or the photoelastic effect (depending on 
pressure changes). These effects are shown in 
Table 1 along with order of magnitude strengths 
needed to produce changes in the refractive index, 
and materials that most strongly exhibit the effects. 
The mathematical descriptions of the effects involve 
tensors and are too involved to present here. 
However, simple physical descriptions will be given. 

If a varying electric field acts on an electro-optic 
material, electrons, ions, or permanent dipoles in the 
material are made to reorient, inducing an electric 
polarization. The induced polarization creates 


birefringence that modifies the optical polarization 
of a light beam passing through the material. The 
electric field strength determines how the polarization 
is changed (see Figure 10). 

Linearly polarized light passing through a mag- 
neto-optic material will be rotated in a direction 
parallel to the direction of the applied magnetic field. 
This phenomenon, called the Faraday effect, or 
Faraday rotation, is similar to what happens in 
optically active materials (see the next paragraph) 
except that the Faraday effect depends on the 
direction of the magnetic field, but not on the 
direction the light is traveling. 

There are naturally optically active materials such 
as camphor, nicotine, sugar solutions, and crystal 
quartz that can rotate the plane of linearly polarized 
light passing through the material. For example, the 
Si-O bonds in crystal quartz form a helical path 
around the optic axis. This crystal structure interacts 
with an incoming linearly polarized beam traveling 
parallel to the optic axis and rotates it in a clockwise 
direction. A 1 mm-thick piece of quartz will rotate a 





The most important point to remember is this: 

You must select a voltage or current range that is bigger or HIGHER than the 
maximum expected value, so the needle does not swing across the scale and hit the 
"end stop." 

If you are using a DMM (Digital Multi Meter), the meter will indicate if the voltage or 
current is higher than the selected scale, by showing "OL" - this means "Overload." If 
you are measuring resistance such as 1M on the x10 range the "OL" means "Open 
Loop" and you will need to change the range. Some meters show "1' on the display 
when the measurement is higher than the display will indicate and some flash a set 
of digits to show over-voltage or over-current. A "-1" indicates the leads should be 
reversed for a "positive reading." 

If it is an AUTO RANGING meter, it will automatically produce a reading, otherwise 
the selector switch must be changed to another range. 
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Table 1 Electro-optic, magneto-optic, and piezo-optic effects 

Effect Device Effect proportional to Strength (An) Materials 

Pockels (electro-optic) Pockels cell E 10°17E BaTiOz, LINBO; 

Kerr Kerr cell EP 10°19? Nitrobenzene, Benzonitrile 
Faraday (magneto-optic) Faraday rotation H 10°'4H Zns, GaAs, CSe 
Cotton—Mounton a H? 10°25 H? Chloroform, acetone 
Photoelastic effect; stress p Pressure - Fused silica, polystyrene, 


birefringence 


?Too small to be of technological importance. 
’Depends on the mounting or the processing of the material. 
Adapted with permission from Guenther RD (1990) Modern Optics. 


linearly polarized beam by 21.7°. Other materials 
have asymmetric structures that have mirror images. 
A mirror image structure cannot be obtained by 
simply rotating the group of atoms in space. These 
materials are also optically active. The amount of 
rotation produced by an optically active material is 
proportional to the thickness (optical density) of the 
material that the light passes through. Dextrose 
(a form of glucose) and levulose (also known as 
fructose) rotate the plane of linearly polarized light 
in clockwise and counterclockwise directions, 
respectively. Many other organic molecules have D- 
(right handed, dextro-rotary) and L- (left handed, 
levo-rotary) mirror image forms. 

An isotropic material can become anisotropic when 
stress or an induced strain is applied because of an 
elasto-optic interaction known as stress birefrin- 
gence, or the photoelastic effect. This effect is usually 
bad because it reduces the performance of optical 
components and devices by introducing phase distor- 
tions caused by improper mounting or unequal 
thermal expansion between the mounts and com- 
ponents. Another source of distortion is strain that 
has been frozen into optical components during 
manufacture. French curves are excellent examples 
that show colored strain birefringence patterns when 
viewed between crossed polarizers. In one appli- 
cation, strain birefringence has been used construc- 
tively to produce a variable phase retarder made from 
crystal quartz and fused silica. A block of electro- 
optic crystal quartz, is cemented to a block of 
isotropic fused silica. When a variable electric field 
is applied to the crystal quartz, its length changes at 
the resonant frequency of the block. This produces 
strain in the fused silica block which in turn produces 
a variable retardation of light passing through the 
strained fused silica. Depending on the magnitude of 
the varying electric field, the device can act like a 
variable quarter-wave plate, a variable half-wave 
plate, or have other applications. 


Ge, KDP, ruby 


New York: John Wiley and Sons. 


Matrix Methods for Computing 
Polarization 


An optical system containing various polarizing and 
retarding devices can be modeled using matrices. In 
general, there is an incident beam (in matrix form), 
that has some state of polarization. It interacts with a 
device called an instrument (also in matrix form) that 
alters the state of polarization, so that the exiting 
beam (a third matrix, the product of the first and 
second matrices) has another state of polarization. 
There can be more than one instrument matrix acting 
on the same incident matrix to produce the final 
matrix. The two most common matrix methods are 
the Mueller calculus and the Jones calculus. 

There is also a visual representation of this process, 
a Poincaré sphere, on which vectors represent 
different states of polarization. The polarization 
instrument moves the vector representing the incident 
polarization around the sphere in a prescribed 
manner. The vectors are called Stokes vectors and 
are used in the Mueller calculus. The various states of 
polarization are represented on the Poincaré sphere as 
follows: The equator represents various forms of 
linear polarization, the poles represent right- and left- 
circular polarization, and other points on the sphere 
represent elliptically polarized light. Every point on 
the sphere corresponds to a different polarization 
form. The radius of the sphere represents the incident 
irradiance of the light beam (which is usually assumed 
to be unity). The effects of various polarization 
instruments are determined by displacements on the 
sphere. Partially polarized light or absorption may be 
dealt with approximately by ignoring the irradiance 
factor, since the state of polarization is generally the 
quantity desired. The Poincaré sphere is most useful 
for visualizing problems involving nonabsorbing 
materials, various polarization instruments including 
polarizers, retarders, compensators, half-shade 
devices, and depolarizers, and has also been applied 
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to ellipsometric problems and _ stress-optical 
measurements. 

The Poincaré sphere is used with Stokes vectors, 
which are often designated So, $,, Sy, and $3. So is the 
incident irradiance of the light beam, corresponding 
to the radius of the Poincaré sphere. S; is the 
difference in irradiances between the horizontal and 
vertical polarization components of the beam; for 
example, when S, is positive, the preference is 
for horizontal polarization. S$, indicates preference 
for +45° or — 45° polarization depending on whether 
it is positive or negative, and S3 gives the preference 
for right or left circular polarization. Thus, the Stokes 
vectors S,, S), and $3 are simply the three Cartesian 
coordinates of a point on the Poincaré sphere. S; and 
S) are perpendicular to each other in the equatorial 
plane, and $3 points toward the north pole of the 
sphere. Any state of polarization of a light beam can 
be specified by these three vectors. The irradiance 


vector So is related to the other three by the relation 








Si = S$ +8548} when the beam is completely 
polarized. If the beam is partially polarized, 
Sh SPSS Se 








In the Mueller calculus, the incident beam is 
represented by the four-component Stokes vector, 
written as a column vector. This vector has all real 
elements and gives information about irradiance 
properties of the beam. Thus it is not able to handle 
problems involving phase changes or combinations of 
two beams that are coherent. The instrument matrix 
is a 4 X 4 matrix with all real elements. 

In the Jones calculus, the Jones vector representing 
the incident beam is a two-component column vector 
that generally has complex elements. It contains 
information about the amplitude properties of the 
beam and hence is well suited for handling problems 
involving the phases of light waves. However, it 
cannot handle problems involving depolarization, as 
the Mueller calculus can. The Jones instrument matrix 
is a 2X2 matrix whose elements are generally 
complex. The Jones calculus is well suited to problems 
involving a large number of similar devices arranged 
in series in a regular manner and makes it possible to 
obtain a result expressed explicitly in terms of the 
number of such devices. The Jones instrument matrix 
of a train of transparent or absorbing nondepolarizing 
polarizers and retarders contains no redundant 
information. The matrix contains four elements, 
each of which has two parts, so that there are a total 
of eight constants, none of which is a function of any 
other. The Mueller instrument matrix of such a train 
contains much redundancy; there are 16 constants but 
only 7 of them are independent. More information 
about the Poincaré sphere and the Mueller and Jones 
calculus is available in other references. 


See also 


Electromagnetically Induced Transparency. Magneto- 
optics: Faraday Rotation, CARS, ODMR, ODSR, Optical 
Pumping; Interband Magnetoabsorption, Cyclotron 
Resonance, Spin Flip Raman Scattering. 
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Introduction 


Hooke postulated, in the seventeenth century, that 
light waves must be transverse but his idea was 
forgotten. Young and Fresnel put forward the same 
idea in the nineteenth century and accompanied their 
postulation with a theoretical description of light 
based on transverse waves. Forty years later, Maxwell 
proved that light must be a transverse wave and that 
E and H, for a plane wave in an isotropic medium 
with no free charge and no currents, are mutually 
perpendicular and lie in a plane normal to the 
direction of propagation, k. 

Convention requires that we use the electric vector 
to label the direction of the electromagnetic wave’s 
polarization. The direction of the displacement vector 
is called the direction of polarization and the plane 
containing the direction of polarization and the 
propagation vector is called the plane of polarization. 
The selection of the electric field is not completely 
arbitrary, except in relativistic situations, when v ~ c, 
the interaction of the electromagnetic wave with 
matter will be dominated by the electric field. 

Assume that a plane wave is propagating in the 
z-direction. In complex notation, the plane wave is 
given by 


E _ Eo eiot—kr+¢) = Eo piot—ke+9) [1] 


The procedure used to decompose an arbitrary 
polarization into components parallel to two axes of 
a Cartesian coordinate system, is a technique used 
extensively in vector algebra to simplify mathematical 
calculations. According to the mathematical forma- 
lism associated with this technique, the polarization 
is described in terms of a set of basis vectors, ¢;. 
An arbitrary polarization would be expressed as 


2 
E= > ae; [2] 
i=1 
The set of basis vectors, e;, are orthonormal, i.e.: 
. 1 i=j 
ee; = 6; = note [3] 
0 iA] 


where we have assumed that the basis vectors could be 
complex. We mention this mathematical formalism 


because an identical formalism is encountered in a 
description of spin. 

In a Cartesian coordinate system, the e,’s are the 
unit vectors i, j, k. The summation in eqn [2] extends 
over only two terms because the electromagnetic 
wave is transverse, confining E to a plane normal to 
the direction of propagation (according to the 
coordinate convention we have selected, the E field 
is in the x, y plane). 


Polarization Ellipse 


Following the formalism of eqn [2], a polarized 
wave can be written in terms of the x and y 
components of Eo 


-= Biz eiat-ket bit As Eo, eilwt—ketda)e [4] 
We will use only the real part of E for manipulation, 
to prevent errors. We divide each component of the 
electric field by its maximum value, so that the 
problem is reduced to one of the following two 
sinusoidal varying unit vectors: 





cae cos(wt — kz + ¢4) 
Fox 

= cos(wt — kz)cos ¢; — sin(wt — kz)sin ¢1 
E ; : 
— = cos(wt — kz)cos $) — sin(wt — kz)sin do 
Eoy 


[S] 


When these unit vectors are added together, the 
resulting equation will describe the path taken by the 
tip of the resultant vector. The path will create a 
Lissajous figure. 

To obtain the equation for the Lissajous figure, 
we eliminate the dependence of the unit vectors on 
(wt — kz). First, multiply the equations by sin }) and 
sin ¢@;, respectively and then subtract the resulting 
equations. Second, multiply the two equations by 
cos ¢) and cos 4, respectively and then subtract the 
new equations. These two operations yield the 
following pair of equations: 





E E 
~ sin b> ~ sin oy, 
Fox Oy 


= cos(wt — kz)[cos f; sin f, — sin d; cos $5] 


[6] 


206 POLARIZATION / Matrix Analysis 








x y 
cos cos dy 
Fox Foy 


= sin(wt — kz)[cos ; sin d — sin ¢; cos P| 
[7] 


The term in brackets can be simplified using the trig 
identity 


sin 6 = sin(¢@, — ¢4) 


= cos ¢; sin ¢2 — sin d, cos do [8] 


After replacing the term in brackets by sin 6, the two 
equations are squared and added yielding the 
equation for the Lissajous figure: 


2 2 
E, E, 2E,E, = 
— }cos 6= sin’ 6 
( Eox ( Eoy ( EoxEoy 


The trig identity 





[9] 


cos 6 = cos(¢@y — ¢1) = cos ¢; cos dy + sin dy sin dy 


was also used to further simplify eqn [9]. 
Equation [9] has the same form as the equation of 
a conic 


Ax* + Bxy + Cy? + Dx + Ey+F=0 


Geometry defines the conic as an ellipse because, 
from eqn [9] 





B* — 4AC = 





4 
5 (cos*8 1) <0 


F5,E by 
This ellipse is called the polarization ellipse. The 
orientation of the ellipse, with respect to the x-axis, is 


Bo 2E ox Eoy cos 6 


tan 20= 
ane A= CER ER 


[10] 





The tip of the resultant electric field vector 
obtained from eqn [4] traces out the polarization 
ellipse in the plane normal to k, as predicted by 
eqn [9]. The ratio of the length of the minor to the 
major axis of the ellipse is equal to the ellipticity, 
gy, i.e., the amount of deviation of the ellipse from 
a circle 


__ Eox sin 1 sin 6 — Eoy sin 42 cos 0 11] 





Fox cos $; cos 6+ Eo, cos dy sin 6 





Figure 1 General form of the ellipse described by eqn [9]. 
Reproduced with permission from Guenther RD (1990) Modern 
Optics. New York: John Wiley and Sons. 


In particle physics, the light would be said to have 
a negative helicity if it rotated in a clockwise 
direction. If we look at the source, the electric vector 
seems to follow the threads of a left-handed screw, 
agreeing with the nomenclature that left-handed 
quantities are negative. However, in optics the light 
that rotates clockwise, as we view it traveling toward 
us from the source, is said to be right-circularly 
polarized. The counterclockwise rotating light is 
left-circularly polarized. The association of right- 
circularly polarized light, with ‘right-handedness’ 
in optics, came about by looking at the path of 
the electric vector in space at a fixed time, then 
tan w = tan(¢ — kz) (Figure 1). 


Stokes Parameters 


In the formalism associated with eqn [2], the 
expansion coefficients, a;, can be used to form a 
2-2 matrix which, in statistical mechanics, is called 
the density matrix and in optics, the coherency 
matrix (Table 1). The elements of the matrix are 
formed by the rule 


pij = aja; [12] 
The matrix is Hermitian, so that pj = p;;- We will not 
develop the theory of polarization using the coher- 
ency matrix, but simply use the coherency matrix to 
justify the need for four independent measurements to 
characterize polarization. There is no unique set of 
measurements required by the theory, but normally 
measurements made are of the Stoke’s parameters 
which are directly related to the parameters of the 
polarization ellipse of eqn [9]. 

The Stokes parameters of a light wave are 
measurable quantities, defined as: 


So = Total flux density 
s, = Difference between flux density transmitted by a 
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Table 1 Typical Stokes vectors 
Horizontal 1 Vertical polarization q 
polarization 1 -1 


Oo Oo 
Oo oO 


+ 45° polarization — 45° polarization 


0 0 

1 -1 

0 0 

Right circular L Left circular i 
polarization 0 polarization 0 

0 0 

1 -1 


linear polarizer oriented parallel to the x-axis 
and one oriented parallel to the y-axis. The x and 
y-axes are usually selected to be parallel to the 
horizontal and vertical directions in the 
laboratory. 

s) => Difference between flux density transmitted by a 
linear polarizer oriented at 45° to the x-axis and 
one oriented at 135°. 

s3 => Difference between flux density transmitted by a 
right-circular polarizer and a_left-circular 
polarizer. 


If the Stokes parameters are to characterize the pol- 
arization of a wave, they must be related to the 
parameters of the polarization ellipse. It is therefore 
important to establish that the Stokes parameters 
are variables of the polarization ellipse (eqn [9]). 

In its current form, eqn [9] contains no measurable 
quantities and thus must be modified if it is to be 
associated with the Stokes parameters. The time 
average of the Poynting vector is the quantity observed 
when measurements are made of light waves. We 
must, therefore, find the time average of eqn [9] if we 
wish to relate its parameters to observable quantities. 

The time average eqn [9] can now be written as 





(Ee). AEG) (E, Ey) = 
+ 2 cos 6= sin* 6 [13] 
Eby Ei, EoxEoy 
where time average is denoted by ( ) 
2 1 to+T 9 
(Ey == | E},[cos(wt — kz)cos $1 
T Jt 
— sin(wt — kz)sin ,] dt [14] 


With the time averages, eqn [13] can be written as 





(EG, + Eoy)” — (Edx — Egy)” — (2EpxEoy cos 8)” 


= (2EoxEpy sin 5)” [15] 


Each term in this equation can be identified with a 
Stokes parameter: 


So = (Ed) + (Eby) sy = (Edx) ~~ (Eby) 


[16] 
S$. = (2Ep,Eoy cos 6) 83 = (2Ep,Eo, sin 6) 
Equation [15] can now be written as 
S — s}— 53 = 53 [17] 


For a polarized wave, only three of the Stokes 
parameters are independent. This agrees with the 
requirement placed upon elements of the Hermitian, 
coherency matrix, introduced above. 

With this demonstration of the connection between 
the Stokes parameters and the polarization ellipse, the 
Stokes parameters can be written in terms of the 
parameters of the polarization ellipse. 


S1 = So cos 2~ cos 20 


So = Sy cos 2g sin 20 [18] 


§3 = So sin 20 
Mueller Calculus 


Mueller pointed out that the Stokes parameters 
can be thought of as elements of a column matrix 
or a 4-vector (Table 2) 


[19] 


Each element of the Stokes vector represents a 
measurable intensity. The vector can represent not 
only polarized light, but unpolarized or partially 
polarized light. 

In 1929, Soleillet discovered that an optical device 
performed a linear transformation on the input wave 
and, in 1942, Perrin put this fact into a matrix 
formalism involving the Stokes vectors: 
Mueller used experimentally derived 4 x 4 matrices, 
the ™ in eqn [20], to describe the effect of an 
optical device on a light wave’s polarization. The 8’s 
in eqn [20] are column matrices whose elements 
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Table 2 Mueller matrices for polarizers 


Table 3 Mueller matrices for retarders 





Polarizer Transmission axis Mueller matrix Retarder Transmission axis Mueller matrix 
Linear Horizontal ek, am Quarter-wave plate Horizontal 18 o-9 
4/1100 0 0 0 
210000 00 01 
0000 00 -1 0 
Vertical 1-10 0 Vertical 10 0 
14]/-1 100 01 0 
2 000 0 -1 
000 0 0 0 
5 1010 
+45 445° 1 0 0 
74/0 00 0 0 0 =1 
21101 0 001 0 
an 8 010 O 
si 10-1 0 
— 45 — 45° 1 0 0 
1 0 0 0 0 0 Oo 1 
2/-1 0 10 0 10 
ee 8 0-100 
: : 1001 
Circular Right Half-wave plate 0° or 90° ne 8 
4] 0 0 0 
u oO 1 
210 0 0 -1 
ee 00 0-1 
100 -1 
Left + 45° 1 00 0 
a 72 0-10 0 
2 
7 @ ot 6 
oe 0 00 -1 
are the Stokes parameters (eqn [16]). The matrix contains no information about absolute phase 


matrices are based upon an assumed linear relation- 
ship between the incident and transmitted beams 
(Table 3). 

The analysis of the effect of a number of polarizers 
and retarders is made easier by the use of the 
Mueller—Stokes matrix calculus, coupled with the 
use of the Stokes vectors. To determine the Mueller 
matrices, one must measure the effect a device has 
on unpolarized, horizontally polarized, linearly 
polarized at + 45°, and right-circularly polarized 
light. It is then an algebraic exercise to generate the 
elements of the matrix. A few optical devices and 
their Mueller matrix are listed in Tables 2 and 3. 

The Mueller matrix contains 16 parameters but 
there are only seven independent parameters. The 


but it handles partially polarized and unpolarized 
light without modification (Table 4). 


Jones Vector 


There is one other representation of polarized light, 
complementary to the Stokes vector, developed 
by Clark Jones in 1941 and called the Jones vector. 
It is superior to the Stokes vector in that it handles 
light of a known phase and amplitude with a reduced 
number of parameters. However, it is inferior to the 
Stokes vector in that, unlike the Stokes represen- 
tation, which is experimentally determined, the Jones 
representation cannot handle unpolarized or partially 
polarized light. The Jones vector is a theoretical 
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construct that can only describe light with a well- 
defined phase and frequency. The density matrix 
formalism can be used to correct the shortcomings of 
the Jones vector, but then the simplicity of the Jones 
representation is lost. 

Assuming the coordinate system is such that the 
electromagnetic wave is propagating along the z-axis, 
it was shown earlier that any polarization could be 
decomposed into two orthogonal E vectors, i.e., 
parallel to the x and y directions. The Jones vector is 
defined as a two-row, column matrix consisting of the 
complex components in the x and y direction: 


Eo eiat-kr+ $1) 
x 


E= [21] 





Eo elf wt—k-+r+¢q) 
y 


Table 4 Jones vectors 
Horizontal 1 Vertical 0 
polarization 0 polarization { 


+465° polarization 1 | 1 —45° polarization 1 1 
v2| 1 - 


Right circular 1] 1 Left circular 1 1 
polarization voli polarization v2| -i 


Table 5 Jones matrices for retarders 


If absolute phase is not an issue, then we may 
normalize the vector by dividing by that number 
(real or complex) that simplifies the components but 
keeps the sum of the square of the components equal 
to one. For example, assume that Eo, = Eoy, then 


E= Eox eilot—kr+o1) “ [22] 
e 
The normalized vector would be the terms contained 
within the bracket, each divided by ze: 


The general form of the Jones vector is 


A 
B 


E= E* = [A'B'] [23] 


Some examples of Jones vectors are shown in Table 4. 


Jones Calculus 


The Jones calculus is complementary to the Mueller 
calculus and operates on the Jones vector, (eqn [23]), 
similar to the way the Mueller matrix operates on the 
Stokes vector (Table 5). 

The Jones matrix contains eight independent 
parameters with no redundancy, making it simpler 
than the Mueller calculus. However, the Jones 
calculus only applies to polarized light. The Jones 
calculus can be extended, using the density matrix 
formalism to allow manipulation of unpolarized 


Table 6 Jones matrices for polarizers 





Retarder Transmission axis Jones matrix Polarizer Transmission axis Jones matrix 
Horizontal 4 0 Linear Horizontal 1 0 
0 e ia4 00 
Vertical ei O Vertical 0 0 
0 el@/4 Oo 1 
+45° apt f +45° aj11 
ati 1 214 1 
Quarter-wave plate —45° tj) 1 = — 45° i 
2} -i 1 2}-1 1 
Half-wave plate 0° or 90° 1 0 Circular Right apt -i 
1 -1 ati 1 
+45° 01 Left Ay 14 
10 2] -i 1 
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light, but with a loss of simplicity. The matrix 
equation for Jones calculus is 

Eout = WEin [24] 
A few optical devices and their Jones matrices, W, 
are listed in Tables 5 and 6. 

For every matrix in Jones calculus, there is a matrix 
in Mueller calculus, but the converse is not true. 
For example, it is possible to construct a depolarizer, 
by using a thick piece of opal glass in the visible or by 
using gold covered sandpaper in the infrared. Such a 
device can be described in Mueller calculus, but there 
is no matrix for such a device in Jones calculus 


(Tables 5 and 6). 


See also 


Polarization: Introduction. 
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The quantization of the free electromagnetic field is 
explained by analogy with the quantization of a 
collection of harmonic oscillators. 


Brief History 


The first step in the formulation of the quantum 
theory of the electromagnetic field (EMF) was the 
‘quantum hypothesis’ put forward in 1900 by Planck. 
According to this hypothesis the exchange of energy 
between the EMF and the cavity walls occurs in 
portions hy, where b — the quantum of action — is a 
new fundamental constant (the Planck constant) and v 
is the frequency of the material oscillator in the wall. 
With the help of this hypothesis Planck explained 
the spectrum of the electromagnetic radiation in 
thermodynamic equilibrium with the cavity walls. 
The second step was made in 1905 by Einstein, who 
postulated that the quantum hypothesis of Planck 
should be applied directly to the EMF. The assump- 
tion that the energy of the electromagnetic radiation 
is carried by light quanta (named photons by Lewis in 
1926), each of energy hv, enabled Einstein to explain 


the puzzling properties of the photoelectric effect, 
namely, the gross disparity between the tiny classical 
energy flux delivered to an electron and the amount of 
energy needed to eject the photo-electron from the 
metal. After the formulation of quantum mechanics, 
it became possible to complete the quantum theory of 
the EMF (Dirac 1927) by applying the general rules 
of quantization to the classical Maxwell theory. 
However, this theory ran into difficulties when it 
was applied to the interaction of the EMF with 
charged matter. 

The lightest carriers of the electric charge are the 
electrons and their dynamics determines to a very 
large extent the electromagnetic properties of ordin- 
ary matter. The main principles of quantum electro- 
dynamics (QED) — the theory unifying the quantum 
theory of the EMF and the relativistic theory of 
electrons (Dirac 1928) — have been set forth by 
Heisenberg and Pauli already in 1929 but the proper 
tool (renormalization theory) to perform highly 
accurate calculations was developed by Feynman 
and Schwinger in 1949. In 1967 QED was unified by 
Weinberg and Salam with the theory of weak 
interactions. Later, after the unification with the 
theory of strong interactions, QED became part of the 
so called ‘standard model’ — the present day theory of 
elementary ingredients of matter: quarks, leptons, 
gluons, intermediate bosons, and photons. Therefore, 
the modern quantum theory of the EMF is not a self- 
contained theory but part of a much more encom- 
passing theory. Often it requires some input from a 
more general theory or from phenomenology. How- 
ever, the quantum theory of the EMF with only a very 
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crude description of its coupling to the rest of the 
world (for example, in the form of boundary 
conditions or constitutive relations) is still not only 
a good starting point to a more elaborate theory but 
also a source of important information about the 
behavior of photons under realistic conditions. The 
main reason why treating photons as free particles 
gives a reasonably good approximation is the 
smallness of the Sommerfeld fine structure constant 
a = e*/47ephc ~ 1/137 that measures the strength of 
the electromagnetic interactions between photons 
and charged particles. 


Electromagnetic Field as a Collection 
of Harmonic Oscillators 


In order to apply the same quantization procedure as 
in quantum mechanics, it is useful to formulate 
classical electrodynamics in a way that exhibits its 
close relationship with mechanical systems. Many 
properties of the electromagnetic field may be 
described and understood in the simplest case of the 
free field. Therefore, in this article we restrict 
ourselves to the quantum description of the free EME. 

It was discovered by Rayleigh and Jeans that the 
electromagnetic field may be viewed as a collection of 
harmonic oscillators. This analogy enables one to 
apply well-established methods of simple quantum 
mechanics to describe the much more complicated 
problem of the quantum field. The dynamics of 
a single, one-dimensional harmonic oscillator is 
governed by the Hamiltonian: 


morq- 
2 





2 
H(p,q) = — ! 


The equations of motion for the position and 
momentum of a harmonic oscillator have the same 
form in classical and in quantum theory: 


dq(t) _ p(t) dp(t) _ 


= 2 
dt mm? dt eer g@) 





The solutions of these equations describe harmonic 
oscillations with the frequency @ 


g(t) = go cos(wt) + (po/mwa) sin(wt) 
p(t) = —madpo sin(wt) + po cos(wt) 


A complete description of a multidimensional 
harmonic oscillator may be obtained in terms of 
normal modes. The transformation to normal 
modes leads to a decomposition of the Hamiltonian 
of the system into the sum, one term for each 


mode, 





Thus, each mode may be viewed as a separate 
system -— a one-dimensional harmonic oscillator 
with characteristic frequency wg — noninteracting 
with the remaining oscillators. 

The Maxwell equations for the free EMF read 


d,Ba,t) = -—V x Da, d/e, V-Ba, ft) = 0 
0,Da,t) = VX Bar, D/p, V-D@a, }) = 0 


In the vacuum, the constants ¢ and x must be replaced 
by &9 and po. The Maxwell equations lead to the 
wave equation for the vector D(r, 2) 


1 
(43 - a)De.0 =0 


and to the same equation for the vector B(r, z). The 
solution of this equation obtained by the separation 
of variables has the form 


DG, t) = a(tu(r) 
where a(t) satisfies the harmonic equation 


2 


di? 





a(t) + wa(t) = 0 
and u(r) satisfies the Helmholtz equation 


(A + (w/c)*)u(r) = 0 


Without going into mathematical details we shall 
assume that there exist a complete set of vector 
functions u;,(r), called the mode functions, satisfying 
the Helmholtz equations 


(A + (@/c)*)ug(r) = 0 


the divergence condition V-u,(r) = 0, the ortho- 
normality conditions 


Gare -uj(r) = dy 


and also the appropriate boundary conditions. In 

most cases of physical interest such a set does exist. 
Given the set of mode functions u,(r) one may 

expand the vector field D(z, f) at each t into the series 


Do, t) = — > pe(tugr) 
k 


The minus sign is purely conventional; it makes the 
correspondence with the harmonic oscillator a closer 
one. The same procedure may be repeated for the 





The Common (negative) lead ALWAYS fits into 
the "COM" socket. The red lead fits into the 
red socket for Voltage and Resistance. 
Place the red lead (red banana plug) 
into "A" (for HIGH CURRENT "Amps") 
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vector B with a different complete set of functions 
v,(r), resulting in the decomposition 


Bort) = > ge Over) 
k 


The Maxwell equations are satisfied if the coefficient 
functions p,(t) and q,(t) obey the equations of motion 
for harmonic oscillators 


day(t) _— pelt) dp,(t) _ 


= 2 
dt ee: dt Ew Ge(t) [1] 





and the functions v,(r) are related to u,(r) by the 
formulas 


vg(t) = V X uy (r) 


Note that the electric constant ¢ plays the same role as 
the mass for a mechanical oscillator. The calculation 
of the Hamiltonian, the total field energy, 


He Jer (= + - | 
completes the reduction of the electromagnetic field 
to a collection of harmonic oscillators. Upon inserting 
the representation of the field vectors in terms of the 


complete set of functions u,(r) into the integral, one 
obtains the following formula 


nos (802% 


which differs from its mechanical counterpart only by 
the replacement m— «. The time dependence has 
been omitted here because the Hamiltonian is a 
constant of motion. 





Mode Functions 


The simplest example of a complete set of mode 
functions is that obtained for a rectangular metallic 
cavity. In this case the functions u;,(r) may be expressed 
in terms of trigonometric functions. In order to write 
them down, it is convenient to replace one label k by a 
collection of three numbers k = {k,, Ky, Kz} and an 
additional index A taking on the values 1 and 2. The 
mode functions u,,,(r) satisfying the proper boundary 
conditions have the following components 


a cos(k,.x) sin(Kyy) sin(K,2) 


u(r) = N ay» sin(K,,%) COS(Kyy) sin(K,Z) 


ae sin(kK,x) sin(Kyy) COS(K,2) 


where N = ,/8((L,L,L,), the coefficients {k,, Ky, Kz} 
have the form {k,, Ky, K,} = {7,/L,, m,/L,y, 71,/L,} 


and all the 7’s are aatiral numbers. The components 
of both vectors a”) are subjected to the conditions 
k-a”) = 0 (vanishing divergence) and orthonormali- 
zationa”)-a™) = §,). For each set {k,, Ky, Kz} one must 
choose two independent solutions of these conditions 
a) and a). These two vectors define two states of 
linear polarization. The mode function u,,(r) is a 
solution of the Helmholtz equation for the value of 
w/c equal to the length of the vector k. The expansion 
of the EMF vectors into the mode functions in a 
rectangular cavity has the form 


Dt) = — ¥ Pear) 
KA 


BOr,t) = > da(O)V X Uyealr) 
KA 


where the summation extends over all allowed 
values of « and two values of A. One may explicitly 
write down mode functions also for a cylindrical 
and for a spherical cavity. They involve Bessel 
functions and are obtained by solving the Helmholtz 
equation in cylindrical and spherical coordinates, 
respectively. 

One often uses another set of mode functions that 
does not correspond to any physical boundary 
conditions but is very helpful in the theoretical 
analysis. It is obtained by imposing the so-called 
periodic boundary conditions that were first intro- 
duced by Born in the study of crystal lattices. 
The periodic boundary conditions require that the 
electromagnetic field is periodic in space; it does not 
change when the coordinates are displaced by the 
‘period of the lattice’ in all three directions. Assum- 
ing, for simplicity, that this period is the same, equal 
to L, in all directions, one obtains the following 
conditions for the mode functions 





u,(r) = u(r + Li.) = uy(r + Liy) = uz(r + Li) 
where i; are the unit vectors in the directions of 
the coordinate axes. The complete set of solutions 
of the Helmholtz equation satisfying the periodic 
boundary conditions is labeled by the wavevector 
k = {2an,/L,27n,/L,27n,/L}, where all the n’s are 
arbitrary integers, and by the polarization index A. 
The value of w/c in the Helmholtz equation is 
equal in this case to the length of the vector k. 
Each member of the set u,, has the form 


UA (1) = e,, exp(ik-r) [2] 


1 
W 
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where V = L?. The polarization vectors e,, must be 
orthogonal to the wave vector k. It is convenient 
to impose the unitary orthonormality conditions e;): 
€,, = dy and also to assume that e,, = e_,,. The 
expansion of the EMF vectors into the mode 
functions obeying the periodic boundary conditions 
has the form 


1 iker 
Der,t) = ~e D Pra(erre™ 
kA 


1 : ik-r 
Br, t) = Ww ». Oi, DMik X ej,,€ : 
kA 


where the sum extends again over all allowed values of 
the vectors k and over two values of A. The expansion 
coefficients P;,, and QO, are now complex. In order to 
guarantee that the field vectors are real, they must obey 
the conditions 


ok * 
Bia = Ply Orr Oe. 
These conditions are satisfied if Pj, and O;,, are 


parametrized by the real (but otherwise arbitrary) 
variables p,,, and gx, 


Pry x Peat Pra EMK(IkA ~ F—ka) 
kA u : 
2 21 








— Da t+ 9-ka , Pea ~ P-ra) 
Oka 
2 2eo, 


The energy of the EMF splits again into a sum of 
independent contributions from all the modes 





pie y on( PurPka ; 


EMKTKATKA ) 
a 2ew, 
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An important property of the periodic mode 
functions [2] is that not only the Hamiltonian but 
also the total momentum of the field splits into a sum 
of independent contributions. The total momentum P 
of the EMF is 


P= [d'rDxB 


Upon substituting into this expression the expansions 
[3] of the field vectors, one obtains, with the use of the 
orthonormality conditions, 


PraPra EMKAKATKA 
P=Sk 
2 ( ZEW, 2 ) 





Canonical Quantization 


The canonical quantization in quantum mechanics 
consists in replacing the c-numbers representing 
the classical canonical variables gg, and p, by the 
operators g, and p,. These operators are assumed to 
obey the canonical commutation relations 


(9x. Pi] = ihdy) [4] 


The canonical quantization of the EMF may 
proceed along the same lines as in quantum mech- 
anics. All the variables g, and p, appearing in 
the decomposition into normal modes are replaced 
by the operators. When this is done, the field vectors 
B and D become the field operators B and D and 
the expression for the energy of the field becomes the 
Hamiltonian operator H 





The only difference between quantum mechanics and 
quantum field theory is that in the second case the 
number of canonical variables is infinite but this may 
cause complications only when one wants to give the 
quantum theory of the EMF a firm mathematical 
foundation. In physical applications one may think 
of the number of field oscillators as being very large 
but finite. 

Time evolution of a quantum system is described 
by associating the time dependence either with the 
operators (the Heisenberg picture) or with the 
state vectors (the Schrédinger picture). In both 
pictures the time dependence is governed by the 
system Hamiltonian. In the Heisenberg picture 
the time dependence of the operators is given by the 
commutators with H 








dG 1 a Pe 

HO = 214.0, f = 

dp). Sle te ‘ 
PD _ “(il Fl = ek du(o 


These equations have the same form as in the classical 
theory (cf. eqn [1]). Therefore, in the Heisenberg 
picture the field operators will also obey the same 
equations as in the classical theory — the Maxwell 
equations: 


a,Ba,t) = -Vx Dor, d/e, VBC, p) = 0 


a,Da,t) =V xB, p/p, V-DG, 1) = 0 
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Of course, the average values of the field operators 
evaluated in both pictures are the same and for every 
quantum state they obey the classical Maxwell 
equations. 

The commutation relations [4] for the canonical 
operators and the completeness of the mode functions 
imply the following equal-time commutation 
relations for the field operators 


(Bx, t), De’) = th Y 850,518 — ) 
k 


These relations do not depend on the choice of the 
mode functions. They summarize in a universal 
manner the canonical properties of the electro- 
magnetic field operators. 


Annihilation and Creation Operators 


The canonical variables g, and p, are convenient for 
bringing home the analogy between mechanical 
oscillators and wave fields. However, there exists 
also a complementary, corpuscular aspect of the 
quantum theory of the EMF and that is most easily 
expressed in terms of photons. The best way to 
describe photons in quantum field theory is in 
terms of annihilation and creation operators. These 
operators were introduced by Schrédinger in the 
context of the quantum-mechanical harmonic 
oscillator but they have become really indispensable 
in quantum field theory. Formally, the annihilation 
a, and the creation a, operators are defined as the 
following complex combinations of canonical 
operators 








Annihilation and creation operators are dimension- 
less, one is the Hermitian adjoint of the other, and 
they obey very simple commutation relations: 


[4e.4)] = dg) [6] 


The Hamiltonian expressed in terms of annihilation 
and creation operators reads 


A rae 1 
H= z hapa, ag + 7 of [7] 


This Hamiltonian determines the following time 
dependence of the annihilation and creation operators 


a(t) = ap exp(—iagt), a,(t) = a, expliagt) 


The field operators expressed in terms of annihila- 
tion and creation operators corresponding to the 
periodic boundary conditions are 





EW » —io,tt+ik-r 
ANeKAC + H.c. 
2V kA&kA 


Dc, t) = Oy 
kA 





Bir, t) = i> 
kA 


ayak X e,ye KK 4 He, 
2VEo, 


where H.c. stands for the Hermitian conjugate of the 
first term. In the limiting case for infinite empty space, 
when V— o, the Fourier sum becomes the Fourier 
integral: 


Dirt) = iD Jere soa 


= ay (kyef eles ik") 


a> je Ml seats @xbokee tote 


- a\(k)kx ef eine ikr) 


(a (k)e,e itt 


In this case, the commutation relations involve the 
(three-dimensional) Dirac delta function 


[a,(k), a(K)] = 8) 8O(k — k’) [8] 


The field operators may also be expressed in terms of 
the vector potential operator A(r,t) 


Der, t) = —¢d,A(r,t), Ba, t) = VX AC, 1) 


x h : : 
= > 3 n ia, t+ik-r 
A(r, t) ~ fa k ipo (a,(kKye,ye 


ae ‘werk: 
+ ay(kje, ec!" ier) 


The vector potential is needed for the description of 
the interaction with charged particles. 


Space of Quantum States 


The standard basis in the space of quantum states 
consists of the state vectors of stationary states — the 
eigenvectors of the Hamiltonian. 
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Vacuum State 


The lowest energy state of the EMF — the ground 
state of the system — is often called the vacuum state. 
The state vector describing the vacuum state is 
denoted by |0). The vacuum state is the common 
ground state of all harmonic oscillators making up 
the EME. Since the ground state of a single harmonic 
oscillator has the energy fw/2, the energy of the 
ground state for an infinite number of oscillators is 
infinite (last term in eqn [7]). This infinity has no 
physical consequences because only the energy 
differences are observable. In the presence of 
obstacles (mirrors, resonators, beamsplitters, etc.), 
owing to the change in the mode structure, there will 
be a change in the energy of the new ground state 
relative to the energy in empty space. The energy 
differences between various ground states do have 
physical significance. 


Fock Basis 


It follows from the commutation relations [6] and 
from the form [7] of the Hamiltonian that the operator 
a, decreases the energy of the EMF by the Planck 
quantum of energy hw,. Therefore, all operators 4, 
must annihilate the ground state vector, 4,10) = 0, 
because there is no state with a lower energy. Each 
creation operator a, acting on any state vector adds 
one excitation with the energy hia,. These excitations 
of the electromagnetic field with characteristic ener- 
gies hw, are interpreted as photons. The state vectors 
of the form 4,10) describe one- -photon states, the state 
vectors of the form 4,4, 110) describe two-photon 
states, etc. All the vectors generated from the vacuum 
state vector by acting with the creation operators form 
a basis, called the Fock basis. The general state vector 
of this basis is characterized by a sequence of natural 
numbers {71, 27,...} and is generated from the vacuum 
state according to the formula 


lay, Mas oo.) = (my tmg te MP Y™(G)"...10) 19] 
where the prefactor is needed for normalization. The 
number nz, tells us how many photons of type k are 
present in this state. The spatial structure of a field 
excitation created by a, is described by the mode 
function u,(r). Thus, this mode function plays the 
same role as the wavefunction yr) of a massive 
particle and the set of indices labeling the mode 
functions is the analog of quantum numbers for y(r). 
In particular, for the mode function [2], the photons 
have a definite momentum fk. In a cylindrical 
waveguide the photons may have a definite momen- 
tum only along the axis of the cylinder. In a spherical 


cavity the photons may have the definite value of 
square of the total angular momentum and its projec- 
tion on a given axis. The Fock states are highly 
nonclassical; all average values of the EMF in these 
states vanish. 

All states of the EMF are either pure or mixed. 
Pure states are described by all linear superpositions 
of the basis states. In particular, by superposing 
photon states with a range of energies, one may 
form nonmonochromatic photon wavepackets. All 
superpositions are allowed since photons do not have 
any absolutely conserved quantum numbers (like, 
e.g., charge). Mixed states are described by the 
density operators. Among the mixed states the 
prominent role is played by the thermal state 
describing the EMF in equilibrium with a reservoir 
at temperature T: 


Coherent States 


The one-mode coherent states la) are obtained from 
the vacuum state by the action of the unitary 
displacement operator D(a, a”) 


Bocas at 
la) = D(a, a’)l0) = e* ~* 710) = lal’ ga 10) 


where @ and @’ are the annihilation and creation 
operators corresponding to a given mode. Coherent 
states are superpositions of an infinite number of 
Fock states. The multimode coherent state is 
generated by the product of displacement operators 


at ch 
Dik (Apap — OR Ap) 
lay, @,...) =e 10) 
In reality, the coherent states are generated by the 
action of an external (strong) time-dependent electric 
current. In that case the coefficients a, are the 
projections of the current on the mode functions. 
The average values of the field operators (B,(r, t)) and 
(D,(t,t)) in coherent states are the solutions of the 
Maxwell equations in the presence of an external 
electric current. 


Entangled States 


The states of the EMF describing photons in different 
modes may exhibit correlations. The simplest such 
state is a two- ;photon state of the form |¢)= 

27 12Gaiay + 434)|0). In this case, when one photon 
is found, say, in the state 1, the other will be found 
with the probability 1 in the state 2. The states that 
exhibit correlations between photons belonging to 


different modes are called the entangled states. 
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Correlations occur also in the classical theory, 
but only for statistical mixtures when there is a 
loss of information. In quantum theory the 
correlations may arise even without a loss of 
information, i.e., for pure states. A striking feature 
of entangled states is that the decomposition of 
such a state into a sum of Fock states is not 
unique. For example, the state vector 1d) may also 
be written in the form 16) = 27!(a),45, + 4y4y)10), 
where 4, =271?(a1 — 4), a, = 2712 a), — al), 
ay = 2-124) +45), al, = 2774 +44). Entangled 
states play a crucial role in quantum information 
theory, especially in quantum cryptography. 


Quantum Fluctuations and the 
Uncertainty Relations 


It follows from the basic principles of quantum theory 
that there are no states of the system for which both 
canonical variables g and p have sharply defined 
values. The limits on the quantum fluctuations 
(variances) of these values are determined by the 
uncertainty relation. The most stringent form of this 
relation obtained from the commutation relations [4] 
(for a single mode) reads 





ae (8q8p + &p8g)" 


2A p\2 > 
(Aq)"(Apy = | 4 


[10] 


where 69=4-(q), 6p =p — (p), (Aq) = ((89)”), 
and (Ap)* = ((8p)*). The states for which this inequal- 
ity is saturated play a distinguished role in quantum 
theory. Since the uncertainty relation expresses the 
limitations on the quantum fluctuations of g and p, 
the best one can do in approaching the classical 
regime is to achieve equality in the uncertainty 
relation. That is why the quantum states that saturate 
[10] are viewed as the counterparts of the classical 
states. In the quantum theory of the EME, the 
uncertainty relations express the complementarity 
between the magnetic and electric fields. The better 
one knows the magnetic field, the more uncertain is 
the electric field, and vice versa. However, the 
projections of the field operators B and D on the 
same direction commute (cf. eqn [5]). Therefore, 
there are no limitations on the magnetic and electric 
field values in a given direction and only the values in 
different directions are subjected to the quantum 
uncertainty relation. 


In the vacuum state the variances of g and p for 
each mode are 


hew 


h 
(Aqy = Fey (APY = —_ [11] 


and they saturate the uncertainty relation. These 
fluctuations are called the shot noise. Very often 
one uses dimensionless quadrature operators 
X, =Gv2ewlh and X, =p V2/ewh, whose fluctu- 
ations in the vacuum state are equal to 1. All coherent 
states have the same fluctuations as the vacuum 
state. They may be viewed in the phase space as 
the vacuum state displaced from the origin (corre- 
sponding to the vacuum state) by the mean values 
of g and p. 

Coherent states are not the only states that saturate 
the uncertainty relations. The other states with this 
property are called the squeezed states. The fluctu- 
ations of X, and X> for squeezed states are different 
from 1 but their product is still equal to 1, 
(AX,)°(AX))* = 1. 

Fock states have well-defined energies and 
numbers of photons since they are the eigenstates 
of the Hamiltonian. However, the phases of the 
EMF are maximally uncertain; they are evenly spread 
over the whole range from 0 to 27. That is why the 
average values of the field vectors vanish in all 
Fock states. 


See also 


Photon Picture of Light. Quantum Electrodynamics: 
Cavity QED. 
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Modification of the Spontaneous 
Transition Rate in Confined Space 


In order to understand the modification of the 
spontaneous emission rate in an external cavity-like 
structure, it must be remembered that in quantum 
electrodynamics this rate is proportional to the density 
of modes of the electromagnetic field, i.e., the vacuum 
field fluctuations above the atomic transition fre- 
quency wp. As a consequence the spontaneous emis- 
sion rate is increased if the atom is surrounded by a 
cavity tuned to the transition frequency. Conversely, 
the decay rate decreases when the cavity is mistuned. 
This fact was already recognized in the pioneering 
days of nuclear magnetic resonance by Purcell. 

The spontaneous decay rate of the atom in the 
cavity, Y, will then be enhanced in relation to that in 
free space, ys, by a factor given by the ratio of the 
corresponding mode densities 


Or) 
4n7V, 


Ve i Pc (Wo) _ 27Q C. 
Ye  p(@) ~=—- Vw 





where V, is the volume of the cavity and QO is the 
quality factor of the cavity which expresses the 
‘sharpness’ of the mode. For low-order cavities V. ~ 
Ag this means that the spontaneous emission rate is 
increased by roughly a factor of O. As mentioned 
already, when the cavity is detuned, the decay rate will 
decrease. In this case the atom cannot emit a photon, 
since the cavity is not able to accept it, and the energy 
will stay with the atom, i.e., its decay is inhibited. 

To change the decay rate of an atom, in principle no 
resonator has to be present; any conducting surface 
near the radiator affects the mode density and, 
therefore, the spontaneous radiation rate. Parallel 
conducting planes can alter the emission rate some- 
what but can only reduce the rate by a factor of 2 
owing to the existence of modes, independent of the 
plate separation with an electric field perpendicular to 
the planes. 

In order to demonstrate experimentally the modi- 
fication of the spontaneous decay rate, it is not 
necessary to go to single-atom densities. The experi- 
ments where the spontaneous emission is inhibited 
can also be performed with large atom numbers. 


However, in the opposite case, when the increase of 
the spontaneous rate is observed, a large number of 
excited atoms may disturb the experiment by induced 
transitions. The first experimental work on inhibited 
spontaneous emission was done by Drexhage, Kuhn 
and Schafer in 1974. The fluorescence of a thin dye 
film near a mirror was investigated. A reduction of 
the fluorescence decay by up to 25% was observed. 
Later experiments with microcavities filled with dye 
solutions were performed by de Martini et al. These 
experiments demonstrated that thresholdless lasing is 
possible in such systems. 

Inhibited spontaneous emission was observed by 
Gabrielse and Dehmelt. In these neat experiments 
with a single electron stored in a Penning trap they 
observed that cyclotron orbits show lifetimes which 
are up to 10 times longer than that calculated for free 
space. The electrodes of the trap form a cavity which 
decouples the cyclotron motion from the vacuum 
field leading to the longer lifetime. 

A new stage in experiments on cavity QED was 
reached when it was recognized that highly excited 
alkaline atoms are very suitable for these experi- 
ments. The main quantum numbers are in the range 
n = 20-60. Those so-called Rydberg atoms couple 
very strongly to the radiation field as will be discussed 
later. The transitions to neighboring states are in the 
microwave region. The cavities can therefore be built 
as low-order cavities with dimensions on the order of 
the wavelength of the transitions being in the mm or 
cm regions. The spontaneous rate of these transitions 
in free space is small owing to the low value of 
their transition frequency, therefore an enhancement 
is possible. Experiments with Rydberg atoms on the 
inhibition of spontaneous emission have been per- 
formed by Kleppner and coworkers and by Haroche 
and coworkers. In the latter experiment a 3.4 wm 
transition of the Cs atom was suppressed. 

The first observation of enhanced atomic spon- 
taneous emission in a resonant cavity was published 
by Haroche et al. This experiment was performed with 
Rydberg atoms of Na excited in the 23s state 
in a niobium superconducting cavity resonant at 
340 GHz. Cavity tuning-dependent shortening of 
the lifetime was observed. The cooling of the 
cavity had the advantage of totally suppressing the 
black-body field. The latter effect is completely absent 
if optical transitions are observed, however, in this case 
it is more difficult to obtain low-order cavities. 
The first experiments on optical transitions were 
performed by Feld and collaborators. They succeeded 
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in demonstrating the enhancement of spontaneous 
transitions even in higher-order optical cavities. 

In modern semiconductor devices both electronic 
and optical properties can be tailored with a high 
degree of precision. Therefore, electron—hole systems 
producing recombination radiation analogous to 
radiating atoms can be localized in cavity-like 
structures, e.g., in quantum wells. Thus optical micro- 
cavities of half or full wavelength size are obtained. 
Both suppression and enhancement of spontaneous 
emission in semiconductor microcavities were 
demonstrated in experiments by Yamamoto and 
collaborators. Yablonovitch et al. proposed the use 
of photonic band gap structures in semiconductors. In 
those systems spontaneous emission is forbidden in 
certain frequency regions owing to the special 
material properties. 


Energy Shift in Confined Space 


In the previous section we focused on changes of 
radiation rates of atoms near conducting walls or in 
cavity-like structures. Next we will discuss the more 
subtle phenomenon of energy shifts. While radiation 
rates are modified by the influence of the vacuum field 
on the real emission of photons the energy shifts are 
caused by the modification of a virtual photon 
interaction. 

Resonant and nonresonant phenomena have to be 
distinguished. The resonant self-energy shift of a 
decaying atomic dipole in the vicinity of a conducting 
wall can be determined from the average polarization 
energy produced by the image dipole field. For 
distances comparable to the wavelength the near- 
field condition is satisfied, resulting in the z° 
dependence of the static dipole-dipole interaction 
characteristic for the van der Waals energy; under 
far-field conditions the distance dependence is given 
by z !. The polarization of the atom by the 
nonresonant parts of the broadband electromagnetic 
field causes energy shifts, of which the Lamb shift is 
the most prominent. In the sense of the nonrelativistic 
treatment by Bethe the major contribution of that 
shift can be described as being a result of the emission 
and reabsorption of virtual photons. It is plausible 
that just as the real emission of a photon is modified 
in confined space, so also is the virtual process. The 
latter ‘real’ radiation energy shift is thus a conse- 
quence of vacuum fluctuations only. It is identical 
with the energy shift predicted by Casimir and Polder 
and is analogous to the better-known result of 
Casimir on the force between two plane neutral 
conducting plates. 

The question of modification of atomic energies in 
confined space has recently found considerable 


interest and many calculations of the phenomenon 
have been performed. Direct application to the energy 
shift of Rydberg atoms, which are of special interest 
for experimental studies, was performed by Barton in 
1987. He calculated the direct electrostatic inter- 
action with a conducting wall and the radiation 
induced (retarded) effects. The result is that in the 
case of two parallel plates the electrostatic effect is 
dominant when the distance L between the conduct- 
ing plates is small, L < n°ao/a (n is the principal 
quantum number of the Rydberg atom, dg the Bohr 
radius, and a the fine-structure constant), and the 
radiative effect plays the major role when large 
distances are used, L > n3aga. 

Experiments to measure the van der Waals force of 
conducting planes have been performed by Hinds and 
coworkers. They could clearly demonstrate the z~° 
dependence of the van der Waals force. The retarded 
effects were not detectable at large distances but at 
small distances from the wall a deviation from the z~> 
dependence was found which was attributed to the 
retarded QED potential. 

The energy shift of rubidium Rydberg atoms in 
confined space has been measured by Marrocco et al. 
in an experiment with extreme high-resolution using 
the Ramsey experiment two-field method. The atoms 
are excited in s-Rydberg states (n ~ 30) by two- 
photon transitions using the light of an ultrastable 
dye laser, the linewidth of which was less than 10 Hz. 
The laser intensity was enhanced in a folded cavity 
locked to the laser frequency. Both interaction zones 
necessary for the Ramsey method were enclosed in 
this cavity. Between the two interaction regions the 
atoms pass through a pair of conducting plates, the 
distance between which can be changed. The shift of 
the Ramsey interference was measured as a function 
of the plate distance. Using the Ramsey method has 
the advantage that the shift can be determined 
without a direct probing of the atoms in the space 
between the plates. A level shift on the order of about 
150 Hz could be measured, in very good agreement 
with theory. 


Maser Operation 


If the rate of atoms crossing a cavity exceeds the 
cavity damping rate w/Q, the photon released by each 
atom is stored long enough to interact with the next 
atom. Here stands for the cavity frequency and O 
for the quality factor of the cavity. The atom—field 
coupling becomes stronger and stronger as the field 
builds up and evolves to a steady state. Using Rydberg 
atoms with a large field—atom coupling constant 
leads to a new kind of maser which operates with 
exceedingly small numbers of atoms and photons. 
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The photons corresponding to transitions between 
neighboring Rydberg atoms are in the microwave 
region at about 20-100 GHz. Atomic fluxes as 
small as a few atoms per second have generated 
maser action, as could be demonstrated by Walther 
et al. of the University of Munich in 1985 using a 
superconducting cavity. For such a low flux there is 
never more than a single atom in the resonator — in 
fact, most of the time the cavity is empty of atoms. It 
should also be mentioned that in the case of such a 
setup a single resonant photon is sufficient to saturate 
the maser transition. 

The scheme for this one-atom maser or micromaser 
is shown in Figure 1. The setup represents the simplest 
system in radiation—atom interaction: a single atom is 
interacting with a single mode of the radiation field. 
This device was used to verify the complex dynamics 
of a single atom in a quantized field predicted by the 
Jaynes—Cummings model. All of the features are 
explicitly a consequence of the quantum nature of the 
electromagnetic field: the statistical and discrete 
nature of the photon field leads to new characteristic 
dynamics such as collapse and revivals in the exchange 
of a photon between the atom and the cavity mode. 








Rubidium oven 


Velocity selective 
angle tuned 
UV laser 


The frequency of this exchange is usually called the 
Rabi flopping frequency. The field in the cavity is 
measured through the number of atoms in the lower 
state of the maser transition. Due to the strong 
coupling between the atom and maser field both are 
entangled. The strong coupling can also be used to 
entangle subsequent atoms. 

The steady-state field of the micromaser shows sub- 
Poisson statistics. This is in contrast to regular masers 
and lasers where coherent fields (Poisson statistics) 
are observed. The reason for nonclassical radiation 
being produced is that a fixed interaction time of the 
atoms is chosen, leading to careful control of the 
atom-—field interaction dynamics. 

Under steady-state conditions, the photon statistics 
P(n) of the field of the micromaser are essentially 
determined by the pump parameter @ = Nl? Otjn:, 
denoting the angular rotation of the pseudospin vector 
of the interacting atom. Here, N., is the average 
number of atoms that enter the cavity during the decay 
time of the cavity 7, 2 the vacuum Rabi flopping 
frequency, and fin, is the atom—cavity interaction 
time. The normalized photon number of the maser 
(v) = (n/N. shows the following generic behavior 


Superconducting 
niobium cavity 





State selective 
field ionization of 
Rydberg atoms 


Figure 1 Micromaser setup of rubidium Rydberg atoms in the 63p state. The velocity of the atoms is controlled by exciting a velocity 
subgroup of atoms in the atomic beam. The atoms in the upper and lower maser levels are selectively detected by field ionization. 
The number of photons deposited in the cavity is determined through the number of atoms in the lower state (61d). 
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Figure 2 One-atom maser or micromaser characteristics. The 
upper part of the figure shows the average photon number versus 
interaction time (solid curve) and the photon number fluctuations 
represented by the Q-factor (dotted line). Both curves are 
determined by the photon exchange dynamics between atom and 
field. The pump parameter gives the angular rotation of the 
pseudospin vector of the interacting atom (e.g., 277 corresponds to 
a full rotation, i.e., the atom is again in the upper level). In the lower 
part of the figure the steady-state photon number distribution P(n) 
is shown for three values of fin. The distribution on the left side 
corresponds to the maser threshold, that on the right gives an 
example of the double-peaked distribution associated with the 
quantum jump behavior. In this situation, the atom is back in the 
excited state and can again emit, leading to a higher steady-state 
photon number n,. With increasing fi, this part will grow and n, will 
decrease and disappear. A new jump occurs in the region 3b. 


(see Figure 2). It suddenly increases at the maser 
threshold value © = 1 and reaches a maximum for 
© =~ 2 (denoted by 1 in Figure 2). The behavior at 
threshold corresponds to the characteristics of a 
continuous phase transition. As @ increases further, 
the normalized averaged photon number (v)/N.x 
decreases to a minimum slightly below © = 27, 
and then abruptly increases to a second maximum 
(3a in Figure 2). This general type of behavior 
recurs roughly at integer multiples of 27, but 
becomes less pronounced with increasing ©. The 
reason for the periodic maxima of the average photon 
number is that for integer multiples of @ = 27 the 
pump atoms perform an integer number of full Rabi 
flopping cycles, and start to flip over at a slightly larger 
value of ©, thus leading to enhanced photon emission. 
The periodic maxima for © = 27,47, and so on may 
be interpreted as first-order phase transitions. 

The photon statistics of the maser radiation is 
usually characterized by the O-parameter introduced 


by Mandel: 


Ofield = |((n?) — (ny Jinn} -1 


It can be seen that Og.jy = 0 corresponds to a 
Poissonian photon distribution. Oger for the micro- 
maser is plotted as a dotted line in Figure 2. The value 
drops below zero in the region 2a, 2b, etc. This 
shows the highly sub-Poissonian character of the one- 
atom-maser field being present over a large range of 
parameters. 

The reason for the sub-Poissonian atomic stat- 
istics is the following. A changing flux of atoms 
changes the Rabi frequency via the stored photon 
number in the cavity. Adjusting the interaction time 
allows the phase of the Rabi nutation cycle to be 
chosen such that the probability of the atoms 
leaving the cavity in the upper maser level increases 
when the flux, and hence the photon number in the 
cavity, is raised. This leads to sub-Poissonian atomic 
statistics since the number of atoms in the lower 
state decreases with increasing flux and photon 
number in the cavity. This feedback mechanism can 
be neatly demonstrated when the anticorrelation of 
atoms leaving the cavity in the lower state is 
investigated. Measurements of this anticorrelation 
phenomenon could be made. 

The fact that anticorrelation is observed shows that 
the atoms in the lower state are more equally spaced 
than expected for a Poissonian distribution of the 
atoms in the beam. This means, for example, that 
when two atoms enter the cavity close to each other, 
the second one performs a transition to the lower 
state with reduced probability. 

The interaction with the cavity field thus leads to an 
atomic beam with atoms in the lower maser level 
showing number fluctuations which are up to 40% 
below those of a Poissonian distribution found in 
usual atomic beams. This is interesting because atoms 
in the lower level have emitted a photon to 
compensate for cavity losses inevitably present. 
Although this process is induced by dissipation 
giving rise to fluctuations, the atoms still obey 
sub-Poissonian statistics. 


Generation of Number States (Fock 
States) of the Radiation Field 


When the micromaser is operated at low tempera- 
tures, a very interesting feature is observed in the 
inversion of the population of the two maser levels 
called trapping states. They are a steady-state feature 
of the maser field; they occur in the micromaser as a 
direct consequence of field quantization in a cavity. At 
low cavity temperatures the number of black-body 
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photons, 1, in the cavity mode is reduced and 
trapping states begin to appear; at higher tempera- 
tures they are washed out by the thermal photons. 
The trapping states show up when the atom-field 
coupling 9 and the interaction time fj,, are chosen 
such that in a cavity field with 4 photons the atoms 
undergo an integer number k of Rabi cycles. This is 
summarized by the condition 


Otiney%q 4+1= ko [1] 


for the trapping state, denoted by (ng,k). When 
eqn [1] is satisfied, the cavity photon number is left 
unchanged after interaction of an atom and hence the 
photon number is ‘trapped’. This will occur regard- 
less of the atomic pump rate N,,. The trapping state is 
therefore characterized by the upper-bound photon 
number mg and the number of integer multiples of full 
Rabi cycles k. In this situation the field is stabilized. 
Whenever a photon disappears, e.g., due to dissipa- 
tion, the next incoming atom experiences a changed 
Rabi nutation frequency and emits a photon with 
high probability. At the trapping condition a quan- 
tum nondemolition situation is present. Through the 
dynamics of the Rabi nutation the field is measured, 
without any net change of the field. 

The build-up of the cavity field can be seen in 
Figure 3, where the emerging atom inversion is 
plotted against the interaction time and pump rate. 
At low atomic pump rates (low N,,) the maser field 
cannot build up and the maser exhibits Rabi 
oscillations due to the interaction with the vacuum 
field. At the positions of the trapping states, the field 
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Figure 3 Behavior of the micromaser at low temperature 
showing the trapping states, manifested as valleys along the 
Nex axis. For the designation of the trapping states see text. 


increases until it reaches the trapping-state condition. 
This is manifested as a reduced emission probability 
and hence as a dip in the atomic inversion. Once in a 
trapping state, the maser will remain there regardless 
of the pump rate. 

Under ideal conditions the micromaser field in a 
trapping state is a Fock state, but when the micro- 
maser is operated in a continuous wave mode, the 
field state is very fragile and highly sensitive to ext- 
ernal influences and experimental parameters. How- 
ever, in contrast to continuous-wave operation, in 
pulsed operation trapping states are more stable and 
more practical and can be used over a much broader 
parameter range than in continuous-wave operation. 

To demonstrate the principle, Figure 4 shows a 
simulation of a sequence of 20 pulses of the pumping 
atoms in which an average of seven excited atoms per 
pulse are present. Under the trapping condition only a 
single emission event occurs, producing a single lower 
state atom which leaves a single photon in the cavity. 
Since the atom-—cavity system is in the trapping 
condition, the emission probability is reduced to zero 
and the photon number is stabilized. Consequently, 
excited state atoms following the emitting atom stay 
in the upper maser level. The variation of the time 
when an emission event occurs during the atom pulses 
in Figure 4 is due to the Poissonian spacing of upper- 
state atoms entering the cavity and the stochasticity of 
the quantum process. 

The lower part of Figure 4 shows the photon 
number distribution resulting from this process. 
It was demonstrated experimentally by Brattke et al. 
that a single photon number state could be generated 
with a success rate of 85%. By improving the 
experimental parameters one can expect to prepare 
single-photon Fock states in 98% of the pulses by 
this method. 


Other Cavity Experiments 


Besides the micromaser, there are also other experi- 
ments using Rydberg atoms in cavities and the 
strong interaction of these atoms with cavities 
which lead to interesting applications. One example 
is an experiment by S. Haroche, J. M. Raimond et al., 
who succeeded in realizing a Schrédinger cat state ina 
cavity. Studies on the decoherence of this state could 
be conducted. The experiments are quite important in 
exploring the boundaries between the quantum and 
classical worlds. Another example is the quantum 
nondemolition detection of a single photon in a cavity 
by S. Haroche employing the dispersion level shift of 
probing atoms. 

There is an interesting equivalence between an atom 
interacting with a single-mode field and a quantum 
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The question above applies to both (every) type of multimeter and the type of meter 
you use depends on the accuracy you need. Sometimes you are looking for 1mV 
change on a 20v rail. Only a DMM will (or a CRO) will produce a result. 


Analogue meters have an "Ohms Adjustment" to allow for the change in voltage of 
the battery inside the meter (as it gets old). 





"Ohms Adjust" is also called "ZERO SET" 


The sensitivity of this meter is 20,0000hms/volt 
on the DC ranges and 5k/v on the AC ranges 


Before taking a resistance reading (each time on any of the Ohms scales) you need 
to "ZERO SET" the scale, by touching the two probes together and adjust the pot 
until the needle reads "0" (Swings FULL SCALE). If the pointer does not reach full 
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Figure 4 A simulation of a subset of 20 subsequent atom 
bunches generated by pulsed laser excitation with the associated 
probability distribution for photons in the cavity or lower-state 
atom production (filled circles represent lower-state atoms and 
open circles represent excited-state atoms). The start and end 
of each pulse is indicated by the vertical dotted lines marked 0 
and 7puise. respectively. For details, see Battke S, Varcoe BTH 
and Walther H (2001) Generation of photon number states on 
demand via cavity, quantum electrodynamics. Physical Review 
Letters 86: 3534-3537. 


particle in a harmonic potential, as was first pointed 
out by D. F. Walls and H. Risken; this connection 
results from the fact that the radiation field is 
quantized on the basis of the harmonic oscillator. 
The Jaynes—Cummings dynamics can therefore also 
be observed with trapped ions, as recently demon- 
strated in a series of beautiful experiments by 
D. Wineland et al. They also produced a Schrédinger 
cat state by preparing a single trapped ion in a 
superposition of two spatially separated wavepackets 
which are formed by coupling different vibrational 
quantum states in the excitation process. 

Besides the experiments in the microwave region, 
a single-atom laser emitting in the visible range has 
also been realized by M. Feld et al. Furthermore, 


cavity quantum electrodynamic effects have been 
studied in the optical spectral region by J. L. 
Kimble et al. 

Today’s technology in microfabrication of semi- 
conductor diode structures allows the realization of 
low-order cavity structures for diode lasers. In these 
systems the spontaneous emission is controlled in the 
same way as in the micromaser. Since spontaneous 
decay is a source of strong losses, control of this 
phenomenon leads to highly efficient laser systems. 
Quantum control of spontaneous decay thus has 
important consequences for technical applications. 
This topic will be briefly described in the next section. 


Microlasers 


The simplest approach to fabricating an optical 
microcavity is to shrink the spacing between the 
mirrors of a Fabry-Perot resonator to A/m (where n 
stands for the refractive index) while reducing the 
lateral dimensions to a range of the same order of 
magnitude. This structure provides a single dominant 
longitudinal field mode that radiates into a narrow 
range of angles around the cavity axis. 

The first optical microcavity experiments used dye 
molecules between high-reflectivity dielectric mirrors 
in the Fabry—Perot configuration. Because spon- 
taneous emission is a major source of energy loss, 
speed limitations, and noise in lasers, the capability to 
control spontaneous emission is expected to improve 
laser performance. If the fraction of spontaneous 
emission coupled into the lasing mode is made close 
to one, the ‘thresholdless’ laser is obtained, in which 
the light output increases almost linearly with the 
pump power instead of exhibiting a sharp turn-on at 
the pump threshold. 

Semiconductor microcavities provide high-O 
Fabry-Perot cavities for both basic studies and 
potential applications. Molecular beam epitaxy or 
organometallic chemical vapor deposition techniques 
are used to deposit high-reflectivity mirrors 
consisting of alternating quarter-wavelength layers 
of lattice-matched semiconductors. For example, 15- 
20 pairs of quarter-wave layers of Alg.»Gao.gAs and 
AlAs result in a reflectivity greater than 99% and O 
values greater than 500. The optically active layer in 
such a microcavity is typically a GaAs quantum well 
located at the midplane of the cavity, where the field 
strength is maximum. 

Since the microcavities have an extremely low 
threshold, their efficiency will also be high. Low- 
cost, high-density light source arrays and photonic 
circuits are made possible by the small size and low 
power consumption of such resonators. It will be 
possible to produce entire wafers containing millions 
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of microlasers with a multipole arrangement instead 
of having to cleave each individual semiconductor 
laser as at present. This improvement will lead 
to higher yields and lower cost per element. Another 
advantage of surface-emitting microcavity sources is 
the efficient optical coupling of their stable sym- 
metric mode patterns into optical fibers or wave- 
guides. These lasers are thus certain to spark 
a revolution in optical communication in the future. 


Conclusion 


This article reviewed experiments in cavity quantum 
electrodynamics. The experiments shed new light on 
our understanding of the radiation interaction of 
atoms. The achievable strong coupling between 
atoms and radiation leads to the possibility to 
generate entanglement between the generated radi- 
ation field and the atoms, presenting a basis for 
interesting applications in connection with, e.g., 
quantum computing and quantum information 
processing. Furthermore Fock states of the radiation 
field can be generated. The control of spontaneous 
decay finally leads to interesting new laser systems 
offering high efficiency. 
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Introduction 


According to classical electromagnetism, propagating 
light fields obey Maxwell’s equations under which 
electric and magnetic fields exchange their strength in 
an oscillatory manner. If a propagating field is 
followed at a single reference point, it is convenient 
to represent the electric field as a complex number 
|E(t)lexp(—iawt) where |E(¢)| is the magnitude of the 
field and the phase of the field exp(—iat) oscillates 
in time t with the optical frequency w. Figure 1 
illustrates how the classical field is determined by 
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one single point in the complex plane; consequently, 
the phase and amplitude of the field are known 
exactly. According to quantum mechanics, this simple 
picture has to be altered because the Heisenberg 
uncertainty relation states that complementary 
quantities like phase and amplitude cannot be 
determined precisely at the same time. As a result, 
the real and imaginary parts of the field can be 
determined only with accuracy ARe[E] and Alm|[F ], 
respectively, and the Heisenberg uncertainty principle 
determines the best possible accuracy ARe[E | 
AIm[E]=1. To incorporate the fundamental 
inaccuracy, the electric field has to be defined by 
using complex-valued distributions or equivalently 
wavefunctions as shown in Figure 1. This quantiza- 
tion procedure leads to the Schrédinger equation 
for light analogous to that for particles. The field 
called quantum optics investigates the quantum 
electrodynamics (QED) features of light. 
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Figure 1 (a) The classically described light field E(t) is a single 
point in the complex XY-plane; the corresponding (X,Y) vector 
has a definite phase and angle. (b) Quantum mechanically 
described light is a distribution with fluctuations AX and AY 
described by the shaded circle. 


In general, light does not propagate freely in space, 
but it interacts strongly with the surrounding matter. 
For example, light can be absorbed, and its energy can 
be converted into excitation of the matter. As a result, 
the light may be slowed down, reflected, scattered, or 
diffracted. In order to explain the implications of the 
light—matter interaction in detail, one obviously has to 
apply a quantum mechanical description also for the 
matter. This approach determines the so-called eigen- 
states of the matter, so that the matter may occupy only 
certain discrete states with discrete energies. The 
Rydberg series of a hydrogen atom is a typical 
example. Similar discrete energy levels are also 
found for the quantized light; these levels are often 
referred to as photons which heuristically describe the 
particle properties of the light. The lowest-order 
light—matter interaction consists of processes where 
one photon is absorbed (emitted) while the matter is 
simultaneously excited (de-excited) from one eigen- 
state to another. This generic type of interaction 
leads to a microscopic description of the optical effects 
mentioned above. The magnitude of these effects 
depends on the strength of the interaction. By 
implementing different cavity configurations, the 
reflected light can be forced to travel across the same 
matter many times. As a result, the light—matter 
interaction is enhanced by a factor proportional to the 
multiple passes of the light. Thus, a cavity can be 
efficiently used to amplify optical phenomena. Figure 2 
shows cavity configurations commonly used for 
semiconductors. Semiconductor cavity QED investi- 
gates quantum optical effects in semiconductor 
systems by enhancing them with cavity mirrors. In 
general, quantum optical features produce classically 
unexpected effects which typically stem from: (a) the 
discrete nature of eigenstates of light and matter; 
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Figure 2 (a) A typical vertical-cavity surface-emitting laser 
(VCSEL) structure; a stack of quarter-wavelength layers with 
different refractive index provides a mirror such that the light 
intensity (solid line) is strongly confined inside the cavity. 
A quantum well (QW) is positioned at the field maximum. (b) Ina 
microdisk laser, light encounters ideal total reflection when the 
edge of the disk is reached. The so-called whispering gallery 
mode emits (leaks) light from the edge. (c) A schematic illustration 
of semiconductor band structure, bandgap, and Coulomb 
interaction for an electro—hole system. 


(b) the superposition principle of quantum mechanics; 
and (c) the Heisenberg uncertainty principle. In this 
article, we review both theoretical and experimental 
advances made so far to predict, observe, and control 
quantum optical effects in semiconductors with 
respect to effects (a)—(c). 

During the last few decades, atomic quantum 
optics has already developed toward QED investi- 
gations, and semiconductor optics is developing 
rapidly into the same regime. Advanced atomic 
QED theories have successfully explained and guided 
intriguing experimental developments like laser cool- 
ing, atom condensation, and photon teleportation. 
However, the atomic approach can mostly be applied 
to describe dilute and only weakly interacting atomic 
gases since relatively simple models of few- 
level systems are used to describe the material. 
The elementary electronic excitations in semiconduc- 
tors consist of electrons and holes (missing electrons) 
lifted into the conduction and valence bands, respect- 
ively. The corresponding eigenstates form continuous 
energy bands with the band-gap energy separation 
indicated in Figure 2. Since electrons and holes have 
opposite charges, they experience Coulomb attrac- 
tion whereas bare electrons or holes repel each other. 
Under favorable conditions, the attractive Coulomb 
interaction prevails and atom-like bound electron- 
hole pairs (excitons) may be formed. However, since 
the Coulomb force has an infinite range and an 
electron-hole system is typically dense, excitons 
cannot be treated as weakly interacting quasiparti- 
cles. As a result, the atomic QED approaches cannot 
be used to describe quantum optics of semiconductors 
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in general. Thus, this article concentrates mostly on 
semiconductor QED theory which fully includes the 
interaction of charge carriers, i.e., electrons and holes, 
as well as quantum features of light. 

The development work on quantum devices and 
processes is vital for advancements in several key 
technologies such as computers and telecom- 
munications. The continuous decrease in component 
dimensions leads to a microscopic structure size (less 
than 1 pm); at the same time, increase in the device 
performance is accompanied by ultrafast operation 
time (faster than 1 ps). Due to these development 
trends, the properties of components and processes 
are becoming more and more quantum mechanical. 
Although the description of the quantum processes is 
complicated, the microscopic behavior offers entirely 
new operational functionality such as massively 
parallel quantum computers. These possibilities are 
based on the controlled manipulation of the quantum 
mechanical state of the light and matter. Due to rapid 
recent developments, optically coupled semiconduc- 
tor devices have a great potential to become 
technologically successful and commercially viable 
quantum components. 


Quantized States: Observation via 
Strong Light-Matter Interaction 


In order to enhance the light—matter interaction, we 
choose a system where the semiconductor is placed 
inside a cavity in the position where the field intensity 
is maximum. For an empty cavity, the field intensity 
has a strong dependence upon frequency with a 
strong resonance at @pg when the cavity length is an 
integer number of light wavelengths in the material. 
The width of the resonance is directly related to the 
quality of the cavity as determined by the number of 
back-and-forth reflections of light inside the cavity. If 
one chooses a vertical-cavity surface-emitting laser 
(VCSEL) structure, the most efficient coupling is 
obtained by placing a thin planar semiconductor 
structure at the field maximum as shown in Figure 2. 
If the semiconductor is planar and thin, the structure 
is called a quantum well because electrons and holes 
are confined in one direction in analogy to the 
standard particle-in-a-box problem of fundamental 
quantum mechanics. Asa result, the energy levels of a 
quantum well are discrete in the confinement direc- 
tion. If the structure is narrow enough, the system 
dynamics is confined to the lowest quantum-well level 
such that the carriers are quasi-two-dimensional due 
to the free in-plane motion. The optical response of 
such a system to a weak classical probe beam has 
been successfully analyzed with the so-called semi- 
conductor Bloch equations. For the quantum-well 


system alone, the absorption spectrum may have a 
sharp resonance; this is often referred to as an 
excitonic resonance since it is located below 
the fundamental bandgap energy at a position 
corresponding to the exciton binding energy. 
Obviously, the light—matter coupling becomes large 
when the exciton and cavity resonances coincide. 
However, since these resonances are coupled, the 
optical response is altered; we observe a splitting into 
two absorption peaks instead of the original degen- 
erate resonances. This phenomenon is commonly 
referred to as normal-mode coupling; in general, it is 
a quite common feature in quantum mechanics that 
degenerate states split due to an additional inter- 
action. Figure 3 shows the first experimental obser- 
vation of normal-mode coupling in semiconductors. 

Since a semiconductor is a strongly interacting 
many-body system, several effects alter the specific 
character of an excitonic resonance when electrons 
and holes are excited. The attractive interaction 
between electrons and holes becomes weaker for 
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Figure 3 _ Probe reflectivity of a seven-quantum-well microcavity 
structure. The various curves correspond to the energy difference 
between exciton and cavity resonances. When these resonances 
become degenerate, the reflectivity shows two resonances 
corresponding to the normal-mode splitting. From Weisbuch C, 
Nishioka M, Ishikawa A and Arakawa Y (1992) Observation of 
the coupled exciton-photon mode splitting in a semiconductor 
quantum microcavity. Physical Review Letters 69: 3314. 
Copyright (2004) by the American Physical Society. 
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increased carrier density since the surrounding 
charges screen the bare Coulomb interaction. 
A particular exciton may also experience scattering 
from nearby electrons, holes, or other excitons via the 
Coulomb interaction. Furthermore, electrons and 
holes are Fermions, which requires that any given 
carrier state can only be occupied once. This poses 
fundamental limits on how many carriers can coexist 
in a specific volume; above a certain limit, additional 
occupation is prevented, and so-called Pauli blocking 
is observed. Since an exciton consists fundamentally 
of Fermionic constituents, eventually Pauli blocking 
effects become important even for excitons. Due to a 
combination of these many-body effects, the excitonic 
resonance is weakened by an increasing carrier 
density. Figure 4 shows a comparison between theory 
and experiment of the excitonic absorption spectrum 
for different carrier densities. For elevated densities, 
the exciton resonance is broadened and its height 
reduced. When the same investigations are repeated in 
a microcavity, we observe that the normal-mode peaks 
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decrease in height but their separation is roughly 
unchanged for moderate densities. In general, the 
normal-mode spitting is proportional to the oscillator 
strength of the excitonic absorption, i.e., the area 
under the resonance. Thus, the observed constant 
splitting suggests an unchanged oscillator strength for 
moderate densities. The invariant oscillator strength 
was unexpected and can only be explained by using a 
theory which includes the Coulomb interaction of 
carriers microscopically. When the carrier density is 
increased even further, the exciton resonance is 
completely bleached, and the microcavity trans- 
mission has only a single peak, at the cavity 
mode energy; this is commonly referred to as the 
weak-coupling regime, in contrast to the nonpertur- 
bative strong coupling with two transmission 
peaks. The strong coupling regime provides several 
intriguing phenomena; for example, parametric 
amplification of emission has been demonstrated 
by applying simultaneously multiple light beams to 
the sample. 
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Figure 4 Left column: (a) microscopically computed bare quantum-well absorption spectrum, i.e., the imaginary part of the 
susceptibility, as a function of carrier density. (b) Calculated transmission of the quantum-well microcavity for corresponding densities. 
The right column shows experimentally determined (a) absorption and (b) microcavity transmission for the same conditions as in the 
calculations. From Jahnke F, Kira M, Koch SW, et al. (1996) Excitonic nonlinearities of semiconductor microcavities in the 
nonperturbative regime. Physical Review Letters 77: 5257. Copyright (2004) by the American Physical Society. 
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The ultimate cavity QED limit of normal-mode 
coupling follows when the light—matter interaction is 
so strong that even a single photon leads to splitting 
(genuine strong coupling). We briefly outline some 
aspects of the quantum statistical limit known from 
atomic physics. This situation can be analyzed with 
the so-called Jaynes-Cummings model where only 
two states of the atom are included together with a 
single light mode. In this case, the interaction between 
a single photon and an atom leads to a normal-mode 
splitting go. If two photons interact with one atom, 
the splitting increases to 2’7g 9; more generally 
coupling between 7 photons and an atom leads to a 
splitting of 2g). In the QED limit, the matter 
response is very nonlinear because one can detect the 
quantized nature of light directly from the energy 
splitting. This limit has already been reached in 
atomic cavity QED, whereas this regime is hard to 
approach with semiconductors because they behave 
more like multi-atom systems. If one has N atoms ina 
cavity, the first photon excites one atom, but there are 
N different ways of doing this, so the splitting is 
N??9 . If a second photon arrives, it interacts with 
the remaining unexcited atoms rather than the 
excited one, so that the splitting remains N'go as 
long as the number of photons is much smaller than 
N. Thus, in an N-atom system, or equivalently in 
semiconductors, the quantized light effects are much 
harder to observe than for a single atom. Currently, 
the normal-mode splitting in a semiconductor micro- 
cavity is explainable by the classical features of light, 
so that only the quantized nature of the matter is 
observed. In order to approach the ultimate cavity 
QED limit, one obviously has to reduce N and 
increase the light—matter coupling. In the future, 
this objective might be possible in quantum-dot/ 
nanocavity systems where the semiconductor is 
confined in all spatial directions. 

When an excited semiconductor is not under any 
influence of external classical light fields, it can still 
emit light via spontaneous emission resulting from 
the recombination of electron-hole pairs. The 
resulting light emission is called photoluminescence. 
Since the emission process takes place in a strongly 
interacting many-body system, one has to system- 
atically include the Coulomb interaction and Fermio- 
nic features. The emission properties can be 
consistently described by the so-called semiconductor 
luminescence equations. When the microcavity 
photoluminescence spectrum is investigated, one 
observes a similar normal-mode splitting as for the 
transmission studies. However, this normal-mode 
coupling is not in the ultimate cavity QED limit 
even though the quantum fluctuations of the light 
field trigger the spontaneous emission. Nevertheless, 
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Figure 5 Measured microcavity luminescence intensities 
(a) and peak energies (c) versus excitation intensity for the high- 
energy peak (solid line) and the low-energy peak (dashed line). 
The results of the microscopic theory are shown in (b) and (d). 
From Kira M, Jahnke F, Koch SW, et al. (1997) Quantum theory of 
nonlinear semiconductor microcavity luminescence explaining 
“poser” experiments. Physical Review Letters 79: 5170. Copyright 
(2004) by the American Physical Society. 


the luminescence shows an interesting new transition 
as a function of the excitation level. Figure 5 contains 
a comparison between theory and experiment of 
normal-mode peak heights and positions as a func- 
tion of carrier density. For low densities, the high- 
energy peak is lower in height but it overtakes the 
low-energy peak for moderate carrier densities that 
are still below lasing threshold. This threshold-like 
overtaking was attributed to Boser action, involving 
exciton formation, final-state stimulation, and Bose 
condensation. The inset shows an estimate of just 
how Bosonic the excitons are, i.e., how much they 
actually behave as independent atoms; the value unity 
corresponds to the fully Bosonic situation. The 
nonlinear luminescence transition takes place at a 
density regime where the underlying Fermionic 
electron and hole contributions become important 
(commutator is roughly 0.5). A more detailed 
analysis with the semiconductor luminescence 
equations shows that Fermionic carrier nonlinearities 
in a detuned cavity are responsible for the experi- 
mental observations. This example of a misinter- 
pretation based on a Bosonic analysis stresses how 
important it is to include the Coulomb interaction 
and Fermion character of carriers when analyzing the 
properties of semiconductors. 


Superposition Principle: Observation 
of Quantum Optical Correlations 
The above normal-mode-coupling investigations have 


shown interesting nonlinear effects, but they also 
revealed that the ultimate QED limit — demonstrating 
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discrete states of light directly — has not yet been 
reached. Alternatively, a QED investigation may 
concentrate on other fundamental features of quan- 
tum mechanics. One possibility is to study the 
implications of the superposition principle which 
states that the joint properties of a light—matter 
system can always be expressed as a superposition 
that combines light and matter wavefunctions. The 
most dramatic consequence can be observed in so- 
called entangled wavefunctions which cannot be 
factorized into light and matter parts. In a factorized 
wavefunction, the light and matter parts are inde- 
pendent whereas entangled wavefunctions con- 
ditionally connect light and matter wavefunctions. 
To elaborate the subtle details of entanglement, we 
first analyze a simple example. Assume that light 
can be in two different polarization states, |o*) or 
lo), and the matter part is either excited lup) or de- 
excited Idown). A wavefunction, [lup) + ldown)] 
[lo*)+loa-)], is clearly a superposition of the 
fundamental states, and at the same time the light 
and matter parts are completely factorized. However, 
the wavefunction [lup) lot) + |ldown)lo~)] is 
entangled, since the light and matter parts cannot 
be separated. In the entangled state, measurement on 
the light state will conditionally determine a definite 
state of the matter, whereas the factorized state has no 
such conditionality. The entanglement has far-reach- 
ing consequences which cannot be understood with a 
classical analysis. For example, the principles of 
teleportation and quantum computing follow directly 
from the controlled manipulation of different parts of 
the entangled wavefunction. For atomic systems, 
wavefunction entanglement has been demonstrated 
and utilized in several experiments. For semiconduc- 
tors, the direct manipulation and detection of the 
wavefunction seems difficult due to the overwhelming 
complexity of the many-body wavefunctions. Once 
again, the entanglement and the wavefunction are 
simplest for low-dimensional structures; direct entan- 
glement effects have been demonstrated recently in a 
single quantum dot and between a pair of dots. Also 
for more complicated semiconductor systems, such as 
a quantum well in a microcavity, the entanglement 
can be observed as correlations between light and 
matter. In this case, the existence of QED correlations 
basically means that light and matter properties 
depend conditionally on each other. In general, 
the direct entanglement and QED correlation 
investigations have a large development potential 
for semiconductors. 

When a semiconductor is excited with an external 
light pulse, entanglement-related correlations couple 
the classical and luminescence emission dynamics. 
The resulting dynamic interplay between the 


semiconductor Bloch and luminescence equations is 
mainly mediated by the correlation between photons 
and electron-hole densities. In the following, we 
analyze a microcavity configuration where a strong 
pump pulse generates large QED correlations. The 
effect of the correlations is then measured by the 
response of a weak probe beam. Figure 6 shows a 
comparison of theory and experiment of probe 
reflection in a configuration where the pump and 
probe do not have any spectral overlap. The 
measured probe reflection displays long-living oscil- 
lations as a function of time delay, i.e., phase 
difference, between the pump and the probe. 
Only by including the QED correlation in the theory 
can the oscillatory probe reflection be explained. 
When the QED contributions are omitted from the 
theory, the phase difference does not have any effect 
on the probe reflection. Thus, this experiment—theory 
example represents a direct observation of the cavity 
QED effects in semiconductors. Figure 6 also shows 
more pronounced oscillations when two phase- 
locked pump pulses provide the excitation; again 
the full QED theory explains the enhanced oscillation 
features. 

The QED features can also alter the normal-mode 
coupling characteristic of a weak probe beam. 
Figure 7 shows a comparison of theory and experi- 
ment for a situation where the pump spectrum is 
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Figure 6 (a) Measured differential reflectivity and (b) computed 
reflection probability of the probe pulse as function of probe delay 
with respect to the excitation pulse. For two-pulse excitations, 
+130° relative phase shifts are used. The dotted line is computed 
without the QED correlations. From Lee Y-S, Norris TB, Kira M, 
et al. (1999) Quantum correlations and intraband coherences in 
semiconductor cavity QED. Physical Review Letters 83: 5338. 
Copyright (2004) by the American Physical Society. 
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Figure 7 Dependence of probe transmission on probe intensity 
(nJ cm) at a constant pump intensity of 330 nJ cm~? for the 
microcavity. (a) Experiment, and (b) theory. The shaded regions 
indicate the pump spectrum. From Ell C, Brick P, HUbner M, et al. 
(2000) Quantum correlations in the nonperturbative regime of 
semiconductor microcavities. Physical Review Letters 85: 5392. 
Copyright (2004) by the American Physical Society. 


located between the two normal-mode coupling 
resonances. Both the theory and experiment show a 
new third resonance which follows the energetic 
position of the pump. The third peak is a direct 
consequence of the QED correlations. Since the third 
peak is generated from the QED field—carrier 
correlations generated by the pump pulse, its magni- 
tude follows the intensity of the pump. As the probe 
intensity is decreased the relative effect of the QED 
correlations is increased so that the third peak grows 
in the probe transmission. 

In these QED investigations, the cavity plays an 
important role since the mirror feedback leads to a 
significant amplification of the QED effects through 
the enhanced light—matter coupling. From a practical 
point of view, normal-mode coupling also provides 
well-separated spectral features which can be used as 
classical-emission reference points. 


Heisenberg Uncertainty Principle: 
Squeezing of Light Emission 


Quantized light effects can also be investigated by 
measuring the light fluctuations of the field directly. 


To maximize the quantum effects, we analyze the field 
fluctuations in the emission directions where the 
classical field vanishes. This situation can be realized 
in planar quantum-well structures which are nearly 
free of disorder. In such systems, a light pulse 
propagating perpendicular to the structure leads to 
transmission and reflection of classical light only 
along the excitation axis. If the detection is performed 
at an angle, the so-called secondary emission is purely 
quantum mechanical. However, the classical and 
quantum emissions are coupled in the same way as 
for the QED correlation study. The resulting fluctu- 
ations of secondary emission obey the Heisenberg 
uncertainty principle; in the following, the special 
quantum features of these fluctuations are 
investigated. 

In the full analysis, we determine the variance AX 
and AY of the emission as shown in Figure 8 
(see also Figure 1). The Heisenberg uncertainty 
principle requires that the quadrature fluctuations 
obey AXAY=1. For a specific quadrature, the 
minimum uncertainty limit is usually defined to be 
AX =1 or AY=1. If AX and AY are different, the 
observed light field is squeezed; and if the variance in 
one quadrature is less than one, the field is squeezed 
below the minimum uncertainty limit. In both cases, 
the field has a strong quantum nature; in particular, 
squeezing below unity suggests that measurements 
can be more accurate than the standard quantum 
limit for that quadrature. 

To illustrate the behavior of the quantum fluctu- 
ations, we excite the quantum well resonantly with a 
relatively strong pulse. The emission is detected at an 
angle of 45° away from the excitation axis. Since the 
excitation pulse is relatively strong, the carrier density 
starts to oscillate during the pulse because Fermionic 
carriers can be excited only once; thus, further 
excitation actually leads to de-excitation. In other 
words, when these states become almost fully excited, 
the pulse can no longer excite the system, and we 
observe periodic de-excitation and excitation analo- 
gous to the Rabi-flopping of a strongly excited two- 
level system. Figure 8 shows the exciting pulse and 
corresponding quadrature fluctuations during the 
excitation process. As long as the pulse is present, 
the squeezing is at the 4% level and oscillates with the 
Rabi-flopping frequency. The quadrature fluctuations 
clearly show squeezing below the minimum 
uncertainty limit. Hence, the field has obvious 
quantum properties. 

Similar squeezing and quantum characteristics 
statistics have been predicted and observed in the 
photon statistics of resonance fluorescence from two- 
level atoms subjected to an intense coherent light 
beam. The quantum properties of the scattered light 
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Figure 8 (a) Time-resolved maximum (solid line) and minimum 
(dashed line) deviations of the mode quadratures from the 
vacuum value of unity. (b) Corresponding time-resolved carrier 
density (solid line) and excitation pulse (dashed line). From Kira 
M, Jahnke F and Koch SW (1999) Quantum theory of secondary 
emission in optically excited semiconductor quantum wells. 
Physical Review Letters 82: 3544. Copyright (2004) by the 
American Physical Society. 


in both quantum-well and atomic emission are 
enhanced when the driving field forces the system to 
oscillate between the excited and de-excited state. 
Just as described above, when the system becomes de- 
excited, it can no longer emit an additional photon; 
this inhibition manifests itself as sub-Poissonian 
photon statistics and squeezing in the mode quad- 
ratures. When the excitation pulse re-excites the 
system, such restrictions are no longer imposed. 
Thus, the field properties show quantum features 
oscillating with the Rabi-flopping frequency. Squeez- 
ing effects can also be observed with excitation by an 
electric current; for example, amplitude squeezing of 
diode laser emission has been demonstrated by 
controlling the electron statistics of the current flow. 

The squeezing investigations demonstrate that 
some QED effects are expected to be seen without a 
cavity. Figure 9 shows the quadrature fluctuations 
when the cavity is added to the squeezing analysis. We 
observe qualitatively similar squeezing, but now the 
level of squeezing is enhanced up to 30% compared 
to the minimum uncertainty. This is once again a 
demonstration how QED effects can be amplified by 
using an increased light—matter coupling provided by 
the cavity. 
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Figure 9 Squeezed light from a quantum well inside a 
microcavity: (a) the time evolution of maximum and minimum of 
the quadrature fluctuations; (b) the corresponding density and 
light field intensity at the quantum well. 


Summary 


This article overviews some of the most intriguing 
features of cavity quantum electrodynamics in 
semiconductors. Even though the related research 
has started only recently, several important quantum 
phenomena have already been predicted and 
measured: (a) the discrete quantum mechanical states 
of light and/or matter can be measured with strong 
coupling; (b) the consequences of the superposition 
principle have been detected as light—matter entan- 
glement; and (c) the Heisenberg uncertainty principle 
has been tested via the squeezing of light. In all cases, 
the cavity enhances light—-matter coupling leading 
to more pronounced quantum effects. Compared 
to atomic systems, the semiconductor has strong 
Coulomb correlation effects due to the relatively high 
density, which makes the analysis challenging. 
However, the semiconductor can also provide new 
mechanisms like the photon/carrier-density corre- 
lations which trigger new unexpected quantum 
phenomena. 

The field of semiconductor quantum optics is very 
active and is developing rapidly. It benefits both 
from advances in computer capabilities and in 
semiconductor crystal growth. The increasing com- 
puter capacity allows more profound, accurate, and 
realistic modeling of semiconductor structures. At the 
same time, advances in crystal growth technology 
provide us with improved samples which are almost 
disorderless. In particular, the growth of quantum 
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wells with narrower exciton linewidths and quantum 
dots with larger dipole moments and reduced 
dephasing rates may be achieved, which is certain to 
make quantum features increasingly apparent and 
unavoidable. 

All these research efforts eventually focus on 
producing devices utilizing quantum mechanical 
principles. One of the main objectives endeavors to 
develop quantum logic components for building 
blocks of quantum computers. Similar expanding 
possibilities can be expected, e.g., for accuracy of 
detection, device efficiency, and component design 
in general. Considering all of this, we are 
almost guaranteed to see new astonishing advance- 
ments; in this bright future, semiconductor cavity 
QED research will most likely be a pre-eminent 
element. 


See also 


Quantum Electrodynamics: Cavity QED. 
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In 1923 Louis de Broglie suggested that particles of 
matter propagate as waves with a wavelength 


dap = hip [1] 


where /) is Planck’s constant and p is the particle’s 
momentum. This breakthrough idea motivated 


Schrédinger’s equation, which is the equation of 
motion of quantum mechanics. 

Schrédinger’s equation is a wave propagation 
equation, and therefore implies the existence of a 
whole new type of optics — matter wave optics — in 
which electron waves, neutron waves, atom waves, 
and entire molecule waves can be manipulated 
coherently. Such optics enable new measurement 
technologies and devices that depend on matter 
wave interference. 

Guided by a knowledge of light waves, one can 
understand that the de Broglie wavelength of a 
particle sets the scale for focusing, diffraction, and 
interference. However, there are differences between 
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matter and light. For example, the vacuum is 
tremendously dispersive for matter waves. In other 
words, the group velocity for a particle depends on its 
de Broglie wavelength, while for light waves the 
group velocity is independent of wavelength. 

To illuminate the mathematical connection with 
light optics, we note the wave equation for light is 


[2] 


where E = E(X,t) is the optical electric field, and the 
parameters ws and e may vary throughout space, 
describing an index of refraction. The wave equation 
for matter waves is Schrédinger’s equation: 





8 
v)u=ndy [3] 


where y= x,t) is the probability amplitude, or 
wavefunction, for a particle of mass m. Here, the 
potential energy V can vary throughout space, and 
thus control the phase and amplitude of propagating 
atoms. Just as density for photons is proportional to 
E(x)", the probability density for particles is given 
by ly()I?. 

In a vacuum V = 0 and (ge) 7 = c, and if we 
assume that both w and E have a time dependence 
described by e~*®, the wave equations become 


2 
| ea Z le =(0 [4] 
and 


which look similar, but have a critical difference 
stemming from the single time derivative in 
Schrédinger’s equation. To see how this makes the 
vacuum dispersive for matter waves, but not for light, 
consider a propagating plane wave of either & or E 
described by e**-® (for either kind of wave, 
k=27(d)!). Using the wave equation for light 
waves, the dispersion relation is 


w=ck [6] 


where c is the phase (and group) velocity of light, 
which is independent of k. The same plane wave 
substituted into Schrédinger’s equation for matter 
waves yields the dispersion relation 


_ he 
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This is quadratic for matter waves, which means the 
group velocity v, = dw/dk is twice the phase velocity 
Vp, = ok, and both still depend on k. 

From an engineering perspective, matter wave 
optics consists of lenses, mirrors, beam-splitters, 
and other components of an optics toolkit. The fact 
that electrons and neutrons can be transmitted 
through solid material, and that electrons can be 
reflected or refracted by static electromagnetic fields, 
has enabled optical elements to be created for these 
kinds of matter waves. For atoms, however, finding 
suitable materials for lenses or mirrors is a daunting 
task, since with rare exceptions (e.g., cold H on liquid 
He) atoms thermalize on surfaces rather than 
elastically bouncing off or passing through them. 
This was the major obstacle which delayed the 
blossoming of atom optics until the mid-1980s. 

This obstacle has now been circumvented, but only 
with difficulty. Electromagnetic fields (whose spatial 
configurations are severely constrained by Maxwell’s 
equations) can change the potential energy of neutral 
atoms, but since an atom’s net charge is zero, provide 
only a weak and highly dispersive index of refraction 
based on the atom’s polarizability or magnetic 
moment. However, these effects are tremendously 
enhanced if the electromagnetic fields oscillate near a 
transition frequency of the atom. Hence, propagating 
waves and standing waves of single-frequency laser 
light have become standard tools in atom optics. 
Standing light waves are often referred to as a light 
crystal, because the periodic potential can diffract 
atom beams. 

An alternative source of atom optical components 
is based on nanofabrication. Thin sheets of material 
with patterned holes serve as absorptive atom optics 
by transmitting atom waves only through the 
nanometer scale openings. A variety of techniques 
have been used to make physical diffraction gratings, 
zone plates, and holograms for atom waves. Methods 
such as electron beam lithography and ultraviolet 
photolithography both rely on sophistocated etching 
procedures to make the final free-standing structures. 
Thus, in either approach - near-resonant light, or 
miniature physical structures — current technologies 
such as the tunable laser or nanofabrication tech- 
niques have been required for the development of 
useful atom optics. 

While coherent manipulation of atom waves is often 
the goal, incoherent manipulations are possible also, 
e.g., if photons are spontaneously scattered. Dissipa- 
tive processes offer an additional class of possibilities 
such as increasing the brightness of an atom source, 
and are therefore an important part of atom optics. 
This article excludes atom slowing and trapping, and 
focuses instead on atom diffraction — a coherent 
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process which can be used to make beam splitters for 
atom interferometers. 


Nanofabricated Atom Optics 


Because atoms stick to surfaces, mechanical struc- 
tures are absorptive atom optics. Yet the de Broglie 
waves transmitted through slots of a mask are nearly 
unaffected, provided the mask is thin enough. This is 
because the van der Waals potential energy of 
interaction with nearby surfaces falls off rapidly for 
neutral atoms. 

Consider, for example, an atom wave packet 
being diffracted by a mechanical grating made with 
physical bars and slots as shown in Figure 1. Initially, 
let the atom wave packet have a slowly varying 
spatial envelope, f= f(x, y,z),, and momentum 
only in the x-direction, p= ky = = h(Agp) '%, so 
the wavefunction can be written as 


w = fern) [8] 


Immediately after the grating, only the portions of 
the wavefunction passing through slots remain 
nonzero, as depicted in Figure 2. Here, the wavefunc- 
tion is now periodic both due to the grating lattice 
vector k,¥ and the initial wavevector ko. According 
to the Schrédinger equation, a periodicity in any 
direction implies a momentum in that direction. 
Thus, variation of yin the 9 variation gives rise to a 
new momentum distribution. 








Front view 


The square wave modulating the envelope of the 
wave packet can be described by a Fourier sum times 
the incident wavefunction 


= feittox—o) > an cos(nk ey) [9] 


n=—0o 


where k, = 27(d,) ! is the grating lattice vector. The 
only other physical parameter of the grating is the 
open fraction, y, and this determines the Fourier 
amplitudes a,, 


i= sin(77ry) [10] 
nt 
From the principle of superposition (which is 
applicable here because the Schrédinger equation is 
linear) the wavefunction can be written as a sum of 
traveling waves with wavevectors k,,: 


w= f oy a,eent wt) [11] 


n>=— oo 


= ko& + nk,¥ 
k, = “ee [12] 
where, just as in standard optics, the factor N serves 
to keep |k,,| on a spherical shell, i-e., the grating does 
not add energy to the atom. 

Inserting this expression for the wavefunction into 
Schrédinger’s equation we get the dispersion relation 
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Figure 1 Scanning electron microscope image of a silicon nitride diffraction grating for atom waves. The bars (light) absorb, and 
the slots (dark) transmit atom waves. The grating period is 100 nm, the open fraction is 0.67, and the free-standing bars are supported 
every 5 wm with a thicker strip of silicon nitride material. The grating was fabricated by Tim Savas and Henry | Smith at MIT 


NanoStructures laboratory. 
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Figure 2 Schematic diagram of an atom wavepacket passing 
through an absorbing grating, as seen from above. The atom 
wavepacket is depicted before and after passing through the 
grating from left to right. 


for matter waves and a different group velocity, v,,, 
for each k,, 











2,2 
ha = 2s [13] 

i 
Un = Sp = —* =p, /m [14] 


Thus, diffraction through a grating puts an atom 
into a coherent superposition of different momenta, 
each separated by ~fk,¥. Some time later, the atom 
will be in a coherent superposition of multiple 
locations, and the far-field probability density will 
be peaked at integer multiples of the diffraction angle 


= ke _ Mas 
ko dl gagng 





Op [15] 


where dgraring is the lattice spacing of the grating and 
the small-angle approximation for sin(6) has been 
used. Exactly as in light optics, these diffraction 
gratings are good momentum spectrometers, 
ie., the diffraction angle is a measure of longitudinal 
momentum. (Contrary to light optics, group 
velocity can also be used to measure matter wave 
momentum.) Coherence between the diffraction 
orders remains until a perturbation occurs which 
would (even in principle) be sufficient to determine 
which path the atom took. This assertion has 
been tested with atoms in an interferometer 
(discussed below). 

Atom flux in the nth diffraction order is given by 


; 2 
i ( sin(n7ry) ) 


nT 


[16] 


To resolve the diffracted orders the initial transverse 
momentum distribution of the atoms must be smaller 
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Figure 3 Diffraction data from a beam of sodium formed by 
passing atoms through two collimating slits followed by a 
nanofabricated diffraction grating. The momentum of the atoms 
determines their de Broglie wavelength, and thus their diffraction 
angle sin(@p) = Aas/dgrating. These data were obtained at MIT by 
the authors. 


than k,, and the time until the far-field observation 
must be sufficiently large given the beam width. At 
intermediate times, the atom waves are in the Fresnel 
diffraction region where the Talbot effect can be 
observed. This effect causes the atom waves to form a 
replica of the grating in free space at integer multiples 
of the Talbot length, Z; = 2d edie Ap. 

Figure 3 shows the far-field diffraction pattern from 
a beam of sodium (7°Na) atoms using a material 
grating with a period of 100 nm. The atom beam 
velocity peaked at 1500 ms corresponds to a 
de Broglie wavelength of 0.11 A; thus, @p ~ 1074 
rad. (The beam of 3000 ms! atoms diffracts at half 
this angle.) The spread in longitudinal velocity of 
o,/v ~ 6% can be deduced from the data because 
it slightly increases the width for higher order 
diffraction peaks. The open fraction of the grating, 
y ~ 60%, can also be determined from the diffraction 
data, because it determines the relative intensity 
of the orders. Effects of the atoms’ finite size 
and interaction with the grating bars make small 
corrections to this simple theory. 
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Figure 4 _ Diffraction data using a mixed beam of sodium atoms 
(Na) and sodium dimer molecules (Naz). From this source 
molecules have the same speed as atoms, thus twice the 
momentum. Thus, molecule waves are diffracted at half the 
diffraction angle compared to atom waves. These data were 
obtained at MIT by the authors. 
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Figure 5 Diffraction of helium atoms and helium molecules 
through a nanofabricated grating. These data, reproduced with 
permission from Wieland Schoellkopf, were obtained at the 
Max-Planck-Institute in Gottingen. 


Nanofabricated atom optics differ from those 
based on light forces in a number of ways: they are 
amplitude structures (with corresponding loss of 
transmission intensity), they are species-independent, 
their scale size can be several times smaller than 
attainable with light, and they can be arbitrarily 
patterned since they are fabricated by electron beam 
lithography. Insensitivity to species is demonstrated 
in Figure 4, where a beam of Naz molecules and Na 
atoms is diffracted and separated by a nanofabricated 
diffraction grating. The flexibility of electron beam 
lithography has allowed fabrication not only of 
diffraction gratings, but also of spherical and 
cylindrical zone plates, as well as a combination of 
lens and a hologram that generates a focused atom 
image. One stunning application laid to rest a 
long-standing argument concerning whether a 





stable bound state of the *He, dimer exists. For this 
a diffraction grating was used to separate and 
resolve He, and more massive clusters (Figure 5). 
Subsequently a nano-sieve was used to estimate the 
size of the He, dimers to be 62 + 10 A. 


Standing Waves of Light 


In contrast to nanofabricated structures, standing 
waves of near-resonant light are phase gratings for 
atoms. The optical electric field dynamically polarizes 
the atoms and causes a shift to the ground state 
energy (the ac-Stark shift). For optical electric fields 
oscillating above (below) the atomic resonance 
frequency, the ac-Stark shift increases (decreases) 
potential energy for atoms and in either case perturbs 
the de Broglie wave phase. 

In many respects, the interaction of an atom witha 
standing light wave is richer than the more familiar 
topic of light—atom interactions in a traveling light 
wave. Part of this richness reflects two ways in which 
a standing wave can be considered, either as two 
counter-propagating traveling waves or as a single, 
stationary standing wave. The standing wave—atom 
interaction is capable of transferring momentum in 
well-determined quantities, coherently splitting 
atomic wave packets, and generating forces much 
larger than possible with spontaneously scattered 
light. Not surprisingly, this interaction has many 
distinct facets that only appear in different regimes of 
the interaction parameters (intensity, detuning, and 
pulse duration) and atomic parameters (mass, initial 
momentum with respect to the standing wave, and 
excited state natural lifetime). 

We begin with the Bragg scattering of atoms from a 
standing wave light grating. Although it can be 
difficult to realize the physical conditions that assure 
its occurrence, pure Bragg scattering is simpler than 
intermediate cases involving spontaneous decay 
(from light too close to resonance) or Kapitza— 
Dirac diffraction (from shorter interaction times). 

Consider a standing wave light grating formed by 
two counter-propagating plane waves (traveling 
parallel to the z-axis) of equal amplitude, Eo, 
wavevector, k, frequency, w, polarization vector, é, 
and temporal envelope function, f(2): 


E(z,t) = Eof(t) sin(kz — wt)é 


+ Eof(d) sin(kz + wt)é [17] 


= 2Eof (£) sin(kz) cos(at)é [18] 


We would like to work with momentum states as our 
atomic basis, thus it is easiest to consider the 
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description of the electric field driving the transitions 
in terms of two counter-propagating traveling 
waves of definite momentum (eqn [17]), as opposed 
to the single standing wave they jointly form 
(eqn [18]). 

Momentum is transferred by paired stimulated 
absorption and emission processes, resulting in a 
transfer of photons between the traveling waves. An 
N?? order diffraction process transfers Nz photons 
from one traveling wave to the counter-propagating 
traveling wave and changes the atomic momentum by 
2NphkzZ. Furthermore, atomic population is trans- 
ferred only between |g,—Nghk) and l|g,+Npfk), 
where lg(e), +Nhk) denotes a two-level atom in its 
ground (excited) state with momentum +Nhk 
parallel to the standing wave axis. The excited 
state remains nominally unpopulated so long as 
the temporal envelope function, f(t), does not 
have strong frequency components near the laser 
detuning 


[19] 


b= w- wo 


where wg is the unperturbed frequency of the atomic 
transition. Furthermore, for a given initial state 
(lg, -Nghk)) the uniqueness of the final state 
(lg, +Nghk)) occurs because of the fundamental 
assumption that makes Bragg scattering so simple to 
describe; the uncertainty in the photon energy driving 
the transitions is small compared to the energy 
separation between neighboring momentum states. 
A quantitative discussion of the validity of this 
assumption will be given later. 

We now calculate the probability, P?(7), of the 
first order (Ng =1) Bragg process. Scattering 
transfers an atom from lg,—fAk) to |g,+hk) when 
the atoms interact with a constant light intensity 
for a time 7 (i.e., in eqns [17] and [18] f(Z) is a square 
wave of unit amplitude and duration 7). The 
geometry for Bragg diffraction from a standing 
wave of light is shown in Figure 6, and the energy/ 
momentum states involved in the transition are 
depicted in Figure 7. 

Considering the electronic degree of freedom, we 
rewrite the Schrodinger equation as 


(Ho + Hin)IW) = ily) [20] 


where the total Hamiltonian H =H) + Hint 
is a matrix. The wavefunction is a vector of 
coefficients c; in the basis {lg, —fk), le, 0), |g, +hk)}, 
with normalized population amplitudes for each 
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Figure 6 Two counter-propagating running waves of light 
superimpose to form a standing wave of light. This ‘light crystal’ 
acts as a diffraction grating for atoms, shown here in the 
configuration for Bragg diffraction. 


Ef 


le 





Ig 








pvhk 


Figure 7 Energy vs. momentum diagram describing atomic 
states involved in Bragg diffraction. The total energy is due to 
the electronic state (lg), |e)) plus the kinetic energy associated 
with the recoil from photon emission (or absorption). In Bragg 
diffraction, atoms make a coherent transition from |g, —hk) 
lg, thnk). Reprinted from Gupta S, et al. (2001) Coherent 
manipulation of atoms with standing light waves. Comptes Rendus 
de L’Academie des Sciences — Series |V — Physics-Astrophysics 
2:479—495, copyright (2001) with permission from Elsevier. 


component: 
c_1(t) 


co(t) 


C41(0) 


Ip) = [21] 


In the electric dipole approximation, the inter- 
action Hamiltonian is H,,,(f)= —@-E(t), where 
p= (elgrlg)-é is the electric dipole matrix element 
connecting the ground (lg)) and excited (le)) states 
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of the atom. é is the polarization vector of the light 
and q is the charge of the electron. By momentum 
conservation, only the plane wave traveling in the 
+2 direction couples the le,0)olg,+fk) tran- 
sitions. By using this argument, we are effectively 
viewing the electric field as a quantum mechanical 
operator. Expanding the sinusoidal variation of the 
electric field in terms of complex exponentials and 
treating the spatially dependent complex exponen- 
tial terms as quantum mechanical momentum 


translation operators yields the interaction 
Hamiltonian: 
0 ie” 0 
hor z% 2 
Hint — ar tot 0 ie tot [22] 


For example, e*“*‘|g, nik) = le,(n + 1)hk) describes 
absorption, and for stimulated emission, 
ele nhk) = |g,(n + 1)hk). This procedure inclu- 
des the rotating wave approximation. In addition, 
we have neglected any frequency components 
associated with the sudden switch on of the fields 
and the finite duration of the light-atom inter- 
action. In formulating H;,,, the strength of the 
light—atom interaction is parameterized by the 
single-photon Rabi frequency: 


ME 


ji, [23] 


OR >= 


Without loss of generality, we will take 4. and hence 
Wp to be positive, real-valued quantities. 

The total Hamiltonian follows simply by including 
the electronic and kinetic energy terms: 


Oreo O 0 
H=h| 0 aw 0 [24] 
0 0 Wree 


where the single-photon recoil energy, E,.., of an 
atom of mass m is given by 


nk? 


E 
rec Im 


[25] 


= h@rec = 


Making the ansatz for the solution wavefunction as 


TWrect 


c_4(be- 
l~y= |] co(t)e 


—ia, 


[26] 


t 


rec 


c41e 


and substituting into the Schrédinger equation yields 
three coupled first-order differential equations: 


éx1() = + 5 Kel co(t), [27] 
c= Fe™McuO- ci), — [28] 
where A= 64 @rece = (@ — W0) + rec. Differentiat- 


ing eqn [27] and substituting eqn [28] into the result 





yields two coupled second-order differential 
equations: 
: ve OR 
Exif) — MO + F(cx1O — ex1D)=9 [29] 
With the initial conditions: 
c_4(0) =1 [30] 
co(0) = 0 = €+1(0) = 0 [31] 
c,(0) = 0 [32] 


and the assumption A?>> wz, the solutions to 


eqn [29] are 
ow? (2) 
Ppa <& @ 
—1 5) t R t 
cos( 28 


c_\(t) =e [33] 
oO o® 
ei ies a sn( 2.) [34] 
where the two-photon Rabi frequency is 
2 2 
wl = SR FR, 18> Whee [35] 


with both transitions driven at equal single-photon 
Rabi frequencies, wr. 

Substituting the solution of eqn [33] or [34] into 
eqn [27] yields an expression for the excited state 
amplitude: 

OR ~iAt —iok 2) 


co(t) = —ix~e 


7A [36] 


This will be important in calculating the rate of 
spontaneous emission events later. 

The solutions for c_,(£) and c,,(¢) oscillate with the 
interaction duration, 7, yielding the result for the 
lg, -hk) — |g, +hk) transition probability: 


(2) 
(62) 
PRD = ley (oP = sin 22) [37] 
Thus, the system oscillates between the two momen- 
tum states lg, —hk) and |g, +k) ina manner analogous 
to the Rabi oscillation of atomic population between 
two resonantly coupled states. This solution with 
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oscillatory probabilities for the two Bragg coupled 
states is known as the Pendellésung and has been 
observed for atoms, neutrons, and X-rays (Figure 8). 
The nice feature here is that the strength of the 
grating can be actually controlled by the intensity of 
the light. 

Viewing Bragg scattering as a two-photon tran- 
sition from the initial ground state to the final ground 
state with opposite momentum, illuminates the close 
connection with a Raman transition between two 
internal sub-states of the ground state manifold, each 
with its own external momentum state. The formal- 
ism describing the Raman transition is basically the 
same as that presented here, except the two tran- 
sitions can be driven at different single-photon Rabi 
frequencies, wr; and wp, so that the generic two- 
photon Rabi frequency is given by w = wr, wp2/2A, 
where A is the detuning from the intermediate state. 

An NY order Bragg process (similar to a 2Nz- 
photon Raman process) is a coherent succession 
of Ng two-photon transitions from |g, -—Nghk) to 
lo, +Nphik) with 2Ng—1 intermediate states of 
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Figure 8 Bragg scattering of an atom beam from an optical 
standing wave. First-order Bragg scattering at (a) lower power, 
(b) higher power of the laser beams (Pendellédsung has set 
in, increasing the amplitude of the undeflected peak), (c) second- 
order Bragg scattering. Reprinted with permission from Physical 
Review Letters 60(6): 515-518. Copyright (1998) by the 
American Physical Society. 


the form: 
le,(—Np + 1)hk), lg,(—Np + 2)hk)... 
alg, (Ng — 2)82), le, (Ng — DAR) 


Such a process is characterized by a 2Np-photon Rabi 
frequency given by 


2Nz 





QNp) __ Lor] 
@ [38] 
R IN;—1 
2ON8 "Ay Ag: Agny-1 
where A,, is the detuning from the n intermediate 
state. Figure 9 shows what this process would look 
like for an N‘ order Bragg transition where the 
intermediate state detunings are given by 


_ 5+(2Ngn — 117)oee 2 ~nodd 139] 


(2Ngn — 117) Wee: n even 


Substituting these detunings into eqn [38] yields 
the N% order Bragg transition 2Ng-photon Rabi 
frequency, wi”: 


[wg PN? 


24Na~3[(Ng — 1)! SN8 weed | 


(2Ng) __ 
OR 





[40] 


where we have assumed 18] > N}@,ec- 

To ensure that the system truly undergoes 
Bragg scattering, and validate the assumption that 
only states of equal kinetic energy and opposite 
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Figure 9 Energy vs. momentum diagram describing atomic 
states involved in higher-order Bragg diffraction. Reprinted from 
Gupta S, et al. (2001) Coherent manipulation of atoms with 
standing light waves. Comptes Rendus de L’Academie des 
Sciences — Series IV — Physics-Astrophysics 2:479-495, 
copyright (2001) with permission from Elsevier. 
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momentum are coupled, the overall exposure time, 7, 
of the atoms to the fields must be limited both from 
below and above. 

The lower bound on 7 is necessary to resolve the 
final momentum state (lg, Ng#k)) from neighboring 
momentum states (|g,(Ng + 2)hk)) two photon recoil 
momenta away. Avoiding population transfer into 
these states requires that the energy separation be 
resolvable, or 


T(5E) >h 


For first-order Bragg scattering processes (Ng = 1) 
the nearest lying momentum states that may be 
mistakenly populated are |g, +3/k), for which 


[41] 











ps Pe 
SE = FS — FEL = Shir [42] 
Therefore 
T 
aus 4 
a BAW pec 4Q,zec ! 3] 


For sodium atoms (7°Na) in 590 nm light, 7 >> 6 ps is 
the lower bound required for first-order Bragg 
scattering. 

For all higher-order (Nz > 1) Bragg scattering 
processes, the nearest momentum states are 
lg, =(Ng — 2)hk), which limits the interaction time to 


T 


a Ta a 


rec 


[44] 


which for Nz > 1 reduces to 


7 


™> Nae ine [45] 


The upper bound on the interaction duration is 
necessary to avoid spontaneous emission. The inter- 
action duration must be short enough so that the 
expected number, N,, of spontaneous emission events 
per atom during the time 7 is negligible. N, is simply 
given by the product of the excited state fraction 
(eqn [36]) and the probability of spontaneous decay 
given that the atom is in the excited state: 

OR 


2 
N, = Ico(t)l [r= gaz? 


[46] 
where I is the natural decay rate of the excited state. 
Avoiding spontaneous emission (N, < 1) while still 
having a significant probability for transitions 
Cpe am) forces one to work in the 
regime where A >>I, which is a practical requirement 
to avoid spontaneous emission and maintain 
coherence. For sodium atoms on the 590 nm tran- 
sition, [= 6.3 107s !, and a typical choice in 
Bragg diffraction experiments is A=50F, or 
A/2a = 500 MHz. 


Briefly, to relate Rabi frequency to optical intensity, 
the transition rate W on resonance with a Lorentzian 
spectral line is given by Fermi’s golden rule: 


2 
wR _ J hoton I 
r 27 hw 
where the last term can be regarded as the cross 


section for absorption multiplied by intensity in units 
of photon flux. Hence 


W= [47] 





2 
A shertott I 


27 ho 


For Na atoms in 12 mW(cm)? resonant light, wr = 
l=6.3%x10’s'. Both the probability of Bragg 
scattering and the spontaneous emission increase 
linearly with wp7l~!. However, spontaneous emis- 
sion decreases as A? while the Bragg scattering pro- 
bability decreases as A. Thus, as shown in Figure 10, 
at sufficient detuning and laser power, Bragg scatter- 
ing occurs with no spontaneous emission. For 
reference, 12 mW(cm)* x10 us corresponds to 
wgtl | = 630 for sodium atoms. 

Bragg scattering of atoms from a standing light 
wave was first observed at MIT in 1988. A supersonic 
atomic beam was diffracted from a standing wave 
of near-resonant laser light as depicted in Figure 6. 
The angle between the atomic beam (of thermal 
wavelength Ajg) and the light grating (of periodicity 
A,/2) was tuned to the appropriate Bragg angle, 6,, 
where: 


on, =T 





[48] 


AaB —_ AL sin(0z) [49] 


Population transfer corresponding to both first- and 
second-order Bragg scattering was observed 
(Figure 7). The experiment required a sub-recoil 
transverse momentum spread of the atomic beam in 
order to resolve the different momentum states in 
the far field and limit the final state to only one 
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Figure 10 The conditions for which N, >0.02(0.10) are hashed 
in light(dark) gray. 2,/T is proportional to optical intensity. The line 
labeled z-pulse indicates the parameters which cause complete 
first-order Bragg diffraction. The line labeled 27-pulse indicates 
conditions where population is completely transferred back to the 
initial state (Pendelldsung oscillation). 


QUANTUM OPTICS / Atom Optics 241 





diffracted order. The Pendellésung was observed as 
an oscillation in population transfer as a function 
of standing wave intensity, Joc w, for a fixed 
interaction time, 7. 

Atomic beam diffraction from an optical standing 
wave is a continuous-wave (CW) experiment in 
which the selectivity needed for the Bragg process is 
imposed by good angular resolution of the particle 
beam and a high degree of parallelism between the 
light crystal planes. This ensures that of the various 
final Bragg orders allowed by momentum conserva- 
tion, only one conserves energy (energy conservation 
is exact in a CW experiment). For atoms scattering 
from a light crystal, parallelism of the crystal planes 
requires highly parallel photon momentum that 
implies a minimum width of the standing wave (the 
diffraction limit for the collimated photons). The 
transit time, 7, of the atoms across this width then 
exceeds the lower bound given in eqn [44]. 

The excellent collimation required of the atomic 
beam to ensure resolution of the Bragg scattered 
atoms reduces the intensity of the source by many 
orders of magnitude. A Bose-Einstein Condensate 
(BEC) is an attractive alternative source of atoms 
because its momentum spread is typically an order of 
magnitude below a single-photon recoil momentum. 
To Bragg diffract atoms initially in a stationary BEC, 
it is easier to move the light crystal than to accelerate 
the condensate. This is done by simply frequency 
shifting one of the traveling waves so that the 
resultant standing wave formed by its interference 
with the unshifted traveling wave moves with the 
proper velocity (Ngfk/m) relative to the stationary 
atoms to impart the necessary momentum. The Bragg 
scattered atoms will then have momentum 2N,zhk in 
the laboratory frame. The resonance condition thus 
becomes a condition on relative detuning, d5y,, 
between the two laser beams forming the diffraction 
grating. For N?-order Bragg diffraction, the relative 
detuning is given by 


_ 2Neghk* 
7 m 


bn = ANB rec [50] 
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The first demonstration of Bragg scattering in a 
BEC was at NIST in 1999. They used Bragg scattering 
mainly as a tool to manipulate the momentum of the 
BEC, observing up to sixth-order processes. At MIT 
the interaction time was lengthened (to ~100 times 
the lower bound of eqn [44] for first-order Bragg 
scattering), creating a new type of spectroscopy called 
Bragg Spectroscopy. It is a spectroscopic measure- 
ment of the shift of the Bragg scattering frequency 
due to the Doppler shift (k-v) from the atoms’ 
motion together with any mean field interaction. 


(These effects can be separated by going to higher- 
order Bragg scattering to enhance the Doppler shift.) 

Bragg Spectroscopy was used to observe the 
momentum distribution of a BEC in a magnetic 
trap. The width of the Bragg resonance curve was 
primarily due to a 2 kHz Doppler-broadening that 
yielded the momentum distribution of the conden- 
sate. The spread in the corresponding velocity 
distribution was very small (~0.5 mms‘), even 
smaller than allowed by the Heisenberg uncertainty 
limit for a particle confined in the ground state of a 
harmonic trap. This reflects the increase in size of the 
condensate due to the mean field repulsion (7*Na, 
used in the MIT experiment, has a positive scattering 
length). The distribution was Heisenberg uncertainty 
limited at the observed size of the BEC, establishing 
for the first time that the coherence length of the 
condensate was equal to its size. In addition, the 
narrow Bragg resonance was shifted by the repulsive 
interactions within the condensate, resulting in a 
spectroscopic measurement of the mean-field energy. 


Kapitza-Dirac Scattering 


Diffraction of neutral atoms from a standing wave of 
near-resonant light with a short interaction time 
(Tep < 1/@,..) has come to be called Kapitza—Dirac 
scattering, in honor of their pioneering suggestion. In 
1933, Kapitza and Dirac predicted that an electron 
beam propagating in a standing light wave would 
undergo stimulated Compton scattering and be 
reflected. This process has a tiny cross-section, equal 
to the classical electron radius squared: O¢ompton = 
82/3(e*/mc*) ~ 6X10 * cm*, and has only 
recently been observed using extremely high laser 
intensities. If the electrons are replaced by atoms, 
however, the scattering cross-section for resonant 
light Gatom = (W/27)Aoton ~ 4X 107! cm? is 15 
orders of magnitude larger. This large cross- 
section, together with the ready availability of 
tunable lasers, has allowed stimulated scattering, 
both in the Kapitza—Dirac and Bragg regimes, 
to become the primary tool for the coherent 
manipulation of atoms. 

In Kapitza—Dirac scattering, atomic motion during 
the interaction time is small compared to the 
characteristic dimensions of the interaction potential. 
This is equivalent to the eikonal approximation for 
scattering or the thin-lens approximation in optics. 
The idea is that the phase of the incident particle 
changes along each classical trajectory, but not 
the amplitude. Thus, there may be momentum 
transfer perpendicular to the trajectory, but the 
trajectory is not significantly displaced (until after 
the interaction is over). Mathematically, this regime 
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can be treated by neglecting the atomic kinetic 
energy term in the Hamiltonian (the Raman—Nath 
approximation). 

The standing wave interaction may be treated by 
considering the standing wave (ac-Stark shift) poten- 
tial resulting from the applied fields given in eqn [18]: 


ws 
Viz, t) = AeR Pp sin? (kz) [51] 


where we have assumed 6 >> I’, because the constraint 
N, < 1 (eqn [46]) holds in this regime as well, where 
N, is the expected number of spontaneous emission 
events per atom during the time 7. Although we 
neglect the kinetic energy term in the Hamiltonian, 
we continue to will treat z in eqn [51] as an operator. 

Given the initial atomic wavefunction in momen- 
tum space, yf (po), the atomic wavefunction immedi- 
ately after the interaction is given by 


it 
1 


Wp) = e I HUG" Wp) [52] 


2) 2 
Spek 158 + cos(2kz) 
=e (26 %e 26 W(Po) [S3] 
where 7= f dt'f?(t') and the integral is over the 
interaction duration. With the use of the identity 
for Bessel functions of the first kind, 
eft 0B) = FO i", (ae”®, the atomic wavefunc- 
tion can be written as 


Ant 2 ; 
up) =e'2" > i" s( s)e2 4400 [54] 


ae i 
=e" Si? s( si) seoy + 2mm [55] 


States with 2Nik of momentum are populated with 
the probability: 


Py = fix(0), N=0,+1, +2... [56] 
where 
OR (2) 
d= 357 Wp T [57] 


is the pulse area. This leads to a transverse rms 
momentum of the diffracted atoms that is linearly 
proportional to the pulse area: 


Pims= >. (hkyP, = 2" ORR 


n=— oo 


[S8] 


The maximum and minimum bounds on the inter- 
action time, 7, and the amount of momentum transfer 
to the atoms are discussed in the next section. 
Kapitza—Dirac diffraction of atoms was first 
observed at MIT in 1986. Diffraction of a 
well-collimated (subrecoil) supersonic atomic beam 


was observed after passage through the tightly 
focused waist of a near-resonant standing wave 
(Figure 11). Significant diffraction into momentum 
states |g,+10hk) was observed (Figure 12). 


Standing wave of light 


Atom beam 


Mirror 


Figure 11 Two counter-propagating running waves of light 
superimpose to form a standing wave of light. The more narrow 
beam shown here represents the configuration for Kapitza—Dirac 
diffraction. 
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Figure 12 Kapitza—Dirac diffraction of an atomic beam from a 
standing wavelight grating. The solid lines are experimental data, 
the dashed lines are theoretical curves. (a) 6 = 1.69, (b) 6 = 2.33, 
(c) 6= 2.84. Reprinted with permission from Physical Review 
Letters 56(8): 827-830. Copyright (1986) by the American 
Physical Society. 
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MEASURING VOLTAGE 


Most of the readings you will take with a multimeter will be VOLTAGE readings. 
Before taking a reading, you should select the highest range and if the needle does 
not move up scale (to the right), you can select another range. 

Always switch to the highest range before probing a circuit and keep your fingers 
away from the component being tested. 

If the meter is Digital, select the highest range or use the auto-ranging feature, by 
selecting "V." The meter will automatically produce a result, even if the voltage is AC 
or DC. 

If the meter is not auto-ranging, you will have to select ¥*if the voltage is from a 
DC source or V~if the voltage is from an AC source. DC means Direct Current and 
the voltage is coming from a battery or supply where the voltage is steady and not 
changing and AC means Alternating Current where the voltage is coming from a 
voltage that is rising and falling. 

You can measure the voltage at different points in a circuit by connecting the black 
probe to chassis. This is the Ov reference and is commonly called "Chassis" or 
"Earth" or "Ground" or "Ov." 

The red lead is called the "measuring lead" or "measuring probe" and it can measure 
voltages at any point in a circuit. Sometimes there are "test points” on a circuit and 
these are wires or loops designed to hold the tip of the red probe (or a red probe 
fitted with a mini clip or mini alligator clip). 

You can also measure voltages ACROSS A COMPONENT. In other words, the reading 
is taken in PARALLEL with the component. It may be the voltage across a transistor, 
resistor, capacitor, diode or coil. In most cases this voltage will be less than the 
supply voltage. 

If you are measuring the voltage in a circuit that has a HIGH IMPEDANCE, the 
reading will be inaccurate, up to 90% !!!, if you use a cheap analogue meter. 





Here's a simple case. 

The circuit below consists of two 1M resistors in series. The voltage at the mid point 
will be 5v when nothing is connected to the mid point. But if we use a cheap 
analogue multimeter set to 10v, the resistance of the meter will be about 100k, if 
the meter has a sensitivity of 10k/v and the reading will be incorrect. 

Here how it works: 

Every meter has a sensitivity. The sensitivity of the meter is the sensitivity of the 
movement and is the amount of current required to deflect the needle FULL SCALE. 
This current is very small, normally 1/10th of a milliamp and corresponds to a 
sensitivity of 10k/volt (or 1/30th mA, for a sensitivity of 30k/v). 

If an analogue meter is set to 10v, the internal resistance of the meter will be 100k 
for a 10k/v movement. 

If this multimeter is used to test the following circuit, the reading will be inaccurate. 
The reading should be 5v as show in diagram A. 

But the analogue multimeter has an internal resistance of 100k and it creates a 
circuit shown in C. 

The top 1M and 100k from the meter create a combined PARALLEL resistance of 90k. 
This forms a series circuit with the lower 1M and the meter will read less than 1v 

If we measure the voltage across the lower 1M, the 100k meter will form a value of 
resistance with the lower 1M and it will read less than iv 

If the multimeter is 30k/v, the readings will be 2v. See how easy it is to get a totally 
inaccurate reading. 
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Even higher diffracted orders should be observable in 
the future using laser beams directed at small BECs 
for somewhat longer times. 


Comparison of Atom-Standing Wave 
Interactions 


The atomic motion induced by interaction with a 
standing light wave varies qualitatively with the 
interaction parameters. Figure 13 summarizes the 
various interaction regimes of an atom with a 
standing wave in terms of the two most 
basic parameters: the two-photon Rabi frequency, 
oe = we/26, and the duration of the interaction, T. 
To render the plot independent of atomic species, w” 
is given in units of the single-photon recoil frequency, 
@rec, and 7 is given in units of the inverse single- 
photon recoil frequency, w,.¢. Thus, for *°Na the 
point (1,1) on Figure 13 corresponds to (6.4 pus, 
27X25 kHz). The product of the two-photon Rabi 
frequency and the duration of the interaction is the 
pulse area, 9= wr (eqn [57]), which is likewise 


[units of ,...] 


2 
On 
26 





the product of the pair of coordinates forming a 
point on the plot. 

The lines KD1(KD10) on Figure 13 show where the 
first maxima of Piso = Ji10() (eqn [56]) occur, 
corresponding to the maximum possible population 
transfer into the first and tenth Kapitza—Dirac 
diffracted order respectively. Since the momentum 
distribution of diffracted atoms depends only on the 
pulse area (6), all Kapitza—Dirac orders are parallel to 
each other and further offset from the origin in 
increasing order number. 

The Kapitza—Dirac regime ends at large interaction 
times where the Raman—Nath approximation fails 
due to motion of the atoms down the slope of the 
standing wave potential. We show these lines dashed 
as the interaction time approaches the beginning of 
the classical oscillation regime, and terminate these 
lines where the oscillation produces its first focus, at 
the first focus line. This line corresponds to the atoms 
completing a quarter period of oscillation in the 
standing wave potential, t= 7,.-/4, where the 
oscillation time is derived from the approximation 
that the potential (V(z,t)), (eqn [51]) is harmonic 





® K-D Diffraction of atomic beam (Pritchard) 
@ Bragg Diffraction of atomic beam (Pritchard) ; 
0.1 O BEC Bragg Diffraction (Phillips) Talbot time 
© K-D diffraction to Oscillation in SW (Phillips) 
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Figure 13 Atomic diffraction from a standing light wave. The vertical axis is the two-photon Rabi frequency, w%/26, in units of the 
single-photon recoil frequency, @,e,, and the horizontal axis is the pulse duration, 7, in units of the inverse single-photon recoil frequency, 
Wes. The scaling is chosen to eliminate the atomic species dependence of the plot. All coherent momentum transfer processes are 
destroyed by spontaneous decay, which occurs with probability N, = 0.1 along the lines labeled accordingly and parameterized by the 
given ratio 6/. Lines KD1 and KD10 show conditions for the maximum transfer into the first and tenth Kapitza—Dirac diffracted order 
respectively. As the interaction time is increased the Raman—Nath approximation is violated (termination of Kapitza—Dirac curves) and 
the atoms enter the oscillatory regime, executing at least a quarter period of oscillation above the first focus line (shaded area). Cures 
B1, B2, B3, B10, and B20 correspond to conditions that generate complete Bragg reflection in the first-, second-, third-, tenth-, and 
twentieth-order respectively. Experimental conditions are shown as points. Filled circles: Kapitza—Dirac diffraction of an atomic 
beam (Pritchard 1986). Filled squares: Bragg diffraction of an atomic beam (Pritchard 1988). Open squares: Bragg diffraction of 
a BEC (Phillips 1999). Open circles: transition from Kapitza-Dirac diffraction to oscillation of a BEC in a standing wave light pulse 
(Phillips 1999). Reprinted from Gupta S, et al. (2001) Coherent manipulation of atoms with standing light waves. Comptes Rendus de 
L’Academie des Sciences — Series |V — Physics-Astrophysics 2:479—495, copyright (2001) with permission from Elsevier. 
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about the minimum: 


1/2 
arf \dl 
T6s6 > | 
OR Drec 


In the shaded region of Figure 13, the atoms will 
oscillate classically about the potential minimum, 
causing a periodic focusing of the atoms alternately in 
position and momentum space. However, anharmo- 
nicities of the potential away from its minimum will 
degrade the quality of the focusing effects. 

The maximum diffracted order that can be 
significantly populated by the light—atom interaction 
is limited by energy conservation. Classically, the 
maximum momentum transfer to the atoms due to 
the sudden switch on of the standing wave is delivered 
to atoms that convert the full height of the standing 
wave potential (hwz/6), into kinetic energy. This gives 


[S9] 
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Equating the maximum absorbed momentum, Pmax; 
to an integer number of two-photon recoil momenta 
yields the maximum expected diffracted order, Nya: 


OR 


Pmax = 2N hk = Ninax = S (Wec5) 1” 


61 
max 2 [ ] 
This is just half of the square-root of the standing 
wave potential height measured in units of the single- 
photon recoil energy: 


1/2 
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As the two-photon Rabi frequency is reduced, Ninax 
falls below unity. As a result, there is no longer time 
for the higher-order multi-photon processes to gen- 
erate significant amplitudes in diffracted orders with 
N > 1 before dephasing due to the kinetic energy 
term (eqn [24]) becomes significant and the higher- 
order processes become negligible. Only a small 
population is ever transferred to the N = +1 orders 
and it does not oscillate at w,... Therefore the classical 
oscillation regime does not extend below Nmax ~ 1 
where it is terminated on Figure 13. 

Classical oscillation would result in atoms with 
momentum from zero up to the maximum allowed by 
energy conservation. Therefore, the classical focusing 
of atoms must be manifest as an atomic population 
distribution over many of the quantized momentum 
states (separated by 24k) allowed by energy con- 
servation (eqn [61]). However, as the interaction time 
lengthens and extends into the Bragg regime, the 





Nmax — 


populated momentum states become restricted by 
energy conservation until only the oscillatory Pendel- 
lésung into and back from only one final state 
remains. Therefore, we have ended the classical 
oscillation regime where the Bragg condition 
(eqn [44]) is satisfied. The Bragg regime presupposes 
a smooth light pulse shape. For a pulse with sharp 
edges, classically oscillatory behavior can still be 
observed at longer times than included in the shaded 
region of Figure 13, which is why we show the large 7 
boundary of the classical oscillation regime as 
dashed. 

In the Bragg regime, transfer of population is 
restricted to (and back from) only one final momen- 
tum state. The allowable final states are restricted by 
limiting the frequency bandwidth (i.e., energy uncer- 
tainty) of the light fields in the atomic rest frame. This 
is accomplished by lengthening the interaction time 
and smoothing the rise and fall of the electromagnetic 
fields. The parameters for a first-order Bragg tran- 
sition (Table 1) are typically 6f ~ 50, [7 = 1, and 
wr/T = 10 giving N, ~ 10°? and wz = 1. Obtain- 
ing significant population transfer with higher-order 
Bragg processes requires larger intensities. Various 
orders (1, 2, 3, 10, and 20) of Bragg diffraction are 
shown as lines on Figure 13 corresponding to 
on T= 7, where ae is given in eqn [40]. The 
lines are terminated at the appropriate interaction 
time determined from the final momentum state 
resolution condition (eqn [44]). The Bragg regime 
extends indefinitely to larger interaction times, which 
might be termed the region of Bragg spectroscopy. 
In experiments in this regime with **Na, atomic 
velocity resolution below 1 mms! was obtained at 
T= 80w,:. The study of adiabatically expanded 
BECs would require larger interaction times to 
resolve their smaller velocity spread and weaker 
mean field shifts. 

The Kaptiza—Dirac and Bragg regimes assume a 
different initial atomic momentum (in the rest 
frame of the standing wave) parallel to the standing 


Table 1 Natural parameters and typical experimental par- 
ameters involved in standing wave diffraction. The relevant 
frequencies together with the corresponding times (1/w) are 
tabulated. The parameters for 2°Na have been used for system 
dependent quantities 





@ o/27 1/w 

@ 500 THz 0.3 fs 

6 (Bragg) 500 MHz 0.3ns 
pr (Bragg) 100 MHz 1.6 ns 
wr (K—-D) 100 MHz 1.6 ns 
r 10 MHz 16 ns 
Wrec 25 kHz 6.4 ps 
osc 1 MHz 160 ns 
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wave axis. Kapitza—Dirac scattering assumes no 
component of the initial atomic momentum along 
this axis. The efficiency of Kapitza—Dirac diffraction 
falls rapidly as the initial momentum in units of the 
photon momentum approaches 1/@,..7. To observe 
N?-order Bragg scattering, the initial atomic momen- 
tum along the standing wave axis must have 
(nonzero) magnitude Nghik. Without adhering to 
this constraint, no final momentum state will be 
energetically degenerate with the initial state and the 
atomic sample will not respond to the presence of the 
standing wave, even if the interaction parameters 
are appropriate (on? t= 1) for N‘-order Bragg 
scattering. 

The condition N, = 0.1 (eqn [46]), where N, is 
the expected number of spontaneous emission 
events per atom during the light—atom interaction, 
is drawn on Figure 13 for two ratios (30 and 1000) 
of standing wave detuning, 6, to the atomic excited 
state natural lifetime, I’. For fixed 6/T, we see that 
N, «< 6, thus conditions with an increased pulse 
area (above and to the right of the N, = 0.1 lines) 
result in a proportionally increased N,. These N, = 
0.1 lines are extended across all regimes of 
Figure 13 because restricting spontaneous emission 
is required for both Kapitza—Dirac and Bragg 
scattering. As N, approaches unity, the correct 
optical potential describing the light—atom inter- 
action no longer is eqn [51], and scattering of 
atoms becomes an incoherent process which can 
lead to new possibilities such as a complex valued 
optical potential. Thus, while the standing wave 
fields in pure Bragg or Kapitza—Dirac scattering 
behaved as phase gratings for atoms, light gratings 
on resonance can effectively become amplitude 
diffraction gratings. 


Atom Interferometry 


In the 19th century, Fizeau (1853), Michelson (1881), 
Rayleigh (1881), and Fabry and Perot (Fabry 1899) 
exploited the interference properties of light waves to 
create the light interferometer which has since 
resulted in many beautiful experiments and precise 
measurements. Using technologies invented since the 
Second World War, the initial ideas of de Broglie and 
Schrédinger have evolved into construction of inter- 
ferometers for neutrons, electrons, and atoms. These 
new interferometers are proving to be valuable tools 
for probing fundamental physics, for studying quan- 
tum mechanical phenomena, and for making inertial 
measurements. 

The scientific value of interferometry with atoms 
and molecules has long been recognized. In fact, the 
concept of an atom interferometer was patented in 


1973 and it has been extensively discussed since. 
Atom interferometry offers great richness stemming 
from the varied internal structure of atoms, the wide 
range of properties possessed by different atoms (e.g., 
mass, magnetic moment, absorption frequencies, and 
polarizability), and the great variety of interactions 
between atoms and their environment (e.g., static 
E-M fields, radiation, and other atoms). 

Light interferometers are generally based either on 
achromatic beamsplitters such as half-silvered mir- 
rors or on other semi-transparent membranes whose 
structure is small compared to the wavelength of the 
wave they are splitting. Lacking material structures 
that are either transparent to atoms or smaller than 
their de Broglie wavelength, diffraction gratings have 
been pressed into service both as beamsplitters and 
mirrors for atom waves. This means that atom 
interferometers are constrained to designs which 
somehow compensate for the dependence of diffrac- 
tion angle on the wavelength of the individual atoms. 
In spite of this challenge, a surprising variety of atom 
and molecule interferometers have been built since 
1991. A majority have used the three-grating 
configuration in which the first grating splits the 
incident beam, the second reverses the differential 
momenta given by the first, and the third recombines 
the two beams at the location where they overlap. 
Both material gratings and standing waves of light 
have been used in the Raman-—Nath, Bragg, and 
adiabatic regimes to obtain interference fringes. Some 
designs render the interference fringes in position 
space, others in internal state space. 

Figure 14 shows the MIT setup for a three-grating 
atom interferometer which features sufficient separ- 
ation between interfering paths to accommodate an 
interposed metal foil. This allows different fields or 
media to act on atom waves only in one of the two 
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Figure 14 An interferometer for atoms built with three 
nanofabricated gratings. Each atom propagates in a superposition 
of two paths, shown in bold. The beam of atoms is well enough 
collimated, and the diffraction angle is large enough, that a metal 
barrier can be inserted between the two paths inside the 
interferometer. The interference fringes are observed by translat- 
ing one grating transverse to the atom beam. See for example: 
Berman PR (ed.) (1997) Atom Interferometry. San Diego, CA: 
Academic Press. 
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arms of the interferometer. Such an interaction 
region has been used to measure phase shifts due to 
an electric field applied to only one of the inter- 
fering paths. The phase difference between the two 
paths is then given by the Feynman path integral: 


d= + | Vix)dt [63] 
where 
a hee 
V= 5) aE [64] 


is the potential energy due to the electric filed E, 
and a is the electric polarizability of the atoms. The 
resulting phase shift of the interference fringes 
(Figure 15) has been used to measure the polariz- 
ability of sodium atoms to unprecedented accuracy. 

Phase shifts have also been measured due a dilute 
target gas in one arm of the interferometer. In this 
case there is a complex index of refraction for the 
forward scattered atoms (some attenuation, and some 
phase shift) which depends on matter wave wave- 
length. Recent measurements reveal glory oscillations 
in the matter wave index of refraction due to passing 
through a dilute gas, and are a sensitive probe of 
interatomic potentials. 

In the domain of inertial sensing, atom interferom- 
eters have been used to the local gravitational 
acceleration, g, Newton’s constant, G, gravity gra- 
dients, Vg, and rotations 9, each with sensitivity 
rivaling if not exceeding any other method. The 
Sagnac phase shift, due to rotations, for a two-path 
interferometer is 


22263 [65] 


Aapv 





where v is the velocity of atoms, A is the enclosed 
area of the interferometer, and 1) is the rotation rate. 
The two factors in the denominator, Ayp and v, are 


Atom flux (kcounts/s) 
~ 
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Figure 15 Interference fringes from atoms. 27 of grating phase 


corresponds to translating the grating one grating period, or 
100 nm. These data were obtained at MIT. 


both ~10° times larger for light than for atoms, 
which is why atom interferometers have the potential 
to be 10'' times more accurate than optical interfero- 
meters. In practice, atom interferometers only 
outperform laser gyros by a small amount because 
they have dramatically smaller enclosed areas and 
particle flux than optical interferometers. 

Since the first atom interferometers for Na and He* 
began working in 1991, others have been made for Li, 
Ar”, Ca, Cs, K, Mg, Ne”, Rb, and Lin, Nap, L, Ceo 
and C7) molecules, interferometers starting with 
trapped atoms have been made for Cs, Ca, He’, 
Mg, and Rb. Interferometers using Bose-Einstein 
condensates have been demonstrated with Na and 
Rb. These lists are still growing. Diffraction from a 
single grating has been observed for molecules as 
large as C79 buckyballs, which may someday be used 
in a three-grating interferometer. 


Conclusion 


The manipulation of atoms using light forces from 
standing light waves is a rich subject. The seminal 
suggestion of Kapitza and Dirac laid dormant for 50 
years due to lack of experimental technology. 
However, in the 1980s this suggestion was realized 
with atomic sources and considerably extended both 
experimentally and theoretically. In the early 1990s, 
coherent standing wave manipulation and nonofab- 
ricated atom optics became the two major routes to 
making atom interferometers. As the new century 
begins, these techniques are being refined further with 
improved sources, new detection schemes, and better 
atom optics. Replacing thermal atomic beams by 
Bose-Einstein condensates (BECs), as sources of 
atoms, will revolutionize the field of atom optics 
just as lasers did in light optics. 

Conversely, stimulated light scattering and nano- 
structures provide new ways to study atomic and 
molecular properties, such as Bragg spectroscopy for 
BEC characterization. As progress continues, exciting 
developments should be forthcoming, such as defini- 
tive measurements of the fine structure constant, a, 
atom gyroscopes that are far superior to the best laser 
gyroscope technology, and improved studies of BECs. 
Another area that is on the brink of spectacular 
development is the confinement of coherent matter 
waves in atom waveguides and the development of 
the scientific and technological opportunities that 
these represent, in analogy to fiber optic waveguides 
for light. 

While we have described the application of 
nanofabrication techniques to atom optics, it is 
possible to imagine technology transfer in the other 
direction. The fundamental problem of fabricating 
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ever smaller structures might be tremendously 
advanced by atom optics because the de Broglie 
wavelength of atoms is so much smaller than that of 
light, permitting them to be focused to directly 
deposit much smaller features than possible with 
photolithography. 


See also 


Interferometry: Overview. Scattering: Scattering Theory. 
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History and Perspective 


Quantum optics and laser physics have entered a new 
era. This started with the invention of the laser and 
the associated theoretical developments such as the 
theory of photon correlations and statistics, and the 
quantum theory of the laser. Later, new and novel 
lasers such as the free electron laser and tunable dye 
laser fueled many new research directions. With the 
development of the micromaser, quantum optics 
became a beautiful new test bed for the study of 
nonequilibrium statistical physics of photons inter- 
acting with matter in a controlled environment. 
The realization that a deeper understanding was 
needed to understand the measurement process led to 
the utilization of the laser as a probe of gravity, and to 
insight into nonclassical processes such as quantum 
nondemolition measurements and the production of 
squeezed states of light. 

Effects of atomic coherence in quantum electronics 
have a long history. One of the first examples was 
the Hanle effect: excitation by polarized light 
creates atomic coherence that can evolve in a 
magnetic field, causing the change of polarization of 
the resulting fluorescence. Another important 
example is the interference of decay processes, first 
suggested by Fano. Modern schemes utilizing 
quantum coherence in atomic vapors or solid media 
usually involve strong coupling laser fields (laser 
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drives). In each case, the effect of quantum coherence 
can be understood as interference of multiple 
(usually two) transition paths between quantum 
states of a system. 

In the past decade, the concepts of atomic 
coherence and interference have led to many new 
and surprising innovations in laser physics such as 
electromagnetically induced transparency (EIT), 
refractive index enhancement, lasers without popu- 
lation inversion, ultra-slow light group velocity, 
storage of the quantum states of light, teleporta- 
tion of quantum states, and nonlinear optics at an 
ultra-low intensity level. 


Electromagnetically Induced 
Transparency 


One of the most vivid manifestations of quantum 
coherence effects is the reduction of absorption in a 
three-level system that is driven by a coherent laser 
field. This effect is known as electromagnetically 
induced transparency, or EIT. We consider in more 
detail the case when the probe and drive fields are ina 
so-called A-configuration (Figure 1a) named after the 
appearance of the level scheme. In the conventional 
usage, the two lower levels are coupled to the upper 
level with two lasers. One of the lasers may be strong 
and is called the driving or coupling laser, and the 
other is weak and is called the probe laser. 

Consider a quasi-monochromatic laser field Ey 
(called the ‘driving’ field, or ‘coupling’ field) and 
probe field E,, interacting with a three-level medium 
of Figure 1a. This interaction is described by a density 
matrix p;, where i, j take the values a, b, c. Within the 
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(b) 





Figure 1 Real and imaginary parts of the susceptibility as 
functions of the frequency of the probe laser for (a) three-level 
A-type atoms, and (b) two-level atoms. 


density matrix approach, quantum coherence in the 
system has the precise meaning of an off-diagonal 
element of the density matrix at the two-photon 
transition c—b. To have strong quantum coherence in 
a A-system, one must excite a large value of p,y. 

It is convenient to simplify the equations from the 
very beginning by using the rotating-wave approxi- 
mation. We introduce slowly varying complex 
amplitudes of fields and polarizations and neglect 
their second derivatives. For example, for the probe 
field applied at the a— 6 transition we write 


1 ' , 
E,(, t) = 5 &pl% t) exp(—iwpt +ik,z)+cc. [1] 


After introducing the complex Rabi frequency 
0,,(%, 2) = dpép(z, 0)/2h, the wave equation for waves 
propagating in the z-direction can be written as 





9 
aQ, ; My IOp ca = 27ivpd5N oe 2) 
az c Ot PP hen, 


Here d, is the dipole moment of the probe transition 
a-b, N the total volume density of atoms in the active 
region, K, represents cavity losses, and 1, = kyc/ wy is 
the refraction index. The variable a, is the slowly 
varying amplitude of the corresponding off-diagonal 
element pz) = Op €xp(—ivpt) of the density matrix. 
The same representation is assumed for the drive field 
Eg, with parameters n, d, v, x having index ‘d’. 

The functions 0,4, O¢-, and o,,, which determine 
the polarization response of the medium at the 
frequency of the external field, should be found 


from the density matrix equations 

















-_ HT 40h = ~iDp og, + iN oc [3] 
BO eee aie i 4 
Pi FL gp Fab = Wp Mpg + IQao [4] 
Oe 4p = Gin i0,0%, [5] 
dt 
where 
Ts = Veb (Yep Vo Vd)s 
Pap = Yab + Vay — Vy), [6] 


ie = Vac + WYae — Va) 


Here the y’s are relaxation rates of the polarizations 
at the corresponding transitions (the so-called homo- 
geneous broadening). The population differences 
Nik = Pii — Pk are defined from eqns [2]—[6] together 
with the three equations for p;,i= a,b,c, with 
phenomenological rates of population relaxation 
and pumping: 











d ; 
a = —2Im[O5008] + tebPce + TabPaa — TraPbb 
d CC * 
= = —2Im[040c] T VacPaa ~ VcbPec [7] 
ae — Dl Op orp] + Amal + rapes 


= (Tab + Tac)Paa 


Here we have included only the pumping term 
bq between levels b and a for simplicity. Later, we 
will consider the effect of incoherent pumping on 
gain, but in this section we put r,, = 0. The sum 
of populations is evidently conserved in this model. 
Analysis of open systems with, e.g., flow of atoms 
through a cavity, leads to qualitatively similar 
conclusions. 

Suppose that the probe field is weak, 
ln? <Y-bVaco and the drive-field intensity is con- 
stant in a sample. The complex susceptibility at the 
probe-field frequency, which is proportional to 


Fap/Ep, is given by 
lg tte 
ea ee 


id2N 1 ( 
= n 
"he | POA 
This expression can be further simplified if there is 
no pumping to the states Ic) and la), so that we can 





[8] 


QUANTUM OPTICS / Atomic Coherence Effects 249 





assume that 1,,=0 and drop the second term in the 
brackets. The behavior of y as a function of 
detuning from resonance »,=v,, is shown in 
Figure 1a. In the absence of the drive field Og, we 
retrieve the usual two-level susceptibility, shown in 
Figure 1b. 

There are two remarkable features in the suscep- 
tibility of Figure 1a. The first one is the transparency 
window at the point of two-photon resonance. 
The absorption coefficient at resonance is 


Ka 2avp)d,N 
Ac Yap + |Oa?’/Yep) 


Clearly, absorption can be arbitrarily small when 
Yep < Yop and |O4I? > y,4Yqp» since it is proportional 
to ¥u/ lO4/?. For any value of |Qq|*, the absorption is 
much smaller than that resulting from simple Stark 
splitting of two Lorentzians. Moreover, in the most 
interesting case 





[9] 


2 2: 
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the Stark splitting is negligible while the deep and 
narrow EIT feature remains, with width 
Yeo + |g? / yap. 

Note that the intensity of the drive field required 
for the coherent bleaching of the medium is a factor 
Tab/Ycb >> 1 smaller than the intensity needed for 
usual saturation bleaching. 

EIT is closely related to the phenomenon of 
coherent population trapping (CPT). This can be 
illustrated by transforming from states la), |b), Ic) toa 
new set of states la), |B), |D), where 


ID) = (Qglb) — O,le)/y/lO4gF? + 10, 


|B) = (Oglb) + O,le)) slg!” + 10,7 


It can be easily found that under the condition of 
two-photon resonance v,— vy =v» the dipole 
matrix element from |D) to la) goes to zero. This 
means that the population in state |D) does not 
interact with the coherent radiation field and does not 
contribute to absorption. That is why this state is 
called a non-absorbing or dark state. Under the 
condition |Q4!? /Ycb Yab >> 1 practically all the popu- 
lation of states |b) and Ic) is optically pumped into the 
dark state, and only a small fraction ocy,, remains in 
the absorbing state |A) and contributes to absorption. 

The second remarkable feature of a driven 
A-system is sharp variation of the real part of x 
near the resonance, which can be used for manipu- 
lation of the group velocity of light, as discussed in 
the next section. 


Slow, Ultra-Slow, Stored, and Frozen 
Light 


Introduction 


There are five useful definitions for the velocity of a 
traveling wave: 


e the phase velocity, which is the speed at which the 
zero crossings of the carrier wave move; 

e the group velocity, at which the peak of a wave 
packet moves; 

e the energy velocity, at which energy is transported 
by the wave; 

e the signal velocity, at which the half-maximum 
wave amplitude moves; 

e the front velocity, at which the first appearance of a 
discontinuity moves. 


Although these can all be different, in most cases 
(linear, passive, dispersive media) the last four 
coincide, and are usually less than the phase velocity. 
By using the very steep frequency dispersion in the 
vicinity of the narrow resonance associated with 
electromagnetically induced transparency (EIT), it 
has been shown that the group velocity of light can be 
reduced by approximately 100 million compared 
with its velocity in vacuum. 

In order to understand the concept of group 
velocity, it is useful to consider the superposition 
of two waves of the same amplitude E, and E, where 
E; = Eo cos(k;z — vt) with i = 1,2. Addition of these 
waves gives rise to the modulation shown in Figure 2: 


E = Eo(cos(kyz — rt) + cos(koz — 4£)) 
= 2E, cos(Akz — Avt)cos(kz — vt) 


where Ak= (ky = ko)/2, Av= (Y = r»)/2, k= 
(ky + ky)/2, and v= (1% + 14)/2. This superposition 
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Figure 2 Interference of two monochromatic waves with 
different frequencies results in a wave modulated in time and 
space. 
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displays an interference pattern consisting of a rapid 
oscillation propagating with the so-called phase 


velocity, 
v 


Uphase — k [10] 
and a slowly varying envelope propagating at the 
group velocity, 


=— 11 

ane [11] 
Usually, the group velocity of wave packets consisting 
of more than two harmonics is given by transforming 


the ratio Av/Ak into dv/dk. 


Slow and Ultra-Slow Light 


In ordinary absorption and refraction of light, it is 
sufficient to consider only two atomic energy levels 
interacting with the light. However, in multilevel 
systems, coherent excitation of more than one 
transition can dramatically alter the dispersion and 
hence the group velocity. The first experiments of this 
effect demonstrated a group velocity of c/13. How- 
ever, this was progressively lowered in later experi- 
ments as the steepness of the dispersion was 
increased, culminating in a group velocity as low as 
c/300 000 000 (1 m/s) in a Bose-Einstein condensate 
of ultra-cold sodium atoms. Slow light has been 
observed in a wide range of systems, from the 
Bose-Einstein condensates just mentioned, to hot 
optically dense gases of atoms and molecules, and in 
solids ranging from rare-earth doped crystals to solid 
hydrogen. 

Most of these experiments occurred in a A system. 
The susceptibility of this medium has very steep 
dispersion without absorption, as shown in Figure 1. 

The minimum possible group velocity slowed by 
the steep dispersion in EIT is given by 


8707 
aan * [12] 
where y= yh = Yy-. The driving field 0 should 
be strong enough to meet the condition 0? > yy, 
for coherent effects. It can be shown that the 
group velocity approaches its minimum Ug min = 
8aryp-/(3A°N) when 0? ~ yyy. 


Bringing Light to a Halt: Frozen Light 


Consider a laser pulse propagating through a medium 
with ultra-slow group velocity while the medium 
itself is moving with some velocity v in the opposite 
direction to the direction of laser pulse propagation. 
Let us denote the group velocity of the light in the 


frame co-moving with the atoms as 7,. In this frame, 
atoms are at rest, and hence, there is no spatial 
dispersion. The Galilean transformation to the 
laboratory frame, k= k, v= @-—kv, where v is 
the atomic velocity, yields the group velocity 
Vg = Re(dv/dk) = 0, — v. This simple transformation 
shows that the light pulse is ‘dragged’ by the moving 
atoms. If the velocity of the atoms with respect to the 
laboratory frame is exactly equal and opposite to 
the group velocity of light in the frame where atoms 
are at rest, then we find that the group velocity in the 
laboratory frame is zero. We refer to this as ‘freezing’ 
of light. We may even make the group velocity 
negative so that the propagation direction is opposite 
to the wavevector (that is, that v, < 0). The simplest 
example of spatial dispersion is the so-called drift 
dispersion corresponding to a mono-velocity atomic 
beam or moving sample with velocity v. 

Slow light experiments in Doppler broadened 
systems such as warm gases allow group velocities 
that are much lower than the mean thermal speed (v7) 
of the atoms in the thermal sample (Figure 3). This 
means that freezing of light can occur without 
actually moving the atomic sample. When the 
experimentally obtained group velocity is less than 
or about equal to the mean thermal speed of the 
atoms, a pulse of light can be stopped in a stationary 
cell. In this case the delay time for a pulse passing 
through the medium would tend to infinity (contrary 
to the case of a finite atomic beam) in the sense that 
this pulse would never leave the cell. 

This is accomplished by using a single velocity 
group from the Maxwellian thermal distribution of 
atomic velocities, and adjusting the frequency of the 
driving field to be resonant with that velocity group 
(see Figure 4). In this case it is mainly the atoms in this 
single velocity group that support the ultra-slow 
group velocity as a slow EIT polariton, and the atoms 
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Figure 3 Ultra-slow and negative group velocity of EIT polariton 
versus detuning of drive laser; (=0.25y, kyv7 = 100y, 
Yeb = 0.001 y, (a) N = 0.6 Noy; (b) N = Neo,; (c) N = 1.5 No. 
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Figure 4 The velocity distribution of atoms in a cell (solid line). 
Effective drifting beam (dotted) selected by drive laser. 


then act as an effective atomic beam. If the driving 
field is on resonance with the velocity group of atoms 
moving into the light with speed equal to 7, we will 
have vz = 0, — vg, where 0, is the group velocity of 
the light defined by the effective atom beam if those 
atoms were at rest. This requires that the intensity of 
the drive is strong enough to provide EIT for the 
resonant velocity group of atoms, i.e., 0? > yy 
(see Figure 4) but at the same time weak enough to 
avoid interaction with off-resonant atoms moving 
with the ‘wrong’ velocities (i.e.  < kv7./¥./Y)- 


Storing and Retrieving Quantum Information 


Photons are potentially the best particles for use 
in quantum computing and quantum information 
processing. They are the fastest, and perhaps the 
simplest and most robust carriers of quantum 
information, but their storage and manipulation is 
difficult without destroying their quantum state. 
However, for application to quantum cryptography, 
quantum teleportation, and quantum computation it 
is necessary to achieve a strong coupling between 
electromagnetic waves and a large nonlinear suscep- 
tibility with small losses. For this task, it may be 
resonant coherent media that offer the promise of 
success. 

Recently, new coherent and reversible methods 
based on EIT have been found for the transfer and 
manipulation of photons and their quantum infor- 
mation. Quantum states of photons are trapped in 
coherently driven atomic media in which the group 
velocity is reduced adiabatically toward zero. The 
methods allow for an ideal transfer of quantum 
correlations between light fields and metastable states 
of matter. Currently, interesting applications such as 
quantum state memories and quantum information 
processing including transporting and time reversing 
the state of light are being investigated. 


Although experiments have not yet been conducted 
with single quanta, proof-of-principle experiments 
using classical laser fields have demonstrated the 
technique. In these experiments control and signal 
light pulses propagate in a gas of three-level A-type 
atoms and excite a spatial profile of a long-lived 
coherence of ground spin states. This spin coherence 
profile contains quantum information about the 
‘writing’ pulses. When the control field is switched 
back on, the signal pulse is restored via Raman 
scattering on the atomic coherence. Ideally, the 
scattered pulse is in the same quantum state as the 
input signal pulse, preserving entanglement, quantum 
statistics, etc. 

Similar experiments have also shown that different 
reading pulses (rather than switching back on the 
same control pulse) can be used to obtain new tools 
for quantum information storage and processing. 
Time reversing, teleportation, color switch and 
multiplexing of the signal pulse of light have all 
been demonstrated. These new operational possibi- 
lities arise as a result of the reading of the stored 
information with a light pulse that is spatially 
separated from, has different frequency from, and 
propagates in the opposite direction to the signal 
beam. 

To demonstrate these effects, one pair of control 
and signal pulses (the ‘writing’ fields) prepares a spin 
coherence of the lower level (Figure 5). A second 
control pulse (which can be thought of as a ‘reading’ 
field) scatters from this coherence resulting in 
the generation of a new, or ‘recovered’, field. 
This recovered field acquires some properties of the 
reading field because it is a Raman scattered 
component of the reading pulse. If the reading field 
pulse is centered about a frequency other than that of 
the writing fields, and propagates in the opposite 
direction to the writing fields, then the recovered field 
propagates in the same direction as the reading field 
and has a different frequency from the incident 
writing fields. Even if the writing and reading pulses 
are separated in space as well as time the scattering 
effect will persist. This allows the transportation of 
the coherence grating to another point in the atomic 
cell via the atomic center-of-mass motion. 

In the ideal case the signal pulse profile and 
quantum statistics are exactly stored by the atomic 
coherence grating. Thus, reading by a backward 
propagating pulse results in a generated pulse that is 
also backward propagating. That is it represents an 
exactly time-reversed copy of the signal pulse. 
Similarly, atomic motion in the direction transverse 
to the light propagation moves the coherence grating 
to another spatial position. Reading the light by a 
spatially shifted laser results in the equivalent of 
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Figure 5 (a) Energy level scheme used in experiments for 
multiplexing, transporting, and time-reversing stored light. 
(b) ‘Storage of light’: intensity of the signal field versus time 
for different switching times (7) of the reading and writing fields. 


‘teleportation’ of light by atoms in the same spirit as 
the teleportation of the quantum state of light by 
atoms that has been discussed recently. It is also 
possible for the frequency of the ‘restored’ pulse to be 
easily shifted by switching the frequency of the 
reading pulse. This means that the use of a frequency 
comb of reading pulses propagating in different 
spatial modes should result in multiplexing of the 
signal light. 


Novel Laser Sources Based on 
Quantum Coherence 


Introduction 


In the previous sections we have seen how quantum 
coherence can be used to overcome resonant absorp- 
tion on a transition of interest, leading to EIT. 
A natural question arises whether it is possible 
to achieve gain without population inversion at 
this transition, i.e. lasing without inversion (LWI). 
This subject has been intensively investigated since 


Ic) |b) 
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Ja) 
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Figure 6 LWI schemes in a three-level system coherently 
driven by a laser field. 


the early 1990s, and the first proof-of-principle 
experiments have been successful. 

Besides the fundamental physical beauty of this 
phenomenon, the research effort has been motivated 
by potentially important applications. It is clear that 
LWI could be particularly useful in situations where a 
population inversion is difficult to maintain due to, 
e.g., very fast relaxation or inefficient pumping. The 
obvious examples are high-frequency UV, X-ray and 
gamma-ray lasers, or semiconductor mid/far-infrared 
lasers based on intersub-band transitions. Another 
promising application of LWI is efficient frequency 
up- or down-conversion. Furthermore, if resonant 
absorption can be eliminated, resonant nonlinear 
optical interactions become a reality. Since all non- 
linear coefficients are maximized at resonance, highly 
efficient nonlinear optical generators of light can 
be created. 

In this section we discuss the simplest possible 
schemes of inversionless lasing which allow one to 
clarify the physical origin of LWI and to see the 
shortcomings which have so far prevented LWI-based 
schemes from reaching the level of practical laser 
devices. 

Consider a three-level system, coherently driven by 
a strong quasi-monochromatic field nearly resonant 
with one transition, and probed by a field that is 
nearly resonant with an adjacent transition. Some 
possible configurations are shown in Figure 6. We 
consider in detail the case when the two fields are 
in a A-configuration (Figure 6a). This is probably the 
most popular and well-studied scheme since it can 
provide probe-field gain for a very low pumping 
rate, when most of the population is at the lowest 
energy level. However, we will see that the gain 
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This introduces two new terms: 
HIGH IMPEDANCE CIRCUIT and "RESISTORS in SERIES and PARALLEL." 





If the reading is taken with a Digital Meter, it will be more accurate as a DMM does 
not take any current from the circuit (to activate the meter). In other words it has a 
very HIGH input impedance. Most Digital Multimeters have a fixed input resistance 
(impedance) of 10M - no matter what scale is selected. That's the reason for 
choosing a DMM for high impedance circuits. It also gives a reading that is accurate 
to about 1%. 


MEASURING VOLTAGES IN A CIRCUIT 

You can take many voltage-measurements in a circuit. You can measure "across" a 
component, or between any point in a circuit and either the positive rail or earth rail 
(Ov rail). In the following circuit, the 5 most important voltage-measurements are 
shown. Voltage "A" is across the electret microphone. It should be between 20mV 
and 500mvV. Voltage "B" should be about 0.6v. Voltage "C" should be about half-rail 
voltage. This allows the transistor to amplify both the positive and negative parts of 
the waveform. Voltage "D" should be about 1-3v. Voltage "E" should be the battery 
voltage of 12v. 
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condition for the A-scheme is actually rather restric- 
tive and does not allow one to realize large frequency 
up-conversion. For the latter purpose, ladder-type 
schemes (Figure 6c,d) turn out to be more favorable. 


Weak-field gain in the A-scheme 
From the general formalism presented earlier, it is 
straightforward to get the amplification condition 





i 1 gl? 1c 
aia eT OW yt y, (ms eis ~ 
<0 
[13] 
where 
_ 27w,d5N 
0 tok 


The physical meaning of the two terms in 
brackets in eqn [13], which originate from the 
two terms on the right-hand side of eqn [4] for 
J», can be easily understood. The first term is just 
the resonant one-photon absorption proportional 
to the population difference m),. It can be strongly 
reduced in the presence of a drive field Og, as 
explained earlier. However, it can change sign and 
give rise to the field amplification only if mp, <0, 
meaning there is a population inversion! 

The second term, originating from the product 
Qgo- in eqn [4], is due to the mixing of the 
drive field Qg and polarization ao where the 
latter is parametrically excited by a two-photon 
process: Op € €yOq_ © ep Q4n-q. It is this term that 
can overcome one-photon absorption to provide 
amplification without inversion in the A-scheme. As 
we see, the possibility of LWI depends crucially on 
our ability to excite a sufficiently large polarization 
op at the transition resonant with the beat frequency 
of the probe and drive fields. This conclusion is 
universal for all LWI schemes with a coherent drive. 
We see that the sometimes loosely defined term 
‘quantum coherence’ has a precise meaning here as 
the polarization o,, at a two-photon transition c—b. 
It is clear that the effects of quantum coherence are 
maximized when y,, is small, i.e., the transition c—D 
is long-lived. 

We are of course interested in the case of weak 
incoherent pumping. The typical dependence of 
gain on detuning from two-photon resonance is 
shown in Figure 7. At resonance, where the gain is 
maximized, the amplification condition K" < 0 yields 
(in the absence of nonresonant losses): 


lac > 2 Veet gi Tha _ 1) = Tab — ‘ha = Tab [14] 


as 
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Figure 7 Gain without inversion in A-scheme. 


because y,, = 7p,/2. Here we assumed that the 
incoherent pumping is weak, r,, <r, so that it 
does not produce population inversion at the probe 
transition. 

Equation [14] is a simple and very important result, 
which is valid for all three-level laser schemes in the 
absence of inversion at both probe and drive 
transitions: the relaxation rate at the drive transition 
should exceed that at the probe transition. This 
result is an immediate consequence of the fact that the 
long-lived coherence o,, is inevitably destroyed by 
incoherent pumping, and y,, is now bounded from 
below. One can follow how the EIT regime is 
transformed into lasing as follows. With increasing 
incoherent pumping rate r;,, EIT is actually destroyed 
due to the growth of y,, ~ rp,/2. In terms of CPT 
states, this means increase of population of the 
absorbing state |B). At the same time, the resonant 
Raman term in [13] also grows since n,, is 
proportional to rp),. With increase in the incoherent 
pumping rate, the contribution to gain overcomes the 
contribution to absorption if r,, > Tgp. 


Propagation effects 
Inequality [14] has important implications for the 
problem of co-propagation of probe and drive fields. 
Indeed, to provide a significant amplification of the 
probe field, the absorption length Ly = y,-/(ngM%¢q) 
of the drive field should be larger than the ampli- 
fication length L, = Yac/(Mp%a) of the probe. 
This requirement gives simply 
nplna > 1 [15] 
which in the absence of nonradiative relaxation can 
be rewritten as 
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In view of the gain condition given in eqn [14], the 
above requirement can be satisfied only if vg > v,, 
i.e., up-conversion is impossible. 

An interesting solution to this problem is to 
realize population inversion at the driving transition. 
Then up-conversion can be realized with a lower 
relaxation rate at the drive transition as compared 
with probe transition. In this case in the A and 
V-schemes the two-photon term contributes to 
absorption at resonance, and gain is only possible 
far off-resonance. At the same time, in the ladder 
schemes shown in Figure 6c and d the gain is achieved 
at resonance, as discussed below in more detail. 

It should also be noted that to excite laser 
oscillations in a high-O cavity, large one-pass gain is 
not required at all, so that a A-scheme could still be 
employed for up-conversion. 

Now, consider a probe field of arbitrary intensity. 
An important question is where the energy for 
amplification of the probe field comes from. It is 
known that for parametric processes in a transparent 
medium the Manley—Rowe relations are satisfied. 
Therefore, it might seem that the drive field is also the 
ultimate energy source for LWI. However, this is the 
case only for very large detunings of the drive 
and probe fields from the corresponding transition 
frequencies. In that case, we can neglect one-photon 
absorption, and the wave equations take the form 
typical for stimulated Raman scattering. They possess 
the first integral 


2 2 
leg! le, 


[16] 


= const 
Vd 


Yp 
which expresses the conservation of the total number 
of quanta in both waves (Manley—Rowe conditions). 
However, in the case of exact resonance, one can 
show that one-photon absorption of the drive field is 
always important, and the Manley—Rowe-type con- 
servation law does not exist at all. The optimal 
condition for the probe field amplification is 
Np/Na > 1. In this case the stage of exponential 
amplification of the probe is maintained over a long 
distance, and the probe field intensity can grow to 
much larger values than the sum of initial intensities 
of the drive and probe fields. Apparently, the energy 
for the probe field amplification comes mainly from 
the medium, namely from the upper-level population 
Paa Supported by incoherent pumping. 


V-Scheme 


The V-scheme, shown in Figure 6b, is qualitatively 
similar to the A-scheme. An important difference is 
that there is now no long-lived coherence at the 


mixing transition c—a. Indeed, even if the transition 
a—c is strongly forbidden, the coherence y,, is 
destroyed by fast relaxations at the c—b and a—b 
transitions. We can immediately suggest that for the 
V-scheme inversionless lasing takes place at large 
driving field intensities exceeding the saturation 
value. However, one must be careful: although it 
appears that the reduction of absorption in the 
absence of pumping cannot be greater than a factor 
of 2, this turns out to be incorrect. Rather, almost 
complete transparency can be achieved, as confirmed 
by calculations and recent experiments. Analysis of 
the laser gain condition shows that the V-scheme 
shares with A-scheme the same negative feature: 
relaxation at the driving transition should be much 
faster than at the probe transition. 


Schemes with Population Inversion at the Driving 
Transition 


The above analysis illustrates the common problem of 
LWI schemes: the requirement of rapid relaxation at 
the driving transition and the resulting strong absorp- 
tion of the drive field. This difficulty can be overcome 
in schemes with population inversion at the driving 
transition. Then, of course, all this makes practical 
sense only if the relaxation at the drive transition is 
much slower than that on the probe transition, so that 
it is easy to provide population inversion for the drive 
transition as compared with the probe transition. 
Luckily, such schemes do exist in principle, and seem 
to have many potential applications. The simplest 
possibility is the so-called ladder (or cascade) schemes 
shown in Figure 6c,d. LWI in ladder schemes is usually 
studied in the regime when there is no inversion at both 
probe and drive transitions. In this case gain is 
achieved at large detunings from two-photon reson- 
ance and under the same unfortunate condition of fast 
relaxation at the drive transition as compared with the 
probe transition. In the opposite case, population 
inversion at the driving transition is required for LWI 
at the probe transition. In ladder schemes the 
maximum gain of the probe field is achieved when 
both fields are at resonance with atomic transitions, 
while in V and A-schemes the resonance point 
corresponds to maximum absorption, and the gain is 
achieved in sidebands. 

Note that population inversion at the driving 
transition means that the drive field can be amplified. 
This immediately puts forward the possibility to use a 
drive field which is self-generated in the same active 
medium. In other words, the system supports lasing 
with inversion at the drive frequency and LWI at the 
probe frequency. This situation is especially beneficial 
for dense gases or solids where the problems of 
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external drive absorption, reflection, and inhomogen- 
eity may become otherwise insurmountable. One 
specific example considered in the literature is LWI 
on rapidly decaying UV and soft X-ray transitions in 
gas lasers in the presence of lasing with inversion on 
long-lived adjacent transitions in the visible range 
(as in Figure 6c). Another example is LWI on 
rapidly decaying mid/far-infrared intersub-band 
transitions in semiconductor quantum wells in the 
presence of lasing with inversion on the interband 
transition, as in Figure 6d. These interband tran- 
sitions have 10* times longer lifetime than the 
intersub-band transitions. 


Experiments 


Experimentally, amplification without inversion has 
been observed in rarefied atomic vapors in the early 
and mid-1990s. In particular, amplification of a probe 
beam in the A-configuration was realized in atomic 
samarium, sodium, and cadmium, while the V- 
scheme was successfully implemented in atomic 
rubidium. Inversionless laser oscillation was observed 
in a V-scheme in rubidium vapor and a A-scheme in a 
sodium atomic beam. In all of these proof-of- 
principle experiments, the frequencies of the probe 
and drive fields were very close to each other, and the 
coherence was excited between two hyperfine states 
or Zeeman sublevels. One-pass gain of a few per cent 
was observed. 


Nonlinear Optical Sources Based on Quantum 
Coherence 


Excitation of a strong coherence has a profound 
impact on nonlinear optical interactions. Strong 
scattering on the polarization wave excited at the 
beat frequency of two or more laser fields allows one 
to achieve huge nonlinear coefficients and conversion 
efficiencies. A particularly impressive example is 
ultra-broadband collinear Raman generation in a 
resonant A-scheme, that has been observed experi- 
mentally. A pair of strong laser pulses propagating in 
molecular deuterium excites a strong polarization 
wave at a beat frequency close to a vibronic transition 
in deuterium. Asa result, a comb of Raman sidebands 
from the infrared to the deep-UV region of the 
spectrum has been observed. 

Another example is an extremely efficient simul- 
taneous blue light and mid-infrared generation in a 
four-wave mixing experiment in rubidium vapor. 
Here, all four fields are resonant with corresponding 
transitions. 

A final example illustrates the use of self-generated 
drive fields for nonlinear generation. It has been 


suggested that one can use two intracavity generated 
laser modes in a semiconductor quantum-well 
laser for the difference frequency, sum frequency, 
and second-harmonic generation in fully resonant 
three-wave mixing processes. This idea has already 
been successfully realized in two-wavelength quan- 
tum-cascade lasers, and experiments with other types 
of semiconductor lasers are under way. 

The whole field of resonant nonlinear optics, 
stemming from original ideas of LWI in systems 
with quantum coherence, is now in explosive 
development. 


Summary 


Atomic coherence effects have already found many 
important applications in metrology and low- 
intensity nonlinear optics. Novel applications in 
quantum nonlinear optics, laser physics, and quantum 
information processing seem to be feasible. The 
coherence allows the storage of information about 
the probe light, its transportion in space, time 
reversing, and multiplexing the light. Moreover, the 
coherence allows an increase of the coupling between 
light fields such that it becomes possible to study the 
interaction between single photons. New coherent 
radiation sources based on the ideas of LWI and 
coherent nonlinear optics are at the stage of active 


research. There are surely many other applications 
ahead. 


See also 


Electromagnetically Induced Transparency. Non- 
Classical Light. Nonlinear Optics, Applications: 
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Quantum Information. 
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Quantum information is an emerging field of tech- 
nology that encompasses the application of funda- 
mental quantum mechanical phenomena, such as 
entanglement, to tasks in information processing and 
communications. The importance of optical technol- 
ogy in quantum information is not surprising, given 
the success of quantum optics in the investigation of 
these fundamental phenomena and the pre-eminent 
role of optics in modern communications. This article 
describes some of the important advances in photonic 
quantum information and discusses the prospects for 
the future. 


Basic Notions: Qubits and 
Entanglement 


Qubits 


Quantum information is usually confined to two-level 
quantum systems, which are referred to as quantum 
bits, or qubits. The qubits form the register of a 
quantum computer or carry the information in a 
quantum communications channel. Physical 
examples of qubits under active study include the 
spin degrees of freedom of an electron or spin-1/2 
nucleus, two well-isolated energy levels of an atom 
or trapped ion, and the polarization degrees of 
freedom of a photon; here we concentrate on the 
latter.! The two states of each qubit are generically 
denoted by 10) and 11) (although, because of our 
concentration on optical polarization, we shall use 
the horizontal and vertical states IH) and IV) 
interchangeably with 10) and 11) when describing 
experiments). An arbitrary state of a single qubit, 
ly) = al0)+ Bl1), is specified by the complex 
probability amplitudes a and B associated with the 
two possible states, constrained by lal* + |gI? = 1. 
States for which a@ and £ are deterministic quantities 
are referred to as pure states; when they are 


' Recently some attention has been devoted to quantum 
information based on continuous variables, such as those arising 
in connection with ‘squeezed light’. However, here we will focus on 
discrete systems, i.e., qubits. 


stochastic, the state is mixed, and must be described 
by a density matrix, e.g., p = >; plujyl, where p; is 
the probability of the pure state |7;). Pure states are a 
useful but unattainable ideal, just like a perfectly 
coherent laser beam; in reality even the best- 
prepared quantum states have some level of mixed- 
ness, which can be quantified by the entropy: 
S = —Tr(plnp) = — >; A;|nA;, where A; are the 
eigenvalues of the matrix p. 


Multiqubit States and Entanglement 


For two qubits, the possible pure states of the 
system are specified by four probability ampli- 
tudes:7 ly) = al00) + Bl01) + yl10) + 6111), with 
lal? + |e? + ly? +18? =1, and, e.g., 100) = 10) 
@10) denoting the state in which the first and the 
second qubits are both in state |0). In general, 2” 
amplitudes are needed to characterize a pure state 
of 1 qubits. Immediately we can see one advantage 
of quantum systems for information storage: if 
each distinct probability amplitude is regarded as a 
data register, the size of the memory grows 
exponentially with the number of qubits. Further, if 
one were to flip just one qubit, for example the 
second, the state would be transformed into 
ls) = Bl00) + al01) + 6110) + yl11), where all of 
the amplitudes have been affected. This simple 
example demonstrates the notion of quantum 
parallelism, one of the most powerful properties of 
quantum information processors. 

If the two-particle state can be written as a product 
of two single-particle states, i.e., if al00) + Bl01) + 
yl10) + 6111) = (Al0) + BI1)) @(Cl0) + Dl1)), then 
these two particles can be considered as separate, 
unconnected entities: the state is said to be separable.* 
When the state cannot be written in this form, it is 
called an entangled state. Entanglement is one of the 
most fascinating fundamental properties of quantum 
systems: Erwin Schrodinger described it as ‘the 
characteristic trait of quantum mechanics ... that 
enforces its entire departure from classical lines 
of thought.’ Consider performing a measurement on 
the second of the two qubits, to establish which of its 
two states the particle was in, leaving the first qubit 














? Qubits are assumed to be distinguishable particles, and so the 
wavefunctions describing their states need not be symmetrized 
under exchange of particles. 

3 When mixture is also present, the state is separable if it can be 
written as p= Y Pips @ ps i.e., as a sum of product states for 
systems A and B. 
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untouched. The result would collapse the state of 
the first qubit into one of two possibilities: either 
lbp) = (al0) + yl1))/,\/Po if the outcome of the 
measurement were 0 (which occurs with probability 
Py =lal* + ly?) or 161) = (Bl0) + 611))//Py if it 
were 1 (with probability P; = |gI* + 1617). Thus the 
state of the first qubit is instantaneously projected 
into a specific state by performing a measurement on 
the second qubit, which can be in a completely 
different location. This example demonstrates the 
nonlocality of quantum mechanics, which has been 
confirmed experimentally in some depth by a number 
of elegant quantum optics experiments over the last 
30 years. 

The fidelity F = (®|'P)|* characterizes the overlap 
of two states.* The fidelity of |) and |) is a way to 
quantify the amount of entanglement in the initial 
two-qubit state. If the final two states are identical, 
the fidelity will be unity, and the initial state is 
separable; conversely if the two final states are 
orthogonal and occur with equal probability, then 
in a sense the initial state is maximally entangled, 
since the largest possible nonlocal influence would 
occur due to the measurement. Mathematically, 
the fidelity of the two final states is I(dyld1)I? = 
1— C’/4P oP), where C= 2laé— Byl is called the 
concurrence of the state. If C= 0, the state is 
separable; if C = 1, the state is maximally entangled.° 

As discussed below, entanglement forms the heart 
of a number of quantum information protocols, such 
as dense coding, teleportation, and one type of 
quantum key distribution (also known as quantum 
cryptography), and large-scale entangled states of 
many qubits seem to be a requirement for the more 
ambitious goal of practical quantum computing. 


Creating Entangled States Experimentally 


Entangled states can currently be created in a 
controlled manner using technologies such as ion 
traps, cavity quantum electrodynamics, and optical 
spontaneous parametric down-conversion (SPDC). 
Down-conversion is a nonlinear optical process by 
which an incident ‘pump’ photon can be split (or 
down-converted) into a pair of longer-wavelength 
daughter photons (historically called ‘signal’ and 
‘idler’) in a crystal possessing a y'7) nonlinearity, 
such as beta-barium borate (BBO). Mathematically, 
the process is described using the creation 


4 The generalized fidelity between mixed states p4 and pg is 
F=ITr/JpappJpal - 

° The concurrence can also be generalized to mixed states, 
although it has a much more complicated expression. The 
quantification of entanglement for mixed states with more than 
two subsystems is presently an active area of research. 


iota. oe at 8 
and annihilation operators of the field modes (4), G,), 
thus: 


Dou) = os “iY Cpailpacd + 4} 424,) |e 
Dp.s.i 

where the triple sum is over all field modes (subscripts 
p, s, and i refer to pump, signal, and idler modes, 
respectively) and c,.,; is a coefficient linearly depen- 
dent on the second-order nonlinear susceptibility xe 
and also on the birefringent properties of the crystal. 
Further, c,.,; will be negligibly small unless both 
total photon energy and momentum are conserved 
(i.€., @p) = @, + w; and K, = K,+ Kj, where « is the 
intracrystal momentum). 

One particularly efficient method for using this 
phenomenon to create entangled states is as follows. 
For a specific geometry (type-I phase matching), the 
daughter photons emerge from the crystal with 
identical polarizations (perpendicular to the parent 
polarization and the crystal optic axis) on opposite 
sides of a cone that is centered about the pump beam 
(Figure 1a). Because each photon is in a definite state of 
polarization, the two photons are not in an entangled 
state. Two crystals, aligned with their axes of 
symmetry oriented at 90° to each other, as shown in 
Figure 1b, can then be used to create an entangled 
state.° With crossed crystals, two processes are 
possible: the parent photon can down-convert in 
the first crystal to yield two vertically polarized 
photons, or it can down-convert in the second 
crystal to yield two horizontally polarized photons. 
Because it is impossible to distinguish which of 
these processes has occurred, the state of the 
daughter photons is a coherent quantum-mechanical 
superposition of the states that would arise from each 
crystal alone; the output of the crossed crystals is 
photons in the maximally entangled state 
ID,)= 35 (\H) + IVV)).” 

Figure 2 shows how this basic source can be 
adapted to produce any pure quantum state of two 
photons by placing rotatable half- and quarter- 
wave plates (which can be used to transform the 


© Another widely used method employs type-II phase matching 
in a single crystal. The down-conversion photons are emitted with 
perpendicular polarizations along a pair of cones. Pairs emitted 
along particular directions are in the maximally polarization- 
entangled state lw_) = ay (IHV) — |HV)). Such a source was used 
in the first demonstrations of superdense coding and quantum 
teleportation. 

7 Note that in an arbitrary basis 16) = cos@l|H) + sinélV) and 
l6+) = —sin@lH) + cosélV), this maximally entangled state has the 
form I@,) = 3p (106) +10+6+)), demonstrating that the nonlocal 
correlations are present regardless of the bases used to represent 
the state. 
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Figure 1 An entangled-photon source. (a) For a given orientation of the nonlinear crystal, a horizontally polarized parent photon 
produces a pair of vertically polarized daughters. The daughters emerge on opposite sides of an imaginary cone. The cone’s axis is 
parallel to the original direction taken by the parent photon. The two daughter photons are not in an entangled state. Reorienting the BBO 
crystal by 90° will produce a pair of horizontally polarized daughters if a vertically polarized pump beam is used. (b) Passing a photon 
polarized at 45° through two crossed BBO crystals can produce two photons in an entangled state. Because of the Heisenberg 
uncertainty principle, there is no way to tell in which crystal the parent photon ‘gave birth,’ and so a coherent superposition of two 
possible outcomes results: a pair of vertically polarized photons or a pair of horizontally polarized photons. (Adapted with permission 
from James DFV and Kwiat PG (2002) Quantum state entanglement: creation, characterization, and application. Los Alamos Science 
27: 52-67.) 
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Figure 2 Creating and measuring two-photon entangled states. The ‘pump’ photons are created, for example, in an argon ion laser 
and are linearly polarized with a polarizing beamsplitter (PBS). The half-wave plate (HWP) rotates the polarization state before the 
photon enters the pair of nonlinear crystals that constitute the entangled-photon source; the initial angle of pump polarization controls the 
entanglement of the pair produced. Each photon’s polarization state can be altered at will by the subsequent HWP and quarter-wave 
plate (QWP). The decoherers following the state selection allow the production of mixed photon states. The optical elements (QWP, 
HWP, and PBS) in the tomographic analyzer allow the measurement of each photon in an arbitrary basis. Coincidence measurements of 
photons allow the quantum state to be determined. (Adapted with permission from James DFV and Kwiat PG (2002) Quantum state 
entanglement: creation, characterization, and application. Los Alamos Science 27: 52-67.) 
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polarization state of a single photon) before the crystal optics, four Stokes parameters are required to specify 


pair and in the paths of the two daughter photons. 
To create mixed states, a long birefringent crystal can 
be used to delay one polarization component with 
respect to the other. If the delay is longer than the 
coherence time of the photons, the horizontal and 
vertical components are effectively decohered; that is, 
the phase relationship between the different states is 
destroyed. 

The figure also shows schematically the apparatus 
required for measuring the quantum state. In classical 


the polarization of a single beam (i.e., an ensemble 
of uncorrelated photons); for a pair of photons, 16 
projective measurements, each with different wave 
plate settings, is required. From these 16 measure- 
ments, all of the elements of the 4x4 density 
matrix describing the (in general, mixed) state of 
the photon pairs can be deduced. This is an example 
of quantum state tomography, a technique that has 
found application to a number of quantum optical 
systems. 
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Quantum Key Distribution 


Two parties, historically known as Alice and Bob, 
want to have a secret conversation. A generic, classical 
encryption protocol would begin when Alice and Bob 
convert their messages to separate binary streams of 
0’s and 1’s, which are then encrypted and decrypted 
with a set of secret ‘keys’ known only to the two. Each 
key isa random string of 0’s and 1’s that is as long as the 
binary string comprising each message. To encrypt, 
Alice (the sender) sequentially adds each bit of the key 
to each bit of her message, using addition modulo 2. 
She then sends the encrypted message over a public 
channel to Bob, who decrypts it by simply repeating 
the addition modulo 2 of the key to the message. This 
type of encryption, known as a one-time pad, is 
currently the only provably secure encryption proto- 
col. But the one-time pad is effective only if Alice and 
Bob never reuse the key, and more obviously, if the key 
remains secret. A potential eavesdropper, Eve, cannot 
be allowed to glean any part of the bit stream that 
makes up the key. Therein lies a central problem of 
cryptography — how can secret keys be created and 
then securely distributed? 

Quantum key distribution (QKD) exploits the 
fundamentally indivisible nature of photons to 


perform this task. There are a variety of QKD 
protocols; here we describe one that employs 
entangled photon pairs (see Figure 3). Alice and Bob 
use a source such as the one described above to 
peas maximally entangled photons in the state 
Id, )=4 gx(|HH)+|VV))= (145°, 45°)+1—45°,—45°)). 
One icin goes to Alice ‘and the other to Bob. For 
each pair, Alice and Bob randomly and independently 
analyze their respective photons (using a polarizing 
beamsplitter) in the H/V or the 45°/—45° basis. They 
record a bit value of 0 for all H or 45° results, anda 1 
for all V or —45° results. After a sufficient number of 
measurements (dictated by the length of the key), 
Alice and Bob have a public discussion, e.g., over the 
internet. For each detected photon, they announce 
which basis they used for the measurement, but not 
the actual measurement result. Whenever they made 
the same basis choice (50% of the time), the 
correlations of the entangled state ensure their 
measured bit values agree. By contrast, they discard 
the results when they used different bases, because 
their measurements are completely uncorrelated 
(see Table 1). 

An eavesdropper (Eve) cannot tap the line, as she 
might with conventional communications, because of 
the indivisibility of individual photons and the fact 
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Figure 3 Quantum cryptography using entangled photons. Entangled photons can be used to create a pair of identical cryptographic 
keys. One member of an entangled pair (1) is sent to Alice, and the other to Bob. Alice and Bob each randomly and independently 
analyze their respective photon in one of two linear polarization bases with a polarizing beamsplitter (PBS); the basis can be actively 
chosen using a Pockels cell before the PBS, as shown, to rotate the polarization (alternatively, the ‘choice’ could be made by directing 
the photon onto a nonpolarizing 50/50 beamsplitter; in the transmitted path, one analysis basis is used, in the reflected path, the other is 
used). In the example shown, Alice used the 45°/—45° basis (2), and measured 45° polarization (3), thus projecting Bob’s photon into the 
identical state (4). Since he chose the H/V analysis basis (2’), he is equally likely to detect a 0 or a 1. By subsequent public discussions 
Alice and Bob determine the events for which they used the same analysis basis (and discard the other events). For these events Alice 
and Bob will have obtained identical measurement results, which they may interpret as raw key material. After classical error correction 
and privacy amplification techniques are applied, the remaining string is the sought-after shared secret key. (Adapted with permission 
from James DFV and Kwiat PG (2002) Quantum state entanglement: creation, characterization, and application. Los Alamos Science 
27: 52-67.) 
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Table 1 Polarization entanglement-based quantum cryptography protocol 

Alice’s analysis basis H/V H/V 45°/—45° H/V 45°/—45° 45°/—45° H/V 45°/—45° 
Alice’s measurement result? H = —45° V 45° 45° V —45° 
Alice’s bit value 0 = 1 1 0 0 1 ft 

Bob’s analysis basis H/V 45°/—45° 45°/—45° 45°/—45° H/V 45°/—45° H/V HV 
Bob’s measurement result H —45° —45° 45° H = V H 

Bob’s bit value 0 1 1 0 0 = 1 0 

Public discussion: Both photons yes no yes no no no yes no 
detected and same basis used? 

Remaining secret key 0 1 1 


2In some cases Alice or Bob may not detect a photon due to loss or detector inefficiency. These events simply do not contribute to the 


key data. 


that arbitrary quantum systems cannot be accurately 
cloned.® If Eve steals Bob’s photon (a ‘denial-of- 
service’ attack), the photon’s information never 
becomes part of the key. Thus, although a wiretap 
would reduce the rate of the transmission, it would 
not jeopardize the security of the key. Eve can try to 
intercept the photon, measure it, and send another 
one to Bob. But any measurement Eve would make to 
determine the photon’s polarization state would 
perturb the photon and collapse the entangled state. 
The photon she sends to Bob would therefore only be 
‘classically’ correlated with Alice’s photon. Conse- 
quently, Eve’s intervention necessarily induces 
additional errors into Bob’s key, which Alice and 
Bob can detect by publicly revealing a small subset of 
their actual key. Unfortunately, even with no 
eavesdropper, the encryption keys created by any 
real-world quantum cryptography system typically 
possess a few-percent errors. To make sure their key is 
secure, Alice and Bob ascribe all errors to Eve and 
then estimate the maximum amount of information 
available to the eavesdropper. They then use a 
classical privacy amplification protocol to reduce 
Eve’s knowledge of the secret key to less than one bit 
by reducing the length of the key. It has been proven 
that if the initial error probability per bit is greater 
than ~15%, no secret bits will remain after error 
detection and privacy amplification. 

Researchers are working to make entanglement- 
based quantum cryptography more practical. Also, a 
number of longer distance quantum cryptography 
demonstrations using weak pulses have been carried 
out, over tens of kilometers in fibers and in free space. 
In fact, the first commercially available systems 
have recently been announced (in Europe and the 
United States). 


8 The no-cloning proof is very simple. If we have a copying 
operation such that 10)lc)—>10)I0) and 11)lc)—11)I1) (lc) is 
the initial state of the copier), then by linearity, a 
superposition becomes an entangled state, instead of two copies: 
(10) + 11)) igus (1010) + 11)11)) , (10) + 11)) (10) + 11)) 

v2 v2 v2 v2 





Table 2 Method to convert the initial state |b. )= Jp (100) +111)) 
into any of the four Bell states 








Alice’s Polarization Resultant two-qubit 
operation transformation state 

7, the identity H->H;V-V Ib,) = 5, (100) + 111)) 
om H-V;V—-H Wi )= Jp (101) + 110)) 
id, H-V;V—>-H Ww) = Jp (101) — 110)) 
om H-H;V-—-V Ib_) = 35 (100) — 111)) 


Quantum Superdense Coding 


It is possible for Alice to send Bob two bits of classical 
information using a single qubit in the quantum 
superdense coding protocol. Suppose that Alice and 
Bob share one qubit each of an entangled pair in the 
maximally entangled state |®,) = gp (100) + 111)), 
where we have returned to the generic labeling 
scheme for the qubit states. Alice has two classical 
bits of information, which is equivalent to one of four 
choices. She can encode this information by applying 
one of four possible transformations on her qubit; a 
suitable set of transformations are the three Pauli 
matrices and the identity (i.e., do nothing). This set of 
operations can be performed experimentally on 
photon qubits quite easily, e.g., using waveplates, as 
indicated in Table 2. The four resultant two-qubit 
states are all maximally entangled and are ortho- 
normal. They form a special basis for the two-qubit 
states, the Bell basis, which is of particular use in 
analyzing entanglement. 

Alice now sends her qubit to Bob, e.g., through an 
optical fiber. Bob can then perform a Bell state 
analysis” on his qubit pair, i.e., a projective measure- 
ment of the two-qubit state in the Bell basis. The result 


? Complete discrimination of all four Bell states is presently an 
unsolved technical problem: for photons one needs either a 
nonlinear interaction (which is typically very weak) or to exploit 
so-called ‘hyper-entanglement’ involving other entangled degrees of 
freedom of the photons. 
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immediately reveals the choice of operation Alice 
made, and in effect, two bits of classical information 
have been encoded on a single qubit. 


Quantum Teleportation 


Another application of entanglement is quantum state 
teleportation (Figure 4), in which the infinite amount 
of information contained in an arbitrary qubit state 
lw’) = al0) + Bl1) is transferred by communication of 
two bits of classical information between Alice and 
Bob, if they also share two qubits in the maximally 
entangled state [W_). The three-photon initial 
state (i.e., the input photon plus the two entangled 


(a) Before Bell-state measurement 


Charlie's unknown 
photon 





Alice's teleporter 
(Bell state analyzer) 


(b) After Bell state measurement 





Alice relays 
results to Bob 


(c) After classical communication 


TWo bits of 





photons) is 
lio) = (alH) + BIV)) ® 75 (HV) — |VH)), 


which can be rewritten with the first two photons (the 
input plus the first half of the entangled pair) 
represented by the Bell state basis: 


lo) = +{I®,) @(—BIH) + alV)) 
+ lb_) ®@(BIH) + alV)) 
+ IW,)®(-alH) + BlV)) 
+ |_)@(-alH) — BlVy)}. 


Now suppose that a Bell state measurement is 
performed on the first two photons. The third photon 


Entangled-photon source 





Entangled photons 


Bob's photon is 
projected into 
a pure state 


C28sical information ~ 
=== fi To Bob 
Optical Bob's photon assumes 
elements 


the same polarization 
state as Charlie's 


ne il 


Rt Re ee > Bob applies one of 


Classical information 


four transformations 


Figure 4 Quantum state teleportation. (a) Teleportation requires an entangled photon source, a Bell state analyzer and a classical 
communications channel. One entangled photon goes to Bob and the other to Alice, who also receives a photon of unknown polarization 
state. (b) Alice performs a joint polarization measurement of the two photons and relays the result to Bob using two classical bits of 
information. The photon going to Bob is projected into a pure state as a result of Alice’s measurement. (c) Upon receiving Alice’s 
classical information, Bob performs a simple transformation on his photon (which he has been storing), such as a rotation of 
the polarization vector. The resulting state of his photon is then identical to the unknown state Alice wished to teleport. (Adapted 
with permission from James DFV and Kwiat PG (2002) Quantum state entanglement: creation, characterization, and application. 


Los Alamos Science 27: 52-67.) 
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is immediately projected into one of four possible 
states, which can be transformed back into the state of 
the original input photon by a simple operation, e.g., 
with a waveplate. For example, if the Bell state 
measurement produced the result IW,), the third 
photon is immediately ‘collapsed’ into the pure state 
lw3) = —alH) + BIV). By applying a a-phase shift to 
the horizontal polarization (relative to the vertical), 
lw3) can be transformed into the original input state: 
lw’;) = alH)+ BIV). Alice (who does the Bell state 
measurement) need only communicate to Bob (who 
wants to receive the teleported photon) which of the 
four Bell states she measured. Note that during the 
entire teleportation procedure, neither Alice nor Bob 
can obtain any idea of the values of the parameters a 
and B, which specify the state. Also, because Alice’s 
measurement collapses the unknown state, there is 
only a single copy at the end of the protocol. 

Quantum state teleportation was first demon- 
strated experimentally by Zeilinger and coworkers 
(University of Innsbruck, Austria). The group was 
able to determine two of the four Bell states 
unambiguously (the other two states gave the same 
experimental signature) and proved for those cases 
that the state of the input photon could indeed be 
transferred to Bob. Other experiments have realized 
modified forms of quantum teleportation in different 
systems. For example, Kimble’s group (California 
Institute of Technology) teleported the coherent state 
of an optical mode using squeezed (rather than 
polarization-entangled) light. Researchers have 
recently suggested how teleportation might form the 
basis of a distributed network of quantum communi- 
cation channels, and how it might enable quantum 
computing in all-optical systems. 


Other Application of Optical 
Entanglement 


Quantum Computing 


The most challenging and powerful application of 
quantum information is large-scale quantum comput- 
ing. Two features that make quantum information 
processing potentially powerful are the exponentially 
large Hilbert space, which gives quantum registers 
very large capacities, and quantum parallelism, which 
means that data processing tasks can be performed 
very efficiently. One fundamental drawback, which 
severely constrains useful applications of quantum 
computers, is that the final measurement can only 
produce a number of classical bits equal to the 
number of qubits. Thus, quantum computers are 
limited to performing tasks in which a small amount 
of information is meant to be gleaned from 


processing a large amount of data; examples include 
searching an unstructured database for a specific 
entry (Grover’s algorithm) or finding the periodicity 
of a function (the quantum Fourier transform). 
This second task is central to Shor’s factor-finding 
algorithm, the most famous quantum computing 
algorithm to date. 

A practicable quantum computer technology must 
have at least the following features, first identified by 
DiVincenzo: 


e A set of well-characterized, distinguishable qubits 
to form a quantum data storage register. 

e The ability to initialize the qubits of the register in a 
simple fiducial state. 

e Decoherence times that are much longer than the 
time needed to perform logical operations. 

e The ability to perform any single qubit operation on 
any qubit in the register, and the ability to perform 
two-qubit conditional logic gates (such as the 
CNOT gate:al00) +8101) + 7110) + 111)—> 
al00) + gl01) + yl11) + 6!10)). Together, these 
operations constitute a universal set of quan- 
tum gates, from which all other gates can be 
synthesized. 

e The ability to measure each qubit. 


All-optical schemes have been used to implement 
small quantum algorithms. However, most of the 
approaches are not scalable, due to the limitations 
of non-linear optics to perform a CNOT gate at 
the single-photon level. Recent proposals have 
suggested that very high efficiency single-photon 
detectors, along with sources of single photons 
‘on-demand,’ allow scalable quantum computing 
with only linear optics; preliminary two-qubit gates 
have been experimentally demonstrated. A number of 
other promising candidate technologies that meet 
DiVincenzo’s five requirements are being pursued 
vigorously. For example, the ability to create multi- 
qubit entanglement and perform reliable measure- 
ments on trapped ions cooled and manipulated by 
lasers has recently been demonstrated. Solid state 
systems offer the possibility of scalability, and a 
number of schemes, such as quantum dots, isolated 
impurities with nuclear spins, and superconducting 
quantum interference devices (SQUIDs), are being 
investigated. It is possible that the final quantum 
computing technology may take the form of a hybrid 
between various present approaches. 


Lithography 


Lithography, in which a pattern is optically imaged 
onto some photoresistive material, is the primary 
method of manufacturing microscale or nanoscale 





MEASURING VOLTAGES IN A CIRCUIT 


MEASURING CURRENT 

You will rarely need to take current measurements, however most multimeters have 
DC current ranges such as 0.5mA, 50mA, 500mA and 10Amp (via the extra banana 
socket) and some meters have AC current ranges. Measuring the current of a circuit 
will tell you a lot of things. If you know the normal current, a high or low current 
can let you know if the circuit is overloaded or not fully operational. 


Current is always measured when the circuit is working (i.e: with power applied). 

It is measured IN SERIES with the circuit or component under test. 

The easiest way to measure current is to remove the fuse and take a reading across 
the fuse-holder. Or remove one lead of the battery or turn the project off, and 
measure across the switch. 

If this is not possible, you will need to remove one end of a component and measure 
with the two probes in the "opening." 

Resistors are the easiest things to desolder, but you may have to cut a track in some 
circuits. You have to get an "opening" so that a current reading can be taken. 

The following diagrams show how to connect the probes to take a CURRENT reading. 
Do not measure the current ACROSS a component as this will create a "short- 
circuit." 

The component is designed to drop a certain voltage and when you place the probes 
across this component, you are effectively adding a "link" or "jumper" and the 
voltage at the left-side of the component will appear on the right-side. This voltage 
may be too high for the circuit being supplied and the result will be damage. 





Measuring current through a resistor 
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electronic devices. An inherent limitation of this 
process is that details smaller than a wavelength of 
light cannot be written reliably. However, quantum 
state entanglement might circumvent this limitation. 
Under the right circumstances, the interference 
pattern formed by beams of entangled photons can 
have half the classical fringe spacing. Quantum 
lithography requires two beams of photons, a 
coherent superposition consisting of the state in 
which two photons are in beam A while none are in 
B, and the state in which no photon is in beam A while 
two photons are in B. Such number-entangled states 
can be made in the laboratory, and the predictions 
about fringe spacings have been verified. However, 
other obstacles must be overcome to surpass current 
classical-lithography techniques. 


Two-Photon Imaging and Microscopy 


At present, two-photon microscopy is widely used to 
produce high-resolution images, often of biological 
systems. However, the classical light sources (lasers) 
used for the imaging have random spreads in the 
temporal and spatial distributions of the photons, and 
the light intensity must be very high if two photons 
are to intersect within a small enough volume to cause 
a detectable excitation. Such high intensity can 
damage the system under investigation. Because the 
temporal and spatial correlations may be much 
stronger between members of an entangled photon 
pair, much weaker light sources could be used, which 
would be much less damaging to the systems being 
observed. The development of such systems is 
currently an active area of research. 


List of Units and Nomenclature 


Entanglement: a property of quantum systems con- 
sisting of two or more distinct subsystems, often 
separate particles. When transformations on one 
system do not affect the other, the state is said to be 
separable; when this is not the case, and the 
quantum state of the overall system cannot be 
resolved into separate states of the individual 
pieces, the system is entangled. 

Pure and mixed states: when the probability ampli- 
tudes specifying a quantum state are deterministic, 
the state is said to be pure; when the amplitudes 
are random quantities, the state is mixed. 
The distinction is similar to that of coherent and 
partially coherent optical fields. 

Quantum computer: an information processing 
device that exploits quantum mechanical phenom- 
ena to greatly enhance computational power for 


certain problems. Some mathematical problems 
thought to be intractable on conventional compu- 
ters can, in theory, be performed efficiently on a 
quantum computer. 

Quantum crytography (also known as quantum key 
distribution): a quantum information protocol 
by which two parties acquire a shared series 
of random numbers (a cryptographic key) by 
exploiting the quantum nature of light. 
Absolute security can be proven by virtue of 
the indivisibility and  uncopy-ability of 
individual quanta. 

Quantum state tomography: a means by which 
quantum states can be determined experimentally 
by performing a series of appropriate measure- 
ments on multiple identically prepared systems. 
From such measurements, the elements of the 
density matrix, which fully specifies the state, may 
be inferred. 

Quantum superdense coding: A quantum infor- 
mation protocol by which two bits of classical 
information may be communicated by a single 
quantum bit, initially part of an appropriate 
entangled quantum state. 

Quantum teleportation: a quantum information pro- 
tocol by which the unknown quantum state of one 
particle can be transferred to another distant 
particle, using a pair of entangled particles, a 
projective measurement, and exchange of two bits 
of classical information. 

Qubit (quantum bit): a two-level quantum mechan- 
ical system, which constitutes the building blocks 
of quantum information processing devices. 
Examples include a spin-1/2 particle, an atom 
with two well-isolated levels, or the polarization 
of a photon. 


See also 


Nonlinear Optics, Applications: Three-Dimensional 
Microfabrication. Quantum Optics: Quantum Computing 
with Atoms. 
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Introduction 


The fact that light can exert a mechanical force on 
atoms by the transfer of linear momentum was 
recognized as long ago as the 1930s, when Frisch 
demonstrated the deflection of an atomic beam using 
resonant light. With the advent of tunable laser light 
in the early 1970s, a much larger excitation rate for 
atoms was achieved, leading to a much stronger 
deflection. A little earlier it was also observed that in 
addition to the force resulting from photon recoil, a 
dipole force is also produced in a focused light beam 
so that even small solid particles can be trapped and 
manipulated. The original proposal for laser cooling 
of atomic gases was put forward in 1975 and later 
laser cooling of trapped ions was proposed. The 
principle of laser cooling is very simple. The ion is 
excited by laser light below a resonance frequency; in 
order that a transition can be made, the residual 
energy has to be taken from the kinetic energy of the 
particle, leading to cooling of the particle. In this 
article, we will discuss this cooling process in more 
detail. 


Laser Cooling of lons in a 
Radiofrequency Trap 


Of the various proposed and realized methods for 
laser cooling of atoms or trapped ions, sideband 
cooling is conceptually the simplest and most 
efficient. It allows a trapped particle to be cooled to 
the quantum-mechanical ground state of a harmonic 
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trap potential. The process can be regarded as anti- 
Stokes Raman scattering of the pseudomolecule 
formed by the ion and the trap. If the linewidth of 
an optical transition in this atom is smaller than the 
vibrational frequency of the trapped ion, both 
electronic levels of the transition split into a ladder 
of resolved vibrational levels. The absorption spec- 
trum consists of a carrier at the resonance of the free 
atom and sidebands at multiples of the vibrational 
frequency. With a laser tuned to the m-th lower 
frequency sideband, each absorption of a photon will 
reduce the vibrational energy of the atom by m quanta. 
Since the subsequent spontaneous re-emission will, on 
average, not change the vibrational excitation, 
repeated photon scattering processes lead to efficient 
cooling of the atom. This cooling will continue until 
the absorption probability for the low-frequency 
sidebands decreases when approaching the vibrational 
ground state of the ion in the trap. The final 
temperature is limited by the heating process caused 
by photon recoil. However, after the ion is cooled to 
the vibrational ground state this heating process 
disappears, when the vibrational energy of the ion is 
larger than the recoil energy of a photon. In this case, 
the recoil is taken up by the entire trap setup, as it is the 
case in the Mossbauer effect. 

Despite these obvious advantages of sideband 
cooling, relatively few experiments have been made 
using this method. This is because the regime, where 
the oscillation frequency w is larger than the natural 
linewidth [ of an optical transition (the so-called 
‘strong binding regime’), is not easily accessible. 
Vibrational frequencies of ions in standard electro- 
magnetic traps are of the order of 1 MHz, whereas 
linewidths of electric dipole transitions in positive 
ions are in the range 20-50 MHz. In this ‘weak 
binding regime’ with I > a, laser cooling of trapped 
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ions is essentially analogous to Doppler cooling of 
free atoms. The minimum temperature is given by the 
Doppler limit kgT = #T/2, and the mean vibrational 
quantum number is (2) = T'/2w > 1. The first experi- 
ments with cooling on resolved sidebands, therefore, 
used a strongly forbidden optical transition or 
stimulated Raman transitions. In these cases, how- 
ever, sideband cooling is inevitably slow and it was 
used only to extract a few vibrational quanta from 
Doppler-precooled ions. In both experiments the 
vibrational ground state was reached to a very good 
approximation (mean quantum number (7) ~ 0.05). 
Raman sideband cooling has also recently been 
applied to neutral atoms in optical traps. 

Laser cooling of trapped ions was motivated by 
their possible use for optical frequency standards 
where the relativistic Doppler shift, as well as the 
Stark shift due to the trap potential, are eliminated at 
low temperatures. Cooling to the ground state also 
opens up the possibility of studying a well-controlled 
mechanical quantum oscillator experimentally. This 
led to the realization of nonclassical states of motion, 
investigation of quantum decoherence phenomena, 
and the demonstration of a quantum logic gate for 
quantum computing. 


Sideband Cooling 


Most theoretical treatments of sideband cooling 
consider a static harmonic trap, whereby the time 
dependence of the potential of the radio-frequency 
(rf) ion trap is neglected. In such a model a running 
laser wave ccexp(ikr) of wave number k induces 
transitions between the eigenstates I7) and Iw’) of a 
harmonic oscillator. The relevant transition matrix 
elements are 


Unin = (n'lexp(ikr)|n) [1] 





2 ne! 
in = 2 
Uy, = exp(— 77°12) fa. + AD 


Gn" Lar) [2] 
Here 7 = kxp = RVh/2mw is the Lamb—Dicke para- 
meter for the spatial extension x9 of the ground 
state, 2. the smaller of the two numbers n and 7’, 
An=In-n'l, and L” denotes the generalized 
Laguerre polynomial. In the case of high vibrational 
excitation 1, > 1, Uy, can be approximated as 


Untann on in" Ja,.(2nV/n) [3] 


with the Bessel function of m-th order J,,. The argument 
of the Bessel function is the product of the wave 
number and the classical vibration amplitude of the 


highly excited state. This is the result one would expect 
for the frequency-modulated spectrum of a classical 
oscillator. For arguments 6 among the Bessel functions 
J,(B), those of order n ~ B have the largest modulus. 
Consequently, during the initial stages of cooling it is 
most efficient to tune the laser so that it induces 
transitions with An ~ 2y/n > 1. 

For the final stages of cooling one can usually 
assume that the ion is in the Lamb—Dicke regime, 
i.e., that it is localized within dimensions of the 
optical wavelength. A detailed study of the limits of 
sideband cooling in a static trap was carried out in 
1984. The final distribution of population over the 
vibrational states is thermal and can be characterized 
by a mean occupation number (7) or a temperature 
T = halk, In(1 + 1/(m)). The number (7) is a rational 
function of the four frequencies involved, i.e., the 
natural linewidth I, the oscillation frequency in the 
trap w, the laser detuning 6, and the Rabi frequency 
pr. For certain limiting cases, simple expressions 
for the mean vibrational excitation (m) can be 
derived from the general result. The lowest 
vibrational excitation is achieved in the case of 
well-resolved sidebands (w>>IT) and under weak 
laser excitation (wg <I), tuned to the first 
sideband (6 = —w): 

1\ i 
vO (« - 4 4a* 4] 
The constant a depends on the geometry of excitation 
and photon re-emission and is of the order of 1. In the 
case of strong saturation (wp >>I) of the first 
sideband (6 = —@), the mean vibrational quantum 
number is proportional to the laser intensity: 


2: 
(n) = aa [5] 


This case is of practical relevance if one wants to 
detect a fluorescence signal on the cooling transition, 
for example, to measure the internal state of the ion in 
a double-resonance experiment, while keeping the ion 
cooled. For the choice of parameters wp = w= —6, 
the ion is still predominantly in the vibrational 
ground state ((z) ~ 1/8), but photons are scattered 
from the wing of the saturation-broadened carrier at 
a rate P=ToR/(I* + 20g + 48) ~ 1/6, which is 
already one-third of the maximum scattering rate. 
Finally, in the case of large laser detuning (6 >>T, 
@, WR), the energy is proportional to the detuning 
because the lower vibrational levels are no longer 
depleted by the laser: 


18 
(n) ~ =< md [6] 
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If the Lamb—Dicke parameter satisfies n <1, the 
strength of the sidebands can be calculated from a 
power series expansion of the matrix elements of 
eqn [2] and the thermal distribution of population 
over the oscillator levels. The U,,,, are evaluated to 
first-order in 7 only. In this approximation, the height 
of the first lower-frequency sideband in the absorption 
spectrum relative to the carrier is 7°() and that of the 
first higher-frequency sideband 77((n) +1). This 
information can be used to determine experimentally 
the vibrational quantum number from the absorption 
spectrum. The strengths of the higher-order sidebands 
contain higher powers of 7 and therefore decrease 
rapidly. 

Let us now briefly review some facts about the 
motional spectrum of an ion in a Paul trap, which is 
not just a static system but possesses an explicitly 
time-dependent potential. The equation of motion 
for a classical particle of charge e and mass m 
in the quadrupole potential of the trap (7,z) = 
(Vo — Up cos At)? — 2z*)/27, is given by the 
Mathieu differential equation: 

Py 
rad + (a, — 2g, cos 27)r = 0 [7] 
with dimensionless parameters: 


QO 4e Vo 2eUp 
= ets r = > r = 8 
7 i m0? 1, 4 mr, [8] 





Here a static voltage Vp and an alternating voltage 
with amplitude U, and frequency 2) are applied to 
a Paul trap with the radius of the ring electrode 1p. 
The equation of motion for the z coordinate is 
obtained by multiplying the parameters a and q by 
the factor —2. The general solution of the Mathieu 
equation in the first stability region of the (a,q) 
parameter space can be written by using the 
Floquet ansatz: 


(7) = A> cos (2j+B,)t + BY c sinQj+B,)r [9] 


J=7-@ Jr7-@ 
where A and B are constants determined by the 
initial conditions, and the c; and B, depend on a 
and q. In the first stability region, where most of 
the experiments are carried out, the value of B, is 
between 0 and 1. According to eqn [9] the 
motional spectrum of the ion has resonances at 
_(,, & _ 
o,j=(7+ > Q, 7 =0, 1,2<.. [10] 
In the adiabatic approximation, which is valid for 
a,q° <1, the motion of the ion can be separated 


into an oscillation at the driving frequency 0, the 
so-called micromotion, and a slower oscillation, 
called the secular motion, describing the oscillation 
in the time-averaged pseudopotential. This pseudo- 
potential describes the effect of the ponderomotive 
force of the oscillating trapping field that drives the 
ion to the field minimum at the center of the trap. 
Since, in the quadrupole trap the pseudopotential is 
harmonic, the solution to the equation of motion 
can be approximated as 


r(1) = 19 cos + 4 cos2r) 


7 [11] 


The approximate expression for B, is B, = ./q7/2 + a, 


and the secular frequencies are given by 


Q | OQ | 
a Ae ant Dag 5) Gq; = ay [12] 


which are the lowest-order resonances @,,, = B,,,0/2 
in the Floquet ansatz, eqn [9]. From eqn [11] it is 
seen that the amplitude of motion at the resonances 
Q, + @ is a factor q,/4 smaller than those at the 
resonance w. It is noteworthy that the frequency O of 
the driving field does not appear directly in the 
motional spectrum, but only in combination with the 
secular frequency w. This changes, however, if there is 
an additional static force acting on the ion, displacing 
it from the center of the quadrupole. The approxi- 
mate solution to the equation of motion then 
becomes: 


(7) =1,+ 1% cosp{ 1 + 4 cos2r) [13] 


and a resonance at Q appears. The force that 
displaces the ion by r; may be due to static electric 
stray fields or the presence of a second ion in the 
trap. These effects can have a strong influence on 
sideband laser cooling of the trapped ions. A number 
of theoretical studies have been published on the 
quantum-mechanical treatment of the Paul trap. The 
explicitly time-dependent potential does not allow 
stationary states with time-independent energy 
eigenvalues. One can, however, as in the case of 
the pseudopotential model, distinguish between two 
time-scales and construct wave functions of the 
harmonic secular oscillator that show some 
additional breathing motion at the trap frequency. 
A quantum-mechanical theory of sideband cooling in 
the time-dependent potential of the Paul trap thus far 
exists only for special cases; in 1994 there was a case 
where the ion was localized in the Lamb-Dicke 
regime at the node of a standing laser wave and time 
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averaged kinetic energies were calculated. Minima of 
the energy that agree with the results of the theory 
for the static harmonic trap to within a factor of 2 
were found. The strongest modifications to the 
predictions of the cooling theory for the static trap 
arise in the dependence of the energy on the laser 
detuning. The influence of the micromotion gives rise 
to heating for certain regions of negative laser 
detuning (on the high-frequency side of a low- 
frequency micromotion sideband) and to cooling 
for some positive detunings (on the low-frequency 
side of a high-frequency micromotion sideband). 

Trapped LASER-cooled ions have a variety of 
applications in spectroscopy and other fields. 

In the following, a phenomenon will be discussed 
where observations during the cooling process of ions 
in traps is interpreted as phase transitions between 
chaotic and ordered ion structures during the cooling 
process. 


Generation of Chaos During the 
Cooling Process and Phase 
Transitions to Ordered Configurations 


Using a Paul trap, it is possible to study the physics of 
a few-body phase transition of ions. The ordered state 
of the trapped ions can be observed directly 
by monitoring their resonantly scattered light. 
The transition to an ordered or ‘crystalline’ configura- 
tion is expected when the Coulomb coupling constant 
which corresponds to the ratio of Coulomb energy 
to the kinetic energy of a particle, is larger than 1. 
The ordered structures represent configurations of 
maximum density for the ions, they are determined by 
the trap potential pushing the ions towards the trap 
center, and by the Coulomb repulsion between the ions 
acting in the opposite direction, so that minimum 
energy configurations are finally adopted. The system 
corresponds to an ordered one-component plasma ora 
strongly coupled plasma. 

In the following, computer simulations of the phase 
transition in the Paul trap will be reviewed. In the trap 
the ions are subjected to five different forces. These 
are the force F'"*?), arising from the dynamical rf 
trapping field, the Coulomb interaction between the 
ions F‘©°), the laser cooling force F"?°*), a random 
force F*™) arising from the recoil of the sponta- 
neously emitted photons, and a parasitary force 
F‘°°", arising from a contact potential, which may 
be generated unintentionally by locally coating the 
electrodes with the trapped atoms. 

The potential generated by the rf voltage 
applied to the hyperbolic electrodes of the trap is 


given by 


(r,t) = glt)[x? + y° — 227] 
= Up + Vo cos(Ot) 
7 1 + 222 


[14] 





where Up and Vo are the dc and ac components of the 
voltages applied to the trap. From eqn [1] we obtain 
the trapping force and the resulting equation of 
motion of a single ion in the trap: 
FP) — mit = eVA(r, t) = —2eg(t)[r — 3ze,] [15] 
where m, 1, and ze, denote the mass of the ion, the 
position, and the ze,-component of the position 
vector, respectively. 

The Coulomb interaction between the particles 
results in the force: 


eo Tj —Tm, 


mé1 [rj s | 





FC) — 1 
! ATE’ 3 [16] 


In the process of laser cooling, every scattered photon 
changes the momentum of an ion on the average by 
an amount fk. 
The ensemble average of the resulting laser cooling 
force acting on the -th ion is thus: 
Fi) = ARRIe,(t); £0) [17] 
The number N,(/) of spontaneously emitted 


photons from the i-th ion during the /-th cycle of 
period T = 27/0, is 


IT 
Nib | Rie(t)s,(¢)]dt [18] 
(-1)T 


In the simulations, it is assumed that these N; 
spontaneous photons are emitted one by one, at 
the end of each rf cycle, rather than emitting them 
one by one, according to the appropriate photon- 
statistics during the cycle. The orientation of the 
unit vector 4;, which points in the direction of the 
j-th emitted photon, is chosen at random, but 
weighted with a cos” distribution (dipole charac- 
teristic) with respect to the laser polarization axis. 
This way, only the linearly polarized spontaneously 
emitted photons have been simulated in the 
calculations. The circularly polarized ones, which 
occur with a sin? distribution, have been neglected. 
The random force F\°™®, is thus: 


toe) Ni 
FEO (Y= hk > S(t — IT) > 4 


l=—0 j=1 


[19] 
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In some of the calculations, a contact potential has 
been taken into account which is generated 
experimentally by a coating of the quadrupole 
electrodes by the trapped particles. Close to the 
center of the trap, the contact potential gives rise 
to an approximately homogeneous electric field. 
Altogether, the motion of the i-th particle is 
governed by the sum of the above forces, that is: 


mi, = FOP) 4 FOow) 4 placer) | plrand) 4 p(cont) [20] 
Given appropriate initial conditions, the eqns of 
motion [20] are integrated forward in time to obtain 
the trajectories of the 7-ion system. These trajectories 
provide all the information necessary to find the 
quantities of interest, such as the occupation 
probability density of the i-th ion in phase space 
(i.e., the probability density of finding the i-th ion at a 
given position, and with a given velocity), the (total) 
kinetic energy, and the fluorescence intensity. 

Some of the results of the described simulations will 
be summarized below. Figure 1 shows the excitation 


Fluorenscence intensity [MHz] 


—400 





spectrum of the ions as a function of laser detuning. 
The experiment confirms the results of the 
simulations. 

Owing to the Coulomb interaction of the ions at 
particular phases of the cooling process, chaos in the 
ion cloud is observed leading to a heating process of 
the ions by the applied field of the trap. This heating 
mechanism was investigated in the simulations in 
detail and the summary of the results is given in 
Figure 2. 

For zero laser power and large r, there is no net 
heating of the ions. This is confirmed by the 
experiments, in which, even in the absence of a 
cooling laser, large clouds of ions can be stored in a 
Paul trap over several hours without being heated out 
of the trap. The ions are far apart, the Coulomb force 
is small, and on short time-scales the ions behave 
essentially like independent singly stored ions. For 
this reason, this part of the heating diagram is called 
the ‘Mathieu regime’ as it is well described by the 
Mathieu equation [7]. Turning on a small laser power, 
the rms radius r reduces drastically due to laser 





—200 0 


Laser detuning [MHz] 


Figure 1 


Excitation spectrum of five ions as a function of laser detuning. When the laser detuning is changed the cooling rate of the ion 


is varying. Two phase transition points (and bistability) are apparent. Insets show the results of the molecular dynamics calculations 
shortly before and after the jump, which demonstrates directly the existence of a transition from a cloud phase to a crystalline state. The 


units given at the insets are um. 
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Figure 2 Average heating rate of five ions in a Paul trap versus the rms radius of the ion configuration. The insets show the power 
spectrum and the corresponding stroboscopic Poincaré sections in the x—z plane of relative separation for two ions in three 
characteristic domains: the quasiperiodic regime, the chaotic regime and the Mathieu regime. All length scales are in units of 


micrometers. Units gives at the x—z axis of the insets are in um. 


cooling, but comes to a halt at about 14 ~m where 
chaotic rf heating sets in and balances the cooling 
power of the laser. Increasing the laser power results 
in an even smaller cloud. The smaller cloud produces 
more chaotic rf heating, as seen clearly by the 
negative slope of the heating curve (Figure 2) in the 
range 8 <r< 14pm. 

In the range 4 um <r < 8 wm, there is still chaotic 
heating, but the slope of the heating curve is positive. 
As a consequence of the resulting triangular shape of 
the heating curve, at about 8 jm, the chaotic heating 
power can no longer balance the cooling power of the 
laser, and the cloud collapses into the ‘crystalline’ state 
located at r~ 3.8 pm; a ‘phase transition’ has 
occurred. Due to this collapse, the behavior of the 
heating rate in the range 3.8 pm <r < 8 pm cannot 
be studied by equilibrating laser cooling and rf 
heating. In this case, we start out from the crystal 
state and slightly displace the ions to explore the 
‘vicinity’ of the crystal. We observe no heating for 
3.8 um <r<4ym, but quasiperiodic motion, and 


thus name this regime the ‘quasi-periodic’ regime. We 
call the upper edge of the quasiperiodic regime 
(r ~ 4 wm) the ‘chaos threshold’. An initial condition 
beyond the chaos threshold, i.e., satisfying r > 4 wm, 
leads to heating and expansion of the ion configura- 
tion and numerical data relevant for the shape 
of the heating curve can be taken during this 
‘explosion phase’. The laser power P is set to zero 
for this type of experiment. We conjecture that, 
apart from the trivial case of a single stored ion, the 
heating curve is ‘universal’, i.e., its qualitative 
shape, including the existence of the chaotic regime, 
does not depend on the number of simultaneously 
trapped ions. 

For the quasiperiodic, the chaotic and the 
Mathieu-regime, respectively, the corresponding 
type of power spectrum are shown in the insets 
above the abscissa of Figure 2. The data were 
actually taken from the case of two ions, but would 
look similar in the five-ion case. A discrete spectrum 
in the quasi-periodic regime and a complicated 


270 QUANTUM OPTICS / Laser Cooling of lons 








Figure 3 Ordered ion configuration of two, three, four, and seven laser-cooled Mg" ions confined in a Paul trap and observed using 
resonantly scattered light. The average ion separation is 20 1m. The structures of four and seven ions are slightly deformed owing to 


contact potentials in the trap. 


noisy spectrum in the chaotic regime is obtained. 
The spectrum in the Mathieu regime is again quite 
simple and dominated by the secular motion 
frequency. Stroboscopic pictures of the locations of 
two ions in the x-y plane of the trap characterizing 
the three regions, are shown on the insets below the 
abscissa of Fig : 

Some of the ordered ion structures observed 
experimentally are shown on and 4. The 
structures in were obtained in a Paul trap; the 
others are measured in a storage ring leading to quasi- 
linear structures of the ion configurations, depending 
on the symmetry of the trap. Ordered ion structures 


have also been observed in Penning traps. Due to the 
symmetry of this trap rotationally symmetric struc- 
tures are observed. 


Conclusion 


Laser cooling of ions in traps provides an excellent 
tool for numerous experiments, varying from tests 
of basic physics to important and new applications 
in quantum information processing. The linear ion 
structure shown on is presently investigated 
in many laboratories in order to realize gates for 
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Figure 4 Crystalline structures of laser-cooled 74Mg* ions in 
the quadrupole storage ring. At a low ion density the ions form a 
string along the field axis (upper). Increasing the ion density 
transforms the configuration to a zigzag (middle). At still higher 
ion densities, the ions form ordered helical structures on the 
surface of a cylinder, e.g., three interwoven helices (lower). As 
the fluorescent light is projected onto the plane of observation in 
this case the inner spots are each created by two ions seated on 
opposite sides of the cylindrical surface, resulting in a single, 
bright area. (Reproduced by permission of Nature from Birkl G, 
Kassner S and Walther H (1992) Multiple shell structures of laser 
cooled **Mg* ions in a quadrupole storage ring. Nature 357: 
310-313.) 


quantum computing. Single trapped ions in 
cavities may be used as deterministic light sources 
for secure single photon communication links. 
Furthermore, in many laboratories single laser- 
cooled ions are investigated as the basis for new 
time and frequency standards, being several orders of 
magnitude more accurate than our present 
atomic clock. 


See also 


Chaos in Nonlinear Optics. Quantum Optics: Entan- 
glement and Quantum Information; Quantum Computing 
with Atoms. 
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Introduction 


It is a well-known fact that the speed of commercial 
microprocessors is doubling, roughly, every 18 
months (Moore’s law). This speedup is achieved 
mainly at the expense of reducing the size of the 
microchip. If this tendency is to continue, it seems 
unavoidable that quantum mechanical effects will 
eventually become important. 

Remarkably, far from being a technological 
nuisance, the fact that information carriers are 
truly quantum mechanical systems offers an 
entirely new paradigm for computation. As opposed 
to classical bits, with logical values 0 and 1, 
quantum bits (qubits) can be prepared in arbitrary, 
normalized superpositions of the logic values. In 
addition, quantum states of multiqubit systems can 
be entangled, i.e., cannot be written as tensor 
products of states of the individual components. 
The theoretical description of entanglement 
requires a huge number of parameters which, in 
fact, grows exponentially with the number of 
particles that are involved. This exponential number 
of new degrees of freedom is responsible for the 
computational potential that quantum systems 
offer. Recently it has been demonstrated theoreti- 
cally how we can harness this potential in the 
form of quantum algorithms, including Shor’s 
factorization algorithm and Grover’s protocol for 
data base search. 

From a theoretical point of view, the implemen- 
tation of quantum computation is greatly simplified 
by the fact that any unitary transformation involving 
an arbitrarily large number of qubits can be decom- 
posed into two building blocks: single qubit 
operations and two-qubit controlled-NOT gates 
(CNOT-gates). We only need to identify two-level 
systems whose interaction can be mediated in a way 
that allows for conditional dynamics, that is, the 
second system undergoes certain operation (a NOT 
operation in our case), conditional on the state of the 
first qubit. However, it is easy to convince ourselves 
that from the experimental point of view, the 
challenge is going to be formidable. The following 
(DiVincenzo)-checklist summarizes the necessary 
requirements for the potential physical realization 
of a quantum computer: 


e The system needs to provide a well-defined 
qubit, with two robust levels to represent the logical 
values 0 and 1. Moreover, the system should be 
scalable. 

e Both the initial preparation and the final readout of 
the system has to be done with sufficient accuracy. 

e The system has to allow the implementation of a 
universal set of gates (single-qubit rotations and 
CNOTs gates) with sufficient high fidelity. Implicit 
in this requirement is the ability to address 
individual qubits. 


From the above list it is clear that the practical 
realization of a quantum computer relies on the 
ability to achieve a delicate equilibrium: the system 
needs to interact strongly with selected external 
agents, typically laser light, both during the gate 
operations and the preparation and readout steps, but 
should be shielded from any unwanted interaction if 
the desired dynamics is to be preserved. Perfect, 
selective, shielding from the environment is not 
possible in practice and unwanted interactions with 
the surroundings will unavoidably result in some 
form of decoherence. In this article we will review the 
fundamentals of the implementation of a universal set 
of quantum gates using (i) atomic system coupled to a 
resonant field sustained in a microwave cavity and 
(ii) trapped ions confined in an electromagnetic trap. 
Atomic and ionic systems provide a good means for 
storing quantum information in long-lived electronic 
states. In addition, both neutral atoms and ions can be 
selectively detected with high efficiency. While none 
of the presented schemes is expected to be scalable to 
a very large number of qubits, they constitute the first 
prototypes for quantum registers and are expected to 
play an important role in applications where only a 
moderate number of qubits are required. These 
applications range from the development of new 
frequency standards to quantum communication 
protocols. We will discuss in the following sections 
how a set of universal gates can build within these 
systems and will present the state of the art of the 
experiments performed to date. 


Quantum Computation: Basic 
Definitions 


As stated before, the basic unit of quantum infor- 
mation is a qubit, an arbitrary quantum mechanical 
two-level system. We will associate logical values 
0 and 1 with quantum states 10) and 11), the 





Do NOT measure the CURRENT of a battery 
(by placing the meter directly across the terminals) 
A battery will deliver a very HIGH current 
and damage the meter 


Do not measure the "current a battery will deliver" by placing the probes across the 
terminals. It will deliver a very high current and damage the meter instantly. There 
are special battery testing instruments for this purpose. 

When measuring across an "opening" or "cut," place the red probe on the wire that 
supplies the voltage (and current) and the black probe on the other wire. This will 
produce a "POSITIVE" reading. 
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eigenvectors of an observable such as the energy, and 
refer to such states as the computational basis. Any 
unitary operation on a qubit will be called a single 
qubit gate. Joint operations on more than one qubit 
will be denoted as multi-qubit gates. Using the fact 
that any two-level system is isomorphic to a spin-1/2 
particle (e.g., an electron), we can always think of a 
qubit in terms of a certain pseudo-spin whose 
dynamics can be represented as rotation of the 
associated Bloch vector within the Bloch sphere. 

For instance, as depicted in Figure 1, a qubit 
initially prepared in state 11), after experiencing 
a single qubit gate will be represented by certain 
Bloch vector S, whose location on the Bloch sphere is 
a function of the gate parameters. Note that a 
classical system can only assume two positions 
(upwards and downwards), while a quantum system 
can explore the whole surface of the sphere. 

It is also quite standard in quantum computation to 
use a diagramatic representation in terms of quantum 
circuits. Quantum circuits are built up of wires to 
denote the quantum bits and boxes to represent the 
gates, or quantum operations. Figure 2 shows two 
basics elements of a quantum circuit. The element on 
the left is the so-called Hadamard transformation, a 
particular example of single-qubit gate which trans- 
form each element of the computational basis as 
follows: 


1 
10) ——(10) + 11) 

Al + |1)) i 
1t)—+ 5 (10) — 1) 





Figure 1 Geometrical representation of qubit systems using the 
Bloch sphere formalism. See the text for details. 


a} 


(a} (b) 


Figure 2 Examples of single qubit gates (a) Hadamard 
transformation and two qubit gates (b) CNOT gate as customarily 
represented in quantum circuits diagrams. 





Part (b) of Figure 2 depicts a CNOT-gate. This is now 
an operation involving two qubits. The first one, the 
control qubit, remains unaltered after the gate 
operation while the second qubit, referred to as the 
target, undergoes a spin flip (logical NOT operation) 
only when the control is in the state |1). Specifically, 
the action of a CNOT-gate is defined by the following 
transformation rule: 


CNOT 
100) — 100) 
101) — 101) 
110) — 111) 
l11) — 110) 


We have already mentioned that single qubit 
rotations and CNOT gates provide a universal set 
of gates. Our aim now is to show how such 
operations can be built when the so far generic 
qubit are realized in terms of real atomic systems. In 
the two experimental scenarios we are going to 
analyze here, the CNOT operation will be achieved 
by means of a different type of gate, a controlled- 
phase gate supplemented by two one-qubit 
Hadamard gates on the target qubit. The arrange- 
ment is showed in Figure 3. The controlled-phase gate 
is again a two-qubit operation defined by the 
following transformation rule: 


CNOT 
100) — 100) 
101) — 101) 
110) — 110) 


ipa lis: 
i.e., a global phase equal to 7 is acquired if, and only 
if, the two basis states are in the logical state 1. It is 


easy to check that when the target bit is rotated by a 
Hadamard gate prior and subsequently to the action 


I> 
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Figure 3 Controlled-phase gate with both inputs, control, and 
target qubits, in state |1). The first Hadamard gate rotates the 
target to state (l0) — |1))/V2. The action of the controlled-phase 
gate with ¢= 7 yields the joint state 11) + (l0) — |1))/V2 and a 
final Hadamard rotation on the target leaves the system in the 
product state |1)10). 
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of the joint phase gate, the resulting state is 
tantamount to the action of a single CNOT gate. 
Therefore, to prove that our atomic system allows for 
the implementation of a universal set of gates, it 
suffices to show that both single qubit rotations and 
controlled phase gates can be implemented with 
sufficient accuracy. 

The next section analyzes a typical cavity QED 
setup and presents the basic physical ideas to under- 
stand how single and two-qubit gates can be 
implemented within atomic systems interacting with 
radiation fields. Subsequent sections will rely heavily 
in this analysis. 


Quantum Computing with Atoms |: 
Cavity QED 


A simplified cavity-QED arrangement for perform- 
ing both single- and two-qubit gate operations is 
depicted in Figure 4. This configuration is well- 
known to quantum opticians and it is often referred 
to as a Ramsey interferometric setup. For concrete- 
ness, we will focus here in the experimental set up 
currently in operation at the ENS in Paris. There, 
the atomic system is a highly excited Rydberg 
atom initially prepared in a long-lived circular 
state. The relevant atomic states are represented in 
Figure 5, with the qubit being stored in levels |i) and 


R1 C R2 


Figure 4 Cavity QED setup for single-qubit and two-qubit 
operations. Rotations of the atomic pseudo spin are performed via 
interation with classical radiation (Zone R), while the interaction 
with a resonant cavity field sustained in C allows the realization of 
a phase gate where the cavity photon acts as the control qubit. 


QUBIT 








Figure 5 Circular Rydberg levels involved in the ENS 
experimental setup. The qubit is stored in levels |/) (logical value 
0) and |g) (logical value 1). The radiative lifetime of these levels 
lies in the millisecond range. Dissipation can then be neglected 
along the 20 cm path inside the apparatus. 


lg) which will play the role of the general basis 
states 10) and 11). 

Regions denoted by R represent the interaction 
of the atomic system with classical microwave 
radiation. As detailed below, this interaction will 
allow arbitrary rotations of the atomic pseudo spin. 
Region C represents the interaction of the atomic 
system with a single mode cavity field resonant the 
atomic transition g — e. The highest O value reported 
to date is of the order of 10°, which corresponds to a 
photon storage time of a few milliseconds. Therefore, 
the relaxation time of the cavity field is much longer 
than the atom-cavity interaction time, which defines 
the two-qubit gate operation time and is of the order 
of a few tens of ys. The cavity field can be prepared in 
either of the Fock states |0), or |1), and will play 
the role of the control qubit for the realization of 
a phase gate, as detailed below. This set up is 
completed with a detection scheme (SD in the figure) 
that allows the selective detection of the atomic 
electronic state. 

We will start our discussion showing how to 
perform an arbitrary single-qubit gate by means of 
irradiating the atomic system with classical radiation. 
We will keep the analysis in very general terms 
with the aim of using it later in the description 
of the implementation of quantum logic with 
trapped ions. 


Single-Qubit Rotations 


Let our qubit be a two-level atomic system with 
frequency separation wy. We will show that an 
arbitrary rotation can be achieved by means of 
irradiating the system with classical light, e.g., 
microwave radiation or a laser field, with tunable 
frequency w,;,. The radiation field will be specified by 
two controllable parameters, its Rabi frequency 0, 
and its phase @. The atom-field Hamiltonian can be 
written as 


= hay 


5 (11) = lo)(0l) 
+ h( ge"*"10)(1 4: g’e‘*l1)(0l) 


H 


[4] 


where the first term corresponds to the atomic 
internal energy and the second describes the coupling 
with the external field. The coupling constant g can be 
written in terms of the field parameters as 

i, 
Td 


f=4e [5] 
In order to write down a time-independent Hamil- 
tonian, we will move to an interaction picture with 
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respect to Hy = ha, /2(11)1! — 10)(01). In this frame, 





Hie= “(nya lon(ol) n(gl0\(11 + g"l1X Ol) [6] 


The interaction Hamiltonian can be readily expressed 
in terms of the Pauli spin operators 


01 0 i 1 0 
10 -~i 0 0-1 


as 


hé 


AD. 
Aint = 7 xt FGindo, [8] 


— cosdoy) 


where =a, —@ denotes the detuning from the 
atomic transition and we have taken into account 
the explicit form of g as given by eqn [5]. We can 
now easily derive the time evolution operator by 
noting that H;,, can be written in a compact form 
as H,,=@-n, where the vector 7” has cartesian 
coordinates 7 = (Q/2 sind, — 0/2 cos, 6/2). Note that 
lvl =O, = 1/2V 0? + &. The time evolution operator 
can then be written as follows: 

vee [9] 


=cos(l#|t)11 —isin(lalp)e-n/|nl 


In matrix form: 








U= 
t re) t oO Qt ‘ 
cos( 8 ) i sin( 7 ) i ( S Je 
Fae Va hae ND 
oD. =e) ip (Sei ee (Ss ) 
2S sin( e” cos\ ‘ay sin 


[10] 
In the limit of large Rabi frequency, where 0>6, 
we can write the following approximate expressions 


for the time evolution of the computational basis 
states 


Qt Qt). 
Ul0)=cos( x Jioy sin( 5 Jer*iny 


ult)=sin( Se )e #10) beos( AY) 





The transformed states by U are eigenstates of the 
spin operator along the direction 7 which is a 
function of the external field parameters. Therefore, 
by adjusting the Rabi frequency and the field’s phase, 


it is possible to transform the basis states into spin 
eigenstates along any arbitrary direction, and to 
perform an arbitrary rotation of our qubit, we 
simply have to tailor appropriately the parameters 
of the driving field. For example, when the Rabi 
frequency and the interaction time are chosen such 
that 0t/2 = 7/4, and the field’s phase is taken equal to 
a, we get 


Uio)=5(I0)+ 1p) 5 


uit)= (0-H) 


This relationship defines the Hadamard transform- 
ation H introduced before. Alternatively, using 
quantum optics jargon, we have performed a a/2- 
pulse. Note that using the Bloch sphere represen- 
tation, we can visualize the action of a Hadamard 
gate on the computational basis states as a rotations 
that brings them to the equatorial plane of the Bloch 
sphere, the transformed states by H now lying in 
opposite directions along the x-axis. 

The next step is to show that our system also allows 
the implementation of conditional dynamics and, in 
particular, allows to build a controlled-phase gate. 


Conditional Dynamics: Controlled-Phase Gate 


The interaction of the atomic system with the cavity 
field sustained by the microwave cavity is described 
by the Jaynes—Cummings (JC) Hamiltonian. We can 
see this Hamilton operator as a generalization of the 
operator defined by eqn [4], where the radiation field 
is now quantized and the terms e~’”"“ are replaced by 
the operators a and a’ corresponding to the annihila- 
tion and creation of a cavity photon of frequency o. 
The interaction with the quantized cavity field 
couples levels le) and |g), while the far detuned level 
1?) will now play the role of a passive spectator. 
Remember that our atomic qubit is stored in levels |i) 
and |g). To avoid confusion with the notation, we will 
write the Hamilton operator in terms of the atomic 
states e and g. Explicitly: 





Ayo = 2 5 (leXel IgX<gl) + hed a 


- exe a, Igxel) [13] 


where the coupling constant g has been taken to be 
g = —i(A0/2), proportional to the Rabi frequency 
averaged over the mode structure, ©. Using the same 
techniques employed in the previous section, we can 
derive the corresponding JC time evolution operator, 
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which yields, for exact resonance, the following 
transformation rules: 


|g)10), > |g)!0), 
Ig)l1)— cos st Igl1), — sin st le)l0), 





[14] 





Q, Q, 
le)l0),, — cos > le)10), + sin > Ig)l1), 


where states |), refer to the cavity field. Note that: 


e The cavity field will play the role of our control 
qubit in the performance of a phase gate, the target 
qubit being the atomic system with computational 
states defined as before. The computational basis 
for the photonic qubit is provided by the Fock 
states |0), and |1),. 

e Strictly speaking, the time ¢f entering in the 
equations above corresponds to an effective inter- 
action time which accounts for the spatial variation 
of the coupling along the field mode. 

e When the atom enters the cavity in state |i), it will 
acquire a global phase proportional to the ratio 
0?/6;, where 6; denotes the detuning between the 
atomic transition ei and the mode frequency . 
In conditions of resonance, or quasi-resonance, this 
factor can be safely neglected, which justifies the 
term passive spectator used before. 


We now have all the ingredients to understand how 
we can perform a controlled phase gate. Consider the 
situation where Qt = 27, so the system experiences a 
full Rabi oscillation. According to the previous 
discussion, the basis states of two-qubit system 
atom-cavity field will transform as follows: 


li)10),, — 1i)10)y 
li)11),, > Ig)l0)y 
|3)10),— Ig)10), 
Ig)I1),, 7 —!s)!1)y 


That is, whenever the atomic system enters the cavity 
in state |2), it will be left unaffected, irrespective of the 
photon state. However, if the atom enters the cavity in 
state lg), the system will undergo a phase shift equal 
to m conditional to the photon number. And that is 
precisely the dynamics required for a controlled phase 
gate as defined earlier. 

A detailed account of the experiments in cavity 
QED, showing coherent gate operation, can be found 
in Further Reading. These experiments prove the 
working principle of a universal set of quantum logic 
gates with neutral atoms and provide the basic 


elements for the development of a cavity QED 
quantum register in the near future. 


Quantum Computing with Atoms II: 
lon Traps 


Charged atomic particles, ions, provided the first 
atomic system where conditional dynamics was 
demonstrated experimentally. The theoretical propo- 
sal in 1995, by Cirac and Zoller, for performing a 
two-qubit controlled NOT gate between trapped ions 
cooled to their motional ground state, was followed a 
few months later by a pioneering experiment at NIST, 
in Colorado. While the physics involved in the 
description of laser cooled and trapped ions is 
conceptually more involved than the dynamics ruled 
by a purely JC Hamiltonian, we can review the 
rudiments of the Cirac—Zoller scheme on the basis of 
the techniques developed in the previous sections. 
Nevertheless, as discussed briefly at the end of this 
section, we should point out that the exact procedure 
followed in the actual experiments departs from the 
analysis presented here. 

Figure 6 depicts a linear ion trap where a string of 
ions is confined in an essentially 1-D structure. 
Quantum bits are stored in two long-lived hyperfine 
states which can be driven with laser light of 
controllable Rabi frequency 2 and phase @. Ideally, 
the separation d between ions exceeds the wave- 
length of the external field so that ions can be 
addressed individually. Detection of the atomic state 
relies on the well mastered quantum jump technique 
which provides an efficiency close to 100%. From 
our previous discussion, it is clear that we already 
have all the ingredients for performing arbitrary 
single qubits gates, but we still need to provide a 
procedure to achieve two-qubit gate operations. As 
detailed in the next section, this will be achieved 
using the motional degrees of freedom of the ions as a 
bus for information transfer between an arbitrary 
pair of ions. 


Figure 6 Schematic representation of a linear ion trap. lons are 
individually addressed by external laser fields to perform single 
qubit operations, while two-qubit gates are mediated by the 
coupling to the motional degrees of freedom, depicted here as 
mechanical strings linking the chain of ions in the trap. The exact 
duration of a two-qubit gate operation and the characteristic deco- 
herence time depend very much on the trap design, but orientative 
values are in the range of 50 ws and 100 — 1000 ys respectively. 
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The Cirac and Zoller Quantum Computer 


At sufficiently low temperatures, the process of 
absorption and emission of photons produces a 
non-negligible recoil of the atomic system and the 
ion’s motion can no longer be treated classically. In 
this regime, we can think of the string of ions as a 
system of coupled quantum harmonic oscillators 
whose normal mode configurations correspond to 
the collective motional states of the ions. The lowest 
energy solution corresponds to an oscillation where 
all ions are in phase (center of mass (CM) mode) and 
will be the one considered in our description. Figure 7 
depicts the level scheme for ions initially cooled down 
to the motional ground state, illustrating both 
internal levels, le) and lg), and motional (vibrational) 
states, denoted by 0,1,... Laser radiation can be 
tuned to be resonant with the lg)l0).,,,  le)l0)., 
transition (carrier transition), but may also be tuned 
to drive transitions with different vibrational states 
(sideband transition), as represented by the external 
arrows in the figure. The realization of single qubit 
gates simply involves tuning the laser towards the 
carrier transition. The interaction is ruled by essen- 
tially the same Hamiltonian discussed above. There- 
fore, choosing appropriately the laser parameters, it is 
possible to induce an arbitrary rotation of the ion 
pseudo-spin. 

To prove that the system allows the implemen- 
tation of a universal set of gates, we will now show 
that it is possible to operate a controlled phase gate 
between two arbitrary ions. For that we need to 
couple internal and motional degrees of freedom 
which will be done by means of tuning the laser 
light to a sideband transition. The corresponding 
Hamiltonian will not be derived here in detail but it 
can be understood as describing a Jaynes—Cummings 
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Figure 7 Relevant internal and motional atomic levels for the 
realization of a controlled NOT gate between two arbitrary ions 
within a chain. See the text for details. 


form of dynamics where the quantized electro- 
magnetic field within a cavity is replaced by the 
quantum mechanical oscillator describing the 
vibrational states of the ion. Explicitly: 


H= ™ (cledel + c'lgXel) [16] 


where c and c’ denote the annihilation and creation 
operators of vibrational quanta and 7 is the so-called 
Lamb-—Dicke parameter, a measure of the recoil 
energy. The gate operation involves the following 
sequence: 


e Mapping the internal state of the control ion into 
the collective motional state of the chain, 

e performing an operation on the target ion con- 
ditional to the excitation number of the vibrational 
state and 

e reverse the initial operation restoring the 
vibrational state to its ground state. 


Imagine ion i, which will play the role of the 
control, and j, the target, initially prepared in 
arbitrary superpositions of the corresponding 
internal states, with the whole system cooled down 
to their motional ground state |0),,,,. The joint state 
of the two particles can be written as a product state 
of the form: 


(ail); + Bjle);) ®10)m ® (alg); + Bile);) [17] 


When ion / is irradiated by a laser tuned to the first 
motional side band lg)I1).,,, le)l0).,,, and the 
timing is such that the system undergoes a m-Rabi 
rotation, the internal state of the ion 7 is mapped 
onto the vibrational state (Note the transformation 
rules given in eqn [14]. As a result, the joint state of 
the system is still factorizable as 


(g); ® @:10)an + Bil Vem) ® (eylg); + Bile);) [18] 


The second step of the protocol consists of 
applying an operation on ion j conditional on the 
vibrational state of the joint system. For that we 
apply a laser pulse resonant with the transition 
le) 11) om © !a);l0)¢n with an auxiliary level la); so 
that ion j undergoes a full Rabi oscillation. This 
results in acquiring a phase shift equal to 7 only 
if the system is state le);|1),,, (see eqn [15]). This 
step entangles the internal and vibrational degrees 
of freedom of ion j, leading to a joint state of 
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the form: 


lg); ® (24510) om(aulg); + Bile) 


+ Bil1)em(ajlg); — Bile);)) [19] 

Applying a final laser pulse on ion i identical to 
the initial one, the state of the vibrational mode is 
transferred back to ion i and the atomic systems are 
left in the, generally, entangled state 


aja;|g);|g); + a;B;!g)ile); + Byajle);|g); — B;B;le);le);, 

[20] 
which completes the controlled-phase 
operation. 

A simplified version of this scheme shortly followed 
the theoretical proposal by Cirac and Zoller, proving 
the working principle of the ions trap quantum 
processor. Since then, both theoretical and experi- 
mental progress have allowed the development of 
schemes for implementing faster gates as well as 
protocols which do not require cooling to the 
motional ground state. We will briefly revise the 
current state of the art and future prospects of this 
technology in the last section of this article. 


gate 


Frequency Estimations as a Quantum 
Computation: Building Frequency 
Standards with Entangled States 


Recently, it has been proposed to make use of 
entangled states of trapped ions for performing 
high-resolution spectroscopy beyond the shot noise 
limit. This boundary is the ultimate limit achievable 
when performing a frequency measurement using 
uncorrelated particles. Consider n atomic two-level 
systems with frequency separation wo initially pre- 
pared in their ground state 10). The aim is to lock a 
certain oscillator of frequency mw, to the atomic 
frequency. To do that, the currently employed 
protocols use the so-called Ramsey method of 
separate oscillating fields, where each atomic 
system undergoes two 7/2-pulses (or Hadamard 
transformations) separated by a free time evolution 
of duration t, much larger than the duration of 
the pulse. Looking at the Hamiltonian describing the 
interaction between the ion and the field, eqn [1], 
one can easily see that the free time evolution can 
be understood as a controlled phase gate in the 
following sense. If we set g = 0 in eqn [1] and for 
simplicity re-scale the ion internal energies so that 
H=hAél1)1l, the free evolution operator can be 
written as U = —A611)11, so that the atomic basis 


states evolve as: 


UI0) = 10) 


Ul1) = e 1) ei 

In other words, the ground state remains invariant, 
whereas the upper levels pick up a phase which is 
proportional to the detuning from the atomic 
transition. The state of each particle after the time 
evolution can then be written as 


1 
V2 


After the second pulse, which again mixes popu- 
lations of levels 10) and 11), one measures the 
population of, say, level |1). The signal is therefore a 
sinusoidal function of the form 


(10) 4: e*|1)) [22] 


P= (1 ip cos(5t)) 


5) [23] 


which is symmetrical with respect to 6=0. 
This procedure is repeated a number of times to 
accumulate a sufficient data. Let us call T the total 
duration of the procedure, so that we accumulate 
N =nT/t experimental data. Finally, whenever stat- 
istics in the populations are different from 50:50 at 
half maximum are detected, the oscillator frequency 
is steered to achieve exact resonance. The ultimate 
resolution Aw achievable with this technique is 
limited simply by projection noise and can be 
written as 


1 
VnTt 


After time T, the oscillator’s frequency is steered 
towards the resonance and new sequence starts. We 
will now illustrate how the use of entanglement can 
yield an uncertainty in the measurement beyond the 
shot noise limit eqn [24]. Consider the quantum 
network depicted in Figure 8. The n particles are 
now initially prepared in a maximally entangled state. 
This is achieved by means of subjecting the first ion to 








Figure 8 Quantum circuit representation for an experimental 
setup for a frequency estimation using maximally entangled 
states. 
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a Hadamard transformation followed by a cascade of 
CNOTs between the first ion, which acts as a control, 
and each of the remaining (7 — 1) particles. 

The resulting state is of the form 


1 
V2 


The systems now evolve freely for a time ¢ and, in 
light of the discussion above, we can represent this 
evolution in terms of a quantum gate which will leave 
state 10) invariant while introducing a phase factor 
proportional to the detuning if the system is in state 
11). As a result, the joint state of the 1 particle after the 
free time evolution is given by 


(10...0) + I1...1)) [25] 


1 
v2 


with a phase factor amplified by a factor n 
as compared with the single particle state given by 
eqn [22]. The second part of the network disentangles 
the n particles, leaving the first ion in the state 
(1//2)(10) + e~”*|1)). If we now subject it to an 
additional Hadamard gate, the probability for the 
ion to be excited is 


(l0...0) + e”*I1...1)) [26] 


f 
Prent = 5(1 ste cos(n5t)) [27] 


which oscillates 7 times faster than the signal eqn [23]. 
The corresponding uncertainty for the estimation of 
the atomic frequency is now 


Awp, ent = [28] 





1 
nJTt 


This corresponds to an increase in the resolution of 
/n beyond the shot noise bound. In practice, the 
achievable resolution using entangles states is limited 
by the decoherence time of the system ty.,, which sets 
the condition T < ty../2 for the procedure to be valid. 
Remarkably, entanglement is still advantageous in a 
situation where T is chosen such that it exceeds the 
decoherence time. However, maximally entangled 
states should now be replaced by certain partially 
entangled ones to overcome the precision achievable 
with uncorrelated particles. 

The application of entangled states in precision 
spectroscopy is a nice illustration of the potential of 
the ideas developed in quantum information beyond 
the ultimate task of building a large-scale quantum 
computer. The first experimental results showing the 
enhanced performance of entangled states have been 
reported by the NIST group in Boulder. 


Conclusion and Perspectives 


We have revised the fundamental concepts for the 
practical realization of quantum computation using 
atomic systems. We have showed how single qubit and 
two-qubit controlled-phase gates can be implemented 
using atoms interacting with the cavity field sustained 
by a microwave resonator and ion traps. We have 
illustrated how a very simple quantum computation 
can be used for the development of more 
precise frequency standards, emphasizing the poten- 
tial of the ideas developed in quantum information 
beyond the implementation of large scale quantum 
computation. 

Cavity QED technology has so far allowed the 
generation of entangled states of two and three 
particles and has demonstrated coherent gate opera- 
tion. Ion trap technology has pushed controllable 
multi-particle entanglement to four particles and has 
showed the possibility of implementing forms of error 
correction. The combination of these two techno- 
logies offers interesting prospects for the near future. 
Surrounding traps by optical cavities and networking 
these devices via optical fibers is expected to allow 
the construction of the first prototypes for a quantum 
communication network. 


See also 


Quantum Optics: Entanglement and Quantum Infor- 
mation. 
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Introduction 


The reduction of noise is crucial for measurements 
requiring high accuracy and, often, for the obser- 
vation of new phenomena. Among noise sources, 
noise inherently related to the quantum nature of an 
object persists even after all the classical sources of 
noise are removed. Quantum noise is a fundamental 
limitation, loosely related to the Heisenberg uncer- 
tainty principle, which imposes a lower limit to the 
fluctuations of any pair of conjugated variables, like 
position and momentum. For conjugated variables A; 
and A, we have 


AA,AA, = 


N| 


[1] 


where 


AA; = (A?) — (Ai)” 


While quantum mechanics does not forbid reducing 
the noise in one of the conjugated observables down 
to zero, the noise for the other variable will increase 
according to eqn [1]. Squeezing refers to the reduction 
of noise of a quantum variable at the expenses of its 
conjugated variable. The term originates from quan- 
tum optics. Nonlinear interactions of the electromag- 
netic field with passive and active atomic media have 
been successfully used to generate squeezed photons, 
opening new possibilities for essentially noiseless 
optical communications and precision measurements. 
The electromagnetic field is not the only quantum 
object that can be squeezed. By performing appro- 
priate manipulations of the internal quantum state of 
a system, it is, in principle, possible to squeeze an 
arbitrary variable. In the past few years, vibrational 


i=1,2 [2] 


Sorensen A and Molmer K (1999) Quantum computation 
with ions in thermal motion. Physical Review Letters 
82: 1971. 

Wineland DJ, Monroe C, Itano WM, Leibfried D, King BE 
and Meekhof DM (1998) Experimental issues in 
coherent quantum-state manipulation of trapped atomic 
ions. J. Res. Natl. Inst. Stand. Tech. 103: 259 and 
references therein. 


states have also been experimentally squeezed in 
molecules and solids, by exciting the system with 
ultrafast optical pulses. The concept of squeezing 
can also be extended to an ensemble of classical 
objects for which the fluctuations are of thermal 
origin. 

Squeezing applies in particular to situations where 
the relevant variables are the position O and 
momentum P of a harmonic oscillator. Consider the 
Hamiltonian of a particle of mass m in a harmonic 
potential of frequency 0. 


== = 07.Q* [3] 


The ground state wavefunction is 





= : x Q* 4 
° opal (op) 


where (Q}) = f/2mQ. The stationary probability, 
lgol*, is represented in Figure 1a. This state is also 
a minimal uncertainty state in that AOAP = h/2. 
(O%) gives a measure of the quantum noise and it is 
known as the vacuum noise level. 

Let us now discuss the behavior of a harmonic 
oscillator that interacts with an external source. 
There are two types of quantum states for which 
the Gaussian shape of the wavefunction is preserved 
after interacting with an external driving force. These 
are the coherent state and the squeezed state. If the 
interaction places the system in a state of the same 
form as eqn [4] but displaced with respect to the 
center, the wavepacket will oscillate periodically, with 
period t= 27/0, without changing its shape as 
shown in Figure 1b. This quantum state is known 
as the coherent state. It has the same uncertainty as 
the ground state but the expectation value (O(2)) 
depends on the time following the classical trajectory 
in the harmonic potential. If, instead, we introduce a 
sudden change in the spring constant at t = 0, the 
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wavepacket will begin to ‘breathe’ for t > 0, so 
that its width will vary periodically with a period 
given by 7/2. This is the squeezed state. Here the 
noise of one of the variables is periodically reduced 
below the level of the vacuum noise (Figure 1c). A 
state that is a combination of a coherent and a 
squeezed state is shown in Figure 1d. The wavepacket 
follows the classical trajectory and breathes at the 
same time. 

The results in Figure 1 apply only to harmonic 
oscillators. While the concept of squeezing can be 
extended to anharmonic potentials, there are addi- 
tional features to consider such as, for example, 
wavepacket revivals. 


Dynamics of a Parametrically 
Excited Crystal 


Harmonic oscillators describe a wide range of 
physical systems. In particular, the dynamics of a 
crystal lattice can be described in terms of a set of 
independent harmonic oscillators, the quantum 
nature of which is described in terms of phonons. In 
this section we discuss interactions of a harmonic 
oscillator with external sources that produce 
squeezing. 

The normal modes in a crystal obey equations of 
the form: 


0, +950, =0 [5] 


where OQ, and Q, are the phonon coordinate and 
frequency, and q is the wavevector. 

As briefly mentioned in the previous section, a 
sudden change in the spring constant produces a 
squeeze state. To do this, we need what is known as 
time-dependent parametric coupling. As in the 
experiments on phonon squeezing, using ultrashort 
optical pulses, we consider an impulsive driving force 
proportional to O. The relevant equation is: 


O, +5 Og = Aq Q, 5) [6] 


where §&(t) is the Dirac delta function, and A 
accounts for the strength of the external impulsive 
force. This impulsive excitation induces a sudden 
change in momentum, proportional to the normal 
coordinate OQ at t=0, as can be shown by 
integrating eqn [6]. Explicitly, AQ, = AP, = 
AgQq(0). AP, = P,(0+) — P,(0-), where 0 (0*) is 
the time immediately before (after) the excitation. 
This result is illustrated in Figure 2. The main effect 
of the interaction is to change the width of the 
Gaussian packet or variance of the distribution. 
This leads to a time-dependence of the noise 


defined in eqn [2], AQ7(t) = (O*(2)) reflecting the 
‘breathing’ of the wavepacket. Since P, is the 
conjugated variable of Q,, (P;(t)) shows the same 
time-dependent behavior as (O70) but in quad- 
rature with it, so as to fulfill eqn [2] at all time. 
Assuming an oscillator initially in its ground state, 
the solution of eqn [6] is 





a fk ANY. 
(O7(t)) Im, |: (x }sinanyp 


rv 2 
+ (a) ini | [7] 


It is then clear that the fluctuations of QO, 
periodically fall below the vacuum quantum noise 
level, determined by (Q%), and that the oscillations 
have a frequency that is twice the frequency of the 
oscillator. 

The considerations above apply to a quantum 
harmonic oscillator at temperature T = 0. In the 
classical case, we need to consider an ensemble of 
oscillators in equilibrium with a thermal bath at 
temperature T. It can be shown that eqn [7] also 
applies to the classical case, provided /2mQ. is 
replaced by kgT/Q?m, where kp is the Boltzman 
constant. In classical squeezing, the external pertur- 
bation is applied simultaneously to the ensemble, 
leading to a sudden change of the momentum of 
all the oscillators. The jump in momentum is 
proportional to the position of the particle at 
t = 0. After the interaction, the noise of the ensemble 
will fall periodically below the thermal noise at 
temperature T given by kpgT/Q?m. A pictorial 
representation of classical squeezing is shown in 
Figure 3. 

To describe a more realistic situation, it is necessary 
to take into account effects due to dissipation. 
Theoretically, this is usually accomplished by con- 
sidering the coupling with a continuum of external 
modes simulating a thermal bath. The solution to this 
type of problem is nontrivial even for the simplest 
case of linear coupling to the bath. 

The impulsive excitation of eqn [6] is a parametric 
excitation containing all the frequencies. A more 
common way to parametrically excite an oscillator is 
to use a monochromatic source, as described by the 
equation 


O + [07 + ecos(Apt)]O = 0 [8] 


where the parametric excitation is characterized by 
the amplitude ¢ and the modulation frequency Qo. 
Notice that the excitation induces a time-dependent 
frequency w(t) = 0? + ecos(Mot), and, hence, it 
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Figure 1 (a) Ground state probability density ||? for a quantum harmonic oscillator of frequency ©. Q is the position, P is the 
momentum and cis the standard deviation of the Gaussian wavepacket, or the square root of (Q5). The phase-space diagram on the left 
shows the uncertainty region for the ground state. (b) Coherent state. The uncertainty (Q?) does not change in time and it is always 
equal to (Q°), but the wavepacket oscillates with the period 7 of the harmonic oscillator. The phase diagram shows the evolution of the 
uncertainty region, starting from the ground state (dashed line). A sudden constant change in momentum at time t = 0 produces a 
change in the equilibrium position and the wavepacket begins to oscillate. (c) Squeezed state. The wavepacket evolves by changing its 
width periodically with period 7/2. The uncertainty, (Q2(f)), takes values smaller than (Q%) for a fraction of the cycle. Due to the 
sudden change on momentum, proportional to Q, at t= 0, the distribution becomes ellipsoidal and rotates with frequency 20. 
(d) Coherent-squeezed state. It is a combination of both (b) and (c). The wavepacket oscillates and breathes at the same time. 


A positive reading is an UPSCALE READING and the pointer will move across the 
scale - to the right. A "NEGATIVE READING" will make the pointer hit the "STOP" at 
the left of the scale and you will not get a reading. If you are using a Digital Meter, a 
negative sign "-" will appear on the screen to indicate the probes are around the 
wrong way. No damage will be caused. It just indicates the probes are connected 
incorrectly. 

If you want an accurate CURRENT MEASUREMENT, use a digital meter. 


MEASURING RESISTANCE 


Turn a circuit off before measuring resistance. 

If any voltage is present, the value of resistance will be incorrect. 

In most cases you cannot measure a component while it is in-circuit. This is because 
the meter is actually measuring a voltage across a component and calling it a 
"resistance." The voltage comes from the battery inside the meter. If any other 
voltage is present, the meter will produce a false reading. 

If you are measuring the resistance of a component while still "in circuit," (with the 
power off) the reading will be lower than the true reading. 








Measuring resistance of a heater 
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Figure 1 Continued. 





Q 


Figure 2 Schematic representation of the effect of an impulsive 
excitation on the ground state of the harmonic oscillator. At t = 0, 
the pulse induces a change in momentum P, proportional to the 
position Q. As a result, the wavepacket width in momentum space 
changes suddenly and starts to oscillate. 


shows squeezing effects. The complete set of solutions 
with and without dissipation has been obtained by 
Zerbe and Hanggi for the quantum and classical 
cases. 


Physical Interactions Giving Phonon 
Squeezing 


The considerations above are rather general and 
specific to any physical system that behaves like a set 
of harmonic oscillators. Here, we consider proposals 
for phonon squeezing. 

Equations [6] and [8] show that we need a driving 
force proportional to the phonon coordinate O to 
achieve squeezing. One way to do this is for the 
external interaction to produce time-dependent 
correlations between two modes. Prior to the 








(b) 


Figure 3 (a) Classical representation of a coherent phonon. An 
impulsive horizontal force acts on all members of a thermal 
distribution of pendula, displacing the group in phase space 
along the momentum axis. The ensemble precesses with an 
average position (x) ~ sin(Q2). (b) Classical representation of a 
squeezed phonon. An impulsive vertical force produces an 
impulse proportional to the pendulum’s displacement from 
equilibrium. Those pendula farthest from equilibrium receive 
the largest kick. The phase space distribution becomes 
elliptical and precesses with an ensemble averaged variance 
(x?) ~ sin(200. 


experimental achievement of phonon squeezing in 
1997, using stimulated second-order Raman scatter- 
ing, models based on (a) three-phonon parametric 
amplification and (b) polaritons had been proposed. 
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These proposals have not yet been implemented 
experimentally. 

The scheme proposed in (a) is based on 
three-phonon parametric amplification, similar to 
photon squeezed states that are generated by optical 
parametric amplification. Specifically, the proposal 
relies on a two-step process. First the generation by 
external excitation with two lasers of a ‘pump’ 
longitudinal optical phonon (LO) and, second, the 
decay of the optical phonon into two longitudinal 
acoustic phonons (LA), which will be squeezed. This 
is the kind of parametric oscillator described by 
eqn [8], for which the parametric control is driven by 
the coherent optical phonon field. 

In case (b) it has been shown that mixed 
polarization modes known as phonon polaritons are 
intrinsically squeezed. These hybrid objects, some- 
times referred to as dressed photons, are a mixture 
between phonons and photons that cannot be 
separated once they are formed. 

Squeezing of vibrational states in molecules 
was confirmed experimentally earlier than in solids. 
Here, a molecule initially in the ground electronic and 
vibrational state is excited by an ultrafast optical 
pulse tuned with an electronic resonance. After the 
pulse arrives, the molecule is placed in a excited 
electronic state and the nuclei in a new (excited) 
potential with a new set of discrete vibrational 
modes. In Figure 4 we show, as an example of a 
diatomic molecule, the potential of a sodium dimer. 
For the sake of simplicity, we consider a single 
vibrational mode in the excited state and we disregard 
effects due to anharmonicity. If the optical pulsewidth 
is much shorter than any vibrational frequency, and 
the frequencies are different in the ground and excited 
state, the sudden change in frequency produces a 
vibrational squeezed state. On the other hand, even if 
the frequencies in the ground and excited state are 
equal, but the laser pulse is finite or chirped 
(frequency sweep on time), the final vibrational 
state may be squeezed. The formal demonstration of 
this is not trivial. Analytic solutions for the 
vibrational wavefunction for an arbitrary external 
field excitation are known for a very limited number 
of cases. 

Squeezing of a wavepacket in an excited 
sodium diatomic molecule was achieved by Dunn 
and coworkers, measuring the time and frequency- 
resolved spectrum of the spontaneous emission. In 
this experiment, the molecule can return at any time 
to its electronic ground state by emitting light, the 
wavelength of which depends on the internuclear 
separation at that time. As shown in Figure 4, this is 
because the equilibrium position for the potential 
surfaces in the ground and excited states are different. 


20 


A, rt 
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Potential energy (109 em’) 








2 3 4 5 6 
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Figure 4 Potential curves for a Naz molecule, showing the 
ground and first excited states. The dashed line represents 
the ground state wave function. The equilibrium position of 
both potentials are shifted and the vibrational frequencies are 
different. 


Thus, the time-dependent average wavelength of the 
emitted light oscillates as the atom vibrates, giving 
a signature of the dynamics of the wavepacket. 
Dunn observed oscillations in the signal strength 
that are consistent with a wavepacket expanding 
and contracting. 


Experimental Generation and 
Detection of Squeezed Phonons by 
Second Order Raman Scattering 


The first experimental demonstration of phonon 
squeezing was performed in 1997 by exciting a 
KTaO 3 (potassium tantalate) crystal with an ultra- 
fast pulsed laser and coupling the light to the 
phonons through second order Raman Scattering. 
The squeezed phonon field produced by an intense 
optical pulse, referred to as the ‘pump’, is detected 
by a second low intensity pulse, known as the 
‘probe’. Phonon squeezing was also reported for 
SrTiO3 (strontium titanate). In addition, corre- 
lations between pairs of phonons of different 
frequencies was reported in a closely related 
experiment on KTaQ3. 
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The simplest Hamiltonian describing this experi- 
ment contains the harmonic contribution from the 
lattice and a Raman-type interaction term. Raman 
scattering (RS) refers to light-crystal interaction in 
which the initial quantum of radiation energy, fia,, is 
divided into a vibrational excitation of the crystal 
with energy #Q, and a scattered photon with energy 
hw,;. Here, the total energy and momentum are 
conserved. The interaction energy is proportional to 
the second-order electronic susceptibility which can 
be expanded in terms of the atomic displacement O. 
The mth term of the Taylor expansion is associated 
with RS of order x. Two phonons participate in the 
second order RS process. Although the absence of 
first-order RS is not required for achieving squeezing, 
KTaO3 and SrTiO3 (above ~100 K) show no first- 
order Raman active modes. As a result, the leading 
contribution is 


1 
Hine = — EO! 22) [9] 


with x(q) = (07x/9Q7)O7, where 07/007 is the 
second order Raman tensor, E(¢) is the magnitude of 
the light electric field, and y is the linear electronic 
susceptibility. The Hamiltonian eqn [9], reflecting 
contributions from pairs of modes at +g, represents a 
change in the phonon frequency AQ, (t) = —(1/40,,) 
(a2y/aOZ)IE@I? that results in a time-dependent 
variance (07) and thus, squeezing. We note that, 
while individual scattering events produce a two- 
phonon state, the coherent ensemble of these corre- 
lated two-phonon states modulates the variance of O. 
Notice that second-order RS excites phonons 
throughout the whole Brillouin zone instead of just 
the zone center at g ~ 0, as in first-order RS. This 
means that the light couples to a continuum of modes. 
The strength of the scattering at any particular 
frequency is proportional to the number of modes, 
i.e., the density of states, which is inversely pro- 
portional to the gradient V,Q, and thus, exhibits 
singularities at points where the gradient vanishes. 
These so-called critical points lead to associated 
singularities in the density of states referred to as 
van Hove singularities. KTaO3 and SrTiO3 show a 
sharp peak in the density of states at frequencies 
associated with certain van Hove singularities and, 
therefore, the continuum of modes becomes 
quasimonochromatic. 

In the experiments, the period of the relevant 
phonons, 27/Q,, is large compared with both the 
pulsewidth and the time the pulse takes for traversing 
the sample. Then, the time-dependent electric field 
can be approximated by the delta function lE(#)I? = 
(4m1/nc)&(t), where Ip is the pulse energy density, 1 
the refractive index and c the speed of the light. 


Within this approximation, the dynamics of the 
system at T = 0 is described by eqn [6]. To lowest 
order in Ip, we have 


AQ, = (QO)? 
at 
~ cojion" 1 + (2, )sn2a | [10] 


with A = 2a(Ip/nc)(a” x/dQ7). 

As before, the variance drops below the 
quantum limit (O;(0)) for some fraction of the cycle. 
This zero-temperature description is only accurate for 
temperatures such that kpT is very small compared 
with the phonon energies. For T # 0, the conditions 
overcoming the thermal contribution and produce 
quantum squeezing at low intensities are 


Ng <1 and (2,) > 2n, [11] 
q 


where 1, = 1/[exp(#O,/k,T) — 1] is the Bose factor. 

Next we discuss the detection of the squeezed field. 
As mentioned earlier, the pump pulse creates the 
squeezed phonon state and the probe is affected by 
the changes in the material produced by the pump. 
The scattering of the probe by the squeezed phonon is 
also described by the nonlinear polarization of the 
material PN’ = (2V)"'E'()¥4x2(q), where E'(t) is 
the probe field, and V is the scattering volume. If the 
probe pulse is Gaussian-shaped of width 7) and 
centered at w = Wp, the total normalized change in the 
probe transmission AT is 





Im73,0(w — wo) y a*x 
T ncV 7 dO5 


x MQ5(0)) cos(20,, At) exp(— 2.05 75) 


|E'(t) 


where / is the length of the sample. Equation [12] 
can be obtained from well-known results in 
coherent phonon detection. Comparing eqn [12] 
with eqn [10] it follows that the change in 
probe transmission is proportional to the derivative 
of the total time-dependent variance (O7(t)) = 
sR). Accordingly, the integral of AT/T 
probes (O(t)). 


KTaO; 


The perovskite KTaO3 was the first material for 
which phonon squeezing was achieved. This com- 
pound has no first-order Raman active modes. The 
time-domain data in Figure 5a shows behavior 
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Figure 5 (a) The normalized transmitted probe intensity as a the Advancement of Science. 


function of the probe delay for KTaO3 at T = 10K. Reprinted 
with permission from Garrett GA, Rojo AG, Sood AK, Whitaker 
JF and Merlin R (1997) Vacuum squeezing of solids: 
Macroscopic quantum states driven by light pulses. Science, 
275(5306): 1638-1640. Copyright 1997 American Association 
for Advancement of Science. (b) Fourier transform of the 
time domain data in (a). The narrow peak appears very close 
to twice the frequency of the TA (transverse acoustic) mode at the 
X point of the Brillouin zone. (c) Second order Raman cross 
section. 


consistent with eqn [12]. The Fourier transform Fy 
in Figure 5b, is dominated by a narrow peak, strongly 
dependent on temperature, that appears very close to 
twice the frequency of the TA (transverse acoustic) 
mode at the X point of the Brillouin zone. 
The comparison with the spontaneous Raman scat- 
tering data, Figure 5c, indicates that the Fey peak is 
due to the 2TA overtone. The squeezing factor 
defined as S = 1 — [OH (O70) |", is depicted 
in Figure 6. Notice that, whereas the squeezing factor 
in a quantum optics experiment can reach values as 
large as 70%, phonons in a solid can be squeezed by 
no more than, say, 0.01%. This is because larger 
values may lead to collapse of the solid since, 
according to the Lindemann criterion, solids melt 
when the root-mean-square displacement of an atom 
is a fraction of 0.2—0.25 of the lattice parameter. 
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Figure 7 Fourier transform of the time domain data (inset) of the 
probe differential transmitivity of KTaOz at room temperature. The 
excited phonon combinations are indicated in the figure. 
Reproduced with permission from Bartels A, Dekorsy T and 
Kurz H (2000) Impulsive excitation of phonon-pair combination 
states by second-order Raman scattering. Physical Review 
Letters 84(13): 2981-2984. Copyright 2000 by the American 
Physical Society. 


In KTaO 3 it was also possible to induce a time- 
dependent covariance between two _ different 
independent modes by using second order RS 
to couple the two oscillators. In Figure 7 we show 
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Figure 8 (a) The normalized transmitted probe intensity as a 
function of the probe delay for SrTiO3 at T = 7K. (b) Fourier 
transform of the time domain data. The 1.3 THz peak is the soft 
Aig-phonon (coherent), and the 6.9 THz is the 2 TA overtone 
(squeezed). The second order feature is dominated by a sharp 
peak very close to twice the frequency of TA modes at X and M 
points of the Brillouin zone. 


data revealing correlations between transverse optical 
(TO) and transverse acoustical (TA) modes. 


SrTiO; 


This material undergoes a structural phase transition, 
called antiferro-distortive, at Tc ~ 110K. Second- 
order RS is allowed at all temperatures, but 
first-order RS is only allowed for temperatures 
below Tc. Figure 8 shows data at low temperatures, 
revealing both first and second order features. From 
the comparison with spontaneous RS, the peak 


appearing in the Fp; at ~ 1.3 THz is due to first- 
order RS, while the peak at ~6.9 THz is due to 
second order RS (2TA overtone). The quantum state 
created by the utrafast pulse is then a mixture of a 
coherent and a squeezed state. Hence the phonon 
wavefunction will evolve qualitatively as in the 
picture shown in Figure 1d. 


List of Units and Nomenclature 


Gaussian units 


Ip energy density [Jcm 7] 
E electric field [statvolt cm™ '] 
See also 


Scattering: Stimulated Scattering; Raman Scattering. 
Semiconductor Physics: Light Scattering. Ultrafast 
Laser Techniques: Generation of Femtosecond Pulses. 
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Introduction 


Immediately after the invention of the laser in 1960, 
light could be focused to sufficient intensity to cause 
nonlinear optical effects in atomic media. In conven- 
tional nonlinear optics, where the electric field of a 
light wave E is much smaller than an atomic field, 
Ey, = 3X10? V/cm, various nonlinear phenomena, 
such as self-focusing, harmonic generation, and 
Raman scattering, arise due to the anharmonic 
motion of electrons in the combined fields of atom 
and laser. Approximate analytical solutions can be 
obtained by means of perturbation expansion 
methods, using E/E,, as the expansion parameter. 
At higher light fields, when E approaches E,,, this 
method breaks down and the medium becomes 
photo-ionized, creating a plasma, as illustrated by 
Figure 1. Further increases in light intensity enabled 
nonlinear optical effects of even these free plasma 
electrons (see Figure 2). The nonlinearity arises, in 
this case, because the electrons oscillate at relativistic 
velocities in laser fields that exceed 10!! V/cm, 
resulting in relativistic mass changes exceeding the 
electron rest mass and the light’s magnetic field 
becomes important. The work done by the electro- 
magnetic field (E) on an electron (eEA) over the 
distance of a laser wavelength (A), then approaches 
the electron rest mass energy (m,c”), where e is the 
elementary charge of an electron, m, is the electron 
rest mass, and c is the speed of light. Effects 
analogous to those studied with conventional non- 
linear optics — self-focusing, self-modulation, har- 
monic generation, and so on — are all found, but 
based on this entirely different physical mechanism. 
Thus, a new field of nonlinear optics, that of 
relativistic electrons, has been launched, as illustrated 
by Figure 1. 


One outcome of accessing this new optical regime 
is the generation of frequency-shifted light in a 
spectral region where there are no other compact 
sources. Another is the acceleration of other types of 
particles, such as positrons, ions, and neutrons. These 
novel radiation sources have properties (femtosecond 
duration, micron source size, MeV energy) that make 
them suitable for numerous applications in imaging 
and spectroscopy in basic research, as well as medical 
diagnostics, cancer therapy, energy production, and 
space propulsion. Rapid advancement is underway 
and new research tools, subfields, and commercial 
products are on the horizon, e.g., compact and ultra- 
short pulse duration laser-based electron accelerators 
and X-ray sources. 

Another physical regime will be encountered at 
even higher intensities (IA7 ~ 1074 W/cm?), when 
even protons will quiver relativistically, i.e., the 
work done on a proton over the distance of a laser 
wavelength approaches its rest mass energy. This 
might be called the nuclear regime of laser—plasma 
interactions, because of the fusion and fission reac- 
tions and the generation of pions, muons, and 
neutrinos that should occur as nuclei collide in such 
energetic plasmas. 

The recent dramatic increase in light intensity was 
partly made possible by the development, in the last 
decade, of compact lasers that have the ability to 
amplify shorter light pulses. For instance, solid-state 
lasers use the technique of chirped-pulse amplifica- 
tion to generate femtosecond duration pulses. To 
accomplish this, an ultrashort, low-energy laser pulse 
is first stretched in time before it is amplified and then 
recompressed. Gas or dye lasers, using solid-state 
switches, have produced picosecond duration pulses. 
Present day advanced laser systems now have multi- 
terawatt peak powers and, when focused to micron 
spotsizes with adaptive optics, can produce electro- 
magnetic intensities IA? ~ 10°! W/cm’, as illustrated 
by Figure 3. An example of a modern ultra-high- 
power (0.9PW) solid-state (Ti:Sapphire) laser 
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Figure 1 The various regimes of laser—matter interactions, represented by the ideal laser pulse. As the intensity of laser light 
increases, so does the energy of electrons accelerated in the light field and the regime of conventional nonlinear optics with electrons 
bound to atoms is replaced by the regime of relativistic nonlinear optics with free electrons in relativistic plasmas. At the highest 
intensities, even protons become relativistic, giving rise to what might be called the regime of nuclear optics, in which various nuclear 
processes, such as fusion, can take place. (Reproduced from Umstadter D (2003) Relativistic laser—plasma interactions. Journal 
Physics D: Applied Physics 36: R151—R165, with permission from IOP Publishing Ltd.) 


system, located at the Advanced Photon Research 
Center, Kansai Research Establishment, Japan 
Atomic Energy Research Institute (JAERI), can be 
seen in the photograph shown in 

This paper will discuss the finidamental concepts 
underlying what might be referred to more broadly as 
the field of high-field science. For more detailed 
descriptions of recent progress in experiment or 
theory, several review papers have been published 
on related topics: (i) relativistic nonlinear optics; 
(ii) high-intensity laser development; (iii) laser 
accelerators; (iv) intense laser—plasma interactions; 
and (v) relativistic scattering. 


Definitions 


For an infinite plane wave for the light wave 
propagating in the Z direction (shown in V5 


the fields may be described by 

E = 2,Ep exp[i(kz — wt)] = @,Ey el” [1] 
and 

B = 2,Bo expli(kz — wt)] = 2,By e” [2] 


where w and k are the frequency and wavenumber of 
the laser light, respectively. For the ultrashort pulse 
durations of the lasers typically used to produce 
high fields, it is assumed that the ions do not have 
time to move because of their greater inertia. In this 
case, m(dv/dt) ~ —eE and the term v/c can be used as 
an expansion parameter. At even higher fields, 
electrons can be accelerated to nearly the speed of 
light as they quiver in the oscillating fields of the light 
wave. In this case, the force due to the magnetic field 
can no longer be ignored and the mass of the electron 
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Figure 2 History of light sources over the last century. Each 
advance in laser power enables a new regime of optics. 
(Reproduced from Umstadter D (2003) Relativistic laser—plasma 
interactions. Journal Physics D: Applied Physics 36: R151—R165, 
with permission from IOP Publishing Ltd.) 


can increase as m= ym, where mg is the electron 
rest mass and the relativistic gamma factor is given by 


1 
= [3] 


re(7): 
c 
The threshold for the relativistic regime of optics is 
crossed when the electron momentum p exceeds the 
product of the electron rest mass 9 and c. 

For problems involving charged particle motion in 
intense electromagnetic fields, it is often convenient to 
introduce the vector potential: A(r,t) = Ref{Ao el”). 
From Maxwell’s equation V-B = 0, it can be seen 
that without loss of generality, the magnetic field can 
be written as the curl of a potential B= VX A. 
Further, from Faraday’s law in vacuum: 


1 0B _ a! a(V xX A) 
c Ot Cc ot 


VXE 





[4] 





it is clear that E = —(1/c)dA/dt. To include the space— 
charge field of the plasma, as we will do in the section 
on collective plasma response below, we introduce 
the potential ®, and the definition: 


Peers ok [5] 
c ot 


Assuming the Coulomb gauge: 


V-A=0 [6] 


or A, = 0 in 1D, then A, represents the laser field. 
If we neglect ® for now, then, by Fourier analysis: 


E= Re} “a, ew [7] 
Cc 





Figure 3 Laser light has become concentrated to ever-smaller 
regions of space (r) and time (t), dramatically increasing the peak 
electric field (E) at the laser focus. Prior to the development of 
chirped-pulse amplification (CPA), the energy of light was 
produced in long-duration pulses, as shown in the pulse of the 
bottom figure. After CPA, the pulse duration decreased dramati- 
cally as shown in the pulse in the middle. The latest improvement in 
laser technology has been the use of deformable mirrors, which 
has allowed lasers to be focused to a spatial dimension that is as 
small as the temporal dimension, a few laser wavelengths, as 
shown in the pulse on top. (Reproduced from Umstadter D (2003) 
Relativistic laser—plasma interactions. Journal Physics D: 
Applied Physics 36: R151—R165, with permission from IOP 
Publishing Ltd.) 


B = Refik? x Ay el} [8] 


The light intensity is given by the time-averaged 
Poynting’s vector, which can be written for linear 
(LP), Ap = Aoé, and circular polarizations (CP), 
Ao = Ao(é, Bur ey) as: 





[9] 





1= (Is) =( Sar 16x ° 


It is often the combination JA’ that matters, which 
has units of power and for linear polarization can be 
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Figure 4 Photograph of the 33-fs duration 0.9-PW-peak power laser system at JAERI. (Reproduced with permission from 
Yamakawa K (2004) Table-top lasers create ultrahigh peak powers. OYOBUTURI 73: 186-193.) 


written as 


2 wkd? OF a 2 
IN = léq 10 = 7 Ao 


Ww 
= [ 137% 10! — 5 pm* ic [10] 


where the normalized vector potential is defined as 


Ay 


me 


4) = [11] 


Relativistic effects become significant when do 
approaches unity, which, as can be seen from 
eqn [10] occurs for 1 um wavelength light at a laser 
intensity of ~1.37 x 10!* W/cm’, corresponding to a 
electric field strength of 6 X 10? V/cm, which is four 
orders of magnitude greater than E,,. 


Single-Particle Motion 


The electron orbit, subject to a linearly polarized elec- 
tromagnetic wave propagating in the +z direction, is 


governed by the Lorentz equation: 


[12] 


ree = ~o( E+ ka xB) 
dt C 


where v is the electron velocity, and E and B are the 
light’s electric and magnetic field. 

A zeroth order solution to eqn [12] is found by 
setting v/c < 1, which allows the term (v/c) X B to be 
neglected and y from eqn [8] is set to unity. 
Integrating eqn [12] in this limit once over time (t) 
yields for the velocity: 


c 


é, cos W, LP 
sea . [13] 
(@, cos g + é, sin w), CP 


An electron in low-intensity light oscillates with this 
velocity in a straight line along the polarization vector 
(é,), which when normalized to c, is the normalized 
vector potential ao. Integrating again yields for the 
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Figure 5 Classical optics versus relativistic optics. (a) In 
classical optics, the amplitude of the light wave is small, electrons 
oscillate in the direction of the electric field at the light’s frequency, 
and there is no displacement along the light’s propagation 
direction. Note that only the E field acts on the electron and the 
electron-oscillation velocity is very small compared with the speed 
of light. (b) In relativistic optics, the amplitude of the light wave is 
very large, the light’s magnetic field becomes important and the 
combined action of the electric and magnetic fields push the 
electron forward. In this case, the electron velocity becomes close 
to the speed of light and its motion is a figure-eight superimposed 
upon a steady drift. (Reproduced from Umstadter D (2003) 
Relativistic laser—plasma interactions. Journal Physics D: 
Applied Physics 36: R151—R165, with permission from IOP 
Publishing Ltd.) 


transverse displacement: 





é, sin W, LP 
=)" [14] 


we | (é, sin p + é, cos w), CP 


Thus, for the ay ~ 1, the electron excursion during its 
oscillation is approximately A. 

A first-order approximation for the electron 
motion can be found by substituting the zeroth 
order velocity eqn [13] into the v/cxB term of 
eqn [12]. The latter then becomes proportional to 


2 


ExBo on + cos(2mp)]é, 


In the frame in which the electron is on the average at 
rest, the relativistic motion of an electron is thus 
described by a figure eight, oscillating twice in the é, or 
k direction for every once in the polarization direction 
(é,); 1.e., a figure of eight motion. This originates from 
the fact that v X Boc EX Bx E7k, which is a product 
of two functions that vary sinusoidally at frequency w 
and thus varies itself at frequency 2. In the lab frame, 


[15] 





Figure 6 Harmonics driven by relativistic Thomson scattering as 
the electrons in high-intensity laser fields (a8) undergo figure- 
eight motion display unique angular distributions. (Reproduced 
from Umstadter D (2003) Relativistic laser—plasma interactions. 
Journal Physics D: Applied Physics 36: R151—R165, with 
permission from IOP Publishing Ltd.) 


this transverse motion is superimposed upon a steady 
drift in the (@,) direction (shown in Figure 5), 
originating from the DC term in eqn [15]. The next 
order approximation would include the mass shift 
m = ym. As the field strength increases (a; > 1), the 
longitudinal motion (cca%) begins to dominate the 
transverse motion (°cag), as shown in Figure 5. This is 
described more formally below. 

In the regime ag = 1, electrons radiate photons at 
harmonics of a modified laser frequency wp, with each 
harmonic order having its own unique angular 
distribution, as shown in Figure 6. The radiation at 
the fundamental is the usual donut pattern, with a 
maximum in the direction perpendicular, and a 
minimum along, the polarization vector (é,). The 
second harmonic has two emission lobes with 
maxima pointing at an angle between é@, and é,. An 
additional lobe is added for each additional harmonic 
order. This is referred to as nonlinear or relativistic 
Thomson scattering. The unique angular distri- 
butions of the second and third harmonics emitted 
from nonlinear relativistic Thomson scattering were 
observed experimentally and are shown in Figure 7. 
As will be shown in detail in the section on radiation 
from relativistic electrons, below, the situation is 
more complex for a) = 1, and the scattered light is no 
longer simply harmonic. 


Constants of the Motion 


Several constants of the motion can be found from an 
exact treatment for the motion. The starting point is 
the relativistically correct Lagrangian, which is 


written as 
2 


La, v,t) = —mce74|/1 — + 
c 


q 







resistance 
wire 


Measuring the resistance of a piece of resistance-wire 


Power must be 
disconnected 
from the circuit 


Do not measure the "Resistance of a Battery" 


1. Do not measure the "resistance of a battery." The resistance of a battery (called 
the Internal impedance) is not measured as shown in the diagrams above. It is 
measured by creating a current-flow and measuring the voltage across the battery. 
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Figure 7 Angular pattern of higher-order harmonic light. Shown 
are polar plots of the intensity of the second-harmonic light (top) 
and third harmonic (bottom) as a function of azimuthal angle. 
Filled circles, experimental data; solid and dashed lines, 
theoretical results. (Reproduced with permission from Chen S-Y, 
Maksimchuk A and Umstadter D (1998) Experimental observation 
of relativistic nonlinear Thomson scattering. Nature 396: 653.) 


where @ is the scalar potential associated with 
electrostatic fields. The Lorentz equation, eqn [12], 
is derived from the Euler-Lagrange equation: 


doL aL 

aoe eee 9 

dt ov or (17) 
For an infinite plane wave, in which the Lagrangian 
is independent of space in the transverse direction, 


eqn [17] yields the conservation of transverse 
canonical momentum: 


aL 
Chan 





=p,t+ ZA, = constant [18] 


The sum of the transverse momentum and field 
strength remain constant. The next constant follows 
from dH/dt = —dL/dt, yielding the relation: 


dE aL aL 


d oL dp, 
é _ 
dt at az 


Cc Cc 
dt av, dt 











[19] 
where E is the time-dependent energy of the particle, 
which yields our second constant of the motion: 


E — cp, = constant [20] 


For a particle initially at rest, the kinetic energy Exin 
becomes 





Exin = E— mc” = pzc [21] 
which yields 
Ekin = Bi _ pyc = mce(y — 1) [22] 
™ 2m se 


Thus, the electron scattering angle 0 is related to the 
transverse and longitudinal momenta or the kinetic 
energy by 


tan* @= & )= 
Pz 


QmExin 2 
(Exin/c)* 2 1 





[23] 


The angle of electrons produced by photo-ionization 
with intense lasers has been shown experimentally to 
obey the conservation of canonical momentum, as 
demonstrated in experiments that studied the angular 
distribution of relativistic electrons emitted from 
barrier-suppression ionization of atoms in intense 
laser fields (shown in Figure 8). The transverse 
normalized vector potential, a= eA, /mc’, is thus 
equal to the transverse normalized momentum: 


PL 


PL = mc a (0, Ay, Ax) [24] 


The normalized kinetic energy can also be written in 
terms of a: 








A Ex Es pe a 
E,. a 1 25 
kin me2 Y Pz y) 2 [ ] 
This can be rewritten as 
2 
a 
= 2 
y + 5) [26] 


From eqn [25], the normalized momenta in each 
direction can be found: 




















P ydz a@& 

BAe ae [27] 
Z d 

By = vBy = 7" =a, [28] 
R y dx 


Note that the momentum in the longitudinal (é,) 
direction is proportional to a* while in the two 
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Figure 8 Top: Experiment to measure the angle of electron 
ejection during photo-ionization. Bottom: Kinetic energy versus 
angle during the production of 3* through 8* of neon. 
(Reproduced with permission from Moore Cl, Knauer JP and 
Meyerhofer DD (1995) Observation of the transition from 
Thomson to Compton scattering in multiphoton interactions 
with low-energy electrons. Physics Review Letters 74: 2439. 
Copyright (1995) by the American Physical Society.) 


transverse directions it is proportional to a. Equations 
[26]—[29] indicate that in the limit of large a, the 
normalized velocities are given by 


a’/2 a 
= s~ 1, By = * — 0, 
1+a‘/2 1+a‘*/2 [30] 
a 
=-__* — 0 
Bs 14+ 42/2 





This indicates that in the deeply relativistic regime, 
the electron is accelerated to near c in the longitudinal 
direction, while in the transverse directions its 
velocity goes to zero. It follows that, as a increases 
and the electron moves in phase with the light wave, 
relativistic Thomson scattering will be significantly 
reduced. Integrating eqn [29] in the variable 


T=t — x(t)/c gives 


disc de a ( 
Tae de de oe 





1 «) d 
ce dt/ dr 
re a a\d_d 
2 OB de de 
which allows the equations for the displacement to be 
written simply as 





[31] 


2 
& = cS [32] 
d 
= My [33] 
“ = Ca, [34] 


For a box-shaped pulse, a, = ay cos(wt) for 0 < T< 
N(2q/o), a, =0, a* =a cos*(w7), the trajectory 
for an electron initially at rest atx =y=z=0 at 
+= 0 is then 


2 er 
x( = 3 | cos*(wAd? 
2 Jo 


2 
= 0 4 ssin2on) | [35] 
y(7) = cao \, cos(w7)d7 = oo sin(w7) [36] 


Thus, as we saw from the first-order appoxima- 
tion above, eqn [15], the motion consists of a drift 
along %: 


[37] 


and a figure-eight motion in the drift frame of 
reference: 


ky = do sin(w7), 


[38] 
R(z — x4) = A sin(Qw7) 


In the strongly relativistic regime, because the 
electron is strongly accelerated in the direction of 
the light wave, the harmonic emission from relati- 
vistic Thomson scattering loses its dependence on the 
laser frequency, w, but instead depends only on 
the direction of observation, the amplitude ag and 
the initial phase of the electron, relative to the light 
wave. Electrons that do not begin their trajectories at 
zero or 7 phase with respect to the light wave can 
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drift in the transverse direction. For pulses with finite 
spatial width, such as a Gaussian pulse with field 
strength peaked on axis, the ponderomotive force of 
the light can also act to expel the electrons 
transversely from the axis. 

For circular polarization: 

a(r,t) = Re{ag(é, + ié,)e 7} [39] 
the electron drifts as it did in the case of linear 
polarization and described in eqn [37] but orbits in a 
helical trajectory: 


cag 








yr) = a sin(wt/y) [40] 
Pes ees a cos(wt/y) [41] 


Rather than oscillate in amplitude, the relativistic 
factor remains constant: 


2 


A [42] 


In either polarization case, the light pulse eventually 
overtakes the electron, leaving the latter at rest. 
However, net acceleration in vacuum can be obtained 
only under special circumstances, described by the 
Lawson- Woodward criterion, such as in the near 
field of metallic surfaces; with high-order focusing 
modes instead of infinite plane waves; or with mixed 
frequencies, or with optics to terminate the light but 
not the electrons. Regions of a tightly focused 
Gaussian pulse, where the accelerating field propa- 
gates at sub-luminal velocities also exist, but they are 
effective for only extremely large values of a and thus 
only very short acceleration lengths. 


Role of Initial Phase 


If we wish to understand the role of the electron’s 
initial phase, the relativistic Lorentz equation 
(eqn [12]) may also be written, for an %-polarized 
wave traveling in the Z direction, as 


<p) = (X — 2X B)a cos(t — Z) [43] 
where we normalize time by 1/wo, velocity by c, and 
distance by c/w. In eqn [43], a = eEp/mwoc is the 
dimensionless parameter measuring the electric field 
strength, y= (1 — B2 By B2)~'” is the relativistic 
mass factor, and B=(f,,B,,B,) is the electron 
velocity (in units of c). The electron orbit, subject to 
the following general initial conditions at time t = 0: 





Bx = Bxo> [45] 


By =F Pyo, Bx = Bo 


Bxo = Pyo =0 


has a closed form solution when it is expressed 
parametrically: t = (6), r= 7(0), B = B(0), where 0 
is the phase of the wave, defined by 


[46] 


0@=t-Z [47] 

Note that By = (B,o, Byo, 8.0) is the unperturbed 
velocity of the electron (a = 0 limit) and that the 
initial phase that the electron sees is On = —Zin 
according to eqns [44] and [47]. This phase can be 
important in the ionization of the gas by an intense 
laser. 

For the special case B.o = 0, Byo = 0, one finds 
By = 0, and the orbital equation yields the following 
closed form solution: 


a*(sin 0 — sin 6)” 

















a 48 
1 0 Dy = Be) a 
YB. = y— yl — Bo) [49] 
B,. = : a(sin 6 — sin 6.,,) [50] 
ue yo — Bz) o 
a[(cos 6;, — cos 0) — (6 — 6;,)sin 6] 
= 51 
yo ~ Bao) ae 
p= = Fn) | ae ie a ) 
i<Bo. 212°" = 
a’(1 + B,o) sin 20 | 
U1 — Be) 4 + 2. cos @sin 6, 
3 sin 26:5 
- 388 [52] 


In eqns [48]-[52], yo = (1 — B%) "2 and By may 
either be negative (counter-propagating against the 
laser), or zero (Thomson scattering), or positive (co- 
propagating with the laser). Note that the velocity 
components £, and £, are given as explicit functions 
of @ according to eqns [49] and [50], upon using 
eqn [48]. They are periodic functions of 6 of period 
2a. The period, T, of this periodic (Figure 8) motion 
is thus equal to the increase in ¢t as 0 increases by 27. 
Thus, we obtain from eqn [53]: 


_  °n =e ca 
T ale 5) 7 + sin 6.4 [53] 
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The parametric solution for the z-coordinate of the 
electron orbit is given by z = t — 6, in which t is given 
by eqn [52]. Over one orbital period, T, the electron 
undergoes a net displacement rp = (xo, 0, 29) where xq 
is given by the increase in eqn [51] as 6 increases by 
27, and zo is simply T — 27: 





20 = T = 27 
_ 217 at in? Bs) [54] 
1 — B.o Bo I D, 2 r Sin in 
—277a sin 6, 
Se [55] 
yo — Bzo) 


Note that the electron trajectory depends on a, B,, 
and 6,, in a rather complicated manner. Accordingly, 
the fundamental frequency w, of the radiation 
spectrum depends on these three quantities. For 


backscattered radiation (#7 = —Z), the dependence 
on electron beam and on the laser becomes 
decoupled. 


Following is a useful formula relating the change of 
t with respect to 0: 


do 


= = yo(1 _ B.0) 
dt = B; = 


¥: 


which may be verified from eqns [47] and [49]. 
Equation [56] is also valid for arbitrary values of Bo, 
Byo, Bzo, and @,, in which case yo is the electron’s 
relativistic mass factor in the absence of the laser. 


[S6] 


Radiation from Relativistic Electrons 


An electron with displacement r(t) and velocity v(t) 
carries a current density /(r,t) = ev(t)ér — r(0)], 
whose Fourier transform /¢(k,w) may easily be 
obtained. The total work done, W, in ergs, performed 
by the current J(r,t) on the electric field E(r, 2) is 
given by 

aw 


2 
= do do [etk, w)I* — In- Je(k, ol? | [57] 


where the k-space differential volume d*k = k? dk dO 
is expressed in terms of the solid angle (Q) in the 
direction of the unit vector n = ck/w. We immediately 
obtain from eqn [56], under the far-field approxi- 
mation: 

ew ew 


= ——|nx [nx F(w)]7 
Cc 


dQdwo 47 [58] 


F(w) = | dé pac p70 [59] 
Equation [58] gives the energy radiated by the electron 
in the direction of the unit vector, per unit solid angle, 
per unit frequency w. Radiation damping is ignored 
throughout. 

Let us consider the simplest case where the electron 
orbit is strictly a periodic function of time with period 
Tand a net displacement rp per period. Thus, we have 
for all integers 7 (positive, negative, or zero): 


Bt+mT)= B®, rt+mT)= mrp +1r() [60] 


Equation [59] may then be written as, because of 
Thomson scattering the energy of the scattered 
photon is much less than the electron rest mass in 
the average rest frame of the electron, i.e.: 


h 
a <1 [61] 
oo (m+1)T d cate (ie 
F =. t Bp B Ole 
w= > J dpe 
= > fare ea [62] 
where 
T ; 
f(w) = I, dt BHM aod [63] 


and we have used eqn [60]. Upon using ¥,, e””* = 
> 7 276(x — 2m7) in the last infinite sum in eqn [64] 
and the property of the Dirac delta function, 6(ax) = 
(1/a)&(x), we obtain from eqns [62] and [63], the 
following expression for the spectrum: 


F(w) = y F,,,6(@ — mo) 


[64] 
27 
On Ta arole’ [65] 
Wy, f 5 ima, ([t—n-r(t)/c] 
E,, == | dt B(t)e”"! [66] 
27 Jo 


Note from eqn [64] that the radiation spectrum is 
discrete, for strictly periodic motion of the electron. 
The base frequency of this spectrum, w,, depends on 
the periodicity (T) of the electron, on the electron’s 
net displacement (rp) in one such period, and on 
the direction (#7) in which the radiation is observed. 
Thus, the radiation spectrum is, in general, not at the 
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harmonic frequency of the laser (nor at the harmonics 
of the electron orbital frequency, 2.7/T). It would thus 
be wrong to simply insert @ = nw in eqn [63] and to 
replace the electron’s orbital period T there by the 
laser’s optical period 27/w, and consider the resultant 
value of that integral to give the spectral amplitude of 
the radiation at the mth harmonic of the laser 
frequency. Erroneous conclusions regarding genera- 
tion of high laser harmonics have appeared in the 
literature based on such an intuitive (but incorrect) 
substitution. 

The power, p,, (in erg/s), radiated at the harmonic 
frequency @=ma, per unit solid angle in the 
direction of the unit vector f# is then given by (from 
eqns [58] and [64)]): 
em wr 

Amc 





Pin = Inx F,,|* [67] 
where the dimensionless spectral amplitude F,,, is 
given in eqn [66]. It is easy to show from eqns [60] 
and [65] that the integrand in eqn [66] is a periodic 
function of t of period T. Integrals of this type are 
readily evaluated by the Romberg method. The 
radiation spectrum observed exactly in the forward 
direction of the laser (#4 = Z) always has only one 
discrete frequency, w= @, = @ , which is easily 
shown from eqn [65] upon using the first equality of 
eqn [53]. This statement is true regardless of the 
velocity of the electron or the laser intensity, and may 
easily be deduced from eqn [66] for this case. 
However, for an energetic electron beam that is 
almost co-propagating with the laser, such as that 
produced by the laser itself, high harmonics at the 
laser frequency may be observed in the direction just 
slightly off the laser direction. 

In the backscattering direction of the laser (n = 
—z), if we set 6, =0, one obtains the following 
expressions for @, and p,,, the backscatter power at 
@ = ma, (from eqn [67]): 


= (575)(582) 











2 
=(5 —z) Ka Boo)? [68] 
_ A WW, 4 
a Fa Ba (oe) ve 


where A = e* wel4a7c = 0.69[A(1 um)]~7 erg/s, s,, = 
0 form = 0, +2, +4,..., and form = +1, +3, +5,..., 


i= (a)°mTJ on (mk) — Fema (re) [ [70] 


ae 


“2a +2) eee 

The J,(x) above are Bessel functions of the first kind 
of order v. They also appear in the quantity ‘[ JJ]’ or 
‘F,,(K)’ in the FEL/synchrotron literature, where K is 
the undulator/wiggler parameter K. Setting K =a, 
one finds s,, = 77(1 + K?/2)’F,,,(K). It is easy to show 
that s,, = s_,, for all odd integers m. Note that the 
relative spectral shape of s,,, depends only on a, and is 
independent of the electron beam energy. The discrete 
spectrum for small a approaches a continuum for 
e >i, 

The maximum values of s,,, occurring at m= M 
with a value sy, are shown in Figure 9. Note that the 
frequency component w = Ma, contains the highest 
backscattered power. In terms of the laser frequency, 
the frequency component w= Nw would contain 
the highest backscatter power, where N = Ma /ap. 
The total backscatter power, Py (in ergs/s), per unit 
solid angle in the n = —z direction is then given by 
Py = >p,,, where the sum is taken over all odd values 
of m: 


ae yo — B.o)° 


13.7a°, (a < 0.3) _ 
T/L amy 72] 


11.t/a, (a>1) 


To summarize, due to the rapid acceleration of 
electrons in the direction of the light wave and 
decrease of the oscillation frequency in the deeply 
relativistic regime, the photon energy from relativistic 
nonlinear scattering scales only linearly with laser 
field strength, ~a. However, the relativistic motion of 
the electron results in a reduction in the angle of the 
scattered light, such that the harmonics are generated 
in a low-divergence-angle forward-propagating 
beam. There is also a relativistic Doppler shift 
(~y7). For instance, this mechanism will be used in 
high-energy physics experiments to cleanly make 
constituent particles in the gamma-—gamma (yy) 
collider, in which gamma rays with energy 200 GeV 
will be generated by Compton scattering 1 eV 
photons from 250 GeV energy conventionally 
accelerated electron beams (y = 5 X 10!!). 

Using a much smaller, laser-based accelerator 
(discussed in the following section), a 1 eV photon 
can be upshifted by this Doppler shift to an energy of 
50 keV, corresponding to subatomic spatial resolu- 
tion and of interest in medical diagnostics, by an 
electron beam with only y = 200 (100 MeV). In this 
case, the maximum efficiency is obtained for laser 
fields a of order unity. When compared with 
conventional light sources based on cm-wavelength 
magnetostatic wigglers, the electromagnetic wigglers 
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Figure 9 Normalized spectral distribution of s,,, at frequency 
@ = Mo,. Here, Sm is normalized with respect to the maximum 
value Sy, occurring at m = M. (Reproduced from Lau Y, He F and 
Umstadter D (2003) Nonlinear Thomson scattering: A tutorial. 
Physics Plasmas 10: 2155, with permission from the American 
Institute of Physics.) 


of such all-optical-laser-based EUV sources have ten- 
thousand times shorter wavelength (micron-scale). 
Thus, the total length of the wiggler region is 
correspondingly smaller (only mm in length). 
Another consequence of this is that the frequency 
upshift required to reach a given output wavelength is 
also ten thousand times smaller. Also, given that the 
required electron energy scales as the square root of 
the upshift, the required electron energy can be one- 
hundred-times lower (10-100 MeV). It follows from 
this, and the fact that the field gradients of these 
accelerators can be ten thousand times higher 
(1 GeV/cm) than convention RF-based accelerators, 
that the size of the accelerating region can, in 
principle, be a million times smaller (only mm in 
length). Besides its small size, this EUV source can 
produce femtosecond duration pulse and be synchro- 
nized with a relatively low jitter with another 
femtosecond light pulse having a different wavelength 
(by virtue of the possibility of deriving the two pulses 
from the same laser pulse); this is advantageous for 
the study of ultrafast pump-and-probe photo- 
initiated processes. The exceptionally low transverse 
emittance of laser-accelerated electron beams may 
even make it possible to generate coherent XUV 
radiation by means of the self-amplified sponta- 
neous emission (SASE) free-electron lasing (FEL) 
mechanism. 


Collective Plasma Response 


The above equations apply to electron motion in 
vacuum. In the case of electrons in plasmas, the 
collective plasma electron response needs to be 
considered. A theory for the 1D nonlinear interaction 
of intense laser fields with electrons has been 
developed. 

The variables are normalized such that 


a= eA/mc’, d= e®/mc* [73] 
u= p/mc, B=vVlic, u= yf [74] 
f= Ae ur) =i pe) 712 [75] 


The relativistic force equation (Lorentz equation) is 
given by 


d 
dt 





u=V¢4 ~a Bx(VXa) [76] 


The energy equation (u- force equation) is given by 


ut P (504 , n°) 





[77] 
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The transverse force equation (1D) is 








d a a 
dev (= T pa, [78] 
Since a = a(z, 2): 
d 0 0 
ay (= T px )a. [79] 
hence: 
(u, —a,)=0 [80] 


dt 
This is just conservation of transverse canonical 
momentum. Assuming u, =0 prior to the laser 
interaction gives 


[81] 


u,; =a, 


which is the same as eqn [24]. 

The electron response to the normalized scaler and 
vector potentials of the form ¢ = ¢(z — ct) anda = 
a(z — ct), which are a function of only = z — ct, is 
completely described by the following constants of 
the motion: 


B, —4,/y=9, [82] 
y1 — 6.) - = 1, [83] 
nl — B,) = No, [84] 


where y = (1 — 6)!” is the relativistic factor and n 
is the electron density. This allows the various 
electron quantities to be specified solely in terms of 
the potentials: 
































ce ee ye [85] 
eer 

awl aes $y 137] 
= = ane) “ at oy [88] 





In the single particle limit, @ = 0, eqns [26] and [30] 
are retrieved. For a long pulse interacting with a dense 
plasma, 7 > @,  (i.e., neglecting wakefield effects) it 
can be shown that (1+ ¢) = (1 + 4)!” for circular 
polarization and (1+ ¢) = (1+43/2)'” for linear 


polarization. 


Propagation 


To understand the propagation of high-intensity light 
in plasma, we need to understand how the dielectric 
properties of a plasma medium are affected by the 
relativistic electron mass change. A wave equation is 
found by taking the curl of Faraday’s law: 





VxE= 2 a8 [89] 
ot 
and using Ampere’s law: 
1 dE 
VxB=4 ae 
mfcet+ oa [90] 
gives 
VxVXE=—-VE+ WV-E) 
2 
re pe eae [91] 
e dt at? 


where J = >n,qjv; and the summation over the index 
iis done over all charged species of electrons and ions. 
Using Coulomb’s law: 


V-E=47p [92] 
where p= >'n,q;, and assuming a uniform plasma, 
the second term on the left vanishes. Substituting 
eqn [13] for the velocity, we find 





a2 

az | Vv — w, JE=0 [93] 
where 

Wy = (4arniqiim;)'? [94] 


is the plasma frequency. Assuming again plane 
waves and Fourier analyzing, yields the well-known 
dispersion relation for electromagnetic waves in 
plasma: 
wo =o tok [95] 
The index of refraction can be written fully 
relativistically as 








242 2 2 
ck c w 
7 w v2 , = [96] 
ob 


where vy is the phase velocity of the light wave. 
Assuming infinitely massive ions, the plasma 
frequency can be written as 


1/2 
Wp (tz) 
w. 


P 1/2 
BA ym 


[97] 
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where w,9 is the plasma frequency in a quiescent 
plasma, e is the electron charge, mp is the electron rest 
mass, and n, is the plasma electron density. A change 
in mass changes the plasma frequency, which in turn 
modifies the index of refraction and the velocity of the 
light wave. The light’s phase velocity then depends on 
the laser intensity. This can be seen clearly if we 
expand the phase velocity for small field strength 
(ao < 1): 


2 2 
w= i~ dis S(t =) [98] 


An on-axis minimum of the phase velocity [i.e., 
ve(r) > vg(0)] can be created by a laser beam with 
an intensity profile peaked on axis, such as with a 
Gaussian beam, causing the wavefronts to curve 
inward and the laser beam to focus, as shown in 
Figure 10. When this focusing effect just balances the 
defocusing caused by diffraction, the laser pulse can 
propagate over a longer distance than it could in 
vacuum, while maintaining a small cross-section. This 
mechanism is referred to as relativistic self-guiding. 





Relativistic Self-Focusing 


The threshold for relativistic self-focusing can be 
obtained using the fully relativistic formalism with 
the vector potential, as in our previous discussion of 
electron motion in vacuum. In this case, we can 
rewrite eqn [91] as 

2 1 07a Oe nea 
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[99] 


where mj) =n; is the uniform background density. 
For a Gaussian beam focused in vacuum, where 


a(r, t) = Re {ao(r, Dexp[i(k-r — wt)]} [100] 


Kx 





Figure 10 Relativistic self-focusing occurs when an on-axis 
peak in light intensity (left) produces an on-axis dip in the phase 
velocity (middle), which acts like a positive lens to cause the 
phase fronts to curve inward (right). (Reproduced from Umstadter 
D (2003) Relativistic laser—plasma interactions. Journal Physics 
D: Applied Physics 36: R151—R165, with permission from IOP 
Publishing Ltd.) 


and the amplitude a(r, f) varies much less less in r and 
t than does the phase: 





ldap/dtl < lwagl, ldap/dzl < Ika! [101] 
then 
“dh eT Mr +e7/Le)) | : ( z 
Ag(r, Z) = exp 1arctan{ —— 
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[102] 
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satisfies the envelope equation (assuming second 
deriviatives are small compared to first derivatives), 
where Lp is the Rayleigh range and rg is the focal 
radius. In plasma, eqn [99] can then be written in this 
envelope approximation as 
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The power at which the first and last terms of 
eqn [103] are in balance is 


_ @R*Ip 


P 
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[104] 


An equation for the beam radius R can thus be found: 


dR(z) 4 
dz? Re 





1 2 
E 5 a | [105] 


Self-focusing occurs when the two terms in the 
brackets in eqn [105] are equal, which gives for the 
critical power: 
Poit = 17.4+(w/@,)” GW [106] 

This corresponds to 1 TW for 1 wm light focused into 
a gas with electron density of 10!?/cm?. Note that this 
is a power threshold, not an intensity threshold, 
because the tighter the focusing, the greater the 
diffraction (the first term in eqn [103]). Numerous 
recent experiments have confirmed this focusing 
mechanism when P > P.ic- 

Any spatial variation of the laser intensity will act 
to push an electron to regions of lower intensity 
through the so-called ponderomotive force: 


F=Vy= W1+a =(2y) '!Va’ [107] 
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and F and E are the elliptic integrals of the first and 
second kind, respectively. In the low intensity limit, 
i.e., when a} <1; 


2 
F moe var [110] 
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That is, the laser ponderomotive force is roughly 
proportional to the gradient of laser intensity. 

A Gaussian-shaped laser’s ponderomotive force 
will tend to expel electrons radially from the region of 
the axis, so called ‘electron cavitation.’ If the 
ponderomotive force is high enough for long enough, 
the charge displacement due to expelled electrons 
(in either the lateral or longitudinal direction) will 
eventually cause the ions to move as well through the 
Coulomb electrostatic force, forming a density 
channel. Because 1,(0) <,(r), and thus v4(0) < 
va(r), this enhances the previously-discussed relati- 
vistic self-guiding and can itself guide a laser pulse. 

For plasmas created by photo-ionization of a gas by 
a Gaussian laser pulse, the density will be higher on 
the axis than off the axis. If we instead expand the 
phase velocity in terms of changes in density: 
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The phase velocity will thus be higher on axis, 
which will tend to defocus the light and increase 
the self-guiding threshold. In order to avoid this, 
gases with low atomic number and thus fewer 
available electrons, such as H3, are commonly used 
as targets. 


Raman Scattering, Plasma Wave Excitation and 
Electron Acceleration 


The local phase velocity, described in eqns [98] and 
[111], can also vary longitudinally if the intensity 
and/or electron density does. Local variation in the 
index of refraction can ‘accelerate’ photons, i.e., shift 
their frequency, resulting in photon bunching, which 
in turn bunches the electron density through the 


ponderomotive force (F), and so on. When the laser 
pulse duration is longer than an electron plasma 
period, 7> 71, =2q/a,, this photon and electron 
bunching grows exponentially, leading to the stimu- 
lated Raman scattering instability. Energy and 
momentum must be conserved when the electro- 
magnetic wave (w9,ko) decays into a plasma wave 
(@,,k,) and another light wave (@) — w), ko — k,). 

From an equivalent viewpoint, the process begins 
with a small density perturbation, An,, which, when 
coupled with the quiver motion, eqn [13], drives a 
current J] = An,ev,. This current then becomes the 
source term for the wave equation (eqn [91]), driving 
the scattered light wave. The ponderomotive force, 
due to the beating of the incident and scattered light 
wave, enhances the density perturbation, creating a 
plasma wave and the process begins anew. In three 
dimensions, a plasma wave can be driven when 
transverse self-focusing and stimulated Raman 
scattering occur together, a process called the 
self-modulated wakefield instability. 

Two conditions must be satisfied for self-modu- 
lation to occur in the plasma. First, the laser pulse 
must be long compared to the plasma wave, L > Ay. 
This allows the Raman instability time to grow, and it 
allows for feedback from the plasma to the laser pulse 
to occur. Second, the laser must be intense enough for 
relativistic self-focusing to occur, P > P., so that the 
laser can be locally modified by the plasma. Under 
these conditions, the laser can form a large plasma 
wave useful for accelerating electrons. 

As the long laser pulse enters the plasma, it will 
begin to drive a small plasma wave due to either 
forward Raman scattering or the laser wakefield 
effect from the front of the laser pulse. This small 
plasma wave will have regions of higher and lower 
density with both longitudinal and radial depen- 
dence. That is, the plasma wave will be three- 
dimensional in nature with a modulation along the 
propagation direction of the laser and a decay in the 
radial direction to the ambient density (see Figure 11). 
The importance of this lies with how it affects the 
index of refraction in the plasma. In the regions of 
the plasma wave where the plasma density is lower, 
the radial change in the index of refraction is 
negative, dn(r)/dr < 0. This means that this part of 
the plasma acts like a positive lens and focuses the 
laser. Whereas regions of the plasma wave where the 
density is higher, dn(r)/ar > 0, the opposite occurs 
and the laser defocuses. This has the effect of breaking 
up the laser pulse into a series of shorter pulses of 
length A,/2 which will be separated by the plasma 
period. The instability occurs because of how the 
plasma responds to this. Where the laser is more 
tightly focused, the ponderomotive force will be 
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Figure 11 The plasma wave generated by a SMLWFA is three-dimensional in nature. Note that the darker regions correspond to 
areas of higher plasma density. The graphs to the right represent lineouts of the plasma density longitudinally and radially at the 
indicated points. (Reproduced with permission from Wagner R (1998) Laser—plasma electron accelerators and nonlinear relativistic 


optics. PhD thesis, University of Michigan.) 


greater and will tend to expel more electrons. This 
decreases the density in these regions even further, 
resulting in more focusing of the laser. This feedback 
rapidly grows, hence the instability. 

The phase velocity of the plasma wave in the case 
of forward scattering is equal to the group velocity of 
the beat wave, which for low-density plasma is close 
to the speed of light, as can be seen from the relation: 


Vg = o/k, = Aw/Ak = vg = cn ~ € [112] 
where eqn [94] and or, < w* were used to show that 
is close to unity. Such relativistic plasma waves can 
also be driven by short pulses (7 ~ 7,). In this case, 
the process is referred to as laser—wakefield genera- 
tion, referring to the analogy with the wake driven by 
the bow of a boat moving through water, but the 
mechanism is similar (except it has the advantage that 
the plasma wave is driven linearly instead of as an 
instability). 

In either case, the resulting electrostatic plasma 
wave can continuously accelerate relativistic elec- 
trons with enormous acceleration gradients. The 
gradient can be estimated from eqn [92] and the 
fact that because 


V-E~ Ea,/c x E/n, [113] 
then 
E~ Jn, eV/cm [114] 


corresponding to 1GeV/cm for n,.=10!% cm, 


Because this gradient is four orders of magnitude 
greater than achieved by conventional accelerators 
(based on fields driven by radio-frequency waves 
pumped into metal cavities), laser-driven plasma 


accelerators have received considerable recent atten- 
tion. They have been shown to accelerate an amount 
of electron charge (100 nC) comparable to that from 
conventional accelerators and to have superior 
transverse geometrical emittance (product of diver- 
gence angle and spotsize, similar to the f/# in light 
optics). However, their longitudinal emittance is 
currently much inferior, energy spreads of 100%. 
They have been shown to be useful for much of the 
same applications: radio-isotope production, radi- 
ation chemistry, as well as X-ray, proton, and neutron 
generation. Once the longitudinal emittance can be 
reduced, they may be advantageous for, among other 
applications, injectors (especially of short-lived 
unstable particles) into larger conventional accelera- 
tors for high-energy physics research and light 
sources, and, as discussed in the section on radiation 
from relativistic electrons about, as stand-alone 
all-optically driven ultrashort-pulse duration X-ray 
sources. 

The SIMLAC code has been used to study 
wakefield generation and laser propagation in the 
limit a? <1. It draws from nonlinear optics models 
and treats propagation in the group velocity frame. In 
this idealized model (which assumes perfect Gaussian 
beams), the pulse and wake are maintained over long 
enough propagation distances to accelerate an 
electron to GeV energy, as shown in Figure 12. A 
three-dimensional envelope equation for the laser 
field was derived that includes nonparaxial effects, 
wakefields, and relativistic nonlinearities. 

The resonant wakefield has been characterized 
experimentally by temporal interferometry, as shown 
in Figure 13. However, this was done only for the 
tight-focusing case in which the laser spotsize is much 


1R0 Wee 5 er 55S 5 Placing a multimeter set to resistance (across a 


\ battery) will destroy the meter. 
| ‘gold 5% I] oe 5% y) Y 


BM iro MMW i0R 


Resistance is measured in OHMs. 


The resistance of a 1cm x 1cm bar, one metre long is 1 ohm. 

If the bar is thinner, the resistance is higher. If the bar is longer, the resistance is 
higher. 

If the material of the bar is changed, the resistance is higher. 

When carbon is mixed with other elements, its resistance increases and this 
knowledge is used to make RESISTORS. 

Resistors have RESISTANCE and the main purpose of a resistor is to reduce the 
CURRENT FLOW. 

It's a bit like standing on a hose. The flow reduces. 

When current flow is reduced, the output voltage is also reduced and that why the 
water does not spray up so high. Resistors are simple devices but they produce 
many different effects in a circuit. 

A resistor of nearly pure carbon may be 1 ohm, but when non-conducting 
"impurities" are added, the same-size resistor may be 100 ohms, 1,000 ohms or 1 
million ohms. 

Circuits use values of less than 1 ohm to more than 22 million ohms. 


2. Do not try to measure the resistance of any 
voltage or any "Supply." 


Resistors are identified on a circuit with numbers and letters to show the exact value 
of resistance - suchas 1k 2k2 4M7 


The letter (2 (omega - a Greek symbol) is used to identify the word "Ohm." 

but this symbol is not available on some word-processors, so the letter "R" is used. 
The letter "E" is also sometimes used and both mean "Ohms." 

A one-ohm resistor is written "1R" or "1E." It can also be written "1RO" or "1E0." 
A resistor of one-tenth of an ohm is written "OR1i" or "0E1." The letter takes the 
place of the decimal point. 

10 ohms = 1i0R 

100 ohms = 100R 

1,000 ohms = 1k (k= kilo = one thousand) 

10,000 ohms = 10k 

100,000 ohms = 100k 

1,000,000 ohms = 1M (M = MEG = one million) 


The size of a resistor has nothing to do with its resistance. The size determines the 
wattage of the resistor - how much heat it can dissipate without getting too hot. 
Every resistor is identified by colour bands on the body, but when the resistor is a 
surface-mount device, numbers are used and sometimes letters. 

You MUST learn the colour code for resistors and the following table shows all the 
colours for the most common resistors from 1/10th of an ohm to 22 Meg ohms for 
resistors with 5% and 10% tolerance. 


If 3rd band is gold, Divide by 10 
If 3rd band is silver, Divide by 100 
(to get 0.220hms etc) 
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Figure 12 The ‘standard’ resonant wakefield simulated with SIMLAC, a code that moves at the light pulse’s group velocity. 
(Reproduced with permission from Umstadter D (2001) Review of physics and applications of relativistic plasmas driver by ultra-intense 


lasers. Physics Plasmas 8: 1774.) 
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Figure 13 Typical result of a phase shift measurement to study 
a resonantly excited laser wakefield plasma wave by means of 
time-domain interferometry. Parts (A) and (B) have different color 
scales. The bottom graph is a line out of part (B) along the laser 
axis. (Reproduced with permission from Marqués JR, Dorchies F, 
Audebert P, Ceindre JP, Amiranoff F, Gauthier JC, Hammoniaux 
G, Antonetti A, Chessa P, Mora PTM and Antonson J (1997) 
Frequency increase and damping of nonlinear electron plasma 
oscillations in cylindrical symmetry. Physics Review Letters 78: 
3463. Copyright (1995) by the American Physical Society.) 


smaller than the plasma wave wavelength (r; < A,) 
and thus the transverse wakefield was much greater 
than the longitudinal wakefield. 

A typical experimental setup, used to study 
electron acceleration, is shown in Figure 14. 

Dramatic reduction of the angular divergence of 
a laser accelerated electron beam was observed 
with increasing laser power above the relativistic 
self-focusing threshold, as shown in Figure 15. 


Interactions with Solid-Density Targets 


The generation of electrons by high-intensity laser 
light interacting with solid targets can generate 
energetic X-rays, accelerate other types of particles 
and induce nuclear reactions, as illustrated in 





Figure 14 Artistically enhanced photograph of the acceleration 
of an electron beam by a laser interacting with a gas jet inside a 
vacuum chamber. The laser crosses the picture from left to right 
and is focused by a parabolic mirror (right side of the picture). The 
supersonic nozzle (shown in the middle of the picture) is 
positioned with micron accuracy with a 3-axis micropositioner. 
The e-beam makes a small spot on a white flourescent (LANEX) 
screen, shown in the upper left-hand corner of the picture. 
(Reproduced with permission from Umstadter D (2001) Review 
of physics and applications of relativistic plasmas driver by 
ultra-intense lasers. Physics Plasmas 8: 1774, with permission 
from the American Institute of Physics.) 


Figure 16. For instance, high-order harmonics have 
been generated by the oscillation of the critical 
density surface, in the so-called moving mirror 
model. Bright X-rays, originating from Bremstrah- 
lung caused by electron collisions with high-Z atoms 
in solid targets, have created isotopes by means of 
photofission. Laser-accelerated electron energies and 
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angular distributions have been inferred from analyz- 
ing (y,#) and (y,2m) reactions in composite Pb/Cu 
targets and in Ta/Cu targets. Positrons were created 
by colliding laser-accelerated electrons with a 
tungsten target. 

When electrons are heated to high temperatures or 
accelerated to high energies, they can separate from 
plasma ions. Such charge displacement creates an 
electrostatic sheath, which eventually accelerates the 
ions. The ions are pulled by the charge of the electrons 
and pushed by the other ions’ unshielded charges 
(similar to the ‘Coulomb explosion’ that can occur 
during the ionization of atoms). When the charge 
displacement is driven by thermal expansion, as in 
long-pulse (low-power) laser—plasma experiments, 
the maximum ion energies are limited to less than 
100 keV. However, when the charge displacement 
is driven by direct laser heating, as in short-pulse 


0.6 TW 1.1 TW 2.0 TW 2.9TW 
Figure 15 Images of the spatial profiles of the electron beam 


measured by accd camera imaging a LANEX screen at a distance 
of 15 cm from the gas jet for various laser powers. The divergence 
angle of the beam decreases to a value of Ad = 1° at a power of 
2.9 TW, corresponding to a transverse geomtrical emittance of 
just «©, = 0.067 mm-mrad. (Reproduced with permission from 
Umstadter D (2001) Review of physics and applications of 
relativistic plasmas driver by ultra-intense lasers. Physics 
Plasmas 8: 1774, with permission from the American Institute 
of Physics.) 


high-power laser—plasma experiments, multi-MeV 
ion energies are possible. This was first shown with 
gas jet targets, in which case the ions were accelerated 
radially into 27, and then later with thin solid-density- 
films, in which case the ions were accelerated into 
collimated beams. In the latter case, hydrocarbons and 
water on the surface of the film can become ionized 
and provide a source of protons to be accelerated. 

An intense laser can ponderomotively heat elec- 
trons. If the laser contrast is high, vacuum heating can 
occur in the following manner. When light encounters 
a sharp interface between vacuum and solid density, 
the electromagnetic field becomes evanescent in the 
region above the critical density. The instantaneous 
‘v x B’ force can push electrons in the direction of the 
light’s propagation vector; it also has a frequency 
twice that of the pump and a magnitude proportional 
to the square of the normalized vector potential, a. 
Thus, electrons can only complete half of their 
figure-eight orbits, on the vacuum side, gaining 
relativistic energies; they move through the overdense 
region without the electromagnetic field to pull them 
back. An electrostatic sheath can thus form, which 
will accelerate the ions left behind. Another import- 
ant heating mechanism is stochastic heating, which 
occurs when the light that is reflected from the critical 
surface beats with the incoming wave to create a 
standing wave. The motion of electrons in such a 
wave can become chaotic, resulting in a large increase 
in electron temperature (>100 keV). 

As the heated electrons propagate through a solid, 
they can instantaneously field-ionize the neutral 
atoms of the solid. This will both modify the solid’s 





Figure 16 
solid-density targets. (Courtesy of R. Sauerbrey.) 


Illustration of the various mechanisms of particle acceleration and X-ray generation in high-intensity laser interactions with 
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conductivity and provide a source of protons on the 
rear-side of the target. If the film is thin enough, 
the electrons can pass through, and create a sheath 
on the rear-side of the target. This latter mechanism 
has been dubbed the target normal sheath accelera- 
tion mechanism. The ions from thin foils have been 
claimed to originate from both the front and rear-side 
of the foil. 

Several groups have reported the observation of 
ions originating from thin-film solid-density targets. 
Unlike previous long-pulse experiments, the ions 
were accelerated along the direction normal to the 
side of the target, that is opposite to that upon which 
the laser was incident. The ions generally originate 
from water or hydrocarbons on the surface of the 
material. The acceleration results from several 
different mechanisms, which may be occurring 
simultaneously. Charge-displacement is again 
common to all, with the electrons being heated 





Figure 17 Artistically enhanced photograph of the typical setup 
used to observe the acceleration of ions. The laser (shown in the 
foreground) is focused with an off-axis parabola onto a thin-foil, 
held by a mesh that is positioned by a 3-axis micropositioner. CR- 
39, a nuclear track detector (shown in the background) is used to 
detect the ions. An actual proton-produced pattern is shown in red. 
(Reproduced from Umstadter D (2001) Review of physics and 
applications of relativistic plasmas driver by ultra-intense lasers. 
Physics Plasmas 8: 1774, with permission from the American 
Institute of Physics). 


ponderomotively, such as by Brunel, J x B or stochas- 
tic heating. In one case, the electrostatic sheath is 
formed at the backside of the ionization layer formed 
on the side of the target upon which the laser is 
incident (front side). In another case, the electrostatic 
sheath is formed by field ionization of the ion layer on 
the opposite side of the thin film target (back-side), 
the target normal sheath acceleration (TNSA) hypo- 
thesis. Numerical simulations show evidence for both 
front- and back-side acceleration. 

The results of these experiments indicate that a 
large number of protons (10! p) can be accelerated, 
corresponding to source current densities ( 10° A/cm”) 
that are nine orders of magnitude higher than pro- 
duced by cyclotrons, but with comparable, or even 
lower, transverse emittances (e¢, = 1.07 mm-mrad). 
Proton energies up to 60 MeV have been observed in 
experiments at intensities exceeding 107° W/cm? 
(using a petawatt power laser). The high end of the 
proton spectrum typically has a sharp cut-off, but is a 
continuum. In one experiment, protons were 
observed to be emitted in ring patterns, the radii of 
which depend on the proton energy, which was 
explained by self-generated magnetic fields. 

A typical experimental setup used to observe 
the acceleration of ions is shown in Figure 17. 
The production of radionuclides have been used as 
an ion energy diagnostic. In another example of a 
nuclear reaction initiated by an intense laser, neutrons 
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Figure 18 Photograph of a laser interacting with a deuterium 
cluster jet emanating from cooled gas nozzle. Fusion neutrons 
are produced with relatively low laser intensities. (Reproduced 
with permission from Ditmire T (2002) Laser fusion on a tabletop. 
Optics and Photonics News 13: 28, with permission from IEEE.) 
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have been produced by the He fusion reaction in the 
focus of 200 mJ, 160 fs Ti:sapphire laser pulses on a 
deuterated polyethylene target. Optimizing the fast 
electron and ion generation by applying a well- 
defined prepulse led to an average rate of 140 
neutrons per shot. Neutrons have also been generated 
from cluster plasmas, which were produced by the 
cooled-nozzle depicted in Figure 18, but with 
significantly lower laser intensities than required 
with planar solid targets. 


Concluding Remarks 


The field of nonlinear optics, with electrons bound to 
atoms, has over the last forty years given rise to many 
scientific discoveries and technologies that are now 
commonplace. The relatively young field of relativis- 
tic nonlinear optics has already begun to do the same. 
Some of the exciting phenomena and applications 
that have already been identified have been discussed 
in this article. Others await discovery as ever higher 
laser intensities are reached, with no foreseeable limit. 


See also 


Fiber and Guided Wave Optics: Nonlinear Optics. 
Scattering: Raman Scattering. 


Further Reading 


Chen S-Y, Maksimchuk A and Umstadter D (1998) 
Experimental observation of relativistic nonlinear 
Thomson scattering. Nature 396: 653. 

Cowan TE, Hunt AW, Phillips TW, Wilks SC, Perry MD, 
Brown C, Fountain W, Hatchett S, Johnson J, Key MH, 
Parnell T, Pennington DM, Snavely RA and Takahashi Y 
(2000) Photonuclear fission from high energy electrons 
from ultraintense laser—solid interactions. Physics 
Review Letters 84: 903. 

Ditmire T (2002) Laser fusion on a tabletop. Optics and 
Photonics News 13: 28. 

Eberly JH (1986) Fundamentals of laser interactions, 
vol. 229 of lecture notes in physics. Journal Optical 
Society of America B 3: 1324. 

Esarey E, Sprangle P, Krall J and Ting A (1996) Overview of 
plasma-based accelerator concepts. IEEE Transactions 
on Plasma Science 24: 252. 

Gibbon P and Forster E (1996) Short-pulse laser—plasma 
interactions. Plasma Phys. Controlled Fusion 38: 769. 

Hartemann F (2001) High-Field Electrodynamics. Boca 
Raton: CRC Press. 

Joshi CJ and Corkum PB (1995) Interactions of ultra- 
intense laser light with matter. Physics Today 48: 36. 
Lau Y, He F and Umstadter D (2003) Nonlinear Thomson 

scattering: A tutorial. Physics Plasmas 10: 2155. 

Ledingham KWD, Spencer I, McCanny T, Singhal RP, 

Santala MI, Clark E, Watts I, Beg FN, Zepf M, 


Krushelnick K, Tatarakis M, Dangor AE, Norreys PA, 
Allott R, Neely D, Clark RJ, Machacock AC, Wark JS, 
Cresswell AJ, Sanderson DCW and Magill J (2000) 
Photonuclear physics when a multiterawatt laser pulse 
interacts with solid targets. Physics Review Letters 
84: 899. 

Luther-Davies B, Gamaly EG, Wang Y, Rode AV and 
Tikhonchuk V (1992) Matter in ultrastrong laser fields. 
Soviet Journal Quantum Electronics 22: 289. 

Marqués JR, Dorchies F, Audebert P, Ceindre JP, Amiranoff 
FE, Gauthier JC, Hammoniaux G, Antonetti A, Chessa P, 
Mora PTM and Antonson J (1997) Frequency increase 
and damping of nonlinear electron plasma oscillations in 
cylindrical symmetry. Physics Review Letters 78: 3463. 

Meyer-ter-Vehn J, Pukhov A and Sheng Z-M (2001) 
Relativistic laser plasma interaction. In: Batani D (ed.) 
Atoms, Solids and Plasmas in Super-Intense Laser Fields, 
pp. 167. New York: Kluwer Academic—Plenum. 

Moore CI, Knauer JP and Meyerhofer DD (1995) 
Observation of the transition from Thomson to 
Compton scattering in multiphoton interactions 
with low-energy electrons. Physics Review Letters 
74: 2439. 

Mourou G and Umstadter D (1992) Development and 
applications of compact high-intensity lasers. Physics 
Fluids B 4: 2315. 

Mourou GA and Umstadter D (2002) Extreme light. 
Scientific America 81. 

Mourou GA, Barty CPJ and Perry MD (1998) Ultrahigh- 
intensity lasers: Physics of the extreme on a tabletop. 
Physics Today 22. 

Siders CW, Blanc SPL, Fisher D, Tajima T, Downer MC, 
Babine A, Stepanov A and Sergeev A (1996) Laser 
wakefield excitation and measurement by femtosecond 
longitudinal interferometry. Physics Review Letters 76: 
3570. 

Sprangle P, Pefiano JR, Hafizi B, Hubbard RE, Ting A, 
Gordon DF, Zigler A and Antonsen TM (2002) GeV 
acceleration in tapered plasma channels. Physics 
Plasmas 9: 2364. 

Tajima T and Mourou G (2002) Zettawatt-exawatt lasers 
and their applications in ultrastrong-field physics. 
Physics Review STAB 5: 031301. 

Umstadter D (2001) Review of physics and applications of 
relativistic plasmas driver by ultra-intense lasers. Physics 
Plasmas 8: 1774. 

Umstadter D (2003) Relativistic laser—plasma interactions. 
Journal Physics D: Applied Physics 36: R151-R165. 
Umstadter D and Norris TB (eds) (1997) Nonlinear optics 
with relativistic electrons. IEEE Journal Quantum 

Electronics 33: 1878. 

Wagner R (1998) Laser—plasma electron accelerators and 
nonlinear relativistic optics. PhD thesis, University of 
Michigan. 

Wagner R, Chen S-Y, Maksimchuk A and Umstadter D 
(1997) Electron acceleration by a laser wakefield in a 
relativistically self-guided channel. Physics Review 
Letters 78: 3125. 

Yamakawa K (2004) Table-top lasers create ultrahigh peak 
powers. OYOBUTURI 73: 186-193. 


SCATTERING 


Contents 


Raman Scattering 

Scattering from Surfaces and Thin Films 
Scattering Phenomena in Optical Fibers 
Scattering Theory 

Stimulated Scattering 


Raman Scattering 


F Kannari, Keio University, Yokohama, Japan 


© 2005, Elsevier Ltd. All Rights Reserved. 


When an electromagnetic wave passes over a small 
elastically bound charged particle, the particle will be 
set into motion by the electric field. Scattering takes 
place for frequencies not corresponding to the natural 
frequencies of the particles. If the particle is bound by a 
force obeying Hooke’s law, this vibration will have the 
same frequency and spatial direction as that of the 
electric force in the electromagnetic wave. The phase, 
on the other hand, of the forced vibration will differ 
from that of the incident wave, which causes the basis 
of dispersion. If the charged oscillation is bound by a 
force which does not obey Hooke’s law, but some more 
complicated law, it will reradiate not only the 
impressed frequency, but also various combinations 
of this frequency with the fundamental and overtone 
frequencies of the oscillator. 

The Raman effect was discovered by C.V. Raman 
(1888-1971). Ordinary Raman spectroscopy is used 
as a tool for studying the vibrational energy levels of 
molecules and of lattice optical branch vibration in 
crystals. A spectroscopic measurement of the scattered 
light reveals the existence of frequencies shifted down 


by increments corresponding to vibrational frequen- 
cies of the material. This down-shifted scattering is 
referred to as Stokes scattering. Frequencies shifted up 
by the vibrational frequencies are also present in the 
scattered radiation, which are the so-called anti- 
Stokes scattering. 

Stimulated amplification of scattered Stokes radi- 
ation occurs through a third-order nonlinear process. 
To introduce stimulated Raman scattering (SRS), first 
we describe the steady-state stimulated scattering 
theory. 

In general, nonlinear optical processes are 
described by the classical Maxwell equation with 


the nonlinear polarization of a material P™': 
°E g?pNt 
VXVXE-+ eno a2 





= Ho [1] 


at? 
where « and po are the linear dielectric constant 
of the material and the magnetic permeability of 
the vacuum. We consider a relatively intense exci- 
tation radiation E, (frequency w,) and a weak 
signal radiation Es, having the carrier frequency 
w, corresponding to the scattered light frequency 
(@; = wy — Nw); 


1. 


E, = 5 {E, (x, f) exp i(k, Xr — wt) + ¢.c.} [2] 


Es = 5 Este, t) exp i(ks Xr — wst)t+c.c.} [3] 
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where E, (r,t), Es(r, t) are a slowly varying envelope of 
the complex electric fields. Assuming that the 
variation of the electric field during the time-scale 
shorter than the decay time of the induced oscillation 
in the material is negligible, nonlinear polarization 
induced by the excitation radiation is described as 
follows: 


Dc 
pNt — 5 Pe, t) exp i(k, Xr — wst)+c.c.} [4] 


PSY = egy" (—as, —@, o, @sJETELEs [5] 


where é€ ) is the vacuum dielectric constant and 
1 (—@s, —@,, @L, Ws) is the third-order nonlinear 
susceptibility, of which the real part corresponds to 
the variation of the dielectric constant depending on 
the optical radiation, whereas the imaginary part 
describes the stimulated scattering. In steady-state 
approximation, substituting eqns [3]-[5] into [1], 
we obtain 








E 1 : : 
dEs ( ei SEL?) Bs [6] 
CNs 


where we ignore the higher-order differential of 
amplitude. 7s is the refractive index at ws, and a is 
the linear absorption coefficient of the signal radi- 
ation. When ignoring the decay of the excitation 
radiation along the z direction in the material, for 
making the right-hand term of eqn [6] positive, the 
next condition must be satisfied: 


2 
C EQNsNy, a (7] 





1 = 
i, —_ 5 ceo IE! = e —_ 


2a,  —ImyNb 


The signal radiation is then amplified along the z 
direction at an amplification constant of g, 


G = gl, - IP) [8] 
g= = —(-Imx™) [9] 
C EQNS, 


Stimulated Raman Scattering 


In SRS, the frequency difference w, — ws corresponds 
to the resonance frequency of vibrational oscillation 
wy. Therefore, the vibrational oscillation mode is 
excited in the material as well as the generation of 
scattered radiation. In the following section, we 
consider the SRS by optical phonon. In general, 
nonlinear polarization under the optical excitation is 
described as follows: 


PN" — Noo’ gE, [10] 


_ . 1 

q=Tvq+ oq = 5 aE’ [11] 
where q is the basic coordinate of molecular 
vibration, Py is the decay rate of the vibrational 
oscillation, a! = (da/0q) is the Raman polarizability 
of a molecule, and Ng is the molecule density. We can 
obtain the steady-state nonlinear polarization from 
eqns [4], [5], [10], and [11] as 

NL _ 
xX == (—@s, —@,, Wr, Ws) 
—_ Nola’? 1 


12 
4e9 ax, = w + iol y 





where w = a, — ws. Thus, the gain coefficient can be 
obtained from eqns [9] and [12] under the assumption 
of way > Ty, as follows: 





Nio(a'Yo 
8r(@s) = + >> 2 : 
2c Egnsn_ @yly 
2 
sf (Ty/2) [13] 





(@ — @s F wy) + (Py/2)? 


In general, Raman scattering is characterized by the 
scattering cross-section do/dQ, which is defined for 
one of the optical polarization directions in terms of 
the optical power density: 


8R(@, — wy) 
167°c’Ny do hay 
a 1 14 
firusty dQ’ P\ RT ae 
The value of (do/dQ)I'y! can be characterized as a 
peak intensity in the measured spontaneous Raman 
scattering spectrum. 
When the conversion to the first Stokes wave is 
large, we must consider both pump depletion and 
conversion to higher-order Stokes waves (Figure 1a). 


Pump depletion in first Stokes generation can be 
accounted for by solving the following coupling 





(() ————— |) = ———) 


Or 


Og} dos | }°st 
lv) mm lv) mI lv) 
ig) R 9) ony vig) 
(b) (c) 


Figure 1 Energy diagrams of stimulated Raman scattering: (a) 
first Stokes scattering; (b) cascaded second Stokes scattering; 
and (c) first anti-Stokes scattering. 
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equations between pump power and Stokes power: 


al; ny, al, 
= op de hi 15 
Ee 2 ae Sills [15] 
dl Ns dls 
— + = orl l 16 
e cae SRILs [16] 
where 
OL 
&8L— ——S8R 
@s 


In SRS the power generated in the first Stokes 
serves as a pump for a second Stokes wave (Figure 1b). 
Cascade shifts of this type, in which the Stokes wave 
of order 1 serves as a pump for the generation of the 
Stokes wave order n+ 1, can result in the generation 
of radiation at several frequencies, each one shifted 
from the original pump frequency by a multiple of the 
vibrational mode frequency. In addition to the 
cascade higher-order Stokes generation, multiple 
Stokes orders can also be generated by four-wave 
mixing interactions (Figure 2), of the form: 


[17] 


Os nt+1 = 205 n ~ WO n-1 





Figure 2. Vector diagram of multiple Stokes generation through 
four-wave mixing in positively dispersive media. 
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These interactions are important when the wavevector 
mismatch among the various waves is small. In most 
media exhibiting positive dispersion, the phase match- 
ing of the various interactions involves off-axis 
components of the generated waves. Thus, these 
four-wave mixing interactions are stronger for tightly 
focused beams than for collimated pump beams. 

SRS can be realized in a variety of configurations, 
including single pass Raman generation, or using a 
variety of extra-cavity or intra-cavity Raman resona- 
tor. Variation of the Raman cross-section for the 
wavelength is shown in Figure 3 for various gaseous 
Raman media. The Raman gain coefficient simply 
increases with decreasing wavelength, as indicted by 
eqn [13]. Therefore, higher conversion efficiencies 
are obtainable with UV lasers such as rare-gas 
halide excimer lasers in a single pass configuration. 
Note that in some gases, such as Hj, the Raman 
gain becomes independent of pressure at 
higher pressures since the increase in linewidth, due 
to pressure broadening, cancels the increase in gain 
originated from number density. Typical SRS gains for 
some gas, liquid, and solid media are listed in Table 1. 

Although SRS in high-pressure gases has been 
widely employed for frequency conversion, SRS in 
crystals is currently a growing area of research activity. 
Table 2 lists SRS frequency shifts of various crystals. 
Since a very high pump laser power ~1 GW/cm”, 
which is already close to the laser damage threshold 
of many crystals, solid-state Raman lasers are 
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Figure 3 Variation of the Raman cross-section with pump wavelength for various gases. Source: AIP Conference Proceedings 


No. 100 (Excimer Laser — 1983), 181. 
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Table 1 Typical Raman media and their parameters 





Materials Stokes shift (em~') | Raman linewidth (cm) noe (10-&m~‘ str’) Raman gain (10° m/MW) 
He (100 atm) 4155 0.20 3.0 x 10° 1.5 
H,O0 3420 176 0.51 0.07 
Acetone CH3COCH3 2921 18 5.4 1.2 
Cyclohexane CgH,. 2852 11 3.7 1.2 
Liquid No 2326.5 0.067 0.29 + 0.09 17.5+5 
Liquid O2 1552 0.117 0.48 + 0.14 145+4 
Nitrobenzene CeHsNOz 1345 6.6 6.4 2.1 
Toluene C7Hg 1003 1.94 141 1.2 
C.H;Cl 1002 1.6 1.5 1.9 
C,.H5Br 1000 1.9 1.5 1.5 
CeHe 992 2.15 3.06 2.8 
CS. 655.6 0.5 7.55 23.8 
CCi4 459 5 2.3 0.85 
Diamond 1332 2.04 17 6.9 
Calcite 1086 11 2.9 4.4 
Si 521 0.8 305 190 
Quartz 467 6.7 3.1 0.8 
Li’TaO3 201 22 238 4.4 
215 12 167 10 
Li7NbO, 256 23 381 8.9 
258 7 262 28.7 
637 20 231 9.4 
643 16 231 12.6 
InSb (ng ~ 2.x 1022 m~°) 100 2 30 16.7 


designed with an intra-cavity, coupled cavities, or an 
extra-cavity. Efficient Raman lasers have been demon- 
strated using external resonator configuration when 
the pumping pulse is intense enough. For example, 
~ 40% conversion efficiency to $1 was reported witha 
Q-switched frequency doubled Nd:YAG laser in a 
Ba(NO3)2 crystal using a pump fluence of 1.4 Jcm ' 
and a pulse repetition rate of 30 Hz. The resonator 
mirror characteristics can be designed to enhance the 
desired Stokes-order radiation by completely confin- 
ing the lower-order Stokes radiation inside the cavity. 
For a lower power pump source, such as cw-pumped 
Q-switch lasers, a Raman crystal is placed inside a 
pump laser resonator to reduce the effective threshold 
for SRS. The resonator configuration has a significant 
influence on the Stokes output performance. The 
optimum spot size in the resonator and power density 
in the Raman crystal is a compromise between 
maximizing the conversion efficiency and avoiding 
optical damage. It is noteworthy that the thermal lens 
in the Raman crystal is caused by the energy 
dissipation of the phonon and thus depends on the 
power density of the Stokes field. 

A fiber Raman laser is an optical fiber with pump 
light focused into one end and SRS light appearing at 
the output. By injecting a weak frequency-shifted 
signal light together with the pump light, the signal 
light experienced substantial amplification along the 
length of the fiber. This fiber Raman amplifier has been 
actively developed to extend the wavelength band for 


optical fiber communication. The fiber Raman lasers 
have utilized fused silica (SiOz), germanosilicate, or 
phosphosilicate optical fibers for which the Raman 
frequency shifts are ~ 440-490 cm‘. In contrast to 
Erbium-doped fiber amplifier (EDFA), since the single 
mode fiber itself can act as an amplifier, the Raman 
amplifier can be distributed over optical transmission 
lines in lengths of >20 km, which can keep the 
transmission power always nearly constant and 
consequently reduce the signal noise. Moreover, by 
preparing multipumping wavelengths, the number of 
signal wavelengths can increase without the limitation 
of an amplification gain bandwidth. High-power light 
sources around 1480 nm developed for EDFA can be 
utilized by the fiber Raman amplifier. By tailoring the 
power levels among multiwavelength pump lights, a 
flat amplification gain spectral width of ~ 100 nm is 
obtainable. 


Transient Effects 


In the steady-state SRS analysis, we assume that the 
pump pulse duration is much longer than the 
vibrational mode dephasing time (Av, <Ty). In a 
transient regime, when the pump pulse duration is 
shorter than the dephasing time (Av, > Ty), the effect 
of the transient response of the medium reduces 
the gain and delays the Stokes pulse relative to the 
pump pulse. With no pump depletion, the analy- 
tical expression for the Stokes intensity for large 
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Table 2 Typical solid-state Raman materials and parameters 





Materials Stokes Raman do 
shift (om-1) linewidth (em™") ru.) 
Diamond 1332.9 2.7 100 
SO. 464.5 7.0 2.2 
Nitrates and calcite 
Ba(NOs)2 1048.6 0.4 21 
NaNO 3 1069.2 1.0 23 
CaCO3 1086.4 1.2 6.0 
Tungstates 
CaWO, 910.7 4.8 47 
SrWO, 921.5 3 - 
BaWO, 926.5 2.2 - 
NaY(WO,)o 918 15 = 
KGd(WOQa,)2 901 5.4 54 
KGd(WOQa,)2 901 5.4 43 
KGd(WOa,)2 768 6.4 19 
KGd(WO,)2 768 6.4 65 
KY(WOa,)2 905.6 4 50 
KY(WO,)2 905.6 7 45 
KY(WO,)o 767.4 8.4 20 
KY(WO,)o 767.4 8.4 64 
KYb(WOa,)2 908 74 48 
KYb(WO,)2 908 7.4 48 
KYb(WO,)2 757 15 25 
KYb(WO,)2 757 15 70 
Molybdates 
CaMoO, 879.3 5.0 64 
SrMoO,4 887.7 2.8 55 
BaMoO, 892.4 2.1 52 
lodate and niobates 
LilOg 821.6 5.0 54 
LiINO3 872 21.4 44 
LiNbO3 632 27 166 
LiNbO3 250 28 = 
LaNbO, 805 9 22 
Phosphates 
Caz(PO,4)3F 964.7 2.8 3.4 
Srs5(PO4)3F 950.3 2.8 3.4 


amplification gain is given as 


Tp 
Is(€) 0 15(0) exp(- 2 


2 1/2 
X exp ohne (5) [18] 


Here, Ty is the dephasing time (Ty = 7I'y'), and Ts 1s 
the pump pulse width. One can see that the Raman 
gain is proportional to the square root of the 
multiplication of the pump pulse energy I, X 7), the 
crystal length €, and the total integral Raman 
scattering cross-section (do/dQ), but does not depend 
on the Raman linewidth Ty. 


Anti-Stokes Raman Scattering 


From eqn [13] the gain coefficient is negative at 
w@=a,+s. However, anti-Stokes scattering 


(Figure 1c) is stimulated through a four-wave mixing 
interaction of the form: 








Wy = 2@,, — Ws [19] 
The equations describing anti-Stokes Raman 
scattering in the absence of pump depletion are: 
dEs | aq Ws pNL 
+ =E P 20 
dz 2 2ceqks, . 
dE, | das Wa NL 
+ ~E, = ~-i P 21 
dz ie 2c*eqka, . ee 
PN = ey IB, PEs + ELEY explidke)t — [22] 
PNY = egy“ B? Bs exp(—iAkz) + IE, PEA} [23] 
Here, Ak is the wavevector mismatch, given by 
Ak = ks + ky me 2ky [24] 


Then, power gain per unit length is obtained to give 
12 
Ak ) Ss NL p |2 
[=>-gt = —- 
G=-at+2 in ( 5 es IE? Ake [25] 


The interaction of the anti-Stokes wave with the other 
waves is stronger when the wavevector mismatch is 
small. The exact value of the phase-matching angle 
depends on the dispersion of the medium. At the 
tightly focused pumping condition, strong anti- 
Stokes radiation is generated so that the wave- 
vector mismatch is minimum. Just as in Stokes 
scattering, multiple anti-Stokes orders can be gener- 
ated (Figure 4). 

So far, Stokes and anti-Stokes Raman scattering 
have been used to generate radiation over much of 
the UV and VUV, ranging from 138 to 400 nm. The 
shortest wavelength achieved in this manner is at 
138 nm, generated by a seventh-order anti-Stokes 
shift in H, using 139nm radiation of an ArF 
laser. In general, the pump intensity used in 
experiments with rare-gas halide excimer lasers was 
in the range of 100 MW/cm* to 5 GW/cm?. The 
conversion efficiency and the distribution of 
power among the various Stokes and anti-Stokes 





Figure 4 Vector diagram of anti-Stokes Raman scattering in 
positively dispersive media. 
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components depend on the focal geometry, and the 
extent of the spectrum could be varied by changing 
the gas pressure. 


See also 


Magneto-Optics: Cyclotron Resonance, Interband Mag- 
netoabsorption, Spin Flip Raman Scattering. Nonlinear 
Optics, Applications: Raman Lasers. 
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Introduction 


The quality of optical components can be critically 
limited by light scattering. The majority of these 
components, such as lenses, mirrors, beamsplitters, 
and polarizers are covered with thin film optical 
coatings. To reduce scattering losses, their main 
sources and mechanisms must be known and, 
whenever possible, be controlled. Moreover, light 
scattering techniques have been widely recognized as 
a powerful tool for roughness and defect analysis as 
well as for general quality assessment. 

Scattering can be divided into surface/interface 
scattering (SIS) and volume scattering (VS), attributed 
to the following scatter sources: 


e roughness and surface defects of the substrate: SIS, 

e surface/interface roughness and defects of the thin 
film coating: SIS, 

e imperfections in the bulk substrate material: VS, 

e intrinsic thin film morphology and defect struc- 
tures: VS, 

e surface contaminations: SIS. 


Even though in particular cases and applications, 
VS can constitute the main scattering source, SIS 
largely dominates both substrate and thin film 
scattering losses. Studies into light scattering have 
widely focused on SIS effects from surface and 
interface micro-roughness. The theoretical outline 
given in the next section will also follow this concept 
in describing scattering from surface and interface 
roughness. It is emphasized, however, that volume 
scattering theories are accessible in the literature. 


Light Scattering Models 


Scattering from Rough Surfaces 


A randomly rough surface can be considered as a 
Fourier series of sinusoidal waves with different 
amplitudes, periods, and phases. Following the 
grating equation, a single grating with spacing D 
causes scatter into the angle ® according to 


sin ® = A/D [1] 


where A is the wavelength of light. D represents one 
spatial wavelength in the Fourier series. Accordingly, 
f =1/D represents one single spatial frequency. 
A randomly rough surface contains many different 
spatial frequencies. This is quantitatively expressed 
by the power spectral density (PSD), giving the 
relative strength of each roughness component of a 
surface microstructure as a function of spatial 
frequency: 


2 
PSD(f) = jim ;| I, &(r) exp(—2 mif-r)dr [2] 


where &(r) represents the height of the surface 
roughness profile, r is the position vector, and f is 
the spatial frequency vector in the x—y plane. A is the 
area of the measured region A. We confine our 
discussion to isotropic surfaces, which represent the 
majority of cases in optical surface and thin film 
scattering studies. Thus, a PSD(f) independent of 
the surface direction ® of vector f is obtained by 
averaging the two-dimensional function PSD(f) over 
all surface directions after transformation into 
polar coordinates: 


1 270 
PSDi) = == I, PSD(f, b)d® [3] 


ROW SILVER GOLD BLACK BROWN RED ORANGE YELLOW GREEN 
+ + + + + + + 


+ 
1-BO R10 BEM 1R0 BE 10R BD 100k BE 1ko BED 10kK BEL 100k BEHimo 
2-BM A911 BB 1R1 B11 110k Bik B11k SON0K Sis 
3- BM R12 BM 1R2 BH 1 2R 120k BB 1k2 Bi 2k BO120Kk Siw 
4-BM A213 BH 1R3 BO 13k BO 130k BO 1k3 B13 BHO1i30k Bis: 
5- BBM R15 BBM 1R5 BH 15k BB 150R BB 1kKs BHO 1isk BOK. Bis 
6-BM R16 BEM 1R6 BE ick BB 16c0oR BE iks BED ick BO isok BH iwe 
7-BOM r18 BOM 1R8 BOM isk BO 180k BOW 1ks BOO isk BOOis0k BOWime 
8- BM R20 BO 2R0 BE 20R BD 200k BB 2k0 BD 20k BO 200k B20 
9- BBM R22 BED 2R2 BH 22R BB 220k BO 2k2 BB 22k BO 220k Bw 
10-BOM R24 BOM 2R4 BO 24k BOO 240R BO 2k4 BOD 24k BOO 240k BOOM 
11-BBO R27 B27 BO 27h Be 270k BO 27 B27 BO270K B27 
12-GM R30 GEM 3R0 OM 30R OD 300k OM 3k0 OED 30k OED 300k OE 3Mo 
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Reading 4-band resistors 

The most "common" type of resistor has 4 bands and is called the 10% resistor. It 
now has a tolerance of 5% but is still called the "10% type" as the colours increase 
by 20% so that a resistor can be 10% higher or 10% lower than a particular value 
and all the resistors produced in a batch can be used. 

The first 3 bands produce the resistance and the fourth band is the "tolerance" band. 
Gold = 5% 

(Silver =10% but no modern resistors are 10%!! - they are 5% 2% or 1%) 
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Well-established vector scattering theories devel- 
oped, for instance, by Bousquet et al. or Elson provide 
the link between the PSD and the scattering intensity 
per solid angle of a surface: 


dP 


a> F(A, n, ©, ®)PSD(f) [4] 


This theory is valid for surfaces whose rms 
roughness is small compared to the wavelength. 
dP/(Po dQ) denotes the differential power scattered 
into the direction (9, ®) per unit solid angle 
dQ = sin @ d@ d® divided by the incident power 
Po. © and © are the polar and azimuthal angles of 
scattering, respectively. The optical factor F contains 
all information on the corresponding perfect surface 
(without the roughness properties), i.e., the refrac- 
tive index n, wavelength, and the conditions of 
illumination and observation. Both backscattering 
and forward scattering can be expressed by eqn [4], 
according to the illumination and observation 
conditions chosen. Without loss of generality, all 
formulas have been written here for normal 
incidence. The formalism, however, allows consider- 
ation of all possible cases, including oblique angles 
of incidence and arbitrary polarization properties. 
dP/(Po dQ) is called angle resolved scattering (ARS) 
which is related to the well-established term BRDF/ 
BTDF (bidirectional reflectance/transmittance distri- 
bution function) by multiplication with cos O: 


dP 


P, da = ARS = BRDF (or BTDF):cos © [5] 


Total scattering (TS), which is defined as the 
power P scattered into the backward or forward 
hemisphere divided by the incident power Po (see 
also section on scattering measurement below), is 
obtained by integrating eqn [4] over the forward or 
backward hemisphere: 


2( dP \. 


If the correlation length of surface roughness is 
much larger than the wavelength, scalar scattering 
theories like the one from Carniglia can also be 
employed. Moreover, in this case, the well-known 
simple approximate formula for total backscattering 
can be derived from both vector and scalar theories: 

2 
TS back = Ro(“27) 
where o is the rms roughness and Ro the specular 
reflectance. 

It must be emphasized that this formula is only 

valid if the above-mentioned condition is met and as 


[7] 


long as only single surfaces without coatings are 
considered. 


Scattering from Dielectric Thin Films 


For surfaces coated with a dielectric single layer or 
multilayer, ARS for a system of N layers is given by 


dP 
Py) dQ | 





N N 
> SBF PSD,(f) [8] 
i=0 j=0 


where F; is the optical factor at the i-th interface and 
F; is the conjugate complex number of the optical 
factor at the j-th interface. The optical factors include 
both the conditions of illumination and observation 
and the characteristics of the ideal multilayer (refrac- 
tive indices, film thickness). PSD, are the power 
spectral densities of the corresponding interfaces. For 
i#j, they describe the roughness cross-correlation 
between two interfaces. 

From eqn [8] it becomes obvious that the scattering 
mechanism of coated surfaces is considerably more 
complex as compared to single surfaces. 

The amplitudes of the scattered fields from all 
individual interfaces add up to the total scatter. 
In particular, the cross-correlation properties 
between the interface roughness profiles significantly 
determine the overall total scatter. So even for 
coatings having the same statistical roughness, the 
scatter losses can differ drastically when the cross- 
correlation between the interfaces is different. An 
example is demonstrated in a model calculation of 
total backscattering for A = 632.8 nm in Figure 1. 























nd/QWOT 


Figure 1 Calculated ratio of the total backscattering of a single 
high index layer (n = 2.4) on BK7 substrate (n = 1.52) to the 
scattering of the bare substrate as a function of optical thickness 
nd. (QWOT: quarter wave optical thickness). rms roughness was 
1 nm, correlation length 1m for both the substrate—film and 
film—air interfaces. Full line: full interface cross-correlation. 
Dashed line: zero interface cross-correlation. Lower dashed line: 
bare substrate. 
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A thin film with refractive index 1 = 2.4 (typical for 
Titania films), and continuously increasing thickness, 
was modeled onto a BK 7 substrate (1 = 1.52). 
Gaussian autocovariance functions with an rms 
roughness o@=1nm and a correlation length 
7= 1m were chosen for both the substrate—film 
and film—air interfaces. Only the cross-correlation 
function was varied. The two extreme cases of 
fully uncorrelated and fully correlated interfaces are 
depicted in the figure and related to the scattering of 
the bare substrate (TS). As a result of scattering 
interference effects, in both cases the scattering 
varies periodically with optical film thickness. The 
appearance of maxima and minima as well as the 
total amount of scattering crucially depends on 
the type of cross-correlation. 

These effects have to be taken into careful deli- 
beration whenever scattering in dielectric thin film 
coatings is considered. Otherwise, misinterpretation 
of the scatter loss origin is possible and may result 
in unsuitable technological attempts to minimize 
scatter losses. 


Instrumentation for Light Scattering 
Measurement 


Types of Measurements 


Light scattering experiments on optical surfaces 
and thin films are, in most cases, either performed 
as ARS measurements using goniophotometers, 
or the scattering is collected over the backward 
and forward hemispheres yielding total integrated 
scattering (TIS) or TS. The latter can be measured 


either by using a Coblentz sphere or an 
integrating sphere (see schematic picture in 
Figure 2). 





! 
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As Coblentz spheres image the scattered radiation 
directly onto the detector, they are much less sensitive 
to scattering by air particles than integrating spheres. 
So if super-smooth samples with scattering levels in 
the visible range of 1 ppm and lower shall be 
measured, integrating spheres require operation in 
vacuum or He-gas atmosphere whereas Coblentz 
spheres can still be used under usual clean room 
conditions. 


Angle Resolved Scattering (ARS) 


Sophisticated instruments for ARS measurements 
have been established in a number of laboratories. 
Most frequently the systems are operated at the 
He-Ne laser wavelength 632.8nm, but also at 
10.6 wm (CO, laser), 325 nm (He—Cd laser), and 
yet other wavelengths. These techniques are versatile 
and powerful, but rather unsuitable for routine 
measurements. For single surfaces, PSD can be 
calculated from such measurements. A standard 
procedure for ARS measurements is defined in ASTM 
standard E 1392 and was successfully verified in 
various round-robin experiments at different wave- 
lengths. Figure 3 shows the photograph of a typical 
instrumentation. 

The main parts of this setup are the illumination 
system and a double goniometer. The sample holder 
and the detector are each mounted on a precision 
goniometer. The detector head is located on the outer 
goniometer and can be revolved 360 degrees around 
the sample with an angular resolution of 0.01°. The 
performance of a scatterometer depends also con- 
siderably on the quality of the illumination system. 
Laser radiation passes several optical elements, such 
as a spatial filter, diaphragms, polarizers, and mirrors 
providing the high beam quality necessary for 
precision measurement. 


TIS,TS 


Integrating sphere 


Figure 2 Schematic picture of types of scattering measurement. ARS: angle resolved scattering, TIS, TS: total integrated scattering, 


total scattering. 
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Figure 3 Instrumentation for angle resolved scattering meas- 
urement (courtesy of Fraunhofer Institute for Applied Optics and 
Precision Engineering, Jena, Germany). 


Total Scattering (TS) 


TIS measurements collect the light scattered into the 
backward hemisphere and are defined as the back- 
scattered radiation divided by the total reflectance. 
The TIS measurement procedure is prescribed in 
ASTM standard F 1048 which applies to opaque 
reflective surfaces. Transparent or semi-transparent 
samples such as substrates, AR coatings, and 
beamsplitters cannot be measured without 
ambiguous additional assumption. The new inter- 
national standard ISO 13696 defines TS as the 
backscattered and forward scattered radiation P 
divided by the incident radiation Pp. TS is hence 
equivalent to the scattering loss of the component. 
Opaque as well as transparent surfaces and coatings 
can be measured both in the backward and forward 
directions. TS and TIS can, however, be converted 
into one another, if the reflectance of the sample 
is known. This standard procedure was proved in an 
international round-robin experiment at 632.8 nm. 
An example of a facility for TS measurements, in a 
wide range of wavelengths, is given in Figure 4. 


The apparatus for total backscattering and forward 
scattering measurements is operated from 193 nm to 
10.6 xm by using several lasers. The setup is based on 
a Coblentz sphere imaging the light scattered into the 
backward or forward hemisphere within an angular 
range from 2° to 85° onto the detector unit. This 
angular range complies with the specification given in 
ISO 13696. 

A special arrangement allows easy change from the 
backscatter to forward scatter operation modus. The 
detector unit consists of the detector (photomultiplier 
in the UV, VIS, NIR, and HgCdTe-element in the IR) 
and a small integrating sphere. The latter is used for 
homogeneously illuminating the detector. At all 
wavelengths, the light beam is modulated by a 
chopper and passes a beam-cleaning element. The 
incident radiation hits the sample surface at 
nearly zero degrees and the specular beam is 
guided back through the entrance/exit aperture of 
the Coblentz sphere. While performing the measure- 
ment, the sample is scanned across its surface by a 
positioning system, yielding one- or two-dimensional 
scattering diagrams. Calibration is performed with a 
commercial diffusing (Lambertian) standard. Filters 
are used for attenuating the beam during measure- 
ment of high-scatter samples and diffuse reflectance 
standards. Background levels smaller than 0.1 ppm at 
632.8 nm were achieved without the necessity of 
He-gas flow or operation in vacuum. 

Whereas in the past the majority of such facilities 
were designed for the visible, infrared, and near- 
ultraviolet spectral regions, the increasing demands 
for low-scatter optical components in the vacuum 
ultraviolet (VUV) region for application in photo- 
lithography has driven the development of scattering 
facilities for wavelengths as short as 157 nm. Because 
of the enhanced technical effort needed for the 
development of VUV scattering measurement instru- 
mentation, only few setups exist that can be operated 
at 157 nm. 


Applications 


Fields of Applications 


There exists a diversity of purposes for light-scatter- 
ing investigations of surfaces and thin films, which 
requires proper selection of the particular method. 
For a number of purposes, routine measurements 
without detailed understanding of the scatter sources 
can be sufficient, while other problems need deeper 
insight into the scatter mechanisms and hence, 
require the combination of measurement with theo- 
retical modeling. It is up to the engineer or scientist 
to decide in each particular case, to which level the 
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Figure 4 Schematic picture of an instrument for total scattering measurement (courtesy of Fraunhofer Institute for Applied Optics 


and Precision Engineering, Jena, Germany). 


light-scattering study has to be extended. Examples 
for typical application tasks arising in industry and 
institutes are: 


e determination of total scattering as an optical 
loss limiting the performance of a thin film 
component; 

e surface finish assessment (roughness, defects) of 
optical substrates; 

e study into the relation between scattering and the 
morphology and roughness of optical thin films as 
a precondition for optimizing deposition processes; 

e assessment of cleanliness of coated components; 

e detection of degradation effects in coatings and 
substrate materials; 

e separation of interface scattering from the film and 
substrate; 

e distinction of volume scattering from interface 
scattering in substrates and films. 


Scattering measurements are noncontact, do not 
require sample preparation, enable rapid mapping of 
large sample areas, and are highly sensitive. This 
makes them usable for a large variety of applications 
extending from super-smooth substrates with surface 
roughness below 0.01 nm, thin film structures in the 
nanometer range, and small and large defect features 
up to rough engineering surfaces with micron 
roughness. 





TS/1e-4 








X-Scan/mm 3 5 


Figure 5 TS measurement (backscattering) on conventionally 
polished fused silica at 632.8 nm (2D-mapping) for surface quality 
assessment. Measurement performed with the TS instrument 
shown in Figure 4. 


Examples of Measurements 


Surface finish assessment 

The result of a scattering measurement (TS, back- 
scattering) at the He-Ne laser wavelength 
(632.8 nm), on conventionally polished fused silica, 
is shown in Figure 5. Symmetric defects, as well as 
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scratch-like features, can be recognized in this 
diagram. The minimum and averaged rms-roughness 
determined from the minimum (defect-free) and 
averaged (including defects) scattering levels are 
0.51 and 0.72 nm, respectively. 


Scattering from thin film components 

Figure 6 shows a TS measurement (backscattering) 
performed ona polished CaF sample. Half of the area 
of one surface of this sample was coated with a 
fluoride multilayer mirror system designed for 











X/mm 


Figure 6 TS measurement (backscattering) at 248nm on a 
CaF. substrate half of which was coated with a fluoride multilayer 
mirror system designed for 248 nm. Measurement performed with 
the TS instrument shown in Figure 4. 


ARS 





248 nm. The area mapping of the TS measurement 
at 248 nm delivers information of both the bare 
substrate quality and the increase in scattering after 
coating. According to the explanations in the first 
section, this increase has to be interpreted as a result of 
two influences: the increased reflectance (i.e., changed 
optical factors) and the roughness growth during 
deposition of the multilayer (i.e., changed PSD). 

On the basis of such measurements, detailed 
interpretation can be accomplished by additional 
roughness analysis using scanning force microscopy, 
subsequent scattering modeling employing the for- 
mulas given above, and comparison of the modeled 
and measured results. 

ARS techniques can, for example, be employed to 
compare the angular distribution of the scattering of 
a coating to that of the bare substrate. Figure 7 
displays ARS measurements in the backward hemi- 
sphere at 325 nm (He-Cd laser) on a fused silica 
substrate before and after deposition (magnetron 
sputtering) of a Ta,O;/SiO» quarterwave multilayer 
mirror (325 nm design wavelength). As with the 
example discussed above, the higher scatter of the 
multilayer is caused by both the optical factors and 
increased roughness. The slight bump at large 
scatter angles in particular reveals high spatial 
frequency roughness attributed to the film 
morphology. 

Figure 8 displays TS measurements at 157 nm. The 
diagram contains one-dimensional scans of forward 
scattering from an uncoated CaF, substrate and an 
antireflective (AR) coating on CaF. The background 
signal level is also included. 





Figure 7 ARS measurement at 325 nm (backward hemisphere) on a fused silica substrate before (lower curve) and after (upper 
curve) deposition of a Ta2O0;/SiO. quarterwave multilayer mirror with 325 nm design wavelength. Measurements performed with the 


ARS instrument shown in Figure 3. 
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Figure 8 TS measurements at 157 nm (forward scattering): bare CaF. substrate, AR coating on CaF2 and background scattering 
level. Measurements performed with the VUV total scattering instrumentation at the Fraunhofer Institute for Applied Optics and 


Precision Engineering, Jena, Germany. 


List of Units and Nomenclature 


Angle resolved [nondimensional] ARS 
scattering 

Azimuthal [degree] ® 
scattering angle 

Correlation length [nm] T 

Differential [nondimensional] dP/(Po9 dQ) 
scattered power 

Grating spacing [wm] D 

Height of surface [nm] ¢ 
roughness profile 

Incident power [W] Po 

Optical factor [nm~* F 

Polar scattering [degree] 0 
angle 

Power spectral [nm*] PSD 
density 

Refractive index [nondimensional] 2 

Rms roughness [nm] Co 

Spatial frequency [um ‘] f 

Specular reflectance [nondimensional] Ro 

Total integrated [nondimensional] TIS 
scattering 

Total scattering [nondimensional] TS 

Wavelength [nm] A 

See also 


Optical Coatings: Thin-Film Optical Coatings. Semicon- 
ductor Physics: Light Scattering. 
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Introduction 


Nonlinear phenomena that result from interaction 
of intense light beams with dielectric media can be 
broadly divided into two main categories: namely, 
parametric effects and scattering phenomena. Para- 
metric effects arise whenever the state of the matter 
is left unchanged by the interaction, whereas 
scattering phenomena imply transitions between 
vibrational or rotational energy levels in the 
medium. The two dominant scattering phenomena 
in optical fibers are stimulated Raman scattering 
(SRS) and stimulated Brillouin scattering (SBS), 
which are nonlinear processes in which a part of 
the energy propagating at a given frequency is 
converted into one or several down-shifted Stokes 
beams, through interaction with the vibrational 
modes of the materials. Although SBS and SRS 
phenomena are beneficial for developing all-optical 
fiber lasers and amplifiers for long-haul fiber 
transmissions, they are detrimental to transmission 
of ultrashort light pulses in silica fibers. In this 
article we describe the fundamental aspects of SBS 
and SRS. 


General Features 


Three well-known kinds of scattering phenomena 
in optical fibers are Rayleigh, Raman and Brillouin 
scattering. Although these three phenomena mani- 
fest themselves in qualitatively different ways, all of 
them originate fundamentally from the effects of a 
light wave on the atomic and molecular charges of 
the dielectric medium. The Raman and Brillouin 


scattering phenomena involve the vibrational 
modes of the material that are associated with 
the optical and acoustic branches of the dispersion 
curve of the material, respectively. Such vibrational 
modes, called phonons, are schematically rep- 
resented in Figure 1 with the help of typical 
dispersion curves of a one-dimensional atomic 
lattice. 

In standard silica fibers (SiO2), the phonons 
associated with the optical branch correspond to 
intramolecular vibrations, which give rise to the 
Raman scattering phenomenon, whereas those 
associated with the acoustic branch correspond to 
intermolecular vibrations, which are responsible for 
Brillouin scattering. In either of these two scattering 
processes, part of the energy of the incoming light, 
which propagates at a given frequency w, is 
converted into downshifted (Stokes) or upshifted 
(anti-Stokes) light waves, at frequencies w— 02 
and w+, respectively. The frequency shift 0 is 
determined by the vibrational modes involved in the 
scattering process. Figure 2 represents schematically 
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Figure 1 Schematic representation of the dispersion curves for 
material waves. 
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Figure 2 Schematic representation of the diagrams of energy 
transfer between incoming photons with frequency w and the 
material, leading to (a) generation of the Stokes radiation w,, and 
(b) generation of the anti-Stokes radiation was. 


these energy conversion processes with the help of 
only two vibrational states, to simplify matters. 

As Figure 2a shows, the material, which is 
initially in the ground state, absorbs a fraction AO 
of the energy Aw of incoming photons, to move up 
to the excited state. As a result, the frequency of the 
photons involved in this process is downshifted to 
@, = w—Q. Those photons that are generated at 
frequency w, are commonly called ‘Stokes radi- 
ation’. On the other hand, when a sufficiently large 
number of molecules is excited, they can interact 
with the incoming photons and return back to 
the ground state. As Figure 2b shows, in this 
process the energy is transferred from the material 
to the incoming photons, which thereby generates 
an upshifted anti-Stokes radiation at frequency 
@,,= w+. The Raman (Brillouin) frequency 
shift © is of the order of Op ~ 13THz 
(OQ ~ 10 GHz). 

In fact, the Raman and Brillouin effects may 
lead to so-called spontaneous processes, which 
occur in the limit of low-amplitude for all waves 
other than the incoming wave. For example, 
when a laser beam is injected in the fiber with a 
sufficiently low intensity, one can observe a 
spontaneous scattering process as schematically 
represented in Figure 3a. 

One can clearly identify in Figure 3a the Raman 
and Brillouin radiation, as well as radiation 
scattered at the same frequency as the incoming 
wave, that is, Rayleigh radiation. Now, when the 
incoming wave propagates together with light waves 
whose intensity is no longer negligible with respect 
to that of the incoming wave, the Raman and 
Brillouin effects can lead to stimulated processes, in 
which energy is continually converted from higher 
to lower frequency photons. As a result, the number 
of Stokes photons is continually amplified at the 
expense of anti-Stokes photons, as schematically 
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Figure 3 (a) Schematic representation of the frequency spectra 


for spontaneous and stimulated Raman and Brillouin scattering 
processes. (a) Fluorescence spectrum; (b) gain spectrum for 
stimulated Raman and Brillouin scattering processes. A pump and 
a probe waves are injected together in the fiber. 5 is the frequency 
spacing between the pump and the probe wave. 


represented in Figure 3b. The stimulated process can 
be obtained by either launching the incoming wave 
w together with a probe wave at frequency w— 0 
(which corresponds to the situation represented in 
Figure 3b), or by using a sufficiently intense 
incoming light beam. Indeed, above a certain 
power threshold (which depends strongly on the 
fiber length and the amount of dopants in the fiber), 
for which the gain corresponding to the Stokes 
amplification compensates for the linear fiber losses, 
the energy conversion from the incoming wave to 
the scattered waves can become sufficiently import- 
ant for the scattering process to become stimulated. 
This process is commonly referred to as a self- 
stimulated process, as it does not require the use of 
a probe wave. Although the SRS and SBS exhibit 
some common general features as those mentioned 
above, there exist however some major differences 
between these two phenomena, from a fundamental 
point of view as well as for their practical 
applications to optical communication systems. 
We discuss separately these specific features for 
SRS and SBS. 


Stimulated Raman Scattering 


Under adiabatic following by the electrons of the 
optical-field-induced nuclear motions, the third-order 
nonlinear polarization in optical fibers may be 


SCATTERING / Scattering Phenomena in Optical Fibers 323 

















1.5 

ca 
= 1 AOS 
5 aooe wae 
‘al a . 
wy ’ 1 
= 0.5 t ' 
2 ‘i . 
x ' ‘ 
2 0 : . 
es [r 5 i : . 
BS — ‘ r ‘ OS 
1] om ‘ Looe 
2-05 |: m2 
3 1 1 
w . I sy 
= Et u 
eS 4 
a 
c 

-1.5 

-30 -20 -10 0 10 20 30 


Frequency detuning £2 (THz} 


Figure 4 Schematic representation of the Raman susceptibility 
in an optical fiber. The solid curve represents the imaginary part of 
the susceptibility, that is, the Raman gain. The dashed curve 
represents the real part of the susceptibility. 


written as 
Pe) = oAEWNPED +B) [  dsou(e— SIE? (1 


where o and og represent the instantaneous (Kerr) 
and noninstantaneous (Raman) parts of the fiber 
response, respectively. Here, we consider linearly 
polarized waves, for simplicity. Figure 4 shows 
schematically the Raman susceptibility of the fused 
silica, ¥p(Q) = op (Q)/2, which is quite close to that of 
standard silica fibers. 

In Figure 4, the real and imaginary parts of yp are 
represented in solid and dashed curves, respectively. 
The imaginary part of the Raman susceptibility, 
which corresponds to the Raman gain Gp = Im(yg), 
is an experimentally measurable quantity. For 
example, at a pump wavelength A= 1pm, the 
maximum value of the Raman gain in standard 
silica fibers is ~10°-'? mW7!. In fact the Raman 
gain Gp(Q) depends on the type and amount of 
dopants used in the fabrication of the fiber. In 
contrast to crystalline silica where the Raman gain 
occurs at a well-defined frequency of 13.2 THz, the 
Raman gain of silica fibers extends over a large 
frequency range, as can be seen in Figure 4, with a 
broad prominent peak around 13.2 THz. In the 
absence of an input signal the broadband noise is 
amplified within the Raman Stokes components, 
which are centered about the frequency detuning of 
13.2 THz. 

If the power of the Stokes wave becomes large 
enough, the Stokes wave serves as a pump to 
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Figure 5 Self-stimulated Raman spectrum (i.e., amplified 
spontaneous noise), as recorded for a peak pump power Po = 
150 W and a fiber length L = 10 m. 


generate a second-order Stokes wave. This process 
of cascade SRS can generate multiple Stokes waves 
whose number depends on the input pump power 
and fiber length. Figure 5 displays a typical 
experimental Raman spectrum generated from a 
Q-switched, frequency-doubled Nd:YAG laser, emit- 
ting 5 ns duration (30 GHz spectral width) pulses at 
563.63 THz (532.26nm). The laser output was 
injected along one birefringence axis of a 14m 
length of polarization-maintaining single-mode 
fiber. At an estimated injected peak power of 
200 W, several higher-order Raman Stokes orders 
S; (j = 1,4) (separated by 13.2 THz) are generated 
between 510 and 550 THz (588 and 545 nm). The 
spectral profile of each resulting Stokes line is near- 
Lorentzian with a full width at half maximum 
ranging from about 2 THz for the first Stokes to 
about 3.5 THz for the fourth Stokes. The broad- 
ening of the Raman Stokes wave, as the Stokes 
order increases, is due to several competing non- 
linear processes. 

This broadband gain is due to the amorphous 
nature of fused silica, in which the molecular 
vibrational frequencies spread out into bands 
which overlap and create a continuum. This out- 
standing feature has been fully exploited to develop 
wide-band amplifiers for multichannel optical com- 
munications. Recent work demonstrated the 
achievement of a Raman amplifier with a bandwidth 
of 100 nm, by use of a set of height pumps and an 
appropriate choice of the frequency separations 
between the pumps. Another important application 
of the Raman gain in optical fibers lies in the 
development of fiber-Raman lasers, which can be 
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tuned over a wide frequency range (~10THz). Such 
lasers can be obtained by inserting a piece of single- 
mode fiber inside a Fabry—Perot cavity formed by 
two partially reflecting mirrors. A rotating output 
mirror and an intracavity prism allow one to select 
the Stokes light that provides the laser wavelength. 
Another example is that the Raman gain can be 
used to assist non-phase-matched parametric 
interactions. 

A large power-gain enhancement was recently 
demonstrated for nonphase-matched waves in a 
three-wave mixing interaction. The Raman-assisted 
three-wave mixing can be used to achieve wide- 
bandwidth frequency conversion processes without 
having to satisfy the strict conditions imposed by 
phase-matching conditions. The above discussion 
clearly illustrates some useful effects of the SRS in 
optical fibers. On the other hand, the SRS may 
represent a drawback for some optical communi- 
cation systems, as we discuss below. 

Let us consider a pump wave injected in the fiber at 
frequency wo. The total electric field in the fiber may 
be written as follows: 


E= 5 Ac, t) exp[i(koz — wof)] [2] 


where A is a slowly varying field envelope. By 
expanding the wavevector ky of the electric field in 
a Taylor series around wo, the amplitude A of the 
electric field is found to satisfy the generalized 
nonlinear Schrédinger equation (NLSE): 


=ix1- piAPA-+ipA | © xr(s)LAP(t—s)ds 
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In eqn [3], Cy ~—7.9X10-7ps, C,~—1.28x 
10°~* ps”, C;~9x10°°ps?, and the parameter p, 
which measures the fractional contribution of Raman 
effects to the total nonlinearity, is ~ 0.18 for standard 
silica fibers. 

When the wave propagation involves only a 
relatively small frequency range around the pump 
frequency (less that 1THz) then only the term 
proportional to C, in eqn [3], i.e., the leading term 
of the Raman contribution, plays a significant role. 
Most high-capacity transmission systems using a 
single channel fall into this situation, as long as 


picosecond pulses are used. The term proportional to 
C, induces a continuous frequency shift of the pulse 
frequency, as a result of a small transfer of energy 
from higher- to lower-frequency waves. This pheno- 
menon, known as the soliton self-frequency shift, 
constitutes one of the undesirable effects of SRS in 
optical communications. 

On the other hand, when the wave propagation 
involves a relatively large frequency region (of the 
order of a few THz), then higher-order terms that are 
proportional to Cy and C; begin to play a significant 
role. In particular, the term proportional to C3 
indicates a strong transfer of energy from higher- to 
lower-frequency waves. In optical communications, 
this effect causes higher-wavelength channels of 
wavelength-division multiplexing systems to be 
amplified while depleting the lower-wavelength 
channels. This effect can be reduced by using filters 
and more amplification to compensate for the 
depletion at lower wavelengths (but this is achieved 
at the expense of a degradation of the signal-to-noise 
ratio). 


Stimulated Brillouin Scattering 


In optical fibers, the SBS occurs at input power levels 
that are much lower that those needed for SRS, and 
manifests itself through the generation of a back- 
ward-propagating Stokes wave. Although SBS is not 
(strictly speaking) a parametric process, the gener- 
ation of the Brillouin Stokes radiation is commonly 
described as a parametric interaction between the 
pump wave, the Stokes wave and an acoustic wave 
(material wave). Indeed, one assumes that the 
annihilation of a pump photon creates simul- 
taneously a Stokes photon and an acoustic phonon, 
with the following conservation laws for the energy 
and the momentum: 


Og = @ — @, [4] 


Kg = ko — kg [5] 


where wy and w, are the frequencies, and ky and k, are 
the wavevectors of the incoming and Stokes waves, 
respectively. Then, assuming |k,| ~ [kgl, the acoustic 
wave is found to satisfy the following dispersion 
relation 


Op = Kgu = 2vlko|sin(@/2) [6] 
where v is the phase velocity of the acoustic wave, and 


6 is the angle between the pump and Stokes 
wavevectors. As eqn [6] shows, the frequency shift 
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Resistor Color Code System 


Here is another well-designed resistor colour code chart: 
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Og depends on the scattering angle. Og is a maximum 
for 0= 77 (i.e., in the backward direction) and 
vanishes for 0=0 (forward direction). Thus, 
although eqn [6] predicts that Brillouin scattering 
should not occur in the forward direction, spon- 
taneous Brillouin scattering can occur in the forward 
direction in optical fibers. But this phenomenon is 
quite negligible. In optical fibers, SBS occurs 
mainly in the backward direction with a frequency 
shift given by 


Va = Op/(27) = 2ulko| = 2ngv/Xo [7] 


where mg is the refractive index and Ag is the 
pump wavelength (incoming wave). In silica fibers, 
v~6kms! and np ~ 1.45; which leads to vp ~ 
10 GHz at Ay=1.55 pm. Thus, the Brillouin 
frequency shift is smaller by three orders of magni- 
tude compared with the Raman frequency shift 
(~13 THz). The amorphous nature of fused silica 
leads to a Brillouin-gain coefficient Gp(v) which 
extends over a frequency range of ~ 10 MHz, with 
a peak value at v= 1g. The Brillouin gain can be 
approximated by a Lorentzian profile given by 





_ (Avp/2)* 
Gp(v) (v _ vp)? a (Avp/2)2 Gp(p), 
[8] 
= 2anoPir 
Gals) = cdyAgvAvg 


where Avg is the full width at half maximum, p12 is 
the elasto-optic coefficient and dg is the material 
density. 

The Brillouin gain has been exploited to develop 
fiber-Brillouin lasers. Such lasers are obtained by 
inserting a piece of fiber inside a (ring or Fabry— 
Perot) cavity. Another useful application of the 
Brillouin gain of an optical fiber lies in the 
amplification of a weak signal. Fiber-Brillouin 
amplifiers allow one to amplify signals with a 
frequency shift that corresponds to the Brillouin 
frequency shift vg. Fiber-Brillouin amplifiers can 
provide up to 40 dB gain at pump powers of a few 
milliwatts. But the bandwidth of such amplifiers is 
relatively narrow. 


Conclusion 


In fact scattering phenomena can be beneficial as 
well as detrimental for optical communication 
systems. If signals are transmitted in a communi- 
cation channel with a power above the threshold of 
a given scattering phenomenon, this phenomenon 


will induce a transfer of energy from the signal to 
the Stokes radiation. The resulting signal depletion 
would then require more amplification. In multi- 
channel communications, the SBS (SRS) can induce 
cross-talk between two bidirectional channels if 
their frequency separation happens to be close to 
the Brillouin (Raman) shift, ~10 GHz (~13 THz). 
However, those undesirable effects can be avoided 
by in-line control techniques for pulse transmission 
in fiber-optics communication systems. On the other 
hand, the Raman and Brillouin effects are useful for 
generating light at new frequencies as well as for 
amplifying weak light signals. In particular Raman 
amplifiers are one of the key devices for high-speed 
telecommunication systems. 


List of Units and Nomenclature 


Group velocity dispersion coefficient B) [ps* km~! = 
10 sm "| 

Nonlinear parameter y [W~! m™!] 

NLS (E): nonlinear Schrédinger (equation) 

Optical intensity I [GW cm~* = 10? W cm~?] 

SBS: stimulated Brillouin scattering 

SRS: stimulated Raman scattering 

WDM: wavelength division multiplexing 


See also 


Fiber and Guided Wave Optics: Light Propagation; 
Nonlinear Effects (Basics). Optical Amplifiers: Raman, 
Brillouin and Parametric Amplifiers. Solitons: Soliton 
Communication Systems. 
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Scattering Theory 
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Lord Rayleigh (John William Strutt) 
(1842-1916) 


In the nineteenth century, Lord Rayleigh offered the 
first explanation for the sky’s blue color (on a clear 
day!). From Rayleigh’s initial theory, representing a 
simplification of Maxwell’s electromagnetic theory 
for the case of particles very small compared to the 
wavelength of the incident light, the theory was 
extended to describe the scattering of light by larger 
macromolecules in solution. 

Scattering theory has played a central role in 
twentieth-century mathematical physics. From 
Rayleigh’s explanation of why the sky is blue to 
modern medical application of computerized 
tomography, has attracted both scientists and 
mathematicians for over a hundred years. Scattering 
theory is concerned with the effect an inhomo- 
geneous medium has on an incident wave. 
In particular, if the total field is viewed as sum of 
an incident field and a scattered field, then the direct 
scattering problem is to determine the scattered field 
from a knowledge of the incident one, obstacle 
properties, and the equations governing the wave 
motion. In contrast, the inverse scattering problem 
consists of reconstruction of the inhomogeneity from 
the knowledge of asymptotic behavior of the 
scattered field. An everyday example is human 
vision: from the measurements of scattered light 
that reaches our retinas, our brain reconstructs a 
detailed three-dimensional map of the world around 
us. In summary, the task of direct scattering theory is 
to determine the relation between the incident and 
scattered waves. The task of inverse scattering theory 
is to determine properties of the obstacle. 

Light propagating can be described in terms of an 
electromagnetic field, which is composed of two 
related vector fields, the electric and the magnetic 
fields. This means that the vectors of electric (E) and 
magnetic (H) field have values defined at each point in 
space and time. The vector fields E and H interact 
through the material parameters: electric permittivity 
é and magnetic permeability u. The behavior of 
electromagnetic fields can be described by Maxwell’s 
equations. 


Maxwell Equations. James Clerk 
Maxwell (1831-1879) 


Consider the electromagnetic wave (light) propa- 
gation in a homogeneous, isotropic medium with 
electric permittivity e > 0, electric conductivity 0 = 
0, and magnetic permeability uw > 0, containing a local 
obstacle. We assume that o = 0 outside an obstacle. If 
J is a current density, the electric field E(x, t) and 
magnetic field H(x, t) satisfy the Maxwell equations: 


3 aH 
VX E(x, t) + wa &, th=0 
7 [1] 
- 0E S 
Vv x A(x, t) ~~ Ba, t) = J(x, t) 
Also, in an isotropic conductor, the electric field 
satisfies Ohm’s law: 
oE(x, t) = (x,t) [2] 


The speed of wave propagation for the electric and 
magnetic fields is c = 1/,/em and in free space c= 
1/, fo = 2.99792458 x 108 ms_!. Assume that the 
electromagnetic field is time-harmonic, i.e., of the 
form: 


E(x, t) = Fa Bene 


; [3] 
H(x,t) = Fete 


where w > 0 is the frequency. Many phenomenon of 
light scattering can be described based on monochro- 
matic wave propagation. Let us consider a local 
obstacle occupying a bounded domain D. Inside the 
obstacle we introduce relative complex permittivity: 
es (« a4 “| [4] 
Eo @ 


Then E(x) and H(x) obey the time-harmonic 


Maxwell equations: 
VX E(x) = jkH(x), VX H(x) = —-jkeE(x) [5] 


where k* = ey Mow. 


Helmholtz Equation. Herman Ludwig 
von Helmholtz (1821-1894) 


A wave equation for vector E can be readily derived 
from the Maxwell equations. We obtain: 


(V7 + R)E(x) = 0 [6] 
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This is known as the homogeneous Helmholtz 
equation. A general planewave solution of the 
equation can be written as 


E(x) = Ey e&* [7] 


here Ep is a constant vector independent of spatial 
coordinates and k-x is a scalar product of the vectors 
X = {x1,X,x3} and k= {kj,ko,k3}, the so called 
wavevector. Equations [6] and [7] yield the dispersion 
relation: 


ke = Eq Mga = kt + ke + k3 [8] 


For a given k vector, a constant phase front is 
determined by k-X = const, which indicates that the 
front is perpendicular to the wavevector. So, the phase 
front is a plane and the amplitude of the electric field 
on the plane is a constant. 

The Maxwell equations for the plane wave solution 
become: 


Rx E(x) = kH(x), kX H(x) = —kE(x) 


=kRE=0, kH=0 

Therefore, vectors E and H belong to the constant 
phase plane perpendicular to vector k and are 
orthogonal each other. 


Poynting’s Vector. John Henry 
Poynting (1852-1914) 


For time-dependent fields, the Poynting vector is 
introduced as 


S(x, t) = E(x, t) x A(x, t) [10] 
It is interpreted as the power flow density with the 
dimension of watts/m?. The time-average Poynting’s 
vector power density is given by 


1 (?. 
(S) = =| S(x, t)dt [11] 
T Jo 
For the time-dependent planewave fields: 
E(x, t)=Ep cos(k:X — ot) 
[12] 


H(x, t)= Ho cos(k-X — ot) 


The vector Poynting’s power density shown in eqn 
[10], accepts the form: 


S(x, t) = [Eol* cos*(k-% — wt) [13] 


The time-average vector power density gives 


= 1 
(S(x,) = 5 |Eol” [14] 
which shows that Poynting’s power density is also 
propagating in the direction of the wave vector k. 


Boundary Conditions 


Let us consider a bound obstacle D; with a 
smooth closed surface S. The Maxwell eqn [5] 
has been written in differential form. It must be 
supplemented with boundary conditions enforced 
at the obstacle surface. The boundary conditions 
can be derived from the integral form of 
Maxwell equations. The field vectors E, H are 
assumed to be finite but may be discontinuous 
across the obstacle surface S. In cases where there 
is no surface current density (which is so for a 
perfect conductor) the boundary conditions accept 
the following form: 

AX(E,-E,)=0, #X(H,-H)=0 [15] 
where subscripts i and e correspond to the total 
fields inside and outside the obstacle, respectively, 
and 7 is unit outward normal to S. Essentially the 
boundary conditions state that tangential com- 
ponents for electromagnetic fields are continuous 
across the boundary. 


Silver—Miller Radiation Conditions 


Analysis of a direct scattering problem on a local 
obstacle involves Maxwell eqn [10] and boundary 
conditions as in eqn [15] and some infinity con- 
ditions, which provide the uniqueness of the scatter- 
ing problem solutions. Let us assume that a local 
obstacle is excited by an incident electromagnetic 
field {Eo, Ho}, given as entire solution to the Maxwell 
equations. Total field outside the obstacle can be 
represented as 

E, = Ey + E,, H, =H) +H, [16] 
where scattered field {E,,H,} in the exterior domain 
D. = R°/D, satisfies the Silver-Miiller radiation 
conditions: 


- x H, 4 B, = of : ) 
locl Ix 


~ xE, -H, =o( 4) 
locl lol 


uniformly for all directions x/Ixl. 





lx] — 00 
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Scattering Amplitude 


The following result is valid: every radiating solution 
{E,,H,} to the Maxwell equations has the following 
asymptotic form: 


ik\x| 
E(x) = ©§—4B,.(@) + 0( +, 
Ix Il? 
eiklxl 1 


where the vector functions E,, and H,, defined on the 
unit sphere WE 0O= (05 05 7,05 gS 27} are 
known as the electric far field pattern (scattering 
amplitude) and magnetic far field pattern, respect- 
ively. They satisfy: 





H,, = ?XE,, v-E. = v-H. = 0 [19] 
with the unit outward normal v on ©. The latter 
means that E, and H, have only tangential 
components at the unit sphere. 

Far field pattern represents real value analytic 
functions on a unit sphere. Reillich’s lemma 
establishes one-to-one correspondence between 
radiating electromagnetic field and their far field 
pattern. It means that there exists only one 
scattered field {E,,H,} corresponding to a given far 
field pattern E,. 


Reciprocity Relations 


Examine the set of far field pattern corresponding to 
the scattering problem including: Maxwell eqn [5], 
boundary conditions in eqn [15], and radiation 
conditions in eqn [17] at the infinity for the scattered 
fields. Let the incident electromagnetic field is given 
by the planewave: 


Eo(x) = el", Ho(x) =Rx% el*** [20] 
where K € C0 is a unit vector giving the propagation 
direction and @) € R? is a constant vector responsible 
for the polarization. From the previous consideration 
one can see that: 


ik|xl 


Beate PO =k 
lol Ixcl? 


E,(x; K,@)= 





[21] 


|x| 00 


Furthermore, the following reciprocity relation for 
the scattering amplitude holds: 


ly: Eoo( 7; R89) = 89 Eoo( — 8 — ho) 
for all vectors w, REO and Wép,hy ER’. 
Optical Theorem 
Far field pattern enables us to evaluate scattering 


cross section, which is defined as 


oO, = | IE.) da [22] 
a 

For the planewave given by eqn [20] and excitation of 

nonabsorbing obstacle (o = 0), the following relation 


holds: 


4 
o, = —Im{E,.(%)-89} 


k 


This is so-called optical theorem. 


[23] 


Huygen’s Principle (Green’s Theorem). 
Christian Huygens (1629-1695) 


The Huygens’ principle shows that a wavefield on the 
surface determines the wavefield off the surface. Let 
us introduce the scalar Green’s function which 
satisfies the Helmholtz equation: 


(V* + k*)g(x, y) = —8&(x — y) [24] 


where 6(x — y) is the Dirac delta function. For three- 
dimensional problems, the scalar Green’s function 
g(x, y) for isotropic media accepts the form: 


eiklx—yl 


R(x, y) = [25] 


4nlx — yl 

Let electromagnetic fields {E,,H,} be a radiating 
solution to the Maxwell eqn [5] in D,. Then for any 
x € D,. we have the Stratton—Chu formulas: 


E,(x) =X | ec y)¥, XE,(y)ds, 


+ EVXVX| atx y)v, XH, (y)dsy 


[26] 
H,(x)=Vx | go #,xH,(y)ds, 


- EVV a(x.) ¥, XE,(y)dsy 
here S is a smooth closed surface, and ?P is the 
unit normal vector to S$ directed into D,. Similar 
relations are valid for an electromagnetic field 
inside a bounded domain D;. The Stratton—Chu 
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formulas are extensively employed to construct 
boundary integral equations for scattering problems 
investigating. 


Homogeneous Obstacle 


Consider a mathematical statement of the scattering 
problem by a bound homogeneous obstacle. Let 
external excitation be a planewave {Ep, Ho}: (eqn 
[20]). In this case the boundary-value scattering 
problem can be formulated in the form: 


V XE,(x) = jkH,(x), 
xE€D,7=1,e 
7x (E, + E.) = 3X Ep, 
vx (H; + H,) = ¥X Hp on S$ 


xH, +E, = (x) lx] — 00 


vx H,(x) = —jke,E,(x), 


[27] 





x 





Ix 


where ¢, = 1, 6; =e and {E,.,H.} corresponds to 
scattered field. For a smooth surface and the case 
Im ¢ = 0, the problem has a unique solution. 


Lippman-Swinger Integral Equation 


Assume we deal with the local inhomogeneous 
obstacle that can be described by dielectric permit- 
tivity e(x), which is a continuous complex-valued 
(Im s(x) = 0) function in D;. The correspondent 
scattering problem can be formulated as below in 
eqn [29]. In this case, the boundary-value scattering 
problem can be reduced to the solution of the 
Lippman-Swinger integral equation 


Bix) = Eg) + Vx VX] 6 yO) ~ 1 


x E;(y)dv . KS D; [28] 

Volume integral eqn [28] is equivalent to the 
corresponding scattering problem. Once the solution 
is found, the associated scattered field outside the 


inhomogeneous obstacle can be represented as 


E(x) = Vx Vx I, g(x, yk? (e(y) — 1) 


XE(Q)dy,, x» ED, [29] 


The Lippman-Swinger integral equation plays an 
important role under analysis of a wave scattering by 
local inhomogeneous obstacle. 


Born Approximation 


In the case where k7le(x) — 1lmesD; <1, or where 
the second term on the right-hand part of the 


Lippman-—Swinger integral eqn [28] is small com- 
pared to the first term, one can write E;(x) = Eo(x). 
Then the scattered field can be approximately 
evaluated as 


E(x) = Vx Vx {i g(x, yk? (e(y) — 1) 


x Eg(y)dy,, xED. [30] 


The above representation for the scattered field is 
known as the first-order Born approximation. It is 
also the first-order approximation in the Neumann 
series for the integral eqn [28]. The Born approxi- 
mation plays an important role in diffraction 
tomography. 


Rayleigh Scattering 


Rayleigh scattering characterizes the scattering of 
electromagnetic waves by particles much smaller then 
an exciting wavelength. Consider a spherical particle 
with constant permittivity « and radius a deposited 
at the origin of a coordinate system. Let linear 
polarized planewave be incident upon the particle 
E(x) = @, e*, and @, be unit vector Cartesian 
coordinate system. It is polarized in x-direction and 
propagates along z-axis. In this case, for the scattered 
intensity, we get: 


_4\2 44,6 
,=(2 a in? 


e+2 r . a 





where r is distance from the origin and # € [0, a]. 
Corresponding scattering cross-section is calcu- 
lated as 





3 \e4+2 32) 


2 

o,= =( 7 kia® 
Thus the total scattered power is proportional to the 
fourth power of the wave number (minus fourth 
power of the wavelength — Rayleigh’s Law). The 
scattered power is also proportional to the sixth 
power of the radius. 


Mie Scattering 


The Mie theory is a complete mathematical- 
physical theory of the scattering of electromagnetic 
wave by homogeneous spherical particles, developed 
by Gustav Mie in 1908. In contrast to Rayleigh 
scattering, the Mie theory embraces all possible 
ratios of the particle radius to wavelength. It relays 
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upon the exact solution to Maxwell equation for 
spherical homogeneous obstacle with planewave 
excitation. In the frame of Mie theory, the scattered 
field is represented as an infinite series of fields of 
spherical multipoles, which are orthogonal at a 
sphere surface. Mie solution plays an important 
role in light scattering by clouds of particles. 


See also 


Scattering: Raman Scattering; Scattering from 
Surfaces and Thin Films; Scattering Phenomena in 
Optical Fibers; Stimulated Scattering. 


Stimulated Scattering 


M Bashkansky and J Reintjes, Naval Research 
Laboratory, Washington, DC, USA 


© 2005, Elsevier Ltd. All Rights Reserved. 


Scattering of light involves conversion of an incoming 
light wave in one mode to an outgoing wave in a 
different mode. Scattering can involve changes of 
wavelength, direction, and polarization, and can 
occur in all types of materials. Without scattering we 
would not be able to see objects in the world around 
us. Scattering processes involving particular physical 
interactions are often given distinctive names. Fam- 
iliar examples include Rayleigh scattering from the 
random distribution of air molecules, which makes 
the sky blue, and Tyndall scattering from small 
suspended particles, which makes the sunset red. 
Other types of scattering, e.g., Raman, Brillouin and 
Rayleigh-wing scattering, are important spectroscopic 
tools that provide insight into atomic and molecular 
properties. In their most commonly encountered 
form, where the intensity of the scattered light is 
proportional to the intensity of the incident light, the 
scattering processes are termed spontaneous. With 
the intense radiation provided by lasers, however, the 
intensity of the scattered light can grow exponentially, 
and the processes are termed stimulated scattering. 
Stimulated scattering is a subset of the larger 
discipline of nonlinear optics. The term was first 
used to describe nonlinear optical interactions (e.g., 
Raman, Brillouin, Rayleigh) in which the intensity of 
the scattered light grows exponentially, in a manner 
similar to the exponential growth of light intensity 
associated with lasers. These interactions involve 
exchange of energy with a second mode that is an 
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internal mode of the scattering medium, and the 
scattered light wave is at a different wavelength from 
the incoming light. The use of the term stimulated has 
subsequently been expanded to include a wider class of 
nonlinear optical interactions, such as parametric 
fluorescence or certain aspects of self-focusing, in 
which the second mode is itself a light wave, with 
either a different frequency or direction of propagation. 

In the wider sense, scattering of light occurs 
through interaction of the incoming light wave with 
an ‘idler’ mode in a material. Stimulated scattering 
occurs when the idler mode is itself driven by 
interference of the incoming and scattered light 
waves. Under these circumstances, exponential 
growth of the scattered wave results. Depending on 
the interaction, the idler mode may be an internal 
mode of the material or another light wave. Most 
linear scattering processes have stimulated counter- 
parts. However, there are stimulated scattering 
interactions that have no spontaneous analogs. 

The elements of stimulated light scattering can be 
summarized mathematically as follows. The scatter- 
ing process is modeled as an incoming laser or pump, 
an outgoing scattered wave and an idler mode. The 
interaction of the laser with the idler mode to produce 
the scattered light wave is described by the equation 





0 0 * 
Ast)+ Asaf) = Kab" [1] 
dz c ot 


where As and A, are the slowly varying amplitudes of 
the scattered and laser light waves whose electric 


fields are defined as 


i ices 
Esq) = 5 TAsayelln ee ec} [7] 


SCATTERING / Stimulated Scattering 331 





ws.) is the frequency of the scattered (laser) light, 
kg) is the corresponding wavevector, « is a coupling 
coefficient, cc denotes complex conjugate, and b is the 
amplitude of the idler mode given by 

1 
=o 


The interaction of the laser and scattered wave to 
drive the idler mode is described by the equation 


L(b*) = K'ALAs [4] 


B J peiloseve] + cc} [3] 


where CL is a differential operator that describes the 
dynamics of the idler mode, e.g., a damped oscillator 
or a propagating wave, and x’ is a second coupling 
coefficient. For the class of stimulated processes that 
involve excitation of an internal mode of the medium, 
L has the form 
0 1 0 
— | 
L at T i v aE [5] 





where T> is the damping time of the coherence of the 
internal mode. When interaction times are long 
compared to internal response and decay times, 


b* oe K Ay As 


and the scattered wave obeys an equation of the form 
0 
~ A(z.) = SIAL PAs(z, 2) 
0z 2: 


which has an exponential-gain solution for the 
scattered wave intensity: 


Is(z, t) = I5(0, the® 


When the idler mode is a light wave, as in stimulated 
parametric fluorescence, [4] has the same form as [1] 
and they can be solved as a coupled pair, leading to 
transcendental or hyperbolic solutions. Within the 
framework of nonlinear optics, interactions of these 
types can be expressed as arising from a nonlinear 
optical polarization, which forms the right-hand side 
of [1]. The dynamics of the nonlinear polarization are 
then described by [4]. 

Stimulated processes are often associated with 
pumping thresholds. When these processes are con- 
figured with cavity resonators, they possess a 
threshold in pumping intensity just as with lasers or 
other oscillators. When they are operated in single or 
multipass scattering cells, they have no true threshold. 
However, they still have a practical useful threshold 
when the growth from quantum noise raises the 
scattered signal to a level comparable to the pump. By 
convention, this is taken to be the incident light 
intensity at which the scattered intensity reaches 
approximately 1% of the pump intensity, typically 


involving gains of the order of e7?-e°°. At this level, a 
small increase in pump intensity raises the scattered 
intensity to levels at which the pump starts to be 
depleted. 

Attenuation of the scattered light can be accounted 
for by replacing I,g in the above expression by 
Ig — a, where a is the attenuation coefficient. 
Exponential gain is now experienced when the 
pump intensity exceeds the level given by 


= 
& 


This value can serve as an estimate of threshold 
pumping in cavity configurations, although in free 
propagation situations, net gain must still approach 
e” to exhibit threshold behavior. 

A list of stimulated scattering interactions is given 
in Table 1. 


Stimulated Raman Scattering 


Stimulated Raman scattering (SRS) involves conver- 
sion of an incoming light wave at one frequency, 
termed the laser or pump wave, into a scattered 
wave of different frequency, along with excitation or 
de-excitation of an internal mode of the medium. 
The frequency difference between the pump and 
scattered waves is equal to the frequency of the 
material mode and is characteristic of the material. 
When the frequency of the scattered wave is lower 
than that of the incident wave, the scattered wave is 
termed a Stokes wave, and the internal mode of the 
medium is excited in the scattering process. When 
the frequency of the scattered wave is higher than 
that of the incident wave, the scattered wave is 
termed an anti-Stokes wave, and the internal mode 
of the medium is de-excited in the scattering 
process. 

The internal mode of the medium that is involved 
in Raman scattering is a nonpropagating collective 
mode. Many different types of internal modes in all 
types of materials can be involved in Raman 
scattering. Examples include molecular vibrations 
and rotations in gases, liquids, or solids, electronic 
states that are of the same parity as the ground 
state in gases or solids, optical phonons or 
polaritons in solids, and Langmuir waves in 
plasmas. Raman frequency shifts can range from 
tens of wavenumbers for lattice vibrations to tens 
of thousands of wavenumbers for electronic 
transitions. 

Spontaneous Raman scattering was first described 
theoretically by Smekal in 1923 from a quantum 
mechanical study of light scattering, and was 
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Table 1 List of stimulated scattering interactions 


Stimulated scattering process 


Internal material mode 


Light mode change 





Stimulated Raman scattering 


Stimulated Brillouin scattering 
Stimulated Rayleigh scattering 
Stimulated Rayleigh wing scattering 
Stimulated concentration scattering 


Photorefractive stimulated scattering 


Stimulated Thomson/Compton scattering 


Stimulated parametric fluorescence 


Self-focusing 


Nonpropagating internal energy mode: 


molecular vibrations and rotations, 
same parity electronic states, 
optical phonons and Langmuir 
waves 

Propagating sound waves 


Temperature and density fluctuations 
due to light absorption 

Molecular distribution and orientation 
fluctuations 

Fluctuations of concentration in 
gas mixtures 

Diffusion of photo-excited carriers 

Momentum changes in bunched 
free electrons 

Nonresonant nonlinear polarization 


Nonresonant nonlinear polarization 


Change in wavelength, polarization, 
direction 


Change in wavelength, polarization, 
and direction 
Change in direction 


Change in wavelength and 
direction 
Change in direction 


Change in direction 

Change in wavelength and 
direction 

Change in wavelength and 
direction 

Change in direction 


demonstrated experimentally by Raman, and 
shortly after by Landsberg and Mandelstamm in 
1928. Stimulated Raman scattering was first 
observed in 1962 by Woodbury and Ng, and 
Eckhardt et al. soon after the development of 
pulsed lasers. 

Stimulated Raman scattering can be observed in 
many different configurations including cavity reso- 
nators, single or multiple-pass generator cells or 
amplifiers. It can be observed as forward scattering, 
with the scattered light propagating in the same 
direction as the pump light, or backward scattering, 
with the scattered light propagating in the opposite 
direction to the pump light. Its most widespread use is 
for generation of coherent light at frequencies 
different from the pump light. Other applications 
include phase conjugation, optical gating, beam 
cleanup, and pulse compression. 

The equations describing SRS when depletion of 
the pump light and diffraction of the optical beams 
are neglected are: 


: 2; 
ats SS = it @)=-F3(35) O°A, [6] 
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Here As and A, are the slowly varying optical field 
amplitudes of the Stokes and laser waves as given in 
[2], ws.) are the optical frequencies, ksi) are the 
corresponding k vectors, vy) are the group velocities, 
and © is the amplitude of the idler mode, in this 





case the normal mode coordinate of the material 
excitation, defined by: 


1 ey ce 
QZ = FOG y.z,te MOE? +c0) [8] 


(da/dQ)s is the Stokes hyperpolarizability, a= 
@,—@s is the Raman transition frequency, and ko 
is the k vector of the material excitation. The 
phase matching relation ks = ky, — ko is automatically 
satisfied for SRS because the material mode that 
is involved is nonpropagating. TI is the half 
width at half maximum of the Raman linewidth 
given by [= 1/T2, where T> is the dephasing time. 
N is the number of molecules in the ground state 
and m is the effective reduced mass of the material 
oscillation. 

When the fields are constant or vary slowly 
compared to the response time of the material, the 
Stokes intensity is given by 


Is(z) = Is(O)e? [9] 
where the intensity I is given by 
1 2 
Iq.) = 5 (ensayeo)|Asay| 


and 





2 
= Ne; ( a [10] 
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where ng) is the index of refraction of the Stokes 
(laser) in the material and ¢ég is the dielectric 
permittivity of the vacuum. 

The Stokes wave grows exponentially with z at a 
rate that depends on the pump intensity. If the Stokes 
wave becomes intense enough, its power can become 
comparable to that of the original pump wave. In that 
case depletion of the pump wave must be taken into 
account with an equation for the pump wave 
amplitude similar to [6]. The Stokes intensity is now 
given by 


Ts(O)e! 82 
aa sO) on @ge 
ws I, (0) 


Ic(z) = [11] 





which is valid when I,(0) << I,.(0). 

In the limit of strong interactions all of the laser 
energy can be depleted. The maximum Stokes energy 
is given by I; = I, (@s/@z,), where ws/a, is termed the 
Manly—Rowe ratio. The energy that is removed from 
the laser but not converted to Stokes radiation is 
transferred to the material. 

For each photon produced in the scattered wave, a 
corresponding quantum of energy is given to the 
material mode and a photon is removed from the 
laser. In principle, 100% of the laser photons can be 
converted to Stokes photons, but complete conver- 
sion is not achieved in practice. Photon conversion 
efficiencies greater than 90% have been reported in 
some pulsed laser experiments. 

SRS frequency shifts and gains of some materials 
are shown in Table 2. 

When pulses are used with durations comparable 
to or shorter than the response time of the material, 
ranging from  picoseconds to femtoseconds 


Table 2 List of frequency shifts and gains of selected materials 
for stimulated Raman scattering 





Material, A, (nm) Shift (em ') Gain (cm/GW) 
He gas (20 atm), 532 4155 2.5 

Ds gas (60 atm), 532 2987 0.45 

CH, (115 atm), 532 2913 1.26 

H20, 694 3290 0.14 

CSo, 694 655.6 24 

LiINbO3, 694 637 9.4 

Ba(NOs)s, 532 1047 47 


Table compiled in parts from: Kaiser W and Maier M (1972) 
Stimulated Rayleigh, Brillouin and Raman Spectroscopy. In: 
Arecchi FT and Schulz-DuBois EO (eds) Laser Handbook, vol. 2. 
pp. 1077-1150. Amsterdam, The Netherlands: North Holland and 
Reintjes J and Bashkansky M (2001) Stimulated Raman and 
Brillouin Scattering. In: Bass M (ed.) Optical Society of 
America Handbook of Optics, Ch. 18, 2nd ed., vol. IV, New York: 
McGraw-Hill. 


depending on the material, the interaction is 
transient and the effects of the time derivatives in 
[6] and [7] must be accounted for. Under these 
conditions the Stokes intensity is given as a 
temporal integral with Bessel function dependence 
on the laser intensity. When the pulse duration is 
much shorter than the material dephasing time 
and the incident Stokes functional form is the 
same as the pump, the amplified Stokes intensity is 
given by the expression 





T 


I.(z, 2) = 15(0, DIG pest | I (7')d7’ [12] 


where Ip is a modified Bessel function. In this 
regime, the Stokes intensity depends only on the 
integrated pump energy. The Stokes gain is reduced 
from its steady state value for pulses of constant 
intensity, but for pulses of constant energy the 
highest Raman gain is obtained in the limit of 
transient interactions. 

One of the most important applications of 
Raman scattering is the generation of new coherent 
waves at frequencies shifted from the pump. In this 
case, an incident Stokes wave is not supplied as the 
starting term in [9] or [12]. Rather, the process is 
initiated by the vacuum fluctuations in the Stokes 
and material oscillator fields. Quantum field crea- 
tion and annihilation operators must replace the 
classical field amplitudes of [6] and [7]. The 
intensity of the generated Stokes wave is given by 
the expectation value of the normally ordered 
number operator and in the extreme transient 
regime is given by: 


1 
Is(z, dz) = 7 host gssli(d7)z 
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where A is the cross-sectional area of the interaction 
geometry. The Stokes light generated in this fashion 
has all the characteristics of amplified spontaneous 
emission of lasers operated below threshold until 
the Stokes intensity becomes high enough to deplete 
the laser. 

The stochastic nature of the SRS quantum 
mechanical source is manifest in the macroscopic 
Stokes light when the Stokes generator is operated 
well below pump depletion levels. For a single 
spatial mode the probability density distribution of 
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Figure 1 SRS level diagram showing generation of multiple Stokes and anti-Stokes frequencies. 


the Stokes energy has the form of a negative 


exponential: 
1 W 
P(W) (W) ea] am 


Statistical fluctuations in pulse energy, spatial 
profile, pointing, and in the spectral and temporal 
structure of the Stokes signal have all been observed. 

If the intensity of the generated Stokes light 
becomes comparable to the pump intensity, it can 
serve as a pump wave for its own Raman interaction, 
producing a wave termed the second Stokes wave, 
shifted from the pump by frequency 2@,. If the 
process is driven hard enough third- and higher-order 
Stokes waves can be produced. 

In addition to the interaction between the pump 
and Stokes beams described above, stimulated 
Raman scattering can also involve an anti-Stokes 
wave whose frequency is given by was = a, + @. 
The relationship of various Stokes and anti-Stokes 
waves is depicted in Figure 1. If a population 
inversion exists between the energy levels of the 
Raman process, then the anti-Stokes wave experi- 
ences exponential gain in a manner similar to that 
described above for the Stokes gain. 

When all the population is in the ground state, 
which is usually the case, the anti-Stokes wave has 
exponential loss. The anti-Stokes wave can still grow 
without population inversion if the phase-matching 
condition 





Ak = kas +ks — 2ky = 0 


is approximately satisfied. Because of normal dis- 
persion in the material this condition is usually not 
satisfied for collinear beams. However, if the Stokes 





Figure 2 Phase matching diagram for Stokes—anti-Stokes 
coupling in a medium with positive dispersion. 


and anti-Stokes beams propagate at small angles as 
shown in Figure 2, then the phase-matching condition 
can be met. For angles near but not exactly at phase 
matching the anti-Stokes wave grows exponentially 
as part of a mixed Stokes/anti-Stokes mode with a 
gain given by: 


§ = Ref MK; — KIA, 





- i Jak? -+2iAk(K3+K)IALP —(K, KPA 
[14] 


At exact phase matching the interaction of Stokes and 
anti-Stokes waves serves to suppress the exponential 
gain of either wave. 

As with Stokes waves, multiple-order anti-Stokes 
waves can be generated. Stokes and anti-Stokes 
orders up to at least 13 have been reported. 


Stimulated Brillouin and Rayleigh 
Scattering 


Light scattering can also occur through interac- 
tion with material density variations. Spontaneous 
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scattering through interaction with this type of 
internal mode produces a triplet of spectral lines. 
The up- and down-shifted lines are known as 
Brillouin anti-Stokes and Stokes lines, respectively, 
and are due to interaction with acoustic waves. The 
central peak is termed Rayleigh, or thermal Rayleigh 
scattering and is due to stationary density fluctu- 
ations arising from light absorption. A broad skirt 
around the central peak, which can be observed in 
anisotropic media, is due to the fluctuation of 
molecular distribution and orientation and is termed 
Rayleigh wing scattering. Each of these processes 
can give rise to stimulated scattering in the presence 
of intense radiation. 

Density fluctuations are induced directly by light 
intensity through electrostriction, and indirectly by 
temperature fluctuations when optical absorption is 
important. A general classical model of the inter- 
action, including both electrostriction and absorptive 
heating effects, is described by three equations: 

The Navier-Stokes equation: 


Ov v v 
pos + 5 Vip) 4 Po v(AT) nV2v 
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[15] 


The continuity equation: 


0 
ap bet poV-v = 0 [16] 


The energy transport equation: 
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[17] 





Here p=pyt+Ap, T=T)+AT, v is the volume 
element, v is the acoustic wave velocity, 5=C,/C, is 
the ratio of heat capacities at constant pressure and 
at constant volume, n=(27,+ 74) where 7, is the 
shear viscosity and 7g is the dilational viscosity, y= 
po(de/dp)7, Ar and B are the thermal conductivity 
and thermal expansion coefficients, ¢ is the dielectric 
constant, and a is the linear absorption coefficient. 
E, is the pump field and Ezz is either the Rayleigh or 
Brillouin field. 


Equations [15] and [16] can be combined to 
eliminate the v dependence: 
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Together with the equations describing the effect of 
the medium on the optical fields [19a,b], this coupled 
set of equations describes simultaneously stimulated 
Brillouin and Rayleigh scattering: 
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where the slowly varying envelope approximation [2] 
is used for the waves described by A;, App, Ap, and 
AT. The nonlinear polarization term is related to 
density and temperature wave amplitudes in the 
following way: 


ps trot (52) 0 (F)," | 


Without the driving terms involving the optical fields, 
[17] and [18] describe broadband damped fluctu- 
ations in the variables Ap and AT. When the optical 
driving terms are included, resonant behavior 
emerges. Steady state solutions can be obtained 
assuming strongly damped material excitations, 
allowing neglect of Ap and AT derivatives. Separate 
contributions of the Rayleigh and Brillouin inter- 
actions to Ap can be identified: 








[20] 





Rayleigh contribution: 
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where y, is the absorptive coupling constant given by 
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The Brillouin contribution is: 





—(y=iyavg/M)q" £0 ’ 
= Al A 22 
i | oes a ee 
In [21] and [22] the frequencies and wavevectors 
satisfy the following relations: 


OL = ORR+O, [23a] 


ku =kew+4 [23b] 
where wy, is the incident laser frequency, wpyp is the 
frequency of the scattered Rayleigh or Brillouin 
wave, and k;, kpyp are the corresponding wavevec- 
tors. Q and q are the frequency and wavevector of 
the density fluctuation. Equations [23a,b] can also 
be described as energy and momentum conserva- 
tion relations among incident and scattered pho- 
tons and a phonon in the quantum mechanical 
picture. 

The Rayleigh and Brillouin contributions exhibit 
resonant behavior at different frequency shifts. The 
Rayleigh contribution has its resonant frequency at 
Op = 0, resulting in typical diffusion behavior. The 
Rayleigh linewidth 'yp = 2Arq*/po C, is the inverse of 
the decay time of the isobaric density fluctuations. 
The Brillouin contribution has its resonance at a 
frequency shift given by 


Og = qu 


where v is the sound velocity. Thus at resonance the 
density fluctuations associated with the Brillouin 
effect correspond to sound waves. The Brillouin 


linewidth 
2 
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is the inverse of the phonon lifetime 7p. 

In general Brillouin and Rayleigh interactions 
involve noncollinear scattering with the outgoing 
wave propagating at an arbitrary angle to the incident 
wave. In this case [23b] is a vector relation and the 
interaction geometry can be represented as shown in 
Figure 3. 

The resulting relations among the k-vectors and 
frequencies of the various waves can place restrictions 
on the values of frequency shifts that are observed 
under various circumstances. 

The coupled equations for the optical intensities in 
the steady state take the following form: 





dh, 
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Figure 3 SBS phase matching diagram depicting relations 
between laser, k_, sound wave, gg, and Stokes and anti-Stokes, 
kg, ka k-vectors. 


dI, 
ar = grplilap — alee 


[24b] 
where z is the direction of propagation of the 
incoming wave, ¢ is the direction of propagation of 
the scattered wave, and gp,p is the gain coefficient of 
the Rayleigh or Brillouin effect. Equations [24a,b] 
describe interactions that have exponential gain. 
Stimulated Brillouin and Rayleigh scattering can be 
used in both a self-generator and an amplifier mode, 
but are used most often in a self-generator mode. 
Because the frequency shifts are small in these 
interactions, the starting signals for self-generators 
are thermal excitations of the internal modes rather 
than vacuum fluctuations. 


Stimulated Brillouin Scattering 


Stimulated Brillouin scattering (SBS) occurs through 
interaction with acoustic waves in solids, liquids, 
and gases and with ion-acoustic waves in plasmas. 
The Stokes or anti-Stokes frequency shifts for SBS 
are much smaller than for SRS, with typical values 
on the order of 0.1-100 GHz, depending on the 
excitation wavelength and interaction geometry as 
well as on material properties. Because the internal 
mode in SBS is a propagating wave, the phase 
matching condition shown in Figure 3 places 
restrictions on the frequency of the sound wave 
that is involved at various scattering angles. SBS is 
used most often for pulse compression and for 
correction of phase distortion in propagating light 
beams through phase conjugation. Although SBS is 
normally associated with high-power lasers in 
laboratory experiments, it is also a major factor in 
limiting the intensity of low-power lasers that can 
be used in optical fibers because of the long 
interaction lengths. SBS is also a prominent source 
of damage in solids and crystals caused by high- 
power lasers. It can also be used for generation and 
study of coherent hypersonic waves. 
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The SBS gain coefficient has both electrostrictive 
and absorptive contributions, gp = gj + 9% where 


e wpy Op 1 
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The SBS gain from electrostriction has a maximum 
value of 





2 
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at the resonant frequency shift 
0 = Og = qu [28] 


For this condition the interaction is with a sound 
wave in the material. The frequency of the sound 
wave, and the gain, depend on the angle between 
the incident and scattered light. Using the vector 
relation 





kg =k, —q 
depicted in Figure 3 and the approximations 
Op << wp, wy, IRpl = IR! we obtain 
q = 2\k,|sin(6/2) [29] 
The Brillouin frequency shift is then given by 
Og = 2m, (u/c) sin(6/2) [30] 
and the Brillouin linewidth is given by 
i < | | C ( Z i) = sin*(6/2) 
= I sin’(6/2) [31] 


The peak Brillouin electrostrictive gain is then given 


by 





2 
gh = — PL sinca/2) [32a] 
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where we have used the approximation wz ~ a, = w. 

The maximum electrostrictive SBS gain is indepen- 
dent of the laser frequency because the Brillouin 
linewidth is proportional to the square of the laser 
frequency. 


As a function of angle the maximum Brillouin 
gain is usually observed in the backward direction. 
This is consistent with the form of the gain 
coefficient given in [32a], which indicates that the 
gain is proportional to sin(6/2). However, when the 
angular variation of the Brillouin linewidth is also 
accounted for, the gain coefficient is actually 
minimum in the backward direction [32b]. Typical 
laboratory experiments involve pencil-like geome- 
tries in which the interaction length is significant 
only in the backward or forward directions. In these 
situations, the total gain is actually maximum in the 
backward direction, where the interaction length is 
longest. Although the formulas appear to indicate 
that the gain goes to infinity in the forward 
direction, the damping time, which is proportional 
to Tz', also goes to infinity and the interaction 
becomes transient. Under these conditions the gain 
parameter is proportional to sin(@/2) and the 
Brillouin gain goes to zero in the forward direction. 
Under some geometries Brillouin scattering at 90° to 
the laser can also be significant. It can be a source 
of damage to large glass components in high-power 
lasers. 

For thermal Brillouin scattering the gain has a 
dispersive shape centered on the frequency shift 
Q, = Qz, with loss occurring on the low-frequency 
side and gain occurring on the high-frequency side, 
peaking at a frequency 0 = Og +Tp/2. The maxi- 
mum absorptive SBS gain depends on the laser 
frequency as w |. 

Table 3 shows representative values of the Brillouin 
linewidth and gain coefficients for a selection of 
substances. 

Brillouin-enhanced four-wave mixing is a related 
effect that involves both a downshifted wave and an 
upshifted wave in which the coherent interaction is 
enhanced by the resonance associated with the sound 
wave. Gains of the order of 10° can be realized. 
Systems based on this effect are often used for phase 
conjugation. 


Stimulated Rayleigh Scattering 


Stimulated thermal Rayleigh scattering (R) can be 
observed in liquids while Stimulated Rayleigh wing 
scattering (SRWS) is observed in liquids with 
anisotropic molecules. Additionally, stimulated Ray- 
leigh scattering due to fluctuations of concentration 
in gas mixtures can also occur. For R the internal 
mode obeys a diffusion equation. The R gain is 
given by 


SR = BR+BR 
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Table 3 Properties of stimulated Brillouin scattering for selected materials 





Substance Laser wavelength (nm) | Frequency shift (Ghz) | Av (MHz) TB (Ns) ge (cm/GW) — gB/a (cm/GW)* 
Liquid 

Acetone 532 5.93 361 0.44 12.9 22 
Benzene 532 8.33 515 0.31 12.3 24 
CS. 532 7.7 120 1.9 130 20 
CCl, 532 5.72 890 0.18 8.77 13 
Chloroform 532 5.75 635 0.25 11.7 

Ethanol 532 5.91 546 0.29 12° 10 
Methanol 532 5.47 325 0.49 10.6 13 
Water 532 7.4 607 0.26 2.94 0.8 
Gas 

Xenon (7599 torr) 532 0.654 + 0.024 98.1 + 8.9 0.65A3P 1.38 + 0.19 
SF¢(20 bar) 1320 0.2 35 

N2(100 bar) 1320 0.5 30 

Solid 

BK 7 532 34.65 + 0.039 165.0 + 8.6 2.15 + 0.21 

CaFo 532 37.164 + 1.185 45.6 + 8.8 4.11 + 0.65 
Plexiglas 532 15.687 + 0.036 253.7 + 12.6 

SiOz 488 35.6 156 4.482 


“Absorptive maximum gain SBS values at 694 nm, with permission from Boyd RW (1992) Nonlinear Optics. Academic Press: New York. 
Reproduced from Reintjes J and Bashkansky M (2001) Stimulated Raman and Brillouin scattering. In: Bass M (ed.) Optical Society of 
America Handbook of Optics, Ch. 18, 2nd ed., vol. IV. New York: McGraw-Hill. 


where gr and gp are the electrostrictive and 
absorptive contributions given by 
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Both contributions to the STRS gain have dispersive 
forms. The electrostrictive contribution is maximum 
for a down-shifted wave with Q=4Tk. 
Its maximum value scales linearly with laser 
frequency. For the absorptive process the gain 
depends inversely on the laser frequency, and is 
maximum for an upshifted wave with Q = —5Ta. 
Table 4 shows representative values of the Rayleigh 
linewidth and gain coefficients for a selection of 
substances. 


Parametric Fluorescence 


Some types of stimulated interactions do not 
involve exchange of energy with the material. 
These include parametric down-conversion and 
self-focusing. In parametric down-conversion an 
incident wave at frequency a, scatters into two 
longer-frequency light waves at signal and idler 
frequencies w, and w;. They satisfy the frequency 


Table 4 Properties of stimulated Rayleigh scattering for some 
materials at a wavelength of 694 nm 








Substance Calculated maximum steady state Linewidth 
gain factor 6p (MHZ) 
98 (max) (cm/MW) gp(max)/a (em*/MW) 

CCl4 2.6x10 + 0.82 17 

Methanol 84x10 + 0.32 20 

CS. 6.0 x 10-4 0.62 36 

Benzene 2.2x10 + 0.57 24 

Aceton 2.0x 104 0.47 21 

H2O 0.02 x 10-4 0.019 27.5 

Ethanol 0.38 18 


Reproduced from Kaiser W and Maier M (1972) Stimulated 
Rayleigh, Brillouin and Raman Spectroscopy. In: Arecchi FT and 
Schulz-DuBois EO (eds) Laser Handbook, vol. 2, pp. 1077-1150. 
Amsterdam, The Netherlands: North Holland. 


and wavevector relations 
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where A, and A; are called the signal and idler 
fields. The solution for the signal field takes the 
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following form: 


A,(z) = A,(0) cosh x14; 2) 
= WN} * : 2 2 
i,| a A; (0) sinh (ie |Ay| z) [35] 





where 


Ikl* = (w,@/4n,njc*)|x ? 

The stimulated parametric interaction provides 
p p 

gain for input signal and idler waves. For 


large values of y/Ixl*A,l? z the gain becomes 


exponential in character, similar to the gain in 
SRS and SBS. When no incident signals are 
supplied, the source terms in [35] are the vacuum 
fluctuations at the signal and idler frequencies. 
Stimulated parametric fluorescence is the basis for 
parametric oscillators that provide tunable coherent 
radiation over a wide wavelength range in the 
visible and infrared. 


Stimulated Photorefractive Scattering 


Stimulated light scattering also takes place in 
photorefractive materials. These materials include 
crystals such as LiNbO3, BaTiO3, Bi,2SiO29, and 
others. They possess a unique property of photo- 
induced index change with very low light inten- 
sities. Some of the potential applications include 
real-time holography, information recording, phase 
conjugation, parallel signal processing, and ultra- 
fast optical gating. The nonlinearities leading to 
stimulated scattering are very large and can 
produce a significant gain in millimeter thick 
crystals. In order for amplification of scattered 
light to take place the nonlinearities have to have a 
nonlocal character due to diffusion or drift fields. 
Figure 4 shows a two-beam interaction effect in a 


Photorefractive 
crystal 





Figure 4 Stimulated photorefractive scattering diagram show- 
ing incident pump and signal beams, amplified signal beam, and 
an index grating formed in the photorefractive crystal. 


photorefractive medium leading to stimulated 
scattering. Solid lines represent intensity maxima 
of interfering light beams while dashed lines 
represent diffused index change maxima. The fact 
that the two do not overlap allows amplification of 
the signal beam, with the maximum gain occurring 
at 1/2 phase shift. 


Stimulated Compton and Thomson 
Scattering 


Light scattering from free electrons is described by 
Thomson scattering in the low-energy limit, with a 
cross-section of (8m)/(3)((e*)M4aegmc’)*), and by 
Compton scattering in the relativistic limit. Stimu- 
lated Thomson or Compton scattering is the source 
of light emitted from free electron lasers. In these 
interactions, the electron scatters incoming radi- 
ation in its rest frame to a backscattered wave. The 
ponderomotive force resulting from the interaction 
with the scattered waves increases the periodic 
electron bunching, which in turn increases the 
efficiency of scattering. In some cases, the incoming 
electromagnetic wave is provided by a microwave 
source, while in others it arises from a static 
magnetic wiggler, which appears as an incident 
electromagnetic wave in the electron rest frame 
because of a relativistic Lorentz transformation. 
Free electron lasers are a source of tunable coherent 
radiation from the microwave region to the 
ultraviolet. 


Self-focusing 


In the presence of a strong laser field with intensity I, 
the refractive index of many materials changes 
according to the relation 


n= + nl 


where 7 is termed the nonlinear index. This change 
in refractive index gives rise to several effects, 
depending on the temporal and spatial properties of 
the light. In one type of interaction, a strong 
forward beam couples to two weaker beams that 
propagate at small forward angles, providing gain 
for the weaker beams. One of the weak beams 
interferes with the strong forward beam to form a 
phase grating through the nonlinear index, provid- 
ing gain for the second weak beam. The interference 
of the second weak beam with the forward beam 
forms a second phase grating, providing gain for the 
first weak beam, thereby completing the coupling 
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for the stimulated process. This effect is similar to 
Stoke/anti-Stokes Raman scattering, except that the 
coupling is between waves propagating in different 
directions rather than between waves with different 
frequencies. 

For interactions with an instantaneous relaxation 
time, the gain for waves propagating at a small angle 
to the forward direction is given by 


where K, = /k2 +2 is the transverse wavevector, 
corresponding to the angle 


and 


Kyax = 4k?n'nyI 


is the largest transverse k-vector for which gain is 
observed. The maximum gain is given by 





8&max _ Ak 





When the physical interaction that causes the 
refractive index to change with light intensity has a 
nonzero relaxation time, gain can be observed at 
angles larger than that given by Kyax. 

This stimulated four-photon effect can be inter- 
preted as the initiating stage of self-focusing. In the 
self-focusing effect, a laser beam with a normal 
mode profile (more intense in the center than at the 
edges) creates a positive lens in the material, 
focusing the beam. As the beam intensifies, the 
power of the lens increases, causing the beam to 
focus more tightly and eventually coming to a 
catastrophic focus if other nonlinear effects do not 
limit the intensity. The four-photon stimulated effect 
described above results in the spread of k-vectors of 
the forward beam, corresponding to a reduction in 
its diameter. 

Self-focusing is responsible for breakdown and 
damage in many solids. Self-focusing in high-power 
lasers is commonly suppressed by restricting 


transverse k-vectors to values well below those of 
maximum gain. 


See also 


Nonlinear Optics, Applications: Self-Focusing and 
Related Effects (Solitons and Multiphoton Absorption). 
Nonlinear Optics, Basics: Photorefraction. Scattering: 
Scattering Theory. 
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Introduction 


Amorphous semiconductors comprise several classes 
of materials having a range of useful properties that 
have made many of them commercially important. 
Their special characteristics are derived from the 
particular techniques used in their synthesis, and 
include the ability of some to change their structure 
under the influence of heat or illumination. Many 
are photoconductive, making them valuable for 
photodetectors when large area devices are required 
(e.g., xerography), or photovoltaic, hydrogenated 
amorphous silicon being widely used in thin-film 
solar cells. 

‘Amorphous’ means noncrystalline, thus encom- 
passing glassy materials and disordered covalent- 
bonded materials. Glasses, such as the amorphous 
chalcogenides (glassy sulfides, selenides, and tell- 
urides), melt to viscous liquids when heated, 
whereas disordered semiconductors like amorphous 
silicon are metastable thin films that vaporize or 
crystallize when heated. Two other groups of 
glassy semiconductors, the covalent-bonded 
II-IV-V2 compounds and ionic-bonded oxides 


(e.g., V2O5P20;) will not be discussed here. 
Amorphous organic semiconductors are receiving 
much interest now, because of their potential use in 
low-cost display devices, but are more logically 
treated as polymer materials. 

The following sections explain the main prep- 
aration methods and the structures that result, the 
importance of defects and the influence these have on 
optical and electrical behavior, and some of the most 
important applications. 


Amorphous Structure 


The common property that distinguishes all amor- 
phous materials from crystalline ones is the absence 
of long-range order in their atomic structure. These 
disordered solids have no periodic or translational 
symmetry. The term is sometimes loosely applied, and 
it should be noted that elements and compounds that 
are able to form several structures might contain 
different phases. An example is ‘hard carbon’ which 
in thin-film form may contain tetrahedral amorphous 
carbon and hydrogenated amorphous carbon, as 
well as microcrystallites of graphite and diamond. 
Interestingly, the prediction in 1989 by A.Y. Liu 
and M.L. Cohen, that crystalline cubic-C3N4 would 
be even harder than diamond, has not been confirmed 
by experiment. Only a hard amorphous C,N, has 
been produced, even by nitrogen ion beam assisted 
sputtering of graphite, which it was thought would 


342 


SEMICONDUCTOR MATERIALS / Amorphous Semiconductors 





have provided sufficient energy to form the close 
C-N bonds. 

When the common crystalline semiconductors, Si 
and Ge, melt they become liquid metallic conduc- 
tors. This is because the solid is formed by 
directional covalent bonds that produce tetrahedral 
packing of the atoms. In the liquid the bonds are 
weakened and a closer packed structure found in 
metals results. However a less ordered atomic 
arrangement results from condensing vaporized Si 
or Ge on to a cold substrate. In this case the atoms 
cannot move into their preferred positions for either 
tetrahedral or close packing arrays and instead are 
frozen almost wherever they land. Nonetheless, the 
arrangement of atoms is closer to that of the 
tetrahedral crystalline semiconductor than that of 
the metallic liquid. The radial distribution function 
of an amorphous semiconductor provides the num- 
bers of atoms versus distance from an arbitrary 
atom. It shows that the nearest-neighbor distance is 
the same as in the equivalent crystalline material, 
although with some spread of values, but that the 
separation of atoms further away has a less well- 
defined value. Thus pure amorphous Si and Ge retain 
the directional covalent bonds between nearest 
neighbors but have distorted bond angles that 
make next nearest neighbors lie in different positions 
from the equivalent crystalline solid. Consequently 
there is only short-range order and the atoms form 
a continuous random network, a concept intro- 
duced by W.H. Zachariasen in 1932 for glasses. The 
deposition conditions generally lead to further 
disruptive effects that will incorporate small voids 
where the distortion is too large to allow a bond 
between atoms. These voids together with broken 
bonds give a defective network that is far from the 
ideal random tetrahedral ‘lattice’. 


Amorphous Semiconductor Energy 
Bands 


A frequently asked question is ‘Why can amorphous 
materials show semiconducting behavior?’ since they 
do not have the periodic structure that leads to the 
allowed energy band scheme in crystalline semicon- 
ductors. However, note that metals do not become 
insulators when they melt, demonstrating that 
electrical conductivity does not require a periodic 
atomic structure. In fact, electron energy levels in 
solids may also be derived by considering chemical 
bonds when discrete atoms are brought closer 
together. The valence band in a semiconductor arises 
from the electron bonding orbitals and the conduc- 
tion band from the antibonding electron orbitals. 


The forbidden energy gap (bandgap) is the separation 
between these two bands, which are only partially 
filled in semiconductors at room temperature. Thus 
amorphous semiconductors will have bonding and 
antibonding energy bands, and a more or less 
well-defined bandgap according to the defect content. 

In fact, pure amorphous Si and Ge are extremely 
poor semiconductors due to an ill-defined bandgap 
and the large concentration of defects. Distorted 
bonds produce allowed electron energy levels that lie 
adjacent to the well-defined bands in crystals, 
producing tails of energy levels extending into the 
bandgap. Electrons that take up these ‘tail state’ 
energies are not entirely free to move through the 
solid but can only hop from one defective site to 
another. Additional defects arise from unsatisfied 
covalent bonds that ‘dangle’ in the spaces between the 
atoms. These produce electron energy levels within 
the forbidden gap (Figure 1). Indeed, their concen- 
tration is so high in amorphous silicon produced from 
a condensed silicon vapor, that they fix the position of 
the Fermi level at approximately the middle of the 
bandgap and the semiconductor has a high resistivity. 
The usual option of reducing a semiconductor’s 
resistivity by adding small amounts of dopants from 
adjacent columns of the periodic table has little 
effect in this case. A donor atom from group V 
(e.g., phosphorus) may have all five valence electrons 
satisfied by a locally distorted arrangement of silicon 
atoms, instead of having only four bonded electrons 
and a loosely bound electron as in crystalline silicon. 
A similar picture exists for an acceptor atom from 
group III (e.g., boron). 

Semiconductors containing group VI elements, S, 
Se, or Te, have two-fold coordination instead of the 
tetrahedral arrangement of the group IV elements, Si 
and Ge. The bonding between atoms in the solid is 
formed from four of the six p-electrons, which give 
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Figure 1 Schematic density of states for hydrogenated 
amorphous silicon. 
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rise to the bonding and antibonding energy bands of 
the solid, and the two remaining p-electrons from 
each atom form a non-bonding ‘lone pair’. The lone 
pair energy band lies between the bonding and 
antibonding bands, and is the highest filled band in 
the solid, thus being the valence band. 

Just as in amorphous Si or Ge, dangling bond 
defects will have energies between the valence and 
conduction bands, but in lone-pair semiconductors 
such disturbed energy states will now produce energy 
levels that fall within the lone pair band instead of 
within the bandgap. This makes it difficult to dope 
chalcogenide semiconductors, especially by donors, 
since the additional energy levels often lie within an 
existing energy band. Similar considerations apply to 
ternary chalcogenide alloys: these will have lone-pair 
bands arising from the group VI element, with 
additional energy levels from the other components 
(e.g., from group IV or V). However, amorphous 
chalcogenides will also contain three-fold coordi- 
nated chalcogenide atoms and these defects can 
associate in pairs or may interact with an adjacent 
two-fold coordinated atom. Defect centers with two 
oppositely charged chalcogens may form a ‘valence 
alternation pair’ (VAP). 

So it may be seen that the semiconducting 
behavior of solids arises from the nearest-neighbor 
interactions of the atoms giving rise to allowed 
electron energy bands, and that long-range order is 
not necessary to produce the semiconductor’s 
forbidden energy gap. Defects then produce loca- 
lized energy levels that usually lie within the 
forbidden gap. 


Preparation of Amorphous Silicon 


Despite the early use of selenium as a photoconduc- 
tive semiconductor in xerography, most amorphous 
semiconductors might have stayed as curious 
but technologically impractical materials, if an 
alternative preparation method to physical vapor 
deposition had not been discovered. 

In the 1950s the preparation of high-purity 
single-crystal silicon was not yet established, and 
work at Standard Telecommunication Laboratories, 
UK, was attempting to use radio-frequency heating 
to produce silicon from low-pressure silane gas 
(SiH4). It was noticed that a side effect was a 
deposit of resistive, noncrystalline material on cool 
parts of the container, close to unwanted plasma 
‘glow discharges’. In following up this observation, 
the technique was developed to produce a variety 
of other useful compounds from electrical dis- 
charges in appropriate gas mixtures, particularly 


silicon nitrides and oxides. With new scientific 
interest in amorphous semiconductors, the silicon 
coatings from silane were examined in more detail, 
and were shown to be significantly different from 
amorphous silicon produced by evaporating and 
condensing silicon. This new form was very 
photoconductive and could be doped n-type by 
adding phosphine to the silane. A more detailed 
study of doping led to the seminal papers by W.E. 
Spear and P.G. LeComber of Dundee University, 
UK, and to an explosive growth in the whole 
subject, once the potential commercial applications 
became apparent. 

Despite many alternative synthesis methods, 
plasma chemical vapor deposition (CVD) remains 
the most widely used, and produces material that has 
not been surpassed in quality. The key features are a 
vacuum chamber into which a controlled flow of each 
of the gaseous sources is fed, and a heated plate on 
which the substrate is placed for coating. The 
decomposition of the gases is driven by an electrical 
discharge between two electrodes, which enables the 
gas temperature to be much lower than in conven- 
tional pyrolysis (thermal CVD). An important aspect 
of the process is the incorporation of hydrogen into 
the deposited material, which is thus more accurately 
known as hydrogenated amorphous silicon, a-Si:H. 
In the best material, hydrogen is mainly bonded singly 
as Si-H, but if the preparative conditions are not 
optimum then there may also be large amounts of 
Si—Hp (as may be seen from the infrared absorption 
spectra). Alternative source gases usually contain 
hydrogen (e.g., SizH¢), and hydrogen may be added 
as a diluting agent for the doping gases (e.g., BoH¢ or 
PH3). Other precursors include fluorinated gases, but 
these have failed to give the predicted improvements 
in performance of the semiconductor in such appli- 
cations as solar cells, and have greater chemical 
reactivity. 

Since silane is spontaneously flammable in air, 
and the dopant gases are not only flammable but 
also very toxic, efforts have been made to produce 
a-Si:H by other means. Sputtering from undoped or 
doped silicon targets has been a popular choice, but 
it is still necessary to incorporate hydrogen into the 
deposited material, for instance by adding it to the 
usual argon sputter gas. This is because hydrogen 
serves to passivate unsatisfied ‘dangling’ Si bonds 
and to reduce the stresses that would occur in a 
pure silicon network. Photo-CVD, using ultraviolet 
light to drive the reaction without raising the 
temperature, can produce high-quality material 
but has the problem of unwanted silicon deposits 
on the illuminated reaction chamber window. 
Although conventional silane pyrolysis is not 
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suitable for producing a-Si:H, because the tempera- 
tures needed for useful deposition rates also remove 
much of the hydrogen if the substrate is too hot, it 
is possible to heat the gas separately from the 
substrate by means of a hot filament and so 
produce good-quality films. 

Other hydrogenated silicon alloy semiconductors 
are synthesized by additions to silane of ammonia 
(giving amorphous silicon nitride, a-Si:N:H), or a 
hydrocarbon gas such as methane (giving a-Si:C:H), 
or germane (giving a-Si:Ge:H). 


Preparation of Amorphous 
Chalcogenides 


Unlike the tetrahedral group IV elements, useful 
members of this class of amorphous semiconductors 
may be produced by vacuum evaporation and 
condensation on to a relatively cool substrate. 
Compounds, such as As Se3, do not evaporate 
congruently and so the deposit will change compo- 
sition as the evaporation proceeds. More uniform 
compositions may be obtained by sputtering with 
argon, and glassy oxides may also be obtained in this 
way with oxygen added to the inert gas. Chalcogenide 
glasses may also be prepared by rapid cooling from a 
melt, or by chemical vapor deposition from heated 
vapor precursors. Since glasses are thermodynami- 
cally unstable, they will tend to transform to a more 
stable, sometimes crystalline structure. The rate for 
this process depends on the temperature and may be 
effectively too slow to observe. 
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Optical Properties of Amorphous 
Semiconductors 


Optical absorption spectra of amorphous semi- 
conductors clearly show a forbidden energy gap. 
By plotting a suitable function of the absorption 
coefficient, a, versus photon energy, fv, usually 
that given by J. Tauc, (abv)'”, the ‘optical gap’ 
may be determined from the intercept of the 
linear portion of the plot with the x-axis. Unlike 
crystalline semiconductors, amorphous ones have 
no k-selection rules to give indirect and direct 
transitions across the bandgap, thus a-Si:H behaves 
as a direct gap material. This ‘optical gap’ is 
greater than the bandgap determined from electrical 
conductivity measurements, since the latter will have 
contributions from both localized bandtail states 
(low electrical mobility) and extended states 
(high electrical mobility) (Figure 2). 

The absorption spectra also have a portion at lower 
photon energies having an exponential dependence 
on photon energy, known as the Urbach tail. This is 
related to the structural disorder in the material and 
the tail states. Transitions involving defect bandgap 
states lie at even lower photon energy, and the density 
of defects can be determined from the weak absorp- 
tion in this region of the spectrum, perhaps by using 
photothermal deflection spectroscopy to detect the 
weak optical absorption. 

Photoluminescence also provides a probe of the 
defect content of many materials. Interpretation and 
identification of the actual defect (e.g., chemical 
impurity or structural imperfection) is aided by 
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Figure 2 Typical optical absorption spectra of hydrogenated amorphous silicon and arsenic sulfide. 
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reference to the crystalline form. Both crystalline and 
amorphous forms of chalcogenide have a wealth of 
special effects, including reversible photoinduced 
bleaching and darkening, and laser-induced crystal- 
lization and amorphization. In addition the creation 
and dispersal of defects by appropriate illumination 
of some amorphous chalcogenides is accompanied by 
changes in the electron spin resonance (ESR) signal. 
Some of these effects have been the basis for 
applications in optical memories. More prosaically, 
chalcogenide glasses are important infrared 
transparent materials and amorphous chalcogenide 
thin films have had historical importance as the 
photoconductive layer in xerography, although 
here they are now being supplanted by less toxic 
amorphous silicon alloys. 


Electrical Properties of Amorphous 
Semiconductors 


The electrical conductivity of amorphous semicon- 
ductors is often controlled by the defects that are 
introduced by impurities or by structural flaws. For 
a-Si:H this provides alternative conduction mechan- 
isms, via extended state electron and hole conduc- 
tion (as in crystalline silicon), and via hopping of 
electrons or holes through localized energy levels 
within the bandtails or within the bandgap. The 
relative importance of each route depends on the 
temperature and on the density of states (DOS) in 
each energy range, as well as on the mobility of the 
charge carriers. 

These different conduction mechanisms are 
clearly seen in the temperature dependence of the 
conductivity of a-Si:H and of many amorphous 
chalcogenides, since a semilog plot of conductivity 
versus 1000/TK will have portions with different 
slopes as each mechanism dominates a particular 
temperature range. Near room temperature, good- 
quality a-Si:H films in the dark exhibit a well- 
defined Arrhenius relationship with an activation 
energy that is the energy separation of the Fermi 
level from the conduction band extended states, 
electrons dominating the conductivity. The conduc- 
tion band extended states do not have the high 
electron mobility found in crystalline silicon, due to 
the disruption of long-range order and the conse- 
quent increased electron scattering. Typical electron 
mobilities in a-Si:H are ~1cm*v 's ', and hole 
mobilities are even lower. 

The band tail states have even worse carrier 
mobilities, since movement is by hopping to vacant 
sites that might lie at some distance, and hopping 
is unlikely between sites that have a large energy 


difference. (The process has an inverse exponential 
dependence on the energy difference between the 
initial and final states.) Hopping of carriers between 
states that lie within the bandgap is a significant 
contribution to the conductivity only at low tem- 
peratures, unless the density of such defects is high. 
In materials having weakly localized states, nearest- 
neighbor hopping is supplanted by variable range 
hopping, as carriers prefer to hop to a more distant 
site if it has a smaller energy difference from the 
starting site than do the neighboring sites. As the 
temperature is lowered, this hopping distance 
will increase and the conductivity has N.F. Mott’s 
characteristic exp(— B/T '*) dependence on tempera- 
ture, T. Lower-quality films deposited by plasma 
CVD on to unheated substrates tend to be p-type due 
to hopping conductivity through the high density of 
defect states. The link between substrate deposition 
temperature and material quality is caused by the 
way in which hydrogen is incorporated into the 
growing material: high temperatures allow only 
singly bonded hydrogen, which passivates dangling 
bonds thus removing bandgap defect energy levels. 
Low temperatures also allow hydrogen to be 
incorporated as Si-H>» and this disrupts the Si-Si 
lattice bonding, producing more defect levels. 
Confirmation of this effect is obtained from sput- 
tered amorphous silicon, with and without hydrogen 
added to the argon. 

When a-Si:H is illuminated it may show strong 
photoconductivity, depending on the preparative 
conditions. Free carriers are generated by the 
illumination but may fall into defect states (energies 
within the band gap) where they can be released or 
can recombine with the oppositely charged carriers. 
The detailed response to light (wavelength, intensity, 
duration) and temperature thus depends on the 
distribution and concentration of defects. Lumi- 
nescence effects are similarly influenced. Most 
amorphous chalcogenides are only weakly photo- 
conductive due to their high density of gap states, 
those near the middle of the gap (e.g., VAPs) being 
highly effective recombination centers. 

The electrical properties of other hydrogenated 
amorphous tetrahedral semiconductors based on 
silicon are determined by their defect populations, 
and in general they are less well behaved. a-Si:Ge:H 
and a-Si:Sn:H have reduced bandgaps and 
a-Si:C:H and a-Si:N:H have increased bandgaps, 
which offer many possibilities for multilayer device 
design, provided that their normally high defect 
contents can be reduced or controlled. 

The study of glassy semiconductors was stimu- 
lated in the 1960s by the discovery of electrical 
switching in sputtered multicomponent thin films. 
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These simple devices changed from a nonconducting 
to a conducting state when the applied electric field 
exceeded a certain threshold, and returned to their 
initial state when the current fell below a certain 
value. A variety of other switching types was 
discovered, especially under pulsed operation, 
including those having a memory effect based on 
the reversible crystallization and vitrification of a 
narrow filament between the contacts. A theoretical 
model of these devices comprises both electronic and 
thermal effects, which are responsible for initi- 
ating the switching event and for memory effects. 
A practical problem has been the variable jitter in the 
switching time. 


Applications 


Amorphous silicon alloy films are valuable as the 
active layers in thin-film photovoltaic cells, two- 
dimensional optical position detectors, linear image 
sensors (optical scanners), and thin-film transistors 
used in liquid crystal display panels. They also have 
uses as antireflection coatings and planar optical 
waveguides. Amorphous chalcogenide films have 
been used as electrical switches and memory devices, 
for optical data storage, and as dry photoresists and 
electron beam resists. Both types of amorphous 
material have been used in xerography and medical 
X-ray imaging detectors. 

Amorphous silicon solar cells have power con- 
version efficiencies of ~12% for the most compli- 
cated structures. These are tandem cells that use 
different alloys (including a-Si:C:H) for the various 
layers, in order to enhance effective absorption of 
the solar spectrum. A serious drawback of using 
amorphous semiconductors in electronic devices is 
their short carrier diffusion length. In solar cells this 
is circumvented by ensuring that there is a built-in 
field to separate photogenerated electron-hole pairs 
before they can recombine. Because doped amor- 
phous silicon alloys have high defect densities, it is 
difficult to make the effective pn junctions that 
provide such built-in fields in conventional crystal- 
line silicon cells. Instead, amorphous silicon cells 
use pin structures, where the i-layer is effectively 
undoped and provides an extended electric field 
between the p-i and i-n junctions. Long periods of 
illumination increase the dark current in these 
devices, as additional defects are generated. This 
‘Staebler— Wronski effect’ is believed to be associated 
with hydrogen movement at a passivated dangling 
bond (Si-H) and a nearby weak Si-Si bond. 


It is a cause of slow degradation in unstabilized 
solar cells although the change may be reversed by 
thermal annealing. 

In contrast to ‘minority carrier’ photovoltaic 
devices, thin-film transistors necessitate the control 
of majority carriers alone. To address each pixel in a 
liquid crystal display, a switching element is needed 
and simple thin-film transistors fulfill this role. 
Although low carrier mobilities in amorphous 
semiconductors restrict the current passed and 
switching speeds, the requirement for coating 
large area glass panels at low temperatures make 
a-Si:H with a-Si:N:H gate dielectric almost the only 
options. Improved performance is possible by using 
pulsed laser irradiation to change the amorphous 
semiconductor to polycrystalline material. 
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Introduction 


Direct gap semiconductors have many unique proper- 
ties which are advantageous for optical and electronic 
applications, and in particular for detectors and 
emitters of infrared radiation associated with inter- 
band optical transitions. Gallium arsenide, GaAs, 
based structures have principally been used in the 
near-infrared, and so-called narrow gap semiconduc- 
tors in the mid-infrared (MIR) spectral regions. More 
recently systems based on intersub-band transitions 
have shown great promise for MIR devices, with the 
obvious advantage for some applications that they 
can be constructed from large gap, better controlled 
materials (mainly InP- and GaAs-based to date) and 
have a peak operating frequency which is determined 
simply by the design of the particular quantum 
structure. Both approaches have been substantially 
advanced by band structure engineering techniques, 
reducing Auger losses and phonon losses, respect- 
ively, which is the subject of the present work. 

The classic examples of narrow gap materials 
are the III—V semiconductors (InSb, InAs, and 
their related alloys), II-VI semiconductors (mainly 
Hg,_,Cd,Te), and the lead salt alloys. As a direct 
result of the small energy gap, these materials have a 
very low electron effective mass, very high electron 
mobility, even at room temperature, and a high 
saturation velocity. In addition they have a high ratio 
of stimulated to spontaneous transition probabilities 
and a large nonlinear susceptibility. However, they 
have the disadvantage of a high intrinsic carrier 
density at room temperature and thermal generation 
rate, so that a fundamental limitation to the 
performance of devices at elevated temperatures 
(preferably room temperature) is nonradiative 
losses resulting from Auger recombination processes. 
One solution is to cool these systems to 80 K or below 
which involves expensive and bulky cooling methods 
such as Stirling-cycle coolers, negating their advan- 
tages over other, otherwise inferior, devices. In the 
past 10 years there has been an intensive effort to 
circumvent this limitation by quantum structure and 
so-called ‘band structure engineering’ techniques 
made possible by epitaxial growth techniques, 
whereby the Auger processes are suppressed. Since 
the emphasis of the band structure engineering work 


has been mainly towards the optimization of III-V 
semiconductor lasers rather than detectors, we reflect 
that emphasis here. Although developed more 
recently than the bipolar diode lasers, the unipolar 
quantum cascade (QC) lasers provide perhaps the 
best example of systems that can be conveniently 
optimized by band structure engineering techniques. 
In this case, phonon processes dominate so that 
the design is to do with phonon suppression. Thus, 
we are concerned principally with suppression of 
Auger processes for interband devices, and phonon 
processes for intraband devices. 


Nonradiative Processes and Band 
Structure Engineering 


Suppression of Auger Recombination 


Electron recombination processes are dealt with in 
detail elsewhere in the Encyclopedia (see Semiconduc- 
tor Physics: Recombination Processes) but we briefly 
summarize the main points here. It is well known that 
there are three principal interband recombination 
mechanisms by which thermodynamic equilibrium is 
established in semiconductors: Shockley—Read 
recombination, radiative recombination, and Auger 
recombination. These are shown schematically in 
Figure 1. The Shockley—Read recombination occurs 
via extrinsic energy levels produced by lattice defects 
and impurities, Figure 1a, and can in principle be 
controlled by the procedure used to grow the material; 
hence it does not provide a fundamental limit to the 


Conduction band 





(a) 


Valence band hed 


{c) {cd} 


Figure 1 Electronic processes in semiconductors: (a) 
Shockley—Read recombination; (b) radiative recombination; 
(c) Auger recombination; (d) impact ionization. 
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carrier lifetime. The radiative and Auger mechanisms 
(Figure 1b,c, respectively) are, however, fundamental 
and are determined by the electronic structure of the 
material. The former is central to the operation of 
light-emitting diodes and is approximately inversely 
proportional to the electron and hole concentration. 
Optimum detector operation is achieved in materials 
that are limited by the radiative lifetime mechanism. 
Thus, in both cases it is desirable to minimize Auger 
processes. 

By contrast with the two-particle radiative recom- 
bination process, Auger recombination is a three- 
particle interaction. For example in one so-called 
CHCC (or Auger-1) process an electron collides with 
a second electron; the first electron recombines with a 
hole in the valence band and the energy produced by 
the electron-electron collision excites the second 
electron higher up into the conduction band. This 
second electron eventually de-excites by phonon 
emission, and can cause observable heating of carriers 
by an Auger type of up-conversion. However, for the 
present article we are only interested in the first part of 
the process, so we do not consider the heating further 
here. The Auger process is the inverse of impact 
ionization where an energetic conduction electron 
collides with a valence electron, thereby creating an 
electron-hole pair as shown in Figure 1d. The final 
state consists of two low-energy electrons and one 
hole. Analogously, in Auger recombination the initial 
state has three particles (e.g., two electrons and one 
hole) and the final state one (e.g., one electron). Due 
to this three-body nature, the collision probability 
(or transition rate) per unit volume, R, varies with the 
cube of the carrier concentration and (if 7 = p) may 
be written R = Cn, where 7 is the electron density 
and C is referred to as the Auger coefficient. Note 
that the Auger rate is sometimes defined per carrier as 
R' = Cn* = 1/t,, where 7, is the Auger lifetime. 

Narrow gap IIIJ-V semiconductors have the 
familiar three-band (so-called Kane energy band 
structure — (see Semiconductor Physics: Band 
Structure and Optical Properties) consisting of an 
s-like conduction band separated by a small energy 
gap from a triply degenerate p-like valence band, part 
of whose degeneracy is raised by spin-orbit splitting 
as shown in Figure 2. Thus, a large number of 
permutations of Auger processes become possible for 
n- and p-type semiconductors. Those which are 
initiated by a collision between two electrons are 
referred to as conduction, or n-n, Auger processes 
(e.g., the CHCC process), and those by a collision 
between two holes as valence, or p-p, Auger 
processes. It can be shown that the n-n process 
(so-called CHCC or Auger-1) illustrated in Figure 3a 
is dominant in bulk n-type and the p-p process 








Figure 2 Schematic diagram of the conduction and valence 
band structure of InSb showing the energy bands around the 
T-point (k = 0) that are involved in Auger transitions. 


(so-called CHLH or Auger-7) shown in Figure 3c is 
dominant in bulk p-type semiconductors, and so these 
have received the most attention. For larger gap 
(shorter wavelength) semiconductors there is some- 
times a significant resonance between the bandgap 
and the spin-orbit splitting and the p-p process 
(CHSH) shown in Figure 3b becomes important. 
Clearly these simple descriptions require extension 
when the more complex band structure of strained 
layer superlattice quantum systems is considered. 
With certain approximations, some analytic solu- 
tions for the Auger recombination rates are possible. 
This model is, while not appropriate for higher levels 
of band structure engineering, very important for 
giving an insight into how Auger effects should be 
studied, and how they themselves might be engineered. 
The approximations generally used are parabolic 
bands and Boltzmann statistics, but some further 
analytic results may also be obtained when these 
restrictions are relaxed. Bloch functions and Fermi’s 
golden rule are utilized (see Semiconductor Physics: 
Recombination Processes) to describe the particle 
states, so obtaining the general expression for the 
Auger rate per unit volume. Energy and momentum 
conservation provide strong constraints on the result- 
ing integral, and give rise to a considerable reduction in 
the Auger transition rate. However if, for example, the 
momentum conservation constraint is relaxed due to 
occupied levels existing with a broad range of 
momenta, such as at some band extremum with a 
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(a) CHCC 


Figure 3 
Auger-1; (b) CHSH; (c) CHLH or Auger-7. 


large effective mass, then the Auger rate will be 
strongly enhanced. Or to put it the other way round, 
the Auger rate can be reduced by engineering the band 
structures such that the heavy hole effective mass is 
reduced (e.g., by stress — see below) to approach that of 
the conduction band. Furthermore, since we are 
concerned with nonradiative recombination across 
the bandgap with energy E,, any energy levels (again 
band extrema in particular) separated from the 
conduction or valence band edges by Eg, are particu- 
larly susceptible to the excitation part of the Auger 
process. The Auger rate may therefore be reduced by 
designing the structure so that there are no band 
extrema at energies E, from the conduction and 
valence band edges. 


Interband (Bipolar) Lasers 


The technology of band structure engineering, which 
includes superlattices, quantum confinement, and 
intentional incorporation of strain, has now become 
sufficiently advanced that it can be employed in a 
routine manner. As originally proposed, the modified 
band structure of strained IN—V quantum-well 
structures can lead to significant benefits for diode 
laser performance, including reduced threshold 
current density, improved efficiency, and enhanced 
dynamic response and speed. Predicted advantages 
have been demonstrated, although for near-infrared 
devices these have not been quite as subs- 
tantial as originally hoped because of the presence 
of phonon-assisted Auger processes which are not so 
susceptible to band structure engineering techniques. 
Strained layer lasers are now commercially available 
at a variety of MIR wavelengths, where the dominant 


{b} CHSH 


(¢} CHLH 


Important Auger recombination mechanisms for mid-infrared (MIR) semiconductor detectors and lasers: (a) CHCC or 


nonradiative loss is via the direct interband Auger 
scattering routes. 

From the point of view of the present article the 
main contribution of ‘designed’ strain splittings and 
quantum confinement is in the reduction of the Auger 
coefficient itself, by removing states that easily satisfy 
the momentum and energy conservation conditions 
required for the process to take place. However, in 
addition to this there can be a substantial reduction in 
the threshold carrier injection level required for 
population inversion in a laser. In real III-V semi- 
conductors the heavy hole valence band mass, 7p, is so 
much greater than the electron mass, m,, that the usual 
laser picture of degenerate electron and hole distri- 
butions does not apply. At normal carrier injection 
levels the quasi-Fermi level of the holes is above the top 
of the valence band resulting in a classical heavy hole 
distribution. Thus, the lower laser levels are almost 
completely filled with electrons, by contrast with the 
ideal situation of two mirror bands. This leads to an 
injection level for the laser threshold of greater than 
2:1 required for the actual case compared to the ideal 
case. Since the Auger recombination rate per unit 
volume is approximately proportional to the cube of n, 
this factor of ~2 reduction in injection level can 
produce a factor of almost an order of magnitude 
reduction in this loss mechanism. Large biaxial 
strains, either compressive or tensile, can lead to a 
considerable reduction in the hole mass and hence in 
the density of states at the top of the valence band, so 
that the laser characteristics may then approach those 
of an ideal semiconductor, with m, = m,. 

A further important loss mechanism is free hole 
absorption of the heavy holes resulting from inter- 
valence band transitions. This can be effectively 
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eliminated, and other improvements made to laser 
performance, by the introduction of a strained layer 
structure which raises the degeneracy of the light and 
heavy hole at k = 0 and reduces the mass of the heavy 
hole. One example of this comes just from the 
symmetry of the problem, where clearly the cubic 
symmetry of the p-like valence band is not matched to 
the uniaxial symmetry of the laser beam. Application 
of biaxial or uniaxial strain removes the cubic 
symmetry, changing the relative energies of the p,, 
py, and p, valence states, and making it possible for 
almost all of the injected holes to be in the states of 
the correct symmetry to take part in the lasing action. 
The one parasitic phenomenon in semiconductor 
lasers which is hardly affected by band structure 
engineering is spontaneous emission, which will 
always make some contribution to the current density 
required at threshold. 

The band structure of a bulk unstrained direct gap 
tetrahedral semiconductor is shown again for com- 
parison in Figure 2. The effect of biaxial tension and 
compression is shown respectively in Figure 4a,b. In 
each case the lowest conduction band is approxi- 
mately parabolic near the zone center, but becomes 
anisotropic with the electron dispersion at small k. 
The axial strain breaks the cubic symmetry of the 
semiconductor, introducing a tetragonal distortion 








E E 
Ly 
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Figure 4 Schematic representation of the band structure of a 
direct gap tetrahedral semiconductor: (a) under biaxial tension the 
hydrostatic component of the tension reduces the mean bandgap, 
while the axial component splits the degeneracy of the valence 
band maximum and introduces an anisotropic valence band 
structure (the highest band being light along the strain axis, k,and 
comparatively heavy perpendicular to that axis, k,); (b) under 
biaxial compression the mean bandgap increases and the valence 
splitting is reversed. 


which splits the degeneracy of the light and heavy 
hole states at the valence maximum, I’, typically by 
about 60-80 meV for a 1% lattice mismatch. The 
resulting valence band structure is highly anisotropic 
(Figure 4a,b), with the band which is heavy along the 
strain axis, wavevector k,, being comparatively light 
in the plane, along ki, and vice versa. The in-plane 
mass, 7, determines the density of states, and thus, 
under compression (Figure 4b), can be reduced 
according to the principles described above to 
improve conditions towards those for ideal laser 
operation: viz, (1) that there is only one band at the 
valence band maximum; (2) that it has an effective 
mass as close to that of the electron as possible; and 
(3) that above the Bernard—Duraffourg transparency 
condition, the polarization of the gain is anisotropic, 
with spontaneous emission and gain being suppressed 
along all directions except along the axis contributing 
to the laser beam. 

Since the Auger recombination involves three 
carriers, the Auger current JNr in a device with an 
undoped active region varies approximately as 
INr(T) CT yd, where C(T) is the temperature- 
dependent Auger coefficient per unit volume and mth 
is the threshold carrier density. The influence of 
strain on Auger recombination has two aspects, as 
discussed above. First, Jr is very sensitive to any 
reduction in n,, brought about by strain either 
through a decrease in h (heavy hole) mass or an 
increase in the optical transition strength. Secondly, 
strain may change the magnitude of C(T) for the 
interband Auger processes described earlier (Figure 3). 
A simple calculation of Auger recombination in a 
quantum well heterostructure, assuming parabolic 
bands and Boltzmann statistics, shows that the 
coefficient increases exponentially with temperature 
as C(T) = C,exp(—E,/kT), where the activation 
energy, E,, is approximately dependent on (mp) ’. 
Thus, both of these should be reduced by several 
orders of magnitude due to a reduction in the heavy 
hole mass, m,, resulting from the strain effects 
discussed above. 


Phonon Scattering: QWIPs and QC Lasers 


Sub-band transitions are useful for MIR detectors and 
emitters because they make it possible to cover a broad 
range of MIR wavelengths using the same combi- 
nation of large gap, InP-based and GaAs-based state 
of the art semiconductor alloys that are used for 
high-speed electronics and optical communications. 
They are the most advanced of the low-dimensional 
solids from the point of view of demonstrated 
detector performance. This superior control of 
materials results in high uniformity and has thus 
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allowed the demonstration of large 128 x 128 arrays 
with excellent imaging performance. Detectivities 
D* > 10! cm Hz!? W"!, low noise equivalent 
temperature differences, and excellent infrared video 
imaging can be achieved at 10 um for temperatures 
T = 10-80K. 

Although the QWIP (quantum well infrared 
photodetectors) detectors showed promise for many 
years as alternatives to HgCdTe systems, the first 
intersub-band laser was not realized until the 
demonstration of the quantum cascade (QC) laser. 
Intersub-band (QC) lasers differ fundamentally from 
bipolar diode lasers in that they rely on only one type 
of carrier and on electronic transitions between 
conduction sub-band states arising from size quanti- 
zation in semiconductor quantum heterostructures. 
These in-plane sub-bands have the same curvature (by 
contrast with the interband devices which have 
conduction and valence bands of opposite curvature), 
so that the joint density of states and corresponding 
gain spectrum (collision limited) is much narrower 
and approximately symmetric. Thus, the arguments 
which show that the Kane-type band structure is 
particularly disadvantageous for the overall Auger 
loss mechanism in interband diode lasers do not 
apply; the problems resulting from having m, << my, 
are removed and the inversion is much less sensitive 
to thermal broadening of the electron distribution. In 
addition, there is no free hole absorption, and, since 
the component semiconductor materials are of 
comparatively wide bandgap, there is negligible 
intrinsic carrier concentration. However, the 
threshold current density tends to be rather large 
owing to the rapid nonradiative phonon relaxation of 
the population inversion. 

In the original QC laser structure the electrons 
streamed down a potential staircase, sequentially 
emitting photons at the steps, consisting of coupled 
quantum wells in which the population inversion 
between discrete conduction band excited states was 
achieved by control of tunneling. The laser structure 
was grown with the Alo.4gIno,52As/Gao,.47Ino,53As 
heterojunction material system lattice matched to 
InP. Electrical pumping was achieved by alter- 
nating 25 undoped coupled-well active regions with 
compositionally graded layers. The coupled- 
well region was essentially a four-level laser system, 
where a population inversion was achieved between 
the two excited states, 7 = 3 and n= 2. While the 
nonradiative phonon emission lifetime is short (73) ~ 
4.3 ps at the electric fields used in the 
tunneling process), strong coupling to an adjacent 
GalInAs well gives an even shorter lower state lifetime 
(71 ~ 0.6 ps) from optical phonons with nearly zero 


momentum transfer between the strongly overlapped 
and closely spaced = 2. andn = 1 states. This enables 
the achievement of a population inversion between 
these states. (Note that the separation between the 
n=2 and n=1 states, Ex,, is designed to be 
approximately equal to the optical phonon energy.) 

The radiative efficiency of these QC devices is 
unavoidably low (<10~3) because most of the 
electrons in the upper sub-band relax within ~1 ps 
through nonradiative optical phonon emission before 
radiative transitions with a lifetime in the nanosecond 
range have a chance to occur. An alternative 
configuration has been proposed, the type II inter- 
band cascade laser (T2ICL), which retains the 
advantages of cascaded tunneling injection and 
wavelength tuneability but eliminates the nonradia- 
tive phonon path between valence and conduction 
bands of opposite curvature. In addition, band 
structure engineering ideas discussed above are 
incorporated to suppress the unwanted Auger pro- 
cesses; the design results in a light in-plane hole mass 
and the removal of resonances between the energy 
gap and intervalence transitions. 


See also 


Semiconductor Materials: Group IV Semiconductors, 
Si/SiGe; Type-II Quantum Wells and Superlattices. 
Semiconductor Physics: Band Structure and Optical 
Properties; Outline of Basic Electronic Properties; 
Quantum Wells and GaAs-Based Structures; Recombina- 
tion Processes. 
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Introduction, General Remarks 


Semimagnetic semiconductors (SMSs) are a group of 
solids at the interface between semiconductors and 
magnetic materials. Semimagnetic semiconductors, 
also referred to as dilute magnetic semiconductors, 
are semiconductor-based solid solutions where some 
of the cations are replaced by transition metals or 
rare earth elements. The crystallographic structure 
of the semiconductor is conserved; the lattice 
constant is a function of composition. From a 
magnetic point of view SMSs are disordered 
magnetic materials, since magnetic atoms are 
randomly distributed in the cation sublattice of the 
semiconductor compound. Table 1 presents the 
most complete list of bulk ternary SMSs. Quatern- 
ary SMSs are also investigated (e.g., PbSnMnTe or 
CdMnSeTe). 

Generally speaking, in SMSs there coexist two 
interrelated and interacting subsystems: mobile 
delocalized charge carriers and localized magnetic 
moments connected with paramagnetic ions. Elec- 
tronic (mainly optical) properties of SMSs have been 
the subject of intensive studies since early in 1970. 
Due to the strong spin exchange interaction between 
mobile carriers and localized magnetic moments (the 
exchange constant of the sp-d interaction is of the 
order of 1 eV for II-VI SMSs) significant changes of 
the band structure and behavior of the carriers were 
observed. A number of new physical phenomena 
were discovered, such as giant Faraday rotation 
(now important in magnetic field sensors and other 
applications in, for example, the automobile indus- 
try based on this strong magneto-optical effect), the 
magnetic field induced metal—insulator transition, 
the bound magnetic polaron and quantum thermo- 
magnetic oscillations. Investigations of the influence 
of the electron subsystem on the magnetic properties 
of SMSs are connected with the observation of a 
ferromagnetic phase in PbSnMnTe induced by 
carrier concentration. 

Molecular beam epitaxy (MBE) grown GaAs 
with Mn opened a new chapter of III-V SMSs 
showing ferromagnetic behavior with the highest 
transition temperature T,= 110K. In 1987 the 
first paper devoted to layered structure and 
magnetic properties of low-dimensional (LD) 


SMSs was published starting intensive studies 
of superlattices and other LD structures made 
of SMSs. 


Energy Band Structure, Optical and 
Magneto-optical Properties of SMSs 


Replacing cations such as Cd or Hg with a 
paramagnetic ion such as Mn in the same crystal- 
lographic structure does not markedly disturb the 
semiconductor properties of the material. The 
energy gap changes (increases) but the conduction 
and valence bands conserve their symmetry and 
character as in nonmagnetic semiconductor mixed 
crystals. The spin momentum of paramagnetic ions 
is connected with the 3d or 4f shell, for transition 
metals or rare earth elements, respectively. The 
energy level of 3d or 4f electrons lies below the top 
of the valence band and thus has negligible 
influence on its shape or that of the bottom of the 
conduction band. Thus all basic semiconductor 
optical properties connected with the band sym- 
metry and topology are the same as for a typical 
semiconductor. These are described, for example, in 
articles on the lead salts (MS641) involving direct 
optical transitions at the L-point of the Brillouin 
zone, and on mercury cadmium telluride (MS639) 
with direct optical transitions at the I-point. The 
only influence of the magnetic subsystems on 
electrons comes from the spin exchange interaction 
between mobile carriers and localized magnetic 
ions. This interaction can be represented by a 
Heisenberg term 


Hex = FY Sie — Ri) [1] 


where @ and S are spin operators of the band 
electron and magnetic ion, respectively, the sum- 
mation is over all lattice sites occupied by the 
magnetic ions, and J is the exchange constant. 

Assuming mean field and virtual crystal approxi- 
mations this term can be rewritten in the form which 
is periodic with a lattice constant: 


Ay = x(S)avF > I(r ~ R) [2] 
R 


where x is the molar fraction of magnetic ions, (S),, is 
the average over all magnetic ions and is directly 
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Table 1 Composition and crystal structure of ternary 





bulk SMSs 
Material Crystal structure Composition range 
II-VI (Mn) 
Zn,_,Mn,S ZB 0<x<=0.10 
WwW 0.10<x=0.45 
Zn,_,Mn,Se ZB 0<x=0.30 
WwW 0.30 < x = 0.57 
Zn,_,Mn,Te ZB 0<x=0.86 
Cd;_,Mn,S WwW 0<x=0.45 
Cd,_,Mn,Se WwW 0<x=0.50 
Cd;_,Mn,Te ZB 0<x<0.77 
Hg;—-,Mn,S ZB 0<x<=0.37 
Hg;—.Mn,Se ZB 0<x<=0.38 
Hg;_,Mn,Te ZB 0<x=0.35 
ll-V (Mn) 
(Cd,_,Mn,)3ASe2 tetr. 0<x=0.18 
(Zn,_,Mn,)3ASo tetr. 0<xs=0.15 
IV-VI (Mn, Eu, Gd) 
Pb,_,Mn,S RS 0<x=<0.05 
Pb;_,Mn,Se RS 0<x<0.17 
Pb,_,Mn,Te RS 0<x<0.12 
Sny_,Mn,Te RS 0<x<=0.40 
Ge,_,Mn,Te RH 0<x=0.18 
RS 0.18 < x= 0.50 
Pb,_,Eu,Se RS 0<x=0.04* 
Pb,_,Eu,Te RS 0<x<0.32* 
Sn,_,Eu,Te RS 0<x=<0.013 
Pb;_,Gd,Te RS 0<x<0.11* 
Sn,_,Gd,Te RS 0<x=0.09* 
II-VI (Fe, Co, Cr) 
Zn,_,Fe,S ZB 0<x<=0.26* 
Zn;_-.Fe,Se ZB 0<x=0.22* 
Zn,_,Fe,Te ZB 0<xs<0.01* 
Cd,_,Fe,S WwW 0<x<0.09* 
Cd,_,Fe,Se ZB 0<x<0.20 
Cd,_,Fe,Te ZB 0< x= 0.06* 
Hg,_,.Fe,S ZB 0< x=0.037* 
Hgi_»xFe,Se ZB 0< x= 0.20* 
Hg,;_,Fe,Te ZB 0<xs0.02* 
Zn;-,.Co,S ZB 0<x=0.15* 
Zn,_,Co,Se ZB 0<x<0.10* 
Zni—.Co,Te ZB 0 < x< 0.06* 
Cd,_,Co,S Ww 0< x= 0.064* 
Cd;_,Co,Se WwW 0 < x =0.082* 
Cd,_,Co,Te ZB 0<x=0.04 
Hgi-xCo,S ZB 0<x=0.02 
Hg,;_,Co,Se ZB 0<x<0.047* 
Zn;-,Cr,Se ZB 0 < x= 0.005% 
Zn,_,Cr,Te ZB 0< x <0.003* 
Cdy_,Cr,S WwW 0 < x= 0.002* 


ZB — zinc blende, W — wurtzite, RS — rock salt, RH — 
rombohedral. Asterisks denote SMSs with the highest 
reported x value; tetr, tetragonal structure. 

Reprinted in part from Gatazka RR (1995) Influence of electron 
subsystem on magnetic properties of semimagnetic semi- 
conductors. In: Tréc R, Morkowski J and Szymczak M (eds) 
Proceedings of the International Conference of Magnetism, 
Warsaw 1994. Journal of Magnetism and Magnetic Materials, 
113-116. Copyright Elsevier Science. 


related to the magnetization of the sample: 
M= NoguS)av [3] 


Nop is the number of unit cells per unit volume, g is the 
Lande factor for magnetic ions, and yw is the Bohr 
magneton. 

The Heisenberg term must be added to the 
effective-mass Hamiltonian to solve the energy 
eigenvalue problem for SMSs. Realizing this was 
the turning point in understanding their properties 
and provided a basis for this group of alloys to be 
distinguished from other semiconductor mixed 
crystals. Since that time SMSs have become the 
subject of intensive studies in Europe and 
elsewhere. 

The exchange interaction depends on the ion spin 
and the exchange constant. The spin of Mn is the 
highest for transition metals and equals five Bohr 
magnetons, and whilst a typical value for the 
exchange coupling between magnetic ions Jg_q is 
10° eV, the exchange constant for electrons and 
holes with magnetic ions J,,-4 is about 1 eV in SMSs. 

The exchange interaction is also strongly tempera- 
ture and magnetic field dependent. As the macro- 
scopic magnetization of a sample is proportional to 
the thermodynamic average value of the magnetic 
ion spin, to a good approximation we can replace 
the ion spin operators in the Hamiltonian by their 
average value, calculated or taken from measure- 
ments of the magnetization. From typical magnetic 
functions we can thus obtain information on the 
electron behavior. 

In semiconductors, an external magnetic field acts 
on both the orbital motion and the spin of electrons 
producing Landau quantization and spin splitting, to 
an extent dependent on the effective mass of the 
carriers. The exchange interaction acts on their spin 
only and is, in effect, mass independent. Because of 
this, and also the large value of J,,-a, the band 
structure in turn changes drastically under the 
influence of an external magnetic field and depends 
strongly on temperature. From Figure 1 we can see 
that the very typical structure of the degeneracy of 
the light and heavy hole valence bands disappears in 
SMS when a magnetic field is applied. The change 
is accompanied by a drastic increase of hole mobility 
like that observed in low-dimensional structures. 
In SMS such as Hg;_,Mn,Te or Hg,_,Mn,Se 
(for x =0.07) (Figure 2), the magnetic field 
produces an overlap of the valence and conduction 
bands, an effect never observed in nonmagnetic 
semiconductors. 

Impurity levels are also influenced by exchange 
interactions: the ionization energy of an acceptor 
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Figure 1 Conduction and valence band quantization in an external magnetic field for Cdp.9sMno.os Te and CdTe. Spin splitting, which is 


very weak in CdTe, is the main effect in CdMnTe. Notice the almost equal splitting of the heavy- and light-hole bands in CdMnTe. The 
influence of exchange interaction is visible even at 100 K. The picture of CdTe over this range of temperature is practically unchanged. 
Reproduced from Galazka RR (1987) Semimagnetic semiconductors. Europhysics News 18(6): 90-92. 
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Figure 2 Energy band structure of Hg;_,Mn,Te, x = 0.02, calculated at 14 K (a) and 30 K (b) ina magnetic field of 4 T. After Gatazka 
RR (1978) Semimagnetic semiconductors based on HgMnTe and CdMnTe. Reproduced from Wilson BLM (ed) ICPS 14th, Edinburgh 


Institute of Physics, Conference series no. 43, 1978, p.133-140. 


decreases and its wavefunction becomes anisotropic 
under the influence of a magnetic field. Both effects 
produce a giant negative magnetoresistance and a 
field-induced insulator—metal transition. Indeed all 
(particularly optical) properties susceptible to being 
changed by a magnetic field are very different in 
SMSs from those of standard semiconductors: the 
Faraday effect., Shubnikov—de Haas oscillations, 
interband magnetoabsorption, luminescence and 


spin flip Raman scattering (see below) become 
strongly dependent on temperature and magnetic 
field. 

In the absence of a magnetic field, the average 
value of the ion spins is zero, the magnetization 
is zero too, and SMSs should behave as typical 
non-magnetic semiconductors. Whereas this is true 
for delocalized band electrons, when an electron is 
localized around an impurity, a bound magnetic 


Bad Beer Rots Our Young Guts, But Vodka Goes Well 
Bright Boys Rave Over Young Girls But Violet Gets Wed 
Bad Boys Rave Over Young Girls But Violet Gets Wed with Gold and Silver. 


Reading 5-band resistors: 

5-band resistors are easy to read if you remember two simple points. The first three 
bands provide the digits in the answer and the 4th band supplies the number of 
zero's. 


Reading "STANDARD VALUES" (on 5-band resistors) 


5-band resistors are also made in "Standard Values" but will have different colours to 
4-band "common" resistors - and will be confusing if you are just starting out. For 
instance, a 47k 5% resistor with 4-bands will be: yellow-purple-orange-gold. For a 
47k 1% resistor the colours will be yellow-purple-black-red-brown. The brown 
colour-band represents 1%. 

The first two colour-bands for a STANDARD VALUE or "common value" in 1% or 5% 
will be the SAME. These two bands provide the digits in the answer. 

It's the 3rd band for a 5% resistor that is expanded into two bands in a 1% resistor. 
But it's easy to follow. 

For a standard value, the 3rd band in a 1% resistor is BLACK. This represents a 
ZERO in the answer. (For 5-band resistors BLACK represents a ZERO when in the 
third band. This is different to 4-band resistors where black represents the word 
OHMS! If the third band is BROWN, the answer will be 1). 

So the 4th band has to represent one-less ZERO and is one colour UP THE COLOUR 
CHART! In other words the 3rd and 4th bands (combined) on a 1% resistor 
produces the same number of zero's as the 3rd band on a 5% resistor! 


Resistors come in a range of values and the two most common are the E12 and E24 
series. The E12 series comes in twelve values for each decade. The E24 series comes 
in twenty-four values per decade. 


E12 series - 10, 12, 15, 18, 22, 27, 33, 39, 47, 56, 68, 82 


E24 series - 10, 11, 12, 13, 15, 16, 18, 20, 22, 24, 27, 30, 33, 36, 39, 43, 47, 51, 56, 62, 68, 75, 
82, 91 


Here is the complete list of 1% 1/4watt resistors from: 
CIRCUIT SPECIALISTS. The following list covers 10 ohms (10R) to 1M. 
To buy 1% resistors from Circuit Specialists, click: HERE. 
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polaron can be observed. This concept was first 
introduced to explain the behavior of magnetic 
semiconductors (Eu chalcogenides) and then later 
was applied also to SMSs. A localized electron 
can produce a spontaneous magnetization within 
the range of its wavefunction via the exchange 
interaction. Local ferromagnetic ordering in this 
range produces a Stokes shift in spin-flip Raman 
scattering even in the absence of an external 
magnetic field and other related phenomena. Local 
fluctuations of magnetization and a detailed knowl- 
edge of electronic states are essential for a 
theoretical description of this effect. The bound 
magnetic polaron is a subtle example of the feed- 
back between electronic and magnetic subsystems 
present in SMS. 


Magnetic Properties 


Magnetic properties of SMS connected with the 
exchange interaction between paramagnetic ions are 
similar to those of other dilute magnetic materials. 
The broad range of possible magnetic ion concen- 
trations (up to x=0.80 in Zn,_,Mn,Te and 
x = 0.70 for Cd,_,,.Mn,,Te) allows us to observe the 
evolution of magnetic interactions in the same 
crystallographic structure as a function of magnetic 
ion concentration. A continuous transition from 
diamagnetic behavior (for x = 0.005) of the host 
semiconductor, to paramagnetism, spin-glass (for 
x 20.02) and finally antiferromagnetic order has 
been observed. Type III antiferromagnetic ordering is 
observed for x > 0.6 indicating that the magnetic 
elementary cell contains two elementary cells of the 
cation sublattice. From a crystallographic point of 
view the magnetic subsystem is disordered; the dis- 
tribution of magnetic atoms on the cation sublattice 
is random. 

A spin-glass-like state is observed in SMSs in the 
broadest range of paramagnetic ion concentrations 
(0.02 = x = 0.60) below and above the percolation 
threshold (Figure 3). Indeed the temperature depen- 
dence of the magnetic susceptibility below and above 
the transition temperature and their dynamic proper- 
ties at low and high magnetic fields suggest rather the 
existence of two spin-glass phases arising from the 
competition between spin-glass and clustering beha- 
vior. Below the percolation threshold (x = 0.17 for 
fcc lattice) the mechanism responsible for a spin-glass 
phase is even less clear, although, for such a dilute 
system it must be long-range to produce freezing of 
the spins. 

The antiferromagnetic order has been inferred 
from specific heat and magnetic susceptibility 
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Figure 3 Magnetic phase diagram for the listed SMSs. 
P indicates the paramagnetic region, SG indicates the spin- 
glass region. Reprinted in part from Galazka RR (1995) 
Influence of electron subsystem on magnetic properties of 
semimagnetic semiconductors. Reproduced with permission 
from Tréc R, Morkowski J and Szymczak M (eds) Proceedings 
of the International Conference of Magnetism, Warsaw 1994. 
Journal of Magnetism and Magnetic Materials, 113-116. 
Copyright Elsevier Science. 


measurements, and additional information concern- 
ing this phase has come from neutron diffraction 
studies: only a certain fraction of the total number of 
magnetic ions (e.g., about 50% for CdMnTe, 
x = 0.65) is well ordered; the rest remain in a 
disordered spin-glass phase. Thus a mixed phase 
(antiferromagnetic and spin-glass coexisting together) 
rather than a truly antiferromagnetic phase is 
observed. 

The influence of carrier concentration on mag- 
netic properties has been extensively investigated 
in metallic alloys. Several IV-VI semiconductors 
like SnTe can exhibit quite high metallic-like 
carrier concentrations. In the quarternary alloy 
PbSnMnTe, the concentration of holes can be 
varied by annealing in the range 107° to 5x 107! 
em~?. In Pbo.25Sno.72Mno.o3Te an abrupt transition 
from the paramagnetic to ferromagnetic phase has 
been found for p>3x10?°cm%. The Curie 
temperature is a function of hole concentration, 
but the Mn ions conserve their magnetic moment 
of five Bohr magnetons. The magnetic phase 
diagram for this first ferromagnetic SMS (Figure 4) 
is thus three dimensional (T,x,2) in contrast to the 





In all cases the giant (magneto-optical) Zeeman 
splitting caused by the exchange interaction plays a 


In superlattices made of ZnSe/ZnMnSe with a 
small amount of Mn, the band offset of conduction 
and valence bands is negligible at zero external 
magnetic field. In the presence of an external field 
the conduction and valence bands of ZnMnSe split 
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Figure 4 Magnetic phase diagram for PbSnMnTe (e) and 
SnMnTe (m). The ferromagnetic phase is observed in the region 
above the critical carrier concentration p, and the straight line 
defined by the equation x/p = const. Away from this region a spin- 
glass state is observed. Calculated phase boundaries between 
the ferromagnetic and spin-glass state are also shown for two 
theoretical models: SK: Sherrington—Kirkpatrick model and 
RMF: random mean field model. Canonical metallic spin-glasses 
are also shown. Reproduced from de Jonge WJM, Story T, 
Swagten HJM and Eggerkamp PJT (1992) Carrier-induced 
breakdown of ferromagnetism. Europhysics Letters 17: 631—636. 


two-dimensional diagram (Tx) usually presented 
for magnetic alloys. Even a low concentration of 
spin polarized carriers when optically pumped can 
change the magnetization of HgMnTe owing to the 
strong exchange interaction of carriers with mag- 
netic ions. 


Low-Dimensional (LD) SMSs: 
Magneto-optical and Spintronic 
Effects 


Modern technology such as MBE makes it possible 
to obtain quasi-3D SMSs in the whole range of x 
from 0 to 1. It also gives broad possibilities to 
create different combinations of semiconductor, 
SMS, and magnetic materials. In addition the 
dimensionality of LD structures influences the proper- 
ties of both electronic and magnetic subsystems. 
Further there is almost always some strain in the 
system which also influences the properties of super- 
lattices and other LD structures. Studies of LD SMSs 
not only extend the material base but open a new area 
of dimension-dependent phenomena and interactions 
in SMS systems. 

Among many effects observed in LD SMS structures 
we will mention only a few phenomena, where 
exchange interaction is essential and which cannot 
be observed in nonmagnetic LD semiconductors. 


creating a spin-superlattice because the spin-split 
states allow only one spin configuration. The 
possibility of the existence of such a spin super- 
lattice was earlier suggested for SMSs and later 
experimentally observed. 

If the superlattice, quantum well or heterostructure 
is made of SMS and non-SMS material (e.g. ZnTe/ 
CdMnSe or CdTe/CdMnTe) one can exploit the 
drastic differences in the Zeeman splitting occurring 
in different layers to pinpoint the localization in space 
of specific electronic states. If one (hole or electron) or 
both states involved in optical transitions originate 
from the SMS layer, this state will show a very strong 
Zeeman splitting in the external magnetic field. 
Thus the SMS component can be used as a ‘marker’ 
in order to bring out the general properties of the 
wavefunction distribution. 

Excitonic Zeeman splitting in non-magnetic 
quantum wells with SMS barriers can be applied to 
studies of the shape of interface profile and the 
influence of the growth conditions on the shape of 
the interface. If the interface is not completely flat, 
even a small fraction of magnetic atoms in the well 
close to the interface can significantly enhance the 
Zeeman exciton splitting in the quantum well. 
The sensitivity of this method allows one to detect 
the sharpness of an interface with one monolayer 
accuracy. 

The MBE technique opens up possibilities of 
creating hybrid structures with SMSs, useful for 
spintronic devices such as spin filters, spin transistors 
and tunneling magnetoresistance sensors. Very 
importantly, it has been realized that SMSs are highly 
suitable to form the ferromagnetic spin injecting 
electrodes in such systems where simple metallic 
electrodes fail because of the large electrical resist- 
ance mismatch between the electrode and the 
semiconductor in which the spin is being processed. 
A further possibility is to fabricate hybrid metallic 
ferromagnetic—SMS structures. In such a case one can 
make use of the magnetic field exerted by the metallic 
ferromagnet positioned very close (on an atomic 
scale) to the SMS layer or quantum structure, thus 
affecting the spin splitting in the latter. One could use 
such a fringe field to shape the band edges in such a 
fashion that an additional localization of the carriers 
in a two-dimensional quantum well is induced 
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leading to formation of quantum wires or dots. 
In other applications a spin-coherence storage 
effect has been obtained for core electron polarization 
in Mn-doped ZnSe quantum wells. The optically 
pumped conduction electron spin polarization gen- 
erates a nonequilibrium spin polarization of the 
paramagnetic core electron spins(3d in the case of 
Mn) through the core—conduction-electron coupling. 
This core electron spin polarization persists long after 
the conduction electron spin polarization has decayed 
away and presents an interesting avenue towards 
information storage. 

The physics of SMSs is currently a well-established 
part of solid state physics. In the investigations of bulk 
crystals and LD structures many problems are solved 
and new problems are waiting further research. 
Particularly important seems to be investigation of 
layers and LD structures because of the broad 
technological possibilities and because of the new 
important factor (i.e., dimensionality) whereby 
spin-dependent phenomena can be intentionally 
regulated. 


List of Units and Nomenclature 


g Lande factor for paramagnetic ion 

Hex Heisenberg spin exchange Hamiltonian 

Ja-a exchange constant for coupling between 
paramagnetic ions (transition metals) 

J@-—R)_ exchange constant 

toed exchange constant for electron or hole 
coupling with paramagnetic ions 

LD low dimensional 


M magnetization 


MBE molecular beam epitaxy 

No number of unit cells per unit volume 

SMS semimagnetic (diluted magnetic) 
semiconductor 

(S)ay average value of spin operator 

Te Curie temperature 

Va hybridization energy 

x molar fraction of paramagnetic ions 

p Bohr magneton 

GS spin operators 

See also 


Magneto-Optics: Interband Magnetoabsorption, Cyclo- 
tron Resonance, Spin Flip Raman Scattering. Semicon- 
ductor Materials: Lead Salts; Mercury Cadmium 
Telluride. Semiconductor Physics: Spin Transport and 
Relaxation in Semiconductors; Spintronics. 
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Background 


Gallium Arsenide (GaAs) is an important semicon- 
ductor that has come to dominate the field of 
optoelectronics by virtue of its favorable electro- 
optical properties and the ease by which it can be 
controllably modified by extrinsic means; combining 
it with its large family of related alloys (Al,,Ga,_,.As, 
In,,Ga;—,As, GaAs,P(1—x), (In,Ga(1—x))yASNi—y) and 
via the growth of hetero-structures with reduced 
dimensionality (Quantum Wells-2D, Wires-1D, and 
Dots-0D). In such low dimensional semiconductor 
nanostructures, quantum mechanical effects are 
directly exploited to customize and dramatically 
enhance electro-optical properties. Such investi- 
gations of the fundamental electro-optical properties 
of GaAs-based compounds has resulted in the 
emergence of several new device concepts such as 
the Quantum Cascade laser, led to the discovery of 
new physical phenomena like the fractional Quantum 
Hall effect, and may pave the way for an entirely new 
class of opto-electronic devices with true quantum 
functionality. 

In the following, we explore the fundamental 
physical and electro-optical properties of GaAs and 
its related alloys and illustrate the considerable 
impact this remarkable family of materials has had 
on modern semiconductor devices. 


Fundamental Physical Properties 


The crystal structure of GaAs (Figure 1 — inset) 
consists of two interpenetrating face centred cubic 
lattices that accommodate the group III and V atoms 
respectively. The sub-lattices of Ga and As are shifted 
from each other by a/4 along the [111] body diagonal, 
where a is the lattice constant, forming the well- 
known zincblende crystal structure. For stochio- 
metric GaAs, the lattice constant is a = 0.56536(1) 
nm at room temperature which translates to a Ga—As 
nearest neighbor separation (bond length) of 
0.2308 nm. 

Figure 1 summarizes the variation of the lattice 
constant for a number of GaAs related III-V 
semiconductor alloys, plotted as a function of their 
fundamental electronic bandgap. Particularly rele- 
vant is AlAs, which also crystallizes in the zincblende 


form and has a lattice constant (a(AlAs) = 0.5660(2) 
nm) almost identical to that of GaAs (Aa < 1%). The 
sole fact that the Al,Gaiy—,)As alloy can be almost 
perfectly lattice matched to GaAs over its entire 
compositional range, whilst exhibiting near continu- 
ously variable electronic and optical properties, is the 
principal reason for the key role GaAs-related 
materials play in semiconductor opto-electronic 
devices. We continue by investigating the electronic 
and optical properties of the Al,Gaj—,)As family of 
materials and discover why they are particularly 
suited to opto-electronic device applications. 


Summary of Electronic Properties of 
GaAs and Al,Ga,_,As 


The optical properties of semiconductors are deter- 
mined principally by inter-band radiative transitions 
involving electronic states in the vicinity of the 
conduction (CB) and valence band (VB) extrema. 
Consequently, in the following we focus on electronic 
properties of GaAs close to these points and 
substantiate our discussion using experimental data 
obtained from optical spectroscopy. 


GaAs Bandstructure 


GaAs is a direct-gap semiconductor (E, = 1.42 eV at 
300 K), both the conduction band minimum and 



































2.5 Gap 0.5 

2.07 0.75 
> r = 
ao mo 
= 1.5- < 
a. GaAs 2 
> + 41 § 
= ‘o 
& 1.0+ = 
a = 

0.5 2 = 

alle InSb; 
| F=300K InAs dg 
54 5.6 §8 60 62 64 
Cubic lattice constant (A} 

Figure 1 Fundamental bandgap of selected compounds within 


the III-V semiconductor family plotted as a function of the cubic 
lattice constant — a. The inset depicts the zincblende crystal 
structure within the GaAs unit cell. Data obtained from various 
sources, see for example Brozel MR and Stillman GE (eds) (1996) 
Properties of Gallium Arsenide, INSPEC, emis Datareviews 
Series No.16 and Loffe Institute, on NSM semiconductor data 
repository at http://www. ioffe.rssi.ru 
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valence band maximum occurring at the center of the 
Brillouin zone (I-point). Figure 2 summarizes our 
discussion of the electronic structure of GaAs, 
depicting the bandstructure schematically within the 
first Brillouin zone. The valence electron configur- 
ations of Ga and As atoms result in the band edge CB 
states being two-fold degenerate due to the electron 
spin and characterized by an almost isotropic 
effective mass of mp = 0.068 m,. For GaAs hetero- 
structures with reduced dimensionality, the very weak 
anisotropy of the conduction band states can 
generally be ignored when calculating the lowest 
energy confined electron states but has a significant 
impact on higher quantized levels and must, there- 
fore, be included. In addition to the fundamental CB 
minimum at the zone center or I-point of the 
Brillouin zone, satellite minima occur at the six 
equivalent X-points (k = (1/a,0,0)) and eight equiv- 
alent L-points (k = (1/a, 1/a, 1/a)). The X-point and 
L-point minima lie AErx =0.49eV and AE, = 
0.32 eV above the [-minimum at low temperatures 
(T = 4.2 K) and are characterized by strongly direc- 
tion dependent effective masses parallel (||) or 
perpendicular (1) to the principal axes. Electronic 
states in the vicinity of these minima are termed the X 
and L-valleys respectively and have a significant 
impact on high-energy electron transport in devices 
such as HEMTs and in avalanche carrier multipli- 
cation processes, but do not generally play a 
significant role in the optical properties of the 
binary — GaAs. However, satellite CB minima can 
strongly influence the optical properties of GaAs— 
AlAs superlattices and QWs that can exhibit a type-II 
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Figure 2 Schematic representation of the bandstructure of 
GaAs showing just a single conduction band over whole Brillouin 
zone in T-L and [-X directions only and neglecting the split off 
band that does not significantly influence electrical or optical 
properties. 


Table 1 Low temperature GaAs effective masses for electrons 
(upper panel) and holes (lower panel). Values marked with * are 
inferred from measurements on GaAs based heterostructures and 
values marked ™ are calculated 








Crystallographic axis Effective Mass (m,) 
CB- minimum Isotropic 0.068(2) 
CB-X minimum* || [100] 1.9 
1 [100] 0.19 
CB-L minimum** — || [111] 1.9 
1 [111] 0.075 
VB-HH (111] 0.72(3) 
[100] 0.33(6) 
VB-LH (111] 0.08(3) 
[100] 0.09(4) 


band alignment for GaAs layer thicknesses <6 nm. In 
this case, the electrons (holes) are localized in the 
AlAs (GaAs) layer and the nature of the AlAs X-states 
dominates the optical properties. 

The valence band (VB) states of GaAs are four- 
fold degenerate at the bandedge and, characteristic 
of most zincblende semiconductors the valence 
bandstructure, is significantly more strongly aniso- 
tropic than the CB states discussed above. Away 
from the IT-point, the four-fold degeneracy of the 
valence band states is lifted into 2 doubly degen- 
erate sets of bands termed the heavy (HH) and light 
hole (LH) bands by virtue of their zone center 
effective masses (Table 1). The HH band is 
considerably more strongly anisotropic than the 
LH band and is characterized by a much larger 
effective mass along the [100] direction when 
compared with [001], m,[111] >m,[001]. The 
anisotropy of the LH states is much weaker than 
for the HH band, with approximately equivalent 
effective masses along [100] and [111] crystal- 
lographic directions. Typical values for the CB and 
VB effective masses are summarized in Table 1, 
obtained using a variety of experimental techniques 
at low temperature. 


Temperature Dependence 


Quantitative values given above relate specifically 
to the bandstructure at liquid helium temperatures 
(T = 4.2K). Increasing temperature results in a 
narrowing of many of the conduction—valence band 
gaps discussed above and lowering of the effective 
masses. This temperature dependence of the funda- 
mental bandstructure arises from the anharmonic 
dilation of the lattice and from interactions with 
phonons, the population of which becomes signifi- 
cant at elevated temperature. In the simplest picture, 
one can visualize the effect of increasing temperature 
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Table 2 Varshnii coefficients for the , L, and X CB minima 
in GaAs relative to the top of the VB. For the r minimum a number 
of experimental works are available and the value cited is the 
average 





a(10~4 eV/K) B (kK) 
T point 5.45 210 
X point 7.20 205 
L point 6.05 204 


as a shrinking of the first Brillouin zone as the lattice 
constant increases, and with a subsequent increase of 
the band curvature leading to ~5-10% lighter 
effective masses at room temperature than at 
4.2K. In addition, the dramatic increase of the 
phonon population at elevated temperatures results 
in a narrowing of the fundamental bandgaps. 
Phenomenologically, the temperature dependence of 
the fundamental bandgaps can be well described by 
the well-known Varshnii relation 


aT? 


——— 1 
(T+ B) es 


— plr=0K 
E,(T) = EZ-°K — 


where a and B are experimentally determined con- 
stants which are sensitive to the bandgap of interest 
(e.g. T', X, or L, etc.) as summarized in Table 2. 


GaAs/AI,Ga(1_,)~As - The Most Significant Alloy 


Incorporation of aluminum into the GaAs crystal to 
form Al,Gaij—,)As results in a number of profound 
and important modifications of the electronic proper- 
ties compared with pure GaAs. Aluminum is more 
strongly electronegative than Gallium and conse- 
quently the electron charge distribution along the Al- 
As bonds are more strongly localized towards the 
group-III site than for Ga—As bonds which qualitat- 
ively results in a widening of the fundamental 
bandgap with increasing aluminum composition (x). 

The variation of the Al,Gai;—.)As energy gaps for 
the [, X, and L conduction band minima at low 
temperature are summarized in Figure 3 as a function 
of the alloy composition up to x ~ 0.8. The data of 
Figure 3 reflect the results of optical emission and 
absorption measurements and are most reliable for 
more dilute compositions since crystalline AlAs and 
high Al content Al,Gai;_,,As oxidize rapidly under 
atmospheric conditions.' With increasing Al content, 


' The ease by which high Al content Al,Gaj—x)As can be 
oxidized is of great technological benefit for device fabrication. 
Examples include the formation of current apertures in injection 
lasers, Al,,Ga(;—x)As etch stops etc. For a summary Brozel MR and 
Stillman GE (eds) (1996) Properties of Gallium Arsenide, INSPEC, 
emis Datareviews Series No.16. 
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Figure 3 The absolute energy (at 4.2 K) of the [, X and L CB 
minima for Al,Gaj;—,,As as a function of aluminum composition 
up to x ~ 0.8. Higher compositions are not given due to the well- 
known unreliability of experimental data due to instability of high 
Al content Al,Gay;—,)As due to oxidation. Polynominals describ- 
ing each curve are also plotted. Data taken from the following 
sources: I'-minimum, Bosio C, Staehli JL, Guzzi M, Burri G and 
Logan RA (1988) Direct-energy-gap dependence on Al 
concentration in Al,Ga;_,As. Physical Review 38: 3263-3268, 
X-minimum, Guzzi M, Grilli E, Oggioni S, Staehli JL, Bosio C 
and Pavesi L (1992) Indirect-energy-gap dependence on Al 
concentration in Al,Ga;_,As alloys. Physical Review 
B45: 10951, and L-minimum, Henning JCM, Ansens JPM 
and Roksnoer PJ (1986) Spectroscopic determination of L6 
conduction-band minima in Al,Ga,;_,As. Journal of Physical 
Chemistry, L335. 


the [-minimum shifts rapidly to higher energy whilst 
the shift of the L and X-minima is significantly less 
pronounced. At x ~ 0.4 the F and X minima intersect 
and for x > 0.4, the lowest energy conduction band 
minimum shifts to the X-point and the fundamental 
bandgap becomes indirect. This effect is responsible 
for the short wavelength cutoff of Al,Ga(;—,)As/GaAs 
based multi-quantum well LEDs at A ~ 630 nm since 
the transition to an indirect bandgap is accompanied 
by a drastic reduction of the radiative efficiency. 
Shorter wavelength LED operation region of the 
spectrum is possible by moving to other related alloys 
in the III-V family such as (Al,,Gaj_,)o,5Ino,5P (520- 
630 nm) and (GaAs)9.¢Po.4 (~600 nm). We return to 
discuss the optical properties of Al,Gai;—)As below 
in Section 4. 

As expected, the pronounced modifications of the 
bandgap induced by AI incorporation are 
accompanied by modifications of the carrier effec- 
tive masses and temperature dependence of 
the bandgap. These compositional dependence of 
the T, X, and L conduction band and HH and 
LH valence band effective masses are summarized 
in Table 3. 

It should be stressed that the relationships given in 
Table 3 should be considered to be accurate at the 
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Table 3 Compositional variation of the electron and hole effective masses for Al,Gav;—,)As taken from various sources: Data drawn 
from the following sources: Lautenschlager ’-P, Garriga M, Logothetidis S and Cardona M (1997) Physical Review B35: 9174 and Grilli 
E , Guzzi M and Zamboni R (1992) Physical Review B45: 1638. Thurmond CD (1975) L-minimum. Journal Electrochemical Society, 
122: 1133 and Aspines DE (1976) L-Minimum. Physical Review B14: 5331 











Crystallographic Axis Al,Ga(j—»yAs Effective Mass (m°) 
CB-F minimum Isotropic 0.0682 + 0.0835x 
CB-X minimum || [100] 1.9 — 1.02x 
[100] 0.19 + 0.06x 
CB-L minimum \| [111] 1.9 — 0.58x 
1 [111] 0.075 + 0.075x 
VB-HH DOS 0.62 + 0.14x 
VB-LH DOS 0.087 + 0.09x 


~ 5-10% level, since reliable experimental data only 
exists for the GaAs binary endpoint and more dilute 
alloy compositions (x < 0.3). 

The Varshnii coefficients of the temperature depen- 
dence of the bandgap vary with x(0 <x < 0.5) 
according to a(x) = 5.5+3.35x(107* eV/K) and 
B(x) = 225 + 88x(K) respectively. Recent photo- 
reflectance measurements have indicated that these 
simple linear relationships do not hold well over the 
entire compositional range with evidence for some 
bowing of a(x) and B(x) closer to the AlAs binary 
endpoint. 


GaAs/AI,Ga1_,~As Hetero-interfaces 


Modern epitaxial growth techniques now enable the 
routine fabrication of semiconductor heterostruc- 
tures consisting of a well-defined sequence of atom- 
ically precise layers of different materials, which 
together manipulate the opto-electronic properties to 
suit a particular device or application. Of particular 
technological relevance is the GaAs/Al,Gaii—.)As 
hetero-interface since both materials are lattice 
matched for 0 < x < 1 (Figure 1), and multiple layers 
of GaAs and Al,Gaj_,)As can be readily deposited 
without introducing defects into the crystal which 
seriously degrade optical performance. In this section, 
we summarize the most salient features of the GaAs/ 
Al,Gaii—x)As hetero-interface, with particular 
emphasis on the electronic properties before continu- 
ing to discuss the optical properties of Al,,Gai1—,)As 
in Section 4. 

The most important parameters that characterize a 
semiconductor hetero-interface are the magnitude 
and sign of the conduction (AE.) and valence band 
(AE,) offsets. These parameters determine how 
effectively electrons and hole are localized within 
specific epilayers and are related to the total 
difference in the bandgap (AE, = | Daaaae - fey 
via AE, = |AE,+AE,|. Taking the mean of 21 
separate optical and electrical investigations 





between 1985 and 1995, the currently accepted 
value for the band-offset ratio is AE./AE, ~ 64/36, 
with an associated variance over the body of the 
data of approximately +8%. It should be stressed 
that the majority of the experimental investigations 
of the band offsets at the GaAs—Al,Gaii—x)As 
hetero-interface have been performed for alloy 
compositions x < 0.4 and much less experimental 
data exists regarding the variation of AE.: AE, 
with higher Al composition. A rather old review 
(c. 1992), collating data available, at the time has 
indicated that the absolute energies of the conduction 
and valence band offsets vary with composition 
as AE,=(800+30)xmeV for (x <0.4) and 
AE, = (510 + 40)x (0 < x < 1). It is widely assumed 
that the band offsets do not change appreciably with 
temperature. 


Optical Properties of GaAs and 
Significant Alloys 


Optical Absorption 


Monochromatic light of energy E, = hw incident on 
the surface of GaAs may stimulate interband optical 
transitions in which a photon is absorbed and an 
electron from the valence band is promoted into the 
conduction band. In processes involving a single 
photon, the photon momentum is entirely negligible 
compared with the electron and optical transitions 
are vertical in k-space. 

Following excitation, the electron-hole (e—h) pairs 
relax extremely rapidly (719 ~ 150 fs) by sequential 
emission of multiple longitudinal optical (LO) pho- 
nons until their energy becomes close to the bandedge 
and further LO-phonon emission is forbidden by 
energy conservation requirements. This initial phase 
of the carrier relaxation can be extremely rapid, the 
LO-phonon scattering time in GaAs being due to the 
semi-polar nature of the crystal. After this initial 
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rapid relaxation phase, the electron and hole 
populations relax principally via acoustic phonon 
emission (AE < 2 meV) over much longer timescales 
(~ 10-300 ps), which depend upon the lattice tem- 
perature, carrier type and density. Finally, the electron 
and hole populations form thermal distributions via 
carrier—carrier and Auger scattering over longer 
timescales up ~ 500 ps. During these final relaxation 
and thermalization phases, e—h pairs are depleted 
from the conduction and valence bands by interband 
radiative recombination. 

For energies less than the bandgap, the semicon- 
ductor normally appears transparent, although the 
presence of impurities and defect levels can result in a 
weak absorption ‘tail’ below the gap. Optical 
absorption by impurities results in only electrons in 
the conduction band or holes in the valence band. The 
wavelength of light that just causes the creation of an 
electron-hole pair is given by A = hc/E,, where h is 
Planck’s constant, c the speed of light and E, the 
fundamental bandgap. As described in Section 3.1, 
this corresponds to approximately A = 870 nm at 
room temperature, depending on the type and level of 
the doping. Light with wavelength much shorter than 
this, corresponding to energies much larger than Eg, 
will create electron-hole pairs higher up the band 
structure with higher energy and be strongly 
absorbed. These carriers, however, will rapidly lose 
this excess energy by interacting with the lattice and 
relax to the minima of the conduction and valence 
bands. 

The optical absorption is usually quantified by 
the absorption coefficient, a, which is a function of 
the photon energy or wavelength and is shown for 
GaAs in Figure 4. The fraction of the light 
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Figure 4 Variation of the absorption coefficient, a, as a function 
of wavelength in GaAs at room temperature. 


intensity that is absorbed in the semiconductor 
after passing through a thickness x is given by 
f = (1 — exp(—ax)) and the fraction of light inten- 
sity that is transmitted is then simply exp(— ax). a is 
usually expressed in units of cm‘ and at energies 
above the bandgap has values typically between 
10*-10° cm~*. Light with wavelength correspond- 
ing to energies above the bandgap is usually 
absorbed very efficiently (>90%) within a few 
microns. Increasing the bandgap, say by adding 
aluminum, would have the effect of making the 
material more transparent at a given wavelength. 

Optical absorption is an important process as it 
allows light to be converted to free carriers, and hence 
a current in the semiconductor. This forms the basis 
of optical detection by most types of semiconductor 
photodetectors. 


Refractive Index 


The speed (more precisely the phase velocity) of light, 
of all wavelengths, in a vacuum is constant at 
~3.10° ms~!. The speed of light in a medium such 
as a semiconductor is slower due to the microscopic 
interaction of the electromagnetic wave with the 
crystal. The refractive index, Rj, is defined as the ratio 
of the speed in a vacuum to the speed in the 
semiconductor. Increasing the density of the medium 
decreases the speed. Changing the semiconductor, for 
example by adding aluminum, not only increases the 
bandgap as discussed above, but also decreases R, for 
a given wavelength. 

At wavelengths corresponding to an energy just 
below the bandgap of the semiconductor, the material 
is essentially transparent, i.e., the absorption coeffi- 
cient is low. 

Light can be made to travel in a waveguide 
comprising this semiconductor, provided that it was 
surrounded by semiconductor material of a lower 
R,. Light is totally internally refracted at the 
interface between the GaAs and Al,Ga,_,As and 
so cannot escape. The semiconductors with a 
smaller R; usually have a larger bandgap, so are 
even more transparent at the operating wavelength 
and help to physically confine the electrons and 
holes within the GaAs. 

The R; can be changed by injecting charge 
(electrons or holes) into the semiconductor, by 
changing the temperature (which changes the 
bandgap), and by applying an electric field. This 
forms the basis of operation of devices such as 
optical modulators. Unfortunately it also can cause 
‘chirping’, i.e., the unwanted change in light 
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intensity or wavelength as the charge or temperature 
changes. 

The R; which is a function of the wavelength, is 
sometimes expressed as a complex number: 


Ry=n+tik [2] 


where 7 is the real part and k is the imaginary part 
called the extinction coefficient, which is related to 
the absorption coefficient. Typical room temperature 
values of n for GaAs vary from about 3.37 at 
~1.55 pm to 3.87 at 620 nm. 


Common GaAs Based Alloys for Novel 
Technological Applications 


GaInP/AlGaInP - ‘Red, Orange and Green Emission’ 
The alloy (Al,,Ga1_,)9.52Ino,4gP is becoming techno- 
logically important as it has the same lattice 
parameter as GaAs for all values of x, so can grow 
lattice matched on GaAs. This alloy system offers the 
largest direct bandgap of virtually any HI-V 
(excluding the Nitride family), so has attracted 
considerable interest for visible lasers and LEDs in 
the wavelength range 530nm—670nm. At room 
temperature the direct I bandgap increases almost 
linearly from ~ 1.85 eV for Gag,52Ino.4gP to ~ 2.3 for 
(Alo,sGao.s)o.521no9.4gP. For values of x > 0.5, the 
bandgap becomes indirect as in Al,Ga,_,As (x > 
0.4) when the X-level indirect bandgap becomes 
lower than the T-level direct bandgap. Earlier work 
in this alloy suggested that the point at which it 
became indirect was at x=0.66. The X-level 
bandgap appears to be relatively insensitive to the 
aluminum composition and has a value of ~2.3 eV 
at room temperature. 


GaAs/GalnAsN — ‘1.3 pm and 1.55 pm for 
telecommunication applications’ 
One limitation of GaAs is that most of the 
compounds that are lattice matched to it, such as 
Al,.Ga,_,As or (Al,,Gaj_,.)9.52Ino.4gP, have bandgap 
energies that are large, making them unsuitable for 
telecommunication applications which require 
narrow bandgap materials capable of operating in 
the range 1.3 wm to 1.55 wm. Adding indium (In) to 
GaAs can decrease the bandgap but also causes 
strain as the lattice parameter increases, which limits 
the amount of indium and total thickness of the 
structure. 

Recently, it has been shown that while adding In 
to GaAs increases the lattice parameter, adding N to 


GaAs decreases it. Consequently GaInAsN can be 
made to be lattice matched to GaAs by controlling 
the In and N content. Unlike conventional alloy 
semiconductors, adding In or N both result in a 
reduction of the bandgap energy. Furthermore, 
GalInAsN is found to be a direct bandgap material 
with a type I band lineup when combined with 
Al,-Ga,_,As, which is a wide bandgap material also 
lattice matched to GaAs. These properties make 
GalInAsN ideally suited for lasers and there have 
been several reports of devices operating at 1.3 wm 
in the literature. 


See also 


Semiconductor Physics: Quantum Wells and GaAs- 
based Structures. 
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Introduction 


SiGe is now a mature materials system with 
electronic circuits on the market place. While no 
optical devices are available yet, there is a substantial 
amount of research in the field. In this article, the 
fundamental materials properties will be reviewed. 
As SiGe is a strained system, we shall start with the 
basic material properties as this determines the Ge 
content and layer thicknesses which are available for 
use. The band structure and electronic behavior will 
then be reviewed before the optical properties of the 
material. 

The main drive for SiGe research in optical systems 
is the ability to use the extensive Si processing 
knowledge and to integrate a number of components 
onto a Si chip. Conventional Si transistors may also 
be used as driver circuits for the optical components, 
reducing chip counts in systems and therefore 
reducing costs. As Si processing is substantially 
cheaper than other semiconductor materials, if SiGe 
devices can be made on Si processing lines, they have 
the potential to be substantially cheaper than 
comparable III—V or II-VI devices. The SiGe material 
properties that will be reviewed in this article should 
be considered as an expansion of bulk silicon. 


Material Properties and Strain 


Ge has a 4.2% larger lattice constant that Si (Table 1). 
When growing epitaxial films of germanium or the 
alloy Si,;_,Ge, (0 <x <1) on a silicon substrate, 


there exists a maximum thickness called the critical 
thickness above which it costs too much energy to 
strain additional layers of material into coherence 
with the substrate. Instead defects appear, in this case 
misfit dislocations, which act to relieve the strain in 
the epitaxial film. Relaxed Si, Ge or SiGe films form 
diamond, diamond and zincblende lattices respect- 
ively while strained heterolayers below the critical 
thickness form a tetragonal symmetry arrangement. 
The strain therefore will substantially modify the 
electronic and optical properties of the material as 
will be discussed later. 

Most SiGe films are produced by either chemical 
vapor deposition or molecular beam epitaxy. Both 
these techniques allow the deposition of films at low 
temperatures (typically 670-970 K) which is essen- 
tial to prevent strained layers relaxing and forming 
defects. Chemical vapor deposition uses a number of 
different gases such as silane, disilane, dichlorosilane, 
and germane (occasionally with a hydrogen carrier 
gas) as the main species, while phosphine or arsine are 
used as n-type dopants and diborane is the typical 
p-type dopant. With the high melting point of both 
silicon and germanium, molecular beam epitaxy 
requires electron beam evaporators for the host 
materials silicon and germanium while effusion cells 
of antimony (occasionally phosphorus) and boron are 
used for n- and p-type dopants, respectively. 

There are a number of models used to calculate the 
equilibrium critical thickness. The most often quoted 
is the Matthews and Blakeslee model (Figure 1). 
Experimentally it has been shown that defect-free 
films with thicknesses above the critical thickness 
may be grown (Figure 1) although these layers are 
metastable and will relax if temperatures above the 





Table 1 Materials properties of Si, Ge and relaxed Si,_, Ge, 

Element Si Ge Bulk relaxed Si;_, Ge, 
Lattice Diamond Diamond Zincblende 

Lattice constant A> (nm) 0.5431 0.5657 0.5431 + 0.0226x 
Lattice mismatch No (%) 0 4.17 0.04115x — 0.02500x? + 0.05826x* — 0.03379x* 
Density (kg m7) 2329 5323 2329 + 2994x 

Sound velocity ms! (300K) 8440 4900 8440 — 3540x 
Poisson s ratio v 0.280 0.273 0.280 — 0.007x 
Melting point (kK) 1685 1210 

Elastic moduli C11 (GPa) 165.8 128.5 

Elastic moduli C12 (GPa) 63.9 48.3 

Elastic moduli Ca4 (GPa) 79.6 66.8 

Thermal conductivity «x (Wm7~'K~') (300 kK) 140 60 

Dielectric constant € 11.9 16.2 11.9+ 4.1x 


Here is the list of 1% resistors from suppliers (such as Farnell): 





Surface sii on ln Ore 


rs : 40R 0.047R 
1 Zoho 40 ohm sense resistor 
"BO thou" 


“one hundered and 
twenty thousands 
of an inch" 








0.470 4.79 = Q 470Q 47kQ 47kQ 


0.4640 4640 464kQ 4700 4.7kQ 47kQ 


no oD oe 


SHORT-CIRCUITING "ZERO-OHM LINKS* OR “JUMPERS” 








1206 and 0805 SURFACE MOUNT RESISTORS 
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Figure 1 = Thecritical thicknesses for growing a strained Si, _,Ge, 
epitaxial layer on a bulk silicon substrate. The white area 
corresponds to the region below the equilibrium critical thickness 
as calculated with the Matthews and Blakeslee model while the 
gray region corresponds to a metastable layer which may relax 
after thermal treatments. The black area will have dislocations and 
strain relaxation using any growth technique or temperature. 


growth temperature are applied to the heterolayers. 
For any manufacture, the layers cannot be metastable 
as high-temperature processes are normally employed 
in processing. The Matthews and Blakeslee equili- 
brium critical thickness, h, for strained-Si;_,Ge, on 
bulk Si is given by 


h. = o> in[ 10h [1] 


while an approximate value can be obtained from 


h. = 1.7793x 1737 (nm) [2] 


Figure 1 clearly demonstrates that for thick SiGe 
films, low Ge contents must be used. 

There is also a substantial interest in producing 
low-defect relaxed Si;_,Ge, films or strained-Si on a 
relaxed Si;_yGe, substrate which can provide band- 
gaps and band discontinuities not available to 
pseudomorphically grown alloy layers. Ideally the 
relaxed Si,_,Ge, substrate is grown on a Si substrate 
as this allows integration with conventional comp- 
lementary metal oxide semiconductor (CMOS) 
electronics. To date no high-quality bulk single- 
crystal Sij_,Ge, substrates are available due to the 
strong segregation of Si and Ge phases as liquid SiGe 
crystallizes. Growing a thick Si, _,.Ge,. layer on Si well 
above the critical thickness so that it relaxes produces 
a threading dislocation density of about 10!7 cm 
which is far too large to produce device-quality 


material for electronics or optics. By growing a 
linearly graded Si;-,Ge, with the grading rate 
sufficiently low (typically 10% per wm), the strain 
relaxation mechanism changes from a nucleation 
relaxation mechanism to a glide relaxation mechan- 
ism resulting in dislocations with comparatively long 
misfit segments. The defect densities are typically 
10°-10° cm~* (Figure 2) although recent thermal 
processes and other techniques have now reduced this 
to 100 cm. 

Substantial work has appeared in the literature on 
self-organized growth of islands. Such islands are of 
interest in many materials systems as the quantum 
confinement they may offer can potentially enhance 
luminescence properties in numerous opto-electronic 
devices. The dots are formed by the Stranski- 
Kranstanow growth mode in a strained system. 
Planar epitaxial layers grown under stress conditions 
can lower their elastic energy by morphological 
changes. For the growth of strained-Ge or Si, _.Ge,,. 
on bulk Si, this corresponds to the formation of 
islands when the growth parameters in the system are 
correctly set. While the islands may have well-defined 
shapes, the formation of the dots relies on random 
nucleation followed by ripening and coalescence. 
These mechanisms have produced large distribution 
of sizes (up to 30% of the mean size), densities and 
positions. It is quite common to have distributions of 
two or more sizes of islands and the densities are 
typically of order of 108-10? islands per cm”. While 
the heights of these islands may be as low as 3 nm, the 





Figure 2 A transmission electron micrograph of a strain 
relaxation buffer grown by DERA, Malvern. The dense region of 
dislocations corresponds to an approximately 4 1m thick Si,_ Ge, 
layer which is graded from y = 0 to y = 0.23. Above this is a 1 zm 
thick Sig77Ge@o.23 buffer which has no dislocation segments 
threading to the surface. 
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widths of the islands are typically 20 nm or greater, 
which is not yet small enough to produce the 
quantum confinement properties useful for significant 
improvements in opto-electronic devices. 


Electronic Properties and Band 
Structure 


As many of the optical properties and responses are 
derived or result from the band structure of materials, 
this section will concentrate on the band structure 
and electronic properties of SiGe layers. The bandgap 
of SiGe whether strained or unstrained is always 
below that of bulk Si. This potentially allows 
applications at longer wavelengths than comparable 
Si devices. Figure 3 shows the appropriate bandgaps 
for both the unstrained and strained Si,_,Ge, grown 
on relaxed Si. For the unstrained case with a Ge 
fraction x < 0.85, the band structure is Si-like with 
six A-valleys forming the conduction band 
(Figure 4a). For x > 0.85 the band structure is Ge- 
like with four L-valleys. When strain is applied, both 
the conduction band and the valence band are split. 
Figure 4b shows the splitting of the conduction band 
with the A, valleys lower in energy and the A) valleys 
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Figure 3 The bandgap energy for strained Si,_,Ge, on a 
relaxed Si substrate and unstrained Si;_,.Ge,. For the unstrained 
there is a discontinuity at x ~ 0.85 where the band structure 
changes from Si-like with A-valleys to Ge-like with L valleys (see 
Figure 4). 


higher. In addition the valence band is split with the 
heavy-hole band being higher in energy than the light- 
hole band (Figure 3). The split-off band is also moved 
further away from the light and heavy hole bands as 
the strain in the system is increased. The indirect 
energy gap for the strained Si,_,Ge, at 4.2K as 
measured by photoluminescence is given by 


&,e= 1.153 —0.43x%+ 0.0206x [eV] forx<0.85 [3] 


E,= 2.010 — 1.27x[eV] for x > 0.85 [4] 


while the direct bandgap is given by 
E,= 3.395 — 1.287x + 0.153x(1 —x)[eV](300K) [5] 


Due to the critical thickness, measurements of the 
bandgap of strained Si,_,,Ge, grown pseudomorphi- 
cally on bulk Si substrates has been limited to low Ge 
concentrations. Using photoluminescence measure- 
ments at 4.2 K, Robbins has obtained a value for 
the exciton bandgap for strained Si,_,Ge, layers for 
x <0.25 to be 

E, = 1.155 — 0.874x + 0.376x" [eV] [6] 
The bandgap for any strained Si,_,,Ge, layer grown 
on a relaxed Si;_,Ge, substrate is shown in Figure 5. 
If the active strained Si,;_,.Ge,. layer is compressively 
strained then the conduction band is split into A4 
valleys being lower in energy and the A) valleys being 
higher (Figure 4b). For tensile strain (such as strained 
Si on a relaxed Si,_,Ge, substrate), the A> valleys are 
lower in energy and the Ay valleys are higher 
(Figure 4b). 

The band alignments for typical heterolayer 
structures are shown in Figure 6. Pseudomorphically 
grown strained Si,;_,Ge, layers are only useful for 
forming quantum wells in the valence band 
(Figure 6a). Photoluminescence measurements do 
suggest a type I band alignment for these structures 
(quantum wells in both the conduction and valence 
bands) although it was later shown that the material 
is type II but due to charges producing band bending, 
the photoluminescence wrongly suggests a type I 
transition. For a quantum well for electrons, strained 
Si layers are grown on a relaxed Si;_,Ge, substrate. 
In addition, quantum wells in the valence band can be 
produced for strained Si,_,Ge, layers with high 
Ge content grown on relaxed Si,;_yGe, substrates 
for x > y. In almost all cases the band alignments are 
type II although a small region exists where theory 
suggests type I is possible but this has not been 
demonstrated experimentally at present. 
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(b) Relaxed Si,_,Ge, (y > 0.85) 


Figure 4 


Strained Si on 
relaxed Si,_,Ge,, 


Strained Si,_,Ge, on 
relaxed Si;_)Gey (x>y) 


(a) A schematic diagram of the valleys for Ge-like and Si-like material. (6) A schematic diagram of the valley structures and 


energy levels of the conduction bands for relaxed, tensile strained (strained Si on relaxed Si;_,Ge,) and compressively strained 


(strained Si,_ ,Ge, on relaxed Si,_ Ge, (x > y)) material. 


The valence band discontinuity is given by 
AE, = (0.74 — 0.06y)(x — y) [eV] [7] 


while the conduction band discontinuity for strained 
Si on a relaxed Si;_,Ge, substrate is 


AE, = 0.6y [eV] for x < 0.6 [8] 


The complete set of AE, and AE, values for all x and y 
are shown in Figures 7 and 8 respectively. Table 2 
gives some of the electronic data on Si, Ge, and 
relaxed Si, _,Ge, including mobilities, bandgaps, and 
effective masses. 

The mobilities for electrons and holes in relaxed 
Si,_,,Ge, layers are below the bulk Si and Ge layers 


due to alloy scattering (Table 2). For strained 
layers, mobility enhancements have been demon- 
strated in a number of different systems. Electron 
mobility enhancements result from the splitting of 
the valleys reducing intervalley scattering. Hole 
mobility enhancements result from the splitting of 
the valence band and reduction of effective masses. 
The hole mobilities for pseudomorphically grown 
strained Si;_,Ge, quantum wells have shown 
values as high as 17000 cm* V's! at a carrier 
density of 2x 10'' cm for Sio.g7Geo.13 layers. 
Higher Ge contents reduce the mobility due to 
alloy scattering. At room temperature, only modest 
mobility improvements of about 20% have been 
observed giving 220 cm* V's! at the high carrier 


368 SEMICONDUCTOR MATERIALS / Group IV Semiconductors, Si/SiGe 





Relaxed Si,_,Ge, substrate 





0.0 0.2 0.4 0.6 0.8 1.0 


Strained Si,_, Ge, active layer 


Figure 5 The bandgap energy (in meV) for strained Si,_,Ge, 
grown on a relaxed Si, Ge, substrate. Theoretical curves from 
Riger and Vogl have been calibrated to the experimental data from 
pseudomorphic layers. 


densities required for electronic devices of about 
2x10'*cm~*. To remove alloy scattering, pure 
strained Ge channels grown on relaxed Si,;_,Ge, 
substrates have shown low-temperature mobilities of 
55000cm? V's! for densities of 5x 10'! cm * 
with the room-temperature values reaching 
1665 cm? V's '. For electrons, a strained Si layer 
on relaxed Si;_,Ge, substrates (0.2 < y < 0.3) also 
reduces the alloy scattering in the channel and 
produces much higher low-temperature mobilities 
of 390 000 cm? V's! for densities of 4 x 10!’ cm 
while room-temperature values have peaked at 
2830cm* V's‘. All these values correspond to 
electrons or holes at heterointerfaces. Enhanced 
mobilities have also been observed for strained Si 
metal oxide semiconductor field effect transistors 
(MOSFET) where electron mobility enhancements 
of 75% compared to the bulk Si devices has been 
reported on relaxed Sig.gGeo.2. although intrinsic 
transconductances are only increased by 60%. 
For holes, a strained Si layer on a Sig.gGeo.2 
relaxed substrate has demonstrated a 50% mobility 
enhancement over a bulk Si MOSFET. 

The effective mass for electrons in strained Si layers 
on relaxed Si;_Ge, substrates for 0.1 < y < 0.4 has 
produced a very small spread of effective masses with 
values of 0.19 mg (where mo is the free electron 
mass) for the longitudinal mass as measured by 
cyclotron resonance and the temperature dependence 
of Shubnikov—de Haas oscillations. The electron 
effective masses are very similar to the bulk values for 
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Figure 6 Aschematic diagram of some typical SiGe heterolayer 
structures showing the bandgap, conduction band discontinuity, 
AE,, and the valence band discontinuity, AE). (a) shows a 
quantum well in the valence band using a pseudomorphic strained 
Sio.sGeo.2 layer; (b) shows a quantum well in the conduction 
band using a strained Si layer on a relaxed Sip. 7Geo.3 substrate; 
and (c) shows a quantum well in the valence band using a 
high Ge content layer on a relaxed substrate with lower Ge 
content. 


strained Si quantum wells. Hole effective masses in 
pseudomorphically strained Si,_,Ge, layers have 
produced a large spread of data even for similar 
alloy and strain values mainly due to the large 
nonparabolicity of the valence band (Table 3) and 
many of the measured samples having metastable 
Si;_,Ge, quantum wells. The in-plane hole mass is 
theoretically expected to decrease as the strain in the 
system is increased but to date the experimental 
values have been much lower than theoretically 
calculated values. Experimental data (Table 3) 
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Figure 7 The conduction band discontinuity (in meV) for 
strained Si,_,Ge, grown on a relaxed Si,_,Gey substrate. 
Positive numbers correspond to potential barriers to electrons 
while negative values represent quantum wells. The general 
trends and unknown experimental regimes are from the 
theoretical work of Rieger and Vogl while the quantum well data 
for 0.1<y<04 and x=O has been recalibrated from 
experimental work. No experimental data are known to allow 
calibration of the barrier regime. 
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Figure 8 The valence band discontinuity (in meV) for strained 
Si;_,Ge, grown on a relaxed Si;_yGey substrate. Positive 
numbers correspond to quantum wells for holes while negative 
values represent potential barriers. The values from theory in 
the quantum well region agree well with experimental values 
but little experimental data exist to compare the barrier data from 
the theorertical values (plot from Rieger and Vogl) with 
experiment. 


suggests that strained Sig.ggGeo,12 layers have a heavy 
effective mass of about 0.3m) compared to the bulk 
value of 0.55 mo. 


Optical Properties 


Due to the problems of producing high-quality 
single crystals of Si,;_,Ge,, there are relatively 
little data on the optical properties of relaxed 
Si,;_,Ge, in the literature. The situation is even 
worse for strained Si;_,Ge, as the layer thicknesses 
are limited to below 30 nm for Ge contents above 0.1, 
a value much smaller than the penetration depths in 
the system at most optical frequencies. There is, 
however, substantial interest in the optical properties, 
particularly the refractive index, as they suggest 
that SiGe can be used as a waveguide on Si substrates. 

For the relaxed Si,_,Ge, layers, most of the 
published work in the field has been from crystals 
grown by liquid phase epitaxy using melts of indium 
or tin. The samples had free hole concentrations of 
10'7 cm? along with indium or tin impurities and 
details can be found in the reviews by Humlicek. 
Some of the data are also from thick epitaxial layers 
grown well above the critical thickness where the 
threading dislocation density is likely to be about 
10'2 cm *. The data below 2 eV were obtained by 
absorption measurements, those between 2 and 
5.6 eV have been obtained using ellipsometry and 
the values between 6 and 12 eV were obtained by 
reflectance measurements. 

Figures 9 and 10 show the real and imaginary 
parts of the complex dielectric function defined as 
& = €, + ie) where i = J—1 for a number of different 
Ge contents. Figures 11 and 12 show the real and 
imaginary parts of the complex refractive index 
defined by N=n+ik=./e. The peak starting at 
3.395 eV and decreasing as the Ge content is 
increased corresponds to the F, transition across the 
direct gap and may be used to find the Ge content 
using the expression 





x = 4.707 — /6.538E, — 0.0397 [9] 
The refractive index is high owing to the strong 
electronic interband absorption in the visible and 
ultraviolet regions of the spectrum. 

The other important optical property of the 
material is the absorption. The absorption coefficient 
is defined as K = 47k/A where k is the extinction 
coefficient for a wavelength A. The intensity of a wave 
traversing a distance d in a homogeneous medium of 
extinction coefficient, k, is attenuated by a factor 
exp(— Kd). Therefore 1/K is the penetration depth. 
The absorption coefficient is shown in Figure 13. 
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Table 2 Electronic properties of Si, Ge and relaxed Si;_,Ge, 











Element Si Ge Bulk unstrained Si,_ Ge, 
Direct bandgap (eV) at 300 K 3.4 0.80 3.395 — 1.287x + 0.153x (1 — x) 
Indirect bandgap (eV) at 300 K 1.11 (D) 0.664 (L) 1.155 — 0.43x + 0.0206x? (x < 0.85) 
2.010 — 1.27x (x > 0.85) 
Spin-orbit splitting Aso (meV) 44 290 Discontinuity at x ~ 0.85 
Electron mobility Me (em? V~'s"') 1450 3900 Me = 1466.2 — 6425.9x + 6601.8x? 
at 300 K +7716.5x? — 10944x*(x < 0.6) 
Me = 2.9235 x 10778 e71-105* 4 4790.1 
—14246x+ 11117x?(x > 0.6) 
Hole mobility Ln (cm? V~'s') 505 1800 My = 188.42 — 935.7x + 5455.5x? — 8553.7x3 
at 300 K + 5751.7x4(all x) (Nq = 1 — 50x 10'® cm~9) 
Longitudinal electron mass mj; 0.1905 0.082 Discontinuity at x ~ 0.85 
Transverse electron mass m 0.9163 1.58 Discontinuity at x ~ 0.85 
Heavy-hole mass Mbn 0.537 0.284 Discontinuity at x ~ 0.85 
Light-hole mass Min 0.153 0.044 Discontinuity at x ~ 0.85 
Spin—orbit mass Mio 0.234 0.095 Discontinuity at x ~ 0.85 


Table 3 A comparison of effective masses in modulation-doped samples as measured by the temperature dependence of the 
Shubnikov—de Haas oscillations (SdH) or by cyclotron resonance (CR) at liquid helium temperatures. All samples have strained 
Sio.ggGe@o.12 OF Sip.g7Geo.43 quantum wells grown on bulk Si substrates. Therefore only the heavy-hole band should be populated 
at these low temperatures and strain values. £ is the mean free path which is the mean scattering distance of a hole in the system and 


is a quantitative measure of disorder 








Mobility (em? V~* s~*) p(x 10" cm”) £ (nm) m* (mo) SdH m* (mo) CR 
DERA 6560 4.4 71 0.304 0.26 
NRC 6800 5.9 86 0.31 - 
IBM 6000 3.7 60 0.34 0.18 
Warwick 9600 2.5 78 0.27 0.23, 0.29 
Warwick 10500 21 78 0.27 0.24, 0.30 
50 es 50 
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Figure 9 The real part (1) of the complex dielectric function 
e=e, + ie. 


€, for Si,_,Ge, 


nm wo .— 
Oo o o 


oh 
o 


Dielectric function (imaginary part <5) 





10 12 


Energy (eV) 


Figure 10 The imaginary part (e2) of the complex dielectric 
function ¢ = e; + ie9. 
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Figure 11 The real part (n) of the complex refractive index 
N=n-+ik. 
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Figure 12 The imaginary part (k) of the complex refractive index 
N=n-+ik. 


Determining the optical properties of strained 
Si,_,,Ge, layers has been substantially more difficult. 
The major problem is that the absorption coefficient 
is about 10-20cm~! around the fundamental 
bandgap (Figure 6) and therefore any shift due to 
strain effects becomes very difficult to observe using 
absorption techniques in thin SiGe layers. Additional 
complexity results as the substrate material has a 
fundamental bandgap close to the strained layer. 
Therefore photoluminescence is one of the few 
methods for extracting experimentally the optical 
changes due to strain. 
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Figure 13 The absorption coefficient K. 


The splitting of the conduction (Figure 8) and 
valence bands (Figure 9) has already been discussed. 
The photoluminescence signals will also shift with 
strain for the lowest lying bandgap energy. Almost 
all the experimental data for strained layers have 
been obtained for pseudomorphically grown 
strained Si;_,Ge, alloys on bulk Si substrates and 
the data agree well with the bandgaps shown in 
Figures 3 and 5. The quantum well photolumines- 
cence signal is found to shift by —1.4 meV per kbar of 
pressure. After removal of nonhydrostatic com- 
ponents, a value of —1.52 meV per kbar for the 
pure hydrostatic shift has been reported. 


Conclusions 


A review has been presented of the fundamental 
properties of relaxed and strained Si,_,Ge, alloys. 
The materials properties were first reviewed and 
demonstrate the limitations imposed by the critical 
thickness. The electronic properties including the 
bandstructure were then discussed and demonstrate 
the lowered bandgap for Si,_,Ge, alloy compo- 
sitions compared to bulk Si. This property has been 
used in Si;_,Ge, p-i-n photodetectors to move the 
absorption to longer wavelengths in an attempt to 
compete with III-V photodetectors for the import- 
ant 1.3 wm and 1.55 pm fiber optic frequencies. In 
the final section the optical properties of relaxed 
and strained Si,;_,Ge, material were reviewed. The 
difference in refractive indices has opened research 
into SiGe on Si waveguides. 
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List of Units and Nomenclature 


Absorption coefficient (K) [cem~*] 

Band gap energy (E,) [eV] 

Conduction band [meV] 
discontinuity (AE,) 

Critical thickness [nm] 

Density [kg m7 3] 


Dielectric constant (¢) 
Effective mass [719 where 

mo = 9.11 107*! kg] 
Elastic moduli (cj) [ 
Extinction coefficient (k) [ 
Lattice constant (do) [ 
Mean free path (/) [n 
Melting point [ 
Mobility (2) [ 
Pressure [ 
Refractive index (N) 


Sheet carrier densities [cm *] 
Sound velocity [ms *] 
Temperature [K] 

Thermal conductivity (x) [Wm 'K"'] 
Valence band discontinuity (AE,) [meV] 
Wavelength (A) [nm] 


Ill-Nitrides 
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Introduction to InGaN 


The optical properties of wurtzite GaN are of interest 
mainly to band-structure theorists. Luminescence 
from pure InN has probably never been detected. It 
is therefore surprising that the combination of these 
binary III-N compounds produces a solid solution, 
InGaN, which has revolutionized blue-green opto- 
electronics in the last 10 years, and may form the 
basis of a new lighting technology to replace the 
tungsten lamp in the first half of the twenty-first 
century. 

InGaN is also the material basis of the blue laser 
diode, which will be used for future generations of 
optical data storage and for many other applications 
that require a compact source of short-wavelength 
coherent light. The market for nitride light emitters 
has been growing at a rate of ~20% a year since the 
introduction of the first blue nitride light-emitting 
diode (LED) by Nichia Chemical in 1993. The first 


See also 


Semiconductor Physics: Band Structure and Optical 
Properties; Outline of Basic Electronic Properties; 
Recombination Processes. 
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commercial lasers, with lifetimes in excess of 10 000 
hours, were released in 1998. 

So what is InGaN? The naive response-that it is a 
semiconductor alloy—ignores the theoretical demon- 
stration, based on simple equilibrium thermo- 
dynamics, that InN is insoluble in GaN at the 
temperatures usual for growth (using metalorganic 
vapor phase epitaxy, MOVPE). If we imagine a cation 
lattice, on which we distribute Ga and In atoms, in a 
fixed numerical proportion, in order to form a solid 
solution of given composition, it is thermo- 
dynamically probable that the In atoms will associate 
to form agglomerations in certain regions of the 
lattice. The size, shape, and properties of the resulting 
concentration fluctuations have been a topic of 
intense speculation. 

Practically speaking, InGaN layers are grown 
either as rather thin (<3 nm) quantum wells (QWs) 
immersed in GaN or AlGaN or as thicker epilayers 
(10-500 nm) on top of thick GaN templates. Only 
the QWs are of use in devices, whereas the 
composition and structure of the thick epilayers 
are easier to measure in research applications. 
It is dangerous to suppose that the material retains 
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the same properties when grown in thicker layers. 
Recently, a third class of sample has emerged, in the 
form of self-organized ‘quantum boxes’ (originally 
French bdites), which we shall call QBs. These 
samples, grown at low temperatures by molecular 
beam epitaxy (MBE) comprise pancake-shaped disks 
of uncertain composition, about 50 nm across and 
3-5 nm high. 


Optical Spectra of Devices 


There have been several ‘generations’ of nitride 
LED. We refer here to the Nichia Blue, Extrablue 
(actually turquoise) and Green diodes which set the 
scene in 1996, and the Amber diode which first 
appeared in 1998, although not yet available 
commercially. The spectral properties of these 
devices have been stable while their efficiencies 
have improved in the intervening years. The basic 
design appears to incorporate a single quantum 
well. Up to a point, the wavelength tuning depends 
upon the incorporation of different amounts of 
indium in the well. (Green and amber devices may 
have the same amount.) 

In what follows, we prefer to specify composition 
by quoting the indium nitride content, x, according to 
the formula unit 


In, Ga,;_,N = xInN + (1 — x)GaN [1] 


Electroluminescence (EL) spectra of blue and green 
diodes are shown in Figure 1. Spectra are broad 
(compared to kgT at room temperature) with 
exponential tails to high and low photon energies. 
The linewidth tends to increase as the device peak 
wavelength shifts further to the red. 

Whereas it is difficult to measure directly the 
optical absorption spectrum of an ultrathin layer of 
material, an equivalent measurement can be made on 
an LED by monitoring the photocurrent (PC) 
generated by incident monochromatic light. PC 
spectra of the blue and green diode are shown in 
Figure 1, together with the absorption and photo- 
luminescence (PL) spectra of a thick violet-light- 
emitting epilayer. 

The spectra of Figure 1 transform into each other 
by ‘stretching’ the x-axis, using the bandgap energy of 
GaN as an anchor point. Comparison of many pairs 
of spectra produces evidence of a universal scaling 
behavior, which relates the details of each spectrum to 
a single controlling parameter. In the case of 
epilayers, this is undoubtedly the InN fraction, as 
we Shall see later. 
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(arbitrary units) 





(c) InGaN 
epilayer 


PL and absorptance 
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Figure 1 EL and PC (quasi-absorption) spectra of nitride LEDs, 
compared to PL and absorption spectra of a thick InGaN epilayer. 


In order to describe the form of the absorption/ 
excitation curve, we introduce the formal expression 


ao 


a= EcE [2] 
1 +exp( i ) 


where ap is the plateau absorption, observed exper- 
imentally, but not yet theoretically explained, E, is 
the (effective) bandgap energy of the sample, E is the 
photon energy, and AE is an energy broadening term, 
similar to the well-known Urbach parameter. 








Optical Energy Relationships 


The spectral universality pointed out in the previous 
section requires the existence of certain relationships 
between the optical energies. We list the defining 
energies as the bandgap, E,, the peak energy of EL or 
PL, E,, and the difference between these energies, 
measured for a particular sample, which we call the 
Stokes shift: 


SS = Fy — Ey [3] 


(While the energy broadening tends to increase in a 
regular fashion with the Stokes shift, there are 
irregularities in both AE and the PL linewidths of 
samples from different sources. Hence AE and PL 
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Figure 2 Linear dependence of luminescence peak energy on 
effective bandgap. 


linewidth appear to be local rather than universal 
parameters.) 

The relationship between E, and E, for a wide 
range of emitters is found to be linear (Figure 2): 


E, = 1.45E,— 1.54 [4] 


The bandgap energy and luminescence peak energy 
coincide at 1.54/(1.45 — 1) = 3.42 eV, which corre- 
sponds to the energy bandgap of pure GaN. The 
simple linear dependence of E, upon E, implies a 
linear increase of the Stokes shift energy with 
increasing detuning from the GaN band edge. 


Dependence of Optical Energies on x, 
the InN Fraction, for Thick Epilayers 


As stated above, it is usual to measure the compo- 
sition of thick layers, rather than quantum wells, for 
reasons of experimental convenience. Several tech- 
niques can be used to this end, including measure- 
ment of the lattice constants by X-ray diffraction 
(XRD) (one asymmetric and one symmetric reflec- 
tions are required to take into account the strain state 
of the layer), Rutherford backscattering spectrometry 
(RBS), wavelength-dispersive (preferable) or energy- 
dispersive X-ray fluorescence (XRF), sputtered ion 
mass spectroscopy (SIMS), and extended X-ray 
absorption fine structure (EXAFS). 

All usable techniques provide comparable results if 
carried out with sufficient care. We plot the peak 
energy of PL emission against the measured indium 
nitride fraction for a range of epilayer samples in 
Figure 3. Once more, the dependence appears to be 
linear in a restricted composition range. The best-fit 
line to a linear function E,(x) has an x-intercept 
which is close to the bandgap of GaN. The 
dependence of the optical energies on the indium 
nitride fraction can now be summarized by three 
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Figure 3 Linear dependence of the PL peak energy on the InN 
content of InGaN epilayers. 


interdependent linear relations, which are valid in the 
composition range 0 < x < 0.4: 


E, = 3.4-4.4x 
Ee = 3.4 — 3.0x [5] 
SS = 1.4x 


The measurements described above rely on separ- 
ate determinations of composition and an optical 
energy for each sample. Since all samples are to some 
extent inhomogeneous, it would be preferable to 
make such measurements at one and the same time. 
This can be done by using an electron probe 
microanalyzer, modified to allow simultaneous 
cathodoluminescence (CL) spectroscopy. CL is 
analogous to PL. A recent study of samples with 
0.05 < x < 0.25 has yielded the result: 


E, = 3.40(1) — 3.91(5)x [6] 


with error bars (shown) that are about ten times 
smaller than those of the previous work. 


Bandgap of InN 


It is dangerous to extrapolate experimentally deter- 
mined relationships beyond the range of measure- 
ments used to derive them. 

The bandgap of an alloy is best represented by a 
quadratic function of x, with the deviation from 
linearity described by a bowing parameter. The above 
measurements suggest a small bowing parameter for 
the InGaN alloy system. If we ignore bowing and 
equate E, with E., the InN bandgap obtained by 
setting x =1 is calculated to be 0.71 eV. This is 
certainly an underestimate, but is similar to 
recent values obtained experimentally for layers of 
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4-digit Surface Mount resistors on a PC board 


The photo above shows surface mount resistors on a circuit board. The components 
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pure InN grown by Molecular Beam Epitaxy. Before 
the year 2000, the generally accepted value of the InN 
bandgap was close to 2 eV. 


Origin of the Stokes Shift 


Stokes shifts originate in systematic energy loss during 
the excitation—luminescence cycle. While the band- 
gap, as defined above, is the mean energy of electron— 
hole pairs across the bandgap, the PL peak is the modal 
energy of electron-hole recombination. The large 
Stokes shift in the InGaN system is probably due to the 
influence of giant internal electric fields that separate 
the carriers prior to recombination. 

In the absence of a microscopic model, it is difficult 
to provide a quantitative description of energy loss in 
the excitation—emission cycle. Experiment shows 
that the shift can be as large as ~0.6 eV in an 
epilayer with x = 0.4. If such a layer were 100 nm 
thick and uniform in composition, it would be 
strained by about 4% when pseudomorphic to a 
GaN template, with an estimated vertical electric field 
of 6 X 10° Vm |. Unit strain would correspond to a 
15-eV shift (equivalent to a piezoelectric deformation 
potential). While these numbers are large, they seem 
reasonable in the light of sophisticated theoretical 
calculations of the magnitude of the piezoelectric 
effect in InGaN. But it is an unfortunate experimental 
fact that layers grown with different thicknesses, and 
presumably under different states of strain, may show 
the same value of the Stokes shift. 

If the material has composition fluctuations, 
accompanied by strain variations, the recombination 
energy will be much more sensitive to the local 
environment. One can imagine a situation in which 
recombination always takes place at the lowest 
available energy, as carriers diffuse under the action 
of local strain/electric fields. This situation would be 
rather similar to that which pertains in quantum wells 
with spatial energy disorder, caused by well width 


CB 





VB 


Figure 4 Excitation—emission cycle in the presence of an 
electric field. CB and VB are conduction band and valence band, 
respectively. 


fluctuations. A theoretical treatment of localization in 
three dimensions would be very difficult. 

In any case, the physical situation of excitation and 
recombination in the presence of an electric field is 
that sketched in Figure 4. 


Quantum Wells and Quantum Boxes 


The incorporation of quantum wells has several 
advantages for light-emitting devices. In nitrides, the 
expected increase of oscillator strength for radiative 
transitions, due to the reduced dimensionality, is 
mitigated to some extent by the opposing effect of the 
internal electric fields, but the quantum well still acts 
as an energy sink for mobile excitations and as a site 
for carrier localization. 

Quantum confinement can also act as a wavelength 
tuning mechanism in QW devices. The effect in blue- 
emitting nitride devices is rather small until the QW 
width falls below 3nm. It should be clear that a 
reduction in the photon energy of recombination with 
increasing well width will accompany vertical separ- 
ation of carriers in a piezoelectric model. Usually, as 
mentioned above, wavelength tuning in nitride 
devices is accomplished by changing the composition. 
What should we make of the fact that amber and 
green diodes apparently have the same composition? 
It would appear that the well widths are different. On 
the other hand, the amber emitters have anomalously 
narrow linewidths, which may imply that some other 
mechanism is in force. Here, we must let the matter 
rest, in the absence of detailed structural information. 

Quantum boxes should be distinguished from 
quantum dots (QDs). The former are mesoscopic 
objects that form spontaneously under certain growth 
conditions, which usually involve the influence of 
strain. The best-characterized example in semicon- 
ductor physics is the Stranski-Krastanow growth of 
InGaAs structures on GaAs. While GaN in AlGaN 
forms recognizable nanocrystals, InGaN forms less 
well-defined structures of indeterminate shape, some 
30-50 nm in lateral extent and 3-10 nm high. QDs, 
on the other hand, are truly zero-dimensional objects, 
in the sense that carrier motion is quantized simul- 
taneously in three spatial dimensions. The utilization 
of reduced dimensionality to enhance recombination 
probabilities in active devices is only valid when QB 
structures meet the criteria of low dimensionality: the 
carrier motion must be restricted to a distance smaller 
than the appropriate Bohr radius. 


Structure of InGaN Epilayers 


The state of strain of InGaN epilayers is usually 
determined by XRD. Both symmetric and asymmetric 
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reflections are required to calculate the actual values 
of the out-of-plane and in-plane lattice constants, c 
and a, respectively. These can then be compared with 
those predicted for a relaxed alloy by Vegard’s law, 
for example: 


c(In,,Ga,_,N) = XCinGaN + (1 _ x)CGaN [7] 


The composition itself, as well as the state of 
strain, can be determined from measurements of c 
and a with one additional assumption: that the 
Poisson ratio of the alloy also obeys Vegard’s law. 
If the composition is known from an independent 
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Figure 5 EXAFS-determined local structure parameters of thick 
InGan films. 
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chemical measurement, this assumption can be 
tested. 

InGaN epilayers are usually grown on thick GaN 
formers. In pseudomorphic growth, the constraint, 
a(layer) = agan applies. This is sometimes assumed to 
be the case when layers are thinner than about 50 nm, 
but nothing should be taken for granted when dealing 
with this material. Each layer is different. A similar 
warning applies to the assumption that thick InGaN 
layers will be relaxed. It has recently been shown 
that partially relaxed and pseudomorphic regions 
may actually coexist within the same InGaN 
film, which nevertheless has a composition that is 
uniform throughout. Other films may show a 
concentration gradient due to compositional pulling 
during growth. 

The local structure of InGaN films has been 
measured using In-edge EXAFS. Using a tetrahedral 
two-shell model that does not distinguish the wurtzite 
and cubic crystal structures, we find that the In-N1 
bond length is more or less independent of the alloy 
composition in the range 0.17 <x < 0.38 of samples 
measured, having a value of 2.11(1) A (compared to 
2.16 A in pure InN). The M1 shell of mixed In and Ga 
atoms is located on average at about 3.28 A, as 
shown in Figure 5. 

The straight line on the figure connects the values 
of the a lattice parameters (of GaN at x = 0 and InN 
at x =1) and hence represents the predictions of 
Vegard’s law for a relaxed or bulk alloy. The 
measured In—M1 separations are less dependent on 
x than Vegard predicts. 


Three-shell fit to data 


Data points 


Radial separation (A) 


Figure 6 Fourier transform of the EXAFS spectrum yields the radial distribution function of an InGaN QB sample. 
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Local Structure of InGaN QW and QB 


There has been a great deal of speculation in the 
literature concerning the local structure of InGaN 
alloys in the active layers of light-emitting devices. 
Much of this discussion paddles in the shallows of 
invalid comparison, as researchers extrapolate their 
findings from the results of measurements and 
calculations that can be made to those that cannot. 
One example is the large theoretical effort devoted to 
the defect physics of GaN, which is supposed some- 
how to ‘explain’ the optical properties of InGaN. 
(‘Let us first suppose that all the horses in the race are 
spherical.’) 

We will try to avoid invalid comparisons in the 
brief discussion that follows. Recently, a Strathclyde 
University/Daresbury Laboratories/CHEA-CNRS 
Valbonne collaboration has succeeded in measuring 
the local structure of an InGaN QB sample, grown on 
a thick GaN template by MBE. The radial distri- 
bution function (RDF) around the target In probe 
atom is shown in Figure 6, together with a three-shell 
fit to the data. 

The first shell of neighbors comprises four N atoms 
at 2.10(2) A, the second shell is pure Ga at 3.22(3) A, 
and the third shell pure In at 3.56(3) A. These results 
suggest that there are two distinct In environments in 
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Background 


The chemical reaction of group IIA (Be, Mg), IIB(Zn, 
Cd) and group VI (O, S, Se, Te) atoms produces solid 
crystalline materials which are classified as semicon- 
ductors. The archetypal compound is ZnSe and this 
material will be used as the main example in this 
article. These are termed II-VI binary (involving two 
elements) compounds. It is also possible to grow alloy 
materials where more than one atom from each group 
is used; an example is Zn,Cd,_,Se where x is the 
proportion of Zn in the material. In general, there is a 
random arrangement of the Zn and Cd atoms within 
the crystal structure. Both binary and alloy semi- 
conductor materials are single crystals so that the 
atoms are arranged in a periodic three-dimensional 
system called a lattice. The lattice may be represented 
by a unit cell; simply by repeating the pattern of the 
unit cell, we can generate the entire crystal lattice. 


such samples. One resembles the InGaN alloy, 
encountered in the epilayer samples, while the other 
is an environment of pure InN. 

On the basis of these results, it is extremely likely 
that InGaN phase-separates in QB growth to form a 
two-component mixture comprising an In-poor and 
an In-rich phase. The manner in which these phases 
interpenetrate is a matter for speculation. 


See also 


Semiconductor Materials: Quantum Dots. Semi- 
conductor Physics: Infrared Lattice Properties; Light 
Scattering; Outline of Basic Electronic Properties; 
Quantum Wells and GaAs-Based Structures. 
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At the atomic level, the zinc (selenium) atom is 
bonded to 4 selenium (zinc) atoms which are 
arranged at the corners of a tetrahedron. The unit 
cell formed by this tetrahedral arrangement is termed 
the zincblende structure and is illustrated in Figure 1a. 
The dimension shown is called the lattice constant a 
and is characteristic of a particular II-VI semicon- 
ductor material. Some II-VI materials crystallize 
with a different unit cell which is termed the wurtzite 
structure, though again the atoms are bonded to four 
others in a tetrahedral arrangement as shown in 
Figure 1b. In this case, two lattice constants denoted 
aand c are required to characterize the unit cell. Some 
of the II-VI materials can occur in either of these two 
structures depending on how they were grown. The 
lattice constants of several II-VI compounds are 
given in Table 1. 


ll-ViI Materials Growth 


All of the II-VI family of semiconductors have high 
melting points due to the strong bonding that exists 
between the atomic species; values are given in 
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Figure 1 (a) Zincblende lattice; (b) wurtzite lattice. a and c are 
the lattice constants as given in Table 1. 


Table 1. The crystals can be grown either by cooling a 
liquid (often called a melt) or by condensation from a 
gas (vapor). Crystal growth is a very precise and 
difficult process requiring the control of a large 
number of variables most notably temperature and 
pressure. As many of the II-VI materials can exist in 
either the zincblende or wurtzite structures, produ- 
cing single crystals with only one structure is often 
quite difficult. Many of the crystals are ‘twinned’; ina 
zincblende structure, a twin produces a wurtzite 
structure in one plane. The photograph in Figure 2 
shows a ZnSe single crystal. This crystal took 
several days to grow indicating that very stable 
growth conditions must be maintained over long 
periods of time. The vapor phase technique takes 
advantage of the high vapor pressure of the II-VI 
compounds that allows for the growth of large single 
crystals at temperatures much below the melting 
point of these materials. Vapor growth is helped also 
by the congruent evaporation of the two constituents 
into the vapor state in a dissociated form. These two 
vapor constituents also recombine stoichiometrically 
into the solid crystal. The melting points and vapor 
pressures at the melting points of some II-VI 
semiconductors are given in Table 1. 

It is also possible to grow materials in a layer-by- 
layer fashion onto an existing substrate; this is termed 
epitaxial growth. Recent developments have allowed 


the growth to proceed one atomic layer after the 
other. As a result, materials can be grown that are less 
than 100 A in size. At these small sizes, the funda- 
mental electronic and optical behavior of these 
materials is altered due to quantum mechanical 
effects. These materials are termed quantum wells. 
Growth temperatures in these cases are much below 
the melting point of these materials and allow for 
uniform single crystals without any ‘twin’ formation. 
In molecular beam epitaxy (MBE), atomic beams of 
the constituents impinge onto a heated substrate 
where they combine to form the crystalline material. 
Growth of ZnSe onto III-V substrates such as GaAs 
is well developed. The quality or purity of the single 
crystals can often be deduced from their optical 
properties as we will see later. 

The addition of small amounts of other atoms into 
the crystal during the growth procedure is called 
doping. Semiconductors are materials whose electri- 
cal conductivity can be drastically altered by the 
addition of small amounts of dopants. This ability to 
control the electrical conductivity is the key to 
their use in the high-speed devices used in modern 
optical communications systems (see Semiconductor 
Physics: Impurities and Defects). In ZnSe, doping 
with Cl produces n-type material while doping with 
N produces p-type material. The ability to form a pn 
junction (a thin region between n and p type material) 
is the precursor for the production of optical devices 
such as light-emitting diodes (LEDs) or laser diodes 
(LDs) based on II-VI semiconductors. Doping also 
changes the optical properties of II-VI materials. 

All materials are defective to some degree, and 
these II-VI materials are no exception. The number 
and type of defects are determined by thermodynamic 
and purity considerations during the growth process. 
There are native defects such as vacancies (missing 
atoms) and dislocations (extra or missing layers 
of atoms). There are also impurities present; foreign 
atoms due to the impurities in the starting growth 
materials. These impurities have an important effect 
on the ability of the material to emit light. Dopants 
and impurities may help to increase the amount of 
light emitted while dislocations usually reduce the 
emission efficiency in II-VI materials. 


Optical Properties of II-VI 
Semiconductors: Basic Concepts 


Introduction 


When light is incident on a solid material, its electric 
field interacts with the electric field within the atoms 
comprising the solid. This interaction leads to a 
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Table 1 Structural, thermodynamic and optical properties of II-VI compound semiconductors 
Material Lattice Crystal structure Melting point Vapor pressure atmp Refractive index Bandgap Bandgap 

constant (A) (mp) (°C) (atm) (0k) (300 K) 
ZnO a 3.250 WwW 1975 22 2.0 3.44 3.37 

c 5.207 
ZnS a 3.820 WwW 1718-1850 3.7 2.8 3.91 3.80 

c 6.260 

a5.410 Z 2.4 3.83 3.66 
ZnSe a 5.668 Z 1520 1.0 2.8 2.82 2.67 
ZnTe a6.104 Z 1300 0.6 3.1 2.39 2.25 
CdS a 4.133 WwW 1405-1475 3.8 2.5 2.58 2.42 

c 6.710 

a 5.832 Z - - - 
CdSe a 4.299 WwW 1239-1264 0.4 2.6 1.84 1.74 

c7.015 

a 6.057 Z - 1.77 - 
CdTe a6.477 Z = - 2.75 1.60 1.49 
MgS a 5.89 Z - - 2.6 - 4.5 
MgSe a5.62 Z - - 2.6 - 3.6 
BeTe a 5.627 Z - - = = 2.8 


Data taken from many sources mentioned in the bibliography but primarily from Bhargava, R. (1997) (ed.) Wide Bandgap II-VI 
Semiconductors, The Institute of Electrical Engineers, London, Table 1 of Chapter 5.4 with permission. 





Figure 2 ZnSe single crystal grown by vapor transport. 
Photograph courtesy of NASA. 


number of effects that we can observe. The light will 
be reflected or scattered from the surface of the solid, 
depending on whether the surface is smooth or rough 
on a length-scale similar to the wavelength of light. 
The materials of interest here are high-quality crystals 
with a smooth reflective surface. When light enters a 
material, it is refracted, i.e., it changes direction 
within the material. The simplest example of this is 
when a stick is placed in a jug of water, it appears to 
be bent. It is of course the light that is bent due to its 
different interaction with the air and with water. 


Snell’s law states that: 


sin a; 


[1] 


SIN Oy 


where a; is the angle of incidence of the light and q,, is 
the angle of refraction. 2 is known as the refractive 
index of the material and is characteristic of it. As 
well as being refracted, any light that enters the 
crystal is either absorbed within the material or 
transmitted through the material to emerge on the 
other side. If the light is absorbed the material will 
look colored if the absorption takes place in the 
visible region where our eyes are sensitive. The ZnSe 
crystal in Figure 2 is such a material; the orange color 
is due to the absorption of blue light from the white 
light shining on the material. Other materials look 
transparent; ZnO is such an example. Following 
absorption, some materials produce light of their 
own; the color of the light is characteristic of the 
material and this process is termed luminescence. 
Light may also be scattered within a crystal by 
imperfections and by vibrations of the atoms in the 
crystal. 

When light enters a solid material, the electric 
field polarizes the atoms within the structure. The 
positive and negative charges within the atoms 
move slightly from the equilibrium positions. All of 
the optical effects mentioned above are related to the 
induced polarization. As the constituent atoms in 
the structure are unique, the induced polarization 
and the resulting optical properties are specific 
to particular materials, and this makes optical 
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characterization a very important tool for the 
investigation of semiconductor materials. 


Reflection at the Air-to-Material Interface 


Our experience of looking at reflection from glass 
tells us that these are weakly reflecting materials; the 
same is true of single crystal II-VI materials such as 
that in Figure 2. The interface between air and an 
optical material is a fundamental aspect of optical 
physics. The amount of light reflected can be 
determined from Maxwell’s equations. The simplest 


equation is found where light is incident 
perpendicular to the surface of the material: 
(1-19 
= and [2] 
(n+ 1) 


where R is the reflection coefficient and 7 is the 
refractive index of the material. The value of 7 is 
characteristic of the particular material. Values of n 
for several II-VI materials are given in Table 1. The 
refractive index n for all these II-VI materials is not 
constant but varies slowly with the wavelength of 
the light impinging on the material. In Figure 3, 
we show the wavelength dependence of the refractive 
index of ZnSe. 


Transmission and Absorption of Light within 
II-VI Materials 


Once the light has passed through the interface with 
the air, it can either be transmitted through the 
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Figure 3 Refractive index n of ZnSe versus wavelength and 
photon energy at T = 300 K. Adapted from Madelung E (ed.) 
(1982) Numerical Data and Functional Relationships in Science 
and Technology, New Series, Group Ill: Crystal and Solid 
State Physics, vol. 17b: Physics of II-VI and II-VIIl Com- 
pounds, Semimagnetic Semiconductors, Berlin: Springer-Verlag, 
Figure 52, with permission. 


material to emerge on the other side at a second 
material—air interface or be gradually absorbed 
within the body of the material. The ZnSe sample in 
Figure 2 is illuminated with white light, but it appears 
orange in color to our eyes, i.e., the orange 
component within the white light is transmitted 
through the material to our eye. The other com- 
ponents in the light, mostly green and blue, are 
absorbed within the material. To obtain more 
quantitative information, we take a spectrum of 
the absorption within the material. We illuminate 
the sample with light of different wavelengths and 
determine how much is transmitted or absorbed at 
each wavelength. The transmission spectrum of ZnSe 
is shown in Figure 4. 

The visible spectral region extends from 0.4 to 0.7 
microns and we see that there is a large change in 
transmission around 0.5 microns that is responsible 
for the color of the ZnSe crystal as seen in Figure 2. 
This spectral region around the onset of a large 
reduction in transmission at 0.5 microns is termed 
the bandgap of the material. As in the case of the 
refractive index, the value is unique to the material. 
II-VI materials are termed wide bandgap materials 
as they possess larger values of the bandgap energy 
than for Si, Ge and the IH-V semiconductor 
materials. If we shine light of wavelength 0.5 
microns onto ZnSe material, the transmission is 
very low. Under these conditions, the material would 
look black to our eyes. Once the light has been 
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Figure 4 ZnSe transmission spectrum versus wavelength. 
Courtesy of II-VI Incorporated. 
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Figure 5 A seven-segment II-VI LED with blue emission 
taken at room temperature. Reproduced with permission from 
Hagerott M, Jeon H, Nurmikko AV, et al. (1992) Indium tin oxide 
as transparent electrode material for ZnSe-based blue quantum 
well light emitters. Applied Physics Letters 60: 2825-2827. 


absorbed by the II-VI semiconductor, it can in turn 
produce light of its own. This light, known as 
luminescence, is again characteristic of the particular 
material and is the basis for the use of such materials 
in light-emitting diodes (LEDs) and laser diodes 
(LDs). In Figure 5 we show the luminescence from a 
II-VI LED. We see also from Figure 4 that at very 
long wavelengths, the ZnSe material also exhibits a 
large reduction in light transmission. This spectral 
region is termed the far infrared and the light 
absorbed at this spectral region produces vibrations 
of the atoms within the material, referred to as 
lattice absorption. 


Light Scattering 


Within the bulk of the material, small areas may have 
a different arrangement of atoms or may contain a 
substantial number of foreign atoms known as 
impurities. A large grouping of these impurities is 
known as an inclusion. In these regions, the optical 
properties will be different from the bulk of the 


material. Differences in both absorption coefficients 
and refractive indices can be found. These different 
refractive indices cause the light passing through the 
material to be scattered. Poor-quality material will 
often contain many inclusions. Even to the eye, these 
crystals will not look highly transparent. Changes in 
the refractive indices can also occur in highly pure 
materials due to vibrations of the atoms in the 
crystals. The lattice vibrations change the distance 
between the atoms in the material which alters the 
electric fields within the material and thereby changes 
the optical properties. Light can also be scattered due 
to these vibrations; experimental measurements of 
light scattering can provide useful information on the 
vibrations in these materials. 


Optical Properties of II-VI 
Semiconductors: More Advanced 
Concepts 


Light-Semiconductor Interactions 


Light is an oscillating electromagnetic field whose 
interaction with semiconductor materials is in terms 
of the complex dielectric constant s, = n2 where n, is 
the complex refractive index defined as n, =n — ik. 
k is known as the extinction coefficient and the value 
of k determines the amount of absorption in a 
material. The optical processes of reflection and 
absorption in semiconductors are governed by this 
complex dielectric constant. It turns out that there is a 
strong relationship between these processes. If the 
absorption spectrum is determined at all frequencies, 
then we can determine the refractive index spectrum 
at all frequencies by what is known as the Kramers— 
Kronig relations. From this description, we can now 
refine eqn [2] presented above: 


_-IP +k 


tek io 


If the material is transparent at a particular wave- 
length, then k=O and we can determine the 
refractive index n. This is the case for values 
given in the table. The technique of spectroscopic 
ellipsometry can be used to determine the optical 
response of materials over a large wavelength range. 
This technique relies upon the change from linear 
polarization to elliptical polarization for light 
reflected from a material. From these measurements, 
the dielectric response can be determined. 

If we look again at Figure 3, we see that there is a 
strong change in sample transmission around 
0.5 wm. This corresponds to an energy of 2.18 eV 
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and is the bandgap energy of ZnSe. According to the 
details presented above, transitions are now being 
made from the full valence to the empty conduction 
bands of the semiconductor material. Once we have 
exceeded the bandgap energy, we can make further 
transitions between the bands. The spectrum shown 
in the figure is a broad band, reflecting the change 
from sharp atomic transitions to broad transitions in 
the solid state. Light with a wavelength greater than 
0.5 um does not have sufficient energy to effect the 
transitions between the bands. These wavelengths 
are not absorbed in the material. The material 
is transparent and the value of the extinction 
coefficient k is zero. The orange color of the 
crystal in Figure 2 corresponds to this transparent 
spectral region. 

Cooling samples to low temperatures close to 
absolute zero has a profound effect on the optical 
properties of materials, particularly the absorption 
spectrum. In Figure 6, we show the absorption 
spectrum of a ZnSe sample at a temperature of 
2K. The absorption spectrum is determined from 
the measured transmission by the following 
equation 


a= —In— [4] 


where a@ is the absorption coefficient, L the length 
of the sample, Ig the light intensity incident on 
the sample and I, the light intensity transmitted 
through the sample. In addition to the broad band 
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Figure 6 Low-temperature optical absorption spectrum of a 
ZnSe layer showing the 1S and 2S exciton features, the 
1S + 1LO-phonon transition and the split-off (SO) exciton. 
Reproduced with permission from Bhargava R (ed.) (1997) 
Wide Bandgap II-VI Semiconductors, The Institute of Electrical 
Engineers: London, Figure 2 of Chapter 4.1. 


spectrum there are now a number of sharp spectral 
lines near the bandgap energy. 

These lines are due to exciton formation. An 
exciton is an electron-hole pair bound together 
by their mutual Coulomb interaction. It is the 
solid state equivalent of the Hydrogen atom 
(see Semiconductor Physics: Excitons). The bandgap 
energy at 2K has increased from its value at 
300K. This is due to the thermal changes in the 
interatomic distance and the vibrational properties of 
the materials. Values of the bandgap energies 
determined from the position of the exciton lines in 
absorption spectra at low and at room temperatures 
are given in Table 1. At low temperatures, the 
luminescence is dominated by excitons, and we 
observe sharp line transitions. The width of the 
exciton transition is an excellent indicator 
of the quality of the material, and is often used 
by crystal growers to determine the quantity of 
defects in their materials. 

It is possible for excitons and for free carriers 
(those that are not bound together) to recombine 
without giving out light. This nonradiative process 
usually involves the creation of local vibrations of 
the crystal lattice in the vicinity of defects in the 
material. We can define the radiative efficiency 7, as 
follows 


So [5] 
ae cose 


where R, is the radiative transition rate and R,, is 
the nonradiative transition rate. In order to develop 
new optical devices based on II-VI semiconductors, 
it is essential that the value of R,, be as small as 
possible. As R,, is directly related to the concen- 
tration of defects in these materials, one can see why 
it is essential to make semiconductors with as few 
defects as possible. We can study these effects using 
a pulsed light source. Carriers are created during the 
pulse of light and recombine after the pulse has 
stopped. If we measure the luminescence intensity 
versus time, we can deduce the lifetime, which is 
given as 


oe a 


T Tr Tar 


where 71, is the radiative and 7,, the nonradiative 
lifetime, respectively. By varying the carrier density 
we can separately determine the contribution to the 
lifetime from radiative and nonradiative effects. In 
II-VI materials at room temperature, lifetimes are 
of the order of 1 ns. 


SEMICONDUCTOR MATERIALS / Large Gap II-VI Semiconductors 383 





Quantum Wells, High Carrier Density Effects, 
and Lasers 


Recent developments in the growth of semiconduc- 
tor materials has allowed the production of 
samples with monolayer accuracy (3—5 A). If we 
grow a layered structure with materials of high 
bandgap on either side of a material of lower 
bandgap, we can observe quantum mechanical effects. 
These materials are called quantum wells (see Semi- 
conductor Physics: Quantum Wells and GaAs-Based 
Structures). Asan example, a 75 A ZnSe quantum well 
can be grown between layers of ZnSSe. Due to the 
small size of the active material, quantum mechanical 
effects come into play, most notably an increase in 
the bandgap energy as the width of the quantum 
well decreases. The effect of placing this material 
between ZnSSe layers that have a larger bandgap is to 
confine the electrons and holes to the small region of 
the well. In this small region, they are less likely to 
encounter defects and so quantum well materials 
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Figure 7 (a) Absorption and (b) luminescence from a single 


ZnSe quantum well at 7 = 10K in the vicinity of the n=1 
quantum well exciton transition. Reprinted from Nurmikko AV, 
Jeon H, Gunshor RL and Han J (1996) II-VI lasers — directions. 
Journal of Crystal Growth, 159: 644-651 with permission from 
Excerpta Media Inc. 


usually have a higher radiative efficiency than 
bulk II-VI materials which are grown by standard 
techniques. In Figure 7, we show the exciton absorp- 
tion and luminescence from a ZnSe quantum well at 
low temperature. 

If we increase the excitation level in these 
materials, we can eventually cause them to operate 
as lasers. At high carrier densities, nonradiative 
transitions become saturated and radiative efficiency 
increases. As the refractive indices in I-VI 
materials are quite large, the reflectivity of the two 
ends of the sample are usually sufficient to act as the 
mirrors for the laser cavity. All the II-VI semi- 
conductor materials have exhibited laser action due 
to their direct bandgap. Most of the early studies of 
lasing were carried out at low temperature. In 
recent times, lasing action has been observed at 
room temperature in CdZnSe quantum well 
materials and there are attempts at present to 
develop commercial II-VI lasers for use in optical 
storage devices and flat panel displays. In Figure 8 
we show the transition from luminescence through 
gain and into lasing action for a CdZnSe quantum 
well material. 
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Figure 8 Emission spectra above and below lasing for a 
40A Cdo.28/ZNo.72 Se/ZnSe system at room temperature. 
100% corresponds to 1.1 times lasing threshold. Reprinted from 
Donegan JF, Jordan C, Rees P, Logue F, Heffernan JF and 
Hegarty J (1996) A study of internal loss in CdZnSe/ZnSe multiple 
quantum well materials. Journal of Crystal Growth, 159: 653-656 
with permission from Excerpta Media Inc. 
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Dopants and Impurities 


The key to the large-scale use of semiconductor 
materials is the large change in the electrical 
conductivity of the materials with the incorporation 
of small amounts of other elements. This process is 
known as doping and the foreign elements are 
known as dopants. The recent development of 
II-VI laser diodes in ZnSe materials is based on 
the p-n diode junction. Electrons injected into the 
n-type material recombine with holes injected into 
the p-type material at the junction between these 
two materials. A particular type of luminescence 
transition unique to semiconductor materials is 
the donor-acceptor pair (DAP) recombination. 
As donor and acceptor atoms are located in specific 
crystalline sites with respect to one another, we 
observe that the recombination energy is dependent 
on separation. Pairs that are close together often 
exhibit sharp lines while those far apart merge into a 
broad band. In Figure 9 we show the DAP 
recombination in ZnSe at 1.6 K. 

It is also possible to incorporate foreign atoms in 
II-VI materials that have a small effect on the 
electrical properties but significantly change the 
optical properties. Such foreign atoms are termed 
impurities to distinguish them from dopants. An 
example is Mn** in ZnS. The Mn ions take the place 
of a small number of Zn atoms in the lattice. The 
luminescence from such a material is a broad 
emission in the visible region due to optical tran- 
sitions on the Mn ions. ZnS:Mn materials are used as 
phosphors in flat-panel displays. 
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Figure 9 DAP recombination spectra of In-Li pairs in ZnSe 
showing pair lines, pair band (Qo) and LO-phonon replicas 
(Q;, and Q,) at two different intensities (a) and (b). Adapted with 
permission from Merz JL, Nassan K and Shiever JW (1973) Pair 
spectra and the shallow acceptors in ZnSe. Physical Review B 
8: 1444-1452. 


Effects of Temperature, Pressure, Electric, 
and Magnetic Fields 


The optical properties of II-VI materials are 
subject to variation due to temperature changes, 
external pressure and fields. Increasing temperature 
is found to lead to a decrease in the bandgap of 
II-VI materials. This decrease is due to the 
combined effects of an increase in the lattice 
spacing with temperature and the electron—phonon 
interaction. As the population of phonons is 
temperature dependent, this effect increases strongly 
as temperature increases and is the major con- 
tributor to the change in bandgap with tempera- 
ture. A second effect of increasing the temperature 
is the change in the luminescence properties. In 
particular, it is found that the luminescence 
efficiency decreases and this is reflected in a reduced 
luminescence lifetime at room temperature com- 
pared with low-temperature values. Looking again 
at eqn [6], it is the nonradiative lifetime that 
changes rapidly with temperature and results in the 
decrease in the luminescence efficiency. 

Pressure changes may be hydrostatic or uniaxial. In 
the hydrostatic case, the atoms are all brought closer 
together, and for the II-VI materials, this results in 
an increase in the bandgap energy. On the other 
hand, a uniaxial stress results in a decrease in the 
bandgap in the direction of the stress and an increase 
in the transverse directions. In II-VI materials 
with a wurtzite structure, the situation is more 
complex with two longitudinal and four transverse 
deformations possible. 

External electric and magnetic fields can also be 
applied to II-VI semiconductors and thereby the 
optical properties can be changed. Electric fields 
polarize the materials and can lead to a reduction in 
the optical strength of transitions due to this 
polarization-induced carrier separation. Magnetic 
fields, on the other hand, lead to a splitting of the 
conduction and valence bands into Landau levels due 
to the circular motion of the carriers around the 
direction of the field. 


See also 


Semiconductor Physics: Band Structure and Optical 
Properties; Excitons; Impurities and Defects; Outline of 
Basic Electronic Properties; Quantum Wells and GaAs- 
Based Structures. 
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that are not marked are capacitors (capacitors are NEVER marked). 

All the SM resistors in the above photos conform to a 3-digit or 4-digit code. But 
there are a number of codes, and the 4-digit code caters for high tolerance resistors, 
so it's getting very complicated. 

Here is a basic 3-digit SM resistor: 


be a 


a? 


A 330k SM resistor 


The first two digits represent the two digits in the answer. The third digit represents 
the number of zero's you must place after the two digits. The answer will be OHMS. 
For example: 334 is written 33 0 000. This is written 330,000 ohms. The comma can 
be replaced by the letter "k". The final answer is: 330k. 

222 = 22 00 = 2,200 = 2k2 

473 = 47 000 = 47,000 = 47k 

474 = 47 0000 = 470,000 = 470k 

105 = 10 00000 = 1,000,000 = 1M = one million ohms 

There is one trick you have to remember. Resistances less than 100 ohms are 
written: 100, 220, 470. These are 10 and NO zero's = 10 ohms = 10R 

or 22 and no zero's = 22R or 47 and no zero's = 47R. Sometimes the resistor is 
marked: 10, 22 and 47 to prevent a mistake. 


Remember: 

R = ohms 

k = kilo ohms = 1,000 ohms 

M = Meg = 1,000,000 ohms 

The 3 letters (R, k and M) are put in place of the decimal point. This way you cannot 
make a mistake when reading a value of resistance. 


Surface Mount CURRENT SENSING Resistors 


Many new types of CURRENT SENSING surface-mount resistors are appearing on the 
market and these are creating lots of new problems. 

Fortunately all resistors are marked with the value of resistance and these resistors 
are identified in MILLIOHMS. A miili ohm is one thousandth or an ohm and is written 
0.001 when writing a normal mathematical number. 

When written on a surface mount resistor, the letter R indicates the decimal point 
and it also signifies the word "OHM" or "OHMS" and one milli-ohm is written ROO1 
Five miilionms is ROO5 and one hundred milliohms is R100 

Some surface mount resistors have the letter "M" after the value to indicate the 
resistor has a rating of 1 watt. e.g: RLOOM These surface-mount resistors are 
specially-made to withstand a high temperature and a surface-mount resistor of the 
same size is normally 250mW or less. 

These current-sensing resistors can get extremely hot and the PC board can become 
burnt or damaged. 

When designing a PC board, make the lands very large to dissipate the heat. 
Normally a current sensing resistor is below one ohm (1iR0O) and it is easy to identify 
them as R100 etc. 

You cannot measure the value of a current sensing resistor as the leads of a 
multimeter have a higher resistance than the resistor and few multimeters can read 
values below one ohm. 

If the value is not visible, you will have to refer to the circuit. 

Before replacing it, work out why it failed. 

Generally it gets too hot. Use a larger size and add tiny heatsinks on each end. 

Here are some surface=mount current-sense resistors: 
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Introduction 


The binary IV-VI compounds formed from Pb and 
group-VI elements like S, Se, and Te are among the 
oldest known semiconducting materials, and have 
been used for many years for electronic and opto- 
electronic device applications. The first ever reported 
solid state diode was made from single crystalline PbS 
and its rectifying properties were exploited in early 
radio receivers. Later on, interest in IV—VI semicon- 
ductors shifted to mid-infrared opto-electronic device 
applications such as photon detectors operating in the 
3-14 wm wavelength range, taking advantage of the 
narrow energy gap between the valence and conduc- 
tion band of the IV-VI compounds. Soon after the 
demonstration of lasing in III-V semiconductor 
diode structures, the first mid-infrared p-n junction 
laser was reported using Pb,_,Sn,Te, and since then 
efficient mid- and far-infrared IV-VI compound 
diode lasers have been fabricated, finding their main 
applications for remote sensing of gaseous pollutants 
in trace gas sensing devices, for toxic gas analysis 
systems, for human breath analysis in medical 
diagnostics, and for fabrication process control. 
Recently, IV—VI multiquantum-well structures have 
also attracted a lot of attention for their potential as 
efficient thermoelectric devices. 
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Basic Properties 


In lead salt compounds, both the valence band 
maximum and the conduction band minimum occur 
at the L-points of the Brillouin zone. Thus these many- 
valley semiconductors have a direct gap, but not in the 
center of the Brillouin zone. In addition the small 
values of the energy gaps (E,<410meV at 
T = 300 K) lead to a strong k-p interaction which 
in turn results in a strong nonparabolicity of the E(k) 
dispersion relations. The small energy gaps also lead 
to small effective masses of electrons and holes, 
and the strong spin-orbit interaction (Pb is a very 
heavy element) leads to large values of the g-factors. 

The bandgaps of the lead compounds have a 
positive temperature coefficient (dE,/dT > 0) and a 
negative pressure coefficient (dE,/dp < 0), i.e., the 
gaps increase with temperature and decrease with 
hydrostatic pressure. These anomalous properties are 
related to peculiarities of the band structure, among 
them the fact that in the lead compounds the Pb 6s 
levels are below the top of the valence band, and thus 
are occupied, in contrast to the group IV, III-V and 
II-VI compounds. 

Almost all optical device applications of the IV-VI 
semiconductors are based on the materials subgroup 
of cubic lead chalcogenides PbTe, PbSe, and PbS, and 
their quasibinary alloys with other chalcogenide such 
as compounds, like PbSnTe, PbSnSe, or ternary alloys 
like PbEuTe, PbSrTe, PbEuSe, PbSrSe, etc. These 
compounds all crystallize in the rocksalt structure 
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with sixfold coordination and lattice constants in the 
5.9 to 6.5A range. Mechanically, the lead salt 
compounds are much softer than the tetrahedrally 
bonded semiconductors, which has significant 
implications for device fabrication processes. 

A further unusual property of the lead compounds 
is their huge static dielectric constant e€ 9. In particular 
PbTe is close to a structural phase transition from the 
NaCl structure to a rhombohedral modification with 
ferroelectric properties. GeTe and SnTe are indeed 
ferroelectric with Curie temperatures of about 700 K 
and 145 K respectively, and also PbGeTe and PbSnTe 
become ferroelectric when the Ge or Sn content 
exceeds 1% or 20%, respectively. PbTe exhibits a 
softening of the transverse optic phonon mode with 
decreasing temperature. Although PbTe remains 
cubic, the temperature dependence of the static 
dielectric constant €9 o C/(T — 8) can be associated 
with an extrapolated negative Curie temperature 0 of 
—75K. As a consequence, the static dielectric 
constant increases strongly with decreasing tempera- 
ture, reaching a value of ¢) = 1350 at 4 K. This is the 
reason for the strong increase of the static dielectric 
constant at low temperatures as shown in Table 1, 
in which important properties of PbTe, PbSe, and PbS 
are summarized. 

Also, the high-frequency dielectric constants &.. of 
the lead salts are extremely high, which leads to 
refractive indices of about 4.4 for PbS, to 5.0 for 
PbSe and to about 6.0 for PbTe at T= 300 K, for 
photon energies just below the respective energy gaps. 

Asa result of the huge static dielectric constants, the 
hydrogen-like impurity binding energies are in 
the range of weV, and the carrier scattering at ionized 
impurities is effectively screened. Consequently, the 
low-temperature carrier mobilities are high, exceeding 
10° cm?/Vs in PbTe. For doping of the lead salts two 





Table 1 Physical properties of some of binary IV—VI 
semiconductors 
Parameter PbTe  PbSe PbS 
Lattice constant ap (A) 6.462 6.124 5.936 
Melting point (°C) 930 1080 1113 
Energy gap E, 

at 300 K (meV) 319 278 410 

at 77 K (meV) 217 176 307 

at 4 K (meV) 190 147 286 
Static dielectric constant eo 

at 300 K 414 210 169 

at 77K 1000 227 181 

at 4K 1350 280 7 
High-frequency dielectric 
constant e. 34 21 17 
TO phonon mode frequency 18 (4K) 37 65 

33 (300 K) 


Table 2 Expansion coefficients (107° K~') 





Compound Expansion coefficient 
PbS 20.3 

PbSe 19.4 

PbTe 19.8 

GaAs 6 

Si 2.6 

BaFs 18.8 


alternative methods are used, namely (1) adjustment 
of the stoichiometry of the compounds, or (2) doping 
with various kinds of impurities. Because the elec- 
tronic states of these vacancies are resonant within the 
conduction or valence bands, each metal (Pb or Sn) 
vacancy acts as a doubly charged acceptor, and each 
chalcogen (Te, Se, or S) vacancy acts as a doubly 
charged donor. As a result, background doping levels 
below 10'7cm™? are difficult. For doping with 
impurities, atoms from group IIIa (In, Ga, Tl), group 
Va (As, Sb, Bi), as well as group Ib elements (Cu, Ag) 
are used. These dopants are amphoteric p- or 
n-type, depending on whether they are incorporated 
substitutionally on metal or chalcogen lattice sites. 

Other important aspects of the lead salts are their 
rather large linear thermal expansion coefficients of 
around 20 x 10 °K! which are about a factor of 
three larger than that of GaAs, and six times larger 
than that of Si as shown in Table 2. The thermal 
conductivity is much lower than that of other 
semiconductors, which is favorable for their use in 
thermoelectric devices but causes problems in the 
removal of the dissipated heat in IV-VI compound 
diode lasers. 


Band Structure 


A main property of the electronic band structure of 
the lead salt compounds is the small and direct energy 
gap of less than 410 meV (see Table 1). Since the 
maxima of the valence band and the minima of the 
conduction band are located at the same wavevector 
in reciprocal space, optical photons can be directly 
absorbed or emitted at the band edges. This makes 
the lead salts very well suited for opto-electronic 
applications such as infrared photon detectors or 
emitters. The band extrema are located at the edges 
in the <111> direction of the Brillouin zone 
(L-points). In contrast to most other semiconductors, 
the conduction and valence bands are nearly mirror 
symmetric with almost equal effective masses for the 
electrons and holes. Because of the narrow energy 
gaps, the energy bands are strongly nonparabolic and 
the effective masses of electrons as well as holes are 
rather small (0.02—0.08 mp for the transverse masses, 
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Table 3 Band edge values of effective masses (in units of mo) 
and g-factors (absolute values), T= 2K 





Parameter PbTe PbSe PbS 
mes 0.0207 0.037 0.081 
me 0.0213 0.0687 0.108 
m8 0.0241 0.036 0.076 
mye 0.263 0.066 0.108 
gv 16.7 32.5 - 

ge 66.1 44.1 12 

ge 13.5 30.6 - 

gv? 65.6 - 13 


Table 4 Pressure and temperature coefficients of the energy 
gaps 





PbTe PbSe PbS 
dE,/dp(eV Pa’) = —7.5x 107'' -9.1x107'" -9.14x 107" 
dEj/dT (meV K~') 0.457 0.457 0.462 


see Table 3). In addition, the bands are anisotropic, 
i.e., the Fermi surfaces are elongated ellipsoids of 
revolution around the <111 > axes, characterized 
by a longitudinal and transverse effective mass my 
and m, parallel and perpendicular to the four-fold 
<111 > directions. 

For PbTe the effective mass anisotropy is very large 
with a ratio of about 10 between longitudinal and 
transverse masses, whereas for PbSe and PbS this 
ratio is only 1.8 and 1.2, respectively (Table 2). 
Furthermore, in the alloy system PbSe,_,Te, the 
energy gap shows a bowing, but not with a minimum 
value but rather a maximum gap for x at about 0.7. 
This is in contrast to the behavior found in direct-gap 
zincblende semiconductors: the bandgap E,(x) of an 
A,~xB,. alloy can generally be represented by E,(x) = 
(1 — x)E,(A) + xE,(B) — bx(1 — x) where b denotes 
the bowing coefficient. For III-V and I-VI 
compounds b > 0; whereas, for PbSeTe alloys b < 0. 

Apart from the above-mentioned negative pressure 
coefficients of the direct gaps and their positive 
temperature coefficient which are tabulated in 
Table 4, there is a further intriguing anomaly in the 
chemical trends of the fundamental gap at the 
L-points: it decreases from PbS to PbSe, but increases 
from PbSe to PbTe, i.e., the direct gaps do not 
decrease monotonically with increasing atomic num- 
ber of the anions. This decrease of the energy 
bandgap with decreasing temperature is substantial: 
i.e. it decreases from room temperature to 4K by 
about 130 meV (see Table 1). This represents a large 
relative change with respect to the absolute value of 
the bandgap, and thus the emission of lead salt based 
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Figure 1 Energy bandgap versus lattice constant for several 
IV—VI compounds and alloys. 


diode lasers can be tuned over a broad wavelength 
range just by changing the operation temperature. 
This effect is actually utilized for spectroscopic 
applications of these lasers. 

For adjustment of the fundamental absorption edge 
of infrared detectors as well as the adjustment of the 
wavelength emission of lead salt diode lasers, alloying 
of the lead salt compounds with other chalcogenide 
compounds is used. As illustrated in Figure 1, for this 
purpose many different ternary and quaternary alloys 
have been used. Important alloy systems for far- 
infrared applications are the lead—-tin chalcogenide 
alloys. The tin chalcogenides (SnS, SnSe, SnTe) form 
single-phase pseudobinary alloy systems with the lead 
salts for all compositions. They have similar band 
structures as compared to the lead salt compounds; 
however, the arrangement of valence and conduction 
bands is exchanged. As a result, with increasing Sn 
content the energy bandgap of the ternary lead—tin 
chalcogenide alloys decreases and a zero bandgap 
semiconductor is reached for a certain ternary 
composition. For an operation temperature of 77 K, 
the bandgap is zero for a Sn content of xs, ~ 40% in 
the case of Pb,_,Sn,Te, and of xs, ~ 20% in the 
Pb,_,Sn,.Se case. 


Optical Properties 


The strong fundamental absorption in the lead salt 
compounds reflects the particularly high joint density 
of states at the direct gap at the L-points of the 
Brillouin zone. The main advantage of the lead 
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compounds with respect to other direct narrow-gap 
semiconductors like InSb, or HgCdTe alloys, with 
band extremes at the center, i.e., the ['-point of the 
Brillouin zone, is related to the differences in the 
effective masses. Whereas the transverse effective 
masses of the IV-VI compounds have comparable 
values to the effective masses of the narrow-gap III-V 
and II-VI compounds, the longitudinal effective 
masses of the lead compounds are much larger. 
Thus the mass anisotropy together with the four- 
fold valley degeneracy at the L-point of the Brillouin 
zone leads to the substantially higher joint density of 
states and corresponding large absorption constants. 
Due to the rapid change of a(@) in the fundamental 
absorption range, a peak appears in the refractive 
index, m(w), as shown in Figure 2 for PbTe, PbSe and 
for PbS. The shift of the peak with increasing 
temperature to higher photon energies reflects the 
increasing energy gaps. 

In two-dimensional structures the changes of the 
absorption constant with frequency are particularly 
steep for energies which correspond to the onset of 
absorption between quantum confined electric 
subbands in the valence and conduction band. Such 
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Figure 2 Refractive indices of PbTe, PbSe, and PbS as a 
function of photon energy at 77, 300, and 373 K. Reproduced with 
permission from Zemel JN, Jensen JD and Schoolar RB (1965) 
Electrical and optical properties of epitaxial films of PbS, PbSe, 
PbTe and SnTe. Physical Review 140: A330—A337. Copyright 
1965, American Physical Society. 


step-like features have indeed been observed in the 
absorption of PbTe/PbEuTe multiquantum-well 
(MQW) structures by Yuan et al. In Figure 3 the 
absorption constants and refractive indices are shown 
for a series of three MQW samples with different 
PbTe well widths. The steps in the absorption 
coefficients for the interband transitions associated 
to the longitudinal valleys with their main axis 
parallel to the [111] growth direction, denoted by ‘I’ 
as well as those associated by the oblique valleys, 
denoted by ‘o’ are accompanied by corresponding 
cusp-like enhancements of the refractive index. These 
cusps are of importance for the proper design of 
MQW laser structures. 

Because of the extremely high values of the 
refractive indices, the lead salts can easily be combined 
with materials of much lower refractive indices like 
EuTe, EuSe, or BaF, for efficient multilayer Bragg 
mirror structures. The high reflectivity of Bragg 
mirrors is caused by constructive interference of 
electromagnetic waves reflected at the subsequent 
interfaces of a multilayer structure. To obtain con- 
structive interference, all interfaces have to be parallel, 
and, depending on the refractive indices of the media 
inside the Bragg mirror, the distance between sub- 
sequent interfaces should be an even or odd multiple of 
one quarter of the optical wavelength A. In practice, 
stacks of two alternating layers with different refrac- 
tive indices 2; and nz and with a thickness equal to a 
quarter optical wavelength are used. 

If for these A/4 layers Pbo.93Eup.971e and EuTe are 
used, a high index contrast of 68% is obtained 
and therefore very high reflectivities can be achieved 
already by a very small number of layer pairs. It was 
shown that a Bragg mirror with 3.5 periods of 
EuTe/Pbo.93Eug.o7Te layer pairs for a target wave- 
length of 3.8 ym has only a total thickness as small 
as 2.55 um. For comparison with results obtained 
for other material combinations it is useful to relate 
the stop bandwidth AA to the center wavelength A+ of 
the Bragg mirror. For EuTe/Pbo.93Euo.971e_ this 
relative stop bandwidth AA/Ay is as large as 50%. 
An even wider stop bandwidth of 59% was demon- 
strated for a mirror with PbTe and EuTe A/4 layers. 
This value represents, to the best of our knowledge, 
the highest relative stop bandwidth obtained for 
molecular beam epitaxy (MBE) grown Bragg 
reflectors. 


Infrared Lasers 


Among the infrared diode lasers, those based on 
IV-VI compounds play a particularly important 
role. They cover a wavelength range from 2.5 um to 
about 30 wm. In fact, up to now most commercially 
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Figure 3 Left panel: (a) transmission versus energy for a PbTe/Pb;_,Eu,Te multiquantum-well sample A (6.2 nm/62.1 nm, 
X = 0.026, 46 periods). Dots: experimental data; full line: calculation based on an envelope function model. (b) Frequency dependence 
of the absorption constant (full line) and of the refractive index (dotted lines). The arrows indicate interband transitions between 
electric sub-bands associated with valleys with main axis parallel to the [111] growth direction (I) and oblique to it (0). Right panel: 
(a) Comparison of the absorption constant of three PbTe/PbEuTe MQW samples (B: 9.3nm/55.4nm, x= 0.03, 30 periods; 
C: 11.8nm/48.6 nm, x= 0.024, 30 periods). (b) Refractive index versus energy. Steps in the absorption constant due to onset of 
interband transitions are associated with cusps in the refractive index. Reproduced with permission from Yuan S, Springholz G, Bauer G 
and Kriechbaum M (1994) Electronic and optical properties of PbTe/Pb;_, Eu,Te multiple-quantum-well structures. Physical Review B 


49: 5476-5489, Copyright 1994, American Physical Society. 


available mid- and far-infrared laser diodes are 
made from IV—VI compounds. The main material 
properties which are advantageous in this respect 
are (i) the electronic band structure with mirror-like 
bands at the L-point of the Brillouin zone and the 
resulting high joint density of states; (ii) the lower 
nonradiative Auger recombination rate in IV—VI 
compounds as compared to III-V and II-VI 
materials, and (iii) the high dielectric constant and 
the resulting weak detrimental influence of defects 
on nonradiative recombination losses. At wave- 
lengths longer than 3 wm, IV—VI interband diode 
lasers are superior to their II-V counterparts for 
reaching high operating temperatures. So far IV-VI 
compound lasers hold extreme high cw operating 
temperature at wavelengths larger than 3 wm. With 
PbSe/PbSrSe diode lasers pulsed operation up to 
60°C was reported, whereas cw operation up to 
223K was achieved with separate confinement 
buried PbTe/PbEuSeTe heterostructure laser. Embed- 
ding PbTe quantum wells as the active medium 
in PbEuTe barriers between two _ dielectric 
Bragg mirrors optically pumped pulsed lasing was 


observed up to 65 °C. The recently developed HI-V 
based quantum cascade lasers are rapidly improving 
and are becoming important competitors for IV-VI 
lasers. The commercial IV—VI lasers, however, are 
still based on conventional designs like homo- 
junction, heterojunction, or single and multiple 
heterojunction lasers. 

A unique property of lead salt laser diodes is the 
ease of tuning of the emission wavelength due to the 
strong change of bandgap of the IV—VI materials with 
increasing temperature. This, together with their 
narrow linewidths, makes these lasers ideally suited 
for spectroscopic applications, including research 
in molecular spectroscopy of ions or radicals in 
heterodyne and acoustic spectroscopy, or Doppler 
spectroscopy of molecular beams. So far the main 
applications are in time resolved combustion analysis 
in the automotive industry, in the monitoring of 
emissions of power plants, in exact monitoring of gas 
compositions in chemical plants, and spatially and 
time resolved in situ analysis. 

Apart from the significant advances with IV-VI 
edge emitting diode lasers, vertical cavity surface 
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Figure 4 (a) Schematic cross-section of a PbSe quantum-dot VCSEL structure; (b) corresponding cross-sectional scanning electron 


micrograph; and (c) cross-sectional and plan-view transmission electron micrographs of a PbSe/PbEuTe dot superlattice sample 
reference sample. Reproduced with permission from Springholz G, Schwarzl T, Heiss W, et a/. (2001) Midinfrared surface emitting 
PbSe/PbEuTe quantum dot lasers. Applied Physics Letters 79: 1225-1227. Copyright 2001, American Institute of Physics. 


emitting lasers (VCSELs) have been successfully 
produced with optically pumped pulsed mode 
operation up to 50°C. These lasers have attractive 
features like low-divergence circular output beam, 
low active volumes, and low thresholds. 
High-finesse vertical cavity structures have also 
made it possible to realize mid-infrared surface- 
emitting PbSe/PbEuTe quantum dot lasers. As 
shown in Figure 4 in this case a self-organized PbSe/ 
PbEuTe quantum dot superlattice was introduced 
into the active cavity region between Bragg mirrors 
consisting of three A/4 layer pairs of 513 nm EuTe 
alternating with 253 nm Pbo.94Eugg¢Te. Optically 
pumped VCSEL emission at A = 4.2-3.9 wm was 
achieved up to 150 K. The PbSe dots exhibit a face- 
centered cubic three-dimensional stacking in the 
superlattice. Lasing occurs simultaneously at the 
m = 28" and 29" order cavity modes, which shifts 
with increasing temperature to the m= 29" and 
m = 30" mode as shown in Figure 5. This simul- 
taneous stimulated two-mode laser operation is a 
result of the inhomogeneously broadened quantum- 
dot gain spectrum, due to PbSe dot size fluctuations. 


Infrared Detectors 


The photoconductive properties of PbS and PbSe 
have been used for the detection of infrared 
radiation already since about 1930. These detectors 
are still mass produced either by vacuum deposition 
or precipitation from aqueous solution in the 
presence of an oxidizing agent. The polycrystalline 
films deposited on glass or similar substrates are 
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Figure 5 PbSe dot VCSEL emission spectra at various 
temperatures between 1.5 and 100K for a pump power twice 
the threshold, showing the switching of the laser emission to 
higher cavity modes as the temperature increases. The arrows 
and the dashed line indicate the low-energy edge of the quantum- 
dot gain spectrum given by Egppse(T) + AEgp, where 
AEgp = 141 meV. Reproduced with permission from Springholz 
G, Schwarzl T, Heiss W, et a/. (2001) Midinfrared surface emitting 
PbSe/PbEuTe quantum dot lasers. Applied Physics Letters 79: 
1225-1227. Copyright 2001, American Institute of Physics. 


usually about 1 wm thick with grain sizes of 
about 1 pm. 

Apart from polycrystalline thin-film detectors also 
single crystalline films have been used for infrared 
detection. In particular, the photoconductive response 
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of a sequence of n- and p-doped PbTe multilayers 
(so-called nipi structures) was shown to come close 
to that for the theoretical limit for the detectivity D* 
of an ideal photodetector at temperatures between 
77 and 90K. Recently, lead selenide detectors have 
been used in advanced focal plane array (FPA) 
detectors and are commercially available as linear or 
bilinear FPAs with up to 526 detector elements. 
These elements are coupled to CMOS multiplexer 
readout circuits. The PbSe detector elements are 
thermoelectrically cooled, with entire power 
requirement for the FPAs and the cooler of less 
than 5 W. These structures are a low-cost alternative 
to the more elaborate FPAs based on HgCdTe 
technology. 

The importance of thermal imaging by using focal 
plane arrays of many detector elements has recently 
stimulated further work with IV-VI epitaxial layers. 
In particular, the possibility of using Si substrates, as 
first shown by Zogg et al., has brought a new 
impetus to the field of IV-VI infrared devices. With 
the use of Si wafers it is possible to integrate the 
detector of an infrared camera which consists of 
thousands of pixels to the read-out electronics which 
is usually based on standard silicon CMOS devices. 
In this case, the active lead salt infrared detector 
elements are grown by molecular beam epitaxy on 
CaF>/BaF, buffer layers deposited on the Si (111) 
substrates after the fabrication of the electronic 
circuitry for the read-out. Conventional HgCdTe 
focal plane technology relies on hybrid structures 
with In bump bonds between the infrared devices 
and the Si substrate for each of the pixels. Due to the 
rather high dielectric constants of the IV-VI 
compounds as compared to HgCdTe, the high- 
frequency operation of IV-VI detector structures is 
limited to about 100 MHz. This upper frequency 
limit is, however, sufficient for infrared focal plane 
arrays. With IV—VI active epilayer thicknesses of few 
p.m internal quantum efficiencies close to 100% and 
external efficiencies of about 60% have been 
achieved. Using materials like PbS, PbTe, PbEuSe, 
PbEuTe, or PbSnSe, the cutoff wavelength of the 
detector array can be varied from 4 to 14 um at 
T= 77 K. The sensitivity of these detector structures 
is limited by generation-recombination noise for 
T < 100K, whereas for higher temperatures these 
sensors are diffusion limited. The variation of 
quantum efficiencies between different pixels was 
shown to be less than about 3% for a 256 pixel 
device. Since all growth steps for these infrared 
sensors are performed at temperatures below 450°C, 
a processing compatibility exists with standard 
Si-VLSI technology. 


Summary 


The peculiar structural, electronic, and optical 
properties of IV-VI semiconductors as compared to 
other semiconductor materials are a consequence of 
the ten valence electrons per atomic pair instead of 
the eight valence electrons typical for the tetrahed- 
rally bonded group IV, III-V, and II-VI semiconduc- 
tors. The most important group of IV—VI materials is 
the so-called lead chalcogenide (lead salt) compounds 
and their ternary and quaternary alloys. Their 
electronic band structure with the narrow direct 
minimum gap not at the center but at the edges of the 
Brillouin zone (L-points) exhibits a number of unique 
properties. The minimum energy gap increases with 
increasing temperature and decreases with hydro- 
static pressure. The refractive indices are particularly 
large. As compared to narrow-gap III-V or II-VI 
semiconductors the Auger recombination rates are by 
two orders of magnitude smaller. All these properties 
provide the lead salts with great advantages for 
achieving infrared p-n junction lasing operation at 
comparatively high temperatures. Furthermore, effi- 
cient microcavity designs with extremely high 
reflectivities of 99% were realized with only three 
layer periods of combination like PbSrTe/BaF, or 
PbEuTe/EuTe due to their extremely high refractive 
index contrast. Further applications of the lead 
compounds are high sensitive infrared detectors, 
including focal plane array detectors which can be 
fabricated with comparatively low cost technologies, 
as well as thermoelectric devices. 


List of Units and Nomenclature 


Absorption constant a 
Absorption index K 
Composition x 
Damping parameter Tp 
Detectivity D* 
Dielectric function & 
Energy E 
Energy gap EF, 
Free electron mass mo 
High frequency dielectric 

constant Eoc 
Kramers Kronig relations KKR 
Longitudinal effective mass my, 
Longitudinal g-factor ZI 
Pressure p 
Refractive index n 
Static dielectric constant £0 
Temperature T 
Transverse effective mass mM; 


Transverse g-factor Lt 
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See also 


Nonlinear Optics, Basics: Kramers—Kronig Relations in 
Nonlinear Optics. 
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Introduction 


Mercury-cadmium telluride (HgCdTe or Hg,_,Cd,, 
Te) is a pseudobinary alloy semiconductor that 
crystallizes in the zincblende structure. The energy 
bandgap Ec¢(x,T) varies continuously, and nearly 
linearly, with alloy composition parameter x, ranging 
from 1.6 eV for the wide-gap semiconductor CdTe 
to —0.3 eV for the semimetal HgTe. The bandgap 
passes through zero at an alloy composition of 
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x = 0.16 (for T= 0K). This broad range of energy 
bandgap provides a continuum of materials whose 
absorption edge can be tailored to provide high- 
performance quantum detectors for wavelengths over 
the 1-30 um spectral range. Direct allowed valence- 
to-conduction band transitions are responsible for 
large values of the optical absorption coefficient, 
which enable quantum efficiencies approaching 
100% to be achieved in practical device designs. 
Long minority carrier lifetimes result in low thermal 
noise, and permit high performance to be achieved at 
operating temperatures that are the highest reported 
among infrared detectors of comparable cutoff 
wavelengths. HgCdTe is well-established today as 


SEMICONDUCTOR MATERIALS / Mercury Cadmium Telluride 393 





the most broadly applicable high-performance 
infrared detector material. 

This article summarizes the fundamental properties 
of this versatile alloy semiconductor, and relates the 
material properties to its success as an infrared 
photoconductive and photovoltaic detector material. 


Historical Background 


It is noteworthy that HgCdTe is probably the first 
example of a semiconductor material that was 
intentionally created to satisfy well-defined theoreti- 
cal device requirements. The importance of the 
infrared atmospheric transmission window at 
8-12 pm was well known for thermal imaging 
systems, which enable night vision by imaging 
emitted infrared radiation from the scene rather 
than reflected visible radiation. The only available 
infrared detectors with the required sensitivity at 
8-12 4m were extrinsic photoconductors such as 
copper-doped germanium, in which the photoin- 
duced transitions were between a donor or acceptor 
level and the adjacent band extremum. However, 
such extrinsic detectors required cooling to prohibi- 
tively low temperatures, such as 10-15 K, which 
made thermal imaging systems bulky and 
impractical. 

Theory showed that the reasons for such a low 
Operating temperature were fundamental to the 
extrinsic detector material itself — essentially a short 
carrier lifetime that resulted in a large thermal 
generation rate and a correspondingly large thermal 
noise. Theory also showed that an intrinsic detector, 
in which the photoinduced transitions were direct 
(vertical) transitions between the valence band and 
the conduction band, could have significantly longer 
carrier lifetimes. This meant that an intrinsic detector, 
with a bandgap of 0.1 eV that matched the 8-12 um 
band, could achieve the required sensitivity at much 
higher operating temperatures, as high as 77 K, that 
of liquid nitrogen. These theoretical and practical 
considerations motivated the search in the late 1950s 
for a semiconductor with a direct bandgap of 0.1 eV. 

The first report of the synthesis of the semimetal 
HgTe and the wide-bandgap semiconductor CdTe to 
form the semiconductor alloy HgCdTe was published 
in 1959 by the Royal Radar Establishment in 
Malvern, England. This seminal paper reported 
both photoconductive and photovoltaic response at 
wavelengths extending to 12 wm, and made the 
understated observation that this material showed 
promise for intrinsic infrared detectors. 

Soon thereafter, working under a US Air Force 
contract with the objective of devising an 8-12 pm 


background-limited semiconductor infrared detector 
that would operate at temperatures as high as 77 K, 
the group led by Paul Kruse at the Honeywell 
Corporate Research Center in Hopkins, Minnesota 
developed a modified Bridgman crystal growth 
technique for HgCdTe. In 1962 they reported both 
photoconductive and photovoltaic detection in 
rudimentary HgCdTe devices. 


Fundamental Material Properties 


Three fundamental properties determine the degree to 
which a semiconductor will make a successful 
infrared detector. First, the energy bandgap must be 
approximately equal to the smallest photon energy to 
be detected. There can be severe cooling penalties if 
the bandgap is significantly smaller than the smallest 
photon energy of interest. Second, the optical 
absorption coefficient must be large enough so that 
nearly all incident photons of interest are converted to 
electron-hole pairs for practical values of device 
thickness. Third, the inherent recombination mecha- 
nisms must allow long carrier lifetimes to be realized 
so that thermal generation rates, and hence thermal 
noise, can be minimized for practical devices and 
operating conditions. 

The three key features that make HgCdTe the 
nearly ideal infrared detector material — tailorable 
energy band gap over the 1-30 um range, large 
optical absorption coefficients that enable high 
quantum efficiency, and favorable inherent recombi- 
nation mechanisms that lead to high operating 
temperature — are direct consequences of the energy 
band structure of this zincblende semiconductor. 
They apply no matter whether the device embodiment 
is a photoconductor, a photodiode or a metal- 
insulator—semiconductor detector. In addition, 
HgCdTe has many other favorable material pro- 
perties, summarized in this article, that are techno- 
logically important for realizing practical infrared 
detectors. Tables 1 and 2 summarize various material 
properties for Hg;_,Cd,Te. Table 1 summarizes 
material properties for Hg,;_.Cd,.Te that vary with 
alloy composition x and temperature T: lattice 
constant a, energy band gap Eg, cutoff wavelength 
Aco (= 1.24/Eg), intrinsic carrier concentration 1j, 
conduction band effective mass ratio mc/mg, conduc- 
tion band g-factor gc, static and high frequency 
dielectric constants es/eg and e./e9, index of 
refraction np = (€/€9)!”, electron and heavy hole 
mobilities we and yn, mobility ratio b, radiative and 
Auger-1 lifetimes Trap and Tauger-1, and typical 
lifetimes Typical Observed in n-type HgCdTe of low 
carrier concentration (<1 X 10'%cm7°). 
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Table 1 Material properties for selected compositions of Hgi—Cd,Te, including the binary components HgTe and CdTe, and several 
technologically important alloy compositions. The radiative and Auger-1 lifetimes 7Rap aNd Tauger-1 are calculated for n-type HgCdTe 


with Np = 1x 10'S cm~3 











Property HgTe Hg1-,Cd,Te CdTe 

x 0 0.194 0.205 0.225 0.31 0.44 0.62 1.0 

a (A) 6.461 6.464 6.464 6.464 6.465 6.468 6.472 6.481 
T (K) 77 77 77 77 140 200 250 300 

Eg (eV) —0.261 0.073 0.091 0.123 0.272 0.474 0.749 1.490 
Aco (um) 16.9 13.6 10.1 4.6 2.6 1.7 0.8 

n, (cm~°) 1.9x 10'4 5.8 x 10'9 6.3 x 10'? 3.7x10'% 7.4.x 10" 3.1x10'° 41x 10° 
Mc/Mo 0.006 0.007 0.010 0.021 0.035 0.053 0.102 
Gc —150 —118 —84 —33 —15 —7 —1.2 
eg/E 20.0 18.2 18.1 17.9 17.1 15.9 14.2 10.6 
Eq/EQ 14.4 12.8 12.7 12.5 11.9 10.8 9.3 6.2 
nr 3.79 3.58 3.57 3.54 3.44 3.29 3.06 2.50 
He (cm?/V-s) 4.5 x 10° 3.0 x 10° 1.0 x 10° 

nn (cm?/V-s) 450 450 450 

D = bel pn 1000 667 220 

TRAD (US) 16.5 13.9 10.4 11.3 11.2 10.6 

Tauger-1 (KS) 0.45 0.85 1.8 40 450 4.8 x 10° 

Typical (LS) 0.4 0.8 1 7 

Table 2 Material properties for Hg;-,Cd,Te that are independent of or relatively insensitive to alloy composition 

Property Symbol Value 

Kane matrix element Ep 19 eV 
Split-off band energy A 0.93 eV 
Heavy-hole effective mass ratio Mnhn/Mo 0.40—0.53 
Valence band offset E,(HgTe) — E,(CdTe) 0.35-0.55 eV 


Energy Band Gap and Band Structure 


The energy band gap Ec(x, T) of Hg;_,Cd,.Te varies 
continuously, and nearly linearly, with alloy compo- 
sition parameter x, ranging from 1.6 eV for the wide- 
gap semiconductor CdTe to —0.3 eV for the semi- 
metal HgTe, as shown in Figure 1a. Also plotted in 
Figure la is the cutoff wavelength Aco(x, T) 
(= hclEg(x, T), where h is Planck’s constant and c is 
the speed of light), defined as that wavelength at 
which the photoresponse falls to 50% of its peak 
value. The energy bandgap Ec(x, T), defined at the 
difference between the I's and I'g band extrema at 
I = 0, passes through zero at an alloy composition of 
x = 0.16 (for T= 0K), as illustrated in Figure 1b. 
This broad range of energy bandgap provides a 
continuum of materials whose absorption edge can 
be tailored to provide high-performance quantum 
detectors for wavelengths over the 1-30 wm spectral 
range. 


Optical Absorption Coefficient 


Optical absorption coefficient data for several alloy 
compositions of Hg,_,Cd,Te are plotted versus 


wavelength in Figure 2. Several trends are evident. 
The absorption strength generally decreases as the 
gap becomes smaller due both to the decrease in the 
conduction band effective mass and to the x "7 
dependence of the absorption coefficient on wave- 
length A. There is an exponential tail at energies just 
below the bandgap energy. 


Carrier Lifetime Mechanisms 


There are two fundamental mechanisms that 
determine the minority carrier lifetime in defect- 
free HgCdTe: radiative recombination and Auger 
recombination (Auger-1 in n-type and Auger-7 in 
p-type). Because they involve only interactions 
among electrons and holes in the valence and 
conduction bands, and do not require the 
intermediary of defect states, these mechanisms are 
regarded as inherent to the material itself, depending 
only on the band structure, the donor or acceptor 
concentration, and the temperature. The important 
advantage that HgCdTe enjoys as a high-perform- 
ance detector material is that these fundamental 
mechanisms provide, for practically achievable 
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THE COMPLETE RANGE OF SM RESISTOR 
MARKINGS 


Click to see the complete range of SM resistor markings for 3-digit code: 


Click to see the complete range of SM resistor markings for 4-digit code: 
0000 is a value on a surface-mount resistor. It is a zero-ohm LINK! 


Resistances less than 10 ohms have 'R' to indicate the position of the decimal point. 
Here are some examples: 
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Figure 1 (a) Energy bandgap E@(x,7) and cutoff wavelength Aco(x, T) for Hg;—,Cd,Te, plotted versus alloy composition parameter 
xX, for temperatures of 77 K (solid curves) and 300 K (dashed curves). Horizontal bars indicate important cutoff wavelengths for HgCdTe 
detector technology. (b) Band diagrams near the I point calculated for HgTe, for two compositions of Hg;—,Cd,Te, and for CdTe, 
illustrating the transition from negative to positive energy bandgap. The energy bandgap is defined at the difference between the I’, and 
Tg band extrema at I = 0. Part (b) reproduced with permission from Chadi DJ and Cohen ML (1973) Electronic structure of Hg;—,Cd,Te 
alloys and charge-density calculations using representative K points. Physical Review B 7: 692-699. 


carrier concentrations, lifetimes that are long than for other classes of infrared detectors, 
enough (and hence thermal generation rates that such as extrinsic detectors (As-doped Si, Cu-doped 
are low enough) that background-limited sensitivity Ge) and quantum-well infrared photodetectors 
is achieved at temperatures substantially higher (QWIPs). 
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Figure 2 Optical absorption coefficient data for several Hg;_,Cd,Te alloy compositions, for photon energies near the fundamental 


absorption edge, plotted versus wavelength. 
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Figure 3 Calculated detectivity (D*) for Hg;—.Cd,Te infrared detectors for four technologically important wavelength regions, plotted 


versus operating temperature. 


Figure 3 illustrates the sensitivities and operating 
temperatures that can be achieved for HgCdTe 
infrared detectors for four important wavelength 
regions. Detectivity, D*, is the normalized signal- 


to-noise ratio that is the key figure of merit for 
the sensitivity of an infrared detector. At lower 
temperatures, detector thermal noise is negligible, 
and D* is limited by detector noise due to 
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fluctuations in the arrival rate of photons from the 
thermal room-background radiation. This limit is 
referred to as the BLIP (background-limited infrared 
photodetector) limit, and is indicated in Figure 3 by 
the horizontal dashed lines. As detector temperature 
increases, the detector thermal noise increases 
exponentially, and eventually overcomes the back- 
ground noise, causing D* to decrease exponentially 
for further increases in temperature. Detector 
thermal noise is proportional to the thermal 
generation rate, which is inversely proportional to 
the carrier lifetime. 


n-Type and p-Type Doping 


HgCdTe can be made n-type or p-type by a number 
of relatively convenient methods, at carrier concen- 
trations required for high-performance n-type photo- 
conductor and p-n junction photodiode architectures. 
Common donors are indium and iodine. Arsenic has 
become the most commonly used acceptor dopant, 
although copper and gold are used in some cases. 
Some HgCdTe photodiode designs still employ 
native metal-vacancy point defects as acceptors, 
although the clear trend is toward the use of extrinsic 
acceptor doping to avoid the strong Shockley—Read 
recombination associated with the Hg vacancy. 
Residual electrically active impurity concentrations 
are generally less than 1x 10!4cm~%, which 
allows controllable doping at low-10'* cm? 
concentrations. 


Crystal Growth Methods 


The first growth methods for HgCdTe were bulk 
growth. Liquid phase epitaxy (LPE) began to be 
developed around 1975, followed by metalorganic 
chemical vapor deposition (MOCVD) and molecular 
beam epitaxy (MBE) in the early 1980s. Bulk growth, 
LPE, MOCVD, and MBE techniques have been 
refined through the years, and each is still in use 
today. Each technique has found application for 
certain types of HgCdTe devices. Bulk growth 
methods are used for production quantities of 
n-type wafers, with diameters of 12-20 mm, for LW 
and VLW photoconductive arrays, which are more 
tolerant of dislocations. LPE is in use today for 
production quantities of photovoltaic (PV) HgCdTe 
arrays, and has also been used for certain photo- 
conductive HgCdTe arrays. Vapor-phase epitaxy 
(VPE) methods such as MBE and MOVPE are 
in use for engineering and prototype quantities. 
Both run-to-run reproducibility and control as 
well as intra-wafer uniformity of HgCdTe alloy 


composition are well in hand, meeting or exceeding 
requirements. 

LPE-based one-layer and two-layer photodiode 
technology is well established today, offering the 
lowest defect densities and highest operabilities for 
production quantities of high performance FPAs. The 
VPE methods, MBE and MOVPE, will probably not 
entirely replace LPE in the near future, but will 
continue to improve, particularly with respect to 
lower defect densities, offering in situ growth of 
advanced bandgap-engineered detector designs that 
are unwieldy or impossible with LPE, such as dual- 
band detectors, avalanche photodiodes, and planar 
buried junctions with in situ CdTe passivation. MBE 
has shown the potential for rapidly switching from 
growth of one HgCdTe alloy composition to another 
in successive growth runs, without the necessity of 
preparatory calibration growth runs. This compo- 
sitional agility, important for the rapid and cost- 
effective adjustment from product to product, will be 
further enhanced by the ongoing efforts to implement 
and improve in situ real-time monitors and feedback 
controls. 


Substrates for Epitaxial Growth 


The lattice mismatch between HgTe and CdTe 
is small, approximately 0.3%. This allows 
epitaxial growth of high-quality HgCdTe films on 
IR-transparent CdTe or nearly-lattice-matched 
IR-transparent Cd,_,Zn,Te (z ~ 0.04) substrates, 
with dislocation densities in the mid-10* cm ~* 
range. It also allows the in situ growth of various 
isotype and anisotype heterojunctions with tolerably 
low or negligible densities of misfit dislocations. This 
has led to an increasing number of bandgap- 
engineered HgCdTe photodiode structures, such as 
dual-band or two-color detector arrays and Auger- 
suppressed photodiodes with the potential for greatly 
increased operating temperature. 

Sapphire and silicon are IR-transparent substrates 
that are less costly, that are available in much larger 
areas, and that are more rugged than CdTe and 
CdZnTe. Both sapphire and silicon can be used for 
epitaxial growth of HgCdTe films with dislocation 
densities that are acceptably low (mid-10° cm”) for 
many important photodiode applications, such as 
for the MW and SW spectral ranges, and for the 
LW spectral range for high background photon 
fluxes. LPE growth of HgCdTe(x = 0.4) is done on 
3-inch diameter sapphire substrates with MOCVD- 
grown CdTe buffer layers. MBE growth of 
HgCdTe(x = 0.3) on 4-inch diameter (211) silicon 
substrates, with ZnTe/CdTe buffer layers, has recently 
been reported. 
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Dielectric Constant 


The relatively low dielectric constant (e, = 18) of 
HgCdTe, in contrast to those of PbTe and PbSnTe, 
permits low junction capacitance. This is important 
for fast response in laser pulse detectors where small 
R-C time constants are needed. It is also important 
for suppressing preamplifier noise below the detector 
noise, and thereby achieving high detectivity (D*), in 
photodiodes operating at low temperature and low 
background fluxes, where the junction resistance is 
sufficiently high that the junction capacitance 
becomes an important contribution to the junction 
impedance at frequencies of interest. 


Surface Passivation 


Passivation of the exposed HgCdTe surfaces is critical 
for both device performance and long-term stability. 
The favorable surface properties of HgCdTe have 
enabled practical surface passivation schemes to be 
developed for both n-type photoconductors and p-n 
junction photodiodes of both planar and mesa 
configurations. 

n-type HgCdTe photoconductors are commonly 
passivated with a native oxide that accumulates the 
surface, resulting in surface recombination velocities 
as low as 50 cms |, along with low 1/f noise (knee 
frequencies less than 50 Hz). The surface accumu- 
lation layer also provides a layer of surface electrons 
with high mobility, though lower than the bulk 
electron mobility, such that the shunt conductance of 
this layer is tolerably low compared to the bulk 
conductance of the detector itself. Several methods 
have been used for growing this native oxide, 
including plasma deposition and electrochemical 
(anodic) oxidation. 

HgCdTe photovoltaic detectors require quite 
different passivation because usually both n-type 
and p-type surfaces are exposed as well as the 
depletion region. The CdTe/HgCdTe heterostructure 
is an important passivation for HgCdTe photovoltaic 
detectors and arrays. CdTe passivation has enabled 
arrays of HgCdTe photodiodes with negligible 1/f 
noise (knee frequencies less than 1 Hz), radiation 
hardness well in excess of the 20-40 kRad(Si) usually 
encountered in Earth-resource space missions, and 
excellent stability to thermal bake and to exposure to 
moisture. 

CdTe has a number of important advantages as a 
passivant for HgCdTe junctions. It is a ‘native’ 
passivant that is chemically compatible with 
HgCdTe. Adhesion is excellent. The valence band 
edge of CdTe is approximately 0.4 eV below that of 
HgTe, thereby allowing repulsive barriers to form in 


the underlying HgCdTe for both electrons in the 
conduction band and holes in the valence band. 
Both mesa and planar photodiodes have been 
successfully passivated with CdTe. A wide variety 
of methods has been reported for deposition of 
CdTe passivating layers, including MBE, MOVPE, 
e-beam evaporation, sputtering, and hot wall 
epitaxy. 


Electron-to-Hole Mobility Ratio 


The small values for the conduction band effective 
mass ratio lead to large values for the electron mobi- 
lity, as large as 4.5 10° cm?/V-s for x = 0.195 at 
77 K. The heavy hole effective mass ratio is quite 
large, approximately 0.5 for all alloy compositions, 
leading to low values for the heavy hole mobility, on 
the order of 500 cm*/V-s. This gives large values for 
the electron-to-heavy hole mobility ratio, b, as high as 
1000 for x = 0.194 at 77 K. 

These large values of b were of great benefit to n- 
type HgCdTe photoconductors. Most such devices 
have small active areas, on the order of 50 x 50 pm”, 
and the drift length for minority carriers (holes) 
becomes comparable to the interelectrode spacing at 
modest bias voltages. In this case, when the contacts 
have a high recombination velocity, the photocon- 
ductive gain saturates to the value b/2. High values of 
b in HgCdTe allowed sufficiently high photoconduc- 
tive gains to be achieved to raise the detector noise 
above the preamp noise, an essential condition for 
achieving BLIP sensitivity. 


HgCdTe Infrared Detector 
Configurations 


Three different types of infrared detectors can be 
realized in the Hg,_,Cd,Te alloy semiconductor: the 
photoconductive (PC) detector, the photodiode, also 
referred to as the photovoltaic (PV) detector, and the 
metal—insulator—semiconductor (MIS) detector. 
These are illustrated in Figure 4. 

In all three types of HgCdTe detector — PC, PV, and 
MIS - excess electron-hole pairs are photogenerated 
by the same mechanism: valence-to-conduction band 
absorption of infrared radiation with photon energy 
greater than the bandgap energy Eg. All three types 
can achieve high quantum efficiencies, approaching 
100% for well-designed devices. All three types have 
the same fundamental recombination mechanisms 
(Auger-1 and radiative) that determine the highest 
possible operating temperature to achieve a given 
sensitivity (signal-to-noise ratio). 
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Figure 4 Three different types of infrared detectors have been realized in the Hg;—,Cd,Te alloy semiconductor: the photoconductive 
(PC) detector, the photodiode or the photovoltaic (PV) detector, and the metal—insulator—semiconductor (MIS) detector. HgCdTe PC 
and PV detector arrays are being manufactured for a wide variety of applications. The MIS detector was abandoned in the mid-1980s 


because it placed unachievable demands on material quality. 


The differences among PC, PV, and MIS HgCdTe 
detectors are due to the way in which the photo- 
generated electron-hole pairs are manifested elec- 
trically in the terminal characteristics of the device. 
In the PC detector, the excess electron-hole pairs 
are sensed as a small increase in the conductivity of 
what is basically a two-terminal resistor. In the PV 
detector, the excess electron—hole pairs are sensed as 
a photocurrent in a short-circuited p-n junction 
photodiode. In the MIS detector, the excess elec- 
tron-hole pairs are sensed as a small change in the 
voltage due to minority photocarriers filling a 
transient charge storage well that has been biased 
to deep depletion. 


PC HgCdTe Detectors 


The HgCdTe PC detector is a low-resistance 
two-terminal device. Resistances are typically 
25-100 ohms per square. A dc bias current is applied 
to convert the conductivity change to an observable 
voltage change. The device operates under near- 
equilibrium conditions, with small dc bias voltages 
typically on the order of 0.1 V. The dc bias electric 
field within the photoconductor is quite small, 
generally in the 20-50Vcm' range. The low- 
resistance device requires a low-noise bipolar pre- 
amplifier, usually external to the dewar. Each PC 
detector element requires one lead through the dewar 


wall, thus limiting the practical number of PC 
elements in an array to about 200-300. 

The basic HgCdTe photoconductor is a rectangular 
area, photolithographically defined in an n-type 
HgCdTe layer approximately 8-15 wm thick, with 
two ohmic contacts on opposite edges. Surface 
passivation is straightforward: a thin native oxide 
strongly accumulates the surface of n-type HgCdTe, 
thereby reducing the surface recombination velocity 
to negligibly small values. 

Many useful variations on the simple rectangular 
geometry are possible because of the favorable 
material properties of HgCdTe. Several contact 
geometries have been devised to minimize the 
recombination of photocarriers at the contacts. 
Serpentine designs have been used to increase detector 
resistance and reduce bias power dissipation, 
especially important issues for large-area and very 
long-wavelength detectors. The SPRITE (signal pro- 
cessing in the element) design reduces the number of 
electrical connections and dewar leads for scanned 
arrays by performing both detection and integration 
within an elongated HgCdTe bar. 


PV HgCdTe Detectors 


The HgCdTe photodiode is a more complicated 
device than the photoconductor, requiring both 
n-type and p-type layers, and having a surface 
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depletion region that makes stringent demands on 
surface passivation technology. 

The PV detector is a high-resistance p-n junction 
device. The photodiode is operated very close to 
equilibrium conditions, either at zero bias voltage or 
at a small reverse bias voltage whose magnitude is 
several kT, typically 20-30 mV. The absorber layer is 
usually n-type HgCdTe about 5-15 um thick, with 
the thicker values required for longer-wavelength 
radiation. A p-n junction is formed by a thin p-type 
layer. A wide variety of junction formation methods 
are used. Wide-gap-p on narrow-gap-n heterojunc- 
tions are formed by two-layer LPE. Planar p-on-n or 
n-on-p junctions are formed by arsenic or boron 
implantation into n-type or p-type layers grown by 
LPE or MBE. Vertical-geometry p-on-n junctions are 
formed by a damage mechanism during ion beam 
milling. Both single-junction and multijunction 
devices are grown in situ by vapor phase epitaxial 
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radiation 
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CMOS silicon 
multiplexer chip 
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methods such as MBE and MOVPE. Surface passiva- 
tion is generally accomplished by CdTe. The high- 
resistance PV device can match well with low-noise 
silicon CMOS preamplifiers that can be integrated 
with two-dimensional arrays to form large back- 
illuminated hybrid focal plane arrays (FPAs). Typical 
array formats for HgCdTe FPAs are 256 x 256 and 
480 x 640, and can be as large as 1024 x 1024 
and 2048 x 2048. 


MIS HgCdTe Detectors 


The metal—insulator—semiconductor (MIS) detector, 
also referred to as a photocapacitor, is usually formed 
on an n-type HgCdTe absorber layer. The insulator of 
choice is a thin native oxide. The gate electrode is a 
thin semitransparent metal film. 

In contrast to the PC and PV detectors, the MIS 
detector operates in a strongly nonequilibrium mode. 
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Figure 5a Back-illuminated bump-interconnected HgCdTe FPA architecture. The SEM photo shows an LPE P-on-n HgCdTe mesa 
photodiode array with 60 x 60 jm? unit cells and 33 x 33 um? mesa (junction) areas. 
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A bias voltage pulse of several volts is applied across 
the capacitor to drive the HgCdTe surface into deep 
depletion. Excess electron-hole pairs are photogen- 
erated in the absorber layer and diffuse to the edge of 
the depletion region, where the holes are collected in 
the charge well. After a period of time, called the 
integration time, the voltage across the capacitor is 
sensed, giving a measure of how much charge was 
collected, and the cycle is repeated. 

Because of the nonequilibrium operation of the 
MIS detector, much larger electric fields are set up in 
the depletion region than in the p-n junction, resulting 
in defect-related tunneling dark current that is orders 
of magnitude larger than the fundamental dark 
current. The MIS detector requires much _ higher 
material quality than PV or PC detectors, which still 
has not been achieved. For this reason, all develop- 
ment of the HgCdTe MIS detector was abandoned in 
the mid-1980s. 


Two-Dimensional HgCdTe Infrared 
Focal Plane Arrays 


Among the most important applications of HgCdTe 
are large two-dimensional electronically scanned 
hybrid arrays, referred to as focal plane arrays 
(FPAs). A hybrid HgCdTe FPA consists of a two- 
dimensional HgCdTe photovoltaic detector array 
that is interfaced electrically, thermally and mechani- 
cally with a matching two-dimensional array of input 
circuits in a silicon CMOS ROIC chip. Each HgCdTe 
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detector element in the array has one electrical 
connection to its matching input circuit node in the 
silicon ROIC. 

The thermal expansion coefficient of HgCdTe is 
sufficiently close to that of silicon to allow several 
technologically viable hybrid arrangements of 
HgCdTe detector arrays and silicon multiplexer chips. 

There are two main types of hybrid HgCdTe FPAs 
being developed and manufactured today: the back- 
illuminated bump-interconnected configuration, 
shown in Figure Sa, and the front-illuminated or 
‘loophole’ configuration shown in Figure 5b. Each 
configuration successfully solves the problem of the 
thermal expansion mismatch between silicon and 
HgCdTe in different ways, and each requires funda- 
mentally different HgCdTe photodiode designs and 
processing. 

In the back-illuminated configuration, illustrated in 
Figure 5a, the HgCdTe detector array is bump- 
mounted onto the silicon ROIC by cold-welded or 
thermally reflowed indium interconnects. Incident 
radiation reaches the detectors through an infrared- 
transparent substrate such as CdTe, CdZnTe, 
sapphire, or silicon. 

In the front-illuminated (or ‘loophole’) FPA archi- 
tecture, shown in Figure 5b, the thin HgCdTe layer is 
epoxied to the silicon ROIC chip, and undergoes 
elastic deformation when the FPA is cooled. This 
allows large arrays to be made without need for 
engineering the thermal expansion of the silicon 
ROIC chip. Low-temperature processing techniques 
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Figure 5b Front-illuminated loophole HgCdTe FPA architecture. The SEM photo shows one corner of a FPA. The metalized via holes 


are on 20 pm centers. 
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for junction formation and passivation are required 
because of the presence of the epoxy. 


Conclusions and Trends 


There has been enormous progress in HgCdTe 
material science and device technology over the 
past 45 years. This progress has been fueled by 
the many military and space applications for which 
HgCdTe PC and PV infrared detectors provide 
nearly ideal solutions. It is important to recognize 
that the progress so far in HgCdTe detector 
technology has been possible only through advances 
in basic materials growth and_ processing 
technology. 

Further progress can be expected. The fundamental 
performance limits of HgCdTe photodiodes have not 
yet been reached. Continued reduction of material 
defects, both grown-in and process-induced, will 
reduce thermal generation rates, increase junction 
impedance, and allow higher operating temperatures 
for a number of important applications. Continued 
development of the in situ VPE growth methods - 
MBE and MOVPE - will allow bandgap-engineered 
heterojunction devices of increasing quality and 
complexity. Continued development of VPE growth 
on alternative substrates such as silicon will reduce 
the cost of two-dimensional arrays, and will make 
larger arrays practical. 


List of Units and Nomenclature 


BLIP Background limited infrared 
photodetector 

CdTe Cadmium telluride 

CdZnTe Cadmium zinc telluride 

CMOS Complementary metal-oxide- 
semiconductor 

FPA Focal plane array 

HgCdTe Mercury cadmium telluride 

Hg,_,Cd,Te Mercury cadmium telluride 

IR Infrared 

LPE Liquid phase epitaxy 

LW Long wavelength 

LWIR Long wavelength infrared 

MBE Molecular beam epitaxy 

MCT Mercury cadmium telluride 

MIS Metal-insulator-semiconductor 

MOCVD Metal-organic chemical vapor 
epitaxy 

MOVPE Metal-organic vapor phase 


epitaxy 


MW Medium wavelength 

MWIR Medium wavelength infrared 

PC Photoconductive 

PV Photovoltaic 

QWIP Quantum well infrared 
photodetector 

ROIC Readout integrated circuit 

SPRITE Signal processing in the element 


SW Short wavelength 


SWIR Short wavelength infrared 
VLW Very long wavelength 

VLWIR Very long wavelength infrared 
VPE Vapor phase epitaxy 

See also 


Semiconductor Physics: Band Structure and Optical 
Properties; Impurities and Defects; Outline of Basic 
Electronic Properties. 
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Introduction 


Modulation spectroscopy is a versatile and powerful 
optical technique for obtaining valuable information 
relevant to a large variety of semiconductor systems 
including bulk/thin films, surfaces/interfaces [semi- 
conductor/air (vacuum), semiconductor/electrolyte, 
semiconductor/metal, semiconductor/semiconductor 
(homo- and heterojunctions)], micro- and nano- 
structures (quantum wells, multiple quantum wells, 
superlattices, quantum wires, quantum dots), the 
effects of growth/processing, as well as the charac- 
terization of actual device structures [heterojunction 
bipolar transistors (HBTs), pseudomorphic high 
electron mobility transistors (PHEMTs), edge-emit- 
ting and vertical-cavity surface-emitting (VCSEL) 
quantum well lasers, etc.]. 

Modulation spectroscopy deals with the measure- 
ment and interpretation of changes in the optical 
response of a sample which are effected by the 
modification of the measurement conditions. This 
can easily be accomplished by periodically modulating 
either (1) the measurement conditions them- 
selves (‘internal’ modulation) or (2) some parameters 
applied to the sample (‘external’ modulation). 
The observed normalized changes are usually small 
so that the difference signals are closely related to a 
derivative of the absolute spectrum with respect to 
the modifying parameters. The derivative nature of 
modulation spectroscopy emphasizes structure loca- 
lized in the photon energy region of the interband 
(intersub-band) transitions of semiconductors (semi- 
conductor microstructures) and suppresses uninter- 
esting background effects. As a result, weak features 
that may not be detected in the absolute spectra 
are often enhanced. Because of this derivative-like 
nature a large number of sharp spectral features may 
be observed, even at room temperature. 

The ability to perform a lineshape fit is one of the 
great advantages of modulation spectroscopy. Since 
for the modulated signal the features are localized 
in photon energy it is possible to account for the 
lineshapes to yield accurate values of energies and 


broadening parameters of the associated interband 
transitions. For example, the energies of various 
interband (intersub-band) transitions may be evalu- 
ated to within a few meV, even at room temperature. 
Thus, the effects of static external perturbations such 
as electric and magnetic fields, temperature, hydro- 
static pressure, uniaxial stress, etc., can be con- 
veniently studied. 

A particularly useful form of modulation spec- 
troscopy is electromodulation (EM) since it is 
sensitive to surface/interface electric fields and can be 
performed in contactless modes that require no special 
mounting of the sample. Under appropriate con- 
ditions the EM spectrum may exhibit above bandgap 
oscillatory features, called Franz—Keldysh oscil- 
lations (FKOs), which are a direct measure of the 
relevant electric field (built-in and/or applied). 

Two of the most widely used forms of EM are 
photoreflectance (PR) and contactless electroreflec- 
tance (CER). In PR, modulation of the built-in 
electric field is caused by photo-excited electron— 
hole pairs created by a pump source of ~3—5 mW 
power of either (1) an internally modulated laser 
diode or (2) a mechanically chopped dc laser. The 
modulating frequency is typically ~100-200 Hz. 
CER utilizes a condenser-like system consisting of a 
front wire grid electrode with a second metal 
electrode separated from the first electrode by 
insulating spacers, which are ~0.1 mm larger than 
the sample thickness. The sample is placed between 
these two capacitor plates. Thus, there is nothing in 
direct contact with the front surface of the sample. 
The probe beam is incident through the front wire 
grid. EM is achieved by apply an ac voltage (~1 kV 
peak to peak at ~200 Hz) across the electrodes. 


Instrumentation 


Shown in Figure 1 is a schematic drawing of the 
experimental arrangement for a general ‘external’ 
modulated reflectance experiment (except for PR). 
Light from an appropriate light source (xenon arc or 
tungsten halogen lamp) passes through a monochro- 
mator. The exit intensity at wavelength A, I,(A), is 
focused onto the sample by means of a lens 
(or mirror). The modulation (electric field, stress, 
temperature) is applied to the sample at frequency 
Qm. The reflected light is collected by a second lens 
(mirror) and is focused onto an appropriate detector 
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Figure 1 Schematic representation of external modulation 
experimental apparatus. 


(photomultiplier or photodiode). For the sake of 
simplicity the two lenses (mirrors) are not shown. 

The light striking the detector contains two signals: 
the dc is given by I,(A)R(A), where R(A) is the dc 
reflectance of the material while the modulated value 
(at frequency ,,) is I,(A)AR(A), where AR(A) is the 
change in reflectance produced by the modulation 
source. The ac signal from the detector, proportional 
to I,(A)AR(A), is measured by a lock-in amplifier. 
Typically I,AR is 10°*-10°° of I,R. In order to 
evaluate the quantity of interest, i.e., the relative 
change in reflectance AR/R, a normalization pro- 
cedure must be used to eliminate the uninteresting 
common feature I,(A). This can be done in several 
ways, one of which is shown in Figure 1, where the 
normalization is performed by a variable neutral 
density filter (VNDF) connected to a servo mechan- 
ism. The dc signal from the detector, which is 
proportional to I,(A)R(A), is fed into the servo 
which moves the VNDF in such a manner as to 
maintain a constant [,(A)R(A), i.e., [,(A)R() = C. 
Under these conditions the ac signal [,(A)AR(A) = 
CAR(A)/R(A). Subsequently, the signal to the lock-in 
amplifier is proportional to the quantity of interest, 
i.e., AR(A)/R(A). 


Bulk/Thin-Film Material 


Modulation spectroscopy has been used to study the 
properties of bulk/epitaxial layered semiconductors 


such as ordering in GalnP , piezoelectric fields in 
strained GaN, the influence of isotopes, the proper- 
ties of low-temperature grown GaAs, the space 
charge region, carrier concentration, the nature of 
the band bending (carrier type), impurity effects, 
deep levels, alloy composition, the influence of static 
external or internal perturbations such as tempera- 
ture, external uniaxial stress, lattice-mismatch strain, 
hydrostatic pressure, the effects of crystal growth/ 
processing/annealing procedures, and amorphous 
and microcrystalline materials. 

The dashed lines in Figure 2 are the piezoreflec- 
tance (PZR) spectra in the region of the direct gap of 
ReS» in the temperature range 25 K < T < 450K. 
The data at low temperatures exhibit two well- 
resolved features labeled E{* and E5*. The solid lines 
are lineshape fits to the first derivative of a Lorentzian 
profile which yields the energies indicated by arrows 
and also the related broadening parameters. The 
solid/open squares and circles in Figure 3 are the 
temperature dependence of E{*/E5* of ReS2 and 
ReSe2, respectively. The solid, dot-dashed, and 
dashed lines in the figure are fits to the Varshni, 
O’Donnel—Chen, and Bose-Einstein expressions, 
respectively. The Varshni equation is: 


E%(0) — a,T? 
Bi + T 





ES [1] 


where i= 1 or 2, Ef*(0) is the excitonic transition 
energy at 0K and a, B are the Varshni coefficients. 
The O’Donnel—Chen expression is: 


coth(AQ,) 7 


E;*(T) = Ej — sno kT 


1) [2] 


Pe 
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Figure 2 The PZR spectra (dashed lines) in the region of 
the direct gap of ReS2 in the temperature range 25K < T< 
450 K. The solid lines are lineshape fits yielding the energies 
indicated by the arrows. 


A new coding system has appeared on 1% types. This is known as the EIA-96 
marking method. It consists of a three-character code. The first two digits signify the 
3 significant digits of the resistor value, using the lookup table below. The third 
character - a letter - signifies the multiplier. 


‘code jvalue| |code |value [code |value | (code |value | |code |value | |code |value 
[01 |[4o0"} [ 17 [447 "| | 33 [215/| | 49 [316 | | 65 [464 | | 81 [681 
[02 || 102 | | 18 [150 | 34 | 221 | | 50 | 324 | | 66 | 475 | | 82 | 698 
[03 || 105 | | 19 | 154 | 35 | 226 | | 51 | 332 | | 67 | 487 | | 83 | 715 
[04 || 107 | | 20 | 158 | 36 | 232 | | 52 | 340 | | 68 | 499 | | 84 | 732, 
[05 || 110 | | 21 | 162 | 37 | 287 | | 53 | 348 | | 69 | 511 | | 85 | 750° 
[06 || 113) | 22 [165 | 38 | 243 | | 54 | 357 | | 70 | 523 | | 86 | 768 
[07 || 115 | | 23 [169 | 39 | 249 | | 55 | 365 | | 71 | 536 | | 87 | 787° 
[og || 118 | | 24 [174 | 40 | 255 | | 56 | 374 | | 72 | 549 | | 88 | 806 
[9 || 121) | 25 | 178 | 41 | 261 | | 57 | 383 | | 73 | 562 | | 89 | 825 
[10 |[424"| [ 26 [482") | 42 [267/| | 58 [392/| | 74 [576 | | 90 [845° 
[14 |[427_| | 27 [187 | 43 [274/| | 59 [402 /| | 75 [590_| | 91 | 866— 
[12 || 130 | | 28 [191 | 44 | 280 | | 60 | 412 | | 76 | 604 | | 92 | 887 
[13 || 133 | | 29 [196 | 45 | 287 | | 61 | 422 | | 77 | 619 | | 93 | 909° 
[ 14 |[437_| | 30 [200') | 46 [204/| | 62 [432 /| | 78 [634 | | 94 [931 
[15 || 140 | | 31 | 205 | 47 | 301 | | 63 | 442 | | 79 | 649 | | 95 | 953 
[16 || 143 | | 32 [210 | | 48 | 309 | | 64 | 453 | | 80 | 665 | | 96 | 976 


The multiplier letters are as follows: 


letter) mult | _ letter |mult 
_F 100000, =| BB | 10° 


A [1 
X or 
Ss 
Yor 
R 


22A is a 165 ohm resistor, 68C is a 49900 ohm (49k9) and 43E a 2740000 (2M74). 
This marking scheme applies to 1% resistors only. 




























A similar arrangement can be used for 2% and 5% tolerance types. The multiplier letters are 
identical to 1% ones, but occur before the number code and the following code is used: 










eee, ee eee. eee 
ot [400 || 43 [330 || 25 [100 || 37 [330 
“oz [440 | | 14 [360 || 26 [110 | | 38 [360 
“03 [420 | [45 [390 || 27 | 120 || 39 [300 
“04 [490/46 [490 || 28 [130 | | 40 | 430 
“05 [450 | [47 [470 || 29 [160 || 41 [470 
“06 [160 || 18 [510 || 30 [160 || 42 [510 
“o7 [480 | [49 [560 || 31 [180 | [43 [560 
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Figure 3 The temperature dependence of the excitonic tran- 
sition energies of ReS2 and ReSep». The solid, dot-dashed, and 
dashed lines in the figure are fits to the Varshni, O’Donnel—Chen, 
and Bose-Einstein expressions, respectively. 


where Ejo is the excitonic transition energy at 0 K, 
S; is a dimensionless coupling constant related to 
the strength of the electron—phonon interaction, 
and (f0,) is the average phonon energy. The 
Bose—Einstein-type expression can be written as 


ex = F. —q.- =e 
ES (T) = Ex aol “le exp(E,,/kT) —1 | [3] 


where aj represents the strength of the electron 
(exciton)—phonon interaction, and E,, corresponds 
to the average phonon energy. 

The temperature dependence of the broadening 
parameters, I(T), is due only to the electron—phonon 
interaction and can also be described by a Bose- 
Einstein-type equation. For the lowest lying direct 
gap only the longitudinal optic (LO) phonon is 
involved. In Figure 4 the solid/open squares and 
circles are the temperature dependence of the 
broadening parameters of ES*/E5* of ReS2 and 
ReSez, respectively. The solid lines are fits to the 
Bose-Einstein-type expression: 


T(0) de Dee [4] 


et exp(E;,o/kT) — 1 





where i = 1 or 2. The first term of eqn [4] corresponds 
to broadening mechanisms due to intrinsic lifetime, 
electron—electron interaction, impurity, dislocation, 
and alloy scattering effects. The parameter I’, is an 
electron (exciton)—phonon coupling coefficient and 
E,o is the zone-center LO phonon energy. The 
obtained values of I’, for these materials have been 
compared with those for the direct gap in GaAs 
and ZnSe. 


ReS, Ty" 
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Figure 4 The solid/open squares and circles are the tempera- 
ture dependence of the broadening parameters of E/*/E5* of 
ReS» and ReSés, respectively. The solid lines are fits to the 
Bose-—Einstein-type expression. 


Surfaces/Interfaces 


Almost since the inception of modulation spec- 
troscopy it has been recognized that EM could be 
used as an effective probe of surfaces and interfaces. 
For EM this is true not only because of the sharp, 
derivative-like spectral features but also due to its 
sensitivity to electric fields, i.e., FKOs. In addition, PR 
and CER are of considerable interest and usefulness 
since they are contactless, employ low light levels, 
require no special mounting of the sample, and can be 
performed in any transparent ambient including 
ultrahigh vacuum (UHV). 

Of particular usefulness in the study of Fermi 
level pinning at surfaces are UN(SIN)/UP(SIP) 
and 6-doping configurations. The UN(SIN)/UP(SIP) 
structures are made by fabricating an undoped layer of 
thickness L(~1000 A) on a buried doped n‘(p*) 
buffer on a doped n*(p*) substrate. In the n*(p*) 
buffer/substrate the Fermi level occurs near the con- 
duction (valence) band edge. At the surface the Fermi 
level is pinned at some value, Vr. Therefore, 
there exists in the undoped region, which has a small 
broadening parameter, a large, almost constant 
electric field, F A similar constant field can be created 
by placing a 6-doping layer a distance L from the 
surface. 

The relation between FE as observed from the 
FKOs, and V; is given by: 


aoe 








FL = Vp — (kT/q) — SCC — V,(T) [5] 


where the second, third, and fourth terms on the 
right-hand side are the Debye length, space charge 
layer, and temperature dependent photovoltaic effect 
corrections, respectively. 
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The properties of the metal—semiconductor inter- 
face have been reported by a number of investigators 
using PR and/or ER. Jonker et al. have demonstrated 
that an epitaxial Fe film on GaAs (UN structure) 
provides a ferromagnetic contact, suppresses midgap 
state formation, and does not pin the Fermi level. Four 
samples were investigated: a native oxide reference 
sample, the same sample after sulfur passivation, 
Al/GaAs-(2 x 4), and Fe/GaAs-(2 x 4). The width of 
the undoped GaAs layer was 1070 A for the first three 
samples and 1500 A for the last sample. These results 
are shown in Figure 5a—d, respectively. The fields 
obtained from the FKOs are 58 kV/cm, 61 kV/cm, 
55 kV/cm and 60 kV/cm. For the first three samples 
the measured barrier height is about 0.64 eV (not 
corrected for the photovoltaic effect) while for the Fe/ 
GaAs material it is about 40% higher (~0.9 eV). 
Another significant feature of the Fe/GaAs spectrum is 
the large number of FKOs (in relation to the other 
samples) extending to about 2 eV. The significant 
reduction in damping indicates a substantial increase 
in carrier lifetimes. 


Micro- and Nanostructures 


Modulation spectroscopy is a very powerful tool for 
investigating many of the fundamental aspects of 
compositional single quantum wells (SQWs)/multiple 
quantum wells (MQWs), superlattices (SLs), quantum 
wires, and quantum dots (QDs). Various phenomena 
can be studied, including band offset, well and barrier 
widths, excitons, strain, coupling and decoupling 
between wells, miniband formation, two-dimensional 
electron gas (2DEG) effects, zone-folding in short- 
period SLs, built-in electric fields, etc. Work on a 
large variety of GeSi, III-V and II-VI systems has 
been reported, including both lattice-matched and 
strain-layer configurations. In addition the effects of 
various external perturbations can be evaluated. 

The properties of a vertically coupled InAs/GaAs 
QD-based laser structure fabricated by a self- 
assembled technique have been investigated by CER 
(300K and 20K). Signals have been observed 
from all the relevant regions of the sample. The 
dotted lines are the CER spectra at 300 K and 20 K in 
Figure 6a,b, respectively. The solid lines are lineshape 
fits which yield the energies indicated by arrows. 
The low-energy features, labeled QDo (lateral coup- 
ling), QD, (vertical coupling) and QD, (vertical 
coupling), originate from the QDs while the reson- 
ances designated W, and W2, correspond to the first 
conduction to first heavy- (1C-1H) and light-hole 
(1C-1L) transitions, respectively, in the QW 
(approximately one monolayer) formed by the 
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Figure 5 The PR spectra at 300K for (a) a native oxide 
reference sample, F = 58 kV/cm; (b) the same sample following 
sulfur passivation, F = 61 kV/cm; (c) Al/GaAs-(4 x 2) sample, 
F = 55 kV/cm, and (d) Fe/GaAs-(2 x 4) sample, F = 60 kV/cm. 
The thickness of the undoped spacer region is 1070 A for (a)—(c) 
and 1500 A for (d). 
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Figure 6 CER spectra (dotted lines) of an InAs/GaAs quantum 
dot-based laser structure at (a) 300 K and (b) 20 K. The solid lines 
are a lineshape fit to a first derivative Gaussian. 


wetting layer (WL). Although the oscillator strength 
of the QD features is small compared to the WL 
resonances, they are clearly visible even at 300 K. The 
GaAs, and GaAs» features are attributed to GaAs- 
related transitions. The former at both 300K and 
20 K corresponds to the bandgap energy of GaAs and 
probably comes from the undoped 400 A-thick GaAs 
layers which envelop the QD region. The GaAs) 
feature is most likely related to the p-doped 6000 A- 
thick GaAs cap layer. The heavy doping of this layer 
induces a Burstein—Moss blue shift of the bandgap. 


Device Structures 


The methods of PR and CER are valuable tools in 
the evaluation of important device parameters for 
structures such as heterojunction bipolar transistors 
(HBTs), pseudomorphic high electron mobility tran- 
sistors (PHEMTs), edge-emitting and vertical cavity 
surface-emitting (VCSEL) quantum well lasers, 
multiple quantum well infrared detectors, solar 
cells, superlattice optical mirrors, resonant 
tunneling structures, metal-oxide-semiconductor 
(MOS) configurations, among others. 

The dashed lines in Figure 7a,b are the 300K 
CER spectra of a GalnP2(emitter)/GaAs(collector) 
HBT (fabricated by metalorganic chemical vapor 
deposition) for incident light with electric field vector 
E\l[110] (polarization A) and Ell[110] (polarization B), 
respectively. Both collector and emitter signals 
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Figure 7 Room-temperature CER spectra (dashed lines) for a 
GalnP/GaAs HBT sample fabricated by metalorganic chemical 
vapor deposition for incident light polarized (a) Ell[110] and 
(b) Ell[110]. The solid lines are a lineshape fit which yields the 
bandgap energies denoted by arrows. 


exhibit well-pronounced FKOs. The solid lines are 
least-squares fits to a function which contains 
Lorentzian broadened electro-optic functions, 
yielding 1.873 + 0.001 eV and 1.885 + 0.001 eV for 
the GalInP, bandgaps for polarizations A and B, 
respectively, as indicated by the arrows. The ordering 
parameter of 0.3 deduced from the differences in the 
measured bandgaps for the two polarizations was 
consistent with transmission electron microscope 
measurements. The electric fields evaluated from the 
emitter and collector region FKOs were compared 
with a computer simulation of the field profiles using 
a comprehensive, self-consistent model, including the 
photovoltaic effect. The deduced emitter and collec- 
tor doping densities were in good agreement with the 
intended growth conditions. 


Summary 


Modulation spectroscopy is a very powerful tool for 
investigating many of the fundamental and applied 
aspects of a wide variety of semiconductors and 
semiconductor micro- and nanostructures, including 
bulk/thin films, surfaces/interfaces, single quantum 
wells, multiple quantum wells, superlattices, quan- 
tum wires, quantum dots, etc. In addition the effects 
of various perturbations such as alloy composition, 
temperature, electric and magnetic fields, hydrostatic 
pressure, internal and/or external stain, processing, 
etc., can be evaluated. Recently these methods have 
also been applied for the characterization of actual 
device structures such as HBTs, PHEMTs, quantum 
well lasers, etc. 
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Introduction 


Quantum dots are nanometer-sized clusters of semi- 
conductor material. An island of low-bandgap 
material is embedded in a sea of high-bandgap 
material so that both electrons and holes are spatially 
confined in all three directions. In an unstructured 
semiconductor, the electron energy levels of the 
individual atoms hybridize to form energy bands. In 
a quantum dot, however, there are discrete energy 
levels. This can be understood from the band 
structure of the unstructured material where there is 
a so-called dispersion relation connecting the energy, 
E, and the momentum, k. The confinement potential 
of a quantum dot quantizes the k-values, giving rise to 
discrete energy levels. If the energy levels of a 
quantum dot are separated by more than the typical 
energy level broadenings and by more than the 
thermal energy then the quantum dot will behave 
quite differently to the bulk material. The quantum 
dot will exhibit atom-like properties — discrete energy 
levels with small degeneracies — despite the fact that it 
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is embedded in a semiconductor matrix. It is this 
ability to prepare a variety of atom-like systems in a 
semiconductor environment which has driven the 
research into semiconductor quantum dots. 

In some sense, nanosized quantum dots have been 
the subject of research for quite some time. Color 
filters, for instance, consist of nanosized particles 
dispersed in a glass matrix, and this is a very mature 
technology. Also, lithography of layered semiconduc- 
tor systems already possessing confinement in one 
dimension has been pursued for at least 15 years. 
However, developments in the past few years have 
been rapid, all based on the discovery of self-assembly 
of quantum dots directly in the growth of semicon- 
ductor heterostructures. These quantum dots can be 
produced with standard materials in standard growth 
systems, and this allows an easy integration of 
quantum dots into devices such as diode lasers. 
Furthermore, the self-assembled quantum dots are of 
extremely high quality and this is of great value not 
just for devices but also for fundamental physics 
experiments, aimed at studying or exploiting the 
coherence of excitons confined in the quantum dots. 
For these reasons, this short review concentrates on 
the properties of self-assembled quantum dots, giving 
just brief descriptions of other systems. It should be 
noted that the bibliography is extremely limited and 
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in no way does justice to the large number of research 
groups which have made valuable contributions 
to this field. Instead, the bibliography is simply a list 
of suggestions for finding out more about this 
fascinating research area. 


Quantization in Quantum Dots 


Quantum dots are on the one hand large enough that 
the bulk band structure of the host material can be 
used to describe the material’s electronic properties. 
In the effective mass approximation, this amounts to 
giving both electrons and holes a quadratic dispersion 
on momentum, just as for a free electron, but with an 
effective mass, typically about 0.1 for the electrons, 
and 0.3 for the holes. On the other hand, quantum 
dots are small enough that confinement effects are 
important. For instance, the energy of an exciton in a 
nanometer-sized quantum dot is a strong function of 
the quantum dot size. As the dots become smaller, 
confinement effects become larger, and the energy 
separating electron and hole levels increases. This 
does not increase indefinitely, however. There is a 
finite-size energy barrier to the matrix surrounding 
the dot such that in the limit of small dot sizes, the 
wavefunction spreads out into the barrier region and 
confinement effects become very weak. Ideally, an 
electron in a quantum dot has a confinement energy 
of at least several meV, and an energy barrier to the 
surrounding matrix of several 100 meV so that 
confinement effects are visible even at room 
temperature. 

The motivation for the study of quantum dots is to 
combine the atom-like properties with the flexibility 
of a solid-state environment. This is perfectly 
illustrated by considering a quantum dot as the gain 
medium for a laser. In a conventional semiconductor 
diode, a band of levels has to be inverted in order to 
achieve population inversion. This is costly in terms 
of the threshold current and the temperature stability. 
In a quantum dot, inversion can be achieved simply 
by inverting the population of the two-fold degen- 
erate ground state, which is clearly trivial. Further- 
more, a strong confinement energy and a large barrier 
to the surrounding matrix imply that this population 
inversion is stable against rises in temperature, 
implying better room-temperature performance. 
This example also exemplifies the motivation for 
investigating quantum dots using well-developed 
inorganic semiconductor technology as in this case 
the dots can be integrated into established device 
geometries. Generally speaking, the important con- 
cept in quantum dot physics is spatial confinement of 
electrons in all three directions, giving rise to discrete 
energy levels. 


Lithography for Quantum Dots 


Developments in semiconductor growth technology, 
largely during the 1970s and 1980s, enabled thin 
layers of different semiconductors to be grown on top 
of each other. There are two principal growth 
techniques, molecular beam epitaxy (MBE), in 
which a heated substrate is bombarded with pure 
species in a high vacuum, and metal organic chemical 
vapor deposition (MOCVD), in which chemical 
precursors flow over a heated substrate and react. In 
the simplest structure, termed a quantum well, a thin 
layer of low-bandgap material is sandwiched between 
high-bandgap material. The discontinuities in the 
potentials at the interface give rise to confined 
electronic states for both carrier types, electrons and 
holes. The quantum well is an example of a two- 
dimensional system: there is confinement in one 
direction, the growth direction, but free dispersion 
in the other two directions. To make a quantum dot, 
it is necessary to confine the electron and hole in all 
three directions. An obvious approach is to take a 
quantum well, with perfect confinement in one 
direction, and process it laterally with lithographic 
techniques to complete the quantization. Note that an 
analogy can be made to the physics of the quantum 
Hall effect, where a two-dimensional electron gas is 
subjected to a very high magnetic field. The magnetic 
field quantizes the lateral motion in a similar way to 
the electrostatic potential in a quantum dot. 

This approach to the formation of optically active 
quantum dots obviously has some advantages, 
notably that the shape and position of the quantum 
dots can be chosen in the lithography. However, there 
are some significant problems associated with these 
techniques. As most of these problems do not plague 
the properties of self-assembled quantum dots, self- 
assembled quantum dots are more suitable for 
advanced photonic devices. 

A number of different lithographic techniques has 
been used to process quantum-well heterostructures 
into quantum dots. For research applications, elec- 
tron-beam lithography is the method of choice. The 
sample is coated with a resist, for instance PMMA, 
and exposed with electrons in an area with nanometer 
size. A protective layer, either a metal or insulator, is 
transferred to the exposed area by developing the 
resist, by depositing the protective layer material, and 
by removing the unwanted material with a lift-off 
step. The wafer is then etched, typically in a dry 
environment, to produce a free-standing column. 

The photoluminescence of these quantum dots has 
been measured by various research groups, and 
although the results vary quite widely there are 
some systematic trends. The photoluminescence 
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efficiency decreases rapidly for pillars smaller than a 
few microns. This is somewhat improved at low 
temperature, where reasonably strong emission can 
be observed down to 100-nm diameter pillars. For 
pillars with micron diameters, the lateral confinement 
effects are weak, and it is debatable if true quantum 
dots have been achieved. There are a number of 
effects which degrade the emission. First, pinning of 
the Fermi energy by surface states generates large 
electric fields near the surface, which can ionize 
electron-hole pairs. This is well known for quantum 
wells: if a GaAs quantum well for example is placed 
less than about 25 nm from the surface, the photo- 
luminescence is very weak because of the surface 
electric field. In an etched pillar, these effects are 
clearly magnified by the new surface area generated. 
Secondly, the etching process damages the material to 
a greater or lesser degree, and the damaged region 
contains centers for nonradiative recombination. 
Other lithography techniques have also been used 
to generate semiconductor quantum dots for optical 
experiments. An elegant idea is to deposit small 
regions of a highly strained film onto the sample 
surface. In this way, a laterally varying strain film in an 
underlying quantum well can be set up, generating 
quantum dots through the effect of strain on the band 
gap. (This idea has also been married with self- 
assembly, by using Stranski-Krastanow-grown InP 
stressors on a GaAs surface, generating lateral 
confinement in an underlying InGaAs quantum 
well.) A further idea is to generate a quantum dot by 
deliberately growing a quantum well with rough 
interfaces. In such a system, there will inevitably be 
regions which confine an electron-hole pair through 
localization. Both of these approaches clearly circum- 
vent the problems generated by the exposed surface in 
an etched quantum dot. However, they generate small 
lateral confinement potentials, typically a few meV. 
This is of value in a research environment where 
fundamental experiments can be carried out at low 
temperature, but in a possible device at room 
temperature, where the thermal energy is 25 meV, 
quantization effects will not be discernible. 
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Self-Assembled Quantum Dots 


A solution to the difficulties inherent in quantum dots 
made by lithographic techniques began to emerge in 
the early 1990s. It was discovered that quantum dots 
can be produced directly in the semiconductor 
growth by depositing a material onto a substrate 
with a substantially smaller lattice constant. The most 
well-known example is the growth of InAs (lattice 
constant 6.05 A) on GaAs (lattice constant 5.65 A) 
where In-rich quantum dots form. Because billions of 
dots form spontaneously in this process, the dots are 
referred to as self-assembled quantum dots. Since the 
early experiments, considerable progress has been 
made, such that the state-of-the-art quantum dots 
possess many of the hoped-for properties: they are 
coherent (meaning that they contain no dislocations), 
highly homogeneous (meaning that fluctuations in 
shape and composition from dot to dot are small), 
and have large quantum efficiencies for the emission 
of light. 


Growth of Self-Assembled Quantum Dots 


When growing one material on top of another, three 
principal growth mechanisms have been identified: 
Frank-—van der Merwe, Volmer—Weber, and 
Stranski-Krastanov. In the Frank—van der Merwe 
mode, material is deposited layer by layer, as in the 
growth of the lattice-matched pair GaAs and AlAs. In 
the Volmer—Weber mode, island formation occurs: 
the material does not wet the surface because it is 
energetically unfavorable. Another possibility arises 
if there is a lattice mismatch. In this case, the epilayer 
is strained, and the strain energy obviously increases 
with increasing epilayer thickness. In the Stranski- 
Krastanow mode, the initial growth is layer by layer, 
as in Frank—van der Merwe, but beyond a certain 
thickness, islands form, as shown schematically in 
Figure 1. On the one hand, the islands limit the strain 
energy, because some strain relaxation is allowed, 
which is not possible in a thin film. On the other 
hand, island formation results in an increase of the 
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Figure 1 A schematic of the Stranski-Krastanow mode. The material deposited has a substantially larger lattice constant than the 
substrate, for example InAs on GaAs. Initially, a thin and uniform layer is deposited. At the critical thickness (1.5 monolayers for InAs on 
GaAs), islands spontaneously form. Further growth results in an increase in the number of islands. At large coverages, large and 


dislocated islands appear. 
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Figure 2 Anatomic force micrograph of InAs quantum dots ona 
GaAs substrate. The InAs dots were grown by MBE at a growth 
temperature of 530 °C. The image was taken by Axel Lorke. 


surface energy. This means that there is a size at which 
the total energy is minimized. 

It is now well established that many combinations 
of semiconductors grow in the Stranski-Krastanow 
mode, and this can be utilized for self-assembly of 
quantum dots. The most studied example is InAs on 
GaAs where high-quality quantum dots can be grown 
with both MBE and MOCVD. Dots form at the so- 
called critical thickness of 1.5 monolayers, corre- 
sponding to just 4 A of material. For thicknesses less 
than the critical thickness, the covering is not 
completely uniform; there are island-like structures, 
elongated along the [011] direction. At the critical 
thickness dots form, leaving a thin InAs layer (the 
wetting layer) between the dots. As more InAs is 
added, the density of dots increases with only small 
changes in the dot size. As an example, Figure 2 
shows InAs dots on a GaAs substrate. 

The dots grown in this Stranski-Krastanow mode 
are free of dislocations, which is an essential 
prerequisite in II]—V compounds for a high quantum 
efficiency for optical emission. Furthermore, the dots 
are remarkably homogeneous. Statistical fluctuations 
during growth will always give rise to a distribution 
in dot size and height. Nevertheless, the fluctuations 
in dot size can be as small as ~10%. The dots are 
randomly arranged in the lateral plane if the growth 
proceeds on a flat substrate, and densities are between 
10? and 10!! cm. The shape and composition of the 
dots depend on the growth parameters. For instance, 
InAs/GaAs dots can have facets along particular 
crystal directions, or they can be lens-shaped without 
facets, depending on the growth technique, and in 
particular the growth temperature. In fact, measuring 
the shape and composition is a very challenging task, 
particularly for buried dots. 


Stranski-Krastanow growth has turned out to be a 
robust phenomenon for IJJ-V materials; quantum 
dots have been produced in this way for a number of 
material combinations. The most important con- 
dition is that the deposited material has a substan- 
tially larger lattice constant than the substrate. 
InAs forms dots not just on GaAs but also on InP. 
The InAs/InP dots are particularly interesting because 
they emit at the technologically important 1.5 wm 
wavelength. InP can also form the dot material by 
using GalnP substrates where the bandgap is pushed 
up into the red region of the spectrum. Dots can also 
be grown with II-VI materials; the growth of CdSe 
on ZnSe is analogous to the growth of InAs on GaAs. 
These II-VI dots emit in the green. Finally, dots can 
also be formed in the nitrides, for instance by 
depositing InGaN on an AlGaN surface. In fact, the 
high emission efficiency of GaN, despite the large 
defect density, has been attributed to the formation of 
quantum dot-like structures in the active layers. 

It is a challenge to arrange the dots in the plane of 
the substrate. An easy route with self-assembly has 
not been found to accomplish this. Nevertheless, dots 
can be encouraged to grow at particular positions by 
pre-patterning the substrate. This obviously limits the 
separation of the dots in any such array to the limits 
set by lithography. However, self-assembly does 
provide a means to order the dots in the growth 
direction: if the separation between successive layers 
is small enough (less than 15 nm for InAs/GaAs) then 
the dots grow directly above one another, as shown in 
Figure 3. In a new layer, the residual strain field from 
the dots in the layer below is sufficient to seed the 
dots. In this way, vertical stacks of dots can be built 
up. In fact, it has been argued that the dots tend to 
become more laterally ordered with each layer. The 
point is that if two dots are close together in one layer, 
their strain fields overlap, and provide only one 
seeding center in the subsequent layer. 


Optical Properties 


The main interest in quantum dot physics is the 
quantization in all three spatial directions, giving rise 
to atomic-like energy levels. For a system of self- 
assembled quantum dots, it is important to measure 
the fundamental bandgap, the energetic separation 
between the confined states both for electrons and for 
holes, the barriers to the electron continuum and hole 
continuum, and the oscillator strengths for the 
various interband transitions. All this information 
can be gleaned with optical spectroscopy. 

Perhaps the simplest experiment to perform, if 
not to understand, is photoluminescence in which 
electron-hole pairs are excited with a laser beam. 
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Figure 3 A transmission electron micrograph of two layers of InAs quantum dots in GaAs showing how the dots in the upper layer lie 
directly above the dots in the first. The image was taken by Gio Medeiros-Ribeiro. 


The laser energy can be tuned to lie just above the 
bandgap of the wetting layer in which case the 
electron-hole pairs are excited in the wetting layer 
itself. Alternatively, if the laser energy is larger than 
the bandgap of the barrier material, electron—hole 
pairs are excited in the barrier. In both cases, the 
carriers relax into the dots, and then down the ladder 
of states in the dot, so that the dot electron and hole 
ground states are occupied. Emission is detected when 
an electron and a hole recombine. As such, the 
experiment measures only the energy of the ground- 
state exciton. However, if the pump intensity is 
increased such that electron-hole pairs are generated 
faster than they can recombine, the excited states of 
the dots are also occupied and recombination can also 
occur from excited states. An example of such an 
experiment is shown in Figure 4. At low pump 
powers, only the ground state emission is detected; 
at higher pump powers, the first excited state emerges, 
and at higher powers still, the second excited state also 
emerges, and so on. The spectra are broadened by the 
inhomogeneous broadening, i.e., from fluctuations 
from dot to dot, but the broadening is small enough 
that the excited state emission can be easily distin- 
guished from the ground state emission. For these 
particular quantum dots, the energetic separation 
between the ground and excited state emission is 
15 meV, and this corresponds to the sum of the 
electron and hole confinement energies. The separ- 
ation between the other emissions is also about 
15 meV, implying that the states are approximately 
equally spaced, implying in turn that the confining 
potential is approximately parabolic. Furthermore, in 
this experiment, emission from the wetting layer can 
also be made out, and this enables the electron and 
hole confining potentials to be estimated. 
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Figure 4 Photoluminescence from an ensemble of quantum 
dots as a function of laser excitation power. The measurement 
temperature was 12K. The quantum dots are induced in an 
InGaAs/GaAs quantum well by a strain field generated by InP 
stressors on the sample surface. The stressors are grown in 
the Stranski-Krastanow mode, and are 1nm away from the 
quantum well. At low excitation power, only the ground state 
emission is observed. As the power increases, emission from 
excited states is also observed through state filling. Reprinted with 
permission from Lipsanen H, Sopanen M and Ahopelto J (1995) 
Luminescence from excited states in strain-induced In,Ga,_,As 
quantum dots. Physical Review 51: 13868. Copyright 1995 
American Physical Society. 


SEMICONDUCTOR MATERIALS / Quantum Dots 413 





Photoluminescence invariably yields the sum of 
electron and hole energies. In order to measure just 
the electronic properties, it is possible to occupy the 
dots with, say, two electrons (so that in each dot the 
two-fold degenerate ground state is fully occupied) 
and to excite electric dipole transitions between the 
electron levels. This has been accomplished with so- 
called charge-tunable heterostructures, with which 
electrons can be controllably loaded into the dots 
from an electron reservoir. The interlevel absorption 
lies in the far-infrared region of the spectrum; for 
InAs/GaAs quantum dots for instance, the transition 
is at a wavelength of 25 wm (an energy of 50 meV), as 
shown in Figure 5. The results of this experiment also 
point to an approximately parabolic confining 
potential from the fact that as electrons are added 
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Figure 5 Transmission in the far infrared of an ensemble of 
InAs/GaAs quantum dots where each quantum dot is occupied 
with two electrons. The data were taken at a temperature of 
4.2 K. The shaded transmission minima correspond to absorption 
from the quantum dots. The transitions are between the electron 
ground state and the first excited state. Two peaks are observed 
even at zero magnetic field, suggesting that the dots are slightly 
oval in shape. In a magnetic field, the two peaks move apart, 
which is a consequence of the Zeeman effect. The strong feature 
at 45 meV arises from an electronic interaction with an interface 
phonon. Reprinted with permission from Fricke M, Lorke A, 
Kotthaus JP, Medeiros-Ribeiro G and Petroff PM (1996) Shell 
structure and electron-electron interaction in self-assembled InAs 
quantum dots. Europhysics Letters 36: 197. Copyright 1996 
European Physical Society. 





to the dots, the energy of the far-infrared absorption 
does not change much. (In the limit of a perfect 
parabolic potential, a famous result known as Kohn’s 
theorem states that the long-wavelength absorption 
should show no energy dependence on the electron 
occupation.) 

In self-assembled quantum dots, the confining 
potential can be thought of as very steep in the 
growth direction, and relatively shallow in the lateral 
plane. In other words, the dots are essentially two- 
dimensional disks. The electron ground state is, in 
analogy with atomic physics, s-like, and the excited 
state p-like. However, because of the disk-like nature 
of the dots, the p-state is four-fold degenerate, and 
not six-fold degenerate as in a conventional atom. 
One way to demonstrate this is to perform interband 
absorption experiments on charge-tunable structures, 
as shown in Figure 6. The first transition corresponds 
to the transition from the hole s-state to the electron 
s-state, and disappears when the dots are occupied 
with two electrons. This is simply because the Pauli 
principle forbids the transition once the final level is 
fully occupied. The second transition corresponds to 
the transition from the hole p-state to the electron 
p-state, and disappears when the dots are occupied 
with four electrons, confirming the degeneracies of 
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Figure 6 Transmission in the near infrared of an ensemble of 
InAs/GaAs quantum dots at 4.2 K. Spectra are shown for different 
values of N, the electron occupation. At N = 0, there are three 
transitions corresponding to transitions from a valence state to an 
electron state. These are the s—s, p—p and d—dtransitions, where 
the states are labeled in analogy to atomic physics. At N = 2, the 
electron ground state is fully occupied, and the s-—s transition 
disappears because it is blocked, a consequence of the Pauli 
principle. Similarly, the p—p transition is blocked at N=6 
when both the electronic s and p states are fully occupied. 
Reprinted with permission from Warburton RJ, Durr CS, Karrai K 
et al. (1997) Charged excitons in self-assembled semiconductor 
quantum dots. Physical Review Letters 79: 5282. Copyright 1997 
American Physical Society. 
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the confined states. This experiment, unlike a photo- 
luminescence experiment, also yields a value for the 
oscillator strength. The result can be understood 
simply in terms of the overlap integral between the 
hole and electron states. In other words, these dots 
are in the strong confinement regime where the 
confinement energies are larger than the exciton 
binding energy. In the other limit, the weak confine- 
ment regime, the exciton binding energy dominates 
over the confinement energies, and it makes sense 
only in this limit to think of an exciton moving 
as a coherent entity throughout the dot. In the weak 
confinement regime, the oscillator strength is actually 
larger than in the strong confinement regime. 

An important issue in interpreting photolumines- 
cence experiments is the rate at which a highly excited 
electron-hole pair can relax to the ground state of a 
quantum dot. Relaxation in the continuum is known 
to occur on a picosecond time-scale: electrons and 
holes relax by emitting LO-phonons if possible; and if 
not, acoustic phonons. Capture by a dot also occurs 
quickly (apart from in low-density samples where 
capture may take a few hundred picoseconds). It was 
initially thought that relaxation of carriers once 
captured by a quantum dot would be hindered by 
the discrete nature of the density of states. The 
argument is that the energy separation between the 
levels is too large for acoustic phonon emission; 
and there is no reason why the separation between 
the levels should match the LO-phonon energy 
(which has a very weak dispersion). Nonetheless, 
experiments have shown that relaxation from excited 
dot states to the ground state is rapid, occurring on a 
picosecond time-scale, pretty much as for quantum 
wells. Auger processes can be important, whereby 
an electron in a dot loses energy by promoting 
an electron in the continuum to a higher energy. 
But relaxation can also be fast without a large 
population of mobile carriers in the wetting layer, 
and this is thought to arise through multiphonon 
processes. The radiative lifetime is typically 1 ns for 
self-assembled quantum dots, depending to some 
extent on the size and material system. As for 
quantum wells, relaxation occurs much faster than 
recombination. 


Lasers and Self-Assembled Quantum Dots 


The motivation for using quantum dots as the gain 
medium for semiconductor lasers is that they should 
have advantageous properties over quantum wells. 
These include a lower threshold current, better 
temperature stability, and a higher modulation 
frequency. All of these possible advantages stem 
from the quantization. In a quantum dot, there are 


discrete levels each with low degeneracy so that 
population inversion is easy to achieve. Also, there 
are large potential barriers to the continuum of states 
in the surrounding matrix, and an energy separation 
between levels in the dot at least comparable to the 
thermal energy at room temperature. This should 
make a quantum dot device relatively insensitive to 
temperature. The threshold current of a semiconduc- 
tor laser usually behaves as I = Ipe™/" where T is the 
temperature, Tp is the characteristic temperature, and 
I) the low-temperature threshold current. Generally 
speaking, lasers are desirable with a small Ip) and a 
large To. 

The main obstacle to realizing the benefits of full 
spatial confinement in self-assembled quantum dots is 
the inhomogeneity. For a particular lasing wavelength 
only a fraction of the dots can contribute to the lasing 
signal. Additionally, the dot densities are typically 
about 10!! cm~? for these applications, implying that 
in the layer plane there is more unoccupied space than 
dot material. All in all, the gain at a particular 
wavelength is limited. Nevertheless, it would appear 
that even with inhomogeneous dot ensembles 
the advantages inherent in zero-dimensional states 
can be exploited. 

In addition to the density of states, there is an 
important difference in the nature of the gain 
spectrum between quantum well and quantum dot 
lasers. In a quantum well, gain exists over a range of 
energies through band filling. If an electron-hole pair 
is stimulated to emit by the lasing field, then the 
vacancies will be quickly filled by carrier—carrier 
scattering in the bands, maintaining a quasi-thermal 
equilibrium in the conduction and valence bands. In 
quantum dots at low temperature, capture into a 
particular dot is a random process, and given the 
rapid relaxation and the high barriers to the 
continuum, an electron—hole pair is very likely to 
emit from the dot where it was created. In other 
words, the system is not in thermal equilibrium. At 
higher temperatures, thermal escape out of the dots 
becomes likely, enabling the system to come into 
thermal equilibrium. The transition into thermal 
equilibrium will depend critically on the barrier 
height, and with appropriate design may take place 
close to, or even above, room temperature. 

Quantum dot lasers have now been realized, and 
emit continuous wave at room temperature. Progress 
has been rapid in the past few years. In fact the best 
quantum dot lasers now have the lowest I) and the 
highest Tp of any semiconductor laser diode. 

Even if the intrinsic advantages of quantum dots are 
largely offset by the inhomogeneous broadening for 
laser applications, there are some other advantages. 
The InAs/GaAs quantum dot emission wavelength is 
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33S =2R15 |33R=21R5 |33A=215R |33B=2k15 |33C =21k5 |33D=215k |33E =2M15 
34S =2R21 |34R=22R1 |34A=221R |34B=2k21 |34C =22k1 |34D=221k |34E =2M21 
35S =2R26 |35R=22R6 |35A=226R |35B=2k26 |35C =22k6 | 35D =226k |35E = 2M26 
36S = 2R32 |36R=23R2 |36A=232R |36B=2k32 |36C =23k2 |36D=232k |36E = 2M32 
37S = 2R37 |37R=23R7 |37A=237R |37B=2k37 |37C =23k7 |37D = 237k |37E = 2M37 
38S = 2R43 | 38R=24R3 |38A=243R |38B =2k43 |38C = 24k3 | 38D = 243k |38E = 2M43 
39S =2R49 |39R=24R9 |39A=249R |39B =2k49 |39C =24k9 | 39D = 249k |39E = 2M49 


40S =2R55 |40R=25R5 |40A=255R |40B=2k55 |40C =25k5 |40D = 255k |40E = 2M55 
41S =2R61 |41R=26R1 |41A=261R |41B=2k61 |41C =26k1 |41D=261k |41E =2M61 
42S =2R67 |42R=26R7 |42A=267R |42B =2k67 |42C = 26k7 |42D = 267k |42E = 2M67 
43S =2R74 |43R=27R4 |43A=274R |43B =2k74 |43C =27k4 |43D=274k |43E =2M74 
44S =2R80 |44R=28RO |44A=280R |44B=2k80 |44C =28k0 |44D=280k |44E = 2M80 
45S =2R87 |45R=28R7 |45A=287R |45B=2k87 |45C =28k7 |45D = 287k |45E = 2M87 
46S =2R94 |46R=29R4 |46A=294R |46B=2k94 |46C =29k4 |46D = 294k |46E = 2M94 
47S =3R01 |47R=30R1 |47A=301R |47B=3k01 |47C =30k1 |47D=301k |47E=3M01 
48S =3RO09 |48R=30R9 |48A=309R |48B=3k09 |48C =30k9 |48D=309k |48E = 3M09 
49S =3R16 |49R=31R6 |49A=316R |49B=3k16 |49C =31k6 |49D=316k |49E =3M16 


50S = 3R24 |50R=32R4 |50A=324R |50B=3k24 |50C =32k4 |50D=324k |50E = 3M24 
51S =3R32 |51R=33R2 |51A=332R |51B=3k32 |51C =33k2 |51D=332k |51E =3M32 
52S =3R4 |52R=34RO |52A=340R |52B=3k4 |52C =34k0 |52D=340k /|52E =3M4 

53S = 3R48 |53R = 34R8 |53A=348R |53B =3k48 |53C =34k8 |53D = 348k |53E =3M48 
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significantly higher than that of InGaAs/GaAs 
quantum wells, and with subtle changes in the 
growth can be increased to 1.3 wm, corresponding 
to one of the low-loss windows in optical fiber. 
Also, much higher powers have been realized with 
quantum dot lasers than with quantum well lasers. In 
quantum well lasers, device failure occurs at high 
current, often due to degradation of the end mirrors. 
It would appear that the carrier localization in 
quantum dots is sufficiently strong to prevent 
diffusion to the end facets, allowing the devices to 
withstand higher currents. 


Colloidal Quantum Dots 


Progress has been made recently in making inorganic 
quantum dots with techniques from organic chem- 
istry. Organometallic precursors are employed. The 
growth temperature is typically below 200 °C which 
has been found to give material with quite high 
crystalline quality. A crucial development has been 
the use of various organic groups to passivate the 
surface so that the quantum dots have bright 
photoluminescence. The II—VIs, being more polar 
than the IIJ-Vs, are easier to produce with these 
techniques, and most work has concentrated on CdS 
and CdSe quantum dots which emit in the visible. 
Nevertheless, it is also possible to produce III-V 
quantum dots with this technology, and although the 
bulk GaAs bandgap lies in the near-infrared, the 
quantum confinement effects can be so high as to push 
the photoluminescence into the visible. Furthermore, 
HgCdTe has also been developed as a material system 
for quantum dots, and the emission can be tuned to 
the all-important 1.5 wm. 

The spectral width of emission from these colloidal 
quantum dots tends to be very large because of a large 
spread in particle size. However, techniques are being 
developed to isolate a specific size. With a selective 
precipitation technique for instance, the spectral 
width can be reduced considerably to the extent 
that a fine structure can be observed in the optical 
response. 

The advantage of these quantum dots lies in the 
possibility of mass-production for applications such 
as solar cells. The ease with which one material 
system can be used to cover a large spectral 
bandwidth is already attracting a lot of interest, for 
instance in using passivated and water-soluble quan- 
tum dots as biological labels. By using different 
materials, a huge spectral range can be covered with 
this technology, as illustrated in Figure 7. Of course, 
there are still challenges to be met in this field. The 
quantum dots tend to degrade in the course of time, 
losing their high quantum efficiency for emission, 
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Figure 7 Room temperature emission spectra of surfactant- 
coated colloidal quantum dots. The quantum dots consist of InAs 
(left), InP (middle), and CdSe (right). Selection of the size has 
been used to give a particular wavelength in each band. Reprinted 
(abstracted/excerpted) with permission from Bruchez M Jr, 
Moronne M, Gin P, Weiss S and Alivisatos AP (1998) 
Semiconductor nanocrystals as fluorescent biological labels. 
Science 281: 2013. Copyright 1998 American Association for the 
Advancement of Science. 


presumably as a result of changes to the surface 
structure. Improvements have been made recently by 
capping the dots with a high-bandgap semiconductor, 
such as ZnS, which hinders interactions of the exciton 
with the surface states. The emission from organic- 
based dots also tends to show temporal fluctuations 
in wavelength, revealed experimentally from the 
emission of a single dot. This is thought to come 
about through the charging and discharging of traps 
in the vicinity of the quantum dot. Fundamentally, 
there are difficulties injecting carriers across an 
interface into the colloidal dots. However, progress 
can be expected in all these areas, and these 
quantum dots may well find applications in novel 
photonic devices. 


Single-Dot Spectroscopy 


No matter how quantum dots are prepared, there 
is always a distribution in emission energy. 
This constitutes an inhomogeneous broadening 
mechanism. For self-assembled InAs dots on GaAs, 
the lowest emission width from an ensemble of dots is 
about 20 meV. This energy is large compared to 
several other energies in the system. For example, the 
binding energy of a charged exciton, or of an 
exciton—exciton complex (a biexciton), is about 
2 meV in this system. Also, the width of single dot 
emission is two to three orders of magnitude smaller 
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than the ensemble width at low temperature. The 
width of single-dot emission is inversely related to the 
time over which the exciton maintains its coherence, 
and this should be as long as possible for future 
applications of quantum dots which manipulate the 
phase of the excitonic wavefunction. In order to 
investigate the properties of quantum dots in detail it 
is clearly necessary to measure the optical response of 
a single quantum dot rather than the response of a 
large ensemble of dots. The development of this field 
has been aided by the techniques developed for single- 
molecule spectroscopy which was first reported in the 
late 1980s and has subsequently become almost a 
standard experimental technique. 

Typical densities of self-assembled quantum dots 
correspond to 100 per pm. Given that the emission 
wavelength is around 1 wm, it is clear that an optical 
technique with subwavelength spatial resolution is 
required to excite and detect a signal from just one 
quantum dot. The techniques employed include 
cathodoluminescence, where a focused electron 
beam provides the spatial resolution, and near-field 
optics where a subwavelength-sized aperture in a 
metal mask determines the spatial resolution. In the 
latter case, the aperture is either permanently 
connected to the sample surface, or it is formed on 
a tapered optical fiber positioned just a few nano- 
meters away from the sample surface. An example is 
shown in Figure 8: with a confocal microscope the 


spatial resolution is not high enough to isolate 
spectroscopically a single dot. With increased spectral 
resolution, however, just a small number of peaks 
remain, each corresponding to the emission from a 
single dot. A further technique is to etch nanometer- 
sized mesas in the sample such that each mesa 
contains on average just one quantum dot. In some 
cases, single quantum dot emission has been detected 
with a conventional optical microscope (usually a 
confocal microscope) by adjusting the growth con- 
ditions to give particularly low dot densities. This can 
be achieved with colloidal nanocrystals by spinning a 
dilute suspension of the dots onto a substrate, a 
technique which has been frequently used in single- 
molecule spectroscopy. In each case, the photolumi- 
nescence signal from a single quantum dot is not 
large, and a detector capable of counting individual 
photons with a high quantum efficiency is required. 
A cooled silicon CCD camera is very convenient, 
giving not only a very low dark count and high 
quantum efficiency, but also a huge multiplexing 
advantage. However, the response of a Si detector 
tails off in the visible, and decreases rapidly at about 
1050 nm in the near infrared, so it is by no means a 
universal solution. 

The most striking feature of the emission from a 
single inorganic quantum dot is its spectral purity. 
Linewidths as small as a few peV (a few hundred 
MHz) have been reported at low temperature for 
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Figure 8 Emission from quantum rings from a 1 wm? area of the sample, and from a 0.07 um? area of the sample, both taken at 
4.2 K. The quantum rings are generated with a Stranski—Krastanow growth procedure using InAs and GaAs. The first spectrum was taken 
with a low-temperature confocal microscope; the second with a near-field technique. It can be seen how large statistical fluctuations arise 
in the first spectrum, because the number of rings probed is not sufficient to give a smooth distribution function. In the second spectrum, 
just a few peaks can be discerned above the noise level, each arising from the emission from an individual quantum ring. 


SEMICONDUCTOR MATERIALS / Type-Il Quantum Wells and Superlattices 417 





quantum dots formed in a localizing potential in a 
quantum well. These linewidths can be interpreted as 
de-phasing times of the excitons. The maximum 
possible de-phasing time is obviously the radiative 
lifetime, in which case the line is homogeneously 
broadened. This limit has been observed at low 
temperature on natural quantum dots, but not at 
elevated temperature: as the temperature increases, 
scattering of the excitons by phonons decreases the 
coherence time, observed through a broadening 
of the emission. 

The sharp lines observed in single-dot spectroscopy 
give access to fine structure on a meV energy scale. 
Most of this fine structure arises through Coulomb 
interactions between the electrons and holes. For 
example, two recent experiments have explored the 
emission as a function of electron occupation, and 
exciton population. In both cases, new lines emerge 
when a single dot is populated by more than one 
electron-hole pair. 


Perspectives 


The field of semiconductor quantum dots has made 
rapid advances in the past decade largely through the 
discovery of self-assembly in the growth of lattice- 
mismatched inorganic semiconductors. The most 
immediate application of these defect-free nanostruc- 
tures is as the gain medium for semiconductor laser 
diodes, the aim being to reduce the threshold currents 
beyond those achievable with quantum wells. 
This approach is already proving highly successful. 
However, there are also other possibilities for novel 
photonic applications of quantum dots. These include 
memory elements for image processing, detectors and 
sources for single photons, and perhaps even elements 
for the coherent manipulation of wavefunctions. 


See also 


Semiconductor Materials: Band Structure Engineering; 
GaAs Based Compounds. Semiconductor Physics: 


Band Structure and Optical Properties; Excitons; 
Outline of Basic Electronic Properties; Quantum Wells 
and GaAs-Based Structures; Recombination Processes. 
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Introduction 


When thin layers of two semiconductor materials are 
combined to form a heterojunction, quantum well 


(QW), or superlattice, the properties of the resulting 
‘quantum heterostructure’ are to a large extent 
governed by the alignment of the conduction and 
valence bands at the interfaces. Usually the overall 
conduction-band (CB) minimum lies in the same 
material as the overall valence-band (VB) maximum, 
as for example in the GaAs/Alp.3Gao.7As QW 
illustrated in Figure 1a. In such a type-I structure, 


418 SEMICONDUCTOR MATERIALS / Type-Il Quantum Wells and Superlattices 





AlosGa97AS GaAs  Alp.gGap7As 


CB 
1.5 E1-0-«-| 


Energy (eV) 


—50 0 50 100 
(a) Distance (A) 


150 200 


Energy (eV) 





100 200 
(c) Distance (A) 


300 400 


Energy (eV) 





(e) Distance (A) 
Figure 1 








-50 0 50 
(b) 








-100-50 0 50 100 150 200 250 300 350 
(d) Distance (A) 


—_ 
o 


Energy (eV) 
oO 
a 





0.0 
—0.5 
—100 -50 0 50 
(f) Distance (A) 


Conduction band (CB) and valence band (VB) profiles along with selected sub-band energies and wavefunctions for: (a) 


50 A GaAs/Alo.3Gao,7As type-I quantum well (GaAs substrate); (b) 50 A/50 A Gao,47lNo.ssAs/Gao,sASo.sSb type-II staggered-gap 
superlattice (InP substrate); (c) 100 A/100 A InAs/GaSb type-II broken-gap semimetallic superlattice (GaSb substrate); (d) 50 A/50 A 
GaAs/AIAs type-| superlattice (GaAs substrate); (e) 20 A/50 A GaAs/AIAs type-II superlattice with indirect band alignment both in real 
and momentum spaces; and (f) 30 A/30 A InAs/GaSb type-II semiconducting superlattice. E1, H1, and X1 represent the first sub-band in 
the [’-valley conduction band, I’-valley valence band, and X-valley conduction band, respectively. The overlap between the electron and 


hole wavefunctions is shown in gray. 


the electrons and holes both reside mostly in the GaAs 
and their wavefunctions overlap almost perfectly as 
shown in the figure. 

There are cases, however, when the CB minimum is 
in one layer while the VB maximum is in the other. 
For this so-called type-II alignment, which is 
exemplified by the Gag.47Ino,53As/GaAso.sSbo.5 


superlattice of Figure 1b, the electrons and holes 
tend to separate spatially. It should not be surprising 
that this significantly influences many of the basic 
optical and electronic properties. Just one example is 
the band-edge absorption, whose strength is propor- 
tional to the square of the wavefunction overlap 
integral. 


SEMICONDUCTOR MATERIALS / Type-Il Quantum Wells and Superlattices 419 





In contrast to the staggered type-II heterostructure 
of Figure 1b, another possibility is the broken-gap 
type-II alignment of the InAs/GaSb superlattice 
shown in Figure 1c. Since the CB minimum in InAs 
actually lies below the VB maximum in GaSb, this 
combination becomes a semimetal even though the 
bulk constituents are both semiconductors. 

The nature of the band alignment can also be 
strongly influenced by shifts of the electron and hole 
energy levels induced by quantum confinement. 
Figure 1d illustrates a type-I GaAs/AIAs superlattice 
with relatively thick GaAs layers. Notice that the 
same superlattice becomes type-II if, as in Figure 1e, 
the GaAs layers are thin enough that the GaAs 
T-valley electron level (center of the Brillouin zone) is 
pushed to a higher energy than the AlAs X-valley level 
(boundary of the Brillouin zone). Similarly, quantum 
confinement can turn the broken-gap (semimetallic) 
type-II InAs/GaSb superlattice of Figure 1c into 
a staggered (semiconducting) type-II superlattice 
as in Figure 1f. 

Although many different type-II heterostructures 
have been identified over the last three decades, only a 
few are likely to have long-term technological 
importance for optics or electronics. The system 
that has received the most attention in terms of both 
fundamental scientific studies and opto-electronic 
device development is InAs/GaSb and related alloy 
combinations such as InAs/GaInSb. Following a brief 
overview of wider-gap type-II heterostructures, this 
article will concentrate primarily on that interesting 
narrow-gap system. 


Wide-Gap Type-!Il Heterostructures 


The best-known wide-gap type-II heterostructure is 
the GaAs/AlAs superlattice of Figure 1e. The band 
lineup is type-II provided the GaAs thickness is no 
greater than ~10 monolayers (28 A) and the AlAs 
layer is no thinner than the GaAs layer. Since the CB 
minimum is in the AlAs X-valley and the VB 
maximum is in the GaAs I-valley, this structure has 
an indirect energy gap in both real space 
and momentum space. In type-II GaAs/AlAs, the 
X-valley states at the CB minimum form one or more 
superlattice minibands, which display relatively low 
resistance at small biases, negative differential 
velocity, etc. A related structure is the GaAs/AlAs/ 
GaAs/AlAs/GaAs double-barrier intervalley resonant 
tunneling diode, in which resonant or sequential 
phonon-assisted tunneling proceeds via intervalley 
transitions whenever the Fermi level in the GaAs 
emitter lines up with the X-valley minimum in AlAs. 
Structures containing AlGaAs do not necessarily 
need quantum confinement to establish a type-II 


alignment, since it occurs naturally in Al,,Ga,_,As/ 
AlAs heterojunctions with x > 0.3. 

The device potential of wide-gap type-II hetero- 
structures is rather limited, owing to their low 
luminescence efficiencies (due in large part to the 
doubly indirect band alignment) and low mobilities 
(due to the heavy X-valley effective mass). A few 
proposals have focused on modulation of the band 
alignment between the type-I and type-II regimes. 
The Gapo.47Ing,53As/GaAso.5Sbo,5 superlattices of 
Figure 1b and related structures have been investi- 
gated as alternative active regions for semiconductor 
lasers emitting in the important 1.3-—2 um wave- 
length range. 


InAs/GaSb/AISb-Based Type-ll 
Superlattices and Quantum Wells 


Molecular beam epitaxy (MBE) was used to fabricate 
the first InAs/GaSb-based superlattices in 1977, only 
a few years after the initial GaAs/AlGaAs superlattice 
growths. It was quickly demonstrated that for 
relatively thick layers the band alignment is broken- 
gap type-II, with 100-150 meV overlap between the 
conduction band minimum in InAs and the valence 
band maximum in GaSb. In this semimetallic super- 
lattice, GaSb valence-band electrons spill over into 
the InAs and leave behind holes (see Figure 1c). It was 
also observed that at equal layer thicknesses of 
= 90 A quantum confinement induces a semimetal- 
to-semiconductor transition (Figure 1f), and that the 
gap becomes increasingly positive when the thickness 
is reduced further. This is no mere scientific curiosity, 
since being able to tune in a wide range of energy gaps 
spanning 0 to >0.5eV has enormous practical 
consequences for infrared (IR) emitters and detectors. 
Such a capability cannot be replicated by any other 
III-V heterostructure system. 

Another happy accident is that the lattice con- 
stants of InAs (6.058 A) and GaSb (6.096 A) are 
matched closely enough to allow them to be grown 
together by MBE or metalorganic chemical vapor 
deposition (MOCVD). A third binary member of the 
‘antimonide’ or ‘6.1-A’ family of growth-compatible 
heterostructures is AlSb (6.136 A), which is valuable 
in that it serves as a quantum barrier to both InAs 
conduction states and GaSb valence states. The 
extended family includes a variety of ternary alloys 
(GaInSb, GaAISb, InAsSb, AlAsSb, etc.), whose 
energy gaps as a function of lattice constant are 
given by the curves in Figure 2, and also at least 
three quaternary alloys: GalnAsSb, AlGaAsSb, and 
InAlAsSb. Taken together, this menagerie of materials 





rather than optical, we will not discuss them 


While interfaces play an important role in any 
semiconductor heterostructure, they are especially 
crucial in InAs/GaSb and related type-II systems 
because the two materials on opposite sides of the 
interface have neither a common cation nor a 
common anion (unlike GaAs/AlGaAs, for example, 
in which both wells and barriers have As anions). By 
timing the shutter sequences in the growth, one can in 
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Figure 2 Direct energy gaps at zero temperature for III-V 
compound semiconductors and their ternary alloys with lattice 
constants in the vicinity of 6.1 A. 


provides the type-II IR device designer with an 
exceptional degree of configurational flexibility. 

Type-II IR structures are typically grown on 
either a GaSb or InAs substrate. Since even a 
small amount of strain build-up can produce 
dislocation defects that seriously degrade the 
performance, one usually balances the net tensile 
strain (associated with layers having a lattice 
constant slightly larger than that of the substrate) 
with a compensating amount of net compressive 
strain (from layers whose lattice constant is slightly 
smaller than that of the substrate). 

Band structures for complicated type-II layering 
configurations have been calculated by a variety of 
methods, including k-p, tight-binding, and empirical 
pseudopotentials. While all reproduce the main 
features of the electron and hole sub-bands and 
dispersion relations near the center of the Brillouin 
zone, the relative merits of the different approaches 
remain controversial. Due to the small energy 
gaps, band-mixing effects are especially important 
in this system. 

One consequence of the small type-II antimonide 
energy gap is that the electron and hole bands repel 
each other and both effective masses can be lighter 
than in any other III-V semiconductor (e.g., smaller 
than in the bulk constituents). This leads to high 
mobilities at room temperature, and promising 
possibilities for high-electron-mobility transistors 
(HEMTs). Also of interest are resonant tunneling 
diodes (RTDs) based on InAs/AISb/GaSb/AISb/InAs 
and related structures, in which interband tunneling 
via the GaSb valence states results in negative 
differential resistance with a very high peak-to-valley 
ratio. Since these devices are primarily electronic 


principle end the InAs on an In layer and begin the 
GaSb on Sb, to produce InSb-like interface bonds. 
Alternatively, one can end the InAs on As and begin 
the GaSb on Ga to form GaAs-like bonds. Detailed 
characterizations by a variety of methods have shown 
that the device properties and even the band structure 
can be relatively sensitive to whether the interface 
bonds are InSb-like or GaAs-like. 

With regard to opto-electronic devices, a potential 
limitation of InAs/GaSb superlattices is that in order 
to reach a long wavelength (small energy gap), the 
layers must be rather thick (e.g., ~90 A for zero gap). 
In such a structure the overlap between the electron 
and hole wavefunctions becomes quite small (see 
Figures 1c and 1f), and consequently the interband 
optical interactions are weak. However, Mailhiot and 
Smith pointed out that this issue can be circumvented 
to a large extent by employing Ga,_,In,Sb (with 
x =0.4) rather than GaSb for the hole QWs. 
Compressive strain in the GalnSb produces a large 
splitting of the heavy and light hole sub-bands, along 
with a substantial increase of the type-II offset energy. 
The result is that much thinner layers (with large 
wavefunction overlaps) may be employed in conjunc- 
tion with energy gaps corresponding to long IR 
wavelengths. In fact, the overlap for a short-period 
InAs/GaInSb superlattice such as that illustrated 
schematically in Figure 3 can be large enough to 
yield interband optical interaction strengths compar- 
able to those in bulk materials and type-I 
superlattices. 

While practical constraints on the minimum 
reproducible layer thickness set a lower wavelength 
limit on the order of 2 wm, the upper limit governed 
by uniformity considerations is quite high, perhaps in 
the A = 25-100 um range. This makes type-II anti- 
monide quantum heterostructures a natural choice 
for mid-IR to far-IR photodetectors and lasers. 


Type-ll IR Photodetectors 


Because IR detectors sense the radiant black-body 
emission from warm objects rather than relying 
on reflected visible light, they can be used for 
‘night vision.’ Both photoconductive (PC) and 
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Figure 3 Conduction and valence band profiles along with 
electron (E1) and hole (H1) sub-band energies and wavefunctions 
for a 19A/19A InAs/Gao.7Ino.3Sb type-II superlattice (GaSb 
substrate) with an energy gap equal to that of the InAs/GaSb 
superlattice in Figure 1d. 


photovoltaic (PV) IR detectors are now being 
developed with type-II active regions, usually 
consisting of simple InAs/GaInSb superlattices. 
The PV geometry, in which a reverse bias is 
applied to a p—n junction, is ultimately preferred 
since it is easily adaptable to pixelation in a 2D 
array with many discrete detector elements. That 
allows an IR camera to construct a detailed 
thermal picture of any given scene. 

An optimized PV photodetector must have high 
absorption in the active region, unimpeded vertical 
transport to assure collection of the photogenerated 
carriers, and a low dark current. The thin layers of a 
type-II InAs/GalInSb active region help to satisfy the 
first two criteria, since they assure both a large 
wavefunction overlap (Figure 3) and rapid electron 
and hole tunneling through the superlattice 
minibands. 

The dark current in a high-quality diode tends to 
be dominated by generation-recombination currents 
at low temperatures and diffusion currents at higher 
T. However, trap-assisted tunneling via dislocations 
and other macroscopic defects can significantly 
increase the dark current. Figure 4 plots the 
resistance—area product (RoA) for diodes with and 
without macroscopic defects. Surface leakage result- 
ing from inadequate sidewall passivation can also 
lead to a substantial contribution that is pro- 
portional to the perimeter of the mesa. The diffusion 
current scales as 1/r!?, where + is the recombi- 
nation lifetime. To date, the defect-mediated Shock- 
ley-Read lifetimes of <100ns have been 
significantly shorter than in competing HgCdTe IR 
materials (>1 ps). However, Auger lifetimes are 
substantially enhanced, as will be discussed further 
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Figure 4 Temperature dependence of the dynamic impedance 
at zero bias R)A for two different InAs/GalnSb superlattice diodes 
with cutoff wavelengths of 8.7 wm. The generation-recombination 
(G-R) and diffusion-limited AypA values are indicated by the 
dashed lines. Reproduced with permission from Birkle ef al. 
(2000) MRS Symp. Proc., 607, pp. 77-82. 


in the context of type-II IR lasers. In an Auger 
event, the energy and momentum of the recombin- 
ing electron-hole pair is transferred to a third 
carrier, which scatters to a higher-lying state in 
either the same or a different band. Because three 
different carriers must interact simultaneously, the 
recombination rate scales with the cube of the 
carrier density. Usually Shockley—Read recombina- 
tion dominates at lower temperatures and Auger 
processes at higher T: 

Typically the n-side of a type-II diode is heavily 
doped (10'S cm~* range) and relatively thin, while 
most of the absorption occurs on the lightly doped 
(10'°cm~? range) p-side. A standard figure of 
merit is the detectivity (D‘), which is essentially 
the signal-to-noise ratio in a device of standard 
size. For 77 K operation, type-II PV detectors with 
cutoff wavelengths of 7.5 wm and 12 um achieved 
D* of 1x 10" cm Hz'?/W and 5 x 10" cm Hz!/W, 
respectively. Those values are nearly as high as 
typical results for the much more mature HgCdTe 
FPA technology. 

It is anticipated that type-II detectors will be 
particularly attractive at very long wave IR 
(VLWIR), at which it becomes increasingly difficult 
to maintain adequate control over the HgCdTe 
compositional uniformity. Recent PC detectors oper- 
ated out to 22 wm, and PV devices to 16 um. Due in 
part to the strong suppression of Auger recombina- 
tion, type-II detectors are also expected to be 
advantageous at noncryogenic temperatures where 
future systems will increasingly operate. 
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Type-ll IR Lasers 


At visible and near-IR wavelengths out to ~ 2 wm, the 
QW diode laser is by now a mature technology that 
dominates the commercial marketplace due to its low 
cost (<$1 per laser in some cases), compactness, 
and reliability. However, the technical challenges 
become much more severe in the mid-IR spectral 
region (3-5 pm). Before the advent of the type-II 
laser, no interband III-V semiconductor device 
emitting at A= 3pm had ever operated at room 
temperature. Alternatives are the lead salt laser, 
which is limited to very low-output powers, and the 
quantum cascade laser (QCL) that is based on optical 
transitions between two electron QW sub-bands 
rather than interband electron-hole processes. 
Mid-IR lasers are needed for high-power military 
applications such as IR countermeasures against heat- 
seeking missiles and for the sensitive detection of 
trace chemicals using the spectroscopic ‘fingerprint’ 
that distinguishes each species from any other. 

From the 1960s to the late 1990s, conventional III- 
V double heterostructure (DH) and type-I QW lasers 
for the mid-IR never achieved the desired levels of 
performance because they failed to overcome certain 
fundamental limitations. Those included: 


1. inadequate band offsets, which at higher tempera- 
tures made it difficult for the QW or DH active 
regions to retain the injected electrons and holes; 

2. rapid Auger nonradiative decay, which led to 
excessive threshold current densities at higher 
temperatures; and 

3. restricted spectral range, limited to wavelengths 
shorter than the cutoff for bulk InAs,_,.Sb,. 


However, it has more recently become apparent 
that all of these limitations can be either minimized or 
removed by employing a type-II InAs/GaSb-based 
active region. 

For example, electrical confinement is far more 
effective because the GaSb conduction band confines 
InAs electrons and the InAs valence band confines 
GaSb holes (see Figure 1f). Auger recombination is 
also significantly suppressed, in part because the holes 
are nearly as light in the plane as the electrons, 
making it much more difficult to conserve both 
momentum and energy in the three-carrier process. 
Nearly an order-of-magnitude suppression of the 
room-temperature Auger rate has been reported, 
which translates directly into a similar reduction of 
the threshold current density. And as was discussed 
above in connection with IR photodetectors, very 
long wavelengths are readily attainable because the 
energy gap in a type-II active region can be arbitrarily 


small. Type-II lasers have already operated cw at 
A>7 pm, and cryogenic operation out to wave- 
lengths as long as 100 um has been projected 
theoretically. 

In 1986 the first type-II semiconductor laser, which 
emitted at A= 1.86 pm from single liquid-phase 
epitaxy (LPE)-grown heterojunctions, was demon- 
strated. Since the mid-1990s, 3-4 um GaInAsSb/ 
InAs-based single-interface type-II diodes have been 
developed that operate up to 205 K in pulsed mode. 

In 1995, lasing at A = 3.2—3.5 um was reported 
from type-II InAs/Gag.7sIno.25Sb superlattice diodes 
grown by MBE. Subsequent work on these devices 
extended the temperature range to 255 K in pulsed 
mode and 180 K for cw operation, and the emission 
wavelength to 4.3 wm. 

While the wavefunction overlap and hence the gain 
for a two-constituent type-II superlattice active region 
can be quite favorable, penetration of the electron 
wavefunctions into the thin GaInSb layers is in fact so 
great that a wide miniband forms along the growth 
axis. The electrons then have strong energy dispersion 
in all three dimensions, whereas present-generation 
near-IR and visible semiconductor lasers nearly 
always have QW active regions with 2D carriers. 
The stepped quasi-2D density of states yields a much 
higher differential gain per injected carrier at 
threshold, and also narrower spectral emission lines 
than are attainable with a 3D electron population. 
The most straightforward approach to blocking the 
formation of a miniband in the superlattice is to adda 
high electron barrier between the periods, e.g., 
InAs/GalInSb/AlSb. However, the drawback of that 
approach is that the wavefunction overlap becomes 
much smaller than in the simple superlattice, resulting 
in significantly lower gain. 

On the other hand, if a second electron well is 
added on the other side of the hole well, the resulting 
structure with four constituents per period (e.g., 
InAs/GalInSb/InAs/AISb) combines the large wave- 
function overlap of the two-constituent superlattice 
with 2D electron and hole confinement. Figure 5 
illustrates band profiles, energy levels, and wavefunc- 
tions for the ‘W’ laser, which takes its name from the 
shape of the conduction-band profile. 

Optically pumped type-II W lasers display high- 
power pulsed operation at temperatures well above 
ambient. Wavelengths have spanned the range 
2.6-7.3 wm, and mid-IR vertical-cavity surface- 
emitting lasers (VCSELs) were also fabricated. 
Optical pumping is viewed primarily as a means of 
achieving high cw or quasi-cw output powers in the 
mid-IR, and in that regard W lasers have exceeded all 
other semiconductor approaches with 1.5 W peak 
output power being obtained at 71K for 100 us 
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Figure 5 Conduction and valence band profiles along 
with selected sub-band energies and wavefunctions for InAs/ 
Gag7lNo.3Sb/InAs/AlSb type-II ‘W’ structure (GaSb substrate). 
Electron (E1), heavy hole (H1, H2, H3), light hole (L1), and barrier 
heavy hole (HB) sub-bands are indicated. 


pulses with a 10% duty cycle. The average output at 
82 K for that device was up to 360 mW for 20 ws 
pulses and a 50% duty cycle. 

Cw operation at A = 3.0 wm was observed nearly 
to room temperature (290K), and even a 6.1 ym 
emitter operated cw to 210 K. The cw output power 
of 540 mW/facet from a device with 80W QW 
periods was the highest ever reported for 78K 
operation in the mid-IR. Despite the rather high 
output power, however, the differential power con- 
version efficiency was only 2.5% at 78 K and fell to 
1% at 140 K. Much higher efficiencies were obtained 
using the optical pumping injection cavity (OPIC) 
approach, in which the active region was surrounded 
by semiconductor quarter-wave mirror stacks that 
formed an etalon cavity resonant at the 2.1 wm pump 
wavelength. For pulsed operation, OPIC devices with 
uncoated facets and only 10 active QWs yielded 
lower thresholds, lower internal losses, and higher 
power conversion efficiencies than any previous 
results at T = 200K. Figure 6 illustrates that the 
efficiencies were 7.1% at 220K for one device and 
4% at 275 K for another. 


W-OPIC-2 


B Aout =3.4-3.7 um Apump = 2.10 um 


Cavity length = 0.50 mm 


Power conversion efficiency/facet 





Temperature (K} 


Figure 6 Power conversion efficiency per uncoated facet as a 
function of temperature for two different W-OPIC lasers emitting 
in the wavelength ranges of 3.1-3.4 um (filled circles) and 
3.4-3.7 um (filled squares), respectively. For comparison, 
conversion efficiencies for a typical ‘W’ laser without an OPIC 
emitting in the same spectral range (open circles) are also shown. 
All of the lasers were optically pumped in pulsed mode by a 
2.1 um Ho:YAG laser, and the cavity length for all three devices 
was 0.5 mm. 


An alternative approach to maximizing the pump 
absorbance despite a small number of QWs is the 
‘integrated absorber’ (IA) concept. In this approach, 
the W QWs are separated by intermediate-gap 
GalnAsSb absorbing layers which donate optically 
generated electrons and holes to the active wells. At 
80 K with 35 ss pulses at 2.5% duty cycle, an IA laser 
with only five QWs separated by ~1600-A-thick 
absorber layers had a power conversion efficiency of 
9.8% and peak output power of 2.1 W. Thus far 
the IA has not done as well as the OPIC at high 
temperatures, due mostly to an inadequate valence 
band offset between the absorber layers and the 
active QWs. 

The beam quality for optically pumped type-II lasers 
was substantially improved by using the angled- 
grating distributed-feedback (a-DFB) approach 
pioneered at shorter wavelengths. Since both the 
grating and the facets are needed to produce optical 
feedback, only a narrow angular cone is fed back into 
the tilted cavity. For a pump-stripe width of 50 wm, the 
near-diffraction-limited output beam had 15 times 
narrower angular divergence (1.4° full width at half- 
maximum (FWHM)) than the double-lobed beam 
emitted from a conventional Fabry-Perot laser 
occupying an unpatterned portion of the same bar. 
Even more promising results have been reported using 
the photonic-crystal distributed-feedback (PCDFB) 
laser, in which the grating is defined on a two- 
dimensional rectangular lattice that is tilted with 
respect to the facets as in the a-DFB. For a pump-stripe 
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width of 200 wm, the beam quality for the direction 
along the laser stripe was four times the diffraction 
limit. 

Although optical pumping is the simplest way 
to inject electrons and holes into the active region, 
type-II diode lasers will ultimately be much more 
inexpensive, convenient, compact, and energy effi- 
cient. However, generalization of the W configuration 
to electrical pumping is not entirely straightforward. 
This is because holes injected from the p-type 
cladding layer may have poor growth-axis transport, 
and hence hole populations in the various GaInSb 
QWs could be highly nonuniform. Whereas the 
holes in a superlattice are required to tunnel 
through only one InAs electron well at a time (see 
Figure 3), the barrier for the structure in Figure 5 
consists of two InAs layers in addition to the AlSb 
barrier. To overcome this problem the AlSb was 
replaced with a specially designed quaternary 
Alo.15Gag.gsAso.o5Sbo.95 barrier, which raised the L1 
light-hole sub-band to within ~100 meV of the H1 
heavy-hole valence band maximum. That permitted 
thermally excited light holes to provide the needed 
tunneling transport to all of the QWs. Another key 
design element was the insertion of relatively 
thick (0.6 wm) undoped Alp.35Gao.65AS8o,03Sbo0.97 
“broadened-waveguide’ layers on each side of the 
active region, in order to minimize free-carrier 
absorption in the doped Alp.9Gag,1A8o.97Sbo,93 clad- 
ding layers. Some of the devices also contained InAs/ 
AlSb ‘hole-blocking’ layers, which prevented hole 
leakage into the n-type broadened waveguide layer. 

A pulsed A = 3.27 wm W-diode of this type with 10 
active QW periods achieved the first room tempera- 
ture operation (to 310K) of an electrically pumped 
III-V interband laser in the mid-IR. Another device 
with five QWs operated in cw mode to 200K, the 
highest Tax to date for any interband IJI-V laser 
beyond 3 um. The threshold at 78 K was 63 A/cm’, 
and Figure 7 shows that the cw output was 140 mW 
at 78 K and 20 mWat 180 K. Following optimization 
of the turn-on voltages, series resistances, and 
internal losses, cw diodes with one—three QWs are 
projected to operate in the thermo-electric cooler 
range and ultimately at room temperature. 

A more exotic variation on the type-II diode 
emitter is the interband cascade laser (ICL) that was 
first proposed by RQ Yang. Like the intersub-band 
QCL, the ICL generates multiple photons per injected 
electron by making an optical transition at each step 
of a staircase-like QW structure. While the threshold 
current density for the QCL is high because of the 
inherently short lifetimes associated with intersub- 
band phonon scattering, the interband configuration 
of the ICL eliminates that nonradiative relaxation 
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Figure 7 Cw output power as a function of injection current at 
temperatures between 78 K and 180 K for a ‘W’ diode laser with a 
2-mm-long cavity and 100-wm-wide stripe emitting at a 
wavelength of 3.3 um. 


path. Early projections that the ICL should display 
low thresholds, high cw operating temperatures, high 
output powers, and high differential quantum 
efficiencies (well above the conventional limit of 
one photon/electron) have all been confirmed 
experimentally. 

Figure 8 illustrates conduction and valence band 
profiles for a typical single stage of the ICL staircase. 
While this example employs a W configuration, in 
which two InAs electron QWs (19 A and 13 A) 
surround the active GaInSb hole QW (32 A), some 
designs employ only a single InAs active well. 
Electrons tunneling into the InAs QWs from the 
preceding injection region at left emit a photon by 
making spatially indirect radiative transitions to the 
GalInSb valence band. They next tunnel into the 
valence states of the adjacent GaSb and GalnSb hole 
wells, whose function is to provide a thick barrier to 
prevent electron leakage from the active InAs QWs 
directly to the 70 A InAs well that begins the next 
injection region. From the final GalnSb hole QW 
(40 A), the carriers undergo near-elastic interband 
scattering into conduction states of the 70 A InAs 
QW. Electrons traversing the superlattice miniband of 
the injection region, which in this case consists of 
eight digitally graded InAs wells, finally tunnel into 
the active electron QWs of the next period. This series 
of events is repeated at each step of the ICL staircase. 

Following the first ICL demonstration in 1997, 
there have been reports of threshold current densities 
13 A/cm? at 80 K, maximum operating temperatures 
of up to 300 K for pulsed operation and 150 K for cw 
(with epitaxial-side-up mounting), pulsed output 
powers of 6 W/facet and slope quantum efficiencies 
exceeding 600%. A cw wall plug efficiency of 22% 


54S =3R57 |54R=35R7 |54A=357R |54B=3k57 |54C =35k7 (54D =357k |54E = 3M57 
55S = 3R65 |55R=36R5 |55A=365R |55B=3k65 |55C =36k5 |55D = 365k |55E = 3M65 
56S = 3R74 |56R=37R4 |56A=374R |56B=3k74 |56C =37k4 |56D=374k |56E = 3M74 
57S = 3R83 |57R=38R3 |57A=383R |57B =3k83 |57C = 38k3 {57D = 383k |57E =3M83 
58S = 3R92 |58R=39R2 |58A=392R |58B =3k92 |58C =39k2 |58D = 392k |58E = 3M92 
59S =4RO2 |59R=40R2 |59A=402R |59B=4k02 |59C =40k2 {59D =402k |59E = 4M02 


60S =4R12 |60R=41R2 |60A=412R |60B=4k12 |60C =41k2 |60D=412k |60E =4M12 
61S =4R22 |61R=42R2 |61A=422R |61B=4k22 |61C =42k2 |61D=422k |61E =4M22 
62S =4R32 |62R=43R2 |62A=432R |62B=4k32 |62C =43k2 |62D=432k |62E = 4M32 
63S =4R42 |63R=44R2 |63A=442R |63B=4k42 |63C =44k2 |63D =442k |63E = 4M42 
64S =4R53 |64R=45R3 |64A=453R |64B =4k53 |64C =45k3 (64D =453k |64E = 4M53 
65S = 4R64 |65R=46R4 |65A=464R |65B=4k64 |65C =46k4 |65D=464k |65E = 4M64 
66S =4R75 |66R=47R5 |66A=475R |66B=4k75 |66C =47k5 |66D=475k |66E =4M75 
67S =4R87 |67R=48R7 |67A=487R |67B=4k87 |67C =48k7 |67D=487k |67E = 4M87 
68S =4R99 |68R=49R9 |68A=499R |68B =4k99 |68C =49k9 |68D =499k |68E = 4M99 
69S =5R11 |69R=51R1 |69A=511R |69B=5k11 |69C =51k1 |69D=511k |69E =5M11 


70S =5R23 | 70R=52R3 |70A=523R |70B=5k23 |70C =52k3 |70D=523k |70E =5M23 
71S =5R36 |71R=53R6 |71A=536R |71B=5k36 |71C =53k6 |71D=536k |71E =5M36 
72S = 5R49 |72R=54R9 |72A=549R |72B=5k49 |72C =54k9 |72D = 549k |72E = 5M49 
73S =5R62 |73R=56R2 |73A=562R |73B =5k62 |73C =56k2 |73D=562k |73E =5M62 
74S =5R76 |74R=57R6 |74A=576R |74B=5k76 |74C =57k6 | 74D =576k |74E = 5M76 
75S =5R9_ |75R=59RO |75A=590R |75B = 5k9 75C = 59kO |75D=590k |75E =5M9 

76S =6R04 |76R=60R4 |76A=604R |76B=6k04 |76C =60k4 |76D=604k |76E = 6M04 
77S =6R19 |77R=61R9 |77A=619R |77B=6k19 |77C =61k9 |77D=619k |77E =6M19 
78S = 6R34 |78R=63R4 |78A=634R |78B =6k34 |78C =63k4 | 78D =634k |78E =6M34 
79S =6R49 |79R=64R9 |79A=649R |79B =6k49 |79C =64k9 | 79D =649k |79E =6M49 


80S =6R65 |80R=66R5 |80A=665R |80B=6k65 |80C =66k5 |80D=665k |80E =6M65 
81S =6R81 |81R=68R1 |81A=681R |81B=6k81 |81C=68k1 |81D=681k |81E =6M81 
82S =6R98 |82R=69R8 |82A=698R |82B=6k98 |82C =69k8 |82D=698k |82E =6M98 
83S =7R15 |83R=71R5 |83A=715R |83B=7k15 |83C=71k5 |83D=715k |83E =7M15 
84S =7R32 |84R=73R2 |84A=732R |84B=7k32 |84C =73k2 |84D=732k |84E = 7M32 
85S =7R5 |85R=75RO |85A=750R |85B=7k5 |85C=75kO0 |85D=750k |85E =7M5 

86S =7R68 |86R=76R8 |86A=768R |86B=7k68 |86C =76k8 |86D = 768k |86E = 7M68 
87S =7R87 |87R=78R7 |87A=787R |87B=7k87 |87C =78k7 |87D=787k |87E = 7M87 
88S =8RO6 |88R=80R6 |88A=806R |88B=8k06 |88C =80k6 |88D=806k |88E = 8M06 
89S =8R25 |89R=82R5 |89A=825R |89B=8k25 |89C =82k5 |89D=825k |89E = 8M25 


90S =8R45 |90R=84R5 |90A=845R |90B =8k45 |90C = 84k5 |90D = 845k |90E = 8M45 
91S =8R66 |91R=86R6 |91A=866R |91B=8k66 |91C =86k6 |91D=866k |91E = 8M66 
92S = 8R87 |92R=88R7 |92A=887R |92B=8k87 |92C = 88k7 |92D=887k |92E = 8M87 
93S =9RO9I |93R=90RI |93A=909R |93B=9k09 |93C =90k9 |93D=909k |93E = 9M09 
94S =9R31 |94R=93R1 |94A=931R |94B =9k31 |94C =93k1 |94D=931k |94E =9M31 
95S =9R53 |95R=95R3 |95A=953R |95B =9k53 |95C =95k3 |95D=953k |95E = 9M53 
96S =9R76 |96R=97R6 |96A=976R |96B=9k76 |96C =97k6 |96D =976k |96E = 9M76 





If you want an accurate RESISTANCE measurement, remove the resistor from the circuit 
and use a Digital meter. 


SURFACE MOUNT COMPONENTS - PACKS 


Talking Electronics has packs of components for the repairman. The following packs are 
available: 


SURFACE MOUNT RESISTOR PACK consists of 1 off each standard value 
10 ohms to 1M & 2M2 (60 resistors) 
$14.20 including pack and post 


SURFACE MOUNT CAPACITOR PACK consists of: 

2-10p 5-47p 5-100p 5-470p 5-1n 5-10n 5-22n 5-100n 
5 - 1u 16v electrolytic 5- 10u 16v electrolytic 

(40 components) 

$23.80 including pack and post 


SURFACE MOUNT DIODE PACK consists of: 
5 - 1N 4148 (marked as "A6") 
$10.00 including pack and post 


SURFACE MOUNT TRANSISTOR PACK consists of: 
5 - BC 848 (marked as "1K") NPN 

5 -BC858 PNP 

$10.00 including pack and post 
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Figure 8 Conduction and valence band profiles for one period of an interband cascade laser with a W active region and three hole 


wells. Sub-band energy levels are also indicated. 


at 80K was recently reported. While substantial 
further improvements are expected, the primary 
disadvantage of the ICL is its complexity. 

Despite numerous dramatic advances by type-II 
mid-IR lasers since their first demonstration in 1995, 
the performance has not yet progressed to the level 
that will be required to support a robust commercial 
technology. One key issue is the cw operating 
temperature, which must increase to at least the 
thermo-electric cooler range if the potential market 
is to extend beyond niche applications. Higher- 
temperature operation will result automatically 
once the number of QWs, and hence the threshold 
current density, can be reduced. Further suppression 
of the Auger decay rate would also be highly 
beneficial if it is proven possible. 

The laser output power and efficiency are governed 
by the internal loss, which in type-II QWs tends to be 
dominated by resonant free-hole intersub-band tran- 
sitions. The details of the valence sub-band structure 
are not well known at present, although recent experi- 
ments have apparently identified a number of the 
transition energies. As in the case of the threshold, 
reducing the number of QWs is highly beneficial since it 
reduces the number of free carriers that can absorb the 
lasing photons. The optically pumped OPIC and IA 
structures discussed above achieved dramatic reduc- 
tions in the internal losses by following that strategy. 

The beam quality attainable from a semiconductor 
laser is governed by the linewidth enhancement factor 
(LEF), which is proportional to the variation in the 
refractive index induced by a small change in the 


carrier density. A large positive value of the LEF leads 
to filamentation in broad-area lasers as tiny peaks in 
the optical intensity cause carrier depletion and a local 
increase in the refractive index, which in turn 
stimulates further focusing of the output beam. The 
output then consists of an incoherent superposition of 
many rapidly diverging filaments, resulting in a beam 
quality that is several orders of magnitude worse 
than the diffraction limit. While theoretical LEFs for 
optimized type-II W structures can be in the 1.5-2 
range even at room temperature, recent Hakki—Paoli 
measurements have yielded values in the 2.5—5 range. 
This is possibly due to additional inhomogeneous 
broadening of the gain spectrum induced by interface 
roughness. 


See also 


Semiconductor Materials: Band Structure Engineering; 
Quantum Dots. Semiconductor Physics: Outline 
of Basic Electronic Properties; Quantum Wells and 
GaAs-Based Structures; Recombination Processes. 
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We briefly introduce the main concepts underlying the 
detailed treatment of specialist aspects of semicon- 
ductor physics in ensuing sections, viz: the free 
electron model, density of states, Fermi-Dirac 
statistics, energy bands and energy gaps, effective 
mass, electrons and holes, intrinsic and extrinsic 


conductivity, direct and indirect interband optical 
transitions, excitons and low-dimensional systems. 


Introduction 


A proper treatment of optoelectronic devices 
needs to include the physical properties of the 
materials from which the devices are made, and 
this subject is covered under the section of the 
Encyclopedia entitled ‘Semiconductor Funda- 
mentals’. This includes sections on the basic 
physics common to all semiconductors useful in 
optoelectronic applications, the experimental tech- 
niques used to investigate the optical properties of 
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these semiconductors and the more detailed 
properties of the most widely used semiconductors, 
and semiconductor systems. The properties of 
greatest importance here are those of electrons in 
crystalline solids, but the interaction between the 
electrons and the atoms of the crystal lattice is also 
significant. The combination of these microscopic 
effects is responsible for determining the macro- 
scopic optical and electrical properties of semicon- 
ductors, and in this section we give the necessary 
background to these topics. 

The classical treatment is extremely useful in 
describing the electrical conductivity of solids; the 
electrons are regarded as charged particles obeying 
Newton’s laws of motion, and electrical resistance is 
assumed to arise from collisions with the vibrating 
lattice and/or impurities. However, the classical 
theory does not give a method of predicting the 
natural frequencies, or energies, of these electronic 
oscillators. To do this we need to use quantum 
mechanics, and the elements of this are reviewed 
here. We start with the free electron theory of 
metals, where the electrons are treated as particles 
constrained to move in a potential box. For conven- 
ience we begin by considering the situation in one 
dimension (1D). 


Free Electron Theory of Metals 


Free electrons in a 1D potential box of length L in the 
x-direction are described by a plane wave function 
that is normalized within the box, y= (1/L)e“**, and 
satisfies the Schrédinger equation in the x-direction: 


Ww drip 
ina Pee [1] 
where E is the electron energy. This gives the familiar 
parabolic E-k dispersion relation (see Figure 1), 
E = h’k?/2m (with electron momentum p = hk). In 
order to evaluate physical problems it is necessary to 
define the boundary conditions for the wave function. 
We assume fixed boundary conditions (i.e., w= 0 at 
x=0,L) leading to the quantization condition 
k =nm/L where n is a positive integer. 


Density of States 


Physical properties of solids depend on the number of 
allowed k-values per unit range of k (or E-values per 
unit range of E), a quantity referred to as the density 
of states, D(k) or D(E) — for example, the number of 
allowed states between k and k + dk = D(k)dk. From 
the fixed boundary condition (k = n7/L, the number 
of allowed values of k per unit range of k in 1D is just 
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Figure 1 Schematic representation of energy bands in one 
dimension, characterized by gaps at the high symmetry points of 
the Brillouin zone. 


D(k) = L/m. In terms of energy, using the E-k 
dispersion relation, we can write (including the factor 
2 for two possible spin states): 


D(E)dE = D(k)(dk/dE)dk 
= (Li2m)(2mih7)? EB? dE [2] 


i.e., the density of states depends on E~ '” for the 1D 
situation. 

For a cube of side L, in three dimensions we 
generalize the identity for fixed boundary conditions: 


L7k* 
ar 





=n, tn, t+nz=R [3] 


where k, =n,7/L etc., and the states fill up the 
positive quadrant of a sphere of radius (R = Lk/z) in 
k-space. Thus, the number of states in a given volume 
of k-space is numerically equal to that volume, so that 
the number of states between R and R+ dR in the 
positive quadrant (hence 1/8") of a spherical shell of 
radius R in k-space is 


D(R)dR = 47R*dR(1/8) [4] 


i.e., (1/8)' of the surface area of the shell multiplied 
by the thickness of the element. Changing the variable 
to k, the number of states between k and k + dk is 





D(k)dk = D(R) . dk = ae 2k*dk [5] 
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where the volume V = L?, and a factor of 2 has again 
been included to account for the two possible spin 
states of the electron. This in turn, through the 
relation between E and k, can be expressed in terms 
of the density of states per unit energy so that the 
number of states between E and E + dE is given by: 





D(E)dE = D(k) - ja" ( ae 


re EtdE [6] 


In two dimensions, by the same argument: 


[2 2. 
Kamit nae [7] 





(ay 


Therefore D(R)dR = (27R/4) dR, where the factor 
1/4 implies the positive quarter of the 2D ring 
between R and R+ dR in k-space, A = L” and 





D(k)dk = D(R) . i= a kdk (8) 


From the E—k relation we have the number of states 
between E and E+ dE as: 





dE Af(m 
D(E)dE = D E= E 9 
(EME = D&G “(qe [9] 
Thus, in 2D systems we have the important result that 
D(E) is a constant. 


Fermi-Dirac Distribution of Electrons 


At zero temperature an atom exists in what is known 
as the ground state. All the electrons rest in the lowest 
energy states allowed to them by the Pauli principle, 
and fill the allowed states up to an energy known as 
the Fermi energy, Ep. Above absolute zero of 
temperature this is no longer the case, and thermal 
energy allows some electrons to exist in higher energy 
states. The probability f(E) that a state of energy E 
will be occupied for an ideal electron gas in thermal 
equilibrium (thermal energy kT) is governed by 
Fermi-Dirac statistics: 


1 
E = 
1+ exp( =) 


For a metal at room temperature the difference 
between the Fermi energy and the energy of the 
conduction band minimum is much greater than the 
thermal energy, (Ep — E.,) > RT; this is also true for 
a strongly m-type semiconductor (see below) and the 
distribution is said to be degenerate. 


f(E) = [10] 








Energy Bands and Energy Gaps: Semiconductors 


In the presence of the (perturbing) periodic crystal 
potential, V(r), the above simplicity is lost: this is the 
so-called ‘nearly free electron model’, and the 
perturbed Schrédinger equation is now: 


i ey 


[11] 


for the x-direction. This topic is discussed in all 
undergraduate texts on solid state physics, but we list 
the main results of the model as follows: 


1. The electrons that we are concerned with are 
confined within a periodic lattice. Consequently 
the wave function yw is modulated with the 
periodicity of the lattice. By symmetry arguments 
the correct wave function can be shown to be: 

1 


U(x) = qe Ke) [12] 


where u;,(x) is a function that has the symmetry of 
the lattice. g(x) is known as the Bloch function 
and is a satisfactory solution to the Schrédinger 
equation. Because of the periodic nature of the 
Bloch equation, it is always possible to select the 
wavevector index k of any Bloch function to lie 
within the range m/a < k < ala. This region is 
referred to as the first Brillouin zone, and the 
representation where the E-k dispersion is 
mapped back entirely into the first Brillouin 
zone is called the ‘reduced zone scheme’ (Figure 1). 

2. Regions of E appear where solutions w(x) are not 
allowed, corresponding to Bragg reflections of the 
electron waves by the lattice; these are the so- 
called energy gaps (forbidden energy regions) 
which separate energy bands (allowed energy 
regions). In 3D these discrete bands of energy 
form the conduction and valence bands within 
materials. The forbidden energy gap separates 
these bands. An additional quantum number 7 is 
required to label the individual energy bands 
corresponding to successive Brillouin zones in the 
wavevector, 2n7/a (where n = 0,1...). The pos- 
ition of the Fermi level determines the electron 
population of the energy bands, and the character 
of the solid (see below). 

3. The parabolic E-k dispersion relation is 
retained near k = 0, and at other symmetry points 
of the Brillouin zone, but with the substitution of 
an effective mass, m” (see below) for the free 
electron mass, i.e., E = h7k*/2m* for k < ala. 
This is referred to as the effective mass 
approximation. 
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The nearly free electron model is one limit for the 
description of the formation of energy bands and 
energy gaps in a solid. In real crystals the energy 
bands derive from, and retain the symmetry of, the 
parent atomic states of the host atoms. In this limit, 
the model that starts out from the wave functions of 
the free atoms is known as the tight binding model or 
the LCAO (linear combination of atomic orbitals) 
approximation. As neutral separated atoms are 
brought together to form a crystal, their wave 
functions overlap and the Coulomb interaction 
between the atom cores and the electrons splits the 
atomic energy levels, spreading them into bands. 
Each state of given quantum number of the free atom 
is spread in the crystal into a band of energies; a given 
s, p, d-state in N separate atoms will produce the 
corresponding N-orbital s, p, d-energy band in the 
solid. Including the factor of 2 for spin, a full s-band 
would contain 2N electrons, a full p-band 6N 
electrons and so on. The width of the band is 
proportional to the strength of the overlap interaction 
between neighboring atoms. Each energy band will 
not have the same energy as any other band over any 
substantial range of the wavevector. 


Metals, Insulators and Semiconductors 


The position of the Fermi level distinguishes whether 
the solid is a metal, insulator or semiconductor. 
Generally those bands that derive from full atomic 
orbital states will be fully occupied with electrons, 
those that derive from empty atomic states lead to 
empty energy bands, and those from partially full 
atomic states lead to partially full energy bands. The 
highest band of those that are filled with electrons is 
called the valence band; the next highest band is 
called the conduction band (the fundamental energy 
gap, Eg, is the valence/conduction band separation, 
referred to from now on as simply the energy gap). 
For a metal, Ef is in the conduction band at all 
temperatures; for an insulator, Ep is close to the 
middle of the energy gap. Semiconductors are a class 
of crystals with small energy gaps; they are insulators 
at T = OK, but are conductors at finite temperatures 
due to either thermal excitation of electrons across 
the gap or doping, n- or p-type (see below). 


Effective Mass 


Consider what happens to an electron when an 
external electric field F is applied. Suppose the 
electron is initially in a state k. When the field has 
acted on the electron for a small time df, it has gained 
an energy: 


dE = eFvdt = (eF/h)(dE/dk)dt [13] 


since the group velocity of the de Broglie wave 
(energy, E= hw) is v=h '(dE/dk). Or simplifying 
we have: dk/dt = eF/h. This gives for the resulting 
acceleration: 


a = du/dt = (1/h)(d*k/dt?)(dk/dt) 


= (eF/h?)(d7 E/dk*) [14] 


Comparing this result for the acceleration of a free 
electron of mass m under the influence of F, a = eF/m, 
it follows that the electron behaves as if it had an 
effective mass, m”, given by 


1 1 @E 


mB dk 15] 





Thus, the electron effective mass m™ gives a measure 
of the conduction band curvature near the minimum 
at k = 0. We note that the same result is achieved by 
differentiating twice the ‘nearly free electron’ E-k 
relation, E = A*k*/2m”. 


Electrons and Holes 


Consider the situation where a single electron is 
excited either optically or thermally from the top of 
the filled valence band to the bottom of the 
conduction band of a 1D lattice, and consider the 
collective behavior of the valence band when an 
external electric field is applied. Denoting the charge 
of an electron by —e and the velocities of the electrons 
by v;, we may write for the current associated with all 
electrons in the completely filled valence band in the 
absence of an external field: 


I= e> y; elu; 4 dv] =0 


iF 
Thus, if the electron j; were missing, we should have 
current 








[16] 


1 
ie —e> | u; = ev; 


1Aj 


[17] 


Applying an external field F, the rate of change of the 
current due to the field is: 

dI'/dt = e(du,/dt) = —e* Fim; [18] 
Since the holes are at the top of the valence band, m; 
is negative and the right hand side of the equation is 
positive — i.e., a positive external field F gives a 
positive change of current at the top of the valence 
band. Thus, a band in which an electron is missing 
behaves as a ‘positive hole’ with an effective mass 
my) = —m,, and positive charge +e. Since m, is nega- 
tive near the top of the valence band, 7, is positive. 
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Impurities, Intrinsic and Extrinsic Conductivity 


The key point about semiconductors from a device 
point of view is that one can control their conduc- 
tivity. The basic method is by doping the host crystal 
with impurities either of valence greater than the host 
(donors giving excess electrons, called n-type) or of 
valence less than the host (acceptors giving excess 
holes, called p-type). The conductivity is referred to 
as intrinsic conductivity (from intrinsic carrier 
concentration, N;) and extrinsic conductivity (from 
extrinsic carrier concentration, N,) for undoped and 
doped material, respectively. 

The impurities are chosen to have very low binding 
energies, so that the electrons (holes) are substantially 
ionized at room temperature to provide n-type (or p- 
type) conductivity. These shallow impurities can be 
treated using the simple Bohr theory of the hydrogen 
atom, substituting the electron orbiting around the 
proton in the hydrogen atom under the Coulomb 
potential e/r, by the electron in the crystal (electron 
effective mass m") orbiting round the ionized 
(donor/acceptor) impurity atom under the Coulomb 
potential e/ser in the crystal — where « is the static 
dielectric constant of the crystal. As with the 
hydrogen atom, this gives a set of discrete energy 
levels: 


[19] 


where 13.6 eV is the binding energy of the H-atom 
and v is the principal (Bohr) quantum number. The 
binding energy is then 


mlm, 


~° x 13.6 eV [20] 
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Ez = 


For typical semiconductors (Ge, Si...) we have 
mlm, ~ 0.05, ¢ ~ 16. Thus, Ep is in the range of a 
few meV (i.e., much less than Eg, and kT at room 
temperature). The energy level scheme for a doped 
semiconductor is shown schematically in real space 
(at room temperature) in Figure 2. 

The total conductivity will be o = 0; +0,, where 
the intrinsic conductivity 0; = 1j;e?7/m* and the 
extrinsic conductivity o, =1,e77/m*. 7 is the so- 
called carrier scattering time. The intrinsic carrier 
concentration is related to temperature by n; = 19 X 
exp(—Ec/2kT), where mp is a constant. In the 
extrinsic regime (7, > ;), at temperatures such that 
kT > E, (so that the impurities are all ionized), the 
conduction (valence) carrier concentration n,— nq 
(or 2,), the donor (or acceptor) concentration. 


N-type P-type 
eb “a? ch ——___—— 
Ny —- he 
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Figure 2 Doping in semiconductors. In n-type material (a), 
carriers are excited thermally from the donor states to the 
conduction band where they can contribute to the conductivity. In 
p-type material (b), electrons are effectively ‘captured’ by the 
acceptor states, leaving behind holes in the valence band which 
can also contribute to conduction. Nj5 and Ny are the 
concentration of donor and acceptor impurities, respectively. 


Infrared Absorption - Interband Optical 
Transitions, Excitons 


Apart from thermal promotion of electrons and holes 
via interband (valence to conduction band) tran- 
sitions responsible for intrinsic conductivity, it is 
possible to directly excite such transitions optically by 
subjecting the sample to radiation with hw > Eg. If 
the lowest conduction band minimum is situated 
vertically above the valence band maximum (usually 
at k=0), then the optical transition process is 
referred to as a direct transition. If the lowest 
conduction band minimum is situated at some other 
point in k-space than that of the valence band maxi- 
mum, the process is referred to as an indirect transi- 
tion; this requires the participation of optical phonons 
(i.e., quantized lattice vibrations) to satisfy momen- 
tum conservation, and is therefore a weaker (higher 
order) process. The semiconductors are respectively 
referred to as Direct Gap and Indirect Gap Semi- 
conductors. Simplified energy band diagrams for 
direct and indirect transitions are shown in Figure 3. 

The optical spectrum corresponding to the onset of 
interband electric dipole transitions is referred to as 
the absorption edge. The most widely used indirect 
gap materials are the group IV semiconductors Si and 
Ge. The best known direct gap materials are the III- 
V’s (InSb, GaAs, GaP, etc.), II-VI’s (HgTe, CdTe, 
ZnSe, etc.) and IV-VI’s (lead salts PbTe, PnSe, SnTe) 
and alloy combinations of all these. An important 
additional effect, which becomes progressively stron- 
ger as the energy gap becomes larger in a semicon- 
ductor is the Coulomb interaction between the 
electrons and holes created by interband optical 
transitions. The electron is raised into an excited 
state but remains bound in a hydrogen-like orbit 
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around the positive hole creating a two particle 
excitation called an exciton. The composite particle 
can then move throughout the crystal. In an ideal 
crystal, therefore, the absorption spectrum should 
consist of a series of discrete lines corresponding to 
the ground and excited exciton states, followed at 
somewhat high energies by the continuum associated 
with interband electronic transitions. The energy 
levels of the exciton spectrum measured from the 
beginning of the ionization continuum will be given 
by the Bohr formula: 


wh 13.6 


ee ne 


Een = eV [21] 
where pw is the reduced mass given by: 1/uw= 
1/m, + 1/m, (m,, m, are electron and hole effective 
masses). A schematic diagram of the absorption edge 
is shown in Figure 4 (dashed line — in the absence of 
excitons; solid line — in the presence of excitons). 
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Figure 3 (a) Direct and (b) indirect gap semiconductors. Direct 
gap transitions involve only the absorption or emission of a single 
photon and are therefore very nearly ‘vertical’ transitions in k- 
space. On the other hand, indirect transitions have a ‘two-stage’ 
nature, involving the participation of both a photon and an optical 
phonon that carries sufficient momentum fg to allow the 
conduction band electron created in the absorption process to 
have a large non-zero wavevector. 
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Figure 4 Absorption edge spectra without (dashed curve) and 
with (solid curve) the excitonic effect. 


Conduction and Valence Band Parameters in 
Typical Semiconductors 


As has been described earlier in real semiconductors 
the conduction and valence bands retain the sym- 
metry of the parent atomic states from which they 
derive. For example, the conduction and valence 
bands of silicon can be regarded as deriving from 3s 
and 3p electrons, and it is generally true that for all 
group IV, III-V and II-VI semiconductors commonly 
used in electronic applications the conduction band 
has s-like symmetry and the valence band has p-like 
symmetry. This means that the valence band has the 
additional complication that it is triply degenerate 
(c.f. the p,, Py, P, components of the hydrogen atom 
p-orbital); and further, in the presence of spin-orbit 
coupling (familiar from atomic physics) part of 
this degeneracy is raised, resulting in doubly degen- 
erate (at k = 0) so-called heavy hole (bh) and light 
hole (/h) bands, and a band split-off by the spin-orbit 
splitting, A: 


Epp = —h?k?/2mpyp > Ep, = hk? /2my, 3 


E,, = -—A- hk? /2m,o [22] 
The resulting conduction and valence bands near 
k = 0 are shown in Figure 5. 


Low Dimensional Systems: Quantum Wells 


So far we have been concerned almost entirely with 
the bulk properties of crystalline solids. Such proper- 
ties can normally be specified in terms of coefficients 
that are independent of the shape and size of a 
particular specimen. Thus, for example the electrical 





Figure 5 Energy bands (s-like conduction and p-like valence 
bands) of a direct gap semiconductor near the Brillouin zone 
center. 
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conductivity and resistivity, or the optical absorption 
coefficient and refractive index are properties only of 
the material and not of the sample dimensions. When 
one or more dimensions of a solid are reduced 
sufficiently, the properties are no longer given by 
these bulk coefficients. The sample is then described 
as a low-dimensional system (LDS). Such systems 
form the basis of many optoelectronic devices. LD 
systems can be classified according to the number of 
dimensions that are small: thin films (and heterojunc- 
tions) are two-dimensional since only the thickness is 
reduced, and these form so-called quantum wells; fine 
wires are one-dimensional since two dimensions are 
reduced, forming quantum wires; dots or specks are 
zero-dimensional, forming quantum dots. 

From an optoelectronic point of view, the most 
important example is that of electrons confined to a 
semiconductor film or junction; this system is called 
the two-dimensional electron gas (2-DEG) and the 
structure a quantum well. Thus, it is possible to create 
a narrow electric potential junction region so that the 


electrons are restricted in 1D (say z) according to the 
quantum mechanics of a particle in an infinite 
potential well (described earlier), but ‘free’? within 
the xy junction plane. 


See also 
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Introduction 


The purpose of this article is to describe the influence 
of the electronic energy band structure of semicon- 
ductors on their optical properties. By the band 
structure one understands the energy—wavevector 
dispersion relation e(k) for the electron energy bands 
and the relative positions of band maxima and 
minima in the Brillouin zone. 

The main problem in calculating the band structure 
of a semiconductor is that of the periodic potential of 
the lattice in which the electrons move. It is, in fact, a 
self-consistent problem since the moving electrons 
partly screen the potential. Different approximations 
have been developed to deal with the question, and in 
all of them the symmetry of the lattice is of funda- 
mental importance. Thus, in the so-called empty- 
lattice approximation one deals exclusively with the 
symmetry and periodicity of the lattice without 
specifying the potential. This can give qualitative 
ordering and symmetry of the bands but no quanti- 
tative results. In the opposite limit one uses the 
tight binding approximation, in which the bands are 
constructed from the atomic states of separate atoms. 


This method gives quite a good description of lower 
(valence) bands but poor results for higher (conduc- 
tion) bands. A powerful way to describe real energy 
bands is obtained by various forms of pseudopoten- 
tial calculation, where one approximates the poten- 
tial near actual atoms by simple parametrized forms 
and then adjusts the parameters to fit experimental 
(mostly optical) data. The pseudopotential methods 
give a good overall description of various bands in 
the entire Brillouin zone, but they do not provide 
sufficiently precise results near the band extrema. A 
semi-empirical way to serve the latter purpose is 
called k-p theory which we describe below. Various 
methods of band structure calculation are reviewed in 
books on solid state physics as outlined in the sug- 
gestions for Further Reading at the end of this article. 

In the majority of important semiconductor 
materials (Si, Ge, many IJJ-V and II-VI compounds) 
the maxima of the valence bands are at the center of the 
Brillouin zone ([ point). The minima of the conduc- 
tion bands in Si and Ge are not at the I point. This 
means that the fundamental optical interband tran- 
sitions in these materials are indirect (in the e—k 
diagram), i.e., they require phonon assistance. On the 
other hand, the minima of conduction bands in 
important III-V and II-VI compounds are at the T 
point, so that the interband optical transitions 
are direct and they do not require phonon assistance. 
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Both systems are utilized in opto-electronic devices, 
particularly for detectors. However, for emitters 
(light-emitting diodes and lasers) we are mostly 
concerned with the second case, on which we 
concentrate here. 


Bloch States 


The Bloch theorem states that if the potential V(r) in 
which the electron moves is periodic with the 
periodicity of the lattice, then the solutions V(r) of 
the Schrédinger wave equation 


2: 
E * vie fre = eV(r) 1] 
2m 


are of the form V(r) = exp(ik-r)u;(r), where ,(r) is 
periodic with the periodicity of the direct lattice, and 
k is the wavevector (fk is the ppeudomomentum). The 
proof of this theorem can be found, for example, in 
undergraduate textbooks on solid state physics. 


k-p Theory 


The underlying idea of semi-empirical k-p theory is to 
describe the energy bands in the vicinity of a given 
point of the Brillouin zone (usually near a band 
extremum). Symmetry properties are used to mini- 
mize the number of unknown band parameters 
(effective mass, energy gap, etc.) which are then 
determined by experiment. The initial Schrédinger 
equation for an electron in the periodic potential V(r) 
of the crystal lattice reads 


[p?/2my + V(r) + H, |W = eV [2] 


where mp is the free electron mass and H,, is the 
spin-orbit interaction. Since H,,(r) is also periodic 
with the lattice periodicity, the solutions of eqn [2] are 
given by the Bloch states above. 

We use k-p perturbation theory, as follows, to 
describe the energy bands near k = 0 (i.e., the so- 
called T point of the Brillouin zone). Since we are 
interested in small values of k, we expand our 
unknown cell periodic functions, up,(r), in terms 
of the set of T-point functions, u),(r), whose 
symmetry we know. One defines a representation 
®,, = exp(ik-r)u),(r), where u),(r) is the periodic 
k-independent function satisfying the equation 


[p?/2mo + V te Ho] = Elo [3] 


whose solution we know in terms of the band-edge 
energies, &,. This representation is sometimes 
referred to as the Luttinger and Kohn (LK) represen- 
tation. The u;, functions are in general mixtures of 


spin up and spin down states because of the 
spin-orbit interaction. One looks for the solutions 
of eqn [2] in the form 


®, = explik-r) ¥ cf? (k)ujo(1) [4] 
i 


where the sum is over all bands and eo (k) are the 
coefficients to be determined. Inserting the above 
form into eqn [2], performing the operation p* (i.e., 
operating twice on the Bloch product function with 
the operator p = —ifV) and using the property [3] 
one eliminates the unknown potential V(r). Multi- 
plying the resulting equation from the left by ;,, 
integrating over the unit cell © and using the 
orthonormality of 14;,, one finally obtains 


h 
De | s = Sy + gel Jer =0 [5] 


for I = 1,2,3,... Here 6); is the Kronecker delta 
function, e! = e — A*k*/2mpo, and py, is the so-called 
matrix element of the momentum given by 
Pri = /Q) fo u),pmj, dr. The index /' runs over all 
energy bands. 

Equation [5] formulates the famous k-p theory. 
The nondiagonal part k-p;; can be eliminated by the 
perturbation procedure, and the method is referred to 
as k-p perturbation theory. In the second order of 
perturbation the bands are separated and in each 
band the carriers are de described by a |_dispersion 


relation ¢,= (2/2) (Aim, yk where (lim. ) is an 
inverse effective mass tensor at the band edge in 
question. The inverse mass is generally a 3 Xx 3 tensor, 
but for cubic materials in the center of the Brillouin 
zone it is a scalar, so that e(k)= h?k?/2mij, 
(where 1/mj, = 1/mo + (2/m9) Sper (pq Lei — Epo). 
We then say that the band is spherical and parabolic. 
The second order of perturbation is a good approxi- 
mation if the energy e (as counted from a non- 
degenerate band edge) is small compared to 
forbidden energy gaps. For the triply degenerate 
p-like valence band one has to do degenerate 
perturbation theory and treat the bands together as 
a 3X3 matrix equation. 

In the same approximation the wavefunction for a 
given band is: Vy.(r) = exp(ik-r) ),(r). In the absence 
of spin-orbit coupling, H,,, the u;, function would 
just have the symmetry of the parent band (i.e., 
labeled S for the s-like conduction band, and X, Y or 
Z for the triply degenerate p-like valence band — each 
with a single spin up or spin down component). In the 
presence of H,., the triply degenerate valence band 
states become mixtures of X, Y and Z with mixed spin 
character and part of the degeneracy is raised. 
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In atomic notation the presence of H,, has trans- 
formed the basis from the (/,s) to the (J,my) 
representation. This results in the well-known light 
and heavy hole bands (degenerate at k = 0) and the 
spin-orbit split-off band. 

Under the influence of a radiation field, of vector 
potential A’ and frequency @, the optical transition 
probability for an electron to be raised from state WV; 
(initial) to Wy (final) is proportional to the square of 
M = (e/mc)(V;|A'-p|¥;) i.e., it is determined by the 
same momentum matrix element, pg, which governs 
the effective mass. For interband transitions one 
immediately gets the selection rule Ak = 0 (i.e., direct 
transitions). The polarization selection rules are 
determined by the ),(r) components of the initial 
and final states, through the momentum matrix 
elements. 


Narrow-Gap Semiconductors 


Semiconductors such as InSb and Hg;_,,Cd,Te (with 
x < 0.3) have small energy gaps and are referred to as 
narrow gap semiconductors (NGSs). They are com- 
monly used in opto-electronic applications which 
may be accessing energies in the conduction or 
valence band which are a significant fraction of the 
energy gap. Under these circumstances it is not valid 
to cut off the expansion to order k*, and one has to 
deal with so-called nonparabolic bands. Thus, in 
NGSs (or indeed in any situation where the energy 
becomes an appreciable fraction of e,) the 
above procedure is not valid and an alternative 
approximation is in order. Following semidegenerate 
perturbation theory one includes exactly in eqn [5] a 
finite number of bands (near each other in energy) and 
neglects distant bands. This is referred to as the Kane 
model, and the energy bands near k = 0 are shown 
for InSb-type III—-V compounds and for HgTe-type 
II-VI compounds in Figure 1. In this case we include 
only the conduction and valence band in our set of 
states (eqn [5]). Including spin and degeneracy of the 
T's symmetry the set [5] then has eight equations. 
They can be solved analytically and the resulting 
energies are given by 





e(e! +e! (e' +e’, +A) (e tel 2A) k=O [6] 
where e=e—h7k*/2m). We see that for this 
restricted set of states the only unknown parameters 
are the energy gap, €,, the spin-orbit splitting energy, 
A, and k= —i(A/m)(S|p,|Z) (note that this is the only 
non-vanishing matrix element of the momentum). 
The fourth energy is e/=~—e,. All four energies are 
spin degenerate. In NGSs one may neglect the free 


Tg 
Tp f= s— ——- +} *1 1 Te 
€ 
Tg 
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Figure 1 Three-level model of band structure near the I point of 
the Brillouin zone: (a) InSb-type semiconductors; (b) HgTe-type 
semiconductors. 


electron term, i.e., set e ~ e. For e<< &, +(2/3)A the 
resulting quadratic equation for the conduction and 
the light-hole bands is 


e(1+sle,)=h' k?/2my [7] 


where 1/m1)=(4k°/3h* €,)(€g+2A/3)(e,+A) defines 
the effective mass at the band edge. The root for the 
heavy holes is e=—e, i.e., this band is not correctly 
described within the three-level model. The bands 
given by eqn [6] are spherical but nonparabolic. 
For e<<e, one recovers the standard dispersion, 
e=h7k?/2m). 

For HgTe-type materials, setting the zero of energy 
at the I's edge and replacing €, by — éo (cf. Figure 1), 
one obtains 


eq)(e' 4 





e(e! 4 A) (1+ “ Je =0 [8] 
For e«! << (2/3)A the dispersion [7] is valid with 
1/m = 4k*/3h7e9. In this case the conduction and 
the heavy hole bands (¢ = 0) are degenerate at k = 0, 
i.e., the thermal gap is zero. 

The important property of the above model is that 
it holds also in the limit of e,— 0 (i-e., for mixed 
Hg,_,Cd,.Te crystals). The effective mass in eqn [7] 
tends to zero, but the dispersion described by eqn [6] 
is valid and it gives ¢ = (2/3)kk, i.e., a linear band. 

The electron and hole wavefunctions in NGSs 
resulting from semidegenerate perturbation theory 
are given by eqn [4], in which the sum runs over 


email Colin Mitchell for details on how to pay by credit card or PayPal. 


CREATING ANY VALUE OF RESISTANCE 

Any value of resistance can be created by connecting two resistors in PARALLEL or 
SERIES. 

You can also create a higher wattage resistor by connecting them in SERIES OR 
PARALLEL. 

We are only going to cover two EQUAL VALUE resistors in SERIES or in PARALLEL. 

If you want to create a "Special Value," simply connect two resistors and read the 
value with a Digital Meter. Keep changing the values until you get the required value. 
We are not going into series or Parallel formulae. You can easily find a value with a 
multimeter. 


TWO EQUAL-VALUE RESISTORS IN SERIES 

Two equal-value resistors IN SERIES creates a value of DOUBLE. You simply ADD the 
values. 

This can be done with any to two values as shown. Three equal-value resistors in 
series is three times the value. 


total = 2k total = 11k 

total = 4k4 total = 6k9 
total =9k4 (10k) total = 104k? 

total = 200k total = 1M1 


TWO EQUAL-VALUE RESISTORS IN PARALLEL 
Two equal-value resistors IN PARALLEL creates a value of HALF. Three equal-value resistors in 
parallel is equal to one-third the value. 


If you want a particular value and it is not available, here is a chart. 
Use 2 resistors in series or parallel as shown: 


Required R4 Series/ R? Actual 
Value Parallel value: 
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all the included states. Thus they involve truly 
k-dependent amplitudes of the Bloch states, cf. 
eqn [1]. In addition, these functions are mixtures 
of spin-up and spin-down states. These features 
have important consequences for optical and dc 
transport phenomena. 

If the conduction band minimum is not at the T 
point (Ge and Si), there are at least two different 
matrix elements of momentum and the resulting band 
is ellipsoidal. 


Effective Mass 


The nonparabolic dispersions e(k) in NGSs require 
generalizations of important relations. The momen- 
tum mass #™ is introduced as a connection between 
the psuedomomentum and the velocity: Ak = m'v. 
Since v; = Se/6(hk;), one obtains for a spherical band 


_ = = = [9] 
m h7k dk 

The above mass is a scalar, but it depends on the 
energy (or momentum). This mass is more useful 
than the one usually defined in textbooks, relating 
force to acceleration. The latter is not a scalar even 
for a spherical band. However, for the standard 
parabolic band, e = h7k?/2m5, both masses are the 


naturally in transport phenomena (also free carrier 
optics). In particular, this mass enters the 
definition of mobility 4 = q7/m*, where q is the 
charge and 7 is the relaxation time. It enters 
the density of states (see below). Finally, it is 
the momentum mass [9] which is measured in 
cyclotron resonance. 

For the dispersion [7] (the so-called two-level 
model), the mass [9] in the conduction band is 


m'(e) = mi(! + =| 
€ 


& 


[10] 


Again, for e/eg <1 the energy dependence of the 
mass is negligible, which represents the standard 
regime. Figures 2 and 3 illustrate energy dependences 
of the electron masses in InSb and HgSe, as 
measured by various optical and transport methods. 
The increase of the mass with energy is very strong in 
both cases. 


Density of States 


The density of states in energy space is calculated 
beginning with pseudomomentum space. For the 
spherical band one obtains 





* : 2 ‘ 
same and are equal to mj. The mass [9] is related _ & dk _ mk 11 
: : ‘ é ple) 7] Tp [11] 
via velocity to the electric current, so that it enters a de wh 
&x 10? (eV) 
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Figure 2 Electron effective mass in InSb at room temperature versus free electron concentration. The solid line, calculated for the two- 
level model, represents the mass value at the Fermi energy, as indicated on the upper abscissa. The experimental results of various 
authors are also indicated. Reproduced from Zawadzki W (1974) Electron transport phenomena in Sm all-gap semiconductors. 


Advances in Physics 23: 435-512. 
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Figure 3 Electron effective mass in zero-gap material HgSe 
versus free electron concentration. The solid line is calculated for 
the three-level model. Experimental results of various authors are 
also indicated. Reproduced from Zawadzki W (1974) Electron 
transport phenomena in Sm all-gap semiconductors. Advances in 
Physics 23: 435-512. 


The momentum mass [9] enters naturally into this 
important quantity. For the parabolic case 
m* =const. and k~ e", so that the standard 
result is recovered. In the general case one should 
use eqn [10] for m*(e) and determine k from eqns [6] 
or [7]. 


Electron-photon Interaction 


The electron—photon interaction can be introduced 
into the theory on two levels. If one replaces in the 
initial equation [2] the momentum p by p + (e/c)A’, 
the interaction term is obtained in the scalar form 
Hint = (e/mgc)A’-p, where A’ is the vector potential of 
radiation. The wavefunctions to be used for the 
calculation of matrix elements are of the form [4], i.e., 
they include the periodic LK amplitudes. In fact, the 
matrix elements of momentum for optical transitions 
are identical to those of the k-p theory, as pointed out 
earlier. Since (as noted above) the wavefunctions for 
all bands have the same form [4], differing only by the 
coefficients cee (k), the matrix elements for interband 
and intraband optical transitions have the same form. 

The electron—photon interaction can also be 
introduced directly to the k-p theory of eqn [5] 
replacing hk by ak + (e/c)A’. If the free electron term 
h?k?/2mp is neglected, the interaction matrix invol- 
ving A’ terms is a number matrix. In this procedure 
the wavefunctions for initial and final states are 
simply columns and rows of c\” coefficients and LK 
amplitudes no longer come into play. Here the 
py; elements of k-p theory determine directly the 
electron—photon interaction. Both procedures 
described above give the same results. 


Quantum Wells 


If charge carriers are placed in a quantum well 
described by a potential U(z), the motion in the 
z-direction is quantized while the motion in the x-y 
plane remains free. One takes the same LK basis (cf. 
eqn [3]), but the general form of solution is given by 


WV => fi(rup(r) [12] 
i 


since, in the presence of an external potential, k is not 
a good quantum number and the envelope functions 
f(z) are unknown. If U(z) is a slowly varying function 
within the unit cell the potential appears only on 
the diagonal of the set [5] and hk is replaced by p. 
One obtains 


2 
> Elo t P t 
i 2mo 


One can now eliminate the nondiagonal terms 
applying the standard Luttinger and Kohn scheme 
of second-order perturbation theory and arrive at the 
decoupled band equations with effective masses. This 
results in the standard quantization due to electric 
(and magnetic, if present) fields, and wavefunctions 
are of the form WV), =f,,u4j9 for the m-th sub-band of 
the /-th band. 

For NGSs this procedure is a poor approximation 
and one should proceed as before including exactly a 
finite number of bands (cf. eqn [12]). This results in a 
set of coupled differential equations for the envelope 
functions f/(r). In some important cases one can find 
the eigenenergies without finding the functions by 
using the semiclassical approximation (the so-called 
WKB method). 

We shall omit the calculations with coupled 
differential equations by using a semiclassical 
procedure also in another sense. Namely, we shall 
generalize the nonparabolic dispersion relation [7] to 
include the presence of external fields. To this end we 
observe that, including the potential U(r) on the 
diagonal of eqn [13], one replaces —e by —e+ U. 
Further, if a magnetic field is introduced to the k-p 
theory one replaces hk by P = p+ (e/c)A, where A is 
the vector potential of the magnetic field. Thus the 
semiclassical equation resulting from eqn [7] is 


2. = 
E = “) free [14] 
2m Ey 


It can be seen that for e — U < «, one recovers the 
standard one-band approximation mentioned above. 
However, below we consider the general situation 


described by eqn [14]. 





U «) an , Pur igo [13] 





(e ov! 
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Let us first consider the case of no magnetic field, 
ie., P=p. For U(r) = U(z) one can separate the 
variables by looking for solutions in the form 
W = exp(ik,x + ikyy)®(z). One can now transform 
eqn [14] into 


ia 4 
2m ?# a Et 





Uj(e, Fete, 


U) |r =0 


[15] 


where 


[16] 





= e,\2 HR 12 
ae) +|(3 8 ome | 
in which k% = ki +k5. Equation (15) is suitable for 
the WKB semiclassical quantization with which one 
determines the eigenenergies ¢ by one integration. 
For a magnetic field applied along the z-direction 
(parallel electric and magnetic fields) the effects of 
both fields are separated and the form of eqn [15] is 
valid, with #*k%/2m) in eqn [18] replaced by 
hon + 1/2) + (1/2)|go|ugB. Here = eBlmgc is 
the cyclotron frequency, n = 0,1,2,... is the Landau 
quantum number, go is the spin splitting factor, and 
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Figure 4 Electron effective mass versus two-dimensional 
electron density in GaAs/GaAlAs heterostructures, as measured 
by far infrared cyclotron resonance. The solid lines are calculated 
using the effective two-level model for GaAs. Reproduced from 
Zawadzki W, et al. (1994) Cyclotron emission study of electron 
masses in GaAs-GaAlAs heterostructures. Semiconductor 
Science and Technology 9: 320-328. 


bg is the Bohr magneton. This results in nonequal 
spacing of Landau levels for a fixed value of B and in 
nonlinear B dependence of the Landau energies as 
functions of B (similarly but not identically to the 
bulk case). These features are illustrated by the 
cyclotron resonance experiment and theory shown 
in Figure 4. 


Selection Rules for Intersub-band 
Optical Transitions 


For the one-band effective mass approximation 
the electron—photon interaction is H,,, ~ Ap 
(cf. above), and the wavefunctions for the initial 
and final sub-bands are V,,, = exp(ik,x + ikyy)®,,(z), 
in which the ®,,(z) must be orthogonal to each other 
since they describe different energies. It is then clear 
that the matrix element (f7|A’-p|iz) is finite only if A’ 
is polarized along the z-direction (also called the 
growth direction) since for A’ parallel to x or y the 
integral over z is (®,,|®,,) = 0 giving a vanishing 
matrix element. Experimentally this is a serious 
problem for spectroscopic applications involving 
intraband (i.e., intersub-band) transitions in n-type 
semiconductors, since it is not possible to access these 
using normal incidence radiation. 

This selection rule is somewhat relaxed for p-type 
semiconductors as a result of the mixed spin states of 
the complex valence band. In addition the narrow- 
gap band structure introduces interesting new possi- 
bilities into the selection rules. The wavefunctions 
have the form [12] and for the light polarizations A’, 
or A’, the momentum operators p, or py act also 
on the periodic amplitudes u(r), which leads to a 
nonvanishing transition probability for intersub- 
band transitions. This has indeed been observed in 
narrow-gap materials. 


See also 


Magneto-Optics: Interband Magnetoabsorption, Cyclo- 
tron Resonance, Spin Flip Raman Scattering. Semi- 
conductor Materials: Mercury Cadmium Telluride; 
Quantum Dots. Semiconductor Physics: Outline of 
Basic Electronic Properties; Quantum Wells and GaAs- 
Based Structures. 
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In semiconductors electron-hole pairs can lower 
their energy by correlating their motion in an exciton 
state. Such states dominate the bandedge optical 
properties of direct-gap semiconductors. The resul- 
tant absorption peaks are affected by quantum 
confinement, electric, and magnetic fields and carrier 
scattering. 


Introduction 


In the simplest, single-particle picture, the ground 
state of a semiconductor consists of a full valence 
band and an empty conduction band. The lowest 
lying excitation above the ground state in such a 
scheme is produced by excitation of one electron from 
the valence band to the conduction band. To achieve 
this optically requires a photon energy greater than 
the bandgap, E,. However in many semiconductor 
materials this simple picture is unable to explain the 
observed absorption spectrum in the neighborhood of 
the fundamental bandgap. The origin of the discre- 
pancy lies in the neglect of the Coulomb interaction 
between the negatively charged excited electron and 
the hole which is left in the valence band. 

The term exciton refers to a two-particle exci- 
tation, consisting of a bound electron and _ hole. 
Such excitations dominate the bandedge optical 
spectra of most direct gap semiconductors, especially 
at low temperatures. In particular there exists a series 
of hydrogen-like bound states lying below the 
bandedge. These states are bound by energies 


pet 1 


eo ee 
8h7e7 25 n? 
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where = m,m,/(m, +m,), is the reduced mass, 
map, the electron (hole) effective mass, e is the 
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electronic charge, is Planck’s constant, ¢9 is the 
permittivity of free space, «, the relative permittivity 
of the material and 7 = 1,2,3,...00 is the principal 
quantum number. 

The binding energy of the lowest lying exciton state 
varies considerably from one semiconductor to 
another being, e.g., 0.5 meV in InSb and over 
60 meV in Zn0. Similarly the spatial extent of the 
1s electron-hole relative wave function or effective 
Bohr radius is given by 


and ranges from 750 pm in InSb to ~2 nm in Zn0. 
Typically, in semiconductors the exciton spatial 
extent is much larger than the lattice constant of 
around 0.6nm, and such excitons are classed 
Wannier excitons. At the opposite limit, which occurs 
in many molecular materials, the exciton is localized 
around a particular atomic site and is termed a 
Frenkel exciton. Wannier excitons are characterized 
by the hydrogen-like quantum numbers of their 
relative motion and an overall center of mass 
momentum which describes the wave-like motion of 
the bound entity through the crystal. 

Another type of exciton is often referred to as a 
bound exciton. This consists of an electron-hole pair 
bound to a neutral impurity center. Such excitons 
are localized around the impurity and cannot 
move through the crystal in the same way as a free 
exciton. 


Optical Properties 


Excitons manifest themselves primarily as strong 
modifications to the bandedge optical properties of 
semiconductors. In particular the bound states give 
rise to discrete absorption lines at lower energy 
than the bandgap energy. Several peaks correspond- 
ing to the different hydrogen-like bound states 
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(1s, 2s, etc.) can be seen provided the lines are 
sufficiently narrow. A theoretical calculation of this is 
shown in Figure 1. 

Associated with these absorption changes are 
concomitant changes in the refractive index. Contri- 
butions to the spectral width of the absorption peaks 
are characterized as either homogeneous or inhomo- 
geneous. Homogeneous broadening refers to broad- 
ening associated with the finite lifetime of a particular 
state, e.g., due to phonon scattering. Inhomogeneous 
broadening is due to non-uniformity in the system, 
e.g., in a sample having a spatially non-uniform 
strain field. 

There is also enhancement of the absorption at 
photon energies above the bandgap due to the 
residual influence of the Coulomb attraction on the 
electron-hole scattering states. Although not bound, 
electrons and holes in these states still have an 
enhanced probability of being found close together. 
This is called the Sommerfeld Enhancement Factor 
(see Figure 1). 

It is important to note that although there may be 
an excitonic peak in the absorption spectrum this 
does not imply that excitons form a stable population 
in such a sample. Often, especially at room tempera- 
ture, the lifetime of an optically generated exciton is 
determined by the scattering time with optical 
phonons which may be very short (<1 ps). In this 
case the excitons are quickly ionized and the quasi- 
thermal equilibrium which is formed is dominated by 
essentially plasma-like behavior. In photolumines- 
cence experiments, where carriers are generated high 
in the band and the spectrum of the resulting emitted 
luminescence is measured, peaks associated with the 
free exciton are often observed and taken as a 





T T T T 
1s-exciton 


Sommerteld enhancement 





Absorption coefficient (arbitrary units) 





-2 0 2 4 
(hu - Eg VEp 


Figure 1 Calculated bulk absorption spectra including (solid- 
line) and neglecting (dashed line) the Coulomb interaction. The 
Sommerfeld enhancement is seen as photon energies above the 
bandgap. Also shown is the spectrum with an applied electric field 
of one exciton Rydberg per Bohr radius. 


signature of the presence of excitons. This view has 
been challenged recently by theoretical calculations 
which show that a photoluminescence peak at the 
exciton energy can be also be produced from 
an uncorrelated plasma if proper account of the 
Coulomb interaction is taken. This issue remains 
controversial. 

In bulk samples, experiments such as absorption 
and reflectivity are complicated by the existence of 
polariton effects. An exciton-polariton is a quantum 
mixture of the propagating photon inside the 
semiconductor sample and the material excitation. 
Where the photon dispersion and the exciton energy 
dispersion meet there is an anti-crossing and this is 
manifested in, for example, the appearance of two 
lines in the reflectivity spectrum. 

It was hoped during the 1970s that laser action in 
wide bandgap material such as ZnSe would be 
possible based on excitonic lasing. In this process a 
quasi-equilibrium exciton population would form the 
injected excitation and stimulated recombination 
would occur with the associated emission of a 
scattering partner which would take up the necessary 
momentum to ensure overall momentum conserva- 
tion. This leads to a light emission wavelength 
below the absorption edge which is advantageous 
for minimizing losses. In fact, this process has 
only been seen at low temperature for scattering 
with LO-phonons, electrons and other excitons. 
Each mechanism has its own characteristic lasing 
threshold and temperature dependence. 


Influence of Quantum Confinement 


The advent of Molecular Beam Epitaxy enabled the 
growth of semiconductor layers of thickness similar 
to the electronic de Broglie wavelength. By sandwich- 
ing a low bandgap semiconductor between two high 
bandgap layers, one can make quantum well struc- 
tures in which the electronic motion is effectively 
confined to the plane of the layer. In such structures 
the excitonic properties are also radically altered by 
this confinement. An example of the absorption 
spectrum of a ZnCdSe quantum well embedded in 
ZnSe is shown in Figure 2. The heavy and light hole 
excitons correspond to different spin quantum 
numbers for the electron and hole making up the 
exciton. 

The exciton binding energy is enhanced by a factor 
of 4 compared to the bulk case and the spatial extent 
of the 1s wavefunction is also reduced by half: 


pet 1 
8h7e7 6} (n — +) 





EP = w= 1,2,3.. [3] 
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Figure 2 Heavy and light hole exciton absorption spectrum for 
ZnCdSe quantum wells embedded between ZnSe barriers. Also 
shown is the bulk exciton of the ZnSe barriers. 


This enhancement can be understood since the 
particles are confined to lie in the plane and are 
hence closer together on average than in the 
three-dimensional case. In practice, a four-fold 
enhancement in the binding energy is never observed 
since the quantum wells are neither infinitely deep nor 
infinitely thin. Both these limitations lead to a 
reduction in the actual enhancement from 4 to 
about 2, depending on the structure. For example, 
the binding energy in a realistic quantum well 
corresponds to the bulk value of the well material 
for very wide wells and to the bulk value of the barrier 
material for very narrow wells. In between the value 
is enhanced by the quantum confinement. The 
maximum enhancement typically occurs when 
the well width is around half the bulk Bohr radius 
for the well material. 

Accurate calculation of the exciton binding energy 
is complicated by the fact that the quantum confine- 
ment influences the band structure, making it strongly 
anisotropic and splitting heavy and light holes. A 
complete inclusion of these effects is at the limit of 
current computational power due to the need to 
calculate the electron-hole interaction matrix 
elements. Approximate schemes, including vari- 
ational approaches, have proved successful in fitting 
a variety of samples, including GaAs and ZnSe based 
quantum wells. The limitation to such calculations 
is often the requirement for accurate values of the 
material parameters such as effective masses and 
energy band offsets. 


The Sommerfeld enhancement of the absorption 
into the continuum states of quantum wells leads to a 
doubling of the absorption at the bandedge. This 
enhancement reduces only slowly as the photon 
energy is increased. 

If multiple quantum wells with very thin barrier 
layers are used, the electronic states in the neighbor- 
ing wells couple together to form a superlattice. The 
superlattice dispersion in the growth direction 
behaves like a heavy mass and the resulting exciton 
is three-dimensional but strongly anisotropic. 

More extreme quantum confinement is possible 
making quantum wires, by etching or selective 
growth of quantum well samples. In these quasi- 
one dimensional structures, as in quantum wells, the 
exciton binding energy is again increased further. 
The Coulomb problem in one-dimension is patho- 
logical in that the ground-state binding energy 
diverges logarithmically, and higher states are pair- 
wise degenerate. However, accounting for the finite 
cross-section of realistic wires eliminates this pro- 
blem and recovers a finite binding energy. One 
consequence of this is that there is no simple 
enhancement factor which corresponds to the 
four-fold enhancement in going from bulk to two- 
dimensional excitons. The density of states in one- 
dimensional systems diverges at the bandedge, 
implying the existence of an infinite absorption in 
a perfect quantum wire. However, the influence of 
excitonic correlations cancels this divergence, result- 
ing in an enhanced, but not divergent, bandedge 
absorption feature. 

The ultimate limit in quantum confinement can be 
achieved in quantum dots, where the carriers are 
confined in all three directions. In this case the term 
exciton should be used with some care as there are 
no bandedge states to compare with. The discrete 
energy levels dictated by the confinement are affected 
by the Coulomb interaction and the energy is 
renormalized — in some cases substantially. The 
absorption spectrum should consist of a series of 
sharp atomic-like transitions corresponding to s-s, 
p-p, d-d,... transitions and indeed luminescence 
spectra obtained from single quantum dots do display 
such fine structure. Even in the best controlled 
material systems, such as InAs quantum dots, the 
spectra are strongly inhomogeneously broadened due 
to variations in the dot size, shape, and alloy 
composition. 

In large quantum wells, where the width is larger 
than the exciton Bohr radius the center-of-mass part 
of the wavefunction can be confined by the barriers. 
This leads to a quantized motion for the exciton as a 
whole, rather than for the individual electron and 
hole separately. One implication of this is that for 
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such excitons the center-of-mass momentum is no 
longer a good quantum number. 

The above effects are a controlled case of disorder 
induced effects in semiconductors. This is an area 
which is only now beginning to be understood. The 
presence of local potential fluctuations will influence 
the energy spectrum of excitons in that vicinity. 
Clearly both the depth and spatial extent of these 
fluctuations will be important — very short range (less 
than Bohr radius), shallow potential fluctuations will 
not have any influence on the exciton. While deep 
potentials can lead to the center of mass confinement 
above. 


Influence of Electric and Magnetic 
Fields 


Just as an externally applied electric field affects 
the absorption edge via the Franz—Keldysh Effect, 
broadening the edge itself and inducing oscillations 
in the continuum part of the spectrum, so, in the 
case of an excitonic bandedge, there is substantial 
modification due to the presence of the field. At low 
fields, when the Coulomb interaction is strong 
compared to the potential drop across the exciton 
diameter, the exciton will be little affected by the 
applied field. At higher fields the exciton will 
become gradually more polarized by the field until 
the exciton is field ionized. This ionization process is 
manifested in the field broadening of the exciton line 
(see Figure 1). 

Of more technological importance is the influence 
of an electric field applied perpendicular to the 
plane of a quantum well. The field forces the electron 
and hole in opposite directions leading to a reduction 
in the exciton binding energy. This would lead to a 
blue shift in the exciton absorption peak were it not 
for an even larger reduction in the single particle 
electron and hole energy levels within the quantum 
wells. Overall a strong red-shift of the excitonic 
absorption peak is observed with increasing field. 
This is accompanied by a reduction in the oscillator 
strength due to the reduced electron-hole overlap. 
This is termed the Quantum Confined Stark Effect 
and is the basis for the operation of some semicon- 
ductor electro-optic modulators. An electric field 
applied in the plane of the quantum well gives rise 
to Franz—Keldysh oscillations analogous to the 
bulk case. 

The influence of magnetic fields on excitons is more 
subtle and richer than the electric field. This is 
because the magnetic field seeks to induce a circular 
cyclotron orbit motion on the carriers, but this is 
influenced by their mutual Coulomb interaction. 


Two regimes exist where either the cyclotron energy: 
ho, = h(eB/p) [4] 


or the exciton binding energy dominates. In the 
former strong field case, one can treat the Coulomb 
interaction as a small perturbation on the electron 
and hole states in the presence of the magnetic field. 
In exciton states, which have a finite magnetic 
moment at zero field, we find a linear Zeeman shift 
in the magneto-exciton energy. In the other case we 
must use the magnetic field as the perturbation which 
produces a mixing of the zero-field exciton states. For 
example, for the ground state the magnetic field 
induces an admixture of the p-like excited state with 
the s-like ground state. The total angular momentum 
of the mixed state is proportional to B and as the 
energy of a magnetic dipole in a magnetic field is also 
proportional to B the shift of the magneto-exciton is 
proportional to B?. This distinction between linear 
and quadratic shifts has been used to identify the 
nature of carrier populations (excitons or unbound 
free carriers) in a variety of samples. Clearly there 
exists an intermediate regime where both the mag- 
netic and Coulomb energies are comparable and in 
this case the precise energy shifts need to be evaluated 
numerically. 

In quantum well samples the orientation of the 
magnetic field with respect to the confinement 
direction is crucial in determining the physics. 
When the field is perpendicular to the confinement 
plane the cyclotron orbits exist as before and 
essentially the same phenomenon as in the bulk 
emerge. For other orientations, the behavior is much 
more complex and beyond the scope of this article. 


Exciton Scattering 


An electron and hole in an excitonic bound state 
execute a correlated motion which can be disturbed 
by scattering of either partner. This may lead to the 
ionization of the exciton and the destruction of the 
correlation or, alternatively, it may change the center 
of mass momentum of the exciton as a whole. Almost 
all of the important scattering mechanisms for 
excitons arise from the charged nature of the 
electron and hole. Via the Coulomb interaction, 
excitons can scatter with lattice phonons, other 
excitons, free carriers, and impurities. Each of these 
scattering processes has its own regime of dominance, 
dependent on, for example, temperature or material 
quality. 

When the scattering rate with other particles is 
much larger than the recombination rate for electrons 
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and holes, a quasi-equilibrium state is reached. The 
detailed nature of such an interacting electron/hole 
plasma remains a a long-standing open question. The 
reasons for this can be traced to interplay between the 
intrinsic Coulomb interactions within the plasma, 
which give rise to both bound and scattering states, 
and Pauli exclusion arising from the fermionic nature 
of the electrons and holes. This leads to a complex 
phase diagram which encompasses, e.g., electron- 
hole droplets, the ionized electron-hole plasma, 
biexciton phase, and the exciton gas which, some 
suggest, may undergo Bose-Einstein condensation. 
The parameters of this phase diagram are carrier 
density, temperature, and the semiconductor material 
parameters. Interest in this essentially fundamental 
question has remained high, stimulated by the stream 
of technological benefits that even partial answers 
have brought. 

In this context it is worth mentioning that there 
have been two theoretical approaches to exciton 
physics which each have their advantages and 
problems. One approach is to treat excitons as 
bosonic quasi-particles and derive results from 
Hamiltonians formulated using bosonic operators. 
This approach has the appeal of simplicity and 
produces acceptable results in the low-density regime. 
It does, however, omit a key feature of the constituent 
particles making up an exciton namely the fermionic 
nature of electrons and holes. A more rigorous 
approach based around electron and hole operators 
has been followed but this is considerably more 
complex and numerically involved. 


Excitonic Molecules 


Just as two hydrogen atoms can lower their total 
energy by forming a bound hydrogen molecule, so 
two excitons can make a bound complex which 
has lower energy than the two isolated excitons. 
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Introduction 


A simple definition of a defect is any feature that 
disturbs the periodicity of the perfect lattice. This 
definition is sufficiently broad to encompass a whole 
range of different entities, which are normally divided 


Such complexes are called biexcitons and are mostly 
important in high quality material and at low 
temperatures. Their binding energy is less than that 
of the exciton by a factor of about 0.1-0.3, 
depending on the ratio of electron to hole effective 
masses. 

Three particle complexes have also been observed 
consisting of two electrons bound to a hole. These are 
termed trions or charged excitons. Their binding 
energy lies intermediate between excitons and 
biexcitons. 
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into three categories based on their dimensionality, or 
extent in real space. 

OD defects are those which have an extent of the 
order of only a few atomic spacings at most in any 
direction. They include all cases where one, or at most 
a few, atoms are removed or displaced, or are 
replaced by atoms of a different type. 

1D defects are linear features within the crystal that 
extend over many atomic dimensions. The most 
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important type of 1D defect is the dislocation and ina 
single crystal it is possible for a dislocation to extend 
from one side of the crystal to the other. 

2D defects include a variety of different features 
that occur primarily in one plane. Any junction 
between two different types of crystal in an 
epitaxially grown layer (a heterointerface) fits this 
description, as of course does the sample surface. 
There are also crystal defects which exist in two 
dimensions of which the most important is the 
stacking fault. 

Finally, there are also 3D defects. This category 
includes voids and inclusions, which are both major 
perturbations in a crystal structure. In most pure 
crystals grown by modern techniques these are 
eliminated and they will not be discussed further. 

In the sections below the main types of defect will 
be discussed according to the scheme described 
above. Despite the substantial research effort to 
understand the basic properties of many semiconduc- 
tors, and of course the huge effort devoted to 
producing semiconductor devices, it remains true 
that the defect structure of most semiconductors is 
still poorly understood, with the exceptions of silicon 
and gallium arsenide. This is especially true in the 
case of the nitride semiconductors with the wurtzite 
structure which have recently been the subject of 
much commercial interest. In the following sections 
examples will mainly be taken from gallium arsenide. 

Lastly, it is important to note that defects of 
different dimensionality interact. Several possible 
interactions are discussed in the last section. 


OD Defects 


Dopants 


There are two basic types of 0D defects to consider: 
chemical defects, or impurities, and native or point 
defects caused by missing or misplaced atoms. Table 1 
gives the major types of OD defect found in 
compound semiconductors together with the symbol 
used in the common notation for point defects and 
impurities. 

Impurity atoms are those which are introduced 
either accidentally during the production of the bulk 





Table 1 Impurities and point defects in a compound AB with the 
zincblende lattice structure 

Symbol Description 

XR, XB Impurity atom, X, on A or B site with charge n 


x? Interstitial impurity atom with charge n 


Vi. VB Vacancy on A or Bsite with charge n 
Ai, B? Interstitial A or B atom with charge n 
As, Ba A atom on B site or B atom on A site (antisite) 


crystal or epitaxial layer, or deliberately by the crystal 
grower in precisely controlled amounts to modify 
some property of the material. Usually, this means 
that the material added is a dopant, and has been 
added to create a surplus of either free electrons or 
holes in the semiconductor. Typically, the amounts of 
dopants added are between 10° and 107° mole 
fraction, giving doping levels between 107” m-* and 
10m. 

In general, any atom added to a material will 
introduce a localized state into the band structure of 
the semiconductor. This state may rarely occur in 
either the conduction or valence band, but is more 
likely to be located in the bandgap. If the localized 
energy level is within a few kT of the valance or 
conduction band edge, then the state is an electron 
acceptor or donor. If it is much further from the band 
edge then it is usually known as a deep level. In this 
case its main effect on the electrical properties will be 
to act as a trap for electrons or holes, and introduce 
noise into the current flow. Its effect on the optical 
properties of the material will be to reduce 
the radiative recombination rate for band-to-band 
transitions by acting as an alternate recombination 
pathway for either radiative or nonradiative 
transitions. 

It is generally assumed that dopant atoms occur 
only on the site of the appropriate sublattice and are 
well behaved. While it is true that some elements are 
well behaved substitutional dopants, such as sulfur in 
gallium arsenide, which can be denoted Sx, when 
acting as a singly charged donor, the behavior of other 
species is more complex. In many III-V compounds, 
silicon is an amphoteric dopant, occupying sites on 
both the metal and nonmetal sublattices which ionize 
as shown: 


Sid, = Sig, te” 
Si), = Sig, + ht 


In molecular beam epitaxy (MBE) growth on 
GaAs(100) the ratio between the donor Sig, and the 
acceptor Sig, varies as the concentration of doping is 
increased. At low levels silicon is a donor, while at 
high concentrations the fraction which is an acceptor 
increases rapidly. The semiconductor is therefore 
compensated, effectively limiting the maximum 
concentration of free carriers. 

Another type of behavior occurs with beryllium in 
III-V semiconductors and lithium in II-VI semicon- 
ductors. Here, the dopant atom is so small that it can 
easily be displaced from the lattice site. Thus, for 
example, in InGaAs, it is energetically favorable for 
the acceptor Be, atom to move from the lattice site to 
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an interstitial position: 





Bern = Vin + Be; +e 


The interstitial Be ion is a donor and causes some 
compensation, but even worse, is highly mobile. It 
can move a substantial fraction of a micron in an 
epitaxial device and in so doing completely destroys a 
carefully engineered abrupt p-n junction. It can 
be seen therefore that dopant interactions with the 
host lattice are important in determining device 
performance. 


Native Defects 


A large variety of native defect species are possible in 
semiconductors. Interstitial atoms and vacancies are 
found in both the diamond structure (silicon) and the 
zincblende structure (most III-V and II-VI semi- 
conductors). In zincblende structures there is also the 
possibility of placing an atom on the wrong atomic 
site, or sublattice; for example in GaAs a Ga atom 
may be found on an As site. This type of defect is 
known as an antisite. 

Bulk semiconductor crystals are grown under 
conditions close to equilibrium. In the long periods 
of time needed to grow the crystals, equilibrium 
concentrations of point defects are established. 
Epitaxial growth techniques (in particular molecular 
beam epitaxy, MBE and metalorganic chemical vapor 
deposition, MOCVD) operate under conditions far 
from equilibrium and the point defect concentrations 
may differ markedly from the equilibrium values. 
Some semiconductor processing operations can also 
increase point defect concentrations. Etching semi- 
conductors with ion beams or energetic plasmas is a 
very efficient way of creating in the subsurface region 
high concentrations of point defects well above the 
equilibrium values. 

It is possible to anneal crystals in the vapor of one of 
the constituent elements to alter the point defect 
concentrations. Interstitial and vacancy concentra- 
tions can be changed relatively rapidly over the course 
of several hours (interstitials) or days (vacancies) as 
these species are much more mobile than dopant 
atoms. Usually, annealing is done to reduce point 
defect concentrations, but on occasions, for example 
with the alloy HgCdTe, it is done to increase the 
concentration of a type of defect, in this case mercury 
vacancies which are used to dope the material. 

Like dopant atoms, point defects can also intro- 
duce defect levels into the band structure of the 
semiconductor, and some defects, for example the 
gallium vacancy V@,, exist in multiple charge states. 
In some materials, the native defects act either as 
dopants or as compensating traps, and are present in 


concentrations that can severely limit the maximum 
obtainable doping levels. The gallium vacancy, for 
example, is believed to limit the maximum doping 
level obtainable in n-type GaAs, and its concentration 
increases dramatically as the concentration of n-type 
dopant is increased. 

It should be noted that the concentrations of the 
various types of defect are not independent of one 
another, and at any given growth (or annealing) 
temperature and applied partial pressures of the 
constituent elements, the equilibrium concentrations 
of the defects are fixed. Examples of the interactions 
between the types of defect may be seen by consider- 
ing the displacement of a gallium atom from its lattice 
site to create a vacancy and an interstitial (the Frenkel 
reaction): 


Gag, = Ga? + Ve. 


and the interaction of an arsenic interstitial with a 
gallium vacancy to create an arsenic antisite: 


As? + Ve. = Ast, 


The relative importance of the types of defect varies 
between semiconductors. In compounds where one of 
the elements is very volatile, then high concentrations 
of vacancies on that particular sublattice are to be 
expected. Antisites occur only at very low concen- 
trations in the ionic II-VI compounds, as the energy 
involved in placing an atom on the wrong sublattice is 
very high. However, in the more covalent III-V 
compounds, there is not such a large energy penalty, 
and it has been suggested that in GaAs the Asc, 
antisite may be the most common point defect. 

In addition to the simple defect types described 
above, there are other possibilities. One of these is 
that complexes of defects may form. The best known 
are the complexes that occur between dopant atoms 
and vacancies, for example the [Te,,Vc,] complex 
found in Te doped GaAs (Figure 1). In this material, 
partial compensation of the n-type dopant occurs 
with the formation of gallium vacancies, as described 
above: 





1 
5 As) = Vou + Asa. 


vo, = Va, +2h* 


These vacancies are mobile and diffuse in the 
material. In the vicinity of Tex, they experience a 
strong Coulombic attraction and the complex forms 
when the vacancy and dopant atom are on nearest 
neighbor sites: 


VGa + Tek, = [VcaTeas]” 
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There are other ways to combine 2 resistors in parallel or series to get a particular 
value. The examples above are just one way. 4R7 = 4.7 ohms 


TESTING A RESISTOR 


To check the value of a resistor, it should be removed from the circuit. The surrounding 
components can affect the reading and make it lower. 

Resistors VERY RARELY change value, but if it is overheated or damaged, the resistance can 
increase. You can take the reading of a resistor "in-circuit" in one direction then the other, as the 
surrounding components may have diodes and this will alter the reading. 

You can also test a resistor by feeling its temperature-rise. It is getting too hot if you cannot hold 
your finger on it (some "metal film" resistors are designed to tolerate quite high temperatures). 


TESTING AN "AC" RESISTOR 


There is no such thing as an "AC" resistor. Resistors are just "resistors" and they can be in AC 
circuits or DC circuits. Resistors can be given names such as "Safety Resistor" "Ballast 
Resistor" "LOAD Resistor" "Feed Resistor" "Dropper Resistor" or "Supply Resistor." These are 
just normal resistors with a normal resistance - except a "Safety Resistor." 

A safety resistor is made of a flame-proof material such as metal-oxide-film and not carbon- 
composition. It is designed to "burn out" when too much current flows BUT NOT CATCH FIRE. 

It is a low-value resistor and has a voltage-drop across it but this is not intentional. The voltage- 
drop is to create a "heating-effect" to burn out the resistor. In all the other types of resistor, the 
voltage-drop is intentional. 

A Ballast resistor is a normal resistor and can be called a Power resistor, Dropper resistor, Supply 
resistor or Feed resistor. It is designed to reduce the voltage from one source and deliver a lower 
voltage. It is a form of: "in-line" resistor. 

A Load Resistor is generally connected across the output of a circuit and turns the energy it 
receives, into heat. 


RESISTOR NETWORKS 


To reduce the number of resistors in a circuit, some engineers use a set of identical resistors in 
a package called a Single-In-Line (SIL) resistor network. It is made with many resistors of the 
same value, all in one package. One end of each resistor is connected all the other resistors and 
this is the common pin, identified as pin 1 and has a dot on the package. 

These packages are very reliable but to make sure all the resistors are as stated, you need to 
locate pin 1. All values will be identical when referenced to this pin. 
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Figure 1 Diagram of the tellurium atom—vacancy complex in 
GaAs. Gallium and arsenic atoms are shown in mid-gray and 
white, respectively, while the tellurium atom is shown in dark gray. 


Figure 2 Diagram of the silicon atom—vacancy complex in 
GaAs. Gallium and arsenic atoms are shown in mid-gray and 
white, respectively, while the silicon atom is shown in dark gray. 


A similar complex also forms in Si doped GaAs: 
[SicaVca] (Figure 2), although here both species 
exist on the same sublattice, and consequently occur 
as next nearest neighbors in the complex. 

In the description above it is assumed that all atoms 
which are located on a particular site are centered on 
that site. However, it is possible for a dopant atom to 
replace an atom of the host semiconductor, but not 
occupy the lattice site. Ab initio calculations of the 
bonding around the dopant atom suggest that it can 
be displaced away from one of its nearest neighbors 
towards the other three atoms (Figure 3). The dopant 
can be considered as having one bond weaker than 
the other three. 

In the case of n- and p-type doped semiconductors 
the corresponding defects are known as DX and AX 
centers respectively. DX centers occur in many 
semiconductors but are particularly important in 
AlGaAs, where Si (or other n-type dopant) atoms 
form DX centers that partially compensate the 
material and reduce the electron mobility. However, 
irradiation with white light excites the DX center and 
converts it back to a normal dopant centered on the 
lattice site. In AlGaAs the DX center is the stable 





Figure 3 A GaAs crystal shown with [111] oriented vertically. 
Two Ga atoms have been substituted by silicon atoms which are 
shown in dark gray. One Si atom is on a substitutional site (top 
atom) and the other is displaced along [111] away from one of its 
nearest neighbors (bottom atom). This is one of the structures 
suggested for the DX center. 


species and the dopant atom is a higher energy state. 
Conversion back to the DX center requires surmount- 
ing an energy barrier and thus the normal dopant is 
metastable. The irradiated semiconductor has a lower 
concentration of DX and a higher doping concen- 
tration than before, and consequently has a higher 
conductivity than the unirradiated material. This 
results in persistent photoconductivity in the irra- 
diated material, which is a characteristic feature of 
semiconductors containing DX centers. At low 
temperatures, this effect can persist for many hours. 


1D Defects 


Within any crystal, there must exist a set of planes 
where the interplanar bonding is weakest. In both the 
diamond and zincblende crystal structures these are 
the {111} planes. When a crystal is subjected to a 
shear stress above its elastic limit, then the material 
accommodates that stress by changing shape, alter- 
nately breaking and reforming bonds across these 
planes where the bonding is weakest. The resulting 
movement is easily observable under a microscope in 
many materials and is known as slip or glide; the 
planes on which this happens are known as slip or 
glide planes. 

Movement on a slip plane does not happen over the 
whole crystal at once, and there is always a boundary 
between the material in which slip has occurred and 
material where it has not. This boundary is the 
dislocation. A section through a piece of material 
where slip has occurred is shown in Figure 4. The 
curved line DD’ marks the dislocation and slip has 
occurred in the region marked DQD’. Because it 
marks a boundary, the dislocation may not end within 
the crystal and the only permitted ways that a dis- 
location may terminate are to finish at the surface of 
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the crystal (as shown) or to meet another dislocation, 
forming either a closed loop or a junction. 

Across the slip plane, the material has moved by a 
certain amount, which is, typically, a lattice vector 
within the crystal. The direction of slip is known as 
the Burgers vector of the dislocation, and it is a 
constant for any one dislocation. The Burgers vector 
at any point may be determined by describing a 
simple loop in the crystal passing through adjacent 





Figure 4 Diagram of a crystal showing a region where slip has 
occurred. For clarity only the lattice points are shown. The slip 
plane is PQRT and the slipped region is DQD’. The curve DD’ is 
the line of the dislocation and has a Burgers vector b. 





Figure 5 A schematic diagram of an edge dislocation. Only the 
lattice points are shown for clarity. The slip plane is PQRT and 
contains the Burgers vector denoted b. The line of the edge 
dislocation is EE’, which can be thought of as terminating a 
half-plane of atoms denoted ABEE’. 


lattice points lying in one plane. If a dislocation lies 
within the loop then the ends will not close, and the 
displacement needed to close the loop is the Burgers 
vector. This can be seen in Figure 4 on the left-hand 
face of the crystal around point D, where the Burgers 
vector is parallel to the line of the dislocation. It can 
also be seen on the right hand face of the crystal at 
point D’, where the Burgers vector, which has not 
changed direction, now lies perpendicular to the 
dislocation line. Dislocations where the Burgers 
vector is parallel or perpendicular to the dislocation 
line are known as screw and edge dislocations, 
respectively. 

Examples of edge and screw dislocations are shown 
in Figures 5 and 6, respectively. Edge and screw 
dislocations are considered to be ‘pure’ types of 
dislocations. If the Burgers vector makes any other 
angle to the dislocation line, the dislocation is 
referred to as a mixed dislocation. In semiconductors 
mixed dislocations are the most common type. There 
are many different ways of describing dislocations; 
however, the most common one is to give the angle 
between the dislocation line and the Burgers vector. 
In this system screw and edge dislocations are referred 
to as 0° and 90° dislocations. 

At the core of the dislocation there is a small 
region, typically only one or two atoms wide, where 
the atoms have highly distorted bonding. Around this 


Figure 6 A schematic diagram of a screw dislocation. Only the 
lattice points are shown for clarity. The slip plane is PQRT and 
contains the Burgers vector denoted b. The line of the screw 
dislocation is SS’. 
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core the atoms adopt the normal (tetrahedral) 
bonding, although they are strained for many 
nanometers around the dislocation. The strain field 
around the dislocation means that low dislocation 
densities are very easy to detect using a technique 
such as X-ray topography, which images the strain 
introduced locally in a set of crystal planes by a 
dislocation. Using this technique, individual disloca- 
tions may be determined within crystals. Currently, 
it is possible to obtain silicon crystals which are 
essentially dislocation free, while the best GaAs 
crystals have dislocation densities of <10°- 
10° m *. In other materials the densities may be 
100-1000 times higher. 

The highly distorted bonding at the core of the 
dislocation inhibits dislocation motion. Under the 
action of an external stress, dislocations normally 
move on their glide plane to relieve the stress and 
deform the material plastically. This is dislocation 
glide. In covalent semiconductors, such movement 
means breaking and reforming strong bonds, and 
does not occur in silicon below the crystal growth 
temperature. Dislocations are also immobile in GaAs 
at room temperature, although they can be induced to 
move in softer, more ionic II-VI semiconductors. 
Dislocation densities are therefore usually considered 
‘frozen in’ at room temperature. 

In addition to macroscopic shear forces, each 
dislocation experiences the stresses introduced by 
other dislocations and point defects present in the 
crystal, and is either attracted or repelled by them. 
At high densities, therefore, the motion of disloca- 
tions is inhibited by the presence of the surrounding 
defects — the dislocations are said to be pinned. 

Generation and movement of dislocations occurs 
in most semiconductors easily at their growth 
temperature, and is important in the relief of strain 
introduced in growing a material on a substrate 
with a different lattice constant. Edge dislocations 
always introduce, or remove, extra planes of atoms 
(Figure 5), and so an array of dislocations can add or 
remove atoms to accommodate the strain between 
two semiconductor layers of different lattice constant. 
These are known as mismatch dislocations and they 
occur frequently in epitaxial growth when strain 
relief has occurred. 

Typically, growth in MBE or MOCVD occurs on 
the (001) surface. Mismatch dislocations lie on the 
{111} planes, which intersect this plane, and at low 
densities occur in crystals regularly spaced along 
[110] and [110] directions. The Burgers vectors are 
also of (110) type and are typically at 60° to the 
dislocation line. The edge component of this vector, 
projected on to the (001) plane, gives the amount of 
strain relief to be expected. 


Despite the distorted bonding that exists around 
the dislocation core, there are thought to be 
remarkably few broken bonds there. An exception 
to this is thought to be when the dislocation line is not 
straight, but kinked, the atoms at the kinks having 
broken bonds. As a result, nonradiative transitions 
involving dislocations are not strong. They are 
important, however, during operation of lasers and 
LEDs. Dislocations can be seen in electrolumines- 
cence of light-emitting devices as dark lines. These 
so-called dark-line defects (DLDs) are the result of 
nonradiative recombination occurring at disloca- 
tions. Not only do they reduce the efficiency of the 
device, but the energy released by the recombination 
of the electron and hole is deposited at the dislocation 
core as thermal energy. Under these conditions, 
dislocation movement becomes easy and DLDs 
propagate, eventually destroying the device. 


2D Defects 


In a simple description of metallic structures, the 
hexagonal close packed structure is described as a 
sequence of hexagonal sheets with the stacking 
pattern ABABABAB..., while that of the face 
centered cubic structure is ABCABCA... In a similar 
manner, we can describe the wurtzite crystal structure 
by the stacking sequence ABABABAB..., although 
the layers are no longer close packed and the stacking 
units comprise one metal and one nonmetal atom. 
The corresponding stacking sequence for the zinc- 
blende structure then becomes ABCABCA... These 
structures are shown in Figures 7a and b, respectively. 
It can be seen that the two atom units are oriented 
perpendicular to the stacking sequence, and it is 
possible to rotate the structure about the vertically 
oriented bonds between any two given planes. A 
rotation of 180° would place all the atoms back in 
registry but on the wrong site. For example, in a 
zincblende crystal, a rotation after the third layer 
in the sequence ABCABCA... would result in 
ABCBCAB... This means that the top part of the 
crystal is related to the bottom half by a rotation of 
180°, and the two parts are said to be twinned. The 
twin plane extends throughout the crystal, and is a 
two-dimensional defect. Both above and below the 
twin plane, the stacking sequence is the usual ABC... 
found in the zincblende structure; however, at the 
junction there is a region denoted BCB. This region is 
three planes of the wurtzite stacking sequence, and is 
an example of what is called a stacking fault. In 
zincblende crystals, stacking faults introduce small 
regions of the wurtzite structure, while the reverse 
happens in wurtzite crystals. 
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Figure 7 Diagrams of the stacking sequence of layers for two 
different semiconductor structures. In both cases the metal atoms 
are small and dark while the larger pale ones are the nonmetal 
atoms. The structures are: (a). The wurtzite crystal structure. The 
atoms which occupy the A, B and C sites are marked. Here the 
vertical direction in which the planes stack is the [0001] direction. 
(b). The zincblende crystal structure. The atoms which occupy the 
A and B sites are marked and the vertical direction corresponds to 
one of the (111) directions in the crystal. 


The density of stacking faults in a material is 
primarily a function of the ease of placing the crystal 
planes in the wrong order. Under nonequilibrium 
growth conditions, this can occur easily for many 
different materials, but for slow growth near 
equilibrium, the prevalence of stacking faults is 
governed by the stacking fault energy. This is a 
measure of the wrong stacking sequence occurring 
and is also related to the energy of transformation 
between the zincblende and wurtzite crystal struc- 
tures. For GaAs, the energy is high and stacking faults 
are rare, while for II-VI semiconductors the stacking 
fault energies are low and stacking faults are 
relatively common. 

Typically, stacking faults are observed in TEM 
planar view micrographs, and on (001) oriented 
epitaxial samples are clearly visible as triangular 
regions lying on {111} planes, as described above, 
nucleated at the interface between the substrate and 
epitaxial layer. 

While stacking faults are accidental introductions 
in a crystal structure, other 2D defects are introduced 
deliberately. Heterojunctions between different semi- 
conductor alloys are an obvious example and are 
responsible for most of the useful properties of 
advanced semiconductor devices. However, by far 
the most important 2D crystal defect is the surface of 
the crystal. This creates a high density of broken 
bonds, each of which can introduce a defect level in 
the band structure. Surfaces usually lower their free 
energy by moving atoms from the bulk equilibrium 
positions to new sites and forming extra bonds in the 
plane of the surface. This removes some of the defect 
levels, but it is still possible to have surface defect 
densities as large as 10'* m~* which are associated 
with enhanced rates of nonradiative recombination of 
electrons and holes. 


Interactions of Defects 


Earlier it was assumed that the Burgers vector 
associated with a dislocation is a lattice vector. The 
energy of a dislocation per unit length is proportional 
to the magnitude of the Burgers vector squared: 


Ex? 
In some crystals, however, it is possible for the 
displacement to be composed of two smaller steps, 
neither of which is a complete lattice vector: 


b=b, +b, 


where b is a lattice vector and b; and bp are the 
smaller displacements. In this case, the total energy 
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Figure 8 An example of a close packed structure where a region with a stacking fault lies between two partial dislocations. 


can be reduced if the dislocation splits into two: 
E, +E, «bi +b5<E 


These dislocations are known as partial disloca- 
tions. A normal dislocation splits into two partial 
dislocations if it is energetically favorable to do so. 
Figure 8 shows an example in a close packed 
structure, which illustrates the point without the 
problem of introducing two different types of atoms. 
Two partial dislocations run through the top layer. 
The material lying between them has a different 
stacking sequence (AC) from the material around it 
(AB) and must contain a stacking fault. This shows 
that a 2D defect, such as a stacking fault, is bounded 
by two 1D defects, in this case partial dislocations. 
There also exists an intimate relationship between 
point defects and dislocations, which may be seen 
by examining the edge dislocation shown in Figure 5. 
The edge dislocation may be considered as an extra 
half-plane of atoms, ABEE’ which terminates along 
line EE’. The last row of atoms in the plane can be 
removed from the sheet by one of two processes. 
Firstly, the atoms at the dislocation core can become 
interstitials and diffuse away from the dislocation. 
Alternatively, vacancies can diffuse towards the 
dislocation. In either case the result is the same; 
the dislocation line EE’ moves upwards towards AB. 


The opposite sequence of events (diffusion of inter- 
stitials towards the dislocation or vacancies away 
from it) is also possible and results in a movement of 
line EE’ downwards. Such processes are known as 
dislocation climb. Climb is not as common as glide, 
but it is important as the dislocation acts as a source 
or sink for point defects. This process contributes to 
the reduction in radiative efficiency in LEDs and 
lasers, particularly as the devices age. 


See also 


Semiconductor Physics: Outline of Basic Electronic 
Properties; Quantum Wells and GaAs-based Structures. 
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Introduction 


The vibrations of atoms in solids were first studied 
theoretically at the beginning of the twentieth century 
to explain the observed temperature dependence of 
the heat capacity. Following earlier work by Einstein 
and Debye, Born and von Karman showed in 1912 
that the vibrational properties of a linear chain of 
alternate light and heavy atoms connected by springs 
account very well for the observed thermal behavior 
of solids. It was shown many years later that, if the 
atoms are alternately positively and negatively 
charged, the model also gives a good description of 
the optical properties. 

In this article the vibrational properties of a linear 
diatomic chain of atoms are first described. The 
model gives a good description of the basic 
vibrational properties of solids with two atoms per 
unit cell, such as Si, Ge, and the binary III-V (e.g., 
GaAs) and II-VI (e.g. CdTe) semiconductors, and 
explains the origin of optic and acoustic branches of 
the phonon dispersion curves. This leads naturally to 
an understanding of the basic far-infrared reflectivity 
of binary semiconductors. The model is then further 
developed to account for the effects of impurities and 
the optical properties of alloys. 

The far-infrared properties of semiconductors 
are then reviewed. We begin with the group IV 


Uan-t UB 


Figure 1 Atomic displacements in a diatomic linear chain. 


Schubert EF (1993) Doping in III-V semiconductors. In: 
Ahmed H (ed.) Cambridge Studies in Semiconductor 
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semiconductors Si and Ge in which there is no first- 
order interaction with infrared radiation, and explain 
the origins of second-order interactions, and the 
effects of disorder and impurities. Examples of the 
first-order reflection spectra of bulk single crystal 
binary semiconductors and their alloys are then 
presented. Localized vibrational modes and phonon 
combination bands are discussed next. We finish with 
a brief review of more exotic excitations that occur in 
layered semiconductors: confined optic modes, sur- 
face phonon polaritons, guided waves, and interface 
modes. 


Background Theory of Phonons in 
Semiconductor Materials 


Phonons in a Diatomic Linear Chain Lattice 


Consider a line of atoms of alternating type A and B, 
separated by a distance a, as shown in Figure 1. 
Suppose that the mth A atom is displaced by a small 
amount 4 ,, from its equilibrium position. The forces 
attempting to return it to its equilibrium position will 
be proportional to the distance it has moved relative 
to the neighboring atoms. If we assume that the only 
significant force involves the nearest neighbor B 
atoms ” and n+ 1, the equation of motion for the 
nth A atom is 


uy n 


M 
A dr 





= CUup.n = UBn+1 — 2uy n) [1] 
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where My is the mass of the atom, and C is the 
Hooke’s law nearest-neighbor force constant. There 
is a similar equation 


dup, 


M 
Bw de 





= Cua n-1 + UAn — 2up 1) [2] 


for the motion of the mth B atom. We assume that the 
solution of the equations of motion has the wavelike 
form 


Ua, = Ug exp{i(gan — at} 
[3] 


up, = Up, exp{i(qan — wt} 


in which U, and Ug are amplitude factors, w is the 
angular frequency, and q is the wavevector, so that ga 
is the phase factor by which the phase of the wave 
changes from one site 1 to the next site 7+ 1. The 
equations of motion are satisfied so long as the 
angular frequency w is given by 


wo = 2 
MaMy 


+ (My + Mg? — 4M, Mg sin2(qal2)| [4] 





[Ma + Mp 





There are two possible solutions here because there 
are two ions in the unit cell. A plot of w as a function 
of g is shown in Figure 2a, with q in the range — m/a to 
+a. In the lower branch, the acoustic phonon 
branch, the vibrations at long wavelength (equivalent 
to small q) are essentially the same as ordinary sound 
waves. The A and B atoms vibrate in phase, and at 
long wavelength there is a linear relation between w 
and q: 











wo ~ Usd [S] 
j (a) (b) 
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Figure 2 (a) Phonon frequency w versus wavevector, q, in a 
one-dimensional diatomic lattice; (b) three-dimensional density of 
states D(a). 


where v, = woa/2 is the velocity of sound of the 
acoustic phonons. 

The upper branch in Figure 2a, which is of more 
interest in the present context, is called the optic 
phonon branch. Here the A and B atoms vibrate in 
antiphase, and because the A and B atoms have equal 
but opposite charges there is an electric field 
associated with the vibration. The optic phonon 
vibrations will consequently affect the propagation of 
electromagnetic waves through the medium — hence 
the name —- although the vibration frequencies 
(around 10 THz) are in the far infrared rather than 
the visible part of the electromagnetic spectrum. At 
this frequency, the infrared wavelength A is about 
30 um. The propagation of the infrared will be 
affected only by phonons whose wavevector q 
matches the infrared wavevector k = 27/A. Since 2» 
is around 10* times larger than the typical lattice 
spacing a in semiconductor materials, it follows that 
the optical properties of the material may be largely 
understood merely by considering the long- 
wavelength phonons with wavevector g ~ 0. Thus, 
in the diatomic case, only the optic phonon of 
wavevector q ~ 0 and frequency 


pee 2C(M, + Mg) (6) 
. M,Mg 


is of importance to the propagation of electro- 
magnetic radiation. 

Many semiconductor materials are of the diatomic 
AB type — for example group III-V materials such as 
GaAs, and II-VI semiconductors such as CdTe. Their 
phonons are described in detail by three-dimensional 
versions of the simple linear chain model discussed 
above. The most basic semiconductor materials, Si 
and Ge, are clearly monatomic, but their crystal 
structure is identical to the zincblende structure of 
GaAs, and they show two phonon bands as in 
Figure 2a. However, because there is only one type 
of atom, these materials differ from the diatomic 
materials in that the optic phonon branch has no 
electric dipole moment. In Si and Ge, there is no 
dielectric anomaly around the frequency wo of the 
type discussed in the following section. In these 
materials, the only significant optic effects occur 
when phonons combine in pairs with equal but 
opposite wavevector q, so that the resultant has very 
small wavevector that can match the infrared 
wavevector k = 27/A. The significant factor here is 
the density of states D(w), representing the number of 
phonon states per unit frequency range. In Figure 2b, 
we show D(w) for the diatomic lattice. This is 
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obtained as F 
bie= past [7] 
@ 


where D(q) is the density of states with respect to 
the wavevector, which is proportional to q? for a 
three-dimensional lattice. Note that D(w) has peaks 
at frequencies corresponding to the zone boundary 
phonon frequencies because the dispersion curves are 
flat in these regions. These features are known as 
critical points, and they have well-defined 
shapes. Their spectroscopic importance is discussed 
later. 

In bulk three-dimensional crystals, both transverse 
and longitudinal optic and acoustic phonons occur, 
each represented by different branches of the phonon 
dispersion curves, and the transverse branches in 
cubic materials are doubly degenerate. In three 
dimensions, more elaborate theoretical models are 
required, such as the rigid ion model and the shell 
model, and improved results can sometimes be 
achieved by including next-nearest-neighbor atoms 
in the model. As an example, the phonon dispersion 
curves of GaAs are shown in Figure 3. 

It should be noted that the dispersion curves, and 
hence the associated optical properties, differ for 
propagation in different crystallographic directions, 
e.g., [100], [110], and [111]. 


Born-Huang Optic Phonon Model 


The infrared lattice properties of materials at long 
wavelength are usually described by using the relative 
permittivity ¢ (often called the ‘dielectric constant’), 


Frequency (1012 CPS units) 
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which is defined through the relation 
D= eegE [8] 


between the electric field E in a medium and the 
displacement field D (here, ¢9 is the permittivity of 
free space). D is the sum of the field E and the 
polarization P of the medium: 


D=P+e9E [9] 


P has contributions from lattice displacements 
(phonons), free electrons (plasmons), and the basic 
atomic polarizabilities. Since these quantities depend 
on frequency, € is also a function e(w) of angular 
frequency w. The charges of the A and B sites are 
taken as +O and —O respectively, and their 
equations of motion [1] and [2] are extended to 
include the electric forces +EQO. As a result of these 
considerations, the dielectric function can be written 
in the form 





2; 2 2 2 
WO] — W@ WM, — Ww 

so) = e4| 1 & | o> —([10] 
Wy — w Oy — w 


Here, &,. is the high-frequency dielectric constant due 
to the atomic polarizabilities, and wy, and wy are 
frequencies that are close to the natural vibrational 
frequency wp) that occurs in the absence of electric 
field effects; the difference (w{ — w*) is of order 
w) O7Ca? e). 

Figure 4 shows a plot of e(w) as a function of w. 
Note that e(w) diverges at w = wy, and that w = 0 at 
o=o, (w,/wy7 = 1.25 in Figure 4). wy is called 
the transverse optic (TO) phonon frequency: it is the 
resonance frequency of propagation of transverse 
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Figure 3 Phonon dispersion curves of GaAs determined by neutron spectrometry (points) compared with calculation (dotted and 
solid lines). Reproduced with permission from Waugh JLT and Dolling G (1963) Crystal dynamics of gallium arsenide. Physical Review 


132: 2410. 
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Figure 4 Dielectric function s(w) as a function of angular 
frequency, w. 
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Figure 5 The dispersion curves for phonon polariton modes 


(solid lines) for a diatomic linear chain of atoms showing the gap in 
bulk phonon modes between the frequencies wy and w_. 


electromagnetic waves in the material. w,, is called 
the longitudinal optic (LO) phonon frequency: it is 
the frequency of the longitudinal electrostatic wave. 
Physically, the dielectric constant determines the 
velocity v of propagation of electromagnetic waves 
in the material 


s.r aS 





e(w) in 
where c is the velocity of light. Equation [11] has two 
solutions for w as a function of wavevector: the two 
solutions are shown in Figure 5. Note that there is 
no solution with @ in the range between w+ and @,. 
The excitations in the region where the graphs are 
curved are called ‘polaritons’ — a combination of 
polar phonon and photon. 

The refractive index 1 of the material is the ratio 
of v, the velocity of light in the medium, to c, the 
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Figure 6 Calculated reflectivity plotted versus angular fre- 
quency for a diatomic linear chain of atoms for the case of zero 
damping. 


velocity in free space; thus n = ,/e. 1 is often found 
from a measurement of the optical reflectivity R. 
At normal incidence 

2 

1-n 
1lt+n 





R - [12] 





A graph of R is shown in Figure 6; note 
that the reflectivity is 100% for w in the range 
OT <o< OL. 


Impurity Phonon Modes 


Impurity atoms in crystal lattices can significantly 
affect the infrared properties. The simplest case is 
when an impurity atom has the same binding but a 
different mass. Consider the monatomic, one- 
dimensional case, in which the impurity atom has 
a mass M + 6M, where M is the normal mass. Let the 
impurity be at the site »=0. The equations of 
motion are 


—Moru, = Clty) + Ups — 2u,) forn 40 


—(M + 6M)w*uy = C(u_, +, — 2u9) forn=0 
[13] 


These equations have a solution provided that w 
satisfies the equation 





_, 6M wo 
ar > era [14] 
q %q 

where N is the number of atoms in the linear chain, 
and w, the unperturbed normal mode frequencies. 
This equation has solutions @ that lie close to the bulk 
phonon frequencies w,. However, if 5M < 0 (i.e. the 
impurity atom is lighter than the bulk atoms), one 
additional mode is possible at a frequency @ that is 
higher than the maximum frequency w@) = VC/M of 
the bulk phonons. This is the so-called impurity or 
localized vibrational mode (LVM - see Figure 7). 
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Figure 7 Representation of TO and LO phonon frequencies ina 
mixed crystal A,B;—,C plotted versus composition x. 


The impurity atom, being lighter than the material 
atoms, vibrates at a higher frequency than the bulk 
frequencies; the amplitude of the vibration is greatest 
at the impurity site, and decreases the further away 
one goes from the impurity site. If the impurity atom 
is heavier than the bulk atoms (6M > 0), there is no 
distinguishable local mode. In the case of diatomic 
lattices, an analogous situation pertains: if the 
impurity is lighter than the bulk atoms, an impurity 
mode is distinguishable above the top of the optic 
phonon band; if the impurity is heavier, there is the 
possibility that a distinct impurity mode may appear 
in the gap between the acoustic and optic phonon 
branches. 


Mixed Crystals 


Mixed compound semiconductor crystals are in 
widespread use because the bandgap can be adjusted 
by varying the composition. For example, the ternary 
material A,.B,_,C is an alloy of a fraction x of the 
material AC with a fraction 1 — x of the material BC. 
A typical example is Al,.Ga;_,As. The infrared lattice 
properties of these materials are classified as ‘one- 
mode’ or ‘two-mode’ depending on how many 
distinct optic phonon frequencies are observed. The 
distinction can easily be understood in the context of 
the discussion above of impurity modes. If an A atom 
in the bulk material BC has a distinct local impurity 
optic phonon mode frequency, and similarly for a B 
impurity in AC, then there will usually be two distinct 
optic phonon modes throughout the whole compo- 
sition range 0 < x < 1: one mode is AC-like, and the 
other BC-like, as shown in Figure 7. On the other 
hand, if neither A in BC, nor B in AC, provide distinct 
optic phonons, there is only one distinguishable optic 
phonon in the alloy A,B,_,C. 


Review of Far-Infrared Properties of 
Semiconductors 


Group IV Semiconductors 


We begin with Si and Ge, both of which crystallize in 
the diamond structure. As mentioned earlier, there is 
no first-order interaction between far infrared radi- 
ation and the TO mode. However, there are several 
other mechanisms that result in absorption. The 
dipole moment of the zone center TO phonon in an 
ionic solid is an example of a symmetry property that, 
in group theory, is described by a set of selection rules 
for each different crystal lattice. Other mechanisms 
that can lead to the creation of a dipole moment are: 


Disorder 

Disorder destroys the translational symmetry, and 
hence the selection rules. Consequently, phonon 
modes that, in a perfect lattice, are not infrared active 
will become active. The most general case occurs if 
the crystal becomes completely disordered, in which 
case all phonon modes become dipole-active and the 
far-infrared absorption spectrum resembles the pho- 
non density of states. This is illustrated in Figure 8, in 
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Figure 8 Top: infrared absorption coefficient (solid line) and 
Raman spectrum (dashed line) of amorphous Si. Bottom: 
calculated density of states (solid line), and broadened density 
of states (dashed line). Reproduced with permission from 
Bradskyn H and Lunio (1974) Infrared vibrational spectra of 
amorphous Si and Ge. Physical Review B 9: 1646, ADS. 





RESISTOR NETWORKS 


Some resistor networks have a "4S" printed on the component. The 4S indicates the package 
contains 4 independent resistors that are not wired together inside. The housing has eight leads 
as shown in the second image. 

Independent resistors have an even number of pins and measuring between each pair will 
produce identical values. Resistance between any pair will indicate leakage and may be a fault. 


WIRE WOUND RESISTOR 


A wire wound resistor is also called a POWER RESISTOR. This type of resistor can have a 
resistance as low as 0.1 ohms (one-tenth of an ohm) or as high as about 10k. 
The image shows a 0.68 ohm resistor as the letter "R" represents the DECIMAL POINT and R68 
is the same a .68 and this is 0.68 ohms. The wattage is 9 watts. 
This resistor will allow xxx amps to flow. To work out the current, use the formula: 
Power = Current x Current x resistance 
9 =Current x Current x .68 
Divide both sides by 0.68 
13.2 = Current x Current 
Find the square root of 13.2 
Current = 3.6 amps 


When 3.6 amps flow through the resistor, the voltage appearing across it will be: 
V = current x resistance 

3.6 x 0.68 

2.5v and the wattage (heat) loss will be 9 watts. 





The purpose of a resistor like this is to stop or reduce "ripple." Ripple is the noise or hum in an 
amplifier when the sound is turned up. 

There are many reasons why you need to reduce the level of hum and this resistor will remove 
ripple as large as 2.5v when 3.6 amps is flowing, provided you have filter electrolytics on both 
side of the resistor to assist in removing the ripple. 


If the letter "R" is in a different position, the value of resistance would be: 
68R = 680 


6R8 = 6.80 
R68 = 0.680 
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which measured infrared and Raman spectra of 
amorphous Si are compared with the calculated 
one-phonon density of states. 


Phonon combination bands 

A combination of the lattice distortions due to 
two phonons excited simultaneously can produce 
a resultant displacement of the ions in the lattice 
with a dipole moment. Such phonon combinations 
can be excited simultaneously by a far-infrared 
photon, and they are observed as weak bands in the 
infrared absorption spectrum. Apart from the dipole 
moment selection rule, it is also necessary for 
wavevector conservation to occur. Since g ~ 0 for 
the photon, the two phonons must either be at the 
zone center, or have equal and opposite wave- 
vectors. An additional consideration is that, if the 
process is to lead to observable absorption, it 
should have a high probability as determined by 
the density of states, so observable absorption 
features usually arise from critical-point phonon 
combinations. An example of phonon combination 
bands in Si is shown in Figure 9. Assignment of the 
features in the spectrum is usually possible by 
inspection of the phonon dispersion curves at the 
zone boundaries, a procedure known as critical- 
point analysis. Alternatively, the two-phonon 


Absorption coefficient ——~ 





density of states can be calculated, taking into 
account the selection rules, and then compared with 
the measured spectrum. Similar considerations 
apply to higher-order phonon combination bands, 
e.g., three or four phonons, etc., but the strength of 
the combination bands usually decreases rapidly as 
the order of interaction increases. 


The presence of impurities 

As mentioned above, dipole-active localized 
vibrational modes (LVMs) can occur if the sample is 
doped with lighter elements as this destroys the local 
translational symmetry. For instance, an LVM occurs 
if Si is doped with B, as shown in Figure 10. The LVM 
frequency is proportional to the ratio (C/M)!”” as seen 
earlier where C is the force constant and M is the 
isotopic mass of the substituted atom. As such modes 
have narrow linewidths, the features in the spectrum 
due to different isotopes of the same element are 
easily distinguished, as shown in Figure 10. 


Group III-V and II-VI Semiconductors: Bulk 
Crystals 


The group III-V and group II-VI semiconductors 
crystallize in either the cubic (zincblende) structure, 
or the hexagonal (wurtzite) structure. Many mixed 
crystal materials, such as Al,.Ga,_,As, are grown for 
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Figure 9 Measured lattice combination bands in a single crystal of silicon at 290 K (top), 77 K (middle), and 20 K (bottom). (Note that 
100 mm~' = 1000 cm™'.) Reproduced with permission from Johnson FA (1959) Lattice absorption bands in silicon. Proceedings of the 
Physical Society 73: 265. 
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electronic applications that require materials with 
bandgaps not found naturally. Furthermore, a host 
of low-dimensional structures, such as epilayers, 
multiple quantum wells (MQWs) and superlattices, 
are fabricated by molecular beam epitaxy (MBE) or 
metalorganic vapor phase epitaxy (MOVPE) to create 
devices that exploit the novel properties which occur 
when one or more of the physical dimensions are 
small. 


Reflectivity from a bulk single crystal 

In the reststrahl frequency range bulk phonon modes 
cannot propagate and incident radiation is perfectly 
reflected, i.e, R= 1, as shown in the calculated 
spectrum in Figure 6. Figures 4 and 6 represent the 
ideal case of a harmonic crystal, in which there is no 
interaction between the phonon modes, so that all 
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Figure 10 The far-infrared absorption spectrum of Si doped 
with B ('°B + ''B). Reproduced with permission from Angress JF, 
Goodwin AR and Smith SD (1965) A study of the vibrations of 
boron and phosphorus in silicon by infrared-red absorption. 
Proceedings of the Royal Society A 287: 64. 
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Figure 11 The reststrahlen band reflectivity of GaP, measured 
(points) and calculated from a damped simple harmonic oscillator 
(line). Reproduced with permission from Kleinman DA and Spitzer 
WG (1960) Infrared lattice absorption of GaP. Physical Review 
118: 110. 


modes have infinite lifetime or, equivalently, spectral 
features have zero linewidth, corresponding to zero 
damping. This is close to the behavior of a crystal at 
absolute zero but, in practice, the phonon modes are 
coupled, so each mode will decay into combinations 
of other phonon modes. This leads to finite phonon 
lifetimes and finite linewidths of all features in the 
measured spectra. This damping has the effect of 
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Figure 12 (a) Reflection spectra for GaAs, AlAs, and five 


Ga,_,Al,As mixed crystals. The curves have been displaced for 
clarity. (b) TO and LO mode frequencies obtained analytically from 
the spectra, plotted versus alloy composition. Reproduced with 
permission from Ilegens M and Pearson GL (1970) Infrared 
reflection spectra of Ga; _, AL, As mixed crystals. Physical Review 
B1: 1576. 
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rounding off features in the reflectivity compared with 
Figure 6, and it can be represented analytically by the 
equation: 

(€(0) = E0)ory 


&€(@) = && + 
7 wr — w 


[15] 





— iyw 
This differs from eqn [10] only by the addition of the 
damping coefficient, y, which takes account in a 
phenomenological way of the interactions between 
the phonon modes. Here (0) is the dielectric function 
at zero frequency, and «(0)—«. is the oscillator 
strength (i.e., the dipole strength) of the mode. We 
shall consider y again later. 

The reflectivity of GaP is shown in Figure 11, and 
this should be compared with Figure 6. In pure 
diatomic crystals like the simple ionic solids, e.g., 


NaCl and KCl, or the binary semiconductors, e.g., 
GaAs and CdTe, this is the only region of high 
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Figure 13 Localized vibrational mode (LVM) absorption band 
for '2C in GaAs measured at 80 K. The numbers in brackets are 
estimated band strengths. Reproduced with permission from 
Theis WM, Bajaj KK, Litton CW and Spitzer WG (1982) Direct 
evidence for the site of substitutional carbon impurity in GaAs. 
Applied Physics Letters 41: 70. 


reflectivity at frequencies below the visible or 
ultraviolet, and it is often described as the reststrahlen 
band, from the German term for residual ray. 


Reflectivity from mixed crystals of binary 
semiconductors 

The spectra of mixed crystals were discussed above 
and an example is shown in Figure 12a, which 
shows the reflection spectra of GaAs, AlAs and five 
Ga,_,Al,As mixed crystals. The TO and LO phonon 
frequencies were obtained from the spectra using a 
Kramers—Kronig analysis and classical dispersion 
theory. Changes in the mode frequencies with 
composition are interpreted using the so-called 
random element isodisplacement (REI) model. 
In Figure 12b, the TO and LO frequencies are plotted 
versus composition, x, and it can be seen that this 
system displays typical two-mode behavior, following 
closely the behavior shown in Figure 7. 


Localized vibrational modes due to impurities 

LVMs have been widely investigated in binary 
semiconductors because they offer a useful diagnostic 
tool for the investigation of impurities. In addition to 
the identification of isotopic species, high-resolution 
transmission spectroscopy can be used to determine 
the sites of the impurity atoms in the lattice. In 
Figure 13 the LVM absorption band for '*C in GaAs 
is shown at different resolutions. The '*C atoms are 
substitutional impurities on the As sites and the 
different components of the band arise from the 
different nearest-neighbor isotopic arrangements 
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Figure 14 High-resolution far-infrared absorption spectra of 
GaP and InP with the frequency scale normalized in each case to 
the reststrahl frequency (v/vyg=1 corresponds to w= wr). 
Reproduced with permission from Koteles ES and Datars WR 
(1976) Two-phonon absorption in InP and GaP. Solid State 
Communications 19: 221. 
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surrounding the different '*C atoms in the lattice. 
Note that '*C is much lighter than either of the host 
lattice atoms, Ga or As, as required theoretically. 


Phonon combination bands 

Weak features due to the simultaneous excitation of 
two or more phonons are observed in the spectra of 
all semiconductors, and there are two excitation 
mechanisms. The first is direct excitation of two or 
more phonons by an incident photon via nonlinear 
terms in the dipole moment. The second process is 
indirect: the incident photon first excites a zone center 
TO phonon and the TO phonon then decays into a 
combination of phonons elsewhere in the Brillouin 
zone, a process described as anharmonic decay of the 
TO phonon. Mathematically, it is described by a 
complex frequency-dependent damping coefficient, 
y(w), in the oscillator equation [15]. Clearly, the 
latter mechanism is not available in Si and Ge as the 
TO phonons are not dipole-active. Anharmonicity is 
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very important in strongly ionic crystals like the alkali 
halides (i.e., group I-VII compounds like NaCl), 
leading to prominent phonon combination bands, but 
it becomes progressively less important in semicon- 
ductors as the interatomic bonding becomes less ionic 
and more covalent, which is the case in the sequence 
through group II-VI (e.g., semiconductors like CdTe 
or ZnSe), group III—V (e.g., GaAs or InP), and group 
IV (Ge and Si), which are entirely covalent. Nearly all 
two-phonon combinations are dipole-active in zinc- 
blende structure crystals with the result that the 
transmission spectrum either side of the reststrahlen 
band is very rich in weak phonon combination bands, 
as shown in Figure 14 for GaP and InP. 


Layered Semiconductor Structures 


Confined optical phonons 
Semiconductor superlattices are fabricated for a 
variety of electronic and optical applications, and the 
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Figure 15 Measured (solid lines) and calculated (dashed lines) oblique incidence (45°) reflectivity spectra at 77 K of three short-period 
(GaAs),/(AIAs), superlattices on GaAs substrates: n denotes the number of monolayers. Left curves: s-polarization, right curves: 
p-polarization. Note that the strong reststrahl reflectivity is from the GaAs substrates and the fine structure is due to confined modes. 
The subscripts 1, 2, and 3 denote the orders of the confined modes. Reproduced with permission from Dumelow T, Hamilton AA, Parker 
TJ, Tilley DR, Foxon CT, Hilton D and Moore KJ (1990) Far infrared measurements of bulk and surface phonons in GaAs/AIAs 
superlattices. International Journal of Infrared and Millimeter Waves 11: 901. 
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quality of the interfaces in such structures is important 
as it determines the amount of electronic scattering at 
the interfaces. Some structures are fabricated from 
alternate layers of materials such as GaAs and AlAs, in 
which there is no overlap between the frequencies of 
the optical branches of the phonon dispersion curves. 
This has the effect that optical phonons excited in one 
type of layer, e.g., in GaAs, cannot propagate into the 
other type of layer, i.e., AlAs, and vice versa, so that the 
optical phonon modes are confined in their respective 
layers. The confined modes behave like standing 
waves, with frequencies determined by the thicknesses 
of the layers and the bulk optical phonon dispersion 
curves. Thus, if the superlattice structure is of poor 
quality, and the interfaces are broad due to alloying, 
rather than abrupt, there will be a change in the 
effective widths of the layers. This leads to small shifts 
in the frequencies of the confined phonons which can 
be measured and used to obtain a quantitative estimate 
of the amount of interface broadening. An example is 
shown in Figure 15. The degree of interface broad- 
ening determined from these spectra was 1.4 atomic 
spacings, in agreement with estimates using other 
techniques. 


Surface phonon polaritons and guided waves 

The reststrahl reflection band (Figure 6) occurs 
because there is a gap between wy and wy, in the 
polariton dispersion curves (Figures 4 and 5), with no 
solutions for bulk phonon modes. Surface phonon 
polaritons can, however, propagate in this frequency 
band, but they have wavevectors that are larger than 
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Figure 16 ATR reflection spectrum with dips due to surface 
phonon polaritons (S) and guided waves (G) in a GaAs/Alo.3s 
Gag gsAs MQW. Inset: schematic diagram of the ATR stage. 
Reproduced with permission from Dumelow T, Hamilton AA, 
Parker TJ, Tilley DR, Foxon CT, Hilton D and Moore KJ (1990) 
Far infrared measurements of bulk and surface phonons in 
GaAs/AIAs superlattices. International Journal of Infrared and 
Millimeter Waves 11: 901. 


those, w/c, of far-infrared radiation, so special 
techniques are required to observe them. The 
necessary wavevector enhancement can be obtained 
in two ways. Prism coupling can be used, as shown in 
Figure 16. When the angle of incidence of the incident 
beam at the base of the prism exceeds the critical 
angle for total internal reflection an evanescent wave 
with advanced wave vector, q > a/c, is set up at the 
base of the prism. This wave can couple to a surface 
polariton, and the energy used to excite the polariton 
results in a dip in the reflectivity at the frequency of 
the surface polariton, hence the name of the 
technique: attenuated total reflection (ATR). An 
example is shown in Figure 16. Alternatively, 
wavevector enhancement can be achieved by placing 
a grating on the surface of the sample. The incident 
photon wavevector is then enhanced by +2mza/d, 
where d is the grating period and m is an integer. 


Interface phonons 

Under certain conditions phonons can propagate 
along the interface between two different media that 
are in intimate contact, as for instance, in the case of 
thin epilayers on substrates, or in multilayered 
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Figure 17 Far-infrared reflectivity of a GaN epilayer on a GaAs 
substrate at 290 K with dips due to a Brewster mode at C anda 
Berreman mode at D. Reproduced with permission from Mirjalili 
G, Parker TJ, Farjami Shayesteh S, Bulbul MM, Smith SRP, 
Cheng TS and Foxon CT (1998) Far infrared and Raman analysis 
of phonons and phonon interface modes in GaN epilayers on 
GaAs and GaP substrates. Physical Review B 57: 4656. 
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structures. There are two common sets of criteria for 
the existence of such interface modes. The first, 
leading to so-called Brewster modes, is when the 
numerator of the Fresnel reflection coefficient passes 
through zero due to impedance matching in the two 
media. The second, leading to a Berreman mode, is 
when the real part of the dielectric constant has a zero 
crossing in one of the media at a frequency where it is 
negative in the other medium. Both modes are 
observed as dips in the reflectivity. A reflection 
spectrum for a GaN epilayer on a GaAs substrate is 
shown in Figure 17. The two interface modes occur at 
frequencies close to the frequencies of GaN LO 
phonons; the Berreman mode is close to the GaN LO 
phonon frequency at the base of the GaN epilayer, 
which is shifted down by about 50cm! from the 
bulk GaN value (735 cm‘) due to disorder arising 
from the large lattice mismatch between the epilayer 
and the substrate. Both interface modes couple 
strongly to free carriers (i.e., plasmons) propagating 
normal to the interface, and thus act as useful probes 
of the structural and electronic properties of the 
epilayer. No other technique is available for 
probing the electronic properties of the epilayer for 
propagation normal to the layer. 


See also 


Semiconductor Materials: GaAs Based Compounds. 
Semiconductor Physics: Band Structure and Optical 
Properties; Light Scattering; Outline of Basic Electronic 
Properties; Quantum Wells and GaAs-Based Structures. 
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When a monochromatic light beam passes through 
a transparent medium, a small part of the light is 
scattered out of the incident direction with a change in 
frequency. The scattering processes are usually classi- 
fied into three groups. The light scattering is named: 


Brillouin scattering when the light is scattered with a 
small frequency shift that varies continuously with 
scattering angle. 
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Raman scattering when the light is scattered with a 
relatively large frequency shift that is independent 
of scattering angle. The possibility of observing a 
given transition, however, depends on the orien- 
tation of the crystal relative to the polarization of 
the incident light. 

Rayleigh scattering when the light is scattered 
without frequency shift. In this case the 
scattering is elastic with the incident and scattered 
frequencies equal: w; = w,. Rayleigh scattering 
is particularly useful in the study of critical 
phenomena or aspects related to the size and 
polarizability of particles. 
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Brillouin Scattering 


Brillouin scattering is caused by the interaction of 
light with the acoustic modes of vibration of the 
crystal. Consider an acoustic wave of frequency w, 
propagating with velocity +v as shown in Figure 1. 
Light with incident frequency w; interacts strongly 
with acoustic waves satisfying the Bragg condition 
@, = 2w;(v/c)nsin(0/2), where 1 is the refractive 
index of the material and @ is the angle of deviation 
of the scattered beam. Since the acoustic waves are 
moving with velocity +v the scattered light suffers a 
Doppler shift in frequency and exhibits a frequency 
doublet at the angle 6 given by the Brillouin equation 


@, + w, = wo; + 2, (v/c)n sin(@/2) 


In terms of the quantum picture, Brillouin scattering 
corresponds to scattering of incident photons of 
frequency w; and wavevector k; into scattered photons 
of frequency w, and wavevector k, with the emission 
or absorption of an acoustic phonon of frequency 
w, and wavevector q. The predicted Brillouin 
spectrum is shown in Figure 2. It consists of Stokes 
(@,=@,—@,) and anti-Stokes (a, = + ,) 
components corresponding to phonon emission and 
absorption, respectively. 

The frequency shift lw; — @,! for a well-defined 
scattering angle 6 directly gives the acoustic phonon 
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Figure 1 Light scattering at angle ¢ and Bragg reflection at 
angle 6 by moving thermal waves. 
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Figure 2 Schematic diagram of a Brillouin spectrum. 


frequency and velocity. The width I of the Brillouin 
component of the spectrum is a measure of the 
damping or attenuation of the wave. 


Raman Scattering 


The essential difference between Brillouin and 
Raman scattering is that in Raman scattering the 
incident light beam is scattered with relatively large 
frequency shift independent of the scattering angle. 
The same basic considerations apply to Raman 
scattering that apply to Brillouin scattering. The 
Raman spectrum has Stokes and anti-Stokes branches 
corresponding to the emission and absorption, 
respectively, of an elementary excitation. A variety 
of elementary excitations are important. They include 
optical phonons and, in the case of magnetic 
materials, magnons. Also of interest are electronic 
excitations such as intraband single-particle excita- 
tions, interband excitations, and collective excitations 
(plasmons). 


Raman Scattering by Phonons 


An inelastic light scattering event involves the 
destruction of a photon of frequency @; incident 
from a light source, the creation of a scattered photon 
of frequency «, and the creation or destruction of an 
optical phonon of frequency wo. 

Destruction of a photon involves interaction of the 
radiation field with matter by which a pair of free 
carriers is created in the semiconductor correspond- 
ing to a virtual transition between the valence and 
conduction bands. The excited state, free electron in 
the conduction band, interacts with the lattice via the 
optical deformation potential. This interaction results 
in the creation or annihilation of an optical phonon of 
frequency w,. When the resulting process corresponds 
to the creation emission of a phonon, the frequency of 
the scattered photon is w, = w; — w, and is referred to 
as the Stokes component of the spectrum. When the 
process is the annihilation or absorption of a phonon 
the scattered frequency is @, = ; + w,, referred to as 
the anti-Stokes component. 

These two first-order scattering events can be 
described in terms of Feynman diagrams as shown 
in Figure 3. 

Considering these elementary processes one can 
calculate, using time-dependent perturbation theory, 
the Raman amplitude and hence the differential 
scattering cross-section. The remarkable feature 
here is that for incident frequencies approaching the 
frequencies of an electronic excited state of the 
material the Raman amplitude diverges. This leads 
to the phenomenon of resonant Raman scattering. 
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Figure 3 Feynman diagrams for two first-order scattering 
events. 


The Raman scattering efficiency, which is the 
scattering cross-section per illuminated area can be 
calculated numerically. Numerical estimates give 
efficiencies typically of order 10° or 10°”. 

In polar semiconductors the macroscopic electric 
field leads to an additional contribution to the 
scattering cross-section for the longitudinal optical 
(LO) phonon modes. The macroscopic field is a 
consequence of the Coulomb field of the ionic charges 
and gives rise to an electron—phonon interaction. 

There is no simple relationship between the 
scattering intensities for transverse optical (TO) and 
LO phonons in polar semiconductors. 

When the probing frequency coincides with the 
transverse optical mode frequency, i.e., for the regime 
cq = wto (where c is the light velocity, g the photon 
wavevector and wro the transverse optical phonon 
frequency) in polar semiconductors it is necessary to 
take into account the polariton nature of the coupled 
photon—TO-phonon modes and their associated 
macroscopic electrical field. The dispersion relation 
of the coupled photon—TO mode, called a polariton, 
consists of two branches: an upper branch 4, in 
which the electro-optical contribution dominates, 
and the lower branch w_, which contains essentially 
the mechanical contribution. This leads to a contri- 
bution to the Raman amplitude from both mechan- 
ical and electro-optical origins. An exception occurs 
for the lower polariton branch with w= wyo; then 
the electro-optic contribution is very small compared 
to the mechanical contribution. If cqg>> ayo as 
in the upper polariton branch, destructive inter- 
ference between the mechanical and electro-optic 
contributions can occur. 


Selection Rules in Raman Scattering 


Not all elementary excitations in semiconductors 
scatter light. The Raman active modes are 


determined by selection rules established using 
group-theoretical methods. The various normal 
modes in a given crystal correspond to various 
symmetries of the vibrations of the atoms in the 
crystal and are characterized by the irreducible 
representations of the space group of the crystal 
lattice. One can show that a normal mode can parti- 
cipate in a first-order Raman transition if and only if 
its irreducible representation is the same as one of 
the irreducible representations that occur in the 
reduction of the representation of the Raman tensor. 

An important result of group theory is the rule of 
mutual exclusion which states that, in crystals with a 
center of inversion, excitations that are active in the 
first-order infrared spectrum are inactive in the first- 
order Raman spectrum, and conversely, excitations 
that are active in the first-order Raman spectrum are 
inactive in the first-order infrared spectrum. In 
particular, the first-order spectra due to optical 
phonons in NaCI are infrared active, but Raman 
inactive, whereas in Si they are infrared inactive, 
but Raman active. This difference is related to the 
fact that each atomic site in NaCI is a center of 
inversion and the active optical phonons have odd 
parity whereas each midpoint between two nearest- 
neighbor atomic sites in Si is a center of inversion and 
the active optical phonons have even parity. 

In a crystal with the zinc blend structure, there is 
no center of inversion, and the crystal is both 
infrared and Raman active. The only non-vanishing 
elements of the Raman tensor R(é) with éllz are the 
xy and yx elements. To observe the Raman effect 
of an LO phonon propagating in the z-direction, 
one can arrange the polarization of the incident 
light parallel to the x-axis and observe the 
scattered light with its polarization parallel to the 
y-axis or vice versa. An analogous set of con- 
straints applies to TO phonons. A typical spectrum 
is illustrated in Figure 4. 

For higher-order Raman processes in which several 
phonons participate, it is the product of the irredu- 
cible representations of the phonons involved that 
must be the same as the irreducible representation of 
the Raman tensor. 
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Figure 4 Raman spectrum for optical phonons. 
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Geometrical Aspects of First-Order Raman 
Scattering 


The observation of light scattering by optical 
phonons in transparent crystals is usually done in a 
geometry in which the linearly polarized incident 
light beam is directed along, say, the x-axis and 
the scattered beam is observed along the y-axis 
(see Figure 5). When the crystal is not transparent, 
as is often the case in semiconductors, the observation 
is made in the backscattering geometry in which the 
scattered beam is observed in the opposite direction to 
the incident beam. 

The scattering geometry affects the range of 
phonon wavevectors that is accessible in first-order 
Raman scattering. The condition of wavevector 
conservation 1s 


K; — K, = +q 


where q is the phonon wavevector and the plus 
(minus) sign refers to the Stokes (anti-Stokes) process. 
The Stokes geometry is shown in Figure 6 and satisfies 
the following relation: 


g =k +k — 2k, k, cosé 


Forward scattering is characterized by 0= 0 and a 
minimum value of q given, for isotropic media, by 


_ 1(a;) @, — N(@,)@, 





min c 
where n(w;) and n(w,) are the refractive indices of 
the crystal for the incident and scattered light, 
respectively, and ki.) = 1(@g))@.)/C. 

Back scattering is characterized by the maximum 
value of g when 6= 180° and is given by 


_ (0) @} ~~ 1(@;)Ws 
max 





c 





Figure 5 Geometry for light-scattering experiments in 
transparent crystals. 


k, 








Figure 6 Diagram for Stokes processes. 


For typical light-scattering experiments in the 
visible region the range of the incident wavevector 
is 0<k; <10°cm™!. This implies that for first- 
order scattering processes the accessible range of q 
under conditions of wavevector conservation is 
small compared to a nonzero reciprocal lattice 
wavevector. Light-scattering experiments yield the 
frequencies of optical modes at essentially the 
center of the Brillouin zone. 

The energy and momentum conservation rules 
have to be modified when the lifetime of the crystal 
excitations are strongly limited by their decay into 
other crystal excitations. Momentum conservation 
breaks down in imperfect crystals, in solids lacking 
translational symmetry like amorphous materials, 
and in crystals which are opaque to incident and 
scattered light. 

In those cases where the incident and scattered 
waves are damped inside the scattering volume, such 
as occur in small-gap semiconductors that are opaque 
at the light frequencies involved, k, and k, are 
complex. The inelastic scattering is due to excitations 
having a range of wavevector 


Ag = [Im k;| + lIm k, | 


about q = Re(k, — k,). Effects associated with such 
a wavevector uncertainty have been reported in 
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Raman scattering spectra of III-V semiconductor 
compounds. 


Second-Order Raman Scattering 


Second-order Raman scattering involves two pho- 
nons rather than a single phonon as in first-order 
scattering. The possible second-order processes are 
the following: two phonons may be created, giving a 
Stokes component in the scattered light, or one is 
created and the other destroyed, giving a Stokes or 
anti-Stokes component, or both may be destroyed 
giving an anti-Stokes component. For each of 
these cases there are the possibilities of a pair of 
first-order electron-phonon interactions or a single 
second-order electron-phonon interaction. 

In the case of second-order Raman scattering the 
wavevector conservation condition is q; + qo = 0, 
where q, and q» are the wavevectors of the phonons 
involved. This condition places no restriction on 
the magnitudes of the individual wavevectors, other 
than |g! = |q.!, which is in contrast to first-order 
scattering where g = 0. 

The possible phonon frequency pairings associated 
with second-order processes are @, + @2 (combi- 
nation band), w,; — w, (difference band), and 2a, 
(overtone band). The second-order scattering spec- 
trum covers a broad range of frequencies. The 
overtone spectrum provides a measure of the phonon 
density of states. 


Resonant Light Scattering 


General Formulation 

Resonant Raman scattering occurs when the incident 
or scattered photon energy is close to the energy of 
an intermediate electronic state relative to the 
ground electronic state. Certain terms in the 
Raman amplitude then diverge leading to a very 
large scattering cross-section. Divergences occur in 
the Stokes spectrum when ha,=ha,, and 
how, = ha,: the photon energies resonate with the 
excitation energies of the intermediate states a or b. 
If a and 6 are the same state, resonance occurs nearly 
simultaneously for both w, and w,, and gives rise to a 
particularly strong enhancement of the scattering 
efficiency. It is thus clear that the resonance 
phenomenon is specific to the nature of the 
intermediate state, and its investigation leads to 
basic information concerning the electronic states of 
the system. We shall now examine the resonance 
behavior in several cases where the intermediate 
states are carrier Bloch states, free excitons, or 
bound excitons. 


Resonance at the Fundamental Bandgap 


The divergent behavior of the Raman amplitude is 
associated with the factor (ba; — E,)' where Eg is 
the lowest direct bandgap of the material. 


Resonance at Free Exciton States 


The Raman intensity as a function of the incident 
photon energy has a Lorentzian line shape in the 
range of a single intermediate state. It is centered at 
the resonance frequency and has a width determined 
by the lifetime of the intermediate state. The 
distinction between scattering at resonance and 
scattering off resonance in the wings of the Lorentzian 
is that at resonance the intensity is determined by the 
exciton lifetime, whereas off resonance it is deter- 
mined by the frequency separation from resonance. 
Since in many instances excitons have very long 
lifetimes, they can lead to a very large Raman 
cross-section at resonance. 


Resonance at Bound Exciton States 


Scattering induced by the presence of impurities 
involving bound exciton states has the following 
essential features: (a) observation of sharp resonance 
at the energies of the bound exciton which form 
discrete levels below the free exciton resonance; (b) 
dependence upon impurity concentration; (c) involve- 
ment of LO phonons of wavevector of the order 
of the inverse of the impurity state radius. Resonance 
at bound exciton energies has been observed in 
impurity-induced resonant Raman scattering by LO 
phonons in CdS. The resonance is centered at the 
absorption peak for the impurity state and has 
approximately Lorentzian shape. If the impurity 
gives rise to a localized vibrational mode, bound 
exciton resonance in Raman scattering due to the 
local mode can occur. 


Anharmonic Effects on Raman Spectra 


In a perfect crystal whose vibrations are harmonic 
and which is transparent to the incident and 
scattered light, the Raman lineshape is a delta 
function centered on the optical phonon frequency. 
Experimentally one finds that even in crystals of very 
high quality, the Raman line is broadened into a 
roughly Lorentzian shape with a width that increases 
with increasing temperature. This width can be 
attributed to anharmonic terms in the vibrational 
Hamiltonian. 

The temperature dependence of the line width is 
determined by the phonon occupation factors. 
As the temperature approaches zero, the phonon 


If you replace the R68 resistor a 6R8 resistor by mistake, the voltage across it will rise to 25v and 
if 3.6 amps flows, the wattage will be: 90 watts!!! 
The resistor will glow red and burn out. 


TESTING A POSISTOR 





A Posistor is a resistor that connects in series with the degaussing coil around the 
picture tube or Monitor. When cold, it has a very low resistance and a large current flows 
when the monitor or TV is switched on. This current heats up the Posistor and the resistance 
increases. This causes the current to decrease and any magnetism in the shadow mask is 
removed. The posistor can one or two elements and it is kept warm so the resistance remains 
high. Many Posistors have a second element inside the case that connects directly to the supply 
to keep the Positive Temperature Coefficient resistor high so that the current through the 
degaussing coil falls to almost zero. This constant heat eventually destroys the package. 

The heavy current that flows when a set is turned ON also causes the posistor to crack and break 
and this results in poor purity on the screen - as the shadow mask gradually becomes magnetic.. 
Posistors have different resistance values from different manufacturers and must be replaced 
with an identical type. 

They can be checked for very low resistance when cold but any loose pieces inside the case will 
indicate a damaged component. 


A ™BURNT" RESISTOR - normally and technically called a "burnt-out" 
resistor. 

The resistance of a "burnt" resistor can sometimes be determined by scraping away 
the outer coating - if the resistor has a spiral of resistance-material. You may be able 
to find a spot where the spiral has been damaged. 





A normal 1k resistor 


“burnt section’ 





A “burnt” resistor 
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occupation factor approaches zero also, and the 
width approaches the value due to the zero-point 
motion of the nuclei. At temperatures above the 
Debye temperature, the width due to cubic anharmo- 
nicity becomes proportional to T: Quartic anharmo- 
nicity imparts a T* dependence to the width which 
becomes significant at very high temperatures. 

In addition to line broadening, anharmonicity 
causes a shift of the frequency of peak intensity to 
lower values as the temperature increases. Contri- 
butions to the shift proportional to T and T® arise in 
the high-temperature regime from cubic and quartic 
anharmonicity, respectively. 


Light Scattering due to Electronic 
Excitations 


Light Scattering by Plasmons 


Plasmons are similar to LO phonons in that they have 
a macroscopic electric field associated with them. The 
field modulates the electric susceptibility and gives 
rise to Raman scattering. The difference in frequency 
of the incident and scattered light is equal to the 
plasma frequency w, specified by w, = e* nleyE om’, 
where 1 is the electron concentration, m” is their 
effective mass, and e” is the high-frequency dielectric 
constant. 

When the plasma frequency is close to the LO 
phonon frequency, there is a plasmon—phonon inter- 
action via the macroscopic electric fields that leads 
to coupled modes and forces the frequencies apart. 


Light Scattering Associated with Interband 
Transitions 


The plasmons dealt with in the preceding section are 
an intraband type of excitation. Also of interest are 
interband transitions in which a carrier undergoes a 
transition from one band to a different band during 
the scattering process. An example is provided by p- 
type silicon in which an electron makes a transition 
from an occupied state in the light-hole band to an 
unoccupied state in the heavy-hole band via the 
conduction band as shown in Figure 7. 

For the case of isotropic bands the scattering 
efficiency spectrum at 0K has sharp edges. If the 
anisotropy of the valence bands is taken into 
account, the sharp edges of the spectrum are 
smoothed out. 

The experimental Raman spectrum for p-type Si 
exhibits a broad continuum due to the electronic 
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Figure 7 Electronic transitions occurring in intervalence band 
scattering. 


transitions but in the same spectral range there are also 
Raman active optical phonons which superpose on 
the electronic continuum and distort it. The resulting 
distortion of the spectrum is associated with resonant 
interference that occurs between the discrete phonon 
line and the electronic continuum. 


See also 


Scattering: Raman _ Scattering. Semiconductor 
Physics: Outline of Basic Electronic Properties. 
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The Polaron Concept 


If an electron (or hole) is placed in a polarizable 
medium (like an ionic crystal or a polar semiconduc- 
tor), it induces a deformation of polarization field 
around itself. On the other hand, the electron is 
attracted to the potential well of this disturbed 
polarization field. Thus, a feedback loop between 
the electron and the polarization field arises, which 
leads to a highly correlated state of the charge carrier 
and the polarization field. A conduction electron 
(or hole) together with its self-induced polarization in 
an ionic crystal or in a polar semiconductor forms a 
quasiparticle, which is called a polaron. The polaron 
concept was introduced by Landau in 1933. 

The physical properties of the polaron differ from 
those of the band carrier. In particular, the polaron is 
characterized by its binding (or self-) energy Eo, 
effective mass m”™ and by its response to external 
electric and magnetic fields (e.g., dc mobility and 
optical absorption coefficient). 

If the spatial extension of the polaron is large 
compared to the lattice parameters of the solid, the 
latter can be treated as a polarizable continuum. This 
is the case of a ‘large polaron’, to which most of 
this article is confined. 

The polaron characteristics are determined by 
the coupling between an electron and the long- 
wavelength longitudinal optical (LO) phonons. 
The strength of this coupling is expressed in terms 
of the constant introduced by Frohlich: 


e | me 1 1 

isola 7a) 
c M10 \ Eo Eo 

In this definition, wpo is the frequency of LO 

phonons, c is the velocity of light, and ¢,, and eo 

are, respectively, the electronic and the static dielec- 

tric constant of the polar crystal. 

In order to find the coupling constant according to 
eqn [1], it is crucial to know the electron (hole) band 
mass mp. This unknown parameter can, in principle, 
be determined from experiment. However, in ionic 
crystals and polar semiconductors, experiment 





a= 


measures the polaron effective mass m”™ rather than 
the band mass, because of the polaron effect. The 
problem of determining the band mass is therefore far 
from trivial and should be tackled on the basis of the 
results of polaron theory. In Table 1 the coupling 
constants are indicated for a number of crystals. 

Landau and Pekar were the first to investigate the 
self-energy and the effective mass of the strong- 
coupling polaron, when a > 1. As seen from Table 1, 
in substances with large values of the electron— 
phonon coupling constant (like alkali halides, TIBr, 
CdF 2, SrTiO3) @ ranges between 2.5 and 4.5. 
Though, strictly speaking, polarons in such materials 
are of intermediate coupling, their properties 
can be approached within the strong-coupling 
approximation. 

The cases when a < 1 (like InSb, InAs, GaAs) are 
referred to as the weak-coupling regime. Polarons in 
many other substances with a < 1 (e.g., GaP, CdTe, 
ZnSe, CdSe, CdS, CdO) are well described in the 
weak-coupling approximation. 

In the weak-coupling regime, the states of the 
polaron can be imagined as those of a band carrier 
perturbed by the electron-phonon interaction. 
Frohlich provided in 1954 the first weak-coupling 


perturbation theory results for the polaron 
characteristics: 
Eo = —ahoyo [2] 
* Mb 
ee 3 
” T= alb B] 


Feynman formulated the polaron problem in 
the Lagrangian (path integral) form of quantum 
mechanics and obtained an upper bound for the 
polaron self-energy at all values of the a, which at 
weak and strong coupling gave accurate limits. 
Over the years the Feynman all-coupling model 


Table 1 Electron—phonon coupling constants 





Material a Material a 
InSb 0.02 AgCl 1.8 
InAs 0.052 Kl 2.5 
GaAs 0.068 TIBr 2.55 
GaP 0.201 KBr 3.05 
CdTe 0.286 Rbl 3.16 
ZnSe 0.43 CdF2 3.2 
CdSe 0.49 KCl 3.5 
CdS 0.52 Csl 3.67 
CdO 0.74 RbCl 3.81 
AgBr 1.6 SrTiO 4.5 
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for the polaron has been proven to be in many respects 
the most successful approach to the polaron problem. 


Optical Properties and Internal 
Structure of Polarons 


Optical Absorption of Polarons at Weak Coupling 


At zero temperature and in the weak-coupling limit, 
the optical absorption is due to the following 
elementary polaron scattering process, schematically 
shown in Figure 1. An incoming photon is absorbed 
by a polaron. The polaron emits a phonon during the 
absorption process and takes recoil energy from the 
incident light. At zero temperature, the absorption 
coefficient for absorption of light with frequency 0, 
can be expressed in terms of elementary functions in 
two limiting cases: in the region of comparatively low 





Figure 1 The elementary polaron scattering process leading to 
absorption of an incoming photon and to generation of an outgoing 
phonon. 
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and in the high-frequency region (h(Q.— @,9)/f > 1) 
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T(o)= 3 





O(@—-1) [5] 


Epc 3Mpa,Q0 = 


Here w=Q/a 0, & is the dielectric permittivity of 
the vacuum, 7 is the refractive index of the medium, 
N is the concentration of polarons, and ¢ is the Fermi 
level for electrons. The step function 


1 if w>1 


O(w—-1)= 
0 if w<l 


[6] 


reflects the fact that at zero temperature absorption of 
light accompanied by emission of a phonon can occur 
only if the energy of a photon is larger than that of a 
phonon (@> 1). In the weak-coupling limit, according 
to eqn [4], the absorption spectrum consists of a 
one-phonon line. 

Experimentally, the one-phonon line has been 
clearly seen for free polarons in the infrared absorp- 
tion spectra of CdO-films (see Figure 2). In CdO, 
which is a weakly polar material with a ~ 0.74, the 
optical absorption band is observed in the spectral 
region between 6 and 20 um (above the LO phonon 
frequency). As seen from Figure 2, this optical 
absorption band can be attributed to the weak- 
coupling polaron absorption as described by eqn [4]. 


+ Wavenumber 
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Figure 2 Optical absorption spectrum of a CdO film with the carrier concentration N = 5.9 x 10'? cm~? at T = 300 K. The theoretical 
results are shown with (solid curves) and without (dashed curves) the polaron contribution of eqn [4], and compared to the experimental 
data (solid dots). (Reproduced with permission from Finkenrath H, Uhle N and Waidelich W (1969) The influence of phonons and 
polarons on the infrared absorption of cadmium oxide*'. Solid State Communications 7: 11-14.) 
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With strengthening coupling, it becomes possible 
that absorption of a photon is accompanied by emis- 
sion of two, three, ..., K phonons, thus giving rise to 
two-, three-,..., K-phonon sub-bands in the optical 
absorption spectra. At high temperatures, absorption 
of a photon can be accompanied not only by emission, 
but also by absorption of one or more phonons. 


Optical Absorption of Polarons at Arbitrary 
Coupling 


The theoretical absorption spectrum of a single large 
polaron (at all electron—phonon coupling strengths) 
is given by the expression 


1 ImS(a) 


T — 
_ nec [w — Red(w)|°+[Im>() |” 





The so-called memory function %(w) contains the 
dynamics of the polaron and depends on a and oa. 
This function is related to the impedance function 
Z(w) of the polaron through —iZ(@) = w — X(@). 


Optical Absorption of Polarons at Strong Coupling 


The absorption of light by free large polarons was 
treated by Kartheuser, Evrard and Devreese using 
the adiabatic strong-coupling method by Landau 
and Pekar. The polaron ground state in this scheme 
has the energy 


az 


hoo = —0.106a°hw1o [8] 
30 


Eo —— 
If the lattice polarization is allowed to relax or adapt 
to the electronic distribution of the excited electron 
(which itself then adapts its wavefunction to the new 
potential, etc., leading to a self-consistent final state), 
the so-called relaxed excited state (RES) results. 
Its energy is 
Epps = —0.04107 hwo [9] 


It was argued by Kartheuser, Evrard and Devreese, 
that for a sufficiently large a (a > 3), the (first) RES of 
a polaron is a stable state, which can participate in 
optical absorption transitions. This idea was import- 
ant in order to understand the optical absorption 
spectrum in the strong-coupling regime. In particular, 
the following scenario of a transition, which 
leads to a zero-phonon peak in the absorption by 
strong-coupling polaron, can be suggested. If the 
frequency of a photon is equal to 


Ergs — E 
Ores = Me 0 


then the electron goes from the ground state (follow- 
ing the analogy with the hydrogen atom, let us call it 
‘1s’) to an excited state (‘2p’), while the lattice 


= 0.065a’ w10 [10] 


polarization in the final state is adapted to the ‘2p’ 
state of the polaron. 

Each RES of the polaron can be accompanied by 
1, 2, 3, ... free optical phonons in the lattice. Such 
states are called scattering states (ScS). They are 
shown in Figure 3. Starting with the photon energy 


Ores + @Lo [11] 


a transition of the polaron towards the first ScS, 
belonging to the RES, becomes possible. In the course 
of this transition, while absorbing a photon, the 
polaron goes from the ground state to the RES with 
emission of one extra phonon. This process is called 
one-phonon sideband absorption. 

The one-, two-, ..., K-phonon sidebands give rise to 
the broad structure of the absorption coefficient. 
These transitions occur without lattice relaxation. 
The (unstable) polaron state, in which the lattice 
polarization corresponds to the electron ground state, 
while the electron is excited (‘a frozen lattice’), is 
referred to as the Franck—Condon (FC) state of a 
polaron. Within the adiabatic approach, the energy of 
the lowest FC state is 

a 2 
Exc = —hwyo = 0.035a hwo [12] 
oa 

The superposition of the one-, two-, ..., K-phonon 
sidebands is centered at the FC transition frequency 


Frc — Eo 
h 


= 0.14107 #16 [13] 

































































Figure 3 Internal excitations of a polaron at strong coupling: 
E, — the ground state, Eres — the (first) relaxed excited state; the 
Franck—Condon states (E¢c) are shown with a set of horizontal 
lines above the zero energy. In fact, both the Franck—Condon 
states and the relaxed excited states lie in the continuum and, 
strictly speaking, are resonances. 
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The optical absorption spectrum at strong coupling 
is, thus, characterized by the following features. 


(a) There is an intense absorption peak (‘zero- 
phonon line’), which corresponds to a transition 
from the ground state to the first RES at Orgs. 

(b) At Opzs +1, a phonon sideband structure 
appears (namely, a K-phonon sideband at 
Orgs + K). The maximum of this structure 
occurs at the FC transition frequency Oxc. 


The qualitative behavior predicted by Kartheuser, 
Evrard and Devreese, namely, an intense zero-phonon 
(RES) line with a broader sideband at the high- 
frequency side, was revealed using a general all- 
coupling expression for the optical absorption 
coefficient [7] at a = 5,6, 7. 


Internal Structure of Polarons at Arbitrary Coupling 


The optical absorption spectra calculated according 
to the theory of Devreese et al. are displayed in 
Figure 4 for values of a in the range from 1 to 6. 
The absorption spectrum for a= 1 consists of a 
one-phonon line, similar to the weak-coupling result. 
The absorption peak for a = 3 might correspond to a 
one-phonon peak at this intermediate coupling. It was 
also argued that part of the oscillator strength in the 
absorption for a = 3 is due to lattice relaxation in the 
final states, be it to a smaller extent than for a= S. 


Absorption (arbitrary units) 








Figure 4 Polaron optical absorption spectra at zero 
temperature, calculated within the path integral method (according 
to eqns [11a], [12], [13] of the paper (Devreese JT, De Sitter J and 
Goovaerts M (1972) Optical absorption of polarons in the 
Feynman—Hellwarth—Iddings—Platzman approximation. Physical 
Review B 5: 2367—2381)) for different values of the electron— 
phonon coupling constant a. The peaks are labeled in the picture 
according to their physical origin as discussed in the text. A 6-like 
central peak is schematically shown by a vertical line. 


It is remarkable that from [7] the three different 
kinds of polaron excitations appear in the calculated 
optical absorption spectra for polarons at a = 5: 


e scattering states where, e.g., one real phonon is 
excited (the structure starting at w = 1); 

e relaxed excited state (RES); 

e Franck—Condon (FC) states. 


Besides that, at zero temperature, the optical 
absorption spectrum for one polaron contains a 
central peak [~6(w)] at the origin. For nonzero 
temperature, this central peak smears out and 
the optical absorption spectrum consists of both a 
broad envelope and an anomalous Drude-type 
low-frequency component. 

For example, in Figure 4 the main peak of optical 
absorption for a = 5 at w = 3.51 is interpreted as due 
to transitions to RES. The shoulder at the low- 
frequency side of the main peak is attributed to one- 
phonon transitions to scattering states. The structure 
centered at about w = 6.3 is attributed to a FC band. 
As seen from Figure 4, when increasing the electron— 
phonon coupling constant to a = 6, the RES peak at 
w=4.3 becomes very intense compared with the 
FC peak centered at w = 7.5. 

The free-carrier polaron effects were revealed 
through measurements of optical constants, of cyclo- 
tron resonance and of mobility in semiconductors 
and insulating photoconductors. Experimentally, 
only the scattering states have been seen for free 
polarons. However, the full structure of eqn [7] 
has been revealed through cyclotron resonance 
measurements. 


Magneto-absorption of Polarons 


Polaron Cyclotron Resonance 


A polaron in a magnetic field is referred to as a 
magnetopolaron. The most powerful technique to 
study the electron-phonon coupling in semiconduc- 
tors is cyclotron resonance. Changing the magnetic 
field B allows one to vary the cyclotron frequency 
@, = eB/my,c. When it is brought closer to resonance 
with the phonon frequency wo, a strongly renorma- 
lized magnetopolaron state is formed. This results in a 
splitting of the cyclotron resonance, which is a 
measure of the electron-phonon (polaron) coupling 
constant a. 

A theory of the polaron effects in cyclotron 
resonance was proposed by Larsen. In particular, 
the variational approach of Larsen is based on an 
intermediate-coupling theory to calculate the energy 
levels (modified Landau levels) of a polaron in a 
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magnetic field. The polaron mass is then defined from 
the energy differences between the polaron (Landau-) 
energy levels. 

A rigorous way to find the polaron cyclotron mass 
is to calculate the magneto-optical absorption spec- 
trum of the polaron (the quantity which is actually 
measured) and to define the polaron mass, in the same 
way as the experimentalists do, from the peak 
positions in the spectrum. The magneto-optical 
absorption of polarons for all a and a at T = 0 was 
calculated by Peeters and Devreese. They extended 
the memory-function formalism described above to 
study the response of a polaron in a magnetic field. 
The magneto-absorption was then obtained from 





lim Re Z=ortie [14] 


1 
0 J — Ww — XZ) 
where w, = eB/m, is the cyclotron frequency for a 
rigid-lattice band mass m,, and =(z) is the memory 
function, which takes into account all the polaron 
internal states as well as all the Landau levels and 
depends on the coupling constant @ and on the 
magnetic field. The explicit results for }(z) depend on 
the optimal parameters of the anisotropic Feynman 
polaron model, which are found by a variational 

calculation of the polaron ground-state energy. 
At T=0 and when w< 1, it follows that 
Im>(@) = 0. According to eqn [14], the position of 
the cyclotron resonance line is determined by the 
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equation w— w, — (w) = 0. If solutions of this 
equation are denoted as w=, then the polaron 
cyclotron mass m, is calculated from the relation 
we = eBlmy. 


Cyclotron Resonance of Polarons in Silver Halides 


In pioneering experimental studies, Brown and co- 
workers have combined mobility experiments and 
cyclotron resonance measurements to clearly demon- 
strate the polaron effect in AgBr. From a theoretical 
plot of polaron mobility versus band mass compared 
to experimental Hall mobility data at a given 
temperature, they estimate the band mass. 
This allows them to calculate a and the polaron 
mass m’. This value of m”™ can then be compared to 
the measured cyclotron mass in order to test the 
polaron theory. For AgBr, the experimental value 
mlm, = 0.27 £0.01 obtained from the cyclotron 
resonance at millimeter wave frequencies and at 18 K 
is shown to agree well with the value m"/m, = 
0.27 + 0.05 determined by comparison of mobility 
experiment and theory. 

Precise cyclotron mass measurements in AgBr and 
AgCl covered the range from zero magnetic field to 
16 T (see Figure 5). Several polaron theories were 
compared in analyzing these experimental data. It 
should be pointed out that the weak-coupling theories 
(Rayleigh-Schrédinger perturbation theory, 
Wigner-Brillouin and its improvements) fail (and 
are all off by at least 20% at 16 T) to describe the 
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Figure 5 The polaron cyclotron mass in AgBr (a) and in AgCl (b): comparison of experiment and theory. Larsen: (Larsen D (1974) 
Journal of Physics C7: 2877-2889); PD: (Peeters FM and Devreese JT (1986) Physical Review B 34: 7246-7259) (P) — with parabolic 
band, (NP) — with corrections of the two-band Kane model. In each case the band mass was adjusted to fit the experimental point at 
525 GHz. (Reproduced with permission from Hodby JW, Russell G, Peeters F, Devreese JT and Larsen DM (1987) Cyclotron resonance 
of polarons in the silver halides. Physical Review Letters 58: 1471-1474). ©(1987) American Physical Society. 
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experimental data for the silver halides. The vari- 
ational approach by Larsen underestimates the 
polaron cyclotron mass by 2% at 15.3 T. It turns 
out that the magneto-absorption calculated by 
Peeters and Devreese leads to the best quantitative 
agreement between theory and experiment as was 
analyzed for AgBr and AgCl. This analysis provides 
a clear confirmation of the Fréhlich description of 
the polaron in the case where weak-coupling 
approximations are adequate. 


Cyclotron Resonance of Polarons in CdTe 


The early infrared transmission study of hydrogen- 
like shallow donor impurity states in n-CdTe was 
reported by Cohn, Larsen and Lax (see Figure 6). 
By studying the Zeeman splitting of the (ls— 
2p,m = +1) transition in the Faraday configuration 
at magnetic fields up to ~160 kOe, they performed 
the first quantitative determination of polaron 
shifts of the energy levels of a bound electron. 
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Figure 6 Plot of the experimentally determined magnetic field 
dependence of the (1s— 2p,m= +1) transition frequencies in 
n-CdTe. The solid lines represent the theoretical results for the 
effects of the electron—LO-phonon interaction upon the shallow 
donor impurity levels. a treated as a fitting parameter is taken to be 
0.4. (Reproduced with permission from Cohn DR, Larsen DM and 
Lax B (1972) Polaron Zeeman effect in CdTe. Physical Review B 
6: 1367-1374). ©(1972) American Physical Society. 


The experimental data were shown to be in good 
agreement with the weak-coupling theory of the 
polaron Zeeman effect. In this comparison, however, 
the value a= 0.4 was used instead of a= 0.286, 
which comes from the definition [1]. Similarly, the 
value a ~ 0.4 was suggested to explain the measured 
variation of the cyclotron mass with magnetic field 
in CdTe. This discrepancy gave rise to a discus- 
sion where important contributions have been, in 
particular, due to Harper and Zawadzki. 

Grynberg et al. applied the far-infrared photocon- 
ductivity technique to study the energy spectrum of 
shallow In donors in CdTe layers and obtained 
experimental data over the energy range relevant to 
study the magnetopolaron effect, as shown in 
Figure 7. An overall good agreement is found between 
experiment and the theoretical approach, where 
the electron—phonon interaction is treated within a 
second-order improved Wigner-Brillouin pertur- 
bation theory and a variational calculation is 
performed for the lowest-lying donor states (1s, 
2p, 2s, 2p,, 3d~7, 4f—°). It is to be stressed that 
this agreement is achieved with the coupling constant 
a = 0.286 as follows from eqn [1] with the known 
material parameters of CdTe. 
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Figure 7 Plot of the experimentally determined magnetic field 
dependence of the 1s— 2p*' transition energies in CdTe layers 
grown by molecular beam epitaxy. The solid lines represent 
the results of the calculation described in the text without any fitting 
parameters. The solid dots are the experimental data of the present 
work and the open circles represent the data of Cohn, Larsen 
and Lax. (Reproduced with permission from Grynberg M, Huant S, 
Martinez G, ef al. (1996) Magnetopolaron effect on shadow 
indium donors in CdTe. Physical Review B 54: 1467-1470). 
©(1996) American Physical Society. 
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Figure 8 The cyclotron resonance position plotted as a function 
of magnetic field for InSe. (Reproduced with permission from 
Nicholas RJ, Watts M, Howell DF, et al. (1992) Cyclotron 
resonance of both magnetopolaron branches for polar and 
neutral. Physical Review B45: 12144-12147). ©(1992) American 
Physical Society. 


Polarons in the Layered Compound InSe and in 
Superlattices 


Nicholas et al. provided a clear demonstration of the 
polaron coupling by the cyclotron resonance in a two- 
dimensional electron gas (2DEG), which naturally 
occurs in the polar semiconductor InSe. One clearly 
sees, over a wide range of magnetic fields (B = 18-34 
T), the two distinct magnetopolaron branches separ- 
ated by as much as 11 meV (~0.4@,;) at resonance 
(Figure 8). The lines show the results of theoretical 
calculations for coupling to the LO phonon in bulk 
(3D), sheet (2D) and after correction for the quasi-2D 
systems at a = 0.29 (for motion perpendicular to the 
c-axis). The agreement is reasonable for the 3D case, 
and is better for the quasi-2D system, where the finite 
spatial extent of the 2D electron gas in the symmetric 
planar layer is taken into account. 

For GaAs/Al,Ga;—-,As quantum wells and super- 
lattices, the polaron effect is found to decrease the 
energy of the shallow donor states at low magnetic 
fields and to lead to a resonant splitting of the energies 
at high magnetic fields. The results are in very good 
agreement with available experimental far-infrared 
optical data in the whole magnetic-field range. 


Optical Properties of Quantum Dots: 
Effects of the Polaron Interaction 
In order to interpret the phonon-assisted optical 


transitions in semiconductor quantum dots, a theory 
was developed by Fomin, Gladilin, Devreese et al. 
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Figure 9 Fluorescence spectra of CdSe quantum dots with 
wurtzite structure at the average radius (R)=1.25nm. The 
dashed line represents the experimental data of Nirmal M, Murray 
CB, Norris DJ and Bawendi MG (1993) Z. Phys. D26: 361 —363, the 
dot-dashed line displays a Franck—Condon progression with the 
Huang—Rhys parameter S = 0.06 calculated using the adiabatic 
approximation, the dotted line shows another Franck—Condon 
progression with the Huang—Rhys parameter S = 1.7, which is 
obtained by fitting the ratio of one-phonon and zero-phonon peak 
heights to the experimental value, and the solid line results from the 
nonadiabatic theory. (Reproduced with permission from Fomin 
VM, Gladilin VN, Devreese JT, et al. (1988) Photoluminescence of 
spherical quantum dots. Physical Reviews B 57: 2415-2425). 
©(1998) American Physical Society. 


comprising the exciton interaction with both adia- 
batic and Jahn-Teller phonons, and also the 
external nonadiabaticity (pseudo-Jahn—Teller effect). 
The effects of nonadiabaticity of the exciton—phonon 
system are shown to lead to a significant enhancement 
of phonon-assisted transition probabilities and to 
multiphonon optical spectra which are considerably 
different from the Franck—Condon progression (see 
Figure 9). The calculated relative intensity of the 
phonon satellites and its temperature dependence 
compare well with the experimental data on the 
photoluminescence of CdSe quantum dots, both 
colloidal and embedded in glass. These results clearly 
demonstrate a breakdown of the adiabatic approxi- 
mation when describing the polaron interaction in 
quantum dots. 
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Figure 10 Experimental and theoretical conductivity data at 
250K for PraNiO4.22 and four contributions to the theoretical 
curves resulting from the transitions between the following polaron 
states: a; — small— small; o2 — large— small; o3 — small — 
large; o4 — large — large. (Reproduced with permission from 
Eagles DM, Lobo RPSM and Gervais F (1995) Infrared absorption 
in oxides in the presence of both large and small polarons. 
Physical Review B 52: 6440-6450). ©(1995) American Physical 
Society. 


Small Polarons 


An electron or a hole trapped by its self-induced 
atomic (ionic) displacement field in a region of linear 
dimension, which is of the order of the lattice 
constant, is called a ‘small polaron’. As distinct 
from large polarons, small polarons appear due to 
short-range forces. 

Experimentally small-polaron effects have 
been analyzed, e.g., in KCl, Lik, NiO, MnO, 
TiO, BaTiO3, SrTiO3, LaCoO3. More recently, 
Alexandrov and Mott (1996) surveyed both the 
principles and the main results of the small-polaron 
theory in the context of the (bi)polaronic approach to 
describe the physics of high-T, superconductors. 

Spectroscopic manifestations of both large and 
small polarons have been found by Eagles et al. in the 
infrared optical absorption spectra of Pr2NiO4.2>. 
The infrared reflectivity spectra on a crystal of 
this material were measured between 30 and 
20000 cm’. Mid-infrared conductivity data for 
frequencies between 1000 and 16000cm ! were 
obtained by Kramers—Kronig transformation of 
those reflectivity spectra. The resulting optical 
absorption spectrum was quantitatively interpreted 
(see Figure 10) using the assumption that in 
Pr,sNiO4.22 two types of polarons, small and 
large, coexist but do not mix with each other. 


The contribution due to the transitions between the 
large-polaron states, which dominates the absorption 
in the low-frequency region, was calculated using the 
arbitrary coupling theory by Devreese et al. for the 
coupling constant a = 3. 

In summary, the polaron concept has been proven 
to be one of the corner-stones of modern solid-state 
optics. 


Acknowledgments 


This work has been supported by the BOF NOI 
(UA-UIA), GOA BOF UA 2000, TUAP, FWO-V 
projects G.0287.95, 9.0193.97, G.0274.01 and the 
W.O.G. WO.025.99N (Belgium). 


See also 


Semiconductor Materials: Quantum Dots. 


Further Reading 


Alexandrov AS and Mott N (1996) Polarons and 
Bipolarons. Singapore: World Scientific. 

Devreese JT (ed.) (1972) Polarons in Ionic Crystals and 
Polar Semiconductors. Amsterdam: The Netherlands 
North-Holland. 

Devreese JT (1996) Polarons. In: Trigg GL (ed.) Encyclo- 
pedia of Applied Physics, vol. 14, pp. 383-413. 
Weinheim: VCH. 

Devreese JT, De Sitter J and Goovaerts M (1972) Optical 
absorption of polarons in the Feynman—Hellwarth- 
Iddings—Platzman approximation. Physical Review B 5: 
2367-2381. 

Feynman RP (1955) Slow electrons in a polar crystal. 
Physical Review 97: 660-665. 

Kartheuser E, Evrard R and Devreese J (1969) Mechanism 
of absorption of light by free continuum polarons. 
Physical Review Letters 22: 94-97. 

Kuper CG and Whitfield GD (eds) (1963) Polarons and 
Excitons. Edinburgh, UK: Oliver and Boyd. 

Landwehr G and Rashba EI (eds) (1991) Landau Level 
Spectroscopy, 2 vols. Amsterdam, The Netherlands: 
North-Holland. 

Peeters FM and Devreese JT (1986) Magneto-optical 
absorption of polarons. Physical Review B 34: 
7246-7259. 

Pekar SI (1951) Issledovanija po Ekektronnoj Teorii 
Kristallov. Moscow: Gostekhizdat (in Russian); 
German translation: (1954) Untersuchungen iiber 
die Elektronentheorie der Kristalle. Berlin: Akademie 
Verlag. 


SEMICONDUCTOR PHYSICS / Quantum Wells and GaAs-Based Structures 9 





Quantum Wells and GaAs-Based Structures 


P Blood, Cardiff University, Cardiff, UK 


© 2005, Elsevier Ltd. All Rights Reserved. 


Introduction 


A quantum well is a potential minimum within a 
semiconductor structure which is sufficiently thin to 
localize charge carriers on a length-scale similar to 
their de Broglie wavelength which, for an electron in 
GaAs at room temperature, is about 30nm. 
When electrons are localized in this way their 
electronic and optical properties are determined by 
quantum mechanical aspects of their behavior which 
are not apparent in larger-scale structures. The 
potential well is usually formed by a sandwich of 
a thin layer of narrow-gap semiconductor between 
two layers of a wider gap material as depicted in 
Figure 1. Typical quantum wells have widths of 
about 5 nm and the key to their routine production 
has been the development of advanced epitaxial 
semiconductor crystal growth techniques such as 
metalorganic vapor phase epitaxy (MOVPE) 
and molecular beam epitaxy (MBE). The most 
significant application of these structures has been 





Material A 
A 
Electron 
energy 
Distance 
Figure 1 Electron energy diagram illustrating the formation of a 


potential well by sandwiching a layer of narrow gap semiconductor 
material (B) between two wider gap layers (A). 


in opto-electronic devices, especially laser diodes, 
and in this article I describe how electrons behave in 
quantum wells with particular reference to optical 
properties. 

The optical properties of semiconductors are 
usually considered in terms of transitions of elec- 
trons between quantum mechanical energy levels, as 
in the Bohr atom. An alternative description is to 
consider the spatial displacement of electrons in the 
oscillating electric field of the electromagnetic 
radiation. These two descriptions are linked through 
Schrédinger’s equation. For each energy state there is 
an associated wavefunction which determines the 
spatial probability distribution of electrons in the 
state. Consequently, a change in quantum state 
implies a change in spatial distribution and energy 
of the electron system. Both approaches are used: 
here I adopt the viewpoint of transitions between 
energy states. 

We begin with a quantum mechanical description 
of electrons in a ‘bulk’ material, as appears in many 
textbooks. Here electrons are constrained by a three- 
dimensional potential well of extent given by the 
sample dimensions, typically millimeters or centi- 
meters and therefore large compared with the de 
Broglie wavelength. Then we examine what happens 
when the size of the sample is reduced in one 
direction: in the limiting case of a quantum well 
electrons are able to move in only two directions. 
Quantum confinement is also possible in two or three 
dimensions to produce a quantum wire or quantum 
dot, respectively, and it is easy to use the concepts 
developed in this article to determine the properties of 
such systems. 


Electron States in Bulk Material 


We first consider the behavior of an electron in one 
direction (the x-direction) within a potential well 
with large dimensions (side length L), then general- 
ize this to three directions (see Figure 2). The 
wavefunction yw, and energy E,, (measured with 
respect to the bottom of the well) are given by 
solutions of Schrédinger’s equation, which within 
the well is: 


n> d? Ur, 


2m dx 





=E, [1] 


It is assumed that the potential is infinitely deep 
compared with the energy of the electrons. 


' 
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Note the spirals of conductive carbon. 
The number of spirals has nothing to with the resistance. 
It is the amount of carbon particles in the "track" that 
determines the resistance. It is also the thickness and width 
of the track that determines the resistance. 
And then it is the overall size of the resistor that determines the wattage. 
And then the size of the leads, the closeness to the PCB and 
the size of the lands that eventually determines how hot the resistor 
will get. 


Clean the "spot" (burnt section of the spiral) very carefully and make sure you can 
get a good contact with the spiral and the tip of your probe. Measure from one lead 
of the resistor to the end of the damaged spiral. Then measure from the other lead 
to the other end of the spiral. 

Add the two values and you have an approximate value for the resistor. You can add 
a small amount for the damaged section. 

This process works very well for damaged wire-wound resistors. They can be pulled 
apart and each section of the resistance-wire (nichrome wire) measured and added 
to get the full resistance. 


There is another way to determine the value of a damaged resistor. 

Get a set of resistors of the same wattage as the damaged component and start with 
a high value. It's handy to know if the resistor is in the range: 100hm to 1000hms or 
1k to 10k etc, but this is not essential. 

Start with a very high value and turn the circuit ON. You can perform voltage tests 
and if you know the expected output voltage, decrease the resistance until this 
voltage is obtained. 

If you do not know the expected voltage, keep reducing the value of resistance until 
the circuit works as designed. 

This is the best advice in a situation where you do not know the value of a resistor. 


There is a third way to determine the value and this requires measuring the voltage 
drop across the resistor and the current-flow. By multiplying the two you will get a 
wattage and this must be less than the wattage of the resistor being replaced. 


TESTING POTENTIOMETERS (variable resistors) 


To check the value of a variable resistor, it should be removed from circuit or at least 
2 legs should be removed. A Rheostat is a variable resistor using only one end and 
the middle connected to a circuit. 

The resistance between the two outside pins is the value marked on the component 
and the centre leg will change from nearly zero to the full resistance as the shaft is 
rotated. 

"Pots" generally suffer from "crackle" when turned and this can be fixed by spraying 
up the shaft and into the pot via the shaft with a tube fixed to a can of "Spray- 
lubricant" (contact cleaner). 

"Pre-set pots" and "trim pots" are miniature versions of a potentiometer and they are 
all tested the same. The photo shows a pot, two mini pots and 3 mini trim pots. 
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Figure 2. The properties of electrons in a large cubic sample (a) can be obtained by solving Schrédinger’s equation for the potential 
well formed by the sample in each direction (b). This potential well keeps the electrons within the material. The wavefunctions (x) 
shown in part (c) satisfy cyclic boundary conditions as described in the text, leading to a series of electron energy levels, E,, given by 


eqn [8], shown in (b) of the figure. 


Within the sample the electrons are described by 
plane waves of the form yw, = A,, sin(k,,x), where k,, 
is a wavevector (= 27/A,, where A, is the wave- 
length), and substitution into eqn [1] gives the 
corresponding energy eigenvalues as 


hh ke 


om [2] 





n 


where m is the mass of the electron. [Substituting 
E,, = kpT at room temperature (0.025 eV) and using 
an effective mass of 0.067, (for GaAs) in eqn [2] 


gives k,, = 2.1X 108 m™! and A = 30 nm.] Applying 
cyclic boundary conditions which permit traveling- 
wave solutions of eqn [1] the wavelength must 
satisfy the condition A, =nL, i.e. k, =2amn/L, 
as illustrated in Figure 2, where n is an integer. 
The dimensions of a typical sample are much 
greater than the ‘size’ of an electron so 1 can be a 
very large number. The energy eigenvalues are 
therefore given by 


(=) 3 
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This treatment can be extended by solving eqn [1] 
for motion in three orthogonal directions, x, y, and z. 
In this case electron motion is described by a 
wavevector k comprising components k,, ky kz, 
each of which satisfies the cyclic boundary condition 
in the respective direction. We take the sample to 
be of dimension L in each direction with no loss 
of generality. Thus (representing unit vectors by 
(x), etc.) 





k = k,{x) + ky(y) + R,(z) 





_ 2an, 27M, 27M, 
zr, +z M+ 7 [4] 
the energy is 
Ge 2 2 


and the wavefunction takes the vector form 
W(x) = Ag sin(k- r) [6] 


f(r) represents the probability of an electron being 
at the location r. Each allowed electron state 
obtained by solution of Schrédinger’s equation is 
specified by a unique combination of the numbers 
(1, ny nz), which take both positive and negative 
values corresponding to plane waves traveling in 
positive and negative directions. The Pauli exclusion 
principle states that only one electron of each spin 
can occupy a given quantum state so the amplitude 
of each wavefunction is normalized such that 


i Wr) dr = a sin(k-r)/’ dr = 1 [7] 


where the integrals are evaluated over the volume of 
the sample. Since the amplitude of these solutions is 
constant throughout the sample electrons may be 
anywhere in the sample with equal probability. The 
motion of an individual electron of momentum fk is 
represented by a wavepacket formed by combination 
of a number of wavefunctions having similar values 
of k. 

Because the sample dimensions are large the 
energies of the states allowed by Schrédinger’s 
equation take a series of very closely spaced values 
for increasing integer values of m as shown in 
Figure 2b. Substituting a typical sample size of L = 1 
mm into eqn [3], the 7 = 1 and 2 states are separated 
by only 7X 10~!! eV in GaAs and these values are 
very small compared with thermal energies: at room 
temperature, kpT = 0.025 eV. The allowed values of 
k and E are discrete and there is a finite but very large 
number of allowed states in the sample. Since these 


are very closely spaced we can regard k and E as 
continuous variables and the allowed energy states 
form a continuum. We can calculate the number of 
allowed energy states dN in a small energy interval, 
dE, and hence determine the density of states in 
energy g=(dN/dE) (the number per unit energy 
interval) at any value of energy. 


Electron States in Quantum Wells 


Now imagine a sample where the length of one side is 
reduced in the z-direction (L,), as illustrated in 
Figure 3. Gradually the allowed values of k, become 
more widely spaced as a consequence of the boundary 
conditions (eqn [4]). Eventually the width of the 
potential well becomes similar to the wavelength of 
the plane-wave state corresponding to the lowest 
energy level in the well. In these circumstances 
electron motion is not possible in the z-direction 
and the wavefunctions become standing waves with 
boundary conditions n(A,/2) = L, in an infinitely 
deep potential (where 1, takes only positive values) 
and the amplitude of the wavefunction outside the 
well must be zero. The lowest energy state, given by 
eqn [5] with 2, =n, = 1, = 1, no longer lies near the 
bottom of the potential well. Since the energies 
associated with motion in the x and y directions 
remain very small (of order 10° '° eV derived earlier) 
because L, and Ly are large, the energy of the lowest 
state is effectively determined by the z-dimension 
because it is very small, so eqn [5] gives 


h2 2 
=. [8] 
2m\ L, 





for the lowest energy state in the well. For L, = 5 nm 
(and m= 0.067) FE, is 0.22 eV above the bottom of 
the well. Equation [8] shows that this energy can be 
changed by choice of the well thickness. A simple 
interpretation of this behavior is as follows. When L, 
becomes very small it is no longer possible for the z- 
component of the wavefunction of the lowest energy 
state to satisfy the boundary condition of zero 
amplitude at opposite sides of the sample. The 
condition can only be satisfied by wavefunctions 
which have a smaller wavelength, and consequently a 
higher energy. 

Electrons can occupy states defined by all values of 
(ny ny nz), thus for n, = 1 there is a continuum of 
allowed states at increasing energies corresponding to 
increasing values of (,n,) and corresponding to 
motion in the (x, y) plane (Figure 4a). Since L,. and Ly 
are both large these states are closely spaced and form 
a continuum. There is a similar continuum of energy 
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Figure 3 Electron energy diagram (b) for a sample (a) in which one dimension, L;, is very small. The electron motion in the z-direction 
is constrained and the associated energy levels become widely spaced, defined by the integers n,=1,2,... in eqn [8]. The 
wavefunctions in the z-direction, (2), are also illustrated for the first two electron levels. 
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Figure 4 (a) Electron energy diagram showing the energy states associated with unconstrained motion in the (x, y) plane for each 
sub-band formed by localizing the electrons in the z-direction, defined by n, = 1, 2,3, etc. When all these allowed states are summed at 
any energy and expressed as a number of states per unit energy interval we obtain the density of states function gop(E) shown in (b). 


This has a series of steps corresponding to each sub-band edge. 
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states above the energy levels for n, = 2,3, etc. Thus 
the energy level diagram is a series of sub-bands, each 
defined by n, and with a continuum of states 
associated with motion in two dimensions in the 
(x,y) plane, as shown in Figure 4. The number of 
continuum energy states in a given sub-band in a 
small energy interval gives the density of states for 
both spin directions 


gp(E) = 2 [9] 


per unit energy interval per unit sample area. 


The density of states is independent of m, and 
therefore the same for all sub-bands, and is indepen- 
dent of energy. The density of states function is 
therefore a series of steps of height given by eqn [9] at 
each sub-band energy as illustrated in Figure 4b. The 
density of states per unit area within a given sub-band 
is independent of L, as a consequence of dealing with 
a two-dimensional system. 

In real samples the quantum well is not infinitely 
deep: typically the well depth is in the range 100- 
400 meV, consequently electrons are not totally 
confined to the well but are able to penetrate into 
the barrier material by quantum mechanical tunnel- 
ing. Solution of Schrédinger’s equation for a finite 
well (treated in many quantum mechanics textbooks) 
again yields a series of sub-bands, finite in number 
and with an energy spacing smaller than that given by 
eqn [8]. In a typical GaAs well the lowest energy state 
may be about 100 meV from the bottom of the well. 
The density of states in each sub-band, which is due to 
the (x, y) motion, remains unchanged. The wavefunc- 
tion in the z-direction F(z) comprises a sine wave-like 
standing wave within the well and an exponentially 
decaying wave in the barrier representing tunneling 





(Figure 5). The wavefunction is therefore made 
Electron 
energy 
Fiz) 
E, (9,= 1) 
la 
Distance, z 
Figure 5 Illustration of the envelope wavefunction F(z) in the z- 


direction for an electron localized in the n, = 1 sub-band of a well 
of finite depth. The electron is able to penetrate the barrier by 
tunneling and this is represented by the decaying part of the 
wavefunction outside the well. 


up of (x, y) plane-wave components and the localized 
z component and is of the form 


W,(r) = Ag sin(k,, + ty) F(Z) [10] 
where k,, and r,) are the wavevector and position 
vector in the (x, y) plane. This wavefunction is again 
normalized according to eqn [7] such that each state 
is occupied by one electron of a given spin direction. 
We see from Figure 5 that we cannot regard the 
electron as being localized in the well: the electron 
distribution in the z-direction is specified by the 
probability distribution F(z). 


Occupancy of States in Quantum Wells 


The density of states function describes the energy 
distribution of allowed states in the quantum well. 
Whether or not particular states are occupied by 
electrons is determined by the electron concentration 
and the temperature through the thermodynamic 
properties of the system. In most cases electron— 
electron scattering is sufficiently rapid to bring the 
electron population into an internal equilibrium. 
Furthermore the interaction between the electrons 
and the crystal lattice is able to redistribute energy 
between the two systems so that the lattice and the 
electron distribution have the same temperature. The 
electron distribution can therefore be described by 
Fermi-—Dirac statistics for which the probability of a 
state at energy E being occupied with an electron is 


1 
E-E 
1 texpl k =| 
B 


where Es is the chemical potential (which can be 
equated with the Fermi level for electrons), T is the 
lattice temperature and all energies are positive 
quantities measured with respect to the same arbi- 
trary zero. The energy distribution of electrons in the 
well, 7(E), is then the product of the density of states 
function, g2p(E), and the occupation probability, 
f(E), as depicted in Figure 6. The total number of 
electrons, 1, is the integral over energy. Combining 
eqns [9] and [11], for a single sub-band gives: 


[11] 





f(E) = 








per unit area, single sub-band. 


We cannot specify the carrier density in the well ‘per 
unit volume’ since the extent of the distribution in 
the z-direction is not defined because electrons 
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Figure6 (a) The density of states function for a quantum well, with the value of gop(E) on the horizontal axis indicating how the density 
of states varies with increasing electron energy. (b) is an illustration of the probability that a state is occupied by an electron, showing 
how fE) varies with increasing electron energy, given by eqn [11]. The actual density of electrons in a given energy interval at any 
energy n(E) is given by the product of the density of available states and the probability that the state is occupied as shown in (c). 
The integral of n(E) over energy gives the total density of electrons given for each sub-band by eqn [12]. 


may tunnel into the barrier material. The electron 
distribution is properly specified as a number per unit 
area having a probability distribution in the z- 
direction given by the function F(z). Where more 
than one sub-band is populated the total electron 
density is obtained by adding the contributions from 
each sub-band each given by eqn [12] with the same 
Fermi energy and the appropriate sub-band energy. 
We always use Fermi factors to specify the probability 
of occupation of a state by an electron. The 
probability that a state is empty is (1 — f). 


Formation of Quantum Wells 


A quantum well is formed by sandwiching a narrow 
gap semiconductor layer (E,;) between two layers of 
wider gap material (E,). To avoid the formation of 
defects and dislocations, which have a deleterious 
effect on many properties of the structure, the 
constituent materials must have the same lattice 
parameter. Figure 7a is an energy band diagram for 
an n-type double heterostructure with layers of 
micron dimensions. At each interface there are 
discontinuities in the conduction and valence bands, 
AE, and AE,, respectively, which account for the 
difference in the band gaps of the two materials, AF,. 


While the value of AE, is known for any system, the 
manner in which this difference is apportioned 
between the two band edges is not known a priori 
and the values of AE, and AE, must be obtained from 
experiment. The discontinuities are often expressed 
as fractions O., O, of the band gap difference: 
AE. =Q.AE,,  AE,=Q,AE, [13] 
In equilibrium the Fermi energy is constant across the 
diagram and there is a band-bending region on each 
side of the discontinuity such that the conduction 
band edges return to their equilibrium energy values 
at large distances from the interface. The extent of 
these regions is determined by the discontinuity and 
the doping level and is typically 200-1000 nm. At 
each single interface a triangular well is formed which 
localizes electrons and whose precise shape is 
determined by the doping density, the carrier distri- 
bution and discontinuity through simultaneous sol- 
ution of Schrédinger’s equation and Poisson’s 
equation. Single heterointerfaces only localize the 
majority carrier. Quantum confinement of both types 
of carrier can be achieved by a very thin narrow gap 
semiconductor layer. 
When the layer of narrow gap material is 
made thinner than the band-bending regions, the 
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Figure 7 Electron energy diagrams showing the formation of a quantum well as a very thin double heterostructure made up of 
materials of band gaps E,; and Ego. When the layers are thick the energy diagram is influenced by band bending at the interfaces as 
shown in (a). When the narrow gap layer is made thinner than the band-bending distances a rectangular well is formed in the conduction 
and valence bands with depths determined by the respective band offset as shown in (b). On the small distance scale of the well the 


bands are flat in each region of the structure. 


conduction band edge in this layer is not able to 
regain its bulk equilibrium position and the two 
triangular wells coalesce as illustrated in Figure 7b. 
When the well is sufficiently thin, say L, less than 
20 nm, the band-bending across this layer is negli- 
gibly small and the well becomes effectively rectangu- 
lar. This well accumulates electrons from the 
surrounding barrier material and its potential relative 
to the Fermi level rises such that there is band bending 
in the barrier material on each side of the well 
inhibiting further accumulation. Since the band 
bending in the barrier occurs on a distance of 


hundreds of nanometers (being determined by the 
doping density) it is not apparent over the distance 
scale of the diagram of the quantum well, which is on 
the order of 10 nm. Consequently, as shown in 
Figure 7b, the well can be drawn as a rectangle to a 
good degree of approximation. This thin, narrow gap 
layer localizes both electrons and holes. The form of 
the well is determined by the respective band 
discontinuities, AE, and AE,, and the thickness of 
the layer. 

Potential wells formed in this way are the basis 
for most quantum-confined device structures. 
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Other forms are possible. In certain material combi- 
nations AE. or AE, may be negative, meaning that, at 
the interface, both discontinuities are in the same sense 
and only one carrier type is confined in the thin narrow 
gap material. These are known as ‘type II’ structures. If 
there is an electric field across the well due to doping or 
strain (piezoelectric) effects the well becomes triangu- 
lar. Wells can also be engineered with steps in the 
potential profile and multiple well systems can be 
grown in which the states are quantum mechanically 
coupled. All these variants provide opportunities to 
engineer the properties of the structure. 

One important development of the rectangular 
quantum well deserves mention. It is possible for 
the well material to have a different lattice 
parameter to that of the surrounding barrier 
material provided that the strain energy can be 
accommodated elastically within the structure. This 
means that the strain energy in the layer must be 
below the energy necessary for formation of 
dislocations and this translates into an upper limit 
on the layer thickness (the critical thickness) for a 
given mismatch. Incorporation of elastic strain is 
significant because relaxing the lattice match 
requirement widens the choice of well and barrier 
materials and because strain modifies the properties 
of the electronic states in the quantum well and 
these effects can be used to advantage in the design 
of devices. 

Here we concentrate on the rectangular potential 
well. Such wells are widely used, particularly in 
opto-electronic devices, and this structure provides 
the basic concepts which lie at the heart of all 
quantum-confined systems. We consider the ‘model’ 
lattice-matched quantum well system: a GaAs well 
bounded by AlGaAs barriers. 


GaAs/AlIGaAs Quantum Well 
Structures 


As Al is substituted for Ga in the Al,,Ga,_,As alloy 
system the direct band gap increases from 1.424 eV in 
GaAs (x = 0) to 3.018 eV in AlAs (x = 1) (Figure 8) 
while the lattice parameter remains unchanged. A 
quantum well is formed using a narrow GaAs layer 
sandwiched between barrier layers of Al,.Ga,_,As 
having a composition chosen to give the desired 
well depth. The whole structure is grown on a 
GaAs substrate. The band discontinuity ratio 
between GaAs and Al,Ga,_,As is independent of 
alloy composition (AE, and AE, are constant frac- 
tions of AE, as x is varied) with OQ, = 0.66 and 
O, = 0.33. For a typical barrier composition of 
x = 0.3,AE,=0.374eV and AE, and AE, are 
0.247 eV and 0.127 eV, respectively. 


3.0 3.018eV 
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Figure 8 Variation of the direct band gap of Al,Gay;_)As with 
Al content (x). 


Optical Properties of AlGaAs/GaAs 
Quantum Wells 


General Principles 


Figure 9 illustrates a transition of an electron between 
an occupied state at FE; in the n, = 1 sub-band in the 
conduction band and an empty state (i.e., a hole) at 
Ey in the ,=1 sub-band in the valence band, 
resulting in emission of a photon of energy hy= 
E, — E, as required by energy conservation. This is 
the process of luminescence (or spontaneous emis- 
sion), which requires external excitation such as 
illumination (photoluminescence) or biasing a p-n 
junction (electroluminescence, as in a light-emitting 
diode). Alternatively, incident light may promote an 
electron from an occupied state in the valence band to 
an empty state in the conduction band with the 
consumption of the energy of a photon. This is the 
process of optical absorption. 

At typical temperatures the electrons and holes are 
at energies near to their respective band edges so the 
photon energy hv is close to the separation of the 
n, = 1 sub-bands. Since these energies are determined 
by the well width it is possible to change the photon 
energy for emission or absorption by changing the 
well width. As the well width is reduced the energy 
separation increases and the wavelength of light 
emitted by the structure is reduced. This ability to 
engineer the emission wavelength by simply adjusting 
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Figure 9 |Ilustration of a downward optical transition of an electron from a state in the n, = 1 conduction sub-band to an empty state 
(hole) in the n, = 1 valence sub-band resulting in emission of a photon of energy hv = E, — E,. The spatial probability distribution of the 
electron and hole is specified by their respective envelope functions F(z) and F(z) and the probability of the transition occurring is 


proportional to their overlap integral, eqn [14]. 


the well width, without changing the chemical 
composition of the constituent materials, is one of 
the major attractions of quantum-confined structures. 
The shortest wavelength possible for a given material 
combination is determined by the band gap of 
the wide gap barrier material alongside the well. 

The strength of the luminescence signal or the 
absorption is determined by the rates at which the 
electronic transitions occur. In general these rates 
are determined by the following intrinsic factors. 


1. The quantum mechanical probability of an 
electron making a transition between a full and 
an empty state. This depends upon the ‘matrix 
element’ for the transition, which is a fundamen- 
tal property of the well material and the overlap of 
the envelope functions. The electron and hole in 
the initial and final states must be in the same 
region of space and if the spatial distributions of 
electrons and holes, determined by F, and F,, do 
not overlap the probability for an electron to 
make a transition to the hole state is very low. The 
overlap is almost complete in a rectangular well 
(see Figure 9), but is only partial in a triangular 
well. The transition probability is proportional to 


2 
Loverlap = | | Fy (2) F(z) de} [14] 


2. The probability of occupation of initial and final 


states by electrons, specified by the Fermi factors 
(eqn [11]). The initial state must be occupied 
and the Pauli exclusion principle prohibits an 
electron entering a final state which is already 
occupied. Thus for a downward transition result- 
ing in emission of light the rate is proportional to 


{1 _ eae 


. The density of initial and final states (eqn [9]). The 


more states there are within a given small energy 
interval, the greater the emission rate per unit 
energy. 


. Photon distribution. For processes such as optical 


absorption, which are ‘induced’ by the presence of 
a photon, the transition rate is also proportional 
to the photon density in the region of the well. 
Because the electrons are not wholly localized in 
the well, and because the spatial extent of the 
optical field is larger than that of the carriers, the 
coupling between the photon field (intensity 
I,n(z)) and the carrier probability distributions is 
expressed as 


UROL OF de} 
coupling fI@ dz 





. Optical mode density. The emission rate also 


depends upon the density of optical modes 
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available to receive the recombination radiation. 
In most situations the emission occurs into the 
cavity of free space which is very large compared 
with the wavelength of the radiation so the modes 
are very closely spaced and the cavity can accept 
radiation at any transition energy (this is the well- 
known Raleigh—Jeans theory of cavity radiation). 
However, in some special situations the cavity has 
dimensions comparable with the wavelength of 
the radiation (microcavities) and then the modes 
are widely spaced. In such a microcavity, the 
optical cavity effectively controls the electronic 
transitions. 


Optical Absorption 


Figure 10 is an optical absorption spectrum for a 
GaAs quantum well measured with light incident 
normal to the plane of the quantum wells. A series of 
steps can be seen which correspond to absorption at 
increasing photon energy between increasing orders 
of sub-bands, E;.— E4,, Ex. — Epp, etc. Normally 
n,=1 to n,=2 transitions are forbidden in rec- 
tangular wells. At each step there is a pair of peaks 
(not always resolved) and above each step the 
absorption is roughly constant, following the step- 
like density of states function sketched in Figure 4. 
The peaks are due to the formation of excitons 
which are weakly bound electron-hole pairs. In 
bulk materials excitons are only observed at low 
temperatures whereas in quantum wells the locali- 
zation increases the binding energy (Ep x, typically 
6-8 meV) such that they are observed at room 
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Figure 10 Absorption spectrum of a multiple quantum well 
structure having 10 nm GaAs wells measured at room tempera- 
ture. The absorption edges corresponding to transitions between 
nz = 1,2, and 3 pairs of sub-bands can be identified. The peaks 
are due to absorption by formation of excitons. 


temperature. The excitonic peak is at an energy E,x 
below the sub-band separation. There are in fact two 
different kinds of electrons in the valence band with 
different masses so there are pairs of n, = 1,2,3,... 
sub-bands due to the different confinement energies 
for the different valence electrons. Spectra of this kind 
provided the first evidence for the distinctive sub- 
band structure of quantum well systems produced by 
carrier confinement. Absorption measurements pro- 
vide data on the energy spacing of the sub-bands in 
the well, and it is possible to determine the well width 
and depths, from which the band offsets can also be 
determined. 

The strength of the absorption is also of interest 
because it provides a measure of the optical matrix 
element if the Fermi factors f, and f, are known. If 
the incident optical beam is very weak such that the 
absorption process excites very few electrons then 
the system remains close to thermal equilibrium so 
the upper states are empty (f = 0) and the lower 
states are full (f, = 1). 

In bulk material the change in photon flux over a 
small distance Ax is proportional to the flux ® and the 
distance traveled 

A® = —®aAx [16] 
where a is the absorption coefficient which has 
units L~'. This results in an exponential decrease of 
photon flux with distance traveled through the 
material 

D(x) = By exp(— ax) [17] 
For a quantum well structure with light incident in 
the z-direction perpendicular to the plane of the 
quantum well, the fraction of light absorbed by a 
single well by transitions between a single sub-band 
pair (e.g., transitions between the 7, = 1 conduction 
and valence sub-bands) is independent of the thick- 
ness of the well because the density of states for a 
single sub-band is independent of well thickness. 
The strength of the absorption cannot be expressed 
by an absorption coefficient but by the fraction of 
light absorbed per well: 

Ad = —y,, © [18] 
This arises because the quantum well is effectively a 
sheet in the z-direction: changing its thickness 
does not change the density of states per unit area 
(eqn [9]) and we cannot specify the electron 
concentration along the z-direction. This behavior 
also occurs because the well is much thinner than the 
wavelength of the light and it is not possible to 
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specify the variation of photon flux on a distance 
scale smaller than the wavelength. The barrier 
material surrounding the well has a wider band 
gap and does not absorb at the photon energies 
absorbed by the well. The well thickness does affect 
the sub-band spacing and at a fixed photon energy 
the absorption increases as the well width is 
decreased as light is absorbed by transitions between 
more sub-bands. Equation [18] applies individually 
to each sub-band because the density of states is the 
same for each sub-band. 

In a multiple well system, the fraction of light 
transmitted through N independent wells is 


Ty ={1 — vq} [19] 


so the fraction of light absorbed by such a system is 


A® 


pe = TL - 1 wh |= Ne 


[20] 
which is proportional to the number of wells when 
Vy << 1. 

The fraction of light absorbed by transitions 
between a single pair of sub-bands for a rectangular 
GaAs quantum well is predicted to be about 0.01, 
and a similar value has been obtained from 
absorption measurements. In a rectangular well the 
envelope function overlap is complete; however, in a 
triangular well of the same material the absorption 
is reduced by the smaller overlap of the envelope 
functions. 


Photoluminescence and Spontaneous Emission 


We turn now to discuss the optical emission from 
quantum wells as a result of external excitation. An 
external light source with photon energy above the 
effective band gap produces excess electron—hole 
pairs by excitation of electrons from the valence 
band. These rapidly lose their excess energy and 
thermalize to the sub-band edges to take up 
Fermi energy distributions. The electrons sub- 
sequently recombine to vacant valence band states 
by spontaneous emission. The low energy edge of this 
spectrum corresponds to the sub-band separation and 
the shape of the spectrum at higher energies 
corresponds to the thermal distribution of carriers 
in the bands. At very low excitation intensities where 
the excess electron population is small the lumines- 
cence may be due to recombination of electrons 
within an exciton and occur at an energy E,x below 
the sub-band separation. Generally the sub-band 
separation is several kgT so only the lowest sub- 
band is populated and photoluminescence is not seen 


from higher sub-bands. In this respect absorption 
measurements provide a more complete characteriz- 
ation of the structure. 

While the energy position of features in the 
photoluminescence spectrum provides useful infor- 
mation, it is difficult to use the strength of the 
photoluminescence signal to provide quantitative 
information about the rate of optical transitions 
within the material because the excitation power 
and volume within the sample must be known and a 
known fraction of emitted light must be collected 
and measured with a calibrated detector. The 
relative intensity of photoluminescence under stan- 
dard conditions does provide comparative infor- 
mation and the linewidth of the spectrum at 
low intensity provides a qualitative indication of 
‘quality’ (e.g., well width variations in the struc- 
ture). A quantitative determination of the internal 
recombination rate can be obtained by measuring 
the decay of the luminescence signal following 
short-pulse excitation. Fuller discussion can be 
found in books dealing with the characterization 
of semiconductor structures. 


Concluding Remarks 


We have shown that an understanding of the 
electronic structure of quantum wells follows natu- 
rally from quantum mechanical treatments of elec- 
trons in bulk materials. When one of the dimensions 
of the structure is reduced to be similar to the de 
Broglie wavelength, quantization of the electron 
motion in this direction becomes apparent. The sub- 
bands which are formed have a profound effect on the 
electronic and optical properties when their spacing 
exceeds thermal energies such that only one band is 
significantly populated with carriers. The density of 
states function is a series of steps, each corresponding 
to a sub-band, and this produces characteristic step 
features in the optical absorption spectrum. The 
effective band gap of the structure is controlled by the 
width of the well. Quantum confinement also 
increases the binding energy of excitons compared 
with bulk materials and under low excitation 
conditions absorption and luminescence spectra are 
dominated by excitonic features even at room 
temperature. 

One of the most successful application areas of 
quantum well structures has been in laser diodes. 
Figure 11 shows experimental data for laser emis- 
sion wavelengths as a function of well width, 
showing the dramatic reduction which can be 
achieved simply by changing the width of the 
quantum well. Furthermore the step density of 





10-Turn POTs 

A 10-turn pot is one of the worst items to be designed. I remove them immediately 
from any design. 

You don't know the position of the wiper. You don't know which way you are turning 
the wiper and you can't remember which way you turned the post "the last time." 
The screwdriver always falls out of the slot. 

If you need fine adjustment, place fixed resistors on each side of the pot and use a 
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Figure 11 Measured values of the emission wavelength of 
GaAs/AlGaAs quantum well lasers as a function of well width, 
showing how the wavelength can be engineered by choice of the 
well width. Data from: squares: Woodbridge K, Blood P, Fletcher 
ED and Hulyer PJ (1984) Short wavelength (visible) GaAs 
quantum well lasers grown by molecular beam epitaxy. Applied 
Physics Letters 45: 16-18; and triangles: Chen HZ, Ghaffari A, 
Morkog H and Yariv A (1987) Effect of substrate tilting on 
molecular beam epitaxial grown AlGaAs/GaAs lasers having very 
low threshold current densities. Applied Physics Letters 51: 
2094-2096. 


states function, characteristic of quantum wells, is 
one of the fundamental reasons for the reduction in 
threshold current of quantum well lasers relative to 
bulk GaAs devices. 

We have considered GaAs because it is a model 
material system for production of quantum well 
structures. The concepts developed in this chapter 
are, however, quite general and can be applied to 
other material systems, other forms of quantum well 
and quantum wires and dots. 


List of Units and Nomenclature 


E energy 

E¢ Fermi energy 

E, bandgap 

F envelope wavefunction 

f(E) Fermi—Dirac distribution function 

2d two-dimensional density of states 
[energy] ' [area] ' 

h Planck’s constant divided by 27 

Ion optical field intensity 

k wavevector 

kp Boltzmann’s constant 

m electron mass 


n carrier density, expressed per unit area in 
quantum well structures 

heterostructure band offset ratios 
position vector 

t time 


Tn fraction of light transmitted at normal 
incidence through N quantum wells 

(x) unit vector along x-direction, similarly for 
y, z directions 

a optical absorption coefficient in a bulk 
material, per unit length 

y fraction of light absorbed by a quantum 
well at normal incidence to the plane of 
the well 

A wavelength 

® photon flux (photons per unit time cross- 
ing unit area) 

wv electronic wavefunction 

v light frequency 

See also 


Semiconductor Materials: Band Structure Engineering; 
Quantum dots; Type-I| Quantum Wells and Superlattices. 
Semiconductor Physics: Excitons; Outline of Basic 
Electronic Properties. 
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Introduction 


In studies of recombination there occur considerable 
complications; many are associated with interactions 
between electrons, electrons and phonons, excitons, 
bi-excitons, impurity centers, etc. Most of these are 
not required in the present exposition. Modern work 
normally assumes that the basics of recombination 
physics are understood and the present exposition 
offers an appropriate outline. 


Basic Assumptions 


Electron-Electron Interactions for Electrons 
in Bands 


The recombination problem in semiconductors is 
greatly complicated by the interaction of the electrons 
with each other. This allows one to speak only of the 
quantum states of the semiconductor crystal as a 
whole. However, as in metals, so also in semiconduc- 
tors, a simplified picture is successful. In this, the 
electron interactions, and other interactions, are first 
neglected, but are later taken into account as a 
perturbation. Thus, the electrons are first treated as if 
they can move through each other; the fact that they 
collide and deflect each other by virtue of their 
Coulomb interaction is treated as a perturbation. 
The transitions are still described within the frame- 
work of the single-particle states of the unperturbed 
problem. 


The Effect of Electron-Boson Interactions 


Our first approximation is to neglect most (but not 
all) electron interactions. Later we take into account 
the two-electron transitions that arise. This two- 
particle recombination process is referred to as Auger 
recombination and its inverse as the generation of 
current carriers by impact ionization. In addition, 
electrons interact with the radiation and lattice 
fields and emit or absorb photons or phonons. 


Perkowitz S (1993) Optical Characterisation of Semicon- 
ductors. London: Academic Press. 

Wolfe CM, Holonyak N Jr and Stillman GE (1989) Physical 
Properties of Semiconductors. Englewood Cliffs, NJ: 
Prentice Hall. 


These electron—boson interactions result in tran- 
sitions of single electrons in an energy band scheme. 
We shall attach a superfix ‘S’ (for single-electron) to 
the recombination coefficients for such processes. 
These are then denoted by B° or T° depending 
whether only bands are involved or whether traps are 
also involved. They are illustrated in Figure 1, where 
the solid horizontal lines represent the conduction 
and valence band edges and the dashed line refers 
to traps. Note that the two-electron transitions do 
not have the superfix ‘S’, while 1 and p refer to the 
electron and hole concentrations; No and N, are the 
concentration of unoccupied and occupied trap 
states, respectively. 


Electron-Electron Interaction in Traps 


Electron-electron interactions can at least formally 
be taken into account in connection with electrons 
trapped in a center: the spectrum is a function of the 
number, r (= 1,2,3,...,M), of electrons captured. 
The ‘irremovable’ electrons can be included with 
the ion core. Given that the center captured r 
electrons (say), it can still be in a variety of quantum 
states, and they will be denoted by the symbol 2, 
yielding a set of quantum states (€,r) for a center. The 
energy of such a state, divided by kT to make it 
dimensionless, is denoted by 7(€,7), yielding the 
canonical partition function 


Z, = > expl-n(€,7)] [1] 
£ 


The location of a center in space will here be 
considered to be of no significance. 

Centers can capture several electrons. This brings 
in a need for the chemical potentials (or Fermi levels) 
for r-electron centers. They are here denoted by y 
(when divided by kT) and the suffix ‘eq’ denotes an 
equilibrium value. Thus, the equilibrium probability 
of finding an r-electron center in state € is given by: 


explTYeq _ nL, r)] 
M 


3 (exp SVeqZs 
s=0 


PC eq = [2] 
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Figure 1 Definition of recombination coefficients. Transition rates per unit volume are stated with each process, and, in 
brackets, for the reverse process. Thus B;, Bo, T;—T, refer to Auger processes; B°, T?, Ts refer to single-electron recombination; 
Y*, X?, Xs refer to carrier generation processes; Y;, Y2, X;—X, refer to impact ionization processes. Arrows indicate transitions 


made by electrons. 


One can identify the dominant energies from optical 
or electrical experiments. 

To understand the properties of these centers, 
suppose we can arrange for the equilibrium Fermi 
level to rise from the valence band to the conduction 
band. At first practically no electrons are captured 
(r = 0). As the Fermi level rises the states correspond- 
ing to r = 1 begin to appear. The states @ of the center 
which correspond to the ground states in equilibrium 
are always more highly populated than the states € 
corresponding to excited states, so that we can often 
confine attention to them. As the Fermi level rises, the 
ground states for r = 2 become more important, and 
there may now be hardly any centers which have 
captured fewer electrons. If a larger number of 
electrons cannot be captured, by the time the Fermi 
level reaches the conduction band, then states of the 
center with r >2 can (normally) be neglected as 
unstable. That this is a satisfactory picture is our 
second approximation. 


Assumptions for Nonequilibrium Statistics 


The now much simplified recombination problem is 
still complex because of the many states available to 
electrons in bands and centers. A key simplification 
arises from the fact that it is often possible to talk 
about a small number of groups of quantum states: let 
I (=1,2,...) label quantum states in a group i, let 
J (=1,2,...) label quantum states in a group /, etc. 
Within each group it is supposed that the transitions 


are much more rapid than they are between groups. 
In that sense electrons in each group are in 
equilibrium among themselves. Their quasi-equili- 
brium is then characterized by what is called a quasi- 
Fermi level. The dimensionless version, obtained 
by dividing it by kT, is denoted by y,, y,, etc., 
for groups i, j, etc. That this is reasonable is our 
third assumption. Thus y,, y, are quasi-Fermi levels 
which refer to the quasi-equilibrium of the 
conduction and valence band, respectively, and yy 
to an I-electron center. Groups of states with 
different quasi-Fermi levels are not in equilibrium 
with each other. 

Recombination problems can now be discussed by 
neglecting transitions within one (quasi-equilibrium) 
group, because they proceed at exactly the same rate 
as their reverse transitions. The number of transition 
types to be considered is thereby greatly reduced. 
Away from equilibrium we shall adopt eqn [3] 
instead of [2] in order to allow for distinct 
quasi-Fermi levels: 


exp[ry, — n(€,7)] 
i [3] 


> (exp sys)Zs 
s=0 





Pr) = 


Equation [3] is not always correct, but is an 
approximation arising from the quasi-Fermi level 
assumption. Among the improved theories are, for 
example, the ‘cascade’ theories. 
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The assumption of a quasi-Fermi level for each 
state of charge of a center implies that all the excited 
states of an r-electron center are populated according 
to eqn [2]. 


The Main Recombination Rates 


General Results and The Two-Band Case 


Recombination and its converse, generation, consist 
of a transition of an electron from one state to 
another. The observed rate is the net rate of 
recombination and is the algebraic sum of the 
recombination and generation processes. During 
these processes both total energy and total momen- 
tum must be conserved. This is achieved by creation 
or absorption of photons, or phonons, excitation of 
secondary electrons, etc. 

The transition probability per unit time, Sj, for a 
single-electron transition from state I in a band to 
state J requires that state I should be occupied, with 
probability p; say, and state J should be vacant with 
probability g; say. The general expression for the 
average rate of the transition from I to J then takes the 
form p,Sj;q). For the reverse process electron state J 
has to be occupied and state I vacant. Thus the rate of 
this reverse process is p7Sj;q7. The net recombination 
rate per unit volume of the process I to J can then be 
written as: 


uy = (pS) — pySpanV ' [4] 


By the principle of detailed balance, this expression 
vanishes at equilibrium. If one puts Xj; = 
Sib1q/SprPjq1, one has uy = pySpqi(Xj — YV~'. 
In equilibrium Xj; > (Xjp)eq = 1, and the recombina- 
tion rate is zero. 

One can say a little more if one assumes that states I 
and J are in conduction or valence bands, each with a 
quasi-Fermi level (divided by RT to make it dimen- 
sionless). If these are denoted by y, and yp, then p; = 
[1 + exp(7, — y-)]~! for a conduction band. For the 
total recombination rate per unit volume between the 
bands i and j one finds: 


[EE Joi) 


1ei JEj 


where ¢ is essentially the difference between the 
quasi-Fermi levels: y. — y,. The first factor depends 
on the bands involved and it has been assumed that 
the transition probability ratio S7/S;; is independent 
of the excitation. 

A transition rate, when multiplied by the charge of 
current carriers, is a current, and when divided by the 


area of the surface involved, is a current density. If i 
and j denote the states of the conduction and valence 
bands of a semiconductor, excitation independence 
may often be assumed, and one then expects a current 
density proportional to exp(lelé/kT) — 1. This is 
characteristic of the current through pn junctions, 
metal semiconductor junctions, etc. In these configur- 
ations the Fermi level difference between the ends of 
the device determines the voltage across it. When 
radiation is involved, however, excitation dependence 
of some of the parameters introduced above (e.g. S/7) 
tends to spoil this simple story. 


The Case of Defects 


So far we have considered only two bands. When a 
trap is involved matters are rather different. Because 
of the interactions among the electrons on a center it 
is not possible to talk of the same level being occupied 
or vacant. Consequently, identification of forward 
and reverse processes in terms of levels becomes 
impossible. Instead one deals with a center, say an 
v-electron center, as a whole; we then need the 
probability that a given center is an r-electron center. 
For example, the capture of an electron converts an 
(r — 1)-electron center into an r-electron center. Thus 
the p’s and q’s must be replaced by more complicated 
expressions. It is convenient to denote uj; by uy in the 
simple two-band case and its structure is given (with a 
sign change) by a recombination coefficient: 


Uy = B’np[1 — exp(yn — ye)] = Bonp- Y° [6] 


using Figure 1a. Here, m and p are the electron 
and hole concentrations. Auger effects in Figures 1b 
and Ic can also be included, at least formally. Then 
B* has to be replaced in eqn [6] by BS + Byn + Bop. 
Analogous replacements are found for recombination 
processes involving defects. 

In the simplest case of one type of localized defect 
one finds a steady-state recombination rate per unit 
volume of the form: 


— np — (mp)o 7] 


Tno(P + P1) + Tol + 11) 





Here 7,9, To are parameters with the dimension of 
time and p,, 1 are parameters with the dimension of 
concentration. The recombination increases with the 
defect concentration, which is actually in the denomi- 
nators of 7,9 and 79. This is an old and much used 
result associated with the names of W Shockley and 
W T Read. 
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Radiative Transitions 


Spontaneous and Stimulated Emission 


Quantum theory was initiated by Planck’s law for 
black-body radiation at temperature T. This gives the 
spatial energy density as a function of frequency v in 
this system as 


av hv 


8 
[OD snenkt) =i 


[8] 





For low frequencies one finds the Rayleigh—Jeans law 
which makes [8] proportional to kT in agreement 
with the classical equipartition theorem. For high 
temperatures [8] diverges, as required. 

The result [8] may also be obtained by writing 


N=[A+ Bfy, TIINg [9] 


for the emission rate of photons by atoms, where N, 
is the number of atoms in the upper of two states 
which are separated by the energy hv. The first term 
on the right-hand side is due to the normal decay of 
an excited state (‘spontaneous emission’). The second 
term refers to additional emission (‘stimulated emis- 
sion’) induced by the radiation of frequency hv itself. 

The first factor in [8] is due to the density of states 
and the second factor is due to the fact that the energy 
is considered. If one considers the number of photons 
of energy by at temperature T one comes up with 


hy-p i 
N,= [exp kT i| 


(Bose-Einstein distribution) 





[10] 


Here pw is a possible chemical potential of the 
radiation which is non-zero only in nonequilibrium 
situations such as in a semiconductor laser. 

In a pn junction the two bulk materials several 
diffusion lengths away from the junction are approxi- 
mately in equilibrium even if a modest current is 
flowing. On one side one has then just one quasi- 
Fermi level, say jj, and on the other side one has just 
one quasi-Fermi level, say uj. Then the difference 

b= By Wy = IP [11] 
corresponds to the applied voltage g This is in 
agreement with eqn [10], in that g = 0 implies no 
current and hence thermal equilibrium is possible. 

Statistical mechanics teaches one the rule that, in 
equilibrium, occupation probabilities of individual 
quantum states are always less for states of higher 
energies. This ensures that the total energy of a 
quantum system converges, the occupation prob- 
ability p being a kind of convergence factor. However, 


if one is away from equilibrium, the above rule can be 
suspended and one can have population inversion. 

For by= wp there is trouble with [10] because the 
steady-state photon occupation diverges. This does 
not correspond to a ‘death ray’, but is the result of 
imperfect modeling; for example, the leakage of 
photons from the cavity may have been neglected. 
A formula of type [10] is also needed in connection 
with solar cells. 


Donor-Acceptor Pair Recombination 


A striking demonstration of radiative donor—accep- 
tor transitions in GaP at low temperature (1.6 K) was 
revealed by sharp lines (Figure 2) at photon energies 
hy; given by 


hv; =Eqg-E,—Ep+e/eR;[-E] [12] 


where R; is the distance between the ith-order nearest 
neighbors. 

The discrete nature of the peaks is due to the fact 
that the impurities involved settle in general on 
lattice sites so that only definite separations R; are 
possible. The energy gap is Ec; the value of Ey + Ep 
can be inferred from the experimental lines by 
extrapolation to R;—+00. The energy term E is 
sometimes neglected. 

The ZnS phosphors were the first materials in 
which donor-acceptor radiation was hypothesized. 
However, it is hard to control its stoichiometry and its 
impurity content, and it has relatively large carrier 
mass and hence relatively large impurity activation 
energies. In such cases spectra such as those shown in 
Figure 2 are hard or impossible to obtain. This applies 
in general to many II-VI compounds. 


Quantum Efficiency 


The quantum efficiency is the radiative recombination 
as a fraction of the total recombination. It can also 
be regarded as the average number of electrons 
produced per incident photon. Consider an intrinsic 
semiconductor, i.e., one in which the electron and 
hole concentrations are equal. Then with the notation 
of Figure 1 the radiative band—band recombination 
rate is B’n*. The nonradiative rate is (B, + By)n°. 
We shall add another nonradiative rate, An say, 
proportional to the injected carrier density 1 ~ p. 
The quantum efficiency is then 


_ Bn? 
An + (By + By)n3 + Bsn? 





r [13] 
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Traps are here neglected, and one finds a maximum 


) =4 
Tmax = {1 ek Bit By)! [14] 
For a high-quality epitaxial AlGaAs/GaAs double 
heterostructure of great purity we may take 


A~0.5x10°s!, B~ 10° cm? 57}, 
B, +B, ~ 10° cm*s"! 


whence m; ~ 2X 10!” cm73, max ~ 0.96. 


Detailed Balance 


It is clear that the radiative recombination rate from a 
material should be obtainable in terms of its optical 
‘constants’, the absorption coefficient a(A) and the 
refractive index (A). Both are functions of the 
wavelength. This connection can be formalized by 
comparing the optical absorption process with the 
emission process and this can be done by using the 
principle of detailed balance. This equates the rate of 
disappearance by absorption of photons with the rate 
of production of photons by radiative recombination. 
The radiative recombination rate can thus be 
obtained as an integral over the optical functions. 
This relationship, pioneered by van Roosbroeck and 
Shockley in 1954, has been used a great deal because 
the optical quantities are often known with some 
accuracy. 

This result corresponds to balancing the rate B’up 
and the rate Y° in Figure 1a. Analogous detailed 
balance results are obtainable for the other pairs of 
processes in Figure 1. Thus, the Auger recombination 
rate can be related to an integral over the impact 
ionization rate. However, this connection is 
less useful since impact ionization data are generally 
less well known than the optical absorption 
information. 


Nonradiative Processes 


Auger Effects 


The Auger effect was discovered in 1925 in gases by 
Pierre Auger. An atom is ionized in an inner shell. An 
electron drops into the vacancy from a higher orbit 
and a second electron takes up the energy which is 
used to eject it from the atom. In solids the effect is 
roughly analogous. One of its characteristics is that it 
is not radiative. Since radiation is what is seen in 
many experiments, the Auger effect is suspected if 


and when there is less radiation than expected in the 
first place. It is rather harder to investigate than 
radiative transitions. 

The effect has proved to be important as it 
limits the performance of semiconductor lasers, 
light-emitting diodes and solar cells, and it can be 
crucial in transistors and similar devices whose 
performance is governed by lifetimes. When heavy 
doping is required, as it is in the drive towards 
microminiaturization, its importance tends to 
increase, since the Auger recombination rate 
behaves roughly as n*p or p’n (see Figure 1) 
compared with the radiative rate which behaves 
more like mp. The inverse process is impact ioniz- 
ation, and is important in the photodiode, the impact 
avalanche transit time (IMPATT) diode, and hot 
electron devices. 

Impact ionization can be regarded as an auto- 
catalytic reaction of order one: 

e—2e+h or h—-2h+e [16] 
i.e., one extra particle is produced of the type present 
in the first place. This is a key feature for impact- 
induced nonequilibrium phase transitions in 
semiconductors. 

In the theory one needs wavefunctions for four 
states of two electrons which are relevant after the 
many-electron problem has been reduced to a two- 
electron problem. In a matrix element calculation the 
four wavevectors imply a 12-fold integration in k- 
space to cover all possible states of the two electrons. 
However, momentum and energy conservation 
usually reduce this to an eight-fold integration. Such 
a calculation is hard, for it requires (1) good 
wavefunctions and (2) accurate integrations. 

Here we shall merely concentrate on the broad 
principles. In addition, the many-electron nature of 
the problem implies that another approximation is 
often inherent in the treatment apart from the use 
of perturbation theory. This is clear if one considers 
that the electron interactions are screened twice: 
once by an exponential screening factor and a 
second time by the dielectric constant. So there is 
some double counting, and the treatment of the 
effect as uncorrelated electronic transitions 
mediated by screened Coulomb interactions is 
another approximation. The collective effects that 
enter require more sophisticated field theoretic 
methods which take care of electron-hole corre- 
lations, plasmon effects and the effect of free 
excitons, the so-called excitonic Auger effect. 
These calculations broadly confirm the results 
obtained by the simpler methods used for energy 
gaps large compared with the plasmon energies, 
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provided the high-frequency dielectric constant is 
used and doping is not too heavy. Significant 
corrections are required for the narrow gap lead 
compounds, for example, and a considerable 
computational effort is required. 

Let us now consider lifetimes for high carrier 
concentrations, as limited by band—band processes. 
They are best studied by looking at the emitted 
radiation. In this connection we recall the striking rise 
of the threshold current density J in a semiconductor 
laser as the material is changed from a direct material 
like GaAs to an indirect material, by mixing it with a 
compound such as GaP. Figure 3 shows this 
spectacular rise for GaAs,_,P, at 77K near x= 
0.38. It is due to the drop in the radiative transition 
probabilities, as the substance becomes indirect, thus 
requiring a higher current density for threshold. So 
we should start with band—band processes in direct 
materials as most favorable for the experimentally 
accessible radiative transitions. 

The essential point here is that the injected carrier 
density behaves as: 


Jr _ (5X10? Acm™*)(10~? s) 


25 0l eare 
qd (1.6 10- (10-4 cm) i 





Nini = 


[17] 


where J/q is the particle current density at threshold, 
7 is the lifetime of the carriers, and d is the thickness 
of the active layer. As active layers are made thinner 
Nin, INcreases to 10!? cm? or so, far in excess of 


the defect concentration in the (undoped) material. 
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Figure 3 Lowest values of laser threshold current density at 
77K as a function of mole fraction of GaP for Ga(As;_,P,) 
junction lasers. Reproduced from Neill CJ, Stillman GE, Sirkis MD, 
et al. (1966) Gallium arsenide-phosphide: Crystal, diffusion and 
laser properties. Solid-State Electronics 9: 735-742, with 
permission from Elsevier. 


This brings in band—band Auger effects. These have 
also been invoked to explain the undesirable increase 
in J with temperature. Thus the interest in direct 
band-band Auger effects in III-V compounds is 
fuelled by the need for better and smaller opto- 
electronic devices which work at long wavelengths 
(1.3-1.5 wm). It matches the interest in indirect 
band-band Auger and impurity Auger effects in 
silicon due to the importance of heavy doping in 
VLSI (very large scale integration) and transistor 
technology. Figure 4 shows a typical Auger process, 
called CHHS, as the conduction band (C) and the 
split-off band (S) are involved. Two relevant states 
are in the heavy hole band (H). State 2’ is referred to 
as the Auger carrier, as it has more kinetic energy 
than the others. 





Figure 4 Conduction band, heavy hole and split-off valence 
bands of GaAs, all treated as parabolic with 4?k2/2m, = Eg — A. 
x denotes a quadruplet of states for a most probable 
transition. The two states in the heavy hole band are not 
shown separately. The arrows indicate electron transitions. 
Reproduced from Neill CJ, Stillman GE, Sirkis MD, et al. (1966) 
Gallium arsenide-phosphide: Crystal, diffusion and laser 
properties. Solid-State Electronics 9: 735-742, with permission 
from Elsevier. 
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Impact lonization 


The CHHS and CHCC processes and their inverses 
can be written as 

ec + 2hy @ h, 2ec + hy ec [18] 
where the suffix refers to the band. Viewed from 
left to right these are Auger processes. Viewed from 
right to left they are autocatalytic and impact 
ionizations. 

Such processes are important for the impact- 
induced nonequilibrium phase transition in semicon- 
ductors. Also reaction rates with autocatalytic 
elements imply nonlinear equations in the concen- 
trations and this gives rise to much interesting 
behavior as regards stability and bifurcation 
phenomena. 

Momentum and energy conservation are very 
restrictive conditions on the four states involved in 
[18], and it is easily seen that they cannot normally be 
satisfied if in a direct band semiconductor the 
recombining electron drops from the band 
minimum to the valence band maximum. This effect 
raises all the kinetic energies of possible processes. 
The Auger electron (on the right-hand sides of [18]) 
must also have a minimum energy in order that 
the impact-ionization process can proceed. This 
leads to an activation energy for the process. For 
Figure 4, for example, and in the case of nondegene- 


racy, the energetic hole has a kinetic energy at 
threshold of 


mM. + 2m, 





En = (Eg — A) (CHSS) [19] 


m,. + 2m, — m, 


As the band gap increases we see that E,, goes up and 
so the Auger rate for simple parabolic bands 
decreases. Values of E,,, for other transitions can be 
obtained from equation [19]. 

The total kinetic or threshold energy E,, can be 
converted to an activation energy by subtracting the 
basic energy which must under all conditions be part 
of the Auger particle energy. In the case of eqn [19] 
one finds for Eg > A: 


E, = En — (Eg — A) 


m 
= : E A 
SIE, DPT ) 





[20] 


This can result in a strong temperature dependence in 
accordance with an Arrhenius factor exp(—E,,/RT). 
However, this is again lost, and the direct band—band 
Auger effect will certainly be important and only 


weakly temperature dependent, if Eg ~ A. This can 
occur, for example, for InAs, GaSh and their solid 
solutions. 

The connection between Auger processes and 
impact ionization has also been formalized. Of all 
Auger quadruplets of states in a set of nondegenerate 
bands, the most probable Auger transition involves 
the quadruplet, which yields the threshold for 
impact ionization. The three crosses in Figure 4 
indicate such a quadruplet (the central cross rep- 
resents two states). 


Identification of Auger Effects 


How does one know that an Auger effect has 
occurred? In pure but highly excited materials there 
is the original solid-state Auger effect which leads to a 
lifetime broadening of the electronic states at the 
band edge. For a semiconductor this effect causes 
fuzziness in the band edge which is a contributory 
factor to the overall bandgap shrinkage. The mech- 
anism is illustrated in Figure 5, which shows how the 
lifetime of a vacant electron state near the band edge 
is shortened by the Auger processes within this band. 
Under normal conditions this effect is small in a 
semiconductor. But under degenerate conditions the 
effect leads by lifetime broadening to a low-energy 
tail in emission. 

The blanket term ‘Auger effect’ for all Coulombi- 
cally excited two-particle transitions has been used 
here. In semiconductor device work the ‘Auger effect’ 
has become associated with transitions in which one 
electron bridges an energy gap. But there is no need to 
limit the concept in this way. Its competition with 
radiative effects means that it is often detrimental and 
a full discussion of means of suppressing it has 
recently been given by Pidgeon et al. 

More spectacular and more convincing is the 
detection of the energetic Auger electron or hole. 
For this purpose one may look for the weak 
luminescence emitted when this carrier recombines 
radiatively. This has been done for the band—band 
process in Si and for the band—impurity process 


Figure 5 The filling of a state k by the Auger effect. The arrows 
indicate electron transitions. 
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in GaAs. It leads to so-called 2Eg-emission. Its rate- 
limiting step is the rate of the Auger process per unit 
volume, B,n*p, which populates the high- 
energy level. The radiative process then proceeds 
at a rate B';n*p* per unit volume with B’, ~ 10-**- 
10-2" ein ss 

More usual is the identification of the band—band 
Auger recombination mechanism from the minority 
carrier lifetime 7, which behaves as 


1 1 
= =Bir or == Bsr" 
Tp T 


[21] 


where B, and By are Auger coefficients when the 
Auger particle is an electron or hole, respectively. A 
more complete expression allows also for trapping 
processes. 

The departure from parabolic bands plays an 
important part for the energetic Auger particle 
(in state 2’). Theory shows that when this effect is 
taken into account, it tends to lower the band—band 
Auger coefficient. In fact in GaAs the CHCC process 
is ruled out altogether at 0K for nonparabolic 
bands, suggesting that it should be an ideal material 
for radiative transitions. However, the possibility 
of phonon participation brings the effect back 
again, though it is still comparatively weak. The 
difficulty of conserving electron energy and momen- 
tum, which gives rise to the activation energies 
(eqn [20]) is greatly alleviated if phonons can take 
up some of the momentum in a direct gap 
semiconductor. 

We have seen that the activation energy barrier 
against the band—band Auger effect can be overcome 
by a suitable disposition (Eg = A) of the three 
direct bands and by phonon participation. It can 


also be overcome if there is an indirect minimum 
near a Brillouin zone edge at about half the direct 


energy gap. 
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Control of the generation and transport of coherent 
electron spin in semiconductors suggests new ways to 
probe the fundamentals of quantum decoherence in 
solids and to explore device applications that rely 
on coherence, including quantum computation. 


The focus here will be on the physical phenomena 
that govern spin transport and relaxation, with a 
particular emphasis on those phenomena that are 
amenable to direct manipulation. Manipulation of 
material properties in general has been taken to its 
most advanced level in the design of semiconductor 
electronic devices, in which operations are performed 
by perturbing the motion of electrons through their 
electric charge; hence, ‘spintronics’ is a term intro- 
duced to describe both the manipulation of electrons 
by their spin and control of their spin properties, such 
as g-factors. 
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The study of the evolution of spin coherence first 
requires the generation and detection of spin coher- 
ence. Here the ultrafast optical technique for 
generating and detecting spin-polarized populations 
will be emphasized. The next logical component to 
treat will be the persistence of spin coherence, 
followed by the transport of spin coherence from 
one region of a material to another. Finally the direct 
ultrafast manipulation of spin-polarized populations 
will be described. These components are likely to 
play a prominent role in any attempt to apply the 
fundamental physical phenomena of spin coherence 
to specific device technologies. 


Optical Generation of Spin-Polarized 
Distributions 


Optical pulses with definite circular polarization can 
be used to generate spin-polarized distributions of 
excited electrons in crystals. In order for this process 
to work one of the energy bands involved in the 
optical transition must be characterized by a sub- 
stantial spin-orbit interaction. The selection rules for 
circularly polarized photons require a change in the 
orbital angular momentum of the electron projected 
along the propagation direction of the photon. For 
the optical transitions of an atom in free space this 
azimuthal orbital angular momentum /, must increase 
or decrease by f, permitting the coupling of the 
p-state with /,=1 to an s-state for left circular 
polarization, and of the p-state with J, = —1 to that 
s-state for right circular polarization. Thus the optical 
selection rules pick out a particular orbital angular 
momentum projection. 

These selection rules by themselves do not explain 
how spin-polarized populations are generated, for 
both spin directions are possible for each value of /,. 
In the presence of spin-orbit interaction, however, 
the energy of a state with a particular /, is correlated 
with the spin orientation. The six p-states, which are 
degenerate in the absence of spin-orbit interaction, 
split into two groups: one of four degenerate states 
and the other of two degenerate states. The higher- 
energy group of four degenerate states consists of two 
states with L and S parallel and two states with a one- 
third probability for L and S to be antiparallel and a 
two-thirds probability for L and S to be perpendicu- 
lar. Thus for a transition involving the four degen- 
erate states, a circularly polarized photon (that selects 
a particular initial /,) is three times more likely to 
generate a carrier with spin parallel to the initial /, 
than antiparallel to it. 

In a solid, although full rotational symmetry is 
lost, the band symmetries preserve some of these 


selection rules. In crystals of tetrahedral symmetry, 
such as zincblende semiconductors, the selection 
rules for transitions from the valence to the conduc- 
tion band are identical to the selection rules between 
p and s states for the atom in free space. For 
example, the valence heavy-hole states are those 
for which L and §S are parallel. Thus by setting 
the optical photon energy to the fundamental gap, 
the resulting excited conduction electrons and 
valence holes will be spin polarized. In quantum 
wells, where the energy of the heavy hole is split 
from that of the light hole by quantum confinement 
(and, sometimes, strain), fully spin-polarized carrier 
distributions are possible. Commonly used group IV, 
IlI-V, and II-VI semiconductors have a sufficient 
spin-orbit interaction to permit the straight- 
forward optical generation of spin-polarized distri- 
butions. Shown in Figure 1 are the selection rules 
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Figure 1 Selection rules for bulk zincblende crystals. Circularly 
polarized light changes the azimuthal orbital quantum number /, 
by +1 or —1. Here A/l,= —1 is shown. The orbital and spin 
quantum numbers for the two degenerate conduction band edge 
states and the four degenerate valence band edge states are 
shown — unshaded areas correspond to spin up and shaded to 
spin down. A transition with Al, = —1 couples one heavy-hole 
state to the conduction band up-spin state, and one light-hole 
state to the conduction band down-spin state. The orbital angular 
momentum of the heavy-hole state is entirely parallel to its spin 
angular momentum. In contrast only one-third of the light-hole 
state has antiparallel orbital and spin angular momentum. The 
rest of the light-hole state has perpendicular orbital and spin 
angular momentum. Thus the oscillator strength of the transition 
creating the conduction up-spin state is three times larger than 
that of the transition creating the conduction down-spin state, 
yielding a 50% spin polarized distribution. In quantum wells for 
which the heavy-—light splitting is larger than the linewidth of the 
light source driving the transition, only the heavy-hole transition is 
excited and the spin polarization approaches 100%. 


Quite often you will not have the exact value of resistance or capacitance for a 
repair. 
We have already covered placing resistors and capacitors in parallel and series: 


Resistors in Parallel and/or Series 
Capacitors in Parallel and/or Series 


Here are some extras: 


RESISTORS 
Two 1k 0.5watt resistors in parallel produces a 470R 1watt resistor. 
Two 1k 0.5watt resistors in series produces a 2k 1watt resistor. 


CAPACITORS 
Two 100n 100v capacitors in series produces a 50n capacitor @200v 


INDUCTORS: Two inductors in series - ADD THE VALUES 


DIODES: Two iAmp 400v diodes in series produces a 1Amp 800v diode 
Two 1Amp 400v diodes in parallel produces a 2Amp 400v diode 


ZENER DIODES: Zener diodes can be connected in series to get a higher voltage. 
Two 12v zener diodes in series produces a 24v zener. 


CONTINUITY 


Some multimeters have a "buzzer" that detects when the probes are touching each 
other or the resistance between the probes is very LOW. This is called a CONTINUITY 
TESTER. 

You can use the resistance scale "x1" or "x10" to detect low values of resistance. 
Set the pointer to "0" (right end of the scale) by touching the probes together and 
adjusting the "zero ohms" control. 

When taking a reading, you will have to decide if a low value of resistance is a short- 
circuit or an "operating value." 

For instance, the cold resistance of a 12v car globe is very low (about 2 ohms) and it 
increases (about 6 times) to 12 ohms when hot. 

The "resistance of a circuit" may be very low as the electrolytics in the circuit are 
uncharged. This may not indicate a true "short-circuit." 

The measurement across a diode is not a resistance-value but a "voltage-drop" and 
that is why the needle swings nearly full-scale. 

Leads and wires and cords have a small resistance and depending on the length of 
the lead, this small resistance may be affecting a circuit. 

Remember this: 

When a circuit takes 1 amp, and the resistance of the leads is 1 ohm, the voltage 
drop across the leads will be 1v. 

That's why a 12v battery supplying a circuit with these leads will have 11v at the 
circuit. 

Note: 

Turn off the equipment before making any continuity tests. The presence of even a 
small voltage (from an electrolytic) can give a false reading. 

You can determine the resistance of a lead very accurately by taking the example 
above and applying it to your circuit. 

If the battery is 12.6v and the voltage across the circuit is 10v, when the current is 
2.6 amps, the resistance of the "leads" is 12.6 - 10 = 2.6 R=V/I = 2.6/2.6 = 
1lohm. By making the lead shorter or using thicker wire, the resistance will be less 
and the voltage on the project will increase. 

When taking readings in a circuit that has a number of diodes built-into IC's 
(Integrated Circuits) and transistors, some Continuity Testers will beep and give a 
false reading. 

The following circuit has the advantage of providing a beep when a short-circuit is 
detected but does not detect the small voltage drop across a diode. This is ideal 
when testing logic circuits as it is quick and you can listen for the beep while 
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Figure 2 Diagram of the experimental geometry for time-resolved Faraday rotation. A pulse of circularly polarized light illuminates the 
sample, followed by a probe of linearly polarized light. The linearly polarized light can be considered as a sum of equal parts left and right 
circularly polarized light. The spin-polarization of the electron population (along the photon propagation direction) induces a difference in 
index of refraction for left and right circularly polarized light (circular dichroism). This produces a phase change between the left and right 
polarized components of the probe, which is measured as a rotation (6¢) of the linear polarization direction. Monitoring the angle 
of rotation of the probe as a function of time directly indicates the spin polarization along the propagation axis of the photon as a function 
of time. Reproduced with permission from Awschalom DD, Samarth N and Loss D (eds) (2002) Semiconductor Spintronics and 


Quantum Computation. New York: Springer 


which permit circularly polarized optical pulses to 
generate spin-polarized carriers in the conduction 
and valence band. 

The evolution of a coherent spin-polarized 
population can be monitored through optical 
means as well. If the optical transitions used to 
generate the spin-polarized population are pumped 
hard enough, the transitions will be bleached. By 
measuring the polarization dependence of this 
bleaching the decay of the spin-polarized population 
can be determined. This can be done either by 
monitoring the transmission of time-delayed probe 
pulses of circularly polarized light, or by monitoring 
the rotation angle (Faraday rotation) of a pulse of 
linearly polarized light. The first of these depends 
directly on the imaginary component of the spin- 
polarized dielectric function, whereas the second 
depends directly on the real components. Shown in 
Figure 2 is the geometry for observing Faraday 
rotation from a spin-polarized distribution in the 
presence of an applied magnetic field perpendicular 
to the spin polarization. 


Mobile Electron Spin Time Evolution: 
Decoherence and Precession 


Two natural phenomena in the time evolution of a 
coherent spin-polarized population are decay of that 
population (decoherence) and rotation of the macro- 
scopic magnetization in the presence of an applied 
magnetic field (precession). The time-scale of decay 
of the spin coherence can be very much longer 
than time-scales for the decay of other coherent 
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Figure 3 Time-resolved Faraday rotation measurements on 
bulk GaAs at several doping levels, indicating a sensitive doping 
dependence of the transverse spin coherence time T>. Tz for ideal 
doping densities can exceed 150 ns at 5K. The magnetic field 
is 4T, and the sample is 50m thick. Reproduced with 
permission from Kikkawa JM and Awschalom DD (1998) 
Resonant spin amplification in n-type GaAs. Physical Review 
Letters 80: 4313-4316. 


phenomena in solids. Typical orbital coherence times, 
for example, are 100 fs, whereas spin coherence times 
can exceed microseconds. In Figure 3 are shown time- 
resolved Faraday rotation data for three bulk GaAs 
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crystals with different doping levels. The oscillations 
are characteristic of the spin precession, and the 
oscillation frequency is the Larmor frequency of 
the electron spin in this crystal. The crystal with the 
middle doping level, 10'° cm~°, has oscillations that 
persist for the longest time, and therefore this 
material has the longest spin coherence time. 

The dominant mechanism for the decay of these 
spin polarized distributions works via the same spin— 
orbit interaction that permits the generation and 
detection of these spin-polarized distributions. 
For mobile electrons in homogeneous environments, 
the mechanisms of spin coherence relate to the crystal 
momentum-dependence of the eigenstates of the 
electronic system. Because of time reversal invariance 
the electronic states with zero momentum (at the [ 
point in the Brillouin zone) are doubly degenerate. 
The electronic states for momentum k near the [ 
point occur in nearly degenerate pairs. Although it is 
common usage to refer to these eigenstates as 
degenerate spin eigenstates (correct in the absence 
of spin-orbit interaction), with spin-orbit inter- 
action the states are not spin eigenstates and are not 
necessarily degenerate. As a consequence, when a 
spin-polarized carrier is scattered by ordinary, non- 
spin-dependent scattering from one momentum 
state k to another k’, and then back again to k, the 
effective orientation of the carrier spin will have 
rotated by an angle dependent on the intermediate 
momentum state k’. For a population of carriers in 
thermal equilibrium this process will lead to misor- 
ientation of the individual spin moments from the 
mean, and thus a decoherence of the spin population. 
This process is characterized by an increasing 
decoherence rate with increasing orbital scattering. 
Thus the dirtier a material is made, the faster the spin 
orientations decohere. 

In crystals with inversion symmetry the pairs of 
nearly degenerate states are precisely degenerate. 
Lack of inversion symmetry, and the consequential 
energy splitting, can be viewed as an effective (crystal) 
magnetic field, in which the approximate spin 
eigenstates precess. The magnitude and direction of 
this effective field depends on the orbital momentum 
k, and because of time reversal invariance, the 
effective fields for k and —k are opposite. Thus an 
initially spin-polarized population will dephase due 
to experiencing different effective magnetic fields. 
Ordinary spin-independent scattering can now be 
seen as randomly changing the precession axis for the 
spin in this effective field. Once the information about 
the precession axis orientation has been lost the 
dephasing is not reversible and the spin orientations 
have decohered. As the precession angle increases 
linearly between scattering events, the longer the time 


between such scattering events the faster the spin 
population decoheres. Thus for this process the 
cleaner a material is made, the faster the spin 
orientations decohere. This precessional decoherence 
process dominates for mobile conduction electrons in 
bulk and quantum-well III-V semiconductors near 
room temperature. 

The influence of the spin-orbit interaction is far 
stronger for the valence electrons than the conduction 
electrons for two reasons. First, as the effective 
magnetic fields come from relativistic transform- 
ations of internal electric fields, and the electric fields 
are largest near the nucleus, the valence electrons, 
which are closer to the nucleus than the conduction 
electrons, experience a stronger spin-orbit inter- 
action. Second, the valence electrons have a dominant 
p-like character, whereas the conduction electrons 
have dominant s-like character (and thus lack orbital 
angular momentum to be coupled to the spin). 
Thus the spin coherence times of valence electrons 
(or holes) are commonly much shorter than the 
coherence times of the conduction electrons. Spin-flip 
exchange between conduction electrons and valence 
holes can therefore be the dominant source of 
decoherence for conduction electrons. This process 
can dominate at low temperatures in clean III-V 
semiconductors, and even up to room temperature in 
II-V quantum wells grown along the unusual (110) 
growth direction. 

As a consequence one would expect the spin 
coherence times of electrons in n-doped semiconduc- 
tors to be longer than those of electrons in p-doped or 
undoped semiconductors (in which excess holes must 
also be optically generated). This expected trend is 
present in Figure 3, for the n-doped materials have 
longer spin coherence times than the semi-insulating 
material. However, as the effect of the spin-orbit 
interaction increases with increasing momentum k, 
the spin coherence times of the more heavily doped 
material are shorter than those of the lightly doped 
material. The doping corresponding to the longest 
spin coherence times may lie near the metal—insulator 
transition, although the theory of spin coherence 
times on the insulating side of that transition is not as 
well developed as on the metallic side. 


Transport and Manipulation of Spin 
Coherence 


An essential component of the motion of spin 
coherence in semiconductors is the response of 
carriers to electric fields. Outside of very unusual 
electronic states in semiconductors, such as the 
quantum Hall state, there is no spin-charge 
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separation of elementary carriers. The carriers in the 
semiconductors will move under the influence of an 
electric field, and if they happen to be spin-polarized, 
then a spin current will exist. Although there are 
numerous possible regimes of spin transport (at least 
as many as there are regimes of charge transport), 
only two will be presented here, both in the low-field 
diffusive limit. 

Mobilities and diffusion constants are the material 
properties that describe the low-field charge transport 
in a homogeneous material. Spin transport can be 
described similarly, and the spin mobility and 
diffusion constant can be related to those of charge 
motion. The relationship between the two emerges 
from the nature of carrier packets that can be 
maintained under low-field conditions. Deviations 
from local charge neutrality cause very large space- 
charge fields in the semiconductor, and thus under 
low-field conditions approximate local charge neu- 
trality must be maintained. Shown in Figure 4 are 
charge and spin packets in an n-doped semiconductor. 
The charge polarization packet, incorporating extra 
conduction electrons and valence holes, is shown in 
Figure 4a. The electron spin polarization packet 
shown in Figure 4b is qualitatively different from the 
charge packet as well as the hole spin polarization 
packet (shown in Figure 4c). Only the electron 
spin polarization packet does not incorporate both 
conduction electrons and valence holes. 

The difference in packet structure profoundly 
changes the mobility and diffusion properties of the 
packet. For packets consisting of both electrons and 
holes the low-conductivity carrier species dominates 
the packet motion (in this case, the holes). For the 
electron spin packet, however, majority carriers 
dominate the packet motion. Thus motion of this 
spin packet is very rapid, and also sensitive to the 
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Figure 4 Inhomogeneous carrier packets in n-doped semicon- 
ductors in the low-field regime. The charge polarization packet 
(a) is constructed of approximately equal numbers of electrons 
and holes. The electron spin polarization packet (b) can be 
constructed without any excess holes, whereas the hole spin 
polarization packet (c) requires both excess electrons and excess 
holes. The presence of minority carriers in a packet significantly 
alters the mobility and diffusion properties of the packet. 


higher Fermi temperature of electrons relative to 
holes. Experimentally this has been seen by optically 
creating a local spin-polarized packet of conduction 
electrons (an electron spin packet) in a thin sample 
of n-doped GaAs. The application of a lateral electric 
field drags that spin packet, and an optical probe 
measures the transport distance (thus the mobility) 
and the packet spread (yielding the diffusion con- 
stant). Such an approach is very similar in concept to 
the electrical probe of charge packet motion devel- 
oped by Shockley and Haynes to measure minority 
hole mobility and diffusion in n-doped Ge. 

The picture of approximately charge-neutral pack- 
ets is very helpful for describing spin motion in 
homogeneous materials, but most semiconductor 
devices are based on inhomogeneous configurations 
of semiconducting material. For example, the most 
ubiquitous charge-based semiconductor device is 
the p—n diode, whose nonlinear current—voltage 
characteristics have been used as building blocks for 
numerous other devices. Such devices rely on the 
ability of a current to traverse an interface between 
two dissimilar materials — either different in doping 
density or different in host structure. Experiments in 
metallic ferromagnetic systems indicated that, 
whereas charge current was easily passed from one 
ferromagnetic metal to another through an interface, 
the same was not always true for the spin current. 
Differences in band structure or interface roughness 
are usually expected in such systems to strongly 
diminish the efficiency of spin current transfer across 
the interface. 

Semiconductors, however, offer a possible new 
regime. The bulk band structures of most III-V 
semiconductors are very compatible — the variations 
in bandgap may be substantial, but the orbital wave- 
functions are very similar. Current growth techniques 
permit the fabrication of atomically smooth interfaces 
between two semiconductors, so long as the lattice 
constants are almost identical. Thus one might 
expect the spin current to be transferred across such 
interfaces without tremendous degradation. 

The transfer process for spin current across the 
GaAs/ZnSe interface has been investigated in 
detail. Here the ZnSe material was n-doped, and 
GaAs layers that were n-doped, p-doped, and semi- 
insulating were investigated. Electron spin polariz- 
ation was generated optically in the GaAs layer. 
For n-doped GaAs in the absence of an electric 
field only a small signal for spin-polarized electrons in 
the ZnSe was detected. An applied electric field, 
however, which drove the electrons within the 
GaAs towards the interface, produced a substantial 
spin-polarized population in the ZnSe. This indicates 
that spin-polarized packets can be created in one 
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semiconductor, and then controllably moved into a 
second semiconductor with an applied electric field. 
This ability may become a key component of 
manipulating spin in semiconductors. 

One reason the p—n diode is a paradigm of charge- 
based semiconducting electronics is that it exhibits 
the crucial phenomenon of minority spin injection. 
Manipulation of minority spin injection permits great 
control of charge current, for its amplitude is very 
sensitive to barriers (such as those introduced by 
gates). Spin-polarized minority carrier injection has 
not been shown yet experimentally, however the 
complementary process of minority carrier extraction 
has. This process corresponds to optically generating 
spin-polarized electrons in p-doped GaAs, where 
the electrons are minority carriers. The built-in 
electric field of the p-n junction drives these 
electrons out of the GaAs into the n-doped ZnSe 
with great efficiency. Thus one may imagine that 
spin-polarized minority carrier injection is plausible 
in these systems. 

A hybrid of these two situations is the spin- 
polarized light-emitting diode. Here spin-polarized 
carriers (either electrons or holes) are electrically 
injected into the insulating region of p—i—n structure. 
In the insulating region they recombine with 
unpolarized carriers of the other species and emit 
light. Due to the selection rules described before, the 
emitted light is circularly polarized, and the degree of 
circular polarization is an indication of the spin- 
polarization of the recombining carriers. This device 
demonstrates that large numbers of spin-polarized 
carriers can be accumulated in the insulating 
region, although the spin-polarized carriers are not 
minority carriers. 

Methods of manipulating electron spin coherence 
externally without electric fields are also under 
investigation. One demonstrated technique relies on 
the shift of energy levels in a semiconductor under 
illumination by laser light with frequencies below the 
fundamental bandgap. When the laser light is 
circularly polarized this ‘ac Stark effect’ shifts the 
energy levels of spin-up states and spin-down states 
differently, generating an effective magnetic field. 
Rotations of electron spin by angles greater than 7/2 
have been demonstrated in this ultrafast effective 
magnetic field in semiconductor quantum wells. 


Transfer of Spin Coherence from 
Mobile Electrons to Other Spin 
Systems 


Another fundamental phenomenon in spin coherence 
is the transfer of spin coherence from one system to 


another. If one spin system has an extremely long 
coherence time, this transfer can be viewed as 
establishing a reservoir of spin coherence that can 
be drawn on at later times. Explorations of transfer 
phenomena have focused on establishing spin coher- 
ence in a system that is coupled to the conduction 
electrons, such as core electron polarization or 
nuclear polarization. The polarization of these other 
spin systems can be detected because, when polarized, 
they exert an effective field on the conduction 
electrons. For example, when the nuclear system is 
polarized it exerts an effective field on the electrons 
through the hyperfine coupling. 

It is also possible to polarize these other systems 
indirectly through their interaction with the conduc- 
tion electron system. When the conduction electron 
system is driven far from equilibrium by optically 
pumping the spin polarization, the coupled spin 
systems also become spin polarized. In the case of 
the nuclear spin system this effect is the Overhauser 
effect. While continually generating conduction 
electron spin polarization with optical pumping the 
polarization of the nuclear system begins to rise 
with a time-scale characterized by the coupling 
between the nuclear spins and the conduction 
electron spins (hyperfine coupling). Because of the 
substantial difference between the nuclear spin 
coherence times parallel to and perpendicular to 
the applied magnetic field, the effective nuclear 
polarization is generated parallel to the applied 
magnetic field independent of the orientation of the 
conduction electron spin polarization. In bulk GaAs 
at 5 K the percentage polarization achieved was a few 
per cent, yielding an effective field through the 
hyperfine interaction of ~0.4T. These nuclear 
polarizations and effective fields are increased over 
an order of magnitude in certain quantum wells, 
suggesting that nanostructure design can be used to 
control the effective fields. The induced nuclear 
polarization persists for time-scales characteristic of 
the nuclear longitudinal spin coherence time, on 
the order of minutes. If the optical pumping is 
turned off, the conduction electron spin polarization 
decays away rapidly, whereas the nuclear spin 
polarization persists for time-scales characteristic of 
the nuclear longitudinal spin coherence time, on the 
order of minutes. This nuclear hyper-polarization, 
and its manipulation through an optically pumped 
time-dependent conduction electron spin polariz- 
ation, suggests a possible general technique of 
ultrafast all-optical nuclear magnetic resonance in 
solids. 

A similar spin-coherence storage effect has been 
obtained for core electron polarization in Mn-doped 
ZnSe quantum wells. Again, the optically pumped 
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conduction electron spin polarization generates a 
nonequilibrium spin polarization of the paramagnetic 
core electron spins (3d in the case of Mn) through the 
core-conduction electron coupling. This core electron 
spin polarization persists long after the conduction 
electron spin polarization (and, in undoped systems, 
long after the conduction electron density) has 
decayed away. The magnetic polarization of the 
paramagnetic Mn spins dephases over the very 
long time-scales determined by spin-lattice 
relaxation, and thus is an interesting avenue towards 
information storage. 

The above systems are not ferromagnetic — the 
spin systems involved in the process are paramag- 
netic spin systems coupled to the conduction 
electrons, which are ‘super-polarized’ through the 
conduction electron spin polarization. An alternative 
approach to manipulating the conduction electrons 
has recently been demonstrated using a thin layer of 
a ferromagnetic material placed on top of n-doped 
GaAs. Here the presence of this ferromagnetic 
material, even if only a few nanometers thick, leads 
to a remarkable enhancement of the nuclear spin 
polarization in the GaAs. For example in the 
presence of a mere 1000 G applied magnetic field, 
the ferromagnetic layer generates an effective field on 
the electrons from the nuclei of up to 9000 G. This 
effective field also depends on the orientation of the 
magnetism in the ferromagnetic layer. This intriguing 
effect has yet to be fully explored, but may yield a 
new type of magnetic ‘gate’ on the mobile electrons 
in a semiconductor without a direct form of 
electrical spin injection. 


The Future of Semiconductor 
Spintronic Devices 


Semiconductor charge-based electronics (e.g., tran- 
sistors and integrated circuit chips) and magneto- 
electronics (e.g., hard disk read heads) are two of the 
most successful electronic technologies of the twen- 
tieth century. A union of elements of these two 
technologies is anticipated in the area of semicon- 
ductor spintronics. Immediate approaches involve 
placing hybrid magnetic elements within known 
semiconductor devices. Semiconductor spintronic 
devices, however, are unlikely to compete with 
the most successful devices from each of these 
two areas — the semiconductor transistor is an 
extremely effective and efficient device, as is the 


magnetoelectronic hard disk read head. As has 
occurred with many other new technologies perhaps 
the most important applications of semiconductor 
spintronics have not even been envisaged yet. 

Despite this, one significant application without a 
dominant technology suggests itself — that of quan- 
tum computation. Recent advances in the theoretical 
understanding of quantum information technology, 
including novel algorithms, error-correcting codes, 
and plausible scalable device architectures, suggest 
that calculations involving quantum mechanical 
coherent states are possible. Here the extremely 
long spin coherence times in semiconductor systems, 
and the demonstrated ability to manipulate that 
coherence on ultrafast optical times, indicate that 
spins in semiconductors (whether electron or nuclear) 
may constitute a good basis for a physical realization 
of a quantum computer. 


See also 


Quantum Optics: Quantum Computing with Atoms. 
Semiconductor Physics: Outline of Basic Electronic 
Properties. 
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Introduction 


Surface photovoltage spectroscopy (SPS) is a well- 
established contactless technique for semiconductor 
characterization, which relies on analyzing illumina- 
tion-induced changes in the surface voltage. SPS 
traces its origins to the pioneering work of Brattain 
and Bardeen in the early 1950s, and was extended 
into a powerful spectroscopic tool by Gatos, 
Lagowski and Balestra in the early 1970s. It has 
been used as an extensive source of surface and bulk 
information on various semiconductors and semi- 
conductor interfaces. In the following, we present the 
basic theory behind SPS, its experimental setup, and a 
range of its applications. 


Principles of Operation 


In general, a surface is defined as a boundary of media 
with different physical properties. The periodic 
structure of an ideal crystalline semiconductor results 
in the appearance of allowed energy bands separated 
by forbidden energy gaps. In particular, semiconduc- 
tors are characterized by a nearly full ‘valence band’, 
separated by a forbidden bandgap from a higher 
lying, nearly empty ‘conduction band.’ Electron 
transport takes place within the latter and hole 
transport takes place within the former. The mere 
termination of this periodic structure at the surface, 
as well as the chemical changes in the surface 
associated with this termination, allow for the 
formation of surface-localized electronic states within 
the semiconductor bandgap. Electrons or holes in 
these local states are referred to as ‘trapped carriers’, 
as opposed to the ‘free carriers’ in the conduction and 
valence bands. 

The appearance of surface-localized states induces 
charge transfer between bulk and surface in order to 
establish thermal equilibrium between the two. 
The free carrier density in the vicinity of the surface 
therefore deviates from its equilibrium value in the 
bulk. This results in a surface space charge region 
(SCR), which is electrically non-neutral, implying 


a nonzero electric field in it and therefore a 
potential drop across it. Thus, even under equilibrium 
conditions the surface potential, V,, is different from 
the electric potential far away in the bulk. As a 
specific example which illustrates these concepts, 
consider an n-type semiconductor with a depleted 
surface. The majority carriers are electrons and 
some of them have been trapped in surface states, 
such that their concentration in the vicinity of the 
surface is smaller than its equilibrium value but 
larger than that of the holes (see Figure 1a). The 
potential drop across the SCR is manifested by the 
bending of the semiconductor bands, which is 
such that electrons are repelled from the surface 
and holes are attracted to it, due to the trapped 
surface electrons. We note that, by definition, the 
energy band edge is lower the higher the electrical 
potential, so that a positive V, corresponds to 
downward-bent bands. 

Generally, the photovoltaic effect comprises an 
illumination-induced change in the equilibrium 
potential distribution and is typically the result of 
some charge transfer and/or redistribution within the 
device due to the incident illumination. This is the 
basic principle behind devices ranging from photo- 
diode detectors to photovoltaic solar panels. A 
specific variant of the photovoltaic effect is the 
surface photovoltaic effect, which is at the center of 
this text. It is important to note that the formation 
of a surface photovoltage (SPV) occurs only if 
carrier photogeneration per se is followed by net 
charge redistribution. Usually, no significant driving 
force for such redistribution is found beyond the 
SCR and the underlying bulk remains quasineutral. 
Thus, we are interested primarily in the surface SCR. 

The SPV mechanism depends strongly on whether 
the incident photon energy is larger or smaller than 
the semiconductor bandgap (denoted below as the 
super-bandgap and sub-bandgap, respectively). 
Dominant SPV mechanisms are demonstrated below 
for a depleted n-type surface. The dominant mech- 
anism by which super-bandgap illumination results 
in surface photovoltage generation is shown in 
Figure 1b. The electric field in the SCR causes excess 
electrons to be swept away from the surface and 
excess holes to be swept towards it. This serves to 
reduce the density of surface-trapped electrons and 
decreases the band-bending. In a second mechanism, 
shown in Figure 1c, either electrons or holes are 
preferentially trapped at surface defects. This effec- 
tively charges the surface and thus modifies the 
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Figure 1 Schematic band diagrams of the surface space 
charge region at a depleted n-type semiconductor surface under 
different conditions: (a) thermal equilibrium; (b) super-bandgap 
illumination with carrier separation under an electric field; 
(c) super-bandgap illumination with preferential trapping of: 
(i) electrons, (ii) holes; (d)sub-bandgap illumination with 
excitation of trapped: (i) electrons, (ii) holes. In all diagrams, 
solid and dashed lines indicate band positions in the dark and 
under illumination, respectively. Straight arrows denote carrier 
generation and curved arrows denote carrier trapping. Adapted 
from Gal D, Mastai Y, Hodes G and Kronik L (1999) Bandgap 
determination of semiconductor powders via surface photovoltage 
spectroscopy. Journal of Applied Physics 86: 5573. Reproduced 
by permission of the American Institute of Physics. 


surface potential. This second mechanism is usually 
apparent in bulk samples only if the equilibrium 
surface band-bending is fairly small, but increases in 
importance in polycrystalline materials with decreas- 
ing crystallite size, because of the increasing surface 
to volume ratio. 

The most common mechanism for sub-bandgap 
SPV involves the direct modification of the surface 
charge, and hence potential, by excitation of trapped 
carriers, as shown in Figure 1d. Illumination by 
photons with energy hy >E,—E, may produce 
electron transitions from a surface state at an energy 


E, into the conduction band, where they are quickly 
swept to the semiconductor bulk by means of the 
surface electric field. Hence, the negative surface 
charge is reduced and the band-bending decreases. 
Conversely, illumination by photons with energy 
hy > E, — E, may produce electron transitions from 
the valence band into a surface state situated at an 
energy E, above the valence band maximum, E, 
(which are equivalent to hole transitions from the 
surface state to the valence band). Such transitions 
increase the surface negative charge and therefore the 
surface band-bending. For a SPV to develop in this 
case, it is necessary to have a significant diffusion of 
the excess holes into the bulk and/or a significant 
recombination of electrons and holes inside the SCR, 
as there is no field-assisted driving force of holes into 
the bulk. 

A typical SPV spectrum shows the SPV as a 
function of incident photon energy. Its most import- 
ant features — the ones to watch for when attempting 
to interpret an SPV spectrum — are the sharp slope 
changes (‘knees’) associated with an abrupt onset of 
an additional carrier excitation mechanism. Consider, 
as an illustrative example, the top SPV curve in the 
right-hand part of Figure 2 (the rest of the figure is 
discussed below). In this curve, two ‘knees’ are 
shown. The first ‘knee’ (marked by an arrow) occurs 
at sub-bandgap photon energies and corresponds to 
the onset of carrier excitation from surface states (as 
in Figure 1d). The second ‘knee’ occurs in the vicinity 
of the bandgap energy and corresponds to the onset of 
band-to-band carrier excitation (as in Figure 1b,c). 
The proper interpretation of the energy position of 
these ‘knees’, their sign (negative or positive SPV 
change), and the relation of both to the SPV 
mechanism at work, is elaborated below in the 
‘Applications’ sections. 

So far, our discussion has been devoted solely to 
a study of semi-infinite, uniform bulk samples. 
However, actual semiconductor samples may be 
thin, i.e., not much larger than the diffusion length 
and/or the absorption length, so that excess carriers 
may be present near their back part as well. 
Many optically and electronically interesting 
structures (advanced detectors, transistors, lasers) con- 
sist of a multilayer structure, which has several buried 
interfaces. 

Any change in the potential drop across a buried 
surface will also be measurable at the front surface, 
because potential drops are additive. For example, 
the photo-induced potential drop across a photodiode 
is measured at its contacts, which can be many 
microns away from its active region. Thus, the 
sensitivity of SPV measurements to a certain 
region in the semiconductor is limited only by the 
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Figure 2 SPV spectra of: (a) an n-type GaAs(110) surface, UHV cleaved (top curve) and with an Al overlayer (bottom curve); (b) a 
p-type InP(110) surface, UHV cleaved (top curve) and with an Au overlayer (bottom curve). Arrows denote the onset of optically induced 
transitions and labels denote the corresponding defect level. Adapted from Burstein L, Bregman J and Shapira Y (1991) 
Characterization of interface states at III-V compound semiconductor—metal interfaces. Journal of Applied Physics 69: 2312. 


Reproduced by permission of the American Institute of Physics. 


absorption length of the photons, i.e., by the 
possibility of introducing an excess of free carriers 
in the region of interest. 


Experimental Details 


SPV measurements are nontrivial because the surface 
potential is a built-in potential, rather than an external 
potential. In other words, the surface potential is not 
equal to the difference in Fermi levels between the 
front and back surfaces. Therefore, it cannot be simply 
measured using some form of voltmeter. Moreover, in 
the case of a free surface, the application of any contact 
to indirect electrical measurements of the built-in 
voltage (e.g., current—voltage or capacitance—voltage 
analyses) will invariably alter the surface properties 
and hence the quantity under measurement. 
Consequently, most of the prevalent techniques for 
measuring the surface potential (or at least changes 
of it upon illumination) are based on capacitive 
coupling schemes that do not require a direct electrical 
contact. 

The two most commonly used methods rely on 
bringing a metallic probe close to the free surface, but 
never touching it, thus forming a parallel-plate 
capacitor. An alternating current, from which surface 
potential changes can be calculated, is then excited by 


(a) vibrating the metallic probe, which results in 
alternating capacitance, or (b) using ‘chopped’ 
illumination. The two approaches are known as the 
Kelvin probe and the ac-SPV schemes, respectively. 
In principle, they provide similar information, but 
their somewhat different physical principles result in 
several relative strengths and weaknesses, which 
make the method of choice application-dependent. 
In a nutshell, the Kelvin probe is more suitable 
for following phenomena with large time constants 
(in particular surface states with long relaxation 
times) and does not perturb the true band-bending of 
the free surface. The ac-SPV technique is more 
suitable for following fast relaxation phenomena, 
allows for a systematic modification of the 
surface band-bending in the dark as an extra degree 
of freedom, and does not require an ohmic back- 
contact. 

Both Kelvin probe and ac-SPV measurements may 
also be employed in a scanning mode, which allows 
for recording lateral variations in the SPV, by 
scanning a small probe or a well-focused light 
beam, respectively, across the surface. Both 
approaches are typically limited to a lateral resolution 
roughly of the order of ~1 »m. SPV measurements 
can also be performed by a limited modification of 
two high-resolution techniques for topographic 
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mapping of surfaces that have emerged in the 1980s: 
scanning tunneling microscopy (STM) and atomic 
force microscopy (AFM). This opens new horizons 
for SPV mapping with a resolution on the nanometer 
scale or even the atomic scale. 

A schematic view of a complete, generic SPS setup 
is given in Figure 3. The sample under study is 
typically placed inside a metallic box, which serves as 
both a dark box and a Faraday cage. This box must be 
such that it effectively includes the probe. 

Clearly, for spectroscopic purposes one needs to 
generate the SPV signal using a broadly tunable light 
source. The default choice would therefore be the use 
of a ‘white-light’ source in conjunction with a 
monochromator. Because the typical super-bandgap 
absorption coefficient is typically orders of magnitude 
larger than the sub-bandgap coefficient, SPS is 
vulnerable to the spurious contribution of high- 
order diffraction peaks and stray light. Use of a 
monochromator where these effects are as small as 
possible is therefore highly recommended. For some 
applications, use of an auxiliary light source (e.g., 
white light, laser light, ultraviolet light, etc.) allows 
for a ‘photobias’ of the system and/or for additional 
quantitative analysis. 

The actual recording of an SPV spectrum is 
coordinated by a real-time computer program. This 
program controls the monochromator motor and 
thus wavelength changes, operates the control elec- 
tronics of the probe, reads the measurement results by 
interfacing with the probe read-out electronics via an 
analog-to-digital converter, and finally stores the 
obtained spectrum for subsequent display and 
analysis. 
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Figure 3 Schematic block diagram of a generic SPS setup. 
Adapted from Kronik L and Shapira Y (2001) Surface 
photovoltage spectroscopy of semiconductor structures: at the 
cross-roads of physics, chemistry and electrical engineering. 
Surface and Interface Analysis 21: 954. New York: John Wiley 
and Sons, Inc. 


Applications I: Uniform 
Semiconductors 


An elementary application of SPS is the approximate 
determination of the semiconductor bandgap. This 
determination is based on the large increase in 
absorption coefficient near the bandgap energy, E,, 
found in most semiconductors. This increase brings 
about a significant change of the SPV signal, which is 
easily identified as a sharp change in slope of the SPV 
curve and is often the most significant one in a given 
spectrum. An example is shown in Figure 2, where the 
slope changes related to the bandgaps of GaAs and 
InP are clearly identified. Indeed, the bandgaps of 
most known semiconductors have been analyzed 
using this approach. 

The use of SPS for extraction of E, is at heart 
nothing more than an emulation of an absorption 
spectrum. However, as opposed to, e.g., transmission 
spectroscopy, SPS does not require light collection. 
It can therefore be performed on arbitrarily thick 
samples (or on layers sandwiched within a hetero- 
structure — see below) and does not require the 
sample to be removed from the substrate or grown on 
a transparent one. It is also inherently insensitive to 
reflection and scattering and is thus eminently useful 
for micro- and nanocrystallites. 

One must bear in mind that the value of E, 
obtained from an SPS plot by inspection is only 
approximate. Indeed, detailed experimental compari- 
sons between SPV and absorption spectra reveal 
that the two are often similar, but never identical. 
Thus, the nominal bandgap is nearly always found 
within the onset of the largest SPV signal, but is 
usually relatively broad, the exact position of E, 
within it is by no means obvious, and the error in Eg is 
often ~ 0.1 eV. However, it has been shown that this 
error can be reduced significantly — often by one to 
two orders of magnitude — by a careful quantitative 
analysis of the experimental data. 

We now turn our attention to determining the type 
(p or n) of the semiconductor. This may be achieved 
with the help of the sign of the knee associated with 
the onset of the super-bandgap SPV. Most semicon- 
ductor surfaces are depleted, which means that the 
bands of p-type semiconductors are bent downwards 
towards the surface, whereas the bands of n-type 
semiconductors are bent upwards. Since super-band- 
gap illumination typically tends to decrease the 
surface band-bending, this would result in a positive 
SPV in n-type semiconductors and a negative SPV in 
p-type semiconductors. For example, the SPV spectra 
of n-type GaAs and p-type InP, shown in Figure 2, 
clearly feature opposite onset signs which obey the 
above rules. 
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While in many cases the type of the semiconductor 
is known a priori, this is not always the case and SPS 
can become very useful in determining the semicon- 
ductor type. For example, SPS was used for fast and 
nondestructive verification of the semiconductor type 
in GaN films, where the p-doping is known to be 
nontrivial and subject to compensation by its native 
n-type doping. 

We note that under conditions where the SPV is 
dominated by trapping of carriers, as shown in 
Figure 1c, the sign convention described above clearly 
does not apply. For example, etched CdSe quantum 
dot films were found to exhibit a p-type response in a 
humid ambient and an n-type response in a dry 
ambient, on account of preferential trapping of holes 
or electrons in a dry or humid ambient, respectively. 

A key strength of SPS is in the determination of the 
energy position and type of surface states. Because 
photons of sufficient energy may excite charge carriers 
from a surface state to a band or vice versa, we expect 
a knee in the SPV spectrum whenever the photon 
energy exceeds the threshold energy of a certain 
transition. If the latter involves excitation of electrons 
from the surface state to the conduction band 
(Figure 1d(i)),a positive change in the surface charge 
is induced, and hence a positive SPV is expected. 
Conversely, excitation of holes to the valence band 
(Figure 1d(ii)) makes the surface charge more negative 
and a negative SPV is expected. Thus, the combi- 
nation of the SPV threshold energy and slope sign 
makes the determination of the approximate position 
of the surface state within the bandgap possible. 

As an illustrative example, consider how SPS can be 
used to monitor metal-induced surface states, as 
shown in Figure 2. After cleaving in ultrahigh 
vacuum, neither GaAs nor InP surfaces display any 
knees associated with deep surface states, as expected 
for these surfaces. However, upon deposition of a 
very thin metallic overlayer, distinct sub-bandgap 
knees emerge. These knees, associated with positive 
and negative SPV changes at the Al/GaAs and Au/InP 
interfaces, respectively, indicate the formation of 
surface states situated ~0.8 eV below the conduction 
band edge and ~0.92 eV above the valence band 
edge, respectively. 

Because SPS is contactless and nondestructive, it 
can be applied not only to clean surfaces, but also to 
real ones, in practically any ambient. This makes SPS 
highly suitable for a direct correlation of surface 
electronic structure with chemical treatments. 
One such area of active research is the study of 
surface passivation treatments. An _ illustrative 
example, in which the passivating effects of various 
liquids on a specific p-InP surface (denoted as (100)) 
was studied in situ, is shown in Figure 4. The negative 
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Figure 4 SPV spectra of the p-InP(100) surface in air and after 
successive immersion in (from top to bottom in the lower energy 
part): A — 18 MQ H20; B — 0.4% HF; C — 30% H202;D -a1.3M 
NazS solution. Arrows denote the onset of optically induced 
transitions and labels denote the corresponding defect level. 
Adapted from Bastide S, Gal D, Cahen D and Kronik L (1999) 
Surface photovoltage measurements in liquids. Review of 
Scientific Instruments 70: 4032. Reproduced by permission of 
the American Institute of Physics. 


SPV change at ~1.3 eV found in all spectra shown is 
clearly due to the onset of band-to-band transitions in 
the InP sample, with its sign indicating a p-type 
sample, as appropriate. The SPV spectrum of the 
water-exposed sample (which is similar to that 
obtained in air (not shown)) features two surface 
states: the negative SPV slope change, at ~1 eV, is due 
to a photo-induced population of a surface state 
situated ~1 eV above the valence band edge. The 
positive SPV slope change at ~1.2 eV is due to a 
photo-induced depopulation of a surface state situ- 
ated ~1.2 eV below the conduction band edge. 
Interestingly, exposure to HF eliminates the latter 
state, but not the former. The opposite is true for 
exposure to H2QO;. Finally, exposure to a Na2S 
solution results in removal of both surface states, in 
agreement with the known passivating action of 
this solution. This is just one example of many 
illustrating the strength of SPS for revealing the 
link between chemical/physical treatments and 
device-affecting electronic properties, already at the 
material level. 
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CONTINUITY TESTER 


You can build the circuit on Matrix Board and add it to your Test Equipment. 
You will need lots of "Test Equipment" and they can be built from circuits in this 
eBook. 


TESTING FUSES, LEADS AND WIRES 

All these components come under the heading TESTING for CONTINUITY. Turn off all 
power to the equipment before testing for shorts and continuity. Use the low 
resistance "Ohms Scale" or CONTINUITY range on your multimeter. All fuses, leads 
and wires should have a low, very low or zero resistance. This proves they are 
working. 


A BLOWN FUSE 

The appearance of a fuse after it has "blown" can tell you a lot about the fault in the 
circuit. 

If the inside of the glass tube (of the fuse) is totally blackened, the fuse has been 
damaged very quickly. This indicates a very high current has passed through the 
fuse. 

Depending on the rating of the fuse, (current rating) you will be able to look for 
components that can pass a high current when damaged - such as high power 
transistors, FETs, coils, electrolytics. Before re-connecting the supply, you should 
test the "SUPPLY RAILS" for resistance. This is done by measuring them on a low 
OHMs range in one direction then reverse the leads to see if the resistance is low in 
the other direction. 

A reading can be very low at the start because electrolytics need time to charge-up 
and if the reading gradually increases, the power rail does not have a short. An 
overload can occur when the supply voltage rises to nearly full voltage, so you 
sometimes have to fit a fuse and see how long it takes to "blow." 

If the fuse is just slightly damaged, you will need to read the next part of this eBook, 
to see how and why this happens: 


FAST AND SLOW BLOW FUSES 

There are many different sizes, shapes and ratings of a fuse. They are all current 
ratings as a fuse does not have a voltage rating. Some fuses are designed for cars as 
they fit into the special fuse holders. A fuse can be designed for 50mA, 100mA, 
250mA, 315mA, 500mA, 1Amp, 1.5amp, 2amp, 3amp, 3.15amp Samp, 10amp, 
15amp, 20amp, 25amp, 30amp, 35amp, 50amp and higher. 

Some fuses are fast-blow and some are slow-blow. 

A "normal" fuse consists of a length of thin wire. Or it may be a loop of wire that is 
thin near the middle of the fuse. This is the section that will "burn-out." 

A "normal" fuse is a fast-blow fuse. For instance, a lamp fuse will remain intact 
when up to 1.25 amp flows. When a circuit is turned on, it may take 2-3 amps for a 
very short period of time and a normal 1 amp fuse will get very hot and the wire will 
stretch but not "burn-out." You can see the wire move when the supply turns on. 

If the current increases to 2amps, the fuse will still remain intact. It needs about 3 
amp to heat up the wire to red-hot and burn out. 
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While we have so far considered only surface states, 
SPS is sensitive to bulk states too, as long as charge 
excited from or trapped in them can be separated 
(typically under the electric field of a space charge 
region). Accordingly, SPS has been used for studying, 
e.g., Crrelated defects in GaAs or Fe-related defects 
in InP. The simplest distinction between surface and 
bulk states in SPS is obtained by examining whether 
the pertinent spectral feature disappears after surface 
(e.g., etching) or bulk (e.g., doping) treatment, 
respectively. 

We note that in recent years, SPS has also been 
applied successfully along the lines outlined here for 
the study of bandgaps, doping type, and surface and 
bulk defects in the emerging field of organic 
semiconductors and organic treatments of semicon- 
ductors, as well as for nanostructures, such as 
fullerenes and nanotubes. 

Additional, quantitative analyses of the SPV 
spectra allow for a determination of densities, 
thermal and optical transition rates, and the spatial 
site of gap states. Such analyses are usually 
based on the SPV response to a systematic modifi- 
cation of one or more external parameters, e.g., time 
(for transient responses), illumination intensity, 
temperature, etc. 


Applications Il: Multilayer Structures 


Beyond the study of surface properties, the appli- 
cation of SPS to heterojunctions, multilayer struc- 
tures, and actual device structures has been most 
rewarding in recent years. The SPS of multilayer 
structures is illustrated by Figure 5. This figure 
features the SPV spectra of a ZnO:Al/ZnO/CdS/ 
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Figure 5 SPV spectra of ZnO:Al/ZnO/CdS/CIGS structures 
for various annealing times, in air, at 200°C. Adapted from Gal D, 
Beier J, Moons E, et al. (1995) Band diagram and band line-up 
of the polycrystalline Cds/Cu(In,Ga)ses heterojunction and its 
response to air annealing. A/P Conference Proceedings 353: 453. 
Reproduced by permission of the American Institute of Physics. 


Cu(In,Ga)Se, layered structure, used for the fabrica- 
tion of thin-film solar cells. Distinct spectral knees at 
~1eV, ~2.4 eV, and ~ 3.1 eV, corresponding to the 
bandgaps of Cu(In,Ga)Se2, CdS, and ZnO, respect- 
ively, are clearly observed. The unequivocal identifi- 
cation of all three bandgaps confirms the above- 
mentioned theoretical prediction of SPS sensitivity to 
buried interfaces. Interestingly, the magnitude of the 
SPV signal is seen to increase with increasing 
annealing time (in air, at 200°C), in agreement with 
the increase in overall solar cell efficiency with such 
annealing. 

Another feature of growing importance in SPS is 
that it allows for the characterization of quantum 
wells and other low-dimensional heterostructures. 
An illustrative example of the SPS of a multiple- 
quantum-well (MQW) GaAs/AlGaAs structure is 
shown in Figure 6a. The spectral knees at ~1.4 eV 
and 1.78 eV correspond to the onset of band-to- 
band absorption in the GaAs epilayer and the 
AlGaAs cap layer, respectively. In between these 
two knees, the shape of the SPV spectrum resembles 
typical absorption spectra of MQW structures and 
the observed MQW-related maxima agree well with 
calculated energy values of the hole level-electron 
level transitions denoted as 1HH-1E and 2HH-2E 
transitions. Note that before etching, a nonnegligible 
sub-bandgap SPV signal was apparent at photon 
energies below 1.38 eV, indicating the presence of 
optically active gap states. Since no such signal was 
observed after etching, these states were located at 
the external AlGaAs surface and were not associated 
with the MQW region. Moreover, the SPV spectrum 
in the MQW absorption energy range has not 
changed at all (other than undergoing a uniform 
shift) after etching, showing that the signal SPV 
in the MQW absorption range is not interfered by 
surface effects. Thus, all allowed hole-electron 
transitions have been resolved, at room temperature. 

As SPV analyses of multilayer structures offer the 
possibility of performing contactless and nondes- 
tructive electrical and optical characterization of 
buried interfaces, they have found significant uses in 
the field of process monitoring and quality control 
of actual device structures. This is because the 
possibility of assessing the quality of a layered 
structure before any actual device processing takes 
place presents an opportunity for significant savings 
in time and money. Recent applications include the 
identification of defective batches and prediction of 
ultimate performance of solar cells and x-ray 
detectors, the prediction of energy levels and lasing 
wavelength in modern laser heterostructures, the 
assessment of bandgap narrowing and ultimate gain 
of heterojunction bipolar transistors, and the 
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(a) SPV spectra of a GaAs/AlGaAs MQW sample before (solid curve) and after (dashed curve) etching. Adapted from 


Bachrach-Ashkenasy N, Kronik L, Shapira Y, et al. (1996). Surface photovoltage spectroscopy of quantum welts and superlattices. 
Applied Physics Letters 68: 879. Reproduced by permission of the American Institute of Physics. (b) Room temperature 
experimental SPV spectra (i) and calculated photo-excited carrier spectra (ii) of an InGaAs/GaAs/AlGaAs vertical-cavity 
surface-emitting laser structure. Adapted from Huang YS, Malikova L, Pollak FH, et al. (2000). Surface photovoltage 
spectroscopy, photoreflectance, and reflectivity characterization of an InGaAs/GaAs/GaAlAs vertical-cavity surface-emitting 
laser including temperature dependence. Applied Physics Letters 77: 37. Reproduced by permission of the American Institute 


of Physics. 


characterization of the electronic structure of high 
electron mobility transistors and vertical cavity 
surface emitting lasers. 

As an example of such studies, consider the recent 
characterization of an In-GaAs/GaAs/AlGaAs 
vertical-cavity surface-emitting laser, shown in 
Figure 6b. It is readily observed that SPS resolves 
both the gain providing 1C-1H transition and the 
lasing-wavelength-related cavity mode, as well as a 
rich oscillatory structure above ~1.37eV due to 
interference effects from the distributed Bragg 
reflector stacks. The measured SPV spectrum is also 
in very good agreement with the calculated depen- 
dence of the photo-excited carrier density on 
photon energy, also shown in Figure 6b. In fact, 
SPS is the first contact-less technique to resolve all of 
these features in one measurement, and it also 
allows for a temperature-resolved determination of 
these quantities. 


Summary 


SPS features a theory that is relatively straightfor- 
ward (at least at the qualitative level), and offers 
typical experimental setups that make the method 
contactless, nondestructive, ambient insensitive, 
and capable of any lateral resolution. It can provide 


a detailed picture of the electronic structure at 
surfaces, interfaces, heterojunctions, and even com- 
plicated multilayer structures. The wide range of 
SPS applicability also makes it easy to compare and 
link changes in electronic structure to changes in 
chemical/physical properties on the one hand, and 
electrical/optical device properties and performance 
on the other. 


See also 


Semiconductor Materials: Modulation Spectroscopy of 
Semiconductors and Semiconductor Microstructures. 
Semiconductor Physics: Band Structure and Optical 
Properties; Impurities and Defects; Outline of Basic 
Electronic Properties; Quantum Wells and GaAs-Based 
Structures. 
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Introduction 


Optical spatial solitons, once considered an exotic 
and rather abstract concept belonging to the realm of 
mathematics or mathematical physics, nowadays are 
pursued both experimentally and theoretically in 
terms of their rich dynamics and variegated features, 
with important perspectives in applications to signal 
processing and switching, routing, filtering and — 
generally — light-by-light controlling. In an intuitive 
description of a bright spatial soliton, a self-focusing 
response balances natural diffraction of a light beam, 
allowing for its invariant propagation in transverse 
size and intensity. Spatial solitons can be regarded as 
the stationary or time-independent self-guided ‘eigen- 
waves’ of Maxwell equations in a material system 
with a nonlinear optical response. Basically, ‘bright’ 
spatial solitons (we will not address ‘dark’ cases here, 
i.e., a dip on an illuminated background) bear the 
same relationship to nonlinear optics in space as 
temporal, or fiber, solitons do in time. While both 


temporal and spatial solitons are special cases of light 
localization in the (3 + 1) dimensions (light bullets) 
encompassing time and two transverse coordinates in 
space in addition to propagation; the spatial case 
requires particular attention compared to the fiber 
inasmuch as, in general, two transverse coordinates 
(2D) complement the direction of propagation. In 
other words, the scenario is potentially one-dimen- 
sion richer than for ‘standard’ temporal solitons, 
where light confinement, i.e., the effect of the 
nonlinearity, takes place along a single coordinate. 
In this respect, the latter case finds a direct 
counterpart with spatial solitons in planar wave- 
guides, i.e., (1 + 1)D solitons, where light confine- 
ment occurs linearly in one spatial dimension, 
providing group-velocity dispersion in time is 
replaced by beam diffraction in space, respectively. 
When both transverse dimensions are involved, 
i.e. when a light beam propagates in bulk, in the 
simplest case of Kerr self-focusing, the nonlinearity 
can become overcritical and cause filamentation and 
catastrophic collapse. Additional mechanisms (such 
as saturation, nonlocality, or higher-order effects) or 
inherently different nonlinear responses (parametric 
or molecular), need therefore to be involved in the 
description of spatial solitons. In several instances, the 
mathematics differs from the nonlinear Schrédinger 
equation originally invoked to define a 1D bright 
optical soliton, leading to nonintegrable systems and 
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to a wider class of solutions, called solitary waves. 
Since solitary waves constitute the vast majority of 
the observed spatial light-localization phenomena, 
we will refer to spatial solitons even in those cases 
when their model is nonintegrable, defining them as 
non-diffracting beams in a self-focusing material. 
While retaining the distinction between 1D and 2D 
cases, in the following sections we will discuss bright 
spatial solitons and their features, grouping them on 
the basis of the underlying nonlinear mechanism and 
corresponding model, trying to provide a direct link 
with experimental observations. In doing so, we will 
leave out discussions on dark solitons and modula- 
tionally unstable phenomena, as well as more 
involved subjects ranging from higher-order to vector, 
vortex, photonic-crystal, and incoherent spatial 
solitons. 


The General Model of Bright 
Spatial Solitons 


Assuming the paraxial approximation to be valid, the 
general structure of the evolution equations which 
lead to spatial solitons propagating along z takes the 
so-called Foch—Leontovich form: 


ae 
0 





+V2A = —2k2 A [1] 
where A is the complex amplitude of the linearly 
polarized electric field, k = w/c = 27mM0/A, with A the 
wavelength, w=2av the pulsation, mj the bulk 
refractive index, and An(r) the index change induced 
by the nonlinear effect. In anisotropic materials, both 
mg and An may depend on the polarization of the 
envelope A. The latter is normalized such that the 
optical intensity is I = |Al*. Hence the whole optical 


field is 
E, — Re 2Z0 4 on iattike [2] 
P No 


with Z. being the vacuum impedance. 

Hereafter we will neglect material losses and 
assume An(r) to be real-valued. In the simplest case 
it is a function of the field intensity I calculated in r. 
Typical models are the Kerr medium with An = ny, 
or the saturable Kerr with An = )I/(1 + I/I,) and I, 
a saturation value; they are particular cases of local 
nonlinear media defined by a relation of the type 
F[An(r), I(r)] = 0, with F a ‘well-behaved’ function. 

There is also the possibility that the refractive index 
modification depends on the electromagnetic pertur- 
bation (e.g. the intensity) in a finite region, as hap- 
pens with nonlocal solitons. In the latter case, F needs 


to be substituted by an integro-differential system 
of equations, i.e., it represents a functional between 
An(r) and I(r). 

Relevant exceptions to eqn [1] are spatial solitons 
due to a quadratic nonlinearity, where a system of 
two coupled equations must be taken into consider- 
ation, and a description in terms of a refractive index 
change only holds in an approximate, and by no 
means physical, sense. Quadratic solitons will be 
discussed later. Here, instead of embarking into a 
general classification, we will describe the relation- 
ships to some representative cases. In this simple 
framework, spatial solitons are defined as solutions of 
the type A =aexp(ifz), with a real-valued and 
satisfying the equation: 
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Equation [3] is the z-independent counterpart of 
eqn [1]. It has the form of the stationary Schrédinger 
equation (with a field-dependent Hamiltonian oper- 
ator), where the kinetic energy and the potential are 
given by the diffraction term and by the nonlinear 
correction to the refractive index, respectively. 
Its solutions correspond to solutions of eqn [1] due 
to the balance between diffraction and nonlinearity. 6 
is the nonlinear correction to the dispersion relation 
k=ngolc, i.e., it yields the resulting longitudinal 
wavevector K=k+. Solitary solutions are often 
classified in terms of their dimensionality. Solutions of 
eqn [3], which depend on either 1 or 2 transverse 
coordinates, define 1D or 2D solitons, respectively. 
1D solitons refer to situations in which a bulk 
nonlinear medium is illuminated with a highly elliptic 
beam (such that the diffraction along a transversal 
dimension, denoted by y, is negligible), or a planar 
waveguide is excited with a linear mode fixing the 
transverse profile in one of the dimensions (denoted 
by y). The nonlinear dynamics and the corresponding 
steady-state solutions are then described by eqns [1] 
and [3], with 0, = 0. 


Spatial Solitons in Kerr Media 


1D Kerr Spatial Solitons and the Nonlinear 
Schrodinger Equation 


The simplest example of a spatial soliton is an optical 
beam diffracting in one transverse dimension in the 
presence of the so-called Kerr effect, i.e., a refractive 
index that increases linearly with the local intensity I: 


n=Nng+ nyI [4] 


SOLITONS / Bright Spatial Solitons 45 





where 17(>0) is measured in m* W' and has typical 
values of 107° for silica and 107!” for semiconduc- 
tors at photon energies below half-bandgap, i.e., 
leaving aside two photon absorption and _higher- 
order effects. For 1D Kerr spatial solitons, eqn [1] 
becomes 


aA 
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Equation [5] is known as the nonlinear Schrédinger 
equation (NLS), and is the basic model in describing 
temporal soliton, i.e., nondispersing pulses propaga- 
ting in optical fibers, provided the variable x is 
intended as the temporal coordinate. The importance 
of eqn [5] is due to several remarkable, in some sense 
unique, mathematical properties, and to the fact that 
it can be considered a fundamental model for diverse 
nonlinear phenomena. This circumstance is often 
referred to as the ‘universality of the NLS’. 

In the framework of optical spatial solitons, the 
NLS relevance is moderated by the fact that most 
experimentally explored environments involve pro- 
cesses significantly more complicated than the Kerr 
effect. Nevertheless, it settles the basic principles and 
constitutes a reference point in optical soliton 
assessment. 

Trying to gain some physical insight, the starting 
point is the beam spreading when 7, = 0 in eqn [5], 





ie., the linear regime corresponding to low intensi- 
ties. The diffraction is inherent to the spectrum of 
plane waves in a finite beam (along x). To underline 
the role of the nonlinear response, one can consider 
the NLS without the diffraction term (the second 
derivative with respect to x), obtaining: 


AGS =A1Tes exp| ik T= Tox) [6] 
0 


Equation [6] shows how the nonlinearity yields 
a phase-front curvature related to the sign of m): 
the medium is self-focusing (a converging beam) 
for 1) > 0 or self-defocusing (a diverging beam) for 
nz < 0 (see Figure 1). In the absence of diffraction, 
i.e., for a plane wave, the Kerr effect modifies the field 
phase by increasing (72 > 0) or decreasing (1, < 0) 
the local refractive index (and hence the effective 
optical path) proportional to the intensity. For a beam 
of finite transverse extent, nonlinearity and diffrac- 
tion act together. In a self-focusing medium, the 
concave phase-front due to diffraction can be 
balanced by the nonlinearity, and the natural 
tendency of a beam to spread can therefore be 
compensated. For this to happen, the length-scales 
associated to the diffraction, i.e., the Rayleigh range 
Lp = kw, and the Kerr effect must be comparable. 
A characteristic length Ly = no/(km Ig), over which 
the nonlinear phase shift equals 1, can be associated 
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Figure 1 Kerr spatial solitons. Top: sketch of the mechanism leading to Kerr soliton formation. In the absence of diffraction, self- 
focusing of a Gaussian beam provides a converging phase-front (dashed lines). Conversely, diffraction by itself causes beam 
divergence. When these two effects act jointly, they can balance each other and soliton generation can be observed, with a flat phase- 
front. (Adapted with permission from Stegeman GI, Christodoulides DN and Segev M (2000) Optical spatial solitons: historical 
perspectives. /EEE Journal of Selected Topics in Quantum Electronics 6:1419-—1426). Bottom: beam propagation method used to 
simulate the propagation of a one-dimensional Gaussian beam by integrating the nonlinear Schrédinger equation, for (a) low-power 
input, (b) input high enough to generate a self-trapped solitary wave. The transverse coordinate x is expressed in units of the beam 


waist, the propagation coordinate z in Rayleigh lengths. 
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to the nonlinearity, with Ip the peak intensity across 
the beam profile. When the two lengths Lp and Ly 
are nearly equal, i.e., wiIg ~ no/(k7n), the balance 
between the phase-front curvatures, due to 
diffraction and nonlinearity, yields a self-localized 
nondiffracting beam. Such a situation is described by 
the exact solutions of eqns [1] and [3], which takes 
the form: 


2. 
k Ny 
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A(x,z)=a(xye'*™ with a(x)= VIpsech x 
[7] 


and B = 1Io/2np is determined by the peak intensity 
or, equivalently, by the power P, carried by the 
soliton per unit of transverse wavefront along y: 
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Note that the overall phase-front is flat, and the 
spatial extension in width yields 1/(m,k*Ip)'”, as 
anticipated. The relationship between the soliton 
width — which determines the strength of diffraction - 
and the intensity — responsible for the nonlinear phase 
shift — is known as the existence curve, and is 
characteristic of the specific nonlinear mechanism. 

Equation [7] is the fundamental soliton of the NLS 
and the paradigmatic 1D spatial soliton. Its sech 
shape specifically results from the type of nonlinear- 
ity; as discussed below, other effects (including 
parametric generation) can yield different profiles. 

Figure 1 shows the simulation of a 1D Kerr soliton 
generated from a Gaussian input. Self-trapping is 
attained when the peak intensity or, equivalently, the 
power, reaches a threshold value depending on 
experimental details, the size of the nonlinear 
response, and the beam profile. 

Figure 2 shows experimental results on the 
formation of a 1D Kerr soliton in a semiconductor 
(AlGaAs, mp ~ 3.5) waveguide. At low power (center 
panel) the output beam exhibits diffraction, whereas 
the soliton (bottom) reproduces the input beam 
profile (top panel) at the end facet of the sample. 
These results were obtained at A = 1.55 wm, using 
pulsed laser beams, with temporal pulse durations 
of about 1 ps and peak powers of about 500 W; 
the generated 1D solitons had waists of tens of 
microns. 

In a physically intuitive sense, self-trapping is due 
to the refractive index increase across the beam 
profile. Such an increase gives rise to a graded index 
optical waveguide able to confine all the plane wave 
components with angles of propagation within the 
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Figure 2 1D Kerr soliton in a planar AlGaAs waveguide. 
Transverse beam profiles at the input (top) and output facets of a 
planar waveguide in AlGaAs, at low (center) and high (bottom) 
power, showing diffraction and soliton formation, respectively. 
(Adapted with permission from Aitchison JS, Al-hemyariK, Ironside 
CN, Grant RS and Sibbett W (1992) Observation of spatial solitons 
in AlGaAs waveguides. Electronic Letters 28: 1879.) 


numerical aperture of the input beam. Large spatial- 
frequency components k,. cannot be trapped and are 
emitted as radiation during soliton formation. It is 
possible to experimentally verify that this self- 
induced waveguide is also able to guide a weak 
probe uncorrelated to the soliton, provided it is above 
the cutoff for dielectric confinement. The use of 
spatial solitons for intensity-controlled or all-optical 
lightwave circuitry can therefore be envisaged. The 
first experiments on optical 1D Kerr spatial solitons 
date back to 1985, and were performed in carbon 
disulfide. Since then, 1D Kerr spatial solitons have 
been reported in glasses, semiconductors, and 
organic materials. 


Kerr Spatial Solitons in Two Transverse 
Dimensions: Saturable and Nonlocal Media 


When the dynamics of the optical beam encompasses 
two transverse dimensions, the idealized discussion 
above no longer applies. As long as the medium is 
described by the simple Kerr law (eqn [4]), 2D 
propagation does not admit stable self-trapped 
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stationary beams. Because of this, two alternatives 
are available: (i) the beam diffracts; or (ii) the beam 
progressively self-focuses until it undergoes cata- 
strophic collapse: in the absence of additional limiting 
phenomena, such as plasma formation or nonpar- 
axial/vectorial coupling, its waist keeps shrinking 
with a corresponding unbound increase in peak 
intensity (beam power is conserved). Which regime 
actually applies, depends on whether the excitation is 
lower or higher than a self-focusing critical power 
P. = (0.61A)?/82922. The latter corresponds to a 
diffraction-driven divergence equal to the critical 
angle for total internal reflection in the induced 
waveguide. The self-focusing instability, first pre- 
dicted by Kelly in 1965, is related to the so-called 
Derrick’s theorem: particularly related to spatial 
solitons in a positive (7. > 0) Kerr medium, it states 
that the equilibrium between diffraction and non- 
linearity in 2D is unstable. 

The situation is markedly different when saturation 
is present: self-focusing arrests at the maximum value 
of the nonlinear refractive index increase, and stable 
self-trapped beams are allowed. The simplest model 
for a saturating nonlinearity yields the following 
stationary-state equation: 
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Its solutions, while retaining a bell-shaped profile, 
depart from the purely Kerr model corresponding to 
I, — 00, and can only be obtained numerically. 

Gases, and specifically sodium vapors, were the 
first media in which spatial solitons of a saturable 
Kerr-like nonlinearity were observed in 1974. Histori- 
cally, these were the first 2D optical spatial solitons. 

Most recent developments on optical spatial 
solitons involve more complicated environments 
and nonlinear responses. In the next sections we 
will consider those most investigated experimentally: 
photorefractive solitons, nonlocal solitons in liquid 
crystals and parametric solitons. 


Spatial Solitons in 
Photorefractive Media 


In recent years, research on spatial optical solitons in 
photorefractives has been among the most active. 
Self-trapping in photorefractive materials was first 
predicted in 1992 and observed in 1993. However, a 
clear assessment of this result came with the 
demonstration of the so-called steady-state screening 
photorefractive solitons in 1994. 

The principle underlying the photorefractive 
response can be described as a feedback mechanism 


relating to the optical induction of a static electric 
field E. In specific materials, such as semiconductors 
or ferroelectrics, a light beam generates free charges 
which diffuse and drift under an externally applied 
voltage. Owing to free carriers and donor/acceptor 
sites, the resulting net spatial charge produces a static 
electric field which, in turn, modifies the refractive 
index ng via the electro-optic effect, phenomenologi- 
cally described by 


An, = — 5 ririnE a: srk, — 1) giE.E: (9) 
Equation [9] is a series expansion of the index change 
in powers of the static electric field: all terms are 
present if the medium is noncentrosymmetric, other- 
wise only even-powered terms need be included. In 
essence, eqn [9] entails the feedback mediated by the 
static electric field on the optical wave. 

The feedback leads to stable solutions under 
appropriate conditions. These are steady-state soli- 
tons if the inhomogeneous light-induced index 
change makes a suitable waveguide for the beam. 
The three main types of such self-localized beams are 
screening, photovoltaic, and centrosymmetric photo- 
refractive solitons. Boundary conditions determine 
the induced static field to be inserted in eqn [9] and in 
the propagation eqn [1]. In the simplest cases we 
consider, the light-wave is linearly polarized and the 
tensorial nature of the index perturbation in eqn [9] 
can be neglected. 

The equations encompassing most of the physics of 
the photorefractive effect constitute the Kukhtarev 
model and can be shown as: 





s(I + Ip + Tgark)(Na — Ni) — ypN} = 0 
V-J = V-[qupE + kpTpVp + Byn(Ng — Nalco] = 0 
VE + L(p+Na — Ni) =0 [10] 
S 





The relevant quantities in eqns [10] are: the current 
density J; the free charges (electrons) density p; the 
density of ionized (total) donors Ni, (Ny), the density 
of negatively charged sites Na, the photo-ionization 
cross-section s, the background density I, (due to 
background laser light), the dark irradiance Igarx 
(sIgark is the dark generation rate, typically 
I, >> Idgark), the recombination rate y,, the 
electron mobility x, the low frequency dielectric 
constant & 5 = égé,, the Boltzmann constant kp, the 
versor Cop, Of the optic axis, and the temperature T. 
In the second of eqn [10], the pertinent element 8,4 
of the photovoltaic tensor needs be taken into 
account only for the photovoltaic solitons described 
below. The above must be completed by boundary 
conditions for the bias V — the line integral of 
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E — and the geometry of the metal contacts. Typically, 
Ng ~ 10! cm? >> Ny, [dark =~ 1077-107* Wiem?, 
I, ~ 10 W/cm’, e, ~ 10° and solitons are observed 
in the visible. 

Equations [10] determine the field E in terms of the 
optical intensity I in steady-state, and E is inserted in 
eqn [9] to yield the optically induced index change. A 
major signature of photorefractive solitons is the 
cumulative process they rely on: the space-charge field 
E builds up in time along with the distribution of 
carriers, until equilibrium is reached. Hence the 
phenomenon does not require high optical intensities 
but, conversely, a sufficiently long time (of the order of 
minutes or hours). Photorefractive solitons are typi- 
cally observed at modest excitations, as low as a few 
microwatts, with typical waists of tens of microns. 


Screening and Photovoltaic Solitons 


When an externally applied bias lowers the refractive 
index of a crystal through its electro-optic response, 
a light beam can screen this effect, defining a self- 
waveguide supporting a spatial soliton. In a noncen- 
trosymmetric photorefractive, the beam raises the 
conductivity in the illuminated region, locally low- 
ering the voltage drop compared to dark regions. The 
induced space-charge screens the applied static field, 
and it may bring the refractive index back to its 
unbiased value. This can be seen as a voltage divider 
formed by a small optically controlled resistance and 
two large ones corresponding to the dark regions. The 
resulting solitary waves are called screening photo- 
refractive solitons. For them to be stable (in time), 
additional illumination of intensity I, at the same 
wavelength is required on the crystal in order to 
increase the conductivity of the (dark) regions 
surrounding the soliton. The charge accumulation 
in the beam-tails would otherwise flatten the induced 
index distribution and destroy the soliton. 

The simplest description of screening solitons is 
provided by the saturating relationship between the 
electric field E and the light intensity I: 


V 1 
a id 
Li, [11] 
to be used in eqn [9] to get the index perturbation via 
the electro-optic effect. L is the width across which 
the voltage is applied. Since the quadratic term in 
eqn [9] (weighed by the tensor gjz;) can be neglected 
in noncentrosymmetric crystals: 
tT .2 
An = — 3 Moret E [12] 
where fr, is the relevant component of the electro- 
optics tensor; typically 79 ~ 2, reg ~ tens or hundreds 


of pm/V, and the overall index perturbation is of the 
order of 10°*-10°°, with V/L ~10? V/cm. This 
description applies to 1D solitons; for 2D solitons, 
sometimes referred to as ‘needle’ solitons, the whole 
set of constitutive equations must be solved numeri- 
cally. Nevertheless, in most cases the saturating 
model, even if not rigorous, describes well solitons 
and related phenomena both theoretically and 
experimentally, especially when nonlocal effects can 
be ignored. 

Figure 3 shows the propagation of a 2D spatial 
screening soliton (top) compared to the linear case 
(bottom). The diffractive regime is realized by 
artificially ‘turning off? the nonlinearity acting on 
the applied voltage (when V = 0 in eqn [11] then 
An = 0, corresponding to no induced perturbation). 

Another class of photorefractive spatial solitary 
waves is that of photovoltaic solitons. In this case the 
electric field in the crystal has an additional com- 
ponent through the photovoltaic effect, the latter 
being relevant in materials such as LiINbO3. To sustain 
bright solitons the index perturbation due to the 
photovoltaic current, which induces the space-charge 
field, must be positive. This is the case for Cu: KNSBN, 
where 2D photovoltaic solitons were first observed. 

The space-charge field, due to the photovoltaic 
effect, can be derived from the Kukhtarev model: 


I/l, 


E=-E,,—?— 
ae eA 


[13] 


with E,, is a constant depending on the material 
(Ey, ~ 10° V/em) and J, is the dark-irradiance 
controlled by the background laser light. Typical 
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Figure 3 2D photorefractive soliton. Top view photograph of a 
10mm wide spatial soliton propagating in strontium barium 
niobate (top), and for comparison, the same beam diffracting 
when the nonlinearity if ‘turned off (bottom). (Adapted with 
permission from Stegeman GI, Christodoulides DN and Segev M 
(2000) Optical spatial solitons: historical perspectives. /EEE 
Journal of Selected Topics in Quantum Electronics 
6: 1419-1426). 
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geometries account for the tensorial nature of the 
effect, and are arranged to make I, of the same 
magnitude of the beam intensity I. If E,, > 0, as in 
Cu:KNSBN, eqn [13] in eqn [12] shows that a 
positive index change of the saturating type can be 
induced and support bright solitons. This model is 
successfully used for both 1D and 2D bright photo- 
voltaic spatial solitons. 


Photorefractive Solitons in 
Centrosymmetric Media 


Most experiments on screening solitons were per- 
formed in ferroelectric noncentrosymmetric crystals. 
When brought above the Curie temperature T., 
such materials exhibit a phase-transition to a 
centrosymmetric paraelectric state. Crystals such as 
Potassium Lithium Tantalate Niobate have room- 
temperature phase-transitions, conveniently enabling 
experimental investigations. In paraelectrics, the 
second-order electro-optic tensor rj, is zero because 
of symmetry, but the photorefractive effect is still 
available through the third-order coefficient gj; 
in eqn [9]. By properly choosing the orientation, 
eqn [12] can then be replaced by 


An = 5 mbe3(e, — 1)? ge? [14] 

Operation near T. greatly enhances the relevant 
electro-optic coefficient ger > 0 (getp ~ 0.1 m* C7), 
making the observation of photorefractive screening 
solitons possible. Using eqn [11] in eqn [14] the model 
is saturating and works for both 1D and 2D bright 
solitons. 

Thanks to the low powers involved and a mature 
crystal technology, the photorefractive effect and 
related soliton phenomena have contributed several 
impressive results in optical morphology of nonlinear 
light propagation, including incoherent and white 
light excitations. 


Spatial Solitons in Nonlocal Media, 
Liquid Crystalline Media 


A link, such as the Kerr law (eqn [4]), between the 
index perturbation and the optical intensity is ‘local’, 
because An at a given point (x, y,z) only depends on 
the intensity at the same location. Otherwise the 
medium is said to be ‘nonlocal’, e.g., one of those 
described by the general Kukhtarev model (eqn [10]) 
although, sometimes well approximated by eqns [11] 
or [13]. 

There are various mechanisms yielding non- 
locality, mainly through spatial diffusion of the 


index perturbation far from the excitation. Remark- 
able nonlocal effects are expected when the spatial 
features of the beam, e.g., its waist, are significantly 
smaller than those of the induced polarization. 

One of the most important effects of nonlocality is 
the stabilization against the catastrophic self-focusing 
in 2D, as experimentally investigated by Suter and 
Blasberg in 1992. Evidence of a highly nonlocal 
behavior has been very recently reported in liquid 
crystals, where the nonlinearity can be thermal or 
re-orientational. In the former case the index pertur- 
bation is much wider than the beam waist due to 
thermal diffusion associated to (absorption mediated) 
heat transfer. In the latter case the elastic properties of 
the medium produce a widening of the self-waveguide 
far from the beam axis. In nematic liquid crystal 
(NLC), the re-orientational response stems from the 
optically induced tilt of the elongated molecules 
towards the linearly polarized field versor. The light 
forced re-orientation increases the refractive index, 
thus creating the self-guiding conditions for spatial 
solitons. However, since in the nematic phase the 
molecules are linked together in a wide-scale order, 
the region (kernel) affected by this process is 
determined by the elastic properties of the medium 
and can extend to tens of microns. 

An effective approach to describe spatial solitons in 
a highly nonlocal medium (where the kernel is much 
larger than the beam) postulates that the punctual 
relationship between An and I is replaced by a link 
between An and the beam power P. In such a way the 
transverse integral of the intensity is fully embedded 
in the index perturbation. 

Assuming 1 = n(P,r) with the beam mainly subject 
to the refractive perturbation near its axis, one can 
write: 


mw (r,P) = no(P) — r°y(P) [15] 
with 7}(P) = nj the on-axis value. y(P) depends on 
the specific geometry and determines the wavefront 
convexity at the origin. The overall profile is basically 


determined by the constitutive relationships of the 
medium. The propagation equation can be shown as 


eae 
Oz 





2, k? 2 
t+WiA=—y (PA 
aa) 


[16] 


Equations like [16] also describe the transverse profile 
of a beam linearly propagating in optical fibers, as 
well as the quantum harmonic oscillator (interpreting 
z as time). The soliton is its nondiffracting solution, 
a particular stationary case of a more general 
Gaussian beam with waist variable in propagation. 
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For intensities: 


I(z) = 





the spot-size obeys: 


2 ae 1 of Moz 
7 14 Eee fsin scl [18] 


Therefore, for a Gaussian excitation, the waist 
oscillates along z between the values wa — in general 
determined by the launch conditions - and w,, = 
woy(Ps)/WP). P, is the ‘soliton power’ for which 
Wy, = Wo and k”w)y*(Ps) = 1, hence for P < P, or 
P > P, the beam pulsates cyclically with z (breathes). 
Such a dynamic balance between diffraction and 
nonlinearity stems from the spectral broadening 
associated to an increased beam shrinking: when the 
spectrum widens sufficiently, diffraction starts to 
prevail and the beam spreads again. This process 
repeats itself in propagation. 

The stationary solution for P = P, corresponds to a 
point in the existence curve of waist versus power, i.e.: 





kowoy(Ps) = 1 [19] 
Such exact balance is critical, and experimentally 
observed solitary waves in highly nonlocal media 
appear as breathers. 

Figure 4 displays the intensity profile of a soliton 
propagating in nematic liquid crystals, as acquired 
by a digital camera placed on the top of the cell 
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Figure 4 Nonlocal breather. (Top) top view photograph of a 
spatial soliton in NLC. Beam waist oscillations are apparent in 
propagation, as graphed (bottom panels) versus z for various 
excitations. 
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Figure 5 Sketch of a liquid crystal cell for the observation of 
nonlocal solitons. 6(x) is the orientation of the main axis of the 
ellipsoidal molecules, fixed by an external bias. The alignment is 
planar, with molecules parallel to the cell facets. The optical beam 
propagates in the center of the cell, where 6(x) = 6, and induces 
an additional re-orientation w. (Adapted from Conti C, Peccianti M 
and Assanto G (2003) Route to nonlocality and observation of 
accessible solitons. Physics Review Letters 91: 073901). 


and retrieving the scattered light (see Figure 5). 
The waist oscillation in the self-trapped beam and 
the dependence of the period on excitation are 
apparent. 

A specific highly nonlocal nonlinear system is 
formed by a linearly polarized beam in NLC with 
molecules pre-tilted (by an external electric or 
magnetic field) at 6) = 7/4 with respect to the 
input polarization. As sketched in Figure 5, the light 
wave induces an additional tilt WV. At the lowest 
order of approximation, the relevant set of equations 
can be shown as: 


i Pas” Ma 2A 
az ne 





a [20] 
KViv-G¥+— lA’? =0 
2cnp 
with K the NLC elastic constant (K ~ 107!! N, for 


NLC of the E7 type), m ~ 1.5, n% the optical 


anisotropy (7, ~ 1), i.e., the difference between 
relative permittivities along the two principal axes, 
G a constant determined by the specific geometry of 
the NLC cell and the pre-tilt angle 65. Since, for 
K = 0, eqn [20] represents a Kerr medium, it can be 
considered one of the simplest nonlocal generali- 
zations of local models for spatial solitons. The length 
R,=<VK/G quantifies the diffusion of the index 
perturbation away from the beam axis, such that V 
decays according to the modified Bessel function 
Ko(7/R,). Typically, R, ~ 20 wm and solitons are 
observed in the visible and near-infrared. 


If the current increases to 5 amp, the wire VOLATILISES (burns-out) and deposits 
carbon-black on the inside of the glass tube. 

A slow-blow fuse uses a slightly thicker piece of wire and the fuse is made of two 
pieces of wire joined in the middle with a dob of low-temperature solder. Sometimes 
one of the pieces of wire is a spring and when the current rises to 2.5 amp, the heat 
generated in the wire melts the solder and the two pieces of wire "spring apart." 

A slow-blow fuse will allow a higher current-surge to pass through the fuse and the 
wire will not heat up and sag. 

Thus the fuse is not gradually being damaged and it will remain in a perfect state for 
a long period of time. 

A fuse does not protect electronic equipment from failing. It acts AFTER the 
equipment has failed. 

It will then protect a power supply from delivering a high current to a circuit that has 
failed. 

If a slow-blow fuse has melted the solder, it could be due to a slight overload, slight 
weakening of the fuse over a period of time or the current-rating may be too low. 
You can try another fuse to see what happens. 

You can replace a fast-acting fuse (normal fuse) with a slow blow if the fast-acting 
fuse has been replaced a few times due to deterioration when the equipment is 
turned on. 

But you cannot replace a slow-blow fuse with a fast acting fuse as it will be damaged 
slightly each time the equipment is turned on and eventually fail. 


100mA FUSES 


Fuses below about 100mA are very hard to make and very unreliable. 

Many circuits take a high current when turned to charge the electrolytics and a 100mA (or 50mA 
or 63mA fuse) will bow and stretch and change shape, every time the equipment is turned ON. 
Eventually it will break, due to it heating-up and stretching. 

To produce a reliable fuse below 100mA, some manufacturers have placed a resistor inside the 
fuse and connected it to a spring. One end of the resistor is soldered to a wire with low- 
temperature metal and when the resistor gets hot, the metal softens and the spring pulls the 
resistor away from the wire. 

Quite often you can heat up the metal and connect the wire and the fuse is perfect. 

This type of fuse is called a DELAY fuse and the current rating is shown on the end-cap. 

The value of the resistor determines the current rating. 

There is a small voltage across this type of fuse and it means the circuit sees a slightly lower 
voltage than the supply voltage. 

The third photo shows the pot of solder or low-temp metal and a wire connected to a spring. The 
heat generated in the wire is passed to the solder and it softens. The spring pulls the two 
components apart. You can smash the glass and set up the fuse in the two fuse-holders and 
repair the fuse while you wait for a new fuse to arrive. 
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Solitary wave profiles are found with the ansatz 
A = aexp(i8z), obtaining: 








Via ne - BY 
2k? © 2n2 k 
[21] 
Ren 
RWW era 2_w 
evi + 2Keny” 


No analytical solutions of eqns [21] are known in 2D, 
hence the profiles have to be derived numerically. 
Conversely, it can be shown that 1D sech? solutions 
exist (see next section on parametric solitons). From 
eqn [21], the whole family can be parameterized 
by a dimensionless a = 1/(2kBR2). Since (1/2kB)"” 
measures the soliton waist (see eqn [7]), a relates the 
beam size and the extension of the induced pertur- 
bation. Small a@ solutions access the highly nonlocal 
regime, as shown in Figure 6, where the ratio R 
between the index perturbation and the soliton waist 
is graphed. The insets show sample profiles of a and w 
in two limits, respectively. On the other hand, when 
K=0, R, =0, and a— ©, the local limit yields an 
index perturbation comparable in size to the beam 
waist. 

It is worth pointing out that a model such as 
eqn [16], also derived in the framework of plasma 
physics, predicts unconditionally stable self-trapped 
beams. Nonlocal solitons realize an energy minimum, 
thus preventing beam collapse such as in saturable 
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Figure 6 Spatial solitons versus nonlocality. Graph of the ratio 
R between the waist of the induced index perturbation in a 
nonlocal medium and the soliton waist versus parameter a. The 
insets show (in normalized units) soliton (solid line) and 
perturbation profiles (dashed line) for two different a, i.e., in the 
local (a = 100) and highly nonlocal (a = 0.01) regimes. (Adapted 
from Conti C, Peccianti M and Assanto G (2003) Route to 
nonlocality and observation of accessible solitons. Physics 
Review Letters 91: 073901). 


(Kerr) media. The oscillations observed in experi- 
ments can be regarded as fluctuations around the 
lowest energy state. 


Parametric Spatial Solitons 
in Quadratic Media 


Solitons due to parametric processes, such as second- 
harmonic generation, belong to a different class with 
respect to previous sections. In fact, no refractive 
index modification can be physically associated to 
parametric effects. Parametric solitons are characte- 
rized by a power spectral density peaked around at 
least two carrier harmonic frequencies. It is the 
interaction between these components which pro- 
vides the diffraction beating mechanism. Their 
existence was predicted in the early 1970s by 
Sukhorukov and Karamzin, while the first experi- 
mental evidence was reported in 1995. 

The simplest process to address is second-harmonic 
generation (SHG): a fundamental frequency (FF) 
wave at w interacts with a component at 2w. The 
latter can be spontaneously generated in noncentro- 
symmetric crystals (e.g., LiNbO3, KNbO3, BBO, 
KTP, etc.) or externally seeded. 

For plane waves, this process is ruled by: 








dA, ip. w ae As e7 iAkz —0 
dz c 
[22] 
dA, , Weft A? eiAkz — 


with Ak = ky — 2k) = 2@/c(m, — m2) the phase mis- 
match, d, the nonlinear coefficient, n, and n, the 
indices at SH and FF, respectively, and 


[2Zo 4 ~iwt+i ee 
Fopt = Re “0 Are toot +ikiz 4 “0 Ane 2iwt +ikiz 
ny Ny 


the overall electric field. d.¢ relates to the quadratic 
susceptibility rie (measured in mV‘) through 
to deg = d9)J2Z | (11 Jn), and typically deg =~ 
19710 m2 wl. 

Equations [22] show that, in general, the harmo- 
nics with amplitudes A, and A, affect each other’s 
phase and intensity during propagation. The solution 
with constant moduli, i.e.: 


Ay = VI, exp iZame| 


Ad = bs exp| i72 Amz | 
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with I, and I, the respective intensities, provides a 
‘pure’ phase variation and ‘apparent’ index changes 
An, and An, on either wave. The latter satisfy: 








IL, -1,/2 
ee i 
ny —~ 2 
I, f I,/2 a 
ne oe ee ae 
2 a 21 nN, — 12 
with the constraint (for plane waves to exist): 
=..." |, [25] 
dete 


Equations [24] encompass a great deal of the physics 
in self-trapping via SHG. When eqn [25] is satisfied 
(at least approximately), the effect of SHG is 
exclusively on the phase. Assuming eqn [24] is valid 
for (wide) beams, the propagation in the presence of 
diffraction can be described by two coupled equations 
of the type [1] with relevant perturbations (eqn [24]). 
This shows that the sign of the term (2I, — I,)/ 
(n, — M) is crucial, because focusing at both harmo- 
nics (An, > 0) requires (21, — I,)n, — 1) > 0. 

When just a fundamental frequency (w) is 
launched, solitons are generated for Ak > 0: a small 
2w component is provided via SHG and I, > 215. In 
fact, since SHG (w+ w = 2a) is followed by differ- 
ence frequency generation (2w — w= w, DFG), for 
any finite mismatch Ak > 0, a portion of the FF 
travels for a while at 2m before it is back-converted: 
this is commonly named ‘cascading’ and, as a con- 
sequence, part of the FF undergoes a positive phase 
shift. The converse happens in the DFG + SHG 
process. Finally, if an SH beam with a small FF seed 
is input, solitons form for Ak <0 being 21, > h. 
From a physical point of view, these mechanisms 
create the phase-front distortion required to counter- 
act diffraction. Figure 7 is an artist’s sketch on the 
formation of an SHG soliton. 

Equations [24] are approximately valid and rely on 
a plane-wave insight, but they point out the wealth of 
possibilities offered by three-wave interactions for 
light transverse localization via parametric processes. 
The full set of coupled equations describing 
parametric solitons from SHG differs from eqn [1]: 
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as it includes diffraction terms added to eqn [22]. 
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Figure 7 Parametric solitons via SHG. Intuitive description of 
soliton formation with an FF Gaussian input. At low powers 
(top) and for a small amount of generated SH (center) linear 
diffraction dominates. Above threshold parametric gain efficiently 
counteracts diffraction, originating a spatial soliton via quadratic 
cascading. 


The self-trapped solutions are found as in eqn [23], 
with 


Ay = a4(x, y) exp(iBz) 


Az = a(x, y) exp(iAkz) exp(2iBz), and [27] 


a1 2(x, ¥) = lia, y) 


These show that, even in the presence of diffraction, 
SHG can give rise to pure phase effect if the profiles 
satisfy: 
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which are the space-dependent counterpart of 
eqn [25]. Again, B is a nonlinear contribution to the 
FF wavevector, and determines the corresponding 
correction B, =28+Ak at SH. B is univocally 
determined by the power of the two harmonics in 
the solutions of eqn [28]. 

In the particular case: 
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Ak= Bo5- [29] 
1D parametric solitons exhibit profiles 
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and the powers per unit of transverse wavefront along 
y at the two components are: 
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with the total soliton power P, + P, directly related 
to B. 

Equation [29] implies that, for , >4n) and 
therefore Ak > 0, 1D parametric solitons exhibit the 
sech” profile. Otherwise, no analytical solutions are 
known even in 1D, and numerical techniques need to 
be employed. The same applies to 2D soliton profiles 
in all instances. 

Notably, eqns [28] are essentially identical to eqns 
[21] for solitons in NLC. Therefore, Figure 4 provides 
the features of 2D parametric solitons as well, with ‘a’ 
replaced by ‘a,’, and “W’ by ‘ay’. For parametric 
solitons a = 42,(1+ Ak/2B)/n,, showing that at 
phase-matching (m7) =,, AkR=0) a=4, while 
large a’s correspond to large Ak or small f’s, e.g., 
low power and very wide solitons. The sech” profile 
for 1D solitons corresponds to a= 1. 1D and 2D 
soliton solutions exist for any a > 0. 

The model for SHG solitons is more complicated 
than the previously discussed Kerr or saturable 
cases. The stability question can be formulated as 
the constrained-minimum problem of a specific 
functional, the Hamiltonian H. In general, for a 
given soliton power (the sum of the powers at the two 
harmonics) two branches exist for H. They corre- 
spond to two solitary solutions, differing in the ratio 
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Figure 8 Parametric solitons via SHG. 1D numerical simu- 
lations using the beam propagation method. (a) An FF Gaussian 
excitation diffracts at low powers; (b) at high FF powers, after a 
transient both harmonics propagate undiffracted as a parametric 
spatial soliton. (Adapted with permission from Assanto G and 
Stegeman Gl (2002) Simple physics of quadratic spatial solitons. 
Optics Express 10: 388-396). 


between the two powers. The solution with P, > P; 
corresponds to higher H, and is unstable via 
parametric amplification. When a harmonic field 
propagates in the presence of energy at a sub- 
harmonic (e.g., a small amount of FF), it tends to 
break up and transfer energy to it. Looking at 
Figure 4, this corresponds to small a’s, only attainable 
when Ak < 0. As a result, quadratic solitons with a 
relevant SH content are unstable and thus, more 
difficult to observe. 

The generation of a parametric soliton with a 
Gaussian input at FF, has a threshold (see Figure 7). 
This is because the input has to generate sufficient 
SH in order to produce and ‘feel’ the nonlinear 
phase-shift. A numerical simulation of eqn [26] 
shows the formation of a parametric spatial soliton, 
as displayed in Figure 8. As shown in (a), if only a 
small second-harmonic is generated by an FF 
excitation, diffraction dominates. Above threshold, 
as in (b), a stable self-trapped two-color beam is 
generated. 

Two significant experimental results are 
reproduced in Figures 9 and 10. The photograph in 
Figure 10 shows a soliton propagating in periodically 
poled KTP (PPKTP) over five Rayleigh ranges, 
obtained by imaging the out-of-plane scattered 
light. Parametric solitons are typically observed 
with the FF in the near-infrared and the SH in the 
visible. 

Figure 10 shows the output spots at FF and SH of a 
beam propagating in PPKTP for various FF exci- 
tations, until a soliton is generated (right end). 

We close this section by observing that more 
general models must be considered to describe the 
whole physics of solitons in media with a quadratic 





5 Diffraction lengths 


Figure 9 2D parametric solitons via SHG. Top view photograph 
of a soliton in PPKTP (20 ps pulses at A ~ 983nm and pulse 
energy of about 0.3 J). The dashed lines illustrate the diffractive 
behavior in the absence of nonlinear effects. (Adapted with 
permission from Malendevich R, Jankovic L, Polyakov S, Fuerst R, 
Stegeman G, Bosshard C and Gunter P (2002) Two-dimensional 
type | quadratic spatial solitons in KNbO3 near non-critical phase- 
matching. Optics Letters 27: 631-673.) 
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Figure 10 2D parametric solitons via SHG. Beam spots at FF (top row) and SH (bottom) for various input intensities in a 
PPKTP crystal. (Adapted with permission from Stegeman Gl, Jankovic L, Kim H, et a/. (2003) Generation of, and interactions 
between quadratic spatial solitons in non-critically-phase-matched crystals. Journal of Nonlinear Optical Physics and Materials. 


12: 1-20). 


response. We mention, for example, the subtleties 
associated to anisotropy (walk-off), nondegenerate 
three wave interactions, additional Kerr and higher- 
order effects. 


Conclusions 


Bright spatial solitons are widespread, and have been 
reported in several materials using various wave- 
lengths and geometries. The brief overview presented 
above was intended to introduce the variety of basic 
mechanisms underlying their generation and propa- 
gation, but could not even touch upon the wealth of 
additional properties and potential applications of 
individual and multiple spatial solitons, their inter- 
actions and collisional properties, their stability and 
their control with other linear and nonlinear light 
waves, as well as with additional nonoptical effects 
(temperature, voltage, acoustic, and magnetic fields, 
etc.). Fascinating phenomena involve bright spatial 
solitons and are the subject of current research. 
Among them we like to mention all-optical logic and 
signal readdressing, beam shaping and filtering, 
limiting, sub-wavelength spatial compression, and 
digital imaging. To learn more on the subject, we 
encourage the interested readers to look up the vast 


literature covering both fundamental and applied 
aspects of optical spatial solitons. 


List of Units and Nomenclature 
Angular frequency [s ‘] 


W@W 
Beam waist [m| w 
Boltzmann constant [J K~'] kp 
Current density vector [A m~7] J 
Density of ionized donors [m7 >] 
Dielectric constant of £9 
vacuum [F m~!] 
Director angle perturbation [rad] M7 
Director orientation angle [rad] A 
Electric field amplitude, a,A 
normalized [W'? m1] 
Electric field amplitude, Est 
optical frequency [Vm '] 
Electric field vector, low E 
frequency [V m7 ‘] 
Electron charge [C] q 
Electron density [m~ >] p 
Electron mobility [m? V~! s~'] Bb 
Electro-optic second-order Vik 


tensor [mV !] 
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Electro-optic third-order tensor 
[m* C7] 

Element of the photovoltaic 
tensor [C m°? J '] 


Kerr nonlinear coefficient [m7W7 '] 
Low frequency permittivity [F m~ '] 


Medium elastic constant [N] 
Medium forcing constant [N m~”] 
Non local decay distance [m] 
Nonlinear length [m] 
Nonlinear wavevector 
correction [m '] 
Optic axis versor 
Optical background 
intensity [Wm *] 
Optical dark intensity [Wm 7] 
Optical index anisotropy 
Optical intensity [Wm 7] 
Optical saturation intensity 
[Wm~7] 
Photo-ionization cross-section 
[m? J" 
Photovoltaic index perturbation 
constant [Vm '] 
Power [W] 
Power per wavefront unit 
[Wm *] 
Propagation coordinate [m] 
Rayleigh length [m] 
Recombination rate [m? s~ '] 
Refractive index 
Refractive index perturbation 
Relative dielectric constant 
Sample width [m] 
Second order effective 
susceptibility [m V-'] 
Second order nonlinear 
coefficient [m W 17] 
Self-focusing power [W] 
Soliton power [W] 
Speed of light in vacuum [ms '] 
Static dielectric constant [Fm ‘] 
Temperature [K] 
Total density of negatively 
charged sites [m~ >] 
Total donor density [m7 *] 
Transverse coordinates [m] 
Transverse wave-vector [m7 ‘] 
Vacuum impedance [Q] 
Wavelength [m] 


Seff, Sijkl 


Bon 


k=nolc 
ko = wlc 


Wavevector in medium [m '] 
Wavevector in vacuum [m~'] 


See also 


Babinet’s Principle. Fiber and Guided Wave Optics: 
Nonlinear Optics. Nonlinear Optics, Applications: Self- 
focusing and Related Effects (Solitons and Multiphoton 
Absorption). Nonlinear Optics, Basics: Cascading; 
Photorefraction. 
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Introduction 


In the last few decades there has been considerable 
effort made in understanding energy-localization 
phenomena in many areas of physics. Optical fibers 
constitute excellent media where such phenomena 
are routinely observed by means of relatively simple 
experimental setups. A well-known example of 
those energy-localization phenomena is the optical 
soliton, which corresponds to a light pulse that can 
propagate in optical fibers over relatively long 
distance without experiencing significant degra- 
dations. From a fundamental point of view, the 
high stability of the optical soliton results from a 
delicate balance between the fiber chromatic dis- 
persion and the nonlinear refractive (or Kerr) index. 
The idea of using optical solitons as information bits 
in high-speed communication systems was first 
proposed in 1973, and then demonstrated experi- 
mentally in 1980. After these discoveries, interest in 
optical soliton transmission started to increase. In an 
ideal fiber, optical solitons can be modeled approxi- 
mately by the nonlinear Schrédinger equation, 
whose solutions are well known. In this article we 
present the main types of soliton behavior and the 
fundamental physical processes that are involved in 
soliton stability. 


The Nonlinear Schroddinger Equation 


In optical fibers, there are many nonlinear phenom- 
ena that are difficult to understand by direct analysis 
of the nonlinear polarization (e.g., the soliton effect) 
but that can be readily understood by use of the 
nonlinear Schrédinger equation (NLSE). Let us 
consider an optical pulse that propagates in the 
z-direction, in a dielectric Kerr medium such as an 
optical fiber, with frequency wy, wavenumber ko, and 
an envelope A: 


E= A exp[i(ko-r =F wot)] [1] 


We assume that the wave envelope A varies slowly in 
time and space compared with the fast variations of 
the carrier wave wo. In this situation, the Fourier 
spectrum of the wave is restricted to frequencies and 


wavenumbers close to w = wo and k = ko, respect- 
ively. Then, the wavenumber k can be expanded in a 
Taylor series around ko, as follows: 
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The nonlinear term OQ =(ak/alAl*) Aj-0 arises from 


the optical Kerr effect, as k=nolc=k(a, Al’). 
Setting K=k—kp, Q=w- wa, By = (R/do),,, 
and B = (d7k/aw"),,, one can rewrite eqn [2] as 
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where B, is the inverse of the group velocity and f) is 
the group velocity dispersion (GVD) coefficient. 
Equation [3] represents the nonlinear dispersion 
relation for the envelope. Using a Fourier transform 
method in which K is replaced by a spatial operator 
—id/dz,and O by a temporal operator id/dT , one can 
apply eqn [3] on the envelope A to obtain the 
following equation: 


A 


0A 
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aT? 


0z 





+ iB; on +P tOlAPA=0 [4] 
In practice it is more convenient to make use of the 
quantity A = (aA,¢)"7.A, for which IAI? represents 
the wave power. The parameter A,r is the effective 
core area, which takes into account the variation of 
the light intensity across the transverse section of 
the fiber. The value of Ag strongly depends on the 
mode distribution. Using a system of coordinates 
that moves at the group velocity vz, i.e., replacing 
T by t=T-—2/vz, eqn [4] reduces to the basic 
NLSE: 


vA | 
Bo ar u 


aA 1 
0z 2 





yA’?A = 0 [5] 


where y is the nonlinear coefficient defined by 
Y= OM GA gf) = WoMy/(cA.) and expressed in 
W 'm7~!. This equation is formally analogous to 
the Schrédinger equation in quantum mechanics but 
with a nonlinear potential. Furthermore, in this basic 
NLSE, all higher-order terms that describe effects 
such as the fiber losses, third-order dispersion, or 
stimulated Raman scattering, are neglected. The 
NLSE for pulse propagation in optical fibers was 
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first derived in 1973 by Hasegawa and Tappert. It has 
also found applications in other areas of physics, such 
as in plasma physics, fluid dynamics and electrical 
transmission lines. From a fundamental point of view, 
the basic NLSE involves the combined effects of the 
group velocity dispersion (GVD) and self-phase 
modulation (SPM), which are described by the second 
and third terms in eqn [5], respectively. Each of these 
two effects is analyzed below. 


Group Velocity Dispersion 


The individual effect of the GVD on pulse propa- 
gation can be obtained by setting the nonlinear 
coefficient to zero (y=0). In this case, eqn [5] 
reduces to 


dA 1. d*A 
a 1, oA 6 
az 2 ap 6] 
In the frequency domain, eqn [6] becomes 
0A 
eae ede 7 
re 5) Bow A [7] 


where A represents the Fourier transform of A. 
The solution of eqn [7] is given by 


A(z, @) = A(0, w) exp(iB,w~z/2) [8] 


As eqn [8] shows, the GVD changes the phase of 
each spectral component of the pulse by an amount 
that depends on the propagated distance and the 
frequency of the spectral component. But this 
effect does not modify the power spectrum: 
(\A(z, w)I? = 1A(0,@)I”). This phase change can 
modify the shape of the pulse envelope. For 
example, a Gaussian pulse with a width of 6) at 
z=0, A(z = 0,t) = exp{(—t*/(285)}, will transform 
into 








A(z, t) = [86/(85 — iB22)]'" exp[ — 27/2(8 — iB22)] 
[9] 


at a distance z. In other words, the pulse width 
increases from 8) to dy[1+(z/Lp)*]'”. The para- 
meter Lp = 65/|f2| defines a dispersion length, that 
is, a length scale over which the dispersive effects 
become important. At z=Lp the Gaussian pulse 
broadens by a factor of /2. Thus, the GVD causes 
the spectral components of the pulse to move at 
different velocities, which broadens the pulse, as 
shown by Figure 1. 

Another important effect of the GVD comes from 
the time dependence of the pulse phase, which one 
can easily obtain by rewriting eqn [9] as A(z, t) = 
|A(z,t)l exp[i(z, 2)]. It turns out that the GVD 


Power (mvVvv} 


‘ iF 
, iv 
ete 
BEN i 
Satria 


ai 
SAAN 
SS MOAR 





Time (ps) 


Figure 1 Temporal evolution of the power of a Gaussian pulse, 
as a function of the propagation distance. The simulation 
parameters are the following: input peak power Py = 1 mW, 
Bo = —20ps?km™'!, y=3x103m'W! and 6 =10ps. 
The dispersion length is Lp = 1.8 km. 


induces an instantaneous variation of the frequency 
across the pulse, called a frequency chirp. For the 
initially unchirped Gaussian pulse, the GVD induces 
a chirp given by 


ad tBo(z/Lp) 
at ~ 1Bsl@2[1 + @/Lpy] 





[YO [10] 





As eqn [10] illustrates, the GVD-induced frequency 
chirp depends on the sign of 8, and varies linearly 
across the pulse. 


Self-Phase Modulation 


Similarly to dispersion effects, nonlinear effects in 
optical fibers require a minimum propagation dis- 
tance to develop significantly. The distance over 
which nonlinear effects become important is defined 
as the nonlinear length Ly, given by Ly, = 1/(yPo), 
where Po is the peak power. 

Let us consider the propagation of a light pulse in a 
fiber of length L, such that Ly, < L << Lp. In this 
particular case, the effects of dispersion can be 
neglected, and then the NLS equation becomes 


ee + yAPA=0 [11] 
0z 

It results from this equation that |A(z,¢)I? = 

|A(z = 0,0. This means that the pulse shape 

remains unchanged during propagation. The solution 

of eqn [11] is given by 


A(z, t) = A(0, t) exp[i®nz(z, [12] 
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where ®y) (z,t) = ylA(0, t)I?z. Thus, the Kerr effect 
causes the phase of the wave envelope to vary during 
the propagation. The nonlinear phase shift ®yy 
increases with the propagated distance z. The 
maximum phase shift ®Ri* occurs at the pulse center 
and is given by ®@* = ylA(0, 0)?z = yPoz. One can 
see that the nonlinear length represents the propa- 
gation distance at which ®Xy* = 1. Since the non- 
linear phase shift ®y;, depends on the initial pulse 
shape, it varies nonlinearly with time ¢. This implies 
that the instantaneous optical frequency differs across 
the pulse from its central value wo. The frequency 
chirp is given by 


IDny alA(O, A)I7 
at aU 








6a(t) = a(t) — wo 





[13] 


The modification of the phase of the wave envelope 
by itself is called self-phase modulation. The fre- 
quency chirp increases with the propagated distance, 
thus implying that new frequencies are continuously 
generated as the pulse propagates through the fiber. 
This spectral broadening depends on the initial pulse 
shape. Figure 2 shows the variation of ®y, and 
the corresponding induced frequency chirp across 
the pulse at z= Ly, for the case of an initial 
Gaussian pulse. 

The SPM-induced chirp exhibits several interest- 
ing features. Sw is negative near the leading edge 
(red shift) and is positive near the trailing edge 
(blue shift). The chirp is linear (and increases) 
in the central region of the pulse. In fact, the chirp 
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Figure 2 Temporal variation of the nonlinear phase shift (a) and 
the corresponding frequency chirp induced by SPM (b), for a 
Gaussian pulse. 


6m at a given propagation distance z depends on 
the initial chirp. As Figure 3 shows, at a sufficiently 
long propagated distance, the SPM-induced spec- 
trum exhibits several peaks due to interference 
effects across the pulse. Indeed as Figure 2 shows, 
the same frequency chirp occurs at two distinct 
times associated with two distinct nonlinear phase 
shifts. 

The spectrum width can be estimated by calculat- 
ing the maximum value 6a, of the frequency chirp. 
For an initial unchirped Gaussian pulse one obtains 


_ 0.86 yPoz 


bOmax ad By 


[14] 


Thus, the spectral width increases linearly with the 
propagated distance z and the input peak power Po, 
and is inversely proportional to the initial pulse 
width 6). The SPM can be detrimental for optical 
communication systems. The SPM broadens the 
spectrum of the signal and makes it then more 
susceptible to GVD effects. Note that in wavelength 
division multiplexing (WDM) systems, the phase 
modulation of a given channel can come not only 
from the power in the considered channel itself 
(SPM) but also from the power in a different 
channel of the WDM system (CPM, i.e., cross-phase 
modulation). By appropriate dispersion compen- 
sation, the impact of SPM and CPM can be 
significantly reduced. On the other hand, the SPM, 
combined with dispersive effects, leads to very 
useful effects such as pulse compression, or the 
generation of optical solitons (described below). 
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Figure 3 Evolution of the SPM-induced spectral broadening of 
an initially unchirped Gaussian pulse, as a function of the 
propagation distance. Here the normalized distance is Z/Ly,. 
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Optical Solitons 


Bright Solitons 


Soliton propagation results fundamentally from a 
delicate balance between two phenomena: GVD and 
SPM. As we mentioned above, the GVD causes the 
spectral components of the pump to move at different 
velocities, thus leading to a temporal broadening of 
the pulse as shown in Figure 1 in the case of a 
Gaussian input pulse. Moreover, eqn [10] shows that 
the effect of GVD on a propagating Gaussian pulse is 
associated with a linear frequency chirp Sw and a 
parabolic temporal phase, proportional to B,. On the 
other hand, eqn [12] shows that the SPM induces a 
frequency chirp across the pulse proportional to the 
temporal derivative of the pulse intensity. The chirp 
induced by SPM is then linear only in the central 
region of the pulse as long as the initial pulse shape is 
nonparabolic. As a consequence a Gaussian input 
pulse cannot propagate in a distortion-free manner 
since the GVD for anomalous dispersion (8) < 0) is 
able to completely cancel the intensity-dependent 
phase shift from SPM only over the central region of 
the pulse. On the other hand we show below that, in 
the anomalous dispersion regime, the exact cancella- 
tion of the nonlinear and dispersive temporal phase 
components (and corresponding chirps) is obtained in 
the case of the propagation of a hyperbolic secant 
pulse, which corresponds to the fundamental bright 
optical fiber soliton. 

We consider the propagation of an unchirped 
hyperbolic secant pulse at a wavelength of 1.55 um 
in a standard telecommunications fiber with B, = 
—21x107 ps*m7! and y=1.2x10° Wi mt. 
The input pulse at z=0 is given by A(0,t)= 
Po sech (t/dy) with 59 = 10 ps and Py = 175 mW. 
With this choice of parameters the dispersion length 
is equal to the nonlinear length, i.e. Lp = Ly, = 
4.76 km. In fact, these conditions correspond to those 
which would support a propagating soliton. How- 
ever, let us consider first how SPM and GVD modify 
the incident pulse when acting independently. Figure 4 
shows numerically computed results from the 
solutions of eqns [12] and [8] to illustrate the effects 
of nonlinear and dispersive evolution over a range of 
propagation distances. The figure shows the pulse 
intensity as well as the time-dependent phase and the 
corresponding frequency chirp. The evolution is 
clearly very different in the presence of only nonlinear 
or dispersive effects. Nonlinear SPM alone induces no 
change in the temporal intensity of the pulse, but the 
magnitudes of the SPM-induced phase and chirp 
increase with propagation distance. In contrast, 
GVD induces changes in both the intensity and the 


phase of the pulse as it propagates, and the temporal 
broadening with propagation is associated with a 
significant change in the functional forms of the 
phase and frequency chirp. In particular, whilst for 
large propagation distances it can be seen that 
GVD induces a parabolic temporal phase and 
corresponding linear chirp, this is clearly not the 
case for small propagation distances. This result 
strongly differs from that obtained for a propagating 
Gaussian pulse for which the temporal phase is 
always parabolic. In the context of soliton propa- 
gation, the results in Figure 4b are of particular 
significance, since they clearly show that at z = Lp/10 
where neither SPM nor GVD noticeably modify the 
pulse intensity profile, the SPM and GVD-induced 
phases and frequency chirps have qualitatively similar 
forms, yet opposite sign. The split-step Fourier 
method demonstrates that over a sufficiently small 
propagation distance (e.g., 5g = Lp/10) the effects of 
nonlinearity and dispersion can be considered to act 
independently on a propagating pulse. This suggests 
that, over the propagation segment (0 < z < Az), the 
phases are capable of cancelling each other across the 
entire pulse profile. It is obvious that, if the effects 
cancel over this distance, then the propagation in the 
following segment will begin from the same initial 
condition of an unchirped pulse which was the case at 
z=0. The nonlinear and dispersive phase com- 
ponents will therefore continue to cancel over 
successive iterations for an arbitrary length of fiber, 
and we thus obtain a simple physical interpretation to 
explain the distortion-free propagation of an optical 
soliton. Thus, the combined effects of GVD and SPM 
can prevent the occurrence of a frequency chirp 
across the pulse. In this situation the pulse propagates 
with a constant temporal profile. Such light pulses are 
called optical solitons. 

Mathematically, the basic NLSE, eqn [5], belongs 
to a remarkable class of integrable nonlinear 
equations, which can be solved exactly for an 
arbitrary initial condition by means of the inverse 
scattering method. The solutions depend strongly on 
the sign of dispersion, and the relative importance of 
dispersive and nonlinear effects, measured by a 
dimensionless parameter N: 


Lp = yP 55 
[Bol 





N= [15] 


Int 


In the anomalous dispersion regime (8, < 0) the 
NLS equation admits envelope-soliton solutions. 
The soliton order is given by the parameter N. Only 
the fundamental soliton, defined by N=1, can 
propagate in the fiber with a constant profile, as 
schematically represented in Figure 5. 
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Figure 4 Numerical results showing nonlinear (left column) and dispersive (right column) propagation in an optical fiber, with 
parameters as described in the text, and for propagation distances as indicated. The solid lines show the pulse intensity (left axis) 
whilst the dashed lines show the calculated phase (right axis, top) and chirp (right axis, bottom). Constant phase offsets have been 


removed for clarity. 


Power (mW) 








Time (ps) 


Figure 5 Temporal evolution of the power of a fundamental 
bright soliton, as a function of the propagation distance. 
The simulation parameters are the following: input peak power 
Po = 67MW, Bo = —20ps?km™', y=3x10%m'W' and 
69 = 10 ps. The nonlinear length is Ly, = 5 km. 


For the fundamental soliton, dispersion and non- 
linearity exactly balance each other in a way such that 
neither the pulse shape nor the pulse spectrum change 
during the pulse propagation. The fundamental 
soliton (N = 1) is given by 


A(z, t) = Po sech(t/5y) exp(iyPoz/2) [16] 


where the peak power required to generate this 
soliton is determined by Lp = Ly , and given by 


Po= ‘Bal [17] 
750 

Note that the phase of this bright soliton 
remains constant across the entire pulse. For a 
standard single-mode fiber (SMF), at 1.55 um 
wavelength, typical values of the dispersion and 
nonlinear parameters are B) = —21 ps*km™! and 
y=1.2x107> W7! m“|, respectively. 


Coils, inductors, chokes and yokes are just coils (turns) of wire. The wire may be 
wrapped around a core made of iron or ferrite. 

It is labeled "L" on a circuit board. 

You can test this component for continuity between the ends of the winding and also 
make sure there is no continuity between the winding and the core. 

The winding can be less than one ohm, or greater than 100 ohms. A coil of wire is 
also called an INDUCTOR and it might look like a very simple component, but it can 
operate in a very complex way. 

The way it works is a discussion for another eBook. It is important to understand the 
turns are insulated but a slight fracture in the insulation can cause two turns to touch 
each other and this is called a "SHORTED TURN" or you can say the inductor has 
"SHORTED TURNS." 

When this happens, the inductor allows the circuit to draw MORE CURRENT. This 
causes the fuse to "blow." 

The quickest way to check an inductor is to replace it, but if you want to measure the 
inductance, you can use an INDUCTANCE METER. You can then compare the 
inductance with a known good component. 

An inductor with a shorted turn will have a very low or zero inductance, however you 
may not be able to detect the fault when it is not working in a circuit as the fault 
may be created by a high voltage generated between two of the turns. 

Faulty yokes (both horizontal and vertical windings) can cause the picture to reduce 
in size and/or bend or produce a single horizontal line. 

A TV or monitor screen is the best piece of Test Equipment as it has identified the 
fault. It is pointless trying to test the windings further as you will not be able to test 
them under full operating conditions. The fault may not show up when a low voltage 
(test voltage) is applied. 


MEASURING AND TESTING INDUCTORS 

Inductors are measured with an INDUCTANCE METER but the value of some 
inductors is very small and some Inductance Meters do not give an accurate reading. 
The solution is to measure a larger inductor and note the reading. Now put the two 
inductors in SERIES and the values ADD UP - just like resistors in SERIES. This way 
you can measure very small inductors. VERY CLEVER! 


Question from a reader: Can I add an inductor to stop a fuse blowing? 


Basically, an inductor NEVER prevents a fuse blowing because an inductor prevents 
spikes on one lead (we will call the INPUT lead), appearing on its other lead. 

This is the detection and prevention of current that exists for a very short period of 
time. 

A fuse detects an excess of current that occurs over a very long period of time and 
they are entirely two different "detectors." 

One cannot assist the other in any way. 


An inductor is basically a coil of wire. It may be thick or thin wire. The value of the 
inductor is a combination of the number of turns and the material on which the wire 
is wound. 

The value of an inductor does not change over say a period of 20 years but it can go 
faulty by the enamel cracking and two turns touching. This can also be due to the 
difference in voltage between the two turns creating a spark between the turns and 
creating a "short." 

When you test it, the high voltage is not present and it will test ok. 

You may not think a few turns of wire will have any effect on improving a circuit, but 
spikes are very high frequency and the inductor will have a very big effect on 
reducing them. 

An inductor (say 100uUH) can be produced in many different sizes and the thickness 
of the wire will be important as it determines the current that can flow through the 
inductor. 

The term "inductor" also includes those with two or more windings and these 
components are called TRANSFORMERS. These devices can get "shorts" and "leaks" 
between the windings and sparks can be seen between the windings. These sparks 
do not occur when you are testing them on test-equipment so the only way to 
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So, the peak power required to propagate a 
fundamental soliton with pulse width 5) = 10 ps, is 
Py) = 175 mW. This soliton is represented in Figure 5. 
A further reduction of Py can be obtained by using 
dispersion-shifted fibers (DSF), for which the dis- 
persion can be significantly reduced to values of the 
order of 1 ps*km~’. In this situation, the power 
required to create a soliton reduces to Py = 8.3 mW. 
Thus, fundamental solitons can be generated at 
power levels that are easily obtainable from conven- 
tional laser diodes. The first experimental observation 
of soliton propagation in optical fibers was reported 
in 1980 by Mollenauer, Stolen and Gordon. 

Note that all the higher-order solitons (N > 1) 
execute a recurrent deformation during their 
propagation, as illustrated in Figure 6 in the case of 
the second-order soliton (N = 2). 


Dark Solitons 


In the normal dispersion regime (8, > 0) the chirps 
induced by GVD and SPM reinforce each other and 
thus make the hyperbolic secant pulse more 
susceptible to temporal broadening. Thus, in the 
normal dispersion regime bright solitons cannot 
propagate. However, in this case the NLS equation, 
eqn [5], admits a hole-soliton solution. In other 
words, the intensity profile of this soliton exhibits a 
dip in a uniform background, as represented in 
Figure 7. 

Mathematically, this hole-soliton, commonly 
called a dark soliton, takes the following form: 


A(z, t) = +,/Po tanh(t/59) exp(iyPoz) [18] 
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Figure 6 Temporal evolution of the power of a second-order 
soliton, as a function of the propagation distance. The simulation 
parameters are the following: input peak power Py = 267 mW. 
The fiber parameters are the same as in Figure 5. The nonlinear 
length is Ly, = 1.25 km. 
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Figure 7 Temporal evolution of the power of a dark soliton, as a 
function of the propagation distance, for an input peak power 


As eqn [18] shows, the amplitude of the dark soliton 
is given by an odd function of time. Thus its phase 
exhibits an abrupt 7 jump at the dip center, thus 
implying that dark solitons are chirped. The phase 
between each jump is constant. Note that there exist 
other soliton solutions that are similar to the dark 
soliton, but for which the intensity at the dip center 
does not fall to zero and the phase variation is more 
gradual and smaller. These solutions are often called 
gray solitons. 

A common feature of bright and dark solitons is 
their robustness. This property is very important for 
ensuring practical applications in optical communi- 
cations. Moreover, optical solitons emerge 
unchanged from collision processes. However, dis- 
sipative perturbations such as material loss or Raman 
scattering can destroy such solitons. 


Dispersion-Managed Solitons 


As we mentioned above, the fundamental soliton is 
based on a delicate balance between dispersion and 
nonlinearity, through the relation Lp = Ly. In 
addition, the existence of this soliton requires that 
only these two effects are present in the fiber. But in 
practice, additional linear and nonlinear effects such 
as fiber losses, Raman scattering, or third-order 
dispersion, are always present in the fiber. In 
particular, the fiber losses cause the soliton power to 
continually decrease during the propagation. The use 
of lumped amplifiers along the transmission line 
allows one to compensate for the power loss, but does 
not prevent the occurrence of chirp. As a con- 
sequence, the fundamental soliton does not survive 
over long distances (a few tens of kilometers), without 
in-line control. Moreover, this soliton is not stable 


62 SOLITONS / Optical Fiber Solitons, Physical Origin and Properties 





against phenomena such as CPM and FWM 
processes that occur unavoidably in WDM systems. 
The CPM between the pulses in a given channel and 
the pulses in other channels induce a frequency chirp 
(in the considered channel), which is converted into 
amplitude variations by the fiber dispersion. The 
FWM induces energy-exchange processes between 
different channels, which lead to pulse distortions. 

A new transmission scheme, called dispersion 
management, was recently proposed to resolve the 
above-mentioned limitations. Basically, the dis- 
persion-management technique utilizes a trans- 
mission line with a periodic dispersion map, such 
that each period is built up by two types of fibers, 
generally with different lengths and opposite group- 
velocity dispersion. Whereas the fundamental soliton 
requires total cancellation of the chirp at each 
propagation distance, the dispersion-managed (DM) 
soliton induces a small variation of the chirp, with a 
zero mean value over each period of dispersion 
management. 

The DM soliton exhibits major differences with 
respect to the fundamental bright soliton. First, 
whereas the fundamental bright soliton possesses a 
smooth profile (as Figure 5 shows), the profile of 
the DM soliton exhibits an internal oscillatory 
structure, with several side-lobes on each side of 
the soliton’s center. A typical representation of a 
DM-soliton profile is shown in Figure 8, at the free- 
chirp point of the dispersion map. Another out- 
standing difference is the following: whereas the 
fundamental soliton propagates with a constant 
profile, the DM soliton executes a_ periodic 
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Figure 8 Plot showing the profile of a DM soliton at the 
free-chirp point of a typical DM line made up of 20.5km of 
anomalous-dispersion fiber [85 =—1.5x10°ps?m', y= 
1.4x102W'm'], and 19.5km of normal-dispersion fiber 
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Figure 9 Plot showing the evolution of the DM soliton’s profile 
as a function of the propagation coordinate z. 


deformation, with a period that coincides with 
that of the dispersion map. The minimum value of 
the soliton’s width occurs at the free-chirp point. 
From this point, the soliton’s width can execute 
several oscillations within one dispersion map, with 
a peak value that can be quite large compared with 
the width at the free-chirp point. Figure 9 illustrates 
the propagation of a DM soliton within one 
dispersion map of a lossless DM line. 

Recent experiments have demonstrated that in this 
new transmission scheme the pulse propagation 
becomes much more stable than fundamental solitons 
against linear and nonlinear effects such that SPM, 
FWM, CPM, or third-order dispersion. The DM 
transmission lines are currently subject to intense 
research with a view both to upgrade the capacity of 
existing terrestrial networks, and to design submarine 
fiber systems with ultrahigh capacity. 


Modulational Instability 


In optical fibers, the interaction between nonlinear 
and dispersive effects may lead to modulational 
instability (MI), a phenomenon in which a continu- 
ous or quasicontinuous wave undergoes a modulation 
of its amplitude or phase in the presence of noise or 
any other small perturbation. The perturbation can 
originate from quantum noise (spontaneous-MI) or 
from a frequency shifted signal wave (induced-MI). 
MI was observed for the first time by Tai, Hasegawa 
and Tomita in 1986 for a single pump wave 
propagating in a standard nonbirefringent fiber 
(scalar MI). Scalar MI occurs only when the group 
velocity dispersion (GVD) is negative (anomalous 
dispersion regime). Modulational instability in eqn [5] 
is examined through a linear stability analysis (LSA) 
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of its steady state solution 


A = yPo expliyPoz] 


Equation [19] shows that the power remains constant 
through propagation along the fiber. The linear 
stability of the steady state solution is examined by 
looking into the system in the presence of small 
amplitude and phase perturbations a; that is, we 
consider 


[19] 


A= (Po +4) expliyPozl [20] 


Then, the linearization of the NLSE with respect to 
a yields 


aa ip aa 
az 2 ar? 





= iyP)(a+a’) [21] 


Then one can assume for the perturbation a modula- 
tional ansatz with wavenumber K and frequency Q, 
of the form 

a(z,t) =u cos(Kz — Ot) + iv sin(Kz — Ot) — [22] 


Substitution of eqn [22] into eqn [21] leads to the 
following dispersion relation for the perturbation 


[23] 





The MI phenomenon manifests itself by an expo- 
nential growth of the amplitude of the perturbation. 
This behavior occurs when the wavenumber K 
possesses a nonzero imaginary part. The dispersion 
relation [23] clearly shows that MI strongly depends 
on the sign of the dispersion. For normal dispersion 
(B. > 0), K is always real and the steady state is 
stable, whereas in the anomalous dispersion regime, 


MI appears for  < Q, = 4/4yPo/|B2!. The import- 


ance of the phenomenon is measured by a power 
gain defined by 


2(Q) = 21Im(K)! = 18,104.02 — 07 


Figure 10 shows the MI-gain spectra at three power 
levels with fiber parameters appropriate for standard 
silica fibers at Ay = 1.319 pm. 

The peak value of the gain, gmax = 2yPo, occurs at 


a frequency 
2yP 
O.=) 8 
P |Bo| 


called the optimal modulational frequency. In 
practice, when the perturbation corresponds to 


[24] 


[25] 


quantum noise, the spectral components that are 
amplified by the MI-process are close to Qo. Here, 
as shown by Figure 11, the MI phenomenon leads to 
two sidebands that are situated symmetrically 
with respect to the pump, at frequency detunings 
of ~ +Q,,, (see Figure 10 for a pump peak power 
Pp>=3 W). 

In the time domain, induced-MI leads to the 
break-up of the quasi-cw pump wave into a train 
of ultrashort pulses. The repetition rate of the 
pulses is determined by the frequency detuning 
between the signal and the pump (i.e. the modula- 
tional frequency). The temporal shape of these 
ultrashort pulses depends not only on the powers 
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Figure 10 Spectral profiles of MI gain g for a pump 
peak power P79 =1W (solid), 3W (dashed) and 10W 
(dot-dashed). The fiber parameters are Bo = —3.5 ps? km~' and 
y=1.9x10 3m ‘Ww, 
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Figure 11 Spontaneous modulational instability spectrum (i.e., 


parametrically amplified spontaneous noise), as obtained for a 
peak pump power Pp = 3 W anda fiber length L = 1 km. The fiber 
parameters are the same as in Figure 10. 
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Figure 12 


(a) Theoretical temporal evolution of the power for induced-MI, as a function of the propagation distance. (b) Output power 


spectrum in logarithmic intensity scale. The pump (signal) power is 3 W (0.5 mW), the pump-signal frequency detuning is 0.34 THz, and 
the fiber length is 1 km. The fiber parameters are the same as in Figure 10. 


of the input waves but also on the modulational 
frequency. In particular, trains of bright and dark 
solitons with a terahertz repetition rate have been 
generated by MI in optical fibers. Figure 12a shows 
theoretically the evolution of a small initial 
modulation. 

As Figure 12a shows, MI causes a small initial 
perturbation to evolve into a periodic pulse train, 
whose period is inversely proportional to the freq- 
uency spacing Af between the pump and signal 
waves. Thus the technique of induced-MI can be 
exploited for generating high-repetition-rate ultra- 
short pulse trains. As shown in Figure 12b, such pulse 
train generation manifests itself in the frequency 
domain by the growth of a cascade of sidebands. The 
number of harmonics (7Af) is determined by the 
temporal shape of the generated pulses and the initial 
conditions at the fiber input. 

Cross-phase modulation (CPM) between two 
modes can be used to extend the instability domain 
to the normal dispersion regime (positive GVD). This 
is achieved by using orthogonally polarized pump 
waves. This CPM-induced MI is called vector 
modulational instability. The optical field evolu- 
tions are described by two coupled NLS equations. 


Several experiments involving two polarization 
modes, or two spatial modes, have been done in 
order to observe MI in the normal GVD regime. 


Conclusion 


The invention of soliton transmission, predicted in 
1973 and experimentally demonstrated in 1980, is 
one of the major discoveries made in the area of 
optical telecommunication. Although from the period 
of invention of optical solitons up to very recent years 
the main line of research activities was based on the 
concept of the ‘classical soliton’, which represents an 
exact balance between the fiber group-velocity 
dispersion and its intensity-dependent refractive 
index, most recent experimental and theoretical 
developments focus on dispersion-managed solitons. 
It is now widely recognized that DM solitons in fiber- 
optic links are the most promising way both to 
upgrade the capacity of existing terrestrial telecom- 
munication networks and to design submarine fiber 
systems. Most of the current research and develop- 
ment activities in this context aim to develop a non- 
empirical methodology of designing ultrahigh-speed 
DM fiber systems. 
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List of Units and Nomenclature 


Dispersion length Lp [m] 
Group velocity dispersion coefficient By 
[ps* km7! = 10777 5? m74] 
Nonlinear length Ly; [m] 
Nonlinear parameter y [W' m“‘] 
Nonlinear refractive index 1) [m7 W'] 
Optical intensity I [GW cm~* = 10? W cm7?] 





CPM: cross-phase modulation 

DM Soliton: dispersion-managed soliton 
FWM: four-wave mixing 

GVD: group velocity dispersion 

LSA: linear stability analysis 

MI: modulational instability 

NLS (E): nonlinear Schrédinger (equation) 
SPM: self-phase modulation 

WDM: wavelength division multiplexing 


See also 


Fiber and Guided Wave Optics: Dispersion; Light 
Propagation; Nonlinear Effects (Basics). Lasers: Optical 
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Introduction 


In 1973 Hasegawa and Tappert proposed that optical 
soliton pulses in fibers could exist. A soliton is a 
propagating wave packet that is localized in the sense 
that it does not spread its energy during propagation, 
and with the additional property that it is so stable 
that it can collide with other solitons and emerge 
unaffected with respect to energy, shape, and 
momentum after the collision. Solitons are based on 
some kind of nonlinearity in the system, and for 
optical fibers the weak Kerr nonlinearity (which 
makes the refractive index increase in proportion to 
the optical intensity) can counteract the pulse broad- 
ening induced by group-velocity dispersion (GVD). 
The two effects can form a stable balance in the form 
of a soliton pulse, which then propagates without 
changing shape. 

Due to the lack of short-pulse laser sources at 
wavelengths above 1.3 wm, and low-loss silica fibers, 
it took another seven years for optical soliton pulses 
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to be experimentally verified. In an experiment by 
Mollenauer, Stolen, and Gordon in 1980, soliton 
pulse transmission over 700m fiber was demon- 
strated. During the 1980s soliton research aimed 
towards the use of solitons as information carriers in 
optical communications, and in 1990 the first data 
transmission experiment using solitons (2.8 Gb/s over 
23 km of fiber) were reported by Iwatsuki et al. 

During the 1990s, soliton-based communication 
systems have matured, an important reason being the 
development of the erbium-doped fiber amplifier 
(EDFA), which made high power levels commercially 
available. The most recent developments have been 
towards the use of solitons in alternating dispersion 
maps (so-called dispersion management), and such 
systems have reached performance levels near 
commercialization. 

It should be stressed that fiber soliton research has 
been almost exclusively devoted to single-mode fibers 
at a wavelength of 1550 nm. In principle, solitons can 
also be used to counteract mode dispersion in multi- 
mode fibres, but that generally requires unrealistically 
high peak powers, and is therefore regarded to be of 
less interest. Similarly, solitons with wavelengths 
around 1300 nm in single-mode fibers have been 
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considered, but found to be of less interest due to the 
lack of low-noise optical amplifiers in this spectral 
range. Another kind of soliton, the so-called dark 
soliton, can also be generated in single-mode fibers. 
However, dark solitons have only been used as infor- 
mation carriers in a very limited number of experi- 
ments, and will also be omitted from this discussion. 

In the present review we will discuss both 
theoretical and experimental aspects of soliton 
transmission. We will distinguish between conven- 
tional solitons, which have constant dispersion 
during transmission, and dispersion-managed soli- 
tons (although solitary waves would be the proper 
mathematical name) for which the dispersion varies 
periodically during transmission. 


Conventional Fiber Solitons 


Group-velocity dispersion means that the group 
velocity of the light changes with the optical 
frequency, and it is usually defined as the second 
derivative of the propagation constant B with 
respect to the angular frequency w, and denoted 
Bi [ps* km~']. Standard single-mode fibers have a 

} =~ —20 [ps*km~'] around a wavelength of 
1550 nm, whereas dispersion-shifted fibers (DSFs) 
have 8) close to zero in the 1550 nm region. The 
dispersion is defined with respect to sign, so that the 
GVD is said to be normal if the group velocity 
decreases with frequency (i.e., Bj > 0), and ano- 
malous if the group velocity increases with frequency 
(i.e., Bj< 0). A pulse propagating in a dispersive fiber 
will broaden with propagation distance at a rate 
proportional to the product of Bj and the spectral 
width of the pulse. In a communication system such a 
broadening is devastating, since neighboring pulses 
will interfere and disperse power into adjacent bit 
slots. The problem is increased for high data rates (as 
this requires short pulses with broad spectra) and/or 
long transmission distances. 

The nonlinearity in optical fibers manifests itself as 
a dependence of the refractive index with power, and 
is known as the optical Kerr effect. For pulse 
propagation the Kerr effect will give rise to self- 
phase modulation (SPM), which means that the pulse 
will get a phase modulation proportional to its 
own intensity. Mathematically speaking, the ampli- 
tude of an optical pulse u(0, t) [W'7] launched at 
z=0 will evolve according to u(z,t) = u(0,t) 
exp(—iyzlu(0, t)\?), where y [W ! km~'] is the non- 
linear coefficient of the fiber, z [km] is the propagation 
distance along the fiber, ¢ [ps] is the time coordinate, 
and lu(z, t)l? [W] is the power level of the light. The 
value of y varies between different fiber types due to 
the dependence on the core area of the fiber, but for 


standard single-mode fibers, in the 1550 nm region, it 
is approximately 2.2 km~' W7!. 

Taking both self-phase modulation and dispersion 
into account, one can derive a propagation equation 
for light, known as the nonlinear Schrédinger (NLS) 
equation. Of particular importance for the solution to 
the NLS equation is solitons, which is a solution that 
propagates without dispersive broadening. The soli- 
ton solution arises as a result of a cancellation of the 
dispersion and the self-phase modulation effects, and 
it can only be formed when the dispersion is 
anomalous. For normal dispersion the nonlinearity 
and the dispersion will instead act together to increase 
the spectral broadening of the pulse. The soliton 
solution of duration tp and dispersion f} reads 


1 t . & 
Usgol(Z, £) 7 sech( ; Jexo( ie ) [1] 


where the dispersive length is Lp = 23/!6}! [km]. 
The soliton peak power P, [W] and energy E, [J] 
can be expressed as P, = |u,,\(z, 0)* = |B / yt and 
E, = 2Pto — 2IB5|/ yto. 

The fact that solitons are not broadened by 
dispersion will make them ideally suited as infor- 
mation carriers in a communication system. However, 
the solitons are affected by various perturbations that 
will affect the balance by dispersion and nonlinearity. 
Unless proper care is taken in the design of the system, 
those perturbations can destroy the performance of 
the communication system. Next, we will review the 
most important perturbations and design issues of 
soliton-based communication systems. 








Solitons in the Presence of Third-Order Dispersion 


The third-order dispersion (TOD), or the dispersion 
slope, is modeled with the derivative of the GVD, 
Bb (ps? km~!], which is typically 0.1 ps? km? in 
standard and dispersion-shifted fibers. For solitons 
in dispersion-shifted fibers the effect of the dispersion 
slope is increasingly important the closer the solitons 
are to the zero dispersion wavelength. 

When a soliton is placed close to the zero- 
dispersion wavelength, it will emit radiation in the 
normal dispersion regime of the spectrum, lose 
energy, and recoil further into the anomalous 
dispersion region so that the radiation stops and a 
stable soliton is formed. As a design criterion 
B'O/ (Blt) < 0.24 have been suggested for this 
phenomenon to provide negligible energy loss. 


Solitons in the Presence of Amplification and Loss 


The most important property that has been neglected 
in the derivation of the NLS equation for optical 
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pulses is the effect of loss. The loss will decrease the 
power and hence the nonlinearity so that the balance 
sustaining the soliton is no longer maintained. As a 
result of the loss (which is of the order of 0.2 dBkm™! 
in standard transmission fibers) the soliton pulse will 
be broadened. Partly, this can be circumvented by 
requiring the launched peak power of the soliton after 
each amplifier to be such that the path-average power 
between the amplifiers equals the soliton power, P,. 
The peak power Py.ax falls off as exp(— az), where 
a= 0.042 km! is the fiber loss coefficient, and 
the average peak power over one amplifier span is 
then Poeak (1 = exp(— aL,))/aL, = Peat & <i 1)/ 
G In(G) = P,, where G = exp(aL,) is the gain of 
each amplifier and L, [km] is the amplifier spacing. 
Nevertheless the periodic fluctuation of power and 
width over each amplifier length may cause the 
solitons to become unstable and lose power to 
dispersive wave radiation. To minimize this loss a 
useful design criterion is that the amplifier length L, 
should be smaller than the dispersive length, Lp. 


Sources of Timing Jitter 


Another transmission obstacle is the various sources of 
random movement of the pulse in the bit slot, i.e., 
timing jitter of the pulses in the data transmission link. 
There are various sources of timing jitter, e.g., soliton 
interaction, Gordon—Haus, acoustic, and wavelength 
division multiplexing collision induced jitter. 


Soliton interactions 
Solitons, being nonlinear pulses, will interact with 
adjacent pulses in the pulse train. The interaction 
between solitons of the same polarization state and 
wavelength is phase sensitive so that in-phase solitons 
will attract each other whereas out-of-phase 
solitons will repel each other. To reduce this effect 
the solitons must be sufficiently spaced in the data 
stream. A typical design condition is that the pulse 
width of the solitons are one fifth of the bit slot, or 
one fifth of the inverse bit rate. A straightforward way 
of reducing the interaction is to have alternating 
amplitudes of the soliton in the pulse train, and the 
solitons can then be packed more densely. 
Orthogonally polarized solitons interact substan- 
tially less, since it is the intensity overlap that causes 
the interaction, rather than the amplitude overlap as 
for copolarized solitons. In polarization multiplexed 
systems where adjacent pulse have orthogonal 
polarization it is usually enough with half the above 
separation, i.e., a pulse duration of 2.5 less than the 
bit separation. 


Gordon-Haus jitter 

Noise from the in-line amplifiers will give rise to a 
small jitter in the carrier frequency of each soliton, 
which, via the dispersion, will alter the group velocity 
and hence affect the arrival time of each pulse. This is 
known as the Gordon—Haus effect, and it has to be 
accounted for in long-distance systems. The variance 
of the timing jitter is proportional to the ratio of the 
power spectral density of the noise to the energy of 
the soliton, and also proportional to the transmis- 
sion distance cubed. The fact that Gordon—Haus 
jitter grows cubically with distance makes it particu- 
larly important at transoceanic lengths, typically 
exceeding 1 Mm. 


Acoustic jitter 

The electrostriction nonlinearity in the fiber gives rise 
to a mechanical pressure proportional to the optical 
intensity, which in turn modifies the refractive index 
of the fiber. In particular, an intense optical pulse like 
a soliton will give rise to a pressure (acoustic) wave 
moving radially outwards from the fiber center. The 
pulses in the wake of this wave will experience a 
randomly changing local refractive index, and hence 
(just as for Gordon—Haus jitter) a randomly changing 
carrier frequency that transforms into a timing 
jitter. The variance of this jitter will grow as the 
transmission distance to the power of four. 


WDM Considerations 


Wavelength division multiplexing (WDM) is another 
way of increasing the bit-rate of soliton systems. That 
is, several frequency channels are used for solitons 
transmission. The problem with WDM transmission 
using solitons stems mainly from collisions between 
solitons in the different wavelength channels. In a 
perfectly ideal NLS equation solitons would collide 
elastically without changing carrier wavelength. 
However, the presence of losses and amplification 
may cause the collisions to be asymmetric if they occur 
around an amplifier, and the result will be a freq- 
uency displacement and a concomitant timing jitter. 


Soliton Control 


Soliton control is the common name for methods to 
control the soliton parameters such as wavelength 
and position, mainly in order to reduce the deleter- 
ious timing jitter effects. There are two different 
approaches: passive and active control. 

Passive soliton control has been suggested in the 
form of filters that are inserted along the transmission 
path. This helps to keep the soliton wavelength fixed. 
In this way not only Gordon—Haus and acoustic jitter 
can be remedied, but also interaction jitter and 
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WDM-collision-induced jitter. A problem with this 
kind of filtering is that it defines a spectral region with 
excess gain, in which amplifier noise will grow 
excessively. A way around that problem is to slightly 
shift the center wavelength of the filters along the 
transmission path. In that way the solitons will follow 
the frequency shift, but the linear noise will not. Such 
sliding filter experiments have demonstrated 
8 x 10 Gb/s WDM soliton transmission over 10 Mm. 

Active control usually acts in the time domain by 
using phase or amplitude modulators to retime and 
reshape the solitons. Using this technique, 10 Gbit/s 
over unlimited distances has been demonstrated. 
However, this kind of active reshaping of the pulses 
suffers from the same drawbacks as conventional 
electronic regeneration, i.e., incompatibility with 
WDM, complexity, and high cost. 


Dispersion-Managed Solitons 


Introduction 


In the last years of the 1990s, solitons have become 
substantially more attractive through the rapidly 
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emerging strategy of improving the performance of 
soliton transmission with dispersion management 
(DM). While the DM strategy, which involves 
altering the local dispersion between a large positive 
and a large negative GVD such that the average GVD 
is small, has long been used in linear systems, it was 
only relatively recently appreciated that the same 
technique, if properly implemented, gives rise to 
several very striking improvements over conventional 
soliton transmission systems. While DM-solitons 
are clearly nonlinear pulses they are by no means 
classical solitons. 

From a commercial viewpoint, however, the most 
important benefit with using DM-solitons is that 
they, in principle, can use the already installed 
conventional fibers (with zero dispersion at 
1300 nm) allowing a much more cost-effective 
upgrade together with dispersion-compensating 
fibers (DCF) or chirped fiber gratings, which can be 
located together with in-line amplifiers at certain 
intervals in the link. 

In Figure 1, an example of breathing in spectral and 
temporal widths of a DM-soliton can be seen, 
together with its dispersion map at the bottom. 
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Figure 1 Plot of the spectral width (top), temporal width (middle), dispersion map (bottom) of a dispersion-managed soliton in the 
lossless case (left column) and the lossy case that is periodically amplified (right column). The positions of the amplifiers are denoted by 


the small triangles in the plot of the dispersion map. 
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Two cases are shown; one without fiber attenuation 
(left column) and one including fiber losses and 
periodic, lumped amplification every 60 km. One 
may note the strictly periodic behavior of both the 
spectral and temporal widths in both cases, and that 
the evolution of the spectral width is significantly 
different in the lossy case. This is because a change of 
the pulse spectrum requires nonlinearities and high 
power, and the spectral broadening is therefore 
highest directly after the amplifiers. 


Properties 


DM-solitons emerged from extensive simulation 
work, and it was quite surprising to many researchers 
that the simulations revealed such stable and strictly 
periodic pulses. The periodicity follows that of the 
dispersion variation of the system. Usually the system 
under study has a dispersion map, i.e., a plot of how 
the GVD varies along the transmission path. The map 
has a characteristic period (typically 10-100 km) and 
an average GVD which is significantly lower than the 
local GVD in the map. 

As a result of the massive simulation work done by 
many groups the following properties of DM-solitons 
have been found: 


e The pulse width, chirp, and spectral width 
oscillates periodically in the dispersion map. 
There are two points within the period at which 
the pulse is chirp-free, and those correspond to 
local minima of the pulse width. One of those 
points is the global minimum width, referred to as 
the ‘shortest pulse’ below. 

e A central parameter that is useful for the charac- 
terization of DM-solitons is the map strength, 
S = (L,|Bt! + Ly! 65) Tay, where L is the length, 
B" is the dispersion, Tpwrm is the minimum pulse 
width in the full width half maximum sense, and 
the subscripts 1 and 2 refer to the two fibers in the 
dispersion map. In this example we thus assume 
the map to consist of two fibers, one with normal 
and one with anomalous dispersion. Physically the 
map strength is the number of dispersive lengths 
the pulse propagates in one period. DM-solitons 
have been found for map strengths ranging 
from S=0 (which is the same as conventional 
solitons) to § ~ 12, although this upper limit is a 
transition regime in which the pulses radiate and 
perfect periodic evolution never arises. 

e DM-solitons have been found for anomalous, 
normal, and zero average dispersion 6", defined as 
BO = (L1 Bi + L2BS)(L; + Lz). Normal average 
dispersion is only possible for map strengths 
above 3.9. 


e The shortest pulse shape ranges from hyperbolic 
secant at S=O to Gaussian for higher map 
strengths, and this is also evident from the time- 
bandwidth product, which increases with S$ from 
0.32 (sech-shape) at S = 0 to 0.44 (Gaussian shape) 
and even higher for large values of S. In 
addition, the shortest pulse has oscillating tails in 
the wings. 

e The energy of a DM-soliton pulse is enhanced 
relative to a soliton with the same average 
dispersion and pulse width. 

e The interaction between DM-solitons is less than 
that of conventional solitons, and an optimum map 
strength exists that minimizes the interaction. 


The fact that DM solitons can work for an average 
net zero GVD and even for normal dispersion, was a 
striking and unexpected difference from conventional 
solitons. This can be understood by the fact that the 
spectrum is widest in the anomalous dispersion 
regime (i.e. positive values of the dispersion par- 
ameter D, cf. Figure 1), and it has been conjectured 
that the average dispersion, weighted by the spectral 
width of the DM-soliton, should always be anom- 
alous. This is then a generalization of the fact that 
conventional solitons must always have a constant 
anomalous dispersion. 

The technical improvements with DM solitons 
over conventional ones are numerous. The signal-to- 
noise ratio is improved since the DM-solitons have a 
larger peak power than the corresponding conven- 
tional solitons. DM-solitons have less Gordon- 
Haus and acoustic timing jitter, since the system 
average GVD is much smaller in these systems. 
A very important added benefit appears in WDM 
systems. Due to the alteration between large 
positive and negative GVD along the path, the jitter 
induced from WDM-soliton collisions is greatly 
reduced. This, in turn, allows for very dense 
WDM which will improve the spectral efficiency 
substantially. 

An important practical consequence of using DM- 
solitons is that they reduce (or eliminate) the need 
for in-line soliton control such as synchronous 
modulation or sliding filters. Yet soliton control 
methods are still applicable and will give improve- 
ment in terms of signal-to-noise ratio for DM- 
solitons as well. 

Quite impressive circulating loop experiments 
including WDM have been reported. For example, 
51 densely packed WDM channels each operating at 
20 Gb/s were transmitted over 1000 km with 100 km 
sections of standard fiber, clearly demonstrating the 
strength of the DM soliton technique. 
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Quasi-linear Transmission Intrachannel 
Impairments 


Asarule, map strengths in the range 1—8 make best use 
of the unique features of DM-solitons. This means that 
the use of installed standard fiber becomes difficult at 
very high bit-rates (say beyond 30-40 Gb/s) as shorter 
pulses require a more rapidly (sub-km) varying 
dispersion map to maintain a proper S-value. If this 
cannot be maintained, i.e. for S values significantly 
above 10, one reaches the quasi-linear regime, in 
which the dispersion significantly dominates the 
transmission. 

In the quasi-linear regime, there are a couple of 
nonlinear transmission impairments that need to be 
accounted for and analyzed in more detail. They are 
the so-called intra-channel effects; intra-channel four- 
wave mixing (ICFWM), and intra-channel cross- 
phase modulation (ICXPM), and arise due to the 
nonlinear interaction between two neighboring 
pulses. Four-wave mixing (FWM) and cross-phase 
modulation (XPM) are usually effects associated with 
WDM transmission. However, the fact that the pulses 
are chirped and broadened, will cause different 
frequency components from neighboring pulses 
within the same wavelength channel to overlap in 
time, thereby causing FWM and/or XPM within the 
same channel. 

ICFWM arises for two neighboring pulses that, via 
four-wave mixing (FWM), creates new frequency 
components that in the time domain will give rise to a 
new pulse (commonly referred to as a ghost pulse), 
next to the two. The ghost pulse will then give rise to 
intersymbol interference and reduction of the eye 
opening. ICFWM is most prominent for large map 
strengths and high power. 

ICXPM can be viewed as pulse-to-pulse interaction, 
and physically, it manifests as the frequency shift of 
one pulse induced by the presence of a neighboring 
pulse, which, by the dispersion transforms into a 
timing jitter. The effect can be minimized by selecting 
proper map strength and pre-chirp of the pulses. 

Finally it should be emphasized that these intra- 
channel impairments will affect also non-soliton 
systems (e.g., non-return-to-zero (NRZ) modulated 
systems) if the nonlinearities are significant. 


Experiments and Field Trials 


Soliton Pulse Sources 


When doing soliton experiments, be it conventional 
or DM-solitons, particular importance is placed on 
the properties of the pulse source, as it sets the 
lower limit of the system performance. A high 


bit-rate soliton pulse source needs to produce 
low-chirp, low timing-jitter pulses with proper 
duration (in the ps regime), repetition rate (10-40 
GHz), and shape. 

One possible choice is gain-switched (GS) laser 
diodes, possibly with an external cavity for tunability. 
However, they suffer the drawback of producing 
pulses that are strongly chirped, asymmetric and 
often too wide. 

For laboratory experiments, fiber ring lasers (FRL) 
are very attractive, as they provide wavelength and 
pulse width tunability, besides meeting the above 
demands. Their drawback is that they are bulky, need 
active stabilization, and sometimes also temperature 
control to achieve long-term stability. 

Finally it appears quite clear that electro-absorption 
modulators (EAM), which can be integrated or not 
with a distributed feedback (DFB) laser, are very useful 
and simple sources for soliton transmission. While 
such sources were developed for linear NRZ systems, 
they have now proven to be near ideal in soliton 
systems as well. Although EAMs are not commercially 
available at 40 GHz yet, they are likely to be so soon. 

Special considerations need to be taken in DM- 
soliton systems, however, as the launch condition is 
different from that for conventional solitons. The 
pulses should have a linear chirp such that it fits 
seamlessly in the periodically induced chirp variation 
along the link. This can be achieved by incorporating a 
proper length of fiber (or chirped fiber grating) in the 
transmitter once the overall dispersion map is known. 


Loop Experiments 


In order to investigate really long distances (mega- 
meters) of transmission, loop experiments were 
developed in the early 1990s. This means that the 
data pulses are injected in a loop consisting of 
transmission fiber and amplifier, and then left to 
propagate a number of laps corresponding to a 
certain transmission distance. Acousto-optic switches 
are used to switch the pulse train in and out from the 
loop at proper time intervals. The drawback of loop 
experiments is that they may be poor models of 
reality when it comes to things like dispersion 
variation along the fiber, polarization mode 
dispersion (PMD), or various kinds of drift that 
may arise. In addition, a real system has more options 
to fine tune, e.g., amplifiers along the transmission 
line. However, as long as these drawbacks are 
recognized, loop experiments are very powerful 
indeed, and invaluable in laboratory evaluations of 
long-distance transmission. 


guarantee success is to replace it with an identical replacement. 


TESTING SWITCHES and RELAYS 


Switches and relays have contacts that open and close mechanically and you can test 
them for CONTINUITY. However these components can become intermittent due to 
dirt or pitting of the surface of the contacts due to arcing as the switch is opened. 

It is best to test these items when the operating voltage and current is present as 
they quite often fail due to the arcing. A switch can work 49 times then fail on each 
50th operation. The same with a relay. It can fail one time in 50 due to CONTACT 
WEAR. 

If the contacts do not touch each other with a large amount of force and with a large 
amount of the metal touching, the current flowing through the contacts will create 
HEAT and this will damage the metal and sometimes reduce the pressure holding the 
contact together. 

This causes more arcing and eventually the switch heats up and starts to burn. 
Switches are the biggest causes of fire in electrical equipment and households. 


A relay also has a set of contacts that can cause problems. 

There are many different types of relays and basically they can be put into two 
groups. 

1. An electromagnetic relay is a switch operated by magnetic force. This force is 
generated by current through a coil. The relay opens and closes a set of contacts. 
The contacts allow a current to flow and this current can damage the contacts. 
Connect 5v or 12v to the coil (or 24v) and listen for the "click" of the points closing. 
Measure the resistance across the points to see if they are closing. 

You really need to put a load on the points to see if they are clean and can carry a 
current. 

The coil will work in either direction. 

If not, the relay is possibly a CMOS relay or Solid State relay. 


2. An electronic relay (Solid State Relay) does not have a winding. It works on the 
principle of an opto-coupler and uses a LED and Light Activated SCR or Opto-TRIAC 
to produce a low resistance on the output. The two pins that energise the relay (the 
two input pins) must be connected to 5v (or 12v) around the correct way as the 
voltage is driving a LED (with series resistor). The LED illuminates and activates a 
light-sensitive device. 


Solid-state relay Load 


\Y 
a ) 


LED Opto-TRIAC 


TESTING REED SWITCHES 


A reed switch is generally contained in a long glass tube: 
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Field Trials 


In the field, there are many transmission link design 
restrictions and fiber properties which make the 
systems far from optimal. The actual fiber parameters 
are nonperiodic with propagation distance as the 
systems are straight lines rather than relatively short 
loops. Both loss (in particular when including many 
contacts and splices along the link) and dispersion 
might vary significantly along a fiber span. In 
addition, it may not be possible to tailor the 
dispersion map and amplifier locations to reach an 
optimal state. All these examples of nonidealities 
justify the need for field experiments. 

Several soliton field experiments have been con- 
ducted over the past few years in Japan by NTT, in the 
US by MCI/Pirelli, as well as in Europe by ACTS 
projects, and the results from those experiments are 
discussed below. It is a good indication that solitons 
are indeed foreseen as very interesting candidates in 
commercial systems. Again, it is not very easy to 
compare the results as the situation in each case differs. 
All of the systems operated in the 1550 nm range, used 
optical time division demultiplexing with a 10 Gb/s 
electronic base rate, and the average loss/km ranged 
from 0.24 to 0.33 dB/km. Dispersion-shifted fiber was 
always used, apart from in two cases, where standard 
fiber was used. One field trial has used DCF for 
dispersion compensation, which makes this the only 
DM-soliton field experiment to date. 

Polarization multiplexing, for which adjacent 
pulses have orthogonal polarization, have been used 
in a few experiments and this serves mainly to allow 
the use of relatively wide pulses, which in turn allows 
for larger amplifier spans. Polarization-multiplexing, 
however, is not as useful if the PMD of the system is 
high, as then the orthogonally polarized pulses would 
start to drift statistically in time relative to each other, 
thereby creating intersymbol interference and 
increasing the soliton interaction. In the 40 Gb/s 
cases and above, PMD was found to be the main 
capacity limiting factor. 

Most of the recent experiments used a mode-locked 
fiber ring laser as a source, mainly because these 
provide excellent pulse quality as well as tunability 
in terms of wavelength and pulse width. Other 
experiments used either gain-switched lasers or 
electro-absorption modulators. 

Future soliton field trials are expected to (1) take 
advantage of the now well-known strategy of 
improving soliton transmission performance with 
dispersion-management, this being very attractive 
for upgrading existing fiber plants, (2) implement 
dense WDM (in fiber lines that do not contain 
dispersion-shifted fibers) to boost aggregate capacity, 


(3) utilize different forms of in-line control, particu- 
larly at high bit rates, and (4) further address the 
implications of PMD and techniques to combat it. 
The interesting trade-off between wavelength and 
time division multiplexing (WDM-TDM) for optim- 
ization of overall aggregate capacity will depend on 
the details of the fiber line parameters. 


Future Outlook 


To conclude, we note that the motivation for using 
solitons as information carriers has changed over the 
years. The property of being resistant to dispersive 
broadening was originally the main feature, but this 
was considered less important when dispersion- 
compensating fibers became commercially available. 
Instead, this led to the development of the dispersion- 
managed soliton. The advantages of the DM-soliton 
over linear transmission are features like the 
large power which gives a high signal-to-noise ratio. 
On the other hand, the difference between linear 
and nonlinear pulses is becoming increasingly fuzzy, 
and perhaps the distinction should be made 
between return-to-zero (RZ) and NRZ modula- 
tion rather than between linear and nonlinear 
transmission. 

It is nevertheless interesting to note that solitons are 
now not only considered for oceanic systems but also 
for shorter terrestrial systems. There are still several 
challenges and opportunities remaining in order to 
take full advantage of solitons and to reach a better 
understanding. Further work is also needed on WOM 
soliton- and very high-speed TDM soliton-systems. 
The use of DM-solitons is a very recently established 
technique and there are thus many issues to consider. 
These include studies of robustness to deviations of 
optimum conditions, e.g., improper pulse launch 
conditions, the impact of nonperiodic dispersion 
maps and of PMD (both of which are difficult 
to study in loop experiments), and intrachannel 
effects. Nevertheless, solitons have now reached a 
level of maturity such that commercialization seems 
very near. 


List of Units and Nomenclature 


Amplifier gain G [—] 

Amplifier separation L, [km] 

Average dispersion Bo [ps* km~*] 
Dispersive length Lp [km] 

Fiber loss coefficient a [km~'] 

Fiber nonlinear coefficient [Wo 'km — 1] 
Group velocity dispersion Bo [ps* km~*] 


(GVD) 
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Map strength S [-] 
Optical field amplitude u(z,t) [Ww] 
Pulse duration to [ps] 
Soliton energy E, Ul 

Soliton peak power ‘Re [W] 
Third-order dispersion Bo [ps? km~"] 
Time t [ps] 
Transmission distance z [km] 

See also 


Fiber and Guided Wave Optics: Nonlinear Effects 
(Basics). Solitons: Temporal Solitons. 
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Introduction 


The fact that wave propagation phenomena are 
intrinsically dispersive, that is localized disturbances 
tend to spread, is part of our experience. Less well 
known is the fact that the spreading of wavepackets 
can be counteracted by the nonlinear response of 
the host medium. Solitons are wavepackets that 
exploit this principle, realizing a perfect balance of 
dispersion and nonlinearity that allows them to self- 
trap and travel undistorded, or at least to recover 
their shape periodically, for long (virtually unlim- 
ited) distances. More specifically, here we deal with 
optical temporal solitons constituted by envelopes, 
or pulses with relatively narrow bandwidths around 
a carrier optical frequency, whose temporal profile 
remains unchanged (either strictly or on average) 
upon propagation. In contrast with spatial solitons 
predicted earlier and such that nonlinearities are 
exploited to compensate for diffractive beam 
spreading even in the two transverse dimensions 
(i.e., in bulk samples, for details the reader is 
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referred to Solitons: Bright Spatial Solitons), tem- 
poral soliton trapping is intrinsically a one-dimen- 
sional phenomenon typically observed in optical 
fibers where diffraction is compensated by the 
standard fiber guidance mechanism. Temporal 
solitons were first predicted and observed in 
single-mode fibers (SMFs). Their applications in 
digital optical communications have increased due 
to their capability to behave as nearly ideal bits. 
Meanwhile, however, the concept of temporal 
soliton has been considerably generalized by inves- 
tigating new settings and effects such as polariz- 
ation, parametric amplification (see Nonlinear 
Optics, Basics: y‘~’-Harmonic Generation), gratings 
(see Fiber Gratings), stimulated scattering (see 
Scattering: Scattering Phenomena in Optical Fibers), 
and fiber lasers (see Lasers: Optical Fiber Lasers), 
etc. Here we briefly review the essential features of 
these different families of temporal solitons. In 
particular, in the section on Fiber Temporal Solitons 
below, we introduce the basic model for fiber 
solitons, whereas we discuss their application to 
optical communications in the section on Solitons in 
Optical Communications below. In the sections on 
Multi-component Temporal Solitons, and Temporal 
Solitons in Bragg Gratings below, we introduce 
significant generalizations of the concept involving 
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multicomponent and slow-light grating solitons, 
respectively. Finally, in the section on Solitons on 
Dissipative nonlinear optics we discuss issues 
related to solitons in strongly dissipative systems. 
Note that, throughout the paper, the word soliton is 
used in the aforementioned general sense, which 
does not necessarily require the underlying model to 
be integrable (see the section on Fiber Temporal 
Solitons below,), as implied by the more restrictive 
and rigorous mathematical meaning of soliton. We 
further focus our discussion to bell-shaped solitons 
(for dark solitons, holes on a continuous-wave 
background, see Solitons: Optical Fiber Solitons, 
Physical Origin and Properties), which can be 
excited by means of standard laser pulses. 


Fiber Temporal Solitons 


An optical pulse is described by the complex electric- 
field envelope E(z,t) that modulates the carrier 
frequency @ . Its evolution along the z axis of a 
silica SMF is described with good approximation by 
the following universal model for dispersive and 
weakly nonlinear systems, known as the nonlinear 
Schrédinger equation (NLSE), 

dE k" aE 4 

Lis Zz ae tT VEE=0 [1] 
In eqn [1] the second term is responsible for dispersive 
spreading of pulses ruled by the group-velocity 
dispersion 
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(GVD, known also as chromatic or second-order 
dispersion), while the first-order dispersion 
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has been removed in eqn [1] by introducing the 
retarded time t= T — k’z measured in the pulse 
frame traveling at the natural group-velocity 
V=k' ' of light, T being the physical time in the 
laboratory frame. The cubic term in eqn [1] is res- 
ponsible for self-phase modulation (SPM) that stems 
from the instantaneous optical Kerr effect character- 
ized by the effective coefficient y= ko7)/Aer = 
(Wo/CAefs)7121, Where m2; is the nonlinear index of 
silica, i.e., the nonlinear refractive index change 
divided by the intensity which has produced it. The 
real-world total electric field can be recovered as 
E(z, r,t) = Re[f(r)E(z, t) exp(ikoz—iwoT)], where the 


transverse modal profile f(r) has been averaged out 
in eqn [1] to yield an effective fiber area Age. 

The mechanism behind soliton formation can be 
understood as due to the instantaneous frequency 
changes along the pulse caused by the Kerr SPM, 
compensating those due to the group velocity 
dispersion (GVD) in the anomalous case (k” < 0, at 
carrier wavelengths longer than 1.3 wm in standard 
SMFs) where the GVD induces a blue-shift on the 
pulse leading edge and a red-shift on the pulse trailing 
edge (in the absence of such compensation the pulse 
broadens because anomalous GVD means that blue- 
shifted frequencies travel faster than red-shifted 
frequencies). Such mechanism of compensation 
becomes ideal in the case of a soliton waveform. 
This concept finds its mathematical support in the 
fact that eqn [1] is a conservative (Hamiltonian) 
model with the remarkable property to possess 
infinite conserved quantities, a rather exceptional 
feature which makes it exactly integrable. Among the 
solutions, the following fundamental (so-called 
N= 1, see below) bright temporal soliton exists 
whenever k” < 0: 








E(z,t) = oF sech[n(t — dk'z — to)] 
d 
x esp iSwt 4 : (z Kou?) + a] 
d 
[2] 


where fy and @p are arbitrary initial position and 
phase, and Ly = (k"|n*)~! is the characteristic dis- 
tance after which the GVD causes a significant pulse 
broadening, the so-called dispersion length. Temporal 
solitons [2] are characterized by two independent 
parameters, namely the duration 1/n and the freq- 
uency detuning 5, and possess several remarkable 
features: 


(i) they travel with invariant shape by realizing the 
condition N = L4/L,) = 1, i.e., exact balance 
between the two length scales associated with 
eqn [1], namely Lg and the nonlinear length 
Ly = (yP1)"! associated with the peak power 
P, =(yLg)' = Ik" In’ /y needed for the input 
pulse [2] to be a soliton; 

(ii) in any given fiber with fixed GVD k” and 

nonlinearity y, a larger soliton power P, is 

required for a shorter duration, i.e., narrower 
solitons are taller; 

solitons experience a phase retardation as a 

whole (particle), which increases with Py, i.e., 

taller solitons have larger shifts; 
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(iv) as a consequence of Galileian invariance, a 
frequency shift 8@ from wo induces the soliton 
velocity to change from k!' to (k! + dk’)~!, with 
dk’ = dk"da; 

(v) unlike other waves in nonlinear media, collisions 

between solitons with different velocities are 
strictly elastic, as shown in the example of 
Figure 1a; and 
solitons are extremely robust: for instance 
they can be excited with input peak powers 
differing from P,, whereas a weak attenuation 
a(aLy<1) induces the soliton to reshape 
adiabatically, i.e., the peak power decreases, 
yet the pulse remains locally a soliton by 
adjusting its width, as displayed in Figure 1b. 


(vi) 


More general (and cumbersome) solutions of 
eqn [1] describe periodic soliton evolutions, such as 
the interaction of in-phase adjacent input pulses at the 
same frequency (see Figure 1c), or a single input pulse 
with sech-shape but peak powers corresponding to 
higher integer values of N, so-called breathers 
because of their ability to recover periodically the 








Figure 1 


initial shape after ‘breathing’ (see Figure 1d for 
N = 3) over the distance 7L 4/2. 

Solitons [2] describe stable propagation-invariant 
pulses under ideal conditions (lossless case, relatively 
long pulses and short SMFs). In practical settings, the 
importance of solitons stems from their robustness 
against real-world perturbing phenomena described 
by terms that in turn break the integrability of the 
underlying model [1]. Situations of this kind arise, for 
instance, when one accounts for stimulated Raman 
scattering whose effect is to down-shift continuously 
the central frequency of ultra-short solitons, or in 
optical communication systems treated below. 


Solitons in Optical Communications 


Solitons [2] represent ideal bits for RZ (return-to- 
zero) optical data sequences. However, fibers have 
unavoidable losses of about 0.2 dB/km at the usual 
operating wavelength Ay = 1550 nm. To ensure long- 
haul connections, the optical signal must be period- 
ically amplified, commonly using erbium-doped fiber 
amplifiers (EDFAs). The pulse peak power hence 


Power 


(b) 


Power 








Fundamental features of fiber (NLSE) solitons: (a) elastic collision of two N = 1 solitons with different values of parameter 


pairs (frequency—velocity and amplitude—width); (b) adiabatic soliton damping in the presence of losses; (c) two-soliton bound state 
(in-phase interacting solitons of equal amplitudes); (d) evolution of a N = 3 soliton breather along one period of its evolution. Here the 
power |EI? is scaled in units of fundamental soliton power P,, while distance z and time tare reported in units of Lg and initial pulse-width 


1/n, respectively. 
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undergoes both large exponential decay, because of 
distributed losses and abrupt lumped amplification 
under the action of EDFAs. Therefore, the stable local 
balance between GVD and nonlinearity cannot be 
rigorously sustained in the fiber. If both losses and 
amplifiers are accounted for, the mathematical model 
for pulse envelope propagation along M _ spans 
becomes: 


0E k! @E , : 

a oh opt + yIEI"E = — iaE + ifexp(aZ,) — 1] 
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[3] 


where the RHS contains the perturbing terms arising 
form distributed losses (@) and lumped amplifications 
(described by the comb with spacing Za). 

The analysis of nonintegrable systems, such as 
eqn [3], can be carried out by appropriate transform- 
ations that allow the recovery of a reduced integrable 
model. The key result is that, under the limitations set 
by an appropriate length scale, the solitons of the 
reduced system can be close to those of the original 
problem. For temporal solitons, such transformation 
was first called ‘the guiding center soliton’, envisaging 
a similarity with the guiding center motion of a 
charged particle in a magnetic field. The main 
outcome is that eqn [3] can be reduced to the standard 
NLSE [1], clearly showing that soliton-like propa- 
gation still occurs in the presence of losses (even large, 
aLg>>1) and rapid periodic amplification. The 
appropriate scale for these systems is the amplifier 
spacing Za, that must be much shorter than Ly. To 
reproduce an average behavior similar to the lossless 
case, it is sufficient to multiply the input condition for 
an enhancement factor that counteracts the effect of 
fiber losses. Therefore soliton-like solutions do exist 
even in fiber systems with loss management, though on 
average (over several fiber spans) rather than locally. 

Another issue that makes solitons suitable as 
optical bits, lies in their intrinsic aptness to be 
controlled either through passive or through active 
systems. Solitons tend to follow their relative center 
of mass in the temporal or spectral domain. For 
instance, a powerful technique to overcome one of the 
major problems, i.e., the growth of noise due to 
amplified spontaneous emission, may be obtained by 
deploying periodically along the line optical passband 
filters. Mollenauer and co-workers have demon- 
strated that, by sliding the filters progressively (i.e., 
changing slightly the central peak from filter to filter), 
one can guide a shape-invariant soliton which adapts 
its carrier frequency while effectively suppressing the 


noise. Similar control techniques involve amplitude 
or phase modulators and a consistent amount of work 
has focused on the problem of all optical soliton 
regeneration. 

To exploit the idea of soliton in optical communi- 
cations, however, we should consider the fact that 
ultra-short optical pulses, suitable for high trans- 
mission rates, require extremely low fiber GVD to 
accomplish the stable balance between dispersion and 
nonlinearity for a fixed pulse-width and available 
power. For instance, in order to transmit at 40 Gbit/s, 
we should achieve a fixed GVD coefficient 
D = —(2ac/ds)k" = 0.25 ps/(kmnm) for the whole 
link. 

On the other hand, in many optical systems the 
fiber nonlinearity is not exploited at all but rather 
considered as a perturbing effect and a source of 
penalty that limits the maximum transmission dis- 
tance. In such an approach the desired cumulated 
GVD should be as close as possible to zero to avoid 
errors coming from inter-symbol interference caused 
by dispersive broadening. Dispersion-shifted fibers 
may ensure low GVD only in a narrow spectral 
region, thus limiting the transmission bandwidth. 
Conversely GVD can be reduced to zero on average, 
simply combining fiber spans with opposite GVD. 
The periodic alternance of fiber types may also carry 
several benefits, e.g., limiting the impact of resonant 
nonlinear interactions such as four-wave mixing (see 
Fiber and Guided Wave Optics: Nonlinear Effects 
(Basics) for its definition). The different architectures 
of dispersion management proposed with the twofold 
scope of limiting nonlinear effects and reducing the 
cumulated GVD, have immediately stimulated the 
investigation of their impact on soliton propagation. 
In the early schemes, the attention was focused on the 
so-called adiabatic dispersion management, where 
the GVD was changed proportionally to the soliton 
power to improve soliton system performances. In 
contrast with previous works, nonadiabatic map 
profiles were introduced in the experiments by Suzuki 
and co-workers to compensate the cumulated dis- 
persion by locating periodically dispersion compen- 
sating fibers (DCFs). In net contrast, Doran and 
co-workers have suggested the use of a combination 
of fibers with alternate normal and anomalous GVD 
(i.e., a periodic stepwise variation of GVD), predict- 
ing the existence of solitons with a peak power larger 
than the equivalent classical soliton power, i.e., 
dispersion-managed solitons (DMSs) The periodic 
stepwise GVD map is not only conceptually different 
from earlier designs (with exponentially decaying 
GVD), but has opened the field to real application 
due to its simplicity of implementation. The innova- 
tive discovery that special pulse waveforms may 
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propagate in periodically dispersion managed fiber 
links has triggered the interest of several groups, 
leading to a complete characterization of the pro- 
blem, both theoretically and experimentally. 

Similar to the case of guiding center solitons, a 
DMS usually shows a solitonic behavior. However, 
the DMS has a Gaussian shape surrounded by 
oscillating tails (see Figure 8 in Solitons: Optical 
Fiber Solitons, Physical Origin and Properties), thus 
being more suitable, due to its faster decaying tails, to 
be closely packed in a bit sequence in comparison 
with a sech-soliton (eqn [2]) of the same FWHM. We 
show an example of DMS transmission line in the top 
frame of Figure 2, where we sketched the variation of 
the GVD of a standard SMF periodically balanced by 
shorter segments of DCFs with opposite GVD. We 
report, in the middle frame, the DMS pulsewidth and 
chirp and in the bottom frame the pulse peak power. 
As shown, the macroscopic soliton parameters are 
characterized by large fluctuations: the local minima 
of pulsewidth correspond to chirp-free points and at 
such points one observes either a minimum or a 
maximum of the pulse spectral bandwidth. None- 
theless, all these pulse parameters have periodical 
evolutions that are fingerprints of an invariant and 
soliton-like pulse when observed at integer multiples 
of Za. The exact periodicity preserves the pulse 
waveform and hence the carried information. In DMS 
transmission we assist at the threefold compensation 
of energy, GVD and nonlinearity. Similarly to the 
guiding center solitons, the threefold compensation 
has an average, rather than pointwise, connotation. 
However, unlike guiding center solitons, for DMSs 
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Figure 2 Evolution of soliton parameters along three periods of 
a fiber link with lumped amplifiers and dispersion management. 
Top frame: GVD map D(z) [ps/(nm km)] and EDFAs (triangles) 
location; Middle frame: soliton chirp (in units of 1000 ps”, dashed 
line), and pulse-width (in ps, solid line) vs. distance. Bottom frame: 
DMS peak power (dBm) vs. distance. 


the definition of average should take into account the 
different relevance of pulse peak power in the map. 
Consequently the nonlinearity is compensated in a 
weighted manner, and it is not surprising in this 
context (though astonishing if placed back in the 
context of the NLSE [1] which requires anomalous 
GVD), that DMSs have been observed even when the 
uniform average GVD is weakly normal. 

The net difference between the local and average 
GVD allows simultaneous control of different detri- 
mental phenomena: for instance four-wave mixing is 
reduced by the large local GVD, whereas a small 
average GVD limits the impact of timing jitter due to 
amplified spontaneous emission (Gordon-Haus 
effect). As a result, DMSs perform better than 
conventional solitons. 

Figure 3 shows a typical high-speed (20 Gb/s) 
single-channel experiment, and the achieved perform- 
ance in terms of quality factor O versus propagation 
distance, with the output after 8100 km. We recall 
that the O factor measures the bit-error-rate (an error 
rate lower than 10° corresponds to a O higher than 
~ 16 dB). DMSs also allow the control of collisions 
between solitons that pertain to different channels 
(we recall that solitons at different carrier frequencies 
go at different velocities, and hence collide), thus 
enhancing performances of standard or dense WDM 
systems. 


Multi-Component Temporal Solitons 


So far we have discussed temporal solitons described 
by a single envelope. However, the same mechanism 
of mutual balance between nonlinearity and dis- 
persion can also be effective for multiple pulses, 
leading to trap simultaneously multicomponent (or 
so-called vector) solitons. Solitons of this type are, for 
instance, those due to the interaction of polarization 
modes in isotropic or birefringent Kerr media, higher- 
order modes in large-core (multimode) fibers, or 
mixing of pulses at different carrier frequencies that 
interact parametrically (i.e., without net exchange of 
energy with the medium). The latter case entails a 
broad class of solitons since virtually any parametric 
four-photon mixing process in cubic media (e.g., 
nondegenerate or partially degenerate four-wave 
mixing, third harmonic generation, ...), or three- 
photon mixing process in quadratic media (sum- and 
difference-frequency generation, second-harmonic 
generation (SHG), optical rectification, etc.) is 
allowed to sustain them. This opens up the field to 
an entirely new class of materials, namely noncen- 
trosymmetric (quadratic) materials which usually 
have stronger nonlinear responses if compared with 
silica fibers. SHG can be taken as a paradigm to 
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20 Gbit/s; (b) Measured Q factor vs. distance comparing experimental results obtained in the straight-line and loop configuration 
(loop length of 1000 km), respectively. The waveform received after 8100 km is also shown. With permission from Suzuki M 
and Edagawa N (2003) Dispersion-managed high-capacity ultra-long-haul transmission. Journal of Lightwave Technology 21: 


916-929. © 2003 IEEE. 


understand the main features of these multicompo- 
nent solitons. In this case, the evolution of the 
interacting envelopes E; at carrier frequencies 
j@o, j = 1,2, is ruled by the coupled equations: 
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where the subscript j= 1, 2 indicates that the relative 
quantities evaluated at frequency jw, t= T — k';z, 
ki, are GVD coefficients, 8k! = k’, — k’, is the group- 
delay, y is the effective nonlinear coefficient, and 
Ak=k, —2k, is the wave-number (or phase) mis- 
match. In spite of the fact that eqns [4] are not 
integrable, their stable soliton solutions can be found 
(numerically) in a wide range of parameters as 
symbiotic phase-locked pulses E,5(z,t) that travel 
undistorted. For instance, SHG solitons exist either in 
phase-matching (Ak=0) or far-off phase-matching 
(with some limitations for Ak > 0), and, unlike fiber 
solitons, also in normally dispersive media (k‘) > 0). 
As for fiber solitons, their width is related to their 
peak power, since the basic mechanism is the mutual 
balance between the dispersive broadening (that 
depend on the pulsewidth) and nonlinear phase-shifts 


0 kl! 92 7 
( — Je + XEDE, exp(iAkz) = 0, 
[4] 
ks a 
2.0F 





0 
+i8k 7 Je + yE} exp(—iAkz) = 0, 


(that depend on power), which occur due to repeated 
up-conversion and down-conversion processes, often 
referred to as cascading. A SHG soliton is robust 
enough to permit the observation of trapping, even 
from an input that differs considerably from the 
soliton (e.g., from the fundamental only), or in the 
presence of a relatively strong group-delay which 
tends to rip apart the two-component soliton, 
inducing walk-off between the two envelopes. 

In contrast with fibers, in this case, experiments are 
necessarily made in relatively short bulk samples, 
thus resulting in a limited number of dispersion 
lengths. Usually broad (quasi-planewave) beams are 
conveniently employed in order to make diffraction 
ineffective. 

The main experimental problem is that, in crystals 
commonly employed for SHG, the dynamics of 
typical laser pulses (duration above 100 fs) is fully 
dominated by the group-delay 8k’. In other words, 
the material GVD becomes relevant only for pulses 
as short as a few fs. Therefore, the observation of 
solitons with longer pulses has been required to 
tailor the dispersion, which can be accomplished by 
means of pulses with tilted phase front. As displayed 
in Figure 4, successful compression of 200 fs 
(FWHM) tilted pulses was observed at relatively 
large negative Ak in a BBO bulk crystal with effective 
zero group-delay and enhanced (anomalous) GVD. 
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Figure 4 Soliton fomation via SHG: the circles show the output 
pulse duration (full width at half maximum (FWHM) of 
autocorrelation 7o;,) vS. mismatch Ak, measured after propa- 
gation of an input 200 fs tilted pulse (input 7¢9,, = 284 fs) with 
13.4 GW/cm? peak intensity, in a 7 mm BBO crystal (inset: same 
with 10.4 GW/cm?). Superimposed (dotted line) is the corre- 
sponding theoretical value obtained from eqn [4]. The solid 
curve that fits better the data accounts for the additional effect of 
the material Kerr effect. With permission from Di Trapani P, 
Caironi D, Valiulis G, Dubietis A, Danielius R and Piskarskas A 
(1998) Observation of temporal solitons in second-harmonic 
generation with tilted pulses. Physical Review Letters 81: 
570-573. © 1998 APS. 


The measured compression is a signature of soliton 
formation, as clearly indicated by the example of 
simulated pulse dynamics reported in Figure 5: 
the pulse at second-harmonic is generated and 
then trapped with the input one as a two-component 
bound state. Radiation and oscillations occur, in 
this case, because the launching conditions (single 
envelope) are far enough from the two-component 
soliton. 


Temporal Solitons in Bragg Gratings 


A linear periodic structure, such as a Bragg grating 
with pitch A, couples counter-propagating waves 
when their frequency lies close to the Bragg 
frequency wp (vacuum wavelength Ap = 2m)A) 
defined by the resonance condition k(wp) = a/A. 
Such a type of structure supports a different type 
of temporal solitons, so-called gap solitons (GSs) 
since they originate from a linear dispersion 
relationship of the type shown in Figure 6a, 
characterized by a stop-band (gap) centered around 
wB. The gap is characterized by a unitary grating 
reflectivity, as shown in Figure 6b, and the forward 
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Figure 5 Dynamics of temporal soliton formation ruled by 
eqn [4]. A compressed soliton is formed via strongly mis- 
matched (Ak = —100cm~') SHG from a 200 fs (FWHM) input 
pulse at fundamental carrier frequency, in a crystal with y= 
1.4x10*W?, effective dispersion 5k’ =0 (group—velocity 
matching) and k/ = —1.8 ps?/m, k} = —0.75 ps?/m. 


linear propagation is therefore forbidden. However, 
if the incoming wave is intense enough to induce 
the refractive index to increase through the optical 
Kerr effect, the Bragg resonance (and the whole 
gap) is shifted downwards (in frequency) allowing 
for self-transparency at the operating frequency. 
GSs can be understood as bell-shaped envelopes 
which are allowed to travel along the grating due 
to a high-intensity core that bleaches the reflecti- 
vity, while the high reflectivity seen by the tails 
takes the pulse together. GSs are expected to be 
slow because the slope of the dispersion curve 
tends to zero when approaching the gap, while its 
curvature results in the grating GVD (huge if 
compared with material GVD in real-world units), 
which is exactly balanced by the nonlinearity when 
the GS is formed. This naive portrait is supported 
by a more thorough analysis starting from the 
coupled-mode equations obeyed by the forward 
E,(z,T) and backward E_(z,T) envelopes at 
frequency wp, propagating along a (e.g., fiber) 
Bragg grating with Kerr effect (inducing SPM and 
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(dimensionless) units: wave-number shift 5k = (k(w) — a/A)/T vs. 
frequency detuning 5 =k’(w — wg)/T; (b) linear grating reflectiv- 
ity vs. 8 for a grating figure of merit 'L = 4; (c) existence domain 
(whole shaded area) of GSs in the normalized detuning—velocity 
plane (8a, v =k V,,)). The light shaded area corresponds to the 
stop-band |8l < 1 (inner region between dashed lines in a—b). 
The insets show samples of GS intensity profiles vs. the moving 
frame coordinate £=(1 — v)(Z — Veo T). Zero-velocity GSs have 
symmetric envelopes (|E,.|=1E_|) and range from high-ampli- 
tude (HA) to low-amplitude (LA) across the gap. The third inset 
shows a moving GS in the experimentally accessible region, 
where it retains LA but has a stronger component in the direction 
of motion. 


cross-phase modulation): 
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The linear dispersion associated with eqn [5] is as 
in Figure 6a, with a stop-band |w— wpl <T/k’ 
proportional to the index corrugation depth 
through the Bragg coupling coefficient T. In the 
nonlinear regime, GS solutions of eqn [5] differ 
qualitatively from conventional fiber solitons [2]: 


(i) first, GSs are indeed slow since the two envelopes 
can travel locked with any soliton velocity V,.) 
such that lvl = Ik’V,,;| = 1, ie., lower than the 
natural group velocity k’'; 
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Figure 7 Gap solitons in a fiber Bragg grating: (a) measured 
pulse spectrum compared with the linear grating transmission, 
(b) compressed (15 ps) and delayed pulse transmitted at high 
intensity (dashed line), compared with the pulse transmitted at 
frequency far from the Bragg resonance (solid line) where it retains 
its input width of 80 ps. With permission from Eggleton BJ, Slusher 
RE, de Sterke CM, Krug PA and Sipe JE (1996) Bragg grating 
solitons. Physical Review Letters 76: 1627—1630. ©1996 APS. 


(ii) GSs exist only in a narrow bandwidth, i.e., the 
shaded area in Figure 6c, which corresponds to 
the gap seen in the soliton frame (it reduces to the 
conventional stop-band for still solitons and gets 
wider for faster GSs); and 

the gap is strongly asymmetric since lower 
intensity is required to induce transparency 
close to the high-frequency band-edge where, 
as a consequence, GSs have low amplitudes and 


(iii) 
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are stable (the amplitude grows moving towards 
the low-frequency bandedge, where GSs become 
unstable). 


Experimentally, GSs have been typically observed 
with pulses at frequency close to the blue bandedge 
of fibers (see Figure 7a) and AlGaAs waveguides 
with built-in Bragg gratings of a few centimeters. 
The typical signature of GSs, illustrated in Figure 7b, 
is the enhanced pulse transmission observed under the 
operating conditions of Figure 7a when the input 
intensity is sufficiently high. The transmitted pulse 
experiences pulse compression and a significant 
group-delay (measured with respect to the transit- 
time at frequency far off the stop-band), witnessing its 
nature of slow-light solitons. 

Finally, we emphasize that grating solitons can also 
be supported in the case where the two modal 
envelopes propagate in the forward direction along 
a grating whose period A is long enough to be 
resonant with the modal phase slippage, thus indu- 
cing efficient linear coupling between them. In this 
case, the structure has a gap in wave-number, and 
solitons are slow in the frame traveling at the average 
modal group-velocity. Soliton formation is expected 
to lead to grating-induced compensation of the 
group-delay between the modes. Experiments on 
such types of structures have been carried out only 
recently. 


Solitons in Dissipative Nonlinear 
Optics 


Temporal solitons can also be observed in nonlinear 
optical interactions that involve changes of the state 
(energy level) of matter as in inverted media or 
scattering phenomena. For instance, early studies in 
the 1960s have demonstrated that coherent pulses 
with energy above a critical level can pass through 
resonant (two-level) atoms without being absorbed, a 
phenomenon denoted as self-induced transparency. 
Such pulses are temporal solitons solutions of 
the Maxwell-Bloch model which describes the 
atom-light interaction. 

Also scattering phenomena occurring in optical 
fibers, such as Raman and Brilluoin scattering, 
possess three-wave solitons, in which the pump and 
scattered (Stokes) light waves are coupled to a 
phonon field of the acoustic or optical branch (for 
Brillouin or Raman, respectively). 

Perhaps more important from the point of view of 
the modern applications, are fiber lasers composed by 
spans of active and/or passive fiber closed to form a 
recirculating loop. These types of structures can often 


be described by distributed (averaged over several 
round-trips) models, which take the form of 
a dissipative perturbed NLSE, known as the 
Ginzburg-Landau equation (GLE): 
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where g is the excess (net) gain (g > 0) or loss (g < 0), 
g,| and q describe the nonlinear gain mechanism and 
its saturation (usually introduced to control the 
mode-locking), and Q, is linked to spectral filtering. 
Several soliton (pulse) solutions of the GLE [6] can 
be found even when the parameters (g, gy, g, Og) are 
such as to constitute a strong perturbation of the 
NLSE. Unlike NLSE solitons [2], pulse solutions of 
the GLE [6] are usually chirped (i.e., possess a 
nonlinear phase profile), and have fixed amplitude 
for a given value of the parameters. The set of soliton 
waveforms is generally richer and includes, for 
instance, flat-top stationary pulses, two-pulse 
bound-states, solitons moving at fixed velocity, etc. 
Although instabilities of the background (for g> 0) 
or of the pulse itself can affect their observability, 
large islands of stability in the parameter space can 
be found. The relevant role of stable solitons in 
mode-locking and intra-cavity pulse formation 
mechanisms has been demonstrated in many differ- 
ent fiber laser geometries, for which we refer the 
reader to the more specialized papers listed as 
Further Reading at the end of this article. We point 
out that some schemes, for instance the stretched 
pulse-fiber laser developed at MIT, involve a basic 
configuration (alternating GVD within the cavity 
length) which is quite similar to that seen in the 
framework of DMSs, thus exhibiting the same basic 
physical mechanism (strong compression and 
stretching of the pulse along each round-trip which 
play the role of the map period for a DMS). 


List of Units and Nomenclature 


BBO B-barium borate 

DCF dispersion compensating fiber 
DMS disperion managed soliton 

EDFA Erbium doped fiber amplifier 
GLE Ginzburg-Landau equation 

GS gap soliton 

GVD group-velocity dispersion 

NLSE nonlinear Schrodinger equation 
OTDM _ optical time-division multiplexing 
SHG second-harmonic generation 


Inert Gas Contact Plating 


Glass Capsule Contact Gap 





blade blade 


Overlap 


wire (or lead) wire (or lead) 


A wire or lead comes out each end for soldering to the reed switch to the project. 
The two "blades" inside the switch are made from a material that can be magnetised 
but does not retain its magnetism. This effect is called "temporally magnetised" (not 
permanently magnetised) and really only "passes" magnetism from one end to the 
other when in the presence of a magnet. One of the blades is made of a soft material 
and it will bend very easily. The other one is much stiffer. 


Glass tube OFF Inert gas 


Lead Gerteal Lead 


N pole [iE S pole 


When a magnet is placed under the two blades (or on top), the magnetism from the 
magnet is passed to the two blades (INDUCTION or MUTUAL INDUCTION - commonly 
called INDUCED) and it produces a very weak magnet (in the blade) that is identical 
to the powerful magnet as far as the position of the north and south poles are 
concerned). Initially it produces a N-S and N-S set of poles and this makes the two 
blades click together because the top blade will be South at the contact and the 
bottom blade will be North. 

When the two blades click together the magnetism runs through the two blades and 
keeps them together. The two blades attract and the switch is closed. When the 
magnet is removed, the magnetism in the two blades ceases and the two blades 
move apart. 

Since there is a very small amount of movement in the top blade, this switch has a 
limited number of operations. Eventually it will fail. It is a mechanical device and is 
not suited for detecting a spinning shaft as 100,000 revolutions will very quickly 
weaken the switch. 

If the switch does not make contact or remains closed, the moveable blade can be 
cracked or broken. This can be very hard to see. So replace the switch. 


LATCHING REED SWITCH 

A "normal" reed switch can be converted into a LATCHING REED SWITCH by 
carefully placing a magnet below the switch and moving it away so the two blades 
open. Now move it slightly closer but do not allow the blades to close. 

This is called putting a "SET" on the switch and the two blades will have a small 
magnetic effect "induced" in them but not enough to close the contacts: 
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SPM self-phase modulation 

WDM wavelength division multiplexing 

Amplifier spacing L, [m] 

Bragg frequency wp, [Hz] 

Bragg period A [m] 

Central wavelength Ag [nm] 

Coupling coefficient T [m~'] 

Dispersion coefficient D [ps nm”! km '] 

Dispersion length Lg [m] 

Effective area Agr; [m7] 

First-order dispersion k’ [s/m] 

Fundamental soliton power P; [W] 

Gain (linear) g [m_‘] 

Gain (nonlinear) g,, [m~'] 

Group-delay 6 [s/m] 

Group-velocity V = k’~! [m/s] 

Group velocity dispersion k” [ps* m~*] 

Inverse pulse-width y [s_ '] 

Light velocity in vacuum c [m/s] 

Loss coefficient a [m7 '] 

Nonlinear coefficient (fiber) y [m~! W~"] 

Nonlinear coefficient (quadratic bulk 
materials) y [W717] 

Nonlinear refractive index 1, [m7 W7 +] 

Nonlinear length L,, [m] 

Refractive index (linear) 7 

Retarded time (in the moving frame) t [s] 

Spectral filtering coefficient ( [Hz m"7] 

Time in the laboratory frame T [s] 

Wave-number mismatch Ak [m7 '] 


See also 


Fiber and Guided Wave Optics: Nonlinear Effects 
(Basics); Nonlinear Optics. Fiber Gratings. Lasers: 
Optical Fiber Lasers. Nonlinear Optics, Basics: y°)— 
Harmonic Generation. Optical Communication Sys- 
tems: Wavelength Division Multiplexing. Scattering: 
Scattering Phenomena in Optical Fibers. Solitons: Bright 
Spatial Solitons; Optical Fiber Solitons, Physical Origin 
and Properties. 
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Introduction 


Visible light occupies a portion of the electromagnetic 
spectrum between frequencies of approximately 400 
terahertz (THz) to 750 THz, where 1 THz is 10'* 
oscillations per second. Optical radiation, which 
includes adjacent infrared and ultraviolet portions 
of the spectrum, covers a frequency range of 
approximately 15-1500 THz. The techniques 
required for measuring frequencies in this range are 
qualitatively different from those currently employed 
in the radio frequency (RF) and microwave portions 
of the spectrum, where high-speed electronic counters 
make a direct measurement possible. 

The frequency of an oscillatory phenomenon is the 
number of oscillations that occurs in unit time, or 
alternatively, the inverse of the period of one 
oscillation. Thus, to understand frequency, we must 
understand time, which is intrinsically related to 
phase. Only a time interval, the time elapsed between 
two events, has fundamental physical meaning. The 
‘time’ that we are most familiar with, the time of day 
(including the date), is based on an arbitrarily chosen 


starting point. The starting point chosen in current 
international agreements can be traced to noon on 
December 31st, 1899. Furthermore, the time defined 
by those agreements, Universal Coordinated Time 
(UTC), is periodically adjusted relative to atomic time 
(discussed below) to compensate for irregularities in 
the rotation of the Earth. 

Knowledge of the transition frequencies (energies) 
in simple atoms gives detailed information on the 
structure of the atoms. This can be used to test our 
understanding of the fundamental interactions in 
nature by comparing the measured frequencies with 
predictions of fundamental physical theories, in this 
case quantum electrodynamics (QED). Beautiful 
results along these lines are exemplified by precision 
measurements of transition frequencies in hydrogen 
and helium. In addition, the ability to measure and 
precisely control laser frequencies promises tremen- 
dous advances in the performance of the next 
generation of atomic clocks and frequency standards. 
These have potential applications to navigation and 
communication systems. 

The measurement of frequency and time intervals 
also involves a choice, that of the unit of time, i.e., the 
definition of the second. The original definition of the 
second was based on the rotation of the Earth. 
However, not only is it irregular, but it is slowing 
down. Both of these facts limit its utility as a 
frequency standard. Once atomic clocks were highly 
developed, the second was redefined in 1967 to be the 
time it takes for the F = 4, mp =0—- F= 3, mp = 0 
transition in the hyperfine structure of the ground 
state of '°°Cs to undergo 9192 631 770 oscillations. 
Thus an ‘absolute’ measurement of time interval, and 
hence frequency, must be directly connected to this 
defining frequency. The basic structure of an atomic 
clock is shown in Figure 1. 
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Figure 1 An atomic clock has three basic components: an 
atomic resonance, an oscillator to probe and lock to the atomic 
resonance, and a counter that records the number of oscillations 
and thus displays the time interval since some chosen starting 
time. 


Frequency standards (or clocks) are charac- 
terized by three properties: accuracy, stability, and 
reproducibility. Accuracy describes how well the 
natural and fundamental atomic frequency is pro- 
duced by the atomic frequency standard. Stability 
describes the frequency fluctuations on short time- 
scales (an accurate but unstable standard produces a 
frequency that fluctuates around a constant mean 
that is the atomic frequency). Reproducibility 
between standards addresses whether or not two 
implementations of the standard produce exactly the 
same frequency. Atomic clocks are intrinsically 
accurate because the frequency of the transitions 
they are based on is determined by identical atoms in 
nature. The largest inaccuracies are usually due to 
environmental perturbations such as tiny variations 
in the local magnetic field. 

A careful analysis of all of these issues, together 
with technical considerations, yielded the choice of 
cesium for the current definition of the second. Other 
common frequency standards include quartz crystal 
oscillators, hydrogen masers, and rubidium vapor cell 
standards. Quartz oscillators are inexpensive and 
have good stability, but in comparison to atomic 
standards they suffer from accuracy and reproduci- 
bility issues. Hydrogen masers have the best stability, 
but also poor accuracy and reproducibility compared 
to cesium. Vapor cell rubidium standards can be 
small and inexpensive but have poorer accuracy 
than cesium beam standards due to cell and buffer 
gas effects. 

There are several motivations for using optical 
sources rather than RF or microwaves to measure 


time intervals and frequencies. Obviously, a higher 
oscillation frequency can divide time into smaller 
units and this can provide higher measurement 
precision. It is thus natural to use the highest 
oscillation frequency that can be precisely counted 
to measure time and frequency. Not long after 
lasers were invented, suggestions were made that it 
would be possible to make optical frequency 
standards using lasers locked to narrow atomic 
resonances. 

A basic feature of optical transitions is that they 
have a very high O factor (the ratio of the center 
frequency to the linewidth). This allows them to be 
measured to very high precision (current measure- 
ments are good to a few parts in 10'°). It may be 
possible to use this high precision to build improved 
atomic clocks that use optical transitions instead of 
the microwave transition currently being used. 
Candidates for optical standards include both 
trapped ions (Hg*, Yb*, Sr*, and In* are under 
investigation) and laser-cooled neutral atoms (Ca, Sr, 
Mg, Ba, and Ag). The high precision is also utilized 
for fundamental tests of quantum electrodynamics 
by comparing transition frequencies (usually of 
hydrogen or helium atoms) to first-principle calcu- 
lations. For comparison Figure 2 shows the relevant 
transitions and energy levels in the Cs microwave 
standard and the Hg* optical frequency. It is even 
possible to use the precision of atomic clocks for high- 
sensitivity tests of variation in the fundamental 
constants with time. Finally, because the speed of 
light is constant length measurements based on the 
wavelength of light with a known frequency, the 
precision of length metrology ultimately rests on 
optical frequency metrology. 

An obvious question, which might occur to many 
in the field of optics, is why a standard spectrometer 
does not provide absolute frequency measurements. 
All spectrometers measure wavelength, not freq- 
uency, based on interference between light traveling 
two different path lengths. Thus, knowledge of the 
path length is needed to determine the wavelength. 
However, since length is now defined using the 
speed of light, the definitions become circular 
unless a source of light with known absolute 
frequency is available. In addition, frequency 
measurement is intrinsically more precise and reliable 
than mechanical length measurement. 

Recently, there has been a significant breakthrough 
in optical-frequency metrology and optical clocks by 
using mode-locked lasers that generate optical pulses 
with durations of a few femtoseconds. Before discuss- 
ing optical frequency metrology based on mode- 
locked lasers, we will review earlier techniques to 
provide the necessary background. After describing 
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Figure 2 Simplified energy level diagram of Hg* and Cs. 


methods that use mode-locked lasers, we will then 
provide a summary of current measurements and 
standards. Finally we will briefly describe the outlook 
for the future of absolute optical frequency metrology. 


Background 


To imagine being able to measure the frequency of 
light we need to have laser sources with high 
coherence, like that of radio waves, where the phase 
is stable enough to be measured. Even though the first 
beat-note between two lasers was demonstrated in the 
1960s, most lasers were not coherent (stable) enough 
that the optical phase could be tracked for much 
longer than about 10 to 100 ns. After many years of 
research and inspiring technological achievements, 
Hall, Chebotayev, Bergquist and others were able to 
stabilize the frequency of tunable laser sources to the 
point that lasers could indeed be considered coherent 
sources, with the phase continuously measurable and 
even predictable for times as long as seconds. Once 
the lasers were stable enough to be counted, there was 
still the essential problem that no counter was fast 
enough to actually count optical frequencies. 

With spectrally pure laser sources it was possible 
to conceive of measuring optical frequencies by extend- 
ing the nonlinear methods that are used to generate 
and measure RF and microwave frequencies. By using 
simple nonlinear components such as diodes, it is easy 
to generate high harmonics of an input frequency in 
the RF and microwave regions of the spectrum. 
At least in principle, and by direct analogy, it seemed 
that it should be possible to multiply coherent sine 
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waves from radio frequencies up through the micro- 
wave region to reach the THz frequencies of far- 
infrared lasers, and then to use nonlinear optical 
methods to multiply on up to the infrared (IR) and 
eventually to the visible region of the spectrum. The 
concept is simple enough, f — 100 x f — 1000 x f > 
2000 x f— 4000 xf... until you reach an optical 
frequency. Multiplication up to the microwave region 
works quite well, but unfortunately the nonlinear 
optical processes in the far-infrared, IR, and optical 
regions are typically quite inefficient; the power at 
the second harmonic is typically only 10~° times 
the square of the fundamental power in watts. Just 
multiplying a single-frequency laser by a factor of two 
can be a technological challenge. After reaching 
a microwave frequency of about 50 GHz we still 
require a multiplication factor of 10* to reach the 
visible at 500 THz. Since we are usually forced 
to multiply in the IR and optical by factors of 2, we 
have 2" = 104, which means we require N ~ 13 
multiplication stages. This is approximately the 
number of stabilized laser oscillators that are required 
to span the frequency gap from the microwave to 
the visible. Notwithstanding these technological 
limitations, Evenson and collaborators did a ground- 
breaking demonstration of a harmonic frequency 
chain in 1972 that connected a microwave atomic 
frequency standard and a stabilized HeNe laser in 
the IR at 88 THz. With a concerted multiperson effort, 
more lasers, and 10 years of research, Jennings and 
co-workers finally succeeded in extending the 
harmonic optical frequency chain to the visible. That 
original optical frequency chain from the RF to the 
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Figure 3 Schematic of the first frequency chain used to measure optical frequencies relative to the Cs standard. 
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optical frequencies to microwaves. In fact, the 
bisection method divides an arbitrary optical freq- 
uency interval in half by utilizing second-harmonic 
generation and sum-frequency-mixing, and forcing 
the condition that 2f; =f; + fo. Thus, the laser at 
frequency f3 = (f, + f2)/2 bisects the frequency inter- 
val between the lasers at f; and fh. The optical 
bisection method has the following two significant 
advantages over the multiplication method: the phase 
noise is decreased in successive divisions (rather than 
increased by multiplications), and the system could be 
constructed out of one convenient and reproducible 
laser technology, say diode lasers in the near-visible. 
In principle, any optical frequency could be measured 
by successive operations of the optical bisector. 
Optical frequency intervals as large as 8 THz have 
been measured with this method, but even though it is 
feasible, no bisection system has been built to date 
that connects the optical region all the way to 
countable microwave frequencies. The main limi- 
tation is the same as that facing the multiplication 
scheme: it still requires lots of stabilized laser sources 
to divide by factors of 2 from 10'° to 5 x 10!° Hz. 
The problem can be reduced somewhat by taking 
advantage of an optical-frequency comb generator 
based on an electro-optic modulator inside a resonant 
optical cavity. These systems, developed by Korougi 
and others, generate many coherent microwave 
sidebands on a laser so that optical frequency 
intervals on the order of 5 THz can be measured. 

Even combining all of these ideas and techniques, a 
convenient system to count optical frequencies 
remained elusive. This has now changed with the 
revolutionary new optical frequency combs based on 
mode-locked femtosecond lasers. 


Optical Frequency Metrology with 
Femtosecond Combs 


Recently, the introduction of mode-locked lasers into 
the field of absolute optical frequency metrology has 
resulted in an important advance. The extremely 
complex frequency chains described above can be 
replaced by a single mode-locked laser if it produces 
pulses with sufficiently large bandwidth. Although 
the underlying ideas are not new (they were originally 
discussed by Hansch and Chebotayaev in the 1970s) 
it is only recently that mode-locked lasers with the 
required characteristics were developed and the 
concept carefully tested. 

The dramatic simplification of a frequency chain 
that uses a mode-locked laser means that absolute 
optical-frequency measurements can now be made by 
a single person as compared to the team of 


approximately 10 highly trained scientists required 
to run the previous chains. This has resulted in a large 
number of measurements being reported in the last 
2 years. The simplicity also allows longer averaging 
times and a greater number of measurements to be 
used in determining the final reported frequency. In 
addition, since a simpler system has fewer sources of 
error, it has improved the quality of measurements 
made in a given amount of time. 

Mode-locked lasers produce ultrashort pulses of 
light. For a typical modern high-quality mode-locked 
laser, the pulse duration is around 10 fs (1 fs = 10° *° 
second), corresponding to three or four optical cycles 
in the near-infrared, where these lasers typically 
operate. The current best mode-locked lasers can 
produce pulses that are shorter than two optical 
cycles in duration (5—6 fs). Since the spectrum of 
these lasers is complicated, the bandwidth is signifi- 
cantly larger than it would be for a smooth pulse such 
as one with a Gaussian or hyperbolic-secant temporal 
intensity profile. 

At first sight, using mode-locked lasers for optical- 
frequency metrology seems counter-intuitive, because 
optical-frequency metrology clearly requires very 
well-defined frequencies in contrast to the broad 
frequency spectrum of ultrashort pulses. This appar- 
ent conundrum is resolved by the fact that a mode- 
locked laser actually produces a very regularly spaced 
train of ultrashort pulses. The ultrashort pulses 
emitted by a mode-locked laser are replicas of a 
steady-state pulse that circulates inside the cavity of 
the laser. Every time the internal pulse impinges on 
the output coupler, which is a partially reflective 
mirror, a portion of it is transmitted, producing the 
output. The timing between these output pulses is 
determined purely by the time, 7,, for the intracavity 
pulse to make one round trip, which is typically 
between 1 and 20ns. The spectrum of a train of 
pulses is a regularly spaced ‘comb’ of frequencies 
spaced by the repetition rate of the train, firey = 1/7. 
If all of the pulses are identical, then these comb 
lines are just integer multiples of f,.,. However, due 
to dispersion, the group and phase velocities are 
different inside the cavity of a mode-locked laser. This 
leads to a pulse-to-pulse shift in the phase between the 
carrier and envelope (which we call the carrier— 
envelope phase; ¢,., the pulse-to-pulse shift of dc. is 
designated by Ad,.). The presence of Ady. results in a 
rigid shift of all the comb lines by an amount 
5 = 27Ag¢c/frep. Thus the frequencies of the comb 
lines are given by v, = mfrep + 6, where 7 is a large 
integer of order 10°. The essential point of this 
equation is that it gives optical frequencies in terms 
of RF frequencies (frep and 6) that can easily 
be measured with conventional electronics and 
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Figure 4 Time—frequency correspondence and relationship 
between A¢ and 6. (a) In the time domain, the relative phase 
between the carrier and the envelope evolves from pulse to pulse 
by the amount Ad. (b) In the frequency domain, the elements of 
the frequency comb of a mode-locked pulse train are spaced by 
hep. The entire comb is offset from integer multiples of fiep by an 
offset frequency 6 = Adftep/27. 


compared to the microwave cesium frequency 
standard. The relationship between the time and 
frequency domains is shown in Figure 4. 

Given such a comb of frequencies, a heterodyne 
measurement readily yields the frequency difference 
between the unknown optical frequency of a narrow- 
band source (typically a single frequency laser) and 
the optical frequency of a nearby comb line. Thus, the 
absolute unknown frequency can be determined if the 
absolute frequencies of the comb lines are known. 
This requires measurement of f,.p and 6. The repetition 
rate, frep, is easily measured with a fast photodiode. 
Measurement of 6 requires somewhat greater effort. 

The development of a ‘self-referencing’ method to 
easily measure 6is the key enabling breakthrough that 
has brought about the recent revolution in optical- 
frequency metrology. It is called self-referencing 
because it provides a direct measure of 6 with no 
other optical frequencies as input. It works by 
comparing frequencies that differ by a factor of two 
(typically these lie in the wings of the spectrum) using 
second-harmonic generation. Specifically, the fre- 
quency difference between the second harmonic of 
a comb line nm and 3 comb line 2n is given 
by 2f, — fon = 2(tftep — 8) — (2nftep — 5) = 8. Such a 
frequency difference is eer measured using a 
heterodyne beat. This technique is shown schemati- 
cally in Figure 5. Other variations on this basic idea are 
possible; for example, rather than frequency doubling 
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Figure 5 Schematic of the self-referencing technique for 
determining the offset frequency of the frequency comb produced 
by a femtosecond mode-locked laser. The frequency difference 
between the fundamental comb and its second harmonic is the 
offset frequency. In the region where overlap occurs, this is easily 
detected as a heterodyne beat. 


the comb itself, it is also possible to extract the same 
information by comparing the comb lines to a single- 
frequency laser and its second harmonic. 

Implementation of the self-referencing technique 
requires a pulse spectrum that spans a factor of two 
in frequency (an optical octave). Although a laser 
has recently been demonstrated that produces such a 
broad spectrum, they are not commonly available. 
However, the development of microstructured fiber 
has made it easy to broaden the spectrum of 
ordinary mode-locked lasers so that it spans an 
octave, as was first demonstrated by Ranka and 
co-workers at Bell Labs. The broadening occurs 
because optical nonlinearity in the fiber results in 
self-phase modulation of the laser pulse. Micro- 
structure fiber achieves guiding by surrounding the 
core region with microscopic air holes, as compared 
to regular fiber that uses doping to produce a 
difference in the index of refraction. The much 
larger difference in the index of refraction in 
microstructure fiber allows a smaller core region to 
be used, which increases the effective nonlinearity. It 
also makes it possible to modify the dispersion such 
that the group velocity dispersion goes through zero 
for light with a wavelength close to 800 nm. This is 
crucial because group-velocity dispersion in ordinary 
fiber causes ultrashort pulses to temporally spread, 
which lowers the peak power and hence nonlinear- 
ity. It is possible to implement self-referencing 
techniques using less bandwidth if higher orders of 
nonlinearity are used; for example, if the difference 
between the second harmonic of the high-frequency 
end and third harmonic of the low-frequency end of 
the comb are used, only a half-octave bandwidth 
is required. 

Given the ability to measure both f,., and 6, and as 
long as its frequency lies within the comb spectrum, 
it is possible to measure the optical frequency of any 
optical source by measuring the heterodyne beat 
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with a nearby comb line. Thus, an absolute optical 
frequency measurement comes down to measuring 
three RF frequencies. It is often advantageous to 
actively control either one or both of fre» and 6 to 
hold them to a fixed frequency. This requires real- 
time adjustment of some parameters of the mode- 
locked laser to affect the necessary feedback. 
Controlling frep is straightforward; it is achieved by 
simply changing the cavity length of the laser, 
typically by mounting a mirror on a piezoelectric 
transducer. Controlling 6 is more challenging, as it 
requires a differential change between the cavity 
group delay and phase delay. This has been achieved 
by adjusting the pump power, which in turn controls 
the energy of the intracavity pulse, and/or by tilting 
the end mirror of the cavity in lasers that employ 
prism dispersion compensators. Since the optical 
spectrum is spread out across this mirror, tilting it 
can be thought of as a frequency-dependent 
change in the cavity length, with the optical 
frequency corresponding to the pivot point of the 
tilt experiencing no length change, while those on 
opposite sides of the pivot point see changes with 
opposite signs. 

In addition to the three RF frequencies, it is 
necessary to know the large integer 7 that describes 
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Figure 6 Schematic example of how the femtosecond comb is 
configured to make optical frequency measurements relative to 
the reference frequency provided by a hydrogen maser (Maser) 
that is in turn calibrated to a cesium atomic frequency standard. 
The repetition rate of the pulses from the Ti:Sapphire laser are 
detected in a photodiode and are controlled using a piezoelectric 
transducer (PZT) that changes the length of the laser cavity. The 
microstructure fiber and second harmonic crystal (SHC), provide 
the ‘self-referencing’ beat-note signal that is used to control the 
offset frequency, 5, by changing the power of the pump laser with 
an electro-optic modulator (EOM). This ‘self-referenced’ system 
then provides a set of modes with known frequencies spanning 
the visible. An unknown laser frequency can then be measured by 
making a beat-note with one of the modes of the comb. 


the comb line that is beat against the unknown 
source. If a priori knowledge about the unknown 
source is available with precision somewhat better 
than f,.,/2 or better, 7 can readily be determined. For 
typical mode-locked lasers, standard commercial 
wavemeters can provide this level of precision. 
In the absence of additional outside information, 1 
can also be determined with some effort and precision 
measurements by changing f,., and 6 in a systematic 
fashion. In the end, the simple formula f,, = 1frep + 6 
gives the optical frequency of any arbitrary nth mode 
of the femtosecond optical comb. With this estab- 
lished, the frequency of any single-mode laser within 
the octave span of the comb can be determined simply 
by measuring the frequency of the beat-note gener- 
ated in a photodiode between the cw laser and the 
known frequencies of the comb. 

The diagram in Figure 6 shows how a femtosecond 
comb acts as an optical frequency synthesizer, which 
provides frequencies that are known relative to the 
input frequency (provided by a hydrogen maser in the 
figure). A typical series of measurements is shown in 
Figure 7 for the NIST Hg* single ion standard. The 
inset shows the results of numerous measurements 
for the frequency of Hg* relative to the NIST primary 
cesium standard. 
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Figure 7 Actual frequency measurements of the beat-note 
between a hydrogen maser stabilized optical frequency comb 
(as shown in Figure 6) and the NIST Hg™ optical frequency 
standard. The scatter in the data for counter gate time of 
10 seconds corresponds to a fractional frequency uncertainty of 
about 4x 10 "4, consistent within the instability in the maser. 
The inset shows the results from numerous datasets of 
measurement of the frequency of the Hg* optical standard 
relative to the cesium primary standard at NIST. The frequency 
data are plotted relative to 1064 721 609 899 142.6 Hz. The 
dotted lines give estimates of systematic uncertainties in lieu of a 
complete accuracy evaluation. 
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Table 1 Summary of optical frequency measurements of a selection of molecular, atomic, and ionic transitions. Recent 
measurements listed for all and additional measurements are given for a few to indicate the level of agreement 








Atom/molecule/ion Wavelength (nm) — Frequency (THz) Uncertainty Year _ First author and institution 
+ Hz Frac. 
0,04 10318.0 29.054 057 446 660 50 2x10'2 1985 Clarion, LPTF 
29.054 057 446 579 10 3x10 ' 1999 Ducos, LPTF 
CH, 3392.2 88.376 181627000 50000 6x10'° 1972 Evenson, NBS 
88.373 149 028 553 200 2x10'' 1998 Ering, PTB 

Rb-—2 photon 778.11 385.285 142 367 000 8000 2x10'' 1993 Nez, ENS 
385.285 142 374 800 3000 8x10 '2 2000 Diddams, JILA 

Srt 674.03 444.779 904 409 540 200 4x10'% 1999 Bernard, NRC 

Ca 657.45 455.986 240 495 150 8 10x10°' 2003 Helmcke, PTB 
455.986 240 494 158 26 6x10'* 2000 Udem, NIST 

lo ays of R(127) 11-5 632.99 473.612 340 492000 74000 2x10 '° 1983 Jennings, NBS 

lo ayg of R(127) 11-5 632.99 473.612 353 604 800 1200 3x10°-'2 2000 Ye, JILA 

lo ayo of R(56) 32-0 532.24 563.260 223 480000 70000 1x10 '° 1995  Jungner, JILA 
563.260 223 514 000 5000 9x10°'? 2000 Diddams, JILA 

Yb* 435.51 688.358 979 230 931 6 9x10' 2001 Stenger, PTB 

H 2S-8S 389.01 770.649 561 581 100 5900 8x10°'2 1997 de Bouroir, ENS 

Hg* 281.57 1064.721 609 899 140 10 9x10°'® 2000 Udem, NIST 

Int 236.54 1267.402 452 899 920 230 2x10°'% 2000 von Zanthier, MPQ 

H1S-2S 121.57 2466.061 413 187 100 46 2x10°-'* 2000 Holzwarth, MPQ 


Summary of 
Measurements/Standards 


Starting with the first measurement of the frequency 
of the methane-stabilized HeNe laser in 1972, a new 
laser frequency measurement was reported every year 
or so using harmonic frequency chains. These are 
summarized in Table 1. An indication of the history 
of frequency measurements of stable laser references 
is given in Figure 8. The accuracy, in terms of 
fractional frequency uncertainty, improved from 
101° in 1972 to 10° in 1999, at which time the 
femtosecond optical frequency combs came on line 
and there was a dramatic improvement in the 
precision as well as the number of measurements 
that were completed. It is impossible to predict with 
certainty but some have projected that optical 
standards can ultimately reach uncertainties as 
small as 10° "8. 


Outlook 


Three separate technologies have now reached a 
level of maturity that it is possible to build 
high-performance optical-frequency standards and 
clocks. The essential achievements are: laser cool- 
ing and trapping of atoms (first proposed by 
Wineland and Dehmelt, and MWHansch and 
Schawlow), highly stabilized narrow-linewidth cw 
lasers, and femtosecond optical frequency combs. 
Combining these key ingredients, we can construct 
an optical atomic clock as shown schematically in 
Figure 9. 
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Figure 8 Progress in the accuracy of optical frequency 
measurements. 


Here, for comparison with Figure 1, the cold atoms 
or single ion provide the narrow atomic resonance, 
the cw laser serves as the local oscillator to probe the 
resonance, and the femto-comb serves as the counter. 
Optical frequency standards of the future are 
expected to provide orders of magnitude better 
stability and improved accuracy over the existing 
atomic frequency standards that now use microwave 
transitions in atoms. As described in the previous 
section, frequency combs produced by femtosecond 
lasers can directly measure the frequency of a stable 
laser locked to an atomic transition relative to a 
known microwave frequency standard. This gives 
fundamental information about the atomic energy 
levels, and structure, and allows comparisons 
between different elements. However, to take 
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Figure 9 Simplified schematic of an optical clock. 


advantage of the high stability of the optical 
references we run the system as an optical clock 
(Figure 9) where the stable laser and the femto-comb 
are locked to the atomic resonance, and the clock 
output comes as pulses at the repetition rate (e.g., 
1 GHz) of the femtosecond mode-locked laser. With a 
judicious choice of control parameters it is possible to 
have the pulse repetition frequency, i.e., the clock 
output, at an exact subharmonic of the optical 
transition frequency. It is intriguing to note that a 
portable optical clock could measure time and length 
at the same time. 


See also 


Instrumentation: Spectrometers. Quantum Electro- 
dynamics: Quantum Theory of the Electromagnetic Field. 
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Introduction 


Fourier transform spectroscopy (FTS) has emerged as 
one of the most powerful spectroscopic techniques 
since the first instruments became commercially 
available in the late 1960s. With this method, high 


Cundiff ST, Ye J and Hall JL (2001) Optical frequency 
synthesis based on mode-locked lasers. Reviews of 
Scientific Instruments 72: 3749-3771. 

Diddams SA, Jones DJ, Ye J, et al. (2000) Towards the 
ultimate control of light. Optics and Photonics News 
October: 16-22. 

Diddams SA, Udem T, Bergquist JC, et al. (2001) An optical 
clock based on a single trapped '”’Hg* ion. Science 293: 
825-828. 

Diels JC and Rudolph W (1996) Ultrashort Laser Pulse 
Phenomena. San Diego, CA: Academic Press. 

Hall JL (2000) Optical frequency measurement: 40 years 
of technology revolutions. IEEE Journal of Selected 
Topics in Quantum Electronics 6: 1136-1144. 

Hall JL and Ye J (2001) A new era of frequency standards 
and optical frequency measurements. Optics and Photo- 
nics News February: 45-50. 

Hansch TW and Walther H (1999) Laser spectroscopy 
and quantum optics. Reviews of Modern Physics 
71: $242-S252. 

Hollberg L, Diddams SA, Curtis EA, Oates CW and 
Fox RW (2001) Optical frequency standards for 
clocks of the future. In: The International Society for 
Optical Engineering. Harnessing Light: Optical Science 
and Metrology at NIST: Bellingham, DC. Proceedings of 
SPIE 4450: 54-59. 

Jennings DA, Evenson KE and Knight DJE (1986) 
Optical frequency measurements. Proceedings of the 
IEEE 74: 168-179. 

Jespersen J and Fitz-Randolph J (1977) From Sundials to 
Atomic Clocks. New York: Dover. 

Jones T (2000) Splitting the Second: The Story of Atomic 
Time. Bristol, UK: Institute of Physics. 

Luiten AN (2001) Frequency Measurement and Control: 
Advanced Techniques and Future Trends. Berlin: 
Springer-Verlag. 

Menoni CS (ed.) (2001) Feature section on optical frequency 
synthesis: a new tool for precision optical frequency 
metrology. IEEE Journal of Quantum Electronics 
37: 1481-1513. 

Quinn TJ (1999) Practical realization of the definition of 
the metre. Metrologia 36: 211-244. 


spectral resolution, high wavenumber accuracy, 
broad spectral range, high optical throughput, and 
high signal to noise ratio can be achieved simul- 
taneously. Because of these combined advantages that 
will be discussed in more detail throughout this 
article, especially in the far- (10-500 cm ') and mid- 
infrared (FIR and MIR) spectral region (500- 
5000 cm~'), FTS has become the method of choice 
for the most sensitive spectral investigations. In this 
article, an overview of the setup, the working 
principle, and the computation of spectra from the 
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Now bring a strong magnet up to the reed switch on the other side of the glass tube 
with the north pole above the north of the lower magnet. This effect will increase the 
INDUCED MAGNETISM in the blades and close the contacts: 
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Remove the top magnet and the lower magnet will induce enough magnetism into 
the blades to keep them closed: 
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Now bring the upper magnet near the reed switch with the south pole above the 
north pole of the lower magnet. (In other words: AROUND THE OTHER WAY) This will 
have the effect of reducing the induced magnetism in the blades and a point will be 
reached when the two contacts will separate: 
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Remove the top magnet and the switch will remain separated because the lower 
magnet will not have sufficient influence on the blades to close the contact: 
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CAPACITORS 

Capacitors are one of the most difficult things to test. That's because they don't give 
a reading on a multimeter and their value can range from ip to 100,000u. 

A faulty capacitor may be "open" when measured with a multimeter, and a good 
capacitor will also be "open." 
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measured interferograms will be given. Finally, by 
comparing FTS to dispersive spectroscopic methods, 
the conditions under which FTS can be exploited to 
advantage, will be discussed. 


Spectrometer Setup 


Almost all commercially available Fourier transform 
(FT) spectrometers are based on a Michelson inter- 
ferometer. A typical layout of this interferometer is 
sketched in Figure 1. A collimated beam with spectral 
density S(a) entering the spectrometer is divided into 
two beams by a beamsplitter. Here, o denotes the 
wavenumber that is related to the wavelength (A) of 
the radiation by a = 1/A. As shown in Figure 1, one 
part of the radiation is reflected by the beamsplitter 
and propagates through the compensator plate to a 
fixed mirror. The mirror reflects the beam through the 
compensator plate back onto the beamsplitter. The 
other part of the radiation beam is transmitted 
through the beamsplitter and its substrate, and hits 
a moveable mirror from which it is reflected back 
onto the beamsplitter. At the beamsplitter, both 
beams are divided again. As shown in Figure 1, two 
beams, one propagating to the source, the other 
propagating to the detector, finally result. Both beams 
contain a contribution that was reflected by the fixed 
mirror and a second contribution that was reflected 
by the moveable mirror. In Figure 1, lines indicate the 
paths of the beams schematically. In the case of a 
reflection on the beamsplitter, the line type is changed 
in Figure 1, whereas for a transmission, the line type 
remains unchanged. The widths of the lines in Figure 1 


Fixed 
mirror 





From source To detector 





Substrate 
Beamsplitter 


Compensator 


Figure 1 Schematic sketch of the layout of a Michelson 
interferometer. The paths of the rays are indicated by lines and 
arrows. At a reflection on the beamsplitter, the line type is 
changed, whereas for a transmission it remains unchanged. The 
widths of the lines indicate the size of the field amplitudes. For 
clarity, the lines indicating the beams reflected into themselves by 
the fixed and moveable mirrors, are offset laterally. The inset 
shows a magnified cross-section of the beamsplitter. In the inset, 
the geometrical details used for calculating the phase difference 
between RF and T are defined. 


indicate the size of the field amplitudes and, therefore, 
are reduced for each reflection/transmission on the 
beamsplitter. For clarity, the lines indicating the 
beams reflected into themselves by the fixed and 
moveable mirrors in Figure 1 are offset laterally. 

By changing the position of the moveable mirror 
along the beam axis, a difference between the optical 
paths from the beamsplitter to the fixed and moveable 
mirror is generated. The compensator consists of 
the same material and has the same thickness as the 
beamsplitter substrate and, therefore, minimizes the 
influence of the dispersion of the beamsplitter 
substrate on the optical path difference. 


Fourier Analysis and Interferometry 


To calculate the intensities of the combined beams 
falling on the detector and on the source, we start by 
considering the phase difference between the reflected 
and transmitted beams leaving the beamsplitter. For 
simplicity, we ignore the compensator and beams- 
plitter substrate, since ideally, they generate the same 
phases in both arms of the interferometer, and 
therefore, do not contribute to the phase difference. 
Thus the beamsplitter is regarded as a freestanding, 
dielectric slab with thickness d. The complex reflec- 
tion (R) and transmission (T) coefficients, including 
the effect of multiple internal reflections within the 
beamsplitter layer, are given by: 


R=r1 —-e?yd — re?) 
[1] 





TH=%1=Pyii=re*) 

Here, r is the Fresnel reflection coefficient that 
describes the ratio of the moduli and the phase 
difference between incoming and reflected electrical 
field for a electromagnetic wave incident under a 
angle @, on the surface of a dielectric with dielectric 
constant n, and y= 20nd cos(@,) is the phase 
difference evaluated at P,; and P, in Figure 1 for a 
single pass of the electromagnetic wave through the 
dielectric slab under the angle @, (by Snellius law, 
sin(®,) = msin(@,)). Since 1 is real, so is 7 and, 
therefore, the phase difference Ag between R and T is 
calculated from eqn [1] according to: 








R IRI Agar c AY a AlY 
T~ Tr° ie 
=~ 21 sin(y) [2] 
ie., Aggy = — 7/2. With this result, we are able to 


calculate the phase difference between the two rays 
falling on the detector and the two rays falling back 
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on the source. The geometry considered in the 
following is sketched in Figure 1. The coefficients R 
and T connect the phases and magnitudes of reflected 
and transmitted electric field amplitudes at the points 
P, and P >. From these points, the radiation beams 
travel back and forth to the fixed and moveable 
mirrors, thereby accumulating phases according to: 
= 22x o and go, = 272(x;+ Ax)o, where we 
have defined Ax = x,, — xg and x,,, x¢ denote the 
distances of moveable and fixed mirrors from 
the points P; and P. The two planewaves falling on 
the detector interact twice with the beamsplitter. Each 
planewave is once reflected at and once transmitted 
through the beamsplitter. Therefore, the beamsplitter 
adds no additional phase difference to the two 
planewaves and the total phase difference is given 
by Ag = ¢,, — og. The situation is different for the 
two beams falling back on the source. Here, one beam 
is reflected at both interactions with the beamsplitter, 
whereas the other is transmitted at both interactions. 
According to eqn [2], between these two beams an 
additional phase shift of 7 results. Quantitatively, the 
total field amplitude at the detector, neglecting an 
arbitrary phase, is given by Ep = EyRT(e'™ + e'*), 
and the corresponding intensity is: 


Ip & EpEp = 2/EplIRP ITP (1 + Ree? ]} 
= 2IE,PIRPITP (1 + cos(4aoAx)} [3] 


The sum of the field amplitudes falling back on the 
source is Es = Eo(R*e'* + T’e'*). For the intensity 
one gets: 


Is 0c EsEé = |Ey*{IRI* + ITI4 + 2Re[R? Te? } 
[4] 


Denoting the complex coefficients R and T by their 
modulus and their phase R = |Rle'*8, T = |Tle'®" and 
using eqn [2], one gets: 


Is  IEgP* {IRM + ITI4 + 2IRPITP cos(4aroAx + 1} 
[S] 


Both intensities, Ip and I; contain a constant 
component and a component that varies with 
cos(47aAx). The varying parts have the same 
amplitude 2/E9/*IRI7IT?| but are out of phase by 7. 
Consequently, a maximum in Ip corresponds to a 
minimum in Is and the sum of both intensities is 
independent of the mirror displacement Ax. 

In most of the commercially available spec- 
trometers, only Ip is used for spectral measurements. 
Usually, the detector signal is amplified by an AC 
coupled electronics. Therefore, in a measurement of 
Tp(Ax), the constant part of the signal is suppressed. 


Assuming a spectral density S(o) of the source and an 
ideal detector with a responsivity Rp linear in the 
intensity and independent of the wavenumber go, the 
detector signal D(Ax) is given by: 


D(Ax) = Rp li S(a)cos(47raAx)do [6] 


The information about the spectrum is contained in 
S(a) and can be extracted from the interferogram 
D(Ax) by a cosine Fourier transformation. The 
transformation has to be done numerically and, 
therefore, it is more convenient to use a complex, 
fast Fourier transform algorithm. For that purpose, 
eqn [6] is modified by using the complex expansion of 
the cosine cos(x) = (e” +e *)/2: 


D(Ax)= 2([. S(ael*7™* dot |, S(oye #™"*do 


(ore) 0 . 
= fo( (oye do | S(- nerd] 
[7] 


Extending S(a@) to negative wavenumbers according 
to: 


; S(o) fora=0 
S(o)= [8] 
S(—oa) fora <0 


leads to the following expression for the interfero- 
gram: 


Dasy=2 | S(ae4”™ da [9] 


and the spectral density S’(s) can be obtained by the 
complex Fourier transform according to: 


so=z[_ D(Ax)e 47" d(Ax) [10] 
D —oo 


In the following, we will skip the prime and S will 
refer to the spectral density extended to negative 
values of o. 

To calculate the spectral density according to eqn 
[10], one has to use an interferogram extending from 
—oco to +00 measured at infinitely small sampling 
distances d(Ax). In practise, of course, the interfero- 
gram is measured only between finite mirror dis- 
placements —Ax,,,, and Ax,,,;, at sampling points 
equally spaced by é. 

The effect of the finite mirror displacement on 
the resulting spectral density S can be included into 
eqn [10] by multiplying the interferogram D(Ax) 
with a function that vanishes for [Axl > Axyay- 
As an example, we use the boxcar function 
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OAx + Axmax) (AXmax — Ax), where (x) is the Hea- 
vyside step function with values 0 and 1 for x < 0 and 
x > 0, respectively, and calculate the output spectrum 
for a spectral density S;(c) consisting of a single line 
at wavenumber oo: S\(a) = (&(o — op) + (o+ 
0o))/2 (note that the spectral density is extended to 
negative wavenumbers according to the definitions 
given above). According to eqn [9], the interferogram 
is D,(Ax) = (Rp/2)cos(470)Ax). Multiplying the 
interferogram with the boxcar function and Fourier 
transforming the product back using eqn [10], the 
resulting spectral density S?° is: 


sin[47 (a9 aa a) AX max] 





box __ 
as 2A.pac} Am(oo — o)Axmax 


[11] 





sin[47(09 + a)AXmax| 
Am(oo + DAXmax 


Therefore, the approximation to a monochromatic 
spectrum is a sum of sinc(z+) (= sin(z+)/z+) functions 
where z+ = 47(09 + @)AXmax. The lineshape func- 
tion $7 is plotted around go in Figure 2 by the full 
line. Compared to the monochromatic spectrum $1, 
the lines of S¥°* have a finite linewidth with a 
fullwidth at half maximum (FWHM) of approxi- 
mately 0.3/Axmax- As a general rule in spectroscopy, 
two spectral lines of equal intensity and linewidth 
have to be separated at least by their FWHM, in order 
to be clearly distinguishable. According to this 
definition, the limit of resolution of a FT spectrometer 
Admin is inversely proportional to the maximum 
mirror displacement and given by Ag,i, = 0.3/Axmax: 

A less precise, but more intuitive definition of the 
resolution refers to the difference of the phases of the 
interferograms corresponding to two monochromatic 
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Figure 2 Normalized lineshape functions for boxcar (full line) 
and triangular apodization (broken line). In the inset, the 
corresponding apodization functions are shown. 


lines separated by Ac. The two lines are defined to be 
resolvable if the phases of their interferograms 
differ by more than 277 between the mirror positions 
—Axmax and Axmax, ie., the beating in the super- 
position of the interferograms shows at least one 
period. It is easily seen that, according to this 
definition Adiin = 1/(2AXmax), a result in good 
agreement but slightly larger than that obtained by 
the more precise definition given above. 

As shown in Figure 2 by the full line, the sinc 
function has negative side-lobes with magnitudes of 
up to 22% of the maximum value. For some 
spectroscopic applications this side lobes are 
unwanted since they lead to a suppression of smaller 
peaks separated by approximately the resolution limit 
of the spectrometer. Thus, in these cases, it appears to 
be reasonable to multiply the interferogram by a 
(apodization) function different from the natural 
boxcar function. Usually, triangular or trapezoidal 
functions vanishing for [Axl > Axa, are used. By 
Fourier transformation of these functions, it can be 
shown that no negative side lobes are generated. 
However, these functions have a larger (up to ~ 50%) 
peak FWHM than the sinc function. For comparison, 
in Figure 2, also the lineshape of a monochromatic 
spectrum using a triangular apodization function 
A(Ax)= 0(Ax + Axmax) (AXmax — Ax)(1 — IAx/Axmax!) 
is shown by the broken line. In this case, the negative 
sidelobes are strongly suppressed but the FWHM 
is increased. 

Generally, the output spectrum S“(o) correspond- 
ing to an arbitrary spectral density S(o) and an 
apodization function A(Ax) is given by the convolu- 
tion S4(a) = 2[S@AT](o, where the lineshape func- 
tion AF! is the Fourier transform of A(Ax): 


Age | 


co 


A(Ax)e 4774 d(Ax) [12] 


and 


(fSeKy= | fine ndr 13) 


Discrete Sampling 


In order to discuss the effect of the discrete, equally 
spaced sampling points with a mutual distance of on 
the output spectrum, Ax is replaced by x,, = néin eqn 
[10], where 7 is an integer and runs from —Nypax to 
Nimax and Ninax€ = AX max: Instead of the continuous 
interferogram D(Ax), a discrete interferogram: 


_ Rp [* 


D 
n 2 7 


S(ayet™"da [14] 
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results. From eqn [14], it is readily seen (by shifting 
the integration variable) that replacing S(o) with 
Slo + m/(2€)], where m is an integer, does not change 
the discrete interferogram D,,. Keeping in mind that 
according to our definition S(—a) = S(o), it is clear 
that S[—o + m/(2€)] also leads to the same interfer- 
ogram as S(a). Therefore, to be able to transform the 
interferogram to the spectral density S(o) for a 
wavenumber band [0, Omax] unambiguously, one 
has to make sure, by electronically and/or optical 
filtering, that no wavenumbers outside this range 
contribute to the interferogram and that the sampling 
interval é is small enough so that Omax < —Omaxt 
1/(2€), 1.€., Omax < 14€). In Figure 3, a schematic 
sketch of a spectral density S(o), consisting of two 
spectral bands shown by the full and dashed lines, is 
plotted. For the spectral band shown by the full line, 
the sampling interval é is small enough so that in the 
interval [0, 1/(4€)] no ambiguity arises. For the 
spectral band shown by the dashed line, the inter- 
ferogram appears to be under-sampled: € is too large, 
and, therefore, the part of the spectral band at 
negative wavenumbers shifted by +1/(2€) falls into 
the interval [0, 1/(4€)] (shown by the dotted line in 
Figure 3). Thus, for the sampling interval & the 
interferogram for the sum of spectral bands, shown 
by the full and the dashed lines in Figure 3, is the 
same as for the sum of the spectral bands shown 
by the full and dotted lines. Since the interferograms 
are the same, the two spectra are indistinguishable 
at sampling intervals & This ambiguity of spectra 
for an under-sampled interferogram is called 
aliasing. Comparing the correct sampling interval 


S(c} 





Figure 3 Schematic sketch of aliasing for under-sampled 
interferograms. For spectral density shown by the full line, the 
sampling interval is chosen correctly and the 1/(2é) wavenumber 
ambiguity indicated by the arrows in the plot does not result in 
erroneous features in the spectral range [0, 1/(4é)]. The situation is 
different for the spectral band sketched by the dashed line: For this 
band, the sampling interval é is too large, and consequently, the 
1/(2é) wavenumber ambiguity maps the line from the negative 
wavenumber region into the range [0,1/(4é)]. The mapped 
spectral band is indicated by the dotted line. 


&< 1/(40max) with the period of the interferogram 
D,, corresponding to a spectrum consisting of a single 
line at Omax (D, = Rpcos(47nédmax)), it follows that 
the interferogram has to be sampled more than two 
times per period in order to obtain an unambiguous 
result (Nyquist Theorem). 

Mathematically, the spectral density is calculated 
from the discrete interferogram D,, by a discrete 
Fourier transformation: 


2 
RpN 





N . 
S = > Dee [15] 


where N is the number of sampling points (N = 
2Nmax + 1) and the wavenumbers corresponding to 
S, are given by o,,, = m/2EN. 

In order to obtain a high accuracy in the sampling 
intervals & usually a reference interferogram of a 
monochromatic laser line (for example from a HeNe 
laser) is measured simultaneously with the interfero- 
gram of the actual experiment. By counting, for 
example, the zeros with positive slope in the 
interferogram of the laser line, uniformly spaced 
sampling points can be achieved with high accuracy. 
If, in an experiment many interferograms have to be 
averaged, the absolute position of the sampling points 
is important, in order to ensure that only points of 
equal mirror displacement are averaged. Therefore, in 
some spectrometers, the interferogram of a broad- 
band source is measured simultaneously with the 
interferograms of the laser and the experiment and 
the maximum of the interferogram of the broadband 
source is taken as the origin for counting the zeros of 
the laser interferogram. 


Phase Correction 


Ideally, the interferogram is expected to be symme- 
trically around the position of equal optical path in 
the two arms of the interferometer. However, in 
practise this is seldom the case. Many reasons can 
lead to an asymmetric interferogram, the most 
obvious being that none of the discrete sampling 
points of the interferogram coincides with the mirror 
position for equal optical path in the two inter- 
ferometer arms. Let Ax,, be the measured mirror 
displacement that differs from the real mirror 
displacement Ax by xo, i.e., Ax = Ax, +x. In that 
case the measured interferogram is: 


D(Ax) = =| S(a)ll477Am+ldg [16] 


and the Fourier transformation, according to eqn [10] 
with Ax,, as the integration variable, results in 
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S(o)e'*™, that is, in a spectrum with both real and 
imaginary parts. Also, mirror or compensator mis- 
alignment can result in a wavenumber-dependent 
optical path at a fixed mirror position. Finally, for 
rapid-scan interferometers, in that the movable 
mirror is scanned at a constant velocity v, the 
electronic filtering and amplification of the detector 
signal will also add different phases, depending on the 
signal frequency v that is correlated to the wavenum- 
ber o by v= 2ov. In general, as long as the phase ¢ 
depends only on the wavenumber and not on the 
mirror displacement, the measured interferogram is: 


Rp (®” 


D(AXm) = > [17] 


S(aeil4 ren +H] do 
oe} 


and by the Fourier transformation, according to 
eqn [10], one obtains S(a)e'“”. There are several 
methods implemented in the software of commer- 
cially available Fourier spectrometers to eliminate the 
phase from the Fourier transform. In most exper- 
imental cases, in that the measured interferograms 
correspond to spectra with S(o)=0 for all 
a € [0, Omax], these methods usually give the correct 
results. However, care has to be taken if spectra 
contain positive and negative components. This can 
be the case, for example, if the transmission of a 
sample is periodically modulated by externally 
applied voltage or a laser light and the detector signal 
is amplified by a lock-in technique before it is fed into 
the electronics of the Fourier transform spectrometer. 
If the modulation increases the sample absorbance in 
one part of the spectral range and decreases it in a 
different part, then the measured interferogram 
corresponds to a spectrum with both negative and 
positive regions. In the following, first the phase 
correction methods for spectra with positive values 
only are discussed before it is argued, why these 
methods might fail for spectra with positive and 
negative parts. 

For spectra with only positive values, the most 
simple method to eliminate the unknown phase is to 
measure the interferogram symmetrically around 
Axm =0 and calculate S(aje'% according to eqn 
[10]. Including the effect of finite scan length, the 
output spectrum becomes S$“ = 2[S(a)e'*? ]@A(o)?. 
Under normal experimental conditions, the phase 
g(a) does not vary over the peak FWHM of A(o)F! 
and, therefore, the phase term can be put outside 
the integral of the convolution and S‘4= 
2c! S(Q)@A(o)F"] results. Since A(Ax) = 0, and 
chosen to be symmetric around Ax, =0, the 
convolution is real and positive and the true spectrum 
with instrumental resolution 2[S(0)®A(o)""] can be 
obtained by calculating the modulus of §“ without 


any knowledge about g(c). However, for several 
reasons this method for phase correction is not ideal. 
First of all, since the maximum spectral resolution of 
a Fourier transform spectrometer is inversely pro- 
portional to the maximum mirror displacement, for a 
given spectrometer layout with a fixed maximal 
mirror scan length L, the maximal achievable spectral 
resolution is reduced by a factor of two if scans 
symmetric around Ax =0 have to be performed. 
Secondly, for signals closer to or smaller than the 
noise level of the spectrometer, the random noise will 
be entirely positive by taking the modulus. Hence, for 
small signals, the noise level will be increased relative 
to the signal level by taking the modulus. 

Therefore, usually the ‘Mertz phase correction 
method’ is used. This method is based on the 
assumption that the phase g(a) is a slowly varying 
function of oa. In this case, g(a) can be determined 
with low spectral resolution, i.e., by a short, 
symmetric scan of length 2L, around Ax = 0. It can 
be shown that from this scan the phase can be 
obtained according to: 





Re[S(a)e'?™ @AFT(a)] 


+ a (if denominator is negative) 


| Im[S(ae'*@A!!(a)] } 
g(a) = arctan 


[18] 


Here, S(a)e'*"@A(o)'! results from the Fourier 
transformation of the short interferogram measured 
between —L, and L, and the apodization function 
A(Ax,,) is adjusted to —L, and Lj. The addition of 7 
for negative denominators is a consequence of the 
assumption that S(a) is positive everywhere. Under 
this assumption, a negative denominator in eqn [18] 
corresponds to a phase angle lg(o)| > 7/2, that is 
mapped into [—7/2, a/2] by the arctan-function. 
To get the correct phase angle, 7 has to be added 
to the phase angle, thereby extending the range of 
g(a) to [0,27]. 

With g(a) known, the interferogram has to be 
recorded only for mirror displacements Ax,, = 0, 
since the information about the interferogram for 
Axm <0 is contained in the phase spectrum and 
the interferogram for Ax,, = 0. Therefore, with this 
method, the totally available mirror displacement 
length can be used for increasing the spectral 
resolution. 

However, for spectra containing positive and 
negative spectral bands, the Mertz phase correction 
usually fails, due to the addition of a if the 
denominator in eqn [18] becomes negative. For 
spectra with positive and negative bands, the sign of 
the denominator is determined by both S(o) and ¢(o). 
Applying the Mertz algorithm in a negative region of 
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the spectrum with a vanishing physical phase angle, 
results in a calculated phase angle of p= 7. As a 
consequence, the negative spectral band appears as a 
positive band in the output spectrum calculated 
according to the Mertz algorithm. 

To avoid erroneous phase-flips, the addition of 7 in 
eqn [18] for negative denominators can be omitted 
and the allowed values for g(a) are reduced to 
[—7/2, 7/2]. The corresponding phase correction 
method is usually referred to as the ‘Mertz signed 
method’. However, it is immediately clear from the 
discussion above, that in this case any physical phase 
angle outside the range [—7/2, 7/2] results to an 
erroneous 7-jump of the phase. According to eqn 
[16], a physical phase shift larger than 7/2 can, for 
example, be the consequence of a large offset x9, i.e., 
of an inaccurate alignment of Ax,, and Ax. At Ax = 0, 
all contributions to the interferogram add construc- 
tively and the height of the interferogram is pro- 
portional to the area under the spectral curve S(o), as 
can be readily seen by setting Ax = 0 in eqn [10]. 
Therefore, for S(a) >0 the position Ax,, =0 is 
usually estimated by the global maximum of the 
measured interferogram. However, for spectra with 
both positive and negative bands, in most cases the 
interferogram does not exhibit a maximum at Ax = 0 
(for positive and negative bands of equal height and 
width, the interferogram vanishes at Ax = 0), and 
estimating Ax,, = 0 by an extremum of the interfer- 
ogram results, therefore, in a large offset xo. Thus, in 
order to be able to use the ‘Mertz signed’ algorithm, 
Axm = 0 has to be determined separately in a 
calibration experiment in that the condition S(o) > 
0 is fulfilled. However, even for accurately determined 
Ax, = 0, erroneous phase jumps can appear if lines 
of different intensity and opposite sign are spaced 
approximately equal to the resolution used for 
determining the phase spectrum ¢(o). 

In conclusion, there are no general strategies to 
completely exclude phase jumps in the Fourier 
transformation of interferograms corresponding to 
spectra with positive and negative bands. The 
experimentalist has to check from case to case if 
lines with strange shapes appear in the output spectra, 
and modify the phase correction accordingly. More 
elaborate strategies for phase correction, that are 
beyond the scope of this article, are reported in 
literature. 


Example of Experimental Results 


To illustrate the features of FTS discussed in the 
previous paragraphs by a practical example, in 
Figure 4 the results of a typical measurement in the 
MIR between 500 cm~! and 5000 cm“! are shown. 


The experiments were performed with a BRUKER 
IFS113 spectrometer using a silicon carbide glowbar 
as a source for the infrared radiation, a potassium 
bromide beamsplitter, and a liquid-nitrogen cooled 
mercury cadmium telluride detector. The spec- 
trometer used for the experiments is set up in a 
vacuum chamber. The two interferograms shown in 
Figure 4a were measured at two different pressures 
(broken line: 10 mbar; full line: 300 mbar), i.e., at 
two different levels of absorption of the atmospheric 
gas in the interferometer chamber (for clarity, the 
interferograms are offset vertically). The abscissa axis 
is broken in Figure 4a and shows portions of the 
interferograms around zero mirror displacement and 
around the maximum mirror displacement of 2.5 cm 
(chosen for 0.2 cm! spectral resolution). For higher 
chamber pressures, the increased absorption of the 
atmospheric gas results in an increased amplitude of 
the wiggles of the interferogram apparent for large 
mirror displacements in Figure 4a. The amplitude of 
these wiggles is approximately three orders of 
magnitude smaller than the detector signal observed 
at the center-burst of the interferogram around zero 
mirror displacement. However, in the corresponding 
spectra (Figure 4b) calculated from the interfero- 
grams after phase correction, the absorption of the 
atmospheric gas is clearly evident by a strong 
increase of the dense and narrow absorption 
lines in the spectral regions 1200 cm” '—2200 cm“ ', 
2300 cm '-2400 cm™', and 3200 cm™ '-4000 cm™! 
(note that in Figure 4b the spectra are offset vertically 
by 0.1 for clarity). The lines observed between 
2300 cm” ‘2400 cm! are due to absorption of the 
CO, molecule and are shown in more detail in 
Figure 4c from 2335 cm‘ to 2345 cm |. In order to 
simulate the contribution of the CO, lines to the 
interferogram shown in Figure 4a, two neighboring 
lines in Figure 4c were fitted to a doublet of Lorentz- 
absorption lines (indicated by the symbols in 
Figure 4c). The corresponding interferogram was 
calculated by Fourier transformation of the Lorentz 
lines and is shown in Figure 4d. It consists of a rapid 
oscillating, cosine-like signal (see inset for an 
expanded plot between 0.6 and 0.602 cm) with an 
amplitude modulation corresponding to the differ- 
ence of the resonance wavenumbers of the two 
Lorentz lines. The ordinate axes of Figures 4a,d 
have the same arbitrary units and, therefore, the 
amplitudes of the interferograms shown in these 
two panels can be directly compared. From Figure 4a, 
d we conclude that the two CO, lines contribute 
approximately with only one in 10° parts to the 
center-burst of the measured interferogram, i.e., 
theses lines absorb only a fraction of 10°° of the 
integrated (over the wavenumbers) intensity of 
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Figure 4 Measurement of the absorption of atmospheric gas for different pressures in the interferometer chamber (broken lines: 
10 mbar, full lines: 300 mbar). (a) Interferograms (note the break in the axis of the mirror displacement). For clarity, the interferograms 
are offset vertically by 0.1 and 0.0002 on the left and right side of the axis break. On the right side of the axis break, the interferograms 
are amplified by a factor 500. (b) Spectra corresponding to the interferograms shown in (a). The spectra are offset vertically by 0.1 for 
clarity. (c) Part of the CO. absorption lines on an expanded wavenumber axis. The symbols indicate a fit of two Lorentz lines to 
neighbouring COz absorption lines. The fit is used for calculating the interferogram shown in (d). (d) Simulated interferogram 
corresponding to the two COs lines shown by the symbols in (c). The arbitrary units of the ordinate axis are the same as those used in (a) 
but the interferogram is amplified by a factor 10°. In the inset, the interferogram is shown on an enlarged scale between 0.6 and 


0.602 cm mirror displacement. 


the incident radiation. Despite this small fraction, 
they are extremely well resolved with a large signal- 
to-noise ratio in Figures 4b,c, thus demonstrating the 
ability of FT'S to measure spectra simultaneously with 
high resolution and over a large spectral range. This 
ability is one of the advantages (the so-called multi- 
plex advantage) inherent in FTS and will be discussed 
in more detail in the following paragraph. 


Advantage of FTS Over Dispersive 
Spectrometer 


The two main advantages of FTS over dispersive 
spectroscopic methods, using, for example, a grating 
for the spectral decomposition of an incoming 
radiation, are directly connected with the working 


principle of FT spectrometers; high optical through- 
put and multiplexed measurement over the whole 
spectral range of interest. These advantages are 
discussed in the following, in more detail. 

For a fair comparison of the optical throughput, 
spectrometers with equal spectral resolving power p 
have to be compared. Here, p = Omax/Ao, where Omax 
is the maximum wavenumber analyzed and Aq is the 
spectral resolution. For an ideal Fourier transform 
spectrometer, the limit for Oma, depends on the 
divergence angle of the beams propagating in the 
spectrometer. As sketched in Figure 5, the divergence 
angle a is determined by the radius r, of the entrance 
aperture and the focal length f of the collimating lens 
by a ~ r,/f. This angle causes a phase shift between 
the rays propagating parallel to and those propagat- 
ing under the angle of a inclined to the optical axis 


98 SPECTROSCOPY / Fourier Transform Spectroscopy 





Entrance 
aperture 


Collimating 
element 


Moving 
mirror 





AXm: 0 AXmax 


Figure 5 Entrance aperture and collimating element for an 
interferometer. For simplicity, the beamsplitter and fixed mirror are 
omitted in the sketch. The extreme rays entering the inter- 
ferometer are indicated by the full and broken lines. Due to 
divergence a, a monochromatic light with wavenumber oo 
produces all periods in the range [470,470 9/cos(a)] in the 
interferogram. 


through the interferometer. The phase difference gj, 
depends on the mirror displacement according to 
Qdiy = 4a Ax((1/cos(a@)) — 1) and can be approxi- 
mated for small a@ by gyi, ~ 27aAxa’. It can be 
shown, that as long as @giy does not exceed 
approximately 7, the influence of the divergence on 
the interferogram can be tolerated, i.e., Omayx ~ 
1/(2AXmax0’). Using Ao ~ 1/(2Axmax) for the resol- 
ution, one obtains for the resolving power of a FT 
spectrometer, p = (f/r4)*. 

The optical throughput © describes the allowable 
energy per unit time that the system can let through 
and is related to area 7r2 of the aperture and the solid 
angle © of the collimating (or focusing) optics by 
© = ar2Q. Using O = Agys/f?, where Apts is the 
clear area of the collimating lens (for a collimating 
mirror, Aprs is the area of the mirror projected on a 
plane perpendicular to the beam direction), results in 
@rrs = TAprsrz/f* = 7Aprs/p. For a grating spec- 
trometer, Oprating = PAG/fp. (see respective chapter of 
this encyclopedia) where / is the height of the slit, f 
the focal length of the collimating optics, and Ac the 
projected area of the grating. Generally, h/f is smaller 
than 1/20 in up-to-date grating spectrometers. Thus, 
for the same resolving power p and similar instrument 
size, FT spectrometer can offer a more than af/h ~ 
60 times larger energy gathering capability. There- 
fore, for measurements with weak signals in that the 
detector noise is the dominant noise source, the large 
throughput of a FTS greatly increases the spectral 
signal to noise ratio that can be achieved for a fixed 
measuring time. 

The other major principal advantage compared to 
dispersive methods relies on the simultaneous (multi- 
plexed) gathering of information about all spectral 
bands Ao over a broad spectral range from Oyj, and 
Omax. For a grating spectrometer using a single 
detector element, the measurement time T,, available 


for recording the spectrum in that range has to be 
distributed between the M = (Om ax — Omin)/A@ spec- 
tral bands so that for a single spectral band the 
available integration time is T,,/M and the integrated 
signal increases proportional to T,,/M. If the domi- 
nant noise source is the detector noise which is 
independent of the signal level, then the noise will be 
proportional to (T,,/M)"” and, therefore, the signal to 
noise ratio for the grating spectrometer (S/N)gq is: 


(SIN)g & (Tm/M)"” [19] 


For a FTS the situation is different, since it detects in 
the band [mins Omax] all M small bands over the 
whole measurement time T,, via their contribution to 
the interferogram. So the integrated signal in a small 
band Aq is proportional to T,,. If the noise is again 
assumed to be random and independent of the signal 
level, for the FTS: 


(S/N)grs 0 Tm [20] 


results. For the same detector, assumed in the grating 
spectrometer and in the FTS, the proportionality 
constants are the same in eqns [19] and [20] and, 
therefore 


[21] 


Equation [21] shows that the multiplex advantage 
becomes increasingly important for measurements of 
broad spectral bands with high resolution. In this 
case, an enhancement of the (S/N)prs over (S/N)c by 
2-3 orders of magnitude can be achieved. However, 
it has to be noted that the multiplex advantage of a 
FTS can be exploited only in cases where the detector 
noise is the dominant source of noise. In the visible 
and near infrared spectral region, low noise detectors, 
that allow single photon detection, are available. 
With these detectors, the spectral noise is dominated 
by the photon noise that is proportional to the square 
root of the intensity. It is evident that in this case the 
multiplexed detection is not an advantage, since for 
M spectral bands of width Ao contributing to the 
interferogram at a given mirror position, the noise is 
enhanced by M '? compared to the noise that would 
be measured for a single band (here, it is assumed that 
all M bands contribute with the same intensity to the 
interferogram). Consequently, in this case, the noise 
enhancement by M '? cancels the beneficial factor 
M '” in eqn [21] and with single-detector grating and 
FT spectrometers, the same S/N ratio is achieved for a 
given measurement time T,,. In addition, using linear 
detector arrays with dispersive spectrometers, the 
multiplex advantage increases the S/N ratio for the 
dispersive spectrometer. However, detector arrays 
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and low-noise detectors are mainly available for 
spectral regions with a > 6000 cm™',i.e., in the near- 
infrared and visible spectral region. In the FIR and 
MIR region (a < 6000 cm“!) in that such detectors 
are absent, the multiplexing inherent in FTS makes it 
the method of choice if low-noise, broadband, and 
high-resolution spectroscopic data are required. 


List of Units and Nomenclature 


Angle of incidence for radiation on 0, 
beamsplitter 
Angle of propagation of radiation in 0, 


the beamsplitter layer 
Beam divergence angle a 
Beam splitter thickness (cm) d 
Complex reflection coefficient R 


Complex transmission coefficient T,t 

Detector Signal normalized to detector D 
area (Acm 7”) 

Difference between real and measured xo 
mirror displacement (cm) 

Dirac delta-function 6 

Discrete interferogram (A cm *) D, 

Discrete spectral density (W cm!) Sm 

Distance from beamsplitter to fixed x¢ 
mirror (cm) 

Distance from beamsplitter to movable Xm 
mirror (cm) 

Electric field amplitude of incident Eo 
radiation (V/m) 

Electric field amplitude of radiation Es 
falling back on source (V/m) 

Electric field amplitude of radiation Ep 
reaching detector (V/m) 

Focal length (cm) f 

Fourier transform of apodization Act 
function A (cm) 

General apodization function A 

Heavyside step function 0 

Intensity falling back on Is 
source (W cm 7) 

Intensity on detector (W cm 7) Ip 

Maximum mirror displacement (cm) AX max 

Maximum wavenumber (cm _') Omax 

Measured mirror displacement (cm) AXm 

Measured single line spectral density ce 


for a finite scan length (W cm!) 

Measured single line spectral density 5A 
for a finite scan length using the 
apodization function A (W cm‘) 





Measurement time for complete Tn 
spectrum (s) 
Minimum wavenumber (cm ') Omin 


Mirror displacement Ax 

Mirror velocity (cms ') v 

Modulation frequency (s ') v 

Number of sampling points of the N 
interferogram 

Number of spectral bands M 


Optical throughput (cm?) (6) 

Optical throughput for FTS (cm?) Orts 

Optical throughput for grating One 
spectrometer (cm7) 

Phase accumulation due to optical QF 
path to fixed mirror 

Phase accumulation due to optical Om 
path to moveable mirror 

Phase angle y 

Phase angle Q 

Phase difference Ag 

Phase difference between beams Ager 
reflected at and transmitted through 
beamsplitter 

Phase difference due to beam divergence @yiy 


Phase jump for reflection at beamsplitter pg 


Phase jump for transmission through QT 
beamsplitter 

Projected area of collimating element Apts 
of FTS (cm?) 


Projected area of grating (cm7) 

Radius of entrance aperture (cm) ts 
Refractive index n 
Responsivity (A W7') R 


D 

Sampling interval (cm) é 

Signal to noise ratio for FTS (S/N) rs 

Signal to noise ratio for grating (SIN)g 
spectrometer 

Single line spectral density (W cm™') Sy 

Solid angle 10) 

Spectral bandwidth (cm ') Ao 

Spectral density (W cm‘) S 

Spectral resolving power p 

Wave length (ym) A 

Wave number (cm 7‘) 0,0 

Wave number resolution (cm7') AOwmin 


See also 


Interferometry: Overview; Phase Measurement Inter- 
ferometry. 
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Introduction 


Consider the task of measuring the spectra of a 
source, the spectra of an array of contiguous sources, 
or simply the broadband irradiance of an array of 
sources. These measures are commonly known as 
spectrometry, spectral imaging, and imaging, respect- 
ively. The sensitivity at which spectrometric, spectral 
imaging, and imaging systems can be operated is 
often dominated by noise associated with the detec- 
tion system and the ability of the optics employed to 
deliver sufficient photonic flux to the detector 
subsystem to overcome this noise limitation. The 
ideal case is where the optical system can be fashioned 
in such a way as to deliver greater signal to the 
detector in order to maximize the signal-to-noise 
ratio (SNR) for a given finite source irradiance and 
detector noise. 

Let us consider the number of discrete spectral 
resolution elements of spectrometers, spatio-spectral 
resolution elements of spectral imagers, and 
spatial resolution elements of imaging systems as 
being the N quantities of interest we would like to 
measure. We wish to measure these N quantities in 
time T with the greatest accuracy and precision as 
determined by the maximum SNR possible given a 
finite source flux and a fixed detector noise floor. One 
option might be to use a multi-element detection 
system (multi-channel detection system) with N 
detectors, so each detector is measuring one of the 
N quantities for the full time T in order to maximize 
the available integration time. However, in practice, 
these detectors can be problematic or simply not 


available for many applications when compared to 
single-element detectors. When a single-element 
detector is employed in spectrometry, spectral ima- 
ging, or imaging, the measurement methodology 
required becomes N measurements, each for a time 
T/N, so that each of the N quantities is measured 
separately or alternatively, one can record N measure- 
ments, each for time T/N, for various groups of the N 
quantities. The measurement procedure for various 
groups of the N quantities requires an encoding 
procedure to choose which of the N quantities to 
include in each of the N measurements and a decoding 
procedure to recover the values for each of the N 
individual quantities. When combinations of N 
quantities are measured, the signal at the single 
detector element is increased and the procedure is 
called multiplexing. Multiplexing may be defined as 
measuring the sum of groups of quantities rather than 
measuring each quantity separately with the primary 
goal of increasing SNR. Multiplexing can and does 
increase SNR when the detection system of the 
measuring device is operating in the detector noise 
limit. The detector noise limit is defined as the noise of 
the detector output that is independent of the 
amplitude of the signal. Photon-noise-limited detector 
systems can benefit from multiplexing strategies, 
however, one must be careful not to realize a 
multiplex disadvantage when the source of noise is 
not detector noise limited. 


Fourier Transform Multiplexing 


In optical spectrometry a common multiplexing 
method employs the Michelson interferometer in a 
Fourier transform (FT) spectrometer where, in the best 
case, as much as half of the spectral energy of 
the source entering the aperture is incident upon the 
single detector element for the duration of the 
measurement. The output of the detector is recorded 
as an interferogram, which is the detector response as a 
function of optical retardation (twice the path 
difference between the arms of the Michelson inter- 
ferometer). The recorded interferogram is decoded 
using a Fourier transform algorithm to yield the 
desired spectrum. FT spectrometers are routinely 
employed in near-infrared, mid-infrared, and 


You need a piece of test equipment called a CAPACITANCE METER to measure the 
value of a capacitor. 


HOW A CAPACITOR WORKS 

There are two ways to describe how a capacitor works. Both are correct and you 
have to combine them to get a full picture. 

A capacitor has INFINITE resistance between one lead and the other. 

This means no current flows through a capacitor. But it works in another way. 
Suppose you have a strong magnet on one side of a door and a piece of metal on the 
other. By sliding the magnet up and down the door, the metal rises and falls. 

The metal can be connected to a pump and you can pump water by sliding the 
magnet up and down. 

A capacitor works in exactly the same way. 

If you raise a voltage on one lead of a capacitor, the other lead will rise to the same 
voltage. This needs more explaining - we are keeping the discussion simple. 

It works just like the magnetic field of the magnet through a door. 

The next concept is this: 

Capacitors are equivalent to a tiny rechargeable battery. 

They store energy when the supply-voltage is present and release it when the supply 
drops. 

These two concepts can be used in many ways and that's why capacitors perform 
tasks such as filtering, time-delays, passing a signal from one stage to another and 
create many different effects in a circuit. 


CAPACITOR VALUES 

The basic unit of capacitance is the FARAD. (C) This is the value used in all 
equations, but it is a very large value. A one FARAD capacitor would be the size of a 
car if made with plates and paper. Most electronic circuits use capacitors with smaller 
values such as 1p to 1,000u. 1p is about equal to two parallel wires 2cm long. 1p is 
one picofarad. 


The easiest way to understand capacitor values is to start with a value of iu. This is 
one microfarad and is one-millionth of a Farad. A 1 microfarad capacitor is about 
1cm long and the diagram shows a iu electrolytic. 





Smaller capacitors are ceramic and they look like the following. This is a 100n 
(0.1u)ceramic: 
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far-infrared spectrometry. In Raman spectrometry, 
FT spectrometers are used in the near-infrared 
spectral region typically using an Nd:YAG laser 
providing an excitation wavelength of 1064 nm. 
FT techniques are also employed in nuclear 
magnetic resonance (NMR) spectrometry and mass 
spectrometry. 


Hadamard Transform Multiplexing 


Hadamard transform multiplexing in dispersive opti- 
cal spectrometry can be accomplished by use of an 
encoding mask at the focal plane of a dispersive 
spectrometer, that is operable to select different 
combinations of spectral resolution elements that are 
allowed to pass to the single detector element for each 





of the N required measurements. The specification of 
which ones of the N quantities are included in each of 
the N measurements of groups of the N quantities is 
called a weighing design. The term weighing design 
originally referred to a procedure for accurately 
determining the mass of a number of objects by 
weighing them in groups rather than one at a time. The 
optimal weighing designs and corresponding optimal 
encoding masks are specified by Hadamard math- 
ematics. The Hadamard matrix or H matrix has all 
elements of +1 and —1 and provides the optimal 
weighing design for a two-pan balance or an optical 
instrument having two detector elements for the +1 
and —1 measures. The Hadamard matrices specify 
which quantities go to each balance pan or detector 
element. 
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Figure 1 Simple schematic of a conventional and a Hadamard transform spectrometer. The top shows a conventional spectrometer 
where only one of seven spectral resolution elements (N = 7) impinge upon the single element detector for each of N measurements. 
The bottom shows a Hadamard transform spectrometer where N = 7. One more than half of the spectral resolution elements impinge 


upon the single element detector for each of the N measurements. 
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One and Two Detector Hadamard 
Encodement Matrices 


In the case of a dispersive spectrometer with a single 
detector element, the optimal weighing designs and 
corresponding optimal encoding masks are provided 
by the simplex matrix or S§ matrix derived from the H 
matrix. The type of S matrix that is most convenient 
for optical applications is the cyclic or left circulant S$ 
matrix where only the first row needs to be known to 
generate the complete cyclic § matrix of N columns 
and N rows. Each row is obtained by shifting the 
previous row by a left-shift registration in which the 
element in the far left column moves to the far right 
column of the next row and each of the other N — 1 
elements moves one column to the left. Each of the N 
rows of the cyclic S matrix specifies one of the N 
encodements and each of the N columns specifies one 
of the N spectral resolution elements. The elements of 
the cyclic § matrix are 1 and 0 instead of the +1 and 
—1 found in the H matrix implementation. Spectral 
resolution elements allowed and not allowed to reach 
the single detector element are given as 1’s and 0’s, 
respectively. Each row and each column of the cyclic $ 
matrix is a different sequence of (N + 1)/2 elements of 
1’s and (N — 1)/2 elements 0’s so that each encode- 
ment in the row of the cyclic $ matrix has a different 
combination of (N+ 1)/2 spectral resolution 
elements that are incident upon the single detector 
element. Just as the positions of the 1’s in a row show 
which spectral resolution elements are included in a 
particular encodement, the positions of the 1’s in 
a column show which encodements include that 
particular spectral resolution element. The result is 
that provided the detector noise is independent of its 
output signal, the SNR is increased by a factor of 
(N+ 1)(2VN), approximately (/N)/2, when com- 
pared to the method of measuring each spectral 
resolution element separately as in a raster scan 
performed by a classical scanning dispersive 
spectrometer. 

Multiplexing in dispersive optical spectrometry as 
introduced in the previous paragraph is called 
Hadamard transform spectrometry (HTS) (see 
Figure 1). It is a unique combination of dispersive 
and multiplexing spectrometries. The choice of 
transparent or opaque for the elements of a multislit 
array or Hadamard encoding mask provides an 
encoding of spectral information that may be 
decoded into a conventional spectrum by Hadamard 
mathematics. In a typical dispersive spectrometer, the 
source energy is collected and separated into its 
individual spectral resolution elements by a spectral 
separator and then collected and focused for spatial 
presentation on a focal plane. Unlike a scanning 


dispersive spectrometer, which possesses a single exit 
slit, the Hadamard transform (HT) spectrometer 
employs a multislit array as a Hadamard encoding 
mask. This arrangement allows for the simultaneous 
measurement of a multitude of spectral resolution 
elements at a single-element detector and produces a 
multiplexing spectrometer. 


Theory of Hadamard Multiplexing 


The operation of the HT spectrometer can be 
described using matrix algebra with column vectors 
[D] and [I] and the N-order square matrices Sx, Sx’, 
Sn, and Ty. [D] is a column vector of N rows 
containing the detector responses for the N encode- 
ments. [I] is a column vector of N rows containing 
the N spectral resolution elements to be determined. 
Sn is the cyclic § matrix of order N that is the 
basis for construction and design of the Hadamard 
encoding mask. Sx' is the inverse of Sy and is given 
by (20N+1))Ty. Tn is a matrix of +1 and —-1 
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Figure 2 An encodegram (top plot) and the corresponding 
single-beam spectrum (bottom plot) as a result of decoding the 
encodegram using Hadamard mathematics. 
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elements obtained from Sn, the transpose of Sx, with 
Tn having +1’s and —1’s where Sy has 1’s and 0’s, 
respectively. A cyclic matrix is required to be 
symmetric so that an interchange of columns and 
rows can recover the original matrix and Sy then 
becomes equal to Sy. The encoding of the radiation 
by the HT spectrometer is given by [D] = S,[I] and 
the resulting primary data are a record of detector 
response versus encodement number. The plot of 
detector response versus encodement number is 
called an encodegram (analogous to the interfero- 
gram produced by an FT spectrometer). The decod- 
ing of the encodegram to recover the conventional 
spectrum using a Hadamard transform can be 
described by [I] = Sx'[D], obtained by left multiply- 
ing [D] = Sy[I] by SN’. In practice, it is not necessary 
to invert Sy because there is a fast Hadamard 
transform (FHT) algorithm available when N is of 
the form N = 2” — 1, w being an integer. There are 
three known methods for generating the first row of 
cyclic § matrices of order N = 2” — 1. Consider the 
example of N = 7 for w = 3 where the first row of 








S7 is 1110100. Figure 2 shows an encodegram 
and the result of decoding using Hadamard math- 
ematics. Figure 3 contains the matrices and matrix 
equations for N = 7. 


Hadamard Encoding Masks 


The key component of any HT spectrometer is the 
Hadamard encoding mask (Figure 4). Two choices for 
the Hadamard encoding mask are the moving 
mechanical mask and the stationary electro-optical 
mask. The moving mask for N spectral resolution 
elements requires 2N —1 mask elements that are 
either completely open with a transmittance of 1 or 
completely closed with a transmittance of 0. The 
stationary mask for N spectral resolution elements 
requires only N mask elements that are selected to be 
either transparent: transmittance T, = 1 or <1 or 
opaque: transmittance T, = 0 or >0. The resulting 
SNR is dependent upon AT = T, — T,, which has its 
optimal value of unity only for an ideal mask which is 
T, = 1, T, = 0. The advantage of the moving mask is 


D, iceiseieeie 1110100 I, 
Dz lj+loth +l 1101001 I 
De het tlee 1010011 lg 
[D]= Dy= Iptlgtlg+ly S,= 0100111 l= 
D, Ly + lg tle +g 1401110 Is, 
Dg lpt+latle th 9911101 lg 
De - ee eae le 0111010 ly 
11S (1/4)(1 1 4-11 -1-1) 
44-11-1-11 (W401 1-11-1113 
1-11-1-111 (1/4)(1-1 1-1-1111) 
Ge e114 $515 (1/4)T, = (V4)(-1 1-1-1111) 
1-1-1114-1 (4)1-1 1111-13 
-1-1111-11 (44-1 1111-11) 
siti (1/4)(-1 111-11 -1) 
I, (1/4)( D, + Ds + Dz Dy + D- Dg— D; } 
In (1/4)( D, + D2- Dg + Dy- O-- Dg + Dz} 
lg (1/4){ D,— Do + Dg- Dy- Dg + Dg + Dz ) 
i= = SID] = (1/4) D, + Dy- Da- Dy + Dg + Dg + Dy) 
le (1/4}( D,- Do- Bg + 0, + D0, + D,- Dz} 
lg (1/4)(- Dy- Do + Dg + Dy + Dg Dg + D7) 
I, (1/4){- D, + Do+ Dy + Dy- Dg + Dg D; ) 


For example: Note |, = (1/4) [(D, + D,+D,+0,)-(D,y+D, + D;}] so 


1, = (VA (Cl, tle tlgelg d+ tloth ele p+, e+ lgtlgel d+ 





(ly + lq +s + lg )] 
(lo + lq +lq+ le} ] }= (1/4) £41, } = 1, 


[(letlst+letl}+(lgth+lg+h)} + 


Figure 3. Matrices and matrix equations (note since S, is symmetric S$} = S,). 
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Figure 4 A linear encodement of length N= 43 generated by 
using a quadratic residue construction. 


no optical transmission problems. However, it suffers 
the disadvantage of having moving parts and position 
repeatability problems. For the case of the stationary 
mask, it has the advantage that it has no moving 
parts and no positioning repeatability problems. 
The disadvantage of the stationary mask is the optical 
transmission problem where T, < 1 and T, > 0. The 
moving Hadamard encoding mask of 2N — 1 mask 
elements is changed to the next encodement by 
translation of the Hadamard encoding mask to the 
left past the aperture by a single mask element. For 
N =7and2N — 1 = 13, the assignment of 1 and 0 to 
positions 1 through 13 is [111010011101 0). 
For example, the first encodement corresponding 
to the first row of S7 in Figure 3 is from 
positions 1 through 7 as [1110100] and the 
fourth encodement corresponding to the fourth row 
of S7 in Figure 3 is from positions 4 through 10 as 
[0100111]. 


2D Encoding Masks for Multiplexing in 
Spectral Imaging and Imaging 


If the conventional one-dimensional (1D) Hada- 
mard encoding mask is folded in some manner, the 
result is the generation of a two-dimensional (2D) 
Hadamard encoding mask (Figure 5). Similar to the 
1D Hadamard encoding masks that are used for 
spectral mutiplexing, 2D Hadamard encoding 
masks can be used for the spatial multiplexing 
done in Hadamard transform spectral imaging 
(HTSI) and Hadamard transform imaging (HTI). It 
is important to note that spectrometry as HTS, 
spectral imaging as HTSI, and imaging as HTI all 
realize the same theoretical SNR improvement 
based on the number of spectral, spatio-spectral, 
or spatial resolution elements (N), respectively. 
Consider the folding of a 1D Hadamard encoding 
mask for N= 15 into a 2D Hadamard encoding 
mask of three rows and five columns (Figure 6). 
A cyclic §,5; has a first row of (0001001101 x 
01111] so the 2D Hadamard encoding mask has a 
first row of [0001 0], a second row of [0110 1], 
and a third row of [01111] from columns 1 
through 5, 6 through 10 and 11 through 15, 
respectively, from Sj5. 





Figure 5 A two dimensional encodement of length N=10,007 
in a 100 x 100 format generated by quadratic residue construc- 
tion. The remaining 7 elements are shown as the last 7 elements 
in the bottom row on the right. In practice these ‘extra’ data points 
can be masked off and used as a measure of system noise 
characteristics. 


First row Second row 








2D mask 





Figure 6 Spectrometry to imagery: The folding of a ID 
encoding mask that can be used for spectrometry is used to 
generate a 2D encoding mask that can be used for imaging. 
Note that using a symmetric aperture window where only 3 x 2 
elements are used, the mask element that is not included in 
the windowed aperture can be used as a measure of the dark 
noise of the system, however, a more conventional encode- 
ment matrix might be one that can be divided into an integer 
number of rows and columns such as N= 15 where one can 
construct a 5 x 3 2D encodement mask for imagery and use a 
symmetric aperture that uses the entire length of the 
encodement matrix. 
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Hadamard Mathematics 


Consider a general multiplexing problem where 
one seeks to measure N_ quantities, X= 
{xq,X1,..-.XN-1}, in the presence of noise, and 
wishes to determine a vector function F(X), such 
that the measurement of F(X) yields the best 
estimate of X. Conservation of energy and super- 
position principles dictate a restriction to linear 
functions. The principle of rank suggests that we 
restrict our measurements to N-dimensional linear 
combinations. Determining the best linear combi- 
nation is the challenge. In the case of constant 
error for each measurement, an answer is provided 
by Hotelling’s theorem, which proves Hadamard 
matrices are optimal for such measurements. 
Hadamard matrices uniquely achieve the optimal 
bound for root-mean-square measurement error. A 
Hadamard matrix is a matrix H for which 

H,;= +1, and H!t= iH’. The definitions of 
matrix inverse, transpose, and multiplication dic- 
tate that the rows of the matrix H form an 
orthogonal basis with each basis element having 
norm JN. The norms of the rows of H follow 
from the entries of the matrix that are +1, 
and place no additional restriction on H. The 
columns of H are also an orthogonal basis with 
these same norms. The rows (columns) of the 
matrix KH form an orthonormal basis. From 
these few statements and definitions, one can 
already derive estimates of the multiplex advan- 
tage. For example, one seeks to measure X and in 
one case measures Y;=X+e, where e is a 
random noise or error that has a Gaussian 
distribution with a mean of 0 and variance o7. 
In another case, suppose that one measures Y, = 
HX +. In this second case, one would estimate 





2 
1 T 1 T 

X, = —H'(HX + 8) = X4 H 
oa ? (=) ° 


Bat i 

JN 
where €; is random noise with the same charac- 
teristics as e. It follows that the measurement error 
in the second case has a standard deviation o that 
is less than in the former case, with an improve- 


1 
ment by the factor Aine 


Hadamard Computations 


The +1 Hadamard matrices can be applied to two 
detector optical systems, and 0,1 matrices can be 
applied to single detector systems. In a two 
detector system H! is proportional to H~! and 


one can invert these transforms. Suppose that one 
has chosen a particular Hadamard matrix H, with 
which to conduct a multiplexed measurement. One 
can show that multiplication of any row or any 
column by —1 does not affect the efficacy of H in 
improving SNR. Hence one may assume that the 
first row and first column of H are all +1. From 
H, we can form a new (N — 1) X(N — 1) matrix § 
by deleting the first row and column of H, and 
then changing each 1 to a 0, and each —1 to a 1. 
This new matrix S$, an S-matrix, is the one 
corresponding to H that is to be used for single- 
element detector optical systems. It is known that S 
matrices are optimal for 0,1 matrices just as 
Hadamard matrices are optimal for +1 matrices, 
with signal to noise improvement by a factor 
ee where here N is the dimension of H. 

Letting I be the identity matrix, and J be the matrix 
whose entries are all 1, it follows that S'S = vd +J), 
where N is the dimension of H. From this we can 
ascertain that a multiplexed system using the matrix 
S, multiplied by the encoded parameters of $1 
recovers the original signal to within the addition of 
an offset. In practice this is what is done to recover the 
original X. In certain cases, there is also a fast 
algorithm for computing $1 Y, without ever explicitly 
computing $1. 


Constructions for Hadamard Matrices 


It is known that if H is an N X N Hadamard matrix, 
then N must be 1, 2, or a multiple of 4 and so 
nontrivial S-matrices must be of size one less than a 
multiple of 4. It is conjectured that Hadamard 
matrices exist for each N which is a multiple of 4. 
Some constructions of Hadamard matrices are 
enumerated below. 


Walsh-Hadamard Construction 


A Hadamard matrix of size N = 2 can be con- 
structed by sampling the first N Walsh functions at 
0, 1/N, 2/N, 3/N,...,(N — 1)/N, where the Walsh 
functions are defined by W(x) = 1, for OS x <1, 
Wo (x) = 0 otherwise, and the recurrence relations, 
for each non-negative integer n: 


W3,,(x) = W,,(2x) + W,(2x — 1), and 
Won+1(x) = W,,(2x) ~ W,(2x _ 1) 


[1] 
Tensor Product Construction 


Walsh is a special case of iterating this construction, 
starting with the matrix H, = [1]. In general, if Hy is 
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a Hadamard matrix of size N x N, then: 


is a Hadamard matrix of size 2N X 2N. 


Quadratic Residue Construction 


This construction is an example of a cyclic S-matrix: 
one for which each row is a cyclic shift of the previous 
row. Given a prime number p = 4n + 3, define, for 
i=0,...,.p — 1, the values $,;= 1 if there is some 
integer k, such that the remainder of dividing k* by p 
is i, and $,; = 0 otherwise. Taking the cyclic matrix 
with the first row given by S,;, yields a Hadamard 
S-matrix. 

Other constructions are possible. Maximal length 
shift register codes, and a construction involving 
quadratic residues of twin primes are two 
examples. 


Fast Hadamard Transforms 


The fast Walsh transform can be deduced from 
eqn [1]. The basic idea is that, in eqn [1], the 
function W,, is specified by log)” recurrence 
relations. For this reason, a Walsh transform (or 
its transpose) can be computed in O(n log) m) steps. 
The algorithm goes as follows, for a sequence of 
length N = 2”: 


(i) begin with Yo.o; Yous wees Yo.nN-1 = Yo, Yi, cans Yn-1 
(il) for 1 = 1, aieghes 1, let Yez = Yi-1.2k + Yi-12k+1> 

and. Yj nu = Yeioe — Y-agexs, for k= 
0,..., N/2 


(iii) Output X; = 


n-1,i 
Then the resulting X; is the inverse Walsh transform 
of Y;. 

Note that cyclic S matrices that come from 
maximal length shift registers are known to be 
permutations of the Wzalsh-Hadamard S$ matrices, 
and hence there is also a fast algorithm for 
inverting these, albeit involving some tedious 
permutations. 


Optics for Hadamard Encoded 
Apertures 


Hadamard optical systems utilize spatially encoded 
apertures that can be employed either at the entrance 


aperture of the optical system, the exit aperture or 
both. They have the common attribute that they 
encode the available aperture spatially where the 
spatial resolution elements that make up the encode- 
ment dictate the spectral, spatio-spectral, or spatial 
resolution elements that propagate through the 
optical system, including diffractive optical elements 
and on to the sensor or exit aperture. These masks 
have some spatial extent that places special require- 
ments on the optics of the system. As the encodement 
mask grows either by longer length encodements with 
fixed subapertures or as the subaperture dimension 
grows for a fixed encodement length, the spatial 
resolution elements making up the subapertures in the 
encodement mask depart from the optical axis. When 
the resolution elements depart from the optical axis 
or paraxial condition, it becomes important to 
employ optics that can image the off-axis resolution 
elements without inducing excessive aberrations that 
degrade the performance and cripple the advantages 
gained by HT multiplexing. 

Typically the optical path for conventional mono- 
chromators begins with a source that is focused onto 
an aperture plane that has a large aspect ratio 
aperture know as a slit. This slit is often very small in 
extent in the dispersion plane compared to the other 
extent in the spatial plane. However, it is not 
required that this aspect ratio is large. If the aspect 
ratio is close to 1 then simple spherical optics can be 
employed that perform well as long as the departure 
from the optical axis is kept to a minimum. 
However, most monochromators have a large aspect 
ratio in order to increase the opportunity to 
maximize throughput, and detectors must be able 
to ‘see’ the large extent of the slit aperture. The light 
entering the slit aperture is then dispersed and 
focused onto an exit slit aperture. Monochromators 
are only required to perform well on the optical axis 
and do not typically employ optics that can manage 
rays that depart from the optical axis in the plane of 
dispersion as required by HT multiplexing instru- 
ments. To employ encoding techniques the optical 
system is required to utilize optical performance 
attributes normally found only in imaging and 
spectral imaging systems. This requirement is driven 
by the extent of the encoding mask. The extent of the 
encoding mask is governed by the diffraction limit of 
the wavelengths within the bandpass, the encode- 
ment length N, and the attributes of the optical 
system. 

In a conventional dispersive spectrometer the 
radiation from a source is collected and separated 
into its individual spectral resolution elements by a 
spectral separator such as a diffraction grating or 
prism and then is collected and focused for spatial 
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Figure 7 Example implementation of a Hadamard transform 
spectrometer with reflective optics. Light from a source passes 
through a sample, is transferred into an entrance aperture, 
bounced off of a concave grating, and then a reflective mask, and 
finally transferred to a detector. 


presentation on a focal plane. The dispersive spec- 
trometer uses a single exit slit to select one spectral 
resolution element at any given time, out of N possible 
spectral resolution elements for measurement by the 
detector. The Hadamard transform spectrometer 
(HTS, Figure 7) uses an array of slits (i.e., a mask) at 
the focal plane to select one more than half, (N + 1)/2, 
of the spectral resolution elements at the focal plane 
for measurement by the detection system. The optical 
challenge to effect an HT multiplexing spectrometer is 
to collect all of the spatially distributed individual 
bandpass images of the entrance slit and transfer them 
to as small a detector as possible. One desires to keep 
the area of the detector at a minimum as the noise of 
many detectors increases with the square of the area. If 
the optics are able to illuminate a single detector 
element with all of the available light impinging upon 
the focal plane containing the spatially distributed 
images of the slit for each of the N bandpass resolution 
elements, a multitude of spectral resolution elements 
can be measured simultaneously using a single 
detector element. This arrangement results in a multi- 
plexing spectrometer. The recovery of N spectral 
resolution elements requires measuring the detector 
response for N different encodements of (N + 1)/2 
open mask elements. The raw data are recorded as the 
detector response versus encodement number and is 


called an encodegram. Hadamard transformation of 
the encodegram yields the spectrum. 


The History of Applied Hadamard 
Multiplexing 


The Hadamard transform instruments developed in 
the 1960s and 1970s employed moving masks. 
Significant problems such as misalignment and 
jamming associated with a moving mask led to a 
reputation of poor reliability and contributed to a 
dormant period in the development of HTS and 
HTI. Interest was rekindled in the 1980s using 
stationary Hadamard encoding masks based on 
liquid crystal (LC) technology. The first generation 
1D stationary Hadamard encoding mask was a 
cholesteric LC with N= 127 mask elements and 
used polarization as its operating phenomenon. 
Two parallel polarizers and rotation or lack of 
rotation of the polarized radiation generated the 
opaque and transparent states, respectively. The 
second generation 1D stationary Hadamard encod- 
ing mask was fabricated using a polymer dispersed 
liquid crystal (PDLC) material with N = 255 mask 
elements and used light scattering as its operating 
phenomenon. The PDLC contained LC droplets 
dispersed in a polymer matrix whose index of 
refraction matched the index of refraction in one 
direction in the birefringent LC droplet. Alignment 
of the LC droplets optical axis under an applied 
voltage removed discontinuities in index of refrac- 
tion at the polymer matrix/LC interface to generate 
a good transparent state while random orientation 
of LC droplets in the polymer matrix generated the 
opaque state from light scattering by the disconti- 
nuities in index of refraction at the polymer 
matrix/LC droplet interface. A 2D_ stationary 
Hadamard encoding mask was also based on LC 
technology. A ferro-electric liquid crystal positioned 
between a pair of polarizers with perpendicular 
orientation operated as an electro-optic half-wave 
plate when a +value of applied voltage rotated the 
plane of polarization by 90 degrees to produce the 
transparent state and a —value of applied voltage 
left the plane of polarization unaltered to produce 
the opaque state. 

Development based on stationary Hadamard 
encoding masks continued in the 1990s and a 2D 
moving Hadamard encoding mask was also fabri- 
cated and used to perform imaging in the near- 
infrared and mid-infrared spectral regions. Note 
that the mid-infrared spectral region is not generally 
accessible via Hadamard encoding masks based on 
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LC technology, since any LC material is expected to 
have strong absorption bands in the mid-infrared 
spectral region. From the mid-1990s to the present, 
the stationary Hadamard encoding mask of choice 
for the visible and near-infrared spectral regions has 
been the digital micromirror device (DMD), a 
device based on micro-optoelectromechanical sys- 
tems (MOEMS) technology and developed by Texas 
Instruments for projector display applications. One 
DMD format incorporates 508 800 micromirrors in 
an 848 column by 600 row array that is 14.4mm 
wide by 10.2 mm high. Each individual micromirror 
is 16m square and adjacent micromirrors are 
separated by a 1m gap. The micromirrors are 
individually addressable and rotate by +10 or —10 
degrees about the diagonal axis to produce binary 
‘on’ and ‘off’ states. The on state has T, determined 
by the mirror reflectivity and approaches 1 while 
the off state approaches T, = 0. The ideal condition 
of on and off is not realized due to diffraction of the 
light off of the small and periodic features of the 
micromirror device. The DMD is an array of spatial 
resolution elements that may be selected as groups 
of super-resolution elements or as individual resol- 
ution elements consisting of a single micromirror. 
The DMD resolution elements are realized as 
spectral resolution elements in the spectrometer 
with the columns attributed to the frequency or 
wavelength dimension and the rows attributed to 
the slit height dimension. The DMD resolution 
elements are utilized as spatio-spectral resolution 
elements in the imaging spectrograph with the 
columns as the frequency or wavelength dimension 
and the rows as a vertical spatial dimension with 
the horizontal spatial dimension being accessed, if 
desired, by translating the sample relative to the 
imaging spectrograph. The DMD resolution 
elements are spatial resolution elements in the 
imager with the columns for the horizontal dimen- 
sion and the rows for the vertical dimension and the 
frequency or wavelength dimension provided by 
other instrumentation. If a photo-acoustic detection 
system is present then the depth dimension of the 
sample may also be accessed by changing the 
modulation frequency used in the photo-acoustic 
detection system. 

Some important features of HTS to keep in mind 
are: 


(i) it is a dispersive technique using a spectral 
separator; 
(ii) it is a multiplexing technique using a single- 
element detector; 
(iii) it uses a Hadamard encoding mask (multislit 
array) in a focal plane; 


(iv) it sends one more than half the resolution 
elements to the single-element detector in each 
encodement; 

(v) it uses a number of encodements equal to the 

number of resolution elements desired and 

the number of mask elements (pixels) in the 
stationary Hadamard encoding mask (a moving 

Hadamard encoding mask has 2N — 1 mask 

elements); 

it has each encodement containing a different 

combination of one more than half the resol- 

ution elements; 

it has as its primary data the encodegram, a 

record of detector response versus encodement 

number; and 

it uses a FHT of the encodegram to decode the 

encodegram and generate the spectrum or 

image. 


(vi) 


(vii) 


(viii) 


Note that all of these, except for item (i), also 
apply to HTSI and HTI. The DMD promises to be 
the best Hadamard encoding mask yet developed 
for the visible and near-infrared spectral regions. 
However, its potential applications in spectrometry 
and imaging are by no means limited to HT 
techniques since the information corresponding to 
any micromirror in the DMD may be included in 
or excluded from any measurement as desired by 
the investigator. An instrument with no moving 
parts, other than the micromirrors in the DMD, 
promises to provide a compact and robust instru- 
ment for operation in potentially hostile environ- 
ments ranging from process control to outer space. 
It is our belief that the combination of a DMD 
with a single-element detector may provide an 
important advance in spectroscopic instrumentation 
and that instrumentation based on the DMD may 
lead to a host of environmental, industrial, 
medical, and military applications. 


See also 


Fourier Optics. Imaging: Multiplex Imaging. Optical 
Communication Systems: Optical Time Division Multi- 
plexing. Spectroscopy: Fourier Transform Spectroscopy. 
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Introduction: Linear and Nonlinear 
Spectroscopy 


Light propagates in transparent or weakly absorbing 
media by inducing the atoms or molecules in the 
material to oscillate in response to the electromag- 
netic field of the light. The induced dipole oscillations 
set up a polarization field P which radiates the wave 
in the propagation direction. The induced polariz- 
ation P is proportional to the amplitude of the electric 
field E in the incident light: 


P= e9¥(W)E [1] 


where ép is the permittivity of free space and x‘)(w) is 
the first-order, frequency-dependent, susceptibility of 
the material. This interaction of the light with the 
medium generally results in some absorption of 
energy from the field and a shift in the phase of the 
propagating light. Both the phase delay and the 
absorption depend on the frequency w (and wave- 
length A) of the light. The phase shifting is responsible 
for dispersion — the variation, as a function of 
frequency, of the speed (phase velocity) of light in the 
medium. The dispersion and absorption effects are 
described by the real and imaginary parts, respect- 
ively, of the complex susceptibility: 


XM) = Xpe(@) + 1Xtm(@) [2] 


This susceptibility parameter describes the optical 
properties of the medium. Linear spectroscopy uses 
the frequency-dependent property of the y(w) to 
create spectra by absorption or dispersion of specific 
frequencies that are resonant with transitions 
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between internal energy states of the molecules. The 
electric field in the incident light is considered to be 
weak when it leaves the atomic and molecular 
properties essentially unaffected. Nonlinear optical 
spectroscopy, however, is based on the ability of 
intense laser light to modify the optical properties of 
the medium through which it propagates. These 
effects are also frequency dependent and so can be 
used to generate spectra. When the strength of the 
electric field becomes comparable with the electric 
fields within the atoms or molecules (typically 
~10''Vm"') then the induced polarization 
becomes nonlinear and is described by a power series 
expansion: 


P= eqly'? (WE, + X?(@)E Es + x (WE E2E3 


+ higher-order terms] [3] 


¥”(w) and ¥°(w) are the second- and third-order 
susceptibilities respectively. The real and imaginary 
parts of these susceptibilities (and of the higher-order 
terms) describe observable effects arising from 
absorption and dispersion. The associated inter- 
actions involve two and three photon processes, 
respectively. In general, nonlinear interactions 
involve multiphoton processes and will be described 
by the appropriate term in the expansion of the 
induced polarization. 

Broadly speaking, nonlinear spectroscopy is based 
on detection of these multiphoton interactions by 
either incoherent or coherent processes. Incoherent 
processes include fluorescence and ionization where, 
following the multiphoton interaction, photons or 
electrons respectively are emitted spontaneously in all 
directions. Coherent processes, on the other hand, 
arise from the coupling of the input driving fields 
via the nonlinear polarization of the medium. 
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The waveform of the polarization oscillations is a 
distorted form of the driving field. Fourier analysis of 
these nonlinear oscillations would reveal extra 
frequencies not present in the incident field. When a 
suitably phased array of dipoles is established, the 
nonlinear optical process is detected by emission of 
coherent directional light. The efficiency with which 
this coherent signal beam is generated is crucially 
dependent upon the correct phasing of the radiating 
molecules. This process is known as phase matching 
and is achieved by geometrical arrangements of the 
input beams or by modifying the refractive index to 
counteract dispersion between the generating polar- 
ization wave and the radiated signal wave. 

Apart from the general division of nonlinear 
spectroscopy according to whether the detection 
uses incoherent or coherent emission, the techniques 
are characterized as frequency or time domain 
methods, according to how the signal is generated 
and detected. In most cases the signals recorded in 
either domain may be related by a Fourier transform- 
ation to an equivalent signal in the other. 

The advantages of nonlinear spectroscopic tech- 
niques lie in their ability to provide high spectral, 
temporal, and spatial resolution. In particular, it is 
possible, using a variety of nonlinear optical pro- 
cesses, to eliminate inhomogeneous broadening of the 
spectral lines recorded. Second, when coherent signal 
beams are generated they can be readily distinguished 
from incoherent background emissions, thus permit- 
ting high signal-to-noise ratios. Third, the use of short 
laser pulses, down to the order of 107 '> s, allows high 
temporal resolution. High spatial resolution is 
achieved by generating signals from interaction 
regions defined by crossed and focused beams. 
Although the coefficients of successive terms in the 
power series expansion of the nonlinear polarization 
decrease by many orders of magnitude with increas- 
ing order, signal strengths may be made comparable 
to those of linear spectroscopy. Strong signals are 
obtained by the use of resonant enhancement of the 
nonlinear susceptibility, high field strengths from 
laser sources, and the use of sensitive photodetectors. 


Second-Order Nonlinear Effects 


Weak light fields leave unaffected the optical proper- 
ties of the medium through which they propagate. 
When, however, the second-order susceptibility x” 
contributes significantly to the induced polarization, 
the complex refractive index includes a field-depen- 
dent term: 


P= eof? (@) + XO (WE IED [4] 


Owing to the symmetry properties of x”, second- 
order nonlinear effects are absent in isotropic media 
or those possessing a center of inversion symmetry. 
They may, however, be observed in anisotropic 
materials such as crystalline solids where they are 
the basis of frequency mixing schemes leading to 
second-harmonic generation, sum- and difference- 
frequency generation, and optical parametric ampli- 
fication and oscillation. The symmetry of gas phase 
media, such as atomic vapors, may be broken by 
application of an external electric or magnetic field. 
Resonantly enhanced second-harmonic generation 
has been achieved in alkali metal vapors in the 
presence of a magnetic field giving potential for 
spectroscopy. Symmetry breaking is achieved also on 
solid surfaces where sum-frequency generation has 
been used to study surface morphology, monatomic 
layers, and catalytic effects of adsorbed materials. 


Third-Order Nonlinear Spectroscopy 


In gas phase or isotropic solid and liquid media, the 
first nonlinear term is of third order and leads to a 
refractive index that is dependent on the field 
intensity |E|*: 


P= eol¥(@) + Y(@) EVIE [5] 


Intensity-dependent refractive index effects lead to a 
wide range of nonlinear optical phenomena. In 
general, the polarization contains terms that are the 
product of three input fields generating Fourier 
components at sum and difference frequencies. 
Phase matching constraints will generally determine 
which of the possible interactions will be observed. A 
wide range of physical effects contribute to ¥°'(w). 
The simplest of these nonlinear effects is saturation of 
the absorption. 

Linear absorption is defined by the situation where 
the intensity decays exponentially with propagation 
distance x, according to Beer’s Law: 


I(x) = (0) exp{—ao()-x} [6] 


where I(0) and I(x) are the intensity values at x = 0 
and x, respectively, and ap(w) is the weak field 
absorption coefficient. The fractional power absorbed 
in this case is, therefore: 


[1(0) — I(x) /1(0) = ao(w)x [7] 


and is independent of the intensity. When the 
incident intensity increases, until the rate of sti- 
mulated absorption from the lower level equals the 
spontaneous emission rate out of the upper level, 
the medium is said to be saturated. The intensity is 
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To read the value on a capacitor you need to know a few facts. 


The basic value of capacitance is the FARAD. 

1 microfarad is one millionth of 1 farad. 

1 microfarad is divided into smaller parts called nanofarad. 
1,000 nanofarad = 1 microfarad 

Nanofarad is divided into small parts called picofarad 
1,000 picofarad = 1 nanofarad. 


Recapping: 

1p = 1 picofarad. 1,000p = in ( 1 nanofarad) 
1,000n = iu (1 microfarad) 

1,000u = imillifarad 

1,000,000u = 1 FARAD. 


Examples: 

All ceramic capacitors are marked in "p" (puff") 
A ceramic with 22 is 22p = 22 picofarad 

A ceramic with 47 is 47p = 47 picofarad 

A ceramic with 470 is 470p = 470 picofarad 

A ceramic with 471 is 470p = 470 picofarad 

A ceramic with 102 is 1,000p = in 

A ceramic with 223 is 22,000p = 22n 

A ceramic with 104 is 100,000p = 100n =0.1u 


TYPES OF CAPACITOR 

For testing purposes, there are two types of capacitor. 

Capacitors from ip to 100n are non-polar and can be inserted into a circuit around 
either way. 

Capacitors from 1u to 100,000u are electrolytics and are polarised. They must be 
fitted so the positive lead goes to the supply voltage and the negative lead goes to 
ground (or earth). 

There are many different sizes, shapes and types of capacitor. They are all the same. 
They consist of two plates with an insulating material between. The two plates can 
be stacked in layers or rolled together. 

The important factor is the insulating material. It must be very thin to keep things 
small. This gives the capacitor its VOLTAGE RATING. 

If a capacitor sees a voltage higher than its rating, the voltage will "jump through" 
the insulating material or around it. 

If this happens, a carbon deposit is left behind and the capacitor becomes "leaky" or 
very low resistance, as carbon is conductive. 


CERAMIC CAPACITORS 
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then I... A simple rate-equation analysis shows that 
the absorption coefficient in the presence of a strong 


light field is: 
a(w) = ————_ [8] 


The absorption is then no longer independent of the 
light intensity. 


Saturation Spectroscopy 


In the case of a homogeneously broadened transition 
the effect of a saturating monochromatic light field is 
to reduce the absorption across the entire line 
profile. This is shown in Figure 1a where the 
frequency of the incident light wy, is detuned from 
line center wo. The degree of saturation and the effect 
on the absorption coefficient depends on the intensity 
I and the detuning Aw = a - a. 

For a transition dominated by inhomogeneous 
broadening a monochromatic light field interacts 


a(@) 


(a) 


ee(co} 
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Figure 1 Absorption lineshapes for (a) homogeneously broa- 
dened and (b) inhomogeneously broadened lines centered at wo. 
Dashed lines in both figures show lineshape measured by weak 
probe. Solid lines show lineshape measured by weak probe in 
presence of a monochromatic, saturating beam at frequency 
QO, F W. 


strongly only with a sub-group of atoms. This sub- 
group is determined by those having a resonance 
frequency within the spectral range covered by the 
homogeneous width and centered on the incident 
frequency. Saturation in this case results in ‘hole 
burning’ as shown in Figure 1b. A dip in the 
absorption coefficient a(w) is produced centered on 
w, of width given by the homogeneous width. 

Saturation affects the population of both upper and 
lower levels involved in an optical transition and so 
affects both absorption and amplification (gain). The 
phenomenon shows itself as a narrow dip in the 
spectral profile of lasers operating on an inhomogen- 
eously broadened gain line (e.g., a HeNe gas laser). 
These ‘Lamb dips’, as they are called, are the result of 
saturation by the laser mode which has a very narrow 
spectral width. Only those atoms in the Maxwell- 
Boltzmann velocity distribution are saturated, whose 
velocity results in a Doppler shift of the light that 
brings it into resonance, i.e., to within the atom’s 
homogeneous linewidth of the resonance frequency. 
When the laser mode frequency is detuned from 
atomic line center two velocity subgroups of atoms, 
within the distribution, are saturated corresponding 
to positive and negative Doppler shifts for counter- 
propagating fields of the mode. When the mode 
frequency is tuned to atomic line center, the counter- 
propagating fields interact with the same (zero) 
velocity subgroup. The saturation effect is thereby 
enhanced, reducing the gain by depletion of the 
population inversion, leading to a dip in output 
intensity at line center. The width of the dip is the 
homogeneous width of the transition (Figure 2). 

The variation of output intensity around the Lamb 
dip is used to provide an error signal in one scheme 
for laser frequency stabilization. A feedback system is 
employed to adjust the cavity length, L, in order to 
maintain the mode frequency, v, exactly on atomic 
line-center (v= mc/2L where m is an integer). This 
scheme uses gain saturation of the amplifying 
medium, whereas an alternative uses saturated 
absorption. In this scheme, a cell of gas having a 
narrow absorption line, within the gain profile of 
the laser, is placed inside the cavity. When the laser 
mode is tuned to absorption, line-center saturation 
reduces the absorption loss, resulting in a narrow 
peak in the laser emission. Drifting off this peak can 
be used as an error signal, as before, to stabilize the 
mode frequency. 

Saturated absorption spectroscopy uses the same 
mechanism by placing the absorbing specimen out- 
side the laser cavity. The effect is detected by 
monitoring the transmission of a weak probe beam 
in the presence of a strong counter-propagating 
‘pump’ beam. Both probe and pump beams are 
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Figure 2 (a) Holes burned in gain profile by two counter- 
propagating monochromatic waves at w_ # wo. (b) ‘Lamb dip’ in 
gain profile 9(w) (or absorption profile a(w)) when @, = ap. 


derived from the same laser using a suitable 
beamsplitter and, thus, have identical frequency. 
When tuned to line-center of the absorbing sample, 
the transmission of the probe increases owing to 
saturation by the strong pump beam interacting with 
the same subgroup of the inhomogeneously broa- 
dened medium (Figure 3). 

The elimination of the first-order Doppler effect, in 
gaseous media, using this technique results in very 
high-resolution spectra. The residual linewidth is 
determined by homogeneous processes such as life- 
time broadening, collisional (or pressure) broadening 
and power (or saturation) broadening. The latter 
effect is inevitable, as saturation is necessary, but may 
be controlled so as to contribute very little to the 
overall broadening. Power broadening becomes 
significant only when the laser intensity is appreciably 
in excess of the saturation intensity. Another limiting 
effect is transit time broadening: moving atoms spend 
only a limited time interacting with the narrow beams 
as they pass through. The consequent limit on the 





Absorption Detector 


cell 


Figure 3 Schematic diagram of saturated absorption spec- 
troscopy experiment. The saturating pump beam is chopped or 
modulated and the signal is processed using phase-sensitive 
detection to improve the signal-to-noise ratio. 


interaction time leads to conjugate broadening of the 
frequency of the transition as a result of the 
uncertainty principle. 

The general problem of the spectral lineshape of 
signals in saturation spectroscopy is complex. Apart 
from the effects mentioned above, the lineshape 
will be affected by relativistic effects (second-order 
Doppler shifts), velocity-changing collisions, recoil 
effects from photon absorption and emission, 
velocity-dependent transit time broadening, optical 
pumping and laser lineshape effects. 

Saturation spectroscopy is widely used in high- 
resolution spectroscopy for measurement of atomic 
and molecular transition frequencies, time and 
frequency standards using stabilized lasers, measure- 
ment of fundamental constants such as the Rydberg 
constant and the fine structure constant. Dynamical 
effects such as atomic collisions are also studied using 
saturation, whereby the relaxation of hole burning is 
measured in the time or frequency domain. 


Polarization Spectroscopy 


An important variation of saturation spectroscopy 
uses the change induced by a saturating beam in the 
real part of the complex refractive index, i.e., 
dispersion rather than absorption. Specifically, the 
technique of polarization spectroscopy employs a 
saturating beam that is circularly polarized to effect 
optical pumping on the degenerate lower level of a 
transition. The degenerate states may be identified, 
for example, with magnetic substates based on 
orientation of the intrinsic atomic or molecular 
angular momentum and labeled by the quantum 
numbers m,. In equilibrium, the populations of all 
these degenerate substates will be equal and the 
optical properties of the system will then be isotropic. 
In particular, the polarization state of a linearly 
polarized probe beam will be unaffected by passage 
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through the medium. This probe is totally rejected by 
an analyzer (a linear polarizer set to transmit only 
light in an orthogonal plane). The linear polarized 
beam is a linear combination of two oppositely 
circular polarization states, ot and o , and both 
components experience the same complex refractive 
index. In the presence of a circularly polarized 
saturating pump beam, the distribution of population 
amongst the degenerate substates is disturbed from its 
equilibrium by optical pumping. The result will be an 
excess of population in higher or lower my states (a 
condition known as orientation) and this leads to 
optical anisotropy in the medium. The refractive 
index for o* light is now different from that for 7 
light and a relative phase shift is introduced between 
these components of the linearly polarized probe 
resulting in elliptical polarization. A component of 
this elliptically polarized light will then be trans- 
mitted by the analyzer and is detected. When the 
strong pump beam is closely counter-propagating to 
the probe, then both beams interact with the same 
velocity subgroup as in Doppler-free saturation 
spectroscopy. The inhomogeneous (Doppler) broad- 
ening is thus significantly reduced. The technique 
provides a signal above an essentially ‘zero’ back- 
ground and is thus capable of a higher signal-to-noise 
ratio than saturated absorption spectroscopy. How 
close to ‘zero’ the background is depends crucially on 
the degree of extinction by the analyzer. High-quality 
polarizer/analyzer devices can achieve extinction 
ratios of 1:10. Stress-induced birefringence in the 
windows of the cell containing the sample is a 
common limiting factor (Figure 4). 

A probe laser of intensity I,,ope is transmitted 
through a sample of length / with an intensity Ips(@) 
given by the following expression, that takes account 


A/4 plate 





Py Absorption | 2 Detector 
cell eo 
P, Polarizer 
P, Analyzer 


Figure 4 Schematic diagram of polarization spectroscopy 
experiment. Circularly polarized pump beam may be modulated 
for phase-sensitive detection of transmitted probe beam. 


of different contributions to the detected signal: 


1 bAas! 
Ips(@) = mi Ere +b? 1 2 142) +x ) 


,! 1 | 
+ 7 pha! = Bt +({ae-1) ats | [9] 


where x = 2(w  — w)/y is the detuning from the 
resonance frequency wy normalized by the halfwidth 
y of the collision broadened line. The frequency- 
dependent terms provide absorptive (Lorentzian) and 
dispersive contributions to the total lineshape. The 
first three, frequency independent, terms in eqn [9] 
are responsible for a constant background signal. 
They originate from residual transmission of the 
polarizers (€), their accidental uncrossing (¢), and a 
possible residual birefringence (b) from optical 
elements between both polarizers in the probe beam 
path. (+7), normally is in the range 10°. The 
differential absorption coefficient for left and right 
circularly polarized light, Aa., at resonance (x = 0), 
is given by: 








Aas(x = 0) Aa’? at-a = aySpACj, [10] 
where qj is the unsaturated absorption coefficient, So 
is the saturation parameter for the pump wave 
(pump/Isar)) and ACy, are Clebsch—Gordan coeffi- 
cients for the respective transition and coupling case. 

The dispersion-shaped component may be made to 
dominate by deliberately uncrossing the polarizer/ 
analyzer combination to a small extent. This tech- 
nique enhances the resolution of the transition 
frequency. Linewidths are limited by residual Doppler 
broadening owing to finite crossing angles of pump 
and probe beams, collisional broadening, transit time 
broadening, etc. 

Applications of the technique have included 
Doppler-free spectroscopy of atomic transitions for 
precision measurements of fundamental constants, 
molecular spectroscopy and detection of atomic, 
molecular, and radical species in flames. By employ- 
ing a different laser to accomplish the induced optical 
anisotropy from that used to probe the medium, 
molecular spectra can be simplified by the technique 
of ‘polarization labeling’. Signals are obtained only 
when the probe and pump excite transitions sharing a 
common level and the particular transitions observed 
are sensitive to the selection rules for AJ, governing 
both pump and probe transitions. In this way P- and 
R-branch transitions can be distinguished. 

Advantages of polarization spectroscopy include 
high sensitivity (107-10° times that of saturation 
spectroscopy), high signal-to-noise, simplification of 
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molecular spectra by polarization labeling, dispersion 
profiles for enhanced resolution, and for frequency 
stabilization techniques. 


Multiphoton Absorption Spectroscopy 


Multiphoton absorption is the term used to describe a 
process in which an atom or molecule makes a single 
transition between two of its allowed energy levels by 
absorbing the energy from more than a single photon. 
Sequential transitions, by which successive photons 
are absorbed via single-photon transitions between 
stationary energy levels, take place provided photons 
arrive within the lifetime of the intermediate state. 
Multiphoton transitions take place via ‘virtual’ 
energy levels. The lifetime of a virtual level is 
determined by the uncertainty principle to be the 
inverse frequency detuning from the nearest station- 
ary energy level. Thus a high photon flux is usually 
required for multiphoton effects to be observed 
(Figure 5). 

The simplest multiphoton effect, two-photon 
absorption, may be observed using strong atomic or 
molecular electronic transitions, even with modest 
laser power. The absorption is detected by observing 
the fluorescence from the spontaneous, radiative 
decay of the excited state. Two-photon absorption 
spectroscopy may be made Doppler-free by arranging 
absorption of one photon from each of two counter- 
propagating beams. The moving atoms experience 
opposite Doppler shifts k-v from each beam. The 
transition energy is thus: 





E= (ha+k-v) + (ho — k-v) = 2hw [11] 
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Figure 5 Multiphoton absorption spectroscopy. (a) Two-photon 
absorption using fluorescence detection of radiative decay at wr. 
(b)Three-photon absorption spectroscopy using fluorescence 
detection of radiative decay at we. (c) Three-photon absorption 
spectroscopy using ionization detection following photoionization, 
collisional or field ionization. (d) Two-photon resonant multi- 
photon ionization spectroscopy; laser at frequency «, is fixed and 
laser at wo is tuned over transitions to high-lying levels. 


Absorption of two photons from a single beam is 
prevented by choosing a transition between levels of 
the same parity and angular momentum quantum 
number, i.e., AJ = 0 and using circularly polarized 
light. Absorption of two o* or o photons gives 
AJ = +2, which would be forbidden, e.g., on a 
n’S—n’S transition in an alkali metal. This method 
of Doppler-free spectroscopy has the advantage that 
it involves all the atoms and not just the zero-velocity 
subgroup, as in saturation or polarization spec- 
troscopy. In principle, it is also possible to use 
three-photon absorption, with the momentum of the 
wavevectors arranged to sum to zero, to achieve 
Doppler-free absorption on a transition between 
opposite parity states. 

Instead of observing fluorescence following multi- 
photon absorption, the excited atom or molecule may 
be ionized by atomic collisions or by applying a d.c. 
electric field. Excitation of Rydberg levels (i.e., having 
high value of the principal quantum number z) by 
two- or three-photon absorption is readily accom- 
plished. The sensitivity of this technique is enhanced 
by using two lasers. One laser at frequency w, is tuned 
to a two-photon transition (energy = 2/w,) and the 
second laser w, is tunable to excite transitions from 
the two-photon intermediate state to higher-lying 
levels (energy = 2hw, + hw). Thus, energy levels 
normally requiring excitation in the vacuum UV 
may be reached using visible frequency lasers. In such 
cases ionization detection may be more efficient than 
fluorescence since the nonradiative decay rate of these 
highly excited levels may exceed the fluorescence 
decay rate. The ion signal produced may be signifi- 
cantly amplified by the process of space charge 
amplification. A weak discharge established in the 
atomic vapor creates a space charge around 
the cathode. A single ion moving slowly through the 
space charge cloud acts to cancel the local field 
allowing many (up to 10°) electrons to escape to the 
anode with a resulting amplification of 10° in the 
‘photoionization current’. 

Multiphoton ionization spectroscopy is a sensitive 
method of recording highly excited energy levels. The 
sensitivity is enhanced in the technique of resonance 
ionization spectroscopy (RIS): two lasers are used 
such that the frequency of one laser is fixed close to a 
two-photon allowed transition and the second is 
tuned to excite a range of higher excited states. 
Absorption of an even number of photons allows 
excitation of levels having the same parity as the 
ground state and thus not accessible to normal 
absorption spectroscopy. In combination with a 
mass spectrometer to detect the ions produced by 
the multiphoton absorption resonance ionization 
mass spectrometry (RIMS), affords additional species 
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selectivity and sensitivity. RIMS finds application in 
high-resolution spectroscopy of rare isotopic species 
and is the basis for a scheme for isotope separation. 


Coherent Third-Order Processes 


An important class of spectroscopic techniques 
exploits the coherent interaction of three input 
waves via the nonlinear response of the medium. 
Specifically, the third-order term has the form: 


3 z 3 2 
P (ws, r= Coe W7, 03, o4)E(@1, 7) 


x E,(@2, )E/(@3,7) [12] 
where E,,,(@,,) are complex field amplitudes and the 
subscript m = i,j, k,l refers to each of the Cartesian 
coordinates x,y,z of the electric vector. x is a 
fourth-rank tensor. In condensed phase media, the 
third-order nonlinearity is readily observed, even 
with modest laser intensities. In the gas phase, 
although Xini(@) is small relative to x‘), its effect is 
enhanced when the incident fields are resonant and 
this nonlinear response may be used for spectroscopy. 
Equation [12] shows that the induced polarization 
couples three waves to radiate a fourth and describes a 
class of interactions known collectively as four-wave 
mixing. 

The physics of four-wave mixing interactions may 
be visualized as the formation and read-out of a 
volume hologram. The three input beams are denoted 
as two pumps and one probe. The process involves 
the interference of one pump with the probe to form a 
spatially periodic grating pattern in the electric field 
distribution. The nonlinear response of the medium 
via x° leads to a spatial modulation of the refractive 
index — a laser-induced grating. The second pump 
beam generates a signal by scattering off this grating 
in a manner analogous to Bragg scattering of X-rays 
from regular crystal planes. The condition for 
generating a coherent scattered beam is equivalent 
to matching the momentum (or wavevectors) of the 
interacting photons, i.e., phase matching. 


Degenerate Four-Wave Mixing 
(DFWM) Spectroscopy 


The simplest case of four-wave mixing spectroscopy 
involves pump and probe beams of identical (i.e., 
degenerate) frequency to generate a signal at the same 
frequency. Spectra are generated as the frequency is 
tuned through atomic or molecular resonances where 
the interaction is strongly enhanced. In this degen- 
erate case, the pump and probe interference pattern is 
stationary and the remaining pump beam scatters off 


this grating with the same frequency. As with all 
parametric processes, the interaction is phase 
matched by a suitable geometrical arrangement of 
the beams. A probe intersecting with counter- 
propagating pump beams leads to a signal that 
counter-propagates with the probe. This arrangement 
provides ‘Doppler-free’ lineshapes, since only those 
atoms with essentially zero velocity along the line of 
intersection of the beams contribute to the signal. 
Alternatively, pump and probe beams may be 
arranged to cross at an angle (usually small) in the 
forward direction — the ‘forward geometry’, with the 
resulting signal propagating at the same small angle 
to the incoming beams. Signals in this case are 
stronger, since all velocity classes may contribute but 
the lineshape is Doppler broadened (Figure 6). 

An additional feature of the counter-propagating 
pump geometry is that the phase-matched signal 
arises from terms that involve products of fields 
with the complex conjugate of the incident 
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Figure 6 Degenerate four-wave mixing: (a) all input frequencies 
are degenerate, w; = w: = w3 and give signal at the same 
frequency, w,. Phase matching geometries are shown in (b) 
counter-propagating pump (phase conjugate) and (c) forward 
geometry. (d) and (e) show the grating formation and read-out 
respectively. 
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probe field. The induced polarization radiating the 
signal wave has a component given by: 

PO? al) = X(@)Epump(@)Epump(@Eprobe(@) [13] 

The backward propagating signal appears as a 
phase conjugated reflection of the incident probe 
wave. A probe wave that has propagated through a 
phase-distorting medium thus generates a signal with 
an initial phase distortion that will be undone as it 
retraces the path through the distorting medium. This 
phase conjugating property finds application in 
adaptive optics but also lends an advantage when 
DFWM is used as a spectroscopic probe in hostile or 
distorting environments, such as flames or plasmas. 
The counter-propagating pump geometry is often 
referred to as the phase conjugating geometry. 

The intensity of the DFWM signal beam may be 
calculated using perturbation theory to derive x(w) 
arising from saturated absorption. In the perturbation 
approximation, the probe beam is assumed to be 
weak and interacts with stationary atoms in the 
presence of counter-propagating, saturating pump 
fields. The signal is found from the phase-matched 
terms in the wave radiated from the induced 
polarization. When integrated over the atomic 
resonance line, the signal intensity, ie is given by 
analytic expressions in the two limiting regimes of 
weak and strong saturation by the pump: 
ate TTS 


int __ 
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when Ipump > Iear(0). 

In these relations 41 is the atomic dipole moment, 
N the atomic number density, [s(0) = h?/T, Ty! 42!" 
is the line-center saturation intensity, and T, and T> 
are the longitudinal and transverse relaxation times, 
respectively. Extensions of the basic theory accom- 
modate the effects of moving absorbers (Doppler 
effect) in both the phase-conjugate and forward phase 
matching geometry. 

These results are derived using perturbation theory, 
by assuming that the probe field is weak. In practice 
the signal is optimized when pump and probe are of 
equal intensity and approximately equal to the 
saturation intensity. This situation violates the 
perturbation theory assumption but the signal inten- 
sity may be derived using nonperturbative analytical 
methods, although the resulting expression is more 
complicated. Alternatively, the quantum mechanical 


equations for the nonlinear susceptibility can be 
solved numerically to find the signal level for 
arbitrary intensity of the incident fields. Optimum 
signal-to-noise ratio in the spectra is achieved using 
approximately saturating intensities. 

The sensitivity of resonant DFWM and the 
coherent nature of the signal beam suits the process 
to spectroscopy of nonfluorescing or trace molecular 
species, such as radicals created in chemical reactions. 
Equation [15] shows that the DFWM signal becomes 
relatively insensitive to collisional effects when the 
incident lasers saturate the transition. This feature of 
DFWM gives it an additional advantage over laser- 
induced fluorescence in optical diagnostic appli- 
cations where quantitative evaluation of fluorescence 
intensity is hampered by collisional quenching. The 
state and species selectivity afforded by resonant 
DFWM is exploited in diagnostics of combustion and 
plasma processes, where the reduction of Doppler 
broadening allows high-resolution spectra from high- 
temperature gases. The relative intensity of spectral 
lines is used to derive temperature and concentration 
information with time and space resolution. 

Additional selectivity is provided by using 
two input frequencies in two-color four-wave mixing 
(TC-FWM), to probe molecular excited state 
dynamics. The TC-FWM process uses resonant 
enhancement on two coupled transitions, i.e., the 
pump beams excite one transition and the probe and 
signal are generated on another transition having a 
common level with that excited by the pumps. 


Coherent Raman Spectroscopy 


The classical theory of spontaneous Raman scattering 
shows that a nonresonant pump of frequency w, wave 
can excite a resonance w,, in a molecule with a 
nonlinear polarizability B(x). (x is the spatial coordi- 
nate of the internuclear potential.) The wave resulting 
from this inelastic scattering is a Stokes wave of 
frequency ws = @) — @p. The propagation of the 
Stokes wave is governed by the complex Raman 
susceptibility (Figure 7a): 


XRaman(@s) = X' Raman(@s) a 1X Raman(@s) [16] 


This generated Stokes wave may then couple with the 
pump to drive the molecular resonance coherently 
leading to amplification of the Stokes wave at the 
expense of the pump. This process of stimulated 
Raman scattering (SRS), provides gain if the ampli- 
fication exceeds the loss due to absorption, scattering, 
etc. There is, therefore, a definite threshold intensity 
that the pump must satisfy to observe SRS. The SRS 
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Figure 7 Coherent Raman spectroscopy. (a) Spontaneous 
Raman scattering of input pump w_ producing Stokes wave we in 
inelastic scattering. (6) Coherent anti-Stokes Raman scattering 
(CARS). Phase matching geometries for CARS is shown for a 
nondispersive medium in (c) and dispersive media in (d) and (e). 
The planar boxcars geometry in (e) may be folded along the 
dotted line (folded boxcars geometry) to separate the signal into 
an orthogonal plane from the pump beams to reduce scattered 
pump light reaching the detector. 


gain g(@,) at the Stokes frequency a, is given by: 


ky 
g(@s) ns Ine IE(@)I7 X Raman (s) [17] 


Ss 
where k, and n, are the wavevector and refractive 
index for the Stokes wave, E(q,) is the field amplitude 
at the pump laser frequency wy, and x Raman(s) is the 
imaginary part of the complex Raman susceptibility: 


XRaman(s) = 





52 ~~ (wy, ~ ws)” + rt 


[18] 


In this expression 06/0x is the variation of polariz- 
ability 6 with internuclear displacement x, N is the 
molecular population density, and y is the linewidth 
due to damping. Spectroscopy based on SRS 
provides signals that are many orders of magnitude 
stronger than those from spontaneous Raman 
scattering, and is widely used to study spectra of 
complex molecules having no absorption spectra in 
the visible region. 

A four-wave mixing interaction, involving a pump 
and probe beam of different frequencies, generates a 


nonstationary grating. The signal generated by 
scattering of a second pump beam off this moving 
grating is Doppler-shifted to lower or higher fre- 
quency. These signal beams correspond respectively 
to Stokes or anti-Stokes waves in Raman scattering. 
A probe beam at the Stokes frequency will thus 
interact with a pump beam to generate a coherent 
signal at the anti-Stokes frequency; a process 
known as coherent anti-Stokes Raman scattering 
(Figure 7b). A probe at the anti-Stokes frequency 
correspondingly gives the process of coherent 
Stokes Raman scattering (CSRS). Phase matching is 
necessary for both CARS and CSRS and is satisfied by 
an appropriate arrangement of the incident 
wavevectors (Figure 7c,d and e). 

CARS has proven to be a valuable spectroscopic 
technique in a wide variety of applications. A CARS 
spectrum is generated by scanning the frequency of 
the probe, i.e., the Stokes laser. The signal strength is 
given by 


2 

L=lage = 
4 CARS 2 4 
N{N2ZN4AC E 





2 
= Tt lb\xcars!"P 
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2 

( sin(AkI/2) ) 19) 
AkI/2 

where I, and I, are the intensity of the pump and 
Stokes beams, respectively, / is the interaction length, 
and n; are the refractive indices at frequency ;. The 
maximum signal is generated when the phase 
mismatch Ak=0. The third-order susceptibility, 
xy = ycars, in general consists of a nonresonant 
part x2), which is independent of the frequency of 
the exciting beams, and a Raman-resonant contri- 
bution x): 


= ey? [20] 


The lineshape in coherent Raman spectroscopy is 
affected by interference between resonant and non- 
resonant contributions. This effect is exploited to 
derive the concentration of the resonant (Raman 
active) species relative to that of the background of 
known density. A more common application of 
CARS, however, is for temperature measurement. 
The dependence of the signal intensity on lycagsl’, 
and therefore on the square of the molecular 
population of the initial state, yields a spectrum 
from which the temperature may be derived by 
assuming a Maxwell—Boltzmann distribution over 
the state populations. 

A particularly useful application of CARS 
employs a narrow linewidth pump laser and a 
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broad bandwidth Stokes laser. CARS signals are 
generated simultaneously on all frequencies such that 
the corresponding Stokes frequency is available from 
the broadband probe. The spectrum recorded with a 
single laser pulse can thus provide population 
information on a wide range of molecular states, 
giving time- and space-resolved measurement of 
temperature and concentration. 

CARS and CSRS spectroscopy is applied to 
both gas and condensed phase media. Owing to the 
higher density in the latter, signals may be strong in 
spite of the two-photon nature of the resonant 
interaction. 


Time Domain Four-Wave Mixing 
Spectroscopy 


Four-wave mixing spectroscopy may also be executed 
in the time domain. The three incident waves may 
arrive as pulses separated in time by variable delays. 
The interaction is, therefore, mediated by the atom or 
molecule’s induced polarization or coherence. 
DFWM, CARS, and CSRS processes may thus be 
used to study ultrafast relaxation since the signal 
intensity gives a measure of the coherence decay in the 
intervening delay between the pulses. These processes 
are intimately related to coherent transient spec- 
troscopy using measurements of free induction decay, 
photon echoes, and stimulated photon echoes. 


Laser-Induced Grating Spectroscopy 


The four-wave mixing processes discussed above 
involve a spatial modulation of the molecular 
population and a consequent modulation of the 
refractive index for resonantly interacting waves. 
The signals are radiated by the coherent oscillations 
of the molecular populations that decay rapidly. 
Relaxation processes result in transfer of energy from 
the excited molecular states, leading to a temperature 
and density grating in the bulk medium with a period 
A, given by: 

A = Apump/(2 sin 61) [21] 
where 0, is the angle between the interfering beams of 
wavelength Apump- A nonresonant wave of wave- 
length Aprobe May be scattered by this laser-induced 
grating provided it is incident on the grating at the 
angle 6, satisfying the Bragg condition: 


6) = sin” "(Aprobe/2A) [22] 


The periodic temperature/density grating, when 
induced by a short duration laser pulse, is 
accompanied by two oppositely propagating acous- 
tic waves. The reflectivity of Bragg scattering is 
temporally modulated as the acoustic waves tra- 
verse the stationary grating at the local sound 
speed. Measurement of the period of these oscil- 
lations yields the sound speed from which the 
temperature may be derived. The stationary grating 
and acoustic waves decay by diffusive and damping 
processes, dependent upon the bulk medium prop- 
erties. Measurement of the decay time of the 
grating induced in gas phase media yields the gas 
pressure if the gas dynamic parameters are known 
(Figure 8). 

Laser-induced grating spectroscopy (LIGS), has 
been widely employed for studies of condensed 
phase relaxation processes. Applications have also 
been developed for gas phase studies using resonant 
absorption to enhance the thermal grating com- 
ponent. A grating may, however, also be induced in 
response to the electrostrictive effect of the high 
electric field in the interference pattern of two intense 
pump waves. Such electrostrictive gratings do not 
require resonant absorption and their spectroscopic 
utility centers on the study of relaxation effects in the 
molecular medium. 
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Figure 8 Laser-induced thermal grating spectroscopy. (a) 
Absorption of energy from pump lasers creates excited molecular 
population in grating pattern shown in (b). Spacing of laser 
induced grating A is set by angle of intersection of pumps. 
Quenching, Q, of excited population by collisions transfers heat to 
bulk medium and forms thermal grating. (c) Probe incident at 
Bragg angle 6 is scattered to form signal. 
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List of Units and Nomenclature 


Formulae are expressed in SI units 

c Speed of electromagnetic wave in vacuo 

E Electric field amplitude 

go(w), g(@) Gain coefficient at line center, at 
frequency w 


h Planck’s constant 

I Intensity of electromagnetic wave 

Test Saturation intensity of medium 

k,k Wave vector, scalar value of wave 
vector w/c 

Me Mass of electron 

Nm Refractive index of medium for mth 
beam 

N Atomic or molecular population 
density 

P Polarization field amplitude 

T Longitudinal relaxation time 

T> Transverse relaxation time 

ap, a(w) Absorption coefficient at line center, at 
frequency w 

B(x) Molecular polarizability as function of 


internuclear separation x 
£9 Permittivity of free space 


M12 Dipole moment for transition between 
energy levels 1 and 2 

v Frequency of electromagnetic wave 

x nth order susceptibility 

a) Angular frequency of electromagnetic 
wave 

See also 


Coherent Transients: Coherent Transient Spectro- 
scopy in Atomic and Molecular Vapours; Foundations 


Raman Spectroscopy 


R Withnall, University of Greenwich, Chatham, UK 
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Introduction 


Inelastic light scattering, the optical analogue of 
Compton scattering, had been predicted to occur by 
Smekal in 1923, but it was Chandresekar Venkatara- 
man Raman who provided the first experimental 
demonstration of the phenomenon in February 1928. 
Only a few months later in 1928 the Russian 
scientists, Landsberg and Mandelstam observed 
inelastic light scattering from a quartz crystal. 
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In spite of initial claims to the contrary, this was the 
same effect that had been observed by Raman, 
although the Russian scientists did not acknowledge 
this, preferring to call the effect ‘combinatorial 
scattering’. It was not until the 1970s that the effect 
became known as Raman scattering everywhere, 
including Russia. 

As typically practised, Raman spectroscopy 
involves laser excitation of a sample and measure- 
ment of the wavelength and intensity distribution of 
the scattered Raman light. When a microscope is used 
for delivering laser excitation and/or collecting the 
inelastically scattered light, the technique is referred 
to as Raman microscopy. However, it is important to 


120 SPECTROSCOPY / Raman Spectroscopy 





recognize that, apart from the differences in sampling 
configuration, there are no fundamental differences 
between Raman microscopy and Raman spec- 
troscopy; the terms merely identify the different 
sampling techniques. 

Since its invention in 1960, major advances in the 
technology of the laser have occurred, resulting in the 
wide variety of laser light sources that are currently 
available for Raman spectroscopy. Characteristic 
properties of laser systems for Raman microscopy 
will be described in this chapter, following an 
introduction to the technique and its applications in 
the next section below. Then, the commonly used 
laser sources for Raman microscopy are categorized 
according to the wavelength regions of their emis- 
sions, along with their merits and drawbacks for each 
application. The chapter will consider mainly con- 
tinuous wave laser sources, because pulsed laser 
beams that are tightly focused with microscope optics 
give very high irradiance that would destroy most 
samples. 


Raman Microscopy 


The first experimental Raman microscopes were 
developed in the mid-1970s by two independent 
groups, and it was not long before the first generation 
of Raman microscopes were subsequently commer- 
cialized. Many of these early instruments simply 
consisted of commercial optical microscopes coupled 
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Figure 1 


to Raman spectrometers, as shown in Figure 1. It was 
recognized that the use of a microscope for sampling 
in this way can facilitate the Raman examination of 
tiny particles of micrometer dimensions. 

The optical lay-out in Figure 1 shows an infinity 
corrected microscope. The advantage of using this, 
rather than a standard tube length microscope, is that 
its length can be extended in order to incorporate 
additional optical elements that are required for 
coupling to the Raman excitation and collection 
optics. In the optical layout, the incident laser beam is 
spatially filtered by a pinhole, Dj, in order to remove 
the diffraction rings and give a point source. The laser 
light is then partially reflected by beamsplitter, By, 
and focused on to the sample by the microscope 
objective. The back-scattered Raman radiation is 
collected by the same microscope objective, partially 
transmitted by the beamsplitter, and directed into the 
entrance slit of the Raman spectrometer by means of 
coupling optics. The accurate location of an aperture, 
Dz, at the focal point improves the spatial resolution 
and allows depth profiling of transparent samples. 
The two pinholes, D; and Dg, act as spatial filters and 
are referred to as confocal diaphragms. The Raman 
microscope is described as being confocal, because 
out-of-focus light, collected from outside the focal 
volume, is rejected. 

The use of the beamsplitter, in the optical path 
of early Raman microscope designs, gives rise 
to significant losses of the precious Raman 
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Diagram of the optical layout of a visible Raman microscope (Reproduced from Turrell G, Delhaye M and Dhamelincourt P 


(1996) Characteristics of Raman microscopy. In: Turrell G and Corset J (eds) Raman Microscopy. Development and Applications, 2. 
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scattered light. If a 50:50 beamsplitter is used then 
half of the incoming laser light is lost by transmission 
at B, and, more significantly, half of the Raman 
scattered light is lost by reflection at By. As long as a 
higher laser power can be employed, it is better to use 
a 90:10 beamsplitter that transmits 90% of the light 
and reflects 10%; then, only 10% of the incoming 
laser light is directed by B; on to the sample, but 90% 
of the Raman scattered light is transmitted by B, 
towards the detector and only 10% of the Raman 
light is lost by reflection at B,. The efficiency of a 
beamsplitter can be defined as the product of the 
reflectivity at the laser wavelength and the trans- 
mission at the Raman-shifted wavelength. Thus, 
conventional 50:50 and 90:10 beamsplitters would 
have efficiencies of 25% and 9%, respectively. 
Recently, however, holographic notch filters have 
been developed which can be used as higher efficiency 
beamsplitters. These typically have a laser rejection 
contrast ratio of better than 10%, reflecting ca. 90% of 
the laser excitation and transmitting ca. 90% of the 
Raman scattered light, thus giving an efficiency of ca. 
81%. Due to these considerations, higher through- 
put, commercial Raman microscope designs usually 
incorporate a holographic notch filter. 

The importance of Raman microscopy stems from 
the fact that it is the only microanalytic method 
available today, by use of which it is possible to 
identify, or characterize, small particles of 
micrometer dimensions in situ. It is also advan- 
tageous that no sample preparation is required when 
performing Raman microscopy. 

The fundamental limit of the lateral spatial 
resolution (i.e., for a diffraction limited focus) is the 
separation at which the maximum of one Airy disc 
function just touches the first minimum of an adjacent 
Airy disc, given by: 

1.22 


Lateral spatial resolution = ONA 


where A is the wavelength of the light and NA is the 
numerical aperture of the microscope objective. 

The axial Airy disc function determines the 
resolution in the longitudinal direction. A good 
estimate of the axial resolution limit for low 
numerical aperture is given by: 


2X 


way 


Axial spatial resolution = 

When the sample is heterogeneous and exhibits 
fluorescence that is not evenly distributed within the 
sample, a region of the sample can be selected with 
the microscope that shows the minimum amount of 
fluorescence. If the fluorescence is intrinsic to the 
sample itself, then it is possible to use the shift 


subtract technique and/or temporal discrimination 
between the fluorescence and the Raman scattering. 
The latter can be achieved by Kerr gate fluorescence 
rejection, in which a pulse of light is used to close a 
Kerr gate shutter. The problem with this approach, 
however, is that it uses a laser pulse, and even pulses 
of modest energy will have extremely high irradiance 
when focused to a tiny spot by a microscope 
objective. Such laser pulses would inevitably destroy 
the sample under a microscope. 

Another approach for reducing fluorescence is to 
use near infrared excitation, which is low enough in 
energy so that absorption cannot occur to promote 
electronic transitions. The technique of Fourier 
Transform Raman (FTR) spectroscopy often offers 
the best chance of obtaining Raman spectra from 
fluorescent samples for this reason. Low energy 
excitation of wavelength equal to 1064 nm, provided 
by a Nd:YAG laser, is normally used for FTR. 
Disadvantages are that the Raman scattering effi- 
ciency is low relative to that obtained with visible 
excitation, due to the v+ dependency (v* refers to 
Rayleigh scattering of the Raman light). This is 
compensated to some extent by employing a high 
throughput (Jacquinot advantage) interferometer. 
However, this works better for macro rather than 
micro samples. This is because the coupling of a 
microscope to an FT Raman spectrometer has a 
fundamental drawback; the microscope is throughput 
limited, so the high throughput advantage of the FTR 
spectrometer cannot be realized in FTR microscopy. 
The image of the Jacquinot stop (the large circular 
aperture which is the entrance to the interferometer) 
at the sample plane typically has a diameter of a few 
hundred wm, which is much larger than particles with 
diameters of ca. 1 ym having similar dimensions to 
the waist diameter of the 1064 nm light excitation at 
its diffraction-limited focus. Consequently the 
throughput advantage of the interferometer is not 
fully exploited and there is a trade-off of spatial 
resolution with signal-to-noise at the detector. For 
this reason, the typical spatial resolution that is 
achieved is in the range of 15-100 pm rather than 
4m, as claimed in the literature. Bruker has 
commercialized an FTR microscope by coupling an 
optical microscope to an FTR spectrometer with near 
infrared optical fibers. 

An approach that offers more promise for reducing 
fluorescence and achieving spatial resolution close to 
the diffraction limit is to use near infrared excitation in 
conjunction with dispersive Raman microscopy. For 
example, semiconductor lasers operating from 785 to 
852nm can be used in conjunction with sensitive 
multichannel silicon-based CCD arrays. If longer 
excitation wavelengths are necessary, in order to 
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overcome the problems with fluorescence, then diode 
lasers can be used that emit at longer wavelengths in 
conjunction with dispersive Raman spectrometers 
equipped with multichannel near infrared (NIR) 
detectors, e.g., Ge- or InGaAs-array detectors. 

The applications of Raman microscopy cover many 
areas, including material science, the earth sciences, 
environmental science, biology and medicine, foren- 
sic science, and even the analysis of artworks. These 
areas are too wide ranging to be described in detail 
here, but the interested reader is referred to the 
Further Reading section at the end of this article. 


Characteristics of Laser Sources 


The laser is an excellent light source for Raman 
spectroscopy to such an extent that the terms ‘Raman 
spectroscopy’ and ‘laser Raman spectroscopy’ are 
synonymous for all but the most esoteric experiments, 
for example, with synchotron sources. Indeed, the 
advent of the laser was the stimulation for the 
renaissance of Raman spectroscopy in the 1960s, 
given its special properties, such as monochromati- 
city, high intensity, beam collimation, and coherence. 
The characteristics of laser light and the advantages 
it offers to Raman microscopy are now considered. 


Beam Quality 


The light inside a laser tube is formed from a number 
of standing waves having distinct vibrational modes. 
There are a limited number of these modes transverse 
to the beam and these are characterized by the TEM,, 
number (where p and g can be 0, 1, 2,...) where TEM 
is an acronym for ‘transverse electromagnetic’. When 
a laser is operating in its fundamental TEMo9 mode, 
light rays are reflected on axes between the end 
mirrors of the laser cavity. The ‘00’ indicates that 
there are no nodes in the beam profile (Figure 2a), and 
the laser beam has a Gaussian intensity profile in the 
radial direction: 


2 
I(r) = Ip exo — 2) [3] 


where I(r) is the irradiance at a radial distance r from 
the axis of the beam, Ip is the axial irradiance, and w 
is the beam radius. 

For higher-order modes, a number of nodes are 
observed in the beam profile, which arise from off- 
axis light rays being reflected between the end 
mirrors, for example, the TEM,, mode has two 
nodes which are mutually perpendicular (Figure 2b). 

The propagation characteristics of a Gaussian 
beam can be fully defined, either by the diameter of 
the beam waist or by the far-field divergence. 


(a) oe 
3s 
Figure 2 Transverse electromagnetic modes formed with 
confocal concave mirrors, (a) TEMoo, and (b) TEM,,;. (Repro- 
duced with permission from Young M (1977) Optics and 


Lasers: an Engineering Approach. Berlin, Heidelberg: Springer- 
Verlag 


Consequently, it is only necessary to know the 
diameter of the beam waist (2w 9), or the diameter 
of the beam (2w,) at a longitudinal distance z from 
the waist, in order to determine the propagation 
characteristics of the beam: 


z 2 
w(Z) = Wo ie) [4] 
gR 


2 
Re = 21+ (2) | [5] 
z 


where the quantity zp = mw3/A is known as 
the Rayleigh range of the beam, A is the wavelength 
of the laser radiation, and R(z) is the radius of 
curvature of the wavefront at a distance z from the 
beam waist. 

The wavefront is planar at the minimum beam 
waist and the Rayleigh range is the distance from the 
beam waist to the location at which the wavefront is 
most curved (Figure 3), the region from the waist to 
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2w,,(Z_) = M[2u(Z,)] 





Figure 3 The Rayleigh range and embedded Gaussian (adapted from http://oeammeasurement.mellesgriot.com/tut_m2.asp). 


the Rayleigh range being the near field. Beyond 
approximately ten times the Rayleigh range, in the far 
field, the beam diverges as a cone with approximately 
straight sides. It can be seen by substituting z= zp 
into eqn [4] that the beam diameter at the Rayleigh 
range is /2 times the waist diameter. 

Unfortunately laser beams do not conform to pure 
Gaussian functions and therefore they do not 
propagate according to the above equations. As a 
result, a dimensionless beam propagation parameter 
was devised in the early 1970s. This parameter, 
known as the M? factor or the ‘times diffraction 
limit’, is based on the brightness theorem, which 
states that for any laser beam the product of the beam 
diameter and the far-field divergence is a constant. 
Thus, M? is defined as the ratio of the laser beam’s 
multimode diameter-divergence product to the 
ideal diffraction-limited (TEMg 9) beam diameter- 
divergence product: 


a = ( 2m «| [6] 


2W 9 8 


where @,, is the laser beam’s multimode divergence, 
O is the theoretical diffraction-limited divergence, 
2w,, is the laser beam’s multimode waist diameter, 
and 2wp is the ideal diffraction-limited beam waist 
diameter. 

Alternatively, M* can be defined as the square of 
the ratio of the multimode beam diameter (2w,,) to 
the diffraction-limited beam diameter (29): 


2 
uw = (oe 7] 





2wWo 


The intensity of the beam has a Gaussian distri- 
bution in the radial direction, but the accepted 
definition of beam diameter is the distance at which 
the intensity has fallen to 1/e? (i.e., ca. 13.5%) of its 
axial intensity, as can be seen by setting r = w in eqn 
[3] above. This definition only applies properly to 
Gaussian beams; for other beam profiles the diameter 
can be calculated using a second moment measure- 
ment of the entire beam. 

The real beam, then, can be treated as Gaussian by 
substituting an artificial wavelength M*A into the 
equations that apply to an ideal diffraction-limited 
TEMo 9 beam. The ideal TEMp 9 Gaussian can be 
superimposed as an ‘embedded Gaussian’ on the 
optical diagram of the real multimode beam 
(Figure 3). It can be seen that the multimode beam 
has a waist diameter and a divergence that are both M 
times larger than those of the embedded Gaussian. 

The M? factor has a value of unity for an ideal 
diffraction-limited TEMp 9 beam, and values of 
greater than unity for all other beams; it can be as 
high as several hundred for a distorted beam of poor 
quality. This is an important parameter where a 
tightly focused laser spot (e.g., confocal Raman 
microscopy) or low divergence (e.g., remote sensing) 
are required. 


Polarization 


Although polarization is not an inherent property of 
laser light, lasers provide plane polarized light when 
the end windows of the laser tube are mounted at 
Brewster’s angle (63): 


63 = tan ‘n [8] 
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where 7 is the refractive index of the window material 
for the appropriate wavelength of laser light. For this 
angle, reflected light is completely plane polarized 
and consequently the laser light that is generated is 
also plane polarized. Brewster windows are often 
used inside the laser cavity in order to reduce 
reflection losses. This is important in low-gain lasers 
such as HeNe lasers where laser action could be 
prevented by reflection losses. Air-cooled ionic gas 
lasers typically deliver highly linearly polarised 
output with ratios exceeding 1000:1. 

The polarization property of the exciting light is 
used a great deal in Raman spectroscopy. In 
combination with the polarization properties of the 
Raman scattered light, it can be used to determine 
the depolarization ratios, p, of Raman bands in the 
solution state. In solid state studies it can be used to 
determine the degree of orientation, for example, in 
polymeric fibers or films, and in single crystal studies 
it can be used to determine the symmetry classes of 
the Raman active vibrations. In such studies a linear 
polarizer is used to improve the degree of plane 
polarization of the laser light, and a half-wave plate is 
used to rotate the plane of polarization by 90°. 

Plane polarized laser light can be converted to 
circularly polarized laser light which is required for 
Raman optical activity (ROA) studies. For example, 
plane polarized 514.5 nm laser light provided by an 
argon ion laser can be converted to circularly 
polarized light by an electro-optic modulator. As 
CCD detectors are usually employed in present-day 
ROA experiments and they have relatively long 
sampling times, slow polarization modulation is 
required which can be achieved by periodically 
rotating a quarter-wave plate or by applying a square 
quarter-wave voltage to a Pockels cell. 

Whereas optical isomers or enantiomers give 
identical Raman spectra, they are distinguished in 
the ROA experiment by the sign of the ROA signal. 
Indeed, the sign can be used to determine the absolute 
configuration of a chiral molecule. Also the enantio- 
meric excess of mixtures of enantiomers can be 
determined in such experiments, with obvious appli- 
cations in the pharmaceutical industry, and the 
conformations of biological molecules, for example, 
proteins, nucleic acids, sugars, and viruses, can be 
determined. 

Up until now, the ROA technique has been 
practised by no more than a handful of research 
groups world-wide, but it is expected that this 
situation will change in the near future, since the 
first commercial ROA spectrometer (the ChiralRA- 
MAN spectrometer) has recently been launched by 
Biotools Inc. This spectrometer makes use of a solid 
state laser as the source of the polarized laser light. 


Beam Divergence 


Referring to Figure 3, the full divergence angle, 0, for 
the fundamental TEMoo Gaussian beam is given by: 


@ = lim 242 _ 2A 


z0 


[9] 





TW 


From eqn [4] it can be seen that the spot size 
increases linearly with the longitudinal distance z 
and, from eqn [9], that it diverges at a constant cone 
angle, @. It can also be seen from eqn [9] that the 
smaller the spot size, wo, the greater the beam 
divergence angle, 0. 

Indeed, a highly divergent beam is a problem with 
edge-emitting laser diodes due to the small dimen- 
sions of the light source. Furthermore, it is much 
smaller in the vertical direction than in the horizontal, 
giving rise to an elliptical output beam that diverges 
much more rapidly in the vertical direction than in the 
horizontal. The highly divergent, elliptical beam can 
be corrected, to an extent, with a cylindrical lens, but 
the inherent problem of a small, elliptical source can 
never be completely corrected. 

In contrast, vertical-cavity surface-emitting semi- 
conductor lasers (VCSELs) do not have the same 
limitations on beam divergence because the cavity is 
in the vertical direction and the light emission occurs 
from the surface, which has a much larger area than 
the light source of an edge emitter. Indeed, frequency- 
doubled green and blue semiconductor lasers are now 
available, having beams with M? values of less 
than 1.1 and beam divergences of a few milliradians. 
In terms of these beam characteristics, it appears 
that these lasers are beginning to challenge the argon 
ion laser. 


Emission Linewidth 


The laser linewidth limit, Av, is given by the 
Schawlow—Townes expression: 


_ 2ahv(A se 


Ar, P 


[10] 


out 


where Ay, is the linewidth of the passive resonator, hv 
is the photon energy, and P,,, is the laser power 
output. 

The power output, P,,,, is equal to the number of 
photons, N,, in the resonator times the energy per 
photon, hv, divided by the photon lifetime, 7,: 


Pout = Ne 





[11] 


Cc 


Furthermore, the width Av of the resonance curve, at 
which the intensity has fallen off to half the maximum 
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value, is given by: 


Ay, = (207)! [12] 


Substituting for P,,, and Av, from eqns [8] and [9] 
into eqn [10] gives the limit for the linewidth, Ay: 


Av. 


Np 





Avy, = [13] 


The linewidth of a laser is characterized by its O 
factor: 


V 


O= — 


Av [14] 


where v is the frequency of the laser line and Av is the 
linewidth. 

Other useful relationships involving linewidth 
parameters are: 


O= rey [15] 
and 
AXr 


where A and Ad are the wavelength and linewidth (in 
units of metres), respectively, and AZ is the linewidth 
expressed as a wavenumber (in units of cm” '). 

The O factor can be as high as 10° which is of great 
use in high resolution spectroscopy. 


Visible Lasers 


Helium-Neon Laser 


The helium-neon laser is continuously pumped 
electrically using a high dc voltage of up to 1 kV. 
The gain medium consists of a gas mixture of about 
10 parts helium to each part of neon at a pressure of 
about 3 Torr. The gain of this medium is extremely 
low, hence the requirement for Brewster-angle win- 
dows to eliminate reflection loss of the light polarized 
in the plane that includes the axis of the laser and the 
normal to the Brewster window. Due to this require- 
ment, the light output is necessarily plane polarized. 

The pumping excites helium atoms by electron 
impact, and resonant energy transfer to neon atoms 
then occurs via collisions of the gaseous atoms 
(Figure 4). This creates a population inversion in 
the neon atoms, enabling the laser transition to occur 
at 632.8 nm. Following emission, the neon atoms 
decay nonradiatively down to their metastable 2p°3s! 
level from which they decay back down to the 
ground state via collisional de-excitation with the 
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Figure 4 Energy levels of the He-Ne laser. 


walls of the tube. This mechanism restricts the 
maximum achievable power output to ca. 50 mW, 
because of the need to depopulate the metastable 
neon atoms by wall collisions. 

An advantage of using helium-neon lasers for 
Raman spectroscopy is that they generally operate 
in the fundamental TEMo9 mode, which is critically 
dependent on the ratio of the length of the tube to its 
diameter. For this reason they are designed to have 
small tube diameters of around a few millimetres and 
lengths of 0.15-0.50m, the small diameter also 
aiding collisional de-activation with the walls due to 
the relatively large surface to volume ratio of the tube. 
Another advantage of this laser for Raman spec- 
troscopy is that the linewidth of the 632.8 nm 
emission line is ca. 1.5 GHz. 

A disadvantage of the helium-neon laser is that it 
emits a large number of spontaneous emission lines 
originating from the excited neon atoms. These 
plasma emissions are observed in the Raman spec- 
trum as sharp lines unless they are filtered out, for 
example, by a pre-monochromator or an interference 
filter. It should be mentioned, in passing, that these 
plasma lines are not always unwanted, because they 
can be very useful for wavenumber calibration of the 
Raman spectrometer. 

The low output power of <50 mW is not generally 
a disadvantage for Raman microscopy since higher 
laser powers can often cause photolytic or thermal 
degradation of the sample. This is due to the high 
irradiance at the sample when the laser light is 
focused to a tight spot by the microscope objective. 
The excitation wavelength of 632.8 nm is suitable for 
combined use of the laser with a silicon-based CCD 
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detector in Raman spectroscopy, because large Stokes 
shifts in the 3000-4000 cm“! region lie well within 
the quantum efficiency curve of this detector. It is also 
possible, though less common, to operate the helium- 
neon laser on weaker transitions that include the 
green 543.5 nm line. 


Argon lon Laser 


The argon ion laser was one of the first lasers to be 
discovered following the invention of the laser and up 
until now it has been used extensively for Raman 
spectroscopy, among many other applications. Exci- 
tation is provided by a continuous electrical dis- 
charge, and because of the high energy required to 
ionize the argon atoms and then promote the ions to 
an excited state, the efficiency of the laser is very small 
(ca. 0.1%). In spite of this, once population inversion 
has been achieved, the gain of the laser is very high 
and output powers of up to 25 W can be obtained for 
the strong lines at 488.0 and 514.5 nm and up to 
50 W for multiline operation. 

An advantage of the argon ion laser is that it can 
provide emission at more than 35 discrete wave- 
lengths, the strongest of which are listed in Table 1. 
These lie in the green, blue, and near ultraviolet 
regions of the spectrum, a number of the ultraviolet 
lines only being obtained on the larger frame argon 


Table 1 Continuous wave argon ion laser wavelengths and 
output powers for the Coherent Inc. Innova 300 argon ion laser 
system 





Wavelength (nm) Power (mW) 
228.9 30 
238.3 100 
244.0 400 
248.3 180 
257.3 750 
275.4 5 
300-305.5 20 
333.4 40 
333.8 30 
335.8 20 
351.1 200 
351.4 60 
363.8 240 
454.5 140 
457.9 420 
465.8 180 
472.7 240 
476.5 720 
488.0 1800 
496.5 720 
501.7 480 
514.5 2400 
528.7 420 


The five lines below 260 nm are frequency doubled. 


ion lasers. Discrete laser emission lines are selected by 
tuning a prism or grating inside the cavity. The argon 
ion laser can also be operated in multiline mode, for 
example, for pumping dye or Ti:sapphire lasers. 

The linewidths of the argon ion emission lines at 
488.0 and 514.5 nm are around 4.0 GHz. The high 
temperature laser tube has a diameter of approxi- 
mately 12 mm and a length in the range of 0.1 to 
1.8m. A 240 V three phase power supply and ca. 
35 A are required for pumping a medium power 5 W 
argon ion laser. The tube also requires water cooling 
at a flow rate of ca. 10 L/min and a pressure of 25 psi 
because of the large amount of heat dissipation. 

For Raman microscopy smaller, air-cooled argon 
ion lasers, which only require a 240 V single phase 
power supply, can be used to provide output of a few 
hundred milliwatts on the 488.0 and 514.5 nm lines. 
For this application, the excitation is provided by 
argon ion lasers, which are designed to operate in the 
TEMopo mode. 

Until recently, the argon ion laser has been a 
workhorse as the most common excitation source for 
Raman spectroscopy, but it is now losing ground to 
solid state lasers. The principle reasons for this are 
that the latter are much more efficient and conse- 
quently do not in general have three phase power and 
water-cooling requirements. Nevertheless, argon ion 
lasers still have a niche when high excitation powers 
on the order of watts are required in conjunction with 
a good beam quality (M? < 1.1), for example, for 
Raman spectroscopy of gaseous samples. Another 
advantage of argon ion lasers over solid state lasers is 
their multiline capability. 


Krypton lon Laser 


The krypton ion laser has useful discrete emission 
lines in the near ultraviolet, blue, yellow, red, and 
near infrared regions of the electromagnetic spec- 
trum; the strongest lines of a Coherent Inc. Innova 
400 krypton ion laser are listed in Table 2. 

The argon ion and krypton ion lasers are close 
relatives, thus the large frame krypton ion laser has 
similar power and water-cooling requirements to 
those mentioned above for the argon ion laser. Also, 
like the argon ion laser, air-cooled models with 
lower power output are available. The character- 
istics of the two lasers are also similar; for example, 
the linewidths of the krypton ion transitions at 
530.9, 568.2, and 647.1 nm are about 4.0 GHz, the 
laser tube has similar dimensions (0.1-2.0m in 
length) and the laser can be operated in either 
TEMopo or multimode. 

The krypton ion laser is even less efficient than the 
argon ion laser, consequently lower-power outputs of 
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Table 2 Continuous wave krypton ion laser wavelengths and 
output powers for the Coherent Inc. Innova 400 krypton ion laser 
system 





Wavelength (nm) Power (mW) 
206.5 4 
234 8 
337.5—356.4 2000 
406.7 900 
413.1 1800 
415.4 280 
468.0 500 
476.2 400 
482.5 400 
520.8 700 
530.9 1500 
568.2 1100 
647.1 3500 
676.4 900 
720.8 45 
752.5 1200 
793.1—799.3 300 


The 206.5 and 234 nm lines are frequency doubled. 


up to about 20 W can be achieved when operated in 
multiline mode. 

Mixed argon and krypton ion laser tubes are also 
commonly used that provide laser lines originating 
from both argon ion and krypton ion transitions. As 
with the individual argon ion and krypton ion 
lasers, sharp plasma lines, due to spontaneous 
emission from the rare gas ions, are observed in 
the Raman spectrum unless they are filtered out. If 
interference filters are used for this, each laser line 
requires its own filter that is tailored to the specific 
emission wavelength. 


HeCd Laser 


Laser lines at 325 and 442 nm, both capable of 
providing milliwatts of output power, can be 
obtained from the helium-cadmium laser. These 
emission lines result from electronic transitions in 
free cadmium atoms. 

It is obviously advantageous to use blue, rather 
than longer wavelength, excitation (e.g., provided by 
the 442 nm line of the HeCd laser) for off-resonance 
Raman spectroscopy, due to the v* dependence of the 
Raman light scattering efficiency, provided that the 
efficiencies of the illumination/collection optics and 
Raman spectrometer throughput are optimized in the 
blue region of the spectrum. Unfortunately, far more 
samples fluoresce when excited with blue light than 
with red or near infrared radiation, which explains 
why red or near infrared lasers (e.g., HeNe, semi- 
conductor lasers) are more commonly used for 
general Raman applications. 


Near Infrared Lasers 


Although the traditional laser systems for Raman 
spectroscopy have been the argon ion, krypton ion, 
and helium-neon lasers for discrete excitation wave- 
lengths, the diode laser has gained popularity over 
recent years. 

The principal advantage of near infrared semicon- 
ductor lasers for Raman microscopy is that they 
generally excite less fluorescence in the Raman 
spectrum than visible lasers due to their longer 
wavelength. Commonly available wavelengths are 
670, 785, 830, and 852 nm and, of these, the first two 
can be used in conjunction with silicon-based CCD 
detectors to give Stokes Raman shifts over the whole 
range of fundamental vibrations, up to 4000 cm’. 
However, for excitation wavelengths of 830 and 
852 nm, only Stokes Raman bands in the fingerprint 
region can be detected with a silicon-based CCD 
detector because higher wavenumber Raman shifts 
approach the bandgap of the silicon semiconductor 
(A > ca. 1050 nm). 

The disadvantages of diode lasers are that they 
cannot supply high power of narrow linewidth in 
single-mode and they are susceptible to mode 
hopping which gives rise to a shift in the excitation 
wavelength. This latter drawback is particularly 
disadvantageous for Raman spectroscopy because it 
results in a shift in the wavenumber positions of the 
Raman bands. When good beam quality is not 
required, broad stripe, high power laser diodes can 
be used; these can have output powers that are greater 
than 1 W but their emission linewidths are equal to 
ca. 2nm, which is far too wide for Raman spectro- 
scopic applications. These laser diodes find appli- 
cations as pumps of solid state lasers, for example, 
Nd:YAG, Nd:YVOy, lasers, however. Additionally, 
amplified stimulated emission (ASE) gives an 
unwanted background signal that can be very broad 
(ca. 20-30 nm) and 0.1-1% of the intensity of the 
laser line. This necessitates the use of bandpass filters 
in order to reduce this unwanted background. 

Although laser diodes having an output of less than 
200 mW can operate in TEMogo and in single 
longitudinal modes, mode hopping can occur due to 
optical feedback or fluctuations in environmental 
factors and this causes severe broadening of the 
linewidth. The sensitivity to optical feedback can be 
greatly reduced, hence the laser linewidth can be 
narrowed appreciably, by confining the frequency of 
the photons either in an internal cavity containing a 
small diffraction grating or in an external cavity. The 
former types of laser are sometimes called ‘distributed 
feedback’ (DFB) lasers because the feedback is 
distributed over the length of the grating, rather 
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than occurring all at once at a mirror. The wavelength 
that is fed back is determined by the period of the 
grating. Usually, a DFB laser has a grating fabricated 
into the entire length of the laser. A variation referred 
to as a distributed Bragg reflector (DBR) laser has a 
distinct grating fabricated into the substrate on each 
side of the active area. The external cavity semi- 
conductor laser (ECSL) is fabricated by placing the 
laser diode in a separate resonator like a conventional 
gas or solid-state laser. The DBR and ECSL lasers are 
now discussed. 


Distributed Bragg Reflector Lasers 


The DBR laser consists of a grating on each side of 
the active region (Figure 5); these gratings act as 
mirrors having a reflectivity that is optimized at one 
particular wavelength, in addition to narrowing the 
laser linewidth. At present, DBR lasers are only 
commercially available having an excitation wave- 
length of 852 nm. 

The emission linewidth is less than 4 MHz, which 
is suitable for the vast majority of Raman spectro- 
scopic applications and the laser operates in single 
TEMoo mode. The disadvantages of DBR lasers are 
that the maximum output power is restricted to 
around 150 mW, so an optical isolator is usually 
necessary in order to prevent external facet damage 
caused by external optical feedback, and only an 
excitation wavelength of 852nm is currently 
available. 


External-Cavity Semiconductor Lasers (ECSL) 


ECSLs provide higher output power (up to ca. 1 W) 
and a wider range of excitation wavelengths (630 nm 
to around 850 nm), as well as being less expensive 
than DBR lasers. They use the semiconductor chip 
only as the gain medium and employ an external 
grating, both as the frequency selector and the 
reflective mirror. Specific excitation wavelengths are 


Active region 


p-type 








Figure 5 Diagram of the cavity of the DBR laser (adapted from 
Pan M-W, Benner RE and Smith LM (2002) Continuous lasers for 
Raman spectrometry. In: Chalmers JM and Griffiths PR (eds) 
Handbook of Vibrational Spectroscopy, 1. Chichester, UK: Wiley). 


becoming widely adopted in Raman microscopy 
employing single grating spectrograph in conjunc- 
tion with CCD detection, such as 670, 785, 830, 
and 852nm. The ECSLs have emission linewidths 
as low as a few MHz, but in general they span the 
range 2 MHz-—30 GHz, and can operate in a nearly 
diffraction-limited transverse mode. 

Three different cavity designs employing a diffrac- 
tion grating have been discussed in the literature: 
Littrow type-I, Littrow type-II, and Littman configur- 
ations. In the Littrow type-I design, the laser diode 
light is incident on the grating at an angle of incidence 
equal to Otittrow (Figure 6a). The diffracted light in 
first order is re-directed back to the laser diode to 
provide feedback and the output is the zeroth order 
(i.e., specularly reflected) light. A disadvantage of this 
design is that the bandwidth of the grating is 
relatively large because a single pass geometry is 
used. In the Littrow type-II design, light from the rear 
facet of the laser diode is collimated by a lens and 
directed on to a grating at an angle of incidence equal 
tO OLittrow (Figure 6b). The diffracted light in first 
order is re-directed back to the laser diode, in a 
similar fashion to the Littrow type-I design, in order 
to provide optical feedback, and the output is the 
laser light emitted from the front facet. Disadvantages 
of the Littrow type-II design are the requirement for 


Laser 


diode ON ittrow 





















Lens Diffraction 


grating 
(a) Cutput beam 
Diffraction 
grating Laser 
diode 
Output 
beam 











Aittrow a 
(bo) 
Tuning mirror 

) Output beam 





Lens 
(c) Diffraction grating 


Figure6 Diagrams of the cavities of (a) Littrow type-I, (b) Littrow 
type-II, and (c) Littman external cavity diode lasers (adapted from 
Pan M-W, Benner RE and Smith LM (2002) Continuous lasers for 
Raman spectrometry. In: Chalmers JM and Griffiths PR (eds) 
Handbook of Vibrational Spectroscopy, 1. Chichester, UK: Wiley). 
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custom fabrication of antireflection coatings on both 
facets and the sensitivity to external optical feedback. 
In the Littman design, the laser diode light is 
collimated by a lens and directed on to a grating at 
a grazing angle of incidence. The diffracted light is 
reflected by a mirror and diffracted back to the laser 
diode by the grating in order to provide optical 
feedback (Figure 6c). An advantage of this design is 
that the grating bandwidth is less than half that of the 
Littrow designs due to the double pass geometry, but 
a disadvantage is that the external cavity length is 
longer, resulting in a narrower spacing of the cavity 
modes. Another advantage of this design is that the 
tuning is accomplished by rotating the mirror instead 
of the grating, thus the alignment of the output beam 
is not altered when tuning. For Littrow type I and II 
and Littman ECSL designs, filtering of the ASE is 
required, as it can have an intensity of ca. 0.1 to 1% 
of the intensity of the laser line. Thus, these designs 
necessitate the incorporation of a bandpass filter 
(having a rejection of better than 10~* at the ASE). 


Nd:YAG Laser 


Under normal conditions, the Nd:YAG laser oscil- 
lates on a transition in the near infrared at 1064 nm, 
and this is the excitation line that is used in most 
commercial Fourier Transform Raman _ spec- 
trometers. The gain medium is a crystal of yttrium 
aluminium garnet (Y3Al;O,2, YAG) doped with ca. 
1.0 mol% Nd** cations that substitute Y°* ions in 
the cubic YAG lattice. 

The Nd:YAG laser is a four-level system (Figure 7), 
which has high gain and low threshold due to the 
narrow fluorescent linewidth of the laser transition. 
Absorption bands of the Nd?tions around 808 nm 
conveniently match the energy of commercially 
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Figure 7 Energy levels of the Nd:YAG laser. 


available high-power multimode diode lasers that 
serve as the pump. The Nd** ions decay nonradia- 
tively to the upper laser level, the *F3,2 state, thereby 
creating a population inversion. This is because the 
lower laser level, the *I,1/. state, has no appreciable 
thermal population at room temperature, since it is 
>2000 cm! above the “Io. ground state, and the 
4F 3. excited state has a relatively long lifetime of 
230 ps. 

The high thermal conductivity of Nd:YAG enables 
the laser to operate at high power in either continuous 
wave (CW) or O-switched modes, and the diode 
pumped solid state (DPSS) variety of the cw Nd:YAG 
laser can currently achieve an output power in excess 
of 20 W on the 1064nm line. The laser can be 
designed to operate in the fundamental TEMop mode 
and the full width at half maximum (FWHM) 
linewidth of the spontaneous emission of the 
1064 nm laser transition is 120 GHz (ca. 0.45 nm). 
Advantages of the diode pumped Nd:YAG laser are 
that it is air-cooled and can be operated at 240 V 
single phase. Also, being all solid state and having a 
small footprint, it is robust and portable. The lifetime 
of the laser is dependent on the laser diodes used for 
pumping, but some Nd:YAG laser designs enable 
these to be replaced in the field. 

The frequency-doubled Nd:YAG laser emitting 
green light, having a wavelength of 532 nm, is 
also commonly used nowadays for dispersive 
Raman spectroscopy, and an output power of 10 W 
on the 532 nm laser line is provided by commer- 
cially available frequency-doubled diode-pumped 
Nd:YAG lasers. 

It is worth mentioning that Nd:YAG lasers have 
also been fabricated that emit either at 946 or 
1330 nm, by suppressing the strong emission at 
1064 nm and optimising the optics for the desired 
wavelength. 


Nd:YVO, and Nd:YLF Lasers 


An intracavity, frequency-doubled DPSS Nd:YVO,4 
laser has recently become commercially available, 
and it has some advantages over the Nd:YAG laser 
including a larger stimulated emission cross-section 
and a higher absorption coefficient (along the 
extraordinary direction of the birefringent crystal). 
It has the same emission wavelength as the frequency- 
doubled Nd:YAG laser, i.e., 532 nm, and Nd: YVOzgj is 
the material of choice for cw end-pumped lasers 
having around 5 W output power. This is because 
the diode laser pump beam is tightly focused in the 
end-pumped system, but a small waist diameter 
cannot be retained over a distance of more than a 
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few millimeters, consequently a high absorption 
coefficient and gain are very beneficial. 

The gain medium of the Nd:YLF laser consists of a 
crystal of yttrium lithium fluoride (YLF) that is doped 
with Nd?* ions on the Y°* cation sites. Unlike the 
Nd:YAG and Nd:YVO, lasers, the emission does not 
occur at 1064 nm; instead the *F3,.—*I, 1/2 emission 
occurs at wavelengths of either 1047 or 1053 nm, 
depending on the polarization that is selected. The 
former is due to extraordinary polarized light, 
whereas the latter is due to ordinary polarization, 
and either of these emission wavelengths can be 
selected using an intracavity polarizer. The Nd: YLF 
laser can offer benefits in Q-switched operation when 
the longer fluorescence lifetime (480 us) of Nd** ions 
in the *F3, state enables a higher energy to be stored 
for the same number of pump laser diodes. 


Ti:Sapphire Laser 


The Ti:sapphire laser is tunable over the approximate 
range of 670-1070 nm with the peak of the gain 
curve at ca. 800 nm. In the gain medium, ca. 0.1% by 
weight Ti** is doped into a crystal of sapphire grown 
by the Czochralski method. The Ti** ions substitute 
for Al?* ions in the Al,O3 of the sapphire and the 
laser emission is due to the 7E—T> transition of the 
Ti>t cation, which has a 3d! valence electronic 
configuration (Figure 8). The laser has a large 
stimulated emission cross-section but the fluorescence 
lifetime of the upper laser level (7E state) is quite short 
(3.2 ws), thus the laser is usually laser (e.g., by argon 
ion or frequency-doubled Nd:YAG or Nd:YVO4 
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Figure 8 Energy levels of the Ti:sapphire laser (adapted from 
Pan M-W, Benner RE and Smith LM (2002) Continuous lasers for 
Raman Spectrometry. In: Chalmers JM and Griffiths PR (eds) 
Handbook of Vibrational Spectroscopy, 1. Chichester, UK: Wiley). 
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Figure 9 Absorption and emission spectra of the TiS* ion in 
sapphire. AlpO3 (adapted from Pan M-W, Benner RE and Smith 
LM (2002) Continuous lasers for Raman Spectrometry. In: 
Chalmers JM and Griffiths PR (eds) Handbook of Vibrational 
Spectroscopy, 1. Chichester, UK: Wiley). 


lasers) rather than flashlamp pumped because a very 
high pump flux is required. 

The absorption and emission bands are broad and 
widely separated, due to the vibronic coupling 
between the Ti?* host and the ALO; lattice 
(Figure 9). The lower laser level is any one of the 
vibronic levels of the *T> state. Following the laser 
transition, the Ti®t ions decay from the upper 
vibronic levels of the *T> state down to the lower 
vibronic levels. Hence, this is a four-level laser. 

The broad spontaneous emission linewidth of the 
?E-?T) laser transition is around 100 THz, the ouput 
power can be as high as 50 W, and the laser can be 
operated in either TEMog or multimodes. 


UV Lasers 


UV laser sources offer numerous advantages over 
visible laser sources for Raman spectroscopy. A major 
consideration is that many analytes have absorptions 
in the near UV, making them amenable to resonance 
Raman spectroscopic studies. The signal enhance- 
ment (up to 10°), that can be achieved in resonance 
Raman spectra, results in a large increase in detection 
sensitivity. Furthermore, some vibrational modes, 
which normally give rise to weak bands in the off 
resonance Raman spectrum, can show strong 
enhancement in the UV excited resonance Raman 
spectrum. A good example of this is the amide II band 
of peptides and proteins, which is due to a combi- 
nation of N-H in plane bending and C-N stretching 
modes of the peptide linkage. This band is normally 
weak in the Raman spectrum but strong in the 
infrared spectrum; however, the amide II band 
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can show strong enhancement in the UV excited 
resonance Raman spectrum and this can be useful for 
determining secondary structure in proteins. A 
further benefit of UV excited Raman spectroscopy is 
that fluorescence can often be avoided as it tends to 
occur at a lower energy, outside the Stokes Raman 
spectral window. 

It can be advantageous to use cw rather than pulsed 
excitation for UV resonance Raman spectroscopy, if 
the analyte has a long excited state lifetime relative to 
the pulsewidth of the pulsed laser. This is because the 
concentration of analyte molecules in the ground 
state is significantly depleted during pulsed exci- 
tation, due to Raman saturation giving a lower signal 
to noise ratio in the Raman spectrum than for the case 
of cw excitation. It has been found that pulse energy 
flux densities should be less than 1 mJ/cm? and 
flowing or spinning samples should be used, in 
order to ensure that nonlinear phenomena and 
saturation effects do not occur. 

For UV Raman microscopy, where the laser beam is 
focused into a small spot of micrometer dimensions 
on the sample, it is essential to avoid using pulsed 
lasers delivering high peak powers. This is because 
such pulsed lasers can cause dielectric breakdown, 
and even at lower peak powers they can cause 
nonlinear effects and Raman saturation phenomena. 
Consequently, with UV Raman microscopy, one is 
restricted to the use of cw or quasicontinuous laser 
excitation. 

It is only recently that high thoughput UV Raman 
microspectrometers have been developed. It has been 
demonstrated for visible Raman spectroscopy that a 
significantly higher throughput can be achieved by 
employing a single stage spectrograph with a notch 
filter instead of a double or triple monochromator. In 
the UV region, blocking the Rayleigh scattering is a 
problem because notch filters are not currently 
available. However, it has been discovered that this 
can be overcome by introducing two modifications to 
the design of the optical layout of a visible Raman 
microscope. First, two novel dielectric longpass filters 
were used instead of a notch filter in order to reject 
the elastically scattered light. Second, an all-reflecting 
Cassegrain microscope objective was used, instead of 
a lens, in order to block the specular reflection, and 
thereby further reduce the Rayleigh scattering back- 
ground. These design modifications have enabled a 
single stage spectrograph with a holographic grating 
to be used to disperse the Stokes Raman radiation ina 
UV Raman microspectrometer (Figure 10). 

In the optical layout of Figure 10 it can be seen that 
the laser excitation is not focused by the Cassegrain 
microscope objective because an epi-illumination 
configuration is not employed. Instead the laser is 
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Figure 10 Diagram of the optical layout of a UV Raman 
microscope (adapted from Pajcini V, Munro CH, Bormett RW, 
Witkowski RE and Asher SA (1997) UV Raman microspectro- 
scopy: Spectral and spatial selectivity and simplicity. Applied 
Spectroscopy 51: 81-86). 


focused by a separate lens and directed on to the 
sample with a turning prism located directly under- 
neath the Cassegrain objective. This minimizes loss of 
laser beam throughput or scattered light throughput 
to the spectrometer at the expense of spatial 
resolution, since the laser light is focused by a longer 
focal length lens than the microscope objective. An 
additional difference between the optical layouts of 
the visible and UV Raman microscopes shown in 
Figures 1 and 10, respectively, is that pinhole spatial 
filters are not shown in the latter. However, better 
axial spatial resolution could be achieved if this 
UV Raman microscope was made confocal by 
introducing a pinhole and lens. 


Frequency-Doubled Argon lon Laser 


The frequency doubled argon ion laser is a popular 
choice among UV laser sources. The cw UV laser 
contains a nonlinear optical beta-barium borate 
(BBO) crystal, which is located within the laser 
cavity; this crystal frequency doubles the strong Ar™ 
lines to give five UV lines below 260 nm which are 
listed in Table 1 for the Coherent Inc. Innova 300 Ar™ 
ion laser system. Of these UV lines, the 228.9 nm line 
is almost ideal for resonance Raman enhancement of 
tyrosine and trpytophan residues in proteins and 
the 244.0nm line is well suited for studying 
tyrosinate groups. The 244.0 nm line has also been 
used to excite selectively UV resonance Raman 
spectra from spatially resolved areas of biological 
samples within the nucleus of a single cell, from DNA 
in particular, using low laser powers and short 
acquisition times to keep sample damage to a 
minimum under the microscope. 
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Frequency-Doubled Krypton lon Laser 


Like the cw frequency-doubled argon ion laser 
mentioned above, the cw frequency-doubled krypton 
ion laser contains a nonlinear optical BBO crystal, 
which is located within the laser cavity; this crystal 
frequency doubles the strong Kr* lines to give 206.5 
and 234 nm UV lines which are listed in Table 2 for 
the Coherent Inc. Innova 400 Kr* ion laser system. 
The 206.5 nm laser line is useful for exciting 
resonance Raman spectra within the 7—7a™* amide 
transition of the peptide backbone of proteins, and 
the enhanced protein amide vibrational bands can be 
used to determine the protein secondary structure. 


HeCd Laser 


The 325nm HeCd excitation line, in the near 
ultraviolet, can be used for combined micro-Raman/ 
photoluminescence studies of, for example, semicon- 
ductors. These lasers are suitable for low-power 
applications, typically having output powers in the 
1-100 mW range, and they can be designed to 
operate in TEM oo single-mode or multimode. 


Quasi-CW Mode-Locked Ti:Sapphire Laser 


The second harmonic of the mode-locked Ti:sapphire 
laser (ca. 350-500 nm), third harmonic (ca. 233- 
333 nm), and fourth harmonic (ca. 200-250 nm), are 
all available with conventional nonlinear crystals. 

Typically, the Ti:sapphire crystal is pumped by a cw 
argon ion laser, for example, as the excitation source 
for a UV Raman microscope. This quasicontinuous 
laser system produces 2—3 ps pulses at a 76 MHz 
repetition rate and is continuously tunable over the 
200-300 nm range. The typical power output is ca. 
50 mW at 250 nm, ca. 10 mW at 240 nm, and 1 mW 
at 230nm. In future, it is anticipated that a 
frequency-doubled Nd:YAG laser will be increasingly 
favored as the pump, creating an all-solid-state laser 
source. 


Conclusions 


Laser systems for Raman microscopy have been 
described in this article. Although the differences in 
the terms ‘Raman spectroscopy’ and ‘Raman 
microscopy’ only refer to whether a macro or micro 
sampling configuration is used, this does have a 
bearing on the types of laser systems that are 
employed. This is because the latter imposes a 
restriction on using low duty pulsed lasers with high 
pulse peak power, as both spatial and temporal 
confinement of the laser excitation can lead to 
dielectric breakdown of the sample, nonlinear 
phenomena, or Raman saturation. Thus, for this 


reason, one is limited to cw lasers or quasi-cw lasers 
for Raman microscopy whereas there is no such 
restriction for Raman spectroscopy. 

The quality of the laser beam, measured by the M? 
value or ‘times diffraction limit’ influences the 
ultimate spatial resolution that can be achieved in 
Raman microscopy. 

In the visible region, argon ion, krypton ion, and 
frequency-doubled Nd:YAG lasers have good beam 
quality and high power, with helium-neon and 
helium-cadmium lasers also having good beam 
quality but lower power; this makes these lasers 
good light sources for visible Raman microscopy. 

For FT Raman microscopy using Nd:YAG exci- 
tation, there is a lack of fluorescence interference 
from a wide variety of samples, but sensitivity and 
spatial resolution are compromised in comparison to 
visible dispersive Raman microscopy. 

Red and near infrared semiconductor lasers oper- 
ating in TEMoo single mode can have good beam 
quality, approaching that of gas lasers, but they are 
power limited. Obviously, when good beam quality is 
not necessary, for example, for optically pumping 
other laser sources, high-power diode lasers can be 
used in multimode operation. Solid state red and near 
infrared laser sources are becoming very popular for 
routine Raman microscopic analysis due to their 
compactness, robustness, and economical power 
consumption. 

Another reason for the popularity of the red and 
near infrared diode laser sources for Raman 
microscopy is that fluorescence is less of a problem 
due to the lower energy of the light, compared to 
conventional green 514.5 nm excitation. Although 
there is a penalty, due to the dependency of the 
scattering efficiency on the v* term, present day 
silicon-based CCD arrays can exhibit excellent 
detection quantum efficiency of Stokes shifted 
Raman radiation, across the whole vibrational 
spectrum, when using standard 670 and 785 nm 
diode lasers and, at least across the fingerprint region, 
when using 830 and 852 nm diode lasers. 

For ultimate spatial resolution in the Raman 
microscopic experiment, short wavelength excitation 
is advantageous because it is fundamentally possible 
to focus to a smaller diffraction-limited laser spot. In 
this regard, it would be preferable to use UV Raman 
microscopy where fluorescence is also not as proble- 
matic as it is in the visible region. However, in spite of 
recent improvements in UV laser sources such as the 
intracavity frequency-doubled argon and krypton ion 
cw lasers, there are current instrumental limitations 
on the throughput efficiency of the UV Raman 
microscope imposed by the lack of availability of 
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suitable notch filters and low stray light and high 
throughput optics. 

It is anticipated that in the future all-solid-state, 
quasi-cw, diode pumped, mode-locked Ti:sapphire 
lasers operating on their third or fourth harmonics will 
become increasingly popular for providing tunable 
UV excitation affording good beam quality. It is now 
also possible to fabricate hollow cathode metal ion 
deep UV lasers, 10-15 cm in length, 2-4cm in 
diameter, weighing 50-100 g and requiring only 
2-3 W of electrical power. These lasers have low 
beam quality (M* equal to ca. 18), but they make 
possible the development of portable UV fluorescence 
imaging and Raman microprobes for geobiological 
exploration of terrestrial and extraterrestrial 
environments. 


See also 


Fourier Optics. Imaging: Infrared Imaging. Introductory 
Article: Early Development of the He-Ne Laser 
(Title TBC). Lasers: Noble Gas lon Lasers; Semiconduc- 
tor Lasers. Nonlinear Optics, Applications: Raman 
Lasers. Scattering: Raman Scattering. 
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Introduction 


The demonstration of second-harmonic generation 
(SHG), one of the early experiments with pulsed 
lasers, is considered to have marked the birth of the 
field of nonlinear optics. The importance of second- 
harmonic generation, and the related phenomena 
of sum- and difference-frequency generation, as 
methods for producing new frequencies of coherent 
radiation was recognized immediately and has in no 
way diminished over the years. Associated with these 
applications came an interest in the fundamental 
nature of the second-order nonlinear response, and 
some spectroscopic studies were undertaken with 
this motivation. These investigations were of rather 
limited scope and were not developed as a general 
probe of materials. In contrast, the third-order 
nonlinear optical interactions have given rise to a 
panoply of significant spectroscopic measurement 
techniques, including, to name a few, coherent 
Raman spectroscopy, pump-probe and other four- 
wave mixing measurements, two-photon absorption 
and hole burning measurements, photon echoes, 
and Doppler-free spectroscopy. 

A central factor in the lack of spectroscopic 
applications of the second-order nonlinear response 
lies in a fundamental symmetry constraint. Unlike the 
third-order nonlinearity, which is present in all 
materials, only materials lacking a center of inversion 
give rise to an (electric-dipole) allowed second-order 
nonlinear response. As we demonstrate in this article, 
however, it is this property that makes SHG, as well 
as the sum-frequency generation process discussed 
elsewhere in this encyclopedia, such a remarkable 
probe of surfaces and interfaces. For centrosymmetric 
materials, the second-order nonlinear response is 
strong only at interfaces, where only a monolayer or 
so of material contributes to the response. This yields 
a purely optical probe (with incident and emitted 
photons) that gives an inherent surface sensitivity 


Young M (1977) Optics and Laser: An Engineering 
Approach. Berlin, Heidelberg: Springer-Verlag. 

Yu Y-M, Nam S, Byungsung O, ef al. (2002) Resonant 
Raman scattering in ZnS epilayers. Materials Chemistry 
and Physics 78: 149-153. 


comparable to the best electron spectroscopies, such 
as electron diffraction, Auger-electron spectroscopy, 
photoemission spectroscopy, and scanning tunneling 
microscopy, the workhorses of surface science. 
Neither linear nor third-order nonlinear optical 
measurements provide this inherent interface sensi- 
tivity. The possibility of probing interfaces by purely 
optical means permits one to take advantage of 
several important features of optical radiation. 
Perhaps most noteworthy is the possibility of probing 
buried interfaces of every sort, from solid/solid to 
liquid/liquid, as well as the more conventional cases 
of solid/vapor, liquid/vapor, and liquid/solid. In 
addition, laser-based techniques offer unequalled 
capabilities for spectral or temporal resolution. 

In this article, we present a brief overview of SH 
spectroscopy for the study of surfaces and interfaces. 
The article is divided into two principal sections: an 
introductory section that presents some of the 
fundamentals of SHG and the behavior at interfaces; 
and a discussion of the different types of information 
that the method can yield, as illustrated by some 
representative examples. A brief section on the 
experimental technique links these two parts. 


Fundamentals of Surface SHG 


Basic Notions 


Within the domain of classical optics, the response of 
a material to electromagnetic radiation is described 
by an induced polarization P that varies linearly with 
the electric field strength, E. This situation reflects the 
fact that the strength of electric fields for light 
encountered under conventional conditions is minute 
compared to that of the electric fields binding atoms 
and solids together. The electric field binding an atom 
may be estimated as E, ~ 1 V/A=10!° V/m. To 
reproduce this field strength by an electromagnetic 
wave requires an irradiance of I, ~ 10!” W/m”, so 
the validity of this linear approximation in classical 
optics is clear. The advent of the laser, with its 
capability for producing light beams with very high 
optical power and irradiance, has permitted us to 
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probe and exploit the nonlinear response of materials, 
giving rise to the field of nonlinear optics. 

The next-order material response beyond the linear 
approximation consists of an induced nonlinear 
source polarization P® = e9x™ : EE that depends 
quadratically on the driving electric field E, described 
by a second-order nonlinear susceptibility x"). For 
excitation by a single laser at a frequency w, this 
response gives rise to SHG at a frequency of 2, as well 
as optical rectification with a dc induced-polarization. 
For beams at two distinct frequencies of w, and w», the 
processes of sum- or difference-frequency generation 
(SFG or DFG) become operative with the production 
of the new frequencies of |w, + w,!. For a relationship 
of the given form, which assumes only a spatially local 
quadratic dependence of the polarization on the 
driving electric field, one can show that x?’ must 
vanish within any centrosymmetric medium. This is a 
direct consequence of the fact that x’) as a quantity 
describing a centrosymmetric medium should not 
change under an inversion operation, while the 
quantities P'*) and E as polar vectors will change 
sign. The interface specificity of the SHG technique for 
centrosymmetric media follows from this general 
observation: only at interfaces is the bulk symmetry 
broken and the SHG process allowed. 


Anharmonic Oscillator Model 


Before we embark on our discussion of surface SHG, 
we first briefly consider a simple classical model of 
SHG based on an anharmonic oscillator. Although 
this is not a realistic treatment of the response of 
materials, it helps to illustrate the characteristic 
features of the surface SHG process and its spectro- 
scopic attributes. In the anharmonic oscillator model, 
the medium is treated as a collection of electrons 
bound to fixed ion cores. While the usual Lorentz 
model only includes the effect of a linear restoring 
force, to describe second-order response, we general- 
ize this description to include a leading-order 
anharmonic restoring force. For simplicity, we 
consider motion of the anharmonic oscillator in one 
spatial dimension, in which case the classical 
equation of motion for the displacement, x, of the 
electron can then be written as 





2 
a 4. ry t wex — bx? = “ E() [1] 
Here —e and m denote, respectively, the electron 
charge and mass, and E(t) is the optical driving field. 
The (angular) frequency wo defines the resonance of 
the harmonic component of the response, and y 
represents a phenomenological damping rate for the 
oscillator. The nonlinear restoring force corresponds 


to the term containing the parameter b, a material- 
dependent constant. We are interested in the solution 
of this equation for a monochromatic driving field at 
frequency w with amplitude E(w) which we write as 


E(t) = E(@) exp(—1iat) + c.c. [2] 


An exact solution to eqn [1] in the presence of this 
electric field is not possible. Let us, however, consider 
a regime in which we do not excite the oscillator too 
strongly, and the effect of the anharmonic term 
remains relatively small compared to the harmonic 
one. In this case, we may solve the problem 
perturbatively in powers of the driving field. We 
find a linear response at the fundamental frequency 
and a nonlinear response at the SH frequency, which 
we can write in terms of the corresponding induced 
dipole moments p = —ex: 


p(t) = p\?(w) exp(—iwt) + p® (2) exp(—i2ot) + c.c. 
[3] 


We can then write the amplitudes for the harmoni- 
cally varying dipole moments as 


p?(@) = a (@)E(o) [4] 


p? (20) = a? (20 = w+ w)E(@)E(@) [5] 


where a"), the linear polarizability, and a’, the 
second-order polarizability (or first hyperpolariza- 
bility) for SHG are given, respectively, by 


2, 
tie @ 
a'(@) = A DG [6] 
(e8/m)b 





a” (2a =o+o)= [7] 


D(2@)D?() 


Here we have introduced the resonant response at the 
fundamental frequency by D(w) = w — w — 2iyw, 
with a corresponding relation for the response D(2@) 
at the SH frequency. A similar derivation can, of 
course, be applied to obtain the corresponding 
material response for the SFG or DFG processes. 
The spectral dependence of the polarizabilities a 
and a” is illustrated in Figure 1 for the anharmonic 
oscillator model with a resonance frequency of wp. In 
the linear case, one sees the expected behavior of the 
loss, associated with the Im[a‘], and dispersion 
associated with Re[a]. A single resonance in the 
linear response is seen for the driving frequency w 
near the oscillator frequency wo. For the case of SHG, 
on the other hand, we observe both resonances when 
the fundamental frequency w ~ wy and when the SH 
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Figure 1 Real and imaginary components of the linear | 


polarizability a(w) (top panel) and the second-order nonlinear 
polarizability a®(20 = w+) (bottom panel) plotted versus 
frequency according for the anharmonic oscillator model. For 
the SH response, the resonance features at w = wp and w = w)/2 
correspond, respectively, to single-photon and two-photon 
resonances. 


frequency 2@ ~ wo. In quantum mechanical language 
introduced below, these peaks can be considered 
as arising, respectively, from matching of the 
fundamental and second-harmonic photon energies 
with the transition energy in the material. 

In SHG spectroscopy, one normally measures the 
SH power as a function of the laser frequency. The 
SH field will scale with the nonlinear material 
response, i.e., with a” (2w = w+ w), so that the SH 
power will be proportional to la®(20 = w+ a)/*. 
Figure 2 shows the corresponding spectra in the 
vicinity of the second-harmonic resonance. An 
important aspect of this type of spectroscopy, 
which is also present in other nonlinear spectro- 
scopies, such as coherent Raman measurements, is 
the role that may be played by a nonresonant 
background. This may arise either from the off- 
resonant response of the system under study or 
from a coherent background from another 
material. In either case, the effect can be described 
by adding a spectral flat background response to 
the nonlinearity. Now when we detect the optical 
power, we then measure a quantity proportional to 
lo2(2w = w+o)+hki?, where k represents the 
nonresonant background. The presence of k 
obviously elevates the baseline response near a 





w,/2 


Excitation frequency (a) 


Figure 2 SH spectra ((2w) versus pump laser frequency w 
corresponding to Figure 1 in the vicinity of the two-photon 
resonance, with and without the presence of a nonreso- 
nant (frequency-independent) background: |(2w) ~ la®(2w0= 
w+)+kl?, where k represents a constant background and 
parametrized through k = mla®(2w= wo)| and m is constant 
factor. Top panel: m= 0, 0.5, 1 (bottom to top curves). Bottom 
panel: m = 0, 0.5/, i (bottom to top curves). In the top panel, the 
upper two lineshapes were displaced vertically to distinguish the 
three curves. 


resonance. In addition, however, depending on the 
relative phase of k, this extra term can introduce 
significant changes in the observed lineshapes. 
Figure 2 illustrates this effect, which must always 
be borne in mind in the interpretation of experi- 
mental spectra. 

For the purposes of studies of surfaces and 
interfaces, the key property of second-order nonlinear 
processes is the fact that they exhibit, for centrosym- 
metric bulk media, an inherent interface specificity. 
This feature can be readily understood in the context 
of the nonlinear oscillator model in which the SH 
polarization scales with the material parameter b. 
Since this term is associated with a potential that 
varies as x°, it is clear that the value of the b 
parameter can be taken as a measure of the material’s 
departure from inversion symmetry. At the interface, 
such a term can be present, reflecting the inherent 
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asymmetry at a boundary, while it must necessarily be 
absent in the bulk of a centrosymmetric material. 


Quantum-Mechanical Description of SHG 


A correct description of SHG naturally requires a 
quantum mechanical treatment of the material 
response to the optical field. For our present 
purposes, we consider a localized entity with a 
nonlinear response, such as a non-centrosymmetric 
molecule at a surface. We consider below how these 
individual units can be added together to yield the 
surface nonlinear response of the material. Within 
this picture, we write the induced nonlinear dipole 
moment p”) of each molecule in terms of the driving 
electric field E as 


p”’ (20) = a? (20 = w+): E(w)E(w) [8] 


This relation is simply the generalization of eqn [5] to 
include a full 3-dimensional description, where p7) 
and E are vectors and the second-order nonlinear 
polarizability a) is a third-rank tensor. The quan- 
tum mechanical description enters in how we relate 
the response function a&?)(2w = w+ w) to the under- 
lying properties of the material. 

We can obtain an expression for the second-order 
nonlinear polarizability by application of second- 
order perturbation theory with the light—matter 
interaction treated as the perturbation. Within 
the electric-dipole approximation, the interaction 
Hamiltonian can be taken as Hin, = —p-E(t), 
where w = —er denotes the electric-dipole operator 
and E(t) the electric field of the driving laser beam. 
Using the standard density-matrix formalism for 
second-order perturbation theory, one calculates 
for the Cartesian components ay, of the tensor w'?) as 


a? (Q2a= @+ @) 
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In this expression, the letters g, 7’, and 1 represent 
energy eigenstates |g), 7’), and |) of the system, with 
py corresponding to the thermal population for 
differing available ground states g. As illustrated in 
Figure 3, the SHG process can be regarded as 
involving a series of three transitions: two transitions 
associated with the absorption of two pump photons, 
each of energy fiw, and a transition associated with 
emission of a second-harmonic photon of energy 2ha. 
These transitions occur through the electric-dipole 
operator m and are characterized by the matrix 





|g) 
ia) (b} {c) 


Figure 3 Quantum mechanical description of SHG process for 
the situations of (a) nonresonant, (b) single-photon resonant, and 
(c) two-photon resonant interactions. SHG occurs through 
transition from the initial state electronic state |g) and a first 
intermediate state |n’), then to a second intermediate state |n), 
followed by a return to the initial state. The process is just a 
parametric conversion of two photons at frequency w into one 
photon at frequency 2. 


elements ({4;)gn. In eqn [9], the energy denominators 
involve the energy differences ho, .=E,—E, and 
widths AI’,,, for transitions between eigenstates |7) 
and lg), and similarly for other combinations of 
states. In addition to the term indicated explicitly in 
eqn [9], there are seven additional terms with 
different Cartesian coordinates in the matrix elements 
and/or frequency denominators. 

The frequency denominators in the eight terms of 
eqn [9] introduce a resonant enhancement in the 
nonlinearity when either the fundamental frequency 
w or the SH frequency 2 coincides with a transition 
from a ground state lg) to one of the intermediate 
states |7') or In). Figure 3a shows the situation for a 
nonresonant nonlinear response, while Figures 3b,c 
illustrate, respectively, single- and two-photon reson- 
ances. The numerator in the perturbation theory 
expression consists of products of the three dipole 
matrix elements of the form ((1))gn(Mj)an!(Mk) ng These 
terms reflect the structure and symmetry of the 
material that is built into the third-rank tensor 
a (Qo =a+o). 


The Surface Nonlinear Response 


As a model of the surface nonlinearity, let us consider 
a monolayer of oriented molecules. The surface 
nonlinear response accessible to a macroscopic 
measurement is given, under the neglect of local- 
field effects, simply by summing the response of the 
individual molecules. The resulting surface nonlinear 
susceptibility tensor Xe connecting the induced 
nonlinear sheet polarization to the driving electric 
field can then be expressed as 


[10] 


N 
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Here N, denotes the adsorbate surface density, a, 


the nonlinear polarizability of the molecule expressed 
in its own coordinate system, T;, the transformation 
tensor from the molecule’s coordinate system to the 
laboratory frame, () an ensemble average over 
the orientation of the different molecules in the 
monolayer, and e9 = 8.85 X 10” F/m the permittiv- 
ity of free space. This expression for the surface 
nonlinear susceptibility has been successful in 
describing properties of adsorbed molecules, includ- 
ing their coverage, orientation, and spectroscopic 
features. 

For the surfaces of materials such as semiconduc- 
tors or metals with delocalized electronic states, a 
somewhat different formulation of the nonlinear 
response is appropriate. A modified version of 
eqn [9] can be obtained using the relevant band 
states. The underlying concepts involved in the 
surface nonlinear response are, however, similar 
to those presented for the molecular case. 

Regardless of the details of the model describing 
the surface nonlinear susceptibility, its tensor proper- 
ties must ae the symmetry of the interface. In 
that respect vee nf is darts analogous to the bulk 
nonlinear response, x; > in a non-centrosymmetric 
aes In the absence of any symmetry constraints, 
x? will exhibit 3 x 3 x 3 = 27 independent elements 
for SFG and DFG. For SHG, the order of the last two 
indices has no significance, and the number of 
independent elements is reduced to 18. If the surface 
exhibits a certain in-plane symmetry, then the form of 
x?) will be simplified correspondingly. For the 
common situation of an isotropic surface, for 
example, SHG possesses three allowed elements 
of x) and may be denoted as eins ti 
x i rer ,» where | corresponds to the direction 
of the surface normal and || to an in-plane direction. 
The nonvanishing elements of x?) for other com- 
monly encountered surface symmetries are summar- 
ized in several textbooks and reviews listed below. 


Radiation Properties for Surface SHG 


In order to probe and extract information from 
interfaces through surface SHG, it is necessary to 
understand how radiation interacts with the relevant 
media and gives rise to the experimentally observable 
signals. Here we present the principal results for the 
usual case of a spatially homogeneous planar inter- 
face. Nonplanar and inhomogeneous geometries, 
which are also of considerable interest, will be 
considered briefly under the heading of applications 
of the SHG technique below. 

The SHG process is coherent in nature. Thus, for 
the planar geometry, a pump beam impinging on the 
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Figure 4 Schematic representation of SHG at the interface 
between two centrosymmetric media. The pump field E(w) at 
frequency w with corresponding wavevector k,, is incident on the 
interface from medium 1. The SH field E(2w) at frequency 2a is 
emitted in directions described by the wavevectors kB, (reflected 
in medium 1) and k3,, (transmitted in medium 2). The linear 
dielectric constants of media 1, 2, and the interface are denoted, 
respectively, by «1, e2, and e«’. The nonlinear response of the 
interface (z = 0) is given by the surface nonlinear susceptibility 
tensor x2 


interface will give rise to a well-collimated SH 
radiation emerging in distinct reflected and trans- 
mitted directions. To describe this situation in a more 
detailed fashion and provide formulas for the 
radiation efficiency, we introduce a general descrip- 
tion of SHG by a planar interface excited by a plane 
wave, as shown in Figure 4. The nonlinear response 
of the interface described by the surface nonlinear 
susceptibility tensor x) is incorporated through a 
nonlinear source polarization P'?) of 


P?)(2w) = P (2.0) 8(z) 


= 9X$)(20 = w+ w) : E(@)E(w)&(z)— [11] 
localized at the interface (z = 0). In addition to the 
strong nonlinear response at the interface, one must 
also generally consider the nonlocal nonlinear 
response of the bulk media. This response is much 
weaker than the symmetry-allowed interfacial 
response, but is permitted even in centrosymmetric 
materials. Since it is present in a much larger volume, 
however, its cumulative effect, while generally weaker 
than the surface response, may be of comparable 
magnitude. For simplicity, however, we neglect this 
constant background response in our discussion in 
this article, but a complete discussion can be found in 
the referenced works. The overall SH response is 
naturally also influenced by the linear optical proper- 
ties of the surrounding media. The two bulk media 
and the interfacial region are characterized, respecti- 
vely, by frequency-dependent dielectric functions ¢1, 
£2, and e’, as shown in Figure 4. Again for simplicity, 
and in accordance with most applications, we take 
the linear response to be isotropic. 
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Figure 4 shows the incoming pump radiation and 
the reflected and transmitted SH beams. The direc- 
tions of these beams are determined by conservation 
of the component of the momentum parallel to 
the interface in the SHG process, i.e., 2k.) = 
kX, = kj... Thus the reflected and transmitted 
beams both remain in the plane of incidence, with 
directions governed by the so-called nonlinear Snell’s 
law. For bulk media without dispersion between the 
frequencies of w and 2, the reflected and trans- 
mitted beams simply maintain the same angle of 
incidence as the pump beam. However, for dispersive 
bulk media, the directions of the beams are, 
however, altered, as can be understood immediately 
from the expression 2k,/ko,. =1,/M24, Where n 
denotes the refractive index of the medium. The 
surface SHG process does, nonetheless, differ in an 
important respect. In contrast to the situation for 
bulk media, the interfacial region is of negligible 
thickness, so phase shifts can obviously be disre- 
garded. The issue of phase matching, which is of 
great significance for SHG from bulk media, conse- 
quently does not enter into the surface SHG 
problem. 

By application of the Maxwell equations with 
the indicated nonlinear source polarization, one can 
derive explicit expressions for the SH radiation in 
terms of the linear and nonlinear response of the 
materials and the excitation conditions. For the case 
of the nonlinear reflection, the irradiance for the SH 
radiation can be written as 


w* sec? ble!(2w)-x2 : e'(w)e!(w) 7 [I(w) 7 
2epc*[e1(2)] 1721 (o) 





I2o@)= [12] 


where I(w) denotes the irradiance of the pump beam 
at the fundamental frequency; c is the speed of light in 
vacuum; @ is the angle of emission of the SH beam 
with respect to the surface normal. The vectors e’(w) 
and e/(2w) represent the polarization vectors é(@), 
and é,(2), respectively, after they have been 
adjusted to account for the linear propagation of 
the waves to the interface. More specifically, we may 
write e'(w) =F,_,»é;(w). Here the F,_,» describes the 
relationship between the electric field Eé, in 
medium 1 (propagating towards medium 2), which 
yields a field Ee’ at the interface. For light incident 
in the x-z plane as shown in Figure 4, F,_,. is a 
diagonal matrix whose elements are Fj*,,= 
261k Merki zt €1k2,2), Fi 5 = 2k, MR +k), and 
FR, = 2(€169/e')ky Merk), + €1k2,z), where the quan- 
tity k;, denotes the magnitude of the z-component 
of the wavevector in medium i at the relevant 
wavelength (@ or 2m) (Figure 4). 


A few observations may be made about eqn [12], 
which describes the relationship between the typical 
experimental observables of the pump irradiance, 
I(w), and the irradiance of the emitted SH reflection, 
I(2@), from the interface. First, one can immediately 
recognize the quadratic relationship between the 
pump irradiance and the SH irradiance that is 
expected for a second-order nonlinear optical effect. 
Second, the SH radiation is determined not only by 
the nonlinear optical response, but by the linear 
optical properties of the relevant media. Consequently, 
obtaining the surface nonlinear susceptibility tensor 
x”) from experiment requires knowledge or measure- 
ment of the linear response. (It should be noted, 
however, that the interfacial linear properties always 
enter into the response in a fixed manner and can be 
incorporated into an effective surface nonlinear 
response.) The linear response can significantly 
enhance or reduce the efficiency of the SHG process. 
The use of a total-internal reflection geometry, for 
example, provides a significant enhancement in the 
SH radiation through the linear optical response of 
the media. Third, while full knowledge of the linear 
and nonlinear response will obviously allow one to 
predict the strength of the SH radiation for any set of 
conditions, a simple measurement of the SH response 
does not permit one to determine x7), even if the 
linear optical properties are known. The determina- 
tion of the tensor x’ requires probing the material 
with different polarization states and/or angles of 
incidence. Protocols for making these measurements 
have been discussed extensively in the literature. For 
the general case of a material with in-plane aniso- 
tropy, such as the surface of a crystal, measurements 
of the response as the crystal is rotated about its 
surface normal are also very useful in a complete 
determination of x”). Fourth, the simple measure- 
ment of the SH intensity as assumed here obviously 
eliminates information about the overall phase of the 
x.°’. This phase information is often of considerable 
interest and importance. For example, if the response 
of the interface is dominated by an oriented molecular 
monolayer, the sign of x{?) will be inverted if the 
monolayer is reflected through the plane of the 
surface, i.e., the phase of x”) yields information on 
the polar ordering of the layer. To obtain such phase 
information, one must employ a scheme using inter- 
ference with a known SH reference. This approach, 
which is sketched briefly in the next section, is 
implemented quite commonly in experiment. 


Experimental Considerations 


The merits of the SHG technique for selective probing 
of interfaces are clear. On the other hand, one needs 
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to be able to detect the optical signal associated with a 
second-order nonlinear response of a material that 
arises from an effective thickness of just a monolayer 
or so. Consequently, it is important to consider 
various factors that aid in optimizing the strength 
and detectability of the SH radiation. To discuss 
how best to achieve this end, let us recast eqn [12] in 
terms of more convenient experimental parameters. 
We express the SH signal, S, in units of photons/s and 
describe the laser excitation by its pulse energy E,,, 
pulse width 7, and repetition rate R. For irradiation of 
an area A of the sample, we then obtain 

w sec” OE, RI ae P 
Shey tA 


[13] 





where |y2I=le!(2@)-x :€!(w)el(w)Ie4(2e) 81(@)]7, 
whose typical value is of the order of 10~*! m7/V. 
From this relation, we see that increasing either the 
pulse energy or repetition rate of the laser will 
enhance our SH count rate. These parameters are, 
however, often limited by the characteristics of the 
available laser, as well as possible damage of the 
sample. For a given pulse energy and repetition rate, 
the SH signal is also seen to increase as the laser pulse 
duration or sample area is decreased. In practice, 
adequate SH signals can generally be obtained from 
high-power Q-switched lasers (with nanosecond 
pulses) with a fairly large focal spot. A preferred 
solution in most cases is, however, provided by 
modelocked lasers with high repetition rate and 
pulses of sub-picosecond duration. Surface SH signals 
obtained, for example, using a femtosecond mode- 
locked Ti:sapphire oscillator, are typically in the 
range of 10*-10° photons/s. Although these signals 
are relatively weak, they are easily detectable with 
photomultiplier tubes (PMT) and appropriate 
electronics. 

The basic arrangement for surface SHG measure- 
ments is shown in Figure 5. It makes use of the 





Figure 5 Schematic representation of a basic surface experi- 
mental setup for surface SHG. It is comprised of laser source (LS), 
halfwave plate (A), polarizer (P), lenses (L), spectral filters 
(F1, F2), analyzer (A), and detector (D). 


directionality and frequency selectivity of the SHG 
process not only to detect the desired signal with high 
efficiency, but to discriminate strongly against back- 
ground signals, including the reflected laser beam. In 
the setup, irradiation of the sample involves a pulsed 
laser source, LS; a halfwave plate, A, and polarizer, P, 
for controlling the input polarization. Spectral con- 
trol is achieved with a filter F1 that passes the 
fundamental radiation in the pump beam, but rejects 
other wavelengths, particularly spurious SH radiation 
arising from other optical components; and a color 
filter F2 that passes SH, but rejects the reflected 
fundamental radiation. In addition, a spectrometer is 
commonly employed to limit the detection bandwidth 
further. An analyzer A serves to select the desired 
SH polarization. The SH signal is then measured by 
a high-quantum efficiency detector and the signal 
is monitored by processing electronics, typically a 
photon counter, a gated integrator, or a lock-in 
amplifier, depending on the strength of the signal 
and the repetition rate of the laser. The laser source 
may be either of fixed wavelength or tunable for 
spectroscopic measurements. 

There are other important experimental configur- 
ations for surface SHG that extend beyond the basic 
SH reflection geometry, shown schematically in 
Figure 6a. A common improvement (Figure 6b) is 
the implementation of a SH reference in which a small 
fraction of the pump radiation is directed into a 
crystal with a bulk second-order nonlinear response. 
This approach provides a reference against which to 
compare the measured signal, thus compensating 
appropriately for pulse-to-pulse variation in duration, 


{a} (b) 
NUS NZ 
{c) (d) 


Figure 6 Various schematic representations of different 
experimental schemes for surface SH measurements. Panel 
(a) represents the basic scheme as in Figure 5. Panel 
(b) describes use of a separate SH source as a reference for 
normalizing the surface SH signals against laser fluctuation and 
drift. Panel (c) represents the arrangement for a measurement of 
the phase of the surface SH signal by mixing the fields from the 
surface and an external source SH radiation. Panel (d) describes 
the configuration for a time-resolved measurement using the 
pump-probe scheme. 
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energy, and spatial profile, as well as for long-term 
drifts. This type of normalization (against a material 
with a suitably flat spectral response) is essential for 
spectroscopy measurements in which the laser fre- 
quency is scanned. In addition, use of a calibrated 
reference is the best way of determining the surface 
nonlinear response in absolute terms. 

It may also be desirable to measure the phase of 
the signal. For this type of an experiment, a 
reference field, E,.¢(2w), of similar amplitude and 
known phase response is generated along the path of 
the surface SH signal E(2w) (Figure 6c). The two 
collinear SH beams of the same polarization 
interfere at the detector. The SH power scales 
as [Exer(2@) + E(2w)|* = Eyes? + 2E,e¢E cos p+ IE’, 
where ¢ is the relative phase of the two fields. The 
relative phase g may be varied by translating a 
reference plate along the path of the beam and 
making use of the dispersion of the ambient air or 
by inserting another control phase-shifting element. 
A variant of this phase measurement method is the 
homodyne scheme in which the reference electric 
field amplitude E,,.<(2) is significantly stronger than 
that of the signal amplitude E(2w). The measured 
SH power then scales as [E;,e* + 2E;¢E cos 9, 
which yields a signal that varies linearly with the 
desired SH field strength from the sample. 

In the SHG technique, a short-pulse laser is used to 
interrogate the sample and thus the measurement 
provides high time-resolution. To make use of this 
capability, we can add a pump pulse to excite 
the sample away from equilibrium. This provides 
the opportunity to examine ultrafast surface 
dynamics induced by excitation of the sample with 
a suitable pump laser pulse. For such measurements 
(Figure 6d), the pump pulse is generally derived from 
the same laser source as the probe for the SHG 
measurement, although one or both of these pulses 
may undergo frequency conversion before being 
applied to the surface. The critical element is that 
time synchronism is maintained. The dynamics can 
then be followed by repeating the SHG measurement 
at various time delays relative to pump excitation, as 
controlled by an optical delay line. The ultimate time 
resolution of this technique is limited only by the 
duration of the laser pulses and may be as short as a 
few femtoseconds with state-of-the-art modelocked 
lasers. 


Applications of Surface SHG 


The technique of surface SHG is extremely flexible in 
application, since it relies only on basic symmetry 
properties for its remarkable surface or interface 
specificity. SHG measurements can provide quite 


varied information about the interface, depending 
on the mode of application of the technique and the 
material system under study. In this section, we 
attempt to illustrate the principal types of measure- 
ments that can be performed with SHG and the 
information that can be obtained thereby. For systems 
with molecular adsorbates, SHG studies can yield 
information on the density and orientation of 
molecular species, and can typically do so in real 
time. For crystalline surfaces, the symmetry and order 
of the surface can be examined through studies of 
tensor properties of the surface nonlinear suscepti- 
bility. Spectroscopic studies of electronic transitions 
are also of great value. These can be accomplished for 
both solids and molecular systems through the same 
experimental approach of tuning the frequency of the 
laser source. In all of these investigations, one can 
achieve very high time resolution, down into the 
femtosecond range, by the use of pump-probe 
techniques. In addition, as we discuss below, SHG 
provides interesting additional capabilities for sys- 
tems with applied electric and magnetic fields. Finally, 
the method permits one to probe spatially inhomo- 
geneous systems. 

In addition to this diverse range of information that 
can be provided by surface SHG measurements, the 
technique is unique in the extremely wide range of 
material and chemical systems to which it can be — 
and, indeed, has been — applied. These span the 
gamut from solids under ultrahigh vacuum to 
solid/solid, solid/liquid, liquid/vapor, and even liquid/ 
liquid interfaces. Since our examples were drawn to 
illustrate the type of information obtainable, rather 
than the range of material systems investigated, the 
reader is unfortunately obliged to refer to other more 
detailed treatments of surface SHG measurements to 
appreciate fully this important facet of the technique. 


Adsorbate Density 


The remarkably high sensitivity of the SHG technique 
to the nature of the surface is illustrated by the data in 
Figure 7, which shows the dramatic change in the SH 
response from a clean Si(111)-7 x 7 surface upon 
adsorption of atomic hydrogen. Indeed, it is possible 
to detect well below 1% of a monolayer (ML) of 
adsorbed hydrogen. A useful point to note is that the 
change in x) is linear with adsorbate density for 
modest values of the coverage, 0. Thus, it is quite easy 
to obtain a relative gauge of the adsorbate coverage in 
this regime. 

The behavior of the SH response to adsorbates 
at low coverages can often be described by a 
simple linearized model of the surface nonlinear 
susceptibility of v2 =(1— a8)x-} + Oy, where 
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Figure 7 Dependence of the magnitude (full circles) and the 
phase (open squares) of the nonlinear susceptibility y{) for a 
Si(111)-7 x 7 surface as a function of the coverage of adsorbed 
atomic hydrogen using a fundamental photon energy 1.17 eV. 
Reproduced with permission from Hofer U (1996) Nonlinear 
optical investigations of the dynamics of hydrogen interaction with 
silicon surfaces. Applied Physics A 63: 533. 


x (i= 1,2) are complex quantities and a is a 
constant. This relation describes the surface nonlinear 
susceptibility as arising from a contribution Fee from 
the clean surface and a contribution yQ from a 
saturated monolayer (9 = 1) of the adsorbate. The 
term —aby©? then represents the modification of the 
surface nonlinearity arising from interaction with the 
adsorbate. For the case of hydrogen adsorption of 
Figure 7, this is the dominant term, since hydrogen 
atoms would have no nonlinearity on their own. In 
other systems, however, the response can be con- 
sidered as arising essentially from the nonlinear 
response of aligned adsorbed molecules. The simple 
linearity of this relation of 4 with adsorbate 
coverage obviously neglects important effects such 
as adsorbate—adsorbate chemical interactions, as 
well as local-field effects and the possible influence 
of differing adsorption sites. All of these factors have 
been considered in the literature. Nonetheless, the 
linearity of response with adsorbate coverage is often 
found to be a good approximation, even for fairly 
high adsorbate coverages. From the point of view of 
simply following adsorption dynamics with SHG, it is 
not, we note, necessary to have any a priori know- 
ledge of the relation between the adsorbate coverage 
and the SH response. This relation can be established 
empirically in static measurements and then used 
advantageously to follow the dynamics of surface 
processes. 


Surface Symmetry and Molecular Orientation 


The surface SHG process is described by the third- 
rank tensor x’). The tensorial properties of this 





Figure 8 Polarization dependence of SHG for normal incidence 
excitation of the cleaved Si(111)-2 x 1 surface. The polar plot of 
the SH signal versus the pump polarization orientation is shown 
for the case of no polarization analysis (top panel), for the SH 
analyzer along the [211] crystallographic direction of the surface 
(middle panel), and along the [011] direction (bottom panel). The 
solid curves are fits to theory assuming that the surface has m 
symmetry. Reproduced with permission from Heinz TF, Log MMT 
and Thomson WA (1985) Study of Si(111) surfaces by optical 
second-harmonic generation: reconstruction and surface phase- 
transformation. Physical Review Letters 54: 63. 


response reflect the symmetry of the surface. Other 
than for a few cases of high symmetry, such a third- 
rank tensor gives a distinct signature of surfaces with 
crystalline order compared to surfaces, such as 
disordered ones, exhibiting effective in-plane iso- 
tropy. The form of the x”) tensor can be probed both 
by measurements that vary the polarization of the 
fundamental and second-harmonic beams and by 
measurements in which the plane of incidence is 
changed with respect to the orientation of the surface, 
generally by rotating the sample about its normal 
with a fixed experimental geometry. 

Figure 8 illustrates the capability of surface SHG 
measurements to probe surface symmetry. The figure 
shows SHG polarization dependence for a Si(111) 
surface cleaved in ultrahigh vacuum. While the 
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underlying bulk symmetry suggests that the surface 
might exhibit 3m symmetry, the analysis of data 
indicates that only a single mirror m plane is present. 
This lowered symmetry corresponds to the meta- 
stable 2 x 1 reconstruction induced by the crystal 
cleavage. By heating the sample, one can observe a 
phase transformation to the equilibrium 7 x 7 recon- 
struction and the emergence of the corresponding 3m 
surface symmetry. 

The analysis of surface or interface symmetry by 
SHG relies only on the form of the nonlinear 
susceptibility tensor, i.e., which elements are inde- 
pendent and nonvanishing. Within the context of a 
microscopic model of the surface response, however, 
the relative values of the tensor elements of x) can 
also yield valuable information about the nature of 
the surface. This approach has been developed 
extensively in the context of the analysis of molecular 
orientation at surfaces. The basic notion behind this 
treatment relies on the knowledge of the microscopic 
molecular nonlinear polarizability aa and the 
measured surface nonlinear susceptibility Pee to 
infer information about the orientational average 
that relates these quantities. As discussed above in 
conjunction with eqn [10], under the neglect of local- 
field corrections, the relationship between these two 
quantities involves the ensemble average of the 
coordinate transformation tensor from the molecular 
to the laboratory coordinate systems (Tj,Tj,,T,,). 
Hence a knowledge of the quantities Cee N,, 
and Xe allows us to infer information about 
the orientational distribution of the molecules as 
described by the quantity (Tj,T;,,T,,). Even in the 
absence of knowledge of the magnitudes of the 
nonlinear polarizabilities and the adsorbate density, 
one may still obtain useful information for molecules 
with a simple form of as 

An important example of this analysis of molecular 
orientation concerns the case of molecules with a 
dominant nonlinear polarizability along a single axis, 
ie., a? = a>, 22 7’. For the usual situation of in- 
plane isotropy, one can then show that the nonlinear 
susceptibility elements are given by Xvi = 
N,{cos? a>, Je and xii = erin = +N,(cos 6 x 
sin? 6) a>, leo, where 6 denotes the angle between 
the surface normal and the z’ molecular axis. It 
should be noted that these orientational moments, 
reflecting their origin in a third-rank tensor, give a 
signature of the polar ordering, since a sign change in 
the elements of x?) follows if the molecular 
orientation is inverted. Also, when only one element 
of a) is present, we can form ratios of the 
experimentally measurable ratio of tensor elements 
that depend only on the molecular orientational 


— 792 2 2 
factors, such as R= 2x4 a a OE oi = 


(cos 6)cos*6). For a narrow distribution of the 
orientations centered at 6, this ratio yields directly 
the molecular orientation angle through R ~ sec* 4. 
This type of molecular orientation analysis has 
been applied to a wide range of material systems. The 
method, while powerful, relies on several assump- 
tions, including an adequate knowledge of the mol- 
ecular nonlinear polarizability, the lack of significant 
local field corrections, the availability of information 
about the effective linear dielectric constant in 
the interfacial region, and a suitable method of 
eliminating any substrate nonlinear response in the 
measurement. The method is, consequently, best 
suited for adsorbed layer of molecules with strong 
and well-defined nonlinear response, present at 
relatively modest coverages. The use of resonant 
excitation is a valuable adjunct in these studies, since 
it generally simplifies the form and strengthens the 
molecular nonlinear response. An analogous appro- 
ach to the analysis of molecular orientation can be 
accomplished with infrared—visible sum-frequency 
generation. These measurements often provide a 
superior method of analysis, since the molecular 
response and its symmetry are better defined by 
resonant excitation of a molecular vibration. 


Surface and Interface Spectroscopy 


Surface SHG can be readily adapted to yield spectro- 
scopic information on surface transitions. As indi- 
cated above, both resonances at the fundamental and 
second-harmonic frequencies are manifested in the 
SHG response. The examination of resonances at 
the SH frequency is often convenient, since it permits 
the application of a relatively intense pump radiation 
at a frequency well separated from that of the 
resonance. Such SHG spectroscopy measurements 
have been widely applied to examine electronic 
transitions at surfaces and interfaces of solids, as 
well as in adsorbed molecules under a wide variety of 
conditions. 

An example of SHG spectroscopy of electronic 
transitions at a buried solid/solid interface is presented 
in Figure 9. For the epitaxial CaF,/Si(111) interface, 
distinctive new electronic transitions, associated 
with interface states, are observed that are absent 
from the response of either of the bulk materials. 
These excitations occur in a spectral range where 
the bulk silicon sample is highly absorbing, which 
would render the identification of the new 
interface transitions very difficult using conventional 
linear optics. The buried nature of the interface 
naturally also constrains application of conventional 
surface probing techniques involving electron 
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Figure 9 SHG spectrum (solid dots) for the CaF2/Si(111) 
interface. For comparison, the open circles represent the 
corresponding signals for the SiO2/Si(111) interface, which is 
seen to give a very weak signal in this frequency range. The solid 
line is a theoretical fit based on a two-dimensional direct transition 
of the interface states, together with an excitonic feature slightly 
below the band gap. Reproduced with permission from Heinz TF, 
Himpsel FJ, Palange E and Burstein E (1989) Electronic transitions 
at the CaF2/Si(111) interface probed by resonant three-wave- 
mixing spectroscopy. Physical Review Letters 63: 644. 


irradiation or emission. Two additional general 
observations are appropriate. First, the lineshape 
analysis for such measurements must take into 
account the fact that the SHG response derives from 
both the real and imaginary parts of x’, as we 
discussed above. Second, in the absence of any other 
knowledge, SHG spectroscopic data contain an 
ambiguity about whether the resonances correspond 
to the fundamental or SH photon energy. This 
ambiguity, however, can be resolved in a straightfor- 
ward fashion by complementing the SHG measure- 
ment with a sum-frequency measurement in which 
one frequency is scanned and one is held fixed, as was 
demonstrated in the study associated with Figure 9. 


Time-Resolved Measurements 


One of the fascinating frontiers that can be addressed 
by SHG measurements is probing the ultrafast 
dynamics of surfaces and interfaces by the pump- 
probe method. This possibility is exemplified by a 
variety of studies ranging from the dynamics of laser- 
driven phase transitions, charge-transfer, solvation, 
phonon dynamics, and orientational and torsional 
dynamics. 

An example of applying time-resolved SHG to 
examine ultrafast molecular dynamics at the liquid/ 
vapor interface of water is presented in Figure 10. In 
these studies, the rotational motion of dye molecules 
at the interface, which probes the local environment, 
is followed in real time. This is accomplished by 
photo-exciting the dye molecules at the interface. 
Because polarized pump radiation is used, an 
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Figure 10 Rotational relaxation of Coumarin 314 molecules at 
the air—water interface subsequent to photoexcitation. The initial 
anisotropy in the molecular orientational distribution is created by 
linearly polarized pump radiation in two orthogonal directions in 
the surface. Reproduced with permission from Zimdars D, Dadap 
Jl, Eilsenthal KB and Heinz TF (1999) Anisotropic orientational 
motion of molecular adsorbates at the air—water interface. Journal 
of Physical Chemistry B 103: 3425-3433. 


anisotropic orientational distribution of excited- 
state molecules is established. Since the excited 
molecules have a different SHG response, a change 
in the signal is observed immediately. Subsequently, 
the anisotropic orientational distribution relaxes 
to the equilibrium configuration. The time evolution 
of the rotational anisotropy is followed by detecting 
the SH of a probe laser pulse as a function of the delay 
time. Through a comparison of the results for 
different initial anisotropic distributions (produced 
by pump beams with differing polarizations), one 
may deduce rates for both in-plane and out-of-plane 
orientational relaxation. This example illustrates the 
possibilities of time-resolved SHG measurements for 
probing the detailed dynamics of molecules at an 
interface on the ultrafast timescale. 


Spatially Resolved Measurements 


Up to this point, our discussions have centered on 
spatially homogenous surfaces and interfaces. Surface 
SHG has also been exploited to probe the lateral 
variation of inhomogeneous surfaces with the micron 
to sub-micron resolution characteristic of optical 
microscopy techniques. Spatial resolution may be 
achieved simply by detecting the nonlinear response 
with a focused laser beam that is scanned across the 
surface. A large area of the surface may also be 
illuminated and the emitted nonlinear radiation 
imaged. A wide range of applications of this 
imaging capability has emerged, including the 
probing of biological materials, such as cells and 
tissues, to probing spatially varying electric fields 
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and magnetic domains. Within the biological context, 
SH microscopy has recently become an active 
research direction. In these applications, while prob- 
ing with SHG typically senses non-centrosymmetric 
structures in bulk samples as opposed to interfaces, 
most of the aspects of SHG presented in this article 
still apply. To further improve the spatial resolution 
of SHG microscopy, researchers have also employed 
near-field techniques for spatial resolutions below the 
diffraction limit. 

Complementary approaches to the real-space ima- 
ging just described have also been developed based on 
SH diffraction. In this scheme, periodically modulated 
surfaces are established holographically on a surface 
by utilizing two interfering laser beams. In addition to 
the reflected and transmitted SH beams, additional 
beams are then generated at well-defined angles as 
dictated by the grating period. This approach has been 
used to monitor the relaxation of a monolayer grating 
of adsorbates in time, which yields precise infor- 
mation on the rate of adsorbate surface diffusion. 


Probing Electric Fields at Interfaces 


For centrosymmetric media, the SHG process shows a 
high degree of sensitivity to the presence of electric 
fields. This property follows from the fact that an 
applied electric field can break the inversion sym- 
metry, just as an interface does. The resulting process, 
termed electric-field induced SHG (or EFISH), has 
been known for many years. From a phenomenolo- 
gical standpoint, it can usually be described as a 
nonlinear response of the form P®(2w) = e9x® : 
E(@)E(w)E, where E is the electric field being probed 
and E(q) is the laser pump field. Within the context of 
surfaces and interfaces, there are many circumstances 
where probing such electric fields is of interest and 
importance. The SHG technique provides high 
sensitivity, good spatial resolution, accessibility to 
buried interfaces, and, in the pump-probe implemen- 
tation, extremely high time resolution. In addition, 
with appropriate measurements of the polarization 
dependence and homodyne detection, the full vector 
character of the electric field can be determined. 

The behavior of electric-field induced SHG is similar 
to that arising from the asymmetry of an interface. 
Indeed, it is formally equivalent to the response of an 
interface provided that the electric field is present in (or 
radiates from) a region of less than a wavelength’s 
thickness. The applications of this measurement 
capability are quite diverse, ranging from studies of 
charging and acid/base reactions at liquid/solid inter- 
faces to probing fields in metal-oxide-semiconductor 
structures and Schottky barriers to the measurement 
of freely-propagating terahertz radiation. In Figure 11, 
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Figure 11 Vector map of the electric field in Si-on-sapphire 
substrate as deduced by SHG measurements. A voltage is 
imposed on the rectangular metallic electrodes, which are 
separated by 80 wm. Reproduced with permission from Dadap 
Jl, Shan J, Weling AS, Misewich JA, Nahata A and Heinz TF (1999) 
Measurement of the vector character of electric fields by optical 
second-harmonic generation. Optics Letters 24: 1059-1061. 


SHG with appropriate polarization control and 
homodyne detection scheme has been applied to the 
measurement of the vector character of electric fields 
present in a dc-biased dipole structure on silicon. By 
spatially scanning the laser beam, a two-dimensional 
electric field map can be produced. In a pump/probe 
scheme, the same measurements can be made with 
femtosecond time resolution. 


Probing Magnetization at Interfaces 


In contrast to the application of an external electric 
field (a polar vector), the presence of an external 
magnetic field (an axial vector) does not break the 
inversion symmetry of a material. Thus, SHG retains 
its interface selectivity for magnetic effects. SHG 
measurements, as an interface-specific probe, thus 
provide an excellent complement to the linear 
magneto-optical Kerr effect (MOKE), which is 
sensitive to magnetic effects within the penetration 
depth of the light. 

The ability of the SHG technique to sense the 
magnetization at a surface is illustrated in Figure 12 
for a film of epitaxially-grown magnetic Co on 
nonmagnetic substrate Cu. A hysteresis loop of the 
magnetization versus the strength of an applied 
magnetic field is shown, where the magnetization is 
gauged from the SHG response. Through measure- 
ments of the response as a function of the thickness of 
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Figure 12 SH response of a Co film on a Cu(001) substrate as 
a function of the applied magnetic field. A hysteresis loop 
corresponding to the surface response is observed. Reproduced 
with permission from Wierenga HA, de Jong W, Prins MWJ et al. 
(1995) Interface magnetism and possible quantum-well oscil- 
lations in ultrathin Co/Cu films observed by magnetization 
induced second harmonic generation. Physical Review Letters 
74: 1462-1465. 


the magnetic film, the researchers demonstrated that 
the SH response reflected the interface properties, 
rather than those of the bulk film. 


Probing Micro- and Nanoscale Structures 


In addition to the microscopy studies described above 
that probe spatially inhomogeneous surfaces, there 
has been considerable interest in SHG from a variety 
of strongly textured surfaces and small particles. 
From the standpoint of the optical response of 
materials, particular interest has been attached to 
studies of metallic surfaces with surface roughness. 
For appropriate roughness of low-loss materials, such 
as silver, very significant local-field enhancements can 
be achieved. Since these field enhancements enter into 
the strength of the SH emission nonlinearly, overall 
enhancements in the SH power by several orders of 
magnitude have been demonstrated. This provides 
both a useful method of study of such surface 


enhancement effects and a scheme for amplifying 
the relatively weak surface nonlinear response. 

Beyond these problems associated with roughened 
surfaces, considerable attention has recently been 
directed towards the application of the SHG tech- 
nique for probing micro- and nano-scale particles. 
The fundamental principle of the interface selectivity 
of the SHG process for such systems comprised of 
centrosymmetric materials remains unaltered. The 
interaction of these particles with the radiation fields 
is, however, significantly modified. For the case of 
particles with dimensions of several optical wave- 
lengths, the overall SHG signal strength may be 
comparable to that from a corresponding area of a 
planar surface. The radiation pattern will, of course, 
be strongly modified and will generally be diffuse in 
character. While this makes detection (and back- 
ground discrimination) somewhat more difficult than 
for the planar geometry, many SHG measurements of 
surface and interface properties have been carried out 
in this regime. As the particle size becomes progress- 
ively smaller, particles with overall inversion sym- 
metry begin to exhibit appreciable cancellation of the 
SH emission. Indeed, in the limit of vanishing size, full 
cancellation is expected. This tendency is, however, 
offset by the increasing surface-to-bulk ratio and the 
possibility of increasing the number of particles 
probed. It has been demonstrated experimentally 
that the surfaces of particles in the nanometer length 
scale can indeed be probed by SHG. 

From the point of view of applications, this 
extension of the SHG technique to probe micro- 
and nano-structured materials opens up a rich variety 
of new possibilities. Results have been reported on 
metal and semiconductor nanoparticles in suspen- 
sion, as well as on colloids of minerals. In addition, 
liquid droplets have been investigated. Self-assem- 
bling structures such as liposomes and vesicles have 
been examined. For these structures, many of the 
same capabilities of SHG as demonstrated for the 
planar geometry, such as probing of adsorption and 
charging effects, have been demonstrated. More 
uniquely, molecular transport through the liposome 
membrane could also be observed and characterized. 
The possibility of extension of these measurements to 
biological systems is of obvious interest and promise. 


Concluding Remarks 


In this article, we provided a brief review of surface 
SHG as a technique for interface-specific probing of 
materials. In addition to discussing some of the 
fundamental ideas underlying the method, we out- 
lined the wide variety of information that may be 
obtained from such measurements, ranging from 
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surface symmetry and molecular ordering to interface 
spectroscopy and ultrafast dynamics. While several 
aspects of the method have now become quite well 
established, developments in widely available mod- 
elocked lasers with excellent performance character- 
istics have greatly enhanced the ease of making 
surface SHG measurements in a wide class of material 
systems. In addition, new developments and appli- 
cations of the method have continued to emerge 
apace. Of particular note in this regard are appli- 
cations to probe electric fields and magnetization at 
interfaces, as well as advances in the use of the 
method for interface-specific probing of micro- and 
nanoscale structures. The sharp increase in appli- 
cations of SHG for probing systems of biological 
importance constitutes another important develop- 
ment, and one with much promise for the future. 
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or single-enzyme properties, reactions or interactions 
with their environment. Such pictures and the 
numbers associated with them, however, were, 
until recently, extrapolated from measurements 
performed on large ensembles of molecules, which 
only yield quantities averaged out over time, space, 
conformations and/or the local environment. 
Advances in detector sensitivity and improvements 
in instrument design do now provide scientists 
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with tools to probe single molecules with light, 
and monitor their photophysical properties with 
exquisite sensitivity and time resolution. This 
spectroscopic information is used to explore the 
molecular structure, conformational dynamics, 
local environment, and intermolecular interactions. 
The collected data generate a wealth of new 
information on single-molecule physical chemistry 
or biomechanics, but also in polymer gel physics 
or glass dynamics and other domains of solid 
state physics. 

This article reviews the field of single-molecule 
spectroscopy. First, the principles underlying single- 
molecule spectroscopy approaches are introduced, 
and this is followed by a discussion of the different 
spectroscopic techniques available to the experimen- 
talist and what kind of information can be extracted 
with each of them. It also discusses important 
photophysical properties of molecules that influence 
the outcome of single-molecule spectroscopic 
measurements. The next section presents some 
applications of these techniques, focusing on 
physical properties of materials and biological 
applications of single-molecule spectroscopy. The 
last part briefly reviews recent developments and 
outlines the future prospects of single-molecule 
spectroscopy. 


Principles of Single-Molecule 
Spectroscopy 


Motivation 


Measurements performed on ensembles of molecules 
only yield averaged-out information. This averaging 
process is of several kinds: average over molecular 
heterogeneity (e.g., chemical composition, oxidation 
state, or spatial conformation) and average over 
different or changing local environments. Moreover, 
dynamic processes studied by ensemble measure- 
ments cannot sort out molecules exhibiting fast or 
slow reaction times, although such differences are 
expected from the stochastic nature of any chemical 
kinetics. The interest in single-molecule analysis is 
for these reasons manifold. At low temperature, 
being able to study a single molecule and _ its 
evolution under the influence of various external 
parameters allows for precise tests of molecular 
quantum electrodynamics. At higher temperature, it 
gives access to the temporal evolution of different 
nanodomains of a bulk material in which single 
molecules are embedded as reporters of their 
environment. In biology and biochemistry, the 
building blocks of any process are individual 
molecules (genes, enzymes, motors, filaments, etc.); 


the ability to fully understand their kinetic behavior 
at the single-molecule level is thus of utmost 
importance. Finally, reliable observation of single 
molecules is a prerequisite of the full development of 
nanotechnology and quantum computing. 


Historical Outlook 


Single-molecule experiments were first performed on 
isolated ion channels by the patch clamp technique, 
which allows the recording of single-ion translocation 
through a pore-like protein embedded in a fluid 
membrane. Scanning tunneling and atomic force 
microscope observations later opened the way to 
investigations of nanometer-scale objects on surfaces. 
Only recently have optical methods reached the 
sensitivity required to detect, image, manipulate, 
and follow the spectroscopic evolution of single 
molecules on surfaces, in solids, liquids, and 
biological membranes as well as inside live cells. 

Single-molecule spectroscopy (SMS) was initially 
demonstrated in a system of pentacene molecules 
embedded in a p-terphenyl host crystal at liquid 
helium temperature. Absorption (leading to fluor- 
escence excitation) spectroscopy in this system 
takes advantage of the very narrow zero-phonon 
absorption line (ZPL) of the rigid pentacene 
molecule (Figure 1). The position in laser-frequency 
space of each molecule’s ZPL indeed depends on 
the local fields, allowing for precise molecular 
selectivity. However this approach is limited to a 
few molecule-host pairs and requires cryogenic 
techniques, due to broadening of the ZPL 
above 10K. 

Room temperature studies started with total 
internal reflection (TIR) microscopy and standard 
flow-cytometry methods in the mid-1980s. In the 
latter case, single molecules randomly passing 
through the excitation volume gave rise to sudden 
bursts of photons emitted during their brief transit. 
Initially developed for rapid DNA sequencing, this 
simple approach is now widely used for more 
sophisticated studies in its confocal version 
(Figure 2), which will be detailed in the following. 

The first image of a single molecule at room 
temperature was later obtained using scanning near- 
field optical microscopy (Figure 3), rapidly followed 
by similar achievements using far-field confocal 
microscopy, at the expense of a lower spatial 
resolution, but with much more ease of use. TIR 
and wide-field fluorescence imaging are now used to 
image and study the two-dimensional and three- 
dimensional diffusion trajectories of single fluor- 
escent molecules (Figure 4), making a come-back 
after the pioneering studies of the early 1980s. 
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Figure 1 Fluorescence excitation spectra of pentacene in 
p-terphenyl at 1.5K. (a) Schematic of the cryogenic setup 
used. A laser beam is focused onto the sample through a 
lens into the cryogenic chamber. The sample can be moved in 
the XY plane, with a magnet and coil pair. A beam block 
rejects the incident laser light (black arrow). A paraboloidal 
mirror collects the emitted fluorescence (dashed arrows) and 
redirects it towards the detector (photomultiplier tube). The 
laser frequency (linewidth 3MHz) is tuned around the 
absorption line center at 592.321 nm. (b) Broad scan showing 
the inhomogeneously broadened line shape of pentacene 
molecules embedded in a p-terphenyl crystal at 1.5K. The 
sharp lines correspond to spectra of individual molecules (see 
panel c) (cps: counts per second). (c) Detail of the previous 
spectrum showing spectra of several individual molecules. 


Requirements for Single-Molecule Sensitivity 


Observing single molecules may be as easy as finding a 
needle in a haystack if background, signal and noise 
are not carefully optimized. Simple considerations 
illustrated in Figure 5a help measure the technical 
challenge bearing on single-molecule optical detec- 
tion. Whatever the type of detected signal (fluores- 
cence, Raman scattering, or others), it is characterized 
by an absorption cross-section o (probability of 
photon absorption) and a quantum yield O (number 
of emitted photons per absorbed photon). The optical 
setup transmits an excitation power P at a frequency », 
resulting in a signal rate s = EOoP/(Ahv) expressed in 
counts per second (or Hz). This rate is proportional to 
P/Awhere A is the cross-section of the excitation beam 
in the plane of the molecule. E is the collection 
efficiency of the setup. The environment adds a 
background rate b per unit volume and unit power, 
and the detector contributes a dark count rate D. 
Neglecting noise from the readout electronics, a 
measurement of duration 7 will yield the following 
signal-to-noise ratio (SNR): 
ST 


SNR = [1] 


V(s + bVP + D)t 


where V is the excited volume. The denominator 
is the root mean square of all contributions to 
the measured count rate, considered shot-noise 
limited. The SNR obviously increases at larger inte- 
gration time 7. Another important quantity is the 
signal-to-background ratio (SBR): 


EQo 
bVAhy 2] 





SBR = 


These ratios can be increased by improving the 
collection efficiency E or decreasing the excitation 
volume V. A larger excitation power or a longer 
integration time will improve the SNR without 
affecting the SBR. Typical values for the above 





The variability of intensities is due to the different positions of 
the molecule in the excitation beam. (d) Individual molecule 
spectrum obtained at lower excitation power exhibiting a 
Lorentzian shape (solid line) centered at 592.407nm with a 
lifetime-limited width of 7.8MHz (intensity is measured in 
counts-per-second for all three spectra). (a): adapted from 
Ambrose WP, Basché T and Moerner WE (1991) Detection 
and spectroscopy of single pentacene molecules in a p- 
terphenyl crystal by means of fluorescence excitation. Journal 
of Chemical Physics 95: 7150-7163. (b)—(d): after Moerner 
WE (1994) Examined nanoenvironments in solids on the scale 
of a single, isolated impurity molecule. Science 265: 46-53. 
Copyright 1994, The American Association for the Advance- 
ment of Science. 
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Figure 2 Single-molecule fluorescence burst detection. (a) Schematic of the confocal setup used for single-molecule fluorescence 
detection. A collimated laser beam is focused through a high numerical aperture (NA) objective in a liquid cell. Molecules diffusing 
through the diffraction-limited excitation volume (~ 1 fl) emit photons during their passage, which are collected by the same objective. A 
dichroic mirror (D1) separates excitation and emission wavelengths. The emitted light is focused on a pinhole (ph) in order to reject out- 
of-focus background light, and finally recollimated onto two different avalanche photodiodes (APDs) after spectral separation by a 
dichroic mirror (D2). Filters specific for each channel (Fa: acceptor channel, Fy: donor channel) may be used to improve spectral 
separation. (b) 5 s time trace of recorded bursts for a 30 pM solution of doubly labeled DNA in 20 mM sodium phosphate buffer. The DNA 
constructs are used for distance measurement (detailed in Figure 9) and have a TMR fluorophore attached to one end of the DNA 
molecule and a CY5 fluorophore attached to the nth base from the end. The time traces correspond to n= 12. Gray: TMR fluorescence 
(donor); black: CY5 fluorescence (acceptor). The laser excitation (0.6 mW, 514 nm) is focused 10 jm within the solution through an oil 
immersion objective (numerical aperture: 1.4). For each detected photon, the APD generates a pulse, which is recorded by a computer- 
embedded acquisition board. Counting these events into 200 ys bins, the resulting time trace exhibits distinct bursts distributed 
randomly in time, with duration and amplitude corresponding to a Brownian diffusion of individual molecules through the excitation 
volume. (b): is adapted from Deniz AA, Dahan M, Grunwell JR, et a/. (1999) Single-pair fluorescence resonance energy transfer on 
freely diffusing molecules: Observation of Forster distance dependence and subpopulations. Proceedings of the National Academy 
Sciences USA 96: 3670-3675. Copyright 1999, The National Academy of Sciences. 


wu G} 





(a) 100 nm (b) (c) tum 


Figure 3 Scanning near-field imaging of single molecules at room temperature. (a) Schematic of a scanning near-field optical 
microscope setup used for single-molecule imaging. An aluminum-coated tapered optical fiber (raster-scanned at nanometer distance 
from the sample) serves as a waveguide for laser excitation. Shear-force feedback keeps the tip at a constant distance from the sample, 
resulting in a signal used for nanometer-resolution topographic reconstruction of the scanned area. The excitation volume and the 
corresponding local evanescent electric field are detailed in the expanded view. Fluorescence light emitted by individual molecules 
is collected by an oil immersion, high NA objective and recorded by an avalanche photodiode. (b) 4x 4m? area of a 
polymethylmethacrylate (PMMA) coated coverslip on which a diluted methanol solution of a lipophilic carbocyanine dye, dilC;2, has 
been deposited. Scanning was performed with randomly polarized light. (c) Orientation of the corresponding individual emitting dipole 
determined by modeling the field distribution (expanded view in a), simulation of the absorption intensity with polarized excitation 
and comparison with data obtained at two different excitation polarizations. (a): Adapted and (b), (c) reprinted with permission from 
Betzig E and Chichester RJ (1993) Single molecules observed by near-field scanning optical microscopy. Science 262: 1422-1425. 
Copyright the American Association for the Advancement of Science. 
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ELECTROLYTIC and TANTALUM CAPACITORS 

Electrolytics and Tantalums are the same for testing purposes but their performance 
is slightly different in some circuits. A tantalum is smaller for the same rating as an 
electrolytic and has a better ability at delivering a current. They are available up to 
about 1,000u, at about 50v but their cost is much higher than an electrolytic. 


Electrolytics are available in 1u, 2u2 3u3 4u7 10u, 22u, 47u, 100u, 220u, 330u, 
470u, 1,000u, 2,200u, 3,300u, 4,700u, 10,000u and higher. 

The "voltage" or "working voltage" can be: 3.3v, 10v, 16v, 25v, 63v, 100v, 200v and 
higher. 

There is also another important factor that is rarely covered in text books. It is 
RIPPLE FACTOR. 

This is the amount of current that can enter and leave an electrolytic. This current 
heats up the electrolytic and that is why some electrolytics are much larger than 
others, even though the capacitance and voltage-ratings are the same. 

If you replace an electrolytic with a "miniature" version, it will heat up and have a 
very short life. This is especially important in power supplies where current (energy) 
is constantly entering and exiting the electrolytic as its main purpose is to provide a 
smooth output from a set of diodes that delivers "pulsing DC." (see "Power Diodes") 
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Figure 4 Single molecule diffusion in two dimensions. (a) 
6.8 X 6.8 ym? images of fluorescently labeled lipids (tetramethyl- 
rhodamineinthiocarbamoyl, linked to 1,2-dihexadecanoyl- 
sn-glycero-3-phospho-ethanolamine, DHPE) in a lipid double 
layer membrane (palmitoyloleoylphosphocholine, POPC) at 
different concentration. From left to right: 10° dyes/m?, 10 
dyes/um?, 10 2 dyes/um?. Each image was obtained with an 
epifluorescence microscope, illuminated by a defocused 514 nm 
Ar laser line (~60 kW/cm?), and 5 ms integration on a nitrogen 
cooled CCD camera. Color scale: blue=0, d= 60 counts). 
Image intensity at 10° dyes/um? was divided by 60. (b) 
Sequence of three 5.4 x 5.4 4m? images of two labeled lipids 
observed at 105 ms intervals (actual acquisition rate was one 
frame every 35 ms, integration time: 5 ms). (c) Subregion of a 
2.4 x 2.4 4m? membrane area showing the peak marked by a 
star in B. The nonlinear least-square fit of a two-dimensional 
Gaussian profile to the peak yields values of the fluorescence 
intensity /= 168 + 25 counts, width r= 480 + 80nm and two- 
dimensional position with 40nm resolution. Adapted from 
Schmidt T, Schutz GJ, Baumgartner W, et al. (1996) Imaging 
of single molecule diffusion. Proceedings of the National 
Academy of Sciences USA 93: 2926-2929. Copyright 1996, 
The Academy of Sciences. 


parameters in the case of a confocal microscopy study 
of freely diffusing fluorescein isothiocyanate (FITC) in 
water, using avalanche photodiode detectors (APD) 
are ES AY *; OS O85, c= 2x0 “car, 
A=0.1um?, A=c/v=525nm, bV= 10 Hz/pW, 
D = 100 Hz. With an excitation power of 100 pW 
and a 1ms integration time, a count rate of 629 


counts/ms can be obtained, of which 1 comes from the 
background sources, leading to a SNR ~25 and SBR 
~629. Although these are acceptable figures, they 
have to be balanced by the fact that single molecules 
have a finite lifespan. Single molecules in an oxygen- 
rich environment typically emit on the order of 10° 
photons before irreversible degradation (photo- 
bleaching). With the above parameters, this amounts 
to a total emission of ~3.2 ms. This is enough to 
observe freely diffusing molecules during their transit 
time of a few hundred microseconds. For a fixed 
molecule, however, it sets a stringent limit on the total 
duration of a single-molecule observation, and all 
efforts are put on reducing the excitation volume and 
intensity, as well as background sources. Similar 
considerations hold on the detector side, where a 
trade-off has to be found between time-resolution and 
quantum efficiency. 

In addition to SNR and SBR issues, care has to be 
taken to ensure that the collected signal originates 
from a single molecule. Two different strategies can 
be envisioned: 


(i) work at low concentration, such that at most one 
molecule is present in the excitation volume 
(Figure 5b), or equivalently, minimize the 
excitation volume; 

(ii) use a selective excitation or emission detection 
protocol, such that only one molecule is excited or 
detected within the sampled volume (Figure Sc). 


The first case has already been illustrated in 
Figure 2, in which a solution of fluorophores at low 
concentration yields separate bursts corresponding 
most of the time to transits of individual molecules. 
The second strategy can be adopted for the example 
illustrated in Figure 1, in which the ZPL of individual 
molecules lying in the wings of the ensemble spectrum 
are well separated. Tuning the laser to the peak 
absorption frequency of a molecule will excite this 
molecule only, allowing for a separate study of this 
molecule. 

In summary, a set of six criteria can be defined 
for SMS: 


1. The observed density of emitter is compatible with 
the known concentration of individual molecules 
and scales with the original concentration. 

2. The observed intensity level is consistent with that 
of a single emitting molecule. 

3. Each immobilized emitter has a well-defined 
absorption or emission dipole (for organic dyes 
usually linear, but for other emitters such as a 
fluorescent semiconductor nanocrystal, possibly 
circular). 
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Figure 5 Signal, background and noise issues in single- 
molecule detection. (a) In a single-molecule spectroscopic 
experiment, excitation light (power P, frequency v) is focused on 
the sample through an optical element O, (objective lens, fiber 
tip), exciting a diffraction-limited volume of section A, represented 
by an ellipsoid in the expanded view. The absorption process is 
characterized by an absorption cross-section o and the emission 
by a quantum yield Q. The background contribution per watt of 
incident power is B, whereas the detector will have a dark count 
rate D. The signal is collected by an optical element Oz (possibly 
confounded with 01), and further guided to the detector, with an 
overall efficiency E. (b) The signal of a single molecule can be 
separated from that of other molecules if the probability of 
finding two or more molecules in the probed volume is 
negligible. This can be obtained either by a low concentration, 
or by reducing the excitation volume. (c) If each molecule in the 
excited volume can be characterized by a different spectral 
property (which may or may not depend on its exact environment), 
it is possible to use very selective excitation or detection 
techniques to probe just one molecule in the sampled volume 
(the black sphere in the ellipsoid). 


4. Fluorescence emission exhibits only two levels 
(on/off) exemplified in blinking or photobleaching. 

5. If there are more emission levels due to spectral 
jumps (see the section on fluorescence), blinking 
and spectral jumps are correlated. 


6. Antibunching of the emitted photons permits us 
to test whether the detected signal comes from a 
single quantum emitter or more (see the section on 
biological studies below). 


Types of Spectroscopy 


Fluorophores 


A variety of fluorescence emitters (or fluorophores) 
have been investigated with single-molecule spec- 
troscopy techniques. Fluorescent organic molecules, 
green fluorescent proteins (GFP) and _ other 
biological fluorescent proteins, conjugated polymers 
(J-aggregates), light-harvesting complexes (e.g., 
B-phycoerythrin) comprising several fluorophores 
acting effectively as a single quantum emitter, or 
semiconductor nanocrystals, are but a few examples 
of systems which have been extensively studied. 
Each of these systems exhibits fluorescence based on 
specific processes, which cannot be described in detail 
here. A simple picture valid for single fluorescent dyes 
will be presented instead. It captures, however, the 
essential ingredients needed to describe the different 
parameters accessible with single-molecule 
spectroscopy. 


Fluorescence Emission 


Most single-molecule experiments use one-photon 
fluorescence excitation because of its relatively 
large cross-section (~10° '° cm?). It also allows for 
a simple rejection of the excitation light: the 
emitted photons have a lower energy because of 
losses in intramolecular relaxation processes (the 
so-called Stokes shift). Excitation and emission 
processes are conveniently represented by a 
Jablonski diagram (Figure 6a) depicting the initial, 
final, and intermediate electronic and _ vibra- 
tional states of the molecule. Upon excitation to 
the first excited state, the molecule has a certain 
probability to be shelved in a nonemitting 
triplet state for up to milliseconds, resulting in 
‘dark’ or off-states (Figure 6b,c). This results in a 
saturation of the emitted count rate R (Figure 6d) 
according to: 
WI, 

R= Re 3] 
where the saturation intensity I, ~ 10-100 kW/ 
cm? and R, ~ 1-20 MHz for typical fluorophores. 
Incidentally, this puts a limit in SNR enhance- 
ment due to saturation of the emitted signal 
(triplet bottleneck). Other fluorescence emitting 
‘single molecules’ like semiconductor nanocrystals 
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exhibit similar dark state intervals, although for and emission maxima due to the changing 
different reasons (Auger ionization or surface environment of the molecule, or a sudden confor- 
trapping of carriers). Finally, spectral jumps are mational change. The corresponding changes in 
also observed at room temperature (Figure 6e). excitation and emission spectra are noticed 
This phenomenon results in a shift of absorption by sudden fluctuations in the emitted intensity 
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Figure 6 Single-molecule fluorescence. (a) Jablonski diagram for fluorescence (at room temperature). Upon absorption of a photon of 
energy hv, close to the resonance energy Es, — Es,, a molecule in a vibronic sublevel of the ground singlet state Sp is promoted to a 
vibronic sublevel of the lowest excited singlet state S;. Nonradiative, fast relaxation brings the molecule down to the lowest sublevel in 
picoseconds. Emission of a photon of energy hv, < hv, (radiative rate k,) can take place within nanoseconds and bring the molecule 
back to one of the vibronic sublevels of the ground state. Alternatively, collisional quenching may bring the molecule back to its ground 
state without photon emission (nonradiative rate k,,). A third type of process present in organic dye molecules is intersystem crossing to 
the first excited triplet state 7, (rate kigc). Relaxation from this excited state back to the ground state is spin-forbidden and thus the 
lifetime of this state is in the order of microseconds to milliseconds. Relaxation to the ground state takes place either by photon emission 
(phosphorescence) or nonradiative relaxation. The fluorescence lifetime is defined by r= 1/T = (k, + kn) '. (b) Fluorescence time 
trace (40 ms excerpt) of a Texas Red (TR) molecule attached to a 20-nucleotides-long single-stranded DNA molecule immobilized on a 
silanized glass coverslip. The confocal setup is similar to that depicted in Figure 2. Excitation: 514 nm, circularly polarized, 6 kW cm~?, 
binning: 200 js. On- and off-states (the latter corresponding to the molecule being in the triplet state) alternate stochastically. (c) 
Histograms of on-state count (left) and off-state duration (right) for the time trace partly shown in (b). The decay parameters of the 
exponential fits (solid line) are indicated. to = 1.2 ms is the triplet state lifetime. No.) = kigsc = 1.7%. (d) Intensity dependence of the 
emission rate of a single Texas Red molecule. The data departs from a linear dependence because of saturation due to intersystem 
crossing. The fitted curve yields a saturation rate of Rg = 6.5 MHz and a triplet lifetime t= (Kisc Re)" = 10 ps. The difference 
between this value and the value obtained in (c) illustrates the heterogeneity uncovered by single-molecule measurements. (e) Spectral 
jumps of a single Texas Red molecule attached to a single-stranded DNA molecule. ds: dark state, sj: spectral jump, no sj: dark state not 
followed by a spectral jump. Cases where spectral jumps are observed without noticeable dark states may still correspond to dark states 
with durations shorter than the time resolution of the experiment. (b)—(d) Adapted from Ha T, Enderle T, Chemla DS, et al. (1997) 
Quantum jumps of single molecules at room temperature. Chemical Physics Letters 271: 1-5. Copyright 1997, Elsevier Science B. V. 
(e) Adapted from Ha T, Enderle T, Chemla DS and Weiss S (1996) Dual-molecule spectroscopy: molecular rules for the study of 
biological macromolecules. [EEE Journal of Selected Topics in Quantum Electronics 2: 1115-1127. Copyright 1996 IEEE. 
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(due to wavelength dependence of the absorption 
cross-section). 


Fluorescence Lifetime 


A fluorescence photon is emitted within nanoseconds 
after absorption of the excitation photon. The decay 
law is usually mono-exponential, characterized by a 
lifetime t=I~! (Figure 6a). However, the lifetime 
depends on the emission spectrum (which can change 
due to spectral shifts) and the local environment. For 
instance, the proximity to a dielectric or metallic 
surface markedly changes it via perturbations of 
the intramolecular transition matrix elements. Thus, 
fluorescence lifetime is a sensitive probe of the 
environment of the molecule (Figure 7). Lifetime 
measurements require a pulsed laser source and time- 
correlated single-photon detection and analysis 
techniques. 


Fluorescence Polarization 


The efficiency of photon absorption by a fluorescent 
molecule is proportional to (E-)” where E represents 
the local electric field and yx the molecule’s absorption 
dipole moment. For a fixed fluorophore, modulation 
of the excitation polarization thus allows the deter- 
mination of the absorption dipole orientation (the 
emission dipole being generally nearly parallel to it). 
This information in turn allows the determination of 
the spatial orientation of the molecule. For a mobile 
molecule, however, more information is needed, since 
the emission dipole has time to tumble significantly 
during the few nanoseconds between absorption and 
emission. The emission polarization is needed to fully 
recover the relevant information, as illustrated in 
Figure 8. Different experimental schemes can be used, 
besides the near-field optical one described in Figure 3 
and the confocal one described in Figure 8. 
In particular, it is important to recover the projection 
of the polarization on more than two orthogonal axes. 
Approaches taking advantage of aberrations induced 
by index mismatch in high numerical aperture (NA) 
objectives, or using TIR excitation with alternating 
polarizations, or using amplitude or phase masks, 
allow a complete determination of this orientation. 


Fluorescence Resonance Energy Transfer 


A special case of the local influence of the environ- 
ment on fluorescence is encountered in fluorescence 
resonance energy transfer (FRET, see Figure 9a), first 
theoretically explained by Forster in the late 1940s. In 
case of the presence of a nearby molecule (acceptor) 
having an absorption spectrum overlapping that 
of the donor emission, there is a possibility that 


the energy absorbed by the donor is transferred 
nonradiatively to the acceptor. The efficiency E of this 
transfer is given by: 


6\71 
E=(14+(— [4] 
Ro 
where r is the distance between the two emitting 
centers and Rg is the Forster radius (in A): 


Ry = a(n *OpJa))'” [5] 


In this complex expression, a = 9.78 X 10°, 1 is the 
medium refractive index, Op the donor fluorescence 
quantum yield in the absence of the acceptor and J(A) 
is a spectral overlap integral (in M~' cm®). K* is a 
geometric factor, which averages out to 2/3 in the case 
of freely rotating dyes. A typical order of magnitude 
for Ro is a few nanometers, which gives the range 
of the energy transfer. FRET is thus very sensitive 
to the donor-acceptor distance, which makes it a 
useful molecular ruler. Experimentally, the efficiency 
is measured as a function of the recorded donor 
(Fp) and acceptor (Fa) emissions (dual-channel 
measurement) via: 





Fp Oa ) [6] 


E={1+a 
(eR SS 


where Oa and Op are the fluorescence quantum 
efficiencies of the donor and acceptor, respectively, 
and a is the ratio of the acceptor and donor channel 
detection efficiencies. An illustration of this utiliz- 
ation is given in Figure 9b—d, where different 
predefined distances between donors and acceptors 
are set by rigid double-stranded DNA molecules. The 
corresponding donor-acceptor distances are readily 
measured on diffusing molecules, with subnanometer 
precision. 

Alternatively, the transfer efficiency can be 
measured via the fluorescence lifetimes as: 


TD(A 
_DA) [7] 
TD(0) 


E=1- 


where 7Tpia) and tpyo) are the donor lifetimes in the 
presence or absence of an acceptor, respectively. 


Other Spectroscopies 


Other types of spectroscopic techniques can be used 
at the single-molecule level. Fluorescence can for 
instance be excited via a two-photon absorption 
process, whereby a laser excitation with half the 
photon energy needed to attain the excited state 
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Figure 7 Lifetime measurements. (a) Schematic of a lifetime measurement setup. BS: beamsplitter used to deflect part of the incident 
pulse towards a fast photodiode (FPD); DBS: dichroic beam splitter used to spectrally separate incident from emitted light; BP: 
bandpass filter further rejecting stray light; APD: avalanche photodiode. For each detected photon, the APD emits a pulse, which is fed 
to the start input of a time-to-amplitude converter (TAC). A stop pulse from the laser immediately follows it (regularly emitted at a rate of 
7. '), allowing the measurement of the separation between both pulses. A multichannel analyzer (MCA) histograms the arrival times, 
resulting in the curves shown in the right part of Figure 2b—d. (b) and (c) Fluorescence images (left panels), corresponding spectra 
(middle), and fluorescence decays (right) for two molecules located at a PMMA~air interface. The peak emission wavelength Ap, was 
560 nm in (b) and 578 nm in (c). Lifetimes were fitted to a single exponential (dotted curves), with decay times of 7 = 2.56 ns (b) and 
3.20 ns (c). A ensemble measurement of spectrum and fluorescence decay averaged over several hundred of molecules is shown in (d). 
The ensemble values are A, = 565 nm and 7 = 2.70 ns. (b)—(d): Adapted from Macklin JJ, Trautman JK, Harris TD and Brus LE (1996) 
Imaging and time-resolved spectroscopy of single molecules at an interface. Science 272: 255-258. Copyright 1996, The American 
Association for the Advancement of Science. 


is used. However, due to the very low cross-section is needed. In compensation, excitation takes place in 


and quadratic dependence in the incident energy 
(two simultaneous photons are needed for exci- 
tation), an excitation power several orders of 
magnitude larger than that for one-photon excitation 


a much more reduced volume of the sample, reducing 
the out-of-focus background contribution. The 
higher power required increases the probability of 
photobleaching due to the increased probability of 
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Figure 8 Polarization Measurements. (a) Experiment schematic. E is the electric field, making an angle 6 with the p polarization axis. 
The excitation propagates along the z axis, which is also the collection axis. 14 and pe are the absorption and emission dipole moments, 
initially aligned. v represents the rotational diffusion of the emission dipole during the excited lifetime. The dipole is supposed to be 
confined in a cone positioned at an angle ¢o projected on the (s, p) plane, and having a half-angle Admax. A polarizing beam-splitter 
(PBS) splits the collected emission into two signals /, and /,, which are simultaneously recorded by APDs. (b) Simultaneously recorded 
I, (black) and |, (gray) of a molecule rapidly rotating in a liquid. (c) Same data as in (b), but averaged over 11 on-periods. The fit 
corresponds to a Ad¢dmax close to 90° (freely rotating molecule) and permits the determination of the constrained rotational diffusion 
parameters. Adapted from Ha T, Glass J, Enderle T, et al. (1998) Hindered rotational diffusion and rotational jumps of single molecules. 
Physical Review Letters 80: 2093-2096. Copyright 1998, The American Physical Society. 
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Figure 9 Single pair fluorescence resonance energy transfer. (a) Jablonski diagram for FRET. Fluorescence energy transfer involves 
two molecules: a donor D and an acceptor A whose absorption spectrum overlaps the emission spectrum of the donor. Excitation of the 
acceptor to the lowest singlet excited state is a process identical to that previously described for single-molecule fluorescence 
(Figure 6a). In the presence (within a few nm) of a nearby acceptor molecule, donor fluorescence emission is largely prevented by 
energy transfer to the acceptor by dipole—dipole interaction. The donor exhibits fluorescent emission following the rules outlined in 
Figure 6a. (b) DNA nconstructs used for the FRET distance study. Tetramethylrhodamine (TMR) is attached to one end of the DNA and 
CY5 is attached to the nth base from the end (n= 7, 12, 14, 16, 19, 24 and 27). (c) FRET histograms extracted from time traces for 
DNAs 7, 12, and 19, as shown in Figure 2b. Double Gaussian fits extract numbers for the mean (width) of the higher efficiency peak of 
0.95 + 0.05, 0.75 + 0.13, and 0.38 + 0.21, respectively. The peak around 0 efficiency corresponds to bleached or inactive acceptor 
molecules. (d) Mean FRET efficiencies extracted from FRET histograms plotted as a function of distance for DNA 7, 12, 14, 16, 19, 24, 
and 27. Distances are calculated using the known B-DNA double helix structure. The solid line corresponds to the expected Férster 
transfer curve with Ro = 65 A. (b)—(c) Adapted from Deniz AA, Dahan M, Grunwell JR, et a/. (1999) Single-pair fluorescence resonance 
energy transfer on freely diffusing, molecules: Observation of Forster distance dependence and subpopulations. Proceedings of the 
National Academy of Sciences USA 96: 3670-3675. Copyright 1999, The National Academy of Sciences. 
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photochemical degradation in the long-lived triplet 
state and the interplay of multiphoton ionization 
processes. 

Although Raman scattering cross-sections 
(~10~°° cm?) are orders of magnitude lower than 
the fluorescence cross-section, they can be enor- 
mously amplified if the single molecule is trapped in 
a ‘hot spot’ of a metallic nanoparticle, giving rise to 
surface-enhanced Raman scattering (SERS). Highly 
resolved vibrational information can be recovered, 
exhibiting much more stable emission than fluor- 
escence. Moreover, this technique can be applied to 
nonfluorescent molecules. Similarly to fluorescence, 
the technique can be extended to nonlinear (two- 
photon) regimes, as in surface-enhanced hyper- 
Raman scattering and surface-enhanced anti-Stokes 
Raman scattering. However, since they require the 
single molecule to be located on rare sites of a metallic 
particle, these methods have only been applied to 
fundamental chemical studies of molecular species. 

Finally, extending the range of the FRET ‘molecular 
ruler’, electron transfer allows measuring distances 
between an electron donor and an acceptor within a 
few angstroms (A), via opening of a nonradiative 
channel for the relaxation of the electron in the excited 
state. Lifetime measurements (t = 1/7 = (k, + Rn,)! 
as defined in Figure 6) yield distance information via 
the electron transfer rate Egy: 


Epr = koe *, [8] 


where 8 ' is of the order of one A and ko of the 
order of 10'° s_' are constants characterizing the 
donor-acceptor pair. 


Applications of Single-Molecule 
Spectroscopy 


Single-molecule spectroscopy has already proven to 
be a useful tool in various domains. The following 
examples are but a few of an expanding number of 
applications of SMS. 


Molecular Physics 


The realization that the fluorescence of a single 
molecule could be detected with a good SNR over 
extended periods of time, especially embedded in a 
crystalline matrix at cryogenic temperature, has led to 
high-resolution experiments aimed at determining 
molecular energy levels and transitions. In particular, 
studies of transitions between sublevels of the triplet 
state by electron spin resonance (ESR) using super- 
imposed radio-frequency pulses have permitted a 
precise test of the quantum description of such 
systems. The dc and ac Stark effect (the shift of a 


transition energy in the presence of a fixed or 
alternating electric field) has also been studied in 
several systems, allowing the symmetry and 
deformations of the molecule to be determined. 
The method has been extended to study the photo- 
physics of luminescent polymers (J-aggregates), 
light-harvesting complexes, green fluorescent pro- 
teins (GFP) or semiconductor nanocrystals, and other 
fundamental systems. 


Material Science Studies 


Single-molecule photophysical properties are extre- 
mely sensitive to their local (nanometer-sized) 
environment (Figure 1). A precise knowledge of 
these properties allows using single molecules as 
sensitive probes of their environment, as illustrated 
by experiments designed to study the local dynamics 
of a polymer matrix at the onset of the glass transition 
(Figure 10). 

Molecules of the organic fluorophore Rhodamine 
6G (R6G) dispersed within a thin (250 nm) 
poly(methacrylate) film were observed at tempera- 
tures slightly above the melting temperature of the 
polymer, using a confocal microscope detecting the 
s and p polarization of the emitted fluorescence 
(Figure 8a). Observations are performed under 
nitrogen atmosphere and at low excitation power 
(20 nW) in order to prevent oxidation, thus allowing 
long (several hours) observation time. Each observed 
R6G molecule exhibits a slow rotational diffusion, 
sometimes accompanied by lateral or transverse 
diffusion on a much longer time-scale (Figure 10a). 
Computation of the autocorrelation function of the 
emission polarization shows a multi-exponential 
decay, pointing to a distribution of time-scales of 
rotational diffusion. A closer look at subwindows of 
the time trace reveals, however, that the decay comes 
closer to mono-exponential behavior at shorter time- 
scales (Figure 10b,c). This study demonstrates that an 
individual molecule probes an increasing number of 
different environments over time. At long time-scales, 
the observable characteristics (such as the autocorre- 
lation function) are similar to those measured on an 
ensemble of molecules, as expected from the ergodi- 
city hypothesis. At short time-scale, the molecule 
reveals the local homogeneous and stable character- 
istic of its nanoenvironment. 


Biophysical and Biological Studies 


SMS has allowed a reassessment of long-standing 
questions in biophysics, biochemistry, and biology, by 
giving scientists the possibility to look at individual 
building blocks of biological processes: DNA, RNA, 
proteins and other biomolecules or biomolecular 
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Figure 10 Polymer dynamics near the glass transition. (a) Fluorescence intensity of a single long-lived Rhodamine 6G molecule in 
poly(methylacrylate) (PMA) at 291 K detected at orthogonal polarizations (gray: s and black: p polarizations). The melting temperature 
of PMA is Tg = 281 K. The time trace integration is 1 s. This time trace shows the anticorrelation of both polarizations, characteristic of 
rotational diffusion of the molecule. Different regimes are observed along the time trace (1—4), which could be due to either a 
modification of the local ‘cage’ in which the molecule rotates, or escape of the molecule to another nearby nano-environment. 
The autocorrelation function of polarization computed over the whole trace (not shown) is well fitted by a model adapted to the 
nonexponential relaxation of polymers, the Kohlrausch—Williams—Watt (KWW) model: 
KWW(2) oc @ 7, 


with t= 88 s, 8 = 0.46. (b) Correlation functions of subsets 1—4 of the full trace. 1 (squares): r= 15s, B= 1.0. 2 (triangles): 7= 112 s, 
B= 0.77. 3 (open circles): r= 90s, 8 = 0.59. 4 (diamonds): 7= 64s, B=0.59. The B exponent is closer to 1, showing that the 
rotational diffusion is an unhindered one at short time-scales, converging to the bulk exponent at larger time-scale due to ergodicity. This 
experiment illustrates changes of environment as the observed molecule diffuses and rotates through the polymer mesh, changes that 
are hidden in ensemble measurements. (c) Values of 8 as a function of photochemical survival time in PMA at Tg + 5 K. Adapted from 
Deschenes L and Vanden Bout DA (2001) Single-molecule studies of heterogeneous dynamics in polymer melts near the glass 
transition. Science 292: 255-258. Copyright 2001, The American Association for the Advancement of Science. 


complexes formed by association of a few of these enzymes of the same batch characterized by different 
molecules. kinetic parameters for the catalysis reaction, this 
To simplify the task, some biological molecules are experiment reveals a dynamic heterogeneity, which 
intrinsically fluorescent in their active state, as the shows up for each individually studied enzyme as a 
cholesterol oxidase (COx) enzyme of Brevibacterium tendency for short ‘on’ times to follow short ‘on’ 
sp., an enzyme that catalyzes the oxidation of times, and for long ‘on’ times to follow long ‘on’ times 
cholesterol by oxygen. As a result, it is relatively (Figure 11c). This variable behavior of a single 
easy to study the dynamics of this enzyme at the enzyme is reminiscent of the variable rotational 
single-molecule level using a confocal setup with dynamics of Rhodamine 6G molecules in a polymer 
enzymes immobilized in an agarose gel (Figure 11). matrix (see the previous section), and can be studied 
The intervals during which the enzyme is active only thanks to single-molecule techniques. 
(‘on’ state) are followed by intervals during which it is Not all biological molecules can be studied in such 
inactive (‘off’ states). The fluorescence recording of a a convenient way using their intrinsic fluorescence. 
single enzyme thus appears as a ‘blinking’ time trace, Several labeling schemes are currently available, 
as shown in Figure 11b. Relevant kinetic parameters which allow quantitative, site-specific labeling of 
can be extracted from the distribution of ‘on’ and ‘off? proteins, nucleic acid or lipid molecules with few 
times. Apart from the usual heterogeneity between biochemical side effects. 


SPECTROSCOPY / Single Molecule Spectroscopy 159 





(a) 


fh 1m AMI 
Be VA, 





Tene (sec) 





Heh 
Avie Be 


20 


(d) 


Figure 11 Single-enzyme dynamics. (a) Fluorescence image of single CO, molecules immobilized in a 10-jzm-thick film of agarose 
gel of 99% pH 7.4 buffer solution (8 um x 8 wm, 4 min scan, 500 nW excitation at 442 nm). The emission is from the fluorescent 
active site, FAD, which is tightly bound to the center of CO,. Each individual peak is attributed to a single CO, molecule. The intensity 
variation between the molecules is due to different vertical positions in the excitation volume. (b) Real-time observation of enzymatic 
turnovers of a single CO, molecule catalyzing oxidation of cholesterol molecules. This panel shows a portion of an emission intensity 
trajectory recorded in 13.1 ms per channel. The trajectory was recorded with a cholesterol concentration of 0.2 mM and saturated 
oxygen concentration of 0.25 mM. The emission exhibits stochastic blinking behavior as the flavin adenine dinucleotide (FAD), the 
CO, fluorescent active site toggles between oxidized (fluorescent) and reduced (nonfluorescent) states, each on-off cycle 
corresponding to an enzymatic turnover. More than 500 on-off cycles are recorded in this trajectory. (c) The 2D conditional 
probability distribution for on-times (x and y) of two adjacent turnovers as derived from the trajectories of 33 CO, molecules with 2 mM 
5-pregene-38-20a diol substrate, a derivative of cholesterol. The scales of the x- and y-axes are from 0 to 1s. A subtle diagonal 
feature is present, indicative of a memory effect. (d) The 2D conditional histogram for two on-times separated by 10 turnovers for the 
CO, molecules in (c). The diagonal feature vanishes because the two on-times become independent of each other at the 10-turnover 
separation. The color code in (c) and (d) represents the occurrence (z-axis from 350 (red) to 0 (purple). Adapted from Lu HP, Xun L 
and Xie XS (1998) Single-molecule enzymatic dynamics. Science 282: 1877-1882. Copyright 1998, The American Association for 


the Advancement of Science. 


An example of this versatility has been provided 
by the labeling of the central part of a rotary 
protein, Fy-ATPase. In this experiment (not shown), 
the molecular rotor was labeled with a single 
fluorophore whose orientation, detected by emission 
polarization measurements, directly reported the 
angle of the rotor with respect to the shaft. The 
small size of the fluorophore guaranteed that 
the protein motion would not be _ hindered, 
contrary to previous experiments, which used much 
larger reporters (micron-size latex beads or fluor- 
escent actin filaments). This experiment reproduced 
the previous results, showing that the rotor 
performed 120° steps (recent work hints at substeps 
of 90° and 30°). 

One of the most promising domains where SMS 
can be of great importance is the study of protein 
folding. Doubly labeled proteins can be monitored 
as they undergo conformational changes, taking 


advantage of the distance dependence of fluorescence 
energy transfer (demonstrated for a model DNA 
system in the section on FRET, Figure 9). 

Figure 12 shows one of many examples of such a 
study, performed on diffusing molecules in solution, a 
configuration that suppresses uncontrolled effects of 
nearby surfaces. The enzyme chymotrypsin inhibitor 
2 (CI2) is a model system for protein folding, believed 
to have two clearly distinct folding states, which can 
be controlled by the concentration of denaturant 
guanidinium chloride. Using single-pair FRET 
(spFRET) techniques, it is possible to sort out the 
proportion of folded and unfolded molecules present 
at different denaturant concentration (Figure 12b). 
These measurements yield the same titration curve as 
obtained by ensemble measurements (Figure 12b) and 
can give access, under some simplifying assumptions, 
to the energy landscape of the folding reaction. 
The additional information provided by spFRET is 
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Figure 12 Protein folding. (a) Energy landscape for a protein folding reaction represented as a cartoon of the free energy as a function 
of distance r between donor and acceptor. The rugged energy landscape has a funnel shape with three extrema: U (unfolded state), 
| (intermediate state) and N (folded or native state). In this labeling scheme, donor and acceptor are close to one another in the native, 
folded state (N), resulting in a high FRET efficiency. There is reduced energy transfer (larger distance) in the denatured, unfolded state 
(U). (b) Single-molecule protein folding data. Single-pair FRET (spFRET) histograms of the pseudo-wild type enzyme chymotrypsin 
inhibitor 2 (PWT Cl2) at 3, 4, and 6M denaturant (guanidinium chloride). The FRET efficiency exhibits two peaks, one for folded 
molecules (high FRET) and one for unfolded molecules (low FRET). Population is transferred from folded to unfolded at higher 
denaturant concentration, as expected from the protein labeling schematically depicted in (a). (c) Ensemble and single molecule 
denaturation curves for PWT and K17G mutant Cl2. Symbols correspond to data; lines showing sigmoidal fits. PWT Cl2: ensemble 
tryptophan fluorescence experiment (circles), ensemble FRET (squares), spFRET (diamonds); K17G mutant Cl2 spFRET (triangles). 
(d) Free energy functions for PWT Cl2 at 3, 4, and 6M denaturant. The solid lines represent a smoothing of the data and are only meant 
to guide the eye. (a) Adapted from Weiss S (2000) Measuring conformational dynamics of biomolecules by single-molecule 
fluorescence spectroscopy. Nature Structural Biology 7: 724—729. Copyright 2000, Nature Structural Biology. (b)—(d) Adapted from 
Deniz AA, Laurence TA, Beligere GS, et al. (2000) Single-molecule protein folding: diffusion fluorescence resonance energy transfer 
studies of the denaturation of chymotrypsin inhibitor 2. Proceedings of the National Academy of Sciences USA 97: 5179-5184. 
Copyright 2000, The National Academy of Sciences. 


the number of molecules in the two different states, in the CI2 study) allows monitoring conformational 
providing direct evidence of the two-states model changes, whereas by labeling two different molecules, 
hypothesized from ensemble measurements. intermolecular spFRET permits the detection of 

Other biological systems have been addressed using association and dissociation events. For instance, 
the spFRET approach. Intramolecular spFRET (used spFRET has revealed transient intermediate states in 
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Figure 13 Single-photon source at room temperature. (a) 
Antibunching measurement setup. The basic elements are 
similar to those of a lifetime measurement setup (Figure 7a) 
except that the emitted filtered signal (BP: bandpass filter) is split 
in two with a 50/50 beamsplitter (BS). Two avalanche 
photodiodes (APD) detect the arrival of photons. One APD 
pulse is used as the start signal for a time-to-amplitude converter 
(TAC), which is stopped by the pulse coming from the second 
APD. Since the TAC response time is finite, it cannot detect 
simultaneously arriving pulses. A delay time 6 is thus added to 
the stop signal, such that two photons impinging simultaneously 
on the two APDs will generate pulses with a separation of 6. If the 
start APD detects a photon from the previous excitation, the 
measured delay will be 160ns+ 6, whereas if the opposite 
happens, the delay will be 5—160ns. (b) Results of 
measurements on a terrylene molecule (upper chemical 
structure) embedded in a p-terphenyl (lower chemical structure) 
at room temperature. Upper panel: histogram of delay 
measurements shifted by an amount 6. The histogram 
corresponds to 120s of recording on an isolated emitting spot. 
The residual central peak corresponding to coincidence of photon 
arrival at APD 1 and 2 is the result of background contamination. 
Lower panel: histogram acquired over 300s on a background 
spot. In both measurements, the laser pulse width was 35 ps, 
each pulse being separated by 160 ns. The lifetime of terrylene is 
measured to be 3.8 ns, which sets the width of the observed 
peaks. Excitation is performed at 532nm. (b): Adapted with 
permission from Lounis B and Moerner WE (2000) Single photons 
on demand from a single molecule at room temperature. Nature 
407: 491-493. Copyright 2000, Nature Publishing Group. 


the Tetrahymena ribozyme, which had remained 
unnoticed in ensemble studies. 


Quantum Optics 


Low-temperature spectroscopic studies of single 
molecules have turned into a benchmark for testing 
predictions of quantum mechanics. In particular, one 
effect expected for a single quantum emitter is the 
absence of simultaneous emission of two photons: a 
fluorescent system which is excited at time tp has to 
emit a photon before it can return to the ground state, 
and be re-excited at a later time ¢,. In conditions where 
the excitation takes place immediately as the electron 
returns to the ground state, the time difference t; — fo 
is of the order of the excited state lifetime, of the order 
of a few nanoseconds. This antibunching phenom- 
enon was first observed in atoms and ions, and rapidly 
confirmed by low-temperature SMS. This observation 
is possible either using continuous wave or using 
pulsed excitation. In fact, nothing prevents this effect 
from occurring at room temperature, as demonstrated 
in Figure 13 for pulsed excitation in which excitation 
photons are provided as well-separated bunches of a 
few hundred femtoseconds duration. 

In this experiment, a system originally used at low 
temperature (terrylene in a crystal of p-terpheny]l) is 
excited with a repetition rate of 6.25 MHz. The fluo- 
rescence emitted by a single molecule is detected in a 
confocal setup, split in two and directed to two dif- 
ferent detectors (Figure 13a). In this way, the time 
interval between each pair of photons detected by the 
two detectors can be precisely measured and histo- 
grammed. The result of this time-correlated single- 
photon counting approach is the absence of 
coincidence of two photons (Figure 13b), besides the 
residual counts due to background contamination. 

Since the quantum efficiency of this system is high, 
the experimental setup can be seen as a periodic 
single-photon source, with an extremely low prob- 
ability for the simultaneous emission of two photons. 
This is precisely the kind of device that is needed for 
quantum cryptography, in which information 
encoded in the polarization of a beam should not be 
sensitive to a ‘beamsplitter’ attack. Future efforts will 
undoubtedly build on such ‘turnstile’ photon sources 
to move forward into optical quantum computing 
applications. 


Perspectives 


SMS is a mature discipline, which will certainly prove 
to be most useful in domains beyond those previously 
mentioned. Its relative ease of implementation will 
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certainly attract more scientists of other disciplines to 
this methodology, each of them having specific goals 
in mind that are difficult to foresee. The principal 
advantages of SMS outlined at the beginning of this 
article will remain, but improvements, especially 
towards simultaneous acquisition of all the fluor- 
escence parameters described earlier are promising. 
New detectors will permit the combination of the 
high time resolution of single-photon counting 
devices with the large field of view and spectral 
resolution allowed by two-dimensional detectors. 
SMS will be associated with single molecule manipu- 
lation techniques, to correlate applied forces and 
molecular conformations. New ways of controlling 
local fields (electric, magnetic, or others) would take 
advantage of the non-invasiveness, high-temporal 
and spatial resolution of SMS to get a direct feedback 
of events at the nanometer scale. Undoubtedly, 
SMS will be a major tool in the future of 
nanotechnology. 


List of Units and Nomenclature 


A Angstrom 

cm? square centimeter 

fl femtoliter 

K kelvin 

ms millisecond 

MHz megahertz 

pw microwatt 

nm nanometer 

APD Avalanche photodiode 

DNA Deoxyribonucleic acid 

FRET Fluorescence resonance energy transfer 
NA Numerical aperture 

PMMA Polymethylmethacrylate 

SERS Surface-enhanced Raman scattering 
SMS Single-molecule spectroscopy 

SNR Signal-to-noise ratio 

SNE Signal-to-background ratio 


TIR Total internal reflection 
ZPL Zero phonon line 
See also 


Scattering: Raman Scattering. 
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Introduction 


Terahertz (THz) radiation is usually referred to as an 
electromagnetic wave with frequencies ranging from 
1 to a few terahertz (1 THz=10'?Hz). In the 
electromagnetic spectrum, terahertz radiation lies 
between the infrared and microwave, as shown in 
Figure 1. The techniques for generation and detection 
of THz radiation bridge photonics and electronics in 
the sense of the concepts and the techniques discussed 
below. 

Physical quantities corresponding to 1 THz are 
listed as follows; 


e Frequency, 1 THz 
e Wavelength, 300 pm 


to" 10" 616" 


to's 


e Wavenumber, 33 cm! 


e Energy, 4.1 meV 
e Temperature, 48 K 


In this spectral region, there exist many rich 
physical, chemical, and biological phenomena. For 
example, many phonon resonance and other elemen- 
tary excitations in condensed matter fall in this 
region; many molecular vibrations and rotations 
occur at THz frequency; conformation-related col- 
lective vibrational modes in macromolecules, 
especially in bio-molecules such as proteins and 
DNA, also lie in THz frequency. However, the 
development of THz technique lags far behind that 
of photonics and electronics, due to lack of feasible, 
reliable, and economic coherent THz sources. The 
situation has been rapidly changing since the 1990s. 
Benefiting from advanced material science and the 
ultrafast laser techniques, various coherent THz 
sources are being developed and commercialization 
is soon to follow. We will introduce these coherent 
THz sources and their main features, and discuss 
their generation mechanisms. More details can be 
found in the listed books and articles in the Further 
Reading section at the end of this article. 


10'4 =40'5 = 10'6 Frequency (Hz) 
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Figure 1 The electromagnetic spectrum with THz radiation sitting between the microwave and the infrared. 
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Coherent THz Radiation 


When a time varying polarization, P(r,t), is generated 
in a medium and oscillates at THz frequency, it will 
radiate a THz wave, E(r,t), according to Maxwell’s 
equation: 


VXVXE(n) + at K(r, 2) a Po,t) [1] 
__ 2 
pe ae Poa 





or 


2 
VX VX E(w) — E(w) =o po) — [2] 


in frequency domain, for a monochromatic wave or a 
Fourier component of a wave with a finite bandwidth. 
The properties of THz radiation are determined by 
the polarization source P(r,t). Incoherent THz sources 
exist in blackbody radiation, and are also detected in 
astronomy observations. If the phase evolution of the 
THz wave keeps in step, both spatially and tem- 
porally, it is called coherent radiation. A coherent 
THz source is more powerful and useful in spec- 
troscopy, material characterization, imaging, and 
many other applications. It is clear that a coherent 
polarization source is first required for generation of a 
coherent THz wave. In practice, the working media 
for THz emitting can be free electrons, quasi-free 
electrons in solids, or bound electrons and other 
charge oscillations, such as plasmon oscillation, 
lattice vibration, etc. Classified by the excitation 
properties, the emitting process can be of resonance 
or nonresonance. Coherent polarization sources with 
different features can be created using various 
excitation techniques under different principles 
and device configurations, which lead to different 
coherent THz sources. Here we focus on coherent 
THz sources, primarily based on photonic tech- 
niques, and working in the spectral range from 
1 THz to a few THz. 


Gas THz Laser 


Molecules have many rotational and vibrational 
energy levels spaced at THz frequency. For polar 
molecules, the radiative transition between these 
levels can radiate THz wave. Following the standard 
laser technology, molecules pumped either optically 
or electronically can be used as laser gain media for 
coherent THz wave generation. For THz gas lasers, 
the very low THz photon energy poses a problem 
for lasing, because the coherent radiative transition 
can be disrupted by thermal depopulation and 
dephasing. An effective population inversion is 
difficult to set up and maintain. Therefore, it is 


important to carefully choose working medium and 
energy levels, as well as the way to excite the 
molecules. A number of media has been used for 
THz laser, such as methanol and HCN vapor, 
working in both continuous wave (CW) and pulsed 
modes. For example, methanol lasers operate under 
excitation of the rocking and asymmetric defor- 
mation modes of methanol excited by a CO2 
infrared laser. HCN laser is pumped electrically, 
which needs a large voltage and current to excite the 
molecules, a long cavity to obtain sufficient gain, and 
dedicated control of the temperature in the cavity for 
stable operation. 

In general, THz gas lasers can be tuned discretely in 
thousands of lasing lines, ranging from a few tens toa 
few hundreds of micrometers, with power output 
from pW to mW. THz gas lasers have existed since 
the early 1970s, and are the only commercialized 
THz lasers to date. They are still subject to develop- 
ment, for less bulky volume, enhanced tunability and 
efficiency, and reduced costs. 


Free Electron THz Laser 


A free electron laser (FEL) uses free electrons as 
working medium, rather than bound atomic or 
molecular states in a conventional laser. A typical 
FEL consists of three parts: (i) an electron source 
that generates an electron beam with high current; 
(ii) an accelerator to raise the electron energy; and 
(iii) a lasing cavity. After the electron beam is gener- 
ated, electrons are first accelerated to a relativistic 
velocity, typically with energy of hundreds of MeV, 
and then enter the cavity consisting of end mirrors 
and a spatially periodic magnets array called a 
wiggler (Figure 2). Due to the Lorentzean force 
imposed by the periodic magnetic field, the high- 
energy electrons move in the cavity along a sinusoidal 
path, and emit coherent radiation with a wavelength 
determined by the spacing between magnets and the 
electron velocity, as well as the magnetic induction. 
With the feedback provided by the cavity mirrors, 
electrons are accelerated or decelerated continuously 
by the optical field, and are bunched via the resonant 
interaction. The collective motion of the electron 
bunches radiates powerful coherent synchrotron 
radiation. In a standard configuration, the wave- 
length of the radiation can be expressed as: 


= A 2 
= i [1 + (RABy)*/2] [3] 


where A is the spatial period of the wiggler magnets, y 
the Lorentz factor of the electron beam, By the peak 
magnetic induction, and k a constant. With a suitable 
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Figure 2 A schematic of THz generation in a free electron laser. 


arrangement of the magnet array, as well as other 
related factors, the facility can work in THz spectral 
region. 

An FEL generates tunable, coherent, high-power 
THz radiation. It is the most powerful coherent 
source of THz radiation available. Up to 50 W of 
average THz power has been generated in the 
Jefferson Lab recently. The free electron THz laser 
is becoming an important tools for studying THz 
radiation and its interactions with condensed matter 
and biological materials. On the other hand, the FEL 
is a complicated and expensive facility, and needs 
dedicated maintenance. 


Semiconductor THz Laser 


In the twentieth century, semiconductor devices have 
achieved tremendous success, both in electronic and 
photonic regime, such as transistors and diode lasers. 
The semiconductor industry has resulted in revolu- 
tionary changes to our world and everyday life. To fill 
the THz gap between electronics and photonics, great 
efforts have been made to meet the demand in 
compact, economic, tunable, and highly efficient 
THz sources. Encouraging advances have been 
made since we stepped into the new millennium. 

In a semiconductor quantum well, the energy 
difference between a pair of sublevels can be 
artificially designed at THz frequency. As early as 
1971, the concept of far infrared lasers based on 
intersub-band transition in semiconductor superlat- 
tices was proposed. Although the sublevels can be 
populated by electrical or optical pumping, the low 
photon energy at THz frequency causes serious 
difficulties for lasing, because the two levels sit so 
close to each other that many thermal processes could 
destroy the population inversion. Various designs and 
configurations have been proposed to tackle the 
problem. An attractive idea is so-called quantum 
cascade heterostructure. In this kind of device, the 
electrons are injected into a series of coupled 
quantum wells electrically. When the electrons are 
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driven by the biased voltage, they can make radiative 
transition between a pair of sub-bands in a well. 
Subsequently, electrons enter the next well through 
resonant tunneling, and so on. However, this kind of 
device needs the materials of very high quality and 
suffers severely from fast depopulation of the excited 
states, even at very low temperatures. 

As the advance in material science and unremitting 
efforts in pursuing the dedicated design of the device 
structures continued, the real breakthrough came 
in 2001, when Kohler et al. at Pisa demonstrated 
THz lasing in a quantum cascade heterostructure. 
Many improvements have been made since then; for 
example, the idea of using phonon resonance to 
selectively deplete the population of the lower sub- 
band has been successful, so that much stabler and 
robuster population inversion can be set up. The 
operation temperature has been raised to 136 K, well 
above the liquid nitrogen temperature, which opens 
the way for semiconductor THz lasers stepping into 
many more daily applications. These semiconductor 
devices are pumped with low voltages and currents 
at mA levels, and generate narrow bandwidth 
radiation with mW output at a frequency of a few 
THz. It is also probable that a four-level lasing 
system could even working at room temperature. 

Another promising device is the p-germanium (Ge) 
laser developed recently. The Ge laser operates 
through the electrical excitation of hot holes in 
p-doped Ge. The laser cavity is formed by polishing 
the surfaces of the Ge crystal. These lasers could run 
at 5% duty cycles, with several mW output power. 
The output wavelength can be continuously tuned 
from 1 to 4 THz. At the moment, the devices have to 
operate at 20-30 K and consume about 10-20 W for 
refrigeration. 

It is safe to predict that the feasibility, low cost, and 
compact semiconductor THz laser will emerge in the 
near future. 

Beside the THz lasers, coherent THz radiation can 
also be generated by coherently exciting suitable 
media in other ways. Since the mid-1990s, the 
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development of ultrafast laser techniques has led to 
two important pulsed coherent THz sources, i.e., 
photoconductive antenna and optical rectification 
THz sources. A unique feature of the pulsed coherent 
sources is broad bandwidth, which is useful in 
spectroscopic applications. Figure 3 is a typical 
setup for pulsed THz generation and spectroscopic 
study, using photoconductive antenna or optical 
rectification as THz sources. 


THz Photoconductive Antenna (PCA) 


Different from a conventional antenna working in 
radio and microwave frequency that are driven 
directly by electrical current, a photoconductive 
antenna for THz wave generation works with 
ultrafast pulsed lasers. When the photoconductive 
gap is irradiated by an ultrafast laser pulse, photo- 
carriers are generated in the semiconductor. These 
photocarriers are driven by a DC voltage bias and 
form a current transient. The antenna couples the 
electromagnetic field associated with the time varying 
current into free space, and produces a THz pulse. 
The THz pulse usually has a duration of a few 
picoseconds, with a broad frequency bandwidth 
centered at THz frequency. The output THz power 
scales with both the optical pulse power and the DC 
bias field: 


a a 
u oc a Epias [4] 
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The output power, frequency bandwidth, and 
polarization of the THz radiation depend on the 
photoconductive features of the semiconductor layer 
and the geometric structure of the antenna. For an 
optimal performance, the substrate should have a 
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suitable bandgap for optical interband excitation, a 
high electron mobility and short carrier lifetime to 
support an ultrafast current transient, and high 
dielectric breakdown threshold and to sustain high 
bias voltage. High-power PCAs have been demon- 
strated with semi-insulating GaAs, ion-implanted 
GaAs, and In-GaAs. In the aspects of antenna 
structures, coplanar strip lines and large aperture 
emitters are the most effective. Average output power 
from a good system can reach 30-40 pW. 

A broad bandwidth is a special characteristic of a 
THz source, which is particularly desirable in the 
spectroscopic study as a coherent probe source. 
From the property of Fourier transform, we know 
that the shorter the THz pulse duration, the broader 
the spectral band. PCAs made of GaAs typically have 
a useful bandwidth extending from ~100 GHz to 
3 THz, which can be extended to 4 THz by tuning the 
pumping laser wavelength close to the bandedge. Up 
to 6 THz bandwidths have been reported for PCAs. 
The pulse duration and, therefore the achievable 
bandwidth, are ultimately limited by carrier mobility 
and TO phonon resonant absorption which is around 
8.3 THz in GaAs. 

In many applications, THz radiation is coupled to 
free space from the antenna using a closely attached 
silicon hemispherical lens. This practice increases 
the system’s output and also provides control of the 
radiation pattern. The radiation pattern for the 
common dipole antenna is essentially dipolar, with 
a weak quadrupole component perpendicular to 
the bias field. In the far-field, the THz beam has a 
Gaussian cross-section with high-frequency compo- 
nents concentrated in the center. 

As the first practical pulsed coherent THz source, 
PCA has been widely used for many applications in 
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Figure 3 A typical setup for broadband pulsed THz generation and spectroscopic study with a femtosecond laser as excitation source. 
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scientific research and material characterization. 
Combined with commercial ultrafast optical fiber 
lasers, full functional and self-contained THz spec- 
troscopy systems with PCAs as emitters, have been 
demonstrated and are under commercialization. 


Optical Rectification 


Optical rectification is a second-order nonlinear 
optical effect originating from susceptibility y°’, and 
was first observed in 1962 using two intense mono- 
chromatic nanosecond laser pulses. In this process, 
the interaction between laser and nonlinear optical 
crystal produces a frequency difference polarization: 


P(0) = x E(w )E(—@) [5] 


When a nonlinear optical crystal is irradiated by 
an ultrafast laser pulse, the different frequency 
components in the laser pulse will be coupled with 
each other by y), to induce frequency difference 
polarizations as: 


PQ) = ¥(@, — @ = Q)E(@)E(—a@) [6] 


A femtosecond laser pulse usually has a spectral 
linewidth of at least a few nm, the induced polarization 
P(Q) has a finite frequency distribution centered at 
THz frequency in the far field, and results in THz 
radiation Eqy, < 07 P(t)/dt?. 

THz radiation in free space by optical rectification 
was obtained in the early 1990s. One of the 
differences from a PCA device is that the THz output 
by optical rectification scales with both the optical 
pulse power and the DC bias field, while the THz 
radiation generated by optical rectification solely 
results from the incident laser. The optimal perform- 
ance depends on several factors. The generation 
efficiency first depends on the magnitude of the 7 
and phase-matching condition between the optical 
and THz pulses. The effective magnitude of the ¥” 
coefficient varies with the crystal cut and orientation. 
Up to now, the most popular material is ZnTe, for its 
physical durability and excellent phase matching, 
when a Ti:sapphire femtosecond laser is used as the 
excitation source. With a moderately focused optical 
pump beam and a ZnTe crystal, nW T-ray average 
power can be generated by optical rectification. In 
general, the generation efficiency may be increased by 
increasing the laser power, but there are two factors 
limiting the effect. First, the incident laser power 
cannot exceed the damage threshold. Second, other 
second-order nonlinear processes may compete with 
the optical rectification, such as second-harmonic 
generation of the pump beam at high optical flux. 


For THz radiation generated by optical rectifica- 
tion, the ultimate bandwidth is primarily determined 
only by the linewidth of the pump laser pulse. 
Because it is a nonresonance process in most cases, 
optical rectification can reach broader bandwidths 
than PCA. Using ultrashort optical pulses and thin 
nonlinear crystal, THz pulses have been generated 
with spectra extending to the mid-infrared, well 
beyond the phonon band of the materials. Like the 
photoconductive antenna, optical rectification has 
become a popular technique to generate coherent 
broadband THz radiation in various applications. 
Beside the conventional bulk inorganic crystals, 
many different media have been used for THz 
generation, such as organic crystal DAST, biased 
quantum wells, periodically poled LINbO3 (PPLN), 
poled polymers, super-conducting thin films, etc. 


Other Coherent THz Sources 


When two light sources with slightly different 
wavelengths interact together with a nonlinear 
optical crystal, a beating polarization will be gener- 
ated and will radiate a THz wave. It is called 
difference frequency generation, or three-wave mix- 
ing. Optical parametric processing is another way to 
generate a THz wave. In this process, a near-infrared 
pump beam generates a second NIR idler beam in a 
nonlinear crystal, and THz radiation can be gener- 
ated from the beating of the pump and the idler. The 
merit of this technique is the continuous frequency 
tunability of the THz output, which is valuable in 
spectroscopic applications, and relatively cheaper 
nanosecond lasers can be used. If the nonlinear 
crystal is further placed in a cavity and the idler 
beam is amplified by feedback from end mirrors, 
a THz optical parametric oscillator is formed. A 
number of improvements have been made since the 
mid-1990s with this kind of device. More recently, 
THz parametric generation with an injection seeded 
idler beam has shown a reduced linewidth (Av/v ~ 
10-4) and a peak THz power of over 100 mW for 
3.4ns pulses. A narrow linewidth combined with 
reasonable tunability make this kind of THz source 
attractive in spectroscopic studies. 

Besides using photonic techniques, coherent THz 
radiation can also be generated by electronic tech- 
niques through increasing the output frequency of the 
microwave devices. For example, an electrically 
driven microwave generator, backward wave oscil- 
lator, can generate CW THz radiation up to 2 THz. 
A backward wave oscillator, running under optimal 
conditions, can provide up to 300 mW of polarized, 
narrowband radiation with a limited tunability about 
30% of its central frequency. 
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Introduction 


The terahertz (THz) regime of the electromagnetic 
spectrum holds promise for a large number of 
important applications in areas like environmental 
sensing, quality control, medicine, military appli- 
cations, astronomy, etc. The development of THz 
devices has been mainly hindered by the lack of 
compact sources. In this article we overview the 
types of tabletop semiconductor sources that are 
available right now. We focus on the use of 
pulsed THz sources that are optically excited by 
femtosecond laser pulses. The generated bursts of 
THz radiation are extremely useful for time- 
resolved THz spectroscopy of semiconductor 
heterostructures. 


THz Generation from Semiconductors 


The first freely propagating THz pulses using 
femtosecond lasers were generated in 1984 when 
Auston et al. fabricated a Hertzian dipole antenna. It 
mainly consists of an electrically biased transmission 
line structure mounted on a semiconductor, i.e. a 
photoconductive switch that is triggered by a 
femtosecond laser pulse (Figure 1). The generated 
transient photocurrent J(t) emits radiation according 
to E(t) x dJ(f/dt. Since 1989, sapphire half-spheres 


or refractive silicon lenses have been attached to 
these dipole antennas, which made it possible to 
produce collimated THz beams for use in everyday 
spectroscopic experiments. Today generation and 
detection of THz radiation by semiconductor 
photoconductive antennas is widely used. However, 
most of the antennas are limited to the low- 
frequency regime of the THz spectrum since they 
usually have a high-frequency cutoff of about 
1-2 THz. 

THz generation from semiconductor surfaces was 
introduced by Zhang in 1990. There are three 
different physical mechanisms that are responsible 
for the surface emission of THz radiation. One is 
the transient current, i.e., the acceleration of photo- 
generated carriers in the semiconductor surface 
electric field. This process is accompanied by field 
induced optical rectification which is often called 
instantaneous polarization, where the electron-hole 
pairs are polarized in the dc electric field. Finally, 
bulk optical rectification as a source of THz radiation 
can be observed in noncentrosymmetric crystals. 

The surface emission intensity can be enhanced by 
using an externally applied electric field instead of the 
intrinsic electric field. Until recently, the use of laser 
amplifiers that optically pump these so-called large- 
aperture antennas has led to the brightest ultrafast 
tabletop THz emitters. 

Recently, Sarukura and co-workers found that the 
application of a magnetic field dramatically increases 
the THz emission from bulk InAs. This led to a 
re-examination of Zhang’s work, in which he reported 
the magnetic field enhancement in bulk GaAs, 
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Figure 1 Photoconducting dipole antenna. Reproduced with 
permission from Gornik E and Kersting R (2001) Coherent 
THz emission in semiconductors. In: Tsen KT (ed.) Ultrafast 
Physical Processes in Semiconductors, vol. 25, pp. 396. 
New York: Academic Press. 


and to a large number of studies of different types of 
other semiconductors in various magnetic field 
geometries. Currently, there is no unified model of 
the enhancement mechanism(s). 

The use of a semiconductor heterostructure by 
Roskos et al. in 1992 (a coupled double quantum 
well) marked the advent of a new class of semiconduc- 
tor THz emitters that can be deliberately designed using 
bandgap engineering. In these devices the quantum 
nature of electrons in coupled potential wells is used 
to generate electron wavepackets that tunnel back and 
forth between different potential wells (Figure 2). The 
coherent charge oscillation is triggered by a femto- 
second laser pulse that has a spectral width that is larger 
than the separation between the quantized states in the 
well. Inthis way a coherent superposition of these levels 
is created. THz emission from these quantum beats has 
also been observed from charge oscillations due to light 
and heavy hole excitons in a quantum well by Planken 
and co-workers. The concept of quantum beats can 
even be transferred to the high-THz regime (tens of 
THz) which was successfully demonstrated by Bonva- 
let and co-workers. By using an InAs step quantum well 
they generated THz radiationata frequency of 30 THz. 

Bloch oscillations, one of the fundamental concepts 
of solid state physics, were predicted in 1934 by 
Zener. He stated that electrons in a periodic potential 
under an applied electric field should perform 
oscillations. Using a quantum mechanical picture, 
Bloch oscillations can be described as a quantum beat 
of Wannier—Stark states and in 1993 Waschke et al. 
detected THz emission from these oscillations. 





Figure 2 Schematic band diagram of an asymmetric double 
quantum well structure. A short laser pulse with a spectral 
width larger than the intersub-band splitting can excite an 
electronic wavepacket which tunnels back and forth between 
both wells. Reproduced with permission from Roskos H, Nuss M, 
Shah J, Leo K, Miller D, Fox A, Schmitt-Rink S and Kohler K 
(1992) Coherent submillimeter-wave emission from charge 
oscillations in a double-well potential. Physical Review Letters 
68: 2216. Copyright (1992) by the American Physical Society. 


These heterostructure THz sources are inherently 
frequency tunable since the energy level spacing can 
be altered by an applied electric field that tilts the 
quantum wells. The Bloch frequency is given by: 


eFd 
Bloch = h [1] 


where F is the applied electric field and d is the 
superlattice period. Unfortunately, these devices 
suffer from their low emission power. 

An alternative concept is the use of collective 
excitations in semiconductor bulk material or hetero- 
structures. Dekorsy and co-workers showed in 1995 
that coherent phonons emit THz radiation when 
excited by femtosecond laser pulses. In the same year 
Sha and co-workers studied the absorption changes 
within an electrically biased GaAs p-i-n structure and 
found distinct oscillations which they ascribed to 
another collective phenomenon, namely coherent 
plasma oscillations of the photogenerated carriers 
(Figure 3). This explanation was supported by the 
square-root dependence of the observed frequencies 
on the photogenerated carrier density which is 
predicted by a simple oscillator model: 


ne> 


Wy = [2] 


eegm* 





where 7 is the carrier density, ¢ the dielectric constant, 
and m’ the effective mass of the carriers. Fischler and 
co-workers confirmed this finding and in particular 
investigated the damping behavior of the plasmons. 
In 1997, Kersting et al. detected THz radiation from 
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(a) Time-derivative of the charge in electro-absorption versus pump-probe time delay for decreasing fluences (top to bottom 


respectively); (b) the frequency of the oscillations as a function of fluence. The dashed curve is a square-root function fit. Reproduced 
with permission from Sha W, Smirl A and Tseng W (1995) Coherent plasma oscillations in bulk semiconductors. Physical Review Letters 


74: 4273. Copyright (1995) by the American Physical Society. 
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(a) THz autocorrelation traces for three different doping densities; (b) THz spectra; lines denote the frequencies calculated 


by formula [2]. Reproduced with permission from Kersting R, Heyman J, Strasser G and Unterrainer K (1998) Coherent plasmas in 
n-doped GaAs. Physical Review B 58: 4553. Copyright (1998) by the American Physical Society. 


these p-i-n structures and identified heating of the 
photogenerated carriers as the origin for the strong 
damping of the plasma oscillations resulting in a low 
emission intensity. 

This problem can be circumvented by using 
coherent plasma oscillations of extrinsic charge 
carriers. These electrons are cold compared to the 
photo-excited carriers and should undergo less 
scattering. Kersting et al. showed that THz pulses 
are indeed emitted from coherent three-dimensional 
(3D) plasma oscillations in n-doped GaAs epilayers. 
The THz pulses are temporally and spatially coherent 
with intensities up to 100 nW. 

Figure 4 shows the THz emission from three GaAs 
epilayer samples which have been doped with den- 
sities 1.9% 10, 1.7X 10", and 1.1% 10" em™*. 


The curves are recorded using an autocorrelation 
technique: 13 nJ, 100 fs laser pulses at a repetition rate 
of 80 MHz and a central wavelength of 800 nm are 
split into two pulses with a Michelson interferometer. 
Every visible pulse generates a THz pulse in the 
transmission or pseudo-reflection direction. After 
collimating and focusing of the THz radiation by 
parabolic mirrors, the interference of the two THz 
pulses can be recorded by changing the time delay 
between the visible pulses (Figure 5). Assuming 
negligible nonlinear interactions between the two 
excitation processes, the linear autocorrelation func- 
tion can be recorded. The spectrum is calculated by 
simply Fourier transforming (Figure 4b). The experi- 
ments are performed at room temperature, and the 
whole setup is purged with dry nitrogen gas to prevent 


PARALLEL and SERIES CAPACITORS 

Capacitors can be connected in PARALLEL and/or SERIES for a number of reasons. 

1. If you do not have the exact value, two or more connected in parallel or series can 
produce the value you need. 

2. Capacitors connected in series will produce one with a higher voltage rating. 

3. Capacitors connected in parallel will produce a larger-value capacitance. 


Here are examples of two equal capacitors connected in series or parallel and the 
results they produce: 


in 200u 
bast ear 10n 50u 
total 2n 200u }—|- 
_ 100u 
in 200u 
47n 50u 
“ 4 47n 200u 
total: 100n 50v |_| |— 
“tt 23n 400u 
47n 50u 


NON-POLAR CAPACITORS (ELECTROLYTICS) 


Electrolytics are also available in non-polar values. It sometimes has the letters "NP" 
on the component. Sometimes the leads are not identified. 

This is an electrolytic that does not have a positive and negative lead but two leads 
and either lead can be connected to the positive or negative of the circuit. 

These electrolytics are usually connected to the output of an amplifier (such as ina 
filter near the speaker) where the signal is rising and falling. 

A non-polar electrolytic can be created from two ordinary electrolytics by connecting 
the negative leads together and the two positive leads become the new leads. 

For example: two 100u 63v electrolytics will produce a 47u 63v non-polar 
electrolytic. 

In the circuit below, the non-polar capacitor is replaced with two electrolytics. 
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Figure 5 THz autocorrelation setup. Reproduced with permission from Kersting R, Heyman J, Strasser G and Unterrainer K (1998) 
Coherent plasmons in n-doped GaAs. Physical Reviews B 58: 4553. Copyright (1998) by the American Physical Society. 


water vapor absorption. Although the autocorrelation 
traces are recorded at the same optical excitation 
density of n., =2x10!%cm~°, the emission fre- 
quency changes significantly. In addition, the auto- 
correlation trace of the highly doped structure 
(1.1 x10!” cm~3) shows multiple oscillations while 
in the case of the sample with the lowest doping 
(1.9 x 10° cm73) the slow oscillation is damped out 
rather quickly. The frequency behavior of the three 
different samples can be analyzed from the spectra 
shown in Figure 4b. The bars indicate the frequency 
calculated with [2] and setting 7 equal to the doping 
density determined by standard Hall measurements. 
Obviously, the calculated frequencies match very well 
the experimentally determined ones. This indicates 
that the THz emission results from a collective oscilla- 
tion of the extrinsic electrons within the epilayer. 
This is also supported by the observation that a varia- 
tion of the excitation density of the photogenerated 
carriers over two orders of magnitude does not change 
the THz emission frequency. This is in clear contrast 
to the experiments with undoped semiconductors 
where the emission frequency shows a square-root 
dependence on the optically excited carrier density. 
Excitation of the coherent plasma oscillation 
results from the ultrafast screening of the surface 
electric field by the femtosecond laser pulse. Before 
excitation, the doping electrons are confined between 
the surface electric field and the undoped GaAs 
substrate (Figure 6). A short laser pulse with an 
energy above the bandgap of the semiconductor 
generates electron-hole pairs that screen this surface 
electric field for a short time. The doping electrons 
inside the material respond to the change in potential 
at the surface of the sample leading to the oscillation 
behavior. A detailed model calculation of the 
excitation mechanism can be found in Kersting et al. 
(1998). The oscillation frequency — the eigenfre- 
quency of the electron system — is simply the plasma 
frequency given by the simple formula [2]. 


n-doped GaAs 
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Figure 6 Schematic drawing of the 3D plasmon excitation. After 
Kersting R, Bratschitsch R, Heyman JN and Unterrainer K (1999) 
Unpublished. 


There are two mechanisms that are responsible for 
the damping of the plasma oscillations. If the doping 
density is lower than 10'° cm * the coherence time of 
the 3D plasmon is mainly limited by optical phonon 
scattering. This can be verified by measuring the 
plasmon damping times at different temperatures and 
comparing the results with mobility data which 
show the same tendency. Since optical phonon 
scattering is suppressed at low temperatures, the 
THz emission intensity can be substantially increased 
by cooling the sample. In the high-doping-density 
regime >10'° cm~? the observed damping times are 
shorter than those expected due to the optical phonon 
scattering mechanism alone. This is because in this 
regime impurity scattering is the dominant scattering 
mechanism. 

One way around this problem is the use of a 
remotely doped structure. In this case the scatterers 
are not in the same region as the electrons that 
perform the plasma oscillation (Figure 7). The higher 
mobility should lead to a longer decoherence time. 
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Figure 7 Schematic drawing of a modulation-doped PQW. 
The doped layers are outside the quantum well. 
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Figure 8 THz autocorrelation signal of a 1400 A PQW excited 
by 780 nm laser pulses (T = 5 K). Inset: Fourier transform of the 
recorded autocorrelation. Reproduced with permission from 
Bratschitsch R, Muller T, Kersting R, Strasser G and 
Unterrainer K (2000) Coherent THz emission from optically 
pumped intersubband plasmons in parabolic quantum wells. 
In: Ultrafast phenomena XII. Springer series in Chemical Physics, 
vol. 66, pp. 204. New York: Springer-Verlag. 


For this purpose Bratschitsch et al. used modulation 
doped GaAs/AlGaAs parabolic quantum wells 
(PQWs), with widths L in the range 
of 1200-2000 A and carrier sheet densities 1, of 
1.7x10!!-5 x10"! cm. The electrons confined 
within the parabolic potential form a so-called 
quasi-3D electron system. Figure 8 shows the THz 
autocorrelation trace of a modulation doped PQW 
(L = 1400 A, n, = 5x 10'! cm™?) excited by 780 nm 
laser pulses. The density of the optically generated 
carriers is kept well below the carrier density due to 
the modulation doping inside the POW. 

The spectrum of the emitted THz radiation (inset of 
Figure 8) consists of two components: a broad 


background and a narrow line (FWHM: 0.3 THz) 
with a center frequency of 2.55 THz. The low- 
frequency broadband component is found for all the 
different PQW samples and is independent of the 
PQW sample structure. It can also be observed at 
room temperature while the narrowband component 
completely vanishes. The origin of the broadband 
component is due to THz generation at the surface of 
the sample. 

The THz emission at 2.55 THz can be observed 
within a wide range of excitation wavelengths (815- 
760 nm) above the 819 nm GaAs bandgap (T = 5 K). 
When varying the excitation density over one order of 
magnitude (5.6 x 10!° — 6.2.x 10!! cm~%), the emis- 
sion frequency does not change. The narrowband 
emission results from the oscillation of the carriers 
inside the PQW. The observed frequency corresponds 
to the intersub-band plasmon of the PQW. The 
expected frequency of the intersub-band plasmon is 
given by 


8A 
L2m* 


[3] 


Wp = 


where A is the energetic depth of the well, L is the 
well width, and m”* the effective mass. For the 1400 A 
wide PQW the formula yields 2.2 THz for the 
intersubband plasmon frequency. 

The excitation mechanism for the intersub-band 
plasmon is due to screening of the surface depletion 
field by the electron-hole pairs injected by the 
ultrafast laser pulse. In this way the electrons inside 
the quantum well experience a kick and begin to 
oscillate with their eigenfrequency (Figure 9). This is 
supported by the fact that the oscillation can be 
excited over a large wavelength range of the 
femtosecond pulses. The onset of intersub-band 
plasmon emission appears at 815nm near the 
819nm GaAs bandgap (T=5K) and can be 
observed to up to 760 nm. This large range implies 
that the excitation mechanism is clearly a nonreso- 
nant phenomenon, in contrast to the THz quantum 
beat experiments. Due to ultrafast field screening, a 
symmetric nanostructure can emit optically driven 
THz radiation. 

The width of the intersub-band plasmon 
emission line is 0.3 THz (full width at half maximum; 
FWHM) for the 1400 A PQW and even 0.2 THz for 
the 2000 A PQW sample. The linewidth is a factor of 
5 smaller than the smallest linewidth measured for a 
3D plasmon emitter. The width of the intersub-band 
emission is nearly unaffected when increasing the 
excitation wavelength from near bandgap to approxi- 
mately 60 nm above bandgap. However, it shows a 
linear dependence (5.6 X 10!° — 6.2 x 10'! cm’) on 
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Figure 9 Symbolic drawing of the excitation mechanism: 
an oscillation of the carriers in the parabolic potential is initiated 
by ultrafast field screening. Reproduced from Bratschitsch R, 
Muller T, Kersting R, Strasser G and Unterrainer K (2000) Coherent 
terahertz emission from optically pumped intersubband plasmons 
in parabolic quantum wells. Applied Physics Letters 76: 3501, with 
permission from the American Institute of Physics. 


the number of optically excited carriers. These 
optically injected carriers are added to those from 
the modulation doping and cause a faster dephasing 
of the intersubband plasmon oscillation. This linear 
dependence due to carrier—carrier scattering has also 
been observed in Wolter’s experiments dealing with 
the dephasing of Bloch oscillations in semiconductor 
superlattices. The linewidth stays constant up to 
about 50 K (0.33 THz = 1.36 meV) and then starts to 
broaden until the sample temperature reaches 150 K 
where the PQW emission is buried by the surface- 
generated THz emission. The broadening of the line 
between T = 50 K and T = 150 K can be explained 
by the onset of optical phonon scattering in addition 
to interface roughness scattering which is the 
dominant scattering mechanism at low temperatures. 
The onset and linear increase of the line broadening 
has also been observed with Fourier Transform 
Infrared (FTIR) absorption and THz time-domain 
cross-correlation spectroscopy measurements by 
Kersting and co-workers. 

The combination of the designability of the 
transition frequency, the narrowband emission, and 
the absence of any processing of the sample make 
modulation-doped PQWs attractive and easy-to-use 
THz emitters. 

Other THz emission experiments of heterostruc- 
tures include the optically pumped emission of THz 
radiation from grating-coupled intrasub-band (2D) 
plasmons in a doped single quantum well observed by 
Sekine and co-workers or optically excited THz 
emission from coherent plasmons in doped super- 
lattices detected by Bratschitsch and co-workers. 


Few-Cycle THz Spectroscopy of 
Semiconductor Quantum Structures 


There are a large number of studies that use few-cycle 
THz radiation for the investigation of semiconductor 
bulk materials. The complex index of refraction in the 
THz regime gives insight into the conductivity (i.e., 
carrier mobility) of the material. The free carriers that 
change the index of refraction by Drude absorption 
can be provided either by doping (n-doped silicon or 
GaAs) or by photo-excitation. An optical pump-THz 
probe experiment with undoped GaAs reveals the 
different intervalley scattering times. 

There are compelling reasons to use THz radiation 
to excite and probe carriers in semiconductor quan- 
tum structures. The photon energies are comparable 
to the sub-band spacings, carrier kinetic energies, and 
phonon energies. In addition, THz radiation does not 
generate minority carriers so that the experiments 
directly probe free carriers rather than excitons. 

Heyman et al. investigated a modulation- 
doped GaAs/AlGaAs multiple quantum well 
(d = 510 A, 10x) with a transition energy between 
the two lowest sub-bands of 1.5 THz and a carrier 
density of n, =2.75X10!°cm~?. On top of the 
sample an aluminum Schottky gate is evaporated 
and the well is contacted with AuGe alloyed ohmic 
contacts. The wells can be depleted of carriers by 
applying a negative gate voltage to the Schottky gate 
(—10 V gate bias). By modulating the voltage between 
0V and —10V the response of the 2D electron 
system can be measured. Otherwise, the recorded 
signal is dominated by the contribution of the bulk 
GaAs substrate that dramatically chirps the THz 
pulse due to its frequency-dependent index of 
refraction. The THz pulses are coupled into the 
cleaved edge of the quantum well sample so that the 
electric field is parallel to the growth direction in 
order to excite the intersub-band transition. The 
electrons’ response is measured with a cross-corre- 
lation technique. Here the THz radiation transmitted 
through the quantum well is mixed with a short THz 
pulse emitted from low-temperature grown GaAs to 
get the desired time resolution in the experiment. This 
allows the detection of the transmitted signal in 
amplitude and phase. Figure 10 shows the cross- 
correlation signal of the QW. The signal from the 
carriers rises during the first 2 ps in response to the 
THz field and then continues to oscillate at a constant 
frequency of 1.5 THz. Due to the femtosecond time 
resolution in this experiment it is possible to observe 
the phase of the electrons even during the process of 
excitation. Initially, the incident THz pulse generates 
a coherent superposition of states in the first and 
second sub-band. After the THz driving pulse is over 
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(>2 ps) the carriers continue to radiate at the 
intersub-band transition frequency, and the signal is 
damped out by the free induction decay. Since the 
amplitude and phase of the radiated electric field is 


exciting 
THz pulse 


THz-Cross-correlation signal 





Delay (ps} 


Figure 10 Cross-correlation signal obtained by electrically 
modulating the charge density in a 510 A wide quantum well. The 
THz pulse generates a coherent superposition of the n = 1 and 
n=2 sub-band states. The resulting oscillating polarization 
radiates and is damped out by the free induction decay. The upper 
trace shows the incident THz pulse. Reprinted from Unterrainer K, 
Kersting R, Bratschitsch R, et al. (2001) Few-cycle THz 
spectroscopy of semiconductor quantum structures. Physica E 
9: 76, with permission from Elsevier. 
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Figure 11 Change in the absorption coefficient and index of 
refraction in the quantum well due to the quantum well electrons. 
Solid points are calculated from the time-domain data. Repro- 
duced from Heyman J, Kersting R and Unterrainer K (1998) Time- 
domain measurement of intersubband oscillations in a quantum 
well. Applied Physics Letters 72: 644, with permission from the 
American Institute of Physics. 


recorded, not only the absorption due to the QW 
electrons but also the phase shift associated with the 
absorption can be extracted (Figure 11). 

This experiment showed the response of the QW 
electrons to radiation which is resonant to the 
intersub-band transition. Using the same experimen- 
tal technique Kersting et al. investigated the response 
of electrons to a non-resonant excitation of the 
intersub-band transition. Instead of a square QW, a 
modulation-doped parabolic quantum well is used in 
this experiment which has the advantage that the 
transition frequency is independent of the carrier 
concentration (Kohn’s theorem) and the applied 
electric field. Furthermore the THz radiation is 
coupled to the intersub-band transition via a metallic 
Schottky grating. Figure 12 shows the response 
of the QW electrons to resonant THz radiation. 
The electrons follow the driving pulse and continue 
to radiate at the intersub-band transition frequency. 
The response to a nonresonant THz pulse is shown in 
Figure 13. Initially, the electrons inside the QW 
follow the driving pulse but when the driving pulse 
has ended a phase jump occurs and the electrons lock 
to their eigenfrequency and slowly lose their coher- 
ence. This behavior can be understood by using time- 
dependent perturbation theory to solve Schrédinger’s 
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Figure 12 Resonant excitation: (a) band diagram of an intersub- 
band transition of 2.2 THz and driving THz field at 2.0 THz; (b) 
exciting THz pulse (upper curve) and cross-correlation signal 
(lower curve). Reproduced from Kersting R, Bratschitsch R, 
Strasser G, Unterrainer K and Heyman J (2000) Sampling a THz 
dipole transition with sub-cycle time-resolution. Optics Letters 25: 
272, with permission from the Optical Society of America. 
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Figure 13 Nonresonant excitation: (a) band diagram of an 
intersub-band transition of 3.0 THz and driving THz field at 
1.6 THz; the oscillation frequency changes from 7; to To; (b) 
exciting THz pulse (upper curve) and cross-correlation signal 
(lower curve); (c) spectra of the exciting THz pulse (dotted curve) 
and cross-correlation signal (solid curve). Reproduced from 
Kersting R, Bratschitsch R, Strasser G, Unterrainer K and 
Heyman J (2000) Sampling a THz dipole transition with sub-cycle 
time-resolution. Optics Letters 25: 272, with permission from the 
Optical Society of America. 


equation for a two-level system with an electro- 
magnetic driving field. While the two-level system 
is treated quantummechanically, the dipole 
Hamiltonian is used for the incoming THz radiation: 
H=H°+H") and H'(t)=wE(t). Making the 
ansatz W(t) = a,(t)V, + a,(t)V2 one gets a system 
of two coupled equations for a;(t) and a2(t). They can 
be decoupled by the condition that the population in 
the lower level is close to one (lai =~ 1) since the 
THz radiation field is not very strong. Figure 14 
shows the result of the model calculation that 
reproduces the change in frequency as well as the 
observed phase jump after the driving pulse is over. 
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Figure 14 Model calculation of the polarization (dotted curve) 
and experimental data (solid line). Reproduced from Kersting R, 
Bratschitsch R, Strasser G, Unterrainer K and Heyman J (2000) 
Sampling a THz dipole transition with sub-cycle time-resolution. 
Optics Letters 25: 272, with permission from the Optical Society of 
America. 


These experiments are all performed in the linear 
regime but with nonadiabatic excitation conditions 
(half-cycle THz pulses). The excellent time resolution 
together with sufficiently high THz intensities can open 
up a previously unexplored field of quantum optics 
beyond the slowly varying envelope approximation. 


Conclusions 


The recent progress in the development of semicon- 
ductor sources together with room temperature THz 
detection techniques (free-space electro-optic 
sampling) paves the way for the commercialization 
of THz technology. In particular, spectrally sensitive 
THz imaging seems to have great potential in 
medicine and quality control of products. 


See also 


Semiconductor Materials: GaAs Based Compounds. 
Semiconductor Physics: Outline of Basic Electronic 
Properties; Quantum Wells and GaAs-based Structures. 
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Introduction 


Fluorescence is extensively used in physical, 
chemical, material, biological, and medical sciences, 


for investigating the structure and dynamics of 
matter or living systems. After excitation of a 
fluorescent sample by a short pulse of light, the 
fluorescence decay is, in the simplest case, a single 
exponential whose time constant is the lifetime of 
the excited state of the fluorescent species (i.e., the 
average time during which these species stay in the 
excited state). However, interactions of a fluorescent 
species with its micro-environment often perturb 
the fluorescence decay so that information on this 
micro-environment can be obtained. More specifi- 
cally, when intermolecular photophysical processes 
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(such as electron transfer, proton transfer, energy 
transfer, excimer, or exciplex formation) occur during 
the lifetime of the excited state, competition with 
normal de-excitation results in a fluorescence decay 
that contains the rate constants for those processes. 
Consequently, the fluorescence decay is generally a 
sum of discrete exponentials, or a more complicated 
function; for example, sometimes the system is 
characterized by a distribution of decay times. Thus 
it is of major interest to recover the parameters 
characterizing the 6-pulse response of a fluorescent 
sample (i.e., the response to an iznfinitely short pulse 
of light expressed as the Dirac function 6). With this 
aim, two time-resolved techniques, pulse fluorometry 
and phase-modulation fluorometry, are usually 
employed. 

In pulse fluorometry, the sample is excited by a 
short pulse of light, and the fluorescence response is 
the 6-pulse response of the sample convoluted by 
the instrument response. In phase-modulation fluoro- 
metry, the sample is excited by modulated light at 
variable frequency, and the harmonic response of 
the sample obtained is the Fourier transform of 
the 6-pulse response. The first technique works in the 
time domain, and the second technique in the 
frequency domain. Pulse fluorometry and_phase- 
modulation fluorometry are theoretically equivalent, 
but the principles of instrumentation are different. 
In both techniques, lasers are currently used as 
sources of pulsed or modulated light. 


Excitation 
Dirac Jatt) 





It is the aim of this article to explain the principles 
of pulse and phase fluorometries using lasers as light 
sources, and to compare these techniques. 


General Principles of Time-Resolved 
Fluorometry 


The principles of time-resolved fluorometry are 
illustrated in Figure 1. For any excitation function 
E(t), the fluorescence response R(t) of the sample 
is the convolution product of this function by the 
6-pulse response I(t): 


t 


RQ) = EQOM) = | E()lt—v¢) dt) [1] 


In pulse fluorometry, the sample is excited by a 
short pulse of light and the fluorescence response is 
recorded as a function of time. If the duration of the 
pulse is not short with respect to the time constants of 
the fluorescence decay, the fluorescence response is 
the convolution product given by eqn [1]: the fluo- 
rescence intensity increases, goes through a maxi- 
mum, and becomes identical to the true 6-pulse 
response i(t) as soon as the intensity of the light pulse 
becomes negligible. In this case, data analysis for 
the determination of the parameters characterizing 
the 6-pulse response requires deconvolution of the 
fluorescence response. 
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Figure 1 Principles of time-resolved fluorometry. 
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In phase fluorometry, the sample is excited by a 
sinusoidally modulated light at high frequency. 
The fluorescence response, which is the convolu- 
tion product (eqn [1]) of the &pulse response by 
the excitation function, is sinusoidally modulated 
at the same frequency, but delayed in phase and 
partially demodulated with respect to the exci- 
tation. The modulation ratio M is defined as the 
ratio of the modulation depth m (AC/DC ratio) of 
the fluorescence and the modulation depth of the 
excitation mg (see Figure 1). The phase shift ® 
and the modulation ratio M characterize the 
harmonic response of the system. These par- 
ameters are measured as a function of the 
modulation frequency. No deconvolution is necess- 
ary because the data are directly analyzed in the 
frequency domain. 

The relationship between the harmonic response 
and the 6-pulse response can be obtained as follows. 
When the excitation function is sinusoidal, i.e., of the 
following form: 


E@) = Eo[1 + mo exp(iat)] [2] 
where w is the angular frequency (=2zaf), the 


response of the system can be calculated using 
eqn [1]. It can then be shown that 


M exp(—j®) = th i(t) exp(—iat) dt [3] 


where i(t) is the normalized 6-pulse response 
according to 


| i(t) dt = 1 (41 
0 

This important expression shows that the harmonic 
response expressed as M exp(—j®) is the Fourier 
transform of the 6-pulse response. 


It is convenient to introduce the sine and cosine 
transforms P and O of the &-pulse response: 


P= iF i(t) sin(wt) dt [5] 


O= I, i(t) cos(wt) dt [6] 


If the 6-pulse response is not normalized according to 
eqn [4], then eqns [5] and [6] should be replaced by 


I, I(£) sin(wt) dt 
0 


= 
| I(t) dt 
0 


[7] 





i I(t) cos(wt) dt 
O a 0 


35 [8] 
| I(t) dt 
0 





Since eqn [3] can be rewritten as M cos ® — iM xX 
sin ® = CO — ?P, it is easy to show that the phase shift 
and the modulation ratio are given by 


P= ua'( 5) [9] 


M= [P? of. oy? [10] 


For a single exponential decay, the 5-pulse response 
is 


I(t) = a exp(~-t/7) [11] 


where 7 is the decay time and a is the pre-exponential 
factor or amplitude. The phase shift and relative 
modulation are related to the decay time by 


tan ® = wr [12] 


1 


M  —  — 
(1 + w?7*)'2 


[13] 


For a multi-exponential decay with 7 components, 
the 5-pulse response is 


I(t) = >. a; exp(-t/7) [14] 
i=1 


= 
Note that the fractional intensity of component j, i.e., 


the fractional contribution of component / to the total 
steady-state intensity, is 


I, I(t) dt ae 


I, I(t) dt 2H 
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with, of course, )7, fj = 1. 
Using eqns [7] and [8], the sine and cosine Fourier 
transforms, P and O, are given by 
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It should be noted that the optimum frequency for 
decay time measurements using either the phase shift 
or the modulation ratio is, according to eqns [12] and 
[13], such that w7 is close to 1, ie., f= 1/(277). 
Therefore, for decay times of 10 ps, 1 ns and 100 ns, 
the optimum frequencies are about 16 GHz, 
160 MHz and 1.6 MHz, respectively. 

In the case of a single exponential decay, eqns [12] 
and [13] provide two independent ways of measuring 
the decay time: 


— by phase measurements: 


Tj} = —tan® [18] 
@W 
— by modulation measurements: 
1/1 12 
= —-1 19 
ar ( M2 17] 


The values measured in these two ways should, 
of course, be identical and independent of the 
modulation frequency. This provides two criteria to 
check whether an instrument is correctly calibrated, 
by using a lifetime standard whose fluorescence decay 
is known to be a single exponential. 

It should be noted that the measurement of a decay 
time is fast (a fraction of a second) for a single 
exponential decay since a single frequency suffices. It 
is also of interest that a significant difference between 
values obtained by means of eqns [18] and [19] is 
compelling evidence for nonexponentiality of the 
fluorescence decay. 


Pulse Fluorometers 


The most widely used technique in time domain is the 
time-correlated single-photon counting technique, 
preferably called single-photon timing technique 
(SPT). Time-gated systems are less popular. Streak 
cameras offer a very good time resolution (a few 
picoseconds or less) but the dynamic range is smaller 
than that of the single photon-timing technique. The 
instruments that provide the best time resolution 
(a few tens of femtoseconds) are based on fluor- 
escence up-conversion, but they are very expensive 
and not commercially available. Because of space 
limitations, only the single-photon timing technique 
will be presented below. 


Principle of the Single-Photon Timing Technique 


The basic principle of this technique relies on the fact 
that the probability to detect a single photon at time ¢, 


after an exciting pulse, is proportional to the 
fluorescence intensity at that time. After timing and 
recording the single photons following a large 
number of exciting pulses, the decay of the fluor- 
escence intensity is reconstructed. 

Figure 2 shows a schematic diagram of a conven- 
tional single-photon counting instrument using a 
pulsed laser as an excitation source. An electrical 
pulse associated to the optical pulse is generated (e.g. 
by a photodiode or the electronics associated to 
the excitation source) and routed - through a 
constant-fraction discriminator — to the start input 
of the time-to-amplitude converter (TAC). Mean- 
while, the sample is excited by the optical pulse and 
emits fluorescence. The optics is tuned (e.g., by means 
of a neutral density filter) so that the photomultiplier 
detects no more than one fluorescence photon for each 
exciting pulse. The corresponding electrical pulse is 
routed — through a constant-fraction discriminator — 
to the stop input of the TAC. The latter generates an 
output pulse whose amplitude is directly proportional 
to the delay time between the start and the stop 
pulses. The height analysis of this pulse is achieved by 
an analog-to-digital converter and a multichannel 
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Figure 2 Schematic diagram of a single-photon timing 
fluorometer. 
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analyzer (MCA), which increases by one the contents 
of the memory channel corresponding to the digital 
value of the pulse. After a large number of excitation 
and detection events, the histogram of pulse heights 
represents the fluorescence decay curve. 

Obviously, the larger the number of events, the 
better the accuracy of the decay curve. The required 
accuracy depends on the complexity of the 6-pulse 
response of the system; for instance, a high accuracy 
is, of course, necessary for recovering a distribution of 
decay times. 

When deconvolution is required, the time profile of 
the exciting pulse is recorded under the same 
conditions by replacing the sample with a scattering 
solution (e.g., a suspension of colloidal silica 
(Ludox)). 

It is important to note that the number of detected 
fluorescence photons must be kept much smaller than 
the number of exciting pulses (<0.01—0.05 stops per 
pulse), so that the probability of detecting two 
fluorescence photons per exciting photon is negli- 
gible. Otherwise, the TAC will take into account only 
the first fluorescence pulse and the counting statistics 
will be distorted: the decay will appear shorter than it 
is in reality. This effect is called the ‘pile-up effect’. 


Laser Sources for the Single-Photon Timing 
Technique 


Mode-locked dye lasers and titanium-doped sapphire 
lasers are well suited to the single-photon timing 
technique: in fact, they can generate pulses over broad 
wavelength ranges, and the pulse widths are in the 
femtosecond and picosecond ranges with a high 
repetition rate. Flash lamps running in air, or filled 
with gas, can also be used, but the range of excitation 
wavelengths is limited; they deliver nanosecond 
pulses, and the repetition rate is not high (10*- 
10° Hz). Dye lasers require the handling of large 
volumes of dye solutions which must be replaced 
when the dye is bleached. In contrast, the Ti:sapphire 
laser is a solid-state laser that does not have this 


drawback and delivers shorter light pulses. Moreover, 
long operational lifetime, operational simplicity, 
reliability, and broad tunability are distinct advan- 
tages. For these reasons, Ti:sapphire lasers have 
become more popular, and are described below. 


Ti:sapphire lasers 

Titanium-doped sapphire crystals are obtained by 
replacing a small fraction of the Al atoms of the host 
(Al,O3) with Ti atoms. When the concentration of Ti 
is low, the optical quality and the mechanical 
properties of Ti:sapphire crystals are comparable to 
those of ruby crystals in ruby lasers. The absorption 
spectrum of Ti:sapphire crystals exhibits a maximum 
at 490 nm and a shoulder at 540 nm. Therefore, 
pumping can be achieved by an Argon ion laser or a 
green solid-state laser. The emission spectrum ranges 
from 600 to 1,100nm. Such a broad emission 
spectrum results from electronic coupling between 
the electronic levels of the 3d electrons with the lattice 
vibrations. Since excited-state absorption is not 
possible in the spectral region of the pump and the 
fluorescence spectrum, the tuning range is broad: it 
extends from 680 to 1,100 nm, i.e., almost over the 
entire fluorescence spectrum. 

The width of the pulses that can be generated by 
Ti:sapphire lasers ranges from a few tens of femto- 
seconds to about 100 picoseconds. Commercially 
available Ti:sapphire lasers can operate either in 
the femtosecond configuration or in the picosecond 
configuration. In time-resolved fluorescence exper- 
iments using the single-photon timing technique, the 
instrument response is limited by the time response of 
the photomultiplier; the shortest width of this 
response that can be measured with the faster 
detectors (i.e., microchannel plate photomultipliers) 
is about 30-40 ps (see below). Therefore, there 
is no reason to operate the Ti:sapphire laser in the 
femtosecond configuration. In the picosecond 
configuration, the pulse width is <2—100 ps. 

Figure 3 shows the six-mirror folded cavity 
design for the picosecond configuration in a Tsunami 
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Figure 3 Beam path of the laser cavity of the Tsunami Ti:sapphire laser (Spectra Physics) operating in the picosecond configuration 
(Adapted from the Tsunami brochure with permission of Spectra Physics). 
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A normal electrolytic must be connected the correct way in a circuit because it has a thin 
insulating layer covering the plates that has a high resistance. 

If you connect the electrolytic around the wrong way, this layer "breaks-down" and the resistance 
of the electrolytic becomes very small and a high current flows. This heats up the electrolytic and 
the current increases. Very soon the capacitor produces gasses and explodes. 

One big mistake in many text books shows how to make a non-polar electrolytic by connecting 
two "back-to-back." 

They claim 2 x 100u connected back-to-back is equal to 47u. 

This appears to be case when testing on a meter but the meter simply charges them for a short 
period of time to get a reading. 

If you allow them to charge fully you will find the reverse electrolytic has a very small voltage 
across it. 

Secondly, when you are charging them, you are putting a high current through the reverse 
electrolytic and damaging the layer. 

To prevent this, you need to add two diodes as shown in the diagram. 

In addition, 2 x 100u "back-to-back" is very near 100u. 


Here is a question from a reader: 
I have an amplifier with 2 x2,200u electrolytics on the output of a bridge. Can | replace 
them with a single 10,000u? 
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You need to look at the circuit of your amplifier. The two 2,200u electrolytics are possibly 
connected as shown in the circuit above and you will notice they are joined to produce a positive 
rail and a negative rail with zero (called earth) in the centre. 

This forms two different circuits with the top electrolytic filtering the positive rail and the bottom 
electro filtering the negative rail. They must be connected to the zero volts rail. 

A single 10,000u cannot be connected to the Ov rail and cannot be substituted for the two 
electro's. 

You can easily determine of the two electro's are connected as shown above. 

Test the positive terminal of each electro by placing the negative of the meter on the chassis. 

If the positive of one electro have zero volts, it will be the lower electro in the diagram above. The 
negative terminal of the electro will have a minus voltage on it. 


VOLTAGE RATING OF CAPACITOR 

Capacitors have a voltage rating, stated as WV for working voltage, or WVDC. This 
specifies the maximum voltage that can be applied across the capacitor without 
puncturing the dielectric. Voltage ratings for "poly," mica and ceramic capacitors are 
typically 50v to 500 VDC. Ceramic capacitors with ratings of 1kv to 5kv are also 
available. Electrolytic capacitors are commonly available in 6v, 10v 16v, 25v, 50v, 
100v, 150v, and 450v ratings. 
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Figure 4 Schematics of the excitation system in time-resolved fluorescence experiments. 


Ti:sapphire laser (Spectra Physics). A Brewster’s 
angle acousto-optic modulator, driven by a low- 
power rf source, insures an 80 MHz repetition rate. 
Consequently, in contrast to standard passive 
mode-locking systems, the laser can operate for 
long periods without dropouts or shut-downs. 
Gires—Tournois Interferometer (GTI) mirror spacing 
is used for tuning the laser cavity. Wavelength tuning is 
achieved by means of a two-plate birefringent 
filter placed within the laser cavity at Brewster’s 
angle. The tuning range depends on the mirror sets 
that are used. With broadband cavity mirrors, the 
entire tuning range of Ti:sapphire is covered, i.e., from 
below 700 nm to greater than 1,000 nm, and changes 
in wavelength can be made in a matter of minutes. 

When pumping with a 10 W argon ion laser, the 
average output power is about 1.5 W at 800 nm and 
the pulse energy is about 15 nJ. Argon ion lasers can 
now be advantageously replaced by cw green solid- 
state lasers (532 nm) in which the gain medium 
(Nd:YVOg4) is pumped by diodes, and a LBO crystal 
placed inside the cavity ensures frequency doubling. 
These lasers offer several advantages: the head is 
compact and does not require external cooling water; 
it is insensitive to temperature, and thermal equili- 
bration is very rapid. 

Since the excited-state lifetime of fluorescent com- 
pounds can be as long as several hundreds of 
nanoseconds, the repetition rate of 80 MHz is too 
high to let the fluorescence of long lifetime samples 
vanish before a new exciting pulse is generated. 
Therefore, it must be limited to a few MHz, thanks 
to a pulse picker using a Bragg-angle acousto-optic 
modulator synchronized to the mode-locked 80 MHz 
pulse train. Selection of pulses from the train can thus 
be achieved at a maximum pulse selection rate of 
8 MHz. 

For excitation of fluorescent samples, wavelengths 
in the visible and UV regions are desirable. Frequency 
doublers and triplers using LBO and BBO crystals, 
respectively, have been designed with this aim. 
The possible tuning ranges are shown in Figure 4. 
When pumping with a 10 W argon ion laser, the 
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Figure 5 Example of data obtained by the single-photon timing 
technique using a Spectra-Physics setup composed of a titanium- 
sapphire Tsunami laser pumped by an argon ion laser, a pulse 
selector, and doubling (LBO) and tripling (BBO) crystals. The 
detector is a Hamamatsu MCP photomultiplier R3809U. The 
sample is a solution of DANS1 (a derivative of dansylamide) in a 
mixture CH3CN/H2O (60:40 v/v) at pH 0.8. Excitation wavelength: 
286 nm. Channel width: 9.8ps. A: Observation through a 
bandpass filter (300—370nm) of the protonated form that 
undergoes photoinduced deprotonation. B: Observation through 
a cut-off filter (A > 400 nm) of the neutral form; the observed 
risetime corresponds to the formation of the neutral form from 
the protonated form. Global analysis of the two curves leads 
to two time constants: 183+9ps and 3.01 + 0.03ns 
(Global v2, = 1.26) (Métivier R, Leray | and Valeur B, unpublished 
results. Métivier R, doctoral thesis, Ecole Normale Supérieure de 
Cachan, 2003). 


average output powers are about 300mW and 
120 mW for frequency doubling and tripling, 
respectively. 

With Ti-sapphire lasers and microchannel plate 
photomultipliers, decay times as short as 10 ps can be 
measured. 

The results of an experiment are shown in 
Figure 5. 
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Pulsed diode lasers 

Picosecond diode laser heads offer an interesting 
alternative to mode-locked lasers and are much 
less expensive. They can produce light pulses as 
short as 50-90 ps with repetition rates from 
single shot to 40-80 MHz. Peak powers up to 
500 mW can be obtained. However, the main 
disadvantage is the absence of tunability, and the 
number of wavelengths is limited: 375, 400, 440, 635 
to 1,550nm. No wavelength below 375 nm is 
presently available. 


Phase-Modulation Fluorometers 


In the frequency domain, the phase and modulation 
measurements can be taken by using either a cw laser 
and an optical modulator, or the harmonic content of 
a pulsed laser. 


Phase Fluorometers Using a cw Laser and an 
Optical Modulator 


The optical modulator is generally a Pockels cell. 
Low-power cw lasers are sufficient and not as 
expensive as pulsed lasers, so that one can afford 
several lasers of this type in order to get various 
excitation wavelengths. Available wavelengths from 
cw lasers are given in Table 1. A Xenon lamp can also 
be used; however, the optical modulator works better 
with a cw laser. 

Figure 6 shows the schematic diagram of a 
multifrequency phase-modulation fluorometer 
using a cw laser and a Pockels cell. A beamsplitter 
reflects a few percent of the incident light towards 
a reference photomultiplier (via, or not, a cuvette 
containing a reference scattering solution). The 
fluorescent sample and a reference solution (con- 
taining either a scatter or a reference fluorescent 
compound) are placed in a rotating turret. The 
emitted fluorescence or scattered light is detected 
by a photomultiplier through a monochromator or 
an optical filter. The Pockels cell is driven by a 
frequency synthesizer and the photomultiplier 
response is modulated by varying the voltage at 
the second dynode by means of another frequency 





Table 1 Examples of available wavelengths from low-power cw 
lasers 

Laser Wavelength (nm) 

He—Cd 325; 442.5 

He-Ne 543.3; 594; 611.9; 632.8 
Ar‘? 457.9; 476.5; 488.0; 514.5 


*High-power argon ion lasers can also provide wavelengths of 
351.1 and 363.8 nm. 
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Figure 6 Schematic diagram of a multifrequency phase- 
modulation fluorometer using a cw laser and a Pockels cell 
(S: sample; R: reference; PM: photomultiplier). 
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synthesizer locked in phase with the first one. 
The two synthesizers provide modulated signals that 
differ in frequency by a few tens of Hz in order to 
achieve cross-correlation (heterodyne detection). This 
procedure offers excellent accuracy because the 
phase and modulation information contained in the 
signal is transposed to the low-frequency domain, 
where phase shifts and modulation depths can be 
measured with a much better accuracy than in the 
high-frequency domain. 

Practically, the phase delay @pg and the modulation 
ratio mp of the light emitted by the scattering solution 
are measured with respect to the signal detected by 
the reference photomultiplier. Then, after rotation of 
the turret, the phase delay ¢¢ and the modulation 
ratio mp for the sample fluorescence are measured 
with respect to the signal detected by the reference 
photomultiplier. The absolute phase shift and modu- 
lation ratio of the sample are then ® = df — dp and 
M = m,/mp, respectively. 

Figure 7 shows an example of an experiment. 


Phase Fluorometers Using the Harmonic Content 
of a Pulsed Laser 


The type of laser source that can be used is exactly 
the same as that for single-photon timing pulse 
fluorometry (see above). Such a laser system that 
delivers pulses in the picosecond range, with a 
repetition rate of a few MHz, can be considered as 
an intrinsically modulated source. The harmonic 
content of the pulse train — which depends on the 
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Figure 7 Example of data obtained by the phase and 
modulation technique using a fluorometer is equipped with a cw 
Omnichrome He—Cd laser (442 nm) and a Pockels cell operating 
at frequencies ranging from 0.1 to 200 MHz. The sample is a 
solution of a calcium complex of a crowned merocyanine (DCM- 
crown) in acetonitrile (observation through a Balzers bandpass 
filter centered at 581 nm). The solid line corresponds to the best fit 
with a biexponential decay. Weighted residuals are shown for the 
best fit with one and two exponentials. The time constants are 
1.87 + 0.04 and 0.35 + 0.09 ns with fractional intensities of 0.85 
and 0.15, respectively. The value of y? is 1.01. (Redrawn from 
Martin MM, Plaza P, Meyer YH, et al. (1996) Steady-state and 
picosecond spectroscopy of Lit or Ca®* complexes with a 
crowned merocyanine. Reversible photorelease of cations. 
Journal of Physical Chemistry 100: 6879-6888, with permission 
from the American Chemical Society). 


pulse width (as illustrated in Figure 8) — extends to 
several gigahertz. 

For high-frequency measurements, normal photo- 
multipliers are too slow, and microchannel plate 
photomultipliers are required. However, internal 
cross-correlation is not possible with the latter and 
an external mixing circuit must be used. 

The time resolution of a phase fluorometer, using 
the harmonic content of a pulsed laser and a 
microchannel plate photomultiplier, is comparable 
to that of a single-photon timing instrument using the 
same kind of laser and detector. 


Data Analysis 


In both pulse and phase fluorometries, the most 
widely used method of data analysis is based on a 
nonlinear least-squares method. The basic principle 
of this method is to minimize a quantity which 
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Figure 8 Harmonic content of a pulse train. Example of 
numerical values: Af = 4 MHz; At = 4 Ps; f, = 44 GHz. 


expresses the mismatch between data and fitted 
function. This quantity is the reduced chi-square y?, 
defined as the weighted sum of the squares of the 
deviations of the experimental response R(¢;) from 
the calculated responses R,(t;): 


1X7 Ra) - Rt) F 
Qe 1 ci 
a >| aD 


i=1 





[20] 


where N is the total number of data points and a (i) 
is the standard deviation of the ith data point, i.e., 
the uncertainty expected from statistical consider- 
ations (noise). v is the number of degrees of freedom 
(v=N-—p, where p is the number of fitted 
parameters). The value of y? should be close to 1 
for a good fit. 

In the single-photon timing technique, the statistics 
obey the Poisson distribution and the expected 
deviation o(i) is approximated to [R(t,)]’” so that 
eqn [20] becomes 


[21] 
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In phase fluorometry, no deconvolution is 
required: curve fitting is performed in the frequency 
domain, directly using the variations of the phase 
shift ® and the modulation ratio M as functions 
of the modulation frequency. Phase data and 
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modulation data can be analyzed separately, or 
simultaneously. In the latter case the reduced chi- 
squared is given by 
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[22] 





where N is the total number of frequencies. In this 
case, the number of data points is twice the number 
of frequencies, so that the number of degrees of 
freedom is v= 2N — p. 

In addition to the value of y7, it is useful to 
display graphical tests. The most important of 
them is the plot of the weighted residuals 
defined as 


R(t) — R.(é) 
oti) 


where o(i)=[R(t)]'7 for single-photon coun- 
ting data. The fit is satisfactory when the weighted 
residuals are randomly distributed around zero. 


WG) = [23] 


Concluding Remarks 


From the instrumental point of view, the latest 
generations of pulse and phase fluorometers both 
use pulsed lasers (usually Ti:sapphire lasers) and 
microchannel plate detectors; only the electronics is 
different. Since the instrument response is mainly 
limited by the time response of the detector, the 
time resolution is the same for both techniques. 
Moreover, the optical module is identical so that 
the total cost of instrumentation is similar. 

There are, however, significant differences 
between pulse and phase fluorometers from the 
methodological point of view. In pulse fluorometry, 
the single-photon timing technique offers various 


advantages: direct visualization of the fluorescence 
decay; high sensitivity; outstanding dynamic range 
and linearity; and well-defined statistics (Poisson 
distribution) allowing the accurate weighing of 
each point in data analysis. In phase-modulation 
fluorometry, the main advantage is that no 
deconvolution is necessary, while this operation is 
often necessary in pulse fluorometry and requires 
great care in recording the instrument response, 
especially for very short decay times. Moreover, the 
short acquisition time for phase shift and modu- 
lation ratio measurements at a given frequency is a 
distinct advantage. 


See also 


Ultrafast Laser Techniques: Pulse Characterization 
Techniques. 
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Introduction 


In this article we explore the use of ultrashort pulsed 
lasers in time-resolved fluorescence measurements for 


the study of the dynamics of excimer formation and 
energy transfer/migration in synthetic aromatic poly- 
mers. The temporal profile of monomer and excimer 
emission, and the use of time-resolved fluorescence 
polarization approaches are discussed. 

The use of lasers in chemistry has most often 
exploited the high degree of spectral purity achievable 
with these devices, in both photochemical and 
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high-resolution spectroscopic applications. Through 
the use of lasers, we also have the ability to generate 
pulses of light of ultrashort duration (a few femtose- 
conds) and of incredibly high peak powers (peta- 
watts), characteristics significantly beyond those 
achievable with conventional (incoherent) light 
sources. This enables the kinetics of the many 
photophysical and photochemical processes that 
occur on ultrafast time-scales with high efficiency 
within polymers, to be determined through various 
time-resolved measurements. 

These processes are dealt with in detail in specialist 
photochemistry textbooks and so knowledge of the 
terms associated with photochemistry and photo- 
physics is assumed (e.g., electronic configurations, 
orbitals, spin, multiplicity, etc.). 

Following the absorption of light, an isolated 
chromophore will be in one of its excited electronic 
and vibrational states. Once formed, the excited state 
of a molecule will only survive for a limited time, with 
the molecule losing its excess energy to return to a 
preferred lower energy state (electronic configur- 
ation). It can do this through a number of spon- 
taneous, radiative, and nonradiative deactivation 
processes, each with its own characteristic rate 
constant k;,. Nonradiative pathways include internal 
conversion (IC), such as intramolecular vibrational 
redistribution, and vibrational coupling to the bath, 
and inter-system crossing (ISC) between singlet and 
triplet manifolds. Radiative pathways involve the 
emission of a photon of light, in the form of 
fluorescence or phosphorescence. 

The time the molecule spends in the excited state 
is determined by the rates of all the pathways 
that contribute to the overall deactivation of that 
state. The lifetime, 7, of a singlet state is therefore 


defined as: 


= 1 —_ 1 iy 

Keo hie hme e  Re 

In systems of higher chromophore concentration, 
such as aromatic-containing polymers, additional, 
bimolecular pathways are available through which 
the excess excited state energy may be dissipated, 
making it rare that a single fluorescence ‘lifetime’ is 
observed from polymer systems. The observation of 
complex (multi- or nonexponential) fluorescence 
decay profiles sometimes invokes the use of the 
terms ‘average lifetimes’ or ‘lifetime distributions’. 

The complex nonexponential fluorescence decay 
behavior observed, particularly from polymer 
systems, has been variously attributed to one or 
more of the following factors: molecular aggrega- 
tion (e.g., excimer/exciplex equilibria); acid—base 
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Figure 1 Schematic representation of some of the photo- 
physical processes in polymers. 


equilibria (e.g., proton transfer); one-, two-, or 
three-dimensional energy transfer and energy migra- 
tion (and variations in the singlet energy migration 
length); electron transfer; molecular motion (trans- 
lational diffusion, rotational relaxation); vibrational 
or solvent relaxation; concentration quenching; 
fluorescent impurities, etc. The kinetics of excimer 
formation are further complicated by heterogeneity 
of kinetically distinct monomer and/or excimer 
species, configurational and conformational influ- 
ences upon excimer formation, and the time 
dependence of energy trapping (excimer formation) 
through nonequilibrium diffusion-controlled pro- 
cesses. Here, we will concentrate on excimer 
formation and energy migration in synthetic aro- 
matic polymers, as shown schematically in Figure 1. 


Ultrafast Laser Spectroscopic Techniques 


A wide range of experimental techniques and 
instrumentation is available for the study of 
time-resolved processes in polymers. The most widely 
used methods rely on the detection of emission from 
the polymer. Fluorescence-based techniques are pop- 
ular for investigating time-dependent processes in 
polymers, since the time-scales involved in many of 
the photochemical and photophysical processes dis- 
cussed correspond with the time-scales on which 
fluorescence occurs (normally on the subpicosecond 
to nanosecond time-scales). Phosphorescence usually 
occurs on significantly longer time-scales and there- 
fore is less likely to be competitive with fluorescence 
or other radiative or nonradiative deactivation path- 
ways under normal conditions. Fluorescence-based 
techniques are attractive for reporting on a number 
of time-dependent processes since fluorescence is 
inherently multidimensional, it can be readily 
resolved temporally, and fluorescence detection can 
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be extremely sensitive, achieving single photon and 
single molecule detection levels. 

Amongst the most commonly used fluorescence- 
based techniques are: time-correlated single photon 
counting (TCSPC, or single photon timing), fluor- 
escence transient digitization, and ultrafast streak 
cameras. Methods such as transient absorption (flash 
photolysis) can also provide some details regarding 
the identity of short-lived species formed following 
photo-excitation. Other ultrafast laser techniques 
have been applied to the study of time-dependent 
processes in polymers in order to achieve higher 
temporal resolution. So-called pump-probe methods 
provide the ultimate in time-resolution and can be 
combined with fluorescence detection through 
the use of Kerr shutters or ultrafast fluorescence 
upconversion techniques. Other, more complex 
pump-probe methods, such as transient grating and 
multiple pulse photon echo measurements, are 
potentially very powerful tools in the study of time- 
resolved processes in polymers. 

The generation of short pulses of light can be 
achieved through numerous mechanisms, including 
active or passive mode-locking and Q-switching 
techniques, and superradiance processes (e.g., in 
nitrogen lasers). Lasers capable of producing short 
(~ns) pulses of light by Q-switching are usually 
characterized by high energies per pulse (from pJ up 
to many hundreds of mJ/pulse) at low (~Hz—kHz) 
pulse repetition rates. Lasers producing pulses of 
ultrashort duration (often in the picosecond or 
femtosecond region) through mode-locking tech- 
niques, characteristically operate at high pulse 
repetition rates (~MHz) and with lower energies 
per pulse (~nJ/pulse). It should be noted that even 
pulses of a few nJ energy delivered in ~100 fs, still 
have peak powers of tens of kW. These high peak 
powers enable the generation of a range of excitation 
wavelengths suitable for the study of polymer systems 
through nonlinear optical wavelength conversion 
processes, such as second-harmonic generation 
(SHG) and optical parametric oscillation (OPO) 
devices. 


Excimer Formation 


Excimers (or excited-state dimers) are formed when 
an aromatic molecule, while in its excited electronic 
state, 'M”, interacts with a second molecule of the 
same chemical type in its ground electronic state, 
'M. Excimer formation is often observed in con- 
centrated molecular systems such as concentrated 
solutions and molecular crystals; however, it can 
also occur in dilute solutions of polymers contain- 
ing aromatic chromophores, or in the confined 


environment of solid polymer systems such as 
homopolymer films. 

The structure of excimers in solution is generally 
thought to be a face-to-face, coplanar, sandwiched, or 
in some cases, partially eclipsed arrangement of the 
two constituent aromatic moieties, which attempt to 
adopt the lowest possible energy configuration, with 
a separation of 3-4 A, as depicted in Figure 2. A 
range of possible excimer configurations may exist 
rather than just the two extremes. 

A feature of excimers is that they have a 
dissociative ground state (Figure 3), i.e., they do not 
exist prior to the absorption of light by one monomer 
chromophore and thus cannot be formed directly 
without the coming together of the two constituent 
chromophores within the lifetime of the 'M”. 
Excimers, being of lower energy than the correspond- 
ing excited monomer species and with this dissocia- 
tive ground state, usually exhibit characteristically 
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Figure 2 (a) Sandwiched and (b) partially eclipsed excimer 
configurations. 


1M? +'M 






Energy 


(MM)* 
by! 


1M +'1M 


r 


Figure 3 Schematic potential energy diagram for excimer 
formation and decay. r represents the monomer—monomer 
separation. 
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broad, structureless emission to the red of the 
monomer emission (Figure 4). Upon the emission of 
fluorescence from an excimer, the complex loses its 
excess energy and dissociates back to two ground 
state monomer units (i.e., 2 'M). Excimers may 
also dissociate back to a noninteracting pair of 'M* 
and 'M. 

Excimer formation of simple aromatic molecules 
in solution is often modeled on the kinetic scheme 
proposed by Birks and co-workers (Figure 5). From 
Figure 5, if a 8-pulse excitation, represented by 
hv,ps, is used to produce an initial concentration of 
excited singlet monomer molecules, ['M*],, then 
such a scheme results in the following rate 
equations: 


d['M*] _ 


= kup['(MM)"] — X['M*] [2] 


d['(MM)*] 
S k 
dt 


where X=kpyt+knm+kpml'M*] =kut+kpm[' MI, 
Y=kegp t knp kup = kp kmp- 


pul M]['M*]-Y[(MMy‘] [3] 
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Figure 4 Schematic representation of monomer and excimer 
emission. 
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Figure 5 Kinetic scheme for excimer formation where hy and 
hvp represent the emission of photons by the monomer and 
excimer species respectively, ky and kp comprise the sum of the 
various rate constants for all deactivation pathways for the 
monomer and excimer respectively (excluding Kyp and kp) 
(e.9., Ky = Kem + Knm where key and kyy are the radiative 
(fluorescence) and nonradiative deactivation rate constants 
respectively of the monomer). 


Solving these rate equations and applying the initial 
conditions ['M*], = ['M*], and ['(MM)*], =0 at 
t = 0, yields expressions given below for the decay of 
monomer and excimer fluorescence intensity with 
time. The emission intensity (monitored in a spectral 
region in which only the monomer ['M"] species 
emits), will have the temporal form given by eqn [4]: 





yy" 
iu (t) = Rem 7 -_ 
A a 
= E a = Jess dd) + Aexp(—Ao0)| 
[4] 
where 
(X— A) 
ia 
(A, —X) 


Ai2 = St y=|(y- X)?+4kupkom['M']} 


The emission intensity collected from a spectral 
region in which the excimer ('[MM]"*) species only 
emits, will have the temporal form given by eqn [5]: 


['D" 


7 kepkpm[!M] 
(Az — Ay) 


ip(t) = kpepkpm 





Jew dt) — exp( At)| 
[5] 


If excimer formation follows Birks’ scheme, then 
the decay profile of the monomer fluorescence should 
therefore be described by the sum of two exponential 
decay terms, and the excimer emission by an 
exponential growth term and a decay term 
(Figure 6). Only two decay constants, A; and A, 
should be required to fit both the monomer and 
excimer fluorescence profiles successfully. This is 
often not observed, which has led to the introduction 
of more complex interpretations. 

In synthetic aromatic polymers, the effective local 
concentration of the aromatic molecules can be high 
while the concentration of polymer chains in solution 
may be very low. This means that excimer formation 
can be significant in such polymers, even in dilute 
solution. In fact, in some polymers the emission is 
dominated by excimers over monomers. The fact that 
the excimers are of lower energy than the correspond- 
ing excited monomer species also means that they can 
act as effective traps of excitation energy that might 
be migrating/relocating within a polymer chain as 
discussed below. 
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Figure 6 Examples of (a) monomer and (b) excimer fluor- 
escence decays. 


Excimer formation in solutions of aromatic poly- 
mers is generally thought to proceed via a compli- 
cated route that may involve a combination of 
electronic energy transfer and migration, segmental 
rotation, and chromophore diffusion. It is believed 
that energy migrates along a polymer chain until sites 
suitable for excimer formation are encountered, at 
which point the energy is trapped. A number of 
mechanisms for the formation of suitable excimer 
sites in polymers are then conceivable. These include: 


(i) interactions between chromophores belonging 
to different chains (this intermolecular excimer 
formation is highly concentration dependent); 

(ii) interactions between two chromophores far 
removed from each other, but on the same 
chain. This necessitates mainchain confor- 
mational changes and side group motions during 
the excited state lifetime, so as to bring both 
molecules together; 

near neighbor interactions (c.f. Hirayama’s 

‘n = 3’ rule). The configuration required for 

excimer formation need not exist prior to 

excitation provided that the two constituent 
groups can attain the required geometry within 
the lifetime of the excited chromophore; or 
preformed sites, suitable for excimer formation, 
present in the polymer before the initial absorp- 
tion of light occurs. These may be formed by 
interactions between nearest neighbor chromo- 
phores or between two chromophores on loops 
of the same, or different chains in cases where 
chain motion is restricted. 


(iii) 


The first two of these mechanisms depend upon 
segmental motion of the polymer chain and the 


third mechanism may depend upon rotation of 
the chromophore/s to adopt the close proximity 
and optimum orientational configuration required 
for excimer formation. In solution, this may be, 
at least partially, diffusion-controlled, causing a 
dominant complicating factor in the kinetics of 
excimer formation in polymeric systems. One 
approach is therefore to substitute a time-dependent 
expression for the rate coefficient of excimer for- 
mation, kpy(t) = A + B/Vt, (based on the Einstein- 
Smoluchowski diffusion theory), for kp, into the 
rate equations. Such an approach produces the 
following expression for the time dependence of 
the monomer fluorescence, Iy,4(t) in the presence of 
diffusion-controlled excimer formation and the 
absence of excimer back dissociation: 


Iy(t) = A exp{ — at — bv} [6] 


In some cases, such as when excimer back 
dissociation cannot be neglected, more complex 
functional forms have been derived, such as: 


Iy(t) = A exp{ — at — bvt} + Bexp{ — tz} [7] 


Similar expressions can be derived for the time 
dependence of the excimer fluorescence, Ip(t). More 
detailed expressions for the term k(t)py, involving 
the complete form of the diffusion rate coefficient, 
have also been used in such approaches. 

A related approach is the concept of ‘convolution 
kinetics’, in which the intimate dependence of 
excimer formation upon the monomer decay is 
emphasized. Once formed, the excimer is assumed 
to decay exponentially. The excimer fluorescence 
temporal profile is predicted to take the form: 


-t 
Iz) = k (u(t) ® exp( — ) [8] 
where ® represents the convolution integral and Ig(t) 
and Iy4(t) are the measured decay profiles in the 
excimer and monomer emission regions respectively. 


Electronic Energy Transfer, Energy Migration 
and Trapping 


In polymers the high local concentration of chromo- 
phores makes additional deactivation pathways 
competitive with the other photophysical proces- 
ses. The excess energy may transfer from the excited 
fluorophore of interest to a lower energy chromo- 
phore. Three of the more common possible mecha- 
nisms, through which energy transfer can occur, are: 


(i) Radiative (‘trivial’) — involves the reabsorption 
of donor emission by an acceptor chromophore. 


TIME-RESOLVED FLUORESCENCE / Measurements in Polymer Science 189 





(ii) Resonance (Dipole—Dipole, Férster) — long- 
range (15-100 A), nonradiative, single-step 
energy transfer process arising from Coulombic 
(dipole-dipole) interactions between an 
excited-state donor chromophore, D*, and an 
initially unexcited acceptor, A. Forster derived a 
statistical expression for the (first-order) rate 
constant, for such a process, considering three- 





dimensional, dipole-dipole interactions 
between stationary molecules: 

9000K7 In 10 (° fo(Deq() 
R(R)psa = - dp 
(0-4 = F7 gat NapR® I, aa 


6 
-(®) [9] 
TD \ TD 


where R is the donor-acceptor distance, do is 
the quantum yield for emission from the donor 
in the absence of acceptor molecules, 7 is the 
refractive index of the solvent, 7p is the lifetime 
of the donor excited state (reduced by the onset 
of electronic energy transfer), N is Avogadro’s 
number, « is a constant dependent on the mutual 
orientation of the donor and acceptor mol- 
ecules, and the integral term is a measure of the 
spectral overlap between the donor emission 
profile, fp(¥ (in quanta cm‘ and normalized to 
unit area) and the acceptor absorption profile, 
€,(%) (converted to molar extinction coefficients 
and measured on a wavenumber scale). R, is the 
critical transfer distance, at which the prob- 
ability of resonance transfer, k(R)p-—.,, is equal 
to the probability of spontaneous decay, 1/tp. 
Exchange mechanism — also a nonradiative, 
single-step process but involves the exchange of 
electronic excitation when the donor and 
acceptor are close enough so that their electron 
clouds overlap. Consequently it only operates 
over small distances. Dexter has derived a rate 
expression for exchange energy transfer, again 
assuming that the donor and acceptor molecules 
are stationary: 


(iii) 


2 
kya = ($7)? | fo meatnde [10] 


where Z? = K? exp(—2R/L) and K and L are 
simply constants. 


It has been clearly demonstrated that energy 
transfer, from pendant aromatic monomer units to 
chemically bound acceptor chromophores, can occur 
with high efficiency and is influenced significantly by 
polymer structure and conformation. 


In addition to energy transfer between D* and A 
(being different chemical species), more than one 
exchange of excitation energy between chemically 
and spectroscopically identical chromophores, 
attached by covalent bonds to a polymer chain, can 
occur. A single step between identical units is still 
termed energy transfer, while more than one such step 
in a sequence would constitute intramolecular energy 
migration. 

Energy migration is a long-range process, thought 
to occur via a series of energy transfer steps occurring 
between chromophores, either: (i) along the polymer 
chain (often the adjacent groups); (ii) across loops ina 
single polymer chain; or (iii) across different polymer 
chains. The migration continues until either a trap site 
is encountered or one of the chromophores excited in 
the migration process deactivates spontaneously. 
Each step is believed to occur with a probability 
defined by the exchange or Férster mechanisms, but 
since the energy transfer occurs between donor and 
acceptor groups, which are of the same type, the 
spectral overlap integral involved in both mechanisms 
will usually be small. The distances over which such 
energy transfer can occur therefore cannot be large 
and typically takes values of <10—20 A. It is worth 
noting that many authors consider the energy to 
migrate as an incoherent exciton (where the term 
exciton is used in a much looser sense than is 
customary among solid-state physicists). 

Long-range energy migration can only occur by 
energy transfer from the initially excited chromophore 
to ground state chromophores of the same, or lower, 
energy. If energy transfer is favorable between one 
chromophore and another of the same energy, then 
back transfer to the initially excited chromophore is 
also highly probable. When there is a change in the 
emission and absorption dipole orientations, caused 
by rotation of the chromophores relative to one 
another on the time-scale of the energy transfer step, 
or the transfer is to a chromophore of significantly 
lower energy, then the probability of energy transfer 
back to the original chromophore might be reduced. 
The lower energy chromophores on the polymer 
chain may therefore act as ‘traps’ of the excitation 
originally absorbed by a higher energy chromophore, 
even in the absence of excimer energy trap sites. 

Various approaches have been proposed for mod- 
eling the kinetics of energy migration. One can 
consider the time-dependent nature of each energy 
transfer step of the migration process, and introduce a 
time-dependent rate coefficient for each step of the 
energy migration process, kpp(t). The form for kpp(t) 
by Sienicki et al., is given by eqn [11], which leads to 
nonexponential functions predicted for the ensemble 
averaged probability that an originally excited donor 
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molecule is still excited at time f: 


A t A/n-1 
kpp(t) = (2) yeora = am(—~) [11] 
n TOD 
where A(=1, 2, 3) is the dimensionality of the 
medium, m(=6, 8, 10,...) is the order of the 
interaction, Top is the lifetime of the donor fluor- 
escence, I(x) is the gamma function, ya is a constant 
dependent upon A and cp is the donor concentration. 

Energy migration has also been considered as a 
diffusion-like process, and the Smoluchowski diffu- 
sion theory adopted. The rate coefficient for energy 
migration, k(t)pq, is then expressed in a form similar 
to the time-dependent rate coefficient for partially 
diffusion-controlled reactions (eqn [12]). In this type 
of treatment, the rate of change of the concentration 
of excited monomer chromophores, 'M*, is assumed 
to be given by eqn [13]: 





kim = 4aN'RDof 1 ee Re(mDey "| [12] 
d['M* 1 : 
= be I, (2 + ke |['M ] [13] 


In these expressions, 7, is the reciprocal of the sum 
of the rate constants for radiative and nonradiative 
deactivation, p is the reaction probability per 
collision, R is the interaction distance, and N', is 
the number density of the energy acceptors or traps 
(N', = NC, with the concentration of acceptors, Ca, 
in molcm~?). D is the mutual diffusion coefficient 
which can be replaced by a migration coefficient, A, R 
can be replaced by the Forster critical transfer 
distance, R,, and the reaction probability, p, can be 
set to 0.5 (since R, is the distance at which the 
probability of energy transfer is 0.5). This leads to a 
simplified expression for R(f)gy, which can be 
substituted into eqn [13], to produce an expression 
(eqn [14]) for the monomer decay: 


I®=A exn( - (2 + 2oN\RoA[M] } 


~ INRIA! MF [14] 


Yokota and Tanimoto have also developed a 
statistical representation of Férster’s theory and 
derived an expression for dipole-dipole transfer in 
a fluid medium in which the distribution of excited- 
state donor and acceptor molecules is determined, 
both by diffusion and by the decay and transfer of 
the donor excited state. According to the Yokota and 
Tanimoto approach, the decay law is approximated 


by the expression: 


—t —t 1/2 


where 5 = [C]/[C], (C, is the critical molar concen- 
tration of acceptor molecules given by: [C,] = 
3000/27? NR3, and B is a complex, time-dependent 
function given by: B=(1+10.87x + 15.5x?/ 
1+ 8.743x)*"" with x = Da '3, « = RS/7, and D 
is the ‘diffusion coefficient’ representing energy 
migration. 

Emission depolarization is often exploited in 
the study of energy migration in polymers. Only 
molecules with some vector component of their 
absorption transition dipole lying parallel to the 
plane of polarization of the incident radiation, will 
absorb incoming radiation. In the absence of angular 
motion of the absorbing chromophore within the 
lifetime of the excited state, emission from the same 
chromophore will also be highly polarized; however, 
upon each step in the energy migration process, 
some loss of polarization will be incurred (Figure 7). 
The extent of depolarization of emission is usually 
referred to by the term fluorescence anisotropy, r(t) 
(eqn [16]): 


[15] 


Ht) = I(t) — 1. @® 


= 16 
Ty) + 21, ite) 


The rate of energy migration can be estimated dir- 
ectly through observation of the time-dependent decay 
of r(t) in the absence of other fluorescence depolari- 
zing processes, such as molecule rotation (Figure 8). 

One of the important properties which character- 
izes excitation energy transport in a system of n 
identical molecules, which are distributed randomly 
in space, is the Green function, G(r,t). The Green 
function can be thought of as the time-dependent 
probability of finding an excitation at position r on the 
polymer chain at time ¢. It has been shown that 
the overwhelming contribution to fluorescence 
polarization is due to fluorescence from the sites that 
were initially excited. Thus, G‘(r, f) is directly related 
to the fluorescence anisotropy if the polarization 
memory of secondary excited molecules can be 
neglected. The r(t) for donor—donor energy transfer 
is then given by: 


r(t) = Afpo(t)G*(t) [17] 


in which r,,; describes the anisotropy in the absence of 
energy transfer, i.e., in the presence of chromophore 


THE SIZE OF ACAPACITOR - RIPPLE FACTOR 

The size of a capacitor depends on a number of factors, namely the value of the 
capacitor (in microfarads etc) and the voltage rating. But there is also another factor 
that is most important. It is the RIPPLE FACTOR. Ripple Factor is the amount of 
voltage-fluctuation the capacitor (electrolytic) can withstand without getting too hot. 
When current flows in and out of an electrolytic, it gets hot and this will eventually 
dry-out the capacitor as some of the liquid inside the capacitor escapes through the 
seal. It's a very slow process but over a period of years, the capacitor looses its 
capacitance. 

If you have two identical 1,000u 35v electrolytics and one is smaller, it will get 
hotter when operating in a circuit and that's why it is necessary to choose the largest 
electrolytic. 


CAUTION 

If a capacitor has a voltage rating of 63v, do not put it in a 100v circuit as the 
insulation (called the dielectric) will be punctured and the capacitor will "short- 
circuit." It's ok to replace a 0.22uF SOWV capacitor with 0.22uF 250WVDC. 


SAFETY 

A capacitor can store a charge for a period of time after the equipment is turned off. 
High voltage electrolytic caps can pose a safety hazard. These capacitors are in 
power supplies and some have a resistor across them, called a bleed resistor, to 
discharge the cap after power is switched off. 

If a bleed resistor is not present the cap can retain a charge after the equipment is 
unplugged. 


How to discharge a capacitor 

Do not use a screwdriver to short between the terminals as this will damage the 
capacitor internally and the screwdriver. 

Use a 1k 1 watt or 3watt or 5watt resistor on jumper leads (or held with pliers) and 
keep them connected for up to 15 seconds to fully discharge the electro. 

Test it with a voltmeter to make sure all the energy has been removed. 


Before testing any capacitors, especially electrolytics, you should look to see if any 
are damaged, overheated or leaking. Swelling at the top of an electrolytic indicates 
heating (and pressure inside the case) and will result in drying out of the electrolyte. 
Any hot or warm electrolytic indicates leakage and ceramic capacitors with portions 
missing indicates something has gone wrong (such as it being "blown apart"). 





fa 4 
y “ 


Here is a 120u 330v electrolytic from a flash circuit in an old-fashioned film camera. 
If the flash does not "fire," the electrolytic will be charged to about 350 volts !! 

Use a 1k resistor (held with pliers) to slowly discharge it. It may take 15 seconds to 
fully discharge. 
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Figure 7 Schematic representation of energy migration. #is the inherent angle between the donor emission (dotted arrow) and acceptor 
absorption (solid arrow) transition dipoles of the chromophore (a) orthogonal donor emission and acceptor absorption dipoles — no 
energy transfer/migration, emission depolarized only due to 6. (b) some vector component of the absorption dipole of the acceptor is 
parallel with that of the donor emission dipole — this and subsequent energy transfer steps can occur resulting in loss of emission 


polarization. 
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Figure 8 Temporal decays of r(t) from (a) a polymer in which emission depolarization due to energy migration is complete on ultrafast 
time-scales, and (b) a polymer in which the rate of energy migration has been inhibited. Emission collected from polymers in frozen glass 


to exclude polymer motion contributions to emission depolarization. 


rotation only, and a is the anisotropy from time- 
independent sources of depolarization. 

The determination of the functional form of 
G*(r,t), resulting from excitation energy migration 
in polymer systems, is a challenging theoretical 
problem to which a number of approaches have 
been applied. The Gochanour, Anderson and Fayer 
approach has had some success in arriving at an 
expression for G*(r, f), represented as the time decay 
of emission polarization curves. 


Polymeric systems that undergo energy migration, 
yet contain no excimer forming or other nonmono- 
meric, energy-trapping sites, are rare. In the presence 
of singlet energy traps, the problem can be treated as 
being analogous to energy transfer (via the Forster 
mechanism), following a diffusive process in a similar 
manner to that described above. 

Fredrickson and Frank have derived expressions 
for the temporal decays of the monomer and excimer 
fluorescence when one-dimensional electronic singlet 
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energy migration is the major excimer-forming 
path, and segmental rotation and chromophore 
diffusion are considered. The Fredrickson and 
Frank model assumes inherently that excimers 
are formed predominantly via a nearest-neighbor 
mechanism, where rapid energy migration is at 
least an order of magnitude faster than any 
competing rotationally sampled pathways. The 
expressions for the fluorescence decay of both the 
monomer, Iy(t), and excimer species, I(t), are 
highly nonexponential, with the expression for Iy,(¢) 
being given by eqn [18]: 


Iu(t) = Qimkm(1 — gq)” 


x exp[(4q7 W — kn — Rrotdélerfe[2q We) 7] 


[18] 


In eqn [18], Og, is the quantum efficiency for 
monomer fluorescence and k,, is a rate constant, 
which encompasses the total rate of monomer decay 
by radiative and nonradiative pathways in the absence 
of energy migration and rotational sampling. Simi- 
larly, kyo, represents the rate at which an excited 
monomer is transformed into an excimer by segmental 
rotation. The parameter W represents the rate 
constant for nearest-neighbor electronic energy trans- 
port between the donor (monomer) chromophores, 
averaged over both the transition moment orientation 
and the interchromophore separation associated with 
each dyad. 

Energy transfer from pendant aromatic monomer 
units to a specific chemically bound acceptor chro- 
mophore can occur in some polymers following 
energy migration. This phenomenon is known as the 
‘antenna effect’, which has commercial applications 
such as in the sensitization of photo-oxidation— 
reduction, i.e. reactions, in the stabilization of 
polymers against photodegradation or in the model- 
ing of photosynthesis by light harvesting. The kinetic 
behavior of such processes is yet to be modeled 
definitively, but the approaches discussed above 
(and others) have been used with varying degrees of 
success to date. 


List of Units and Nomenclature 


Angstrom (A) 10° '°m 


chromophore An aromatic molecule that 
absorbs (and may emit) light 
exciton An excited state localized on a 


particular chromophore at any 
given time 


femtoseconds 10°* 5 

intermolecular Occurring between molecules 
or polymer chains 

intramolecular Occurring within a single 
molecule or polymer chain 

petawatts 10° W 

6-pulse Excitation by an infinitely 

excitation short laser pulse 
See also 


Chemical applications of lasers: Non-linear spectro- 
scopies. Lasers: Excimer Laser. Optical Parametric 
Devices: Optical Parametric Oscillators (Pulsed). 
Spectroscopy: Second Harmonic Spectroscopy. 
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Introduction 


Optical coherence tomography (OCT) is an emerging 
imaging technique for a wide range of biological, 
medical, and material investigations. OCT was 
initially developed for imaging biological tissue 
because it permits the imaging of tissue microstruc- 
ture in situ, yielding micron-scale image resolution 
without the need for excision of a specimen and tissue 
processing. OCT is analogous to ultrasound B-mode 
imaging except that it uses low-coherence light rather 
than sound and performs cross-sectional imaging by 
measuring the backscattered intensity of light from 
structures in tissue. The OCT image is a gray-scale or 
false-color two-dimensional representation of back- 
scattered light intensity in a cross-sectional plane. The 
OCT image represents the differential backscattering 
contrast between different tissue types on a micron 
scale. Because OCT performs imaging using light, it 
has a one to two order-of-magnitude higher spatial 
resolution than ultrasound and does not require 
contact with the specimen or sample. 

OCT was originally developed and demonstrated in 
ophthalmology for high-resolution tomographic ima- 
ging of the retina and anterior eye. Because the eye is 
transparent and is optically accessible, it is well suited 
for diagnostic OCT imaging. OCT is promising for 
the diagnosis of retinal disease because it can provide 
images of retinal pathology with 10 micron resol- 
ution, almost one order-of-magnitude higher than 
previously possible using ultrasound. Recently, OCT 
has been applied for imaging in a wide range 
of nontransparent tissues. In tissues other than the 
eye, the imaging depth is limited by optical attenu- 
ation due to scattering and absorption. Ophthalmic 


imaging is typically performed at 800 nm _ wave- 
lengths. However, because optical scattering 
decreases with increasing wavelength, OCT imaging 
in nontransparent tissues is possible using longer near- 
infrared wavelengths. In most tissues, imaging depths 
of 2-3 mm can be achieved using a system detection 
sensitivity of 100 to 110 dB. Imaging studies have 
been performed in a wide range of biological, medical, 
and surgical specialties including developmental 
biology, cardiology, gastroenterology, urology, and 
neurosurgery. High-resolution OCT using short 
coherence length, short pulsed light sources has also 
been demonstrated and axial resolutions less than 
2 wm have been achieved. High-speed real-time OCT 
at image acquisition rates of 4 to 8 frames per second 
have also been demonstrated. OCT has been extended 
to perform Doppler imaging of blood flow and 
birefringence imaging to investigate tissue injury. 
Different imaging delivery systems including trans- 
verse imaging catheters and forward imaging devices 
have been developed to enable internal body OCT 
imaging. Most recently, an OCT catheter has been 
combined with endoscope-based delivery to perform 
in vivo imaging in animal models and human patients. 

This chapter will provide an overview of the OCT 
technology, beginning with the basic principles of 
operation. Technological advancements over the last 
decade have enabled OCT to transition from labora- 
tory- to clinical-based imaging. These enabling 
advancements will be discussed, followed by repre- 
sentative applications in biology, medicine, surgery, 
and materials. 


Principles of Operation 


OCT is based on optical ranging, the high-resolution, 
high dynamic range detection of backscattered light. 
In contrast to ultrasound, the velocity of light is 
extremely high. Therefore, the echo time delay of 
reflected light cannot be measured directly and 
interferometric detection techniques must be used. 
One method for measuring echo time delay is to use 
low coherence interferometry or optical coherence 
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domain reflectometry. Low-coherence interferometry 
was first developed for measuring reflections in fiber 
optics and optoelectronic devices. 

The echo time delay of reflected light is measured 
by using a Michelson-type interferometer (Figure 1). 


Reference arm mirror 






Source 


Detector 


BS 


@® 
n°) 
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Long coherence length Short coherence length 
Figure 1 Schematic illustrating the concept of low-coherence 
interferometry. Using a short coherence-length light source and a 
Michelson-type interferometer, interference fringes are observed 
only when the path lengths of the two interferometer arms are 
matched to within the coherence length of the optical source. 
Abbreviations: BS, beam splitter; Al,, coherence length. 


Backscattered intensity 
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The light reflected from the specimen or sample is 
interfered with light that is reflected from a reference 
path of known path length. Interference of the light 
reflected from the sample arm and reference arm of 
the interferometer can occur only when the optical 
path lengths of the two arms match to within the 
coherence length of the optical source. As the 
reference arm optical path length is scanned, different 
echo delays of backscattered light from within the 
sample are measured. The interference signal is 
detected at the output port of the interferometer, 
electronically band-pass filtered, demodulated, digi- 
tized, and stored on a computer. The position of 
the incident beam on the specimen is typically 
scanned in the transverse direction and multiple 
axial measurements are performed. This generates a 
two-dimensional data array that represents the 
optical backscattering through a cross-sectional 
plane in the specimen (Figure 2). The logarithm of 
the backscatter intensity is then mapped to false-color 
or gray-scale and displayed as an OCT image. The 
interferometer in an OCT instrument can be 
implemented using a fiber optic coupler and beam- 
scanning can be performed with small mechanical 
galvanometers in order to yield a compact and robust 
system (Figure 3). 

In contrast to conventional microscopy, the axial 
resolution in OCT images is determined by the 
coherence length of the light source. The axial point 
spread function of the OCT measurement as 
defined by the signal detected at the output of the 


Transverse scanning 





2-D gray-scale 
image of optical backscattering 


Figure 2 OCT image generation. The OCT image is typically acquired by performing axial measurements of optical backscatter at 
different transverse positions on the specimen and displaying the resulting two-dimensional data set as a gray-scale (or false-color) 


image. 
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Figure 3 Schematic representation of an OCT system implemented using fiber optics. The Michelson interferometer is implemented 
using a fiber-optic coupler (beam splitter). The sample arm contains a beam-delivery instrument and the reference arm contains a 
mechanism for rapidly scanning the optical pathlength. The output of the interferometer is detected with a photodiode, filtered, 
demodulated, analog-to-digital (A—D) converted, and processed by a computer. 


interferometer is the electric-field autocorrelation of 
the source. The coherence length of the light is the 
spatial width of the field autocorrelation and the 
envelope of the field autocorrelation is equivalent to 
the Fourier transform of its power spectrum. Thus, 
the width of the autocorrelation function, or the axial 
resolution, is inversely proportional to the width of 
the power spectrum. For a source with a Gaussian 
spectral distribution, the axial resolution Az is given: 


2 
agx 2nd, 
a Ad 
where Az and Ad are the full-widths-at-half-maxi- 
mum of the autocorrelation function and power 
spectrum respectively and A is the source central 
wavelength. Figure 4 illustrates the dependence of the 
coherence length (axial resolution) on the bandwidth 
of the optical source. To achieve high axial resolution 
requires broad bandwidth optical sources. Resolution 
is also improved by using shorter wavelengths, 
however, shorter wavelengths are scattered and 
absorbed more in biological tissue. 

The transverse resolution in an OCT imaging 
system is determined by the focused spot size in 
analogy with conventional microscopy and is 
given by: 

_ 4a f 
om ad 
Where d is the spot size on the objective lens and f is 


its focal length. High transverse resolution can be 
obtained by using a large numerical aperture and 
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Figure 4 Dependence of coherence length (axial resolution) on 
the bandwidth of the optical source. Curves are shown for imaging 
wavelengths of 800nm, 1300nm, and 1500nm. To achieve 
micron-scale resolution imaging, broad spectral bandwidths are 
necessary. 


focusing the beam to a small spot size. The transverse 
resolution is also related to the depth of focus or 
the confocal parameter 2zp (two times the Raleigh 
range). 


wAx 

2. = 
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Thus, increasing the transverse resolution results in a 

reduced depth of field. Typically, the confocal 

parameter or depth of focus is chosen to match the 

desired depth of imaging. Increased resolution may 
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also be obtained by using a higher numerical aperture 
lens or objective and spatially tracking the focus 
through the specimen. 

Finally, the detection signal-to-noise is given by the 
optical power backscattered from the sample divided 
by the noise equivalent bandwidth: 





SNR = 10 log 7 xu ) 
@W 


Depending upon the desired signal to noise 
performance, incident powers of 5-10mW are 
typically required for OCT imaging of 250-500 
square pixel images at several frames per second. 
If lower data acquisition speeds or signal-to-noise 
can be tolerated, power requirements can be 
reduced accordingly. 


Technological Developments 


Since the inception of OCT in the early 1990s, there 
has been rapid technological developments aimed at 
improving the imaging resolution, acquisition rate, 
and methods for beam delivery to the tissue or 
sample. Investigators have also explored other 
imaging methods using the principles of OCT to 
extract information from the tissue or sample. Some 
of these methods have included acquiring optical 
Doppler signals from moving scatterers or structures, 
obtaining images based on the polarization state of 
the returned light, and extracting spectroscopic 
information based on the local absorption or 
scattering properties of the tissue. 


Optical Sources / High-Resolution Imaging 


The majority of OCT imaging systems to date have 
used superluminescent diodes (SLDs) as low coher- 
ence light sources. SLDs are manufactured with a 
similar structure to that of laser diodes, but com- 
monly end facets are angle-cleaved to suppress lasing. 
These device structures do not support oscillation 
modes and generate output based on amplified 
spontaneous emission, resulting in emission spectra 
that are broader than laser diodes. SLDs are 
commercially available at a range of wavelengths 
including 800nm, 1.3m, and 1.5m and are 
attractive because they are compact, have high 
efficiency, and low noise. However, output powers 
are typically limited to only a few milliwatts which 
limits fast real-time acquisition rates, and the 
available bandwidths are relatively narrow, permit- 
ting imaging with 10-15 micron resolution. Recent 
advances in short-pulse solid-state laser technology 
make these sources attractive for OCT imaging in 
research applications. Femtosecond solid-state lasers 


can generate tunable, low-coherence light at powers 
sufficient to permit high-speed OCT imaging. Short 
pulse generation has been achieved across the full 
wavelength range in titanium:sapphire (Ti:Al,O3) 
from 0.7 wm to 1.1 wm and over more limited tuning 
ranges near 1.3 um and 1.5 ~m in chromium: 
forsterite (Cr**:Mg,SiO4) and chromium:yttrium- 
aluminum-garnet (Cr**:YAG) lasers, respectively. 
OCT imaging with resolutions of 1 pm and 5 ym 
has been demonstrated at 800nm and 1.3 pm 
respectively using Ti:Al,O; and Cr**:Mg,SiO4 
sources. More compact and convenient sources such 
as superluminescent fiber sources, are currently under 
investigation. The titanium:sapphire laser technology 
is routinely used in multi-photon microscopy 
applications for its high peak intensities to enable 
multi-photon absorption and subsequent emission of 
fluorescence from exogenous fluorescent contrast 
agents. Combined OCT and multi-photon micro- 
scopy has been used to provide complementary image 
data using a single optical source. 


Fast Scanning 


The short-pulse solid-state laser technology not only 
provides broad spectral bandwidths for high-resol- 
ution OCT imaging, but also higher output powers to 
enable fast real-time OCT imaging. Higher incident 
powers are required to maintain equivalent signal-to- 
noise ratios when scanning at a faster rate. Linearly 
translating a reference arm mirror is problematic at 
high rates and provides axial scan frequencies of 
approximately 100 Hz, depending on the mirror size 
and the translating galvanometer. Several investi- 
gators have utilized rotating glass cubes, piezoelectric 
modulators, and multi-pass optical cavities to 
increase axial scan rates while maintaining scan 
ranges of 1-2 mm. An optical delay based on the 
principles used in femtosecond pulse shaping has been 
demonstrated for OCT. This delay line spectrally 
disperses the reference arm beam with a grating. The 
dispersed beam is then focused by a lens on to a 
rotating mirror mounted on a galvanometer. The 
mirror, located in the Fourier-transform plane of the 
lens, imparts a wavelength-dependent phase shift on 
the light. Subsequently, when re-coupled back into 
the interferometer, this phase-shift is equivalent to a 
time-delay in the time domain. The use of high-speed 
resonant galvanometers has permitted axial scan 
rates as high as 8 kHz over scan ranges of several 
millimeters. Depending on the image pixel size 
(number of axial scans within each image), this scan 
rate can provide video-rate OCT imaging (30 frames 
per second). An example of high-speed functional 
OCT imaging is shown in Figure 5. Images of a 
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Figure 5 Comparison of slow and fast OCT imaging of a beating Xenopus (African frog) tadpole heart. The OCT image in (a) 
was acquired in 30 seconds and shows oscillations and blurring from the beating heart. The image on the right (b) was acquired in 
250 ms (4 frames per second), fast enough to capture the anatomy of the heart with minimal motion artifacts. Abbreviations: a, atrium; 
ba, bulbous arteriosus; v, ventricle. (Images reprinted with permission from Boppart SA, Tearney GJ, Bouma BE, et al. (1997) 
Noninvasive assessment of the developing Xenopus cardiovascular system using optical coherence tomography. Proceedings of the 


National Academy of Sciences 94: 4256-4261.) 


beating Xenopus laevis (African frog) tadpole were 
compared at slow (30 s per image) and at fast (250 ms 
per image) acquisition rates. Artifacts due to cardiac 
motion were present at slow acquisition rates, but 
were minimized with acquisition rates of 4 frames per 
second. Functional cardiac parameters could be 
measured and high-speed processes such as chamber 
and valve function could be visualized in real-time. 

Depth-priority scanning, as described above, is 
performed by rapidly varying the optical delay in the 
reference arm and collecting a single axial scan before 
translating the beam laterally and repeating this 
depth-scanning. An alternative method for generating 
OCT images is with transverse-priority scanning. 
This is equivalent to optical sectioning in confocal 
and multi-photon microscopy. Three-dimensional 
OCT imaging using transverse-priority scanning can 
be obtained by stepping the position of the reference 
arm mirror after each en face image is acquired. The 
OCT images produced from transverse-priority scan- 
ning can be correlated with confocal or multi-photon 
microscopy images, which are acquired with the same 
scanning method. This method can also utilize higher 
numerical aperture objective lenses to provide high 
transverse resolutions since a large depth of focus is 
not needed as in depth-priority OCT scanning. The 
combination of OCT with high-numerical aperture 
objectives has been termed optical coherence 
microscopy. 


Doppler Optical Coherence Tomography 


Conventional OCT detects the amplitude of the 
optical backscatter versus position within the sample. 
Doppler OCT is a technique which has been applied 
to measuring fluid flow within small capillary tubes 
and in vivo vessels in the skin, retina, and heart of 
small animal models and humans. This technique is 
based on digitally sampling the interference fringes 


that are produced from a moving scatterer within the 
sample or specimen and determining the Doppler 
frequency shift in the signal due to the moving 
scatterer. Figure 6 illustrates two- and three-dimen- 
sional optical Doppler data for fluid flow through a 
cylindrical tube. A two-dimensional cross-sectional 
profile of fluid flow through a silicon tube with a 
600 pm inner-diameter is plotted in Figure 6. The 
acquired data (points) closely match the predicted 
profile (line) for these tube dimensions. Below the 
plot, one method of obtaining a three-dimensional 
fluid flow profile is illustrated. While imaging the tube 
in cross-section, the fluid flow velocity was altered 
with a perfusion pump. The detection filter band- 
width of the OCT electronics served a windowing 
function, detecting only flow velocities with frequen- 
cies within the detection bandwidth. For an unknown 
flow profile, the center frequency of the detection 
filter can be shifted to map the flow velocities present 
within the sample. 


Beam Delivery 


The OCT imaging technology is modular in design 
and a variety of optical instruments can be used to 
deliver the OCT beam to the tissue or sample. 
Because OCT is fiber-optic based, single optical fibers 
can be used to deliver the OCT beam and collect the 
reflected light. The OCT technology can readily be 
integrated into existing optical instruments such as 
research and surgical microscopes, ophthalmic slit- 
lamp biomicroscopes, and hand-held imaging probes. 

Imaging penetration is determined by the optical 
absorption and scattering properties of the tissue or 
specimen. The imaging penetration for OCT ranges 
from tens of millimeters for transparent tissues such 
as the eye to less than 3 mm in highly-scattering 
tissues such as skin. To image highly-scattering 
tissues deep within the body, novel beam-delivery 
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Figure 6 Doppler OCT. A two-dimensional plot of the fluid-flow velocity profile of flowing blood through a 600 ,.m inner-diameter tube 
is shown. Data points acquired using OCT closely follow the theoretical laminar flow profile (line). Two-dimensional Doppler OCT images 
of blood flow through the tube are shown below the plot. As fluid flow increases, only fluid-flow velocities within the bandwidth of the 
detection electronics are detected. This represents one method by which 3-D fluid flow can be imaged. 


instruments have been developed to relay the OCT 
beam to the site of the tissue to be imaged. An OCT 
catheter has been developed for insertion into 
biological lumens such as the gastrointestinal tract. 
Used in conjunction with endoscopy, the 1mm 
diameter catheter can be inserted through the work- 
ing channel of the endoscope for simultaneous OCT 
and video imaging. Minimally-invasive surgical 
procedures utilize laparoscopes, which are long, 
thin, rigid optical instruments that permit video- 
based imaging within the abdominal cavity. Laparo- 
scopic OCT imaging has been demonstrated by 
passing the OCT beam through the optical elements 
of a laparoscope. Deep solid-tissue imaging is 
possible with the use of fiber-needle probes. Small 
(400 pm diameter) needles housing a single optical 
fiber and micro-optic elements can be inserted into 
solid tissues and rotated to acquire OCT images. 


Recently, microfabricated micro-electro-optical- 
mechanical systems (MEOMS) technology has been 
used to miniaturize the OCT beam scan mechanism. 


Applications 


Developmental Biology 


OCT has been demonstrated in the field of 
developmental biology as a method to perform 
high-resolution, high-speed imaging of developing 
morphology and function. Cellular-level imaging is 
possible, providing a non-invasive technique for 
visualizing cellular processes such as mitosis and 
migration. Imaging studies have been performed on 
several standard biological animal models commonly 
employed in developmental biology investigations 
including Rana pipiens (Leopard frog), Xenopus laevis 
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Figure 7 OCT images and corresponding histology of a Stage 49 (12 day) Rana pipiens (Leopard frog) tadpole. OCT images in the 
left and middle columns were acquired with the OCT beam incident from the dorsal and ventral sides of the specimen, respectively. 
The corresponding histology in the right column illustrates strong correlations between OCT images and the actual tissue 
morphology. Abbreviations: ey, eye; g, gills; h, heart; i, intestines; rt, respiratory tract. (Images reprinted with permission from Boppart 
SA, Brezinski ME, Bouma BE, et al. (1996) Investigation of developing embryonic morphology using optical coherence tomography. 


Dev. Biol. 177: 54-64.) 


(African frog), and Brachydanio rerio (zebrafish) 
embryos and eggs, and the murine (mouse) model. 

A series of cross-sectional images acquired in vitro 
from the dorsal and ventral sides of a Stage 49 (12 
day) Rana pipiens (Leopard frog) tadpole is shown 
in Figure 7. Features of internal architectural 
morphology are clearly visible in the images. The 
image of the eye differentiates structures correspond- 
ing to the cornea, lens, and iris. Internal morphology 
not accessible in one orientation due to the specimen 
size or shadowing effects can be imaged by reorient- 
ing the specimen and scanning in the same cross 
sectional image plane. With the OCT beam incident 
on the ventral side, images of the respiratory tract, 
ventricle of the heart, internal gills, and gastro- 
intestinal tract were acquired. 

These images can be compared with corresponding 
histology (Figure 7). Histological images are acquired 
by euthanizing the specimen, immersing the specimen 
in a chemical fixative, and physically sectioning thin 
(2-5 micron-thick) slices using a microtome. The 
slices are placed on a microscope slide, selectively 
stained to highlight particular features, and viewed 
with light microscopy. The correlations between 
OCT and histology images are strong, suggesting 
that OCT images can accurately represent the in vivo 
specimen morphology. The potential exists to repeat- 
edly image specimens to quantify organo- and 


morphogenesis throughout development. Techno- 
logies such as OCT are likely to become increasingly 
important in functional genomics, relating genetic 
features to the morphology and function in living 
specimens. 

OCT images represent the optical backscatter 
intensity from regions within the tissue or sample. 
Because OCT relies on the inherent optical scattering 
changes to produce imaging contrast, no exogenous 
contrast agents or fluorophores are necessary. This 
permits long-term sequential imaging of development 
in vivo without loss of specimen viability. Repeated 
images of a developing zebrafish embryo within its 
egg beginning immediately after fertilization and up 
until hatching have been demonstrated without loss 
of specimen viability or without developmental 
abnormalities. In this example, the zebrafish egg 
and embryo were semi-transparent and the use of 
OCT significantly complemented observations made 
using light microscopy. By imaging subtle differences 
in backscattering intensity, interfacial structural 
layers millimeters deep within specimens can be 
clearly delineated. 

Previous OCT images have characterized morpho- 
logical features within biological specimens. These 
structures are static even though they may have been 
acquired from in vivo specimens. In vivo imaging in 
living specimens, particularly in larger organisms and 
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for medical diagnostic applications, must be per- 
formed at high speeds to eliminate motion artifacts 
within the images. Functional OCT imaging is the 
quantification of in vivo images which yield infor- 
mation characterizing the functional properties of the 
organ system or organism. High speed OCT permits 
both the positioning and manipulation of specimens 
as well as imaging in real time and is a powerful 
technology for functional imaging in developmental 
biology animal models. 

Studies investigating normal and abnormal cardiac 
development have been frequently limited by an 
inability to access cardiovascular function within the 
intact organism. OCT has been demonstrated for the 
high-resolution assessment of structure and function 
in the developing Xenopus laevis (African frog) 
cardiovascular system (Figure 5). The morphology 
of the im vivo cardiac chambers is clearly delineated. 
Image acquisition rates are fast enough to capture the 
cardiac chambers in mid-cycle. With this capability, 
images can be acquired at various times during 
the cardiac cycle. These frames can be displayed in 
real-time to produce a movie illustrating the 
dynamic, functional behavior of the developing 
heart. OCT, unlike technologies such as computed 
tomography and magnetic resonance imaging, pro- 
vides high-speed in vivo imaging, allowing quantitat- 
ive dynamic activity, such as ventricular ejection 
fraction, to be assessed. 


Cellular Imaging 


Although previous studies have demonstrated in vivo 
OCT imaging of tissue morphology, most have 
imaged tissue at ~10-15 wm resolutions, which 
does not allow differentiation of cellular structure. 
The ability of OCT to identify the mitotic activity, 
the nuclear-to-cytoplasmic ratio, and the migration 
of cells has the potential to not only impact the 
fields of cell and developmental biology, but also 
impact medical and surgical disciplines for the early 
diagnostics of disease such as cancer. 

The Xenopus laevis (African frog) tadpole has been 
used to demonstrate the feasibility of OCT for high- 
resolution in vivo cellular and subcellular imaging. 
Many of the cells in this common developmental 
biology animal model are rapidly dividing and 
migrating during the early growth stages of the 
tadpole, providing an opportunity to image dynamic 
cellular processes. Three-dimensional volumes of 
high-resolution OCT data have been acquired from 
these specimens throughout development. From 
this 3-D data set, cells undergoing division were 
identified and tracked in three dimensions. In a similar 
manner, 3-D data sets were acquired to track single 


melanocytes (neural crest cells) as they migrated 
through the living specimens. The ability of OCT to 
characterize cellular processes such as mitosis and 
migration not only are of interest in cell and 
developmental biology, but also have relevance for 
cancer diagnostics and tumor metastasis. 

An example of cellular-level OCT imaging in these 
specimens is shown in Figure 8. This composite image 
(0.83 x 1mm, 1800 x 1000 pixels) was acquired 
using a titanium:sapphire laser with a broad band- 
width (~ 260 nm). The axial and transverse resolu- 
tion in this image is 1 ~m and 5 wm, respectively (see 
Figure 4). Because the high transverse resolution 
reduced the depth-of-focus to 49 um, separate OCT 
images were first acquired with the focus at different 
depths within the specimen. These images were then 
assembled to produce the composite image shown in 
Figure 8. This type of image construction is similar to 
C-mode ultrasound. Cellular features including cell 
membranes, nuclei, and nuclear morphology are 
clearly observed. 


Medicine - Imaging Barrett’s Esophagus 


OCT performs in situ imaging and has the potential to 
be used as a screening technique of early pathological 
changes in patients. OCT imaging has the potential to 
be a general diagnostic in many organ systems, 
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Figure 8 Cellular-level OCT imaging using a broad bandwidth 
titanium:sapphire laser. Axial and transverse image resolutions 
are 1.4m and 5 wm, respectively, enabling the visualization of cell 
membranes, nuclear morphology, and sub-cellular organelles. 
Cellular processes such as mitosis and migration can be 
visualized in real-time in living specimens. (Image reprinted with 
permission from Drexler W, Morgner U, Kartner FX, et al. (1999) 
In vivo ultrahigh resolution optical coherence tomography. Optics 
Letters 24: 1221-1223.) 


TESTING A CAPACITOR 

There are two things you can test with a multimeter: 
1. A short-circuit within the capacitor 

2. Capacitor values above lu. 


You can test capacitors in-circuit for short-circuits. Use the x1 ohms range. 

To test a capacitor for leakage, you need to remove it or at least one lead must be 
removed. Use the x10k range on an analogue or digital multimeter. 

For values above iu you can determine if the capacitor is charging by using an 
analogue meter. The needle will initially move across the scale to indicate the cap is 
charging, then go to "no deflection." Any permanent deflection of the needle will 
indicate leakage. 

You can reverse the probes to see if the needle moves in the opposite direction. This 
indicates it has been charged. Values below 1u will not respond to charging and the 
needle will not deflect. 

This does not work with a digital meter as the resistance range does not output any 
current and the electrolytic does not charge. 


Rather than spending money on a capacitance meter, it is cheaper to replace any 
suspect capacitor or electrolytic. 

Capacitors can produce very unusual faults and no piece of test equipment is going 
to detect the problem. 

In most cases, it is a simple matter to solder another capacitor across the suspect 
component and view or listen to the result. 

This saves all the worry of removing the component and testing it with equipment 
that cannot possibly give you an accurate reading when the full voltage and current 
is not present. 

It is complete madness to even think of testing critical components such as 
capacitors, with TEST EQUIPMENT. You are fooling yourself. If the Test Equipment 
says the component is ok, you will look somewhere else and waste a lot of time. 


FINDING THE VALUE OF A CAPACITOR 


If you want to find the value of a surface-mount capacitor or one where the markings 
have been removed, you will need a CAPACITANCE METER. Here is a simple circuit 
that can be added to your meter to read capacitor values from 10p to 10u. 

The full article can be found HERE. 


ADD-ON CAPACITANCE METER 





CAPACITOR SUBSTITUTION BOX 


TOMOGRAPHY / Optical Coherence Tomography 201 





particularly where current methods of screening by 
excisional biopsy are limited. Barrett’s esophagus is a 
condition where the cells of the distal esophagus 
undergo a metaplastic change, resembling cells of the 
lower gastrointestinal tract. This condition is believed 
to be caused by chronic gastroesophageal reflux. 
Several studies have demonstrated that Barrett’s 
esophagus is associated with a 30-125 times 
increased risk of developing adenocarcinoma. For 
this reason, endoscopic surveillance of Barrett’s 
epithelium every 12-18 months is recommended. 
Endoscopic screening currently involves random four- 
quadrant biopsies every 1-2 cm along the length of 
suspect mucosa. However, excisional biopsy is prone 
to sampling errors and small foci of carcinoma or 
dysplasia may be missed. Because of the imprecision 
and high cost associated with screening, new methods 
are being developed to assess patients at increased 
risk. Endoscopic ultrasound catheters have been 
used for imaging the gastrointestinal tract with 
50-100 wm resolution. However, these resolutions 
are insufficient to resolve early epithelial changes that 
occur in Barrett’s esophagus and the pre-malignant 
changes that lead to adenocarcinoma of the 
esophagus. 

The ability of OCT to differentiate normal and 
pathologic tissue is a central question being addressed 
by many research groups. Comparisons with 
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histology show good correlations between OCT 
images and histological findings. The image resol- 
ution of conventional OCT (10-15 wm) is sufficient 
to differentiate architectural but not cellular 
morphology. Still, endoscopic OCT resolution can 
differentiate normal from Barrett’s epithelium in real- 
time based on differences in epithelial architecture. 
Crypt- and gland-like structures that disrupt the 
relatively uniform layers of squamous epithelium 
can be readily identified, enabling differentiation 
between normal and Barrett’s epithelium (Figure 9). 
The ability to differentiate normal from Barrett’s 
epithelium suggests that the OCT technology could be 
used for screening applications. 


Oncology - Identifying Tumors and Tumor Margins 


OCT has been used to differentiate between the 
morphological structure of normal and cancerous 
tissue for a wide-range of tumors. The use of OCT to 
identify tumors and tumor margins in situ will 
represent a significant advancement for medical or 
image-guided surgical applications. OCT has been 
demonstrated for the detection of brain tumors and 
their margins with normal brain parenchyma, sugge- 
sting a role for guiding surgical resection. A hand-held 
surgical imaging probe was constructed for this 
application. The compact and portable probe 
permits OCT imaging within the surgical field while 
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Figure 9 Endoscopic OCT imaging in humans. An OCT catheter was inserted down the working channel of an endoscope. Guided by 
video imaging, regions of normal and Barrett's esophagus were imaged. Corresponding biopsy histology is shown. OCT can 
identify Barrett's esophagus by the presence of gland- and crypt-like structures (arrows). (Images reprinted with permission from Li XD, 
Boppart SA, Van Dam J, et al. (2000) Optical coherence tomography: advanced technology for the endoscopic imaging of Barrett’s 


esophagus. Endoscopy 32: 921-930.) 
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the OCT instrument can be remotely located in the 
surgical suite. 

Figure 10 shows a specimen of outer human 
cerebral cortex with metastatic melanoma. The 
OCT images in Figure 10a,b were acquired through 
the tumor. These original images were threshold 
segmented to identify regions of high backscatter 
within the tumor. The original images were then 
overlaid with the segmented data and are shown in 
Figure 10c,d. The OCT images show increased 
optical backscattering in the region of the larger 
tumor (arrows). Smaller tumor lesions also appear 
within the image (arrows). A shadowing effect is 
observed below each tumor site due to the increased 
optical backscatter and the subsequent loss of optical 
power penetrating beneath the tumor. In Figure 10a,c, 
the boundary of the tumor can be identified. In 
Figure 10b,d, the tumor is identified below the surface 
of normal cortex. The histology in Figure 10e,f 
confirms the presence and relative size of the tumor. 








Figure 10 Cancer diagnostics. OCT imaging was used to image 
metastatic melanoma in an ex vivo specimen of human cortex 
(brain). Raw OCT images (a,b) were threshold-segmented (c,d) to 
highlight regions of increased optical backscatter and to identify 
tumor margins. OCT images correlate well with histological findings 
(e,f). (Images reprinted from Boppart SA, Brezinski ME, Pitris C and 
Fujimoto JG (1998) Optical coherence tomography for neurosurgi- 
cal imaging of human intracortical melanoma. Neurosurgery 43: 
834-841, with permission from Lippincott Williams and Wilkins.) 


The image resolutions used to acquire the images in 
Figure 10 were as high as 16 pm, higher than any 
current ultrasound, CT, or MRI intraoperative 
imaging technique. This allowed the tumor-cortex 
interface and the extent of tumor below the surface to 
be defined with high resolution. At higher imaging 
resolutions, it may be possible to image individual 
tumor cells which have migrated away from the 
central tumor. OCT represents a new high-resolution 
optical imaging technology that has the potential 
for identifying tumors and tumor margins on the 
micron scale and in real-time. OCT offers imaging 
performance not achievable with current imaging 
modalities and may contribute significantly toward 
the surgical resection of neoplasms. 


Image-Guided Surgery 


The repair of vessels and nerves is necessary to restore 
function following traumatic injury. Although the 
repair of these sensitive structures is performed with 
the aid of surgical microscopes and loupes to magnify 
the surgical field, surgeons are limited to the en face 
view that they provide. A technique capable of 
subsurface, three-dimensional, micron-scale imaging 
in real-time would permit the intraoperative moni- 
toring of microsurgical procedures. The capabilities 
of OCT for the intraoperative assessment of 
microsurgical procedures have been demonstrated. 
High-speed OCT imaging was integrated with a 
surgical microscope to performed micron-scale three- 
dimensional imaging on microsurgical specimens. 
OCT has been used to image in vitro peripheral 
nerves and identify individual fascicles. Longitudinal 
tracking of the spatial orientation of rabbit periph- 
eral nerve fascicles is demonstrated in Figure 11. 
Representative cross-sectional images of the periph- 
eral nerve are shown in Figure 11a—d. For each slice, 
one fascicle was manually segmented, colored white, 
and tracked through the acquired volume of data. 
Forty images at 100 xm spacing were assembled for 
the 3-D projections shown in Figure 11e,f. The 
horizontally- and vertically-rotated projections of the 
peripheral nerve dramatically reveal the twisted path 
of the segmented fascicle along the longitudinal axis 
of the nerve. In addition, a branch in an unsegmented 
fascicle is observed in Figure 11f. The use of OCT to 
acquire multiple cross-sectional images and three- 
dimensionally reconstruct the peripheral nerve offers 
the opportunity to determine the relative diameters 
of individual fascicles and to longitudinally track 
their spatial orientation. OCT may also be useful at 
identifying and grading the degree of injury in nerves 
during surgical repair. These results have shown how 
2-D OCT images and 3-D OCT projections can 
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Figure 11 OCT image-guided microsurgery. Multiple cross- 
sectional OCT images were acquired through a resected rabbit 
peripheral nerve (a—d). Asingle nerve fascicle (f) was identified and 
segmented longitudinally along the length of the nerve. Three- 
dimensional reconstruction projections of the nerve in (e,f) reveal 
the tortuous path of the segmented fascicle as well as reveal 
a bifurcation (b). Intraoperative OCT can guide surgical repair 
and potentially identify regions of damaged tissue. (Images 
reprinted from Boppart SA, Bouma BE, Pitris C, et al. (1998) 
Intraoperative assessment of microsurgery with three-dimensional 
optical coherence tomography. Radiology 208: 81-86, with 
permission from the Radiology Society of North America.) 


provide diagnostic feedback to assess microsurgical 
anastomoses. This previously unavailable diagnostic 
ability offers the potential to directly impact and 
improve patient outcome by incorporating high- 
speed, high-resolution intraoperative image-guidance 
during microsurgical procedures. 

Surgical intervention requires visualization to 
identify tissue morphology, precision to avoid sensi- 
tive tissue structures, and continuous feedback to 
monitor the extent of the intervention. OCT may 
provide the technological advancements to improve 
the operative procedure. The feasibility of OCT to 
perform image-guided surgical intervention has been 
investigated. OCT has been used to monitor laser 
ablation therapy in real-time and may enable more 
precise control of laser delivery. An argon-laser 
ablation sequence of fresh ex vivo rat rectus 
abdominis muscle is shown in Figure 12. A pair of 
blood-filled vessels were located 1.5 mm below the 


tissue surface and centered within the OCT image. 
Because blood has a higher absorption coefficient 
than muscle at the 514 nm argon laser wavelength, 
coagulation and thermal heating of the blood 
occurred prior to thermal damage to the overlying 
tissue. The accompanying histology reveals both the 
thermally-damaged overlying tissue and coagulated 
blood present within the vessel pair. 

These examples demonstrate the use of OCT for 
guiding and monitoring surgical intervention. The 
laser is only a representative interventional surgical 
technique for a wide range of instruments and 
techniques including scalpels, electrosurgery, radio- 
frequency, microwaves, and ultrasound ablation. 
OCT imaging was performed at 8 frames per 
second, fast enough to capture dynamic changes in 
the optical properties of the tissue during thermal 
ablation. These image sequences provided interest- 
ing insight into ablation mechanisms for a variety of 
tissue types. OCT can monitor the extent of 
thermal injury below the surface of the tissue by 
imaging the changes in optical backscatter. OCT 
imaging can therefore provide empiric information 
for dosimetry to minimize the extent of collateral 
injury. The use of OCT for guiding surgical 
interventions has the potential to improve intrao- 
perative monitoring and more effectively control 
interventional procedures. 


Materials 


While the majority of OCT applications have been in 
the fields of biology and medicine. OCT has also been 
demonstrated in the non-biological areas of materials 
investigation, optical data storage, and microfluidic 
devices. The highly-scattering or reflecting optical 
properties of many materials prohibits deep imaging 
penetration using OCT. Many material defects, 
however, originate near the surface or at interfacial 
boundaries, making the use of OCT a possibility for 
inspection and quality control. OCT has been used to 
identify subsurface defects in ceramics and polymer 
composites. The optical ranging capabilities of OCT 
through scattering materials has been utilized for 
increasing the data storage capacity by assembling 
multiple layers of optically-accessible data. 

The advancement of microfabrication techniques 
has led to increasingly complex microfluidic and 
bioMEM (biological micro-electro-mechanical) 
systems. Microstructures within microfluidic systems 
range from 10-1000 wm, within both the imaging 
depth and resolution of OCT. In addition, microfluidic 
systems are typically fabricated from transparent or 
semi-transparent substrates, facilitating imaging 
penetration to deeper three-dimensional features. 


204 TOMOGRAPHY / Optical Coherence Tomography 








Figure 12 OCT image-guided laser ablation. High-speed OCT image sequence of argon-laser ablation of blood vessels in ex vivo rat 
muscle tissue. Thermal heating within the blood vessels (arrows, 0.0—0.5 s) induces coagulation prior to injury to superficial muscle 
tissue (0.6—1.0 s). Accompanying histology shows coagulated blood within the vessels. 


OCT is not only capable of imaging three-dimensional 
microstructures at micron-scale resolutions, but is also 
capable of obtaining dynamic functional data from 
microfluidic systems. Microfluidic devices made 
from polymeric materials are attractive since they 
provide flexibility in the design of the channels, can 
be manufactured in large volumes, and are mostly 
bio-compatible. A three-dimensional imaging tech- 
nique, such as OCT, will be instrumental in the 
analysis of these devices and the monitoring of device 
performance. 


Conclusions 


The capabilities of OCT offer a unique and informa- 
tive means of imaging biological specimens and non- 
biological samples. The non-contact nature of OCT 
and the use of low-power near-infrared radiation for 
imaging causes few harmful effects on living cells or 
damage to materials. OCT imaging does not require 
the addition of fluorophores, dyes, or stains in order 
to improve contrast in images. Instead, OCT relies on 


the inherent optical contrast generated from vari- 
ations in optical scattering and index of refraction. 
These factors permit the use of OCT for extended 
imaging over the course of hours, days, or weeks. 
OCT permits the cross-sectional imaging of tissue 
and samples and enables in vivo structure to be 
visualized in opaque specimens or in specimens 
too large for high-resolution confocal or light 
microscopy. 

Imaging at cellular and subcellular resolutions with 
OCT is an important area of ongoing research. The 
Xenopus (African frog) developmental animal model 
has been commonly used because its care and 
handling are relatively simple while allowing cells 
with a high mitotic index to be assessed. Many of the 
cells observed were as large as 100 wm in diameter, 
but ranged in size down to a few microns, below the 
resolution of most OCT systems. Imaging human cells 
in vivo remains a challenge since differentiated 
human cells are 10 to 20 microns in size, too small 
for most OCT systems. With further advances in 
OCT technology, improved discrimination and 
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imaging of more detailed structures should be 
possible. New laser sources at other wavelengths in 
the near-infrared can enhance tissue contrast as well 
as potentially provide functional information since 
tissue scattering and absorbance properties in speci- 
mens are wavelength dependent. Short coherence 
length short pulse laser sources have been used to 
achieve higher axial resolutions on the order of 1 to 
3 microns. Unfortunately, unlike superluminescent 
diode source, these high-speed and high-resolution 
systems utilize femtosecond lasers that are rela- 
tively complex and costly. Developing compact and 
portable optical sources at near-infrared wavelengths, 
broad spectral bandwidths, and high output powers is 
an area of active research. 

Optical coherence tomography provides high- 
resolution morphological, functional, and cellular 
information of biological, medical, and material 
specimens and samples. OCT represents a multi- 
functional investigative tool that not only comp- 
lements many of the existing imaging technologies 
available today, but also is poised to become a major 
optical imaging modality. 
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Introduction 


‘Tomos’ means section, in Greek. A tomogram is a 
sectional image of the internal structure of a three- 
dimensional object. One of the challenges for tomo- 
graphic imaging of biological tissue using visible or 
near-infrared light is tissue optical scattering. When 
photons propagate inside a tissue, they undergo 
multiple scattering. The mean free path of photons 
in the skin, for example, is 5 ym. If one focuses the 
light 1mm _ below the skin surface, most photons 
undergo multiple scattering and never reach the 
target point. Less than one out of a million photons 
will be able to reach the target, undergo a single 
backscattering, and return to the detector (Figure 1). 
Most photons that are backscattered and reach the 
detector are multiple scattered photons that carry 
little information on the target point. The challenge 
for tomographic imaging of tissues is to separate the 
single backscattered photons, that carry information 
about the target point, from multiple scattered 
photons. 

Several optical tomography techniques have been 
developed. Each uses different techniques to discrimi- 
nate the multiple scattering photons from the mini- 
mally scattered photons for imaging constructions. 
The confocal microscope, for example, uses a spatial 
filtering technique to reject multiple scattering 
photons because multiple scattered photons are 
more spread out in their angular distribution than 
the minimally scattered photons. Time-of-flight ima- 
ging uses a time gating technique to discriminate 
diffuse photons because single backscattered photons 
arrive earlier than diffuse photons. Optical coherence 
tomography (OCT) uses coherent gating to discrimi- 
nate single scattered photons from multiple scattered 
photons. These gating techniques provide good 
discrimination of minimally scattered photons from 
multiple scattered photons and can form high- 
resolution sectional images, albeit with a limited 
imaging depth. Diffuse photons can propagate deep 
into the tissue and these photons can also be used for 
optical tomography. If a modulated photon density 
wave is propagated inside the tissue, the scattering 
and absorption properties of the tissue will modulate 
the phase and amplitude of the photon density wave. 
However, the resolution of optical tomography, based 


on diffuse photons, is usually much lower than that of 
the tomography constructed from single or minimally 
scattered photons. Three of the most important 
parameters for optical tomography are contrast, 
spatial resolution, and image depth. 

Most optical tomography uses absorption, scatter- 
ing, and fluorescent properties of materials as 
contrast. OCT, for example, uses variations in tissue 
scattering as contrast for tomographic imaging. 
However, in many instances, and especially during 
the early stages of disease, the change in tissue 
scattering properties between normal and diseased 
tissues is small and difficult to measure. One of the 
great challenges for extending applications of OCT 
is to find more contrast mechanisms that can 
provide physiological information in addition to 
morphological structure. This article will focus on 
optical tomography technologies that use nonconven- 
tional contrast mechanisms to obtain tomographic 
images. These include optical Doppler tomography 
(ODT), optical polarization tomography, and optical 
second-harmonic tomography. These optical tomo- 
graphy technologies are extensions of OCT with 
contrast mechanisms that can provide physiological 
information, in addition to morphological structure. 
ODT, also known as Doppler OCT, combines 
the Doppler principle with OCT to obtain high- 
resolution tomographic images of tissue structure and 
blood flow simultaneously. Optical polarization 
tomography, also known as polarization sensitive 
OCT (PS-OCT), combines polarization sensitive 
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Figure 1 Optical imaging in scattering media. 
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detection with OCT, to determine tissue birefrin- 
gence. Optical second-harmonic tomography, also 
known as second-harmonic optical coherence tomo- 
graphy (SH-OCT), combines second-harmonic 
generation (SHG) with coherence gating to obtain 
images with molecular contrast. These functional 
extensions of OCT provide clinically important 
information on tissue physiology, such as tissue 
blood perfusion, oxygen saturation, hemodynamics, 
and structural remodeling. Each provides several 
potential clinical applications, such as vasoactive 
drug screening, tissue viability and burn depth 
determination, tumor angiogenesis studies, tumor 
diagnosis, bleeding ulcer management, and ocular 
pathology evaluation. 


Optical Doppler Tomography 


ODT combines the Doppler principle with OCT to 
obtain high-resolution tomographic images of static 
and moving constituents in high scattering media. 
When light backscattered from a moving particle 
interferes with the reference beam, a Doppler 
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Figure 2 Schematic of flow direction and probe beam angle. 
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frequency shift (fp) occurs in the interference fringe: 


1 
fo = 77 (ks — kev [1] 
T 


where k; and k, are wavevectors of incoming and 
scattered light, respectively, and v is the velocity 
vector of the moving particle (Figure 2). Since ODT 
measures the backscattered light, assuming the angle 
between flow and sampling beam is 0, the Doppler 
shift equation is simplified to: 


_ 2Vcos 6 


hae ra 21 


where Ao is the vacuum center wavelength of the light 
source. 

The optical system of ODT is similar to that of 
OCT. The primary difference is in signal processing. 
Figure 3 illustrates an ODT instrument that uses a 
fiber optic Michelson interferometer with a broad- 
band light source. Light from a broadband partial 
coherence source is coupled into a fiber interfero- 
meter by a 2 X 2 fiber coupler and then split equally 
into reference and target arms of the interferometer. 
Light backscattered from the turbid sample is coupled 
back into the fiber and forms interference fringes with 
the light reflected from the reference arm. A rapid- 
scanning optical delay line is used for group delay and 
axial scanning. Because this delay line can decouple 
the group delay from the phase delay, an electro- 
optical phase modulator is introduced to produce a 
stable carrier frequency. The interference fringe 
intensity signal is amplified, bandpass filtered, and 
digitized with a high-speed analog-to-digital conver- 
ter. The signal processing is carried out at the same 
time as data are transferred to the computer, and real- 
time display can be accomplished with the use of a 
digital signal processing board. 

To understand the signal processing of ODT, let us 
look at the fringe signal due to the moving particles. 
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Figure 3 Schematic of ODT system consists of a fiber-based Michelson interferometer with a partially coherent light source. 
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If we denote U(t) as a complex-valued analytic signal 
of a stochastic process representing the field ampli- 
tude emitted by a low coherent light source and U(v) 
as the corresponding spectral amplitude at optical 
frequency v, the amplitude of a partially coherent 
source light coupled into the interferometer at time f, 
is written as a harmonic superposition: 


Ut) = ip Tye?" dv [3] 


Because the stochastic process of a partially 
coherent light source is stationary, the cross spectral 
density of U(v) satisfies: 


(O°(v)U(0')) = So()5(v — v") [4] 


where So(v) is the source power spectral density, and 
6(v — v’) is the Dirac delta function. Assuming that 
light couples equally into the reference arm and 
sample arm with spectral amplitude of Uo(v), the light 
coupled back to the detector from the reference, 
U,(v), and sample, U,(), are: 


O02) = PPO MK ne" Uyy) [5] 





T5(0) = PF MCEMONK ne" T(r) [6] 


where L, and L, are the optical pathlengths from the 
beamsplitter to the reference mirror and sample, 
respectively; Lg is the optical pathlength from 
the beamsplitter to the detector; and K,(v)e'” and 
Kv are the amplitude reflection coefficients 
of light backscattered from the reference mirror and 
turbid sample, respectively. 

The total power detected at the interferometer 
output is given by a time-average of the squared 
light amplitude: 


Pd = (IU, + Ue + 9’) [7] 


where 7 is the depth scan time delay. Combining 
harmonic expansions for U,(t) and U,(t) and applying 
eqn [4] when calculating the time-average, the total 
power detected is a sum of three terms representing 
reference (I,), sample (I,), and the interference fringe 
intensity (Topr(7)): 


P(t) = i (P.(v) + Pv) + Popr(v))dv 
= I, a3 I, + Topr(7) [8] 
with 


P,(v) = So(v) IK.) [9] 


P.(v) = So(W)IK [10] 
Popr() = 289K.) KY) 
xcos[2av(Agic+7)+a,(v)— av] [11] 
and 
I= iF P.(v)dv [12] 
0 
I= (c P,(v)dv [13] 
0 
Foor(= | Popr(dy [14] 


When there is a moving particle, light scattered 
from this particle is equivalent to a moving phase 
front; therefore, Ag in eqn [11] can be written as: 

Ag=A+2aV,t [15] 
where A is the optical pathlength difference between 
light in the sampling and reference arms; V, is the 
velocity of a moving particle parallel to the probe 
beam; and @ is the refractive index of flow media. 

To simplify the computation, we assume a, and a, 
are constants over the source spectrum and can be 
neglected. The spectral domain fringe signal, Popr(), 
is simplified to: 


Popr() = 2S8p((MK (YK (r) 

x cos[2 av ((A + 2A”V,t)/c + 7)] [16] 
The corresponding time domain signal, Popr(7), is 
given by: 


Emae 2 SK (KV) 


x cos[2 av ((A+ 2AV,t)/c+7)\dv [17] 

A comparison of eqns [16] and [17] shows that 
there is a Fourier transformation relation between 
spectral domain and time domain signals. Conse- 
quently, there are two methods to acquire the ODT 
signal: the time domain method and the spectral 
domain method. 

In the time domain method, a delay line is 
incorporated in the reference arm to generate a 
delay. A spectrogram analysis or phase-resolved 
algorithm is then used to determine the Doppler 
frequency shift. In the spectral domain method, the 
reference mirror is fixed, and there is no depth scan 
(7 = 0). The spectral domain fringe signal, Popy(), is 
obtained either by a spectrometer at the detection 
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arm, or by a frequency sweeping light source. The 
time domain signal, [opr(a), is determined from the 
spectral domain signal by a Fourier transformation. 


Spectrogram Method 


The spectrogram method uses time-frequency anal- 
ysis to calculate the Doppler shift. Signal processing 
algorithms to obtain structural and velocity images 
from recorded temporal interference fringe intensity 
using the spectrogram method, are illustrated in 
Figure 4. 

The spectrogram is an estimate of the power 
spectrum of the temporal interference fringe intensity 
(Vopr(7, f;)) in the ith time delay window. The power 
spectrum of the temporal interference fringe at the ith 
pixel, corresponding to time delay 7; in the structural 
and velocity images, is calculated by a short-time fast 
Fourier transformation (STFFT) or a wavelet trans- 
formation: 


Popr(t, fn) = ISTFFT(f,.3 Vopr(m)” 


where f,, is the discrete frequency value. A tomo- 
graphic structural image is obtained by calculating 
the value of the power spectrum at the phase 
modulation frequency (fo). Fluid flow velocity is 
determined from the Doppler frequency shift (fp), 
which is the difference between the carrier frequency 
established by the optical phase modulation (fo) and 
the centroid (f.) of the measured power spectrum at 
the ith pixel: 


[18] 





: ofo o(fe = fo) 
= a 19 
Voor) 2n cos 0 2n cos 0 aA 
where we have assumed, k, = —k; and 0 is the angle 


between k; and v. The centroid of the measured power 
spectrum is determined by: 


fe = > fl ovr(tis fn) / Y Popr(tis fn) [20] 


Figure 5 shows the in vivo structural and blood 
flow images from a chick chorioallantoic membrane. 
The lumen wall, chorion membrane, and yolk sac 
membrane are observed in structural image (a). In 
the velocity image (b), static regions (V = 0) appear 
dark, while blood flowing at different velocities 
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appears as different brightnesses on the gray scale. 
The velocity profile taken from a horizontal cross- 
section passing through the center of the vessel is 
shown in (c). 


Phase-Resolved ODT Method 


Although spectrogram methods allow simultaneous 
imaging of in vivo tissue structure and flow 
velocity, the velocity sensitivity is limited for 
high-speed imaging. When STFFT or wavelet 
transformation is used to calculate flow velocity, 
the resolution is determined by the window size of 
the Fourier transformation for each pixel. The 
minimum detectable Doppler frequency shift, fp, 
varies inversely with the STFFT window size. 
Because pixel acquisition time is proportional to 
the STFFT window size, the image frame rate is 
limited by velocity resolution. Furthermore, spatial 
resolution is also proportional to the STFFT 
window size. Therefore, a large STFFT window 
size increases velocity resolution while decreasing 
imaging speed and spatial resolution. This coupling 
between velocity sensitivity, spatial resolution, and 
imaging speed prevents the spectrogram method 
from achieving simultaneously both high imaging 
speed and high velocity sensitivity, which are 
essential for measuring flow in small blood vessels 
where flow velocity is low. 

Phase-resolved ODT overcomes the compromise 
between velocity sensitivity and imaging speed by 
using the phase change between sequential scans to 
construct flow velocity images. The phase infor- 
mation of the fringe signal can be determined 
from the complex analytical signal I(t), which is 
determined through analytic continuation of the 
measured interference fringe function, I'(#), using a 
Hilbert transformation: 





= Ta 


o Tt 


f@ =) + ~P| dr= Ae’ [21] 


where P denotes the Cauchy principle value, i is the 
complex number, and A(z) and (¢) are amplitude and 
phase of I(t), respectively. Because the interference 
signal I(¢) is quasi-monochromatic, the complex 
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Figure 4 Signal processing algorithms for ODT structural and velocity images. 
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Figure 5 ODT images of in vivo blood flow in a CAM vein. 
(a) Structural image, (b) velocity image, and (c) velocity profile 
taken from a horizontal cross-section passing through the center 
of the vein, where the open circles are experimental data and the 
solid line is a parabolic fit. Reproduced with permission from 
Chen Z, MilnerTE, Srinivas S, Wang XJ, Malekafzali A, van 
Gemert MJC and Nelson JS (1997) Noninvasive imaging of 
in vivo blood flow velocity using optical doppler tomography. 
Optics Letters 22: 1119-1121. 


analytical signal can be determined by: 


ro =2 {. I, T(t’) exp(—27ivt')dt’ 


x exp(2 mivt)du [22] 


where 7 is the time duration of the fringe signal in 
each axial scan. 

The Doppler frequency shift (f,) at mth pixel in 
the axial direction is determined from the average 
phase shift between sequential A-scans. This can be 
accomplished by calculating the phase change of 
sequential scans from the individual analytical 
fringe signal: 





f 7 Ad a 1 nM N 
"nT 2nT ee =) 
-1 ImP.4 (tn) =1 ImP(t,) 
tan ee eer Dorn. 
Rel j44 (Gn) Rel'(4,.) 
[23] 


Alternatively, the phase change can also be 
calculated by the cross-correlation method: 
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where I(¢,,) and TF (tn) are the complex signals at 
axial time t,, corresponding to the jth A-scan and 
its respective conjugate; Ti 1Gm) and Tye) are 
the complex signals at axial time t,, corresponding 
to the next A-scan and its respective conjugate; 
M is an even number that denotes the window size 
in the axial direction for each pixel; N is the 
number of sequential scans used to calculate the 
cross correlation; and T is the time duration 
between A-scans. Because T is much longer than 
the pixel time window within each scan used in the 
spectrogram method, high-velocity sensitivity can 
be achieved. 

Phase-resolved ODT decouples spatial resolution 
and velocity sensitivity in flow images and increases 
imaging speed by more than two orders of magnitude, 
without compromising spatial resolution and velocity 
sensitivity. In addition, because two sequential A-line 
scans are compared at the same location, speckle 
modulations in the fringe signals cancel each other 
and, therefore, will not affect the phase difference 
calculation. Consequently, the phase-resolved method 
reduces the speckle noise in the velocity image. 
Furthermore, if the phase difference between sequen- 
tial frames is used, the velocity sensitivity can be 
further increased. Real-time imaging with velocity 
sensitivity on the order of 10 m/s has been 
demonstrated. 

In addition to digital processing of the fringe 
signal using Hilbert transformation, the com- 
plex analytical signal can also be achieved through 
hardware implementation. Optical Hilbert trans- 
formation using polarization optics has been 
implemented for real-time phase-resolved ODT 
imaging. Real-time ODT imaging using hardware 
demodulation of the ODT signal has also been 
demonstrated. 


Spectral Domain Phase-Resolved ODT Method 


A schematic diagram of a spectral domain ODT 
system is shown in Figure 6. The signal from the 
Michelson interferometer is directly coupled to a 





You can get a kit or a ready-made piece of test gear called CAPACITOR 
SUBSTITUTION BOX and also RESISTOR SUBSTITUTION BOX. 

I bought one of each 30 years ago and I have only used them ONCE. 

They appear to be very handy but when you are testing a circuit, you want the 
component next to the other parts. 

It is just as easy to pick the component you need from your junk box and connect it 
to the circuit via jumper leads. 


REPLACING A CAPACITOR 


Always replace a capacitor with the exact same type. 

A capacitor may be slightly important in a circuit or it might be extremely critical. 

A manufacturer may have taken years to select the right type of capacitor due to 
previous failures. 

A capacitor just doesn't have a "value of capacitance." 

It may also has an effect called "tightening of the rails." 

In other words, a capacitor has the ability to react quickly and either absorb or 
deliver energy to prevent spikes or fluctuations on the rail. 

This is due to the way it is constructed. Some capacitors are simply plates of metal 
film while others are wound in a coil. Some capacitors are large while others are 
small. 

They all react differently when the voltage fluctuates. 

Not only this, but some capacitors are very stable and all these features go into the 
decision for the type of capacitor to use. 

You can completely destroy the operation of a circuit by selecting the wrong type of 
capacitor. 

No capacitor is perfect and when it gets charged or discharged, it appears to have a 
small value of resistance in series with the value of capacitance. This is known as 
"ESR" and stands for EQUIVALENT SERIES RESISTANCE. This effectively makes the 
capacitor slightly slower to charge and discharge. 

We cannot go into the theory on selecting a capacitor as it would be larger than this 
eBook so the only solution is to replace a capacitor with an identical type. 

However if you get more than one repair with identical faults, you should ask other 
technicians if the original capacitor comes from a faulty batch. 

The author has fixed TV's and fax machines where the capacitors have been inferior 
and alternate types have solved the problem. 

Some capacitor are suitable for high frequencies, others for low frequencies. 


DECOUPLING CAPACITORS 


A Decoupling Capacitor can severe one, two or three functions. You need to think of 
a decoupling capacitor as a miniature battery with the ability to deliver a brief pulse 
of energy when ever the line-voltage drops and also absorb a brief pulse of energy 
when ever the line voltage rises (or spikes). 

Decoupling capacitor can range from 100n to 1,000u. 

100n capacitors are designed to absorb spikes and also have the effect of tightening- 
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Figure 6 Schematic diagram of a spectral domain ODT instrument. 


spectrometer that records the spectral fringe pattern, 
Popr(v). The temporal interference fringe can be 
calculated by a Fourier transformation of the spectral 
fringe pattern (eqn [17]). The Doppler shift can then 
be determined from the phase shift between sequen- 
tial scans using the phase-resolved ODT algorithm 
(eqns [23] and [24)). 

Spectral domain phase-resolved ODT has the 
advantage that no optical delay line is required. In 
addition, the spectral domain method can achieve 
high signal to noise ratio over time domain ODT. 
Since parallel detection can be implemented with a 
high-speed spectrometer, high-speed imaging acqui- 
sition is possible. Finally, because the dynamic 
range of the phase-resolved ODT depends on the 
speed of the line scans, spectral domain ODT has 
the advantage in terms of imaging speed and 
velocity dynamic range. 


Transverse Flow Velocity and Doppler Angle 
Determination 


One of the limitations of using the Doppler shift to 
determine the flow is that the technique is only 
sensitive to longitudinal flow velocity (Figure 2). If 
one knows the flow direction, Doppler shift 
measurement can fully quantify the flow. However, 
in many biological cases, where flow direction is 
not known, Doppler shift measurement alone is not 
enough to fully quantify the flow. Furthermore, 
there are many clinical cases, such as ocular 
bloodflow, where vessels are in the plane perpen- 
dicular to the probing beam. When flow direction 
is perpendicular to the probing beam, the Doppler 
shift is not sensitive to transverse bloodflow (V+). 
Therefore, a method to measure transverse flow 
velocity is essential. 

Standard deviation of the Doppler spectra can be 
used to determine the transverse flow. The tech- 
nique is based on the fact that ODT imaging uses a 
relatively large numeric aperture lens in the 


h f, 





Figure 7 Effect of numerical aperture and transverse flow 
velocity on Doppler bandwidth. 


sampling arm. The beam from different sides of 
the edges will produce different Doppler shifts, f, 
and fj, as indicated in Figure 7. Consequently, the 
Doppler spectra will be broadened by the trans- 
verse flow. If the incident beam has a Gaussian 
spectral profile and contributions from Brownian 
motion and other sources that are independent of 
the macroscopic flow velocity are included, a linear 
relation between standard deviation of the Doppler 
spectra and transverse flow velocity, V; = V sin 6, 
can be derived: 


_ mV sin ONAgtr 
8A 





+b [25] 


where b is a constant, and NAgg is the effective 
numeric aperture. The standard deviation can be 
determined from the measured analytical fringe 
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Figure 8 Standard deviation as a function of flow velocity for two 


different numeric apertures. Reproduced with permission from 
Ren et al. (2002) Optics Letters 27: 409-411. 


The measured standard deviation as a function of 
transverse flow velocity is shown in Figure 8. As 
predicted, the Doppler bandwidth is a linear function 
of transverse flow velocity above a certain threshold 
level. The effective numerical aperture of the optical 
objective in the sample arm determines the slope of 
this dependence. This result indicates that standard 
deviation can be used to determine the transverse flow 
velocity. Since both longitudinal and transverse flow 
velocity (V;, and Vy) can be measured by the Doppler 
shift and standard deviation, respectively, flow direc- 
tion can be determined from a single measurement of 
the Doppler fringe signal. 


Applications 


Due to its exceptionally high spatial resolution and 
velocity sensitivity, several clinical applications of 
ODT have been demonstrated, including screening 
vasoactive drugs, monitoring changes in image tissue 
morphology and hemodynamics following pharma- 
cological intervention and photodynamic therapy, 
evaluating the efficacy of laser treatment in port wine 
stain (PWS) patients, assessing the depth of burn 
wounds, mapping cortical hemodynamics for 
brain research, imaging ocular bloodflow, and 





Figure 9 ODT images taken in situ from PWS human skin. (a) Structural image, (b) histological section, (c) image before laser 
treatment, and (d) image after laser treatment (scale bar 100 4m). Reproduced with permission from Nelson et al. (2001) Archives of 
Dermatology 137: 741-744. Copyright © 2001, American Medical Association. All rights reserved. 
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mapping bloodflow in gastrointestinal tracts. 
Figure 9 shows ODT structural and flow velocity 
images of a patient with PWS before and after laser 
treatment, respectively. For comparison, a histology 
picture taken at the same site is included. The vessel 
location from the ODT measurement and histology 
agree very well. Furthermore, the destruction of 
the vessel by laser can be identified, since no 
flow appears on the Doppler flow image after laser 
treatment. 

Three-dimensional images of a microvascular net- 
work can be obtained by stacking 2D scans together. 
It is known that the microvasculature of mammary 
tumors has several distinct differences from normal 
tissues. Mapping of a 3D cancer microvascular 
network could provide additional information for 
cancer diagnosis. Figure 10 shows multiple blood 
vessels imaged from a patient with an abnormal 
microvascular network. Different colors represent 
different signs of the Doppler shift, which depends 
on the angle between the direction of flow and 
probing beam. 

ODT is also a powerful tool to study flow dynamics 
in microfluidic channels. In addition to imaging flow 
velocity profile, ODT can also be used to measure 
osmotic mobility, quantify size of the scattering 
particle, and study flow dynamics of microfluids in 
microchannels of different materials, geometry, and 
surface treatment. 





Figure 10 Three-dimensional ODT images of multiple blood 
vessels in human skin from a patient with a PWS birthmark. 
Reproduced with permission from Zhao et al. (2001) /EEE 
J. Select Topics Quantum Electro. 7: 931-935. © 2001, IEEE. 


Polarization Sensitive OCT 


PS-OCT combines polarization sensitive detection 
with OCT to determine tissue birefringence. PS-OCT 
can obtain enhanced image contrast and additional 
physiological information by studying polarization 
properties of biological tissues. Many biological 
tissues, such as tendon, muscle, nerve, bone, cartilage, 
and skin, exhibit birefringence properties. Conse- 
quently, PS-OCT can provide contrast mechanisms 
that are directly related to the physiological con- 
ditions of these tissues. 

The polarization state of a light beam can be 
described by a Stokes vector S as: 


2 2 
da; 


I 

Q az — a 
U 2d,dy COS p 
V 


2a,dy Sin p 


where I, O, U, Vare Stokes parameters, a, and a, are 
amplitudes of two orthogonal components of the 
electric vector, and ¢ represents the phase difference 
between the two components. 

The effect of an optical device on the polarization 
of light can be characterized by a 4X4 Mueller 
matrix. The matrix acts on the input state, S,, to give 
the output state, S): 


I, 
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In the Poincaré sphere representation, a polarization 
state, S, can be represented by a point (QO, U,V). 
The Poincaré sphere representation provides a 
convenient method to evaluate changes of Stokes 
vectors. Determination of either the Stokes vector or 
the Mueller matrix allows full quantification of 
birefringence properties of the biological sample. 

A fiber-based, high-speed PS-OCT system is shown 
in Figure 11. The system is similar to the ODT system, 
except a polarization modulator and two orthogonal 
detection channels are included. Due to the coherence 
detection intrinsic to OCT, backscattered light that 
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originates from incident light in different polarization 
states can be determined by controlling polarization 
states in the reference arm. Modulating the reference 
light in four orthogonal polarization states allows 
coherent detection of backscattered light from the 
sample under equivalent illumination in four different 
polarization states. The choice of orthogonal polari- 
zation states in the Poincaré sphere is important 
because it ensures that the birefringence measure- 
ments will be independent of the orientation of the 
optical axis in the sample. 

For every polarization state controlled by the 
polarization modulator, the A-scan signals corre- 
sponding to the two orthogonal polarization diversity 
channels are digitized. The coherence matrix can be 
calculated from the complex electrical field vector 
from these two channels: 


(EnQEy()) (Eq(t)Ey(t)) 
(EVQEq()) (Ev(t)Ey(@)) 


_ Juu Juv [29] 
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where Ey, Ey are the components of the complex 
electric field vector corresponding to horizontal and 
vertical polarization channels, respectively, and Ejy, 
Ex, are their conjugates, respectively. The Stokes 
vector can be derived from the coherence matrix: 


So = Jun + Jw So = So' Juv + Jvw) 
S1 = So ‘(Ju — Jv) S3 = iSy'Uvu — Juv) 


where S;, $2, and $3 are the normalized coordinates of 
the Stokes vector in the Poincaré sphere, characteriz- 
ing the polarization state of the backscattered light, 
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Fiber-based PS-OCT system. DSP: digital signal processing. 


and So is the module of the Stokes vector characteriz- 
ing light intensity. The Stokes vector, corresponding 
to each of the input polarization states for the nth 
pixel in the jth A-scan, can be calculated as: 
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where M is an integer number that determines the size 
of the average in the axial direction for each pixel; 
r ie) and [ TCR) are complex signals detected 
from the two orthogonal polarization channels at 
axial time ¢,,, for the jth A-scan; and Pi" (tin) and 
r y (t,,) are their conjugates, respectively. 

In order to measure the birefringence properties of 
the sample accurately, four states of light polarization 
are generated for each lateral pixel. For each 
polarization state, one A-line scan is performed. 
Therefore, a total of four A-line scans are used to 
calculate the Stokes vector and phase retardation 
images simultaneously. 

For a sample with an assumed linear birefringence, 
there exists two eigenwaves that are polarized along 
the projected fast and slow axes of the sample normal 
to the propagation direction of incident light. 
The Stokes vectors of these eigenwaves determine a 
rotation axis in the equator plane of a Poincaré sphere. 
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The effect of birefringence is to rotate the Stokes vector 
about this axis through an angle that is equal to the 
phase retardation of the sample. Conversely, the 
rotation axis can be determined from the known 
polarization states of incident and backscattered light 
at the sample location. The phase retardation image, 
which characterizes the accumulated birefringence 
distribution in the sample, is calculated by the rotation 
of the Stokes vectors in the Poincaré sphere. 

The simultaneous Stokes vectors and phase retar- 
dation images of a rat muscle are shown in Figure 12. 





Figure 12 Stokes vectors images (top) and phase retardation 
image (bottom) in fresh rat muscle. The image area is 
2mmx5mm. Reproduced with permission from Ren et al. 
(2003) SPIE Proceedings 4956: 320-327. 


Stokes vectors, corresponding to four different 
polarization states, are shown in the top figure. From 
Stokes vector images, the phase retardation image can 
be calculated as shown in the bottom figure. The 
banded structure in the phase retardation image 
indicates the accumulated tissue birefringence distri- 
bution inthe rat muscle. In addition, differential optical 
axis and birefringence images can also be calculated. 
There are a number of clinical applications for 
PS-OCT, including burn depth determination and 
retinal fiber nerve layer thickness evaluation. 
Figure 13 shows in vivo structural and phase 
retardation images from rat skin burned at 100°C 
for 10 seconds. Although the structure image shows 
very little contrast, the phase retardation image 
clearly shows the contrast between the normal and 
burned regions. As light propagates into the tissue, 
the retardation increases due to tissue birefringence. 
For normal tissue, it only takes less than 20 um to 
cause a phase retardation of 90°. However, for the 
burned tissue, it takes much thicker tissue to cause the 
same phase retardation. The decrease of birefringence 
in thermally damaged tissue can clearly be seen in 
PS-OCT scans in comparison to normal rat skin. 


Second Harmonic OCT 


SH-OCT combines SHG with coherence gating 
for high-resolution tomographic imaging of tissue 
structures with molecular contrast. SHG is the 
lowest-order nonlinear optical process where the 
second-order nonlinear optical susceptibility is 
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Figure 13  /n vivo structure (top) and phase retardation image (bottom) from rat skin burned at 100°C for 10 seconds. The black 


contour line in the phase retardation image demarcates the depth at which 90° phase retardation has been reached with respect to the 


incident polarization (image size 2 mm x 10 mm). 
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responsible for the generation of light at second- 
harmonic frequency. Because second-order nonlinear 
optical susceptibility is very sensitive to electronic 
configurations, molecular structure and symmetry, 
local morphology, and ultrastructures, SHG provides 
molecular contrast for the coherence image. 

The schematic diagram for SH-OCT is shown in 
Figure 14. A broadband short pulse laser is used as a 
light source in a Michelson interferometer. The light is 
split into the reference arm and the sample arm. In the 
reference arm, athin nonlinear crystal is used to convert 
the input radiation to SH photons. Both SH and 
fundamental waves are then reflected by a metal mirror 
(M1) mounted on a motorized translation stage, which 
acts as the delay line in this SH-OCT system. A 
backscattered SH wave from the sample recombines 
with the SH wave from the reference arms to form 
interference fringe. The SH interference fringe signal is 
detected by a photomultiplier tube (PMT) after passing 
through a short-pass filter (F1). The fundamental 
interference fringe signal is detected by a photodiode 
(PD) after passing through a long-pass filter (F2). 

A SH-OCT image of a rat tendon is shown 
in Figure 15. Compared with conventional OCT 
performed at fundamental wavelengths, SH-OCT 
offers enhanced molecular contrast and spatial 
resolution. It is also an improvement over existing 
SHG scanning microscopy technology as the intrinsic 
coherence gating mechanism enables the detection 
and discrimination of SH signals generated at 
deeper locations. The enhanced molecular contrast 
of SH-OCT extends conventional OCT’s capability 
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Figure 14 Schematic of experiment set-up for SH-OCT. M1, 
mirror; NLC, nonlinear crystal; BS, broadband nonpolarization 
beamsplitter; DBS, dichroic beamsplitter; L1, lens; F1—F2, filters; 
PD, photo diode; PMT, photomultiplier tube. 





Figure 15 SH-OCT image of a rat tendon; image size 
250 um x 250 wm. Scale bar 100 wm. Image reprinted with 
permission from Jiang Y et al. (2004) Proceedings of the 26th 
Annual International Conference of the IEEE Engineering in 
Medicine and Biology Society. 


for detecting small changes in molecular structure. 
SH-OCT is promising for the diagnosis of cancers 
and other diseases at an early stage when changes in 
tissue and molecular structure are small. 


Conclusions 


Optical tomography is a rapidly developing imaging 
technology with many potential applications. 
Through different contrast enhancement mechanisms, 
ODT, PS-OCT, and SH-OCT provide clinically 
important physiological information that is not 
available in the structure image. Given the noninvasive 
nature and exceptionally high spatial resolution, 
optical tomography can simultaneously provide tissue 
structure, blood perfusion, birefringence, and other 
physiological information and have great potential for 
basic biomedical research and clinical medicine. 
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Introduction 


Optical pulses from femtosecond lasers represent 
some of the shortest physical events ever observed 
and their high instantaneous powers allow them to be 
focused to intensities that can heat and compress 
matter to resemble the extreme conditions found in a 
nuclear explosion. The extreme units of time and 
power needed to describe this area of physics can 
easily distract from the simple and elegant techniques 
by which femtosecond pulses can be generated. The 
review presented here is divided into two main 
sections. The first explains the theory of pulse 
generation and shaping and the second concentrates 
on actual femtosecond laser sources in common use 
today. 


Theory of Femtosecond Pulse 
Generation 


Active Mode-locking 


In an inhomogeneously broadened laser system, 
optical frequencies within the emission bandwidth 
of the material can experience gain simultaneously at 
discrete frequencies corresponding to the longitudinal 


modes of the laser resonator. In the absence of any 
mechanism to coherently couple energy between 
these modes, the laser will operate with a continuous- 
wave (cw) output containing a narrow band of 
frequencies whose roundtrip cavity gain is highest. 
An alternative operating regime exists in which each 
mode is related to its neighbor by a fixed phase 
relationship and it is this mode-locked condition that 
is used to generate a periodic sequence of ultrashort 
optical pulses. 

To understand how mode-locking works, consider 
the frequency separation between adjacent longi- 
tudinal resonator modes which can be expressed as 


Aw = 2c/l [1] 


where / is the optical roundtrip length of the 
resonator and c is the speed of light. If the mth 
longitudinal mode has an amplitude E,, then the 
total optical field can be denoted in complex 
notation as 


E(t) = > E, exp il(@p +nAo)t+ndg] — [2] 


with wo being the center frequency of the output and 
Ag being the phase difference between adjacent 
modes. Figure 1 illustrates how a simple pulse can 
be produced by coherently adding together adjacent 
modes. In Figure 1a, three modes with equal 
amplitudes and the same initial phase (Ag = 0) are 
interfered to give a pulse. As further modes are added 
(Figure 1b) the pulse duration decreases. 

Coupling of energy between adjacent cavity modes 
can be achieved in practice by modulating either the 
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Figure 1 The principles of mode-locking: (a) three adjacent modes add coherently to produce a pulse; (b) shorter pulses require a 


larger number of n coupled modes. 


intracavity loss (amplitude modulation (AM) mode- 
locking) or the intracavity phase (frequency modu- 
lation (FM) mode-locking). A common practical 
amplitude modulator is an acousto-optic modulator 
and for operation in the visible and near-infrared, 
fused silica is a common acousto-optic modulator 
material. Lithium-niobate devices based on the 
Pockels effect are the most commonly used phase 
modulators and are attractive for mode-locked fiber- 
laser applications because fiber-pigtailed waveguide 
devices are readily available. 

Active mode-locking has been employed in a wide 
variety of laser systems including argon ion, dye, 
erbium-doped fiber, semiconductor, and solid-state 
lasers. Unlike passive mode-locking, no optical 
nonlinearity is required which means that actively 
mode-locked lasers can be operated with low 
intracavity powers. The technique is particularly 
suitable for mode-locked sources which require active 
synchronization to an external clock source. 

A form of ‘optical’ active mode-locking exists in 
which gain modulation resulting from optical pump- 
ing using another mode-locked laser is the mode- 
locking mechanism. Known as_ synchronously 
pumped mode-locking, this technique has been used 
to obtain ultrashort pulses from oscillators incorpo- 
rating gain media of laser or nonlinear optical 
materials. The technique is most appropriate to 
laser gain materials which have a short-lived fluor- 
escence lifetime and whose gain therefore exhibits a 
significant change when the pump light is modulated 


at high frequencies. Synchronous pumping has 
been used to generate mode-locked pulses from 
color-center lasers, dye lasers, and optical parametric 
oscillators. 


Passive Mode-locking 


To produce the shortest optical pulses, passive mode- 
locking, a technique based on exploiting intracavity 
optical nonlinearities, must be employed. Unlike the 
active technique, the strength of the mode-locking 
action increases as the propagating pulses shorten and 
their peak intensities rise. One consequence of this 
nonlinear behavior is that the passive technique 
commonly generates and mode-locks entirely new 
cavity frequencies which were not originally present 
during cw operation. 

Passive mode-locking has been implemented using 
a wide range of different nonlinear effects, but in 
every technique the mode-locking process can be 
described in terms of dynamic loss saturation 
combined, in certain systems, with dynamic gain 
saturation. The principal mode-locking element is a 
saturable absorber whose loss decreases as the 
incident pulse intensity increases. A saturable absor- 
ber can take the form either of a resonant component 
such as a solid-state semiconductor device or a dye jet 
with a fixed absorption wavelength, or a nonresonant 
component that replicates a saturable-absorber-like 
action using self-focusing or self-phase-modulation 
effects. Saturable absorbers can be categorized as 
either slow saturable absorbers or fast saturable 
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absorbers, depending on whether their recovery time 
is longer or shorter than the pulse duration, respect- 
ively. The pulse-shaping mechanisms are different in 
each case and will be described separately. 

Slow saturable absorbers are physical devices, 
commonly dye molecules in solution or semiconduc- 
tor-doped glass, which rely on resonant excitation to 
produce an excited electronic state whose trans- 
mission is greater than that of the ground state. When 
an optical pulse is incident on a slow absorber, its 
leading edge is absorbed and creates an excited state 
which is relatively transparent to the trailing edge. 
In a laser medium whose gain is readily saturated, 
a pulse propagating first through the absorber and 
then through the gain medium experiences a ‘gain 
window’ with a finite duration which strongly shapes 
the pulse (see Figure 2a,b). 

A fast saturable absorber is required to realize 
mode-locking in laser media which are not easily 
saturated. The time-dependent gain and loss profiles 
of the absorber and the gain medium are again 
depicted in Figure 2c,d and refer to an absorber with 
both a rapid response and recovery time. In this 
system, the dynamics of the absorber and gain 
medium no longer represent the limiting factor 
influencing the pulse duration, and other effects 
such as linear and nonlinear dispersion become the 
dominant pulse-shaping mechanisms. 


Pulse Shaping by Material Dispersion 


Intense pulses propagating in a mode-locked laser 
experience strong linear and nonlinear shaping 
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effects associated, respectively, with group-velocity 
dispersion and self-phase-modulation. Contributions 
to the net intracavity dispersion arise from the gain 
medium, the cavity mirrors, other elements such as 
intracavity prisms, even the air in the beam path. 
Dispersive effects in materials originate as a result 
of a frequency-dependent dielectric susceptibility: 


P(w) = E9x'? (@)E(@) + e9X(W)E(@)” 
+ e9¥?(W)E(@)? ++ [3] 


which is due to physical resonances (poles) in the 
electronic response to an applied E-field. 


Linear dispersion 
Linear dispersion refers to the variation of the 
refractive index associated with the real part of the 
) term, namely, 


Ny = V1 + Re{y} [4] 


and leads to a wavelength-dependent group velocity 
which is responsible for pulse broadening and break- 
up in optical systems. Dispersive effects are best 
analyzed in terms of optical phase which is related to 
the refractive index by 


No(w)wL 


gw) = [5] 


where L is the medium length and c is the vacuum 
speed of light. The local variation of the spectral 
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Figure 2 Saturable absorber action: (a) intracavity gain and loss profiles for a laser comprising a slow saturable absorber and a rapid 
relaxation time gain medium, and (b) the net gain (gain — loss) for this system; (c) gain and loss profiles for a laser comprising a 
near-instantaneous saturable absorber and a slow relaxation time gain medium, and (d) the net gain for this system. 


up the rails for high frequencies. They have no effect on low frequencies such as 
audio frequencies. 

These capacitors are generally ceramic and have very low internal impedance and 
thus they can operate at high frequencies. 

Capacitors above about 10u are used for decoupling and these are nearly always 
electrolytics. 

Decoupling means "tightening-up the power rails." The electrolytic acts just like a 
miniature rechargeable battery, supplying a small number of components in a circuit 
with a smooth and stable voltage. 

The electrolytic is usually fed from a dropper resistor and this resistor charges the 
electrolytic and adds to the ability of the electrolytic to create a "separate power 
supply." 

These two components help remove spikes as an electrolytic cannot remove spikes if 
connected directly to the supply rails - it's internal impedance is high and the spikes 
are not absorbed. 

Decoupling capacitors are very difficult to test. 

They rarely fail but if a project is suffering from unknown glitches and spikes, it is 
best to simply add more 100n decoupling caps on the underside of the board and 
replace all electrolytics. 

Some small electrolytics will dry out due to faulty manufacture and simply replacing 
every one on a board will solve the problem. 

Some of the functions of a decoupling capacitor are: 

Removing ripple - hum or buzz in the background of an amplifier 

Removing glitches or spikes. 

Separating one stage from another to reduce or remove MOTORBOATING - a low 
frequency sound due to the output putting a pulse on the power rails that is picked 
up by the pre-amplifier section and amplified. 


TESTING DIODES 


Diodes can have 4 different faults. 
1. Open circuit in both directions. 

2. Low resistance in both directions. 
3. Leaky. 

4. Breakdown under load. 


TESTING A DIODE ON AN ANALOGUE METER 

Testing a diode with an Analogue Multimeter can be done on any of the resistance 
ranges. [The high resistance range is best - it sometimes has a high voltage battery 
for this range but this does not affect our testing] 

There are two things you must remember. 

1. When the diode is measured in one direction, the needle will not move at all. 
The technical term for this is the diode is reverse biased. It will not allow any 
current to flow. Thus the needle will not move. 

When the diode is connected around the other way, the needle will swing to the right 
(move up scale) to about 80% of the scale. This position represents the voltage drop 
across the junction of the diode and is NOT a resistance value. If you change the 
resistance range, the needle will move to a slightly different position due to the 
resistances inside the meter. The technical term for this is the diode is forward 
biased. This indicates the diode is not faulty. 

The needle will swing to a slightly different position for a "normal diode" compared to 
a Schottky diode. This is due to the different junction voltage drops. 

However we are only testing the diode at very low voltage and it may break-down 
when fitted to a circuit due to a higher voltage being present or due to a high current 
flowing. 


2. The leads of an Analogue Multimeter have the positive of the battery connected 
to the black probe and the readings of a "good diode" are shown in the following two 
diagrams: 
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phase due to an optical medium can be represented as 
the Taylor series 
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where wo is the center frequency of the incident light. 
When an ultrashort pulse propagates through the 
medium, only the quadratic and higher-order terms in 
[6] have a direct influence on the shape of the pulse in 
time. The (w— wo)? term is responsible for adding 
linear chirp which refers to a time-varying linear 
increase or decrease in the instantaneous optical 
frequency across the pulse. Obtaining the shortest 
pulses from a mode-locked laser requires the quad- 
ratic and higher-order terms in the roundtrip intra- 
cavity spectral phase to be zero. In practice this means 
minimizing the material group-velocity dispersion of 
the gain medium by using a short but highly doped 
laser crystal and then identifying additional optical 
elements whose group-velocity dispersion is equal in 
magnitude but opposite in sign to that of the crystal. 
Optical components for compensating group-velocity 
dispersion fall into two categories: those which use 
bulk optics and geometry to achieve a wavelength- 
dependent path length, and others based on 
interference effects within a dielectric optical 
coating. 

Geometrical methods of dispersion compensation 
are commonly based on pairs of diffraction gratings 
or prisms and in both cases the geometry of the 
systems means that the group delay is wavelength 
dependent and can be made greater for longer 
wavelengths than for shorter ones. Analytic 
expressions describing the quadratic and cubic 
spectral phase of prism and diffraction grating pairs 
are summarized in Table 1. Dispersion compensation 
using prisms has been extremely successful and 11-fs 
pulses were reported using this approach. The 
simultaneous compensation of arbitrary second- and 
third-order spectral phase is, however, difficult and 
involves identifying a suitable prism material, apex 
spacing, and tip insertion. The expressions listed in 
Table 1 indicate that the form of the spectral phase 
depends on the refractive index of the prism material 
and its wavelength derivatives, while the apex 
separation, /, also contributes to a large extent. A 
further contribution to the spectral phase comes from 
the glass encountered by the beam passing through 
the prism tips which contributes a positive dispersion 
described by the equations for a bulk material given 
in Table 1. In general, an iterative solution of the 


equations given in Table 1 is needed to determine the 
geometry of a prism pair suitable for producing a 
desired spectral phase profile. 

Laser cavity mirrors can be designed with chirped 
multilayer dielectric coatings which possess a chosen 
group-velocity dispersion profile. A Bragg mirror with 
smaller layer periods at the surface and larger periods 
deeper in the coating provides negative group-velocity 
dispersion because the longer wavelengths experience 
larger group delays within the coating than the shorter 
ones. These chirped mirrors provide constant reflec- 
tivity across their stopband and therefore only modify 
the spectral phase of a pulse, leaving the intensity 
unchanged. The design of chirped mirrors has been 
refined in recent years to enhance their operating 
bandwidth and to reduce undesirable modulations in 
the group-delay response. The technique has been used 
to obtain 6.5-fs pulses directly from a Ti:sapphire 
oscillator and to achieve compression of amplified 
pulses to below 5 fs. 


Nonlinear dispersion 

Nonlinear effects arise in all materials due to the 
x term in [3]. In a transparent medium the 
refractive index due to this net susceptibility is 
approximately 


(3) F2 


2n0 





n~not =n + nI [7] 
where I is the optical intensity. The importance of the 
x susceptibility is therefore that it causes the 
refractive index to become intensity-dependent, and 
significant changes in the refractive index can be 
induced by the high peak intensities of ultrashort 
pulses. 

Self-phase-modulation (SPM) resulting from the 
nonlinear refractive index is essential in generating 
the shortest pulses from modern ultrafast lasers and is 
caused by the time-varying intensity profile of the 
pulse. The higher-intensity components induce a 
larger nonlinear refractive index change and therefore 
experience a greater phase shift than the weaker 
components. The resulting frequency shift across the 
pulse can be shown to be 


dd(t) wn di(t) 
dt c dt 





OW) [8] 





which describes a redshift of the pulse leading edge 
and a blueshift of the trailing edge. Only the pulse 
center frequency remains unchanged and SPM there- 
fore broadens the pulse spectrum by redistributing 
energy from the center to the wings. Across the center 
of the pulse, SPM leads to an approximately linear 
positive chirp that, with appropriate optics, can be 
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Table 1 


Bulk material, thickness t 


Double-pass prism-pair, apex separation /, angular deviation 
within ray of B 





Double-pass grating-pair, separation /, angle of incidence y, line 
spacing d 





corrected using an equal but opposite amount of 
negative second-order dispersion. The combination 
of spectral broadening using SPM and subsequent 
chirp-removal using linear dispersion is the basis for 
optical pulse compression techniques that have been 
applied effectively to create pulses which exist for 
only a few carrier-wave periods. 


Expressions for the second and third-order dispersion of common optical systems 
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When the pulse propagates in an environment 
where SPM and linear dispersion are well balanced 
and evenly distributed, a soliton will evolve which, in 
the absence of loss, can propagate indefinitely with- 
out changing shape. The nonlinear Schrédinger 
equation predicts that lasers in which the 
dominant pulse-shaping mechanisms are negative 
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group-velocity dispersion and self-phase-modulation 
will produce soliton-like pulses with a sech?(t) 
intensity profile. In experimental measurements of 
ultrafast lasers the pulse shape is commonly assumed 
to be sech*(t) and the chirp of the pulses is then 
estimated by measuring their duration—bandwidth 
product, AvAz, which is a dimensionless quantity that 
can be treated as a figure-of-merit for ultrashort 
pulses. For unchirped pulses the duration—bandwidth 
product is independent of their duration or spectral 
bandwidth but is sensitive to their shape: chirp-free 
Gaussian pulses have AvAr = 0.441 while sech?(t) 
pulses have AvAr= 0.315. 


Sources of Femtosecond Pulses 


Dye Lasers 


The first practical passively mode-locked ultrafast 
lasers were those based on a gain medium of a thin 
(~10 pm) organic dye jet and incorporating a slow 
saturable absorber jet at a separate cavity focus. The 
most common combination was Rhodamine 6G in 
ethylene glycol (gain jet) and 3,3-diethyloxadicarbo- 
cyanine iodide in ethylene glycol (absorber jet) which 
produced pulses at a wavelength of 620nm. The 
most successful approach was colliding-pulse mode- 
locking in which two counter-propagating pulses 
within a ring cavity are synchronized to arrive 
simultaneously at the absorber jet, so achieving 
greater saturation of the absorber and allowing the 
pulses to be transmitted with a loss significantly 
smaller than in the single-pulse case. The first sub- 
100-fs optical pulses were reported in 1981 from a 
colliding-pulse mode-locking dye laser and later work 
reported pulse durations as low as 27 fs but the 
configuration was inefficient and produced low 
average output powers. Other approaches such as 
synchronous pumping and hybrid mode-locking 
produced higher output powers but the mainten- 
ance-intensive nature of dye lasers and the hazardous 
nature of many of the chemicals used led to their 
gradual replacement by more convenient solid-state 
alternatives, based principally on Ti:sapphire. 


Color-Center Lasers 


A new source of femtosecond pulses in the near- 
infrared was reported in 1984. Coined the soliton 
laser the system was a synchronously pumped KCI:Tl 
color-center laser tunable from 1.4 to 1.6 um and 
modified to allow direct generation of pulses as short 
as 50 fs, substantially shorter than the 8 ps achieved 
in synchronously pumped operation alone. Femto- 
second operation was achieved by coupling a length 
of polarization-preserving anomalously dispersive 


fiber to the main laser cavity using a beamsplitter 
and retroreflector arrangement. This coupled-cavity 
arrangement later became known as additive pulse 
mode-locking (APM) and produced short pulses 
when the optical length of the fiber was adjusted to 
be an integral multiple of the main cavity length. The 
long upper-state lifetime of the laser-active centers in 
the KCI:Tl gain medium allowed particularly stable 
APM operation, but mode-locking of this kind was 
also successfully employed in an actively stabilized 
NaCl:OH color-center laser to produce 110-fs 
pulses. The need to maintain color-center crystals at 
liquid-nitrogen temperatures limited the convenience 
of these lasers but until the advent of Ti:sapphire they 
remained the only solid-state sources capable of 
femtosecond operation. 


Ti:sapphire Lasers 


The creation in 1986 of a new broadband laser 
material — titanium-doped sapphire or Ti:sapphire — 
began a revolution in ultrafast laser sources that still 
continues today. Unlike other contemporary solid- 
state materials for mode-locked lasers such as 
Nd:YAG, Ti:sapphire is a vibronic gain medium 
which exhibits a strong electron-phonon coupling 
between the titanium ion transition and the host 
lattice. This vibronic coupling leads to a broad 
continuum of possible transition energies and results 
in a fluorescence bandwidth covering 670-1050 nm, 
making Ti:sapphire capable of supporting extremely 
short femtosecond pulses. The long fluorescence 
lifetime of Ti:sapphire means that, unlike dye lasers, 
femtosecond mode-locking requires a passive method 
using a fast saturable absorber and two methods have 
prevailed and are discussed below. 

The first passively mode-locked Ti:sapphire lasers 
were based on the APM technique in which mode- 
locking is achieved by a fast-saturable absorber 
action due to interference between the intracavity 
pulse and a self-phase-modulated replica propagating 
in an auxiliary cavity. An important breakthrough 
was made in 1990 when it was reported that an APM 
Ti:sapphire laser continued to operate even when the 
auxiliary cavity was blocked. This discovery was 
attributed to an entirely new mode-locking effect 
known as Kerr-lens mode-locking (KLM) or self- 
mode-locking in which the presence of a Kerr lens 
within the gain medium during mode-locked opera- 
tion changes the mode focusing within the cavity so 
that, compared to cw operation, mode-locked pulses 
experience higher gain. Two configurations of KLM 
exist and are known as soft aperture mode-locking, 
where the presence of the Kerr lens increases the gain 
by improving the overlap between the pump and laser 
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modes, and hard-aperture mode-locking, in which a 
physical aperture such as a slit or the edge of a prism 
is adjusted to introduce greater loss for cw operation. 
Because KLM is based on a nonresonant nonlinearity, 
Ti:sapphire lasers can be mode-locked at any 
wavelength in their gain bandwidth using this 
technique. Recent advances in controlling the intra- 
cavity group-velocity dispersion characteristics have 
led to the generation of sub-5-fs pulses directly from a 
Ti:sapphire oscillator. The principal drawback of the 
KLM method is that it is not self-starting because 
mode-locked operation must be seeded by an intense 
noise spike or other short fluctuation. Different 
starting methods have been applied successfully 
including mirror tapping, acousto-optic modulation, 
and mode-dragging, and once mode-locking has been 
initiated it is generally stable until some external 
perturbation disturbs the intracavity beam. 

An alternative method for obtaining femtosecond 
pulses has been pioneered largely in parallel with the 
KLM efforts and is based on using resonant non- 
linearities in semiconductors as fast saturable absor- 
bers. The approach is to fabricate a semiconductor 
multiple-quantum-well (MQW) device whose band- 
gap has been chosen to match the laser wavelength 
and whose absorption can be saturated at high 
fluences. Initially these devices were utilized in an 
APM geometry in which the MQW device was 
situated in an auxiliary cavity but it was later realized 
that an equivalent monolithic configuration could be 
obtained by sandwiching the MQW layer between 
two high-reflectivity mirrors (see Figure 3, inset) to 
form a Fabry-Perot structure and the resulting 
element was known as an antiresonant Fabry-Perot 
saturable absorber. The first application of a such a 
semiconductor saturable absorber mirror (SESAM) 
for mode-locking Ti:sapphire was reported in 1995 
where self-starting operation was demonstrated. A 
typical modern Ti:sapphire laser design is shown in 
Figure 3 and illustrates how a saturable absorber 
mirror can be integrated into the cavity. Further 
design enhancements such as reducing the finesse 
of the Fabry—Perot cavity resulted in SESAMs 
with a broader wavelength response which enabled 
sub-10-fs self-starting operation. 


Fiber Lasers 


Ultrafast fiber lasers, particularly those based on 
silica doped with rare earth Er?*, Nd°*, or Yb**ions, 
have enjoyed renewed attention in recent years as 
efforts to scale their average output powers and pulse 
energies to practical levels have proved successful. 
Four main mode-locking strategies have been applied 
to these systems: active mode-locking which is 
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Figure 3 Typical configuration of a modern femtosecond 
Ti:sapphire laser. PL, pump laser; M1, pump focusing mirror; 
M2, high-reflectivity cavity mirror (800nm); TS, Ti:sapphire 
crystal, typically, 2-10 mm long; M3, SESAM mirror; P, 
dispersion-compensating prisms; OC, output coupler. Inset: a 
simplified schematic of a saturable-absorber Bragg mirror. 


generally restricted to picosecond generation; inten- 
sity-dependent feedback using a nonlinear amplifying 
loop mirror; polarization APM; and semiconductor 
saturable absorber mode-locking. The upper-state 
lifetime of rare-earth-doped fibers is long and there- 
fore a fast saturable absorber mechanism is necessary 
for passive mode-locking, limiting the choice of 
mode-locking elements to those based on Kerr or 
semiconductor nonlinearities. 

The development of mode-locked fiber sources has 
concentrated on Er-doped lasers because of the 
compatibility of their output wavelengths with the 
1.5 wm optical communication window in standard 
silica fiber. Passively mode-locked designs based on 
the nonlinear loop mirror work by exploiting the Kerr 
effect in an intracavity fiber Sagnac interferometer 
containing a gain section. With suitable control of the 
intracavity polarization, such a nonlinear amplifying 
loop mirror (NALM) can be set up to transmit light of 
high intensities but reflect low intensities because of 
the differential phase shift induced between the two 
interferometer arms. By adding the loop mirror to a 
unidirectional ring cavity a figure-of-eight laser is 
formed (Figure 4) which is capable of producing 
femtosecond soliton pulses with average powers of 
around 1 mW. Drawbacks of the figure-of-eight laser 
include the presence of spectral sidebands at the 
shortest pulse durations and a tendency for multiple 
pulse operation. Mode-locking can also be achieved 
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Figure 4 Schematic of a figure-of-eight femtosecond fiber laser. 
EDFA, erbium-doped fiber amplifier gain section; OC, output 
coupler; PC, polarization controller. 


using a variation on the APM technique and 
significant average output powers have been demon- 
strated from stretched-pulse-APM lasers, with up to 
90 mW being reported at pulse energies of 2.25 nJ. 

Semiconductor saturable absorber mode-locking 
has been demonstrated in fiber lasers using a variety 
of configurations including bulk InGaAsP on InP and 
saturable Bragg reflectors based on InGaAs/InP 
MQWs on a AlAs/GaAs mirror structure. Fiber lasers 
mode-locked using semiconductor saturable absor- 
bers are self-starting and exhibit stable mode-locking, 
normally at the fundamental cavity frequency. The 
narrow bandwidth of saturable absorber devices at 
near-infrared wavelengths makes the generation of 
sub-100-fs pulses difficult. 


Semiconductor Sources 


Diode lasers and external-cavity lasers based on 
semiconductor optical amplifiers (SOAs) are of 
importance because of their ability to produce 
ultrashort pulses from a compact system at wave- 
lengths of relevance to optical fiber communications. 
The two principal methods used to generate ultra- 
short pulses from such devices are mode-locking 
with an external cavity or gain-switching (equiva- 
lently known as QO-switching) in a bow-tie 
waveguide structure. Subpicosecond pulse durations 
are now routinely produced using dispersion com- 
pensation and/or nonlinear pulse compression 
techniques and, by combining these strategies with 
Er:fiber amplification, 20-fs pulses have been 
produced. The mode-locking and gain-switching 
techniques each have their individual advantages. 
Gain-switching provides a simple and compact 
approach offering high average output power, but 
significant timing jitter and poor spectral quality can 
accompany pulses produced in this way. Mode- 
locked systems are physically larger than gain- 
switched devices because they require an external 
cavity and additional optical components, but 
shorter and higher quality pulses are achievable. 


Other Common Solid-State Laser Sources 


Certain solid-state gain media offer the potential for 
direct diode pumping, miniaturization and operation 
at wavelengths or average powers not accessible with 
other sources. Systems based on Nd or Cr ion 
transitions have been shown to be capable of 
ultrashort picosecond or femtosecond operation. 
Femtosecond mode-locking (175 fs) has been 
reported in Nd:glass which has one of the broadest 
fluorescence spectra of the Nd materials. Crystals 
with active ions of Cr*+, Cr+, and Cr** have broad 
transitions covering wavelengths in the 2.0 pm, 
800 nm and 1.4 wm regions and femtosecond opera- 
tion has been demonstrated in Cr**:YAG at 1.52 pm, 
Cr**:Mg)SiO4 (Cr:forsterite) at 1.25 wm, Cr?*: 
LiSrAIF, (Cr:LiSAF) at 850 nm, and Cr°**:Li$rGaF, 
(Cr:LiSGAF). Direct diode pumping of Cr- 
ion-based lasers is attractive because of the opportu- 
nities for producing low-noise, compact, and efficient 
femtosecond sources, but the limited power available 
from high-quality pump diodes results in low 
intracavity powers which make KLM operation 
difficult. As a result, stable operation is better 
achieved using a physical saturable absorber, and 
SESAM mode-locking has been applied successfully 
to many of these lasers. 


Sources Based on Nonlinear Frequency Conversion 


Laser sources alone are unable to provide ultrashort 
pulses continuously tunable from the ultraviolet to 
the mid-infrared, and large gaps exist at wavelengths 
where no broadband laser materials are available. 
Harmonic generation using Ti:sapphire can be used 
to access some parts of the visible and ultraviolet 
regions, but infrared and certain visible wavelengths 
cannot be generated in this way and coverage is 
limited by the ability to tune the source itself. The 
nonlinear production of infrared wavelengths 
requires parametric down-conversion using a syn- 
chronously pumped optical parametric oscillator. 
Ti:sapphire pumped synchronously pumped optical 
parametric oscillators have produced, either directly 
or using harmonic generation, outputs from the green 
to beyond 7 pm. 


Sources of Amplified Ultrashort Pulses 


Modern ultrafast oscillators can produce pulses with 
peak powers of >1 MW, average powers of several 
watts, and cavity frequencies from 4 MHz to 2 GHz, 
but many applications require pulses with higher 
intensities or lower pulse repetition frequencies. 
Additional amplification stages can be used to satisfy 
these requirements and these are commonly 
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implemented in Nd:glass for picosecond pulses and 
Ti:sapphire for femtosecond pulses. In order to avoid 
damage and unwanted nonlinear effects caused by 
high pulse intensities within the amplifier system, 
most practical sources now apply the chirped-pulse 
amplification (CPA) approach in which a low-energy 
femtosecond seed pulse is stretched to sub- 
nanosecond durations to reduce its peak power then 
amplified and finally compressed to its original 
duration. Using the chirped-pulse amplification 
technique, pulses with peak powers as high as 1.5 
petawatt have been generated. 

Two possible amplifier geometries are used which 
are categorized either as multipass or regenerative 
amplifiers. In the multipass configuration the 
injected pulse is refocused many times through the 
same gain crystal using a system of mirrors. The gain 
crystal is pumped above the saturation fluence in 
order to extract the maximum stored energy from the 
medium per pass. The multipass geometry is more 
commonly used for high-average-power operation 
and critical alignment is required to maximize the 
overlap between the pump mode profile and the 
multiple beams intersecting the gain medium. 
The alternative regenerative amplifier is essentially a 
stable laser resonator which includes a Pockel cell 
and a polarizing beamsplitter to enable pulses to be 
switched into and out of the cavity. The gain per 
pass is considerably lower than in the multipass 
configuration but regenerative systems produce 


superior beam quality and their performance 
can be optimized without affecting the beam 
pointing of the output. Commercially available 
Ti:sapphire amplifiers commonly use the regenerative 
method and are available with pulse energies of up 
to 1 mJ at repetition frequencies in the 1-300 kHz 
range. 
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Introduction 


Ultrashort optical pulses have very short time 
durations, typically less than a few tens of pico- 
seconds. As a result, these pulses are spectrally 
broad. Because the index of refraction of materials is 
a function of wavelength, different wavelengths of 
light travel at different speeds in optical materials, 
causing the properties of ultrashort optical pulses to 
change as they propagate. However, the shape of the 
pulse can influence how the pulse itself interacts with 
materials. Thus, the goal of ultrafast laser pulse 
measurement is to obtain not only the intensity 
profile of the pulse, but also the actual variation of 
the frequencies that make up the pulse. This is called 


measuring the intensity and phase of the pulse, 
respectively. 

Even though the development of techniques to 
characterize ultrashort optical pulses has not been 
easy, a myriad of pulse measurement techniques have 
been developed. In this chapter, we will confine our 
discussion to the most well-known pulse and gener- 
ally accepted pulse characterization methods in an 
effort to provide a basic working knowledge of pulse 
measurement techniques and a fundamental under- 
standing of the principles behind pulse measurement. 
After a brief discussion of the mathematical represen- 
tation of ultrashort optical pulses, we will discuss 
pulse measurement in (roughly) chronological order, 
starting with autocorrelation methods. The next 
section introduces a useful method for the measure- 
ment of the relative phase between two pulses 
called spectral interferometry (SI). Following SI, 
we introduce the notion of the time-frequency 
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representation of ultrashort optical pulses where 
techniques such as frequency-resolved optical gating 
(FROG) are discussed. Following the time-frequency 
section, a relatively new technique known as spectral 
phase interferometry for direct electric field recon- 
struction (SPIDER) is discussed. 


Mathematical Representation of 
an Optical Pulse 


The time-dependent variations of the pulse are 
embodied in the pulse electric field, A(t), which can 
be written: 


A(t) = Re[E(t)e°”] [1] 


where wy is the carrier frequency and Re refers to 
the real part. While we can use A(t) as it stands for 
calculations, it is much easier to remove the rapidly 
varying wp part, e’®”’, and use a slowly varying 
envelope together with a phase term that contains 
only the frequency variations, not the rapidly 
varying carrier frequency: 


EG) =p? [2] 


where I(t) and g(t) are the time-dependent intensity 
and phase of the pulse. (Note that E(¢) is 
complex.) The frequency variation, Q(f), is the 
derivative of g(t) with respect to time: 


Ot) = —de(t)/dt [3] 


The pulse field can be written equally well in the 
frequency domain by taking the Fourier transform 
of eqn [2]: 


E(@) = [(@)]'7e 1 [4] 


where I(w) is the spectrum of the pulse, and (w) is 
its phase in the frequency domain. The spectral 
phase contains time versus frequency information; 
that is, the derivative of the spectral phase with 
respect to frequency yields the time arrival of the 
frequency — the group delay. 

Obtaining the intensity and phase, I(¢) and ¢(t) 
(or I(w) and (w) is called full characterization of the 
pulse. Common phase distortions include linear 
chirp, where the phase (either the time domain or 
frequency domain) is parabolic. When the frequency 
is increasing in time, the pulse is said to have positive 
linear chirp; negative linear chirp is when the high 
frequencies lead the lower frequencies. Higher-order 
chirps are common, but for these, differentiation 
between spectral and temporal chirp is required 
because spectral phase and temporal phase are not 
interchangeable. 


Autocorrelation 


Traditionally, we measure events using shorter events. 
Unfortunately, for the ultrafast researcher, shorter 
events do not exist and modern electronics are not 
fast enough. Therefore, because the shortest event we 
have is the event we wish to measure, traditional 
pulse measurement methods use the pulse itself to 
determine the approximate duration of the pulse in 
question giving birth to the ubiquitous intensity 
autocorrelation (see Figure 1). While autocorrela- 
tions cannot be used to fully characterize ultrashort 
optical pulses, the methods used in autocorrelations 
are fundamental to all pulse measurement schemes. 
The intensity autocorrelation is measured by 
combining a pulse and a delayed replica of a pulse 
in a nonlinear medium such as a second harmonic 
generation (SHG) crystal. A pulse is sent onto a 
beamsplitter to produce the two replicas. One pulse is 
delayed relative to the other and both are focused 
together into a SHG crystal. As the delay of one pulse 
relative to the other is varied, the intensity of the 
second-harmonic signal is recorded. The intensity 
autocorrelation is not limited to using SHG; any 
nonlinearity may be utilized. Indeed, two-photon 
absorption in a semiconductor LED or photodiode 
often acts as a convenient nonlinearity. Sometimes a 
third-order nonlinearity is used to provide some 
direction of time information about the pulse. When 
the generation of the signal involves phase matching, 
such as second harmonic generation, care must be 
taken to use a thin crystal. Typically, 10 pm to 1 mm 
thick SHG crystals are used, depending on the 
bandwidth of the pulse to be measured. The exact 
thickness depends on the SHG crystal, the pulse 
width, and the requirements of the measurement. 
Regardless of the nonlinearity used, an autocorre- 
lation yields only the approximate duration and 


Input 
pulse 





Figure 1 An intensity autocorrelator used to determine the 
approximate duration of a pulse. The pulse is split into two replicas 
that are sent into delay lines. The outputs from both delay lines are 
focused into a doubling crystal. The second harmonic output is 
monitored as a function of delay between the two pulses. A plot of 
the signal versus time is the intensity autocorrelation of the pulse. 
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shape of the pulse. The structure of the pulse is 
smeared, producing a smooth, featureless profile for 
even a complex pulse. Thus, the intensity autocorre- 
lation alone does not determine the intensity profile of 
the pulse, I(t). Only the interaction of the intensity of 
the pulse is recorded, producing no phase information 
for the pulse. Some qualitative information can be 
gleaned from the spectrum and the autocorrelation, 
but usually only that the pulse is chirped, and higher- 
order chirps and complex pulse structures elude such 
an analysis. 

Another useful form of intensity autocorrelation is 
the single-shot autocorrelator. In this case, fairly large 
beams are used, and these beams are set to intersect at 
an angle of 29, tilting the pulse fronts, so that delay is 
mapped onto a spatial coordinate (see Figure 2). The 
beams are then focused into a nonlinear medium 
using a cylindrical lens. The interaction region in the 
SHG crystal is imaged onto a linear array or CCD 
camera. Typically, when second-harmonic generation 
is used, the SHG crystal is oriented for Type I 
phase matching. The time window is proportional to 
Aw(sin ®)/Av,, where Aw is the beam waist at 
the SHG crystal, and v, is the group velocity of 
the pulse in the crystal. Like all SHG interactions, 
care must be exercised to insure that the phase 
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in space to ~1cm) 
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matching is sufficient to mix the entire bandwidth of 
the pulse. 

Jean-Claude Diels improved the intensity autocor- 
relation by the development of the interferometric 
autocorrelation. In this configuration, a Michelson 
interferometer is typically used so that the beams are 
collinear when arriving at the SHG crystal, which 
allows the beams to interfere. As a result, fringes 
appear on the autocorrelation. By examining the 
shape and extent of the fringes, some information 
about the pulse chirp can be obtained. While this does 
add to the information provided by an intensity 
autocorrelation, the added information is only the 
spectrum of the second harmonic. Unfortunately the 
addition of the second harmonic spectrum does not 
provide enough information for full retrieval of the 
intensity and phase. 

Even though autocorrelation alone does not 
completely determine pulse intensity and phase, it is 
avery simple and useful technique to determine appro- 
ximate pulse duration. Sometimes, cross-correlation 
can be used to determine the duration of a long pulse, 
if a shorter one is available, or a pulse too weak 
(or at an inappropriate wavelength) to measure with 
autocorrelation. The addition of the spectrum and/or 
the second harmonic spectrum can provide more, 
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Figure 2 A single shot intensity autocorrelator. For this type of autocorrelator, the beam size is large, on the order of 1 cm in diameter, 
and the pulse fronts are tilted with respect to each other in order to map relative delay to position. The two beams are focused using a 
cylindrical lens and the output is recorded using an array detector. The inset shows how delay is mapped into position. Inset: the tilted 


pulse fronts cause time delay to be mapped spatially. 
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albeit, incomplete information about pulse chirp. 
More importantly, the experimental techniques used 
by correlation methods are fundamental to all pulse 
measurement methods. 


Spectral Interferometry — Relative 
Phase Measurements 


While determination of the absolute intensity and 
phase of an ultrashort laser pulse is difficult, deter- 
mination of the relative phase is not. Invented in the 
late 1800s, spectral interferometry (SI), measures 
the relative phase between two pulses. SI, a linear 
technique, can also be modified (albeit, a some-what 
complex modification) to be self-referencing for full 
characterization of the ultrashort optical pulse (See the 
section on SPIDER below). In addition, when com- 
bined with a full pulse characterization technique, SI, 
because it is a linear technique, provides a method by 
which very weak optical pulses can be characterized 
(see below). 

Typically, an SI apparatus uses a Mach-Zender 
interferometer (see Figure 3). A pulse is split into two 
replicas; one is sent through a region or medium to 
measure and the other through a known path. The 
two pulses remain separated by some known time and 
are sent, collinearly, into a spectrometer; no time 
scanning is required. An analysis of the fringe pattern 
yields the relative phase between the two pulses. 
In other words, SI provides dynk(@) — Pre¢(@), where 
Pank(@) is the unknown pulse phase versus frequency. 
The spectrum of the two pulses in the frequency 
domain is 


T5,(@) = |Eo(@) + Eqnk(w)! 


Ts:(@) = Ip(@) + Tunk(@) + 2/Io(@)y Lunk(@) 


X c0S(Punk(@) — Po(@) — wT) [S] 


j 
Pulse 1 y 


Bi SE! 
q AA 
Spectrometer 


Figure 3 A Mach—Zender interferometer is the typical arrange- 
ment for spectral interferometry. One path acts as the reference 
arm and the sample to be measured is placed in the other arm. 
Unlike standard interferometry, the delay is fixed in a spectral 
interferometry experiment. 






where Igj(w) is the output spectrum, E(w) is the 
reference pulse electric field, E,.,(w) is the 
unknown pulse electric field, Ip(w) is the reference 
pulse spectrum, Iyn(w) is the unknown pulse 
spectrum, @yp.(@) is the unknown pulse phase, 
dy(@) is the reference pulse phase, and 7 is the 
delay between the two pulses. To facilitate extract- 
ing the phase difference from the SI output, 7 is 
chosen to yield fringes in the sum spectrum. The 
spectral fringes, which have a period inversely 
proportional to the optical path difference between 
the two beams (see Figure 4), contain all of the 
phase difference information. 

Figure 4 shows the steps required to obtain the 
phase difference between the two pulses. The first step 
is to subtract out the spectra of the individual pulses 
in order to isolate the spectral interferogram, S(w) 
(Figure 4a), where 


S(w) = 24 Io(@)y Tunk(@) COS(Pank(@) — b9(@) — w7) 
[6] 


By Fourier transforming S(@), we obtain 





J '[S(@)] = ft -D+f(-t- 7 [7] 


where f(t) is the correlation product between the 
reference and the unknown electric field (see 
Figure 4b). The Fourier transform of eqn [7] 
multiplied by a Heaviside function, @(f) (to remove 
f(—t — 7), recovers the amplitude and phase of f(a), 
the Fourier transform of f(t — 7), which contains the 
relative spectral phase between the unknown pulse 
and the unmodified pulse. Some care, however, needs 
to be taken to correctly remove the linear phase due 
to the time delay between the two pulses, wr. Also, for 
best results, the spectrometer should be well cali- 
brated and care should be taken to properly window 
the spectrum before taking the Fourier transform. 

Spectral interferometry is a straightforward and 
simple technique that always provides a relative 
phase. For this very reason, care must be taken to 
make sure the beams are mode-matched as well as 
collinear; also, interferometric stability must be 
maintained over the course of the measurement. 
Furthermore, SI is nongating; that is, CW background 
in the laser can add to the interferogram, masking 
transient effects. Nevertheless, spectral interferome- 
try is a useful technique that has been applied to the 
measurement of the linear and nonlinear spectral 
phase introduced by optical fibers. More recently, SI 
has been applied to phase-locking and to phase- 
resolved pump probe experiments. 
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Figure 4 The steps required for the analysis of spectral interferograms. Part (a) shows a sample SI interferogram. The dominant 
frequency of the fringes is the delay multiplied by the speed of light. The actual phase differences of interest are the perturbations on this 
frequency. Part (b) is the Fourier transform of the SI interferogram in Part (a). (Note that this is not the true time domain.) The central 
peak contains only spectral information. All of the phase information is contained in the satellite peaks. The next step is to mask out the 
central peak and one of the satellite peaks (Part (c)). The phase of the inverse Fourier transform of Part (c) yields the relative phase 


between the two pulses (Part (d)). 


Time-Frequency Representation 


In 1971, E.B. Treacy laid the foundations for a 
revolution in pulse measurement by introducing the 
idea of measuring the intensity versus time for 
different spectral splices of a pulse. Because his 
measurements provided both time and frequency 
information simultaneously, these measurements 
could be thought of as applying in a hybrid time- 
frequency domain. At first, this may seem confusing, 
but similar methods have been used to visualize 
sounds patterns (a musical score, for example) and 
speech. A time-frequency plot of this type, where 
spectral slices of a pulse are plotted versus time, 
is called a sonogram. The mathematical formalism of 
a sonogram is: 


2. 


[- E(@)h(w — Ae *7 da 


Sp(Q, T) = [8] 





where E(w) is the electric field of the pulse to be 
measured in the frequency domain and h(w — Q) is a 
frequency gate that varies with frequency. The 
magnitude squared of the inverse Fourier transform 
of spectral slices yields the sonogram. 

In 1991, Chilla and Martinez showed that the 
sonogram could be used to reconstruct the full 
intensity and phase of the pulse. That is, under 
certain conditions, the approximate group delay 
could be determined as a function of frequency 
from the sonogram by finding the peak time arrival 
of each spectral slice; integration of the group delay 


yields the spectral phase, which together, with the 
pulse spectrum, provides the intensity and phase of 
the pulse in the frequency domain. They labelled this 
technique as frequency domain phase measurement 
(EDPM). 

An experimental diagram of an FDPM apparatus is 
shown in Figure 5. The pulse is split into two replicas, 
and one of the pulse replicas is spectrally filtered. 
The spectrally filtered pulse is cross-correlated with 
the original pulse to find the ‘time arrival’ of the 
spectrally filtered pulse — defined as the peak of 
the cross-correlated pulse. Because the spectrally 
filtered pulse has a much longer time duration than 
the original pulse, the small perturbation caused by 
the finite length of the original pulse is neglected. 

The main difficulty of the Chilla—Martinez method 
is that the frequency gate must be very narrow, 
reducing the filtered pulse energy significantly, which 
greatly reduces the measured signal strength. If the 
spectral phase is not well behaved, the filtered pulse 
may not be much longer than the original pulse. In 
addition, for a given frequency, the sonogram may 
have two or more peaks in time, that is, the group 
delay may not be a function. However, a method 
called 2D phase retrieval, discussed in the next 
section, can alleviate many of these issues. 

A spectrogram is a relative of the sonogram. Rather 
than determining the time arrival of spectral slices of 
a pulse, a spectrogram is obtained when the spectrum 
of time slices of the pulse are measured. The spectro- 
gram is experimentally much easier to obtain than the 
sonogram; however, the measured quantity is not 
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TESTING A DIODE ON A DIGITAL METER 

Testing a diode with a Digital Meter must be done on the "DIODE" setting as a digital 
meter does not deliver a current through the probes on some of the resistance 
settings and will not produce an accurate reading. 
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The best thing to do with a "suspect" diode is to replace it. This is because a diode 
has a number of characteristics that cannot be tested with simple equipment. Some 
diodes have a fast recovery for use in high frequency circuits. They conduct very 
quickly and turn off very quickly so the waveform is processed accurately and 
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Figure5 Measuring a sonogram requires determining the time arrival of spectral slices of the pulse. The pulse is split into two replicas 
using a beamsplitter. One replica is spectrally filtered using a tunable filter. The other pulse is cross-correlated with the spectrally filtered 


pulse to determine the time arrival. 


quite as mathematically useful as the sonogram 
because the time slicing of the pulse occurs in the 
time domain. Thus, if a narrow time gate is used, the 
time domain phase is obtained. The time domain 
phase together with the intensity of the pulse, I(d), 
provides the full intensity and phase of the pulse. 
Unfortunately, the intensity profile is not as readily 
measurable as the pulse spectrum. Consequently, to 
obtain the full intensity and phase of a pulse from 
its spectrogram requires an iterative 2D phase 
retrieval algorithm. This is the basis of a pulse 
measurement technique called frequency-resolved 
optical gating (FROG). 


Frequency-Resolved Optical Gating 


Frequency-resolved optical gating (FROG), devel- 
oped by Kane and Trebino, measures the spectrum of 
a particular temporal component of the pulse (see 
Figures 6 and 7) by spectrally resolving the signal 
pulse in an autocorrelation-type experiment using an 
instantaneously responding nonlinear medium. As 
shown in Figure 6, FROG involves splitting a pulse 
and then overlapping the two resulting pulses in an 
instantaneously responding x) or x~ medium. Even 
though any instantaneous nonlinear interaction may 
be used to implement FROG, perhaps the most 
intuitive is the polarization-gating configuration. In 
this case, induced birefringence, due to the electronic 
Kerr effect, is used as the nonlinear-optical process. In 
other words, the ‘gate’ pulse causes the x°) medium, 


which is placed between two crossed polarizers, 
to become slightly birefringent. The polarization of 
the ‘gated’ probe pulse (which is cleaned up by the 
first polarizer) is rotated slightly by the induced 
birefringence allowing some of the ‘gated’ pulse to 
leak through the second polarizer. This is referred to 
as the signal. Because most of the signal emanates 
from the region of temporal overlap between the gate 
pulse and the probe pulse, the signal pulse contains 
the frequencies of the ‘gated’ probe pulse within this 
overlap region. The signal is then spectrally resolved, 
and the signal intensity is measured as a function of 
wavelength and delay time 7. The resulting trace of 
intensity versus delay and frequency is a spectrogram, 
a time- and frequency-resolved transform that intui- 
tively displays time-dependent spectral information 
of a waveform. 
The spectrogram can be expressed as: 


2. 


[- E(@)g(t — ne dt [9] 


SE(@, T) = 





where E(t) is the measured pulse’s electric field, 
g(t— 7) is the variable-delay gate pulse, and 
the subscript E on Sg indicates the spectrogram’s 
dependence on E(t). The gate pulse g(t) is usually 
somewhat shorter in length than the pulse to be 
measured, but not infinitely short. This is an 
important point: an infinitely short gate pulse yields 
only the intensity [(¢) and conversely, a CW gate 
yields only the spectrum I(w). On the other hand, 
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Figure 6 Measuring the spectrogram of a pulse is easier than measuring its sonogram — a spectrogram is a spectrally resolved 
autocorrelation. In this figure, the optical Kerr—effect is used (polarization-gate) as the nonlinearity. (Adapted with permission from 
Kane DJ and Trebino R (1993) Single shot measurement of the intensity and phase of an arbitrary ultrashort pulse by using 


frequency-resolved optical gating. Optics Letters 18(10): 823-825.) 
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Figure 7 This figure shows a schematic of an SHG FROG device. The SHG signal from the autocorrelation is spectrally resolved. 
SHG FROG is very simple and sensitive, but it has a direction-of-time ambiguity. For example, if the pulse has chirp, only the magnitude 


of the chirp is determined — the sign of the chirp remains unknown. 


a finite-length gate pulse yields the spectrum of all of 
the finite pulse segments with duration equal to that of 
the gate. While the phase information remains lacking 
in each of these short-time spectra, having spectra of 


an infinitely large set of pulse segments compensates 
for this loss. The spectrogram has been shown to 
nearly uniquely determine both the intensity I(¢) and 
phase ¢(f) of the pulse, even if the gate pulse is longer 
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than the pulse to be measured (although if the gate is 
too long, sensitivity to noise and other practical 
problems arise). 

In FROG, when using optically induced bire- 
fringence as the nonlinear effect, the signal pulse is 
given by: 

Eyig(t, 7) ¢ EQ)IE(t — 791? [10] 
So the measured signal intensity Ippoc(w, 7), after the 
spectrometer is: 


2 


Teroc(@, 7) = | E(OlE(t -— pre ide [11] 





We see that the FROG trace is a spectrogram of the 
pulse E(¢) although the gate, [E(t — 7)I’, is a function 
of the pulse itself. 

To see that the FROG trace essentially uniquely 
determines E(t) for an arbitrary pulse, it is first 
necessary to observe that E(?) is easily obtained from 
E,ig(t, 7). Then it is simply necessary to write eqn [11] 
in terms of E,j(¢,0), the Fourier transform of the 
signal field E,j.(¢, 7), with respect to delay variable r. 
We then have what appears to be a more complex 
expression, but one that will give us better insight into 
the problem: 


2 


TrRoG(@, 7) = [12] 





| Exig(t, e110 dedO 


Equation [12] indicates that the problem of inverting 
the FROG trace Igrog(a,7), to find the desired 
quantity E,j(t,Q), is that of inverting the squared 
magnitude of the two-dimensional (2D) Fourier 
transform of E,ig(t,Q). This problem, which is called 
the 2D phase-retrieval problem, is well known in 
many fields, especially in astronomy, where the 
squared magnitude of the Fourier transform of a 2D 
image is often measured. At first glance, this problem 
appears unsolvable; after all, much information is lost 
when the magnitude is taken. It is well known that 
the one-dimensional (1D) phase retrieval problem is 
unsolvable (for example, infinitely many pulse fields 
give rise to the same spectrum). Intuition fails in this 
case, however; two- and higher-dimensional phase 
retrieval essentially always yields unique results. 


The Simplified FROG - GRENOUILLE 


A simplified version of the FROG device, known as 
grating eliminated no-nonsense observation of 
ultrafast incident laser light e-fields (GRENOUILLE), 
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Figure 8 Figure showing a schematic of a GRENOUILLE 
FROG device which uses a thick doubling crystal as both the 
gating nonlinearity and the spectrometer. Like single-shot 
autocorrelators, a cylindrical lens focuses a spatially large input 
beam into an SHG crystal in only one dimension. Unlike most 
autocorrelators, the Mach—Zender interferometer is replaced with 
a Fresnel biprism that forces each half of the input beam to 
propagate, at an angle, toward the SHG crystal. An imaging 
cylindrical lens images the spatial dependence of the delay onto a 
CCD camera. A Fourier transform cylindrical lens maps the 
angular dependence of wavelength from the SHG crystal to a 
spatial coordinate on the CCD camera. (Adapted with permission 
from O’Shea P, Kimmel M, Xun G and Trebino R (2001) Highly 
simplified device for ultrashort-pulse measurement. Optics Letters 
26(12): 932-934.) 


can be constructed using the doubling crystal as both 
the gating medium and the spectrometer (see 
Figure 8). In this case, the phase matching condition 
in certain thick doubling crystals causes a wavelength 
dependent output from the doubling crystal. 
A cylindrical lens is used in a Fourier transform 
configuration to image the wavelength variation onto 
a CCD camera. A cylindrical lens set at 90 degrees 
to the Fourier transform lens images the time axis 
onto the CCD camera. A Fresnel biprism replaces the 
traditionally used Mach-Zender interferometer to 
produce two pulses propagating at an angle with 
respect to each other. Presently, the GRENOUILLE 
technique works with BBO, in the wavelength region 
around 500 nm—1200 nm, and with proustite in the 
wavelength region around 1200 nm—2000 nm. 


FROG Inversion Algorithms 


An iterative 2D phase retrieval algorithm is required 
to extract the pulse information from the measured 
FROG trace (see Figures 9 and 10). This algorithm 
converges to a pulse that minimizes the difference 
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Figure 9 Example FROG traces and sonograms are shown for four different pulses: a transform limited pulse, a positively chirped 
pulse, and a negatively chirped pulse. The top series of plots are the time domain representation of the pulse intensity (solid line) and 
phase (dashed line). The second row of four plots is the frequency domain representation of the sample pulse’s intensity and phase. 
The next four plots show the instantaneous frequency and the group delay. The vertical axis is frequency and the horizontal axis is time. 
The remaining rows show the PG FROG traces, the SHG FROG traces and sonograms of the pulse shown in the first two rows. 
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Figure 10 Phase retrieval algorithm for the inversion of FROG 
spectrograms. Start with an initial guess for the pulse to generate 
an initial E,\(t7). A 1D Fourier transform generates the FROG 
trace. The next step is to replace the magnitude of the calculated 
FROG trace with the square root of the measured FROG trace. 
Inverse Fourier transform with respect to w to produce the new 
signal field and generate a new guess for E(t). Interestingly, it is 
only the step that produces E(?) from Eig(t,7) that differentiates all 
the FROG algorithms. 


between the measured and the calculated FROG 
trace. While this aspect of FROG has been its Achilles 
heel in the past, in reality, new generalized projections 
algorithms (together with faster computers) converge 
quickly and can track pulse changes at rates up to 
30 Hz and beyond, making FROG a true, real-time 
pulse measurement technique. Indeed, excellent 
algorithms for the analysis of FROG traces in real- 
time are commercially available. 

The original FROG inversion algorithm, com- 
monly referred to as the vanilla algorithm, is simple 
and iterates quickly, but tends to stagnate, 
giving erroneous results, especially for geometries 
that use a complex gate function such as SHG or 
self-diffraction. An improved algorithm, incorporat- 
ing several different algorithms including brute force 
minimization, was developed to alleviate stagnation 
programs at the expense of both speed and 
convergence time. By the mid-1990s, a significant 
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advance in both speed and stability was made by the 
addition of a numerical method called generalized 
projections. This algorithm determines the next 
guess by constructing a projection — minimizing the 
error (distance) between the FROG electric field, 

E,ig(t, 7), obtained immediately after the application 
of the intensity constraint, and the FROG electric 
field calculated from the mathematical form 
constraint. 

The first generalized projections algorithm used a 
standard minimization procedure to find the electric 
field for the next iteration, which can still be slow. For 
the most common FROG geometries, PG and SHG, a 
different algorithm that determines the next iteration 
directly has been developed. This algorithm, called 
the principal components generalized projections 
(PCGP) algorithm, converts the generalized projec- 
tions algorithm into an eigenvector problem. Using 
this algorithm, pulse measurement rates of at least 
30 Hz have been achieved. 

The goal of the phase retrieval algorithm is to find 
the E(¢) that satisfies two constraints. The first is the 
FROG trace itself which is the magnitude squared of 
the 1D Fourier transform of E,ig(¢, 7): 


2 


Terog(@, T) = [13] 





| Eyg(t, De dt 





The other constraint is the mathematical form of the 
signal field, E,j.(¢,7), for the nonlinear interaction 
used. The signal forms for a variety of FROG beam 
geometries are: 


EQ@IEG@ — AI? PG FROG 
EQ E*(t- 7) SD FROG 
Esig(t, T) o [14] 
E@E(t — 7) SHG FROG 
E@ E(t -— 7) THG FROG 


where PG is polarization gate, SD is self-diffraction, 
SHG is second harmonic generation, and THG is 
third harmonic generation FROG. 

All FROG algorithms work by iterating between 
two different data sets: the set of all signal fields that 
satisfy the data constraint, Ippog(@, 7), and the set of 
all signal fields that satisfy eqn [14]. The difference 
between the FROG algorithms is how the iteration 
between the two sets is completed. In the case of 
generalized projections, the E(#)'s are chosen such 
that the distance between the E(t) on the magnitude 
set and the E(t) on the mathematical form set is 


minimized. This is accomplished by minimizing the 
following equation: 


k+1) 
Z= y EO po (t.7) — ESP. pl 115) 


i,j=1 


where Expo tis 7 7;) is the signal field generated by the 
data constraint, and Ep tis 7 7;) is the signal field 
produced from one of the beam geometry equations 
in eqn [14]. For the normal generalized projection, 
the minimization of Z is completed using a standard 
steepest descent algorithm; the derivative of Z with 
respect to the signal field is computed to determine 
the direction of the minimum. The computation of 
the derivatives are tedious; they are tabulated 
elsewhere. 

An alternative to an algorithm that minimizes 
eqn [15] is the PCGP algorithm. This algorithm 
converts the computation of the next guess into an 
eigenvector problem, reducing the computation of 
the next guess to simple matrix-vector multipli- 
cations. This algorithm works for both the PG and 
SHG beam geometries, it is robust and the fastest 
FROG algorithm. Indeed, the PCGP algorithm 
was used in the original real-time FROG work by 
D.J. Kane. 


Self Checks in FROG Measurements 


Unlike any other pulse measurement techniques, 
FROG can provide a great deal of feedback about 
both the quality of the measurement (systematic 
errors) and the quality of the algorithm’s perform- 
ance. The most common check for convergence is 
the FROG trace error together with a visual com- 
parison between the retrieved FROG trace and 
the measured FROG trace. The FROG trace error is 
given by: 


= ee 
ij=1 





al® cons)! (16) 


a Tee Cage 1).= 


where a is a renormalization constant, Ippog is the 
measured trace, and 1D. lo, 7) is computed from the 
retrieved electric field. Typically, the FROG trace 
error of a PG measurement should be less than 2% for 
a 64 X 64 pixel trace, while the FROG trace error of a 
64 x 64 pixel SHG FROG trace should be about 1% 
or less. Acceptable FROG trace errors decrease as 
FROG trace size increase for smaller FROG traces. 
These values are only rules of thumb only; 
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for example, acceptable retrievals of large and very 
complicated FROG traces can produce larger FROG 
trace errors. 

In a good FROG measurement, the spectrum of the 
retrieved pulse should faithfully reproduce the salient 
features of the pulse’s measured spectrum. SHG 
FROG even provides an additional check called the 
frequency marginal. The sum of an SHG FROG trace 
along the time axis yields the autoconvolution of the 
pulse’s spectrum, providing two ways the FROG 
measurement can be checked. First, the autoconvolu- 
tion of an independently measured spectrum can be 
compared to the sum of the FROG trace along 
the time axis, providing an indication of how well the 
measurement was made. For example, if the doubling 
crystal was too thick in the pulse measurement, the 
FROG trace’s frequency marginal will be narrower 
than the autoconvolution of the measured spectrum. 
Second, comparing the autoconvolution of the 
retrieval pulse spectrum with the FROG trace 
marginal can provide a test of algorithm convergence 
in addition to a test of the measurement. Phase 
matching problems appear as a mismatch between 
the FROG trace frequency marginal and the auto- 
convolution of the retrieved spectrum. 

Because FROG is a spectrally resolved autocorrela- 
tion, summing any FROG trace along the frequency 
axis yields the autocorrelation of the measured pulse. 
This autocorrelation can be compared to an indepen- 
dently measured autocorrelation, or a comparison 
can be made between the frequency sum of the FROG 
trace and the autocorrelation calculated from the 
retrieved pulse to determine algorithm convergence 
and the quality of the measurement. 
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Measuring Pulses Directly - SPIDER 


SPIDER is a novel technique that measures the pulse 
directly - no iterative phase retrieval method is 
required. To accomplish this feat, spectral interfero- 
metry is conducted on two pulse replicas that are 
shifted in frequency with respect to one another. The 
original pulse is split into two replicas. The two pulse 
replicas are sent into a phase modulator that shifts 
the center frequency of each pulse slightly. The 
frequency-shifted pulses are sent into a spectrometer 
and a standard spectral interferometry analysis yields 
the derivative of the phase. Integration of the phase 
derivative, together with the spectrum of pulse, 
provides the full intensity and phase. 

Thus, analysis of the spectral interferogram gives: 


Ad = (P(a1) = d(w2))Aw [17] 


where Ad is the measured phase difference from the 
spectral interferogram, Aw is the difference in the 
center frequency between the two pulses, and ¢(@) is 
the pulse phase as a function of frequency. Conse- 
quently, the phase difference must be divided by the 
frequency difference between the two pulses to 
determine the true derivative. It is also important to 
subtract out the linear phase difference resulting from 
the delay between the two pulses (the delay produces 
the fringes in the resulting interferogram) as this 
integrates to a linear chirp. 

Because phase modulators are too slow to be used 
in the femtosecond region, a different method is used 
to shift the frequency of the two pulses — they are 
mixed with a highly chirped pulse (see Figure 11). 


Output pulses 


Center frequency: 


20, + do 20 








Figure 11 Figure showing how a SPIDER device works. The highly chirped pulse has a frequency that varies with time. Mixing the 
chirped pulse with two time delayed replicas produces two pulses, separated in time, that have slightly different frequencies, but are 
otherwise identical. By interfering the two pulses in a spectrometer, the relative phase between wo + dw portions of the pulse and wo 


portions of the pulse are determined. 
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Figure 12 SPIDER apparatus. The input pulse is first split into two pulses. One pulse is stretched in a pulse stretcher. The other pulse 
is sent into a Michelson interferometer to produce two time-delayed pulses. The two time-delayed pulses are mixed with the stretched 
pulse to produce two pulses at a slightly different center frequency. The two pulses are sent into a spectrometer to produce a spectral 
interferogram. Analysis of the spectral interferogram yields the derivative of the pulse phase. 


Because the pulses are slightly time delayed, each one 
aligns with a slightly different frequency in the 
chirped pulse. The chirped pulse must be so highly 
chirped that the pulse frequency does not change 
significantly over the duration of the pulse to be 
measured. 

A schematic of a SPIDER device for the measure- 
ment of femtosecond laser pulses is shown in 
Figure 12. The input pulse is first split into two 
replicas. The first replica is sent to a pulse stretcher to 
produce to highly chirped pulse. The other replica is 
sent into a Michelson interferometer (or a simple 
étalon may sometimes suffice) to create two time- 
delayed replicas. The time-delayed replicas are mixed 
with the chirped pulse. Because each replica is mixed 
with a slightly different frequency in the chirped 
pulse, each replica produces a pulse with a slightly 
different center frequency. When the time-delayed 
replicas are spectrally resolved, each frequency of the 
pulse interferes with a frequency-shifted portion of 
the same pulse. Thus, the measured phase difference is 
proportional to the derivative of the phase of the 
original pulse. 


Measuring Weak Pulses 


Because virtually all the pulse measurement tech- 
niques, that do not require a reference pulse, use a 
nonlinearity, measuring weak ultrafast pulses directly 
is difficult. Fortunately, because most weak pulses are 
generated from a stronger pulse, spectral interfero- 
metry can be used to determine the relative phase 
between the weaker pulse and the stronger pulse 


(for regions where there is spectral overlap between 
the two pulses). If the stronger pulse is characterized 
using another pulse measurement technique, then the 
weaker pulse phase can be determined from the rela- 
tive phase measurement and the known phase of the 
stronger pulse. For example, the Trebino group termed 
the combination of FROG and SI as TADPOLE 
(Temporal Analysis by Dispersing a Pair Of Light 
E-fields). 


Which Pulse Measurement Method 
Should I Use? 


Choosing a pulse measurement method depends on 
the required measurement as well as the precision 
and accuracy required. All the pulse measurement 
techniques have advantages and disadvantages, but 
excellent measurements have been made with all of 
them. Autocorrelation is adequate when all that is 
required is the approximate pulse duration without 
any phase information. Spectral interferometry is 
quite useful for measuring transient changes in a 
sample in pump-probe experiments. FROG is 
perhaps the most commonly used and general- 
purpose pulse measurement technique, providing a 
great deal of feedback about the quality of the 
pulse measurement. Inexpensive and convenient 
FROG devices, together with software, are avail- 
able commercially, adding to their acceptance. 
While SPIDER is experimentally complex and 
does not have the cross checks that FROG has, it 
provides the quickest answer, requiring no iterative 
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phase retrieval algorithm to obtain pulse intensity 
and phase. 


Acknowledgments 


This material is based in part upon work supported 
by the National Science Foundation under Grant 
numbers DMI-9801116 and DMI-0091454. The 
author would also like to acknowledge Rick Trebino 
for the use of figures from his lectures. 


List of Units and Nomenclature 


A(#) Full electric field 

E(t) Complex electric field without 
carrier frequency 

E,g(é, 1) Complex electric field of the FROG 
trace versus time and time delay 

E,ig(t, Q) Fourier transform of E,jg(t,7) with 
respect to T 

E(a) Complex electric field in the 
frequency domain 

f@ Correlation product 

f(w) Fourier transform of the correlation 
product 

g(t — 7) time gate or filter 

G FROG trace error 

h(w — OD) frequency gate or filter 

I(t) Intensity profile of the electric field 
in the time domain 

I(w) spectral intensity 

TeroG(@, 7) Intensity of the FROG trace 

O(t) Heaviside function =0¢<0, =1 
t20 

d(w) Frequency domain phase 

SE(@, 7) Spectrogram 

S(O, T) Sonogram 

S(w) Spectral interferogram 

t,T variables for time 

T Fourier transform 

Vg group velocity 

~°(t) Time domain phase 

Aw Beam waist 


Z Distance metric between the FROG 
signal field generated by the data 
constraint and the FROG signal field 
generated by the mathematical form 


constraint 
®D Geometric angle between two beams 
Ad Phase difference 
Tr” nth order nonlinear susceptibility 


ra) Primary variable for frequency 
Difference in center frequency 
between two pulses 


c@) Secondary variable for frequency 
Q(t) Instantaneous frequency 
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Coherent Transients: Ultrafast Studies of Semi- 
conductors. Nonlinear Optics, Basics: Ultrafast and 
Intense-Field Nonlinear Optics. Ultrafast Laser 
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Illumination and Processing. 
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Introduction 


Chemical reactions are at the heart of chemistry; the 
quest to understand them has sparked research and 
study along many different avenues. The fundamental 
dynamics involved in bond breakage, bond for- 
mation, and transition states take place on a very 
fast time-scale, usually in the tens to hundreds of 
femtoseconds, where a femtosecond (fs) is equal to 
10 '° seconds. Therefore, ultrashort laser pulses are 
required to measure these fundamental processes as 
well as the rotational and vibrational motion before 
and after the reaction. The whole set of measurements 
can then be used for mapping a potential energy 
surface for the reaction. As a result of these studies, 
one learns the key details that are required to develop 
a picture of how chemical reactions occur. The 
measurement of these fundamental dynamics, using 
ultrashort laser pulses, is the subject of this article. 
To illustrate how long it takes to form or break a 
chemical bond, one needs to consider the following 
analogy. The time it takes to break a chemical bond is 
approximately a tenth of a trillionth of a second 
(10~'%s). During such a short time, light can travel 
only 0.03 mm in vacuum. This time is so short that it 
cannot be measured electronically. Its measurement 
requires the use of ultrashort laser pulses, with 
pulse durations of 50 femtoseconds or shorter. 
The development of methods aimed at measuring 
the fundamental steps involved in chemical reactions 
culminated in the development of femtosecond 


transition state spectroscopy (FTS), a method devel- 
oped in the 1980s by Zewail and co-workers at 
Caltech. This work allows researchers to observe 
bond breakage and formation, vibrational and 
rotational dynamics, and transition state configura- 
tions, as the reaction occurs. The Nobel Prize in 
Chemistry was awarded in 1999 to Ahmed Zewail for 
this development. Since the 1980s, femtosecond 
lasers have been used to study molecular dynamics 
and chemical dynamics on very fast time-scales. The 
field, known as femtochemistry, has grown quickly 
and diversified to involve hundreds of scientists 
around the world. This article discusses the measure- 
ment of ultrafast dynamics measured in gas-phase 
samples. The presentation encompasses some of the 
measurement techniques and the fundamental values 
to be measured and concludes with an outlook 
towards the future. 


From Nanosecond to Picosecond to Femtosecond 
Reaction Kinetics 


The quest for shorter light pulses to study chemical 
reactions predates the invention of the laser. In the 
early days, electric discharges were used to measure 
fast dynamics in the millisecond (10? s) and then the 
microsecond (10° s) time-scales. With the invention 
of the laser, measurements improved drastically with 
temporal resolution going from the nanosecond 
(10° s) to the picosecond (10 '*s) time-scales. 
Since the early days, it was recognized that the best 
time resolution was obtained when pairs of light 
pulses were used — one to initiate the reaction and the 
second to probe it. These pump-probe measurements 
have progressed with the laser technology almost to 
the single femtosecond level. 

The measurements being considered here go 
beyond the measurement of fast reaction kinetics. 
When a chemical reaction occurs in a beaker, one 
usually measures a statistical rate of reaction that 
involves diffusion of reagents in a solvent. These 
kinetic measurements, which involve an ensemble of 
molecules, are much slower and do not reveal the 
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fundamental steps of the reaction such as bond 
formation. The introduction of ultrafast pulses 
allowed, for the first time, the measurement of the 
motion of the atoms in real time, as if the motion was 
frozen by ultrafast flash photography. Capturing this 
motion helps to reveal the internal forces, described 
by a potential energy surface, that act on the atoms in 


Determination of the reaction mechanism 





h , 
+ panes eu ——> + 
Reactants Products 


Figure 1 A sketch of a chemical reaction, AB + CD—-A+ 
BCD. The reactants and products are well known, but it is not 
known how they change from reactants to products. This 
mechanism may involve a transition state which is (a) a linear 
complex with vibrational motion, (b) a nonlinear complex, (c) a 
bent complex with rotational motion, or many other possibilities 
and combinations. The elucidation of the mechanism and 
transition state dynamics are the goals of femtosecond 
time-resolved studies. 


the molecule during the chemical reaction. This 
concept is illustrated in Figure 1, where we see the 
reagents and the products for the reaction. Typically, 
the starting and ending point of a chemical reaction 
are very well known and the compounds are very well 
characterized. However, how the reagents become the 
products is not always known. Chemists typically 
deduce a reaction mechanism based on a large body 
of experiments where different parameters including 
the structure of the reagents are modified to evaluate 
their effect on the outcome of the reaction. Unfortu- 
nately in most cases, reaction mechanisms, even when 
consistent with all available experimental evidence, 
may not accurately reflect how a particular chemical 
reaction takes place. 

The ideal method to make the determination 
involves direct observation. As mentioned earlier, 
direct observation requires femtosecond laser pulses, 
just like a fast camera shutter is required to take 
pictures of fast-moving objects. The concept of a 
femtosecond pump-probe measurement is illustrated 
in Figure 2. The chemical reaction is initiated at time 
t = 0 fs by the pump laser. The pump laser provides 
the energy required for initiating the chemical 
transformation. The probe laser, delayed in time, 
probes the formation of the product. Figure 2 
illustrates a number of pump-probe measurements 


Probing the progress of a reaction using the pump-probe method 
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Figure 2 Energy schematic of the reaction of AB + CD — A + BCD assuming vibrational motion in a linear transition state. The pump 
pulse provides enough energy to excite the reactants to the transition state at t= 0. This transition state is probed by the second pulse. 
This pulse arrives at different time delays, from no delay (t= 0), to increasing delays (t,, ts,...), to infinite delay (¢,.). The signal varies 
depending on the time delay between the two pulses and these changes in signal intensity correspond to vibrational and rotational 
information about the transition state. To obtain a transient as shown at the bottom, the time delay between the pump and probe pulses 
is scanned. The dashed line shows the transient that would be obtained when the transition state is monitored; the solid line shows the 


transient that would be obtained when the product is monitored. 


efficiently. 

If the diode is replaced with an ordinary diode, it will heat up as does not have the 
high-speed characteristic. 

Other diodes have a low drop across them and if an ordinary is used, it will heat up. 
Most diodes fail by going: SHORT-CIRCUIT. This can be detected by a low resistance 
(x1 or x10 Ohms range) in both directions. 

A diode can also go OPEN CIRCUIT. To locate this fault, place an identical diode 
across the diode being tested. 

A leaky diode can be detected by a low reading in one direction and a slight reading 
the other direction. 

However this type of fault can only be detected when the circuit is working. The 
output of the circuit will be low and sometimes the diode heats up (more than 
normal). 

A diode can go open under full load conditions and perform intermittently. 

Diodes come in pairs in surface-mount packages and 4 diodes can be found ina 
bridge. 

They are also available in pairs that look like a 3-leaded transistor. 

The line on the end of the body of a diode indicates the cathode and you cannot say 
"this is the positive lead." The correct way to describe the leads is to say the 
"cathode lead." The other lead is the anode. The cathode is defined as the electrode 
(or lead) through which an electric current flows out of a device. 

The following diagrams show different types of diodes: 
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POWER DIODES 

To understand how a power diode works, we need to describe a few things. This has 
NEVER been described before, so read carefully. 

The 240v AC (called the "mains") consists of two wires, one is called the ACTIVE and 
the other is NEUTRAL. Suppose you touch both wires. You will get a shock. The 
neutral is connected to an earth wire (or rod driven into the ground or connected to 
a water pipe) at the point where the electricity enters the premises and you do not 
get a shock from the NEUTRAL. 
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each obtained at a different time delay between the 
pump and probe laser pulses. When a series of pump- 
probe measurements are gathered as a function of 
time delay, one obtains a transient that contains a 
record for the evolution of the reagents to product as 
a function of time. 


The Formation of Coherent Wave Packets and 
their Motion 


The illustration shown in Figure 2 shows atoms in a 
molecule moving as classical particles. Because of 
their small size, atoms behave quantum mecha- 
nically and this has some implications on the 
observed motion. A prototypical pump-probe 
measurement is illustrated for this purpose in 
Figure 3. For resonant excitation, a photon is 
absorbed by a molecular system, originally in the 
ground electronic state (Vo). This absorption causes 
a vertical transition to an excited electronic state 
(V1). Consistent with Heisenberg’s uncertainty 
principle, a pulse that has a short temporal duration 
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Figure 3 Pump-probe experiment. The pump pulses excite the 
molecular system from the ground state Vo to excited state Vj. 
The large spectral bandwidth of femtosecond pulses allows for a 
number of vibrational levels in V; to be populated. A wave packet 
is formed that vibrates on V;; the classical motion of the particle is 
shown as well at the top. In this case the energy of the probe pulse 
will excite the molecules to V2 when the bond is stretched (right 
side of oscillation); however, when the bond is compressed, the 
energy is not resonant with any excitation and the probe pulse will 
not be absorbed. 


has a large spectral bandwidth; for most molecular 
systems and ultrashort pulses, the frequency spread 
of the pulse is wider than the vibrational energy 
spacing in the excited state. Thus, a number of 
quantum vibrational states are populated on V; by 
the absorption of a short laser pulse. When a 
short pulse excites a number of states, a coherent 
superposition of states is formed. One can under- 
stand the formation of a wave packet by simply 
realizing that in the short time the laser pulse 
excites the system there is no opportunity for the 
atoms in the molecule to move. For this reason the 
initial wave packet is very similar to the ground 
state atomic arrangement. 

When a short laser pulse excites a molecule to a 
bound electronic state, the resulting wave packet, 
W(t), is a sum of all the possible states ¢,, in V; with 
amplitudes, a,, V=)>_,4,¢,. The amplitudes, a,,, 
depend on the overlap between the initial (ground 
state) and final (excited state) spatial overlap. This 
overlap indicates that the excitation process is faster 
than the motion of atoms in a molecule. Based on 
this approximation for the overlap integral, the 
amplitudes are replaced by the Franck—Condon 
overlaps to obtain V = CY, (g,|¢))¢,. The wave 
packet on V;, evolves in time according to 
W(t) = >, 4,exp[—iE,,t/h]g,, where E,, is the energy 
that corresponds to the state g,, and h is Planck’s 
constant divided by 277. When a pulse is very short in 
time, the coherent superposition of states closely 
resembles the initial distribution of atoms in the 
molecule. The motion from inner to outer turning 
point of the quantum mechanical wave packet is 
illustrated in Figure 3. One can imagine this wave 
packet as a classical particle oscillating on the excited 
potential energy curve with the periodic nature of the 
molecular vibrations. When the pulse is very long and 
only one state is populated, the dynamics can no 
longer be observed, as is the case with conventional 
frequency-resolved spectroscopy. 

Molecular dynamics can be inferred from high- 
resolution frequency-resolved spectroscopy; however, 
the spectra can become congested and the data 
analysis becomes more complicated for large mol- 
ecules, for high temperatures, or in solutions. 
Molecular dynamics are obtained from frequency- 
resolved spectra by taking the Fourier transform of 
the data. It seems more intuitive to consider these 
dynamics in the time domain where the dynamics 
can be observed directly as ‘snapshot’ taken by the 
femtosecond pulses. Ultrafast time-resolved spectro- 
scopy has other advantages — high peak intensities 
allow for multiphoton excitation and other nonlinear 
processes, the selection of the detection wavelength 
discriminates between different species and results in 
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an increased signal-to-noise ratio for intermediate 
short-lived species, collisions take place on a longer 
time-scale and do not affect these measurements, and 
the characteristics of the ultrafast laser pulse (such as 
phase, frequency components, and chirp) can be 
manipulated to control the dynamics and the yield of 
chemical reactions. 


Methods for Measuring Femtosecond 
Dynamics 


Pump-Probe Method 


Pump-probe techniques use a pair of pulses separated 
in time, one to initiate the reaction and the second to 
determine its progress. The first femtosecond pulse 
with wavelength Apump excites a molecule from its 
(bound) ground electronic state (Vo) to an excited 
(V,) state. After a variable time delay, a second 
femtosecond pulse with wavelength Aprope causes 
a transition to another excited state (V2) as shown 
in Figures 3 and 4. 

The progress of the reaction dynamics is followed 
through the measurement of signal resulting from the 
absorption of the probe pulse by the system. There are 
different detection modes depending on the potential 
energy surfaces reached by the pump and probe 
pulses. In one case (Figure 4a), the first excited state 
(V;) is nonfluorescent but the second one (V2) 
fluoresces and this fluorescence is measured. In 
another case (Figure 4b), state V; is fluorescent but 


state V> is not; in this case the depletion of the 
fluorescence by the probe is measured. Finally 
(Figure 4c), excited states V,; and V2 may be 
dissociative; therefore, the fluorescence detected is 
emitted by the products. In any of these cases, as the 
wave packet on the intermediate state propagates 
(e.g., vibrates, dissociates), the transition probability 
varies (i.e., the ability of the probe pulse to be 
absorbed by the molecule changes). Therefore, the 
amount of laser-induced fluorescence (LIF) emitted 
varies with the pump-probe time delay. In some cases, 
the probe pulse produces ions and there are a number 
of methods to detect the electrons or the ions with 
great sensitivity. 


Measurement of rotational dynamics 

Measurement of rotational dynamics requires a 
vectorial frame of reference and this is achieved 
with linearly polarized laser beams. Excitation by the 
pump pulse selects an initial population distribution 
described by cos”@ where @ is the angle between the 
transition dipole and the pump laser polarization 
vector. As the rotational wave packet dephases due to 
the distribution of the population in different 
rotational levels, the probe pulse probes the transient 
alignment of the molecules in space. As the molecules 
rotate away from the initial alignment, the signal 
decreases. In Figure 5 rotational dynamics are 
depicted schematically. First, a single (classical) 
molecule is considered (top panel). As the molecule 
rotates, its dipole changes from being aligned 
with the polarization vector of the laser field 


Different LIF detection schemes in purnp-probe experiments 
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Figure 4 Different pump-probe experiments.(a) Bound-to-bound transitions from Vo — V; and from V, — Vs. The Vo state fluoresces 
and this increase in LIF from V2 is measured as signal. (b) Bound-to-bound transition from Vo — V; where V, fluoresces. When the 
probe pulse causes an excitation from V; — Vo, a loss of LIF signal is observed. The depletion of fluorescence is measured in this case. 
(c) Bound-to-repulsive surface transition from Vo — V;. The energy of the probe causes an excitation to V2 at a particular molecular 


distance. Fluorescence of a product fragment is measured. 
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Figure 5 Rotational motion of molecules. Excitation by a linearly polarized laser pulse initially selects molecules that are well aligned 
(cos?6) with its polarization. Considering only one molecule evolving in time (top), the rotational motion in the molecule causes it to move 
away from the initial alignments and then eventually return to it. The signal will decrease when the molecule is not aligned with the 
polarization of the probe laser and will increase when aligned well. The signal looks like a cosine function that depends on the rotational 
frequency of the molecule (w)). For a rotational wave packet, the rotational dynamics are similar except that a number of rotational levels 
are populated; thus, the signal depends on the summation of many cosine functions and the features in the data become sharper. 


(assumed vertical) to being perpendicular. The 
rotational motion can be described by a cosine 
function. The rotational frequency «; is proportional 
to the rotational level and the rotational constant of 
the molecule. Because the rotational constant is 
inversely proportional to the angular momentum, 
larger molecules rotate slower than smaller mol- 
ecules. When several rotational levels are contained in 
a rotational wave packet the motion produces sharper 
features (bottom panel). The sharp features are called 
rotational recurrences or revivals. Note that the 
opposite trend is observed if the probe pulse is 
polarized perpendicular to the pump pulse; the signal 
increases as the molecules rotate away from the initial 
alignment and decreases as the alignment recurs. The 
time-resolved data for each polarization arrangement 
(parallel and perpendicular) contain both an isotropic 
component (vibrational motion) and an anisotropic 
component (rotational motion). In rotational aniso- 
tropy measurements, data from these two polariz- 
ation arrangements are manipulated mathematically 
to yield just the rotational motion; rotational 
dynamics and rotational information such as the 
spectroscopic rotational constants and the rotational 


energy partitioning in the reactants and products can 
be extracted from these measurements. 


Three-Pulse Four-Wave Mixing Method 


Some methods are more complicated than pump- 
probe technique but they are more powerful. Three- 
pulse four-wave mixing (FWM) is one such method 
and is briefly presented here. Time-resolved four- 
wave mixing techniques can be understood based on 
the formation of transient gratings by two of the 
incident lasers. When two laser beams cross, the 
spatial modulation of their electric fields varies due to 
constructive and destructive interference as shown in 
Figure 6. The molecules in the interaction region 
experience varying electric field intensities according 
to their position and this leads to the formation of a 
transient grating of polarized molecules in space. The 
transient grating formation can be probed easily by 
the detection of Bragg scattering of a third laser beam, 
also known as homodyne detection; here, the signal 
beam is scattered in the phase-matching direction 
k,ignal as indicated in Figure 6a. Alternatively, probing 
can be achieved by detection of changes in the 
intensity of a fourth beam that propagates in the 
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Three-pulse four-wave mixing experiments 
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Figure 6 (a) FWM experimental configuration. Two of the 
beams cross which forms a grating and the third beam scatters off 
the grating to generate a fourth beam (the signal). The three laser 
pulses are noted as electric fields E,, E,, and E,. These three 
laser pulses can be delayed or advanced in time relative to each 
other giving rise to a number of different pulse sequences. 
(b) Pulse sequence with fields E, and E, overlapped in time 
(Tab = 0). Field E, follows at a time delay 7. (c) Pulse sequence in 
which E, precedes E, and E, by time delay 7. For both of these 
cases, 7 is scanned in time to obtain the transients. (d) Pulse 
sequence in which no pulses are overlapped in time and are 
applied in the order Ez, Ep, and E,. Time delay ta) can be set to 
specific values while 7 is scanned in time. 


same direction as the signal; this is called heterodyne 
detection. The medium that constitutes the gratings is 
composed of the sample molecules, which in the gas 
phase move freely. Therefore as time evolves, the 
molecular dynamics (rotation and vibration) modu- 
late the transient grating and hence the signal. 
Three-pulse four-wave mixing is a nonlinear 
spectroscopic method that combines the interaction 
of three laser pulses in a phase-matched geometry 
with a well-defined time sequence of the pulses. The 
signal from these measurements arises from a third- 
order polarization resulting from the interaction of 
the three electric fields. Three-pulse FWM is similar 
to the pump-probe technique in that a preparation 


step is followed, after some variable time delay, by a 
probing step. However, three-pulse FWM allows fora 
greater degree of control over the preparation and 
probing processes. 

When the lasers are in resonance with an electronic 
state, FWM measurements can provide dynamic 
information from the ground and excited electronic 
states. When two pulses are incident on the sample at 
t = 0 and a third pulse probes the dynamics at a later 
time 7 (as in Figure 6b), the measurements provide 
information that is very similar to that from a pump- 
probe measurement. However, having three pulses 
allows for other different setups. For example, when 
one pulse arrives at the sample first and the other two 
pulses follow after a time delay (as in Figure 6c), the 
resulting signal provides dynamic information from 
the excited state. This type of measurement also 
provides a measurement of the electronic coherence 
of the sample, i.e., for how long the molecules 
remember the phase of the incident laser pulses. 
This information is important if one wants to take 
advantage of the phase of laser pulses to cause 
quantum mechanical interference in the mole- 
ular sample. These measurements are known as 
photon echo and are much more common in 
condensed-phase samples. There are numerous pulse 
sequences possible; only three examples are shown 
in Figure 6. 

FWM measurements do not depend on resonance 
excitation to an electronic excited state. In the 
absence of such resonance, the grating is formed in 
the ground state and ground state vibrational and 
rotational dynamics are observed. These measure- 
ments, also known as transient grating (TG), depend 
on the impulsive Raman scattering process. By 
changing the time delay (in Figure 6b) between the 
electric fields that generate the grating and the third 
(probe) beam, the signal is modulated by the 
molecular dynamics. Analysis of the time-dependent 
signal yields the rotational and vibrational spectro- 
scopic values from the sample being studied. 


Studies of Reaction Dynamics 


Dissociation on a Repulsive Surface 


In 1987, Zewail and co-workers studied the photo- 
dissociation of cyanogen iodide (ICN) using femto- 
second lasers; the first direct observation of a 
chemical reaction from reactants to products was 
conducted. The excitation and decay of the reactants 
(ICN), the formation and decay of the inter- 
mediates (I-CN), and the formation of the products 
(I+ CN) were observed in this experiment. 
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The pump pulse (306 nm) excited ground state 
cyanogen iodide to a repulsive excited state of ICN 
which dissociated into I and CN fragments (both in 
the ground state). The probe pulse when set to 
388.5 nm was resonant with an excitation of the CN 
fragment; therefore, the reaction was monitored by 
detecting the laser-induced fluorescence (LIF) of this 
CN* fragment using a probe pulse at different time 
delays (as shown in Figure 4c). The wavelength of the 
probe pulse could be detuned to different wavelengths 
for making observations at different lengths of the 
I-C bond. The results of these experimental studies 
showed that ICN dissociated in about 200 fs and that 
the transition state lived for only about 50 fs. The 
data from the wavelength detuning studies were used 
to map the excited state potential of ICN both in time 
and in space; this data analysis is called inversion to 
the potential. 

A schematic representation of the ICN experiment 
is shown in Figure 7. The potential energy curves are 
shown in Figure 7a. The pump laser initiates the 
chemical reaction. Three different probe wavelengths 
are depicted, the first probing early in the reaction, 
the second at an intermediate distance, and the 
final one probing the free products. Notice that the 
wavelength of the probe determines the location 
in the potential energy curve that is probed. 
This concept allows one to study reagents as they 
are transformed into products. The signals obtained 
from the three different probe wavelengths are shown 
in Figure 7b. 


Reactions Involving Crossing of Potential Energy 
Surfaces 


For many chemical reactions, the progress of the 
reaction requires changes of the electronic state. 
This can take place where potential energy surfaces 
cross. The best-known example of reaction 
dynamics involves the experiment on the photo- 
dissociation of Nal by Zewail and co-workers. 
This experiment is depicted in Figure 8. The pump 
pulse excites the wave packet from ground state 
(ionic) to an excited state (covalent) where it 
begins to oscillate. The ground and excited states 
overlap with an avoided crossing in this molecule 
(ionic versus covalent nature, as shown in 
Figure 8a); when the wave packet approaches this 
avoided crossing, it splits into two partial waves. 
One wave stays on the excited state while the 
other ‘escapes’ onto the dissociative surface and 
separates into Na and I. The partial wave on the 
excited state again oscillates and then splits at 
the avoided crossing and the pattern continues. The 
time delay of the probe pulse shows the oscillations 
of the wave packet on the excited surface 
when detecting the activated complex [Nal]** 
(thin line), while the data of the product fragments 
(free Na atoms detected by using the D-line 
absorption) (thick line) show a step-wise accumu- 
lation in the signal corresponding to the sequential 
formation of products during each oscillation near 
the avoided crossing region of the surfaces 
(see Figure 8b). 
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Figure 7 Photodissociation of ICN. (a) Potential energy surface schematic showing the initial excitation by the pump laser to a 
dissociative surface. The reaction could be monitored at different |-CN distances by using different probe wavelengths as shown by 
three examples here, (i), (ii) and (iii), from shorter to longer distances. (b) At short distances (long probe wavelengths), the signal is 
observed at shorter time delays only. The signal decreases at later time delays because the internuclear distance continues to lengthen 
as the dissociation occurs over time. When the distance increases as monitored by shorter probe wavelengths, the signal rises 
to a maximum at longer time delays reflecting the dissociation of the reaction in progress. At ‘infinite’ |-CN distance (i.e., the molecule 
is dissociated and only free | atoms and CN fragments remain), the signal reaches a maximum and remains there because the 


reaction is complete. 
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Chemical Dynamics with Multiple Pathways 


The pump-probe concept can be used to probe more 
complex reactions. To date, a great number of 
different chemical reactions have been studied (see 
Further Reading). Among the most important reac- 
tions we list ring opening, isomerization, proton 
transfer, and concerted chemical reactions. We 
illustrate these measurements with experiments on 
the photodissociation of dihalogenated alkanes. 
Upon high-energy excitation (12 eV), the methylene 
iodide (CHI) molecule dissociates and forms 
molecular iodine in excited states D’ and f as well as 
producing I atoms (main channel). The detection 
wavelength used in the experiment can distinguish 
between these products; D’ fluorescence can be 
collected at 342 nm and f fluorescence is collected at 
272 nm. The Dantus group has studied the dynamics 
of this type of concerted molecular elimination 
reaction extensively. The photodissociation reaction 
occurs by a multiphoton excitation (three-photons 
from the pump beam at 310nm) reaching a 
dissociative state where the CH) fragment and 
excited molecular iodine are formed. The 620 nm 
probe pulse depletes the fluorescence from the excited 
I, molecule (either D’ or f state) as shown in Figure 4b; 
this fluorescence depletion is measured and analyzed 
to determine the dynamics of the reaction. The object 
of this experimental work was to determine if the 
photodissociation mechanism for forming molecular 
iodine followed a step-wise, synchronous concerted, 
or asynchronous concerted mechanism as shown 
in Figure 9. 

The time transients reveal coherent vibrational 
motion of the I, product. Analysis of the transition 


state dynamics shows that the breaking of the carbon— 
halogen bond and the formation of the halogen- 
halogen bond occurs within 50 fs. Further, the iodine 
molecule is formed with a very hot rotational 
distribution indicating that the symmetry of the 
molecule is broken during the process; the torque 
imparts a large amount of rotational motion. Overall, 
the results of these studies show that the photodisso- 
ciation process of CH)I, follows an asynchronous 
concerted reaction mechanism and corresponds to a 
symmetry barrier that exists in C2, molecules prevent- 
ing the formation of the interhalogen bond. The 
existence of this symmetry barrier was explored by 
using CH,ICI, a molecule that does not have C2, 
symmetry; as expected, the halogen molecule (ICI) was 
formed with a cold rotational distribution indicating 
that it was able to follow a synchronous concerted 
mechanism. The dissociation times were also studied 
on the family of compounds CX2Yz and R-CHI, to 
investigate the influence of thermodynamics and 
reduced mass changes on the reaction. 


The Dynamics of Bond Formation 


Most chemical reactions that are studied with 
femtosecond spectroscopy are unimolecular reactions 
(photodissociation); however, bimolecular reactions 
(photo-association) are interesting and chemically 
relevant in trying to understand how chemical reac- 
tions occur. In the photo-association process, a pair of 
atoms or molecules cooperatively absorbs the photon 
undergoing a free-to-bound transition and forming a 
bond. When the ultrashort pulse initiates the reaction 
in femtosecond photo-association spectroscopy, a 
clearly defined initial time for the reaction is given 
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Figure 8 Photodissociation of sodium iodide. (a) Potential energy curve schematic showing the curve-crossing between the ground 
(ionic) and excited (covalent) states. As the wave packet oscillates on the excited curve, it splits into two wave packets at the curve 
crossing. (b) The thin line shows the vibrations of the excited complex as it oscillates on the excited surface. The signal intensity 
decreases because some of the molecules have dissociated to form Na and | atoms when the wave packet splits. The thick line shows 
the stepwise increase in free Na atom signal each time the wave packet oscillates and splits. 
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Photodissociation of CH,I, 





Figure 9 Possible mechanisms for the photodissociation of CHels following multiphoton excitation. The molecule could break both 
C-I bonds and form an I-I bond all at the same time (synchronous concerted mechanism); this would result in very little rotational 
motion in the products. The molecule could begin to break one C-I bond slightly before breaking the second one and forming the I-I 
bond, but all three events still occur within the duration of the laser pulse (asynchronous concerted mechanism). This would result in 
significant rotational motion in the products. The molecule could also lose one | atom and at some later time lose the other | atom; these | 


atoms could collide later to form Ip (stepwise mechanism). 
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Figure 10 Photo-association of mercury dimers. The pump (bind) pulse is absorbed by two ground-state Hg atoms to form Hgz on the 
excited state which is fluorescent. The probe pulse depletes this fluorescence causing the LIF signal to decrease at t= 0. Analysis of 
the transient reveals that the time of association is <60 fs. Parallel and perpendicular pump-probe data were examined to obtain the 


rotational distribution of this reaction. 


and the alignment conditions of the reaction can be 
examined by taking advantage of the polarization of 
the lasers. The femtosecond photo-association spec- 
troscopy technique was used by the Dantus group to 
study the formation of an excited mercury dimer. Their 
experiment is depicted in Figure 10. Two ground- 
state mercury atoms absorbed the pump (bind) 
pulse (at 312 nm) forming a wave packet in the 


excited D state. The probe pulse depleted the 
fluorescence from the newly formed molecules. The 
time of association was determined to be within the 
laser pulse duration (<60 fs). The dimers were found 
to have a narrow rotational distribution which 
together with the wavelength of the binding pulse 
reflects the impact parameter (geometry) of the 
collision. Calculations reveal that the ‘optimal’ 
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Figure 11. Molecular dynamics of iodine using two different pump laser wavelengths. (a) The pump laser, either at 550 or 622 nm, 
causes an excitation from the ground state to the B excited state. The choice of wavelength determines the vibrational levels which are 
excited on the B state. In either case, the probe at 311 nm causes an excitation to the f excited state which fluoresces around 340 nm. 
(b) Parallel and perpendicular pump-probe transients were obtained using each pump wavelength. At higher pump energies (550 nm), 
the molecule vibrates more slowly (higher vibrational level) and is reflected by the 410 fs vibrational period observed in the data. At lower 
pump energies (622 nm), the molecule vibrates faster and corresponds to the 300 fs vibrational period observed in the data. 


binding pulse for this association reaction is 10 fs; such 
short pulses would overlap the entire absorption band 
from the repulsive ground state to the bound D state. 

Bimolecular reactions can also be studied by 
preparing a low-temperature cluster that contains 
the reagents of interest. For example, a cluster 
containing one HI and one CO 2 molecule can be 
used to study the reaction H + CO, ~- OH+ CO. 
Initiation of the reaction takes place when the pump 
laser cleaves the H-I bond and the H atom attacks 
the CO, molecule present in the cluster. The reaction 
dynamics are probed as a function of time delay 
between pump and probe pulses as for other pump- 
probe experiments. The femtosecond dynamics of 
this reaction have been studied independently by 
Wittig’s and Zewail’s research groups. 


Studies of Molecular Dynamics 


Iz-Pump-Probe, Rotation and Vibration (Bound 
Surface) 


Aside from observing chemical reactions, using ultra- 
fast spectroscopy allows for studying the motion of 
isolated molecules to elucidate the internal motions of 
molecules themselves and to extract spectroscopic 
parameters. Iodine is one of the most frequently 
used molecules in femtosecond spectroscopy. 
Here we highlight only a small subset of the 
femtosecond studies on I, that have been conducted 


by Zewail’s and other research groups. Using a pump 
beam at 550 nm, ground state I, is excited to the B 
state; probing with 310 nm excites the molecule to an 
even higher bound potential (f state) from which 
fluorescence at 340 nm can be obtained (as shown in 
Figure 11). By changing the pump-probe time delay, 
oscillations on the B excited state are clearly visible 
and show a vibrational period of approximately 
410 fs. Excitation at 622 nm produces a wave packet 
lower in the potential well, with a vibrational period of 
approximately 300 fs. The differences observed for 
parallel and perpendicular probing correspond to the 
early rotational motion of the molecules. Fourier 
transfer analysis of the data yields the energy of each 
vibrational state that forms part of the vibrational 
wave packet. Different pump wavelengths can be used 
to access different vibrational levels such that 
vibrational frequencies and rotational constants can 
be obtained for a wide range of vibrational levels of the 
potential. This information can then be used to refine 
the B excited state potential energy curve of iodine. 


Different Measurements Possible with 
Three-Pulse FWM 


Ground and excited state molecular dynamics 

Molecular dynamics can also be examined with 
four-wave mixing techniques. Once again we use 
iodine as a model system to illustrate that unlike the 
previous experimental transients of iodine obtained 
with pump-probe measurements, both excited and 
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ground state dynamics of I, are revealed with FWM. 
Materny, Kiefer, and co-workers have carried out 
coherent anti-Stokes Raman spectroscopy and degen- 
erate four-wave mixing measurements on this mole- 
cule using two pulses overlapped in time followed by a 
third pulse after a time delay; both ground and excited 
state dynamic are observed in the Fourier transform of 
data. Dantus and co-workers explored all the pulse 
sequences possible with three-pulse FWM _ using 
molecular iodine as a model system (see below). 

Double-sided Feynman diagrams and third-order 
response functions can be used to describe the 
interaction of the three pulses with the molecular 
system in three-pulse four-wave mixing. These 
mathematical tools are described in several books on 
nonlinear optical spectroscopy (see Further Reading). 
Figure 12 illustrates how different pulse sequences 
reveal different molecular dynamics. The transient 
grating method (Figure 12a) shows both ground 
(160 fs oscillations) and excited state (310 fs oscil- 
lations) wave packet dynamics. When data collection 
occurs over long time delays, the transient grating 
signal persists with a similar time constant to that of 
the lifetime of the excited state. The photon echo 
pulse sequence (shown in Figure 12b) reveals only 
excited state dynamics (310 fs oscillations). Note that 
at longer time delays, the signal decays exponentially 
with a time constant that reflects the rate of electronic 
coherence dephasing. This fundamental decay para- 
meter indicates how long molecules remember the 
phase of the electric field that acted on them. 


Short time dynamics in |, 
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Off-resonance transient grating molecular 
dynamics 

Off-resonance transient grating can be used to study 
the molecular motion of molecules in the ground 
state. The pulse sequence used is shown in Figure 6b. 
With this method it is possible to examine the 
rotational and vibrational dynamics of diatomic and 
polyatomic molecules. The vibrational dynamics 
belong to the Raman-active modes. From the 
rotational recurrences, one can obtain rotational 
constants with great accuracy. Dantus and 
co-workers have studied carbon dioxide at room 
temperature and in flames. At high temperatures, 
rotational recurrences narrow because more rota- 
tional levels are populated and the rotational 
recurrence moves towards longer times because of 
centrifugal distortion. Further studies on carbon 
dioxide and carbon disulfide have shown that strong 
fields can impart an increase in initial alignment (due 
to torque along the polarization vector of the laser) as 
well as molecular deformation such as bending (due 
to electronic state mixing). Heterodyne detected off- 
resonance transient grating data for CO, at room 
temperature are shown in Figure 13. The data closely 
resemble the schematic illustration in Figure 5 where 
rotational dynamics were introduced. The data in 
Figure 13 have been analyzed to yield the B and D 
rotational constants which give the structural 
parameters of the molecules and the centrifugal 
distortions, respectively. The type of analysis 
given here for CO, can be done on molecules 
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Figure 12 FWM signal in molecular iodine using two pulse sequences at short and long delay times. (a) Transient grating — E, and E, 
overlapped in time followed by E,. Similar amounts of ground (208 cm~') and excited (105 cm~') state dynamics are observed with 
short delay times. In the transients, these correspond to oscillations of 160 fs and 307 fs respectively. (b) Photon echo — E, and E, 
overlapped in time but preceded by Ey. Excited state dynamics are observed in the transient with short delay times. At long time delays, 
the decrease in the signal reflects (a) the lifetime of the excited state or (b) the rate of the electronic coherence dephasing. 


ULTRAFAST TECHNOLOGY / Femtosecond Chemical Dynamics: Gas-Phase 251 
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Figure 13 Heterodyne detected off-resonance transient grating 
on carbon dioxide at room temperature. The experimental data 
(dots) reflect the rotational motion of the CO. molecule. The data 
have been analyzed (the fit is shown as a line that goes through 
the experimental data points) to obtain the rotational constant (B) 
and the centrifugal distortion constant (D). 


and molecular fragments resulting from chemical 
reactions. This method can also be used for molecular 
identification. 


Perspectives for the Future 


Most of this article has focused on the observation of 
ultrafast dynamics involved in chemical reactions. 
Presently, it is possible to generate pulses with 
durations as short as 5 fs. Such short pulses are 
capable of observing motion involving frequencies 
near 3000 cm’ !. This implies that one can observe the 
dynamics of most chemical bonds. The availability of 
shorter pulses will allow one to observe electronic 
dynamics. Advances in laser technology have also 
produced ultrashort pulses in the infrared region as 
well as in the vacuum ultraviolet and X-ray region. 
The wide spectrum available permits experiments that 
follow specific chemical bonds or specific transitions 
in elements. This in turn gives a wide range of 
possibilities for probing ultrafast chemical reaction 
dynamics. 

Having pulses that are shorter than the duration of 
the dynamics they probe allows one to consider 
influencing the evolution of a chemical reaction as it is 
taking place. Controlling chemical reactions with 
lasers is not a new theme; however, the availability of 
ultrashort laser pulses has given new power to these 
efforts. Here we present a brief sample of some of the 
current efforts. 


Control Using Three-Pulse Four-Wave Mixing 


Coherent control of chemical reactions depends on the 
relative phase of two different laser pulses that interact 
with the sample in order to optimize the transfer of 
population between electronic states. The three-pulse 
four-wave mixi\ng technique can be utilized to attain 
coherent control; the specific timing between the 
pulses can be used to achieve near-unity or near-zero 
values of the transfer of population for molecules that 
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Figure 14 FWM signal in molecular iodine demonstrating 
control over observation of molecular dynamics. By using the 
pulse sequence shown, tap was defined to be either (a) 460 fs 
or (b) 614 fs while 7 was scanned in time. As is clearly evident 
in the data and the FFT, excited-state dynamics alone (307 fs 
oscillations) are observed with 7,4, = 460 fs and ground-state 
dynamics (160 fs oscillations) are observed with tap = 614 fs. 


interacted with the two electric fields. The Dantus 
group has also used three-pulse FWM to demonstrate 
control over optimizing the population transfer 
between two electronic states in iodine. The popu- 
lations of the ground and excited states are controlled 
based on the time delay between the first two pulses T,4 
in the pulse sequence shown in Figure 6d. The 
transient is obtained as a function of the time delay 
between the second and third pulses, which probes 
the vibrational dynamics of the population; this 
experiment is illustrated in Figure 14. For Figure 14a 
using 7) = 460 fs, only excited-state dynamics are 
observed; while for Figure 14b using 7,, = 614 fs, 
primarily ground-state dynamics are observed. This 
observation is confirmed by the Fourier transform 
of the time-resolved transient. The top transient 
has a vibrational frequency of 108 cm ', correspond- 
ing to the vibrational frequency of the excited 
B state. The bottom transient has a vibrational 


But the voltage on the active is rising to +345v then goes to -345v at the rate of 50 
times per second (for a complete cycle). 

345v is the peak voltage of 240v. You never get a 240v shock. (It is a 345v shock.) 
In other words, if you touch the two wires at a particular instant, you would get a 
POSITIVE 345v shock and at another instant you would get a negative 345v shock. 
This is shown in the diagram below. 

We now transfer this concept to the output of a transformer. The diagram shows an 
AC waveform on the output of the secondary. 

This voltage is rising 15v higher than the bottom lead then it is 15v LOWER than the 
bottom lead. The bottom lead is called "zero volts." You have to say one lead or wire 
is not "rising and falling" as you need a "reference" or starting-point" or "Zero point" 
for voltage measurements. 

The diode only conducts when the voltage is "above zero" (actually when it is 0.7v 
above zero) and does not conduct (at all) when the voltage goes below zero. 

This is shown on the output of the Power Diode. Only the positive peaks or the 
positive parts of the waveform appear on the output and this is called "pulsing DC." 
This is called "half-wave" and is not used in a power supply. We have used it to 
describe how the diode works. The electrolytics charge during the peaks and deliver 
energy when the diode is not delivering current. This is how the output becomes a 
steady DC voltage. 

Power supplies use FULL WAVE rectification and the other half of the AC waveform is 
delivered to the output (and fills in the "gaps") and appears as shown in "A." 


+345v 


a! 


active 
240v AC 


neutral 


Half-wave rectifier 





Full-wave rectifier 


ONE FAULTY DIODE 


One diode in a bridge can go open (any of the 4 diodes will produce the same effect) 
and produce an output voltage that can be slightly lower than the original voltage. 
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frequency of 208cm ', corresponding to the 
vibrational frequency of the ground state of iodine 
molecules. 


Control Using Feedback and Evolutionary 
Algorithm 


For complex molecules, one seldom knows the precise 
sequence of pulses or phase modulation of a given 
pulse that can optimize the yield of a chemical 
reaction. In these cases, a pulse-shaping device which 
manipulates the phase and amplitude of frequencies 
within an ultrashort pulse can be used. The device is 
part of a learning loop that includes a computer and an 
experimental setup. The learning algorithm running in 
the computer generates different pulses to be evaluated 
experimentally. Signal from the experiments is sent 
back to the computer for further refinement. The 
learning algorithm iteratively arrives at the optimum 
pulse. This method, first introduced by Rabitz, was 
first tested by Wilson. Gerber and co-workers have 
demonstrated automated control over the photodis- 
sociation reaction of organometallic compounds 
using an evolutionary algorithm with feedback. 
The organometallic compounds chosen were iron 
pentacarbonyl (Fe(CO);) and dicarbonylchloro(n- 
cyclopentadienyl)iron (CpFe(CO) Cl). For the first 
molecule, multiphoton absorption of femtosecond 
pulses at 800 nm caused ionization and fragmentation 
resulting in numerous ionic species — Fe*, Fe(CO)*, 
Fe(CO)3, Fe(CO)+, Fe(CO)4, and Fe(CO)?. These 
species were detected by mass spectrometry; the 
measured signal was used as feedback for the evolu- 
tionary algorithm that adjusts the phase of the 
femtosecond laser pulse. The Fe*and Fe(CO)? exit 
channels were used to demonstrate the control 
available over branching ratios with this automated 
control method. Maximization (5.0) of the Fe(CO)t/ 
Fe* ratio was achieved with very short laser pulses 
while minimization (0.057) of this ratio was achieved 
with long (ps) pulses. These results were found to 
correspond well to changing the pulse duration of 
bandwidth-limited pulses. The optimization pro- 
cedure did not attempt to control the other ionic 
species. This same automated optimization procedure 
was used to control the branching ratio of 
CpFeCOCI*/FeCl* for the second organometallic 
compound. The maximum branching ratio was 4.9; 
the minimum was 1.2; and bandwidth-limited pulses 
yielded 2.4. Unlike the simpler carbonyl compound, 
simple changes to the pulse duration of a laser 
pulse could not optimize this branching ratio. The 
evolutionary algorithm with the feedback from the 
mass spectrometer allowed for these tailored pulses to 
be obtained and optimized the desired exit channel 
without any knowledge of the specific molecular 


system. The full potential of shaped femtosecond 
pulses has yet to be realized. It is possible that shaped 
femtosecond pulses will play an important role in 
future time-resolved experiments where they will be 
used to improve time resolution or to access potential 
energies that could not be reached with simpler pulses. 
Pulse shapers will also play a role in the preparation 
of ultrashort pulses with single femtosecond or 
attosecond duration. 


List of Units and Nomenclature 


° 


A angstrom (10'° A = 1 meter) 

Attosecond 10'8 as = 1 second 

B rotational constant 

cm’! wavenumbers 

D centrifugal distortion constant 

electron volts 1 eV = 8065 cm ! 

fs femtosecond (10'° fs = 1 second) 

FTS femtosecond transition state spectro- 
scopy 

FWM four-wave mixing 

k wavevector 

LIF laser-induced fluorescence 

nm nanometer (10? nm = 1 meter) 

ps . picosecond (10!7 ps = 1 second) 

R(A) internuclear distance (given in 
angstroms) 

t=0 initiation of reaction (pump and 


probe are overlapped in time) 
T time delay between pump and probe 
pulses being applied 


TG transient grating 
0; rotational frequency 
See also 


Chemical Applications of Lasers: Non-Linear Spectro- 
scopies; Pump and Probe Studies of Femtosecond 
Kinetics. Coherent Control: Experimental; Theory. Non- 
linear Optics, Applications: Phase Matching. Nonlinear 
Optics, Basics: Four-Wave Mixing; Ultrafast and Intense- 
Field Nonlinear Optics; x‘) — Third-Harmonic Generation. 
Spectroscopy: Nonlinear Laser Spectroscopy; Raman 
Spectroscopy. Ultrafast Laser Techniques: Generation 
of Femtosecond Pulses. Ultrafast Technology: Femto- 
second Condensed Phase Spectroscopy: Structural 
Dynamics. 
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Ultrafast Chemistry 


Chemistry means rearrangement of atoms in/between 
molecules. Chemical bonds are broken and/or formed, 
leading to a change in chemical composition, from 
reactants to products, during a reaction. Following the 
temporal behavior of the reaction all the way from 
reactant — via possible intermediates — towards the 
product state(s), amounts to deciphering the mole- 
cular processes that lead to these chemical reaction 
dynamics. Molecular rearrangements from reactant to 
product may encompass many orders of magnitude in 
time (see Figure 1). Typically the larger and more 
involved the rearrangements are, the more time it takes 
for a molecular species to reach the final state. 
Rearrangements of biomolecular structure occur in 
micro- to milliseconds (spontaneous folding of small 
proteins consisting of several hundreds of amino acid 
units), or longer (DNA multiplication, protein syn- 
thesis in ribosomes). In these conformational 
dynamics, hundreds to thousands of chemical bonds 
change their nature. Bimolecular reaction dynamics in 
liquid solution occur on time-scales of nanoseconds or 
longer, being controlled by the relatively slow diffu- 
sional motions of the reaction partners to each other. 
Many elementary processes in chemistry, however, 
occur on much faster time-scales. In fact, when one 
considers the dynamical event of a single-bond 
rearrangement, the relocation of the (relatively few) 
atoms appears to take place as an ultrafast event. Bond 
fission, hydrogen and proton transfer, electron trans- 
fer, and cis/trans-isomerizations have been found to 
occur on femto- to picosecond time-scales 
(‘femtochemistry’). The dynamics of these elementary 


processes are not only determined by the energy 
landscapes of the reacting partners. The energy land- 
scapes (potential energy surfaces) are determined by 
molecular parameters such as relative orientation 
(distances, angles) of the reaction partners, the energy 
levels of the reactant, intermediate and product 
species, and — very important — the energy barriers 
represented by transition states. When considering 
condensed phase reaction dynamics, the important 
role of the surrounding solvent has been recognized. 
The solvent shells modulate energy levels of the 
reactant, intermediate and product states, through 
electrostatic interactions. In the liquid phase the 
solvent fluctuations lead through these interactions 
to fluctuating energy levels of the reaction partners. In 
addition, the solvent may facilitate chemical reactions 
through energy exchange with the reaction partners, 
leading to efficient dissipation of excess energy, 
making chemical reactions often irreversible. The 
processes that are extremely dominated by these 
solvent interactions (such as molecular collisions, 
electronic and vibrational dephasing, vibrational 
relaxation) are also often found to occur on femto- 
to picosecond time-scales. The outcome of a bond 
fission may be a null effect, when the dissociating 
fragments are forced by the surrounding solvent to 
recombine and relax (‘cage effect’). 

Spectroscopy has been a prime tool to obtain 
insight into these key molecular processes. Reactant, 
intermediate, and products contribute to the spectra 
with their respective molecular resonances. With 
spectral domain spectroscopy one may, in principle, 
obtain a precise determination of structural infor- 
mation. Fluctuations of energy levels of these species 
by the solvent interactions, and finite lifetimes, 
contribute to a broadening of these molecular 
resonances. Using steady-state spectroscopy one 
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Figure 1 Chart showing the ultrafast time-scales of fundamental physical and chemical processes (inspired by charts of Fleming 
GR (1986) Chemical Applications of Ultrafast Spectroscopy. Oxford, UK: Clarendon Press and Zewail AH (2000) Femtochemistry: 
atomic-scale dynamics of the chemical bond. Nobel lecture as appeared in Journal of Physical Chemistry A 104(24): 5660-5694). 


could try to determine these effects through a 
lineshape analysis. Using this approach, the results 
have to be analyzed with an a priori defined model 
representing the dynamics. The disadvantage lies in 
the averaging over all time-scales inherent in spectral 
domain spectroscopy, where details of transient states 
may be lost in this averaging procedure. In contrast, 
in experiments designed to grasp the molecular 
dynamics in real time, the temporal resolution is the 
prerequisite quantity in observation of these pro- 
cesses. In time-resolved experiments one can trigger a 
chemical reaction at a well-defined point in time, after 
which one can follow the conformational changes 
from reactant — via possible intermediates — to the 
product, and identify any possible transition states 
along the reaction pathways. 

During the last century the technological advances 
in time-resolved spectroscopy have prompted signifi- 
cant breakthroughs in the study of chemical reaction 
dynamics. Initially the temporal resolution was given 
by the duration of flashes from light bulbs (‘flash’ 
spectroscopy) or by rapid mixing of reaction partners 
(stopped-flow technique), as developed by Nobel 


Laureates Eigen, Norrish, and Porter, and many 
others. These techniques allow a temporal resolution 
of at best milliseconds. Already, up to the early 
1960s, it was understood that elementary reaction 
dynamics occur on much faster time-scales. Fourier 
spectroscopy may improve time resolution down to 
microseconds or slightly less. With the advent 
of pulsed laser sources with ever-increasing 
temporal resolution, a wide arena of time-resolved 
spectroscopic techniques has emerged. Nanosecond 
laser systems are known since the early 1960s, 
picosecond pulses can be generated since the 1970s, 
the first femtosecond laser system was reported in 
1981, and currently laser engineering groups are 
breaking into the attosecond domain. The majority 
of pulsed laser systems operate at visible and 
near-infrared wavelengths. This means that usually 
chemical events in ultrafast time-resolved spec- 
troscopy are initiated by electronic excitation 
(‘photochemistry’). Subsequent molecular rearrange- 
ments have then to be followed by probing the elec- 
tronic states through electronic resonances (UV/VIS 
pump-UV/VIS probe or UV/VIS four-wave mixing 
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Figure 2 Ultrafast time-resolved electronic spectroscopy. A 
UV/VIS pump pulse excited an electronic resonance, and a probe 
pulse determines, depending on the tuning in the UV/VIS 
population changes in the reactant ground or excited states or in 
the product state. 


spectroscopy) (Figure 2), or via vibrational reson- 
ances (UV/VIS pump—IR/Raman probe spectroscopy) 
(see Figures 3 and 4). 


Laser Technology 


Since the beginning of the 1990s, a major advance- 
ment in femtosecond laser technology has emerged by 
the discovery of Kerr lens mode locking in laser 
oscillators with Ti:sapphire as lasing material. 
Ultrastable and ultrashort laser pulses tunable 
between 700 and 1,000 nm can be generated with 
durations as short as 6 fs. The second advancement is 
due to the ability of Ti:sapphire as laser amplifying 
material, using the method of chirped pulse amplifi- 
cation. Pulses with output powers up to several W, 


Energy 





Figure 3 Ultrafast time-resolved infrared spectroscopy. A 
UV/VIS pump pulse excites an electronic resonance, after 
which the populations are followed with an infrared probe 
pulse by inspection of marker modes in the different electronic 
states. 


with repetition rates in the kHz-regime, are now 
routinely generated. These developments facilitate 
the efficient generation of ultrashort pulses tunable 
from the UV to the mid-infrared, and even beyond to 
the THz-regime using schemes based on nonlinear 
optics. Frequency conversion of the fundamental 
output of an amplified Ti:sapphire laser system is 
then achieved with nonlinear processes such as self- 
phase modulation and supercontinuum generation, 
n*-order harmonic generation (7 = 2, 3, 4,...), sum 
and difference frequency generation, or parametric 
generation and amplification. As a result, one can 
now almost arbitrarily tune the excitation and probe 
wavelengths of the applied laser pulses. Additional 
parameters, that one may alter, are pulse duration 
(from less than 10 fs up to several ps) and pulse 
energy (in the mJ range or less; typically one uses for 
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Figure 4 Ultrafast time-resolved Raman spectroscopy. A 
UV/VIS pump pulse excites an electronic resonance, after which 
the populations are followed with (resonance) Raman probe pulse 
by inspection of marker modes in the different electronic states. 


condensed phase spectroscopy pulse energies in 
the range of nJ to pJ). More advanced pulse 
manipulation schemes use amplitude and phase 
masks. The latter aspect holds the promise of 
amplitude and phase control of molecular excitation, 
feeding the ultrafast chemist’s dream of laser control 
of molecular reaction dynamics. 


Ultrafast Electronic Spectroscopic 
Techniques 


Pulsed laser sources enable a variety of experimental 
approaches to determine transient states. Already, 
since the development of nanosecond laser sources, 
time-resolved pump-probe and four-wave mixing 
spectroscopy have been widely used. In a first 
approach, often one uses these forms of spectroscopy 
to probe in real-time populations of reactant, 
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Figure 5 Pump-—probe technique: A pump pulse induces an 
absorbance change in a sample, that is subsequently measured 
by a time delayed probe pulse, either spectrally integrated (a) or 
spectrally resolved (b). 


transient, and product states as function of pulse 
delay. With the advent of pico- and femtosecond laser 
sources, coherence properties of the material response 
have been investigated as well. 

The following techniques have been widely used in 
ultrafast electronic condensed phase spectroscopy. 


UV/VIS Pump-UV/VIS Probe Spectroscopy 


In this technique a ‘pump’ pulse resonant to a 
transition promotes the molecules to an electronic 
excited state, and the time-dependent populations are 
determined by measurement of the transmission of a 
time-delayed ‘probe’ pulse (Figure 5). The absorbance 
change AA(7) = —'log[T(n/T(r = 0)] (with T for 
transmission change and 7 the pulse delay) is a direct 
indication of populations of states. Here one can tune 
the probe pulse to the same transition as the pump 
pulse, and one measures an absorbance decrease due 
to a bleach of ground state population (i.e., fraction 
of molecules being excited), and due to molecules in 
the excited state stimulated back to the ground state. 
One could also tune the probe pulse to transitions 
between the transient state and higher lying states. 
For electronic spectroscopy, often transitions between 
the ground and first excited state (Sp — S1) overlap 
with excited state absorptions (S; — S,,). One has to 
rely then on numerical analysis procedures such as 
singular value decomposition and decay associated 
spectra, that correlate spectral features with temporal 
behavior. 

The time resolution of the experiment is given by 
the cross-correlation between pump and probe 
pulses. In the case of extremely short pulses one has 
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to consider the effects of group velocity dispersion 
between different frequency components due to 
different travel times through the samples, leading 
to pulse temporal broadening. For the case of pump 
and probe tuned to different wavelengths, the time- 
resolution is usually dominated by group velocity 
mismatch between pump and probe pulses. 

When ultrashort laser pulses are used, often the 
applied spectral bandwidth enables simultaneous 
excitation of several vibrational sublevels in vibronic 
transitions. Due to the phase-relationship of the 
applied laser pulses, these vibrational sublevels are 
prepared in states that are well-defined in temporal 
phase with respect to each other. Such a coherent 
superposition of vibrational eigenstates is nothing less 
than a vibrational wavepacket, that will evolve in 
time. The occurrence of vibrational wavepacket 
motions leads to oscillatory modulations of the 
pump-probe signals. 


Time-Resolved Fluorescence Spectroscopy 


Here again a ‘pump’ pulse excites an electronic 
resonance. The transient excited states are now 
probed through their spontaneous fluorescence emis- 
sion, either by use of time-correlated single photon 
counting or by fluorescence upconversion with a 
gating pulse in a nonlinear medium (Figure 6). Single- 
photon counting has a time resolution of at best a few 
picoseconds. Fluorescence upconversion can be 
performed with a time resolution of 100-200 fs. 
The advantage lies in the fact that the measured 
signals are more likely due to the specific excited 
states only, and not corrupted by other contributions. 


Electronic Four-Wave Mixing Spectroscopy 


In time-resolved degenerate electronic four-wave 
mixing spectroscopy, where all the three applied 
laser pulses (with wavevectors kj, ky, and ks) are 
tuned to the same electronic resonance, one can detect 
a nonlinear signal in the phase-matched direction 
k, =k, +k —k, (Figure 7). The first laser pulse 
generates a coherent superposition between the 
electronic ground and excited states. This electronic 
coherence evolves in time during the period (denoted 
as coherence time 7), until the second pulse converts 
this coherence in a population frequency grating in the 
electronic ground and excited states. After a second 
time period of free evolution (denoted as population or 
waiting time T), this frequency grating is again 
transformed into an electronic coherence, which 
after some time evolution generates a macroscopic 
polarization in the phase-matched directions. This 
macroscopic polarization is either directly measured 
by a time-integrating detector (in which case one 


Sample 


pump 


Collimating 
lens 


Single photon 


j counter 
(a) 


Sample 







Collimating 
lens 


Detector 


Upconversion 
crystal 


(b)  =gate 


Figure 6 Time-resolved emission detection: The fluorescence 
emission is either temporally resolved by time-correlated single 
photon counting (a) or by up-conversion with a gating pulse (b). 


measures the intensity signal proportional to the 
absolute square of the nonlinear polarization), or 
one uses another light pulse that mixes as local 
oscillator with the nonlinear polarization (and the 
signal is proportional to the amplitude of the 
polarization). The time resolution is determined by 
the third-order autocorrelation of the applied pulses. 

Depending on the delay between the three input 
pulses, and which delay one varies, different dynamics 
can be measured. When one performs an experiment 
with 7 scanned and T set at zero, one measures the 
electronic coherence decay (due to electronic dephas- 
ing) time in a two-pulse photon echo experiment. 
When, on the other hand, 7 is set to zero, and T is 
scanned, one measures the evolution of a population 
grating, and electronic lifetimes can be deduced. In a 
three-pulse photon echo experiment both pulse delays 
are scanned, and the signals give insight into both 
electronic coherence and frequency grating decay (due 
to electronic dephasing and spectral diffusion, respect- 
ively). A novel extension of four-wave mixing tech- 
nique is the three-pulse echo peak shift (3PEPS). 
In a 3PEPS measurement, the delay time Tmax is 
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Figure 7 Beam geometry for time-resolved four-wave mixing 
(grating/photon echo) spectroscopy: The nonlinear signal is 
transmitted by the sample in a phase-matched direction and its 
intensity signal (a) or its amplitude by interference with a local 
oscillator field (b) is detected by a time-integrating detector. 
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determined, where the echo signal has a maximum 
along the coherence delay 7, as a function of the 
population delay T: This method provides direct 
insight into the frequency fluctuation correlation 
function that governs the linear and nonlinear signals. 
Extension of the method to multi-color four-wave 
mixing spectroscopy has been demonstrated. 


Electronic Condensed Phase 
Spectroscopy: Femtochemistry and 
Solvation Dynamics 


In the narrow sense of meaning, ‘femtochemistry’ 
deals with the real-time observation of nuclear 
motions during chemical reactions. Quantum mecha- 
nics teaches us that this is only possible when 
molecular systems are prepared in vibrational super- 
positions. Only in the case of quantum states describ- 
ing vibrational wavepackets evolving in time the 
narrow-defined positions of nuclei allow for a real- 
time description of molecular rearrangements, or in 
other words: dynamics. This has been demonstrated 
in the gas-phase landmark experiments by Nobel 
Laureate Zewail (Figure 8). 

In the condensed phase at room temperature, 
however, often such well-defined quantum states are 


hard to prepare, since the ensembles of molecular 
systems exist in mixed states. Coherent laser exci- 
tation on an ensemble will then prepare mixed states 
as well, and then information that one obtains from 
the experiments is less explicit. In addition, room 
temperature liquid solutions induce extremely fast 
fluctuations in the states of the molecules under study 
and as a consequence the electronic and vibrational 
coherences show ultrafast decaying behavior. This 
limits the temporal window with which one can 
follow the evolution of vibrational wavepackets. 

Most of the ultrafast spectroscopic experimental 
work performed on photochemistry in the condensed 
phase, being described as ‘femtochemistry’, only deals 
with the time-scales of changes in electronic states 
(usually indicated with reaction rates typified with 
exponentially decaying or rising functions). In this 
regard it is better to speak of ‘kinetics’ rather than 
‘dynamics’, although both terms are used in con- 
densed phase spectroscopy. Due to the relative broad 
electronic spectra of condensed phase molecules 
masking any structural detail, it is hard to derive 
nuclear motions in real time, and as such it is difficult 
to make any statements about dynamics of molecular 
structures during chemical reactions. 

Electronic resonances have also been used to probe 
the dynamical interactions between a nonreactive 
solute and the surrounding fluctuating solvent. The 
idea behind these experiments is to achieve infor- 
mation about the time-scales of solvent fluctuations on 
(and solvent motions due to a change in) the electronic 
charge distribution in a molecule (as induced by an 
electronic excitation). Usually the solvent motions are 
characterized with a frequency fluctuation correlation 
function (Figure 9). This information is highly relevant 
for the case of reacting molecules, where electronic 
motions accompany the relocations of nuclei, even 
in electron transfer reactions, where the nucleic 
rearrangements are modest. Solvent motions have 
been shown to often control reaction rates. Solvent 
rearrangement, as a response to a change in electronic 
charge distribution, is known as solvation dynamics. 
Experimental probes for solvent motional fluctuations 
are electronic coherence decay (electronic dephasing) 
and population frequency grating decay (spectral 
diffusion) that can be measured in two- and three- 
pulse photon echoes. Solvent adaptation to new charge 
distributions can be followed with the time-dependent 
Stokes-shift in fluorescence emission, as well as in 
three-pulse photon echoes (in so-called three-pulse 
echo peak shift measurements described above). 
Ultimately these experiments resolve the temporal 
characteristics of the frequency fluctuation correlation 
function. 
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Figure 8 Ultrafast excitation with broadband pulses creates coherent superpositions of vibrational eigenstates, i.e., vibrational 
wavepackets. These wavepackets are generated in electronic excited and ground states (a), and their time-dependence can be 
determined in pump—probe and four-wave mixing experiments. When level crossing occurs to another electronic state, the vibrational 
wavepacket may be observed to evolve along the reaction coordinate (b). 


Ultrafast Vibrational Spectroscopy in 
Photochemistry: Structural Dynamics 


Vibrational spectroscopy has, despite a smaller 
signal sensitivity due to smaller transition cross- 
sections, several advantages over electronic 
spectroscopy. Vibrational transitions have typically 
smaller bandwidths than electronic transitions, due 
to longer dephasing times (the exception to the rule: 
O-H/O-D stretching bands of hydrogen bonded 
hydroxyl groups). Specific signal contributions are 
thus easier tractable in vibrational spectroscopy than 
in electronic spectroscopy. Vibrational bands can 
often be correlated to specific vibrational motions by 
inspection of the transition frequencies, (e.g., O-H, 
N-H, and C-H stretching bands can be found in the 
3000 cm! range, C=O and C=N stretching modes 
are located near 1,600-1,750cm ', O-H, N-H, 
and C-H bending vibrations between 1,500- 
1,650 cm ', C-O stretching mode around 1,200- 
1,300 cm™! etc.), and, in particular, the frequency 
range between 1,000 and 1,800 cm! is called the 
fingerprint region because of this reason. Measure- 
ment of vibrational bands thus leads to identification 
of particular vibrational motions, and conclusions 
can be drawn on specific structural motifs in the 
molecules. Vibrational bands can be infrared (IR) or 
Raman active, sometimes both, and both IR and 
Raman techniques have been widely applied in 
structural determination studies ranging from 
small molecules to larger biomolecular systems. 


In ultrafast photochemistry one thus excites the 
molecules with a UV/VIS pump pulse, and an 
IR/Raman probe pulse follows the outcome of the 
chemical reaction by inspection of vibrational bands 
of reactant, transients, and products. 

Vibrational spectroscopy has the potential of 
revealing site-specific information if the marker 
modes are due to nuclear motions of specific 
molecular side-groups. For instance, hydrogen bond- 
ing induces marked shifts of O-H, N-H, C=O, and 
C=N bands. Observation of changes in spectral shifts 
reveals important information on hydrogen bond 
interactions (weakening/strengthening or even hydro- 
gen bond cleavage). Infrared spectroscopy is able to 
probe small molecular species in solution that 
typically have their electronic resonances in the far- 
UV (making electronic spectroscopy impossible, since 
normally the solvent would absorb this radiation) 
(Figure 10). For instance, in acid—base neutralization 
reactions, where the acidity of a so-called photoacid 
is switched on by use of a UV pulse, a VIS probe 
pulse would only be able to probe the photoacid 
(or its conjugate photobase), thus revealing only 
when a proton leaves the photoacid. An infrared 
pulse can, besides probing vibrational resonances of 
the photoacid, also probe bands of a small base (or its 
conjugated acid) indicating when a proton arrives at 
the base. 

In the case where the vibrational normal modes do 
not allow such a structural insight into site-specific 
groups, one can make a comparison of the 
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Figure 9 Solute—solvent interactions as characterized by the transition frequency fluctuation correlation function C(t). This quantity 
can be measured in photon echo and time-resolved fluorescence experiments. In a three-pulse photon echo experiment phase 
information as given by the excited state frequency grating created with the first two interactions, is washed out due to solvent 
fluctuations and Stokes shifts to lower frequencies due to solvent rearrangement. A similar plot can be drawn for the ground state 


frequency grating. 


experimentally observed vibrational bands with 
predictions made by quantum chemical calculations. 
When a full correspondence between experiment and 
theory is possible, one can make statements about the 
three-dimensional structure. With current quantum 
chemical calculational routines, such as density 
functional theory, medium-sized molecules are routi- 
nely calculated for electronic ground-state confor- 
mations. Reliable results of transient and product 
states in electronic excited states can be obtained with 
the routine ab initio complete active space self- 
consistent field (CASSCF), albeit for mid-size mol- 
ecules of at most on the order of about 20 atoms. 
New developments in numerical procedures, such as 
time-dependent density functional theory (TD-DFT) 
may prove fruitful in the calculation of larger 
molecular systems in electronic excited states. 
During recent years, femtosecond IR spectroscopy 
has been used in photo-induced chemical reactions 
ranging from excited state hydrogen and proton 
transfer, transformations of photochromic switches, 
excited state charge transfer, and cis—trans isomer- 
izations. Here an ultrashort UV/VIS ‘pump’ pulse 
promotes the molecule to an electronic excited state, 
and the reaction is followed by a measurement of the 
absorbance change of a ‘probe’ pulse tuned in the 
mid-IR region where the vibrational marker modes 
sensitive to structural changes have their resonances. 


Experimentally, one performs spectrally resolved 
transient IR spectroscopy. Femtosecond IR para- 
metric devices deliver pulses with bandwidths of 
150 cm! or more. In order to be able to observe 
shifts as small as the linewidths of IR-active 
vibrations, one usually measures the IR absorbance 
change with a detector after spectral dispersion with a 
monochromator. As a side-effect of this spectral 
dispersion ground-state bleach signals often appear 
to grow in at negative pulse delay with the dephasing 
time of the transition. This effect, known as 
‘perturbed free induction decay’ is a common feature 
of spectrally resolved nonlinear pump-probe spec- 
troscopy of bleached transitions with dephasing times 
much longer than the time resolution of the 
experiment. The time resolution of the experi- 
ment is given by the cross-correlation between 
the UV/VIS-pump and IR-probe pulse (about 
100-200 fs), and is typically dominated by group 
velocity mismatch in samples with thicknesses of 
about 100 wm. 

In principle, the same approach can be followed by 
probing Raman-active vibrations. In this case the 
spectral resolution is not only determined by the 
monochromator through which the spontaneous 
Raman emission dispersed, but also by the bandwidth 
of the gating pulse by which the Raman effect is 
induced. As a result, UV/VIS pump—Raman probe 
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In excited state acid—base neutralization experiments, the proton dissociation can be followed on two sides with ultrafast 


infrared spectroscopy. Vibrational marker modes of photoacid and conjugated photobase indicate when the proton leaves the acid. The 
marker mode of acid formed by proton pick-up by the accepting base is a direct measure of the arrival time of the proton at the base. 
Depending on relative concentrations, either the indirect proton transfer via the solvent or direct scavenging of the proton by the base 


dominates the dynamics. 


spectroscopy has a temporal resolution of around 1 ps 
(a compromise between spectral and time resolution). 
Due to the even weaker cross-sections of Raman 
transitions, one often uses resonance enhancement by 
tuning the gating pulse close to or resonant with an 
electronic transition of the state that is probed. The 
advantage is that one usually only observes Raman 
bands of the state under inspection. The drawback is 
that fluorescence resulting from the resonant elec- 
tronic excitation often inhibits detection of Raman 
bands in extended spectral ranges. 

Raman spectroscopy offers an additional insight 
into how chemical reactions evolve. By comparison of 
the intensities of anti-Stokes and Stokes lines of a 
particular vibration, it is possible to derive time- 
dependent changes in the excitation level of this 
vibration. One can draw conclusions on whether 
particular modes initially drive a chemical reaction 
(‘state transition promoting modes’), or only get 
excited after the transition is made, by taking up the 
excess energy released by the reaction (‘accepting 
modes’). In such a way, insight is obtained on the 
energy flow inside a molecular system (intramolecular 
vibrational redistribution, abbreviated as IVR) and 
vibrational energy dissipation to the surrounding 
solvent (vibrational cooling). Infrared spectroscopy is 
less powerful in revealing this, since red-shifted 


transient absorption of vibrational bands may either 
mean that the particular mode is highly excited (the 
red-shift is a consequence of the diagonal anharmo- 
nicity of the vibration), or it may mean that other 
modes are highly excited and these cause a red-shift of 
the marker mode under inspection (the red-shift is 
then due to off-diagonal anharmonic coupling with 
other modes). 


Equilibrium Structural Dynamics in the 
Electronic Ground State 


Existence of anharmonic coupling between 
vibrational modes means that the vibrational motions 
are not decoupled from each other. These couplings 
always exist, since otherwise no IVR and vibrational 
cooling (no relaxation) would occur. When the 
couplings are significantly large, excitation of one 
specific mode will induce a significant instantaneous 
shift of other vibrations anharmonically coupled to 
this particular mode. Estimation of the magnitude of 
these couplings should lead to a determination of 
the curvatures of potential energy surfaces along the 
respective coordinates. With current state-of-the-art 
femtosecond infrared technology (with time resolu- 
tion of about 150 fs or less) it is possible to excite 


The actual "voltage-drop" will depend on the current taken by the circuit and the 
ability of the transformer to produce the required voltage and current during half- 
wave operation. The voltage during each half cycle (when none of the diodes is 
delivering any energy to the circuit) is maintained by the electrolytic and its size 
(relative to the current taken by the circuit) will determine the size of the ripple that 
will result when the diode fails. The ripple will be 100 to 1,000 times greater after 
the failure of a diode, depending on the value of the filter capacitor. 

To locate the faulty diode, simply get a diode and place it across each of the diodes 
in the bridge (in turn) when the circuit is working. 

For a bridge rectifier, the ripple-frequency will be twice the mains frequency and its 
ripple will be very small if the electrolytic is the correct value. When a diode fails, the 
ripple-frequency will be equal to mains-frequency and the amplitude will increase 
considerably. You may even hear background hum from audio equipment. 

If you cannot find a faulty diode, the filter capacitor will be at fault. Turn off the 
equipment and connect an electrolytic across the filter capacitor via jumper leads. 
Turn the power ON and see if the hum has reduced. 


Input 





One diode “burnt-out" 


DAMPER DIODES 


A damper diode is a diode that detects a high voltage and SQUELCHES IT (reduces it 
- removes it). The signal that it squelches is a voltage that is in the opposite 
direction to the "supply voltage" and is produced by the collapsing of a magnetic 
field. Whenever a magnetic filed collapses, it produces a voltage in the winding that 
is opposite to the supply voltage and can be much higher. This is the principle of a 
flyback circuit or EHT circuit. The high voltage comes from the transformer. 

The diode is placed so that the signal passes through it and less than 0.5v appears 
across it. 

A damper diode can be placed across the coil of a relay, incorporated into a 
transistor or FET or placed across a winding of a flyback transformer to protect the 
driving transistor or FET. 

It can also be called a "Reverse-Voltage Protection Diode," "Spike Suppression 
Diode," or "Voltage Clamp Diode." 

The main characteristic of a Damper Diode is HIGH SPEED so it can detect the spike 
and absorb the energy. 

It does not have to be a high-voltage diode as the high voltage in the circuit is being 
absorbed by the diode. 


SILICON, GERMANIUM AND SCHOTTKY DIODES 

When testing a diode with an analogue meter, you will get a low reading in one 
direction and a high (or NO READING) in the other direction. When reading in the 
LOW direction, the needle will swing nearly full scale and the reading is not a 
resistance-value but a reflection of the characteristic voltage drop across the junction 
of the diode. As we mentioned before, a resistance reading is really a voltage reading 
and the meter is measuring the voltage of the battery minus the voltage-drop across 
the diode. 

Since Silicon, Germanium and Schottky Diodes have slightly different characteristic 
voltage drops across the junction, you will get a slightly different reading on the 
scale. This does not represent one diode being better than the other or capable of 
handling a higher current or any other feature. 

The quickest, easiest and cheapest way to find, fix and solve a problem caused by a 
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In hydrogen-bonded hydroxyl groups a strong anharmonic coupling exists between the hydroxyl stretching and modes 


modulating the hydrogen-bond distance. A Born—Oppenheimer-like separation of time-scales of vibrational motion between the high- 
frequency O—H/O-D stretching and the low-frequency hydrogen bond modes enables a description with potential energy surfaces for 
the low-frequency mode as a function of the quantum state of the hydroxyl stretching vibration. The formation of low-frequency 
vibrational wavepackets in ultrafast IR spectroscopy of O—H/O-D stretching modes is then fully analogous to wavepacket formation in 


ultrafast electronic spectroscopy. 


infrared-active vibrations and to probe the same or 
other vibrations (either in the IR or by the Raman 
process), enabling insight into the anharmonic 
couplings between these vibrational modes. 

Direct anharmonic couplings are probed in IR- 
pump-—IR-probe and IR photon echo spectroscopy 
(Figure 11). In the case of peptides, the excitonic 
(Davydov) couplings between amide I vibrations of 
the amino acid units have been the subject of 
extensive study since these lead to spatial 
information of the relative orientations of the 
different amide I modes, and thus, of the spatial 
orientation of the amino acid units inside the peptide. 
Exploring the effects of the delay between the IR 
pulses on the observed signals, give insight into the 
fluctuations of these orientational features, or in other 
words, into structural dynamics of peptides. In the 
case of hydrogen bonded O-H/O-D stretching 
vibrations, the anharmonic couplings with under- 
damped low-frequency modes modulating the 


hydrogen bond distance, lead to marked modulations 
of observed pump-probe and echo signals as func- 
tion of pulse delay. These experiments reveal which 
modes couple strongly to the hydrogen stretching 
oscillator. 

Fluctuations in couplings between vibrational 
modes (in particular with those of the solvent) induce 
dephasing of the vibrational coherences. The dephas- 
ing and spectral diffusion dynamics of vibrational 
transitions, e.g., the O-H stretch vibration of HOD 
dissolved in DO, have been determined by IR photon 
echo spectroscopy. From these studies the time-scales 
of structural memory decay of hydrogen bond 
networks can be derived. Couplings between 
vibrational modes ultimately lead to population 
relaxation through intramolecular vibrational redis- 
tribution effects and vibrational cooling. Ultrafast 
two-color IR-pump-—IR-probe reveals whether exci- 
tation of one IR-active vibration is followed by 
population transfer into another IR-active mode. 
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With IR-pump-—Raman-probe, one can estimate 
whether Raman-active vibrations are transiently 
excited. In the case of hydrogen-bonded O-H/O-—D 
stretching bands, an extremely short population 
relaxation time T, (below 1 ps) is observed, as well 
as an ultrarapid dephasing time T> (200 fs or less). 
These values are definitely longer for other vibrations, 
from which it has been concluded that the strong 
anharmonicities in hydrogen-bonded vibrational sys- 
tems enable dephasing and relaxation processes to 
have such a rapid impact. 


Future Developments 


Future activities in the determination of dynami- 
cally evolving molecular structures in the con- 
densed phase, may involve the aforementioned 
application of amplitude and phase controlled 
excitation pulses in optimal control of chemical 
reactions. Vibrational spectroscopy may be used as 
a tool in determination of evolving structures after 
electronic excitation by a shaped pulse tuned in the 
UV/VIS. Infrared pulses could also be shaped in 
amplitude and phase, and may be used in the 
exploration of steering of chemical reactions in 
the electronic ground state. Multidimensional 
vibrational spectroscopy is an object of extensive 
research. Extension of the method to determination 
of structure of transient states will lead to new 
results on molecular rearrangements, e.g., polypep- 
tides reaching a new equilibrium after inducing a 
UV-excitation induced geometric change of a 
photochromic switch incorporated in the peptide 
structure. Much activity is currently also being put 
in the development of ultrafast structure resolving 
techniques such as electron diffraction, X-ray 
diffraction, and X-ray spectroscopy. While still 
extremely demanding at a technological level, final 
implementation of these latter techniques will open 
up new areas of ultrafast chemical dynamics. 


See also 


Chemical Applications of Lasers: Pump and Probe 
Studies of Femtosecond Kinetics. 
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Introduction 


Mode-locked lasers emitting ultrashort pulses have 
expanded the range of available instruments and 
techniques to the scientific community. The unique 
properties of these ultrashort pulses — their high peak 
powers and short duration — enable such diverse 
applications as multiphoton microscopy, pump-probe 
experiments, and coherent control of molecular and 
atomic wavepackets, to name a few. Ultrashort pulses 
can also be used as a basis for ultrahigh data rate 
optical communications using time division multi- 
plexing (TDM) in a fiber communication application. 
These ultrafast applications often require comp- 
lementary real-time optical processors based on 
instantaneous nonlinear phenomena, since conven- 
tional electronic means are limited by the response 
time of electronic devices. 

During the last few years, we have developed real- 
time optical processors utilizing nonlinear three- and 
four-wave mixing of signals originating from spatial or 
temporal channels for synthesizing, processing, and 
detecting ultrafast waveforms. We perform real-time 
optical signal processing that can be applied to data 
conversion between slow parallel channels in space 
and an ultrafast serial signal. A time-to-space mapping 
processor has been built for detection of ultrafast 
waveforms. It mixes two spatially inverted temporal 
frequency information waves in a three-wave mixing 
arrangement, generating a quasi-monochromatic 
spatial signal carrying the temporal image for detec- 
tion by slower electronic means. A space-to-time 
mapping processor was constructed for generation of 
arbitrary ultrafast waveforms from an input ultrashort 
pulse. The waveform is a time-scaled replica of the 
employed input spatial image, converted by a four- 
wave mixing arrangement. By introducing only 
temporal information channels to our four-wave 
mixing processors, real-time optical processing of 
temporal waveforms was enabled. We have demon- 
strated time reversal experiments based on performing 
spectral phase conjugation and spectral inversion 
operations, achieving time reversal of the electrical 
field and of the complex amplitude waveform, 
respectively. The three- and four-wave mixing 


arrangements are performed within a spectral 
processing device — a free-space optical setup consist- 
ing of diffraction gratings and lenses — utilizing a y” 
nonlinear crystal. A cascaded second-order non- 
linearity technique is used for four-wave mixing 
within the y” crystal (a frequency-sum generation 
process followed by a frequency-difference generation 
process satisfying the type-II noncollinear phase 
matching condition). However, a ¥ nonlinear crystal 
may be readily substituted without loss of generality 
(albeit with a likely smaller conversion efficiency). 

This article reviews the spatial/temporal processing 
techniques for synthesizing, processing, and detecting 
ultrafast waveforms. The generation of spectrally 
decomposed waves within a spectral processing 
device is described in the following section. The 
subsequent section articulates on the employed 
nonlinear wave mixing processes, and the ensuing 
sections express the synthesis, processing, and detec- 
tion of ultrafast waveforms. 


Generation and Characteristics of 
Spectrally Decomposed Waves 


Our wave mixing experiments are performed with 
spectrally decomposed waves, in which the spectral 
frequency content is spatially dispersed. When the 
pulse is decomposed with high resolution, the signal 
at every spatial location can be treated as quasi- 
monochromatic. This allows for increased interaction 
length within a nonlinear crystal, allowing us to use 
long crystals, whereas typically the interaction length 
is limited by temporal walkoff. In this section we 
analyze the creation of spectrally decomposed waves. 
We introduce an ultrashort optical waveform, with 
a temporal envelope of s(t/7), into the spectral 
processing device, where 7 parameterized the wave- 
form’s duration. The waveform is propagating in free 
space towards a diffraction grating, at an incidence 
angle 0 (see Figure 1). The input ultrashort waveform 
is characterized in its coordinate system (x1, 21) as: 


sg x4 t— to — 2,/c 
Eoutse(%1» 213 t) w( Ty )( ; ) 


x exp( i(oo# = 2) [1] 


where w(-) defines the transversal field distribution 
with a scale size parameter Lj, ty is a time delay 
parameter, c is the speed of light in vacuum, and a is 
the center optical frequency. The waveform is 
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Figure 1 An ultrashort optical waveform, s(t/z), propagating in 
free-space is incident upon a diffraction grating at angle 6. The 
transverse spatial mode of the pulse is stretched due to the 
projection onto the grating. 


propagating in the z, direction at a group velocity and 
phase velocity of the speed of light in vacuum. The 
spatial confinement in the y, direction is omitted for 
brevity. We perform a time-domain Fourier transform 
(TFT) on eqn [1] to perform a frequency decompo- 
sition of the ultrafast waveform, yielding: 


ins x 
Ealsels 213 w) = nu L ) 


x exp(—i 22, arto — @)) 
X exp(—i(@ — @9)to) [2] 


where the tilde over the script denotes a FT relation- 
ship, defined for the TFT as 3(w)A [s(t)exp(—iwt)dt. 
Next we perform a rotation of the coordinate system 
from (x1,2) to (x,z), for compatibility with the 
coordinate system of the spectral processing device, 
yielding: 
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To find the incident field on the input grating of the 
spectral processing device, the field of eqn [3] is 
evaluated at z = 0. The effect of the grating diffraction 
can be modeled by adding the grating momentum, 


kz, in the x direction to the k-vector that 
characterizes the propagation direction of the wave, 
resulting in: 
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The grating momentum, k,, and the incidence angle, 0, 
are chosen such that the center frequency wy will 
diffract in the direction of the optical axis of the 
system. Setting wo/c-sin@ =k, and substituting the 
grating’s k-vector, kp = 2a/A, where A is the grating 
period, yields sin 9 = Ag/A = a, where Aj is the optical 
wavelength corresponding to the center carrier fre- 
quency. To further simplify the notation, we define a 
new spatial width scaling parameter L = L/cos(6), 
accounting for the aperture size increase due to the 
projection onto the diffraction grating. With these 
substitutions, the expression takes on the more 
familiar form, given by 
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We may perform an inverse TFT on eqn [5] to 
characterize the input signal in the time domain, 
yielding: 


Einput(3t) = w( ; )s( Da oa chs ) expliayt) [6] 
T 





Equation [6] describes the input waveform scanning 
across the fixed aperture at velocity of c/a in the 
x-direction. 

The spectrally decomposed wave is generated by 
performing a spatial Fourier transform (SFT) employ- 
ing a lens of focal length f on the input wave (either 
frequency domain representation, eqn [4], or time 
domain representation, eqn [6]). Using the frequency 
domain representation, the spectrally decomposed 
wave Uspw of the input waveform is given by 


Uspw(x'; @) = 73(7(@ — wo)) 
X exp(—1(@ — @)to) [- wo( 7) 
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where we use the central wavelength in the Fourier 
transform kernel. Evaluating the integration of 
eqn [7], yields: 
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where the SFT of the input pupil function, 
W(f,)A fw(x) exp(—i2mxf,)dx, has mixed space- 
domain and time-domain frequency variables in its 
argument, characterizing the dispersion. A spectral 
component shifted away from the center frequency, 
Aw = @ — @p, will be centered at a displaced location 
Ax’ = —Aw-af/w , defining the spatial dispersion 
term 0x//d@ = —af/wp. One can see that in order to 
get fine localization of each spectral component, the 
spatial extent of the function #(-) must be minimized. 
This can be readily achieved by increasing the size of 
the input aperture, or the parameter L, as well as 
increasing a (grating’s angular dispersion). Let us 
make the following observation on system resolution: 
The ultrafast pulse’s spectral width is proportional to 
1/7, and its spatial extent is therefore proportional to 
af/@ot (multiplying by the spatial dispersion term). 
The spatial width of each spectral component is 
proportional to cf/wpt. The dimensionless ratio of 
these two spatial widths, which is indicative of the 
number of resolvable spectral components, is N ~ 
aL/ct, where N is defined as the system spectral 
resolution. When the spectral processing device is 
designed to satisfy the requirement of N >> 1, then 
the spectrally decomposed wave can be considered 
quasi-monochromatic at every spatial position. In our 
experiments, we use Ay = 800 nm, gratings of 600 
lines/mm frequency (A = 1666 nm), L ~ 1cm, and 
7~ 100 femtoseconds, yielding a=0.5 and N ~ 
160, easily satisfying the high spectral resolution 
requirement. Let us make a second observation on 
system resolution using the time domain represen- 
tation of eqn [6]: The spatial extent of the 
input aperture is proportional to L, whereas the 
instantaneous spatial extent of the scanning wave- 
form is proportional to tc/a (see Figure 2). The 
dimensionless ratio of these two spatial widths is 
again N ~ aL/czt, exemplifying the concept of resol- 
vable positions and demonstrating the conservation 
of the space-bandwidth product. 

To further facilitate the ensuing analysis, let us 
assume that we operate in the high-resolution regime 
(satisfied with the values given above), and we seek to 
simplify the expressions defining the spectrally 
decomposed wave. The spectrally decomposed wave 
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Figure 2 The input short pulse scans across the diffraction 
grating at velocity of c/a. The ratio of the width of the spatial mode 
of the beam to the instantaneous spatial width of the scanning 
waveform determines the system resolution. © 2001 Optical 
Society of America. 


can be defined in the time domain by performing a 
SFT on eqn [6], yielding: 


Uspw(x's t) = | o( . )s( =o — all ) exp(iaof) 
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where by account of the high-resolution approxi- 
mation, the instantaneous location of the traveling 
signal waveform samples the value of the aperture 
function and removes the aperture dependence from 
the Fourier integral. This approximation decouples 
the aperture function from the temporal waveform, 
and illustrates that the duration of the spectrally 
decomposed wave is defined by the aperture function 
(time of flight through aperture of size L), and that the 
spatial dependence is a mapping of the incident 
waveform spectrum. A rotating wavevector in time is 
also present, on account of the traveling (moving) 
waveform on the input plane. Again, we may perform 
a TFT on eqn [9], defining the high-resolution limit of 
the spectrally decomposed wave, yielding: 
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One can compare eqns [8] and [10], as both 
characterize the spectrally decomposed wave in the 
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Figure 3 (a) Three-wave mixing interaction: two input waves U; 
and Us, generate a third wave U3. (b) Four-wave mixing by 
cascaded second order nonlinearities: three input waves, U,, Us, 
and U3, generate a fourth wave U,. The first two waves generate 
an intermediate wave U,,, by a frequency-sum process, followed 
by a frequency-difference process between the intermediate wave 
and the third input wave. 


temporal frequency domain, and observe that the 
difference lies with the argument of the spectral term. 
If we apply the high-resolution approximation to eqn 
[8], then each spectral component would occupy a 
small region in space, as defined by the extent of the 
aperture function’s SFT. Substituting for w — wo by 
—wyx/of for the spectral argument of eqn [8], 
corresponding to the high-resolution limit, equates 
the two expressions (essentially the same approxi- 
mation as was performed in deriving eqn [9]). 


Nonlinear Wave Mixing With 
Nondepleting Pumps 


A nonlinear crystal exhibiting a large nonlinear 
susceptibility ¥? is placed at the Fourier plane of 
the spectral processing device. We employ non- 
collinear phase matching in our experiments. Either 
type-I or type-II phase matching conditions can be 
used in three-wave mixing experiments, with the 
resultant frequency-sum wave propagating along the 
bi-sector direction (see Figure 3a). Since both input 
waveforms are at wp) frequency, the generated 
field will be at a doubled carrier frequency, 2@ 9, due 
to the frequency-sum process. Four-wave mixing 


experiments use type-II phase matching in the ;” 
crystal, involving a frequency-sum process generating 
an intermediate wave followed by a frequency- 
difference process between the intermediate wave 
and the third input wave. The resultant wave will co- 
propagate with one of the input waves and at the 
same temporal carrier frequency (propagation direc- 
tion and frequency 9), albeit at an orthogonal 
polarization state (see Figure 3b). The output signal 
can be extracted using a polarizer or a polarizing 
beam splitter. The interacting input waves propagate 
noncollinearly at the Fourier transform plane by 
offsetting the signals from each other at the input 
plane of the spectral processing device. 

While it is possible, though often difficult, to obtain 
a precise analytic solution to the coupled mode 
equations governing the wave-mixing processes for 
the generated waves, it is beyond the scope of this 
article whose focus is on the signal processing 
functionality. We therefore limit the analysis to weak 
interactions with nondepleting input waves. Using the 
nondepleted input waves approximation, the non- 
linear polarization term, which drives the generation 
of new waves, is constant and an ordinary differential 
equation characterizes the generation process. 

The nonlinear polarization for the frequency-sum 
process is proportional to the product of the input 
waves, when expressed in the time domain: 

PRO (xe) = ree Ui (x; t)U2(x';t). The nonlinear 
polarization for the frequency-difference process is 
proportional to the product of an input waves 
and a conjugated input wave: Paift (x; t)= 

XU (20; U3 (x; 2). 

The solution of the ordinary differential equation 
driving the generation of the new wave, takes into 
account the possible phase mismatch between the 
propagation of the nonlinear polarization and the 
generated wave within the nonlinear crystal medium. 
Since we are interested in the signal processing 
functionality only, we approximate the generated 
waves as being directly proportional to the driving 
nonlinear polarization. This approach is valid for 
obtaining the generated signal forms in the case of 
short nonlinear crystals (limited interaction length) 
satisfying the phase matching condition. In practice, 
the temporal and spatial bandwidths, as well as the 
crystal length, will introduce filtering effects which 
will slightly modify the output signals. However, it 
can be shown that when wave mixing with spectrally 
decomposed waves, especially mutually inverted 
waves, the phase matching requirement is well 
satisfied and the filtering effects are negligible for 
the employed crystal lengths. In our experiments, we 
typically used 2mm long B-barium borate (BBO) 
crystals. Using the simplified method for obtaining 
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the form of the generated waves, arrangements for 
synthesizing, processing, and detecting ultrafast 
waveforms can be explored. 


Detection of Ultrafast Waveforms 


Ultrafast optical waveforms are too rapid for 
acquisition by opto-electronic means alone, due to 
the latter’s finite response time. An optical pro- 
cessor is usually required to convert a finite time 
window (typically in the tens to hundreds of ps 
range) to a stationary signal in space for detection 
by slower means. We mix two mutually inverted 
spectrally decomposed waves in the Fourier plane 
of a spectral processing device, and _ spatially 
Fourier transform the resultant wave to the output 
plane. As will be shown below, when one of the 
spectrally decomposed waves is generated by a 
transform limited short pulse, the output spatial 
signal carries the temporal information of the input 
waveform. We call this process a time-to-space 
converter. 

Let two ultrafast waveforms, s((f — tg9)/7) and r(t/7), 
enter the spectral processing device from opposite 
directions (one strikes the grating at angle @ and the 
other at —6, see Figure 4). Each waveform will 
generate a spectrally decomposed wave in the spatial 
Fourier transform plane. The spectrally decomposed 
wave of the signal s(t), as defined by eqn [9], yields the 
first input field: 
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whereas the inverted spectrally decomposed wave for 
7(t/tT) is given by 


/ J 
U2 (x's) = w( < ) exp ( ~ )( ae exp(iwot) 
[11b] 


Without loss of generality, we set the time delay 
parameter in eqn [11b] to zero, such that the parameter 
to in the spectrally decomposed wave of the signal 
waveform is a measure of the relative time delay of the 
two waveforms. With full knowledge of the two input 
waves, U; and U;, we can express the resultant 
waveform of the three-wave mixing process as: 


Usted tec PRP ast) =o A Jeo ea ) 


aL aL 
”  @otox! ff aot’ \_f wor’ 
exp|i— f g a A ; 
Xexp(i2wf) 


Next we apply a SFT to propagate the wave U; to the 
output plane, yielding: 











[12] 
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where y(t)=s(t/7) ® r(—t/7), as the Fourier transform 
of a product is the convolution of their Fourier 
transforms (the ®-symbol denotes the convolution 
operation), and we use the spatial Fourier 
transform kernel at the doubled carrier frequency. 
The stationary spatial signal, y(-), is proportional to 
the convolution of the two input waveforms, where 
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Figure 4 Arrangement for imaging ultrafast waveforms using a time-to-space conversion. The mutually inverted, spectrally 
decomposed waves of a signal waveform and that of a reference pulse are mixed in a nonlinear crystal placed at the Fourier plane. The 
generated wave is spatially Fourier transformed to the output plane, yielding a stationary image that carries the signal waveform 


information. © 2001 Optical Society of America. 
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Figure 5 Output of a time-to-space converter. Top: image 
acquired by a CCD camera of the stationary image of a pulse 
sequence. Botttom: extracted time domain data from the image, 
showing inter-pulse time separation of 1.25 ps. 


one of them is reversed in time. This mixing process 
was developed for time-to-space conversion by using a 
reference transform limited pulse for the reversed 
waveform. The resulting spatial image will be that of 
the signal waveform, albeit smoothed out due to the 
convolution operation with the reference pulse. The 
spatial signal is centered at x" = cto/2a, illustrating that 
the relative time delay between the two waveforms 
shifts the location of the output signal. The temporal 
characteristic is determined by the product of the time- 
scaled input apertures. The relative time delay, fo, 
serves as an attenuation mechanism when the time 
windows are not perfectly aligned. When the time 
delay between the signal pulse and the reference pulse 
is too large, no output signal will emerge as the two 
signals do not overlap for the wave mixing process. 
Therefore, the time window of the spectral processing 
device is determined by the input aperture size, not the 
physical dimension of the nonlinear crystal. Conse- 
quently, we have been able to demonstrate high- 
resolution temporal imaging with time windows in the 
range of tens of picoseconds (see Figure 5). Addition- 
ally, as mentioned earlier, one of the significant 
advantages of this technique is the favorable phase 
matching condition with the spectrally decomposed 
wave and its inverted counterpart. 


Processing of Ultrafast Waveforms 


The simplest form of ultrafast waveform processing 
uses linear filtering, or placement of an element with 


transmittance characteristics that are frequency 
selective. However, a linear filter is a time invariant 
process and cannot perform more advanced proces- 
sing operations of ultrafast waveforms such as 
interaction between ultrafast waveforms. For such 
processing applications, we mix three spectrally 
decomposed waves in the Fourier plane of a spectral 
processing device to generate a resultant output 
ultrafast waveform in real time. We illustrate 
advanced processing by performing a time reversal 
experiment using the spectral phase conjugation and 
spectral inversion techniques in four-wave mixing 
experiments. 

Consider three ultrafast waveforms, s,(t — fo/7), 
so((t — t1)/7) and s3(t/7), which enter a spectral 
processing device for generation of their respective 
spectrally decomposed waves. Let all three waves 
enter the spectral processing device from the same 
direction, such that the spatial dispersion is in 
the same direction for each signal (as defined by 
eqn [11a]), and generate the spectrally decomposed 
waves U,(x';t), Uz(x';t), and U3(x';2), respectively 
(see Figure 6a). Since we utilize a cascaded second- 
order nonlinearity process, we let the first two waves 
interact first in a frequency-sum process, generating 
the intermediate field: 
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It should be noted that upon a more rigorous analysis 
of the generated frequency-sum wave, phase match- 
ing is not well met across the temporal bandwidth of 
the waveform, as is the case when wave mixing 
mutually inverted spectrally decomposed waves. This 
will introduce time domain spectra filtering effects, 
but for simplicity these effects are ignored below. The 
generated frequency-sum wave interacts with the 
third input wave in a frequency-difference process, 
giving rise to the fourth wave: 
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Figure 6 Arrangements of processing ultrafast waveforms within a spectral processing device. (a) Three input waveforms are 
introduced from the same direction, and their spectrally decomposed waves interact via four-wave mixing. (b) The three input waveforms 
are introduced from opposite directions, giving rise to mutually inverted spectrally decomposed waves. These two arrangements can 
perform time reversal, the first by spectral phase conjugation and the second by spectral information inversion. © 2001 IEEE. 


where we assume that the window function w/(-) is 
real. Next we apply a SFT to propagate the wave U4 
to the output plane, yielding: 
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where y(t) = sj (t/7) ®s3(t/1)@s3(~t/7). The new ultra- 
fast waveform y(-) scans along the output plane at a 
velocity of —c/a in the x-direction (compare to the 
input signals scanning in the opposite direction along 
the input plane, eqn [6]). By placing another diffrac- 
tion grating at this plane, the new ultrafast waveform 
can be recomposed and made to propagate once more 
in free space. The waveform information consists of a 
convolution between the first and second signals, 
followed by a convolution with the third signal, which 
is both conjugated and reversed. If we set the first and 
second signals to be transform limited pulses, then the 
resultant waveform will carry the reversed and 


conjugated information of the third signal. Such 
capability can be very important for dispersion 
compensation in optical fiber communication links. 

Let us now consider an alternate arrangement, 
where the second and third input signals are 
introduced to the spectral processing device from 
the opposite direction, and consequently have 
reversed spatial dispersion direction (see Figure 6b). 
Therefore, the first signal will generate a spectral 
decomposed wave U;(x’;t), as defined by eqn [11a], 
whereas the second and third signals will give rise to 
the spectrally decomposed waves U,(x’;t) and 
U3(x'; t), with inverted spectra relative to that of Uj, 
as defined by eqn [11b]. The interaction of the first 
two waves gives rise to: 
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which is identical to the wave mixing process of the 
time-to-space converter (see eqn [12]). However, in 
this case, we follow the first wave mixing process by 
a frequency-difference process, generating: 
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Next we apply a SFT to propagate the wave U4, to 
the output plane, yielding the output waveform: 














[18] 
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where y(t)=s,(t/7)®s7(—t/7)@s3(t/7). As before, 
the new ultrafast waveform y(-) scans along the output 
plane at a velocity of —c/a in the x-direction, and will 
propagate in free-space upon another grating diffrac- 
tion. This time, however, the waveform information 
consists of a convolution between the first signal anda 
time-reversed second signal, followed by a convolu- 
tion with the conjugated third signal. If we set the first 
and second signals to be transform limited pulses, then 
the resultant waveform will carry the conjugated 
information of the third signal. If we set the first and 
third signals to be transform limited pulses, then the 
resultant waveform will carry the reversed infor- 
mation of the second signal. 

We have experimentally demonstrated the two 
time-reversal techniques: the first technique 
whereby the resultant signal is both reversed and 
conjugated is labeled ‘spectral phase conjugation’, 
as the signal’s spectrum is conjugated by the 
frequency difference process, and the second 
technique, where the signal is purely reversed in 
time, is named ‘spectral information inversion’, as 
the spectrum is flipped about the carrier frequency 
(see Figure 7). By proper selection of the input 
waveforms, one can also obtain higher-level oper- 
ations and functionality such as convolutions and 
correlations among the different signals. All these 
operations are time-variant, and cannot be per- 
formed by passive filtering alone. 
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Figure 7 Time reversal experimental results. (a) Input pulse pair 
consisting of a transform limited pulse followed by a chirped pulse. 
(b) Time reversal by spectral information inversion technique. 
Chirped pulse leads transform limited pulse and maintains the 
sign of the chirp. (c) Time reversal by spectral phase conjugation 
technique. Chirped pulse leads transform limited pulse and flips 
the sign of the chirp. Data acquired with time-to-space imaging 
technique and sign of quadratic term (dashed line) determined by 
translating output plane. 


Synthesis of Ultrafast Waveforms 


Shaping of ultrafast waveforms is usually per- 
formed by filtering an input transform limited 
pulse by a fixed filter. Adaptive filtering can be 
performed by various means incorporating opto- 
electronic modulators such as liquid-crystal-based 
or acousto-optic-based spatial light moduloators, 
however the response time required for changing 
the waveform is typically limited to the ms and ps 
regime, respectively. For ultrafast reconfigurability, 
we utilize our spectral processing device and wave 
mixing, to achieve pulse shaping controlled by 
light, or a second optical signal. 

Let the three input signals entering the spectral 
processing device be an ultrashort waveform, s(t/7), 
and two additional spatial domain signals; one 
carrying spatial information m(x/y), where y is a 
scaling factor, and the second a point source (see 
Figure 8). Both spatial domain signals are illuminated 


faulty diode is to replace it. 

There is no piece of test equipment capable of testing a diode fully, and the circuit 
you are working on is actually the best piece of test equipment as it is identifying the 
fault UNDER LOAD. 


Only very simple tests can be done with a multimeter and it is best to check a diode 
with an ANALOGUE MULTIMETER as it outputs a higher current though the diode and 
produces a more-reliable result. 

A Digital meter can produce false readings as it does not apply enough current to 
activate the junction. 

Fortunately almost every digital multimeter has a diode test mode. Using this, a 
silicon diode should read a voltage drop between 0.5v to 0.8v in the forward 
direction and open in the reverse direction. For a germanium diode, the reading will 
be lower, around 0.2v - 0.4v in the forward direction. A bad diode will read zero volts 
in both directions. 


REPLACING A DIODE 


It is alway best to replace a diode with the same type but quite often this is not 
possible. Many diodes have unusual markings or colours or "in-house" letters. 
This is only a general guide because many diodes have special features, especially 
when used in high-frequency circuits. 

However if you are desperate to get a piece of equipment working, here are the 
steps: 

Determine if the diode is a signal diode, power diode, or zener diode. 

For a signal diode, try 1N4148. 

For a power diode (1 amp) try 1N4004. (for up to 400v) 

For a power diode (3 amp) try 1N5404. (for up to 400v) 

For a high-speed diode, try UF4004 (for up to 400v) 


If you put an ordinary diode in a high-speed application, it will get very hot very 
quickly. 

To replace an unknown zener diode, start with a low voltage such as 6v2 and see if 
the circuit works. 

The size of a diode and the thickness of the leads will give an idea of the current- 
capability of the diode. 

Keep the leads short as the PC board acts as a heat-sink. 

You can also add fins to the leads to keep the diode cool. 


LIGHT EMITTING DIODES (LEDs) 


Light Emitting Diodes (LEDs) are diodes that produce light when current flows from 
anode to cathode. The LED does not emit light when it is revered-biased. It is used 
as a low current indicator in many types of consumer and industrial equipment, such 
as monitors, TV’s, printers, hi-fi systems, machinery and control panels. 

The light produced by a LED can be visible, such as red, green, yellow or white. It 
can also be invisible and these LEDs are called Infrared LEDs. They are used in 
remote controls and to see if they are working, you need to point a digital camera at 
the LED and view the picture on the camera screen. 

An LED needs about 2v - 3.6v across its leads to make it emit light, but this voltage 
must be exact for the type and colour of the LED. The simplest way to deliver the 
exact voltage is to have a supply that is higher than needed and include a voltage- 
dropping resistor. The value of the resistor must be selected so the current is 
between 2mA and 25mA. 

The cathode of the LED is identified by a flat on the side of the LED. The life 
expectancy of a LED is about 100,000 hours. LEDs rarely fail but they are very 
sensitive to heat and they must be soldered and de-soldered quickly. They are one of 
the most heat-sensitive components. 

Light emitting diodes cannot be tested with most multimeters because the 
characteristic voltage across them is higher than the voltage of the battery in the 
meter. 

However a simple tester can be made by joining 3 cells together with a 220R resistor 
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Figure 8 Arrangement for ultrafast waveform synthesis by wave mixing temporal and spatial information channels. Three input 
channels consist of a temporal channel, a spatial channel carrying information, and a second spatial channel consisting of a point 
source. The information from the spatial channel is transferred to the temporal channel via the wave mixing process. © 2001 IEEE. 


by a monochromatic light source at frequency wy. 
The input ultrashort waveform gives rise to a 
spectrally decomposed wave Uj(x’;t), as described 
by eqn [11a]. The spatial information channel is SFT 
by a lens, generating the wave: 
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2acf 
The signal from the point source (or 6(x)) gives rise 
to a wave U;3(x’; t) with no spatial information (plane 
wave). As before, we utilize cascaded second-order 
nonlinearities for the wave mixing process. The 
interaction of the first two waves gives rise to the 
intermediate frequency-sum wave: 
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The frequency-difference process with an informa- 
tionless waveform serves to reduce the carrier 
frequency of resultant waveform back to wo. The 
down-converted wave Uy, is SFT to the output plane, 
yielding: 
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where y(t) = s(t/t)® m(—ct/ay). As in the proces- 
sing of ultrafast waveforms section above, the new 
ultrafast waveform y(-) scans along the output 
plane at a velocity of —c/a in the x-direction. The 
synthesized ultrafast waveform can propagate in 
freespace after an additional grating diffraction. 
The waveform information, in this case, consists of 
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Figure 9 Synthesized flat-top waveforms via space-to-time 
conversion utilizing a variable slit in the spatial information 
channel. Increasing the width of the slit results in broader square- 
shaped pulses in real-time. Solid line: 2 ps pulse, dot-dash line: 
~1 ps pulse, dashed line: ~ 300 fs pulse. 


a convolution between the input temporal signal 
and a time-scaled and reversed version of the 
spatial information channel. Since the input tem- 
poral channel is typically a transform limited pulse, 
the output waveform carries the spatial infor- 
mation image, mapped to the time domain. In 
analogy to the imaging of ultrafast waveforms 
section, we call this technique space-to-time con- 
version. We have generated experimentally numer- 
ous waveforms that are controlled by a space 
domain image, or mask (flat-top waveforms, 
Figure 9, and pulse sequences of Figure 5 were 
generated by a cylindrical lens array in the spatial 
information channel). 
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Conclusions 


To properly utilize ultrafast waveforms in scientific 
and advanced technology applications requires 
instantaneous techniques from generation to pro- 
cessing and imaging of the waveforms. We have 
studied the nonlinear wave-mixing approach within 
a spectral processing device, and demonstrated the 
ability to perform all of these tasks. The wave 
mixing was performed in a second-order nonlinear 
crystal, using three-wave mixing for detection and 
four-wave mixing for synthesis and processing of 
ultrafast waveforms. The three-wave mixing pro- 
cess results in a second-harmonic output image, 
suitable for acquisition by silicon-based CCD 
imagers. The four-wave mixing processes result in 
an output waveform of an identical carrier 
frequency, as typically required in processing and 
synthesis applications. The high nonlinear coeff- 
cient of ¥” crystals enabled us to demonstrate 
these techniques with ultrashort pulse energies 
ranging from nJ to mJ levels. Further advantages 
afforded by the techniques are expanded time 
windows and favorable phase matching. 

This review of the instantaneous optical signal 
processing capabilities with optical nonlinearities and 
interaction with ultrafast waveforms introduced and 
demonstrated the basic signal processing capabilities 
to manipulate optical signals in amplitude and phase. 
The same techniques can be used and expanded upon 
to achieve different signal processing abilities, which 
are beyond the scope of this article. 
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All the ideas essential to making a laser were known 
before 1930, but there was no operating laser before 
1960. So why didn’t the laser come sooner? There are 
several reasons. One important impediment to the 
laser invention was that a combination of ideas from 
quantum mechanics and from electrical engineering 
was needed, and these two fields were not well mixed 
in the early days. Another is that, while some 
physicists recognized that amplification could occur 
if there was a population inversion of states, they did 
not consider the coherence of such amplifications and 
did not recognize its importance or usefulness. It was 
just something that in principle could happen, but 
was not very interesting. What was required was a 
combination of physics and electrical engineering 
thinking and recognition of the coherence of such 
amplification. In addition the importance of such a 
development had to be visualized and recognized in a 
way that it led to very devoted work towards its 
achievement. 

It is striking that lasers grew out of the study of 
microwave spectra of molecules, for which engineer- 
ing and quantum mechanics were both important and 
which helped orient thinking in the appropriate 
direction. That this origin was not accidental is 
convincingly demonstrated by the fact that three 
independent ideas for amplification by stimulated 
emission were generated about 1950. They were from 
Joe Weber, at the University of Maryland, from 
Nikolai Basov and Alexander Prokhovov at the Soviet 
Academy, and myself at Columbia University. Weber 
primarily wanted to point out the possibility, but 
didn’t try to do it. In addition, his numbers were a bit 
off and no practical system was suggested. Basov and 
Prokhovov actually worked towards microwave 
amplification using a beam of molecules, as did I. 

That stimulated amplification was recognized 
early, but not thought through, is illustrated by 
the fact that Prof. Richard Tolman, a theoretical 
physicist, wrote a discussion in 1924 of the net 
absorption of light by molecules, pointing out in 
particular that induced emission counteracted 
absorption and noting that if there were more 
molecules in the upper than in the lower state there 
could be ‘negative absorption’. But, he wrote, ‘This 
would usually be very small’. The Russian physicist 
Vitaly Ginsburg wrote me, after the maser and laser 


had appeared, that his professor, $.M. Levi, had been 
well aware of such effects back in the 1930s and had 
told him ‘create an overpopulation at higher atomic 
levels and you will obtain an amplifier; the whole 
trouble is that it is difficult to create a substantial 
overpopulation of levels’. 

The German physicist EG. Houtermans said to me 
that in 1932, when told by a colleague of an unusual 
light intensity in a gaseous discharge, he had thought 
it might be a ‘photon avalanche’, i.e. multiplication of 
photons by stimulated emission. 

Another Russian physicist, V.A. Fabricant, wrote a 
thesis in 1939 in which he discussed absorption and 
emission of light radiation in a gas and looked for 
‘negative absorption’, or amplification. He did not 
discuss coherence or a resonant cavity, and was not 
able to achieve any amplification so his work was 
quickly forgotten. None of these early mentions of 
stimulated emission proposed how to actually get 
amplification, that it would be useful, nor clearly 
noted its coherence. Tolman did, however, write in 
1927 that, ‘We should expect radiation induced by an 
external field to be coherent with the radiation 
associated with that field’. I know of no proposal to 
actually make use of such amplification, until those 
made by microwave spectroscopists in the early 
1950s. 

Another clear indicator that even in the 1950s 
physicists and engineers did not think amplification 
by stimulated emission was particularly interesting 
nor useful is that during the 25 years when Jim 
Gordon, Herb Zeiger, and I were working on trying 
to obtain microwave amplification (the maser), a 
large number of scientists visited my laboratory, saw 
what we were doing, but no one bothered to also try 
to obtain such amplification. After the maser worked, 
it hit the newspapers and then very quickly became a 
popular and intense field of interest for a number of 
physicists. 

My own drive to produce oscillators by stimulated 
emission came from my strong interest in obtaining 
sources of waves shorter than the few millimeters 
wavelength which could be produced by electronic 
devices, in order to extend the high resolution study 
of molecular spectra to wavelengths shorter than 
microwaves, down into the far infrared. My students 
and I worked on several possible schemes for 
producing waves shorter than those produced by 
klystrons or magnetrons — frequency multiplication 
by nonlinearities, electronic beams passing over sur- 
faces of solid materials with resonances, and anything 
else I could think of. None worked very well. 
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In early 1950, I was asked by the Office of Naval 
Research to form and chair a committee which would 
examine possible research towards obtaining wave- 
lengths down to one millimeter and shorter. I chose 
outstanding scientists and engineers in a variety of 
fields which might touch on this problem. We met 
together, and visited many pertinent laboratories and 
individuals interested in such research. Nothing very 
promising seemed to turn up. But we wanted, of 
course, to at least provide a report summarizing the 
situation as we saw it. Our last meeting was April 26, 
1951, in Washington, D.C. Worrying over our lack of 
success, I woke up early before the meeting. Breakfast 
was not ready, so I walked over to nearby Franklin 
Park, sat on a bench in front of beautiful blooming 
azaleas, and puzzled over why neither I nor the 
Committee had found any promising solutions. 

I went over all the ideas I had had previously. 
Molecules, of course, can produce high frequencies. 
But I had previously concluded, I thought wisely and 
rigorously, that one could not obtain intense radi- 
ation from them because radiation intensity was a 
function of temperature, and the temperature could 
not be very high without destroying the molecules. 
Suddenly I realized that they did not need to have a 
temperature in the usual sense — they need not be in 
temperature equilibrium. There could be more 
molecules in an upper than a lower excitation state, 
which could in principle produce indefinitely intense 
radiation. I pulled a piece of paper out of my pocket 
and wrote down the equations and numbers for such 
a case, using a molecule beam sent into a resonant 
cavity and ammonia molecules with which I was very 
familiar. My equations said one could get enough 
excited molecules, low enough loss in a resonant 
cavity, and it would work! Why hadn’t I thought of it 
before?! 

Back at Columbia, where I worked, and about 4 
months later, the graduate student Jim Gordon agreed 
to work on trying to obtain such an oscillator using a 
beam of ammonia. I assured him that if it didn’t work 
he could modify the experiment to do interesting 
spectroscopy and thus complete a thesis. But we both 
thought he had a good chance of making it work. And 
a young post doc working with me, Herb Zeiger, 
joined the effort. 

Actually, I had first thought of obtaining stimulated 
emission from a molecular beam back in 1948, but 
simply as a demonstration of physical principles 
rather than as a useful amplification. Also, about a 
year later a young post doc, J.W. Trischka, working 
on molecular beams with Professors Rabi and Kusch, 
had also thought of demonstrating stimulated emis- 
sion. We talked about it together, and he decided it 
wasn’t worthwhile just demonstrating the effect 


because it wouldn’t really prove any new physics. 
Neither of us at that time had recognized the real 
point and the possibility of useful amplification, 
which is one of the reasons mentioned above that the 
idea was delayed as long as it was. 

It is perhaps important to emphasize again and to 
illustrate how out-of-the-way the use of stimulated 
emission was at that time for physicists, and how 
distant stimulated emission was from engineers. 
While we were working on the ammonia beam 
maser, Prof. L.H. Thomas, an outstanding physicist 
known for the ‘Thomas Effect’, frequently would run 
into me in the hallway at Columbia University and 
say that I didn’t understand, and that my proposed 
ammonia oscillator could not work. However, I never 
got a clear explanation from him of what it was I 
didn’t understand. And after we had been working on 
the ammonia maser system for about 2 years (a more- 
or-less normal time for a student thesis project), the 
Physics Department Chairman, Prof. Polycarp Kusch, 
and the previous chairman, Prof. I.I. Rabi, came into 
my office to object. They were excellent physicists, 
both received Nobel Prizes, and both were experts on 
molecular beams. They sat down in my office and said 
‘Look, Charlie, that is not going to work. We know it 
won’t work and you know it won’t work. You are 
wasting departmental money, and must stop!’ Other 
people had also questioned what I was doing, 
frequently in particular whether the stimulated 
radiation would be coherent. So I had already 
thought over the situation many times. I had full 
notes from the quantum mechanics course I took as a 
student back in 1938, and could derive from them a 
proof of coherence. I felt also that I knew the 
quantitative numbers, such as the molecular beam 
intensity and the possible ‘Q’, or loss, in the cavity 
resonator, very well. I was also by then an Associate 
Professor, and the department chairman could not fire 
me simply because of stupidity. I replied to Rabi and 
Kusch ‘No, I believe it has a reasonable chance of 
working and I’m going to continue!’ Annoyed, they 
stomped out of the room. 

About 2 months after the Rabi/Kusch incident, Jim 
Gordon dashed into the classroom where I was 
lecturing and said loudly ‘It’s working!’ Most of the 
class then went up to the lab to see the new device. 
Rabi and Kusch were not against me; even though 
they were outstanding physicists, they probably just 
didn’t quite comprehend the device. A couple of 
months after its successful operation, Kusch more or 
less apologized by saying ‘Well, I should have realized 
that you probably know more about what you are 
doing than I do.’ 

After the maser successfully operated, there were 
other incidences showing the lack of appropriate 
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focus of physicists on stimulated emission. I was a 
friend of Aage Bohr, the son of Niels Bohr, and in that 
connection was visiting him in Denmark. Niels Bohr 
asked me what research I was presently doing, so I 
told him about our new oscillator, the maser, and its 
remarkably pure frequency. He looked at me and said 
‘Oh no, that’s not possible. You must be misunder- 
standing something.’ I emphasized again what it was 
really doing, but he still seemed not to believe it could 
function that way. I presumed he was thinking in 
terms of the uncertainty principle and the finite time 
of passage of a molecule through the cavity, though I 
never was quite sure just why he felt it impossible. A 
similar thing happened shortly after that at a cocktail 
party in Princeton, where John Von Neumann asked 
the same question — what was my research at the 
moment? After telling him about the maser oscillator 
and the purity of frequency he reacted very similarly 
‘Oh no,’ he said, ‘That can’t be right. You must be 
misunderstanding something.’ After arguing a little 
more, he left to get another drink. Fifteen minutes 
later he came back, saying ‘Hey, you are right!’ He 
had understood, and wanted to talk much more 
about the maser and of possibly using excited 
semiconductors. Only after his death did I learn 
from his notebooks that he had considered exciting 
electrons in semiconductors with neutrons from a 
reactor, and had written Edward Teller about whether 
some experiments might be done with this to obtain 
intense light. However, he had not considered 
coherence, and Teller was apparently not interested 
enough to respond, so the matter was dropped. 

The above account reminds me a bit of the amusing 
comments of Arthur Clark on ‘Change’. He writes: 

‘People go through four states before any revolu- 
tionary development: 


1. It’s nonsense, don’t waste my time 
2. It’s interesting, but not important 
3. I always said it was a good idea 
4. I thought of it first’. 


It’s clear that the world of physics was thinking 
very little in the direction of masers or lasers, and that 
many preconceptions as well as lack of interest stood 
in the way. My own experience with engineering at 
Bell Telephone Labs during World War I, in 
designing radar and electronic systems, plus my 
intense interest in obtaining short-wave oscillators, 
were clearly important in bringing me to the right 
ideas. 

As masers became very interesting to the physics 
community and the field grew rapidly, my engineering 
experiences continued to be of help. I was well 
acquainted with the theoretical examination of noise 


in vacuum tube amplifiers by various individuals at 
Bell Labs, and recognized that the maser could 
provide much more sensitive amplification than 
could common electronic amplifiers, where discrete 
electronic charges produce the basic noise. On 
sabbatical in France, I worked on electron spin 
masers with Jean Combrisson and Arnold Honig 
who had the appropriate equipment. And then in 
Japan, Koichi Shimoda, Hidetoshi Takahashi, and I 
wrote a theoretical paper on the basic quantum noise 
of maser (or laser) amplification. The theory showed 
that maser amplifiers of microwaves should be about 
100 times more sensitive than the existing electronic 
ones. 

After 2-3 years of maser experiments and devel- 
opment I felt I wanted to move on to the shorter 
wavelengths for which I had generated the maser 
idea. Although I had first tried the idea at microwave 
frequencies because that seemed the easiest way to 
test out the general idea and the result had been 
exciting, I still wanted those shorter wavelengths. I 
had not come up with any great ideas of just how to 
get to much shorter wavelengths, which is why I 
waited several years after the maser worked before 
moving on. However, in 1957, 3 years after the first 
successful operation of the maser, I decided it was 
high time to simply figure out what was the best way I 
could imagine to move on into the infrared region and 
do it. A number of physicists had concluded that of 
course one couldn’t make masers work at much 
shorter wavelengths, certainly not in the visible 
region, because spontaneous emission becomes so 
much faster as the wavelength is shortened and 
adequate inversion of population was not practical. 
But that was intuition, not quantitative science. As I 
wrote down equations for what might be done to 
move towards shorter wavelengths using a model of 
atomic or molecular excitation by radiation and a 
reasonably high Q resonator, it became clear that it 
was quite practical to move on even into the visible 
region. That was exciting! Why hadn’t I, or someone 
else, looked at it carefully and quantitatively before 
that time? 

I was at the time consulting at Bell Labs, with the 
assignment to spend a day there every 2 weeks and 
just talk with the Lab’s scientific personnel. Since my 
former post doc and now brother-in-law Arthur 
Schawlow was then at Bell Labs, I of course talked 
with him. On telling him of my ideas for an ‘optical 
maser’, using a resonant cavity and excitation of 
atoms with optical radiation, he said he too was 
interested in that, and we decided to work together to 
optimize a system. It was Art who then suggested use 
of a Fabry-Perot resonator rather than the cavity 
with large holes I had used for a model, and that was 
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an excellent addition. Why I did not think of that is 
a mystery, but Art had done his thesis at the 
University of Toronto in Fabry—Perot spectroscopy, 
and that might have been why the thought came 
to him. 

Since Art Schawlow was participating, I decided 
the patent for the new ‘optical maser’ should 
belong to the Bell Labs (I already claimed ownership 
of the basic maser patent, which covered all 
wavelengths). Hence we recognized that the new 
idea must be kept confidential until Bell Labs lawyers 
had worked out and applied for an appropriate 
patent. This delay in public information sheds some 
additional light on how the scientific and technical 
world was thinking at the time. I had written down 
my original ideas for an ‘optical maser’ in my note- 
book and had it witnessed by my student Joe 
Giordmaine at Columbia University. I had also talked 
with a Columbia student Gordon Gould because he 
had been doing research with an intense light source 
and I wanted to know how much intensity he had in 
order to be sure I could get enough excited atoms and 
provide an oscillator at these short wavelengths. 
Except for these two persons, neither Art Schawlow 
nor I told anyone outside of Bell Labs about the 
‘optical maser’, or laser idea until after Bell Labs had 
properly prepared its patent, which was about 11 
months after my first notebook entry. For that entire 
time, no one has produced a record of any thoughts 
about extending the maser to optical wavelengths 
except Gordon Gould, who entered some ideas in his 
notebook about 1 month after I talked with him 
about the possibility of an optical maser, and 2 
months after my original notebook entry. His notes 
were later to be the source of a long patent case. 

The striking observation is that no one outside of 
Bell Labs except Gordon Gould, to whom I had 
explained my ideas, seems to have written or noted 
down anything about extending masers to these 
shorter wavelengths during the 11 months from my 
recognition that it could well be done until after the 
Schawlow and Townes paper on how to do it became 
available. After that there was considerable excite- 
ment and a number of ideas. 

It is also noteworthy that, because of low general 
interest and competition, I did not publish a paper on 
how a maser might be made, but waited for 
publication until we demonstrated its operation, 
about 3 years after the idea had arrived. But after 
the maser worked the field became exciting and 
competitive. Hence, Schawlow and I thought we 
surely should publish a theoretical paper establishing 
the idea before taking the time to make a laser work. 
And indeed, there was much competition to build the 
first laser. 


I myself helped a couple of my graduate students 
start work on trying to build an ‘optical maser’ or 
laser. But at about that time (1958), I was urged to 
undertake a job in Washington as Vice President and 
Director of Research of the Institute for Defense 
Analysis, an organization put together largely by the 
presidents of several universities to try to help advise 
the government on matters of science and technology. 
Sputnik had gone up the year before, and everyone 
was worried about the position of the U.S. with 
respect to Communist Russia, which seemed to be 
ahead particularly in some areas important to 
defense. I decided I should try to help, and accepted 
a two-year appointment in Washington. I recognized 
that this seriously distracted my attention from 
developing a laser quickly, but knew there were 
many others working towards lasers and so such 
devices would certainly be developed and our doing it 
just at Columbia University was neither critically 
important nor highly probable. 

The field of masers and ‘optical masers’ or 
lasers was becoming so exciting and a bit scrambled 
that The Office of Naval Research asked me if I 
would organize a meeting on the subject. I did, with 
the help of a committee of many distinguished people 
in the field or closely related science and technology. 
And it was in a meeting of the Committee that we 
christened the field with the name ‘Quantum Elec- 
tronics’. This first international meeting on the 
subject was at Shawanga Lodge in New York State 
in September 1959. It made an occasion for the 
Russians Basov and Prokhorov to visit the United 
States (and my lab and home), and was about 6 
months before Ted Maiman made the first working 
laser. There were many interesting discussions of 
masers and their coming operation at optical 
wavelengths. 

It is significant to note that, while the maser 
grew out of basic research in universities (with 
Russian work at the Russian Academy) and industry 
had little to do with early masers, all the first lasers 
were made in industrial laboratories. This illustrates 
the sociology and the strengths and weaknesses of 
industrial and of academic laboratories. While masers 
(and from them lasers) originated from research on 
microwave spectroscopy of molecules, industrial 
laboratories believed the field of microwave 
spectroscopy had little to offer in the way of 
commercial results. Because of equipment 
available and the interest of physicists in industry, 
the field was initiated and pursued immediately after 
World War II in commercial laboratories — by myself 
at Bell Labs, my friends at the RCA Labs, at 
Westinghouse, and at General Electric. For lack of 
interest in industry, such work was soon shut down, 
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except at Bell Labs, and it moved to universities. Bell 
Labs generously allowed me to continue such work, 
although they wanted me to do some ‘more useful’ 
engineering. Once the field had obvious commercial 
possibilities, commercial laboratories began to sup- 
port it well and the clear importance of masers and 
lasers made industry very interested. Really interested 
industry can more easily put strong new resources 
and push harder on a field than can academic 
laboratories, where money has to be granted and 
professors have a variety of other assignments. The 
first laser was made to work, of course, by Ted 
Maiman at Hughes Research Laboratories. Ted had 
been a student of Willis Lamb at Stanford, and there 
worked on radio spectroscopy. The second type of 
laser, rather similar to Maiman’s but using a different 
material, was made to work at the General Electric 
Laboratories by Peter Sorokin and Mirek Stevenson. 
Sorokin had been a student of Bloembergen at 
Harvard in microwave or radio spectroscopy and 
Stevenson was one of my students in microwave 
spectroscopy at Columbia University. The next type 
of laser, and one I particularly admire, was made by 
Ali Javan, William Bennett, and Don Herriott. Javan 
had been a student with me in microwave spec- 
troscopy at Columbia University, Bill Bennett a 
student in the molecular beam group at Columbia 
working on radio spectroscopy, and Don Harriott 
was an optics specialist. All of these originators, with 
the exception of Herriott, had been working at 
universities in the field which originated the idea 
and were recently hired by industry. The next 
important laser, involving semiconductors, was 
invented by Robert Hall and collaborators at General 
Electric Labs. Note that every one of these early lasers 
was created in industry. 

After the first laser was operated, my own students 
at Columbia quickly turned from trying to make a 
laser to using lasers to explore more physics, the 
normal university function. And I am delighted that 
masers and lasers have provided such excellent tools 
for research, as well as for commercial and medical 
applications. 

After a few years of exploring new physics with 
lasers, I decided that since there were many excellent 
scientists doing such work, I should move into fields 
which it seemed to me were being relatively neglected. 
I moved to the University of California at Berkeley to 
look for molecules in interstellar space by microwave 
spectroscopy, and to do infrared astronomy. Very 
soon after initiating work at Berkeley, one of my 
students, Albert Cheung, not only discovered the 
first polyatomic molecules in space, he found 
powerful water masers. A while before our discovery 
of water and identification of its radiation as due to 


maser action, it had been deduced that some 
microwave radiation of OH must be due to maser 
action. And since then, many, many masers due to a 
wide variety of molecules have been found in 
astronomical sources as well as a few powerful lasers. 
Since deviations from thermal equilibrium are 
common in the very thin gases excited by powerful 
sources in space, we should have expected this, but 
didn’t. And these masers in space could have been 
easily detected with radio technology available 
back in the 1930s if anyone had searched the 
microwave spectrum carefully. 

Clearly, masers and lasers could have been dis- 
covered and used much sooner than they actually 
were. We simply were neither thinking nor looking in 
the right directions. And this raises the natural 
question — what important and more-or-less obvious 
ideas are we missing now because of our lack of 
imaginative exploration? 
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Editor’s Note 


The discovery of the first laser was a remarkable 
culmination of human creativity and ingenuity. 
However the achievement was finally made by one 
individual young scientist, Theodore Maiman, work- 
ing independently of the mainstream and without the 
benefit of strong government or private financial 
support. With persuasive arguments, he convinced his 
management at the Hughes Research Laboratories to 
allow him to continue his work, albeit with limited 
resources. And then, working alone with his assistant 
he saw the light that now illuminates the world of 
laser science and engineering. This is the story of how 
thinking outside the box created a new field of 
science, whose developing technology has advanced 
the state of medicine and engineering and the quality 
of life in general. 


Introduction 


Iam frequently asked how it was that I discovered the 
laser. Many assume that the concept evolved from 
some sudden, inspirational thought. It didn’t happen 
that way. 

It is dramatic and exciting to have a scientific 
discovery emerge from a dream or a vision that comes 
out of nowhere, but it seldom does. In reality, almost 
all scientific discoveries come from building on other, 
prior, scientific developments. 

So it was with the laser. In 1916, Albert Einstein 
laid the foundation and conceived the basic under- 
lying principles on which lasers are based. He 
formulated and explained the relations that govern 
the way that atoms and molecules absorb and emit 
radiation. He introduced the key concept of stimu- 
lated emission. Then, in the 1920s, physicists C.H. 
Fiichtbauer and Rudolph Ladenburg added formu- 
lations that used the Einstein theory to go further, and 
tie the absorption of light in a material medium to the 
fundamental properties of its constituent atoms. But 
it was the Russian physicist A.V. Fabricant who first 
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had the vision to propose the concept of a laser in 
1940. 

Unlike the Sun and other incoherent light sources, 
the laser produces light of one precise color. Its waves 
are emitted in phase with each other, and its radiation 
can be efficiently focused to a precise spot. In short, 
the laser produces coherent light, with the properties 
we were already used to with radio, television and 
microwave sources. 

Fabricant specified the conditions needed for 
amplification of light via stimulated emission. He 
appreciated the concept of an inverted population 
and the concept of coupling such an inverted 
population medium to a resonant structure (resona- 
tor). He proposed using a gaseous electrical discharge 
to achieve laser action as one possibility. Later, he 
proposed the use of a helium discharge lamp to 
optically pump the gaseous form of cesium. 

Scientists Purcell and Pound were the first to report 
evidence of net stimulated emission in 1951. Their 
observation, in the radio part of the spectrum, was a 
by-product of their pioneering developments in the 
techniques of nuclear induction, the foundation for 
magnetic resonance imaging. 

The first achievement of a working device that 
utilized stimulated emission as its operating principle 
was a microwave oscillator/amplifier. That device 
used a beam of ammonia molecules as the working 
medium. The design details were worked out 
independently by groups at the Lebedev Institute in 
the Soviet Union and Columbia University in the 
USA. The device was dubbed a maser, which is an 
acronym for microwave amplification by stimulated 
emission of radiation. 

In 1955, the year after I was awarded my Ph.D., 
I joined the Hughes Research Laboratory in Culver 
City, California. One of my major assignments was to 
head a project developing a miniature, liquid-nitro- 
gen ruby maser for the US Army Signal Corps. 


Race to the Light 


Before starting work on the maser I had begun to 
germinate some ideas about the possibility of a laser. 
My concept so far was to try to use a solid material 
for the lasing medium, and to fabricate the potential 
laser material into a rod shape. In microwave 
thinking this configuration would be called a dielec- 
tric wave-guide. In optics it is known as a light pipe. 
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I planned to put mirrors on each end of the rod to 
form a resonator. 

Despite the advances in physics it represents, the 
maser does not in any way extend the coherent 
electromagnetic spectrum. Furthermore, its use as an 
amplifier turned out to be impractical because 
cryogenic temperatures were required for proper 
operation. There was strong motivation to push the 
frontiers of coherent electromagnetic radiation to 
higher frequencies, principally the promise of higher 
energies and greater concentrations. The reduction in 
wavelength from microwave to visible is a factor of 
about 10*. This would lead to a consequent 10*-fold 
reduction in the minimum achievable focal size, and a 
108-fold increase in energy concentration delivered 
by the laser. 

Work on the maser project therefore proved 
something of a distraction, and it was not until 
August 1959 that I was able to devote full effort to the 
consideration and analysis of my concepts for a laser. 

Why would I be willing to enter such a race? There 
was rather formidable global competition already in 
play, well-funded and very competently manned. The 
answer lies in my knowledge of the proposals that 
had been floated about. Generally, the scientists who 
pursued these notions were not particularly secretive 
about what they were working on. They published 
and gave talks at conferences. On the whole, 
however, I found that the authors and conference 
presenters were only offering vague proposals. To be 
sure, this served as an exchange of information and 
stimulated ideas. But it didn’t appear to me that 
anyone was close to the answer. In short, no viable 
laser concept was yet in existence. 

As I look back, I was a little brash. I would be 
thrusting myself, in a sense, into a technological 
Olympics. The competition was of the best quality 
and of international scope. But my competitive spirit 
won out. The challenge of working in the top league 
of such an exciting project, that had so many 
questions and problems to resolve, was very compel- 
ling to me. 

We know now that many kinds of lasers can be 
made. But back then, in 1959, we didn’t know. We 
didn’t even know with any confidence if it was really 
possible to make a laser at all. My strategy was to 
limit myself to potential solutions to the making of a 
laser that did not have appreciable distractions in the 
design. That way I could focus strictly on just the 
laser problem itself. 

For various reasons I was reluctant to work on 
alkali-vapor or gas discharge systems. I chose to work 
with solid-state crystals. The main appeal that solids 
held for me was simplicity. By that, I mean simple in 


analysis and understanding, and simple in device 
conception. 

In contrast to a gas discharge, the energy level 
diagram in an appropriate crystal is very limited. 
There are relatively few possibilities for the energy 
states, and by and large, the pertinent parameters for 
a potential laser candidate are amenable to a 
combination of calculations and relatively straight- 
forward direct measurements. 

Another advantage, in principle, to a solid crystal is 
its relatively high gain coefficient. By that, I mean the 
amplification in a given length of material is of 
reasonable proportions. This meant that the laser 
medium could be relatively small in size and short in 
extent, and I would not have the problem of 
developing or depending on the use of special mirrors. 
Indeed, my first laser used a crystal that was only 
2 cm long. 

I was also intrigued with the concept of a solid 
medium since I would not have to deal with vacuum 
pumps, impurity problems and gas handling appar- 
atus, or complex mirror mechanisms. I could put 
simple silver mirror coatings directly on the crystal as 
I had done with my small ruby maser. In principle, a 
solid crystal laser could be designed to be very simple, 
compact and rugged. 

My first choice to study and contemplate was that 
of a ruby crystal. Ruby is the result when a water- 
clear cast of aluminum oxide is doped with a small 
amount of chromium oxide impurity. It is the 
chromium that is responsible for the red color. The 
rubies used for devices are usually not natural 
gemstones, which have a chromium impurity level 
of about 0.5%. The chromium concentration in 
device rubies is around ten times less than this, and 
hence they display a lighter red color than gemstone 
ruby and are referred to as pink ruby. 

Why choose ruby as a potential laser candidate? 
Most importantly, I was quite familiar with and 
fascinated by the interesting optical properties of the 
crystal. Ruby is a fluorescent mineral; if ultraviolet 
light is shone on a ruby, it will glow with deep red 
fluorescence. Furthermore, ruby also gives off a red 
glow when either blue or green light is shone upon it. 
It is these blue and green absorption bands that give 
ruby its red color. When a green photon impinges on 
and is absorbed by the ruby, a chromium impurity ion 
is raised from its ground state into a broad, excited 
band. Although the chromium ion has the possibility 
of radiating by spontaneous emission from that 
excited level, another process comes into play. The 
competing process uses the thermal vibrations of the 
crystal lattice to interact with the excited ion and 
deposit most of the excitation energy to another 
slightly lower excited level of the ruby chromium 
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Connect the clips to a LED and it will illuminate in only one direction. 

The colour of the LED will determine the voltage across it. You can measure this 
voltage if you want to match two or more LEDs for identical operation. 

Red LEDs are generally 1.7v to 1.9v. - depending on the quality such as "high- 
bright" 

Green LEDs are 1.9v to 2.3v. 

Orange LEDs are about 2.3v and 

White LEDs and IR LEDs are about 3.3v to 3.6v. 

The illumination produced by a LED is determined by the quality of the crystal. It is 
the crystal that produces the colour and you need to replace a LED with the same 
quality to achieve the same illumination. 

Never connect a LED across a battery (such as 6v or 9v), as it will be instantly 
damaged. You must have a resistor in series with the LED to limit the current. 


ZENER DIODES 


All diodes are Zener diodes. For instance a 1N4148 is a 120v zener diode as this is 
its reverse breakdown voltage. 

And a zener diode can be used as an ordinary diode in a circuit with a voltage that is 
below the zener value. 

For instance, 20v zener diodes can be used in a 12v power supply as the voltage 
never reaches 20v, and the zener characteristic is never reached. 

Most diodes have a reverse breakdown voltage above 100v, while most zeners are 
below 70v. A 24v zener can be created by using two 12v zeners in series and a 
normal diode has a characteristic voltage of 0.7v. This can be used to increase the 
voltage of a zener diode by 0.7v. See the diagram above. It uses 3 ordinary diodes 
to increase the output voltage of a 3-terminal regulator by 2.1v. 

To tests a zener diode you need a power supply about 10v higher than the zener of 
the diode. Connect the zener across the supply with a 1k to 4k7 resistor and 
measure the voltage across the diode. If it measures less than iv, reverse the zener. 
If the reading is high or low in both directions, the zener is damaged. 
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where it stays for a while. This latter process is much 
more probable and dominates. 

The energy from this third level is radiated as 
spontaneous incoherent emission. This spontaneous 
emission is made up of red photons and is the 
observed fluorescence. The level where the fluor- 
escence emanates is sometimes called a metastable 
level, since the chromium ions linger in that energy 
state for a comparatively long time before they 
radiate red photons. 

I developed a model that could be mathematically 
analyzed and I set up kinetic equations to take into 
account the various mechanisms taking place in the 
fluorescent process. I also set up simple intuitive 
criteria for establishing the condition for laser action. 
This model and these equations have subsequently 
become a standard way for others to analyze crystal 
lasers. 

I was able to determine which material parameters 
were important and relevant to a laser by getting the 
solution to the equations describing the model. Using 
known and estimated values for the pertinent 
parameters in ruby, I found that ruby would require 
a very bright pump lamp to excite the crystal 
sufficiently to allow laser action to take place. The 
brightness of a lamp is an important parameter for 
lasers. It is a measure not of the total power radiated 
by the lamp, but rather the power per unit area. 


Obstacles and Solutions 


Ruby has many desirable qualities. It is a very stable, 
very rugged crystal to work with. It has some broad 
pumping bands that make it helpful to get a 
reasonable energy transfer from an incoherent 
pumping lamp, and compared to some other crystals 
I considered (e.g., gadolinium-doped crystals), a 
working ruby laser would produce visible light. 

However, there was some uncertainty over the 
crystal’s measured quantum efficiency. The quantum 
efficiency for a fluorescent crystal is the number of 
fluorescent photons emitted, divided by the number 
of pumping photons. In the case of ruby, this is the 
number of red photons radiated out compared to the 
number of green photons absorbed. A report in 
November 1959 had suggested that ruby’s quantum 
efficiency was only 1%. This would effectively mean 
that it would be impossible for ruby to achieve laser 
action. However, I was able to make my own 
measurements of ruby’s fluorescent efficiency, and 
these showed that it was nearer 75%. 

I now had enough information that I could proceed 
to work out an actual laser design. But how would I 
pump the ruby? What would be the ruby’s shape and 
size? 


I knew that I needed a very bright lamp. Among the 
brightest around was a high-pressure mercury arc 
lamp manufactured by General Electric. In addition 
to being one of the brightest available laboratory 
lamps, it had the advantage of radiating most of its 
energy in the green and blue-violet parts of the 
spectrum. This was a good match to what I needed for 
the ruby. 

I drew up a paper design with the mercury arc lamp 
at the focus of an elliptic cylinder. A small ruby rod 
was to be mounted on the other focus of the elliptic 
cylinder. It is a property of an elliptically shaped 
reflector that a point of light placed at one focus of the 
ellipse will be imaged at the other focus. The elliptic 
cylinder that I had in mind would be highly polished 
on its inner surface to a mirror finish. 

But I had a problem. My paper analysis of the 
design showed that although it should work, it would 
only do so by a slim margin. I studied the design in 
more detail, looking for ways to optimize and 
improve it, but I couldn’t convince myself that it 
was anything but marginal. 

I stewed over the problem at hand. I started to 
think about other ways to look at the problem. I was 
frustrated: I felt that, on the one hand I was very close 
to an answer, but on the other hand it was eluding me. 

I went back to my analytical model. I pondered my 
options and decided to put the pumping lamp 
requirement for the ruby in a different form. I 
calculated the equivalent black-body temperature of 
a suitable pumping lamp. The temperature I calcu- 
lated to have enough brightness capable of driving a 
ruby into laser action was close to 5000K. By 
contrast an ordinary tungsten light bulb has a 
brightness temperature of about 2800 K. 

Once I put the pumping requirement in terms of 
brightness temperature, I began to think in a different 
way. I remembered reading an article about photo- 
graphic strobe lamps, a camera’s flash mechanism. 
The article said that strobe lamps could reach 
brightness temperatures of 8000 K or more. 

I now had my ‘aha’! 

Most scientists had been thinking in terms of a 
continuous laser, and that was certainly my thinking 
to start with. But why should I place such restrictions 
on myself? At this juncture I was only trying to 
demonstrate that coherent light could be made at all. 
Besides, a pulsed source is not only acceptable in 
many applications, it may even be preferable. 

I went back to my analytical model, modified the 
equations to account for a pulsed light source, and 
then analyzed the results to guide me in the actual 
laser design. I had already determined that the most 
important parameter of the light source would be its 
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brightness, that is, a lamp that maximized the power 
per unit area into the useful pump bands of the ruby. 

My calculations also instructed me that this lamp 
brightness requirement is largely independent of the 
ruby crystal dimensions and its chromium concen- 
tration over a reasonably wide range. The model 
assumption was that of a three-level system (appro- 
priate to ruby) where the lower laser-energy level is 
the ground state. 

Next, I scoured every flashlamp catalogue that I 
could find. I calculated the luminous intensity for 
promising candidates and found that the highest 
intensity came from three General Electric spiral- 
shaped flashlamps. My calculations showed that I 
would have an adequate margin of safety, in terms of 
excess brightness intensity for the laser, of some two 
to three times, even with the smallest lamp. 


Let there be ‘Coherent’ Light 


Based on my most current calculations and measure- 
ments, I was becoming optimistic about the possi- 
bility of creating a laser. The tension was building and 
I started to have dreams that I actually did it. It was a 
wildly exciting thought! 

Still, I was worried that I might be missing 
something. Instead of proceeding directly to the 
actual design, I decided to do an experiment that 
would check the validity of my model. 

I made up a cube of pink ruby with each dimension 
equal to one centimeter in length, about the size and 
shape of a sugar cube. The crystal axis was 
perpendicular to one set of faces of the cube. I then 
placed the cube between two parallel plates, thus 
forming a microwave cavity. The cavity resonance 
was designed to be equal to the natural ground-state 
splitting of the ruby. These are the ground-state sub- 
levels used in a ruby maser. 

The purpose of this arrangement and the sub- 
sequent experiment was to monitor the ground state 
population of the ruby. My calculations had shown 
that it would be possible to substantially reduce the 
ruby ground state ion population necessary to make a 
laser, but I wanted tangible evidence to confirm and 
justify my optimism. 

I was still harassed by the thought that no one had 
yet ever made a laser, although by now several teams 
of scientists had been diligently working away for 
nearly two years. Was there a fundamental insur- 
mountable problem that I had missed? 

I proceeded with the experiment using the ruby 
cube. As described above, one set of parallel faces of 
the cube served as the resonant microwave cavity. I 
connected one of the open (second set of) faces of the 
cube to one end of a polished quartz rod called a light 


pipe. The other end of the light pipe was connected to 
the flashlamp. The third set of faces of the cube was 
used to probe with selected wavelengths of light. I 
used the ‘loading’ on the parallel-plate microwave 
cavity to monitor the ground state population of the 
ruby, making use of the microwave properties of ruby 
that I had learned from my work on the ruby maser. 

When I flashed the lamp, the cavity loading did 
indeed change. It decreased because, as expected, 
there were fewer chromium ions in the ground state. 
More important, the magnitude of the population 
change, 3%, was very close to the value I had 
predicted from my analysis of the experimental 
parameters. This was an extremely gratifying result 
since it gave further confirmation to my model and its 
analysis. 

Now I was getting more excited. Since I couldn’t 
think of anything else to check, it was time to proceed 
with the definitive design of a laser. 


The Laser Design 


My first thought was to use some modification of the 
elliptic-cylinder configuration that I considered for 
the mercury arc lamp as discussed in the previous 
section. The problem was, I would need a straight, 
rod-shaped flashlamp, but the straight lamps in the 
catalogues that I checked didn’t have high enough 
intensity. Therefore, I resorted to a different design 
and stuck with what was available - the spiral- 
shaped lamps. I didn’t want to get sidetracked at this 
time into the development of a special lamp. 

It dawned on me that I would not have to devise a 
focusing arrangement, since the brightness of the 
radiation that is attainable at the focus of a mirror or 
lens can only approach, but not exceed, the brightness 
of the source. So, why not just place the crystal in 
close proximity to the lamp? That is, why not place 
the crystal inside the lamp helix? 

To help gather the light, I placed a polished 
aluminum cylinder around the outside of the spiral. 
To fit the lamp, I used a pink ruby crystal in the shape 
of a right circular cylinder rod, about 1 x 2 cm. The 
ends of the ruby cylinder were polished flat, parallel 
to each other and perpendicular to the axis of the 
cylinder. For mirrors, I used evaporated silver. 

I chose silver for the mirrors because it has the 
highest reflectivity of any metal at the deep red ruby 
laser wavelength. However, silver tarnishes quickly, 
and so with time, the thin output layer will change its 
transmission characteristics; it is not stable. To solve 
this problem, I had a thick layer of silver evaporated 
on both ends of the crystal and I scraped a tiny hole in 
the coating at one end. The laser beam would 
emanate from that coupling hole. 
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The Crucial Test 


As I neared completion of my laser design, Bob 
Hellwarth, one of my colleagues in the Atomic 
Physics Department, asked, ‘How will you know if 
it’s working?’ 

At first, I was concerned that if I were stuck with a 
ruby crystal that deviated too much from optical 
perfection, these imperfections could prevent measur- 
able laser behavior. 

To get a better understanding of the processes, I 
elaborated on my existing analysis to account for an 
imperfect crystal. I found that if I were able to drive 
the ruby crystal reasonably far above the point of 
inverted population, or laser threshold, that I would 
see very substantial evidence of an inverted popu- 
lation and impressive laser behavior even with a poor 
crystal. 

Just exactly what would I see? 

I planned to monitor the red light emitted from the 
ruby through the hole in the output silver coating and 
expected to observe three kinds of laser behavior 
evidence: a reduction in the decay time of the 
fluorescent level; the bunching of the radiation into 


a beam; and a significant reduction of the spectral 
width of the red light. 


The Laser Process 


Laser action can be understood by following through 
the operational details in the above-mentioned ruby 
laser design. The process starts when the ruby crystal 
is excited by the flashlamp and chromium ions are 
excited into the metastable fluorescent level. The ions 
lose energy by radiating randomly red photons. This 
is the familiar red fluorescence (spontaneous radi- 
ation). 

When the excitation level is great enough, that 
revered ‘inverted population’ condition is reached. In 
that case, more chromium ions are in the ruby’s 
metastable upper fluorescent level than are in the 
ground state. Therefore, chromium ions can radiate 
by stimulated emission as well as by the normal 
spontaneous emission process. 

Because the metastable level now empties much 
faster than it normally would, the fluorescent lifetime 
is reduced. That decreased lifetime can be observed 
by monitoring the red ruby glow with a photoelectric 
cell connected to an oscilloscope when the ruby is 
flashlamp-excited. 

When the ruby is in the inverted population 
condition, as explained previously, it becomes an 
amplifier. The red photons are amplified as they 
progress through the crystal. 

An important selection process starts to take place. 
The red photons are initially emitted in random 


directions. But the fluorescent photons that happen to 
be radiated at large angles to the mechanical axis of 
the ruby cylinder are lost through the sides of the 
crystal. On the other hand, photons radiated along 
the crystal axis, or at small angles with respect to the 
crystal axis, are in effect, trapped. They are reflected 
when they strike either one of the end mirrors and 
move back and forth through the crystal. As these 
axial photons move through the ruby they are 
amplified and consequently generate more photons 
in the same direction. They quickly become the 
dominant stimulated radiation from the excited 
metastable level. 

Keep in mind that photons moving through the 
crystal are responsible for the stimulated emission. 
The axial photons pick up a following and march 
down that crystal axis. Consequently, the photons 
that emerge from the coupling hole in the output 
silver mirror are concentrated in a direction along, or 
nearly along, the crystal axis. 

The red ruby fluorescent (spontaneous) emission 
extends over a distribution of frequencies in a curve 
that resembles a bell shape. The fluorescent photons 
are most concentrated at the center of that curve. 
When the inverted population condition exists, the 
top of the curve has the highest amplification. The 
consequence is (as with the discussion of beam angle) 
that photons near the center of the distribution are 
favored, since it is these photons that get amplified 
most in the back and forth transits, through the 
crystal from the multiple mirror reflections. It is this 
last process that explains why the frequency distri- 
bution, the linewidth of a laser, is so small. 

I planned to vary the excitation to the flashlamp. In 
doing so, as explained above, I would expect to see a 
reduction of the fluorescent lifetime giving evidence 
of stimulated emission. As I varied the ruby excitation 
level, the fluorescent intensity should increase pro- 
portionately, as long as I was below threshold. But, 
when above threshold, small increases in excitation 
should make much bigger changes in the output since 
the detector and monochromator combination are 
more responsive to the smaller beam and narrower 
linewidth. 


Do it! 


It was the afternoon of May 16, 1960; it was time to 
confirm or deny all the fears of why ‘ruby can’t work’ 
or why ‘lasers can’t be made to work.’ No more 
new calculations, no more diversionary experiments. 
This was the moment of truth! 

The laser head was mounted on a workbench. The 
flashlamp was connected to the power supply. 
The trigger electrode was connected to the spark 
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coil (the mechanism that initiates the flash from the 
strobe lamp). The light output from the coupling hole 
in the end of the ruby was directed through the 
monochromator to a photomultiplier tube. The 
electrical signal from the photomultiplier was con- 
nected to an oscilloscope. 

Irnee D’Haenens, my laboratory assistant, and I 
were the only ones performing and observing the 
experiment. We first took a test shot so that we 
could adjust the monitoring equipment. We turned 
the power supply up to about 500 volts. We fired the 
flashtube. Indeed, we observed a trace on the 
oscilloscope! 

The trace was a recording of the red ruby 
fluorescence. The decay in the trace was about three 
milliseconds, the lifetime of the upper possible laser 
level. We made the appropriate adjustments to 
optimize the monitor display. 

We continued. We progressively increased the 
supply voltage, each time monitoring and recording 
the light output trace. As we did so, the peak output 


increased proportionately to the energy input, the 
decay time remained the same. So far, so good. 

But, when we got past 950 volts on the power 
supply, everything changed! The output trace started 
to shoot up in peak intensity and the initial decay time 
rapidly decreased. 

Voila. This was it! The laser was born! 


The Light Fantastic 


When Irnee and I observed the first laser go into 
action, Irnee was smiling and jumping up and down 
with glee. I was numb and emotionally drained from 
all the tension and excitement. 

Imagine: in the 10 years prior to the laser, the 
coherent electromagnetic spectrum had _ been 
extended by perhaps a factor of five. Now, with the 
advent of the laser, there was a quantum jump in that 
spectrum of ten thousand! 

The significance of my historic accomplishment 
didn’t sink in right away. I’m not sure that it has yet. 
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The date, twelve of December nineteen sixty, and the 
time, 4:20 PM, are the date and the time of an event that 
triggered such an imortant segment of what has now 
evolved in modern optics. Here is how: 


It had snowed heavily on that day. The laboratory 
at Murray Hill, New Jersey, the Bell Telephone 
Laboratory, BTL, had been closed at 4. What 
occurred was a triumph of our depth of under- 
standing of the atomic spectra, the physics of the 
inter-atom collisions and electron impacts and 
exchange effects, the fascinating sequence of what 
takes place in a gas discharge plasma when the 
discharge is switched on. The triumph was also that 
of the art in spectroscopy, this time that of the 
colorful glow of a gas discharge plasma in a 
controlled mixture of helium and neon. Performing 
the spectroscopy, one could effectively watch and 
follow a set of fascinating physics effects in the 
discharge plasma, that would lead to an inversion to 
set-in in a specific transition between a high-lying pair 
of energy levels in neon, by the now well-known 
transition at 1.15 wm wavelength in neon. Helium 
atoms in a metastable state in the discharge plasma 
played the key role. 

On that day: The laser had already been de-gassed 
for 5 days and nights at 600°C under the high 
vacuum, to drive off the impurities prior to introdu- 
cing the gas mixture in the laser-plasma quartz tubing 
and sealing it off. We had a way to optimize the 
mixture, at the exact mixture ratio for the optimum 
inversion and the laser gain at the 1.15 ~m neon 
transition wavelength. The laser design had a daring 
interferometer length one meter long. Why daring at 
one meter long, I will have a chance to explain why 
below. The laser-mirrors at each end of the one-meter- 
long interferometer were situated internally in the 
laser, exposed to the gas mixture. Two fine 
micrometers at each end of the laser provided the 
fine control for the laser-mirror alignment control 
externally. 

To convey the scene, we had known already, that 
the inversion and the laser gain at the 1.15 im neon 
transition will be higher in the discharge ‘afterglow’, 
the afterglow following rapidly switching-off the 
discharge. The inversion and the laser gain at the 


1.15 wm wavelength, we knew, would last for as long 
as a millisecond in the afterglow. Certain that the 
inversion and the gain will be higher in the afterglow, 
we had set-up the electronics to switch on the 
discharge for about 10 milliseconds, and switching 
it off fast at a one microsecond switch-off time, and 
leaving it off for the same 10 milliseconds time 
interval, and repeating it at a low rep-rate, about 20 
times a second on that day. Expecting that while 
searching for the laser signal, the laser will first break 
into oscillation in the afterglow where the laser-gain 
will be higher, knowing that pulling it into the glow 
afterward will be easy. 

With me on that day I had two of the three good 
people who worked with me on the experiment. One 
of the two, Donald Herriott, was about to miss his car 
pool. He had his hand at the time on the laser—mirror 
tuning-alignment, the fine micrometer at one end of 
the laser interferometer on his side. I had my back 
towards the oscilloscope that would display the laser 
signal, aligning the detection system. My journey had 
begun over two years previously. I was certain on that 
day, and at that time, that possibly right then, or no 
later than hours later or by midnight, the moment 
would come for me and others that I had with me, to 
witness the onset of the event sought after so hard. 
And then.... 

I had my back towards Don Herriott, urging him to 
stay a bit longer. I heard Don’s voice, saying ‘What is 
that?’. I turned and looked. The laser signals in the 
discharge afterglow on the oscilloscope screen, 
synchronized to the gas discharge rep rate. I reached 
the laser interferometer fine-tuning micrometer on my 
end...a gentle tuning, in a mere few seconds time, 
optimized the afterglow signal, and then pulled the 
laser signal right into the glow. I loudly called on ‘Ed’ 
to switch on to CW. He, Edward Ballick, jumped over 
the equipment and the electronics on the floor in the 
lab, reached the switching electronics, switched it on 
to CW: 


The laser signal on the oscilloscope...switched to 
CW...a coherent light beam... CW... continuous... 
and at a degree of coherence... that as it proved later 
and I know then... to the limits that the laws of nature 
will permit. I looked at my watch, 4:20 PM. 


The year 1960 was the beginning. Some months 
earlier, in the summer of that year, Theodore Maiman 
at Hughes Laboratories, in Malibu, CA, succeeded to 
operate an optically pumped laser, operating in short- 
duration laser pulses, the Ruby laser at 0.694 wm. 
That approach to the laser differed fundamentally 
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from the discharge plasma approach. The two were 
different inventions and served different purposes. 
One, the optically pumped, converts the optical 
energy in the pump, to the laser light output. The 
other, electrically pumped, converts the electrical 
energy in the electrical current that excites the laser 
plasma, to the laser light output. The rest on how 
things evolved is history. 


The Scene Before Lasers 


Before lasers, optics had long passed its peaks. The 
last words had been written by Born and Wolf in 
1957, in an impressive volume on Physical Optics. 
When I went through my graduate studies at 
Columbia University in the early fifties, there were 
no graduate courses offered in optics. The subject was 
dealt with incidentally in courses in electricity and 
magnetism. Action was all on the microwaves at the 
time. Optical spectroscopy had reached its peaks 
much earlier yet, before World War II. Condon and 
Shortly had written the last words on Theory of 
Atomic Spectra in 1935, amazingly, as it seems, in 
hardly a decade after the discoveries in quantum 
mechanics. As events had it, optics gave way to the 
microwaves after the war, and optical spectroscopy to 
the RF and microwave spectroscopy — and all this, a 
result of the discoveries in Radar at the microwave 
frequencies in World War II. 

We owed everything we knew of the atomic spectra 
to the gas discharges used as spectroscopic light 
sources at the time, from the high-resolution spectra 
of the hydrogen atoms at one end of the periodic 
table, to that of the trans-uranium elements on the 
other. We need not be reminded, everyone knows, 
how much we owed then and do now, to the high- 
resolution spectra of the hydrogen atoms, all because 
of the early hydrogen discharge light sources and then 
at the beginning, what led to the discovery of the 
quantum mechanics, and the wave nature of the 
atoms. The excitement that followed has remained 
unparalleled in physics since. Within hardly a decade 
after as a result, the cleverly designed spectroscopic 
gas-discharge sources, of different makes and designs, 
exhaustively revealed every feature predicted by the 
quantum mechanics in the high-resolution spectra of 
every element we know in nature. Gas discharge light 
sources set the course at the time, as did the lasers 
after the events in 1960. 

Optics had given way to the microwaves in the 
fifties after the war. The physics of the gas discharges, 
however, continued as an active research field after 
the war, although of short duration. Bell Telephone 
Laboratory had a most distinguished research depart- 
ment in gas discharges in the early fifties. Towards the 


late fifties, as it seemed, the gas discharges as a field in 
research, also seemed to have been exhausted. The 
payoff at the time had evolved in the colorful neon 
light sources and fluorescence lamps, a thriving 
industry all over the country. 

In the summer of 1958, Bell Telephone Laboratory 
had dissolved their research department in gas 
discharges. They had transferred every one of their 
distinguished research people to the other research 
areas in the laboratory. Some good people had left 
earlier, already. 

As the fate in gas discharge physics had it, I joined 
the Laboratory in September 1958 — with ZERO 
backgrounds in gas discharge physics. I knew physics. 


How Things Evolved 


It has been said that when time is ripe for a new idea, if 
one person misses it, the next one will not. Time was 
ripe in the late fifties for the optically pumped idea for 
the laser, but far from it for the electrically pumped. 
Optical pumping was an active field in research at the 
time. The French had introduced the ‘pompage optic’, 
the optical pumping. With the French pompage optic, 
one would by optical pumping, resonantly excite an 
atomic species from its ground into its excited 
electronic state, and perform a double-resonance at 
an RF frequency ona fine or hyperfine structure of the 
excited electronic state. There were other versions of 
the French pompage optic. Each version used the 
optical pumping to induce resonantly, an atomic 
species into an excited electronic state. 

Important, and more so, in the fifties, in the second 
half, the discoveries of the three-level masers at the 
microwave frequencies had attracted much attention. 
The three-level masers are the counterparts at the 
microwaves of our now optically pumped lasers. In 
three-level masers, one drives to saturation a pair of 
energy levels at microwave energy-spacing in a 
paramagnetic solid, and allows the inversion and 
the gain to set-in in a transition to a low-lying third 
energy level at the microwave frequencies. Nicholas 
Blumbergen at Harvard had proposed the three-level 
maser idea in an important publication in 1956. I had 
my own original three-level maser ideas, and had 
them published in 1957. In my work I had discovered 
a fascinating new effect, and for the first time, that in 
the transition to a third level in a three-level maser, it 
will be possible to drive the maser into its self- 
oscillation, without requiring the inversion. The 
effect had led me to the idea of the Raman masers, 
requiring a ‘pumping’ microwave field, followed by a 
Raman transition across a pair of energy levels at 
microwave energy-spacing. In my publication of the 
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effect, I had also considered the pumping field at an 
optical frequency, instead of at the microwave. 

The ideas were ‘in the air’ at the time, to extend the 
three-level maser approach into the optical frequen- 
cies. Yet, in the summer of 1958, on an occasion in 
June of that year, I think on the first Monday in June, 
flashed through my mind a far different approach, all 
because of the helium metastables. Ideas always come 
to mind in a flash, the rest follows. 


Summer of 1958: A Bit of History 


I think it was on the first Monday in June 1958. I had 
been on an occasion visiting the Bell Telephone 
Laboratory (BTL) on that day. They had approached 
me that I join their research staff at Bell. My work on 
masers — I had done as a part of my post-doctoral 
research position in physics at Columbia University in 
New York City - had in part overlapped the then 
ongoing work at Bell. They knew me, and I knew Bell. 

At the visit meeting with Arthur Schawlow, whom I 
knew well, he gave me his news on that day, that he 
and Charles Townes, had submitted to the Physical 
Review a paper for publication proposing an opti- 
cally pumped counterpart of a three-level maser at the 
optical frequencies — by-now, the well-known 
Schawlow—Townes optically pumped laser publi- 
cation. Specially, I was attracted to Schawlow’s idea 
on a two-mirror Perot—Fabry-type interferometer as 
a resonator at the optical frequencies for the laser. 
The use of it in that publication was Schawlow’s idea. 

My thoughts, it may seem paradoxical, right there 
and then moved far away from an optically pumped 
laser as a possibility. The helium atoms in a 
metastable state flashed through my mind. I will 
avoid explaining why or how, other than, of a three- 
level atom, two of the levels were now to belong to a 
different atomic species, the helium atom, and that 
there will be no optical pumping ... and so much 
‘electrical energy’ could be converted to and stored in 
the energetic metastable helium. A new possibility 
presented itself, with no resemblance to the optical 
pumping — an energy-exchange effect taking place 
resonantly, between the highly energetic helium 
metastables, and — as it evolved — another inert gas, 
the neon atoms in a helium—neon gas mixture. The 
resonant nature of the effect embodied everything we 
know of the wave nature of the atoms. I will have a 
chance to explain the effect shortly below. 

Driving home at the end of the day on that day, a 
two hour drive from Murray Hill, New Jersey to 
uptown New York City, the thought of the metastable 
helium had crystallized before me the task to examine 
the effect in a helium-plasma in a gas discharge, in a 


gas mixture with the other four well-behaved inert 
gases, from neon through xenon. There are four. 

Within weeks in June, searching through the 
literature I learned, that over the years, and mostly 
in the early fifties, the helium plasmas in a gas 
discharge in mixtures with every other inert gases had 
been the subject of most extensive research, except in 
a mixture with neon. The mixture with neon, for 
the reason that the reader will find below, had 
been thought of as uninteresting. The matter was 
left for me. 

I had accepted in June already, to join the Bell 
research staff at Murray-Hill, and I did on September. 
From my work that entire summer, unfolded the 
entire theory for the helium-neon gas laser. There 
was also another far-reaching offshoot. 


The Physics Effect 


Next to the hydrogen atom, the helium is the most 
fundamental of all atoms in physics. Hydrogen has one 
electron. Its spectrum, detached from the complexities 
of the multi-electron atoms, carries the entire signa- 
ture of the wave nature of the atom, in ways that are 
subject to accurate predictions and the measurements. 
The helium atom has two electrons. Its spectrum 
carries the entire signature of the physics effect of the 
entire multi-electron atoms, also in ways that are 
subject to accurate predictions and the measurements. 
In its metastable states, it carries special dynamic 
features, deeply fundamental, and special only to the 
helium metastables. 

In a gas discharge in pure helium at a moderate gas 
pressure, the discharge color takes on a grayish-white 
with a tint of blue. Over 500 excited electronic states 
in helium have been identified — their excitation by the 
energetic electrons in the discharge, followed by their 
spontaneous radiative decays, the emissions of 
photons, accounts for the high-resolution spectra of 
the discharge grayish-white with a tint of blue in 
color. Of these 500, all of them, high lying in energy, 
are short-lived radiatively, with the exception, how- 
ever, of two amongst them. The two have the lowest 
excitation energy. Their radiative decays to the 
ground electronic state are deeply forbidden; 
they cannot decay radiatively. The two form the 
well-known helium metastables, identified by their 
spectroscopic designations: *S,/7, the triplet S one 
half, and 'So, the singlet S zero — generally 
referred to in the literature as, the triplet S and the 
singlet S metastables. Of the two, the triplet S 
metastable has the lowest excitation energy. It lies 
at 19.8 electron volts (eV), above the helium 
ground state. The singlet S metastable lies higher, at 
20.2 eV. 
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Helium atoms in their ground electronic state are 
chemically inert. A helium atom’s two electrons form 
a closed shell. It cannot enter in a chemical reaction, 
neither with its own species, nor with any other, as we 
all know. The situation is, however, far different with 
every one of the 500 excited electronic states in a 
helium gas discharge. They are energetically high- 
reactive, except, and with the exception of the two 
metastables, they are all short-lived, and cannot play 
an important role. 

The effect manifests itself differently in the long- 
lived metastables, and accounts for their special 
dynamic features, special only to the helium meta- 
stables. What follows outlines the effect. 


Dynamic Features: Why so Special 


By far the majority of the atoms in the helium gas 
discharge are in their inert, ground electronic states. 
Once in its energetic metastable state, a helium 
metastable in the gas discharge encounters in an 
impact — in a collision — with a helium atom in its 
ground electronic state. The encounter in the impact 
is of a short duration in our scale of time, but long in 
the atomic time-scale, of about 2 x 107'° second, a 
fifth of a picosecond. What occurs is strictly wave- 
mechanical, dictated by the wave nature of the 
electrons in the atoms. During the encounter, the 
electron wave functions in the encountering atoms 
overlap momentarily. A momentary binding occurs. 
In no ways can one tell during the encounter which 
electron is which: Electrons are the properties of their 
wave functions — once overlapped, individual elec- 
trons lose their identity, in no way can one tell which 
is which. As the atoms fly apart, caused by the 
kinematics of the impact, an electron exchange 
occurs, wave-mechanically. The helium atom initially 
in its ground electronic state, will fly away from the 
encounter with one of its two electrons now in the 
highly excited energetic metastable state. The other, 
the one initially in the excited metastable state, 
emerges from the encounter in the unexcited ground 
electronic state. 

At a gas pressure in the discharge of about one torr, 
a millimeter, the mean free-time between two impacts 
is about one microsecond, a very long time in the 
scale of the atoms. The helium atom that flew away 
from the encounter in the metastable state remains in 
its now metastable state, during the entire mean-free 
collision time. Once it encounters the next helium 
atom in its ground electronic state, the act repeats 
again, a momentary binding occurs, an electron 
exchange takes place, and a new metastable flying 
away. The effect repeats over and over again, at about 
every microsecond. A diffusion of the metastability 


through the helium in the discharge sets in. Depend- 
ing on the diameter of the discharge tubing, it takes 
about a millisecond until the helium that emerges 
from the encounter in the metastable state reaches the 
walls of the discharge tubing. The act will then 
terminate, in a most violent collision effect with the 
wall. The energetic metastable helium knocks out an 
electron off the wall, as itself emerges from the 
collision in its ground electronic state — all intact. 

With one exception, the encounter between a 
helium metastable with any species other than of its 
own kind, a helium, is energetically highly violent. 
The exception is the neon atoms. In encounters with 
all atomic species other than neon, the metastable 
helium knocks out an electron off the species, ionizes 
the species, and itself emerges from the encounter in 
its ground electronic state, intact. The ionizing 
impacts had attracted so much attentions in the 
early fifties, the effect in the helium gas discharge in 
mixtures specially with every other inert gases, had 
been exhaustively investigated, except with neon. 
Neon has its ionization potential higher than the two 
metastable excitation energies. It can not undergo an 
ionizing impact with either of the two metastables. 
The mixture with neon had thus been considered 
uninteresting, and was discarded. 

What emerged by the end of the summer of 1958 
was the entire theory for the helium neon laser — 
and the recognition of a deeply wave-mechanical 
effect, the resonant energy exchange taking place 
between the energetic helium metastable and an inert 
neon atom in the discharge gas mixture. In the 
mixture, a momentary binding occurs between the 
helium metastable encountering an inert neon atom in 
the gas discharge. Wave-function overlaps occur for 
the electrons in the encountering atoms. A resonant 
energy exchange takes place during the encounter. 
Helium metastable will fly away from the impact in its 
now ground electronic state, while neon emerges in 
one of its high-lying excited energy states, at the 
near-resonant with the helium metastable. 

A special effect sets in in the energy exchange, as 
well. The kinetics of the impact in the encounter 
enters in satisfying the exact resonance in the energy 
exchange. The singlet S metastable flying away from 
the encounter after the energy exchange, will be 
slightly ‘cooler’ kinetically, and the triplet S flying 
away from the encounter after the energy-exchange, 
will be slightly ‘hotter’. The kinetic energy of the 
impact enters in the energy exchange. 


Optical Gain and Amplification Effect 


Within weeks, early in the summer of 1958, 
investigating the energy transfer effect led to the 
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prediction that there can be inversion and optical gain 
in two sets of transitions in neon, one as a result of the 
excitation transfer from the triplet S metastables, and 
the other a result of the transfer from the singlet S. By 
far the more challenging task that summer, however, 
was to estimate theoretically the values for the gain 
and amplification factors obtainable for the predicted 
inverted transitions, and more specifically, for the 
inverted transitions that will have the highest gain 
and amplification factors. There followed the theor- 
etical estimates on which relied the entire experimen- 
tal phase of the work, the planning of it commenced 
within weeks after my joining the Bell Telephone 
Laboratory on September of that year. 

The set of transitions originating from the triplet S 
energy transfer to neon, occur in the near-red region of 
the spectrum, the 1m wavelength region. The 
strongest inverted transition at the highest predicted 
gain value, lies at 1.15 jm transition wavelength, the 
spectral laser line that first broke into self-oscillation 
(see the opening page in this article). The set of 
transitions originating from the singlet S energy 
transfer to neon occur in the red-yellow region of the 
spectrum. The strongest, although at less gain- 
value than 1.15 wm, occurs at the 0.633 wm in the red. 

In the early phase of the investigation, it came to 
light also that the achievement of the inverted 
transitions with optical gains, was, interestingly, a 
commune occurrence in gaseous discharges in a 
variety of the atomic species, including in pure 
neon. However, the complexities in the excitations 
by the hot electrons of the high-lying energy levels, 
and in particular in the presence of the secondary 
excitation mechanism, and a list of other similar 
effects, in no way would allow a quantitative estimate 
of the gain and amplification factors in the inverted 
transitions obtainable in the gas discharge. 

The reliance on the excitations of the high-lying 
energy levels in neon via the resonant energy transfer 
from the helium metastables, as per the physics effect 
I have outlined above, placed at my disposal the one 
gas discharge system that lent itself to the theoretical 
estimates of the predicted optical gains and the 
amplification factor for the inverted transitions. 

Without a knowledge of the predicted values for 
the optical gain and the amplification factor, it would 
have been in no way possible to perform the 
experiment. 


Experimental Phase 


The Bell Telephone Laboratory, considered as a 
foremost research institution in the country at the 
time, operated at a $250 million yearly budget — in 
1960s’ dollars. Transistors had been invented at Bell 


in the forties. With the awareness at the time at Bell, 
that a light beam at the degree of frequency-purity 
and the coherence expected of the laser, will have far- 
reaching consequences on the telecommunication 
technology, without hesitation I received from Bell 
an open ticket to do what it takes — one key person in 
the administration understood in-depth my approach 
to the laser — via the gas discharge and the physics 
effects I had invoked. Within weeks following joining 
Bell in September, I had my planning underway for 
what came to be known in a short while later, as a 
most aggressive research in gas discharges — and at a 
time when Bell had already, in the summer of 1958, 
dismantled the entire research activities in gas 
discharges at Bell. That speaks a great deal for Bell 
at the time ... at the time before the AT&T break up. 

In lasers, the knowledge of the full length of the 
amplifying medium across which the optical gain 
obtainable at the laser transition will suffice to drive 
the laser into its self-oscillation, will dictate the full 
length of the laser interferometer resonator. The 
spacing between the two high-reflectance interferom- 
eter end-mirrors will have to accommodate the full 
length of the amplifying medium, thus dictating the 
interferometer full length. With respect to the mirror 
reflectivity obtainable at the time, one had to be 
content with the values at the highest close to 98%. 
The highest gain transition from my theoretical 
estimates, that of the neon transition at the 1.15 wm 
wavelength in the near-red, indicated an interfero- 
meter length of no less than 50 centimeters, or possibly 
as long as one meter — and there lay the challenge, 
achieving the required degree of parallelism needed 
for the interferometer end-mirrors at such spacing. 
One could show, from simple inspection, that the 
parallelism needed for the mirrors had to be at values 
better than one part in several-hundredths of a 
wavelength. This value applied to the use of the flat 
interferometer mirrors known to me at that time. 

An alignment to such a degree of accuracy could 
well be obtainable at the time for Perot—Fabry-type 
interferometer mirrors at the mirror-spacing not 
exceeding about eight or ten centimeters at the 
most — where one would rely on the observation of 
the interference fringes using the available spectro- 
scopic light sources to observe the fringes, a principle 
well known in physical optics. At longer mirror 
spacing, the spectroscopic light sources lacked the 
degree of coherence, the color purity, needed to 
observe fringes for the mirror alignment. The fringes 
will get wiped out. 

These days, using a helium—neon laser light source 
available at every laboratory in optics, one can align 
a two-mirror interferometer at tens of meters 
mirror-spacing, or hundreds, or even as far apart as 
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several miles in some experiments. Ideas are floating 
around now of the possibility, using gas lasers, to 
align mirrors placed on satellites in orbit, with the 
mirror on two different satellites at controlled spacing 
as far apart as thousands of miles — the experiment 
thought of is that of the detection of the gravity 
waves. Without a laser operating and available at the 
time, in no ways would it have been possible to align 
an interferometer at a daring mirror-spacing as far 
apart as one meter, or even half as long. One had to 
rely on an auto-collimator, an optical instrument that 
at the best would provide an alignment to within one 
or two wavelengths, nowhere sufficient to drive the 
laser into its self oscillation. 

The challenge mapped the entire course for the 
experimental phase, foremost aimed at showing 
every feature of the predicted effects experimentally, 
from the energy transfer effect, to observing and 
measuring the gain and amplification effect in the 
predicted inverted transitions in neon. The feat was 
that of the art in spectroscopy. The observation of 
gain and amplification effect was a highlight in the 
course of the experiment. Up to that point, in optical 
spectroscopy, one always measured the spectral lines 
in either emission or in absorption. The feat was the 
first in spectroscopy, observing the spectral line of an 
atomic species not in absorption, but in amplifi- 
cation — the amplification of an external light source 
transmitted through the gas discharge in the experi- 
ment. The feat, yet, lay in the art in spectroscopy, 
throughout the experiments. 

The event at 4:20 PM in December two years later, 
speaks for itself. 


It may seem now, as if one needed an operating helium— 
neon laser at the time, to align the laser mirrors for the 
first operating helium—neon laser. It seemed evident 
from the beginning, that the presence in the very first 
helium-neon laser, of the optical-gain at the predicted 
value in the predicted inverted transition, will guide 
achieving the alignment of its own mirrors, to the exact 
optical degree of the alignment accuracy needed for the 
self-oscillation. Driving the laser into its self-oscillation 
signaled the feat. The feat, however, was that of the 
power in spectroscopy, making it possible to predeter- 
mine the presence in the first helium—neon laser, of the 
optical gain, at the predicted optimum value needed for 
self oscillation. 

There were doubters and doubters, in the technical 
staff and the administration at Bell. Donald Herriott, 
William Bennett and Edward Ballick collaborated with 
me in the experiment. 


The Impact 


Within months of the publication of the work in 
January 1961 in the Physical Review Letters, walking 


through the long hallways at BTL where the 
laboratories were situated, one could see through 
the open doors in many laboratories down the long 
halways, the pink colors of long helium—neon gas 
discharges plasma tubing, with people in the labs 
searching for new laser transitions. BTL had revived 
the gas discharge research activities they had dis- 
mantled in the summer of 1958. Not surprisingly, the 
second set of new laser transitions driven into self- 
oscillation took place at Bell in 1962, that of the set of 
transitions in neon originating from the energy 
transfer from the helium singlet S metastable — with 
the most intense in the series, that of the by now well- 
known 0.6328 wm neon transition in the red. There 
followed the discoveries of the argon—ion gas laser 
and shortly thereafter the CO, gas laser, the two 
amongst the foremost in the many new gas lasers 
driven to self-oscillation at Bell. 

Every gas laser discovered since the December 12 
event, has enjoyed the use of a ‘no-longer’ a ‘daring’ 
‘long’ interferometer resonator, merely because one 
would use a He-Ne laser to pre-align the laser 
mirrors to within a small fraction of the wavelength 
needed, prior to searching for a new laser line in the 
gas discharge chosen for the search. The already 
aligned resonator removed the need to predetermine 
the presence of the gain and the amplification effect at 
the values needed for self-oscillation. Within a span of 
about a decade, virtually hundreds of different gases 
were driven to self-oscillation with this method, 
operating literally at thousands of different wave- 
lengths, ranging from the far infrared, the 100 100y 
region, to the near-UV. 

The helium—neon laser triggered so many of the 
key discoveries that followed. Within months, in the 
spring of 1961, one of the distinguished engineers at 
BTL, Rudolf Komphner, the discoverer of the back- 
ward tube oscillators at the microwave frequencies, 
began experimenting with the transmission through 
the improvised thin fiberoptic, of the output beam of 
a helium-neon laser at the 1.15 wm transition in the 
near-red, the near-IR, having his eyes on the potential 
someday in communication on the use of a continu- 
ously operating laser light beam at the near-IR 
frequencies. I recollect the very first ad that appeared 
on lasers nationally was a BTL ad in the spring of 
1961, showing a cross-section of a beam of light, 
underneath it saying: ‘Someday a Beam of Light This 
Size Will Carry Millions of Telephone Conversations 
Simultaneously’. The ad speaks for itself. 

In every gas laser, the active laser medium — being a 
gas — is highly homogeneous. As a result, with a 
reasonably good optics, one can obtain a nearly 
perfect Gaussian output beam. For this reason, the 
helium—neon lasers available commercially since the 


TRANSFORMERLESS POWER SUPPLY 

Here's a circuit that uses zener diodes in a power supply to show how they work. 
This clever design uses 4 diodes in a bridge to produce a fixed voltage power supply 
capable of supplying 35mA. 

If we put 2 zener diodes in a bridge with two ordinary power diodes, the bridge will 
break-down at the voltage of the zener. This is what we have done. If we use 18v 
zeners, the output will be 17v4. 
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SUPPLY USING ZENER DIODES 


When the incoming voltage is positive at the top, the left zener provides 18v limit 
(and the other zener produces a drop of 0.6v). This allows the right zener to pass 
current just like a normal diode. The output is 17v4. The same with the other half- 
cycle. 

You cannot use this type of bridge in a normal power supply as the zener diode will 
"short" when the input voltage reaches the zener value. The concept only works in 
the circuit above. 


VOLTAGE REGULATORS 


A Voltage Regulator takes a high input voltage and delivers a fixed output voltage. 
Providing the input voltage is 4v above the output voltage, the regulator will deliver 
a fixed output voltage with almost no ripple. 

Voltage regulators are also called "3-TERMINAL REGULATORS" or "REGULATOR IC's" 
- although this name is not generally used. 

In most cases, a voltage regulator gets quite hot and for this reason it has a high 
failure-rate. 

If a regulator is not getting hot (or warm) it has either failed or the circuit is not 
operating. 

A regulator can only decrease the voltage. It cannot increase the current. This 
means the current being supplied to a circuit must also be available from the circuit 
supplying the regulator. 

All regulators have different pin-outs, so you need to find the input pin and output 
pin and make sure the voltage-difference is at least 4v. Some regulators will work 
with a difference as low as 1v, so you need to read the specifications for the type 
you are servicing. 

Some regulators are called “negative voltage regulators” and the input voltage will 
be negative and the output will be negative. 

You need to test a voltage regulator with the power "ON". 

Make sure you do not allow the probes to short any of the pins together as this will 
destroy the regulator or the circuit being supplied. 

With the power turned off or the regulator removed from the circuit, you can test it 
with a multimeter set to resistance to see if it is ok. If any resistance readings are 
very low or zero ohms, the regulator is damaged. 


TRANSFORMERS 


All transformers and coils are tested the same way. This includes chokes, coils, 
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mid-sixties, have served as the indispensable tools for 
the alignment of the complex optics in every research 
laboratory in lasers, or in every manufacturer of the 
lasers in the country, or the manufacturers of the 
precise optical components, or the medical uses and 
so on. 

In the applied areas, the helium—neon laser 
triggered so many of the key experiments in the 
early days. Philips at Eindhoven can be considered as 
the first discoverer of a video disc recorder. The model 
used a helium—neon red laser, at a most impressive 
fidelity and color resolution, in recording and in 
reading for the display. I recollect, in an exhibit 
shown to me at a Philips Lab, one groove on the 
recorder was that of a horse in a prairie, and the next 
groove, one ‘micrometer away’ on the recorder, was 
that of a crowd in a park — so impressive at the time, 
with no cross talks. They had it packaged in a 
compact unit already. In other areas, all bar-code 
readings were done using a helium—neon laser, and 
some still do. 

In the scientific area, from high-resolution spec- 
troscopy at unprecedented accuracy, to the accurate 


clocks operating at optical frequencies, or in the 
measurements of the absolute frequencies of the 
accurate laser clocks, or the early experiments in 
relativity and so on, all are owed to the precision gas 
lasers. Helium—neon laser has played the key role, in 
the early days throughout, and continues today. 


A note to the reader 


In the early publications on laser, the device was 
generally known and referred to at the time as the 
‘Optical Maser’. The word laser became an accepted 
designation for the device in the late 1960s and the 
early 1970s. 


Suggested Readings 


Javan A (1961) In: Singer J (ed.) Advances in Quantum 
Electronics, pp. 18. Columbia University Press. 

Javan A, Bennett WR, Jr. and Herriott DR (1961) 
Publications reporting operation of the first helium— 
neon laser. Physical Review Letters 6: 106. 












: 
i] 
a Bil 
be OE 
hy ‘ 
te 2 ee eto 3? Be 
ield Gui rye ed 
; ita CO 2S 
= Pai 


a [el wes} ascopy 


Tomasz S.Tkaczyk 


Field Guide to 


Microscopy 


Tomasz S. Tkaczyk 


SPIE Field Guides 
Volume FG1I3 


John E. Greivenkamp, Series Editor 


SPIE 


PRESS 
Bellingham, Washington USA 


Library of Congress Cataloging-in-Publication Data 


Tkaczyk, Tomasz 8. 

Field guide to microscopy / Tomasz 8. Tkaczyk. 
p. cm. -- (The field guide series) 

Includes bibliographical references and index. 
ISBN 978-0-8194-7246-5 

1. Microscopy--Handbooks, manuals, etc. I. Title. 
QH205.2.T53 2009 
502.8'2--de22 


Published by 


SPIE 

P.O. Box 10 

Bellingham, Washington 98227-0010 USA 
Phone: +1 360.676.3290 

Fax: +1 360.647.1445 

Email: spie@spie.org 

Web: http://spie.org 


2009049648 


Copyright © 2010 The Society of Photo-Optical Instrumentation 


Engineers (SPIE) 


All rights reserved. No part of this publication may be reproduced or 
distributed in any form or by any means without written permission 


of the publisher. 


The content of this book reflects the work and thought of the author. 
Every effort has been made to publish reliable and accurate 
information herein, but the publisher is not responsible for the 
validity of the information or for any outcomes resulting from 


reliance thereon. 


Printed in the United States of America. 


BC) spc 


Introduction to the Series 





Welcome to the SPIE Field Guides—a _ series of 
publications written directly for the practicing engineer or 
scientist. Many textbooks and professional reference 
books cover optical principles and techniques in depth. 
The aim of the SPIE Field Guides is to distill this 
information, providing readers with a handy desk or 
briefcase reference that provides. basic, essential 
information about optical principles, techniques, or 
phenomena, including definitions and descriptions, key 
equations, illustrations, application examples, design 
considerations, and additional resources. A significant 
effort will be made to provide a consistent notation and 
style between volumes in the series. 


Each SPIE Field Guide addresses a major field of optical 
science and technology. The concept of these Field Guides 
is a format-intensive presentation based on figures and 
equations supplemented by concise explanations. In most 
cases, this modular approach places a single topic on a 
page, and provides full coverage of that topic on that page. 
Highlights, insights, and rules of thumb are displayed in 
sidebars to the main text. The appendices at the end of 
each Field Guide provide additional information such as 
related material outside the main scope of the volume, 
key mathematical relationships, and alternative methods. 
While complete in their coverage, the concise presentation 
may not be appropriate for those new to the field. 


The SPIE Field Guides are intended to be living 
documents. The modular page-based presentation format 
allows them to be easily updated and expanded. We are 
interested in your suggestions for new Field Guide topics 
as well as what material should be added to an individual 
volume to make these Field Guides more useful to you. 
Please contact us at fieldguides@SPIE.org. 


John E. Greivenkamp, Series Editor 
College of Optical Sciences 
The University of Arizona 
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Keep information at your fingertips with all of the titles 
in the Field Guide series: 
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Field Guide to Adaptive Optics, Robert K. Tyson & Benjamin W. 
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Field Guide to Infrared Systems, Arnold Daniels (FG09) 


Field Guide to Interferometric Optical Testing, Eric P. Goodwin 
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Preface to the Field Guide to Microscopy 





In the 17th century Robert Hooke developed a compound 
microscope, launching a wonderful journey. The impact of his 
invention was immediate; in the same century microscopy 
gave name to “cells” and imaged living bacteria. Since then 
microscopy has been the witness and subject of numerous 
scientific discoveries, serving as a constant companion in 
humans’ quest to understand life and the world at the small 
end of the universe’s scale. 


Microscopy is one of the most exciting fields in optics, as its 
variety applies principles of interference, diffraction, and 
polarization. It persists in pushing the boundaries of imaging 
limits. For example, life sciences in need of nanometer 
resolution recently broke the diffraction limit. These new 
super-resolution techniques helped name microscopy the 
method of the year by Nature Methods in 2008. 


Microscopy will critically change over the next few decades. 
Historically, microscopy was designed for visual imaging; 
however, enormous recent progress (in detectors, light 
sources, actuators, etc.) allows the easing of visual 
constrains, providing new opportunities. I am excited to 
witness microscopy’s path toward both integrated, digital 
systems and nanoscopy. 


This Field Guide has three major aims: (1) to give a brief 
overview of concepts used in microscopy; (2) to present major 
microscopy principles and implementations; and (3) to point 
to some recent microscopy trends. While many presented 
topics deserve a much broader description, the hope is that 
this Field Guide will be a useful reference in everyday 
microscopy work and a starting point for further study. 


I would like to express my special thanks to my colleague 
here at Rice University, Mark Pierce, for his crucial advice 
throughout the writing process and his tremendous help in 
acquiring microscopy images. 


This Field Guide is dedicated to my family: my wife, Dorota, 
and my daughters, Antonina and Karolina. 

Tomasz Tkaczyk 

Rice University 
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inductors, yokes, power transformers, EHT transformers (flyback transformers), 
switch mode transformers, isolation transformers, IF transformers, baluns, and any 
device that has turns of wire around a former. All these devices can go faulty. 

The coating on the wire is called insulation or "enamel" and this can crack or become 
overheated or damaged due to vibration or movement. When two turns touch each 
other, a very interesting thing happens. The winding becomes two separate windings. 


Fi 


5 R c shorted 





We will take the case of a single winding such as a coil. This is shown in the first 
diagram above and the winding is wound across a former (a former is a bobbin or 
plastic molding or something to hold the winding) and back again, making two 
layers. The bottom and top layers touch at the point shown in the diagram and the 
current that originally passed though A, B, C, D now passes though A & D. 


Winding B C becomes a separate winding as shown in the second diagram. 

In other words the coil becomes a TRANSFORMER with a SHORT CIRCUIT on the 
secondary winding as shown in the third diagram. 

When the output wires of a transformer are shorted together, it delivers a very high 
current because you have created a SHORT-CIRCUIT. This short-circuit causes the 
transformer to get very hot. 

That’s exactly what happens when any coil or transformer gets a “shorted turn.” 
The shorted turns can be a single turn or many turns. 

It is not possible to measure a fault like this with a multimeter as you don’t know the 
exact resistance of a working coil or winding and the resistance of a faulty winding 
may be only 0.001 ohms less. 

However when a transformer or coil is measured with an inductance meter, an 
oscillating voltage (or spike) is delivered into the core as magnetic flux, then the 
magnetic flux collapses and passes the energy into the winding to produce a 
waveform. The inductance meter reads this and produces a value of inductance in 
Henry (or milliHenry or microHenry.) 

This is done with the transformer removed from the circuit and this can be a very 
difficult thing to do, as most transformers have a number of connections. 

If the coil or transformer has a shorted turn, the energy from the magnetic flux will 
pass into the turns that are shorted and produce a current. Almost no voltage will be 
detected from winding. 

The reading from the inductance meter will be low or very low and you have to work 
out if it is correct. 

However there is one major problem with measuring a faulty transformer or coil. 

It may only become faulty when power is applied. 

The voltage between the turns may be sparking or jumping a gap and creating a 
problem. A tester is not going to find this fault. 

Secondly, an inductance meter may produce a reading but you do not know if the 
reading is correct. An improved tester is a RING TESTER. 

The circuit for a ring tester can be found here: 


http://www. flippers.com/pdfs/k7205.pdf 


It sends a pulse to the coil and counts the number of returning pulses or "rings." A 
faulty coil (or winding) may return one pulse but nearly all the energy will be passed 
to the shorted turns and you will be able to see this on the scale. You will only get 
one or two return pulses, whereas a good winding will return more pulses. 


One way to detect a faulty power transformer is to connect it to the supply and feel 
the temperature-rise (when nothing is connected to the secondary). 

It should NOT get hot. 

Detecting shorted turns is not easy to diagnose as you really need another identical 


Table of Contents 


Array Microscopy 


Digital Microscopy and CCD Detectors 

Digital Microscopy 

Principles of CCD Operation 

CCD Architectures 

CCD Noise 

Signal-to-Noise Ratio and the Digitization 
of CCD 

CCD Sampling 


Equation Summary 
Bibliography 


Index 





113 
114 
114 
115 
116 
118 


119 
120 


122 


128 


133 


Glossary of Symbols 





a(x, y), b(x, y) 
AO 


Ar, As 


Background and fringe amplitude 
Vector of light passing through amplitude 
Object 

Amplitudes of reference and sample beams 
Fringe period 

Velocity of light 

Contrast, visibility 

Visibility of amplitude contrast 
Visibility of phase contrast 

Minimum detectable visibility of phase 
contrast 

Airy disk dimension 

Decay distance of evanescent wave 
Diameter of the diffractive object 
Grating constant 

Resolution limit 

Diopters 

Number of pixels in the x and y directions 
(N: and Ny, respectively) 

Vector of light diffracted at the amplitude 
object 

Depth of focus 

Vector of light diffracted at phase object 
Pinhole diameter 

Spatial and axial resolution of confocal 
microscope 

Electric field 

Energy gap 

Components of electric field 

Coefficient of finesse 

Fluorescent emission 

Focal length 

Focal length for lines C and F 

Effective focal length 

Field of view 

Full width at half maximum 

Planck’s constant 

Object and image height 

Magnetic field 

Intensity of light 

Pixel coordinates 

Intensity of incident light 
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Imax, Imin Maximum and minimum intensity in the 
image 

Lif Irradiances of incident, transmitted, and 
reflected light 

h, h, kb... Intensity of successive images 

Lys Loni3> L4,/; Intensities for the image point and three 
consecutive grid positions 

k Number of events 

k Wave number 

L Distance 

le Coherence length 

m Diffraction order 

M Magnification 

Momin Minimum microscope magnification 

MP Magnifying power 

MTF Modulation transfer function 

Mu Angular magnification 

n Refractive index of the dielectric media 

n Step number 

N Expected value 

N Intensity decrease coefficient 

N Total number of grating lines 

Na Probability of two-photon excitation 

NA Numerical aperture 

Ne Refractive index for propagation velocity of 
extraordinary wave 

Nm, Ny Refractive indices of the media surrounding 
the phase ring and the ring itself 

No Refractive index for propagation velocity of 
ordinary wave 

ni Refractive index of media 1 

neg Refractive index of media 2 

0, e Ordinary and extraordinary beams 

OD Optical density 

OPD Optical path difference 

OPL Optical path length 

OTF Optical transfer function 

OTL Optical tube length 

P Probability 

Pavg Average power 

PO Vector of light passing through phase object 
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PSF Point spread function 

Q Fluorophore quantum yield 

r Radius 

r Reflection coefficients 

r, m, ando Relative, media, or vacuum 

ras Radius of aperture stop 

TPR Radius of phase ring 

r, Radius of filter for wavelength A 

8, 8! Shear between wavefront object and image 
space 

S Pinhole/slit separation 

Ss, Lateral shift in TIR perpendicular 
component of electromagnetic vector 

S| Lateral shift in TIR for parallel component 
of electromagnetic vector 

Srp Factor depending on specific Fraunhofer 
approximation 

SM Vector of light passing through surrounding 
media 

SNR Signal-to-noise ratio 

SR Strehl ratio 

t Lens separation 

t Thickness 

t Time 

t Transmission coefficient 

ay Time required to pass the distance between 
wave oscillations 

ih Throughput of a confocal microscope 

te Coherence time 

u, u! Object, image aperture angle 

Va, Ve Abbe number as defined for lines d, F, C or 
e, F’, C’ 

Vin Velocity of ight in media 

w Width of the slit 

x,y Coordinates 

Z Distance along the direction of propagation 

z Fraunhofer diffraction distance 

Cie Object and image distances 

Zm, Zo Imaged sample depth, length of reference 
path 
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o Angle between vectors of interfering waves 

or Birefringent prism angle 

or Grating incidence angle in plane 
perpendicular to grating plane 

Os Visual stereo resolving power 

B Grating diffraction angle in plane 
perpendicular to grating plane 

Y Angle of fringe localization plane 

Y Convergence angle of a stereo microscope 

Y Incidence / diffraction angle from the plane 
perpendicular to grating plane 

Tr Retardation 

) Birefringence 

5 Excitation cross section of dye 

6z Depth perception 

Ab Axial phase delay 

Af Variation in focal length 

Ak Phase mismatch 

Az, Az' Object and image separations 

AX Wavelength bandwidth 

Av Frequency bandwidth 

Ag Phase delay 

Ag Phase difference 

Ag Phase shift 

AQmin Minimum perceived phase difference 

€ Angle between interfering beams 

€ Dielectric constant, 1.e., medium permittivity 

n Quantum efficiency 

6’ Refraction angle 

Ber Critical angle 

05 Incidence angle 

Or Reflection angle 

X Wavelength of light 

Ap Peak wavelength for the m‘’ interference 
order 

Ll Magnetic permeability 

v Frequency of light 

v Repetition frequency 

E Propagation direction 

p Spatial frequency 

oO Molecular absorption cross section 
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Odark 
Ophoton 
Oread 
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Dark noise 

Photon noise 

Read noise 

Integration time 

Length of a pulse 

Transmittance 

Incident photon flux 

Optical power 

Phase difference generated by a thin film 
Initial phase 

Phase delay through the object 

Phase delay in a phase plate 

Phase difference generated by a thin film 
Angular frequency 

Bandgap frequency 

Perpendicular and parallel components of 
the light vector 
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Nature of Light 





Optics uses two approaches, termed the particle and wave 
models, to describe the nature of light. The former arises 
from atomic structure, where the transitions between energy 
levels are quantized. Electrons can be excited into higher 
energy levels via external processes with the release of a 
discrete quantum of energy (a photon) upon their decay to a 
lower level. 


The wave model complements this corpuscular theory and 
explains optical effects involving diffraction and interference. 
The wave and particle models can be related through the 
frequency of oscillations, with the relationship between 
quanta of energy and frequency given by 


E=hvy [in eV or J], 


where h = 4.135667x10-) [eV's] = 6.626068x10-*4 [J-s] is 
Planck’s constant, and v is the frequency of light [Hz]. 
The frequency v of a wave is the reciprocal of its period T [s]: 


The period T 
[s] corresponds 
to one cycle of 
a wave or, if 
defined in 
terms of the 
distance 
required to 
perform one 
full oscillation, describes the wavelength of light 4 [m]. The 
velocity of light in free space is 2.99792 x 108 m/s and is 
defined as the distance traveled in one period (A) divided by 
the time taken (7): 








xr 
c=—. 
T 
Note that wavelength is often measured indirectly as time T' 
required to pass the distance between wave oscillations. 


The relationship for the velocity of ight c can be rewritten in 
terms of wavelength and frequency as 
c=Ayv. 
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The Spectrum of Microscopy 





The range of electromagnetic radiation is called the 
electromagnetic spectrum. Various microscopy techniques 
employ wavelengths spanning from x-ray radiation and 
ultraviolet radiation (UV) through the visible spectrum 
(VIS) to infrared radiation (IR). The wavelength in 
combination with the microscope parameters determines the 
resolution limit of the microscope (0.61/NA). The smallest 
feature resolved using light microscopy and determined by 
diffraction is approximately 200 nm for UV light with a high 
numerical aperture (for more details, see Resolution Limit on 
page 39). However, recently emerging super-resolution 
techniques overcome this barrier, and features are 
observable in the 20-50 nm range. 


Frequency / Wavelength / Object Type 
100.0 jum Resolution Limit of 
Human Eye 





Ephithelial Cells 
Infrared = 10.0 pm 


(v ~ 3x1012 Hz) 





Red Blood Cells 


















Bacteria 
1.0 um 
750.0 nm 
Visible 
(v ~ 6x1014 Hz) 380.0 nm Limit of Classical 
100.0 nm Light Microscopy 
Ultraviolet _ : : 
‘ Limit of Light Microscopy 
ns 14 V 
peer ianz) wisi with superresolution techniques 
10.0 nm 
X rays Proteins 
(v ~ 3x1016 Hz) 
DNA/RNA 


1.0nm 





gamma rays 
(v ~ 3x1024 Hz) 


Ajpms Limit of Electron Microscopy 


0.1 nm 
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Wave Equations 





Maxwell’s equations describe the propagation of an 
electromagnetic wave. For homogenous and isotropic media, 
magnetic (H) and electric (E£) components of an 
electromagnetic field can be described by the wave equations 
derived from Maxwell’s equations: 


es OE 
VE-s u.—— =0 
mm ot? 
e OH 
V-H-s uw. ——=0, 
mln Or 


where c« is a dielectric constant, i.e., medium 
permittivity while up is a magnetic permeability: 


En = E,€, Ha HoH, 


Indices r, m, and o stand for relative, media, or vacuum, 
respectively. 


The above equations indicate that the time variation of the 
electric field and the current density creates a time-varying 
magnetic field. Variations in the magnetic field induce a 
time-varying electric field. Both fields depend on each other 
and compose an electromagnetic wave. Magnetic and electric 
components can be separated. 


H Field 





The electric component of an electromagnetic wave has 
primary significance for the phenomenon of light. This is 
because the magnetic component cannot be measured with 
optical detectors. Therefore, the magnetic component is most 


often neglected, and the electric vector E is called a light 
vector. 
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Wavefront Propagation 





Light propagating through isotropic media conforms to the 
equation 


E = Asin(@t—kz+9,), 


where ¢ is time, z is distance along the direction of 
propagation, and mis an angular frequency given by 


2n  2nV,, 
o=—= 
T xn 
The term kz is called the phase of light, while @ is an 
initial phase. In addition, k represents the wave number 


(equal to 27/4) and Vm is the velocity of ight in media: 


2n 
kz =—nz 
X 
The above propagation equation pertains to the special case 
when the electric field vector varies only in one plane. 





The refractive index of the dielectric media n describes the 
relationship between the speed of light in a vacuum and in 
media. It is 


n=— 
V 


m 


where c is the speed of light in vacuum. 


> 


An alternative way to describe the propagation of an electric 
field is with an exponential (complex) representation: 


E= Aexp| -i(wt—kz+@,)]. 


This form allows the easy separation of phase components of 
an electromagnetic wave. 


E 





component to compare the results. 
Most transformers get very hot when a shorted turn has developed. It may deliver a 
voltage but the heat generated and a smell from the transformer will indicate a fault. 


ISOLATION TRANSFORMER 


An isolation transformer is a piece of Test Equipment that provides "Mains Voltage" 
but the voltage is "floating." You will still get a shock if you touch the two output 
leads, but it has a special use when testing unknown equipment. 

Many electrical appliances are fully insulated and only have two leads connected to 
the mains. 

When you take these appliances apart, you do not know which end of say a heating 
element is connected to the "live" (active) side of the mains and which end connects 
to the neutral. 

I am not suggesting you carry out the following tests, but they are described to show 
how an isolation transformer works. 

If you touch a soldering iron on the "live" (active) end of the heating element it will 
create a short-circuit. 

However when the appliance is connected to the mains via an isolation 
transformer, you can touch an earthed soldering iron on either end of the heater as 
both leads from the isolation transformer are "floating." 

Note: As soon as you earth one lead of the output an isolation transformer, the other 
lead becomes "active." 

You can make your own Isolation Transformer by connecting two identical 
transformers "back-to-back." 

The following diagram shows how this is done: 





o a 
aC Files edie Fac 
Input <= 5 S = Output 
& & 
2400 _ 
IN o_o 





J0watt " J0watt 
transformer transformer 


You can use any transformers providing the primary and secondary voltages are the 
same. The current capability of the secondary winding does not matter. However if 
you want a supply that has almost the same voltage as your "Mains," you need two 
transformers with the same voltages. 

This handy isolation transformer will provide you with "Mains Voltage" but with a 
limited current. 

In other words it will have a limited capability to supply "wattage." If you are using 
two 15VA transformers, you will only be able to test an appliance rated at 15 watts. 
This has some advantages and some disadvantages. 

If you are working on a project, and a short-circuit occurs, the damage will be 
limited to 15 watts. 

If you are using two transformers with different VA ratings, the lower rating will be 
the capability of the combination. 

If the secondaries are not equal, you will get a higher or lower "Mains Voltage." 

If you get two transformers from TVs or Monitors, with a rating on the compliance 
plate of 45 watts, or 90 watts, you can assume the transformers are capable of 
delivering this wattage and making an isolation transformer will enable you to test 
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Optical Path Length (OPL) 





Fermat’s principle states that “The path traveled by a 
light wave from a point to another point is stationary with 
respect to variations of this path.” In practical terms, this 
means that light travels along the minimum time path. 


Optical path length (OPL) is related to the time required 
for light to travel from point P1 to point P2. It accounts for 
the media density through the refractive index: 


or 


where 
ds’ =dx’ +dy’+dz’. 


Optical path length can also be discussed in the context of 
the number of periods required to propagate a certain 
distance L. In a medium with refractive index n, light slows 
down and more wave cycles are needed. Therefore, OPL is an 
equivalent path for light traveling with the same number of 
periods in a vacuum: 


OPL=nL. 


Optical path difference 
(OPD) is the _ difference 
between optical path lengths 
traversed by two light waves: 


OPD =n,L,—n,L, . 
OPD can also be expressed as 
a phase difference: 


Ag = 20. 
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Laws of Reflection and Refraction 





Light rays incident Incident Light | Reflected Light 
on an interface 
6j > 





between different 
dielectric media 
experience 
reflection and 
refraction as 
shown. 


Reflection Law: Angles of incidence and reflection are 
related by 


Refraction Law (Snell’s Law): Incident and refracted 
angles are related to each other and to the refractive indices 
of the two media by Snell’s Law: 


nsin®, =n'sin@' . 
Fresnel reflection: The division of light at a dielectric 


boundary into transmitted and reflected rays is described for 
nonlossy, nonmagnetic media by the Fresnel equations: 

















Reflectance Transmission Coefficients 
coefficients 
I, _ sin’ (0; -9') I, _ 4sin’ @'cos’ 0, 
n= = 3 ; i= ETT i 
I, sin’ (0, +’) I, sin’(0,+98’) 
2 ’ 
n= fy _ tan’ (0, -0') ; ef Asin’ 0'cos’ 6, 
2 ’ SS 
f, tan’ (0; +8’) ‘I, _ sin? (0, +8")cos” (8, - 0’) 














t andr are transmission and reflection coefficients, 
respectively. J, i, and J; are the irradiances of incident, 
transmitted, and reflected light, respectively. | and || denote 
perpendicular and parallel components of the light vector 
with respect to the plane of incidence. 0; and 0’ in the table 
are the angles of incidence and_ reflection/refraction, 
respectively. At a normal incidence (0’ = 0; = O deg), the 
Fresnel equations reduce to 
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Total Internal Reflection 





When light passes from one medium to a medium with a 
higher refractive index, the angle of the light in the medium 
bends toward the normal, according to Snell’s Law. 
Conversely, when light passes from one medium to a medium 
with a lower refractive index, the angle of the light in the 
second medium bends away from the normal. If the angle of 
refraction is greater than 90 deg, the light cannot escape the 
denser medium, and it reflects instead of refracting. This 
effect is known as_ total 0>0 R 

internal reflection (TIR). y 
TIR occurs only for 
illumination with an angle 
larger than the critical pn, <n, 


angle, defined as 
0, = ssin( 2 : 
Ny 


It appears, however, that light can propagate through (at a 
limited range) to the lower-density material as an 
evanescent wave (a nearly standing wave occurring at the 
material boundary), even if illuminated under an angle 
larger than @r. Such a phenomenon is called frustrated 
total internal reflection. Frustrated TIR is used, for 
example, with thin films (TF) to build beam splitters. The 
proper selection of the film thickness provides the desired 
beam ratio (see the figure below for various split ratios). Note 
that the maximum film thickness must be approximately a 
single wavelength or less, otherwise light decays entirely. 
The effect of an evanescent wave propagating in the lower- 
density material under TIR conditions is also used in total 
internal reflection fluorescence (TIRF) microscopy. 
























































— Transmittance 
20 — Reflectance 











Transmittance 
Reflectance 

as 

fo} 
































0.0 0.5 1.0 
Optical Thickness of thin film (TF) in units of wavelength 
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Evanescent Wave in Total Internal Reflection 





A beam reflected at the 
dielectric interface 
during total internal 
reflection is subject to 
a small lateral shift, 
also known as the 
Goos-Hanchen 
effect. The shift is 
different for the 
parallel and 
perpendicular components of the electromagnetic vector. 








Lateral shift in TIR 











Parallel* component so= An _tan® 
of e/m vector ! m0; sin? @—sin’? 0 
c 
Xr tan@ 


Perpendicular* component | 5 — 
of e/m vector 7 Tn, Isin? 0—sin20 
c 


* to the plane of incidence 




















The intensity of the illuminating beam decays exponentially 
with distance y in the direction perpendicular to the material 
boundary: 


I=I, exp(—y/d). 
Note that d denotes the distance at which the intensity of 
the illuminating light J. drops by e. The decay distance is 


smaller than a wavelength. It is also inversely 
proportional to the illumination angle. 





Decay distance (d) of evanescent wave 
Decay distance as a function of | qd = r I 
incidence and critical angles Arn, | sin? @—sin? 0. 


Decay distance as a function of d= du 1 


incidence angle and refractive - An [n? sin? 0 — n; 


indices of media 
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Propagation of Light in Anisotropic Media 





In anisotropic media the velocity of light depends on the 
direction of propagation. Common anisotropic and optically 
transparent materials include uniaxial crystals. Such 
crystals exhibit one direction of travel with a single 
propagation velocity. The single velocity direction is called 
the optic axis of the crystal. For any other direction, there 
are two velocities of propagation. 


The wave in birefringent crystals can be divided into two 
components: ordinary and extraordinary. An ordinary 
wave has a uniform velocity in all directions, while the 
velocity of an extraordinary wave varies with orientation. 
The extreme value of an extraordinary wave’s velocity is 
perpendicular to the optic axis. Both waves are linearly 
polarized, which means that the electric vector oscillates in 
one plane. The vibration planes of extraordinary and 
ordinary vectors are perpendicular. Refractive indices 


corresponding to Optic Axis Optic Axis 
the direction of the | 


; : no bis 
optic axis and ne ne 
CC) \ 
- 


perpendicular to 
the optic axis are 
Uniaxial crystals Positive Birefringence Negative Birefringence 
can be positive or negative (see table). The refractive index 


No = c/Vo and ne = 
c/Verespectively. 

n(é) for velocities between the two extreme (no and ne) values 
1s 








1 cos’ —& sin’é Positive Birefringence | Ve $ Vo 
n (&) n ne ; Negative Birefringence Ve = Vo 


) 

















Note that the propagation direction € (with regard to the 
optic axis) is slightly off from the ray direction, which is 
defined by the Poynting (energy) vector. 











Uniaxial Crystal Refractive Abbe Wavelength 
index Number Range [um] 
Quartz No = 1.54424 70 0.18-4.0 
Ne= 1.55335 69 
Calcite No= 1.65835 50 0.2-2.0 
Ne= 1.48640 68 














The refractive index is given for the D spectral line (589.2 nm). 
(Adapted from Pluta, 1988) 
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Polarization of Light and Polarization States 





The orientation characteristic of a light vector vibrating in 
time and space is called the polarization of light. For 
example, if the vector of an electric wave vibrates in one 
plane, the state of polarization is linear. A vector vibrating 
with a random orientation represents unpolarized light. 


The wave vector E consists of two components E; and Ey. 
E(z,t) =E.+E, 
E,=A, exp| -i(or -kz+@, )] 
E, =A, exp| —i(or —kz+@, iF 


The electric vector rotates periodically (the periodicity 
corresponds to wavelength i) in the plane perpendicular to 
the propagation axis (z) and generally forms an elliptical 
shape. The specific shape depends on the Ax and Ayratios and 
the phase delay between the Ex and Ey components, defined 
as A® = Qx— @y. 


Linearly polarized light is obtained when one of the 
components Ex or Ey is zero, or when Ag is zero or 1. 
Circularly polarized light is obtained when EF; = Ey and Ao 
= tn/2. The light is called right circularly polarized (RCP) if it 
rotates in a clockwise direction or left circularly polarized 
(LCP) if it rotates counterclockwise when looking at the 
oncoming beam. 

















3D View 
Front 
Top =_ —_ 
| = 
Polarization Circular Linear Linear Elliptical 
Amplitudes 1 1 1 1 0 1 1 1 


Ag n/2 0 0 m/4 
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Coherence and Monochromatic Light 





An ideal light wave that extends in space at any instance to 
+oo and has only one wavelength i (or frequency v) is said to 
be monochromatic. If the range of wavelengths A or 
frequencies v is very small (around A, or v,, respectively), 


the wave is quasi-monochromatic. Such a wave packet is 
usually called a wave group. 


Note that for monochromatic and quasi-monochromatic 
waves, no phase relationship is required, and the intensity of 
light can be calculated as a simple summation of intensities 
from different waves; phase changes are very fast and 
random, so only the average intensity can be recorded. 


If multiple waves have a common phase relation dependence, 
they are coherent or partially coherent. These cases 
correspond to full- and partial-phase correlation respectively. 
A common source of a coherent wave is a laser where waves 
must be in resonance and therefore in phase. The average 
length of the wave packet (group) is called the coherence 
length, while the time required to pass this length is called 
coherence time. Both values are linked by the equations 


Av= Z = a 
t, I 
where coherence length is 
2: 
ed, 
Ar 


The coherence length /. and temporal coherence ¢ are 
inversely proportional to the bandwidth Ada of the light 
source. 


Spatial coherence is a term related to the coherence of 
light with regard to the extent of the light source. The fringe 
contrast varies for interference of any two spatially different 
source points. Light is partially coherent if its coherence is 
limited by the source bandwidth, dimension, temperature, or 
other effects. 
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Interference 





Interference is a process of superposition of two coherent 
(correlated) or partially coherent waves. Waves interact with 
each other, and the resulting intensity is described by 
summing the complex amplitudes (electric fields) EH; and 
Es of both wavefronts: 


E, = A, exp [ -i (or —kz+ °,)| 
and 
E, =A, exp| -i(or —kz+9,))]. 
The resultant field is 
E=£,+E,. 


Therefore, the interference of | | | | | | | | | | | 
the two beams can be written as 
I= EE’, VIM 49 


[=A + 4, +244, cos(Ag), 


I=1,+1,+2Jh1, cos(Ag), oe -e 


L=22,, 4.=EE,, and E E 


1 2 


Ap =9,-9,, Propagating Wavefronts 


where * denotes a conjugate function, J is the intensity of 
light, A is an amplitude of an electric field, and Ag is the 
phase difference between the two interfering beams. 
Contrast C (called also visibility) of the interference 
fringes can be expressed as 

I -l. 


Toe t Lenin 


min 


The fringe existence and visibility depends on several 
conditions. To obtain the interference effect, 


e Interfering beams must originate from the same light 
source and be temporally and spatially coherent; 

e The polarization of interfering beams must be aligned; 

e To maximize the contrast, interfering beams should have 
equal or similar amplitudes. 


Conversely, if two noncorrelated, random waves are in the 
same region of space, the sum of intensities (irradiances) of 
these waves gives a total intensity in that region: /=/,+/,. 
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Contrast vs Spatial and Temporal Coherence 





The result of interference is a periodic intensity change in 
space, which creates fringes when incident on a screen or 
detector. Spatial coherence relates to the contrast of these 
fringes depending on the extent of the source and is not a 
function of the phase difference (or OPD) between beams. 
The intensity of interfering fringes is given by 


I=1,+1,+2C(Source Extent),//,1, cos(A@), 
where C is a constant, depending on the extent of the source. 


C=1 C=0.5 





Point Source . Extended Source | 


|| 
ML 


Optical Path Difference 


Be 


Intensity (1) 








The spatial coherence can be improved through spatial 
filtering. For example, light can be focused on the pinhole (or 
coupled into the fiber) by using a microscope objective. In 
microscopy, spatial coherence can be adjusted by changing 
the diaphragm size in the conjugate plane of the light source. 
a ay 
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Contrast vs Spatial and Temporal Coherence (cont.) 





The intensity of the fringes depends on the OPD and the 
temporal coherence of the source. The fringe contrast 
trends toward zero as the OPD increases beyond the 
coherence length: 


1=1,+1,+2J1,1,C(OPD)cos(Aq). 





Normalized Intensity (1) 








n 


0 
Optical Path Difference (OPD) 


The spatial width of a fringe pattern envelope decreases with 
shorter temporal coherence. The location of the envelope’s 
peak (with respect to the reference) and narrow width can be 
efficiently used as a gating mechanism in both imaging and 
metrology. For example, it is used in interference microscopy 
for optical profiling (white light interferometry) and for 
imaging using optical coherence tomography. Examples of 
short coherence sources include white light sources, 
luminescent diodes, and broadband lasers. 








Long coherence length is beneficial in applications that do 
not naturally provide near-zero OPD, e.g., in surface 
measurements with a Fizeau interferometer. 





similar items with the safety of being isolated from the mains. 

Colin Mitchell designs a lot of "LED lighting lamps" that are connected directly to the 
mains. He always works with an isolating transformer, just to be safe. Working on 
exposed "mains" devices is extremely nerve-wracking and you have to be very 
careful. 

The isolation transformer will prevent a BIG EXPLOSION. 


DETERMINING THE SPECS OF A TRANSFORMER 

Suppose you have a "mains transformer" with unknown output voltages and 
unknown current capability. 

You must be sure it is a mains transformer designed for operation on 50Hz or 60Hz. 
Switch-Mode transformers operate at frequencies 40kHz and higher and are not 
covered in this discussion. 

To be on the safe-side, connect the unknown transformer to the output of your 
isolating transformer. 

Since the transformer will take almost no current when not loaded, the output 
voltages it produces will be fairly accurate. Measure the input AC voltage and output 
AC voltage. 

If the transformer has loaded your isolating transformer it will be faulty. 

Mains transformers are approx 15VA for 500gm, 30VA for 1ikgm_ 50VA for 2kgm 
and and 100VA for 2.5kgm. 

VA stands for Volts-Amps and is similar to saying watts. Watts is used for DC 
circuits, while VA refers to AC circuits. 

Once you have the weight of the transformer and the output voltage, you can work 
out the current capability of the secondary. 

For transformers up to 30VA, the output voltage on no-load is 30% higher than the 
final "loaded voltage." 

This is due to the poor regulation of these small devices. 

If the transformer is 15VA and the output voltage is 15v AC, the current will be 1 
amp AC. 

You can check the "quality" of the transformer, (the regulation) by fully loading the 
output and measuring the final voltage. If the transformer has a number of 
secondaries, the VA rating must be divided between all the windings. 


240v to 110v ISOLATION TRANSFORMER 

Here's how to create a 110v isolating transformer: 

Find a 240v:12v transformer. 

Now find a transformer that has two secondary windings, such as 240v:12v+12v. 


240v 
AC e 110¥ 
nPUE Site 





Connect the two transformers as shown in the circuit above. If the output is zero, 
connect ONE of the 12v windings of the second transformer around the other way. 


110v to 240v ISOLATION TRANSFORMER 
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Contrast of Fringes (Polarization and Amplitude Ratio) 





The contrast of 
fringes depends 
on the 
polarization 
orientation of the 
electric vectors. 
For linearly | 
polarized beams, 0 30 60 90 120 150 180 


it can be described as C =|cosa 

















, where o represents the 
angle between polarization states. 





Angle between Electric Vectors of Interfering Beams 
w/6 m3 m/2 


Interference Fringes 






























Fringe contrast also depends on the interfering beams’ 
amplitude ratio. The intensity of the fringes is simply 
calculated by using the main interference equation. The 
contrast is maximum for equal beam intensities and for the 
interference pattern, 
defined as 


I=1,+1,+2JLJ, cos(Ag), 


it is 


Fringe Contrast 














0 02 o8 1 


04 06 
Amplitude Ratio 





Ratio between Amplitudes of Interfering Beams 
0.5 0.25 0.1 
Interference Fringes 
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Multiple Wave Interference 





If light reflects inside a thin film, its intensity gradually 
decreases and multiple beam interference occurs. 


The intensity of reflected light is | 
F sin’ (/2) 
a ‘1+ F sin’ (@/2) ; 





and for transmitted light is \ 
1 | 





L=1 . \ 
' "1+ F sin? (p/2) \ 
The coefficient of finesse F of such a resonator is 
4 
Fo; 
(I-r) 


Because phase depends on the wavelength, it is possible to 
design selective interference filters. In this case, a 
dielectric thin film is coated with metallic layers. The peak 
wavelength for the m‘ interference order of the filter can be 
defined as 


is 2nt cos 0' 


p * 
=| Pe 
2m 
where orr is the phase difference generated by a thin film of 


thickness t and a specific incidence angle. The interference 
order relates to the phase difference in multiples of 27. 


Interference filters usually operate for illumination with flat 
wavefronts at a normal incidence angle. Therefore, the 
equation simplifies as 

2nt 

La. 

m 
The half bandwidth 
(HBW) of the filter for 
normal incidence is 0 

0 I 2m 31 4n 


1l-r 
HBW = —— he [m] . Reflected Light Transmitted Light 
mum 


The peak intensity transmission is usually at 20% to 50%, or 
up to 90% of the incident light for metal-dielectric or multi- 
dielectric filters respectively. 
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Interferometers 





Due to the high frequency of light, it is not 
possible to detect the phase of the light wave 
directly. To acquire the phase, interferometry 
techniques may be used. There are two major 
classes of interferometers, based on 
amplitude splitting and wavefront 
splitting. 


From the point of view of fringe pattern 
interpretation, interferometers can also be 
divided into those that deliver fringes, which 
directly correspond to the phase distribution, 


Amplitude Split 


“A 


Wavefront Split 


and those providing a derivative of the phase map (also 
lMichelson Intaderanicier called shearing interferometers). 
The first type is realized by 


Reference Mirror 


obtaining the interference between 
the test beam and a _ reference 
beam. An example of such a system 
is the Michelson interfero- 
meter. Shearing  interfero- 
meters provide the intereference 





Beam Object of two shifted object wavefronts. 





litt 
oper There are 


numerous ways of introducing shear 


(linear, radial, etc.). Examples of Tested 


Shearing Plate 


shearing interferometers include the ‘oS 


parallel or wedge plate, the grating 
interferometer, the Sagnac, and 


polarization interferometers (commonly used in microscopy). 
The Mach-Zehnder interferometer can be configured for 
direct and differential fringes, depending on the position of 


the sample. 
Mach Zehnder Interferometer Mach Zehnder Interferometer 
i i (Differential Fringes) 
(Direct Fringes) Bean Bea 
Splitter Splitter 
Mirror Mirror / 


|— no* | PV vic ia 


Object Beam 
Beam : : 
Splitter pIEc Splitter 


Fares 
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Diffraction 





The bending of waves by apertures and objects is called 
diffraction of light. Waves diffracted inside the optical 
system interfere (for path differences within the coherence 
length of the source) with each other and create diffraction 
patterns in the image of an object. 








I 
I 
Large Aperture Stop ;Destructive 
interference 


Constructive Interference 


Destructive 
, Interference 


Point Object 





\ Small Aperture Stop 


Constructive Interference 





I 
: 
I 
I 


There are two common approximations of diffraction 
phenomena: Fresnel’ diffraction (near-field) and 
Fraunhofer diffraction (far-field). Both diffraction types 
complement each other but are not sharply divided due to 
various definitions of their regions. Fraunhofer diffraction 
occurs when one can assume that propagating wavefronts 
are flat (collimated), while the Fresnel diffraction is the near- 
field case. Thus, Fraunhofer diffraction (distance z) for a free- 
space case is infinity, but in practice it can be defined for a 
region 
Z 
Z>Srp Ae 


where d is the diameter of the diffractive object, and Srp is a 
factor depending on approximation. A conservative definition 
of the Fraunhofer region is Srp = 1, while for most practical 
cases it can be assumed to be 10 times smaller (Srp = 0.1). 


Diffraction effects influence the resolution of an imaging 
system and are a reason for fringes (ring patterns) in the 
image of a point. Specifically, Fraunhofer fringes appear in 
the conjugate image plane. This is due to the fact that the 
image is located in the Fraunhofer diffracting region of an 
optical system’s aperture stop. 
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Diffraction Grating 





Diffraction gratings are optical components consisting of 
periodic linear structures that provide “organized” diffraction 
of light. In practical terms, this means that for specific 
angles (depending on illumination and grating parameters), 
it is possible to obtain constructive (27 phase difference) and 
destructive (x phase difference) interference at specific 
directions. The angles of constructive interference are 
defined by the diffraction grating equation and called 
diffraction orders (m). 


Gratings can be classified as transmission or reflection (mode 
of operation), amplitude (periodic amplitude changes) or 
phase (periodic phase changes), or ruled or holographic 
(method of fabrication). Ruled gratings are mechanically cut 
and usually have a triangular profile (each facet can thereby 
promote select diffraction angles). Holographic gratings are 
made using interference (sinusoidal profiles). 


Diffraction angles depend on the ratio between the grating 
constant and wavelength so various wavelengths can be 
separated. This makes them applicable for spectroscopic 
detection or spectral imaging. The grating equation is 





mi= d cos y (sin B + sin a) 


d|- grating constant 






Diffracted Light 
(6 varies with diffraction order) 


Normal 
to Grating 


Illumination 
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Diffraction Grating (cont.) 





The sign in the diffraction grating equation defines the type 
of grating: A transmission grating is identified with a 
minus sign (—), and a reflective grating is identified with a 
plus sign (+). 


For a grating illuminated in the plane perpendicular to the 
grating, its equation simplifies and is 


Transmission Grating 
mar = d(sinB + sina). 
Incident Light Pie: 

Reflective Grating g = 0 


Oth order 
(Specular Reflection) 







Grating 
+ Normal 


Incident Light £15 





: i i Oth order 
; i 

‘ Grating i (non-diffracted light) 
‘ Normal i 


For normal illumination, the grating equation becomes 
mid =d sinB. 


The chromatic resolving power of a grating depends on 
its size (total number of lines JN). If the grating has more 
lines, the diffraction orders are narrower, and the resolving 
power increases: 


nr 







—=mN. 

An 
The free spec- Overlapping Orders 
tral range Ad of hed, AEA, haa, 
the grating is the veo. Wists i 
bandwidth in the a ee aie 


A Incident Light 
mth order without " 


overlapping other 
orders. It defines 
useful bandwidth ss (§._ Wess 
for spectroscopic Toe 
detection as 


i 
Hig te 
m m 
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Useful Definitions from Geometrical Optics 





All optical systems consist of 
refractive or reflective 
interfaces (surfaces) 
changing the propagation 
angles of optical rays. 

Rays define the propagation trajectory and always travel 
perpendicular to the wavefronts. They are used to describe 
imaging in the regime of geometrical optics and to perform 
optical design. 














There are two optical spaces corresponding to each optical 
system: object space and image space. Both spaces extend 
from —co to too and are divided into real and virtual parts. 
Ability to access the image or object defines the real part of 
the optical space. 


Paraxial optics is an approximation assuming small ray 
angles and is used to determine first-order parameters of the 
optical system (image location, magnification etc.). 


Thin lenses are optical components reduced to zero 
thickness and are used to perform first-order optical designs 
(see next page). 


The focal point of an optical system is a location that 
colimated beams converge to or diverge from. Planes 
perpendicular to the optical axis at the focal points are called 
focal planes. Focal length is the distance between the lens 
(specifically, its principal plane) and the focal plane. For thin 
lenses, principal planes overlap with the lens. 


Sign Convention: The common sign convention assigns 
positive values to distances traced from left to right (the 
direction of propagation) and to the top. Angles are positive if 
they are measured 
counterclockwise from 
normal to the surface or 
optical axis. If light 
travels from right to left, 
the refractive index is 
negative. The surface 
radius is measured from 
its vertex to its center of 
curvature. 
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Image Formation 





A simple model describing imaging through an optical 
system is based on thin lens relationships. A real image is 
formed at the point where rays converge. 

Object Plane Image Plane 





| Real Image 

















A virtual image is formed at the point from which rays 
appear to diverge. 


For a lens made of glass, surrounded on both sides by air (n = 


n' = 1), the imaging relationship is described by the 
Newtonian equation 


xx! = ff" or x =f". 


Note that Newtonian equations refer to the distance from the 
focal planes so, in practice, they are used with thin lenses. 


Imaging can also be 
described by the Gaussian 
imaging equation 


ae | ie 


Z Zt 


The effective focal 
length of the system is 
i t 
fe 


0) non 


Image Plane 


n Object Plane n’ 






Virtual Image 











where 9 is the optical power expressed in diopters D [m~']. 


Therefore, 
non. 1 
—=—+—., 
Zo 2 of, 
For air, when n and n’ are equal to 1, the imaging relation is 
1 1 1 
—=-—+—., 


goog fF. 
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Magnification 





Transverse magnification (also called lateral 
magnification) of an optical system is defined as the ratio 
of the image and object size measured in the direction 
perpendicular to the optical axis: 


ya Ff 2 eT) 


i ff |e ef  # 


Longitudinal magnification defines the ratio of distances 
for a pair of conjugate planes: 














= = =e M.M,, 
Az Hg 
where 
Az=Z,—2Z, 
Az'=z,'—z,' 
and 
u-H 
h, 
h! 
M,=—. 
> h 


2 


Angular magnification is the ratio of angular image size to 
angular object size and can be calculated with 





























u Z 
M,=—=— 
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n n’ 
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Stops and Rays in an Optical System 





The primary stops in any optical system are the aperture 
stop (which limits light) and field stop (which limits the 
extent of the imaged object or the field of view). The aperture 
stop also defines the resolution of the optical system. To 
determine the aperture stop, all system diaphragms 
including the lens mounts should be imaged to either the 
image or the object space of the system. The aperture stop is 
determined as the smallest diaphragm or diaphragm image 
(Gn terms of angle) as seen from the on-axis object/image 
point in the same optical space. 


Note that there are two important conjugates of the aperture 
stop in object and image space. They are called the entrance 
pupil and exit pupil, respectively. 


The physical stop limiting the extent of the field is called the 
field stop. To find a field stop, all of the diaphragms should 
be imaged to the object or image space, with the smallest 
diaphragm defining the actual field stop, as seen from the 
entrance/exit pupil. Conjugates of the field stop in the object 
and image space are called the entrance window and exit 
window, respectively. 


Two major rays that pass through the system are the 
marginal ray and the chief ray. The marginal ray crosses 
the optical axis at the conjugate of the field stop (and object) 
and the edge of the aperture stop. The chief ray goes through 
the edge of the field and crosses the optical axis at the 
aperture stop plane. 
Exit 
Window §... 


Entrance Aperture 
Pupil] Stop 








| Entrance 
Window 





Chief Ray 








Marginal Ray i 


Intermediate 
' Image Plane 





| Object 
‘Plane 





AC 


110¥ | 
Input 





A 110v to 240v isolation transformer can be created by connecting 3 identical 
transformers as shown in the diagram above. If the output is zero, connect one of 
the outputs around the other way. 


TRANSFORMER RATINGS 


Question from a reader: 

I have a 28v - O - 28v transformer @3amps. Does this mean each side is 1.5 amps? 
The transformer is called CENTRE TAPPED and is shown in figures B and C. 

It is designed to be connected to two diodes so each winding takes it in turn to 
deliver the current as shown in diagram C and the output will be 28v AC at 3 amps. 
The 28v and 3 amp are both AC values. 

If you connect across both outside wires, the output will be 56v at 1.5 amp. 

This is because the transformer has a VA rating of 28 x 3 = 84VA. This is very similar 
to the term "watts." 

When the 28v AC is rectified and smoothed, it becomes 28 x 1.4 = 39v (minus 0.6v 
across the diode) and since the transformer has a rating of 84 VA, the current must 
be reduced to 84/39 = 2.1 amps to maintain the VA rating. 

Some transformers are specified as say: 12v - 0 - 12v, but the wiring diagram is 
shown as "A." This transformer should be specified as 12v + 12v as the secondaries 
are separate. 

12v - 0 - 12v means the two secondary windings are NOT separate. 

It does not make any difference to the output voltage and current, if the windings 
are separate or joined. The only difference is 12v +12v can be turned into two 
separate 12v outputs. 

If you do not know the output current for a particular transformer, go to the website 
of electronic parts suppliers and compare the weight of your transformer with others. 
This will give you a VA rating and you can work out the current, once you know the 
output voltage. 

Note: the output current finishes up ONLY 60% of the rating on the transformer tag 
because the rating is an AC RATING. 

With 2 separate secondaries, you can parallel the outputs to get double the current, 
but don't forget 12v + 12v @ 3amp means 12v in parallel with 12v will provide 
2amp DC and the DC voltage will be about 17v. 
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Aberrations 





Individual spherical lenses cannot deliver perfect imaging 
because they exhibit errors called aberrations. All 
aberrations can be considered either chromatic or 
monochromatic. To correct for aberrations, optical systems 
use multiple elements, aspherical surfaces, and a variety of 
optical materials. 


Chromatic aberrations are a consequence of the dispersion 
of optical materials, which is a change in the refractive index 
as a function of wavelength. The parameter-characterizing 
dispersion of any material is called the Abbe number and is 
defined as 
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In general, V can be defined by using refractive indices at 
any three wavelengths, which should be specified for 
material characteristics. Indices in the equations denote 
spectral lines. If V does not have an index, Va is assumed. 


Geometrical aberrations occur when optical rays do not 
meet at a single point. There are longitudinal and transverse 
ray aberrations describing the axial and lateral deviations 
from the paraxial image of a point (along the axis and 
perpendicular to the axis in the image plane), respectively. 


Wave aberrations describe a deviation of the wavefront 
from a perfect sphere. They are defined as a distance (the 
optical path difference) between the wavefront and the 
reference sphere along the optical ray. 
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Chromatic Aberrations 





Chromatic aberrations occur due to the dispersion of 

optical materials used for lens fabrication. This means that 

the refractive index is different for different wavelengths; 

consequently, various wavelengths are refracted differently. 
Object Plane 
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Chromatic aberrations include axial (longitudinal) or 
transverse (lateral) aberrations. Axial chromatic 
aberration arises from the fact that various wavelengths 
are focused at different distances behind the optical system. 
It is described as a variation in focal length: 
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Transverse chromatic aberration is an off-axis imaging 
of colors at different locations on the image plane. 


To compensate for chromatic aberrations, materials with low 
and high Abbe numbers are used (such as flint and crown 
glass). Correcting chromatic aberrations is crucial for most 
microscopy applications, but it is especially important for 
multi-photon microscopy. Obtaining multi-photon excitation 
requires high laser power and is most effective using short 
pulse lasers. Such a light source has a broad spectrum, and 
chromatic aberrations may cause pulse broadening. 
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Spherical Aberration and Coma 





The most important wave aberrations are spherical, coma, 
astigmatism, field curvature, and distortion. 


Spherical aberration (on-axis) is a consequence of building 
an optical system with components with spherical surfaces. 
It occurs when rays from different heights in the pupil are 
focused at different planes along the optical axis. This results 
in an axial blur. The most common approach for correcting 
spherical aberration uses a combination of negative and 
positive lenses. Systems that correct spherical aberration 
heavily depend on imaging conditions. For example, in 
microscopy a cover glass must be of an appropriate thickness 
and refractive index in order to work with an objective. Also, 
the media between the objective and the sample (such as air, 
oil, or water) must be taken into account. 


Spherical Aberration 




















Object Plane Best Focus Plane 


Coma _ (off-axis) can be defined as a_ variation of 
magnification with aperture location. This means that rays 
passing through a different azimuth of the lens are 
magnified differently. The name “coma” was inspired by the 
aberration’s appearance, because it resembles a comet’s tail 
as it emanates from the focus spot. It is usually stronger for 
lenses with a larger field, and its correction requires 
accommodation of the field diameter. 
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Astigmatism, Field Curvature, and Distortion 





Astigmatism (off-axis) is responsible for different 
magnifications along orthogonal meridians in an optical 
system. It manifests as elliptical, elongated spots for the 
horizontal and vertical directions on opposite sides of the 
best focal plane. It is more pronounced for an object farther 
from the axis and is a direct consequence of improper lens 
mounting or an asymmetric fabrication process. 


Astigmatism 





Object Plane Field Curvature 
) 
Object Plane Image Plane 





Field 
curvature 
(off-axis) 
results in a 
non-flat image 
plane. The 
image plane created is a concave surface as seen from the 
objective; therefore, various zones of the image can be seen in 
focus after moving the object along the optical axis. This 
aberration is corrected by an objective design combined with 
a tube lens or eyepiece. 




















Barrel Distortion Pincushion Distortion Distortion is a radial 
variation of 
magnification that 


will image a square as 
a pincushion or 
barrel. It is corrected 
in the same manner 
as field curvature. If 
preceded with system calibration, it can also be corrected 
numerically after image acquisition. 
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Performance Metrics 





The major metrics describing the performance of an optical 
system are the modulation transfer function (MTF), the 
point spread function (PSF), and the Strehl ratio (SR). 


The MTF is the modulus of the optical transfer function 
described by 


OTF (p)= MTF (p)exp| ip(p) | : 
where the complex term in the equation relates to the phase 
transfer function. The MTF is a contrast distribution in the 
image in relation to contrast in the object as a function of 
spatial frequency p (for sinusoidal object harmonics) and can 
be defined as 
C(P) nage 


C (P) et , 


The PSF is the intensity distribution at the image of a point 
object. This means that the PSF is a metric directly related 
to the image, while the MTF corresponds to spatial frequency 
distributions in the pupil. The MTF and PSF are closely 
related and comprehensively describe the quality of the 
optical system. In fact, the amplitude of the Fourier 
transform of the PSF results in the MTF. 
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Normalized Cut-Off Frequency 
The MTF can be calculated as the autocorrelation of the 
pupil function. The pupil function describes the field 
distribution of an optical wave in the pupil plane of the 
optical system. In the case of a uniform pupil’s transmission, 
it directly relates to the field overlap of two mutually shifted 
pupils where the shift corresponds to spatial frequency. 
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Performance Metrics (cont.) 





The modulation transfer function has different results 
for coherent and incoherent illumination. For incoherent 
illumination, the phase component of the field is neglected 
since it is an average of random fields propagating under 
random angles. 


For coherent illumination, the contrast of transferring 
harmonics of the field is constant and equal to 1 until the 
location of the spatial frequency in the pupil reaches its edge. 
For higher frequencies, the contrast sharply drops to zero 
since they cannot pass the optical system. Note that contrast 
for the coherent case is equal to 1 for the entire MTF range. 


The cutoff frequency for an incoherent system is two times 
the cutoff frequency of the equivalent aperture coherent 
system and defines the Sparrow resolution limit. 
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The Strehl ratio is a parametric measurement that defines 
the quality of the optical system in a single number. It is 
defined as the ratio of irradiance within the theoretical 
dimension of a _ diffraction-limited spot to the entire 
irradiance in the image of the point. One simple method to 
estimate the Strehl ratio is to divide the field below the MTF 
curve of a tested system by the field of the diffraction-limited 
system of the same numerical aperture. For practical optical 
design consideration it is usually assumed that the system is 
diffraction limited if the Strehl ratio is equal to or larger 
than 0.8. 
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The Compound Microscope 





The primary goal of microscopy is to provide the ability to 
resolve the small details of an object. Historically, microscopy 
was developed for visual observation and, therefore, was set 
up to work in conjunction with the human eye. An effective 
high-resolution optical system must have resolving ability 
and be able to deliver proper magnification for the detector. 
In the case of visual observations, the detectors are the cones 
and rods of the retina. 


< 


A basic microscope can be built with a single-element, short- 
focal-length lens (magnifier). The object is located in the 
focal plane of the lens and is imaged to infinity. The eye 
creates a final image of the object on the retina. The system 
stop is the eye’s pupil. 





To obtain higher resolution for visual observation, the 
compound microscope was first built in the 17 century 
by Robert Hooke. It consists of two major components: the 
objective and the eyepiece. The short-focal-length lens 
(objective) is placed close to the object under examination 
and creates a real image of an object at the focal plane of the 
second lens. The eyepiece (similar to the magnifier) throws 
an image to infinity, and the human eye creates the final 
image. An important function of the eyepiece is to match the 
eye’s pupil with the system stop, which is located in the back 
focal plane of the microscope objective. 


Object Conjugate PI Eye 
Plane Aperture Stop < ad eisai + Eye’s Pupil y 








Microscope Objective Ocular Eye's Lens 
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The Eye 
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The eye was the first—and for a long time, the only—real- 
time detector used in microscopy. Therefore, the design of the 
microscope had to incorporate parameters responding to the 
needs of visual observation. 


Cornea—the transparent portion of the sclera (the white 
portion of the human eye), which is a rigid tissue that gives 
the eyeball its shape. The cornea is responsible for two thirds 
of the eye’s refractive power. 


Lens—the lens is responsible for one third of the eye’s 
power. Ciliary muscles can change the lens’s power 
(accommodation) within the range of 15-30 diopters. 


Iris—controls the diameter of the pupil (1.5-8 mm). 


Retina—a layer with two types of photoreceptors: rods and 
cones. Cones (about 7 million) are in the area of the macula 
(~3 mm in diameter) and fovea (~1.5 mm in diameter, with 
the highest cone density), and they are designed for bright 
vision and color detection. There are three types of cones 
(red, green, and blue sensitive), and the spectral range of the 
eye is approximately 400—750 nm. Rods are responsible for 
night/low-light vision, and there are about 130 million 
located outside the fovea region. 


It is arbitrarily assumed that the eye can provide sharp 
images for objects between 250 mm and infinity. A 250-mm 
distance is called the minimum focus distance or near 
point. The maximum eye resolution for bright illumination 
is 1 arc minute. 
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Upright and Inverted Microscopes 





The two major microscope geometries are upright and 
inverted. Both systems can operate in reflectance and 
transmittance modes. 
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The inverted microscope is primarily designed to work with 
samples in cell culture dishes and to provide space (with a 
long-working distance condenser) for sample manipulation 
(for example, with patch pipettes in electrophysiology). 
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The Finite Tube Length Microscope 
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Historically, microscopes were built with a finite tube 
length. With this geometry, the microscope objective images 
the object into the tube end. This intermediate image is then 
relayed to the observer by an eyepiece. Depending on the 
manufacturer, different optical tube lengths are possible 
(for example, the standard tube length for Zeiss is 160 mm). 
The use of a standard tube length by each manufacturer 
unifies the optomechanical design of the microscope. 


A constant parfocal distance for microscope objectives 
enables switching between different magnifications without 
defocusing. The field number, corresponding to the physical 
dimension (in millimeters) of the field stop inside the 
eyepiece, allows the microscope’s field of view (FOV) to be 
determined according to 


FOV = FieldNumber [mn] . 
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CURRENT TRANSFORMER 

A Current Transformer is really an ordinary transformer. 

All transformers produce a CURRENT output and a VOLTAGE output. 

If you put an ammeter across the secondary, the current will increase through the 
meter when the primary voltage is increased. 

This is because the output voltage will increase and this voltage will allow a higher 
current to flow. 

WHY DETECT CURRENT? Why not voltage? 

Because the voltage of say the "240v AC" is always 240v but the current can 
increase from say 1 amp to nearly 15 amps, depending what appliance is connected. 
So it is pointless measuring voltage. 

A Current Transformer is a step-up transformer. When we say step-up and step- 
down, we are referring to the voltage - comparing the primary voltage to the 
secondary voltage. (Most transformers on the "mains" are step-down transformers 
and are used as power supplies to laptops, phone chargers etc.) Even a welding 
transformer is a step-down device and produces about 20v to 70v, while the current 
can be as high as 100 amps. This current is higher than the mains will deliver and is 
needed to melt the metal at the point of contact of the probe and the item being 
welded. 

A Current Transformer is a step-up transformer. The primary consists of a single turn 
(or maybe 2 - 5 turns) and the secondary has 100 turns (or more). 

This means the voltage seen by the primary will be increased 100 times and appear 
as anything from a few hundred millivolts to a few volts, depending on the quality of 
the coupling. (the magnetic coupling between the wire through the centre of the 
core, the quality of the core to transfer this magnetic flux to the secondary turns.) 
This voltage is then passed to a low value resistor, where the voltage is reduced to a 
level that suits the detection circuit and the resulting millivolts is interpreted as 
current in the wire being tested. 

Recapping: 

The reading on the secondary has no relation to the current in the primary. We need 
to add a LOAD RESISTOR and create a table before we can use the transformer. 
There is no such thing as a CURRENT TRANSFORMER. It is really an INSTRUMENT 
TRANSFORMER and the scale has been marked in units of CURRENT after 
measurements have been made. (INSTRUMENT TRANSFORMER means it is a device 
that helps us to produce a connection between current flowing through a wire and a 
reading on a meter or display). 

If we connect a load to the secondary, (say an ammeter), it will produce a reading 
that increases when the current through the single primary turn is increased. That's 
because the ammeter is a LOAD. But the reading is meaningless until be calibrate 
the scale. 
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Infinity-Corrected Systems 





Microscope Eye's Pup Exit Pupil 
objectives can be ve 
I | Eye Relief 

corrected for a a 
conjugate located 
at infinity, which Eyepiece 
means that the Field Stop 
microscope 
objective images al 
an object into 
infinity. An infinite 
conjugate is useful 
for introducing 
beam splitters or 
filters that should cca 
work with small 
incidence angles. Microscope Objective |  TYPe 
Also, an infinity- Parfocal Distance 
corrected system 
accommodates 
additional 
components like 
DIC prisms, 
polarizers. etc. The collimated beam is focused to create 
an intermediate image with additional optics, called a 
tube lens. The tube lens either creates an image directly 
onto a CCD chip or an intermediate image, which is 
further reimaged with an eyepiece. Additionally, the tube 
lens might be used for system correction. For example, 
Zeiss corrects aberrations in its microscopes with a 
combination objective-tube lens. 
In the case of an infinity-corrected objective, the 
transverse magnification can only be defined in the 
presence of a tube lens that will form a real image. It is 
given by the ratio between the tube lens’s focal length and 

Manufacturer Focal Length the focal length of the 
of Tube Lens microscope objective. 
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Zeiss 164.5 mm 
Olympus 180.0 mm 
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Telecentricity of a Microscope 





Telecentricity is a feature of an optical system where the 
principal ray in object, image, or both spaces is parallel to 
the optical axis. This means that the object or image does not 
shift laterally, even with defocus; the distance between two 
object or image points is constant along the optical axis. 


An optical system can be telecentric in 


e Object space, where the entrance pupil is at infinity, and 
the aperture stop is in the back focal plane; 

e Image space, where the exit pupil is at infinity, and the 
aperture stop is in the front focal plane; or 

e Both (doubly telecentric), where the entrance and exit 
pupils are at infinity, and the aperture stop is at the 
center of the system, in the back focal plane of the 
element before the stop and front focal length of the 
element after the stop (afocal system). 


System Telecentric in Object Space 
Focused Object Plane Image Plane 
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The aperture stop in a microscope is located at the back focal 
plane of the microscope objective. This makes the microscope 
objective telecentric in object space. Therefore, in microscopy, 
the object is observed with constant magnification, even for 
defocused object planes. This feature of microscopy systems 
significantly simplifies their operation and increases the 
reliability of image analysis. 
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Magnification of a Microscope 





Magnifying power (MP) is defined as the ratio between 
the angles subtended by an object with and without 
magnification. The magnifying power (as defined for a single 
lens) creates an enlarged virtual image of an object. The 
angle of an object observed with magnification is 





af -2) 
z'-l f(z'-2) 

Therefore, 
mp aH elf =2) 
u f(z'-l) 








The angle for an unaided 
eye is defined for the minimum focus distance (d.) of 10 
inches or 250 mm, which is the distance that the object (real 
or virtual) may be examined without discomfort for the 
average population. A distance / between the lens and the 
eye is often small and can be assumed to equal zero: 


250mm _ 250mm 
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If the virtual image is at infinity (observed with a relaxed 


MP = 





eye), z’'=—00, and 
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The total magnifying power of the microscope results from 
the magnification of the microscope objective and the 
magnifying power of the eyepiece (usually 10 x): 
_ OTL 
objective 
Susan 
_ _ OTL 250mm 


microscope ~ M objective eyepiece Z f 
objective eyepiece 











Objective 
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Numerical Aperture 





The aperture diaphragm of the optical system determines the 
angle at which rays emerge from the axial object point and, 
after refraction, pass through the optical system. This 
acceptance angle is called the object space aperture angle. 
The parameter describing system throughput and _ this 
acceptance angle is called the numerical aperture (NA): 


NA=nsinu . 


As seen from the equation, 
throughput of the _ optical 
system may be increased by 
using media with a_ high 
refractive index n, e.g., oil or 
water. This effectively decreases 
the refraction angles at the 
interfaces. 


The dependence between the 
numerical aperture in the object 
space NA and the numerical 
aperture in the image space between the objective and the 
eyepiece NA’ is calculated using the objective magnification: 


NA=NA'M 





objective * 





As a result of diffraction at 
the aperture of the optical 
system, self-luminous 
points of the object are not 
imaged as points but as so- 
called Airy disks. An Airy 
disk is a bright disk 
surrounded by concentric 
rings with gradually decreasing intensities. The disk 
diameter (where the intensity reaches the first zero) is 


























1.22% 1.222 
d= wena = NA : Media Refractive Index 
Air 1 
Note that the refractive index in Water 1.33 
the equation is for media between Oil 1.45-1.6 
the object and the optical system. (1.515 is typical) 











Microscopy: Microscope Construction 39 


Resolution Limit 


\/ The lateral resolution of an 
optical system can be defined in 
terms of its ability to resolve 
images of two adjacent, self- 
luminous points. When two Airy 

\\ disks are too close, they form a 

AlA/ \AA continuous intensity distribution 


and cannot be distinguished. The Rayleigh resolution 
limit is defined as occurring when the peak of the Airy 
pattern arising from one point coincides with the first 
minimum of the Airy pattern arising from a second point 
object. Such a distribution gives an intensity dip of 26%. The 
distance between the two points in this case is 


0.610 _ 0.612 
nsinu NA — 








d 





The equation indicates that the resolution of an optical 
system improves with an increase in NA and decreases with 
increasing wavelength i. For example, for 1 = 450 nm (blue) 
and oil immersion NA = 1.4, the microscope objective can 
optically resolve points separated by less than 200 nm. 


The situation in which the intensity dip between two 
adjacent self-luminous points becomes zero defines the 
Sparrow resolution limit. In this case d = 0.5A/NA. 


The Abbe resolution limit considers both the diffraction 
caused by the 
object and the 73. 
NA of the optical 
system. It assumes 
that if at least two 
adjacent diffraction 
orders for points with _ petaiid not resolved Detail d resolved 
spacing d are accepted by the objective, these two points can 
be resolved. Therefore, the resolution depends on both 
imaging and illumination apertures and is 
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Useful Magnification 





For visual observation, the angular resolving power can 
be defined as 1.5 arc minutes. For unmagnified objects at a 
distance of 250 mm (the eye’s minimum focus distance), 1.5 
arc minutes converts to deye = 0.1 mm. Since microscope 
objectives by themselves do not usually provide sufficient 
magnification, they are combined with oculars or eyepieces. 
The resolving power of the microscope is then 
d ee das 


mic M = M ou M 





min eyepiece 


In the Sparrow resolution limit, the minimum microscope 
magnification is 


M yin = 2dypNNA/ 2. 


Therefore, a total minimum magnification Mmin can be 
defined as approximately 250-500 NA (depending on 
wavelength). For lower magnification the image will appear 
brighter, but imaging is performed below the overall 
resolution limit of the microscope. For larger magnification, 
the contrast decreases and resolution does not improve. 
While a theoretically higher magnification should not 
provide additional information, it is useful to increase it to 
approximately 1000 NA to provide comfortable sampling of 
the object. Therefore, it is assumed that the useful 
magnification of a microscope is between 500 NA and 
1000 NA. Usually, any magnification above 1000 NA is called 
empty magnification. The image size in such cases is 
enlarged, but no additional useful information is provided. 
The highest useful magnification of a microscope is 
approximately 1500 for an _ oil-immersion microscope 
objective with NA = 1.5. 


Similar analysis can be performed for digital microscopy, 
which uses CCD or CMOS cameras as image sensors. 
Camera pixels are usually small (between 2 and 30 microns), 
and useful magnification must be estimated for a particular 
image sensor rather than the eye. Therefore, digital 
microscopy can work at lower magnification, and 
magnification of the microscope objective alone is usually 
sufficient. 
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Depth of Field and Depth of Focus 





Two Object Plane Image Plane 
important 
terms are 
used to define 
axial 
resolution: 
depth of 
field and 
depth of 
focus. Depth 
of field refers 
to the object 
thickness for 
which an 
image is in 
focus, while 
depth of focus is the corresponding thickness of the image 
plane. In the case of a diffraction-limited optical system, the 
depth of focus is determined 
for an intensity drop along the 
optical axis to 80%, defined as 
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The relation between depth of 

field (2Az) and depth of focus — 

(2Az’) incorporates the 
(a 


objective magnification: Ss 
Condenser 
n' fe A 
2Az—, 
n 


an 2 
2Az' = ME iste 
where n' and n are medium refractive indexes in the object 
and image space, respectively. 


To quickly measure the depth of field for a particular 
microscope objective, the grid amplitude structure can be 
placed on the microscope stage and tilted with the known 
angle a. The depth of field is determined after measuring the 
grid zone w while in focus: 

2Az =nwtana. 
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Magnification and Frequency vs Depth of Field 





Depth of field for visual observation is a function of the 
total microscope magnification and the NA of the objective, 
approximated as 

0.54 340 
n—,+n ; 

N. IA microscope N: A 


Note that estimated values do not include eye 
accommodation. The graph below presents depth of field for 
visual observation. Refractive index n of the object space was 
assumed to equal 1. For other media, values from the graph 
must be multiplied by an appropriate n. 
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Depth of field can also be defined for a specific frequency 
present in the object because imaging contrast changes for a 
particular object frequency, as described by the modulation 
transfer function. The approximated equation is 
0.4 5000 i T T T 
2Az = —, : _ | 
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Kohler Tlumination 





One of the most critical elements in efficient microscope 
operation is proper set up of the illumination system. To 
assist with this, August Kohler introduced a solution that 
provides uniform and bright illumination over the field of 
view, even for light sources that are not uniform (e.g., a lamp 
filament). This system consists of a light source, a field-stop 
diaphragm, a condenser aperture, and collective and 
condenser lenses. This solution is now called Kohler 
illumination and is commonly used for a variety of imaging 
modes. 
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Kohler Illumination (cont.) 





The illumination system is configured such that an image of 
the light source completely fills the condenser aperture. 


Kohler illumination requires setting up the microscope 
system so that the field diaphragm, object plane, and 
intermediate image in the eyepiece’s field stop, retina, or 
CCD are in conjugate planes. Similarly, the lamp filament, 
front aperture of the condenser, microscope objective’s back 
focal plane (aperture stop), exit pupil of the eyepiece, and the 
eye’s pupil are also at conjugate planes. Kohler illumination 
can be set up for both the transmission mode (also called 
DIA) and the reflectance mode (also called EPI). 


The uniformity of the illumination is the result of having the 
light source at infinity with respect to the illuminated 
sample. 


EPI illumination is especially useful for the biological and 
metallurgical imaging of thick or opaque samples. 
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Now, lets look at the primary. 

A wire (or cable) through the centre of the core is counted as one turn. If the turn is 
wrapped around the core, the coupling will be improved, but if we always use a 
straight wire, it does not matter where it is positioned inside the centre of the core. 
It does not matter if the magnetic interaction of the flux from the wire is good or 
bad, we just have to keep to the same way of using the transformer. 

The calibration can be done with any poor coupling and the result will be accurate for 
all future readings. 

If a low-value resistor is placed across the secondary, the voltage across this resistor 
will increase and also the current through it will increase. But we are not going to 
measure the current through the resistor. We are going to measure the voltage 
across the resistor and by taking lots of reading we will finish up with a scale or table 
and this is called CALIBRATION. The results will be equated to the current flowing 
through the primary wire (primary turn). 

A clamp meter uses a current transformer and the jaws must be closed completely 
and cleanly for the flux to flow around the core and produce a reading in the 
secondary. 

Dirt in the jaws will reduce the reading considerably. 

You cannot measure the current in a "power cord" because it contains both the 
active and neutral wires. 

Even though the current is a maximum in both conductors at the same time, the 
current is flowing in two different directions and the magnetic flux produced by one 
conductor is clockwise and the other is anticlockwise and they are cancelled by each 
other. 
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Alignment of Ké6hler Illumination 





The procedure for Kohler illumination alignment consists 
of the following steps: 


1. Place the sample on the microscope stage and move it so 
that the front surface of the condenser lens is 1-2 mm 
from the microscope slide. The condenser and collective 
diaphragms should be wide open. 

2. Adjust the location of the source so illumination fills the 
condenser’s diaphragm. The sharp image of the lamp 
filament should be visible at the condenser’s diaphragm 
plane and at the back focal plane of the microscope 
objective. To see the filament at the back focal plane of 
the objective, a Bertrand lens can be applied (also see 
Special Lens Components on page 55). The filament 
should be centered in the aperture stop using the bulb’s 
adjustment knobs on the illuminator. 

3. For a low-power objective, bring the sample into focus. 
Since a microscope objective works at a parfocal distance, 
switching to a higher magnification later is easy and 
requires few adjustments. 

4. Focus and center the condenser lens. Close down the field 
diaphragm, focus down the outline of the diaphragm, and 
adjust the condenser’s position. After adjusting the x-, y-, 
and z-axis, open the field diaphragm so it accommodates 
the entire field of view. 

5. Adjust the position of the condenser’s diaphragm by 
observing the back focal objective plane through the 
Bertrand lens. When the edges of the aperture are 
sharply seen, the condenser’s diaphragm should be closed 
to approximately three quarters of the objective’s 
aperture. 

6. Tune the brightness of the lamp. This adjustment should 
be performed by regulating the voltage of the lamp’s 
power supply or, preferably, through the neutral density 
filters in the beam path. Do not adjust the brightness by 
closing the condenser’s diaphragm because it affects the 
illumination setup and the overall microscope resolution. 


Note that while three quarters of the aperture stop is 
recommended for initial illumination, adjusting the aperture 
of the illumination system affects the resolution of the 
microscope. Therefore, the final setting should be adjusted 
after examining the images. 
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Critical Illumination 





An alternative to K6éhler illumination is_ critical 
illumination, which is based on imaging the light source 
directly onto the sample. This type of illumination requires a 
highly uniform light source. Any source non-uniformities will 
result in intensity variations across the image. Its major 
advantage is high efficiency, since it can collect a larger solid 
angle than Kohler illumination and therefore provides a 
higher energy density at the sample. For parabolic or 
elliptical reflective collectors, critical illumination can utilize 
up to 85% of the light emitted by the source. 
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Stereo Microscopes 





Stereo microscopes are built to provide depth perception, 
which is important for applications like micro-assembly and 
biological and surgical imaging. Two primary stereo- 
microscope approaches involve building two separate tilted 
systems, or using a common objective combined with a 
binocular system. 
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In the latter, the angle of convergence y of a_ stereo 
microscope depends on the focal length of a microscope 
objective and a distance d between the microscope objective 
and telescope objectives. The entrance pupils of the 
microscope are images of the stops (located at the plane of 
the telescope objectives) through the microscope objective. 


Depth perception 6z can be defined as 
2500 
6z = ————_[mn]], 
M microscope tan Y 
where os is a visual stereo resolving power, which for 
daylight vision is approximately 5-10 arc seconds. 


Stereo microscopes have a convergence angle y in the range 
of 10-15 deg. Note that y is 15 deg for visual observation and 
O for a standard microscope. For example, depth perception 
for the human eye is approximately 0.05 mm (at 250 mm), 
while for a stereo microscope of Microscope = 100 and y = 15 
deg, it is 6z = 0.5 um. 
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Eyepieces 





The eyepiece relays an intermediate image into the eye, 
corrects for some remaining objective aberrations, and 
provides measurement capabilities. It also needs to relay an 
exit pupil of a microscope objective onto the entrance pupil of 
the eye. The location of the relayed exit pupil is called the 
eye point and needs to be in a comfortable observation 
distance behind the eyepiece. The clearance between the 
mechanical mounting of the eyepiece and the eye point is 
called eye relief. Typical eye relief is 7-12 mm. 


An eyepiece usually consists of two lenses: one (closer to the 
eye) which magnifies the image, and a second working as a 
collective lens and also responsible for the location of the exit 
pupil of the microscope. An eyepiece contains a field stop that 
provides a sharp image edge. 


Parameters like magnifying power of an eyepiece and 
field number (FN), ie., field of view of an eyepiece, are 
engraved on an eyepiece’s barrel: M x / FN. Field number 
and magnification of a microscope objective allow quick 
calculation of the imaged area of a sample (see also The 
Finite Tube Length Microscope on p. 34). Field number varies 
with microscopy vendors and eyepiece magnification. For 10x 
or lower magnification eyepieces, it is usually 20-28 mm 
while for higher magnification, wide-angle oculars can get 
down to approximately 5 mm. 


The majority of eyepieces are Huygens, Ramsden, or 
derivations of them. The Huygens eyepiece consists of two 
plano-convex lenses with convex surfaces facing the 
microscope objective: 
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Eyepieces (cont.) 





Both lenses are usually made with crown glass and allow for 
some correction of lateral color, coma, and astigmatism. To 
correct for color, the following conditions should be met: 


Ref and tel.sf.. 


For higher magnifications, the exit pupil moves toward the 
ocular, making observation less convenient, and so this 
eyepiece is used only for low magnifications (<10X). In 
addition, Huygens oculars effectively correct for chromatic 
aberrations, and therefore can be more effectively used with 
lower-end microscope objectives (e.g., achromatic). 


The Ramsden eyepiece consists of two plano-convex lenses 
with convex surfaces facing each other. Both focal lengths 
are very similar, and the distance between lenses is smaller 
than fe: 


Eye Point 
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The field stop is placed in the front focal plane of the 
eyepiece. A collective lens does not participate in creating an 
intermediate image, so the Ramsden eyepiece works as a 
simple magnifier: 





f=f, and t<f,. 


Compensating eyepieces work in conjunction with 
microscope objectives to correct for lateral color 
(apochromatic). 


High-eye point oculars provide an extended distance 
between the last mechanical surface and the exit pupil of the 
eyepiece. They allow users with glasses to comfortably use a 
microscope. The convenient high eye-point location should be 
20-25 mm behind the eyepiece. 
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Nomenclature and Marking of Objectives 





Objective parameters include: 


Objective correction—such as Achromat, Plan Achromat, 
Fluor, Plan Fluor, Apochromat (Apo), and Plan Apochromat. 












































Magnification—the Magnification Zeiss Code 
lens magnification for a 1X, 1.25X Black 
finite tube length, or for 2.5% Khaki 

a microscope objective in 4X, 5X Red 
combination with a tube 6.3 X Orange 
lens. In infinity- 10x Yellow 
corrected systems, |16%, 20%, 25%, 32x Green 
magnification depends 25X, 32x Green 
on the ratio between the 40X, 50 Light Blue 
focal lengths of a tube 63 X Dark Blue 
lens and a microscope > 100* White 





objective. A particular objective type should be used only in 
combination with the proper tube lens. 


Application—specialized use or design of an objective, e.g., 
H (bright field), D (dark field), DIC (differential interference 
contrast), RL (reflected light), PH (phase contrast), or P 
(polarization). 


Tube 







Magnification 
length—an 
Cae hae Objective Maker 
infinity Application Objective Type 
corrected — («) Optical Tube 


or finite tube Length (mm) 


length in mm 160/0 17 WD 0 20 


Numerical Aperture 
and Medium 

Cover slip— Coverslip Thickness (mm) | 
the thickness 
of the cover 
slip used (in mm). “0” or “—”’ means no cover glass or the 


cover slip is optional, respectively. 


Working Distance (mm) 


Magnification Color-Coded Ring 


Numerical aperture (NA) and medium—defines system 
throughput and resolution. It depends on the media between 
the sample and objective. The most common media are air 
(no marking), oil (Oil), water (W), or Glycerine. 


Working distance (WD)—the distance in millimeters 
between the surface of the front objective lens and the object. 
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Objective Designs 





Achromatic objectives (also called achromats) are 
corrected at two wavelengths: 656 nm and 486 nm. Also, 
spherical aberration and coma are corrected for green (546 
nm), while astigmatism is very low. Their major problems 
are a secondary spectrum and field curvature. 


Achromatic objectives are usually built with a lower NA 
(below 0.5) and magnification (below 40). They work well 
for white light illumination or single wavelength use. When 
corrected for field curvature, they are called plan-achromats. 


Achromatic Objectives 





NA = 0.25 
10x 
een NA = 0.50 0.80 
| 20x 40x 
NA> 1.0 









> 60x 


Meniscus Lens 
>= —— Immersion Liquid 


Object Plane amici Lens 


Fluorites or semi-apochromats have similar color 
correction as achromats; however, they correct for spherical 
aberration for two or three colors. The name “fluorites” was 
assigned to this type of objective due to the materials 
originally used to build this type of objective. They can be 
applied for higher NA (e.g., 1.3) and magnifications, and used 
for applications like immunofluorescence, polarization, or 
differential interference contrast microscopy. 


The most advanced microscope objectives are apochromats, 
which are usually chromatically corrected for three colors, 
with spherical aberration correction for at least two colors. 
They are similar in construction to fluorites but with 
different thicknesses and surface figures. With the correction 
of field curvature, they are called plan-apochromats. They 
are used in fluorescence microscopy with multiple dyes and 
can provide very high NA (1.4). Therefore, they are suitable 
for low-light applications. 
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Objective Designs (cont.) 





Apochromatic Objectives 


i | Fluorite Glass 


l Immersion Liquid 

















Object Plane Amici Lens 
Type Number of Number of colors for 
wavelengths for chromatic correction 
spherical correction 
Achromat 1 2 

Fluorite 2-3 2-3 

Plan-Fluorite 2-4 2-4 

Plan- 2-4 3-5 

Apochromat 

















(Adapted from Murphy, 2001 and http://www.microscopyu.com/) 





Examples of typical objective parameters are shown in the 
table below: 





















































M Type Medium WD NA d DOF 
10 Achromat Air 4.4 0.25 1.34 8.80 
20 Achromat Air 0.53 0.45 0.75 2.72 
40 Fluorite Air 0.50 0.75 0.45 0.98 
40 Fluorite Oil 0.20 1.80 0.26 0.49 
60 Apochromat Air 0.15 0.95 0.35 0.61 
60 Apochromat Oil 0.09 1.40 0.24 0.43 
100 Apochromat Oil 0.09 1.40 0.24 0.43 
Refractive index of oil is n = 1.515 





(Adapted from Murphy, 2001) 
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Special Objectives and Features 





Special types of objectives include long working distance 
objectives, ultra-low-magnification objectives, water- 
immersion objectives, and UV lenses. 


Long working distance objectives allow imaging through 
thick substrates like culture dishes. They are also developed 
for interferometric applications in Michelson and Muirau 
configurations. Alternatively, they can allow for the 
placement of instrumentation (e.g., micropipettes) between a 
sample and an objective. To provide a long working distance 
and high NA, a common solution is to use reflective 
objectives, or extend the working distance of a standard 
microscope objective by using a reflective attachment. While 
reflective objectives have the advantage of being free of 
chromatic aberrations, their serious drawback is a smaller 
field of view relative to refractive objectives. The central 
obscuration also decreases throughput by 15%—20%. 
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Special Objectives and Features (cont.) 





Low magnification objectives can achieve magnifications 
as low as 0.5. However, in some cases they are not fully 
compatible with microscopy systems, and may not be 
telecentric in the image space. They also often require special 
tube lenses and special condensers to provide Kohler 
illumination. 


Water immersion objectives are increasingly common, 
especially for biological imaging, because they provide a high 
NA and avoid toxic immersion oils. They usually work 
without a cover slip. 


UV objectives are made using UV transparent, low- 
dispersion materials such as quartz. These objectives enable 
imaging at wavelengths from the near-UV through the 
visible spectrum, e.g., 240-700 nm. Reflective objectives can 
also be used for the IR bands. 


Reflective Adapter to extend working distance WD 
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The quality (the coupling) of a single STRAIGHT wire 
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Special Lens Components 





The Bertrand lens is a focusable eyepiece telescope that can 
be easily placed in the light path of the microscope. This lens 
is used to view the back aperture of the objective, which 
simplifies microscope alignment, specifically when setting up 
Kohler illumination. 


To construct a high-numerical-aperture microscope objective 
with good correction, numerous optical designs implement 
the Amici lens as a first component of the objective. It is a 
thick lens placed in close proximity to the sample. An Amici 
lens usually has a plane (or nearly plane) first surface and a 
large-curvature spherical second surface. To ensure good 
chromatic aberration correction, an achromatic lens is 
located closely behind the Amici lens. In such configurations, 
microscope objectives usually reach an NA of 0.5-0.7. 






To further Amici-Type microscope objective 
increase the NA, a ats 

an Amici lens is 

improved by 

either cementing 

a high-refractive- ---!--- Bes sees 
index meniscus 

lens to it or 

placing a Amici Lens 





meniscus lens Achromatic Lens 1 Achromatic Lens 2 

closely behind the Amici lens. This makes it possible to 
construct well-corrected high magnification (100) and high 
numerical aperture (NA > 1.0) oil-immersion objective lenses. 


Amici Lens with cemented Amici Lens with Meniscus Lens 
meniscus lens closely behind 
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Cover Glass and Immersion 





The cover slip is located between the object and the 
microscope objective. It protects the imaged sample and is an 
important element in the optical path of the microscope. 
Cover glass can reduce imaging performance and cause 
spherical aberration, while different imaging angles 
experience movement of the object point along the optical 
axis toward the microscope objective. The object point moves 
closer to the 


bjecti ith = 
objective = wi NA=0.25NA=0.10 


NA=0.5 


an increase in 
angle. 


The importance 
of the cover 
glass increases 





in proportion to Air 

the _ objective’s n=1.0 

NA, especially 

in high-NA dry 

lenses. For Cover Glass 
lenses with an n=1.525 


NA smaller 
than 0.5, the 
type of cover glass may not be a critical parameter, but 
should always be properly used to optimize imaging quality. 
Cover glasses are likely to be encountered when imaging 
biological samples. Note that the presence of a standard- 
thickness cover glass is accounted for in the design of high- 
NA objectives. The important parameters that define a cover 
glass are its thickness, index of refraction, and Abbe number. 
The ISO standards for refractive index and Abbe number are 
n= 1.5255 + 0.0015 and V= 56 + 2, respectively. 





Microscope objectives are available that can accommodate a 
range of cover-slip thicknesses. An adjustable collar allows 
the user to adjust 
for cover _ slip 
thickness in the 
range from 100 0 85-180 
microns to over 150—160 
200 microns. 


Cover Glass Thickness 
Grade Number | (in microns) 
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190-250 
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Cover Glass and Immersion (cont.) 





The table below presents a summary of acceptable cover 
glass thickness deviations from 0.17 mm and the allowed 
thicknesses for Zeiss air objectives with different NAs. 











NA of the Allowed Thickness Allowed 
Objective Deviations Thickness 
(from 0.17 mm) Range 
<0.3 - 0.000—0.300 
0.30-0.45 0.07 0.100—0.240 
0.45-0.55 0.05 0.120—0.220 
0.55-0.65 0.03 0.140—0.200 
0.65-0.75 0.02 0.150—0.190 
0.75-0.85 0.01 0.160—0.180 
0.85-0.95 0.005 0.165—0.175 














(Adapted from Pluta, 1988) 
To increase both the microscope’s resolution and system 
throughput, immersion liquids are used between the cover- 
slip glass and the microscope objective, or directly between 
the sample and objective. An immersion liquid effectively 
increases the NA and decreases the angle of refraction at the 
interface between the medium and the microscope objective. 
Common immersion liquids include oil (n = 1.515), water (n = 
1.34), and glycerin (n = 1.48). 






PLAN Apochromat 
60x /095 


PLAN Apochromat 
60x / 1 40 Oil 


1017 WD015 
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Water, which is more common, or glycerin immersion 
objectives are mainly used for biological samples, such as 
living cells or a tissue culture. They provide a slightly lower 
NA than oil objectives but are free of the toxicity associated 
with immersion oils. Water immersion is usually applied 
without a cover slip. For fluorescent applications it is also 
critical to use non-fluorescent oil. 
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Common Light Sources for Microscopy 





Common light sources for microscopy include incandescent 
lamps, such as tungsten-argon and tungsten (e.g., quartz 
halogen) lamps. A tungsten-argon lamp is primarily used 
for bright-field, phase-contrast, and some _ polarization 
imaging. Halogen lamps are inexpensive and a convenient 
choice for a variety of applications that require a continuous 
and bright spectrum. 


Arc lamps are usually brighter than incandescent lamps. 
The most common examples include xenon (XBO) and 
mercury (HBO) arc lamps. Arc lamps provide high-quality 
monochromatic illumination if combined’ with the 
appropriate filter. Arc lamps are more difficult to align, are 
more expensive, and have a shorter lifetime. Their spectral 
range starts in the UV range and continuously extends 
through visible to the 


infrared. About 20% of 


the output is in the Wavelength [nm] Color 


“. ; Far UV 
visible spectrum, while 
ccee varias Near UV 
the majority is in the Violet 
UV and IR. The usual Tea RINE 
lifetime is 100-200 Pelivanakacn 
hours. Yellow doublet 





Another light source is the gas-are discharge lamp, which 
includes mercury, xenon, and halide lamps. The mercury 
lamp has several strong lines, which might be 100 times 
brighter than the average output. About 50% is located in the 
UV range, and should be used with protective glasses. For 
imaging biological samples, the proper selection of filters is 
necessary to protect living cell samples and micro-organisms 
(e.g., UV-blocking filters/cold mirrors). The xenon are lamp 
has a uniform spectrum, can provide an output power 
greater than 100 W, and is often used for fluorescence 
imaging. However, over 50% of its power falls into the IR; 
therefore, IR-blocking filters (hot mirrors) are necessary to 
prevent the overheating of samples. 


Metal halide lamps were recently introduced as high-power 
sources (over 150 W) with lifetimes several times longer than 
arc lamps. While in general the metal-halide lamp has a 
spectral output similar to that of a mercury arc lamp, it 
extends further into longer wavelengths. 
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LED Light Sources 





Light-emitting diodes (LEDs) are a new, alternative light 
source for microscopy applications. The LED is a 
semiconductor diode that emits photons when in forward- 
biased mode. Electrons pass through the depletion region of a 
p-n junction and lose an amount of energy equivalent to the 
bandgap of the semiconductor. The characteristic features of 
LEDs include a long lifetime, a compact design, and high 
efficiency. They also emit narrowband light with relatively 
high energy. 





























Wavelengths [nm] of High-power Total Beam Power 
LEDs Commonly Used in Microscopy [mW] (approximate) 
455 Royal Blue 225-450 
470 Blue 200-400 
505 Cyan 150-250 
530 Green 100-175 
590 Amber 15-25 
633 Red 25-50 
435-675 White Light 200-300 














An important feature of LEDs is the ability to combine them 
into arrays and custom geometries. Also, LEDs operate at 
lower temperatures than arc lamps, and due to their compact 
design they can be cooled easily with simple heat sinks and 
fans. 


The radiance of currently available LEDs is still significantly 
lower than that possible with arc lamps; however, LEDs can 
produce an acceptable fluorescent signal in bright microscopy 
applications. Also, the pulsed mode can be used to increase 
the radiance by 20 times or more. 


























LED Spectral Range Semiconductor 
[nm] 
350—400 GaN 
400-550 InixGaxN 
550-650 Ali-x-yInyGaxP 
650-750 AlixGaxAs 
750-1000 GaAsixPx 
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Filters 





Neutral density (ND) filters are neutral (wavelength wise) 
gray filters scaled in units of optical density (OD): 


OD = log,, (4) ; 
t 

where +t is the f Transmission ae 
transmittance. 100 f — = Ay 
ND filters can be High Pass Short Pass 
combined to 
provide OD as a 
sum of the ODs of 5 |------|.-------J--------- Lie bee 
the individual | 
filters. ND filters 
are used to 
change light , ) 
intensity without remota Seirasonor Corl TT cana 
tuning the light 


—K (HBW) 
source, which can result in a spectral shift. 
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Color absorption filters and interference filters (also see 
Multiple Wave Interference on page 16) isolate the desired 
range of wavelengths: e.g. bandpass and edge filters. 


Edge filters include short-pass and long-pass filters. Short- 
pass filters allow short wavelengths to pass and stop long 
wavelengths, and long-pass filters allow long wavelengths to 
pass while stopping short wavelengths. Edge filters are 
defined for wavelengths with a 50% drop in transmission. 


Bandpass filters allow only a selected spectral bandwidth 
to pass and are characterized with a central wavelength and 
full-width-half-maximum (FWHM) defining the spectral 
range for transmission of at least 50%. 


Color absorption glass filters usually serve as_ broad 
bandpass filters. They are less costly and less susceptible to 
damage than interference filters. 


Interference filters are based on multiple beam interference 
in thin films. They combine between three to over 20 
dielectric layers of 4/2 and 2/4, separated by metallic 
coatings. They can provide a sharp bandpass transmission 
down to the sub-nm range and full-width-half-maximum of 
10-20 nm. 
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Polarizers and Polarization Prisms 





Polarizers are built with birefringent crystals using 
polarization at multiple reflections, selective absorption 
(dichroism), form birefringance, or scattering. 


For example, polarizers Glan-Thompson Prism 
built with birefringent 
crystals (Glan-Thompson 
prisms) use the principle 
of total internal reflection 
to eliminate ordinary or 


Extraordinary Ray OPtic Axis 


fo) 











extraordinary components Optic Axis Ordinary Ray 
(for positive or negative under TIR 
crystals). 


Birefringent prisms are crucial components for numerous 
microscopy techniques, e.g., differential interference 
contrast. The most common birefringent prism is a 
Wollaston prism. It splits light into two beams with 
orthogonal polarization and propagates under different 
angles. 


The angle between propagating beams is 

e=2 

Both beams produce interference with fringe period b: 
xr iN 
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The localization plane of fringes is 
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Polarizers and Polarization Prisms (cont.) 





The fringe localization plane tilt can be compensated by 
using two symmetrical Wollaston prisms. 


Two Wollaston Prisms 
compensate for tilt of fringe 
localization plane 


| Incident 
Light 





Wollaston prisms have a fringe localization plane inside the 
prism. One example of a modified Wollaston prism is the 
Nomarski prism, which simplifies the DIC microscope 
setup by shifting the plane outside the prism, 1.e., the prism 
does not need to be physically located at the condenser front 
focal plane or the objective’s back focal plane. 


Nomarski Prism 





Fringe Localization 
Plane 


Incident 
Light 
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Amplitude and Phase Objects 





The major object types encountered on the microscope are 
amplitude and phase objects. The type of object often 
determines the microscopy "1 a 


technique selected for EXT TT vo 
imaging. 

The amplitude object is on ee 
defined as one that changes 

the amplitude and therefore 

the intensity of transmitted "71 
or reflected light. Such 
objects are usually imaged 

with bright-field microscopes. n=1 
A stained tissue slice is a 
common amplitude object. 


% Phase Object 


g Phase-Amplitude 
°, Objects, 





Phase objects do not affect the optical intensity; instead, they 
generate a phase shift in the transmitted or reflected light. 
This phase shift usually arises from an inhomogeneous 
refractive index distribution throughout the sample, causing 
differences in optical path length (OPL). Mixed amplitude- 
phase objects are also possible (e.g., biological media), which 
affect the amplitude and phase of illumination in different 
proportions. 


Classifying objects as self-luminous and _non-self- 
luminous is another way to categorize samples. Self- 
luminous objects generally do not directly relate their 
amplitude and phase to the illuminating light. This means 
that while the observed intensity may be proportional to the 
illumination intensity, its amplitude and phase are described 
by a statistical distribution (e.g., fluorescent samples). In 
such cases, one can treat discrete object points as secondary 
light sources, each with their own amplitude, phase, 
coherence, and wavelength properties. 


Non-self-luminous objects are those that affect the 
illuminated beam in such a manner that discrete object 
points cannot be considered as entirely independent. In such 
cases, the wavelength and temporal coherence of the 
illuminating source needs to be considered in imaging. A 
diffusive or absorptive sample is an example of such an 
object. 
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The Selection of a Microscopy Technique 





Microscopy provides several imaging principles. Below is a 
list of the most common techniques and object types: 





Technique 


Type of sample 





Bright-field 


Amplitude specimens, reflecting 
specimens, diffuse objects 





Phase contrast 


Dark-field Light-scattering objects 


Phase objects, light-scattering objects, 
light-refracting objects, reflective 
specimens 











Differential Phase objects, light-scattering objects, 
interference contrast light-refracting objects, reflective 
(DIC) specimens 
Polarization Birefringent specimens 
microscopy 
Fluorescence Fluorescent specimens 
microscopy 





Laser scanning, 
Confocal microscopy, 
and Multi-photon 
microscopy 


3D samples requiring optical sectioning, 
fluorescent and scattering samples 





Super-resolution 
microscopy (RESOLFT, 
4Pi, FM, SI, STORM, 
PALM, and others) 


Imaging at the molecular level; imaging 

primarily focuses on fluorescent samples 

where the sample is a part of an imaging 
system 





Raman microscopy, 


Contrast-free chemical imaging 














CARS 
Array microscopy Imaging of large FOVs 
SPIM Imaging of large 3D samples 
Interference Topography, refractive index 
Microscopy measurements, 3D coherence imaging 











All of these techniques can be considered for transmitted or 
reflected light. Below are examples of different sample types: 





Sample type 


Sample Example 





Amplitude specimens 


Naturally colored specimens, stained tissue 





Specular specimens 


Mirrors, thin films, metallurgical samples, 
integrated circuits 





Diffuse objects 


Diatoms, fibers, hairs, micro-organisms, 
minerals, insects 





Phase objects 


Bacteria, cells, fibers, mites, protozoa 





Light-refracting 


Colloidal suspensions, minerals, powders 

















samples 
Birefringent Mineral sections, crystallized chemicals, 
specimens liquid crystals, fibers, single crystals 
Fluorescent Cells in tissue culture, fluorochrome-stained 
specimens sections, smears and spreads 





(Adapted from www.microscopyu.com) 
——— a eas] 


through the centre of a core is very poor 
but if all readings are taken with this amount 
of coupling, the readings will be accurate, as the 
calibrations have been done with this arrangement. 


OPTO ISOLATORS and OPTO COUPLERS 


Opto Isolators and Opto Couplers are the same thing. A common opto-coupler is 
4N35. It is used to allow two circuits to exchange signals yet remain electrically 
isolated. The signal is applied to the LED, which shines on a silicon NPN photo- 
transistor in the IC. 

The light is proportional to the signal, so the signal is transferred to the photo 
transistor to turn it on a proportional amount. Opto-couplers can have Light 
Activated SCR's, photodiodes, TRIAC's and other semiconductor devices as an 
output. The 4N35 opto-coupler schematic is shown below: 





An opto-Coupler using a TRIAC 
Note: the pinout is different to 4N35 


TESTING AN OPTO COUPLER 


Most multimeters cannot test the LED on the input of an opto-coupler because the 
ohms range does not have a voltage high enough to activate the LED with at least 
2mA. 

You need to set-up the test-circuit shown above with a 1k resistor on the input and 
1k5 on the output. When the 1k is connected to 12v, the output LED will illuminate. 
The opto-coupler should be removed from circuit to perform this test. 


TRANSISTORS 


Transistors are solid-state devices and although they operate completely differently 
to a diode, they appear as two back-to-back diodes when tested. 

There are basically 2 types of transistor NPN and PNP. 

A transistor is sometimes referred to as BJT (Bi-polar Junction Transistor) to 
distinguish it from other types of transistor such as Field Effect transistor, 
Programmable Unijunction Transistor and others. 
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Image Comparison 





The images below display four important microscope 
modalities: bright field, dark field, phase contrast, and 
differential interference contrast. They also demonstrate 
the characteristic features of these methods. The images are 
of a blood specimen viewed with the Zeiss upright Axiovert 
Observer Z1 microscope. The microscope was set with an 
objective at 40x, NA = 0.6, Ph2, LD Plan Neofluor, and a 
cover slip glass of 0.17 mm. The pictures were taken with a 
monochromatic CCD camera. 


















Bright Field 
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e Contrast Differential Interference 


Contrast (DIC) 
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The bright-field image relies on absorption and shows the 
sample features with decreasing amounts of passing light. 
The dark-field image only shows the scattering sample 
components. Both the phase contrast and the differential 
interference contrast demonstrate the optical thickness of 
the sample. The characteristic halo effect is visible in the 
phase-contrast image. The 3D effect of the DIC image arises 
from the differential character of images; they are formed as 
a derivative of the phase changes in the beam as it passes 
through the sample. 
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Phase Contrast 





Phase contrast is a technique used to visualize phase 
objects by phase and amplitude modifications between the 
direct beam propagating through the microscope and the 
beam diffracted at the phase object. An object is illuminated 
with monochromatic light, and a_ phase-delaying (or 
advancing) element in the aperture stop of the objective 
introduces a phase shift, which provides interference 
contrast. Changing the amplitude ratio of the diffracted and 
non-diffracted light can also increase the contrast of the 
object features. 


Image Plane 


Direct Beam 


Diffracted Beam 


Phase Plate 






Fly Aperture Stop 


+——-Microscope Objective 


Surrounding Media (n,,) 
Phase Object (n,,) 


Condenser Lens 





—Y— Diaphra 
Light Source ee 
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Phase Contrast (cont.) 





Phase contrast is primarily used for imaging living biological 
samples (immersed in a solution), unstained samples (e.g., 
cells), thin film samples, and mild phase changes from 
mineral objects. In that regard, it provides qualitative 
information about the optical thickness of the sample. Phase 
contrast can also be used for some quantitative 
measurements, like an estimation of the refractive index or 
the thickness of thin layers. Its phase detection limit is 
similar to the differential interference contrast and is 
approximately 4/100. On the other hand, phase contrast 
(contrary to DIC) is limited to thin specimens, and phase 
delay should not exceed the depth of field of an objective. 
Other drawbacks compared to DIC involve its limited optical 
sectioning ability and undesired effects like halos or shading- 
off. (See also Characteristic Features of Phase Contrast 
Microscopy on page 71). 


The most important advantages of phase contrast (over 
DIC) include its ability to image birefringent samples and 
its simple and inexpensive implementation into standard 
microscopy systems. 


Presented below is a mathematical description of the phase 
contrast technique based on a vector approach. The phase 
shift in the figure (See page 68) is represented by the 
orientation of the vector. The length of the vector is 
proportional to amplitude of the beam. When using standard 
imaging on a transparent sample, the length of the light 
vectors passing through sample PO and surrounding media 
SM is the same, which makes the sample invisible. 
Additionally, vector PO can be considered as a sum of the 
vectors passing through surrounding media SM and 
diffracted at the object DP. 


PO=SM+ DP 


If the wavefront propagating through the surrounding media 
can be the subject of an exclusive phase change (diffracted 
light DP is not affected), the vector SM is rotated by an angle 
corresponding to the phase change. This exclusive phase 
shift is obtained with a small circular or ring phase plate 
located in the plane of the aperture stop of a microscope. 
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Phase Contrast (cont.) 





Consequently, vector PO, which represents light passing 
through a phase sample, will change its value to PO’ and 
provide contrast in the image: 

PO'=SM'+ DP, 
where SM' represents the rotated vector SM. 








Phase Shift to Direct Light 
Introduced by 


Phase Advancing Object pavaniong Piss lets 


Vector for light passing through 
Surrounding Media (SM) 


Vector for Light Diffracted 

at the Phase Object (DP) 
Vector for light passing through 
Phase Object (PO) 


Phase Retardation Introduced 
by Phase Object 


Phase Retarding Object 


Phase samples are considered to be phase retarding 
objects or phase advancing objects when their refractive 
index is greater or less than the refractive index of the 
surrounding media, respectively. 




















Phase plate Object Type Object Appearance 
Op = +n/2 (490°) phase-retarding brighter 
Op = +n/2 (490°) phase-advancing darker 
Qp = —n/2 (—90°) phase-retarding darker 
Qp = —n/2 (—90°) phase-advancing brighter 
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Visibility in Phase Contrast 





Visibility of features in phase contrast can be expressed 
as 


re) 


[ 





, ' 
C _ dL sii =H gs _ |SM’ -|PO 
ph 2 
d sit SM | 
This equation defines the 6 Intensity in Image / Intensity of Background 
phase object’s visibility 5 | 
as a ratio between the , 
intensity change due to 3 Negative x/2 phase plate 
2 
4 
0 





phase features and the 
intensity of surrounding 
media |SM'|?. It defines 
the negative and positive contrast for an object appearing 
brighter or darker than the media, respectively. Depending 
on the introduced phase shift (positive or negative), the same 
object feature may appear with a negative or positive 
contrast. Note that Cyn relates to classical contrast C as 
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Contrast Phase Plate For phase changes in the 0-21 
—20 Op = +n/2 (+90) range, intensity in the image 
+29 p =—n/2 (-90) | can be found using vector 





relations; small phase changes in the object » << 90 deg can 
be approximated as +20. 





To increase the contrast of images, the intensity in the direct 
beam is additionally changed with beam attenuation t in the 
phase ring. t is defined as a transmittance, t = 1/N, where N 
is a dividing coefficient of intensity in a direct beam 
(intensity is decreased N times). The contrast in this case is 


Cy, =-20/ Vt =-29VN 
for a +n/2 phase plate, and 
Cy =4+20/ Vt =+20VN 
for -7/2 phase plate. The minimum perceived phase 
difference with phase contrast is 
Con-min’ 


AQ yin =—— = 
one el 


Cph-min 18 usually accepted at the contrast value of 0.02. 
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The Phase Contrast Microscope 





Intermediate 


The common _phase- image Plane 


contrast system is similar 
to the bright-field 
microscope but with two 
modifications: 









~~ Direct Beams 


__—— Diffracted Beam 


1. The condenser 
diaphragm is replaced 
with an annular 
aperture diaphragm. 

2. Aring-shaped phase 
plate is introduced at 
the back focal plane of 
the microscope 
objective. The ring 
may include metallic 
coatings, typically 
providing 75% to 90% ——Annular Aperture 
attenuattion of the 
direct beam. 


Phase Ring 


— Microscope Objective 


_ Surrounding 
~~ Media (nm) 


~~ Phase Object (npo) 


Both components are in 
conjugate planes and are 
aligned such that the 
image of the annular 
condenser diaphragm | 

overlaps with the objective phase ring. While there is no 
direct access to the objective phase ring, the anular aperture 
in front of the condenser is easily accessible. 


The phase shift introduced 
by the ring is given by 


Field Diaphragm 
Collective Lens 


Phase Contrast Objectives 





NA = 0.25 
és pg A, . )t 10x 

Xr = 
where mm and nr are a 
refractive indices of the : NA = 1.25 oil 
media surrounding the "ras¢ Rings ae 
phase ring and the ring i 
itself, respectively. t is the 
physical thickness of the Object ane Ge 





phase ring. 
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Characteristic Features of Phase Contrast 








Images in phase contrast are dark or 
bright features on a_ background 
(positive and negative contrast, 
respectively). They contain undesired 
image effects called halo and shading- 
off, which are a _ result of the 
incomplete separation of direct and diffracted light. The 
halo effect is a phase contrast feature that increases 
light intensity around sharp changes in the phase 
gradient. 


Object Positive Phase Contrast Negative Phase Contrast 





Top a Cross Section : Intensity in cross section of an image 


' | J 


16: 












































Image Image with Ideal 
Halo and Image Halo Shading-off 
Shading-off Effect Effect 


The shading-off effect is 
an increase or decrease (for 


dark or bright images, i TPN 


NA and Magnification Increase 


respectively) of the intensity 
of the phase sample feature. 


Both effects strongly increase with an increase in 
numerical aperture and magnification. They can be 
reduced by surrounding the sides of a phase ring with ND 
filters. 


Lateral resolution of the phase contrast technique is 
affected by the annular aperture (the radius of phase ring 
rpr) and the aperture stop of the objective (the radius of 
aperture stop is ras). It is 


; x 
d = f objective 2 
(7, ‘as + oR ) 
compared to the resolution limit 
for a standard microscope: 


Xr 
= ' 1 
d ~~ ft objective ? 


AS 






Aperture Stop 


Phase Ring 
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Amplitude Contrast 





Intermediate Image 
Plane 


Amplitude contrast 
changes the contrast in the 
images of absorbing samples. 
It has a layout similar to 
phase contrast; however, 
there is no phase change 
introduced by the object. In 
fact, in many cases a phase- 
contrast microscope can 
increase contrast based on 
the principle of amplitude 
contrast. The visibility of 
images is modified by 
changing the intensity ratio 
between the direct and 
diffracted beams. 












"> Direct Beams 


anes Diffracted Beam 


_—7 Attenuating Ring 


‘ a Aperture Stop 
Z 


——Microscope Objective 


/_____— Amplitude or Scattering 
Object 


-—- Condenser Lens 


—_———Annular Aperture 


A vector schematic of the 


technique is as follows: Field Diaphragm 


Collective Lens 


Vector for light passing through 


Surrounding Media (SM) 
SM 


‘ DA 


Weitere e 
Vector for Light Diffracted at the 
Amplitude Object (DA) 
Vector for light passing through 
Amplitude Object (AO) 


AO 
Object 


Similar to visibility in phase contrast, image contrast can be 
described as a ratio of the intensity change due to amplitude 
features surrounding the media’s intensity: 

-I 


object __ 





en 2|SM ||D4|—-|DA| 

- Lats |SM [ 
Since the intensity of diffraction for amplitude objects is 
usually small, the contrast equation can be approximated 


with Cao = 2|DA|/|SM|. If a direct beam is further 
attenuated, contrast Cac will increase by factor of N-! = 1/t"1. 





Microscopy: Specialized Techniques 73 


Oblique Illumination 





Oblique illumination (also called anaxial illumination) 
is used to visualize phase objects. It creates pseudo-profile 
images of transparent samples. These reliefs, however, do 
not directly correspond to the actual surface profile. 


The principle of oblique illumination can be explained by 
using either refraction or diffraction and is based on the fact 
that sample features of various spatial frequencies will have 
different intensities in the image due to a nonsymmetrical 
system layout and the filtration of spatial frequencies. 









Aperture Stop 


Microscope Objective 


= Phase Object 


Condenser Lens 


@ Sai an 
Asymetrically 


Obscured Illumination 


In practice, oblique illumination can be achieved by 
obscuring light exiting a condenser; translating the sub-stage 
diaphragm of the condenser lens does this easily. 


The advantage of oblique illumination is that it improves 
spatial resolution over Kohler illumination (up to two times). 
This is based on the fact that there is a larger angle possible 
between the 0 and 1** orders diffracted at the sample for 
oblique illumination. In Kohler illumination, due _ to 
symmetry, the 0 and —1* orders at one edge of the stop will 
overlap with the 0 and +1st order on the other side. 
However, the gain in resolution is only for one sample 
direction; to examine the object features in two directions, a 
sample stage should be rotated. 
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Modulation Contrast 





Modulation contrast microscopy (MCM) is based on the 
fact that phase changes in the object can be visualized with 
the application of multilevel gray filters. 


The intensities of light refracted at the object are displayed 
with different values since they pass through different zones 
of the filter located in the stop of the microscope. MCM is 
often configured for oblique illumination since it already 
provides some intensity variations for phase objects. 
Therefore, the resolution of the MCM changes between 
normal and oblique illumination. 


MCM can be obtained through a simple modification of a 
bright-field microscope by adding a slit diaphragm in front of 
the condenser and amplitude filter (also called the 
modulator) in the aperture stop of the microscope objective. 
The modulator filter consists of three areas: 100% (bright), 
15% (gray), and 1% (dark). This filter acts in a similar way to 
the knife-edge in the Schlieren imaging techniques. 


1% 15% 100% 









Modulator Filter 


Aperture Stop 


Microscope Objective 


. Phase Object 


Condenser Lens 





In the following diagram, two diodes are connected together and although the 
construction of a transistor is more complex, we see the transistor as two diodes 


when testing it. 
collector 
ps N base 
N 


emitter 


as. ae 
u 


emitter 


ia 


collector 





we 2'u 


A TRANSISTOR APPEARS AS TWO DIODES WHEN TESTING IT 


All transistors have three leads. Base (b), Collector (c), and Emitter (e). 

For an NPN transistor, the arrow on the emitter points away from the base. 

It is fortunate that the arrow on both symbols points in the direction of the flow of 
current (Conventional Current) and this makes it easy to describe testing methods 
using our simplified set of instructions. The symbols have been drawn exactly as 
they appear on a circuit diagram. 


All transistors are the same but we talk about digital and analogue transistors. 
There is no difference between the two. 

The difference is the circuit. And the only other slight difference between transistors 
is the fact that some have inbuilt diodes and resistors to simplify the rest of the 
circuit. 

All transistors work the same way. The only difference is the amount of amplification 
they provide, the current and voltage they can withstand and the speed at which 
they work. For simple testing purposes, they are all the same. 


NPN transistors are the most common and for an NPN transistor, the following 
applies. 

(the opposite applies for PNP) 

To test a transistor, there is one thing you have to know: 

When the base voltage is higher than the emitter, current flows though the 
collector-emitter leads. 

As the voltage is increased on the base, nothing happens until the voltage reaches 
0.55v. At this point a very small current flows through the collector-emitter leads. As 
the voltage is increased, the current-flow increases. At about 0.75v, the current-flow 
is a MAXIMUM. (can be as high as 0.9v). That's how it works. A transistor also needs 
current to flow into the base to perform this amplifying function and this is the one 
feature that separates an ordinary transistor from a FET. 


If the voltage on the base is Ov, then instantly goes to 0.75v, the transistor initially 
passes NO current, then FULL current. The transistor is said to be working in its two 
states: OFF then ON (sometimes called: "cut-off" and "saturation"). These are called 
digital states and the transistor is said to be a DIGITAL TRANSISTOR or a 
SWITCHING TRANSISTOR , working in DIGITAL MODE. 


If the base is delivered 0.5v, then slowly rises to 0.75v and slowly to 0.65v, then 
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Hoffman Contrast 





A specific implementation of MCM is Hoffman modulation 
contrast, which uses two additional polarizers located in 
front of the slit aperture. One polarizer is attached to the sht 
and obscures 50% of its width. A second can be rotated, 
which provides two intensity zones in the slit (for crossed 
polarizers, half of the slit is dark and half is bright; the 
entire slit is bright for the parallel position). 


The major advantages of this technique include imaging at a 
full spatial resolution and a minimum depth of field, which 
allows optical sectioning. The method is inexpensive and 
easy to implement. The main drawback is that the images 
deliver a pseudo-relief image, which cannot be directly 
correlated with the object’s form. 
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Dark Field Microscopy 











In dark-field microscopy, 
the specimen is illuminated 
at such angles that direct 
light is not collected by the 
microscope objective. Only 
diffracted and _ scattered 
light are used to form the 
image. 


40x / 0.65 


Illumination 


Scattered Light 





The key component of the MN 
dark-field system is the — 
condenser. The _ simplest 








approach uses an annular 
condenser stop and a 
microscope objective with an 
NA below that of the 
illumination cone. This 
approach can be used for 
objectives with NA < 0.65. 
Higher-NA objectives may 
incorporate an adjustable 
iris to reduce their NA 
below 0.65 for dark-field 
imaging. To image at a 
higher NA, - specialized 








Scattered Light 






Illumination 


reflective dark-field 
condensers are necessary. 
Examples of such Scattered Light 


condensers’ include the 'llumination 
cardioid and paraboloid 
designs, which enable dark- 

field imaging at an NA up to 

0.9-1.0 (with oil 
immersion). 





For dark-field imaging in 
epi-illumination, objective 
designs consist of external 
illumination, and internal 
imaging paths are used. 


Illumination 
~Scattered Light 
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Optical Staining: Rheinberg Illumination 





Optical staining is a class of techniques that uses optical 
methods to provide color differentiation between different 
areas of a sample. 


Rheinberg — illumin- Common Color Combinations 
ation is a modification 
of dark-field illumin- Inner Filter Annular Filter 


ation. Instead of an 
annular aperture, it | Red 
uses two-zone_ color 
filters located in the 
front focal plane of the Pp Red 
condenser. The overall diameter of the outer annular color 


filter is shghtly greater than that corresponding to the NA of 
the system: 





2n, >2NAf" 


condenser * 

To provide good contrast between scattered and direct light, 
the inner filter is darker. Rheinberg illumination provides 
images that are a combination of two colors. Scattering 
features in one color are visible on the background of the 
other color. 


Direct Light for 42 


\ 





_ Direct Light for 41 and 
Scattered Light for 42 


— 


[M1 IIlumination 


—2 Illumination 


a 


Full Spectrum 2 Ta or 
Interference Filter - 41 na 


Interference Filter - 42 ——— 

Color-stained images can also be obtained in a simplified 
setup where only one (inner) filter is used. For such an 
arrangement, images will present white-light scattering 
features on the colored background. Other deviations from 
the above technique include double illumination where 
transmittance and reflectance are separated into two 
different colors. 
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Optical Staining: Dispersion Staining 





Dispersion staining n 
is based on using 
highly dispersive 
media that matches 
the refractive index of 
the phase sample for 
a single wavelength r 
Am (the matching 
wavelength). The 
system is configured 
in a setup similar to dark-field or oblique illumination. 
Wavelengths close to the matching wavelength will miss 
the microscope objective, while the other will refract at 
the object and create a colored dark-field image. Various 
configurations include illumination with a dark-field 
condenser and an annular aperture or central stop at the 


Sample 


Medium 
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Wavelength A 


back focal plane 


of the microscope 
objective. 


The annular-stop 


technique uses 
low- 
magnification 


num nim 


400-450 440 
450-480 470 





ees 
eat) Obi ertives [Red [930-100 380 
with a stop built 


as an opaque screen with a central opening, and is used 
for bright-field dispersion staining. The annular stop 
absorbs red and blue wavelengths and allows yellow 
through the system. A sample appears as white with 
yellow borders. The image background is also white. 





The central-stop system absorbs unrefracted yellow light 
and direct white light. Sample a ay up as purple 
(a mixture of red and : 

blue) borders on a dark 
background. Different 
media and_ sample 
types will modify the 
color’s appearance. 
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Shearing Interferometry: The Basis for DIC 





Differential interference contrast (DIC) microscopy is 
based on the principles of shearing interferometry. Two 
wavefronts propagating through an _ optical system 
containing identical phase Sheared Wavefronts 

distributions (introduced by the 
sample) are slightly shifted to 
create an interference pattern. 
The phase of the resulting 
fringes is directly proportional 
to the derivative of the phase Sheared and Delayed 
distribution in the object, hence 
the name “differential.” 
Specifically, the intensity of the 
fringes relates to the derivative 
of the phase delay through the 
object (go) and the local delay 








between wavefronts (Ab): Sheared and Tilted 
I &Diyqx COS’ (A, + AQ, ) j ——_—— 
0 —— 
Tel. cos'(a, #522), ——— 
dx ——— —: 





where s denotes the shear between wavefronts, and Ap is the 
axial delay. 


@ Ss 


| Sheared Wavefronts 














Xx 


Wavefront shear is commonly introduced in DIC microscopy 
by incorporating a Mach-Zehnder interferometer into the 
system (e.g., Zeiss) or by the use of birefringent prisms. The 
appearance of DIC images depends on the sample orientation 
with respect to the shear direction. 
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DIC Microscope Design 





The most common differential interference contrast 
(Nomarski DIC) design uses two Wollaston or Nomarski 
birefringent prisms. The first prism splits the wavefront 
into ordinary and extraordinary components to produce 
interference between these beams. Fringe localization planes 
for both prisms are in conjugate planes. Additionally, the 
system uses a crossed polarizer and analyzer. The polarizer 
is located in front of prism I, and the analyzer is behind 
prism IT. The polarizer is rotated by 45 deg with regard to 
the shear axes of the prisms. ‘ 


If prism II is centrally located, the 
intensity in the image is 


(5 0) 
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I «sin Wollaston Prism II 


For a translated prism, phase bias 
A» is introduced, and the intensity 
is proportional to 
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The sign in the equation depends on 
the direction of the shift. Shear s is 
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Microscope Objective 
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objective objective 


where « is the angular shear provided by the birefringent 
prisms, s’ is the shear in the image space, and OTL is the 
optical tube length. The high spatial coherence of the source 
is obtained by the slit located in front of the condenser and 
oriented perpendicularly to the shear direction. To assure 
good interference contrast, the width of the slit w should be 


= LF scitiedins 
4s 


Ww 


Low-strain (low-birefringence) objectives are crucial for high- 
quality DIC. 
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Appearance of DIC Images 





In practice, shear between wavefronts in differential 
interference contrast is small and accounts for a fraction 
of a fringe period. This provides the differential character of 
the phase difference between interfering beams introduced to 
the interference equation. 


Shear Direction Shear Direction 
<_ 


Shear Direction Shear Direction 





Bias + dOPLidx Bias + dOPLidx Bias + GOPLdx Bias + GOPL/dx 


Interfering Wavefronts Bias = a/2 Bias = 2/2 
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Object Object Object Object 


Increased shear makes the edges of the object less sharp, 
while increased bias introduces some background intensity. 
Shear direction determines the appearance of the object. 


Shear Direction Shear Direction Shear Direction 
5 a | 


/ 


Compared to phase contrast, DIC allows for larger phase 
differences throughout the object and operates in full 
resolution of the microscope (i.e., it uses the entire aperture). 
The depth of field is minimized, so DIC allows optical 
sectioning. 
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Reflectance DIC 





A Nomarski interference microscope (also called a 
polarization interference contrast microscope) is a reflectance 
DIC system developed to 

evaluate roughness and the “ies 
surface profile of specular 
samples. Its applications 
include metallography, 
microelectronics, biology, 
and medical imaging. It uses From white 
one Wollaston or Nomarski ‘S's 
prism, a polarizer, and an 
analyzer. The information 
about the sample is obtained Wollaston == 
for one direction parallel to Prism 
the gradient in the object. To Microscope Objective/———} 
acquire information for all 
directions, the sample 

should be rotated. 
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If white light is used, 
different colors in the image 
correspond to different — 
sample slopes. It is possible 

to adjust the color by rotating the polarizer. 





Phase delay (bias) can be introduced by translating the 
birefringent prism. For imaging under monochromatic 
illumination, the brightness in the image corresponds to the 
slope in the sample. Images with no bias will appear as 
bright features on a dark background; with bias they will 
have an average background level, and slopes will vary 
between dark and bright. This way, it is possible to interpret 
the direction of the slope. Similar analysis can be performed 
for the colors from white-light illumination. 


Brightness in image Brightness in image 


Le ee eee SS 


ya of ae 
ee 


Illumination with no bias Illumination with bias 
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Polarization Microscopy 





Polarization microscopy provides images containing 
information about the properties of anisotropic samples. A 
polarization microscope is a modified compound microscope 
with three unique components: the polarizer, analyzer, 
and compensator. A linear polarizer is located between the 
light source and the specimen, close to the condenser’s 
diaphragm. The analyzer is a linear polarizer with its 
transmission axis perpendicular to the polarizer. It is placed 
between the sample and the eye/camera, at or near the 
microscope objective’s aperture stop. If no sample is present, 
the image should appear uniformly dark. The compensator (a 
type of retarder) is a birefringent plate of known parameters 
used for quantitative sample analysis and_ contrast 
adjustment. 


Quantitative information can be obtained by introducing 
known retardation. Rotation of the analyzer correlates the 
analyzer’s angular position with the retardation required to 
minimize the light intensity for | 

object features at selected ee 
















wavelengths. Retardation 
introduced by the compensator 
plate can be described as Analyzer 
(Rotating Mount) 
ES (n, —n, \t ; 

Compensator 
where ¢ is the sample thickness, Aperture / 
and subscripts e and o denote ei 
the extraordinary and ordinary Obective © 
beams. Retardation in concept is 
similar to the optical path Anisotropic 


difference for beams propagating Sample 


through two different materials: 
OPD = (n, = n,)t = (n, —n, \t : Condenser Lens 


Condenser 
Diaphi 
The phase delay caused by aa 


Polarizer 





sample birefringence is therefore (Rotating Mount) 
5 = 2nOPD _ 2x0 
i i. 


A polarization microscope can 
also be used to determine the 

: : ‘ : Light Source 
orientation of the optic axis. ' 
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Images Obtained with Polarization Microscopes 





Anisotropic samples observed under a_ polarization 
microscope contain dark and bright features and will 
strongly depend on the geometry of the sample. Objects can 
have characteristic elongated, linear, or circular structures: 


e linear structures appear as dark or _ bright, 
depending on the orientation of the analyzer. 


e circular structures have a “Maltese Cross” pattern 
with four quadrants of different intensities. 


While polarization microscopy uses monochromatic light, it 
can also use white-light illumination. For broadband light, 
different wavelengths will be subject to different retardation; 
as a result, samples can provide different output colors. In 
practical terms, this means that color encodes information 
about retardation introduced by the object. The specific 
retardation is related to the image color. Therefore, the color 
allows for determination of sample thickness (for known 
retardation) or its retardation (for known sample thickness). 
If the polarizer and the analyzer are crossed, the color visible 
through the microscope is a complementary color to that 
having full wavelength retardation (a multiple of 2x, and the 
intensity is minimized for this color). Note that the two 
complementary colors combine into white light. If the 
analyzer could be rotated to be parallel to the analyzer, the 
two complementary colors will be switched (the one 
previously displayed will be minimized, while the other color 
will be maximized). 


Polarization microscopy can provide quantitative information 
about the sample with the application of compensators (with 
known retardation). Estimating retardation might be 
performed visually or by integrating with an image 
acquisition system and CCD. This latter method requires one 
to obtain a series of images for different retarder orientations 
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0.7v, then 0.56v etc, the transistor is said to be working in ANALOGUE MODE and 
the transistor is an ANALOGUE TRANSISTOR. 

Since a transistor is capable of amplifying a signal, it is said to be an active device. 
Components such as resistors, capacitors, inductors and diodes are not able to 
amplify and are therefore known as passive components. 


In the following tests, use your finger to provide the TURN ON voltage for the base 
(this is 0.55v to 0.7v) and as you press harder, more current flows into the base and 
thus more current flows through the collector-emitter terminals. As more current 
flows, the needle of the multimeter moves UP-SCALE. 


TESTING A TRANSISTOR ON A DIGITAL METER 


Testing a transistor with a Digital Meter must be done on the "DIODE" setting as a 
digital meter does not deliver a current through the probes on some of the resistance 
settings and will not produce an accurate reading. 

The "DIODE" setting must be used for diodes and transistors. It should also be called 
a "TRANSISTOR" setting. 


TESTING AN unknown TRANSISTOR 

The first thing you may want to do is test an unknown transistor for COLLECTOR, 
BASE AND EMITTER. You also want to perform a test to find out if it is NPN or PNP. 
That's what this test will provide. 

You need a cheap multimeter called an ANALOGUE METER - a multimeter with a 
scale and pointer (needle). 

It will measure resistance values (normally used to test resistors) - (you can also 
test other components) and Voltage and Current. We use the resistance settings. It 
may have ranges such as "x10" "x100" "xik" "x10" 

Look at the resistance scale on the meter. It will be the top scale. 

The scale starts at zero on the right and the high values are on the left. This is 
opposite to all the other scales. 

When the two probes are touched together, the needle swings FULL SCALE and reads 
"ZERO." Adjust the pot on the side of the meter to make the pointer read exactly 
zero. 


How to read: "x10" "x100" "x1k" "x10" 

Up-scale from the zero mark is "i" 

When the needle swings to this position on the "x10" setting, the value is 10 ohms. 
When the needle swings to "1" on the "x100" setting, the value is 100 ohms. 

When the needle swings to "1" on the "xik" setting, the value is 1,000 ohms = 1k. 
When the needle swings to "1" on the "x10k" setting, the value is 10,000 ohms = 
10k. 

Use this to work out all the other values on the scale. 

Resistance values get very close-together (and very inaccurate) at the high end of 
the scale. [This is just a point to note and does not affect testing a transistor. ] 


Step 1 - FINDING THE BASE and determining NPN or PNP 

Get an unknown transistor and test it with a multimeter set to "x10" 

Try the 6 combinations and when you have the black probe on a pin and the red 
probe touches the other pins and the meter swings nearly full scale, you have an 
NPN transistor. The black probe is BASE 

If the red probe touches a pin and the black probe produces a swing on the other 
two pins, you have a PNP transistor. The red probe is BASE 

If the needle swings FULL SCALE or if it swings for more than 2 readings, the 
transistor is FAULTY. 
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Compensators 





Compensators are components that can be used to provide 
quantitative data about a sample’s retardation. They 
introduce known retardation for a specific wavelength and 
can act as nulling devices to eliminate any phase delay 
introduced by the specimen. Compensators can also be used 
to control the background intensity level. 


A wave plate compensator (also called a first-order red or 
red-I plate) is oriented at a 45-deg angle with respect to the 
analyzer and polarizer. It provides retardation equal to an 
even number of waves for 551 nm (green), which is the 
wavelength eliminated after passing the analyzer. All other 
wavelengths are retarded with a fraction of the wavelength 
and can partially pass the analyzer and appear as a bright 
red magenta. The sample provides additional retardation 
and shifts the colors towards blue and yellow. Color tables 
determine the retardation introduced by the object. 


The de Sénarmont compensator is a quarter-wave plate 
(for 546 nm or 589 nm). It is used with monochromatic light 
for samples with retardation in the range of 1/20 to 7. A 
quarter-wave plate is placed between the analyzer and the 
polarizer with its slow ellipsoid axis parallel to the 
transmission axis of the analyzer. Retardation of the sample 
is measured in a two-step process. First, the sample is 
rotated until the maximum brightness is obtained. Next, the 
analyzer is rotated until the intensity maximally drops (the 
extinction position). The analyzer’s rotation angle 0 finds the 
phase delay related to retardation: C = 20. 


sample 


A Brace Kohler rotating compensator is used for small 
retardations and monochromatic illumination. It is a thin 
birefringent plate with an optic axis in its plane. The 
analyzer and polarizer remain fixed while the compensator is 
rotated between the maximum and minimum intensities in 
the sample’s image. Zero position (the maximum intensity) is 
determined for a slow axis being parallel to the transmission 
axis of the analyzer, and retardation is 


T T sin 20. 


sample ~ ~ compensator 
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Confocal Microscopy 





Confocal microscopy is a scanning technique that employs 
pinholes at the illumination and detection planes so that only 
in-focus light reaches the detector. This means that the 
intensity for each sample point must be obtained in sequence 
through scanning in the x and y directions. An illumination 
pinhole is used in conjunction with the imaged sample plane 
and only illuminates the point of interest. The detection 
pinhole rejects the majority of out-of-focus light. 


Confocal microscopy has the advantage of lowering the 
background light from out-of-focus layers, increasing spatial 
resolution, and providing the capability of imaging thick 3D 
samples, if combined with z scanning. Due to detection of 
only the in-focus light, confocal microscopy can provide 
images of thin sample sections. The system usually employs 
a photo-multiplier tube (PMT), avalanche photodiodes (APD), 
or a charge-coupled device (CCD) camera as a detector. For 
point detectors, recorded data is processed to assemble x-y 
images. This makes it capable of quantitative studies of an 
imaged sample’s properties. Systems can be built for both 
reflectance and fluorescence imaging. 


PMT 
Detector 







Spatial resolution of a confocal Detection 
: : Pinhole “Y° 
microscope can be defined as — 
d= 0.40, Beam Splitter >= 
xy NA ? or Dichroic Mirror: | ; 


and is slightly better than wide-field Source! 
(bright-field) microscopy resolution. | 
For pinholes larger than an Airy pkg 
disk, the spatial resolution is the 

same as in a wide-field microscope. 
The axial resolution of a confocal — outofFocus Plane-- 


. In-Focus Plane 
system 18 Out-of-Focus Plane ..... 














_ L4ni 
z™ NA? . 
The optimum pinhole value is at the full width at half 
maximum (FWHM) of the Airy disk intensity. This 
corresponds to ~75% of its intensity passing through the 
system, minimally smaller than the Airy disk’s first ring: 
0.5AM 
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Scanning Approaches 





A scanning approach is directly connected with the temporal 
resolution of confocal microscopes. The number of points in 
the image, scanning technique, and the frame rate are 
related to the signal-to-noise ratio SNR (through time 
dedicated to detection of a single point). To balance these 
parameters, three major approaches were developed: point 
scanning, line scanning, and disk scanning. 


A point-scanning confocal microscope is based on point- 

by-point scanning using, for example, two mirror 
galvanometers or resonant 
scanners. Scanning mirrors should 
be located in pupil conjugates (or 
close to them) to avoid light 
fluctuations. Maximum _ spatial 
resolution and maximum 
background rejection are achieved 
with this technique. 


A line-scanning confocal 

microscope uses a slit aperture 

that scans in- a_ direction 

perpendicular to the slit. It uses a 
cylindrical lens to focus light onto the slit to maximize 
throughput. Scanning in one direction makes this technique 
significantly faster than a point approach. However, the 
drawbacks are a loss of resolution and_ sectioning 
performance for the direction parallel to the slit. 


























Feature Point Slit Disk 
Scanning Slit Scanning Spinning 
z resolution High Depends on slit Depends on 
spacing pinhole 
distribution 
x,y resolution High Lower for one Depends on 
direction pinhole 
spacing 
Speed Low to High High 
moderate 
Light sources Lasers Lasers Laser and 
other 
Photobleaching High High Low 
QE of detectors Low (PMT) Good (CCD) Good (CCD) 
Good (APD) 
Cost High High Moderate 
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Scanning Approaches (cont.) 





Spinning-disk confocal imaging is a parallel-imaging 
method that maximizes the scanning rate and can achieve a 
100-1000 speed gain over point scanning. It uses an array of 
pinholes/slits (e.g., Nipkow disk, Yokogawa, Olympus DSU 
approach). To minimize light loss, it can be combined (e.g., 
with the Yokogawa approach) with an array of lenses, so 
each pinhole has a dedicated focusing component. Pinhole 
disks contain several thousand pinholes, but only a portion is 
illuminated at one time. 





Throughput of a confocal microscope T [%] 


2 
Array of pinholes Te =100x(D/S) 


Multiple slits Di =100x(D/S) 


Equations are for a uniformly illuminated mask of pinholes/slits 
(array of microlenses not considered). D is the pinhole’s diameter or 
slit’s width respectively, while S is the pinhole/slit separation. 























Crosstalk between pinholes and slits will reduce the 

background rejection. Therefore a common _ pinhole/slit 

separation S is 5-10 times larger than the pinhole’s diameter 
I 










or the slit’s Spinning Disk with Microlenses Laser Beam 
width. === 
Spinning-disk 
and slit- 

. Beam Splitter 
scanning 


confocal micro- 
scopes require 
high- 
sensitivity 
array image 
sensors (CCD 
cameras) 
instead of point 
detectors. They 
can use lower 
excitation 
intensity for fluorescence confocal systems; therefore, they 
are less susceptible to photobleaching. 


To Re imaging system 
onaCCD 


Spinning Disk with Pinholes 
Objective Lens 


Sample 
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Images from a Confocal Microscope 





Laser-scanning confocal microscopy 
rejects out-of-focus lght and enables 
optical sectioning. It can be assembled in 
reflectance and fluorescent modes. A 
1483 cell line, stained with membrane 
anti-EGFR antibodies labeled with 
fluorecent Alexa488 dye, is presented 
here. The top image shows the bright- 
field illumination mode. The middle 
image is taken by a confocal microscope 
with a pinhole’ corresponding to 
approximately 2.5 Airy disks. In the 
bottom image, the pinhole was entirely 
open. Clear cell boundaries are visible in 
the confocal image, while all out-of-focus 
features were removed. 


Images were taken with a Zeiss LSM 510 
microscope using a 63x Zeiss oil- 
immersion objective. Samples were 
excited with a 488-nm laser source. 


Another example of 1483 cells labeled with EGF-Alexa647 
and proflavine obtained on a Zeiss LSM 510 confocal at 63x / 
1.4 oil is shown below. The proflavine (staining nuclei) was 
excited at 488 nm, with emission collected after a 505-nm 
long-pass filter. The EGF-Alexa647 (cell membrane) was 
excited at 633 nm, with emission collected after a 650-710 
nm bandpass filter. The sectioning ability of a confocal 
system is nicely demonstrated by the channel with the 
membrane labeling. 


EGF-Alexa647 Proflavine Channel 
Channel (Red) (Green) Combined Channels 
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Fluorescence 





Specimens can absorb and _ *re-emit light through 
fluorescence. The specific wavelength of light absorbed or 
emitted depends on the energy level structure of each 
molecule. When a molecule absorbs the energy of light, it 
briefly enters an excited state before releasing part of the 
energy as fluorescence. Since the emitted energy must be 
lower than the absorbed energy, fluorescent light is always 
at longer wavelengths than the excitation light. Absorption 
and emission take place between multiple sub-levels within 
the ground and excited states, resulting in absorption and 
emission spectra covering a range of wavelengths. The loss of 
energy during the fluorescence process causes the Stokes 
shift (a shift of wavelength peak from that of excitation to 
that of emission). Larger Stokes shifts make it easier to 
separate excitation and fluorescent light in the microscope. 
Note that energy quanta and wavelength are related by E = 
helh. 
Step 2 


- Fluorophore loses energy to environment (non-radiative decay) 
- Fluorophore drops to lowest singlet state 


Excited Singlet State Levels 


10 1 sec 


Step 3 

- Fluorophore drops from lowest singlet state 
to a ground state 

- Lower energy photon is emitted 


excitation 
emission > excitation 
10 16 sec 102 sec 


Ground Levels 





Step 1 

- High energy photon is absorbed 

- Fluorophore is excited from ground to singlet state 
The fluorescence principle is widely used in fluorescence 
microscopy for both organic and inorganic substances. While 
it is most common for biological imaging, it is also possible to 
examine samples like drugs and vitamins. 


Due to the application of filter sets, the fluorescence 
technique has a characteristically low background and 
provides high-quality images. It is used in combination with 
techniques like wide-field microscopy and scanning confocal- 
imaging approaches. 
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Configuration of a Fluorescence Microscope 





A fluorescence microscope includes a set of three filters: an 
excitation filter, emission filter, and a dichroic mirror 
(also called a dichroic beam splitter). These filters 
separate weak emission signals from strong excitation 
illumination. The most common fluorescence microscopes are 
configured in epi-illumination mode. The dichroic mirror 
reflects incoming light from the lamp (at short wavelengths) 
onto the specimen. Fluorescent light (at longer wavelengths) 
collected by the objective lens is transmitted through the 
dichroic mirror to the eyepieces or camera. The transmission 
and reflection properties of the dichroic mirror must be 
matched to the excitation and emission spectra of the 
fluorophore being used. 
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Configuration of a Fluorescence Microscope (cont.) 





A sample must be illuminated with light at wavelengths 
within the excitation spectrum of the fluorescent dye. 
Fluorescence-emitted light must be collected at the longer 
wavelengths within the emission spectrum. Multiple 
fluorescent dyes can be used simultaneously, with each 
designed to localize or target a particular component in the 
specimen. 


The filter turret of the microscope can hold several cubes 
that contain filters and dichroic mirrors for various dye 
types. Images are then reconstructed from CCD frames 
captured with each filter cube in place. Simultanous 
acquisition of emission for multiple dyes requires application 
of multiband dichroic filters. 












Emission Filter 


ilter Cube 


Dichroic 


From Light Source —>> Beam Splitter 


Excitation Filter t~—_ Aperture Stop 


Microscope 
Objective 


Fluorescent Sample 
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Images from Fluorescence Microscopy 





Fluorescent images of cells labeled with three different 
fluorescent dyes, each targeting a different cellular 
component, demonstrate fluorescence microscopy’s ability to 
target sample components and specific functions of biological 
systems. Such images can be obtained with individual filter 
sets for each fluorescent dye, or with a multiband (a triple- 
band in this example) filter set, which matches all dyes. 





Triple-band Filter BODIPY FL phallacidin (F-actin) 






MitoTracker Red CMXRos 
(mitochondria) 


DAPI (nuclei) 











Sample: Bovine pulmonary artery epithelial cells (Invitrogen 
FluoCells No. 1) 

Components: Plan-apochromat 40%/0.95, MRm Zeiss CCD 
(1388 x 1040 mono) 









































Fluorescent labels: Peak Excitation Peak Emission 
DAPI 358 nm 461 nm 
BODIPY FL 505 nm 512 nm 
MitoTracker Red CMXRos 579 nm 599 nm 
Filter: Excitation Dichroic Emission 
Triple-band 395-415 435 448-472 
480-510 510 510-550 
560-590 600 600-650 
DAPI 325-3875 395 420-470 
GFP 450-490 495 500-550 
Texas Red 580-585 600 615LP 
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Properties of Fluorophores 





Fluorescent emission fF [photons/s] depends on the 
intensity of excitation light J [photons/s] and fluorophore 
parameters like the fluorophore quantum yield @ and 
molecular absorption cross section o: 


F=o0I, 


where the molecular absorption cross section is_ the 
probability that illumination photons will be absorbed by 
fluorescent dye. The intensity of excitation light depends on 
the power of the light source and throughput of the optical 
system. The detected fluorescent emission is further reduced 
by the quantum efficiency of the detector. 


Quenching is a partially reversible process that decreases 
fluorescent emission. It is a non-emissive process of electrons 
moving from an excited state to a ground state. 


Fluorescence emission and excitation parameters are bound 
through a photobleaching effect that reduces the ability of 
fluorescent dye to fluoresce. Photobleaching is an 
irreversible phenomenon that is a result of damage caused by 
illuminating photons. It is most likely caused by the 
generation of long-living (in triplet states) molecules of 
singlet oxygen and oxygen free radicals generated during its 
decay process. There is usually a finite number of photons 
that can be generated for a fluorescent molecule. This 
number can be defined as the ratio of emission quantum 
efficiency to bleaching quantum efficiency, and it limits the 
time a sample can be imaged before entirely bleaching. 
Photobleaching causes problems in many _ imaging 
techniques, but it can be especially critical in time-lapse 
imaging. To slow down this effect, optimizing collection 
efficiency (together with working at lower power at the 
steady-state condition) is crucial. 





Photobleaching effect as seen in consecutive images 
a_i 
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This is an NPN transistor This is a PNP transistor 
The blackprobeisthe BASE  [heredprobeis the BASE 


Step 2 - FINDING THE COLLECTOR and EMITTER 

Set the meter to "x10k." 

For an NPN transistor, place the leads on the transistor and when you press hard on 
the two leads shown in the diagram below, the needle will swing almost full scale. 







Set to “x10k" 


This is the sid an 
spoomgierse P transistor 
of the battery HERE 

in the meter ) 





This is the NEGATIVE 
of the battery in the meter 


Here is the equivalent circuit: 








The finger is 
“turning OH 
the transistor" 


collector 
base =_ 


emitter 
You have found the Collector Base and Emitter 


For a PNP transistor, set the meter to "x10k" place the leads on the transistor and 
when you press hard on the two leads shown in the diagram below, the needle will 
swing almost full scale. 
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Single vs Multi-Photon Excitation 





Multi-photon fluorescence is based on the fact that two or 
more low-energy photons match the energy gap of the 
fluorophore to excite and generate a single high-energy 
photon. For example, the energy of two 700-nm photons can 
excite an energy transition approximately equal to that of a 
350-nm photon (it is not an exact value due to thermal 
losses). This is contrary to traditional fluorescence, where a 
high-energy photon (e.g., 400 nm) generates a slightly lower- 
energy (longer wavelength) photon. Therefore, one big 
advantage of multi-photon fluorescence is that it can obtain a 
significant difference between excitation and emission. 


Fluorescence is based on stochastic behavior, and for single- 
photon excitation fluorescence, it is obtained with a high 
probability. However, multi-photon excitation requires at 
least two photons delivered in Q__ Single Photon Excitation Multi _—_ Excitation 
very short time, and _ the 

probability is quite low: ql HU 


P 2)? 
n, ©8| = || 2 = : 
tw hen 


5 is the excitation cross section 
of dye, Pavg is the average power, 
tis the length of a pulse, and v 
is the repetition frequency. 
Therefore, multi-photon , Fluorescing Region . 
fluorescence must 
be used with 
high-power laser 
sources to obtain —resenaton ‘excitation 

favorable a an oe a 
probability. aig 

Short-pulse emission > Aexcitat on emission < excitation 
operation will have a similar effect, as T will be minimized. 































































































































































































10 11 sec 


Due to low probability, fluorescence occurs only in the focal 
point. Multi-photon imaging does not require scanning 
through a pinhole and therefore has a high signal-to-noise 
ratio and can provide deeper imaging. This is also because 
near-IR excitation light penetrates more deeply due to lower 
scattering, and near-IR light avoids the excitation of several 
autofluorescent tissue components. 
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Light Sources for Scanning Microscopy 





Lasers are an important light source for scanning 
microscopy systems due to their high energy density, which 
can increase the detection of both reflectance and 
fluorescence light. For laser-scanning confocal systems, a 
general requirement is a single-mode TEMoo laser with a 
short coherence length. Lasers are used primarily for point- 
and-slit scanning modalities. There are a great variety of 
laser sources, but certain features are useful depending on 
their specific application: 


e Short-excitation wavelengths are preferred for 
fluorescence confocal systems because many 
fluorescent probes must be excited in the blue or 
ultraviolet range. 

e Near-IR wavelengths are useful for reflectance 
confocal microscopy and multi-photon excitation. 
Longer wavelengths are less suseptible to scattering 
in diffused objects (like tissue) and can provide a 
deeper penetration depth. 

e Broadband short-pulse lasers (like a Ti-Sapphire 
mode-locked laser) are particularily important for 
multi-photon generation, while shorter pulses 
increase the probability of excitation. 
































Laser Type Wavelength [nm] 
Argon-Ion 351, 364, 458, 488, 514 
HeCd 325, 442 
HeNe 543, 594, 633, 1152 
Diode lasers 405, 408, 440, 488, 630, 635, 
750, 810 
DPSS (diode pumped, 430, 532, 561 
solid state) 
Krypton-Argon 488, 568, 647 
Dye 630 
Ti-Sapphire* 710-920, 720-930, 750-850, 
690-100, 680-1050 











*High-power (1000mW or less), pulses between 1 ps and 100 fs 


Non-laser sources are particularly useful for disk-scanning 
systems. They include arc lamps, metal-halide lamps, and 
high-power photo-luminescent diodes (See also pages 58 and 
59). 
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Practical Considerations in LSM 





A light source in laser-scanning microscopy must provide 
enough energy to obtain a sufficient number of photons to 
perform successful detection and a statistically significant 
signal. This is especially critical for non-laser sources (e.g., 
arc lamps) used in disk-scanning systems. While laser 
sources can provide enough power, they can cause fast 
photobleaching or photo-damage to the biological sample. 


Detection conditions change with the type of sample. For 
example, fluorescent objects are subject to photobleaching 
and saturation. On the other hand, back-scattered light can 
be easily rejected with filter sets. In reflectance mode, out-of- 
focus light can cause background comparable or stronger 
than the signal itself. This background depends on the size of 
the pinhole, scattering in the sample, and overall system 
reflections. 


Light losses in the optical system are critical for the signal 
level. Collection efficiency is limited by the NA of the 
objective; for example, a NA of 1.4 gathers approximately 
30% of the fluorescent/scattered light. Other system losses 
will occur at all optical interfaces, mirrors, filters, and at the 
pinhole. For example, a pinhole matching the Airy disk 
allows approximately 75% of the light from the focused 
image point. 


Quantum efficiency (QE) of a detector is another important 
system parameter. The most common photodetector used in 
scanning microscopy is the photomultiplier tube (PMT). Its 
quantum efficiency is often limited to the range of 10-15% 
(550-580 nm). In practical terms, this means that only 15% 
of the photons are used to produce a signal. The advantages 
of PMTs for laser-scanning microscopy are high speed and 
high signal gain. Better QE can be obtained for CCD 
cameras, which is 40-60% for standard designs and 90-95% 
for thinned, back-illuminated cameras. However, CCD image 
sensors operate at lower rates. 


Spatial and temporal sampling of laser-scanning microscopy 
images imposes very important limitations on image quality. 
The image size and frame rate are often determined by the 
number of photons sufficient to form high-quality images. 
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Interference Microscopy 
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Interference microscopy 
includes a broad family of 

techniques for quantitative 
sample characterization SS 
(thickness, refractive index, etc.). 
Systems are based on microscopic seam yl, Reforone 
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In interference microscopy, short 
Objective 


i 
coherence systems are | 








particularly interesting and can tL / 
be divided into two groups: 
optical profilometry and Sample 


optical coherence tomography 

(OCT) [including optical coherence microscopy (OCM)]. 
The primary goal of these techniques is to add a third (z) 
dimension to the acquired data. 

Optical profilers use interference fringes as a primary source 
of object height. Two important measurement approaches 
include vertical scanning interferometry (VSI) (also 
called scanning white light interferometry or 
coherence scanning interferometry) and phase-shifting 
interferometry. Profilometry techniques are capable of 
achieving nanometer-level resolution in the z direction while 
x and y are defined by standard microscope limitations. 


Profilometry is used for characterizing the sample surface 
(roughness, structure, microtopography, and in some cases 
film thickness) while : 

OCT/OCM is dedicated 
to 3D imaging, primar- 
ily of biological samp- 
les. 

Both types of systems 
are usually configured 
using the geometry of 
the Michelson or its 
derivatives (e.¢g., 
Mirau). Optical Path Difference 





Intensity 
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Optical Coherence Tomography/Microscopy 





In early 3D coherence imaging, information about the sample 
was gated by the coherence length of the light source (time- 
domain OCT). This means that the maximum fringe 
contrast is obtained at a zero optical path difference, while 
the entire fringe envelope has a width related to the 
coherence length. In fact, this width defines the axial 
resolution (usually a few microns) and images are created 
from the magnitude of the fringe pattern envelope. Optical 
coherence microscopy is a combination of OCT and 
confocal microscopy. It merges the advantages of out-of-focus 
background rejection provided by the confocal principle and 
applies the coherence gating of OCT to improve optical 
sectioning over confocal reflectance systems. 


In the mid-2000s, time-domain OCT transitioned to 
Fourier-domain OCT (FDOCT), which can acquire an 
entire depth profile in a single capture event. Similar to 
Fourier Transform Spectroscopy, the image is acquired by 
calculating the Fourier transform of the _ obtained 
interference pattern. The measured signal can be described 
as 


1(k,2,)= [Acs (z)cos| k(z,, —Z, ) Jaz : 


where Ar and As are amplitudes of the reference and sample 
light, respectively, and zm is the imaged sample depth (z is 
the Wz) 


Wa) i(k) 
a =e FT{ I(k) } 
eng — 
delay, and 
k is the a 
wave number). 


The fringe frequency is a function of wave number k and 
relates to the OPD in the sample. Within the Fourier-domain 
techniques, two primary methods exist: spectral-domain 
OCT (SDOCT) and swept-source OCT (SSOCT). Both can 
reach detection sensitivity and signal-to-noise ratios over 150 
times higher than time-domain OCT approaches. SDOCT 
achieves this through the use of a broadband source and 
spectrometer for detection. SSOCT uses a_ single 
photodetector but rapidly tunes a narrow linewidth over a 
broad spectral profile. Fourier-domain systems can image at 
hundreds of frames per second with sensitivities over 100 dB. 
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Optical Profiling Techniques 





There are two primary techniques used to obtain a surface 
profile using white-light profilometry: vertical scanning 
interferomtry (VSI) and phase-shifting interferometry 
(PSI). 


VSI is based on the fact that a reference mirror is moved by a 
piezoelectric or other actuator, and a sequence of several 
images (in some cases hundreds or thousands) is acquired 
along the scan. During post-processing, algorithms look for a 
maximum fringe modulation and correlate it with the 
actuator’s position. This position is usually determined with 
capacitance gauges; however, more advanced systems use 
optical encoders or an additional Michelson interferometer. 
The important advantage of VSI is its ability to ambiguously 
measure heights that are greater than a fringe. 


The PSI technique requires 
the object of interest to be 
within the coherence length 
and provides one order of 
magnitude or greater Zz 
resolution compared to VSI. 
To extend coherence length, 
an optical filter is 
introduced to limit the light 
source’s bandwidth. With PSI, a phase-shifting component is 
located in one arm of the interferometer. The reference 
mirror can also provide the role of the phase shifter. A series 
of images (usually three to five) is acquired with appropriate 
phase differences to be used later in phase reconstruction. 
Introduced phase shifts change the location of the fringes. An 
important PSI drawback is the fact that phase maps are 
subject to 2 discontinuities. Phase maps are first obtained 
in the form of so-called phase 

fringes and must be unwrapped (a 

procedure of removing ~ 
discontinuities) to obtain a 
continuous phase map. 
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interference microscopes combine 
phase information from PSI with gt 2g 


a long range of VSI methods. 
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Optical Profilometry: System Design 





CCD Camera 


Optical profilometry systems are 
based on implementing a Michelson 
interferometer or its derivatives into 
their design. There are three primary 
implementations: classical Michel- 
son geometry, Mirau, and Linnik. 
The first approach incorporates a 
Michelson inside a microscope object- 
ive using a classical interferometer 
layout. Consequently, it can work only 
for low magnifications and_ short 
working distances. The Mireau object- 
ive uses two plates perpendicular to 
the optical axis inside the objective. scam BE —+ || Reference 
One is a beam-splitting plate, while Si =H pe 
the other acts as a reference mirror. i. 
Such a solution extends the working = 
distance and increases the possible magnifications. 
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Design Magnification 
Michelson 1x to 5x 

Mireau 10x to 100 

Linnik 50 to 100 








The Linnik design utilizes two matching objectives. It does 
not suffer from NA limitation, but it is quite expensive and 
susceptible to vibrations. 
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Phase-Shifting Algorithms 





Phase-shifting techniques find the phase distribution from 
interference images given by 


I(x, y)= a(x,y)+ b(x,y)cos (@ + no), 


where a(x, y) and b(x, y) correspond to background and fringe 
amplitude, respectively. Since this equation has three 
unknowns, at least three measurements (images) are 
required. For image acquisition with a discrete CCD camera, 
spatial (x, y) coordinates can be replaced by (i, j) pixel 
coordinates. 


The most basic PSF algorithms include the three-, four-, 
and five-image techniques. 


I denotes the intensity for a specific image (15t, 274, 3r4, etc.) 
in the selected i, j pixel of a CCD camera. The phase shift for 
a three-image algorithm is 7n/2. Four- and five-image 
algorithms also acquire images with 1/2 phase shifts. 


p=arcan, B=) 
[ —T, 


gad 
@=arc as tas =i) 
2[1, =a 


= arctan 
" 7 =a 


A reconstructed phase depends on the accuracy of the phase 
shifts. 1/2 steps were selected to minimize the systematic 
errors of the above techniques. Accuracy progressively 
improves between the three- and five-point techniques. Note 
that modern PSI algorithms often use seven images or more, 
in some cases reaching thirteen. 


After the calculations, the wrapped phase maps (modulo 27) 
are obtained (arctan function). Therefore, unwrapping 
procedures have to be applied to provide continuous phase 
maps. 


Common unwrapping methods include the line by line 
algorithm, least square integration, regularized phase 
tracking, minimum spanning tree, temporal unwrapping, 
frequency multiplexing, and others. 
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Structured Illumination: Axial Sectioning 





A simple and inexpensive alternative to confocal microscopy 
is the structured-illumination technique. This method 
uses the principle that all but the zero (DC) spatial 
frequencies are attenuated with defocus. This observation 
provides the basis for obtaining the optical sectioning of 
images from a conventional wide-field microscope. A modified 
illumination system of the microscope projects a single 
spatial-frequency grid pattern onto the object. The 
microscope then faithfully images only that portion of the 
object where the grid pattern is in focus. The structured- 
illumination technique requires the acquisition of at least 
three images to remove the illumination structure and 
reconstruct an image of the layer. The reconstruction 
relation is described by 


fay, oe | ts Ficay Uae Toni) , 


where I denotes the intensity in the reconstructed image 
point, while /,, /,,,,, and /,,, are intensities for the image 





n/3? 
point and the three consecutive positions of the sinusoidal 
illuminating grid (zero, 1/3 and 2/3 of the structure period). 
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Note that the maximum sectioning is obtained for 0.5 of the 
objective’s cut-off frequency. This sectioning ability is 
comparable to that obtained in confocal microscopy. 
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Structured Illumination: Resolution Enhancement 





Structured illumination can be used to enhance the 
spatial resolution of a microscope. It is based on the fact that 
if a sample is illuminated with a periodic structure, it will 
create a low-frequency beating effect (Moiré fringes) with the 
features of the object. This new low-frequency structure will 
be capable of aliasing high spatial frequencies through the 
optical system. Therefore, the sample can be illuminated 
with a pattern of several orientations to accommodate the 
different directions of the object features. In practical terms, 
this means that system apertures will be doubled (in 
diameter), creating a new synthetic aperture. 


Ni 


To produce a high-frequency structure, the interference of 
two beams with large illumination angles can be used. Note 
that the blue dots in the figure represent aliased spatial 
frequencies. 





Pupil of structured 
illumination system with 
eight directions 


Pupil of diffraction- 
limited system 





Filtered Spacial Frequencies Increased Synthetic Aperture 


To reconstruct distribution, at least three images are 
required for one grid direction. In practice, obtaining a high- 
resolution image is possible with seven to nine images and a 
grid rotation, while a larger number can provide a more 
efficient reconstruction. 


The linear-structured illumination approach is capable of 
obtaining two-fold resolution improvement over the 
diffraction limit. The application of nonlinear gain in 
fluorescence imaging improves resolution several times while 
working with higher harmonics. Sample features of 50 nm 
and smaller can be successfully resolved. 
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SIMPLEST TRANSISTOR TESTER 


The simplest transistor tester uses a 9v battery, 1k resistor and a LED (any colour). 
Keep trying a transistor in all different combinations until you get one of the circuits 


below. When you push on the two leads, the LED will get brighter. 
The transistor will be NPN or PNP and the leads will be identified: 
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TIRF Microscopy 





Total internal reflection 


fluorescence (TIRF) SARE Buenas =; 
microscopy (also _ called . 
evanescent wave microscopy) 
excites a limited width of the 
sample close to a_ solid 
interface. In TIRF, a thin 
layer of the sample is excited 
by a wavefront undergoing 
total internal reflection in the dielectric substrate, producing 
an evanescent wave propagating along the interface 
between the substrate and object. 
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The thickness of the excited section is limited to less than 
100-200 nm. Very low background fluorescence is an 
important feature of this technique, since only a very limited 
volume of the sample in contact with the evanescent wave is 
excited. 


This technique can be used for imaging cells, cytoplasmic 
filament structures, single molecules, proteins at cell 
membranes, micro-morphological structures in living cells, 
the adsorption of liquids at interfaces, or Brownian motion at 
the surfaces. It is also a suitable technique for recording 
long-term fluorescence movies. Micr 


Objective 

























































































































































































































































































While an evanescent wave can be created Condenser Lens 
without any layers between the dielectric 
substrate and sample, it appears that a thin layer (e.g., 
metal) improves image quality. For example, it can quench 
fluorescence in the first 10 nm and therefore provide 
selective fluorescence for the 10-200 nm region. TIRF can be 
easily combined with other modalities like optical trapping, 
multi-photon excitation, or interference. The most common 
configurations include oblique illumination through a high- 
NA objective or condenser and TIRF with a prism. 
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Solid Immersion 





Optical resolution can be enhanced using solid immersion 
imaging. In the classical definition, the diffraction limit 
depends on the NA of the optical system and the wavelength 
of light. It can be improved by increasing the refractive index 
of the media between the sample and optical system or by 
decreasing the light’s wavelength. The solid immersion 
principle is based on improving the first parameter by 
applying solid immersion lenses (SILs). To maximize 
performance, SILs are made with a high refractive index 
glass (usually greater than 2). The most basic setup for a SIL 
application involves a hemispherical lens. The sample is 
placed at the center of the hemisphere so the rays 
propagating through the system are not refracted (they 
intersect the SIL surface direction) and enter the microscope 
objective. The SIL is practically in contact with the object, 
but has a small sub-wavelength gap (<100 nm) between the 
sample and optical system; therefore, an object is always in 
an evanescent field and can be imaged with high resolution. 
Therefore, the technique is confined to a very thin sample 
volume (up to 100 nm) and can provide optical sectioning. 
Systems based on solid immersion can reach sub-100-nm 
lateral resolutions. 
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Stimulated Emission Depletion 





Stimulated emission depletion (STED) microscopy is a 
fluorescence super-resolution technique that allows imaging 
with a spatial resolution at the molecular level. The 
technique has shown an improvement 5-10 times beyond the 
possible diffraction-resolution limit. 


The STED technique is based on the fact that the area 
around the excited object point can be treated with a pulse 
(depletion pulse or STED pulse) that depletes high-energy 
states and brings fluorescent dye to the ground state. 
Consequently, an actual excitation pulse excites only the 
small sub-diffraction resolved area. The depletion pulse must 
have high intensity and be significantly shorter than the 
lifetime of the excited states. The pulse must be shaped, for 
example, with a half-wave phase plate and imaging optics to 
create a 3D doughnut-like structure around the point of 
interest. The STED pulse is shifted toward red with regard 
to the fluorescence excitation pulse and follows it by a few 
picoseconds. To obtain the complete image, the system scans 
in the x, y, and z directions. 
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STORM 





Stochastic optical reconstruction microscopy (STORM) 
is based on the application of multiple photo-switchable 
fluorescent probes that can be easily distinguished in the 
spectral domain. The system is configured in TIRF 
geometry. Multiple fluorophores label a sample, and each is 
built as a dye pair where one component acts as a 
fluorescence activator. The activator can be switched on or 
deactivated using a different illumination laser (a longer 
wavelength is used for deactivation—usually red). In the 
case of applying several dual-pair dyes, different lasers can 
be used for activation and only one for deactivation. 


A sample can be sequentially illuminated with activation 
lasers, which generate fluorescent light at different 
wavelengths for slightly different locations on the object 
(each dye is sparsely distributed over the sample and 
activation is stochastic in nature). Activation for a different 
color can also be shifted in time. After performing several 
sequences of activation/deactivation, it is possible to acquire 
data for the centroid localization of various diffraction- 
limited spots. This localization can be performed with 
precision to about 1 nm. The spectral separation of dyes 
detects closely located object points encoded with a different 
color. 


The STORM process requires 1000+ activation/deactivation 
cycles to produce high-resolution images. Therefore, final 
images combine the spots corresponding to individual 
molecules of DNA or an antibody used for labeling. STORM 
images can reach a lateral resolution of about 25 nm and an 
axial resolution of 50 nm. 
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4Pi Microscopy 





4Pi microscopy is a_ fluorescence technique that 
significantly reduces the thickness of an imaged section. The 
4Pi principle is based on coherent illumination of a sample 
from two directions. Two constructively interfering beams 
improve the axial resolution by three to seven times. The 
possible values of z resolution using 4Pi microscopy are 50— 
100 nm and 30—50 nm when combined with STED. 


The undesired effect of the technique is the appearance of 
side lobes located above and below the plane of the imaged 
section. They are located about 4/2 from the object. To 
eliminate side lobes, three primary techniques can be used: 


e Combine 4Pi with confocal detection. A pinhole 
rejects some of the out-of-focus light. 

e Detect in multi-photon mode, which quickly 
diminishes the excitation of fluorescence. 

e Apply a modified 4Pi system, which creates 
interference at both the object and detection planes 
(two imaging systems are required). 


It is also possible to remove side lobes through numerical 
processing, if they are smaller than 50% of the maximum 
intensity. However, side lobes increase with the NA of the 
objective; for an NA of 1.4, they are about 60—70% of the 
maximum intensity. Numerical correction is not effective in 
this case. 
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The Limits of Light Microscopy 





Classical light microscopy is limited by diffraction and 
depends on the wavelength of light and the parameters of 
an optical system (NA). However, recent developments in 
super-resolution methods and enhancement techniques 
overcome these barriers and provide resolution at a 
molecular level. They often use a sample as a component 
of the optical train [resolvable saturable optical 
fluorescence transitions (RESOLFT), saturated 
structured-illumination microscopy (SSIM), 
photoactivated localization microscopy (PALM) and 
STORM] or combine near-field effects (4Pi, TIRF, solid 
immersion) with far-field imaging. The table below 
summarizes these methods. 












































Demonstrated 
Values 
Method Principles Lateral Axial 
Bright field Diffraction 200 nm 500 nm 
Confocal Diffraction (slightly 200 nm 500 nm 
better than bright field) 
Solid Diffraction / evanescent < 100 nm < 100 nm 
immersion field decay 
TIRF Diffraction / evanescent 200 nm < 100 nm 
field decay 
4Pi/ 15 Diffraction/ interference 200 nm 50 nm 
RESOLFT Depletion, molecular 20 nm 20 nm 
(e.g., STED) structure of sample— 
fluorescent probes 
Structured Aliasing, nonlinear gain | 25-50 nm 50-100 
illumination in fluorescent probes nm 
(SSIM) (molecular structure) 
Stochastic Fluorescent probes 25 nm 50 nm 
techniques (molecular structure), 
(PALM, centroid localization, 
STORM) time-dependant 
fluorophore activation 
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Raman and CARS Microscopy 





Laser Illumination 







Raman microscopy (also 
called chemical imaging) is a 
technique based on inelastic 
Raman _ scattering and 
evaluates the vibrational 
properties of samples 
(minerals, polymers, and 
biological objects). 


Rayleigh Scattering 


OLasertA@ 


Raman Scattering 





Raman microscopy uses a laser beam focused on a solid 
object. Most of the illuminating light is scattered, reflected, 
and transmitted, and preserves the parameters of the 
illumination beam (the frequency is the same as the 
illumination). However, a small portion of the light is subject 
to a shift in frequency: @Raman= @laser + A@. This frequency 
shift between illumination and scattering bears information 
about the molecular composition of the sample. Raman 
scattering is weak and requires high-power sources and 
sensitive detectors. It is examined with spectroscopy 
techniques. Resonant CARS Model 


Coherent Anti-Stokes Raman 
Scattering (CARS) overcomes the 
problem of weak signals associated 
with Raman imaging. It uses a pump 
laser and a tunable Stokes laser to 
stimulate a sample with a four-wave 
mixing process. The fields of both 
lasers [pump field E(@p,), Stokes field E(ws), and probe field 
E'(@»’)] interact with the sample and produce an anti-Stokes 
field [E(@as)] with frequency Was, SO Mas = 2Wp — Ws. 





CARS works as a resonant process, only providing a signal if 
the vibrational structure of the sample specifically matches 
@p— @s. It also must assure phase matching so that I. (the 
coherence length) is greater than n/Ak = r/ Ik, -(2k, —k,) 


? 





where Ak is a phase mismatch. CARS is orders of magnitude 
stronger than Raman scattering, does not require any 
exogenous contrast, provides good sectioning ability, and can 
be set up in both transmission and reflectance modes. 
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SPIM 





Selective plane illumination microscopy (SPIM) is 
dedicated to the high-resolution imaging of large 3D samples. 
It is based on three principles: 


e The sample is illuminated with a light sheet, which 
is obtained with cylindrical optics. The light sheet is 
a beam focused in one direction and collimated in 
another. This way, the thin and wide light sheet can 
pass through the object of interest (see figure). 

e The sample is imaged in the direction perpendicular 
to the illumination. 

e The sample is rotated around its axis of gravity and 
linearly translated into axial and lateral directions. 


Data is recorded by a CCD camera for multiple object 
orientations and can be reconstructed into a single 3D 
distribution. Both scattered and fluorescent light can be used 
for imaging. 


The maximum resolution of the technique is limited by the 
longitudinal resolution of the optical system (for a high 
numerical aperture, objectives can obtain micron-level 
values). The maximum volume imaged is limited by the 
working distance of a microscope and can be as small as tens 
of microns or exceed several millimeters. The object is placed 
in an air, oil, or water chamber. 


The technique is primarily used for bio-imaging, ranging 
from small organisms to individual cells. 
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Array Microscopy 





An array microscope is a solution to the trade-off between 
field of view and lateral resolution. In the array microscope, 
a miniature microscope objective is replicated tens of times. 
The result is an imaging system with a field of view that can 
be increased in steps of an individual objective’s field of view, 
independent of numerical aperture and resolution. An array 
microscope is useful for applications that require fast 
imaging of large areas at a high level of detail. Compared to 
conventional microscope optics for the same purpose, an 
array microscope can complete the same task several times 
faster due to its parallel imaging format. 


An example implementation of the array-microscope optics is 
shown. This array microscope is used for imaging glass slides 
containing tissue (histology) or cells (cytology). For this case, 
there are a total of 80 identical miniature 7x/0.6 microscope 
objectives. The summed field of view measures 18 mm. Each 
objective consists of three lens elements. The lens surfaces 
are patterned on three plates that are stacked to form the 
final array of microscopes. The plates measure 25 mm in 
diameter. Plate 1 is near the object at a working distance of 
400 um. Between plates 2 and 3 is a baffle plate. A second 
baffle is located between the third lens and the image plane. 
The purpose of the baffles is to eliminate cross talk and 
image overlap between objectives in the array. 


The small size of each 
microscope objective and 
the need to avoid image 
overlap jointly dictate a 
low magnification. 
Therefore, the array 
microscope works best in 
combination with an 
image sensor divided into 
small pixels (e.g., 3.3 wm). 


BAFFLE 2 


PLATE 3 


BAFFLE 1 


Focusing the array 
microscope is achieved by 
an up/down translation 
and two rotations: a pitch 
and a roll. 





PLATE 2 
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Digital Microscopy 





Digital microscopy emerged with the development of 
electronic array image sensors and_ replaced _ the 
microphotography techniques previously used in microscopy. 
It can also work with point detectors when images are 
recombined in post or real-time processing. Digital 
microscopy is based on acquiring, storing, and processing 
images taken with various microscopy techniques. It 
supports applications that require: 


e Combining data sets acquired for one object with 
different microscopy modalities or different imaging 
conditions. Data can be used for further analysis and 
processing in techniques lke hyperspectral and 
polarization imaging. 

e Image correction (e.g., distortion, white balance 
correction, or background subtraction). Digital 
microscopy is used in deconvolution methods that 
perform numerical rejection of out-of-focus light and 
iteratively reconstruct an object’s estimate. 

e Image acquisition with a high temporal resolution. This 
includes short integration times or high frame rates. 

e Long time experiments and remote image recording. 

e Scanning techniques where the image is reconstructed 
after point-by-point scanning and displayed on the 
monitor in real time. 

e Low light, especially fluorescence. Using high-sensitivity 
detectors reduces both the excitation intensity and 
excitation time, which mitigates photobleaching effects. 

e Contrast enhancement techniques and an improvement 
in spatial resolution. Digital microscopy can detect signal 
changes smaller than possible with visual observation. 

e Super-resolution techniques that may require the 
acquisition of many images under different conditions. 

e High throughput scanning techniques (e.g., imaging 
large sample areas). 

e UV and IR applications not possible with visual 
observation. 


The primary detector used for digital microscopy is a CCD 
camera. For scanning techniques, a photomultiplier or 
photodiodes are used. 





Here is the equivalent circuit: 
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The leads of some transistors will need to be bent so the pins are in the same 
positions as shown in the diagrams. This helps you see how the transistor is being 
turned on. This works with NPN, PNP transistors and Darlington transistors. 
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HEATSINKING 

Heat generated by current flowing between the collector and emitter leads of a 
transistor causes its temperature to rise. This heat must be conducted away from the 
transistor otherwise the rise may be high enough to damage the P-N junctions inside 
the device. Power transistors produce a lot of heat, and are therefore usually 
mounted on a piece of aluminium with fins, called a HEATSINK. 

This draws heat away, allowing it to handle more current. Low-power signal 
transistors do not normally require heat sinking. Some transistors have a metal body 
or fin to connect to a larger heatsink. If the transistor is connected to a heatsink with 
a mica sheet (mica washer), it can be damaged or cracked and create a short-circuit. 
(See Testing Mica Washers). Or a small piece of metal may be puncturing the mica. 
Sometimes white compound called Heatsink Compound is used to conduct heat 
through the mica. This is very important as mica is a very poor conductor of heat 
and the compound is needed to provide maximum thermal conduction. 
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Principles of CCD Operation 





Charge-coupled device (CCD) sensors are a collection of 
individual photodiodes arranged in a 2D grid pattern. 
Incident photons produce electron-hole pairs in each pixel in 
proportion to the amount of light on each pixel. By collecting 
the signal from each pixel, an image corresponding to the 
incident light intensity can be reconstructed. 


Here are the step-by-step processes in a CCD: 


The CCD array is illuminated for integration time t. 
Incident photons produce mobile charge carriers. 

Charge carriers are collected within the p-n structure. 
The illumination is blocked after time t (full-frame only). 
The collected charge is transferred from each pixel to an 
amplifier at the edge of the array. 

6. The amplifier converts the charge signal into voltage. 

7. The analog voltage is converted to a digital level for 
computer processing and image display. 


ele a oa 


Each pixel (photodiode) is reverse biased, causing 
photoelectrons to move towards the positively charged 
electrode. Voltages applied to the electrodes produce a 
potential well within the semiconductor structure. During 
the integration time, electrons accumulate in the potential 
well, up to the full-well capacity. The full-well capacity is 
reached when the repulsive force between electrons exceeds 
the attractive force of the well. At the end of the exposure 
time, each pixel has stored a number of electrons in 
proportion to the amount of light received. These charge 
packets must be transferred from the sensor, from each pixel 
to a single amplifier without loss. This is accomplished by a 
series of parallel and serial shift registers. The charge stored 
by each pixel is transferred across the array by sequences of 
gating voltages applied to the electrodes. The packet of 
electrons follows the positive clocking waveform voltage from 
pixel-to-pixel or row-to-row. A potential barrier is always 
maintained between adjacent pixel charge packets. 


Gate1 Gate 2 Gate1 Gate 2 Gate1 Gate2 Gate1 Gate 2 


Accumulated 
Charge 
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CCD Architectures 





In a full-frame architecture, individual pixel charge 
packets are transferred by a parallel row shift to the serial 
register, then one-by-one to the amplifier. The advantage of 
this approach is a 100% photosensitive area, while the 
disadvantage is that a shutter must block the sensor area 
during readout, and consequently limits the frame rate. 
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The frame-transfer architecture has the advantage of not 
needing to block an imaging area during readout. It is faster 
than full-frame, since readout can take place during the 
integration time. The significant drawback is that only 50% 
of the sensor area is used for imaging. 


The interline transfer architecture uses columns with 
exposed imaging pixels interleaved with columns of masked 
storage pixels. A charge is transferred into an adjacent 
storage column for readout. The advantage of such an 
approach is a high frame rate due to a rapid transfer time (< 
1 ms), while again the disadvantage is that 50% of the sensor 
area is used for light collection. However, recent interleaved 
CCDs have an increased fill factor due to the application of 
microlens arrays. 
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CCD Architectures (cont.) 
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CCDs have a 

lower QE than individual silicon photodiodes due to the 
charge-transfer channels on the sensor surface, which 
reduces the effective light-collection area. A typical CCD QE 
is 40-60%. This can be improved for back-thinned CCDs, 
which are illuminated from behind; this avoids the surface 
electrode channels and improves QE to approximately 90-— 
95%. 


Recently, electron-multiplying CCDs  (EM-CCD), 
primarily used for biological imaging, have become more 
common. They are equipped with a gain register placed 
between the shift register and output amplifier. A multi- 
stage gain register allows high gains. As a result, single 
electrons can _ generate too Transmission [%] 

thousands of output 
electrons. While the read 
noise is usually low, it is 
therefore negligible in the 
context of thousands of 
signal electrons. 





























CCD pixels are not color Menerenaey ioe 


sensitive, but use color filters to separately measure red, 
green, and blue light intensity. The 
most common method is to cover the 
sensor with an array of RGB (red, 
green, blue) filters, which combine 
four individual pixels to generate a 
single color pixel. The Bayer mask 
uses two green pixels for every red 
and blue pixel, which simulates 
human visual sensitivity. 








118 Microscopy: Digital Microscopy and CCD Detectors 


CCD Noise 





The three main types of noise that affect CCD imaging 
are dark noise, read noise, and photon noise. 


Dark noise arises from random variations in the number 
of thermally generated electrons in each photodiode. More 
electrons can reach the conduction band as_ the 
temperature increases, but this number follows a 
statistical distribution. These random fluctuations in the 
number of conduction band electrons results in a dark 
current that is not due to light. To reduce the influence 
of dark current for long time exposures, CCD cameras are 
cooled (which is crucial for the exposure of weak signals, 
like fluorescence, with times of a few seconds and more). 


Read noise describes the random fluctuation in electrons 
contributing to measurement, due to electronic processes 
on the CCD sensor. This noise arises during the charge 
transfer, the charge-to-voltage conversion, and the 
analog-to-digital conversion. Every pixel on the sensor is 
subject to the same level of read noise, most of which is 
added by the amplifier. 


Dark noise and read noise are due to the properties of the 
CCD sensor itself. 


Photon noise (or shot noise) is inherent in any 
measurement of light, due to the fact that photons arrive 
at the detector randomly in time. This process is described 
by Poisson statistics. The probability P of measuring k 
events, given an expected value N is 


Ne® 
ki 





P(k,N)= 


The standard deviation of the Poisson distribution is N12. 
Therefore, if the average number of photons arriving at 
the detector is N, then the noise is N¥2, Since the average 
number of photons is proportional to incident power, shot 
noise increases with P!?, 
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Signal-to-Noise Ratio and the Digitization of CCD 





Total noise as a function of the number of electrons from all 
three contributing noises is given by 


. _ [2 2 2 
Ne oise| N eae | ~~ O Photon + ODak + ORead ? 
where 


Opnoton =VONT > Span =VLpaxts ANd Opeg =Np, Dark is dark 


current (electrons per second), and Nr is read noise 
(electrons, rms). 


The quality of an image is determined by the signal-to- 
noise ratio (SNR). The signal can be defined as 


Signal LM eicsteses | = Ont ? 


where op is the incident photon flux at the CCD (photons per 
second), n is the quantum efficiency of the CCD (electrons 
per photon), and t is the integration time (in seconds). 
Therefore, SNR can be defined as: 


ont 
V Ont + LT sg. T +Np 


It is best to use a CCD under _ photon-noise-limited 
conditions. If possible, it would be optimal to increase the 
integration time to increase the SNR and work in photon- 
noise-limited conditions. However, an increase in integration 
time is possible until reaching full-well capacity (saturation 
level): 


SNR = 





cease VOnt. 


VOT 


The dynamic range can be derived as a ratio of full-well 
capacity and read noise. Digitization of the CCD output 
should be performed to maintain the dynamic range of the 
camera. Therefore, an analog-to-digital converter should 
support (at least) the same number of gray levels calculated 
by the CCD’s dynamic range. Note that a high bit depth 
extends readout time, which is especially critical for large- 
format cameras. 
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CCD Sampling 





The maximum spatial frequency passed by the CCD is 
one half of the sampling frequency—the Nyquist 
frequency. Any frequency higher than Nyquist will be 
aliased at lower frequencies. 


Undersampling refers to a frequency where the 
sampling rate is not sufficient for the application. To 
assure maximum resolution of the microscope, the system 
should be optics limited, and the CCD should provide 
sampling that reaches the diffraction resolution limit. In 
practice, this means that at least two pixels should be 
dedicated to a distance of the resolution. Therefore, the 
maximum pixel spacing that provides the diffraction limit 
can be estimated as 


(ay 5K, 
- 2NA 

where M is the magnification between the object and the 

CCD’s plane. A graph representing how sampling 

influences the MTF of the system, including the CCD, is 

presented below. 
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CCD Sampling (cont.) 





Oversampling means that more than the minimum 
number of pixels, according to the Nyquist criteria, are 
available for detection, which does not imply excessive 
sampling of the image. However, excessive sampling 
decreases the available field of view of a microscope. The 
relation between the extent of field D, the number of 
pixels in the x and y directions (Nx and Ny, respectively), 
and the pixel spacing dpix can be calculated from 


Nd. 
D= x pix—x 
* M 
and 
N,d..- 
D,= i y 


This assumes that the object area imaged by the 
microscope is equal to or larger than D. Therefore, the 
size of the microscope’s field of view and the size of the 
CCD chip should be matched. 
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Equation Summary 





Quantized Energy: 
E=hve=hc/ir 


Propagation of an electric field and wave vector: 
E= Asin (wt —kz +@,) = Aexp| -i(t —kz+@, )] 
_2n_2nV,, 
T Xr 
E, = A, exp| -i(ar —kz+@, )] E,=A4, exp| -i( et —kz+@, )] 


E(z,t)=E, +E, 





Refractive index: 


Cc 

n=— 
Vi 

Optical path length: 
OPL = nL 
P2 
OPL = | nds 

PI 


ds’ = dx’ + dy’ + dz’ 
Optical path difference and phase difference: 


OPD =n, L, -n,L, 
OPD 
ny 


me: 
Q.. =arcsin}| + 
Ny 


I =I, exp(—y/d) 
a 
4nn, sin? 0—sin’ 0, 


Coherence length: 





Ag =2t 


TIR: 
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Equation Summary (cont’d) 





Two-beam interference: 
I=EE 


T=1,+1,+2 1,1, cos(Ag) 
AP =, —@,. 
Contrast: 
a 2 a 


Diffraction grating equation: 
md = d(sinB + sina) 


Resolving power of diffraction grating: 





Xr 
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Ar 
Free spectral range: 
+1 Xr 
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Newtonian equation: 
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Gaussian imaging equation: 
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Equation Summary (cont’d) 





Optical transfer function: 
OTF(p) = MTF(p)exp| i9(p) | 
Modulation transfer function: 


C(P) ina re 
MTF(p) = ae 
object 


Field of view of microscope: 


FOV = FieldNumber [rm] 


objective 
Magnifying power: 
_u' _ d,(f-z’) 
u f(z'-1) 
_ 250 mm 


f 


Magnification of the microscope objective: 
OTL 


objective = f 
objective 


Magnifying power of the microscope: 
MP =, MP _ OTL 250mm 


microscope objective eyepiece a 7 7 
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Rayleigh resolution limit: 
a 0.61A — 0.610 


~nsinu NA 





Sparrow resolution limit: 
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TRANSISTOR FAILURE 


Transistor can fail in a number of ways. They have forward and reverse voltage 
ratings and once these are exceeded, the transistor will ZENER or conduct and may 
fail. In some cases a high voltage will "puncture" the transistor and it will fail 
instantly. In fact it will fail much faster via a voltage-spike than a current overload. 


It may fail with a "short" between any leads, with a collector-emitter short being the 
most common. However failures will also create shorts between all three leads. 

A shorted transistor will allow a large current to flow, and cause other components to 
heat up. 

Transistors can also develop an open circuit between base and collector, base and 
emitter or collector and emitter. 

The first step in identifying a faulty transistor is to check for signs of overheating. It 
may appear to be burnt, melted or exploded. When the equipment is switched off, 
you can touch the transistor to see if it feels unusually hot. The amount of heat you 
feel should be proportional to the size of the transistor's heat sink. If the transistor 
has no heat sink, yet is very hot, you can suspect a problem. 

DO NOT TOUCH A TRANSISTOR IF IT IS PART OF A CIRCUIT THAT CARRIES 240VAC. 
Always switch off the equipment before touching any components. 


TRANSISTOR REPLACEMENT 


If you can't get an exact replacement, refer to a transistor substitution guide to 
identify a near equivalent. 


The important parameters are: 

- Voltage 

- Current 

- Wattage 

- Maximum frequency of operation 


The replacement part should have parameters equal to or higher than the original. 


Points to remember: 

- Polarity of the transistor i.e. PNP or NPN. 

- At least the same voltage, current and wattage rating. 

- Low frequency or high frequency type. 

- Check the pinout of the replacement part 

- Use a desoldering pump to remove the transistor to prevent damage to the 
printed circuit board. 

- Fit the heat sink. 

- Check the mica washer and use heat-sink compound 

- Tighten the nut/bolt - not too tight or too loose. 

- Horizontal output transistors with an integrated diode should be replaced with the 
same type. 


DIGITAL TRANSISTORS 

There is no such thing as a DIGITAL TRANSISTOR or an AUDIO TRANSISTOR. 

All transistors are just "TRANSISTORS" and the surrounding components as well as 
the type of signal, make the transistor operate in DIGITAL MODE or ANALOGUE 
MODE. 

But we have some transistors that have inbuilt resistors to make them suitable for 
connecting to a digital circuit without the need for a base resistor. 

Here is the datasheet for an NPN transistor BCRi35w and PNP datasheet for 
BCR1i85w. 

These transistors are called "Digital Transistors" because the "base lead" can be 
connected directly to the output of a digital stage. This "lead" or "pin" is not really 
the base of the transistor but a 4k7 (or 10k) resistor connected to the base allows 
the transistor to be connected to the rest of a digital circuit. 

You cannot actually get to the base. The resistor(s) are built into the chip and the 
transistor is converted into a "Digital Transistor" because it will accept 5v on the "b" 
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Equation Summary (cont’d) 
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Equation Summary (cont’d) 











Birefringence: 
5 = 2MOPD _ 2n0 
rn rn 
Resolution of a confocal microscope: 
_ 0.40 
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Confocal pinhole width: 
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Fluorescent emission: 
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Probability of two-photon excitation: 
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Intensity in FD-OCT: 
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Phase-shifting equation: 
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Three-image algorithm (n/2 shifts): 
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Equation Summary (cont’d) 





Image reconstruction structure illumination (section- 
ing): 





I= U, = oon | +(J, _ var + (Ly_)3 _ ian 


Poisson statistics: 
Ne 


P(k,N) = 7 





Noise: 
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Signal-to-noise ratio (SNR): 
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4Pi microscopy, 109 


Abbe number, 25 

Abbe resolution limit, 39 
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achromatic objectives, 51 

achromats, 51 

Airy disk, 38 

Amici lens, 55 

amplitude contrast, 72 

amplitude object, 63 

amplitude ratio, 15 

amplitude splitting, 17 
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anaxial illumination, 73 

angular frequency, 4 

angular magnification, 23 
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40 

anisotropic media, 
propagation of light in, 9 

aperture stop, 24 

apochromats, 51 

arc lamp, 58 

array microscope, 113 

array microscopy, 64, 113 
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axial resolution, 86 


bandpass filter, 60 
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dielectric constant, 3 

differential interference 
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dispersion, 25 
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effective focal length, 22 

electric fields, 12 

electric vector, 10 

electromagnetic spectrum, 
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emission filter, 91 

empty magnification, 40 
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exit pupil, 24 

exit window, 24 

extraordinary wave, 9 

eye, 32, 46 

eye point, 48 

eye relief, 48 

eye’s pupil, 46 


eyepiece, 48 


Fermat’s principle, 5 

field curvature, 28 

field diaphragm, 46 

field number (FN), 34, 48 

field stop, 24, 34 

filter turret, 92 

filters, 91 

finite tube length, 34 

five-image technique, 102 

fluorescence, 90 

fluorescence microscopy, 
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fluorescent emission, 94 
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equation, 22 
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lead. 

The 47k is not really needed but it makes sure the transistor is fully turned OFF if the 
signal on the "b" lead is removed (in other words - if the input signal is converted to 
a high-impedance signal - see tri-state output from microcontrollers for a full 
explanation). 

This transistor is designed to be placed in a circuit where the input changes from low 
to high and high to low and does not stop mid-way. This is called a DIGITAL SIGNAL 
and that is one reason why the transistor is called a digital transistor. (However you 
could stop half-way but the transistor may heat up and get too hot). 

Any transistor placed in a digital circuit can be called a "digital transistor" but it is 
better to say it is operating in DIGITAL MODE. 


IN 
(Base 





Emitter 


The digital transistor has two resistors included inside the case 
R1 is about 10k and R2 is approx 47k 


(a) Digital Transistor NPN (b) Digital Transistor PNP 


VDD VDD 


Vin(V) 
Vin level 





Equivalent circuit of the digital transistor 


These transistors can be made to work in analogue circuits 
because they are ordinary transistors with a 10k base resistor, 
but you will have to know what you are doing. 


geometrical optics, 21 
Goos-Hanchen effect, 8 
grating equation, 19-20 


half bandwidth (HBW), 16 

halo effect, 65, 71 

halogen lamp, 58 
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Hoffman modulation 
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I5M, 64 
image comparison, 65 
image formation, 22 
image space, 21 
immersion liquid, 57 
incandescent lamp, 58 
incidence, 6 
infinity-corrected 
objective, 35 
infinity-corrected systems, 
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infrared radiation (IR), 2 
intensity of ight, 12 
interference, 12 
interference filter, 16, 60 
interference microscopy, 
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interference order, 16 
interfering beams, 15 
interferometers, 17 
interline transfer 
architecture, 116 
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inverted microscope, 33 
iris, 32 


Kohler illumination, 43— 
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laser scanning, 64 

lasers, 96 
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lateral resolution, 71 
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light-emitting diodes 
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linearly polarized light, 10 
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magnetic permeability, 3 

magnification, 21, 23 
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magnifying power (MP), 
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marginal ray, 24 

Maxwell’s equations, 3 

medium permittivity, 3 

mercury lamp, 58 

metal halide lamp, 58 

Michelson, 17, 53, 98, 100, 
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minimum focus distance, 
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modulation contrast 
microscopy (MCM), 74 

modulation transfer 
function (MTF), 29 

molecular absorption 
cross section, 94 

monochromatic light, 11 

multi-photon fluorescence, 
95 

multi-photon microscopy, 
64 

multiple beam 
interference, 16 


nature of light, 1 

near point, 32 

negative birefringence, 9 

negative contrast, 69 

neutral density (ND), 60 

Newtonian equation, 22 

Nomarski interference 
microscope, 82 

Nomarski prism, 62, 80 

non-self-luminous, 63 

numerical aperture (NA), 
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Nyquist frequency, 120 


object space, 21 

objective, 31 

objective correction, 50 

oblique illumination, 73 

optic axis, 9 

optical coherence 
microscopy (OCM), 98 

optical coherence 
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optical density (OD), 60 


optical path difference 
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optical path length (OPD), 
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optical power, 22 
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optical rays, 21 

optical sectioning, 103 

optical spaces, 21 

optical staining, 77 

optical transfer function, 
29 

optical tube length, 34 

ordinary wave, 9 
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paraxial optics, 21 

parfocal distance, 34 

partially coherent, 11 

particle model, 1 

performance metrics, 29 

phase-advancing objects, 
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phase contrast 
microscope, 70 

phase contrast, 64, 65, 66 

phase object, 63 

phase of light, 4 

phase retarding objects, 
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phase-shifting algorithms, 
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phase-shifting 
interferometry (PSD), 
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photobleaching, 94 

photodiode, 115 

photon noise, 118 

Planck’s constant, 1 





point spread function 
(PSF), 29 
point-scanning confocal 
microscope, 87 
Poisson statistics, 118 
polarization microscope, 
84 
polarization microscopy, 
64, 83 
polarization of light, 10 
polarization prisms, 61 
polarization states, 10 
polarizers, 61-62 
positive birefringence, 9 
positive contrast, 69 
pupil function, 29 


quantum efficiency (QE), 
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quasi-monochromatic, 11 

quenching, 94 


Raman microscopy, 64, 
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Raman scattering, 111 

Ramsden eyepiece, 48 

Rayleigh resolution limit, 
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read noise, 118 

real image, 22 

red blood cells, 2 

reflectance coefficients, 6 

reflected light, 6, 16 

reflection law, 6 

reflective grating, 20 

refracted light, 6 

refraction law, 6 

refractive index, 4 
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resolution limit, 39 
retardation, 83 
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retina, 32 

RGB filters, 117 

Rheinberg illumination, 
77 
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Sagnac interferometer, 17 
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sample path, 44 

scanning approaches, 87 

scanning white light 
interferometry, 98 

Selective plane 
illumination microscopy 
(SPIM), 64, 112 

self-luminous, 63 

semi-apochromats, 51 

shading-off effect, 71 

shearing interferometer, 
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shot noise, 118 

SI, 64 

sign convention, 21 

signal-to-noise ratio 
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Snell’s law, 6 

solid immersion, 106 

solid immersion lenses 
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Sparrow resolution limit, 
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spatial coherence, 11 

spatial resolution, 86 

spectral-domain OCT 
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spectrum of microscopy, 2 

spherical aberration, 27 

spinning-disc confocal 
imaging, 88 

stereo microscopes, 47 
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stimulated emission 
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stochastic optical 
reconstruction 
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64, 108, 110 

Stokes shift, 90 

Strehl ratio, 29, 30 

structured illumination, 
103 

super-resolution 
microscopy, 64 

swept-source OCT 
(SSOCT), 99 


telecentricity, 36 

temporal coherence, 11, 
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thin lenses, 21 

three-image technique, 
102 

total internal reflection 
(TIR), 7 

total internal reflection 
fluorescence (TIRF) 
microscopy, 105 

transmission coefficients, 
6 

transmission grating, 20 

transmitted light, 16 

transverse chromatic 
aberration, 26 

transverse magnification, 
23 

tube length, 34 

tube lens, 35 

tungsten-argon lamp, 58 


ultraviolet radiation (UV), 


2 
undersampling, 120 
uniaxial crystals, 9 


upright microscope, 33 
useful magnification, 40 
UV objectives, 54 


velocity of light, 1 

vertical scanning 
interferometry (VSI), 
98, 100 

virtual image, 22 

visibility, 12 

visibility in phase 
contrast, 69 

visible spectrum (VIS), 2 

visual stereo resolving 
power, 47 


water immersion 
objectives, 54 

wave aberrations, 25 

wave equations, 3 

wave group, 11 

wave model, 1 

wave number, 4 

wave plate compensator, 
85 

wavefront propagation, 4 

wavefront splitting, 17 

wavelength of light, 1 

Wollaston prism, 61, 80 

working distance (WD), 50 


x-ray radiation, 2 
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Introduction 





Fundamental Optics 


The process of solving virtually any optical engineering problem can be 
broken down into two main steps. First, paraxial calculations (first order) 
are made to determine critical parameters such as magnification, focal THE OPTICAL 

length(s), clear aperture (diameter), and object and image position. These ENGINEERING PROCESS 
paraxial calculations are covered in the next section of this chapter. 








Second, actual components are chosen based on these paraxial values, and 


















































their actual performance is evaluated with special attention paid to the Determine basic system 
wv : ; : parameters, such as 
ws effects of aberrations. A truly rigorous performance analysis for all but the Ser 
=f ; : ; : magnification and 
° simplest optical systems generally requires computer ray tracing, but object/image distances 
E simple generalizations can be used, especially when the lens selection 
o . : noe 
= process is confined to a limited range of component shapes. 
o 
a In practice, the second step may reveal conflicts with design constraints, 
& such as component size, cost, or product availability. System parameters Using paraxial formulas 
may therefore require modification. and known parameters, 
solve for remaining values 
Because some of the terms used in this chapter may not be familiar to all 
readers, a glossary of terms is provided in Definition of Terms. 
Finally, it should be noted that the discussion in this chapter relates only to - 
systems with uniform illumination; optical systems for Gaussian beams are fee ac a 
v covered in Gaussian Beam Optics. derived values 
S 
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uv 
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Qa 
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Ss 
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° fee 
Determine if chosen 
component values conflict 
with any basic 
system constraints 
Engineering Support 
CVI Melles Griot maintains a staff of knowledgeable, experienced 
applications engineers at each of our facilities worldwide. The 
4 information given in this chapter is sufficient to enable the user 
5 to select the most appropriate catalog lenses for the most 
° commonly encountered applications. However, when additional Estimate performance 
3 optical engineering support is required, our applications engi- characteristics of system 
ic neers are available to provide assistance. Do not hesitate to 
s contact us for help in product selection or to obtain more 
detailed specifications on CVI Melles Griot products. 

Determine if performance 
characteristics meet 
original design goals 
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Paraxial Formulas 
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Sign Conventions 





The validity of the paraxial lens formulas is dependent on adherence to the following sign conventions: 









































For lenses: (refer to figure 1.1) For mirrors: 
sis + for object to left of H (the first principal point) fis + for convex (diverging) mirrors 
sis — for object to right of H fis — for concave (converging) mirrors a 
= 
s” is + for image to right of H” (the second principal point) sis + for object to left of H 2 
Ss 
s” is — for image to left of H” sis — for object to right of H e 
= 
mis + for an inverted image s” is — for image to right of H” 2 
=a 
mis — for an upright image s” is + for image to left of H” a 
mis + for an inverted image 
mis — for an upright image 
When using the thin-lens approximation, simply refer to the left and right of the lens. 
° 
mo} 
=a 
S 
front focal point rear focal point un 
2 
= 
a 
ot 
Es 
a 
=| nt = 
principal points a 
Note location of object and image relative to front and rear focal points. Sy 
m=) 
@ = lens diameter object distance, positive for object (whether real 3 
: or virtual) to the left of principal point H g 
CA= clear aperture (typically 90% of ¢) o 
. ; oe image distance (s and s” are collectively called 
effective focal length (EFL) which may be positive conjugate distances, with object and image in 
(as shown) or negative. f represents both FH and conjugate planes), positive for image (whether real 
H’F”, assuming lens is surrounded by medium or virtual) to the right of principal point H” 
of index 1.0 
sls = hh = magnification or object height 
conjugate ratio, said to be infinite if 
either s” ors is infinite = image height 
arcsin (CA/2s) =f 
3 
a 
o 
Figure 1.1 Sign conventions o 
Ss 
ico} 
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Material Properties Optical Specifications 


Optical Coatings 





Typically, the first step in optical problem solving is to select a system focal 
length based on constraints such as magnification or conjugate distances 
(object and image distance). The relationship among focal length, object 
position, and image position is given by 


— = —+— (1.1) 


This formula is referenced to figure 1.1 and the sign conventions given 
in Sign Conventions. 


By definition, magnification is the ratio of image size to object size or 


gs” h” 
m=—=— 


: 1.2 
ae (1.2) 


This relationship can be used to recast the first formula into the following 
forms: 


_ (st+s”) 








PS ay (1.3) 
poe" (1.4) 
m+1 
m+2+— 
m 
s(m+]l=s+5” (1.6) 


where (s +s”) is the approximate object-to-image distance. 


With a real lens of finite thickness, the image distance, object distance, and 
focal length are all referenced to the principal points, not to the physical 
center of the lens. By neglecting the distance between the lens’ principal points, 
known as the hiatus, s +s” becomes the object-to-image distance. This sim- 
plification, called the thin-lens approximation, can speed up calculation 
when dealing with simple optical systems. 


Example 1: Object outside Focal Point 


A 1-mm-high object is placed on the optical axis, 200 mm left of the left 
principal point of a LDX-25.0-51.0-C (f= 50 mm). Where is the image 
formed, and what is the magnification? (See figure 1.2.) 


1 11 
< 7 s 

i i i 

s” 50 200 

s” =66.7 mm 

m= = 22 = 0.33 


or real image is 0.33 mm high and inverted. 
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Figure 1.2 Example 1 (f=50 mm, s= 200 mm, s” = 66.7 mm) 


Example 2: Object inside Focal Point 


The same object is placed 30 mm left of the left principal point of the 
same lens. Where is the image formed, and what is the magnification? 
(See figure 1.3.) 


tli 1 
s” 50 30 
s”=-75 mm 

eles 
Ss 30 


or virtual image is 2.5 mm high and upright. 


In this case, the lens is being used as a magnifier, and the image can be 
viewed only back through the lens. 














Figure 1.3 Example 2 (f= 50 mm, s=30 mm, s”= —75 mm) 


Example 3: Object at Focal Point 


A 1-mm-high object is placed on the optical axis, 50 mm left of the first 
principal point of an LDK-50.0-52.2-C (f=— 50 mm). Where is the image 
formed, and what is the magnification? (See figure 1.4.) 


tli 1 
s” 50 50 
s”=-25 mm 
A 2 
ie 
S 50 


or virtual image is 0.5 mm high and upright. 
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Figure 1.4 Example 3 (f= —50 mm, s=50 mm, s’= —25 mm) 


Asimple graphical method can also be used to determine paraxial image 
location and magnification. This graphical approach relies on two simple 
properties of an optical system. First, a ray that enters the system parallel 
to the optical axis crosses the optical axis at the focal point. Second, a ray 
that enters the first principal point of the system exits the system from the 
second principal point parallel to its original direction (i.e., its exit angle 
with the optical axis is the same as its entrance angle). This method has 
been applied to the three previous examples illustrated in figures 1.2 
through 1.4. Note that by using the thin-lens approximation, this second 
property reduces to the statement that a ray passing through the center 
of the lens is undeviated. 


F-NUMBER AND NUMERICAL APERTURE 


The paraxial calculations used to determine the necessary element 
diameter are based on the concepts of focal ratio (f-number or f/#) and 
numerical aperture (NA). The f-number is the ratio of the focal length of the 
lens to its “effective” diameter, the clear aperture (CA). 





f-number = lt . (1.7) 
CA 


To visualize the f-number, consider a lens with a positive focal length 
illuminated uniformly with collimated light. The f-number defines the angle 
of the cone of light leaving the lens which ultimately forms the image. This 
is an important concept when the throughput or light-gathering power 
of an optical system is critical, such as when focusing light into a mono- 
chromator or projecting a high-power image. 


The other term used commonly in defining this cone angle is numerical 
aperture. The NA is the sine of the angle made by the marginal ray with 
the optical axis. By referring to figure 1.5 and using simple trigonometry, 
it can be seen that 


Gagne == (1.8) 
2f 
and 
Ieee (1.9) 
2(f-number) | 
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principal surface 





Figure 1.5 F-number and numerical aperture 


Ray f-numbers can also be defined for any arbitrary ray if its conjugate 
distance and the diameter at which it intersects the principal surface of 
the optical system are known. 


NOTE 


Because the sign convention given previously is not used universally 
in all optics texts, the reader may notice differences in the paraxial 
formulas. However, results will be correct as long as a consistent set 
of formulas and sign conventions is used. 
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"high" input > "low" output 


Transistor in saturation 


The circuit above shows the digital transistor is designed to allow a voltage of 5v to 
be supplied to the "base" pin and the transistor will Fully Conduct. 

This type of transistor saves putting a base resistor on the PC board. 

It can be tested just like a normal transistor but the resistance between base and 
emitter will be about 5k to 50k in both directions. If the collector-emitter is low in 
both directions the transistor is damaged. 

Here's how to look at how the transistor works: 

The 10k resistor on the base will allow 0.5mA to flow into the base. But the 47k will 
reduce this to 0.4mA. If the transistor has a gain of 100, the collector-emitter 
current can be 40mA. 

To determine the current capability of the transistor, connect 100R load and turn the 
transistor ON. This will allow about 100mA for the collector-emitter current. Measure 
the collector-emitter voltage. If it is more than 0.5v, the transistor is OVER- 
LOADED. 


DARLINGTON TRANSISTORS 

A DARLINGTON TRANSISTOR is two transistors in a single package with three leads. 
They are internally connected in cascade so the gain of the pair is very high. This 
allows a very small input signal to produce a large signal at the output. They have 
three leads (Base, Collector and Emitter and can be PNP or NPN) and are equivalent 
to the leads of a standard individual transistor, but with a very high gain. The second 
advantage of a Darlington Transistor is its high input impedance. It puts very little 
load on the previous circuit. 

Some Darlington transistors have a built-in diode and/or built-in resistor and this will 
produce a low reading in both directions between the base and emitter leads. 


LOAD 


LOAD 


Ee Ee 
8k to 100k 


NPN Darlington PNP Darlington 


lch_FundamentalOptics_Final_a.qxd 7/6/2009 1:42 PM Page = 


Fundamental Optics 


“n 
<) 
r=) 
2. 
° 
f= 
o 
o 
(==) 
= 
fel 
"“ 
"vn 
| 
6 
1S) 


Material Properties Optical Specifications 


Optical Coatings 







THE OPTICAL INVARIANT 


To understand the importance of the NA, consider its relation to magnification. 
Referring to figure 1.6, 

















NA (object side) = sin 6 = — (1.10 
3 . 

NA” (image side) = sin0” = = (11 
which can be rearranged to show 

CA = 2s sin@ (1.12 
and 

CA = 2s”siné (1.13 
leading to 

s”_ sin@ = NA 

s sing” NA” (1.14) 


Bo a, oe oe 
Since — is simply the magnification of the system, 
S 
we arrive at 


NA 
NA” (1.15) 


The magnification of the system is therefore equal to the ratio of the NAs 
on the object and image sides of the system. This powerful and useful result 
is completely independent of the specifics of the optical system, and it can 
often be used to determine the optimum lens diameter in situations 
involving aperture constraints. 


When a lens or optical system is used to create an image of a source, it is 
natural to assume that, by increasing the diameter (¢) of the lens, thereby 
increasing its CA, we will be able to collect more light and thereby produce 
a brighter image. However, because of the relationship between magnifi- 
cation and NA, there can be a theoretical limit beyond which increasing the 
diameter has no effect on light-collection efficiency or image brightness. 


Since the NA of a ray is given by CA/2s, once a focal length and magni- 
fication have been selected, the value of NA sets the value of CA. Thus, 
if one is dealing with a system in which the NA is constrained on either 
the object or image side, increasing the lens diameter beyond this value 
will increase system size and cost but will not improve performance (i.e., 
throughput or image brightness). This concept is sometimes referred to 
as the optical invariant. 


SAMPLE CALCULATION 


To understand how to use this relationship between magnification and NA, 
consider the following example. 
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Example: System with Fixed Input NA 


Two very common applications of simple optics involve coupling light into 
an optical fiber or into the entrance slit of a monochromator. Although these 
problems appear to be quite different, they both have the same limitation 
— they have a fixed NA. For monochromators, this limit is usually expressed 
in terms of the f-number. In addition to the fixed NA, they both have a fixed 
entrance pupil (image) size. 


Suppose it is necessary, using a singlet lens, to couple the output of an 
incandescent bulb with a filament 1 mm in diameter into an optical fiber 
as shown in figure 1.7. Assume that the fiber has a core diameter of 
100 wm and an NA of 0.25, and that the design requires that the total 
distance from the source to the fiber be 110 mm. Which lenses are 
appropriate? 


By definition, the magnification must be 0.1. Letting s +s” total 110 mm 
(using the thin-lens approximation), we can use equation 1.3, 





(see eq. 1.3) 


to determine that the focal length is 9.1 mm. To determine the conjugate 
distances, s and s”, we utilize equation 1.6, 


s(m+1)=s4+s”, (see eq. 1.6) 


and find that s = 100 mm and s” = 10 mm. 


We can now use the relationship NA = CA/2s or NA” = CA/2s” to derive 
CA, the optimum clear aperture (effective diameter) of the lens. 


With an image NA of 0.25 and an image distance (s”) of 10 mm, 


0.25= iis 
20 
and 
CA =5 mm. 


Accomplishing this imaging task with a single lens therefore requires an 
optic with a 9.1-mm focal length and a 5-mm diameter. Using a larger 
diameter lens will not result in any greater system throughput because of 
the limited input NA of the optical fiber. The singlet lenses in this catalog 
that meet these criteria are LPX-5.0-5.2-C, which is plano-convex, and 
LDX-6.0-7.7-C and LDX-5.0-9.9-C, which are biconvex. 


Making some simple calculations has reduced our choice of lenses to just 
three. The following chapter, Gaussian Beam Optics, discusses how to 
make a final choice of lenses based on various performance criteria. 
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image side 














object side 





Figure 1.6 Numerical aperture and magnification 


magnification = r= 0 : 
‘1 Fi i 
“ae optical system 
f=9.1mm 











filament 
h=1mm 














fiber core 
h’ = 0.1 mm 























s= 100 mm ——> <—— s”= 10mm 


s+s”=110 mm 





Figure 1.7 Optical system geometry for focusing the output of an incandescent bulb into an optical fiber 
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Many optical tasks require several lenses in order to achieve an acceptable 
level of performance. One possible approach to lens combinations is to con- 
sider each image formed by each lens as the object for the next lens and so 
on. This is a valid approach, but it is time consuming and unnecessary. 


It is much simpler to calculate the effective (combined) focal length and 
principal-point locations and then use these results in any subsequent 
paraxial calculations (see figure 1.8). They can even be used in the optical 
invariant calculations described in the preceding section. 


EFFECTIVE FOCAL LENGTH 


The following formulas show how to calculate the effective focal length 
and principal-point locations for a combination of any two arbitrary com- 
ponents. The approach for more than two lenses is very simple: Calculate 
the values for the first two elements, then perform the same calculation for 
this combination with the next lens. This is continued until all lenses in the 
system are accounted for. 





The expression for the combination focal length is the same whether lens 
separation distances are large or small and whether /; and /, are positive 
or negative: 





Shr 
f= ; (1.16) 
fith-d 
This may be more familiar in the form 
1 1 1 d 
(1.17) 


, he te 


Notice that the formula is symmetric with respect to the interchange of the 
lenses (end-for-end rotation of the combination) at constant d. The next 
two formulas are not. 


COMBINATION FOCAL-POINT LOCATION 


For all values of /;, 5, and d, the location of the focal point of the combined 
system (s,”), measured from the secondary principal point of the second 
lens (H,”), is given by 





PAC at 8 


2 ft hyd 


This can be shown by setting s;=d —f; (see figure 1.8a), and solving 


1 1,1 
s=-+— 
2 % 82 
uw 

for s,”. 
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Symbols 


f= combination focal length (EFL), positive if combination 
final focal point falls to the right of the combination secondary 
principal point, negative otherwise (see figure 1.8c). 


J; = focal length of the first element (see figure 1.8a). 
Jy = focal length of the second element. 


d= distance from the secondary principal point of the first 
element to the primary principal point of the second element, 
positive if the primary principal point is to the right of the 
secondary principal point, negative otherwise (see figure 1.8b). 


8,” = distance from the primary principal point of the first 
element to the final combination focal point (location of the 
final image for an object at infinity to the right of both lenses), 
positive if the focal point is to left of the first element's 
primary principal point (see figure 1.8d). 


sy” = distance from the secondary principal point of the 
second element to the final combination focal point (location 
of the final image for an object at infinity to the left of both 
lenses), positive if the focal point is to the right of the second 
element's secondary principal point (see figure 1.8b). 


Zy = distance to the combination primary principal point 
measured from the primary principal point of the first element, 
positive if the combination secondary principal point is to 
the right of secondary principal point of second element 
(see figure 1.8d). 


zy = distance to the combination secondary principal point 
measured from the secondary principal point of the second 
element, positive if the combination secondary principal point 
is to the right of the secondary principal point of the second 
element (see figure 1.8c). 


Note: These paraxial formulas apply to coaxial combinations 
of both thick and thin lenses immersed in air or any other 
fluid with refractive index independent of position. They 
assume that light propagates from left to right through an 
optical system. 
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COMBINATION SECONDARY PRINCIPAL-POINT LOCATION 


Because the thin-lens approximation is obviously highly invalid for most 
combinations, the ability to determine the location of the secondary princi- 
pal point is vital for accurate determination of d when another element 
is added. The simplest formula for this calculates the distance from the 
secondary principal point of the final (second) element to the secondary 
principal point of the combination (see figure 1.8b): 
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Z=Spy —f. (1.19) 2. 

Ss 

i=] 

COMBINATION EXAMPLES 8 

It is possible for a lens combination or system to exhibit principal planes & 

that are far removed from the system. When such systems are themselves = 
combined, negative values of d may occur. Probably the simplest example 
of a negative @-value situation is shown in figure 1.9. Meniscus lenses with 
steep surfaces have external principal planes. When two of these lenses are 
brought into contact, a negative value of dcan occur. Other combined-lens 

examples are shown in figures 1.10 through 1.13. 

° 
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=a 

S 

Figure 1.9 “Extreme” meniscus-form lenses with L 

external principal planes (drawing not to scale) es 
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Figure 1.8 Lens combination focal length and principal planes = 
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3 
= 
£ 
S a 
a focal plane ——»| combination —» <— combination . 
s secondary secondary combination 
2 principal plane principal plane focus 
o 
oO 
; = ‘ Figure 1.12 Telephoto combination: The most important 
a me fy: peas aa nite fines leo characteristic of the telephoto lens is that the EFL, and hence 
syhninety eae required 2 , the image size, can be made much larger than the distance from 
, the first lens surface to the image would suggest by using a 
positive lens followed by a negative lens (but not necessarily the 
lens shapes shown in the figure). For example, f; is positive and 
fo = —f;/2. Then fis negative for d less than f;/2, infinite for 
2 d=f,/2 (Galilean telescope or beam expander), and positive for 
2 d larger than f,/2. To make the example even more specific, 
= catalog lenses LDX-50.8-130.4-C and LDK-42.0-52.2-C, with 
F d=78.2 mm, will yield s,” =2.0 m, f=5.2 m, and z=43.2 m. 
n 
s 
z 
y) Figure 1.11 Achromatic combinations: Air-spaced lens 
= combinations can be made nearly achromatic, even though 
2 both elements are made from the same material. Achieving 
a achromatism requires that, in the thin-lens approximation, 
oO 
g (fit) 
© d=——_——.. 
= 2 
This is the basis for Huygens and Ramsden eyepieces. Figure 1.13 Condenser configuration: The convex 
vertices of a pair of identical plano-convex lenses are 
This approximation is adequate for most thick-lens situations. on contact. (The lenses could also be plano aspheres.) Because 
The signs of f;, f5, and d are unrestricted, but d must have a d=0,f=f,/2 =f/2, f,/2 = sy”, and z=0. The secondary princi- 
value that guarantees the existence of an air space. Element pal point of the second element and the secondary principal 
shapes are unrestricted and can be chosen to compensate for point of the combination coincide at H”, at depth t,/n beneath 
other aberrations. the vertex of the plano surface of the second element, where ¢, 
=) is the element center thickness and v7 is the refractive index of 
its the element. By symmetry, the primary principal point of the 
S combination is similarly located in the first element. Combina- 
g tion conjugate distances must be measured from these points. 
a 
3° 
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After paraxial formulas have been used to select values for component focal 
length(s) and diameter(s), the final step is to select actual lenses. As in any 
engineering problem, this selection process involves a number of tradeoffs, 
including performance, cost, weight, and environmental factors. 


The performance of real optical systems is limited by several factors, 
including lens aberrations and light diffraction. The magnitude of these 
effects can be calculated with relative ease. 


material 1 
index n, 








a 
Numerous other factors, such as lens manufacturing tolerances and = 
component alignment, impact the performance of an optical system. 3 
Although these are not considered explicitly in the following discussion, BS 
it should be kept in mind that if calculations indicate that a lens system Ey 
only just meets the desired performance criteria, in practice it may fall short material 2 i) 
of this performance as a result of other factors. In critical applications, index n, a 
it is generally better to select a lens whose calculated performance is 
significantly better than needed. 
DIFFRACTION Figure 1.14 Refraction of light at a dielectric boundary 
Diffraction, a natural property of light arising from its wave nature, poses 
a fundamental limitation on any optical system. Diffraction is always 
present, although its effects may be masked if the system has significant éS) 
aberrations. When an optical system is essentially free from aberrations, z 
its performance is limited solely by diffraction, and it is referred to as L 
diffraction limited. a. 
= 
In calculating diffraction, we simply need to know the focal length(s) and er 
aperture diameter(s); we do not consider other lens-related factors such as Technical Assistance $ 
shape or index of refraction. Detailed performance analysis of an optical system is 
Since diffraction increases with increasing f-number, and aberrations decrease accomplished by using computerized ray-tracing software. 
with increasing f-number, determining optimum system performance CVI Melles Griot applications engineers are able to provide a 
often involves finding a point where the combination of these factors ray-tracing analysis of simple catalog-component systems. If you 
has a minimum effect. need assistance in determining the performance of your optical 
system, or in selecting optimum components for your particular 
ABERRATIONS application, please contact your nearest CVI Melles Griot office. = 
eo g 
To determine the precise performance of a lens system, we can trace the cy 
path of light rays through it, using Snell's law at each optical interface = 
to determine the subsequent ray direction. This process, called ray tracing, s 
is usually accomplished on a computer. When this process is completed, = 
it is typically found that not all the rays pass through the points or posi- a 
tions predicted by paraxial theory. These deviations from ideal imaging 
are called lens aberrations. 
The direction of a light ray after refraction at the interface between 
two homogeneous, isotropic media of differing index of refraction is given 
by Snell's law: 
n,sind, =n,sind, (1.20) 
where @, is the angle of incidence, 6, is the angle of refraction, and both angles =f 
are measured from the surface normal as shown in figure 1.14. a 
a 
z 
& 
n 
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Even though tools for the precise analysis of an optical system are becom- 
ing easier to use and are readily available, it is still quite useful to have a 
method for quickly estimating lens performance. This not only saves time 
in the initial stages of system specification, but can also help achieve a 
better starting point for any further computer optimization. 


The first step in developing these rough guidelines is to realize that the sine 
functions in Snell's law can be expanded in an infinite Taylor series: 


sin6, = 0, — 07 /3!+ 67 /5!-67/7!+ 67 /9!-... (1.21) 


The first approximation we can make is to replace all the sine functions 
with their arguments (i.e., replace sin#, with 6, itself and so on). This is 
called first-order or paraxial theory because only the first terms of the sine 
expansions are used. Design of any optical system generally starts with 
this approximation using the paraxial formulas. 


The assumption that sind = 0 is reasonably valid for close to zero (i.e., 
high f-number lenses). With more highly curved surfaces (and particularly 
marginal rays), paraxial theory yields increasingly large deviations from 
real performance because sind 6. These deviations are known as aber- 
rations. Because a perfect optical system (one without any aberrations) 
would form its image at the point and to the size indicated by paraxial 
theory, aberrations are really a measure of how the image differs from 
the paraxial prediction. 


As already stated, exact ray tracing is the only rigorous way to analyze 
real lens surfaces. Before the advent of electronic computers, this was 
excessively tedious and time consuming. Seidel* addressed this issue 
by developing a method of calculating aberrations resulting from the 
6,3/3! term. The resultant third-order lens aberrations are therefore 
called Seidel aberrations. 


To simplify these calculations, Seidel put the aberrations of an optical 
system into several different classifications. In monochromatic light they 
are spherical aberration, astigmatism, field curvature, coma, and distor- 
tion. In polychromatic light there are also chromatic aberration and lat- 
eral color. Seidel developed methods to approximate each of these 
aberrations without actually tracing large numbers of rays using all the 
terms in the sine expansions. 


In actual practice, aberrations occur in combinations rather than alone. This 
system of classifying them, which makes analysis much simpler, gives a 
good description of optical system image quality. In fact, even in the era of 
powerful ray-tracing software, Seidel’s formula for spherical aberration is still 
widely used. 


* Ludwig von Seidel, 1857. 
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SPHERICAL ABERRATION 


Figure 1.15 illustrates how an aberration-free lens focuses incoming 
collimated light. All rays pass through the focal point F”. The lower figure 
shows the situation more typically encountered in single lenses. The far- 
ther from the optical axis the ray enters the lens, the nearer to the lens 
it focuses (crosses the optical axis). The distance along the optical axis 
between the intercept of the rays that are nearly on the optical axis 
(paraxial rays) and the rays that go through the edge of the lens (marginal 
rays) is called longitudinal spherical aberration (LSA). The height at 
which these rays intercept the paraxial focal plane is called transverse 
spherical aberration (TSA). These quantities are related by 





TSA =LSA x tan(w”). (1.22) 


Spherical aberration is dependent on lens shape, orientation, and 
conjugate ratio, as well as on the index of refraction of the materials 
present. Parameters for choosing the best lens shape and orientation 
for a given task are presented later in this chapter. However, the third- 
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Figure 1.15 Spherical aberration of a plano-convex lens 
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order, monochromatic, spherical aberration of a plano-convex lens used 
at infinite conjugate ratio can be estimated by 


0.067 f 
f/t? 





spot size due to spherical aberration = ; (1.23) 


Theoretically, the simplest way to eliminate or reduce spherical aberration 
is to make the lens surface(s) with a varying radius of curvature (i.e., an 
aspheric surface) designed to exactly compensate for the fact that sin 0 +0 
at larger angles. In practice, however, most lenses with high surface 
accuracy are manufactured by grinding and polishing techniques that 
naturally produce spherical or cylindrical surfaces. The manufacture of 
aspheric surfaces is more complex, and it is difficult to produce a lens of 
sufficient surface accuracy to eliminate spherical aberration completely. 
Fortunately, these aberrations can be virtually eliminated, for a chosen 
set of conditions, by combining the effects of two or more spherical (or 
cylindrical) surfaces. 


In general, simple positive lenses have undercorrected spherical aberration, 
and negative lenses usually have overcorrected spherical aberration. By 
combining a positive lens made from low-index glass with a negative lens 
made from high-index glass, it is possible to produce a combination in which 
the spherical aberrations cancel but the focusing powers do not. The 
simplest examples of this are cemented doublets, such as the LAO series 
which produce minimal spherical aberration when properly used. 


tangential image 


tangential plane 
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object point 


Figure 1.16 Astigmatism represented by sectional views 
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ASTIGMATISM 


When an off-axis object is focused by a spherical lens, the natural asym- 
metry leads to astigmatism. The system appears to have two different 
focal lengths. 


As shown in figure 1.16, the plane containing both optical axis and object 
point is called the tangential plane. Rays that lie in this plane are called 
tangential, or meridional, rays. Rays not in this plane are referred to as skew 
rays. The chief, or principal, ray goes from the object point through the 
center of the aperture of the lens system. The plane perpendicular to the 
tangential plane that contains the principal ray is called the sagittal or 
radial plane. 


The figure illustrates that tangential rays from the object come to a focus closer 
to the lens than do rays in the sagittal plane. When the image is evaluated 
at the tangential conjugate, we see a line in the sagittal direction. A line in 
the tangential direction is formed at the sagittal conjugate. Between these 
conjugates, the image is either an elliptical or a circular blur. Astigmatism 
is defined as the separation of these conjugates. 


The amount of astigmatism in a lens depends on lens shape only when 
there is an aperture in the system that is not in contact with the lens itself. 
(In all optical systems there is an aperture or stop, although in many cases 
itis simply the clear aperture of the lens element itself.) Astigmatism strongly 
depends on the conjugate ratio. 


|_ sagittal image (focal line) 
(focal line) 








paraxial 
focal plane 
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COMA 


In spherical lenses, different parts of the lens surface exhibit different degrees 
of magnification. This gives rise to an aberration known as coma. As shown 
in figure 1.17, each concentric zone of a lens forms a ring-shaped image called 
a comatic circle. This causes blurring in the image plane (surface) of off-axis 
object points. An off-axis object point is not a sharp image point, but it 
appears as a characteristic comet-like flare. Even if spherical aberration is 
corrected and the lens brings all rays to a sharp focus on axis, a lens may 
still exhibit coma off axis. See figure 1.18. 


As with spherical aberration, correction can be achieved by using multiple 
surfaces. Alternatively, a sharper image may be produced by judiciously 
placing an aperture, or stop, in an optical system to eliminate the more 
marginal rays. 


FIELD CURVATURE 





Even in the absence of astigmatism, there is a tendency of optical systems 
to image better on curved surfaces than on flat planes. This effect is called 
field curvature (see figure 1.19). In the presence of astigmatism, this 
problem is compounded because two separate astigmatic focal surfaces 
correspond to the tangential and sagittal conjugates. 


Field curvature varies with the square of field angle or the square of image 
height. Therefore, by reducing the field angle by one-half it is possible to reduce 
the blur from field curvature to a value of 0.25 of its original size. 


Positive lens elements usually have inward curving fields, and negative 
lenses have outward curving fields. Field curvature can thus be corrected to 
some extent by combining positive and negative lens elements. 
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Figure 1.18 Positive transverse coma 
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Figure 1.19 Field curvature 
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Figure 1.17 Imaging an off-axis point source by a lens with positive transverse coma 
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DISTORTION 


The image field not only may have curvature but may also be distorted. 
The image of an off-axis point may be formed at a location on this surface 
other than that predicted by the simple paraxial equations. This distor- 
tion is different from coma (where rays from an off-axis point fail to 
meet perfectly in the image plane). Distortion means that even if a perfect 
off-axis point image is formed, its location on the image plane is not 
correct. Furthermore, the amount of distortion usually increases with 
increasing image height. The effect of this can be seen as two different 
kinds of distortion: pincushion and barrel (see figure 1.20). Distortion does 
not lower system resolution; it simply means that the image shape does 
not correspond exactly to the shape of the object. Distortion is a sepa- 
ration of the actual image point from the paraxially predicted location 
on the image plane and can be expressed either as an absolute value or 
as a percentage of the paraxial image height. 


It should be apparent that a lens or lens system has opposite types of 
distortion depending on whether it is used forward or backward. This 
means that if a lens were used to make a photograph, and then used 
in reverse to project it, there would be no distortion in the final screen 
image. Also, perfectly symmetrical optical systems at 1:1 magnification 
have no distortion or coma. 


OBJECT PINCUSHION BARREL 
DISTORTION DISTORTION 





















































Figure 1.20 Pincushion and barrel distortion 
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CHROMATIC ABERRATION 


The aberrations previously described are purely a function of the shape 
of the lens surfaces, and they can be observed with monochromatic light. 
Other aberrations, however, arise when these optics are used to trans- 
form light containing multiple wavelengths. The index of refraction of a 
material is a function of wavelength. Known as dispersion, this is discussed 
in Material Properties. From Snell's law (see equation 1.20), it can be 
seen that light rays of different wavelengths or colors will be refracted 
at different angles since the index is not a constant. Figure 1.21 shows 
the result when polychromatic collimated light is incident on a positive 
lens element. Because the index of refraction is higher for shorter wave- 
lengths, these are focused closer to the lens than the longer wavelengths. 
Longitudinal chromatic aberration is defined as the axial distance from 
the nearest to the farthest focal point. As in the case of spherical aberration, 
positive and negative elements have opposite signs of chromatic aberration. 
Once again, by combining elements of nearly opposite aberration to form 
a doublet, chromatic aberration can be partially corrected. It is neces- 
sary to use two glasses with different dispersion characteristics, so that 
the weaker negative element can balance the aberration of the stronger, 
positive element. 





white light ray red focal point 











blue light ray 


red light ray 


longitudinal 
chromatic 
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Figure 1.21. Longitudinal chromatic aberration 


Variations of Aberrations with Aperture, 
Field Angle, and Image Height 
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Darlington transistors are tested the same as an ordinary transistor and a multimeter 
will produce about the same deflection, even though you will be measuring across 
two junctions, (and a base-emitter resistor is present). 


HORIZONTAL OUTPUT TRANSISTORS, SWITCH-MODE 
TRANSISTORS, FLYBACK TRANSISTORS, POWER 
TRANSISTORS, VERTICAL TRANSISTORS .... 


These are all names given to a transistor when it is used in a particular circuit. ALL 
these transistors are the same for testing purposes. 

We are not testing for gain, maximum voltage, speed of operation or any special 
feature. We are just testing to see if the transistor is completely faulty and 
SHORTED. 

A transistor can have lots of other faults and the circuit using the transistor is the 
best piece of TEST EQUIPMENT as it is detecting the fault. 


TESTING MOSFETs and FETs 

MOSFETs and JFETs are all part of the FET family. 

MOSFET stands for Metal Oxide Semiconductor Field Effect Transistor. 

FETs operate exactly the same as a "normal" transistor except they have different 
names for the input and output leads and the voltage between the gate and the 
source has to between 2v to 5v for the device to turn on fully. A FET requires almost 
NO CURRENT into the Gate for it to turn on and when it does, the voltage between 
drain and source is very low (only a few mV). This allows them to pass very high 
currents without getting hot. There is a point where they start to turn on and the 
input voltage must rise higher than this so the FET turns on FULLY and does not get 
hot. 

Field Effect Transistors are difficult to test with a multimeter, but "fortunately" 
when a power MOSFET blows, it is completely damaged. All the leads will show a 
short circuit. 99% of bad MOSFETs will have GS, GD and DS shorted. 

The following symbols show some of the different types of MOSFETs: 


c Drain D 
G 
Gate | G N-channel 
S Source = 
5 
G 
D 


D D 
G 
G 
Ss S 
S S S S 
G 
G G — G P-channel 
D D D D 


JFET MOSFET MOSFET enhanced MOSFET 
enhancement  ‘vvithout bulk (body terminal) shown depletion 
mode mode 


Most MOSFET transistors cannot be tested with a multimeter. This due to the fact 
that the Gate needs 2v - 5v to turn on the device and this voltage is not present on 
the probes of either meter set to any of the ohms ranges. 

You need to build the following Test Circuit: 
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LATERAL COLOR 


Lateral color is the difference in image height between blue and red rays. APPLICATION NOTE 


Figure 1.22 shows the chief ray of an optical system consisting of a simple 
positive lens and a separate aperture. Because of the change in index with 
wavelength, blue light is refracted more strongly than red light, which 


Achromatic Doublets Are Superior to 
Simple Lenses 














is why rays intercept the image plane at different heights. Stated simply, Because achromatic doublets correct for spherical as well as 
magnification depends on color. Lateral color is very dependent on system chromatic aberration, they are often superior to simple lenses 
BS stop location. for focusing collimated light or collimating point sources, even in 
Ss ae 
2 For many optical systems, the third-order term is all that may be needed PAW alee etal eM: 
8 to quantify aberrations. However, in highly corrected systems or in those Although there is no simple formula that can be used to 
= having large apertures or a large angular field of view, third-order theory estimate the spot size of a doublet, the tables in Spot Size give 
w is inadequate. In these cases, exact ray tracing is absolutely essential. sample values that can be used to estimate the performance of 
& catalog achromatic doublets. 
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Lens Shape 


Aberrations described in the preceding section are highly dependent on 
application, lens shape, and material of the lens (or, more exactly, its 
index of refraction). The singlet shape that minimizes spherical aberration 
at a given conjugate ratio is called best-form. The criterion for best-form at 
any conjugate ratio is that the marginal rays are equally refracted at each 
of the lens/air interfaces. This minimizes the effect of sind + 0. It is also 
the criterion for minimum surface-reflectance loss. Another benefit is 
that absolute coma is nearly minimized for best-form shape, at both infinite 
and unit conjugate ratios. 


To further explore the dependence of aberrations on lens shape, it is 
helpful to make use of the Coddington shape factor, g, defined as 


(+t ii) 


: (1.24) 
(1% -%) 


Figure 1.23 shows the transverse and longitudinal spherical aberrations 
of a singlet lens as a function of the shape factor, g. In this particular 
instance, the lens has a focal length of 100 mm, operates at f/5, has an 
index of refraction of 1.518722 (BK7 at the mercury green line, 546.1 nm), 
and is being operated at the infinite conjugate ratio. It is also assumed 
that the lens itself is the aperture stop. An asymmetric shape that corre- 
sponds to a q-value of about 0.7426 for this material and wavelength is 
the best singlet shape for on-axis imaging. It is important to note that the 
best-form shape is dependent on refractive index. For example, with a 
high-index material, such as silicon, the best-form lens for the infinite 
conjugate ratio is a meniscus shape. 
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At infinite conjugate with a typical glass singlet, the plano-convex shape 
(q = 1), with convex side toward the infinite conjugate, performs nearly 
as well as the best-form lens. Because a plano-convex lens costs much 
less to manufacture than an asymmetric biconvex singlet, these lenses 
are quite popular. Furthermore, this lens shape exhibits near-minimum 
total transverse aberration and near-zero coma when used off axis, 
thus enhancing its utility. 


For imaging at unit magnification (s = s” = 2/), a similar analysis would 
show that a symmetric biconvex lens is the best shape. Not only is 
spherical aberration minimized, but coma, distortion, and lateral chro- 
matic aberration exactly cancel each other out. These results are true 
regardless of material index or wavelength, which explains the utility 
of symmetric convex lenses, as well as symmetrical optical systems in 
general. However, if a remote stop is present, these aberrations may not 
cancel each other quite as well. 


For wide-field applications, the best-form shape is definitely not the optimum 
singlet shape, especially at the infinite conjugate ratio, since it yields 
maximum field curvature. The ideal shape is determined by the situation 
and may require rigorous ray-tracing analysis. It is possible to achieve much 
better correction in an optical system by using more than one element. 
The cases of an infinite conjugate ratio system and a unit conjugate ratio 
system are discussed in the following section. 


pe 


exact longitudinal spherical aberration (LSA) 





0 0.5 


SHAPE FACTOR (q) 





Figure 1.23 Aberrations of positive singlets at infinite conjugate ratio as a function of shape 
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Lens Combinations 


INFINITE CONJUGATE RATIO 





As shown in the previous discussion, the best-form singlet lens for use 
at infinite conjugate ratios is generally nearly plano-convex. Figure 1.24 
shows a plano-convex lens (LPX-15.0-10.9-C) with incoming collimated 
light at a wavelength of 546.1 nm. This drawing, including the rays traced 
through it, is shown to exact scale. The marginal ray (ray f-number 1.5) 
strikes the paraxial focal plane significantly off the optical axis. 


This situation can be improved by using a two-element system. The second 
part of the figure shows a precision achromat (LAO-21.0-14.0), which 
consists of a positive low-index (crown glass) element cemented to a 
negative meniscus high-index (flint glass) element. This is drawn to the 
same scale as the plano-convex lens. No spherical aberration can be dis- 
cerned in the lens. Of course, not all of the rays pass exactly through the 
paraxial focal point; however, in this case, the departure is measured 
in micrometers, rather than in millimeters, as in the case of the plano- 
convex lens. Additionally, chromatic aberration (not shown) is much better 
corrected in the doublet. Even though these lenses are known as achromatic 
doublets, it is inportant to remember that even with monochromatic light 
the doublet’s performance is superior. 


Figure 1.24 also shows the f-number at which singlet performance becomes 
unacceptable. The ray with f-number 7.5 practically intercepts the paraxial 
focal point, and the f/3.8 ray is fairly close. This useful drawing, which can 
be scaled to fit a plano-convex lens of any focal length, can be used to 
estimate the magnitude of its spherical aberration, although lens thickness 
affects results slightly. 


UNIT CONJUGATE RATIO 





Figure 1.25 shows three possible systems for use at the unit conjugate ratio. 
All are shown to the same scale and using the same ray f-numbers with a 
light wavelength of 546.1 nm. The first system is a symmetric biconvex 
lens (LDX-21.0-19.2-C), the best-form singlet in this application. Clearly, 
significant spherical aberration is present in this lens at f/2.7. Not until 
£/13.3 does the ray closely approach the paraxial focus. 


A dramatic improvement in performance is gained by using two identical 
plano-convex lenses with convex surfaces facing and nearly in contact. 
Those shown in figure 1.25 are both LPX-20.0-20.7-C. The combination 
of these two lenses yields almost exactly the same focal length as the 
biconvex lens. To understand why this configuration improves performance 
so dramatically, consider that if the biconvex lens were split down the 
middle, we would have two identical plano-convex lenses, each working at 
an infinite conjugate ratio, but with the convex surface toward the focus. This 
orientation is opposite to that shown to be optimum for this shape lens. On 
the other hand, if these lenses are reversed, we have the system just described 
but with a better correction of the spherical aberration. 
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PLANO-CONVEX LENS 


paraxial image plane ——» 


ray f-numbers 
1.5 








LPX-15.0-10.9-C 





ACHROMAT 




















LAO-21.0-14.0 








Figure 1.24 Single-element plano-convex lens compared 
with a two-element achromat 


Previous examples indicate that an achromat is superior in performance 
to a singlet when used at the infinite conjugate ratio and at low f-numbers. 
Since the unit conjugate case can be thought of as two lenses, each 
working at the infinite conjugate ratio, the next step is to replace the 
plano-convex singlets with achromats, yielding a four-element system. The 
third part of figure 1.25 shows a system composed of two LAO-40.0-18.0 
lenses. Once again, spherical aberration is not evident, even in the f/2.7 ray. 
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Figure 1.25 Three possible systems for use at the unit conjugate ratio 
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Diffraction Effects 


Fundamental Optics 


In all light beams, some energy is spread outside the region predicted by 
geometric propagation. This effect, known as diffraction, is a fundamental 
and inescapable physical phenomenon. Diffraction can be understood by 
considering the wave nature of light. Huygens’ principle (figure 1.26) 
states that each point on a propagating wavefront is an emitter of secondary 
wavelets. The propagating wave is then the envelope of these expanding 
wavelets. Interference between the secondary wavelets gives rise to a 
fringe pattern that rapidly decreases in intensity with increasing angle 
from the initial direction of propagation. Huygens’ principle nicely 
describes diffraction, but rigorous explanation demands a detailed study 
of wave theory. 


Diffraction effects are traditionally classified into either Fresnel or Fraun- 
hofer types. Fresnel diffraction is primarily concerned with what happens to 
light in the immediate neighborhood of a diffracting object or aperture. It 
is thus only of concern when the illumination source is close to this aperture 
or object, known as the near field. Consequently, Fresnel diffraction is rarely 
important in most classical optical setups, but it becomes very important in 
such applications as digital optics, fiber optics, and near-field microscopy. 
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Fraunhofer diffraction, however, is often important even in simple optical 
systems. This is the light-spreading effect of an aperture when the aperture 
(or object) is illuminated with an infinite source (plane-wave illumination) 
and the light is sensed at an infinite distance (far-field) from this aperture. 


From these overly simple definitions, one might assume that Fraunhofer 
diffraction is important only in optical systems with infinite conjugate, 
whereas Fresnel diffraction equations should be considered at finite conju- 
gate ratios. Not so. A lens or lens system of finite positive focal length with 
plane-wave input maps the far-field diffraction pattern of its aperture onto 
the focal plane; therefore, it is Fraunhofer diffraction that determines the 
limiting performance of optical systems. More generally, at any conjugate 
ratio, far-field angles are transformed into spatial displacements in the 
image plane. 


Optical Specifications 
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Figure 1.26 Huygens’ principle 
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CIRCULAR APERTURE 


Fraunhofer diffraction at a circular aperture dictates the fundamental 
limits of performance for circular lenses. It is important to remember that 
the spot size, caused by diffraction, of a circular lens is 





d=2.44)\(f/#) (1.25) 


where dis the diameter of the focused spot produced from plane-wave 
illumination and } is the wavelength of light being focused. Notice that 
it is the f-number of the lens, not its absolute diameter, that determines 
this limiting spot size. 


The diffraction pattern resulting from a uniformly illuminated circular 
aperture actually consists of a central bright region, known as the Airy 
disc (see figure 1.27), which is surrounded by a number of much fainter 
rings. Each ring is separated by a circle of zero intensity. The irradiance 
distribution in this pattern can be described by 


2 
Lek [Pa] (1.26) 
: x 
where 

I, = peak irradiance in the image 

J, (x) = Bessel function of the first kind of order unity 


ntl x2n-2 
(n - 1)!n!22"-1 





AIRY DISC DIAMETER = 2.44 ) f/# 





Figure 1.27. Center of a typical diffraction pattern fora 
circular aperture 
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and 
x= ladle 
oN 


where 
d=wavelength 
D=aperture diameter 
6 = angular radius from the pattern maximum. 


This useful formula shows the far-field irradiance distribution from a uniformly 
illuminated circular aperture of diameter D. 


SLIT APERTURE 


A slit aperture, which is mathematically simpler, is useful in relation to 
cylindrical optical elements. The irradiance distribution in the diffraction 
pattern of a uniformly illuminated slit aperture is described by 


é 2 
2 (1.27) 


I, =I, ae 
Xx 


where J, = peak irradiance in image 


mwsin 6 
x = ——— 
IN 
where \ = wavelength 


w =slit width 


6 = angular deviation from pattern maximum. 


APPLICATION NOTE 


Rayleigh Criterion 


In imaging applications, spatial resolution is ultimately limited 
by diffraction. Calculating the maximum possible spatial 
resolution of an optical system requires an arbitrary definition 
of what is meant by resolving two features. In the Rayleigh 
criterion, it is assumed that two separate point sources can be 
resolved when the center of the Airy disc from one overlaps the 
first dark ring in the diffraction pattern of the second. In this 
case, the smallest resolvable distance, d, is 


_ 0.610 


d = 1.22d(f/#) 
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ENERGY DISTRIBUTION TABLE 


The accompanying table shows the major features of pure (unaberrated) 
Fraunhofer diffraction patterns of circular and slit apertures. The table 
shows the position, relative intensity, and percentage of total pattern 
energy corresponding to each ring or band. It is especially convenient to 
characterize positions in either pattern with the same variable x. This 
variable is related to field angle in the circular aperture case by 





: Ax 
go2% 1.28 
sin a (1.28) 


where D is the aperture diameter. For a slit aperture, this relationship is 
given by 


sin @ = ss (1.29) 
Tw 


where w is the slit width, a has its usual meaning, and D, w, and \ are 
all in the same units (preferably millimeters). Linear instead of angular 
field positions are simply found from r=s”tand where s” is the secondary 
conjugate distance. This last result is often seen in a different form, namely 
the diffraction-limited spot-size equation, which, for a circular lens is 


d = 2.44 X(f /#) (see eq. 1.25) 


This value represents the smallest spot size that can be achieved by an 
optical system with a circular aperture of a given f-number, and it is the 
diameter of the first dark ring, where the intensity has dropped to zero. 


The graph in figure 1.28 shows the form of both circular and slit aperture 
diffraction patterns when plotted on the same normalized scale. Aperture 
diameter is equal to slit width so that patterns between x-values and 
angular deviations in the far-field are the same. 


GAUSSIAN BEAMS 


Apodization, or nonuniformity of aperture irradiance, alters diffraction 
patterns. If pupil irradiance is nonuniform, the formulas and results given 
previously do not apply. This is important to remember because most 
laser-based optical systems do not have uniform pupil irradiance. The out- 
put beam of a laser operating in the TEMgg mode has a smooth Gaussian 
irradiance profile. Formulas used to determine the focused spot size from 
such a beam are discussed in Gaussian Beam Optics. Furthermore, when 
dealing with Gaussian beams, the location of the focused spot also departs 
from that predicted by the paraxial equations given in this chapter. This 
is also detailed in Gaussian Beam Optics. 
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Fundamental Optics 


Energy Distribution in the Diffraction Pattern of a Circular or Slit Aperture 

















Circular Aperture Slit Aperture 
Relative Energy Relative Energy 
Position Intensity in Ring Position Intensity in Band 
Ring or Band (x) (LLp) (%) (x) (L,Lp) (%) 
Central Maximum 0.0 1.0 83.8 0.0 1.0 90.3 
2) First Dark 1.227 0.0 1.007 0.0 
ee First Bright 1.647 0.0175 Uf 1.437 0.0472 47 
2 Second Dark 2.23% 0.0 2.007 0.0 
3 Second Bright 2.687 0.0042 2.8 2.467 0.0165 led/ 
= Third Dark 3.2494 0.0 3.007 0.0 
% Third Bright 3.707 0.0016 15 3.474 0.0083 0.8 
& Fourth Dark 4.240 0.0 4.007 0.0 
Fourth Bright 47170 0.0008 1.0 4.8m 0.0050 0.5 
Fifth Dark 5.247 0.0 5.007 0.0 
Note: Position variable (x) is defined in the text. 
CIRCULAR APERTURE 
La) 
Ss = 91.0% within first bright ring ——+ 
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Lens Selection 


Having discussed the most important factors that affect the performance 
of a lens or a lens system, we will now address the practical matter of 
selecting the optimum catalog components for a particular task. The fol- 
lowing useful relationships are important to keep in mind throughout 
the selection process: 


© Diffraction-limited spot size = 2.44 ) f/# 


© Approximate on-axis spot size 
of a plano-convex lens at the infinite 





conjugate resulting from spherical aberration = eee 
Siena NA 
© Optical invariant = m =—_.. 
NA 


Example 1: Collimating an Incandescent Source 


Produce a collimated beam from a quartz halogen bulb having a 1-mm- 
square filament. Collect the maximum amount of light possible and produce 
a beam with the lowest possible divergence angle. 


This problem, illustrated in figure 1.29, involves the typical tradeoff 
between light-collection efficiency and resolution (where a beam is being 
collimated rather than focused, resolution is defined by beam diver- 
gence). To collect more light, it is necessary to work at a low f-number, 
but because of aberrations, higher resolution (lower divergence angle) 
will be achieved by working at a higher f-number. 


In terms of resolution, the first thing to realize is that the minimum 
divergence angle (in radians) that can be achieved using any lens system 
is the source size divided by system focal length. An off-axis ray (from 
the edge of the source) entering the first principal point of the system 
exits the second principal point at the same angle. Therefore, increasing 
the system focal length improves this limiting divergence because the 
source appears smaller. 


An optic that can produce a spot size of 1 mm when focusing a perfectly 
collimated beam is therefore required. Since source size is inherently 
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limited, it is pointless to strive for better resolution. This level of resolution 
can be achieved easily with a plano-convex lens. 


While angular divergence decreases with increasing focal length, spherical 
aberration of a plano-convex lens increases with increasing focal length. 
To determine the appropriate focal length, set the spherical aberration 
formula for a plano-convex lens equal to the source (spot) size: 


0.067 f _ 


FAB 1mm 





This ensures a lens that meets the minimum performance needed. To 
select a focal length, make an arbitrary f-number choice. As can be seen 
from the relationship, as we lower the f-number (increase collection 
efficiency), we decrease the focal length, which will worsen the resultant 
divergence angle (minimum divergence = 1 mm//). 


In this example, we will accept f/2 collection efficiency, which gives us 
a focal length of about 120 mm. For f/2 operation we would need a min- 
imum diameter of 60 mm. The LPX-60.0-62.2-C fits this specification 
exactly. Beam divergence would be about 8 mrad. 


Finally, we need to verify that we are not operating below the theoretical 
diffraction limit. In this example, the numbers (1-mm spot size) indicate 
that we are not, since 


diffraction-limited spot size = 2.44 x 0.5 wm x 2=2.44 wm. 


Example 2: Coupling an Incandescent Source into a Fiber 


In Imaging Properties of Lens Systems we considered a system in which the 
output of an incandescent bulb with a filament of 1 mm in diameter was 
to be coupled into an optical fiber with a core diameter of 100 ym anda 
numerical aperture of 0.25. From the optical invariant and other constraints 
given in the problem, we determined that f= 9.1 mm, CA=5 mm, s=100 
mm, s”= 10mm, NA” =0.25, and NA=0.025 (or f/2 and f/20). The singlet 
lenses that match these specifications are the plano-convex LPX-5.0-5.2-C 
or biconvex lenses LDX-6.0-7.7-C and LDX-5.0-9.9-C. The closest achromat 
would be the LAO-10.0-6.0. 


























SS pin 











Figure 1.29 Collimating an incandescent source 
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We can immediately reject the biconvex lenses because of 
spherical aberration. We can estimate the performance of the LPX-5.0-5.2-C 
on the focusing side by using our spherical aberration formula: 


0.067 (10) _ 
es 


spot size = 84 pm. 


We will ignore, for the moment, that we are not working at the infinite 
conjugate. 


This is slightly smaller than the 100-ym spot size we are trying to achieve. 
However, since we are not working at infinite conjugate, the spot size will 
be larger than that given by our simple calculation. This lens is therefore 
likely to be marginal in this situation, especially if we consider chromatic 
aberration. A better choice is the achromat. Although a computer ray 
trace would be required to determine its exact performance, it is virtually 
certain to provide adequate performance. 


Example 3: Symmetric Fiber-to-Fiber Coupling 


Couple an optical fiber with an 8-um core and a 0.15 numerical aperture 
into another fiber with the same characteristics. Assume a wavelength of 
0.5 pm. 


This problem, illustrated in figure 1.30, is essentially a 1:1 imaging situation. 
We want to collect and focus at a numerical aperture of 0.15 or f/3.3, and 
we need a lens with an 8-um spot size at this f-number. Based on the lens 
combination discussion in Lens Combination Formulas, our most likely 
setup is either a pair of identical plano-convex lenses or achromats, faced 
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front to front. To determine the necessary focal length for a plano-convex 
lens, we again use the spherical aberration estimate formula: 


0.067 f 


5p 7 0-008 mm. 





This formula yields a focal length of 4.3 mm and a minimum diameter of 
1.3 mm. The LPX-4.2-2.3-BAK1 meets these criteria. The biggest problem 
with utilizing these tiny, short focal length lenses is the practical consid- 
erations of handling, mounting, and positioning them. Because using a 
pair of longer focal length singlets would result in unacceptable perfor- 
mance, the next step might be to use a pair of the slightly longer focal 
length, larger achromats, such as the LAO-10.0-6.0. The performance data, 
given in Spot Size, show that this combination does provide the required 
8-um spot diameter. 


Because fairly small spot sizes are being considered here, it is important 
to make sure that the system is not being asked to work below the diffraction 
limit: 


2.44 0.5 pm x 3.3=4 um. 


Since this is half the spot size caused by aberrations, it can be safely 
assumed that diffraction will not play a significant role here. 


An entirely different approach to a fiber-coupling task such as this would 
be to use a pair of spherical ball lenses (LMS-LSFN series) or one of the 
gradient-index lenses (LGT series). 



































Figure 1.30 Symmetric fiber-to-fiber coupling 
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Example 4: Diffraction-Limited Performance 


Determine at what f-number a plano-convex lens being used at an infinite 
conjugate ratio with 0.5-~m wavelength light becomes diffraction lim- 
ited (i.e., the effects of diffraction exceed those caused by aberration). 


To solve this problem, set the equations for diffraction-limited spot size 
and third-order spherical aberration equal to each other. The result 
depends upon focal length, since aberrations scale with focal length, 
while diffraction is solely dependent upon f-number. By substituting 
some common focal lengths into this formula, we get f/8.6 at f= 100 mm, 
£/7.2 at f= 50 mm, and f/4.8 at f= 10 mm. 


2.44 x 0.5 pn x £ fp = 2067 %F 
f HH 


or 


f/#=(54.9x fy4. 


When working with these focal lengths (and under the conditions previously 
stated), we can assume essentially diffraction-limited performance above 
these f-numbers. Keep in mind, however, that this treatment does not take 
into account manufacturing tolerances or chromatic aberration, which will 
be present in polychromatic applications. 
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APPLICATION NOTE 





Spherical Ball Lenses for Fiber Coupling 


LMS-LSFN 
coupling sphere 


LMS-LSFN 


collimated : 
coupling sphere 


light section 


optical en) optical 
fiber fiber 











=) 
fr S | gaceerad a 


narrow band 





Spheres are arranged so that the fiber end is located at the focal 
point. The output from the first sphere is then collimated. If two 
spheres are aligned axially to each other, the beam will be 
transferred from one focal point to the other. Translational 
alignment sensitivity can be reduced by enlarging the beam. 
Slight negative defocusing of the ball can reduce the spherical 
aberration third-order contribution common to all coupling 
systems. Additional information can be found in “Lens Coupling 
in Fiber Optic Devices: Efficiency Limits,” by A. Nicia, Applied 
Optics, vol. 20, no. 18, pp 3136-45, 1981. Off-axis aberrations 
are absent since the fiber diameters are so much smaller than 
the coupler focal length. 
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_ source 
gate drain 





_ » source 
gate drain 





P-channel 


Touching the Gate will increase the voltage on the Gate and the MOSFET will turn ON 
and illuminate the LED. Removing your finger will turn the LED off. 

Large devices such as the TO-220 types shown above do not like static electricity on 
the gate and you have to be careful not to "spike" the gate with any static. Generally 
this type of device is not "super sensitive" and you can use your finger or a large 
value resistor. 

When replacing one of these devices, there are 2 things to match-up. 

Voltage and Current. 

In most cases, the "turn-ON" resistance (the resistance between Source and Drain) 
will be the same (something like 22 milli ohms) and the speed of operation will be 
ok. 

Check the voltage needed to turn the gate ON and make sure you can supply the 
required voltage. 


SILICON CONTROLLED RECTIFIERs (SCR) 


The Silicon Controlled Rectifier (SCR) is a semiconductor device that is a member 
of a family of control devices known as Thyristors. It is a 3-leaded device and when 
a small current enters the Gate, the thyristor turns on. AND STAYS ON. It only 
conducts current between Anode and Cathode in one direction and it is mainly only 
used in DC circuits. When it is used with AC, it will only conduct for a maximum of 
half the cycle. 
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Spot Size 


In general, the performance of a lens or lens system in a specific circumstance 
should be determined by an exact trigonometric ray trace. CVI Melles Griot 
applications engineers can supply ray-tracing data for particular lenses 
and systems of catalog components on request. In certain situations, 
however, some simple guidelines can be used for lens selection. The opti- 
mum working conditions for some of the lenses in this catalog have 
already been presented. The following tables give some quantitative 
results for a variety of simple and compound lens systems, which can be 
constructed from standard catalog optics. 


In interpreting these tables, remember that these theoretical values 
obtained from computer ray tracing consider only the effects of ideal 
geometric optics. Effects of manufacturing tolerances have not been con- 
sidered. Furthermore, remember that using more than one element 
provides a higher degree of correction but makes alignment more difficult. 
When actually choosing a lens or a lens system, it is important to note 
the tolerances and specifications clearly described for each CVI Melles Griot 
lens in the product listings. 


The tables give the diameter of the spot for a variety of lenses used at 
several different f-numbers. All the tables are for on-axis, uniformly 
illuminated, collimated input light at 546.1 nm. They assume that the 
lens is facing in the direction that produces a minimum spot size. When 
the spot size caused by aberrations is smaller or equal to the diffraction- 
limited spot size, the notation “DL” appears next to the entry. The shorter 
focal length lenses produce smaller spot sizes because aberrations 
increase linearly as a lens is scaled up. 


Focal Length = 10 mm 














Spot Size (um)* 
fl# LDX-5.0-9.9-C LPX-8.0-5.2-C LAO-10.0-6.0 
f/2 _ 94 11 
{/3 36 25 7 
f/5 8 6.7 (DL) 6.7 (DL) 
f/10 13.3 (DL) 13.3 (DL) 13.3 (DL) 


*Diffraction-limited performance is indicated by DL. 


Focal Length = 60 mm 
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The effect on spot size caused by spherical aberration is strongly dependent 
on f-number. For a plano-convex singlet, spherical aberration is inversely 
dependent on the cube of the f-number. For doublets, this relationship can 
be even higher. On the other hand, the spot size caused by diffraction 
increases linearly with f-number. Thus, for some lens types, spot size at 
first decreases and then increases with f-number, meaning that there is 
some optimum performance point at which both aberrations and diffraction 
combine to form a minimum. 


Unfortunately, these results cannot be generalized to situations in which 
the lenses are used off axis. This is particularly true of the achromat/apla- 
natic meniscus lens combinations because their performance degrades 
rapidly off axis. 


Focal Length = 30 mm 








Spot Size (um)* 
LAO-50.0-18.0 & 
fl# LPX-18.5-15.6-C  LAO-30.0-12.5 MENP-18.0-4.0-73.5-NSF8 
f/2 295 — 3 
f/3 79 7 4 (DL) 
f/5 17 6.7 (DL) 6.9 (DL) 
f/10 13.3 (DL) 13.3 (DL) 13.8 (DL) 


*Diffraction-limited performance is indicated by DL. 





Spot Size (um)* 
fl# LDX-50.0-60.0-C LPX-30.0-31.1-C LAO-60.0-30.0 LAO-100.0-31.5 & MENP-31.5-6.0-146.4-NSF8 
f/2 816 600 — — 
f/3 217 160 34 4 (DL) 
f/5 45 33 10 6.7 (DL) 
£10 13.3 (DL) 13.3 (DL) 13.3 (DL) 13.3 (DL) 


*Diffraction-limited performance is indicated by DL. 
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Aberration Balancing 


To improve system performance, optical designers make sure that the 
total aberration contribution from all surfaces taken together sums to 
nearly zero. Normally, such a process requires computerized analysis and 
optimization. However, there are some simple guidelines that can be 
used to achieve this with lenses available in this catalog. This approach 
can yield systems that operate at a much lower f-number than can usually 
be achieved with simple lenses. 


Specifically, we will examine how to null the spherical aberration from two 
or more lenses in collimated, monochromatic light. This technique will thus 
be most useful for laser beam focusing and expanding. 


Figure 1.31 shows the third-order longitudinal spherical aberration 
coefficients for six of the most common positive and negative lens shapes 
when used with parallel, monochromatic incident light. The plano-convex 
and plano-concave lenses both show minimum spherical aberration when 
oriented with their curved surface facing the incident parallel beam. All 
other configurations exhibit larger amounts of spherical aberration. With 
these lens types, it is now possible to show how various systems can be 
corrected for spherical aberration. 


A two-element laser beam expander is a good starting example. In this case, 
two lenses are separated by a distance that is the sum of their focal lengths, 
so that the overall system focal length is infinite. This system will not 
focus incoming collimated light, but it will change the beam diameter. By 
definition, each of the lenses is operating at the same f-number. 


The equation for longitudinal spherical aberration shows that, for two lenses 
with the same f-number, aberration varies directly with the focal lengths of 
the lenses. The sign of the aberration is the same as focal length. Thus, it should 
be possible to correct the spherical aberration of this Galilean-type beam 
expander, which consists of a positive focal length objective and a negative 
diverging lens. 


positive lenses 
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If a plano-convex lens of focal length /, oriented in the normal direction is 
combined with a plano-concave lens of focal length /; oriented in its reverse 
direction, the total spherical aberration of the system is 


0.272,f, , 1.069 fy 


LSA = 
f/#? f/#? 





After setting this equation to zero, we obtain 


fi __ 1.069 


t, °M272~ 


To make the magnitude of aberration contributions of the two elements 
equal so they will cancel out, and thus correct the system, select the focal 
length of the positive element to be 3.93 times that of the negative 
element. 


Figure 1.32(a) shows a beam-expander system made up of catalog elements, 
in which the focal length ratio is 4:1. This simple system is corrected to 
about 1/6 wavelength at 632.8 nm, even though the objective is operating 
at f/4 with a 20-mm aperture diameter. This is remarkably good wavefront 
correction for such a simple system; one would normally assume that a 
doublet objective would be needed and a complex diverging lens as well. 
This analysis does not take into account manufacturing tolerances. 


A beam expander of lower magnification can also be derived from this 
information. If a symmetric-convex objective is used together] with a 
reversed plano-concave diverging lens, the aberration coefficients are in 
the ratio of 1.069/0.403 = 2.65. Figure 1.32(b) shows a system of catalog 
lenses that provides a magnification of 2.7 (the closest possible given the 
available focal lengths). The maximum wavefront error in this case is only 
a quarter-wave, even though the objective is working at f/3.3. 








symmetric-convex 





plano-concave (reversed) 


aberration 1.069 
coefficient 


(k) longitudinal spherical aberration (3rd order) = Af 


Figure 1.31 
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symmetric-concave 
0.403 0.272 








plano-concave (normal) 


f/#? 





Third-order longitudinal spherical aberration of typical lens shapes 
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Fundamental Optics 


The relatively low fnumbers of these objectives is a great advantage in 
minimizing the length of these beam expanders. They would be particu- 
a) CORRECTED 4x BEAM EXPANDER larly useful with Nd:YAG and argon-ion lasers, which tend to have large 
output beam diameters. 


These same principles can be utilized to create high numerical aperture 
objectives that might be used as laser focusing lenses. Figure 1.32(c) 
shows an objective consisting of an initial negative element, followed by 






























































us two identical plano-convex positive elements. Again, all of the elements 
S operate at the same f-number, so that their aberration contributions 
E are proportional to their focal lengths. To obtain zero total spherical 
o : : . 7 : 
2 f=-20mm f=80mm aberration from this configuration, we must satisfy 
s 10-mm diameter 22.4-mm diameter 
- plano-concave plano-convex 1.069 f, + 0.272 f, + 0.272 f, =0 
oO 
or 
fi -0.51 
hy 
b) CORRECTED 2.7 x BEAM EXPANDER Therefore, a corrected system should result if the focal length of the 
negative element is just about half that of each of the positive lenses. 
w In this case, f, = 425 mm and f, = 50 mm yield a total system focal length 
2 of about 25 mm and an f-number of approximately f/2. This objective, 
Ss corrected to 1/6 wave, has the additional advantage of a very long 
rs 
9 working distance. 
a 
n 
S f=-20 mm f=54mm 
~~ 
S 10-mm diameter 32-mm diameter 
plano-concave symmetric-convex 
c) SPHERICALLY CORRECTED 25-mm EFL f/2.0 OBJECTIVE 
2 
G 
a 
° 
a 
3 
g 
o 
= 
f=-25mm f =50 mm (2) 
25-mm diameter 27-mm diameter 
plano-concave plano-convex 
Figure 1.32 Combining catalog lenses for aberration 
balancing 
c=.) 
= 
5 
o 
° 
U 
Ss 
2 
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Definition of Terms 


FOCAL LENGTH (f) 


Two distinct terms describe the focal lengths associated with every lens or 
lens system. The effective focal length (EFL) or equivalent focal length 
(denoted fin figure 1.33) determines magnification and hence the image 
size. The term f appears frequently in lens formulas and in the tables of 
standard lenses. Unfortunately, because f is measured with reference to 
principal points which are usually inside the lens, the meaning of fis not 
immediately apparent when a lens is visually inspected. 





The second type of focal length relates the focal plane positions directly 
to landmarks on the lens surfaces (namely the vertices) which are imme- 
diately recognizable. It is not simply related to image size but is especially 
convenient for use when one is concerned about correct lens positioning or 
mechanical clearances. Examples of this second type of focal length are the 
front focal length (FFL, denoted /; in figure 1.33) and the back focal length 
(BFL, denoted /,). 


The convention in all of the figures (with the exception of a single 
deliberately reversed ray) is that light travels from left to right. 


primary principal point 
primary principal surface 








—— ray from object at infinity =z) 


1lch_FundamentalOptics_Final_a.qxd 6/15/2009 2:29 PM Page ee 


Fundamental Optics 


Www.cvimellesgriot.com 





FOCAL POINT (F OR F”) 


Rays that pass through or originate at either focal point must be, on the 
opposite side of the lens, parallel to the optical axis. This fact is the basis for 
locating both focal points. 





PRIMARY PRINCIPAL SURFACE 


Let us imagine that rays originating at the front focal point F (and therefore 
parallel to the optical axis after emergence from the opposite side of the lens) 
are singly refracted at some imaginary surface, instead of twice refracted (once 
at each lens surface) as actually happens. There is a unique imaginary 
surface, called the principal surface, at which this can happen. 


To locate this unique surface, consider a single ray traced from the air on 
one side of the lens, through the lens and into the air on the other side. 
The ray is broken into three segments by the lens. Two of these are external 
(in the air), and the third is internal (in the glass). The external segments 
can be extended to a common point of intersection (certainly near, and 
usually within, the lens). The principal surface is the locus of all such 


secondary principal surface 
secondary principal point 


back focal 
point 





— ray from object at infinity ==) 
optical axis F oe unre & 





front focal 
point 














front focus to front f 
edge distance 


effective focal length; 

may be positive (as shown) 
or negative 

rear edge to rear 


focus distance Jt; = front focal length 


Sty = back focal length 


Figure 1.33. Focal length and focal points 
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reversed ray locates front focal 
point or primary principal surface 


te 
B 














i 


radius of curvature of first 
surface (positive if center of 
curvature is to right) 


edge thickness ry 
center thickness 
radius of curvature of second 


surface (negative if center of 
curvature is to left) 
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points of intersection of extended external ray segments. The principal 
surface of a perfectly corrected optical system is a sphere centered on the 
focal point. 


Near the optical axis, the principal surface is nearly flat, and for this reason, 
it is sometimes referred to as the principal plane. 


SECONDARY PRINCIPAL SURFACE 


This term is defined analogously to the primary principal surface, but it is used 
for a collimated beam incident from the left and focused to the back focal 
point F” on the right. Rays in that part of the beam nearest the axis can be 
thought of as once refracted at the secondary principal surface, instead of 
being refracted by both lens surfaces. 





PRIMARY PRINCIPAL POINT (H) OR FIRST NODAL POINT 


This point is the intersection of the primary principal surface with the 
optical axis. 





SECONDARY PRINCIPAL POINT (H”) 
OR SECONDARY NODAL POINT 


This point is the intersection of the secondary principal surface with the 
optical axis. 





CONJUGATE DISTANCES (s AND s”) 


The conjugate distances are the object distance, s, and image distance, s”. 
Specifically, s is the distance from the object to H, and s” is the distance 
from H” to the image location. The term infinite conjugate ratio refers to the 
situation in which a lens is either focusing incoming collimated light or is being 
used to collimate a source (therefore, either s or s” is infinity). 





PRIMARY VERTEX (A ,) 


The primary vertex is the intersection of the primary lens surface with the 
optical axis. 





SECONDARY VERTEX (A,) 


The secondary vertex is the intersection of the secondary lens surface with 
the optical axis. 


EFFECTIVE FOCAL LENGTH (EFL, f) 


Assuming that the lens is surrounded by air or vacuum (refractive index 
1.0), this is both the distance from the front focal point (F) to the primary 
principal point (H) and the distance from the secondary principal point (H”) 
to the rear focal point (F”). Later we use to designate the paraxial EFL for 
the design wavelength (A). 
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FRONT FOCAL LENGTH (f;) 


This length is the distance from the front focal point (F) to the primary 
vertex (A,). 


BACK FOCAL LENGTH (/,,) 


This length is the distance from the secondary vertex (A,) to the rear focal 
point (F”). 





EDGE-TO-FOCUS DISTANCES (4 AND B) 


Ais the distance from the front focal point to the primary vertex of the lens. 
Bis the distance from the secondary vertex of the lens to the rear focal 
point. Both distances are presumed always to be positive. 





REAL IMAGE 


A real image is one in which the light rays actually converge; if a screen 
were placed at the point of focus, an image would be formed on it. 


VIRTUAL IMAGE 


A virtual image does not represent an actual convergence of light rays. 
A virtual image can be viewed only by looking back through the optical 
system, such as in the case of a magnifying glass. 


F-NUMBER (f/#) 


The f-number (also known as the focal ratio, relative aperture, or speed) of 
a lens system is defined to be the effective focal length divided by system 
clear aperture. Ray f-number is the conjugate distance for that ray divided 
by the height at which it intercepts the principal surface. 


fia 


(see eq. 1.7) 
CA i 


NUMERICAL APERTURE (NA) 


The NA of a lens system is defined to be the sine of the angle, 6, that the 
marginal ray (the ray that exits the lens system at its outer edge) makes 
with the optical axis multiplied by the index of refraction (1) of the medium. 
The NA can be defined for any ray as the sine of the angle made by that ray 
with the optical axis multiplied by the index of refraction: 





NA=nsiné. (1.30) 
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MAGNIFICATION POWER 


Often, positive lenses intended for use as simple magnifiers are rated with APPLICATION NOTE 


a single magnification, such as 4 x . To create a virtual image for viewing 
with the human eye, in principle, any positive lens can be used at an infinite 
number of possible magnifications. However, there is usually a narrow range For further reading about the definitions and formulas presented 
of magnifications that will be comfortable for the viewer. Typically, when here, refer to the following publications: 

the viewer adjusts the object distance so that the image appears to be 








Technical Reference 


essentially at infinity (which is a comfortable viewing distance for most ; ; 9) 
individuals), magnification is given by the relationship Rudolph Kingslake, Lens Design Fundamentals FA 
(Academic Press) a 
magnification = cela (f in mm). (1.31) Rudolph Kingslake, System Design 2 
f (Academic Press) 2 
mo] 
Thus, a 25.4-mm focal length positive lens would be a 10 x magnifier. Warren Smith, Modern Optical Engineering a 
(McGraw Hill). 
DIOPTERS Donald C. O'Shea, Elements of Modern Optical Design 
The term diopter is used to define the reciprocal of the focal length, which (ohn Wiley & Sons) 
is commonly used for ophthalmic lenses. The inverse focal length of a lens Eugene Hecht, Optics (Addison Wesley) 
expressed in diopters is 
Max Born, Emil Wolf, Principles of Optics 
E ee Pe 
dopa = tf inant (1.32) (Cambridge University Press) $ 
If you need help with the use of definitions and formulas 3 
Thus, the smaller the focal length is, the larger the power in diopters will be. presented in this guide, our applications engineers will be S 
pleased to assist you. ee 
a 
og 
DEPTH OF FIELD AND DEPTH OF FOCUS S 
In an imaging system, depth of field refers to the distance in object space 
over which the system delivers an acceptably sharp image. The criteria for 
what is acceptably sharp is arbitrarily chosen by the user; depth of field 
increases with increasing f-number. 
For an imaging system, depth of focus is the range in image space over 
which the system delivers an acceptably sharp image. In other words, 
this is the amount that the image surface (such as a screen or piece of z 
photographic film) could be moved while maintaining acceptable focus. Ea 
Again, criteria for acceptability are defined arbitrarily. Py 
In nonimaging applications, such as laser focusing, depth of focus refers to 3 
the range in image space over which the focused spot diameter remains cy 
below an arbitrary limit. g 
3 
3 
a 
a 
& 
2 
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Paraxial Lens Formulas 


PARAXIAL FORMULAS FOR LENSES IN AIR 


The following formulas are based on the behavior of paraxial rays, which are 
always very close and nearly parallel to the optical axis. In this region, lens 
surfaces are always very nearly normal to the optical axis, and hence all 
angles of incidence and refraction are small. As a result, the sines of the 
angles of incidence and refraction are small (as used in Snell’s law) and can 
be approximated by the angles themselves (measured in radians). 





The paraxial formulas do not include effects of spherical aberration 
experienced by a marginal ray — a ray passing through the lens near its 
edge or margin. All EFL values (f) tabulated in this catalog are paraxial 
values which correspond to the paraxial formulas. The following paraxial 
formulas are valid for both thick and thin lenses unless otherwise noted. 
The refractive index of the lens glass, 1, is the ratio of the speed of light 
in vacuum to the speed of light in the lens glass. All other variables are 
defined in figure 1.33. 


Focal Length 


ra 1) (/ Leow fo (1.33) 


AO” n LP) 





where v7 is the refractive index, z. is the center thickness, and the sign 
convention previously given for the radii, and r,, applies. For thin lenses, 
t, = 0, and for plano lenses either r, or 1, is infinite. In either case the 
second term of the above equation vanishes, and we are left with the 
familiar lens maker's formula: 


1 1 1 
pro-o(e-3} me 


Surface Sagitta and Radius of Curvature 
(refer to figure 1.34) 


2 
re=(r—sy + (2) (1.35) 
2 
s=r- P-(9) >0 (1.36) 
2 
jae, (1.37) 
2 S 


An often useful approximation is to neglect s/2. 
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Symmetric Lens Radii (r, = —7,) 


With center thickness constrained, 


y= (n-1) rs if? - (“| (1.38) 
n 
| t. 


where, in the first form, the + sign is chosen for the square root if fis 
positive, but the — sign must be used if fis negative. In the second form, 
the + sign must be used regardless of the sign of f. 


Plano Lens Radius 
Since r, is infinite, 
K=(n-Vf. (1.39) 


Principal-Point Locations (signed distances from vertices) 


Tht, 


AH” = ———_*+ + 1.40 

* (ty 5) +4,(2-I) os 
it 

A\H as (1.41) 


. nt —h)+t.(n-1) 
where the above sign convention applies. 


For symmetric lenses (r= — 1), 


A\|H=-A,H” 
i (1.42) 


c 


~ 2nr, — t.(n—-1) 
































Figure 1.34 Surface sagitta and radius of curvature 
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If either r, or rz is infinite, I'Hdpital’s rule from calculus must be used. 
Thus, referring to Aberration Balancing, for plano-convex lenses in the 
correct orientation, 


A,H=0 


and (1.43) 


Agta 
. n 


For flat plates, by letting r; — c in a symmetric lens, we obtain A,H = 
A,H” = t./2,,. These results are useful in connection with the following 
paraxial lens combination formulas. 


Hiatus or Interstitium (principal-point separation) 
_4)2 
Har = f |! Sea? (1.44) 


n\f n Aly 
which, in the thin-lens approximation (exact for plano lenses), becomes 








HH’ =i, f- *) (1.45) 


n 


Solid Angle 


The solid angle subtended by a lens, for an observer situated at an on-axis 
image point, is 


Q = 27 (1-cos6) 
(1.46) 
= 4rsin? (5) 


where this result is in steradians, and where 
CA 
6= arctan( >) (1.47) 
2s 


is the apparent angular radius of the lens clear aperture. For an observer 
at an on-axis object point, use s instead of s”. To convert from steradians 
to the more intuitive sphere units, simply divide Q by 47. If the Abbé sine 
condition is known to apply, @ may be calculated using the arc sine function 
instead of the arctangent. 


Back Focal Length 


f= f+ A” 


Inte (1.48) 


nt —h)+t(n -1) 


” 


where the sign convention presented above applies to A,H” and to the radii. 
If r, is infinite, I'H6pital’s rule from calculus must be used, whereby 


A=f'-+. (1.49) 
n 
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Front Focal Length 


f,=f - AH 
ht, (1.50) 


4 
nh — h)+1,(n—1) 





where the sign convention presented above applies to A,H and to the 
radii. If r, is infinite, I'Hépital’s rule from calculus must be used, whereby 


fp (1.51) 
n 


Edge-to-Focus Distances 


For positive lenses, 


A= fp +s, (1.52) 
and 
B=f, +5, (1.53) 


where s, and s> are the sagittas of the first and second surfaces. Bevel 
is neglected. 


Magnification or Conjugate Ratio 





= (1.54) 





PARAXIAL FORMULAS FOR LENSES IN ARBITRARY MEDIA 


These formulas allow for the possibility of distinct and completely arbitrary 
refractive indices for the object space medium (refractive index n’), lens 
(refractive index n”), and image space medium (refractive index 7). In this 
situation, the EFL assumes two distinct values, namely fin object space 
and /” in image space. It is also necessary to distinguish the principal points 
from the nodal points. The lens serves both as a lens and as a window 
separating the object space and image space media. 





The situation of a lens immersed in a homogenous fluid (figure 1.35) is 
included as a special case (7 = 7”). This case is of considerable practical 
importance. The two values fand /” are again equal, so that the lens 
combination formulas are applicable to systems immersed in a common 
fluid. The general case (two different fluids) is more difficult, and it must 
be approached by ray tracing on a surface-by-surface basis. 
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Lens Constant (k) 


This number appears frequently in the following formulas. It is an 
explicit function of the complete lens prescription (both radii, ¢. and 7’) 
and both media indices (n and n”). This dependence is implicit anywhere 
that k appears. 

porn, man t.(n’—n)(n any (1.55) 


Fs 
A 1p) nhnh 














n n” 
= a (1.56) 
f k f k 
Lens Formula (Gaussian form) 
nyt =k. (1.57) 
Ss S 
Lens Formula (Newtonian form) 
xx"= ff = . (1.58) 
Principal-Point Locations 
nt, (n”—n' 
A\H= ral ) (1.59) 
k n't, 
= ve — 
A,H” = aM te ; - ‘). (1.60) 
k n'r, 


index n = 1 (air or vacuum) 
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Object-to-First-Principal-Point Distance 


ns” 


.? ” ue 
ks” —n 


Second Principal-Point-to-Image Distance 


uw 
gos. 
ks—n 





Magnification 


” 





m=, 
ns 


Lens Maker's Formula 


wu” 


elemeL: 
zy 2° 


Nodal-Point Locations 





A,N=A,H+HN 

A,N” = A,H’+H’N”. 
Separation of Nodal Point 
from Corresponding Principal Point 


HN = H’N” = (n” — n)/k, positive for N to right of H 
and N” to right of H”. 


index n’= 1.333 (water) 








f 
ti 




















y ie 
to 




















I 
index n = 1.51872 (BK7) 


Figure 1.35 Symmetric lens with disparate object and image space indexes 


1.34 Fundamental Optics 





(1.61) 


(1.62) 


(1.63) 


(1.64) 


(1.65) 
(1.66) 
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Back Focal Length 


fy =f" + AH”. (see eq. 1.48) 


Front Focal Length 


Se = f —A,H. (see eq. 1.50) 


Focal Ratios 


The focal ratios are fICA and /”/CA, where CA is the diameter of the clear 
aperture of the lens. 


Numerical Apertures 


nsin@ 


where 6 = arcsin (=) 
2s 


and 


n”’ sind” 
. A 
where 6” = arcsin (<4) : 
2s Ww 


cea Solid Angles (in steradians) 





Q = 2 (1-cos6) 


=4r sin’ (5) 
2 


A 
where 0 = arctan (=) 


(see eq. 1.46) 


s 
Q= 27r(1 — cos 6”) 


= Ar sin? (3) 
2: 


where 0” = arctan 3] ; 
25% 





To convert from steradians to spheres, simply divide by 47. 
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APPLICATION NOTE 


For Quick Approximations 





Much time and effort can be saved by ignoring the differences 
among /f, fy, and f; in these formulas by assuming that f= f, = fs. 
Then s becomes the lens-to-object distance; s” becomes the 
lens-to-image distance; and the sum of conjugate distances 
s+s” becomes the object-to-image distance. This is known as 
the thin-lens approximation. 


APPLICATION NOTE 


Physical Significance of the Nodal Points 


A ray directed at the primary nodal point N of a lens appears to 
emerge from the secondary nodal point N” without change of 
direction. Conversely, a ray directed at N” appears to emerge 
from N without change of direction. At the infinite conjugate 
ratio, if alens is rotated about a rotational axis orthogonal to 
the optical axis at the secondary nodal point (i.e., if N” is the 
center of rotation), the image remains stationary during the 
rotation. This fact is the basis for the nodal slide method for 
measuring nodal-point location and the EFL of a lens. The nodal 
points coincide with their corresponding principal points when 
the image space and object space refractive indices are equal 
(n =n"). This makes the nodal slide method the most precise 
method of principal-point location. 
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PNP 
Transistor 







_~” node 


N 
p 
Gate | 
N 
| cathode 
Anode 


NPN 


Gat 
Transistor . 


THYRISTOR or SCR 





Anode 


1 412¥ 
Gate 4 > 
$2 
Cathode + 
= = 
SCR i Eaihat 
Silicon Controlled Rectifier SCR TESTER 





To understand how an SCR "latches" when the gate is provided with a small current, 
we can replace it with two transistors as shown in diagram B above. When the ON 
button is pressed, the BC547 transistor turns on. This turns ON the BC557 and it 
takes over from the action of the switch. 

To turn the circuit off, the OFF button removes the voltage from the base of the 
BC547. 


Testing an SCR 


An SCR can be tested with some multimeters but a minimum current Anode-to- 
Cathode is needed to keep the device turned on. Some multimeters do not provide 
this amount of current and the SCR Tester circuit above is the best way to test 
these devices. 

Shorted SCRs can usually be detected with an ohmmeter check (SCRs usually fail 
shorted rather than open). 

Measure the anode-to-cathode resistance in both the forward and reverse direction; 
a good SCR should measure near infinity in both directions. 

Small and medium-size SCRs can also be gated ON with an ohmmeter (on a digital 
meter use the Diode Check Function). Forward bias the SCR with the ohmmeter by 
connecting the black ( - ) lead to the anode and the red ( + ) lead to the cathode 





1lch_FundamentalOptics_Final_a.qxd 6/15/2009 2:30 PM Page + -@P 





Fundamental Optics 






Www.cvimellesgriot.com 








“" 

a . . . . 

=) ©Principal-Point Locations 

o 

5 

£ 

© 

me} 

5 

= Figure 1.36 indicates approximately where the principal points fall in points will fall outside the lens boundaries. For symmetric lenses, the 
relation to the lens surfaces for various standard lens shapes. The exact principal points divide that part of the optical axis between the vertices 
positions depend on the index of refraction of the lens material, and on into three approximately equal segments. For plano lenses, one principal 
the lens radii, and can be found by formula. in extreme meniscus lens point is at the curved vertex, and the other is approximately one-third of 
shapes (short radii or steep curves), it is possible that both principal the way to the plane vertex. 
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Figure 1.36 Principal points of common lenses 
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Prisms are blocks of optical material whose flat, polished sides are 
arranged at precisely controlled angles to each other. Prisms may be used 
in an optical system to deflect or deviate a beam of light. They can invert 
or rotate an image, disperse light into its component wavelengths, and 
be used to separate states of polarization. 


PRISM ORIENTATION 


The orientation of a prism determines its effect on a beam of light or 
an image. 





A viewer looks through a prism at an object and sees a virtual image 
(see Figure 1.37). This image may be displaced from the original object, 
or, if a dove prism is used, it may coincide with the object. Furthermore, 
image orientation may differ from the object; in the case of a right-angle 
prism, the image is reversed. 


A real image (see Figure 1.38) can be formed only if imaging optics are 
present in the system. Without imaging optics, the image is virtual. A 
virtual image has the same orientation as the real image shown, but it can 
be viewed by the observer only by looking back through the prism system. 


TOTAL INTERNAL REFLECTION 


Rays incident upon a glass/air boundary (i.e., an internal reflection) at angles 
that exceed the critical angle are reflected with 100-percent efficiency 
regardless of their initial polarization state. The critical angle is given by 





0.(A) = weet (1.67) 
ON 

and depends on the refractive index, which is a function of wavelength. If, 
at some wavelength, the refractive index should fall to less than V2 = 1.414, 
the critical angle will exceed 45 degrees, and total internal reflection (TIR) 
will fail for a collimated beam internally incident at 45 degrees on the 
hypotenuse face of a right-angle prism. Reflectance decreases rapidly at 
angles of incidence smaller than the critical angle. 


The index of BK7 is sufficiently high to guarantee the TIR of a collimated beam 
at 45 degrees internal incidence over the visible and near-infrared region. 
The possibility of significant TIR failure with convergent or divergent beams 
should be kept in mind if polarization is important. TIR can also fail if the 
hypotenuse face is not kept extremely clean. Even an almost invisible 
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Prisms 


virtual image of object: 
visible only to observer 


entrance 


face 
right-angle prism we) 


hypotenuse 
face 





Figure 1.37. “Virtual imaging using a prism 


entrance 


face 
right-angle prism - 


hypotenuse 
face 





Figure 1.38 Real imaging using a prism 


fingerprint can lead to TIR failure. An aluminum- or silver-coated hypotenuse 
is recommended for applications where the right-angle prism is frequently 
handled, or where convergent or divergent beams are used. There is a slight 
loss of reflectance at all internal angles with the coating, and no critical 
angle exists. 


ABERRATIONS FOR PRISMS 


Prisms will introduce aberrations when they are used with convergent or diver- 
gent beams of light. Using prisms with collimated or nearly collimated light 
will help minimize aberrations. Conjugate distances that include prisms 
should be long. 
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DISPERSING PRISMS 


Dispersing prisms are used to separate a beam of white light into its 
component colors. Generally, the light is first collimated and then dispersed 
by the prism. A spectrum is then formed at the focal plane of a lens or curved 
mirror. In laser work, dispersing prisms are used to separate two wave- 
lengths following the same beam path. Typically, the dispersed beams are 
permitted to travel far enough so the beams separate spatially. 





Aprism exhibits magnification in the plane of dispersion if the entrance and 
exit angles for a beam differ. This is useful in anamorphic (one-dimensional) 
beam expansion or compression, and may be used to correct or create asym- 
metric beam profiles. 


As shown in Figure 1.39, a beam of width W, is incident at an angle a on 
the surface of a dispersing prism of apex angle A. The angle of refraction at 
the first surface, 3, the angle of incidence at the second surface, -y, and the 
angle of refraction exiting the prism, 6, are easily calculated: 


6B =sin—'((sina) / ») 


y=A-B 
6 =sin~ '(ysiny) 








Figure 1.39 


Diagram of dispersing prism 


The beam deviation, ¢, is of greatest importance. It is the angle the exit 
beam makes with its original direction. 


e=at+6-A (1.68) 
The magnification W/W, is given by: 


_ cosdcos B 
cosacos y 


M (1.69) 
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The resolving power of a prism spectrometer angle a, the angular dispersion 
of the prism is given by: 


dé _(__sinA (2) (1.70) 
dn cosécosB )\ dd 


If the spectrum is formed by a diffraction limited focal system of focal length 

f, the minimum spot size is dx ~ fA/ W. This corresponds to a minimum 
angular resolution dé ~ \/w for a beam of diameter w. The diffraction 
limited angular resolution at a given beam diameter sets the limit on 
the spectral resolving power of a prism. Setting the expression for dé 
equal to the minimum angular resolution, we obtain: 


Rp = a w,sinA (2) (1.71) 
dn cosécos 6 )\ dd 








where RP is the resolving power of the prism. 


At a given wavelength, the beam deviation ¢ is a minimum at an angle 
of incidence: 
ee ee 1.72 
min dev = 3in— "[ysin( A/2)] Mee) 
where 7 is the prism index of refraction at that wavelength. At this angle, 
the incident and exit angles are equal, the prism magnification is one, and 
the internal rays are perpendicular to the bisector of the apex angle. 


By measuring the angle of incidence for minimum deviation, the index 
of refraction of a prism can be determined. Also, by proper choice of apex 
angle, the equal incident and exit angles may be made Brewster's angle, 
eliminating losses for p-polarized beams. The apex angle to choose is: 


A=1-205 (1.73) 


If, in addition, the base angles of the prism are chosen as Brewster's angle, 
an isosceles Brewster prism results. 


Another use is illustrated next. 








Figure 1.40 ‘Translation of a prism at minimum deviation 
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At minimum deviation, translating a prism along the bisector of the apex angle 
does not disturb the direction of the output rays. See Figure 1.40. This is 
important in femtosecond laser design where intracavity prisms are used to 
compensate for group velocity dispersion. By aligning a prism for minimum 
deviation and translating it along its apex bisector, the optical path length 
in material may be varied with no misalignment, thus varying the contribution 
of the material to overall group velocity dispersion. Finally, it is possible to 
show that at minimum deviation 


RP =(b, —b,)— (1.74) 











Figure 1.41 
deviation 


Ray path lengths of a prism at minimum 


If the beam is made to fill the prism completely, b, = 0, and b, =b, the 
base of the prism. So, we have the classical result that the resolving 
power of a prism spectrometer is equal to the base of the prism times the 
dispersion of the prism material. 


As an example, consider CVI Melles Griot EDP-25-F2 prism, operating in 
minimum deviation at 590 nm. The angle of incidence and emergence are 
both then 54.09° and di/dd is — 0.0854 ~m~! for F2 glass at 590 nm. 
If the 25-mm prism is completely filled, the resolving power, /dA, is 2135. 
This is sufficient to resolve the Sodium D lines. 


PELLIN BROCA PRISMS 


In a Pellin Broca prism, an ordinary dispersing prism is split in half along 
the bisector of the apex angle. Using a right angle prism, the two halves are 
joined to create a dispersing prism with an internal right angle bend obtained 
by total internal reflection, as shown in Figure 1.42. 


In principle, one can split any type of dispersing prism to create a Pellin 
Broca prism. Typically the Pellin Broca prism is based on an Isosceles 
Brewster prism. Provided the light is p-polarized, the prism will be 
essentially lossless. 
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Figure 1.42 One of the wavelengths deviates at exactly 
90° to its initial direction 


Suppose wavelengths \, and ), are superimposed in a collimated beam, 
as at the output of a harmonic generating crystal, the diagram in Figure 
1.42 suggests that it is always possible to find a rotation of the prism in 
its plane that ensures that one of the two wavelengths will operate at 
minimum deviation when refracting at the input face of the first of the 
half-dispersing prisms. This means that it will enter the right angle prism 
normal to one of its faces, be turned exactly 90°, be presented to the 
second half-dispersing prism in minimum deviation, and hence exit the 
Pellin Broca prism deviated at exactly 90° to its initial direction. 


A simple dispersing prism always deviates the longer wavelength less 
than the shorter wavelength. In a Pellin Broca prism, whether the longer 
wavelength is deviated more or less depends on the orientation of the 
prism. This is an important consideration when designing a high power 
Pellin Broca beam separator, as shown in Figures 1.43 and 1.44. 





Figure 1.43 Longer wavelength is deviated more than 
the shorter wavelength 
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Figure 1.44 — Longer wavelength is deviated less than the 
shorter wavelength 


CVI Melles Griot offers Brewster angle Pellin Brocca prisms in a number 
of sizes and materials. BK7 prisms are used in the visible and near IR, 
and is the least expensive. UV-grade fused silica Pellin Broca prisms are 
used from 240 nm to 2000 nm. Excimer-grade prisms are used in the 
180-nm to 240-nm region. Crystal-quartz Pellin Broca prisms are 
specifically designed for high-power Q-switched 266-nm laser pulses at 
fluence levels of 50 mJ/cm2. Fused silica prisms track (i.¢., suffer internal 
catastrophic damage) above this fluence, probably due to self-focusing. 


PORRO PRISMS 


A Porro prism, named for its inventor Ignazio Porro, is a type of reflection 
prism used to alter the orientation of an image. In operation, light enters 
the large face of the prism, undergoes total internal reflection twice from 
the 45° sloped faces, and exits again through the large face. An image 
traveling through a Porro prism is rotated by 180° and exits in the opposite 
direction offset from its entrance point, as shown in Figure 1.45. Since the 
image is reflected twice, the handedness of the image is unchanged. Porro 
prisms have rounded edges to minimize breakage and facilitate assembly. 





Figure 1.45 Porro prisms retroreflect and invert the image 


Porro prisms are most often used in pairs, forming a double Porro prism, 
as shown in Figure 1.46. A second prism, rotated 90° with respect to the 
first, is placed such that the beam will traverse both prisms. The net effect 
of the prism system is a beam parallel to but displaced from its original 
direction, with the image rotated 180°. As before, the handedness of the 
image is unchanged. 
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Double Porro prism systems are used in small optical telescopes to reorient 
an inverted image and in many binoculars to both re-orient the image and 
provide a longer, folded distance between the objective lenses and the 
eyepieces. 





Figure 1.46 Double porro prism results in a beam 
parallel to but displaced from its original direction, 
with the image rotated 180° 
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Polarization States 


Four numbers are required to describe a single plane wave Fourier 
component traveling in the + z direction. These can be thought of as the 
amplitude and phase shift of the field along two orthogonal directions. 


1. CARTESIAN REPRESENTATION 


In Cartesian coordinates, the propagation equation for an electric field is given 
by the formula 





E(x, y,z) = (xE,e + yEye™ je@-# (1.75) 


where E,, Ey ¢,, and dy are real numbers defining the magnitude and the 
phase of the field components in the orthogonal unit vectors x and y. If the 
origin of time is irrelevant, only the relative phase shift 


need be specified. 


2. CIRCULAR REPRESENTATION 


In the circular representation, we resolve the field into circularly polarized 
components. The basic states are represented by the complex unit vectors 





e, =(1/V2)(x+iy) and (1.77) 
e_=(1/V2)(x-iy) (1.78) 


where e , is the unit vector for left circularly polarized light; for positive 
helicity light; for light that rotates counterclockwise in a fixed plane as 
viewed facing into the light wave; and for light whose electric field 
rotation obeys the right hand rule with thumb pointing in the direction 
of propagation. 


APPLICATION NOTE 


Polarization Convention 


Historically, the orientation of a polarized electromagnetic wave 
has been defined in the optical regime by the orientation of the 
electric vector. This is the convention used by CVI Melles Griot. 
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Polarization 


e_ is the unit vector for right circularly polarized light; for negative helicity 
light; for light that rotates clockwise in a fixed plane as viewed facing into 
the light wave; and for light whose electric field rotation disobeys the right 
hand rule with thumb pointing in the direction of propagation. 





Figure 1.47 __Linearly polarized light. E, and Ey are 
in phase 





Figure 1.48 _ Circularly polarized light. E, and Ey are out 
of phase by angular frequency w 
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As in the case of the Cartesian representation, we write 
E=(e,E,e?+ + e_E_ele-) elltzot) (1.79) 


where E, , E_,@,,and _ are four real numbers describing the mag- 
nitudes and phases of the field components of the left and right circularly 
polarized components. Note that 


E,=e°E (1.80) 
E.=e-E (1.81) 


3. ELLIPTICAL REPRESENTATION 


An arbitrary polarization state is generally elliptically polarized. This means 
that the tip of the electric field vector will describe an ellipse, rotating once 
per optical cycle. 





Let a be the semimajor and b be the semiminor axis of the polarization 
ellipse. Let y be the angle that the semimajor axis makes with the x axis. 


Let € and y be the axes of a right-handed coordinate system rotated by an 
angle + y with respect to the x axis and aligned with the polarization 
ellipse as shown in Figure 1.49. 











Figure 1.49 The polarization ellipse 


The elliptical representation is: 
SA G5 ie 
E=(ab+bheMelem (1.82) 


Note that the phase shift 5, above is required to adjust the time origin, and 
the parameter y is implicit in the rotation of the € and 7 axes with respect 
to the x and y axes. 
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CONVERSIONS BETWEEN REPRESENTATIONS 


For brevity, we will provide only the Cartesian to circular and Cartesian to 
elliptical transformations. The inverse transformations are straightforward. 
We define the following quantities: 








g, = E, cos@, — E, sing, (1.83, 

g, = E, sing, + Ey cos, (1.84 

g;=E, cos, + E, sing, (1.85, 

g,=£, sing, — E, cos, (1.86 
1/2 

u=(g +93) (1.87, 
1/2 

v=(3 +92) ee 

2 = atan (9,92) (1.89, 

34 = atan (93,94) (1.90 


In the above, atan(x,y) is the four quadrant arc tangent function. This means 
that atan(x,) = atan()/x) with the provision that the quadrant of the angle 
returned by the function is controlled by the signs of both x and y, not just 
the sign of their quotient; for example, if g, = g, = — 1, then ¢,, above is 
52/4 or — 32/4, not 7/4. 


A. CARTESIAN TO CIRCULAR TRANSFORMATION 





E, =v/y2 (1.91) 
E_=u/V2 (1.92) 
b, = O34 (1.93) 
b= %1» (1.94) 


B. CARTESIAN TO ELLIPTICAL TRANSFORMATION 


a=(v+u)/2 (1.95) 
b=(v—u)/2 (1.96) 
W=(Gi2- Pa4)/2 (1.97) 
5y = rp + 34)/2 (1.98) 
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LINEAR POLARIZERS 


A linear polarizer is a device that creates a linear polarization state from an 
arbitrary input. It does this by removing the component orthogonal to the 
selected state. Unlike plastic sheet polarizers which absorb the rejected 
beam (which turns into heat), cube polarizers and thin-film plate polarizers 
reflect the rejected beam, creating two usable beams. Still others may refract 
the two polarized beams at different angles, thereby separating them. 
Examples are Wollaston and Rochon prism polarizers. 





Suppose the pass direction of the polarizer is determined by unit vector p. 
Then the transmitted field £,,, in terms of the incident field E,, is given by 


E, = p(peE,) (1.99) 


where the phase shift of the transmitted field has been ignored. 


A real polarizer has a pass transmission, T less than 1. The transmission 
of the rejected beam, 7, may not be 0. If ris a unit vector along the rejected 
direction, then 


1/2 i ; 
E,=(T)) p(p+E,)e% +(1,)"" r(re Be (1.100) 


In the above, the phase shifts along the two directions must be retained. 
Similar expressions could be arrived at for the rejected beam. If @ is the 
angle between the field Z, and the polarizer pass direction p, the above 
equation predicts that 


T =T,cos’@ +T, sin’0 (1.101) 


The above equation shows that, when the polarizer is aligned so that 
6=0, T= T\. When itis “crossed”, 0 = 7/2, and T= 7’. The extinction 
ratio is e= 7, / T,. A polarizer with perfect extinction has 7, = 0, and 
thus T= 7,cos0 is a familiar result. Because cos“@ has a broad maxi- 
mum as a function of orientation angle, setting a polarizer at a maximum 
of transmission is generally not very accurate. One has to either map 
the cos26 with sufficient accuracy to find the @ = 0 point, or do a null 
measurement at 0 = + 7/2. 
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reflected beam 
s-polarization 


transmitted 
» beam 
p-polarized 








Figure 1.50 At CVI Melles Griot, the DOT marks preferred 
input face. This is the tested direction for transmitted 
wavefront. Damage threshold is also higher for this 
orientation as well. 
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Polarization Definitions 


BIREFRINGENCE 


A birefringent crystal, such as calcite, will divide an entering beam of 
monochromatic light into two beams having opposite polarization. The 
beams usually propagate in different directions and will have different 
speeds. There will be only one or two optical axis directions within the 
crystal in which the beam will remain collinear and continue at the same 
speed, depending on whether the birefringent crystal is uniaxial or biaxial. 


If the crystal is a plane-parallel plate, and the optical axis directions are not 
collinear with the beam, radiation will emerge as two separate, orthogonally 
polarized beams (see Figure 1.51). The beam will be unpolarized where 
the beams overlap upon emergence. The two new beams within the 
material are distinguished from each other by more than just polarization 
and velocity. The rays are referred to as extraordinary (E) and ordinary (0). 
These rays need not be confined to the plane of incidence. Furthermore, the 
velocity of these rays changes with direction. Thus, the index of refraction 
for extraordinary rays is also a continuous function of direction. The index 
of refraction for the ordinary ray is constant and is independent of direction. 


The two indexes of refraction are equal only in the direction of an optical 
axis within the crystal. The dispersion curve for ordinary rays is a single, 
unique curve when the index of refraction is plotted against wavelength. 
The dispersion curve for the extraordinary ray is a family of curves with 
different curves for different directions. Unless it is in a particular polar- 
ization state, or the crystalline surface is perpendicular to an optical axis, 
a ray normally incident on a birefringent surface will be divided in two at 
the boundary. The extraordinary ray will be deviated; the ordinary ray will 


unpolarized 
input beam 
v 


birefringent 
se material 
































linearly polarized —> 
output beam A 


<— linearly polarized 
output beam B 


























unpolarized output beam 


Figure 1.51 Double refraction in a birefringent crystal 
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not. The ordinary ray index n, and the most extreme (whether greater or 
smaller) extraordinary ray index n,, are together known as the principal 
indices of refraction of the material. 


If a beam of linearly polarized monochromatic light enters a birefringent 
crystal along a direction not parallel to the optical axis of the crystal, the 
beam will be divided into two separate beams. Each will be polarized at right 
angles to the other and will travel in different directions. The original 
beam energy, which will be divided between the new beams, depends on 
the original orientation of the vector to the crystal. 


The energy ratio between the two orthogonally polarized beams can be 
any value. It is also possible that all energy will go into one of the new beams. 
If the crystal is cut as a plane-parallel plate, these beams will recombine 
upon emergence to form an elliptically polarized beam. 


The difference between the ordinary and extraordinary ray may be used 
to create birefringent crystal polarization devices. In some cases, the 
difference in refractive index is used primarily to separate rays and eliminate 
one of the polarization planes, for example, in Glan-type polarizers. In 
other cases, such as Wollaston and Thompson beamsplitting prisms, 
changes in propagation direction are optimized to separate an incoming 
beam into two orthogonally polarized beams. 


DICHROISM 


Dichroism is selective absorption of one polarization plane over the other 
during transmission through a material. Sheet-type polarizers are man- 
ufactured with organic materials imbedded into a plastic sheet. The sheet 
is stretched, aligning molecules and causing them to be birefringent, and then 
dyed. The dye molecules selectively attach themselves to aligned polymer 
molecules, so that absorption is high in one plane and weak in the other. 
The transmitted beam is linearly polarized. Polarizers made of such 
material are very useful for low-power and visual applications. The usable 
field of view is large (up to grazing incidence), and diameters in excess 
of 100 mm are available. 


POLARIZATION BY REFLECTION 


When a beam of ordinary light is incident at the polarizing angle on a 
transmissive dielectric such as glass, the emerging refracted ray is partially 
linearly polarized. For a single surface (with n=1.50) at Brewster's angle, 
100 percent of the light whose electric vector oscillates parallel to the plane 
of incidence is transmitted. Only 85 percent of the perpendicular light is 
transmitted (the other 15 percent is reflected). The degree of polarization from 
a single-surface reflection is small. 





If a number of plates are stacked parallel and oriented at the polarizing 
angle, some vibrations perpendicular to the plane of incidence will be 
reflected at each surface, and all those parallel to it will be refracted. By 
making the number of plates within the stack large (more than 25), high 
degrees of linear polarization may be achieved. This polarization method 
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is utilized in CVI Melles Griot polarizing beamsplitter cubes which are 
coated with many layers of quarter-wave dielectric thin films on the interior 
prism angle. This beamsplitter separates an incident laser beam into two 
perpendicular and orthogonally polarized beams. 


THIN METAL FILM POLARIZERS 


Optical radiation incident on small, elongated metal particles will be 
preferentially absorbed when the polarization vector is aligned with the 
long axis of the particle. CVI Melles Griot infrared polarizers utilize this effect 
to make polarizers for the near-infrared. These polarizers are considerably 
more effective than dichroic polarizers. 





Polarizing thin films are formed by using the patented Slocum process to 
deposit multiple layers of microscopic silver prolate spheroids onto a polished 
glass substrate. The exact dimensions of these spheroids determine the 
optical properties of the film. Peak absorption can be selected for any wave- 
length from 400 to 3000 nm by controlling the deposition process. Contrast 
ratios up to 10,000:1 can be achieved with this method. Other CVI Melles 
Griot high-contrast polarizers exhibit contrasts as high as 100,000:1. 


CALCITE 


Calcite, a rhombohedral crystalline form of calcium carbonate, is found in 
various forms such as limestone and marble. Since calcite is a naturally 
occurring material, imperfections are not unusual. The highest quality 
materials, those that exhibit no optical defects, are difficult to find and are 
more expensive than those with some defects. Applications for calcite com- 
ponents typically fall into laser applications or optical research. 
CVI Melles Griot offers calcite components in two quality grades to meet those 
various needs. 


There are three main areas of importance in defining calcite quality. 


Spectral Properties 


Trace amounts of chemical impurities, as well as lattice defects, can 
cause calcite to be colored, which changes absorption. For visible light 
applications, it is essential to use colorless calcite. For near-infrared 
applications, material with a trace of yellow is acceptable. This yellow 
coloration results in a 15-percent to 20-percent decrease in transmission 
below 420 nm. 


Wavefront Distortion (Striae) 


Striae, or streaked fluctuations in the refractive index of calcite, are 
caused by dislocations in the crystal lattice. They can cause distortion 
of a light wavefront passing through the crystal. This is particularly 
troublesome for interferometric applications. 
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Scatter 


Small inclusions within the calcite crystal account for the main source 
of scatter. They may appear as small cracks or bubbles. In general, 
scatter presents a significant problem only when the polarizer is being 
used with a laser. The amount of scatter centers that can be tolerated 
is partially determined by beam size and power. 


CVI MELLES GRIOT CALCITE GRADES 





CVI Melles Griot has selected the most applicable calcite qualities, grouped 
into two grades: 


Laser Grade 


Calcite with a wavefront deformation of \/4 at 633 nm or better 
due to striae only. 


Optical Grade 


Calcite with a wavefront deformation of 1) to \/4 at 633 nm due 
to striae only. 


Fundamental Optics 1.45 








sondo jeyuawepun4 


G) 
ro) 
= 
“n 
= 
ro) 
E 
wo 
re) 
o 
S 
(o) 
s 
= 
a 
n 


saijadoig jeaieN| suonerypads jeondo 


sbuljyeo> jeondo 


(because the + of the battery is connected to the negative lead, in most analogue 
multimeters). Momentarily touch the gate lead to the anode while the probes are still 
touching both leads; this will provide a small positive turn-on voltage to the gate and 
the cathode-to-anode resistance reading will drop to a low value. Even after 
removing the gate voltage, the SCR will stay conducting. Disconnecting the meter 
leads from the anode or cathode will cause the SCR to revert to its non-conducting 
state. 

When making the above test, the meter impedance acts as the SCR load. On larger 
SCRs, it may not latch ON because the test current is not above the SCR holding 
current. 


Using the SCR Tester 

Connect an SCR and press Switch2. The lamp should not illuminate. If it illuminates, 
the SCR is around the wrong way or it is faulty. 

Keep Switch 2 PRESSED. Press Swi very briefly. The lamp or motor will turn ON and 
remain ON. Release Sw 2 and press it again. The Lamp or motor will be OFF. 


TRIACs 

A triac is a bidirectional, three-terminal dual, back-to-back thyristor (SCR) switch. 
This device will conduct current in both directions when a small current is constantly 
applied to the Gate. 

If the gate is given a small, brief, current during any instant of a cycle, it will remain 
triggered during the completion of the cycle until the current though the Main 
Terminals drops to zero. 

This means it will conduct both the positive and negative half-cycles of an AC 
waveform. If it is tuned on (with a brief pulse) half-way up the positive waveform, it 
will remain on until the wave rises and finally reaches zero. If it is then turned on 
(with a brief pulse) part-way on the negative wave, the result will be pulses of 
energy and the end result will be about 50% of the full-energy delivered at a rate of 
100 times per second for a 50HZ supply. 

TRIACs are particularly suited for AC power control applications such as motor speed 
control, light dimmers, temperature control and many others. 


Main Terminal 2 / aN 





Main Terminal 1 “//’, 
Main Terminal2 <¢ 
Gate 


Main Terminal 2 


Gate 


Main Terminal 1 


TRIAC (2 SCR's) 
TRlode for Alternating Current 
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Waveplates 


Waveplates use birefringence to impart unequal phase shifts to the 
orthogonally polarized field components of an incident wave, causing 
the conversion of one polarization state into another. 


There are two types of birefringence. With linear birefringence, the index 
of refraction (and hence the phase shift) differs for two orthogonally 
polarized linear polarization states. This is the operation mode of standard 
waveplates. With circular birefringence, the index of refraction and hence 
phase shift differs for left and right circularly polarized components. This 
is the operation mode of polarization rotators. 


STANDARD WAVEPLATES: LINEAR BIREFRINGENCE 


Suppose a waveplate made from a uniaxial material has light propagating 
perpendicular to the optic axis. This makes the field component parallel to 
the optic axis an extraordinary wave and the component perpendicular to 
the optic axis an ordinary wave. If the crystal is positive uniaxial, 9, > 4,, then 
the optic axis is called the slow axis, which is the case for crystal quartz. For 
negative uniaxial crystals 7, < 4,, the optic axis is called the fast axis. 





The equation for the transmitted field E,, in terms of the incident field E, is: 
E, =8(s+E,)e® +f(feE,)e® (1.102) 


where s and fare unit vectors along the slow and fast axes. This equation 
shows explicity how the waveplate acts on the field. Reading from left to 
right, the waveplate takes the component of the input field along its slow 
axis and appends the slow axis phase shift to it. It does a similar operation 
to the fast component. 


The slow and fast axis phase shifts are given by: 
& =1,(w)wt/ c= 2n,(A)t/d (1.103) 
$ = 7; (w) wt /c = 200; (A)t/A (1.104) 


where 9, and are, respectively, the indices of refraction along the slow and 
fast axes, and ¢ is the thickness of the waveplate. 


To further analyze the effect of a waveplate, we throw away a phase factor 
lost in measuring intensity, and assign the entire phase delay to the slow axis: 


E, =5(S+E,)e® + f(f+ El) (1.105) 
b=, — = 2n[ 9,(d)—m; (A) ]t/A (1.106) 
b=27An(A)t/d (1.107) 


In the above, An(A) is the birefringence 4,() - m¢(A). The dispersion of 
the birefringence is very important in waveplate design; a quarter wave- 
plate at a given wavelength is never exactly a half waveplate at half that 
wavelength. 


Let E, be initially polarized along x, and let the waveplate slow axis make 
an angle 6 with the x axis. This orientation is shown in Figure 1.52. 


1.46 Fundamental Optics 








Fundamental Optics 


Www.cvimellesgriot.com 











Figure 1.52. Orientation of the slow and fast axes of a 
waveplate with respect to an x-polarized input field 


When the waveplate is placed between parallel and perpendicular polariz- 
ers the transmissions are given by: 
T | E,x P= 1-sin’ 26sin* 6/2 (1.108) 
T, e|E,y P= sin? 20sin? 6/2 M109) 
Note that @ is only a function of the waveplate orientation, and ¢ is only a 


function of the wavelength, the birefringence is a function of wavelength 
and the plate thickness. 


For a full-wave waveplate: 
o=2mr, 7 =1,andT, =0, regardless of waveplate orientation. 
For a half-wave waveplate: 
o=(2m + 1)z, T= cos?28, and T= sin220. (1.110) 


This transmission result is the same as if an initial linearly polarized wave 
were rotated through an angle of 20. Thus, a half-wave waveplate finds use 
as a polarization rotator. 


For a quarter waveplate, 
¢=(2m + 1)q/2 (i.e, an odd multiple of 7/2). (1.111) 


To analyze this, we have to go back to the field equation. Assume that 
the slow and fast axis unit vectors s and f form a right handed coordinate 
system such that s x f = +z, the direction of propagation. To obtain 
circularly polarized light, linearly polarized light must be aligned midway 
between the slow and fast axes. There are four possibilities listed in the 
table below. 





Input Field Along Input Field Along 
Phase Shift (s + fY/v2 (s—fV2 
g=nl2 + 2mr RCP LCP 
¢=3nl2 + 2mr LCP RCP 
LO mettes Griat 






Sometimes, waveplates described by the second line above are called 3/4 
waveplates. For multiple order waveplates, CVI Melles Griot permits the 
use of either of the above classes of waveplates to satisfy the requirements 
of a quarter-wave waveplate. 


MULTIPLE-ORDER WAVEPLATES 


For the full-, half-, and quarter-wave waveplate examples given in standard 
waveplates, the order of the waveplate is given by the integer m. For m > 0, 
the waveplate is termed a multiple-order waveplate. For m= 0, we have a 
zero order waveplate. 





The birefringence of crystal quartz near 500 nm is approximately 0.00925. 
Consider a 0.5-mm-thick crystal quartz waveplate. A simple calculation 
shows that this is useful as a quarter waveplate for 500 nm; in fact, it is a 
37 / 4 waveplate at 500 nm with m = 18. Multiple-order waveplates are 
inexpensive, high-damage-threshold retarders. Further analysis shows that 
this same 0.5mm plate is a 19 \/2 half waveplate at 488.2 nm and a 10 
full-wave waveplate at 466.5 nm. The transmission of this plate between par- 
allel polarizers is shown in Figure 1.53 as a function of wavelength. The 
retardance of the plate at various key points is also shown. Note how quickly 
the retardance changes with wavelength. Because of this, multiple-order wave- 
plates are generally useful only at their design wavelength. 
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Figure 1.53. Transmission of a 0.5-mm-thick crystal 
quartz waveplate between parallel polarizers 


ZERO-ORDER WAVEPLATES 


As discussed above, multiple-order waveplates are not useful with tunable 
or broad bandwidth sources (e.g., femtosecond lasers). A zero-order 
waveplate can greatly improve the useful bandwidth in a compact, high- 
damage-threshold device. 





As an example, consider the design of a broadband half-wave waveplate 
centered at 800 nm. Maximum tuning range is obtained if the plate has 
a single z phase shift at 800 nm. If made from a single plate of crystal 
quartz, the waveplate would be about 45 yum thick, which is too thin for 
easy fabrication and handling. The solution is to take two crystal quartz 
plates differing in thickness by 45 ym and align them with the slow axis 
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of one against the fast axis of the other. The net phase shift of this zero-order 
waveplate is zr. The two plates may be either air-spaced or optically contacted. 
The transmission of an 800-nm zero-order half-wave waveplate between 
parallel polarizers is shown in Figure 1.54 using a 0-10% scale. Its 
extinction is better than 100:1 over a bandwidth of about 95 nm centered 
at 800 nm. 


CVI Melles Griot produces multiple order and zero order crystal quartz 
waveplates at any wavelength between 193 nm and 2100 nm. Virtually 
all popular laser wavelengths are kept in stock, and custom wavelength 
parts are available with short delivery time. 


Mica waveplates are an inexpensive zero-order waveplate solution for low- 
power applications and in detection schemes. 
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Figure 1.54 Zero-order crystal quartz half-wave 
waveplate for 800 nm 


POLYMER WAVEPLATES 


Polymer waveplates offer excellent angular field of view since they are true 
zero-order waveplates. Figure 1.55 compares the change in retardance as 
function of incidence angle for polymer and quartz waveplates. A polymer 
waveplate changes by less than 1% over a + 10° incidence angle. 





Retardance accuracy with wavelength change is often of key concern. 
For example, an off-the-shelf diode laser has a center wavelength tolerance 
of +10 nm. Changes with temperature and drive conditions cause wave- 
length shifts which may alter performance. These polymer waveplates 
maintain excellent waveplate performance even with minor shifts in the 
source wavelength. The temperature sensitivity of laminated polymer 
waveplates is about 0.15 nm/°C, allowing operation over moderate tem- 
perature ranges without significantly degrading retardance accuracy. 
A comparison of different waveplate types and their dependence on 
wavelength is shown in figure 1.56. 
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Figure 1.55 + Retardance vs incidence angle for quartz 
and polymer waveplates 
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Figure 1.56 Wavelength performance of common 
quarter wave retarders. 


ACHROMATIC WAVEPLATES 


At 500 nm, a crystal quartz zero-order half-wave waveplate has a 
retardation tolerance of \/50 over a bandwidth of about 50 nm. This 
increases to about 100 nm at a center wavelength of 800 nm. A different 
design which corrects for dispersion differences over the wavelength range 
is required for bandwidths up to 300 nm. 





If two different materials are used to create a zero-order or low-order 
waveplate, cancellation can occur between the dispersions of the two 
materials. Thus, the net birefringent phase shift can be held constant 
over a much wider range than in waveplates made from one material. 
ACWP-series achromatic waveplates from CVI Melles Griot (see Figure 1.57) 
are comprised of crystal quartz and magnesium fluoride to achieve 
achromatic performance. 


Three wavelength ranges are available in both quarter and half wave 
retardances. Retardation tolerance is better than \/100 over the entire 
wavelength range. 
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Figure 1.57  ACWP-400-700-10-2 


For quarter-wave waveplates, perfect retardance is a multiple of 0.25 
waves, and transmission through a linear polarizer must be between 
33% and 67%. (In all but the shortest wavelength design, quarter-wave 
retardation tolerance is better than 4/100.) For half-wave waveplates, 
perfect retardance is 0.5 waves, while perfect transmission through a 
linear polarizer parallel to the initial polarization state should be zero. A 
high degree of achromatization is achievable by the dual material design. 
In addition, we manage low group velocity dispersion for ultrashort pulse 
applications through the use of thin plates. 


DUAL-WAVELENGTH WAVEPLATES 


Dual-wavelength waveplates are used in a number of applications. One 
common application is separation of different wavelengths with a polariz- 
ing beamsplitter by rotating the polarization of one wavelength by 90°, and 
leaving the other unchanged. This frequently occurs in nonlinear doubling 
or tripling laser sources such as Nd:YAG (1064/532/355/266). 





One way to achieve the multiple retardation specifications is through 
careful selection of multiple-order waveplates which meet both wavelength 
and retardation conditions. This often results in the selection of a relatively 
high order waveplate. Therefore, these dual-wavelength waveplates 
operate best over a narrow bandwidth and temperature range. 


Another approach is to combine two quartz waveplates with their optical 
axes orthogonal to one another, effectively creating a zero-order waveplate. 
In this configuration, the temperature dependence is a function of the 
thickness difference between the waveplates, resulting in excellent 
temperature stability. The retardation of the compound waveplate is also a 
function of the thickness difference enabling wide bandwidth performance. 
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Etalons 


Etalons are most commonly used as line-narrowing elements in narrow- 
band laser cavities or as bandwidth-limiting and coarse-tuning elements in 
broadband and picosecond lasers. Further applications are laser line profile 
monitoring, diagnosis. 


The etalons described in this section are all of the planar Fabry-Perot type. 
Typical transmission characteristics for this type etalon are shown in Figure 
1.58. 
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Figure 1.58 Transmission characteristics of a Fabry-Perot 
etalon 


Air-Spaced Etalons consist of pairs of very flat plano-plano plates separated 
by optically contacted spacers. The inner surfaces of the plates are coated 
with partially reflecting coatings, the outer surfaces are coated with antire- 
flection coatings. 


Solid Etalons are made from a single plate with parallel sides. Partially 
reflecting coatings are then deposited on both sides. The cavity is formed by 
the plate thickness between the coatings. 


Deposited Solid Etalons are a special type of solid etalon in which the cav- 
ity is formed by a deposited layer of coating material. The thickness of this 
deposited layer depends on the free spectral range required and can range 
from a few nanometers up to 15 micrometers. The cavity is sandwiched 
between the etalon reflector coatings and the whole assembly is supported 
ona fused-silica base plate. 


Etalon plates need excellent surface flatness and plate parallelism. To avoid 
peak transmission losses due to scatter or absorption, the optical coatings 
also have to meet the highest standards. 


For a plane wave incident on the etalon, the transmission of the etalon is 
given by: 








T= Frans a aR : (1.112) 
Tine 14 > sin’ (6/2) 
—-R 
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Here, R is the reflectance of each surface; 6 is the phase shift 
20 
es ma ese (1.113) 


where, 
nis the refractive index (e.g., 1 for air-spaced etalons) 
dis the etalon spacing or thickness 
6 is the angle of incidence 


The free spectral range (FSR) of the etalon is given by 


Cc. 
FSR = —— in Hz 
2nd (1.114) 


Te el 
=— Incm 
2nd 
2 


=—— innm 
2nd 


The reflectivity finesse, Fp is given by 


= mR (1.115) 


Fr= 
R= 


Figure 1.59 shows the reflectivity finesse as a function of the coating reflec- 
tivity. 
The bandwidth (FWHM) is given by 


ewum = tok (1.116) 


Fr 
However, the above applies to theoretical etalons which are assumed to be 
perfect. In reality, even the best etalon will show defects that limit theoret- 
ically expected performance. Therefore, in a real etalon, the actual finesse 
will usually be lower than the reflectivity finesse. 
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Figure 1.59 Reflectivity finesse vs. coating reflectance of 
each surface 
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F_ = TNR 1.117) 
1=k 
M IN 
Fr; = 1.118) 
2 633 nm 
r 
a— 1.119 
 dtan?6 ; 
2 
Cee 1.120) 
2dr 


where Fp is the reflectivity finesse, is the plate spherical deviation finesse 
coefficient, A, is the incident beam divergence finesse coefficient, and Fy 
is the diffraction-limited finesse coefficient. 


The defects that contribute to this reduction are as shown in Figure 1.60 
(graphical representations are exagerated for clarification). 














Spherical Defects (4) 

















Spherical Irregularities (74g) 




















Parallelism Defects (74,) 





Figure 1.60 Three types of defects contributing to the 
total defect finesse 


All three types of defects contribute to the total defect finesse F;: 


i. 4. 4 1 
s+ (1.121) 
Fag Fa 





The beam divergence also influences the actual finesse of an etalon. 
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Taking into account all these contributions, the effective finesse (F,) of an 
etalon (with A being the reflectivity finesse and 7, the divergence finesse) 


(1.122) 








The effective finesse a user sees when using the etalon depends not only on 
the absolute clear aperture, but also on the used aperture of the etalon, 
especially when a high finesse is required. 


The examples below show how the effective finesse varies with plate flat- 
ness and clear aperture. 


Example 1: Air-spaced etalon, 
R=95% (41%) at 633 nm 
CA=25mm 
Used aperture = 20 mm 
Spacer (air gap) = 1 mm 
Spherical / parallelism defects = <)/20 
Plate rms = 0.80 nm 
Beam divergence = 0.1 mRad 
Fp=61, F.=10 

Example 2: Air-spaced etalon, 
Same parameters as example 1 except: 
Used aperture = 5 mm 
Fr=61, F=40(+4) 

Example 3: Air-spaced etalon, 
Same parameters as example 1 except: 
Spherical / parallelism defects = \/100 
Plate rms = 0.40 nm 
Beam divergence: 0.1mRad 
Fr=61, F=40 (+8) 


These examples illustrate that, for large-aperture applications, it is impor- 
tant to use very high-quality plates to ensure a high finesse and good trans- 
mission values. 
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TUNING AN ETALON 


Etalons can be tuned over a limited range to alter their peak transmission 
wavelengths. These techniques are: 





Angle tuning or tilting the etalon: As the angle of incidence is increased, the 
center wavelength of the etalon can be tuned down the spectrum. 


Temperature tuning: Primarily used for solid etalons, temperature-tuning 





changes both the actual spacing of the reflective surfaces via expansion 9) 

and the index of refraction of the material, which changes the optical 5 

spacing. The tuning result can be given by 5 

3 

O(FSR) _ (FSR) 1 On ue 1 od (1.123) ° 

aT not doar = 

n 
Pressure tuning: Air-spaced etalons can be tuned by increasing the pres- 
sure in the cavity between the optics, thereby increasing the effective 

index of refraction, and thus the effective spacing. 

The above examples illustrate how critical the optical surface flatness, plate 
parallelism and surface quality are to the overall performance of an etalon. 

At CVI Melles Griot we have developed sophisticated software that allows S 

us to simulate all effects that influence the performance of an etalon. To a. 

7 g 

order an etalon, FSR, finesse and used aperture are required. a 
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Ultrafast Theory 


The distinguishing aspect of femtosecond laser optics design is the need to 
control the phase characteristic of the optical system over the requisite wide 
pulse bandwidth. CVI Melles Griot has made an intensive theoretical study 
of these effects. Certain coating designs have been modified with control 
of the phase characteristics in mind. New proprietary designs have been 
created with desirable characteristics for femtosecond researchers. All 
optics in this section have been tested by researchers in the field and we 
are constantly fielding new requests. 


Assume that the power, reflectivity, and polarization characteristics of a 
laser mirror are acceptable over the bandwidth of a femtosecond pulse. 
This means that, over the entire pulse bandwidth, a cavity mirror may 
have a reflectivity greater than 99.8%; a 50% beamsplitter may have a 
fairly constant reflection; a polarizer may maintain its rejection of one 
polarization with an acceptable transmission of the other. It is not enough, 
however, to simply preserve the power spectrum S(w) = |E(w)|* when 
dealing with femtosecond pulses. The phase relationship among the 
Fourier components of the pulse must also be preserved in order that the 
pulse not be broadened or distorted. What constraint on the performance 
of a mirror or transmissive optic does this imply? 


Consider a general initial pulse shape E,(2). As a function of its Fourier com- 
ponents, it may be expressed as: 


E,(t) = J E(w)""dw (1.124) 


Suppose this pulse reflects off of a mirror. For this example, we assume the 
mirror is “ideal”, and use the Fourier transform of its complex amplitude 
reflectance: 


r(w) = ret (4) = retiats (1.125) 


For this “ideal” mirror, r is a real constant equal to the amplitude 
reflectivity that is assumed constant over the pulse bandwidth. All 
phase effects have been assumed to be describable by a single phase 
shift (cw) that is linearly proportional to frequency with proportionality 
constant zy. The reflected pulse is then: 


E,(t)=rJE(o) de 
=rE(t—-ty) 


(1.126) 


Thus, provided the phase shift is linear in frequency over the pulse bandwidth, 
the reflected pulse is scaled by the amplitude reflectance r, and delayed 
in time by the constant group delay ¢,. It is, otherwise, an undistorted 
replica of the original pulse. 
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Examined over a large enough bandwidth, no optical system will exhibit 
the constant group delay over frequency needed for perfect fidelity. In 
general, the phase shift near some center frequency wy may be expanded 
in a Taylor series for frequencies near wp: 


b(w) = B(wg) + ®’ (wy )(w — wg) + 
&” (coy) (w— wy) /2!+ (1.127) 


&”’ (wy )(w@—w) /3! a 


These derivatives are, respectively, the group delay &’(w,), the group 
velocity dispersion (wo), and the cubic term &’”(wo), evaluated at a 
center frequency wo. This expansion is heuristically useful, in an exactly 
soluble model, for the propagation of a transform-limited Gaussian pulse. 
Note, however, that for extremely short pulses the expansion above may 
be insufficient. A full numerical calculation may have to be performed using 
the actual phase shift function &(w). CVI Melles Griot will be happy to 
assist those interested in the modeling of real optical elements. 


To illustrate pulse distortion due to the dependence of the group delay on 
frequency, consider what happens when an unchirped, transform-limited 
Gaussian pulse passes through a medium, or is incident on a mirror whose 
dominating contribution to phase distortion is non-zero group velocity 
dispersion. The field envelope of the pulse is assumed to be of the form: 


E(t)= exp|-(2 In2¢? /ré) (1.128) 


where 7, is the initial pulse duration (FWHM of the pulse intensity). Let the 
pulse enter a medium or reflect off of a mirror with non-zero &”(w), mea- 
sured in fsec? radians. (For a continuous medium-like glass, ”(w)=6"(w) x z 
where 8”(w) is the group velocity dispersion (GVD) per centimeter of 
material, and z is the physical path length, in centimeters, traveled through 
the material.) The Gaussian pulse will be both chirped and temporally broad- 
ened by its encounter with group velocity dispersion. The power envelope 
will remain Gaussian; the result for the broadened FWHM is: 


T1=T [1+(4In26”(w)/73) l" (1.129) 


This result, valid only for initially unchirped, transform-limited Gaussian 
pulses, is nevertheless an excellent model to study the effects of dispersion 
on pulse propagation. The graphs shown in Figure 1.61 represent the 
theoretical broadening from dispersion for initial pulse widths ranging from 
10 to 100 femtoseconds. 
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GROUP-VELOCITY & CUBIC DISPERSION 
FOR VARIOUS OPTICAL MATERIALS 
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Figure 1.63 


DISPERSIVE PROPERTIES OF MIRRORS 


CVI Melles Griot uses three basic designs; TLM1 mirrors for energy fluence 
greater than 100 mJ/cm2, TLM2 mirrors for cw oscillators and low-fluence 
pulses, and TLMB mirrors which are a hybrid of the two. The reflectivity, GVD 
parameter, and cubic dispersion parameter for TLM2 high reflectors are 
shown in Figure 1.64. In these examples, the mirrors are centered at 800 nm 
and are designed for use at normal incidence and at 45 degrees. Note that, 
at the design wavelength, (a) GVD is zero, (b) the cubic term is minimized, 
and (c) at 45° incidence, the GVD of the p-polarization component is very 
sensitive to wavelength, while the GVD for s-polarization component is 
nearly zero over a broad wavelength range. Thus one should avoid using 
mirrors at 45° incidence with the p-polarization. On the other hand, at 45° 
incidence, s-polarization provides very broad bandwidth and minimizes 
pulse distortion problems and should be used whenever possible. 
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Figure 1.64 Dispersion and reflectivity for mirrors 
TLM2-800-0 and TLM2-800-45 


Ti:Sapphire and other femtosecond laser systems need prismless com- 
pensation of the built-in positive chirp encountered in the laser optical 
circuit. This becomes mandatory in industrial and biomedical applications 
where the laser must provide a compact, stable, and reliable solution. 


Negative Group Velocity Dispersion Mirrors (TNM2) meet these needs 
with off-the-shelf availability, and can be employed both intracavity and 
extracavity to satisfy chirp control requirements. 
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In experiments using CVI Melles Griot TNM2 negative group velocity dispersion 
mirrors, 200-mW, 80-fsec pulses centered at 785 nm were achieved in a 
simple, prismless, Ti:Sapphire oscillator. The configuration is shown in 
Figure 1.65. 


low GVD negative 


mirror GVD mirror 
3mm crystal 
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output coupler 


: ~ 


200 mW 
80 fs pulses 
centered at 785 nm 





negative 
GVD mirror 


Figure 1.65 =‘ Typical optical setup incorporating low GVD 
and Negative GVD mirrors in an ultrafast application 





Figure 1.66 ‘Typical optical set-up of negative GVD mirrors 


OUTPUT COUPLERS AND BEAMSPLITTERS 


Output-coupler partial reflectors and beamsplitters behave similarly; 
however, here is an additional consideration in their analysis. The behavior 
of the transmitted phase of the coating and the effect of material dispersion 
within the substrate on the transmitted beam have to be taken into 
account in a detailed analysis. In general, the coating transmitted phase 
has similar properties and magnitudes of GVD and cubic to the reflected 
phase. As usual, centering is important. As a beamsplitter, we recom- 
mend the 1.5 mm thick fused silica substrate PW-1006-UV. As an output 
coupler substrate, we recommend the 3.0 mm thick, 30 minute wedge 
fused silica substrate IF-1012-UV. 





CVI Melles Griot has developed the TFPK Series Broadband Low Dispersion 
Polarizing Beamsplitters to satisfy requirements for very-high-power, 
short-pulse lasers. These optics are ideal for intracavity use in femtosecond 
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regenerative amplifiers. The main emphasis is on linear phase characteristics. 
See Chapter 9 of Lasers, A. E. Siegman (University Science Books, Mill 
Valley, California, 1986), for a good discussion of linear pulse propagation. 


In chirped pulse regenerative amplification, the pulse may have to pass 
through one or two polarizers twice per round trip. There can be 10 to 20 
round trips before the gain is saturated and the pulse is ejected. At this 
stage the pulse is long (100-1000 psec); however the phase shift at each 
frequency must still be maintained to minimize the recompressed pulse 
width. The many round trips of the pulse in the regenerative amplifier put 
stringent requirements on the phase characteristics of the coatings. 


Figure 1.67 shows the power transmission curves for both s- and p- 
polarization and the transmitted phase characteristics of the p component 
for a TFPK optimized at 800 nm. (Users may specify any wavelength 
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Figure 1.67 Properties for one coated side of a TFPK 
polarizing beamsplitter optimized for 800 nm. Both sides 
are coated for these properties. 
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Using the TRIAC Tester 

Connect a TRIAC and press Switch2. The lamp should not illuminate. If it illuminates, 
the TRIAC is faulty. 

Keep Switch 2 PRESSED. Press Swi very briefly. The lamp or motor will turn ON and 
remain ON. If the lamp does not turn on, reverse the TRIAC as the current into the 
gate must produce a slight voltage between Gate and Main Terminal 1. 

Release Sw 2 and press it again. The Lamp or motor will be OFF. 












Lamp 
12v Byatt 


TRAC OT 
MT1° Under Test H 12¥ 


OO Oo © 
Gate Power 


TRIAC TESTER 


MICA WASHERS AND INSULATORS 


Plastic insulating sheets (washers) between a transistor and heatsink are most often 
made from mica but some are plastic and these get damaged over a period of time, 
turn dark and become cracked. 

The plastic eventually becomes carbonized and conducts current and can affect the 
operation of the appliance. You can see the difference between a mica sheet 
(washer) and plastic by looking where it extends from under the transistor. Replace 
all plastic insulators as they eventually fail. 


SPARK GAPS 

Some TV's and monitors with a CRT (picture tube), have spark gaps either on the 
socket at the end of the tube or on the chassis. 

These can consist of two wires inside a plastic holder or a glass tube or special 
resistive device. 

The purpose of a spark gap is to take any flash-over (from inside the tube), to earth. 
This prevents damage to the rest of the circuit. 

However if the tube constantly flashes over, a carbon track builds up between the 
wires and effectively reduces the screen voltage. This can cause brightness and/or 
focus problems. Removing the spark-gap will restore the voltage. 

These are not available as a spare component and it's best to get one from a 
discarded chassis. 


CO-AX CABLES 

Co-Ax cables can produce very high losses and it seems impossible that a few metres 
of cable will reduce the signal. The author has had a 3 metre cable reduce the signal 
to "snow" so be aware that this can occur. Faults can also come from a splitter 
and/or balun as well as dirty plugs and sockets. This can result in very loud bangs in 
the sound on digital reception. 


TESTING EARTH LEAKAGE DETECTORS or 

Residual Current Devices or 

Ground Fault Circuit Interrupters or GFCI 

An Earth Leakage Detector or Sensor is a circuit designed to continuously monitor 
the imbalance in the current in a pair of load carrying conductors. 

These two conductors are normally the Active and Neutral. Should the imbalance 
current reach 30mA the sensor will "trip" and remove the voltage (and current) from 
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from 250 nm to 1550 nm.) The phase characteristics shown are the GVD and 
the cubic phase term. Not shown are the reflected phase characteristics for 
s-polarization; they are similar to the p-polarization transmission curves, 
and have the same low nonlinearity and broad bandwidth. Note that 
both sides of the optic have the coating whose properties are described 
in Figure 1.67. Therefore, the s- and p-polarization transmissions per 
surface should be squared in determining the specifications. The phase 
characteristics show that in all modes of operation, the TFPK polarizer 
performance is dominated by the substrate. 


There are some subtleties associated with the TFPK. The near 72° angle 
has to be set properly and optimized. Some thought has to be given to 
mechanical clearances of the laser beam at such a steep incidence angle. 
The reflectivity for s-polarization is limited to 75%. Variant designs can 
increase this at a slight loss in bandwidth, increase in incidence angle, and 
increase in insertion loss for the transmitted p-polarized component. 
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Figure 1.68 Transmission characteristics for FABS series 
polarizers with p-polarized light 
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The FABS autocorrelator beamsplitters from CVI Melles Griot are broad- 
band, 50% all-dielectric beamsplitters. They are useful in many types of 
pump-probe experiments and in the construction of antiresonant ring 
configurations. They are essentially lossless and extremely durable. Both have 
advantages over partially reflecting metal coatings. 


Power transmission curves for the s- and p-polarized versions of the FABS, 
along with the corresponding reflected phase characteristics for beam- 
splitters optimized at 800 nm, are shown in Figures 1.68 and 1.69. The 
linear pulse propagation properties of these beamsplitters are dominated 
by the substrate material dispersion. As with virtually all dielectric coated 
optics, the s-polarized version is broader than p-polarized version. 
CVI Melles Griot can produce FABS in other than 50:50 with excellent 
phase characteristics. 
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Figure 1.69 Transmission characteristics for FABS series 
polarizers with s-polarized light 
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ANTIREFLECTION COATINGS 





All CVI Melles Griot antireflection coating designs work well in femtosec- 
ond operation as the forward-going phasor is the dominant contribution to 
the phase shift; the AR coating is very thin and simply “fixes” the small 
Fresnel reflection of the substrate. 
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Very-high-quality isosceles Brewster's angle prisms for intra and extra- 
cavity use are available from CVI Melles Griot. The design of these prisms =f 
satisfies the condition of minimum loss due to entrance and exit at Brew- a 
ster's angle. To calculate GVD at Brewsters angle, refer to Figure 1.70 and a) 
e= use the following equation: 8. 
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n= refractive index of the prisms (assuming the same material) 
/= tip to tip distance (AB) 
L=total avg. glass path 
w= spectral phase of the electric field 
w, d= 27, (assumes Brewster prism at minimum deviation). = 
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For more on the Ultrafast phenomena, see J.C. Diels and W. Rudolph, a 
Ultrashort Laser Pulse Phenomena, Academic Press, 1996. = 
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Foreword 


I have seen a lot of welds in my life. I’ve seen them on new products and on repair 
jobs. The variety of welds I’ve seen lately is enough to convince me that some people 
still don’t know where not to weld. 


In this book I’ve tried to help those of you who will go on welding a long time after 
I am gone. I’ve tried to illustrate as clearly as I know how — in words and in pictures 
— some of the places that should not be welded. 


I’ve also included some tips that will help you do a better, safer job in places that should 
be welded. 


I hope this book will help you be a better welder. The information in it — gathered 
the hard way over 49 years — has certainly helped me. 


Hal Wilson 


NOTE 


This publication is designed to provide the author’s opinion in regard to the subject 
matter covered. 


It is sold with the understanding that the Publisher or Author does not assume respon- 
sibility or liability for any applications or installations produced from the design, pro- 
ducts, processes, techniques or data set forth in this booklet. 





How To Remove A Bad Bearing 
Race Or Cup From A Hole 


If the race or cup is bad, it will be 
discarded as scrap. Take your arc welder 
and carefully run a bead around the 
center of the race, keeping it in the center 
to prevent drifting off to the other sur- 
face. After cooling, it will have loosen- 
ed enough to fall out. 





Fig. 1 


The above race was 4 7/16 inches in 
diameter before it was welded. After it 
cooled it was 7 thousandths of an inch 
smaller in diameter. 


Replace New Race 


An easy way to replace the bad race 
with a new one is to place the new race 
in the freezing compartment of a 
refrigerator and freeze it before inserting 
it. Handle it with gloves. 


Occasionally, a race will turn in the 
hole and wear the hole out too big. 


If an internal knurling tool is 
unavailable, take a center punch and a 
hammer and make center punch marks 
ali the way around the entire surface that 
is loose. The amount of wear or 
looseness determines how hard you must 
hit the center punch. When a piece of 
mild steel is hit hard enough to make an 
indentation, the surrounding metal swells 
outwardly. 


How To Build Up 
A Worn Shaft 


First, turn the worn part off in a lathe. 
Then, preheat it with a torch to about 
250°. Have the shaft in a set of rollers 
so you can turn it from side to side. Weld 
a bead on the top side. Turn the shaft 
a half-turn so the new bead is on the bot- 
tom. Then weld a bead on the new top 
side exactly opposite the first bead. Turn 
the top of the shaft slightly toward you 
to make the side of your second bead 
level. (See Figure 2) 





Then run another bead overlapping to 
the center of the second bead. Turn the 
shaft back over to the first bead and run 





another bead overlapping the center of 
the first bead. 


You don’t need to knock the flux off. 
After the second and third beads, turn 
the shaft after each bead to the other 
side. On the last two beads, weave the 
rod from side to side to overlap the first 
and last beads on that side. 





= ett. 
Fig. 3 
Shaft turned down ready to be built up. 


Fig. 4 shows a built-up shaft. It is hard 
to believe how much tension is on these 
welds. They are actually squeezing so hard 
that the shaft adjoining the welds is com- 
pressed to a smaller diameter. I never gave 
it a thought until I had a shaft break off 
at the end of the welds. Therefore, you 
should always stress relieve the welds. As 
soon as you finish welding, take your 
acetylene torch and heat the welds to a red 
heat. Turn the shaft and heat evenly. Hold 
the heat on it and give it time to get red 
to the center of the shaft. 





Fig. 4 





Fig. 5 


To prove a point, I turned the welds 
down on a lathe, to the original size, freely 
slipped the bearing race on to the other 
end of the shaft, stress relieved the end 
that was welded, and let it cool. When it 
was cold, it was 3 thousandths larger in 
diameter than it was before I stress reliev- 
ed it. The bearing race would not come 
off. I pressed it part of the way off. You 
can see where I stopped. Then pressed it 
back on. 





the line being monitored. 

Some detectors will trip at 15mA. 

You cannot alter the sensitivity of the device however there are a number of faults in 
these devices that can be fixed. 

In some devices the contact pressure for the 10Amp or 15 Amp contacts is very 
weak and they arc and produce an open circuit. The result is this: When you press 
the rest button, power is not restored to the output. 

Clean the contacts with a small file and bend the metal strips to the contacts so they 
make a very strong contact. 

The other fault is the trip mechanism. 

The magnetism from the coil does not allow the pin to move and "trip" the contacts. 
It may be due to a small metal filing or the pin not moving freely enough. 

All good Earth Leakage Detectors have a TEST BUTTON. This connects a resistor 
between the active line and earth so that 15mA or 30mA flows. 

The detector should trip immediately. Make sure the trigger mechanism trips when 
the test button is pressed. 

None of the electronics in the detector can be replaced however you can test the 
mechanical operation and the pressure on the contacts when the unit is removed 
from the power. Do not work on the device when it is connected to the mains. 


TESTING CELLS AND BATTERIES 


There is an enormous number of batteries and cells on the market and a number of 
"battery testers." Instead of buying a battery tester that may give you a false 
reading, here is a method of testing cells that is guaranteed to work. 

There are two types of cell: a rechargeable cell and a non rechargeable cell. 


The easiest way to test a rechargeable cell is to put a group of them in an 
appliance and use them until the appliance "runs down" or fails to work. If you 
consider the cells did not last very long, remove them and check the voltage of each 
cell. The cell or cells with the lowest voltage will be faulty. You can replace them with 
new cells or good cells you have in reserve. 

There is no other simple way to test a rechargeable cell. 

You cannot test the "current of a cell" by using an ammeter. A rechargeable cell can 
deliver 10 amps or more, even when nearly discharged and you cannot determine a 
good cell for a faulty cell. 


Dry cells are classified as "non-rechargeable" cells. 

DRY CELLS and MANGANESE CELLS are the same thing. These produce 1.5v per cell 
(manganese means the Manganese Dioxide depolariser inside the cell. All "dry cells" 
use manganese dioxide). 

ALKALINE CELLS produce between 2 - 10 times more energy than a "dry cell" and 
produce 1.5v per cell. 

Alkaline cells can fail for no reason at any stage in their life and are not 
recommended for emergency situations. 

The output voltage of some Alkaline cells can fall to 0.7v or 0.9v for not apparent 
reason. 

There are lots of other cells including "button cells," hearing-aid cells, air cells, and 
they produce from 1.2v to 3v per cell. 


Note: 

Lithium cells are also called "button cells" and they produce 3v per cell. 

Lithium cells are non-rechargeable (they are generally called "button cells") but 
some Lithium cells can be recharged. These are Lithium-ion cells and generally have 
a voltage of 3.6v. Some Lithium-ion cells look exactly like 3v Lithium cells, so you 
have to read the data on the cell before charging. 


You cannot test the voltage of a cell and come to any conclusion as to the age of the 
cell or how much energy remains. The voltage of a cell is characteristic to the 
chemicals used and the actual voltage does not tell you its condition. 

Some "dry cells" deliver 1.5v up to the end of their life whereas others drop to about 
1.1v very quickly. 


How To Burn A Nut Off 
Of A Bolt And Save The 
Threads On The Bolt 


It’s not as hard as it sounds. 


You can’t burn the threads on the bolt 
unless you get them red hot. Place the 
bolt and nut in a horizontal position. 
Using a small cutting tip, hold the tip 
parallel to the bolt. (See Below) Start on 
ome of the points and burn through the 
nut, cutting parallel to the bolt until you 
get near the bottom. Then, tilt the end 
of the cutting tip downward and move 
rapidly through the slot with your stream 
of oxygen, washing the threads of the nut 
out of the threads of the bolt. 


You can use the same procedure to 
remove a piece of broken off pipe from 
a fitting (steel pipe only). Concentrate 
the heat on the broken off pipe. 





Fig. 6 








Fig. 7 


How To Expand A Nut 


To make a nut that is too tight, loose 
enough to turn with your fingers, do this: 


Screw the nut on a bolt. Lay the nut 
on an anvil and, with a very small ball- 
peen hammer, peen the flat sides very, 
very lightly with the ball end. Be ex- 
tremely careful not to hit it hard enough 
to make a dent in the flat side of the nut. 
You can hit it fast, but not hard. Raise 
the hammer not more than two inches 
above the nut. If necessary, you may 
peen all sides that way. 


How To Shrink A Nut 


When the nut is too loose, do this: 


With the nut on the bolt, place the nut 
in a vise flat side up. Grip the two points 
of the nut in the jaws of the vise very 
lightly. Then heat the flat side on top red 
hot. When it turns black, chill it in water 
and check it for fit. If necessary, you can 
heat all six sides this way, one at a time. 





Camouflage 


The nut below appears to be welded 
onto the bolt. As you can see, it is not. 
The nut was welded onto another bolt, 
cut off, and then drilled to the original 
‘tap drill’ size. Then the tap was screw- 
ed thru from the back side to tap the 
weld. This is for larger bolts, the smaller 
bolts twist off too easily. You can also 
drill a hole through the nut and bolt, 
drive a rolled pin through it, putty the 
ends and paint over it. Occasionally, this 
procedure may deter a thief. 








How To Remove 
A Broken-Off Bolt 


There are several ways to remove @ 
broken-off bolt. ‘‘Ridgid’’ has a very 
good screw extractor set #10. 


Another way is to grind and break off 
the bent end of an Allen wrench, then 
grind across the end until it is square. 
The points should be sharp. Drill a hole 
in the broken-off bolt the size of the 
diameter of the flats on the Allen 
wrench. Then drive the Allen wrench in- 
to the hole. The points will cut the metal 
out and make a hexagonal hole. 


These two methods work well — but 
if the bolt is steel, you can’t beat welding 
a nut on it (See ‘‘How To Remove A 
Broken-Off Tap,’’ page 13). 


For example, our shop was once fac- 
ed with 16 flat head screws, 1/4 by 3/8 
— all stuck. The head had a hole for an 
Allen wrench. We bent an Allen wrench 
and stripped the hole in another screw. 
Then, we tried penetrating oil. We hit 
them with a punch. 


Nothing worked — and only three 
threads holding. Then we welded a nut 
on it, using the vise grips as shown in 
‘“‘How To Weld A Screen Wire To A 
Steel Frame.’’ See page 8) It’s the only 
thing that worked. 


The reason this method works so well 
is that when the bolt is welded, the heat 
radiates through it. Filling the hole in the 
nut adds still more heat. When the boit 





expands and meets resistance from the 
hole, something has to give. Either the 
bolt is compressed or the hole is stretch- 
ed. Either way, the bolt comes out when 
it cools. 

Shown is one of the 
1/4 by 3/8 inch flat 
head screws with a nut 
welded to it. 





Fig. 10 


Case Hardening 


Caution: When cutting with a cutting 
torch, be sure that you do not run out 
of oxygen. If your oxygen pressure gets 
too low, a feather will appear on your 
flame, showing an excess of acetylene. 
The melted metal on each side of your 
cut will absorb carbon from the excess 
acetylene. As you know, when cutting 
steel with a cutting torch, a very small 
area gets red hot. The surrounding cold 
steel absorbs the heat so fast, it is almost 
like dunking it in water. The result is, the 
steel that was melted, and absorbed the 
carbon is case hardened. 


I remember 20 years ago, I was cut- 
ting some flanges for hydraulic cylinders 
out of 1/2’’ plate with a circle burner. 
My teen-aged son said, ‘‘Let me do that 
dad.’’ I handed him the torch, Later he 
came to me and said there was something 
wrong. He was running out of oxygen. 
We changed oxygen tanks. When I 
started to machine the 3 pieces that were 
case hardened, instead of the lathe tool 
cutting the flange, the hard place cut a 


groove in the lathe tool. I heated them 
red hot and covered them with a bucket 
to retard the cooling. When they were 
cold, they were soft enough to machine. 





Fig. #1 


How To Square A Frame By 
Welding Or Peening 


Every weld in a frame pulls the frame 
toward being square or out of square. 
The direction of travel causes it. Every 
weld pulls the metal closer together at the 
point where you stop welding than where 
you started. The first welds on the four 
corners of a frame should be made in the 
same direction — from inside to outside 
or vice versa. After you weld the corners, 
check the frame for square by measur- 
ing diagonally across the corners. 


If two corners are farther apart, weld 
a bead on the other side of the frame 
from the inside to the outside on both 
corners. If the frame does not square 
with that, weld another bead on the other 
two corners, traveling from outside to in- 
side. In other words, open an angle by 
traveling from inside to outside. Close 
an angle by traveling outside to inside. 


You can also open an angle by peen- 
ing on the inside edge. Close it by peen- 
ing on the outside edge. 





How To Flatten A 
Warped Steel Frame 


Flattening a warped steel frame is 
simpler than it sounds. 


When an angle iron frame is warped 
— if two diagonal corners are raised 
when the frame is placed on a flat sur- 
face, causing the frame to rock — here’s 
how to solve the problem: 


Lay the frame on a flat surface with 
one leg of the angles pointing down and 
the other ones pointing toward the inside 
of the frame. (See Figure 12) 

Place an adjustable wrench on the end 
piece of angle on the leg pointing to the 
inside of the frame. Place it about one 
inch from the corner that is higher. 


At this point, you have to do just the 
opposite of what it looks like you should 
do. You push down, not up, on the 
wrench handle until you can feel it give. 
(See Figure 13) 

Then, do the same thing on the op- 
posite high corner. If the frame still 
refuses to lie flat, place the tool on the 
angles on each side as shown in Fig. 15 
and 16, and push down. The frame is 
turned over in Fig. 17. If necessary you 
may pull inward on the high corners and 
outward on the low corners on the legs 
that point upward. 


Some angle irons are too large to be 
bent with an adjustable wrench. For 
these, cut a slot in a piece of heavy steel 
and weld a long handle on it. Make the 
handle strong enough to bend the angle 
iron leg. This procedure works on many 
different shapes. 


When you bend a piece of cold mild steel, 
it always springs back a little. If you bend it 
more, it doesn’t spring back any more than 
it did the first time. . 

When you bend the leg on an angle to. 
flatten a frame, the leg springs back a lit- 
tle. That puts a torsion stress on the angle 
iron causing it to push down on the high 
corner. It isn’t necessary to bend the leg 
too much. You have 16 points on an 
angle iron frame, (four on each corner) 
to flatten it with. 

The iron-worker who taught me how 
to do this also told me a story: 

A new man came to work at the shop 
where my friend worked one day. The 
new man built a gate out of very heavy, 
closely woven wire. When he finished it, 
it was warped. He worked all morning, 
hammering and twisting. He even block- 
ed up the low corners and pressed down 
on the high corners. It flopped — and 
warped the other way. What had been 
the high corners were now the low 
corners. 

My friend watched out of the corner 
of his eye until the new man took off for 
lunch. 

“Then I went over there and 
straightened it out with a pair of pliers,”’ 
said my friend. 

When the new man came back from 
lunch, he checked all four corners. They 
were all flat on the floor. He turned the 
gate over and checked it. He stared at it, 
scratched his head, looked all around the 
shop and demanded, ‘‘Who straighten- 
ed this for me?”’ 

He never did find out. 

My friend’s secret? He put stress on 
the wires near the frame with his pliers. 
Just the opposite from the way it looks. 


Fig. 14 


Notice the clock. I placed the tool, push- 
ed down on the handle, left the tool in 
place and then made the picture, on each 
one of these. I straightened one without 
making pictures in less than one minute. 








Fig. 15 








How To Weld A Screen Wire To A Steel Frame 


If you’re having trouble welding a 
screen wire or light expanded metal to 
a frame, try using washers. 


Place a flat washer on the wire where you 
want to weld it to the frame. Clamp it 
down with a pair of vise-grips. (See 
Figure 19) The big, partly cut-off washer 
is added on, lightly tacked. 


Fig. 20 


Weld through the hole in the washer 
and into the frame. Fill the holes in the 
washers with weld metal. (See Figure 20) 
If you want a really neat job, cut a strip 
of 1/8 x 3/4 inch to the correct length 
and drill 5/16 inch holes in the center of 
it. Clamp it in place and weld through 
the holes. (See Figures 21 and 22) 





Fig. 22 





How To Make A Smooth Cut With A Cutting Torch 


For a machine-like cut, use a straight 
edge. Take a 1/2 by 2-inch piece about 
12 to 14 inches long and a 1/8 by 3-inch 
piece the same length. Weld or tack the 
1/8-inch piece on top of the 1/2-inch 
piece, letting the smaller one overhang 
a half-inch on each side. File the 1/8-inch 
edges smooth. Place the file flat on the 
1/8-inch edge lengthwise to keep it 
straight. Keep the edge filed and sanded 
to keep it smooth. 


To cut, place straight edge far enough 
away from the cutting line to make the 
center of the cutting tip directly over the 
cutting line when the tip is rested vertical- 
ly and lightly against the straight edge. 
Drag the torch toward you. You will not 
be able to see the flow of metal. If all 
the sparks and fire are landing on your 
feet, you’re traveling at the right speed. 


If the slag on the bottom of the cut is 
too hard to knock off, you are using too 
much heat. Cut down on the flame, use 
a smaller tip, or travel a little faster. 


Incidentally, the acetylene gas is not 
what does the cutting. When you pull the 
trigger on red hot steel, the oxygen at- 
tacks the carbon in the steel. The carbon 
burns and supplies most of the heat. You 
can prove it by burning the end off a 
piece of 1/4 by 2-inches. Quickly start 
another cut on the end. Have your hand 
on the acetylene valve. Get the cut started 
and turn off the valve. You can finish 
the cut without a flame. 





That’s why you can’t cut other metals 
or even stainless steel with a cutting 
torch. 


How To Do 
Overhead Welding 


Never try an overhead weld with a cold 
machine. Have the machine hot enough 
to melt the base metal almost instantly. 
If your machine isn’t hot enough, you’ll 
have to stay in one place too long to melt 
the base metal and your weld will start 
bulging downward — it may even drop 
off. Lay in a little rod and move it away 
for an instant, before it starts to bulge 
downward. This lets the crater chill. 
Then go back, but not as far as you were 
before. 


You can also run light stringer beads. 
Hold a short arc and move along fast 
enough to keep it from bulging, but slow 
enough to fuse. 


How To Weld Thick To Thin 


To weld a thick piece of steel to a thin 
one without burning a hole in the thin 
one, try concentrating the arc entirely on 
the thick piece, moving slowly toward 
the thin piece with the crater edge until 
it fuses to the thin piece. Then back away 
before it burns a hole. 


How To Make 
A Smooth Bead 


Every welder is judged by the looks of 
his work. 


To run a smooth bead, position is very 
important. Get comfortable. Use a rest 
for your left hand. With the electrode 
holder in your right hand, rest your right 
hand on your left hand so that you can 
burn a complete rod in a smooth, steady 
movement. Practice the movement 
without the rod. 


Vertical Weld 


If a vertical weld bulges in the center 
or drops off, you are probably coming 
back down too low, When you raise your 
rod to give the crater a chance to chill 
(freeze or solidify), you are coming back 
down too far. Try this method: 


Bring the end of your rod back down 
and across the top edge of the crater that 
just chilled. You can also run a vertical 
bead downward. Use a fairly hot 
machine, tilt your rod upward, and run 
a light bead with a close (or short) arc. 
Travel fast enough to keep the flux and 
melted weld metal from trying to get 
ahead of or below the end of your 
welding rod, but slowly enough to get 
fusion, 


How To Flux Lead 


If you have a pot of melted lead and 
it has a lot of skimmings on top of the 
lead, you can skim it back and it will be 
a different color. The color changes back 
rapidly to the original color. This is 
because it oxidizes when it comes in con- 


tact with the oxygen in the air. Don’t 
skim the skimmings off and throw them 
away. Sprinkle a little pine rosin on the 
top of the skimmings and stir it up. The 
pine rosin is a flux for the lead. It breaks 
the oxide and it all melts. This also works 
on babbitt and solder - you have heard 
of rosin core solder. 


Bulge 





is 


The bulge in this sketch is highly 
exaggerated. 


If you can imagine that this really hap- 
pens when a piece of steel is heated red 
hot in one spot, it will help you figure 
out a lot of problems that arise in expan- 
sion and contraction. 


When you start heating one spot, the 
steel begins to expand on that side. The 
center of the strip will be under tension 
and the other side will be under compres- 
sion. But when the spot gets red hot it 
has very little strength. The red hot part 
is pushed together causing it to swell. 
When it starts to cool and begins to turn 
black it has more strength. As it con- 
tracts, one side of the steel becomes 
shorter than the other. And the strip 
bends edgewise. 





How To Burn A Weld And Save Both Pieces 


If, for instance, you have two quarter- 
inch pieces lap welded to each other, 
here’s how to handle it: 


Light your cutting torch, then cut the 
oxygen pressure down at the regulator — 
to the point where you can barely hear 
it when you pull the trigger. 


Position is crucial. Position yourself 
slightly to the left of the work. Hold the 
torch with your left hand near the tip. 
(Have some sort of support handy to rest 
your left hand on.) Hold the torch with 
your right hand ready to pull the trigger. 
Start at the left and travel right. Place 


WRONG 


There will be no 
black spot 

You will burn 
through the 
back plate. 





Fig. 24 


your head where you can see the flow of 
metal. The tip of the torch should be at 
about a 35-degree angle. Heat the cor- 
ner red hot and pull the trigger. 


When the flow of metal goes through 
the weld, you will see a black spot at the 
bottom of the flow. It’s okay. Keep on 
going. If the flow of metal flies back in 
your face, the oxygen pressure is too 
high. If you don’t see that black spot at 
the bottom of the flow, you are cutting 
through the weld and into the other piece 
of quarter-inch plate. Tilt the tip down 
more and get below the weld with the 
flow of metal. 


RIGHT 






Weld Bead 


Black Spot 
will show 
here 


Fig. 25 





Big John 


Big John had been working at the shop 
for 16 years when I started my appren- 
ticeship. He was a top notch welder. He 
welded all of the broken truck frames — 
and there were a lot of them back then! 
Big John had his own way of reinforc- 
ing them. He didn’t put a fishplate on 
the side of the channel as you might ex- 
pect. After he welded the crack up, he 
would weld a flat bar (about 1/4 x 
2-inches or thereabouts) on the top or 
bottom leg of the channel, extending six 
or eight inches on each side of the weld. 
Some of the frames started cracking at 
the top if the load was too far to the rear 
of the rear axle. 


Big John argued that the weld would 
hold as much weight as any other part 
of the channel, and if the reinforcement 
was put on the bottom (or top) leg of the 
channel it would prevent the crack from 
starting in the first place. And if the 
crack never starts, Big John reasoned, it 
will never break. He told me, ‘‘I have 
welded hundreds of them like that and 
I have never had one of them come back 
on me yet.’’ I never doubted him. 


Once I saw Big John brazing a whole 
pile of little cast iron frames. I noticed 
that he was not preheating them. The 
frames were about 1/8 inch thick by 4 
inches wide and 6 inches long. The sec- 
tions were about 3/4 inches wide — one 
on each side, one on each end, and one 
across the center. They were all broken 
on the center section. He had previous- 
ly ground the cracks out. I asked him 
why he didn’t preheat them. 


He told me, but only after twisted 


his arm. Here’s his trick: 


Big John held the torch at an angle so 
that, while he as heating the crack on the 
center section, the other part of the flame 
extended over to the end section and 
heated it. That let the two sections ex- 
pand together and then shrink together. 
If I had been doing it, I would have 
heated all three cross sections. 


learned a lot from Big John 


Another time, I was helping him with 
a big steel flywheel, about six or eight 
feet across with a heavy rim and spokes. 
We blocked it up on bricks to keep it off 
the dirt floor. Then, we placed several 
natural gas torches around it and started 
heating it with soft flames (no air 
pressure), on the rim only and covered 
it with some sheet metal. The heat had 
not been on it for more than five or ten 
minutes when there was an explosion 
that shook the building. 


The boss came running out of his of- 
fice to see what catastrophe had hit. By 
that time, Big John had removed the 
sheet metal and cut the torches off. One 
of the spokes had pulled in two, leaving 
a wide gap (the spokes were oval, three 
or four inches thick and ten or twelve in- 
ches wide — solid steel). 


“‘John,’’ the boss growled, ‘‘you 
heated the rim too hot.’’ 


“Look boss,’’ Big John said, ‘‘if that 
crack goes back together when it cools, 





Once you know the name of the cell that drops to 1.1v, avoid them as the operation 
of the equipment "drops off" very quickly. 


However if you have a number of different cells and need to know which ones to 
keep, here's the solution: 


1. Check the voltage and use those with a voltage above 1.1v 

2. Next, select 500mA or 10A range on a meter and place the probes on a cell. For a 
AAA or AA cell, the current should be over 500mA and the needle will swing full scale 
very quickly. 

Keep the testing short as you are short-circuiting the cell but it is the only way to 
determine the internal impedance of the cell and this has a lot to do with its stage- 
of-charge. 

This will give you a cell with a good terminal voltage and a good current capability. 


This also applies to button cells, but the maximum current they will deliver will be 
less. 

If you want to get the last of the energy out of a group of cells they can be used in 
the following circuits: 





im drop @100mA @ 10¥ supply 10m¥ drop @ 100mA4, @ 10¥ supply 


TESTING PIEZO DIAPHRAGMS and PIEZO BUZZERS 

There are two types of piezo devices that produce a sound. 

They are called PIEZO DIAPHRAGMS and PIEZO BUZZERS. 

A piezo diaphragm consists of two metal plates with a ceramic material between. 
The ceramic expands and contracts when an alternating voltage is placed on the two 
plates and this causes the main plate to "dish" and "bow." 

This creates a high-pitched sound. There are no other components inside the case 
and it requires an AC voltage of the appropriate frequency to produce a sound. 

A piezo buzzer has a transistor and coil enclosed and when supplied with a DC 
voltage, the buzzer produces a sound. 

Both devices can look exactly the same and the only way to tell them apart is by 
connecting a 9v battery. One device may have "+' and "-" on the case to indicate it 
is a piezo buzzer, but supplying 9v will make the buzzer produce a sound while the 


piezo diaphragm will only produce a "click." 





PIEZO DIAPHRAGM PIEZO BUZZER 


you can have my job. But if it doesn’t, 
don’t open your mouth.’’ 


Here’s what happened. 


The guys who removed the flywheel 
had trouble getting it off the shaft. They 
heated the hub of the flywheel red hot 
in order to remove it. In doing so, the 
hub tried to expand outwardly, but it 
couldn’t. The rim and spokes were cold. 
They removed the flywheel and the hub 
began to shrink. The shrinking of the 
hub put tons and tons of tension stress 
on all of the spokes. When just a little 
heat was added to the rim, which was 
under compression, it expanded enough 
to pull the weakest spoke in two. The gap 
did not close up when it cooled. 


Notch Effect 


Cut a notch in a shaft, and you know 
where it will break - in the notch. This 
is called a ‘‘notch effect.’ There are 
many others. A shaft turned down in one 
place to a smaller diameter will break 
right next to the larger diameter. 


A built-up shaft will break at the end 
of the welds. A poor weld is a notch ef- 
fect. A shoulder of almost any kind is 
a notch effect. The end of a reinforce- 
ment is a notch effect which can be 
minimized by tapering the ends. 
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How To Remove 
A Broken Tap 


Place a nut over the tap and weld the 
tap and the nut together. Fill the hole in 
the nut with weld metal. Use a reverse 
rod with a light flux. Let it cool. 


Before you start, the nut needs to be 
held in place. One way to do this is to 
use a washer with a hole bigger than the 
hole in the nut. Weld it to the end of a 
flat strip of metal. Place the washer over 
the nut. Block up the other end of the 
flat strip to make it level and place a 
weight on the flat strip. (See Below) 

With a little skill, a broken off tap can 
be removed with a cutting torch. Con- 
centrate the heat on the tap only. Hold 
the tip in a straight line with the tap. Let 
about half of the flames go down the side 
of one of the flutes, and the other half 
on the center part of the tap. When the 
tap gets red hot, pull the trigger and 
make a small circle with your tip. You 
will need enough oxygen pressure to 
blow the melted metal back out if it is 
a blind hole. 





Fig. 26 


Built In Stresses 


Every weld contracts or shrinks in all 
directions. Steel is made up of round 
crystals and expands when it is hot. 
When a piece of steel is heated uniform- 
ly to a red heat, it is free to expand. But 
if it is heated in one spot, it is not free 
to expand. When it tries to expand out- 
wardly the cold metal around it prevents 
it. The crystals are rearranged to make 
the metal thicker at that point. Then, 
when the metal cools, it contracts. This 
puts the crystals under tension. This will 
cause a thin sheet of metal to buckle. All 
welds are under stress unless the stress 
has been relieved. A light bead on a very 
heavy piece of steel usually cracks the 
weld wide open. If the hub of a cast iron 
wheel is heated red hot, it usually pulls 
one of the spokes in two. 


However steel sometimes has stresses 
already built up in it. When you weld, 
you may relieve more stresses than you 
create. Anytime a piece doesn’t move the 
way you expect it to, blame it on the 
built-in stresses. When a machinist takes 
a cut on a straight shaft, the shaft 
sometimes bends a little due to the 
stresses being cut off. That is probably 
why the ball-peen hammer was invented. 
You can peen the inside of a curve on 
a shaft to straighten it. 


If you repair a broken piece of steel 
you should reinforce it with another 
piece of steel, after welding it back 
together. But never, never weld the ends 
of a reinforcement. If the ends are weld- 
ed, it puts great stress on the metal ad- 


14 


joining the weld. A little more stress and 
vibration will cause a crack right next to 
the weld. Cut the ends of the reinforce- 
ment on a 45° angle instead of a 90° 
angle. Always skip weld the reinforce- 
ment — weld an inch and skip an inch. 
Never weld all the way to the ends of a 
reinforcement. Leave about a quarter- 
inch, or the thickness of the 
reinforcement. 


Crystals 


When a machine part is subjected to 
severe stresses over a period of years, 
sometimes the crystals become 
elongated. If a part breaks, they say that 
the steel crystalized. I was told that if you 
heat a piece of steel to a red heat, the 
crystals would return to their original 
shape. 


To prove this to myself, I cut some 
1/2’? round, mild steel bars. I hammered 
one of them cold, on the end, to bring 
it to a point. It didn’t taper much until 
it cracked lengthways. The crystals in the 
steel elongate when the steel is stretch- 
ed, but they will only elongate so far and 
then they separate, and that is a crack. 
Then I hammered another one, but I 
stopped before it cracked, then heated 
it to a red heat and waited until it was 
cold before hammering again. 


I continued this process a number of 
times. The center of the bar did not 
stretch much, if any. A hole was left in 
the center. It seems to be quite evident 
that the crystals return to their original 
shape when heated red hot. 





How To Burn Through A Large Steel Shaft 


You will need the biggest cutting tip 
you have and all the oxygen pressure 
your regulator will give you. If your tip 
is big enough and your oxygen strong 
enough, you can cut right through. But 
if the tip is just a little too small for the 
job, try this: 


You must be able to see the flow of 
metal all the way through the shaft at all 
times. With the shaft in a horizontal 
position, place yourself on one side of 
it. The cutting tip should be on about a 
45° angle from vertical. You should be 
able to see over the torch and watch the 
flow. Before you light the torch, prac- 
tice moving it in the path that it will 
travel. Then light it and heat a starting 
spot. Don’t be in a hurry to start cutting; 
get it red hot. When you do start cutting, 
weave right and left and make a gap 
about three-quarters of an inch wide (for 





a four-inch shaft, wider for a larger 
shaft). If the gap is not wide enough and 
you can’t burn all the way through, go 
back and start over again on one side. 
Try burning off another half-inch. If that 
doesn’t work, your tip may be too small. 


My First Commercial Weld 


In 1936 I was a welder’s helper. I had 
been practicing running a bead for some 
time. One day someone brought in a 
broken bumper support from a Model 
T Ford into the shop. The welder weld- 
ed it back together and tacked a rein- 
forcement over the weld and looked at 
me and said: ‘‘You can weld this, son. 
Go ahead.”’ 


I welded the top and bottom and both 
ends. Later, the vice president of the 
company came through and stopped to 
talk with the welder. In a few minutes 
he noticed my weld. He jumped straight 
up and yelled, ‘‘Who did that?” 


The welder looked at it and realized 
what I had done. He said, ‘‘It’s all my 
fault, boss. I didn’t tell him not to weld 
the ends. Don’t worry about it. I will cut 
it off and put a longer piece on it.” 


The boss cooled down. And that was 
the only time I ever welded the ends of 
a reinforcement. 





Cast Iron Welded W 


If you have a cast iron ornament that 
was broken accidentally, you can suc- 
cessfully weld it with a nickel electrode. 
The cast iron should be preheated. 
However if a cast iron part is subjected 
to stress and you weld it with a nickel 
electrode, it usually breaks right next to 
the weld. I am not a metallurgist and I 
don’t know why, but I think it has 
something to do with getting the cast iron 
too hot. Cast iron can be successfully 
brazed with a bronze rod and an 
acetylene torch. Chamfer the break and 
grind 3/4 inches clean on all sides. The 
bronze will have to be built up a little big- 
ger to equal the strength of the cast iron. 
Heat the cast iron to a dull red, heat the 
rod and dip it into ‘‘Cast Iron Brazing 
Flux’’ and melt it into the Vee. It has to 
tin the surface of the cast iron (spread 
out) if it balls up, it will not stick. Fill 
the Vee and then spread out over the 
edges that you ground clean. Dip your 
rod in the flux whenever it is necessary 
to keep the bronze tinning and flowing 
into the pores of the cast iron. 

Now this procedure is for a single piece 
of cast iron that is free to expand and 
contract without putting a stress on 
another place. On a wheel, pulley, or 
gear, they can be brazed if you heat them 
slowly and uniformly to a dull red heat. 
Some welders can heat the rim of a wheel 
at each spoke (that allows the heat to 
radiate each way on the rim and inward 
on the spokes). As the rim expands and 
gets larger in diameter, the spokes ex- 
pand to keep out stresses. 

At some places, they weld cast iron 
blocks and heads for Diesel engines. 
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1 Nickel Electrodes 


They grind the cracks out then place the 
block in a portable furnace. Heat it slow- 
ly to a red heat, open a door on top leav- 
ing the heaters on, they reach down in 
the furnace and acetylene weld it with a 
cast iron rod. Then they close the door 
and leave the heat on for awhile. When 
they cut the heat off they leave the block 
in the furnace. The block is surrounded 
by red hot fire bricks. It takes some time 
for it to cool. Then they machine it. It 
costs about half as much as a new block. 

A foundry made me a cast iron sheave 
with an extra large hub in order to bolt 
a brake drum to it. When I picked it up, 
it had a crack in one of the spokes. I 
showed it to the foreman. He said the 
mold should have been stripped. He ex- 
plained that when it took the hub longer 
to cool than the rim and spokes, they 
were supposed to remove the sand off of 
the hub to make it cool as fast as the 
metal on the rim and spokes. The rim 
cooled first and shrank, forcing the 
spokes to squeeze the hub together, mak- 
ing it thicker. Then when the hub cool- 
ed and shrank, the rim would not ‘‘give’’ 
and the hub pulled one of the spokes in 
two. 


Straighten 6 Inch Strip 

If you cut a 6”’ strip off of a 1/2” plate. 
8 feet long, with a cutting torch, it will 
be curved. The side that you cut con- 
tracted and now it is shorter than the 
other side. It can be straightened by stret- 
ching the side that you cut, by peening 
or by shrinking the other side. Stand on 
edge and with an acetylene torch heat the 
edge red hot. As it gets red move along. 
Have someone come behind you cooling 
it with water. 





Clevis On Channel Iron 
Figure 28 shows how NOT to weld a 
clevis on to a stress member. 


a = — 
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Fig. 28 





Fig. 29 


Figure 29 shows a better way to weld 
it. The two pieces with the holes are 
welded on to the patch, then the patch 
is welded on to the channel iron 
lengthways with the channel. No doubt 
you are tired of reading ‘‘Do not weld 
the ends.’’ 








How To Temper A Chisel 


The cutting edge of a chisel should be 
soft enough to be filed with a file, but 
no softer. If it is too hard it will break. 


You will need a tub of water, a file, 
a pair of tongs or vice-grips, and a torch. 


Slowly heat the chisel from the cutting 
edge back about three or four inches to 
a red heat. With the tongs holding the 
chisel on the back end in a straight line 
with the chisel, place the tip of the chisel 
into the water about a half-inch or more. 
Hold it there until it cools. Then rapidly 
plunge the entire chisel into the water and 
back out. Rest the chisel on the edge of 
the tub and, with the file, rub the end 
of the chisel. It should be too hard for 
the file to cut. Keep stroking the tip un- 
til the file starts cutting. Then, instantly 
shove the whole chisel into the water and 
back out again. The tip should again be 
too hard for the file to cut. Continue fil- 
ing and dunking until it is soft enough 
to file when you take it out of the water. 
Then place the chisel in the water and 
move it around until it is cold. 


When I was serving my appren- 
ticeship, a contractor would send in an 
armful of drills every few weeks to be 
drawn out and tempered. The drills were 
about one and a quarter inches in 
diameter and about 18 inches long. They 
were used in an air hammer to break 
rock and concrete. 


A friend had told me how to temper 
a chisel. I decided to try it out on these 
pointed drills. Without permission. 


A few weeks later they brought in 
another batch with special instructions 
that the same man who tempered the last 
ones to temper these. 


It worked. 


How To Make A Circle Lie 
Fiat 


An 18-inch circle that has been burned 
out of a 1/8-inch plate will bulge in the 
center. It does so because the outside 
edge that was heated to a red heat is 
under tension. To flatten it, remove the 
slag, place the edge of the circle on an 
anvil, and hammer it with the flat face 
of the hammer centered on the edge of 
the circle. Hold the other side of the cir- 
cle up so the edge will be in flat contac 
with the anvil. 


Turn the circle and hit the edge all the 
way around, hard enough to stretch the 
edge, but not hard enough to distort the 
metal too much. Try leaving a little space 
between each stroke and, if that isn’t 
enough, go around again, hitting be- 
tween the last strokes. If the edge is 
stretched too much it will buckle. The 
buckle may be corrected by heating red 
hot on the edge in very small spots. Cool 
each spot with water before heating 
another one. Or you can skip from one 
side to the other, letting someone else 
cool the spot you just heated. 


On the deck of a ship which has many 
buckles, one man heats spots and 
another one cools them with air and 
water. 


How To Remove A Stuck 
Sleeve From A Hole 


Screw a tap that is slightly larger than 
the hole in the sleeve into the sleeve — 
it needs only to scratch the inside of the 
sleeve. Drive it out from the other end 
with a mild steel rod (never hit a hard 
surface with another hard surface). 


Another way to remove a stuck sleeve 
is to heat the sleeve red hot and let it 
cool. You can heat a large sleeve red hot 
in a straight line from one end to the 
other — it does not have to be red hot 
all at the same time. Heat red hot in one 
spot and, as it reaches red hot stage, 
move forward. The black part behind 
you has already shrunk. 


This works on steel. Don’t heat cast 
iron unless you are sure you know what 
you’re doing. 


How To Shrink A Steel Pulley 


We once had a steel fabricated pulley 
that had a tapered hole in the hub to fit 
a split Q.D. hub. The Q.D. hub had a 
flange which would pull up against the 
hub on the pulley without being tight on 
the shaft. 


To fix it we heated the rim of the 
pulley red hot with a torch and slowly 
moved toward the center, heating it red 
hot as we went — heating the hub red 


hot in one place also. It helped, but it 
wasn’t enough. 


When we heated it in four places on 
quarters it worked fine. There was a 
quarter-inch of space between the flange 
and the pulley and the hub was tight on 
the shaft. 


CAUTION: do not try this method on 
a cast iron pulley. 


Reinforce Inside Of Tubing 
Or Pipe 


If you reinforce a broken-off piece of 
tubing with a smaller piece of tubing or 
solid bar that fits on the inside of the 
broken off tubing, do not weld through 
the broken piece and into the smaller 
reinforcement on the inside. If you do, 
it puts it under stress and may cause a 
break. You can see that if you run a light 
bead around a solid shaft, the light bead 
has to shrink, but it will have a hard time 
compressing all of that cold steel on the 
inside of the small piece. 


Cut slots lengthways on the broken 
tubing to weld through and into the rein- 
forcement before you put the reinforce- 
ment inside. The size of the slots depend 
on the size of the tubing. There should 
be enough welds on each side of your 
weld (that welds the outside piece back 
together) to equal the strength of the tub- 
ing. Stagger the slots. With the reinforce- 
ment in place and the broken tubing 
lined up, weld the broken tubing back 
together. Try not to weld through to the 
inside piece of tubing. Let it cool, then 
weld up the slots. 





How To Repair A Crack In A Piece Of Tubing 


Cut out piece as shown in Fig. 30 - smoothly and tack at each end, A and 
shaded area. B. Then weld one side only — from D 
to B — Cto D, then A to C. Let cool, 

Then cut out patch to fit hole, out of then weld other side — same way. 


same size tubing. Fit patch in hole 





Fig. 30 \ Crack 


Do not weld ends of reinforcement 


Do NOT weld ends 





Do not weld continuously Note 
Fig. 31 Weld 1 inch and skip 1 inch 


Grind welds on patch and place rein- can sometimes cause a crack. Do not 
forcement over patch as shown in Fig. weld all the way to the ends of the rein- 
31. It is best to always grind long ways forcement — leave 1/4 inch or the 
with a stress member. Cross scratches thickness of the reinforcement. 
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Weld Inserted Pipe 


If you weld around the pipe as shown 
in Fig. 32, you will create a ‘‘notch ef- 
fect’? which usually causes a break ad- 
joining the weld. 


Slots may be cut in the larger pipe to 
weld through as shown in Fig. 33 or holes 
may be drilled to weld through. Slots or 
holes should be staggered, with enough 
weld metal to equal the strength of the 


pipe. 


If you don’t have room enough for the 
slots or holes, you may cut slots on the 
end of the larger pipe as shown in Fig. 
34. The direction of travel should be 
away from the end of the larger pipe. 
Start your weld slightly to the inside of 
the slot. 


If the joint must be air-tight, the larger 
pipe can be cut as shown in Fig. 35. 
When two beads meet at a point or 
crotch, extend one bead a little further 
and try to taper it out to nothing. This 
prevents stopping the shrinkage 
abruptly. 

Some welders may not agree with me 
on the ‘‘notch effect.’’ You think about 
it. If every weld shrinks, the last part of 
your bead will shrink more than the first 
part. The first part of your bead is 
already black. Even if the weld didn’t 
shrink, there would still be a shoulder. 
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Fig. 34 





Fig. 35 


Another Method For Welding Pipe 


It is general practice to bevel two 
pieces of pipe and butt weld them 
together. However, if you are using pipe 
or tubing for structural purposes, and the 
welds are subjected to tension, torsion, 
impact or shear stresses, and you have 
trouble with cracks, you may want to con- 
sider the method shown below. The 
method shown below has no cross welds 
at all. The welds are back-stepped, and at 
the ends where the two welds meet, they 
are reduced to one weld which tapers out 
to nothing to avoid stopping the shrinkage 
abruptly. This method is more expensive 
than a butt weld, but you have a lot more 
weld metal securing the joint. 





Fig. 36 
Make a symmetrical pattern to cut the 
pipe out with, as shown above. 





Fig. 37 
Bevel edges and grind slot at end. 





A piezo diaphragm will produce a click 
when connected to 9v DC. 
A piezo buzzer will produce a tone when 
connected to a DC voltage. 


How a PIEZO BUZZER WORKS 


A Piezo Buzzer contains a transistor, coil, and piezo diaphragm and produces sound 
when a voltage is applied. The buzzer in the circuit above is a PIEZO BUZZER. 


@ 








PIEZO BUZZER 


The circuit starts by the base receiving a small current from the 220k resistor. This produces a 
small magnetic flux in the inductor and after a very short period of time the current does not 
increase. This causes the magnetic flux to collapse and produce a voltage in the opposite 
direction that is higher than the applied voltage. 

3 wires are soldered to pieces of metal on the top and bottom sides of a ceramic substrate that 
expands sideways when it sees a voltage. The voltage on the top surface is passed to the small 
electrode and this positive voltage is passed to the base to turn the transistor ON again. This 
time it is turned ON more and eventually the transistor is fully turned ON and the current through 
the inductor is not an INCREASING CURRENT by a STATIONARY CURRENT and once again 
the magnetic flux collapses and produces a very high voltage in the opposite direction. This 
voltage is passed to the piezo diaphragm and causes the electrode to "Dish" and produce the 
characteristic sound. At the same time a small amount is "picked-off" and sent to the transistor to 
create the next cycle. 


TESTING A SPEAKER 


A speaker (also called a loud speaker) has coil of wire wrapped around a magnet but it does not 


Another Method 
For Welding Pipe 





Fig. 38 





Fig. 39 


Weld up two grooves that are exactly 
opposite of each other and let them cool. 
The shrinkage will open the other two 
grooves slightly. Then weld the other 
grooves. This way, you will have less 
shrinkage on the joint. 
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Build Up Inside Of Tubing 


The pictures below show that if a tub- 
ing is built up on the inside, it will cause 
the tubing to shrink. This 4 1/4” O.D. 
piece shrunk .045’’ in diameter. 








Fig. 41 





Test Welds 


Figures 42 and 43 are test welds that 
show how much the tubing shrank from 
end to end. Figure 42, welded lengthwise, 
shrank four thousandths of an inch in 
length. Figure 42 probably shrank more 
crosswise, but that does not cause it to 
crack, 


Figure 43, welded crosswise, shrank 
twelve thousandths of an inch in length. 
The cold metal surrounding the welds 
resisted. The cold metal is now under 
compression stress and the welds and the 
adjoining metal that got red hot is under 
tension stress almost to the yield point. 


Think about this and please don’t weld 
crosswise on a stress member. 
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Flying Coaster 


No. 1 shows large gap to prevent No. 3 shows that we did not weld a 
someone from welding crossways on the gusset on to the tubing as shown in No. 
clevis. On the old ride they were welded 3; : 


crossways and they broke off. 


No. 2 shows end of patch is not 
welded. 





Fig.46 





No. 5 weld on gusset and tubing 
Fig. 44 caused the break on both pieces of 


No. 4 welded crossways, but it is on tubing. 
the inside. I have never seen a failure 
here. 





Fig. 45 











Fig. 48 
No. 6 shows T bar welded to patch 
that is welded lengthways on tubing not 
welded on ends. On old ride, T bar was 
welded to tubing and it cracked many 
times. 


Fig. 50 


No. 7 shows short pieces of angle irons 
welded lengthways with channel iron. 





Fig. 49 
No. 8 shows rod end is tapered on the 
end, not welded across the end and the 
welds are tapered. Even a square 
shoulder here could cause a break. 
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Roller Coaster 


Almost every time I saw a certain type 
of portable steel roller coaster there was 
a welder on top of it welding something. 
With a little investigation, I found out 
why. 


The track pieces were angle irons. The 
cross ties were channel irons. They were 
fastened together with very short pieces of 
angle irons. One leg of the angle iron 
welded flat on top of the channel iron 
cross tie and the other welded to the side 
of the angle iron track. The angle irons 
were not welded lengthways with the angle 
iron track, but crosswise. (See Figure 52) 
This causes a notch effect. The angle iron 
track always cracked right next to the 
weld. They’d weld it. And it would crack 
again, right next to the new weld. I ac- 
tually saw one place with 20 or more 
welds, side by side, overlapping each 
other. 








Cracked Center 


This old center for an amusement ride 
shown below has been abandoned since 
1977. 





Fig. 53 


I remember back in the 1960’s, my 
foreman called me from 600 miles away. 
He told me the 12’’ tubing on the center 
was cracked. I knew that, with all of the 
gussets and stiffeners that were welded 
to it, there could be only one reason for 
it to crack and that is the shrinkage of 
the welds. I told him to go find a welding 
shop that could weld it and call me and 
let me talk to the welder. I asked the 
welder if he had an air-hammer. He said 
**I think I can get one.” I told him to 
vee out the crack and then run light 
stringer beads and peen each bead with 
the air hammer before running another 
bead over it. He said ‘‘OK.’’ When the 
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ride was brought back to the shop a few 
weeks later, it had a big beautiful bead, 
but it was cracked wide open. The welder 
couldn’t get an air hammer. I had to 
weld it myself. I peened each bead and 
also peened the top and bottom beads 
that were also shrinking. It didn’t crack 
again. 


Peening Test 


If you don’t know how much peening 
should be done to relieve the stress, there 
is a simple test you can make. Stand a 
plate straight up on another plate one 
inch from the edge. Tack it on and 
square it to a 90 degree. Weld a bead 2 
or 3 inches long on the 1 inch side. Place 
your square on it to see how much the 
weld pulled it. Then use an air hammer 
with a blunt chisel and peen the weld and 
the adjoining metal which got red hot un- 
til the vertical plate is back to a 90 
degree. 
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Fig. 54 


Cross Brace 


A box built of steel, and cross-braced 
on all four sides will still be flexible. It 
can be twisted as shown above. To make 
it rigid, cross-brace the top and bottom 
also. 


For example, twist an open top card- 
board box. Two diagonal corners will be 
farther apart and the other two will be 
closer together. 
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Therefore, never cross-brace the top 
of a truck body. If you do, the cross- 
brace will tend to lift one wheel off of 
the ground when it comes to a low place 
in the road. It could stretch a brace, 
break something loose or hold the wheel 
up off of the low place. 





Test Welds On Low Carbon Steel 


The following subject has been a con- 
troversial topic for many years. Whether 
or not to weld the ends of a reinforcement 
{or patch). 

One writer stated: ‘Low carbon steel 
has such a high ductility that it is not 
harmed by being stressed above its yield 
point. Hence, it is not weakened by any 
stresses that are left in it after welding. 

The distortion and the stresses that are 


caused by welding have been overem- 


phasized. Perhaps this is due to our zeal 
to make our welds stronger than the 
parent metal rather than to make them 
just strong enough to do the job. So fre- 
quently after a weld fails, we ask, ‘“Where 
did it break?’’ when the question should 
be, ‘‘At what load did it fail?’”’ 

We admit that low carbon steel is very 
ductile, but almost everything has a limit. 
The above quotation, in my opinion, has 
helped cause many failures. I have seen 
hundreds of reinforcements welded on the 
ends, with a crack adjoining the weld. I 
would guess that only about 10% of the 
welders do mot weld the ends of a 
reinforcement. 

You can see that if you heat a piece 
of '4”’ round steel in the center, to a red 
heat, it will expand in length. If it is plac- 
ed across the jaws of a vice while heating, 
the ends of the specimen will be free to 
move outwardly as it is heated and free 
to move inwardly as it cools. That is ‘‘free 
expansion’’. After it cools there will be lit- 
tle if any. difference in the length of the 
specimen: Now open the jaws of the vice 
and place the ends of the specimen bet- 
ween the jaws and tighten them very light- 
ly, to restrict the expansion. 

As the specimen is heated, it expands 


30 


and puts compressive stress on the 
specimen. The specimen will compress a 
little. But when the spot that you are 
heating gets red hot, it has very little 
strength. It will push together and cause 
a bulge. It will be larger in diameter at the 
place where it was red hot. As it cools, 
it will fall out of the vice. It is shorter now 
than it was before. 

This is “‘confined expansion’’. There 
is a great difference between ‘“‘free expan- 
sion’ and ‘‘confined expansion’’. Some 
tests were made to show what happens. 
A 3/16 inch plate was sawed to about a 
6’’x 6’ square. Three overlaping beads, 
2 inches long were made in the center of 
the plate. After they cooled, the welds 
were ground down flush with the plate, 
to avoid making a “‘shoulder effect’ 
which will cause a crack. There were 2 in- 
ches on each end of the welds that were 
not welded. 

The cold metal on each end of the 
welds resisted the expansion and caused 
the red hot place to be pushed together 
(up-set). Now, the places which were red 
hot are thicker than they would have been 
if the expansion had been ‘‘free’’. As the 
welds cool, they shrink from all directions, 
something is forced to stretch. If a weld 
is not ground down flush, it is thicker than 
the adjoining metal, a crack usually starts 
adjoining the weld. If the weld is ground 
down flush, it usually cracks in the weld. 

The 3/16’’x 6’’x 6” specimen was bent 
double on about a 3/4”’ radius. It did nor 
crack. See Fig. 55. 

Then we sawed a specimen from a 
3/8” plate (twice as thick) same size, same 
welds, same type electrodes and same set- 
ting on the machine. We ground it, bent 


it to an 81 degree and the welds cracked, 
as shown in Fig. 56. Of course the metal 
had to stretch much further on the thicker 
specimen. 








Fig. 56 


Then we sawed a specimen 2 inches 
wide from the 3/8 inch plate. The welds 
traveled from edge to edge. There was no 
cold metal on each end of the welds to 
resist the expansion. Of course, there 
would be some stress because the welds 
were not all red hot at the same time. The 
specimen was ground down and bent dou- 
ble. It did not crack. See Fig. 57. 

The specimens in Fig. 56, Fig. 57 and 
Fig. 58 were all sawed from the same 3/8 
inch plate. In Fig. 58 one was sawed 
across the grain and the other one was 
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Fig. 57 
sawed with the grain, 1/2 inch wide, no 
welding was done. They were bent dou- 
ble and then pressed flat. Neither of them 
cracked. That is ductile. 


~ 


Fig. 58 





The specimen in Fig. 59 shows 2 
Grade #2 bolts. The one on the left was 
welded and it cracked. The one on the 
right was not welded and it did not crack. 








The bolts in Fig. 60 are ungraded (the 
square head type). They were both weld- 
ed. One was a 3/8’’, the other a 1/2” 
diameter. They did not crack. 





Fig. 61 


The 1 inch square tubing in Fig. 61 
shows that if you weld across the tubing, 
it will crack. If you don’t weld it 
crossways, it doesn’t crack. 





Fig. 62 


Fig. 62 shows a crack adjoining a 
crossweld on a stress member. See a bet- 
ter way on page 26- Fig. 50. 

Fig. 63 shows that if you weld around 
a bolt that comes through a hole, it may 
break off. Better grades of bolts have 
markings on top of the head. Grades 
above one are more likely to break. If you 
weld the head on the backside, it probably 
will not affect the bend. 
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Fig. 63 





The above specimens in Fig. 64 were 
cut from the same 1/2” bar. A stop on 
the saw was used to cut them the same 
depth. 

The one on the bottom was bent cold 
to a 38 degree. It cracked because the on- 
ly place that the metal could stretch was 
the width of the saw cut at the bottom of 
the cut. 





touch the magnet as it is wound on a thin cardboard former so that the coil will be pulled closer to 
the magnet when a current flows in the coil. 

When the current flows in the other direction, the coil moves away from the magnet. 

The coil is called voice coil and it is connected to a sheet of thin card called a CONE and as the 
cone vibrates, the speaker reproduces music or noise. 

Use a multimeter on a low ohms scale to read the value of resistance of the coil. 

It can be as low as 2 ohms or as high as 100 ohms. 

Most speakers have an 8R voice coil and the actual resistance may be slightly lower than this. 
Some speakers have a resistance of 16R, 32R or 50R and even 75 ohms. 

You would think putting a 16R speaker in place of 8R would reduce the sound output, but this is 
not always the case. 

You can even use 50R or 75R and get the same performance. 

This may sound amazing, but here is the reason. 

The cone is deflected a certain amount due to the current flowing and the number of turns. 
These two values are multiplied together to produce a value called AMP-TURNS. 

If we have an 8R speaker with 80 turns and 100mA, the result is 0.1 x 80 = 8. 

If we use a 16R speaker, the average current flow will be 50mA and the number of turns will be 
about 160. The multiplication of 0.05 x 160 = 8. 

The author then tried a 50R speaker and the sound output was equal to 8R and the same with 
75R speaker. 

This might not apply in all situations, but the 75R speaker was slightly larger and the ticking 
sound form the Metal Detector kit was louder than using an 8R mini speaker. 


To see if the cone of a speaker is undamaged, push it slightly and it will move towards the 
magnet. If it does not move, it is bent or damaged. If the cone is scratchy when pushed, it is 
rubbing against the magnet. 

A cone should be able to be pushed and pulled from its rest-state. If not, it will produce a distorted 
sound. 


TESTING A CIRCUIT 

Whenever you test a circuit, the TEST EQUIPMENT puts "a load" or "a change" on it. 
It does not matter if the test equipment is a multimeter, Logic Probe, CRO, Tone 
Injector or simply a LED and resistor. 

There are two things you need to know. 

1. The IMPEDANCE of the circuit at the location you are testing, and 

2. The amount of load you are adding to the circuit via the test equipment. 


There is also one other hidden factor. The test equipment may be injecting "hum" 
due to its leads or the effect of your body at absorbing hum from the surroundings or 
the test equipment may be connected to the mains. 

These will affect the reading on the test equipment and also any output of the circuit. 
Sometimes the test equipment will prevent the circuit from working and sometimes it 
will just change the operating conditions slightly. You have to be aware of this. 

The last section of this eBook covers High and Low Impedance and understanding 
impedance is something you need to know. 

The point to note here is the fact that the equipment (and the reading) can be upset 
by hum and resistance/capacitance effects of test equipment. This is particularly 
critical in high impedance and high frequency circuits. 


TESTING INTEGRATED CIRCUITS (IC's) 

Integrated Circuits can be tested with a LOGIC PROBE. A Logic Probe will tell you if a 
line is HIGH, LOW or PULSING. 

Most logic circuits operate on 5v and a Logic Probe is connected to the 5v supply so 
the readings are accurate for the voltages being tested. 

A Logic Probe can also be connected to a 12v CMOS circuit. 

You can make your own Logic Probe and learn how to use it from the following link: 


http:/Awww.talkingelectronics.com/projects/LogicProbeMkIIB/LogicProbeMk-IIB.html 


The specimen on top was bent cold 
also. It was bent cold less than 38 degrees. 
It had not cracked. Then it was heated red 
hot and left to cool. When it was cooled to 
room temperature, it was slightly bent a 
little more. This procedure was continued 
until the specimen was bent on a 160 
degree. It did not crack. When steel is bent 
cold, the crystals on the outside stretch. 
When it is heated to a red heat (non- 
magnetic), the crystals return to their 
original shape. 
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Fig. 65 


A very small spot was welded on each 
of the 3/8”’ x about 1/2”’ specimens. The 
weld area did not get red hot all the way 
through. The one on the right was heated 
red hot in the weld area. The one on the 
left was not. See Fig. 65. 
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Fig. 66 





They were ground and bent. The one 
that was reheated did not crack. The one 
that was not reheated cracked. See Fig. 66. 
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‘Direction of Travel’’ 
and “Back Stepping’’ 





Fig. 67 


Fig. 67 shows a piece of scrap steel 
1/4’’x 4 5/8’’x 23” long was tacked (weld- 
ed) on one end to a steel table. A stop was 
tacked against one side on the other end 
to show how much the ‘Direction of 
Travel’’ while welding, effects the other 
end. 

One continuous bead was welded left 
to right across the end that was welded to 
the table, 1 inch from the welds that held 
it to the table. The stop was 19 5/16” 
from the cross weld. When the weld cool- 
ed, there was a space .100” or 1/10 of an 
inch wide between the stop and the 1/4” 
plate. The 1/4”’ plate was not cut in two. 
The welds were made on a solid 1/4” 
plate. 

The stop was knocked off and again 
placed against the side of the 1/4’’ plate 
and tacked. 





To show the results of ‘‘Back- 
Stepping’, 4 short beads were ‘‘back- 
stepped’’ across the plate. That is, start 
about | 5/32’ from the right hand edge 
of the plate. Travel left to right to the right 
hand edge. Then start at about the center 
of the plate. Travel left to right to the first 
bead, fusing them together. Then another 
short bead running into the second bead. 
Then another short bead starting at the 
left hand edge running into the third bead. 
(4 back steps). 

The bead was 18 1/4’’ from the stop. 
When it all cooled, there was only .012” 
between the stop and the plate. 

Then we ran another bead, starting in 
the center of the plate, traveling left to 
right to the right hand edge. Then another 
bead starting at the left hand edge, travel- 
ing left to right to the center, meeting the 
first bead. (2 back-steps) This bead was 
17 1/2” from the stop. It moved away 
from the stop .021’. This is only 9 
thousandths of an inch more than the 4 
back-steps. 

On the next bead, we traveled in both 
directions, starting at the right hand edge 
traveling right to left, stopping a little 
short of the center. (The first bead usual- 
ly pulls more than the second bead.) Then 
starting at the left hand edge, traveling left 
to right, meeting the first bead in the 
center. This bead was 19 1/2’’ from the 
stop. It moved away from the stop .002”’ 
(2 thousandths of an inch). 

I would not recommend starting in the 
center and traveling to the outside edges. 
The center would be under compressive 
stress, and the edges would be under ten- 
sional stress. I think it would be more like- 
ly that a crack would start on an edge that 
was under tension stress. 
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SUMMARY 


Distance 

from 

Moved Stop 

Continuous bead LtoR .100” 195/16” 

Back-stepped 4 times 012” = 18 1/4” 

Back-stepped 2 times 21” = 17: 1/2” 
2 beads R to L to center 

and L to R to center 002” =: 19 1/2” 


Why a Weld Bead Shrinks More 
Where You Stop Welding Than It 
Does Where You Start 

The weld bead and surrounding metal 
behind the weld crater are hot. The metal 
in front of the weld crater is cold. This 
creates a bending force on the workpiece. 
The cold metal in front of the weld bead 
is under a compressive stress, (pushing 
together). As the weld crater moves for- 
ward and melts the compressed metal, the 
weld crater and the red hot metal around 
it are relaxed. The crystals are rearrang- 
ed which makes the weld thicker at that 
point. This is ‘‘confined expansion’’. As 
soon as the crater solidifies, it starts 
shrinking which puts more compression 
on the cold metal in front. 


Confined Expansion 

A condition which resists the free ex- 
pansion of a weld bead while welding. 
Now think back to the time that you made 
your test welds, were the ends of the 
specimen free to move in and out? Did 
you weld from edge to edge on the 
specimen? Did the speicmen get red hot 
all the way through? If the answers are 
‘tyes’? that is ‘“‘free expansion’. The 
specimen can be bent without cracking. 





If you weld a crack on an I beam, 
angle iron, channel iron, etc. the cold 
metal partly surrounding the weld will 
resist the expansion. This is ‘‘confined 
expansion’’. 





Fig. 70 


Fig. 70 shows the same thing. If a 
crossweld is made on a 1 inch square tub- 
ing, it will crack. 





The Exception to the Rule 
Fig. 68 


‘og eat 


| The specimen in Fig. 68 shows that if 

| it is not too thick, and welded from edge 
to edge, it can be bent without cracking. 
It is free to expand in all directions. 





The test weld in Fig. 71 above was 
made to show the exception to the rule. 
This test weld was made with no 
restraints. The ends were free to move 
outwardly as it was heated, and free to 
move inwardly as it cooled. The welds are 
not under as much tensional stress as they 
would have been if the ends had been 
welded to a heavy piece or if the patch had 
been welded in the center of a much larger 





The specimen in Fig. 69 shows 2 plate. This piece can be bent without caus- 
cracks on rewelds, that were welded ing a crack adjoining the weld. However, 
crossways on a stress member. I can’t say what would happen under a 
4 work-load. 
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Fig. 72 


The above photograph shows a crack 
(with magnetic particles, see Fig. 72) at the 
end of a 3 inch weld. The reinforcement 
is cut on a 90 degree angle. The reinforce- 
ment is too wide. It should have been 
tapered on both sides to about 1 1/2 or 
2 inches wide. The 1 1/2 inch width 
should have been about 3 or 4 inches long 
and then cut on a 45 degree angle. When 
a reinforcement wraps half way around 
a piece of pipe, it makes it rigid. It should 
not stop abruptly. It causes a shoulder ef- 
fect which can cause a crack. The shoulder 
effect and the shrinkage of the weld caus- 
ed this crack. Both sides of the reinforce- 
ment should have been “‘skip-welded’’. 
This means to weld one inch and skip one 
inch, weld one inch and skip one inch. 
Repeat all the way on both sides, not the 
ends. 


Magnaflux Testing For Cracks 

Magnaflux is a brand name for an 
Electro magnetic device that assists in 
finding a crack that cannot be seen with 
the naked eye. It works like this — place 
the magnetic poles on each side of the 
suspected crack. Turn the electric on and 
spray powdered iron over the surface. The 
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iron dust will stick to the crack. Gently 
blow the excess away. The magnetic par- 
ticles will show the crack. CAUTION: Do 
not breathe the iron particles! If you don’t 
have the magnetic device, a large horse- 
shoe magnet will do. If you don’t have 
iron powder, the sawdust from under a 
metal (steel) saw will do. You may have 
to sift it to get the smaller pieces. This 
method also works on a weld that does 
not go all the way through the work. That 
is, if you weld over the top of a crack and 
leave part of the crack below the weld, the 
dust will stick to the weld bead. 

Another way to test for a crack is to 
clean the surface, pour kerosene over the 
surface, wipe dry with a clean rag, and 
then cover with blackboard chalk. The 
crack will fill with kerosene and when the 
chalk is applied, the kerosene will wet the 
chalk to show the crack. You can also buy 
a kit that works the same way. The kit 
contains a red liquid dye, and the chalk 
is brushed on in liquid form. 


Water Tank 


I remember, back in about 1948, a 
friend of mine insisted that I help him 
straighten out a tank that had been screw- 
ed up by two beginners. The tank was 
about 18 or 20 feet in diameter and about 
10 or 12 feet high. The 1/4 inch plates had 
already been rolled to the correct radius. 
(As you know, the ends of a rolled plate 
are straight for the distance between the 
centers on the rolls. They should have 
been sheared off.) But the beginners had 
already welded together the bottom of the 
tank and the first layer of the vertical 
plates. When they started with the second 





layer of the plates, (the seams were stag- 
gered) the flat places on the ends of the 
bottom plates took a short cut across the 
radius of the top plate and left a wide gap 
horizontally between the top and bottom 
plates. With a sledge hammer, we drove 
the seams out to meet the radius on the 
top plate. 

The beginners had already welded 
some of the second layer plates solidly, ex- 
cept the gap. I remember one place where 
they had tacked a plate in place and then 
welded the end vertically from bottom to 
top, to the end of the other plate. The ver- 
tical weld pulled together so much at the 
top that it broke the tack on the other end 
and lifted the plate up on the other end, 
making a gap too large to be welded. (See 
‘Direction Of Travel’’, pg. 33, fig. 67.) 
I started welding horizontally from the 
bottom of their vertical weld toward the 
loose end. I would weld a couple of in- 
ches, then wait for it to cool. (The plate 
was 10 or 12 feet long.) Weld a couple 
more inches and wait for it to cool. This 
method was continued until the short 
welds pulled the other end back down to 
the proper place. The end was tacked 
again and the rest of the weld was ‘“‘back- 
stepped’’ (See pg. 33, fig. 67.) to reduce 
some of the stresses. 

If you have a long bead to run, it is 
best to back-step it. Back-stepping will not 
relieve all of the stress, but it will help. 


Back-Stepping 
Start a bead 6”’ from the edge of a 
plate. Travel to the edge of the plate. Start 
another bead 12’’ from the edge and weld 
toward your first bead and into it. Then 
back up 6’’ from where you started the 
last time, each time. 
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Broken Trailer Frame 

I had a truck driver who had a trailer 
frame welded in Canfield, Ohio. He drove 
it to Knoxville, Tennessee, and it was 
broken when he arrived there. When he 
arrived in Chattanooga, it was broken 
again. Both welders had welded the ends 
of the reinforcements. Both breaks were 
adjoining the end welds. The reinforce- 
ments were removed and replaced with a 
longer one. The ends were not welded. It 
did not break again. 

Most people agree that: As it cools, 
every weld shrinks from all directions. 
When a weld shrinks, the adjoining metal 
is forced to stretch or crack. If the metal 
is stretched, it is thinner. Is thin metal as 
strong as thicker metal? 

Some welding instructors teach the 
beginners to weld crossways on a stress 
member, They bend a test weld and it 
doesn’t break. This is explained in ‘‘The 
Exception To The Rule”’ on page 35, fig. 
71. 


Air Lifts 

Years ago, I had some air-lifts installed 
on my car. They were rubber bags that 
fit on the inside of the coil springs on the 
rear of the car. The rear end could be 
overloaded and then add air pressure to 
the bags to raise the car up. They worked 
really well. There was a rubber hose from 
the bags to the trunk of the car. The air 
pressure could be adjusted without going 
under the car. Then one day, one of the 
bags went flat. It was taken off and cut 
open to see what caused the crack. There 
was a reinforcement molded to fit the in- 
side and probably vulcanized to it. The 
reinforcement was about 1/8 of an inch 
thick and where it stopped on the sidewall, 
it made a sharp shoulder. That is where 
it cracked. If a shoulder will cause a crack 
on rubber, what will it do to steel? 





Subjects of Non-Welding 


The following subjects do not pertain to welding. 
However, a good welder is expected to perform many 
tasks other than welding. Welding is not a trade, but 
a sideline of many trades, such as: machinist, iron 
worker, carpenter, electrician, pipe fitter, etc. 


We hope some of you will benefit from this ef- 
fort. At least, some of them are interesting. 
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Cover A Padded Bar With Upholstery 


This method is for problem applica- 
tions, where you have a_ thousand 
wrestlers a day trying to twist them off. 
Use a sponge rubber pad that is tough 
(foam will disintegrate). The holes in 
foam rubber are connected. You can 
blow smoke through it, but not in 
sponge. 


Glue the pad on to the bar solidly. 
Leave a 1/4’’ gap where the sides of pad 
come together. Try to place the gap out 
of sight. The gap will contain the loops 
and wires, as you will see later. 


The padding should be wrapped with 
strips of cloth to hold it in place until the 
glue dries. When the glue dries, remove 
the cloth and determine how wide the 
cover should be to fit around the pad- 
ding correctly. Cut a strip of your 
material 1 inch wide and 2 inches or more 
longer than the circumference around the 
padding. Fold 1 inch back and staple it 
with a paper stapler. Wrap it around the 
padding with the other end folded back 
loosely. Bring them together at the gap 
in the padding. Slip the loose end until 
the loops or folds touch. This measure- 
ment is important. If you like, you may 
try a piece of scrap material first. 


With the material cut to exact size, and 
sewed lapped over 1 inch on the sides and 
1/2 inch on the ends, as shown below 
fold together, place one end of both 
sides in the vice and cut both pieces 1/4 
inch deep every 1/2 inch, as shown 
above. 
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Fig. 73 

Apply glue to padded bar, all except 
1/2 inch on each side of the gap. If you 
get glue on the loops, you may not be 
able to push the wires through. In apply- 
ing the glue to the cover, raise the flap 
on the seam up and brush the glue all the 
way back to the threads, then when your 
threads rot out, the glue will still be 
holding. 


In placing the cover on the padded 
bar, line the loops up so that the wire 
which will be on the inside of the loops 
will be centered over the gap in the 
padding. 


With the cover glued on, take a piece 
of 3/32 acetylene welding rod and file 
one end smooth and bend it 1/2 inch 
from the end about 1/8 inch off center. 
Then bend about 2 inches on the other 
end on a 90 degree for a handle. Push 
the welding rod through the first loop on 
the left hand side, then through the se- 
cond loop on the right hand side, third 
loop on left, etc. 





— 


When you push the wire through one 
loop, turn the. wire about a half turn so 
that the bent end points to the next loop 
on the other side. It will start through the 
loop much easier, and it will pull the 
cover tight. Push the wire all the way 
through and out the other end. Then 
push another welding rod through the re- 
maining loops the same way. 


On the ends, punch a hole in the cover 
so you can run a wire around the ends 
on the inside of the hem. Now go back 
to the wires that go through the loops. 
Cut the wires off and file the sharp edges 
off and with a pair of needle nose pliers, 
bend the wires and tuck them under the 
padding. Then twist the wires together 
that go around the ends, cut them off, 
file the sharp edges off and tuck them 
under the padding. Don’t twist them too 
tight. Leave room to tuck them under. 


It is important that you cut the 
material lengthways with the roll instead 
of crossways — it will stretch more 
crossways. 


When you cut the material, cut it 1 
inch longer and 2 inches wider to allow 
for the hems. Make a straight line 2 in- 
ches in from the sides and 1 inch in from 
the ends. All lines and cuts should be 
straight. This gives the one who does the 
sewing something to lap the edge of the 
material to, which makes the width 
correct. 
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Hooks Or Eyes On Spring 


To make the hooks or eyes on an ex- 
pansion spring, place spring in vise ver- 
tically, with one round of the wire above 
the jaws. Use a pair of duck bill pliers 
to twist the top round straight up. You 
may have to hold the second round down 
with a screwdriver. Now the hook is 
standing straight up and you have not 
bent the wire. You have twisted it a 
quarter turn as shown on one end below 
and your hook is on one side of the 





spring. To center the hook, twist it one 
quarter turn to the center of the spring 
as shown above. This method does not 
bend the spring steel wire, it only twists, 
it. You can also use this method to 
replace a broken off hook or eye. 





Make A Coil Spring 


In an emergency, you can make a coil 
spring. You will need some spring steel 
wire of the correct size. You will need a 
mandrel the right size. 


Drill a hole slightly larger than your 
wire, 1/4 inch from the end. Then saw 
a slot with a hacksaw, slightly larger than 
your wire, a few degrees clockwise of 
your hole as shown below. 





Fig. 76 





Fig. 77 
If you don’t have a lathe, cut a piece 
of pipe 2 inches longer than the jaws of 
your vise. Weld a washer on each end of 
the pipe with holes drilled in the washers 
to fit the mandrel. Weld a handle on the 
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other end of your mandrel to turn it with 
as shown above. You will need someone 
else to turn the crank with the pipe held 
in the vise. Place the end of your spring 
wire in the slot and bend it. With the 
mandrel turning, pull tightly on the wire. 
For an expansion spring, wind the wire 
close together. For a compression spring, 
lead the wire away from the last round 
so the spring will have room to compress. 
When you finish, turn the crank the 
other way to relieve the tension. The 
spring will be much larger in diameter 
than the mandrel. 


Cooling Fin 


I was once told by an engineer that a 
7°” aluminum cooling fin placed on a 4”’ 
steel hydraulic cylinder, would contract 
when heated, which would make it 
tighter on the cylinder. I didn’t believe 
it. Aluminum expands more than steel. 
Then I asked another engineer. He 
agreed with the first one. He explained 
that it would expand both ways from a 
point slightly to the inside of the center 
between the two circumferences, and it 
would tighten on the cylinder. I still 
didn’t believe it, so I pressed one fin on- 
to a cylinder. With the cylinder standing 
vertically, heat was added to the inside 
of the cylinder. When the fin got hot, it 
dropped. I think the aluminum expand- 
ed in all directions, causing the hole to 
be larger as well as the outside cir- 
cumference. After all, the sides of the fin 
are only 1 1/2 inches and the cir- 
cumference is over 21 inches. 





Shaft Will Break At Shoulder 


Figure 78 shows a broken shaft at the 
end of a rod end. It broke for two 
reasons: partly because the threads are the 
weakest place and partly because the rod 
end was not tapered enough to give. It 
broke off right at the end of the lock nut. 
That is a notch effect. 


The same thing happens when you saw 
a half-inch rod with a hacksaw, leaving 
only 1/8 inch holding. Bend it and it 
breaks off. That is because the metal can 
only stretch in one place, the width of 
your saw blade. Take a 1/8 inch welding 
rod and try to break it. It bends in a 
much larger radius. 


Years ago electric irons came with a 
drop cord the same size all the way. With 


Se ass ea 
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Fig. 78 
all the flex required for ironing clothes, 
the cords inevitably broke off right at the 


plug end that attaches to the iron. A 
heavy rubber sheath, tapered out six or 
eight inches caused the cord to bend in 
a much larger radius and the breaking 
stopped. 


The same principle applies in both 
cases, 


In 20 years, I had 3 rods to break as 
shown in Fig. 78 (Shaft will break at 
shoulder). 

Then I made new ones, 1/8 of an inch 
in diameter larger. To avoid cutting as 
deep into the shaft, I used 18 threads per 
inch instead of 12. At the end of the 
threads, the shaft was turned down 
about 1/2 inch in length to the size of 
the bottom of the threads to let it bend 
in a larger radius. Then it was filed, 
sanded and polished to remove any cross 
scratches that might start to crack. They 
have been in service about 6 years with 
no failures. 


How To Temper Small Parts 


Using water hardening drill rod, cut 
to desired lengths. Heat them to a red 
heat and plunge them into water. This 
makes them hard and brittle. Take them 
out of the water and sand the oxide off 
so you may be able to see the heat col- 
ors. Heat a piece of heavier steel to a red 
heat, and place the parts on top of it. 
Watch the heat colors. If you quench 
them when they first turn dark blue, they 
will be hard enough to break. If you 
want them to be soft enough to bend, 
wait a few seconds until they turn light 
blue then quench them. 
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LOGIC PROBE with PULSE 

This is a very simple transistor circuit to provide HIGH-LOW-PULSE indication for digital circuits. 
It can be built for less than $5.00 on a piece of matrix board or on a small strip of copper clad 
board if you are using surface mount components. The probe will detect a HIGH at 3v and thus 
the project can be used for 3v, 5v and CMOS circuits. 





LOGIC PROBE using CD4001 and CD4011 

Here is a simple Logic Probe using a single chip. The circuits have been designed for 
the CD4001 CMOS quad NOR gate and CD4011 CMOS NAND gate. The output has 
an active buzzer that produces a beep when the pulse LED illuminates (the buzzer is 
not a piezo-diaphragm but an active buzzer containing components). 


Rod Ends 


If you want to pin a threaded rod end 
to a rod to prevent it from turning, and 
the rod-end and pin still be inter- 
changeable with the other rods, here’s 
how. Weld a piece of steel onto a nut to 
hold a hardened drill bushing. The hole 
for the pin should be near the end of the 





Fig. 79 





Fig. 80 


rod. Screw the nut onto the rod until it 
is flush with the end of the rod. Then 
place the rod-end against the rod and 
start turning the rod-end, nut and drill 
bushing all together. There may be a 
space between the nut and the rod-end. 
If the space is wider than the distance 
between two threads, take it off. You 
held the rod-end crooked and didn’t 
catch the first thread. Screw the rod-end 
on to the desired depth and drill hole 
through drill bushing into and out the 
other side of the rod-end and rod. 

It is important to have a lock-nut 
tightly against the rod end. I had a nut 
get loose and wore the threads on the rod- 
end too much. I shrank the rod-end at the 
threads (as explained in ‘‘How To Shrink 
A Steel Pulley’’} a little too much. I had 
to tap it out to get it on. 


Find Diameter of 
Numbered Machine Screws 


Multiply number of screw by .013 then 
add .060. 


Example: The screws that hold the 
cover plates on your electric wall switch- 
es at home are 6-32. 


.013 
x6 
.078 
+ .060 
138 








Diameter of screw is 138 thousandths of 
an inch 





Which Way To Turn 
A Turnbuckle 


Look at the two threads on this turn- 
buckle. If the threads on one of them 
look like they are slanted more than the 
other ones, they are the left-handed 
threads. Facing either end of the bolt, 
turn a left-handed nut counter clockwise 
to move it away from you. Turn a right- 
handed nut clockwise to move it away 
from you. 





Dish In Wheel 


Almost every wheel has a dish in it. If 
the hub was not off-center to the rim, it 
would be like a square tank to hold 
pressure. A flat surface bends more than 
a curved surface when pressure is ap- 
plied. A welder once asked me if I could 
build a square hot water tank. I said, 
‘*yves, but it would take a lot of stay-bolts 
to prevent the sides from bulging.’’ He 
said he built one and the next morning 
it was almost round. Same thing goes for 
a retaining wall. A straight wall 
sometimes falls over or breaks. A curved 
or zig-zag wall is much stronger. 


Try to stand a flat card on edge. Then 
bend it and see the difference. 
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To make a flat frame rigid, cross-brace 
from corner to corner. Where the braces 
cross in the center, they must be bent to 
make that point higher than the frame. 
The cross must be bolted or welded to 
prevent sliding. . 


Biowing Grip On Bar 


The picture below shows a steel bar 
3/4’’ in diameter. The plastic grip has a 
5/8’’ hole in it. The grip was forced on 
with air pressure. Notice that the grip is 
not on all the way. The end of the air 
nozzle hit the end of the bar and stop- 
ped. This method may be used to cover 
a pipe with rubber or plastic tubing. The 
end of the pipe must be sealed and one 
end of the rubber tubing fastened to the 
air nozzle air tight. The rubber tubing 
will slide over the pipe on a layer of 
escaping air. 


‘Fig. 82 





How To Find A Tap Drill Size 
Without A Chart 


Example: Find a drill size for 1/2 inch 13 thread tap. 
Divide number of threads per inch into one inch. 


.0769 
13_J1.000 
1 
90 
8 
120 
117 
Then subtract .0769 from tap size ~ 1. = .500 
2”? 
.500 
0769 
.4231 = drill size 
1 = .0156 — then divide .0156 into .4231 
§4’’ 
27 
0156 [4231 27 4231 27 
312 64 _ «64 64”’ 
— ~~ 
19 27.0784 


In other words: divide the number of threads per 
inch into one inch and subtract the answer from the 
tap size. Then find the nearest standard drill size. 
A few thousandths does not matter. 
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Finding Half Of A Mixed 
Common Fraction 


Sometimes it is necessary to find the center of 
something. That is — find half of the total length. 


Example: Whole number ODD 








S142 = 23. 
2 4 
DISCARD the odd whole number making the § 


a 4. Divide 4 by 2 and place here. 





Multiply the denominator by 2 and place here. 


Add the numerator and the denominator together 
and place here. — 





Example: Whole number EVEN 


Divide the whole number by 2 and place here 7 


41+2=21- 
2 4 Soa 
Multiply denominator by 2 and place here. 





MOVE numerator to here. 


In other words: Take the odd whole number and 
throw it away — forget about it. That changes the 
§ into a 4. Take half of the 4 and write it down, 2 
- with a dash to the right of it. Then add the top 
number and the bottom number of the fraction 
together and place it above the dash 2 3_, then dou- 
ble the bottom number of the fraction and place it 
below the dash this way: 2 7 


37 21 + 2 = 18 53 
32 64 
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If someone tells you something that you don’t already 
know, don’t even think about making a defensive state- 
ment. You are not supposed to know everything. Nobody 


else does. Check it out and see Who Is Right. 
However, you can’t believe everthing you see, hear, 
or read. 





Facts 


Nickel is magnetic. 

U.S. Paper Currency is slightly magnetic in places. When you 
turn the steering wheel on your car to the left, the left front wheel 
turns more than the right one does, and vice versa. 
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The file and scratch test is a quick procedure for checking hard- 
ness, Shopmen frequently use this method to predict the machina- 
bility of a metal. It consists of simply trying to scratch or cut the 
surface of a metal with a file or pointed object of known hardness. All 
scratch tests reveal only a superficial or outer skin hardness. They 
tell us nothing about the hardness % in. below the surface. 

Table 3-2 gives a relation between Brinell hardness and the hard- 
ness as estimated with a machinist’s new hand file, 


Table 3-2. File Hardness Test Data 


BRINELL HARDNESS | FILE ACTION 
100 File bites into surface very easily 
200 File removes metal with slightly more pressure 
300 Metal exhibits its first real resistance to the file 
400 File removes metal with difficulty 
500 File just barely removes metal 
600 File slides over surface without removing metal. 


File teeth are dulled, 


Simple Hardness Tester 


Welders sometimes make their own set of hardness testers, by heat 
treating '/s-in. high carbon steel electrodes to give a graduated series 
of hardnesses.The rods are labeled with their respective Rockwell C 
hardnesses. A sharp point is then ground on the end of each rod, 
taking care not to soften the steel by overheating. 

By drawing these scratch testers, one at a time, over a smooth 
metal surface, the welder can determine which rod has a hardness 
about the same as the metal being scratched. If the sharp point of the 
scratch tester digs in and leaves a scratch, its hardness is greater than 
that of the metal being tested. If the point only slides over the 
surface without scratching, the scratch tester is softer than the metal 
tested. 

The hardness set is inexpensive and is convenient to use in hard- 
to-reach places, where a conventional test would be impossible. 


Reprinted With Permission From: The James F. Lincoln Arc Welding Foundation 
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Fusibility: The Ease of Melting 


Fusibility is a measure of the ease of melting. Mercury (the metal 
with the lowest melting point) melts at -38 degrees Fahrenheit, while 
tungsten, which has the highest melting point, melts at 6,100 F. 

A pure metal has a definite melting point, which is the same tem- 
perature as its freezing point. Alloys and mixtures of metals, however, 
have a temperature at which melting starts and a higher temperature 
at which the melting is complete. 

Figure 3-9 gives the melting point of a few metals and other tem- 
peratures of interest. 


Cc F 
11600 Tungsten arc 
6020 10800 Iron welding arc 
3500 6300 Oxyacetylene flame 
2800 5040 Oxyhydrogen flame 
3360 Laboratory burner flame 
2800 Iron melts 
Fig. 3-9. The melting points of some 
metals and o few other tempera- 
449 Tin melts tures of interest for comparison. 
0 32 Ice melts 
—39 —38 Mercury melts 
—78 —~J.10 Dry ice vaporizes 
—192 —315 Boiting point of liquid air 
—273 —459.4 Absolute zero 


Reprinted With Permission From: The James F. Lincoin Arc Welding Foundation 
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Heat of Fusion 


The heat of fusion is the quantity of heat necessary to change one 
pound of a solid material to a liquid without temperature change. 

The British thermal unit (Btu) is used to measure the quantity of 
heat; for all practical purposes, it is the amount of heat required to 
raise the temperature of 1 pound of water 1 degree Fahrenheit. 

The heat of fusion of ice is 144 Btu per Ib. In comparison, here are 
the heats of fusion of a few. metals: 





Table 3-3, Heat of Fusion of Metals 





Aluminum 170 Btu per Ib = Tungsten 79 Btu per fb 
Magnesium 160 *” $4 48 Silver 45 " 4 
Chromium 136 ” dd Zinc 43 ¢ # 4 
Nickel 133 ” aa ee Gold 29:~«7 wae 
Molybdenum 126 “ “% “” — Tin % 8 
tron 117.“ a ott Lead 11” wo 
Manganese 15" * “ — Mercury 5 oH 4 
Copper gl * “# 





More heat is required to melt a pound of ice than is needed to melt 
a pound of iron (provided of course that both materials are at their 
melting point). The figures are 144 Btu for water and 117 Btu for iron. 
It takes more heat, however, to melt a pound of aluminum than a 
pound of ice—170 Btu as against 144 Btu. 
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Fig. 3-10. The rate at which heat flows 
through cepper con be compared with the 
some property in iron by this simple test. 
The metal which conducts hect at o higher 
rate {copper} lights the match first. The 
match at the outer end of the iron bar 
will burst into flome later, 
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Thermal Conductivity 


Thermal conductivity is a measure of the rate at which heat will 
flow through a material. The difference in thermal conductivity be- 
tween iron and copper is easily demonstrated, Fig. 3-10. The copper 
conducts heat much faster than does the iron. 

If one end of a copper bar is kept in boiling water (212 F) and the 
other end in chipped ice, heat will flow into the bar from the water, 
then through the bar and to the ice, causing it to melt, The rate at 
which the ice melts indicates the rate heat is flowing through the bar. 


The amount of ice that melts depends upon: 


1. Time The longer the time, the more ice will 
melt, 

2. Size of the bar The larger the cross-sectional area of 
the bar, the more heat will fiow. 

3. Length of the bar The shorter the bar, the faster the ice 
will melt. 

4. The temperature to The higher the temperature of the hot 

which the bar is heated end of the bar, the faster the ice will 

melt. 


5. Thermal conductivity | The higher the thermal conductivity of 
the bar, the more heat will flow. 


The amount of heat flow, therefore, depends upon time, area, 
length, temperature difference and thermal conductivity. 





Table 3-4. Therma! Conductivity of Metals 





Relative Conductivity 


Chemical Btu/sq ft/in. ° 
Metal z Based on Silver 

Symbol he/°F as 100% 
Aluminum Aj 1428 49.7% 
Copper Cu 2664 92.7 
Gold Au 2037 70.9 
lron-Pure Fe 467 16 
Iron-Steel 313 10.9 
Iron-Cast 316 11 
Lead Pb 241 8 
Mercury Hg 476 17 
Molybdenum Mo 1004 34.9 
Nickel Ni 412 14.3 
Platinum Pt 483 16.8 
Silver Ag 2873 100 
Tin Sn 450 15.6 
Tungsten Ww 1381 48 
Zine Za 770 27 
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Thermal Expansion 


Thermal expansion is the increase in dimensions of a body due to a 
change in its temperature. See Fig. 3-11 for thermal expansion of 
selected materials. 

The coefficient of linear expansion is the ratio of the change in 
length of a material, caused by heating it one degree, divided by the 
original length. 

The coefficient of linear expansion of iron at room temperature is 
0.0000065 per degree F. (6.5 x 10°/°F). 

The total increase in length of an iron bar 100 feet long which is 
heated from 10 F to 110 F will be: 

0.0000065 x (110-10) x 100 = 0.065 ft or 0.78 in. 

The coefficient of cubical expansion equals approximately three 
times the coefficient of linear expansion. 








Magnesium 
Tin 
Aluminum 
Silver 

Brass 
Copper 
Gold 

Nickel 

iron 

Steel 
Platinum 
Glass 
Molybdenum 
Tungsten 
Pyrex glass 
Invar 

Fused quartz 


Expansion in 100 feet 
of various materials 
from 32 to 212F 


au] 





' 2 3 4 S&S in. 


Fig. 3-11. Linear thermal expansion {in in.) of 19 materials when heated from 32 F to 
212 F. 
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Table 4-1. Typical Ferrous Materiats 





MATERIAL 





Cast Iron, Gray, Grade 20 
Grade 30 


Gray 


Nickel 


Chrome- Nickel 


White 


Malleable 


Iron, Wrought, Plates 
we Forgings 


Steel, Cast, Low Carbon 
tr Medium Carbon 
High Carbon 


“a 


” as 


Steel, Rolled, Carbon 


Carbon 
Carbon 
Carbon 


SPEC. 


ASTM 
ASTM 


ASTM 


ASTM 
ASTM 


SAE 
SAE 
SAE 
SAE 
SAE 
SAE 
SAE 
SAE 
SAE 
SAE 
SAE 
SAE 
SAE 


A48-56 
A48-56 


A47-52 


A42-55 
A75-55 


1010 
1015 
1025 
1035 
1045 
1050 
1095 
2315 
3240 
4130 
5146 
6130 
9260 


CARBON 


HOoo5S 
NSwWwPLh 
wowuuos 


PVNNYw 
woOooogo 
ooocoeo 


© 
2 
es 
o8 
Qo 
w 


Wane 
our 


MAWUKNDOUNSSOMNY 
OO99SGrS99900 
Twhwhn ou &wr 
MAUUMOWNUNSOOWN 


So Soo so9999099 
VNUN We Oh BWN ee O ooo 


CHEMICAL ANALYSIS 





OTHERS 
Ni 0.25-0.50 
Ni 1.00-3.00 Cr 0.50-1.00 
Si 0,80-1.50 
$i 0,85-1.20 
Si 0.15 Slag 1.20 
Fe 99,45-99.80 
Mn 0.60 Si 0.40 
Mn 0.68 Si 9.32 
Ni 3.25-3.75 
Ni 1.50-2.00 Cr «0.90 
Cr 0,50-0.80 Mo 0.15- 
Cr 0.80-1.10 
Cr 0.80-1.10 Va 0.15 
Mn 0.60-6.90 Si 1.80 


MECHANICAL PROPERTIES 


YIELD 
STRENGTH 


35,000 


26,000 
25,000 


35,000 
44,000 
40,000 


28,000 
30,000 
33,000 
52,000 
58,000 
60,000 
100,000 
90,000 
113,000 
115,000 
128,000 
125,000 
180,000 
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TENSILE 
STRENGTH 


20,000 
30,000 
40,000 
53,000 
46,000 
53,000 


46,000 
44,000 


60,000 
72,000 
80,000 


56,000 
60,000 
67,000 
87,000 
97,000 
102,000 
150,000 
125,000 
136,000 
139,000 
150,000 
150,000 
200,000 











Steels in the low-carbon group are generally tough, ductile and 
easily formed, machined and welded. Although low-carbon steels are 
not especially hard, some grades respond to heat treatment and are 
readily case-hardened by carburizing, cyaniding, flame-hardening, etc. 





Table 4-2. Uses for Steel by Carbon Content 






CARBON 










CARBON 
CLASS nner TYPICAL USES 
Low Chain, nails, pipe, rivets, screws, sheets for pressing 
and stamping, wire. 
j ears, plates, structural shapes. 

Medium |Axles, connecting rods, shafting, 
High 0.45 - 0.60 

0.60 - 0.75 








Very High 0.75 - 0.90 Chisels, punches, sand tools. 
0.90 - 1.00}Knives, shear blades, springs. 
1.00 - 1.10] Milling cutters, dies, taps. 
1.10 - 1.20|Lathe tools, woodworking tools. 
1.20 - 1.30) Files, reamers. 
1.30 - 1.40] Dies for wire drawing. 
1.40 - 1.50|Metal cutting saws. 


Medium-carbon steels—have a carbon range of 0.30 to 0.45%. They 
are strong, hard and not so easily forged or welded as low-carbon 
steels. If extensive welding is to be done on medium-carbon steels, it 
is desirable to use those steels at the lower end of the carbon. range— 
between 0.30 and 0.35% carbon. As the carbon content increases 
above 0.35%, the steel becomes increasingly difficult to weld since 
there is a greater tendency toward brittleness of the weld. Special 
electrodes and procedures are often necessary to prevent weld 
cracking. 

High-carbon (0.45 to 0.75%) and very-high-carbon (0.75 to 1.5%) 
steels—are very strong and hard. Both properties increase with an 
increased carbon content. 

While carbon has an important influence on the characteristics of 
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steel, the degree to which impurities are not removed by refining is 
also important. A slight increase in the percentage of phosphorus or 
sulphur will materially lower the ductility, malleability, fatigue and 
shock resistance and welding qualities of a steel. 

High- and very-high-carbon steels respond well to heat treating. 
Nearly any degree of hardness, temper or strength may be obtained. 
In the annealed state, most of these materials may be readily machined. 


They also may be hot-worked for forming. 


TLEL 
LT L 
weeo 


OF a Uy 


Fig. 4-1, A great many different shapes of rolled carbon and low-alloy steels are 











availabie from steel warehouses. 
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Table 6-1, AWS Electrode Classification System 















DIGIT SIGNIFICANCE EXAMPLE 
1st two or Min. tensile strength E-60xx = 60,000 psi (min) 
ist three (stress relieved} E-110xx = 110,000 psi (min) 
2nd Jast Welding position E-xxlx = all positions 
E-xx2x = horizontal and flat 
E-xx3x = flat 
Last Power supply, type of slag, type! See Table 6-2 





of arc, amount of penetration, 
presence of iron powder in 
coating | 


Note: Prefix “E” (to left of a 4 or S-digit number) signifies arc welding electrode 
a 


Measuring Preheat and Interpass Temperatures 


Instruments are available for measuring surface temperatures. 
One such instrument has a wire coil, which is placed on the work; 
within a few seconds the temperature may be read on the dial at 
the handle end of the pyrometer. Preheat temperatures, however, 
can be satisfactorily estimated without expensive instruments. 

Several suppliers* offer materials that melt over comparatively 
narrow ranges of temperatures. These indicators are furnished in 
sticks, liquids or pellets. If a preheat temperature of, say, 400 F, is 
wanted, the 400 F stick is scratched over the surface of the metal; 
if it leaves a white line, the metal is not at 400 F. If a transparent 
liquid line is formed, the metal is at or above the temperature printed 
on the stick. 

Some common items used as rough temperature indicators are 
listed here: 

1. Blue chalk: A mark made with carpenter’s blue chalk on hot 

metal will turn whitish gray when the metal is above 625 F. 
2. Red lumber-marking crayon: Its mark melts at about 615 F. 
The red mark turns pink at about 635 F and turns a dirty 
gray at about 650 F. 

3. Solder: 50-50 solder (50% lead and 50% tin) starts melting 
at 360 F and is completely molten at 420 F. 

4. Pine stick: White pine stick chars at about 635 F (used to 

determine the proper pouring temperature for some babhbitts). 
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Another method for checking preheat temperatures is by temper 
colors: The temperature and accompanying color that appears on a 
freshly filed surface of carbon steel are given in Table 13-1. 





Table 13-1, Temper Colors 








TEMPERATURE, F COLOR 
400 Faint straw 
440 Straw 
475 Deep straw 
520 Bronze 
540 Peacock 
590 Full blue 
640 Light blue 





It should be noted that the presence of alloying elements in the 
steel affects the colors formed, and some of the higher alloy steels 
have no temper colors. 





*The Tempil Corporation; Markal Company; and Curtiss-Wright Corporation. 


Appendix 2—MELTING POINTS OF SOME ELEMENTS 





ELEMENT ELEMENT 
Hydrogen Uranium 
Oxygen Manganese 
Nitrogen Beryllium 
Phosphorus Silicon 
Sodium Nickel 
Sulphur Cobalt 
Selenium Chromium 
Tin Tron 
Bismuth Titanium 
Cadmium Thorium 
Lead Zirconium 
Zinc Vanadium 
Antimony Hafnium 
Magnesium Boron 
Aluminum Columbium (Niobium) 
Calcium Molybdenum 
Barium Tantalum 
Silver Tungsten 
Copper | Carbon eee he pect 
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SUPER PROBE MhkIl Circuit 





SUPER PROBE MkIl 


To test an IC, you need a circuit diagram with waveforms. These diagrams will show 
the signals and are very handy if a CRO (cathode ray Oscilloscope ) is used to 
diagnose the problem. The CRO will reproduce the waveform and prove the circuit is 
functioning correctly. 

A Logic Probe will just show activity and if an output is not producing a "pulse" or 
"activity," you should check the power to the IC and test the input line. 

It is beyond the scope of this eBook to explain how to diagnose waveforms, however 
it is important to know if signals are entering and exiting an IC and a Logic Probe is 
designed for this. 


SIGNAL INJECTOR 

This circuit is rich in harmonics and is ideal for testing amplifier circuits. To find a 
fault in an amplifier, connect the earth clip to the Ov rail and move through each 
stage, starting at the speaker. An increase in volume should be heard at each 
preceding stage. This Injector will also go through the IF stages of radios and FM 
sound sections in TV's. 
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TESTING AUDIO AMPLIFIERS and AUDIO IC's 


The Super Probe MII described above has a "noise" function and a tone function 
that allows you to inject a signal into an audio stage, amplifier (made from discrete 
components) or an audio chip, and detect the output on a speaker. 

Audio stages are very difficult to work-with if you don't have a TONE GENERATOR or 
SIGNAL INJECTOR. 

The signals are very small and not detected by a multimeter. 

You can start anywhere in an amplifier and when a tone is heard, you can keep 
probing until the signal is not present or louder. From this you can work out which 
way the signal is travelling. 

A Signal Injector is very handy for finding shorts and broken wires in switches, plugs, 
sockets and especially leads to headphones. 

You can determine the gain of a stage (amplification) by probing before and after a 
chip or transistor and listen for the relative increase in volume from the speaker. 
You can also use your finger to produce "hum" or "buzz" if a Signal Injector is not 
available. 

Nearly all audio problems are plugs, sockets and cracks in the PC board, but finding 
them takes a lot of time and skill. 


TESTING IC's - also called "CHIPS" 
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Preface 


ABOUT THE SERIES 


Welding: Skills, Processes and Practices for Entry-Level Welders is an exciting new 
series that has been designed specifically to support the American Welding 
Society’s (AWS) SENSE EG2.0 training guidelines. Offered in three volumes, 
these books are carefully crafted learning tools consisting of theory-based texts 
that are accompanied by companion lab manuals, and extensive instructor sup- 
port materials. With a logical organization that closely follows the modular struc- 
ture of the AWS guidelines, the series will guide readers through the process of 
acquiring and practicing welding knowledge and skills. For schools already in 
the SENSE program, for those planning to join, or for schools interested in 
obtaining certifiable outcomes based on nationally recognized industry stan- 
dards order to comply with the latest Carl D. Perkins Career and Technical Edu- 
cation in requirements, Welding: Skills, Processes and Practices for Entry-Level 
Welders offers a turnkey solution of high quality teaching and learning aids. 

Career and technical education instructors at the high school level are often 
called upon to be multi-disciplinary educators, teaching welding as only one of 
as many as five technical disciplines in any given semester. The Welding: Skills, 
Processes and Practices for Entry-Level Welders package provides these educators 
with a process-based, structured approach and the tools they need to be pre- 
pared to deliver high level training on processes and materials with which they 
may have limited familiarity or experience. Student learning, satisfaction and 
retention are the target of the logically planned practices, supplements and full 
color textbook illustrations. While the AWS standards for entry level welders are 
covered, students are also introduced to the latest in high technology welding 
equipment such as pulsed gas metal arc welding (GMAW-P). Career pathways 
and career clusters may be enhanced by the relevant mathematics applied to 
real world activities as well as oral and written communication skills linked to 
student interaction and reporting. 

Book 1, the core volume, introduces students to the welding concepts cov- 
ered in AWS SENSE Modules 1, 2, 3, 8 and 9 (Occupational Orientation, Safety 
and Health of Welders, Drawing and Welding Symbol Interpretation, Thermal 
Cutting, and Weld Inspection Testing and Codes). Book 1 contains all the mate- 
rial needed for a SENSE program that prepares students for qualification in 
Thermal Cutting processes. The optional Books 2 and 3 cover other important 
welding processes and are grouped in logical combinations. Book 2 corresponds 
to AWS SENSE Modules 5 and 6 (GMAW, FCAW), and Book 3 corresponds to 
AWS SENSE Modules 4 and 7 (SMAW, GTAW). 

The texts feature hundreds of four-color figures, diagrams and tight shots of 
actual welds to speed beginners to an understanding of the most widely used 
welding processes. 


FEATURES 


Produced in close collaboration with experienced instructors from estab- 
lished SENSE programs to maximize the alignment of the content with 
SENSE guidelines and to ensure 100% coverage of Level I-Entry Welder 
Key Indicators. 

Chapter introductions contain general performance objectives, key terms 
used, and the AWS SENSE EG2.0 Key Indicators addressed in the chapter. 
Coverage of Key Indicators is indicated in the margin by a torch symbol 
and a numerical reference. 

Contains scores of fully illustrated Practices, which are guided exercises 
designed to help students master processes and materials. Where appli- 
cable, the Practices reproduce and reference actual AWS technical drawings 
in order to help students create acceptable workmanship samples. 

Each section introduces students to the materials, equipment, setup 
procedures and critical safety information they need in order to weld 
successfully. 

Hundreds of four-color figures, diagrams and tight shots of actual welds 
to speed beginners to an understanding of the most widely used welding 
processes. 

End of chapter review questions develop critical thinking skills and help 
students to understand “why” as well as “how.” 


SUPPLEMENTS 


Each book in the Welding Skills series is accompanied by a Lab Manual that 
has been designed to provide hands-on practice and reinforce the student’s 
understanding of the concepts presented in the text. Each chapter contains prac- 
tice exercises to reinforce the primary objectives of the lesson, including creation 
of workmanship samples (where applicable), and a quiz to test knowledge of the 
material. Artwork and safety precautions are included throughout the manuals. 
Instructor Resources (on CD-ROM), designed to support Books 1-3 and the 
accompanying Lab Manuals, provide a wealth of time-saving tools, including: 


An Instructor’s Guide with answers to end-of-chapter Review Questions 
in the texts and Lab Manual quizzes. 

Modifiable model Lesson Plans that aid in the design of a course of study 
that meets local or state standards and also maps to the SENSE guidelines. 
An extensive ExamView Computerized Test Bank that offers assessments 
in true/false, multiple choice, sentence completion and short answer 
formats. Test questions have been designed to expose students to the 
types of questions they'll encounter on the SENSE Level 1 Exams. 
PowerPoint Presentations with selected illustrations that provide a 
springboard for lectures and reinforce skills and processes covered in the 
texts. The PowerPoint Presentations can be modified or expanded as 
instructors desire, and can be augmented with additional illustrations 
from the Image Library. 

The Image Library contains nearly all (well over 1000!) photographs and 
line art from the texts, most in four-color. 

A SENSE Correlation Chart that shows the close alignment of the Welding 
series to the SENSE Entry Level 1 training guidelines. Each Key Indicator 
within each SENSE Module is mapped to the relevant text and lab man- 
ual page or pages. 
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An Integrated Circuit is also called a "chip." It might have 8 pins or as many as 40. 
Some chips are ANALOGUE. This means the input signal is rising and falling slowly 
and the output produces a larger version of the input. 

Other chips are classified as DIGITAL and the input starts at Ov and rises to rail 
voltage very quickly. The output does exactly the same - it rises and falls very 
quickly. 

You might think the chip performs no function, because the input and output voltage 
has the same value, but you will find the chip may have more than one output and 
the others only go high after a number of clock-pulses on the input, or the chip may 
be outputting when a combination of inputs is recognised or the output may go HIGH 
after a number of clock pulses. 


ANALOGUE CHIPS (also see above) 

Analogue chips are AUDIO chips or AMPLIFIER chips. 

To test these chips you will need three pieces of test equipment: 
1. A multimeter - this can be digital or analogue. 

2. A Signal Injector 

3. A Mini Bench Amplifier. 





The Mini Bench Amplifier is available as a kit. 








MINI BENCH AMPLIFIER 





MINI BENCH AMPLIFIER CIRCUIT 


Start by locating the power pin with a multimeter. 

If the chip is receiving a voltage, you can use the Mini Bench Amplifier to detect an 
output. 

Connect the Ground Lead of the Mini Bench Amplifier to Ov and touch the Probe tip 
on each of the pins. 

You will hear faint audio on the Input pin and very loud audio on the Output pin. 

If no input is detected, you can use a Signal Injector to produce a tone. 
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OBJECTIVES 





After completing this chapter, the student should be able to 


demonstrate the proper use of personal protective equipment (PPE) for 
gas metal arc welding (GMAW) 

list the various terms used to describe gas metal arc welding 

describe methods of metal transfer including the axial spray metal 
transfer process, globular transfer, pulsed-arc metal transfer (GMAW-P), 
and short-circuiting transfer (GMAW-S) 

list four common shielding gases or gas mixtures used for short- 
circuiting, spray, and pulsed-spray transfer on plain carbon steel 

locate the GMA welding filler metal on a welding procedure specification 
(WPS) 

define deposition efficiency, and tell how a welder can control the depo- 
sition rate 

define voltage, electrical potential, amperage, and electrical current as 
related to GMA welding 

tell how wire-feed speed is determined and demonstrate its relationship 
to welding current 

list five ways the GMAW molten weld pool can be controlled by varying 
the shielding gas, power settings, travel speed, electrode extension, and 
gun angle 

describe and demonstrate the backhand and forehand welding techniques 
and their relationship to weld bead profile and penetration in the short- 
circuiting transfer mode 

list and describe the basic GMAW equipment 

use a chart to select the correct eye and face protective devices for 
working and welding in a shop 

describe what type of general work clothing should be worn in a welding 
shop 

describe special protective clothing worn by welders to protect hands, 
arms, body, waist, legs, and feet 






KEY TERMS 
axial spray metal pinch effect synergic systems 
transfer pulsed-arc metal transfer transition current 
electrode extension short-circuiting transfer welding helmet 
(stickout) slope 


globular transfer 
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Key Indicators Addressed in this Chapter: 


Module 2: Safety and Health of Welders 
Key Indicator 1: Demonstrates proper use and inspection of personal 


protection equipment (PPE) 


Module 5: Gas Metal Arc Welding (GMAW-S, GMAW spray 
transfer) 


Key Indicator 1: Performs safety inspections of GMAW equipment and 
accessories 

Key Indicator 3: Sets up for GMAW-S operations on carbon steel 

Key Indicator 8: Sets up for GMAW (spray) operations on carbon 
steel 





INTRODUCTION 


In the 1920s, a metal arc welding process using an unshielded wire was being 
used to assemble the rear axle housings for automobiles. The introduction of 
the shielded metal arc welding electrode rapidly replaced the bare wire. The 
shielded metal arc welding electrode made a much higher-quality weld. In 
1948, the first inert gas metal arc welding (GMAW) process, as it is known 
today, was developed and became commercially available, Figure 1.1. In the 
beginning, the GMAW process was used to weld aluminum using argon (Ar) gas 
for shielding. As a result, the process was known as MIG, which stands for 
metal inert gas welding. The later introduction of CO. and Oz to the shielding 
gas has resulted in the American Welding Society's preferred term gas metal 
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Figure 1.1 Gas-shielded metal arc welding (GMAW) 
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Table 1.1 Methods of Performing Welding Processes 


Semiautomatic Machine Automatic 
Manual (MA) (SA) (ME) (AU) 
(Example: (Example: (Example: (Example: 
Function SMAW) GMAW) GMAW) GMAW) 
Maintain the arc Welder Machine Machine Machine 
Feed the filler metal Welder Machine Machine Machine 
Provide the joint travel Welder Welder Machine Machine 
Provide the joint Welder Welder Welder Machine 


guidance 


arc welding (GMAW). Although the American Welding Society uses the term gas 
metal arc welding to describe this process, it is known in the field by several 
other terms, such as 

e MIG, which is short for metal inert gas welding 


e MAG, which is short for metal active gas welding 
e wire welding, which describes the electrode used 


The GMAW process may be performed as semiautomatic (SA), machine (ME), 
or automatic (AU) welding, Table 1.1. The GMA welding process is commonly 
performed as a semiautomatic process and is often mistakenly referred to as 
“semiautomatic welding.” Equipment is available to perform most of the wire- 
feed processes semiautomatically, and the GMAW process can be fully auto- 
mated. Robotic arc welding often uses GMAW because of the adaptability of 
the process in any position, Figure 1.2. 

The rising use of all the various types of consumable wire welding processes 
has resulted in the increased sales of wire. At one time, wire made up less 
than 1% of the total market of filler metal. The total tonnage of filler metals 
used has grown and so has the percentage of wire. Today, wire exceeds 50% 
of the total tonnage of filler metals produced and used. 

Much of the increase in the use of the wire welding processes is due to the 
increases in the quality of the welds produced. This improvement is due to an 
increased reliability of the wire-feed systems, improvements in the filler metal, 
smaller wire sizes, faster welding speed, higher weld deposition rates, less ex- 
pensive shielding gases, and improved welding techniques. Table 1.2 shows 
the typical weld deposition rates using the GMA welding process. The in- 
creased usage has led to a reduction in the cost of equipment. GMA welding 
equipment is now found even in small shops. 

In this chapter, the semiautomatic GMA welding process will be covered. 
The skill required to set up and operate this process is basic to the under- 
standing and operation of other wire-feed processes. The reaction of the 
weld to changes in voltage, amperage, feed speed, stickout, and gas is similar 
to that of most wire-feed processes. 
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Figure 1.2 GMAW equipment 
(A) Semiautomatic GMA welding setup. (B) Machine GMA welding gun with a friction drive, which provides both uniform nozzle-to-work 
distance and travel speed. (C) Automatic GMA welding. 


Source: Courtesy of Lincoln Electric Company 


Table 1.2 GMA Weld Deposition Rates 





Electrode Diameter Pounds per Hour 

Amperage 0.35 0.45 0.63 
50 2.0 a - 

100 4.8 4.2 - 

150 7.5 6.7 5.1 

200 - 8.7 7.8 

250 - 12.7 11.1 


300 - 7 14.4 


METAL TRANSFER 


When first introduced, the GMA welding process was used with argon as 
a shielding gas to weld aluminum. Even though argon (Ar) was then 
expensive, the process was accepted immediately because it was much 
more productive than the gas tungsten arc (GTA) process and because 
it produced higher-quality welds than the shielded metal arc (SMA) pro- 
cess. This new arc welding process required very little postweld cleanup 
because it was slag and spatter free. 
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Axial Spray Metal Transfer 


The freedom from spatter associated with the argon-shielded GMAW pro- 
cess results from a unique mode of metal transfer called axial spray metal 
transfer, Figure 1.3. This process is identified by the pointing of the wire 
tip from which droplets smaller than the diameter of the electrode wire are 
projected axially across the arc gap to the molten weld pool. There are 
hundreds of drops per second crossing from the wire to the base metal. 
These drops are propelled by arc forces at high velocity in the direction 
the wire is pointing. In the case of plain carbon steel and stainless steels, 
the molten weld pool may be too large and too hot to be controlled in 
vertical or overhead positions. Because the drops are very small and direc- 
ted at the molten weld pool, the process is spatter free. 

The spray transfer mode for carbon steels requires three conditions: 
argon-rich shielding gas mixtures, direct current electrode positive (DCEP) 
polarity (also called direct current reverse polarity, DCRP), and a current 
level above a critical amount called the transition current. The shielding 
gas is usually a mixture of 95% to 98% argon and 5% to 2% oxygen, or 
80% to 90% argon and 20% to 10% carbon dioxide. The added percentage 
of active gases allows greater weld penetration. Figure 1.4 illustrates how 
the rate of drops transferred changes in relationship to the welding current. 
At low currents, the drops are large and are transferred at rates below 
10 per second. These drops move slowly, falling from the electrode tip as 
gravity pulls them down. They tend to bridge the gap between the electrode 
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Figure 1.3 Axial spray metal transfer 
Note the pinch effect of filler wire and the symmetrical metal transfer column. 
Source: Courtesy of Larry Jeffus 
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Figure 1.4 Desirable spray transfer shown schematically 


tip end and the molten weld pool. This produces a momentary short circuit 
that throws off spatter. However, the mode of transfer changes abruptly 
above the critical current, producing the desirable spray. 

The transition current depends on the alloy being welded. It is also 
proportional to the wire diameter, meaning that higher currents are 
needed with larger diameter wires. The need for high current density 
imposes some restrictions on the process. The high current hinders weld- 
ing of sheet metal because the high heat cuts through sheet metal. High 
current also limits its use to the flat and horizontal welding positions. 
Weld control in the vertical or overhead position is very difficult to 
impossible to achieve. Table 1.3 lists the welding parameters for a variety 
of gases, wire sizes, and metal thicknesses for GMA welding of mild steel. 


Table 1.3 GMA Welding Parameters for Mild Steel 


Mild Steel 


Base-material 
Thickness, in. 


0.036 
0.048 
0.060 
0.075 

1/8 

3/16 

1/4 

5/16 

3/8 

1/2 and up 








Wire-feed 
Speed, in./min Voltage, V 

0.035-in. 0.045-in. CO, 75 Ar-25 COs Ar 98 Ar-20, Current A 
105-115 = 18 16 - = 50-60 
140-160 70 19 17 a a 70-80 
180-220 90-110 20 17.7 - = 90-110 
240-260 120-130 20.7 18 20 = 120-130 
280-300 140-150 21.5 18.5 20.5 = 140-150 
320-340 160-175 22 19 21.5 23.5 160-170 
360-380 185-195 22.7 19.5 22.5 24.5 180-190 
400-420 210-220 23.5 20.5 23.5 25 200-210 
420-520 220-270 25 22 25 26.5 220-250 

= 375 28 26 29 31 300 
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Globular Transfer 


The globular transfer process is rarely used by itself because it transfers 
the molten metal across the arc in much larger droplets. It is used in 
combination with pulsed-spray transfer. 

Globular transfer can be used on thin materials and at a very low cur- 
rent range. It can be used with higher current but is not as effective as 
other welding modes of metal transfer. 


Pulsed-Spray Transfer: GMAW-P 


Because the change from spray arc to globular transfer occurs within a 
very narrow current range and the globular transfer occurs at the rate of 
only a few drops per second, a controlled spray transfer at significantly 
lower average currents is achievable. Gas metal arc welding with 
pulsed-spray transfer (GMAW-P), or pulsed-arc metal transfer involves 
pulsing the current from levels below the transition current to those 
above it. The time interval below the transition current is short enough 
to prevent a drop from developing. About 0.1 second is needed to form a 
globule, so no globule can form at the electrode tip if the time interval at 
the low base current is about 0.01 second. Actually, the energy produced 
during this time is very low—just enough to keep the arc alive. 

The arc’s real work occurs during those intervals when the current 
pulses to levels above the transition current. The time of that pulse is 
controlled to allow a single drop of metal to transfer. This is typical of 
the drops normally associated with spray transfer. In fact, with many 
power supplies, a few small drops could transfer during the pulse inter- 
val. As with conventional spray arc, the drops are propelled across the arc 
gap, allowing metal transfer in all positions. 

The average current can be reduced sufficiently to reduce penetration 
enough to weld sheet metal or reduce deposition rates enough to control 
the molten weld pool in all positions. This level controlling the weld heat 
input and rate of weld metal deposit is achieved by changing the follow- 
ing variables, graphed in Figure 1.5: 


e Frequency—The number of times the current is raised and low- 
ered to form a single pulse; frequency is measured in pulses per 
second. 

e Amplitude—The amperage or current level of the power at the 
peak or maximum, expressed in amperage. 

e Width of the pulses—The amount of time the peak amperage is 
allowed to stay on. 


Figure 1.6 shows a typical pulsed-arc welding system. Although devel- 
oped in the mid-1960s, this technology did not receive much attention 
until solid state electronics were developed to handle the high power 
required of welding power supplies. Solid state electronics provided a 
better, simpler, and more economical way to control the pulsing process. 
The newest generation of pulsed-arc systems interlocks the power supply 
and wire feeder so that the proper settings of the wire-feed and power 
supply are obtained for any given job by adjusting a single knob. Such 
systems have been termed synergic systems. The greatest benefit to 
synergic GMAW-P is that the power supply reacts to changes in the 


The heat produced during 
pulsed-spray transfer welding 
using large-diameter wire or 
high current may be intense 
enough to cause the filter lens 
in a welding helmet to shatter. 
Be sure the helmet is equipped 
with a clear plastic lens on the 
inside of the filter lens. Avoid 
getting your face too close to 
the intense heat. 
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Figure 1.5 Mechanism of pulsed-arc spray transfer at a low average current 





Figure 1.6 GMA pulsed-arc welding system controller 
Source: Courtesy of Thermal Arc, a Thermadyne Company 


work conditions such as inconsistent fitups or operator changes in stick- 
out. For example, with a traditional GMA weld, amperage is reduced as 
the operator increases the stickout; but with synergic GMAW-P, the 
power supply senses the change in stickout and adjusts the current to 
maintain a more consistent weld. 
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In some respects, synergic GMAW-P systems are more complex to use 
because the correct relationships between the wire-feed speeds and 
power supply settings must be programmed into the equipment, and 
each wire composition, wire size, and shielding gas requires a special 
program. The manufacturer generally programs the most common com- 
binations, allowing space in the computer for additional user input. In 
addition, welding power supplies that produce synergic pulsation must 
be capable of both constant-current (CC) and constant-voltage (CV) 
power output. 


Shielding Gases for Spray or Pulsed-spray Transfer 


Axial spray transfer is impossible without shielding gases rich in argon. 
Pure argon is used with all metals except steels. As much as 80% helium 
can be added to the argon to increase the heat in the arc without affect- 
ing the desirable qualities of the spray mode. With more helium, the 
transfer becomes progressively more globular, forcing the use of a differ- 
ent welding mode, to be described later. Since these gases are inert, they 
do not react chemically with any metals. This factor makes the GMAW 
process the only productive manual or semiautomatic method for weld- 
ing metals sensitive to oxygen (essentially all metals except iron or 
nickel). The cathodic cleaning action which helps to remove the thin 
layer oxides that form on metals is associated with argon at DCEP 
(DCRP) and is also very important for fabricating metals such as alumi- 
num, which quickly develop these undesirable surface oxides when 
exposed to air. 

This same cleaning action causes problems with steels. Iron oxide in 
and on the steel surface is a good emitter of electrons that attracts the 
arc. But these oxides are not uniformly distributed, resulting in very irre- 
gular arc movement and in turn irregular weld deposits. This problem 
was solved by adding small amounts of an active gas such as oxygen or 
carbon dioxide to the argon. The reaction produces a uniform film of iron 
oxide on the weld pool and provides a stable site for the arc. This discov- 
ery enabled uniform welds in ferrous alloys and expanded the use of 
GMAW to welding those materials. 

The amount of oxygen needed to stabilize arcs in steel varies with the 
alloy. Generally, 2% is sufficient for carbon and low-alloy steels. In the 
case of stainless steels, about 0.5% should prevent a refractory scale of 
chromium oxide, which can be a starting point for corrosion in stainless 
steels. Carbon dioxide can substitute for oxygen. Between 8% and 10% is 
optimum for low-alloy steels. In many applications, carbon dioxide is the 
preferred addition because the weld bead has a better contour and the 
arc appears to be more stable. Gas mixes of 98% argon-2% oxygen as 
well as 98% argon-2% carbon dioxide are commonly used for spray 
transfer GMA welding of stainless steels. 


Buried-arc Transfer 


Carbon dioxide was one of the first gases studied during the development 
of the GMAW process. It was abandoned temporarily because of exces- 
sive spatter and porosity in the weld. After argon was accepted for shield- 
ing, further work with carbon dioxide demonstrated that the spatter was 


Connect the clip of the Signal Injector to Ov and the probe to the input pin of the 
amplifier chip. At the same time, connect the Mini Bench Amplifier to the output pin 
and you will hear a very loud tone. 

These pieces of test equipment can also be used to diagnose an amplifier circuit 
constructed with individual components. 

Amplifier circuits using discrete components are very hard to trouble-shoot and these 
pieces of test equipment make it very easy. 


DIGITAL CHIPS 


It is always best to have data on the chip you are testing, but if this is not available, 
you will need three pieces of equipment: 

1. A multimeter - this can be digital or analogue. 

2. A Logic Probe, 

3. A logic Pulser. 

Firstly test the chip to see if power is being delivered. This might be anything from 
3v3 to 15v. 

Place the negative lead of the multimeter on the earth rail of the project - this might 
be the chassis, or the track around the edge of the board or some point that is 
obviously Ov. 

Try all the pins of the chip and if you get a reading, the chip will have "supply." 
Identify pin 1 of the chip by looking for the "cut-out" at the end of the chip and you 
may find a small dimple below the cut-out (or notch). This is pin 1 and the "power 
pin" can be directly above or any of the other pins. 

Next you need to now if a signal is entering the chip. 

For this you will need a LOGIC PROBE. 

A Logic Probe is connected to the same voltage as the chip, so it will detect a HIGH 
and illuminate a red LED. 

Connect the Logic Probe and touch the tip of the probe on each pin. 

You will not know if a signal is an input or output, however if you get two or more 
active pins, you can assume one is input and the other is output. If none of the pins 
are active, you can assume the signal is not reaching this IC. 

If only one pin is active, you can assume the chip is called a CLOCK (or Clock 
Generator). This type of chip produces pulses. If more than two pins are active, you 
can assume the chip is performing its function and unless you can monitor all the 
pins at the same time, you don't know what is happening. 

This is about all you can do without any data on the chip. 


If you have data on the chip, you can identify the input(s) and output(s). 

A Logic Probe on each of these pins will identify activity. 

A Logic Probe has 3 LEDs. Red LED indicates a HIGH, Green indicates a LOW and 
Orange indicates a PULSE (activity). 

Some Logic Probes include a piezo and you can hear what is happening, so you don't 
take your eyes off the probe-tip. 

It is important not to let the probe tip slip between the pins and create a short- 
circuit. 


LOGIC PULSER 

If you have a board or a single chip and want to create activity (clock pulses), you 
can use a Logic Pulser. This piece of test equipment will produce a stream of pulses 
that can be injected into the clock-line (clock input) of a chip. 

You can then use a Logic Probe at the same time on the outputs to observe the 
operation of the chip. 


You can also use the Mini Bench Amplifier to detect "noise" or activity on the inputs 
and outputs of digital chips. 

This only applies if the frequency is in the audio range such as scanning a keyboard 
or switches or a display. 


This is how to approach servicing/testing in a general way. There are thousands of 
digital chips and if you want to test a specific chip for its exact performance, you will 
need to set-up a "test-bed." 
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associated with globular metal transfer. The large drops are partially sup- 
ported by arc forces, Figure 1.7. As they become heavy enough to over- 
come those forces and drop into the pool, they bridge the gap between 
the wire and the weld pool, producing explosive short circuits and 
spatter. 

Additional work showed that the arc in carbon dioxide was very force- 
ful. Because of this, the wire tip could be driven below the surface of the 
molten weld pool. With the shorter arcs, the drop size is reduced, and any 
spatter produced as the result of short circuits is trapped in the cavity 
produced by the arc—hence the name buried-arc transfer, Figure 1.8. 
The resultant welds tend to be more highly crowned than those produced 
with open arcs, but they are relatively free of spatter and offer a decided 
advantage of welding speed. These characteristics make the buried-arc 
process useful for high-speed mechanized welding of thin sections, such 
as that found in compressor domes for hermetic air-conditioning and 
refrigeration equipment or for automotive components. 

Because carbon dioxide is an oxidizing gas, its applications to welding 
carbon steels are restricted. It cannot be used to fabricate most nonfer- 
rous materials. Neither should it be used to weld stainless steels, because 
carbon corrodes the weld metal. 

Carbon dioxide and helium are similar in that metal transfer in both 
gases is globular. Helium, too, can be used with the buried-arc techni- 
que. It has the advantage of being inert, potentially making it useful for 
the same types of applications as carbon dioxide but in nonferrous alloys. 






MOLTEN DROP 


Figure 1.7 Globular metal transfer 
Large drop is supported by arc forces. 
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Figure 1.8 Buried-arc transfer 
Wire tip is within the weld crater, so spatter is trapped. 
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Short-circuiting Transfer: GMAW-S 


Low currents allow the liquid metal at the electrode tip to be transferred 
by direct contact with the molten weld pool. This process requires close 
interaction between the wire feeder and the power supply. This techni- 
que is called short-circuiting transfer, or gas metal arc welding with 
short-circuiting transfer (GMAW-S). 

The short-circuiting mode of transfer is the most common process 
used with GMA welding 


e on thin or properly prepared thick sections of material 
e ona combination of thick to thin materials 

e with a wide range of electrode diameters 

e with a wide range of shielding gases 

e in all positions 


The 0.023, 0.030, 0.035, and 0.045 wire electrodes are the most com- 
mon diameters for the short-circuiting mode. The most popular shielding 
gases used on carbon steel are 100% carbon dioxide (CO2) or a combina- 
tion of 75% argon (Ar) and 25% CO. The amperage range may be as 
low as 35 for materials of 24 gauge or as high as 225 for materials up to 
1/8 inch in thickness on square groove weld joints. Thicker base metals 
can be welded if the edges are beveled to accept complete joint weld 
penetration. 

The transfer mechanisms in this process are quite simple and straight- 
forward, as shown schematically in Figure 1.9. To start, the wire is in direct 
contact with the molten weld pool, Figure 1.9A. Once the electrode 
touches the molten weld pool, the arc and its resistance are removed. 
Without the arc resistance, the welding amperage quickly rises as it begins 
to flow freely through the tip of the wire into the molten weld pool. The 
resistance to current flow is highest at the point where the electrode 
touches the molten weld pool. The resistance is high because both the 
electrode tip and weld pool are very hot. The higher the temperature, 
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Figure 1.9 Schematic of short-circuiting transfer 
Source: Courtesy of Larry Jeffus 
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the higher the resistance to current flow. A combination of high current 
flow and high resistance causes a rapid rise in the temperature of the elec- 
trode tip. 

As the current flow increases, the interface between the wire and mol- 
ten weld pool is heated until it explodes into a vapor (Figure 1.9B), estab- 
lishing an arc. This small explosion produces sufficient force to depress 
the molten weld pool. A gap between the electrode tip and the molten 
weld pool (Figure 1.9C) immediately opens. With the resistance of the 
arc reestablished, the voltage increases as the current decreases. 

The low current flow is insufficient to continue melting the electrode 
tip off as fast as it is being fed into the arc. As a result, the arc length 
rapidly decreases (Figure 1.9D) until the electrode tip contacts the mol- 
ten weld pool (Figure 1.9E). The liquid formed at the wire tip during the 
arc-on interval is transferred by surface tension to the molten weld pool, 
and the cycle begins again with another short circuit. 

If the system is properly tuned, the rate of short circuiting can be 
repeated from approximately 20 to 200 times per second, causing a char- 
acteristic buzzing sound. The spatter is low and the process easy to use. 
The low heat produced by GMAW-S makes the system easy to use in all 
positions on sheet metal, low-carbon steel, low-alloy steel, and stainless 
steel ranging in thickness from 25 gauge (0.02 in.; 0.5 mm) to 12 gauge 
(0.1 in.; 2.6 mm). The short-circuiting process does not produce enough 
heat to make quality welds in sections much thicker than 1/4 in. (6 mm) 
unless it is used for the root pass on a grooved weld or to fill gaps in 
joints. Although this technique is highly effective, lack-of-fusion defects 
can occur unless the process is perfectly tuned and the welder is highly 
skilled, especially on thicker metal. For this reason the American Welding 
Society D1.1 code for structural steel does not list short-circuiting GMAW 
as a prequalified process. In this code all short-circuiting procedures 
must be qualified by extensive testing. 

Carbon dioxide works well with this short-circuiting process because 
it produces the forceful, high-energy arc needed during the arc-on inter- 
val to displace the weld pool. Helium can be used as well. Pure argon is 
not as effective because its arc tends to be sluggish and not very fluid. 
However, a mixture of 25% carbon dioxide and 75% argon produces a 
less harsh arc and a flatter, more fluid, and desirable weld profile. 
Although more costly, this gas mixture is preferred. A gas mixture of 
98% argon and 2% oxygen may also be used on thinner carbon steels 
and sheet metal. This mixture produces lower-energy short-circuiting 
transfer and can be an advantage on thin-gauge metals, producing mini- 
mal burn-through at voltages as low as 13 volts. 

New technology in wire manufacturing has allowed smaller wire dia- 
meters to be produced. These smaller diameters have become the 
preferred size even though they are more expensive due to the cost of 
drawing wires down to these desirable sizes. The short-circuiting process 
works better with a short electrode stickout. 

The power supply is most critical. It must have a constant voltage, 
otherwise known as constant-potential output, and sufficient inductance 
to slow the time rate of current increase during the short-circuit interval. 
Too little inductance causes spatter due to high-current surges. Too much 
inductance causes the system to become sluggish. The short-circuiting 
rate decreases enough to make the process difficult to use. Also, the 
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power supply must sustain an arc long enough to premelt the electrode 
tip in anticipation of the transfer at recontact with the weld pool. 


FILLER METAL SPECIFICATIONS 


GMA welding filler metals are available for a variety of base metals, 
Table 1.4. The most frequently used filler metals are AWS specification 
A5.18 for carbon steel and AWS specification A5.9 for stainless steel. 
Wire electrodes are produced in diameters of 0.023, 0.030, 0.035, 0.045, 
and 0.062 inch. Other, larger diameters are available for production work 
and can include wire diameter sizes such as 1/16, 5/64, and 7/64 inch. 
Table 1.5 lists the most common sizes and the amperage ranges for these 
electrodes. The amperage will vary depending on the method of metal 
transfer, type of shielding gas, and base metal thickness. Some steel 
wire electrodes have a thin copper coating. This coating provides some 
protection to the electrode from rusting and improves the electrical con- 
tact between the wire electrode and the contact tube. It also acts as a 
lubricant to help the wire move more smoothly through the liner and 
contact tube. These electrodes may look like copper wire because of 
the very thin copper cladding. The amount of copper is so small that it 


Table 1.4 AWS Filler Metal Specifications for Different Base Metals 


Base Metal Type AWS Filler Metal Specification 
Aluminum and aluminum alloys A5.10 

Copper and copper alloys A5.6 

Magnesium alloys A5.19 

Nickel and nickel alloys A5.14 

Stainless steel (austenitic) A5.9 

Steel (carbon) A5.18 

Titanium and titanium alloys A5.16 





Table 1.5 Filler Metal Diameters and Amperage Ranges 





Electrode Diameter Amperage 
Base Metal Inch Millimeter Range 
Carbon Steel 0.023 0.6 35-190 
0.030 0.8 40-220 
0.035 0.9 60-280 
0.045 2 125-380 
1/16 1.6 275-450 
Stainless Steel 0.023 0.6 40-150 
0.030 0.8 60-160 
0.035 0.9 70-120 
0.045 1.2 140-310 


1/16 1.6 280-450 
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either burns off or is diluted into the weld pool with no significant effect 
on the weld deposit. 


Solid Wire 

The AWS specification for carbon steel filler metals for gas-shielded weld- 
ing wire is A5.18. Filler metal classified within this specification can be 
used for GMAW, gas tungsten arc welding (GTAW), and plasma arc weld- 
ing (PAW) processes. Because in GTAW and PAW the wire does not carry 
the welding current, the letters ER are used as a prefix. The ER is fol- 
lowed by two numbers to indicate the minimum tensile strength of a 
good weld. The actual strength is obtained by adding three zeroes to 
the right of the number given. For example, ER70S-x is 70,000 psi. 

The S located to the right of the tensile strength indicates that this is a 
solid wire. The last number—2, 3, 4, 5, 6, or 7—or the letter G is used to 
indicate the filler metal composition and the weld’s mechanical proper- 
ties, Figure 1.10. 


ER70S-2 

This is a deoxidized mild steel filler wire. The deoxidizers allow this wire 
to be used on metal that has light coverings of rust or oxides. There may 
be a slight reduction in the weld’s physical properties if the weld is made 
on rust or oxides, but this reduction is only slight, and the weld will 
usually still pass the classification test standards. This is a general- 
purpose filler that can be used on killed, semikilled, and rimmed steels. 
Argon-oxygen, argon-CO,, and CO, can be used as shielding gases. 
Welds can be made in all positions. 


ER70S-3 

This is a popular filler wire. It can be used in single or multiple-pass 
welds in all positions. ER70S-3 does not have the deoxidizers required 
to weld over rust, over oxides, or on rimmed steels. It produces high- 
quality welds on killed and semikilled steels. Argon-oxygen, argon-COz, 
and CO, can be used as shielding gases. This is the low-carbon steel filler 
most commonly used to weld galvanized steel. 


DESIGNATES AN ELECTRODE 
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Figure 1.10 AWS numbering system for carbon steel filler metal for GMAW 
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ER70S-6 

This is a good general-purpose filler wire. It has the highest levels of 
manganese and silicon. The wire can be used to make smooth welds on 
sheet metal or thicker sections. Welds over rust, oxides, and other surface 
impurities will lower the mechanical properties, but not normally below 
the specifications of this classification. Argon-oxygen, argon-CO., and 
CO, can be used as shielding gases. Welds can be made in all positions. 
This filler wire is not suggested for galvanized steel as its higher silicon 
content may induce cracking. 


The AWS specification for stainless steel-covered arc electrodes is A5.4 
and for stainless steel bare, cored, and stranded electrodes and welding 
rods is A5.9. Filler metal classified within A5.4 uses the letter E as its pre- 
fix, and the filler metal within A5.9 uses the letters ER as its prefix. 

Following the prefix, the three-digit stainless steel number from the 
American Iron and Steel Institute (AISI) is used. This number indicates 
the type of stainless steel in the filler metal, Table 1.6. 


ALUMINUM AND ALUMINUM ALLOYS 


The International Alloy Designation System is the most widely accepted 
naming scheme for aluminum alloys. Each alloy has a four-digit number, 
in which the first digit indicates the major alloying elements. Heat- 
treatable alloys can be strengthened by furnace operations after they are 
produced, while non-heat-treatable alloys are work hardened by plastic 
deformation such as bending and rolling operations. Heat treatment of 
aluminum alloys is sometimes referred to as precipitation hardening, 
and work hardening is sometimes referred to as strain hardening. 


e 1000 series are essentially pure aluminum with a minimum 99% 
aluminum content by weight, and can be work hardened. 

e 2000 series are alloyed with copper, and are heat treatable. 

e 3000 series are alloyed with manganese, and can be work 
hardened. 

e 4000 series are alloyed with silicon and can be work hardened. 

e 5000 series are alloyed with magnesium, derive most of their 
strength from heat treatment, but can also be work hardened. 

e 6000 series are alloyed with magnesium and silicon, are easy to 
machine, and are heat treatable, but not to the high strengths that 
2000, 5000, and 7000 can reach. 

e 7000 series are alloyed with zinc, and can be heat treated to the 
highest strengths of any aluminum alloy. 

e 8000 series are a miscellaneous category where other elements not 
listed above may be used. 


The AWS specifications for aluminum and aluminum alloy filler 
metals are A5.3 for covered arc welding electrodes and A5.10 for bare 
welding rods and electrodes. Filler metal classified within A5.3 uses the 
atomic symbol Al, and in A5.10 the prefix ER is used with the Aluminum 
Association number for the alloy, Table 1.7. 
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Aluminum Bare Welding Rods and Electrodes 
ER1100 


1100 aluminum has the lowest percentage of alloy agents of all the alu- 
minum alloys, and it melts at 1215°F. The filler wire is also relatively 
pure. ER1100 produces welds that have good corrosion resistance and 
high ductility, with tensile strengths ranging from 11,000 to 17,000 psi. 
The weld deposit has a high resistance to cracking during welding. This 
wire can be used with oxyfuel gas welding (OFW), GTAW, and GMAW. 
Preheating to 300°F to 350°F is required for GTA welding on plate or pipe 
3/8 in. and thicker to ensure good fusion. Flux is required for OFW. 1100 
aluminum is commonly used for items such as food containers, food- 
processing equipment, storage tanks, and heat exchangers. ER1100 can 
be used to weld 1100 and 3003 grade aluminum. 


ER4043 

ER4043 is a general-purpose welding filler metal. It has 4.5% to 6.0% sili- 
con added, which lowers its melting temperature to 1155°F. The lower 
melting temperature helps promote a free-flowing molten weld pool. 
The welds have high ductility and a high resistance to cracking during 
welding. This wire can be used with OFW, GTAW, and GMAW. Preheat- 
ing to 300°F to 350°F is required for GTA welding on plate or pipe 3/8 in. 
and thicker to ensure good fusion. Flux is required for OFW. ER4043 can 
be used to weld on 2014, 3003, 3004, 4043, 5052, 6061, 6062, and 6063 
and cast alloys 43, 355, 356, and 214. 


ERS356 

ER5356 has 4.5% to 5.5% magnesium added to improve the tensile 
strength. The weld has high ductility but only an average resistance to 
cracking during welding. This wire can be used for GTAW and GMAW. 
Preheating to 300°F to 350°F is required for GTA welding on plate or pipe 
3/8 in. and thicker to ensure good fusion. ER5356 can be used to weld on 
5050, 5052, 5056, 5083, 5086, 5154, 5356, 5454, and 5456. 


ERS556 

ER5556 has 4.7% to 5.5% magnesium and 0.5% to 1.0% manganese added 
to produce a weld with high strength. The weld has high ductility and 
only average resistance to cracking during welding. This wire can be 
used for GTAW and GMAW. Preheating to 300°F to 350°F is required for 
GTA welding on plate or pipe 3/8 in. and thicker to ensure good fusion. 
ER5556 can be used to weld on 5052, 5083, 5356, 5454, and 5456. 


WIRE MELTING AND DEPOSITION RATES 


The wire melting rates, deposition rates, and wire-feed speeds of the con- 
sumable wire welding processes are affected by the same variables. 
Before discussing them, however, these terms need to be defined. The 
wire melting rate, measured in inches per minute (in/min) or pounds 
per hour (lb/hr), is the rate at which the arc consumes the wire. The 
deposition rate, the measure of weld metal deposited, is nearly always 
less than the melting rate because not all of the wire is converted to 
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weld metal. Some is lost as slag, spatter, or fume. The amount of weld 
metal deposited in ratio to the wire used is called the deposition 
efficiency. 

Deposition efficiencies depend on the process, on the gas used, and 
even on how the welder sets welding conditions. With efficiencies of 
approximately 98%, solid wires with argon-rich shield gas mixes are 
best. Some of the self-shielded cored wires are poorest, with efficiencies 
as low as 80%. 

Welders can control the deposition rate by changing the current, elec- 
trode extension, and diameter of the wire. To obtain higher melting rates, 
they can increase the current or wire extension or decrease the wire dia- 
meter. Knowing the precise constants is unimportant. However, it is 
important to know that current greatly affects melting rate and that the 
electrode extension must be controlled if results are to be reproducible. 


WELDING POWER SUPPLIES 


To better understand the terms used to describe the different welding 
power supplies, you need to know the following electrical terms: 


e Voltage, or volts (V), is a measurement of electrical pressure and is 
the force that causes the current (amperage) to flow, in the same 
way that pounds per square inch is a measurement of water 
pressure. 

e Electrical potential means the same thing as voltage and is usually 
expressed by using the term potential (P). The terms voltage, volts, 
and potential can all be interchanged when referring to electrical 
pressure. 

e Amperage, or amps (A), is the measurement of the total number of 
electrons flowing, in the same way that gallons are a measurement 
of the amount of water flowing. 

e Electrical current means the same thing as amperage and is usually 
expressed by using the term current (C). The terms amperage, 
amps, and current can all be interchanged when referring to elec- 
trical flow. 


GMAW power supplies are constant-voltage, constant-potential (CV, 
CP) machines, unlike shielded metal arc welding (SMAW) power supplies, 
which are constant-current (CC) machines and are sometimes called 
drooping arc voltage (DAV). It is impossible to make acceptable welds 
using the wrong type of power supply. GMAW power supplies are available 
as transformer rectifiers, motor generators, or inverters, Figure 1.11. Some 
newer machines use electronics, enabling them to supply both types of 
power at the flip of a switch; they may be referred to as CC/CV power 
supplies. 

The relationships between current and voltage with different combi- 
nations of arc length or wire-feed speeds are called volt-ampere charac- 
teristics. The volt-ampere characteristics of arcs in argon with constant 
arc lengths or constant wire-feed speeds are shown in Figure 1.12. To 
maintain a constant arc length while increasing current, it is necessary 
to increase voltage. For example, with a 1/8-in. (3-mm) arc length, 
increasing current from 150 to 300 amperes requires increasing the 
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Figure 1.11 Transformer rectifier welding power supply 
Source: Courtesy of ESAB Welding & Cutting Products 
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Figure 1.12 Volt-ampere characteristics of arcs with argon 
The arc length and arc voltage are affected by the welding current and wire-feed speed (0.045-in. [1.43-mm] wire; 1-in. [25-mm] 
electrode extension). 
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voltage from about 26 to 31 volts. The current increase illustrated here 
results from increasing the wire-feed speed from 200 to 500 inches per 
minute. 


The wire-feed speed is generally recommended by the electrode manu- 
facturer and is selected in inches per minute (ipm), or how fast the wire 
exits the contact tube. The welder uses a wire-speed control dial on the 
wire-feed unit to control ipm. It can be advanced or slowed to control the 
burn-off rate, or how fast the electrode transfers into the weld pool, to 
meet the welder’s skill in controlling the weld pool. Note the direct rela- 
tionship between current (amps) and wire-feed speed (wfs); as wire-feed 
speed increases, the amperage increases. If wire-feed speed is reduced, 
amperage will decrease, Table 1.8. 

To accurately measure wire-feed ipm, snip off the wire at the contact 
tube. Wearing safety glasses and pointing the contact tube away from your 
face, squeeze the trigger for ten seconds; release and snip off the wire elec- 
trode. Measure the number of inches of wire that was fed out in the ten 
seconds. Now using basic shop math, multiply its total length in inches by 
six. The result is how many inches of wire were fed per minute. 


Power Supplies for Short-circuiting Transfer 


Although the GMA power source is said to have a constant voltage (CV) 
or constant potential (CP), it is not perfectly constant. The graph in 
Figure 1.13 shows that there is a slight decrease in voltage as the amper- 
age increases within the working range. The rate of decrease is known as 
slope. It is expressed as the voltage decrease per 100-ampere increase— 
for example, 10 V/100 A. For short-circuiting welding, some welding 
power supplies are equipped to allow changes in the slope by steps or 
continuous adjustment. 

The slope, which is called the volt-ampere curve, is often drawn as a 
straight line because it is fairly straight within the working range of the 
machine. Whether it is drawn as a curve or a straight line, the slope can 
be found by finding two points. The first point is the set voltage as read 
from the voltmeter when the gun switch is activated but no welding is 


Table 1.8 Typical Amperages for Carbon Steel 


Wire Diameter Amperages 


Wire-feed Speed* .030 in. .035 in. 045 in. .062 in. 
in./min (m/min) (0.8 mm) (0.9 mm) (1.2 mm) (1.6 mm) 
100 (2.5) 40 65 120 190 
200 (5.0) 80 120 200 330 
300 (7.6) 130 170 260 425 
400 (10.2) 160 210 320 490 
500 (12.7) 180 245 365 - 
600 (15.2) 200 265 400 - 
700 (17.8) 215 280 430 - 





*To check feed speed, run out wire for one minute and then measure its length. 
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REMOTE CONTROLS 


There are two types of remote control - Infrared and RF. Infrared is used for short- 
range, line-of-sight for TV's DVD's etc. 

A few faults can be fixed, but anything complex needs a new remote control. 
Check the batteries and battery-contacts. See if the IR LED is illuminating by 
focusing it into a digital camera and looking on the screen for illumination. 

The only other things are a sticky button, a worn-out button or a crack in the PC 
board. Water damage is generally too much work to repair. 

RF remote controls for cars, garage doors etc need a second working unit to check 
the power output. 

Here is a simple circuit that can be connected to an analog multimeter to detect the 
signal strength at a very close range: 












2in(Scm) lead 100p 1N4148 


LED 






Positive of 
multimeter 






1N4148 


THE LED POWER METER CIRCUIT ag sae 


To hear the tone from a transmitter, the Mini Bug Detector circuit can be used: 


10cm 
antenna 


MINI BUG DETECTOR 


Any further investigation requires a circuit diagram so you can work out what is 
actually being sent from the transmitter. 

Most of the time it is a faulty switch, battery or contacts. Make sure the setting is 
correct on the "dip switches" and use a working unit to compare all your testing. 


TESTING VOLTAGES ON (in) A CIRCUIT 

There are basically two different types of circuit. 

1. ANALOGUE CIRCUIT 

An analogue circuit can also be called an AUDIO CIRCUIT and the voltages at 
different points in a circuit can be measured with a multimeter but the changes (the 
waveforms) will be quite small or changing at a rapid rate and cannot be detected by 
a multimeter. 

You need a CRO to "see" the signals or a Signal Injector to inject a waveform into 
the circuit and hear the result on the circuit's speaker. 


2. DIGITAL CIRCUIT 
A digital circuit can also be called a "Computer Circuit" or "Logic Circuit" and some of 
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Figure 1.13 Constant potential welder slope 


being done. This is referred to as the open circuit voltage. The second 
point is the voltage and amperage as read during a weld. The voltage 
control is not adjusted during the test but the amperage can vary. The 
slope is the voltage difference between the first and second readings. 
The difference can be found by subtracting the second voltage from the 
first voltage. Therefore, for settings over 100 amperes, it is easier to cal- 
culate the slope by adjusting the wire feed so that you are welding with 
100 amperes, 200 amperes, 300 amperes, and so on. In other words, the 
voltage difference can be simply divided by 1 for 100 amperes, 2 for 200 
amperes, and so forth. 

The machine slope is affected by circuit resistance. Circuit resistance 
may result from a number of factors, including poor connections, long 
leads, or a dirty contact tube. A higher resistance means a steeper slope. In 
short-circuiting machines, increasing the inductance increases the slope. 
This increase slows the current’s rate of change during short circuiting 
and the arcing intervals, Figure 1.14. Therefore, slope and inductance 
become synonymous in this discussion. As the slope increases, both the 
short-circuit current and the pinch effect are reduced. A flat slope has 
both an increased short-circuit current and a greater pinch effect. 

The machine slope affects the short-circuiting metal transfer mode 
more than it does the other modes. Too much current and pinch effect 
from a flat slope cause a violent short and arc restart cycle, which results 
in increased spatter. Too little current and pinch effect from a steep slope 
result in the short circuit not being cleared as the wire freezes in the mol- 
ten pool and piles up on the work, Figure 1.15. 
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Figure 1.14 Voltage pattern with and without inductance 
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Figure 1.15 Effect of slope 


The slope should be adjusted so that a proper spatter-free metal 
transfer occurs. On machines that have adjustable slopes, this is easily 
set. Experiment 2-2 describes a method of adjusting the circuit resistance 
to change the slope on machines that have a fixed slope. This is done by 
varying the contact tube-to-work distance. The GMA filler wire is much 
too small to carry the welding current and heats up due to its resistance 
to the current flow. The greater the tube-to-work distance, the greater the 
circuit resistance and the steeper the slope. By increasing or decreasing 
this distance, a proper slope can be obtained so that the short circuiting 
is smoother with less spatter. 


Many newer GMA welding power supplies are supplied with an induc- 
tance control. Inductance controls are used primarily in the GMA short- 
circuiting transfer mode, especially when open root joints are involved. 
Inductance controls the rise up to peak current during GMAW short- 
circuiting transfer. A low inductance control setting will provide a greater 
short-circuiting frequency, which may be beneficial in welding thin mate- 
rial where burn-through is an issue. A higher setting will reduce the fre- 
quency of short circuits, creating slightly longer arc periods, which allows 
greater current to go to the work. The greater current can be used to 
increase penetration in thicker sections or where complete penetration 
is required on open root joints welded from one side. 

In the case of the GMA welding arc, the rate of change in the amperage 
relative to the arc voltage determines how the metal droplet detaches from 
the end of the electrode. If the rate of change is too rapid (inductance too 
low), the droplet detaches violently and produces excessive spatter. If the 
rate of change is too slow (inductance too high) the metal droplet doesn’t 
detach cleanly and the arc is unstable. A midrange setting on the induc- 
tance control can be used for general-purpose short-circuit GMA welding 
and adjustments made for thick, thin, or open root conditions. 


MOLTEN WELD POOL CONTROL 


The GMAW molten weld pool can be controlled by varying the following 
factors: shielding gas, power settings, gun manipulation, travel speed, 
electrode extension, and gun angle. 
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The shielding gas selected for a weld has a definite effect on the weld 
produced. The properties that can be affected include the method of 
metal transfer, welding speed, weld contour, arc cleaning effect, and 
fluidity of the molten weld pool. 

In addition to the effects on the weld itself, the metal to be welded 
must be considered in selecting a shielding gas. Some metals must be 
welded with an inert gas such as argon or helium or mixtures of argon 
and helium. Other metals weld more favorably with reactive gases such 
as carbon dioxide or with mixtures of inert gases and reactive gases such 
as argon and oxygen or argon and carbon dioxide, Table 1.9. The most 
commonly used shielding gases are 75% argon + 25% CO», argon + 1% 
to 5% oxygen, and carbon dioxide, Figure 1.16. 


e Argon: The atomic symbol for argon is Ar, and it is an inert gas. 
Inert gases do not react with any other substance and are insoluble 
in molten metal. One hundred percent argon is used on nonfer- 
rous metals such as aluminum, copper, magnesium, nickel, and 
their alloys; but 100% argon is not normally used for making welds 
on ferrous metals. 

Because argon is denser than air, it effectively shields welds by 
pushing the lighter air away. Argon is relatively easy to ionize. 
Easily ionized gases can carry long arcs at lower voltages. This 
makes it less sensitive to changes in arc length. 

Argon gas is naturally found in all air and is collected in air 
separation plants. There are two methods of separating air to 
extract nitrogen, oxygen, and argon. In the cryogenic process, air is 
super-cooled to temperatures that cause it to liquefy and the gases 
are separated. In the noncryogenic process, molecular sieves 
(strainers with very small holes) separate the various gases, much 
like using a screen to separate sand from gravel. 

e Argon gas blends: Oxygen, carbon dioxide, helium, and nitrogen 
can be blended with argon to change argon’s welding 
characteristics. Adding reactive gases (oxidizing), such as oxygen or 
carbon dioxide, to argon tends to stabilize the arc, promote 
favorable metal transfer, and minimize spatter. As a result, the 
penetration pattern is improved, and undercutting is reduced or 
eliminated. Adding helium or nitrogen gases (nonreactive or inert) 
increases the arc heat for deeper penetration. 

The amount of the reactive gases, oxygen or carbon dioxide, 
required to produce the desired effects is quite small. As little as a 
half percent change in the amount of oxygen will produce a 
noticeable effect on the weld. Most of the time, blends containing 
1% to 5% of oxygen are used. Carbon dioxide may be added to 
argon in the range of 10% to 30%. Blends of argon with less than 
10% carbon dioxide may not have enough arc voltage to give the 
desired results. The most commonly used blend for short- 
circuiting transfer is 75% argon and 25% COs. 

When using oxidizing shielding gases with oxygen or carbon 
dioxide added, a suitable filler wire containing deoxidizers should 
be used to prevent porosity in the weld. The presence of oxygen in 
the shielding gas can also cause some loss of certain alloying 


Table 1.9 (A) Metals Matched with GMAW Shielding Gases and Gas Blends; (B) GMAW Shielding Gases and Gas Blends Matched with Metals 


GMAW Shielding Gas, Gas Blends, Metals, and Welding Process 





Gases/ 
Blend 
Ar+ 5% 
COs 


Ar + 10% 
COs 
Ar + 25% 
COz 





Gas 
Reaction 


Oxidizing 


Oxidizing 


Oxidizing 


Application 


Low-alloy steel 


Low-alloy steel 


Mild, low-alloy steels 
and stainless steel 


Remarks 


Pulse spray and short-circuit 
transfer in out-of-position 
welds 


Same as above with a wider, 
more fluid weld pool 


Gas/ 
Blend 


Ar + COs + 
Oz 


Ar + COs + 
N 


Smooth weld surface, reduces He + 7.5% 


penetration with short- 
circuiting transfer 


Ar + 2.5% 
COz 


(B) 


Gas Application 
Reaction 


Oxidizing Low-alloy steel and 
some stainless steels 


Almost inert Stainless steel 


Almost inert Stainless steel and 
some low-alloy steels 


Remarks 


All metal transfer for automatic 
and robotic applications 


All metal transfer, excellent for 
thin gauge material 


Excellent toughness, arc 
stability, wetting 
characteristics, and bead 
contour, little spatter with 
short-circuiting transfer 
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ARGON + OXYGEN ARGON + CO, CARBON DIOXIDE 





Figure 1.16 Effect of shielding gas on weld bead shape 


elements, such as chromium, vanadium, aluminum, titanium, 
manganese, and silicon. 

e Helium: The atomic symbol for helium is He, and it is an inert gas 
that is a product of the natural gas industry. It is removed from 
natural gas as the gas undergoes separation (fractionation) for 
purification or refinement. 

Helium is lighter than air; thus its flow rates must be about 
twice as high as argon’s for acceptable stiffness in the gas stream to 
be able to push air away from the weld. Proper protection is 
difficult in drafts unless high flow rates are used. It requires a 
higher voltage to ionize, which produces a much hotter arc. There 
is a noticeable increase in both the heat and temperature of a 
helium arc. This hotter arc makes it easier to make welds on thick 
sections of aluminum and magnesium. 

Small quantities of helium are blended with heavier gases. 
These blends take advantage of the heat produced by the 
lightweight helium and weld coverage by the other heavier gas. 
Thus, each gas is contributing its primary advantage to the 
blended gas. 

e Carbon dioxide: Carbon dioxide is a compound made up of one 
carbon atom (C) and two oxygen atoms (O,), and its molecular 
formula is COz. One hundred percent carbon dioxide is widely 
used as a shielding gas for GMA welding of steels. In the short- 
circuiting transfer mode it allows higher welding speed, better 
penetration, good mechanical properties, and costs less than the 
inert gas mixes. The chief drawback in the use of carbon dioxide is 
the less-steady arc characteristics and a considerable increase in 
weld spatter. The spatter can be kept to a minimum by 
maintaining a very short, uniform arc length and strict attention to 
amperage and voltage parameters. CO2 can produce sound, 
spatter-free welds of the highest quality, provided established 
procedures are followed and a filler wire having the proper 
deoxidizing additives is selected. 

e Nitrogen: The atomic symbol for nitrogen is N. It is not an inert 
gas but is relatively nonreactive to the molten weld pool. It is often 
used in blended gases to increase the arc’s heat and temperature. 
One hundred percent nitrogen can be used to weld copper and 
copper alloys and is an economical choice for gas purging of some 
austenitic stainless steel pipe welds. 


As the power settings, voltage, and amperage are adjusted, the weld 
bead is affected. Making an acceptable weld requires a balancing of the at Module 5 
voltage and amperage. If either or both are set too high or too low, the Key Indicator 3, 8 
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Module 5 avi 


Key Indicator 3, 8 


weld penetration can decrease. A GMA welding machine has no direct 
amperage settings. Instead, the amperage at the arc is adjusted by 
changing the wire-feed speed. As a result of the welding machine’s main- 
taining a constant voltage when the wire-feed speed increases, more 
amperage flows across the arc. This higher amperage is required to melt 
the wire so that the same arc voltage can be maintained. The higher 
amperage is used to melt the filler wire and does not increase the pene- 
tration. In fact, the weld penetration may decrease significantly. 

Increasing and decreasing the voltage changes the arc length; how- 
ever, it may not put more heat into the weld. Like changes in the amper- 
age, these voltage changes may decrease weld penetration. 


The GMA welding process is greatly affected by the location of the elec- 
trode tip and molten weld pool. During the short-circuiting process if the 
arc is directed to the base metal and outside the molten weld pool, the 
welding process may stop. Without the resistance of the hot molten 
metal, high-amperage surges occur each time the electrode tip touches 
the base metal, resulting in a loud pop and a shower of sparks. It is 
something that occurs each time a new weld is started. So when making 
a weave pattern, which is a gun manipulation technique of moving side 
to side in order to produce a wider weld bead, you must keep the arc and 
electrode tip directed into the molten weld pool. Other than the sensitiv- 
ity to arc location, most of the SMAW weave patterns that keep the elec- 
trode wire at or near the leading edge of the weld pool can be used for 
short-circuiting GMA welds. 


Travel Speed 


Because the location of the arc inside the molten weld pool is important, 
the welding travel speed cannot exceed the ability of the arc to melt the 
base metal. Too high a travel speed can result in overrunning of the weld 
pool and an uncontrollable arc. Fusion between the base metal and filler 
metal can completely stop if the travel rate is too fast. If the travel rate is 
too slow and the weld pool size increases excessively, it can also restrict 
fusion to the base plate. 


The electrode extension (stickout) is the distance from the contact tube 
to the arc measured along the wire. Adjustments in this distance cause a 
change in the wire resistance and the resulting weld bead, Figure 1.17. 

GMA welding currents are relatively high for the wire sizes, even for the 
low current values used in short-circuiting arc metal transfer, Figure 1.18. 
As the length of wire extending from the contact tube to the work 
increases, the voltage, too, should increase. Since this change is impossible 
with a constant-voltage power supply, the system compensates by redu- 
cing the current. In other words, by increasing the electrode extension 
and maintaining the same wire-feed speed, the current has to change to 
provide the same resistance drop. This situation leads to a reduction in 
weld heat, penetration, and fusion, and an increase in buildup. On the 
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Figure 1.17 Electrode-to-work distances 
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Figure 1.18 Heat buildup due to the extremely high current for the small conductor 
(electrode) 


other hand, as the electrode extension distance is shortened, the weld 
heats up, penetrates more, and builds up less, Figure 1.19. 

Experiment 2-3 explains the technique of using varying extension 
lengths to change the weld characteristics. Using this technique, a welder 
can make acceptable welds on metal ranging in thickness from 16 gauge 
to 1/4 in. (6 mm) or more without changing the machine settings. When 
using this technique, the nozzle-to-work distance should be kept the 
same so that enough shielding gas coverage is provided. Some nozzles 
can be extended to provide coverage. Others must be exchanged with the 
correct-length nozzle, Figure 1.20. 


The GMA welding gun may be held so that the relative angle between 
the gun, work, and welding bead being made is either vertical or has a 
drag angle or a push angle. Changes in this angle will affect the weld 
bead. The effect is most noticeable during the short-circuiting arc and 
globular transfer modes. 

Backhand welding is the welding technique that uses a drag angle, 
Figure 1.21. The welding technique that uses a push angle is known as 
forehand welding, Figure 1.22. 
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Figure 1.19 Using the changing tube-to-work distance to improve both the starting and stopping points of a weld 
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Figure 1.20 Nozzle-to-work distance can differ from the contact tube-to-work distance 





Figure 1.21 Backhand welding, or drag angle Figure 1.22 Forehand welding, or push angle 
Source: Courtesy of Larry Jeffus Source: Courtesy of Larry Jeffus 
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Backhand Welding 

A dragging angle, or backhand, welding technique directs the arc 
force into the molten weld pool of metal. This action, in turn, forces the 
molten metal back onto the trailing edge of the molten weld pool and 
exposes more of the unmelted base metal, Figure 1.23. The digging 
action pushes the penetration deeper into the base metal while building 
up the weld head. If the weld is sectioned, the profile of the bead is nar- 
row and deeply penetrated, with high buildup. 


Forehand Welding 

In a push angle, or forehand, welding technique, the arc force pushes 
the weld metal forward and out of the molten weld pool onto the cooler 
metal ahead of the weld, Figure 1.24. The heat and metal are spread out 
over a wider area. The sectional profile of the bead is wide, showing shal- 
low penetration with little buildup. 

The greater the angle, the more defined is the effect on the weld. As 
the angle approaches vertical, the effect is reduced. This allows the 
welder to change the weld bead as effectively as the changes resulting 
from adjusting the machine current settings. 


EQUIPMENT 


The basic GMAW equipment consists of the gun, electrode (wire) feed 
unit, electrode (wire) supply, power source, shielding gas supply with 
flowmeter/regulator, control circuit, and related hoses, liners, and cables, 
Figure 1.25 and Figure 1.26. Larger, more complex systems may have 
water for cooling, solenoids for controlling gas flow, and carriages for 
moving the work or the gun or both, Figure 1.27. The system may be 
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Figure 1.23 Backhand welding, or dragging angle 
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Figure 1.24 Forehand welding, or pushing angle 


stationary or portable, Figure 1.28. In most cases, the system is meant to 
be used for only one process. Some manufacturers, however, do make 
power sources that can be switched over for other uses. 


The power source may be either a transformer rectifier, inverter, or gen- 
erator type. The transformers are stationary and commonly require a 
three-phase power source. The inverter power sources are smaller, 
lighter, and may be designed to accept a variety of different electrical 
inputs, from 208 volts to 440 volts, single or three-phase. Engine genera- 
tors are ideal for portable use or where sufficient power is not available. 
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Figure 1.25 Schematic of equipment setup for GMA welding 


Source: Courtesy of Hobart Brothers Company 


the voltages can be measured with a multimeter (such as supply voltages) but the 
"signal lines" will be be changing from HIGH to LOW to HIGH very quickly and these 
signals are detected with a Logic Probe. 


Here are some circuits with details of how to test the voltages. 
Most circuits do not show voltages at various different points and we will explain 
what to expect on each "stage." 


A "STAGE" 

A stage is a set of components with an input and output. A "stage" can also be called 
a "Building Block." 

Sometimes it has a capacitor on the input and one on the output. 

This means the stage is completely isolated as far as DC is concerned. 

The stage has a supply (a DC supply) and it is producing its own voltages on various 
points on the "stage." It can only process (amplify) "AC." (signals). 

Sometimes the stage can be given a name, such as small-signal amplifier, push-pull 
amplifier or output. 

If the stage has a link or resistor connected to a previous stage, the previous stage 
will have a "DC effect" on the stage. In other words it will be biasing or controlling 
the voltages on the stage. The stage may be called a "timer" or "delay" or "DC 
amplifier." 


It is important to break every circuit into sections. This makes testing easy. If you 
have a capacitor at the input and output, you know all the problems lie within the 
two capacitors. 

In a digital circuit (no capacitors) you need to work on each IC (integrated Circuit) 
and test the input for activity and all the outputs. 


Once you have determined if the circuit is Analogue or Digital, or a combination of 
both, you have to look at the rail voltage and work out the size or amplitude of the 
voltage or waveform. 

This is done before making a test, so your predictions are confirmed. 

You will need a multimeter (either Digital or Analogue) a Logic Probe and a Signal 
Injector (Tone Generator). An analogue meter has the advantage that it will 
detect slight fluctuations of voltage at a test-point and its readings are faster than a 
digital meter. A digital meter will produce an accurate voltage-reading - so you 
should have both available. 


HIGH IMPEDANCE AND LOW IMPEDANCE 


Every point in a circuit has a characteristic called "IMPEDANCE." This has never been 
discussed before in any text book. That's why it will be new to you. 

In other words, every point will be "sensitive to outside noise." 

An audio amplifier is a good example. If you put your finger on the active input, it 
will produce hum or buzz in the speaker. This is because it is a HIGH IMPEDANCE 
line or high impedance section of the circuit. 

The same applies to every part in a circuit and when you place Test Equipment on a 
line for testing purposes, the equipment will "upset" the line. It may be very slight 
but it can also alter the voltage on the point CONSIDERABLY. 

We have already mentioned (above) how a cheap multimeter can produce a false 
reading when measuring across a 1M resistor. That's why you need high impedance 
test Equipment so you do not "load" the point you are testing and create an 
inaccurate reading. 

The word Impedance really means resistance, but when you have surrounding 
components such as diodes, capacitors, transistors, coils, Integrated Circuits, supply- 
voltages and resistors, the combined effect is very difficult to work out as a 
"resistance" and that's why we call it "Impedance." 

The term "High and Low Impedance’ is a relative term and does not have any 
absolute values but we can mention a few points to help you decide. 

In general, the base of a transistor, FET input of an IC are classified as HIGH 
IMPEDANCE. 

The output of these devices are LOW IMPEDANCE. 


Gas Metal Arc Welding Equipment, Setup, and Operation 35 





Figure 1.26 Small 110-V GMA welder 


Source: Courtesy of Thermal Arc, a Thermadyne Company 





Figure 1.27 Robot welding 
Source: Courtesy of ESAB Welding & Cutting Products 


Typical GMA welding machines produce a DC welding current ran- 
ging from 40 amperes to 600 amperes with 10 volts to 40 volts, depending 
upon the machine. In the past, some GMA processes used AC welding 
current, but DCRP is used almost exclusively now. Typical power sup- 
plies are shown in Figure 1.29. 

Because many GMAW power supplies are used in automation and 
require long periods of continuous use, it is not unusual for GMA weld- 
ing machines to have a 100% duty cycle. This allows the machine to be 
run continuously at its highest-rated output without damage. 





Figure 1.28 Portable water cooler 
for GMA welding equipment 


Source: Courtesy of Lincoln Electric Company 
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Figure 1.29 Two power supplies for multipurpose GMAW applications 
(A) An expensive 200-ampere constant-voltage power supply, and (B) a 650-ampere constant-voltage and constant-current power supply. 
Source: (A) Courtesy of ESAB Welding & Cutting Products (B) Courtesy of Lincoln Electric Company 
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Electrode (Wire) Feed Unit 


The purpose of the electrode feeder is to provide a steady and reliable 
supply of wire to the weld. Slight changes in the rate at which the wire 
is fed have distinct effects on the weld. 

The motor used in a feed unit is usually a DC type that can be con- 
tinuously adjusted over the desired range. Figure 1.30 and Figure 1.31 
show typical wire-feed units and accessories. 


Push-type Feed System 


The wire rollers are clamped securely against the wire to provide the 
necessary friction to push the wire through the conduit to the gun. The 
pressure applied on the wire can be adjusted. A groove is provided in 
the roller to aid in alignment and to lessen the chance of slippage. Most 
manufacturers provide rollers with smooth or knurled U-shaped or 
V-shaped grooves, Figure 1.32. Knurling (a series of ridges cut into the 
groove) helps grip larger-diameter wires so that they can be pushed 
along more easily. Soft wires, such as aluminum, are easy to damage if 
knurled rollers are used. Soft wires are best used with U-grooved rollers. 
Even V-grooved rollers can distort the surface of the wire, causing pro- 
blems. V-grooved rollers are best suited for hard wires, such as mild 
steel and stainless steel. It is also important to use the correct-size 
grooves in the rollers. 

Variations of the push-type electrode wire feeder include the pull type 
and push-pull type. The difference is in the size and location of the drive 
rollers. In the push-type system, the electrode must have enough 
strength to be pushed through the conduit without kinking. Mild steel 
and stainless steel can be readily pushed 15 to 20 ft (4 to 6 m), but alu- 
minum is much harder to push more than 10 ft (3 m). 
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Figure 1.30 Examples of wire feeders 

(A) A 90-ampere power supply and wire feeder for welding sheet steel with carbon dioxide 
shielding. (B) Modern wire feeder with digital preset and readout of wire-feed speed and 
closed-loop control. 

Source: (A) Courtesy of Lincoln Electric Company (B) Courtesy of ESAB Welding & Cutting Products 
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Figure 1.31 A variety of accessories are available for most electrode feed systems. 
(A) Swivel post, (B) boom hanging bracket, (C) counterbalance mini-boom, (D) spool cover, (E) wire feeder wheel cart, and (F) carrying handle. 
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Figure 1.32 Feed rollers 


Pull-type Feed System 


In pull-type systems, a smaller but higher-speed motor is located in the 
gun to pull the wire through the conduit. Using this system, it is possible 
to move even soft wire over great distances. The disadvantages are that 
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the gun is heavier and more difficult to use, rethreading the wire takes 
more time, and the operating life of the motor is shorter. 


Push-pull-type Feed System 


Push-pull-type feed systems use a synchronized system with feed motors 
located at both ends of the electrode conduit, Figure 1.33. This system 
can be used to move any type of wire over long distances by periodically 
installing a feed roller into the electrode conduit. Compared to the pull- 
type system, the advantages of this system include the ability to move 
wire over longer distances, faster rethreading, and increased motor life 
due to the reduced load. A disadvantage is that the system is more 
expensive. 


Linear electrode feed systems use a different method to move the wire 
and change the feed speed. Standard systems use rollers that pinch the 
wire between the rollers. A system of gears is used between the motor 
and rollers to provide roller speed within the desired range. The linear 
feed system does not have gears or conventional-type rollers. 

The linear feed system uses a small motor with a hollow armature 
shaft through which the wire is fed. The rollers are attached so that they 
move around the wire. Changing the roller pitch (angle) changes the 
speed at which the wire is moved without changing the motor speed. 





Figure 1.33 Wire-feed system that enables the wire to be moved through a longer cable 
Source: Courtesy of Lincoln Electric Company 
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This system works in the same way that changing the pitch on a screw, 
either coarse threads or fine threads, affects the rate that the screw will 
move through a spinning nut. 

The advantage of a linear system is that the bulky system of gears is 
eliminated, thus reducing weight, size, and wasted power. The motor 
operates at a constant high speed where it is more efficient. The reduced 
size allows the system to be housed in the gun or within an enclosure in 
the cable. Several linear wire feeders can be synchronized to provide an 
extended operating range. The disadvantage of a linear system is that the 
wire may become twisted as it is moved through the feeder. 


A spool gun is a compact, self-contained system consisting of a small 
drive system and a wire supply, Figure 1.34A. This system allows the 
welder to move freely around a job with only a power lead and shielding 
gas hose to manage. The major control system is usually mounted on the 
welder. The feed rollers and motor are found in the gun just behind the 





Figure 1.34 Feeder/guns for GMA welding 
Source: Courtesy of ESAB Welding & Cutting Products 
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nozzle and contact tube, Figure 1.34B. Because of the short distance the 
wire must be moved, very soft wires (aluminum) can be used. A small 
spool of welding wire is located just behind the feed rollers. The small 
spools of wire required in these guns are often very expensive. Although 
the guns are small, they feel heavy when being used. 


The electrode conduit or liner guides the welding wire from the feed roll- 
ers to the gun. It may be encased in a lead that contains the shielding gas. 

Power cable and gun switch circuit wires are contained in a conduit 
that is made of a tightly wound coil having the needed flexibility and 
strength. The steel conduit may have a nylon or Teflon liner to protect 
soft, easily scratched metals, such as aluminum, as they are fed. 

If the conduit is not an integral part of the lead, it must be firmly 
attached to both ends of the lead. Failure to attach the conduit can result 
in misalignment, which causes additional drag or makes the wire jam com- 
pletely. If the conduit does not extend through the lead casing to make a 
connection, it can be drawn out by tightly coiling the lead, Figure 1.35. Coil- 
ing will force the conduit out so that it can be connected. If the conduit is 
too long for the lead, it should be cut off and filed smooth. Too long a lead 
will bend and twist inside the conduit, which may cause feed problems. 


The welding gun attaches to the end of the power cable, electrode con- 
duit, and shielding gas hose, Figure 1.36. It is used by the welder to pro- 
duce the weld. A trigger switch is used to start and stop the weld cycle. 
The gun also has a contact tube, which is used to transfer welding cur- 
rent to the electrode moving through the gun, and a gas nozzle, which 
directs the shielding gas onto the weld, Figure 1.37. 


CONDUIT 


LEAD CASING 


Figure 1.35 Tightly coiled lead casing will force the liner out of the gun 
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Safety glasses and/or flash 
glasses must be worn to protect 
the eyes from flying sparks. 





Figure 1.36 A typical GMA welding gun 

Guns like this are used for most welding processes with a heat shield attached to protect the 
welder’s gloved hand from intense heat generated when welding with high amperages. 

Source: Courtesy of Tweco, a Thermadyne Company 


SPOT WELDING 


GMA can be used to make high-quality arc spot welds. Welds can be 
made using standard or specialized equipment, Figure 1.38. The arc 
spot weld produced by GMAW differs from electric resistance spot weld- 
ing. The GMAW spot weld starts on one surface of one member and 
burns through to the other member, Figure 1.39. Fusion between the 
members occurs, and a small nugget is left on the metal surface. 

GMA spot welding has some advantages such as the following: 
(1) welds can be made in thin-to-thick materials; (2) the weld can be 
made when only one side of the materials to be welded is accessible; 
and (3) the weld can be made when there is paint on the interfacing sur- 
faces. The arc spot weld can also be used to assemble parts for welding to 
be done at a later time. 

Thin metal can be attached to thicker sections using an arc spot weld. 
If a thin-to-thick butt, lap, or tee joint is to be welded with complete joint 
penetration, often the thin material will burn back, leaving a hole, or 
there will not be enough heat to melt the thick section. With an arc spot 
weld, the burning back of the thin material allows the thicker metal to be 
melted. As more metal is added to the weld, the burn-through is filled, 
Figure 1.39. 

The GMA spot weld is produced from only one side. Therefore, it can 
be used on awkward shapes and in cases where the other side of the sur- 
face being welded should not be damaged. This makes it an excellent 
process for auto body repair. In addition, because the metals are melted 


Gas Metal Arc Welding Equipment, Setup, and Operation 43 


INSULATED 


CONDUCTOR TUBE CONDUIT 







GUN BODY 
CONTACT TUBE 







& GAS DIFFUSER 










NOZZLE 
(A) GUN TRIGGER 
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(B) 


Figure 1.37 GMA welding gun parts 
(A) Typical replaceable parts of a GMA welding gun. (B) Accessories and parts selection guide for a GMA welding gun. 
Source: Courtesy of ESAB Welding & Cutting Products 


and the molten weld pool is agitated, thin films of paint between the 


members being joined need not be removed. This is an added benefit 
for auto body repair work. 


Specially designed nozzles provide flash protection, part alignment, This not advisable fovany spot 


and arc alignment, Figure 1.40. As a result, for some small jobs it is pos- welding work requiring more 
sible to perform the weld with only safety glasses. The optional control than just a few spot welds to 
timer provides weld time and burn-back time. To make a weld, the be done without full welder’s 
amperage, voltage, and length of welding time must be set correctly. The safety gear. Prolonged exposure 


to the reflected ultraviolet light 


burn-back time is a short period at the end of the weld when the wire : : 
will cause skin burns. 


feed stops but the current does not. This allows the wire to be burned 
back so it does not stick in the weld, Figure 1.39D. 
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7——— SWING ARM 


WELDING 
a GUN 


WELDING 
TABLE 





Figure 1.39 A GMA spot weld 
(A) The arc starts, (B) a hole is burned through the first plate, (C) the hole is filled with weld metal, and (D) the wire feed stops and the 


arc burns the electrode back. 


—, FACE, EVE, AND EAR PROTECTION 
odule 
Key Indicator 1 Face and Eye Protection 


Module 5 Eye protection must be worn in the shop at all times. Eye protection can 
Key Indicator 1 be safety glasses with side shields, Figure 1.41, goggles, or a full face 
shield. To give better protection when working in brightly lit areas or out- 
doors, some welders wear flash glasses, which are special, lightly tinted, 
safety glasses. These safety glasses provide protection from both flying 
debris and reflected light. 


Power rails are LOW IMPEDANCE. 

An oscillator circuit and timing circuit are HIGH IMPEDANCE. 

A LOAD is low impedance. 

And it gets tricky: An input can be designed to accept a low-impedance device 
(called a transducer or pick-up) and when the device is connected, the circuit 
becomes LOW impedance, but the input circuitry is actually high impedance. 

The impedance of a diode or LED is HIGH before the device sees a voltage higher 
than the junction voltage and then it becomes LOW Impedance. 

Impedance is one of the most complex topics however it all comes down to testing a 
circuit without loading it. 

That's why test equipment should have an input impedance higher than 1M. 


The first circuit we will investigate is the Mini Bug Detector, shown above and 
below. Points on the circuit have been labelled A, B, C etc: 





Point A - The first transistor is "self-biased" and will have 0.6v on the base. The 
antenna is connected to a 20 turn coil and you might think the coil will "short" the 
signals to earth. 

But the coil and 470p capacitor form a circuit that oscillates at a high frequency 
when the antenna wire picks up stray signals. The coil and capacitor actually amplify 
the signals (see Talking Electronics website: Spy Circuits to see how a TANK CIRCUIT 
works) and these signals enter the base of the first transistor. 

This is classified as a HIGH Impedance section because the signals are small and 
delicate and any loading via test equipment will kill them. The first transistor 
amplifies the signals about 70 times and they appear at Point B. 


The signal passes though a 22n to Point C and the transistor amplifies the signal 
about 70 times to point D. Point C is classified as high impedance as any voltage 
measurement at this point will upset the biasing of the stage as a few millivolts 
change in base-voltage will alter the voltage on the collector considerably. Point D is 
classified as low impedance as any voltage-testing will not alter the voltage 
appreciably. 

The output of the second stage passes through a capacitor to the join of two diodes. 
These two diodes are not turned on because the voltage at Point E can never rise 
above 0.7v as this is the voltage produced by the base-emitter of the third 
transistor. 

The purpose of the two diodes is to remove background noise. Background noise is 
low amplitude waveforms and even though the transistor is turned on via the 220k, 
low amplitude signals will not be received. The third transistor works like this: It 
cannot be turned ON any more because any waveform from the 22n will be "clipped" 
by the bottom diode and it will never rise above 0.6v. 

So, the only signal to affect the transistor is a negative signal - to turn it OFF. 

Firstly we have to understand the voltage on the 22n. When the second transistor is 
sitting at mid-rail voltage, the 22n gets charged via the 2k2 and lower diode. When 
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SIDE SHIELDS 





OPENING TO 
ALLOW HOT 
GASES AND 
SPARKS OUT 
FLAT OUTSIDE CORNER TEE OR FILLET 
Figure 1.40 Specialized nozzles for GMA spot welding Figure 1.41 Safety glasses with side shields 


Suitable eye protection is important because eye damage caused by 
excessive exposure to arc light is not noticed. Welding light damage often 
occurs without warning, like a sunburn’s effect that is felt the following day. 
Therefore, welders must take appropriate precautions in selecting filters or 
goggles that are suitable for the process being used, Figure 1.42. Selecting 
the correct shade lens is also important, because both extremes of too light 
or too dark can cause eye strain. New welders often select too dark a lens, 
assuming it will give them better protection, but this results in eye strain in 
the same manner as if they were trying to read in a poorly lit room. In reality, 
any approved arc welding lenses will filter out the harmful ultraviolet light. 
Select a lens that lets you see comfortably. At the very least, the welder’s eyes 
must not be strained by excessive glare from the arc. 

Ultraviolet light can burn the eye in two ways. This light can injure 
either the white of the eye or the retina, which is the back of the eye, 
Figure 1.43. Burns on the retina are not painful but may cause some 
loss of eyesight. The whites of the eyes are very sensitive, and burns are 
very painful. The eyes are easily infected because, as with any burn, 
many cells are killed. These dead cells in the moist environment of the 
eyes will promote the growth of bacteria that cause infection. When the 
eye is burned, it feels as though there is something in the eye. Without a 
professional examination, however, it is impossible to tell if there is 
something in the eye. Because there may actually be something in the 
eye and because of the high risk of infection, home remedies or other 
medicines should never be used for eye burns. Anytime you receive an 
eye injury you should see a doctor. 


Welding Helmets 

Even with quality welding helmets, like those shown in Figure 1.44, the 
welder must check for potential problems that may occur from accidents 
or daily use. Small, undetectable leaks of ultraviolet light in an arc weld- 
ing helmet can cause a welder’s eyes to itch or feel sore after a day of 
welding. To prevent these leaks, make sure the lens gasket is installed 
correctly, Figure 1.45. The outer and inner clear lenses must be plastic. 
As shown in Figure 1.46, a lens can be checked for cracks by twisting it 
between your fingers. Worn or cracked spots on a helmet must be 
repaired. 
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1 2 3 


Goggles, flexible Goggles, flexible 
fitting, regular venti- : fitting, hooded = & 


lation ventilation 


Goggles, cushioned 
fitting, rigid body 


4 5 6 


| ¥ Spectacles (j Spectacles, eyecup Spectacles, semi- 
iy ( a” Ey i. \ vee eyeshicide flat-fold side shields 


7 7A 8 8A 


lenses lenses - tinted lenses clear safety lenses 


Welding goggles, Chipping goggles, bs Welding goggles, Chipping goggles, 
-@® eyecup type, tinted  eyecup type, tinted \ coverspec type, eOverspes type: 


9 10 1 


Welding helmet 
Welding goggles, : Face shield, plastic g 


coverspec type, or mesh window 
tinted plate lens (see caution note) 


*Non-side-shield spectacles are available for limited hazard use requiring only frontal protection. 


Applications 


Operation Hazards Protectors 


Acetylene-burning Sparks, harmful rays, 

Acetylene-cutting molten metal, 7,8,9 

Acetylene-welding flying particles 

Chemical handling Splash, acid burns, fumes 2 (for severe exposure add 10) 
Chipping Flying particles 1,2,4,5,6,7A,8A 

Sparks, intense rays, 
molten metal 
Furnace operations Glare, heat, molten metal 7,8,9 (for severe exposure add 10) 
Grinding—light Flying particles 1,3,5,6 (for severe exposure add 10) 
Grinding—heavy Flying particles 1,3,7A,8A (for severe exposure add 10) 
Chemical splash, 
glass breakage 
Machining Flying particles 1,3,5,6 (for severe exposure add 10) 

Molten metals Heat, glare, sparks, splash 7,8 (10 in combination with 5,6 in tinted lenses) 

Spot welding Flying particles, sparks 1,3,4,5,6 (tinted lenses advisable, for severe exposure add 10) 
CAUTION: 

Face shields alone do not provide adequate protection. Plastic lenses are advised for protection against molten metal splash. 


Contact lenses, of themselves, do not provide eye protection in the industrial sense and shall not be worn in a hazardous environment 
without appropriate covering safety eyewear. 














Electric (arc) welding 11 (in combination with 4,5,6 in tinted lenses advisable) 











Laboratory 2 (10 when in combination with 5,6) 














Figure 1.42 Huntsman selector chart 


Source: Courtesy of Kedman Co., Huntsman Product Division 
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ULTRAVIOLET (UV) LIGHT 


xX 





Figure 1.43 The eye can be burned on the white or on the retina by ultraviolet light 





Figure 1.44 Typical arc welding helmets for eye and face protection during welding 
Source: Courtesy of Hornell, Inc. 


Safety Glasses 

Safety glasses with side shields are adequate for general use, but if heavy 
grinding, chipping, or overhead work is being done, goggles or a full face 
shield should be worn in addition to safety glasses, Figure 1.47. Safety 
glasses are best for general protection. They must be worn under an arc 
welding helmet at all times. 
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HELMET 


GASKET 


CLEAR PLASTIC LENS 


SHADE LENS 





Figure 1.45 Correct placement of the gasket around the shade lens 
Correct gasket placement around the shade lens of a welding helmet is important because it 
can stop ultraviolet light from bouncing around the lens assembly. 


oy 





Figure 1.46 To check the shade lens for possible cracks, gently twist it 





Figure 1.47 Full face shield 


The welding environment can be very noisy. The sound level is at times 
high enough to cause pain and some loss of hearing if the welder’s ears 
are unprotected. Hot sparks can also drop into an open ear, causing severe 
burns. 

Ear protection is available in several forms. One form of protection is 
earmuffs that cover the outer ear completely, Figure 1.48. Another form 
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Figure 1.48 Earmuffs 
Earmuffs provide complete ear protection and can be worn under a welding helmet. 
Source: Courtesy of Mine Safety Appliances Company 





Figure 1.49 Earplugs 
Earplugs are used as protection from noise only. 
Source: Courtesy of Mine Safety Appliances Company 


of protection is earplugs that fit into the ear canal, Figure 1.49. Both of 
these protect a person’s hearing, but only the earmuffs protect the outer 


ear from burns. 
Damage to your hearing caused 


by high sound levels may not be 
detected until later in life, and 


GENERAL WORK CLOTHING the resulting loss in hearing is 


permanent. Your hearing will 
Special protective clothing cannot be worn at all times. It is, therefore, not improve with time, and each 
important to choose general work clothing that will minimize the possi- exposure to high levels of sound 
bility of getting burned because of the high temperature and amount of PAS HBIRE Se WUE DESL TEIN 
hot sparks, metal, and slag produced during welding, cutting, or brazing. 
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Work clothing must also stop ultraviolet light from passing through it. 
This is accomplished if the material chosen is a dark color, thick, and tightly 
woven. The best choice is 100% wool but it is difficult to find. Another good 
choice is 100% cotton clothing, the most popular fabric used. 

You must avoid wearing synthetic materials including nylon, rayon, 
and polyester. They can easily melt or catch fire. Some synthetics pro- 
duce a hot, sticky residue that can make burns more severe. Others 
may produce poisonous gases. 

The following are some guidelines for selecting work clothing: 


e Shirts must be long-sleeved to protect the arms, have a high- 
buttoned collar to protect the neck, Figure 1.50, be long enough to 
tuck into the pants to protect the waist, and have flaps on the 
pockets to keep sparks out (or have no pockets). 

e Pants must have legs long enough to cover the tops of the boots 
and must be without cuffs that would catch sparks. 

e Boots must have high tops to keep out sparks, have steel toes to 
prevent crushed toes, Figure 1.51, and have smooth tops to prevent 
sparks from being trapped in seams. 

e Caps should be thick enough to prevent sparks from burning the 
top of a welder’s head. 





Figure 1.50 Neck protection 

The top button of the shirt worn by the welder should always be buttoned in order to avoid 
severe neck burns. 

Source: Courtesy of Larry Jeffus 





Figure 1.51 Safety boots with steel toes are required by many welding shops 
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All clothing must be free of frayed edges and holes. The clothing must 
be relatively tight-fitting in order to prevent excessive folds or wrinkles 
that might trap sparks. 

Some welding clothes have pockets on the inside to prevent the pock- 
ets from collecting sparks. However, it is not safe to carry butane lighters 
or matches in these or any pockets while welding. Lighters and matches 
can easily catch on fire or explode if they are subjected to the heat and 
sparks of welding. 


SPECIAL PROTECTIVE CLOTHING 


General work clothing is worn by each person in the shop. In addition to 
this clothing, extra protection is needed for each person who is in direct 
contact with hot materials. Leather is often the best material to use, as it 
is lightweight, is flexible, resists burning, and is readily available. Syn- 
thetic insulating materials are also available. Ready-to-wear leather pro- 
tection includes capes, jackets, aprons, sleeves, gloves, caps, pants, knee 
pads, and spats, among other items. 


All-leather, gauntlet-type gloves should be worn when doing any welding, 
Figure 1.52. Gauntlet gloves that have a cloth liner for insulation are best 
for hot work. Noninsulated gloves will give greater flexibility for fine 
work. Some leather gloves are available with a canvas gauntlet top, 
which should be used for light work only. 

When a great deal of manual dexterity is required for gas tungsten arc 
welding, brazing, soldering, oxyfuel gas welding, and other delicate pro- 
cesses, soft leather gloves may be used, Figure 1.53. All-cotton gloves are 
sometimes used when doing very light welding. 


There is no safe place to carry 
butane lighters or matches while 
welding or cutting. They can 
catch fire or explode if subjected 
to welding heat or sparks. Bu- 
tane lighters may explode with 
the force of a quarter of a stick 
of dynamite. Matches can erupt 
into a ball of fire. Both butane 
lighters and matches must 
always be removed from the 
welder’s pockets and placed a 
safe distance away before any 
work is started. 





Figure 1.52 All-leather, gauntlet-type welding gloves 
Source: Courtesy of Larry Jeffus 


Figure 1.53 Soft leather gloves 

For welding that requires a great deal of manual dexterity, soft leather 
gloves can be worn. 
Source: Courtesy of Larry Jeffus 
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Botly Protection 


Full leather jackets and capes will protect a welder’s shoulders, arms, and 
chest, Figure 1.54. A jacket, unlike the cape, protects a welder’s back and 
complete chest. A cape is open and much cooler but offers less protec- 
tion. The cape can be used with a bib apron to provide some additional 
protection while leaving the back cooler. Either the full jacket or the cape 
with a bib apron should be worn for any out-of-position work. 


Waist and Lap Protection 


Bib aprons or full aprons will protect a welder’s lap. Welders will espe- 
cially need to protect their laps if they squat or sit while working and 
when they bend over or lean against a table. 


For some vertical welding, a full or half sleeve can protect a person’s arm, 
Figure 1.55. The sleeves work best if the work level is not above the 
welder’s chest. Work levels higher than this usually require a jacket or 
cape to keep sparks off the welder’s shoulders. 


Leg and Foot Protection 


When heavy cutting or welding is being done and a large number of 
sparks are falling, leather pants and spats should be used to protect the 
welder’s legs and feet. If the weather is hot and full leather pants are 
uncomfortable, leather aprons with leggings are available. Leggings can 
be strapped to the legs, leaving the back open. Spats will prevent sparks 
from burning through the front of lace-up boots. 





Figure 1.54 Full leather jacket 
Source: Courtesy of Larry Jeffus 
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Figure 1.55 Full leather sleeve 
Source: Courtesy of Larry Jeffus 
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The keys to producing quality GMA welds are equipment, setup, and 
adjustments. Once you have mastered these skills the only remaining 
obstacle to your producing consistent, uniform, high-quality welds is 
your ability to follow, or track, the joint consistently. Some welders find 
that lightly dragging their glove along the metal surface or edge of the 
fabrication can aid them in controlling the weld consistency. One of the 
advantages of the GMA welding process is its ability to produce long, 
uninterrupted welds. However, this often leads to welder fatigue. Finding 
a comfortable welding position that you can maintain for several minutes 
at a time will both improve your weld quality and reduce your fatigue. 

Selecting the proper method of metal transfer—short arc, globular, or 
spray transfer—is normally done by the welding shop foreman or super- 
visor. He or she makes these selections based on the material being 
welded, the welding position, and other factors, including welding proce- 
dure specifications and applicable codes. A welder must be proficient 
with each of the various methods of metal transfer. It is therefore impor- 
tant that you spend time practicing and developing your skills with each 
of these processes. 
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Ty 


2. 


Why is usage of the term GMAW preferable to MIG for gas metal arc 
welding? 

Using Table 1.1, answer the following: 

a. What maintains the arc in machine welding? 

b. What feeds the filler metal in manual welding? 

c. What provides the joint travel in automatic welding? 

d. What provides the joint guidance in semiautomatic welding? 


. What factors have led to increased usage of the GMAW process? 
. In what form is metal transferred across the arc in the axial spray 


metal transfer method of GMA welding? 


. What three conditions are required for the spray transfer process to 


occur? 


. Using Table 1.3, answer the following: 


a. What should the wire-feed speed and voltage ranges be to weld 
1/8-in. metal with 0.035-in. wire using argon shielding gas? 

b. What should the amperage and voltage ranges be when using 98% 
Ar + 2% Oz» to weld 1/4-in. metal with 0.045-in. wire? 


. What ranges does the pulsed-arc metal transfer shift between? 
. How do frequency, amplitude, and width of the pulses affect the 


GMA pulse welding process? 


. How have electronics helped the pulsed-arc process? 
. Why is helium added to argon when making some spray or pulsed- 


spray transfer welds? 


. Why does DCEP help with welds on metals such as aluminum? 

. Why is CO, added to argon when making GMA spray transfer welds? 
. Why should CO, not be used to weld stainless steel? 

. How is the metal transferred from the electrode to the plate during 


the GMAW-‘S process? 


. Using Figure 1.12, what should be the approximate voltage at 175 


amps at 200 in./min when using 0.035-in. ER70S-6 electrode wire? 


. Using Table 1.8, what would the amperage be for 0.035-in. (0.9-mm) 


wire at 200 in./min (5 m/min)? 


. Using Table 1.9, what shielding gas should be used for welding on 


copper? 


. What may happen if the GMA welding electrode is allowed to strike 


the base metal outside the molten weld pool? 


. What effect does shortening the electrode extension have on weld 


penetration? 


. Describe the weld produced by a backhand welding angle. 

. Describe the weld produced by a forehand welding angle. 

. What components make up a GMA welding system? 

. Why must GMA welders have a 100% duty cycle? 

. What can happen if rollers of the wrong shape are used on aluminum 


wire? 


. Where is the drive motor located in a pull-type wire-feed system? 
. How is the wire-feed speed changed with a linear feed system? 

. What type of liner should be used for aluminum wire? 

. What parts of a typical GMA welding gun can be replaced? 

. Describe the spot welding process using a GMA welder. 


the transistor gets tuned ON, the collector voltage falls and the left side of the 22n 
drops. The right side of the 22n also drops and when it drops 0.6v, the top diode 
starts to conduct and when the voltage on the 22n drops more than 0.6v the third 
transistor starts to turn OFF. This effect is amplified by the transistor at least 100 
times and appears at Point F. All the voltages around the two diodes are classified 
as HIGH Impedance as any piece of test equipment will upset the voltage and 
change the output. 

There are some losses in amplitude of the signal as it passes through the 22n 
coupling capacitors but the end result is a very high strength signal at point G. The 
4th transistor drives a 10mMH choke and the mini piezo is effectively a 20n capacitor 
that detects the "ringing" of the inductor to produce a very loud output. 

The 22n capacitor on the collector eliminates some of the background noise. The 
choke and piezo form an oscillatory circuit that can produce voltages above 15v, 
even though the supply is 3v. 

The 47n capacitor at Point J is to keep the supply rails "tight" (to create a LOW 
Impedance) to allow weak cells to operate the circuit. 

The "Power-ON" LED tells you to turn the device off when not being used and Point 
L is the power supply - a low impedance line due to the 47u electrolytic. 


Testing the Mini Bug Detector 

To test the Mini Bug Detector, you will need a Signal Injector. 

Place the Injector on Point G and you will hear a tone. Then go to E, C and A. The 
tone will increase in volume. If it does not increase, you have pin-pointed the faulty 
stage. 


The next circuit is a combination of digital and analogue signals. It is a Logic Probe: 


GREEN RED YELLOVY 


LOW HIGH PULSE +VE 


1N 4002 Vv 





G 
11x 1N 4148 
diodes 


The voltage on a circuit (to be tested) is detected by the probe at Point A of the 
circuit above and the "tip" is classified as "reasonably high impedance" as it has a 
220k resistor between the tip and Ov rail. The 1M reduces the impedance by about 
20% but the inputs of the two inverters have no effect on the "tip" impedance as 
they are extremely high input-impedance devices. 

The 1M trim pot is designed to put put a voltage on point B that is slightly higher 
than mid-rail so the green LED is turned off. 

Point A will see a voltage below mid-rail and point C will be HIGH. Point C and F 
are low-impedance outputs. 

When the tip of the probe is connected to a LOW voltage, Point B sees a LOW and 
Point F goes LOW to illuminate the green LED. At the same time it removes the 
"jamming voltage" produced by the diode between pin 4 of the 4049 and pin 3 of the 







OBJECTIVES 


After completing this chapter, the student should be able to 


set up a GMA welding work station 
thread the electrode wire on a GMAW machine 
set the shielding gas flow rate on a GMAW machine 


use various settings on a GMA welding machine, and compare the effects 
on a weld 


demonstrate the effect of changing the electrode extension on a weld 
describe the effects of changing the welding gun angle on the weld bead 


list six variables to consider when selecting the shielding gas for a par- 
ticular application 


evaluate weld beads made with various shielding gas mixtures 


explain why hot-rolled steel should be cleaned to bright metal before 
welding 


make GMA welds in butt joints, lap joints, and tee joints in all positions 
that will pass a specified standard’s visual or destructive examination 








criteria 
KEY TERMS 
bird-nesting contact tube spool drag 
cast feed rollers wire-feed speed 
conduit liner flow rate 






AWS SENSE EG2.0 


Key Indicators Addressed in this Chapter: 


Module 1: Occupational Orientation 


ay Key Indicator 1: Prepares time or job cards, reports or records 
Key Indicator 2: Performs housekeeping duties 
Key Indicator 3: Follows verbal instructions to complete work 
assignments 
Key Indicator 4: Follows written details to complete work assignments 
Module 2: Safety and Health of Welders 


L | Key Indicator 1: Demonstrates proper use and inspection of personal 
protection equipment (PPE) 
Key Indicator 2: Demonstrates proper work area operation 


) 
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Key Indicator 3: Demonstrates proper use and inspection of ventilation 
equipment 

Key Indicator 4: Demonstrates proper hot zone operation 

Key Indicator 7: Demonstrates proper inspection and operation of equip- 
ment for each welding or thermal cutting process used 
(This is best done as part of the process module/unit for 
each of the required welding and thermal cutting 
processes.) 

Module 3: Drawing and Welding Symbol Interpretation 


Key Indicator 1: Interprets basic elements of a drawing or sketch 
Key Indicator 2: Interprets welding symbol information 

Key Indicator 3: Fabricates parts from a drawing or sketch 
Module 5: Gas Metal Arc Welding [GMAW-S, GMAW (spray) ] 


Key Indicator 1: Performs safety inspections of GMAW equipment and 
accessories 
Key Indicator 2: Makes minor external repairs to GAAW equipment and 
accessories 
Short-circuit Transfer 
Key Indicator 3: Sets up for GMAW-S operations on carbon steel 
Key Indicator 4: Operates GMAW-S equipment on carbon steel 
Key Indicator 5: Makes GMAW-S fillet welds, in all positions, on carbon 
steel 
Key Indicator 6: Makes GMAW-S groove welds, in all positions, on carbon 
steel 
Key Indicator 7: Passes GMAW-S welder performance qualification test 
(workmanship sample) on carbon steel 
Spray Transfer 
Key Indicator 8: Sets up for GMAW (spray) operations on carbon steel 
Key Indicator 9: Operates GMAW (spray) equipment on carbon steel 
Key Indicator 10: Makes GMAW (spray) fillet welds, in the 1F and 2F 
positions, on carbon steel 
Key Indicator 11: Makes GMAW (spray) groove welds, in the 1G position, 
on carbon steel 
Key Indicator 12: Passes GMAW (spray) welder performance qualification 
test (workmanship sample) on carbon steel 
Module 9: Welding Inspection and Testing Principles 


Key Indicator 1: Examines cut surfaces and edges of prepared base metal 
parts. 

Key Indicator 2: Examines tacks, root passes, intermediate layers, and 
completed welds 





INTRODUCTION 


Performing a satisfactory GMA weld requires more than just manipulative skill. 
The setup, voltage, amperage, electrode extension, and welding angle, as well 
as other factors, can dramatically affect the weld produced. The very best 
welding conditions are those that will allow a welder to produce the largest 
quantity of successful welds in the shortest period of time with the highest 
productivity. Because these are semiautomatic or automatic processes, in- 
creased productivity may require only that the welder increase the travel 


speed and current. This does not mean that the welder will work harder but, 
rather, that the welder will work more productively, resulting in a greater cost 
efficiency. 

The more cost efficient welders can be, the more competitive they and 
their companies become. This can make the difference between being awarded 
a job or losing work. 


SETUP 


The same equipment may be used for semiautomatic GMAW, flux 
cored arc welding (FCAW), and submerged arc welding (SAW). Often, 
FCAW and SAW equipment have a higher amperage range. In addi- 
tion, equipment for FCAW and SAW is more likely to be automated 
than that for GMAW. However, GMA welding equipment can easily be 
automated. 

The basic GMAW installation consists of the following: welding gun, 
gun switch circuit, electrode conduit or liner, welding contractor control, 
electrode feed unit, electrode supply, power source, shielding gas supply, 
shielding gas flowmeter regulator, shielding gas hoses, and both power 
and work cables. Typical water-cooled and air-cooled guns are shown in 
Figure 2.1. The equipment setup in this chapter is similar to equipment 
built by other manufacturers, which means that any skills developed can 
be transferred easily to other equipment. 





Figure 2.1 GMA welding guns are available in a variety of sizes and shapes 
Source: Courtesy of ESAB Welding & Cutting Products 
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Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 5 + 


Short-circuit Transfer 
Key Indicator 3 
Spray Transfer 

Key Indicator 8 


PRACTICE 2-1 


GMAW Equipment Setup 


For this practice, you will need a GMAW power source, a welding gun, 
an electrode feed unit, an electrode supply, a shielding gas supply, a 
shielding gas flowmeter regulator, electrode conduit, power and work 
leads, shielding gas hoses, assorted hand tools, spare parts, and any 
other required materials. In this practice, you will properly set up a 
GMA welding installation. 

If the shielding gas supply is a cylinder, it must be chained securely in 
place before the valve protection cap is removed, Figure 2.2. Standing to 
one side of the cylinder and making sure no bystanders are in line with 
the valve, quickly crack the valve to blow out any dirt in the valve before 
the flowmeter regulator is attached, Figure 2.3. With the flowmeter regu- 





Figure 2.2 Make sure the gas cylinder is chained securely in place before removing the 
safety cap 
Source: Courtesy of Larry Jeffus 





Figure 2.3 Attaching the flowmeter regulator 
Be sure the tube is vertical. 
Source: Courtesy of Larry Jeffus 
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lator attached securely to the cylinder valve, attach the correct hose from 
the flowmeter to the “gas-in” connection on the electrode feed unit or 
machine. 

Install the reel of electrode (welding wire) on 
the holder and secure it, Figure 2.4. Check the 
feed roller size to ensure that it matches the 
wire size, Figure 2.5. The conduit liner size 
should be checked to be sure that it is compa- 
tible with the wire size. Connect the conduit to 
the feed unit. The conduit or an extension 
should be aligned with the groove in the roller 


and set as close to the roller as possible without HB-28 
touching, Figure 2.6. Misalignment at this point < ms 6 ie 
can contribute to a bird’s nest, Figure 2.7. Bird- ae eA aS 202 


nesting of the electrode wire results when the = $305408 — 033 
feed roller pushes the wire into a tangled ball, 
like a bird’s nest, because the wire would not 
go through the outfeed side conduit. 





Figure 2.4 Wire label 

When installing the spool of wire, check the label to be sure that the 
wire is the correct type and size. 

Source: Courtesy of Larry Jeffus 


FEED ROLLER SIZE 


FEED ROLLERS 


WIRE FEED ROLLERS SIZING 






FILLER 
WIRE 





(a) Rollers Too Small (b) Correct Roller Size (c) Rollers Too Large 





Figure 2.5 Checking feed roller size 

(A) Check to be certain that the feed rollers are the correct size for the wire being used. (B) If the wirefeed rollers are too small, the 
welding wire could be damaged. If the wirefeed rollers are too large, the rollers will not grip the wire. 

Source: (A) Courtesy of Larry Jeffus 
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ELECTRODE 








ALIGN SIDE TO SIDE TOP VIEW FEED ROLLERS 


NOTE: DO NOT TOUCH 


ELECTRODE 


ALIGN TOP TO BOTTOM 


FRONT VIEW 


Figure 2.6 Feed 





Figure 2.7 “Bird’s nest” in the filler wire at the feed rollers 
Source: Courtesy of Larry Jeffus 


Be sure the power is off before attaching the welding cables. The elec- 
trode and work leads should be attached to the proper terminals. The 
electrode lead should be attached to the terminal marked electrode or 
positive (+). If necessary, it is also attached to the power cable part of 
the gun lead. The work lead should be attached to the terminal marked 
work or negative (-). 

The shielding “gas-out” side of the solenoid is then also attached to 
the gun lead. If a separate splice is required from the gun switch circuit 
to the feed unit, it should be connected at this time, Figure 2.8. Check to 
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see that the welding contractor circuit is connected from the feed unit to 
the power source. 

The welding gun should be securely attached to the main lead cable 
and conduit, Figure 2.9. There should be a gas diffuser attached to the 
end of the conduit liner to ensure proper alignment. A contact tube 
(tip) of the correct size to match the electrode wire size being used 
should be installed, Figure 2.10. A shielding gas nozzle is attached to 
complete the assembly. 

Recheck all fittings and connections for tightness. Loose fittings can 
leak, loose connections can cause added resistance, reducing the welding 


MAGHINE WELDING 
GUN 


" “=~ WIRE FEEDER 
WELDER /— 


A \ oe 
| 


INTERCONNECTIC 
CABLES 





Figure 2.8 GMAW station setup 
(A) Typical GMA welding machine. (B) Typical interconnecting cables and wires for a semiautomatic GMA welding station. 
Source: (A) Courtesy of Lincoln Electric Company (B) Courtesy of Dynatorque 


ALLEN WRENCH 
GAS DIFFUSER 


CONDUIT 






ys 





SETSCREW 


Figure 2.9 GMA welding gun assembly 


Source: Courtesy of Larry Jeffus 
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CONDUIT LINER 


LINER 
SETSCREW 


THE WIRE PICKS UP 
THE WELDING CUR- 
RENT IN THIS AREA. 


CONTACT TUBE 





(A) 


Rene ARC SPOTS ON WIRE MAGNIFIED 100 TIMES. i 





(B) (C) 


Figure 2.10 The contact tube must be the correct size 

(A) Too small a contact tube will cause the wire to stick. (B) Too large a contact tube can cause arcing to occur between the wire and 
tube. (C) Heat from the arcing can damage the tube. 

Source: (B) Courtesy of Brett V. Hahn (C) Courtesy of Larry Jeffus 


efficiency. Some manufacturers include detailed setup instructions with 
their equipment, Figure 2.11. 
Module 1 ave Complete a copy of the “Student Welding Report” listed in Appendix I 
Key Indicator 1, 2, 3, 4 or provided by your instructor. 


Module 2 ave 


Key Indicator 1, 2, 3, 4, 7 PRACTICE 2-2 


Module 5 fj Threading GMAW Wire 

Short-circuit Transfer ; . ‘ F 
Key Indicator 3 Using the GMAW machine that was properly assembled in Practice 2-1, 
Spray Transfer you will turn the machine on and thread the electrode wire through the 


Key Indicator 8 system. 


Open the side cover. 


Remove the empty wire 
spool. 


Release upper feed 
roller. 


Reload the wire spool 
with the free end unreel- 
ing from the bottom. 


Thread wire through 
guide between rollers 
and into wire cable. 


Set the polarity as DCEP 
from GMA welding. 


Turn the input switch on. 


Figure 2.11 Example of manufacturer's setup instructions 
Source: Courtesy of Lincoln Electric Company 








Senne mien’ CaM) 
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With the gun trigger 
pressed, adjust the feed 
roller tension. 


Check the setting guide 
inside the machine door. 


Set the voltage and wire 
feed for the metal you 
are going to be welding. 


Attach work cable clamp 
to work to be welded. 


Connect gas to coupling 
at rear of case and turn 
on shielding gas. 


ALWAYS WEAR PROPER 
SAFETY EQUIPMENT. Pull 
trigger and weld. 
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If the wire stops feeding before 
it reaches the end of the contact 
tube, stop and check the system. 
If no obvious problem can be 
found, mark the wire with tape 
and remove it from the gun. It 
then can be held next to the 
system to determine the location 
of the problem. 


Check to see that the unit is assembled correctly according to the 
manufacturer’s specifications. Switch on the power and check the gun 
switch circuit by depressing the switch. The power source relays, feed 
relays, gas solenoid, and feed motor should all activate. 

Cut the end of the electrode wire free. Hold it tightly so that it does 
not unwind. The wire has a natural curve that is known as its cast. The 
cast is measured by the diameter of the circle that the wire would make if 
it were loosely laid on a flat surface, Figure 2.12. The cast helps the wire 
make a good electrical contact as it passes through the contact tube. 
However, the cast can be a problem when threading the system. To 
make threading easier, straighten about 12 in. (305 mm) of the end of 
the wire and cut any kinks off. 

Separate the wire feed rollers and push the wire first through the 
guides, Figure 2.13, then between the rollers, and finally into the conduit 
liner. Reset the rollers so there is a slight amount of compression on the 
wire, Figure 2.14. Set the wire-feed speed control to a slow speed. Hold 
the welding gun so that the electrode conduit and cable are as straight as 
possible. 

With safety glasses on and the gun pointed away from the welder’s 
face, press the gun switch, or the cold feed switch if your wire feeder is 
equipped with one. The cold feed switch feeds wire without delivering 
current to the gun. The wire should start feeding into the liner. Watch 
to make certain that the wire feeds smoothly and release the gun switch 
as soon as the end comes through the contact tube. 

With the wire feed running, adjust the feed roller compression so that 
the wire reel can be stopped easily by a slight pressure. Too light a roller 
pressure will cause the wire to feed erratically. Too high a pressure can 
turn a minor problem into a major disaster. If the wire jams at a high 
roller pressure, the feed rollers keep feeding the wire, causing it to bird- 
nest and possibly short out. With a light pressure, the wire can stop, pre- 
venting bird-nesting. This is very important with soft wires. The other 


HELIX 
Siew Gaceeanenenee HELIX CAUSES TWISTING 
ELECTRICAL CONTACT FOR MORE UNIFORM 


CONTACT TIP WEAR 


Figure 2.12 Cast of a welding wire 


The cast of the welding wire causes it to rub firmly inside the contact tube for good electrical 
contact. The helix causes the electrode to twist inside the contact tube so that the tube is 
worn uniformly. 


74C14 and the oscillator between points H and J produces a low-tone via the 100k 
resistor and 22n to indicate a LOW. 

When the probe tip sees a HIGH, a lot more things happen. 

Point C goes LOW and turns on the red LED. At the same time the 100p is in an 
uncharged state and the right lead goes LOW. This takes the left lead LOW as the left 
lead connects to a HIGH Impedance line and pin 9 goes LOW. This makes point E 
HIGH 

and since the 1u is in an uncharged state, pin 11 goes HIGH. This makes point G 
LOW and the diode between pins 9 and 12 keeps pin 9 LOW and takes over from the 
pulse from the 100p. The yellow LED is illuminated. The 1u starts to charge via the 
470k and when it is approx half-charged, pin 11 sees a HIGH and point G goes low. 
This creates the length of pulse for the yellow LED. 

At the same time, Point L goes LOW because the "jamming diode" from pin 2 of the 
4049 goes low and allows the inverter between point L and N to produce a tone for 
the piezo. 

In addition, Point I goes HIGH and quickly charges a 1u electrolytic. This removes 
the effect of the jamming diode on pin 5 of the 74C14 and a low frequency oscillator 
made up of 68k and 1u between pins 5&6 turns on and off an oscillator between 
points O and R to get a beep. The mini piezo is driven n bridge mode via the two 
gates between points QT and PS. 

Point U is a iu electrolytic to reduce the impedance of the power rail and Point V is 
a protection diode to prevent damage if the probe is connected to the supply around 
the wrong way. 


Testing the Logic Probe 

You can test the Logic Probe with the simple Logic Probe with Pulse project described 
above. It will let you know if each point in the circuit is HIGH or LOW. You will also 
find out the difficulty in testing the points that are HIGH Impedance, as the Probe 
will upset the voltage levels and the reading may be inaccurate. 


More circuits will be added here in the future. 


THE VOLTAGE DIVIDER - this topic could fill a book. 


You need to read lots of other sections in this eBook, including the section on 
measuring across a resistor with a multimeter, and high impedance circuits, to fully 
understand the complexities of a VOLTAGE DIVIDER CIRCUIT. 

It is one of the most important BUILDING BLOCKS to understand. Even though it 
may consists of two components, you have to understand what is happening 
between these two components. You have to realise there is a voltage at their join 
that will be rising and falling due to one of the components changing RESISTANCE. 
Sometimes you can work out the voltage at the join by using Ohm's LAW but quite 
often it will be impossible as it is changing (rising and falling) during the operation of 
the circuit. 

At the beginning of this discussion we will only dealing with DC circuits and the 
voltage across a particular component will be due to its RESISTANCE. We are not 
going into any formulas, as it is very easy to measure the voltages with a multimeter 
set to VOLTS and you will have an accurate result. 

The simplest two components in series are resistors. They always have the same 
resistance during the operation of a circuit and the voltage across each will not 
change. 

In a further discussion we will cover "resistors" that change value according to the 
temperature. These are called THERMISTORS. And we have "resistors" that change 
value according to the light they receive. These are called LIGHT DEPENDENT 
RESISTORS (LDR's) or PHOTO RESISTORS. 

A transistor that is partly or fully turned ON can be considered to be similar to a 
resistor. 

In these 3 cases we need to measure the voltage at the join with a voltmeter as it 
will be a lot of work to measure the resistance and work out a value. 

You can also keep a voltmeter on the joint and watch the voltage change. 

Finally we have some components that produce a fixed voltage across them (or 
nearly fixed) and the remaining voltage is dropped across a resistor. These 





Figure 2.13 Push the wire through the guides by hand 


Source: Courtesy of Larry Jeffus 


WIRE FEED 


DRIVE ROLLER 
TENSIONER ee 


- —— 





Figure 2.14 Adjust the wire-feed tensioner 


Source: Courtesy of Larry Jeffus 


advantage of a light pressure is that the feed will stop if something like 
clothing or a gas hose is caught in the reel. 

With the feed running, adjust the spool drag so that the reel stops 
when the feed stops. The reel should not coast to a stop because the 
wire can be snagged easily. Also, when the feed restarts, a jolt occurs 
when the slack in the wire is taken up. This jolt can be enough to 
momentarily stop the wire, possibly causing a discontinuity in the weld. 

When the test runs are completed, the wire can either be rewound or 
cut off. Some wire-feed units have a retract button. This allows the feed 
driver to reverse and retract the wire automatically. To rewind the wire 
on units without this retraction feature, release the rollers and turn 
them backward by hand. If the machine will not allow the feed rollers 
to be released without upsetting the tension, you must cut the wire. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


GAS DENSITY AND FLOW RATES 


Density is the chief determinant of how effective a gas is for arc shielding. 
The lower the density of a gas, the higher will be the flow rate required 
for equal arc protection. Flow rates, however, are not in proportion to the 
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Do not discard pieces of wire on 
the floor. They present a hazard 
to safe movement around the 
machine. In addition, a small 
piece of wire can work its way 
into a filter screen on the weld- 
ing power source. If the piece of 
wire shorts out inside the ma- 
chine, it could become charged 
with high voltage, which could 
cause injury or death. Always 
wind the wire tightly into a ball 
or cut it into short lengths be- 
fore discarding it in the proper 
waste container. 
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If you need more shielding gas 
coverage in a windy or drafty 
area, use both a larger-diameter 
gas nozzle and a higher gas flow 
rate. The larger the nozzle size, 
the higher the permissible flow 
rate without causing turbu- 
lence. Larger nozzle sizes may 
restrict your view of the weld. 
You might also consider setting 
up a wind barrier to protect 
your welding from the wind, 
Figure 2.16. 


Module 1 aa 


Key Indicator 1, 2, 4 


Module 5 + 


Short-circuit Transfer 


Key Indicator 3 
Spray Transfer 
Key Indicator 8 








densities. Helium, with about one-tenth the density of argon, requires 
about twice the flow for equal protection. 

The correct flow rate can be set by checking welding guides that are 
available from the welding equipment and filler metal manufacturers. 
These welding guides list the gas flow required for various nozzle sizes 
and welding amperage settings. Some welders feel that a higher gas 
flow will provide better weld coverage, but that is not always the case. 
High gas flow rates waste shielding gases and may lead to contamination. 
The contamination comes from turbulence in the gas at high flow rates. 
Air is drawn into the gas envelope by the venturi effect around the edge 
of the nozzle. Also, the air can be drawn in under the nozzle if the torch 
is held at too sharp an angle to the metal, Figure 2.15. 


EXPERIMENT 2-1 


Setting Gas Flow Rate 


Using the equipment setup as described in Practice 2-1, and the 
threaded machine as described in Practice 2-2, you will set the shielding 
gas flow rate. 

The exact flow rate required for a certain job will vary depending 
upon welding conditions. This experiment will help you determine how 
those conditions affect the flow rate. You will start by setting the shield- 
ing gas flow rate at 35 cubic feet per hour (cfh) (16 L/min). 

Standing to one side, turn on the shielding gas supply valve. If the 
supply is a cylinder, the valve is opened all the way. With the machine 
power on and the welding gun switch depressed, you are ready to set 





KEY 
@ ARC SPOT 
( PURE SHIELDING GAS 
== MIXTURE OF AIR 
AND SHIELDING GAS 





Figure 2.15 The welding gun angle affects the shielding gas coverage for the molten weld pool. 
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Figure 2.16 A wind screen can help prevent the shielding gas from being blown away. 


the flow rate. Slowly turn in the adjusting screw and watch the float ball 
as it rises in a tube on a column of gas. The faster the gas flows, the 
higher the ball will float. A scale on the tube allows you to read the flow 
rate. Different scales are used with each type of gas being used. Since 
various gases have different densities (weights), the ball will float at vary- 
ing levels even though the flow rates are the same, Figure 2.17. The line 
corresponding to the flow rate may be read as it compares to the top, 
center, or bottom of the ball, depending upon the manufacturer’s 
instructions. There should be some marking or instruction on the tube 
or regulator to tell how it should be read, Figure 2.18. 























(A) 





Figure 2.18 Three methods of 
Figure 2.17 Reading gas flow rates reading a flowmeter 

Each of these gases is flowing at the same cfh (L/min) rate. Because helium (He) is less dense, its (A) Top of ball, (B) center of ball, and 
indicator ball is the lowest. Be sure that you are reading the correct scale for the gas being used. (C) bottom of ball. 
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Module 1 + 


Key Indicator 1, 2, 4 


Module 5 + 


Short-circuit Transfer 
Key Indicator 4 
Spray Transfer 

Key Indicator 9 


Release the welding gun switch, and the gas flow should stop. Turn off 
the power and spray the hose fittings with a leak-detecting solution. 

When you stop for more than a short period, close the shielding gas 
supply valve and release the hose pressure. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


ARC-VOLTAGE AND AMPERAGE CHARACTERISTICS 


The arc-voltage and amperage characteristics of GMA welding are differ- 
ent from those for most other welding processes. The voltage is set on the 
welder, and the amperage is set by changing the wire-feed speed. At any 
one voltage setting the amperage required to melt the wire must change 
as it is fed into the weld. More amperage is required to melt the wire the 
faster it is fed, and less the slower it is fed. 

Because changes in the wire-feed speed directly change the amper- 
age, it is possible to set the amperage by using a chart and measuring 
the length of wire fed per minute, Table 2.1. The voltage and amperage 
required for a specific metal transfer method differ for various wire sizes, 
shielding gases, and metals. 

The voltage and amperage setting will be specified for all welding 
done according to a welding procedure specification (WPS) or other 
codes and standards. However, most welding—like that done in small 
production shops, as maintenance welding, for repair work, in farm 
shops, and the like—is not done to a specific code or standard and there- 
fore no specific setting exists. For that reason, it is important to learn to 
make the adjustments necessary to allow you to produce quality welds. 


EXPERIMENT 2-2 


Setting the Current 


Using a properly assembled GMA welding machine, proper safety pro- 
tection, and one piece of mild steel plate approximately 12 in. (305 mm) 
long x 1/4 in. (6 mm) thick, you will change the current settings and 
observe the effect on GMAW. On a scale of 0 to 10, set the wire-feed 
speed control dial at 5, or halfway between the low and high settings of 


Table 2.1 Typical Amperages for Carbon Steel 


Wire Diameter 





Wire-feed Speed* -030 in. .035 in. .045 in. .062 in. 
(in./min) (0.8 mm) (0.9 mm) (1.2 mm) (1.6 mm) 
100 (2.5) 40 65 120 190 
200 (5.0) 80 120 200 330 
300 (7.6) 130 170 260 425 
400 (10.2) 160 210 320 490 
500 (12.7) 180 245 365 - 
600 (15.2) 200 265 400 - 
700 (17.8) 215 280 430 - 





*To check feed speed, run out wire for one minute and then measure its length. 


the unit. The voltage is also set at a point halfway between the low and 
high settings. The shielding gas can be COz, argon, or a mixture. The gas 
flow should be adjusted to a rate of 35 cfh (16 L/min). 

Hold the welding gun at a comfortable angle, lower your welding 
hood, and pull the trigger. As the wire feeds and contacts the plate, the 
weld will begin. Move the gun slowly along the plate. Note the following 
welding conditions as the weld progresses: voltage, amperage, weld 
direction, metal transfer, spatter, molten weld pool size, and penetration. 
Stop and record your observations in Table 2.2. Evaluate the quality of 
the weld as acceptable or unacceptable. 

Reduce the voltage somewhat and make another weld, keeping all 
other weld variables (travel speed, stickout, direction, amperage) the 
same. Observe the weld and upon stopping record the results. Repeat 
this procedure until the voltage has been lowered to the minimum 
value indicated on the machine. Near the lower end the wire may stick, 
jump, or simply no longer weld. 

Return the voltage indicator to the original starting position and make 
a short test weld. Stop and compare the results to those first observed. 
Then slightly increase the voltage setting and make another weld. Repeat 
the procedure of observing and recording the results as the voltage is 
increased in steps until the maximum machine capability is obtained. 
Near the maximum setting the spatter may become excessive if CO. 
shielding gas is used. Care must be taken to prevent the wire from fusing 
to the contact tube. 

Return the voltage indicator to the original starting position and make 
a short test weld. Compare the results observed with those previously 
obtained. 

Lower the wire-feed speed setting slightly and use the same proce- 
dure as before. First lower and then raise the voltage through a complete 
range and record your observations. After a complete set of test results 
are obtained from this amperage setting, again lower the wire-feed 
speed for a new series of tests. Repeat this procedure until the amperage 
is at the minimum setting shown on the machine. At low amperages and 
high voltage settings, the wire may tend to pop violently as a result of the 
uncontrolled arc. 

Return the wire-feed speed and voltages to the original settings. Make 
a test weld and compare the results with the original tests. Slightly raise 
the wire speed and again run a set of tests as the voltage is changed in 
small steps. After each series, return the voltage setting to the starting 
point and increase the wire-feed speed. Make a new set of tests. 

All of the test data can be gathered into an operational graph for the 
machine, wire type, size, and shielding gas. Set up a graph like that in 
Figure 2.19 to plot the data. The acceptable welds should be marked on 


Table 2.2 Setting the Current 


Weld Molten 
Acceptability Voltage Amperage Spaitter Pool Size Penetration 
Good 20 75 Light Small Little 





Electrode diameter 0.035 in. (0.9 mm) 
Shielding gas CO2 
Welding direction Backhand 
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VOLTAGE 





25 50 75 100 125 150 175 200 225 250 


AMPERAGE 
WIRE SIZE 0.045 IN. (1.2 MM) 
SHIELDING GAS Ar + 2% Oo 
FOREHAND 


X UNACCEPTABLE WELD 
¢ ACCEPTABLE WELD 


Figure 2.19 Graph for GMAW machine settings 


the lines that extend from the appropriate voltages and amperages. Upon 
completion, the graph will give you the optimum settings for the opera- 
tion of this particular GMAW setup. The optimum settings are along a 
line in the center of the acceptable welds. 

Experienced welders will follow a much shorter version of this type of 
procedure anytime they are starting to work on a new machine or testing 
for a new job. This experiment can be repeated using different types of 
wire, wire sizes, shielding gases, and weld directions. Turn off the weld- 
ing machine and shielding gas and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


ELECTRODE EXTENSION 


Because of the constant-potential (CP) power supply, the welding current 
will change as the distance between the contact tube and the work 
changes. Although this change is slight, it is enough to affect the weld 
being produced. The longer the electrode extension, the greater the 


resistance will be to the welding current flowing through the small weld- 
ing wire. This results in some of the welding current being changed to 
heat at the tip of the electrode, Figure 2.20. With a standard constant- 
current (CC) power supply for SMA welding, the heat buildup would 
also reduce the arc voltage, but with a CP power supply the voltage 
remains constant and the amperage increases. If the electrode extension 
is shortened, the welding current decreases. 

The increase in current does not result in an increase in penetration, 
because the current is being used to heat the electrode tip and not being 
transferred to the weld metal. Penetration is reduced and buildup is 
increased as the electrode extension is lengthened. Penetration is 
increased and buildup decreased as the electrode extension is shortened. 
Controlling the weld penetration and buildup by changing the electrode 
will help maintain weld bead shape during welding. It will also help you 
better understand what may be happening if a weld starts out correctly 
but begins to change as it progresses along the joint. You may be chan- 
ging the electrode extension without noticing the change. Short electrode 
stickout gives a hotter weld, and long stickout results in a cooler weld. 


EXPERIMENT 2-3 


Electrode Extension 


Using a properly assembled GMA welding machine, proper safety pro- 
tection, and a few pieces of mild steel, each about 12 in. (305 mm) long 
and ranging in thickness from 16 gauge to 1/2 in. (13 mm), you will 
observe the effect of changing electrode extension on the weld. 

Start at a low current setting. Using the graph developed in Experi- 
ment 2.2, set both the voltage and amperage. The settings should be 
equal to those on the optimum line established for the wire type and 
size being used with the same shielding gas. 

Holding the welding gun at a comfortable angle and height, lower your 
helmet and start to weld. Make a weld approximately 2 in. (51 mm) long. 
Then reduce the distance from the gun to the work while continuing 
to weld. After a few inches, again shorten the electrode extension even 










HEAT 
BUILDUP 


Figure 2.20 Heat buildup due to the extremely high current for the small conductor 
(electrode) 
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more. Keep doing this in steps until the nozzle is as close as possible to the 
work. Stop and return the gun to the original starting distance. 

Repeat the process just described but now increase the electrode 
extension and make welds of a few inches at each extension. Keep 
increasing the electrode extension until the weld will no longer fuse or 
the wire becomes impossible to control. 

Change the plate thickness and repeat the procedure. When the series 
has been completed with each plate thickness, raise the voltage and 
amperage to a medium setting and repeat the process. Upon completing 
this series of tests, adjust the voltage and amperage upward to a high 
setting. Make a full series of tests using the same procedures as before. 

Record the results in Table 2.3 after each series of tests. The final 
results can be plotted on a graph, as was done in Figure 2.21, to establish 
the optimum electrode extension for each thickness, voltage, and amper- 
age. Turn off the welding machine and shielding gas and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Table 2.3 Electrode Extension 


Weld Electrode Contact Tube to Bead 
Acceptability Voltage Amperage Extension Work Distance Shape 
Poor 20 100 1 in. 1-1/4 in. Narrow, high, 
(25 mm) (31 mm) with little 
penetration 


Electrode diameter: 0.035 in. (0.9 mm) 
Shielding gas: CO. 
Welding direction: Forehand 


INCHES 


MILLIMETERS 


ELECTRODE EXTENSION 





INCREASE BEAD HEIGHT —=> 
DECREASE IN BEAD PENETRATION = = = > 


ELECTRODE DIAMETER _ 0.035 IN. (0.9 MM) 
SHIELDING GAS CO, 
WELDING DIRECTION FOREHAND 


Figure 2.21 Plot of Experiment 2-3 results 


The term welding gun angle refers to the angle between the GMA welding 
gun and the work as it relates to the direction of travel. Backhand weld- 
ing, or dragging angle, Figure 2.22, produces a weld with deep penetra- 
tion and higher buildup. Forehand welding, or pushing angle, Figure 2.23, 
produces a weld with shallow penetration and little buildup. 

Slight changes in the welding gun angle can be used to control the 
weld as the groove spacing changes. A narrow gap may require more 
penetration, but as the gap spacing increases a weld with less penetration 
may be required. Changing the electrode extension and welding gun 
angle at the same time can result in a quality weld being made under 
less than ideal conditions. 


EXPERIMENT 2-4 


Welding Gun Angle 


Using a properly assembled GMA welding machine, proper safety 
protection, and some pieces of mild steel, each approximately 12 in. 
(305 mm) long and ranging in thickness from 16 gauge to 1/2 in. 
(13 mm), you will observe the effect of changing the welding gun angle 
on the weld bead. 

Starting with a medium current setting and a plate that is 1/4 in. 
(6 mm) thick, hold the welding gun at a 30° angle to the plate in the 
direction of the weld, Figure 2.24. Lower your welding hood and depress 
the trigger. When the weld starts, move in a straight line and slowly pivot 
the gun angle as the weld progresses. Keep the travel speed, electrode 
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MOLTEN 
WELD METAL 


SHALLOW PENETRATION — WIDE 


DEEP PENETRATION — NARROW 
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AND LOW BEAD CONTOUR 


Figure 2.22 Backhand welding, or dragging angle Figure 2.23 Forehand welding, or pushing angle 
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BACKHAND 


Figure 2.24 Welding gun angle 


FOREHAND 


WELDING 
DIRECTION 


extension, and weave pattern (the side-to-side motion, if used) constant 
so that any change in the weld bead is caused by the angle change. 

The pivot should be completed in the 12 in. (8305 mm) of the weld. You 
will proceed from a 30° pushing angle to a 30° dragging angle. Repeat this 
procedure using different welding currents and plate thicknesses. 

After the welds are complete, note the differences in width and rein- 
forcement along the welds. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


EFFECT OF SHIELDING GAS ON WELDING 


Shielding gases in the gas metal arc process are used primarily to protect 
the molten metal from oxidation and contamination. Other factors must 
be considered, however, in selecting the right gas for a particular applica- 
tion. Shielding gas can influence arc and metal transfer characteristics, 
weld penetration, width of fusion zone, surface shape patterns, welding 
speed, and undercut tendency. Inert gases such as argon and helium 
provide the necessary shielding because they do not form compounds 
with any other substance and are insoluble in molten metal. When used 
as pure gases for welding ferrous metals, argon and helium may produce 
an erratic arc action, promote undercutting, and result in other flaws. 

It is therefore usually necessary to add controlled quantities of reac- 
tive gases to achieve good arc action and metal transfer with these mate- 
rials. Adding oxygen or carbon dioxide to the inert gas tends to stabilize 
the arc, promote favorable metal transfer, and minimize spatter. As a 
result, the penetration pattern is improved and undercutting is reduced 
or eliminated. 

Oxygen or carbon dioxide is often added to argon. The amount of 
reactive gas required to produce the desired effects is quite small. As little 
as 0.5% of oxygen will produce a noticeable change; 1% to 5% of oxygen 
is more common. Carbon dioxide may be added to argon in the 10% to 
30% range. Mixtures of argon with less than 10% carbon dioxide may not 
have enough arc voltage to give the desired results. 


components MUST have a resistor connected in series to limit the current and allow 
the component to pass the specified in the datasheet. 

These devices include LEDs, diodes and zener diodes. A LED will have a fairly fixed 
voltage across it from 1.7v to 3.6v depending on the colour. A diode will have a 
voltage of 0.7v across it when it is connected to a voltage via a resistor. And a zener 
diode will have a fixed voltage across it when it is connected with the cathode to the 
positive rail via a resistor. The voltage across it will be as marked on the zener. 

The concept of a VOLTAGE DIVIDER is very simple, but it takes a lot of 
understanding because both VOLTAGE and CURRENT are involved in the 
UNDERSTANDING-PROCESS. 

Each component has a resistance and this can be measured with a multimeter. When 
two components are connected in series, a current will flow and a voltage will 
develop across each item. 

More voltage will develop across the item with the higher resistance and the addition 
of each voltage will always equal the supply voltage. 

That's the simple answer. 

There is a little more involved .. . It is the word CURRENT. Here is an explanation: 
Suppose we have a 1k and 2k resistor on a 12v supply. The voltage at the join will 
be 4v. 

In other words, there will be 4v across the ik and 8v across the 2k. 

If we have a 10k and 20k resistors in series, the voltage will also be 4v at the join. 
If we have a 100k and 200k resistors, the voltage will also be 4v at the join. 

The voltage will be the same in all cases, but the current will be different. The 
current in the second case will be one-tenth and only one hundredth in the third 
case. 

If you want to go further, place a one ohm and two ohm in series and get 4v. But the 
resistors will get very hot and burn out very quickly. 


SOLDERING 
Here are three 30-minute videos on soldering. 
1. TOOLS 


2. Soldering components 
3. Soldering SURFACE MOUNT components 


TESTING A MOTOR 


Strictly speaking, a motor is not an electronic component, but since a website gave a 
useless description on testing motors, I have decided to supply the correct 
information. 

The only REAL way to test a motor is to have two identical motors and check the 
torque by connecting them to a low voltage and trying to stop the shaft with your 
fingers. This will give you two results. Firstly it will let you know the torque of the 
motor. 

This is the twisting effect of the shaft. There is no way to determine the torque by 
knowing the voltage or current. 

The unknown factor is the strength of the field magnets (permanent magnets) and 
this determines the torque. 

Secondly, feeling the shaft will let you know if the torque is even for a complete 
revolution. 

By having two identical motors, you can see if one has a lower torque. 

Almost nothing can go wrong with a motor except for the brushes. If the brushes 
wear out, additional resistance will be produced at the interface between the brush 
and commutator and this can be detected by allowing the shaft to rotate slowly and 
feeling the resistance as it revolves. A 3-pole motor will have three places where the 
strength is greatest and each should have the same feeling. A 5-pole motor will have 
five places of strength. 

If the strength is weak or not uniform, the motor is faulty. 

You cannot test a motor with a multimeter as the resistance of the armature winding 
is very low and if the motor is allowed to spin, the back voltage produced by the 
spinning, increases the reading on the meter and is false. 


Adding oxygen or carbon dioxide to an inert gas causes the shielding 
gas to become oxidizing. This in turn may cause porosity in some ferrous 
metals. In this case, a filler wire containing suitable deoxidizers should be 
used. The presence of oxygen in the shielding gas can also cause some 
loss of certain alloying elements, such as chromium, vanadium, alumi- 
num, titanium, manganese, and silicon. Again, the addition of a deoxidi- 
zer to the filler wire is necessary. 

Pure carbon dioxide has become widely used as a shielding gas for 
GMA welding of steels. It allows higher welding speed, better penetration 
in the short-circuiting transfer mode, and good mechanical properties, 
and it costs less than the inert gases. The chief drawback in the use of 
carbon dioxide is the less-steady-arc characteristics and considerable 
weld-metal-spatter losses. The spatter can be kept to a minimum by 
maintaining a very short, uniform arc length. Consistently sound welds 
can be produced using carbon dioxide shielding, provided that a filler 
wire having the proper deoxidizing additives is used. 


EXPERIMENT 2-5 


Effect of Shielding Gas Changes 


Using a properly assembled GMA welding machine; proper safety pro- 
tection; a source of COs, argon, and oxygen gases or a variety of premixed 
shielding gases; two flowmeters (or one two-gas mixing regulator); and 
some pieces of mild steel plate, each about 12 in. (305 mm) long and 
ranging in thickness from 16 gauge to 1/2 in. (13 mm), you will observe 
the effect of various shielding gas mixtures on the weld. 

Using a mixing flowmeter regulator will allow the gases to be mixed in 
any desired mixture. A mixing ratio chart to be used to arrive at the 
approximate gas percentages appears in Figure 2.25. The exact ratios 
are not so important to you, as a student, as they are on code work. 


20 
40 
35 16 
30 14 
CO. 
<= 10 
¢ 20 
8 
15 
6 
10 
4 
2 2 
0 0 
CO.PERCENTAGE 0% 10 20 30 40 50 60 70 80 90 100% 


Ar PERCENTAGE 100% 90 80 70 60 50 40 30 20 10 0% 


Figure 2.25 Gas mixing percentages 
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EXAMPLE: 
10 CFH CO, = 28% 
25 CFH Ar = 72% 
cS 35 CFH TOTAL = 100% 
+ 475L/MIN CO, = 28% 
11.75L/MIN Ar = 72% 
16.5L/MIN TOTAL = 100% 
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With a medium voltage and amperage setting and using a 100% car- 
bon dioxide (CO) shielding gas, start making a weld. Either change the 
mixture after each weld or have another person change the shielding gas 
during the weld. Keep the total flow rate the same by adding argon (Ar) 
while reducing the CO, to preserve the same flow rate. During the 
experiment, change over the shielding gas to 100% argon (Ar). 

After the weld is complete, evaluate it for spatter, penetration, under- 
cut, buildup, width, or other noticeable changes along its length. Using 
Table 2.4, record the results of your evaluation. 

Repeat the procedure just explained two times more with both low 
and high power settings. Again, record your observations. 

Starting with 100% argon (Ar), add oxygen (Oz) to the shielding gas. 
The oxygen percentage will range from 0% to 10%, Figure 2.26. Very 
slight changes in the percentage will have dramatic effects on the weld. 
You will make three welds using low, medium, and high power settings. 
For each weld, you will record your observations. 


Table 2.4 Shielding Gas Mixtures 


Weld Puddle Bead 

Acceptability Voltage Spatter Penetration Size Appearance 

Good 75 Ar25 COs Very little Deep Large Wide with 
little buildup 





Electrode diameter: 0.035 in. (0.9 mm) 
Welding direction: Backhand 

Voltage: 25 

Amperage: 150 





EXAMPLE: 

39 CFH Ar = 97.5% 
= Zz 1 CFH O2 = 2.5% 
i = 40CFH TOTAL = 100 % 
oO = 

18.4 L/MIN Ar = 97.5% 

0.5 L/MIN Oo = 2.5% 





18.9 L/MIN TOTAL = 100 % 





Ar PERCENTAGE 100% 99 98 97 96 95 94 93 92 91 90% 
Oz PERCENTAGE 0% 1 2 3 4 5 6 7 8 9 10% 


Figure 2.26 Ar and 02 Mixture Percentages 


During some of the welding tests, you will notice a change in the 
method of metal transfer, weld heat, and general weld performance with- 
out a change in the current settings. The shielding gas mixture can have 
major effects on the rate of metal transfer and the welding speed, as well 
as other welding variables. Higher speeds and greater production can be 
obtained by using some gas mixtures. However, the savings can be com- 
pletely offset by the higher gas cost. Before making a final decision about 
the gas to be used, all the variables must be compared. Table 2.5 lists 
premixed shielding gases and their uses. 

Turn off the welding machine and shielding gas and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICES 


The practices in this chapter are grouped according to those requiring 
similar techniques and setups. To make acceptable GMA welds consis- 
tently, the major skill required is the ability to set up the equipment 
and weldment. Changes such as variations in material thickness, posi- 
tion, and type of joint require changes in both technique and setup. A 
correctly set up GMA welding station can, in many cases, be operated 
with minimum skill. Often the only difference between a welder earning 
a minimum wage and one earning the maximum wage is the ability to 
make correct machine setups. 

Ideally, only a few tests would be needed for the welder to make the 
necessary adjustments in setup and manipulation techniques to achieve 


Table 2.5 Shielding Gases and Gas Mixtures Used for Gas Metal Arc Welding 


Shielding Gas Chemical Behavior Uses and Usage Notes 
1. Argon Inert Welding virtually all metals except steel 
2. Helium Inert Al and Cu alloys for greater heat and to minimize porosity 
3. Ar and He Inert 


(20% to 80% 
to 50% to 50%) 


4. No Reducing On Cu, very powerful arc 


Gas Metal Arc Welding 


Al and Cu alloys for greater heat and to minimize porosity but 
with quieter, more readily controlled arc action 


5. Ar + 25% to 30% No Reducing On Cu, powerful but smoother operating, more readily 
controlled arc than with No 
6. Ar + 1% to 2% Os Oxidizing Stainless and alloy steels, also for some deoxidized copper 
alloys 
7. Ar + 3% to 5% Os Oxidizing Plain carbon, alloy, and stainless steels (generally requires 
highly deoxidized wire) 
8. Ar + 3% to 5% Os Oxidizing Various steels using deoxidized wire 
9. Ar + 20% to 30% Os Oxidizing Various steels, chiefly with short-circuiting arc 
10. Ar + 5% Os + 15% COs Oxidizing Various steels using deoxidized wire 
11. COs Oxidizing Plain-carbon and low-alloy steels, deoxidized wire essential 
12. COs + 3% to 10% Os Oxidizing Various steels using deoxidized wire 
13. COs + 20% Os Oxidizing Steels 
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a good weld. The previous welding experiments should have given the 
welder a graphic set of comparisons to help that welder make the correct 
changes. In addition to keeping the test data, you may want to keep the 
test plates for a more accurate comparison. 

The grouping of practices in this chapter will keep the number of vari- 
ables in the setup to a minimum. Often, the only change required before 
going on to the next weld is to adjust the power settings. 

Figures that are given in some of the practices will give the welder 
general operating conditions, such as voltage, amperage, and shielding 
gas or gas mixture. These are general values, so the welder will have to 
make some fine adjustments. Differences in the type of machine being 
used and the material surface condition will affect the settings. For 
this reason, it is preferable to use the settings developed during the 
experiments. 


METAL PREPARATION 


All hot-rolled steel has an oxide layer, which is formed during the rolling 
process, called mill scale. Mill scale is a thin layer of dark gray or black 
iron oxide. Some hot-rolled steels that have had this layer removed either 
mechanically or chemically can be purchased. However, almost all of the 
hot-rolled steel used today still has this layer because it offers some pro- 
tection from rusting. 

Mill scale is not removed for noncode welding, because it does not 
prevent most welds from being suitable for service. For practice welds 
that will be visually inspected, mill scale can usually be left on the plate. 
Filler metals and fluxes usually have deoxidizers added to them so that 
the adverse effects of the mill scale are reduced or eliminated, Table 2.6. 
But with GMA welding wire it is difficult to add enough deoxidizers to 
remove all effects of mill scale. The porosity that mill scale causes is most 
often confined to the interior of the weld and is not visible on the surface, 
Figure 2.27. Because it is not visible on the surface, it usually goes unno- 
ticed and the weld passes visual inspection. 

If the practice results are going to be destructively tested or if the work 
is of a critical nature, then all welding surfaces within the weld groove 
and the surrounding surfaces within 1 in. (25 mm) must be cleaned to 
bright metal, Figure 2.28. Cleaning may be either grinding, filing, sand- 
ing, or blasting. 


Table 2.6 Deoxidizing Elements in Filler Wire 


Deoxidizing Element Strength 
Aluminum (Al) Very strong 
Manganese (Mn) Weak 
Silicon (Si) Weak 
Titanium (Ti) Very strong 


Zirconium (Zr) Very strong 
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Figure 2.27 Uniformly scattered porosities 


Figure 2.28 Clean all surfaces to bright metal before welding 


FLAT POSITION, 14 AND 1F POSITIONS 


PRACTICE 2-3 
Stringer Beads Using the Short-circuiting Metal Transfer Method 
in the Flat Position W Module 4 
Using a properly set up and adjusted GMA welding machine, Table 2.7, Key Indicator 1, 2, 3, 4 


proper safety protection, 0.035-in. and/or 0.045-in. (0.9-mm and/or avi secalee 
1.2-mm) diameter wire, and two or more pieces of mild steel sheet 12 in. 


Key Indicator 1, 2, 3, 4, 7 
(305 mm) long and 16 gauge and 1/8 in. (3 mm) thick, you will make a peer 


stringer bead weld in the flat position, Figure 2.29. W Module 5 
Starting at one end of the plate and using either a pushing or dragging Short-circuit Transfer 
technique, make a weld bead along the entire 12-in. (305-mm) length of Key Indicator 4 


the metal. After the weld is complete, check its appearance. Make any 
needed changes in voltage, wire feed speed, or electrode extension to 
correct the weld (refer to Figure 2.19 and Figure 2.21). Repeat the weld 
and make additional adjustments. After the machine is set, start to work 
on improving the straightness and uniformity of the weld. 

Keeping the bead straight and uniform can be hard because of the 
limited visibility due to the small amount of light and the size of the mol- 
ten weld pool. The welder’s view is further restricted by the shielding gas 
nozzle, Figure 2.30. Even with limited visibility, it is possible to make a 


Table 2.7 Typical Welding Current Settings for Short-circuiting Metal Transfer 
for Mild Steel 


Amperage Voltage 
Wire Range Range Shielding 
Process Diameter (Optimum) (Optimum) Gas 


Short-circuiting 0.030 60 (100) 140 14(15)16 100% CO. 


0.035 90 (130) 150 16(17)20 75% Ar + 25% COe 
98% Ar + 2% O 
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Welding: Skils, Processes and Practices 
MATERIAL: 
16 GAAND 1/8" MILD STEEL SHEET 12" X 3" 
PROCESS: 
GMAW STRINGER BEAD FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 2-3 SEAN MURPHY 





Figure 2.29 Stringer beads in the flat position 


MOLTEN WELD POOL 






WATCH FOR FUSION 
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= BEAD 
WELD WIDTH 


DIRECTION 


Figure 2.30 Watching the weld in forehand welding 
The shielding gas nozzle restricts the welder’s view of the weld bead when pushing. 


satisfactory weld by watching the edge of the molten weld pool, the 
sparks, and the weld bead produced. Watching the leading edge of the 
molten weld pool (forehand welding, pushing technique) will show you 
the molten weld pool fusion and width. Watching the trailing edge of the 
molten weld pool (backhand welding, dragging technique) will show you 
the amount of buildup and the relative heat input, Figure 2.31. The quan- 
tity and size of sparks produced can indicate the relative location of the 
filler wire in the molten weld pool. The number of sparks will increase as 
the wire strikes the solid metal ahead of the molten weld pool. The gun 
itself will begin to vibrate or bump as the wire momentarily pushes 
against the cooler, unmelted base metal before it melts. Changes in 
weld width, buildup, and proper joint tracking can be seen by watching 
the bead as it appears from behind the shielding gas nozzle. 


MOLTEN WELD POOL 







NOZZLE 


REDNESS (HEAT INPUT) 
j BUILDUP 





L_ BEAD 
WELD \ WIDTH 
DIRECTION REDNESS (HEAT INPUT) 


Figure 2.31 Watching the weld in backhand welding 
Watch the trailing edge of the molten weld pool. 


Repeat each type of bead as needed until consistently good beads are 
obtained. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-4 


Flat Position Butt Joint, Lap Joint, and Tee Joint 


Using the same equipment, materials, and procedures listed in 
Practice 2-3, make welded butt joints, lap joints, and tee joints in the 
flat position, Figure 2.32A, 2.32B and 2.32C. 


e Tack weld the sheets together and place them flat on the welding 
table, Figure 2.33. 


12" 
(305 mm) 
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* THIS DIMENSION WILL DECREASE AS THE OLD MATERIAL: 
WELD IS CUT OUT SO THE METAL CAN BE REUSED. 16 GAAND 1/8" MILD STEEL SHEET 12" X 3" 


PROCESS: 
NUMBER: DRAWN BY: 


Figure 2.32 (A) Butt joint in the flat position 
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12" 
“THIS DIMENSION WILL DECREASE (305 mm) 








1" 
AS THE OLD WELD IS CUT OUT > (13 mm) 
SO THE METAL CAN BE REUSED. IS THE MAXIMUM 


OVERLAP TO 
CONSERVE METAL. 


Welding: Skils, Processes and Practices 
MATERIAL: 
16 GAAND 1/8" MILD STEEL SHEET 12" X 3” 
PROCESS: 
GMAW LAP JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 2-4 SEAN MURPHY 





Figure 2.32 (B) Lap joint in the flat position 





Welding: Skils, Processes and Practices 


MATERIAL: 
16 GAAND 1/8” MILD STEEL SHEET 12” X 3” 


PROCESS: 
NUMBER: DRAWN BY: 





Figure 2.32 (C) Tee joint in the flat position 
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Figure 2.33 Tack welds 


Use enough tack welds to keep the joint in alignment during welding. Small tack welds are easier to weld over without adversely 


affecting the weld. 
Source: Courtesy of Larry Jeffus 


e Starting at one end, run a bead along the joint. Watch the molten 
weld pool and bead for signs that a change in technique may be 
required. 

e Make any needed changes as the weld progresses. By the time the 
weld is complete, you should be making the weld nearly perfectly. 

e Using the same technique that was established in the last weld, 
make another weld. This time, the entire 12 in. (305 mm) of weld 
should be flawless. 


Repeat each type of joint with both thicknesses of metal until consis- 
tently good beads are obtained. Turn off the welding machine and shield- 
ing gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-5 


Flat Position Butt Joint, Lap Joint, and Tee Joint, All with 100% 
Penetration 


Using the same equipment, materials, and setup listed in Practice 2-3, 
make a welded joint in the flat position with 100% penetration along the 
entire 12-in. (305-mm) length of the welded joint. Repeat each type of 
joint until consistently good beads are obtained. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


at Module 1 
Key Indicator 1, 2, 3, 4 


ait Module 2 


Key Indicator 1, 2, 3, 4, 7 


Ww Module 5 


Key Indicator 5, 6 

This exercise addresses the 
“Flat” position portion of the 
all-position requirement. 
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Module 1 af 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 5 + 


Key Indicator 5, 6 

This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 


45° 





Figure 2.34 Vertical up position 


Source: Photo courtesy of Larry Jeffus 


VERTICAL UP 3G AND 3F POSITIONS 
PRACTICE 2-6 


Stringer Bead at a 45° Vertical Up Angle 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make a vertical up stringer bead on a plate at a 45° inclined angle. 

Start at the bottom of the plate and hold the welding gun at a slight 
pushing or upward angle to the plate, Figure 2.34. Brace yourself, lower 
your hood, and begin to weld. Depending upon the machine settings and 
type of shielding gas used, you will make a weave pattern. 

If the molten weld pool is large and fluid (hot), use a “C” or “J” weave 
pattern to allow a longer time for the molten weld pool to cool, Figure 2.35. 
Do not make the weave so long or fast that the wire is allowed to strike the 
metal ahead of the molten weld pool. If this happens, spatter increases and 
a spot or zone of incomplete fusion may occur, Figure 2.36. 

If the molten weld pool is small and controllable, use a small “C,” zig- 
zag, or “J” weave pattern to control the width and buildup of the weld. A 
slower speed can also be used. Watch for complete fusion along the lead- 
ing edge of the molten weld pool. Figure 2.37 shows a weld that did not 
fuse with the plate. 





Figure 2.35 Vertical up weld patterns 
Left, “C” pattern; right, “J” pattern. 





Figure 2.36 Burst of spatter caused by incorrect electrode 
contact with base metal 
Source: Courtesy of Larry Jeffus 


Micro motors have a coreless armature. This means the 3 windings for the armature 
are wound on a machine then bent slightly into shape and glued. A circular magnet 
with 3 poles is in the centre and the armature rotates around this. 

This type of motor is reasonably efficient because the armature is the greatest 
distance from the point of rotation, and the motor reaches full RPM very quickly 
because the armature has very little inertia. 

I have not heard of the armature-winding flying apart but if you hear any scraping 
noise, it may be the winding. 

3-pole, 5-pole and micro motors can be found in printers, eject mechanisms of CD 
players, toys, RC helicopters, cars etc and rarely fail. 

Motors do not work on "voltage." They actually work on CURRENT and as you 
increase the voltage, more current will flow and produce a stronger magnetic field 
(by the winding on each pole). This magnetic field will be attracted by the permanent 
magnet surrounding the armature and repelled by the surrounding permanent 
magnet, depending on where the face of the pole is, during each revolution. 

If the permanent magnet is not very strong, the repulsion part of the interaction will 
be very weak and thus the torque will be small. 

Because motors work on "current" you must have a high current available when you 
increase the voltage as the motor will require short bursts of high current during 
each revolution. 

It is the combination of voltage and current (called watts) that gives the motor 
"strength" (torque) as well as the "strength" of the permanent magnets (called the 
field magnets) and the number of turns of wire on each pole (and the gauge of wire). 
Basically, if a motor is hard to spin, and has 3 "hard spots" on each revolution, it will 
be powerful. 

A 2-pole motor does not self-start and will spin in either direction. But a 3-pole 
motor will self-start and you can determine the direction of rotation. 

A 5-pole motor has a lower RPM. It is slightly smoother in output but is not more 
powerful than a 3-pole version. 

A motor with "permanent magnets" is called a DC motor as it will not work on AC. If 
the magnets are replaced with a coil, it will work on AC and it will be called a "shunt 
wound" motor of the field coil is connected across the same terminals as the brushes 
or a "series wound" motor if the field coil is in series with the armature. 


TESTING COMPONENTS "IN-CIRCUIT" 


You can test components while they are IN CIRCUIT, but the surrounding 
components will have an effect on the results. 

You can get all sorts of "In-Circuit" testers. They are expensive and offer little more 
accuracy than a multimeter. 

In-Circuit testing with a multimeter can give you the same results as a tester. 

All you have to do is turn the project ON and use a multimeter (set to voltage) to 
determine the voltage at various points. It is best to have a circuit of the equipment 
so you can what to expect at each point. 

Only major departures from the expected can be located in this way. 

Obviously the first thing to look for is burnt-out components. Then feel components 
such as transistors for overheating. 

The look for electrolytics that may be dry. Sometimes these have changed colour or 
are slightly swollen. 

If they are near hot components, they will be dry. 

For the cost of a few dollars I change ALL THE ELECTROLYTICS in some pieces of 
equipment, as a dry electrolytic is very difficult to detect. 

Testing a transistor "in-circuit" is firstly done with the supply ON. That's because it is 
quicker. 

Measure the voltage between ground and collector. 

In most cases you should get a voltage of about half-rail. If it is zero, or close to rail 
voltage, you may have a problem. 

Turn off the supply and use the multimeter on low-ohms to measure all six 
resistances between the leads. 

A low resistance in both directions on two leads will indicate a fault. 

Resistors almost NEVER go "HIGH." For instance, a 22k will never go to 50k. 
However a low-value resistor will "burn-out" and you will read the value of the 
surrounding components. 
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Figure 2.37 Weld separated from the plate 
There is no fusion between the weld and plate. 
Source: Courtesy of Larry Jeffus 





A weld that is high and has little or no fusion is too “cold.” Changing 
the welding technique will not correct this problem. The welder must 
stop welding and make the needed adjustments. 

As the weld progresses up the plate, the back or trailing edge of the 
molten weld pool will cool, forming a shelf to support the molten metal. 
Watch the shelf to be sure that molten metal does not run over, forming 
a drip. When it appears that the metal may flow over the shelf, either 
increase the weave lengths, lengthen the electrode extension, or stop 
and start the current for brief moments to allow the weld to cool. Stop- 
ping for brief moments will not allow the shielding gas to be lost. 

Continue to weld along the entire 12-in. (305-mm) length of the plate. 
Repeat this weld until a straight and uniform weld bead is produced. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-7 


Stringer Bead in the Vertical Up Position 


Repeat Practice 2-6 and increase the angle of the plate until you have 
mastered a straight and uniform weld bead in the vertical up position. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-8 


Butt Joint, Lap Joint, and Tee Joint in the Vertical Up Position 
at a 45° Angle 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make vertical up welded joints on a plate at a 45° inclined angle. 

Tack weld the metal pieces together and brace them in position. 
Check to see that you have free movement along the entire joint to 
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This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 
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Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 5 + 


Key Indicator 5, 6 

This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 


Module 1 aif 


Key Indicator 1, 2, 3, 4 


Module 2 W 


Key Indicator 1, 2, 3, 4, 7 


Module 5 W 


Short-Circuit Transfer 
Key Indicator 4 


prevent stopping and restarting during the weld. Avoiding stops and 
starts both speeds up the welding time and eliminates discontinuities. 

The weave pattern should allow for adequate fusion on both edges of 
the joint. Watch the edges to be sure that they are being melted so that 
adequate fusion and penetration occur. 

Repeat each type of joint as needed until consistently good beads are 
obtained. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-9 


Butt Joint, Lap Joint, and Tee Joint in the Vertical Up Position 
with 100% Penetration 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will increase the plate angle gradually as you develop skill until you are 
making satisfactory welds in the vertical up position. 

Repeat each type of joint as needed until consistently good beads are 
obtained. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


VERTICAL DOWN 3G AND SF POSITIONS 


The vertical down welding technique can be useful when making some 
types of welds. The major advantages of this technique are the following: 


e Speed—Very high rates of travel are possible. 

e Shallow penetration—Thin sections or root openings can be 
welded with little burn-through. 

e Good bead appearance—The weld has a nice width-to-height ratio 
and is uniform. 


Vertical down welds are often used on thin sheet metals or in the root 
pass in grooved joints. The combination of controlled penetration and 
higher welding speeds makes vertical down the best choice for such 
welds. The ease with which welds having a good appearance can be 
made is deceiving. Generally, more skill is required to make sound 
welds with this technique than in the vertical up position. The most com- 
mon problem with these welds is lack of fusion or overlap. To prevent 
these problems, the arc must be kept at or near the leading edge of the 
molten weld pool. 


PRACTICE 2-10 


Stringer Bead at a 45° Vertical Down Angle 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make a vertical down stringer bead on a plate at a 45° inclined 
angle. 


Holding the welding gun at the top of the plate with a slight dragging 
angle, Figure 2.38, will help to increase penetration, hold back the molten 
weld pool, and improve visibility of the weld. Be sure that your move- 
ments along the 12-in. (305-mm) length of plate are unrestricted. 

Lower your hood and start the weld. Watch both the leading edge and 
the sides of the molten weld pool for fusion. The leading edge should 
flow into the base metal, not curl over it. The sides of the molten weld 
pool should also show fusion into the base metal and not be flashed 
(ragged) along the edges. 

The weld may be made with or without a weave pattern. If a weave 
pattern is used, it should be a “C” pattern. The “C” should follow the 
leading edge of the weld. Some changes on the gun angle may help to 
increase penetration. Experiment with the gun angle as the weld 
progresses. 

Repeat these welds until you have established a rhythm and techni- 
que that work well for you. The welds must be straight and uniform and 
have complete fusion. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


NS 30° TO 45° cA 





Figure 2.38 Vertical down position 


Source: Courtesy of Larry Jeffus 
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This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 
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This exercise addresses the 
“Vertical” position portion of 
the all-position requirement. 


PRACTICE 2-11 


Stringer Bead in the Vertical Down Position 


Repeat Practice 2-10 and increase the angle of the plate until you have 
developed the skill to repeatedly make good welds in the vertical down 
position. The weld bead must be straight and uniform and have complete 
fusion. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-12 


Butt Joint, Lap Joint, and Tee Joint in the Vertical Down Position 


Using a properly set up and adjusted GMA welding machine, Table 2.7, 
proper safety protection, 0.035-in. and/or 0.045-in. (0.9-mm and/or 
1.2-mm) diameter wire, and two or more pieces of mild steel sheet 12 in. 
(305 mm) long and 16 gauge and 1/8 in. (3 mm) thick, you will make ver- 
tical down welded joints. 

Holding the welding gun at the top of the plate with a slight dragging 
angle, Figure 2.38, will help to increase penetration, hold back the molten 
weld pool, and improve visibility of the weld. Be sure that your move- 
ments along the 12-in. (305-mm) length of plate are unrestricted. 

Lower your hood and start the weld. Watch both the leading edge and 
sides of the molten weld pool for fusion. The leading edge should flow 
into the base metal, not curl over it. The sides of the molten weld pool 
should also show fusion into the base metal and not be flashed (ragged) 
along the edges. 

The weld may be made with or without a weave pattern. If a weave 
pattern is used, it should be a “C” pattern. The “C” should follow the lead- 
ing edge of the weld. Some changes on the gun angle may help to increase 
penetration. Experiment with the gun angle as the weld progresses. 

Repeat these welds until you have established a rhythm and techni- 
que that work well for you. The welds must be straight and uniform and 
have complete fusion. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-13 


Butt Joint and Tee Joint in the Vertical Down Position with 100% 
Penetration 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make welded joints with 100% weld penetration. 

It may be necessary to adjust the root opening to meet the penetra- 
tion requirements. The lap joint was omitted from this practice because 
little additional skill can be developed with it that is not already acquired 


with the tee joint. Repeat each type of joint until consistently good welds 
are obtained. Turn off the welding machine and shielding gas and clean 
up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


HORIZONTAL 2G AND 2F POSITIONS 
PRACTICE 2-14 


Horizontal Stringer Bead at a 45° Angle 

Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make a horizontal stringer bead on a plate at a 45° reclined angle. 

Start at one end with the gun pointed in a slightly upward direction, 
Figure 2.39. You may use a pushing or a dragging (a leading or a trail- 
ing) gun angle, depending upon the current setting and penetration 
desired. Undercutting along the top edge and overlap along the bottom 
edge are problems with both gun angles. Careful attention must be 
paid to the manipulation “weave” technique used to overcome these 
problems. 

The most successful weave patterns are the “C” and “J” patterns. The 
“J” pattern is the most frequently used. It allows weld metal to be depos- 
ited along a shelf created by the previous weave, Figure 2.40. The length 
of the “J” can be changed to control the weld bead size. Smaller weld 
beads are easier to control than large ones. 

Repeat these welds until you have established the rhythm and techni- 
que that work well for you. The weld must be straight and uniform and 
have complete fusion. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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Figure 2.39 45° horizontal position 


Gas Metal Arc Welding 


ait Module 1 


Key Indicator 1, 2, 3, 4 


aif Module 2 


Key Indicator 1, 2, 3, 4, 7 


+ Module 5 


Short-circuit Transfer 
Key Indicator 4 


89 


90 CHAPTER 2 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 ave 


Key Indicator 1, 2, 3, 4, 7 


Module 5 aif 


Key Indicator 5, 6 

This exercise addresses the 
“Horizontal” position portion of 
the all-position requirement. 





SECTION A-A = SECTION B-B SECTION C-C SECTION D-D 


Figure 2.40 Sections of a “J” weave pattern 
The actual size of the molten weld pool remains small along the weld. 


PRACTICE 2-15 


Stringer Bead in the Horizontal Position 


Repeat Practice 2-14 and increase the angle of the plate until you have 
developed the skill to repeatedly make good horizontal welds on a verti- 
cal surface. The weld bead must be straight and uniform and have com- 
plete fusion. Turn off the welding machine and shielding gas and clean 
up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-16 


Butt Joint, Lap Joint, and Tee Joint in the Horizontal Position 


Using the same equipment, materials, and setup listed in Practice 2-3, 
you will make horizontal welded joints. 

Tack weld the pieces of metal together and brace them in position 
using the same skills developed in Practice 2-14. Starting at one end, 
make a weld along the entire length of the joint. When making the butt 
or lap joints, it may help to recline the plates at a 45° angle until you have 
developed the technique required. Repeat each type of joint as needed 
until consistently good welds are obtained. Turn off the welding machine 
and shielding gas and clean up your work area when you are finished 
welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-17 


Butt Joint and Tee Joint in the Horizontal Position with 100% Penetration 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make overhead joints having 100% penetration in the horizontal 
position. 

It may be necessary to adjust the root opening to meet the penetra- 
tion requirements. Repeat each type of joint as needed until consistently 
good welds are obtained. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


OVERHEAD 4G AND 4F POSITIONS 


There are several advantages to the use of short-circuiting arc metal 
transfer in the overhead position, including the following: 


e Small molten weld pool size—The smaller size of the molten weld 
pool allows surface tension to hold it in place. Less molten weld 
pool sag results in improved bead contour with less undercut and 
fewer icicles, Figure 2.41. 

e Direct metal transfer—The direct metal transfer method does not 
rely on other forces to get the filler metal into the molten weld 
pool. This results in efficient metal transfer and less spatter and 
loss of filler metal. 


PRACTICE 2-18 


Stringer Bead in the Overhead Position 


Using the same equipment, materials, and setup as listed in Practice 2-3, 
you will make a welded stringer bead in the overhead position. 

The molten weld pool should be kept as small as possible for easier 
control. A small molten weld pool can be achieved by using lower cur- 
rent settings, by using a longer wire stickout, by traveling faster, or by 
pushing the molten weld pool. The technique used is the welder’s choice. 
Often a combination of techniques can be used with excellent results. 


UNDERCUT 
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Figure 2.41 Overhead weld 
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This exercise addresses the 
“Horizontal” position portion 
of the all-position requirement. 
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Figure 2.42 Two methods of 


concentrating heat at the beginning 
of a weld bead to aid in penetration 
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Figure 2.43 Shielding gas flow affected by excessive weld spatter 


in nozzle 


Lower current settings require closer control of gun manipulation to 
ensure that the wire is fed into the molten weld pool just behind the 
leading edge. The low power will cause overlap and more spatter if this 
contact position of wire to molten weld pool is not closely maintained. 

Faster travel speeds allow the welder to maintain a high production rate 
even if multiple passes are required to complete the weld. Weld penetration 
into the base metal at the start of the bead can be obtained by using a slow 
start or quickly reversing the weld direction. Both the slow start and reversal 
of weld direction put more heat into the start to increase penetration, Fig- 
ure 2.42. The higher speed also reduces the amount of weld distortion by 
reducing the amount of time that heat is applied to a joint. 

The pushing, or trailing, gun angle forces the bead to be flatter by 
spreading it out over a wider area as compared to the bead resulting from 
a dragging, or backhand, gun angle. The wider, shallow molten weld pool 
cools faster, resulting in less time for sagging and the formation of icicles. 

When welding overhead, extra personal protection is required to reduce 
the danger of burns. Wear leather sleeves or a leather jacket, and a cap. 

Much of the spatter created during overhead welding falls into the 
shielding gas nozzle. The effectiveness of the shielding gas is reduced, Fig- 
ure 2.43, and the contact tube may short out to the gas nozzle, Figure 2.44. 
Turbulence caused by the spatter obstructing the gas may lead to weld 
contamination. The shorted gas nozzle may arc to the work, causing 
damage both to the nozzle and to the plate. To control the amount of spat- 
ter, a longer stickout and/or a sharper gun-to-plate angle is required to 
allow most of the spatter to fall clear of the gas nozzle. The nozzle can be 
dipped, sprayed, or injected automatically, Figure 2.45, with antispatter to 
help prevent the spatter from sticking. Applying antispatter will not stop 
the spatter from building up, but it does make its removal much easier. 
Ensure that the antispatter gel does not restrict the flow of shield gas 
from the nozzle. 








Figure 2.44 Gas nozzle damaged after shorting out 
against the work 
Source: Courtesy of Larry Jeffus 
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Figure 2.45 Automatic antispatter system that can be added to a GMA welding gun 


Make several short weld beads using various techniques to establish 
the method that is most successful and most comfortable for you. After 
each weld, stop and evaluate it before making a change. When you have 
decided on the technique to be used, make a welded stringer bead that is 
12 in. (305 mm) long. 

Repeat the weld until it can be made straight, uniform, and free from 
any visual defects. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-19 


Butt Joint, Lap Joint, and Tee Joint in the Overhead Position aif Module 1 


Using the same equipment, materials, and setup as listed in Practice 2-3, RU anneeaae= 


you will make an overhead welded joint. af Module 2 
Tack weld the pieces of metal together and secure them in the over- Key Indicator 1, 2, 3, 4, 7 
head position. Be sure you have an unrestricted view and freedom of avi sical 
movement along the joint. Start at one end and make a weld along the atennast 
joint. Use the same technique developed in Practice 2-18. Tile aicavcies addesecue alia 
Repeat the weld until it can be made straight, uniform, and free from “Overhead” position portion 
any visual defects. Turn off the welding machine and shielding gas and of the all-position requirement. 
clean up your work area when you are finished welding. 
Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Key Indicator 5, 6 


+ Module 1 


Key Indicator 1, 2, 3, 4 


PRACTICE 2-20 
$$ af Module 2 
Butt Joint and Tee Joint in the Overhead Position with 100% Penetration Key Indicator 1, 2, 3, 4, 7 
Using the same equipment, materials, and setup as listed in Practice 2-3, ae Modules 
you will make overhead welded joints having 100% penetration. Key Indicator 5, 6 
Tack weld the metal together. It may be necessary to adjust the root This exercise addresses the 
opening to allow 100% weld metal penetration. During these welds, it “Overhead” position portion 


may be necessary to use a dragging, or backhand, torch angle. When of the all-position requirement. 
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Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 5 ait 


Spray Transfer 
Key Indicator 9 


ROOT OPENING 


\ 
za 






KEY HOLE 
WELD POOL 


Figure 2.46 Overhead welding 


used with a “C” or “J” weave pattern, this torch angle helps to achieve the 
desired depth of penetration. A key hole just ahead of the molten weld 
pool is a good sign that the metal is being penetrated, Figure 2.46. 

Repeat the weld until it can be made straight, uniform, and free from 
any visual defects. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


AXIAL SPRAY TRANSFER 
PRACTICE 2-21 


Stringer Bead, 1G Position 


Using a properly set up and adjusted GMA welding machine (see 
Table 2.8), proper safety protection, 0.035-in. and/or 0.045-in. (0.9-mm 
and/or 1.2-mm)-diameter wire, and two or more pieces of mild steel 
plate 12 in. (305 mm) long x 1/4 in. (6 mm) thick, you will make a welded 
stringer bead in the flat position. 

Start at one end of the plate and use either a push or drag technique to 
make a weld bead along the entire 12-in. (305-mm) length of the metal 
using spray or pulsed-arc metal transfer. After the weld is complete, 
check its appearance and make any changes needed to correct the weld, 
Figure 2.47. Repeat the weld and make any additional adjustments 
required. After the machine is set, start working on improving the straight- 
ness and uniformity of the weld. Turn off the welding machine and shield- 
ing gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Table 2.8 Typical Welding Current Settings for Axial Spray Metal Transfer for Mild Steel 


Amperage Voltage 
Wire Range Range Shielding 
Process Diameter (Optimum) (Optimum) Gas 
Axial spray 0.030 115-200 15-27 98% Ar + 2% Oz 
0.035 165-300 18-32 


0.045 200-450 20-34 


Don't forget, some low-value resistors are designed to burn-out (called fusible 
resistors) and anytime you find a damaged low-value resistor, you will need to look 
for the associated semiconductor. 

You can replace the resistor quickly and turn the circuit ON to see it burn out again. 
Alternatively you can trace though the circuit and find the shorted semiconductor. 
It's always nice to "see the fault" then "fix the fault." 

Sometimes a transistor will only break-down when a voltage is present, or it may be 
influenced by other components. 

When the piece of equipment is turned OFF, you can test for resistance values. The 
main thing you are looking for is "dry joints" and continuity. Dry joints occur around 
the termination of transformers and any components that get hot. Rather than 
wasting time checking for dry joints, it is better to simply go over the connections 
with a hot iron and fresh solder. 

You may need to check the continuity of a track (trace) and it may go from one side 
of the PC board to the other. 

Use a multimeter set to low-ohms and make sure the needle reads "zero-ohms." 

It is very dangerous to do any testing on a project using a multimeter set to "amps" 
or "milliamps." 

You cannot test "current flowing through a component" by placing the probes across 
a component. You will simply over-load the rest of the circuit and create a problem. 
To find out if current is flowing though a circuit or a low-value resistor, turn the 
project ON and measure the voltage either across the component or the voltage on 
one end then the other. 

A voltage-drop indicates current is flowing. 

That's about it for testing "in-circuit." Use the rest of this eBook to help you with 
diagnosis. 

Don't think an IN-CIRCUIT COMPONENT TESTER is going to find a fault any faster 
than a multimeter. They all use a multimeter principle. 


SHORT CIRCUIT 


Nearly every component can fail and produce an effect called a SHORT CIRCUIT. 
This basically means the component takes more current than normal and it may fail 
completely or simply take more current and the operation of the circuit may be 
reduced only a small amount. 

The resistance of the component may reduce a very small amount but this may have 
a very large effect on the operation of the circuit. 

For instance, two turns in the horizontal or vertical winding of a yoke on the picture 
tube or monitor may arc and weld together and reduce the size of the picture on the 
screen, but measuring the winding will not detect the difference in resistance. 

The same with the windings on a motor and a short between two winding in a 
transformer. 

If the "short" is between two near-by turns, the change in resistance will be very 
small. If the "short" is between to different layers, the resistance will be reduced and 
it may be detected. 

When a "short" occurs, the winding turns into a transformer. To be exact, an AUTO- 
TRANSFORMER. 

In the following diagram you can see a normal winding in fig A: 


GOOD FUSION ALONG SIDES 


NOTE SMOOTH 
UNIFORM BEAD 
SURFACE 





Figure 2.47 Weld bead made with GMAW axial spray metal transfer 


Source: Courtesy of Larry Jeffus 


PRACTICE 2-22 


Butt Joint, Lap Joint, and Tee Joint Using the Spray Transfer Method 


Using the same equipment, materials, and setup as listed in Practice 2-21, 
you will make a flat and horizontal weld using spray transfer or pulsed-spray 
metal transfer, Figure 2.48. 

Tack weld the metal together and place the assembly in the flat posi- 
tion on the welding table. Start at one end and make a uniform weld 
along the entire 12-in. (305-mm) length of the joint. Watch the sides of 
the fillet weld for signs of undercutting. 

Repeat the weld until it can be made straight, uniform, and free from 
any visual defects. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-23 


Butt Joint and Tee Joint 


Using the same equipment, materials, and setup as listed in Practice 2-21, 
you will make a flat weld using spray transfer. Each weld must pass the 





Figure 2.48 GMAW axial spray metal transfer 


Source: Courtesy of Larry Jeffus 
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W Module 1 


Key Indicator 1, 2, 3, 4 


WT Module 2 


Key Indicator 1, 2, 3, 4, 7 


W Module 5 


Spray Transfer 
Key Indicator 10, 11 


WT Module 1 


Key Indicator 1, 2, 3, 4 


aif Module 2 


Key Indicator 1, 2, 3, 4, 7 


W Module 5 


Spray Transfer 
Key Indicator 10, 11 
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Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 
Key Indicator 1, 2, 3, 4, 7 


Module 3 
Key Indicator 1, 2, 3 


Module 5 
Short-circuit Transfer 
Key Indicator 3, 4, 5, 6, 7 


Module 9 
Key Indicator 1, 2 


guided bend test. Repeat each type of weld joint as needed until the bend 
test can be passed. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-24 


Gas Metal Arc Welding—Short-Circuit Metal Transfer (GMAW-S) 
Workmanship Sample 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 2-24 Date: 


Title: 
Welding GMAW-S of plate to plate. 


Scope: 
This procedure is applicable for square groove and fillet welds within the 
range of 10 ga. (3.4 mm) through 14 ga. (1.9 mm). 

Welding may be performed in the following positions: all. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1 Group 
1 or 2. 

Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. E70S-X from 
AWS specification A5.18. This filler metal falls into F-number F-6 and 
A-number A-1. 

Shielding Gas: 

The shielding gas, or gases, shall conform to the following compositions 
and purity: 

CO, at 30 to 50 cfh or 75% Ar/25% CO. at 30 to 50 cfh. 


Joint Design and Tolerances: 





Preparation of Base Metal: 
All parts may be mechanically cut or machine PAC unless specified as 
manual PAC. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 1 
in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct-current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 


Gas Metal Arc Welding 





Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed, Volts Type Flow Type Thickness 
ipm (cm/min) 
E70S-X 0.035 in. 90 to 120 180 to 300 15to19 COs; or 30 to 50 ~=Low- 1/4 in. to 1/2 in. 
(0.9 mm) (457 to 762) 75% Atr/ carbon (6mm to 13 mm) 
COs, 25% steel 
E70S-X 0.045 in. 130to200 125 to 200 17to20 COsor 30 to50 Low- 1/4 in. to 1/2 in. 
(1.2 mm) (318 to 508) 75% Atr/ carbon (6mm to 13mm) 
COs 25% steel 
Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 

Using a 1/2-in. (13-mm) or larger gas nozzle for all welding, first tack 
weld the plates together according to the drawing. Use the E70S-X filler 
metal to fuse the plates together. Clean any silicon slag, being sure to 
remove any trapped silicon slag along the sides of the weld. 

Using the E70S-X arc welding electrodes, make a series of stringer 
beads, no thicker than 3/16 in. (4.7 mm). The 1/8-in. (3.1-mm) fillet 
welds are to be made with one pass. All welds must be placed in the 
orientation shown in the drawing. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F (175°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must 
not be quenched in water. 
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This practice parallels an AWS 
D1i.1 structural steel limited 
thickness welder performance 
qualification test. 


Module 1 ait 


Key Indicator 1, 2, 3, 4 


Module 2 
Key Indicator 1, 2, 3, 4, 7 


Module 3 
Key Indicator 1, 2, 3 


Module 5 
Short-circuit Transfer 
Key Indicator 3, 4, 5, 6 


Module 9 
Key Indicator 1, 2 


Cleaning: 

Any slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, 
or a needle-scaler. All weld cleaning must be performed with the test 
plate in the welding position. 


Visual Inspection: 
Visually inspect the weld for uniformity and discontinuities. 


1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds 
except as permitted for partial joint penetration welds. 

3. The Test Supervisor shall examine the weld for acceptable 
appearance, and shall be satisfied that the welder is skilled in using 
the process and procedure specified for the text. 

4. Undercut shall not exceed the lesser of 10% of the base metal 
thickness or 1/32 in. (0.8 mm). 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of the 
Test Supervisor. 

6. The frequency of porosity shall not exceed one in each 4 in. (100 
mm) of weld length and the maximum diameter shall not exceed 
3/32 in. (2.4 mm) 

7. Welds shall be free from overlap. 


Sketches: 
See Figure 2.49. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-25 


Gas Metal Arc Welding—Short-Circuit Metal Transfer (GMAW-S) Limited 
Thickness Welder Performance Qualification Test Plate for 2G, 3G, and 4G 
Positions without Backing 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 2-25 Date: 


Title: 
Welding GMAW-S of plate to plate. 


Scope: 
This procedure is applicable for V-groove, bevel, or single-bevel welds 
within the range of 1/8 in. (3.2 mm) through 3/4 in. (19 mm). 

Welding may be performed in the following positions: all. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1 Group 
1 or 2. 

Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. E70S-X from 
AWS specification A5.18. This filler metal falls into F-number F-6 and 
A-number A-1. 
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Figure 2.49 GMAW-S workmanship qualification test 


Source: Courtesy of the American Welding Society 
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Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: CO, at 30 to 50 cfh or 75% Ar/25% CO, at 30 to 50 cfh. 


Joint Design and Tolerances: 


C7 


—| Is" 
Preparation of Base Metal: 


The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 1 
in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct-current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 





Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps’ Wire-feedSpeed, Volts Type Flow Type Thickness 
ipm (cm/min) 

E70S-X 0.035 in. 90 to 180 to 300 15to19 COs,or 30to50 ~=—_ Low- 1/4 in. to 1/2 in. 

(0.9mm) 120 (457 to 762) 75% At/ carbon (6 mm to 13 mm) 
CO, 25% steel 

E70S-X 0.045 in. 130 to 125 to 200 17to20 COvsor 30to50 ~=Low- 1/4 in. to 1/2 in. 

(1.2mm) 200 (318 to 508) 75% At/ carbon (6 mm to 13 mm) 


COs 25% steel 


Preheat: 
The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 

Using a 1/2-in. (13-mm) or larger gas nozzle for all welding, first tack 
weld the plates together according to the drawing. There should be 
about a 1/8-in. (1.6-mm) root gap between the plates with V-grooved or 
beveled edges and 1/16-in. root faces. Use the E70S-X filler wire to make 
a root pass to fuse the plates together. Clean any silicon slag from the 
root pass, being sure to remove any trapped silicon slag along the sides 
of the weld. 

Using the E70S-X filler wire, make a series of stringer or weave filler 
welds, no thicker than 1/4 in. (6.4 mm), in the groove until the joint is 
filled. Note: The horizontal (2G) weldment should be made with stringer 
beads only. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F (175°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must 
not be quenched in water. 


Cleaning: 

Any slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, 
or a needle-scaler. All weld cleaning must be performed with the test 
plate in the welding position. 


Visual Inspection:* 
Visually inspect the weld for uniformity and discontinuities. 

1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds 
except as permitted for partial joint penetration welds. 

3. The Test Supervisor shall examine the weld for acceptable 
appearance, and shall be satisfied that the welder is skilled in using 
the process and procedure specified for the text. 

4. Undercut shall not exceed the lesser of 10% of the base metal 
thickness or 1/32 in. (0.8 mm) 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of the 
Test Supervisor. 


*From Table 3, AWS SENSE QC-10 2004 (Courtesy of the American Welding Society) 
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6. The frequency of porosity shall not exceed one in each 4 in. (100 mm) 
of weld length and the maximum diameter shall not exceed 3/32 in. 
(2.4 mm). 

7. Welds shall be free from overlap. 


Bend Test: 

The weld is to be mechanically tested only after it has passed the visual 
inspection. Be sure that the test specimens are properly marked to iden- 
tify the welder, the position, and the process. 


Specimen Preparation: 

For 3/8-in. test plates, two specimens are to be located in accordance 
with the requirements of the figure below left. One is to be prepared for 
a “transverse face bend,” and the other is to be prepared for a “transverse 
root bend.” 

Transverse face bend. The weld is perpendicular to the longitudinal axis 
of the specimen and is bent so that the weld face becomes the tension 
surface of the specimen. Transverse face-bend specimens shall comply 
with the requirements of the figure below bottom. 

Transverse root bend. The weld is perpendicular to the longitudinal axis 
of the specimen and is bent so that the weld root becomes the tension 
surface of the specimen. Transverse face-bend specimens shall comply 
with the requirements of the figure below bottom. 











a a 
3" 
8 
6" 
MIN 
ROOT-BEND 
SPECIMEN 











Acceptance Criteria for Face and Root Bends:* 
For acceptance, the convex surface of the face- and root-bend specimens 
shall meet both of the following requirements: 


*From Table 4, AWS-SENSE QC-10:2004 (Courtesy of the American Welding Society) 


1. No single indication shall exceed 1/8 in. (3.2 mm), measured in any 
direction on the surface. 

2. The sum of the greatest dimensions of all indications on the surface, 
which exceed 1/32 in. (0.8 mm) but are less than or equal to 1/8 in. 
(3.2 mm), shall not exceed 3/8 in. (9.6 mm). 


Cracks occurring at the corner of the specimens shall not be consid- 
ered unless there is definite evidence that they result from slag inclusion 
or other internal discontinuities. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-26 


Gas Metal Arc Welding Spray Transfer (GMAW) Workmanship Sample 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 2-26. Date: 


Title: 
Welding GMAW of plate to plate. 


Scope: 
This procedure is applicable for V-groove and fillet welds within the 
range of 1/8 in. (3.2 mm) through 1-1/2 in. (38 mm). 

Welding may be performed in the following positions: 1G, 1F, 2F. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1, Group 
1 or 2. 

Backing material specification: none. 


Filler Metal: 

The 0.035 to 0.045 dia. filler metal shall conform to AWS specification no. 
E70S-X from AWS specification A5.18. This filler metal falls into F-number 
F-6 and A-number A-1. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions: 
98% Ar/2% Op» or 90% Ar/10% COs. 


Preparation of Base Metal: 

The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 
1 in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct-current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 


Gas Metal Arc Welding 103 


W Module 1 


Key Indicator 1, 2, 3, 4 


Module 2 
Key Indicator 1, 2, 3, 4, 7 


Module 3 
Key Indicator 1, 2, 3 


Module 5 
Spray Transfer 
Key Indicator 8, 9, 10, 11, 12 


Module 9 
Key Indicator 1, 2 





104 CHAPTER 2 
Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed, Volts Type Flow Type Thickness 
ipm (cm/min) 
E70S-X 0.035in. 180to 230 400 to 550 25 to 27 Ar plus 2% 30 to 50 ~=Low- 1/4 in. to 1/2 in. 
(0.9 mm) (1016 to 1397) Ops or 90% Ar/ carbon (6mm to 13 mm) 
10% COs, steel 
E70S-X 0.045in. 260to 340 300 to 500 25 to 30 Ar plus 2 30 to 50 ~Low- 1/4 in. to 1/2 in. 
(1.2 mm) (762 to 1270) Oz or 90% Ar/ carbon (6mm to 13 mm) 
10% COs steel 
Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 
Using a 3/4-in. (19-mm) or larger gas nozzle for all welding, first tack weld 
the plates together according to the drawing. There should be about a 
1/16-in. (1.6-mm) root gap between the plates with V-grooved or beveled 
edges. Use the E70S-X arc welding electrodes to make a root pass to fuse 
the plates together. Clean any silicon slag from the root pass, being sure to 
remove any trapped silicon slag along the sides of the weld. 

Using the E70S-X arc welding electrodes, make a series of stringer or 
weave filler welds, no thicker than 1/4 in. (6.4 mm), in the groove until the 
joint is filled. The 1/4-in. (6.4-mm) fillet welds are to be made with one pass. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F 
(175°C) during the welding process. After each weld pass is completed, 
allow it to cool but never to a temperature below 50°F (10°C). The weld- 
ment must not be quenched in water. 


Cleaning: 

Any slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, 
or a needle-scaler. All weld cleaning must be performed with the test 
plate in the welding position. 


Inspection:* 
Visually inspect the weld for uniformity and discontinuities. 

1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds 
except as permitted for partial joint penetration welds. 

3. The Test Supervisor shall examine the weld for acceptable 
appearance, and shall be satisfied that the welder is skilled in using 
the process and procedure specified for the text. 

*From Table 3, AWS SENSE QC-10:2004 (Courtesy of the American Welding Society) 
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Fig B shows two turns touching each other and if the wire is enamelled, the coating 
has been damaged so the copper wire from the two turns is touching. This is called a 
SHORTED TURN. 

In fig C you can see two turns touching. 

In fig D the shorted-turn has been moved to the other side of the symbol to show 
the effect it has on the operation of the winding. 

The shorted-turn is exactly like the secondary of a transformer with a "jumper" 
across the output. 

This will produce a very high current in the secondary. 

A very high current flows through the shorted turn and this changes the operation of 
the rest of the winding. 


1. In most cases a SHORT CIRCUIT can be detected by feeling the additional heat 
generated by the component. 

2. Next, turn off the supply and measure the resistance of the component. If it is 
lower than expected, the component will be faulty. 

3. Next, measure the voltage across the component. If it is lower than normal, the 
component will be faulty. 

4. Next, measure the current taken by the component. If it is higher than normal, 
the component will be faulty. 

5. If the component is an inductor, such as a motor, coil or transformer, you can use 
an inductance meter. Compare a good winding with a faulty winding. Sometimes the 
fault will disappear because an arc develops across the fault when the component is 
operating. 


INTERNAL AND EXTERNAL SHORTS 

An internal short refers to two windings shorting together and the winding has a 
very high resistance between the winding and the frame on which it is wound. An 
external short refers to a winding shorting to the frame of the component - such as 
one of the armature windings shorting to the metal core, around which the wire is 


4. Undercut shall not exceed the lesser of 10% of the base metal 
thickness or 1/32 in. (0.8 mm) 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of the 
Test Supervisor. 

6. The frequency of porosity shall not exceed one in each 4 in. (100 
mm) of weld length and the maximum diameter shall not exceed 
3/32 in. (2.4 mm). 

7. Welds shall be free from overlap. 


Sketches: 
See Figure 2.50. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-27 


Gas Metal Arc Welding (GMAW) Spray Transfer Limited Thickness Welder 
Performance Qualification Test Plate for 1-G, Position, with Backing 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice (2-27). Date: 


Title: 
Welding GMAW of plate to plate. 


Scope: 
This procedure is applicable for V-groove and fillet welds within the 
range of 1/8 in. (3.2 mm) through 1-1/2 in. (38 mm). 

Welding may be performed in the following positions: 1G, 2F. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1, Group 1 or 2. 
Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. 0.035 to 0.045 dia. 
E70S-X from AWS specification A5.18. This filler metal falls into F-number 
F-6 and A-number A-1. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: 98% Ar/2% O» or 90% Ar/10% CO, 


Joint Design and Tolerances: 


, 7 
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WT Module 1 


Key Indicator 1, 2, 3, 4 


Module 2 
Key Indicator 1, 2, 3, 4, 7 


Module 3 
Key Indicator 1, 2, 3 


Module 5 
Spray Transfer 
Key Indicator 8, 9, 11 


Module 9 
Key Indicator 1, 2 
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Figure 2.50 GMAW (spray transfer) workmanship qualification test 


Source: Courtesy of the American Welding Society 


Preparation of Base Metal: 

The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 1 
in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct-current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 
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Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed Volts Type Flow Type Thickness 
ipm (cm/min) 
E70S-X 0.035 in. 180to 230 400 to 550 25 to 28 Arplus2% Osor 30to50 Low- 1/4 in. to 1/2 in. 
(0.9 mm) (1016 to 1397) 90% Ar/10% COs carbon (6mm to 13 mm) 
steel 
E70S-X 0.045in. 260 to 340 300 to 500 25 to 30 Arplus 2 Os or 30 to 50 ~Low- 1/4 in. to 1/2 in. 
(1.2 mm) (762 to 1270) 90% Ar/10% COs carbon (6mm to 13 mm) 
steel 
Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 
Using a 3/4-in. (19-mm) or larger gas nozzle for all welding, first tack 
weld the plates and backing strip together according to the drawing 
below. There should be about a 1/4-in. (1.6-mm) root gap between the 
plates with V-grooved or beveled edges. Use the E70S-X arc welding elec- 
trodes to make a root pass to fuse the plates together. Clean any silicon 
slag from the root pass, being sure to remove any trapped silicon slag 
along the sides of the weld. 

Using the E70S-X arc welding electrodes, make a series of stringer fil- 
ler welds, no thicker than 1/4 in. (6.4 mm), in the groove until the joint is 
filled. 


Interpass Temperature: 
The plate should not be heated to a temperature higher than 350°F (175°C) 
during the welding process. After each weld pass is completed, allow it to 
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cool but never to a temperature below 50°F (10°C). The weldment must 
not be quenched in water. 


Cleaning: 

Any slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, 
or a needle-scaler. All weld cleaning must be performed with the test 
plate in the welding position. 


Visual Inspection:* 
Visually inspect the weld for uniformity and discontinuities. 

1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds 
except as permitted for partial joint penetration welds. 

3. The Test Supervisor shall examine the weld for acceptable 
appearance, and shall be satisfied that the welder is skilled in using 
the process and procedure specified for the text. 

4. Undercut shall not exceed the lesser of 10% of the base metal 
thickness or 1/32 in. (0.8 mm). 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of the 
Test Supervisor. 

6. The frequency of porosity shall not exceed one in each 4 in. (100 
mm) of weld length and the maximum diameter shall not exceed 
3/32 in. (2.4 mm). 

7. Welds shall be free from overlap. 


Sketches: 






DIRECTION 
OF ROLLING 








ROOT BEND 
SPECIMEN 








The 


FACE BEND SPECIMEN 


Bend-Test: 

The weld is to be mechanically tested only after it has passed the visual 
inspection. Be sure that the test specimens are properly marked to iden- 
tify the welder, the position, and the process. 


Specimen Preparation 

For 3/8-in. test plates, two specimens are to be located in accordance with 
the requirements below. One is to be prepared for a transverse face bend, 
and the other is to be prepared for a transverse root bend. 


*From Table 3, AWS SENSE QC-10:2004 (Courtesy of the American Welding Society) 








rm 








Transverse face bend. The weld is perpendicular to the longitudinal axis 
of the specimen and is bent so that the weld face becomes the tension 
surface of the specimen. Transverse face bend specimens shall comply 
with the requirements below. 

Transverse root bend. The weld is perpendicular to the longitudinal axis 
of the specimen and is bent so that the weld root becomes the tension 
surface of the specimen. Transverse root bend specimens shall comply 
with the requirements below. 


6" 
MIN 








ROOT-BEND 
SPECIMEN 





Acceptance Criteria for Face and Root Bends* 
For acceptance, the convex surface of the face and root bend specimens 
shall meet both of the following requirements: 


1. No single indication shall exceed 1/8 in. (3.2 mm), measured in any 
direction on the surface. 

2. The sum of the greatest dimensions of all indications on the surface, 
which exceed 1/32 in. (0.8 mm), but are less than or equal to 1/8 in. 
(3.2 mm), shall not exceed 3/8 in. (9.6 mm). 

Cracks occurring at the corner of the specimens shall not be consid- 
ered unless there is definite evidence that they result from slag or inclu- 
sions or other internal discontinuities. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


*From Table 4, AWS SENSE QC-10:2004 (Courtesy of the American Welding Society) 
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SUMMARY 





Slight changes in welding gun angle and electrode extension can make 
significant differences in the quality of the weld produced. As a new 
welder you might find it difficult to tell the effect of these changes if 
they are slight. Therefore, as you start to learn this process it is a good 
idea to make more radical changes so it is easier for you to see their 
effects on the weld. Later as you develop your skills you can use these 
slight changes to aid in controlling the weld’s quality and appearance as 
it progresses along the joint. Small adjustments in your welding techni- 
que are required to compensate for slight changes that occur along a 
welding joint, such as joint gap and the increasing temperature of the 
base metal. 

Variations in conditions can significantly affect welding setup for the 
GMA process. Before starting an actual weld in the field you should prac- 
tice to test your setup. Practice on scrap metal of a similar thickness and 
type of metal to be welded. A practice weld before you begin welding can 
significantly increase the chances that your weld will meet standards or 
specifications. Making these sample or test welds is more important 
when you are welding in the field, since welds outside the shop are 
more difficult to control and anticipate. Think of this much as an athlete 
warms up before competing. 

You will find it beneficial when you are initially setting up your welder 
to have someone assist you, so that he or she can make changes in the 
welding machine’s settings as you are welding. This teamwork can signifi- 
cantly increase your setup accuracy and reduce setup time. Later on in the 
field, having developed a keen eye for watching the weld, you can then 
make these adjustments for yourself more rapidly and accurately. Working 
with another student in a group effort like this will also give you a better 
understanding of how other individuals’ setup preferences affect their 
welds. Welding is an art, and therefore each welder may have slight differ- 
ences in preference for voltage, amperage, gas flow, and other setup vari- 
ables. This gives you an opportunity to learn more from others. 





1. What items make up a basic semiautomatic welding system? 
2. What must be done to the shielding gas cylinder before the valve 
protection cap is removed? 
3. Why is the shielding gas valve “cracked” before the flowmeter 
regulator is attached? 
. What causes the electrode to bird-nest? 
. Why must all fittings and connections be tight? 
. What parts should be activated by depressing the gun switch? 
. What benefit does a welding wire’s cast provide? 
. What can be done to determine the location of a problem that stops 
the wire from being successfully fed through the conduit? 
9. What are the advantages of using a feed roller pressure that is as light 
as possible? 


ONoaFe 


10. 
11. 
12. 
13. 
14. 
15. 
16. 
17. 
18. 
19. 
20. 
21. 
22. 
23. 
24. 
25. 


26. 


Why should the feed roller drag prevent the spool from coasting to a 
stop when the feed stops? 

Why must you always wind the wire tightly into a ball or cut it into 
short lengths before discarding it in the proper waste container? 
Why would the flowmeter ball float at different heights with different 
shielding gases if the shielding gases are flowing at the same rate? 
Using Table 2.1, determine the amperage if 400 in. (10.2 m) of 
0.45-in. (1.2-mm) steel wire is fed in one minute. 

How is the amperage adjusted on a GMA welder? 

What happens to the weld as the electrode extension is lengthened? 
What is the effect on the weld of changing the welding angle from a 
dragging to a pushing angle? 

What are the advantages of adding oxygen or COz2 to argon for welds 
on steel? 

What are the advantages of using CO. for making GMA welds on 
steel? 

What is mill scale? 

What type of porosity is most often caused by mill scale? 

What should the welder watch if the view of the weld is obstructed by 
the shielding gas nozzle? 

When you are making a vertical weld and it appears that the weld 
metal is going to drip over the shelf, what should you do? 

What are the advantages of making vertical down welds? 

How can small weld beads be maintained during overhead welds? 
How can spatter be controlled on the nozzle when making overhead 
welds? 

How should the electrode be manipulated for the deepest penetra- 
tion when using the pulsed-arc metal transfer process? 
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OBJECTIVES 


After completing this chapter, the student should be able to 
describe the flux cored arc (FCA) welding process 
list the equipment required for an FCA welding workstation 
list five advantages of FCA welding, and explain four of its limitations 


tell how electrodes are manufactured and explain the purpose of the 
electrode cast and helix 


list four things flux can provide to the weld and how fluxes are classified 


explain what each of the digits in a standard FCAW electrode identifica- 
tion number mean 


describe the proper care and handling of FCAW electrodes 


list two common shielding gases used in FCAW, and contrast their bene- 
fits related to cost, productivity, and quality 


list three differences in an FCA weld when the gun angle is changed 


identify the two modes of metal transfer and contrast them in regard to 
application and quality 
list four effects that electrode extension has on FCA welding 


list three things that can cause weld porosity and how it can be prevented 


KEY TERMS 


air-cooled flux cored arc welding slag 

coils (FCAW) smoke extraction nozzles 

deoxidizers lime-based flux spools 

dual shield rutile-based flux water-cooled 
self-shielding 


AWS SENSE EG2.0 


Key Indicators Addressed in this Chapter: 


Module 6: Flux Cored Arc Welding (FCAW-G, FCAW-S) 
T Key Indicator 1: Performs safety inspections of FCAW-G/GM, FCAW-S 
equipment and accessories 
Key Indicator 2: Makes minor external repairs to FCAW-G/GM, FCAW-S 
equipment and accessories 
Key Indicator 3: Sets up for FCAW-G/GM, FCAW-S operations on carbon steel 
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INTRODUCTION 


Flux cored arc welding (FCAW) is a fusion welding process in which weld 
heating is produced from an arc between the work and a continuously fed filler 
metal electrode. Atmospheric shielding is provided completely or in part by 
the flux sealed within the tubular electrode, Figure 3.1. Extra shielding may 
or may not be supplied through a nozzle in the same way as in GMAW. 

Although the process was introduced in the early 1950s, it represented less 
than 5% of the total amount of welding done in 1965. In 2005, it passed the 
50% mark and is still rising. The rapid rise in the use of FCAW has been due to 
a number of factors. Improvements in the fluxes, smaller electrode diameters, 
increased reliability of the equipment, better electrode feed systems, and im- 
proved guns have all led to the increased usage. Guns equipped with smoke 
extraction nozzles and electronic controls are the latest in a long line of 
improvements to this process, Figure 3.2. 


PRINCIPLES OF OPERATION 


FCA welding is similar in a number of ways to the operation of GMA 
welding, Figure 3.3. Both processes use a constant-potential (CP) or 
constant-voltage (CV) power supply. Constant potential and voltage are 
terms that have the same meaning. CP power supplies provide a con- 
trolled voltage (potential) to the welding electrode. The amperage (cur- 
rent) varies with the speed that the electrode is being fed into the molten 
weld pool. Just as in GMA welding, higher electrode feed speeds produce 
higher currents and slower feed speeds result in lower currents, assum- 
ing all other conditions remain constant. 

The effects on the weld of electrode extension, gun angle, welding 
direction, travel speed, and other welder manipulations are similar to 
those experienced in GMA welding. As in GMA welding, having a cor- 
rectly set welder does not ensure a good weld. The skill of the welder is 
an important factor in producing high-quality welds. 

The flux inside the electrode protects the molten weld pool from the 
atmosphere, improves strength through chemical reactions and alloys, 
and improves the weld shape. 

Atmospheric contamination of molten weld metal occurs as it travels 
across the arc gap and within the pool before it solidifies. The major 
atmospheric contaminations come from oxygen and nitrogen, the major 
elements in air. The addition of fluxing and gas-forming elements to the 
core electrode reduces or eliminates their effects. 

Improved strength and other physical or corrosion-resistant properties 
of the finished weld are improved by the flux. Small additions of alloying 
elements, deoxidizers, and gas-forming and slag agents all can improve 
the desired weld properties. Carbon, chromium, and vanadium can be 
added to improve hardness, strength, creep resistance, and corrosion 
resistance. Aluminum, silicon, and titanium all help remove oxides and/ 
or nitrides in the weld. Potassium, sodium, and zirconium are added to 
the flux and form a slag. 


wound. 

This may not be important unless another winding shorts to the metal frame and 
creates "inter winding" problems (inner winding problems is within the same 
winding). 


The opposite to a short circuit is an OPEN CIRCUIT. 


This is generally a broken lead or contact or a wire that has "burnt-out" or been 
"eaten-away" by acid attack or galvanic action by water and voltage (current). 

1. No current will flow when an OPEN CIRCUIT exists. 

2. The voltage on each end of the OPEN CIRCUIT will not be the same. 

3. Measure the current across the OPEN CIRCUIT and determine if excess current is 
flowing. 

4. Join the two ends of the OPEN CIRCUIT and see if the circuit operates normally. 


> HEATSINKS 


This is not an electronic component but it can certainly affect the operation of a 
circuit. 

If you cannot hold your fingers on a heatsink, it is getting too hot. This is because 
the actual location where the heat is being generated is much hotter than the part 
you are touching. 

Transistors and IC's can withstand a high temperature but if they go above this 
temp, they BLOW UP. 

They also have a shorter life when operating at a high temperature. 

The secret to a good heatsink is called an INFINITE HEATSINK. 

This is the metal frame of a case. 

There are lots of charts and data on choosing a heatsink but they don't take into 
account two factors: 

Sometimes a circuit takes a very high current for a short time and this creates a high 
temperature gradient. This will cause the transistor to get very hot and fail. 

The solution is to have two or more transistors in parallel to separate the "heat 
spots." 

The second problem with designing a heatsink is the unknown location of the 
heatsink and the air-flow. Products placed on a shelf or in a cupboard will get very 
little air-flow. 

Remember: some transistors are mounted on thermal insulators. This means the 
transistor will have a voltage on it but the heatsink will be zero voltage. 

The temperature of the transistor will be MUCH HIGHER than the heatsink under the 
transistor and the transfer of the heat from the transistor to the heatsink will be very 
slow. This can be the cause of the transistor failing. Sometimes the transistor will fail 
because insulation is high temp plastic and it gets brittle. The plastic can carbonise 
and leak and sometimes a voltage can flash through the insulator. Some amazing 
things have happened under these transistors and you may need to pull it apart and 
replace all the insulation. 

Finally, feel the heatsink after 15 minutes and feel right up to the transistor. If you 
cannot touch the transistor, increase the thickness of the heatsink or use two 
transistors to dissipate the heat. 

To design a heatsink, you have to have some idea of the size of a heatsink for the 
application. 

Charts and data can send you in the wrong direction. 

Start with a heatsink twice the recommended size and feel the temp after 15 
minutes. Put the project in a cupboard and see how the temperature rises. 

If possible, connect the heatsink to the metal case to get added dissipation and if 
you include fan-cooling, remember the fan will eventually gather dust and reduce its 
efficiency. 

It is very difficult to explain how heat passes through a mica washer or plastic 
washer, but if the transistor has a copper base, the heat transfer has a value of 400. 
For aluminium it is 200. If it is steel, the transfer has a value of 50. For a mica sheet 
it is 1 and for plastic it is 0.1 

Even though the sheet is very thin, the transfer is a lot less than metal-to-metal 
transfer. 
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(A) GAS-SHIELDED FLUX CORED ARC WELDING (FCAW-G) 












INSULATOR 


MOLTEN SLAG CONTACT TUBE 


SLAG 


POWDERED METAL FLUX AND 
SLAG-FORMING MATERIALS 


FLUX-FILLED TUBULAR WIRE ELECTRODE 


ARC SHIELDING COMPOSED OF 
VAPORIZED COMPOUNDS 






ARC AND METAL TRANSFER 





BASE METAL MOLTEN WELD POOL 


(B) SELF-SHIELDED FLUX CORED ARC WELDING (FCAW-S) 


Figure 3.1 Two types of flux cored arc welding 
FCA welding may have extra shielding provided by a gas nozzle (A), or be self-shielding only (B). 


Source: Courtesy of the American Welding Society 


A discussion of weld metal additives and flux elements and their 
effects on the weld can be found later in this chapter. 

The flux core additives that serve as deoxidizers, gas formers, and slag 
formers either protect the molten weld pool or help to remove impurities 
from the base metal. Deoxidizers may convert small amounts of surface 
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(C) 


Figure 3.2 Smoke extraction 


(A) FCA welding without smoke extraction and (B) with smoke extraction. (C) Typical FCAW smoke extraction gun. (D) Typical smoke 


exhaust system. 
Source: Courtesy of Lincoln Electric Company 


oxides like mill scale back into pure metal. They work much like the ele- 
ments used to refine iron ore into steel. 

Gas formers rapidly expand and push the surrounding air away from 
the molten weld pool. If oxygen in the air were to come in contact with 
the molten weld metal, the weld metal would quickly oxidize. Sometimes 
this can be seen at the end of a weld when the molten weld metal erupts 
in a shower of tiny sparks. 
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Figure 3.3 Large-capacity wire-feed unit used with FCAW or GMAW 


Source: Courtesy of Lincoln Electric Company 


SLAG 
COVERING 





HEAT FROM 
WELDING 


Figure 3.4 Slag blanketing the weld 
The slag covering keeps the welding heat from escaping quickly, thus slowing the cooling rate. 


The slag covering of the weld is useful for several reasons. Slag is a 
nonmetallic product resulting from the mutual dissolution of the flux and 
nonmetallic impurities in the base metal. Slag helps the weld by protecting 
the hot metal from the effects of the atmosphere, controlling the bead 
shape by serving as a dam or mold, and serving as a blanket to slow the 
weld’s cooling rate, which improves its physical properties, Figure 3.4. 


EQUIPMENT 


The FCA welding power supply is the same type that is required for 
GMAW, called constant-potential, constant-voltage (CP, CV). The words 
potential and voltage have the same electrical meaning and are used inter- 
changeably. FCAW machines can be much more powerful than GMAW 
machines and are available with up to 1500 amperes of welding power. 


FCA welding guns are available as water-cooled or air-cooled, Figure 3.5. 
Although most of the FCA welding guns that you will find in schools are 
air-cooled, our industry often needs water-cooled guns because of the 
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Figure 3.5 Typical FCA welding guns 

(A) 350 ampere rating self-shielding, (B) 450 ampere rating gas-shielding, and (C) 600 ampere 
rating gas-shielding. 

Source: Courtesy of Lincoln Electric Company 


higher heat caused by longer welds made at higher currents. The water- 
cooled FCA welding gun is more efficient than an air-cooled gun at 
removing waste heat. The air-cooled gun is more portable because it has 
fewer hoses, and it may be made lighter so it is easier to manipulate than 
the water-cooled gun. 

Also, the water-cooled gun requires a water reservoir or another sys- 
tem to give the needed cooling. There are two major ways that water can 
be supplied to the gun for cooling. Cooling water can be supplied directly 
from the building’s water system, or it can be supplied from a recircula- 
tion system. 

Cooling water supplied directly from the building’s water system is 
usually dumped into a wastewater drain once it has passed through the 
gun. When this type of system is used, a pressure regulator must be 
installed to prevent pressures that are too high from damaging the 
hoses. Water pressures higher than 35 psi (241 kg/mm?) may cause the 
water hoses to burst. Check valves must also be installed in the supply 
line to prevent contaminated water from being drawn back into the 
water supply. Some cities and states have laws that restrict the use of 
open systems because of the need for water conservation. Check with 
your city or state for any restrictions before installing an open water- 
cooling system. 

Recirculating cooling water systems eliminate any of the problems 
associated with open systems. Chemicals may be added to the water in 
recirculating systems to prevent freezing, to aid in pump lubrication, and 
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to prevent algae growth. Only manufacturer-approved additives should 
be used in a recirculation system. Read all of the manufacturer’s safety 
and data sheets before using these chemicals. 


Because of the large quantity of smoke that can be generated during FCA 
welding, systems for smoke extraction that fit on the gun have been 
designed, Figure 3.2B. These systems use a vacuum to pull the smoke 
back into a specially designed smoke extraction nozzle on the welding 
gun. The disadvantage of this slightly heavier gun is offset by the system’s 
advantages. The advantages of the system are as follows: 


e Cleaner air for the welder to breathe because the smoke is 
removed before it rises to the welder’s face. 

e Reduced heating and cooling cost because the smoke is concen- 
trated, so less shop air must be removed with the smoke. 


Electrode feed systems are similar to those used for GMAW; in fact many 
feed systems are designed with dual feeders so that solid wire and flux 
core may be run in sequence. The major difference is that the more 
robust FCAW feeders are designed to use large-diameter wire and most 
often have two sets of feed rollers. The two sets of rollers help reduce the 
drive pressure on the electrode. Excessive pressure can distort the elec- 
trode wire diameter, which can allow some flux to be dropped inside the 
electrode guide tube. 


ADVANTAGES 


FCA welding offers the welding industry a number of important 
advantages. 


High rates of depositing weld metal are possible. FCA welding deposition 
rates of more than 25 lb/hr (11 kg/hr) of weld metal are possible. This 
compares to about 10 lb/hr (5 kg/hr) for shielded metal arc (SMA) weld- 
ing using a very large-diameter electrode of 1/4 in. (6 mm). 


The FCA method makes efficient use of filler metal; from 75% to 90% of 
the weight of the FCAW electrode is metal, the remainder being flux. 
SMAW electrodes have a maximum of 75% filler metal; some SMAW elec- 
trodes have much less. Also, a stub must be left at the end of each SMA 
welding electrode. The stub will average 2 in. (51 mm) in length, result- 
ing in a loss of 11% or more of the SMAW filler electrode purchased. FCA 
welding has no stub loss, so nearly 100% of the FCAW electrode pur- 
chased is used. 
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60° TO 90° GROOVE 
ANGLE 


35° GROOVE 





Figure 3.6 Narrower groove angle for FCAW 
The narrower groove angle for FCAW compared to other welding processes saves on filler metal, 
welding time, and heat input into the part. 


Because of the deep penetration characteristic of FCAW, no edge- 
beveling preparation is required on some joints in metal up to 1/2 in. 
(13 mm) in thickness. When bevels are cut, the joint-included angle can 
be reduced to as small as 35°, Figure 3.6. The reduced groove angle 
results in a smaller-sized weld. This can save 50% of filler metal with 
about the same savings in time and weld power used. 


The addition of deoxidizers, which combine with and remove harmful 
oxides on the base metal or its surface, and other fluxing agents permits 
high-quality welds to be made on plates with light surface oxides and 
mill scale. This eliminates most of the precleaning required before GMA 
welding can be performed. Often it is possible to make excellent welds on 
plates in the “as cut” condition; no cleanup is needed. 


Small-diameter electrode sizes in combination with special fluxes allow 
excellent welds in all positions. The slags produced assist in supporting 
the weld metal. This process is easy to use, and, when properly adjusted, 
it is much easier to use than other all-position arc welding processes. 


Flexibility 

Changes in power settings can permit welding to be done on thin-gauge 
sheet metals or thicker plates using the same electrode size. Multipass 
welds allow joining metals with no limit on thickness. This, too, is attain- 
able with one size of electrode. 


High Quality 


Many codes permit welds to be made using FCAW. The addition of the 
flux gives the process the high level of reliability needed for welding on 
boilers, pressure vessels, and structural steel. 
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Excellent Control 


The molten weld pool is more easily controlled with FCAW than with 
GMAW. The surface appearance is smooth and uniform even with less 
operator skill. Visibility is improved by removing the nozzle when using 
self-shielded electrodes. 


LIMITATIONS 


The main limitation of flux cored arc welding is that it is confined to fer- 
rous metals and nickel-based alloys. Generally, all low- and medium- 
carbon steels and some low-alloy steels, cast irons, and a limited number 
of stainless steels are presently weldable using FCAW. 

The equipment and electrodes used for the FCAW process are more 
expensive. However, the cost is quickly recoverable through higher 
productivity. 

The removal of postweld slag requires another production step. The 
flux must be removed before the weldment is finished (painted) to pre- 
vent crevice corrosion. 

With the increased welding output comes an increase in smoke and 
fume generation. The existing ventilation system in a shop might need 
to be increased to handle the added volume. 


ELECTRODES 
Methods of Manufacturing 


The electrodes have flux tightly packed inside. One method used to make 
them is to first form a thin sheet of metal into a U-shape, Figure 3.7. A mea- 
sured quantity of flux is poured into the U-shape before it is squeezed shut. 
The wire is then passed through a series of dies to size it and further com- 
pact the flux. 

A second method of manufacturing the electrode is to start with a 
seamless tube. The tube is usually about 1 in. in diameter. One end of 
the tube is sealed, and the flux powder is poured into the open end. 
The tube is vibrated during the filling process to ensure that it fills com- 
pletely. Once the tube is full, the open end is sealed. The tube is now 
sized using a series of dies, Figure 3.8. 

In both these methods of manufacturing the electrode, the sheet and 
tube are made up of the desired alloy. Also in both cases, the flux is com- 
pacted inside the metal skin. This compacting helps make the electrode 
operate more smoothly and consistently. 

Electrodes are available in sizes from 0.030 in. to 5/32 in. (0.8 mm to 
3.9 mm) in diameter. Smaller-diameter electrodes are much more expen- 
sive per pound than the same type in a larger diameter due to the high 
cost of drawing and filling cored wires to small sizes. Larger-diameter 
electrodes produce such large welds they cannot be controlled in all posi- 
tions. The most popular diameters range from 0.035 in. to 3/32 in. (0.9 mm 
to 2.3 mm). 

The finished FCA filler metal is packaged in a number of forms for pur- 
chase by the end user, Figure 3.9. The AWS has a standard for the size of 
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Figure 3.7 Putting the flux in the flux cored wire 
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Figure 3.8 One method of filling seamless FCA welding filler metal with flux 
The vibration helps compact the granular flux inside the tube. 
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Figure 3.9 A few packaged forms of FCA filler metal 
FCAW filler metal weights are approximate. They will vary by alloy and manufacturer. 
Source: Courtesy of Lincoln Electric Company 


each of the package units. Although the dimensions of the packages are 
standard, the weight of filler wire is not standard. More of the smaller- 
diameter wire can fit into the same space compared with a larger- 
diameter wire, so a package of 0.030-in. (0.8-mm) wire weighs more than 
the same-sized package of 3/32-in. (2.3-mm) wire. The standard packing 
units for FCAW wires are spools, coils, reels, and drums, Table 3.1. 
Spools are made of plastic or fiberboard and are disposable. They are 
completely self-contained and are available in approximate weights from 


Table 3.1 Packaging Size Specification for Commonly Used FCA Filler Wire 


Packaging Outside Diameter Width Arbor (Hole) Diameter 
Spools 4 in. (102 mm) 1-3/4 in. (44.5 mm) —_5/8 in. (16 mm) 
8 in. (203 mm) 2-1/4 in. (67 mm) 2-1/16 in. (52.3 mm) 
12 in. (305 mm) 4 in. (102 mm) 2-1/16 in. (62.3 mm) 
14 in. (356 mm) 4 in. (102 mm) 2-1/16 in. (52.3 mm) 
Reels 22 in. (559 mm) 12-1/2 in. (318 mm) —_1-5/16 in. (33.3 mm) 
30 in. (762 mm) 16 in. (406 mm) 1-5/16 in. (33.3 mm) 
Coils 16-1/4 in. (413 mm) = 4 in. (102 mm) 12 in. (305 mm) 
Outside Diameter Inside Diameter Height 


Drums 23 in. (584 mm) 16 in. (406 mm) 34 in. (864 mm) 
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1 lb up to around 50 lb (0.5 kg to 25 kg). The smaller spools, 4 in. and 8 in. 
(102-mm and 203 mm), weighing from 1 lb to 7 lb, are most often used 
for smaller production runs or for home/hobby use; 12-in. and 14-in. 
(305-mm and 356-mm) spools are often used in schools and welding fab- 
rication shops. 

Coils come wrapped and/or wire tied together. They are unmounted, 
so they must be supported on a frame on the wire feeder in order to be 
used. Coils are available in weights around 60 lb (27 kg). Because FCAW 
wires on coils do not have the expense of a disposable core, these wires 
cost a little less per pound, so they are more desirable for higher- 
production shops. 

Reels are large wooden spools, and drums are shaped like barrels. 
Both reels and drums are used for high-production jobs. Both can con- 
tain approximately 300 lb to 1000 lb (136 kg to 454 kg) of FCAW wire. 
Because of their size, they are used primarily at fixed welding stations. 
Such stations are often associated with some form of automation, such 
as turntables or robotics. 


To see the cast and helix of a wire, feed out 10 ft of wire electrode and 
cut it off. Lay it on the floor and observe that it forms a circle. The dia- 
meter of the circle is known as the cast of the wire, Figure 3.10. 

Note that the wire electrode does not lay flat. One end is slightly 
higher than the other. This height is the helix of the wire. 

The AWS has specifications for both cast and helix for all FCA welding 
wires. 

The cast and helix cause the wire to rub on the inside of the contact 
tube, Figure 3.11. The slight bend in the electrode wire ensures a positive 
electrical contact between the contact tube and filler wire. 


HELIX 


Figure 3.10 Method of measuring 
cast and helix of FCAW filler wire 





IMPROVED ELECTRICAL CONTACT 


Figure 3.11 Cast forces the wire to make better electrical contact with the tube 


Most references state the temperature difference is about one degree C for each watt 
of heat generated by the transistor. 

Don't believe anything you read. 

Feel the temperature yourself and if you cannot hold your finger on the transistor, fix 
the problem. 
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In the end, use a heatsink 50% larger than recommended. 


THE END 

This is not the full story to learning about servicing. It is just the beginning. 

We have only covered the simplest tests and shown how 90% of faults can be found 
by checking voltages, waveforms and looking for obvious things such as burnt out 
components, cracks in PC boards. 

The author has fixed over 35,000 TV's, radios, stereos, VCRs and all those things 
that were on the market 30 years ago. 

Things have not changed. It's just that some repairs cost nearly as much as buying a 
new product and half the customers opt for dumping a faulty item and buying the 
latest "flat screen" version. That's why you have to get things through the workshop 
as fast and as cheaply as possible, to make a living. 


If you want any more devices added to this list, email Colin Mitchell. 
To help with understanding how a transistor circuit works, we have produced an 


eBook: The Transistor Amplifier. It covers a whole range of circuits using a 
transistor. 





Not copyright by Colin Mitchell 

You can use any of this material. Please pass this eBook to your friends and let them know that 
everything on the web is FREE. | have looked at all the "Pay Sites" and found the information 
they "sell" is available on the web at NO COST. 

Nearly all text books are also downloadable for free on "Download.com" etc and when you see a 
used copy of a $74.00 textbook on Amazon for $12.00 you realise many users have already 
discarded their copy. A good textbook never gets thrown out or sold for $12.00!!! 


See the enormous amount of information on Talking Electronics website 
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The fluxes used are mainly based on lime or rutile (a mineral compound 
consisting of titanium dioxide, usually with a little iron). The purpose of 
the fluxes is the same as in the shielded metal arc welding (SMAW) pro- 
cess. That is, they can provide all or part of the following to the weld: 


Deoxidizers: Oxygen that is present in the welding zone has two 
forms. It can exist as free oxygen from the atmosphere surrounding 
the weld. Oxygen can also exist as part of a compound such as an 
iron oxide or carbon dioxide (COz). In either case it can cause 
porosity in the weld if it is not removed or controlled. Chemicals 
are added that react to the presence of oxygen in either form and 
combine to form a harmless compound, Table 3.2. The new com- 
pound can become part of the slag that solidifies on top of the 
weld, or some of it may stay in the weld as very small inclusions. 
Both methods result in a weld with better mechanical properties 
because of lower porosity. 

Slag formers: Slag serves several vital functions for the weld. It can 
react with the molten weld metal chemically, and it can affect the 
weld bead physically. In the molten state it moves through the 
molten weld pool and acts as a magnet or sponge to chemically 
combine with impurities in the metal and remove them, Figure 3.12. 
Slags can be refractory, so that they become solid at a high 
temperature. As they solidify over the weld, they help it hold its 
shape and they slow its cooling rate. 

Fluxing agents: Molten weld metal tends to have a high surface 
tension, which prevents it from flowing outward toward the edges 
of the weld. This causes undercutting along the junction of the 


Table 3.2 Deoxidizing Elements Added to Filler Wire (to Minimize Porosity in the Molten 


Weld Pool) 

Deoxidizing Element Strength 
Aluminum (Al) Very strong 
Manganese (Mn) Weak 
Silicon (Si) Weak 
Titanium (Ti) Very strong 
Zirconium (Zr) Very strong 





Figure 3.12 Impurities being floated to the surface by slag 
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weld and the base metal. Fluxing agents make the weld more fluid 
and allow it to flow outward, filling the undercut. 

Arc stabilizers: Chemicals in the flux affect the arc resistance. As 
the resistance is lowered, the arc voltage drops and penetration is 
reduced. When the arc resistance is increased, the arc voltage 
increases and weld penetration is increased. Although the 
resistance within the ionized arc stream may change, the arc is 
more stable and easier to control. It also improves the metal 
transfer by reducing spatter caused by an erratic arc. 

Alloying elements: Because of the difference in the mechanical 
properties of metal that is formed by rolling or forging and metal 
that is melted to form a weld bead, the metallurgical requirements 
of the two also differ. Some elements change the weld’s strength, 
ductility, hardness, brittleness, toughness, and corrosion 
resistance. Other alloying elements in the form of powder metal 
can be added to increase deposition rates. 

Shielding gas: As elements in the flux are heated by the arc, some 
of them vaporize and form voluminous gaseous clouds hundreds 
of times larger than their original volume. This rapidly expanding 
cloud forces the air around the weld zone away from the molten 
weld metal, Figure 3.13. Without the protection this process affords 
the molten metal, it would rapidly oxidize. Such oxidization would 
severely affect the weld’s mechanical properties, rendering it unfit 
for service. 


All FCAW fluxes are divided into two groups based on the acid or 
basic chemical reactivity of the slag. The AWS classifies T-1 as acid and 
T-5 as basic. 





Figure 3.13 Rapidly expanding gas cloud 
Source: Courtesy of Larry Jeffus 
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The rutile-based flux is acidic, T-1. It produces a smooth, stable arc 
and a refractory high-temperature slag for out-of-position welding. These 
electrodes produce a fine drop transfer, a relatively low fume, and an 
easily removed slag. The main limitation of the rutile fluxes is that their 
fluxing elements do not produce as high a quality deposit as do the T-5 
systems. 

The lime-based flux is basic, T-5. It is very good at removing certain 
impurities from the weld metal, but its low-melting-temperature slag is 
fluid, which makes it generally unsuitable for out-of-position welding. 
These electrodes produce a more globular transfer, more spatter, more 
fume, and a more adherent slag than do the T-1 systems. These charac- 
teristics are tolerated when it is necessary to deposit very tough weld 
metal and for welding materials having a low tolerance for hydrogen. 

Some rutile-based electrodes allow the addition of a shielding gas. 
With the weld partially protected by the shielding gas, more elements 
can be added to the flux, which produces welds with the best of both 
flux systems, high-quality welds in all positions. 

Some fluxes can be used on both single- and multiple-pass welds, and 
others are limited to single-pass welds only. Using a single-pass welding 
electrode for multipass welds may result in an excessive amount of man- 
ganese. The manganese is necessary to retain strength when making 
large, single-pass welds. However, with the lower dilution associated 
with multipass techniques, it can strengthen the weld metal too much 
and reduce its ductility. In some cases, small welds that deeply penetrate 
the base metal can help control this problem. 

Table 3.3 lists the shielding and polarity for the flux classifications of 
mild steel FCAW electrodes. The letter G is used to indicate an unspeci- 
fied classification. The G means that the electrode has not been classified 
by the American Welding Society. Often the exact composition of fluxes is 
kept as a manufacturer’s trade secret. Therefore, only limited information 
about the electrode’s composition will be given. The only information 
often supplied is current, type of shielding required, and some strength 
characteristics. 


Table 3.3 Welding Characteristics of Seven Flux Classifications 


Classification Comments 


T-1 Requires clean surfaces and produces little spatter. It can be used for 
single- and multiple-pass welds in all positions. 

T-2 Requires clean surfaces and produces little spatter. It can be used for 
single-pass welds in the flat (1G and 1F) and horizontal (2F) positions 
only. 

T-3 Used on thin-gauge steel for single-pass welds in the flat (1G and 1F) 
and horizontal (2F) positions only. 

T-4 Low penetration and moderate tendency to crack for single- and 
multiple-pass welds in the flat (1G and 1F) and horizontal (2F) positions. 

T-5 Low penetration and a thin, easily removed slag, used for single- and 
multiple-pass welds in the flat (1G and 1F) position only. 

T-6 Similar to T-5 without externally applied shielding gas. 

T-G The composition and classification of this electrode are not given in the 


preceding classes. It may be used for single- or multiple-pass welds. 


Shielding Gas 


Carbon dioxide (CO) or 
argon/carbon dioxide mixes 


Carbon dioxide (CO;) 


None 


None 
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With or without carbon dioxide 


(COz) 
None 


With or without shielding 
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Key Indicator 3 


Table 3.4 Ferrite-forming Elements Used in FCA Welding Fluxes 


Element Reaction in Weld 

Silicon (Si) Ferrite former and deoxidizer 
Chromium (Cr) Ferrite and carbide former 
Molybdenum (Mo) Ferrite and carbide former 
Columbium (Cb) Strong ferrite former 
Aluminum (Al) Ferrite former and deoxidizer 


As a result of the relatively rapid cooling of the weld metal, the weld 
may tend to become hard and brittle. This factor can be controlled by 
adding elements to the flux that affect the content of both the weld and 
the slag, Table 3.4. Ferrite is the softer, more ductile form of iron. The 
addition of ferrite-forming elements can control the hardness and brittle- 
ness of a weld. Refractory fluxes are sometimes called “fast-freeze” 
because they solidify at a higher temperature than the weld metal. By 
becoming solid first, this slag can cradle the molten weld pool and con- 
trol its shape. This property is very important for out-of-position welds. 

The impurities in the weld pool can be metallic or nonmetallic com- 
pounds. Metallic elements that are added to the metal during the manu- 
facturing process in small quantities may be concentrated in the weld. 
These elements improve the grain structure, strength, hardness, resis- 
tance to corrosion, or other mechanical properties in the metal’s as- 
rolled or formed state. But the deposited weld metal, or weld nugget, is 
like a small casting because the liquid weld metal freezes in a controlled 
shape, and some alloys adversely affect the properties of this casting 
(weld metal). Nonmetallic compounds are primarily slag inclusions left 
in the metal from the fluxes used during manufacturing. The welding 
fluxes form slags that are less dense than the weld metal so that they 
will float to the surface before the weld solidifies. 


Flux Cored Steel Electrode Identification 


The American Welding Society revised its A5.20 Specification for Car- 
bon Steel Electrodes for Flux Cored Arc Welding in 1995 to reflect changes 
in the composition of the FCA filler metals. Table 3.5 lists the AWS spe- 
cifications for flux cored filler metals. 


The electrode number E70T-10 is used as an example to explain the clas- 
sification system for mild steel FCAW electrodes (Figure 3.14): 


e E—Electrode. 
e 7—Tensile strength in units of 10,000 psi for a good weld. This 
value is usually either 6 for 60,000 or 7 for 70,000 psi minimum 


Table 3.5 Filler Metal Classification Numbers 


Metal AWS Filler Metal Classification 
Mild steel A5.20 
Stainless steel A5.22 


Chromium—molybdenum A5.29 
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Figure 3.14 Identification system for mild steel FCAW electrodes 


Source: Courtesy of the American Welding Society 


weld strength. An exception is for the number 12, which is used to 
denote filler metals having a range from 70,000 to 90,000 psi. 
0—0 is used for flat and horizontal fillets only, and 1 is used for all- 
position electrodes. 

T—Tubular (flux cored) electrode. 

10—The number in this position can range from 1 to 14 and is 
used to indicate the electrode’s shielding gas if any, number of 
passes that may be applied one on top of the other, and other 
welding characteristics of the electrode. The letter G is used to 
indicate that the shielding gas, polarity, and impact properties are 
not specified. The letter G may or may not be followed by the letter 
S. S indicates an electrode suitable only for single-pass welding. 


The electrode classification E70T-10 can have some optional identifiers 
added to the end of the number, as in E70T-10MJH8. These additions are 
used to add qualifiers to the general classification so that specific codes or 
standards can be met. These additions have the following meanings: 


M—Mixed gas of 75% to 80% Ar and CO, for the balance. If there is 
no M, either the shielding gas is CO, or the electrode is self- 
shielded. 

J—Describes the Charpy V-notch impact test value of 20 ft-lb at 
40°F. 

H8—Describes the residual hydrogen levels in the weld: H4 equals 
less than 4 ml/100 g; H8, less than 8 ml/100 g; H16, less than 16 
ml/100 g. 


Stainless Steel Electrodes 

The AWS classification for stainless steel for FCAW electrodes starts with 
the letter E as its prefix. Following the E prefix, the American Iron and 
Steel Institute’s (AISI) three-digit stainless steel number is used. This 
number indicates the type of stainless steel in the filler metal. 


INDICATES THE MINIMUM TENSILE STRENGTH OF THE 
DEPOSITED WELD METAL IN A TEST WELD MADE WITH 
THE ELECTRODE AND IN ACCORDANCE WITH SPECIFIED 


INDICATES THE PRIMARY WELDING POSITION FOR WHICH 
THE ELECTRODE IS DESIGNED: 
0 — FLAT AND HORIZONTAL POSITIONS 


| L INDICATES USABILITY AND PERFORMANCE CAPABILITIES 
INDICATES A FLUX CORED ELECTRODE 
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The powdered metal added to 
the core flux can provide addi- 
tional filler metal and/or alloys. 
This is one way the micro-alloys 
can be added in very small and 
controlled amounts, as low as 
0.0005% to 0.005%. These are 
very powerful alloys that dra- 
matically improve the metal’s 
mechanical properties. 


To the right of the AISI number, the AWS adds a dash followed by a 
suffix number. The number 1 is used to indicate an all-position filler 
metal, and the number 3 is used to indicate an electrode to be used in 
the flat and horizontal positions only. 


The addition of metal powders to the flux core of FCA welding electrodes 
has produced a new classification of filler metals. The new filler metals 
evolved over time, and a new identification system was established by 
the AWS to identify these filler metals. Some of the earlier flux cored fil- 
ler metals that already had powder metals in their core had their num- 
bers changed to reflect the new designation. The designation was chan- 
ged from the letter T for tubular to the letter C for core. For example, 
E70T-1 became E70C-3C. The complete explanation of the cored elec- 
trode E70C-3C follows: 


e E—Electrode. 

e 7—Tensile strength in units of 10,000 psi for a good weld. This 
value is usually either 6 for 60,000 or 7 for 70,000 psi minimum 
weld strength. An exception is for the number 12, which is used to 
denote filler metals having a range from 70,000 to 90,000 psi. 

e 0—0 is used for flat and horizontal fillets only, and 1 is used for all- 
position electrodes. 

e C—Metal-cored (tubular) electrode. 

e 3—3 is used for a Charpy impact of 20 ft-lb at 0°F, and 6 represents 
a Charpy impact of 20 ft-lb at 20°F. 

e C—tThe second letter C indicates CO.. The letter M in this position 
would indicate a mixed gas, 75% to 80% Ar, with the balance being 
COz. If there is no M or C, then the shielding gas is CO. The letter 
G is used to indicate that the shielding gas, polarity, and impact 
properties are not specified. The letter G may or may not be fol- 
lowed by the letter S. S indicates an electrode suitable only for 
single-pass welding. 


Wire electrodes may be wrapped in sealed plastic bags for protection 
from the elements. Others may be wrapped in a special paper, and 
some are shipped in cans or cardboard boxes. 

A small paper bag of a moisture-absorbing material, crystal desiccant, 
is sometimes placed in the shipping containers to protect wire electrodes 
from moisture. Some wire electrodes require storage in an electric rod 
oven to prevent contamination from excessive moisture. Read the manu- 
facturer’s recommendations located in or on the electrode shipping con- 
tainer for information on use and storage. 

Weather conditions affect your ability to make high-quality welds. 
Humidity increases the chance of moisture entering the weld zone. 
Water (HO), which consists of two parts hydrogen and one part oxygen, 
separates in the weld pool. When only one part of hydrogen is expelled, 
hydrogen entrapment occurs. Hydrogen entrapment can cause weld 
beads to crack or become brittle. The evaporating moisture will also 
cause porosity. 


Flux Cored Arc Welding Equipment, Setup, and Operation 131 


To prevent hydrogen entrapment, porosity, and atmospheric contam- 
ination, it may be necessary to preheat the base metal to drive out moist- 
ure. Storing the wire electrode in a dry location is recommended. The 
electrode may develop restrictions due to the tangling of the wire or 
become oxidized with excessive rusting if the wire electrode package is 
mishandled, thrown, dropped, or stored in a damp location. 


FCA welding wire can be manufactured so that all of the required shield- 
ing of the molten weld pool is provided by the vaporization of some of 
the flux within the tubular electrode. When the electrode provides all of 
the shielding, it is called self-shielding and the welding process is abbre- 
viated FCAW-S (S for self-shielding). Other FCA welding wire must use 
an externally supplied shielding gas to provide the needed protection of 
the molten weld pool. When a shielding gas is added, the combined 
shielding is called dual shield and the process is abbreviated FCAW-G 
(G for gas). 

Note: Sometimes the shielding gas(es) are referred to as the shielding 
medium. For example, the shielding gas, or medium, for E71T-5 is either 
75% argon with 25% CO. or 100% COs. 

Care must be taken to use the cored electrodes with the recom- 
mended gases, and not to use gas at all with the self-shielded electrodes. 
Using a self-shielding flux cored electrode with a shielding gas may pro- 
duce a defective weld. The shielding gas will prevent the proper disinte- 
gration of much of the deoxidizers. This results in the transfer of these 
materials across the arc to the weld. In high concentrations, the deoxidi- 
zers can produce slags that become trapped in the welds, causing unde- 
sirable defects. Lower concentrations may cause brittleness only. In 
either case, the chance of weld failure is increased. If these electrodes 
are used correctly, there is no problem. 

The selection of a shielding gas will affect the arc and weld properties. 
The weld bead width, buildup, penetration, spatter, chemical composi- 
tion, and mechanical properties are all affected as a result of the shield- 
ing gas selection. 

Shielding gas comes in high-pressure cylinders. These cylinders are 
supplied with 2000 psi of pressure. Because of this high pressure, it is 
important that the cylinders be handled and stored safely. For specific 
cylinder safety instructions see Chapter 2 in Introduction to Welding, 
the first book in this series. 

Gases used for FCA welding include CO, and mixtures of argon and 
COz. Argon gas is easily ionized by the arc. Ionization results in a highly 
concentrated path from the electrode to the weld. This concentration 
results in a smaller droplet size that is associated with the axial spray 
mode of metal transfer, Figure 3.15. A smooth, stable arc results and 
there is a minimum of spatter. This transfer mode continues as CO, is 
added to the argon until the mixture contains more than 25% of COs. 

As the percentage of CO, increases in the argon mixture, weld pene- 
tration increases. This increase in penetration continues until a 100% CO, 
shielding gas is reached. But as the percentage of CO, is increased the 
arc stability decreases. The less stable arc causes an increase in spatter. 


Always keep the wire electrode 
dry and handle it as you would 
any important tool or piece of 
equipment. 
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Never use an FCA welding elec- 
trode with a shielding gas it is 
not designated to be used with. 
The weld it produces may be 
unsafe. 


MOLTEN FLUX—> 





Figure 3.15 Axial spray transfer mode 
Source: Courtesy of Larry Jeffus 


A mixture of 75% argon and 25% CO, works best for jobs requiring a 
mixed gas. This mixture is sometimes called C-25. 

Straight CO, is used for some welding. But the CO, gas molecule is 
easily broken down in the welding arc. It forms carbon monoxide (CO) 
and free oxygen (O). Both gases are reactive to some alloys in the elec- 
trode. As these alloys travel from the electrode to the molten weld pool, 
some of them form oxides. Silicon and manganese are the primary alloys 
that become oxidized and lost from the weld metal. 

Most FCA welding electrodes are specifically designed to be used with 
or without shielding gas and for a specific shielding gas or percentage 
mixture. For example, an electrode designed specifically for use with 
100% COz will have higher levels of silicon and manganese to compen- 
sate for the losses to oxidization. But if 100% argon or a mixture of argon 
and CO, is used, the weld will have an excessive amount of silicon and 
manganese. The weld will not have the desired mechanical or metallur- 
gical properties. Although the weld may look satisfactory, it will probably 
fail prematurely. 


WELDING TECHNIQUES 


A welder can control weld beads made by FCA welding by making 
changes in the techniques used. The following explains how changing 
specific welding techniques will affect the weld produced. 


Gun angle, work angle, and travel angle are terms used to refer to the 
relation of the gun to the work surface, Figure 3.16. The gun angle can 
be used to control the weld pool. The electric arc produces an electrical 
force known as the arc force. The arc force can be used to counteract the 
gravitational pull that tends to make the liquid weld pool sag or run 
ahead of the arc. By manipulating the electrode travel angle for the flat 
and horizontal position of welding to a 20° to 45° angle from the vertical, 
the weld pool can be controlled. A 40° to 50° angle from the vertical plate 
is recommended for fillet welds. 
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Figure 3.16 Welding gun angles 


Changes in this angle will affect the weld bead shape and penetration. 
Shallower angles are needed when welding thinner materials to prevent 
burn-through. Steeper, perpendicular angles are used for thicker 
materials. 

FCAW electrodes have a flux that is mineral based, often called low- 
hydrogen. These fluxes are refractory and become solid at a high tem- 
perature. If too steep a forehand, or pushing, angle is used, slag from 
the electrode can be pushed ahead of the weld bead and solidify quickly 
on the cooler plate, Figure 3.17. Because the slag remains solid at higher 
temperatures than the temperature of the molten weld pool, it can be 
trapped under the edges of the weld by the molten weld metal. To 
avoid this problem, most flat and horizontal welds should be performed 
with a backhand angle. 

Vertical up welds require a forehand gun angle. The forehand angle is 
needed to direct the arc deep into the groove or joint for better control of 
the weld pool and deeper penetration, Figure 3.18. Slag entrapment asso- 
ciated with most forehand welding is not a problem for vertical welds. 

A gun angle around 90° to the metal surface either slightly forehand or 
backhand works best for overhead welds, Figure 3.19. The slight angle 
aids with visibility of the weld, and it helps control spatter buildup in 
the gas nozzle. 


SLAG SOLID 





Figure 3.17 Problem of trapped slag 
Large quantities of solid slag in front of a weld can cause slag to be trapped under 
the weld bead. Figure 3.18 Vertical up gun angle 
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Figure 3.19 Weld gun position to control spatter buildup on an overhead weld 


Forehand/Perpendicular/Backhand Techniques 


Forehand, perpendicular, and backhand are the terms most often used to 
describe the gun angle as it relates to the work and the direction of travel. 
The forehand technique is sometimes referred to as pushing the weld 
bead, and backhand may be referred to as pulling or dragging the weld 
bead. The term perpendicular is used when the gun angle is at approxi- 
mately 90° to the work surface, Figure 3.20. 


Advantages of the Forehand Technique 
The forehand welding technique has several advantages: 


e Joint visibility—You can easily see the joint where the bead will be 
deposited, Figure 3.21. 

e Electrode extension—The contact tube tip is easier to see, making 
it easier to maintain a constant extension length. 

e Less weld penetration—It is easier to weld on thin sheet metal 
without melting through. 

e Out-of-position welds—This technique works well on vertical up 
and overhead joints for better control of the weld pool. 


Disadvantages of the Forehand Technique 
The disadvantages of using the forehand welding technique are the 
following: 


e Weld thickness—Thinner welds may occur because less weld rein- 
forcement is applied to the weld joint. 
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Figure 3.20 Gun angles 
Changing the welding gun angle between forehand, perpendicular, and backhand angles will change the shape of the weld bead 
produced. 
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Figure 3.21 Welder’s view with a forehand angle 
This angle keeps the shielding gas nozzle from restricting the welder’s view. 


e Welding speed—Because less weld metal is being applied, the rate 
of travel along the joint can be faster, which may make it harder to 
create a uniform weld. 

e Slag inclusions—Some spattered slag can be thrown in front of the 
weld bead and be trapped or included in the weld, resulting in a 
weld defect. 

e Spatter—Depending on the electrode, the amount of spatter may 
be slightly increased with the forehand technique. 


Advantages of the Perpendicular Technique 
The perpendicular welding technique has the following advantages: 


e Machine and robotic welding—The perpendicular gun angle is 
used on automated welding because there is no need to change 
the gun angle when the weld changes direction. 

e Uniform bead shape—The weld’s penetration and reinforcement 
are balanced between those of forehand and backhand techniques. 


Disativantages of the Perpendicular Technique 
The disadvantages of using the perpendicular welding technique are the 
following: 


e Limited visibility—Because the welding gun is directly over the 
weld, there is limited visibility of the weld unless you lean your 
head way over to the side. 

e Weld spatter—Because the weld nozzle is directly under the weld in 
the overhead position, more weld spatter can collect in the nozzle, 
causing gas flow problems or even shorting the tip to the nozzle. 


Advantages of the Backhand Technique 
The backhand welding technique has the following advantages: 


e Weld bead visibility—It is easy to see the back of the molten weld 
pool as you are welding, which makes it easier to control the bead 
shape, Figure 3.22. 

e Travel speed—Because of the larger amount of weld metal being 
applied, the rate of travel may be slower, making it easier to create 
a uniform weld. 

e Depth of fusion—The arc force and the greater heat from the 
slower travel rate both increase the depth of weld joint penetration. 
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Figure 3.22 Welder’s view with a backhand angle 
Watch the trailing edge of the molten weld pool. 


Disativantages of the Backhand Technique 
The disadvantages of the backhand welding technique are the following: 


e Weld buildup—The weld bead may have a convex (raised or 
rounded) weld face when you use the backhand technique. 

e Postweld finishing—Because of the weld bead shape, more work 
may be required if the product has to be finished by grinding 
smooth. 

e Joint following—It is harder to follow the joint because your hand 
and the FCAW gun are positioned over the joint, and you may 
wander from the seam. 

e Loss of penetration—An inexperienced welder sometimes directs 
the wire too far back into the weld pool causing the wire to build 
up in the face of the weld pool reducing joint penetration. 


Travel Speed 


The American Welding Society defines travel speed as the linear rate at 
which the arc is moved along the weld joint. Fast travel speeds deposit 
less filler metal. If the rate of travel increases, the filler metal cannot be 
deposited fast enough to adequately fill the path melted by the arc. This 
causes the weld bead to have a groove melted into the base metal next to 
the weld and left unfilled by the weld. This condition is known as 
undercut. 

Undercut occurs along the edges or toes of the weld bead. Slower 
travel speeds will, at first, increase penetration and increase the filler 
weld metal deposited. As the filler metal increases, the weld bead will 
build up in the weld pool. Because of the deep penetration of flux cored 
wire, the angle at which you hold the gun is very important for a suc- 
cessful weld. 

If all welding conditions are correct and remain constant, the pre- 
ferred rate of travel for maximum weld penetration is a travel speed that 
allows you to stay within the selected welding variables and still control 
the fluidity of the weld pool. This is an intermediate travel speed, or pro- 
gression, which is not too fast or too slow. 

Another way to figure out correct travel speed is to consult the man- 
ufacturer’s recommendations chart for the inches per minute (ipm) 
burn-off rate for the selected electrode. 


Flux Cored Arc Welding Equipment, Setup, and Operation 


Mode of Metal Transfer 


The mode of metal transfer is used to describe how the molten weld 
metal is transferred across the arc to the base metal. The mode of metal 
transfer that is selected, the shape of the completed weld bead, and the 
depth of weld penetration depend on the welding power source, wire 
electrode size, type and thickness of material, type of shielding gas 
used, and best welding position for the task. 


Spray Transfer with FCAW-G 
The spray transfer mode is the most common process used with gas- 
shielded FCAW (FCAW-G), Figure 3.15. 

As the gun trigger is depressed, the shielding gas automatically flows 
and the electrode bridges the distance from the contact tube to the base 
metal, making contact with the base metal to complete a circuit. The elec- 
trode shorts and becomes so hot that the base metal melts and forms a 
weld pool. The electrode melts into the weld pool and burns back toward 
the contact tube. A combination of high amperage and the shielding gas 
along with the electrode size produces a pinching effect on the molten elec- 
trode wire, causing the end of the electrode wire to spray across the arc. 

The characteristic of spray-type transfer is a smooth arc, through 
which hundreds of small droplets per second are transferred through 
the arc from the electrode to the weld pool. At that moment a transfer 
of metal is taking place. Spray transfer can produce a high quantity of 
metal droplets, up to approximately 250 per second above the transition 
current, or critical current. This means the current required for a spray 
transfer to take place is dependent on the electrode size, composition of 
the electrode, and shielding gas. Below the transition current (critical 
current), globular transfer takes place. 

In order to achieve a spray transfer, high current and larger-diameter 
electrode wire are needed. A shielding gas of carbon dioxide (COz), a 
mixture of carbon dioxide (CO2) and argon (Ar), or an argon (Ar) and 
oxygen (O.) mixture is needed. FCAW-G is a welding process that, with 
the correct variables, can be used 


e on thin or properly prepared thick sections of material 
e ona combination of thick to thin materials 

e with small or large electrode diameters 

e with a combination of shielding gases 


Globular Transfer with FCAW-G 

Globular transfer occurs when the welding current is below the transition 
current, Figure 3.23. The electrode forms a molten ball at its end that 
grows in size to approximately two to three times the original electrode 
diameter. These large molten balls are then transferred across the arc at 
the rate of several drops per second. 

The arc becomes unstable because of the gravitational pull from the 
weight of these large drops. A spinning effect caused by a natural phe- 
nomenon takes place when argon gas is introduced to a large ball of mol- 
ten metal on the electrode. The molten ball spins as it transfers across 
the arc to the base metal. This unstable globular transfer can produce 
excessive spatter. 
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Figure 3.23 Globular transfer method 


Both FCAW-S and FCAW-G use direct current electrode negative 
(DCEN) when welding on thin-gauge materials to keep the heat in the 
base metal and the small-diameter electrode at a controllable burn-off 
rate. The electrode can then be stabilized, and it is easier to manipulate 
and control the weld pool in all weld positions. Larger-diameter electro- 
des are welded with direct current electrode positive (DCEP) because the 
larger diameters can keep up with the burn-off rates. 

The recommended weld position means the position in which the 
workpiece is placed for welding. All welding positions use either spray 
or globular transfer, but for now we will concentrate on the flat and hor- 
izontal welding positions. 

In the flat welding position the workpiece is placed flat on the work 
surface. In the horizontal welding position the workpiece is positioned 
perpendicular to the workbench surface. 

The amperage range may be from 30 to 400 amperes or more for weld- 
ing materials from gauge thickness up to 1-1/2 inches. On square groove 
weld joints, thicker base metals can be welded with little or no edge pre- 
paration. This is one of the great advantages of FCAW. If edges are prepared 
and cut at an angle (beveled) to accept a complete joint weld penetration, 
the depth of penetration will be greatly increased. FCAW is commonly used 
for general repairs to mild steel in the horizontal, vertical, and overhead 
welding positions, sometimes referred to as out-of-position welding. 


The electrode extension is measured from the end of the electrode contact 
tube to the point the arc begins at the end of the electrode, Figure 3.24. 
Compared to GMA welding, the electrode extension required for FCAW is 
much greater. The longer extension is required for several reasons. The 
electrical resistance of the wire causes the wire to heat up, which can 
drive out moisture from the flux. This preheating of the wire also results 
in a smoother arc with less spatter. 


Porosity 


FCA welding can produce high-quality welds in all positions, although por- 
osity in the weld can be a persistent problem. Porosity can be caused by 
moisture in the flux, improper gun manipulation, or surface contamination. 
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Figure 3.24 Self-shielded electrode nozzle 


Source: Courtesy of the American Welding Society 


The flux used in the FCA welding electrode is subject to picking up 
moisture from the surrounding atmosphere, so the electrodes must be 
stored in a dry area. Once the flux becomes contaminated with moisture, 
it is very difficult to remove. Water (H,O) breaks down into free hydrogen 
and oxygen in the presence of an arc, Figure 3.25. The hydrogen can be 
absorbed into the molten weld metal, where it can cause postweld crack- 
ing. The oxygen is absorbed into the weld metal also, but it forms oxides 
in the metal. 

If a shielding gas is used, the FCA welding gun gas nozzle must be close 
enough to the weld to provide adequate shielding gas coverage. If there is 
a wind or if the nozzle-to-work distance is excessive, the shielding will be 
inadequate and allow weld porosity. If welding is to be done outside or in 
an area subject to drafts, the gas flow rate must be increased or a wind 
shield must be placed to protect the weld, Figure 3.26. 

A common misconception is that the flux within the electrode will 
either remove or control weld quality problems caused by surface con- 
taminations. That is not true. The addition of flux makes FCA welding 
more tolerant to surface conditions than GMA welding, although it still 
is adversely affected by such contaminations. 

New hot-rolled steel has a layer of dark gray or black iron oxide called 
mill scale. Although this layer is very thin, it may provide a source of 
enough oxygen to cause porosity in the weld. If mill scale causes porosity, 
it is usually uniformly scattered through the weld, Figure 3.27. Unless it is 
severe, uniformly scattered porosity is usually not visible in the finished 
weld. It is trapped under the surface as the weld cools. 
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Figure 3.25 Water and porosity 
Water (H20) breaks down in the presence of the arc and the hydrogen (H) is dissolved in the 
molten weld metal. 





Figure 3.26 Wind and draft protection 
A wind screen can keep the welding shielding from being blown away. 





Figure 3.27 Uniformly scattered porosity 
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Figure 3.28 Grinding requirements 
Grind mill scale off plates within 1 in. (25 mm) of the groove. 


Because porosity is under the weld surface, nondestructive testing 
methods, including X ray, magnetic particle, and ultrasound, must be 
used to locate it in a weld. It can be detected by mechanical testing 
such as guided bend, free bend, and nick-break testing for establishing 
weld parameters. Often it is better to remove the mill scale before weld- 
ing rather than risking the production of porosity. 

All welding surfaces within the weld groove and the surrounding sur- 
faces within 1 in. (25 mm) must be cleaned to bright metal, Figure 3.28. 
Cleaning may be either grinding, filing, sanding, or blasting. 

Any time FCA welds are to be made on metals that are dirty, oily, 
rusty, or wet or that have been painted, the surface must be precleaned. 
Cleaning can be done chemically or mechanically. 

One advantage of chemically cleaning oil and paint is that it is easier 
to clean larger areas. Both oil and paint smoke easily when heated, and 
such smoke can cause weld defects. They must be removed far enough 
from the weld so that weld heat does not cause them to smoke. In the 
case of small parts the entire part may need to be cleaned. 


SUMMARY 


Chemically cleaning oil and 
paint off metal must be done 
according to the cleaner manu- 
facturer’s directions. The work 
must be done in an appropriate, 
approved area. The metal must 
be dry, and all residues of the 
cleaner must be removed before 
welding begins. 





Flux cored arc welding is used to produce more tons of welded fabrica- 
tions than any other process. The ability to produce high-quality welds 
on a wide variety of material thicknesses and joint configurations has 
led to its popularity. As you learn and develop these skills, you will there- 
fore be significantly increasing your employability and productivity in the 
welding industry. 

A wide variety of filler metals and shielding gas combinations for flux 
cored arc welding are available to you in industry. These various materi- 
als aid in producing welds of high quality under various welding condi- 
tions. Although the selection of the proper filler metal and gas coverage, 
if used, will significantly affect the finished weld’s quality in the field, 
there are very few differences in manipulation and setup among these 
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filler metals. Therefore, as you practice welding in a school or training 
program and learn to use a specific wire and shielding gas mixture, 
these skills are easily transferable to the next group of materials you will 
encounter on the job. 
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. List some factors that have led to the increased use of FCA welding. 
. How is FCAW similar to GMAW? 

. What does the FCA flux provide to the weld? 

. What are the major atmospheric contaminations of the molten weld 


metal? 


. How does slag help an FCA weld? 
. What is the electrical difference between a constant-potential and a 


constant-current power supply? 


. How can FCA welding guns be cooled? 

. What problems does excessive drive roller pressure cause? 

. List the advantages that FCA welding offers the welding industry. 

. Describe the two methods of manufacturing FCA electrode wire. 

. Why are large-diameter electrodes not used for all-position welding? 
. How do deoxidizers remove oxygen from the weld zone? 

. What do fluxing agents do for a weld? 

. Why are alloying elements added to the flux? 

. How does the flux form a shielding gas to protect the weld? 

. What are the main limitations of the rutile fluxes? 

. Why is it more difficult to use lime-based fluxed electrodes on out- 


of-position welds? 


. What benefit does adding an externally supplied shielding gas have 


on some rutile-based electrodes? 


. How do excessive amounts of manganese affect a weld? 

. Why are elements added that cause ferrite to form in the weld? 

. Why are some slags called refractory? 

. Why must a flux form a less dense slag? 

. Referring to Table 3.5, what is the AWS classification for FCA welding 


electrodes for stainless steel? 


. Describe the meaning of each part of the following FCA welding 


electrode identification: E81T-5. 


. What does the number 316 in E316T-1 mean? 
. What is the advantage of using an argon-CO, mixed shielding gas? 
. What are the primary alloying elements lost if 100% COz shielding 


gas is used? 


. What can cause porosity in an FCA weld? 
. What happens to water in the welding arc? 
. What is the thin, dark gray or black layer on new hot-rolled steel? 


How can it affect the weld? 


. Why is uniformly scattered porosity hard to detect in a weld? 
. What cautions must be taken when chemically cleaning oil or paint 


from a piece of metal? 


. What can happen to slag that solidifies on the plate ahead of the weld? 
. How is the electrode extension measured? 







OBJECTIVES 


After completing this chapter, the student should be able to 


set up the FCA weld station 

thread the electrode wire through the system 

list three disadvantages of having to bevel a plate before welding 
make root, filler, and cover passes with the FCAW process 


make butt welds in all positions that can pass a specified standard’s 
visual or destructive examination criteria 


make fillet welds in tee joints and lap joints in all positions that can 
pass a specified standard’s visual or destructive examination criteria 





KEY TERMS 


amperage range feed rollers tee joint 
conduit liner lap joint voltage range 
contact tube root face weave bead 
critical weld stringer bead wire-feed speed 
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Key Indicators Addressed in this Chapter: 


Module 1: Occupational Orientation 


T Key Indicator 1: Prepares time or job cards, reports, or records 
Key Indicator 2: Performs housekeeping duties 
Key Indicator 3: Follows verbal instructions to complete work 
assignments 
Key Indicator 4: Follows written instructions to complete work 
assignments 
Module 6: Flux Cored Arc Welding (FCAW-G/GM, FCAW-S) 


ay Key Indicator 1: Performs safety inspections of FCAW equipment and 

accessories 

Key Indicator 2: Makes minor external repairs to FCAW equipment and 
accessories 

Gas Shielded 

Key Indicator 3: Sets up for FCAW-G/GM operations on carbon steel 

Key Indicator 4: Operates FCAW-G/GM equipment on carbon steel 

Key Indicator 5: Makes FCAW-G/GM fillet welds, in all positions, on 
carbon steel 
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FCA welding produces a lot of 
ultraviolet light, heat, sparks, 
slag, and welding fumes. Proper 
personal, protective clothing 
and special protective clothing 
must be worn to prevent burns 
from the ultraviolet light and 
hot weld metal. Eye protection 
must be worn to prevent injury 
from flying sparks and _ slag. 
Forced ventilation and possibly 
a respirator must be used to 
prevent fume-related injuries. 
Refer to the safety precautions 
provided by the equipment and 
electrode manufacturers and to 
Chapter 2 in Welding Skills, Pro- 
cesses and Practices for Entry- 
Level Welders: Book One for ad- 
ditional safety help. 


Key Indicator 6: Makes FCAW-G/GM groove welds, in all positions, on 
carbon steel 

Key Indicator 7: Passes FCAW-G/GM welder performance qualification 
testing (workmanship sample) on carbon steel 


Self Shielded 

Key Indicator 8: Sets up for FCAW-S operations on carbon steel 

Key Indicator 9: Operates FCAW-S equipment on carbon steel 

Key Indicator 10: Makes FCAW-S fillet welds, in all positions, on 
carbon steel 

Key Indicator 11: Makes FCAW-S groove welds, in all positions, on 
carbon steel 

Key Indicator 12: Passes FCAW-S welder performance qualification test 
(workmanship sample) on carbon steel 

Module 9: Welding Inspection and Testing Principles 


Key Indicator 1: Examines cut surfaces and edges of prepared base metal 
parts 

Key Indicator 2: Examines tacks, root passes, intermediate layers, and 
completed welds 





INTRODUCTION 


Setup of the flux cored arc welding (FCAW) work station is the key to making 
quality welds. It may be possible, using a poorly set up FCA welder, to make 
an acceptable weld in the flat position. The FCA welding process is often for- 
giving; thus welds can often be made even when the welder is not set cor- 
rectly. However, such welds will have major defects such as excessive spatter, 
undercut, overlap, porosity, slag inclusions, and poor weld bead contours. Setup 
becomes even more important for out-of-position welds. Making vertical and 
overhead welds can be difficult for a student welder with a properly set up 
system, but it becomes impossible with a system that is out of adjustment. 

Learning to set up and properly adjust the FCA welding system will allow 
you to produce high-quality welds at a high level of productivity. 

FCAW is set up and manipulated in a manner similar to that of GMAW. The 
results of changes in electrode extension, voltage, amperage, and torch angle 
are essentially the same. 

Although every manufacturer’s FCA welding equipment is designed differ- 
ently, all equipment is set up in a similar manner. It is always best to follow 
the specific manufacturer's recommendations regarding setup as provided in 
its equipment literature. You will find, however, that, in the field, manufac- 
turers’ literature is not always available for the equipment you are asked to 
use. It is therefore important to have a good general knowledge and under- 
standing of the setup procedure for FCA welding equipment. Figure 4.1 shows 
all of the various components that make up an FCA welding station. 
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Figure 4.1 Basic FCA welding equipment identification 


PRACTICES 


The practices in this chapter are grouped according to those requiring 
similar techniques and setups. Plate welds are covered first, then sheet 
metal. The practices start with 1/4-in. (6-mm) mild steel plates; they are 
used because they require the least preparation times. The thicker 3/8-in. 
(9.5-mm) plates provide the basics of practicing groove welding. The 3/ 
4-in. (19-mm) and thicker plates are used to develop the skills required 
to pass the unlimited thickness test often given to FCA welders. Sheet 
metal is grouped together because it presents a unique set of learning 
skills. 

The major skill required for making consistently acceptable FCA welds 
is the ability to set up the welding system. Changes such as variations 
in material thickness, position, and type of joint require changes both in 
technique and setup. A correctly set up FCA welding station can, in many 
cases, be operated by a less-skilled welder. Often the only difference 
between a welder earning a minimum wage and one earning the maxi- 
mum wage is the ability to correct machine setups. 

For several reasons the FCA welding practice plates will be larger than 
most other practice plates. Welding heat and welding speed are the 
major factors that necessitate this increased size. FCA welding is both 
high energy and fast, and the welding energy (heat) input is so great 
that small practice plates may glow red by the end of a single weld 
pass. This would seriously affect the weld quality. To prevent this from 
happening, wider plates are used. Because of the higher welding speeds, 
longer plates are usually used. 

Plates less than 1/2 in. (13 mm) will be 12 in. (305 mm) long for most 
practices. In addition to controlling the heat buildup, the longer plates 
are needed to give the welder enough time to practice welding. Learning 
to make longer welds is a skill that must also be practiced, because the 
FCA welding process is used in industry to make long production welds. 
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Module 1 . 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Key Indicator 2 
Gas Shielded 
Key Indicator 3 
Self Shielded 
Key Indicator 8 


Plates thicker than 1/2 in. (13 mm) can be shorter than 12 in. (305 
mm). Most codes allow test plates of “unlimited thickness” to be as 
short as 7 in. (178 mm). 


PRACTICE 4-1 


FCAW Equipment Setup 


For this practice, you will need a semiautomatic welding power 
source approved for FCA welding, welding gun, electrode feed unit, elec- 
trode supply, shielding gas supply, shielding gas flowmeter regulator, 
electrode conduit, power and work leads, shielding gas hoses (if 
required), assorted hand tools, spare parts, and any other required mate- 
rials. In this practice, you will demonstrate to a group of students and 
your instructor how to properly set up an FCA welding station. Some 
manufacturers include detailed setup instructions with their equipment. 
If such instructions are available for your equipment, follow them. Other- 
wise, use the following instructions. 

If the shielding gas is to be used and it comes from a cylinder, the 
cylinder must be chained securely in place before the valve protection 
cap is removed, Figure 4.2. Standing to one side of the cylinder, make 
sure nobody is in line with the valve and quickly crack the valve to blow 
out any dirt in the valve before the flowmeter regulator is attached, Fig- 
ure 4.3. Attach the correct hose from the regulator to the “gas-in” con- 
nection on the electrode feed unit or machine. 

Install the reel of electrode (welding wire) on the holder and secure it, 
Figure 4.4. Check the feed roller size to ensure that it matches the wire 
size, Figure 4.5. Also check the conduit liner size for compatibility with 
the wire size. Connect the conduit to the feed unit. The conduit or an 
extension should be aligned with the groove in the roller and set as 
close to the roller as possible without touching, Figure 4.6. Misalignment 
at this point can contribute to a bird’s nest, Figure 4.7. Bird-nesting of the 
electrode wire, so called because it looks like a bird’s nest, results when 
the feed roller pushes the wire into a tangled ball because the wire would 
not go through the outfeed side conduit. 





Figure 4.2 Make sure the gas cylinder is chained securely in place before removing the 
safety cap 
Source: Courtesy of Larry Jeffus 
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LATCH LOCKED IN PLACE 


PTW ARAL bone 





Figure 4.3 Attaching the flowmeter regulator 


Figure 4.4 Wire reel may be secured by a center nut or 
Be sure the tube is vertical. locking lever 
Source: Courtesy of Larry Jeffus 


Source: Courtesy of Larry Jeffus 


FEED ROLLER SIZE 


FEED ROLLERS 





Figure 4.5 Checking feed roller size 


Check to be certain that the feed rollers are the correct size for the wire being used. 
Source: Courtesy of Larry Jeffus 
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4 ELECTRODE 


| 


ALIGN SIDE TO SIDE TOP VIEW 









FEED 
ROLLERS 


NOTE: DO NOT TOUCH 


ELECTRODE 


ALIGN TOP TO BOTTOM 





FRONT VIEW ; j } os 
Figure 4.7 “Bird’s nest” in the filler wire at the feed rollers 
Figure 4.6 Feed roller and conduit alignment Source: Courtesy of Larry Jeffus 


Be sure the power is off before attaching the welding cables. The elec- 
trode and work leads should be attached to the proper terminals. The elec- 
trode lead should be attached to the electrode or positive (+) terminal. If 
necessary, it is also attached to the power cable part of the gun lead. The 
work lead should be attached to the work or negative (-) terminal. 

The shielding “gas-out” side of the solenoid is then also attached to 
the gun lead. If a separate splice is required from the gun switch circuit 
to the feed unit, it should be connected at this time. Check that the weld- 
ing contactor circuit is connected from the feed unit to the power source. 

The welding cable liner or wire conduit must be securely attached to the 
gas diffuser and contact tube, Figure 4.8. The contact tube (tip), Figure 3.1, 
must be the correct size to match the electrode wire size being used. If a 
shielding gas is to be used, a gas nozzle would be attached to complete 
the assembly. If a gas nozzle is not needed for a shielding gas, it may still 
be installed. Because it is easy for a student to touch the work with the con- 
tact tube during welding, an electrical short may occur. This short-out of 
the contact tube will immediately destroy the tube. Although the gas nozzle 
may interfere with some visibility, it may be worth the trouble for a new 
welder. FCA welding is more sensitive to changes in arc voltage than is 
SMA (stick) welding. Such variations in FCA welding voltage can dramati- 
cally and adversely affect your ability to maintain weld bead control. 

A loose or poor connection will result in increased circuit resistance 
and a loss of welding voltage. To be sure that you have a good work 


CONDUIT 






ALLEN WRENCH 
GAS DIFFUSER 


SETSCREW 


Figure 4.8 Securely attach conduit to gas diffuser and contact tube to prevent wire jams 
caused by misalignment 
Source: Courtesy of Larry Jeffus 


connection, remove any dirt, rust, oil, or other surface contamination at 
the point where the work clamp is connected to the weldment. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-2 


Threading FCAW Wire 


Using the FCAW machine that was properly assembled in Practice 4-1, 
you will turn the machine on and thread the electrode wire through the 
system. 

Check that the unit is assembled correctly according to the manufac- 
turer’s specifications. Switch on the power and check the gun switch cir- 
cuit by depressing the switch. The power source relays, feed relays, gas 
solenoid, and feed motor should all activate. 

Cut off the end of the electrode wire if it is bent. When working with 
the wire, be sure to hold it tightly. The wire will become tangled if it is 
released. The wire has a natural curl known as cast. Straighten out about 
12 in. (800 mm) of the curl to make threading easier. Separate the wire 
feed rollers and push the wire first through the guides, then between the 
rollers, and finally into the conduit liner, Figure 4.9. Reset the rollers so 
there is a slight amount of compression on the wire, Figure 4.10. Set the 
wire-feed speed control to a slow speed. Hold the welding gun so that 
the electrode conduit and cable are as straight as possible. 

Wearing safety glasses and pointing the gun away from the welder’s 
face, press the gun switch or the cold feed switch on the feeder. Pressing 
the gun switch to start the wire feeder is called triggering the gun. The 
cold feed switch on the feeder is a safety option built into some equip- 
ment that advances the wire without current being sent to the gun. The 
wire should start feeding into the liner. Watch to make certain that the 
wire feeds smoothly and release the gun switch as soon as the end 
comes through the gun. 

If the wire stops feeding before it reaches the end of the gun, stop and 
check the system. If no obvious problem can be found, mark the wire 
with tape and remove it from the gun. It can then be held next to the 
system to determine the location of the problem. 


FILLER WIRE 
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bf Module 1 


Key Indicator 1, 2, 3, 4 


at Module 2 


Key Indicator 1, 2, 3, 4, 7 


bit Module 6 


Key Indicator 2 
Gas Shielded 


Key Indicator 3 
Self Shielded 
Key Indicator 8 


Figure 4.9 Push the wire through the guides by hand Figure 4.10 Adjust the wire-feed tensioner 


Source: Courtesy of Larry Jeffus Source: Courtesy of Larry Jeffus 
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Figure 4.11 Wire protection 





With the wire feed running, adjust the feed roller compression so that 
the wire reel can be stopped easily by a slight pressure. Too light a roller 
pressure will cause the wire to feed erratically. Too high a pressure can 
crush some wires, causing some flux to be dropped inside the wire liner. 
If this happens, you will have a continual problem with the wire not feed- 
ing smoothly or jamming. 

With the feed running, adjust the spool drag so that the reel stops 
when the feed stops. The reel should not coast to a stop, because it 
allows slack in the wire that can easily be snagged. Also, when the feed 
restarts, a jolt occurs when the slack in the wire is taken up. This jolt can 
be enough to momentarily stop the wire, possibly causing a discontinuity 
in the weld. 

When the test runs are completed, you can either rewind or cut off the 
wire. Some wire-feed units have a retract button. This allows the feed 
driver to reverse and retract the wire automatically. To rewind the wire 
on units without this retraction feature, release the rollers and turn 
them backward by hand. If the machine will not allow the feed rollers 
to be released without upsetting the tension, you must cut the wire. 
Some wire reels have covers to prevent the collection of dust, dirt, and 
metal filings on the wire, Figure 4.11. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


(B) 
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POWER wave 
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(A) Covered wire reel. (B) Wire cover on a dual wire-feed system. 


Source: Courtesy of Lincoln Electric Company 


FLAT-POSITION WELDS 
PRACTICE 4-3 


Stringer Beads, Flat Position 


Using a properly set up and adjusted FCA welding machine, Table 4.1, 
proper safety protection, E7OT-1 and/or E71T-11 electrodes of diameter 
0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces 
of mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) or thicker, you 
will make a stringer bead weld in the flat position, Figure 4.12. 


Table 4.1 FCA Welding Parameters for Use if Specific Settings Are Unavailable from Electrode 
thickness 1/4 to 1/2 inch) 
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W Module 1 


Key Indicator 1, 2, 3, 4 


W Module 2 


Key Indicator 1, 2, 3, 4, 7 


Ww Module 6 


Key Indicator 1 
Gas Shielded 
Key Indicator 4 
Self Shielded 
Key Indicator 9 


Manufacturer (base metal 





Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed, Volts Type Flow Type Thickness 
ipm (cm/min.) 

E70T-1 0.035 in. 130t0 150 288 to 380 22 to 25 None n/a Low-carbon — 1/4 in. to 1/2 in. 
E71T-1 (0.9 mm) (732 to 975) steel (6 mm to 13 mm) 
E7OT-1 0.045 in. 150to 210 200 to 300 28 to 29 None n/a Low-carbon — 1/4 in. to 1/2 in. 
E71T-1 (1.2 mm) (508 to 762) steel (6 mm to 13 mm) 
E70T-5 0.035in. 130to 200 288 to 576 20 to 28 75% argon 30cfh Low-carbon 1/4 in. to 1/2 in. 
E71T-11 (0.9 mm) (732 to 1463) 25% CO> steel (6 mm to 13 mm) 
E70T-5 0.045in. 150to 250 200 to 400 23 to 29 75% argon 35cfh Low-carbon 1/4 in. to 1/2 in. 
E71T-11 (1.2 mm) (508 to 1016) 25% COs steel (6 mm to 13 mm) 


12" (305 mm) 








APPROX. 3" 
(76 mm) 
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Welding: Skills, Processes and Practices 


MATERIAL: 4/4" (6 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 76 mm 


PROCESS: 
FCAW STRI 
NUMBER: 





NGER BEAD FLAT POSITION 


DRAWN BY: 
PRACTICE 4-3 JESSICA ALVAREZ 


Figure 4.12 FCAW stringer bead, 1/4 in. mild steel, flat position 
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Starting at one end of the plate and using a dragging technique, make 
a weld bead along the entire 12-in. (305-mm) length of the metal. After 
the weld is complete, check its appearance. Make any needed changes to 
correct the weld. Repeat the weld and make additional adjustments. After 
the machine is set, start to work on improving the straightness and uni- 
formity of the weld. Use weave patterns of different widths and straight 
stringers without weaving. 

Repeat with both classifications of electrodes until beads can be made 
straight, uniform, and free from any visual defects. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


One advantage of FCA welding is the ability to make 100%-joint-penetrat- 
ing welds without beveling the edges of the plates. These full-joint-pene- 
trating welds can be made in plates that are 1/4 in. (6 mm) or less in 
thickness. Welding on thicker plates risks the possibility of a lack of 
fusion on both sides of the root face, Figure 4.13. 

There are several disadvantages of having to bevel a plate before 
welding: 


e Beveling the edge of a plate adds an operation to the fabrication 
process. 

e Both more filler metal and welding time are required to fill a 
beveled joint than are required to make a square jointed weld. 

e Beveled joints have more heat from the thermal beveling and 
additional welding required to fill the groove. The lower heat input 
to the square joint means less distortion. 


The major disadvantage of making square jointed welds is that as 
the plate thickness approaches 1/4 in. (6 mm) or if the weld is out of 








Figure 4.13 A beveled joint may or may not have a flat surface, called a root face 
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position, a much higher level of skill is required. The skill required to 
make quality square welds can be acquired by practicing on thinner 
metal. It is much easier to make this type of weld in metal 1/8 in. (3 
mm) thick and then move up in thickness as your skills improve. 


PRACTICE 4-4 


Butt Joint 1G 
Using a properly set up and adjusted FCA welding machine, proper Ti Module 1 


safety protection, E70T-1 and/or E71T-11 electrodes of diameter 0.035 Key Indicator 1, 2, 3, 4 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces W Module 2 
of mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) or less in Key Indicator 1, 2, 3, 4, 7 
thickness, you will make a groove weld in the flat position, Figure 4.14. 
+ Module 6 
e Tack weld the plates together and place them in position to be Gas Shielded 
welded. Key Indicator 6 
e Starting at one end, run a bead along the joint. Watch the molten Self Shielded 
weld pool and bead for signs that a change in technique may be Key Indicator 11 
required. This practice addresses the 
e Make any needed changes as the weld progresses in order to pro- “Flat” position portion of the 
duce a uniform weld. Palais requirement of 
an . 


Repeat with both classifications of electrodes until defect-free welds 
can consistently be made in the 1/4-in.-thick (6-mm-thick) plate. Turn 


i 


(6 mm) 








12" (305 mm) 


ai 


APPROX. 3" 
(76 mm) 
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Welding: Skills, Processes and Practices 


MATERIAL: 1/4" (6 mm) MILD STEEL PLATE 
12" X 3" (305 mm X 76 mm 
PROCESS: 
FCAW BUTT JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 4-4 JESSICA ALVAREZ 





Figure 4.14 FCAW butt joint, 1/4 in. mild steel, flat position 
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off the welding machine and shielding gas and clean up your work area 
when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


V-GROOVE AND BEVEL-GROOVE WELDS 


Although for speed and economy engineers try to avoid specifying welds 
that require beveling the edges of plates, it is not always possible. Any- 
time the metal being welded is thicker than 1/4 in. (6 mm) and a 100% 
joint penetration weld is required, the edges of the plate must be pre- 
pared with a bevel. Fortunately, FCA welding allows a narrower groove 
to be made and still achieve a thorough thickness weld, due to the dee- 
per penetration characteristics of the FCAW process, Figure 4.15. 

All FCA groove welds are made using three different types of weld 
passes, Figure 4.16. 


e Root pass: The first weld bead of a multiple-pass weld. The root 
pass fuses the two parts together and establishes the depth of weld 
metal penetration. 

e Filler pass: Made after the root pass is completed and used to fill 
the groove with weld metal. More than one pass is often required. 

e Cover pass: The last weld pass on a multipass weld. The cover pass 
may be made with one or more welds. It must be uniform in 
width, reinforcement, and appearance. 


60° 
\ f 
a lies 7 / 









Figure 4.15 Reduced groove angle for FCAW 
A smaller groove angle reduces both weld time and filler metal required to make the weld. 
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Figure 4.16 Three types of weld passes make up a weld 
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A good root pass is needed in order to obtain a sound weld. The root 
may be either open or closed using a backing strip, Figure 4.17. 

The backing strips are usually made from a piece of metal 1/4 in. 
(6 mm) thick and 1 in. (25 mm) wide, and should be 2 in. (50 mm) 
longer than the base plates. The strip is attached to the plate by tack 
welds made on the sides of the strip, Figure 4.18. 

Most production welds do not use backing strips, so they are made as 
open root welds. Because of the difficulty in controlling root weld face 
contours in FCAW, however, open-root joints are often avoided on criti- 
cal welds. If an open-root weld is needed because of weldment design, 
the root pass may be put in with an SMAW electrode or the root face of 
the FCA weld can be retouched by grinding and/or back welding. 

Care must be taken with any root pass not to have the weld face too 
convex, Figure 4.19. Convex weld faces tend to trap slag along the toe of 





ROOT PASS OPEN ROOT 


BACKING STRIP 


Figure 4.17 Root pass 
The maximum deposit for a root pass is 1/4 in. (6 mm) thick. 





TEST PLATES 


Figure 4.18 Backing strip 
Securely tack weld the backing strip to the test plates. 
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SLAG TRAPPED 





Figure 4.19 Slag trapped beside weld bead is hard to remove 


CONCAVE FACE 
NO SLAG TRAPPED 


Figure 4.20 Flat or concave weld faces are easier to clean off 


the weld. FCA weld slag can be extremely difficult to remove in this area, 
especially if there is any undercutting. To avoid this, adjust the welding 
power settings, speed, and weave pattern so that a flat or slightly concave 
weld face is produced, Figure 4.20. 


Filler passes are made with either stringer beads, which are made with a 
straight progression and very little gun manipulation, or weave beads, in 
which the operator oscillates the gun from side to side in order to widen 
the weld profile. Either bead type works well for flat or vertically positioned 
welds, but stringer beads work best for horizontal and overhead-positioned 
welds. When multiple-pass filler welds are required, each weld bead must 
overlap the others along the edges. Edges should overlap smoothly enough 
so that the finished bead is uniform, Figure 4.21. Stringer beads usually 
overlap about 25% to 50%, and weave beads overlap approximately 10% 
to 25%. 


SMOOTH BEAD CONTOUR 





BEAD OVERLAP 
OF WELDS 


Figure 4.21 The surface of a multipass weld should be as smooth as if it were made by 
one weld 


Each weld bead must be cleaned before the next bead is started. The 
filler pass ends when the groove has been filled to a level just below the 
plate surface. 


The cover pass may or may not simply be a continuation of the weld 
beads used to make the filler pass(es). The major difference between 
the filler pass and the cover pass is the weld face importance. Keeping 
the face and toe of the cover pass uniform in width, reinforcement, and 
appearance and free of defects is essential. Most welds are not tested 
beyond a visual inspection. For that reason the appearance might be 
the only factor used for accepting or rejecting welds. 

The cover pass must meet a strict visual inspection standard. The 
visual inspection looks to see that the weld is uniform in width and rein- 
forcement. There should be no arc strikes or hammer marks from chip- 
ping or slag removal operations on the plate other than those on the weld 
itself. The weld must be free of both incomplete fusion and cracks. The 
weld must be free of overlap, and undercut must not exceed either 10% 
of the base metal or 1/32 in. (0.8 mm), whichever is less. Reinforcement 
must have a smooth transition with the base plate and be no higher than 
1/8 in. (3 mm), Figure 4.22. 


PRACTICE 4-5 
Butt Joint 1G 


Use a properly set up and adjusted FCA welding machine, Table 4.1; 
proper safety protection; E70T-1 and/or E71T-11 electrodes of diameter 
0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of 
mild steel plate, beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; 
and a backing strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. 
(6 mm) thick. You will make a groove weld in the flat position, Figure 4.23. 

Tack weld the backing strip to the plates. There should be a root gap 
of approximately 1/8 in. (3 mm) between the plates. The beveled surface 
can be made with or without a root face, Figure 4.24. 
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Figure 4.22 Common discontinuities found during a visual examination 
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“Flat” position portion of the 
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Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 76 mm 
PROCESS: 
FCAW BUTT JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 4-— JESSICA ALVAREZ 





Figure 4.23 FCAW butt joint, 3/8 in. mild steel, flat position 


Place the test plates in position at a comfortable height and location. 
Be sure that you have complete and free movement along the full length 
of the weld joint. It is often a good idea to make a practice pass along the 
joint with the welding gun without power to make sure nothing will inter- 
fere with your making the weld. Be sure the welding cable is free and will 
not get caught on anything during the weld. 

Start the weld outside the groove on the backing strip tab, Figure 4.25. 
This is done so that the arc is smooth and the molten weld pool size is 


ROOT FACE 





ROOT EDGE 





Figure 4.25 Using the ends of a backing strip 
Run-off tabs, in which the weld starts and stops on the ends of 
the backing strip, help control possible underfill or burn-back at 


Figure 4.24 Groove layout with and without a root face the starting and stopping points of a groove weld. 
Source: Courtesy of Larry Jeffus 





established at the beginning of the groove. Continue the weld out onto 
the tab at the outer end of the groove. This process ensures that the 
end of the groove is completely filled with weld. 

Repeat with both classifications of electrodes until consistently defect- 
free welds can be made. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-6 


Butt Joint 1G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of 
mild steel plate, beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) 
thick; and a backing strip 14 in. (355 mm) long, 1 in. (25 mm) wide, 
and 1/4 in. (6 mm) thick. You will make a groove weld in the flat posi- 
tion, Figure 4.26. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-5, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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Ww Module 1 


Key Indicator 1, 2, 3, 4 


aie Module 2 


Key Indicator 1, 2, 3, 4, 7 


W Module 6 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Flat” position portion of the 
all-position requirement of 

6 and 11. 


Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 


12"X 3" (305 mm X 76 mm 
PROCESS: 


FCAW BUTT JOINT FLAT POSITION 


DRAWN BY: 
PRACTICE 4-6 DEIRDRE McMULLEN MD. 


NUMBER: 


Figure 4.26 FCAW butt joint, 3/8 in. mild steel, flat position 
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, (6 mm) 


4p 


FILLET WELDS 


A fillet weld is the type of weld made on a lap joint and a tee joint. It 
should be built up equal to the thickness of the plate, Figure 4.27. On 
thick plates the fillet must be made up of several passes as with a groove 
weld. The difference with a fillet weld is that a smooth transition from the 
plate surface to the weld is required. If this transition is abrupt, it can 
cause stresses that will weaken the joint. 

The lap joint is made by overlapping the edges of the plates. They 
should be held together tightly before tack welding them together. A small 
tack weld may be added in the center to prevent distortion during welding, 
Figure 4.28. Chip and wire brush the tacks before you start to weld. 

The tee joint is made by tack welding one piece of metal on another 
piece of metal at a right angle, Figure 4.29. After the joint is tack welded 
together, the slag is chipped from the tack welds. If the slag is not 
removed, it will cause a slag inclusion in the final weld. 


SMOOTH WELD 
TRANSITION 


LEG 
THICKNESS iw 












SMOOTH WELD 
TRANSITION 


Figure 4.27 The legs of a fillet weld should generally be equal to the thickness of the 
base metal 


SMALL 
TACK WELDS 


4" 
2 (6 mm) 





| be 6" (152 mm) 
OVERLAP 
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Figure 4.28 Tack welding the plates of a lap joint together 


Flux Cored Arc Welding 161 





TACK WELDS 


Figure 4.29 Tack welding both sides of a tee joint 
Tack welding will help keep the tee square for welding. 


Holding thick plates tightly together on tee joints may cause under- 
bead cracking, or lamellar tearing, Figure 4.30. On thick plates the weld 
shrinkage can be great enough to pull the metal apart well below the 
bead or its heat-affected zone. In production welds, cracking can be con- 
trolled by not assembling the plates tightly together. The space between 
the two plates can be set by placing a small wire spacer between them, 
Figure 4.31. 

A fillet welded lap or tee joint can be strong if it is welded on both 
sides, even without having deep penetration, Figure 4.32. Some tee joints 
may be prepared for welding by cutting either a bevel or a J-groove in the 
vertical plate. This cut is not required for strength but may be necessary 
because of design limitations. Unless otherwise specified, most fillet 
welds will be equal in size to the plates welded. A fillet weld will be as 
strong as the base plate if the size of the two welds equals the total thick- 
ness of the base plate. The weld bead should have a flat or slightly concave 
appearance to ensure the greatest strength and efficiency, Figure 4.33. 

The root of fillet welds must be melted to ensure a completely fused 
joint. A notch along the root of the weld pool is an indication that the root 
is not being fused together, Figure 4.34. To achieve complete root fusion, 
move the arc to a point as close as possible to the leading edge of the 
weld pool, Figure 4.35. If the arc strikes the unmelted plate ahead of the 
molten weld pool, it may become erratic, which will increase weld spatter. 





Figure 4.30 Underbead cracking, 
or lamellar tearing, of the base plate 





SPACER WELD WELD 
RODS SIZE SIZE 
Figure 4.31 Spacers in tee joints Figure 4.32 Fillet weld size 
Base plate cracking can be controlled by placing spacers in the If the total weld sizes are equal, then both tee joints would have 


joint before welding. equal strength. 
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This practice addresses the 
“Flat” position portion of the 
all-position requirement for 
5 and 10. 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 
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Figure 4.34 Watch the root of the weld 
bead to be sure there is complete fusion 
Source: Courtesy of Larry Jeffus 


—<— FORCE —<>— FORCE 


FLAT TO CONVEX 
CONCAVE CONTOUR 
CONTOUR 


STRESS LINES 


Figure 4.33 Fillet weld shape 
The stresses are distributed more uniformly through a flat or concave fillet weld. 


ARC POINT 





Figure 4.35 Moving the arc as close as 
possible to the leading edge of the weld will 
provide good root fusion. 


PRACTICE 4-7 


Lap Joint and Tee Joint 1F 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 electrodes of diameter 0.035 in. 
and/or 0.045 in. (0.9 mm and/or 1.2 mm); and one or more pieces of mild 
steel plate, beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick. You 
will make a fillet weld in the flat position. 

Tack weld the pieces of metal together and brace them in position. 
When making the lap or tee joints in the flat position, the plates must be 
at a 45° angle so that the surface of the weld will be flat, Figure 4.36A and 
Figure 4.36B. Starting at one end, make a weld along the entire length of the 
joint. 

Repeat each type of joint with both classifications of electrodes until 
consistently defect-free welds can be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-8 
Tee Joint 1F 


Use a properly set up and adjusted FCA welding machine, Table 4.2; 
proper safety protection; E70T-1 and/or E71T-11 electrodes of diameter 
0.035 in. and/or through 1/16 in. (0.9 mm and/or through 1.6 mm); one 
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Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 76 mm 
PROCESS: 
FCAW LAP JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 4-7 HEATHER AGA 





Figure 4.36 (A) FCAW lap joint, 3/8 in. mild steel, flat position 








Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 76 mm 
PROCESS: 
FCAW TEE JOINT FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 4-7 MATTIE AGA 





Figure 4.36 (B) FCAW tee joint, 3/8 in. mild steel, flat position 


164 CHAPTER 4 


Table 4.2 FCA Welding Parameters for Use if Specific Settings Are Unavailable from Electrode Manufacturer (base metal 


thickness 1/2 to 3/4 inch) 





Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed, Volts Type Flow Type Thickness 
ipm (cm/min) 

E7OT-1 0.035 in. 130t0 150 288 to 380 22 to 25 None n/a Low-carbon 1/2 in. to 3/4 in. 
E71T-1 (0.9 mm) (732 to 975) steel (13 mm to 19 mm) 
E7OT-1 0.045 in. 150to 210 200 to 300 28 to 29 None n/a Low-carbon 1/2 in. to 3/4 in. 
E71T-1 (1.2 mm) (508 to 762) steel (13 mm to 19 mm) 
E7OT-1 .052 in. 150 to 300 =150 to 350 25 to 33. None n/a Low-carbon 1/2 in. to 3/4 in. 
E71T-1 (1.4 mm) (381 to 889) steel (13 mm to 19 mm) 
E7OT-1 1/16 in. 200 to 400 150 to 300 27 to 33. None n/a Low-carbon 1/2 in. to 3/4 in. 
E71T-1 (1.6 mm) (381 to 762) steel (13 mm to 19 mm) 
E70T-5 0.035in. 130to 200 288 to 576 20 to 28 75% argon 30cfh Low-carbon § 1/2 in. to 3/4 in. 
E71T-11 (0.9 mm) (732 to 1463) 25% COr steel (13 mm to 19 mm) 
E70T-5 0.045in. 150to 250 200 to 400 23 to 29 75% argon 35cfh Low-carbon 1/2 in. to 3/4 in. 
E71T-11 (1.2 mm) (508 to 1016) 25% COr steel (13 mm to 19 mm) 
E70T-5 0.052 in. 150to 300 150 to 350 21 to 32 75% argon 35cfh Low-carbon 1/2 in. to 3/4 in. 
E71T-11 (1.4 mm) (381 to 889) 25% COr steel (13 mm to 19 mm) 
E70T-5 = 1/16 in. 180 to 400 145 to 350 21 to 34 75% argon 40cfh Low-carbon 1/2 in. to 3/4 in. 
E71T-11 (1.6 mm) (368 to 889) 25% COs steel (13 mm to 19 mm) 
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Key Indicator 1, 2, 3, 4 
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Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Key Indicator 1, 2 
Gas Shielded 

Key Indicator 3 
Gas Shielded 

Key Indicator 4 
Self Shielded 

Key Indicator 8 
Self Shielded 

Key Indicator 9 


or more pieces of mild steel plate, beveled, 7 in. (178 mm) long and 3/4 in. 
(19 mm) thick or thicker. You will make a fillet weld in the flat position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-7, repeat each type of joint with both classifi- 
cations of electrodes until consistently defect-free welds can be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


VERTICAL WELDS 
PRACTICE 4-9 


Butt Joint at a 45° Vertical Up Angle 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, 0.035-in. and/or 0.045-in. (0.9-mm and/or 1.2-mm)- 
diameter E71T-1 and/or E71T-11 electrodes, and one or more pieces of 
mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) thick or thin- 
ner, you will increase the plate angle gradually as you develop skill until 
you are making satisfactory welds in the vertical up position, Figure 4.37. 


e Start practicing this weld with the plate at a 45° angle. 

e Gradually increase the angle of the plate to vertical as skill is 
gained in welding this joint. A straight stringer bead or slight zigzag 
will work well on this joint. 

e Establish a molten weld pool in the root of the joint. 

e Cool, chip, and inspect the weld for uniformity and defects. 
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Figure 4.37 Start making welds with the plate at a 45° angle 
As your skill develops, increase the angle until the plate is vertical. 


It is easier to make a quality weld in the vertical up position if lower 
settings are used in both the amperage range and voltage range. This 
will make the molten weld pool smaller, less fluid, and easier to control. 
A problem with lower power settings is that the weld bead often can be 
very convex, Figure 4.38. Faster travel speed and/or slightly wider weave 
patterns can be used to control the bead shape. 

Start at the bottom of the plate and hold the welding gun at a slight 
upward angle to the plate, Figure 4.39. Brace yourself, lower your hood, 
and begin to weld. Depending on the machine settings and type of elec- 
trode used, you will make a weave pattern. 

If the molten weld pool is large and fluid (hot), use a C or J weave pat- 
tern to allow a longer time for the molten weld pool to cool, Figure 4.40. 
Do not make the weave so long or fast that the electrode is allowed to 
strike the metal ahead of the molten weld pool. If this happens, spatter 
increases and a spot or zone of incomplete fusion may occur. 

A weld that is high and has little or no fusion is too “cold.” Changing the 
welding technique will not correct this problem. The welder must stop 
welding and make the needed adjustments to the power supply or electrode 
feeder. Continue to weld along the entire 12-in. (305-mm) length of plate. 

Repeat welds with both electrodes until defect-free welds can be con- 
sistently made vertically in the 1/4-in. (6-mm)-thick plate. Turn off the 





Figure 4.38 Low amperage causes too much buildup and not enough penetration 
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Figure 4.39 45° vertical up 
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“Vertical” portion of the 
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Figure 4.40 The shape of the weld pool can indicate the 
temperature of the surrounding base metal 


welding machine and shielding gas and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-10 
Butt Joint 3G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. 
and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces of mild 








Welding: Skills, Processes and Practices 











MATERIAL: 1/4" (6 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 76 mm 
PROCESS: 


FCAW 3G BUTT JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-10 AMY JEFFUS 


Figure 4.41 FCAW 3G butt joint, 1/4 in. mild steel 


steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) thick or thinner, you 
will make a groove weld in the vertical position, Figure 4.41. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-9, repeat with both classifications of electro- 
des until defect-free welds can be consistently made in the 1/4-in. 
(6-mm)-thick plate. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-11 


Butt Joint 3G 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of mild steel plate, 
beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; and a backing 
strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. 
You will make a groove weld in the vertical position. 

Following the same instructions for assembly and welding procedure 
as outlined in Practice 4-9, repeat with both classifications of electrodes 
until defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-12 


Butt Joint 3G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of mild steel plate, 
beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; and a backing 
strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. 
You will make a groove weld in the vertical position, Figure 4.42. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-9, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-13 


Butt Joint 3G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E71T-1 and/or E71T-11 electrodes of diameter 0.045 
in. and/or through 1/16 in. (0.9 mm and/or through 1.6 mm); one 
or more pieces of mild steel plate, beveled, 7 in. (178 mm) long and 
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Welding: Skills, Processes and Practices 








MATERIAL: 3/8" (9.5 mm) GAUGE MILD STEEL PLATE 
12"X 3" (305 mm X 76 mm 
PROCESS: 
FCAW 3G BUTT JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-12 AMY JEFFUS 


Figure 4.42 FCAW 3G butt joint, 3/8 in. mild steel 
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Key Indicator 1, 2 


3/4 in. (19 mm) thick or thicker; and a backing strip 9 in. (230 mm) long, 
1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. You will make a groove 
weld in the vertical position, Figure 4.43. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-9, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-14 


Fillet Weld Joint at a 45° Vertical Up Angle 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces 
of mild steel plate, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick, 
you will increase the plate angle gradually as you develop skill until you 
are making satisfactory welds in the vertical up position, Figure 4.44. 

Tack weld the metal pieces together and brace them in position. Check 
to see that you have free movement for your gun along the entire joint to 
prevent stopping and restarting during the weld. Avoiding stops and starts 
both speeds up the welding time and eliminates discontinuities. 

It is easier to make a quality weld in the vertical up position if both 
the amperage and voltage are set at the lower end of their ranges. This 
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Welding: Skills, Processes and Practices 


: MATERIAL: 3/4" (19 mm) MILD STEEL PLATE 
12"X3"(178 mm X 76 mm 
6" (152 mm) PROCESS: 


FCAW 3G BUTT JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-13 AMY JEFFUS 














Figure 4.43 FCAW 3G butt joint, 3/4 in. mild steel 





Figure 4.44 45° vertical up fillet weld 


will make the molten weld pool smaller, less fluid, and easier to control. 
A problem with the lower power settings is that the weld bead often is 
very convex. A convex face on a weld bead often makes it more difficult 
to remove the slag along the toe of the weld. 

The weave pattern should allow for adequate fusion on both edges of 
the joint. Watch the edges to be sure that they are being melted so that 
adequate fusion and penetration occur. 
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Repeat the weld with each electrode type until defect-free welds can 
consistently be made vertically. Turn off the welding machine and shield- 
ing gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-15 


Lap Joint and Tee Joint 3F 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); and one or more pieces 
of mild steel plate, beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) 
thick. You will make a fillet weld in the vertical position. 

Following the same instructions for assembly and welding procedure 
as outlined in Practice 4-14, repeat each type of joint with both classifica- 
tions of electrodes until you can make welds with 100% penetration that 
will pass the test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-16 


Tee Joint 3F 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.045 in. 
and/or through 1/16 in. (0.9 mm and/or through 1.6 mm), and one or 
more pieces of mild steel plate, 7 in. (178 mm) long and 3/4 in. (19 mm) 
thick, you will make a fillet weld in the vertical position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-14, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


HORIZONTAL WELDS 
PRACTICE 4-17 


Lap Joint and Tee Joint 2F 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 (or E71T-1 and/or E70T-5) 
electrodes of diameter 0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 
mm); and one or more pieces of mild steel plate, beveled, 12 in. (305 
mm) long and 3/8 in. (9.5 mm) thick. You will make a fillet weld in the 
horizontal position, Figure 4.45A and Figure 4.45B. 
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12" (305 mm ) —— 


Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 76 mm 
PROCESS: 
FCAW 2F LAP JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-17 NEIL SCHWARTZ 





Figure 4.45 (A) FCAW 2F lap joint, 3/8 in. mild steel 


Welding: Skills, Processes and Practices 


MATERIAL: 1/4" (6 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 76 mm 
PROCESS: 
FCAW 2F TEE JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-17 ADAM SCHWARTZ 





Figure 4.45 (B) FCAW 2F tee joint, 1/4 in. mild steel 
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OVERLAP 


TRAPS SLAG. 


Figure 4.46 Slag can be trapped along the side of the root 


pass 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 

Key Indicator 5 

Self Shielded 

Key Indicator 10 

This practice addresses the 
“Horizontal” component of the 
all-position requirement for 

5 and 10. 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Horizontal” position portion of 
the all-position requirement 

of 6 and 11. 








Figure 4.47 FCAW weld bead positions for a 100% penetration 
grooved tee joint 


The root weld must be kept small so that its contour can be controlled. 
Too large a root pass can trap slag under overlap along the lower edge of 
the weld, Figure 4.46. Clean each pass thoroughly before the weld bead is 
started. Follow the weld bead sequence shown in Figure 4.47. Use stringer 
beads rather than weave beads in order to eliminate overlap. Keeping all of 
the weld beads small will help control their contour. 

Repeat each type of joint with both classifications of electrodes until 
defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-18 


Tee Joint 2F 


Use a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 (or E71T-1 and/or E70T-5) 
electrodes of diameter 0.045 in. and/or through 1/16 in. (0.9 mm and/ 
or through 1.6 mm), and one or more pieces of mild steel, beveled, 
7 in. (178 mm) long and 3/4 in. (19 mm) thick or thicker. You will 
make a fillet weld in the horizontal position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-17, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-19 


Butt Joint 2G 


Use a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 (or E71T-1 and/or E70T-5 elec- 
trodes) of diameter 0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), 








12" (305 mm) 
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Welding: Skills, Processes and Practices 
MATERIAL: 1/4" (6 mm) MILD STEEL PLATE 


12"X 3" (305 mm X 76 mm 
PROCESS: 


FCAW 2G BUTT JOINT 


DRAWN BY: 
PRACTICE 4-19 SCOTT SCHWARTZ 


NUMBER: 


Figure 4.48 FCAW 2G butt joint, 1/4 in. mild steel 


and one or more pieces of mild steel plate, 12 in. (305 mm) long and 
1/4 in. (6 mm) thick or thinner. You will make a groove weld in the hor- 
izontal position, Figure 4.48. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made in the 1/4-in. (6-mm)-thick plate. Turn off the 
welding machine and shielding gas and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-20 
Butt Joint 2G 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 or 5 (or E71T-1 and/or E70T-5) 
electrodes of diameter 0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); 
one or more pieces of mild steel plate, beveled, 12 in. (305 mm) long and 
3/8 in. (9.5 mm) thick; and a backing strip 14 in. (355 mm) long, 1 in. 
(25 mm) wide, and 1/4 in. (6 mm) thick. You will make a groove weld in 
the horizontal position. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 





wT Module 1 


Key Indicator 1, 2, 3, 4 


W Module 2 


Key Indicator 1, 2, 3, 4, 7 


Ww Module 6 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Horizontal” position portion 
of the all-position requirement 
of 6 and 11. 
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Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 + 


Key Indicator 1, 2 

This practice addresses the 
“Horizontal” position portion of 
the all-position requirement 

of 6 and 11. 


Module 1 ava 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Self Shielded 

Key Indicator 6 

Gas Shielded 

Key Indicator 11 

This practice addresses the 
“Horizontal” position portion of 
the all-position requirement 

of 6 and 11. 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 ave 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 
Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 + 


Key Indicator 1, 2 

This practice addresses the 
“Horizontal” position portion of 
the all-position requirement 

of 6 and 11. 


PRACTICE 4-21 


Butt Joint 2G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 or 5 (or E71T-1 and/or E70T-5) 
electrodes of diameter 0.035 in. and/or 0.045 in. (0.9 mm and/or 1.2 mm); 
one or more pieces of mild steel plate, beveled, 12 in. (305 mm) long and 
3/8 in. (9.5 mm) thick; and a backing strip 14 in. (355 mm) long, 1 in. 
(25 mm) wide and 1/4 in. (6 mm) thick. You will make a groove weld in 
the horizontal position. 

Repeat the weld using each electrode classification until you can make 
welds with 100% penetration that will pass a bend test. Turn off the weld- 
ing machine and shielding gas and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-22 


Butt Joint 2G 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 electrodes (or E71T-1 and/or 
E70T-5) of diameter 0.035 in. and/or through 1/16 in. (0.9 mm and/or 
through 1.6 mm); one or more pieces of mild steel plate, beveled, 7 in. 
(178 mm) long and 3/4 in. (19 mm) thick or thicker; and a backing strip 
9 in. (230 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. You 
will make a groove weld in the horizontal position, Figure 4.49. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-23 


Butt Joint 2G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E70T-1 and/or E71T-11 electrodes (or E71T-1 and/or 
E70T-5) of diameter 0.045 in. and/or through 1/16 in. (0.9 mm and/or 
through 1.6 mm); one or more pieces of mild steel plate, beveled, 7 in. 
(178 mm) long and 3/4 in. (19 mm) thick or thicker; and a backing strip 
9 in. (230 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. You 
will make a groove weld in the horizontal position. 

Repeat the weld until you can use each electrode type to make welds 
with 100% penetration that will pass a bend test. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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Welding: Skills, Processes and Practices 
MATERIAL: 3/4" (19 mm) MILD STEEL PLATE 


7'X 3" (178 mm X 76 mm) 
PROCESS: 


FCAW 2G BUTT JOINT 


DRAWN BY: 
PRACTICE 4-22 GEORGE ALVAREZ 


NUMBER: 


Figure 4.49 FCAW 2G butt joint, 3/4 in. mild steel 


OVERHEAD-POSITION WELDS 
PRACTICE 4-24 


Butt Joint 4G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces 
of mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) thick or 
thinner, you will make a groove weld in the overhead position. 

The molten weld pool should be kept as small as possible for easier 
control. A small molten weld pool can be achieved by using lower cur- 
rent, faster traveling speeds, and settings. 

Lower current settings require closer control of gun manipulation to 
ensure that the electrode is fed into the molten weld pool just behind 
the leading edge. The low power will cause overlap and more spatter if 
this electrode-to-molten weld pool contact position is not closely main- 
tained. 

Faster travel speeds allow the welder to maintain a high production 
rate even if multiple passes are required to complete the weld. Weld pene- 
tration into the base metal at the start of the bead can be obtained by 
using a slow start or quickly reversing the weld direction. Both the slow 
start and reversal of weld direction put more heat into the weld start to 
increase penetration. The higher speed also reduces the amount of weld 
distortion by reducing the amount of time that heat is applied to a joint. 





W Module 1 


Key Indicator 1, 2, 3, 4 


+ Module 2 


Key Indicator 1, 2, 3, 4, 7 


W Module 6 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Overhead” position portion 
of the all-position requirement 
of 6 and 11. 
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Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 ah 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 + 


Key Indicator 1, 2 

This practice addresses the 
“Overhead” position portion of 
the all-position requirement 
of 6 and 11. 





Figure 4.50 Hold the gun so that weld spatter will not fall onto the gun 
Source: Courtesy of Larry Jeffus 


For overhead welding, extra personal protection is required to reduce 
the danger of burns. Leather sleeves or leather jackets should be worn. 

Much of the spatter created during overhead welding falls into or on 
the nozzle and contact tube. The contact tube may short out to the gas 
nozzle. The shorted gas nozzle may arc to the work, causing damage 
both to the nozzle and to the plate. To control the amount of spatter, a 
longer stickout and/or a sharper gun-to-plate angle is required to allow 
most of the spatter to fall clear of the gun or nozzle, Figure 4.50. 

Make several short weld beads using various techniques to establish 
the method that is most successful and most comfortable for you. After 
each weld, stop and evaluate it before making a change. When you have 
decided on the technique to be used, make a welded stringer bead that is 
12 in. (305 mm) long. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made in the 1/4-in. (6-mm)-thick plate. Turn off the 
welding machine and shielding gas and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-25 


Butt Joint 4G 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.035 
in. and/or 0.045 in. (0.9 mm and/or 1.2 mm), and one or more pieces 
of mild steel plate, 12 in. (305 mm) long and 1/4 in. (6 mm) thick, you 
will make a groove weld in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-26 


Butt Joint 4G 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of mild steel plate, 
beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; and a backing 
strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. 
You will make a groove weld in the overhead position, Figure 4.51. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat with both classifications of electro- 
des until defect-free welds can consistently be made. Turn off the weld- 
ing machine and shielding gas and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-27 


Butt Joint 4G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); one or more pieces of mild steel plate, 
beveled, 12 in. (305 mm) long and 3/8 in. (9.5 mm) thick; and a backing 
strip 14 in. (355 mm) long, 1 in. (25 mm) wide, and 1/4 in. (6 mm) thick. 
You will make a groove weld in the overhead position. 


APPROX. 





12" (305 mm ) ————————> | 
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W Module 1 


Key Indicator 1, 2, 3, 4 


WT Module 2 


Key Indicator 1, 2, 3, 4, 7 


Ww Module 6 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Overhead” position portion 
of the all-position requirement 
of 6 and 11. 


ail Module 1 


Key Indicator 1, 2, 3, 4 


W Module 2 


Key Indicator 1, 2, 3, 4, 7 


W Module 6 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


W Module 9 


Key Indicator 1, 2 

This practice addresses the 
“Overhead” position portion 
of the all-position requirement 
of 6 and 11. 


Welding: Skills, Processes and Practices 
MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 


PROCESS: 


12"X 3" (305 mm X 76mm 


FCAW 4G BUTT JOINT 


NUMBER: 


PRACTICE 4-26 


Figure 4.51 FCAW 4G butt joint, 3/8 in. mild steel 





DRAWN BY: 
AMY JEFFUS 
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Module 1 aif 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Overhead” position portion of 
the all-position requirement 
of 6 and 11. 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 + 


Key Indicator 1, 2 

This practice addresses the 
“Overhead” position portion of 
the all-position requirement 
of 6 and 11. 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 

Key Indicator 5 

Self Shielded 

Key Indicator 10 

This practice addresses the 
“Overhead” component of the 
all-position requirement 

for 5 and 10. 


Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat the weld until you can use each 
electrode type to make welds with 100% penetration that will pass a 
bend test. Turn off the welding machine and shielding gas and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-28 


Butt Joint 4G 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.045 in. and/or 
through 1/16 in. (0.9 mm and/or through 1.6 mm); one or more pieces of 
mild steel plate, beveled, 7 in. (178 mm) long and 3/4 in. (19 mm) thick or 
thicker; and a backing strip 9 in. (230 mm) long, 1 in. (25 mm) wide, and 
1/4 in. (6 mm) thick. You will make a groove weld in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat with both classifications of elec- 
trodes until defect-free welds can consistently be made. Turn off the weld- 
ing machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-29 


Butt Joint 4G 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E71T-1 and/or E71T-11 electrodes of diameter 0.045 in. 
and/or through 1/16 in. (0.9 mm and/or through 1.6 mm); one or more 
pieces of mild steel plate, beveled, 7 in. (178 mm) long and 3/4 in. 
(19 mm) thick or thicker; and a backing strip 9 in. (230 mm) long, 1 in. 
(25 mm) wide, and 1/4 in. (6 mm) thick. You will make a groove weld 
in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass a bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-30 


Lap Joint and Tee Joint 4F 


Use a properly set up and adjusted FCA welding machine; proper safety 
protection; E71T-1 and/or E71T-11 electrodes of diameter 0.035 in. and/or 
0.045 in. (0.9 mm and/or 1.2 mm); and one or more pieces of mild steel 
plate, beveled, 12 in. (305 mm) long and 3/4 in. (19 mm) thick. You will 
make a fillet weld in the overhead position, Figure 4.52A and Figure 4.52B. 





Figure 4.52 (A) FCAW 4F lap joint, 3/8 in. mild steel 





Figure 4.52 (B) FCAW 4F tee joint, 3/4 in. mild steel 
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Welding: Skills, Processes and Practices 


MATERIAL: 3/8" (9.5 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 78 mm 
PROCESS: 


FCAW 4F LAP JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-30 WENDY JEFFUS 


Welding: Skills, Processes and Practices 


MATERIAL: 3/4" (9.5 mm) MILD STEEL PLATE 
12"X 3" (305 mm X 78 mm 
PROCESS: 
FCAW 4F TEE JOINT 
NUMBER: DRAWN BY: 
PRACTICE 4-30 WENDY JEFFUS 
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Module 1 bf 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 
Key Indicator 5 
Self Shielded 
Key Indicator 10 


Module 9 + 


Key Indicator 1, 2 

This practice addresses the 
“Overhead” component of 
the all-position requirement 
for 5 and 10. 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-24, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-31 


Tee Joint 4F 100% to Be Tested 


Use a properly set up and adjusted FCA welding machine; proper 
safety protection; E71T-1 and/or E71T-11 electrodes of diameter 0.045 in. 
and/or through 1/16 in. (0.9-mm and/or through 1.6-mm); and one or 
more pieces of mild steel plate, beveled, 7 in. (178 mm) long and 3/4 in. 
(19 mm) thick or thicker. You will make a fillet weld in the overhead 
position. 

Following the same instructions for the assembly and welding proce- 
dure as outlined in Practice 4-24, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass the bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


THIN-GAUGE WELDING 


The introduction of small electrode diameters has allowed FCA welding to 
be used on thin sheet metal. Usually these welds will be a fillet type, the 
easiest weld to make on thin stock. An effort should be made when possi- 
ble to design the weld so it is not a butt-type joint. A common use for FCA 
welding on thin stock is to join it to a thicker member, Figure 4.53. This 
type of weld is used to put panels in frames. 

The following practices include some butt-type joints. You will find 
that the vertical down welds are the easiest ones to make. If it is possible 
to position the weldment for a vertical down weld, production speeds for 
butt joints can be increased. 


PRACTICE 4-32 


Butt Joint 1G 


Use a properly set up and adjusted FCA welding machine, Table 4.3; 
proper safety protection; E71T-1 and/or E70T-5 or E70T-1 and/or E71T- 
11 electrodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 
mm); and one or more pieces of mild steel sheet, 12 in. (8305 mm) long 


a a 


Figure 4.53 FCA welding of thin to thick metal 
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Table 4.3 FCA Welding Parameters for Use if Specific Settings Are Unavailable from Electrode Manufacturer 





Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed, Volts Type Flow Type Thick 
ipm (cm/min) 

E7OT-1 0.030 in. 40 to 145 90 to 340 20 to27 None n/a Low-carbon 16 gauge to 
E71T-1 (0.8 mm) (228 to 864) steel 18 gauge 
E7OT-1 0.035 in. 130to 200 288 to 576 20 to 28 None n/a Low-carbon 16 gauge to 
E71T-1 (0.9 mm) (732 to 1463) steel 18 gauge 
E70T-5 0.035 in. 90 to 200 190 to 576 16to29 57% argon 35cfh Low-carbon 16 gauge 
E71T-11 (0.9 mm) (483 to 1463) 25% COr steel 18 gauge 


and 16-gauge to 18-gauge thick. You will make a butt weld in the flat 
position, Figure 4.54. 

Do not leave a root opening for these welds. Even the slightest open- 
ing will result in a burn-through. If a burn-through occurs, the welder 
can be pulsed off and on so that the hole can be filled. This process will 
leave a larger than usual buildup. Excessive buildup could be ground off 
if necessary as part of the postweld cleanup. 

Repeat with both classifications of electrodes until defect-free welds 
can consistently be made. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
provided by your instructor. 
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Welding: Skills, Processes and Practices 


MATERIAL: 16 TO 18 GAUGE MILD STEEL SHEET 
12"X 3" (305 mm X 76 mm 
PROCESS: 
FCAW IG BUTT JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-32 AMY JEFFUS 





Figure 4.54 FCAW 1G butt joint, 16- to 18-gauge mild steel 


182 CHAPTER 4 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 
Key Indicator 6 
Self Shielded 
Key Indicator 11 


Module 9 + 


Key Indicator 1, 2 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 + 


Gas Shielded 

Key Indicator 5 

Gas Shielded 

Key Indicator 10 

This practice addresses the 
“Flat” component of the 
all-position requirement 
for 5 and 10. 


PRACTICE 4-33 


Butt Joint 1G 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E70T-5 or E70T-1 and/or E70T-11 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a butt weld in the flat position, 
Figure 4.55. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass a bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-34 


Lap Joint and Tee Joint 1F 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030-in. and/or 0.035-in. (0.8-mm and/or 0.9-mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a fillet weld in the flat position. 


je 49" (305 mm) 








6" 
(152 mm) 
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Welding: Skills, Processes and Practices 


MATERIAL: 16 TO 18 GAUGE MILD STEEL SHEET 
12"X 3" (305 mm X 76 mm 
PROCESS: 
FCAW IG BUTT JOINT 
NUMBER: DRAWN BY: 
PRACTICE 4-55 


Figure 4.55 FCAW 1G butt joint, 16- to 18-gauge mild steel 


Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-35 


Lap Joint and Tee Joint 1F 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a fillet weld in the flat posi- 
tion, Figure 4.56A and Figure 4.56B. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until you can make welds with 100% penetration 
that will pass the bend test, Figure 4.57A and Figure 4.57B. Turn off the 
welding machine and shielding gas and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-36 


Butt Joint 3G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.030 in. 
and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces of mild 








12" (305 mm) 
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. Module 1 


Key Indicator 1, 2, 3, 4 


bf Module 2 


Key Indicator 1, 2, 3, 4, 7 


aif Module 6 


Gas Shielded 

Key Indicator 6 

Self Shielded 
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This practice addresses the 
“Vertical” position portion of 
the all-position requirement 
of 6 and 11. 


Welding: Skills, Processes and Practices 


MATERIAL: 16 TO 18 GAUGE MILD STEEL SHEET 
12"X 3" (305 mm X 78 mm 


FCAW IF LAP JOINT 


DRAWN BY: 
PRACTICE 4-35 WENDY JEFFUS 


NUMBER: 


Figure 4.56 (A) FCAW 1F lap joint, 16- to 18-gauge mild steel 
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Figure 4.57 (A) 180° bend to test 
lap weld quality 


Module 1 + 


Key Indicator 1, 2, 3, 4 


Module 2 + 


Key Indicator 1, 2, 3, 4, 7 


Module 6 aif 


Gas Shielded 

Key Indicator 5 

Self Shielded 

Key Indicator 10 

This practice addresses the 
“Vertical” component of the 
all-position requirement 

for 5 and 10. 
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Welding: Skills, Processes and Practices 


12"X 3" (305 mm X 78 mm 
PROCESS: 
FCAW IF TEE JOINT 


NUMBER: DRAWN BY: 
PRACTICE 4-35 AMY JEFFUS 


Figure 4.56 (B) FCAW 1F tee joint, 16- to 18-gauge mild steel 


TEE JOINT TEE JOINT 
BEFORE BENDING AFTER BENDING 


ROOT 
WELD 
WELD 


Figure 4.57 (B) Bend the test strip to be sure the weld had good root fusion 


steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge thick, you will 
make a butt weld in the vertical up or down position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat with both classifications of electrodes 
until defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-37 


Lap Joint and Tee Joint 3F 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.030 in. 
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and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces of mild 
steel sheet, 12 in. (305 mm) long and 16-gauge to 18- gauge thick, you will 
make a fillet weld in the vertical up or down position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-38 


Lap Joint and Tee Joint 3F 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-11 electrodes of diameter 0.030 
in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces 
of mild steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge 
thick, you will make a fillet weld in the vertical up or down position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until you can make welds with 100% penetration 
that will pass the test. Turn off the welding machine and shielding gas 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-39 


Lap Joint and Tee Joint 2F 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 electrodes of diameter 0.030 
in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces 
of mild steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge 
thick, you will make a fillet weld in the horizontal position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until defect-free welds can consistently be made. 
Turn off the welding machine and shielding gas and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-40 


Lap Joint and Tee Joint 2F 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
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This practice addresses the 
“Horizontal” component of the 
all-position requirement 

for 5 and 10. 
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Module 1 aif 
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Module 2 + 


Key Indicator 1, 2, 3, 4, 7 
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Key Indicator 11 

This practice addresses the 
“Horizontal” position portion of 
the all-position requirement 

of 6 and 11. 
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This practice addresses the 
“Horizontal” position portion 
of the all-position requirement 
of 6 and 11. 


Module 1 W 


Key Indicator 1, 2, 3, 4 


Module 2 WT 


Key Indicator 1, 2, 3, 4, 7 


Module 6 Ww 


Gas Shielded 

Key Indicator 6 

Self Shielded 

Key Indicator 11 

This practice addresses the 
“Overhead” position portion of 
the all-position requirement 
of 6 and 11. 


16-gauge to 18-gauge thick, you will make a fillet weld in the horizontal 
position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat each type of joint with both classi- 
fications of electrodes until you can make welds with 100% penetration 
that will pass the bend test. Turn off the welding machine and shielding 
gas and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-41 


Butt Joint 2G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a butt weld in the horizontal 
position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat with both classifications of electrodes 
until defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-42 


Butt Joint 2G 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E70T-1 and/or E71T-11 or E71T-1 and/or E70T-5 elec- 
trodes of diameter 0.030 in. and/or 0.035 in. (0.8 mm and/or 0.9 mm), 
and one or more pieces of mild steel sheet, 12 in. (305 mm) long and 
16-gauge to 18-gauge thick, you will make a butt weld in the horizontal 
position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass a bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-43 
Butt Joint 4G 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-5 electrodes of diameter 0.030 in. 
and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces of 


mild steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge thick, 
you will make a butt weld in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat with both classifications of electrodes 
until defect-free welds can consistently be made. Turn off the welding 
machine and shielding gas and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-44 


Butt Joint 4G 100% to Be Tested 


Using a properly set up and adjusted FCA welding machine, proper 
safety protection, E71T-1 and/or E71T-5 electrodes of diameter 0.030 in. 
and/or 0.035 in. (0.8 mm and/or 0.9 mm), and one or more pieces of 
mild steel sheet, 12 in. (305 mm) long and 16-gauge to 18-gauge thick, 
you will make a butt weld in the overhead position. 

Following the same instructions for the assembly and welding proce- 
dure outlined in Practice 4-32, repeat the weld until you can use each 
electrode classification to make welds with 100% penetration that will 
pass a bend test. Turn off the welding machine and shielding gas and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-45 


AWS SENSE Entry-Level Welder Workmanship Sample for Flux Cored Arc 
Welding, Gas-Shielded (FCAW) 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 4-45. Date: 


Title: 
Welding FCAW of plate to plate. 


Scope: 
This procedure is applicable for V-groove, bevel, and fillet welds within 
the range of 1/8 in. (3.2 mm) through 1-1/2 in. (88 mm). 

Welding may be performed in the following positions: all. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1, Group 1 or 2. 
Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. E71T-1 from AWS 
specification A5.20. This filler metal falls into F-number F-6 and A-num- 
ber A-l. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: 

CO, at 30 to 50 cfh or 75% Ar/25% COs. at 30 to 50 cfh. 
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Electrode 


Joint Design and Tolerances: 


7 


| pa 
Preparation of Base Metal: 


The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 
1 in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Electrical Characteristics: 
The current shall be direct current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 


Welding Power Shielding Gas Base Metal 





Type 


E71T-1 


E71T-1 


Size 


0.035 in. 
(0.9 mm) 


0.045 in. 
(1.2 mm) 


Amps 


130 to 150 


150 to 210 


Wire-feed Speed, Volts Type Flow Type Thickness 

ipm (cm/min) 

288 to 380 22 to 25 COs or 75% Ar/ 30to50 Low-carbon 1/4 in. to 1/2 in. 
(732 to 975) COs 25% steel (6 mm to 13 mm) 


200 to 300 28 to 29: COs or 75% Ar/ 30to50 Low-carbon 1/4 in. to 1/2 in. 
(508 to 762) COs 25% steel (6 mm to 13 mm) 


Preheat: 
The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 

Using a 1/2-in. (13-mm) or larger gas nozzle and a distance from contact 
tube to work of approximately 3/4 in. (19 mm) for all welding, first tack 
weld the plates together according to Figure 4.58. There should be a root 
gap of about 1/8 in. (3.2 mm) between the plates with V-grooved or bev- 
eled edges. Use an E71T-1 arc welding electrode to make a root pass to 
fuse the plates together. Clean the slag from the root pass, being sure to 
remove any trapped slag along the sides of the weld. 

Using an E71T-1 arc welding electrode, make a series of stringer or 
weave filler welds, no thicker than 1/4 in. (6.4 mm), in the groove until 
the joint is filled. The 1/4-in. (6.4-mm) fillet welds are to be made with 
one pass. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F (175° 
C) during the welding process. After each weld pass is completed, allow it 
to cool but never to a temperature below 50°F (10°C). The weldment 
must not be quenched in water. 


Cleaning: 

The slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand chipping, a punch and hammer, or 
a needle-scaler. All weld cleaning must be performed with the test plate in 
the welding position. A grinder may not be used to remove weld control 
problems such as undercut, overlap, or trapped slag. 


Inspection: 

Visually inspect the weld for uniformity and discontinuities. There shall 
be no cracks, no incomplete fusion, and no overlap. Undercut shall not 
exceed the lesser of 10% of the base metal thickness or 1/32 in. (0.8 mm). 
The frequency of porosity shall not exceed one in each 4 in. (100 mm) 
of weld length, and the maximum diameter shall not exceed 3/32 in. 
(2.4 mm). 


Sketches: 
See Figure 4.58. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 4-46 


AWS SENSE Entry-Level Welder Workmanship Sample for Flux Cored Arc 
Welding Self-Shielded (FCAW) 

Welding Procedure Specification (WPS) 

Welding Procedure Specification No.: Practice 4-46 Date: 


Title: 
Welding FCAW of plate to plate. 


Flux Cored Arc Welding 


W Module 1 


Key Indicator 1, 2, 3, 4 


Ww Module 2 


Key Indicator 1, 2, 3, 4, 7 


al Module 6 
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Figure 4.58 FCAW-G workmanship qualification test 


Source: Courtesy of the American Welding Society 


Scope: 
This procedure is applicable for V-groove, bevel, and fillet welds within 
the range of 1/8 in. (3.2 mm) through 1 1/2 in. (38 mm). 

Welding may be performed in the following positions: all. 


Base Metal: 
The base metal shall conform to carbon steel M-1, P-1, and S-1, Group 1 
or 2. 

Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. 0.035 to 0.0415 
dia. E71T-11 from AWS specification A5.20. This filler metal falls into F- 
number F-6 and A-number A-1. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: none. 


Joint Design and Tolerances: 


Preparation of Base Metal: 

The bevels are to be flame cut on the edges of the plate before the parts 
are assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches deeper than 1/64 in. (0.4 mm) must be ground 
smooth. 

All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals 
before welding. This cleaning can be done with any suitable solvents or 
detergents. The groove face and inside and outside plate surface within 
1 in. (25 mm) of the joint must be mechanically cleaned of slag, rust, and 
mill scale. Cleaning must be done with a wire brush or grinder down to 
bright metal. 


Flux Cored Arc Welding 


191 
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Electrical Characteristics: 
The current shall be direct current electrode negative (DCEN). The base 
metal shall be on the positive side of the line. 
Electrode Welding Power Shielding Gas Base Metal 
Type Size Amps Wire-feed Speed, Volts Type Flow Type Thickness 
ipm (cm/min) 
E71T-11  0.035in. 130t0150 150 to 225 22 to 25 None — Low-carbon 1/4 in. to 1/2 in. 
(0.9 mm) (381 to 571) steel (6 mm to 13 mm) 
E71T-11 0.045in. 150to210 105 to 195 15to18 None — Low-carbon 1/4 in. to 1/2 in. 
(1.2 mm) (266 to 495) steel (6 mm to 13 mm) 
Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) 
before any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 
Using a 1/2-in. (13-mm) or larger gas nozzle and a distance from contact 
tube to work of approximately 3/4 in. (19 mm) for all welding, first tack 
weld the plates together according to Figure 4.59. There should be a root 
gap of about 1/8 in. (3.2 mm) between the plates with V-grooved or bev- 
eled edges. Use an E71T-11 arc welding electrode to make a root pass to 
fuse the plates together. Clean the slag from the root pass, being sure to 
remove any trapped slag along the sides of the weld. 

Using an E71T-11 arc welding electrode, make a series of stringer or 
weave filler welds, no thicker than 1/4 in. (6.4 mm), in the groove until the 
joint is filled. The 1/4-in. (6.4-mm) fillet welds are to be made with one pass. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F (175°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must 
not be quenched in water. 


Cleaning: 

The slag must cleaned off between passes. The weld beads may be cleaned 
by a hand wire brush, a hand chipping, a punch and hammer, or a needle- 
scaler. All weld cleaning must be performed with the test plate in the weld- 
ing position. A grinder may not be used to remove weld control problems 
such as undercut, overlap, or trapped slag. 


Inspection: 

Visually inspect the weld for uniformity and discontinuities. There shall be 
no cracks, no incomplete fusion, and no overlap. Undercut shall not exceed 
the lesser of 10% of the base metal thickness or 1/32 in. (0.8 mm). The fre- 
quency of porosity shall not exceed one in each 4 in. (100 mm) of weld 
length, and the maximum diameter shall not exceed 3/32 in. (2.4 mm). 
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Figure 4.59 FCAW-G workmanship qualification test 


Source: Courtesy of the American Welding Society 
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KIT OF PARTS 


Talking Electronics supplies a kit of parts that can be used to build the majority of the circuits in this 


eBook. 
The kit costs $15.00 plus postage. 





Kit for Transistor Circuits - $15.00 


A kit of components to make many of the circuits 
described in this eBook is available for $15.00 plus 
$7.00 post. 

Or email Colin Mitchell: talking@tpg.com.au 
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The kit contains the following components: 
(plus extra 30 resistors and 10 capacitors for 
experimenting), plus: 


- 10k mini pot 
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- 10u electrolytics 
- 100u electrolytics 
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Preface 


ABOUT THE SERIES 


Welding: Skills, Processes and Practices for Entry-Level Welders is an exciting new 
series that has been designed specifically to support the American Welding Soci- 
ety’s (AWS) SENSE EG2.0 training guidelines. Offered in three volumes, these 
books are carefully crafted learning tools consisting of theory-based texts that 
are accompanied by companion lab manuals, and extensive instructor support 
materials. With a logical organization that closely follows the modular structure 
of the AWS guidelines, the series will guide readers through the process of acquir- 
ing and practicing welding knowledge and skills. For schools already in the 
SENSE program, for those planning to join, or for schools interested in obtaining 
certifiable outcomes based on nationally recognized industry standards in order 
to comply with the latest Carl D. Perkins Career and Technical Education Re- 
quirements. Welding: Skills, Processes and Practices for Entry-Level Welders offers 
a turnkey solution of high quality teaching and learning aids. 

Career and technical education instructors at the high school level are often 
called upon to be multi-disciplinary educators, teaching welding as only one ofas 
many as five technical disciplines in any given semester. The Welding: Skills, Pro- 
cesses and Practices for Entry-Level Welders package provides these educators 
with a process-based, structured approach and the tools they need to be prepared 
to deliver high level training on processes and materials with which they may 
have limited familiarity or experience. Student learning, satisfaction and reten- 
tion are the target of the logically planned practices, supplements and full color 
textbook illustrations. While the AWS standards for entry level welders are cov- 
ered, students are also introduced to the latest in high technology welding equip- 
ment such as pulsed gas metal arc welding (GMAW-P). Career pathways and ca- 
reer clusters may be enhanced by the relevant mathematics applied to real world 
activities as well as oral and written communication skills linked to student inter- 
action and reporting. 

Book 1, the core volume, introduces students to the welding concepts covered 
in AWS SENSE Modules 1, 2, 3, 8 and 9 (Occupational Orientation, Safety and 
Health of Welders, Drawing and Welding Symbol Interpretation, Thermal Cut- 
ting, and Weld Inspection Testing and Codes). Book 1 contains all the material 
needed for a SENSE program that prepares students for qualification in Thermal 
Cutting processes. The optional Books 2 and 3 cover other important welding 
processes and are grouped in logical combinations. Book 2 corresponds to AWS 
SENSE Modules 5 and 6 (GMAW, FCAW), and Book 3 corresponds to AWS SENSE 
Modules 4 and 7 (SMAW, GTAW). 

The texts feature hundreds of four-color figures, diagrams and tight shots of 
actual welds to speed beginners to an understanding of the most widely used 
welding processes. 
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PREFACE 


FEATURES 


Produced in close collaboration with experienced instructors from estab- 
lished SENSE programs to maximize the alignment of the content with 
SENSE guidelines and to ensure 100% coverage of Level I-Entry Welder 
Key Indicators. 

Chapter introductions contain general performance objectives, key terms 
used, and the AWS SENSE EG2.0 Key Indicators addressed in the chapter. 
Coverage of Key Indicators is indicated in the margin by a torch symbol 
and a numerical reference. 

Contains scores of fully illustrated Practices, which are guided exercises 
designed to help students master processes and materials. Where appli- 
cable, the Practices reproduce and reference actual AWS technical draw- 
ings in order to help students create acceptable workmanship samples. 
Each section introduces students to the materials, equipment, setup pro- 
cedures and critical safety information they need in order to weld 
successfully. 

Hundreds of four-color figures, diagrams and tight shots of actual welds 
to speed beginners to an understanding of the most widely used welding 
processes. 

End of chapter review questions develop critical thinking skills and help 
students to understand “why” as well as “how.” 


SUPPLEMENTS 


Each book in the Welding Skills series is accompanied by a Lab Manual that has 
been designed to provide hands-on practice and reinforce the student’s under- 
standing of the concepts presented in the text. Each chapter contains practice 
exercises to reinforce the primary objectives of the lesson, including creation of 
workmanship samples (where applicable), and a quiz to test knowledge of the 
material. Artwork and safety precautions are included throughout the manuals. 
Instructor Resources (on CD-ROM), designed to support Books 1-3 and the 
accompanying Lab Manuals, provide a wealth of time-saving tools, including: 


An Instructor’s Guide with answers to end-of-chapter Review Questions 
in the texts and Lab Manual quizzes. 

Modifiable model Lesson Plans that aid in the design of a course of study 
that meets local or state standards and also maps to the SENSE 
guidelines. 

An extensive ExamView Computerized Test Bank that offers assessments 
in true/false, multiple choice, sentence completion and short answer for- 
mats. Test questions have been designed to expose students to the types 
of questions they’l] encounter on the SENSE Level 1 Exams. 

PowerPoint Presentations with selected illustrations that provide a 
springboard for lectures and reinforce skills and processes covered in the 
texts. The PowerPoint Presentations can be modified or expanded as in- 
structors desire, and can be augmented with additional illustrations from 
the Image Library. 

The Image Library contains nearly all (well over 1000!) photographs and 
line art from the texts, most in four-color. 

A SENSE Correlation Chart that shows the close alignment of the Welding 
series to the SENSE Entry Level 1 training guidelines. Each Key Indicator 
within each SENSE Module is mapped to the relevant text and lab man- 
ual page or pages. 
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5 - 1N4148 signal diodes 

6 - BC547 transistors - NPN - 100mA 

2 - BC557 transistors - PNP - 100mA 

1 - BC338 transistor - NPN - 800mA 

3 - BD679 Darlington transistors - NPN - 4amp 
5 - red LEDs 

5 - green LEDs 

5 - orange LEDs 

2 - super-bright WHITE LEDs - 20,000mcd 

1 - 3mm flashing LED 

1 - mini 8R speaker 

1 - mini piezo 

1 - LDR (Light Dependent Resistor) 

1 - electret microphone 

1m - 0.25mm wire 

1m - 0.5mm wire 

1 - 10mH inductor 

1 - push button 

5 - tactile push buttons 

1 - Experimenter Board (will take 8, 14 and 16 pin chips) 
5 - mini Matrix Boards: 7 x 11 hole, 

11 x 15 hole, 6 x 40 hole, surface-mount 6 x 40 hole board and 
others. 


Photo of kit of components. 
Each batch is slightly different: 


There are more components than you think. . . plus an extra bag of 
approx 30 components. The 8 little components are switches and the 
LDR and flashing LED is hiding. 

In many cases, a resistor or capacitor not in the kit, can be created 
by putting two resistors or capacitors in series or parallel or the next 
higher or lower value can be used. 





PT 
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OBJECTIVES 


After completing this chapter, the student should be able to 





describe the process of shielded metal arc welding (SMAW) 
list and define the three units used to measure a welding current 


contrast how adding various chemicals to the coverings of the elec- 
trodes affects the welding arc 


contrast the three different types of current used for welding and their 
effects on welds 


contrast constant current (CC) and constant voltage (CV) welding 
power supplies and which type the shielded metal arc welding process 
requires 
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define open circuit voltage and operating voltage 
identify arc blow and apply three different techniques to control it 


tell what the purpose of a welding transformer is and what kind of 
change occurs to the voltage and amperage with a step-down 
transformer 


tell the purpose of a rectifier 


SSeS 


read a welding machine duty cycle chart and explain its significance 





determine the proper welding cable size 
service and repair SMAW electrode holders 


identify three problems that can occur as a result of poor work lead 
clamping 


describe the factors that should be considered when placing an arc 
welding machine in a welding area 







KEY TERMS 
amperage magnetic flux lines voltage 
anode open circuit voltage wattage 
cathode operating voltage welding cables 
duty cycle output welding leads 
electrons rectifier 
inverter step-down transformer 
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Key Indicators Addressed in this Chapter 


Module 1: Occupational Orientation 


Key Indicator 1: Prepares time or job cards, reports or records 

Key Indicator 3: Follows verbal instructions to complete work 
assignments 

Key Indicator 4: Follows written instructions to complete work 
assignments 


Module 4: Shielded Metal Arc Welding (SMAW) 


Key indicator 1: Performs safety inspections of SMAW equipment and 
accessories 

Key Indicator 2: Makes minor external repairs to SMAW equipment and 
accessories 

Key Indicator 3: Sets up SMAW operations on carbon steel 


INTRODUCTION 


Shielded metal arc welding (SMAW) is a welding process that uses a flux-cov- 
ered metal electrode to carry an electrical current, Figure 1.1. The current 
forms an arc across the gap between the end of the electrode and the work. 
The electric arc creates sufficient heat to melt both the electrode and the 
work. Molten metal from the electrode travels across the arc to the molten 
pool on the base metal, where they mix together. The end of the electrode 
and molten pool of metal is surrounded, purified, and protected by a gaseous 
cloud and a covering of molten flux is produced as the flux coating of the 
electrode burns or vaporizes. As the arc moves away, the mixture of molten 
electrode and base metal solidifies and becomes one piece. At the same time, 
the molten flux solidifies forming a solid slag. Some electrode types produce 
heavier slag coverings than others. 

SMAW is a widely used welding process because of its low cost, flexibility, 
portability, and versatility. The machine and the electrodes are low cost. The 
machine itself can be as simple as a 110-V step-down transformer. The elec- 
trodes are available from a large number of manufacturers in packages from 
1 lb (0.5 kg) to 50 lb (22 kg). 

The SMAW process is very flexible in terms of the metal thicknesses that 
can be welded and the variety of positions it can be used in. Metal as thin as 
1/16 in. (2 mm) thick, or approximately 16 gauge, to several feet thick can be 
welded using the same machine with different settings and sizes of elec- 
trodes. The flexibility of the process also allows metal in this thickness range 
to be welded in any position. 
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Figure 1.1 
Shielded metal arc welding 


SMAW is a very portable process because it is easy to move the equipment, 
and engine-driven generator-type welders are available. Also, the limited 
amount of equipment required for the process makes moving easy. 

The process is versatile, and it is used to weld almost any metal or alloy, 
including cast iron, aluminum, stainless steel, and nickel. 


WELDING CURRENT 


The source of heat for arc welding is an electric current. An electric current 
is the flow of electrons. Electrons flow through a conductor from negative 
(—) to positive (+), Figure 1.2. Resistance to the flow of electrons (elec- 
tricity) produces heat. The greater the resistance, the greater the heat. Air 
has a high resistance to current flow. As the electrons jump the air gap 
between the end of the electrode and the work, a great deal of heat is pro- 
duced. Electrons flowing across an air gap produce an arc. 
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Figure 1.2 
Electrons traveling along a conductor 
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Three units are used to measure a welding current. The three units are 
voltage (V), amperage (A), and wattage (W). Voltage, or volts (V), is the 
measurement of electrical pressure, in the same way that pounds per 
square inch is a measurement of water pressure. Voltage controls the max- 
imum gap the electrons can jump to form the arc. A higher voltage can 
jump a larger gap. Amperage, or amperes (A), is the measurement of the 
total number of electrons flowing, in the same way that gallons is a mea- 
surement of the amount of water flowing. Amperage controls the size of 
the arc. Wattage, or watts (W), is calculated by multiplying volts (V) times 
amperes (A), Figure 1.3. Wattage is a measurement of the amount of elec- 
trical energy or power in the arc. The amount of watts being put into a weld 
per inch (cm) controls the width and depth of the weld bead, Figure 1.4. 


Temperature 


The temperature of a welding arc exceeds 11,000°F (6000°C). The exact 
temperature depends on the resistance to the current flow. The resistance 
is affected by the arc length and the chemical composition of the gases 
formed as the electrode covering burns and vaporizes. As the arc length- 
ens, the resistance increases, thus causing a rise in the arc voltage and tem- 
perature. The shorter the arc, the lower the arc temperature produced. 

Most shielded metal arc welding electrodes have chemicals added to 
their coverings to stabilize the arc. These arc stabilizers reduce the arc re- 
sistance, making it easier to maintain an arc. By lowering the resistance, 
the arc stabilizers also lower the arc temperature. Other chemicals within 
the gaseous cloud around the arc may raise or lower the resistance. 

The amount of heat produced is determined by the size of the electrode 
and the amperage setting. Not all ofthe heat produced byan arc reaches the 
weld. Some of the heat is radiated away in the form of light and heat waves, 
Figure 1.5. Additional heat is carried away with the hot gases formed by 
the electrode covering. Heat also is lost through conduction in the work. In 
total, about 50% of all heat produced by an arc is missing from the weld. 
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Figure 1.3 energy (watts), the metal mass, and thermal 
Ohm’s law conductivity 
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Figure 1.5 
Energy is lost from the weld in the forms of radiation and convection 


The 50% of the remaining heat the arc produced is not distributed 
evenly between both ends of the arc. This distribution depends on the 
composition of the electrode’s coating, the type of welding current, and 
the polarity of the electrode’s coating. 


The three different types of current used for welding are alternating cur- 
rent (AC), direct current electrode negative (DCEN), and direct current 
electrode positive (DCEP). The terms DCEN and DCEP have replaced the 
former terms direct current straight polarity (DCSP) and direct current re- 
verse polarity (DCRP). DCEN and DCSP are the same currents, and DCEP 
and DCRP are the same currents. Some electrodes can be used with only 
one type of current. Others can be used with two or more types of current. 
Each welding current has a different effect on the weld. 


DCEN 

In direct current electrode negative, the electrode is negative, and the 
work is positive, Figure 1.6. DCEN welding current produces a high elec- 
trode melting rate. 


DCEP 

In direct current electrode positive, the electrode is positive, and the work 
is negative, Figure 1.7. DCEP current produces the deepest penetrating 
welding arc characteristics. 
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Figure 1.6 
Electrode negative (DCEN), straight polarity (DCSP) 
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Figure 1.7 
Electrode positive (DCEP), reverse polarity (DCRP) 


AC 

In alternating current, the electrons change direction every 1/120 of a sec- 
ond so that the electrode and work alternate from anode to cathode, Fig- 
ure 1.8. The positive side of an electrode arc is called the anode, and the 
negative side is called the cathode. The rapid reversal of the current flow 
causes the welding heat to be evenly distributed on both the work and the 
electrode—that is, half on the work and half on the electrode. The even 
heating gives the weld bead a balance between penetration and buildup. 


TYPES OF WELDING POWER 


Welding power can be supplied as 


e Constant voltage (CV)—The arc voltage remains constant at the 
selected setting even if the arc length and amperage increase or 
decrease. 

e Rising-arc voltage (RAV)—The arc voltage increases as the amper- 
age increases. 

e Constant current (CC)—The total welding current (watts) remains 
the same. This type of power is also called drooping-arc voltage 
(DAV), because the arc voltage decreases as the amperage 
increases. 
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Figure 1.8 
Alternating current sine wave (AC) 
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BEFORE WE START 


Too many text books start with the physics of the atom and have equations and mathematics to 
show how smart the author is. 

Don't worry, we wont have any physics or equations. 

The reason ... 

This is not a physics course. It is a practical electronics course to teach the basics as quickly as 
possible. There are no equations because most transistor circuits cannot be worked out 
mathematically as the gain of a transistor changes according to the current-flow and these gain- 
values are never provided. So the mathematics is worthless. 

To get an answer, all you have to do its build the circuit and measure the values with a 
multimeter. 

Also lots of discussions in text books will never be used in your next 40 years of electronics, so 
this course doesn't have any unnecessary material and is much-more concentrated than 
anything you have read before. 

Every frame contains important points - especially the animations - as they show you how a 
circuit works in slow-motion - something that has NEVER been done before. 





ELECTRONICS BLOCKS 


Here is an idea from Instructables to produce blocks with screws, containing a single component 
and they can be connected with jumper leads (alligator clips 


- 


‘ 


— SLOTTED HEAD 
+ PHILIPS HEAD 


Use a slotted head for the negative screw and a philips head for the positive screw. 





Learn electronics from the beginning . . . 


START HERE: 





All electrical and electronic components need wire 
to connect them to the circuit. 

In a diagram called a CIRCUIT DIAGRAM, the 
wires are drawn as lines. 

When the wires (or lines) cross, they may be 
joined or just passing. 

It is VERY IMPORTANT to show the difference 
between lines that are JOINED and lines that are 
NOT JOINED. 

When the lines are joined, it is best to place a dot 
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Figure 1.9 
Constant voltage (CV), rising arc voltage (RAV), and constant current (CC) 


The shielded metal arc welding (SMAW) process requires a constant 
current arc voltage characteristic, illustrated by the CC line in Figure 1.9. 
The shielded metal arc welding machine’s voltage output decreases as cur- 
rent increases. This output power supply provides a reasonably high open 
circuit voltage before the arcis struck. The high open circuit voltage quickly 
stabilizes the arc. The arc voltage rapidly drops to the lower closed circuit 
level after the arc is struck. Following this short starting surge, the power 
(watts) remains almost constant despite the changes in arc length. With a 
constant voltage output, small changes in arc length would cause the power 
(watts) to make large swings. The welder would lose control of the weld. 


OPEN CIRCUIT VOLTAGE 


Open circuit voltage is the voltage at the electrode before striking an 
arc (with no current being drawn). This voltage is usually between 50 V 
and 80 V. The higher the open circuit voltage, the easier it is to strike an arc. 
The higher voltage also increases the chance of electrical shock. 


OPERATING VOLTAGE 


Operating voltage, or closed circuit voltage, is the voltage at the arc dur- 
ing welding. This voltage will vary with arc length, type of electrode being 
used, type of current, and polarity. The operating voltage will be between 
17 Vand 40 V. 


ARC BLOW 


When electrons flow, they create lines of magnetic force that circle 
around the line of flow, Figure 1.10. Lines of magnetic force are referred 
to as magnetic flux lines. These lines space themselves evenly along a 
current-carrying wire. If the wire is bent, the flux lines on one side are 


The maximum safe open cir- 
cuit voltage for welders is 
80 V. 
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LINES OF MAGNETIC FORCE 
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Figure 1.10 
Magnetic force around a wire 


compressed together, and those on the other side are stretched out, 
Figure 1.11. The unevenly spaced flux lines try to straighten the wire so 
that the lines can be evenly spaced once again. The force that they place on 
the wire is usually small. However, when welding with very high amper- 
ages, 600 A or more, the force may cause the wire to move. 

The welding current flowing through a plate or any residual magnetic 
fields in the plate will result in uneven flux lines. These uneven flux lines 
can, in turn, cause an arc to move during a weld. This movement of the arc 
is called arc blow. Arc blow makes the arc drift as a string would drift in 
the wind. Arc blow is more noticeable in corners, at the ends of plates, and 
when the work lead is connected to only one side ofa plate, Figure 1.12. If 
arc blow is a problem, it can be controlled by connecting the work lead to 
the end of the weld joint and making the weld in the direction toward the 
work lead, Figure 1.13. Another way of controlling arc blow is to use two 
work leads, one on each side of the weld. The best way to eliminate arc 
blow is to use alternating current. AC usually does not allow the flux lines 
to build long enough to bend the arc before the current changes direction. 
If it is impossible to move the work connection or to change to AC, a very 
short arc length can help control arc blow. A small tack weld or a change in 
the electrode angle can also help control arc blow. 

Arc blow may not be a problem as you are learning to weld in the shop, 
because most welding tables are all steel. If you are using a pipe stand to 
hold your welding practice plates, arc blow can become a problem. In this 
case, try reclamping your practice plates or switch to alternating current. 
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Figure 1.11 Figure 1.12 
Magnetic forces concentrate around bends in wires Arc blow 
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Figure 1.13 
Correct current connections to control arc blow 


TYPES OF POWER SOURCES 


Two types of electrical devices can be used to produce the low-voltage, 
high-amperage current combination that arc welding requires. One type 
uses electric motors or internal combustion engines to drive alternators 
or generators. The other type uses step-down transformers. Because 
transformer-type welding machines are quieter, are more energy efficient, 
require less maintenance, and are less expensive, they are now the indus- 
try standard. However, engine-powered generators are still widely used 
for portable welding. 


Transformers 


A welding transformer uses the alternating current (AC) supplied to the 
welding shop at a high voltage to produce the low-voltage welding power. 
As electrons flow through a wire they produce a magnetic field around the 
wire. Ifthe wire is wound into a coil the weak magnetic field of each wire is 
concentrated to produce a much stronger central magnetic force. Because 
the current being used is alternating or reversing each 1/120 of a second, 
the magnetic field is constantly being built and allowed to collapse. By 
placing a second, or secondary, winding of wire in the magnetic field pro- 
duced by the first, or primary, winding, a current will be induced in the 
secondary winding. The placing of an iron core in the center of these coils 
will increase the concentration of the magnetic field, Figure 1.14. 
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Figure 1.14 
Diagram of a step-down transformer 
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MOVABLE CORE MOVABLE COIL 


Figure 1.15 
Major types of adjustable welding transformers 


A transformer with more turns of wire in the primary winding than in 
the secondary winding is known as a step-down transformer. A step-down 
transformer takes a high-voltage, low-amperage current and changes it 
into a low-voltage, high-amperage current. Except for some power lost by 
heat within a transformer, the power (watts) into a transformer equals the 
power (watts) out because the volts and amperes are mutually increased 
and decreased. 

A transformer welder is a step-down transformer. It takes the high line 
voltage (110 V, 220 V, 440 V, etc.) and low-amperage current (30 A, 50 A, 
60 A, etc.) and changes it into 17 V to 45 V at 190 A to 590 A. 

Welding machines can be classified by the method through which 
they control or adjust the welding current. The major classifications are 
multiple-coil, called tap-type, movable-coil or movable-core, Figure 1.15, 
and inverter-type machines. 


The multiple-coil machine, or tap-type machine, allows the selection of 
different current settings by tapping into the secondary coil at a different 
turn value. The greater the number of turns, the higher the amperage is 





Figure 1.16 
Tap-type transformer welding machine 
Courtesy of Lincoln Electric Company 
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induced in the turns. These machines may have a large number of fixed 
amperes, Figure 1.16, or they may have two or more amperages that can 
be adjusted further with a fine adjusting knob. The fine adjusting knob 
may be marked in amperes, or it may be marked in tenths, hundredths, or 
in any other unit. 


EXPERIMENT 1-1 


Estimating Amperages 


Using a pencil and paper, you will prepare a rough estimate of the am- 
perage setting of a welding machine. Figure 1.17 shows a welding machine 
with low, medium, and high tap amperage ranges. A fine adjusting knob 
is marked with ten equal divisions, and each division is again divided by 
ten smaller lines. 

The machine is set on the medium range, 50 A to 250 A, and the fine 
adjusting knob is turned until it points to the line marked 5 (halfway be- 
tween 0 and 10). This means that the amperage is halfway from 50 to 250, 
or 150 A. If the fine adjusting knob points between 2 and 3, the resulting 
amperage is one-quarter of the way from 50 to 250, or about 100 A. If the 
knob points between 7 and 8, the amperage is three-quarters of the way 
from 50 to 250, or about 200 A. Ifthe knob points at 4, the amperage is more 
than 100 but a little less than 150, or about 130 A to 140 A. What is the am- 
perage if the knob points at 6? 

Since this is a method of estimating only, the amperage value obtained 
is close enough to allow an arc to be struck. The welder can then finish the 
fine adjusting to obtain a good weld. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


EXPERIMENT 1-2 
Calculating the Amperage Setting 


Using a pencil and paper or calculator, you will calculate the ex- 
act value for each space on the fine adjusting knob of a welding 
machine. 

With the machine set on the medium range, from 50 A to 250 A, first 
subtract the low amperage from the high amperage to get the amperage 
spread (250 — 50 = 200). Now divide the amperage spread by the number 
of units shown on the fine adjusting knob (200 + 10 = 20). Each unit is 
equal to a 20-A increase, Table 1.1. When the knob points to 0, the amper- 
age is 50; when the knob points to 1, the amperage is 70; and at 2, the am- 
perage is 90, Figure 1.18. There are 100 small units on the fine adjusting 
knob. Dividing the amperage spread by the number of small units gives the 
amperage value for each unit (200 + 100 = 2). Therefore, if the knob points 
to 6.1, the amperage is set at a value of 50 + 120 + 2 = 172 A. This method 
provides a good starting place for the current setting, but if the welding is 
to be made in accordance with a welding procedure’s specific amperage 
setting it will be necessary to use a calibrated meter to make the correct 
setting. 
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Key Indicator 1, 3, 4 
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Figure 1.18 
Fine adjusting knob 
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Table 1.1 Example of a Table Used to Calculate the a 
Amperage Setting . | / 
: : 3 7 
Setting Value in Amperes ™~N a 
0=50+ 0, or 50A 2— —s8 
1=50+ 20, or 70A 2 ~ 
2=50+ 40, or 90A \ 9 
3=50+ 60, or 110A 0 | 10 
4=50+ 80, or 130A 25 TO 105 60 TO 280 150 TO 380 
5 = 50 + 100, or 150A @ @ @ 
6 = 50 + 120, or 170A Low MEDIUM HIGH 
7 = 50 + 140, or 190A . . 
8 = 50 + 160, or 210A Figure 1.19 Practice 1.1 
9= 50+ 180, or 230A 
10 = 50 + 200, or 250A 


Module in 


Key Indicator 1, 3, 4 


Module aif 


Key Indicator 3 


Module in 


Key Indicator 1, 3, 4 


Module aw 


Key Indicator 3 





Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 1-1 


Estimating Amperages 


Using a pencil and paper and the amperage ranges given in this prac- 
tice (or from machines in the shop), you will estimate the amperage when 
the knob is at the 1/4, 1/2, and 3/4 settings, Figure 1.19. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 1-2 


Calculating Amperages 


Using a pencil and paper or a calculator, and the amperage ranges 
given in this practice (or from machines in the shop), you will calculate 
the amperages for each of the following knob settings: 1, 4, 7, 9, 2.3, 5.7, 
and 8.5. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Movable-coil or movable-core machines are adjusted by turning a hand- 
wheel that moves the internal parts closer together or farther apart. The 
adjustment may also be made by moving a lever, Figure 1.20. These ma- 
chines may have a high and lowrange, but they do not have a fine adjusting 
knob. The closer the primary and secondary coils are, the greater is the in- 
duced current; the greater the distance between the coils, the smaller the 
induced current, Figure 1.21. Moving the core in concentrates more of the 
magnetic force on the secondary coil, thus increasing the current. Mov- 
ing the core out allows the field to disperse, and the current is reduced, 
Figure 1.22. 
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ADJUSTING CRANK 
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Figure 1.20 
A movable core-type welding machine Figure 1.21 
Courtesy of Lincoln Electric Company Movable coil 
Inverter Machines 


Inverter welding machines are much smaller than other types of ma- 
chines of the same amperage range. This smaller size makes the welder 
much more portable and increases the energy efficiency. In a standard 
welding transformer, the iron core used to concentrate the magnetic field 
in the coils must be a specific size. The size of the iron core is determined 
by the length of time it takes for the magnetic field to build and collapse. 
By using solid-state electronic parts, the incoming power in an inverter 
welder is changed from 60 cycles a second to several thousand cycles a 
second. This higher frequency allows the use of a transformer that may 
be as light as 7 lb and still do the work of a standard transformer weighing 
100 lb. Additional electronic parts remove the high frequency for the out- 
put welding power. 

The use of electronics in the inverter-type welder allows it to pro- 
duce any desired type of welding power. Before the invention of this ma- 
chine, each type of welding required a separate machine. Now a single 
welding machine can produce the specific type of current needed for 
shielded metal arc welding, gas tungsten arc welding, gas metal arc weld- 
ing, and plasma arc cutting. Because the machine can be light enough 
to be carried closer to work, shorter welding cables can be used. The 
welder does not have to walk as far to adjust the machine. Welding ma- 
chine power wire is cheaper than welding cables. Some manufacturers 
produce machines that can be stacked so that when you need a larger 
machine all you have to do is add another unit to your existing welder, 
Figure 1.23. 


GENERATORS AND ALTERNATORS 


Generators and alternators both produce welding electricity from a me- 
chanical power source. Both devices have an armature that rotates and 
a stator that is stationary. As a wire moves through a magnetic force field, 
electrons in the wire are made to move, producing electricity. 


Figure 1.22 
Movable core 


ADJUSTING 
CRANK 
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ROTOR 


COIL 


Figure 1.24 
Schematic diagram of an alternator 





Figure 1.23 
Typical 300-A inverter-type power supply weighing only 70 lb 
Courtesy of Arcon Welding, L.L.C. 


In an alternator, magnetic lines of force rotate inside a coil of wire, 
Figure 1.24. An alternator can produce AC only. In a generator, a coil of 
wire rotates inside a magnetic field. A generator produces DC. It is pos- 
sible for alternators to use diodes to change the AC to DC for welding. In 
generators, the welding current is produced on the armature and is picked 
up with brushes, Figure 1.25. In alternators, the welding current is pro- 
duced on the stator, and only the small current for the electromagnetic 
force field goes across the brushes. Therefore, the brushes in an alter- 


PERMANENT OR 


ELECTROMAGNET 


ARMATURE | 


BRUSH PICKUP 


Figure 1.25 
Diagram of a generator 
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Figure 1.26 
Portable engine generator welder 
Courtesy of Lincoln Electric Company 


nator are smaller and last longer. Alternators can be smaller in size and 
lighter in weight than generators and still produce the same amount of 
power. 

Engine-driven generators and alternators may run at the welding speed 
all the time, or they may have an option that reduces their speed to an 
idle when welding stops. This option saves fuel and reduces wear on the 
welding machine. To strike an arc when using this type of welder, stick the 
electrode to the work for a second. When you hear the welding machine 
(welder) pick up speed, remove the electrode from the work and strike an 
arc. In general, the voltage and amperage are too low to start a weld, so 
shorting the electrode to the work should not cause the electrode to stick. 
A timer can be set to control the length of time that the welder maintains 
speed after the arc is broken. The time should be set long enough to change 
electrodes without losing speed. 

Portable welders often have 110-V or 220-V plug outlets, which can be 
used to run grinders, drills, lights, and other equipment. The power pro- 
vided may be AC or DC. If DC is provided, only equipment with brush-type 
motors or tungsten light bulbs can be used. If the plug is not specifically 
labeled 110 V AC, check the owner’s manual before using it for such de- 
vices as radios or other electronic equipment. A typical portable welder is 
shown in Figure 1.26. 

It is recommended that a routine maintenance schedule for portable 
welders be set up and followed. By checking the oil, coolant, battery, fil- 
ters, fuel, and other parts, the life of the equipment can be extended. A 
checklist can be posted on the welder, Table 1.2. 


RECTIFIERS 


Alternating-welding current can be converted to direct current by using a 
series of rectifiers. A rectifier allows current to flow in one direction only, 
Figure 1.27. 
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Figure 1.27 
Rectifier 


Table 1.2 Portable Welder Checklist. The owner's 
manual should be checked for any additional items 
that might need attention. 


Check Each Day before Starting 
Oil level 

Water level 

Fuel level 

Check Each Monday 

Battery level 

Cables 

Fuel line filter 

Check at Beginning of Month 
Air filter 

Belts and hoses 

Change oil and filter 

Check Each Fall 

Antifreeze 

Test battery 


Pack wheel bearings 
Change gas filter 


If one rectifier is added, the welding power appears as shown in Fig- 
ure 1.28. It would be difficult to weld with pulsating power such as this. A 
series of rectifiers, known as a bridge rectifier, can modify the alternating 
current so that it appears as shown in Figure 1.29. 

Rectifiers become hot as they change AC to DC. They must be attached 
to a heat sink and cooled by having air blown over them. The heat pro- 
duced by a rectifier reduces the power efficiency of the welding machine. 
Figure 1.30 shows the amperage dial of a typical machine. Notice that at 
the same dial settings for AC and DC, the DC is at a lower amperage. The 
difference in amperage (power) is due to heat lost in the rectifiers. The loss 
in power makes operation with AC more efficient and less expensive com- 
pared to DC. 

A DC adapter for small AC machines is available from manufacturers. 
For some types of welding, AC does not work properly. 


Figure 1.28 
One rectifier in a welding power supply results in pulsating 
power 
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on the connection to PROVE the lines are joined. 
WIRE When the lines are just crossing, a gap should be 

made so it is obvious that one wire goes under the 

other and does not touch. 

Lines should be "across the page" or "up and 

down." Very few lines should be at 45°. 


You can make a line thicker to indicate a power rail 
\wies joined or a wire that will be thick in reality. 
b 7 example 


wires not joined 


Fig 1 The wire in a circuit diagram 








to Index 


+ | +| + | Next we need a battery. A battery consists of 


Si — — two or more cells. The positive terminal of a 
H battery is the long line in the diagram and you 
1 cell a must add the voltage (of the cell or battery) to the 
2 cells ia symbol as a single cells can be 1.2v, 1.5v, 2.2v or 
3 cells 
many up to 3.6v. 
cells The symbol does not let you know the voltage. 
The positive is always at the top and is the longest 
Fig 2 A single Cell and many Cells line on the battery symbol. 





to Index 


Next we need a globe. A globe has two connections (a fine 
wire inside a glass bulb glows when the globe is connected to 


globe a battery). 


Fig 3: A Globe 





to Index 


With a globe, battery and wire we have produced a CIRCUIT. 
A CIRCUIT is a complete path and we say the "electricity" the 
CURRENT emerges from the positive of the battery, moves 
through the globe and returns to the battery via the wire. 


If the globe is a"3v GLOBE’ it will glow when connected to a 
3v battery. 

The globe can be connected either way around. 

The circuit we have shown is called a SCHEMATIC and 
consists of symbols: a globe symbol and a battery symbol. 
The line connecting the two components is called WIRE. 





to Index 


not use 
SWITC 
Fig 5:Adding a SWITCH 


To turn the globe ON and OFF we need a SWITCH. 
The switch may be a push button, a toggle switch (a "click" action) or a slide switch. You could 
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+ 
OUTPUT DC 
INPUT AC = 
Figure 1.30 
Figure 1.29 Typical dial on an AC-DC transformer rectifier 
Bridge rectifier welder 


DUTY CYCLE 


Welding machines produce internal heat at the same time that they pro- 
duce the welding current. Except for automatic welding machines, welders 
are rarely used every minute for long periods of time. The welder must take 
time to change electrodes, change positions, or change parts. Shielded 
metal arc welding never continues for long periods of time. 

The duty cycle is the percentage of time a welding machine can be 
used continuously. A 60% duty cycle means that out of any 10 minutes, 
the machine can be used for a total of six minutes at the maximum rated 
current. When providing power at this level, it must be cooled off for four 
minutes out of every 10 minutes. The duty cycle increases as the amperage 
is lowered and decreases for higher amperages, Figure 1.31. Most welding 
machines weld at a 60% rate or less. Therefore, most manufacturers list 





WELDER 1 
400 A 60% 
DUTY CYCLE 


WELDER 2 
300 A 60% 
DUTY CYCLE 


WELDER 3 
200 A 60% 
DUTY CYCLE 








AMPERES 

















20 30 40 50 60 70 8090 100 
% DUTY CYCLE 


Figure 1.31 
Duty cycle of a typical shielded metal arc welding machine 
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Module 1 


Key Indicator 1, 3, 4 


Module a 


Key Indicator 3 


the amperage rating for a 60% duty cycle on the nameplate that is attached 
to the machine. Other duty cycles are given on a graph in the owner’s 
manual. 

The manufacturing cost of power supplies increases in proportion to 
their rated output and duty cycle. To reduce their price, it is necessary to 
reduce either their rating or their duty cycle. For this reason, some home- 
hobby welding machines may have duty cycles as low as 20% even at a 
low welding setting of 90 A to 100 A. The duty cycle on these machines 
should never be exceeded because a buildup of the internal temperature 
can cause the transformer insulation to break down, damaging the power 


supply. 


PRACTICE 1-3 


Reading Duty Cycle Chart 


Using a pencil and paper and the duty cycle chart in Figure 1.31 (or one 
from machines in the shop), you will determine the following: 


Welder 1: maximum welding amperage percent duty cycle at maximum 
amperage 

Welder 2: maximum welding amperage percent duty cycle at maximum 
amperage 

Welder 3: maximum welding amperage percent duty cycle at maximum 
amperage 

Welder 1: maximum welding amperage at 100% duty cycle 

Welder 2: maximum welding amperage at 100% duty cycle 

Welder 3: maximum welding amperage at 100% duty cycle 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


WELDING CABLES AND LEADS 


The terms welding cables and welding leads mean the same thing. Ca- 
bles to be used for welding must be flexible, well insulated, and the correct 
size for the job. Most welding cables are made from stranded copper wire. 
Some manufacturers sell a newer type of cable made from aluminum 
wires. The aluminum wires are lighter and less expensive than copper. 
Because aluminum as a conductor is not as good as copper for a given wire 
size, the aluminum wire should be one size larger than would be required 
for copper. 

The insulation on welding cables is exposed to hot sparks, flames, 
grease, oils, sharp edges, impact, and other types of wear. To withstand 
such wear, only specially manufactured insulation should be used for 
welding cable. Several new types of insulation are available that give lon- 
ger service against these adverse conditions. 

As electricity flows through a cable, the resistance to the flow causes 
the cable to heat up and increase the voltage drop. To minimize the loss of 
power and prevent overheating, the electrode cable and work cable must 
be the correct size. Table 1.3 lists the minimum size cable that is required 
for each amperage and length. Large welding lead sizes make electrode 


Table 1.3 Copper and Aluminum Welding Lead Sizes 


Shielded Metal Arc Equipment, Setup, and Operation 19 








Amperes Copper Welding Lead Sizes 
ft m 100 150 200 250 300 350 400 450 500 
50 15 2 2 2 2 1 1/0 1/0 2/0 2/0 
75 23 2 2 1 1/0 2/0 2/0 3/0 3/0 4/0 
100 30 2 1 1/0 2/0 3/0 4/0 4/0 
3 125 38 2 1/0 2/0 3/0 4/0 
5 150 46 1 2/0 3/0 4/0 
> 175 53 1/0 3/0 4/0 
s 200 61 1/0 3/0 4/0 
= 250 76 2/0 4/0 
- 300 91 3/0 
350 107 3/0 
400 122 4/0 
Amperes Aluminum Welding Lead Sizes 
ft m 100 150 200 250 300 350 400 450 500 
50 15 2 2 1/0 2/0 2/0 3/0 4/0 
2 75 23 2 1/0 2/0 3/0 4/0 
a 100 30 1/0 2/0 4/0 
5 125 38 2/0 3/0 
s 150 46 2/0 3/0 
2 175 53 3/0 
Ss 200 61 4/0 
225 69 4/0 





manipulation difficult. Smaller cable can be spliced to the electrode end 
of a large cable to make it more flexible. This whip-end cable must not be 
more than 10 ft (3 m) long. 


PRACTICE 1-4 


Determining Welding Lead Sizes 


Using a pencil and paper and Table 1.3, Copper and Aluminum Weld- 


ing Lead Sizes, you will determine the following: 


1. the minimum copper welding lead size for a 200-A welder with 


100-ft (830-m) leads 


2. the minimum copper welding lead size for a 125-A welder with 


225-ft (69-m) leads 


3. the maximum length aluminum welding lead that can carry 


300A 


Splices and end lugs are available from suppliers. Be sure that a good 
electrical connection is made whenever splices or lugs are used. A poor 
electrical connection will result in heat buildup, voltage drop, and poor 
service from the cable. Splices and end lugs must be well insulated against 


possible electrical shorting, Figure 1.32. 


Complete a copy of the “Student Welding Report” listed in Appendix I 


or provided by your instructor. 


A splice in a cable should not 
be within 10 ft (3 m) of the 
electrode because of the pos- 
sibility of electrical shock. 


ave Module 1 


Key Indicator 1, 3, 4 


+ Module 4 


Key Indicator 3 
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Never dip a hot electrode 
holder in water to cool it off. 
The problem causing the holder 
to overheat should be 
repaired. 





200-AMP CAPACITY 


Figure 1.33 

The amperage capacity of an elec- 
trode holder is often marked on its 
side 

Courtesy of Tweco®, a Thermadyne® Company 


Module 1h 


Key Indicator 1, 3, 4 


Module at 


Key Indicator 1, 2 





/ER LUG 
SULATION 





Figure 1.32 
Power lug protection is provided by insulators 
Courtesy of ESAB Welding & Cutting Products 


ELECTRODE HOLDERS 


The electrode holder should be of the proper amperage rating and in good 
repair for safe welding. Electrode holders are designed to be used at their 
maximum amperage rating or less. Higher amperage values will cause the 
holder to overheat and burn up. If the holder is too large for the amperage 
range being used, manipulation is hard, and operator fatigue increases. 
Make sure that the correct amperage holder is chosen, Figure 1.33. 

A properly sized electrode holder can overheat if the jaws are dirty or 
loose, or if the cable is loose. If the holder heats up, welding power is being 
lost. In addition, a hot electrode holder is uncomfortable to work with. 

Replacement springs, jaws, insulators, handles, screws, and other parts 
are available to keep the holder in good working order, Figure 1.34. To 
prevent excessive damage to the holder, welding electrodes should not be 
burned too short. A 2-in. (51-mm) electrode stub is short enough to mini- 
mize electrode waste and save the holder. 


PRACTICE 1-5 


Repairing Electrode Holders 


Using the manufacturer’s instructions for your type of electrode holder, 
required hand tools, and replacement parts, you will do the following: 


1. Remove the electrode holder from the welding cable. 
2. Remove the jaw insulating covers. 
3. Replace the jaw insulating covers. 
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a UPPER ARM 


OQ SPRING 
LOWER = 


INSULATOR ASSEMBLY 
Figure 1.34 


Replaceable parts of an electrode holder 





4. Reconnect the electrode holder to the welding cable. 

5. Turn on the welding power or reconnect the welding cable to the 
welder. 

6. Make a weld to ensure that the repair was made correctly. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


WORK CLAMPS 


The work clamp must be the correct size for the current being used, 
and it must clamp tightly to the material. Heat can build up in the work 
clamp, reducing welding efficiency, just as was previously described for 
the electrode holder. Power losses in the work clamp are often overlooked. 
The clamp should be carefully touched occasionally to find out if it is 
getting hot. 

In addition to power losses due to poor work lead clamping, a loose 
clamp may cause arcing that can damage a part. Improper work clamp 
placement may also contribute to arc blow. To avoid arc blow, keep the 
work clamp situated as close to the weld as practical, and weld away from 
it. Ifthe partis to be moved during welding, a swivel-type work clamp may 
be needed, Figure 1.35. It may be necessary to weld a tab to thick parts so 
that the work lead can be clamped to the tab, Figure 1.36. 





Figure 1.35 
A work clamp may be attached to Figure 1.36 
the workpiece Tack welded ground to part 





Before starting any work, make 
sure that the power to the 
welder is off and locked off or 
the welding lead has been re- 
moved from the machine. 
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Module avi 


Key Indicator 1 


Module at 


Key Indicator 3 


The cable should never be tied 
to scaffolding or ladders. If 
the cable is caught by moving 
equipment, the scaffolding or 
ladder may be upset, causing 
serious personal injury. 


SETUP 


Arc welding machines should be located near the welding site, but far 
enough away so that they are not covered with spark showers. The ma- 
chines may be stacked to save space, but there must be enough room be- 
tween the machines to ensure the air can circulate so as to keep the ma- 
chines from overheating. The air that is circulated through the machine 
should be as free as possible of dust, oil, and metal filings. Even in a good 
location, the power should be turned off periodically and the machine 
blown out with compressed air, Figure 1.37. 

The welding machine should be located away from cleaning tanks and 
any other sources of corrosive fumes that could be blown through it. Water 
leaks must be fixed and puddles cleaned up before a machine is used. 

Power to the machine must be fused, and a power shut-off switch pro- 
vided. The switch must be located so that it can be reached in an emer- 
gency without touching either the machine or the welding station. The 
machine case or frame must be grounded. 

The welding cables should be sufficiently long to reach the work sta- 
tion but not so long that they must always be coiled. Cables should not be 
placed on the floor in aisles or walkways. If cables must cross a walkway, 
the cable must be installed overhead, or it must be protected by a ramp, 
Figure 1.38. The welding machine and its main power switch should be 
off while a person is installing or working on the cables. 

The work station must be free of combustible materials. Screens or cur- 
tains should be provided to protect other workers from the arc light. 

The welding cable should never be wrapped around arms, shoulders, 
waist, or any other part of the body. If the cable was caught by any moving 
equipment, such as a forklift, crane, or dolly, a welder could be pulled off 
balance or more seriously injured. If it is necessary to hold the weight off 
the cable so that the welding can more easily be done, a free hand can be 
used. The cable should be held so that ifitis pulled it can be easily released. 

Check the surroundings before starting to weld. If heavy materials are 
being moved in the area around you, there should be a safety watch. A 
safety watch can warn a person of danger while that person is welding. 





Figure 1.37 Figure 1.38 
Slag, chips from grinding, and dust must be blown out occa- To prevent people from tripping, when cables 
sionally so that they will not start a fire or cause a short-out must be placed in walkways, lay two blocks of 


or other types of machine failure wood beside the cables 
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SUMMARY 





Understanding the scientific theory of electricity and magnetism will aid 
you in understanding how the welding currents are produced and their 
reactions to changes in their physical surroundings. Understanding elec- 
tromagnetic phenomena will aid you in controlling arc blow. Failure to 
control arc blow can result in weld failures. In addition, understanding 
electricity will help you interpret information given on manufacturers’ 
tables, charts, and equipment specifications. 


Before starting any new job or welding operation, be sure to check with 


the equipment manufacturer’s safety guidelines for proper operation and 
maintenance. Follow all recommended guidelines. 


Keeping your work area clean and orderly will help prevent accidents. 





oOoonr WN 


. Describe the welding current. 

. What produces the heat during a shielded metal arc weld? 

. Voltage can be described as 

. Amperage can be described as 

. Wattage can be described as 

. What determines the exact ipampeniine of the shielded metal weld- 


ing arc? 


. Does all of the heat produced by an SMA weld stay in the weld? Why 


or why not? 


. What do the following abbreviations mean: AC, DCEN, DCEP, DCSP, 


and DCRP? 


. Sketch a welding machine, an electrode lead, an electrode holder, an 


electrode, a work lead, and work connected for DCEN welding. 


. Sketch a welding machine, an electrode lead, an electrode holder, an 


electrode, a work lead, and work connected for DCEP welding. 


. Why is SMA welding current referred to as constant current? 
. What is the higher voltage at the electrode before the arc is struck 


called? What is its advantage to welding? 


. Referring to the graph in Figure 1.9, what would the voltage be for the 


CC power supply at 110 A? What would the watts be? 


. How does arc blow affect welding? 

. How can arc blow be controlled? 

. How does a welding transformer work? 

. What are taps on a welding transformer? 

. What would the approximate amperage setting be if a welder were set 


to the high range (150 A to 350 A) and the fine adjustment knob were 
pointing at 5 on a 10-point scale? 


. What are the advantages of the inverter-type welding power supply? 
. What is the difference between the welding current produced by al- 


ternators and the one produced by generators? 


. What are the advantages of alternators over generators? 
. What must be checked before using the 110-V power plug on a porta- 


ble welder? 


. What is meant by a welder’s duty cycle? 
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24. 
25. 
26. 


27. 
28. 
29. 


30. 


Why must a welding machine’s duty cycle never be exceeded? 
Why is copper better than aluminum for welding cables? 
A splice in a welding cable should never be any closer than 
to the electrode holder. 
Why must the electrode holder be correctly sized? 
What can cause a properly sized electrode holder to overheat? 
What problem can occur if welding machines are stacked or placed 
too closely together? 
Why must welding cables never be tied to scaffolding or ladders? 







Shielded Metal Arc 
Welding of Plate 






OBJECTIVES 


After completing this chapter, the student should be able to 


demonstrate safe SMAW work practices 
strike an arc at a specific point 


contrast the problems that can result if the welding current is set too 
low or too high 


select the correct diameter of welding electrode for a weld 


compare a weld bead’s shape for width, reinforcement, and appearance 
with differing heat inputs 


define arc length, and describe the effects of using too short or too 
long an arc length 


compare a leading electrode angle to a trailing electrode angle 


list three characteristics of the weld bead that can be controlled by the 
movement or weaving of the welding electrode 


demonstrate ten weave patterns for weld beads 

match various SMAW electrodes to the four filler metal groups 
define stringer beads and tell how they are used 

make a vertical up stringer bead and a horizontal stringer bead 


make a welded square butt joint in the flat, vertical up, and the hori- 
zontal positions 


on an edge joint, make a flat weld, a vertical down weld, a vertical up 
weld, a horizontal weld, and an overhead weld 


on an outside corner joint, make a flat weld, a vertical down weld, a 
vertical up weld, a horizontal weld, and an overhead weld 


make fillet welds in lap joints in all positions 
make fillet welds in tee joints in all positions 
make groove welds in plate in all positions without backing 






KEY TERMS 
amperage range lap joint stringer bead 
arc length mineral-based fluxes tee joint 
cellulose-based fluxes rutile-based fluxes weave pattern 
electrode angle square butt joint —_—— 
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AWS SENSE EG2.0 
Key Indicators Addressed in this Chapter = - 


Module 1: Occupational Orientation 
Key Indicator 1: Prepares time or job cards, reports or records : 
Key Indicator 2: Performs housekeeping duties _ —= 
Key Indicator 3: Follows verbal instructions to complete work — 

assignments 
Key Indicator 4: Follows written instructions to complete w wo 

assignments = 
Module 2: Safety and Health of Welders 


Key indicator 1: Demonstrates proper use and inspection 


protective equipment (PPE) = 


Key Indicator 2: Demonstrates safe operation practices in tl 
area = —> 





Key Indicator 3: Demonstrates proper use and ins 
equipment — 
Key Indicator 4: Demonstrates proper f hot zone of 


Key Indicator 5: Demonstrates proper ' 
spaces 


Key Indicator 6: Understands 





INTRODUCTION 


Shielded metal arc welding (SMAW), or stick welding, is a common method 


used to join plate. This method provides a high temperature and concentra- 
tion of heat, which allows a small molten weld pool to be built up quickly. The 
addition of filler metal from the electrode adds reinforcement and increases 
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twist the wires together and untwist them. The result is the same. We say the circuit is "broken" 
or "open" via the switch and the lamp does not glow. Closing the switch turns ON the globe. 





Supply Rail or Power Rail 


+ 
= 
1 
1 
= 


Ov Rail | 


Fig 6: Naming the RAILS 


| 12¥ 
I 


Earth Rail 


Earth or Chassis 


Fig 7: The EARTH RAIL 





to Index 


The top rail of the CIRCUIT DIAGRAM is called the 
SUPPLY RAIL or POWER RAIL. 

The lower rail is called the Ov Rail or EARTH RAIL. 

Do not connect the Supply rail (+12v) to the Ov rail as this 
will cause a high current to flow and is called a SHORT 
CIRCUIT: 


SHORT 
CIRCUIT 


to Index 


The lower rail is also called the Chassis. 

This comes from the "old days" when electronics 
constructors build radios on a metal chassis (metal 
box) and it was connected via wire to a pipe in the 
ground to help the radio pick up distant radio 
stations. 

The term also comes from car and truck wiring 
where one side of each globe is connected to the 
frame or chassis so that only one wire is needed to 
each globe and the return "path" is via the 
chassis. 





signifies: "Ground" - the zero 
lead for the signals 


Fig 7a: Ground 





to Index 


Some circuits identify the "Ground Lead" 
or "Ground Wire" of a project to show 
where all the signals have been 
"referenced to." In other words, all the 
signals rise and fall above and below this 
"Ground wire" or "Ground Lead." This 
lead may not be at earth potential as the 
project may be in a plastic box but it 
identifies where the earth lead of a 
Cathode Ray Oscilloscope or the negative 
lead of a multimeter is connected. 
On some printed circuit boards, the 
negative terminal of the battery (the Ov 
wire or terminal) is connected to a very 
large area of copper and this is called the 
EARTH PLANE or GROUND PLANE. It is 
designed to prevent signals travelling 
along the tracks (called traces) being 
NN radiated and also prevents outside 
interference upsetting the project. It also 
"tightens-up" the earth rail. 


to Index 





The circuit shows a 12v globe connected 
to a 12v battery and the circuit appears to 
be "broken" (not continuous). 

But the current returns via the earth 


connection. 
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the strength of the weld. SMAW can be performed on almost any type of metal 
1/8 in. (3 mm) thick or thicker. A minimum amount of equipment is required, 
and it can be portable. 

High-quality welds can be consistently produced on almost any type of 
metal and in any position. The quality of the welds produced depends largely 
upon the skill of the welder. Developing the necessary skill level requires 
practice. However, practicing the welds repeatedly without changing tech- 
niques will not aid in developing the required skills. Each time a weld is com- 
pleted it should be evaluated, and then a change should be made in the 
technique to improve the next weld. 


PRACTICE 2-1 


Shielded Metal Arc Welding Safety 


Using a welding workstation, welding machine, welding electrodes, 
welding helmet, eye and ear protection, welding gloves, proper work 
clothing, and any special protective clothing that may be required, dem- 
onstrate, to your instructor and other students, the safe way to prepare 
yourself and the welding workstation for welding. Include in your dem- 
onstration appropriate references to burn protection, eye and ear protec- 
tion, material safety data sheets, ventilation, electrical safety, general work 
clothing, special protective clothing, and area cleanup. More information 
on welding safety can be found in Chapter 2 in Welding Skills, Processes 
and Practices for Entry-Level Welders: Book One and ANSI Z49.1, Safety in 
Welding, Cutting, and Allied Processes. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


EXPERIMENT 2-1 


Striking the Arc 


Using a properly set up and adjusted arc welding machine, the proper 
safety protection as demonstrated in Practice 2-1, E6011 or E6103 welding 
electrodes having a 1/8-in. (3-mm) core wire diameter measured at the 
bare end of the electrode, and one piece of mild steel plate, 1/4 in. (6 mm) 
thick, you will practice striking an arc, Figure 2.1. 

With the electrode held over the plate, lower your helmet. Scratch the 
electrode across the plate (like striking a large match), Figure 2.2. As the 
arc is established, slightly raise the electrode to the desired arc length. 
Hold the arc in one place until the molten weld pool builds to the desired 
size. Slowly lower the electrode as it burns off and move it forward to start 
the bead. 

If the electrode sticks to the plate, quickly squeeze the electrode holder 
lever to release the electrode. Break the electrode free by bending it back 
and forth a few times. Do not touch the electrode without gloves because 
it will still be hot. If the flux breaks away very far from the end of the elec- 
trode, throw out the electrode because restarting the arc will be very dif- 
ficult, Figure 2.3. 
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Once you are able to easily strike an arc and make a weld, try to strike 
the arc where it will be re-melted by the weld you are making. Arc strikes 
on the metal’s surface that are not covered up by the weld are considered 
to be weld defects by most codes. 

Break the arc by rapidly raising the electrode after completing a 1-in. 
(25-mm) weld bead. Restart the arc as you did before, and make another 
short weld. Repeat this process until you can easily start the arc each time. 


Welding: Skills, Processes and Practices 
MATERIAL: 
1/4" x 6" MILD STEEL PLATE 
PROCESS: 
SMAW ARC STRIKING 


NUMBER: DRAWN BY: 
EXPERIMENT 2-1 JACK CHIPMAN 





Figure 2.1 
Striking an arc and running short beads 





Figure 2.3 
Figure 2.2 If the flux is broken off the end completely or on one side, the 
Striking the arc arc can be erratic or forced to the side 


Courtesy of Larry Jeffus Courtesy of Larry Jeffus 
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Turn off the welding machine and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


EXPERIMENT 2-2 
Striking the Arc Accurately 


Using the same materials and setup as described in Experiment 2-1, 
you will start the arc at a specific spot in order to prevent damage to the 
surrounding plate. 

Hold the electrode over the desired starting point. After lowering your 
helmet, swiftly bounce the electrode against the plate, Figure 2.4. A lot of 
practice is required to develop the speed and skill needed to prevent the 
electrode from sticking to the plate. 

A more accurate method of starting the arc involves holding the elec- 
trode steady by resting it on your free hand like a pool cue. The electrode is 
rapidly pushed forward so that it strikes the metal exactly where it should. 
This is an excellent method of striking an arc. Striking an arc in an incor- 
rect spot may cause damage to the base metal. 

Practice starting the arc until you can start it within 1/4 in. (6 mm) of 
the desired location. Turn off the welding machine and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


EFFECT OF TOO-HIGH OR TOO-LOW CURRENT SETTINGS 


Each welding electrode must be operated in a specified current (amper- 
age) range, Table 2.1. Welding with the current set too low results in poor 
fusion and poor arc stability, Figure 2.5. The weld may have slag or gas 
inclusions because the molten weld pool was not fluid long enough for 
the flux to react. Little or no penetration of the weld into the base plate 
may also be evident. With the current set too low, the arc length is very 
short. A very short arc length results in frequent shorting and sticking of 
the electrode. 

The core wire of the welding electrode is limited in the amount of cur- 
rent it can carry. As the current is increased, the wire heats up because of 
electrical resistance. This preheating of the wire causes some of the chem- 
icals in the covering to be burned out too early, Figure 2.6. The loss of the 
proper balance of elements causes poor arc stability. This condition leads 
to spatter, porosity, and slag inclusions. 


Table 2.1 Welding Amperage Range for Common Electrode Types and Sizes 
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Figure 2.4 
Striking the arc on a spot 





Electrode Classification 

Size E6010 E6011 E6012 E6013 E7016 E7018 

3/32 in. (2.4 mm) 40-80 50-70 40-90 40-85 75-105 70-110 

1/8 in. (3.2 mm) 70-130 85-125 75-130 70-120 100-150 90-165 
5/32 in. (4 mm) 110-165 130-160 120-200 130-160 140-190 125-220 
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Figure 2.6 


Welding with the amperage set too low Welding with too high an amperage 


Courtesy of Larry Jeffus 
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Courtesy of Larry Jeffus 





Figure 2.7 
Hard weld spatter is fused to base metal and is difficult to remove 
Courtesy of Larry Jeffus 


An increase in the amount of spatter is also caused by longer arc 
lengths. The weld bead made at a high amperage setting is wide and flat 
with deep penetration. The spatter is excessive and is mostly hard. The 
spatter is called hard because it fuses to the base plate and is difficult to 
remove, Figure 2.7. The electrode covering is discolored more than 1/8 in. 
(3 mm) to 1/4 in. (6 mm) from the end of the electrode. Extremely high set- 
tings may also cause the electrode to discolor, crack, glow red, or burn. 


EXPERIMENT 2-3 
Effect of Amperage Changes on a Weld Bead 


For this experiment, you will need an arc welding machine, welding 
gloves, safety glasses, welding helmet, appropriate clothing, E6011 or 
E6013 welding electrodes having a 1/8-in. (3-mm) diameter, and one piece 
of mild steel plate, 1/4 in. (6mm) to 1/2 in. (13 mm) thick. You will observe 
what happens to the weld bead when the amperage settings are raised and 
lowered. 
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Figure 2.8 
Weld before cleaning and after cleaning 
Courtesy of Larry Jeffus 


Starting with the machine set at approximately 90 A AC or DCRP, strike 
an arc and make a weld 1 in. (25 mm) long. Break the arc. Raise the current 
setting by 10 A, strike an arc, and make another weld 1 in. (25 mm) long. 
Repeat this procedure until the machine amperage is set at the maximum 
value. 

Replace the electrode and reset the machine to 90 A. Make a weld 1 in. 
(25 mm) long. Stop and lower the current setting by 10 A. Repeat this pro- 
cedure until the machine amperage is set at a minimum value. 

Cool and chip the plate, comparing the different welds for width, 
buildup, molten weld pool size, spatter, slag removal, and penetration, 
Figure 2.8. In addition, compare the electrode stubs. Turn off the welding 
machine and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


ELECTRODE SIZE AND HEAT 


The selection of the correct size of welding electrode for a weld is deter- 
mined by some or all of the following: the skill of the welder, the thick 
ness of the metal to be welded, the size of the metal, and welding codes 
or standards. Using small diameter electrodes requires less skill than us- 
ing large diameter electrodes. The deposition rate, or the rate at which the 
weld metal is added to the weld, is slower when small diameter electrodes 
are used. Small diameter electrodes will make acceptable welds on thick 
plate, but more time is required to make the weld. 

Large diameter electrodes may overheat the metal if they are used with 
thin or small pieces of metal. To determine if a weld is too hot, watch the 
shape of the trailing edge of the molten weld pool, Figure 2.9. Rounded 
ripples indicate the weld is cooling uniformly and that the heat is not ex- 
cessive. If the ripples are pointed, the weld is cooling too slowly because 
of excessive heat. Extreme overheating can cause a burn-through. Once a 
burn-through occurs, it is hard to repair. 

To correct an overheating problem, a welder can turn down the amper- 
age, use ashorter arc, travel at a faster rate, use a chill plate (a large piece of 
metal used to absorb excessive heat), or use a smaller electrode at a lower 
current setting. 


Do not change the current 
settings during welding. A 
change in the setting may 
cause arcing inside the 
machine, resulting in damage 
to the machine. 
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Figure 2.9 
The effect on the shape of the molten weld pool caused by the heat input 


EXPERIMENT 2-4 


Excessive Heat 


Using a properly set up and adjusted arc welding machine, the proper 
safety protection, E6011 or E6013 welding electrodes having a 1/8-in. 
(3-mm) diameter, and three pieces of mild steel plate, 1/8 in. (8 mm), 
3/16 in. (5 mm), and 1/4 in. (6 mm) thick, you will observe the effects of 
overheating on the weld. Make a stringer weld on each of the three plates 
using the same amperage setting, travel rate, and arc length for each weld. 
Cool and chip the welds. Then compare the weld beads for width, rein- 
forcement, and appearance. 

Using the same amperage settings, make additional welds on the 
1/8-in. (8-mm) and 3/16-in. (6-mm) plates. Vary the arc lengths and travel 
speeds for these welds. Cool and chip each weld and compare the beads 
for width, reinforcement, and appearance. Make additional welds on the 
1/8-in. (8-mm) and 3/16-in. (5-mm) plates, using the same arc length and 
travel speed as in the earlier part of this experiment, but at a lower am- 
perage setting. Cool and chip the welds and compare the beads for width, 
reinforcement, and appearance. 

Welders often use the terms heat and amperage as interchangeable 
when they are speaking about making changes to the welding current. For 
example, a welder may say, “Turn up the heat a little,” or “Turn up the am- 
perage a little.” In both cases what’s being asked is that the welding amper- 
age be increased a little. 

The plates should be cooled between each weld so that the heat from 
the previous weld does not affect the test results. Turn off the welding ma- 
chine and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


ARC LENGTH 


The arc length is the distance the arc must jump from the end of the 
electrode to the plate or weld pool surface. As the weld progresses, the 
electrode becomes shorter as it is consumed. To maintain a constant arc 
length, the electrode must be lowered continuously. Maintaining a con- 
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Figure 2.10 Figure 2.11 
Welding with too short an arc length Welding with too long an arc length 
Courtesy of Larry Jeffus Courtesy of Larry Jeffus 
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Figure 2.12 
Welding with a drag technique Figure 2.13 
Courtesy of Larry Jeffus The arc may jump to the closest metal, reducing root penetration 


ROOT OPENING 


stant arc length is important, as too great a change in the arc length will 
adversely affect the weld. 

As the arc length is shortened, metal transferring across the gap may 
short out the electrode, causing it to stick to the plate. The weld that results 
from a short arc is narrow and has a high buildup, Figure 2.10. 

Long arc lengths produce more spatter because the metal being trans- 
ferred may drop outside of the molten weld pool. The weld is wider and has 
little buildup, Figure 2.11. 

There is a narrow range for the arc length in which stability is main- 
tained, metal transfer is smooth, spatter is minimized, and the bead shape 
is controlled. Factors affecting the length are the type of electrode, joint 
design, metal thickness, and current setting. 

Some welding electrodes, such as E7024, have a thick flux covering. 
The rate at which the covering melts is slow enough to permit the elec- 
trode coating to be rested against the plate. The arc burns back inside the 
covering as the electrode is dragged along touching the joint, Figure 2.12. 
For that reason, electrodes like E7024 are sometimes referred to as drag 
electrodes, or drag rods. For this type of welding electrode, the arc length 
is maintained by the electrode covering. 

An arc will jump to the closest metal conductor. On joints that are deep 
or narrow, the arc is pulled to one side and not to the root, Figure 2.13. As 
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a result, the root fusion is reduced or may be nonexistent, thus causing a 
poor weld. If a very short arc is used, the arc is forced into the root for bet- 
ter fusion. 

Because shorter arcs produce less heat and penetration, they are best 
suited for use on thin metal or thin-to-thick metal joints. Using this tech- 
nique, metal as thin as 16 gauge can be arc welded easily. Higher amperage 
settings are required to maintain a short arc that gives good fusion with a 
minimum of slag inclusions. The higher settings, however, must be within 
the amperage range for the specific electrode. 

Finding the correct arc length often requires some trial and adjust- 
ment. Most welding jobs require an arc length of 1/8 in. (8 mm) to 3/8 in. 
(10 mm) when using a 1/8-in. electrode, but this distance varies. It may 
be necessary to change the arc length when welding to adjust for varying 
welding conditions. 


EXPERIMENT 2-5 


Effect of Changing the Arc Length on a Weld 


Using an arc welding machine, welding gloves, safety glasses, welding 
helmet, appropriate clothing, E6011 or E6013 welding electrodes having a 
1/8-in. (8-mm) diameter, and one piece of mild steel plate, 1/4 in. (6 mm) to 
1/2 in. (13 mm) thick, you will observe the effect of changing the arc length 
on a weld. 

Starting with the welding machine set at approximately 90 A AC or 
DCRP, strike an arc and make a weld 1 in. (25 mm) long. Continue weld- 
ing while slowly increasing the arc length until the arc is broken. Restart 
the arc and make another weld 1 in. (25 mm) long. Welding should again 
be continued while slowly shortening the arc length until the arc stops. 
Quickly break the electrode free from the plate, or release the electrode by 
squeezing the lever on the electrode holder. 

Cool and chip both welds. Compare both welding beads for width, re- 
inforcement, uniformity, spatter, and appearance. Turn off the welding 
machine and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


ELECTRODE ANGLE 


The electrode angle is measured from the electrode to the surface of the 
metal. The term used to identify the electrode angle is affected by the di- 
rection of travel, generally leading or trailing, Figure 2.14. The relative 
angle is important because there is a jetting force blowing the metal and 
flux from the end of the electrode to the plate. 


Leading Angle 


A leading electrode angle pushes molten metal and slag ahead of the weld, 
Figure 2.15. When welding in the flat position, caution must be taken to 
prevent overlap and slag inclusions. The solid metal ahead of the weld 
cools and solidifies the molten filler metal and slag before they can melt 
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Figure 2.14 
Direction of travel and electrode angle 


the solid metal. This rapid cooling prevents the metals from fusing to- 
gether, Figure 2.16. As the weld passes over this area, heat from the arc 
may not melt it. As a result, some overlap and slag inclusions are left. 

The following are suggestions for preventing cold lap and slag 
inclusions: 


e Useas little leading angle as possible. 

e Ensure thatthe arc melts the base metal completely, Figure 2.17. 

e Useapenetrating-type electrode that causes little buildup. 

e Move the arc back and forth across the molten weld pool to fuse 
both edges. 


A leading angle can be used to minimize penetration or to help hold 
molten metal in place for vertical welds, Figure 2.18. 


Trailing Angle 


A trailing electrode angle pushes the molten metal away from the lead- 
ing edge of the molten weld pool toward the back where it solidifies, 
Figure 2.19. As the molten metal is forced away from the bottom of the 
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Figure 2.15 
Leading, lag, or pushing electrode 
angle 
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Figure 2.16 Figure 2.17 

Some electrodes, such as E7018, may not remove the deposits Metal being melted ahead of the molten weld pool helps to en- 

ahead of the molten weld pool, resulting in discontinuities sure good weld fusion 


within the weld Courtesy of Larry Jeffus 
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(A) (B) (C) 


Figure 2.18 
Effect of a leading angle on weld bead buildup, width, and penetration. As the angle increases toward the vertical position (C), pene- 
tration increases 


weld, the arc melts more of the base metal, which results in deeper pen- 
etration. The molten metal pushed to the back of the weld solidifies and 
forms reinforcement for the weld, Figure 2.20. 





WELDING DIRECTION 





EXPERIMENT 2-6 


Effect of Changing the Electrode Angle on a Weld 


Using a properly set up and adjusted arc welding machine, the proper 
safety protection, E6011 welding electrodes having a 1/8-in. (8-mm) diam- 
eter, and one piece of mild steel plate, 1/4 in. (6 mm) to 1/2 in. (13 mm) 
Figure 2.19 thick, you will observe the effect of changes in the electrode angle on a 
Trailing electrode angle weld. 











SECTION A-A SECTION B-B SECTION C-C 
(A) (B) (C) 


Figure 2.20 
Effect of a trailing angle on weld bead buildup, width, and penetration. Section A-A shows more weld buildup due to a greater angle 
of the electrode 
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If the wires are connected to the motor 
“around the other way,” the motor will 


reverse direction. 
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Fig 10: Reversing a Motor 
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VOLTAGE AND CURRENT 

What is voltage and what is current? 

Here is a very simple description. 

A battery produces a voltage called DC. (This is a very confusing name because the letter 
actually refer to Direct Current, so we just say DC Voltage). 

A battery also produces current called DC - Direct Current. We say DC current. 


VOLTAGE CURRENT 


Voltage is a value produced by an electrical You cannot feel current with your tongue so 
component called a battery or cell. we have to carry out another experiment: 


A single cell produces one and a half volts. (1.5v) 
and although this is not a high voltage, when cells 
are connected together we get higher voltages. 

If 6 cells are connected in series we get Ov. 

Here is a Qv battery: 
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Welding with a trailing angle Welding with a leading angle 


Courtesy of Larry Jeffus Courtesy of Larry Jeffus 


Start welding with a sharp trailing angle. Make a weld about 1 in. (25 
mm) long. Closely observe the molten weld pool at the points shown in 
Figure 2.21. Slowly increase the electrode angle and continue to observe 
the weld. 

When you reach a 90° electrode angle, make a weld about 1 in. (25 mm) 
long. Observe the parts of the molten weld pool as shown in Figure 2.21. 

Continue welding and change the electrode angle to a sharp leading 
angle. Observe the molten weld pool at the points shown in Figure 2.22. 

During this experiment, you must maintain a constant arc length, 
travel speed, and weave pattern if the observations and results are to be 
accurate. 

Cool and chip the weld. Compare the weld bead for uniformity in width, 
reinforcement, and appearance. Turn off the welding machine and clean 
up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


ELECTRODE MANIPULATION 


The movement or weaving of the welding electrode can control the follow- 
ing characteristics of the weld bead: penetration, buildup, width, porosity, 
undercut, overlap, and slag inclusions. The exact weave pattern for each 
weld is often the personal choice of the welder. However, some patterns 
are especially helpful for specific welding situations. The pattern selected 
for a flat (1G) butt joint is not as critical as is the pattern selection for other 
joints and other positions. 

Many weave patterns are available for the welder to use. Figure 2.23 
shows ten different patterns that can be used for most welding conditions. 

The circular pattern is often used for flat position welds on butt, tee, 
outside corner joints, and for buildup or surfacing applications. The cir- 
cle can be made wider or longer to change the bead width or penetration, 
Figure 2.24. 

The “C” and square patterns are both good for most 1G (flat) welds, but 
can also be used for vertical (3G) positions. These patterns can also be 
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used if there is a large gap to be filled when both pieces of metal are nearly 
the same size and thickness. 

The “J” pattern works well on flat (1F) lap joints, all vertical (3G) joints, 
and horizontal (2G) butt and lap (2F) welds. This pattern allows the heat to 
be concentrated on the thicker plate, Figure 2.25. It also allows the rein- 
forcement to be built up on the metal deposited during the first part of the 
pattern. As a result, a uniform bead contour is maintained during out-of- 
position welds. 
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Figure 2.25 
The “J” pattern allows the heat to be concentrated on the Figure 2.26 
thicker plate “Inverted T” pattern 
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Figure 2.27 Figure 2.28 
The electrode is moved slightly forward and then returned The electrode does not deposit metal or melt the base metal 
to the weld pool Courtesy of Larry Jeffus 


Courtesy of Larry Jeffus 


The inverted “T” pattern works well with fillet welds in the vertical 
(3F) and overhead (4F) positions, Figure 2.26. It also can be used for deep 
groove welds for the hot pass. The top of the “T” can be used to fill in the 
toe of the weld to prevent undercutting. 

The straight step pattern can be used for stringer beads, root pass 
welds, and multiple pass welds in all positions. For this pattern, the small- 
est quantity of metal is molten at one time as compared to other patterns. 
Therefore, the weld is more easily controlled. At the same time that the 
electrode is stepped forward, the arc length is increased so that no metal 
is deposited ahead of the molten weld pool, Figure 2.27 and Figure 2.28. 
This action allows the molten weld pool to cool to a controllable size. In 
addition, the arc burns off any paint, oil, or dirt from the metal before it 
can contaminate the weld. 

The figure-eight pattern and the zigzag pattern are used as cover passes 
in the flat and vertical positions. Do not weave more than 2-1/2 times the 
width of the electrode. These patterns deposit a large quantity of metal at 
one time. A shelf can be used to support the molten weld pool when mak- 
ing vertical welds using either of these patterns, Figure 2.29. 





Figure 2.29 
Using the shelf to support the molten pool for vertical welds 
Courtesy of Larry Jeffus 
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POSITIONING OF THE WELDER AND THE PLATE 


The welder should be in a relaxed, comfortable position before starting to 
weld. A good position is important for both the comfort of the welder and 
the quality of the welds. Welding in an awkward position can cause welder 
fatigue, which leads to poor welder coordination and poor-quality welds. 
Welders must have enough freedom of movement so that they do not need 
to change position during a weld. Body position changes should be made 
only during electrode changes. 

When the welding helmet is down, the welder is blind to the surround- 
ings. Due to the arc, the field of vision of the welder is also very limited. 
These factors often cause the welder to sway. To stop this swaying, the 
welder should lean against or hold on to a stable object. When welding, 
even if a welder is seated, touching a stable object will make that welder 
more stable and will make welding more relaxing. 

Welding is easier if the welder can find the most comfortable angle. The 
welder should be in either a seated or a standing position in front of the 
welding table. The welding machine should be turned off. With an elec- 
trode in place in the electrode holder, the welder can draw a straight line 
along the plate to be welded. By turning the plate to several different an- 
gles, the welder should be able to determine which angle is most comfort- 
able for welding, Figure 2.30. 


PRACTICE WELDS 


Practice welds are grouped according to the type of joint and the type 
of welding electrode. The welder or instructor should select the order in 
which the welds are made. The stringer beads should be practiced first in 
each position before the welder tries the different joints in each position. 
Some time can be saved by starting with the stringer beads. If this is done, 
it is not necessary to cut or tack the plate together, and a number of beads 
can be made on the same plate. 

Students will find it easier to start with butt joints. The lap, tee, and out- 
side corner joints are all about the same level of difficulty. Starting with the 
flat position allows the welder to build skills slowly so that out-of-position 
welds become easier to do. The horizontal tee and lap welds are almost as 
easy to make as the flat welds. Overhead welds are as simple to make as 
vertical welds, but they are harder to position. Horizontal butt welds are 
more difficult to perform than most other welds. 


Arc welding electrodes used for practice welds in the following chapters 
are grouped into three filler metal (F-number) classes according to their 
major welding characteristics. E6012 and E6013 fall into the F2 group, 
E6010 and E6011 fall into the F3 group, and E7016 and E7018 fall into the 
F4 group. The F1 electrode group (notused in this chapter) is limited flatand 
horizontal fillet welds, E7024 and E7028 are examples of F1 electrodes. 


F1 E7024 and E7028 Electrodes 
These electrodes are primarily produced with iron-powder-based fluxes 
that are substantially thicker than the other groups. As a result, they have 
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very high deposition rates and produce welds with medium to low pen- 
etration, but are restricted to groove welds in the flat position and fillet 
welds in the flat or horizontal positions. 


F2 E6012 and E6013 Electrodes 

These electrodes have rutile-based fluxes, giving a smooth, easy arc with 
a thick slag left on the weld bead. They may be used in all positions and do 
not require special rod ovens. These electrodes are popular because slag is 
easily removed, and they may be used with all polarities to produce welds 
with medium to low penetration. 


F3 E6010 and E6011 Electrodes 

Both of these electrodes have cellulose-based fluxes. As a result, these 
electrodes have a forceful deep penetrating arc with little slag left on the 
weld bead. They do not require a rod oven, and they are often the electrode 
of choice when surface conditions on the base metal are less than opti- 
mal. F3 electrodes are also commonly used for open root welds on plate 
and pipe. 


F4 £7016 and £7018 Electrodes 

Both of these electrodes have a mineral-based flux. The resulting medium 
penetration arc is smooth and easy, with a very heavy slag left on the weld 
bead. F4 electrodes are also referred to as low hydrogen or low-hi elec- 
trodes. They require special handling and storage in a rod oven after being 
removed from their factory packaging. Refer to manufacturer’s require- 
ments or the applicable welding code for specific handling directions. 

The cellulose- and rutile-based groups of electrodes have character- 
istics that make them the best electrodes for starting specific welds. The 
electrodes with the cellulose-based fluxes do not have heavy slags that 
may interfere with the welder’s view of the weld. This feature is an ad- 
vantage for flat tee and lap joints. Electrodes with the rutile-based fluxes 
(giving an easy arc with low spatter) are easier to control and are used for 
flat stringer beads and butt joints. 

Unless a specific electrode has been required by a welding procedure 
specification (WPS), welders can select what they consider to be the best 
electrode for a specific weld. Without a WPS, the welder has the final 
choice. An accomplished welder can make defect-free welds on all types 
of joints using all types of electrodes in any weld position. 

Electrodes with mineral-based fluxes should be the last choice. Welds 
with a good appearance are more easily made with these electrodes, but 
strong welds are hard to obtain. Without special care being taken dur- 
ing the start of the weld, porosity will be formed in the weld. Figure 2.31 
shows a starting tab used to prevent this porosity from becoming part of 
the finished weld. 


STRINGER BEADS 


A straight weld bead on the surface of a plate, with little or no side-to-side 
electrode movement, is known as a stringer bead. Stringer beads are used 
by students to practice maintaining arc length and electrode angle so that 
their welds will be straight, uniform, and free from defects. Stringer beads, 


STARTING TAB — 





Figure 2.31 

Porosity is found on the starting tab 
where it will not affect the weld 
Courtesy of Larry Jeffus 
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Figure 2.32 
Stringer bead 
Courtesy of Larry Jeffus 


Figure 2.33 

New welders frequently see only the arc and sparks from the 
electrode 

Courtesy of Larry Jeffus 


Figure 2.32, are also used to set the machine amperage and for buildup or 
surfacing applications. Stringer beads are the most commonly used type 
of bead for vertical, horizontal, and overhead welds. 

The stringer bead should be straight. A beginning welder needs time to 
develop the skill of viewing the entire welding area. At first, the welder sees 
only the arc, Figure 2.33. With practice, the welder begins to see parts of 
the molten weld pool. After much practice, the welder will see the molten 
weld pool (front, back, and both sides), slag, buildup, and the surrounding 
plate, Figure 2.34. Often, at this skill level, the welder may not even notice 
the arc. 

A straight weld is easily made once the welder develops the ability to 
view the entire welding zone. The welder will occasionally glance around 
to ensure that the weld is straight. In addition, it can be noted if the weld is 
uniform and free from defects. The ability of the welder to view the entire 
weld area is demonstrated by making consistently straight and uniform 
stringer beads. 


WELD SPATTER 
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Figure 2.34 

More experienced welders can see the molten pool, metal being transferred across the arc, 
and penetration into the base metal 

Courtesy of Larry Jeffus 
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After making practice stringer beads, a variety of weave bead patterns 
should be practiced to gain the ability to control the molten weld pool 
when welding out of position. 


PRACTICE 2-2 


Straight Stringer Beads in the Flat Position Using E6010 or 
E6011 Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 
Electrodes 


Using a properly set up and adjusted arc welding machine, proper 
safety protection as demonstrated in Practice 2-1, arc welding electrodes 
with a 1/8-in. (3-mm) diameter, and one piece of mild steel plate, 6 in. 
(152 mm) long x 1/4 in. (6 mm) thick, you will make straight stringer 
beads. 


e Starting at one end of the plate, make a straight weld the full length 
of the plate. 

e Watch the molten weld pool at this point, not the end of the elec- 
trode. As you become more skillful, it is easier to watch the molten 
weld pool. 

e Repeat the beads with all three (F) groups of electrodes until you 
have consistently good beads. 

e Cool, chip, and inspect the bead for defects after completing it. 
Turn off the welding machine and clean up your work area when 
you are finished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-3 


Stringer Beads in the Vertical Up Position Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 
Electrodes 


Using the same setup, materials, and electrodes as listed in 
Practice 2-2, you will make vertical up stringer beads. Start with the plate 
at a 45° angle. 

This technique is the same as that used to make a vertical weld. How- 
ever, a lower level of skill is required at 45°, and it is easier to develop your 
skill. After the welder masters the 45° angle, the angle is increased succes- 
sively until a vertical position is reached, Figure 2.35. 

Before the molten metal drips down the bead, the back of the molten 
weld pool will start to bulge, Figure 2.36. When this happens, increase the 
speed of travel and the weave pattern. 

Cool, chip, and inspect each completed weld for defects. Repeat the 
beads as necessary with all three (F) groups of electrodes until consistently 
good beads are obtained in this position. Turn off the welding machine 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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INCREASE THE PLATE 
ANGLE FROM 45° TO 90°. 


45° 








Figure 2.35 

Once the 45° angle is mastered, the 

plate angle is increased successively Figure 2.36 

until a vertical position (90°) is E7018 vertical up weld 
reached Courtesy of Larry Jeffus 


Module 1h 


Key Indicator 1, 2, 3, 4 


Module a 


Key Indicator 1, 3, 4 


Module on 


Key Indicator 2 


45° 





Figure 2.37 
Change the plate angle as welding 
skill improves 


PRACTICE 2-4 


Horizontal Stringer Beads Using E6010 or E6011 Electrodes, E6012 or 
E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-2, you will make horizontal stringer beads on a plate. 

When the welder begins to practice the horizontal stringer bead, the 
plate may be reclined slightly, Figure 2.37. This placement allows the 
welder to build the required skill by practicing the correct techniques suc- 
cessfully. The “J” weave pattern is suggested for this practice. As the elec- 
trode is drawn along the straight back of the “J,” metal is deposited. This 
metal supports the molten weld pool, resulting in a bead with a uniform 
contour, Figure 2.38. 

Angling the electrode up and back toward the weld causes more metal 
to be deposited along the top edge of the weld. Keeping the bead small al- 
lows the surface tension to hold the molten weld pool in place. 

Gradually increase the angle of the plate until it is vertical and the 
stringer bead is horizontal. Repeat the beads as needed with all three (F) 
groups of electrodes until consistently good beads are obtained in this po- 
sition. Turn off the welding machine and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


SQUARE BUTT JOINT 


The square butt joint is made by tack welding two flat pieces of plate to- 
gether, Figure 2.39. The space between the plates is called the root open- 
ing or root gap. Changes in the root opening will affect penetration. As the 
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Figure 2.38 
The progression of a horizontal bead 


space increases, the weld penetration also increases. The root opening for 
most butt welds will vary from 0 in. (0 mm) to 1/8 in. (3 mm). Excessively 
large openings can cause burn-through or a cold lap at the weld root, Fig- 
ure 2.40. 

After a butt weld is completed, the plate can be cut apart so it can be 
used for rewelding. The strips for butt welding should be no smaller than 1 
in. (25 mm) wide. If they are too narrow, there will be a problem with heat 
buildup. 

If the plate strips are no longer flat after the weld has been cut out, they 
can be tack welded together and flattened with a hammer, Figure 2.41. 


PRACTICE 2-5 


Welded Square Butt Joint in the Flat Position (1G) Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using a properly set up and adjusted arc welding machine, proper 
safety protection, arc welding electrodes having a 1/8-in. (8-mm) diame- 
ter, and two or more pieces of mild steel plate, 6 in. (152 mm) long X 1/4in. 
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Figure 2.40 
Effect of root opening on weld penetration 
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Figure 2.39 

The tack weld should be small and 
uniform to minimize its effect on 
the final weld 

Courtesy of Larry Jeffus 





Figure 2.41 

After the plates are tack welded to- 
gether, they can be forced into 
alignment by striking them with a 
hammer 
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Module in 


Key Indicator 1, 2, 3, 4 


Module at 


Key Indicator 1, 6 

This practice addresses the 
“Flat” position portion of the 
all-position requirement of 6. 


Module on 


Key Indicator 2 





Figure 2.42 
Square butt joint in the flat position 





(6 mm) thick, you will make a welded square butt joint in the flat position, 
Figure 2.42. 

Tack weld the plates together and place them flat on the welding ta- 
ble. Starting at one end, establish a molten weld pool on both plates. Hold 
the electrode in the molten weld pool until it flows together, Figure 2.43. 
After the gap is bridged by the molten weld pool, start weaving the elec- 
trode slowly back and forth across the joint. Moving the electrode too 
quickly from side to side may result in slag being trapped in the joint, 
Figure 2.44. 

Continue the weld along the 6-in. (152-mm) length of the joint. Nor- 
mally, deep penetration is not required for this type of weld. If full plate 
penetration is required, the edges of the butt joint should be beveled or 
a larger than normal root gap should be used. Cool, chip, and inspect 
the weld for uniformity and soundness. Repeat the welds as needed 
to master all three (F) groups of electrodes in this position. Turn off the 
welding machine and clean up your work area when you are finished 
welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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Welding: Skills, Processes and Practices 


MATERIAL: 

1/4" x 6" MILD STEEL PLATE 
PROCESS: 

SMAW BUTT JOINT 1G 


NUMBER: DRAWN BY: 
PRACTICE 2-5 CAROL JEFFUS 


1/10/2018 Basic Electronics 1A 


) negative terminal 
positive terminal 





Place a 22 ohm or 47 ohm resistor across 
the terminals of the battery and hold your 
fingers on the resistor. It will get hot. This is 
the result of current flowing through the 
Touch the two terminals with your tongue. You get resistor and heating it up. The current will 
a tingle. This is a 9v tingle. Now you have "felt" be about half an amp and the voltage is 9v, 
electricity. This is a 9v tingle. so the wattage will be about 2 to 4 watts. 
Feel the heat produced. 


Milli = milli means 1/1,000th (one thousandth) - such as one milliamp or one millivolt. 
In other words one thousand milliamps is equal to 1 amp. 

One volts is not a very large value as a battery produces 9v and a cell produces 1.5v to 3.6v 
(depending on the type of cell. 

But 1 amp is a large quality when talking about electronic circuits involving LEDs, motors and 
transistors. 

The globe used in the experiments above requires about 300mA. (1,000mA = 1 amp) 

The 3v motor used in the experiments requires about 250mA 

The LEDs used in the experiments require about 20mA. 

Transistors can pass about 100mA to 800mA via the collector-emitter. 

In most cases current-flow in the circuits we will be discussing will be less than 1 amp and will 
be shown as 25mA, 100mA, 350mA etc. 


WATTAGE and CAPACITY 


A Qv battery has 6 very small cells and they will not last very long. 
A "AAA" cell is larger and a "D" cell is much larger. 


A large cell is said to have a LARGE 
CAPACITY. This means it will deliver a larger 
current for a longer period of time. 

The WATTAGE of a cell is the multiplication of 
the voltage x current. The answer is milliwatts 
or watts. 

The CAPACITY of a cell is the wattage x 
hours. The answer is milliwatt-hours or watt- 
hours. This is also called watt-hours. 

You can determine the capacity of a cell (such 
as a rechargeable cell) by connecting it to a 
clock-mechanism that has a 4R7 connected 
across the terminals. The resistor will take a 
considerable current and deplete the cell ina 
few hours. The clock will let you know exactly 
how long the cell delivered the current. You 
can then compare other cells. 





The simplest electrical circuit consists of a 
battery and resistor. The current flowing through the 
circuit will depend on the voltage of the battery and the resistance of the resistor R. 
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WELD BACK OVER 
ARC STRIKE 


—=———_ ARC STRIKE 
BEING WELDED 
OVER 


WELD POOL 


Figure 2.43 

(A) After the arc is established, hold it in one area long enough to establish the size of 
molten weld pool desired. (B) Weld back over the arc strike to melt into the weld. 
Courtesy of Larry Jeffus 


PRACTICE 2-6 


Welded Vertical Up (3G) Square Butt Joint Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in 
Practice 2-5, you will make welded vertical up square butt joints. 

With the plates at a 45° angle, start at the bottom and make the molten 
weld pool bridge the gap between the plates, Figure 2.45. Build the bead 
size slowly so that the molten weld pool has a shelf for support. The “C,” “J,” 
or square weave pattern works well for this joint. 








* THIS ANGLE SHOULD BE INCREASED 





Figure 2.44 

Moving the electrode from side to side 
too quickly can result in slag being 
trapped between the plates 

Courtesy of Larry Jeffus 





UNTIL THE PLATE IS VERTICAL. 








Welding: Skills, Processes and Practices 


MATERIAL: 


1/4" x 6" MILD STEEL PLATE 


PROCESS: 
SMAW BUTT JO 
NUMBER: 
PRACTICE 2-6 


Figure 2.45 
Square butt joint in the vertical up position 
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Module in 


Key Indicator 1, 2, 3, 4 


Module af 


Key Indicator 1, 6 

This practice addresses 
the “Vertical” position 
portion of the all-position 
requirement of 6. 


Module on 


Key Indicator 2 


Module if 


Key Indicator 1, 2, 3, 4 


Module af 


Key Indicator 1, 6 

This practice addresses 
the “Horizontal” position 
portion of the all-position 
requirement of 6. 


Module on 


Key Indicator 2 






KEEP THIS MOVEMENT SHORT, 
; (3mm) TO 3 (10mm), TO KEEP 


SHIELDING GAS PROTECTION 
OVER THE MOLTEN WELD POOL 


\ MOLTEN WELD POOL 


WELD BEAD 


Figure 2.46 
Electrode movement for vertical up welds when using F3 electrodes 


As the electrode is moved up the weld, the arc is lengthened slightly so 
that little or no metal is deposited ahead of the molten weld pool. When the 
electrode is brought back into the molten weld pool, it should be lowered 
to deposit metal, Figure 2.46. 

As skill is developed, increase the plate angle until it is vertical. Cool, 
chip, and inspect the weld for uniformity and defects. Repeat the welds 
with all three (F) groups of electrodes until you can consistently make 
welds free of defects. Turn off the welding machine and clean up your work 
area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-7 


Welded Horizontal (2G) Square Butt Joint Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as described in Prac- 
tice 2-5, you will make a welded horizontal square butt joint. 


e Start practicing these welds with the plate at a slight angle. 
e Strike the arc on the bottom plate and build the molten weld pool 
until it bridges the gap. 


If the weld is started on the top plate, slag will be trapped in the root 
at the beginning of the weld because of poor initial penetration. The slag 
may cause the weld to crack when it is placed in service. 

The “J” weave pattern is recommended in order to deposit metal on the 
lower plate so that it can support the bead. By pushing the electrode inward 
as you cross the gap between the plates, deeper penetration is achieved. 

As you acquire more skill, gradually increase the plate angle until it is 
vertical and the weld is horizontal. 


e Cool, chip, and inspect the weld for uniformity and defects. 
e Repeat the welds with all three (F) groups of electrodes until you 
can consistently make welds free of defects. Turn off the welding 
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machine and clean up your work area when you are finished 
welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


EDGE WELD 


An edge weld joint is made by placing the edges of the plate evenly, Figure 
2.47. When assembling the edge joint the plates should be clamped tightly 
together; there should not be any gap between the plates. Both edges of 
the plate assembly can be welded. Make the tack welds to hold the plates 
together along the ends of the joint, Figure 2.48. 

The size of the weld should equal the thickness of the plate being joined. 
A good indication the weld is being made large enough is when the weld 
bead width is equal to the width of the joint, Figure 2.49. The weld bead 


should also have a slight buildup. 
TACK WELD 
a BOTH ENDS 





WELD 
THIS 
POINT 





Figure 2.47 Figure 2.48 
Edge joint Make tack welds at the ends of the joint 


WELD SIZE 


<— PLATE THICKNESS 





Figure 2.49 
Edge weld size 
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PRACTICE 2-8 


Edge Weld in the Flat Position Using E6010 or E6011 Electrodes, E6012 
or E6013 Electrodes, and E7016 or E7018 Electrodes 


iaoaule ef Using a properly set up and adjusted arc welding machine, proper 


Key Indicator 1, 2, 3, 4 


safety protection as demonstrated in Practice 2-1, arc welding electrodes 


with a 1/8-in. (3-mm) diameter, and two pieces of mild steel plate, 6 in. 
Module 4th (152 mm) long X 1/4 in. (6 mm) thick, you will make a weld on an edge 
Key Indicator 1, 3, 4 joint, Figure 2.50. 


Module on ° 


Key Indicator 2 


Clamp the plates flat together and make a tack weld along each end 
of the plates. 

Starting at one end of the plate, make a straight weld the full length 
of the plate. Make the weld bead as wide as the width of the edge 
joint. 

Watch the molten weld pool, not the end of the electrode. 

Cool, chip, and inspect the weld for uniformity and defects. 

Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. 

Turn off the welding machine and clean up your work area when 
you are finished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


6" 
(152 mm) 








Figure 2.50 
Practice 2.8 edge joint 











Welding: Skills, Processes and Practices 


MATERIAL: 
1/4" x 6" Mild Steel Plate 

PROSCESS: 
SMAW Edge Joint 

NUMBER: DRAWN BY: 
PRACTICE 2-8 Wally Heermans 
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PRACTICE 2-9 


Edge Joint in the Vertical Down Position Using E6010 or E6011 
Electrodes and E6012 or E6013 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-8, you will make a vertical down weld on an edge joint. Start with the 
plates at a 45° angle. 

This technique is the same as that used to make vertical down welds. 
However, a lower level of skill is required at 45°, and it is easier to develop 
your skill. After you master the 45° angle, the angle is increased succes- 
sively until a vertical position is reached, Figure 2.51. 


e Make the weld bead as wide as the joint. Controlling a weld bead 
this size is more difficult, but you must develop the skill required to 
control this larger molten weld pool. 

e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-10 


Edge Joint in the Vertical Up Position Using E6010 or E6011 Electrodes, 
E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-8, you will make a vertical up weld on an edge joint. Start with the plates 
at a 45° angle. 

This technique is the same as that used to make vertical up welds. How- 
ever, a lower level of skill is required at 45°, and it is easier to develop your 
skill. After you master the 45° angle, the angle is increased successively 
until a vertical position is reached, Figure 2.52. 

Before the molten metal drips down the bead, the back of the molten 
weld pool will start to bulge, Figure 2.53. When this happens, increase the 
speed of travel and the weave pattern. 


e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-11 


Edge Joint in the Horizontal Position Using E6010 or E6011 Electrodes, 
E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-8, you will make a horizontal weld on an edge joint. When you begin 
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Figure 2.51 
Vertical down 
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Figure 2.52 
Vertical up 


to practice the horizontal weld, the plate may be reclined slightly, 
Figure 2.54. This placement allows the welder to build the required skill 
by practicing the correct techniques successfully. The “J” weave or stepped 
pattern is suggested for this practice. As the electrode is drawn back to the 
back edge of the weld pool, metal is deposited. Use the metal that’s being 
deposited to support the molten weld pool. 

Angling the electrode up and back toward the weld causes more metal 
to be deposited along the top edge of the weld. Keeping the bead small al- 


PORNESY oe ety. lows the surface tension to hold the molten weld pool in place. 
Figure 2.53 

Watch the trailing edge of the weld 
pool to judge the correct travel 
speed 





Figure 2.54 
Incline angle 


Shielded Metal Arc Welding of Plate 


Gradually increase the angle of the plate until it and the weld bead are 
horizontal. 


e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-12 


Edge Joint in the Overhead Position Using E6010 or E6011 Electrodes, 
E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 2-8, 
you will make an overhead weld on an edge joint. 


e With the electrode pointed in a slightly trailing angle, Figure 2.55, 
strike the arc in the joint. 

e Keep avery short arc length. 

e Use the stepped pattern and move the electrode forward slightly 
when the molten weld pool grows to the correct size, Figure 2.56. 


As the molten weld pool gets larger, it has a tendency to quickly become 
convex. If you keep the arc in the molten weld pool once the joint is filled 
and the weld face is flat, it will quickly overfill and become convex. This 
can result in the weld face forming drips of metal that hang from the weld 
like icicles, Figure 2.57. 


e When the molten weld pool cools and begins to shrink, move the 
arc back near the center of the weld. 
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STEP THE 
=} on 510) 2) = 
; Figure 2.56 
Figure 2.55 Step the electrode 


Strike the arc in the joint Courtesy of Larry Jeffus 
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Icicles 


Figure 2.57 

Welding too slow or with too high of 
an amperage setting will result in 
the weld metal dripping down like 
icicles 


e Hold the arc in this new location until the molten weld pool again 
grows to the correct size. 

e Step the electrode forward again and keep repeating this 
pattern until the weld progresses along the entire weld joint 
length. 

e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


OUTSIDE CORNER JOINT 


An outside corner joint is made by placing the plates at a 90° angle to each 
other, with the edges forming a V-groove, Figure 2.58. There may or may 
not be a slight root opening left between the plate edges. Small tack welds 
should be made approximately 1/2 in. (13 mm) from both ends of the 
joint. 

The weld bead should completely fill the V-groove formed by the plates 
and may have a slightly convex surface buildup. The back side of an out- 
side corner joint can be used to practice fillet welds, or four plates can be 
made into a box tube shape, Figure 2.59. 





Figure 2.58 
V formed by an outside corner joint 


Figure 2.59 
Box tube made from four outside corner joint welds 


Shielded Metal Arc Welding of Plate 55 


PRACTICE 2-13 


Outside Corner Joint in the Flat Position Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using a properly set up and adjusted arc welding machine, proper 
safety protection as demonstrated in Practice 2-1, arc welding electrodes 
with a 1/8-in. (3-mm) diameter, and two pieces of mild steel plate, 6 in. 
(152 mm) long X 1/4 in. (6 mm) thick, you will make a weld on an outside 
corner joint. 


e Starting at one end of the plate, make a straight weld the full length 
of the plate. 

e Watch the molten weld pool at this point, not the end of the elec- 
trode. As you become more skillful, it is easier to watch the molten 
weld pool. 

e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-14 


Outside Corner Joint in the Vertical Down Position Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes. 


Using the same setup, materials, and electrodes as listed in Practice 
2-13, you will make a vertical down weld on an outside corner joint. Start 
with the plate at a 45° angle. 

This technique is the same as that used to make vertical down welds. 
However, a lower level of skill is required at 45°, and it is easier to develop 
your skill. After you master the 45° angle, the angle is increased succes- 
sively until a vertical position is reached, Figure 2.60. 


e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-15 


Outside Corner Joint in the Vertical Up Position Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in 
Practice 2-13, you will make a vertical up weld on an outside corner joint. 
Start with the plate at a 45° angle. 
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Figure 2.60 
Start a 45° angle with and increase 
it to 90° 
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Figure 2.62 





Figure 2.61 
Vertical up 
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Watch the trailing edge of the weld 
pool to judge the correct travel 
speed 


This technique is the same as that used to make vertical up welds. How- 
ever, a lower level of skill is required at 45°, and it is easier to develop your 
skill. After the welder masters the 45° angle, the angle is increased succes- 
sively until a vertical position is reached, Figure 2.61. 

Before the molten metal drips down the bead, the back of the molten 
weld pool will start to bulge, Figure 2.62. When this happens, increase the 
speed of travel and the weave pattern. 


e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-16 


Outside Corner Joint in the Horizontal Position Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-13, you will make a horizontal weld on an outside corner joint. When 
the welder begins to practice the horizontal weld, the joint may be re- 
clined slightly, Figure 2.63. This placement allows the welder to build the 
required skill by practicing the correct techniques successfully. The “J” 
weave or stepped pattern is suggested for this practice. As the electrode 
is drawn back into the weld pool, metal is deposited. This metal sup- 
ports the molten weld pool, resulting in a bead with a uniform contour, 
Figure 2.64. 


1/10/2018 Basic Electronics 1A 
The formula connecting these three quantities is: 


I 
I= ¥ 
R 
Ohm's Law 
Resistor 
— 12 
I=4 amps 


This is called Ohm's Law. Suppose you have a 12v 
battery and the resistor is 3 ohms. The current flowing 
through the resistor will be 4 amps. 
Increasing the resistance will decrease the current if the voltage remains fixed. 


All the above circuits are called ELECTRICAL CIRCUITS because they contain electrical 
components (such as a motor, globe, relay, switch). 

When the circuit contains an ELECTRONIC component such as a diode, transistor, LED, it is 
called an ELECTRONIC CIRCUIT or ELECTRONIC SCHEMATIC. 








to Index 


POWER and ENERGY 

Here's an easy way to remember the difference between POWER and ENERGY: 

A 9v alkaline battery has enough ENERGY to start a car. But it does not have enough POWER 
(strength). 

Energy is effectively the strength of the battery (and this is the voltage and the current it can 
deliver) multiplied by the time it can deliver this energy. When the answer is obtained, it consists 
of three factors ((3 quantities) VOLTS, AMPS and TIME. 

This results in an answer called xxxx WATT-HOURS. 

For a 9v battery the quantities are: 9 volts, 500mA and the battery will deliver this 9x0.5 = 
4.5watts for about 1 hour. This is equal to 4.5 x 60 x 60 = 16,200 watt-seconds. 

To start a car requires 250 amps from a 12v battery for 5 seconds. 

This is: 12 x 250 x 5 = 15,000 watt-seconds. 

This means the energy stored in a 9v battery could start a car if all the energy could be 
delivered in 5 seconds. 

This is not possible however the FACT is this: A 9v battery has enough stored energy to START 
A CAR. 





to Index 


BATTERY BOOSTER 


One of the simplest things we can do is start a 
car with a flat battery with the assistance of a 
BATTERY BOOSTER. 

This consists of a 12v rechargeable battery ina 
handy case with leads to connect to the flat 
battery in your car. 

This simple operation puts two 12v batteries in 
parallel, but no-one has actually described what 
happens and why. 

That's because the explanation is very complex. 
We have included it here to show that a simple 
explanation involves a lot of technical terms and 
you will understand more after reading the 
course. 





The flat battery in the car is not fully charged but it has some percentage of charge and when it 
sits for a period of time in a non-fully charged condition, the voltage drops from 12.6v to less 
than 12v as the battery gradually self-discharges due to the potential at the top of the cell being 
different to that at the bottom of the cell and the specific gravity of the electrolyte being different 
at the top and bottom. This causes an internal current to flow within the cell and slowly 
discharge the cell. But if you try to start the car, the voltage drops to less than 7v because the 
electrolyte cannot carry the high current and a slight potential is developed across the liquid. 
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Shielded Metal Arc Welding of Plate 





Figure 2.63 Figure 2.64 
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Incline angle “J” weave or stepping 


Angling the electrode up and back toward the weld causes more metal 
to be deposited along the top edge of the weld. Keeping the bead small al- 
lows the surface tension to hold the molten weld pool in place. 

Gradually increase the angle of the plate until it is vertical and the weld 
bead is horizontal. 


e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-17 


Outside Corner Joint in the Overhead Position Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-13, you will make an overhead weld on an outside corner joint. 


e With the electrode pointed slightly into the joint, Figure 2.65, 
strike the arc in the joint. 

e Keep avery short arc length. 

e Use the stepped pattern and move the electrode forward slightly 
when the molten weld pool grows to the correct size, Figure 2.66. 


As the molten weld pool gets larger, it has a tendency to quickly become 
convex. If you keep the arc in the molten weld pool once the joint is filled 
and the weld face is flat, it will quickly overfill and become convex. This 
can result in the weld face forming drips of metal that hang from the weld 
like icicles, Figure 2.67. 
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STRIKE THE 
ARC HERE 


Figure 2.65 
Strike arc in the joint 





ICICLES 


Figure 2.67 

Welding too slowly or with too high 
of an amperage setting will result in 
the weld metal dripping down like 
icicles 





STEP THE 
ELECTRODE 


Figure 2.66 
Stepping the electrode to control weld size 


e When the molten weld pool cools and begins to shrink, move the 
arc back near the center of the weld. 

e Hold the arc in this new location until the molten weld pool again 
grows to the correct size. 

e Step the electrode forward again and keep repeating this 
pattern until the weld progresses along the entire weld joint 
length. 

e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


LAP JOINT 


Alap joint is made by overlapping the edges of the two plates, Figure 2.68. 
The joint can be welded on one side or both sides with a fillet weld. In Prac- 
tice 2-7, both sides should be welded unless otherwise noted. 

As the fillet weld is made on the lap joint, the buildup should equal the 
thickness of the plate, Figure 2.69. A good weld will have a smooth transi- 
tion from the plate surface to the weld. If this transition is abrupt, it can 
cause stresses that will weaken the joint. 

Penetration for lap joints does not improve their strength; complete 
fusion is required. The root of fillet welds must be melted to ensure 
a completely fused joint. If the molten weld pool shows a notch dur- 
ing the weld, Figure 2.70, this is an indication that the root is not be- 
ing fused together. The weave pattern will help prevent this problem, 
Figure 2.71. 


Shielded Metal Arc Welding of Plate 
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Figure 2.69 
Figure 2.68 The legs of a fillet weld generally should be equal to the thick- 
Lap joint ness of the base metal 
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Watch the root of the weld bead to be sure there is a complete Figure 2.71 
fusion Lap joint 
Courtesy of Larry Jeffus Courtesy of Larry Jeffus 





Ae 


Figure 2.70 


Welded Lap Joint in the Flat Position (1F) Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using a properly set up and adjusted arc welding machine, proper safety 
protection, arc welding electrodes having a 1/8-in. (8-mm) diameter, and 
two or more pieces of mild steel plate, 6 in. (152 mm) long X 1/4in. (6mm) 
thick, you will make a welded lap joint in the flat position, Figure 2.72. 

Hold the plates together tightly with an overlap of no more than 1/4 in. 
(6 mm). Tack weld the plates together. A small tack weld may be added 
in the center to prevent distortion during welding, Figure 2.73. Chip the 
tacks before you start to weld. 

The “J,” “C,” or zigzag weave pattern works well on this joint. Strike the 
arc and establish a molten pool directly in the joint. Move the electrode 
out on the bottom plate and then onto the weld to the top edge of the top 
plate, Figure 2.74. Follow the surface of the plates with the arc. Do not fol- 
low the trailing edge of the weld bead. Following the molten weld pool will 
not allow for good root fusion and will cause slag to collect in the root. If 
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the “Flat” position portion 
of the all-position 
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WELD BOTH SIDES. 
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Welding: Skills, Processes and Practices 


MATERIAL: 

1/4" x 6" MILD STEEL PLATE 
PROCESS: 

SMAW BUTT JOINT 1F 


NUMBER: DRAWN BY: 
PRACTICE 2-18 PATTI BRADSHAW 








Figure 2.72 
Lap joint in the flat position 


slag does collect, a good weld is not possible. Stop the weld and chip the 
slag to remove it before the weld is completed. Cool, chip, and inspect the 
weld for uniformity and defects. Repeat the welds with all three (F) groups 
of electrodes until you can consistently make welds free of defects. Turn 
off the welding machine and clean up your work area when you are fin- 
ished welding. 
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Figure 2.73 
Tack welding the plates together 


Shielded Metal Arc Welding of Plate 61 
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Figure 2.74 
Follow the surface of the plate to ensure good fusion 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-19 


Welded Lap Joint in the Horizontal Position (2F) Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-18, you will make a welded horizontal lap joint. 

The horizontal lap joint and the flat lap joint require nearly the same 
technique and skill to achieve a proper weld, Figure 2.75. Use the “J,” “C,” 
or zigzag weave pattern to make the weld. Do not allow slag to collect in 
the root. The fillet must be equally divided between both plates for good 
strength. After completing the weld, cool, chip, and inspect the weld for 
uniformity and defects. Repeat the welds using all three (F) groups of 
electrodes until you can consistently make welds free of defects. Turn off 
the welding machine and clean up your work area when you are finished 
welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PROACTICE 2-20 


Lap Joint in the Vertical Up Position (3F) Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-18, you will make a vertical up weld in a lap joint. 


e Start practicing this weld with the plate at a 45° angle. 

e Gradually increase the angle of the plate to vertical as skill is 
gained in welding this joint. The “J” or “T” weave pattern works 
well on this joint. 

e Establish a molten weld pool in the root of the joint. 
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Figure 2.75 

The horizontal lap joint should have 
a fillet weld that is equal on both 
plates 
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Key Indicator 1, 2, 3, 4 


Module at 


Key Indicator 1, 5 

This practice addresses 
the “Vertical” position 
portion of the all-position 
requirement of 5. 
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the “Overhead” position 
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requirement of 5. 
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Figure 2.76 


e Use the “T” pattern to step ahead of the molten weld pool, allowing it 
to cool slightly. Do not deposit metal ahead of the molten weld pool. 

e As the molten weld pool size starts to decrease, move the electrode 
back down into the molten weld pool. 

e Quickly move the electrode from side to side in the molten weld 
pool, filling up the joint. 

e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as necessary with all three (F) groups of elec- 
trodes until you can consistently make welds free of defects. Turn 
off the welding machine and clean up your work area when you are 
finished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-21 


Lap Joint in the Overhead Position (4F) Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-18, you will make an overhead weld in a lap joint. 


e With the electrode pointed slightly into the joint, Figure 2.76, 
strike the arc in the inside corner of the lap joint. 

e Keep avery short arc length. 

e Use the stepped pattern and move the electrode forward slightly 
when the molten weld pool grows to the correct size, Figure 2.77. 


As the molten weld pool gets larger, it has a tendency to quickly become 
convex. If you keep the arc in the molten weld pool once the joint is filled 
and the weld face is flat, it will quickly overfill and become convex. This 
can result in the weld face forming drips of metal that hang from the weld 
like icicles, Figure 2.78. 
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Point the electrode slightly toward the root of the Figure 2.77 
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Correct fillet weld size for overhead welds 


Shielded Metal Arc Welding of Plate 


ICICLES 


Figure 2.78 
Overfilling the molten weld pool will result in drips of metal called icicles 


e When the molten weld pool cools and begins to shrink, move the 
arc back near the center of the weld. 

e Hold the arc in this new location until the molten weld pool again 
grows to the correct size. 

e Step the electrode forward again and keep repeating this pattern 
until the weld progresses along the entire weld joint length. 

e Cool, chip, and inspect the weld for uniformity and defects. 

e Repeat the welds as needed with all three (F) groups of electrodes 
until you can consistently make welds free of defects. Turn off the 
welding machine and clean up your work area when you are fin- 
ished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


TEE JOINT 


The tee joint is made by tack welding one piece of metal on another piece 
of metal at a right angle, Figure 2.79. After the joint is tack welded together, 
the slag is chipped from the tack welds. If the slag is not removed, it will 
cause a slag inclusion in the final weld. 

The heat is not distributed uniformly between both plates during a tee 
weld. Because the plate that forms the stem of the tee can conduct heat 
away from the arc in only one direction, it will heat up faster than the base 
plate. Heat escapes into the base plate in two directions. When using a 
weave pattern, most of the heat should be directed to the base plate to keep 
the weld size more uniform and to help prevent undercut. 

A welded tee joint can be strong if it is welded on both sides, even with- 
out having deep penetration, Figure 2.80. The weld will be as strong as the 
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Figure 2.79 If the total weld sizes are equal, then both tee joints would 


Tee joint have equal strength 
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Figure 2.81 
The stresses are distributed more uniformly through a flat or concave fillet weld 


base plate if the size of the two welds equals the total thickness of the base 
plate. The weld bead should have a flat or slightly concave appearance to 
ensure the greatest strength and efficiency, Figure 2.81. 


PRACTICE 2-22 


Tee Joint in the Flat Position (1F) Using E6010 or E6011 Electrodes, 
E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using a properly set up and adjusted arc welding machine, proper safety 
protection, arc welding electrodes having a 1/8-in. (8-mm) diameter, and 
two or more pieces of mild steel plate, 6 in. (152 mm) long X 1/4in. (6mm) 
thick, you will make a welded tee joint in the flat position, Figure 2.82. 























Figure 2.82 
Tee joint in the flat position 








Welding: Skills, Processes and Practices 


MATERIAL: 
1/4" x 6" MILD STEEL PLATE 


PROCESS: 
SMAW TEE JOINT 1F 
NUMBER: DRAWN BY: 
CAROLYN ADAMS 


PRACTICE 2-22 


Shielded Metal Arc Welding of Plate 


After the plates are tack welded together, place them on the welding 
table so the weld will be flat. Start at one end and establish a molten weld 
pool on both plates. Allow the molten weld pool to flow together before 
starting the bead. Any of the weave patterns will work well on this joint. 
To prevent slag inclusions, use a slightly higher than normal amperage 
setting. 

When the 6-in. (152-mm)-long weld is completed, cool, chip, and in- 
spect it for uniformity and soundness. Repeat the welds as needed for all 
these groups of electrodes until you can consistently make welds free of 
defects. Turn off the welding machine and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-23 


Tee Joint in the Horizontal Position (2F) Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-22, you will make a welded tee joint in the horizontal position. 

Place the tack welded tee plates flat on the welding table so that the 
weld is horizontal and the plates are flat and vertical, Figure 2.83. Start the 
arc on the flat plate and establish a molten weld pool in the root on both 
plates. Using the “J” or “C” weave pattern, push the arc into the root and 
slightly up the vertical plate. You must keep the root of the joint fusing to- 
gether with the weld metal. If the metal does not fuse, a notch will appear 
on the leading edge of the weld bead. Poor or incomplete root fusion will 
cause the weld to be weak and easily cracked under a load. 

When the weld is completed, cool, chip, and inspect it for uniformity 
and defects. Undercut on the vertical plate is the most common defect. Re- 
peat the welds with all three (F) groups of electrodes until you can consis- 
tently make welds free of defects. Turn off the welding machine and clean 
up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-24 


Tee Joint in the Vertical Up Position (3F) Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-22, you will make a welded tee joint in the vertical up position. 

Practice this weld with the plate at a 45° angle. This position will al- 
low you to develop your skill for the vertical up position. Start the arc and 
molten weld pool deep in the root of the joint. Build a shelf large enough 
to support the bead as it progresses up the joint. The square, “J,” or “C” 
pattern can be used, but the “T” or stepped pattern will allow deeper root 
penetration. 

For this weld, undercut is a problem on both sides of the weld. It can 
be controlled by holding the arc on the side long enough for filler metal 


+ Module 1 


Key Indicator 1, 2, 3, 4 


+ Module 4 


Key Indicator 1, 5 

This practice addresses 
the “Horizontal” position 
portion of the all-position 
requirement of 5. 


ave Module 9 


Key Indicator 2 


Figure 2.83 
Horizontal tee 


ave Module 1 


Key Indicator 1, 2, 3, 4 


+ Module 4 


Key Indicator 1, 5 

This practice addresses 
the “Vertical” position 
portion of the all-position 
requirement of 5. 


+ Module 9 


Key Indicator 2 
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Module 1h 


Key Indicator 1, 2, 3, 4 


Module at 


Key Indicator 1, 5 

This practice addresses 
the “Overhead” position 
portion of the 
all-position 
requirement of 5. 


Module on 


Key Indicator 2 


SUMMARY 





Figure 2.84 
Pausing just above the undercut will fill it. This action also causes undercut, but that will 
be filled on the next cycle. 


to flow down and fill it, Figure 2.84. Cool, chip, and inspect the weld for 
uniformity and defects. Repeat the welds as necessary with all three (F) 
groups of electrodes until you can consistently make welds free of defects. 
Turn off the welding machine and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 2-25 


Tee Joint in the Overhead Position (4F) Using E6010 or E6011 
Electrodes, E6012 or E6013 Electrodes, and E7016 or E7018 Electrodes 


Using the same setup, materials, and electrodes as listed in Practice 
2-12, you will make a welded tee joint in the overhead position. 

Start the arc and molten weld pool deep in the root of the joint. Keep 
a very short arc length. The stepped pattern will allow deeper root 
penetration. 

For this weld, undercut is a problem on both sides of the weld with a 
high buildup in the center. It can be controlled by holding the arc on the 
side long enough for filler metal to flowin and fill it. Cool, chip, and inspect 
the weld for uniformity and defects. Repeat the welds as necessary with all 
three (F) groups of electrodes until you can consistently make welds free of 
defects. Turn off the welding machine and clean up your work area when 
you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 





The shielded metal arc welding process is most often referred to in weld- 
ing shops as stick welding. Some people say that it gets this name for 
one of two reasons. The first is most obviously a result of the stick shape 
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The result is the starter-motor does not crank the car. 

The reason is this: When the battery is fully charged, the current taken by the starter motor is 
about 300 amps. This is about 11v x 300 amps = 3300 watts = 4.4Horsepower. 

But when the voltage drops to 7v, the current will drop to 190 amps to deliver 1336 watts = 
1.8HP. This is only 40% of normal and that's why the car does not start. The engine needs 4HP 
to overcome the pressure in the cylinders due to the compression of the air during the "firing 
stroke." 

Let's put it this way. If we have a brand new 7v battery, the car will not start. The starter-motor 
will only accept 190 amps when the supply is 7v. 

So, we have to increase the voltage. 

We do this by placing a 12v battery across the flat battery. The voltage of the flat battery will 
immediately rise to 12.6v. It might take 2 minutes but the flat battery will take a small current (1 
to 10amps) from the battery in the "booster" and the output of the combination will be 12.6v. The 
current-carrying capacity of the electrolyte will improve very quickly and you have effectively 
given the "flat battery" a very quick charge. 

The starter-motor will now accept 300 amps from the combination and SURPRISINGLY the cells 
of the "flat battery" will deliver about 200 amps and the booster battery will deliver about 100 
amps. The actual sharing of current will depend on the two batteries but the secret behind the 
success is the increase in voltage we call TERMINAL VOLTAGE. The voltage on the terminals 
(the alligator clips). 

The capacity of the booster battery is not important. It can be from 7AHr to 40AHr. We are just 
using a very small amount of its capacity to start the car and nearly all batteries will provide 200 
Amps for a short period of time. 

The voltage of the car battery is very important. The Horsepower taken by the starter-motor is 
defined by the formula: Pwatts = V2/R Since the resistance remains constant, a voltage of 7 
volts will produce 7x7=49 units and a voltage of 11v will produce 121units. This gives the ratio of 
40% to 100% as explained above. 
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BATTERY BOOST 


Continuing from the previous frame where we showed the effect of placing a 
weak battery in parallel with a good battery, we can show what happens 
when a weak cell is placed IN SERIES with a good cell. 

This also applies when you have 5 good cells and one weak cell. 

Basically, the weak cell will reduce the current. In other words, if the 5 cells 
are driving a motor and supplying 250mA, the 5 cells and 1 weak cell will 
deliver 200mA or less, depending if it is weak or very weak. The current 
flowing through the weak cell will have the effect of giving it a small charge - 
in other words, you will be charging the weak cell from the good cells when 
the motor is operating. 

BUT.... 

There is a way to use weak cells. If you have say 6 weak cells driving a 
motor and the RPM is reducing, you can add 2 more weak cells to increase 
the RPM. 

The effect is this: The voltage from the 8 cells will be higher than from 6 
cells and this will allow a higher current to flow. Sometimes the cells will 
provide this higher current and thus more of the energy will be delivered and 
you will get the last of the energy from the cells. 


ees WTI 
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INTERNAL RESISTANCE 


All batteries and also all individual cells have a "secret, hidden" value of 
resistance inside each cell due to the resistance of the chemicals. This 
resistance is very small when the cell is new but it increases as the cell gets 
older. 

It is very easy to measure this value. Simply put an ammeter directly across 
the cell and measure the current. Use Ohm's law to work out the resistance. 
But this not always a wise thing to do as some cells will deliver 10 amps and 
some will deliver 100 amps and damage the meter. 

The diagram opposite shows a large internal resistance for the weak cell 
and a small internal resistance for the good cell. 

If a cell did not have any INTERNAL RESISTANCE it would deliver 
thousands of amps. It's the Internal Resistance that limits the current. 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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of the electrode. The second reason is experienced by all new weld- 
ers; it is the tendency for the electrode to stick to the workpiece. All 
new welders experience this, and your ability to control the sticking of 
the electrode can be improved as you develop the proper arc-striking 
techniques. 

For a new welder, it is often difficult to concentrate on anything other 
than the bright sparks and glow at the end of the electrode. But, with time, 
as you develop your skills, your visual field will increase, allowing you to 
see a much larger welding zone. This skill comes with time and practice. 
Developing this skill is essential for you to become a highly proficient 
welder. Nothing enhances your welding skills more than time under the 
hood, actually welding, cleaning off the weld, inspecting it, determining 
the necessary corrections to be made, and immediately trying to produce 
the next weld with a higher level of quality. 





1. Describe two methods of striking an arc with an electrode. 
. Why is it important to strike the arc only in the weld joint? 
3. What problems may result by using an electrode at too low a current 
setting? 
4. What problems may result by using an electrode at too high a current 
setting? 
5. According to Table 2.1, what would the amperage range be for the fol- 
lowing electrodes? 
a. 1/8in. (8 mm), E6010 c. 3/32 in. (2.4mm), E7016 
b. 5/32 in. (4mm), E7018 d. 1/8in. (3 mm), E6011 
6. What makes some spatter “hard”? 
. Why should you never change the current setting during a weld? 
8. What factors should be considered when selecting an electrode 
size? 
9. What can a welder do to control overheating of the metal pieces being 
welded? 
10. What effect does changing the arc length have on the weld? 
11. What arc problems can occur in deep or narrow weld joints? 
12. Describe the difference between using a leading and a trailing elec- 
trode angle. 
13. Can all electrodes be used with a leading angle? Why or why not? 
14. What characteristics of the weld bead does the weaving of the elec- 
trode cause? 
15. What are some of the applications for the circular pattern in the flat 
position? 
16. Using a pencil and paper, draw two complete lines of the weave pat- 
terns you are most comfortable making. 
17. Why is it important to find a good welding position? 
18. Which electrodes would be grouped in the following F-numbers: F2, 
F3, F4? 
19. Give one advantage of using electrodes with cellulose-based fluxes. 
20. What are stringer beads? 
21. Describe an ideal tack weld. 
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22. 
23. 


24. 
25. 


What effect does the root opening or root gap have on a butt joint? 
What can happen if the fillet weld on a lap joint does not have a 
smooth transition? 

Which plate heats up faster on a tee joint? Why? 

Can a tee weld be strong if the welds on both sides do not have deep 
penetration? Why or why not? 
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OBJECTIVES 


After completing this chapter, the student should be able to 





prepare metal before welding 


make the root pass, filler weld, and cover pass in all positions and 
techniques 


explain the purpose of a hot pass 


make a visual inspection, and describe the appearance of an 
acceptable weld 


make a root pass on plate in all positions 
make a root pass on plate with an open root in all positions 
make an open root weld on plate using the step technique in all positions 


XY 





¢ 
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make a multiple pass filler weld on a V-joint in all positions using 
E7018 electrodes 


make groove welds on a limited thickness plate with a backing strip 
using E6010 root and hot passes and E7018 fill passes in all positions 


© 


Sw = SS 


make an SMAW workmanship sample and welder qualification test 
plate for limited thickness horizontal 2G and 3G positions with E7018 
electrodes 





make a cover bead in all positions 


make limited thickness welder performance qualification test plate 
without backing in all positions 


make a single V-groove open root butt joint with an increasing root 
opening 


make a single V-groove open root butt joint with a decreasing root 
opening 


make SMAW welds of plate to plate 






KEY TERMS 
back gouging interpass temperature root pass 
burn-through key hole wagon tracks 
cover pass molten weld pool weld groove 
filler pass multiple pass weld weld specimen 
guided bend specimen postheating 
hot pass preheating = 
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AWS SENSE EG2.0 
Key Indicators Addressed in this Chapter 


Module 1: Occupational Orientation = = 


== 


Key Indicator 1: Prepares time or job cards, reports orrecords i 
Key Indicator 2: Performs housekeeping duties = 8 — : 
Key Indicator 4: Follows written instructions to c 


assignments 
Module 4: Shielded Metal Arc Welding 
Key Indicator 1: Performs safety inspecti 
accessories = 
Key Indicator 2: Makes minor external rep 


accessorie: 





INTRODUCTION 


The SMAW process can be used to consistently produce high-quality welds. 


Sometimes it is necessary to make welds in less than ideal conditions. Know- 
ing how to produce a weld of high strength in an out-of-position, difficult 
situation or on an unusual metal takes both practice and knowledge. A welder 
is frequently required to make these types of welds to a code or standard. This 
chapter covers the high-quality welding of plate. The practices are designed 
to give you the experience of taking code-type tests in a variety of materials 
and positions as well as to develop good workmanship. 

Any time a code-quality weld requiring 100% joint penetration is to be 
made on metal thicker than 1/4 in. (6 mm), the metal edges must be prepared 
before welding. A joint is prepared for welding by cutting a groove in the 
metal along the edge. The preparation is done to allow deeper penetration 
into the joint of the weld for improved strength. Prepared joints often require 
more than one weld pass to complete them. By preparing the joint, metal 
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Figure 3.1 
Standard grooves used to ensure satisfactory joint penetration 


several feet thick can be welded with great success, Figure 3.1. The same 
welding techniques are used when making prepared welds of any thickness. 

The root pass is used to fuse the parts together and seal off possible at- 
mospheric contamination from the filler weld. Once the root pass is completed 
and cleaned, a hot pass may be used to improve the weld contour and burn 
out small spots of trapped slag. For high-quality welds, a grinder should be 
used on the root pass to clean it. 

Filler welds and cover welds are often made with low hydrogen electrodes 
such as E7018. These passes are used to fill and cap the weld groove. 

Welders are often qualified by passing a required qualification test using 
a groove weld. The type of joint, thickness of metal, type and size of elec- 
trode, and position are all specified by agencies issuing codes and standards. 
Except for the American Welding Society's Certified Welder program, taking a 
test according to one company or agency’s specifications may not qualify a 
welder for another company or agency's testing procedures. But being able to 
pass one type of test will usually help the welder to pass other tests for the 
same type of joint, thickness of metal, type and size of electrode, and posi- 
tion. Information about the AWS Certified Welder program is available from 
the AWS's main office in Miami, Florida. 


ROOT PASS 


The root pass is the first weld bead of a multiple pass weld. The root pass 
fuses the two parts together and establishes the depth of weld metal pen- 
etration. A good root pass is needed in order to obtain a sound weld. The 
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Figure 3.3 
Welding backing tapes are available in different materials and shapes 
Courtesy of ESAB Welding & Cutting Products 






ROOT PASS OPEN ROOT 


BACKING STRIP 


Figure 3.2 
Root pass maximum deposit 1/4 in. (6 mm) thick 


root may be either open or closed, using a backing strip or backing ring, 
Figure 3.2. 

The backing strip used in a closed root may remain as part of the weld, 
or it may be removed. Because leaving the backing strip on a weld may 
cause it to fail due to concentrations of stresses along the backing strip, 
removable backup tapes have been developed. Backup tapes are made of 
high-temperature ceramics, Figure 3.3, that can be used to increase pen- 
etration and prevent burn-through. The tape can be peeled off after the 
weld is completed. Most welds do not use backing strips. 

On plates that have the joints prepared on both sides, the root face may 
be ground or gouged clean before another pass is applied to both sides, 
Figure 3.4. This practice has been applied to some large diameter pipes. 
Welds, however, that can be reached from only one side must be produced 
adequately, without the benefit of being able to clean and repair the back 
side. 

The open root weld is widely used in plate and pipe designs. The face 
side of an open root weld is not so important as the root surface on the 
back or inside, Figure 3.5. The face of a root weld may have some areas 





(B) WELD ROOT PASS MADE 
(A) FIBERGLASS USING CERAMIC BACKING TAPE 
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ROOT FACE 
STEP 1 WELD FA 
STEP 3 BACK WELD STEP 4 COMPLETE WELDING ROOT SURFACE 
Figure 3.4 Figure 3.5 
Using back gouging to ensure a sound weld root Ideal bead shape for the root pass 


of poor uniformity in width, reinforcement, and buildup, or it may have 
other defects, such as undercut or overlap. As long as the root surface is 
correct, the front side can be ground, gouged, or burned out to produce a 
sound weld, Figure 3.6. For this reason, during the root pass practices, the 
weld will be evaluated from the root side only, as long as there are not too 
many defects on the face. To practice the open root welds, the welder will 
be using mild steel plate that is 1/8 in. (3 mm) thick. The root face for most 
grooved joints will be about the same size. This thin plate will help the 
welder build skill without taking too much time beveling the plate just to 
practice the root pass. Two different methods are used to make a root pass. 
One method is used only on joints with little or no root gap. This method 
requires a high amperage and short arc length. The arc length is so short 
that the electrode flux may drag along on the edges of the joint. The setup 
for this method must be correct in order for it to work. 

The other method can be used on joints with wide, narrow, or vary- 
ing root gaps. A stepping electrode manipulation and key hole control the 
penetration. The electrode is moved in and out of the molten weld pool as 
the weld progresses along the joint. The edge of the metal is burned back 
slightly by the electrode just ahead of the molten weld pool, Figure 3.7. 
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Figure 3.6 
Grinding back the root pass to ensure a sound second Figure 3.7 
pass Electrode movement to open and use a keyhole 
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Key Indicator 1, 2, 4 


Module a 


Key Indicator 6 


Module on 


Key Indicator 1, 2 





This is referred to as a key hole, and metal flows through the key hole to 
the root surface. The key hole must be maintained to ensure 100% penetra- 
tion. This method requires more welder skill and can be used on a wide 
variety of joint conditions. The face of the bead resulting from this tech- 
nique often is defect free. 


PRACTICE 3-1 


Root Pass on Plate with a Backing Strip in All Positions 


Using a properly set up and adjusted welding machine, proper safety 
protection, E6010 or E6011 arc welding electrodes having a 1/8-in. (3-mm) 
diameter, and one or more pieces of mild steel plate, 1/8 in. (8 mm) 
thick X 6 in. (152 mm) long, and one strip of mild steel, 1/8 in. (8 mm) 
thick X 1 in. (25 mm) wide 6 in. (152 mm) long, you will make a root weld 
in all positions, Figure 3.8. Tack weld the plates together with a 1/16-in. 
(2-mm) to 1/8-in. (8-mm) root opening. Be sure there are no gaps between 
the backing strip and plates when the pieces are tacked together, Figure 
3.9. If there is a small gap between the backing strip and the plates, it can 
be removed by placing the assembled test plates on an anvil and striking 
the tack weld with a hammer. This will close up the gap by compressing 
the tack welds, Figure 3.10. 

Use a straight step or “T” pattern for this root weld. Push the electrode 
into the root opening so that there is good fusion with the backing strip 
and bottom edge of the plates. Failure to push the penetration deep into 
the joint will result in a cold lap at the root, Figure 3.11. 

Watch the molten weld pool and keep its size as uniform as possible. As 
the molten weld pool increases in size, move the electrode out of the weld 
pool. When the weld pool begins to cool, bring the electrode back into the 
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Figure 3.8 
Square butt joint with a backing strip 
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Welding: Skills, Processes and Practices 





MATERIAL: 
1/8" x 6" MILD STEEL PLATE 

PROCESS: 

SMAW BUTT JOINT 1G 


NUMBER: DRAWN BY: 
PRACTICE 3-1 RONNIE AGA 
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Figure 3.9 Figure 3.10 
Backing strip Using a hammer to align the backing strip and weld plates 


molten weld pool. Use these weld pool indications to determine how far 
to move the electrode and when to return to the molten weld pool. After 
completing the weld, cut the plate and inspect the cross section of the weld 
for good fusion at the edges. Repeat the welds as necessary until you can 
consistently make welds free of defects. Turn off the welding machine and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 3-2 


Root Pass on Plate with an Open Root in All Positions 


Using a properly set up and adjusted arc welding machine, proper 
safety protection, E6010 or E6011 arc welding electrodes with a 1/8-in. 
(3-mm) diameter, and two or more pieces of mild steel plate, 6 in. (152 mm) 
long X 1/8 in (8 mm) or 3/16 in. (4.7 mm.) thick, you will make a welded 
butt joint in all positions with 100% root penetration. 


e Tack weld the plates together with a root opening of 0 in. (0 mm) to 
1/16 in. (2 mm). 

e Using ashort arc length and high amperage setting, make a weld 
along the joint. 


You can change the electrode angle to control penetration and burn- 
through. As the trailing angle is decreased, making the electrode flatter 
to the plate, penetration, depth, and burn-through decrease, Figure 3.12, 
because both the arc force and heat are directed away from the bottom of 
the joint back toward the weld. Surface tension holds the metal in place, 
and the mass of the bead quickly cools the molten weld pool holding it 
in place. Increasing the electrode angle toward the perpendicular will in- 
crease penetration depth and possibly cause more burn-through. The arc 
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Figure 3.11 
Incomplete root fusion 
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Figure 3.12 

Effect of rod angle on weld bead shape 


force and heat focused on the gap between the plates will push the molten 
metal through the joint. 

The electrode holder can be slowly rocked from side to side while keep- 
ing the end of the electrode in the same spot on the joint, Figure 3.13. 
This will allow the arc force to better tie in the sides of the root to the base 
metal. 


e Whena burn-through occurs, rapidly move the electrode back to a 
point on the weld surface just before the burn-through. 

e Lower the electrode angle and continue welding. If the burn- 
through does not close, stop the weld, chip, and wire brush the 
weld. 

e Check the size of the burn-through. If it is larger than the diameter 
of the electrode, the root pass must be continued with the step 
method described in Practice 3-3. If the burn-through is not too 
large, lower the amperage slightly and continue welding. 

e Watch the color of the slag behind the weld. If the weld metal is not 
fusing to one side, the slag will be brighter in color on one side. The 





Figure 3.13 Figure 3.14 
Rocking the top of the electrode while keeping the end in the The weld toes appear uniform 
same place helps control the bead shape Courtesy of Larry Jeffus 
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This resistor is dissipating 


48 watts. 


As a comparison, a 
soldering iron is dissipating 
about 10 to 20 watts. 


Basic Electronics 1A 


In most cases we neglect (do not consider) the value of internal resistance 
when making tests and when using a battery in a project. 

But when a battery gets old, it cannot deliver a high current and the internal 
resistance gets so high that the output voltage drops from say Qv to 7v, 
even when the battery is not connected to a circuit. 

This is the result of the INTERNAL RESISTANCE of the chemicals 
increasing to a point where they become noticeable and what we call 
"poisoning" of the chemicals due to the cell "aging" and new chemicals 
being produced in the cell that have a high resistance. Some of the terms 
we usé are: "drying out and sulphating. Some cells produce spikes or 
needles that completely short-circuit the cell and make it totally useless. 


to Index 


RESISTOR WATTAGE 


Resistor Wattage means two things. 

1. The physical size of a resistor tells you number of watts it is 
capable of dissipating. This is called RESISTOR WATTAGE. It 
is really RESISTOR-SIZE or RESISTOR-CAPABILITY. 

2. The multiplication of the voltage across a resistor and the 
current flowing though it will produce a value called WATTAGE. 
This is also called RESISTOR-WATTAGE or RESISTOR-LOSS 
or RESISTOR-DISSIPATION or HEAT-LOSS. 

In the circuit shown, the wattage being lost in the resistor is: 

12 x 4 = 48 watts. 

Most of the resistors we will be using in our projects are 
0.25watts. This means they will dissipate 250milliwatts, 
however the actual wattage being dissipated may be only 70 
milliwatts and the resistor will not get hot. 

0.25watts is the maximum wattage it can dissipate without 
overheating. 

If it is dissipating 400milliwatts, it will be VERY HOT. 

The wattage it is dissipating (the heat it is getting rid of) will 
depend on the supply voltage and the value of the surrounding 
components. 








Resistor 


Light 
Emitting 
Diode 


to Index 


This simple ELECTRONIC CIRCUIT contains a 
LIGHT EMITTING DIODE (LED), RESISTOR and 
battery. 


The circuit is classified as electronic because the 
LED is not an electrical item (such as a globe) but 
more-complex, as it produces light when current 
flows through a crystal and the crystal produces 
the colour. 


Fig 11. The LED 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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brighter color is caused by the slower cooling of the slag because 
there is less fused metal to conduct the heat away quickly. 

e After the weld is completed, cooled, and chipped, check the back 
side of the plate for good root penetration. The root should have a 
small bead that will look as though it was welded from the back 
side, Figure 3.14. The penetration must be completely free of any 
drips of metal from the root face, called icicles. 

e Repeat the welds as necessary until you can consistently make 
welds free of defects. Turn off the welding machine and clean up 
your work area when you are finished welding. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 3-3 


Open Root Weld on Plate Using the Step Technique in All Positions 


Using the same setup, materials, and electrodes as described in Prac- 
tice 3-2, you will make a welded butt joint in all positions with 100% root 
penetration. 

Tack weld the plates together with a root opening from 0 in. (0 mm) to 
1/8 in. 8 mm). Using a medium amperage setting and a short stepping 
electrode motion, make a weld along the joint. 

The electrode should be pushed deeply into the root to establish a key 
hole that will be used to ensure 100% root penetration. Once the key hole 
is established, the electrode is moved out and back in the molten weld pool 
at a steady, rhythmic rate. Watch the molten weld pool and key hole size to 
determine the rhythm and distance of electrode movement. 

Ifthe molten weld pool size decreases, the key hole will become smaller 
and may close completely. To increase the molten weld pool size and main- 
tain the key hole, slow the rate of electrode movement and shorten the dis- 
tance the electrode is moved away from the molten weld pool. This will 
increase the molten weld pool size and penetration because of increased 
localized heating. 

If the molten weld pool becomes too large, metal may drip through 
the key hole, forming an icicle on the back side of the plate. Extremely 
large molten weld pool sizes can cause a large hole to be formed or cause 
burn-through. Repairing large holes can require much time and skill. To 
keep the molten weld pool from becoming too large, increase the travel 
speed, decrease the angle, shorten the arc length, or lower the amperage, 
Table 3.1. 

The distance the electrode is moved from the molten weld pool and the 
length of time in the molten weld pool are found by watching the molten 


Table 3.1 Changes Affecting Molten Weld Bead Size 


Travel Electrode Electrode 
Amperage Speed Size Angle 
To decrease 
puddle size Decrease Increase Decrease Leading 





To increase 
puddle size Increase Decrease Increase Trailing 
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WELDING DIRECTION 
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Figure 3.15 








\\ 8B LONG ARC, 
—<— A \) ra NO METAL 
\\ DEPOSITED 
@ LITTLE OR NO HESITATION Figure 3.16 
@ HESITATION A long arc prevents metal or slag from being depos- 


ited ahead of the weld bead. A relatively quick move- 
ment from position “A” to position “B” and back to 


Weave pattern used to control the molten weld bead size “A” is required. 


weld pool. The molten weld pool size increases as you hold the arc in the 
molten weld pool until it reaches the desired size, about twice the elec- 
trode diameter, Figure 3.15. Move the electrode ahead of the molten weld 
pool, keeping the arc in the joint but being careful not to deposit any slag 
or metal ahead of the weld. To prevent metal and/or slag from transfer- 
ring, raise the electrode to increase the arc length, Figure 3.16. Keep mov- 
ing the electrode slowly forward as you watch the molten weld pool. The 
molten weld pool will suddenly start to solidify. At that time, move the 
electrode quickly back to the molten weld pool before it totally solidifies. 
Moving the electrode in a slight arc will raise the electrode ahead of the 
molten weld pool and automatically lower the electrode when it returns 
to the molten weld pool. Metal or slag deposited ahead of the molten weld 
pool may close the key hole, reduce penetration, and cause slag inclu- 
sions. Raising the end of the electrode too high or moving it too far ahead 
of the molten weld pool can cause all of the shielding gas to be blown 
away from the molten weld pool. If this happens, oxides can cause poros- 
ity. Keeping the electrode movement in balance takes concentration and 
practice. 

Changing from one welding position to another requires an adjustment 
in timing, amperage, and electrode angle. The flat, horizontal, and over- 
head positions use about the same rhythm, but the vertical position may 
require a shorter time cycle for electrode movement. The amperage for the 
vertical position can be lower than that for the flat or horizontal, but the 
overhead position uses nearly the same amperage as flat and horizontal. 
The electrode angle for the flat and horizontal positions is about the same. 
For the vertical position, the electrode uses a sharper leading angle than 
does overhead, which is nearly perpendicular and may even be somewhat 
trailing. 

Cool, chip, wire brush, and inspect both sides of the weld. The root 
surface should be slightly built up and look as though it was welded from 
that side (refer to Figure 3.14). Repeat the welds as necessary until you can 
consistently make welds free of defects. Turn off the welding machine and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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HOT PASS 


The surface of a root pass may be irregular, have undercut, overlap, slag 
inclusions, or other defects, depending upon the type of weld, the code or 
standards, and the condition of the root pass. The surface of a root pass 
can be cleaned by grinding or by using a hot pass. 

On critical, high-strength code welds, it is usually required that the root 
pass as well as each filler pass be ground (refer to Figure 3.6). This grinding 
eliminates weld discontinuities caused by slag entrapments. It also can be 
used to remove most of the E60 series weld metal so that the stronger weld 
metal can make up most of the weld. When high-strength, low-alloy weld- 
ing electrodes are used, this grinding is important to remove most of the 
low-strength weld deposit. This will leave the weld made up of nearly 100% 
of the high-strength weld metal, Figure 3.17. 

The fastest way to clean out trapped slag and make the root pass more 
uniform is to use a hot pass. The hot pass uses a higher than normal amper- 
age setting and a fast travel rate to reshape the bead and burn out trapped 
slag. After chipping and wire brushing the root pass to remove all the slag 
possible, a welder is ready to make the hot pass. The ideal way to apply 
a hot pass is to rapidly melt a large surface area, Figure 3.18, so that the 
trapped slag can float to the surface. The slag, mostly silicon dioxide (SiO,), 
may not melt itself, so the surrounding steel must be melted to enable it to 
float free. The silicon dioxide may not melt because it melts at about 3100°F 
(1705°C), which is more than 500°F (270°C) hotter than the temperature at 
which the surrounding steel melts, around 2600°F (1440°C). 

A very small amount of metal should be deposited during the hot 
pass so that the resulting weld is concave. A concave weld, compared to a 


TRAPPED SLAG ROOT PASS 





UNDERCUT ROOT PASS REMAINING 


AFTER BACK GRINDING HOT PASS 





ROOT PASS 


Figure 3.18 
Using the hot pass to clean up the face of the root pass 





NEARLY 100% OF THE WELD 
DEPOSIT IS NOW THE HIGHER 
STRENGTH FILLER. 


Figure 3.17 
Back grinding to remove both discontinuities; filler metal 
used for the root pass 
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Figure 3.19 
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Key Indicator 4 


Module on 
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convex weld, is more easily cleaned by chipping, wire brushing, or grind- 
ing. Failure to clean the convex root weld will result in a discontinuity 
showing up on an X ray. Such discontinuities are called wagon tracks, 
Figure 3.19. 

The hot pass can also be used to repair or fill small spots of incomplete 
fusion or pinholes left in the root pass. 

The normal weave pattern for a hot pass is the straight step or “T” pat- 
tern. The “T” can be used to wash out stubborn trapped slag better than 
the straight step pattern. The frequency of electrode movement is depen- 
dent upon the time required for the molten weld pool to start cooling. As 
with the root pass, metal or slag should not be deposited ahead of the bead. 
Do not allow the molten weld pool to cool completely or let the shielding 
gas covering to be blown away from the molten weld pool. 

The hot pass technique can also be used to clean some welds that may 
first require grinding or gouging for a repair. The penetration of the molten 
weld pool must be deep enough to free all trapped slag and burn out all 
porosity. 


EXPERIMENT 3-1 
Hot Pass to Repair a Poor Weld Bead 


Using a properly set up and adjusted arc welding machine, proper 
safety protection, E6010 or E6011 arc welding electrodes having a 1/8-in. 
(3-mm) diameter, and two or more plates that have welds containing slag 
inclusions, lack of fusion, porosity, or other defects, you will make a hot 
pass to burn out the defects. 

Chip and wire brush the weld bead. If necessary, use a punch to break 
apart large trapped slag deposits. The poorer the condition of the weld, 
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CORRECT WELD POOL 
SIZE AND SHAPE. 








THIS SHAPE INDICATES 
THAT WELD POOL IS 
COOLING TOO SLOWLY. 





Figure 3.21 
Figure 3.20 The shape of the weld pool can indicate the tempera- 
Burning out trapped slag by using a hot pass ture of the surrounding base metal 


the more vertical the joint should be for the hot pass. Large slag deposits 
tend to float around the molten weld pool and stay trapped in deep pock- 
ets in the flat position. With the weld in the vertical position, the slag can 
run out of the joint and down the face of the weld. Set the amperage as 
high as possible without overheating and burning up the electrode. Start 
at the bottom and weld upward using a combination of straight-step and 
“T” patterns to keep the weld deposit uniform. Watch the back edge of the 
molten weld pool for size and the weld crater for the complete burning out 
of impurities, Figure 3.20. 

The plate may start to become overheated because of the high heat in- 
put. If you notice that the weld bead is starting to cool too slowly and is 
growing in length, you should stop welding, Figure 3.21. Allow the plate to 
cool before continuing the weld. 

After the weld is completed, cool, chip, and inspect it for uniformity. 
The plate can be cut at places where you know large discontinuities ex- 
isted before to see ifthey were repaired or only covered up. If you wish, this 
experiment can be repeated on other defects and joints. 

Welds that have large defects in addition to excessive buildup may re- 
quire some grinding to remove the buildup. Turn off the welding machine 
and clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


FILLER PASS 


After the root pass is completed and it has been cleaned, the groove is filled 
with weld metal. These weld beads make up the filler passes. More than 
one pass is often required. 

Filler passes are made with stringer beads or weave beads. For multiple 
pass welds, the weld beads must overlap along the edges. They should over- 
lap enough so that the finished bead is smooth, Figure 3.22. Stringer beads 
usually overlap about 50%, and weave beads overlap approximately 25%. 

Each weld bead must be cleaned before the next bead is started. Slag 
left on the plate between welds cannot be completely burned out because 


This hot pass technique is de- 
signed to be used on noncriti- 
cal, noncode welds only. It 
should not be used to cover 
bad welds or as a means of re- 
pairing the work of a welder 
who is less skilled. 
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FILLER 
PASSES (1-7) 





= ROOT PASS 


Figure 3.22 
Filler passes—maximum thickness 1/8 in. (3 mm) each pass 


filler welds should be made with alow amperage setting. Deep penetration 
will slow the rate of buildup in the joint. Deeply remelting the previous 
weld metal may weaken the joint. All that is required of a filler weld is that 
it be completely fused to the base metal. 

Chipping, wire brushing, and grinding are the best ways to remove slag 
between filler weld passes. After the weld is completed, it can be checked 
by ultrasonic or radiographic nondestructive testing. Most schools are not 
equipped to do this testing. Therefore, a quick check for soundness can 
be made by destructive testing. One method of testing the deposited weld 
metal is by cutting and cross-sectioning the weld with an abrasive wheel 
and inspecting the weld. Another fast way to inspect filler passes is to cut 
a groove through the weld with a gouging tip. Watch the hot metal as it is 
washed away. The black spots that appear in the cut are slag inclusions. 
If only a few small spots appear, the weld probably will pass most tests. 
But, if a long string or large pieces of inclusions appear, the weld will most 
likely fail. 


PRACTICE 3-4 


Multiple Pass Filler Weld on a V-joint in All Positions 


Using a properly set up and adjusted arc welding machine, proper safety 
protection, E6010 or E6011 arc welding electrodes having a 1/8-in. (3-mm) 
diameter, and two or more pieces of mild steel plate, 6 in. (152 mm) long x 
3 in. (76 mm) wide X 3/8 in. (10 mm) thick, you will make a multiple pass 
filler weld on a V-joint. 

Tack weld the plates together at the corner so that they form a V, 
Figure 3.23. Starting at one end, make a stringer bead along the entire 
length using the straight step or “T” weave pattern. Thoroughly clean off 
the slag from the weld before making the next bead. Figure 3.24 shows the 
suggested sequence for locating the beads. Continue making welds and 
cleaning them until the weld is 1 in. (25 mm) or more thick. Both ends of 
the weld may taper down. If it is important that the ends be square, metal 
tabs are welded on the ends of the plate for starting and stopping, Figure 
3.25. The tabs are removed after the weld is completed. 

After the weld is completed, it can be visually inspected for uniformity. 
Ifnondestructive testing is available, it may be checked for discontinuities. 
The weld also may be inspected by sectioning it with an abrasive wheel 
or gouging out with a torch. Repeat these welds until they are mastered. 
Turn off the welding machine and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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Figure 3.24 
Filler pass buildup sequence 
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Run-off tabs help control possible under-fill or burn 
back at the starting and stopping points of a groove 

Figure 3.23 weld. The tabs can be removed. 

Tack weld the plates for the filler weld practice Courtesy of Larry Jeffus 

PRACTICE 3-5 


Multiple Pass Filler Weld on a V-joint in All Positions Using E7018 
Electrodes 


Using the same setup and materials as in Practice 3-4, and E7018 arc 
welding electrodes in place of E6010 or E6011 electrodes, you will make a 
multiple pass filler weld on a V-joint. 


e Tack weld the two plates together at the corners so that they 
form aV. 

e Using a slow, straightforward motion, with little or no stepping, “T” 
or inverted “V” motion, make a stringer bead along the root of the 
joint. 

e Chip the slag and repeat the weld until there is a buildup of 1 in. 
(25 mm) or more. 


If during the weld the buildup should become uneven or large slag en- 
trapments occur, they should be ground out. In industry, groove welds in 
plate 1 in. (25 mm) or more are normally repaired. Making these repairs 
now is good experience for the welder. All welders will at some time make 
a weld that may need repairing. 


e After the weld is completed, visually test and nondestructive test 
the weld for external and internal discontinuities. 

e Repeat the welds as necessary until you can consistently make 
welds free of defects. Turn off the welding machine and clean up 
your work area when you are finished welding. 
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Figure 3.26 
The cover pass should not be excessively large 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


COVER PASS 


The last weld bead on a multiple pass weld is known as the cover pass. The 
cover pass may use a different electrode weave, or it may be the same as 
the filler beads. Keeping the cover pass uniform and neat looking is impor- 
tant. Most welds are not tested, and often the inspection program is only 
visual. Thus, the appearance might be the only factor used for accepting 
or rejecting welds. 

The cover pass should be free of any visual defects such as undercut, 
overlap, porosity, or slag inclusions. It should be uniform in width and re- 
inforcement. A cover pass should not be more than 1/8 in. (8 mm) wider 
than the groove opening, Figure 3.26. Cover passes that are too wide do 
not add to the weld strength. 


PRACTICE 3-6 


Cover Bead in All Positions 


Using a properly set up and adjusted arc welding machine, proper 
safety protection, E7018 arc welding electrodes having a 1/8-in. (3-mm) di- 
ameter, and one or more pieces of mild steel plate, 6 in. (152 mm) long X 
1/4 in. (6 mm) thick, you will make a cover bead in each position. 

Remember, any time an E7018 low-hydrogen-type electrode is to be 
used, the weave pattern, if used, must not be any larger than 2-1/2 times 
the diameter of the electrode. This weave cannot be any larger than 5/16 in. 
(7 mm) wide. Start welding at one end of the plate and weld to the other end. 
The weld bead should be about 5/16 in. (7 mm) wide having no more than 
1/8 in. (3 mm) of uniform buildup, Figure 3.27. The weld buildup should 
have a smooth transition at the toe, with the plate and the face somewhat 
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WATCH THIS AREA. 





CORRECT COOL HOT 
Figure 3.27 Figure 3.28 
Practice cover pass Watch the back edge of the weld pool to deter- 
Courtesy of Larry Jeffus mine the correct current 


convex. Undercut at the toe and a concave or excessively built-up face are 
the most common problems. Watch the sides of the bead for undercut. 
When undercut occurs, keep the electrode just ahead of the spot until it 
is filled in. There should be a smooth transition between the weld and the 
plate (refer to Figure 3.26). The shape of the bead face can be controlled by 
watching the trailing edge of the molten weld pool. That trailing edge is 
the same as the finished bead, Figure 3.28. 

Deep penetration is not required with this weld and may even result 
in some weakening. After the weld is completely cooled, chip and inspect 
it for uniformity and defects. Repeat the welds as necessary until you can 
consistently make welds free of defects. Turn off the welding machine and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PLATE PREPARATION 


When welding on thick plate, it is impossible or impractical for the welder 
to try to get 100% penetration without preparing the plate for welding. The 
preparation of the plate is usually in the form of a weld groove. The groove 
can be cut into one side or both sides of the plate, and it may be cut into ei- 
ther just one plate or both plates of the joint, Figure 3.29. The type, depth, 
angle, and location of the groove are usually determined by a code stan- 
dard that has been qualified for the specific job. 

For SMA welds on plate 1/4 in. (6 mm) or thicker that need to have a weld 
with 100% joint penetration, the plate must be grooved. The groove may be 
ground, flame-cut, gouged, or machined on the edge of the plate before or 
after the assembly. Bevels and V-grooves are best if they are cut before the 
parts are assembled. J-grooves and U-grooves can be cut either before or 
after assembly, Figure 3.30. The lap joint is seldom prepared with a groove 
because little or no strength can be gained by grooving this joint. The only 
advantage to grooving the lap joint design is to give additional clearance. 

Plates that are thicker than 3/8 in. (10 mm) can be grooved on both 
sides but may be prepared on only one side. The choice to groove one 
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Typical butt joint preparations 


or both sides is most times determined by joint design, position, and 
application. A tee joint in thick plate is easier to weld and will have less 
distortion if it is grooved on both sides. Plate in the flat position is usually 
grooved on only one side unless it can be repositioned. Welds that must 
have little distortion or that are going to be loaded equally from both sides 
are usually grooved on both sides. Sometimes plates are either grooved 
and welded or just welded on one side, and then back gouged and welded, 
Figure 3.31. Back gouging is a process of cutting a groove in the back side 
of a joint that has been welded. Back gouging can ensure 100% fusion at 
the root and remove discontinuities of the root pass. This process can also 
remove the root pass metal if the properties of the metal are not desirable 
to the finished weld, Figure 3.32. After back gouging, the groove is then 
welded. See Chapters 6, 7, and 8 in Welding: Skills, Processes and Practices 
for Entry-Level Welders: Book One for more information on the various 
methods of gouging. 
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Fig 12. The Resistor 
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A RESISTOR must be included in the circuit to 
prevent the LED being damaged. 

The resistor in this circuit must be 220 ohms. 
This is shown by the colours on the resistor. The 
colours for 220 ohms: red - red - brown. The 4th 
band is gold - indicating a tolerance of 5%. 

A resistor has RESISTANCE. 

It reduces the current from the battery to a 
required amount to prevent the LED glowing too 
bright. 

A resistor is just like putting your foot on a hose. 
The water trickles out the end. The resistor 
"resists" the high current-flow that the battery is 
able to deliver. 
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Fig 13. The Resistor and LED 
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There are hundreds of different resistors because 
the resistance-values need to cover the range one 
ohm to 10 million ohms. 

There are also small, medium and large resistors. 
The resistors on the left are just a few in the range. 
(See the full range below). They show colour 
bands for 1 ohm to 8.2 ohms and 1 million ohms to 
8.2 million ohms. All the other values are shown 
below. 

An electronics engineer does not have the room to 
store 10 million different resistors so they make 
each resistor 5% or 10% higher than the previous. 
This reduces the number to about 100 to 200. 


TOLERANCE 

The first 3 bands indicate the value of the resistor 
and the 4th band indicates either 5% or 10% 
tolerance. 

All modern resistors are 5% or 2% or 1%. The 
"old" 10% resistors are no longer made. 

Gold = 5% 

Silver = 10% 
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The LIGHT EMITTING DIODE is called an 
electronic component (mainly because it is more 
complex than a globe and it produces light by a 
more-complex means than heating a wire). 

A LED must be connected around the correct way. 
It will not illuminate if connected around the wrong 
Way. 

All LEDs have one lead longer than the other. The 
SHORT lead is called the CATHODE (k). 

All LEDs have a flat on one side and this is the 
CATHODE lead. 

The arrows on the diagram indicate light is "given 
off" (emitted - produced). 
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Figure 3.30 
Typical butt joint preparations 
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Root faces on bevels and 
grooves with backing bars 


Heavy plate and pipe sections requiring preparations are often used in show a 1/8-in. root face. The 
products manufactured under a code or standard. The American Welding 1/8-in. root face is a maximum 
Society, American Society of Mechanical Engineers, and American Bureau allowable dimension and many 


of Ships are a few of the agencies that issue codes and specifications. The 
AWS D1.1 and the ASME Boiler and Pressure Vessel (BPV) Section IX stan- 


welders prefer root faces pre- 
pared thinner, or all the way to 
a “knife edge” (see Figure 3.2). 


dards will be used in this chapter as the standards for multiple pass groove 
welds that will be tested. The groove depth and angle are determined by 


the plate or pipe thickness and process. 


STEP 1. FINISH WELD ONE SIDE. 





After the plate is beveled, a grinder can be used to clean off oxides and manne 
improve the fitup. 
STEP 1 Seni 


STEP 2. BACK GOUGE TO REMOVE ALL 
E6011 DEPOSITED IN FIRST WELD. 
E7018 


STEP 2 








100% E7018 


STEP 3 


Figure 3.31 





Figure 3.32 

Back gouging to remove all weld 
metal used for the root pass or 
Back gouging sequence for a weld to ensure 100% joint penetration tacking 
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Figure 3.33 





PREPARING SPECIMENS FOR TESTING 


The detailed preparation of specimens for testing in this chapter is based 
on the structural welding code AWS D1.1 and the ASME BPV Code, Sec- 
tion IX. The maximum allowable size of fissures (crack or opening) in a 
guided bend specimen is given in codes for specific applications. Some of 
the standards are listed in ASTM E190 or AWS B4.0, AWS QC10, AWS QC11, 
and others. Copies of these publications are available from the appropriate 
organizations. 


The weld specimen must first pass visual inspection before it can be pre- 
pared for bend testing. Visual inspection looks to see that the weld is uni- 
form in width and reinforcement. There should be no arc strikes on the 
plate other than those on the weld itself. The weld must be free of both 
incomplete fusion and cracks. The joint penetration must be either 100% 
or as specified by the specifications. The weld must be free of overlap and 
undercut must not exceed either 10% of the base metal or 1/32 in. (0.8 mm), 
whichever is less. 

Correct weld specimen preparation is essential for reliable results. The 
weld must be uniform in width and reinforcement and have no under- 
cut or overlap. The weld reinforcement and backing strip, if used, must 
be removed flush to the surface, Figure 3.33. They can be machined or 
ground off. The plate thickness after removal must be a minimum of3/8 in. 
(10 mm), and the pipe thickness must be equal to the pipe’s original wall 
thickness. The specimens may be cut out of the test weldment by using 
an abrasive disc, by sawing, or by cutting with a torch. Flame-cut speci- 
mens must have the edges ground or machined smooth after cutting. 


6" (152 mm) 

















Figure 3.34 


Plate ground in preparation for removing test specimens Sequence for removing guided bend specimens from the plate 


Courtesy of Larry Jeffus 


once welding is complete 
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Figure 3.35 
Guided bend specimen 






ROUNDED EDGES 


Figure 3.36 
Guided bend test specimen 
Courtesy of Larry Jeffus 


This procedure is done to remove the heat-affected zone caused by the cut, 
Figure 3.34. 

All corners must be rounded to a radius of 1/8 in. (8 mm) maximum, 
and all grinding or machining marks must run lengthwise on the speci- 
men, Figure 3.35 and Figure 3.36. Rounding the corners and keeping all 
marks running lengthwise reduce the chance of good weld specimen fail- 
ure due to poor surface preparation. 

The weld must pass both the face and root bends in order to be accept- 
able. After bending there can be no single defects larger than 1/8 in. (8 mm), 
and the sum of all defects larger than 1/32 in. (0.8 mm) but less than 1/8 in. 
(3 mm) must not exceed a total of 3/8 in. (10 mm) for each bend specimen. 
An exception is made for cracks that start at the edge of the specimen and 
do not start at a defect in the specimen. 


RESTARTING A WELD BEAD 


On all but short welds, the welding bead will need to be restarted after 
a welder stops to change electrodes. Because the metal cools as a welder 
changes electrodes and chips slag when restarting, the penetration and 
buildup may be adversely affected. 
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Figure 3.38 





DEPTH OF PENETRATION 


Figure 3.37 
Tapering the size of the weld bead helps keep the depth of penetration uniform 


When a weld bead is nearing completion, it should be tapered so that 
when it is restarted the buildup will be more uniform. To taper a weld bead, 
the travel rate should be increased just before welding stops. A 1/4-in. 
(6-mm) taper is all that is required. The taper allows the new weld to be 
started and the depth of penetration reestablished without having exces- 
sive buildup, Figure 3.37. 

The slag should always be chipped and the weld crater should be 
cleaned each time before restarting the weld. This is important to prevent 
slag inclusions at the start of the weld. 

The arc should be restarted in the joint ahead ofthe weld. The electrodes 
must be allowed to heat up so that the arc is stabilized and a shielding gas 
cloud is reestablished to protect the weld. Hold a long arc as the electrode 
heats up so that metal is not deposited. Slowly bring the electrode down- 
ward and toward the weld bead until the arc is directly on the deepest part 
of the crater where the crater meets the plate in the joint, Figure 3.38. The 
electrode should be low enough to start transferring metal. Next, move 
the electrode in a semicircle near the back edge of the weld crater. Watch 


WELD BEAD 








When restarting the arc, strike the arc ahead of the weld in the joint (A). Hold a long arc and allow time for the electrode to heat up, 
forming the protective gas envelope. Move the electrode so that the arc is focused directly on the leading edge (root) of the previous 


weld crater (B). 
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ORIGINAL 
WELD BEAD 





UNIFORM 





Figure 3.39 

When restarting the weld pool after the root has been heated to the melting temperature, move the electrode upward along one side 
of the crater (A). Move the electrode along the top edge, depositing new weld metal (B). When the weld is built up uniformly with the 
previous weld, continue along the joint (C). 


the buildup and match your speed in the semicircle to the deposit rate so 
that the weld is built up evenly, Figure 3.39. Move the electrode ahead and 
continue with the same weave pattern that was being used previously. 

The movement to the root of the weld and back up on the bead serves 
both to build up the weld and reheat the metal so that the depth of pen- 
etration will remain the same. If the weld bead is started too quickly, pen- 
etration is reduced and buildup is high and narrow. 

Starting and stopping weld beads in corners should be avoided. Taper- 
ing and restarting are especially difficult in corners, and this often results 
in defects, Figure 3.40. 


MAY CAUSE LEAKS 





Figure 3.40 
Correct method of welding through a corner. Stopping on a corner may cause leaks. 
Courtesy of Larry Jeffus 
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Module i 


Key Indicator 1, 2, 4 


Module a 


Key Indicator 1, 2, 3, 4, 6 


Module ot 


Key Indicator 1, 2 


Table 3.2 Preheat Temperatures for Arc Welding on Low-carbon Steels® 


Plate Thickness Minimum Temperature 
in. (mm) TF °c 
Up to 1/2 in. (13 mm) 70 21 
1/2 in. (13 mm) to 1 in. (25 mm) 100 38 
1 in. (25 mm) to 2 in. (61 mm) 200 95 
Over 2 in. (51 mm) 300 150 


*Metal should be above the dew point. 

Allow 1 hour for each inch in order to provide uniform heating or for localized preheating. Check to ensure 
that preheat temperatures are sufficient to melt thermal crayons a minimum of 3 inches (76 mm) in all direc- 
tions from the area to be welded prior to welding arc application. 


PREHEATING AND POSTHEATING 


Preheating is the application of heat to the metal before it is welded. This 
process helps to reduce cracking, hardness, distortion, and stresses by 
reducing the thermal shock from the weld and slowing the cool-down 
rate. Preheating is most often required on large, thick plates, when the 
plate is very cold, on days when the temperature is very cold, when small- 
diameter electrodes are used, on high-carbon or manganese steels, on 
complex shapes, or with fast welding speeds. 

With the practices that are to be tested in this chapter, preheating 
should be used if the base metal to be welded is very cold. It may also be 
used to reduce distortion on thick sections and to reduce hardness caused 
by the rapid cooling of the weld, which may result in weld failure. Preheat- 
ing the metal will slow the weld cooling rate, which results in a more duc- 
tile weld. Table 3.2 lists the recommended preheat temperatures for plain 
carbon steels. 


PRACTICE 3-7 


Limited Thickness Welder Performance Qualification Test Plate with 
Backing and F3 and F4 Electrodes 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 3-7. Date: 


Title: 
Welding SMAW of plate to plate. 


Scope: 

This procedure is applicable for V-groove plate with a backing strip within 
the range of 3/8 in. (10 mm) through 3/4 in. (20 mm). Welding may be per- 
formed in the following positions: 1G, 2G, 3G, and 4G. 


Base Metal: 
The base metal shall conform to M1020 or A36. 
Backing material specification M1020 or A36. 


Filler Metal: 

The filler metal shall conform to AWS specification No. E6010 or E6011 root 
pass and E7018 for the cover pass from AWS specification A5.1. This filler 
metal falls into F-number F3 and F4 and A-number A-1. 
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Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: N/A. 


Joint Design and Tolerances: 


aie! 






ca i (3 mm) MAX. 
; (3 mm) MAX. 


SINGLE V-GROOVE WITH BACKING 


Preparation of Base Metal: 

The V-groove is to be ground, flame-cut, or machined on the edge of the 
plate before the parts are assembled. Root faces may be prepared from 
a knife edge to the maximum allowable thickness of 1/8 in. All parts 
must be cleaned prior to welding of all contaminants, such as paints, 
oils, grease, or primers. Both inside and outside surfaces within 1 in. (25 
mm) of the joint must be mechanically cleaned using a wire brush or 
grinder. 


Electrical Characteristics: 
The current shall be AC or DCRP. 
The base metal shall be on the work lead or negative side of the line. 


Preheat: 
The parts must be heated to a temperature higher than 70°F (21°C) before 
any welding is started. 


Backing Gas: 
N/A 


Welding Technique: 
Tack weld the plates together with the backing strip. There should be about 
a 1/8-in. (8-mm) root gap between the plates. Use the E6010 or E6011 arc 
welding electrodes to make a root pass to fuse the plates and backing strip 
together. Clean the slag from the root pass and use either a hot pass or 
grinder to remove any trapped slag. 

Using the E7018 arc welding electrodes, make a series of filler welds in 
the groove until the joint is filled. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 400°F (205°C) 
during the welding process. After each weld pass is completed, allow it to 
cool; the weldment must not be quenched in water. 


Cleaning: 
The slag can be chipped and/or ground off between passes but can only be 
chipped off of the cover pass. 
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Inspection: 


Visually inspect the weld for uniformity and other discontinuities with 
criteria found in practice 3-8. If the weld passes the visual inspection, then 
it is to be prepared and guided bend tested according to criteria found in 
practice 3-8. Repeat each of the welds as needed until you can pass this 


test. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 





Note the sequence in depositing the beads 


Sketches: 


ARC STRIKE 







POROSITY 


) EXCESSIVE 
sen ¥ REINFORCEMENT 


UNDERCUT > J 


EXCESSIVE 
WIDTH 


OVERLAP 





Common discontinuities found during a visual examination 


(152 mm) 


DIRECTION OF 
ROLLING 
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Welding: Skills, Processes and Practices 


MATERIAL: 

3/8" x 6" MILD STEEL PLATE 
PROCESS: 

SMAW BUTT JOINT 1G 


NUMBER: DRAWN BY: 
PRACTICE 3-7 RONNIE AGA 
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PRACTICE 3-8 


SMAW Workmanship Sample and Welder Qualification Test Plate for 
Limited Thickness Horizontal 2G and 3G Positions with E7018 Electrodes 


Dimensional Tolerances: 

2G Test plates: two (2); each 3/8 in. (10 mm) thick, 3 in. (75 mm) wide, and 
7 in. (175 mm) long, one having a 45° bevel along one edge. 

3G Test plates: two (2); each 3/8 in. (10 mm) thick, 3 in. (75 mm) wide, and 
7 in. (175 mm) long, one having a 45° included bevel. 

Backing strip: one (1); each either 1/4 in. (6 mm) or 3/8 in. (10 mm) thick, 
lin. (25 mm) wide, and 9 in. (228 mm) long. 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 3-8. Date: 


Title: 
Welding SMAW of plate to plate. 


Scope: 

This procedure is applicable for single bevel or V-groove plate with a back- 
ing strip within the range of 3/16 in. (5 mm) through 3/4 in. (20 mm). 
Welding may be performed in the following positions: 2G and 3G. 


Base Metal: 
The base metal shall conform to carbon steel M-1 or P-1, Group 1 or 2. 
Backing material specification carbon steel M-1 or P-1, Group 1, 2, or 3. 


Filler Metal: 

The filler metal shall conform to AWS specification no. E7018 from AWS 
specification A5.1. This filler metal falls into F-number F-4 and A-number 
A-l. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: N/A. 


Joint Design and Tolerances: 





Preparation of Base Metal: 

The bevel is to be flame-cut on the edge of the plate before the parts are 
assembled. The beveled surface must be smooth and free of notches. 
Any roughness or notches that are deeper than 1/64 in. (0.4 mm) must be 
ground smooth. 


+ Module 1 


Key Indicator 1, 2, 4 


af Module 4 


Key Indicator 1, 2, 3, 4, 6 


+ Module 9 


Key Indicator 1, 2 
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All hydrocarbons and other contaminations, such as cutting fluids, 
grease, oil, and primers, must be cleaned off all parts and filler metals be- 
fore welding. This cleaning can be done with any suitable solvents or de- 
tergents. The backing strip, groove face, and inside and outside plate sur- 
face within 1 in. (25 mm) of the joint must be mechanically cleaned of slag, 
rust, and mill scale. Cleaning must be done with a wire brush or grinder 
down to bright metal. 


Electrical Characteristics: 
The current shall be direct current electrode positive (DCEP). The base 
metal shall be on the negative side of the line. 


Welds Filler Metal Diameter Current Amperage Range 
Tack 3/32 in. (2.4 mm) DCEP 70 to 115 

Root and Filler 1/8 in. (8 mm) DCEP 115 to 165 

Filler 1/8 in. (8 mm) DCEP 115 to 140 
Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) before 
any welding is started. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 
Tack weld the plates together with the backing strip. There should be about 
a 1/4-in. (6-mm) root gap between the plates. Use the E7018 arc welding 
electrodes to make a root pass to fuse the plates and backing strip together. 
Clean the slag from the root pass, being sure to remove any trapped slag 
along the sides of the weld. 

Using the E7018 arc welding electrodes, make a series of stringer or 
weave filler welds, no thicker than 1/4 in. (6 mm), in the groove until the 
joint is filled. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F (175°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must not 
be quenched in water. 


Cleaning: 

The slag must be cleaned off between passes. The weld beads may be 
cleaned by a hand wire brush, a hand-chipping hammer, a punch and 
hammer, or a needle scaler. All weld cleaning must be performed with the 
test plate in the welding position. 


Visual Inspection Criteria for Entry Welders : 

There shall be no cracks, no incomplete fusion. There shall be no incom- 
plete joint penetration in groove welds except as permitted for partial joint 
penetration welds. 


*Courtesy of American Welding Society 


1/10/2018 Basic Electronics 1A 







a on 
¥ 


Epoxy lens/case . 


Wire bond 
Reflective cavity 
Semiconductor die 


Anvil 


Post } Lead frame 


Flat spot 





Fig 14. The LED - showing the flat spot 

A close-up of a red LED. The cathode lead is the short lead and next to a flat side on the LED. 
DO NOT show "+" or "-" on a diagram. Only show the letter "k" to indicate cathode. 

The symbols "+" and "-" are used when a component produces a voltage or is connected 
directly to "+" and 

"." A LED is connected via a resistor. 








to Index 


correct-value resistor is included), a voltage will be 
develop across the LED called the 
CHARACTERISTIC VOLTAGE DROP. 
’ This voltage is due to the colour of the LED and 

Ki| k Ki| ki) kK kK the crystal inside the LED that produces the colour. 

The diagram on the left shows the approximate 
voltage developed for each LED. 
tc ie ce white The voltage does not change for small, medium, 
"orange “green Vo 3.6v surface-mount, or large LEDs. 


2.1¥ 2.3 
Fig 15. LED VOLTAGES 


ie When a LED is connected to a circuit, (and the 
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When a LED is 


connected to 3v 
battery, the following 
CHARACTERISTIC 
VOLTAGE DROPs will 
develop across each 
LED. 

You will notice we 
have not changed the 
value of the resistor. It 
is 220R. 

The LED creates the 
voltage and if the 
value of resistance is 
decreased, the LED 
will illuminate 
BRIGHTER. 

If the LED illuminates 
too bright it will be 
DAMAGED. 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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The Test Supervisor shall examine the weld for acceptable appearance, 
and shall be satisfied that the welder is skilled in using the process and 
procedure specified for the text. 

Undercut shall not exceed the lesser of 10% of the base metal thickness 
or 1/32 in. (0.8 mm). 

Where visual examination is the only criterion for acceptance, all weld 
passes are subject to visual examination, at the discretion of the Test 
Supervisor. 

The frequency of porosity shall not exceed one in each 4 in. (100 mm) of 
weld length and the maximum diameter shall not exceed 3/32 in. 
(2.4 mm). 

Welds shall be free from overlap. 


Sketches: 







DIRECTION 
OF ROLLING 














ROOT-BEND 
L " SPECIMEN 
a 
| 


4" CL 


FACE-BEND SPECIMEN 


Bend Test: 

The weld is to be mechanically tested only after it has passed the visual 
inspection. Be sure that the test specimens are properly marked to identify 
the welder, the position, and the process. 


Specimen Preparation 

For 3/8-in. (10-mm) test plates, two specimens are to be located in accor- 
dance with the requirements below. One is to be prepared for a transverse 
face bend, and the other is to be prepared for a transverse root bend. 
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Module 1 


Key Indicator 1, 2, 4 


Module aw 


Key Indicator 1, 2, 3, 6 


Module on 


Key Indicator 1, 2 


e Transverse face bend. The weld is perpendicular to the longitudinal 
axis of the specimen and is bent so that the weld face becomes the 
tension surface of the specimen. Transverse face bend specimens 
shall comply with the requirements of below. 

e Transverse root bend. The weld is perpendicular to the longitudinal 
axis of the specimen and is bent so that the weld root becomes the 
tension surface of the specimen. Transverse root bend specimens 
shall comply with the requirements of above. 






ROOT-BEND 
lee? SPECIMEN 











Tm 
A Oy 





Acceptance Criteria for Bend Test’: 
For acceptance, the convex surface of the face and root bend specimens 
shall meet both of the following requirements: 


1. No single indication shall exceed 1/8 in. (8 mm), measured in any 
direction on the surface. 

2. The sum ofthe greatest dimensions of all indications on the sur- 
face, which exceed 1/32 in. (0.8 mm), but are less than or equal to 
1/8 in. (3 mm), shall not exceed 3/8 in. (10 mm). 


*Courtesy of American Welding Society 


Cracks occurring at the corner of the specimens shall not be considered 
unless there is definite evidence that they result from slag or inclusions or 
other internal discontinuities. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 3-9 


Limited Thickness Welder Performance Qualification Test Plate 
Without Backing 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 3-9. Date: 


Title: 
Welding SMAW of plate to plate. 
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Scope: 
This procedure is applicable for V-groove plate without a backing strip 
within the range of 3/8 in. (10 mm) through 3/4 in. (20 mm). 

Welding may be performed in the following positions: 1G, 2G, 3G, 
and 4G. 


Base Metal: 
The base metal shall conform to M1020 or A36. 
Backing material specification: M1020 or A36. 


Filler Metal: 

The filler metal shall conform to AWS specification no. E6010 or E6011 root 
pass and E7018 for the cover pass from AWS specification A5.1. This filler 
metal falls into F-number F3 and F4 and A-number A-1. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: N/A. 


Joint Design and Tolerances: 


60° 


1" 1" 
- (3 mm) MAX. _ _ 8 (3 mm) MAX. 


SINGLE V-GROOVE 


Preparation of Base Metal: 

The V-groove is to be ground, flame-cut, or machined on the edge of the 
plate before the parts are assembled. All parts must be cleaned prior to 
welding of all contaminants, such as paints, oils, grease, or primers. Both 
inside and outside surfaces within 1 in. (25 mm) of the joint must be me- 
chanically cleaned using a wire brush or grinder. 


Electrical Characteristics: 
The current shall be DCRP. The base metal shall be on the work lead or 
negative side of the line. 


Preheat: 
The parts must be heated to a temperature higher than 70°F (21°C) before 
any welding is started. 


Backing Gas: 
N/A 


Welding Technique: 

Tack weld the plates together; there should be about a 1/8-in. (8-mm) root 

gap between the plates. Use the E6010 or E6011 arc welding electrodes to 

make a root pass to fuse the plates together. Clean the slag from the root 

pass and use either a hot pass or grinder to remove any trapped slag. 
Using the E7018 arc welding electrodes, make a series of filler welds in 

the groove until the joint is filled. 
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Interpass Temperature: 

The plate, outside of the heat affected zone, should not be heated to a 
temperature higher than 400°F (205°C) during the welding process. After 
each weld pass is completed, allow it to cool; the weldment must not be 
quenched in water. 


Cleaning: 
The slag can be chipped and/or ground off between passes but can only be 
chipped off of the cover pass. 


Inspection: 
Visually inspect the weld for uniformity and other discontinuities by using 
the criteria found in Practice 3-8. If the weld passes the visual inspection, 
then it is to be prepared and guided bend tested according to the “guided 
bend test” criteria found in Practice 3-8. Repeat each of the welds as needed 
until you can pass this test. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Sketches: 


6" 








(152 mm) 


Welding: Skills, Processes and Practices 


MATERIAL: 
3/8" TO 3/4" x 6" MILD STEEL PLATE 
PROCESS: 
SMAW BUTT JOINT 1G, 2G, 3G & 4G 


NUMBER: DRAWN BY: 
PRACTICE 3-9 KRISTI WEBB 


Postheating is the application of heat to the metal after welding. Post- 
heating is used to slow the cooling rate and reduce hardening. 

Interpass temperature is the temperature of the metal during weld- 
ing. The interpass temperature is given as a minimum and maximum. 
The minimum temperature is usually the same as the preheat tempera- 
ture. Ifthe plate cools below this temperature during welding, it should be 
reheated. The maximum temperature may be specified to keep the plate 
below a certain phase change temperature for the mild steel used in these 
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practices. The maximum interpass temperature occurs when the weld 
bead cannot be controlled because of a slow cooling rate. When this hap- 
pens, the plate should be allowed to cool down, but not below the mini- 
mum interpass temperature. 

If, during the welding process, a welder must allow a practice weldment 
to cool so that the weld can be completed later, the weldment should be 
cooled slowly and then reheated before starting to weld again. A weld that 
is to be tested or that is done on any parts other than scrap should not be 
quenched in water. 


POOR FITUP 


Ideally, all welding will be performed on joints that are properly fitted. 
Most welds produced to a code or standard are properly fitted. Repair, pro- 
totype, and job shop welding, however, may not be cut and fitted properly. 
These welds must be performed under less than ideal conditions, but they 
still must be strong and have a good appearance. 

To make a good weld ona poorly fitted joint requires some special skills. 
These welds also require a good welder, one whose skill is developed. A 
skilled welder can watch the molten weld pool and knows how to correct 
for problems before they develop into disasters. The welder must be able to 
read the molten weld pool correctly to make needed changes in amperage, 
current, electrode movement, electrode angle, and timing. 

The amperage setting may have to be adjusted up or down by only a 
few amperes to make the necessary changes in molten weld pool size. 
Adjusting the machine is often preferable to lengthening the weave pat- 
tern excessively. The current may be changed from AC to DCSP or DCRP 
to vary the amount of heat input to the molten weld pool. Some elec- 
trodes can operate better than other electrodes with lower amperages 
on some currents. The current also will alter the forcefulness of some 
electrodes. 

The “U,” “J,” and straight step patterns are usually the best to use, but 
they should not be moved more than required to close the gap or open- 
ing. On some poor-fitting joints, it is necessary to break and restart the arc 
in order to keep the molten weld pool under control. This will result in a 
weld with porosity, slag inclusions, and other defects. But it is often better 
to have a poor weld than to have no weld. A poor root weld can be capped 
with a sound weld to improve joint strength. 

Changing the electrode angle from leading to trailing improves poor 
fit. Sometimes a very flat angle will also help. The time interval that the 
electrode is moved into and out of the molten weld pool is critical in main- 
taining weld control. Returning to a molten weld pool too often or too soon 
can cause the molten weld pool to drop out of the joint. In most cases, a 
welder should return to the molten weld pool only after it has started to 
cool. 

On some joints, it is possible to make stringer beads on both sides of the 
joint until the gap is closed, Figure 3.41. Note that the beads are made al- 
ternately from the edges of the joint to the center. Welds made in this man- 
ner can have good weld soundness and strength, but they require more 
time to complete. 


Figure 3.41 
Multiple stringer beads used to 
close a large gap 
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Module 1h 


Key Indicator 1, 2, 4 


Module a 


Key Indicator 6 


Module on 


Key Indicator 1, 2 


Module 1h 


Key Indicator 1, 2, 4 


Module aif 


Key Indicator 6 


Module on 


Key Indicator 1, 2 


PRACTICE 3-10 


Single V-groove Open Root Butt Joint with an Increasing Root Opening 


For this practice, you will need a properly set up and adjusted arc weld- 
ing machine, proper safety protection, E6010 or E6011 and E7018 arc weld- 
ing electrodes having a 1/8-in. (8-mm) diameter, and two or more pieces 
of mild steel plate, 3/8 in. (10 mm) thick X 4 in. (102 mm) wide X 12 in. 
(305 mm) long. You will weld a single V-groove open root butt joint that has 
a poor fitup, starting from the close end. 

Tack weld the plates together with a root opening of 1/8 in. (8 mm) at 
one end and 1/2 in. (13 mm) at the other end, Figure 3.42. Using the E6010 
or the E6011 electrode, start the root pass at the narrow end and weld to the 
other end. As the root pass progresses along the widening root gap, care 
must be taken to maintain molten weld pool control. The “J” or “U” weave 
pattern works best with low current settings. Long time intervals for elec- 
trode movements will give the best weld control. 

When the root pass is completed, clean the weld and make a hot pass 
to burn out any trapped slag. Finish the weld with filler passes using the 
E7018 electrode. Cool, chip, and inspect the weld for uniformity and de- 
fects. Repeat these welds until you can consistently make welds free of de- 
fects. Turn off the welding machine and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 3-11 


Single V-groove Open Root Butt Joint with a Decreasing Root Opening 


Using the same setup, equipment, and materials as described in Prac- 
tice 3-10, you will weld a single V-groove open root butt joint that has a 
poor fitup, starting from the wide end. 


|<—>— . (13 mm) 


24 = ~ (3 mm) 


TOP VIEW 


L. 5 USE A PIECE OF SCRAP TO 


FRONT VIEW HOLD THE 5 (13 mm) 
SPACE, IF NEEDED. 


Figure 3.42 
Welding specimen with poor fitup 
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As in Practice 3-10, tack weld the plates together with a root opening of 
1/8 in. (3 mm) at one end and 1/2 in. (13 mm) at the other end. Using the 
E6010 or E6011 electrode, start welding the root pass at the wide end. Both 
sides of the joint must be built up until it is possible to get the metal to flow 
together. The “J” or “U” weave pattern works best to control the bead. 

When the root pass is completed, make a hot pass to clean out any 
trapped slag before making the filler passes with the E7018 electrode. After 
the weld is completed, cool, chip, and inspect it for uniformity and defects. 
Repeat these welds until you can consistently make welds free of defects. 
Turn off the welding machine and clean up your work area when you are 
finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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Grooved welds on approximately 1/2-in. (13-mm)-thick plate are the most 
common test plates given to new welding applicants. Groove welds are 
used by many companies as the base welding skills performance test re- 
quirement for employment. The vertical and overhead positions are the 
most commonly used for the test. It is often assumed in the welding in- 
dustry that a uniform, visually defect-free weld will successfully pass de- 
structive testing. This assumption has great basis in fact because, in most 
cases, such a weld reflects the welder’s skills required to produce quality 
welds, so, in many cases, applicant test welds are evaluated only by the 
weld shop foreman or supervisor for visual defects. For this reason, you 
should always attempt to make your welds as uniform in appearance as 
possible. Learning how to make a “pretty” groove weld can often mean the 
difference between successfully earning the job and losing out to another 
applicant. 





. Why are some weld joints grooved? 

. Sketch four of the standard grooves used for welded joints. 

. Why are some backing strips removed from the finished weld? 

. Why are backing tapes used on some joints? 

. Why is it very important to make a weld with a good root surface? 

. What are the two common methods of making a root pass on an open 
root joint? 

7. How can small gaps between the weld plate and backing strip be 
closed? 

8. What effect does changing from a trailing angle to a leading angle 
have on a weld? 

9. What benefit would there be to the root pass if the electrode holder 
were rocked back and forth while keeping the electrode tip in the 
joint? 

10. What might cause the bright color on the flux as a weld cools? 


oOanrwWN 
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11. 


12. 


13. 
14. 
15. 
16. 
17. 


18. 


19. 
20. 


21. 
22. 
23. 


What can happen if the molten weld pool becomes too large on a root 
weld? 

What can be done to increase the amount of high-strength welding 
electrode in the final weld if the root weld was made with a low-alloy 
electrode? 

What is the purpose of the hot pass? 

Why should a filler weld pass not have deep penetration? 

Why is it important to have a good cover pass? 

What can watching the back edge of a weld pool help you determine? 
Other than penetration, why would thick butt joints be grooved on 
both sides? 

List the things that a weld must be inspected for before it is ground for 
bend testing. 

What determines the acceptance or rejection of a bend specimen? 
What technique can be used to make restarting weld beads easier 
and more uniform? 

Why should some weldments be preheated before welding starts? 
What is postheating used for? 

How can a wide gap in a joint be closed by welding? 












Gas Tungsten Arc Welding 
Equipment, Setup, Operation, 
and Filler Metals 


OBJECTIVES 


After completing this chapter, the student should be able to 





describe the gas tungsten arc welding process and list the other terms 
used to identify the process 


list four attributes of a quality tungsten electrode 

list four precautions taken to limit tungsten erosion 

contrast the various types of tungsten electrodes and how they are used 
shape the end of the tungsten electrode and clean it 

grind a point on a tungsten electrode using an electric grinder 

remove a contaminated tungsten end 


melt the end of the tungsten electrode into the desired shape 


SY 





‘ 
> th 


list two advantages and two disadvantages of water-cooled GTA welding 
torches and air-cooled torches 


3 et 


describe the purposes of the three hoses connecting a water-cooled 
torch to the welding machine 


S. i 


SSS 


choose an appropriate nozzle for the job 
} accurately read a flowmeter 


; compare and contrast the three types of welding current used for GTA 
welding 


list three advantages and three disadvantages of the shielding gases 
used in the GTA welding process 


set preflow time and postflow time on a GTA welding workstation 


list three problems that can occur as a result of an incorrect gas flow 
rate 


set up a GTAW workstation for carbon steel, stainless steel, and alumi- 
num operations 


strike a GTA welding arc on carbon steel, stainless steel, and aluminum 






' KEY TERMS 
cleaning action inert gas spark gap oscillator = 
collet postflow time tungsten 
flowmeter preflow time = a 
frequency rectification ——SSSSSSSSSS 
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AWS SENSE EG2.0 


Key Indicators Addressed in this Chapter — — 


Module 1: Occupational Orientation 
Key Indicator 1: Prepares time or job | 
Key Indicator 4: Follows written in: 
assignmen 





avi Module 7: Gas Tungsten A 








Key Indicator 1 





INTRODUCTION 


The gas tungsten arc welding (GTAW) process is sometimes referred to as TIG, 
or heliarc. The term 7IG is short for tungsten inert gas welding, and the much 
older term heliarc was used because helium was the first gas used for the 
process. The aircraft industry developed the GTAW process for welding magne- 
sium during the late 1930s and the early 1940s. During that time, helium was 
the primary shielding gas used, along with DCEP welding current. These caused 
many of the problems that limited application of the GTA welding process. But 
improvements in gas composition and a better understanding of the impor- 
tance of polarity improved the process's effectiveness and reduced its cost. 
To use this process, an arc is established between a nonconsumable tung- 
sten electrode and the base metal, which is called the work. Under the correct 
welding conditions, the electrode does not melt, although the work does at the 
spot where the arc impacts its surface and produces a molten weld pool. The 
filler metal is thin wire that is fed directly into the molten weld pool, where it 
melts. Since hot tungsten is sensitive to oxygen contamination, a good inert 
shielding gas is required to keep the air away from the hot tungsten and mol- 
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Fig 16. LED VOLTAGES 
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Fig 18. WHITE LED VOLTAGE 
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Basic Electronics 1A 






to Index 


If we connect a WHITE LED to 3v supply, it will not 


illuminate because it needs a supply higher than 
3.6v. 


The resistor in series with the LED is called a 
CURRENT LIMITING RESISTOR. 


In this circuit no current flows because the supply 


is not high enough. 


to Index 


When the supply is increased to 4.5v, the 220R 
resistor will allow a current to flow through the 
white LED and it will develop a 
CHARACTERISTIC VOLTAGE DROP of 3.6v 
across it. 


The supply (the voltage of the battery) must be 
higher than the CHARACTERISTIC VOLTAGE 
DROP of the LED so the resistor will allow the 

correct amount of current to flow. 

The ideal current for a LED is 20mA, however 

some LEDs will work when 1mA flows, so you 

have to know what you are doing. 





to Index 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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ten weld metal. The inert gas provides the needed arc characteristics and pro- 
tects the molten weld pool. Because fluxes are not used, the welds produced 
are sound, free of slags, and as corrosion-resistant as the parent metal. 

Before development of the GTAW process, welding aluminum and magne- 
sium was difficult. The welds produced were porous and prone to corrosion. 

When argon became plentiful and DCEN was recognized as more suitable 
than DCEP, the GTA process became more common. Until the development of 
Gas Metal Arc Welding (GMAW) in the late 1940s, GTAW was the only accept- 
able process for welding such reactive materials as aluminum, magnesium, 
titanium, and some grades of stainless steel, regardless of thickness. Reactive 
metals are ones that are easily contaminated when heated to their molten 
welding temperatures. Contamination can come from the air or can be picked 
up from surfaces containing oxides, oils, paints, or similar materials. Although 
economical for welding sheet metal, the process proved tedious and expen- 
sive for joining sections much thicker than 1/4 in. (6 mm). The eye-hand co- 
ordination required to make GTA welds is very similar to the coordination re- 
quired for oxyfuel gas welding. GTA welding is often easier to learn when a 
person can oxyfuel gas weld. 


TUNGSTEN 


Tungsten, atomic symbol W, has the following properties: 


¢ high tensile strength: 500,000 lb/in.* (3447 kg/mm’) 
e hardness: Rockwell C45 

e high melting temperature: 6170°F (3410°C) 

e high boiling temperature: 10,700°F (5630°C) 

e good electrical conductivity 


Tungsten is produced mainly by reduction of its trioxide with hydro- 
gen. Powdered tungsten is then purified to 99.95+%, compressed, and sin- 
tered (heated to a temperature below melting where grain growth can oc- 
cur) to make an ingot. The ingot is heated to increase ductility and then is 
swaged and drawn through dies to produce electrodes. These electrodes 
are available in sizes varying from 0.01 in. to 0.25 in. (0.25 mm to 6 mm) in 
diameter. The tungsten electrode, after drawing, has a heavy black oxide 
that is later chemically cleaned or ground off. 

The high melting temperature and good electrical conductivity make 
tungsten the best choice for a nonconsumable electrode. Its arc temper- 
ature, around 11,000°F (6000°C), is much higher than its melting tem- 
perature but not much higher than its boiling temperature of 10,700°F 
(5630°C). 

As the tungsten electrode becomes hot, the arc between the electrode 
and the work will stabilize. Because electrons are more freely emitted from 
hot tungsten, the very highest temperature possible at the tungsten elec- 
trode tip is desired. Maintaining a balance between the heat necessary to 
have a stable arc and heat that is high enough to melt the tungsten requires 
an understanding of the GTA torch and electrode. 
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is ELECTRODE 







WELD BEAD 
TUNGSTEN DROPLETS 
TRANSFERRING 

ACROSS THE ARC 


TUNGSTEN INCLUSIONS IN 
THE WELD METAL 
MOLTEN WELD POOL 


Figure 4.1 
Some tungsten will erode from the electrode, be transferred across the arc, and become 
trapped in the weld deposit 


The thermal conductivity of tungsten and the heat input are prime fac- 
tors in the use of tungsten as an electrode. In general, tungsten is a good 
conductor of heat. This conductive property is what allows the tungsten 
electrode to withstand the arc temperature well above its melting temper- 
ature. The heat of the arc is conducted away from the electrode’s end so 
fast that it does not reach its melting temperature. For example, a wooden 
match burns at approximately 3000°F (1647°C). Because aluminum melts 
at 1220°F (971°C), a match should easily melt an aluminum wire. However, 
a match will not even melt a 1/16-in. (2-mm) aluminum wire. The alumi- 
num, like a tungsten electrode, conducts the heat away so quickly that it 
will not melt. 

Because of the intense heat of the arc, some erosion of the electrode 
will occur. This eroded metal is transferred across the arc, Figure 4.1. Slow 
erosion of the electrode results in limited tungsten inclusions in the weld, 
which are acceptable. Standard codes give the size and amount of tung- 
sten inclusions that are allowable in various types of welds. The tungsten 
inclusions are hard spots that cause stresses to concentrate, possibly re- 
sulting in weld failure. Although tungsten erosion cannot be completely 
eliminated, it can be controlled. A few ways of limiting erosion include: 


e having good mechanical and electrical contact between the elec- 
trode and the collet 

e using as low acurrent as possible 

e using a water-cooled torch 

e using as large a size of tungsten electrode as possible 

e using DCEN current 

e using as short an electrode extension from the collet as possible 

e using the proper electrode end shape 

e using an alloyed tungsten electrode 


The torch end of the electrode is tightly clamped in a collet. The collet 
inside the torch is cooled by air or water. The collet is the cone-shaped 
sleeve that holds the electrode in the torch. Heat from both the arc and 
the tungsten electrode’s resistance to the flow of current must be absorbed 
by the collet and torch. To ensure that the electrode is being cooled prop- 
erly, be sure the collet connection is clean and tight. And for water-cooled 
torches, make sure water flow is adequate. 
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Figure 4.2 


Irregular surface of a cleaned tungsten electrode (poor heat transfer to collet) 
Photo Courtesy of Larry Jeffus 


Collet-tungsten connection efficiency is shown in Figure 4.2 and 
Figure 4.3. 

Large-diameter electrodes conduct more current because the resis- 
tance heating effects are reduced. However, excessively large sizes may 
result in too low a temperature for a stable arc. 

In general, the current-carrying capacity at DCEN is about ten times 
greater than that at DCEP. 

The particular electrode tip shape impacts the temperature and erosion 
of the tungsten. With DCEN, a pointed tip concentrates the arc as much 
as possible and improves arc, starting with either a high-voltage electrical 
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Figure 4.3 


Smooth surface of a centerless ground tungsten electrode (good heat transfer to collet) 
Photo Courtesy of Larry Jeffus 
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(A) (B) (C) 


Figure 4.4 
Basic tungsten electrode and shapes: pointed (A), rounded (B), and tapered with 
a balled end (C) 


discharge or a touch start. Because DCEN does not put much heat on the 
tip, itis relatively cool, the point is stable, and it can survive extensive use 
without damage, Figure 4.4A. 

With alternating current, the tip is subjected to more heat than with 
DCEN. To allow a larger mass at the tip to withstand the higher heat, the 
tip is rounded. The melted end must be small to ensure the best arc stabil- 
ity, Figure 4.4B. 

DCEP has the highest heat concentration on the electrode tip. For this 
reason, a slight ball of molten tungsten is suspended at the end of a ta- 
pered electrode tip. The liquid tungsten surface tension, with the larger 
mass above the molten ball, holds it in place like a drop of water on your 
fingertip, Figure 4.4C. 


TYPES OF TUNGSTEN ELECTRODES 


Pure tungsten has a number of properties that make it an excellent non- 
consumable electrode for the GTA welding process. These properties can 
be improved by adding cerium, lanthanum, thorium, or zirconium to the 
tungsten. 

For GTA welding, tungsten electrodes are classified as the following: 


e pure tungsten, EWP 

e 1% thorium tungsten, EWTh-1 

e 2% thorium tungsten, EWTh-2 

e 1/4% to 1/2% zirconium tungsten, EWZr 
e 2% cerium tungsten, EWCe-2 

e 1% lanthanum tungsten, EWLa-1 

e alloy not specified, EWG 


See Table 4.1. 

The type of finish on the tungsten must be specified as cleaned or 
ground. More information on composition and other requirements for 
tungsten welding electrodes is available in the AWS publication A5.12, 
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Table 4.1 Tungsten Electrode Types and Identification 


AWS Classification Tungsten Composition Tip Color 
EWP Pure tungsten Green 
EWTh-1 1% thorium added Yellow 
EWTh-2 2% thorium added Red 
EWZr 1/4% to 1/2% zirconium added Brown 
EWCe-2 2% cerium added Orange 
EWLa-1 1% lanthanum added Black 
EWLa-1.5 1.5% lanthanum added Gold 
EWLa-2 2% lanthanum added Blue 
EWG Alloy not specified Grey 


Specifications for Tungsten and Tungsten Alloy Electrodes for Arc Welding 
and Cutting. 


Pure Tungsten Electrodes, EWP 


Pure tungsten has the poorest heat resistance and electron emission 
characteristic of all the tungsten electrodes. It has a limited use with AC 
welding of metals, such as aluminum and magnesium, and is not recom- 
mended for use with inverter type welding power supplies. New alloying 
elements are now available with higher current carrying capacity; better 
emission characteristics and greater durability have replaced pure tung- 
sten electrodes for AC welding in many shops. 


Thoriated Tungsten Electrodes, EWTh-1 and EWTh-2 


Thorium oxide (ThO,), when added to tungsten in percentages of up to 
0.6%, improves tungsten’s current-carrying capacity. The addition of 1% 
to 2% of thorium oxide does not further improve current-carrying capac- 
ity. It does, however, help with electron emission. This can be observed by 
a reduction in the electron force (voltage) required to maintain an arc of 
a specific length. Thorium also increases the serviceable life of the tung- 
sten. The improved electron emission of the thoriated tungsten allows it to 
carry approximately 20% more current. This also results in a correspond- 
ing reduction in electrode tip temperature, resulting in less tungsten ero- 
sion and subsequent weld contamination. 

Thoriated tungsten also provides a much easier arc starting character- 
istic than pure or zirconiated electrodes. Thoriated tungsten works well 
with direct current electrode negative (DCEN). It can maintain a sharp- 
ened point well. It is very well suited for making welds on steel, steel al- 
loys (including stainless), nickel alloys, and most other metals, other than 
aluminum or magnesium. 

Thoriated electrodes do not work well with alternating current (AC). It 
is difficult to maintain a balled end, which used to be required and is still 
commonly used for AC welding. A thorium spike, Figure 4.5, may also de- 
velop on the end of a thorium electrode when it is overheated, disrupting a 
smooth arc. Furthermore, whether balled or sharpened to a point, when a 
thoriated tungsten electrode is overheated by exceeding its maximum am- 
perage rating, small vaporized droplets of tungsten will transfer across the 
arc and into the work, possibly making the weld rejectable (see Figure 4.1). 


THORIUM SPIKE 
7 THORIUM S 


Figure 4.5 
Thorium spike on a balled end 
tungsten electrode 


111 


112 CHAPTER 4 


Thorium is a very low-level ra- 
dioactive oxide, but the level 
of radioactive contamination 
from a thorium electrode has 
not been found to be a health 
hazard during welding. It is, 
however, recommended that 
grinding dust be contained. 
Because of concern in other 
countries regarding radioac- 
tive contamination to the 
welder and welding environ- 
ment, thoriated tungsten has 
been replaced with other 
alloys. 


When a thorium spike becomes visible on an electrode tip, it should be 
assumed that the electrode was overheated and that the weld may be con- 
taminated by vaporized droplets. 


Zirconium Tungsten Electrodes, EWZr 


Zirconium oxide (ZrO2) also helps tungsten emit electrons freely. The ad- 
dition of zirconium to the tungsten has the same effect on the electrode 
characteristic as thorium, but to a lesser degree. Because zirconium tung- 
sten is more easily melted than thorium tungsten, ZrO2 electrodes are rec- 
ommended to be used with AC current. Because of the ease in forming 
the desired balled end on thorium versus zirconium tungsten, zirconium 
tungsten is normally the electrode chosen for AC welding of aluminum 
and magnesium alloys. Zirconiated tungsten is more resistant to weld pool 
contamination than pure tungsten, thus providing excellent weld quali- 
ties with minimal contamination. 

Zirconiated tungsten also has the advantage over thoriated tungsten in 
that it is not radioactive. 


Cerium Tungsten Electrodes, EWCe-2 


Cerium oxide (CeO2) is added to tungsten to improve the current-carrying 
capacity in the same manner as does thorium. These electrodes were 
developed to replace thoriated tungsten electrodes because they are not 
made of a radioactive material. Cerium oxide electrodes have a current- 
carrying capacity similar to that of thoriated tungsten; however, they have 
an improved arc starting and arc stability characteristic, similar to that of 
thoriated tungsten. They can also provide a longer life than do most other 
electrodes, including thorium. 

These electrodes have strong welder appeal for DC welding at low cur- 
rent settings; however, they are also used more and more with AC pro- 
cesses. In fact, ceriated electrodes along with lanthanum oxide electrodes 
are being recommended as a multipurpose electrode by the manufactur- 
ers of inverter based welding power supplies. With excellent arc starts at 
low amperages, ceriated tungsten has become more and more common in 
orbital tube and pipe manufacturing operations as well as with thin sheet 
and delicate work. Cerium electrodes contain approximately 2% cerium 
oxide. 


Lanthanum Tungsten Electrodes, EWlLa-1, EWLa-1.5, EWLa-2 


Lanthanated tungsten is available as 1%, 1.5%, and 2%. Lanthanum tri- 
oxide has the lowest work function of any of the materials, thus it usually 
starts easiest and has the lowest temperature at the tip, which resists grain 
growth and promotes longer service life. Tests have proven that lantha- 
num electrodes last longer than do thorium electrodes when they are not 
overheated, and lanthanum electrodes are also resistant to thermal shock, 
which makes them a good choice for pulsed GTAW operations. Lantha- 
num electrodes require about 15% less power to initiate and maintain low 
current arcs. Lanthanum tungsten is a “rare earth” material and is not ra- 
dioactive. Whereas lanthanated electrodes have been used successfully in 
Europe and Japan since 1993, lanthanum tungsten is a relative newcomer 
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to the United States. This electrode has been primarily used for DC weld- 
ing, but it is now being recommended, along with cerium electrodes, for 
AC welding, given its high current-carrying capacity and resistance to 
spitting during AC operations. The higher current-carrying capacity and 
resistance to spitting and spikes allow lanthanum and cerium electrodes 
to be used with a pointed tip prep on AC operations with aluminum alloys. 
The pointed tip allows for a more controllable arc and the ability to make 
smaller weld profiles in fillet joints. While slightly more expensive than 
thoriated electrodes, lanthanum can be used for just about any shop oper- 
ation, thus eliminating confusion about electrode selection when multiple 
alloys are welded. 


The EWG classification is for electrodes whose alloys have been modified 
by manufacturers. Such alloys have been developed and tested by manu- 
facturers to meet specific welding criteria. The blend of alloying oxides are 
proprietary, meaning that specific alloy compositions are not normally 
available from manufacturers; however, they do provide welding charac- 
teristics for these electrodes. 


SHAPING THE TUNGSTEN ELECTRODE 


The desired end shape of tungsten can be obtained by grinding, breaking, 
remelting the end, or using chemical compounds. Tungsten is brittle and 
easily broken. Welders must be sure to make a smooth, square break where 
they want it to be located. 


A grinder or belt sander is often used to clean a contaminated tungsten 
electrode or to put a point at the end of the tungsten. The grinder or sander 
used to sharpen tungsten should have a fine, hard stone or a fine grit me- 
dia for the belt (80-120 grit). It should be used for grinding tungsten only. 
Because of the hardness of the tungsten and its brittleness, the grinding 
stone chips off small particles of the electrode. A coarse grinding stone 
will result in more tungsten breakage and a poorer finish. If the grinder is 
used for metals other than tungsten, particles of these metals may become 
trapped on the tungsten as it is ground. The metal particles will quickly 
break free when the arc is started, resulting in contamination. 


EXPERIMENT 4-1 


Grinding the Tungsten to the Desired Shape 


Using an electric grinder with a fine grinding stone or a belt sander 
with 80-120 grit abrasive media, one piece of tungsten 2 in. (51 mm) 
long or longer, and safety glasses, you will grind a point on tungsten 
electrodes. 

Because of the hardness of the tungsten, it will become hot. Its high 
thermal conductivity means that the heat will be transmitted quickly to 
your fingers. To prevent overheating, only light pressure should be applied 


+ Module 1 


Key Indicator 1, 4 


+ Module 7 


Key Indicator 2 

Carbon Steel 

Key Indicator 3 
Austenitic Stainless Steel 
Key Indicator 8 
Aluminum 

Key Indicator 13 
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Figure 4.6 





Figure 4.7 


Correct method of grinding a tungsten electrode Incorrect method of grinding a tungsten electrode 


Courtesy of Larry Jeffus 


If an electrode has a large 
aluminum deposit at the end 
from contact with the work 
or filler metal, the deposit 
should be broken off before 
grinding on a stone wheel 
because nonferrous materials 
like aluminum, brass, and cop- 
per have a tendency to smear 
onto the wheel, which may 
cause a dangerous out-of-bal- 
ance condition in the wheel. 


When holding one end of the 
tungsten against the grinding 
wheel, the other end of the 
tungsten must not be directed 
toward the palm of your hand, 
Figure 4.8. This will prevent 
the tungsten from being stuck 
into your hand if the grinding 
wheel catches it and suddenly 
pushes it downward. 





Courtesy of Larry Jeffus 


against the grinding wheel or belt. This will also reduce the possibility of 
accidentally breaking the tungsten. 

Grind the tungsten so that the grinding marks run lengthwise, Fig- 
ure 4.6 and Figure 4.7. Lengthwise grinding reduces the amount of small 
particles of tungsten contaminating the weld. Move the tungsten up and 
down as it is twisted during grinding. This will prevent the tungsten from 
becoming hollow-ground. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Tungsten is hard but brittle, resulting in alowimpact strength. Iftungsten is 
struck sharply, itwill break without bending. When itis held againsta sharp 
corner and hit, a fairly square break will result. Figure 4.9, Figure 4.10, 





Figure 4.8 
Correct way of holding a tungsten when grinding 
Courtesy of Larry Jeffus 
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Figure 4.9 
Breaking the contaminated end from a tungsten by striking it with a hammer 
Courtesy of Larry Jeffus 





Figure 4.10 Figure 4.11 
Correctly breaking the tungsten using two pairs of pliers Using wire cutters to correctly break the tungsten 
Courtesy of Larry Jeffus Courtesy of Larry Jeffus 
and Figure 4.11 show ways to break the tungsten correctly on a sharp cor- 
ner using a hammer, with two pliers, and wire cutters. 
Once the tungsten has been broken squarely, the end may be melted Always wear eye protection 
back so that it becomes somewhat rounded. The breaking and remelting as the end of the electrode 
technique is an older technique appropriate for pure tungsten and zirconi- can fly a good distance when 


ated tungsten electrodes due to their lower current-carrying capacity and ote 


inability to hold a pointed end. Cerium and lanthanum electrodes will 

maintain a pointed end much longer; therefore, this technique is rarely 

used with them unless the wider bead profile produced by a hemispherical 

tip prep is desired. This is accomplished by switching the welding current 

to DCEP and striking an arc under argon shielding on a piece of copper.If “Fj Module 1 
copper is not available, another piece of clean metal can be used. Do not Key Indicator 1, 4 


use carbon, as it will contaminate the tungsten. 
‘T] Module 7 


Key Indicator 2 
Carbon Steel 
Key Indicator 3 
Austenitic Stainless Steel 
Key Indicator 8 

Using short scrap pieces of tungsten, pliers or wire cutters, and a light Aluminum 


machinist’s hammer, you will break the end from the tungsten. Key Indicator 13 


116 CHAPTER 4 


(A) (B) 


Figure 4.12 

(A) Correctly broken tungsten 
electrode; (B) incorrectly broken 
tungsten electrode 


Break about 1/4 in. (6 mm) from the end of the tungsten using the ap- 
propriate method, depending upon the diameter of the tungsten. Ob- 
serve the break; it should be square and relatively smooth, Figure 4.12. 
The end of the tungsten should be broken only if the tungsten is badly 
contaminated. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


The tungsten can be cleaned and pointed using one of several compounds. 
The tungsten is heated by shorting it against the work. The tungsten is then 
dipped in the compound, a strong alkaline, which rapidly dissolves the hot 
tungsten. The chemical reaction occurs so quickly that enough additional 
heat is produced to keep the tungsten hot, Figure 4.13. When the tungsten 
is removed, cooled, and cleaned, the end will be tapered to a fine point. If 
the electrode is contaminated, the chemical compound will dissolve the 
tungsten, allowing the contamination to fall free. 


The tapered tungsten with a balled end, a shape sometimes used for AC 
or DCEP welding, is made by first grinding or chemically pointing the 
electrode. Using DCEP, as in the procedure for the remelted broken end, 
strike an arc on some copper under argon shielding and slowly increase 
the current until a ball starts to form on the tungsten. The ball should be 
made large enough so that the color of the end stays between dull red and 
bright red. If the color turns white, the ball is too small and should be made 
larger. To increase the size of the ball, simply apply more current until the 
end begins to melt. Surface tension will pull the molten tungsten up onto 
the tapered end. Lower the current and continue welding. DCEP is seldom 
used for welding. If the tip is still too hot, it may be necessary to increase 
the size of the tungsten. 
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Figure 4.13 

Chemically cleaning and pointing tungsten: (A) shorting the tungsten against the work to 
heat it to red hot, (B) inserting the tungsten into the compound and moving it around, and 
(C) cleaned and pointed tungsten ready for use 


1/10/2018 Basic Electronics 1A 





no 
illumination 


LED connected 
around the 
wrong way 


Fig 19. Testing ALED 

Now connect either the 1k, 470R or 220R and determine the brightness you need. 
As the brightness increases, the current will be higher. 

You can use 3v supply for all LEDs except blue and white. 


HOW TO TEST A LED 

Some clear LEDs produce red or orange and some LEDs do not have the cathode lead clearly 
identified. 

Here's how to find the colour, cathode lead and the current. 

You need a 6v battery, 10k resistor, 1k resistor, 470R resistor and 220R resistor. 

Connect the 6v battery and 10k resistor to the LED and it will only illuminate when the cathode 
is connected to the negative of the battery. This is the short lead. 





to Index 


Do not connect a 3v battery directly across a LED. 
It will be DAMAGED. You MUST include a resistor. 


3v 
Fig 20. Damage a LED 


to Index 
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Using a properly set up GTA welding machine, proper safety protection, 
one piece of copper or other clean piece of metal, and the tungsten that 
was sharpened and broken in Experiments 4-1 and 4-2, you will melt the 
end of the tungsten into the desired shape. 

Properly install the tungsten, set the argon gas flow, switch the current 
to DCEP, and turn on the machine. Strike an arc on the copper and slowly 
increase the amperage. Watch the tungsten as it begins to melt and stop 
the current when the desired shape has been obtained, Figure 4.14. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


GTA WELDING EQUIPMENT 


Figure 4.15 and Figure 4.16 show two industrial applications of gas tung- 
sten arc welding. 


Torches 


GTA welding torches are available water-cooled or air-cooled. The heat 
transfer efficiency for GTA welding may be as low as 20%. This means 
that 80% of the heat generated does not enter the weld. Much of this 





Figure 4.15 

Semiautomatic operation allows a stainless steel part to be GIA Figure 4.16 
welded as it is turned past the torch An operator GTA welds a cap ring on a pneumatic tank 
Courtesy of Lincoln Electric Company Courtesy of Lincoln Electric Company 
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Austenitic Stainless Steel 
Key Indicator 8 
Aluminum 
Key Indicator 13 


IDEAL ACCEPTABLE TOO LARGE 


Figure 4.14 
Melting the tungsten end shape 
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With the introduction of 
multipurpose electrode 
types, such as cerium and 
lanthanum, it is often no 
longer necessary to produce 
a balled end on an electrode 
when welding aluminum with 
alternating current. However, 
when making surfacing welds 
or buildups on aluminum 
castings, a hemispherical end 
preparation on an electrode 
will produce a wider arc and 
weld pool, which is desirable 
in these types of operations. 





Figure 4.17 
Power cable safety fuse 
Courtesy of ESAB Welding & Cutting Products 


heat stays in the torch and must be removed by some type of cooling 
method. 

The water-cooled GTA welding torch is more efficient at removing waste 
heat than is an air-cooled torch. The water-cooled torch, as compared to 
the air-cooled torch, operates at a lower temperature, resulting in a lower 
tungsten temperature and less erosion. 

The air-cooled torch is more portable because it has fewer hoses, and it 
may be easier to manipulate than the water-cooled torch. Also, the water- 
cooled torch requires a water reservoir or other system to give the needed 
cooling. The cooling water system should contain some type of safety de- 
vice, Figure 4.17, to make it possible to shut off the power if the water flow 
is interrupted. The power cable is surrounded by the return water to keep 
it cool so that a smaller-size cable can be used. Without the cooling water, 
the cable quickly overheats and melts through the hose. 

The water can become stopped or restricted for a number of reasons, 
such as a kink in the hose, a heavy object set on the hose, or failure to turn 
on the system. Water pressures higher than 35 psi (241 kg/mm”) may cause 
the water hoses to burst. When an open system is used, a pressure regula- 
tor must be installed to prevent pressures that are too high from damaging 
the hoses. 

GTA welding torch heads are available in a variety of amperage ranges 
and designs, Figure 4.18. The amperage listed on a torch is the maximum 
rating and cannot be exceeded without possible damage to the torch. The 
various head angles allow better access in tight places. Some of the heads 
can be swiveled easily to new angles. The back cap that both protects and 
tightens the tungsten can be short or long. Short caps are beneficial for 
getting the torch into restricted areas. Long caps can accommodate a full- 
length electrode, which will carry more heat away from the tip and allow 
slightly more current to be used before the electrode overheats. Figure 4.19 
and Figure 4.20. 


A water-cooled torch has three hoses connecting it to the welding ma- 
chine. The hoses are for shielding gas to the torch, cooling water to the 
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Figure 4.18 
GTA welding torches 


Courtesy of American Torch Tip 


torch and cooling water return, and housing the power cables to the torch, 
Figure 4.21. Air-cooled torches may have one hose for shielding gas at- 
tached to the power cable, Figure 4.22. 

The shielding gas hose must be plastic to prevent the gas from being 
contaminated. Rubber hoses contain oils that can be picked up by the gas, 
resulting in weld contamination. 

The water-in hose may be made of any sturdy material. Water hose fit- 
tings have left-hand threads, and gas hose fittings have right-hand threads. 





Figure 4.20 
Figure 4.19 Long back caps allow tungstens that are a full 7 in. (177 mm) 
Short back caps are available for torches when space is a long to be used 
problem Courtesy of ESAB Welding & Cutting Products 
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Figure 4.21 


Schematic of a GTA welding setup with a water-cooled torch 


This prevents the water and gas hoses from accidentally being reversed 
when they are attached to the welder. The return water hose also contains 
the welding power cable. This permits a much smaller-size cable to be 
used because the water keeps it cool. 

The water must be supplied to the torch head and return around the ca- 
ble. This allows the head to receive the maximum cooling from the water 
before the power cable warms it. Running the water through the torch first 
has another advantage. That is, when the water solenoid is closed, there is 
no water pressure in the hoses, which is particularly important. This fea- 
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Figure 4.22 
Schematic of a GTA welding setup with an air-cooled torch 
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Figure 4.23 Figure 4.24 
Zip-on protective covering also helps keep the hoses neat A bracket holds the leads off the floor 
Courtesy of ESAB Welding & Cutting Products Courtesy of Larry Jeffus 


ture also prevents condensation in the torch. If a water leak should occur 
during welding, the welding power is stopped, closing the water solenoid 
and thus stopping the leak. 

A protective covering can be used to prevent the hoses from becoming 
damaged by hot metal, Figure 4.23. Even with this protection, the hoses 
should be supported, Figure 4.24, so that they are not underfoot on the 
floor. By supporting the hoses, the chance of their being damaged by hot 
sparks is reduced. 


The nozzle, or cup, is used to direct the shielding gas directly on the weld- 
ing zone. The nozzle size is determined by the diameter of the opening and 
its length, Table 4.2. Nozzles may be made from ceramic, such as alumina 
or silicon nitride (opaque), or from fused quartz (clear). The nozzle may 
also have a gas lens to improve the gas flow pattern. 

The nozzle size, both length and diameter, is often the welder’s personal 
preference. Occasionally, a specific choice must be made based upon joint 
design or location. Small nozzle diameters allow the welder to better see 
the molten weld pool and can be operated with lower gas flow rates. Larger 
nozzle diameters can give better gas coverage, even in drafty places. 

Ceramic nozzles are heat resistant and offer a relatively long life. The 
useful life of a ceramic nozzle is affected by the current level and prox- 


Table 4.2 Recommended Cup Sizes 





Tungsten Electrode Nozzle Orifice 
Diameter Diameter 
in. (mm) in. (mm) 
1/16 (2) 1/4 to 3/8 (6 to 10) 
3/32 (2.4) 3/8 to 7/16 (10 to 11) 
1/8 (3) 7/16 to 1/2 (11 to 13) 


3/16 (5) 1/2 to 3/4 (13 to 20) 
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imity to the work. Silicon nitride nozzles will withstand much more heat, 
resulting in a longer useful life. 

The fused quartz (glass) used in a nozzle is a special type that can with- 
stand the welding heat. These nozzles are no more easily broken than ce- 
ramic ones but are more expensive. The added visibility with glass nozzles 
in tight, hard-to-reach places is often worth the added expense. 

The longer a nozzle, the longer the tungsten must be extended from the 
collet. This can cause higher tungsten temperatures, resulting in greater 
tungsten erosion. When using long nozzles, it is better to use low amper- 
ages or a larger-size tungsten. 


The flowmeter may be merely a flow regulator used on a manifold system 
or it may be a combination flow and pressure regulator used on an indi- 
vidual cylinder, Figure 4.25 and Figure 4.26. 

The flow is metered or controlled by opening a small valve at the base 
of the flowmeter. The rate of flow is then read in units of cfh (cubic feet 
per hour), or L/min (liters per minute). The reading is taken from a fixed 
scale that is compared to a small ball floating on the stream of gas. Me- 
ters from various manufacturers may be read differently. For example, 
they may read from the top, center, or bottom of the ball, Figure 4.27. 
The ball floats on top of the stream of gas inside a tube that gradually in- 
creases in diameter in the upward direction. The increased size allows 





Figure 4.25 
Flowmeter Figure 4.26 
Courtesy of Controls Flowmeter regulator 


Corporation of America Courtesy of Controls Corporation of America 
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(A) (B) (C) 
Figure 4.27 
Three methods of reading a flowmeter (A) top of ball, (B) center of ball, and (C) bottom 
of ball 


more room for the gas flow to pass by the ball. If the tube is not vertical, 
the reading is not accurate, but the flow is unchanged. Also, when using 
a line flowmeter, it is important to have the correct pressure. Changes in 
pressure will affect the accuracy of the flowmeter reading. In order to get 
accurate readings, be sure the gas being used is read on the proper flow 
scale. Less dense gases, such as helium and hydrogen, will not support the 
ball on as high a column with the same flow rate as a denser gas, such as 
argon. 


TYPES OF WELDING CURRENT 


All three types of welding current, or polarities, can be used for GTA weld- 
ing. Each current has individual features that make it more desirable for 
specific conditions or with certain types of metals. 

The major differences among the currents are in their heat distribu- 
tions and the presence or degree of arc cleaning. Figure 4.28 shows the 
heat distribution for each of the three types of currents. 
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Figure 4.28 
Heat distribution between the tungsten electrode and the work with each type of welding current 


123 


124 CHAPTER 4 


Figure 4.29 


DCEN 
(DCSP) 


© 
OO 


? é 
Q —"? —_ 


Direct current electrode negative (DCEN), which used to be called di- 
rect current straight polarity (DCSP), concentrates about two-thirds of its 
welding heat on the work and the remaining one-third on the tungsten. 
The higher heat input to the weld results in deep penetration. The low heat 
input into the tungsten means that a smaller-size tungsten can be used 
without erosion problems. 

Direct current electrode positive (DCEP), which used to be called direct 
current reverse polarity (DCRP), concentrates only one-third of the arc 
heat on the plate and two-thirds of the heat on the electrode. This type of 
current produces wide welds with shallow penetration, but it has a strong 
cleaning action upon the base metal. The high heat input to the tungsten 
indicates that a large-size tungsten is required, and the end shape with a 
ball must be used. The low heat input to the metal and the strong cleaning 
action on the metal make this a good current choice for thin, heavily oxi- 
dized metals and magnesium. The metal being welded will not emit elec- 
trons as freely as does tungsten, so the arc may wander or be more erratic 
than DCEN. Because of the near molten state of the electrode tip during 
DCEP operations, it is almost always done in the flat position. 

There are many theories as to why DCEP has a cleaning action. The 
most probable explanation is that the electrons accelerated from the cath- 
ode surface lift the oxides that interfere with their movement. The posi- 
tive ions accelerated to the metal’s surface provide additional energy. In 
combination, the electrons and ions cause the surface erosion needed to 
produce the cleaning. Although this theory is disputed, it is important to 
note that cleaning does occur, that it requires argon-rich shield gases and 
DCEP polarity, and that it can be used to advantage, Figure 4.29. 
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DCEP 
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Electrons collect under the oxide layer during the DCEP portion of the cycle and lift the oxides from the surface 
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Figure 4.30 
Sine wave of alternating current at 60 cycle 


Alternating current (AC) concentrates about half of its heat on the work 
and the other half on the tungsten. Alternating current is DCEN half of 
the time and DCEP the other half of the time. The frequency at which 
the current cycles is the rate at which it makes a full change in direction, 
Figure 4.30. In the United States, the electric current cycles at the rate of 
60 times per second, or 60 hertz (60 Hz). Referring again to Figure 4.30, 
the current is at its maximum peak at points A and B. The rate gradually 
decreases until it stops at points C and D. The arc at these points is ex- 
tinguished and, as the current reversal begins, must be reestablished. 
This event requires the emission of electrons from the cathode to ionize 
the shielding gas. When the hot, emissive electrode becomes the cath- 
ode, reestablishing the arc is easy. However, it is often quite difficult to 
reestablish the arc when the colder and less emissive workpiece becomes 
the cathode. Because voltage from the power supply is designed to support 
a relatively low voltage arc, it may be insufficient to initiate electron flow. 
When the arc does not reignite consistently, it becomes destabilized and 
can cause poor welding performance. This phenomenon is called rec- 
tification. Thus, a voltage assist from another source is needed. A high- 
voltage but low-current spark gap oscillator commonly provides the assist 
at a relatively low cost. The high frequency ensures that a voltage peak will 
occur reasonably close to the current reversal in the welding arc, creat- 
ing a low-resistance ionized path for the welding current to follow, Figure 
4.31A and Figure 4.31B. This same device is often used to initiate direct 
current arcs, a particularly useful technique for mechanized welding. 

The high-frequency current is established by capacitors discharging 
across a gap set on points inside the machine. Changing the point gap 
setting will change the frequency of the current. The closer the points 
are, the higher the frequency; the wider the spacing between the points, 
the lower the frequency. The voltage is stepped up with a transformer 
from the primary voltage supplied to the machine. The available amper- 
age to the high-frequency circuit is very low. Thus, when the circuit is 
complete, the voltage quickly drops to a safe level. The high frequency is 
induced on the primary welding current in a coil. 

The high frequency may be set so that it automatically cuts off after the 
arc is established, when welding with DC. It is kept on continuously with 
AC and transformer rectifier power supplies. When used in this manner, 
itis referred to as alternating current, high-frequency stabilized, or ACHF. 
Most of the newer inverter power supplies have advanced circuitry that 
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Figure 4.31B 


Figure 4.31A The high frequency first appears as a blue glow around the 
High-frequency arc starting current shown over the tungsten before the welding current starts its arc 
low-frequency welding current Courtesy of Larry Jeffus 


switches between DCEN and DCEP so quickly that rectification cannot 
occur and high frequency is not used. 


AG BALANCE CONTROL 


While older transformer rectifier welding power supplies can only pro- 
duce AC power in the form of a sine wave (Figure 4.30), newer transformer 
rectifiers and inverter power supplies can provide enhanced AC output by 
controlling the dwell time spent on each side of the AC cycle. 

The two additional AC waveforms are called square wave and ad- 
vanced square wave. Figure 4.32 shows a comparison of the three wave- 
forms. The waveforms represent how the current is measured in amplitude 
and time as the current moves to a high point, changes direction and 
polarity, and crosses over the zero point while moving to the maximum 
amperage on the other side. When the current has moved up and down, 
hitting both maximum amperages, this represents one cycle. AC electrical 
power in the United States is delivered at 60 cycles per second. 
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A LED IS CURRENT DRIVEN 


You may have seen this statement and tried to work out what it means. 

Basically it means an increase in current will make the LED brighter. 

But a LED needs 2 things: 

It needs a voltage that is EXACTLY the voltage required to produce illumination. And this 
voltage depends on the colour of the LED. 

As soon as you supply the exact voltage, the crystal will begin to glow and as you increase the 
current, the illumination will increase. 


But doing this is VERY VERY difficult. 

It is very easy to supply an exact voltage such as 1.7v or 3.4v, but delivering a current such as 
10mA or 20mA at the same time is very difficult. You cannot get a 1.7v battery and deliver 10mA 
to a LED. 

As we have shown above, you need a simple components such as a resistor between the 
battery and LED to achieve the desired result. 

A LED is CURRENT DRIVEN but firstly you need to provide a VOLTAGE that is exactly the 
connect value for the colour of the LED and then the current can be increased. 
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Fig 21. All the resistor values 
Here are all the colours and values for the resistors you will using in this course. Just match-up the 
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Figure 4.32 
Comparison of the three different AC waveforms all representing a time balanced condition 
and operating at 200 amperes 


Welding machines with square wave capabilities have a knob or digital 
readout that controls the amount of time the current spends on the EN and 


EP half of the AC cycle. If the machine is adjusted to have more dwell time inereasechepinalancencnie tt 
spent on the EN side, the result will be deeper penetration and reduced substitute for excellent sur- 
cleaning action. The dial usually says “max penetration,” Figure 4.33. An face prep, Figure 4.34. 


additional benefit of an AC arc balanced to favor EN is that the extra cur- 
rent delivered to the work will reduce the heat at the tip of the tungsten, 
which may allow a smaller diameter electrode, or even a pointed end, to 
be used. 

If the machine is adjusted to have more dwell time spent on the EP side 
of the half cycle, the result will be a wider, shallower bead profile with 
greater cleaning action. A machine setting favoring more dwell time on 
EP (called “max cleaning”) will be a benefit when it is impractical or im- 
possible to completely remove small amounts of surface contaminants or 
when welding on aluminum castings. The extra EP will help to etch away 
more or thicker oxides. When balance controls are set toward “max clean- 
ing,” a balled end will be required on the electrode, and if the ball becomes 
larger than 1-1/2 times the electrode diameter, the next larger size should 
be selected (Figure 4.14). 
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Figure 4.33 
Maximum penetration balance control setting 
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Figure 4.34 
Maximum cleaning control setting 


When the control knob is set in-between max cleaning and max pen- 
etration, it is called a balanced waveform. This is a good place to start for 
general AC applications, Figure 4.35. Balance control can be increased 
toward max EN if greater penetration or a pointed electrode is required; 
however, operators must be careful not to turn the balance control too far 
toward EN. When this happens, the oxides on top of the aluminum will not 
be completely removed and poor fusion or porosity may result. It is also 
important to note that transformer rectifiers, when set at max penetration, 
have 68% dwell time on EN, while advanced square wave inverter power 
supplies may produce as much as 99% dwell time on EN. In essence, this 
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Figure 4.35 
Balanced control setting 
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means that when a transformer square wave is set at 10 on its balance con- 
trol dial, it delivers about the same amount of EN as when an advanced 
square wave inverter is set to 7. 

If you have a square wave power supply, try adjusting the balance con- 
trol toward max cleaning and max penetration when working on alumi- 
num practices, and note the results in etching at the weld toes and the 
overall bead profile. 


SHIELDING GASES 


The shielding gases used for the GTA welding process are argon (Ar), he- 
lium (He), hydrogen (H), nitrogen (N), or a mixture of two or more of these 
gases. The purpose of the shielding gas is to protect the molten weld pool 
and the tungsten electrode from the harmful effects of air. The shielding 
gas also affects the amount of heat produced by the arc and the resulting 
weld bead appearance. 

Argon and helium are inert gases. This means that they will not com- 
bine chemically with any other material. Argon and helium may be found 
in mixtures but never as compounds. Because they are inert, they will not 
affect the molten weld pool in any way. 


Argon is a by-product in air separation plants. Air is cooled to tempera- 
tures that cause it to liquefy; then its constituents are fractionally distilled. 
The primary products are oxygen and nitrogen. Before these gases were 
produced on a tonnage scale, argon was a rare gas. Nowit is distributed in 
cylinders as gas or in bulk as a liquid. 

Because argon is denser than air, it effectively shields welds in deep 
grooves in the flat position. However, this higher density can be a hin- 
drance when welding overhead because higher flow rates are necessary. 
The argon is relatively easy to ionize and thus suitable for alternating cur- 
rent applications and easier starts. This property also permits fairly long 
arcs at lower voltages, making it virtually insensitive to changes in arc 
length. Argon is also the only commercial gas that produces the cleaning 
discussed earlier. These characteristics are most useful for manual weld- 
ing, especially with filler metals added, as shown in Figure 4.36. 





Figure 4.36 
Highly concentrated ionized argon gas column 
Courtesy of Larry Jeffus 


Never allow noninert gases, 
such as 0,, CO,, or N, to come 
in contact with your inert gas 
system. Very small amounts 
can contaminate the inert gas, 
which may result in the weld 
failing. 
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Helium is a by-product of the natural gas industry. It is removed from nat- 
ural gas as the gas undergoes separation (fractionation) for purification or 
refinement. 

Helium offers the advantage of deeper penetration. The arc force with 
helium is sufficient to displace the molten weld pool with very short arcs. 
In some mechanized applications, the tip of the tungsten electrode is po- 
sitioned below the workpiece surface to obtain very deep and narrow pen- 
etration. This technique is especially effective for welding aged aluminum 
alloys prone to overaging. It is also very effective at high welding speeds, 
as for tube mills. However, helium is less forgiving for manual welding. 
With helium, penetration and bead profile are sensitive to arc length, and 
the long arcs that are needed for feeding filler wires are more difficult to 
control. 

Helium has been mixed with argon to gain the combined benefits of 
cathode cleaning and deeper penetration, particularly for manual weld- 
ing. The most common of these mixtures is 75% helium and 25% argon. 

Although the GTA process was developed with helium as the shield- 
ing gas, argon is now used whenever possible because it is much cheaper. 
Helium also has some disadvantages. Because it is lighter than air, helium 
doesn’t allow for good shielding. Its flow rates must be about twice as high 
as argon’s for acceptable stiffness in the gas stream, and proper protection 
is difficult in drafts unless high flow rates are used. It is difficult to ionize, 
necessitating higher voltages to support the arc and making the arc more 
difficult to ignite. Alternating current arcs are very unstable. However, he- 
lium is not used with alternating current because the cleaning action does 
not occur. 


Hydrogen is not an inert gas and is not used as a primary shielding gas. 
However, it can be added to argon in small amounts (1-3%) when deep 
penetration and high welding speeds are needed. It also improves the weld 
surface cleanliness and bead profile on some grades of stainless steel that 
are very sensitive to oxygen. Hydrogen additions are restricted to stain- 
less steel because hydrogen is the primary cause of porosity in aluminum 
welds. It can cause porosity in carbon steel and, in highly restrained welds, 
underbead cracking in carbon and low alloy steel. 


Nitrogen is not an inert gas. Like hydrogen, nitrogen has been used as an 
additive to argon. But it cannot be used with some materials, such as fer- 
ritic steel, because it produces porosity. In other cases, such as with aus- 
tenitic stainless steel, nitrogen is useful as an austenite stabilizer in the 
alloy. It is used to increase penetration when welding copper. Nitrogen is 
also sometimes used as a backing gas on some austenitic stainless steel 
pipe and tubing because of its low relative cost. When using nitrogen to 
protect the back side of a weld, care must be taken to be sure that all fitups 
are tight and that no nitrogen mixes with the shield gas at the top of the 
weld. Unfortunately, because of the general success with inert gas mix- 
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Figure 4.37 
Standard method of starting welding current (A); hot start method of starting welding 
current (B) 


tures and because of potential metallurgical problems, nitrogen has not 
received much attention as an additive for GTA welding. 


Hot Start 


The hot start allows a controlled surge of welding current as the arc is 
started to quickly establish a molten weld pool. Rapidly establishing a 
molten weld pool on metals with a high thermal conductivity is often hard 
without this higher than normal current. Adjustments can be made in the 
length of time and the percentage above the normal current, Figure 4.37. 


Preflow Time and Postflow Time 


Preflow time is the time during which gas flows to clear out any air in 
the nozzle or surrounding the weld zone. The operator sets the length of 
time that the gas flows before the welding current is started, Figure 4.38. 
Because some machines do not have preflow, many welders find it hard to 
hold a position while waiting for the current to start. One solution to this 
problem is to use the postflow for preflow. Switch on the current to engage 
the postflow. Now, with the current off, the gas is flowing, and the GTA 
torch can be lowered to the welding position. The welder’s helmet should 
be lowered and the current restarted before the postflow stops. This allows 
welders to have preflow of shield gas and to start the arc when they are 
ready. 


SHIELDING GAS FLOW 








WELDING CURRENT. 








WELDING TIME» 


PREFLOW POSTFLOW 
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TOTAL GAS FLOW TIME-—————_——_> 


Figure 4.38 
Welding time compared to shielding gas flow time 
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Table 4.3 Postwelding Gas Flow Times 





Postwelding 
Electrode Diameter Gas Flow Time* 

in. (mm) 

.01 (0.25) 5 sec 
0.02 (0.5) 5 sec 
0.04 (1) 5 sec 
1/16 (2) 8 sec 
3/32 (2.4) 10 sec 
1/8 (3) 15 sec 
5/32 (4) 20 sec 
3/16 (5) 25 sec 
1/4 (6) 30 sec 





*The time may be longer if either the base metal or the tungsten 
electrode does not cool below the rapid oxidation temperatures 
within the postflow times shown. 


The postflow time is the time during which the gas continues flowing 
after the welding current has stopped. This period serves to protect the 
molten weld pool, the filler rod, and the tungsten electrode as they cool to 
a temperature at which they will not oxidize rapidly. The time of the flowis 
determined by the welding current and the tungsten size, Table 4.3. 


The shielding gas flow rate is measured in cubic feet per hour (cfh) or in 
metric measure as liters per minute (L/min). The rate of flow should be as 
low as possible and still give adequate coverage. High gas flow rates waste 
shielding gases and may lead to contamination. The contamination comes 
from turbulence in the gas at high flow rates. Air is drawn into the gas en- 
velope by a venturi effect around the edge of the nozzle. Also, the air can 
be drawn in under the nozzle if the torch is held at too sharp an angle to 
the metal, Figure 4.39. 

The larger the nozzle size, the higher is the flow rate permissible with- 
out causing turbulence. Table 4.4 shows the average and maximum flow 
rates for most nozzle sizes. A gas lens can be used in combination with the 
nozzle to stabilize the gas flow, thus eliminating some turbulence. A gas 
lens will add to the turbulence problem if there is any spatter or contami- 
nation on its surface. 


ap (Re aaa 











Figure 4.39 
Too steep an angle between the torch and work may draw in air 
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Table 4.4 Suggested Argon Gas Flow Rate for Given Cup Sizes 





Nozzle Inside Diameter Gas Flow* 
in. (mm) cfh (L/min) 
1/4 (6) 10-14 (4.7-6.6) 
5/16 (8) 11-15 (5.2-7.0) 
3/8 (10) 12-16 (5.6-7.5) 
76 (11) 13-17 (6.1-8.0) 
1/2 (13) 17-20 (8.0-9.4) 
5/8 (16) 17-20 (8.0-9.4) 


*The flow rates may need to be increased or decreased depending upon the 
conditions under which the weld is to be performed. 


REMOTE CONTROLS 


A remote control can be used to start the weld, increase or decrease 
the current, and stop the weld. The remote control can be either a foot- 
operated or hand-operated device. The foot control works adequately if 
the welder can be seated. Welds that must be performed away from a weld- 
ing station may use a hand or thumb control, or may not have any remote 
welding controls. 

Most remote controls have an on-off switch that is activated at the first 
or last part of the control movement. A variable resistor increases the cur- 
rent as the control is pressed more. A variable resistor works in a manner 
similar to the accelerator pedal on a car to increase the power (current), 
Figure 4.40. The operating amperage range is determined by the value 
that has been set on the main controls of the machine. 


EXPERIMENT 4-4 


Setting Up a GTA Welder 


Using a GTA welding machine; remote control welding torch; gas flow- 
meter; gas source (cylinder or manifold); tungsten; nozzle; collet; collet 
body; cap; and any other hoses, special tools, and required equipment, 
you will set up the machine for GTA welding, Figure 4.41. 





Figure 4.41 
GTA welding unit that can be added to a standard power supply so that it can be used 
for GTA welding 


Courtesy of Lincoln Electric Company 





Figure 4.40 

A foot-operated device can be used 
to increase the current 

Courtesy of Larry Jeffus 
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Figure 4.42 Figure 4.43 


Always be sure the power is off when making machine Tighten each fitting as it is connected to avoid missing a 
connections connection 
Courtesy of Larry Jeffus Courtesy of Larry Jeffus 


1. Start with the power switch off, Figure 4.42. Use a wrench to attach 
the torch hose to the machine. The water hoses should have left- 
hand threads to prevent incorrectly connecting them. Tighten the 
fittings only as tightly as needed to prevent leaks, Figure 4.43. At- 
tach the cooling water “in” to the machine solenoid and the water 
“out” to the power block. 

2. The flowmeter or flowmeter regulator should be attached next. 

Ifa gas cylinder is used, secure it in place with a safety chain. Then 
remove the valve protection cap and crack the valve to blow out 
any dirt, Figure 4.44. Attach the flowmeter so that the tube is 
vertical. 

3. Connect the gas hose from the meter to the gas “in” connection on 
the machine. 


4. With both the machine and main power switched off, turn on the 
water and gas so that the connection to the machine can be 
checked for leaks. Tighten any leaking fittings to stop the 
leakages. 





Figure 4.44 Figure 4.45 
During transportation or storage, dirt may collect in the valve. Setting the current 
Cracking the valve is the best way to remove any dirt. Courtesy of Larry Jeffus 
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Figure 4.46 Figure 4.47 
Setting the amperage range The high-frequency switch should be placed in the appropriate 
Courtesy of Larry Jeffus position 


Courtesy of Larry Jeffus 


5. Turn on both the machine and main power switches and watch for 
leaks in the torch hoses and fittings. 

6. With the power off, switch the machine to the GTA welding mode. 

7. Select the desired type of current and amperage range, Figure 4.45 
and Figure 4.46. 

8. Set the fine current adjustment to the proper range, depending 
upon the size of tungsten used, Table 4.5. 

9. Place the high-frequency switch in the appropriate position, auto 
(HF start) for DC or continuous for AC, Figure 4.47. 

10. The remote control can be plugged in and the selector switch set, 
Figure 4.48. 

11. The collet and collet body should be installed on the torch first, 
Figure 4.49. 

12. On the Linde brand or copies of Linde torches, installing the back 
cap first will stop the collet body from being screwed into the torch 
fully. A poor connection will result in excessive electrical and 
thermal resistance, causing a heat buildup in the head. 

13. The tungsten can be installed and the end cap tightened to hold 
the tungsten in place. Select and install the desired nozzle size. 
Adjust the tungsten length so that it does not stick out more than 
the diameter of the nozzle, Figure 4.50. 

14. Check the manufacturer’s operating manual for the machine to 
ensure that all connections and settings are correct. 


Table 4.5 Amperage Range of Tungsten Electrodes 





Electrode Diameter DCEN DCEP AC 
in. (mm) 
0.04 (1) 15-60 Not recommended 10-50 
1/16 (2) 70-100 10-20 50-90 
3/32 (2.4) 90-200 15-30 80-130 
1/8 (3) 150-350 25-40 100-200 


5/32 (4) 300-450 40-55 160-300 


136 CHAPTER 4 


aAmpERAGE/VOLTAGE 





Figure 4.48 
Setting the remote control switch 
Courtesy of Larry Jeffus 


Turn off all power before at- 
tempting to stop any leaks in 
the water system. 

The GTA welding system is 
now ready to be used. 
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Key Indicator 1, 4 


Module ave 


Key Indicator 1 

Carbon Steel 

Key Indicator 3, 4 
Austenitic Stainless Steel 
Key Indicator 8, 9 
Aluminum 

Key Indicator 13, 14 
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Figure 4.49 
Inserting collet and collet body 
Courtesy of Larry Jeffus 








Figure 4.50 


Install the nozzle (cup) to the torch body 
Courtesy of Larry Jeffus 


15. Turn on the power, depress the remote control, and again check for 
leaks. 

16. While the postflow is still engaged, set the gas flow by adjusting the 
valve on the flowmeter. 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


EXPERIMENT 4-5 


Striking an Arc 


Using a properly set up GTA welding machine, proper safety gear, and 
clean scrap metal, you will strike a GTA welding arc. 


1. Position yourself so that you are comfortable and can see the torch, 
tungsten, and plate while the tungsten tip is held about 1/4 in. 
(6 mm) above the metal. Try to hold the torch at a vertical angle 
ranging from 0° to 15°. Too steep an angle will not give adequate 
gas coverage, Figure 4.51. 


1/10/2018 Basic Electronics 1A 
colours on your resistor with the resistors above and you will find the value. 
to Index 


Resistor values are always OHM values. One ohm is a small value. It might be the resistance of 
a length of wire 3 metres long. 

When a switch is open the resistance is infinite - millions and millions of ohms. 

The resistance of your body from one hand to the other will be about 70,000 ohms. 

The resistance between two wires dipped in water will be about 1,000 to 100,000 ohms 
(depending on the dissolved-salts in the water - pure water has a very high resistance) 

The resistance of the filament of a 3v globe will be about 30 ohms. 

The resistance of the winding of a 3v motor will be about 3 ohms. 

Resistors are made with values from less than one ohm to more than 10 million ohms by adding 
carbon to the mixture inside the resistor (and cutting a track around the outside of the resistor) 
then connecting a lead to each end. Adding more carbon reduces the value of resistance. 
Carbon has a low resistance. 

Resistance-values are measured with the RESISTANCE settings on a MULTIMETER. 


This is called the "Ohms Range." Sometimes with the symbol: Q 


A Multimeter will have 2, 3 4 or more scales to cover the range one ohm to 10 million ohms. 
Low value resistors (from 1 ohm to 999 ohms) are written as 1R, 220R, 470R, 999R. with the 


letter "R" indicating Resistance (ohms). You can also use the symbol "omega" (Q) 

For values above 1,000 ohms to 99,999 ohms, they are written as: 1k, 2k2, 4k7, 10k, 100k, 
220k, 470k, with the letter "k" indicating "kilo" (thousand). 

1M = 1,000,000 - one million ohms 1M2, 2M2, 4M7, 10M. 

The letters "R, k and M" are placed so they take the place of the decimal point. This prevents 
any mistake, as a decimal point can be missing in a poor photocopy. 








to Index 





MULTIMETERS 

There are two types of MULTIMETER. The top two are called DIGITAL MULTIMETERS (DMM) 
and show numbers on a display. 

The lower two meters are called ANALOGUE MULTIMETERS and have a pointer and scale. 
All meters come with a set of red and black leads. 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 18/74 
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; Figure 4.52 
Figure 4.51 High frequency starting before arc starts 
GTA torch position Courtesy of Larry Jeffus 





Figure 4.53 
Stable gas tungsten arc 
Courtesy of Larry Jeffus 


2. Lower your arc welding helmet and depress the remote control. A 
high-pitched, erratic arc should be immediately jumping across | CAUTION = 
the gap between the tungsten and the plate. If the high-frequency 
arc is not established, lower the torch until it appears, Figure 4.52. : : 
; . : ; with any unprotected skin or 
3. Slowly increase the current until the main welding arc appears, jewelry. The high frequency 
Figure 4.53. can cause an uncomfortable 
4. Observe the color change of the tungsten as the arc appears. shock. 
5. Move the tungsten around in a small circle until a molten weld 
pool appears on the metal. 
6. Slowly decrease the current and observe the change in the molten 
weld pool. 
Reduce the current until the arc is extinguished. 
Hold the torch in place over the weld until the postflow stops. 
9. Raise your hood and inspect the weld. 


Avoid touching the metal table 


oN 
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SUMMARY 


Repeat this procedure until you can easily start the arc and establish a 
molten weld pool using both AC and DCEN currents. Turn off the welding 
machine, water, and shielding gas when you are finished; then clean up 
your work area. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 





One of the prime considerations for gas tungsten arc welding equip- 
ment setup is the cleanliness of the equipment, supplies, base material 
or material, and the welders themselves. When everything is clean, you 
will find that the welding process will proceed more easily and more 
successfully. 

Another major factor affecting your ability to produce quality welds is 
the tungsten end or tip shape. As you practice making the various welds, 
you will find that keeping the tungsten electrode tip shaped appropriately 
will assist you in producing uniform welds. 

Often, new welders feel that there is some sort of attraction between the 
tungsten electrode, filler metal, and base metal during the welding pro- 
cess because it seems to continually become contaminated. This almost 
continuous contamination can be very frustrating. At times it may seem 
overwhelming; however, with continued practice and diligence, you will 
be able to control this problem. Even experienced welders in the field can 
be plagued from time to time with tungsten contamination. At other times 
they can weld an entire day without contaminating the tungsten. It is often 
beneficial for students to realize that tungsten contamination is just part 
of the process, and they must therefore try to ignore the possibility of it 
happening and concentrate on producing the welds. 





1. What early advancements made the GTA welding process more effec- 
tive and reduced its cost? 
2. What metals were weldable only by the GTAW process before GMAW 
was developed? 
3. Which two of tungsten’s properties make it the most versatile choice 
for GTA welding? 
. Why must the tip of the tungsten be hot? 
. Why does some tungsten erosion occur? 
. What function regarding tungsten heat do the collet and torch play? 
. What problem can an excessively large tungsten cause? 
. What holds the molten ball of tungsten in place at the tip of the elec- 
trode during DCEP welding? 
9. Using Table 4.1, answer the following: 
a. What color identifies EWTh-2? 
b. What is the composition of EWCe-2? 
c. What color identifies EWLa-1.5 
10. What does adding thorium oxide do for the tungsten electrode? 


ONO 


11. 
12. 


13. 


14. 


15. 
16. 


17. 
18. 


19. 
20. 
21. 
22. 
23. 
24. 


25. 
26. 
27. 
28. 
29. 
30. 


31. 
32. 


33. 
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How can the end ofa tungsten electrode be shaped? 

Why should a grinding stone that is used for sharpening tungsten not 
be used for other metals? 

Why should the grinding marks run lengthwise on the tungsten elec- 
trode end? 

What are three ways of breaking off the contaminated end of a tung- 
sten electrode? 

Why should the torch be as cool as possible? 

What will happen to a water-cooled torch cable if the flow of cooling 
water stops? 

Why must shielding gas hoses not be made from rubber? 

Why should the water solenoid be on the supply side of the water 
system? 

What problem can a long nozzle cause to the tungsten? 

Why must the tube of a flowmeter be vertical? 

What is the heat distribution with DCEN welding current? 

What is the heat distribution with DCEP welding current? 

What is the heat distribution with AC welding current? 

Why must AC welding power provided by transformer power supplies 
use high frequencies in order to work? 

Why are argon and helium known as inert gases? 

Why is argon’s ease of ionization a benefit? 

What makes helium difficult to use for manual welding? 

What are the benefits of adding hydrogen to argon for welding? 
What is the purpose of a hot start? 

Using Table 4.3, determine the gas postflow time for a 3/32-in. 
(2.4-mm) tungsten. 

How can air be drawn into the shielding gas? 

Using Table 4.4, determine the minimum gas flow rate for a 1/2-in. 
(13-mm) nozzle. 

What functions can a remote control provide the welder? 


139 


This page intentionally left blank 






Gas Tungsten Are 
Welding of Plate 






OBJECTIVES 


After completing this chapter, the student should be able to 





list four applications for which the gas tungsten arc welding process is 
more commonly used 


describe four effects on the weld of varying torch angles 


explain why the filler rod end must be kept inside the protective zone 
of the shielding gas and how to accomplish this 


list four disadvantages to welding with a contaminated tungsten 
electrode 


list four techniques to reduce electrode contamination 


determine the correct machine settings for the minimum and maximum 
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welding current for the machine used, the types and sizes of tungsten, 
and the metal types and thicknesses 


list four factors that affect the gas preflow and postflow times required 
to protect the electrode and the weld 


determine the minimum and maximum gas flow settings for each nozzle 


size, tungsten size, and amperage setting 


; compare the characteristics of low-carbon and mild steels, stainless 
{ steel, and aluminum with respect to GTA welding 


SSeS 





prepare carbon steel, stainless steel, and aluminum for GTA welding 








KEY TERMS 


chill plate gas coverage protective zone 


contamination oxide layer surface tension 


AWS SENSE EG2.0 
Key Indicators Addressed in this Chapter 


Module 1: Occupational Orientation 
AV Key Indicator 1: Prepares time or job cards, reports or records 
Key Indicator 3: Follows verbal instructions to complete work 
assignments 
Key Indicator 4: Follows written instructions to complete work 
assignments 2 
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Key Indicator 2: Demonstrates safe operation practic 

Key Indicator 3: Demonstrates proper use pee insp 
equipment : 

Key Indicator 4: Demonstrates proper hot zone oj 

Key Indicator 6: Understands proper use of precautionary 
MSDS information. = 

Key Indicator 7: Demonstrates proper inspection and operatic 
equipment for each welding or thermal cutting 
used 


Module 7: Gas Tungsten Arc Welding (GTAW) = 
Key Indicator 1: Performs Safety inspections of GTAW equipment and 


accessories = —_——_ 
Key Indicator 2: Makes Minor external repairs to GTAW equipment and 


accessories == 








Carbon Steel —_ 
Key Indicator 3: Sets up for GTAW operations on carbon steel 
Key Indicator 4: Operates GTAW equipment on carbon steel —— 
Key Indicator 5: Makes GTAW fillet welds, in all positions, on carbon =| 
steel 
Key Indicator 6: Makes GTAW groove welds, in all positions, on » carbo 
steel 













a sample) on carbon steel 


Austenitic Stainless Steel 
Key Indicator 8: Sets up for GTAW operations on austenitic stainless 
$$ 

Key Indicator 9: Operates GTAW equipment on austenitic sta’ 
Key Indicator 10: Makes GTAW fillet welds, in 1F, 2F, and 3F p posit! 
austenitic stainless steel 

Key Indicator 11: Makes GTAW groove welds, 


austenitic | ‘stainless steel = - 
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INTRODUCTION 


The gas tungsten arc welding process can be used to join nearly all types and 
thicknesses of metal. Welders can have a clear, unobstructed view of the mol- 
ten weld pool because GTA welding is fluxless, slagless, and smokeless. The 
clear view of the weld allows welders to make changes in their welding tech- 
nique, current, travel speed, and rate at which the filler metal is added to the 
weld as the weld progresses, ensuring that a quality weld is being made. This 
gives the welder very fine control of the welding process. 

The fine control of the weld that is possible with GTA welding makes it an 
ideal process for very close-tolerance, high-quality welds. GTA welding is used 
to make critical welds, such as those on aircraft structures. If these welds 
fail, serious injury, death, and/or significant loss of property can result. 
Sometimes GTA welding is used to make the critical root pass of a weld that 
will be completed using another faster process. It is also used when weld ap- 
pearance is important to the look of the finished part, as in some furniture, 
decorations, and/or sculptures. 

The proper setup of GTA equipment can often affect the quality of the weld 
performed. Charts and graphs are available that give the correct amperage, 
gas flow rate, and time for various types of welds and metals. These charts 
are designed for optimum laboratory or classroom conditions. Actual condi- 
tions in the field will have an effect on these values. The experiments in this 
chapter are designed to help the welder understand the harmful effects on 
welding of less than ideal conditions. This will allow the welder to evaluate 
the appearance of a weld and make the necessary changes in technique or 
setup to improve the weld. 

After a person has learned to weld in the lab, troubleshooting field weld- 
ing problems will become much easier. The weld should be watched carefully 
to pick up any changes that could indicate a needed adjustment. When weld- 
ers can do this, they have mastered the GTA process and have made them- 
selves better potential employees. To make a weld is good; to solve a welding 
problem is better. 


TORCH ANGLE 


The torch should be held as close to perpendicular as possible in relation 
to the plate surface. The torch may be angled from 0° to 15° from perpen- 
dicular for better visibility and still have the proper shielding gas cover- 
age. As the gas flows out it must form a protective zone around the weld. 
Tilting the torch changes the shape of this protective zone, Figure 5.1. Too 
much tilting of the torch will cause the protective shielding gas zone to 
become so distorted that the weld may not be protected from contamina- 
tion from the air. The closer the torch is held to perpendicular, the better 
the weld is shielded. 
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Figure 5.1 
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Gas coverage patterns for different GTA torch angles. Note how the area covered by the shielding gas becomes narrower and elongates 
as the angle of the torch increases from the perpendicular. 





Figure 5.2 

The hot filler rod end is well within 
the protective gas envelope 
Courtesy of Larry Jeffus 


The velocity of the shielding gas also affects the protective zone as the 
torch angle changes. As the velocity increases, a low-pressure area devel- 
ops behind the cup. When the low-pressure area becomes strong enough, 
air is pulled into the shielding gas. The sharper the angle and the higher 
the flow rate, the greater the possibility contamination will occur from the 
onset of turbulence in the gas stream. This causes air to become mixed 
with the shielding gas. Turbulence caused by the shielding gas striking the 
work will also cause air to mix with the shielding gas at high velocities. 


FILLER ROD MANIPULATION 


The filler rod end must be kept inside the protective zone of the shielding 
gas, Figure 5.2. The end of the filler rod is hot, and if it is removed from the 
gas protection, it will oxidize rapidly. The oxide will then be added to the 





Figure 5.3 

(A) Filler properly protected, (B) some oxides on filler, and (C) excessive oxides caused by 
improper filler rod manipulation 

Courtesy of Larry Jeffus 
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Figure 5.4 

Filler being left in the molten weld pool as the arc is 
extinguished 

Courtesy of Larry Jeffus 





Figure 5.5 
Filler being remelted as the weld is continued 
Courtesy of Larry Jeffus 


molten weld pool, Figure 5.3. When a weld is stopped so that the welder 
can change position, the shielding gas must be kept flowing around the 
rod end to protect it until it is cool. If the end of the rod becomes oxidized, 
it should be cut off before restarting. The following method can be used 
both to protect the rod end and reduce the possibility of crater cracking— 
that is, breaking the arc but keeping the torch over the crater while, at 
the same time, sticking the rod in the molten weld pool before it cools, 
Figure 5.4. When the weld is restarted, the rodis simply melted loose again, 
Figure 5.5. 

The rod should enter the shielding gas as close to the base metal as pos- 
sible, Figure 5.6. A 15° angle or less to the plate surface prevents air from 
being pulled into the welding zone behind the rod, Figure 5.7. As an ex- 
ample, if a rod is held in a stream of running water, air can be pulled in. 
The faster the water flows or the steeper the angle at which the rod is held, 
the more air is pulled in. The same action occurs with the shielding gas as 
its flow increases or as the rod angle increases. 





Figure 5.7 

Too much filler rod angle has caused oxides to be formed on 
Figure 5.6 the filler rod end 

Keep the filled metal at approximately a 15° angle Courtesy of Larry Jeffus 





146 CHAPTER 5 


This procedure should never be 
used with heavy contamina- 
tions or when a welder is on 
the job in the field. It is de- 
signed only to help the new 
student in the first few days of 
training to save time and in- 
crease weld production. 


TUNGSTEN CONTAMINATION 


For new welding students, the most frequently occurring and most time- 
consuming problem is tungsten contamination. The tungsten becomes 
contaminated when it touches the molten weld pool or when it is touched 
by the filler metal. When this happens, especially with aluminum, surface 
tension pulls the contamination up onto the hot tungsten, Figure 5.8. The 
extreme heat causes some of the metal to vaporize and form a large, widely 
scattered oxide layer. On aluminum, this layer is black. On iron (steel and 
stainless steel), this layer is a reddish color. 

The contamination caused by the tungsten touching the molten weld 
pool or filler metal forms a weak weld. On a welding job, both the weld and 
the tungsten must be cleaned before any more welding can be done. The 
weld crater must be ground or chiseled to remove the tungsten contami- 
nation, and the tungsten end must be reshaped. Extremely tiny tungsten 
particles will show up if the weld is X-rayed. Failure to remove the con- 
tamination properly will result in the failure of the weld. 

When starting to weld, the beginning student may save weld practice 
time by burning off the contamination. On a scrap, usually copper plate, 
strike an arc using a higher than normal amperage setting. The arc will be 
erratic and discolored at first, but, as the contamination vaporizes, the arc 
will stabilize. Contamination can also be knocked off by quickly flipping 
the torch head. 


CURRENT SETTING 


The amperage set on a machine and the actual welding current are of- 
ten not the same. The amperage indicated on the machine’s control is the 
same as that at the arc only for the following conditions: 


e The power to the machine is exactly correct. 

e The lead length is very short. 

e Allcable connections are perfect with zero resistance. 
e Thearc length is exactly the right length. 

e The remote current control is in the full on position. 





Figure 5.8 
Contaminated tungsten 
Courtesy of Larry Jeffus 
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The red lead is always connected to the positive of the battery or the positive on a project and 
the black lead is connected to the negative or earth or chassis. 

When making a resistance measurement, the leads can be around either way. 

Resistance measurements are always made with the power removed from a circuit. Any voltage 
on a circuit will upset the resistance reading. 





1h} 


Fig 22. Resistance Measurement 
with Analogue Multimeter 
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Fig 23. Resistance Measurement 
with 
a DMM 


to Index 


The resistance of a resistor is measured by 
placing the leads of the multimeter on the 
ends of a resistor and turning the dial on 
the analogue multimeter to the resistance 
scale to make the pointer move to about 
the centre of the scale. 

The resistance scale is marked with a high 
value on the left and 0 ohm on the right. 
This is opposite to all the other scales. 
You must get the pointer to move to the 
middle of the scale as it is not accurate at 
left-end. 

Analogue multimeters are only suitable for 
reading values from 1 ohm to 100,000 
ohms. The scale is too hard to read above 
100k. 

To find the value of a resistor, you can 
compare the colours with the table above. 


to Index 


A digital multimeter produces a more- 
accurate reading of resistance. 

It is accurate from 1 ohm to 10M ohms. 
Select the scale that provides a reading. 





to Index 
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Table 5.1 Sample Chart Used to Record GTA Welding Machine Settings 


Current and Tungsten 
Electrode Size Amperage/Machine Setting 





TooLow Low Good High Too High 





If any one of these factors changes, the actual welding amperage will 
change. 

In addition to the difference between indicated and actual welding 
amperage, there is a more significant difference between amperage and 
welding power. The welding power, in watts, is based on the formula 
W = E XI, or volts (E) multiplied by amperes (I) equals watts (W). Thus, 
the indicated power to a weld from two different types of welding ma- 
chines set at 100 amperes will vary depending upon the voltage of the 
machine. 

The welding machine setting will vary within a range from low to high 
(cool to hot). The range for one machine may be different from that of an- 
other machine. The setting will also be different for various types and sizes 
of tungstens, polarities, types and thicknesses of metal, joint position or 
design, and shielding gas used. 

A chart, such as the one in Table 5.1, and a series of tests can be used 
to set the lower and upper limits for the amperage settings. As students’ 
welding skills improve with practice, they will become familiar with the 
machine settings so that a table for these settings is no longer needed. In 
the welding industry, some welders will mark a line on the dial of the ma- 
chine to help in resetting the machine. If a welder is required to make a 
number of different machine setups, a list or chart can be made and taped 
to the machine. This practice is more professional than marking the ma- 
chine dials. 


EXPERIMENTS 


Experiments are designed to help new welders learn some basic skills that 
will help them troubleshoot welding problems. If you do the experiments 
listed in this chapter, you will be better able to determine what is caus- 
ing a problem with your weld. As you learn more about welding, subtle 
changes will become more noticeable. Even experienced welders make 
changes in the setup, current, or welding technique as they try to resolve a 
problem. 

Experiment 5-1 will help the welder determine the correct machine 
settings for the minimum and maximum welding current for the machine 
used, the types and sizes of tungstens, and the metal types and thicknesses. 
Most welding will be performed with a medium-range or mid-range ma- 
chine setting. The exact setting is more important for machines without 
remote controls. The remote control allows changes in welding current to 
be made during the welding without having to stop. 
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Figure 5.9 


EXPERIMENT 5-1 


Setting the Welding Current 


Using a properly set up GTA welding machine and torch, proper safety 
protection, one of each available tungsten size and type, and 16-gauge 
mild steel, 1/8 in. (3 mm) and 1/4 in. (6 mm) thick, you will work with a 
small group of students to develop a chart of the correct machine current 
setting for each type and size of tungsten. 

Set the machine welding power switch for DCEN (DCSP) and the am- 
perage control to its lowest setting, Figure 5.9. Sharpen a point on each 
tungsten and install one of the smaller diameter tungstens in the GTA 
torch. Select a nozzle with a 1/2-in. (13-mm)-diameter hole and attach it to 
the torch head. Set the preflow time to 0 and postflow to 10 to 15 seconds. 
Connect the remote control if it is available. Turn on the main power and 
hold the torch so that it cannot short out. Depress the remote controls to 
start the shielding gas so the flow rate can be set at 20 cfh (8 L/min). Switch 
the high frequency to start. All other functions, such as pulse, hot start, 
slope, and so on, should be in the off position. 

Place the piece of 16-gauge sheet metal flat on the welding table. Hold 
the torch vertically with the tungsten about 1/4 in. (6mm) above the metal. 
Lower your welding hood and fully depress the remote control. Watch the 
arc to see if it stabilizes and melts the metal. After a short period of time 
(15 to 30 seconds), stop, raise your hood, and check the plate for a melted 
spot. If melting occurred, note the size of the spot and depth of penetration, 
Figure 5.10. Increase the amperage setting by 5 or 10 A, note the setting on 
the chart, and repeat the process. 

After each test, observe and record the results. The important settings 
to note are: 


when the tungsten first heats up and the arc stabilizes 
when the metal first melts 

when 100% penetration of the metal first occurs 

when burn-through first occurs 

when the tungsten starts glowing white hot and/or melts 


Toe wh 
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Figure 5.10 


Lower the welding current to zero or as low as possible Melting first occurring 


Courtesy of Larry Jeffus 


Courtesy of Larry Jeffus 
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The lowest (minimum) acceptable amperage setting is when the molten 
weld pool first appears on the base metal and the arc is stable. The high- 
est (maximum) amperage setting is when the base metal burn-through or 
melting of the tungsten occurs. Any current setting between the high and 
low points is within the amperage range for that specific setup. 

To establish the range for the next tungsten type or size, repeat the test. 
After each test, the metal should be cooled to prevent overheating. After 
each type and size of tungsten has been tested and an operating range es- 
tablished, repeat the procedure using the next thicker metal. Repeat this 
procedure until you have set up the operating ranges for all of the metals 
and tungstens you will be using. Turn off the welding machine, shielding 
gas, and cooling water, and clean up your work area when you are finished 
welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


GAS FLOW 


The gas preflow and postflow times required to protect both the tungsten 
and the weld depend upon the following factors: 


e wind or draft speed 
e nozzle size used 

e tungsten size used 

e amperage 

e joint design 

e welding position 

e type of metal welded 


The weld quality can be adversely affected by improper gas flow set- 
tings. The lowest possible gas flow rates and the shortest preflow or post- 
flow time can help reduce the cost of welding by saving the expensive 
shielding gas. 

In Experiment 5-2, the minimum and maximum gas flow settings for 
each nozzle size, tungsten size, and amperage setting will be determined. 
The chart a welder prepares based on experiments is to improve that 
welder’s skill and welding technique. Charts may differ slightly from one 
welder to another. As a welder’s skill improves, the chart may change. As 
experience is gained, a welder will learn how to set the gas flow effectively 
without the need for this chart. 

The minimum flow rates and times must be increased when welding in 
drafty areas or for out-of-position welds. The rates and times can be some- 
what lower for tee joints or welds made in tight areas. The maximum flow 
rates must never be exceeded. Exceeding these flow rates causes weld con- 
tamination and increases the rejection rate. 


EXPERIMENT 9-2 


Setting Gas Flow 


Using a properly set up GTA welding machine and torch, proper safety 
protection, one of each available tungsten size, metal that is 16 gauge 
to 1/4 in. (6 mm) thick, and the welding current chart developed in 


+ Module 1 


Key Indicator 1, 4 


+ Module 7 


Key Indicator 1 
Carbon Steel 
Key Indicator 3, 4 


+ Module 9 


Key Indicator 1, 2 
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Figure 5.11 
Setting the postflow timer 
Courtesy of Larry Jeffus 





Figure 5.12 
Oxides forming due to inadequate gas shielding 
Courtesy of Larry Jeffus 


Experiment 5-1, you will work with a small group of students to make a 
chart of the minimum and maximum flow rates and times for each nozzle 
size, tungsten size, and amperage setting. An assistant will also be needed 
to change and record the flow rate while you work. 

Set the machine welding power switch for DCEN (DCSP). Set the am- 
perage to the lowest setting for the size of tungsten used. Set the preflow 
time to 0 and postflow to 20 seconds, Figure 5.11. Turn on the main power. 
With the torch held so that it cannot short out, depress the remote control 
to start the shielding gas flow and set the flow at 20 cfh (9 L/min). Switch 
the high frequency to start. All other functions, such as pulse, hot start, 
slope, and so on, should be in the off position. 

Starting with the smallest nozzle and tungsten size, strike an arc and 
establish a molten pool on a piece of metal in the flat position. Watch the 
molten weld pool and tungsten for signs of oxide formation as another 
person slowly lowers the gas flow rate. Have that person note this setting 
(where oxide formation begins), Figure 5.12, as the minimum flow rate on 
the chart next to the nozzle size and current setting. Now slowly increase 
the flow rate until the molten pool starts to be blown back or oxides start 
forming. This setting should be noted on the chart as the maximum flow 
rate for this current and nozzle size, Table 5.2. Lower the flow to a rate of 
2 cfh or 3 cfh (1 L/min or 2 L/min) above the minimum value noted on 
the chart, and then stop the arc. Record the length of time from the point 
when the arc stops and the tungsten stops glowing as the postflow time. 
Repeat this test at a medium and then high current setting for this nozzle 


Table 5.2 Sample Chart for Setting Shielding Gas Flow Rate and Time 


Electrode and Flow Rate Postflow Time 
Nozzle Size 





Too Low Good High Too Too OK Too 
Low High Short Long 
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and tungsten size. When using high current settings, it may be necessary 
to move the torch or use thicker plate to prevent burn-through. 

Repeat this test procedure with each available nozzle and tungsten 
size. Stainless steel or aluminum is preferred for this experiment because 
the oxides are more quickly noticeable than when mild steel is used. If alu- 
minum is used, the welding current must be AC, and the high-frequency 
switch should be set on continuous. 

To establish the minimum preflow time for each nozzle and tungsten 
size, set the amperage to a medium-high setting. Hold the torch above the 
metal so that an arc will be instantly started. Set the preflow timer to 0 and 
the gas flow to just above the minimum value noted on the chart. Quickly 
strike an arc on metal thin enough to cause a weld pool to form instantly 
at that power setting. Stop the arc and examine the weld pool and tung- 
sten for oxides. Repeat this procedure, increasing the preflow time until 
no oxides are formed on either the plate or tungsten. Record this time on 
the chart as the minimum preflow time. Repeat this test with each avail- 
able nozzle and tungsten size. Turn off the welding machine, shielding 
gas, and cooling water, and clean up your work area when you are finished 
welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE WELDS 


The practice welds are grouped according to the weld position and type of 
joint, and not by the type of metal. The order in which a person decides to 
do the welds is that person’s choice. It is suggested that the stringer beads 
be done in each metal and position before the different joints are tried. 
Each metal has its own characteristics that may make one metal easier for 
a person to work on than another metal. 

Mild steel is inexpensive and requires the least amount of clean- 
ing. Slight changes in the metal have little effect on the welding skill re- 
quired. Stainless steel is somewhat affected by cleanliness, requiring little 
preweld cleaning. However, the weld pool shows overheating or poor gas 
coverage. With aluminum, cleanliness is a critical factor. Oxides on alumi- 
num may prevent the molten weld pool from flowing together. The surface 
tension helps hold the metal in place, giving excellent bead contour and 
appearance. 

The degree of difficulty a welder encounters with each of these metals 
depends upon the individual’s experience. Try each weld with each metal 
to determine which metal will be easiest to master first. The type of weld- 
ing machine and materials used will also affect a welder’s progress. Prac- 
tice will help welders overcome any obstacle to their progress. 


Low-Carbon and Mild Steels 


Low-carbon and mild steel are two basic steel classifications. These steels 
are the most common type of steels a new GTA welding student will ex- 
perience welding. Carbon is the primary alloy in these classifications of 
steel, and it ranges from 0.15% or less for low carbon and 0.15% to 0.30% for 
mild steel. The GTA welding techniques required for welding steels in both 
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Figure 5.13 
Tungsten tip shape for mild steel or stainless steel 


classifications are the same. You start with EWTh-1, EWTh-2, EWCe-2, or 
one of the EWLa pointed tungsten electrodes, Figure 5.13, with the weld- 
ing machine set for DCEN (DCSP) welding current. Table 5.3 lists the types 
of filler metal used for both low-carbon and mild steels. 

During the manufacturing process, small pockets of primarily carbon 
dioxide gas sometimes become trapped inside low-carbon and mild steels. 
There are only a few molecules of gas trapped inside the microscopic 
pockets within the steel, so they do not affect the steel strength. During 
most other types of welding, fluxes on the filler metal capture these gas 
pockets and they are removed. However, because GTA filler metals do not 
have fluxes when these gas pockets become hot during welding, they ex- 
pand and can sometimes cause weld porosity. You are most likely to see 
porosity caused by these gases when you are not using a filler metal. Most 
GTA filler metals have some alloys, called deoxidizers, that can help pre- 
vent porosity caused by gases trapped in the base metal. RG45 gas weld- 
ing rods do not have these deoxidizers and are not recommended for GTA 
welding. 


The setup and manipulation techniques required for stainless steel are 
nearly the same as those for low-carbon and mild steels, and skills transfer 
is easy. The major difference is that most welds on steels do not show the 
effects of contamination as easily as do welds on stainless steels. To make 
a weld on stainless steel you must do a better job of precleaning the base 
metal and filler metal; make sure you have adequate shielding gas cover- 
age and do not overheat the weld. 


Table 5.3 Filler Metals for Low-Carbon and Mild Steels 





SAE No. Carbon % AWS Filler Metal No. 
Low Carbon 
1006 0.08 max RG60 or ER70S-3 
1008 0.10 max RG60 or ER70S-3 
1010 0.08 to 0.15 RG60 or ER70S-3 
Mild Steel 
1015 0.11 to 0.16 RG60 or ER70S-3 
1016 0.13 to 0.18 RG60 or ER70S-3 
1018 0.15 to 0.20 RG60 or ER70S-3 
1020 0.18 to 0.23 RG60 or ER70S-3 


1025 0.22 to 0.29 RG60 or ER70S-3 


Gas Tungsten Arc Welding of Plate 


Table 5.4 Temperatures at Which Various Colored 
Oxide Layers Form on Steel 





Surface Color Approximate Temperature 
at Which Color is Formed 
°F (°C) 
Light Straw 400 (200) 
Tan 450 (230) 
Brown 525 (275) 
Purple 575 (300) 
Dark Blue 600 (315) 
Black 800 (425) 


Table 5.5 Filler Metals for Stainless Steels 


AISI No. AWS Filler No. AISI No. AWS Filler No. 
303 ER308 310 ER310 

304 ER308 316 ER316L 

304L ER308L 316L ER316L 

309 ER309 410 ER410 





The most common sign that there is a problem with a stainless steel 
weld is the bead color after the weld. The greater the contamination, the 
darker the color. The exposure of the weld bead to the atmosphere before it 
has cooled will also change the bead color. It is impossible, however, to de- 
termine the extent of contamination of a weld with only visual inspection. 
Both light-colored and dark-colored welds may not be free from oxides. 
Thus, it is desirable to take the time and necessary precautions to make 
welds that are no darker than dark blue, Table 5.4. Welds with only slight 
oxide layers are better for multiple passes. 

Using a low arc current setting with faster travel speeds is important 
when welding stainless steel, because some stainless steels are subject to 
carbide precipitation. Carbide precipitation, the combining of carbon with 
chromium, occurs in some stainless steels when they are kept at a temper- 
ature between 800°F and 1500°F (625°C and 815°C) for a long time. There 
are a number of ways of controlling carbide precipitation, including the 
adding of alloys to the stainless steel and the lowering of the percentage 
of carbon. Also, during welding, special alloy filler metals can be used to 
control the problem, but the most important thing a welder can do is travel 
fast and use as little welding heat as possible. 

Black crusty spots may appear on weld beads. These spots are often 
caused by improper cleaning of the filler rod or failure to keep the end of 
the rod inside the shielding gas. 

Table 5.5 lists some common types of stainless steels and the recom- 
mended filler metals. 


Aluminum is GTA welded using EWP, EWZr, EWCe-2, or EWLa rounded 
tip tungsten electrodes on transformer rectifier welding power supplies, 
Figure 5.14, with the welding machine set for ACHF welding current. 
EWZr, EWCe-2, or EWLa electrodes with a pointed tip may be used with 
some inverter welding power supplies due to the heat control afforded by 


Figure 5.14 
Tungsten tip shape for aluminum 
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The manufacturer’s recommen- 
dations for using these prod- 
ucts must be followed. Failure 
to do so may result in chemical 
burns, fires, fumes, or other 
safety hazards that could lead 
to serious injury. If anyone 
should come in contact with 
any chemicals, immediately 
refer to the material safety 
data sheet (MSDS) for the 
proper corrective action. 


Table 5.6 Filler Metals for Aluminum Alloys 


AISI No. AWS Filler No. AISI No. AWS Filler No. 
1100 ER1100 3004 ER4043 
3003 ER4043 6061 ER4043 


their advanced circuitry. The alternating current provides good arc clean- 
ing, and the continuous high frequency restarts the arc as the current 
changes direction. 

The molten aluminum weld pool has high surface tension, which al- 
lows large weld beads to be controlled easily. Table 5.6 lists some basic 
types of filler metals used for aluminum welding. 

The high thermal conductivity of the metal may make starting a weld 
on thick sections difficult without first preheating the base metal. In most 
cases the preheat temperature is around 300°F (150°C) but will vary de- 
pending on metal thickness and alloy type. Specific preheat temperatures 
are available from the metal supplier. 

The processes of cleaning and keeping the metal clean take a lot of time. 
Removal of the oxide layer is easy using a chemical or mechanical method. 
Ten minutes after cleaning, however, the oxide layer may again be thick 
enough to require recleaning. The oxide that forms reduces the ability of 
the weld pool to flow together. Keep your hands and gloves clean and oil 
free so the base metal or filler rods do not become recontaminated. 

Although aluminum resists oxidation at room temperature, it rapidly 
oxidizes at welding temperatures. If the filler rod is not kept inside the 
shielding gas, it will quickly oxidize, but, because of the low melting tem- 
perature of the filler rod, the end will melt before it is added to the weld 
pool if it is held too closely to the arc, Figure 5.15 and Figure 5.16. 


Both the base metal and the filler metal used in the GTAW process must 
be thoroughly cleaned before welding. Contamination left on the metal 
will be deposited in the weld because there is no flux to remove it. Oxides, 
oils, and dirt are the most common types of contaminants. They can be 





Figure 5.15 
Aluminum filler being correctly added to the molten weld pool 
Courtesy of Larry Jeffus 


Figure 5.16 
Filler rod being melted before it is added to the molten pool 
Courtesy of Larry Jeffus 
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removed mechanically or chemically. Mechanical metal cleaning may be 
done by grinding, wire brushing, scraping, machining, or filing. Chemical 
cleaning may be done by using acids, alkalies, solvents, or detergents. 


PRACTICE 5-1 


Stringer Beads, Flat Position, on Mild Steel 


Using a properly set up and adjusted GTA welding machine on DCEN, + upduled 
proper safety protection, and one or more pieces of mild steel, 6 in. Key Indicator 1, 3, 4 
(152 mm) long and 16 gauge and 1/8 in. (3 mm) thick, you will push a weld 
pool in a straight line down the plate, Figure 5.17. Maintain uniform weld T Module 2 


pool size and penetration. Rey Aicator sree an ar Ord 


¢ Starting at one end of the piece of metal that is 1/8 in. (3 mm) thick, Tr sti . 
hold the torch as close as possible to a 90° angle. i cur 3, 4 

e Lower your hood, strike an arc, and establish a weld pool. 

e Move the torch in a stepping or circular oscillation pattern down Yi Module 9 
the plate toward the other end, Figure 5.18. 

e Ifthe size of the weld pool changes, speed up or slow down the 
travel rate to keep the weld pool the same size for the entire length 


of the plate. 


Key Indicator 1,2 








TOO FAST AND/OR COLD 


TOO SLOW AND/OR HOT 


Welding: Skills, Processes and Practices 


MATERIAL: 
1/8” X 6” MILD STEEL 


PROCESS: 
NUMBER: DRAWN BY: 





Figure 5.17 
Surfacing weld in the flat position 
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Module 1h 


Key Indicator 1, 3, 4 


Module 2 


Key Indicator 1, 2, 3, 4, 6, 7 


Module 7h 


Austenitic Stainless Steel 
Key Indicator 8, 9 


Module on 


Key Indicator 1, 2 


Module 1h 


Key Indicator 1, 3, 4 


Module 2 


Key Indicator 1, 2, 3, 4, 6, 7 


Module 7h 


Aluminum 
Key Indicator 13, 14 


Module oo 
Key Indicator 1, 2 





Figure 5.18 
Surfacing weld 
Courtesy of Larry Jeffus 


The ability to maintain uniformity in width and keep a straight line 
increases as you are able to see more than just the weld pool. As your skill 
improves, you will relax, and your field of vision will increase. 

Repeat the process using both thicknesses of metal until you can con- 
sistently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-2 


Stringer Beads, Flat Position, on Stainless Steel 


Using the same equipment and material thicknesses as listed in Prac- 
tice 5-1 and one or more pieces of stainless steel, 6 in. (152 mm) long and 
1/4 in. (6 mm) thick, you will push a molten weld pool in a straight line 
down the plate, keeping the width and penetration uniform. 

To keep the formation of oxides on the bead to a minimum, a chill 
plate (a thick piece of metal used to absorb heat) may be required. Another 
method is to make the bead using as lowa heat input as possible. When the 
weld is finished, the weld bead should be no darker than dark blue. 

Repeat the process using both thicknesses of metal until you can con- 
sistently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-3 


Stringer Beads, Flat Position, on Aluminum 


Using the same equipment, setup for AC, and procedure as listed in 
Practice 5-1 and pieces of aluminum, 6 in. (152 mm) long and 1/16 in. 
(2 mm), 1/8 in. (3 mm), and 1/4 in. (6 mm) thick, you will push a weld pool 
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Fig 24. Connecting LEDs in series 

LEDs can be placed in series provided the total CHARACTERISTIC VOLTAGE DROP across 
the LEDs is LESS than the supply voltage. 

In this case the voltage across the LEDs is 1.7v + 1.7v + 1.7v =5.1v 

The supply is 6v and this allows 0.9v for the CURRENT LIMITING RESISTOR. 

The LEDs will not be very bright with 220R. 

Change the resistor to 47R 

If you connect 4 LEDs in series, the total CHARACTERISTIC VOLTAGE DROP will be 6.8v and 
no LEDs will illuminate because the total is higher than the 6v supply. 





to Index 


Different-colour LEDs can be connected in series. 
Add up the total Characteristic Voltage for the 5 
LEDs and see if it is less than 12v. 


The 220R resistor will have to be reduced to 47R 
to make the LEDs bright. 


LED 


orange 
LED 


green 
LED 


white 
LED 


Fig 25. Connecting LEDs in series 








to Index 


LEDs can be connected in parallel if they are the 
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in a straight line, maintaining uniform width and penetration for the 
length of the plate. 

A high current setting will allow faster travel speeds. The faster speed 
helps control excessive penetration. Hot cracking may occur on some types 
of aluminum after a surfacing weld. This is not normally a problem when 
filler metal is added. If hot cracking should occur during this practice, do 
not be concerned. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-4 


Flat Position, Using Mild Steel, Stainless Steel, Aluminum 


For this practice, you will need a properly set up and adjusted GTA 
welding machine, proper safety protection, and filler rods, 36 in. (0.9 m) 
long X 1/16in. (2mm), 3/32 in. (2.4mm), and 1/8in. (3 mm) in diameter, one 
or more pieces of mild steel, stainless steel, and aluminum, 6 in. (152 mm) 
long X 1/16 in. (2 mm) and 1/8 in. (8 mm) thick, and aluminum plate 
1/4 in. (6 mm) thick, Table 5.7, Table 5.8, and Table 5.9. In this practice, 


Table 5.7 Suggested Setting for GTA Welding of Mild Steel 


ave Module 1 


Key Indicator 1, 3, 4 


+ Module 2 


Key Indicator 1, 2, 3, 4, 6, 7 


+ Module 7 


Carbon Steel 


Key Indicator 3, 4 
Austenitic Stainless Steel 
Key Indicator 8, 9 
Aluminum 
Key Indicator 13, 14 


+ Module 9 


Key Indicator 1, 2 











Tungsten Welding Shielding Filler 
Type Size Tip Amp Current HF Type Flow Size Type Size 
EWTh-1 1/16 in. Point 50 DCEN Start Argon 16cfh 3/8 in. RG60 1/16— 
or (2 mm) to DCSP or 7L/min (10mm) or 3/32 in. 
EWTh-2 100 auto auto ER70S-3 (2—2.4 mm) 
a 3/32 in. Point 70 DCEN Start Argon 16cfh 3/8in. RG6O 1/16— 
BWCe2 (2.4 mm) to DCSP or 7L/min (10mm) or 3/32 in. 
= 150 auto auto ER70S-3 (2—2.4mm) 
EWLa 
1/8 in. Point 90 DCEN Start Argon 20cfh 1/2 in. RG60 3/32— 
(3 mm) to DCSP or 9L/min (13mm) or 1/8 in. 
250 auto ER70S-3 (2.4—3 mm) 
Table 5.8 Suggested Setting for GTA Welding of Stainless Steel 
Tungsten Welding Shielding Filler 
Type Size Tip Amp Current HF Type Flow Size Type Size 
EWTh-1 1/16 in. Point 70 DCEN Start Argon 16cfh 3/8 in. ER308 1/16—- 
or (2 mm) to DCSP or 7L/min (10mm) or 3/32 in. 
EWTh-2 100 auto ER316 (2—2.4 mm) 
EWTh-1 3/32 in. Point 70 DCEN Start Argon 16cfh 3/8 in. ER308 1/16— 
" (2.4 mm) to DCSP or 7L/min (10mm) or 3/32 in. 
ad 150 auto ER316 = (2-2.4 mm) 
EWCe-2 
or 1/8 in. Point 90 DCEN Start Argon 20cfh 1/2 in. ER308 3/32— 
EWLa (3 mm) to DCSP or 9L/min (138mm) or 1/8 in. 
250 auto ER316 (2.4—3 mm) 
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Table 5.9 Suggested Setting for GTA Welding of Aluminum 





Tungsten Welding Shielding Filler 
Type Size Tip Amp Current HF Type Flow Size Type Size 
EWZr 1/16in. Round 50 AC Continues Argon 17 cfh 7/16 in. ER1100 1/16— 
or 2mm to or 8L/min (11mm) or 3/32 in. 
EWLa 90 on ER4043 (2—2.4 mm) 
ae ; 3/32 in. Round 80 AC Continues Argon 20cfh 1/2in. ER1100 1/16—- 
S 2.4mm_ to or 9L/min (13mm) or 3/32 in. 
or 
130 on ER4043 —2. 
EWP (2—2.4 mm) 
1/8 in. Round 100 AC Continues Argon 20cfh 5/8 in. ER1100 3/32— 
3mm to or Q9L/min (16mm) or 1/8 in. 
200 on ER4043 = =(2.4—3 mm) 


Note: A pointed electrode may be preferred with AC and inverter GTAW power supplies with enhanced balance control capabilities. 





Figure 5.19 
Stringer beads in the flat position 





you will make a straight stringer bead, 6 in. (152 mm) long, that is uniform 
in width, reinforcement, and penetration, Figure 5.19. Use DCEN current 
on the steel and AC current on the aluminum. 

Starting with the metal that is 1/8 in. (3 mm) thick and the filler rod 
having a 3/32-in. (2.4-mm) diameter, strike an arc and establish a weld 
pool, Figure 5.20. Move the torch in a circle as in the practice beading. 
When the torch is on one side, add filler rod to the other side of the molten 
weld pool, Figure 5.21. The end of the rod can be held lightly in the leading 
edge of the molten weld pool, or it can be dipped into the molten weld pool. 
Ifyou are using the dipping method, be sure not to allow the tip to melt and 
drip into the weld pool, Figure 5.22. Change to another size filler rod and 
determine its effect on the weld pool. 





Welding: Skills, Processes and Practices 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 


PROCESS: 
GTAW STRINGER BEAD FLAT POSITION 


NUMBER: DRAWN BY: 
PRACTICE 5-4 WENDY JEFFUS 


Gas Tungsten Arc Welding of Plate 159 





Figure 5.20 
Establish a molten weld pool and dip the filler rod into it 
Courtesy of Larry Jeffu 





Figure 5.21 
Note the difference in the weld produced when different size filler rods are used 
Courtesy of Larry Jeffus 





Figure 5.22 


Move the electrode back as the filler rod is added 
Courtesy of Larry Jeffus 
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Module 1h 


Key Indicator 1, 3, 4 


Module oi 


Key Indicator 1, 2, 3, 4, 6, 7 


Module 7h 


Key Indicator 1, 2 

Carbon Steel 

Key Indicator 3, 4 
Austenitic Stainless Steel 
Key Indicator 8, 9 
Aluminum 

Key Indicator 13, 14 


Module on 


Key Indicator 1, 2 





Figure 5.23 
Outside corner joint in the flat position 





Maintain a smooth and uniform rhythm as filler metal is added. This 
will help to keep the bead uniform. Vary the rhythms to determine which 
one is easiest for you. If the rod sticks, move the torch toward the rod until 
it melts free. 

When the full 6-in. (152-mm)-long weld bead is completed, cool and 
inspect it for uniformity and defects. Repeat the process using all thick- 
nesses of metal until you can consistently make the weld visually defect 
free. Turn off the welding machine, shielding gas, and cooling water, and 
clean up your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-5 


Outside Corner Joint, 1G Position, Using Mild Steel, Stainless Steel, 
Aluminum 


Using the same equipment and materials listed in Practice 5-4, weld an 
outside corner joint in the flat position, Figure 5.23. 


e Place one of the pieces of metal flat on the table and hold or brace 
the other piece of metal horizontally on it. 

e Tack weld both ends of the plates together, Figure 5.24. 

e Set the plates up and add two or three more tack welds on the joint 
as required, Figure 5.25. 





Welding: Skills, Processes and Practices 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 


1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 
PROCESS: 


GTAW OUTSIDE CORNER JOINT 1F 


NUMBER: DRAWN BY: 
PRACTICE 5-5 WENDY JEFFUS 


Gas Tungsten Arc Welding of Plate 161 





Figure 5.24 


Tack weld. Note the good fusion at the start and crater fill at Figure 5.25 
the end. Outside corner tack welded together 
Courtesy of Larry Jeffus Courtesy of Larry Jeffus 
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Figure 5.26 
Outside corner joint. Note precleaning along weld. 
Courtesy of Larry Jeffus 


e Starting at one end, make a uniform weld, adding filler metal as 
needed. In Figure 5.26, note the metal areas that are precleaned 
before the weld is made. 


Repeat each weld as needed until all are mastered. Turn off the welding + acdule 
machine, shielding gas, and cooling water, and clean up your work area Key Indicator 1, 3, 4 
when you are finished welding. ig 

Complete a copy of the “Student Welding Report” listed in Appendix I Module 2 


‘ : Key Indicator 1, 2, 3, 4, 6, 7 
or provided by your instructor. : 


+ Module 7 


Carbon Steel 


PRACTICE 5-6 Key Indicator 6 
: on F F ‘ Austenitic Stainless Steel 
Butt Joint, 1G Position, Using Mild Steel, Stainless Steel, Aluminum Key Indicator 14 
Using the same equipment and materials as listed in Practice 5-4, you Aluminum 


will weld a butt joint in the flat position, Figure 5.27. Rey Indicator te 


Place the metal flat on the table and tack weld both ends together, at Module 9 
Figure 5.28. Two or three additional tack welds can be made along the Key Indicator 1, 2 
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Welding: Skills, Processes and Practices 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 


PROCESS: 
NUMBER: DRAWN BY: 
PRACTICE 6-6 








Figure 5.27 
Square butt joint in the flat position 


joint as needed. Starting at one end, make a uniform weld along the joint. 
Add filler metal as required to make a uniform weld. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 





Figure 5.28 
Tack weld on butt joint 
Courtesy of Larry Jeffus 


Gas Tungsten Arc Welding of Plate 163 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-7 


Butt Joint, 1G Position, with 100% Penetration, to Be Tested, Using Mild 
Steel, Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will weld a butt joint with 100% penetration, Figure 5.29, along the entire 
6-in. (152-mm) length of the joint. After the weld is completed, shear out 
strips 1 in. (25 mm) wide and bend-test them as shown in Figure 5.30. 

Repeat each weld until all have 100% root penetration. Turn off the 
welding machine, shielding gas, and cooling water, and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-8 


Butt Joint, 1G Position, with Minimum Distortion, Using Mild Steel, 
Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will weld a flat butt joint, while controlling both distortion and penetra- 
tion, Figure 5.31. 

Tack weld the plates together as shown in Figure 5.32. Using a back- 
stepping weld sequence, make a series of welds approximately 1 in. 
(25 mm) long along the joint. Be sure to fill each weld crater adequately to 
reduce crater cracking. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


+ Module 1 


Key Indicator 1, 3, 4 


ava Module 2 


Key Indicator 1, 2, 3, 4, 6, 7 


+? Module 7 


Carbon Steel 

Key Indicator 6 
Austenitic Stainless Steel 
Key Indicator 11 
Aluminum 

Key Indicator 16 


+ Module 9 


Key Indicator 1, 2 


+ Module 1 


Key Indicator 1, 3, 4 


+ Module 2 


Key Indicator 1, 2, 3, 4, 6, 7 


+? Module 7 


Carbon Steel 

Key Indicator 6 
Austenitic Stainless Steel 
Key Indicator 11 
Aluminum 

Key Indicator 16 


+ Module 9 


Key Indicator 1, 2 


LOOK FOR LACK 


OF FUSION 


WELD BEAD 
SHOWING ON 
BACK SIDE Figure 5.30 
Bend the 1-in. (25-mm) strip of butt joint 
Figure 5.29 backward and look at the root for 100% 


100% weld penetration penetration 
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3RD WELD 
2ND WELD 4TH WELD 


—— 


Welding: Skills, Processes and Practices 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 


PROCESS: GTAW BUTT JOINT 1G 
WITH MINIMUM DISTORTION 


weld is cut out so the metal can be reused. NUMBER: DRAWN BY: 
PRACTICE 5-8 WENDY JEFFUS 





*This dimension will decrease as the old 





Figure 5.31 
Square butt joint in the flat position with minimum distortion 


TACK WELDS 
= << << 
Figure 5.32 
Tack welds on a butt joint 
ava PRACTICE 5-9 
Module 1 |j 
Key Indicator 1, 3, 4 Lap Joint, 1F Position, Using Mild Steel, Stainless Steel, Aluminum 
Module 2H Using the same equipment and materials as listed in Practice 5-4, you 
Key Indicator 1, 2, 3, 4, 6, 7 will weld a lap joint in the flat position, Figure 5.33. 
ave Place the two pieces of metal flat on the table with an overlap of 1/4 in. 
Module 7 {J 


(6 mm) to 3/8 in. (10 mm). Hold the pieces of metal tightly together and 


Carbon Steel ee . : 
tack weld them as shown in Figure 5.34 and Figure 5.35. Starting at one 


Key Indicator 6 


Austenitic Stainless Steel end, make a uniform fillet weld along the joint. Both sides of the joint can 
Key Indicator 10 be welded. 
Aluminum Repeat the process using all thicknesses of metal until you can consis- 


Rey Indicator 12 tently make the weld visually defect free. Turn off the welding machine, 


Module 9 ti shielding gas, and cooling water, and clean up your work area when you 
Key Indicator 1, 2 are finished welding. 


Gas Tungsten Arc Welding of Plate 165 


TURN PLATE OVER TO 
WELD THIS SIDE. 








Welding: Skills, Processes and Practices 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL 
1/8” x 6” MILD STEEL & STAINLESS STEEL 
1/4” x 6” ALUMINUM 


me (13 mm) is the maximum **This dimension will decrease as the old PROCESS: 





weld is cut out so the metal can be reused. GTAW LAP JOINT 1F 


to conserve metal. NUMBER: DRAWN BY: 
PRACTICE 5-9 WENDY JEFFUS 


Figure 5.33 
Lap joint in the flat position 


AREA STARTING TO 
MELT 


AREA OF ARC CLEANING 





Figure 5.35 





— 


om 


Figure 5.34 Oxides form during tack welding. Do not complete the tack 
Be sure both the top and bottom pieces are melted before welds. These oxides will become part of the finished weld if 
adding filler metal the tack is completed. 

Courtesy of Larry Jeffus Courtesy of Larry Jeffus 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-10 


Lap Joint, 1F Position, to Be Tested, Using Mild Steel, Stainless Steel, 
Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will make a fillet weld on one side of a lap joint and test it for 100% root 
penetration, Figure 5.36, Figure 5.37, and Figure 5.38. After the weld is 
completed, shear out strips 1 in. (25 mm) wide on one side of the joint and 
bend-test them as shown in Figure 5.39. 


ava Module 1 


Key Indicator 1, 3, 4 


ave Module 2 


Key Indicator 1, 2, 3, 4, 6, 7 


+? Module 7 


Carbon Steel 

Key Indicator 5 
Austenitic Stainless Steel 
Key Indicator 10 
Aluminum 

Key Indicator 15 


+ Module 9 


Key Indicator 1, 2 
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INCOMPLETE ROOT FUSION 


Figure 5.36 

A notch indicates that the root was not 
properly melted and fused 

Courtesy of Larry Jeffus 





= 
COMPLETE ROOT FUSION 


i WELD 





Figure 5.37 

Watch the leading edge of the molten weld 
pool to ensure that there is complete root 
fusion 

Courtesy of Larry Jeffus 


Figure 5.38 

Bend the 1-in (25-mm) strip of lap 
joint backward and look at the root 
for 100% penetration 


yal (13 mm) is the maximum 
permitted lap to conserve metal. 


1" 


2 





Figure 5.39 
Remove strips and test for root fusion 








(13 mm) 


\ 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL 
1/8” x 6” MILD STEEL & STAINLESS STEEL 
1/4” x 6” ALUMINUM 


PROCESS: 
GTAW LAP JOINT 1F TO BE TESTED 


NUMBER: DRAWN BY: 
PRACTICE 5-10 WENDY JEFFUS 


Repeat each weld until all have 100% root penetration. Turn off the 
welding machine, shielding gas, and cooling water, and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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220 ohm 
Resistor 





















Fig 26. Connecting LEDs in parallel 





220 ohm 
Resistor 


Fig 27. Connecting LEDs in parallel 


Basic Electronics 1A 


same colour. 

In the diagram a red LED drops a 
CHARACTERISTIC VOLTAGE of 1.7v and if they 
are from the same manufacturer or the same 
batch, they will work ok. 

Although we say the characteristic voltage for a 
red LED is 1.7v, this can change slightly from 
different manufacturers and one LED may glow 
brightly while the other is dull. 

You have to build the circuit and see the result. 


to Index 


Different colour LEDs cannot be connected in 
parallel. The voltage across a red LED is 1.7v. 
This becomes the "Supply Voltage" for the green 
LED and it is too low. The green LED needs a 
supply of 2.1v to 2.3v. 

Only the red LED will illuminate. 








100 ohm 
Resistor 


100 ohm 
Resistor 


Fig 28. Connecting Resistors in Series 





to Index 


Suppose you don't have a 220 ohm resistor. 
You can make a 220 ohm resistor with two 
resistors in series. The total resistance will be 200 


ohms, but resistors are not accurate and the result 


will be very close to 220R. 
Electronic circuits are not very critical. You will not 


be able to see the difference in brightness between 


200 ohms and 220 ohms. 


When resistors are connected in 


series, the total resistance is found by 
adding the resistance of each resistor. 


Riotal = R, + R, + R, + .... 

















to Index 


You can create a 220 ohm resistor by connecting 
two resistors in Parallel. 

When two equal-value resistors are connected in 
Parallel, the total resistance across the 
combination is HALF. 

470R in parallel with 470R produces 235R. 

This is very close to 220R. 

We are not going into the formula as it is very 
complex. 

Three equal-value resistors in parallel produce a 
total of one-third. 

Simply get two resistors and connect them in 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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Gas Tungsten Arc Welding of Plate 167 


PRACTICE 5-11 


Tee Joint, 1F Position, Using Mild Steel, Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will weld a tee joint in the flat position, Figure 5.40. 

Place one of the pieces of metal flat on the table and hold or brace the 
other piece of metal horizontally on it. Tack weld both ends of the plates 
together, Figure 5.41. Set up the plates in the flat position and add two or 
three more tack welds to the joint as required, Figure 5.42. 

On the metal that is 1/16 in. (1.5 mm) thick, it may not be possible to 
weld both sides, but on thicker material a fillet weld can usually be made 
on both sides. The exception to this is if carbide precipitation occurs on the 
stainless steel during welding. 

Starting at one end, make a uniform weld, adding filler metal as needed. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-12 


Tee Joint, 1F Position, to Be Tested, Using Mild Steel, 
Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will weld a tee joint and test it for 100% root penetration, Figure 5.43. After 
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+ Module 1 


Key Indicator 1, 3, 4 


ave Module 2 


Key Indicator 1, 2, 3, 4, 6, 7 


ae Module 7 


Carbon Steel 

Key Indicator 5 
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Key Indicator 10 
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Key Indicator 15 


+ Module 9 


Key Indicator 1, 2 
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(6 mm) is the maximum 
to conserve metal. 








PROCESS: 


Welding: Skills, Processes and Practices 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 


GTAW TEE JOINT 1F 





NUMBER: 





Figure 5.40 
Tee joint in the flat position 





PRACTICE 5-11 


DRAWN BY: 
WENDY JEFFUS 
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Figure 5.41 
Tack weld on a tee joint 
Courtesy of Larry Jeffus 


Module 2H 


Key Indicator 1, 2, 3, 4, 6, 7 


Module 7h 


Carbon Steel 

Key Indicator 5 
Austenitic Stainless Steel 
Key Indicator 10 
Aluminum 

Key Indicator 15 


Module on 


Key Indicator 1, 2 








Figure 5.44 





NOTE THE NEARLY FLAT FACE 
OF A GOOD FILLET WELD. 








Figure 5.43 


Figure 5.42 100% weld penetration 
Keep the tack welds small so that they will : : 


not affect the weld 
Courtesy of Larry Jeffus 


the weld is completed, cut or shear out strips 1 in. (25 mm) wide and bend- 
test them as shown in Figure 5.44 and Figure 5.45. 

Repeat each weld until all have 100% root penetration. Turn off the 
welding machine, shielding gas, and cooling water, and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 





equ 
(6 mm) is the maximum 
to conserve metal. 


Welding: Skills, Processes and Practices 


MATERIAL. 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 


PROCESS: 
GTAW TEE JOINT 1F TO BE TESTED 


NUMBER: DRAWN BY: 
PRACTICE 5-12 WENDY JEFFUS 


Tee joint in the flat position to be tested 


Gas Tungsten Arc Welding of Plate 169 


TEE JOINT TEE JOINT 
BEFORE BENDING AFTER BENDING 


ROOT 


WELD 


Figure 5.45 
Bend the 1-in. (25-mm) strip of the tee joint backward and 
look at the root for 100% penetration 


PRACTICE 5-13 


Stringer Bead at a 45° Vertical Angle, Using Mild Steel, Stainless Steel, 
Aluminum 


Using the same equipment and materials listed in Practice 5-4, you will ave Module 4 
make a stringer bead in the vertical up position. Key Indicator 1, 3, 4 


e Starting at the bottom and welding in an upward direction, add the + siodules 
filler metal to the top edge of the weld pool and move the torch ina Key Indicator 1, 2, 3, 4, 6, 7 
circle or “C” pattern, Figure 5.46. If the weld pool size starts to in- 


“cr 


PATTERN 





! 


*This angle should be increased Welding: Skills, Processes and Practices 
until the plate is vertical. MATERIAL. 1/16" x 6" MILD STEEL & STAINLESS STEEL, D CEN 


1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 


PROCESS: 
NUMBER: DRAWN BY: 








Figure 5.46 
45° vertical up 
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bindulc 7H crease, the “C” pattern can be increased in length or the power can 
Catbon Steel be decreased. 
Key Indicator 4 e Watch the weld pool and establish a rhythm of torch movement 
Austenitic Stainless Steel and addition of rod to keep the weld uniform. 
Key Indicator 9 
Aluminum Repeat the process using all thicknesses of metal until you can consis- 
Key Indicator 14 tently make the weld visually defect free. Turn off the welding machine, 
bg shielding gas, and cooling water, and clean up your work area when you 
Module? are finished welding. 


Key Indicator 1, 2 : as F : 
ree Complete a copy of the “Student Welding Report” listed in Appendix I 


or provided by your instructor. 


Modute1 py PRACTICE 5-14 


pay ie eiaeere Stringer Bead, 3G Position, Using Mild Steel, Stainless Steel, Aluminum 


. Module 2th Repeat Practice 5-13. Gradually increase the angle as you develop skill 

Rey Indicator ty 2p 3o Spr 7 until the weld is being made in the vertical up position, Figure 5.47. Re- 
Module 7H peat the process using all thicknesses of metal until you can consistently 

Carbon Steel make the weld visually defect free. Turn off the welding machine, shield- 


Key Indicator 4 ing gas, and cooling water, and clean up your work area when you are fin- 
Austenitic Stainless Steel 


Key Indicator 9 ished welding. 
“Aluminum Complete a copy of the “Student Welding Report” listed in Appendix I 
Key Indicator 14 or provided by your instructor. 


Module ot 


Key Indicator 1, 2 
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6" 
(152 mm) 
90° 
y 
Welding: Skills, Processes and Practices 
MATERIAL: 1/16" x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 
PROCESS: 
GTAW BUTT JOINT 1G 
NUMBER: DRAWN BY: 
PRACTICE 5-14 WENDY JEFFUS 


Figure 5.47 
Vertical up position 
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PRACTICE 5-15 


Butt Joint at a 45° Vertical Angle, Using Mild Steel, Stainless Steel, 
Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will weld a butt joint in the vertical up position. 

After tack welding the plates together, start the weld at the bottom and 
weld in an upward direction. The same rhythmic torch and rod movement 
practiced for the 45° stringer bead should be used to control the weld. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-16 


Butt Joint, 3G Position, Using Mild Steel, Stainless Steel, Aluminum 


Repeat Practice 5-15. Gradually increase the plate angle after each weld. 
As you develop skill, continue increasing the angle until the weld is being 
made in the vertical up position. Repeat the process using all thicknesses 
of metal until you can consistently make the weld visually defect free. Turn 
off the welding machine, shielding gas, and cooling water, and clean up 
your work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-17 


Butt Joint, 3G Position, with 100% Penetration, to Be Tested, Using Mild 
Steel, Stainless Steel, Aluminum 


Repeat Practice 5-16. Make the needed changes in the root opening 
to allow 100% penetration, Figure 5.48. It may be necessary to provide 
a backing gas to protect the root from atmospheric contamination. After 
the weld is completed, visually inspect it for uniformity and defects. Then 
shear out strips 1 in. (25 mm) wide and bend-test them. 

Repeat each weld until all have 100% root penetration. Turn off the 
welding machine, shielding gas, and cooling water, and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-18 


Lap Joint at a 45° Vertical Angle, Using Mild Steel, Stainless Steel, 
Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will make a vertical up fillet weld on a lap joint. 
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CUT OUT 
TEST STRIPS. 
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Welding: Skills, Processes and Practices 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 


1/4” x 6” ALUMINUM, AC 
GTAW BUTT JOINT 3G TO BE TESTED 





Figure 5.48 


NUMBER: DRAWN BY: 
PRACTICE 5-17 WENDY JEFFUS 


Vertical up butt joint with 100% penetration. Strips are to be cut for testing. 
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After tack welding the plates together, start the weld at the bottom and 
weld in an upward direction. It is important to maintain a uniform weld 
rhythm so that a nice-looking weld bead is formed. It may be necessary to 
move the torch in and around the base of the weld pool to ensure adequate 
root fusion, Figure 5.49. The filler metal should be added along the top 
edge of the weld pool near the top plate. 


WATCH PENETRATION HERE 





Figure 5.49 
Lapjoint 
Courtesy of Larry Jeffus 


Gas Tungsten Arc Welding of Plate 173 


Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-19 


Lap Joint, 3F Position, Using Mild Steel, Stainless Steel, Aluminum 


Repeat Practice 5-18. Gradually increase the plate angle after each weld 
as you develop your skill. Increase the angle until the weld is being made 
in the vertical up position, Figure 5.50. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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pil (13 mm) is the maximum permitted 
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1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
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Welding: Skills, Processes and Practices 


6” MILD STEEL & STAINLESS STEEL, D CEN 


1/4” x 6” ALUMINUM, AC 





PROCESS: 


GTAW LAP JOINT 3F 


NUMBER: DRAWN BY: 
PRACTICE 5-19 WENDY JEFFUS 


Figure 5.50 
Vertical up lap joint 
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PRACTICE 5-20 


Lap Joint, 3F Position, with 100% Root Penetration, to Be Tested, Using 
Mild Steel, Stainless Steel, Aluminum 


Repeat Practice 5-19 and make the fillet weld in a lap joint with 100% 
root penetration. After the weld is completed, visually inspect it for unifor- 
mity and defects before shearing out strips 1 in. (25 mm) wide and bend- 
testing them. 

Repeat each weld until all have 100% root penetration. Turn off the 
welding machine, shielding gas, and cooling water, and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-21 


Tee Joint at a 45° Vertical Angle, Using Mild Steel, Stainless Steel, 
Aluminum 


Using the same equipment and materials listed in Practice 5-4, you will 
make a vertical up fillet weld on a tee joint. 


e After tack welding the plates together, start the weld at the bottom 
and weld in an upward direction. The edge of the side plate, 
Figure 5.51, will heat up more quickly than the back plate. This 
rapid heating often leads to undercutting along this edge of the weld. 
e To control undercutting, keep the arc on the back plate and add the 
filler metal to the weld pool near the side plate. 


Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


DIRECT THE ARC 
ON THIS PLATE. 





Figure 5.51 
The edge of the intersecting plate will heat up faster than the base plate if the heat is not 
directed away from it 


Gas Tungsten Arc Welding of Plate 175 


PRACTICE 5-22 


Tee Joint, 3F Position, Using Mild Steel, Stainless Steel, Aluminum 


Repeat Practice 5-21. Gradually increase the plate angle after each weld 
as you develop your skill. Increase the angle until the weld is being made 
in the vertical up position. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-23 


Tee Joint, 3F Position, with 100% Root Penetration, to Be Tested, Using 
Mild Steel, Stainless Steel, Aluminum 


Repeat Practice 5-21 and make the fillet weld in a lap joint with 100% 
root penetration. After the weld is completed, visually inspect it for unifor- 
mity and defects before shearing out strips 1 in. (25 mm) wide and bend- 
testing them. 

Repeat each weld until all have 100% root penetration. Turn off the 
welding machine, shielding gas, and cooling water, and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-24 


Stringer Bead at a 45° Reclining Angle, Using Mild Steel, Stainless Steel, 
Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will make a weld bead on a plate at a 45° reclining angle, Figure 5.52. Add 
the filler metal along the top leading edge of the weld pool. Surface tension 
will help hold the weld pool on the top if the bead is not too large. The weld 
should be uniform in width and reinforcement. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-25 


Stringer Bead, 2G Position, Using Mild Steel, Stainless Steel, Aluminum 


Repeat Practice 5-24. Gradually increase the plate angle as you develop 
your skill until the weld is being made in the horizontal position on a verti- 
cal plate. 
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Figure 5.52 
45° reclining angle 
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Welding: Skills, Processes and Practices 


MATERIAL; 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6" ALUMINUM, AC 


PROCESS: 
GTAW BUTT JOINT 45° RECLINING ANGLE 
NUMBER: DRAWN BY: 





PRACTICE 5-24 WENDY JEFFUS 


Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-26 


Butt Joint, 2G Position, Using Mild Steel, Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will weld a butt joint in the horizontal position. 

The welding techniques are the same as those used in Practice 5-25. 
Add the filler metal to the top plate, and keep the bead size small so it will 
be uniform. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


1/10/2018 Basic Electronics 1A 


Fig 29. Connecting Resistors in Parallel || parallel and measure them with a multimeter. 


to Index 


Figure A shows three resistors. It looks hard to 
solve so the middle resistor is turned so it 
connects directly to the top and bottom rail. Now 
you can see the circuit is three resistors in 
parallel. The result is one-third of an ohm. 


Figure C shows twelve 6 ohm resistors. Replace 
each group with a 2 ohm resistor, because three 
6 ohm resistors in parallel is equal to 2 ohms. 


The two left resistors create 
4 ohms and the two right 
resistors create 4 ohms. 
The result of two 4 ohm 
resistors in parallel is 2 
ohms. 

The resistance of the circuit 
does not change if 


the 
switch is open or closed. 


to Index 


There are some special LEDs that can be 
connected to 3v to 9v and they flash or 
produce a range of colours. 

These LEDs have a chip and resistor inside 
the body of the LED to produce the effect and 
allow the LED to operate on a voltage without 
the need for a current limiting resistor. 


Horesistor needed 


i 
Flashing “ 
LED 


Fig 30. Flashing LED 














to Index 
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Gas Tungsten Arc Welding of Plate 177 


PRACTICE 5-27 


Butt Joint, 2G Position, with 100% Penetration, to Be Tested, Using Mild 
Steel, Stainless Steel, Aluminum 


Repeat Practice 5-26. It may be necessary to increase the root open- 
ing to ensure 100% penetration. A backing gas may be required to prevent 
atmospheric contamination. Using a “J” weave pattern will help to main- 
tain a uniform weld bead. After the weld is completed, visually inspect it 
for uniformity and defects. Then shear out strips 1 in. (25 mm) wide and 
bend-test them. 

Repeat each weld until all have 100% root penetration. Turn off the 
welding machine, shielding gas, and cooling water, and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-28 


Lap Joint, 2F Position, Using Mild Steel, Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, make 
a horizontal fillet weld on a lap joint. 


e After tack welding the plates together, start the weld at one end. 
The bottom plate will act as a shelf to support the molten weld pool, 
Figure 5.53. 

e Add the filler metal along the top edge of the weld pool to help con- 
trol undercutting. 


Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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Horizontal lap joint 
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Figure 5.54 
Tee joint in the horizontal position 


(152 mm) 


PRACTICE 5-29 


Lap Joint, 2F Position, with 100% Root Penetration, to Be Tested, Using 
Mild Steel, Stainless Steel, Aluminum 


Repeat Practice 5-28. Be sure the weld is penetrating the root 100%. Af- 
ter the weld is completed, visually inspect it for uniformity and defects be- 
fore shearing out strips 1 in. (25 mm) wide and bend-testing them. 

Repeat each weld until all have 100% root penetration. Turn off the 
welding machine, shielding gas, and cooling water, and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-30 


Tee Joint, 2F Position, Using Mild Steel, Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will make a horizontal fillet weld on a tee joint. 

After tack welding the plates together, start the weld at one end. 
The bottom plate will act as a shelf to support the molten weld pool, 
Figure 5.54. As with the horizontal lap joint, add the filler metal along the 
top leading edge of the weld pool. This will help control undercut. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 





(6 mm) is the maximum 
to conserve metal. 


Welding: Skills, Processes and Practices 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 


PROCESS: 
GTAW TEE JOINT 1F 


NUMBER: DRAWN BY: 
PRACTICE 5-30 WENDY JEFFUS 


Gas Tungsten Arc Welding of Plate 179 


Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-31 


Tee Joint, 2F Position, with 100% Root Penetration, to Be Tested, Using 
Mild Steel, Stainless Steel, Aluminum 


Repeat Practice 5-30. Be sure the weld is penetrating the root 100%. Af- 
ter the weld is completed, visually inspect it for uniformity and defects be- 
fore shearing out strips 1 in. (25 mm) wide and bend-testing them. 

Repeat each weld until all have 100% root penetration. Turn off the 
welding machine, shielding gas, and cooling water, and clean up your 
work area when you are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-32 


Stringer Bead, 4G Position, Using Mild Steel, Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will make a weld bead on a plate in the overhead position. 

The surface tension on the molten metal will hold the welding bead on 
the plate providing that it is not too large. A wide weld with little buildup 
will be easier to control and less likely to undercut along the edge. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-33 


Butt Joint, 4G Position, Using Mild Steel, Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will weld a butt joint in the overhead position. 

The same techniques used to make the stringer beads in Practice 5-32 
are also used with the butt joint. The size of the bead should be kept small 
enough so that you can control the weld. Add the filler metal along the 
leading edge of the weld pool, Figure 5.55. The completed weld should be 
uniform and free from defects. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 
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Figure 5.55 
Overhead butt joint 
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(152 mm) 


Welding: Skills, Processes and Practices 


MATERIAL: 1/16” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/8” x 6” MILD STEEL & STAINLESS STEEL, D CEN 
1/4” x 6” ALUMINUM, AC 


PROCESS: 
GTAW BUTT JOINT 4G 


NUMBER: DRAWN BY: 
PRACTICE 5-33 WENDY JEFFUS 


PRACTICE 5-34 


Lap Joint, 4F Position, Using Mild Steel, Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will make a fillet weld on a lap joint in the overhead position. 

The major concentration of heat and filler metal should be on the top 
plate. Gravity and an occasional sweep of the torch along the bottom plate 
will pull the weld pool down. Undercutting along the top edge of the weld 
can be controlled by putting most of the filler metal along the top edge. 
The completed weld should be uniform and free from defects. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


PRACTICE 5-35 


Tee Joint, 4F Position, Using Mild Steel, Stainless Steel, Aluminum 


Using the same equipment and materials as listed in Practice 5-4, you 
will make a fillet weld on a tee joint in the overhead position. 

The same techniques used to make the overhead lap weld in Practice 
5-34 are used with the tee joint. As with the lap joint, most of the heat and 
filler metal should be concentrated on the top plate. A “J” weave pattern 
will help pull down any needed metal to the side plate. The completed 
weld should be uniform and free from defects. 

Repeat the process using all thicknesses of metal until you can consis- 
tently make the weld visually defect free. Turn off the welding machine, 
shielding gas, and cooling water, and clean up your work area when you 
are finished welding. 

Complete a copy of the “Student Welding Report” listed in Appendix I 
or provided by your instructor. 


Gas Tungsten Arc Welding of Plate 


PRACTICE 5-36 


Gas Tungsten Arc Welding (GTAW) on Plain Carbon Steel Workmanship 
Sample 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 5-36. Date: 


Title: 
Welding GTAW of sheet to sheet. 


Scope: 
This procedure is applicable for square groove and fillet welds within the 
range of 18 gauge through 10 gauge. 

Welding may be performed in the following positions: 1G and 2F. 


Base Metal: 
The base metal shall conform to carbon steel M-1, Group 1. 
Backing material specification: none . 


Filler Metal: 

The filler metal shall conform to AWS specification no. 1/16 in. (2 mm) 
to 3/32 in. (2.4 mm) diameter. E70S-3 from AWS specification A5.18. This 
filler metal falls into F-number F-6 and A-number A-1. 


Electrode: 
The tungsten electrode shall conform to AWS specification no. EWTh-2, 
EWCe-2, or EWLa from AWS specification A5.12. The tungsten diameter 
shall be 1/8 in. (8.2 mm) maximum. 

The tungsten end shape shall be tapered at two to three times its length 
to its diameter. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: welding grade argon. 


Joint Design and Tolerances: 
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Preparation of Base Metal: 

Allhydrocarbons and other contaminations, such as cutting fluids, grease, 
oil, and primers, must be cleaned offall parts and filler metals before weld- 
ing. This cleaning can be done with any suitable solvents or detergents. 
The joint face and inside and outside plate surface within 1 in. (25 mm) of 
the joint must be mechanically cleaned of slag, rust, and mill scale. Clean- 
ing must be done with a wire brush or grinder down to bright metal. 


Electrical Characteristics: 
The current shall be direct current electrode negative (DCEN). The base 
metal shall be on the positive side of the line. 





Metal Specifications Gas Flow Nozzle Amperage 
Thickness Diameter of Rates cfm) Flow Times _ Postflow Size Min. Max. 
E70S-3° (L/min) Preflow in. (mm) 
18 ga 1/16 in. (2 mm) 15 to 20 (7 to 9) 10 to 15 sec 10 to 25 sec 1/4 to 3/8 (6 to 10) 45 to 65 
17 ga 1/16 in. (2 mm) 15 to 20 (7 to 9) 10 to 15 sec 10 to 25 sec 1/4 to 3/8 (6 to 10) 45 to 70 
16 ga 1/16 in. (2 mm) 15 to 20 (7 to 9) 10 to 15 sec 10 to 25 sec 1/4 to 3/8 (6 to 10) 50 to 75 
15 ga 1/16 in. (2 mm) 15 to 20 (7 to 9) 10 to 15 sec 10 to 25 sec 1/4 to 3/8 (6 to 10) 55 to 80 
14 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 3/8 to 5/8 (10 to 16) 60 to 90 
13 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 3/8 to 5/8 (10 to 16) 60 to 100 
12 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 3/8 to 5/8 (10 to 16) 60 to 110 
11 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 3/8 to 5/8 (10 to 16) 65 to 120 
10 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 3/8 to 5/8 (10 to 16) 70 to 130 
“Other E70S-X filler metal may be used. 
Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) before 
any welding is started. 


Backing Gas: 
None 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 
TACK WELDS: With the parts securely clamped in place with the correct 
root gap, the tack welds are to be performed. Holding the electrode so that 
itis very close to the root face but not touching, slowly increase the current 
until the arc starts and a molten weld pool is formed. Add filler metal as re- 
quired to maintain a slightly convex weld face and a flat or slightly concave 
root face. When it is time to end the tack weld, lower the current slowly 
so that the molten weld pool can be tapered down in size. When all tack 
welds are complete, allow the parts to cool as needed before assembling 
the remaining parts. Repeat the tack welding procedure until the entire 
part is assembled. 

SQUARE GROOVE AND FILLET WELDS: Holding the electrode so that 
it is very close to the metal surface but not touching, slowly increase the 
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All dimensions U.S. Customary Units 
unless otherwise specified. 

10 ga -14 ga thickness carbon steel. 
Optional choice of thickness within 
range specified. 


. The welder shall prepare a bill of 


materials in U.S. Customary Units prior 
to cutting. 


. The welder shall convert the above bill 


of materials to S.I. Metric Units of 
measure. 


. All parts may be mechanically cut or 


machine PAC unless specified manual 
PAC. 


. All welds GMAW-S (Short Circuiting 


Transfer) or GTAW as applicable. 


. Fit and tack entire assembly on bench 


before attaching to positioning arm. 


. All welding to be done in position 


according to welding symbol. 


. Employ boxing technique where 


applicable. 


. Melt through not required. 

. Weld joins parts 1C and 1D to 1E. 
. Weld joins parts 1C and 1E to 1A. 
. For GMAW-S, use WPS AWS EDU 


GMAW-01. (See AWS QC10, Table 2.) 


. For GTAW use WPS AWS EDU 


GTAW-01. (See AWS QC10, Table 2.) 


. Visual examination in accordance with 


requirements of AWS QC10, Table 3. 
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Figure 5.56 
GTAW Plain Carbon Steel Workmanship Qualification Test 
Courtesy of the American Welding Society 


current until the arc starts and a molten weld pool is formed. As the weld 
progresses, add filler metal as required to maintain a flat or slightly convex 
weld face. Ifit is necessary to stop the weld or to reposition yourself or ifthe 
weld is completed, the current must be lowered slowly so that the molten 
weld pool can be tapered down in size. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 120°F (49°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must not 
be quenched in water. 


Cleaning: 

Recleaning may be required if the parts or filler metal becomes contami- 
nated or reoxides to a degree that the weld quality will be affected. Re- 
clean using the same procedure used for the original metal preparation. 
Any slag must be cleaned off between passes. 
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Module 1h 


Key Indicator 1, 3, 4 


Module 2 


Key Indicator 1, 2, 3, 4, 6, 7 


Module 7h 


Key Indicator 1, 2 
Austenitic Stainless Steel 
Key Indicator 8, 9, 10, 11, 12 


Module on 


Key Indicator 1, 2 


Visual Inspection: 
Visual inspection criteria for entry welders*: 


1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds ex- 
cept as permitted for partial joint penetration groove welds. 

3. The Test Supervisor shall examine the weld for acceptable appear- 
ance, and shall be satisfied that the welder is skilled in using the 
process and procedure specified for the text. 

4. Undercut shall not exceed the lesser of 10% of the base metal thick- 
ness or 1/32 in. (0.8 mm). 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of 
the Test Supervisor. 

6. The frequency of porosity shall not exceed one in each 4 in. 

(100 mm) of weld length and the maximum diameter shall not ex- 
ceed 3/32 in. (2.4 mm). 
7. Welds shall be free from overlap. 


Sketches: 
Complete a copy of the “Student Welding Report” listed in Appendix I or 
provided by your instructor. 


PRACTICE 5-37 


Gas Tungsten Arc Welding (GTAW) on Stainless Steel Workmanship 
Sample 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 5-37. Date: 


Title: 
Welding GTAW of sheet to sheet. 


Scope: 
This procedure is applicable for square groove and fillet welds within the 
range of 18 gauge through 10 gauge. 

Welding may be performed in the following positions: 1G and 2F. 


Base Metal: 
The base metal shall conform to austenitic stainless steel M-8 or P-8. Back- 
ing material specification: none. 


Filler Metal: 
The filler metal shall conform to AWS specification no. ER3XX from AWS 
specificationA5.9. ThisfillermetalfallsintoF-numberF-6andA-numberA-8. 


Electrode: 

The tungsten electrode shall conform to AWS specification no. EWTh-2, 
EWCe-2 or EWLa from AWS specification A5.12. The tungsten diameter 
shall be 1/8 in. (3.2 mm) maximum. The tungsten end shape shall be ta- 
pered at two to three times its length to its diameter. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: welding grade argon. 


*Courtesy of the American Welding Association. 
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Joint Design and Tolerances: 





Preparation of Base Metal: 

All hydrocarbons and other contaminations, such as cutting fluids, grease, 
oil, and primers, must be cleaned off all parts and filler metals before weld- 
ing. This cleaning can be done with any suitable solvents or detergents. 
The joint face and inside and outside plate surface within 1 in. (25 mm) 
of the joint must be cleaned of slag, oxide, and scale. Cleaning can be me- 
chanical or chemical. Mechanical metal cleaning can be done by grind- 
ing, stainless steel wire brushing, scraping, machining, or filing. Chemi- 
cal cleaning can be done by using acids, alkalies, solvents, or detergents. 
Cleaning must be done down to bright metal. 


Electrical Characteristics: 
The current shall be direct current electrode negative (DCEN). The base 
metal shall be on the positive side of the line. 








Metal Specifications Gas Flow 
Thickness Diameter of Rates cfm Flow Times Posiflow 
ER3XX° (L/min Preflow 

18 ga 1/16 in. (2 mm) 15 to 20 (7 to 9) 10 to 15 sec 10 to 25 sec 
17 ga 1/16 in. (2 mm) 15 to 20 (7 to 9) 10 to 15 sec 10 to 25 sec 
16 ga 1/16 in. (2 mm) 15 to 20 (7 to 9) 10 to 15 sec 10 to 25 sec 
15 ga 1/16 in. (2 mm) 15 to 20 (7 to 9) 10 to 15 sec 10 to 25 sec 
14 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 
13 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 
12 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 
11 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 
10 ga 3/32 in. (2.4 mm) 20 to 25 (9 to 12) 10 to 20 sec 10 to 30 sec 


“Any ER3XX stainless steel A5.9 filler metal may be used. 


Preheat: 


The parts must be heated to a temperature higher than 50°F (10°C) before any welding is started. 


Backing Gas: 


None 


Nozzle 
Size 
in. (mm) 


1/4 to 3/8 (6 to 10 
1/4 to 3/8 (6 to 10 
1/4 to 3/8 (6 to 10 
1/4 to 3/8 (6 to 10 
3/8 to 5/8 (10 to 16) 
3/8 to 5/8 (10 to 16) 
3/8 to 5/8 (10 to 16) 

( ) 

( ) 


re wre ar Oa 


3/8 to 5/8 (10 to 16 
3/8 to 5/8 (10 to 16 


Amperage 
Min. Max. 


35 to 60 
40 to 65 
40 to 75 
50 to 80 
50 to 90 
55 to 100 
60 to 110 
65 to 120 
70 to 130 
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Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 

TACK WELDS: With the parts securely clamped in place with the correct 
root gap, the tack welds are to be performed. Holding the electrode so that 
itis very close to the root face but not touching, slowly increase the current 
until the arc starts and a molten weld pool is formed. Add filler metal as re- 
quired to maintain a slightly convex weld face and a flat or slightly concave 
root face. When it is time to end the tack weld, lower the current slowly 
so that the molten weld pool can be tapered down in size. When all tack 
welds are complete, allow the parts to cool as needed before assembling 
the remaining parts. Repeat the tack welding procedure until the entire 
part is assembled. 

SQUARE GROOVE AND FILLET WELDS: Holding the electrode so that 
it is very close to the metal surface but not touching, slowly increase the 
current until the arc starts and a molten weld pool is formed. As the weld 
progresses, add filler metal as required to maintain a flat or slightly convex 
weld face. If it is necessary to stop the weld or to reposition yourself or if 
the weld is completed, the current must be lowered slowly so that the mol- 
ten weld pool can be tapered down in size. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 350°F (180°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must not 
be quenched in water. 


Cleaning: 

Recleaning may be required if the parts or filler metal become contami- 
nated or oxidized to a degree that the weld quality will be affected. Re- 
clean using the same procedure used for the original metal preparation. 


Visual Inspection: 
Visual inspection criteria for entry welders*: 


1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds ex- 
cept as permitted for partial joint penetration groove welds. 

3. The Test Supervisor shall examine the weld for acceptable appear- 
ance, and shall be satisfied that the welder is skilled in using the 
process and procedure specified for the text. 

4. Undercut shall not exceed the lesser of 10% of the base metal thick- 
ness or 1/32 in. (0.8 mm). 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of 
the Test Supervisor. 

6. The frequency of porosity shall not exceed one in each 4 in. 

(100 mm) of weld length and the maximum diameter shall not ex- 
ceed 3/32 in. (2.4 mm). 
7. Welds shall be free from overlap. 


*Courtesy of the American Welding Association. 
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red 
green 
‘a Orange 


LED 


10mA 20mA 25mA 


These diagrams show the resistor needed to produce 1mA to 25mA current through 
a single LED on 3v, 5v, 9v and 12v supply. 





to Index 


THE VOLTAGE DIVIDER 
In the circuits above, the resistor and LED are 
forming a VOLTAGE DIVIDER. 
A red LED is dropping 1.7v across it and the 
resistor is dropping the remaining voltage. 
Whenever two (or more) components are placed 
across a battery, they form a VOLTAGE DIVIDER. 
Sometimes we want a 6v supply and only have 12v. 
We can produce the 6v supply by putting two 
equal-value resistors across the 12v as shown in 
the circuit opposite. 
We are not going into the mathematics because the 
selection of the correct value is very complex and 
Fig 31a. Voltage Divider Circuit. || the circuit is very wasteful. 





to Index 





THE CURRENT DIVIDER 
The CURRENT DIVIDER CIRCUIT is actually a 
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NOTES: 

1. All dimensions U.S. Customary Units 

unless otherwise specified. 

10 ga -14 ga thickness austenitic 

stainless steel. Optional choice of 

thickness within range specified. 

. The welder shall prepare a bill of 
materials in U.S. Customary Units prior 
to cutting. 

. The welder shall convert the above bill 
of materials to S.I. Metric Units of 
measure. 

5. All parts may be mechanically cut or 
machine PAC unless specified manual 
PAC. 

. All welds GMAW. 

. Fit and tack entire assembly on bench 
before attaching to positioning arm. 

. All welding to be done in position 
according to welding symbol. 

9. Employ boxing technique where 

applicable. 

10. Melt through not required. 

. Use WPS AWS EDU GTAW-04. (See 

AWS QC10, Table 2.) 
. Visual examination in accordance with 
requirements of AWS QC10, Table 3. 


2s 
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American Welding Society 





Entry Welder Performance Qualification 





GTAW Austenitic Stainless Stee! 





DATE: 





SCALE: DWG #: AWS EDU-3 





DR BY: 
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Tolerances: (Unless otherwise specified) 
DRAWING NOT TO SCALE 
Fractions: +1/16” Angles: +10°, —5° 








Figure 5.57 
GTAW Stainless Steel Workmanship Qualification Test 
Courtesy of the American Welding Society 


Sketches: 
Complete a copy of the “Student Welding Report” listed in Appendix I or 
provided by your instructor. 


PRACTICE 5-38 


Gas Tungsten Arc Welding (GTAW) on Aluminum Workmanship 
Sample 


Welding Procedure Specification (WPS) 
Welding Procedure Specification No.: Practice 5-38. Date: 


Title: 
Welding GTAW of sheet to sheet. 


Scope: 
This procedure is applicable for square groove and fillet welds within the 
range of 18 gauge through 10 gauge. 

Welding may be performed in the following positions: 1G and 2F. 


af Module 1 


Key Indicator 1, 3, 4 


+ Module 2 


Key Indicator 1, 2, 3, 4, 6, 7 


+ Module 7 


Key Indicator 1, 2 
Aluminium 
Key Indicator 13, 14, 15, 16, 17 


+ Module 9 


Key Indicator 1, 2 
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Base Metal: 
The base metal shall conform to aluminum M-22 or P-22. 
Backing material specification: none. 


Filler Metal: 

The filler metal shall conform to AWS specification no. ER4043 from 
AWS specification A5.10. This filler metal falls into F-number F-23 and 
A-number. 


Electrode: 

The tungsten electrode shall conform to AWS specification No. EWCe-2, 
EWZr, EWLa, or EWP from AWS specification A5.12. The tungsten diam- 
eter shall be 1/8 in. (3.2 mm) maximum. The tungsten end shape shall be 
rounded. 


Shielding Gas: 
The shielding gas, or gases, shall conform to the following compositions 
and purity: welding grade argon. 


Joint Design and Tolerances: 


a 





Preparation of Base Metal: 

All hydrocarbons and other contaminations, such as cutting fluids, grease, 
oil, and primers, must be cleaned off all parts and filler metals before weld- 
ing. This cleaning can be done with any suitable solvents or detergents. 
The joint face and inside and outside plate surface within 1 in. (25 mm) of 
the joint must be mechanically or chemically cleaned of oxides. Mechani- 
cal cleaning may be done by stainless steel wire brushing, scraping, ma- 
chining, or filing. Chemical cleaning may be done by using acids, alkalies, 
solvents, or detergents. Because the oxide layer may reform quickly and 
affect the weld, welding should be started within 10 minutes of cleaning. 


Electrical Characteristics: 
The current shall be alternating current high-frequency stabilized (bal- 
anced wave preferably). The base metal shall be on the N/A side of the line. 


Gas Flow 
Preheat: 
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The parts must be heated to a temperature higher than 50°F (10°C) before 
any welding is started. 








Metal Specifications Gas Flow 
Thickness Diameter of Rates cfm Flow Times Posiflow 
ER4043° (L/min) Preflow 

18 ga 3/32 in. (2.4 mm) 20 to 30 (9 to 14) 10 to 15 sec 10 to 25 sec 
17 ga 3/32 in. (2.4 mm) 20 to 30 (9 to 14) 10 to 15 sec 10 to 25 sec 
16 ga 3/32 in. (2.4 mm) 20 to 30 (9 to 14) 10 to 15 sec 10 to 25 sec 
15 ga 3/32 in. (2.4 mm) 20 to 30 (9 to 14) 10 to 15 sec 10 to 25 sec 
14 ga 3/32 in. (2.4 mm) 20 to 30 (9 to 14) 10 to 20 sec 10 to 30 sec 
13 ga 1/8 in. (8 mm) 25 to 40 (12 to 19) 10to 20sec 10 to 30 sec 
12 ga 1/8 in. (8 mm) 25 to 40 (12to 19) 10to 20sec 10 to 30 sec 
11 ga 1/8 in. (8 mm) 25 to 40 (12to 19) 10to 20sec 10 to 30 sec 
10 ga 1/8 in. (8 mm) 25 to 40 (12 to 19) 10to 20sec 10 to 30 sec 


“Other aluminum AWS A5.10 filler metal may be used if needed. 


Backing Gas: 
N/A 


Safety: 

Proper protective clothing and equipment must be used. The area must 
be free of all hazards that may affect the welder or others in the area. The 
welding machine, welding leads, work clamp, electrode holder, and other 
equipment must be in safe working order. 


Welding Technique: 
The welder’s hands or gloves must be clean and oil free to prevent con- 
tamination of the metal or filler rods. 

TACK WELDS: With the parts securely clamped in place with the cor- 
rect root gap, the tack welds are to be performed. Holding the electrode so 
that it is very close to the root face but not touching, slowly increase the 
current until the arc starts and a molten weld pool is formed. Add filler 
metal as required to maintain a slightly convex weld face and a flat or 
slightly concave root face. When it is time to end the tack weld, lower the 
current slowly so that the molten weld pool can be tapered down in size. 
When all tack welds are complete, allow the parts to cool as needed before 
assembling the remaining parts. Repeat the tack welding procedure until 
the entire part is assembled. 

SQUARE GROOVE AND FILLET WELDS: Holding the electrode so that 
it is very close to the metal surface but not touching, slowly increase the 
current until the arc starts and a molten weld pool is formed. As the weld 
progresses, add filler metal as required to maintain a flat or slightly con- 
vex weld face. If it is necessary to stop the weld or to reposition yourself or 
the weld is completed, the current must be lowered slowly so that the mol- 
ten weld pool can be tapered down in size. 


Interpass Temperature: 

The plate should not be heated to a temperature higher than 120°F (49°C) 
during the welding process. After each weld pass is completed, allow it to 
cool but never to a temperature below 50°F (10°C). The weldment must not 
be quenched in water. 


Nozzle 
Size 
in. (mm) 


1/4 to 3/8 (6 to 10) 
1/4 to 3/8 (6 to 10) 
1/4 to 3/8 (6 to 10) 
1/4 to 3/8 (6 to 10) 
3/8 to 5/8 (10 to 16) 
3/8 to 5/8 (10 to 16) 
3/8 to 5/8 (10 to 16) 
3/8 to 5/8 (10 to 16) 
3/8 to 5/8 (10 to 16) 


Amperage 
Min. Max. 


40 to 60 
50 to 70 
60 to 75 
65 to 85 
75 to 90 
85 to 100 
90 to 110 
100 to 115 
100 to 125 
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NOTES: 
1G, SEE 1. All dimensions U.S. Customary Units 
NOTE 10 unless otherwise specified. 


2. 10 ga -14 ga thickness aluminium. 
Optional choice of thickness within 
range specified. 

L J 3. The welder shall prepare a bill of 

ee ees materials in U.S. Customary Units prior 

t 4 to cutting. 

6 in. 4. The welder shall convert the above bill 
of materials to S.1. Metric Units of 
measure. 

5. All parts may be mechanically cut or 
machine PAC unless specified manual 




















Y PAC. 
MANUAL PAC 
THIS EDGE 





2 


All welds GTAW. 
Fit and tack entire assembly on bench 
before attaching to positioning arm. 
MANUAL 8. All welding to be done in position 
PAC- @ 1 in. in. according to welding symbol. 
5-1/2 in. @), Employ boxing technique where 
applicable. 

10. Melt through not required. 

11. Use WPS AWS EDU GTAW-03 for 
4000/5000 Series aluminium. (See AWS 


(1A) QC10, Table 2.) 
(1) <— 3 in—> <—<>-1-1/2 In. 12. Visual examination in accordance with 


I< 6 in: > requirements of AWS QC10, Table 3. 
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Figure 5.58 
GTAW Aluminum Workmanship Qualification Test 
Courtesy of the American Welding Society 


Cleaning: 

Recleaning may be required if the parts or filler metal becomes contami- 
nated or oxidizes to a degree that the weld quality will be affected. Reclean 
using the same procedure used for the original metal preparation. 


Visual Inspection: 
Visual inspection criteria for entry welders*: 


1. There shall be no cracks, no incomplete fusion. 

2. There shall be no incomplete joint penetration in groove welds ex- 
cept as permitted for partial joint penetration groove welds. 

3. The Test Supervisor shall examine the weld for acceptable appear- 
ance, and shall be satisfied that the welder is skilled in using the 
process and procedure specified for the text. 

4. Undercut shall not exceed the lesser of 10% of the base metal thick- 
ness or 1/32 in. (0.8 mm) 

5. Where visual examination is the only criterion for acceptance, all 
weld passes are subject to visual examination, at the discretion of 
the Test Supervisor. 


*Courtesy of the American Welding Association. 
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6. The frequency of porosity shall not exceed one in each 4 in. (100 
mm) of weld length and the maximum diameter shall not exceed 
3/32 in. (2.4 mm). 

7. Welds shall be free from overlap. 


Sketches: 


Complete a copy of the “Student Welding Report” listed in Appendix I or 
provided by your instructor. 


SUMMARY 





One of the most difficult aspects of learning to produce gas tungsten arc 
welds is positioning yourself so that you can control the electrode filler 
metal and see the joint both at the same time. Beginning welders assume 
they must see the tungsten tip as they make the weld. Experienced weld- 
ers, however, realize that they need to see only the leading edge of the mol- 
ten weld pool to know how the weld is being produced. A good view of the 
leading edge will tell you how the base metal is being melted, or depth of 
penetration. You can even tell from this small portion whether the filler 
metal is being added at an appropriate rate. As you learn how to control 
the weld and develop your skills, it is a good idea to gradually reduce your 
need for seeing 100% of the molten weld pool. Increasing this part of your 
skill will be a significant advantage in the field because, unlike welding 
in the classroom, which is typically done on a comfortable-height table, 
welding in the field may have to be done out of position. 





1. What effect does torch angle have on the shielding gas protective zone? 
2. Why must the end of the filler rod be kept in the shielding gas protec- 
tive zone? 
3. What can cause tungsten contamination? 
4. What determines the correct current setting for a GTA weld? 
5. What is the lowest acceptable amperage setting for GTA welding? 
6. List the factors that affect the gas flow setting for GTA welding. 
7. When should the minimum gas flow rates be increased? 
8. What is the minimum gas flow rate for a nozzle size? 
9. What is the maximum gas flow rate for a nozzle size? 
10. Which incorrect welding parameters does stainless steel show clearly? 
11. Using Table 5.4, determine the approximate temperature of metal 
that has formed a dark blue color. 
12. Using Table 5.3, Table 5.5, and Table 5.6, list the filler metals for the 
following metals. 
a. 1020 low-carbon steel 
b. 309 stainless steel 
13. Why is it possible to control a large aluminum weld bead? 
14. What may happen to the end of the aluminum welding rod ifit is held 
too close to the arc? 
15. What should be done if someone comes in contact with a cleaning 
chemical? 
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16. 


17. 
18. 
19. 
20. 
21. 


22. 
23. 


24. 
25. 
26. 
27. 


Using Table 5.7, determine the suggested setting for GTA welding of 
mild steel using a 3/32-in. (2.4-mm) tungsten. 

What can be done to limit oxide formation on stainless steel? 

How should the filler metal be added to the molten weld pool? 

How can the rod be freed if it sticks to the plate? 

How is an outside corner joint assembled? 

What must be done with the weld craters when back stepping a weld? 
Why? 

How is the lap joint tested for 100% penetration? 

What can prevent both sides of a stainless steel tee joint from being 
welded? 

How is the filler metal added for a 3F weld? 

What can cause undercutting on a 3F tee joint? 

What helps hold the weld in place on a 2F lap joint? 

What helps hold the weld in place on a 4G weld? 


APPENDIX I—STUDENT WELDING REPORT 








|. STUDENT WELDING REPORT 














Student Name: Date: 
Instructor: Class: 
Experiment or Practice #: Process: 





Briefly describe task: 














INSPECTION REPORT 





Inspection Pass/Fail Inspector's Name Date 





Safety: 





Equip. Setup: 





Equip. Operation: 





Welding Pass/Fail Inspector's Name Date 





Accuracy: 





Appearance: 





Overall Rating: 














Comments: 











Student Grade: Instructor Initials: Date: 











Jeffus: Welding Principles and Applications, Sixth Edition. Copyright © 2008 by Delmar 
Cengage Learning, Inc. 
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amperage A measurement of the rate of flow of elec- 
trons; amperage controls the size of the arc. 

amperaje Una medida de la proporcion de la corriente 
de electrones; el amperaje controla el tamanio del arco. 
amperagerange ‘The lower and upper limits of welding 
power, in amperage, that can be produced by a welding 
machine or used with an electrode or by a process. 
rangodeamperaje Los limites maximos y minimos 

de poder de soldadura (en amperaje) que puede tener 
una maquina para soldar o que pueden usarse con un 
electrodo 0 a través de un proceso. 

anode Material with a lack of electrons; thus, it has a 
positive charge. 

anodo Un material que carece electrones; por eso 
tiene una carga positiva. 

arclength ‘The length from the tip of the welding elec- 
trode to the adjacent surface of the weld pool. 
larguradelarco La distancia de la punta del electrodo 
ala superficie que colinda con el charco de la soldadura. 
back gouging ‘The removal of weld metal and base met- 
al from the weld root side of a welded joint to facilitate 
complete fusion and complete joint penetration upon 
subsequent welding from that side. 

gubiatrasera Quitar el metal soldado y el metal base 
del lado de la raiz de una junta soldada para facilitar 
una fusi6n completa y penetracién completa de la junta 
soldada subsecuente a soldar de ese lado. 

burn-through Burning out of molten metal on the back 
side of the plate. 

metal quemado que pasaalotrolado Metal derretido 
que se quema en el lado de atras del plato. 

cathode A natural curve material with an excess of 
electrons, thus having a negative charge. 

catodo Un material de curva natural con un exceso de 
electrones, por eso tiene una carga negativa. 
cellulose-based fluxes Fluxes that use an organic-based 
cellulose (C,H,,O;) (a material commonly used to make 
paper) held together with a lime binder. When this flux 
is exposed to the heat of the arc, it burns and forms a 
rapidly expanding gaseous cloud of CO, that protects 
the molten weld pool from oxidation. Most of the fluxing 
material is burned, and little slag is deposited on the 
weld. E6010 is an example of an electrode that uses this 
type of flux. 

fundentes para electrodos celulésicos Fundentes que 
usan celulosa de base organica (C,H,,O;) (un material 
normalmente utilizado para fabricar papel), y que se 


mantienen unidos con un aglomerante de cal. Cuando a 
este fundente se lo expone al calor del arco, se consume 
y forma una nube gaseosa de CO, que se expande rapi- 
damente y protege de la oxidacién al charco de soldadu- 
ra derretido. La mayor parte del material del fundente 
se consume, y se deposita poca escoria en la soldadura. 
El] E6010 es un ejemplo de un electrodo que utiliza este 
tipo de fundente. 

chill plate A large piece of metal used in welding to 
correct overheating. 

plato desalentador Una pieza de metal grande que se 
usa para corregir el sobrecalentamiento. 

cleaning action A phenomenon occurring during 
DCEP in which oxides are removed from the surface 

to be welded by accelerated ions or electrons. These 
particles cause surface erosion, also called etching, that 
assist in the cleaning of the surface to be welded. Clean- 
ing action requires an argon-rich atmosphere. 

accién limpiadora Fenémeno que se presenta durante 
el proceso de DCEP (corriente directa electrodo posi- 
tivo) en el que los 6xidos se eliminan de la superficie 
para ser soldados por iones acelerados 0 electrones. 
Estas particulas provocan que la superficie se erosione 
(un proceso también conocido como decapado), lo cual 
auxilia en la limpieza de la superficie que se va a soldar. 
La accion limpiadora requiere una atmésfera con canti- 
dades abundantes de argon. 

collet A cone-shaped sleeve that holds a GTAW elec- 
trode in place within a GTA welding torch. 

collarin Un manguito cénico que mantiene al elec- 
trodo en su lugar dentro del soplete para soldar por arco 
de tungsteno con gas (en inglés, GTAW). 

contamination Undesirable foreign substances found 
on base metal surfaces, on filler wires, or in gas shield- 
ing atmospheres that inhibit welding operations. 
contaminacién Sustancias extrafias e indeseables en 
las superficies de metales basicos, alambres de relleno 0 
atmosferas de proteccion por gas que inhiben las opera- 
ciones de soldadura. 

cover pass ‘The last layer of weld beads on a multiple 
pass weld. The final bead should be uniform in width 
and reinforcement, not excessively wide, and free of any 
visual defects. 

pasada paracubrir La ultima capa de cordénes solda- 
dura de pasadas multiples. La pasada final debe ser uni- 
forme en anchura y refuerzo, no excesivamente ancha, y 
libre de defectos visuales. 
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dutycycle The percentage of time during an arbitrary 
test period that a power source or its accessories can be 
operated at rated output without overheating. 

ciclo detrabajo El] porcentaje de tiempo durante un 
periodo a prueba arbitraria de una fuente de poder y sus 
accesorios que pueden operarse a la capacidad de carga 
de salida sin sobrecalentarse. 

electrode angle ‘The angle between the electrode and 
the surface of the metal; also known as the direction of 
travel (leading angle or trailing angle); leading angle 
pushes molten metal and slag ahead of the weld; trail- 
ing angle pushes the molten metal away from the lead- 
ing edge of the molten weld pool toward the back, where 
it solidifies. 

Angulo delelectrodo El] Angulo en medio del electrodo 
y la superficie del metal; también conocido como la di- 
reccion de avance (apuntado hacia adelante 0 apuntado 
hacia atras); el Angulo apuntado empuja el metal der- 
retido y la escoria enfrente de la soldadura; y el Angulo 
apuntado hacia atras empuja el metal derretido lejos de 
la orilla delantera del charco del metal derretido hacia 
atras, donde se solidifica. 

electrons A negatively charged component of an atom. 
Electrons exist outside of and surrounding the atom’s 
nucleus. Each electron carries one unit of negative 
charge and has a very small mass as compared with that 
of a neutron or proton. 

electrones Uno de los componentes con carga negativa 
de un atomo. Los electrones existen en el exterior y al- 
rededor del nucleo del atomo. Cada electrén cuenta con 
una unidad de carga negativa asf como con una masa 
pequena en comparacion con la de un neutron 0 proton. 
filler pass One or more weld beads used to fill the 
groove with weld metal. The bead must be cleaned after 
each pass to prevent slag inclusions. 

pasada pararellenar Unoo mas cordones de soldadura 
usados para llenar la ranura con el metal de soldadura. 
El cordén debe ser limpiado después de cada pasada 
para prevenir inclusiones de escoria. 

flowmeter A control device used to regulate shield and 
backing gas flow-in. A flowmeter may control flow ona 
manifold system or it may be part of a combination flow 
and pressure regulator device. 

flujo6metro Un dispositivo de control empleado para 
regular el flujo del gas de proteccion y respaldo. Un flu- 
jometro puede controlar el flujo en un sistema colector 
o bien puede ser parte de un dispositivo con regulacion 
combinada de flujo y presién. 

frequency ‘The rate at which alternating electrical 
current (AC) is measured as it switches back and forth 
between polarities. Each cycle back and forth is counted 
as one hertz (Hz). 

frecuencia La velocidad registrada por la corriente 
eléctrica alterna (CA) durante los cambios de polaridad 
alternados. Cada ciclo de intercambio se cuenta como 
un hertz (Hz). 


gascoverage ‘The protective atmosphere delivered 

on top of or underneath a weld. Gas coverage may be 
supplied from the welding torch or from a secondary 
trailing or backup device. 

coberturade gas La atmodosfera protectora aplicada ala 
parte superior o inferior de una soldadura. La cobertura 
de gas puede provenir del soplete para soldar o bien de 
un dispositivo de escape secundario o de respaldo. 
guided bend specimen Any bend specimen that will 

be bend-tested in a fixture that controls the bend radii, 
such as the AWS bend-test fixture. 

probeta de doblézguiada Cualquier probeta de dobléz 
en la cual se va a hacer un dobléz guiado en una maqui- 
na que controla el radio del dobléz, como la maquina de 
dobléz guiado del AWS. 

hot pass ‘The welding electrode is passed over the root 
pass at a higher than normal amperage setting and 
travel rate to reshape an irregular bead and turn out 
trapped slag. A small amount of metal is deposited dur- 
ing the hot pass so the weld bead is convex, promoting 
easier cleaning. 

pasadacaliente El electrodo de soldadura se pasa 
sobre la pasada de raiz poniendo el amperaje mas alto 
que lo normal y proporcion de avance para reformar 

un cordon irregular y sacar la escoria atrapada. Una 
cantidad pequena de metal es depositada durante la 
pasada caliente para que el cordon soldado sea convexo, 
promoviendo mas facil la limpieza. 

inertgas A gas that normally does not combine chemi- 
cally with materials. 

gasinerte Un gas que normalmente no se combina 
quimicamente con materiales. 

interpasstemperature Ina multiple pass weld, the tem- 
perature of the weld area between weld passes. 
temperatura de pasadainterna En una soldadura de 
pasadas multiples, la temperatura en la area de la solda- 
dura entre pasadas de soldaduras. 

A welding machine that is much smaller than 
other types of machines of the same amperage range. 
Una maquina soldadora mas pequenia que 
otros tipos de maquinas similares con el mismo rango 
de amperaje. 

keyhole A welding technique in which a concentrated 
heat source penetrates completely through a workpiece, 
forming a hole at the leading edge of the weld pool. As 
the heat source progresses, the molten metal fills in 
behind the hole to form the weld bead. 

soldaduracon pocillo Una técnica en la cual una fuente 
de calor concentrado se penetra completamente a 
través de la pieza de trabajo, formando un agujero en 

la orilla del frente del charco de la soldadura. Asi como 
progresa la potencia de calor, el metal derretido rellena 
detras del agujero para formar un cord6n de soldadura. 
lap joint A joint between two overlapping members. 
juntadesolape Una junta entre dos miembros 
traslapadas. 


inverter 


inversor 
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LOAD SHARING CIRCUIT. 
Suppose you are testing a Power Supply and need 
a 10 watt LOAD. But you only have 5 watt 
resistors. 

Placing two 5watt resistors in parallel across the 
output of the power supply will allow half the 
current to flow though each resistor. This is called 
CURRENT SHARING or LOAD SHARING and the 
current is divided (or passed) through each resistor 
according to the value of resistance. 








to Index 


THE DIODE 

The next simple electronic component is the 
DIODE. 

It only works when connected correctly. 

A DIODE allows current to flow through it when it 
is connected as shown in the diagram. 

A Diode is similar to a one-way water valve. 
When the diode is "facing down," the motor spins. 
When it is "facing up" the motor does not spin. 


The diagram shows the "current path" around the 
circuit. The current is measured in AMPS and we 
discuss current as CONVENTIONAL CURRENT. 
This is the way current was thought to flow when 
electricity was born and they said it flows out the 
POSITIVE TERMINAL of the battery, around the 
circuit and into the NEGATIVE TERMINAL. 

The arrow on the diode shows the current will flow 
through the diode and allow the motor to spin. 
The diode is said to be FORWARD BIASED. 


There is no flow of current because the diode 
prevents any current-flow when connected as 
shown. 

The motor DOES NOT WORK. 

The diode is said to be REVERSE BIASED. 





to Index 


There are hundreds of different types of 
diodes. 

Power diodes, signal diodes, low voltage 
diodes, high voltage diodes, high-speed diodes 
and many other types. 

They all do one thing. 

They pass current in one direction and if turned 
around, they do not pass any current. 
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magnetic fluxlines Parallel lines of force that always go 
from the north pole to the south pole in a magnet and 
surround a wire carrying DC current. 

lineas magnéticas de flujo Lineas paralelas de 

fuerza que siempre van del polo norte al polo sur 

en un magneto, y rodea un alambre que lleva 

corriente DC. 

mineral-based fluxes Fluxes that use inorganic com- 
pounds, such as the rutile-based flux (titanium diox- 
ide, TiO,). These mineral compounds do not contain 
hydrogen, and electrodes that use these fluxes are often 
referred to as low hydrogen electrodes. Less smoke is 
generated with this welding electrode than with cellu- 
lose-based fluxes, but a thicker slag layer is deposited on 
the weld. E7018 is an example of an electrode that uses 
this type of flux. 

fundentes para electrodos de base mineral Fundentes 
que usan compuestos inorganicos, como por ejemplo, 
el fundente a base de rutilo (bidxido de titanio, TiO,). 
Estos compuestos minerales no contienen hidrégeno, 

y alos electrodos que usan estos fundentes se los llama 
con frecuencia electrodos de bajo hidrégeno. En la sol- 
dadura con electrodos se producen menos humos que 
en la que se realiza con fundentes celuldsicos, pero se 
deposita una capa de escoria mas gruesa en la soldadu- 
ra. El F7018 es un ejemplo de un electrodo que usa este 
tipo de fundente. 

molten weld pool ‘The liquid state of a weld prior to 
solidification as weld material. 

charco de soldadura derretido El] estado liquido de 

una soldadura antes de solidificarse como material de 
soldadura. 

multiple pass weld A weld requiring more than one 
pass to ensure complete and satisfactory joining of the 
metal pieces. 

soldadura de pasadas multiples Una soldadura que re- 
quiere mas de una pasada para asegurar una completa 
y satisfactoria union de las piezas de metal. 

open circuit voltage The voltage between the output 
terminals of the power source when no current is flow- 
ing to the torch or gun. 

voltaje de circuito abierto El] voltaje entre los terminales 
de salida de una fuente de poder cuando la corriente no 
esta corriendo a la antorcha 0 pistola. 

operating voltage Also called closed circuit voltage, it is 
the voltage measured during welding. 

voltaje operativo También conocido como voltaje de 
circuito cerrado, es el voltaje registrado durante el pro- 
ceso de soldadura. 

output The welding current a particular welding power 
supply is rated to produce, or the measure of current be- 
ing produced during welding operations. 

potencia de salida La capacidad de la corriente de 
soldadura de un suministro eléctrico para soldar, o bien 
la cantidad de corriente producida durante las opera- 
ciones de soldadura. 
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oxidelayer An oxide layer is a thin coating that forms 
on the surface of aluminum alloys. Once the oxide layer 
has formed, the progress of corrosion is significantly re- 
duced. However, the oxide layer must be removed prior 
to welding operations because it inhibits penetration. 
The melting point of aluminum oxide is approximately 
3500°F (1926°C), while the melting point of aluminum 
itself is about 1200°F (650°C). 

capade éxido Una capa de Oxido es una pelicula del- 
gada presente en la superficie de las aleaciones de alu- 
minio. Una vez que se forma la capa de oxido el avance 
de la corrosi6n se reduce de manera significativa. Sin 
embargo, la capa de 6xido debe eliminarse antes de re- 
alizar la soldadura ya que evita la penetracion. El punto 
de fusion del 6xido de aluminio es aproximadamente 

a 3500°F (1926°C), mientras que el punto de fusion del 
aluminio es a unos 1200°F (650°C). 

postflowtime The time interval from current shut-off 
to shielding gas and/or cooling water shut-off. 

tiempo de poscorriente El] intervalo de tiempo de 
cuando se cierra la corriente a cuando se cierra el gas de 
proteccion y 0 cuando se cierra el agua para enfriar. 
postheating ‘The application of heat to an assembly 
after welding, brazing, soldering, thermal spraying, or 
thermal cutting. 

poscalentamiento La aplicacidén de calor a una asam- 
blea después de la soldadura, soldadura fuerte, solda- 
dura blanda, rociado termal, o corte termal. 
preflowtime ‘The time interval that shield gas is deliv- 
ered to a welding gun or torch before current is applied. 
tiempo de preflujo El] intervalo en el que el gas de 
proteccion se deposita en un soplete antes de aplicar 
corriente eléctrica. 

preheating ‘The heat applied to the base metal or sub- 
strate to attain and maintain preheat temperature. 
precalentamiento El calor aplicado al metal base 0 
substrato para obtener y mantener temperatura de 
precalentamiento. 

protective zone ‘The area covered by shield gas during 
welding operations. 

zona protectora El area cubierta con gas de proteccién 
durante las operaciones de soldadura. 

rectification Arc rectification is a phenomenon that 
occurs when the surface oxide of a nonferrous metal, 
such as aluminum, acts as a barrier that obstructs the 
flow of electrons between the electrode and the work 
during alternating current GTAW operations. Tradi- 
tional square wave power supplies are equipped with 
superimposed high-frequency current, which helps 
establish and maintain the arc. Inverter power sup- 
plies with advanced circuitry switch back and forth so 
quickly between DCEN and DCEP that rectification is 
rarely experienced and superimposed high frequency is 
not needed. 

rectificacién Un arco de rectificacién es un fendmeno 
que se presenta cuando el 6xido superficial de un metal 
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no ferroso, tal como el aluminio, acttia como una barre- 
ra que obstruye el flujo de electrones entre el electrodo 
y el proyecto durante la realizacion de la soldadura TIG 
(en inglés, GIAW) con corriente alterna. Los sumi- 
nistros eléctricos tradicionales de ondas cuadradas 
estan equipados con una corriente de alta frecuencia 
superpuesta que ayuda a establecer y mantener el arco. 
El suministro eléctrico de los inversores con circuitos 
avanzados cambia a una velocidad tal entre DCEN 

y DCEP que rara vez se presenta la rectificacion, por 

lo que el uso de alta frecuencia superpuesta no es 
necesaria. 

rectifier Allows current to flow in one direction only. 
rectificador Permite que la corriente fluya en una sola 
direccion. 

rootpass_ ‘The first weld of a multiple pass weld. The 
root pass fuses the two pieces together and establishes 
the depth of weld metal penetration. 

pasadaderaiz La primera soldadura de una soldadura 
de pasadas multiples. La pasada de raiz funde las dos 
piezas juntas y establece la profundidad de la pen- 
etracion del metal soldado. 

rutile-based fluxes This flux system produces a smooth 
and stable medium-penetrating arc with easily remove- 
able slag. Rutile-based fluxes are used in several types 
of electrodes and in all welding positions for SMAW and 
FCAW. 

flujos con base derutilo Este sistema de flujo produce 
un arco homogéneo y estable para la penetracién de 
medios con escoria facil de eliminar. Los flujos con base 
de rutilo se utilizan en varios tipos de electrodos y en 
todas las posiciones de soldadura SMAW y FCAW. 

spark gap oscillator A component in GTAW power sup- 
plies that helps to deliver superimposed high-frequency 
current that assists in arc initiation and alternating cur- 
rent GTAW welding of aluminum alloys. 

oscilador de chispa Un componente en suministros 
eléctricos para soldar por arco de tungsteno con gas 

(en inglés, GTAW) que ayuda a administrar una cor- 
riente de alta frecuencia superpuesta que auxilia en la 
iniciacion del arco y en el intercambio de corriente en 
soldaduras GTAW de aleaciones de aluminio. 

square butt joint A joint made when two flat pieces of 
metal face each other with no edge preparation. 
juntaescuadradetope Una junta hecha cuando dos 
piezas planas de metal se enfrentan una a la otra sin 
preparacion de orilla. 

step-downtransformer A transformer-type welding 
machine that is quieter, more energy efficient, requires 
less maintenance, and is less expensive than electric- 
motor or gas-powered engine welding power supplies. 
transformador reductor Maquina para soldar tipo 
transformador que es mas silenciosa, consume menos 
energia, requiere menos mantenimiento y es menos 
costosa que los dispositivos para soldar con motor eléc- 
trico o de gas. 


stringer bead A type of weld bead made without ap- 
preciable weaving motion. 

cordénencordador Un tipo de cordon de soldadura sin 
movimiento del tejido apreciable. 

surfacetension Surface tension is an attractive prop- 
erty of the surface of a liquid. Surface tension causes 
the surface portion of liquid to be attracted to another 
surface, such as that of another portion of liquid (as in 
connecting bits of water or a drop of mercury that forms 
a cohesive ball). In welding, surface tension keeps the 
molten weld bead in the proper shape during overhead 
joining operations. 

tensi6n superficial La tensién superficial es una 
propiedad de atraccion en la superficie de un 

liquido. La tensién superficial provoca que la 

superficie de un liquido se anexe a otra superficie, por 
ejemplo, la porcion de otro liquido (como gotas de agua 
o una gota de mercurio, las cuales forman una esfera 
cohesiva). En soldaduras, la tensidn superficial man- 
tiene la forma correcta del cordén de soldadura fundido 
durante la realizacidn de operaciones de acoplamiento 
elevado. 

teejoint A joint between two members located approx- 
imately at right angles to each other in the form ofa “T.” 
juntaenT Una junta en medio de dos miembros que 
estan localizados aproximadamente a angulos rectos de 
uno al otro en la forma de “T.” 

tungsten ‘The primary element used in making GTAW 
electrodes. 

tungsteno El elemento primario empleado en la cre- 
acion de electrodos GTAW. 

voltage The measurement of electrical pressure. 
voltaje La medicion de presion eléctrica. 

wagontracks A pattern of trapped slag inclusions in 
the weld that show up as discontinuities in X rays of the 
weld. 

huellas de carreta Una muestra de inclusiones de 
escoria atrapadas en la soldadura que ensefia que hay 
discontinuidades en los rayos-x de la soldadura. 

wattage A measurement of the amount of power in the 
arc; the wattage of the arc controls the width and depth 
of the weld bead. 

numero de vatios Una medida de la cantidad de poder 
en el arco; el nimero de vatios del arco controla lo an- 
cho y hondo del cord6n de la soldadura. 

weave pattern The movement of the welding electrode 
as the weld progresses; common weave patterns include 
circular, square, zigzag, stepped, “C,” “J,” “T,” and figure 
eight. 

muestra de tejido El movimiento del electrodo para 
soldar a como progresa la soldadura; las muestras de 
tejidos comunes incluyen circular, de cuadro, zigzag, de 
pasos, “C,” “J,” “T” y la figura ocho. 

weld groove Achannelin the surface of a workpiece or 
an opening between two joint members that provides 
space to contain a weld. 


soldaduraderanura Uncanalenla superficie de una 
pieza de trabajo 0 una abertura entre dos miembros de 
junta que provee espacio para contener una soldadura. 
welding cables ‘The work cable and electrode cable of 
an arc welding circuit. Refer to Figure 1-7 for direct cur- 
rent electrode positive. 

cables parasoldar Los cables de pieza de trabajo y el 
portelectrodo de un circuito de soldadura de arco. Refi- 


erase al dibujo orriente directa con el electrodo positivo. 
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weldingleads ‘The work lead and electrode lead of an 
arc welding circuit. 

cables parasoldar Los cables de pieza de trabajo y el 
portelectrodo de un circuito de soldadura de arco. 
weldspecimen A welded component or section ofa 
welded component that is to be inspected. 

muestra desoldadura El componente o secci6n 
soldado de un componente también soldado que se 
va aanalizar. 
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AC (alternating current), 5, 6, 8-9, 
111-113, 123-129 
advanced square wave, 126-127 
air-cooled torches, 117-119 
alloy not specified tungsten electrodes 
(EWG), 113 
alternating current (AC), 5, 6, 8-9, 
111-113, 123-129 
alternators, 13-15 
aluminum base metal, 107, 112, 146, 
151-154, 158t 
aluminum deposits, 114 
American Bureau of Ships, 87 
American Society of Mechanical Engi- 
neers (ASME), 87, 88 
American Welding Society (AWS), 71, 
87, 88 
amperage, 4, 32, 146-147 
estimating and calculating, 11-12 
range charts, 29, 135, 147 
angle, torch, 143-144 
angle, trailing, 35-36 
anode, 6 
arc, 3,7 
cleaning, 165 
reestablishing the, 125 
striking the, 15, 27-29, 136-138 
temperature of, 4-5 
arc blow, 7-8, 9, 21 
arc length, 32-34, 78 
arc strike defects, 28-29 
argon, 107, 129 
ASME Boiler and Pressure Vessel (BPV) 
Section IX, 87, 88 
ASTM standards, 87, 88 
AWS Certified Welder program, 71 
AWS standards, 88 


back caps, 118-119 

back edge, 52, 81, 85 

back gouging, 72, 73, 86, 87f 
backing gas, 130, 171, 177 
backing strips, 72, 74f 
backing tapes, 72 

bead color, 153 


belt sander, 113 

breaking and remelting tungsten 
electrodes, 114-115 

bridge rectifiers, 16, 17f 

burn back, 83f 

burn-through, 31, 45, 72, 75-77, 148-149 


cathode, 6 
CC (constant current), 6, 7f 
cellulose-based fluxes, 41 
cerium, 110, 112 
cerium tungsten electrodes (EWCe-2), 
111, 112, 152, 153 
checklist, portable welder, 16t 
chemical cleaning and pointing, 
116 
chill plate, 156 
clamps, 21 
cleaning action, 124, 129 
cold lap, 34-35 
collet, 108-109, 136f 
condensation, 121 
constant current (CC), 6, 7f 
constant voltage (CV), 6, 7f 
contamination, 107 
and max cleaning setting, 127 
atmospheric, 143-144, 171, 177 
carbon, 115 
from dirt, 154, 181, 182, 189 
from grinding, 113-114 
from high gas flow rate, 132, 149 
from oxygen, 106 
from vaporized droplets, 112 
from weld pool, 112, 146 
of inert gas, 129 
of shielding gas, 120 
of stainless steel, 152-153 
on tungsten electrode, 115-116, 138, 
146 
radioactive, 112 
copper, 18-19, 116, 130 
cover passes, 84-85 
cracking the valve, 134 
crater cracking, 145 
cups (nozzles), 121-122, 132, 133, 136f 


current settings, 29-31, 146-149 
CV (constant voltage), 6, 7f 


DAV (dropping-arc voltage), 6 

DC (direct current), 14-16, 17, 112-113 

DCEN (direct current electrode 
negative), 5, 107, 108-110, 123-126 

DCEP (direct current electrode 
positive), 5, 6, 106-107, 109-110, 
116, 123-126 

DCRP (direct current reverse polarity). 
See DCEP (direct current elec- 
trode positive) 

DCSP (direct current straight 
polarity). See DCEN (direct 
current electrode negative) 

defects 

arc strikes, 28-29 

overlaps, 73 

root surface, 72-73 

undercuts, 39, 63, 73, 79, 84-85, 88 

deoxidizers, 152 

deposition rate, 31 

direct current (DC), 14-16, 17, 112-113 

direct current electrode negative 
(DCEN), 5, 107, 108-110, 123-126 

direct current electrode positive 
(DCEP), 5, 6, 106-107, 109-110, 
116, 123-126 

direct current reverse polarity (DCRP). 
See direct current electrode 
positive (DCEP) 

direct current straight polarity (DCSP). 
See direct current electrode 
negative (DCEN) 

drag electrodes (drag rods), 33 

dropping-arc voltage (DAV), 6 

duty cycles, 17-18 


E6010 electrodes, 41 
E6011 electrodes, 41 
E6012 electrodes, 41 
E6013 electrodes, 41 
E7016 electrodes, 41 
E7018 electrodes, 35, 41, 44, 71 
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E7024 electrodes, 33, 40-41 
E7028 electrodes, 40-41 
edge weld, 49 
electrode amperage range table, 29, 
135, 147 
electrode angle, 34-37 
electrode holders, 5, 20-21, 28 
electrode lead, 5f 
electrode manipulation, 37-39 
electrodes, 2, 3f. See also tungsten 
electrodes 
and arc length, 32-33 
F-number classes, 40-41 
size and heat of, 31, 32f 
electrons, 3 
ER1100 filler metal, 154t 
ER308, ER308L filler metal, 153t 
ER309 filler metal, 153t 
ER310 filler metal, 153t 
ER3I16L filler metal, 153t 
ER4043 filler metal, 154t 
ER410 filler metal, 153t 
ER70S-3 filler metal, 152t 
erosion, electrode, 108-110 
EWCe-2 (cerium tungsten electrodes), 
111, 112, 152, 153 
EWG (alloy not specified tungsten 
electrodes), 113 
EWLa-X (lanthanum tungsten 
electrodes), 1/1, 112-113, 152, 
153 
EWP (pure tungsten electrodes), 111, 
153 
EWTh-X (thoriated tungsten elec- 
trodes), 111-112, 152 
EWZr (zirconium oxide tungsten 
electrodes), 112, 153 


F-number electrode classes, 40-41 
face bends, 88-89 

filler metals, 106, 114, 129, 152-153 
filler passes, 81-84 

filler rod manipulation, 144-145 
fitup, 101-102 

flame-cut specimens, 88-89 
flowmeters, 122-123 

flux, 2, 28-29, 33, 40-41 

frequency, 125 


gas coverage, 143 
gas flow rate, 132, 133, 149-151 
gas metal arc welding (GMAW), 107 
gas tungsten arc welding (GTAW). See 
also tungsten electrodes 
metal preparation, 154-155 


overview, 106-107, 143 

setup, 120, 133-136 

types of current, 123-126 
generators, 13-15 
gouging, back, 72, 73, 86, 87f 
grain growth, 107, 112 
grinding, 113-114 
grinding stone wheel, 114 
guided bend specimen, 89f 


hard spatter, 30, 33, 41, 132 

heat. See amperage 

heliarc welding, 106 

helium, 106, 130 

high frequency arc starting, 125-126, 
137 

hoses, 118, 119-121 

hot pass, 71, 79-81 

hot start, 131 

hydrogen additives, 130 


icicles, 53, 54f 

inclusions, 82, 94, 108 

inert gases, 129-130 

interpass temperatures, 100-101 
inverters, 13, 14, 125-126 

iron core, in transformer, 9, 13 
iron-powder-based fluxes, 40-41 


keyhole, 73-74 
knobs, adjustment, 11-12 


lanthanum, 110 

lanthanum tungsten electrodes 
(EWLa-X), 111, 112-113, 152, 
153 

lap joints, 58-63 

leading angle, 34-35 

lugs, 19, 20f 


magnesium base metal, 107, 112 
magnetic flux lines, 7-8 

max cleaning setting, 127-128 
max penetration setting, 127-128 
metals, reactive, 107 

mild steel, 151-152 
mineral-based fluxes, 41 
molten weld pool, 2-4 
movable-coil machines, 12, 13f 
multiple pass weld, 71 
multiple-coil machines, 10-11 


nameplate, 18 
nickel alloy base metal, 111 
nitrogen additives, 130-131 


nozzles, 121-122, 132, 133, 136f 


open circuit voltage, 7 

open root, 72-73 

operating voltage, 7 

output, 7 

outside corner joints, 54-58 
overlaps, 73 

oxide layers, 146, 153-154, 165f 


patterns, weave, 37-39 

penetration, minimizing, 35 

plasma arc welding (PAW), 13 

point gap setting, 125 

pointing tungsten electrodes, 116 

poor fitup, 101-102 

porosity, 41, 78, 94, 130, 152 

portable welders, 15, 16t 

postflow time, 131-132, 149 

postheating temperatures, 92, 100 

power cable safety fuse, 118 

power supplies, 6-7, 9-13 

practice welds, 40-41, 151-155 

preflow time, 131, 149 

preheating temperatures, 92 

protective zone, 143-144 

pure tungsten electrodes (EWP), 111, 
153 


reactive metals, 107 
rectification, 125 
rectifier, 15-16, 17, 126-128 
remelting 

filler, 145 

tungsten electrodes, 116 
remote controls, 120, 133, 147 
return water hose, 120 
RG45 gas welding rods, 152 
RG60 filler metal, 152t 
root bends, 88-89 
root fusion, 59, 166f 
root opening (root gap), 44, 45f 
root pass, 71-78, 143 
root penetration problems, 33-34 
root surface defects, 72-73 
run-off tabs, 83f 
rutile-based fluxes, 41 


safety 
setup considerations for, 22 
SMAW, 27 
when grinding tungsten electrodes, 
114 
when using chemical cleaners, 154 
safety fuse, 118 








semiautomatic operation, 117f 
settings, suggested 
aluminum, 158t 
mild steel, 157t 
stainless steel, 157t 
setup 
gas tungsten arc welding (GTAW), 
120, 133-136 
shielded metal arc welding (SMAW), 
22 
shelf, support, 38, 39, 44, 47 
shielded metal arc welding (SMAW) 
overview, 2-3 
power supply requirements, 7 
safety, 27 
setup, 22 
to join plate, 27 
shielding gas, 3, 90, 129-131 
argon, 107, 129 
coverage, 143 
effect of low amperage, 30f 
flow rate, 132, 133t 
helium, 106, 130 
hydrogen additives, 130 
nitrogen additives, 130-131 
protective zone, 143-144 
shielding gas hose, 120 
slag, 2, 3, 47, 79-81 
slag inclusions, 30, 35 
spark gap oscillator, 125 
spatter, hard, 30, 33, 41, 132 
splices (welding cables), 19, 20f 
square butt joints, 44-49 
square wave, 126-127 
stabilizers, arc, 4 
steel base metal 
low-carbon and mild, 92, 151-152 
stainless, 107, 111, 130, 151-153, 157t 


step-down transformers, 9-10 

stick welding. See shielded metal arc 
welding (SMAW) 

sticking, 66-67 

stone grinding wheel, 114 

striking the arc, 27-29, 136-138 

stringer beads, 41-43 

surface tension, 146 


tack welding, 44-45, 161f-162f 
tap-type machines, 10-11 
tee joints, 63-66 
testing, 82, 88-89 
thermal conductivity, 108, 113, 131, 
154 
thoriated tungsten electrodes 
(EWTh-X), 111-112, 152 
thorium, 110-111 
tip color chart for tungsten electrodes, 
11it 
titanium base metal, 107 
torches, 108, 117-119, 143-144 
trailing angle, 35-36 
trailing edge, 31, 52, 59, 61, 85 
transformers, 9-10 
tungsten (W), properties of, 107 
tungsten electrodes 
amperage chart for, 135t 
erosion of, 108 
properties of, 106-110 
shapes and shaping of, 110, 113-117 
types of, 110-113 
tungsten inert gas welding (TIG). 
See gas tungsten arc welding 
(GTAW) 


under-fill, 83, 88f 
undercuts, 39, 63, 73, 79, 84-85, 88 
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valve, cracking the, 134 
voltage, 4 
closed circuit, 7 
constant, 4, 6, 7f 
open circuit, 7 
operating, 7 
rising-arc, 6, 7f 


wagon tracks, 80 

water-cooled torches, 117-119 

water-in hose, 120 

wattage, 4 

waveforms, AC, 126-129 

weave pattern, 37-39 

weld beads, 89-92 

weld failure from 
backing strip, 72 
inclusions, 82, 108, 146 
inert gas contamination, 129 
poor surface preparation, 89 
rapid cooling, 92 

weld groove, 85, 86f 

weld pool, 2-4 

weld specimen, 88-89 

weld toes, 76f 

welders, vision of, 42 

welding cables (leads), 13, 18-19, 22 

welding current, types of, 5-6 

welding position, 40 

welds, practice, 40-41, 151-155 

work (base metal), 106 

work clamps, 21 

work lead cable, 8-9f 


zip-on hose protection, 121 

zirconium, 110-112 

zirconium oxide tungsten electrodes 
(EWZn), 112, 153 
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Fig 33. A Signal diode and a Power 
diode 
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Fig 34. A Protection diode 
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Fig 35. Diode "Voltage Drop" 





Basic Electronics 1A 





How a diode works 


to Index 


Diodes perform 
no current many function in 
electrical and 
protection electronic circuits. 
diode Here is an 
rr application as a 
| 12v ||PROTECTION 
—_— DIODE. 
It protects the 
amplifier. If the 12v 
battery is 
connected around 
the wrong way, no 
current will flow. 





to Index 


When a diode is placed in a circuit (and current is 
flowing), a small voltage develops across the 
diode. This voltage is called the FORWARD 
VOLTAGE DROP. 

This voltage is approximately 0.6v. 

This is due to a junction inside the diode where 
two different materials are joined. 

Normally, this voltage is not important because it is 
only small, but sometimes you need to take it into 
account. 

For the circuit above, the amplifier only gets 11.4v 











to Index 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 








Voltage is measured with a 
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Preface 


‘An acupuncture point is located where it is located’ — like veins, 
arteries or nerves, the location of acupuncture points may vary. 
Consequently, locating and stimulating acupuncture points is an 
individual process in each patient, similar to locating veins or 
arteries for puncture. The goal of this atlas is therefore to help 
acupuncture students and therapists find the correct location of 
acupuncture points. Ultimately, the exact location of an 
‘acupuncture hole’ will be where it can be palpated, addressed 
energetically in a safe way, and — most importantly — where it 
will be therapeutically effective. 


Acupuncture therapy requires not only the knowledge to locate 
individual points but also an understanding of the context of 
these points. This atlas therefore includes both a description of 
the individual points as well as the central idea — the channel 
system. 


The core chapters 4, 5 and 6 contain single page portraits of all 
the channel points as well as extra points used in body acupunc- 
ture. The clearly structured page layout, complemented by pic- 
tograms, allows for quick access to the clinically relevant 
information for the location and indication of individual points. 
Clear step-by-step instructions guide the reader through the sur- 
rounding surface anatomy to the correct location of the point. 
Figures with the relevant anatomical structures, as well as draw- 
ings showing channel pathways pertaining to the relevant region 
of the body, provide a further practical aid for correct point loca- 
tion. The text and the photo details also contain information 
regarding other points located in the vicinity or points in compa- 
rable locations in other parts of the body. This not only draws 
attention away from the individual points to the larger anatomical 


orientation, but also fosters an understanding of the context 
between the location and the action of a given point. 


Chapter 7 presents the channel points according to the anatomi- 
cal region — including illustrations of anatomical overview as 
well as text/picture details. This format will deepen the under- 
standing of the anatomical relationship between the channel 
points and complete this academic concept. Chapter 2 ‘Location 
Methods and Cun Measurements’ and Chapter 3 ‘Anatomical 
Orientation’ provide further support in locating the individual 
points. The modified illustrations in these chapters are based on 
the well-known Sobotta Atlas. 


Chinese medicine practitioners work with the Qi and its flow. In 
this context the individual ‘acupuncture hole’ has both an 
anatomical and an energetic component and is an intrinsic part of 
the channel and vessel network, which provides an exchange 
between the body’s Exterior and Interior. In this way Chapter 1 
describes the network of channels and vessels, and Chapter 8 the 
point categories and point combinations, explaining them in 
terms of their effects with relation to channel energetics, and pre- 
senting them in a clearly defined and visually organised manner. 
Chapter 9 contains up-to-date information and data about the sci- 
entifically proven effects or otherwise of individual points. 


I hope the new edition of this atlas will provide a valuable help 
to students and therapists alike in studying acupuncture and 
applying the information in clinical practice. I look forward to 
hearing your constructive criticism and ideas. 


Claudia Focks, March 2008 
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Pictogrammes 
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Angle of insertion: The angle of insertion recom- 
mended for a particular point (see figure below) is 
shown in colour. (Note that occasionally more 
than one angle is possible — this is signified by 
colouring as appropriate). 


Depth of insertion: Shallow: up to 0.5 cun, 
Medium: 0.5—1 cun, Deep: >1 cun. (In some 
cases more than one depth is possible depending 
on the angle of insertion — this is signified by 
colouring as appropriate). 


Caution! Organs and structures such as the eyes, 
nerves, blood vessels, peritoneum (symbolised by 
intestinal tissue) etc. that might be injured by 
needling a particular point are shown by a symbol 
together with a blue exclamation mark. A lightning 
bolt signifies a point that is painful when needled. 


Moxibustion: In principle all points can be treated 
with moxibustion. The following options are 
pointed out: Blue colour below moxa cigar: 
moxibustion particularly recommended, Question 
mark next to moxa cigar: moxibustion question- 
able (contraindicated according to some classical 
texts, but contradictory information), Moxa cigar 
crossed out: moxibustion contraindicated. 


Bloodletting: In principle bloodletting may be 
applied to all points. Neutral pictogramme: 
bloodletting possible, Blue droplet of blood: 
bloodletting particularly recommended, Blue 
question mark: bloodletting questionable 


Blue cup: Cupping particularly recommended. 


Anatomical orientation: A blue hand signifies 
cases where anatomical structures are of particu- 
lar importance for point location (for more detail 
— chapter 3). 














(b) 





Angle of insertion 

a) Angle of insertion and layers of tissue: All needles are inserted 
to the same ‘depth’ (=the same proportion of the needle is 
inserted into the tissue), but reaching different levels of tissue. 

b) Angle of insertion: transverse (subcutaneously): 5-15°; 
oblique: 15—45°; perpendicular: 90°. 


Point hierarchy (Chapters 4-6) 


In the introductions to the channels (chapters 4—6) the importance 
of points are marked with the following symbols: 

MM: very important, universal point 

MS: important point 

This hierarchy is of course subjective and influenced by the 
authors’ clinical experience but has proved very helpful for 
beginners. 
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1 Jing luo (Channel and Network Vessel System) 


Claudia Focks 


1.1 Introduction 


1.1.1 Two Models of Qi Flow in the 
Channels — Historical Overview 


There exist essentially two views about the direction of the Qi 
flow in the channels, which are based on different understand- 
ings of the Qi movement within the body (> Pirog 1995, 
Manaka 1995/2004). For a better understanding of either model, 
imagine a person extending his/her arms towards the sky 
(— Figs. 1.1 and 1.2). 


Centripetal circulation model 

The centre of classical Chinese cosmology, which describes 
humans as standing between heaven (Yang) and earth (Yin), 
includes the mutual relationship, influence, and dependence 
between cosmos and man. Accordingly, early records of the 
pathways (— see appendix) depict the (11/12) channels as path- 
ways that originate at the extremities, flow towards the centre of 
the body and terminate either on the head or the torso. This is 
the distinguishing feature of the centripetal circulation model 
(> Fig. 1.1). 


~~ (- “ 
“~ \ CEB 4 iz "a 
Vaca? 
Se yang HY" yang Ca 
———— —— f 
yin = yin 


yang yin yin yang 


A i 
SA oe 


Fig. 1.1 Centripetal circulation model (modified according to 
Pirog 1996) 


This model is also present in the theory of the five shu-Trans- 
porting points (> 8.1.6). The macrocosmic Qi enters the body 
at the tips of the extremities and can be compared to the course 
of a river. It begins very dynamically as a well, spring and 
stream, expands to form a river and flows into the wide, deep 
sea at the elbows and the knees and then further to the internal 
organs via the channels. 

According to this model, the functions of the channels can be 
compared to antennae, which receive the cosmic influence, 
transmitting it into the body. The Qi flow in the channels is 
always from distal (coming from the Exterior, entering at the 
tips of the extremities) to proximal (towards the centre, flowing 
towards the internal organs). Each channel connects man with a 
different part of the cosmos, which can be identified by a 
numerological structure. Thus a relationship was assumed 
between the eight extraordinary vessels and the eight trigrams 
of the Yijing (> 1.7). The primary channels reflect the 12 
earthly branches and the 10 heavenly branches. Since the early 
records only mention 11 channels (— Appendix 2), they were 
counted as 10 channels on the arms and 12 channels on the legs. 
Later, the 12 primary channels were mainly associated with the 
12 earthly branches — the 10 heavenly branches rather repre- 
senting the Five Phases model (note: the earthly branches can be 
included in the latter as well). 


Self-contained circulation model 

In the course of the development of modern Chinese society, the 
idea of a close relationship between man and cosmos (as a 
heaven-earth-man model) became weaker. The channel system 
was now increasingly compared to phenomena created by man 
himself such as canals and drainage ditches. The importance 
of the original connection with the cosmos declined while that 
of relationships within society was on the rise. Chinese society 
became more complex, forming a self-contained unit. Similarly, 
the concept of the channels as a connection to the macrocosm 
was partially abandoned and the Qi flow is described as inde- 
pendent and self-contained (— Fig. 1.2). According to this self- 
contained circulation model, Qi can flow forward as well as 
backward — from the outer extremities to the Interior of the body 
and from the Interior to the Exterior. 
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1 Jing luo (Channel and Network Vessel System) 





Fig. 1.2 Self-contained circulation model (modified according 
to Pirog 1996) 


Thus the direction of the Qi flow in the primary channels can be 

from proximal to distal and vice versa, depending on the 

Yin/Yang polarity of the respective channel, as well as the 

respective extremity. 

This second, probably more recent concept describes the Qi as cir- 

culating continuously through the body (— Appendix 2): from 

the thorax to the hand, to the head, to the foot and back to the tho- 

racic region. These ideas reflect the development of the Chinese 

civilisation, its agriculture and in particular its water control and 

water storage in reservoirs, drainage canals, ditches, etc., which 

largely form the foundation of the theory of the channels as water 

conduits circulating Qi and Blood. The connections among the 

channels are considered to be anastomoses (— 1.2.2), which facil- 

itate the ceaseless, circular flow of Qi from one channel to the next, 

allowing the exchange of the Qi flow with the Interior. 

The self-contained circulation model can thus be described as 

follows: 

e Hand Yin channels run from the thorax to the hand: LU, 
HE, P 

e Hand Yang channels run from the hand to the head: L.L., 
S.L, T.B. 

e Foot Yang channels run from the head to the foot: ST, 
BL, G.B. 

e Foot Yin channels run from the foot to the thorax: SP, 
KID, LIV 

More importance is attached to this model of Qi flow in the 

Western acupuncture tradition, which can in part explain the use 

of numbers in naming the acupuncture points, rather than names 

as in China. 

However, the structure of this new circulatory model was proba- 

bly also too rigid to sufficiently explain some of the effects of 


—p— 


acpuncture. According to Pirog (1996), this might be the reason 
why the secondary channels, for example the sinew channels 
(— 1.4) and the divergent channels (— 1.3), with their rather 
primitive and natural pathways, were integrated into the channel 
and network vessel system (jing /uo) in accordance with the cen- 


tripetal circulation model. 


Comparison of the two circulation models (modified 
according to Pirog 1996) 





Centripetal model 


Self-contained model 





Direction of 


Always from distal 


Either from proximal 





Qi-flow to proximal to distal or vice versa, 
depending on the 
polarity of the 
channel (Yin/Yang) 

Origin of Qi From outside the Originates in the 

body. The distal end inside of the body. 
of the channel is The distal end of the 


open in order to 
receive cosmic Qi 


channels is connected 
to the channel that 
follows next. 





Function of the 
channels 


Transporting the Qi 
from the outer cosmos 
to the Interior of the 
body. Supporting the 
relationship between 


Circulation of the Qi 
inside the body. 
Supporting man’s 
relationship with 
himself 


man and nature/ 
cosmos 














1.1.2 Overview of the Channel and 
Network Vessel System 
(jing luo System) 


In Ling Shu, chapter 11, it says: ‘Man lives, diseases occur ... 
both the beginner and the experienced master always have to 
start with the channels and network vessels (jing luo). 

In Chinese Medicine, the jing luo are considered to be a network 
of channels and vessels in which the Qi and Blood (xue) flow. 
They are connected to the Organ systems (zangfu) and ‘water’ 
the whole organism, supplying the body with Qi and Blood (xue) 
on the surface (Exterior) and deep inside the body (Interior), 
above as well as below. 

From a functional point of view, the channels and network ves- 
sels (jing luo) govern the distribution of Qi and Blood (xue), 
they regulate Yin and Yang and they protect the body. However, 
they also enable the spreading of diseases. Reactions to any dis- 
orders may therefore manifest along these channel pathways. 
These could be either disorders of the channels themselves, or 
external reflections of zangfu disorders. In clinical practice, 
the channels and network vessels (jing luo) can be utilised in 
order to send Qi to the diseased parts of the body (for an 
overview of the classification and nomenclature of the jing luo 
system — Fig. 1.3). 
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shao yin HE channel 


tai yin LU channel 
3 yin { 


shou (Hand) 
3 yang < 
12 jing zheng (primary channels) 


jue yin P channel 


r taiyang S.I. channel 
shao yang T.B. channel 
_ yang ming _L.|. channel 


( taiyin SP channel 


3 yin + shaoyin KID channel 


zu (Foot) 


\ jue yin LIV channel 
(tai yang BL channel 





3 yang» shaoyang G.B. channel 


12 jing bie (divergent channels) 


12 jing jin (sinew channels) 


8 gi jing ba mai (extraordinary vessels) 


12 luo-connecting vessels (begin at the extremities) 


4 luo-connecting vessels (begin at the torso) 


Small Juo-connecting vessels (superficial uo) 


12 pi bu (cutaneous zones) 


3 shou 
tai yin (Hand) 
3 yin { shao yin } 
jue yin 3 zu 
12 jing zheng (Foot) 
(primary channels) = 
6 liu jing 
(great channels) 3 shou 
tai yang (Hand) 
3 yang { shao yang } 
yang ming 3 zu 
(Foot) 


\ yang ming ST channel 


ren mai du mai 


chong mai dai mai 
yin giao mai yang giao mai 


yin wei mai yang wei mai 


Spread from the 
primary channels 


1 spreads from the SP primary 
channel (great /uo-connecting 
vessel of the Spleen) 

2 spread from the extraordinary 
vessels (ren mai and du mai) 

1 spreads from a fu-Organ (great 
luo-connecting vessel of the 
Stomach) 


Vertical branches of the luo mai 
Sub-branches of the sun luo 


Horizontal branches of the 
fu luo 


Superficial aspect of the jing luo 
system (channel and network vessel 
system), covering it towards the 
Exterior (outer layer) 


tai yin LU channel 
shao yin HE channel 
jue yin P channel 


tai yin SP channel 
shao yin KID channel 
jue yin LIV channel 


tai yang S.l|. channel 
shao yang T.B. channel 
yang ming L.|. channel 


tai yang BL channel 
shao yang G.B. channel 
yang ming ST channel 


Fig. 1.3 (a) Overview and classification of the jing luo system (channel and network vessel system); (b) the 12 primary channels and 
the six great channels (liu jing) 
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1 Jing luo (Channel and Network Vessel System) 


1.1.3 Distribution and Org anisation of and divergent channels as the deepest channel structures, other 
the Channel and Network Vessel authors attribute this role to the eight extraordinary vessels (for 


be the eight extraordinary vessels, see > 1.7). 
(jing luo) System 
Overview over the possible location with regard to 


According to the law of the Exterior—Interior (biao-li) the “Exterior depth of the jing Iuo system 


communicates with the ‘Interior’. 
Exterior (biao) corresponds to the skin, the muscles and the 








pathways of the channel and network vessel superficial (jing devels) ; Chainelisystem : 
luo) system. The deeper pathways of the channels and the Organ pupeneal eyo 2 Eo culenes us seniors 
: (skin and muscles) ¢ Superficial /uo-connecting vessels 


systems (zangfu) are attributed to the Interior (/i). A particular (xue luo, fu luo, sun luo) 
12 sinew channels (jing jin) 


organisational structure within the jing luo system is necessary 





to safeguard the circulation of Qi and the communication Mid-levels * 15/16 luo-connecting vessels 
between the Exterior and the Interior. In this respect, the extra- aoa) : 

: . . : ¢ External pathways of the 12 primary 
ordinary vessels play a special role. While they play a major role channels 


External pathways of the 12 divergent 
channels (jing bie) 
Eight extraordinary vessels 


in coordinating and regulating the primary channels and the jing 
luo system in general, they do not directly connect the Interior 
and the Exterior. There is also no direct connection between the 





Deep levels Deep (internal) pathways of the 12 
(zangfu-Organs) primary channels 

Deep (internal) pathways of the 12 
divergent channels 


extraordinary vessels and the zangfu-Organs (see — 1.7 and 
Chapter 5). 











Depth organisation of the jing luo system 

Differing ideas exist regarding the depth at which the various 
channels and vessels are located within the body. The table 
below and Fig. 1.4 show the ideas according to Solinas et al. 
(1998) and Deadman et al. (1998) in a modified way. While 
these authors regard the deep, Interior pathways of the primary 







































Pi bu (cutaneous zones) 
--xue luo -- xue luo 
Superficial ---fu luo ---fu luo 
levels < Shere sunluo nn sun luo 
Yang sinew channels 
Yin sinew channels 
he-confluence 
t Longitudinal branch < 
Yang primary channel of the yang luo mai if *, yuan-source point* 
External path 
. Be ay ae #__Transverse branches 
Mid * 2” of the yin luo mai 
levels *y 
e’"s,__ Transverse branches 
*, of the yang luo mai 
Yin primary channel * 
External pathway Longitudinal branch < Ras 
of the yin luo mai luo point 
D ternal) Bath _._ Deep (internal) pathway 
cee an eng Paya of the Yang primary channels 
of the Yin primary channels fiat 
Soscs Yin divergent channel 
Sees Yang divergent channel 
Deep J g 9g 
levels CL] Yin 
MEE Ye" 
zangfu-Organs re according to some authors to the yuan-source point 
of the Interiorly—Exteriorly paired channel 


Fig. 1.4 Illustration of the possible organisation of the jing luo system (channel and network vessel system) 
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Channel systems 

Each primary channel, together with its pertaining ‘secondary 

channels’, forms a complex, multi-layered organisational unit, a 

‘system’. These systems comprise the various relationships and 

connections among each other as well as with the eight extraordi- 

nary vessels (— 1.7, + Chapter 5). They support the harmonious 

regulation within the body. There are 12 channel systems (hand 

taiyin, hand yangming, etc.), each of which includes the following: 

e a primary channel (jing zheng) (— 1.2) with an external and 
internal pathway, which enters its pertaining zangfu-Organ 

e a divergent channel (jing bie) (— 1.3) 

e asinew channel (jing jin) (> 1.4) 

e a great Juo-connecting vessel (uo mai) (— 1.5). 

In turn, the cutaneous zones (pi bu) (— 1.6) wrap around the 

whole channel system. 


1.1.4 Qi Circulation and the Channel 
System 


What moves with and within the channels? 

The channel system represents the ‘pathway of the Qi’. In 
acupuncture many schools of thought work with the True Qi 
(zhen qi), which, according to Maciocia (1989), represents the 
final stage of a process of Qi refinement and transformation: the 
Gathering Qi (zong qi), acted upon by the Original Qi (yuan qi) 
as a catalyst, becomes True Qi (zhen qi), which manifests in its 
two aspects, the Defensive Qi (wei qi) and the Nutritive Qi (ying 
qi). According to Larre and Rochat de la Vallée (1986), the True 
Qi is regarded as the sum of all Qi mechanisms and/or forms 
of Qi in the body. In other words: if there is a balanced and har- 
monious flow in the channels, this can be called True Qi (zhen 
qi). It means that which circulates in the ‘here and now’. The 
sum total of all forms of Qi in their correct alignment is called 
Upright Qi (zheng qi) and forms the counterpart to Evil Qi (xie 
qi), for example to pathogenic factors or counterflow Qi. 


Forms of Qi 


Essence (Qi) (jing qi) 

The Essence (Qi) acts within the organism and, according to 
some authors, to some extent also in the extraordinary vessels 
(— 1.7). It represents the combination of Early Heaven Essence 
inherited from the parents, which, according to many schools of 
thought, is stored in the Kidneys and has a relationship to the 
Life Gate (mingmen), and the Later Heaven Essence of the 
Middle Burner. They support and complement each other. 


Original Qi (yuan gi) 

The Original Qi (yuan qi) is often described as the active form 
of Essence (jing), circulating in the channels and spreading to 
the whole organism with the help of the Triple Burner. Like a 
catalyst, it is the dynamic driving force which wakens and sus- 
tains the functional activity of all organs and structures. It has a 


1.1 Introduction 


pre- and a postnatal component. Therefore its proper functioning 
is dependent on the supply of acquired Qi derived from water 
and food supplied by the Middle Burner. The Original Qi can be 
directly accessed and influenced at the ywan-source points 
(> 8.1.1) or at the points Ren-17 (danzhong/shanzhong), 
Ren-12 (zhongwan) and Ren-6 (gihai). 


Gathering Qi (zong qi) 

According to Larre and Rochat de la Vallée (1986), the Gather- 
ing Qi (zong qi) is formed in the centre of the thorax when the 
essences derived from respiration (Great Qi, da gi) meet with the 
food (shui gu, from Grain Qi (gu gi) and water) and are set in 
motion through ancestral mechanisms by the first postnatal 
breath. Like an ‘engine’, it dictates the rhythm and circulation, it 
controls respiration and it regulates the heartbeat. It does not cir- 
culate itself, but is like a ‘Sea of Qi’ that ‘collects’ in the centre 
of the thorax behind Ren-17 (danzhong/shanzhong). This sea 
contains the water from all the rivers (e.g. the vessels), resem- 
bling an inexhaustible reservoir that does not overflow but redis- 
tributes all its water supplies. 


Defensive Qi (wei qi) 

The wei qi is the body’s Defensive Qi. Thus it defends the body 
at the level of the skin, the fascia and the muscles. In relation to 
the Nutritive Qi (Ying qi), itis a more slippery and less pure form 
of Qi that moves dynamically and quickly through the body like 
a guard. Its root lies in the Lower Burner, where it is produced 
by the mingmen-Fire (Life Gate fire), so that it has a consider- 
able genetic or constitutional component. Essence (jing) and 
Original Qi (yuan qi), which are stored in the Lower Burner 
(according to many schools in the Kidneys), are involved in the 
formation of Defensive Qi (wei qi), therefore also playing a role 
in the defence against Exterior pathogens. Additionally, the wei 
qi is constantly being replenished with pure essence, formed 
from food by the Spleen and Stomach in the Middle Burner. It 
is dispersed throughout the body by the Upper Burner. Proper 
functioning of the wei qi therefore depends on all three Burners. 


Nutritive Qi (ying qi) 

The Nutritive Qi (ying qi) is the result of a purification and/or 
distillation process of pure, clear origin. Compared to Defensive 
Qi (wei qi), itis more Yin in nature. It nourishes the whole body 
and is its ‘building substance’, thus often translated as ‘con- 
structive Qi’ or ‘building energy’. 


Circulation of Defensive Qi (wei gi) and 
Nutritive Qi (ying qi) 


Circulation of Defensive Qi (wei qi) 

In chapter 43 of the Su Wen the wei qi is described as flowing 
‘outside of the mai’ (the channels and vessels). However, it cir- 
culates in part along the channel pathways, moving in the space 
between the skin and the muscles — the cou li. 
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1 Jing luo (Channel and Network Vessel System) 


The cou li — often unsatisfactorily translated as ‘pores’ — are the 
striae or compartments between the skin and the muscles. They 
have the function of a gateway for the entry and exit of Qi and 
fluids and serve as protection against the invasion of Exterior 
pathogenic factors. According to Larre and Rochat de la Vallée 
(1986), the cou li, as the outermost of the wrappings of the 
Triple Burner, cover the whole body. They connect the surface 
of the body with its inner organs. This explains the effectiveness 
of acupuncture and other manual therapies for the treatment of 
internal disorders as well as showing up the presence of diseases 
of the inner organs on the Exterior of the body. 

In the superficial layers of the body, the Defensive Qi (wei gi) 
circulates through the skin and the superficial musculature, 
warming, nourishing and strengthening them. Through these 
actions it supports the general defence against Exterior patho- 
genic factors, acting mainly in the realm of the sinew channels 
(jing jin) (> 1.4). In the deep layers of the body, it plays an 
important role in the functioning of the ‘diaphragm’. According 
to Larre and Rochat de la Vallée (1986), this represents not only 
a membranous barrier between the thorax and the abdomen, but 
can be regarded as a ‘sac of membranes’, including and con- 
necting the peritoneum, the pleura and the pericardium. Nielsen 
(1995) interprets this ‘network of caves’ as the inner aspect of 
the Triple Burner, which connects with its outer aspect, the 
cou li. Following this interpretation, the Defensive Qi (wei qi) 
would also be involved with the mesenteric defence and the 
protection of the inner organs. 

According to chapter 75 of the Ling Shu, the circulation of the 
Defensive Qi (wei qi) is cyclical, changing from day to night and 
vice versa. At dawn, when the Yin Qi is exhausted, the Yang Qi 
pours itself from the eyes and the eyes are opened. As a result, the 
wei qi rises from the heel via the (Yin) giao mai upwards to the 
eye to BL-1 (jingming) and flows into the whole body like a 
waterfall by following the six great Yang channels — ‘it moves 25 
times in the Yang’. At dusk, when the Yang Qi is exhausted, the 
wei qi enters the Interior of the body and moves ‘25 times in the 
Yin’, following the controlling cycle (ke cycle — 8.2.5): from 
the Kidneys to the Heart, from the Heart to the Lungs, from the 
Lungs to the Liver, from the Liver to the Spleen, and back to the 
Kidneys. Therefore the wei gi has a relationship with the 
sleep—wake rhythm: during sleep it withdraws deeper into the 
body — during daytime it circulates in the outer layers of the body. 
The two extraordinary vessels, the yin giao mai and the yang giao 
mai (— 1.7, + Chapter 5), play an important role in this respect. If 
their cycle is blocked, the circulation of the wei qi will be inter- 
rupted and disorders will arise. The yin giao mai ascends, while 
the yang giao mai descends, both meeting at the eyes at BL-1 
(jingming) and forming a cycle, similar to the small heavenly 
cycle of the ren mai and du mai. If there is an excess of Yang Qi, 
this will be drained from the channels into the yang giao mai, ‘the 
eyes cannot close’ and insomnia will occur. If there is an excess of 
Yin Qi, this will be drained from the channels into the yin giao 
mai, ‘the eyes cannot open’ and somnolence will occur. In both 
cases, a relative disharmony develops between the two opponents. 


—p— 


Circulation of the Nutritive Qi (ying qi) 

The Nutritive Qi (ying qi) circulates in the mai. The mai include 
both the primary channels (jing mai) and the secondary channels 
such as the Connecting Vessels (luo mai, sun luo), the divergent 
channels (jing bie), the extraordinary vessels and the Blood Ves- 
sels. Wherever there are channels and vessels, the ying qi will 
circulate. According to chapter 16 and 18 of the Ling Shu, the 
ying qi circulates constantly and continuously. 


First circulation of the ying qi (— Fig. 1.5) 

The first circulation of the ying gi encompasses the 12 primary 
channels. The cycle starts at the primary LU channel and ends 
at the primary LIV channel, which in turn connects with the 
primary LU channel, thus closing the cycle (> Fig. 1.5). The 
Middle Burner provides and distributes the ying qi throughout 
the whole body. According to some of the classics, the Grain Qi 
(gu qi) derived from food is only transformed into Nutritive Qi 
(ying qi) in the Lungs, not already in the Middle Burner. Since 
the internal pathway of the primary Lung channel begins in the 
Middle Burner, these two statements do not contradict each 
other in principle. 
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Fig. 1.5 First circulation of the Nutritive Qi (ying qi) 


The changes in Yin/Yang polarisation — the changes from a 
Yin channel to a Yang channel and vice versa — always take 
place in the hand or the foot (also — 1.2.2). For example, the 
Yang energy potential rises from the Yin channel to the Yang 
channel, and then descends again from the Yang channel to the 
Yin channel (— Fig. 1.6). 
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VOLTMETER. 

Multimeters have 2 or 3 
voltage ranges so you can 
measure low voltage (Ov to 
20v), medium voltages (Ov to 
200v and high voltages (Ov to 
500v). 

A voltmeter is placed across 
the component being tested, 
as shown in the diagram. 
The Digital Multimeter is 
detecting 11.4v across the 
amplifier. 
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Fig 36. Measuring Voltage with a Digital 
Multimeter 


to Index 


If you place the 
probes of a digital 
multimeter around the 
wrong way ona 
component, the 
display will show a 
The meter will not be 
damaged. 


protection 


to Index 


An analogue Multimeter must 

be connected around the 

correct way to make the 

pointer move "up scale." 

Select the range that will allow 

the pointer to show 
protection somewhere in the middle of 

diode + the scale. 


Fig 38. Measuring Voltage with an Analogue 
Multimeter 
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Fig. 1.6 Changes in Yin/Yang polarisation, shown as a sinus 
curve 





Fig 1.7 Organ Clock 
First circulation of the Nutritive Qi (ying qi) and the 
Organ clock 
The Nutritive Qi (ying qi) circulates in the 12 primary channels Time of day 
in a circadian 24-hour rhythm (— Fig. 1.7) with each Chinese epee 
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to two Western hours (— expanded Organ clock, Fig. 1.8). = aE Be 
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increases, falling again during the following two hours. How- 
ever, it will never fall below a particular level, so that there is 
always a certain portion of energy flowing continuously through 
the channels. 

Example: The channel Qi of the primary Stomach channel will 
begin to appear more ‘powerful’, when the channel Qi of the 
Large Intestine is very strong. Therefore the ‘high tide’ of the Yin 
Stomach channel takes place between 5-7 a.m., its peak is as Rou 
between 7-9 a.m. and its ‘low tide’ between 9-11 a.m. During 
the peak period of the Stomach channel, the channel on the 
opposite side of the Organ clock is at its lowest point (— 8.3.7); 
while the Stomach channel is peaking, the Pericardium channel ee 

is at its lowest point. Mae 
In figure 1.8 the ‘expanded Organ clock’ with its 24-hour circu- 
lation through the 12 primary channels is shown in relation to — 
the earthly branches and the hexagrams of the Yijing. 
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Fig. 1.8 Expanded Organ clock 


Second circulation of the Nutritive Qi (ying qi) 
According to chapter 16 of the Ling Shu, the Nutritive Qi (ying 
qi), after having circulated through the 12 primary channels, 
takes a deep pathway of the primary Liver channel, which origi- 
nates at LIV-14 (gimen), passes the Lungs, the posterior aspect 
of the neck, the inner nasal passages and reaches Du-20 (bai- 
hui), then follows along the du mai on the back and the ren mai 
along the midline of the abdomen. At the approximate level of 
Ren-22 (tiantu) the ying gi again reaches the Lung channel, 
which traverses the supraclavicular fossa (near ST-12). Here, a 
new circulation of the ying gi through the 12 primary channels 
starts at the beginning of the primary LU channel. 


—p— 
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shou taiyin (LU) 


zu shaoyang (G.B.) 


shou shaoyang (T.B.) 






shou jueyin (P) 


° i shaoyin (HE) 


zu shaoyin (KID) 9 shou taiyang (S.1.) 


zu taiyang (BL) 


Fig. 1.9 First and second circulation of the Nutritive Qi (ying qi) 
with the Middle Burner 


1.2 The 12 Primary Channels 
(jing zheng) 


1.2.1 Background Information 


Synonyms: Meridians, regular channels. ‘zheng’ can be trans- 
lated as ‘mainly’ (primary channels), but also relates to terms 
such as ‘straight’ and ‘direct’. 


Chinese terms for the channels 


Meanings (also > 1.2.4, the six great channels 

(liu jing) 

Tai: means greater, highest. The polarised energy (Yang or Yin) 
develops and reaches the maximum extent of its activity in the 
taiyang and taiyin channels. Here, the maximum extent of their 
respective polarity is reached and begins to fall again. 

Shao: means less or younger. The polarised energy (Yang or 
Yin) is less in the shaoyang and shaoyin channels than in the 
taiyang or taiyin channels. 

Ming: means clear, bright, radiant, shining (for more detail see 
— 1.2.4, the six great channels). 

Jue: means ‘absolute’, ‘at the end’, ‘exhausted’, and according 
to Wiseman also ‘inverted’. The polarised energy (Yin) in the 
jueyin channel represents the terminal phase of the Yin; here 
polarity changes to Yang. 


Composition of the channel names 

In the Chinese language, the name for each channel comprises 

e the nature or polarity of the energy (Yin or Yang) that flows 
in the channel 

e the quality or intensity (tai, shao, jue, ming) of the Yin or 
Yang energy and 

e the extremity at which the channel originates or terminates. 

Thus the Yin or Yang channels that begin or terminate at the 

hand carry the name of the primary hand channels (shou jing 

zheng). The Yin and Yang channels that terminate or begin at the 


—p— 


feet carry the name of the foot primary channels (zu jing zheng) 
(— Fig. 1.2). 


1.2.2 Communication and 
Connections 


Principle of the primary channel system 

The 12 primary channels cover the body bilaterally. Each chan- 
nel has its individual regular course with a deep, internal and 
a more superficial external pathway. 

One can distinguish between Yin and Yang channels, which are 
Interiorly/Exteriorly paired. While each channel is connected 
with its pertaining zang or fu Organ, it is also connected with the 
Organ of its Interiorly/Exteriorly coupled channel. 

All hand Yin channels begin in the region of the thorax and flow 
to the hand. All hand Yang channels start at the hands and travel 
to the head, where they meet the foot Yang channels. These 
descend down to the toes, where they meet the foot Yin chan- 
nels, which ascend to the thorax and there meet the hand Yin 
channels. 

For a better understanding of this model, imagine a person 
standing with his/her hands raised to the sky. In this position, 
all Yin channels are ascending (a Yang phenomenon), while 
all Yang channels are descending (a Yin phenomenon) 
(> Fig. 1.10). 







—— Descending 
yang- 
channels 

— Ascending 
yin- 
channels 





Fig. 1.10 Ascending and descending primary channels 
(according to Pirog 1996) 
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1.2 The 12 Primary Channels (jing zheng) 


Each channel is associated with its own specific pathological 
symptoms, which are an important diagnostic tool in clinical 
practice (for channel-specific pathologies see — chapter 4). 


Communication between channels and 
zangfu-Organs 

The connections (anastomoses) between the channels have the 
function of allowing communication within the channel system 
as well as between the channels and the Organ systems. This 
external/internal (biao-li) relationship comprises the following 
aspects: 





Communication from the Interior to the Exterior 

e The internal pathways of the hand Yin channels connect 
with their pertaining Organ as well as with their Yin/Yang- 
paired fu-Organ. They flow from the thoracic region to the 
Exterior and connect with their paired Yang channel at the 
finger tips or on the hand (— Fig. 1.11 a). 

e The internal pathways of the foot Yang channels connect 
with their pertaining fu-Organ as well as with their Yin/Yang- 
paired zang-Organ. They then flow from the centre of the 
body to its Exterior and connect with their paired Yin—chan- 
nel at the foot (> Fig. 1.11 b). 





Communication from the Exterior to the Interior 

e Each hand Yang channel begins on the hand, runs to the 
thoracic region, penetrates the thorax and connects in the 
Interior of the body with its pertaining fu-Organ and its 
Yin/Yang-paired zang-Organ (— Fig. 1.11 c). 

e Each foot Yin channel starts at the foot, penetrates the 
abdomen, reaches the Interior of the body and its pertain- 
ing zang-Organ as well as its Yin/Yang-paired fu-Organ 
(> Fig. 1.11 d). 









= 


Thorax 

















Cc 


Fig. 1.11 Communication Interior — Exterior, hand-Yin 
channels (a). Communication Interior — Exterior, foot-Yang 
channels (b). Communication Exterior — Interior, hand-Yang 
channels (c). Communication Exterior — Interior, foot-Yin 
channels (d). 
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Within the primary channel system we can distinguish three cir- 
cuits, each circuit comprising four primary channels. The trajec- 
tories of two of the channels in one circuit are located on the Yin 
side of the body, the more anterior side (Interior), and two are 
found on the Yang side, the more posterior side of the body 
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el circuits 






Head 


> taiyang 


--yangming 


- - shaoyang 


























(Exterior). The Stomach channel (foot yangming, for more ied ae 
detail — 1.2.3) presents the exception to this rule. Despite its sind ical i “ “a oe 
major part running along the anterior side of the body, it is con- seit) ie | J) 
sidered a Yang channel (> Fig. 1.12 and 1.3). So 
ol es ames taiyin ; i a 
-be----- jueyin' ' 
p= sse shaoyin 
Yang Yin 
channels ST SP channels 
GB. LIV 
ww j. { 
Foot 
Fig. 1.12 Principle of the channel circuits 
First circuit 
Channel Time Starts Terminates Hand/foot 
LU 3-5 a.m. Thorax Finger tips Hand (shou) taiyin 
LI. 5-7 a.m. Finger tips Face Hand (shou) yangming 
ST 7-9 a.m. Face Tips of the toes Foot (zu) yangming 
SP 9-11 am. Tips of the toes Thorax (Heart) Foot (zu) taiyin 
Second circuit 
H 1lam.—1 p.m. Thorax Finger tips Hand (shou) shaoyin 
S.1. 1-3 p.m. Finger tips Face Hand (shou) taiyang 
BL 3-5 p.m. Face Tips of the toes Foot (zu) taiyang 
KID 5-7 p.m Tips of the toes Thorax (Pericardium) | Foot (zu) shaoyin 
Third circuit 
P 7-9 p.m. Thorax Finger tips Hand (shou) jueyin 
T.B. 9-11 p.m. Finger tips Face Hand (shou) shaoyang 
G.B. 11 p.m.-1 a.m. Face Tips of the toes Foot (zu) shaoyang 
LIV 1-3 a.m. Tips of the toes Thorax (Lung) Foot (zu) jueyin 



































Ch0O1-F10028.qxd 2/22/08 2:30 PM Page 11 


taiyin yangming shaoyin 
LU 


a 


Fig. 1.13 Overview of the channel circuits 


Connections among the primary channels 

In order to ensure the continuous circulation (also see — 1.1.4) 
within the primary channel system, there need to be connections 
among the individual primary channels. Fig. 1.5 illustrates these 
in a schematic graphic overview. 

According to some schools, the connections among the primary 
channels are facilitated by so-called entry/exit points. Various 
authors (for example Worsley, Jarrett, Pirog, Hicks et al., for 
more detail — 8.1.16) describe these as the shunting points 
between successive channels according to the Organ clock. The 
exit point marks the point on a channel from which the (internal) 
flow moves to a point (the entry point) on the channel that 
succeeds it on the Organ clock. There are some discrepancies 
regarding the location of the connections as described by the 
above authors and those described by Solinas et al. (1998), which 
are marked below as appropriate. 


Yin-Yang connections 

The connections — anastomoses — between the Yin and Yang 
channels are located on the hands and feet. The channels are most 
commonly connected at their respective final points, but some- 
times also by branches separating from the main channel. These 
Yin—Yang connections are places where the Qi can change its 
polarity: Yin Qi becomes Yang Qi, and Yang Qi becomes Yin Qi. 
This creates a dynamic balance and allows for a better circulation 
of the Qi. The Yin—Yang connections follow the order of the 
basic structure of the circadian rhythm (24-hour cycle). 





1.2 The 12 Primary Channels (jing zheng) 


taiyang jueyin shaoyang 
Si: 





Hand Yin-Yang connections (— Fig. 1.14) 

The hand Yin channels are in most cases connected to the hand 
Yang channels at the tips of the fingers; sometimes they are 
connected on the hand by a branch that separates from the pri- 
mary Yin channel and runs to the hand Yang channel: 

FIRST CIRCUIT 

LU channel (shou taiyin) ™ L.I. channel (shou yangming) 
LU-7 (lieque) ™ L.I.-1 (shangyang) 

A branch separates from the primary LU channel at ~ LU-7 
(lieque) and travels to the primary L.I. channel at — L.I.-1 
(shangyang). 

Note: According to Hicks et al. (2004, > 8.1.16) L.L-4 (hegu) is 
considered to be an entry point. 

SECOND CIRCUIT 

HE channel (shou shaoyin) ™ S.I. channel (shou taiyang) 
HE-9 (shaoyang) ™ S.L-1 (shaoze) 

THIRD CIRCUIT 

P channel (shou jueyin) ™ T.B. channel (shou shaoyang) 

P-8 (Jaogong) ™ T.B.-1 (guanchong) 


11 


Ch01-F10028.qxd 


2/22/08 2:30 PM Page 12 


1 jing luo (Channel and Network Vessel System) 


12 




















LU-7| First circuit > L.L-1 


(variant) 














HE-9 | Second circuit» | S.I.-1 






































P-8 | Third circuit> T.B.-1 











Fig. 1.14 Hand Yin-Yang connections (primary channels) 


Foot Yang-Yin connections (— Fig. 1.15) 

The foot Yang channels are connected to the foot Yin channels 
at the toes by branches that separate from the primary Yang 
channels and run to the foot Yin channels (— Fig. 1.15): 

FIRST CIRCUIT 

ST channel (zu yangming) ™ SP channel (zu taiyin) 

ST-42 (chongyang) ™ SP-1 (yinbai) 

At — ST-42 a branch separates from the primary ST channel and 
travels to > SP-1. 

SECOND CIRCUIT 

BL channel (zu taiyang) ™ KID channel (zu shaoyin) 

BL-67 (zhiyin) = KID-1 (vongquan) 

THIRD CIRCUIT 

G.B. channel (zu shaoyang) ™ LIV channel (zu jueyin) 

G.B.-41 (zulingi) ™ LIV-1 (dadun) 

On the instep of the foot, at > G.B.-41, a branch separates from 
the G.B. channel and travels to > LIV-1 
























































ST-42 | First crcit> SP-1 
BL-67 | Second circuit KID-1 
G.B.-41| Third circuit LIV-1 























Fig. 1.15 Foot Yang—Yin connections (primary channels) 


Yang-Yang connections (— Fig. 1.16) 

The Yang—Yang connections between the primary channels are 
located on the head. They are rather superficial and follow the 
order of the channels within the circadian cycle (according to 
the Organ clock — Fig. 1.7). These connections support the 
communication between the hand Yang and foot Yang primary 
channels in the cranial region, which convey Qi of the same 
nature and quality (yangming, taiyang, shaoyang). They also 
mark the connections between the Yang axes, also referred to as 
hand-foot pairing (— 1.2.3), and serve as a link between above 
and below. 

FIRST CIRCUIT 

L.I. channel (shou yangming) ™ ST channel (zu yangming) 
L.L-20 (vingxiang) ™ ST-1 (chengqi) 

SECOND CIRCUIT 

S.I. channel (shou taiyang) ™ BL channel (zu taiyang) 

S.I.-18 (quanliao) ™ BL-1 (yingming) 

THIRD CIRCUIT 

T.B. channel (shou shaoyang) ™ G.B. channel (zu shaoyang) 
T.B.-23 (sizhukong) ™ G.B.-1 (tongziliao). Comment: accord- 
ing to Hicks et al. (2004, — entry/exit points, > 8.1.16) T.B.-22 
(erheliao) is considered an exit point. 
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T.B.-22 T.B.-23 BL-1 


(variant) Yin Yang 








































































































































s i ae 1 LU (shou taiyin) Metal L.I. (Shou yangming) 
G)B.-1 \ ' 
eae secon@erea> [B11 ae 
S.1.-18 L.1.-20 
a SP (zu taiyin) Earth ST (zu yangming) 
pa 
Third circuit G.B.-1 HE (shou shaoyin)| Fire S.I. (shou taiyang) 
oo place! Second 
(variant) circuit 
Fig. 1.16 Yang—Yang connections of the primary channels KID (zu shaoyin) | Water BL (zu taiyang) 








P (shou jueyin) Fire T.B. (shou shaoyang) 


Third 
circuit 











Yin-Yin connections 

The Yin—Yin connections between the primary channels are 
located in the thoracic region (Fig. 1.17). 

In contrast to the more superficial Yang—Yang connections, 
they are located deep inside the body (internal pathways of the 





LIV (zu jueyin) Wood G.B. (zu shaoyang) 

















channels). a Yin axes connections/hand-foot pairings shou = hand 

There are two types of Yin—Yin connection: F Deep Yin-Yin connections aoe 

e the Yin axes connections or hand-foot pairings (taiyin, jueyin, Fig. 1.17 Overview of the Yin-Yin connections (primary 
shaoyin), which are non-circadian (do not flow according to channels) 


the Organ clock) and 
e the (deep) Yin—Yin connections, whose Qi flow follows the 
circadian rhythm of the Organ clock. 


Connections of the Yin axes (hand-foot pairings) 
These Yin—Yin connections support the communication between 
the hand Yin and the foot Yin channels, which convey Qi of the 
same quality (taiyin, jueyin, shaoyin) and serve as a link between 
above and below. Their Qi flow does not follow the circadian 
rhythm of the Organ clock (— Fig. 1.17). 

FIRST CIRCUIT 

SP channel (zu taiyin) = LU channel (shou taiyin) 

SP-20 (zhourong) ™ LU-1 (zhongfu) 

According to Solinas et al. (1998), a superficial branch separates 
from the primary SP channel at > SP-20 and travels to the pri- 
mary LU channel at > LU-1. 

SECOND CIRCUIT 

LIV channel (zu jueyin) ™ P channel (shou jueyin) 

LIV=P 

An internal branch ascends from the Liver, passes through the 
diaphragm, connects with the primary P channel below — P-1 
(tianchi). 

THIRD CIRCUIT 

KID channel (zu shaoyin) ™ HE channel (shou shaoyin) 

KID ™ HE 

An internal branch of the primary KID channel runs to the Liver, 
penetrates the diaphragm and spreads into the Lungs. From the 
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Lung a branch travels to the Heart, where it connects with the 
primary HE channel. 
Many authors give HE-1 (jiquan) as the site of connection. 


Deep Yin-Yin connections 

These Yin—Yin connections facilitate the circadian cycle accord- 
ing to the Organ clock and mark the transitions of the channel 
circuits. They are located deep in the thorax area on the level of 
the zang-Organs. 

CONNECTION OF THE FIRST AND SECOND CIRCUIT 

SP channel (zu taiyin) » HE channel (shou shaoyin) 

SP = HE 

An internal branch of the primary SP channel spreads in the 
Heart and connects with the HE channel. Note: according to 
Hicks et al. (2004, — entry/exit points, > 8.1.16) SP-21 is con- 
sidered to be the exit point of the SP channel and HE-1 the entry 
point of the HE channel. 

CONNECTION OF THE SECOND AND THIRD CIRCUIT 

KID channel (zu shaoyin) ™ P channel (shou jueyin) 

KID™P 

An internal branch of the primary KID channel travels to the 
Kidneys, then to the Liver, penetrates the diaphragm and spreads 
into the Lung. From the Lung, an internal branch runs to the 


Heart, where it meets the primary P channel and also reaches 
— Ren-17 (shanzhong/danzhong). Note: according to Hicks 
et al. (2004, — entry/exit points > 8.1.16) KID-22 is considered 
to be the exit point of the KID channel and P-1 the entry point of 
the P channel. 

CONNECTION OF THE THIRD AND FIRST CIRCUIT 

LIV channel (zu jueyin) ™ LU channel (shou taiyin) 

LIV™P 

An internal branch of the LIV channel originates in the Liver, 
passes the diaphragm, spreads in the Lungs and connects with 
the LU channel through a network of branches. Note: according 
to Hicks et al. (2004, > entry/exit points — 8.1.16) LIV-14 is 
considered to be the exit point of the LIV channel and LU-1 the 
entry point of the LU channel. 


1.2.3. The Six Great Channels (Jiu jing) 


Based on the Yang—Yang and Yin—Yin connections (— 1.2.2, > 
Fig. 1.16, — Fig. 1.17), primary channels of the same nature and 
quality can be divided into six great channels (Jiu jing) or 
hand-foot pairings (or axes). They represent the three great 
Yang channels and the three great Yin channels. 





Channels 
Exterior 


Trajectory 


Amount of Qi and Blood 





Yang channels (hand-foot pairings) 

















taiyang Latero-posterior aspect of the Interior Exterior Less Qi, more Blood 
(S.1L., BL) four extremities, posterior aspect Yin Yang Qi < Blood 
of the head and body 
Anterior Ll. + ST 
yangming 
jueyin | shaoyang 
Posterior HE + KID S.l. + BL 
shaoyin | taiyang 
a 
shaoyang Lateral aspect of the four lnterior. (Exterior More Qi, less Blood 
(T.B., G.B.) extremities and torso Yin Yang Qi > Blood 


b 


Anterior LI. + ST 
yangming 

Posterior no KID S.l. + BIE 
shaoyin | taiyang 





P + LIV |T.B. + G.B. 
jueyin | shaoyang 

















Fig. 1.18 Overview of the six great channels (/iu jing) 
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Yang channels (hand-foot pairings) 
yangming Latero-anterior aspect of . , More Qi, more Blood 
(ST, L.1.) the four extremities, frontal ae “Ona: Qi = Blood 
aspect of the head (face, 
forehead), anterior aspect of 
the trunk Anterior Ld. + ST 
yangming 
jueyin shaoyang 
HE+ KID} S.I. + BL 
c 
Yin channels (hand-foot pairings) 
taiyin Medio-anterior aspect of the Interior | Exterior More Qi, less Blood 
(LU, SP) four extremities as well as Yin Yang Qi > Blood 
the thorax and abdomen 
Anterior Ld. + ST 
yangming 
jueyin shaoyang 
Posterior get EID 
shaoyin 
d 
jueyin Middle of the medial aspect Less Qi, more Blood 
(P, LIV) of the four extremities as well Interior | Exterior Qi < Blood 
as the thorax and abdomen Yin Yang 
Anterior Ll. + ST 
yangming 
Middle T.B. + G.B. 
shaoyang 
Posterior 
e 
shaoyin Medio-anterior aspect of the ; ; More Qi, less Blood 
(HE, KID) four extremities as well as a ped Qi > Blood 
the thorax and abdomen mn ang 
yangming 
P+LIV | T.B.+G.B. 
jueyin shaoyang 
; HE + KID) S.1. + BL 
Posterior taiyang 
f 
Interior 











Fig. 1.18 (cont'd) Overview of the six great channels (liu jing) 
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Names and functions of the six great 
channels (liu jing) 


Tai means ‘greater’, ‘highest’ 

The polarised energy (Yang or Yin) develops and reaches its 
maximum activity in the taiyang or taiyin channels. Here, the 
maximum level of the respective polarity is reached and 
begins to fall again. ‘Taiyang opens to the outside’ means that it 
spreads to the Exterior (> see comments below under yang- 
ming, also > Fig. 1.19). 


Shao means ‘less’ or ‘younger’ 

The polarised energy (Yang or Yin) is less in the shaoyang or 
shaoyin channels than in the taiyang or taiyin channels. This also 
manifests in their location: the shaoyang channels are located 
midway between the inside (or anterior aspect) and the outside 
(or posterior aspect) of the body, acting like a hinge. According 
to Larre and Rochat de la Vallée (1986), shaoyang should be 
translated as ‘young Yang’. In their view it is positioned between 
the outside (the other two Yang channels) and the inside (the 
other three Yin channels). 

Depending on the interpretation, the shaoyin channels are con- 
sidered either to be located between the faiyin and the jueyin 
channels or to be the deepest of the six channels. Thus they are 
either seen as a hinge or as a fixed central point (for more detail 
see — Depth organisation of the channels). 


Ming means ‘clear’, ‘bright’, ‘radiant’, ‘shining’ 
‘Yangming closes towards the inside — yangming contracts 
towards the inside.’ 

The yangming channel has some unique features. Based on its 
course alone, it is not ‘Yang’ like the other two Yang channels, 
but it develops as a Yang phenomenon within the Yin aspect of 
the body (partially anterior pathway of the ST channel). 

The character for ming is composed of the radicals for the sun 
and the moon. The character for Yang also contains the sun radical. 
According to the Su Wen, the yangming is where the two Yang 
shine together. Thus, the two suns can be symbolically interpreted 
as a doubling of Yang energy. Taiyang and shaoyang are ‘Yang’ 
simply due to their physical location. Yangming, however, is 
“Yang’ due to the content of its stored energy. This raises the ques- 
tion as to why the yangming channel is so abundant, why it carries 
so much Qi and Blood. Pirog (1996) explains this fact based on 
embryonic development. The ‘closing’ of the yangming’ can be 
equated with the image of a curled-up embryo (— Fig. 1.19). 
Because of its contracting, ‘closing’ position, the energy of the 
yangming channel can be compared to the compressed energy in a 
pressure cooker. Thus the ‘Yin’ process of contracting towards the 
Interior results in producing Yang or, in other words, compression 
of the energy in the Interior. 


This naturally compressed energy is utilised in clinical practice. 
The yangming channels, but especially the ST channel, can be 
accessed, either by massage or by acupuncture, to supply the 
whole body with the energy stored and accumulated here. By the 
same token, the yangming channels can be needled in order to 
drain excess Heat — a procedure comparable to a controlled 
release of steam from a pressure cooker. 


Jue means ‘absolute’, ‘at the end’, ‘exhausted’ (also, 
according to Wiseman, ‘to revert’) 

The polarised energy (Yin) in the jueyin channel represents the 
terminal phase of the Yin; here polarity changes to Yang (— see 
below for more detail). 








Interior: 
Contraction 


Exterior: 
Expansion 























Fig. 1.19 Embryonic development of the yangming and taiyang 
channels (according to Pirog 1996) 


The six great channels (liu jing): 

relationships and depth organisation 

The systemic division of the channels into six levels or stages is 
mainly associated with the Shang Han Lun, a herbal classic. But 
according to Pirog (1996), this system can also be used as a par- 
adigm for acupuncture, since it provides fundamental ideas 
regarding the functions of the points and channels as well as the 
relationships among the channels. It focuses particularly on 
changes of characteristics of the channel Qi, depending on which 
level it is acting within the body. The channels can be described 
as being stacked one upon each other, similar to layered rocks in 
a quarry. The depth of a channel or a point will be indicative of its 
function and significance. The postulate is that the more deeply a 
channel is located in the body, the more deep-seated its functions 
are and the more deep-seated illnesses it will be able to treat. 
They are not static, however. Depending on their location in the 
human body, they are indeed living structures with specific activ- 
ities such as openers, closers, hinges or pivots, reflected in the 
meaning of the Chinese names. Fig 1.20 illustrates the arrange- 
ment of the six great channels from the outside to the inside, 
resembling the layers of an onion (— Fig. 1.20). 
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protection 
diode 4+ 





Fig 39. Measuring Current with an Analogue 
Multimeter 








Blocking 


Fig 39a. The Solar Panel and the Blocking 
Diode 








ino 


will 


the 


Fig 39b. The Solar Panel with diodes 








: Diodes are given different names, 
Blocking according to their function. They all 


perform the same job by passing current 


in the opposite direction. 
Sol Bypass When the top solar panel is shaded by a 
P ° = “\. Diode cloud, it generates less current and this 


By placing a diode across the panel, the 
diode will pass the current produced by 


These diodes are called BYPASS 
DIODES. 


Basic Electronics 1A 


"breaking into the circuit" 
and inserting the leads so 
the positive probe is 
closest to the positive of 
the battery. 

If you connect the leads 
around the other way, the 
needle will not move but it 
will hit the "end stop" and 
you may have to "bump" 
the meter to get the pointer 
to move from its jammed 
position. 





to Index 


A DIODE is also used with a solar 
panel to prevent the battery 
discharging into the solar panel when 
the sun is not shining. 

When the solar panel is not receiving 
any light it becomes a resistor with a 
large value and a small current can 
flow through it from the battery. The 
diode prevents this current-flow. The 
diode is called a BLOCKING 
DIODE. 


to Index 


ne direction and prevent current-flow 


reduce the current into the battery. 


lower panel to the battery. 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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Nguyen Van Nghi (1996) compares the three Yin and three Yang Taiyang opens to the outside Yangming closes towards the inside 
channels to doors. The door (taiyang or taiyin) is closed to pre- to the Yin channels 

vent the entry of unwelcome guests such as external pathogenic 
factors. But the door can also be opened to let in friends. 
Whether the door opens and closes well depends largely on the 
hinges (shaoyang, shaoyin). Only if the hinges function 
smoothly can the energy circulate adequately. The doorframe 
(or closing mechanism) (yangming, jueyin) closes towards the 
Interior; in other words, it protects and supports what is con- 
tained on the inside. (— Fig. 1.21). 
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Fig. 1.21 The six great channels as opener, hinge and frame of 
a door 


The literature is somewhat contradictory about which are the 





Interior deeper of the six great channels, the shaoyin or the jueyin chan- 
Yin channels nels. Pirog (1996) has contributed an interesting theory in sug- 
gesting that the shaoyin channels occupy the deepest position in 
the body. They are located in such a medial location (near the 
middle of the body) that, when a person is standing in a normal 
position, the shaoyin channels are covered and not directly visi- 
ble. According to Pirog, the shaoyin does not function like a 
hinge, but rather like a fixed pivot, similar to the axis of a mill 
wheel, which itself is immobile, but is able to cause movement. 
When the Qi has reached the deepest point of the shaoyin, and the 
“Yin of the jueyin is exhausted’, it has to revert. In other words: it 
has to return to a more superficial level on the outside or it has to 
transform into Yang. In that sense, it is the P and LIV channels 
that again start the flow of the Qi towards the Yang, from the 
inside to the outside and from below to above (— Fig. 1.22). 











=== Yang channel 
== Yin channel 
saat Deep Yin-Yin connection (Circadian) 


Fig. 1.20 Relationships of the three Yin and three Yang 
channels (according to Nguyen Van Nghi, 1996) 
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Exterior 
Yang channels 
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Interior 
=— Yang channel Yin channels 


=== Yin channel 











Fig. 1.22 Depth organisation of the six great channels 
(according to Pirog, 1996) 


Confluent or connecting points of the six 
great channels (liu jing) 

The primary Yin channels (/iu jing) connect in the thoracic 
region (see also — Yin axes or hand-foot pairings > 1.2.2, Fig. 
1.17). In contrast, the primary Yang channels connect in the 
cranial region (see also — Yang axes or hand-foot pairings Orbital 
— 1.2.2, Fig. 1.16). Many schools of thought suggest the con- 
nections of the channels of the same nature and quality at the fol- 
lowing six confluent points: 





Fig. 1.23 Confluent points of the six great channels 





Yin channels LU-1 (zhongfu), P-1 (tianchi), H-1 (jiquan) 
Yang channels BL-1 (jingming), G.B.-1 (tongziliao), 
ST-1 (chengqi) 
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Starting and end points of the six great 
channels (liu jing) 

Fig. 1.24 shows the starting and end points of the six great chan- 
nels on the feet or hands respectively. 


Great Yang channels 







._ 1.B.-1 





| yangming 


taiyang 
Se 










ae _ = al 


Great Yin channels 





tain | 





Fig. 1.24 Starting and end points of the jiu jing 


Root points and binding points of the six 

great channels (liu jing) 

According to Chapter 5 of the Ling Shu, each of the six great Root points of the three Yin channels (— Fig. 1.24) 
channels (iu jing) has a root point (gen) and a binding point (jie). These always represent the first point of each great Yin channel. 


Root points (gen) 

















At the root point, the polarised energy (Yin/Yang) of a great taiying (SP = LU) SP-1 (yinbai) 
channel is at its minimum — this point marks the end of the Yang Juey euEIY ail 2) LIV-1 (dadun) 
or the beginning of the Yin. The root points are all located on the shaoyin (KID = H) KID-1 (yongquan) 





foot (— Fig. 1.24). 
Binding points ( jie) 











Root points of the three Yang channels (- Fig. 1.24) The binding point is the point at which the polarised energy 
These always represent the terminal point of each great Yang (Yin/Yang) of a great channel reaches its maximum level. It is at 
channel. this point that the hand channel and the foot channel are connected. 

taiyang (S.I. = BL) BL-67 (zhiyin) 

shaoyang (T.B. ™ G.B.) G.B.-44 (zuqiaoyin) 

yangming (L.I. ™ ST) ST-45 (lidui) 
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Binding points of the three Yang channels 
These are the switching points of the great Yang channels (hand 
to foot) and are located in the cranial region. 





taiyang (BL ™ S.I.) 
shaoyang (G.B. ™ T.B.) 
yangming (ST ™ L.L.) 


BL-1 (jingming) 
T.B.-21 (ermen)* 
ST-1 (chenggi)** 




















Binding points of the three Yin channels 
These are the switching points of the great Yin channels (foot to 
hand) and are located in the thoracic or abdominal region. 


taiying (SP ™ LU) 
Jueyin (LIV = P) 
shaoyin (KID = H) 


Ren-12 (zhongwan) 
Ren-18 (yutang) 
Ren-23 (liangian) 




















1.3. Divergent Channels (jing bie) 


Synonyms: Channel divergence (Wiseman), separate pathways 
(Larre and Rochat de la Vallée). 

Character: bie means diverging, separating, branching off. In this 
sense, the 12 divergent channels can be seen as branches of the 
primary channels. 


General pathways of the divergent channels 
(— Fig. 1.25) 

The 12 bilateral divergent channels, which have no specific points 
of their own, are named after and are dependent on their corre- 
sponding primary channel. 

They can be divided into six great Yin and six great Yang 
pairs and have their own system of six confluences (reunions): 
BL/KID, G.B//LIV, ST/SP, S.1./H, T.B./P, L.L/LU. According to 
Ramakers (course material, 2003) the divergent channels follow 
their own (non-cosmic) daily biorhythm: 

BL = G.B.= ST ™ S.I. = T.B. = L.L = KID ™ LIV = SP 
=H=P= LU. 

All divergent channels separate (/i) from their corresponding 
primary channel on the extremities, except for the divergent T.B. 
channel, which branches off on the head. But many authors sus- 
pect that their pathways begin before the actual branching off. 
Based on this assumption, the divergent channels begin at the 
distal ends of the primary channels, running parallel to them, but 
as separate entities. The circulation in the divergent channels is 
of a centripetal nature (— 1.1.1); in other words, the flow is 
always from a distal in a proximal direction, towards the trunk 
and the head. After separating from the primary channels, they 





* According to Nguyen Van Nghi (1996) and Solinas et al. (1998), this is G.B.-2 
(tinghui) 

** According to Nguyen Van Nghi (1996) and Solinas et al. (1998), this is ST-8 
(touwei) 


—p— 


enter deeper (ru) into the body and, after completing their inter- 
nal pathway, they re-emerge close to the surface of the body 
(chu). The divergent channel pairs (Yin/Yang) pass together 
through the Interior of the body to join (he) their pertaining pri- 
mary Yang channel in the occipital or cranial region. It is this 
joining of the courses that is referred to as the six confluences 
(or reunions) (liu he). 


Pathways of the divergent Yin channels 

After separating from their primary channels, they connect with 
their pertaining zang-Organ, then with the Interiorly-Exteriorly 
paired fu-Organ. They continue their flow in the upper half of 
the body together with their paired divergent Yang channel to 
join the paired primary Yang channel. In contrast to the diver- 
gent Yang channels, the divergent Yin channels will not return to 
their pertaining primary Yin channel after having completed 
their internal pathway (— Fig. 1.25). 


Pathways of the divergent Yang channels 

After separating from their primary channels, the divergent 
Yang channels travel to their pertaining fu-Organ, then to the 
Interiorly-Exteriorly paired zang-Organ. They connect again with 
their pertaining primary channel and also with their Interiorly- 
Exteriorly paired divergent Yin channel in the upper half of the 
body (— Fig. 1.25). 


The divergent channels and the Heart 

All divergent channels pass the thoracic region and the Heart, 
except for the divergent channels of the LU, L.I. and KID. 
According to Shima and Chase (2001), this means that all diver- 
gent channels passing the thorax will communicate with the 
True Qi (zhen qi), representing the synthesis of the Gathering Qi 
(zong qi) and Original Qi (yuan qi) (> 1.1.4). They suggest that 
this hypothesis is in accordance with all the information avail- 
able about the divergent channels, and explains furthermore why 
the divergent channels are so useful in the treatment of deep- 
seated Organ disorders as well as for disharmonies of the Defen- 
sive Qi (wei qi). It supports the image of a divergent channel as 
a fundamental axis between the Interior and the Exterior of the 
body. In the opinion of Shima and Chase (2001), the divergent 
channels are an invaluable connection to facilitate the return of 
the Defensive Qi (wei gi) to the Interior of the body and to trans- 
fer the fundamental inner Original Qi (yuan qi) to the periphery. 
In that respect the Original Yang (yuan yang) not only touches 
upon, but also strengthens the Defensive Yang (wei-yang). 
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Fig. 1.25 Schematic illustration of the divergent channel 
pathways (according to Shima and Chase 2001) 


Functions 

The divergent channels reinforce the circulation of and commu- 
nication between the primary channels in the Interior of the 
body. On the one hand, this is achieved due to their connection 
with the primary Yang channels (— pathways). But their 
organisational structure also supplements the primary channels in 
a functional way — for example they also control areas of the body 
not covered by the primary channels. Thus points on the primary 
Yin channels can affect the head and face, in spite of their ‘exter- 
nal’ pathways ending in the thoracic region. This effect can be 
explained by the fact that the Yin divergent channels, after 
branching off from their pertaining primary Yin channel, pour 
into the Yang divergent channels flowing to the head. A deeper 
understanding of the trajectory and functions of the divergent 
channels will in turn lead to a better understanding of the clini- 
cal application of some commonly used acupuncture points. 
Since their pathway passes the Heart and thorax, the divergent 
channels further strengthen the connection to the Heart 
(— explanations above). According to some schools, they can 
therefore also be used for the treatment of psychosomatic disorders. 
Many interpretations and variants exist regarding the pathways 
and clinical application of the divergent channels (for a good 
overview see — Shima and Chase 2001). 


1.4 The 12 Sinew Channels 
(jing jin) 
Synonyms and translations: muscle channels, muscular meridi- 


ans/the muscles in connection with the meridians (Larre and 
Rochat de la Vallée), muscle regions, channel sinews. 


1.4 The 12 Sinew Channels (jing jin) 


Principles of the sinew channel system 

The sinew channels mainly represent the muscles, sinews and 
ligaments located along the pathways of the primary channels 
and their pertaining connecting vessels. They do not have their 
own specific points and also no direct connection to the zangfu- 
Organs. The 12 bilateral sinew channels are connected to and 
named after their pertaining primary channel. Each sinew channel 
has its own pathway, which generally follows the trajectory of its 
pertaining primary channel. However, in contrast to the primary 
channels, the sinew channels always begin at the extremities, 
mostly separating from the primary channels at the jing-well 
points (— 8.1.6) on the tips of the fingers and the toes. Their 
pathways always run from the extremities to the trunk or further 
to the head and face (— centripetal circulation > 1.1.1). They 
cover a larger area than the primary channels, in the shape of a 
band and binding (jie) like a spindle at the joints and other areas 
of the body. This allows them to cover areas of the body which are 
not reached by the primary channels or the divergent channels. 
It further explains the actions of some of the points located on their 
pertaining primary channel. Under pathological conditions, the 
sinew channels will manifest as so-called ashi-points (a shi xue) 
or as trigger points. 


Terms 

Binding (jie) refers to spindle-shaped concentrations of the sinew 
channels, which tend to be located on the bigger muscles and joints 
(for more details on specific sinew channels see > Chapter 4). 
The term ju (point of confluence, gathering) is used to signify an 
area where two or more sinew channels are bundled together. In 
the larger muscles, the Qi disperses or spreads (san), so that they 
can be divided into smaller muscle groups. The sinew channels 
connect (/uo) the muscles, sinews and ligaments with the joints 
in order to facilitate mobility. 


Rhythm of Qi flow 

According to Ramakers (course material, 2003) the sinew chan- 
nels are subject to their own daily rhythm of Qi flow: 

BL = G.B. = ST ® S.L. = T.B. = LI. = SP = LU = LIV 
= P= KID ™ HE. 
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General pathways of the sinew channels 

(— Fig. 1.26) 

e The three hand Yang sinew channels (L.I/S.1./T.B.) flow 
from the finger tips towards the scapula, ascend to the ear and 
intersect with G.B.-13 (benshen) 

e The three foot Yang sinew channels (ST/BL/G.B.) run from 
the tips of the toes towards the head, join each other on the 
cheek and meet with S.I.-18 (quanliao) 

e The three hand Yin sinew channels (HE/P/LU) flow from the 
finger tips towards the thorax, joining within the thoracic 
musculature and meeting at G.B.-22 (yuanye) 

e The three foot Yin sinew channels (LIV/KID/SP) run from 
the tips of the feet towards the thorax, join each other in the 
genital region and, depending on the author, intersect in the 
area of Ren-2 (qugu) or Ren-3 (zhongji) 





G.B.-13}-----__ 




















Hand Yang channels lip oereeoen | 
(S.L, T.B., L.L.) g ae 9 
saat 4 
—— y —— 
Foot Yang channels a ae 
(BL, G.B., ST) os 
G.B.-22+----7 7 
Hand Yin channels 
(LU, P, HE) 
Ren-3 ------..___ |. ; 
or 
Ren-2 +---7" 











Foot Yin channels 
(SP, LIV, KID) 





Fig. 1.26 Meeting points of the sinew channels 


Functions 

The main function of the sinew channels is to distribute Qi and 
Blood (xue) over the surface of the body as well as to integrate 
the muscles, sinews and ligaments with the joints. Generally, the 
sinew channels join groups of synergistic muscles, supporting 
their mobility and natural movement while also serving the 
function of integrating the surface of the body. At the same time 
they protect the bones and skeletal structure, linking the struc- 
tures of the body. 

Proper functioning of the muscles is dependent on the Spleen 
(pi) and the Liver (gan) and particularly on their Blood (xue). 
While the Yin (or material) aspect of the musculature, the 
‘flesh’, is governed by the nourishing function of the Spleen, the 


functioning of the muscles and sinews is governed by the Liver. 
But the Liver is also connected to the mesenchymal structures of 
the body, especially those surrounding the organs. The sinew 
channels are not only composed of the muscular structures, but 
also of the mesenchymal formations, so that according to Larre 
and Rochat de la Vallée they are also involved in the structural 
aspect of the diaphragm as well as the thoracoabdominal serous 
membranes, in particular the pleura, peritoneum and pericardium. 
In the deeper parts of the body they act through the deep muscular 
fascia. One of the main functions of the sinew channels is that of 
a ‘protective coat’ that shields the body against attacks from the 
Exterior. In this respect the Defensive Qi (wei qi) is of particular 
importance ((— 1.1.4): the muscle spindles are crossed by loose 
and diffuse flows of Qi, which also contain Defensive Qi (wei gi). 
Nutritive Qi (ying qi) is also present, particularly at the outer 
ends of the spindles (> 1.1.4). 

The sinew channels also have the task of barring access to the 
deeper channels. In other words, in a pathological situation, a 
deeper channel can only be reached if the resistance of the mus- 
cular layers can be broken. An important aim of Tuina therapy is 
to remove muscular tension. According to Larre and Rochat de 
la Vallée (1996), the sinew channels also play a role in psycho- 
somatic disorders since they very effectively constitute the 
muscular carapace. The authors refer here to a bioenergetic 
interpretation of muscular tension. 


Clinical and therapeutic importance 

Disorders of the sinew channels will show the following symptoms 

along their pathway: muscular tension, pain, cramping, spasms, 

stiffness, but also paralyses, weakness and swellings of the mus- 

cles, tendons and ligaments. Any impairment of range of motion 

of the joints also indicates that the sinew channels are involved. 

In addition, each sinew channel also has its specific symptoms 

(— chapter 4, individual channel descriptions). 

The following factors can contribute to disorders of the sinew 

channels: 

e Bi syndromes — external invasion of pathogenic Wind, Cold, 
Damp or Heat 

e Traumatic injuries 

e Muscle strain through over-use 

e Muscle strain and contraction due to longstanding emotional 
and mental stress 

While the sinew channels do not have their own specific points, 

they can easily be accessed by needling ashi-points, as well as 

through adjunctive therapies such as cupping, Tuina massage, 

plum blossom needling, moxibustion and gua sha (scraping 

technique). Distal points can also be used in treating disorders of 

the sinew channels. 
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For traumatic injuries with limited range of motion, needling of 
distal points with simultaneous movement of the affected joint 
has proven to be very effective. The distal points (> 8.2.1) can 
be chosen by first determining the affected area, then needling 
points in the corresponding area on the contralateral side. 

For example, for a knee injury, the exact location of the pain is 
determined, then the corresponding point or area on the contra- 
lateral elbow is needled or massaged. Fig. 1.27 illustrates the areas 
that have been found to be effective. These areas are also referred 
to as reciprocal areas (for more detail also see — 8.2, 8.3). 
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1.5 Luo-Connecting Vessels 


Synonyms: secondary pathways (Larre and Rochat de la Vallée), 
network vessels, collaterals 


Organisation 

The /uo-connecting vessels can be divided into 15/16 great luo- 
connecting vessels as well as into many smaller and more super- 
ficial Juo-connecting vessels. Looking at the /uo-connecting 
vessels altogether, they form a network that spans the entire body. 
And all /uo-connecting vessels in turn connect with the great 
luo-connecting vessel of the Spleen (at + SP-21), which plays a 
major role within the network of the /uo-connecting vessels (Ling 
Shu, Chapter 10). Together with the primary channel system, 


1.5 Luo-Connecting Vessels 


they form a network of vessels which distribute Qi and Blood 
not only within the body, but also to its surface (— Fig. 1.3, 1.4). 


The 16 great /uo-connecting vessels 
Traditionally there are 15 Juo-connecting vessels, but if one 
includes the great /uo-connecting vessel of the Stomach (wei zhi 
da luo or xu Ii), it raises the number to 16: 
e 12 luo-connecting vessels (uo mai), related to the 12 primary 

channels and beginning at the extremities 
e 4 luo-connecting vessels beginning at the thorax: 

— 2 luo-connecting vessels of the ren mai and du mai 

— 1 great Juo-connecting vessel of the Spleen 

— 1 great Juo-connecting vessel of the Stomach. 
Except for the Great /uo-connecting vessel of the Stomach (xu 
li) which originates in a fu-Organ, all other 15 /uo-connecting 
vessels emerge at a specific point on their pertaining primary 
channel, the /uo-connecting point (— 8.1.2). 13 /uo-connecting 
points are located on primary channels, two on extraordinary ves- 
sels (ren mai and du mai). The [uo-connecting points are located 
on areas of the body, where the /uo-connecting vessels that con- 
nect the Interiorly-Exteriorly pertaining channels with each 
other divide into smaller vessels. The 15/16 /uo-connecting ves- 
sels thus fulfil a controlling function over all the other, smaller 
luo-connecting vessels. Each /uo-connecting vessel has its own 
pathology according to its pertaining primary channel (— intro- 
ductions to the primary channels —~ Chapters 4 and 5). 


Superficial luo-connecting vessels 

The smaller superficial /uo-connecting vessels are sub-branches 
of the ‘great’ Juo-connecting vessels. They, in turn, are divided into 
the sun luo, vertical branches which are sometimes also referred 
to as tertiary branches or grandchild-vessels. The sun luo not 
only spread over the surface of the body, but also cover the inter- 
nal Organs. The sun /uo further divide into the more superficial 
Ju luo. The fu luo again divide horizontally into small branches 
called the xue luo (blood vessel network). 

Pathogenic factors tend to enter the body through the superficial 
luo-connecting vessels. By the same token, disorders such as Qi 
or Blood stagnation in a primary channel or an Organ may man- 
ifest in the xue luo as skin discolorations, spider veins, etc. 


Clinical importance 

The /uo-connecting vessels can be accessed through superficial 
needling techniques as well as skin-sensitising techniques such 
as plum blossom needling, bloodletting, cupping, gua sha and 
moxibustion. 


New diseases are located in the primary channels; old (chronic) 
diseases lodge in the /uo-connecting channels. 


23 


Ch01-F10028.qxd 


2/22/08 2:30 PM Page 24 


1 jing luo (Channel and Network Vessel System) 


24 


1.6 Cutaneous Regions (pi bu) 


Characteristics 

The cutaneous regions form the most superficial aspect or outer 
cover of the primary channel system (pi = skin). According to 
Ramakers (course material, 2003), they can be compared to a 
‘big bag that holds everything together’ and — besides the extra- 
ordinary vessels — they represent the oldest tissue in the body, 
which developed from the ectoderm. The cutaneous zones are not 
channels per se, but rather areas of skin connected to and cover- 
ing the network of superficial channels and vessels. They are 
named after the six great channels (Jiu jing > 1.2.3) (Fig. 1.28). 










 taiyang 
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Fig. 1.28 Cutaneous zones (anterior and posterior aspect) 


Functions 

The cutaneous zones circulate Blood and Qi, especially Defen- 
sive Qi (wei qi), to the surface of the body and regulate the skin 
and pores, thus strengthening the body’s defences. Proper func- 
tioning depends on the Lung Qi, which governs the skin, and the 
Defensive Qi (wei gi) (7 1.1.4). Pathogenic factors can enter 
and exit the body through the cutaneous zones. 


Clinical importance 

Disorders of the primary channels and their pertaining zangfu- 
Organs may be reflected on the outside of the body by the cuta- 
neous zones, for example pathological skin sensations, lesions 
or discolorations may occur. A bluish-greenish discoloration 
may indicate pain or obstructions, a reddish colour Heat and a 
pale-whitish colour deficiency or Cold. Therefore, the cutaneous 


zones can serve as a diagnostic tool for skin disorders or pain, 
specifically for chronic pain. Treatment techniques include 
superficial needling, plum blossom needling, cupping, massage, 
and gua sha (Chinese scraping technique). The author had good 
results in the treatment of chronic pain with the somatopic 
wrist/ankle acupuncture developed by Dr Zhang Xin Shu 
(— JCM, No. 37,11/1991, — Focks and Hillenbrand 2003). The 
strictly subcutaneous needling used in this technique influences, 
of course, the cutaneous zones. 


1.7 The Eight Extraordinary 
Vessels (qi jing ba mai) 


Synonyms: Extraordinary meridians, Wondrous meridians 
Meaning of qi jing ba mai: 

Qi: extraordinary, strange, not paired, miraculous, wonderful 
Jing: channels, meridians 

Ba: eight (first differentiation) 

Mai: vessels 

The eight extraordinary vessels are not channels such as the jing 
mai, but they are — as the name implies — extraordinary. While 
they are often mentioned together with the primary channels 
(jing mai > Fig. 1.3), they still play a special role. 


1.7.1 Theories about the Origin of the 
Extraordinary Vessels 


The eight extraordinary vessels are often considered to be the 
deepest and most original structures of the body and channel 
system, developing very early on during the embryonic phase. 
They are considered to ‘cover all of human activity’ (Larre et al 
1986). They also initiate all secondary functions and always 
remain operative. Therefore, their pathologies manifest with 
complex symptoms and include pre- and postnatal Essence 
problems. The Nanjing (Unschuld’s translation, 1986) is the first 
to describe the extraordinary vessels as a complete system. Ear- 
lier records only mention them individually in the context of 
their respective functions. 


Origins of the extraordinary vessels 

In order for the manifestations of life to develop, the body 
requires structures that keep the rhythm of the Qi and its related 
processes in harmony and balance. The Nanjing introduces the 
concept of an energetic centre in the human body, the ‘moving 
Qi between the Kidneys’, which is often seen as connected with 
the mingmen and qihai dantian and is subject to the influences 
of the cosmic as well as of the prenatal and postnatal Qi. 
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According to Matsumoto and Birch (1986), the ‘moving Qi 
between the Kidneys’ represents the Taiji of the body, the Great 
One, the origin of Yin and Yang. It is considered to be the root and 
origin of all human systems and structures and, according to some 
authors, it has a connection to the Original Qi (yuan qi) (7 1.1.4). 
The chong mai, as the oldest vessel, is sometimes equated with the 
‘moving Qi’. The ren mai and du mai represent the basic division 
of the Yin and Yang in the body; in other words, they originate 
from the ‘moving Qi’ or chong mai as Yin and Yang branches. 
During the ‘division’, one movement ascends the front of the body 
(ren mai), the other movement the back (du mai). 

Heaven and Earth have noon and midnight, the body has the ren 
mai and du mai as its polar axes. The du mai, ren mai and chong 
mai have different names, but in the end they are the same and 
have the same significance. The chong mai ensures the insepara- 
bility or unity of the du mai and ren mai — of Yin and Yang. If we 
tried to separate Yin and Yang, we would have to realise that 
they are an ‘inseparable whole, a unit’. 

Therefore, the extraordinary vessels function as a kind of matrix, 
which is the source of the energetic functioning and the cellular 
divisions in the body. This matrix is present from the moment of 
conception and organises the structuring of the embryonic devel- 
opment from the earliest stages. 


Explanation of Fig. 1.29 (after Matsumoto and Birch) 
In the beginning, there is the Great One, the Taiji (first level). At 
this level of ‘no-form’, the Great One begins to separate (second 
level) and becomes Yin and Yang (third level). At the fourth 
level, Yin and Yang separate twice (two branches): 

e One branch separates in a threefold way to become the 
Triple Burner (san jiao) and its associated forms of Qi. Fur- 
ther separations lead to the formation of the six great channels 
(liu jing — 1.2), the Five Phases and their source, as well as 
the 12 primary channels. 

e The other branch separates at the fourth level to form the 
four body areas (left, right, above, below) and then the eight 
extraordinary vessels. 


1.7 The Eight Extraordinary Vessels (qi jing ba mai) 


First level The Great One 
Second level Separation 
Third level Yin/Yang 
Fourth level 
a 
4 body areas 3 Burners 
Vv Vv 


8 extraordinary vessels 6 levels or great channels 


v 


12 channels 


Fig. 1.29 Origin of the channels 


Scars of the first cell division 

Matsumoto and Birch (1986) comment on the work of Manaka 
and others, who interpret the extraordinary vessels with regard 
to embryonic development, regarding them as scars or ‘lines of 
separation of the first cell divisions’. 

The du mai and ren mai are the result of the first division of 
the fertilised egg, while the dai mai develops during the second 
division. At this stage, the embryo is essentially a torso, while the 
extremities and the more ‘peripheral’ extraordinary vessels — the 
yang giao mai and the yin giao mai as well as the yang wei mai 
and the yin wei mai — only form during subsequent divisions. 


The eight extraordinary vessels and body 

structure 

e According to Manaka et al (1995), a close connection exists 
between the eight extraordinary vessels and body structure/ 
symmetry. 

e The du mai and the ren mai separate the body vertically into 
left and right: the ren mai marks the anterior midline, the du 
mai ascends the posterior midline. 

e The dai mai circles the waist horizontally, forming a hori- 
zontal axis. It separates above from below (— Fig. 1.30 a). 

In a further development of this idea, Manaka describes the divi- 

sion of the body into eight areas, using the structure of a topo- 

logical octahedron for illustration. (— Fig. 1.30 b). In this model, 
the eight extraordinary vessels directly relate to the lines ‘sepa- 
rating’ the faces of the octahedron: 

e Due to their location on the anterior/posterior midline, the ren 
mai and the du mai separate the body into its right and left 
section. 

e The dai mai separates above and below. 

e The G.B. and T.B. channels compare to the anterior and 
posterior dividing lines at the lateral edges of the Yang aspect 
of the body. 


—p— 
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e The P and SP channels compare to the anterior and posterior 
dividing lines at the lateral edges of the Yin portion of the body. 
The opening points of the extraordinary vessels, with the excep- 
tion of SP-4 (a point on the LIV channel would be more appro- 
priate), represent this division: 
e P-6 and T.B.-5 are the opening points of the yin wei mai and 
yang wei mai respectively 
e SP-4 and G.B.-41 are the opening points of the chong mai 
and dai mai respectively. 
These four channels divide the anterior and the lateral aspects 
of the body and connect the upper and lower parts, the four 
associated extraordinary vessels functioning accordingly. The 
yin giao mai and the yang giao mai, due to their connection to 
the KID and BL channels (opening points KID-6 and BL-62) 
have a close relationship to the ren mai and du mai. Furthermore, 
the pathway of the KID channel is located close to the ren mai 
while the BL channel is close to the du mai. 
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Fig. 1.30 Development of the octahedral structure based on 
body symmetry 


—p— 


1.7.2 Principles and Functions 


‘The primary channels are the rivers, the extraordinary vessels 
are the lakes, 

In some of the classics, the extraordinary vessels are compared 
to reservoirs, which store excess Yang, Yin, Qi or Blood, releas- 
ing it into the primary channel system in times of need. With the 
exception of the ren mai and du mai they do not have their own 
points, but they can be accessed through and are connected by 
points on the primary channels (see pathways of the primary 
channels — Chapter 5). All extraordinary vessels (with the 
exception of the dai mai with its horizontal trajectory) begin at 
the lower extremities or in the lower part of the torso and travel 
to the head. They can be activated by needling their opening and 
coupled points (differential therapy — 8.1.8). 


Reservoir and compensation function 

“...when the network vessels (the primary channels) are filled to 
overflowing, none of the... conduits could seize any of their con- 
tents, and it is only then that the surplus contents of these vessels 
flow into the single conduit vessels (the extraordinary vessels)’ 
(Nanjing, translation by Unschuld 1986). 

The Nanjing compares the extraordinary vessels to reservoirs, 
which are able to absorb a surplus of Qi and Blood in the primary 
channels, releasing them again during periods of deficiency. For 
example, if pathogenic factors penetrate the primary channel 
system, this excess can be absorbed by the extraordinary vessels. 
This will ensure that the zangfu-Organs remain unaffected. In that 
sense, the extraordinary vessels have a regulating compensation 
function. 


Reproduction and fertility 
The chong mai and the ren mai in particular, but also the du mai, 
play an important role in reproduction and fertility. 


Connecting the primary channels 

e The chong mai, also known as the ‘sea of the 12 primary 
channels’, connects the primary ST and KID channels. It also 
strengthens the connection between the ren mai and the du mai. 

e The ren mai as the sea of Yin connects all Yin channels 

e The du mai as the sea of Yang connects all Yang channels at 
Du-14 (dazhui). 

e The dai mai circles the body at the waist and binds the verti- 
cal trajectories of all 12 primary channels in general, but 
especially the chong mai, the ren mai and the KID, LIV and 
SP channels. 

e The yin wei mai dominates the Interior of the body and con- 
nects the KID, SP and LIV channels and the ren mai. 

e The yang wei mai controls the Exterior of the body and con- 
nects the BL, G.B., T.B., S.I. and ST channels and the du mai. 

e The yin giao mai connects the KID and BL channels and con- 
trols balance. 

e The yang giao mai connects the BL, G.B., S.I., L.I. and ST 
channels and controls activity. 
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called BLOCKING DIODES and 
BYPASS DIODES. 





Fig 41. Electrolytic Capacitor 








One FARAD is too big to handle. We use smaller values. 

The middle of the range is one microfarad. This is written as 1u. (Sometimes you see uF) 

This is one-millionth of a FARAD. 

The smallest value of capacitance is one picofarad. This is one millionth of a microfarad. 

It is written as 1p. 

Capacitors are broadly separated into two groups. 1p to1u and 1u to 100,000u 

Capacitors 1p to 1u are ceramic, polyester, air, styroseal, monoblock and other names. 
Capacitors 1u to 100,000u are electrolytic or tantalum. A tantalum is the same as an electrolytic 
- for testing purposes - it is a more-compact electrolytic. 
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The next component we cover is 
the CAPACITOR. 

There are thousands of different 
types of capacitor. 

Each value of capacitor can have a 
low voltage rating, medium voltage 
or high voltage. 

Capacitors can be very small in size 
and shape or very stable with 
temperature-rise or simply very 
cheap to make. 

A capacitor consists of two thin 
sheets of metal such as aluminium 
with a thin sheet of plastic between. 
The sheets may be rolled upina 
cylinder or laid on top of each other. 
The fact is this: the top sheet of 
metal does not touch the bottom 
sheet. This is shown in the symbol. 
The resistance between the two 
terminals is INFINITE. 

The 6th capacitor in the top row is 
called a MONOBLOCK. 


to Index 


A capacitor gets bigger as its value 
increases. 

It also gets bigger when the voltage-rating 
increases. 

The basic unit of capacitance is the 
FARAD. A one-farad capacitor would be 
the size of a house. To make the 
capacitor smaller the sheets are etched to 
increase the surface-area and different 
insulating materials are used between the 
sheets. 

The result is a capacitor called an 
ELECTROLYTIC. It is a bit like a 
rechargeable battery. It stores a lot of 
energy in a small space. 

The negative lead is shorter and has a 
black stripe on the side of the electrolytic. 








to Index 
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In addition, the eight extraordinary vessels are regarded as con- 
necting channels for the extraordinary fu-Organs. 


Protection of the body 

The chong mai, ren mai and du mai circulate the Defensive Qi 
(wei gi) in the thorax, abdomen and the back, and thus help to 
protect the body against external pathogenic factors. Due to their 
origin, they are also directly linked to the Kidneys, the pre- 
Heaven Qi and to the constitutional forces. 


1.7.3. Comparison of the Eight 
Extraordinary Vessels with the 
Primary Channels 


1.7 The Eight Extraordinary Vessels (qi jing ba mai) 





Primary channels 


Eight extraordinary vessels 








internal pathway; directly connected to their 
pertaining zangfu-Organs 


Connections They connect the Exterior and Interior (through 
internal/ external pathways and through 
Yin/Yang channels) as well as above and below 
(hand-foot pairing, axes) 


Points, Specific, bilateral points Only the ren mai and du mai have their own points (and internal 

trajectory pathways); all other extraordinary vessels ‘borrow’ points from the 
primary channels. The four central vessels are unilateral (except for the 
chong mai, which also has a pathway on the extremities); the four 
peripheral vessels are bilateral. 

Circulation Continuously circulate Nutritive Qi and Blood Circulate Essence Qi, Nutritive Qi and Defensive Qi, but according to 
some authors they do not have a continuous flow of Qi 

Depth Superficial, external pathway and a deeper, Compared to the internal pathways of the primary channels they are more 


superficial, compared to the external pathways of the primary channels 
they are deeper. They have no direct connection to the zangfu-Organs, 
but their origin — especially of the four central vessels — lies deep within 
the body. 


They do not connect the Interior with the Exterior, nor do they connect 
Yin and Yang. 





Functions Guide excess to the eight extraordinary vessels 
or to other secondary channels 


Reservoir function: excess of Qi and Blood in the primary channels flows 
to the eight vessels and are stored there. In times of deficiency they are 
transported back into the primary channels. 





Diagnosis Diagnosis based on channel theory (meridian 
therapy), in TCM according to the ba gang 











(zangfu, pulse and tongue) 


Diagnosis is characterised by specific arrays of symptoms and specific 
pulses. 
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1 jing luo (Channel and Network Vessel System) 


1.7.4 Pairing and Special 
Functions 


The eight extraordinary vessels can be paired in several ways 


(— Fig. 1.31): 


e The central vessels and the peripheral vessels can be coupled 


to form Yin/Yang pairs 


e Or a central vessel can be paired with a peripheral vessel. 
These pairs support particular regions and are very important 


in acupuncture therapy (— Opening points 8.1.8). 
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ren mai~~ | 
dai mai~~ 





Centre <—~ periphery (Yin-Yin, Yang-Yang) 
Periphery <~ periphery (Yin-Yang) 
b Centre <~ centre (Yin-Yang) 


Fig. 1.31 Pairing of the extraordinary vessels (b, graphic 
overview modified according to Pirog 1996) 
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Pairing according to Yin/Yang polarity 


Pairing of the extraordinary vessels according to Yin/Yang polarity 


Yin vessels 


Yang vessels 


Functions of the Yin/Yang pair 


1.7 The Eight Extraordinary Vessels (qi jing ba mai) 


General functions — Centre/periphery 





Central vessels (pathways on the head and torso) 





Functions: Storage and distribution (of 
Yin and Yang). Foundation of the eight 
extraordinary vessels, stores Essence Qi, is 
responsible for the support of the 





ren mai du mai The du mai can be considered to be the first 
manifestation of the Qi and Yang, the ren mai the first 
manifestation of the Blood and Yin. This pair stores 
the Yin Qi and Yang Qi. 

chong mai dai mai The chong mai is like a harmonious connection 


between Yin and Yang, it expresses vitality and 
sets impulses. 

The dai mai encircles; it is like a container and 
prepares the circulation of Yin and Yang. The pair 
circulates the Essence (jing) and Qi between the 
Yin and Yang regions of the body. 


internal organs and extraordinary fu 
organs, as well as for the fundamental 
body structures 





Peripheral vessels (pathways from the lower extremities to the torso) 





yin giao mai 


yang giao mat 


This pair creates balance between Yin and 

Yang (for example balance between Essence 

(jing) and Qi, Blood and Qi, left and right, 
Nutritive Qi and Defensive Qi, also on the outside — 


Functions: Balance, circulation and 
connection (of the Yin and Yang 
aspects). Provides contact between the 
distal regions of the body and the torso 


















































between day and night), controls and regulates and head. 
the ascending (yin giao mai) and descending 
(yang giao mai) movement in the body, is 
responsible for balance and rhythm between 
Yin and Yang. 
yin wei mai yang wei mai The yin wei mai governs the Interior (/i), it 
organises and creates connections within the 
Yin aspects of the body. The yang wei mai 
governs the Exterior (biao), it organises within 
the Yang aspects of the body. This pair connects the 
Yin and Yang respectively. ‘That which moves and 
circulates between the Yin channels is called the 
yin wei — that which moves between the Yang 
channels is called the yang wei.’ 
Central—-peripheral pairing 
Here, a central vessel is combined with a peripheral vessel. This 
pairing probably refers to regions of the body which are traversed 
and supplied by the pair. 
Central-peripheral pairing of the extraordinary vessels 
Pair Vessel Relationship Opening point Coupling point Supported regions 
Pair 1 chong mai father SP-4 P-6 Heart, thorax, Stomach 
yin wei mai mother P-6 SP-4 
Pair 2 du mai husband S.1-3 BL-62 Inner canthus of the eye, occiput, shoulders 
and back, S.I. and BL channels 
ren mai wife BL-62 S.1-3 
Pair 3 dai mai man G.B.-41 T.B.-5 Lateral eye and temple region, ears, cheeks, 
occiput and shoulders 
yang wei mai woman T.B.-5 G.B.-41 
Pair 4 ren mai host LU-7 KID-6 Face, throat, thorax, Lungs, diaphragm, 
yin giao mai guest KID-6 LU-7 abdomen 
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2 Location Methods and Cun Measurements 


Claudia Focks 


One of the basic prerequisites for any successful acupuncture 
treatment, besides a differential Chinese Medicine diagnosis 
and the relevant point selection, is the correct point location. 


2.1 Location Methods for Body 
Acupuncture 


There are various methods for locating acupuncture points: 

Anatomical approach: many acupuncture points are situated at 

clearly defined anatomical locations, for example in depressions, 

at muscle and tendon insertions, in grooves, at joint clefts, at bony 
prominences, etc. With some experience, the palpating finger will 
often automatically ‘fall’ into the right depressions and holes. 

Various anatomical structures and zones form the basis for point 

location. These are described in more detail in Chapter 3. We 

can distinguish between the following: 

e Fixed markers are not affected by the body position or by 
movement. These include bony landmarks such as depressions 
or prominences of the skeletal system, but also the finger- and 
toenails, the nipples, the umbilicus, etc. Most of the propor- 
tional cun measurements (— 2.2) rely on fixed markers. 

e Movable markers often become more clearly defined with a 
particular body posture or movement (— 2.3.2). For exam- 
ple, by flexing the elbow, the cubital crease becomes much 
more clearly visible to locate L.I.-11 precisely. Equally, the 
most distal palmar crease becomes much more visible when 
making a loose fist, in order to locate §.I.-3. Other para- 
meters that might determine the location of a point include 
changed skin consistency, sensitivity to pressure, puffiness or 
a resistant sensation when palpating gently with a finger. 

Proportional measurements: When trying to locate points not 

situated at any prominent structures, Chinese Medicine applies 

the proportional cun measurement (— 2.2). 

Electric tools: These measure the electric resistance of the skin 

in order to find the correct location of the points. Generally, elec- 

tric resistance is lower in the immediate area around the point. 

This method is especially used in auricular acupuncture, but it 

has not proved to be a practical method for body acupuncture. 

Very point technique (after Gleditsch 2005): The needle is 

held loosely and guided in a ‘dancing’ fashion over the skin. 

When the correct point — the ‘very point’ — is found, the needle 

will ‘catch’ on to it and penetrate the skin as if out of its own 

volition. 


2.2 Cun Measurements of 
the Body 


In Chinese medicine, distances on the body are traditionally 
measured in cun. In contrast to the official Chinese cun 
(1cun = 2.5cm), the cun used in a medical context is a pro- 
portional unit of measurement that takes the individual pro- 
portions of each body into account. 

This relative unit of measurement is defined either by using the 
width of a particular finger or fingers (finger cun) or by the dis- 
tances between clearly defined landmarks of the body (body 
cun). 

In clinical practice, many points can be located by using finger 
cun measurements (— Fig. 2.1). It is important, however, to use 
the patient’s fingers, not the practitioner’s fingers, for refer- 
ence. If the fingers of both the practitioner and the patient have 
approximately the same width, the width of the practitioner’s 
fingers can be applied for point location. Otherwise, measure- 
ments have to be adapted to correct minor deviations, for exam- 
ple by adjusting the spaces (narrow or wide) between the 
practitioner’s fingers when using finger cun measurements. 
The body or proportional cun is based on the proportions of 
particular sections of the body, which are divided into a specific 
number of units (— Fig. 2.3). In clinical practice, the measure- 
ment of these divisions can be quite cumbersome. Therefore, 
the spreading hands technique is commonly applied (Koenig 
and Wancura 1979/1983). It allows the practitioner to quickly 
determine the midpoint of a given distance (— 2.3.3) and, com- 
bined with finger cun measurements and palpation, is in most 
cases sufficient for correctly locating a point. For point location 
on the abdomen, a prepared elastic tape can be useful for meas- 
uring proportional cun (— 2.3.1). 
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2 Location Methods and Cun Measurements 


Finger cun Body cun or proportional cun — the most 
commonly used proportional distances 

Tip for locating the end of the axillary fold: The anterior or pos- 
terior axillary fold defines the end of the axilla, forming a fold in 
the skin (both anteriorly and posteriorly), where the arm joins 
the thorax. The axillary fold is the reference point for any cun 


ff measurements on the upper arm (— Figs 2.2, 2.3, LU-3 and LU- 
k> 4), which can be found by asking the patient to adduct his/her 


arm and to insert his/her flat hand into the axilla. The end of the 
axillary fold points in a superior direction, terminating at the 
lower border of the pectoralis major muscle, which in this area 
extends to its insertion in the humerus, below the deltoid muscle. 
The end of the axillary fold may vary considerably, depending 
on the individual proportions, positioning of the arm and flexing 










































A: B: D: of the muscles. It should therefore be located with the patient’s 
1 cun: 2 cun: 1.5 cun: arms hanging down in a relaxed way. 
thumb index finger finger-width 
Cc: Es 
1 cun: 2 cun: 
middle finger finger-width 
F: f J 
3 cun: 4 
finger-width ra 
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2.2 Cun Measurements of the Body 

















Longitudinal 12 cun From the anterior (— 3.1.1) to the posterior hairline (> 3.1.5) 
3 cun From the midpoint of the eyebrows to the anterior hairline (> 3.1.1) 
3 cun From the lower border of the spinous process of C7 (— 3.4.1) to the posterior hairline (— 3.1.5) 
18 cun From Ex-HN-3 (yintang) to Du-14 
Horizontal 9 cun The distance between the mastoid processes (— 3.1.4) 
9 cun From corner to corner on the forehead (ST-8 to ST-8) 




















Longitudinal 9 cun From the suprasternal depression (Ren-22) to the sternocostal angle (— 3.5, xiphosternal synchondrosis) 
8 cun From the sternocostal angle (— 3.5, xiphosternal synchondrosis) to the centre of the umbilicus 
5S cun From the centre of the umbilicus to the upper border of the pubic symphysis (— 3.5) 

Horizontal 8 cun The distance between the two nipples 

Laterally 12 cun From the end of the axillary fold to the tip of the free end of the 11th rib (LIV-13) 

longitudinal 


Both the spinous processes and the intercostal spaces are used for orientation. Main reference points are: the spinous process of C7, the inferior 
angle of the scapula (level with T7), the iliac crest (level with the spinous process of L4), the posterior superior iliac spine (PSIS) (level with $2 
or the 2nd sacral foramen). Please note: the position of the patient (standing, sitting, lying) as well as individual anatomy and spinal structure 
(kyphosis, lordosis etc.) all influence the level of the vertebrae, which consequently may vary considerably in relation to other anatomical 
structures. For more detail > Chapter 3. 





Longitudinal 


30 cun 


From the spinous process of the T1 to the tip of the coccyx 





Horizontal 


Lateral 


3 cun 


9 cun 


From the medial border of the scapula to the posterior midline (spinous processes), with the shoulder 
relaxed and hanging arms 


From the end of the anterior axillary fold to the transverse cubital crease 





12 cun 


From the transverse cubital crease to the wrist joint space (— 3.3.3, transverse wrist crease) 





























1 cun 





Lateral 19 cun From the highest prominence of the greater trochanter (— 3.6) to the popliteal crease 
16 cun From the popliteal crease to the highest prominence of the lateral malleolus (— 3.6.2) 
14 cun From G.B.-34 (anterior and inferior to the head of the fibula) to the highest prominence of the lateral 
malleolus (— 3.6.2) 
3 cun From the highest prominence of the lateral malleolus (— 3.6.2) to the lower border of the heel 
Medial 18 cun From the upper border of the pubic symphysis (3.5) to the upper border of the patella (— 3.6.1) 
15 cun From the medial end of the popliteal crease to the highest prominence of the medial malleolus (— 3.6.2) 
13 cun From the medial condyle of the tibia ( 3.6.1, junction of the head and the shaft of the tibia) to the 
highest prominence of the medial malleolus (— 3.6.2) 
Dorsal 14 cun From the gluteal crease to the popliteal crease 


Difference between the level of the highest prominence of the lateral and medial malleolus respectively 
(=> 3.6.2) 
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Fig. 2.3 


2.3 Tips for Point Location 
2.3.1 Elastic Tape 


A marked elastic tape has proven a very useful tool for simplify- 
ing cun measurements and facilitating correct point location. It 
is especially recommended for measurements on the abdomen, 
the shape of which can vary considerably from patient to patient 
(Kitzinger 1995). An elastic tape, 1-2 cm wide and approxi- 
mately 40 cm long, is marked at regular intervals of 2 cm, which 
can optionally be numbered from 1-20. The tape is placed onto 
the distance to be measured, stretching it according to the cor- 
rect number of cun for that particular distance. This method 
allows the use of proportional cun for each individual patient. 

Examples: 

e For locating points on the upper abdomen, stretch the tape so 
that eight units cover the distance between the sternocostal 
angle and the centre of the umbilicus (— Fig. 2.4). 

e For locating points on the lower abdomen, stretch the tape so 
that five units cover the distance between the upper border of the 
pubic symphysis and the centre of the umbilicus (— Fig. 2.5). 





Fig. 2.4 





Fig. 2.5 


2.3.2 Patient Positioning and Body 
Movements 


To locate certain points, it can be very helpful to ask the patient 
to assume a particular position or to perform a specific move- 
ment. 

Examples: 

e For locating points on the P channel on the forearm, ask the 
patient to tightly press the thumb and little finger together. 
This will make the tendons more visible (— Fig. 2.6) 

e ‘Tiger mouth grip’ as location help for LU-7 and L.L-6 
(> Fig. 2.7) 

e For locating L.L-4, ask the patient to press his/her thumb and 
index finger together. A muscle bulge will form; L.L-4 is 
located on its highest point (— Fig. 2.8). 

e When turning the wrist joint from a pronated to a half- 
supinated position, the palpating finger will glide into a bony 
cleft just proximal to the styloid process of the ulna (S.L-6, 
— fig 2.9). 

e As the palpating finger glides along the skin, the skin bulge 
forming in front of it will ‘arrest’ the finger at the point to be 
located. This method is very useful for quick location of cer- 
tain points such as T.B.-5 or P-6 (— Fig. 2.10). 


Pressing the thumb and little | Tendon of the Tendon of the 

finger together for better M. flexor M. palmaris 

presentation of the tendons carpi radialis_ longus 
u a aa 





1 a é 
1 u , 
r 2 

1 


%) 
\ 





\ 
Wrist joint space 


Fig. 2.10 





2.3 Tips for Point Location 
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2.3.3 Spreading Hands Technique 
According to Konig and 
Wancura 


The spreading hands technique is particularly useful for quickly 
determining the midpoint of a given distance. For this purpose, 
the little fingers of each hand are placed on the endpoints of the 
distance to be measured. Both hands are then evenly spread over 
the distance. The thumbs are joined in the middle, indicating the 
midpoint of the distance. 

Examples: 

e To determine the midpoint of the 16 cun-distance between the 
popliteal crease and the prominence of the lateral malleolus, 
the little fingers are placed on both endpoints of this distance 
(> Fig. 2.11) 

e To locate Du-20, the hands are placed on the lateral aspects of 
the patient’s head, with the little fingers touching the apices 
of the ears. The thumbs are then joined on the vertex of the 
head, and will be pointing to Du-20 (— Fig. 2.12). 









ST-35 j 
(Level of the 

popliteal 
crease/knee 
joint space) 


Fig. 2.11 





Fig. 2.12 


3 Anatomical Orientation 


Ulrich Marz 





Fig. 3.1 


Coronal suture 


Frontal 


eminence 
vA 






/ 
Sagittal suture 


Occipital bone 
Fig. 3.2 


3.1 Head 


3.1.1 Vertex, Forehead and 
Supraorbital Region 


Vertex (— Figs 3.1, 3.2) 

— Du-20 (baihui) is located at the junction of the cranial mid- 
line and an imaginary line connecting the apices of the ears. 
This point is at a distance of 5 cun from the anterior hairline and 
7 cun from the posterior hairline, marking the highest point of 
the cranium (‘vertex’). 

Please note: When locating Du-20, the patient’s head should be 
in an upright position. Spreading hands technique (after K6nig 
and Wancura, — Chapter 2): Place the hands on the lateral 
aspects of the patient’s head, with the little fingers touching the 
apices of the ears. The thumbs are then joined at the cranial mid- 
line and will be pointing to ~ Du-20 (baihui). 





Fig. 3.3 
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1 microfarad is one millionth of 1 farad. 

1 microfarad is divided into smaller parts called nanofarad. 
1,000 nanofarad = 1 microfarad 

Nanofarad is divided into small parts called picofarad 
1,000 picofarad = 1 nanofarad. 


Recapping: 

1p =1 picofarad. 1,000p = 1n (1 nanofarad) 1,000,000p = 1u 
1,000n = 1u (1 microfarad) 

1,000u = 1millifarad 

1,000,000u = 1 FARAD. 


Examples: 

All ceramic capacitors are marked in "p" (puff") 
A ceramic with 22 is 22p = 22 picofarad 

A ceramic with 47 is 47p = 47 picofarad 

A ceramic with 470 is 470p = 470 picofarad 

A ceramic with 471 is 470p = 470 picofarad 

A ceramic with 101 is 100p (it can also be 100) 


A ceramic with 102 is 1,000p = 1n 
A ceramic with 223 is 22,000p = 22n 


A ceramic with 104 is 100,000p = 100n =0.1u Acommon 100n is called a MONOBLOCK. 


A ceramic with 105 is 1u 


TYPES OF CAPACITOR 
For testing purposes, there are two types of capacitor. 

Capacitors from 1p to 100n are non-polar and can be inserted into a circuit around either way. 
Capacitors from 1u to 100,000u are electrolytics (or tantalum) and are polarised. They must be 
fitted so the positive lead goes to the supply voltage and the negative lead goes to ground (or 
earth). 





Fig 42. Charging a Capacitor 





to Index 


Here is an experiment to show how much 
(little) energy is stored in a 100u 
electrolytic. 

When the slide-switch is in position "B", the 
100u is charged by the 6v battery. 

When the slide switch is moved to position 
"A" the electrolytic supplies energy to 
illuminate the red LED via the 220R 
resistor. It will illuminate for a short period of 
time. 

By moving the switch back and forth, you 
can keep the LED illuminated. 
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Capacitors can be connected in Series or 
Parallel to obtain a value of capacitance you 
may not have available. 

They are also connected in series to increase 
the effective VOLTAGE RATING. 

However when two equal-value capacitors 
are connected in series, the final value is 
HALF, and thus you need two with double the 
final-value to get a value with an increased 
voltage-rating. 

When two equal-value capacitors are 
connected in series, the result is HALF. 

(This is the opposite to connecting resistors) 
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rior hairl 
The anterior hairline forms the superior border of the forehead and 
can vary considerably from person to person. The original line of 
hair growth is generally considered as the anterior hairline. 

In men especially, the hairline may begin to recede early in life 
due to progressive baldness, so that the existing hairline may not 
be identical with the original line, which will now be located in an 
area not covered by hair. In these cases ask the patient to frown: 
the original hairline will be located superior to the wrinkled fore- 
head, at the junction of the still slightly creased skin with the com- 
pletely smooth skin. Points in this area are + Du-20 to Du-24, 
BL-3 to BL-7, G.B.-4 to G.B.-7, G.B.-13 to G.B.-15, ST-8. 





Fig. 3.5 
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Fig. 3.8 


Temporalis muscle and temporal corner of 
the forehead (— Figs 3.7-3.9) 

By asking the patient to firmly clench and release his/her teeth, 
the temporalis muscle can be palpated on the lateral aspect of the 
forehead. The corner between the forehead and the temples is 
marked by the junction of the anterior hairline with the temporal 
hairline, which tends to become more pronounced with a receding 
hairline. 

— ST-8 is located in the centre of this area, at the insertion point 
of the temporalis muscle and 0.5 cun within the natural hairline. 
Often, the coronal suture can be palpated here. 





Fig. 3.9 
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Forehead (— Figs 3.10, 3.11) 

The more or less prominent bulge of the frontal eminences can 
be palpated on both sides of the forehead. > G.B.-14 is located 
at their lower border, in a shallow depression at the junction of 
the eminences and the superciliary arches. With the patient look- 
ing straight ahead, G.B.-14 is located directly above the pupil, 
approximately | cun superior to the supraorbital margin. 


Glabella, superciliary arches 

The glabella is the central bony reference point on the forehead, 
forming a slightly convex, level area superior to the root of the 
nose and between the superciliary arches. 

The extra point yintang (Ex-HN-3) is located at the centre of 
the glabella. Several points are located along the superciliary 
arches (from medial to lateral): + BL-2, yuyao (Ex-HN-4) and 
T.B.-23. 

Please note: + BL-2 is located superior to the inner canthus of 
the eye, in the area of the frontal (not the supraorbital) incisure, 
when this is present. 
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3.1.2 Centre of the Face and 
Nasal Region 


Cheek bones (— Figs 3.12, 3.13) 

Both the maxilla and the zygoma form the cheek bones below 
the eyes. Important anatomical landmarks are the infraorbital 
foramen, the lower border of the zygoma and the zygomatic arch 
of the temporal bone. 


Infraorbital foramen (— Figs 3.12, 3.13) 

With the patient looking straight ahead, the infraorbital foramen 
with — ST-2 is located on the maxilla, directly below the pupil. 
The foramen lies 1 finger-width below the infraorbital ridge. By 
palpating inferiorly from there, it can be felt below the maximal 
curvature of the ridge, in a small depression that is often sensi- 
tive to pressure. 





Fig. 3.14 
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Zygoma (— Figs 3.15, 3.16) 

The bony structures below the lateral orbit are formed by the 
zygoma. — S.1.-18 is located directly below the outer canthus of 
the eye at the lower border of the zygoma, at the junction of the 
zygoma and the maxilla, on the anterior border of the masseter 
muscle. (—~ Lower face and chin). 


Zygomatic arch (— Figs 3.15, 3.16) 

On the lateral aspect of the face, the temporal process of the 
zygoma articulates with the zygomatic process of the temporal 
bone to form the zygomatic arch. This is an approximately hori- 
zontal bony structure which can be palpated laterally to the ear. 
— G.B.-3 and > T.B.-22 are both located on the upper border of 
the zygomatic arch, while > ST-7 and — T.B.-21 are situated at 
its lower border. 
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External Temporomandibular joint 
Mandibular Mandibular Articular acoustic . 
incisure head disc meatus a Figs 3.15, 3.18, 3.19) 


\ The temporomandibular joint is located inferior to the zygo- 
matic arch and anterior to the tragus of the ear. Its movement can 
easily be palpated by gently opening and closing the mouth. 
— ST-7 is located in a depression anterior to the joint and 
directly inferior to the zygomatic arch. This depression is situ- 
ated in the mandibular incisure, which is formed by the coronoid 
and condylar processes of the mandible. By opening the mouth, 
the palpating finger resting on — ST-7 is ‘lifted’ out of the 
depression by the condyloid process sliding anteriorly. 
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Nasolabial groove (— Fig. 3.21) 

The nasolabial groove begins lateral to the nose and superior to 
the ala nasi, at the junction of the cartilage and the bone. From 
there it runs to the corners of the mouth. > Ex-HN-8 (shang- 
yingxiang, bitong) is located at its upper end, at the junction of 
the upper jaw and the nasal cavities. > L.I.-20 is located slightly 
below bitong, between the lateral border of the side of the nose 
and the nasolabial groove. 


3.1.3 Lower Face and Chin 


Mandibular angle (— Fig. 3.22) 

The mandibular angle corresponds to the area where the lower 
jaw line changes its direction from horizontal to vertical. It is 
located markedly inferior and anterior to the ear lobe. This angle 
marks the location of —~ ST-6 (1 finger-width anterior and 
superior to the mandibular angle) as well as of — S.L-17 and 
— T.B.-16 (level with the mandibular angle). 
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(upper 
jaw) 





Fig. 3.21 
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Fig. 3.24 


Masseter 


Masseter muscle (— Fig. 3.23) 

By firmly clenching the jaw, the contours of the masseter 
muscle become well defined, stretching from the lateral aspect 
of the lower jaw to the zygomatic bone. It originates at the zygo- 
matic arch (— Fig. 3.15) and inserts at the mandibular angle 
(> Fig. 3.22). 


Mentolabial groove (— Fig. 3.24) 
This forms a transverse groove at the junction of the chin and the 
lower lip. + Ren-24 is located in its centre. 
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3.1.4 Ear Region 


Note: points used in auricular acupuncture are not discussed 
here. 


Helix root (— Figs 3.25, 3.26) 
The helix root borders the upper part of the ear. This is the loca- 
tion of > T.B.-22. 


Supratragic notch (— Figs 3.25, 3.26) 

The supratragic notch forms an incisure within the cartilage of 
the ear, separating the helix root from the tragus. > T.B.-21 is 
located anterior to it. 


Tragus (— Figs 3.25, 3.26) 


— S.I.-19 is located anterior to the midpoint of the tragus. 


Intertragic notch (— Figs 3.25, 3.26) 

The intertragic notch forms an incisure in the auricular cartilage, 
separating the tragus from the lobe and antitragus. > G.B.-2 is 
located anterior to this notch. 


Ear lobe (— Figs 3.25, 3.26) 

Inferior to the earlobe and the ear canal is a depression, which is 
bordered posteriorly by the mastoid process and anteriorly by 
the lower jaw. The lower border is formed by the transverse 
process of the Ist cervical vertebra (atlas). + T.B.-17 is located 
in this depression. 


Border between the auricle and the face 

(— Fig. 3.26) 

The border between the auricle and the temple/cheek generally 
forms a more or less vertical line, which will become more 
clearly defined by bending the auricle and tragus towards the 
anterior. Several points are located along this line (from top to 
bottom): > T.B.-22, T.B.-21, S.1.-19, G.B.-2. 


Mastoid process (— Figs 3.26, 3.27) 

The mastoid process is a cone-shaped bony structure which can 
be palpated posterior to the ear. ~ G.B.-12 is located at its tip, 
while — anmian (Ex-HN) can be found at the border of the mas- 
toid process and the occiput. ~ yiming (Ex-HN-14) is located 
somewhat more inferiorly. 
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Transverse process of the 1st cervical 
vertebra (atlas) (— Fig. 3.28) 

The transverse process of the atlas can be palpated inferior to the 
earlobe as a deep bony structure, which in most cases is very 
sensitive to pressure. 
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A normal electrolytic must be connected 
the correct way in a circuit because it has a 
thin insulating layer covering the plates 


that has a high resistance. 
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If you connect the electrolytic around the wrong 
way, this layer "breaks-down" and the resistance of 
the electrolytic becomes very small and a high 
current flows. This heats up the electrolytic and the 
current increases. Very soon the capacitor 
produces gasses and explodes. 

One big mistake in many text books shows how to 
make a non-polar electrolytic by connecting two 
"back-to-back." 

They claim 2 x 100u connected back-to-back is 
equal to 47u. 

This appears to be case when testing on a meter 
but the meter simply charges them for a short 
period of time to get a reading. 

If you allow them to charge fully you will find the 
reverse electrolytic has a very small voltage across 
it. 

Secondly, when you are charging them, you are 
putting a high current through the reverse 
electrolytic and damaging the layer. 

To prevent this, you need to add two diodes as 
shown in the diagram. 

In addition, 2 x 100u "back-to-back" is very near 
100u. 
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Capacitors can be 
connected in Parallel to 
obtain a value of 


capacitance you may 
not have available. 

(This does not change 
the VOLTAGE RATING.) 
When two equal-value 
capacitors are 
connected in parallel, 
the result is DOUBLE. 
(This is the opposite to 
connecting resistors). 





If one electrolytic is 25v 
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3.1.5 Occiput 


Craniocervical transition (— Figs 3.28-3.32) 
The transition from the head to the neck is formed by the mas- 
toid process, the adjacent dorsal musculature and the occiput. 
The following points are located in this area (from lateral to 
medial) + G.B.-12, yiming (Ex-HN-14), anmian (Ex-HN), 
G.B.-20, BL-10, Du-15 and Du-16. 


External occipital protuberance 

(— Figs 3.32, 3.33) 

The external occipital protuberance forms a flat projection on 
the posterior midline of the occiput, which can be palpated 
slightly superior to the craniocervical transition. It defines the 
location of ~ Du-16, Du-17 and BL-9. Sometimes, and more 
frequently in women, the protuberance may be defined only 
poorly or not at all. 


Posterior hairline (no figure) 

The posterior hairline is used as a reference point for locating 
points on the occiput, but due to its variable position it is not a 
very reliable landmark. 





Fig. 3.30 
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3.2 Neck 


Laryngeal prominence (— Figs 3.34, 3.35) 

In men, the laryngeal prominence as the highest point of the lar- 
ynx (‘Adam’s apple’) tends to form a clearly palpable and vis- 
ible structure. In women, visual identification is more difficult, 
so that palpation is necessary in order to locate the V-shaped 
incisure on the upper border of the thyroid cartilage on the laryn- 
geal midline. Located at the level of the laryngeal prominence 
are > ST-9, L.L-18 and S.L-16. 
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Sternocleidomastoid (SCM) muscle 

(— Figs 3.36, 3.37) 

This muscle forms a distinct, easily identifiable structure on the 
anterior and lateral aspect of the neck, which becomes visible 
and palpable by rotating the neck in the opposite direction. This 
effect can be increased by rotating the head against resistance 
(by pushing against the chin for example). The more slender 
clavicular head originates from the anterior aspect of the 
manubrium, while the more flat clavicular head originates from 
the medial third of the clavicle, revealing a small triangle 
between the two heads near the sternoclavicular joint. This is the 
location of > ST-11. By palpating along the SCM muscle in a 
superior direction, the two heads can be distinguished for the 
major part of the muscle, before they merge to insert at the pos- 
terior part of the mastoid process and the lateral superior nuchal 
line of the occiput. Besides + ST-11, the following points are 
located alongside the muscle belly of the SCM: ~ L.L-17, 
L.I.-18, S.I.-16, ST-9, G.B-12 and anmian (Ex-HN). 
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3.3 Shoulder and Arm 


3.3. Shoulder and Arm 
3.3.1 Shoulder and Upper Arm 


Trapezius muscle (— Figs 3.38, 3.39) 

This muscle covers the superior aspect of the shoulder, its super- 
ior portions extending from the cervical spine to the acromion at 
the lateral end of the scapula. Located at the midpoint of the 
superior border of the muscle are > G.B.-21 and, slightly infer- 
iorly, > T.B.-15. 
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Acromion (— Figs 3.39, 3.42, 3.43) 

When palpating the shoulder joint from a lateral direction, the 
acromion can be felt as a bony extension with a flat surface, 
slightly superior to the laterally protruding head of the humerus. 


Scapular spine (— Figs 3.39-3.44) 

The scapular spine forms a bony ridge that originates at the 
acromion and runs in an oblique angle across the scapula, end- 
ing at its medial border in an upward opening curve. This is the 
location of > S.L-13, — L.I.-16 is located on the most lateral 
portion of the trapezius and supraspinatus muscles, in the angle 
between the acromial origin of the scapular spine and the 
acromioclavicular joint. 


Head of the humerus, shoulder hollows 

(— Figs 3.42, 3.44) 

The head of the humerus is located inferior to the acromion and 
protrudes slightly on the lateral aspect of the shoulder. When 
abducting the arm horizontally, two hollows will form at the 
transition from the arm to the shoulder. The anterior hollow is 
the location of > L.I.-15, while > T.B.-14 is located in the pos- 
terior one. The hollows mark the border between the clavicular 
and acromial portion and the border between the acromial and 
spinal portion of the deltoid muscle. 
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Deltoid muscle (— Figs 3.42, 3.45-3.51) 

This muscle covers the anterior, posterior and lateral aspect of 
the head of the humerus. The following points are located either 
on the muscle or on its margins: — S.L-9, S.1.-10, T.B.-14, 
L.L.-15, jianquan (Ex-UE), LU-1, LU-2, LU-3, L.L-14. 
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3.3.2 Elbow 


Elbow, tendon of the biceps muscle 

(— Figs 3.52, 3.53) 

The anterior aspect of the elbow is marked by the cubital crease, 
extending from the lateral to the medial epicondyle of the humerus. 
It is divided by the tendon of the biceps muscle. > L.L-11 and 
— LU-5 are located lateral to the tendon while — P-3 and 
— HE-3 are located medial to it. 


Lateral and medial epicondyles of the 
humerus (— Figs 3.53, 3.55, 3.56) 

The lateral and medial epicondyles of the humerus form the lat- 
eral aspects of the elbow. The olecranon is located between 
them, on the posterior aspect of the elbow. The medial epi- 
condyle is the origin of the extensor muscles of the wrist joint, 
while the flexor muscles originate at the medial epicondyle. 


= 
Olecranon 
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Olecranon (-— Figs 3.55, 3.56) 

The olecranon forms the tip of the elbow. Located in the ulnar 
sulcus, between the medial epicondyle and the tip of the olecra- 
non, is > S.L-8, while > T.B.-10 is located in a depression 
proximal to the olecranon. 


3.3.3 Forearm and Hand 


For locating points on the forearm, it is important to note whether 
the arm is in a pronated or supinated position, since this can have 
a considerable effect on the relative location of some points (see 
also location details of specific points). For example, in supination 
the line connecting ~ L.L-5 and > L.L-11 runs along the lateral 
border of the forearm, while in pronation it traverses the forearm. 
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and the other 63v, the 
answer is the LOWER 
VOLTAGE = 25v. 
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The value of a capacitor or resistor 
may need to be increased or 
decreased in a circuit to tune in 
radio stations or increase and 
decrease the volume of a speaker. 
The symbol for these components 
have an arrow to show they can be 
adjusted. 

The resistance of a potentiometer 
can be from 1 ohm to 5M 

They come in many different 
shapes and sizes to suit the PC 
board or front-panel layout. 

The "T" represents a trimmer 
capacitor and this can be from 1p to 
about 120p. 

A variable capacitor will be from 
about 10p to 415p. 
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Simple CIRCUITS 

We have covered enough 
symbols and components 
to create a number of 
simple circuits. 

These circuits will show 
how to connect a motor, a 
LED, (how to make it 
bright or dull) and how to 
connect 4 cells to make a 
battery. 


Note: The flashing LED 
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Lumbosacral junction 

Following orientation in the lumbar region with the help of the 
iliac crests (— Iliac crest), the lumbosacral joint can be located 
by counting the spinous processes in an inferior direction. It can 
generally be felt as a marked ‘kink’ or depression, followed by 
the smaller spinous processes of the slightly convex median 
sacral crest directly below. 

Caution: Note that (according to the literature in up to 15% of 
cases) there can be lumbarization of the Ist sacral vertebra or 
sacralization of L5. In these cases there will be either four or six 
lumbar vertebrae. 


Posterior superior iliac spine (PSIS) 

(— Figs 3.73, 3.74) 

Another important landmark on the lower back is the posterior 
superior iliac spine (PSIS), which forms the posterior end of the 
iliac crest lateral to the upper sacral region. The PSIS can often 
be identified by two superficially visible dimples. It is best 
located by palpating from an inferior in a superior direction. If 
the dimples are not visible, they can be located by palpating 
3 cun from the rima ani in a superior and lateral direction at an 
angle of 45°, until a marked bony ridge can be felt. 

Generally, the PSIS is located at the level of the space between 
the Ist and 2nd sacral foramina, so that —~ BL-27 is located 
directly medial or slightly superior and medial to the PSIS, 
while ~ BL-28 is located just inferior and medial to the PSIS. 





Fig. 3.73 
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Fig. 3.76 


3.4 Spine and Sacroiliac Region 


3.4.4 Sacrum and Sacroiliac Joint 


Sacrum (— Figs 3.75, 3.76) 

On the sacrum, landmarks for palpation are the median sacral 
crest and the sacral hiatus as well as the sacral foramina on its 
lateral aspects. 


Sacral crest (— Figs 3.74, 3.75) 
The sacral crest is formed by the narrow, irregular spinous 
processes, which can be palpated on the sacral midline. 


Sacral hiatus (— Figs 3.75, 3.76) 

The sacral hiatus can be palpated as a U-shaped depression at 
the inferior end of the sacral crest. > Du-2 is located on the mid- 
line, just inferior to it. Both the sacral hiatus and the greater 
trochanter (— Lower extremity) are reference points for locating 
— G.B.-30. 


Sacral foramina (— Figs 3.75, 3.76) 

The sacral foramina are located between the lumbosacral joint 
and the sacral hiatus and can usually be palpated. They are in 
most cases evenly spaced and lie approximately 1 finger-width 
lateral to the midline, with the distance decreasing in a distal 
direction. The foramina are the location of + BL-31-BL-34. 





Fig. 3.77 





Fig. 3.78 
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lliosacral joint (— Figs 3.80, 3.81) 

The iliosacral joint can be palpated bilaterally as a shallow 
groove between the sacrum, the PSIS (see above) and more 
inferiorly located ilial structures. + BL-26-BL-29 are located 
in this area. 
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3.5 Anterior and Lateral Aspect of the Thorax and Abdomen 










3.5 Anterior and Lateral Aspect 
Minor supraclavicular fossa of the Thorax and Abdomen 
: Major supraclavicular fossa . " 
as Clavicle (> Figs 3.82, 3.86) 
The clavicle forms the connection between the shoulder girdle 
and the thorax. It separates the major and minor supraclavicular 
fossae with — ST-11, ST-12 and jingbi (Ex-HN) from the 
ribcage. Located on the lower border of the clavicle are > ST-13 
(at its midpoint) and — KID-27 (2 cun lateral to the midline). 


_Cavicle 


Suprasternal fossa (— Fig. 3.82) 

The suprasternal fossa forms a depression superior to the ster- 
num between the sternoclavicular joints. It is the location of 
— Ren-22. 


Ribs (— Figs 3.83, 3.86) 

For anatomical orientation of the ribs, the midsection of the 

clavicle is a good starting point. The first rib lies directly below 

the clavicle, forming a narrow bow. It articulates with the 
manubrium just inferior to the sternoclavicular joint. 

Please note the following when palpating the ribs and inter- 

costal spaces (ICS) and locating the respective acupuncture 

points: 

e From their articulation with the sternum, the ribs run initially 
horizontally or in a gentle curve in an inferior direction, while 
at the lateral aspect of the thorax, they assume a superior 
direction towards the posterior aspect of the body. 

e Inferior to the 4th/Sth intercostal spaces, the medial sections 
of the ribs merge with the costal cartilage, so that the inter- 
costal spaces do not extend very far medially. Therefore it is 
necessary to palpate somewhat more laterally. 


Fig. 3.82 





Fig. 3.83 


Ex-HN (jingbi) 





Fig. 3.84A Fig. 3.84C 
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Fig. 3.84B Fig. 3.84D 


67 


1/10/2018 Basic Electronics 1A 





4cell battery holder 
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Fig 46. Simple Circuits 








QUESTIONS 


6¥v 





1. Explain why the Flashing LED circuit has no external resistor. 


2. How many 1.5v cells are needed to produce a 6v battery 


3. Explain what happens when you reverse the leads to a motor. 


4. Identify the positive terminal: 


5. Can 3 green LEDs be connected in series to a 6v supply? 
6. A variable resistor is also called: 
7. The combined resistance of two 1k resistors in series is: 
8. The combined resistance of two 1k resistors in parallel is: 
9. Name the short lead on a LED 
10. Name the type of multimeter with a pointer and scale: 
11. The total capacitance of two 100u electrolytics in series is: 
12. The total capacitance of two 100u electrolytics in series is: 
13. Write these values in words: 

22R 


100u 
14. How many 1.5v cells in a 9v battery? 


does not need a resistor 
because a resistor and 
chip are inside the LED, to 
make it flash and control 
the current. 


Connect all the 
components around the 
correct way and then 
connect them around the 
wrong way to see what 
happens. 

Connect the flashing LED 
in series with a red LED 
and see what happens. 


to Index 
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Ist rib, Ist intercostal space (— Fig. 3.86) 

By palpating parasternally in an inferior direction, the first rib 
can generally be felt directly below the clavicle. Here, + KID-27 
is located 2 cun lateral to the anterior midline. Below follows the 
first intercostal space, then the second rib and so on. > Ren-20 
is located on the anterior midline, at the level of the first inter- 
costal space, + Ren-21 is located slightly superior to it. 


2nd rib, manubriosternal synchondrosis 
(manubriosternal junction) (— Figs 3.83, 
3.86) 

The synchondrosis is usually a clearly defined transverse bony 
structure on the superior section of the sternum, level with the 
articulation of the second rib. Directly below the synchondrosis 
is the 2nd intercostal space from where subsequent ribs and 
intercostal spaces can be counted by palpation. 


Laterosuperior aspect of the thorax and 
coracoid process (— Fig. 3.87) 

The laterosuperior aspect of the thorax is bordered by the clavicle 
and the deltoid muscle with the coracoid process deep to the latter. 
The deltopectoral triangle can be located by palpating from the 
end of the anterior axillary fold along the border of the deltoid 
muscle towards the shoulder and the lower border of the clavicle. 
Here, in the centre of the triangle, lies > LU-2. Laterally, the tri- 
angle is bordered by a clearly palpable bony structure, the coracoid 
process. In order to distinguish the process from the lesser tubercle 
of the humerus, the arm is rotated externally with the elbow flexed 
at the same time. While the process will remain fixed, the tubercle 
will follow the movement. + LU-1 is located slightly superior and 
lateral to - LU-2 and medial to the lower border of the coracoid 
process. The contours of the deltoid muscle and the deltopectoral 
triangle can be emphasised through muscle flexion, for example 
by pressing the hands against each other in front of the chest. 








Fig. 3.85 
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3.5 Anterior and Lateral Aspect of the Thorax and Abdomen 


Midclavicular line (— Fig. 3.88) 

The midclavicular line provides a further tool for reference on 
the upper thorax. It is an imaginary line that runs from the mid- 
point of the clavicle to the nipple. Since in most cases the nipple 
lies somewhat more laterally than the clavicular midpoint, the 
line tends to have a slightly oblique pathway. ~ ST-13 to ST-16 
are all located on the line. 


Nipple (— Fig. 3.88) 

In men, the nipple is located in the 4th intercostal space, lateral 
to the midline, while in women, the location can vary depending 
on the shape of the breast. ~ ST-17 is located on the nipple. 


Mamillary line (— Fig. 3.88) 

The mamillary line is an imaginary line for orientation on the 
mediolateral thorax and abdomen. It runs vertically from the 
nipple in an inferior direction. The points + ST-18, LIV-14 and 
G.B.-24 are all located on this line. 





Fig, 3.88 Sternocostal angle, xiphoid process and 
umbilicus (— Figs 89, 3.91) 

The lower borders of the ribcage unite at the lower sternal bor- 
der, forming the sternocostal angle. This angle and the umbilicus 
are the two major anatomical landmarks for point location on the 
upper abdomen. 

Caution: It is important not to mistake the sternocostal angle for 
the tip of the xiphoid process. The latter is attached to the ster- 
num at the sternocostal angle, projecting inferiorly towards the 
abdomen. For definite identification, palpate along the costal 
cartilage in a superior direction to where it meets the ster- 
nocostal angle. This is the location of + Ren-16. 





Fig. 3.89 
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Axillary line (— Fig. 3.92) Manubriosternal_» 
The axillary line is an imaginary line for orientation on the lat- synehoncions 
eral aspect of the thorax and abdomen. It runs vertically from the 

middle of the axilla in an inferior direction. Both > G.B.-22 and 2nd rib 
SP-21 are located on this line. 











Coracoid process 


Free end of the 11th rib (— Figs 3.91, 3.92) 
The free end of the 11th rib can be palpated below the costal car- 
tilage, at the transitional zone from the thorax to the abdomen. 
Location tip: the patient places his/her flexed elbow (90° angle) 
alongside his/her thorax. The tip of the olecranon will then usu- 
ally be close to the free end of the 11th rib. ~ LIV-13 is located 
below its anterior lower border. 
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angle 
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——11th rib 


Free end of the 
11th rib 


Free end of the 
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Fig. 3.91 





Fig. 3.92 
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Anterior superior iliac spine (ASIS) 

(— Figs 3.93-3.95) 

By palpating along the iliac crest in an anterior and inferior 
direction, the anterior superior iliac spine (ASIS) is reached at 
the lateral end of the inguinal groove. The ASIS is felt as a 
distinct bony ridge. + G.B.-27 is located anterior to it, while 
— G.B.-28 is located slightly more inferiorly and medially. 





Fig. 3.93 Fig. 3.96 
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Pubic symphysis, umbilicus (— Fig. 3.98) 

The upper border of the pubic symphysis is an important orienta- 
tion point for point location on the lower abdomen. The distance 
between the centre of the umbilicus and the upper border of the 
symphysis can be divided into 5 proportional cun, which can dif- 
fer significantly from the patient’s finger cun (— Chapter 2). 
— Ren-2 is located on the anterior midline and on the upper bor- 
der of the pubic symphysis. 


3.6 Lower Extremity 


Greater trochanter (— Fig. 3.99) 

The greater trochanter forms a distinct, projecting bony structure 
on the hip area. It is one of the endpoints on an imaginary line 
connecting it with the sacral hiatus. Located on this line is 
— G.B.-30, a third of the distance from the greater trochanter. 
Another line connecting the greater trochanter and the anterior 
superior iliac spine (ASIS) is used for locating > G.B.-29. 





Fig. 3.97 
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3.6 Lower Extremity 


3.6.1 Knee Region 


For locating and needling points in the knee region, the patient 
should be in a relaxed supine position, with the knees slightly 
flexed and supported by pillows. This opens up the knee joint 
and allows for better palpation of the eyes of the knees. A prone 
position with a support below the feet and ankles is recom- 
mended for treating points in the popliteal crease. 


Patella (— Figs 3.100, 3.101) 
The upper patellar border marks the location of + SP-10 as well 
as of + ST-32 to ST-34. 


Eyes of the knee (— Figs 3.100, 3.101) 

The eyes of the knee are formed by the depressions on either side 
of the patellar tendon at the level of the lower patellar border. The 
lateral eye corresponds to the location of + ST-35, the medial eye 
is the location of the extra point ~ Ex-LE-4 (neixiyan). 


Head of the fibula (— Figs 3.100, 3.101) 

The head of the fibula forms a further important reference point 
inferior to the lateral aspect of the knee joint. For locating 
— G.B.-34, find the head of the fibula (approximately where the 
seam of a pair of trousers would be) and hold it with two fingers. 
By sliding downward, the anterior finger will ‘drop’ into the 
depression anterior and inferior to the head of the fibula, which 
marks the location of > G.B.-34. 
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Tibial shaft and medial condyle of the tibia 
(— Fig. 3.103) 

Below the medial aspect of the knee joint, the transition from 
the medial condyle of the tibia to the tibial shaft marks the loca- 
tion of + SP-9. This transition is best located by palpating in a 
superior direction along the posterior border of the medial aspect 
of the tibia. When using a knee roll, be aware that the soft tissue 
around this area may be pushed anteriorly, hindering palpation. 





Fig. 3.103 
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3.6 Lower Extremity 


3.6.2 Ankle and Foot 


Highest prominence of the medial/lateral 
malleolus (— Figs 3.105, 3.106) 

Please note: The highest prominence of the malleolus does not 
refer to its lower border, but literally to its most protruding tip. 
The prominences are important reference points for the lower 
leg and ankle. — Ex-LE-8 (neihuajian) is located on the 
highest prominence of the lateral malleolus, while > Ex-LE-9 
(waihuajian) is its medial counterpart. 

Please also note: Contrary to some textbooks, the lateral and 
medial prominences are anatomically not located at the same 
level. There is approximately a 1 cun (— Chapter 1, Fig. 1.2) dif- 
ference in level. Thus, ~ BL-60 and > KID-3 are not located 
directly opposite each other, but rather occupy a comparable 
position. 
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Joint space on the anterior ankle 

(— Figs 3.108, 3.109) 

The joint space on the anterior aspect of the ankle (between the 
malleoli) is best palpated by passively flexing and extending the 
foot. ~ LIV-4 and — ST-41 are both located here. 





Fig. 3.108 
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3.6 Lower Extremity 


Achilles tendon (— Fig. 3.110) 

On the distal aspect of the lower leg and on the heel, the Achilles 
tendon defines the location of ~ KID-3, KID-4, and KID-7 on 
its medial aspect and of + BL-59 and BL-60 on its lateral aspect. 


Tuberosity of the 5th metatarsal bone 

(— Figs 3.111, 3.112) 

The tuberosity at the proximal end of the 5th metatarsal bone is 
the most palpable orientation point on the lateral aspect of the 
midfoot. ~ BL-63 is located in the depression proximal to the 
tuberosity, while + BL-64 is located in the depression distal to 
it, at the junction of the head and the shaft. 
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. The red probe is: (positive/negative) 
. Conventional current flows from: 

. Make a 470u electrolytic with two electrolytics: 
. What is the voltage drop across a diode? 

. Name the component that only allows current to flow in one direction: 
. Name this symbol: 


. When resistors are connected in series, the resistance of the combination: 


(increases / decreases) 


. When two capacitors are connected in parallel, the voltage-rating of the combination: 


(increases / equal to the capacitor with the lowest voltage-rating) 


. Draw two 2k2 resistors in parallel. 
. Which is larger: 470R or 22k 
. What is the value of this combination: 


47u 
16¥ 
+ 


+ 


47u 
16¥ 


. What is the name of the resistor in series with a LED: 
. What is the voltage across the amplifier: 


k 
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Base of the 1st metatarsal bone 

(— Figs 3.114, 3.115) 

When palpating along the medial aspect of the midfoot in a proxi- 
mal direction, the proximal end (base) of the 1st metatarsal bone 
forms the first distinct prominence. — SP-4 is located distal to this 
bony orientation point, at the junction of the shaft and the base. 
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4 Acupuncture Points of the Twelve Primary Channels 


Claudia Focks, Ulrich Marz 


4.1 The Lung Channel System — 
Hand-taiyin (shou tai yin 
jing luo) 


4.1.1 The Lung Primary Channel 
(shou tai yin jing) 





Pathway 

The internal section of the Lung primary channel originates in 

the Middle Burner in the region of the Stomach (wei) 

= descends to connect with the Large Intestine (dachang), its 
paired fu-Organ 

= curves upwards again to the Stomach (wei) 

=> penetrates the diaphragm 

= enters the Lung (fei), its pertaining zang-Organ 

= ascends to the throat region 

= and curves towards the lateral thoracic region. 


Anterior midline 








The Lung primary channel emerges at LU-1 (zhongfu) on the 

lateral thoracic wall at the level of the first intercostal space 

™ travels along the anterolateral aspect of the upper arm and 
forearm 

= ends at LU-11 (shaoshang) on the thumb, at the radial aspect 
of the corner of the nail. 

A branch separates from the primary channel at LU-7 (at the sty- 

loid process of the radius) and travels along the radial side of the 

index finger to its tip, where it connects with > L.L-1 

(shangyang) (hand Yin—Yang connection of the first great circuit). 


79 


Cho4.1-F10028.qxd 


2/23/08 7:02 PM Page 80 


4 Acupuncture Points of the Twelve Primary Channels 


80 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: Fever, aversion to cold, 
nasal blockage, headache, pain in the region of the thorax, shoul- 
der and back, pain with cold sensations along the channel 
Interior (i) or zangfu-Organ signs and symptoms: Cough, asthma, 
wheezing, dyspnoea, shortness of breath, fullness and tightness 
of the chest, expectoration of phlegm, dry throat, changed colour 
of the urine, irritability, heat sensation in the palms, abdominal 
fullness and distension, diarrhoea 

Excess (shi): Shoulder and back pain, Wind-Cold attack with 
spontaneous sweating, frequent urination, yawning 

Deficiency (xu): Shoulder and back pain with aversion to cold, 
shortness of breath, changed colour of urine 


Connections of the Lung primary channel 
(— 1.2) 


Connections with other channels 


Large Intestine primary channel (shou yang ming jing) 
Connection: Hand Yin—Yang connection of the first great circuit 
Location: LU-7 — L.I.-1 (on the hand). A branch of the Lung 
primary channel separates at LU-7 (lieque) and connects with 
the Large Intestine primary channel at L.L-1 (shangyang), 
according to some authors also with > L.L.-4 (hegu). 
Circulation: Circadian (according to the Organ clock) 
Importance: Interior—Exterior relationship 


Spleen primary channel (zu tai yin jing) 

Connection: Paired according to the six channel theory 
(hand-foot pairing): tai yin (Yin axes of the first great circuit) 
Location: SP-20 — LU-1 (on the thorax). A branch of the 
Spleen primary channel separates at + SP-20 (zhourong) and 
connects with the Lung primary channel at > LU-1 (zhongfu). 
Circulation: Non-circadian (not according to the Organ clock) 
Importance: Above—below relationship 


Liver primary channel (zu jue yin jing) 

Connection: Deep Yin—Yin connection 

Location: LIV — LU (on the thorax). An internal branch of the 
Liver primary channel emerges at the Liver, passes the diaphragm 
and spreads inside the Lung (fei), forming a network with the Lung 
primary channel. 

Circulation: Circadian (according to the Organ clock) 
Importance: Closes the circle of the first great circuit of the 
Nutritive Qi (ying gi, > 1.1.4) 


Ren mai 

Connection: Ren mai > Lung primary channel 

Importance: Closes the circle of the second circuit of the Nutri- 
tive Qi (ying gi, > 1.1.4). The Lung primary channel as well as 
the great circuit (circulation through the 12 primary channels) 
receives Qi from the small circuit (ren mai — du mai). 


Connections to the zangfu-Organ systems 
Lung (fei), Large Intestine (dachang), Stomach (wei) 


—p— 


—e— 


4.1.2 The Lung Divergent Channel 
(shou tai yin jing bie) 





#4 _ (6th confluence) 








Pathway 

The Lung divergent channel separates from the Lung primary 

channel in the axillary region 

= travels anteriorly to ~ G.B.-22 (yuanye) on the midaxillary 
line, 3 cun inferior to the axilla 

= enters the thoracic region 

= disperses in the Lung (fei), its pertaining zang-Organ 

= descends to the Large Intestine (dachang), its paired fu-Organ 

™ ascends again and emerges in the region of the supraclavicu- 
lar fossa at + ST-12 (quepen) 

™ traverses the neck in a cranial direction and connects with the 
Large Intestine primary channel at > L.L-18 (futu) at one of 
the six he-confluences* (L.L/LU as 6th confluence. — 1.3). 

There exist variations regarding the channel pathway due to dif- 

fering interpretations of the Ling Shu (— Solinas et al. 1998). 





* According to some authors the 6th confluence is localised at — ST-12 
(quepen). 
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4.1 The Lung Channel System - Hand-taiyin (shou tai yin jing luo) 


Clinical importance 

e Strengthens the connection between the Lung and the Large 
Intestine (zangfu-Organ systems). Points on the Large Intes- 
tine primary channel can therefore be used for disorders of 
the Lung, and vice versa points on the Lung primary channel 
can treat disorders of the Large Intestine. 

e Creates a network between the Lung primary channel and the 
neck region at the confluent point > L.I.-18: thus LU points 
such as + LU-10 or ~ LU-11 may be used to treat the neck 
region. 


4.1.3 The Lung Sinew Channel 
(shou tai yin jing jin) 







G.B.-22 . 


(Meeting point of 
the three hand Yin 
sinew channels) 


LU-5 


LU-9 J 








Pathway 

The Lung sinew channel 

= begins on the thumb at LU-11 (shaoshang), at the radial 
aspect of the corner of the nail 

= spreads along the radial aspect of the thumb and the Ist 
metacarpal bone as well as the thenar eminence 

= meets LU-9 (taiyuan) and binds (jie) at the radial wrist joint 
space 

™ travels proximally along the anterolateral aspect of the 
forearm 

= reaches the elbow at LU-5 (chize) and binds (jie) at the biceps 
tendon 

= follows the biceps brachii muscle and the lateral portion of 
the deltoid muscle 


= binds (jie) at the anterior shoulder region near the acromio- 
clavicular joint 

= continues to the axilla and meets the other hand Yin sinew 
channels (P, HE) at + G.B.-22 (yuanye) and binds (jie) there 

= continues deep to the pectoralis major muscle and enters the 
supraclavicular fossa at + ST-12 (quepen) 

= courses to > L.I.-15 (jianyu) and returns to — ST-12 
(quepen) 

™ penetrates the supraclavicular fossa and disperses in the 
thoracic and hypochondriac region and the diaphragm (—> Fig.) 


Clinical importance 

Pathology: Stiffness, cramps and pain along the sinew channel. 
Xi fen: spasms and pain in the thorax and hypochondriac region. 
In severe cases formation of nodules below the right lateral 
costal region and distension along the lateral costal region. 
Indication: Mainly for bi-syndromes (painful obstruction syn- 
drome) along the LU channel. 

The area covered by the Lung sinew channel is larger than that 
covered by the Lung primary channel. This explains why the 
indications of points on the Lung primary channel include disor- 
ders and diseases of the thoracic and hypochondriac region. 


4.1.4 The Lung /uo-Connecting Vessel 
System (shou tai yin luo mai) 





Pathway 

The Lung /uo-connecting channel system separates from the 

Lung primary channel at LU-7 (lieque) (— 8.1.2) and forms a 

three-dimensional reticular network, dividing into multiple 

branches and sub-branches (sun luo, fu luo, xue luo > 1.5) within 

the surrounding tissue. 

= Horizontal divisions course to the Interiorly—Exteriorly paired 
Large Intestine primary channel; according to some schools 
(for example Van Nghi, ~ Appendix) they travel as a trans- 
verse Lung Juo vessel to the yuan-source point > L.I.-4 (hegu). 

= A longitudinally orientated division spreads on the palm and 
thenar eminence. 
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4 Acupuncture Points of the Twelve Primary Channels 
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Clinical importance (— 8.1.2) 


Pathology 

e Excess (shi): Hot and burning sensations in the palms and the 
wrist joints 

e Deficiency (xu): Yawning, shortness of breath, frequent uri- 
nation, enuresis 


4.1.5 Cutaneous Region (tai yin pi bu) 


See description and figures > 1.6. 


4.1.6 Points of the Lung Primary 
Channel (Overview) 


Specific points according to function 
e Yuan-source point (— 8.1.1): LU-9 (taiyuan) BE 
e Luo-connecting point (— 8.1.2.): LU-7 (lieque) Bm 
Xi-cleft point (— 8.1.3): LU-6 (kongzui) 
Pertaining Back-shu point (— 8.1.4): BL-13 (feishu) Sm 
Pertaining Front-mu point (— 8.1.5): LU-1 (zhongfu) Om 
e Five shu-transporting points (— 8.1.6): 
jing-well point (Wood): LU-11 (shaoshang) @™ 
ying-spring point (Fire): LU-10 (yuji) 
shu-stream point (Earth), tonification point: LU-9 (taiyuan) Si 
jing-river point (Metal), ben point: LU-8 (jingqu) Sm 
he-sea point (Water), sedation point: LU-5 (chize) B™ 
Influential hui-meeting point (— 8.1.7) of the vessels: LU-9 
(taiyuan) SS 
Opening point (— 8.1.8) of the ren mai: LU-7 (lieque) BE 
e Jiaohui-meeting points (— 8.1.10): 
— with the SP primary channel: LU-1 (zhongfu) Sm 
— of other channels with the LU channel: — 
e Gao Wu Command point (— 8.1.11) for the occiput and 
nape: LU-7 (lieque) BE 
e Window of Heaven point (— 8.1.12): LU-3 (tianfu) 
e Ma Dan Yang Heavenly Star points (— 8.1.14): LU-7 
(lieque) SE 
e Sun Si Miao Ghost point (— 8.1.15): LU-11 (shaoshang) 


Points according to region 

e Local points (— 8.2.1): Lung — LU-1 (zhongfu) Bm; 
elbow — LU-5 (chize) SM; wrist — LU-7 (lieque) &™ 

e Adjacent points (— 8.2.1): hands — LU-7 (lieque) BE 

e Distal points (— 8.2.1): occiput — LU-7 (lieque mm); throat — 
LU-10 (yuji) — LU-11 (shaoshang); Lung — LU-5 (chize) BM, 
LU-7 (Jieque) @™; shoulder — LU-7 (lieque) @™ 


Specific points according to the course of the 

channel (in numeric order) 

e LU-1 (zhongfu MM): associated Front-mu point (> 8.1.5), 
jiaohui-meeting point with the SP channel (— 8.1.10) 

e LU-3 (tianfu): Window of Heaven point (— 8.1.2) 

e LU-5 (chize) Mm: he-sea point (Water) (— 8.1.6); sedation 
point; distal point of the Lung (—> 8.2.1) 

e LU-6 (kongzui): xi-cleft point (— 8.13) 

e LU-7 (lieque) SM: luo-connecting point (— 8.1.2); opening 
point (> 8.1.8) of the ren mai; Gao Wu Command point 
(> 8.1.11) of the nape and occiput; Ma Dan Yang Heavenly 
Star point (— 8.1.14); distal point for the occiput, shoulder 
and Lungs (— 8.2.1); adjacent point for the hands (— 8.2.1) 

e LU-8 (jingqu): jing-river point (Metal) (— 8.1.6); ben point 
(Five Phase point) 

e LU-9 (taiyuan) &®: yuan-source point (— 8.1.1), hui-meet- 
ing point (— 8.1.7) of the vessels; shu-stream point (Earth) 
(> 8.1.6); tonification point 

e LU-10 (yuji): ying-spring point (Fire) (— 8.1.6); distal point 
for the neck (—> 8.2.1) 

e LU-11 (shaoshang) |: Sun Si Miao Ghost point (— 8.1.15); 
jing-well point (Wood) (— 8.1.6); distal point for the neck 
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4.1 The Lung Channel System - Hand-taiyin (shou tai yin jing luo) 


Central Residence ZHONGFU | LUT 


Location 

6 cun lateral of the anterior midline and approximately 1 cun 
below — LU-2, slightly medial to the lower border of the cora- 
coid process. 







Minor tubercle  Coracoid 
of the humerus process triangle 


i} 
1 

wg 0 
4 ; 


How to find 

First, locate -~ LU-2 in the deltopectoral triangle, which is bor- 
dered superiorly by the clavicle and laterally by the coracoid 
process (within the deltoid muscle). From there, palpate along 
the border of the deltoid for 1 cun and there locate LU-1 slightly 
medial to the lower border of the deltoid on the thoracic wall, 
approximately 6 cun lateral to the midline. For orientation: when 
externally rotating the arm with the elbow flexed at the same 
time, the coracoid process will remain static, while the minor 
tuberculum of the humerus will follow the movement. > SP-20 
is also located 6 cun lateral to the midline on the level of the 2nd 
intercostal space. Located approximately on the same level are 
— Ren-20, — KID-26 and > ST-14. 


Needling 
0.5—1 cun obliquely in a cranial (approximately 45°) and lateral 
direction towards the coracoid process. 


Midline --- Clavicle Actions/Indications 

e Regulates and descends the Lung Qi 

e Clears Heat in the Upper Burner, transforms Phlegm 
e Regulates the water passages 

e Moves Qi locally and in the sinew channel 








Special features 
Front-mu point of the Lung, meeting point with the Spleen chan- 
nel, entry point. Important point for disorders of the Lung. 











Clavicle 
\ 
L.L-15 


Deltoid : 


~~ Infraclavicular 
fossa 





Jiangian ~_ 
WET 


~~ : F 
Pectoralis major, 
clavicular portion 





LU-3 ~_ 
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4 Acupuncture Points of the Twelve Primary Channels 


DED) cloud cate YUNMEN 


Location ee ee 
: “44: : : inor tubercie oracol 
6 cun lateral to the anterior midline, below the clavicle, in the of the humerus process 


centre of the deltopectoral triangle. \ 


1 
1 
\ mM 
1 








Deltopectoral — 
triangle 








How to find 

Find the angle formed by the lateral lower border of the clavicle 
and the coracoid process (within the deltoid muscle). Locate 
LU-2 at the junction of the clavicular insertions of the deltoid 
and pectoralis muscles (deltopectoral triangle), in the centre of a 
clearly palpable depression in the thoracic wall, 6 cun lateral to 
the anterior midline. 

— ST-13 is also located at the lower border of the clavicle, 4 cun 
lateral to the anterior midline or at the midpoint of the clavicle. 
Also located on approximately the same level are -— KID-27 
(2 cun lateral to the midline) and — Ren-21 (on the midline). 
— LU-1 is located 1 cun below and in most cases slightly lateral 
to LU-2. 


Needling 
Obliquely to a maximal depth of 0.8 cun. No needling in a 
medial direction! Risk of pneumothorax! 


Actions/Indications 

e Clears Lung Heat, decends the Lung Qi 
e Opens the channel and sinew channel 

e Clears Heat from the extremities 














L.L.-15 
\ 





Deltoid. \ — 
. “ae 
: } fief * _ Infraclavicular 
g ~ fossa 
Jiangian —_ : } FE) 
>~LU-1 


~Pectoralis major, 
clavicular portion 


LU-3 ~_ 
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4.1 The Lung Channel System - Hand-taiyin (shou tai yin jing luo) 


Heavenly Residence TIANFU | lus | 


Anterior end of the axillary fold Location 









. On the medial aspect of the upper arm, 3 cun distal to the end of 
%, the anterior axillary fold, in the groove on the lateral border of 
Lateral border biceps brachii. 


~ of the biceps muscle 


How to find 

Ask the patient to flex the biceps muscle against resistance. 
Locate LU-3 3 cun below the anterior end of the axillary fold 
(— 2.2) in a groove on the lateral border of biceps brachii. 
Sometimes, you can feel the pulse of the brachial artery here. 
Or: Divide the distance of 9 cun (— 2.2) between the end of the 
axillary fold and the cubital crease (4 LU-5) into thirds and 
locate LU-3 a third of the distance from the axillary fold. 

— LU-4 is located in the sulcus, | cun distal to LU-3. — P-2 is 
located 2 cun below the axillary fold, between the two heads of 
the biceps brachii muscle. 


Needling 
Vertically 0.5—1 cun. Moxibustion is contraindicated according 
to some classics. 


Actions/Indications 

e Regulates and descends the Lung Qi 
e Clears Lung Heat 

e Cools the Blood and stops bleeding 

e Calms the po (corporeal soul) 

e Opens the channel and alleviates pain 








Special features 
Window of Heaven point 





Lateral border of 
~ the biceps muscle 








2cun Axillary fold 
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4 Acupuncture Points of the Twelve Primary Channels 


| LU-4 Clasping the White X!IABAI 











Location 

On the medial aspect of the upper arm, 4 cun distal to the end of 
the anterior axillary fold, in the depression on the lateral border 
of sulcus bicipitalis lateralis. 


How to find 

Ask the patient to flex their biceps muscle against resistance. 
Locate LU-4 4 cun below the anterior end of the axillary fold 
(— 2.2) in the depression on the lateral border of the sulcus 
bicipitalis muscle. Sometimes you can feel the pulse of the 
brachial artery here. Or quick method: Spreading hands tech- 
nique (— 2.3.3): place the little fingers on the axillary fold and 
the cubital crease (at + LU-5) respectively (this distance corre- 
sponds to 9 proportional cun — 2.2) and determine the midpoint 
of this distance by joining the thumbs. Locate LU-4 0.5 proxi- 
mal to the midpoint in the sulcus on the lateral border of the 
biceps muscle. + LU-3 is also located in the sulcus, 1 cun prox- 
imal to LU-4. 


Needling 
Vertically 0.5—1 cun 


Actions/Indications 

e Regulates and moves Qi and Blood in the chest 
e Descends the Lung Qi 

e Opens the channel and alleviates pain 










Anterior end of the axillary fold 


Lateral border of 
~ the biceps muscle 








Lateral border of 
_» the biceps muscle 
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4.1 The Lung Channel System - Hand-taiyin (shou tai yin jing luo) 
Cubit Marsh cHizE FTA 
Location 


In the cubital crease, on the radial aspect of the tendon of the 
biceps. 


How to find 

By slightly flexing the forearm, the biceps tendon becomes more 
visible. LU-5 is located on its radial aspect in the cubital crease. 
Also located in the area of the cubital crease are  P-3 (ulnar to 
the tendon), —~ HE-3 (at the ulnar end of the cubital crease) 
and — L.I.-11 (between the radial end of the cubital crease and 
the lateral epicondyle). 







Biceps tendon 


Needling 
Vertically 0.5—1 cun. Needle with the arm slightly flexed. Use 
bloodletting for Heat disorders. Caution: Avoid cubital vein. 


Actions/Indications 

e Clears Heat in the Upper Burner 

e Descends the Lung Qi 

e Regulates the water passages 

e Opens the channel and /uo-connecting vessels, alleviates pain 


Special features 

He-sea point, Water point, sedation point, distal point for the 
Lung, local point for the elbow. Use bloodletting for disorders of 
the skin and Lung due to excess and/or Heat. 


Right arm 





Triceps brachii, 
Biceps brachii medial head 







Biceps tendon .___ 


Cubital crease ----—— 





Aponeurosis 2 P-3 
of the biceps 
brachii HE-3 
i 
Z 
_ Medial 
ma epicondyle 
Tendon of 
the biceps 
brachii _ Palmaris 
4- longus 


Left arm, anterior aspect 
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1/10/2018 Basic Electronics 1A 


Name these components: on the left are called 
| PASSIVE COMPONENTS. 


i 
— oe, _— This means they do not 
1 — amplify. 
I 
ox 


7 





Write the name beside each 
symbol. 


= 


awe et 


Pa ee 


Fig 47. Passive Coinponants 








to Index 


The Potentiometer is a variable 
resistor. 

It consists of a curved carbon track 
with a wiper that touches the track and 
can be turned via a screwdriver or 
knob. 

The wiper is the middle wire on the 
circuit symbol and it moves up and 
down as shown in the animation. 
When the three leads are connected 
the symbol is called a potentiometer. 
When two leads are connected it is a 
variable resistor. 

When the resistance increases, less 
current flows through the pot. 








to Index 


There is a difference in operation between a 
Variable Resistor and a Potentiometer. 

Both will increase or decrease the sound level as a 
volume control or the speed of a motor or the 
brightness of a globe, but a Potentiometer will 
guarantee zero volume or zero brightness when 
the pot is turned fully anticlockwise (as shown in 
the animation). 


variable potentiometer This is because the output will be zero volts, but 


resistor the variable resistor may still deliver some "energy" 


(voltage and current) to the circuit when turned 
Fig 47b. The Variable Resistor fully anticlockwise. 
and Potentiometer 





to Index 





Potentiometers come in values from 100 ohms to 5 Meg ohms (500R, 1k, 2k, 5k, 10k, 50k, 
100k, 200k, 250k, 500k, 1M are most popular). 

They come as linear, or logarithmic where the resistance of the track (per mm) is higher at one 
end. Because our hearing is not linear, these pots can be used as volume controls to produce a 
gradual (very nearly linear) increase in volume. 

Selecting the correct value of resistance for a circuit is VERY complex. If the value is not correct, 
the volume will not be loud or it will drop to zero before the pot is turned fully anticlockwise. Or 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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4 Acupuncture Points of the Twelve Primary Channels 


POA) Biggest Hole KONGZUI 


Location 

On the line connecting — LU-5 (in the cubital crease) and 
— LU-9 (on the wrist crease/joint space), 5 cun distal to 
— LU-5 or 7 cun proximal to > LU-9. 


How to find 

The biceps tendon becomes more visible with the arm flexed. 
First, locate + LU-5 radial to the biceps tendon in the cubital 
crease and — LU-9 radial to the radial artery on the wrist joint 
space (— 3.3.3) between the proximal row of carpals and the 
radius/ulna. By moving the hand, the joint space becomes more 
easily palpable. Next, find the midpoint of the distance between 
— LU-5 and — LU-9 using the spreading hands technique 
(— 2.3.3). LU-6 is located | cun proximal to the midpoint of this 
distance. 

— P-4 is located more medially (between the tendons) and dis- 
tally (1 cun distal to the midpoint of the distance). 





Needling 
Vertically 0.5—-1 cun 


Actions/Indications 

e Descends the Lung Qi 

e Clears Lung Heat 

e Cools Blood Heat, stops bleeding 
e Expels Exterior pathogenic factors 
e Opens the channel 


Special features 
HT Xi-cleft point 














Biceps tendon ~ 


Abductor Radial artery 
pollicis longus ! 
" LU-8 | 





icon 











Tendon of the 
flexor muscle 
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4.1 The Lung Channel System - Hand-taiyin (shou tai yin jing luo) 


Broken Sequence LIEQUE 


Location 

On the radial aspect of the forearm, directly above the styloid 
process of the radius, approximately 1.5 cun proximal to the 
wrist joint space (wrist crease) in a V-shaped groove. 


Wrist joint Abductor pollicis 
space longus 





How to find 

Place the palpating forefinger on the anatomical snuffbox 
(— L.IL-5). From there, glide proximally over the styloid 
process of the radius and locate LU-7 where the finger can pal- 
pate a cleft between two tendons (brachioradialis/abductor polli- 
cis longus). Or: ‘Tiger mouth grip’ (— Fig. 2.6): spread the 
thumb and forefinger of both hands, crossing them so that the 
forefinger of one hand comes to rest on the styloid process of the 
other, but avoiding bending the wrist. LU-7 is located directly 
below the tip of the forefinger in a V-shaped groove 


Needling 

Lift the skin above the styloid process by pinching it. Insert the 
needle 0.5—1 cun obliquely and proximally (reducing) or distally 
(tonifying). Caution: Cephalic vein. 


Actions/Indications 

e Supports the occiput and head 

e Releases the Exterior, expels Wind, descends the Lung Qi 

e Opens and regulates the ren mai 

/ e Regulates the water passages 

e Opens the channel and /uo-connecting channel, alleviates 
pain 














Styloid process 
77 of the ulna Special features 
Luo-connecting point, opening point of the ren mai, Ma Dan 
Yang Heavenly Star point, Gao Wu command point of the 
occiput, exit point. 


—— Triquetrum 





—— Hamate 


Left hand, dorsal aspect 





Styloid process 


Tendon of extensor : 
of the radius 


pollicis longus ‘. 


i 
1 
1 
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4 Acupuncture Points of the Twelve Primary Channels 


| LU-B Channel Gutter JINGQU 


Location 
Lateral to the radial artery, | cun proximal to the ventral wrist 
joint space (most distal wrist crease). 






Abductor pollicis longus 


Radial artery 


How to find 

As the location of the wrist crease varies, use the joint space 
(7 3.3.3) between the proximal row of carpals and the 
radius/ulna for orientation. By loosely moving the hand, the 
joint space is easily palpable. This is the level for palpating the 
radial pulse (using the finger tips, not the finger pads). -~ LU-9 
is located on the radial side of the artery, while LU-8 is located 
1 cun proximal to > LU-9. 

— LLL.-5 is located close to LU-8, but on the dorsal aspect of the a | 
wrist joint in the anatomical snuffbox. 


LU-8 
1 i 


ee i 


ji 





Needling 

0.3-0.5 cun proximally or vertically. Avoid the radial artery Cun 
by gently pushing it to the side when palpating for the point. 

Moxibustion is contraindicated according to some classics. 


Actions/Indications 

e Descends the Lung Qi, alleviates cough and wheezing 
e Opens the pores and expels Wind in particular 

e Opens the channel, especially locally 





Special features 
Jing-river point, Metal point, ben point (Five Phases). 










Distal — Radius 
radioulnar \ 

joint 

= — Styloid process 
i —s. of the radius 
erica 
Wh Z 
—— Lunate 
Pisiform ~_ 
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4.1 The Lung Channel System - Hand-taiyin (shou tai yin jing luo) 


Supreme Abyss TAIYUAN [TEI 





Abductor pollicis 
longus 






\ 
\ 


\ Radial artery 






Styloid proces: 
of the radius 











Tendon of the 


flexor carpi ulnaris Tendon sheath 










Location 

On the ventral aspect of the wrist, at the level of the wrist joint 
space (most distal wrist crease), on the radial aspect of the radial 
artery and ulnar to the tendon of the abductor pollicis longus 
muscle. 


How to find 

As the location of the wrist crease varies, the ventral joint space 
(— 3.3.3) between the proximal row of carpals and the 
radius/ulna is a more reliable landmark for orientation. By 
loosely moving the hand, the joint space is easily palpable. Pal- 
pate the radial artery (pulsation) on the radial side and locate 
LU-9 on its radial aspect. Located on the same level are + P-7 
(between two tendons) and ~ HE-7 (radial to the insertion of 
the tendon of the flexor carpi ulnaris on the pisiform bone). 


XS \ /' of the flexor Needling 
eorpliadialls Vertically 0.2—0.5 cun. Caution: Avoid radial artery. If the needle 
is pulsating (desired effect), no additional stimulation! 
Abductor Gevaneds 
digiti minimi Pie Actions/Indications 
7 pollicis 
os 4 _. Flexor pollicis e Strengthens the Lung, transforms Phlegm, descends the Lung Qi 
\ “brevis e Regulates and harmonises the vessels (relationship between 








_ Abductor 
pollicis 
brevis 


WBS / 


Left hand, palmar aspect 


_- Wrist joint space 


zong gi and Blood circulation) 
e Opens the channel, alleviates pain 


Special features 

Yuan-source point, shu-stream point, Earth point, tonification 
point, hui-meeting point of the vessels. Important point for toni- 
fying the Lung Qi and Yin, especially with chronic disorders. 
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4 Acupuncture Points of the Twelve Primary Channels 


PTET) Fish Border yuji 














Location 
At the midpoint of the palmar border of the Ist metacarpal bone. 


How to find 

With the thumb relaxed, palpate the ‘belly’ of the thenar emi- 
nence from palmar to lateral (radial), then palpate the first 
metacarpal bone. LU-10 is located at the midpoint of its palmar 
‘border’. 

— L.L-4 is located on the dorsal aspect of the hand, close to the 
2nd metacarpal bone. 


Needling 
Vertically 0.5—1 cun. Caution: Painful! 


Actions/Indications 

e Regulates the Lung Qi 

Cools Blood Heat 

Expels pathogenic factors from the throat 
Descends rebellious Qi 

Harmonises the Stomach and Heart 


Special features 
Ying-spring point, Fire point, important distal point for sore 
throat caused by Wind-Heat. 
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4.1 The Lung Channel System - Hand-taiyin (shou tai yin jing luo) 


Lesser Shang SHAOSHANG | LUT 


Location 
On the thumb, 0.1 cun from the radial corner of the nail. 


How to find 

The point is located at the junction of two tangents running 
along the proximal and radial border of the thumb nail, approxi- 
mately 0.1 cun from the actual border of the nail. 


Needling 
0.1-0.2 cun vertically or obliquely in a proximal direction or 
prick to bleed. Avoid needling the perionychium. 


Actions/Indications 

e Frees the senses 

e Regulates the Lung Qi 

e Clears Heat (especially from the throat) 
e Opens the channel 





Special features 
Jing-well point, Wood point, Sun Si Miao Ghost point, impor- 
tant distal point for sore throat caused by Wind-Heat. 
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4.2 The Large Intestine Channel System —- Hand yangming (shou yang ming jing luo) 


4.2 The Large Intestine 
Channel System — Hand 
yangming (shou yang 
ming jing luo) 


4.2.1 The Large Intestine Primary 
Channel (shou yang ming jing) 


i To ST-37 
(lower he-Sea point 
of the Large Intestine) 


Pathway 

The external part of the Large Intestine primary channel begins 

on the index finger at > L.I.-1 (shangyang, at the radial aspect 

of the corner of the nail). This point is reached by a branch 

which separates from the Lung primary channel at ~ LU-7 

(lieque; hand Yin—Yang connection of the first great circuit). 

The Large Intestine primary channel runs between the first and 

second metacarpal bones, 

= then runs proximally along the radial aspect of the forearm 
towards the lateral aspect of the elbow 

™ travels in a proximal direction along the lateral aspect of the 
upper arm towards the shoulder 

= crosses the Small Intestine primary channel at — S.I.-12 
(bingfeng) in the centre of the suprascapular fossa 









= continues to > Du-14 (dazhui) inferior to the spinous process 
of the 7th cervical vertebra, where it meets with the other five 
Yang primary channels 

™ crosses the neck and enters the supraclavicular fossa at 
— ST-12 (quepen). 

Here the internal pathway branches off and connects with the 

Lung (fei), its paired zang-Organ, penetrates the diaphragm and 

enters the Large Intestine (dachang), its pertaining fu-Organ. 

From the Large Intestine (according to some authors: the Large 

Intestine primary channel) an internal branch runs in an inferior 

direction to > ST-37 (shangjuxu) on the lateral aspect of the 

lower leg, the lower he-sea point of the Large Intestine. 
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Level of the —3 cun 


laryngeal 


The external branch ascends from the supraclavicular fossa, 

travels along the lateral aspect of the neck and traverses the 

cheek. 

= From here another internal branch enters the lower gums, 
where it extends further. 

= The external course of the primary channel passes > ST-4 
(dicang) and curves around the mouth to the upper lip, crossing 
to the contralateral side of the body at ~ Du-26 (renzhong), 
located at the philtrum. On the contralateral side of the body, 
it reaches > L.L.-19 (kouheliao) and terminates contralater- 
ally at > L.I.-20 (yingxiang) on the side of the nose. 

Note: Deadman et al. (1998) mention  Ren-24 (chengjiang) as 

additional meeting point (variant — figure). They also mention 

— G.B.-5 (xuanlu), + G.B.-6 (xuanli) and + G.B.-14 (yang- 

bai) as classic meeting points with the Large Intestine channel 

but these are not normally shown in illustrations of the channel. 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: Fever, dryness of the 
mouth, thirst, a sore and swollen throat, nosebleed, toothache, 
red, painful eyes, stiff fingers, painful cold or painful hot 
swellings of the upper arm and shoulder 

Interior (i) or zangfu-Organ signs and symptoms: Pain in the 
lower abdomen, borborygmus, diarrhoea or yellow stools with 
mucus, shortness of breath, dyspnoea 

Excess (shi): Heat sensations along the channel 

Deficiency (xu): Cold sensations and chills along the channel 


Connections of the Large Intestine primary 
channel (— 1.2) 


With other channels 


Lung primary channel (shou tai yin jing) 

Connection: Hand Yin—Yang connection of the first great circuit 
Location: LU-7 — L.I.-1 (on the hand). A branch of the Lung 
primary channel connects with the Large Intestine primary 
channel at L.L-1 (shangyang) 

Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Stomach primary channel (zu yang ming jing) 
Connection: Paired according to the six channel theory (hand— 
foot pairing): yangming (Yang axes of the first great circuit) 
Location: L.I.-20 — (BL-1) — ST-1 (on the head) 
Circulation: Circadian (according to the Organ clock) 
Importance: Above—below relationship 


With the zangfu-Organ systems 
Lung (fei), Large Intestine (dachang), Stomach (wei) 
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4.2.2 The Large Intestine Divergent Pathway 


Channel ( shou yang m in g The Large Intestine divergent channel separates from the Large 
ee ° Intestine primary channel on the hand, 
jing bie) 


= travels along the arm to the shoulder to > L.L-15 (jianyu) 

= from L.I.-15 a branch runs to the thorax and branches out 
into the breasts 

= another branch runs to the cervical spine at the 7th cervical 
vertebra, returns from there to the supraclavicular fossa, 
descends to the Large Intestine (dachang), ascends to the Lung 
(fei) and emerges to the Exterior at + ST-12 (quepen).* 

It then travels along the anterolateral aspect of the neck and con- 

nects with the Large Intestine primary channel and the Lung 

divergent channel at > L.I.-18 (futw) at one of the six he- 

confluences’ (here: L.L/LU as 6th confluence — 1.3). 





(6th confluence) : 
LL-18 \, 





AAEILLEIT tte, 


Clinical importance 

e Strengthens the connection between the Lung and the Large 
Intestine (zangfu-Organs). Points on the Large Intestine pri- 
mary channel can therefore be used for disorders of the Lung, 
and vice versa points on the Lung primary channel can treat 
disorders of the Large Intestine. 

e A branch of the Large Intestine divergent channel spreads 
(from — L.I.-15) across the thorax and the breasts, thus 
extending the actions of the points on the Large Intestine pri- 
mary channel to these regions, for example for the treatment 
of mastitis, myalgias and thoracic pain. 





*Some authors describe the divergent channel as travelling directly from the 
spine to the Large Intestine, without meeting + ST-12 (variant > Fig.). 

* According to some authors the 6th he-Confluence is located at + ST-12 
(quepen). 
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4.2.3 The Large Intestine Sinew Pathway 


Channel (shou yang ming jing jin) The Large Intestine sinew channel 
= begins on the index finger at > L.L-1 (shangyang) 


= runs along the index finger and the 2nd metacarpal bone 
towards the wrist, where it binds (jie) at > L.L.-5 (yangxi) 

™ travels along the posterolateral aspect of the forearm 

= reaches the elbow and binds (jie) at > L.I.-11 (quchi) 

= continues along the lateral aspect of the upper arm and the 
deltoid muscle to the shoulder, where it binds (jie) again at 
— L.L.-15 (jianyu) 

= from L.L-15 a branch spreads across the scapula and then 
attaches to the spine between the 7th cervical vertebra and the 
5th thoracic vertebra (or between — Du-14 (dazhui) and 
— Du-11 (shendao). 

= The main branch ascends from L.L-15, crosses the supra- 
clavicular fossa and continues from there along the lateral 
aspect of the neck towards the angle of the jaw where it binds 
(jie). 

Here it forks into two branches: 

= One branch runs across the zygomatic bone towards the lat- 
eral side of the nose 

= The other branch ascends the lateral aspect of the face and 
anterior to the Small Intestine sinew channel, connects at 
— G.B.-13 (benshen) with the other sinew Yang channels, 
crosses over the head and ends at the lower jaw on the 
opposite side. 

Note: According to some schools of thought, the sinew channel 

only ends at > L.I.-17 (tianding; Solinas et al. 1998). 







G.B.-13 - 


(Meeting point of the 
3 sinew hand Yang 
channels) 


Clinical importance 

Pathology: cramps, pain, tension and stiffness along the Large 
Intestine sinew channel. Limited range of motion of the upper limbs 
and shoulders. Occipital pain, stiffness and limited range of motion. 
Indication: Mainly for bi-syndrome (painful obstruction syn- 
drome) along the Large Intestine channel. The area covered by the 
Large Intestine sinew channel is larger than that covered by the 
Large Intestine primary channel. This explains why the indications 
of points on the Large Intestine primary channel include disorders 
and diseases of the upper neck and thoracic region as well as of the 
whole face (for example frontal and temporal headaches). 
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Basic Electronics 1A 


the motor will drop to zero at mid-turn of the pot or it will not reduce in RPM to the desired 


amount. 
The simple answer is to copy a circuit. 


Or you can try the whole range of pots and you will find one value is the best. 

A Potentiometer can be used in hundreds of different circuits to produce hundreds of different 
effects, but the actual "thing" that flows between the input and output is a percentage of the 
voltage. At the same time the current will also be passed to the output at a reduced value. A pot 
actually delivers BOTH reduced values at the same time and the receiving circuit will be 
designed to "look for" the change in voltage or current. If the supply voltage is not rising or 


falling, the "values" are called DC values. 


The voltage can also be in the form of a signal (volume). This is called an AC signal. 





emitter collector 
base “=() 
collector emitter 


PNP Transistor NPN Transistor 


_ collector 


emitter 


e - 
collector |_| emitter 


vs 
base 
PHP type 
HPH type 


Fig 48. The TRANSISTOR 


large current 


large 


small current 


current 


| collector 


Fig 49. The NPN TRANSISTOR in a Circuit 








to Indexx 


The TRANSISTOR 

A TRANSISTOR is an ACTIVE 
device. It AMPLIFIES. 

There are many types of transistor 
(over 20,000 different types) from 
hundreds of manufacturers and 
they have many different names. 
We are going to study the simplest. 
It has the technical name BIPOLAR 
JUNCTION TRANSISTOR (BJT) 
but we are going to call ita 
TRANSISTOR. 

There are two types in this group: 
PNP and NPN. 


The type we will study is also called 
a SMALL-SIGNAL TRANSISTOR. 


You cannot tell an NPN transistor 
from PNP by looking at it. You must 
test it in a circuit. 

In Fig 65 you will make a 
Transistor Tester project, but first 
some basic facts: 


to Index 


The first type of transistor we are 
going to study is the NPN. 

A transistor has three leads: 
BASE, COLLECTOR and 
EMITTER 

Basically, a small current enters the 
base and a large current flows 
through the collector-emitter leads 
as shown in the diagram. 

The resistor in the collector lead is 
called the LOAD Resistor. 
Sometimes the load is a speaker. 





to Index 


The transistor is similar to 


the diagram opposite. A 
small drop of water entering 
the base is amplified to 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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4.2 The Large Intestine Channel System —- Hand yangming (shou yang ming jing luo) 


4.2.4 The Large Intestine 
luo-Connecting Vessel System 
(shou yang ming luo mai) 





Pathway 

The Large Intestine /uo-connecting channel system begins at the 

luo-connecting point > L.L.-6 (pianli) (7 8.1.2), where it 

branches off from the primary channel and forms a three-dimen- 

sional reticular network, dividing into numerous branches and sub- 

branches (sun luo, fu luo, xue luo — 1.5) within the surrounding 

tissue. 

= Horizontal divisions course to the Interiorly—Exteriorly paired 
Lung primary channel; according to some schools (for example, 
Van Nghi — Appendix) they travel as a transverse LU 
luo-connecting vessel to the yuan-source point —~ LU-9 
(taiyuan). 

= A longitudinally orientated division follows the Large Intes- 
tine primary channel to L.I.-15 Gjianyu), continues via the 
supraclavicular fossa to — ST-12 (quepen) and along the 
neck to the mandibular angle, where it spreads. One branch 
runs to the teeth; another branch reaches the ear, where it 
communicates with all channels reaching the ear. 


Clinical importance (— 8.1.2) 


Pathology 

e Excess (shi): Disorders of the teeth and gums, disorders of 
the ears 

e Deficiency (xu): Sensitive teeth and gums (such as sensitivity 
to cold), sensation of tightness in the chest and diaphragm 


4.2.5 Cutaneous Region 
(yang ming pi bu) 


See description and figures > 1.6 


4.2.6 Points of the Large Intestine 
Primary Channel (Overview) 


Specific points according to their function 
e Yuan-source point (— 8.1.1): L.L-4 (hegu) Sm 
e Luo-Connecting point (— 8.1.2.): L.L-6 (pianli) Sm 
e Xi-cleft point (— 8.1.3): L.L.-7 (wenliu) 
e Associated Back-shu point (— 8.1.4): BL-25 (dachangshu) 
on 
Associated Front-mu point (— 8.1.5): ST-25 (tianshu) 
e Five shu-transport point (— 8.1.6): 
jing-well point (Metal), ben point:. L.-L.1 (shangyang) 
ying-spring point (Water), sedation point: L.L-2 (erjian) 
shu-stream point (Wood): L.I.-3 (sanjian) 
jing-river point (Fire): L.I.-5 (yangxi) 
he-sea point (Earth), tonification point: L.I.-11 (quchi) Sl 
e Hui-meeting point (— 8.1.7): - 
e Opening point (— 8.1.8): - 
e Lower he-sea point (— 8.1.9): - 
e Jiaohui-meeting points (— 8.1.10): 
— with the Small Intestine primary and BL channel, yang wei 
mai: L.I.-14 (binao)* 
— with the yang giao mai: L.L.-15 (jianyu) mm, L.I.-16 Gugu) 
— with the primary ST channel: L.L-20 (yingjiang) Sl 
— of other channels with the L.I. channel: ST-4, ST-12, 
S.L-12, Du-14, Du-26, Ren-24*; according to some 
classics: G.B.-5, G.B.-6, G.B.-14 
e Gao Wu command point (— 8.1.11) for the face and 
mouth: L.L-4 (hegu) BE 
e Window of Heaven point (— 8.1.12): L.L-18 (futu) 
e Point of the Four Seas (— 8.1.13): — 
e Ma Dan Yang Heavenly Star points (— 8.1.14): L.L-4 
(hegu) mM, L.I.-11 (quchi) OB 
e Sun Si Miao Ghost point (— 8.1.15): L.L-11 (quchi) Om 


* Mentioned by only some authors 
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Points according to region 

e Local points (> 8.2.1): nose — L.L-20 (yingxiang) MM, 
shoulder — L.L-15 (jianyu) @m; elbow — L.I.-11 (quchi) &&; 
hand — L.L-5 (yangxi); hand and fingers — L.L.-4 (hegu) SM; 
fingers (numbness and pain) — L.I.-3 (sanjian) 

e Regional points (— 8.2.1): elbow — L.L-10 (shousanli), 
L.L.-13 (shouwuli); shoulder and elbow — L.I.-14 (binao) 

e Distal points (— 8.2.1): forehead, eyes, mouth/teeth — L.I.-4 
(hegu) &®; nose — L.L.-3 (sanjian), L.I.-4 (hegu) BM; neck — 
L.L-4 (hegu) am, L.I.-11 (guchi) &®; mouth/teeth — L.I.-2 
(erjian), L.I.-4 (hegu) @™; shoulder, elbow, hand, fingers — 
L.IL.-4 (hegu) am, L.L-1 (shangyang); knee and foot — L.L.-5 
(yangxi); foot — L.L-2 (erjian), L.I.-3 (sanjian); toes — L.L.-4 
(hegu) SS 


Specific points according to the course of the 

channel (in numerical order) 

e L.I.-1 (shangyang): jing-well point (Metal) (— 8.1.6); ben 
point (Five Phase point); distal point for the elbow and the 
hand (— 8.2.1) 

e L.L-2 (erjian): ying-spring point (Water) (— 8.1.6); sedation 
point; distal point for the mouth/teeth (— 8.2.1); distal point 
for the foot (— 8.2.1) 

e L.L-3 (sanjian): shu-stream point (Wood) (— 8.1.6); local 
point for the fingers (numbness and pain) (— 8.2.1); distal 
point for the nose (> 8.2.1); distal point for the feet (— 8.2.1) 

e L.L-4 (hegu) @®: yuan-source point (— 8.1.1); Ma Dan Yang 
Heavenly Star point (> 8.1.14); Gao Wu command point 
(— 8.1.11) for the face and mouth; important point for acupunc- 
ture anaesthesia; distal point for the forehead, eyes, nose, 
mouth/teeth, jaw, shoulder, elbow, hand, fingers (7 8.2.1); 
local point for the hand and fingers (stiffness) (— 8.2.1) 


—ph— 


L.I.-5 (yangxi): shu-stream point (Fire) (— 8.1.6); local point 
for the hand (— 8.2.1); distal point for the knees and feet 
(= 8.2.1) 

L.L-6 (pianli): luo-connecting point (— 8.1.2) 

L.I.-7 (wenliu): xi-cleft point (> 8.1.3) 

L.I.-10 (shousanli): adjacent point for the elbow (— 8.2.1) 
L.I.-11 (gichi) Sm: Sun Si Miao Ghost point (> 8.1.15); he- 
sea point (Earth) (— 8.1.6); tonification point; Ma Dan Yang 
Heavenly Star point; distal point for the neck (— 8.2.1); local 
point for the elbow (— 8.2.1) 

L.I.-13 (shouwuli): regional point for the elbow (— 8.2.1) 
L.L-14 (binao)*: jiaohui-meeting point with the S.I. and BL 
channel and the yang wei mai* (— 8.1.10); regional point for 
the shoulder and elbow (—> 8.2.1) 

L.L-15 (jianyu) @@: jiaohui-meeting point with the yang giao 
mai (— 8.1.10); local point for the shoulder (— 8.2.1) 
L.L-16 (jugu): jiaohui-meeting point with the yang giao mai 
(= 8.1.10) 

L.I.-18 (futu): Window of Heaven point (> 8.1.12) 

L.L-20 (yingxiang) @m™: local point for disorders of the 
nose (— 8.2.1); jiaohui-meeting point with the ST channel 
(— 8.1.10) 


General location help 
e The course of the line connecting L.L-5 and L.L-11 (12 cun) 


changes depending on whether the forearm is in a supinated 
or a pronated position. For location purposes the forearm 
should be in a midposition with the elbow slightly flexed. 
Since the L.I. channel crosses to the opposite side of the body 
at Du-26 (nasolabial groove), locate L.L-19 and L.I.-20 
contralaterally. 





* Mentioned by only a few authors 
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4.2 The Large Intestine Channel System — Hand yangming (shou yang ming jing luo) 


Shang Yang SHANGYANG PLAT 


Location 
On the index finger, 0.1 cun from the radial corner of the nail. 


How to find 

This point is located where two tangents bordering the nail of 
the index finger medially and proximally cross, approximately 
0.1 cun from the corner of the nail. 


Needling 

0.2-0.3 cun vertically or obliquely in a proximal direction. 
Avoid needling the perionychium. For acute disorders (pain, 
inflammation), prick to bleed with needle, lancet or three-edged 
needle. 


Actions/Indications 
e Expels pathogenic factors and opens the channel 
e Frees the senses 


Special features 
Jing-well point, Metal point, ben point (Five Phases), entry point 
according to some authors. 












fi JEX-UE-9 
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cw Second Space ERJIAN 














Location 

On the radial aspect of the index finger, distal to the metacarpo- 
phalangeal joint, at the junction of the shaft and the basis of the 
proximal phalanx. 


How to find 

With the hand relaxed, palpate the border between the ‘red to 
white’ skin along the shaft of the second proximal phalangeal 
bone towards the metacarpo-phalangeal joint until the angle 
between the base and the shaft of the bone can be clearly felt. L.L.-2 
is located at the junction of the shaft and the base and slightly 
below (palmar to) the most external curvature of the bone. 

— S.L.-2 is located in a similar position at the proximal phalanx 
of the little finger. 


Needling 
0.2-0.5 cun obliquely in a proximal direction or distal in a 
slightly palmar direction. 


Actions/Indications 
e Clears Heat and expels Wind 


Special features 
Ying-spring point, Water point, sedation point, distal point for 
the mouth and teeth 





i)» (baxie) 


Proximal phalanx II 







, carpal II 


Meta- 


fi] Ex-UE-9 
Fy (baxie) 
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Proximal 
phalanx II 
xX 
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>> Most distal 
palmar crease 





fel Ex-UE-9 
Fil’ (baxie) 


py S.1-2 


Third Space SANJIAN [EE 


Location 

On the radial aspect of the index finger, proximal to the 
metacarpo-phalangeal joint, at the junction of the shaft and the 
head of the 2nd metacarpal bone. 


How to find 

With the hand relaxed, palpate along the radial aspect of the 2nd 
metacarpal bone in a distal direction until the angle formed 
between the head and the shaft can be clearly felt. L.I-3 is 
located at the junction of the shaft and the head and slightly 
below (palmar to) its most external curvature. > S.L.-3 is located 
in a comparable position on the ulnar aspect of the 5th 
metacarpal bone (on the ulnar border of the hand). Located in a 
comparable location on the feet are + SP-3 and > BL-65. 


Needling 
With the hand relaxed, 0.3-1 cun vertically directly below the 
lower border of the metacarpal bone towards — S.L-3. 


Actions/Indications 

e Clears Heat and expels Wind 
e Benefits the throat and teeth 
e Alleviates pain 


Special features 
Shu-stream point, Wood point. Important point for pain in the 
fingers and the metacarpus. 
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| LL Joining Valley HEGU 


Location 

On the radial aspect of the hand, between the Ist and 2nd 
metacarpal bones, closer to the 2nd metacarpal bone and 
approximately at its midpoint. 


How to find 

When pressing the thumb and index finger together, the adductor 
pollicis and the interosseus dorsalis muscles will form a bulge. 
Needle L.L.-4 at the highest point of the bulge and push it further 
towards the inferior aspect of the second metacarpal bone. Or: Meta- 
Spread the thumb and forefinger and place the distal phalanx of eal 
the thumb of the other hand on the webbed border. When flexing 
the thumb, its tip will point to L.I.-4. Or: Insertion on the angle 
bisector between the Ist and 2nd metacarpal bones, needling in 
the direction of the midpoint of the second metacarpal bone. 










1 
1 
I 
ai 
i 


7 _ ni 


Needling 
0.5-1 cun vertically or slightly obliquely towards the palmar 


\_ Internal location 
aspect of the hand. Caution: Reducing needle techniques are | 2S ae 


contraindicated during pregnancy; exception: to induce labour. 


Actions/Indications 

e Releases the Exterior (main point!) 

e Regulates the face and head 

e Regulates the Defensive Qi (wei qi) and sweating 
e Opens the channel and /uo-connecting vessels 


oa | 7 e Alleviates pain 





e Promotes labour 


Special features 

Yuan-source point, Gao Wu command point for the head and 

mouth, Ma Dan Yang Heavenly Star point, entry point according to 

some authors. Most important analgesic point for the whole body. 

P) I Most important single distal point for disorders of the face and 
@ 






_EX-UE-9 
(baxie) 


sensory organs. It is the most commonly used point in clinical 
practice. The combined bilateral needling of L.I.-4 and ~ LIV-3 
(between the 2nd and 3rd metatarsal bones) is known as si guan 
(Four Gates): they strongly regulate the Qi and Blood, stop pain 
and relieve spasms. 


DS EX:UE-9 
=} (baxie) a cE : 
~ Ld a 3 'f S.L-3 
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4.2 The Large Intestine Channel System — Hand yangming (shou yang ming jing luo) 
Yang Stream YANGX! [RES 
Tendon of the extensor Styloid process Location 


pollicis longus of the raditc With the thumb abducted, in a depression between the tendons 
Ee i of the extensor pollicis longus and brevis muscles (‘anatomical 
snuffbox’), on the radial aspect of the wrist. 










\ 
1 

1 
1 





i 


How to find 

The anatomical snuffbox is a depression on the radial aspect of 
the wrist formed when abducting the thumb. Holding the hand in 
a horizontal position, it opens towards the body. L.L.-5 is located 
on the wrist joint space, which becomes palpable by moving the 
wrist. + LU-9 is also located on the wrist joint space and can be 
found by moving anteriorly from L.I.-5 across the short tendon 
of the extensor pollicis muscle. 


Needling 
Vertically 0.5—1 cun. Caution: Avoid the superficial cephalic vein. 


Actions/Indications 

e Supports the wrist joint 

e Clears Fire and expels Wind 

e Clears Fire from the yangming (L.I., ST) and calms the shen 


Special features 
Jing-river point, Fire point. Important local point for disorders 


Ne of the wrist, together with T.B.-4, S.I.-5, HE-7, P-7 and LU-9. 
uctor Radial artery 
pollicis longus i 

‘ Lu-8 ; 
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4 Acupuncture Points of the Twelve Primary Channels 


| LL-6 Veering Passage P\ANLI 





Location 

3 cun proximal to > L.L-5 (in the centre of the anatomical 
snuffbox), on the line connecting ~ L.L-5 and — L.L-11, 
between the abductor pollicis longus and the extensor pollicis 
brevis muscles, at the level of the junction between the tendon 
and the muscle. 


How to find 

Please note: The course of the line connecting — L.I.-5 and 
— L.I.-11 depends on the position of the forearm. For location pur- 
poses, a midposition of the forearm with flexed elbow is recom- 
mended. To locate L.I.-6, measure 3 cun (1 handsbreath) from 
— L.I.-5 (centre of the anatomical snuffbox) on the connecting 
line. Or: ‘Tiger mouth grip’ (— Fig. 2.6): Spread thumb and index 
finger of both hands, crossing them so that the forefinger of one 
hand comes to rest on the styloid process of the other, but avoiding 
bending the wrist. Place the middle finger against the forefinger: 
L.L.-6 is located directly below the tip of the middle finger. 
Located at the same level (3 cun proximal to the wrist joint 
space) on the dorsal side of the forearm are — T.B.-6 (in the 
depression between the radius and the muscle) and — T.B.-7 (in 
the depression between the ulna and the muscle) as well as > P-5 
(on the ventral side of the forearm between the tendons). 


Needling 


Obliquely or transversely (subcutaneously) 0.5—1 cun 


Actions/Indications 

e Expels Wind, clears Heat 

e Regulates and opens the water passages 
e Opens the channel and /uo vessels 


Special features 
Luo-connecting point. Major point of the L.I. channel for regu- 
lating the water passages. 














Wrist joint space 
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4.2 The Large Intestine Channel System —- Hand yangming (shou yang ming jing luo) 
Warm Flow WENLIU 
Location 


5 cun proximal to the anatomical snuffbox in the direction of the 
lateral end of the elbow crease or | cun distal to the midpoint of 
the line connecting — L.I.-5 and > L.I.-11. 





How to find 

Please note: With the hand supinated, the line connecting 
— L.I.-5 and > L.L-11 runs alongside the radial margin of the 
forearm. However, with the arm pronated, it transverses the fore- 
arm. L.I.-7 lies on the dorso-lateral aspect of the radius and is 
best located with the forearm in midposition and the elbow 
flexed. Spreading hands technique: Place the little fingers on 
— L.I.-5 and — L.L-11 and span the hands evenly so that the 
thumbs join at the midpoint of the line. From there, measure 
1 cun distally. + T.B.-8 is located 4 cun proximal to the wrist 
crease between the radius and the ulna in the centre of the dorsal 
forearm or | cun distal to L.L.-7. 


Needling 
Vertically 0.5—1 cun 


Actions/Indications 

e Treats acute disorders 

e Clears Heat and toxic Heat 

e Regulates the Stomach and Large Intestine 


Special features 
Xi-cleft point 
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4 Acupuncture Points of the Twelve Primary Channels 


DES) tower Angle XiALIAN 








Location 

4 cun distal to the lateral end of the elbow crease in the direction 
of the anatomical snuffbox and on a line connecting > L.L-5 
and > L.I.-11. 


How to find 

Please note: In supination, the line connecting — L.I.-5 and 
— L.IL-11 runs along the radial margin of the forearm; in 
pronation, it transverses the forearm. L.I.-8 lies on the dorsal 
aspect of the radius and is best located with the forearm in mid- 
position and the elbow flexed. L.L-8 can be found either 4 cun 
distal to > L.I.-11 or 2 cun proximal to the midpoint of the line 
connecting > L.I.-5 and — L.I.-11 (spreading hands technique, 
— 2.3.3). 

— T.B.-9 is 5 cun distal to the olecranon between the radius and 
the ulna, about | cun distal to L.I.-8 in the middle of the dorsal 
forearm. 


Needling 
Vertically or obliquely 0.5—1 cun 


Actions/Indications: 

e Opens the channel 

e Cools and expels Wind 

e Harmonises the Small Intestine 





4 cun 8 cun 
eS zi 
@--. 
me @--S222ce 
OST iia Sata 2 
L.I.-8 ae 
a = 





Lateral epicondyle 


S5cun_ /-B.-9 
> @< 


7 cun 








Sa 


——— 


> Midpoint of the wrist_ 


—_—- 


1/10/2018 Basic Electronics 1A 


produce a loud DRIP from 


This tap is the base-bias resistor, feeding the speaker 


a small current into the base of the 
transistor. 


— 

A battery 

is similar 

to a water 
Each drop of water pump. 
turns the transistor 
ON and produces a 
"thump" from the 
speaker. 








Fig 50. The Water TRANSISTOR 








to Index 


In this experiment we will construct 
a ONE TRANSISTOR circuit 
similar to the WATER 
TRANSISTOR above and observe 
the results. 
Make sure the two leads DO NOT 
TOUCH. If they touch, the 
transistor will be DESTROYED. 
collector 
The transistor is amplifying the 
current through your finger via the 
two leads and it will be very dim. 


HPH Transistor 
BC 547 2H 2222 


ANIMATION 


The lower diagram shows the 
transistor turning ON when a finger 
is pressed against the two wires. 
The finger produces a resistance 
that turns the transistor ON and 
this turns the transistor into a 
smaller and smaller resistor. That's 
how more and more current flows 
through the LED and it gets 
brighter and brighter. 





Fig 51. One Transistor Circuit 


to Index 


By adding another 
transistor we amplify the 
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4.2 The Large Intestine Channel System — Hand yangming (shou yang ming jing luo) 


Upper Angle SHANGLIAN [ERE 


Location 

3 cun distal to the lateral end of the elbow crease in the direction 
of the anatomical snuffbox, on the line connecting > L.I.-5 and 
— L.I.-11. 





How to find 

Please note: With the hand supinated, the line connecting 
— L.I.-5 and — L.I.-11 runs along the radial margin of the fore- 
arm. However, with the arm pronated, it transverses the forearm. 
L.I.-9 lies on the dorsal aspect of the radius and is best located 
with the forearm in midposition and the elbow flexed. From 
— L.I.-11, measure 3 cun distally. The point is located in an eas- 
ily palpable depression between two muscle bellies and is often 
tender with pressure. 





Needling 
Vertically or obliquely 0.5—1 cun 





Actions/Indications 
e Opens the channel, cools and expels Wind 
e Harmonises the Large Intestine 
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4 Acupuncture Points of the Twelve Primary Channels 


PET arm three Miles sHOUSANLI 


110 








Location 

2 cun distal to ~ L.L-11, on the line connecting — L.I.-5 and 
— L.I.-11, on the extensor carpi radialis longus muscle; a deeper 
insertion will reach the supinator muscle. 


How to find 

Please note: With the hand supinated, the line connecting 
— L.I.-5 and — L.L-11 runs along the radial margin of the fore- 
arm. However, with the arm pronated, it transverses the forearm. 
L.I.-10 lies on the dorsal aspect of the radius and is best located 
with the forearm in midposition and with the elbow flexed. First, 
palpate — L.L-11 in the depression lateral to the radial end of the 
cubital crease. L.I.-10, usually sensitive to pressure, is found by 
measuring 2 cun distally from — L.I.-11 on the connecting line. 


Needling 
Vertically 1-2 cun 


Actions/Indications 

e Regulates the Qi and Blood (in the upper extremity), opens 
the channel and uo vessels, alleviates pain 

e Regulates the Stomach and Intestines 


Special features 
Important local point, often used in chain-and-lock method with 
other channel points 
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4.2 The Large Intestine Channel System —- Hand yangming (shou yang ming jing luo) 
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LU-5 e Medial 
epicondyle 

Tendon of 
the biceps 
brachii 


v Palmaris longus 


— Flexor carpi 
radialis 


Left arm, anterior aspect 


Lateral head 


Brachialis — —— of the triceps 
brachii 
Brachioradialis — Wledial head 
of the triceps 
brachii 


Extensor — —— Tendon of the 
carpi radialis triceps brachii 
longus SS 
~ T.B.-10 
on 
lel Olecranon 
Lateral “ 
epicondyle 
—— Flexor carpi 
ulnaris 


Left arm, posterior aspect 


Pool at the Crook QUCHI LTT | 


Location 

With the elbow flexed, on the lateral end of the elbow crease, in 
a depression between the end of the crease and the lateral epi- 
condyle of the humerus, on the extensor carpi radialis longus 
muscle. 


How to find 

First, with the elbow completely flexed, locate the lateral end of 
the elbow crease. Next, with the elbow flexed at approximately 
90°, palpate for a pressure-sensitive depression in this area on 
the extensor carpi radialis longus muscle. L.L-11 is located 
close to the border of the proximal aspect of the ulna. 

Also located at the level of the elbow crease are 7 LU-5, — P-3 
(radial/ulnar of the tendon of the biceps) and + HE-3 (with the 
elbow completely flexed at the medial end of the cubital crease). 


Needling 
Vertically 1-1.5 cun 


Actions/Indications 

e Clears Heat, expels Wind 

e Clears yangming — Fire 

Cools the Blood, drains Dampness, alleviates itching 
Opens the channel 


Special features 

He-sea point, Earth point, tonification point, Sun Si Miao Ghost 
point, Ma Dan Yang Heavenly Star point. Important point for 
Heat conditions and disorders of the upper extremity. 


Biceps _ 
tendon ~~>--~._ 






Cubital crease ---- 


Right arm, anterior aspect 











my HO] IN KOEI JIS 





111 


lan 











Ch04.2-F10028.qxd 2/23/08 7:05 PM Page 112 an 





4 Acupuncture Points of the Twelve Primary Channels 


Ect i25| Elbow Crevice ZHOULIAO 








Location 
1 cun proximal to the lateral end of the elbow crease (7 L.L-11), 
on the anterior border of the humerus. 


How to find 

L.I.-12 is best located with the elbow flexed at 90°. From 
— L.L-11 (on the lateral end of the elbow crease), palpate 1 cun 
towards proximal. There, palpate for the anterior border of the 
humerus. L.I.-12 is located at the junction of the shaft with the 
lateral epicondyle of the humerus and in front of the anterior 
border of the bone. 


Needling 
Vertically 0.5—1 cun, needle insertion between the border of the 
humerus and the flexor muscles in a medial direction. 


Actions/Indications 
e Opens the channel 
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4.2 The Large Intestine Channel System —- Hand yangming (shou yang ming jing luo) 


Arm Five Miles SHOUWULI L183 


Location 

On the lateral aspect of the upper arm, 3 cun proximal to the 
lateral end of the elbow crease (— L.I.-11), in the direction of 
the head of the humerus. 


How to find 

This point is located on a line connecting — L.L-11 (lateral end 
of the elbow crease) and > L.I.-15 (in a depression anterior and 
inferior to the acromion), on the lateral border of the biceps, in a 
groove between the biceps and the brachialis muscles. With the 
elbow flexed at 90°, measure 3 cun from — L.I.-11 towards 
proximal. Ask the patient to flex their biceps. 


Needling 
Vertically 0.5—1 cun, alongside the anterior border of the humerus. 


Actions/Indications 
e Opens the channel 
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4 Acupuncture Points of the Twelve Primary Channels 


| LL-14 | Upper Arm BINAO 


Location 

On the lateral aspect of the upper arm, on a line connecting 
— L.L-11 and — L.I.-15, 7 cun proximal to > L.L-11 and 
slightly superior to the pointed insertion of the deltoid muscle. 


How to find 

This point is best located with the elbow flexed and the deltoid 
muscle flexed against resistance, making the lateral border of the 
muscle belly more visible. L.I.-14 is located in a depression on 
the lower pointed insertion area of the deltoid. ‘By moving the 
upper arm towards the tip of the nose, the patient will touch the 
approximate location of this point.’ For orientation: This point 
lies approximately 2 cun inferior to the anterior end of the axil- 
lary fold (— 2.2). 


Needling 
Vertically 0.5—1 cun; also obliquely towards the shoulder for dis- 
orders of the eyes. 


Actions/Indications 
e Opens the channel and luo vessels, alleviates pain 
e Benefits the eyes 


Special features 


Important local point. According to some authors, meeting point 
with the yang wei mai and the S.I. and BL channels. 


Clavicle 










L.L.-15 





Deltoid N 


- Infraclavicular 
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4.2 The Large Intestine Channel System — Hand yangming (shou yang ming jing luo) 


Deltoid, posterior 
fibres 
pular spine 








fibres 
t 


_~ Acromion 
= 


_-_ Deltoid 


- Triceps brachii, 
lateral head 





7 
Teres major 


Triceps brachii,” 
long head 


_—— Biceps brachii 


Deltoid, lateral 


Shoulder Bone JIANYU JER 


Location 
In the depression distal and anterior to the acromion, between 
the clavicular and acromial portions of the deltoid muscle. 


How to find 

Ask the patient to abduct their arm. With the arm in a horizontal 
position, two depressions will form in the insertion area of the 
deltoid, distally to the acromion. By placing the thumb and 
index finger in those depressions in a pincer-like grip (with 
thumb and finger 1 thumb’s breadth apart), the anterior finger 
will be in the anterior depression, where L.I.-15 is located. 

— T.B.-14 is located under the posterior finger in the dorsal 
depression. 


Needling 

With the arm slightly adducted, 1—1.5 cun obliquely in the bony 
cleft and in a posterior direction; with the arm abducted, 0.5—1 
cun vertically. Caution: Shoulder joint. 


Actions/Indications 

e Expels Wind-Damp, opens the channel, alleviates pain, sup- 
ports the shoulder joint 

e Expels Wind 

e Regulates the Qi, resolves Phlegm 


Special features 

Meeting point with the yang giao mai. Important local point for 
disorders of the shoulder, often used with chain-and-lock method 
(— 8.3.6) with other channel points of the upper extremity. 
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4 Acupuncture Points of the Twelve Primary Channels 


| LL-16 | Great Bone JUGU 


Location 
In a depression between the acromial extremity of the clavicle 
and the junction of the scapular spine and the acromion. 





Scapular spine 


L.1.-16 AC joint 










How to find 

This point is located on the shoulder, at the angle between the 
acromio-clavicular joint and the junction of the scapular spine 
and the acromion (— 3.3.1), above the most lateral portion of the 
trapezius and supraspinatus muscles. At this point, the tendon of 
the supraspinatus delves below the acromion, where it often 
causes problems owing to the cramped anatomical structure (for 
example, impingement syndrome). 


Needling 
Vertically 0.5—1 cun 


Actions/Indications 
e Opens the channel, supports the shoulder joint 


Special features 
Meeting point with the yang giao mai 


_-_ Deltoid 


-. Triceps brachii, 
lateral head 





a, 
Teres major 


/ 
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4.2 The Large Intestine Channel System —- Hand yangming (shou yang ming jing luo) 


Heaven's Tripod TIANDING i 


Location 
On the posterior border of the sternocleidomastoid muscle, 1 cun 
below the laryngeal prominence (—> 3.2). 


How to find 

This point is located on the lateral musculature of the neck, 
directly posterior to the sternocleidomastoid muscle. By rotating 
the patient’s head to the opposite side, this muscle will become 
more visible and palpable. — L.I.-18 is located 1 cun superior to 
L.I.-17, between the two heads of the sternocleidomastoid. 






Needling 

Rotate the head back to its normal position before needle inser- 
tion. Vertically 0.3—0.5 cun or obliquely up to 0.8 cun. Caution: 
Carotid artery, jugular vein. 


Laryngeal 
prominence 


Actions/Indications 
e Benefits the throat and larynx 
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(anmian) 
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4 Acupuncture Points of the Twelve Primary Channels 


| LL-18 | Support the Prominence FUTU 


Location ae. 
On the lateral aspect of the neck, at the level of the laryngeal 
prominence, between the two heads of the sternocleidomastoid 
muscle (— 3.2). 


How to find 

From the laryngeal prominence (tip of the Adam’s apple), draw - 
a line across the sternocleidomastoid muscle to its posterior bor- 
der. L.I.-18 is located between the two heads of this muscle, 
which becomes more visible and palpable by rotating the head to 
the opposite side. 

Located on the same level are + ST-9 on the anterior border and 
— §S.I.-16 on the posterior border of the sternocleidomastoid 
muscle. 


Needling 

Rotate the head back to its normal position before inserting the 
needle. Vertically 0.3—0.5 cun or obliquely up to 0.8 cun. Caution: 
Carotid artery, jugular vein. 





Sternal head 


Sternocleidomastoid — 


Actions/Indications 
e Benefits the throat and larynx 








20 
Special features 

Window of Heaven point. Often used when swallowing is diffi- 
cult, for example after a stroke. 
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collector 


BC 547 
2H 2222 base 
or any HPH transistors 





Fig 52. Two Transistor Circuit 















piece of metal mE 100K = == 220R 
or copper-clad LE ti : 
printed 
circuit board 


collector 
BC 547 


2H 2222 


or any HPH transistors 


6V 





current through the finger 
about 200 times and now 
the LED will glow bright. 


Make sure the bare wires 
do not touch each other 
as this will destroy BOTH 
transistors. 


ANIMATION 


The lower diagram shows 
both transistors turning 
ON when a finger is 
pressed against the two 
wires. 

They both becomes 
smaller and smaller 
resistors. 

The first transistor allows 
more current to flow into 
the base of the second 
transistor and this is how 
the second transistor 
turns on more and more. 
This allows more current 
to flow through the LED 
and it gets brighter and 
brighter. 





to Index 


This circuit has 
enormous gain. 

Each transistor has a 
gain or more than 200 
and the final gain will 
be more than: 

200 x 200 x 200 = 
8,000,000 

8 MILLION! 


The circuit is very 
sensitive to static 
voltages in the air or 
electrical waves such 
as the waveform 
produced by the 
electrical wiring in a 
house. 

Move the project 
around a room and 
detect all the electrical 
signals. 
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4.2 The Large Intestine Channel System - Hand yangming (shou yang ming jing luo) 


Mouth Grain Crevice KOUHELIAO | L-19 | 


Location 
On the maxilla, slightly below the lateral margin of the nostril. 


How to find 

By dividing the distance between the margin of the nostril and 
the margin of the upper lip into three sections, L.L-19 is located 
at the junction of the upper and the middle third. 

— Du-26 is located on the same level, on the anterior midline 
and at a distance of approximately 0.5 cun. 


Needling 
Obliquely 0.3-0.5 cun. Painful point! According to some clas- 
sics, moxibustion is contraindicated. 


Actions/Indications 
e Expels Wind and opens the nasal passages 























Ch04.2-F10028.qxd 2/23/08 7:06 PM Page 120 ch 








4 Acupuncture Points of the Twelve Primary Channels 


| LL-20 | Welcome Fragrance YINGXIANG 


Location 
In the nasolabial groove, on the level of the midpoint of the lat- 
eral border of the ala nasi. 


How to find 

L.I.-20 is located by finding the midpoint of the lateral border of 
the ala nasi (7 3.1.2) and following it to the nasolabial groove. 
Tip: The nasolabial groove becomes more pronounced if you ask 
the patient to smile. 


Needling 

0.3-0.5 cun vertically, obliquely or transversely (subcuta- 
neously) in a medial and superior direction towards the extra 
point ~ EX-HN-8 (shangyingxiang or bitong: at the upper end 
of the nasolabial groove, at the transition between the nasal bone 
and the cartilage). According to some authors, moxibustion is 
contraindicated. 


Actions/Indications 
e Opens the nasal passages, expels Wind, clears Heat 


Special features 
Meeting point with the ST channel, exit point. Most important 
local point for disorders of the nose. 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 


4.3 The Stomach Channel ee 


line | 


System — Foot yangming 
(zu yang ming jing luo) 





4.3.1 The Stomach Primary Channel 
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4 Acupuncture Points of the Twelve Primary Channels 
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Pathway 

The Stomach primary channel begins with an internal branch at 

the Yang axes connection of the first great circuit (yangming, 

hand-foot pairing) at > LI-20 (yingxiang) lateral to the ala nasi 

= travels internally to + BL-1 (jingming) at the inner canthus 
of the eye 

= emerges at the infraorbital ridge at ST-1 (chengqi), the begin- 
ning of the external part of the primary channel 

= descends laterally along the nose and enters the gums of the 
upper jaw 

= meets the contralateral Stomach primary channel and the du 
mai at + Du-26 (renzhong) and emerges again 

= curves around the lips to meet the ren mai and again the con- 
tralateral Stomach channel at > Ren-24 (chengjiang) 

= traverses the lower cheek and winds around the lower angle 
of the mandible. 

Here, at + ST-5 (daying), the external channel divides into two 

branches: 

= One branch ascends anterior to the ear, travels via ~ G.B.-3 
(shangguan), > G.B.-6 (xuanli), — G.B.-5 (xuanlu) and 
— G.B.-4 (hanyan) to the temporal region to > ST-8 (touwei) 
and continues to the forehead to meet — Du-24 (shenting), 
where it terminates. 

= The other external branch descends along the lateral aspect 
of the neck to the supraclavicular fossa and travels posteriorly 
over the back of the neck to + Du-14 (dazhui) below the 
spinous process of the 7th cervical vertebra, where it meets 
the other five Yang primary channels. 

An internal branch descends from the supraclavicular fossa, 

passes the diaphragm, enters first its pertaining fu-Organ, the 

Stomach (wei) and then connects with its paired zang-Organ, the 

Spleen (pi). Minor branches of the internal channel intersect 

with — Ren-13 (shangwan), — Ren-12 (zhongwan) and 


—p— 


— Ren-10 (xiawan). The internal branch then descends towards 

the inguinal region where it emerges slightly superior to ST-30 

(gichong) and reconnects with the external branch. 

= The external channel descends from the supraclavicular fossa, 
crosses the nipple and laterally passes the umbilicus, travels in 
a curve to the leg and knee, continues along the anterior crest of 
the tibia and the dorsum of the foot and terminates on the sec- 
ond toe at > ST-45 (/idui) at the lateral corner of the nail. 

= An internal branch originates below the knee area at 
— ST-36 (zusanli) and travels to the lateral aspect of the mid- 
dle toe. 

= A further branch separates from the primary channel at 
— ST-42 (chongyang) on the dorsum of the foot and connects 
at — SP-1 (yinbai) with its paired SP channel on the medial 
aspect of the big toe (foot Yin—Yang connection of the first 
great circuit). 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: High fever, malaria, 
flushed face, sweating, confused mental state, aversion to cold, 
eye pain, dry nasal passages, nosebleeds, dry lips and mouth, 
lesions of the lips and mouth, sore and swollen throat, thoracic 
pain, red and swollen legs 

Interior (Ji) or zangfu-Organ signs and symptoms: Abdomi- 
nal distension, sensation of fullness, oedema, irritability during 
work and rest, mania and epilepsy, hyperpepsinia, constant 
hunger, yellow urine 

Excess (shi): Heat sensations on the anterior aspect of the body, 
constant hunger, yellow urine 

Deficiency (xu): Cold sensations on the anterior aspect of the 
body, chills, Stomach Cold with distension and fullness 


Connections and meeting points of the 
Stomach primary channel (— 1.2) 


Connections with other channels 


Spleen primary channel (Zu fai yin jing) 

Connection: Foot Yin—Yang connection of the first great circuit 
Location: ST-42 — SP-1 (on the foot). 

Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Large Intestine primary channel (shou yang ming jing) 
Connection: Paired according to the six channel theory 
(hand-foot pairing): yang ming (Yang axes of the first great 
circuit) 

Location: L.I.-20 — (BL-1) — ST-1 (on the head) 
Circulation: Circadian (according to the Organ clock) 
Importance: Above—below relationship 


Connections with other zangfu-Organ systems 
Stomach (wei), Spleen (pi) 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 


4.3.2 The Stomach Divergent Channel — Pathway 


( zu yang m in g jin g b ie) The Stomach divergent Cnanne! separates from the Stomach pri- 
mary channel at + ST-31 (biguan) on the antero-lateral aspect 


of the thigh 

™ penetrates the body at the inguinal region at ST-30 (gichong) 

= continues to the Stomach (wei) and disperses in the Spleen (pi) 

™ ascends and penetrates the Heart (xin) 

™ ascends along the oesophagus to the suprasternal fossa and 
travels laterally to the supraclavicular fossa at ST-12 (quepen). 

From there it rises along the anterior border of the sternocleido- 

mastoid muscle and meets its primary channel as well as the 





“a, -- Variant 


T-9 (3rd confluence) divergent Spleen channel at ST-9 (renying) at one of the six he- 
confluences (here: ST/SP as third confluence — 1.3). 

It then emerges at the mouth, ascends along the nose, reaches 
the inner canthus of the eye and connects with the eye, circles 
the eye region and meets the Stomach primary channel at ST-1 
(chengqi) where it terminates (— fig.). 

According to some authors, the Stomach divergent channel con- 
nects with the Stomach primary channel at BL-1 (— variant, fig.). 
After intersecting with BL-1, the divergent channel could enter the 
head, disperse in the brain and re-emerge at ST-1. 


Clinical importance 

e Strengthens the relationship between the Stomach and the 
Spleen (zangfu-Organs). Points on the Stomach primary 
channel can therefore be used for disorders of the Spleen, and 
vice versa points on the Spleen primary channel can treat dis- 
orders of the Stomach. 

e Spreads Qi to the face and sensory organs: many points on the 
ST channel treat disorders of the head and face. 

e Strengthens the relationship between the Stomach and the 
eyes: Heat and excess in this region can be directed down- 
ward by using points on the ST channel. 
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4 Acupuncture Points of the Twelve Primary Channels 


4.3.3 The Stomach Sinew Chan nel there a branch runs to the head of the fibula where it meets the 


: oe oe G.B. sinew channel at + G.B.-34 (yanglingquan). 
Z ng ming jing jin 
( a ha eyey) ) =™ From the patella the channel ascends along the anterior 


aspect of the thigh, binds (jie) in the inguinal region, passes 
— Ren-2 (gugu) and binds (jie) at > Ren-3 (zhongji). It then 
ascends across the abdominal and thoracic region and reaches 
the supraclavicular fossa to bind (jie) at ST-12 (quepen). It 
then continues along the anterolateral aspect of the neck and 
binds (jie) at the angle of the mandible. 

At the angle of the mandible the channel divides into three 

branches: 

= One branch terminates anterior to the ear. 

= A further branch ascends to the zygomatic bone where it 
meets the other Yang sinew channels at > S.I.-18 (quanliao). 

= The third branch circles the mouth, ascends to the upper 
nose region, there connects with the Bladder sinew channel 
and then spreads along the lower eyelid. The Bladder sinew 
channel spreads along the upper eyelid, so that the two chan- 
nels together form a network around the eyes. 


Clinical importance 

Pathology: Stiffness and aching of the toes, leg cramps (gastro- 
cnemius and quadriceps muscles), stiffness and pain on the dor- 
sum of the foot (at ST-41), swelling and tension in the inguinal 
region, shan-disorders, cramping in the abdomen as well as in 
the supraclavicular fossa and the face, facial paralysis, weakness 
and paralysis of the superior rectus muscle. 

Indication: Mainly used for bi-syndromes (painful obstruction 
syndromes) along the Stomach channel. The area covered by the 
Stomach sinew channel is larger than that covered by the Stomach 
primary channel. This explains why the indications of points on the 
Stomach primary channel include disorders and diseases of the 
external genitalia (for example urinary tract disorders such as cysti- 
tis, hernia and orchitis, which are often treated in combination with 
LIV points) as well as disorders of the eyelids and of all sensory 
organs. 





Pathway 

The Stomach sinew channel begins as a wider band, encompassing 

the second, third and fourth toe, traverses the dorsum of the foot, 

binds (jie) at the tibial depression and divides into two branches: 

= One branch obliquely ascends the anterolateral aspect of 
the leg and binds (jie) at the lateral aspect of the knee. It then 
ascends the anterolateral aspect of the thigh and binds (jie) at 
the anterior hip region. From there it sends a branch to 
— G.B.-30 (huantiao) in the direction of the greater trochanter. 
The sinew channel travels from the anterior hip region across 
the lateral abdomen and spreads across the lower ribcage pos- 
teriorly to the spine. 

= Another branch follows the tibia on the anterior aspect of 
the lower leg and binds (jie) at the level of the patella. From 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 


4.3.4 The Stomach /uo-Connecting 
Vessel System (zu yang ming 
luo mai) 











Pathway 

The ST /uo-connecting vessel separates from the Stomach primary 

channel at its /uo-connecting point ST-40 (fenglong) (> 8.1.2). 

It forms a three-dimensional reticular network, dividing into multi- 

ple branches and sub-branches (sun luo, fu luo, xue luo — 1.5) 

within the surrounding tissue. 

= Horizontal divisions run to the Interiorly—Exteriorly paired 
primary SP channel; according to some schools of thought 
(for example Van Nghi, ~ Appendix) they travel as a trans- 
verse Stomach /uo-connecting vessel to the yuan point > 
SP-3 (taibai). 

= A longitudinal division ascends along the anterolateral 
aspect of the leg to the torso and reaches the lateral aspect of 
the neck at > ST-12, where it divides into two branches: one 
branch traverses the neck, the other branch runs to the 
occiput and ascends the head to reach > Du-20 (baihui). 


Clinical importance (— 8.1.2) 


Pathology 
e Counterflow Qi: Swelling and pain of the throat, sudden loss 
of voice, sensation of tightness in the throat 


—e— 


e Excess (shi): Psychological disorders, also epilepsy and 
mania 

e Deficiency (xu): Wei-syndrome of the legs (atrophy syn- 
drome with muscle weakness and paralysis) 


The great /uo-connecting vessel of the 
Stomach (wei zhi dao luo or xu li) 


Pathway 

The great Stomach Juo-connecting vessel begins at the Stomach 
(wei), passes through the diaphragm, intersects with > Ren-17 
(shanzhong) and spreads in the Lungs (fei), trachea and larynx. 
From the Lung it travels to the Heart (xin) and emerges on the 
left aspect of the thorax near > ST-18 (rugen) which is located 
where the heartbeat is visible (— 8.1.2). 


Clinical importance (— 8.1.2) 


Pathology 

e Excess (shi): Dyspnoea 

e Deficiency (xu): Chest tightness, for example with asthma, 
coughing, angina pectoris, etc. 


4.3.5 Cutaneous Region (yang ming 
pi bu) 


See description and figures > 1.6 


4.3.6 Points of the Stomach Primary 
Channel (Overview) 


Specific points according to their function 
(> 8.1) 

e Yuan-source point (— 8.1.1): ST-42 (chongyang) Sl 
Luo-connecting point (— 8.1.2.): ST-40 (fenglong) BE 
Xi-cleft point (— 8.1.3): ST-34 (liangqiu) Sl 

Associated Back-shu point (— 8.1.4): BL-21 (weishu) Sm 
Associated Front-mu point (— 8.1.5): Ren-12 (zhongwan) S 
Five shu-transporting points (— 8.1.6): 

jing-well point (Metal), sedation point: ST-45 (Jidui) Sm 
ying-spring point (Water): ST-44 (neiting) Bm 

shu-stream point (Wood): ST-43 (xiangu) Sl 

jing-river point (Fire), tonification point: ST-41 (jiexi) Bim 
he-sea point (Earth), ben point: ST-36 (zusanli) SE 
Hui-meeting point (— 8.1.7): - 

Opening point (— 8.1.8): - 

Lower he-sea points (— 8.1.9): 

of the Stomach: ST-36 (zusanli) BS 

of the Large Intestine: ST-37 (shangjuxu) S™ 

of the Small Intestine: ST-39 (xiajushu) SM 
jiaohui-meeting points (— 8.1.10): 
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4 Acupuncture Points of the Twelve Primary Channels 


126 


— with the ren mai, yang giao mai, du mai*: ST-1 (chengqi) @™ 

— with the yang giao mai*: ST-2 (sibai) @™ 

— with the yang giao mai: ST-3 (juliao) 

— with the primary L.I. channel, yang giao mai, du mai*, ren 
mai*;: ST-4 (dicang) 

— with the G.B. channel*: ST-5 (daying), ST-6 (jiache) 

— with the G.B. channel: ST-7 (xiaguan) mm, ST-9 (renying) 

— with the G.B. channel, yang wei mai: ST-8 (touwei) Sm 

— with the primary L.I., S.L, T.B., G.B. channels: ST-12 
(quepen) 

— with the chong mai, G.B. channel*: ST-30 (gichong) S™ 

— other channels with the ST channel: L.I.-20, BL-1, G.B.-3, 
G.B.-4, G.B.-5, G.B.-6; Du-14, Du-24; Du-26, Du-28*; 
Ren-10*, Ren-12, Ren-13, Ren-24; G.B.-14*, G.B.-21* 

Gao Wu command point (— 8.1.11) for the abdomen: 

ST-36 (zusanli) © 

Window of Heaven point (— 8.1.12): ST-9 (renying) 

Points of the Four Seas (— 8.1.13): 

Sea of Qi point: ST-9 (renying) 

Sea of Grain: ST-30 (gichong) mm, ST-36 (zusanli) B™ 

Sea of Blood: ST-37 (shangjuxu) Sm, ST-39 (xiajushu) Sl 

Ma Dan Yang Heavenly Star points (> 8.1.14): ST-36 

(zusanli) @&, ST-44 (neiting) BE 

Sun Si Miao Ghost point (— 8.1.15): ST-6 (jiache) Bm 

Other functional points: 

— Front-mu point of the Large Intestine: ST-25 (tianshu) SE 

— most important acupuncture ‘Phlegm’-point: ST-40 (feng- 
long) SS 

Points according to region 

Local points (— 8.2.1): eyes — ST-1 (chengqi) @™; mouth 

and teeth — ST-4 (dicang), ST-6 (jiache) MM; jaw — ST-7 

(xiaguan) &@; Large Intestine — ST-25 (tianshu) &™&; Small 

Intestine and Bladder — ST-28 (shuidao); urogenital region — 

ST-30 (gichong) @™; knee — ST-34 (lianggiu) mm, ST-35 

(dubi) a@, ST-36 (zusanli) ®; foot — ST-41 (jiexi) Bm 

Adjacent points (— 8.2.1): forehead — ST-8 (touwei) SM; 

eyes — ST-2 (sibai) &™; mouth/teeth — ST-7 (xiaguan) BM; 

throat — ST-10 (shuitu); Spleen, Stomach, Gall Bladder — 

ST-21 (liangmen); Kidney — ST-29 (guilai); abdominal region — 

ST-25 (tianshu) aS, ST-26 (wailing), ST-30 (gichong) SM; 

foot — ST-34 (liangqiu) mm, ST-36 (zusanli) BB; toes — ST-41 

(jiexi) Ei 

Distal points (— 8.2.1): frontal headaches — ST-44 (neiting) 

mm; nose — ST-44 (neiting) Bm; mouth/teeth — ST-44 (neiting) 

mm; throat — ST-44 (neiting) Mm; shoulder region — ST-38 

(tiakou) @™; Lung — ST-40 (fenglong) Sm; Spleen/Stomach — 

ST-36 (zusanli) Sm; Large Intestine — ST-37 (shangjuxu) BM; 

Small Intestine — ST-39 (xiajushu) @™; epigastrium — ST-36 

(zusanli) SM; shoulder — ST-36 (zusanli) Sm, ST-38 (tiakou) Sl 


—p— 


—e— 


Specific points according to the channel 
pathway (in numerical order) 


ST-1 (chengqi) &™@: meeting point with the ren mai, yang giao 
mai*, du mai (> 8.1.10); local point for the eyes (— 8.2.1) 
ST-2 (sibai) @™: meeting point with the yang giao mai* 
(— 8.1.10); adjacent point for the eyes (— 8.2.1) 

ST-3 (juliao): meeting point with the yang qiao mai 
(> 8.1.10) 

ST-4 (dicang): meeting point with the Large Intestine chan- 
nel, yang giao mai, du mai*, ren mai* (— 8.1.10); local point 
for the mouth/teeth (— 8.2.1) 

ST-5 (daying): meeting point with the Gall Bladder channel 
ST-6 (jiache) Sm: Sun Si Miao Ghost point (— 8.1.15); meet- 
ing point with the Gall Bladder channel* (— 8.1.10); local 
point for the mouth/teeth (— 8.2.1) 

ST-7 (xiaguan) @™: meeting point with the Gall Bladder 
channel (— 8.1.10); adjacent point for the teeth and jaw 
(8.2.1); local point for the jaw (— 8.2.1) 

ST-8 (touwei) SH: meeting point with the Gall Bladder chan- 
nel, yang wei mai (— 8.1.10); adjacent point for frontal 
headaches (—> 8.2.1) 

ST-9 (renying): meeting point with the Gall Bladder channel 
(— 8.1.10); Sea of Qi point (— 8.1.13); Window of Heaven 
point (— 8.1.12) 

ST-10 (shuitu): adjacent point for the neck (- 8.2.1) 

ST-12 (quepen): meeting point with the L.I., S.I., T.B. and 
G.B. channels (— 8.1.10) 

ST-21 (liangmen): adjacent point for the Spleen, Stomach 
and Gall Bladder (> 8.2.1) 

ST-25 (tianshu) &@: Front-mu point of the Large Intestine 
(— 8.1.5); adjacent point for the abdominal region (— 8.2.1) 
ST-26 (wailing): adjacent point for the abdominal region 
(> 8.2.1) 

ST-28 (shuidao): local point for the Small Intestine and Blad- 
der (> 8.2.1) 

ST-29 (guilai): local point for the urogenital region (— 8.2.1) 
ST-30 (gichong) @™: meeting point with the chong mai, G.B. 
channel* (— 8.1.10); Sea of Water and Grain point 
(= 8.1.13); local point for the urogenital region (8.2.1); adja- 
cent point for the abdominal region (— 8.2.1) 

ST-34 (diangqiu) @@: xi-cleft point, important adjacent point 
for disorders of the knee (— 8.2.1) 

ST-35 (dubi) Sm: local point for the knee region (— 8.2.1) 
ST-36 (zusanli) &®: he-sea point (Earth) (— 8.1.6), ben-point 
(Five Phase point); Lower he-sea point of the Stomach 
(> 8.1.9); Gao Wu command point (> 8.1.11) for the 
abdomen; Sea of Water and Grain point (— 8.1.13); Ma Dan 
Yang Heavenly Star point (7 8.1.14); distal point for the 
Spleen/Stomach and epigastrium (— 8.2.1); local point for 
the knee (— 8.2.1); distal point for the shoulder (— 8.2.1); 
adjacent point for the foot (> 8.2.1) 





* Mentioned by only some authors. 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 


e ST-37 (shangjuxu) mm: Lower he-sea point of the Large Intes- General location help 
tine (> 8.1.9); Sea of Blood point (— 8.1.13); distal point for e ST-1 to ST-4: with the patient looking straight ahead, these 


the Large Intestine (> 8.2.1) points are located on the vertical pupil line 

¢ ST-38 (tiakou) mm: distal point for the shoulder region e §T12 to ST-18 are all located on the midclavicular/mamillary 
(=> 8.2.1) line, 4 cun lateral to the anterior midline 

e ST-39 (xiajushu) mm: Lower he-sea point of the Small Intes- — §T-12: in the supraclavicular fossa 
tine (> 8.1.9); Sea of Blood point (— 8.1.13); distal point for — ST-13: on the lower border of the clavicle 
the Small Intestine (— 8.2.1) — ST-14 to ST-18: in the first to fifth intercostal spaces 

¢ ST-40 (fenglong) mm: luo-connecting point (> 8.1.2); main e ST-19 to ST-30 are all located on a vertical line midway 
‘Phlegm’-point; distal point for the Lung (— 8.2.1) between the mamillary line and the anterior midline, 2 cun 

e ST-41 (jiexi) MM: jing-river point (Fire) (— 8.1.6); tonifica- lateral to the anterior midline: 
tion point; local point for the foot (8.2.1); adjacent point for — ST-19 to ST-25 are located on the 8 cun section (— 2.2) 
the toes (> 8.2.1) between the sternocostal angle and the umbilicus (ST-19 to 

¢ ST-42 (chongyang) @™: yuan-source point (— 8.1.1) ST-25 are evenly spread on this line, from 6 cun above the 

¢ ST-43 (xiangu) MM: shu-stream point (Wood) (> 8.1.6) umbilicus to the same level as the umbilicus) 

e ST-44 (neiting) MM: ying-spring point (Water) (> 8.1.6); dis- — ST-26 to ST-30 are located on the 5 cun section (— 2.2) 
tal point for frontal headaches, as well as for the nose, between the umbilicus and the upper border of the pubic 
mouth/teeth and throat (— 8.2.1); Ma Dan Yang Heavenly symphysis (1 cun steps from 4 cun superior to the upper 
Star point (> 8.1.14) border of the pubic symphysis to its upper border). 

e ST-45 (didui) SM: jing-well point (Metal) (— 8.1.6); sedation 
point. 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 


Container of Tears CHENGQI 


Location 
With the eyes looking straight ahead, directly below the centre 
of the pupil, between the eyeball and the infraorbital ridge. 


How to find 

With the patient looking straight ahead, the first four points of the 
ST channel are located on a vertical line drawn through the centre 
of the pupil. Within the area of the lower eyelid, the infraorbital 
ridge presents itself as a distinct bony structure. ST-1 is located on 
the pupil line, directly superior to the infraorbital ridge. 


Needling 

Ask the patient to look upward, gently push the eyeball upwards 
and insert the needle vertically along the orbital ridge in a dorsal 
direction. Caution: Venous plexus and arteries, avoid injuring the 
eyeball and periost! Needling recommended only by experienced 
practitioners! Pay attention to needling pain! No needle manipu- 
lation! After removing the needle, press firmly on the insertion 
site for about one minute to prevent haematoma. Inform the 
patient that it may still be possible for a haematoma to develop. 
Moxibustion is contraindicated! Points for disorders of the eyes 
with less risk of complications include BL-2, T.B.-21, G.B.-1, 
ST-2, Ex-HN-5 (taiyang), EX-HN-4 (yuyao). 


Actions/Indications 
e Expels Wind and Heat, clears and benefits the eyes 


Special features 

Meeting point with the yang giao mai and ren mai, also with the 
du mai according to some authors, important point for the eyes, 
entry point. 
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Fig 53. Three Transistors 
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You can see the effect of one transistor. It does not do much. 

The two transistor circuit allows the resistance of your finger to deliver current into the base of 
the first transistor and this transistor delivers more current into the base of the second transistor. 
The result is more collector-emitter current and the LED illuminates. 

The three transistor circuit produce an ENORMOUS effect. 

It will pick up STATIC ELECTRICITY and all forms of electro-magnetic energy (radiation) and 
illuminate the LED. 








to Index 


By adding a piezo 
diaphragm to the 
output you will be able 
to hear the hum of the 
mains. 

This is the frequency 
of the supply into your 
house. It will be either 
50 cycles per second 
or 60 cycles per 
second. 

The term: "cycles per 
second" is given the 
name HERTZ after 
Heinrich Rudolf 
Hertz, who was the 
first to prove the 
existence of 
electromagnetic 


Fig 54. Adding a PIEZO WANES: 


to Index 


piece of metal 
orcopper-clad 
printed 

circuit board 


piezo 
+ diaphragm 


2H 2222 


or any NPH transistors 








The Piezo diaphragm is held around 
the outer edge inside a plastic case 
and when a voltage is applied to the 
two leads, the thin plate curves very 
slightly. 

When the voltage is removed, the plate 
returns to its flat shape. 

If the voltage is reversed, the plate 
curves in the opposite direction. 


The curving is due to a thin layer of 
ceramic material under the plate and 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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4 Acupuncture Points of the Twelve Primary Channels 


Four Whites SIBAI 


Location 
With the eyes looking straight ahead, directly below the centre 
of the pupil, in the depression at the infraorbital foramen. 


How to find 

With the patient looking straight ahead, the first four points of 
the ST channel are located on a vertical line drawn through the 
centre of the pupil. Within the area of the lower eyelid, the infra- 
orbital ridge presents itself as a distinct bony structure. Starting 
at the infraorbital ridge (— 3.1.2), palpate inferiorly until you 
can feel the depression of the infraorbital foramen (this is often 
located slightly medial to the pupil line), where ST-2 is located. 


Needling 

0.3-0.5 cun vertically or transversely (subcutaneously) towards 
— S.I.-18 or > L.I.-20 (for example, in cases of facial paraly- 
sis). Deep needling (in an oblique cranial direction) is contra- 
indicated. Caution: Infraorbital nerve, eye injury. According to 
some classic texts, moxibustion is contraindicated. 


Actions/Indications 
e Benefits the eyes, clears Heat, eliminates Wind 


Special features 

Important local point for disorders of the eyes, pain and paraly- 
sis of the face; meeting point with the yang giao mai according 
to some authors. A less risky substitute for > ST-1. 













/ 
Orbit 


S.1.-18 / al i re 


/ 
Maxilla ; eee ) wf iy: 
(upper jaw) / ~ 





/ 
ST-2 


/\nfraorbital 
foramen 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 
Great Crevice JULIAO 
Location 


With the patient looking straight ahead, directly below the cen- 
tre of the pupil, on the level of the lower border of the ala nasi. 


How to find 

With the patient looking straight ahead, the first four points of 
the ST channel are located on a vertical line drawn through the 
centre of the pupil (pupil line). ST-3 is located at the crossing 
point of the pupil line and a horizontal line on the level of the 
lower border of the ala nasi. 


Needling 

Vertically or obliquely 0.3—0.5 cun or penetration method: trans- 
versely (subcutaneously) towards — ST-4, — S.I.-18, etc, for 
example, in cases of peripheral facial paralysis. 


Actions/Indications 
e Expels Wind, opens the channel, disperses accumulations 


Special features 
Meeting point with the yang giao mai 
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4 Acupuncture Points of the Twelve Primary Channels 


Earth Granary DICANG 














Location 

With the patient looking straight ahead, directly below the cen- 
tre of the pupil and approximately 0.4 cun lateral to the corner of 
the mouth. 


How to find 

With the patient looking straight ahead, the first four points of 
the ST channel are located on a vertical line drawn through the 
centre of the pupil (pupil line). ST-4 is located at the crossing 
point of the pupil line and a horizontal line originating at the cor- 
ner of the mouth. The point is located in the nasolabial groove 
(— 3.1.2), approximately 0.4 cun lateral to the corner of the 
mouth. Ask the patient to smile in order to make the line more 
clearly visible. 


Needling 

Obliquely in a lateral direction or vertically 0.3-0.5 cun or pen- 
etration method: transversely (subcutaneously) approximately 
1.5—2 cun in cases of facial paralysis towards — ST-6, for trigem- 
inal neuralgia towards — L.I.-20. Caution: Facial artery/vein. 


Actions/Indications 

e Expels Wind (from the face), opens the channel, alleviates 
pain, relaxes the facial musculature 

e Sometimes as distal point for disorders of the leg 


Special features 

Meeting point with the L.I. channel, the ren mai and yang giao 
mai (also with the du mai according to some authors). Important 
local point for neuralgias and pareses affecting the mouth and 
cheeks. 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 


Great Welcome DAYING 
Location 


On the lateral mandible, anterior to the masseter muscle. 


How to find 

By asking the patient to clench their teeth, the anterior border of 
the masseter muscle becomes clearly palpable. ST-5 is located 
directly anterior to the border of the muscle, in a shallow depres- 
sion on the mandible and slightly above the angle of the jaw. 
Here, the facial artery can be palpated. 


Needling 
0.3-0.5 cun obliquely or transversely (subcutaneously) in the 
direction of + ST-6. Caution: Facial artery/vein. 


Actions/Indications 
e Expels Wind, opens the channels 


Special features 
Meeting point with the G.B. channel according to some authors 
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4 Acupuncture Points of the Twelve Primary Channels 


Jaw Bone JIACHE 












Location 

With the teeth clenched, on the highest prominence of the mas- 
seter muscle, approximately one finger-width (middle finger) 
anterior and superior to the angle of the jaw. 


How to find 

Ask the patient to clench their teeth, which will allow the mus- 
cle belly of the masseter muscle to bulge. ST-6 is located on its 
prominence, a little anterior and superior to the angle of the jaw 
(mandibular angle — 3.1.3). With chewing movements of the 
jaw (‘biting and relaxing’), the palpating finger will naturally 
fall into the right depression when the muscle is relaxed. 

— ST-5 is located more medially in the depression at the ante- 
rior border of the masseter muscle. 


Needling 

Insertion with the patient’s mouth slightly opened (relaxed mas- 
seter muscle). Vertically 0.3—0.5 cun or obliquely or transversely 
(subcutaneously) 1-1.5 cun in the direction of ~ ST-4, ST-5, 
ST-7, for example, in cases of facial paralysis. 


Actions/Indications 
e Eliminates Wind, benefits the jaw and teeth, opens the chan- 
nel and luo vessels, alleviates pain 


Special features 

Sun Si Miao Ghost point. Important local point for the jaw 
region. Its location corresponds to a commonly used trigger point 
on the masseter muscle. According to some authors, ST-6 is a 
meeting point with the G.B. channel. 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 


Below the Joint XiAGUAN 


Coronoid 
process of 
the mandible 


Mouth 
closed 


Posterior J 
border of the 
masseter 





(anmian) 


Occipital 
bone 


ST-7 
, Zygomatic arch 


Mandibular angle 





* According to Deadman et al 1998. 










Location 

With the mouth closed, at the lower border of the zygomatic arch 
(— 3.1.2) in the centre of the depression of the mandibular fossa, 
between the coronoid process and the condyloid process of the 
mandible. 


How to find 

Palpate along the lower border of the zygomatic arch (— 3.1.2) 
towards the ear. ST-7 is located in a clearly palpable depression 
just before the temporomandibular joint and at the posterior bor- 
der of the masseter muscle (clench teeth). To confirm: When the 
patient’s mouth is fully opened, the condyloid process of the 
lower jaw slides anteriorly and the depression disappears (figure 
modified after Deadman et al). 

— G.B.-3 is located directly superior to ST-7, on the upper border 
of the zygomatic arch. 


Needling 

Insert the needle with the patient’s mouth closed. 0.3-0.5 cun 
vertically or 1—1.5 cun transversely (subcutaneously) in the 
direction of ~ ST-6, — S.L-19, — S.L-18. 


Actions/Indications 
e Opens the channel, benefits the jaw and teeth, alleviates pain 
e Benefits the ears 


Special features 
Meeting point with the G.B. channel. Important local point and 
frequently used trigger point. 
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4 Acupuncture Points of the Twelve Primary Channels 


Head's Binding TOUWEI 


Location 

At the temporal corner of the forehead, on the border of the tem- 
poralis muscle and 0.5 cun within the anterior hairline or 4.5 cun 
lateral to the anterior midline (~ Du-24). 


How to find 

First, find the anterior hairline (7 3.1.1). Then locate ST-8 at the 
temporal corner of the forehead 0.5 cun within the hairline. 
Chewing movements of the temporalis muscle will still be palp- 
able here. 

Also located 0.5 cun superior to the anterior hairline are 
— Du-24/BL-3/BL-4/G.B.-15/G.B.-13 (anterior midline/superior 
to the inner canthus of the eye/1.5 cun lateral to the anterior mid- 
line/3 cun lateral to the anterior midline). These distances refer to the 
distance between — Du-24 and ST-8 (=4.5 cun, — 2.2). ST-8 and 
— G.B.-7 (a depression on the level of the apex of the ear, within 
the temporal hairline) mark the endpoints of a curved line, on 
which ST-8 and — G.B.-4—7 are located at regular intervals (by 
dividing the line into five parts). 


Needling 

0.5—1 cun transversely (subcutaneously) or obliquely in the 
direction of the disorder. Moxibustion possible (contraindicated 
according to some classical texts). 


Actions/Indications 
e Eliminates Wind from the head and eyes, benefits the eyes, 
alleviates pain 


Special features 
Meeting point with the yang wei mai and the G.B. channel. 
Important local point for headaches and disorders of the eyes. 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 


Man’s Welcome RENYING 







Laryngeal ~~ 
prominence 


_Ex-HN 
(anmian) 





Location 

1.5 cun lateral to the anterior midline, on the level of the laryn- 
geal prominence and at the anterior border of the sternocleido- 
mastoid muscle. 


How to find 

From the laryngeal prominence, palpate posteriorly to the anterior 
border of the sternocleidomastoid muscle (— 3.2). ST-9 is located 
at the anterior border of the muscle, which becomes more clearly 
visible and palpable if the patient’s head is turned in the opposite 
direction. 

Located on the same level are — S.I.-16 on the posterior border 
of the sternocleidomastoid muscle and L.I.-18 between the two 
heads of the sternocleidomastoid muscle. 


Needling 

If necessary, move the head to its normal position before 
needling. Caution: Carotid artery, carotid sinus, jugular veins. 
The carotid artery is located directly at the anterior border of the 
sternocleidomastoid muscle. The needle should be inserted 
anterior to where you can feel the pulsating of the carotid artery. 
Vertically 0.5—1 cun between the artery and the thyroid cartilage. 
For reasons of safety, the artery should be held in a lateral posi- 
tion with one finger of the palpating hand above and one finger 
below the insertion site. Irritation of the carotid sinus can lead to 
a lowering of the blood pressure and fainting! 


Actions/Indications 

e Regulates the Qi 

e Opens the channel 

e Harmonises excess or deficiency in the thorax 


Special features 
Window of Heaven point, Sea of Qi point, meeting point with 
the G.B. channel. 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-10 Water Prominence SHUITU 














Location 
On the anterior border of the sternocleidomastoid muscle, at the 
midpoint of a line connecting > ST-9 and ST-11. 


How to find 

— ST-9 and ST-10 are both located on the anterior border of the 
sternocleidomastoid muscle (— 3.2). — ST-11 is located pos- 
terior to the sternal head. Place the middle finger of the left hand 
onto — ST-9 on the level of the laryngeal prominence and the 
thumb on — ST-11 posterior to the sternal insertion. ST-10 is 
located at the midpoint between the two fingers. With the 
patient’s head rotated in the opposite direction, the muscle will 
be more visible and can be more easily palpated. 


Needling 

0.5-1 cun obliquely in a medial direction, away from the artery. 
Caution: Carotid artery, jugular veins. If necessary, rotate the 
head back to a middle position before needling. 


Actions/Indications 
e Regulates the Lung Qi 
e Benefits the throat 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 


Qi Abode QISHE ST-11 
Location 


On the upper border of the clavicle, between the tendons of the 
sternal and clavicular heads of the sternocleidomastoid muscle. 


How to find 

By rotating the patient’s head in the opposite direction (espec- 
ially against resistance), the ropey sternal insertion of the sterno- 
cleidomastoid muscle (— 3.2) becomes clearly visible. ST-11 is 
located in a shallow depression, the minor supraclavicular fossa, 
between the sternal insertion and the more extended insertion of 
the clavicular head. 


Needling 


Vertically 0.3-0.5 cun. Caution: Pneumothorax, jugular veins. 


Actions/Indications 
e Benefits the throat and neck 
e Regulates counterflow Qi 
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then a film of metal is deposited onto 
the ceramic so a lead can be soldered. 





There is infinite resistance between the 

two leads as the ceramic material is an 

INSULATOR. 

The capacitance between the two 

leads is approx 22n. 

The Piezo is a passive device. It needs 

al a pulse or frequency for it to produce 
an output. 

piezo 

Plastic Case 


Electrode (silver) Brass Plate 


Piezoceramic Plate 


= ire thin plate curves 
when a voltage is applied. 





Fig 55. The Piezo 


to Index 


The ONE 
TRANSISTOR 
CIRCUIT above 
can be turned 
into a detector to 
show when a 
collector transistor plant needs 
water. 
Place the two 
probes into the 
soil and water 
the plant. The 
LED will turn off. 
As the water 
evaporates the 
LED will turn ON 
to let you know 
the plant needs 
Fig 56. Plant Needs Water watering. 





to Index 
This experiment produces a pulse from the piezo 
when it is tapped and the LED illuminates briefly. 
The LED can be connected either way around. 


This proves the diaphragm flexes when a voltage 
is applied and also in the reverse situation. A 
voltage is produces when the diaphragm is tapped. 





Fig 57. Tap the Piezo 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-12 Empty Basin QUEPEN 


Location 
In the supraclavicular fossa, superior to the midpoint of the clav- 
icle, approximately 4 cun lateral to the anterior midline. 


How to find 

From the anterior midline, palpate to the midpoint of the clavicle 
(=4 cun in a lateral direction). There, an imaginary vertical line 
marks the midclavicular line. ST-12 is located on the midclavicular 
line, at the upper border of the clavicle, in the supraclavicular 
fossa, lateral to the clavicular head of the sternocleidomastoid 
muscle. 


Needling 

Vertically 0.3-0.5 cun. The needle should be guided along the 
posterior border of the clavicle. Caution: Pneumothorax, espe- 
cially with emphysema; superficial and deep cervical arteries. 
According to some authors, this point is contraindicated during 
pregnancy. 


Actions/Indications 

e Opens the channel 

e Disperses and descends the Lung Qi 
e Clears Heat in the throat 





Special features oe ot ae ie 7 hp vl 
Meeting point with the L.I., S.L., G.B. and T.B. channel ae £ Ke — 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 
Qi Door QIHU ST-13 
Location 


At the midpoint of the clavicle and on its inferior border, 4 cun 
lateral to the anterior midline. 


How to find 

On the upper thorax region, the midclavicular line (4 cun lateral 
to the anterior midline) runs slightly obliquely from the clavicu- 
lar midpoint to the generally more lateral nipple. Find the mid- 
point of the clavicle (or measure 4 cun lateral to the midline) and 
locate ST-13 at the lower border of the clavicle. Since the Ist rib 
curves posteriorly in a short bow, ST-13 is generally situated lat- 
eral to the Ist rib. 

— KID-27 is located medial to ST-13, but inferior to the lower 
border of the clavicle and 2 cun lateral to the anterior midline. 
— Ren-21 is located on the midline. + ST-14 is located only 
slightly inferior to ST-13 in the Ist intercostal space. 


Needling 

0.3-0.5 cun obliquely in a lateral or medial direction or trans- 
versely (subcutaneously) along the channel pathway. Caution: 
Pneumothorax, subclavicular artery/vein. 


Actions/Indications 
e Descends counterflow Qi 
e Clears Heat 

e Unbinds the chest 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-14 Store House KUFANG 











Location 
On the midclavicular line, in the first intercostal space, 4 cun lat- 
eral to the anterior midline. 


How to find 

On the upper thorax, the midclavicular line (4 cun lateral to the 
anterior midline) runs slightly obliquely from the clavicular 
midpoint to the generally more lateral nipple. By palpating 
across the clavicle from superior to inferior, the first rib will gen- 
erally be felt directly below the clavicle, although, in some 
cases, the Ist rib might be completely hidden under the clavicle. 
The Ist intercostal space follows directly inferior to the Ist rib, 
where ST-14 is located. 

— ST-13 is located only slightly superior to ST-14 at the lower 
border of the clavicle. Also located on the level of the first inter- 
costal space are > Ren-20 (anterior midline), ~ KID-26 (2 cun 
lateral to the anterior midline) and —~ LU-1 (6 cun lateral to the 
midline). For more detail about orientation regarding intercostal 
spaces — 3.5. 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously), parallel 
to the course of the intercostal space or with or against the chan- 
nel pathway. Caution: Pneumothorax. 


Actions/Indications 
e Regulates the Qi 

e Unbinds the chest 

e Benefits the breasts 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 
Room Screen WUY! ST-15 
Location 


In the 2nd intercostal space, on the midclavicular line, 4 cun lat- 
eral to the anterior midline. 


How to find 

On the upper thorax, the midclavicular line (4 cun lateral to the 
anterior midline) runs slightly obliquely from the clavicular 
midpoint to the generally more lateral nipple. Locate the 2nd 
intercostal space by palpating downward from the clavicle or by 
palpating from the manubriosternal synchondrosis (second rib) 
(— 3.5). Then palpate along its course to the midclavicular line, 
where ST-15 is located. Note the ascending course of the inter- 
costal space! Located on the same level are > Ren-19 (anterior 
midline), - KID-25 (2 cun lateral to the anterior midline) and 
— SP-20 (6 cun lateral to the midline). 


Needling 

0.5—0.8 cun obliquely or transversely (subcutaneously), parallel 
to the course of the intercostal space or with or against the chan- 
nel pathway. Caution: pneumothorax. 


Actions/Indications 

e Regulates the Lung Qi 

e Unbinds the chest 

e Benefits the breasts and clears Heat 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-16 Breast Window YINGCHUANG 
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Location 
In the 3rd intercostal space, on the midclavicular line, 4 cun lat- 
eral to the anterior midline. 


How to find 

On the upper thorax, the midclavicular line (4 cun lateral to the 
anterior midline) runs slightly obliquely from the clavicular 
midpoint to the generally more lateral nipple. Locate the 3rd 
intercostal space by palpating downward from the clavicle or by 
palpating from the manubriosternal synchondrosis (second rib) 
(— 3.5). Then palpate along its course to the midclavicular line, 
where ST-16 is located. Note the ascending course of the inter- 
costal space! In male patients, this point can also be located by 
counting one intercostal space upward from the level of the 
nipple. 

Located on the same level are — Ren-18 (anterior midline), 
— KID-24 (2 cun lateral to the anterior midline) and + SP-19 
(6 cun lateral to the midline). 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously), along 
the course of the intercostal space or with or against the flow of 
the channel. Caution: pneumothorax. 


Actions/Indications 
e Regulates the Qi 

e Unbinds the chest 

e Benefits the breasts 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 


Breast Centre RUZHONG ST-17 


Location 
In the centre of the nipple. 


















How to find 

In the centre of the nipple. In men, this is usually located 4 cun 
lateral to the anterior midline, at the level of the 4th intercostal 
space and is also used for reference. 

In men, also located on the same level are ~ Ren-17 (anterior 
midline), - KID-23 (2 cun lateral to the anterior midline), > 
SP-18 (6 cun lateral to the midline), — P-1 (1 cun lateral to the 
nipple), > G.B.-22 and — G.B.-23. In women, the location of 
the nipples varies considerably and should therefore not be used 
for reference. 


Needling 


No therapy; this point is for reference only. 








my HO] IN KO EET IS 





14. 


a 





lan 








Ch04.3-F10028.qxd 2/22/08 8:42 PM Page 146 


4 Acupuncture Points of the Twelve Primary Channels 


ST-18 Breast Root RUGEN 


Location 
In the 5th intercostal space, on the mamillary line, 4 cun lateral 
to the anterior midline. 


How to find 

The mamillary line, a vertical line used for reference, is located 
4 cun lateral to the anterior midline (— 3.5). In men, the nipple is 
generally located on the level of the 4th intercostal space, and 
ST-18 is located in the intercostal space directly below. The point 
is often located at the lower border of the pectoralis major mus- 
cle; in women, it is often found at the root of the breast. Location 
help in women: Find the 5th intercostal space by palpating down- 
ward from the clavicle or from the manubriosternal synchondro- 
sis (second rib) (— 3.5). Then follow the course of the intercostal 
space laterally to the mamillary line and there locate ST-18. Note 
the ascending course of the intercostal spaces! 

Located on the same level are — Ren-16 (anterior midline), 
— KID-22 (2 cun lateral to the anterior midline) and —- SP-17 
(6 cun lateral to the midline). 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously), parallel 
to the course of the intercostal space or with or against the chan- 
nel pathway. Caution: Pneumothorax. 


Actions/Indications 

e Benefits the breasts, moves the Blood 
e Unbinds the chest 

e Regulates the Lung Qi 








Special features 


Important local point Sternocostal 


8 angle 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 
Not Contained BURONG ST-19 
Location 


2 cun below the sternocostal angle and 2 cun lateral to the 
anterior midline. 


How to find 

The distance between the sternocostal angle and the centre of the 
umbilicus is divided into 8 cun, which can vary considerably 
from the patient’s finger cun; therefore, only proportional cun 
measurements should be used (helpful tool: elastic tape 
— 2.3.1). First, measure 2 cun down from the sternocostal angle. 
Or: Measure the midpoint of the upper half of the distance 
between the umbilicus and the subcostal angle (7 Ren-12: 
spreading hands technique — 2.3.3). From there, measure 2 cun 
in a lateral direction to locate ST-19. As its location depends on 
the shape of the thorax, it might be located either on the rib or on 
the abdomen. Located on the same level are > Ren-14 (anterior 
midline), ~ KID-21 (0.5 cun lateral to the anterior midline) and 
— LIV-14 (on the mamillary line and in the 6th intercostal 
space). Please note: From ST-19 onwards, the ST channel is 
located only 2 cun lateral to the anterior midline. 


Needling 

Vertically 0.5—1 cun. If the correct location projects this point on 
the lower ribcage, needle transversely on the rib or locate the 
point more medially (or choose an alternative point) Caution: 
Peritoneum, pericardium. 


Actions/Indications 
e Regulates the Stomach, Intestines and Middle Burner 
e Regulates the Lung Qi 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-20 Supporting Fullness CHENGMAN 


Location 
3 cun below the sternocostal angle (or 5 cun above the umbili- 
cus) and 2 cun lateral to the anterior midline. 


How to find 

The distance between the sternocostal angle and the centre of the 
umbilicus is divided into 8 cun, which can vary considerably 
from the patient’s finger cun; therefore, only proportional cun 
measurements should be used (helpful tool: elastic tape 
— 2.3.1). First, measure 3 cun down from the sternocostal angle. 
Or: Measure 1 cun up from the midpoint of the distance 
between the umbilicus and the sternocostal angle (7 Ren-12: 
spreading hands technique — 2.3.3). From there, measure 2 cun 
in a lateral direction to locate ST-20. Depending on the shape of 
the thorax, ST-20 might be located on the lower border of the 
ribcage in some cases (narrow subcostal angle). 

Located on the same level are ~ Ren-13 (anterior midline) and 
— KID-20 (0.5 cun lateral to the anterior midline) and > G.B.-24 
(on the mamillary line, in the 7th intercostal space). 


Needling 

Vertically 0.5—1 cun. If the correct location projects this point on 
the lower ribcage, needle transversely on the rib or locate the 
point more medially (or choose an alternative point). Caution: 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 
Beam Gate LIANGMEN ST-21 
Location 


2 cun lateral to the anterior midline, 4 cun above the umbilicus 
(or 4 cun below the subcostal angle). 


How to find 

The distance between the sternocostal angle and the centre of the 
umbilicus can be divided into 8 cun, which can vary consider- 
ably from the patient’s finger cun; therefore, only proportional 
cun measurements should be used (helpful tool: elastic tape 
— 2.3.1). Quick method: Find the midpoint between the 
umbilicus and the sternocostal angle (> Ren-12) by using the 
spreading hands technique (— 2.3.3), then measure 2 cun in a 
lateral direction to locate ST-21. Depending on the shape of the 
thorax, this can be located on the lower rib cage. 

Located on the same level are + Ren-12 (anterior midline) and 
— KID-19 (0.5 cun lateral to the anterior midline). 


Needling 

Vertically 0.5—1 cun. If the correct location projects this point on 
the lower ribcage, needle transversely on the rib or locate the 
point more medially (or choose an alternative point). Caution: 
Peritoneum, enlarged liver (on the right), pregnancy. 





Actions/Indications 
e Regulates the Qi, harmonises the Middle Burner, eliminates 
stagnation, raises the Qi and stops diarrhoea 


Special features 
Important local point for distension and pain in the epigastrium 
and the lateral abdomen 
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to Index 


A flashing LED is not very bright. 
It can be connected to a transistor 
and the transistor will drive a very 
bright white LED. 

The transistor is an amplifier. 

It is amplifying the current flowing 
through the flashing LED and 
supplying a higher current for the 
white LED. 


We cannot discuss any further 
HPH Transistor details of the circuit at the moment 
BC 547 2H 2222 because the actual operation of 
the circuit is quite complex. 


At the moment we just need to 
experiment with simple transistor 
circuits. 


Fig 58. Flashing LED and White LED 





to Index 


Fig 59. Soldering Iron 

We now come to the point of HELPING YOU WITH CONSTRUCTION. 

We have already shown you 6 different circuits and there are many ways to build them. 
You can: 


1. Solder them. 


2. Build them on an Experimenter Board 

3. Connect the components with clips or twist the leads together. 

It does not matter how you build the circuits. 

The fact is this: YOU MUST START BUILDING. 

The best soldering iron for a beginner is a CONSTANT TEMPERATURE soldering iron. 

It has a dial that can be turned to set the desired temperature. 

An ordinary soldering iron GETS TOO HOT. It is not suitable for soldering electronic circuits. 
This is something that no-one has mentioned before. An ordinary soldering iron will melt the 
solder TOO QUICKLY and burn the resin inside the solder and make soldering very difficult for a 
beginner. 

Soldering must be done slowly so the resin in the middle of the solder gets hot and cleans the 
leads of the components so the solder will "stick." 

That's why you must apply the solder to the leads you are soldering and allow the resin to 
"attack" the leads and clean them. 

The cheapest TEMPERATURE CONTROLLED soldering Iron is available on eBay for les than 
$10.00 (post FREE). 

You will also need a small roll of solder (0.9mm) and a soldering Iron stand. 

Email Colin Mitchell for links to eBay. (talking@tpg.com.au) 

A whole book could be written on the ART OF SOLDERING. 

Look on the web for articles and videos on SOLDERING. 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-22 Pass Gate GUANMEN 


Location 
3 cun above the umbilicus (or 5 cun inferior to the sternocostal 
angle) and 2 cun lateral to the anterior midline. 


How to find 

The distance between the sternocostal angle and the centre of the 
umbilicus can be divided into 8 cun, which can vary considerably 
from the patient’s finger cun; therefore, only proportional cun 
measurements should be used (helpful tool: elastic tape > 2.3.1). 
First, measure 3 cun up from the umbilicus. Or: Measure | cun 
downward from the midpoint of the distance between the umbili- 
cus and the sternocostal angle (7 Ren-12: spreading hands tech- 
nique — 2.3.3). ST-22 is located 2 cun lateral from here. 
Located on the same level are — Ren-11 (anterior midline), 
— KID-18 (0.5 cun lateral to the anterior midline) and — SP-16 
(4 cun lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Regulates the Stomach and Intestines 
e Regulates the water passages 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 
Supreme Unity TAIY! ST-23 
Location 


2 cun above the umbilicus and 2 cun lateral to the anterior midline. 


How to find 

The distance between the sternocostal angle and the centre of the 
umbilicus is divided into 8 cun, which can vary considerably 
from the patient’s finger cun; therefore, only proportional cun 
measurements should be used (helpful tool: elastic tape > 2.3.1). 
First, measure 2 cun up from the umbilicus. Or: Measure the 
midpoint of the lower half of the distance between the umbilicus 
and the subcostal angle (— Ren-12: spreading hands technique 
— 2.3.3). ST-23 is located 2 cun lateral from here. 

Located on the same level are ~ Ren-10 (anterior midline), 
— KID-17 (0.5 cun lateral to the anterior midline) and ~ Ex-CA 
(weishang; 4 cun lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Harmonises the Middle Burner, strengthens the Spleen 
e Benefits the Heart and calms the shen 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-24 Slippery Flesh Gate HUAROUMEN 


Location 
1 cun above the umbilicus and 2 cun lateral to the anterior midline. 


How to find 

The distance between the sternocostal angle and the centre of the 
umbilicus is divided into 8 cun, which can vary considerably 
from the patient’s finger cun; therefore, only proportional cun 
measurements should be used (helpful tool: elastic tape > 2.3.1). 
ST-24 is located 1 cun above the umbilicus and 2 cun lateral to 
the anterior midline. 

Located on the same level is > Ren-19 (anterior midline); often, 
also + LIV-13 (at the free end of the 11th rib) will be located at 
this level. 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Regulates the Stomach 
e Transforms Phlegm and calms the shen 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 


Heaven's Pivot TIANSHU ST-25 


Location 
2 cun lateral to the umbilicus. 


How to find 

Measure 2 cun lateral from the centre of the umbilicus. For refer- 
ence: On the abdomen, 2 cun lateral corresponds to the midpoint 
between the anterior midline and the mamillary line (> 3.5). 
Located on the same level are ~ Ren-8/KID-16/SP-15/G.B.-26 
(umbilicus/0.5 cun lateral to the umbilicus/mamillary line or 4 cun 
lateral to the umbilicus/at the level of the umbilicus and directly 
inferior to the free end of the 11th rib). 


Needling 

Vertically 0.5-1.5 cun. For gynaecological disorders, obliquely 
in an inferior direction towards the uterus. Caution: Peritoneum, 
pregnancy. The needle may reach the aponeuroses of the oblique 
abdominal musculature at the transition to the sheath of the rec- 
tus abdominis muscle. 


Actions/Indications 

e Regulates the Spleen, Stomach and Intestines, eliminates 
Dampness and clears Damp-Heat 

e Eliminates stagnation 





Special features 
Front-mu point of the Large Intestine. Important point for disorders 
of the gastrointestinal tract. 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-26 Outer Mound WAILING 
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Location 
1 cun below the umbilicus and 2 cun lateral to the anterior midline. 


How to find 

The distance between the umbilicus and the upper border of the 
pubic symphysis is divided into 5 proportional cun, which can 
vary considerably from the patient’s finger cun; therefore, only 
proportional cun measurements should be used (helpful tool: 
elastic tape > 2.3.1). From the umbilicus, measure | cun down: 
ST-26 is located 2 cun laterally from there. 

Located on the same level are > Ren-7 (anterior midline) and 
— KID-15 (0.5 cun lateral to the anterior midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Regulates the Qi, alleviates pain and Cold 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 
The Great DAJU ST-27 
Location 


2 cun below the umbilicus and 2 cun lateral to the anterior 
midline. 


How to find 

The distance between the umbilicus and the upper border of the 
pubic symphysis is divided into 5 proportional cun, which can 
vary considerably from the patient’s finger cun; therefore, only 
proportional cun measurements should be used (helpful tool: 
elastic tape — 2.3.1). From the umbilicus, measure 2 cun down 
and 2 cun laterally, where ST-27 is located. 

Located on the same level are ~ Ren-5 (anterior midline) and 
— KID-14 (0.5 cun lateral to the anterior midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 

e Regulates and strengthens the Qi 

e Benefits the Kidneys and promotes diuresis, strengthens the 
Yang and Essence (jing) 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-28 Water Passage SHUIDAO 
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Location 
3 cun below the umbilicus or 2 cun above the upper border of the 
pubic symphysis and 2 cun lateral to the anterior midline. 


How to find 

The distance between the umbilicus and the upper border of the 
pubic symphysis is divided into 5 proportional cun, which can 
vary considerably from the patient’s finger cun; therefore, only 
proportional cun measurements should be used (helpful tool: 
elastic tape — 2.3.1). From the upper border of the pubic sym- 
physis, measure 2 cun up or measure 3 cun down from the 
umbilicus. ST-28 is located 2 cun laterally from there. 

Located on the same level are — Ren-4 (anterior midline), 
— KID-13 (0.5 cun lateral to the anterior midline) and ~ Ex-CA 
(tituo/quimen/yijing; 4/3/1 cun lateral to the anterior midline). 


Needling 
Vertically 0.5—-1 cun. Caution: Peritoneum, urinary bladder, 
pregnancy. 


Actions/Indications 
e Clears Damp-Heat, benefits the Lower Burner and eliminates 
stagnation 


Special features 
Important local point for the urogenital tract 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 
Return GUILAI ST-29 
Location 


1 cun above the upper border of the pubic symphysis or 4 cun 
below the umbilicus and 2 cun lateral to the anterior midline. 


How to find 

The distance between the umbilicus and the upper border of the 
pubic symphysis is divided into 5 proportional cun, which can 
vary considerably from the patient’s finger cun; therefore, only 
proportional cun measurements should be used (helpful tool: 
elastic tape — 2.3.1). From the upper border of the pubic sym- 
physis, measure | cun up and 2 cun lateral to ST-29. 

Located on the same level are — Ren-3 (anterior midline), 
— KID-12 (0.5 cun lateral to the anterior midline) and ~ Ex-CA 
(zigong; 3 cun lateral to the anterior midline). 


Needling 
Vertically 0.5-1 cun. Caution: Peritoneum, urinary bladder, 
pregnancy. 


Actions/Indications 
e Warms and regulates the Lower Burner and menstruation 


Special features 

Commonly treated with moxibustion, the combination of acupunc- 
ture and moxibustion being particularly beneficial. Important local 
point for the urogenital tract. 
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4 Acupuncture Points of the Twelve Primary Channels 


Rushing Qi QICHONG 


Location 
2 cun lateral to the upper border of the pubic symphysis and 
medial to the femoral artery and vein, approximately 1 cun 
superior to the inguinal groove. 
Upper border 
How to find of the pubic 
: F , . symphysis 
First, locate the upper border of the pubic symphysis (location of 
— Ren-2). Then locate ST-30 2 cun lateral from there (on the ver- 
tical line halfway between the anterior midline and the mamillary 
line). This often corresponds with a location | cun superior to the 
inguinal groove and medial to the femoral artery/vein. 
Located on the same level are > Ren-2/KID-11/SP-12 (anterior 
midline/0.5 cun lateral to the anterior midline/3.5 cun lateral to 
the anterior midline). ~ LIV-12 is located in the inguinal groove, 
1 cun inferior and 0.5 cun lateral to ST-30. 





Needling 

0.5—1 cun vertically or 1.5 cun slightly obliquely towards the exter- 
nal genitalia for disorders of the urogenital tract. Caution: Femoral 
artery, urinary bladder (quite superficial in a superior direction); in 
men, the spermatic ducts (quite superficial in an inferior direction), 
pregnancy. Ask the patient to empty their bladder before needling 
this point. 


Actions/Indications 
e Regulates the Qi in the Lower Burner 
e Strengthens the Sea of Grain (later Heaven Qi) 


Special features 

Meeting point with the chong mai (according to some authors, 
also with the G.B. channel), Sea of Grain point. Wide usage for 
disorders of the Lower Burner. 





ss 





Umbilicus 











Upper border 
of the pubic 
symphysis 

















Ch04.3-F10028.qxd 2/22/08 8:43 PM Page 159 ch 





4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 
Thigh Gate BIGUAN ST-31 
Location 


Inferior to the anterior superior iliac spine and lateral to the sartorius 
muscle, at the level of the lower border of the pubic symphysis. 


How to find 

The sartorius muscle originates at the anterior superior iliac spine 
(ASIS) and crosses the thigh towards the medial aspect of the knee. 
With the knee and hip slightly flexed and with active lateral rota- 
tion, it can be isolated easily. ST-31 is located on the lateral border 
of the muscle, at the crossing point of a vertical line connecting the 
ASIS and the lateral upper border of the patella and a horizontal 
line at the level of the lower border of the pubic symphysis. 


Needling 
Vertically 0.5—2 cun 


Actions/Indications 
e Opens the channel, warms and expels pathogenic factors 


Special features 

Particularly useful for Cold bi-syndrome, disorders of the knees 
and lower back. The chain-and-lock method in combination (— 8) 
with — ST-36 and — ST-41 is often used for paraesthesia and 
pain in the hip and leg radiating along the channel. 
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SOLDERING 


1. Soldering is very easy and very simple. You just need a Temperature Controlled Soldering 
Iron, Fine solder and clean components. 

2. Remember this: It is NOT the solder you need for a joint, but the FLUX. And the flux lasts for 
only 2 seconds. When the flux is HOT it attacks and cleans the joint so that the solder will stick. 
3. Turn ON the Temperature Controlled Soldering Iron to a low temperature. Put solder on the 
tip. It will not melt. Turn up the temperature slightly. Try more solder. As soon as the solder starts 
to melt, this is your starting point. Turn up the temperature slightly MORE and this is the correct 
temperature for small, delicate, fine soldering. 

4. Place a component through a hole and bend the lead slightly so the component does not 
move. Turn the board over and touch the iron on the component and bring the solder FROM 
THE OTHER SIDE so the solder melts and flows towards the iron. 

From start-to-finish, count one-two-three and remove the solder. Count four-five and remove the 
iron. You will have a perfect joint. 

If you are soldering thick leads or large pads on a circuit board, you will need to turn the 
temperature UP slightly. 

You must add enough solder to make the joint "bulge" slightly. 

Fine solder (1mm or 0.9mm or 0.8mm) makes the best joint because it is easier to use. 

Use a wet sponge to clean the tip or a ball of "Steel Wool." Steel wool is the best. 

Here is the steel wool, bending the leads and some examples of poor joints due to insufficient 
solder: 





“Steel wool cleans the tip 
beautifully 








and that's why they fractured. 
Called a DRY JOINT. 





More "Dry Joints." 
This is the cheapest and 


simplest soldering iron 
stand. 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-32 Crouching Rabbit FUTU 


Location 

On the thigh, on a line connecting the lateral patellar border and 
the anterior superior iliac spine, 6 cun superior to the upper, lat- 
eral border of the patella. 


How to find 

Divide the distance between the tip of the greater trochanter and 
the lateral upper border of the patella into three sections. ST-32 
is located at the junction of the lower and the middle third of the 
thigh in a depression on the quadriceps muscle. 


Needling 
Vertically 0.5—2 cun 


Actions/Indications 
e Opens the channel and expels Wind, Dampness and Cold 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 


Yin Market YINSHI ST-33 
Location 


On a line joining the lateral patellar border and the anterior 
superior iliac spine, 3 cun superior to the upper lateral border of 
the patella. 


How to find 
Measure 3 cun up from the upper lateral border of the patella, on 
the connecting line to the anterior superior iliac spine. ST-33 is 
located in a groove at the junction of the rectus femoris and vastus 
lateralis muscles. 


Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 
e Opens the channel and expels pathogenic factors 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-34 Ridge Mound LIANGQIU 
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Location 

On a line joining the lateral patellar border and the anterior 
superior iliac spine, 2 cun proximal to the upper lateral border of 
the patella, in a groove of the vastus lateralis muscle. 


How to find 

Locate the lateral upper border of the patella and from there 
measure 2 cun proximally. ST-34 is located in a palpable groove 
on the vastus lateralis muscle of the quadriceps femoris group. 
This point projects on the line joining the lateral upper border of 
the patella and the anterior superior iliac spine (ASIS — 3.5). 
Located on the same level are the points ~ Ex-LE-1 (each 1.5 
cun lateral and medial to ST-34). — SP-10 is located in a com- 
parable position on the medial aspect of the thigh (2 cun proxi- 
mal to the medial upper border of the patella and in a groove on 
the vastus medialis muscle). 


Needling 
Vertically or obliquely 1-1.5 cun 


Actions/Indications 
e Regulates the Stomach Qi, alleviates acute conditions 
e Opens the channel and alleviates pain 


Special features 

Xi-cleft point. Important local point for disorders of the knee. 
Modern application for acute epigastric pain — strongly reducing 
needling techniques have an immediate and calming effect on 
gastrointestinal peristalsis. 


Ex-LE-1 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 
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Calf’s Nose DUBI ST-35 


Location 
With the knee flexed, in the depression inferior to the patella and 
lateral to the patellar ligament. 


How to find 

This point is best located and needled with the knee slightly 
flexed (use knee support). ST-35 is located in a depression on 
the lower lateral border of the patella, in a groove lateral to the 
patellar ligament. It projects onto the level of the knee joint 
space and more or less corresponds with the arthroscopic access 
to the joint. ST-35 is also known as ‘lateral eye of the knee’ and 
is part of the extra point > Ex-LE-5 (xiyan). 


Needling 

0.5-1 cun slightly obliquely in a medial direction, towards the 
medial eye of the knee ~ Ex-LE-4 (neixiyan). Caution: Knee 
joint (the location of this point corresponds approximately with 
the arthroscopic access to this joint!). 


Actions/Indications 
e Expels Wind and Dampness, reduces swellings, opens the 
channel, alleviates pain 


Special features 
Important local point for all disorders of the knee 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-36 Leg Three Miles ZUSANLI 


Location 

3 cun distal to + ST-35 (‘lateral eye of the knee’) and | finger- 
breadth lateral to the anterior crest of the tibia, on the tibialis 
anterior muscle. 


How to find 

First, locate + ST-35 (‘lateral eye of the knee’, at the level of the 
knee joint space). From — ST-35, palpate 3 cun (1 handbreadth) 
down and | fingerbreadth towards lateral by placing the middle 
finger adjacent to the tibial crest. There, ST-36 is located in a 
depression, which can be palpated ‘dynamically’ (choose the 
point according to pressure sensitivity). Or: Palpate the lower 
border of the tibial tuberosity and ‘dynamically’ locate ST-36 
1 fingerbreadth lateral to it. 


Needling 


Vertically 1—1.5 cun. Moxibustion is often used on this point. 


Actions/Indications 

e Regulates the Stomach, strengthens the Spleen, transforms 
Dampness 

e Tonifies Qi and Yang, nourishes the Blood and Yin 

e Calms the shen 

e Opens the channel 


Special features 

He-sea point, Earth point, ben point (Five Phases point), lower 
he-sea point of the Stomach, Gao Wu command point for disor- 
ders of the abdomen, Ma Dan Yang point, Sea of Water and 
Grain point. Main point to tonify Qi and Blood for general 
weakness. Very important point. 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 


Upper Great Emptiness SHANGJUXU ST-37 


Location 
6 cun distal to + ST-35 (at the knee joint space) or 3 cun distal to 
— ST-36 and | fingerbreadth lateral to the anterior crest of the tibia. 


How to find 

First, find —~ ST-35 (‘lateral eye of the knee’, level with the knee 
Joint space). From — ST-35, measure 6 cun (2 handbreadths) in a 
distal direction and, at that level, 1 fingerbreadth towards lateral 
(place the middle finger onto the anterior crest of the tibia). There, 
ST-37 is located in a depression, which can be ‘dynamically’ pal- 
pated (choose the point according to pressure sensitivity). Or: 
Find the midpoint of the line joining > ST-35 and — ST-41 (in 
the depression between the tendons of the extensor digitorum 
longus and the hallucis longus, level with the highest prominence 
of the lateral malleolus) by using the spreading hands technique 
(— 2.3.3). ST-37 is located 2 cun proximal and | fingerbreadth 
lateral to this point. 


Needling 
Vertically or obliquely 1-1.5 cun 


Actions/Indications 

e Regulates the Spleen, Stomach and Intestines, eliminates stag- 
nation, clears Damp-Heat 

e Opens the channel, alleviates pain 


Special features 
Lower he-sea point of the Large Intestine, Sea of Blood point. 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-38 Lines Opening TIAQKOU 














Location 
At the midpoint of the line joining — ST-35 and > ST-41 and 1 
fingerbreadth lateral to the anterior crest of the tibia. 


How to find 

Quick method: Spreading-hands technique (— 2.3.3): place the 
small fingers on > ST-35 (‘lateral eye of the knee’, level with the 
knee joint space) and — ST-41 (in the depression between the ten- 
dons of the extensor digitorum longus and the hallucis longus, 
level with the highest prominence of the lateral malleolus) and 
determine the midpoint of this line, using the thumbs. ST-38 is 
located in a depression | fingerbreadth (middle fingerbreadth, 
measured from the anterior crest of the tibia) lateral to the mid- 
point. ST-38 may be palpated ‘dynamically’ (according to pressure 
sensitivity). Or: From — ST-35, measure 8 cun (— 2 handbreadths 
and 3 fingerbreadths) distally and 1 fingerbreadth laterally. 
Located on the same level are + ST-40 (1 fingerbreadth more 
laterally) and — BL-57 (dorsal aspect of the lower leg, on the 
midpoint of the line joining + BL-40 and > BL-60). 


Needling 
Vertically or obliquely 1—1.5 cun 


Actions/Indications 
e Expels Wind-Damp, opens the channel, alleviates pain, bene- 
fits the shoulder 


Special features 

Very effective distal point for disorders of the shoulder. For lim- 
ited range of motion of the shoulder joint: apply strong reducing 
needling techniques while the patient moves their shoulder joint. 
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4.3 The Stomach Channel System — Foot yangming (zu yang ming jing luo) 


Lower Great Void X!IAJUXU ST-39 


Location 

1 cun distal to - ST-38 (midpoint of the line joining — ST-35 
and — ST-41) and | fingerbreadth lateral to the anterior crest of 
the tibia. 


How to find 

Quick method: Spreading-hands technique (— 2.3.3): Place the 
little fingers on — ST-35 (‘lateral eye of the knee’, level with the 
knee joint space) and — ST-41 (in the depression between the ten- 
dons of the extensor digitorum longus and the hallucis longus, 
level with the highest prominence of the lateral malleolus) and 
determine the midpoint of this line (level with — ST-38), using 
the thumbs. ST-39 is located in a depression | cun distal and 1 
fingerbreadth (middle fingerbreadth, measured from the anterior 
crest of the tibia) lateral to this point. ST-39 may be palpated 
‘dynamically’ (according to pressure sensitivity). 

Located on the same level (7 cun proximal to the lateral malleo- 
lus) are — G.B.-35 (on the posterior border of the fibula), 
— G.B.-36 (on the anterior border of the fibula) and ~ BL-58 (on 
the lateral border of the gastrocnemius muscle). 


Needling 
Vertically or obliquely 1-1.5 cun 


Actions/Indications 

e Moves the Small Intestine Qi, eliminates stagnation, clears 
Damp-Heat 

e Opens the channel, alleviates pain 


Special features 
Lower he-sea point of the Small Intestine, Sea of Blood point. 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-40 Abundant Bulge FENGLONG 


Location 

At the midpoint of the line joining > ST-35 and — ST-41 and 
2 fingerbreadths lateral to the anterior crest of the tibia or | finger- 
breadth lateral to — ST-38, between the extensor digitorum 
longus and peroneus brevis muscles. 


How to find 

Quick method: Spreading-hands technique (— 2.3.3): Place the 
little fingers on — ST-35 (‘lateral eye of the knee’, level with the 
knee joint space) and — ST-41 (in the depression between the ten- 
dons of the extensor digitorum longus and the hallucis longus, 
level with the highest prominence of the lateral malleolus) and 
determine the midpoint of this line, using the thumb. ST-40 is 
located in a depression 2 fingerbreadths (2 middle fingerbreadths, 
measured from the anterior crest of the tibia) lateral to this point. 
ST-40 may be palpated ‘dynamically’ (according to pressure sen- 
sitivity). Located on the same level (8 cun proximal to the highest 
prominence of the lateral malleolus) are + ST-38 (1 fingerbreadth 
lateral to the tibia) and + BL-57 (on the dorsal aspect of the lower 
leg, halfway between — BL-40 and > BL-60). 


Needling 
Vertically or obliquely 1-1.5 cun 


Actions/Indications 
e Transforms Dampness and Phlegm, clears Phlegm in the 
Lung and Heart, calms the shen 


Special features 
Luo-connecting point. Main acupuncture point for eliminating 











Phlegm. 
14 
15 
16 
7 Upper 
18 border of 
. 19 the patella 
Popliteal 









A 


crease cun 


8cun 


ONAN RWDN 





{ Midpoint 


> Oo 
° 

















Ch04.3-F10028.qxd 2/22/08 8:43 PM Page 169 


4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 
Stream Divide JIEX| ST-41 
“7 Location 


On the ankle, on the level of the highest prominence of the lat- 
eral malleolus, in the depression between the tendons of the 
extensor digitorum and the extensor hallucis longus. 


How to find 

With the patient extending their big toe against resistance, the 
tendon of the extensor hallucis longus muscle will become more 
distinct. ST-41 is located lateral to this tendon, in an obvious 
depression on the level of the highest prominence of the lateral 
malleolus (— 3.6.2) and ankle joint space. 

Located on the same level is ~ LIV-4 (medial to the tendon, 
halfway between — SP-5 and ST-41). 






prominence of the 
lateral malleolus -._ 


Needling 

0.5—1 cun vertically or obliquely deep to the tendons in a medial 
direction towards — SP-5 or in a lateral direction towards 
— G.B.-40. Caution: Tibial artery/vein/nerve lie deep to this point. 


Actions/Indications 

e Clears Heat from the Stomach and Stomach channel 
e Calms the shen 

e Opens the channel and /uo vessels, alleviates pain 


Special features 

Jing-river point, Fire point, tonification point. Important local 
point for disorders of the ankle joint. Important distal point for 
frontal headaches caused by Stomach Heat or Stomach Fire. 
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1/10/2018 Basic Electronics 1A 



















This stand is very messy 
as the spring grabs the iron 
and makes it difficult to 
remove from the stand. 
Test the stand before 
buying. You will se why not 
to buy this type of soldering 
stand. Get one with a "wide 
mouth" and a heavy stand 
is best as it does not move. 


This photo clearly shows how to hold a 
soldering iron and solder. 




































This is NOT a temperature-controlled 

soldering iron and you can see it is too 

hot as it is burning off the flux too 

quickly. 

Temperature Controlled Soldering 

i . Irons are now cheaper than the JUNK 
* soldering iron shown in the photo. See 


Mili, eBay for prices. 


to Index 


BREADBOARD 


The term BREADBOARD refers to any 
piece of wood or plastic containing pins 
or pegs or clips or holes where you can 
build a circuit. 

The components can be soldered, 
twisted clipped or fitted into holes. 
Breadboard also means the circuit can 
be easily pulled apart. 

Some breadboards do not have two 
rows for the positive and negative rails. 
Connections under the board for the 
positive rail is shown with a black line in 
the photo. Connections on the main 
section of the board are shown with 
blue lines. Your breadboard MUST look 
exactly like the photo opposite. 

Other breadboards are quite useless. 
The breadboard in the photo can be 
purchased on eBay for less than $5.00 
(post FREE). 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 42/74 













Photo shows a number of components 
fitted to the breadboard. 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-42 Rushing Yang CHONGYANG 
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Location 

On the highest point of the dorsum of the foot, between the ten- 
dons of the extensor hallucis longus and the extensor digitorum 
longus, directly lateral to the point where the dorsalis pedis artery 
may be palpated. The point is bordered proximally by the 2nd and 
3rd metatarsal bones and distally by the 2nd and 3rd cuneiform 
bones. Alternative location: Sometimes, this point may be 
located lateral to the medial portion of the extensor digitorum 
longus tendon (joining the 2nd toe). 


How to find 

With the palpating finger, glide from — ST-43 (in the depression 
between the base of the 2nd and 3rd metatarsal bones) proximally 
towards — ST-41 (in the depression between the tendons of 
extensor digitorum longus and hallucis longus). Locate ST-42 at 
the highest point of the dorsum of the foot, in a depression lateral 
to the pulse. In most cases, ST-42 is located lateral to the tendon 
of the extensor hallucis longus, which becomes more distinct by 
extending the big toe. 


Needling 
Vertically 0.2—-0.5 cun. Caution: Dorsalis pedis artery. 


Actions/Indications 

e Clears Heat from the Stomach channel, regulates the 
Stomach 

e Calms the shen 

e Opens the channel and /uo vessels 


Special features 
Yuan-source point, exit point. 
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Location 

On the dorsum of the foot, in the depression between the 2nd 
and 3rd metatarsal bones, at the level of the junction of the shafts 
and the heads of these metatarsal bones. 


How to find 

Palpate from distal (toes) towards proximal (ankle) between the 
2nd and 3rd metatarsal bones, until the finger glides into a 
depression distal to the metatarsophalangeal joint, where ST-43 
is located. It is approximately on the same level as the junction 
of the shafts and the heads of the two metatarsal bones. 


Needling 
Vertically or obliquely 0.5—1 cun 


Actions/Indications 
e Regulates the Spleen, Stomach and Intestines, reduces oedema 


Special features 
Shu-stream point, Wood point, generally used for ‘inflammatory’ 
joint disorders (bi-syndromes). 





4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 


Sunken Valley XIANGU ST-43 
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4 Acupuncture Points of the Twelve Primary Channels 


ST-44 Inner Court NE!ITING 














Location 
Between the 2nd and the 3rd toes, proximal to the interdigital fold. 


How to find 
Locate ST-44 just proximal to the interdigital fold between the 


2nd and the 3rd toes. 


Needling 


0.5-1 cun vertically or obliquely in a proximal direction 


Actions/Indications 

e Opens the channel, expels Wind and clears Heat, alleviates 
pain 

e Regulates the Intestines, clears Damp-Heat 

e Calms the shen 


Special features 
Ying-spring point, Water point, Ma Dan Yang Heavenly Star 
point. Major point for clearing Heat from the head and face. 
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4.3 The Stomach Channel System - Foot yangming (zu yang ming jing luo) 
Strict Exchange LIDUI! ST-45 
Location 


On the 2nd toe, 0.1 cun from the lateral corner of the nail. 


How to find 

ST-45 is located at the junction of two tangents drawn along the 
lateral and proximal border of the nail of the 2nd toe, approxi- 
mately 0.1 cun from the margin of the nail. 


Needling 
0.1 cun vertically or obliquely in a proximal direction or prick to 
bleed. 


Actions/Indications 

e Opens the channel and clears Heat from the yangming chan- 
nels (L.L/ST) 

e Calms and regulates the shen 


Special features 

Jing-well point, Metal point, sedation point, important distal 
point for all Heat disorders affecting the head. For severe insom- 
nia due to Fire or Phlegm-Heat, apply moxibustion (‘small Fire 
attracting big Fire’ technique). 
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4.4 The Spleen Channel 
System — Foot taiyin 
(zu tai yin jing luo) 


4.4.1 The Spleen Primary Channel 
(zu tai yin jing) 





Pathway 

The external pathway of the Spleen primary channel begins at 
SP-1 (yinbai) on the big toe at the medial corner of the nail. This 
point is reached by a branch that separates from the Stomach 
primary channel at > ST-42 (chongyang) (foot Yin—Yang con- 
nection of the first great circuit). 

= From SP-1 the channel courses along the medial aspect of the 

foot 


—e— 


4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 
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4 Acupuncture Points of the Twelve Primary Channels 
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Mid-axillary line 


™ ascends anterior to the medial malleolus and continues along 
the posterior border of the medial crest of the tibia 

=> passes the anteromedial region of the knee and thigh 

=™ ascends the abdomen lateral to the midline to the second 
intercostal space, passing on its way — Ren-3 (zhongji), 
— Ren-4 (guanyuan), —~ Ren-10 (xiawan), — G.B.-24 
(riyue) and > LIV-14 (gimen) 

= curves downward again and terminates 6 cun inferior to the 
axilla on the midaxillary line at SP-21 (dabao). 

According to Solinas et al (1998), its inner pathway branches off 

at > Ren-10 (xiawan) and enters the Spleen (pi), its pertaining 

zang-Organ, and connects with the Stomach (wei), its paired 

fu-Organ. From the Stomach (wei), an Interior branch passes 

the diaphragm, ascends part of the oesophagus and enters the 

Heart (xin), where it connects with the Heart primary channel 

(shou shao yin jing) (deep Yin—Yin connection > 1.2). From 

SP-20 (zhourong), a further branch ascends to ~ LU-1 

(zhongfu) at the level of the first intercostal space to form the 

hand-foot pairing (Yin axes of the first great circuit, taiyin). 

The branch ascends further to the tongue, reaches the root of the 

tongue and disperses on its lower surface. 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: Heavy sensations of the 
head and body, sensation of weakness in the legs, general fever, 
pain in the lower cheek, muscular atrophy and weakness of the 
legs and medial hip region, cold knees, feet and legs, oedema 
Interior (Ji) or zangfu-Organ signs and symptoms: Abdomi- 
nal pain, diarrhoea or loose stools with undigested food, borbo- 
rygmus, belching and dizziness, abdominal masses, loss of 
appetite, a sallow complexion, retention of urine 

Excess (shi) > Spasms, foot pain 

Deficiency (xu) — Abdominal fullness, borborygmus, diarrhoea 
with undigested food 


—e— 


Connections and meeting points of the 
Spleen primary channel (— 1.2) 


Connections with other channels 


Stomach primary channel (zu yang ming jing) 
Connection: Foot Yin—Yang connection of the first great circuit 
Location: ST-42 SP-1 (on the foot). 

Circulation: Circadian (according to the Organ clock) 
Importance: Interior—Exterior relationship 


Lung primary channel (shou tai yin jing) 

Connection: Paired according to the six channel theory (hand— 
foot pairing) — tai yin (Yin axes of the first great circuit) 
Location: SP-20 — LU-1 (on the thorax). A branch of the 
Spleen primary channel ascends from SP-20 (zhourong) to LU-1 
(zhongfu) 

Circulation: Non-circadian (not according to the Organ clock) 
Importance: Above—below relationship 


Heart primary channel (shou shao yin jing) 

Connection: Deep Yin—Yin connection 

Location: SP — HE (on the thorax). An internal branch of the 
Spleen primary channel spreads inside the Heart (xin) and con- 
nects with the Heart primary channel. 

Circulation: Circadian (according to the Organ clock) 
Importance: The Heart primary channel receives Nutritive Qi 
(ying qi) from the Spleen primary channel (first circulation of 
the ying gi > 1.1.4) 


Connections with other zangfu-Organs 
Spleen (pi), Stomach (wei), Heart (xin) 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 


4.4.2 The Spleen Divergent Channel Pathway 


( zu tai yin jin g b ie) The Spleen divergent channel separates from the Spleen primary 
channel near SP-11 (jimen) on the anteromedial aspect of the thigh, 


at the medial border of the sartorius muscle. It 

™ penetrates the abdomen in the inguinal region at + ST-30 
(gichong) 

= connects with the Stomach (wei), Spleen (pi) and Heart (xin) 

™ ascends along the oesophagus to the suprasternal fossa and 
travels laterally to + ST-12 (quepen) in the supraclavicular 
fossa 

™ crosses the Stomach primary channel and the Stomach 
divergent channel at — ST-9 (renying) where they meet to 
connect at one of the six he-confluences (here: ST/SP as third 
confluence — 1.3). 


Clinical importance 

e Strengthens the relationship between the Spleen and the 
Stomach (zangfu-Organs). Points on the Spleen primary channel 
can therefore be used for disorders of the Stomach, and vice 
versa points on the Stomach primary channel can treat disorders 
of the Spleen. In clinical practice, Spleen points are used for the 
whole gastrointestinal tract. 

e Meets the Stomach primary channel at + ST-30; this is also 
a Sea of Water and Grain point, which can be used for many 
digestive disorders. 

e Links the Spleen primary channel with the Heart; in combination 
with other points, SP points can be used for Qi and Blood 
deficiency as well as for psycho-emotional disorders. 

e Connects the Spleen primary channel and the neck region and 
can therefore be used for chronic disorders of the neck and 
thyroid caused by retention of Phlegm (for example SP-3 with 
ST-40, P-5). 

e Connects the Spleen primary channel with the mouth and tongue 
and can therefore be used for disorders/ulcers of the tongue 
and mouth caused by retention of Phlegm (for example SP-2, 
SP-3, SP-6). 
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4.4.3 The Spleen Sinew Channel 
(zu tai yin jing jin) 






| 


gg’ Ren-3 

4 / (Meeting point 

“l'" of the three foot Yin 
sinew channels) 


Pathway 

The Spleen sinew channel begins on the medial aspect of the 

big toe at SP-1 (yinbai) 

= runs along the medial border of the foot 

= binds (jie) anterior to the medial malleolus at SP-5 (shanggqiu) 

= ascends along the medial aspect of the tibia to SP-9 (yin- 
lingquan) and binds (jie) anterior to the medial head of the tibia 

™ runs along the medial aspect of the thigh and binds (jie) on 
the medial aspect of the inguinal region 

= continues to > Ren-3 (zhongji) where it meets the other sinew 
channels of the foot Yin channels 

At > Ren-3 the sinew channel separates into three branches: 

e One branch runs to the genital region 

e A further branch ascends along the anterior midline, cover- 
ing the ren mai and binding (jie) at the umbilical region. It 
penetrates the abdomen and spreads in the costal and thoracic 
region. 

e A third branch penetrates deeper into the body and ends at 
the spinal region at ~ BL-20 (pishu). 


—e— 


Clinical importance 

e Pathology: Distending pain of the big toe, pain at the medial 
malleolus, cramps and pain in the calves, pain of the medial 
aspect of the knees and thighs, pain in the inguinal and geni- 
tal region (radiating to the umbilicus, thorax and back). 

e Indication: Mainly for bi-syndromes (Painful Obstruction 
Syndrome) and wei-syndrome (atrophy syndrome) along the 
Spleen channel, especially along the medial aspect of the leg. 
The area covered by the Spleen sinew channel is larger than 
that covered by the Spleen primary channel. This explains why 
Spleen primary channel points can also be used for disorders 
and diseases of the external genitalia and the umbilical region. 


4.4.4 The Spleen /uo-Connecting 
Vessel System (zu tai yin luo mai) 








Pathway 

The Spleen /uo-connecting channel separates from the Spleen 

primary channel at its Juo-connecting point SP-4 (gongsun) 

(— 8.1.2). It forms a three-dimensional reticulate network, 

dividing into multiple branches and sub-branches (sun luo, fu 

luo, xue luo > 1.5) within the surrounding tissue. 

= Horizontal divisions run to the Interiorly—Exteriorly paired 
Stomach primary channel, according to some schools of thought 
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(for example Ngyen Van Nghi — Appendix) they travel as a 
transverse Spleen /uo-connecting vessel to the yuwan-source 
point > ST-42 (chongyang). 

e A longitudinal division follows the pathway of the Spleen pri- 
mary channel, enters the abdomen in the inguinal region and con- 
nects with the Large Intestine (dachang) and the Stomach (wei). 


Clinical importance (— 8.1.2) 


Pathology 

e Excess (shi): Colicky pain in the Stomach and Large Intestine 

e Deficiency (xu) — Gu zhang (drum-like abdominal distension) 
such as digestive disorders in children, abdominal fullness and 
distension, ascites 

e Counterflow Qi: Acute vomiting, diarrhoea, severe abdominal 
pain 


The great /Juo-connecting vessel of the 
Spleen (zu tai yin luo mai) 


Pathway 

The great /uo-connecting vessel of the Spleen begins on the lateral 
aspect of the thorax at + SP-21 (dabao). It contains the Blood 
of the /uo-connecting vessel and disperses to the vessels of the 
whole body, covering them in a net-like fashion (> 1.5, > 8.1.2). 


Clinical importance (— 8.1.2) 

e Excess (shi): Pain in the whole body, polyarthritis, bi-Syndrome 
(Painful Obstruction Syndrome) 

e Deficiency (xz): Muscular atrophy and weakness, weakness of 
the joints, weakness in the whole body. 


4.4.5 Cutaneous Region (tai yin pi bu) 


See description and figures > 1.6 


4.4.6 Points of the Spleen Primary 
Channel (Overview) 


Specific points according to their function 

e Yuan-source point (— 8.1.1): SP-3 (taibai) SE 

e Luo-connecting point (— 8.1.2.): SP-4 (gongsun) Sm/ SP-21 
(dabao) && 

e Xi-cleft point (— 8.1.3): SP-8 (diji) Bm 

e Associated Back-shu point (— 8.1.4): BL-20 (pishu) Bm 

e Associated Front-mu point (— 8.1.5): LIV-13 (zhangmen) SB 

e Five shu-transporting points (— 8.1.6): 
jing-well point (Wood): SP-1 (yinbai) Sm 
ying-spring point (Fire), tonification point: SP-2 (dadu) 
shu-stream point (Earth), ben point: SP-3 (taibai) S™ 


—e— 


4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 


jing-river point (Metal), sedation point: SP-5 (shangqiu) Sl 

he-sea point (Water): SP-9 (yinlingquan) && 

Hui-meeting point (— 8.1.7): - 

Opening point (— 8.1.8) of the chong mai: SP-4 (gongsun) Sl 

Lower he-sea points (— 8.1.9): - 

Jiaohui-meeting points (— 8.1.10): 

— with the Kidney and Liver primary channels (meeting point 
of the three foot Yin channels and the yin giao mai*: SP-6 
(sanyinjiao) 

— with the LIV and T.B.* channels and the yin wei mai: 
SP-12 (chongmen) 

— with the LIV channel and the yin wei mai: SP-13 (fushe) 

— with the yin wei mai: SP-15 (daheng), SP-16 (fuai) 

— of other channels with the SP channel: LU-1, G.B.-24, 
LIV-14, Ren-3, Ren-4, Ren-10, Ren-17* 

Gao Wu command point (— 8.1.11): — 

Window of Heaven point (— 8.1.12): — 

Points of the Four Seas (— 8.1.13): — 

Ma Dan Yang Heavenly Star point(— 8.1.14): — 

Sun Si Miao Ghost point (— 8.1.15): SP-1 (yinbai) Bm 

Other functional points: 

— important point for diarrhoea: SP-4 (gongsun) Sl 

— important point for Damp bi-syndrome: SP-5 (shangqiu) 

— important point for eliminating Dampness: SP-9 (yin- 

lingquan) SS 

— important point for regulating the Blood: SP-10 (xuehai) Sm 

— important point for general pain: SP-21 (dabao) B™ 


Points according to region 


Local points (— 8.2.1): knee region — SP-9 (yinlingquan) &&; 
Large Intestine — SP-15 (daheng) mim; knee — SP-9 (yinlingquan) 
um; foot — SP-5 (shanggiu) SM; toes — SP-3 (taibai) BE 
Adjacent points (— 8.2.1): Spleen/Stomach — SP-15 (daheng) 
mm; hypochondrium — SP-21 (dabao) mm; knee — SP-10 
(xuehai) &M; toes — SP-4 (gongsun) Sm, SP-5 (shangqiu) OM, 
SP-9 (yinlingquan) && 

Distal points (— 8.2.1): for the Spleen/Stomach, upper abdominal 
region — SP-4 (gongsun) @™; for the female genital organs, 
urogenital region — SP-6 (sanyinjiao) @™; lower abdomen — 
SP-1 (yinbai) Sm; for the hand and knee — SP-5 (shanggiu) Sl 


Specific points according to the channel 
pathway (in numerical order): 


SP-1 (yinbai) Sm: Sun Si Miao Ghost point (— 8.1.15); distal 
point for the lower abdomen (— 8.2.1); jing-well point 
(Wood) (— 8.1.6) 

SP-2 (dadu): ying-spring point (Fire) (7 8.1.6), tonification 
point 

SP-3 (taibai) SH: yuan-source point (> 8.1.1), shu-stream 
point (— 8.1.6), ben point (Five Phase point) (— 8.1.6) 





* Mentioned by only some authors. 
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SP-4 (gongsun) @™: luo-connecting point of the Spleen 
(— 8.1.2); opening point of the chong mai (— 8.1.8); distal point 
for the Spleen/Stomach, upper abdomen (— 8.2.1); important 
point for diarrhoea; adjacent point for the toes (— 8.2.1) 

SP-5 (shangqiu) SM: jing-river point (Metal) (— 8.1.6); Seda- 
tion point; important point for Damp bi-syndrome; local point 
for the foot (— 8.2.1); distal point for the hand and knee 
(> 8.2.1) 

SP-6 (sanyinjiao) SM: jiaohui-meeting point with the KID 
and LIV channels and the yin giao mai (> 8.1.10) (meeting 
point of the three foot Yin channels); distal point for the 
female genital system, the urogenital region (— 8.2.1) 

SP-8 (diji) Bm: xi-cleft point (— 8.1.3) 

SP-9 (yinlingquan) @&®: he-sea point (Water) (7 8.1.6); 
important point for eliminating Dampness; local point for the 
knee region (— 8.2.1); local point for the knees (— 8.2.1) 
SP-10 (xuehai) @™: important point for regulating the Blood; 
adjacent point for the knees (> 8.2.1) 

SP-12 (chongmen): jiaohui-meeting point with the LIV and 
T.B.* channels and the yin wei mai (> 8.1.10) 


*Mentioned by only some authors. 


—e— 


SP-13 (fushe): jiaohui-meeting point with the LIV channel 
and the yin wei mai (> 8.1.10) 

SP-15 (daheng) @™: local point for the Large Intestine 
(— 8.2.1); adjacent point for the Spleen/Stomach (— 8.2.1); 
Jiaohui-meeting point with the yin wei mai (> 8.1.10) 

SP-16 (fuai): jiaohui-meeting point with the yin wei mai 
(> 8.1.10) 

SP-21 (dabao) @™: adjacent point for the hypochondrium 
(— 8.2.1); Main-/uo-connecting point of the Spleen (> 8.1.2); 
important point for generalised pain 


General location help 


SP-13 — SP-16: these points are all located 4 cun lateral to the 
anterior midline (= mamillary line) + SP-13: 0.7 cun superior 
to SP-12; SP-14: 1.3 cun inferior to the umbilicus; SP-15: at 
the level of the umbilicus; SP-16: 3 cun superior to the 
umbilicus. 

SP-17 — SP-20: these points are all located 6 cun lateral to the 
anterior midline in the fifth to second intercostal spaces. 


Basic Electronics 1A 





r =a 
Fig 60. BREADBOARD and Components 








to Index 


The components on the 
BREADBOARD are fitted 
down the holes and metal 
strips under the board join 
each column of 5 holes. If you 
want to join one hole with 
another, you can use 0.5mm 
tinned copper wire or 


JUMPERS. See photo 
opposite. Jumpers can be 
purchased on eBay for less 
than $3.00 posted. 


Email Colin Mitchell for links to 


Fig 61. Jumpers eBay. (talking@tpg.com.au) 


to Index 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 
Hidden White YiINBAL [RS 
Location 


On the big toe, 0.1 cun from the medial corner of the nail. 


How to find 

SP-1 is located at the junction of two tangents drawn along the 
medial and proximal border of the nail of the big toe, approxi- 
mately 0.1 cun from the margin of the nail. 


Needling 
0.1-0.2 cun vertically or obliquely in a proximal direction or 
prick to bleed with a needle, lancet or three-edged needle. 


Actions/Indications 
e Regulates the Blood 

e Regulates the Spleen 

e Unbinds the chest 

e Calms the shen 

e Revives consciousness 





Special features 
Jing-well point, Wood point, Sun Si Miao Ghost point, entry 
point, important distal point for the lower abdomen. 
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4 Acupuncture Points of the Twelve Primary Channels 


| SP-2 | Great Metropolis DADU 


Location 

On the medial aspect of the big toe, at the junction of the shaft 
and the base of the proximal phalanx, distal to the Ist meta- 
tarsophalangeal joint. 


How to find 

On the medial aspect of the big toe, palpate from distal to prox- 
imal towards the metatarsophalangeal joint, until you can feel 
the junction of the shaft with the base of the proximal phalanx. 
SP-2 is located distally to the base of the bone, which forms a 
distinct step, and slightly inferiorly to its outer curvature, at the 
border of the red and white skin (sole/dorsum of the foot). 
Located in comparable positions are > BL-66 on the lateral bor- 
der of the foot, ~ L.L-2 on radial aspect and > S.I.-2 on the 
ulnar aspect of the hand. 


Needling 
0.2-0.5 cun vertically or obliquely, just below the lower border 
of the bone. Caution: Painful point. 


Actions/Indications 
e Regulates and supports the Spleen, harmonises the Lower 
Burner and clears Heat 


Special features 
Ying-spring point, Fire point, tonification point. 

















Ch04.4-F10028.qxd 2/23/08 7:08 PM Page 183 


4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 
Supreme White TAIBAL [RS 
Location 


On the medial aspect of the foot, in the depression proximal to 
the head of the 1st metatarsal bone, at the border of the red and 
white skin. 


How to find 

When palpating along the border of the red and white skin on the 
medial aspect of the foot from distal (toes) to proximal (ankle), 
the metatarsophalangeal joint forms a prominent landmark. 
SP-3 is located just proximal to this joint in a clearly palpable 
depression, which marks the junction of the head and the shaft of 
the 1st metatarsal bone. 

Located in a comparable position is + BL-65 (proximal to the 
head of the 5th metatarsal bone) on the lateral border of the foot. 
In comparable locations on the borders of the hand are > L.L-3 
on the radial aspect and — S.I.-3 on the ulnar aspect of the hand. 






if Border ‘red/white skin 


Head of metatarsal | “3 





Needling 
0.5-1 cun vertically or obliquely from medial towards lateral. 
Caution: Needling this point tends to be painful. 


Actions/Indications 

e Tonifies the Spleen, harmonises the Lower Burner 
e Eliminates Dampness and Damp-Heat 

e Regulates Qi locally 


Special features 
Yuan-source point, shu-stream point, Earth point, ben point 
(Five Phases). Important point for tonifying the Spleen. 
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4 Acupuncture Points of the Twelve Primary Channels 


| SP-4 Grandfather Grandson GONGSUN 


Location 
In the depression distal to the base of the Ist metatarsal bone, on 
the border of the red and white skin. 







4 Tibialis anterior | 
How to find 


When palpating along the border of the red and white skin 
(sole/dorsum of the foot) on the medial aspect of the midfoot 
from proximal towards medial, the base of the Ist metatarsal 
bone (— 2.6.2) forms a distinct bony prominence. SP-4 is 
located in the depression distal to this prominence, at the junc- 
tion of the shaft and the base of the bone. 

— SP-3 is located slightly more distally at the junction of the 
head and the shaft of the Ist metatarsal bone. ~ BL-64 is 
located in a comparable position on the lateral aspect of the mid- 
section of the foot (at the junction of the shaft and the base of the 
5th metatarsal bone). 


Base of metatarsal | 





Needling a 
0.5—1 cun vertically or obliquely from medial towards lateral. 15 Highest 
at : . cun prominence 
Caution: Needling may be painful. a re peal 
malleolus 


Actions/Indications 

e Strengthens and regulates the Spleen Qi, eliminates Dampness 
e Calms the shen 

e Benefits the Heart and chest 

e Regulates the chong mai 

e Local point, for example for metatarsalgia 


Special features 
Luo-connecting point, opening (master) point of the chong mai. 
Important point for distension and pain in the upper and lower 





abdomen caused by Qi stagnation, Blood stasis or obstruction 
due to Dampness. 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 


Shang Mound SHANGQIU | SP-5 | 


Location 

In the depression at the junction of a vertical line drawn along 
the anterior border and a horizontal line drawn along the lower 
border of the medial malleolus. Or: In the depression halfway 
between the highest prominence of the medial malleolus and the 
tubercle of the navicular bone. 


How to find 

SP-5 is located in a depression anterior and inferior to the 
medial malleolus, at the junction of a vertical line drawn along 
the anterior border and a horizontal line drawn along the inferior 
border of the medial malleolus. SP-5 is located distal to the ten- 
don of the tibialis anterior muscle. 

Located in a comparable position on the lateral aspect of the foot 
is — G.B.-40 (in a depression at the junction of a vertical line 
drawn along the anterior border and a horizontal line drawn 
along the inferior border of the lateral malleolus). 


Needling 
0.3-0.6 cun vertically, obliquely or transversely (subcuta- 
neously) deep to the tendons towards — ST-41. 


Actions/Indications 

e Tonifies the Spleen, eliminates Dampness, benefits the ten- 
dons and bones 

e Moves Qi locally 

e Calms the shen 


Special features 
Jing-river point, Metal point, sedation point. Important point for 
treating Damp bi-syndrome. 
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4 Acupuncture Points of the Twelve Primary Channels 


| SP-6 Three Yin Intersection SANYINJIAO 


Location 
3 cun proximal to the highest prominence of the medial malleo- 
lus, on the posterior border of the medial crest of the tibia. 


How to find 

From the highest prominence of the medial malleolus (— 3.6.2), 
measure 3 cun (1 handbreadth) in a superior direction, where 
SP-6 is located in a depression at the posterior border of the 
medial crest of the tibia. This point is often sensitive to pressure. 
Sometimes, this depression is located more anteriorly, and locat- 
ing SP-6 should be based on pressure-sensitivity. 

Located in a comparable position is > G.B.-39 (3 cun proximal 
to the prominence of the lateral malleolus, on the anterior border 
of the fibula, intersecting point of the three foot Yang channels). 






Posterior 
Needling border of __ 


Vertically or obliquely 1-2 cun. Caution: Contraindicated dur- hee 7. 
ing pregnancy, particularly with reducing needle techniques; 
exception: to promote labour. 


Actions/Indications 

e Tonifies the Spleen and the Stomach, eliminates Dampness 

e Nourishes the Blood and Yin, regulates menstruation, pro- 
motes labour 

e Regulates urination, benefits the genitals, harmonises the 
Lower Burner 

e Calms the shen 


Special features 
Meeting point with the Liver and Kidney channels (group /uo- 
connecting point) and the yin giao mai. Very important point for 


disorders of the Lower Burner (especially for gynaecological 
disorders, birth and urinary disorders), as well as for many 
digestive disorders and psychological disorders (caused by 
Blood and Yin deficiency). 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 
Dripping Valley LOUGU 
Location 


6 cun proximal to the highest prominence of the medial malleo- 
lus, on the posterior border of the medial crest of the tibia. 


How to find 

From the highest prominence of the medial malleolus, measure 
6 cun in a superior direction, where SP-7 is located at the pos- 
terior border of the medial crest of the tibia. Or: Spreading 
hands technique (— 2.3.3): SP-7 is located 0.5 cun distal to the 
midpoint of a line connecting — SP-9 (distal to the tibial 
condyle) and the highest prominence of the medial malleolus. 
— SP-6 is located midway between the tip of the malleolus and 
SP-7 (3 cun superior/inferior respectively). 


Needling 
Vertically 1-1.5 cun 


Actions/Indications 


e Strengthens the Spleen, drains Dampness, opens the channel 
e Promotes urination 
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4 Acupuncture Points of the Twelve Primary Channels 
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PE) arth Pivot vy! 











Location 


oe 


3 cun distal to the junction of the shaft and the medial condyle of 
the tibia (— SP-9), at the posterior border of the medial crest of 


the tibia. 


How to find 


Measure | handbreadth directly inferior to the medial condyle of 
the tibia (7 SP-9). SP-8 is located 3 cun distal to + SP-9 on the 
posterior border of the medial crest of the tibia, on a line con- 
necting — SP-9 and the highest prominence of the medial 


malleolus. 


Needling 
Vertically 1-1.5 cun 


Actions/Indications 
e Regulates the uterus and the Blood 


e Regulates the Spleen and eliminates Dampness 


Special features 


Xi-cleft point. Important point for acute dysmenorrhoea, often 


used in combination with — L.L-4. 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 


Location 

With the knee flexed, this point is located in a depression distal 
to the medial condyle of the tibia, at the junction of the shaft and 
the medial condyle. 


How to find 

Patient’s position: Preferably locate and needle SP-9 with the 
knee bent and the hip slightly externally rotated, so that the knee 
slightly lifts from the surface, or rest the knee in an externally 
rotated position on a knee support. Location: Palpate along the 
posterior border of the medial crest of the tibia towards the head 
of the tibia to locate SP-9 in a pressure-sensitive depression at 
the junction of the shaft and the head of the tibia. This depres- 
sion is located between the pes anserinus superficialis and the 
belly of the gastrocnemius muscle (— 3.6.1). 

Located on the same level but 1 cun posterior to SP-9 is + LIV-7. 
Located on the lateral aspect of the lower leg is % G.B.-34 
(anterior and inferior to the head of the fibula). 


Needling 


1-1.5 cun vertically, along the posterior border of the tibia. 


Actions/Indications 

e Regulates the Spleen, transforms Dampness, regulates the 
water passages, benefits the Lower Burner 

e As local point for disorders of the knee, especially if there are 
swellings 


Special features 

He-sea point, Water point. One of the major points for eliminat- 
ing Dampness anywhere in the body. Important local point for 
disorders of the knee. SP-9 is located approximately on the same 
level as > G.B.-34. If indicated, this point tends to be very ten- 
der upon pressure. 
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4 Acupuncture Points of the Twelve Primary Channels 


| SP-10 | Sea of Blood XUEHAI 


Location 

With the knee flexed, SP-10 is located 2 cun proximal and 
slightly medial to the medial superior border of the patella, in a 
depression on the vastus medialis muscle. 
























How to find 

Measure 2 cun proximal to the medial superior border of the 
patella and locate SP-10 by palpating slightly medially for a soft 
depression. Or: The practitioner places their left hand on the 
patient’s right patella, with the heel of the palm level with the 
inferior patellar border and the extended fingers pointing in a 
superior direction. With the thumb and index finger forming an 
angle of 45°, the tip of the thumb will point to SP-10. 


Needling 
Vertically or obliquely 1-1.5 cun 


Actions/Indications 

e Strengthens the Blood, dispels Blood stasis, cools the Blood, 
stops bleeding, regulates menstruation, benefits the skin 

e Local point for disorders of the knee 


Special features 
Important point for regulating the Blood 
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Fig 62. Breadboard with Nails 

If you don't have a soldering iron or experimental breadboard, you can make your own board 
with nails. See the photo above. It is a multivibrator circuit and we will be presenting this circuit 
in a moment. The components can be twisted around the nails and bare wire used to join some 
of the nails to complete the circuit. 

Another method of connecting the components is called BIRD-NESTING. This involves 
soldering the components "in the air" as shown in the 27MHz transmitter circuit below: 





Another way to connect the component( if you don't have a soldering iron), is to wind 6 turns of 
bare wire around each connection and leaving all the components "in the air." The bare wire can 
be obtained from hook-up flex. This is plastic coated "wire" containing up to 15 fine strands of 
wire. Use a single strand for the connections. None of the components will touch each other BY 
MISTAKE and the circuit will work perfectly. Bird-nesting is a good way to build a quick circuit 
and test its performance. It might look messy but you can easily change any component. 





to Index 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 
Winnowing Gate JIMEN | SPT 
Location 


6 cun proximal to > SP-10 or 8 cun proximal to the medial 
upper border of the patella, at the midpoint of the femur between 
the sartorius and vastus lateralis muscles. 


How to find 

First, locate + SP-10 by measuring 2 cun proximal and 1 cun 
medial from the medial upper border of the patella. From there, 
measure 6 cun vertically in a proximal direction to locate SP-11 
in a depression on the lateral border of the sartorius muscle. 
Or: Spreading hands technique (— 2.3.3): SP-11 is located mid- 
way between the knee joint space and — SP-12 (2 cun lateral to 
the anterior midline, on a level with the upper border of the 
pubic symphysis). 


Needling 
Vertically 0.5—1 cun. Caution: Femoral artery/vein. 


Actions/Indications 
e Regulates the Lower Burner and urination, drains Dampness, 
clears Heat 
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4 Acupuncture Points of the Twelve Primary Channels 


| SP-12 | Rushing Gate CHONGMEN 

















Location 
3.5 cun lateral to the midline, at the level of the upper border of 
the pubic symphysis, lateral to the femoral artery. 


How to find 

From the upper border of the pubic symphysis (—~ Ren-2), 
measure 3.5 cun in a lateral direction. There, you can feel the 
pulsation of the femoral artery. SP-12 is located in a depression 
immediately lateral to the artery. 

Located on the same level are Ren-2 (on the midline), + KID-11 
(0.5 cun lateral to the midline) and + ST-30 (2 cun lateral to the 
midline). ~ LIV-12 is located 2.5 cun lateral to the midline, but 
1 cun inferior to the upper border of the pubic symphysis. 


Needling 

Vertically 0.5—1 cun. Caution: Needling in a medial direction 
may puncture the artery; needling in a lateral direction may 
injure the femoral nerve. 


Actions/Indications 

e Regulates Qi and Blood in the Lower Burner 
e Descends rising fetal Qi 

e Clears Heat and drains Dampness 


Special features 
Meeting point with the LIV and T.B.* channels and the yin wei mai 





* According to some authors 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 
Abode of the Fu FUSHE | $P-13 | 
Location 


4 cun lateral to the anterior midline and 0.7 cun superior to the 
upper border of the pubic symphysis. 


How to find 

First, measure 4 cun in a lateral direction from the upper border 
of the pubic symphysis and from there 0.7 cun in a superior 
direction to locate SP-13 in a depression in the inguinal groove. 
SP-13 is located 0.5 cun lateral and 0.7 cun superior to ~ SP-12 
(— 3.5 cun lateral to the upper border of the pubic symphysis). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum. 


Actions/Indications 
e Disperses accumulations 
e Regulates the Qi 


Special features 
Meeting point with the yin wei mai and the Liver channel 
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4 Acupuncture Points of the Twelve Primary Channels 


| SP-14 | Abdomen Knot FUJIE 








194 








Location 
4 cun lateral to the anterior midline, on the mamillary line, 3 cun 
superior to > SP-13 or 1.3 cun inferior to + SP-15. 


How to find 

First, measure 4 cun from the umbilicus in a lateral direction in 
order to locate the mamillary line. This is the point > SP-15. 
From there, measure 1.3 cun in an inferior direction to locate 
SP-14. 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Moves Qi and Blood, warms the middle, dispels Cold 
e Regulates the Lower Burner and descends counterflow Qi 


Special features 
Sensitive to pressure with appendicitis 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 


Great Horizontal DAHENG | SP-15 | 


Location 
4 cun lateral to the centre of the umbilicus, on the mamillary 
line. 


How to find 

Locate SP-15 4 cun lateral to the umbilicus, using the mamillary 
line for reference, especially in male patients. 

Located on the same level are ~ Ren-8/KID-16/ST-25/G.B.-26 
(umbilicus/0.5 cun lateral to the umbilicus/2 cun lateral to the 
umbilicus/below the free end of the 11th rib at the level of the 
umbilicus). 


Needling 
Vertically 1-1.5 cun. Caution: Peritoneum, pregnancy. Deep 
needling may reach the aponeuroses of the transverse abdominal 
musculature. 


Actions/Indications 
e Regulates and moves Qi in the Intestines (promotes bowel 
movement by stimulating peristalsis) 


Special features 
Meeting point with the yin wei mai. Important point for regulating 
the Large Intestine Qi. 
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4 Acupuncture Points of the Twelve Primary Channels 


| SP-16 | Abdomen Sorrow FUAI 


Location 
3 cun above the centre of the umbilicus and 4 cun lateral to the 
anterior midline, on the mamillary line. 


How to find 

The distance between the sternocostal angle and the centre of the 
umbilicus can be divided into 8 proportional cun, which can dif- 
fer considerably from the patient’s finger cun; therefore, only 
proportional cun measurements should be applied (elastic tape 
— 2.3.1). First, measure 3 cun from the umbilicus in a superior 
direction, then 4 cun in a lateral direction, where SP-16 is 
located on the mamillary line. Depending on the shape of the 
thorax, this point will either be located on the abdomen or it will 
project onto the lower border of the ribcage. 

Located on the same level are — Ren-11 (anterior midline), 
— KID-18 (0.5 cun lateral to the anterior midline) and + ST-22 
(2 cun lateral to the anterior midline). 


Needling 

Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. Depend- 
ing on the shape of the thorax, the correct location of this point 
might be on the costal cartilage. In this case, either transverse 
(subcutaneous) needling or locate the point more medially (or 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 
Food Cavity SHIDOU SP-17 
Location 


In the Sth intercostal space, 6 cun lateral to the anterior midline 
(in male patients, 2 cun lateral to the nipple). 


How to find 

In men, the nipple is generally located on the level of the 4th 
intercostal space, while in women, when in a supine position, it 
is not always at this level. Locate SP-17 in the Sth intercostal 
space, 2 cun lateral to the mamillary line (note that the inter- 
costal space laterally curves upward). Both the clavicle and the 
manubriosternal synchondrosis are good reference points for 
locating the 5th intercostal space. SP-17 can be located by fol- 
lowing the course of the intercostal space in a lateral direction 
and measuring 2 cun lateral to the mamillary line. 

Also located on the level of the Sth intercostal space are > Ren-16 
(anterior midline), ~ KID-22 (2 cun lateral to the anterior mid- 
line) and ~ ST-18 (4 cun lateral to the anterior midline). 


Needling 

0.5—0.8 cun obliquely or transversely (subcutaneously), parallel 
to the intercostal space or with or against the channel pathway. 
Caution: Pneumothorax. 


Actions/Indications 

e Regulates the Qi 

e Harmonises the Stomach and eliminates stagnation 
e Drains Dampness 
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| SP-18 | Heavenly Stream TIANX! 


Location 
In the 4th intercostal space, 6 cun lateral to the anterior midline 
or 2 cun lateral to the midclavicular line. 


How to find 

In men, the nipple is generally located on the level of the 4th 
intercostal space, while in women, when in a supine position, it 
is not always at this level. Follow the course of the 4th inter- 
costal space in a lateral direction and locate SP-18 2 cun lateral 
to the nipple (note that the intercostal space laterally curves 
upward). In women, either the clavicle or the manubriosternal 
synchondrosis are good reference points for locating the 4th 
intercostal space (— 3.5). SP-18 can be located by following the 
course of the intercostal space in a lateral direction while meas- 
uring 6 cun laterally from the anterior midline or 2 cun laterally 
from the nipple. 

Also located on the level of the 4th intercostal space are > Ren-17 
(anterior midline), -~ KID-23 (2 cun lateral to the anterior mid- 
line), ~ ST-17 (nipple), — P-1 (1 cun lateral to the nipple) and 
— G.B.-23 (1 cun anterior to G.B.-22). 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously), parallel 
to the intercostal space or with or against the channel pathway. 
Caution: Pneumothorax. 








Actions/Indications: 
e Unbinds the chest 

e Descends the Qi 

e Benefits the breasts 
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4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 


Chest Village XiONGXIANG [RSP 


Location 
In the 3rd intercostal space, 6 cun lateral to the anterior midline 
or 2 cun lateral to the midclavicular line. 


How to find 

Locate the 3rd intercostal space by counting parasternally from 
the clavicle or from the manubriosternal synchondrosis (— 3.5). 
Follow the course of the intercostal space in a lateral direction 
and locate SP-19 6 cun lateral to the anterior midline or 2 cun 
lateral to the midclavicular line (note: the intercostal space later- 
ally curves upward). 

Located on the same level (note: course of the intercostal space) 
are — Ren-18 (anterior midline), -~ KID-24 (2 cun lateral to the 
midline) and ~ ST-16 (4 cun lateral to the midline). 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously), parallel 
to the intercostal space, or with or against the channel pathway. 
Caution: Pneumothorax. 


Actions/Indications 
e Disperses and descends the Lung Qi 
e Unbinds the chest 
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| SP-20 | Encircling Glory ZHOURONG 


Location 
In the 2nd intercostal space, 6 cun lateral to the anterior midline 
or 2 cun lateral to the midclavicular line. 


How to find 

Locate the 2nd intercostal space by counting parasternally from 
the clavicle or from the manubriosternal synchondrosis (— 3.5). 
Follow the course of the intercostal space in a lateral direction 
and locate SP-20 6 cun lateral to the anterior midline or 2 cun 
lateral to the midclavicular line (note: the intercostal space laterally 
curves upward). SP-20 is located 1 cun inferior to ~ LU-1. 
Located on the same level (note: course of the intercostal space) 
are — Ren-19 (anterior midline), ~ KID-25 (2 cun lateral to the 
midline) and ~ ST-15 (4 cun lateral to the midline). 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously), parallel 
to the intercostal space or with or against the channel pathway. 
Caution: Pneumothorax. 


Actions/Indications 
e Unbinds the chest 
e Regulates the Lung Qi 
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orcopper-clad 
printed 
circuit 4» ! 


Fig 63. Wiring the 3-Transistor Circuit using BC547 Transistors 
The diagram shows how to connect 3 x BC 547 transistors. 
The leads of a transistor can be collector-base-emitter OR 
emitter-base-collector and that's why we have provided 2 different wiring diagrams. 
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Fig 64. Wiring the 3-Transistor Circuit using 2N2222 Transistors 
The diagram shows how to connect 3 x 2N2222 transistors. 











to Index 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 45/74 





Ch04.4-F10028.qxd 2/23/08 


7:09 PM Page 201 








Mid-axillary 
line 





4.4 The Spleen Channel System - Foot taiyin (zu tai yin jing luo) 


Great Wrapping DABAO | sp-21 | 


Location 
On the midaxillary line, in the 6th intercostal space. Note: 
According to some texts, this point is located in the 7th inter- 
costal space. 


How to find 

Locate the 6th intercostal space by counting parasternally from 
the clavicle or from the manubriosternal synchondrosis (— 3.5). 
Follow the course of the intercostal space in a lateral direction 
and locate SP-21 on the axillary midline (note: the intercostal 
space laterally curves upward). SP-21 is often sensitive to pres- 
sure. Or: Locate SP-21 on the midaxillary line, midway between 
the axilla and the end of the 11th rib. 


Needling 

0.5—0.8 cun obliquely or transversely (subcutaneously), parallel 
to the intercostal space or with or against the channel pathway. 
Caution: Pneumothorax. 


Actions/Indications 

e Regulates Qi and Blood, governs and wraps all the /uo- 
connecting vessels of the body 

e Unbinds the chest 


Special features 
Great /uo-connecting point of the spleen (— 8.1.2), exit point. 
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4.5 The Heart Channel System - Hand shaoyin (shou shao yin jing luo) 


4.5 The Heart Channel System — 
Hand shaoyin (shou shao yin 
jing luo) 


4.5.1 The Heart Primary Channel 
(shou shao yin jing) 























Pisiform ~ 


0.5cun Lit = Wrist 




















t d \ 
Right hand 
Pathway 


The internal pathway of the Heart primary channel originates in 
its related zang-Organ, the Heart (xin). An internal branch of 







Tendon of 
the flexor 
carpi ulnaris 


} : 
Right hand 


the Spleen primary channel reaches the Heart and connects with the 

Heart primary channel (deep Yin—Yin connection — 1.2). 

The internal pathway of the Heart primary channel splits into 

three branches: 

= the first branch penetrates the diaphragm and connects with 
the internally—externally related fu-Organ, the Small Intestine 
(xiaochang) 

= the second branch ascends along the oesophagus and the 
neck region, disperses in the tissues around the eyes and, 
according to some authors, also spreads inside the brain. 

= the main branch runs from the Heart to the Lung (fez) and 
descends again to emerge in the centre of the axilla at > HE-1 
(jiquan) (beginning of the external pathway). 

From here the external pathway runs along the anteromedial 

aspect of the upper arm and forearm, traverses the palm 

between the fourth and fifth metacarpal bones, continues along 

the radial aspect of the little finger and ends at the radial corner 

of its nail at HE-9 (shaoyang). 

From HE-9 (shaoyang) a branch crosses to the ulnar border of 

the little finger’s nail to > S.L-1 (shaoze) (hand Yin—Yang con- 

nection of the second great circuit). 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: General fever, headaches, 
pain in the thorax and back, thirst with a desire to drink, Heat 
sensation in the palms, Cold invasion in the extremities, pain in 
the shoulder and the medial aspect of the upper arm 

Interior (Ji) or zangfu-Organ signs and symptoms: Heart 
pain, pain and fullness in the thorax and lateral costal region, 


—p— 
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hypochondriac pain, irritability, shortness of breath, restless- 
ness, dizziness, mental confusion 


Connections of the Heart primary channel 
(— 1.2) 


Connections with other channels 


Small Intestine primary channel (shou tai yang jing) 
Connection: Hand Yin—Yang connection of the second great 
circuit 

Location: H-9 — S.I.-1 (on the hand). 

Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Kidney primary channel (zu shao yin jing) 

Connection: Paired according to the six channel theory (hand— 
foot pairing): shao yin (Yin axes of the second great circuit) 
Location: KID — HE (on the thorax). An internal branch of the 
Kidney primary channel travels to the Liver (gan), penetrates the 
diaphragm and spreads in the Lung (fei). From the Lung a branch 
runs to Heart (xin) and there connects with the Heart primary 
channel. 

Circulation: Non-circadian (not according to the Organ clock) 
Importance: Above—below relationship 


Spleen primary channel (zu tai yin jing) 

Connection: Deep Yin—Yin connection 

Location: SP — HE (on the thorax). An internal branch of the 
Spleen primary channel spreads in the Heart (xin) and connects 
with the Heart primary channel. 

Circulation: Circadian (according to the Organ clock) 
Importance: The Heart primary channel receives Nutritive Qi 
(ying qi) from the Spleen primary channel (first circulation of 
the ying gi > 1.1.4) 


Connections with other zangfu-Organ systems 
Small Intestine (xiaochang), Heart (xin), Lung (fei) 


—e— 


4.5.2 The Heart Divergent Channel 
(zu shao yin jing bie) 






(4th confluence 
~ — variant) 


(4th confluence 
— variant) 


Pathway 

The Heart divergent channel separates from the Heart primary 

channel at HE-1 (jiguan) in the axilla 

™ penetrates the thorax at ~ G.B.-22 (yuanyue) on the mid- 
axillary line and 3 cun distal to the axilla 

= and reaches the Heart (xin) (see commentary below). 

= It then ascends to the neck and crosses > Ren-23 (lianquan) 

™ disperses in the cheek and reaches the medial canthus of the 
eye at + BL-1 (jingming), where, according to most authors, 
it connects with a small branch coming from — S.L.-18 
(quanliao) to form one of the six he-confluences (here: S.L/BL 
as fourth confluence > 1.3). 

Commentary: according to Solinas et al (1998) the Heart diver- 

gent channel meets the Small Intestine divergent channel and 

the Small Intestine primary channel at the Heart (xin) in order to 

bind with one of the six he-confluences. 


Clinical importance 

e Strengthens the relationship between the Heart and the tho- 
racic region. Points on the Heart primary channel mainly treat 
disorders of the Heart and the thorax. There is no connection 
with the Small Intestine (xiaochang). 
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4.5 The Heart Channel System - Hand shaoyin (shou shao yin jing luo) 


e Connects the Heart primary channel with the neck. Points on 
the Heart primary channel can be used to treat disorders of the 
throat and vocal chords such as laryngitis, pharyngitis, etc. 
Use points such as HE-5, HE-8. 

e Strengthens the connection between the Heart and the inner 
canthus of the eye. Heart points can thus be used for disorders 
of the eyes. 


4.5.3 The Heart Sinew Channel (shou 
shao yin jing jin) 





G.B.-22 
(Meeting point 
of the three 
-hand Yin 

sinew channels) 


Pathway 

The Heart sinew channel begins on the radial aspect of the little 

finger 

= continues along the anterior and radial aspect of the little fin- 
ger and the hand 

= binds (jie) at the pisiform bone at HE-7 (shenmen) 

= ascends the anterior and ulnar aspect of the forearm, binds 
(jie) at the medial epicondyle at HE-3 (shaohai) and contin- 
ues to the axillary region, where it meets the Lung sinew 
channel, binds (jie) in the axilla and meets the other hand Yin 
sinew channels near > G.B.-22 (yuanye) 

= from here it continues at a deeper level, crosses the thoracic 
region, binds (jie) at + Ren-17 (shanzhong), descends to the 
upper cardiac orifice, penetrates the diaphragm and termi- 
nates in the umbilical region. 


Clinical importance 

Pathology: Stiffness, cramps and pain along the pathway of the 
Heart sinew channel. Internal cramping in the cardiac region, for 
example disorders with angina-like pain due to stress, hiatal her- 
nia and disorders of the stomach. 

Indication: Mainly for bi-syndromes (painful obstruction syn- 
drome) along the pathway of the Heart channel. The area cov- 
ered by the Heart sinew channel is larger than that covered by 
the Heart primary channel. This explains why Heart primary 
channel points can also be used for disorders and diseases of the 
thorax and the chest, for example pain and tightness in the chest, 
mastitis and mastopathy. Since the Heart sinew channel also 
penetrates the diaphragm, it is also indicated for disorders such 
as hiccups, acid reflux and oesophagitis. Due to its connection 
with the umbilical region, the Heart sinew channel has a direct 
link to the Original Qi (yuan qi): if the Heart (shen) has suffered 
a shock, for example due to fainting or collapse, direct moxibus- 
tion at Ren-8 can be very helpful. 


4.5.4 The Heart /uo-Connecting Vessel 
System (shou shao yin luo mai) 





Pathway 

The HE /uo-connecting vessel separates from the Heart primary 
channel at its /uo-connecting point HE-5 (tongli) (7 8.1.2). 
It forms a three-dimensional reticulate network, dividing into 
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multiple branches and sub-branches (sun luo, fu luo, xue luo 

— 1.5) within the surrounding tissue. 

e Horizontal divisions run to the Interiorly—Exteriorly paired 
Small Intestine primary channel; according to some schools 
of thought (for example Ngyen Van Nghi — Appendix) they 
travel as a transverse HE /uo-connecting vessel to the yuan- 
source point > S.L-4 (wangu). 

e A longitudinal division follows the pathway of the Heart 
primary channel along the anteromedial aspect of the arm, 
ascends to the axilla, reaches the Heart, ascends to the root of 
the tongue and terminates in the eye while further branches 
penetrate the brain. 


Clinical importance (— 8.1.2) 


Pathology 

e Excess (shi): Distension and fullness of the thorax and 
diaphragm 

e Deficiency (xu): Aphasia, disorders of the vocal cords 


4.5.5 Cutaneous Region (shao yin 
pi bu) 


See description and figures > 1.6. 


4.5.6 Points of the Heart Primary 
Channel (Overview) 


Specific points according to their function 
e Yuan-source point (— 8.1.1): HE-7 (shenmen) SS 
e Luo-connecting point (— 8.1.2.): HE-5 (tongli) Sm 
Xi-cleft point (— 8.1.3): HE-6 (yinxi) Bm 
Associated Back-shu point (— 8.1.4): BL-15 (xinshu) Sm 
Associated Front-mu point (— 8.1.5): Ren-14 (juque) 
e Five shu-transporting points (— 8.1.6): 
jing-well point (Wood): HE-9 (shaochong) S& 
ying-spring point (Fire), ben point (Five Phases): HE-8 
(shaofu) && 


shu-stream point (Earth), sedation point: HE-7 (shenmen) S& 
jing-river point (Metal): HE-4 (lingdao) 

he-sea point (Water): HE-3 (shaohai) S™ 

Hui-meeting point (— 8.1.7): - 

Opening point (— 8.1.8): - 

Lower he-sea points (— 8.1.9): - 

Jiaohui-meeting points (— 8.1.10): - 

Gao Wu command point (— 8.1.11): - 

Window of Heaven point (— 8.1.12): - 

Points of the Four Seas (— 8.1.13): -— 

Ma Dan Yang Heavenly Star point (— 8.1.14): HE-5 
(tongli) Sl 

Sun Si Miao Ghost point (— 8.1.15): - 

Other functional points: — 


Points according to region 


Local point (— 8.2.1): elbow — HE-3 (shaohai) S™ 
Distal points (— 8.2.1): tongue — HE-5 (tongli) Sm; Heart — 
HE-7 (shenmen) aS, HE-5 (tongli) &, HE-3 (shaohai) Sl 


Specific points according to the channel 
pathway (in numeric order) 


HE-3 (shaohai) SM: he-sea point (Water); local point for the 
elbow (— 8.2.1); distal point for the Heart (— 8.2.1) 

HE-4 (lingdao): jing-river point (Metal) 

HE-5 (tongli) Sm: Juo-connecting point (> 8.1.2); Ma Dan 
Yang Heavenly Star point (— 8.1.14); distal point for the 
tongue and Heart (— 8.2.1) 

HE-6 (yinxi) Sl: xi-cleft point (> 8.1.3) 

HE-7 (shenmen) @&@®: yuan-source point (7 8.1.1); distal 
point for the Heart (— 8.2.1); shu-stream point (Earth), seda- 
tion point 

HE-8 (shaofu) SM: ying-spring point (Fire); ben point (Five 
Phases) 

HE-9 (shaochong) &@: jing-well point (Wood), tonification 
point 
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4.5 The Heart Channel System - Hand shaoyin (shou shao yin jing luo) 
Summit Spring JiQUAN | HET | 
Location 


With the arm abducted, in the centre of the axilla, medial to the 
axillary artery. 


How to find 
With the arm abducted, palpate along the thoracic wall in a 
superior direction towards the centre of the axilla until you reach 
the highest point. 





Needling 

Palpate for the artery before needling! 0.5—1 cun vertically in the 
direction of + G.B.-21 (border of the trapezius, middle of the 
shoulder). Caution: Axillary plexus and artery. Needling in a 
medial direction may puncture the lung! 


Actions/Indications 
e Unbinds the chest 
e Opens the channel 
e Nourishes the Heart Yin 





Special features 

Entry point. Important point in Qigong practice: During practice 
(and in everyday life), the axillary region should always be slightly 
open to allow for the free circulation of Qi and Blood to and 
from the upper extremity. 
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DEED) creen spirit QiNGLING 


Location 
3 cun proximal to the cubital crease, on the medial border of the 
biceps brachii muscle. 


How to find 

With the elbow flexed, measure 3 cun from the ulnar end of the 
cubital crease (7 HE-3) towards the axilla. HE-2 is located in a 
groove on the medial border of the biceps brachii muscle. Ask Paial cndel 
the patient to flex this muscle for easier location. pital crea 


Needling 

Vertically or obliquely 0.5—1 cun. Caution: Brachial artery! 
According to classic texts, needling is contraindicated, only 
moxibustion is permitted. 


Actions/Indications 
e Opens the channel 
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4.5 The Heart Channel System - Hand shaoyin (shou shao yin jing luo) 
Lesser Sea SHAOHAI | HE3 | 
Location 


With the elbow flexed, this point is in a depression between the 
ulnar end of the transverse cubital crease and the medial epi- 
condyle of the humerus. 


How to find 

This point should be located with the elbow slightly flexed and 
the forearm in a supinated position. Find the ulnar end of the 
transverse cubital crease and palpate towards the medial epi- 
condyle of the humerus (— 3.2.2). HE-3 is located in a depres- 
sion approximately midway between — P-3 and the medial 
epicondyle. Or: With the elbow fully flexed, HE-3 is located 
directly at the medial end of the transverse crease. 

Located on the same level are  P-3 (ulnar to the tendon of the 
biceps muscle), + LU-5 (radial to the tendon of the biceps mus- 
cle) and > L.I.-11 (at the radial end of the crease). 









Cubital crease 


Needling 
0.5-1.5 cun obliquely in a distal or proximal direction or verti- 
cally towards —@ L.I.-11. 


Actions/Indications 
e Transforms Phlegm, clears Heat (from the heart), calms the 
shen 


i i le of the h 
Meee colle CMU RE e Opens the channel and /uo-vessels 





h- Special features 
re He-sea point, Water point. Important local point, important 
eae / calming point. 
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PEZ) spirit path tincpao 


Location 
1.5 cun proximal to the transverse wrist crease, on the radial side 
of the tendon of the flexor carpi ulnaris muscle. 


How to find 

The flexor carpi radialis muscle has a distinct tendon which can 
be easily palpated ulnar and proximal to the wrist crease. It 
attaches to the pisiform bone (— 3.3.3). HE-4 is located directly 
on the radial side of the tendon. 

— HE-5, — HE-6 and — HE-7 are located at 0.5 cun intervals 
distal to HE-4. > LU-7 is located approximately 1.5 cun proximal 
to the wrist crease on the radial aspect of the forearm. 


Needling 


0.3-1 cun vertically or obliquely in a proximal or distal direction. 





endon o 
carpi ulnaris 


Actions/Indications 

e Opens the channel 

e Nourishes the Heart, calms the shen 
e Strengthens the voice 


Special features 
Jing-river point, Metal point. 
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4.5 The Heart Channel System - Hand shaoyin (shou shao yin jing luo) 


Penetrating the Interior TONGLI | HES | 


Location 

1 cun proximal to the ventral wrist joint space (‘most distal 
transverse wrist crease’), on the radial side of the tendon of the 
flexor carpi ulnaris muscle. 


How to find 

Position the forearm in a relaxed fashion. The location of the 
ventral wrist crease is variable; therefore, the proximal border of 
the pisiform bone (— 3.3.2) provides a more reliable landmark. 
— HE-7 is located on the wrist joint space, radial to the distinct 
tendon of the flexor carpi ulnaris muscle. Locate HE-5 | cun 
proximal to > HE-7, also on the radial side of the tendon. 
Located along a line on the radial aspect of the tendon are 
— HE-6 (0.5 cun proximal to ~ HE-7) and — HE-4 (1.5 cun 
proximal to HE-7). — LU-8 is also located 1 cun proximal to 
the ventral wrist joint space, but on the radial aspect of the 
forearm. 















= -==--- Joint space 


Needling 
Vertically 0.3-0.5 cun or obliquely 0.5—1 cun in a proximal or 
distal direction. Caution: Needling may be painful. 


Actions/Indications 

e Regulates and strengthens the Heart Qi (main point!) and the 
Heart rhythm 

Calms the shen 

Benefits the tongue 

Benefits the Bladder (via the taiyang channel) 

Opens the channel and /uo-connecting vessels 





Special features 
Luo-connecting point, Ma Dan Yang Heavenly Star point. Main 
point for regulating and strengthening the Heart Qi. 
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1/10/2018 Basic Electronics 1A 





Fig 65. Transistor Tester 

This handy transistor and LED tester can be built to test LEDs and both PNP and NPN 
transistors. 

The project consists of two identical circuits, one for NPN and one for PNP. 

You can build just the NPN section and then build the PNP section later. 


LED VOLTAGE 

We have shown a LED needs at least 1.7v supply for it to operate. 

This circuit works on 1.5v and thus the action of the transistor and coil (called a Transformer) 
MUST be increasing the voltage for the LED to illuminate. 

This circuit works on two "actions." 

1. Transistor ACTION - this is the action of a transistor providing gain to make the circuit 
oscillate. 

2. Transformer ACTION - this is the action of a coil of wire producing a voltage higher than the 
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4 Acupuncture Points of the Twelve Primary Channels 


DEA) vin cleft vinx 











Location 
0.5 cun proximal to the transverse wrist crease, on the radial side 
of the tendon of the flexor carpi ulnaris muscle. 


How to find 

The flexor carpi ulnaris muscle has a distinct tendon on the ven- 
tral aspect of the forearm that can be easily palpated ulnar and 
proximal to the wrist. HE-6 is located on the radial aspect of the 
tendon, 0.5 cun proximal to —~ HE-7 (located on the joint 
space). 

— HE-5 and > HE-4 are located proximally on the same line at 
0.5 cun intervals. 


Needling 
0.3-1 cun vertically or obliquely in a proximal or distal direc- 
tion. Caution: Ulnar artery/nerve. Painful point! 


Actions/Indications 
e Tonifies and regulates the Heart Yin and Blood, clears empty 
Heat in the Heart, calms the shen 


Special features 
Xi-cleft point 
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4.5 The Heart Channel System - Hand shaoyin (shou shao yin jing luo) 
Spirit Gate SHENIMEN 
Location 


On the ventral aspect of the wrist joint space (‘most distal wrist 
crease’), radial to the insertion of the tendon of the flexor carpi 
ulnaris muscle. 


How to find 

Position the forearm in a relaxed supinated position. As the loca- 
tion of the wrist crease can vary, the proximal border of the 
pisiform bone (— 3.3.3) should be used for reference instead. 
HE-7 is located radial to the insertion of the tendon of the flexor 
carpi ulnaris muscle, in a depression proximal to the pisiform 
bone. 

— HE-6, — HE-5 and — HE-4 are all located on a line on the 
radial aspect of the tendon at 0.5 cun intervals. Also located on 
the wrist crease are > P-7 (between the tendons of the palmaris 
longus and the flexor carpi radialis muscles) and —~ LU-9 (on 
the radial aspect, lateral to the radial artery). 


Needling 

0.3-0.5 cun vertically or transversely deep to the tendon (paral- 
: lel to the wrist crease 0.5—0.8 cun). Caution: Ulnar artery/nerve. 
aL Painful point! 





Actions/Indications 

e Regulates and strengthens the Heart (Blood and Yin), calms 
the shen 

e Clears Heat from the Heart channel 

e Moves Qi locally for disorders of the wrist 


Special features 
Yuan-source point, shu-stream point, Earth point, sedation point. 
Major point for calming the shen. 
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4 Acupuncture Points of the Twelve Primary Channels 


| HES | Lesser Palace SHAOFU 











Location 
On the palm, between the 4th and 5th metacarpal bones. 


How to find 

When making a fist, HE-8 is generally located below the tip of 
the little finger, in the depression between the 4th and 5th 
metacarpal bones. HE-8 often lies between the two transverse 
palmar creases. It is often sensitive to pressure. 

— P-8 is also located on the palm, generally below the tip of 
the middle finger when making a fist (between the 2nd and 3rd 
metacarpal bones). 


Needling 

Vertically 0.5—1 cun. Caution: Needling this point may be painful. 
Provide a competitive stimulus by pressing the palm with the fin- 
gernail close to the point before inserting the needle. Ask the 
patient to breathe out during needle insertion. 


Actions/Indications 

e Clears Heat in the Heart and Small Intestine 

e Regulates the Heart Qi for Liver Qi stagnation 

e Calms the shen and strengthens the Heart Qi 

e Opens the channel, especially for contractures of the fingers 


Special features 
Ying-spring point, Fire point, ben point (Five Phases). 
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4.5 The Heart Channel System - Hand shaoyin (shou shao yin jing luo) 


Lesser Rushing SHAQCHONG | HES | 


Location 
On the little finger, 0.1 cun lateral to the radial corner of the nail. 


How to find 

This point is located at the junction of two tangents that border 
the radial and proximal aspect of the nail, approximately 0.1 cun 
from the actual corner of the nail. > S.L.-1 is located on the 
opposite (ulnar) aspect of the nail. 


Needling 

0.2-0.3 cun vertically or obliquely in a proximal direction. For 
acute disorders (pain, inflammation), prick to bleed with a 
needle, lancet or three-edged needle. Caution: Painful point! 


Actions/Indications 

e Revives consciousness 

e Clears Heat from the opposite end of the channel 

e Regulates Qi in the chest and clears Heat in the Heart 
e Opens the channel 


Special features 
Jing-well point, Wood point, tonification point, exit point. 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 


4.6 The Small Intestine Channel 
System — Hand taiyang 
(shou tai yang jing luo) 


4.6.1 The Small Intestine Primary 
Channel (shou tai yang jing) 


(T.B.-20)* T.B.-22 
‘ : G.B.-21 










Variant according 
© Deadman) 
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Inferior angle Infraspinatus Teres major 
of the scapula 


Hamate 


Triquetrum # 
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of the ulna Lower border of 
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Pathway 

The external pathway of the Small Intestine primary channel 

begins on the little finger, on the ulnar corner of the nail, at 

S.I.-1 (shaoze). This point is reached by a branch that separates 

from the Heart primary channel at ~ HE-9 (shaochong) (hand 

Yin—Yang connection of the second great circuit). 

The channel runs along the ulnar border of the hand, passes the wrist 

and continues along the ulna to the medial aspects of the elbow. 

™ passes between the olecranon and the medial epicondyle, 
ascends the posterior aspect of the humerus to the shoulder 
joint and, according to some authors, meets > L.L-14 

™ zig-zags across the scapula, passes ~ BL-41 (fufen) and 
— BL-11 (dazhu) and meets the extraordinary vessel du mai 
and the other Yang primary channels at + Du-14 (dazhui), 
below the spinous process of C7 

= continues anteriorly to the supraclavicular fossa to + ST-12 
(quepen). 

An internal branch originates at ~ ST-12 and runs inferiorly to 

the Heart (xin), the paired zang-Organ, continues to > Ren-17 

and descends along the oesophagus, penetrates the diaphragm 

and continues to the Stomach (wei). Here it crosses + Ren-13 

(shangwan) and — Ren-12 (zhongwan), further descends and 

spreads in its pertaining fu-Organ, the Small Intestine (xiaochang). 

According to the Neijing Ling Shu, an internal branch courses 

from the Small Intestine (according to some authors from the 

Small Intestine primary channel) to ~ ST-39 (xiajuxu), the 

lower he-sea point of the Small Intestine. 

The external pathway of the Small Intestine primary channel 

continues from the supraclavicular fossa along the neck and 

ascends to the cheek to S.I.-18 (quanliao). 

From S.I.-18 

= a branch courses to > BL-1 (jingming) at the inner canthus 
of the eye, where it connects with the Bladder primary chan- 
nel (six channel theory, Yang axes: taiyang) 

= a further branch travels to the outer canthus of the eye, inter- 
sects with — G.B.-1 (tongziliao), according to some authors 
also with — T.B.-20 and — G.B.-11, continues to 7 T.B-22 
(erheliao) anterior to the ear and terminates anterior to the ear 
deep to S.I.-19 (tinggong) 


Clinical importance (™ 1.2) 

Exterior (biao) signs and symptoms: Mouth and tongue ulcers, 
cheek pain, neck pain, occipital stiffness, pain on the lateral 
aspect of the shoulder and the upper arm 

Interior (i) or zangfu-Organ signs and symptoms: Pain and dis- 
tension of the upper abdomen, radiating to the genital region, 
diarrhoea, epigastric pain with constipation 


Connections of the Small Intestine primary 
channel 


Connections with other channels 


Heart primary channel (shou shao yin jing) 
Connection: Hand Yin—Yang connection of the second great circuit 
Location: H-9 — S.L-1 (on the hand) 


—p— 


—e— 


Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Bladder primary channel (zu tai yang jing) 

Connection: Paired according to the six channel theory (hand— 
foot pairing): tai yang (Yang axes of the second great circuit) 
Location: S.I.-18 — BL-1 (on the head) 

Circulation: Circadian (according to the Organ clock) 
Importance: Above—below relationship 


Connections with other zangfu-Organ systems 
Heart (xin), Stomach (wei), Small Intestine (xiaochang) 


4.6.2 The Small Intestine Divergent 
Channel (shou tai yang jing bie) 





Pathway 

The Small Intestine divergent channel separates from the Small 

Intestine primary channel at the shoulder, depending on the 

school of thought in the area of — S.I.-12 (bingfeng) or in the 

area of > S.I.-10 (naoshu) 

= descends towards the axilla and continues to > G.B.-22 
(yuanye) 

™ penetrates the thorax and spreads in the Heart (xin) where, 
according to most authors, it forms the fourth confluence 

™ penetrates the diaphragm to connect with its pertaining 
fu-Organ, the Small Intestine 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 


Clinical importance 

e Strengthens the relationship between the Heart and the Small 
Intestine (zangfu-Organ system). It provides an explanation 
for the pattern of Heart Fire transferring to the Small Intestine 
and the Bladder. 


4.6.3, The Small Intestine Sinew 
Channel (shou tai yang yin 


jing jin) 









.- -G.B.-13 

+ (Meeting point 
-1 of the three 
hand Yin sinew 
channels) 


Pathway 

The Small Intestine sinew channel begins on the ulnar aspect of 

the little finger at — S.I.-1 (shaoze) 

= continues along the ulnar aspect of the little finger and the 
ulnar border of the hand 

= runs to S.L-5 (yanggu) distal to the styloid process of the ulna 
and binds (jie) at the wrist 

= travels along the ulnar aspect of the forearm to the elbow, 
continues to the axilla, binding at S.I.-8 (xiaohai) and the 
posterior aspect of the axilla. 

From here a branch courses into the axilla where it binds (jie). 

Another branch spreads across the scapula and ascends anterior 

to the Bladder and Gall Bladder sinew channels and posterior to 

the Stomach sinew channel to the lateral aspect of the neck, 

where it meets the Triple Burner sinew channel. 

At the neck it divides into two branches: 

= the anterior branch runs to the mandibular angle where it 
binds (jie), continues along the mandible to the ear and the 
zygomatic bone to bind (jie) at the lateral aspect of the orbit 

= the posterior branch binds (jie) at the mastoid process (from 
here a small branch runs to the ear). The branch curves 


around the ear, descends to the cheek and binds (jie) at the 
insertion of the masseter muscle on the mandible, continues 
to the lateral aspect of the orbit and reaches > G.B.-13 (ben- 
shen) on the frontoparietal aspect of the head, where it meets 
the other hand Yang sinew channels. 


Clinical importance 

Pathology: Distending sensations, stiffness and pain of the little 
finger, impaired range of motion of the upper extremity and 
shoulder. Pain, stiffness and impaired range of motion of the cer- 
vical spine and occiput. Tinnitus and ear pain radiating to the 
mandible. 

Indication: Mainly for bi-syndromes (painful obstruction syn- 
drome) along the pathway of the S.I. channel. The area covered 
by the Small Intestine sinew channel is larger than that covered 
by the Small Intestine primary channel. This explains why Small 
Intestine primary channel points can also be used for disorders 
and diseases of the cervical and thoracic spine and the whole 
face (for example frontal and lateral headaches). 


4.6.4 The Small Intestine 
luo-Connecting Vessel System 
(shou tai yang luo mai) 





Variant according 
to some schools 
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Pathway 

The S.I. uo-connecting vessel separates from the Small Intestine 

primary channel at its /uo-connecting point S.I.-7 (zhizheng) 

(— 8.1.2). It forms a three-dimensional reticular network, divid- 

ing into multiple branches and sub-branches (sun luo, fu luo, xue 

luo > 1.5) within the surrounding tissue. 

e Horizontal divisions run to the Interiorly—Exteriorly paired 
Heart primary channel, according to some schools of thought 
(for example Ngyen Van Nghi — Appendix) they travel as a 
transverse S.I. /uo-connecting vessel to the yuan-source 
point > HE-7 (shenmen). 

e A longitudinal division runs to the medial condyle of the 
humerus, ascends to the shoulder to > L.I.-15 (jianyu). 
According to some schools of thought the vessel spreads and 
terminates here, while according to other schools it traverses 
the acromion, continues to > ST-12 (quepen) in the supra- 
clavicular fossa, penetrating the thorax in order to connect 
with the Heart. 


Clinical importance (™ 8.1.2) 

Pathology 

e Excess (shi): Weak and unstable joints, weakness and paraly- 
sis of the elbow and the arm 

e Deficiency (xu): Warts 


4.6.5 Cutaneous Region (tai yang 
pi bu) 


See description and figures > 1.6. 


4.6.6 Points of the Small Intestine 
Primary Channel (Overview) 


Specific points according to their function 
e Yuan-source point (— 8.1.1): S.L-4 (wangu) 
e Luo-connecting point (— 8.1.2.): S.L-7 (zhizheng) 
e Xi-cleft point (— 8.1.3): S.L-6 (yanglao) Sm 
e Associated Back-shu point (> 8.1.4): BL-27 (xiaochang- 
shu) S88 
Associated Front-mu point (— 8.1.5): Ren-4 (guanyuan) && 
e Five shu-transporting point (— 8.1.6): 
jing-well point (Metal): S.L-1 (shaoze) 
ying-spring point (Water): S.I.-2 (giangu) 
shu-stream point (Wood), tonification point: S.I.-3 (houxi) Bl 
jing-river point (Fire), ben point: S.1.-5 (yanggu) 
he-sea point (Earth), tonification point: S.I.-8 (xiaohai) 
Hui-meeting point (— 8.1.7): - 
Opening point (— 8.1.8) of the du mai: S.1.-3 (houxi) BE 
e Lower he-sea points (— 8.1.9): - 
e Jiaohui-meeting points (— 8.1.10): 

—with the BL channel, the yang wei mai, yang giao mai: 

S.1.-10 (naoshu) 
— with the L.L., T.B., G.B. channels: S.L.-12 (bingfeng) 


—p— 


—e— 


— with the T.B. channel: S.I.-18 (quaniao) Sl 
— with the T.B., G.B.: S.I.-19 (tinggong) BE 
—of other channels with the S.I. channel: L.I.-14*, Du-14, 
BL-41, BL-11, ST-12, Ren-17*, Ren-13, Ren-12, G.B.-1, 
G.B.-11*, T.B.-20*, T.B.-22, BL-1 
e Gao Wu command point (— 8.1.11): - 
e Window of Heaven point (— 8.1.12): S.I.-16 (tianchuang), 
S.L-17 (tianrong) 
e Points of the Four Seas (— 8.1.13): — 
e Ma Dan Yang Heavenly Star point (— 8.1.14): - 
e Sun Si Miao Ghost point (— 8.1.15): - 


Points according to region 

= Local points (— 8.2.1): face and cheek — S.I.-18 (quaniao) SM, 
jaw — S.L-19 (tinggong) @m™; neck — S.I.-17 (tianrong) SM; 
ears — §.L-19 (tinggong) @™; shoulder — S.I.-9 (jianzhen), 
S.L-10 (naoshu), S.I.-11 (tianzong), S.1.-12 (bingfeng) MM, 
S.L-13 (quyuan), S.1.-14 (jianwaishu) @m; elbow — S.I.-8 
(xiaohai); hand — S.L-4 (wangu), S.1.-5 (vanggu); finger 
(numbness and pain) — S.L-3 (houxi) Si; finger (stiffness) — 
S.L-3 (houxi) am, S.1.-5 (yanggu) 

e Adjacent points (— 8.2.1): shoulder — S.I.-9-S.L-15; 
finger — S.I.-5 (yanggu) 

= Distal points (— 8.2.1): for the occiput — S.L-3 (houxi) BM; 
for the eyes — S.I.-6 (yanglao) ™m; for the cervical and tho- 
racic spine — S.L-3 (houxi) @lm™; for the thoracic spine — S.L-6 
(yanglao) ™™; for the lumbar region — S.I.-3 (houxi) MM, 
S.I.-6 (yanglao) Sl 


Specific points according to the channel 

pathway (in numerical order) 

e S.I.-1 (shaoze): jing-well point (Metal) 

e §.I.-2 (giangu): ying-spring point (Water) 

e S.1.-3 (houxi) SH: shu-stream point (Wood), tonification 
point, opening point (— 8.1.8) of the du mai, distal point for 
the occiput and the lumbar region (— 8.2.1); local point for 
the fingers (— 8.2.1); distal point for the cervical and thoracic 
spine (— 8.2.1) 

e §S.1.-4 (wangu): yuan-source point (> 8.1.1); local point for 
the hand (— 8.2.1) 

e S.I.-5 (yanggu): jing-river point (Fire), ben point (Five Phases); 
local point for the hand and fingers (stiffness) (— 8.2.1); 
regional point for the fingers (> 8.2.1) 

e S.1.-6 (yanglao) Mm: xi-cleft point (7 8.1.3); distal point for 
the eyes, the thoracic and lumbar spine (— 8.2.1) 

e S.I.-7 (zhizheng): luo-connecting point (> 8.1.2) 

e §.I.-8 (xiaohai): he-sea point (Earth), sedation point; local 
point for the elbow (— 8.2.1) 

e §.I.-9 (jianzhen): local point for the shoulder (often sensitive 
to pressure) (— 8.2.1) 

e §.1.-9 —S.I.-15: adjacent points for the shoulder (often sensi- 
tive to pressure) (— 8.2.1) 





* According to Deadman et al 1998. 
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e S.L.-10 (naoshu): jiaohui-meeting point with the BL channel, e §.1.-16 (tianchuang): Window of Heaven point (— 8.1.12) 
the yang wei mai, yang giao mai (> 8.1.10); local point for e S.I.-17 (tianrong) S&: Window of Heaven point (— 8.1.12); 


the shoulder (often sensitive to pressure) (— 8.2.1) local point for the neck (— 8.2.1) 
e §.I.-11 (tianzong) Sm: local point for the shoulder (often sen- e S.1.-18 (quanlao) &: local point for the face and cheek 
sitive to pressure) (— 8.2.1) (> 8.2.1); jiaohui-meeting point with the T.B. channel 
e S.L.-12 (bingfeng): jiaohui-meeting point with the L.I., T.B. (— 8.1.10) 
and G.B. channels (— 8.1.10); local point for the shoulder e §.L-19 (tinggong) &™: jiaohui-meeting point with the T.B., 
(often sensitive to pressure) (— 8.2.1) G.B. channels (— 8.1.10); local point for disorders of the ear 
e §.I.-13 (quyuan): local point for the shoulder (often sensitive and jaw (—> 8.2.1) 


to pressure) (— 8.2.1) 
e §S.1L.-14 (Gjianwaishu) @m: local point for the shoulder (often 
sensitive to pressure) (> 8.2.1) 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 
Lesser Marsh SHAOZE | SAT 
Location 


On the little finger, 0.1 cun from the ulnar corner of the nail. 


How to find 

This point is located at the junction of two tangents drawn along 
the lateral and proximal borders of the nail, approximately 0.1 
cun from the actual corner of the nail. ~ HE-9 is located at the 
radial corner of the nail. 


Needling 

0.1-0.2 cun vertically or obliquely in a proximal direction or 
prick to bleed with a needle, lancet or three-edged needle. Cau- 
tion: Painful point. 


Actions/Indications 
e Expels Wind and Heat 

e Opens the orifices 

e Revives consciousness 
e Opens the channel 

e Benefits the breasts 


Special features 
Jing-well point, Metal point, entry point. 
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1/10/2018 Basic Electronics 1A 
supply voltage when it is turned off. 


This circuit is very technical and very complex. 
We will be explaining it in a very simple way because this is a Basic Electronics Course. 


THE TRANSFORMER .-- the two coils of wire on the left and the two coils of wire on the 
right. 

When the voltage (actually the current) is switched off, the 40 turn coil in either of the circuits in 
this project; the voltage across the coil rises to more than the 1.5v supply and is in the opposite 
direction to the voltage of the supply. 

The circuit looks to be very simple but it uses an air-cored transformer to produce the voltage 
needed to illuminate the LED indicators and the circuit only works when the transistor is 
connected correctly. There are two separate circuits, one for NPN transistors and one for PNP 
transistors. We will cover the NPN section: 

The circuit turns ON when the NPN transistor is fitted and the current through the 30 turn coil and 
1k5 resistor turns ON the transistor and produces expanding flux in the 40 turn coil. This flux cuts 
the turns of the 30 turn coil and produces a voltage in the coil that adds to the supply voltage and 
increases the current into the base. This turns the NPN transistor ON more. This action continues 
until the transistor is fully turned ON. At this point the current in the 40 turn coil is a maximum but 
it is not expanding flux and the 30 turn coil ceases to see the extra voltage. Thus the current into 
the base reduces and this turns the transistor OFF slightly. The flux produced by the 40 turn coil 
now becomes collapsing (or reducing ) flux and it produces a voltage in the opposite direction to 
greatly reduce the current into the base. In a very short period of time the transistor becomes 
TURNED OFF and it is effectively removed from the circuit. The flux in the 40 turn coil collapses 
quickly and it produces a voltage in the 40 turn coil that is higher than the supply voltage and is in 
the opposite direction. This means the voltage produced by the 40 turns ADDS to the supply 
voltage and is delivered to the LEDs to illuminate them. 

The NPN circuit has two LEDs in series so that a LED of any colour (including white) can be 
connected to the TEST LED terminals and it will illuminate. You can use any colour LED for any 
of the LEDs, however it is best to use either green or yellow or white for the single LED. 

The two "coils" are wound on a 10mm dia pen with 0.1mm wire (very fine wire). The loops of 
tinned copper wire holding the coils on the board are connected to separate lands under the 
board and MUST NOT produce a complete loop as this will create a “Shorted Turn” and the 
circuit WILL NOT WORK. 

If the LEDs do not illuminate, simply reverse the wires to the 30 turn coil. 

The circuit does not need an ON/OFF switch because the LEDs require a voltage of over 2v to 
illuminate (the orange LED) and the supply is only 1.5v. A red LED needs about 1.5v to 1.7v to 
operate but when it is in series with a green LED, this voltage is over 3.5v. 

All the components fit on a small matrix board 5 holes x 18 holes. A kit of parts for the project is 
available for $4.00 plus $3.00 postage and ordering details can be obtained by emailing Colin 
Mitchell. (talking@tpg.com.au) 

Build the circuit and test your transistors and LEDs. 

We will be covering more on the action of a transistor and the action of a transformer in the 
discussion below, but it is important to build the circuit and see it working. 

It is your first piece of TEST EQUIPMENT. 


Questions 

1. Identify the letters "c" "b" and "e" 

2. What type of transistor is tested in the first set of hollow pins? 

3. Put a PNP transistor into the first set of hollow pins and try all positions. Does the red and 
green LEDs illuminate? 

4. When both the red and green LEDs illuminate, what is the approximate voltage across the 
pair? 

5. When you fit a red LED to the test-socket, what is the approximate voltage across it? 

6. When you fit a red LED to the test-socket, why does the red LED and green LED on the PC 
board turn off? 

7. Why doesn't the project need an on/off switch? 

8. The two coils for the circuit on the left is called a TRANSFORMER. Do the connections of the 
windings have to be connected to the circuit around a particular way? 





to Index 





ROBOT MAN 


This multivibrator circuit will flash 
the Robot Man's eyes as shown 
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sie Front Valley QIANGU 











Location 

On the ulnar aspect of the little finger, distal to the metacarpo- 
phalangeal joint, at the junction of the shaft and the base of the 
proximal phalanx. 


How to find 

On the ulnar aspect of the little finger, palpate along the border 
of the ‘red and white’ skin in the direction of the metacarpo- 
phalangeal joint, until you can clearly feel the junction between 
the shaft and the base. S.I.-2 is located at the junction of the shaft 
and the base and slightly inferior (palmar) to the exterior curva- 
ture of the bone. — L.I.-2 is located in a comparable position on 
the proximal phalanx of the index finger. In a comparable location 
on the foot are + BL-66 (on the lateral aspect) and — SP-2 (on the 
medial aspect). 


Needling 
0.2-0.5 cun obliquely in a proximal or distal direction and 
slightly towards the palm. Caution: Painful point. 


Actions/Indications 


e Drains Heat, expels Wind 
e Disperses accumulations 


Special features 
Ying-spring point, Water point. 


Proximal phalanx II 
\ 






Metacarpal II 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 
Back Stream HOUX! | S-3 
Location 


On the ulnar border of the hand, in the depression proximal to 
— the metacarpophalangeal joint, at the border of the ‘red and 
white’ skin. 


How to find 

Quick method: Slide from proximal (wrist) to distal (little fin- 
ger) along the ulnar border of the hand, until the palpating finger 
comes to rest at the junction between the base and the head of 
the 5th metacarpal bone proximal to the metacarpophalangeal 
joint. Here, locate S.I.-3. Or: Locate, with the patient making a 
loose fist. Locate S.I.-3 at the end of the most distal transverse 
crease (this often originates between the index and middle fin- 
gers and runs to the little finger). When making a fist, a small 
bulge forms at the end of the crease. There, locate S.I.-3 in a pal- 
pable depression slightly proximal and dorsal to the bulge. 

— L.I.-3 is located in a comparable position on the radial border 
of the hand. Located in a comparable position on the foot are 
— SP-3 (on the medial aspect) and — BL-65 (on the lateral 







~~ Most distal 
transverse 
crease 


aspect). 
Proximal _ Needling 
phalanx Il 0.5—1 cun horizontally below the bone — that is, vertically to the 


skin towards the palm — or 0.2—0.3 cun obliquely in a distal 
direction. Caution: Painful point. 


Actions/Indications 

e Eliminates Wind and Heat from the taiyang (S.1., BL) 
e Opens the channel and the luo vessels 

e Clears Heat and benefits the orifices 

e Regulates the du mai, calms the shen 





Special features 

Shu-stream point, Wood point, tonification point, opening (mas- 
ter) point of the du mai. Important distal point for pain, stiffness 
and contractures along the course of the channel and for disor- 
ders of the cervical spine. 
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4 Acupuncture Points of the Twelve Primary Channels 


| SLA Wrist Bone WANGU 





226 








Location 
On the ulnar border of the hand, between the 5th metacarpal bone 
and the carpal bones, on the border of the red and white skin. 


How to find 

On the ulnar aspect of the hand, palpate along the shaft of the Sth 
metacarpal bone in a proximal direction, until the finger glides 
over the curvature of the base and into the cleft between the 
metacarpal and carpal bones. 

— S.L.-5 is located on the same line, proximal to the pisiform 
bone and at the level of the wrist crease. 


Needling 
Vertically 0.3-0.5 cun. Caution: Painful point. 


Actions/Indications 
e Clears pathogenic factors from the taiyang channel 
e Clears Damp-Heat in the Small Intestine 


Special features 
Yuan-source point 





"> Metacarpal V 


Pisiform 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 
Yang Valley YANGGU | SAS 
Location 


On the ulnar aspect of the wrist, at the level of the lateral joint 
space. 


How to find 

By moving the wrist in a relaxed way, the wrist joint space can 
be palpated on the ulnar side. S.I.-5 is located directly distal to 
the styloid process of the ulna (— 3.3.3), on a line running along 
the ulnar border of the hand and continuing to the wrist. Located 
on the same line and distal to the prominence of the pisiform 
bone is > S.I.-4. 









~> Metacarpal V . 
Needling 


ies i Pisiform Vertically 0.3-0.5 cun 


Socsssses Wrist joint space 
Actions/Indications 
e Clears Heat and reduces swellings 


Weceaess: Ulna Special features 
Jing-river point, Fire point, ben point (Five Phases point). 


<p Distal . 


radioulnar 
joint 


chy 
Nv 








_-— Styloid process 


Styloid~ of the radius 
process 
of the ulna 
—— Lunate 
Pisiform __ 4 
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4 Acupuncture Points of the Twelve Primary Channels 


| S.L-6 Support the Aged YANGLAO 


Location 

In the depression radial and proximal to the styloid process of 
the ulna, which forms when the hand is turned from a pronated 
to a supinated position. Bl ==> 








Pronation 
(initial position) 
7 i 





How to find 

This point is best located with the elbow slightly flexed. Place 
the palpating finger on the distal portion of the styloid process of 
the ulna (— 3.3.3). When turning the hand from a pronated to a 
supinated position (mnemonic: cut bread and eat soup), the pal- 
pating finger will glide into a bony cleft at the proximal aspect of 
the styloid process (the tendon of the extensor carpi ulnari mus- 

cle runs along this groove). This cleft also becomes palpable Styloid 
when the patient rests the hand on the chest (half-supinated pos- ne ea 
ition). Locate S.I.-6 in this bony groove. : 


Needling 

0.3-0.8 cun vertically or slightly obliquely in a proximal direction 

towards — P-6 or along the tendon towards the elbow joint. Initi sition ; 
nitial position: 
pronatio 


Actions/Indications 

e Opens the channel, alleviates pain, benefits the shoulder and 
arm, alleviates acute conditions 

e Benefits the eyes 


ie 





Proximal part of the styloid 
Special features process of the ulna 
Xi-cleft point. Important distal point for pain and limited range of 
motion of the occiput and shoulder (for example, acute torticol- 
lis) and the lumbar region (for example, acute sciatica). For acute 
and painful impairment of motion, use strong reducing needling 
technique while the patient gently moves the affected region. 


of the tendon 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 


Branch of the Upright ZHIZHENG 


Location 
, d 5 cun proximal to the wrist joint, on the line connecting the ulnar 
. wrist joint space with the ulnar sulcus of the elbow (- S.L.-5 to 
| m, S.1.-5 


y Be 5 eee Wrist joint space — §S.I.-8) or 1 cun distal to the midpoint of this line. 







How to find 
Medial epicondyle Find the midpoint of the distance between — S.I.-5 and — S.I.-8 
of the humerus by using the spreading hands technique (— 2.3.3): Place the 
little fingers on — S.IL-5 and — S.L.-8 respectively and span the 
hands evenly, with the thumbs joining at the midpoint. From 
the midpoint, measure | cun in a distal direction. The point lies 
between the palpable border of the ulna and the more anteriorly 


-- Ulna 





located flexor carpi ulnaris muscle. 


Needling 
Vertically 0.5—1 cun 


Actions/Indications 
e Opens the channel 

e Releases the Exterior 

e Calms the shen 


Special features 
Luo-connecting point 





bee Triceps brachii, 


Brachialis — = 
lateral head (  ye=-=---------- Wrist joint space 






Brachioradialis — — Triceps brachii 


medial head 











Extensor 
carpi radialis — oe si 
longus riceps brachii 
T.B.-10 Olecranon ---\- ~-~ Medial epicondyle 
= of the humerus 
Liat. see 
“ Olecranon 
Lateral y, 
epicondyle 
senses Flexor carpi 
ulnaris 
Extensor _ Extensor carpi 
digitorum ulnaris 
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4 Acupuncture Points of the Twelve Primary Channels 


DEE) smal sea xiaonai 











Location 
With the elbow flexed, in the depression between the olecranon 
process of the ulna and the medial epicondyle of the humerus. 


How to find 

S.I.-8 is located on a line connecting the tip of the olecranon and 
the tip of the medial epicondyle, at the deepest point of the 
groove between those two bony protrusions. 


Needling 
0.3-0.5 cun vertically or obliquely with or against the flow of 
the channel. Caution: The ulnar nerve is located in this groove. 


Actions/Indications 
e Opens the channel 


Special features 
He-sea point, Earth point, sedation point. 





Pee Triceps brachii, 


Brachialis — lateral head 







Brachioradialis —— Triceps brachii 


medial head 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 


True Shoulder JIANZHEN [URE 


Location 
With the arm adducted, 1 cun superior to the posterior axillary 
fold, on the lower border of the deltoid muscle. 







Deltoid 


How to find 

With the patient sitting upright, palpate upward from the end of 
the posterior axillary fold, until you can feel the lower border of 
the deltoid muscle. If in doubt, ask the patient to flex their muscle. 
S.L-9 is located on its lower border. 


Needling 
Vertically 1-1.5 cun 


Seaee) See 


Actions/Indications 
e Opens the channel, expels Wind and benefits the shoulder 


Special features 
S.L-9 corresponds to a trigger point that is often sensitive to 
pressure. 







Acromion a, en 
Trapezius / set 
Ps 2 T.B.-14 a ie 


__ Deltoid 


> Scapular spine _ 










rare 


_ Triceps brachii, 





lateral head 
Teres major ~ 
Tei 
Triceps brachii, 
long head Pe Biceps 
brachii 


Triceps brachii, 
medial head 
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4 Acupuncture Points of the Twelve Primary Channels 


| $.L-10 | Upper Arm Shu NAOSHU 


Location 

With the arm adducted, on an imaginary line extending in a 
superior direction from the posterior axillary fold, on the lower 
border of the scapular spine. 





Deltoid 








How to find 

With the patient sitting upright, palpate from the posterior axil- 
lary fold upward, past the lower border of the deltoid muscle 
(— S.I.-9) to the bony resistance of the scapular spine and 
acromion, which here form a curve that opens towards the 
inferior. S.I.-10 is located below its bony border. 


Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 
e Opens the channel and relaxes the sinews 


Special features 
Meeting point of the yang wei mai and the yang giao mai. 8.1.10 


corresponds to a trigger point that is often sensitive to pressure. Acromion 
It also corresponds to the posterior access for puncturing the ce / ar 
shoulder joint. \ , 


_- Deltoid 
Scapular spine . 


2 Triceps brachii, 
~~ lateral head 





Teres major ~~~ 


T.B.-13 ~~ 
7 


Triceps brachii, a 
long head _ Biceps 

brachii 
Triceps brachii, 


medial head 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 





Scapular 
spine 
’ 











Location 

On the scapula, in a depression on the infraspinatus muscle, one 
third of the distance from the midpoint of the scapular spine and 
the inferior angle of the scapula. 


How to find 

Patient’s position: Prone position or better seated with relaxed 
shoulders. Draw an imaginary line from the midpoint of the scapu- 
lar spine (— 3.3.1) to the inferior angle of the scapula. S.I.-11 is 
located at the junction of the upper and middle third of this line, in 
a depression on the infraspinatus muscle, which is often sensitive 
to pressure. In a seated or standing position with the arms hanging 
down, it will generally be level with the spinous process of the 4th 
thoracic vertebra or the body of the 5th thoracic vertebra. 

— §S.I.-12 is located directly above S.I.-11, in the centre of the 
supraspinous fossa. 


Needling 


0.5-1.5 cun vertically or obliquely into the muscle tissue 


Actions/Indications 

e Opens the channel, alleviates pain, moves Qi locally, unbinds 
the chest and lateral costal region 

e Benefits the breasts 


Special features 
S.I.-11 is often a trigger point on the infraspinatus muscle. 
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Fig 66. ROBOT MAN 


The ASTABLE MULTIVIBRATOR or "free- 





Sw 
+ 


Fig 67. The TIME DELAY 


Sn PAO Ses 
, a 


Fig 68. The charging of a 
capacitor is the same as 
building a brick wall. 





Basic Electronics 1A 


in the photo. The kit of 
components is available from 
Talking Electronics for $8.50 
plus postage. Send an email to 
find out the cost of postage: 
talking@tpg.com.au 

The photo shows the LEDs 
flashing. 

The circuit is called an 
ASTABLE MULTIVIBRATOR 
and this means it is not stable 
but keeps switching from one 
transistor to the other. 

It is also called a FLIP FLOP 


circuit. 





to Index 


The TIME DELAY circuit consists of a Resistor 
R and Capacitor C in SERIES. 

When the switch is closed, the electrolytic (called 
the CAPACITOR) charges slowly because the 
resistor only allows a small amount of current to 
flow. 

It's just like charging your mobile phone. The 
battery takes time to charge because there is a 
resistor in the circuit to limit the current. If we 
remove the resistor in the mobile phone, the 
battery will get too hot when it is being charged but 
in the TIME DELAY circuit, we want the capacitor 
to charge slowly, because we want a TIME 
DELAY. . 





to Index 


CHARGING A CAPACITOR 

The capacitor in Fig 67 charges via the resistor R. 
But the voltage on the capacitor does not rise at a 
constant rate. 

It starts off charging very quickly and as the voltage 
across it get higher, the voltage increases at a slower 
and slower rate. 

In the photo | am building a brick wall. 

| am working at a constant rate. 

When | started building the brick wall, | laid 5 rows of 
bricks (5 courses) in the first hour. 

As the wall increased in height, | had to climb the 
ladder and | could only lay 3 courses an hour and 
finally the wall was so high | could only lay 1 course 
per hour. 

This is exactly the same as a capacitor charging. 
When the capacitor is uncharged, the supply voltage 
allows a high current to pass through the resistor R 
and the energy quickly fills the capacitor. This results 
in a rapidly increasing voltage on the capacitor. But as 
the voltage on the capacitor increases, the difference 
in voltage between that on the capacitor and the 
supply is very small and only a small current will pass 
through the resistor. This means the voltage on the 
capacitor increases at a slower rate. 


to Index 


[DP 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 48/74 
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4 Acupuncture Points of the Twelve Primary Channels 


DETER) crasping the Wind BINGFENG 











Location 
Directly above — S.L-11, in the centre of the supraspinous 
fossa. 


How to find 

Patient’s position: Prone position or better seated with relaxed 
shoulders. First, locate — S.I.-11 (one third of the distance 
between the midpoint of the scapular spine and the inferior angle 
of the scapula). S.I.-12 is located directly above — S.I.-11 in the 
centre of the supraspinous fossa. 


Needling 
0.5-1 cun vertically or obliquely into the supraspinatus muscle 
in the direction of the shoulder. Caution: Pneumothorax. 


Actions/Indications 
e Eliminates Wind, benefits the shoulder and scapula, opens the 
channel and the luo vessels 


Special features 
Meeting point with the Gall Bladder, Triple Burner and Large 
Intestine channels. S.L-12 is often a trigger point in the 
supraspinatus muscle. 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 











-. Deltoid 


_ Triceps brachii, 
lateral head 


# 
Teres major 


Triceps brachii, 7 
long head 


__- Biceps brachii 





Crooked Wall QUYUAN | S13 | 


Location 
At the medial end of the supraspinous fossa. 


How to find 

At its medial end, the scapular spine fans out in a deltoid shape, 
curving round in a superior direction. When palpating, this feels 
like a ‘crooked wall’, hence its name. S.I.-13 is located on the 
scapula, in the slightly concave bend, at the medial origin of the 
supraspinatus muscle. 


Needling 
0.5—1 cun vertically or obliquely in a lateral direction. No danger 
of puncturing the pleura if located correctly. 


Actions/Indications 
e Opens the channel 
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4 Acupuncture Points of the Twelve Primary Channels 


DETRTY) outer shoulder shu jiANWAISHU 


Location 
3 cun lateral to the lower border of the spinous process of the Ist 
thoracic vertebra, at the insertion of the levator scapulae muscle. 









How to find 

The levator scapulae muscle originates on the upper aspect of 
the medial border and the superior angle of the scapula. In this 
area, it is often myogelotic and therefore well defined and often 
sensitive to pressure (trigger point). S.L-14 is located just 
superior to the actual muscle insertion; in contrast to > S.L-13, 
it is not located on the scapula. 

Located on approximately the same level are + Du-13 (below 
the spinous process of the Ist thoracic vertebra) and > BL-11 
(1.5 cun distal to the posterior midline). 


Levator 
scapulae 


S.1.-14 


Needling 
0.5-1 cun vertically or obliquely in a medial direction. Caution: 
Pneumothorax. 


Actions/Indications 
e Opens the channel 
e Expels Wind-Cold 


Special features 
Trigger point on the levator scapulae muscle 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 
Middle Shoulder Shu JIANZHONGSHU [EXER 


Location 
2 cun lateral to the lower border of the spinous process of the 7th 
thoracic vertebra. 


How to find 

For locating the 7th cervical vertebra, see — 3.4. 

Located on the same level is + Du-14 below the spinous process 
of the 7th cervical vertebra. Locate S.I.-15 by measuring 2 cun 
in a lateral direction. 


Needling 
0.5—1 cun vertically or obliquely in a medial direction. Caution: 
Pneumothorax. 


Actions/Indications 
e Opens the channel 


Special features 
Trigger point on the levator scapulae muscle, effective point for 
disorders of the cervicodorsal area. 
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4 Acupuncture Points of the Twelve Primary Channels 


| $.-16 | Heavenly Window TIANCHUANG 














Location 

Approximately 3.5 cun lateral to the anterior midline, at the 
level of the laryngeal prominence, on the posterior border of the 
sternocleidomastoid muscle. 


How to find 

From the laryngeal prominence (— 3.2), draw a line to the pos- 
terior border of the sternocleidomastoid muscle. S.L-16 is 
located directly at its posterior border, which can be made more 
clearly visible and palpable by rotating the patient’s head in the 
opposite direction. 

Located on the same level are ~ ST-9 (on the anterior border of 
the sternocleidomastoid muscle) and — L.I.-18 (between the 
two heads of the SCM muscle). 


Needling 
Vertically 0.5—1 cun. If necessary, rotate the patient’s head back 
to its normal position before needle insertion. 


Actions/Indications 
e Expels Wind and Heat, benefits the throat, ears and voice 
e Opens the channel 


Special features 
Window of Heaven point 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 


Heavenly Appearance TIANRONG S.1.-17 


Location 
Posterior to the mandibular angle, on the anterior border of the 
sternocleidomastoid muscle. 


How to find 

By rotating the patient’s head in the opposite direction, the border 
of the sternocleidomastoid muscle becomes more pronounced. 
S.L-17 is located halfway between the angle of the mandible and 
the anterior border of the sternocleidomastoid muscle. 





é 
ocleidomastoid 






Needling 
Vertically 0.5—1 cun. Caution: Internal carotid artery, internal 
and external jugular veins. 


Actions/Indications 
e Expels Wind, opens the channel, disperses accumulations, 
benefits the ears and throat 


Special features 
Window of Heaven point 
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4 Acupuncture Points of the Twelve Primary Channels 


| $.-18 | Cheekbone Crevice QUANLIAO 


Location 

At the intersection of a vertical line through the outer canthus of 
the eye with the lower border of the zygomatic bone, on the ante- 
rior border of the masseter muscle. 


How to find 

Draw an imaginary vertical line from the outer canthus of the 
eye to the lower border of the zygomatic bone. S.I.-18 is located 
in a depression on the anterior border of the masseter muscle, 
approximately on the level of the lateral border of the ala nasi 
(> L.L.-20). By making chewing movements, the anterior bor- 
der of the masseter muscle becomes easily palpable. 


Needling 

0.3-0.5 cun vertically or 1—-1.5 cun transversely (subcutaneously) 
in the direction of ~ ST-4, — ST-7 and — L.I.-20. According to 
some texts, moxibustion is contraindicated. 


Actions/Indications 
e Eliminates Wind, alleviates pain, clears Heat, reduces swellings 





Special features 

Meeting point with the Triple Burner channel. Important local 
point for disorders of the face (caused by internal or external 
Wind). 
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4.6 The Small Intestine Channel System - Hand taiyang (shou tai yang jing luo) 


Palace of Hearing TiINGGONG | S19 | 


pe 

i 2dle insertion 
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~~ Ex-HN 
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_— Helix root 


Supratragic 
notch 


—— Tragus 


*~\ Intertragic 
notch 








* According to Deadman et al 1998. 


Location 

Anterior to the ear, with the mouth open at the level of the middle 
of the tragus, in a depression between the tragus and condyloid 
process of the mandible. 


How to find 

Locate and needle this point with the mouth open. This allows 
the condyloid process of the mandible to slide anteriorly and 
reveals the depression. Locate the vertical sulcus at the junction 
between the ear and the cheek (this is not always very pro- 
nounced). Then locate S.L-19 on the level of the tragus on the 
sulcus. If you cannot clearly define the sulcus (it becomes more 
pronounced with increasing age), an (ear) point locator can be 
used to locate the point (the patient should have their mouth 
open in order to reveal the depression). 

S.L-19 is the centre point of three points located anteriorly to the 
ear (> T.B.-21 is located proximal and > G.B.-2 is located 
distal to S.I.-19). 


Needling 

0.5-1 cun vertically or slightly obliquely in an inferior direction. 
Needle with the mouth open (to avoid intra-articular needling). 
Caution: This point is located close to the superficial temporal artery 
and the auriculotemporal nerve (as are > T.B.-21 and > G.B.-2). 


Actions/Indications 
e Benefits the ears 
e Calms the shen 


Special features 

Meeting point with the Gall Bladder and Triple Burner channels, 
exit point. Important local point for disorders of the ears. For 
temporomandibular joint dysfunction and pain, rather use 
— G.B.-2 as a local point. 





(yiming) ] 
G.Bel2 




















Ch04.7a-F10028.qxd 2/23/08 3:53 PM Page 243 


4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


4.7 The Bladder Channel 
System — Foot taiyang 
(zu tai yang jing luo) 


4.7.1 The Bladder Primary Channel 
(zu tai yang jing) 






Meeting points BL-7 Du-20 

G.B.-7, G.B; an G.B.-15 . - Du-24 
G.B.-9, G. (S.1.-18) 

G.B.-1 \ 





Pathway 

The external pathway of the Bladder primary channel begins at 

the inner canthus of the eye at ~ BL-1 (jingming). This point is 

reached by a branch that separates from the Small Intestine pri- 

mary channel at > S.I.-18 (quanliao) (hand-foot pairing of the 

second great circuit, Yang axes: faiyang). 

The external pathway ascends the forehead, there intersects with 

— Du-24 (shenting) and > G.B.-15 (toulingi), continues to the 

vertex and there connects with the du mai at + Du-20 (baihui). 

At — Du-20 two branches separate from the primary channel: 

= one branch travels to the temporal region and intersects the 
Gall Bladder primary channel at G.B.-8 (shuaigu), G.B.-7 
(qubin), G.B.-9 (tianchong), G.B.-10 (fubai), G.B.-11 
(tougiaoyin) and G.B.-12 (wangu) 

= the other branch penetrates deeper into the brain and re- 
emerges at > Du-17 (naohu) or, according to some authors, 
at BL-8 (Juoque). 

From — Du-20, the external pathway runs to BL-8 (Juoque) 

and BL-9 (yuzhen), passes > Du-17 (naohu) and continues to 

BL-10 (tianzhu) in the occipital region. Here, the external 

pathway of the channel separates into two branches: 

= the medial branch runs to —~ Du-14 (dazhui) below the 
spinal process of C7 where it meets the other Yang primary 
channels, then continues to > Du-13 (taodao). From T1 it 
runs parallel to the posterior midline, 1.5 cun lateral to it. 
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Scapular spine 


Base of the scapular spine 
at the medial border of the 
scapula — level with the 
spinous process of T3 or T4 
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100 % 


Voltage across the Capacitor 


0 1RC 2RC 3RC 4RC 
this is called “time units” 


Fig 69. Time Units 








5RC 


Basic Electronics 1A 


It really does not matter how fast or slow or 
uneven a capacitor charges because most 
circuits detect a voltage on a capacitor and 
the time taken to reach this voltage is 
called the TIME DELAY. 

But to prevent you thinking the capacitor 
charges "smoothly" we have to explain 
what actually happens. 

The graph on the left shows the capacitor 
charging. You can see it charges quickly at 
the beginning and then charges slowly and 
then very slowly. 

You can see the first part of the graph is 
fairly "straight" (constant charging) - NOT 
"straight up and down" but a straight line - 
and this applies to a voltage of about 63%. 
The time taken to reach this voltage is 
called ONE TIME UNIT - also called ONE 
TIME CONSTANT. The graph continues for 
another 4 "time units" (time-constants) and 
the final voltage is very nearly 100%. (It 
never reaches 100%.) 





Fig 70. Time Delay Circuit 





to Index 


A TIME DELAY circuit needs three things: 
1. A Resistor (R) 

2. A Capacitor (C) 

3. A "Detection Point." 


When the switch is pressed, capacitor (C) 
takes time to charge via resistor (R) and after 
a short period of time the voltage at the 
DETECTION POINT is 0.6v and the transistor 
is TURNED ON. The LED illuminates. 


Build the circuit with 100u and 100k and see 
how long it takes before the LED illuminates. 














to Index 


In the ROBOT MAN project 
you can see the "TIME 

DELAY" circuit made up of 
the 100u, 10k resistor and the 
base of the transistor. 


This is one of the most 
important BUILDING 
BLOCKS in electronics. 

It is the basis of all oscillators 
and will be discussed below, 
after we explain a few more 
details. 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


At the level of L2, it enters the abdomen and reaches its 4.7.2 The Bladder Divergent Channel 
paired zang-Organ, the Kidney (shen) and its pertaining fu- ° ee ° 
Organ, the Bladder (pangguang). The external branch runs (zu far yang ng bie) 
through the gluteal region and the thigh to the popliteal fossa 
(BL-40), where it re-unites with the lateral external branch. 

= the lateral branch runs from BL-10 (tianzhu) to BL-41 
(fufen) at the level of T2, from where it descends down the ; 
back, 3 cun lateral to the midline to the level of the fourth BL-10 q 
sacral foramen. From there it traverses the gluteal region to _ 
— G.B.-30 (huantiao), continues along the posterolateral 
aspect of the thigh and meets the medial external branch at 
the popliteal fossa. 

From the popliteal fossa (BL-40) the channel descends along the 

posterolateral aspect of the foreleg to the foot 

= passes the lateral malleolus 

= travels along the lateral border of the foot to the lateral corner 
of the little toenail to BL-67 (zhiyin). From here, a branch 
travels to — KID-1 (yongquan) located on the Interiorly— 
Exteriorly paired Kidney primary channel (foot Yin—Yang 





1st confluence 


pairing of the second great circuit). 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: Chills and_ fever, 
headaches, occipital stiffness, pain in the lumbar region, obstruc- 
tion of the nasal passages, eye pain with tearing, pain along the 
posterior aspect of the hip, knee and foreleg, foot pain 

Interior (li) or zangfu-Organ signs and symptoms: Pain and 
tension in the lower abdomen, retention of urine, enuresis, 
psycho-emotional disorders, opisthotonus 


Connections and meeting points of the 
Bladder primary channel (— 1.2) 


Connections with other channels 


Kidney primary channel (zu shao yin jing) 

Connection: Foot Yin—Yang pairing of the second great circuit 
Location: BL-67 — KID-1 (on the foot). 

Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Small Intestine primary channel (shou tai yang jing) 
Connection: Paired according to the six channel theory (hand-foot 
pairing): tai yang (Yang axes of the second great circuit) 
Location: S.I.-18 — BL-1 (on the head). 

Circulation: Circadian (according to the Organ clock) 


Importance: Above—below relationship Pathway 

The Bladder divergent channel separates from the Bladder pri- 
Connections with other zangfu-Organ systems mary channel in the popliteal fossa at BL-40 (weizhong) 
Kidney (shen), Bladder (pangguang) ™ ascends to the centre of the gluteal crease at BL-36 (chengfu) 


= ascends further and penetrates the anus, continues to the Bladder 
(pangguang), its pertaining fu-Organ, and the Kidney (shen), 
its paired zang-Organ 

= rises along the spine and spreads in the Heart (xin) 
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= from here it ascends to the occiput, where it unites at BL-10 
(tianzhu) with the Kidney divergent channel and the Bladder 
primary channel to form one of the six he-confluences (here: 
KID/BL as first confluence — 1.3) 


Clinical importance 

e Strengthens the relationship between the Bladder and the 
Kidney (zangfu-Organs). Points on the Bladder primary channel 
can therefore be used for disorders of the Kidney, and vice versa 
points on the Kidney primary channel can treat disorders of 
the Bladder. 

e Supports the connection between the Bladder primary channel 
and the Heart 

e Supports the connection between the Bladder primary channel 
and the anus 

e Creates a connection between the popliteal region (BL-40) 
and the sacral region (BL-32, BL-31) as well as with the occipi- 
tal region (BL-10). 


<—— 


4.7.3. The Bladder Sinew Channel 
(zu tai yang jing jin) 









S.1.-18 

(Meeting point of 
- the three foot Yang 
sinew channels) 


TA > G.B-12 


Pathway 

The Bladder sinew channel begins on the lateral aspect of the little 

toe and travels along the lateral border of the foot to the lateral 

malleolus, where it binds (jie). 

At the lateral malleolus three branches separate from the sinew 

channel: 

= one branch runs to the calcaneus where it binds (jie) and dis- 
perses over the heel 

= a further branch ascends the lateral aspect of the lower leg and 
binds (jie) at the head of the fibula, where it also meets the Gall 
Bladder and Stmach sinew channels at > G.B.-34 (yanglingquan) 

= the main branch travels to the Achilles tendon, binds (jie) in 
the area of the two heads of the gastrocnemius muscle, ascends 
the posterior aspect of the leg along the gastrocnemius 
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and soleus muscles and binds (jie) on either side of the 4.7.4 The Bladder Juo-Connecting Vessel 
System (zu tai yang luo mai) 


popliteal crease, ascends the posterior aspect of the thigh and 
binds (jie) at the centre of the gluteal crease, ascends as a 
broad band along the spine and binds (jie) at BL-10 (tianzhu). 

Two branches separate from the main branch in the thoracic 

region at the level of the axilla: 

= one branch ascends to the shoulder and reaches > L.I.-15 
(jianyu) 

= the other branch penetrates the axilla, ascends the thorax 
and runs to the supraclavicular fossa, where again two sub- 
branches separate: 

e one sub-branch ascends to the mastoid process to + G.B.-12 
(wangu) 

e the other sub-branch crosses the cheek to > S.I.-18 (quan- 
liao) where it meets with the other foot Yang sinew channels 

The main branch divides at BL-10 (tianzhu) into two branches: 

= one branch penetrates deeper to the root of the tongue 

= the other branch crosses the head lateral to the midline, 
reaches the inner canthus of the eye and separates into two 
branches: 

e one branch binds (jie) lateral to the nose and descends the 
cheek 

e the other branch crosses the upper eyelid and connects with 
the Stomach sinew channel, together forming a network 
around the eye. It then penetrates deeper into the upper orbital 
region and ends at the roof of the mouth. 


Clinical importance 

Pathology: Muscular cramping in the region of the little toe. 
Tension and pain in the heel. Stiffness and limited range of 
motion of the joints. Tension and stiffness in the back and along 
the spine, and difficulty when bending forward. Inability to lift 
the arms above the shoulder region. Stiffness or distending pain 
in the axillary region. Pain and tense musculature in the supra- 
clavicular fossa. Limited range of motion of the cervical spine. 
Indication: Mainly with bi-syndromes (painful obstruction 
syndrome) along the Bladder channel. The area covered by the 
Bladder sinew channel is larger than that covered by the Bladder 
primary channel. This explains why Bladder primary channel 
points can also be used for disorders of the scapula and the 
shoulder region as well as for disorders of the lower eyelid and 
the nasal region. 





Pathway 

The Bladder /uo-connecting channel separates from the Bladder 

primary channel at BL-58 (feiyang) (— 8.1.2). It forms a three- 

dimensional reticular network, dividing into multiple branches 
and sub-branches (sun luo, fu luo, xue luo > 1.5) within the sur- 
rounding tissue. 

e Horizontal divisions run to the Interiorly—Exteriorly paired 
Kidney primary channel; according to some schools of thought 
(for example Nguyen Van Nghi > Appendix) they travel as a 
transverse BL /uo-connecting vessel to the yuan-source 
point > KID-3 (taixi). 
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e Solinas et al. (1998, variant — fig.) describe a longitudinal 
division following the pathway of the Bladder primary channel, 
reaching the head and penetrating the nose. While this div- 
ision is not mentioned in the classics, according to Solinas et al 
it becomes evident based on the classic descriptions of the 
pathologies of the /uo-connecting vessels. 


Clinical importance (— 8.1.2) 


Pathology 

e Excess (shi): Obstruction of the nasal passages, clear watery 
nasal discharge, headaches, back pain 

e Deficiency (xu): Nosebleeds, chronic clear nasal discharge, 
sinusitis 


4.7.5 Cutaneous Region 
(tai yang pi bu) 


See description and figures > 1.6. 


4.7.6 Points of the Bladder Primary 
Channel (Overview) 


Specific points according to their function 
e Yuan-source point (— 8.1.1): BL-64 (jinggu) 
e Luo-connecting point (— 8.1.2): BL-58 (feiyang) 
Xi-cleft point (— 8.1.3): BL-63 (jinmen) 
Xi-cleft point of the yang giao mai: BL-59 (fuyang) 
Associated Back-shu point (— 8.1.4): BL-28 (pangguang- 
Shu) a 
— Back-shu point of the Lung: BL-13 (feishu) Sm 
— Back-shu point of the Pericardium: BL-14 (jueyinshu) 
— Back-shu point of the Heart: BL-15 (xinshu) && 
— Back-shu point of the du mai: BL-16 (dushu) 
— Back-shu point of the diaphragm: BL-17 (geshu) Bm 
— Back-shu point of the Liver: BL-18 (ganshu) 
— Back-shu point of the Gall Bladder: BL-19 (danshu) Sm 
— Back-shu point of the Spleen: BL-20 (pishu) Sm 
— Back-shu point of the Stomach: BL-21 (weishu) Sm 
— Back-shu point of the Triple Burner: BL-22 (sanjiaoshu) @™ 
— Back-shu point of the Kidneys: BL-23 (shenshu) @& 
—Back-shu point of the Large Intestine: BL-25 (dachang- 
shu) &@ 
—Back-shu point of the Small Intestine: BL-27 (xiaochang- 
shu) 
— Back-shu point of the Bladder: BL-28 (pangguangshu) SS 
Associated Front-mu point (— 8.1.5): Ren-3 (zhongji) B™ 
e Five shu-transporting points (— 8.1.6): 
jing-well point (Metal), tonification point: BL-67 (zhiyin) Sl 
ying-spring point (Water), ben point (Five Phases): BL-66 
(zutonggu) 
shu-stream point (Wood), sedation point: BL-65 (shugu) 
jing-river point (Fire): BL-60 (kunlun) S& 
he-sea point (Earth): BL-40 (weizhong) B& 


—p— 


—e— 


e Hui-meeting point (— 8.1.7): 
— of the Blood: BL-17 (geshu) Sm 
— of the Bones: BL-11 (dazhu) Sm 
e Opening point (— 8.1.8) of the yang giao mai: BL-62 
(shenmai) S& 
e Lower he-sea points (— 8.1.9): 
of the Triple Burner: BL-39 (weiyang) Sl 
of the Bladder: BL-40 (weizhong) B™ 
e Jiaohui-meeting points (— 8.1.10): 

—with the ST, T.B.* channels, the yin giao mai, yang giao 
mai, S.1., G.B.* channels, du mai: BL-1 (jingming) Sm 

— with the S.I. channel, (T.B., G.B. channels, du mai*): 

BL-11 (dazhu) Sm 

— with the du mai: BL-12 (fengmen) Sm 

— with the du mai*: BL-23 (shenshu) SS 

— with the G.B. channel: BL-31-BL-34 Sm 

— with the S.I. channel: BL-41 (fufen) 

—with the yang giao mai: (BL-59 (fuyang)*), BL-61 (pucan), 
BL-62* (shenmai) S& 

— with the yang wei mai: BL-63 (jinmen) 

— of other channels with the Bladder channel: Du-24, G.B.-15, 
Du-20, (G.B.-6*), G.B.-7, G.B.-8, G.B.-9, G.B.-10, G.B.-11, 
G.B.-12, Du-17, Du-16*, Du-14, Du-13, G.B.-30 

e Gao Wu command point (—- 8.1.11) for the Back and lum- 
bar region: BL-40 (weizhong) SS 
e Window of Heaven point (— 8.1.12): BL-10 (tianzhu) BE 
e Points of the Four Seas (— 8.1.13): 
— Sea of Blood point: BL-11 (dazhu) Sm 
e Ma Dan Yang Heavenly Star points (— 8.1.14): BL-40 
(weizhong) &&, BL-57 (chengshan) Sa, BL-60 (kunlun) && 
e Sun Si Miao Ghost point (— 8.1.15): BL-62 (shenmai) B™ 
e Other functional points: 
— xi-cleft point of the yang giao mai: BL-59 (fuyang) 


Points according to region 

e Local points (— 8.2.1): occiput — BL-10 (tianzhu) &™; eyes — 
BL-1 (jingming) @™; Stomach/Spleen — BL-20 (pishu) Mm, 
BL-21 (weishu) @™; Kidney — BL-23 (shenshu) am, BL-62 
(shenmai) &®; rectum — BL-35 (huiyang); cervical spine — 
BL-10 (tianzhu) &@®; thoracic spine — BL-17 — BL-23; lumbar 
spine — BL-23 — BL-26, BL-52 (zhishi); iliosacral region — 
BL-27 (xiaochangshu), BL-28 (pangguangshu); hip — BL-49 
(yishe), BL-50 (weicang), BL-54 (zhibian); knee — BL-40 
(weizhong) &&; foot — BL-60 (kun/un) am, BL-62 (shenmai) B® 

e Adjacent points (— 8.2.1): eyes — BL-2 (zanzhu) SM; nose — 
BL-7 (tongtian); Lung — BL-13 (feishu) mm, BL-43 (gaohuang); 
Heart — BL-14 (jueyinshu), BL-15 (xinshu) &m; Liver — BL-18 
(ganshu) &&, BL-20 (pishu) Sm@; Gall Bladder — BL-19 (danshu) 
mm; Large Intestine — BL-25 (dachangshu) @™; Small 
Intestine — BL-27 (xiaochangshu) &®; rectum — BL-30 (bai- 
huanshu), BL-34 (xialiao) @@; Bladder — BL-28 (pangguang- 
shu) &8, BL-23 (shenshu) &™; urogenital region — BL-23 
(shenshu) &&, BL-32 (ciliao); cervical spine — BL-11 (dazhu) Sm; 
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iliosacral region — BL-23 (shenshu) @™; thoracic spine — 
BL-38 — BL-47; toes — BL-60 (kunlun) mm, BL-65 (shugu) 
Distal points (— 8.2.1): occipital region — BL-65 (shugu), 
BL-60 (kunlun); rectum — BL-57 (chengshan) &®; thoracic 
spine — BL-57 (chengshan) @M; cervical, thoracic, lumbar 
spine — BL-60 (kKun/un) |®; shoulder and iliosacral region — 
BL-58 (feiyang); for the thoracic spine, lumbar spine and 
iliosacral region — BL-40 (weizhong) ™™; lumbar spine — 
BL-40 (weizhong) a, BL-59 (fuyang), BL-60 (kunlun) @@; 
lumbar spine and hip — BL-62 (shenmai) @& 


Specific points according to the channel 
pathway (in numerical order): 


BL-1 (jingming) @@: jiaohui-meeting point with the ST, T.B.* 
channels, the yin giao mai, yang qiao mai, S.I., G.B.* chan- 
nels, du mai (— 8.1.10): local point for the eyes (— 8.2.1) 
BL-2 (zanzhu) SM: adjacent point for the eyes (— 8.2.1) 
BL-7 (tongtian): adjacent point for the nose (— 8.2.1) 
BL-10 (tianzhu) &&: Window of Heaven point (— 8.1.12); 
important point for eliminating Wind; local point for the 
occiput and the cervical spine (— 8.2.1) 

BL-11 (dazhu) @@: hui-meeting point (— 8.1.7) of the bones; 
Sea of Blood point (> 8.1.13); jiaohui-meeting point with 
the S.I. channel (T.B., G.B. channels, du mai*) (— 8.1.10); 
adjacent point for the cervical spine (— 8.1.10) 

BL-12 (fengmen) @™: jiaohui-meeting point with the du mai 
(= 8.1.10) 

BL-13 (feishu) @™: Back-shu point of the Lung (> 8.1.4); 
adjacent point for the Lung (— 8.2.1) 

BL-14 (jueyinshu): Back-shu point of the Pericardium 
(— 8.1.4); adjacent point for the Heart (— 8.2.1) 

BL-15 (xinshu) &@: Back-shu point of the Heart (— 8.1.4); 
adjacent point for the Heart (— 8.2.1) 

BL-16 (dushu): Back-shu point of the du mai (> 8.1.4); 
BL-17 (geshu) @™: Back-shu point of the diaphragm 
(— 8.1.4); hui-meeting point of the Blood (— 8.1.7) 

BL-17 to BL-23: local points for the thoracic spine (— 8.2.1) 
BL-18 (ganshu) &@: Back-shu point of the Liver (> 8.1.4); 
adjacent point for the Liver (— 8.2.1) 

BL-19 (danshu) |™: Back-shu point of the Gall Bladder 
(— 8.1.4); adjacent point for the Gall Bladder (— 8.2.1) 
BL-20 (pishu) @™: Back-shu point of the Spleen (— 8.1.4); 
adjacent point for the Liver (— 8.2.1) 

BL-21 (weishu) @m: local point for the Stomach (— 8.2.1); 
Back-shu point of the Stomach (- 8.1.4) 

BL-22 (sanjiaoshu) @™: Back-shu point of the Triple Burner 
(> 8.1.4) 

BL-23 (shenshu) @@: jiaohui-meeting point with the du mai* 
(— 8.1.10); local point for the Kidneys and lumbar region 
(— 8.2.1); adjacent point for the Bladder, urogenital region 
and iliosacral region (— 8.2.1); Back-shu point of the Kidney 
(— 8.1.4) 

BL-24 (gihaishu): local point for the lumbar spine (— 8.2.1) 


—e— 


BL-25 (dachangshu) @@®: Back-shu point of the Large Intes- 
tine (— 8.1.4); adjacent point for the lumbar spine (— 8.2.1) 
BL-26 (guanyuanshu): local point for the lumbar spine 
(> 8.2.1) 

BL-27 (xiaochangshu) @™: Back-shu point of the Small 
Intestine (— 8.1.4); adjacent point for the Small Intestine 
(— 8.2.1); local point for the iliosacral region (— 8.2.1) 
BL-28 (pangguangshu) @®: Back-shu point of the Bladder 
(— 8.1.4); adjacent point for the Bladder (— 8.2.1); local 
point for the iliosacral region (> 8.2.1) 

BL-30 (baihuanshu): regional point for the rectum (— 8.2.1) 
BL-31 — BL-34: jiaohui-meeting points with the G.B. chan- 
nel (— 8.1.10) 

BL-32 (ciliao): regional point for the urogenital region 
(— 8.2.1); local point for the iliosacral region (— 8.2.1) 
BL-34 (xiaoliao): regional point for the rectum (— 8.2.1) 
BL-35 (huiyang): local point for the rectum (— 8.2.1) 
BL-38 — BL-47: adjacent points for the thoracic spine 
(> 8.2.1) 

BL-39 (weiyang) Sm: lower he-sea point of the Triple Burner 
(> 8.1.9) 

BL-40 (weizhong) @™: he-sea point (Earth); lower he-sea 
point of the Bladder (> 8.1.9); Gao Wu command point 
(— 8.1.11) of the back and lumbar region; Ma Dan Yang 
Heavenly Star point (— 8.1.14); distal point for the thoracic 
and lumbar spine as well as for the iliosacral region 
(— 8.2.1); local point for the knee (— 8.2.1) 

BL-41 (fufen): jiaohui-meeting point with the S.I. channel 
(= 8.1.10) 

BL-43 (gaohuang): adjacent point for the Lung (— 8.2.1) 
BL-49 (yishe): local point for the hip (— 8.2.1) 

BL-50 (weicang): local point for the hip (— 8.2.1) 

BL-52 (zhishi): local point for the lumbar region (— 8.2.1) 
BL-54 (zhibian): local point for the hip (> 8.2.1) 

BL-57 (chengshan) ml: Ma Dan Yang Heavenly Star point 
(— 8.1.14); distal point for the rectum (— 8.2.1); distal point 
for the thoracic spine (— 8.2.1) 

BL-58 (feiyang): luo-connecting point (— 8.1.2); distal point 
for the shoulder and iliosacral region (— 8.2.1) 

BL-59 (fuyang): xi-cleft point of the yang giao mai; jiaohui- 
meeting point with the yang giao mai (— 8.1.10)*; distal 
point for the lumbar spine (— 8.2.1) 

BL-60 (kunlun) @®: jing-river point (Fire); Ma Dan Yang 
Heavenly Star point (— 8.1.14); distal point for the cervical, 
thoracic and lumbar spine (— 8.2.1); distal point for the occip- 
ital and lumbar region (— 8.2.1); local point for the foot 
(— 8.2.1); regional point for the toes (> 8.2.1) 

BL-61 (pucan): jiaohui-meeting point with the yang giao mai 
(> 8.1.10) 

BL-62 (shenmai) S&™®:Opening point of the yang giao mai 
(— 8.1.8); Sun Si Miao Ghost point (7 8.1.15); jiaohui- 
meeting point with the yang giao mai (— 8.1.10); local point 





* Mentioned by only some authors 
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4 Acupuncture Points of the Twelve Primary Channels 
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for the Kidney (— 8.2.1); local point for the foot (7 8.2.1); 
distal point for the lumbar spine and hip (— 8.2.1) 

e BL-63 (jinmen): xi-cleft point (7 8.1.3); jiaohui-meeting 
point with the yang wei mai (— 8.1.10) 

e BL-64 (jinggu): yuan-source point (> 8.1.1) 

e BL-65 (shugu): shu-stream point (Wood); sedation point; 
distal point for the occiput (— 8.2.1); adjacent point for the 
toes (— 8.2.1) 

e BL-66 (zutongu): ying-spring point (Water); ben point (Five 
Phases point) 

e BL-67 (zhiyin) Sm: jing-well point; tonification point 


General location help 

e The medial branch of the Bladder channel runs from BL-11 
(below the spinal process of the T1) to BL-30 (level with the 
fourth sacral foramen), 1.5 cun lateral to the midline 


Memorisation help for the medial branch of the BL channel: 

e BL11 to BL-17: the second digit of the point number cor- 
responds to the level of the respective thoracic vertebra. 
Example: BL-13 is located below the spinal process of T3. 

e BL-18 to BL-21: second digit of the point number + 1. 
Example: BL-19 (9 + 1) is located below the spinal process 
of the T10. 


The outer branch of the Bladder channel runs from BL-41 
(below the spinal process of the T2) to BL-54 (below the spinal 
process of S4/level with the 4th sacral foramen) 3 cun lateral to 


the midline. 


Memorisation help for the lateral branch of the BL channel: 


BL41 to BL-46: second digit of the point number + 1. 
Example: BL-42 (2 + 1) corresponds to T3 

BL-47 to BL-49: second digit of the point number + 2. 
Example: BL-47 (7 + 2) corresponds to the level of T9. 
BL-50: second digit of the point number + 12. 


Needling: The Back-shu points are also commonly needled 
transversely (subcutaneously) towards the spine. This allows the 
patient to lie in a supine position during needle retention (the 
needles can be secured with tape). 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Bright Eyes JINGMING JER) 


Location 
0.1 cun superior and medial to the inner canthus of the eye, in a 
depression. 


How to find 

BL-1 is located in a small depression near the inner canthus of 
the eye, superior to the insertion of the upper eyelid. Medially, it 
is bordered by the bony root of the nose. ~ BL-2 is located 
directly above BL-1 in a depression at the medial end of the eye- 
brow. — ST-1 is located on the pupil line between the eyeball 
and the border of the infraorbital ridge, + G.B.-1 and — T.B.-23 
are located on the outer canthus of the eye. 


Needling 

Ask the patient to look downward and outward, with their eyes 
closed. Gently push the eyeball downward and outward from 
above. Needle perpendicularly along the supraorbital ridge in a 
posterior direction. Caution: Angular artery and vein, eyeball, 
periosteum. This point should only be needled by experienced 
practitioners. After removing the needle, press on the insertion 
site for 10 minutes. Despite this precaution, a bruise may still 
form (inform the patient). No needle stimulation! Moxibustion 
is contraindicated. Alternative point: + BL-2 or transverse (sub- 
cutaneous) insertion at BL-1 in the direction of ~ BL-2. 


Actions/Indications 
e Expels Wind and clears Heat, benefits the eyes 


Special features 

Meeting point with the du mai, yin giao mai, yang giao mai as 
well as the ST, S.I., G.B. channels and, according to some authors, 
also the T.B. channel. Entry point. 






Orbital margin 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-2 | Gathered Bamboo ZANZHU 


Location 
In a depression at the medial end of the eyebrow, directly above 
the inner canthus of the eye. 


How to find 

As the location of the eyebrow can vary, the medial canthus of 
the eye should be used for reference (~ BL-1). Palpate for a 
generally pressure-sensitive depression in this area of the orbital 
ridge. Caution: According to Sobotta, except in rare cases, BL-2 
is not located on the supraorbital foramen (mainly located more 
laterally), but in the area where the supratrochlear artery and the 
supraorbital nerve emerge (frontal notch). 

— BL-1 is located inferior to BL-2. 


Needling 

0.3-0.5 cun obliquely from lateral to medial or transversely 
(subcutaneously) in the direction of the disorder. Caution: Branches 
of the frontal nerve, facial nerve, blood vessels! According to the 
majority of authors, moxibustion is contraindicted. Considered a 
less risky alternative to + BL-1. 


Actions/Indications 

e Benefits the eyes 

e Expels external pathogenic factors such as Wind, clears Heat 

e Clears the head 

e Moves Qi in the Bladder divergent channel (for example, for 
painful haemorrhoids) 





Special features 

Important and frequently used local point for the eye region. 
Good point for excess and Heat syndromes of the eye region: 
prick to bleed (puncture the point and let it bleed), but avoid 
facial haematoma. 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Eyebrows’ Pouring MEICHONG | BL3 


Location 
0.5 cun within the anterior hairline, vertically above the medial 
canthus of the eye. 





















How to find 

BL-3 is located directly above the medial canthus of the eye 
(— BL-1) and 0.5 cun within the anterior hairline (— 3.1.1). 
Located on the same level (0.5 cun within the anterior hairline) 
are — Du-24 (on the midline), + G.B.-15 (on the pupil line), > 
G.B.-13 (3 cun lateral to the midline) and > ST-8 (on the corner 
of the forehead). 


Needling 

0.5—1 cun obliquely in a dorsal direction or transversely (subcu- 
taneously). According to some classic texts, moxibustion is 
contraindicated. 


Actions/Indications 
e Expels Wind and clears Heat from the head and forehead 
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4 Acupuncture Points of the Twelve Primary Channels 


| BLA Crooked Curve QUCHA 











Location 

0.5 cun superior to the anterior hairline and 1.5 cun lateral to the 
midline (or one third of the distance between — Du-24 and 
— ST-8). 


How to find 

While — BL-3 is still located on a vertical line through the inner 
canthus of the eye, BL-4 is located slightly more laterally (hence 
its name). The distance of 1.5 cun from the midline refers to the 
proportional cun measurements along the anterior hairline 
(— 3.1.1): the distance between — Du-24 (on the midline) and 
— ST-8 (on the corner of the forehead) is 4.5 proportional cun; 
therefore, the distance between BL-4 and the midline is one 
third of this distance. 

Located on the same level (0.5 cun within the anterior hairline) 
are — Du-24 (on the midline), ~ BL-3 (superior to the inner 
canthus of the eye), ~ G.B.-15 (on the pupil line), ~ G.B.-13 
(3 cun lateral to the midline) and — ST-8 (on the corner of the 
forehead). 


Needling 


Transversely (subcutaneously) 0.5—1 cun 


Actions/Indications 

e Expels Wind and Wind-Heat, especially from the eyes and 
the nose 

e Clears the head, opens the orifices, alleviates pain 
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Fig 71. The "TIME DELAY" in the ROBOT MAN 
Project 


to Index 


We will use the TIME DELAY circuit to turn 
the transistor ON. 

Make sure the 100u is uncharged by touching 
both leads (both ends of the capacitor) at the 
same time with a JUMPER - this is a piece of 
wire shown in Fig 61. 

Push the switch and noting happens. After a 
short period of time the LED starts to glow and 
then comes on fully. 

This shows two things: 

1. The transistor is not turned ON when the 
base voltage is zero. 

2. The base voltage must be 0.6v for the 
transistor to start to turn ON and when the 
voltage is 0.65v the transistor is turned ON 
FULLY. 


to Index 


Here is an explanation of how the LED turns 
ON. 

When the circuit is first assembled and the 
switch is not pressed, the transistor is not 
turned on and it is just like the diagram 
opposite. The LED is not connected to the 
transistor. 


This is the 
“detection™, 
point" 


+ 
100u 


Fig 73. How the LED turns ON 








to Index 


When the switch is pushed, the transistor 
turns ON (after a few seconds) and it pulls the 
lower lead of the LED down towards the Ov 
Push rail and this action turns the LED ON. 

Switch 


100k 


This is the 


Fig 74. The LED turned ON 











http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 50/74 





Cho4.7a-F10028.qxd 2/23/08 3:53 PM Page 255 an 





4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Fifth Place wuchU JS 
Location 


1 cun superior to the anterior hairline and 1.5 cun lateral to the mid- 
line or one third of the distance between — Du-24 and — ST-8. 


How to find 

The distance of 1.5 cun refers to the proportional cun measure- 
ment for the distance of 4.5 cun between — Du-24 (midline, 0.5 
cun superior to the anterior hairline) and — ST-8 (corner of the 
forehead), (— 2.2). By dividing this distance into thirds, BL-5 
can be located one third of the distance from — Du-24 and 1 cun 
superior to the anterior hairline. 

Located on the same level is ~ Du-23 (on the midline). 


Needling 
Transversely (subcutaneously) 0.5—1 cun. Moxibustion is con- 
traindicated according to some texts. 


Actions/Indications 

e Releases the Exterior, expels Wind and Heat from the head 
and eyes 

e Opens the channel and the /uo vessels 

e Opens the orifices (especially the eyes) and revives con- 
sciousness 
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4 Acupuncture Points of the Twelve Primary Channels 


DRA) Receiving Light CHENGGUAN 











Location 

2.5 cun superior to the anterior hairline and 1.5 cun lateral to the 
midline or one third of the distance between — Du-24 and 
— ST-8. 


How to find 

Spreading hands technique (— 2.3.3): First, locate the anterior 
midline at the level of the anterior hairline (— 3.1.1) as well as 
— Du-20 (5 cun superior to the anterior hairline, on the vertex, 
at the junction of the midline with a line connecting the apices of 
the ears). Next, determine the midpoint between those two refer- 
ence points (— 2.5 cun superior to the anterior hairline). From 
this point, measure 1.5 cun laterally (or one third of the distance 
between — Du-24 and — ST-8) to locate BL-6. 

Located on the same level (— 2.5 cun superior to the anterior 
hairline), but more laterally (pupil line), is ~ G.B.-17. 


Needling 
Transversely (subcutaneously) 0.5-1 cun. Moxibustion only 
following careful diagnosis. 


Actions/Indications 
e Expels Wind, especially from the head and eyes 
e Clears Heat from the head, especially from the eyes and nose 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Heavenly Connection TONGTIAN 


Location 
1.5 cun lateral to the midline and 4 cun superior to the anterior 
hairline or 1 cun anterior to > Du-20. 


How to find 

BL-7 is best located by using — Du-20 (5 cun superior to the 
anterior hairline, on the vertex, at the junction of the midline 
with a line connecting the apices of the ears) as a reference 
point. Measure | cun anterior from — Du-20 and 1.5 cun lateral 
to the midline (or one third of the distance between — Du-24 
and ST-8, — 2.2) to locate BL-7. Located on the same level 
(4 cun superior to the anterior hairline), but more laterally (pupil 
line), is ~ G.B.-18. + Du-21 is located on the midline, 1.5 cun 
anterior to > Du-20. 


Needling 


Transversely (subcutaneously) 0.5—1 cun 


Actions/Indications 
e Clears the head, benefits especially the nose 


Special features 
Important point for treating disorders of the nose 
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4 Acupuncture Points of the Twelve Primary Channels 


Declining Connection LUQQUE 





Location 
1.5 cun lateral to the midline and 5.5 cun superior to the anterior 
hairline or 0.5 cun posterior to ~ Du-20. 


How to find 

BL-8 is best located by using — Du-20 as a reference point. 
— Du-20 is located at the junction of the vertical midline with a 
line connecting the apices of the ears, 5 cun superior to the anterior 
hairline (7 3.1.1). To locate BL-8, measure 0.5 cun from 
— Du-20 in a posterior direction and 1.5 cun in a lateral direction. 


Needling 


Transversely (subcutaneously) 0.5—1 cun. Moxibustion possible. 


Actions/Indications 
e Opens the orifices 

e Subdues Wind 

e Transforms Phlegm 

e Calms the shen 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Jade Pillow YUZHEN [EE 
Location 


2.5 cun superior to the posterior hairline and 1.3 cun lateral to 
the midline or ~ Du-17 (directly superior to the external occipi- 
tal protuberance). 





External 
occipital 
protubera 


How to find 

To locate BL-9, —~ Du-17 is a good reference point, located on 
the midline, in the depression directly superior to the upper bor- 
der of the external occipital protuberance (— 3.1.5). From there, 
measure 1.3 cun in a lateral direction to locate BL-9, which is 
generally located on an imaginary vertical line through + BL-10. 
Or: Locate the posterior hairline (often not very accurate 
— 3.1.5) and, on the midline, measure 2.5 cun in a superior 
direction, then 1.3 cun towards lateral. 

Located on the same level are + Du-17 (midline, in the depres- 
sion at the upper border of the external occipital protuberance) 
and — G.B.-19 (more laterally, on a vertical line through 
— G.B.-20). 


Needling 


Transversely (subcutaneously) 0.5—1 cun. Moxibustion possible. 


Actions/Indications 

e Expels Wind and Cold 

e Opens the channel and luo vessels, alleviates pain 
e Benefits the eyes and nose 


Special features 
In Qigong practice, BL-9 plays an important role as one of the 
three gates (san guan). 
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4 Acupuncture Points of the Twelve Primary Channels 


PERT) Heavenly Pillar TANZHU 

















260 


Location 

Approximately 1.3 cun lateral to + Du-15, where the trapezius 
muscle inserts on the lower border of the occiput, close to where 
the major occipital nerve emerges. 


How to find 

With the patient’s head in an upright and relaxed position, first 
locate > G.B.-20 below the lower border of the occiput and 
between the insertions of the sternocleidomastoid and trapezius 
muscles. From there, palpate in a medial and inferior direction at 
a 45° angle, until the finger comes to a halt against the bulge of 
the trapezius muscle. This is the location of BL-10. For refer- 
ence: If the practitioner places their left middle finger on 
— G.B.-20, the (shorter) index finger will be pointing to BL-10. 
Located on the same level is + Du-15 (approximately 1.3 cun 
lateral to the midline and superior to the axis (first palpable spin- 
ous process)). 


Needling 
0.5-1 cun vertically or slightly obliquely in a dorsal direction. 
Caution: Do not needle in a superior direction. 


Actions/Indications 

e Regulates the Qi, calms Wind and the shen, benefits the head 
and sensory orifices 

e Opens the channel 

e Strengthens the lower back 

e Expels Wind 


Special features 

Window of Heaven point. Important point for expelling (internal 
and external) Wind. In contrast to ~ G.B.-20, BL-10 is used in 
clinical practice mainly for pacifiying internal Wind. 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Great Shuttle DAZHU | BLT 









Base of the 
, scapular spine 








OGL 
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Extension and 
flexion of the head 


Base of the 


G 
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Levator 
_scapulae 


S.1.-14 
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scapular spine 
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Location 

1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the Ist thoracic vertebra (T1, 
with hanging shoulders on the level of the acromion). 


How to find 

First, locate the spinous process of C7 (— 3.4.1). The next spin- 
ous process inferior to this belongs to the T1. Locate BL-11 1.5 
cun lateral to the lower border of T1, at the highest point of the 
paraspinal musculature. 

Located on the same level are ~ Du-13 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and — S.L-14 
(3 cun lateral to the midline). 


Needling 
0.5—1 cun obliquely towards the spine or transversely (subcuta- 
neously). Caution: Pneumothorax. 


Actions/Indications 

e Expels pathogenic factors (Wind-Heat) 

e Regulates the Lung Qi 

e Opens the channel, benefits the bones and joints 


Special features 

Hui-meeting point with the bones; meeting point with the S.I. 
channel, according to some authors also with the T.B., G.B. chan- 
nels and the du mai; Sea of Blood point. 






































Ch04.7a-F10028.qxd 2/23/08 3:54 PM Page 262 ae 








4 Acupuncture Points of the Twelve Primary Channels 


DEEP wind cate FENGMEN 







Location 
1.5 cun lateral to the posterior midline, on the level of the lower Base io the 

s 7 e r In 
border of the spinous process of the 2nd thoracic vertebra (T2). Spinous paa Aree 


, 





G 


How to find 

First, locate the spinous process of C7 (— 3.4.1). From there, 
count down two spinous processes to the lower border of the 
spinous process of T2. Measure 1.5 cun laterally to locate BL-12 
on the highest point of the paraspinal musculature. 

Located on the same level are a point of + Ex-B-2 (0.5 cun lateral 
to the midline), —~ BL-41 (3 cun lateral to the midline) and 
— §.L-13 (on the scapula, on the medial end of the scapular 
spine). 


Needling 

0.5—-1 cun obliquely towards the spine. In clinical practice, this 
point is often needled transversely (subcutaneously) towards the 
spine. This allows the patient to lie in a supine position during 
needle retention (the needles can be secured with tape). Caution: 
Pneumothorax. For acute febrile colds, use reducing needling 
techniques or cupping. For susceptibility to catching colds, use 
tonifying needling techniques and/or moxibustion. 


Actions/Indications 

e Expels (external) Wind and releases the Exterior 
Spreads and descends the Lung Qi 

Tonifies the defensive Qi (wei qi), stabilises the Exterior 
Benefits the nose 

Opens the channel 


Special features 
Meeting point with the du mai. Important point for expelling 
pathogenic factors, especially Wind. 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Location 


Base of the 1.5 cun lateral to the posterior midline, on the level of the lower 
Pa border of the spinous process of the 3rd thoracic vertebra (T3). 










: 


How to find 

First, locate the spinous process of C7 (— 3.4.1). From there, 
count down three spinous processes to the lower border of the 
spinous process of the T3. Measure 1.5 cun laterally to locate 
BL-13 on the highest point of the paraspinal musculature. Or: 
With the patient seated and their arms hanging down, the spin- 
ous process of the T3 is generally on the level of the medial end 
of the scapular spine (— 3.4.2). Locate BL-13 1.5 cun lateral to 
the midline. 

Located on the same level are — Du-12 (on the midline), 
a point of + Ex-B-2 (0.5 cun lateral to the midline) and BL-42 
(3 cun lateral to the midline). 


Needling 

0.5—1 cun obliquely towards the spine. In clinical practice, this 
point is often needled transversely (subcutaneously) towards the 
spine. This allows the patient to lie in a supine position during 
needle retention (the needles can be secured with tape). Caution: 
Pneumothorax. For chronic Lung Qi deficiency without Heat 
signs, use moxibustion. 


Actions/Indications 

e Tonifies, spreads and descends the Lung Qi, nourishes the 
Lung Yin 

e Clears Heat from the Lung 

e Releases the Exterior 

e Opens the channel, alleviates pain 





Special features 


Back-shu point of the lung. Major point for all disorders of the 














Lung (Lung deficiency and excess patterns). 
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4 Acupuncture Points of the Twelve Primary Channels 


DERYY) jucyin shu JUEVINSHU 


Location 
1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 4th thoracic vertebra (T4). 






Base of the 
scapular spine 


/ 
u 


How to find 

First, locate the spinous process of C7 (— 3.4.1). From there, 
count down four spinous processes to the lower border of the 
spinous process of T4. Measure 1.5 cun laterally to locate BL-14 
on the highest point of the paraspinal musculature. Or: With the 
patient seated and their arms hanging down, the spinous process 
of T3 is generally on the level of the medial end of the scapular 
spine (— 3.4.2). The next spinous process in an inferior direction 
belongs to the T4. Locate BL-14 1.5 cun lateral to the midline. 
Located on the same level are a point of ~ Ex-B-2 (0.5 cun lat- 
eral to the midline) and + BL-43 (3 cun lateral to the midline). 


Needling 
0.5—-1 cun obliquely towards the spine or transversely (subcuta- 
neously). Caution: Pneumothorax. 


Actions/Indications 

e Regulates and tonifies the Heart 

e Unbinds the chest, regulates the Qi 
e Calms the shen 
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Push 
Switch When the LED is fully turned ON, the lower 
lead of the LED is almost directly connected to 
the Ov rail. 
100k In other words: 

When the transistor is FULLY TURNED ON, 


the lower lead of the LED is almost directly 

This is the connected to the Ov rail. 

“detection, The voltage between the lead of the LED and 
point" Ov rail is 0.2v. This is the characteristic voltage 

- across the collector-emitter terminals of a 

transistor when it is TURNED ON. 


Fig 75. The LED fully turned ON 














to Index 


In the three diagrams above you can see the LED is changed from an OFF condition to an ON 
condition by the action of the transistor. 

The transistor is acting LIKE A SWITCH. 

This action is one of the most important actions in electronics. 

Itis called: "The Transistor as a SWITCH" 

It is the basis to ALL Digital Circuits. 

It is the basis because of these two facts: 

1. When the transistor is OFF, the circuit is taking no current and no power is being lost or 
wasted. 

2. When the transistor is ON, the LED is almost at Ov and no resistor is in the lower lead to 
waste any power. 

Thus we can turn things ON and OFF without wasting and power. 

This is the basis to DIGITAL ELECTRONICS. 





to Index 


DIGITAL ELECTRONICS revolves around circuits that are either FULLY ON or FULLY 
OFF. This means they take almost no power and we can combines lots of circuits and still take 
almost no power. 

This means they do not get hot and it also means they will last a long time. 

You may not think turning a transistor ON and OFF will achieve any worthwhile outcome but a 
circuit can be designed to use two transistors (similar to the ROBOT MAN above). The circuit 
does not Flip-Flop but requires a switch and when the switch is pressed, the circuit changes 
state. The two transistors are connected together and it takes two presses of the switch to make 
the output of the second transistor change state ONCE. 

The circuit is a divider. It is called a: divide-by-two and is the basis of all counting in a 
computer. 

By adding more "divide-by-two” circuits we can get "divide by 4, divide by 8" etc. Two 
transistors don't do much but when you combine millions of transistors we have a COMPUTER. 








to Index 





Two transistors can do one 
more thing. They can 
"REMEMBER." 


Here is a manual circuit. 
Pressing Switch A turns the 
LED ON and pressing switch B 
turns the LED OFF. 

The circuit "remembers" or 
remains in each state called a 
stable state. 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Location 


Base <f the 1.5 cun lateral to the posterior midline, on the level of the lower 
Fei border of the spinous process of the Sth thoracic vertebra (T5). 







S 
PS 
i 
i fet. 

S 
Y 
n 





How to find 

First, locate the spinous process of C7 (— 3.4.1). From there, 
count down five spinous processes to the lower border of the 
spinous process of T5. Measure 1.5 cun laterally to locate BL-15 
on the highest point of the paraspinal musculature. Or: With the 
patient seated and their arms hanging down, the spinous process 
of the T3 is generally on the level of the easily palpable medial 
end of the scapular spine (— 3.4.2). From there, count down two 
spinous processes in an inferior direction to the TS. Locate 
BL-15 1.5 cun lateral to the midline. 

Located on the same level are + Du-11 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and —~ BL-44 
(3 cun lateral to the midline). 


Needling 

0.5—1 cun obliquely towards the spine. In clinical practice, this 
point is often needled transversely (subcutaneously) towards the 
spine. This allows the patient to lie in a supine position during 
needle retention (the needles can be secured with tape). Caution: 
Pneumothorax. 


Actions/Indications 

e Tonifies and nourishes the Heart, regulates the Heart Qi, 
unbinds the chest and removes Blood stasis, calms the shen, 
clears Fire, moves Qi locally and along the channel pathway: 
for example, for disorders of the thoracic spine and inter- 





costal region 














Back-shu point of the Heart 








Zz 
Special features im 
A 
24 


Extension and — 
flexion of the head 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-16 | Governing Shu DUSHU 

















Location 
1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 6th thoracic vertebra (T6). 


How to find 

First, locate the spinous process of the C7 (— 3.4.1). From there, 
count down six spinous processes to the lower border of the 
spinous process of T6. Measure 1.5 cun laterally to locate BL-16 
on the highest point of the paraspinal musculature. Or: With the 
patient standing and their arms hanging down, the spinous 
process of T7 is level with the inferior angle of the scapula 
(— 3.4.2). The next spinous process in a superior direction 
belongs to T6. Locate BL-16 1.5 cun lateral to the midline. 
Located on the same level are > Du-10 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and ~ BL-45 
(3 cun lateral to the midline). 


Needling 
0.5-1 cun obliquely towards the spine or transversely (subcuta- 
neously). Caution: Pneumothorax. 


Actions/Indications 
e Unbinds the chest and regulates the Qi movement in the tho- 
rax and the abdomen 


Special features 
Despite its designation as Back-shu point of the du mai, this 
point is hardly mentioned in classical or modern texts. 
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Base of the 
scapular spine 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Diaphragm Shu GESHU BL-17 
Location 


1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 7th thoracic vertebra (T7). 







Base of the 
scapular spine 





How to find 

The spinous process of the T7 is approximately on the level 
of the inferior angle of the scapula (— 3.4.2). BL-17 is located 
on the level of the lower border of its spinous process and 1.5 cun 
lateral to the midline at the highest point of the paraspinal mus- 
culature. Or: Use the spinous process of the T3 for reference 
(generally on the level of the medial end of the scapular spine) 
(— 3.4.2). Or: Use C7 as a reference point (— 3.4.1). 

Located on the same level are ~ Du-9 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and —~ BL-46 
(3 cun lateral to the midline). 


Needling 

0.5—1 cun obliquely towards the spine. In clinical practice, this 
point is often needled transversely (subcutaneously) towards the 
spine. This allows the patient to lie in a supine position during 
needle retention (the needles can be secured with tape). Caution: 
Pneumothorax. 


Actions/Indications 

e Cools Blood-Heat, stops bleeding, removes Blood stasis, 
nourishes and harmonises Blood (and Yin) 

e Regulates the diaphragm, descends counterflow Qi 

e Moves Qi locally and along the channel pathway 





Special features 
Back-shu point of the Diaphragm, hui-meeting point of the 
Blood. 




















Extension and 
flexion of the head 
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4 Acupuncture Points of the Twelve Primary Channels 


BL-18 Liver Shu GANSHU 


Location 
1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 9th thoracic vertebra (T9). 






Base of the 
, scapular spine 


How to find ) 
In a standing position with the arms hanging down, the spinous Pinoys 7. 
process of T7 is approximately on the level of the inferior angle _— 
of the scapula (— 3.4.2). From there, count down two spinous 
processes to the spinous process of T9. BL-18 is located on the 
level of the lower border of its spinous process and 1.5 cun lat- 
eral to the midline at the highest point of the paraspinal muscu- 
lature. Or: Use the C7 as a reference point (— 3.4.1). From there, 
count down nine spinous processes to T9 and locate BL-18 1.5 
cun lateral to the lower border of its spinous process. 

Located on the same level are > Du-8 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and — BL-47 
(3 cun lateral to the midline). 


Needling 

0.5-1 cun obliquely towards the spine. In clinical practice, this 
point is often needled transversely (subcutaneously) towards the 
spine. This allows the patient to lie in a supine position during 
needle retention (the needles can be secured with tape). Caution: 
Pneumothorax. 


Actions/Indications 

e Spreads Liver Qi, cools Fire, clears Damp-Heat, regulates 
and nourishes Liver Blood, subdues (internal) Wind 

e Benefits the eyes 

e Benefits the sinews 


Special features 
Back-shu point of the Liver 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Gall Bladder Shu DANSHU B 


Location 
1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 10th thoracic vertebra (T10). 






Base of the 
scapular spine 





In a standing position with the patient’s arms hanging down, the 
spinous process of T7 is approximately on the level of the inferior 
angle of the scapula (— 3.4.2). From there, count down three 
spinous processes to the spinous process of T10. BL-19 is located 
on the level of the lower border of its spinous process and 1.5 cun 
lateral to the midline at the highest point of the paraspinal mus- 
culature. Or: Use C7 as a reference point (— 3.4.1). From there, 
count down 10 spinous processes to T10 and locate BL-19 1.5 
cun lateral to the lower border of its spinous process. Or: Use 
the lumbar spine as a reference point (— 3.4.3). 

Located on the same level are + Du-7 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and —~ BL-48 
(3 cun lateral to the midline). 


| i 
0.5—1 cun obliquely towards the spine. In clinical practice, this 
point is often needled transversely (subcutaneously) towards the 
spine. This allows the patient to lie in a supine position during 
needle retention (the needles can be secured with tape). Caution: 
Pneumothorax. 


tions/Indicatior 


e Clears Damp-Heat from the Liver and Gall Bladder 


e Expels pathogenic factors from the shaoyang 

e Tonifies and regulates the Gall Bladder Qi 

e Unbinds the chest and relaxes the pathway of the channel 

| 


Back-shu point of the Gall Bladder. Important point for clearing 
Damp-Heat from the Liver and Gall Bladder. 






























Extension and 
flexion of the head 





2 fingers on 
spinous proc 
of C6 and 7 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-20 | Spleen Shu PISHU 


Location 
1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 1 1th thoracic vertebra (T11). 






Base of the 
scapular spine 


a 
, 


How to find : 
In a seated position with the arms hanging down, the spinous ek Joos 
process of T7 is approximately on the level of the inferior angle 
of the scapula (— 3.4.2). From there, count down four spinous 
processes to the spinous process of T11. BL-20 is located on the 
level of the lower border of its spinous process and 1.5 cun lateral 
to the midline at the highest point of the paraspinal musculature. 
Or: Locate the articulation of the most inferior rib (T12) and 
palpate in a superior direction to T11. Or: Use the lumbar spine 
for reference (— 3.4.3). 

Located on the same level are — Du-6 (on the midline), 
a point of + Ex-B-2 (0.5 cun lateral to the midline) and BL-49 
(3 cun lateral to the midline). 


Needling 

0.5-1 cun obliquely towards the spine. In clinical practice, this 
point is often needled transversely (subcutaneously) towards the 
spine. This allows the patient to lie in a supine position during 
needle retention (the needles can be secured with tape). Caution: 
Pneumothorax. 


Actions/Indications 

e Tonifies the Spleen Qi and Yang, regulates Qi in the Middle, 
raises Qi 

e Transforms Dampness 

i e Holds and nourishes Blood 


Special features 

Back-shu point of the spleen. Major point for tonifying the Mid- 
dle, especially for Spleen deficiency syndromes. Use moxibus- 
tion or tonifying needle techniques for nourishing the Blood. 







Extension and 
flexion of the head 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Stomach Shu WEISHU [ETS T 
Location 


Base i the 1.5 cun lateral to the posterior midline, on the level of the lower 
a. ae border of the spinous process of the 12th thoracic vertebra (T12). 






How to find 

In a seated position with the arms hanging down, the spinous 
process of T7 is approximately on the level of the inferior angle 
of the scapula (— 3.4.2). From there, count down five spinous 
processes to the spinous process of T12. BL-21 is located on the 
level of the lower border of its spinous process and 1.5 cun lateral 
to the midline at the highest point of the paraspinal musculature. 
Or: Palpate for the articulation of the most inferior rib with T12 
and locate BL-21 1.5 cun lateral to the lower border of its spin- 
ous process. Or: Use the lumbar spine for reference (— 3.4.3). 
Located on the same level are a point of ~ Ex-B-2 (0.5 cun lat- 
eral to the midline) and ~ BL-50 (3 cun lateral to the midline). 


Needling 

0.5—1 cun obliquely towards the spine. In clinical practice, this 
point is often needled transversely (subcutaneously) towards the 
spine. This allows the patient to lie in a supine position during 
needle retention (the needles can be secured with tape). Caution: 
Pneumothorax. 


Actions/Indications 

e Regulates the Stomach, descends counterflow Qi, harmonises 
the Middle Burner, eliminates Dampness and food stagnation 

e Opens the channel 








Special features 
Back-shu point of the Stomach, main point for regulating any 
dysfunction of the Stomach. 
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4 Acupuncture Points of the Twelve Primary Channels 


DEEZ) san jiao shu SANJIAOSHU 


Location 
1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 1st lumbar vertebra (L1). 

























How to find 

For orientation in the lumbar region (—> 3.4.3), first, determine the 
Tuffier’s line (a line connecting the highest points of the iliac 
crests), which in most cases intersects with the spinous process 
of L4 (note: this varies depending on the patient’s position > 3.4.3). 
From there, count upward to the lower border of the spinous 
process of L1 and, on this level, locate BL-22 1.5 cun in a lateral 
direction, on the highest point of the paraspinal musculature. 
Located on the same level are > Du-5 (on the midline), a point 
of — Ex-B-2/BL-51/Ex-B-4 (0.5 cun/3 cun/3.5cun lateral of the 
midline). 


Needling 
Obliquely 0.5—1.5 cun. Caution: Kidneys. 


Actions/Indications 

e Regulates the Triple Burner 

e Opens the water passages and promotes urination 
e Has an effect on the shaoyang 


Special features 
Back-shu point of the Triple Burner. Especially regulates the 
relationship between the Middle and Lower Burner. 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Kidney Shu SHENSHU [CST 
Location 


1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 2nd lumbar vertebra (L2). 


How to find 

For orientation in the lumbar region (— 3.4.3), first, determine 
the Tuffier’s line (a line connecting the highest points of the iliac 
crests), which in most cases intersects with the spinous process 
of L4 (note: this varies depending on the patient’s position > 3.4.3). 
From there, count upward to the lower border of the spinous 
process of L2 and, on this level, locate BL-23 1.5 cun in a lateral 
direction, on the highest point of the paraspinal musculature. 
Located on the same level are  Du-4 (on the midline), a point 
of — Ex-B-2/BL-52 (0.5 cun/3 cun lateral of the midline). 





Needling 
Vertically or obliquely 0.5—1.5 cun. Caution: Kidneys. 


Level of 
the iliac 


Actions/Indications 

e Strengthens the Kidneys, tonifies the Kidney Qi and Yang, 
benefits the Essence (jing), nourishes the Kidney Yin 

e Regulates the Lower Burner, benefits the uterus 

e Benefits the bones and the marrow 

e Benefits the eyes and ears 

e Strengthens the lower back 


Special features 

Back-shu point of the Kidneys, according to some authors, 
meeting point with the du mai. Major point for tonifying the 
Kidneys. Use tonifying needle techniques for all Kidney deficiency 
syndromes. Moxibustion tonifies especially the Kidney Yang. 
Caution: Moxibustion is contraindicated for Kidney Yin defi- 
ciency with empty Heat (Heat in the Five Hearts (Heat in the 
thorax, the palms and the soles of the feet), night sweats, rest- 
lessness, often a red tongue). 



















Level of the 
iliac crests 
(dependen 
patient pos 
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4 Acupuncture Points of the Twelve Primary Channels 


TEE sea of Qi QIHAISHU 














Location 
1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 3rd lumbar vertebra (L3). 


How to find 

For orientation in the lumbar region (— 3.4.3), first, determine 
the Tuffier’s line. Place both hands directly superior or lateral to 
the highest points of the iliac crests, joining the thumbs on the 
midline at the lumbar spine. In most cases, this line intersects 
with the spinous process of L4 (note: this varies depending on 
the patient’s position > 3.4.3). From there, count upward to the 
lower border of the spinous process of L3 and, on this level, 
locate BL-24 1.5 cun in a lateral direction. 

Located on the same level are a point of ~ Ex-B-2 (0.5 cun lat- 
eral to the midline) and — Ex-B-5 (xiazhishi; 3 cun lateral to the 
midline according to the WHO location notes). 


Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 
e Benefits the back and strengthens the knees 
e Regulates and tonifies Qi and Blood of the Lower Burner 








Level of th 
iliac crests 








1/10/2018 Basic Electronics 1A 


The technical name for this 
circuit is: 

BISTABLE MULTIVIBRATOR 
or BISTABLE SWITCH or 
BISTABLE LATCH. 


This is the basis to all the 
memory in a computer. 


Switch A 





Fig 76. The "MEMORY CELL" 

When Switch A is pressed, the voltage on the base is 
removed and transistor A turns OFF. 

Transistor B turns ON via resistors Ry and R2 and the LED is 
turned ON. 

When the switch is released, the voltage on the collector of 
transistor B is less than 0.6v and the two transistors remain 
in this state. 

Pressing switch B turns the LED OFF. (transistor A turns 
ON via R3, R4 and the LED - very little current flows through 
the LED and you can hardly see it glowing). The voltage on 
the collector of transistor A is less than 0.6v and the two 
transistors remain in this state. 











to Index 





In electronics, we talk about the DIGITAL TRANSISTOR and ANALOGUE TRANSISTOR. 
This is just an ordinary transistor (called a Bipolar Junction Transistor) in a DIGITAL CIRCUIT or 
ANALOGUE CIRCUIT. 

We are now discussing the DIGITAL CIRCUIT - The Multivibrator - Astable Multivibrator and 
Bistable Multivibrator (Memory Circuit). 

The DIGITAL CIRCUIT has 2 STATES. 

The ON STATE and the OFF STATE. 

It is conducting in the ON STATE and the LED is illuminated. 

In the OFF STATE, the LED is not illuminated. 

In the ON STATE the transistor is said to be CONDUCTING or BOTTOMED. 

In the OFF STATE the transistor is said to be "CUT OFF or "OFF." 

These two states are reliable and guaranteed. They are not "half on" or "quarter on" or "75% 
off.” 

These states are easy to transmit "down a wire." The ON STATE is transmitted as "1" (voltage 
present) and the OFF STATE is transmitted as "0" (voltage not present). 

These are the two DIGITAL STATES. 


The ROBOT MAN is a DIGITAL CIRCUIT. 
Each LED is ON or OFF. 
The waveform on the output of each transistor is called a DIGITAL SIGNAL. 


The waveform is said to be DIGITAL or SQUARE WAVE. 

The top line of the graph represents the LED OFF. 

The bottom line of the graph represents the LED ON. The LED is ON when the collector voltage 
is LOW because we are pulling the lead of the LED to the Ov rail as shown above. 

The circuit changes from one state to the other very quickly and this is called the RISE TIME. 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Large Intestine Shu DACHANGSHU | BL-25 | 


Location 
1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 4th lumbar vertebra (L4). 


How to find 

For orientation in the lumbar region (— 3.4.3), first, determine 
the Tuffier’s line. Place both hands directly superior or lateral to 
the highest points of the iliac crests, joining the thumbs on the 
midline at the lumbar spine. In most cases, this line intersects 
with the spinous process of L4 (note: this varies depending on 
the patient’s position > 3.4.3). On this level, locate BL-25 1.5 
cun in a lateral direction. 

Located on the same level are — Du-3 (on the midline), 
a point of + Ex-B-2 (0.5 cun lateral to the midline), + Ex-B-6 
(3 cun lateral to the midline) and —~ Ex-B-7 (3.5 cun lateral to 
the midline). 





Level of th 
iliac crests 


(dependen Needling 
patient posi F 
Vertically 1-1.5 cun 







=  Actions/Indications 
e Regulates the intestines and promotes the Qi flow 
e Strengthens the lower back 


Special features 

Back-shu point of the Large Intestine. Important point for regu- 
lating the Large Intestine Qi. Important local point for acute and 
chronic lumbar disorders. 
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4 Acupuncture Points of the Twelve Primary Channels 


DRS) cate of origin shu GUANYUANSHU 

















Location 
1.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 5th lumbar vertebra (L5). 


How to find 

For orientation in the lumbar region (— 3.4.3), first, determine 
the Tuffier’s line. Place both hands directly superior or lateral to 
the highest points of the iliac crests, joining the thumbs on the 
midline at the lumbar spine. In most cases, this line intersects with 
the spinous process of L4 (note: this varies depending on the 
patient’s position; for more detail on orientation in the lumbar/ 
sacral region > 3.4.3, 3.4.4). Next, locate the lower border of 
the spinous process of L5 and, on this level, locate BL-26 1.5 cun 
in a lateral direction. 

Located on the same level are + Ex-B-8 (on the midline) and a 
point of + Ex-B-2 (0.5 cun lateral to the midline). 


Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 

e Strengthens the back, especially for Kidney deficiency 
syndromes 

e Regulates the Lower Burner 





L4 
\ 

Tuffier’s line 
S 






lliac crest 
5 
SS, --- a5 y 


Lumbosacral 
junction 


Sacrum 





Level of 
iliac crest: 





lliosacral joints 


Bladder channel, 
lateral branch 






Bladder channel, 


medial branch 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Small Intestine Shu XIAQCHANGSHLUL 

























Location 
1.5 cun lateral to the posterior midline, on the level of the first 
sacral foramen. 


Quick method: Locate the posterior superior iliac spine (PSIS 
— 3.4.3): from the rima ani, palpate 3 cun (1 handbreadth) in a 
superior and lateral direction at a 45° angle, until you can feel a 
distinct bony ridge (often superficially visible by a dimple). 
BL-27 is located slightly superiorly and medially to the PSIS, 
1.5 cun lateral to the midline, on the level of the first sacral fora- 
men. For more detail on orientation in the lumbar and sacral 
region — 3.4.3, 3.4.4. 

Located on the same level are + BL-31 (over the Ist sacral fora- 
men) and — BL-28 (slightly below and medial to the PSIS at the 
level of the 2nd sacral foramen). 


Needling 
Vertically 0.5—1 cun 


ctIOI nal 1Or 
e Tonifies the Small Intestine Qi 
e Drains Dampness and Damp-Heat 
e Regulates the water passages 


pecial feature 
Back-shu point of the Small Intestine 
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4 Acupuncture Points of the Twelve Primary Channels 

















Bladder Shu PANGGUANGSHL 


Location 
1.5 cun lateral to the posterior midline, on the level of the second 
sacral foramen. 


Quick method: Locate the posterior superior iliac spine (PSIS 
— 3.4.3): from the rima ani, palpate 3 cun (1 handbreadth) in a 
superior and lateral direction at a 45° angle, until you can feel a 
distinct bony ridge (often superficially visible by a dimple). 
BL-28 is located slightly inferiorly and medially to the PSIS, 
1.5 cun lateral to the midline on the level of the 2nd sacral fora- 
men. For more detail on orientation in the lumbar and sacral 
region — 3.4.3, 3.4.4. 

Located on the same level are — BL-32 (over the 2nd sacral 
foramen) and ~ BL-53 (3 cun lateral to the midline). ~ BL-27 
is located slightly superiorly and medially to the PSIS on the 
level of the 1st sacral foramen. 


leedlin 
Vertically 0.5-1.5 cun. For local disorders, slightly oblique 
insertion towards the iliosacral joint. 


“TIOT Tal ITIOT 

e Regulates the Bladder and the Lower Burner, clears Damp- 
Heat from the Lower Burner, removes stagnation and trans- 
forms masses 

e Benefits the lumbar region and the legs 


scial feature 
Back-shu point of the Bladder 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 





L4 
\ 


Tuffier’s line 
\ 






lliac crest 


Lumbosacral 
junction 





Sacrum 


lliosacral joints 


Sacrum ~ 





Mid Spine Shu ZHONGLUSHU [ERP 


Location 
1.5 cun lateral to the posterior midline, on the level of the 3rd 
sacral foramen. 


How to find 

For more detail on orientation in the lumbar and sacral region, 
see > 3.4.3, 3.4.4. First of all find L5. The next palpable struc- 
ture in an inferior direction is the most superior sacral spinous 
process. Palpate in an inferior direction for two further sacral 
processes and locate the 3rd sacral foramen in a depression less 
than | cun lateral to the 3rd process. BL-29 is located on the same 
level (3rd sacral foramen) and 1.5 cun lateral to the midline. 
Also located on this level is — BL-33 (over the 3rd sacral 
foramen). 


Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 

e Strengthens the lower back and the Kidneys 

e Expels Cold 

e Regulates the Lower Burner and stops diarrhoea 


chy 
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Bladder channel, 

lateral branch 
Bladder channel, 
medial branch 
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4 Acupuncture Points of the Twelve Primary Channels 


DEED) white ring shu BAI HUAN SHU 


Location 
1.5 cun lateral to the posterior midline, on the level of the 4th 
sacral foramen. 


How to find 

For more detail on orientation in the lumbar and sacral region, 
see — 3.4.3, 3.4.4. First, find L5. The next palpable structure in 
an inferior direction is the most superior sacral spinous process. 
Palpate in an inferior direction for three further sacral processes 
and locate the 4th sacral foramen in a depression less than | cun 
lateral to the 4th process. BL-30 is located on the level of the 4th 
foramen, 1.5 cun lateral to the midline. 

Located on the same level are ~ BL-34 (over the 4th sacral fora- 
men) and — BL-54 (3 cun lateral to the midline). 





Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 

e Strengthens the lower back and the knees 

e Eliminates Damp-Heat from the Lower Burner 
e Regulates menstruation 





Bladder channel, 
lateral branch 


Bladder channel, 
medial branch 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Fight Liao BALIAO [JERE mez) 


How to find 

For more detail on orientation in the lumbar and sacral region, 
— 3.4.3, 3.4.4. First, locate L5. The next palpable structure in an 
inferior direction is the most superior sacral spinous process. 
Palpate in a lateral direction on the level of the sacral processes 
for the depressions of the sacral foramina. Or: Locate the 4th 
sacral foramen on the level of the superior end of the rima ani 
(sometimes a bit more superiorly or inferiorly). Place the little 
finger on the 4th foramen, then the ring, middle and index fin- 
gers ona slightly V-shaped line in a superior direction, palpating 
for the depressions of the sacral foramina. With the fingers in 
this position, the index finger will be resting on the Ist foramen 
(BL-31), the middle finger on the 2nd foramen (BL-32), the ring 
finger on the 3rd foramen (BL-33) and the little finger on the 4th 
foramen (BL-34). Located on the same level as BL-31—BL-34 
are the points ~ BL-27-BL-30 on the inner branch of the BL 
channel (1.5 cun lateral to the midline) as well as ~ BL-53 (on 
the level of BL-32) and — BL-54 (on the level of BL-34), both 
3 cun lateral to the midline. Also on the level of BL-34 is 
— Ex-B-11 (3.5 cun lateral to the midline). 


Needling 
Vertically 0.7—1.5 cun. Caution: Pregnancy (especially reducing 
needling techniques are contraindicated); exception: to promote 





labour. 
These points are described together because of their similar Actions/Indications 
actions and indications. e Regulates the Lower Burner, promotes urination (all eight 
BL-31 (shangliao) ‘Upper Crevice’, 1st sacral foramen points) (BL-32 and BL-33 have the strongest action in cases 
BL-32 (ciliao) ‘Second Crevice’, 2nd sacral foramen of urinary disorders, while BL-34 has the strongest action in 
BL-33 (zhongliao) ‘Middle Crevice’, 3rd sacral foramen cases of genital disorders) 
BL-34 (xialiao) ‘Lower Crevice’, 4th sacral foramen ¢ Strengthens the Kidneys and Essence (jing) 

e Benefits the Intestines (BL-34 has the strongest action in 
Location cases of intestinal disorders) 
BL-31: Over the Ist sacral foramen e Promotes labour (for example, use BL-32 with electro- 
BL-32: Over the 2nd sacral foramen acupuncture) 
BL-33: Over the 3rd sacral foramen e Benefits the lumbar region (BL-32 and BL-33 have the 
BL-34: Over the 4th sacral foramen strongest action) 

Special features 





According to some authors, meeting point with the G.B. channel. 
Clinically, BL-32 is the most commonly used point owing to its 
widest range of indications. Electro-acupuncture at BL-32 is 
useful for alleviating pain during labour: after needling this 
point, bend the handle of the needle in a superior direction at a 
90° angle and tape it to the skin. Now attach the electro-stimulation. 
This method allows the woman to lie down if desired. 
Moxibustion of the baliao is indicated for difficult urination or 
defaecation due to Kidney deficiency in elderly people. 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-35 | Meeting of Yang HUIYANG 


Location 
0.5 cun lateral to the posterior midline, on the level of the tip of 
the coccyx. 


How to find 

Locate the coccyx superior to the anus. In contrast to the sacrum, 
the coccyx is movable. BL-35 is located 0.5 cun lateral to the 
midline on the level of the tip of the coccyx. 

— Du-2 is located on the midline, on the level of the sacral 
hiatus (— 3.4.4) and superior to BL-35 and the tip of the coccyx. 


Needling 
Vertically 1-1.5 cun 


Actions/Indications 

e Clears Damp-Heat from the Lower Burner 
e Treats haemorrhoids and rectal prolapse 

e Benefits the coccyx 





Special features 

Especially in patients with a weakened immune system, this 
point should be needled only if strictly necessary and after using 
a disinfecting wipe three times. 








Bladder channel, 
lateral branch 


Bladder channel, 
medial branch 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Hold and Support CHENGFU | BL-36 | 


Location 
In the gluteal crease, superior to the midpoint of the popliteal 
crease (7 BL-40). 


How to find 

Locate the midpoint of the popliteal crease (in obese patients, 
use bony/muscular structures to find the midpoint). BL-36 is 
located directly vertically above the midpoint of the popliteal 
crease, in the gluteal crease at the transition between the buttocks 
and the posterior aspect of the thigh (palpate for a depression). 


Needling 
Vertically 1-2 cun 


Actions/Indications 

e Opens the channel, alleviates pain 

e Relaxes the tendons 

e Regulates the Lower Burner and treats haemorrhoids 
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4 Acupuncture Points of the Twelve Primary Channels 


BL-37 Gate of Abundance YINMEN 


Location 
6 cun distal to > BL-36 (gluteal crease), on a line connecting 
— BL-36 and — BL-40 (in the popliteal crease), in a gap in the 
musculature. 


How to find 
First, locate —- BL-36 in the centre of the gluteal crease and, 
from there, palpate 6 cun along the posterior aspect of the thigh 
in an inferior direction towards the centre of the popliteal crease 
(— BL-40). This is the location of BL-37, which in slim patients 
can be located where the long head of the biceps femoris muscle 
and the semitendinosus muscle converge (usually 8 cun superior 
to the centre of the popliteal crease. Or: Spreading hands tech- 
nique (— 2.3.3 or elastic tape): Place the little fingers on the cen- ae 2 
tre of the popliteal crease (7 BL-40) and the centre of the 
gluteal crease (7 BL-36). Locate BL-37 1-2 cun proximal to 
the midpoint of the distance, in a depression between the two 
muscle bellies. 

Semi-___ 
Needling tendinosus _ 
Vertically 0.5—2 cun 


Actions/Indications 

e Relaxes the tendons 

e Opens the channel and Juo vessels 
e Benefits the lower back 
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LED OFF 





to Index 


Going over the two 
DIGITAL STATES for a 
‘| transistor. 
Switch 
In the first diagram the 
switch is not pressed and 
the base does not see a 
voltage to turn the 
transistor on. The 
transistor is "OFF" (not 
conducting) and it is not 
"grabbing" the LED. The 
LED is not illuminated. 
In the second diagram the 
base of the transistor sees 
O FE FE j a voltage via the switch 
and it is TURNED on. The 


Fig 77. The two Digital States LED is illuminated. 





to Index 


Fig 78. ROBOT MAN Animation 


This animation shows how a transistor grabs a LED and pulls it towards the Ov rail to turn it ON. 





to Index 


NT 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Floating Cleft FUX! BL-38 
Location 


On the laterodorsal aspect of the knee, 1 cun superior and lateral 
to the centre of the popliteal crease (7 BL-40), medial to the 
biceps femoris muscle, or | cun proximal to > BL-39. 





_ Biceps How to find 

femoris To locate the popliteal crease, ask the patient to flex their knee 
slightly and palpate for the knee joint space. By flexing the knee 
against resistance, the tendon of the biceps femoris muscle will 
become more pronounced and visible. Locate BL-38 1 cun 
superior to the knee joint on the medial border of the tendon. 

— BL-39 is located 1 cun distal to BL-38 on the level of the 
popliteal crease. 


Needling 
Vertically 1-2 cun 


Actions/Indications 

e Relaxes the muscles and tendons 

e Opens the channel and luo vessels 

e Clears Heat (from the Small Intestine) 


Popliteal 
crease 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-39 | Outside of the Crook WEIYANG 

















Location 

At the lateral end of the popliteal crease, on the medial side of 
the tendon of the long head of the biceps femoris muscle, 1 cun 
lateral to > BL-40 (in the centre of the popliteal crease). 


How to find 

This point is best located with the patient’s knee slightly flexed. 
Find the midpoint of the popliteal crease (+ BL-40) and locate 
BL-39 approximately | cun lateral in a depression medial to the 
tendon of the long head of the biceps femoris muscle. Located 
on the same level is + BL-40 at the centre of the popliteal crease. 


Needling 


Vertically 0.5—1.5 cun. Caution: N. fibularis communis. 


Actions/Indications 
e Harmonises the Triple Burner and regulates the water passages 
e Opens the channel and the /uo vessels, alleviates pain 


Special features 
Lower he-sea point of the Triple Burner 


Highest prominence 
of the greater 
trochanter 
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Popliteal crease 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Middle of the Crook WEIZHONG BL-40 


Location 
In the centre of the popliteal crease, between the tendons of the 
biceps femoris and semitendinosus muscles. 


How to find 

This point is best located with the patient’s knee slightly flexed. 
Locate the centre of the popliteal crease (a pulse may be palpa- 
ble) and there locate BL-40. 

Located on the same level are + BL-39 (1 cun laterally), 
— KID-10 (more medially, between the tendons of the semi- 
membranosus and semitendinosus muscles) and ~ LIV-8 (more 
medially, anterior to the tendons of the semimembranosus and 
semitendinosus muscles). 





Popliteal crease --- 


Needling 

Vertically 0.5—1.5 cun. Caution: Popliteal nerve, artery and vein 
lie deep to this point. Use moxibustion with caution (contraindi- 
cated according to some authors). To clear Heat and eliminate 
stasis: bleed the superficial veins, possibly followed by brief cup- 
ping. Caution: Only use for excess conditions and in constitution- 
ally robust patients. BL-40 is also indicated as a distal point for 
the lower back: needle with the patient standing (for safety and 
balance, use a treatment couch or chair as a support for the hands) 
and ask them to move their lower back gently while manipulating 
the needle (only short needle retention). When needling this point 
with the patient in a prone position, place a supporting roll or 

i pillow under the ankles to relax the popliteal crease. 








> — t aa.) tg \ \ 





Actions/Indications 

ndinosus e Clears (summer) Heat, stops vomiting and diarrhoea 

lon) e Cools the Blood 

e Benefits the lower back and knees, opens the channel and luo 
vessels, alleviates pain 


Special features 

He-sea point, Earth point, lower he-sea point of the Bladder, Ma 
Dan Yang Heavenly Star point, Gao Wu command point of the 
lumbar region. Important distal point for the lower back, point 
with a wide range of indications. 
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4 Acupuncture Points of the Twelve Primary Channels 


PERT) attached Branch FUFEN 


Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 2nd thoracic vertebra (T2). 





Base of the 
scapular spine 


i 
, 






How to find 

After locating the spinous process of C7 (— 3.4.1), count down 2 
spinous processes to the lower border of the spinous process of T2. 
Locate BL-41 3 cun lateral from the midline (with the shoulders 
relaxed and the arms hanging loosely down, 3 cun corresponds 
on this level to the distance from the midline to the medial bor- 
der of the scapula). Note: From BL-41 to > BL-54, all points on 
the BL channel are located on its outer branch. 

Located on the same level are a point of ~ Ex-B-2 (0.5 cun lat- 
eral to the midline), ~ BL-12 (1.5 cun lateral to the midline) and 
— S.L.-13 (more laterally, on the scapula). 


Needling 
Obliquely 0.3-0.5 cun. Caution: Pneumothorax. 


Actions/Indications 
e Expels pathogenic factors such as Wind and Cold 


















e Opens the channel and the /uo vessels, alleviates pain 4 | 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Door of the Corporeal Soul POHU | BL-42 


Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 3rd thoracic vertebra (T3). 






Base of the 
scapular spine 


OQ 







, 


How to find 

After locating the spinous process of C7 (— 3.4.1), count down 
3 spinous processes to the lower border of the spinous process of 
T3. Located on this level and 3 cun lateral to the midline is BL-42. 
Or: With the patient seated and their shoulders in a relaxed posi- 
tion, the spinous process of T3 is generally on the level of the 
medial end of the scapular spine, an easily palpable structure 
(— 3.4.2). Locate BL-42 on the level of the lower border of 
the spinous process of T3, 3 cun lateral to the midline. With the 
patient’s shoulders relaxed, 3 cun corresponds on this level to the 
distance from the midline to the medial border of the scapula. 
Located on the same level are + Du-12 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and — BL-13 
(1.5 cun lateral to the midline). 


Needling 


Obliquely 0.3—0.5 cun. Caution: Pneumothorax. 
Extension and 
flexion of the 





head Actions/Indications 
e Tonifies and nourishes the Lung 
e Alleviates wheezing and coughing, calms the corporeal soul 
2 fingers on (po) 
<e eee e Opens the channel and alleviates pain 
e Clears Heat from the Lung 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-43 | Vital Region Shu GAQHUANG 


Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 4th thoracic vertebra (T4). 





Base of the 
scapular spine 


Gi 
, 





How to find 

After locating the spinous process of C7 (— 3.4.1), count down 
4 spinous processes to the lower border of the spinous process of 
T4. Located on this level and 3 cun lateral to the midline is 
BL-43. Or: Locate BL-43 by using the spinous process of T3 
(generally, on the level of the easily palpable medial end of the 
scapular spine, 3.4.2) as a reference point. 

Located on the same level are a point of ~ Ex-B-2 (0.5 cun lat- 
eral to the midline) and ~ BL-14 (1.5 cun lateral to the midline). 


Needling 
Obliquely 0.3—0.5 cun. Moxibustion is often used on this point. 
Caution: Pneumothorax. 


Actions/Indications 

e Tonifies and nourishes the five zang-Organs: Lung, Heart, 
Kidneys, Stomach and Spleen 

Nourishes Yin, clears Heat 

Calms the shen 

Strengthens the Original Qi (yuan qi) 

Eliminates Phlegm 






| 
wu 
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Special features 
Important point for deficiency syndromes (classic indication) 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Spirit Hall SHENTANG BL-44 






Base of the 
scapular spine 






Extension and 
flexion of the 
head 





2 fingers on: 








Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the Sth thoracic vertebra (T5). 


How to find 

After locating the spinous process of C7 (— 3.4.1), count down 
5 spinous processes to the lower border of the spinous process 
of TS. Located on this level and 3 cun lateral to the midline is 
BL-44. Or: With the patient seated and their shoulders in a relaxed 
position, the spinous process of T3 is generally on the level of 
the medial end of the scapular spine, an easily palpable structure 
(— 3.4.2). Locate BL-44 by counting down to the level of the 
lower border of the spinous process of T5 and measure 3 cun 
lateral to the midline. 

Located on the same level are > Du-11 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and —~ BL-15 
(1.5 cun lateral to the midline). 


Needling 
Obliquely 0.3—0.8 cun. Caution: Pneumothorax. 


Actions/Indications 
e Regulates the Upper Burner, unbinds the chest 
e Opens the channel and alleviates pain 
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4 Acupuncture Points of the Twelve Primary Channels 


DERE cry of Pain vixi 











Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 6th thoracic vertebra (T6). 


How to find 

After locating the spinous process of C7 (— 3.4.1), count down 
6 spinous processes to the lower border of the spinous process 
of T6. Located on this level and 3 cun lateral to the midline is 
BL-45. Or: With the patient seated and their shoulders in a relaxed 
position, the spinous process of T7 is generally on the level of 
the inferior angle of the scapula (— 3.4.2). Locate BL-45 on the 
level of the spinous process of T6, 3 cun lateral to the midline. 
Located on the same level are > Du-10 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and ~ BL-16 
(1.5 cun lateral to the midline). 


Needling 
Obliquely 0.3-0.8 cun. Caution: Pneumothorax. 


Actions/Indications 

e Expels pathogenic factors, especially Wind and Heat 
e Descends the Lung Qi and unbinds the chest 

e Strengthens the Qi and Blood and alleviates pain 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Diaphragm’s Gate GEGUAN BL-46 


Location 
pec. 3 cun lateral to the posterior midline, on the level of the lower 
a : border of the spinous process of the 7th thoracic vertebra (T7). 


, 







oO 





How to find 

With the patient standing and their shoulders in a relaxed posi- 
tion, the spinous process of T7 is generally on the level of the 
inferior angle of the scapula (— 3.4.2). Locate BL-46 on the 
level of the spinous process of T7, 3 cun lateral to the midline. 
Or: With the patient seated, the spinous process of T3 is gener- 
ally on the level of the medial end of the scapular spine, an eas- 
ily palpable bony protrusion at the medial border of the scapula 
(— 3.4.2). From there, count down 4 spinous processes to the 
spinous process of T7. Locate BL-46 on this level, 3 cun lateral 
to the midline. Or: Find the spinous process of C7 (— 3.4.1). 
From there, count down 7 spinous processes in an inferior direc- 
tion to the spinous process of T7. Locate BL-46 on this level, 
3 cun lateral to the midline. 

Located on the same level are + Du-9 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and — BL-17 


(1.5 cun lateral to the midline). 
Extension and 
flexion of the 


head Needling 


Obliquely 0.3—0.8 cun. Caution: Pneumothorax. 


Actions/Indications 

e Regulates the diaphragm and descends counterflow Qi 
e Harmonises the Middle Burner 

e Opens the channel and alleviates pain 


2 fingers on’ 
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4 Acupuncture Points of the Twelve Primary Channels 
BL-47 Gate of the Ethereal Soul HUNMEN 


Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 9th thoracic vertebra (T9). 





Base of the 
scapular spine 


Gi 
, 







How to find 

In a sitting position with the arms hanging down, the spinous 
process of T7 is generally on the level of the inferior angle of the 
scapula (— 3.4.2). From there, count down 2 processes to the 
lower border of the spinous process of T9. BL-47 is located 3 cun 
lateral to this point. Or: Locate the spinous process of C7 (— 3.4.1). 
From there, count down 9 processes to the lower border of the 
spinous process of T9 and locate BL-47 3 cun lateral to it. 
Located on the same level are + Du-8 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and —~ BL-18 
(1.5 cun lateral to the midline). 


Needling 
Obliquely 0.3-0.5 cun. Caution: Pneumothorax. 


Actions/Indications 

e Spreads the Liver Qi 

e Harmonises the Spleen and the Stomach 
e Relaxes the tendons 





Extension and 
flexion of the 
head 
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Fig 79. TIME DELAY Animation 

The animation in Fig 78 shows the two transistors turning the LEDs ON and OFF in a FLIP 
FLOP circuit. 

We know the 10k and 100u components form a TIME DELAY to create the time for each LED to 
be illuminated. The timing for one LED plus the other LED creates a CYCLE and this is the 
FREQUENCY OF OPERATION for the circuit. It is measured in cycles per second - Hertz - Hz. 
We will now go into more detail of how the TIMING COMPONENTS create the TIME DELAY for 
each LED. 

The circuit is more-complex than you think. 

The 100u is already charged from a previous cycle and we show how it gets discharged via the 
10k and charged in the opposite direction by the 10k to create a TIME DELAY. 





to Index 


THE CAPACITOR 


The capacitor can perform many different functions and 
input produce many different effects, depending on its value 
| and the surrounding components. 

In this circuit the capacitors on the input and output 
volume output prevent DC on the volume control creating "scratchy 
conical +—_| /#— sounds" when the volume is altered. 

This is called "DC blocking." 

The AC (the signal) passes through the capacitors but 

the DC voltage on the input is blocked. 








to Index 





CHARGING A CAPACITOR Part II 


It is easy to see how a capacitor charges via a resistor in the TIMING CIRCUIT (Delay Circuit) 
above but many capacitors are not connected to the Ov rail. 

They are connected as show in the animation below and their "job" is to pass a waveform. 

When they pass the waveform they CHARGE and DISCHARGE. 

The waveform is called an AC SIGNAL and the output is smaller than the input. 

The circuit is taken from the circuit above, but the same effect applies to all capacitors that "pass 
a signal." 

Here's why: 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 54/74 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Yang's Key Link YANGGANG BL-48 


Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 10th thoracic vertebra (T10). 


How to find 

In a sitting position with the arms hanging down, the spinous 
process of T7 is generally on the level of the inferior angle of the 
scapula (— 3.4.2). From there, count down 3 processes to the 
lower border of the spinous process of T10. BL-48 is located 
3 cun lateral to this point. Or: Locate the spinous process of C7 
(— 3.4.1). From there, count down 10 processes to the lower 
border of the spinous process of T10 and locate BL-48 3 cun 
lateral to it. 

Located on the same level are  Du-7 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and —~ BL-19 
(1.5 cun lateral to the midline). 


Needling 
Obliquely 0.3—0.8 cun. Caution: Pneumothorax. 


Actions/Indications 

e Regulates the Gall Bladder 

e Clears Damp-Heat 

e Harmonises the Middle Burner 
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4 Acupuncture Points of the Twelve Primary Channels 


BL-49 Abode of Thought YISHE 


Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 1 1th thoracic vertebra (T11). 






Base of the 
scapular spine 





How to find 

In a sitting position with the arms hanging down, the spinous 
process of T7 is generally on the level of the inferior angle of the 
scapula (— 3.4.2). From there, count down 4 spinous processes 
to the lower border of the spinous process of T11 and locate 
BL-49 3 cun lateral to this point. Or: From the articulation of 
the most inferior rib, palpate in a superior direction to T11. 
Or: Use the lumbar spine for reference (— 3.4.3). 

Located on the same level are + Du-6 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and > BL-20 (1.5 
cun lateral to the midline). 


Needling 
Obliquely 0.3-0.8 cun. Caution: Pneumothorax. 


Actions/Indications 
e Clears Damp-Heat 
e Harmonises the Spleen and the Stomach 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Stomach Granary WEICANG | BL-50 | 


Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 12th thoracic vertebra (T12). 






Base of the 
scapular spine 






How to find 

In a sitting position with the arms hanging down, the spinous 
process of T7 is generally on the level of the inferior angle of the 
scapula (— 3.4.2). From there, count down 5 spinous processes 
to the lower border of the spinous process of the T12 and locate 
BL-50 3 cun lateral to this point. Or: Locate the articulation of 
the most inferior rib with T12 and palpate 3 cun in a lateral direc- 
tion for BL-50. Or: Orientation from the lumbar spine (— 3.4.3). 
Located on the same level are a point of + Ex-B-2 (0.5 cun lateral 
to the midline) and — BL-21 (1.5 cun lateral to the midline). 


Needling 
Obliquely 0.3—0.8 cun. Caution: Pneumothorax, especially with 
asthenic patients or patients with emphysema. 


Actions/Indications 
e Harmonises the Middle Burner 


Extension and 
flexion of the e Opens the channel 


head 


2 fingers on: 









































Ch04.7b-F10028.qxd 





2/22/08 5:00 PM Page 298 an 





4 Acupuncture Points of the Twelve Primary Channels 


SE vitals Gate HUANGMEN 











Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 1st lumbar vertebra (L1). 


How to find 

For orientation in the lumbar region (— 3.4.3), first, the Tuffier’s 
line: place both hands superior or lateral to the highest points of 
the iliac crest, joining the thumbs in the middle above the spine. 
In most cases, this line intersects with the spinous process of L4 
(note: this varies depending on the patient’s position — 3.4.). 
From there, count upward to the lower border of the spinous 
process of L1 and, on this level, locate BL-51 3 cun in a lateral 
direction. Or: With the patient seated and their arms hanging 
down in a relaxed way, the spinous process of T7 is generally on 
the level of the inferior angle of the scapula (— 3.4.2). From 
there, count down six spinous processes and locate BL-51 3 cun 
lateral to the spinous process of L1. 

Located on the same level are + Du-5 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline), + BL-22 (1.5 cun 
lateral to the midline) and —~ Ex-B-4 (— 3.5 cun lateral to the 
midline). 


Needling 
Vertically or obliquely 0.5—1 cun. Caution: Kidneys. 


Actions/Indications 
e Moves the Qi and resolves stagnation 
e Benefits the breasts 


Special features 
Distal point for disorders of the breasts 
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(dependent 
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iliac crests 











4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Residence of the Will ZHISHI | BL-52 | 


Location 
3 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 2nd lumbar vertebra (L2). 


How to find 

For orientation in the lumbar region (— 3.4.3), first, locate the 
Tuffier’s line: place both hands superior or lateral to the highest 
points of the iliac crest, joining the thumbs in the middle above 
the spine. In most cases, this line intersects with the spinous 
process of L4 (note: this varies depending on the patient’s posi- 
tion > 3.4.). From there, count upward to the lower border of the 
spinous process of L2 and, on this level, locate BL-52 3 cun ina 
lateral direction. 

Located on the same level are  Du-4 (on the midline), a point 
of — Ex-B-2 (0.5 cun lateral to the midline) and — BL-23 
(1.5 cun lateral to the midline). 


Needling 
Vertically or obliquely 0.5—1 cun. Caution: Kidneys. 


Actions/Indications 
e Tonifies the Kidneys and Essence (jing), regulates urination 
e Benefits the lumbar region 
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4 Acupuncture Points of the Twelve Primary Channels 


DRE) Bladder vitals BAOHUANG 

















Location 
3 cun lateral to the posterior midline, on the level of the 2nd 
sacral foramen. 


How to find 

For details on orientation in the lumbar and sacral region, 
— 3.4.3, 3.4.4. First, locate L5. The next palpable bony structure 
inferior to L5 is the highest process of the medial sacral crest. 
Palpate inferiorly for the 2nd process and locate the 2nd sacral 
foramen slightly less than 1 cun lateral to the process. Next, 
locate BL-53 3 cun lateral to the midline on the level of the 2nd 
foramen. Or: Use the sacral foramina as a reference point 
(— 3.4.4). BL-53 is located on the level of the 2nd foramen, 
3 cun lateral to the midline. 

Located on the same level are ~ BL-32 (over the 2nd sacral 
foramen) and ~ BL-28 (1.5 cun lateral to the midline). 


Needling 
Vertically or obliquely 1—1.5 cun 


Actions/Indications 

e Benefits the lumbar region, opens the channel and alleviates 
pain 

e Regulates the Lower Burner 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Order's Limit ZHIBIAN FETE) 
Location 


3 cun lateral to the posterior midline, on the level of the 4th 
sacral foramen, approximately at the centre of the buttock. 


How to find 

For details on orientation in the lumbar and sacral region, see 
— 3.4.3, 3.4.4. First, locate L5. Inferior to it, the next palpable 
bony structure is the highest point on the medial sacral crest 
(= sacral spinous processes). Palpate downward for 3 more 
bony elevations and locate the depression of the 4th sacral foramen 
less than | cun lateral to it. This is on the level of BL-54, located 
3 cun lateral to the midline. For further reference: The 4th sacral 
foramen is mostly level with the superior end of the rima ani. 
Located on the same level are ~ BL-34 (over the 4th sacral fora- 
men) and — BL-30 (1.5 cun lateral to the midline). 


Needling 
Vertically 1.5—2 cun or 2-3 cun in the direction of the anus or the 
genital region, depending on the indication. 


Actions/Indications 

e Opens the channel and luo vessels, eliminates stagnation 
e Regulates urination 

e Eliminates haemorrhoids 





Special features 
Important local point 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-55 | Confluence of Yang HEYANG 











Location 
2 cun inferior to the midpoint of the popliteal crease, in a depres- 
sion between the two bellies of the gastrocnemius muscle. 


How to find 

Locate the popliteal crease by flexing the knee. In slim patients, 
palpate for the joint space. From the centre of the popliteal 
crease, palpate 2 cun in an inferior direction and locate BL-55 
in a depression between the two bellies of the gastrocnemius 
muscle. 


Needling 
Vertically or obliquely 1-1.5 cun 


Actions/Indications 
e Opens the channel, alleviates pain (also in the urogenital region) 
e Stops uterine bleeding 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


5 cun 


8 cun 


y 
Highest 
prominence 
of the lateral 
malleolus 


Support the Sinews CHENGJIN | BL-56 | 


Location 
5 cun inferior to the midpoint of the popliteal crease, between 
the two bellies of the gastrocnemius muscle. 


How to find 

Locate the popliteal crease by flexing the knee. In slim patients, 
palpate for the joint space. BL-56 is located 5 cun distal to the 
popliteal crease, in a depression between the two bellies of the 
gastrocnemius muscle. 


Needling 
Vertically or obliquely 1-1.5 cun 


Actions/Indications 

e Relaxes the muscles and tendons 
e Opens the channel 

e Eliminates haemorrhoids 


chy 
Nv 
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4 Acupuncture Points of the Twelve Primary Channels 


BL-57 Supporting Mountain CHENGSHAN 


Location 

In the middle of the calf, between the two heads of the gastro- 
cnemius muscle, on a line connecting > BL-40 and — BL-60, 
approximately 8 cun distal to ~ BL-40. 


How to find 

Slide along the dorsal aspect of the Achilles tendon in a superior 

direction until you can feel the depression between the two bel- 

lies of the gastrocnemius muscle. This will become more defined ieee 
when the patient’s muscles are flexed. Or: Spreading hands anranfus "= 
technique (— 2.3.3): Place the little fingers on + BL-40 (centre 

of the popliteal crease) and ~ BL-60 (depression between the 

Achilles tendon and the highest prominence of the lateral mal- = j= = =  \¥@ XY BL-57 @--xK----- 
leolus). The midpoint of this distance, where the thumbs meet, 
marks the location of BL-57. 

Located on the same level on the anterolateral aspect of the 
lower leg are  ST-38 (1 finger-width lateral to the tibia) and 
— ST-40 (2 fingerbreadths lateral to the tibia). 






8 cun 





Needling 
Vertically or obliquely 1—1.5 cun 


Standing on 


Actions/Indications : 
iptoes 


e Relaxes the muscles and tendons, opens the channel 
e Eliminates haemorrhoids (pathway of the Bladder divergent 
channel) 


Z Special features 
Ma Dan Yang Heavenly Star point. Important local point with 
distal effect on the lumbar and anal region. 


Popliteal 
1 crease 
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Ov rail 


Basic Electronics 1A 


The capacitor charges slightly during the rise of the signal and the right-plate of the capacitor 
does not rise as high as the left-plate. That's why the output signal is not as large as the input 
signal. 
If the capacitor did not charge, the output would be as large as the input. If you use a capacitor 
with a large value, it will not charge and thus the output will be as large as the input. 

That's why you use a large capacitor !!!! 





to Index 


CHARGING A CAPACITOR Part III 


Here is another CAPACITOR in action. 


BC 338 
2N2222A 





The animation shows a capacitor charging (via a 
resistor). The initial current is LARGE and this turns the 
transistor FULLY ON and the globe illuminates. As the 
capacitor charges, the base current reduces and the 
transistor starts to turn OFF. Eventually the capacitor is 
fully charged and the voltage on the base falls to Ov, 
turning the transistor OFF. 


This animation shows three features: 

1. The initial charging current is HIGH. 

2. It gradually falls to zero. 

3.The voltage on the base drops below 0.6v and the 
transistor turns OFF. 





to Index 


NEGATIVE VOLTAGE 


You will be surprised to learn that many circuits produce a negative voltage or negative spike at 
some point (when doing circuit-analysis, each location or point or join of components is called a 
NODE) on the circuit. In other words the voltage will be LESS than the Ov rail of the circuit. 
This is due to the presence of a capacitor and the animation shows how a capacitor can 
produce a negative voltage: 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 











55/74 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Soaring Upward FEIYANG BL-58 


Location 

1 cun distal and 1 cun lateral to ~ BL-57 or 7 cun proximal to 
— BL-60, at the posterior border of the fibula and at the lower 
border of the gastrocnemius muscle. 


How to find 

First, locate ~ BL-57 (in the centre of the calf, between the two 
bellies of the gastrocnemius muscle). From — BL-57, palpate 
1 cun in a distal direction and 1 cun in a lateral direction. There, 
locate BL-58 on the lower border of the gastrocnemius muscle. 

Located on the same level (7 cun superior to the highest promi- 
nence of the lateral malleolus) are ~ G.B.-35 (at the posterior 
border of the fibula), — G.B.-36 (at the anterior border of the 
fibula) and — ST-39 (1 cun distal to the midpoint of the line con- 
necting + ST-35 and > ST-41 and | fingerbreadth lateral to the 
anterior crest of the tibia). 


Needling 
Vertically or obliquely 1-1.5 cun 





Highest ‘ . . 
prominence Actions/Indications 


__ of the medial e Opens the channel and /uo vessels, alleviates pain 
~ malleolus 


e Expels pathogenic factors from the taiyang channels (S.I., BL) 
e Harmonises above and below 
e Treats haemorrhoids 






Special features 
Luo-connecting point 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-59 | Instep Yang FUYANG 


Location 

On the lateral aspect of the lower leg, 3 cun superior to > BL-60 
(in the depression between the highest prominence of the lateral 
malleolus and the Achilles tendon). 


How to find 

First, locate + BL-60 in the depression between the highest 
prominence of the lateral malleolus and the Achilles tendon. Highest prominence 
With oedema of the lower leg, this point is not visible but palpa- Offaie lateral mallee 
ble. From — BL-60, measure 3 cun (1 handbreadth) in a superior 
direction. There, locate BL-59 in a depression between the 
Achilles tendon and the tendons of the peroneous longus and 
brevis muscles. 

Located on the same level is > G.B.-39, 3 cun directly above the 
prominence of the lateral malleolus. 









Needling 
Vertically or obliquely 1-1.5 cun 


Actions/Indications 

e Opens the channel and /uo vessels 

e Benefits the lower back 

e Benefits the head, activates the yang giao mai 


Special features 
Xi-cleft point of the yang giao mai, meeting point with the yang 
giao mai according to some authors. 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Kunlun Mountains KUNLUN BL-60 


Location 
In the depression on the line connecting the Achilles tendon and 
the highest prominence of the lateral malleolus. 


How to find 

Locate the highest prominence of the lateral malleolus (— 3.6.2). 
From there, palpate horizontally towards the Achilles tendon 
and locate BL-60 in a depression anterior to the tendon. 






Achilles tendon, 


Highest prominence 

of the lateral malleolus _ Needling 

Vertically 0.5—-1 cun. Caution: Reducing needle techniques 
contraindicated during pregnancy. Exception: A supportive point 
during labour. If the patient has cold feet, the therapeutic effect 
can be increased by using a heatlamp or a hot cherry-pit bag 


under the soles of the feet. 


Actions/Indications 

e Clears Heat, subdues Yang and Wind and eliminates excess, 
especially in the head 

e Opens the channel, alleviates pain, relaxes the tendons, 
strengthens the lumbar region 

e Promotes labour 











Special features 

Jing-river point, Fire point, Ma Dan Yang Heavenly Star point. 
Important distal point for the cervical, thoracic and lumbar 
spine, especially for chronic cases. 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-61 | Servant’s Respect PUCAN 











Location 

On the lateral aspect of the heel, 1.5 cun inferior to ~ BL-60 
(in the depression between the highest prominence of the lateral 
malleolus and the Achilles tendon), in a depression on the 
calcaneus. 


How to find 

First, locate + BL-60 in the depression between the highest 
prominence of the lateral malleolus and the Achilles tendon. 
With oedema of the lower leg, the depression is not visible but 
palpable. From — BL-60, measure 1.5 cun in a distal direction. 
There, locate BL-61 in a depression on the calcaneus, approxi- 
mately on the midpoint of a line connecting the sole of the foot 
and > BL-60. 


Needling 
Vertically or obliquely 0.3—-0.5 cun 


Actions/Indications 
e Relaxes the tendons 
e Opens the channel, alleviates pain 


Special features 
Meeting point with the yang giao mai 





Highest prominence 
of the lateral malleol 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Extending Vessel SHENMAI [ETERS 


Location 

In a depression directly inferior to the highest prominence of the 
lateral malleolus, above the joint space between the talus and 
calcaneus. 


How to find 

First, locate the highest prominence of the lateral malleolus 
(— 3.6.2). BL-62 is located directly below it, in a depression 
inferior to the lower border of the malleolus and superior to the 
tendons of the peroneus muscle, in the joint space between the 
talus and calcaneus. 


Needling 

Vertically or obliquely 0.3—0.5 cun. The needle may reach the 
calcaneofibular ligaments superior to the tendons of the per- 
oneus longus and brevis muscles, possibly also the joint space. 





Actions/Indications 
e Subdues (internal) Wind, clears Heat from the head, calms 
the shen, benefits the head and eyes 
e Expels external Wind 
j Fi ceceneacises e Opens and regulates the yang aaa mai 
j / ae e Opens the channel, alleviates pain 
/ bones e Moves the Qi in the Bladder sinew channel 


/ Navicular 







/ : : 
7 Intermediate cuneiform 
/ 


pean Special features 
: Opening (master) point of the yang giao mai, Sun Si Miao Ghost 
point. 





Calcaneus 


| 
BL-63 i BL-64 


Tuberosity of the 
5th metatarsal bone 
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4 Acupuncture Points of the Twelve Primary Channels 


DEREW)  colden Gate jiNMEN 











Location 

On the lateral aspect of the foot, proximal to the tuberosity of 
the 5th metatarsal bone, in a depression anterior and inferior to 
— BL-62 between the calcaneus and the cuboid bone. Note: 
Some authors locate BL-63 between the cuboid bone and the 
tuberosity of the 5th metatarsal bone (see figure on p. 311); the 
more tender point should be selected. 


How to find 

When palpating along the lateral aspect of the foot on the level 
of the border of the ‘red and white’ skin, a bony structure can be 
felt approximately at the midpoint of the foot. This is the 
tuberosity of the Sth metatarsal point (— 3.6.2). Slightly proximal 
to it (towards the heel), you can palpate a depression between 
the calcaneus and the cuboid bone. There, locate BL-63. 

— BL-64 is located distal (towards the toes) to the tuberosity of 
the Sth metatarsal bone. 


Needling 
Vertically 0.3-0.5 cun 


Actions/Indications 

e Opens the channel, alleviates pain and eliminates stagnation 
(xi-cleft point) 

e Subdues internal Wind and calms the shen 


Special features 
Xi-cleft point, meeting point with the yang wei mai. 








Tuberosity of the 5th metatarsal - 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 
Capital Bone JiINGGU BL-64 
Location 


On the lateral aspect of the foot, distal to the tuberosity of the 5th 
metatarsal bone. 


How to find 

When palpating along the lateral aspect of the foot on the level 
of the border of the ‘red and white’ skin, a bony structure can be 
felt approximately at the midpoint of the foot. This is the 
tuberosity of the 5th metatarsal bone (— 3.6.2). BL-64 is located 
directly distal to it (towards the toes), at the junction between the 
base and the shaft of the 5th metatarsal bone. 

— BL-63 is located proximal to the tuberosity of the 5th metatarsal 
bone, in a depression between the calcaneus and cuboid bone 
(or between the tuberosity and the cuboid bone). — SP-4 is 
located in a comparable position on the medial aspect of the 
foot, in a depression distal to the base of the Ist metatarsal bone. 






Tuberosity of the 5th metatarsal 


\ 


Needling 
Vertically 0.3-0.5 cun 


Actions/Indications 

e Clears Wind and Heat from the head and eyes 
e Calms the shen 

e Opens the channel 


Special features 
Yuan-source point 
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4 Acupuncture Points of the Twelve Primary Channels 


| BL-65 | Restraining Bone SHUGU 











Location 
On the lateral aspect of the foot, in the depression proximal to 
the head of the 5th metatarsal bone. 


How to find 

When palpating along the bony structures on the lateral aspect of 
the foot, a prominent bony landmark can be felt approximately at 
the midpoint of the foot. This is the tuberosity of the 5th metatarsal 
bone. Distal to it (towards the toes), you can feel a further bony 
structure, the head of the 5th metatarsal bone. Directly proximal to 
it, at the border of the ‘red and white’ skin (border dorsum/sole of 
the foot), BL-65 can be palpated in a depression. + BL-66 is 
located in a depression distal to the head of the 5th metatarsal bone 
(distal to the metatarsophalangeal joint), at the junction of the base 
and the shaft of the proximal phalanx of the little toe. 

— SP-3 is located in a comparable position on the medial aspect 
of the foot (proximal to the head of the Ist metatarsal bone). 
— S.I.-3 and > L.I.-3 are located in comparable positions at the 
ulnar/lateral border of the hand. 


Needling 
Vertically 0.3-0.5 cun. Caution: Painful point. 


Actions/Indications 

e Expels pathogenic factors (especially from the head) 
e Clears Heat 

e Opens the channel and luo vessels, alleviates pain 

e Calms the shen 


Special features 
Shu-stream point, Wood point, sedation point. 
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4.7 The Bladder Channel System - Foot taiyang (zu tai yang jing luo) 


Foot Connecting Valley ZUTONGGU BL-66 


Location 
At the lateral border of the foot, in the depression distal to the 
metatarsophalangeal joint of the little toe. 


How to find 

When palpating along the border of the ‘red and white’ skin on 
the lateral aspect of the foot, at approximately the midpoint of 
the length of the foot, a clearly defined bony structure can be 
felt. This is the tuberosity of the 5th metatarsal bone. Distal to it 
(towards the toes), you can feel a further prominent bony struc- 
ture, the head of the 5th metatarsal bone (or the 5th metatarso- 
phalangeal joint). BL-66 is located directly distal to it, in a 
depression at the junction of the base and the shaft of the proxi- 
mal phalanx of the little toe. 

— BL-65 is located proximal to the head of the 5th metatarsal 
bone. — SP-2 is located in a comparable position on the medial 
aspect of the foot. Located in comparable positions on the hand 
are — §.I.-2 (on the ulnar aspect) and — L.L-2 (on the radial 
aspect). 


Needling 
Vertically 0.3-0.5 cun. Caution: Painful point. 


Actions/Indications 

e Clears the head 

e Descends the Lung and Stomach Qi 
e Calms the shen 


Special features 
Ying-spring point, Water point, ben point (Five Phases point). 
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4 Acupuncture Points of the Twelve Primary Channels 


BL-67 Reaching Yin ZHIYIN 


Location 
On the dorsal aspect of the little toe, 0.1 cun from the lateral cor- 
ner of the nail. 





How to find 

This point is located at the junction of two tangents that border 
the nail of the little toe laterally and proximally, approximately 
0.1 cun from the actual corner of the nail. 






Correct 





Wrong 








Needling 
Vertically 0.1 cun or obliquely 0.2 cun in the direction of the 
foot. Prick to bleed. Caution: Painful point. 


Actions/Indications 

e Scientifically established: conversion of breech presentations 
prior to birth: moxibustion and electro-acupuncture at this 
point seem to be most effective (approximately 70-80%) 

e Facilitates labour 

e Expels pathogenic factors from the opposite end of the 

channel 

Regulates Yin and Yang of the Water element 


Special features 

Jing-Well point, Metal point, tonification point, exit point. An 
isolated case has been reported regarding a pregnant woman 
who was treated with moxibustion at BL-67. This resulted in a 
fetomaternal transfusion of 300 ml of blood, endangering the 
fetus. For this reason, treatments should be controlled by 
cardiotocography. 
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When a charged capacitor is "lowered from one position in a circuit" the positive lead may be 
lowered by say 3v. This means the other lead will be lowered by 3v. We are assuming the 
capacitor can be lowered and is not directly connected to the Ov rail. 


You can see the electrolytic produces a NEGATIVE VOLTAGE on the base in the following 
animation, when the two transistors change states: 


L470R | 
10k 
10k 

L470R | 


+ 
aay 1 Sv 
100u — 

Output 
aa) SS > 2 
<> 








to Index 





The Electret Microphone 


The most common type of microphone is the 
ELECTRET MICROPHONE. 

It is incorrectly termed the "Capacitor Microphone" or 
Condenser Microphone." "Capacitor Microphone" 
descriptions make no mention of a FET as the 
amplifying device and a polarized diaphragm to detect 
the audio, so they are something different. 

The electret microphone consists of a FET (transistor) 








http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 56/74 
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4.8 The Kidney Channel 
System — Foot shaoyin 
(zu shao yin jing luo) 


4.8.1 The Kidney Primary Channel 
(zu shao yin jing) 






a 


atti 





; * According to Deadman a 
et al 1998. oe 


<—~KID-1 


Pathway 

The Kidney primary channel begins beneath the little toe, which 
is reached by a branch separating from the Bladder primary 
channel at its endpoint at + BL-67 (zhiyin) (foot Yin—Yang con- 
nection of the second great circuit). 

The Kidney primary channel diagonally crosses the sole of the 
foot to KID-1 (yongquan) and to KID-2 (rangu) below the 


—e— 


4.8 The Kidney Channel System - Foot shaoyin (zu shao yin jing luo) 






Highest prominence 
of the medial malleolus 
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navicular tuberosity, continues to the posterior aspect of the 

medial malleolus and descends to enter the heel. From here it 

ascends the medial aspect of the lower leg, intersecting with 

— SP-6 (yinlingquan) and continuing to ascend the postero- 

medial aspect of the thigh towards the perineum. 

In the perineal region the primary channel divides into two 

branches: 

= the deep, internal branch travels to + Du-1 (changqiang) and 
ascends alongside the spine to connect with its pertaining zang- 
Organ, the Kidneys (shen), and its paired fu-Organ, the Bladder 
(pangguang). Here it divides into smaller branches which con- 
nect with > Ren-4 (guanyuan) and > Ren-3 (zhongji), and, 
according to some authors, also with > Ren-7 (yinjiao). From 
the Kidney (shen) a branch ascends to the Liver (gan), runs to 
and spreads in the Lung (fei), continues to the trachea and termi- 
nates at the root of the tongue. From the Lung (fei), an inner 
branch travels to the Heart (xin), where it meets the Peri- 
cardium primary channel (deep Yin—Yin connection). It then 
disperses in the chest and reaches > Ren-17 (shanzhong). 

= the external branch separates in the perineal region and runs 
to the lower abdomen at KID-11 (henggu). From the pubic 


—p— 
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bone it ascends initially 0.5 cun lateral to the anterior midline, 
from the 5th intercostal space (KID-22) 2 cun lateral to the 
midline to the infraclavicular fossa. 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: Pain in the lumbar 
region, counterflow Cold or weakness of the legs, dry mouth, 
sore throat, pain in the lateral gluteal region and on the posterior 
thigh, pain on the soles of the feet. 

Interior (Ui) or zangfu-Organ signs and symptoms: Pain, facial 
oedema, dark rings under the eyes, shortness of breath, somno- 
lence, restlessness, diarrhoea, thin or dry stools, abdominal disten- 
sion, nausea and vomiting, impotence. 


—e— 


Connections of the Kidney primary channel 


Connections with other channels 


Bladder primary channel (zu tai yang jing) 

Connection: Foot Yin—Yang connection of the second great circuit 
Location: BL-67 — KID-1 (on the foot) 

Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Heart primary channel (shou shao yin jing) 

Connection: Paired according to the Six-Channel theory 
(hand-foot pairing): shao yin (Yin axes of the second great circuit) 
Location: KID — HE (on the thorax). A branch of the internal 
pathway of the Kidney primary channel travels from the Kidney 
to the Liver, penetrates the diaphragm and spreads in the Lung 
(fei). From the Lung a branch runs to the Heart (xin), there con- 
necting with the Heart primary channel. 

Circulation: Non-circadian (not according to the Organ clock) 
Importance: Above—below relationship 


Pericardium primary channel (shou jue yin jing) 
Connection: Deep Yin—Yin connection 

Location: KID — P. A branch of the internal pathway of the 
Kidney primary channel travels from the Kidney to the Liver, 
penetrates the diaphragm and spreads in the Lung (fei). From 
the Lung an internal branch courses to the Heart (xin), where it 
joins the Pericardium primary channel (deep Yin—Yin connec- 
tion) and also reaches > Ren-17 (shanzhong). 

Circulation: Circadian (according to the Organ clock) 
Importance: The Pericardium primary channel receives Nutri- 
tive Qi (ying gi) from the Kidney primary channel (first circula- 
tion of the ying gi > 1.1.4). 


Connections with other zangfu-Organ systems 
Kidney (shen), Bladder (pangguang), Liver (gan), Lung (fei), 
Pericardium (xin bao), Heart (xin) 
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4.8.2 The Kidney Divergent Channel 
(zu shao yin jing bie) 





—e— 


Pathway 

The Kidney divergent channel separates from the Kidney primary 

channel in the popliteal fossa at ~ KID-10 (yinggu). It 

= meets > BL-40 (weizhong) in the popliteal fossa 

= ascends to + BL-36 (chengfu) in the centre of the gluteal crease 

™ penetrates the anus and reaches the Kidney (shen) and the 
Bladder (pangguang) 

™ ascends to > BL-23 (shenshu) at the level of the lower bor- 
der of the spinous process of L2, where it also meets the dai 
mai, following it round the waist to the abdomen 

™ ascends lateral to the midline to the infraclavicular fossa 

™ reaches the neck at > Ren-23 (liangquan) 

= emerges at the nape of the neck at > BL-10 (tianzhu) and con- 
verges with the Bladder primary channel and the Bladder diver- 
gent channel to form one of the 6 he-confluences (here: BL/KID 
as first confluence — 1.3). 


Clinical importance 

e Strengthens the relationship between the Kidneys and the 
Bladder (zangfu-Organ systems). Points on the Kidney pri- 
mary channel can therefore be used for disorders of the Blad- 
der, and vice versa points on the Bladder primary channel can 
treat disorders of the Kidneys. 

e Through the connection with the dai mai, KID points can be 
used for disorders of the dai mai. 

e Kidney Qi and Essence (jing) are sent to the Brain through the 
Kidney divergent channel via the spinal canal, thus strength- 
ening the connection between the Kidneys, the Marrow and 
the Brain. 

e Supports the connection to the tongue. 
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4.8.3 The Kidney Sinew Channel Pathway 
( zu shao yin jin g jin) The Hauney sinew channel originates beneath the little toe 

e diagonally crosses the sole of the foot, meets the Spleen sinew 
channel and continues to the medial malleolus where it binds 
(jie). From here a minor branch travels to the medial portion of 
the calcaneus. The main branch ascends the posteromedial 
aspect of the leg, binds (jie) at the medial condyle of the femur, 
crosses the Bladder sinew channel, ascends the posteromedial 
aspect of the thigh to the genital region to > Ren-3 (zhongji) 
and — Ren-2 (— 1.3), where it meets the other Yin sinew chan- 
nels. It then penetrates the abdomen, runs along the spine to the 
nape of the neck and there meets the Bladder sinew channel. 

From the genital region an internal branch traverses the gluteal 

region and follows the deep musculature along the spine to the 

occiput, where it meets the Bladder sinew channel. 


Clinical importance 

Pathology: Spasms on the sole of the foot, pain or spasms along 
ee ened on the posteromedial aspect of the lower extremity, the back and the 
~4 sinew channels occiput. Chronic bi-syndromes. Epileptic seizures, limited range 
: of motion with spinal flexion and extension. Degenerative disor- 
ders of the bones and joints, spondylosis, osteoarthritis. 
Indication: Mainly for chronic pain, spasms and Cold sensa- 


tions of the lower back and spine, accompanied by limited range 





of motion. 
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4.8 The Kidney Channel System - Foot shaoyin (zu shao yin jing luo) 


4.8.4 The Kid ney luo-Connecti ng = A longitudinal division follows the Kidney primary channel to 
Vessel System (zu shao yin 
luo mai) 


— Ren-17 (shanzhong), penetrates the thorax and reaches the 
spine in the lumbar region. 


Clinical importance (— 8.1.2) 


Pathology 

Excess (shi): Retention of urine 

Deficiency (xu): Pain in the lumbar region 

Counterflow Qi: Restlessness, anxiety, fear, depression, fullness 
in the chest and epigastrium. 


4.8.5 Cutaneous Region (shao yin 
pi bu) 


See description and figures > 1.6. 


4.8.6 Points of the Kidney Primary 
Channel (Overview) 


Specific points according to their functions 


e Yuan-source point (— 8.1.1): KID-3 (taixi) Sm 
e Luo-connecting point (— 8.1.2.): KID-4 (dazhong) 
e Xi-cleft point (— 8.1.3): KID-5 (shuiquan) 
e Associated Back-shu point (— 8.1.4): BL-23 (shenshu) S& 
e Associated Front-mu point (— 8.1.5): G.B.-25 (jingmen) Sl 
e Five shu-transporting point (— 8.1.6): 
jing-well point (Wood), sedation point: KID-1 (yongquan) 
ying-spring point (Fire): KID-2 (rangu) 
shu-stream point (Earth): KID-3 (taixi) Bm 
jing-river point (Metal), tonification point: KID-7 (fuliu) Sm 
he-sea point (Water), ben point (Five Phases): KID-10 
(yingu) Sl 
e Hui-meeting point (> 8.1.7): -— 
e Opening point (> 8.1.8) of the yin giao mai: KID-6 
(zhaohai) S88 
e Lower he-sea points (— 8.1.9): — 
e Jiaohui-meeting points (> 8.1.10): 
— with the yin giao mai: KID-2 (rangu)*, (KID-6 (zhaohai)*, 
KID-8 (jiaoxin)*) 
— with the yin wei mai: KID-9 (zhubin) 
— with the chong mai: KID-11-KID-21 
— of other channels with the Kidney channel: SP-6, Du-1, 
Ren-4, Ren-3, Ren-7*, Ren-17 
e Gao Wu command point (— 8.1.11): - 
e Window of Heaven point (— 8.1.12): - 
Points of the Four Seas (— 8.1.13): - 





Pathway 

The Kidney J/uo-connecting channel separates from the 

Kidney primary channel at KID-4 (dazhong). It forms a three- 

dimensional reticular network, dividing into multiple branches 

and sub-branches (sun luo, fu luo, xue luo > 1.5) within the sur- 

rounding tissue. 

= Horizontal divisions run to the Interiorly—Exteriorly paired 
Bladder primary channel; according to some schools of 
thought (for example Ngyen Van Nghi — Appendix) they 
travel as a transverse KID /uo-connecting vessel to the yuan- 
source point BL-64 (jinggu). * Mentioned by only some authors 
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Ma Dan Yang Heavenly Star point (— 8.1.14): - 
Sun Si Miao Ghost point (— 8.1.15): - 

Other functional points: 

— xi-cleft point of the yin giao mai: KID-8 (jiaoxin) 
— xi-cleft point of the yin wei mai: KID-9 (zhubin) 


Points according to region 


Local points (— 8.2.1): foot — KID-6 (zhaohai) SE; knee — 
KID-10 (yingu) Sm 

Adjacent points (— 8.2.1): foot — KID-7 (fuliu) Bl; toes — 
KID-6 (zhaohai) SS 

Distal points (— 8.2.1): for the throat — KID-6 (zhaohai) BB; 
for the tongue — KID-6 (zhaohai) Sm; for the Kidneys and the 
Bladder — KID-3 (taixi) Sm, KID-7 (fuliu) &m; for the genito- 
urinary region — KID-3 (taixi) B® 


Specific points according to the channel 
pathway (in numerical order) 


KID-1 (yongquan) &®: jing-well point (Wood); sedation point 
KID-2 (rangu): ying-spring point (Fire); jiaohui-meeting 
point with the yin giao mai (> 8.1.10) 

KID-3 (¢aixi) SM: shu-stream point (Earth); distal point for 
the Kidneys, Bladder, urogenital region (— 8.2.1); yuan- 
source point (— 8.1.1) 

KID-4 (dazhong): luo-connecting point (> 8.1.2) 

KID-S5 (shuiquan): xi-cleft point (— 8.1.3) 

KID-6 (zhaohai) @@®: opening point (— 8.1.8) of the yin giao 
mai; distal point for the tongue and throat (— 8.2.1); jiaohui- 
meeting point with the yin giao mai* (— 8.1.10); local point 
for the foot (- 8.2.1) 





* Mentioned by only some authors 
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e KID-7 (fuliu) @™: distal point for the Kidneys and the Blad- 
der (> 8.2.1); jing-river point (Metal); tonification point; 
regional point for the foot (— 8.2.1) 

e KID-8 (jiaoxin): xi-cleft point of the yin giao mai; jiaohui- 
meeting point with the yin giao mai* (— 8.1.10) 

e KID-9 (zhubin): xi-cleft point of the yin wei mai; jiaohui- 
meeting point with the yin wei mai* (— 8.1.10) 

e KID-10 (yingu) Sm: he-sea point (Water), ben point (Five 
Phases); local point for the knee (— 8.2.1) 

e KID-11 to KID-21: jiaohui-meeting points with the chong 
mai (— 8.1.10) 


General location help 
e KID-11 to KID-21 are all located 0.5 cun lateral to the midline 
— KID-11 to KID-15 are spread on the 5 cun distance 
(— 1.2) between the upper border of the pubic symphysis 
and the umbilicus (they are spaced at 1 cun intervals from 
the upper border of the pubic symphysis to 4 cun above it) 
— KID-16 to KID-21 are spread on the 8 cun distance 
(— 1.2) between the umbilicus and the sternocostal angle 
(they are spaced at 1 cun intervals from the level of the 
umbilicus to 6 cun superior to it). 
e KID-22 to KID-27 are all located 2 cun lateral to the midline 
— KID-22 to KID-26 are located in the 5th to 1st intercostal 
spaces 
— KID-27 is located on the lower border of the sternoclavic- 
ular joint 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 


Gushing Spring YONGQUAN | KID-T | 


Location 

On the sole of the foot, in a depression between the 2nd and 3rd 
metatarsal bones, at the junction of the anterior third and the 
posterior two-thirds of the sole. 


How to find 

Measure one third from the anterior border of the sole of the 
foot. Palpate for a pressure-sensitive point dorsal to the balls of 
the foot, at the midpoint of the width of the foot. 


Needling 

Needling this point is very painful and is therefore only recom- 
mended for severe disorders or in an emergency. Acupressure is 
commonly used instead; moxibustion is possible. For the treatment 
of collapse, unconsciousness, shock or a severe excess condition, 
this point should be strongly stimulated; in pronounced deficiency 
conditions, stimulation should be applied more cautiously. 


Actions/Indications 

e Revives collapsed Yang 

e Clears excess, Heat and Wind from the head, lowers Yang 
e Calms the shen 


Special features 

Jing-well point, Wood point, sedation point, entry point. KID-1 
is the lowest acupuncture point on the body and the only point 
on the sole of the foot. For this reason, it plays an important role 
in Qigong, forming a grounding point in the centre of the foot, 
where the energies of the Earth and Man unite. During practice, 
the centre of gravity should be above this point. 
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4 Acupuncture Points of the Twelve Primary Channels 


| KID-2_| Blazing Valley RANGU 


Location 
At the medial border of the foot, in a depression at the anterior bor- 
der of the navicular bone, at the border of the ‘red and white’ skin. 


How to find 

Palpate from distal to proximal along the tarsal section of the 
medial aspect of the foot, past the shaft and the head of the Ist 
metatarsal bone (— SP-4) and the medial cuneiform bone, 
finally reaching the prominent navicular bone. Locate KID-2 
anterior to the navicular bone, at the inferior angle of the joint 
between the medial cuneiform bone and the navicular bone. 





Needling 

From the medial aspect of the foot, 0.5—1 cun vertically below the 
border of the bone. Use reducing needling techniques for empty 
Heat. Use tonifying techniques for Kidney Yang/Qi deficiency. 


Navicular 


Medial cuneiform : \ 


Actions/Indications Metatarsal .. 
e Clears empty Heat bones ‘ \ 
e Regulates the Lower Burner and the Kidneys Proximal \ 


e Local point Enalgtivies 







Special features 
Ying-spring point, Fire point, meeting point with the yin giao mai. 





\ Calcaneus 
\ ~ Medial Base of the = \ 
Distal phalanges 1st metatarsal Navicular 
phalanges bone tuberosity 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 
Supreme Stream TAIX! | KID-3 | 
Location 


In the depression between the highest prominence of the medial 
malleolus and the Achilles tendon. 







How to find 

Locate the highest prominence of the medial malleolus (— 3.6.2). 
From there, palpate horizontally towards the Achilles tendon. 
KID-3 is located in a depression that can be palpated anterior to 
the tendon. 


Highest prominence 
of the medial malleolus --- 


Needling 
Vertically 0.3—-1 cun 


Actions/Indications 

e Nourishes Kidney Yin and clears deficiency Heat, tonifies 
Kidney Yang, stabilises the Kidney Qi and the Lungs (helping 
the Kidneys absorb the Qi), regulates menstruation 

e Strengthens the lower back, local point 


Special features 
Yuan-source point, shu-stream point, Earth point. Important 
point for tonifying the Kidneys (especially Kidney Yin). 
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4 Acupuncture Points of the Twelve Primary Channels 


BLE creat Bell DAZHONG 


Location 
Anterior to the medial border of the Achilles tendon, superior to 
its insertion at the calcaneus. 






How to find Highest prominence 
From the highest prominence of the medial malleolus, draw a of the medial malleolus ~~~ 
horizontal line to the medial border of the Achilles tendon. From 
there, measure 0.5 cun in a distal direction. KID-4 is located in 
a depression anterior to the Achilles tendon, slightly superior to 
its insertion at the calcaneus. Or: KID-4 is located posterior to 
the midpoint of a line connecting — KID-3 and — KID-5 
anterior to the Achilles tendon. 








Needling 
Vertically 0.3-0.5 cun. Avoid puncturing the tendon. 


Actions/Indications 

e Firms the Kidney Qi (helping the Kidneys absorb the Qi) and 
supports the Lungs 

e Strengthens the Kidneys and cools empty Heat 

e Strengthens the will, dispels fear 


e Local point Tendon of the 


gastrocnemius 


Special features 
Luo-connecting point 





Medial 
malleolus 
Calcaneal tendon —— —2——— Lateral 
; malleolus 


(Achilles tendon) 


Calcaneal tuberosity -_+—%8 


Achilles 
-tendon 


Highest prominence 
of the medial malleolus -__ 
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inside an aluminium case with a very thin Mylar film at 
the front. This is charged and when it moves (due to 
the audio it receives via a small hole in the front of the 
case), it vibrates and sends a very small voltage to the 
GATE lead of the Field Effect Transistor. This transistor 
amplifies the signal and produces a waveform of about 
2mV to 20mV at the output. 

The electret microphone requires about 0.5mA and will 
operate from 1.5v supply with 4k7 LOAD RESISTOR. 
For 3v supply, the Load Resistor can be 22k to 47k. 
For higher supply voltages the resistor will be 68k or 
higher. 

Electret microphones are extremely sensitive and will 
detect a pin-drop at 3 metres. 





















This lead 
connects to 
the case 
(negative) 






Most electret microphones have two leads. One lead is 
connected to the case and this lead goes to the Ov rail. 
The other lead goes to a LOAD RESISTOR (4k7 to 
68k - depending on the voltage of the project). 
Reducing the value of the load resistor will increase the 
sensitivity until the background noise is very 
noticeable. 

They are used in Hearing Aids and are more-sensitive 
than the human ear. 

They are very small, low-cost and very sensitive. 














to Index 





The Speaker 


The most common speaker is about 30mm to 60mm diameter and 8 
ohm impedance. This means the voice coil is about 8 ohms 
resistance. 

The two leads can be connected either way to a circuit. 

The speaker shown is 32mm diameter and has a realistic wattage of 
100mW (NOT 1waitt). 
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Highest prominence 
of the medial malleolus ~-- 














4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 


Water Spring SHUIQUAN [IRDA 


Location 
1 cun distal to ~ KID-3, in a depression over the joint space 
between the talus and calcaneus. 


How to find 

First, locate -~ KID-3 on the level of the highest prominence of 
the medial malleolus (— 3.6.2), in a depression between the 
malleolus and the Achilles tendon. From KID-3, palpate | cun in 
an inferior direction to a palpable depression over the joint space 
between the talus and calcaneus. This is the location of KID-5. 


Needling 
0.3-0.5 cun obliquely to vertically superior to the margin of the 
bone. 


Actions/Indications 
e Regulates the chong mai and ren mai, benefits menstruation 
and urination 


Special features 
Xi-cleft point. Especially indicated for acute disorders and painful 
conditions. 
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4 Acupuncture Points of the Twelve Primary Channels 


DEA) shining sea ZHAOHAI 


Location 

Approximately 1 cun inferior to the highest prominence of the 
medial malleolus, over the joint space between the talus and the 
calcaneus. 







Highest prominence 
How to find of the medial malleolus ~~~ 


From the highest prominence of the medial malleolus (— 3.6.2), 
palpate distally, until the palpating finger can feel the depression of 
the joint space between the talus and the calcaneus. (KID-6 is often 
located between the tendons of the tibialis and flexor digitorum 
longus muscles.) Directly distal to this point, you can palpate a 
small bony prominence, the sustentaculum tali. With the patient’s 
foot in a supinated position, a visible skin crease forms on the level 
of the point. Note: There are several variations regarding the exact 
location of this point. However, the determining aspect for its loca- 
tion is not the cun measurement but the joint space below the 
prominence. 


mately 


Approxi- 
Tcun 
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SDPa e] ore . \ 
the talus and calcaneus Sustentaculur n 


Highest prominence 
of the medial malleolus - - - _ 


Needling 
0.3-0.5 cun vertically or obliquely in a proximal direction. The 
needle may reach the deltoid ligament. 


Actions/Indications 

e Nourishes Kidney Yin, clears empty Heat, benefits the throat, 
regulates the Lower Burner (saree 

e Calms the shen 

e Moves Qi locally 


Special features 
Opening (master) point of the yin giao mai. Important point, 
especially for strengthening the Kidney Yin. 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 


Returning Current FULIU KID-7 


Location 
2 cun proximal to — KID-3, at the anterior border of the 
Achilles tendon. 






How to find 

First, locate + KID-3 on the level of the higest prominence of the 
medial malleolus (— 3.6.2), in the depression between the mal- 
leolus and the Achilles tendon. From — KID-3, measure 2 cun in 
a proximal direction (towards the knee joint) and locate KID-7 in 
a depression at the anterior border of the Achilles tendon. 
Located on the same level, but more medially, is ~ KID-8 
(2 cun directly proximal to the medial malleolus). 


Highest prominence 
of the medial malleolus - -_ 


Needling 
Vertically 0.5—1 cun 


Actions/Indications 

e Regulates the water passages and treats oedema, strengthens 
the Kidneys (especially Kidney Yang), drains Dampness and 
clears Damp-Heat 

e For disorders of the Intestines due to Damp-Heat 

e Strengthens the lumbar region 


Special features 
Jing-river point, Metal point, tonification point 
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4 Acupuncture Points of the Twelve Primary Channels 


DEES) exchange Belief jiAOXIN 











Location 
2 cun proximal to the highest prominence of the medial malleo- 
lus, posterior to the medial border of the tibia. 


How to find 
KID-8 is located on the same level as ~ KID-7, but slightly 
closer to the border of the tibia (approximately 0.5 cun). 


Needling 
Vertically 0.5—-1 cun 


Actions/Indications 

e Regulates menstruation, regulates the ren mai and chong mai 
e Clears Heat and eliminates Dampness from the Lower Burner 
e Treats blockages of the yin giao mai 


Special features 
Xi-cleft point of the yin giao mai 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 
Guesthouse ZHUBIN | KID-9 | 
Location 


5 cun proximal to the highest prominence of the medial malleo- 
lus, 2 cun posterior to the medial border of the tibia. 


How to find 

On a line connecting + KID-3 (posterior to the medial malleo- 
lus) and — KID-10 (medial aspect of the popliteal crease), 
measure 5 cun from the level of the prominence of the medial 
malleolus. Here, KID-9 is located 2 cun posterior to the medial 
border of the tibia. 

Located on the same level, but directly posterior to the medial 
border of the tibia, is — LIV-5. 


Needling 
Vertically 1-1.5 cun 


Actions/Indications 
e Clears the Heart and transforms Phlegm 
e Regulates the Qi and alleviates pain 


Special features 
Xi-cleft point of the yin wei mai 
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4 Acupuncture Points of the Twelve Primary Channels 


| KID-10 | Yin Valley YiINGU 


Location 

At the medial end of the popliteal crease, between the tendons of 
the semimembranosus and semitendinosus muscles, on the level 
of the knee joint space. 


How to find 

With the knee flexed less than 90°, ask the patient to press their 
heel against the treatment couch so that the two tendons will 
become more pronounced in the popliteal crease. From a medial 
direction, KID-10 is located in a small gap anterior to the more dinosus 
prominent tendon of the semitendinosus muscle and posterior to 
the less well-defined tendon of the semimembranosus muscle. 
— BL-40 is located on the same level, in the centre of the 
popliteal crease. ea 
Needling 

Needle 1-1.5 cun vertically from a dorsomedial aspect towards 
the tibial tuberosity. Avoid puncturing the tendon. 


Actions/Indications 

e Drains Damp-Heat from the Lower Burner and benefits the 
Kidneys 

e Opens the channel 





Special features 
He-sea point, ben point (Five Phases point); for recurring uri- 
nary disorders with Kidney Yin deficiency. 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 
Pubic Bone HENGGU [CST 
Location 


At the upper border of the pubic symphysis, 0.5 cun lateral to the 
anterior midline. 


How to find 

Close to the midline, the upper border of the pubic symphysis is 
generally easily palpable. KID-11 is located directly superior to 
its bony margin and 0.5 cun lateral to the midline. 

Located on the same level are — Ren-2 (on the midline), 
— ST-30 (2 cun lateral to the midline) and ~ SP-12 (3.5 cun lat- 
eral to the midline). 


Needling 
Vertically 0.5—1 cun. Caution: Peritoneum, full bladder, pregnancy. 


Actions/Indications 
e Regulates the Lower Burner and the water passages, streng- 
thens the Kidneys 


Special features 
Meeting point with the chong mai 
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4 Acupuncture Points of the Twelve Primary Channels 


| KID-12 | Great Luminance DAHE 








332 





Location 
1 cun superior to the upper border of the pubic symphysis, 0.5 
cun lateral to the anterior midline. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 proportional cun. 
As these can vary considerably from finger cun measurements, 
only proportional cun measurements should be applied (elastic 
tape — 2.3.1). From the upper border of the pubic symphysis, 
measure | cun in a superior direction and on this level locate 
KID-12 0.5 cun lateral to the midline. Located on the same level 
are — Ren-3 (on the midline), ~ ST-29 (2 cun lateral to the 
midline) and > Ex-CA-1 (zigong; 3 cun lateral to the midline). 


Needling 
Vertically 0.5—1 cun. Caution: Peritoneum, full bladder, pregnancy. 


Actions/Indications 
e Regulates the Lower Burner, strengthens the Kidneys and the 
Essence (jing) 


Special features 
Meeting point with the chong mai 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 
ai cove ixue SCENES 
Location 


2 cun superior to the upper border of the pubic symphsis, 0.5 cun 
lateral to the anterior midline. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 proportional cun. 
As these can vary considerably from finger cun measurements, 
only proportional cun measurements should be applied (elastic 
tape — 2.3.1). From the upper border of the pubic symphysis, 
measure 2 cun in a superior direction and on this level locate 
KID-13 0.5 cun lateral to the midline. 

Located on the same level are  Ren-4 (on the midline), + ST-28 
(2 cun lateral to the midline), ~ Ex-CA (tituo/qimen/yijing: 4/3/1 
cun lateral to the midline) and ~ G.B.-27 (anterior and medial to 
the ASIS). 


Needling 
Vertically 0.5—1 cun. Caution: Peritoneum, full bladder, pregnancy. 


Actions/Indications 
e Regulates the Lower Burner, regulates the chong mai and ren 
mai, strengthens the Kidneys and the essence (jing) 





Special features 
Meeting point with the chong mai 
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4 Acupuncture Points of the Twelve Primary Channels 


| KID-14 Four Fullnesses SIMAN 
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Location 
2 cun inferior to the umbilicus, 0.5 cun lateral to the anterior 
midline. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 proportional cun. 
As these can vary considerably from finger cun measurements, 
only proportional cun measurements should be applied (elastic 
tape — 2.3.1). From the centre of the umbilicus, measure 2 cun 
in an inferior direction and on this level locate KID-14 0.5 cun 
lateral to the midline. 

Located on the same level are — Ren-5 (on the midline) and 
— ST-27 (2 cun lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 

e Regulates the Lower Burner and benefits the Kidneys 
e Regulates the water passages 

e Regulates the Qi and moves Blood stasis 


Special features 
Meeting point with the chong mai 
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These speakers have a Mylar cone and the magnet is a "super 
magnet" and very small. That's why it is so flat. 


same output amplitude, but it is an emergency microphone. 





Basic Electronics 1A 


A speaker can be used as a microphone 
(called a Dynamic Microphone) and a 
sR circuit to connect the speaker (mic) to an 
amplifier can be found on Talking 
Electronics website. It is not as sensitive 
as an electret microphone and does not 
Speaker Symbol produce the 





LDR and Light Alarm Circuit 








to Index 


Light Dependent 


Resistor 


(LDR) 

Also called PHOTOCELL or PHOTO RESISTOR 
A Light Dependent Resistor is a 2-leaded 
component containing a layer of semiconductor 
material. 

The top contains two interleaving combs of 
conducting wires with a path of semiconductor 
material between. When light falls on the 
component, the resistance of the semiconductor 
material decreases. 

In darkness the LDR will be about 300k. In very 
bright light the resistance will be about 200 
ohms. 

But if the light changes only a very small amount, 
the resistance CHANGE is VERY SMALL. Fora 
large change, see Photo Transistor. 

The Light Alarm circuit will produce a squeal 
when light falls on the LDR. 





to Index 


Photo Transistor 


The Photo Transistor is very 
sensitive to changes in 
illumination. It is about 100 times 
more sensitive than the LDR. 

The Photo Transistor is also 
available as a DARLINGTON. 
The Darlington Photo-transistor 
is 100 x 100 times (10,000) more 
sensitive than the LDR. 


The Photo Transistor and Photo 
Darlington Transistor are 
connected just like a normal 
transistor but the base lead is not 
connected. If the value of the 
LOAD RESISTOR is large, the 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 


Middle Flow ZHONGZHU [PSA 


Location 
1 cun inferior to the umbilicus, 0.5 cun lateral to the anterior 
midline. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 proportional cun. 
As these can vary considerably from finger cun measurements, 
only proportional cun measurements should be applied (elastic 
tape — 2.3.1). From the centre of the umbilicus, measure | cun 
in an inferior direction and on this level locate KID-15 0.5 cun 
lateral to the midline. 

Located on the same level are ~ Ren-7 (on the midline) and 
— ST-26 (2 cun lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Regulates the Intestines 
e Regulates the Lower Burner 


Special features 
Meeting point with the chong mai 
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4 Acupuncture Points of the Twelve Primary Channels 


BCS vitals shu HUANGSHU 


Location 
0.5 cun lateral to the centre of the umbilicus. 


How to find 

From the centre of the umbilicus, measure 0.5 cun in a lateral 
direction. Located on the same level are  Ren-8 (in the centre 
of the umbilicus), ~ ST-25 (2 cun lateral to the midline), ~ SP-15 
(4 cun lateral to the midline) and — G.B.-26 (on the level of 
umbilicus, on a vertical line drawn through the free end of the 
11th rib). 


Needling 
Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. Avoid the 
umbilicus. 


Actions/Indications 
e Regulates the Qi, regulates and warms the Stomach and 
Intestines 


Special features 
Meeting point with the chong mai 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 
Shang Bend SHANGQU #(DaPr,/ 
Location 


2 cun superior to the umbilicus, 0.5 cun lateral to the anterior 
midline. 


How to find 

The distance between the sternocostal angle (— 3.5) and the cen- 
tre of the umbilicus is divided into 8 proportional cun, which can 
vary considerably from the patient’s finger cun. Therefore, only 
proportional cun should be used (elastic tape — 2.3.1). From the 
centre of the umbilicus, measure 2 cun in a superior direction and 
on this level locate KID-17 0.5 cun lateral to the midline. 
Located on the same level are — Ren-10 (on the midline), 
— ST-23 (2 cun lateral to the midline) and Ex-CA (weishang, 
4 cun lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Regulates the Stomach and Intestines, eliminates stagnation 


Special features 
Meeting point with the chong mai 
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4 Acupuncture Points of the Twelve Primary Channels 


| KID-18 | Stone Gate SHIGUAN 


Location 
3 cun superior to the umbilicus, 0.5 cun lateral to the anterior 
midline. 


How to find 

The distance between the sternocostal angle (— 3.5) and the 
centre of the umbilicus is divided into 8 proportional cun, which 
can vary considerably from the patient’s finger cun. Therefore, 
only proportional cun measurements should be used (elastic tape 
— 2.3.1). From the centre of the umbilicus measure 3 cun in a 
superior direction and on this level locate KID-18 0.5 cun lateral 
to the midline. 

Located on the same level are ~ Ren-11 (on the midline), 
— ST-22 (2 cun lateral to the midline) and — SP-16 (on the 
mamillary line). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Strengthens the Middle, regulates the Stomach and Intestines, 
removes Blood stagnation 





Special features 
Meeting point with the chong mai 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 
Yin Metropolis YiNDU | KID-19 | 
Location 


Midway between the sternocostal angle and the centre of the 
umbilicus, 0.5 cun lateral to the anterior midline. 


How to find 

The distance between the sternocostal angle (— 3.5) and the 
centre of the umbilicus is divided into 8 proportional cun, which 
can vary considerably from the patient’s finger cun. Therefore, 
only proportional cun should be used (elastic tape > 2.3.1). 
Spreading hands technique (— 2.3.3): Place the little fingers on 
the centre of the umbilicus and the sternocostal angle respec- 
tively and join the thumbs at the midpoint of this distance by 
evenly spreading both hands. KID-19 is located on this level, 0.5 
cun lateral to the midline. 

Located on the same level are ~ Ren-12 (on the midline) and 
— ST-21 (2 cun lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Regulates the Qi, regulates the Stomach and Intestines 
e Regulates counterflow Qi 


Special features 
Meeting point with the chong mai 
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4 Acupuncture Points of the Twelve Primary Channels 


| KID-20 | Abdomen Connecting Valley FUTONGGU 


Location 
5 cun superior to the umbilicus or 3 cun inferior to the sterno- 
costal angle, 0.5 cun lateral to the anterior midline. 


How to find 

The distance between the sternocostal angle (— 3.5) and the 
centre of the umbilicus is divided into 8 proportional cun, which 
can vary considerably from the patient’s finger cun. Therefore, 
only proportional cun measurements should be used (elastic tape 
— 2.3.1). From the sternocostal angle, measure 3 cun in an infe- 
rior direction and on this level locate KID-20 0.5 cun lateral to 
the midline. 

Located on the same level are ~ Ren-13 (on the midline), 
— ST-20 (2 cun lateral to the midline) and — G.B.-24 (on the 
mamillary line, in the 7th intercostal space). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Strengthens the Spleen, harmonises the Stomach and Intestines, 
regulates counterflow Qi 


Special features 
Meeting point with the chong mai 











Umbilicus 


—1 





— 2 





























Ch04.8-F10028.qxd 





2/22/08 





6:14 PM Page 341 


eo 


4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 


Hidden Gate YOUMEN | KID-21 | 


Location 
2 cun inferior to the sternocostal angle, 0.5 cun lateral to the 
anterior midline. 


How to find 

The distance between the sternocostal angle (— 3.5) and the cen- 
tre of the umbilicus is divided into 8 proportional cun, which can 
vary considerably from the patient’s finger cun. Therefore, only 
proportional cun should be used (elastic tape — 2.3.1). From the 
sternocostal angle, measure 2 cun in an inferior direction and on 
this level locate KID-21 0.5 cun lateral to the midline. 

Located on the same level are —~ Ren-14 (on the midline), 
— ST-19 (2 cun lateral to the midline) and —~ LIV-14 (on the 
mamillary line, in the 6th intercostal space). 


Needling 
Vertically 0.5—1 cun. Caution: The liver is located on the right, 
the peritoneum on the left. Caution during pregnancy. 


Actions/Indications 
e Harmonises the Stomach, regulates counterflow Qi 


Special features 
Meeting point with the chong mai. Last point of the chong mai 
located on the Kidney channel. 
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4 Acupuncture Points of the Twelve Primary Channels 


| KID-22 | Walking Corridor BULANG 


Location 
In the 5th intercostal space (ICS), 2 cun lateral to the anterior 
midline. 


How to find 

Locate the 5th ICS either by counting parasternally from the 
clavicle or from the manubriosternal synchondrosis (— 2nd rib) 
(— 3.5), then locate KID-22 2 cun lateral to the anterior midline. 
Located on the same level (5th ICS) are > Ren-16 (on the mid- 
line), + ST-18 (on the mamillary line) and —~ SP-17 (6 cun lat- 
eral to the midline). 


Needling 

0.50.8 cun obliquely or transversely (subcutaneously) with or 
against the channel pathway. Caution: Avoid injuring the liver 
(on the right side), the heart (on the left side) and the pleura. 


Actions/Indications 
e Regulates the Lung Qi and counterflow Qi, unbinds the chest 


Special features 

Exit point. The Su Wen describes points KID-22 to KID-27 as shu 
points of the chest, indicated for difficult breathing and disorders 
of the thorax. They are particularly indicated for breathing diffi- 





culties due to ‘excess above, deficiency below’, which refers to 
the inability of the Kidneys to absorb the Qi that has descended 
oa from the Lung. 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 
Spirit Seal SHENFENG [DSS 
Location 


In the 4th intercostal space (ICS), 2 cun lateral to the anterior 
midline. 


How to find 

Locate the 4th ICS either by palpating parasternally from the 
clavicle or by counting from the manubriosternal synchondrosis 
(— 2nd rib) (— 3.5), then locate KID-23 2 cun lateral to the 
anterior midline. 

Located on the same level (4th ICS) are > Ren-17 (on the mid- 
line), ~ ST-17 (on the nipple), ~ SP-18 (6 cun lateral to the 
midline), — P-1 (1 cun lateral to the nipple) and ~ G.B.-22 
(3 cun inferior to the axilla) as well as ~ G.B.-23 (1 cun anterior 
to G.B.-22). 


Needling 

0.5—-0.8 cun obliquely or transversely (subcutaneously) along 
the course of the ICS or with or against the channel pathway. 
Caution: Heart, pneumothorax. 


Actions/Indications 

e Regulates the Lung Qi and counterflow Qi, unbinds the chest 
e Harmonises the Stomach 

e Benefits the breasts 


Special features 

The Su Wen describes points KID-22 to KID-27 as shu points of 
the chest, indicated for difficult breathing and disorders of the tho- 
rax. They are particularly indicated for breathing difficulties due 
to ‘excess above, deficiency below’, which refers to the inability 
of the Kidneys to absorb the Qi that has descended from the Lung. 
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4 Acupuncture Points of the Twelve Primary Channels 


DEED) spirit Ruin Lincxu 


Location 
In the 3rd intercostal space (ICS), 2 cun lateral to the anterior 
midline. 


How to find 

Locate the 3rd ICS by palpating parasternally from the clavicle or 
by counting from the manubriosternal synchondrosis (— 2nd rib) 
(— 3.5), then locate KID-24 2 cun lateral to the anterior midline. 
Located on the same level (7 3rd ICS) are ~ Ren-18 (on the 
midline), —- ST-16 (4 cun lateral to the midline) and — SP-19 
(6 cun lateral to the midline). 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously) along the 
course of the ICS or with or against the channel pathway. Caution: 
Pneumothorax. 


Actions/Indications 

e Regulates the Lung and Stomach Qi 
e Unbinds the chest 

e Benefits the breasts 


Special features 

The Su Wen describes points KID-22 to KID-27 as shu points of 
the chest, indicated for difficult breathing and disorders of the 
thorax. They are particularly indicated for breathing difficulties 
due to ‘excess above, deficiency below’, which refers to the 
inability of the Kidneys to absorb the Qi that has descended from 
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Photo Transistor 
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Basic Electronics 1A 


transistor will not be very sensitive. 








FPT100 Photo Darlington Transistor 


The FPT-100 Darlington Photo Transistor is available from 


Talking Electronics for $1.00 each plus postage. 








to Index 


The Inductor 


Also called "coil," or "Choke." 
An Inductor consists of one to 
many turns of wire wrapped 
around a former (tube of 
cardboard). The wire can be 
jumble-wound or wound in 
layers. The result is the same. 
This is called an air-cored coil 
or air-cored inductor. 

The centre can be filled with a 
metal such as iron or 
laminations (thin sheets of 
metal) or a ferrite material. 
Different cores operate at higher 
frequencies. 

The core can be circular 
(doughnut) or rectangular and it 
is called a MAGNETIC CIRCUIT 
(when it is a closed loop). 
Additional turns or increasing 
the diameter of the turns will 
increase the inductance. 

A coil with a magnetic core can 
be used to pick up nails and 
metal items. It is called an 
electromagnet. It can be 
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4.8 The Kidney Channel System — Foot shaoyin (zu shao yin jing luo) 


Spirit Storehouse SHENCANG | KID-25 | 


Location 
In the 2nd intercostal space (ICS), 2 cun lateral to the anterior 
midline. 


How to find 

Locate the 2nd ICS by palpating parasternally from the clavicle or 
by counting from the manubriosternal synchondrosis (— 2nd rib) 
(— 3.5), then locate KID-24 2 cun lateral to the anterior midline. 
Located on the same level (~ 2nd ICS) are + Ren-19 (on the 
midline), —- ST-15 (4 cun lateral to the midline) and — SP-20 
(6 cun lateral to the midline). 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously) along 
the course of the ICS or with or against the channel pathway. 
Caution: Pneumothorax. 


Actions/Indications 
e Regulates the Lung Qi 
e Unbinds the chest 


Special features 

The Su Wen describes points KID-22 to KID-27 as shu points of 
the chest, indicated for difficult breathing and disorders of the 
thorax. They are particularly indicated for breathing difficulties 
due to ‘excess above, deficiency below’, which refers to the 
inability of the Kidneys to absorb the Qi that has descended from 
the Lung. 
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| KID-26 | Comfortable Chest YUZHONG 


Location 
In the Ist intercostal space (ICS), 2 cun lateral to the anterior 
midline. 


How to find 

Palpating parasternally from superior to inferior, the Ist rib can be 
palpated directly below the clavicle; in some cases, it can be com- 
pletely hidden under the clavicle. Locate KID-26 below the Ist rib 
in the Ist ICS, 2 cun lateral to the midline. Located on the same 
level (1st ICS) are ~ Ren-20 (on the midline), ~ ST-14 (4 cun 
lateral to the midline) and ~ LU-1 (6 cun lateral to the midline). 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously) along the 
course of the ICS or with or against the channel pathway. Caution: 
Pneumothorax. 


Actions/Indications 

e Regulates the Lung Qi and transforms Phlegm 
e Unbinds the chest 

e Benefits the breasts 


Special features 

The Su Wen describes points KID-22 to KID-27 as shu points of 
the chest, indicated for difficult breathing and disorders of the tho- 
rax. They are particularly indicated for breathing difficulties due 
to ‘excess above, deficiency below’, which refers to the inability 
of the Kidneys to absorb the Qi that has descended from the Lung. 
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4.8 The Kidney Channel System - Foot shaoyin (zu shao yin jing luo) 
Shu Mansion SHUFU §)\4)>54¥, 
Location 


At the lower border of the clavicle, 2 cun lateral to the anterior 
midline 


How to find 

When palpating parasternally from superior to inferior, the Ist 
rib can be felt directly below the clavicle; in some cases, it can 
be completely hidden under the clavicle. Therefore, KID-27 
will be located either on the 1st rib or, in some cases, at its lower 
border. ~ ST-13 is located lateral to the short curvature of the 
Ist rib, below the midpoint of the clavicle. 

Located on approximately the same level are + Ren-21 (on the 
midline) and > LU-2 (6 cun lateral to the midline). 


Needling 

0.5-0.8 cun obliquely or transversely (subcutaneously) along the 
course of the ICS or with or against the channel pathway. Caution: 
Pneumothorax. 


Actions/Indications 
e Regulates the Lung Qi and transforms Phlegm 
e Unbinds the chest 
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4.9 The Pericardium Channel System - Hand jueyin (shou jue yin jing luo) 


4.9 The Pericardium Channel 
System — Hand jueyin (shou 
jue yin jing luo) 


4.9.1 Primary Pericardium Channel 
(shou jue yin jing) 





p-9 


Pathway 

The Pericardium primary channel begins in the centre of the thorax 

on the level of ~ Ren-17 (shanzhong), where an internal branch of 

the Kidney primary channel ends, having also connected with the 

Liver, Lung and Heart (deep Yin—Yin connection). 

The Pericardium primary channel then divides into two branches: 

= The first branch penetrates the diaphragm, descends to the 
abdomen and connects with the Upper, Middle and Lower 
Burner. 

= A further internal branch also originates in the thoracic 
region, continues to the breast and emerges approximately | cun 
lateral to the nipple in the 4th intercostal space at P-1 (tianchi). 
Beneath P-1, an internal branch of the Liver primary channel 
emerges from the Liver and joins the Pericardium primary chan- 
nel (Yin axes of the third great circuit: jueyin). 

The external pathway ascends to the axilla, follows the medial 

aspect of the upper arm between the Lung and Heart primary 

channels, passes the elbow and continues along the forearm 





Tendon of the flexor carpi radialis 


Tendon of the palmaris longus 
Pisiform 











Palmar aspect 








Pisiform 


between the tendons of the palmaris longus and flexor carpi 
ulnaris muscles, ending at the tip of the middle finger. 

Another internal branch originates in the centre of the palm at 
P-8 (Jaogong), runs along the ring finger and connects at its tip 
with the Triple Burner primary channel (hand Yin—Yang con- 
nection of the third circuit). 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: Occipital stiffness, leg 
cramps, red complexion, eye pain, swellings in the subaxillary 
region, hypertonic musculature with limited range of motion of 
the arm and elbow, Heat sensations in the palms 


—p— 
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Interior (/i) or zangfu-Organ signs and symptoms: Delirious 
speech, confusion, irritability, fullness and distension in the tho- 
rax and lateral costal region, aphasia, palpitations 


Connections of the Pericardium primary 
channel (— 1.2) 


Connections with other channels 


Triple Burner primary channel (shou shao yang jing) 
Connection: Hand Yin—Yang pairing of the third great circuit 
Location: P-8 — T.B.-1 (on the hand) 

Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Liver primary channel (zu jue yin jing) 

Connection: Six-channel pairing of the third great circuit (Yin 
axes): jue yin 

Location: LIV — P. An internal branch of the Liver primary 
channel emerges at the Liver, penetrates the diaphragm and con- 
nects with the Pericardium primary channel beneath P-1 (tianchi). 
Circulation: Non-circadian (not according to the Organ clock) 
Importance: Above—below relationship 


Kidney primary channel (zu shao yin jing) 

Connection: Deep Yin—Yin connection 

Location: KID — P (on the thorax). A branch of the internal 
pathway of the Kidney primary channel travels from the Kidney 
to the Liver, penetrates the diaphragm and spreads in the Lung 
(fei). From the Lung, an internal branch runs to the Heart (xin), 
where it joins the Pericardium primary channel (deep Yin—Yin 
connection) and further reaches > Ren-17 (shanzhong). 
Circulation: Circadian (according to the Organ clock) 
Importance: The Pericardium primary channel receives Nutri- 
tive Qi (ying qi) from the Kidney primary channel (first circula- 
tion of the ying gi > 1.1.4). 


Connections with zangfu-Organ systems 
Pericardium (xin bao), Triple Burner (san jiao) 


—e— 


4.9.2 The Pericardium Divergent 
Channel (shou jue yin jing bie) 





Pathway 
The Pericardium divergent channel separates from the Pericardium 
primary channel near P-1 (tianchi), 1 cun lateral to the nipple on 
the level of the 4th intercostal space. It 
= runs in a lateral direction to + G.B.-22 (yuanye) 
™ penetrates the thorax, continues to the Heart (xin) and divides 
into two branches: 
e one branch connects with the Upper, Middle and Lower 
Burner 
e the other branch ascends to the neck to ~ Ren-23 
(lianquan) and continues to the lateral aspect of the neck, 
emerges at > T.B.-16 (tianyou) on the posterior border of the 
sternocleidomastoid muscle on the level of the mandibular 
angle, connecting with the Triple Burner primary channel 
and the Triple Burner divergent channel to form one of the 6 
he-confluences (here: P/T.B. as 5th Confluence — 1.3) 


Clinical importance 

e Strengthens the relationship between the Pericardium and the 
Triple Burner (zangfu-Organ systems). Points on the Peri- 
cardium primary channel can therefore be used for disorders 
of the Triple Burner; vice versa, points on the Triple Burner 
primary channel can treat disorders of the Pericardium. 
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4.9 The Pericardium Channel System — Hand jueyin (shou jue yin jing luo) 


e Incontrast to the Pericardium primary channel, the Pericardium e the other branch penetrates the thorax below the axilla and 
divergent channel reaches the occiput and the neck. This reaches the midthoracic region on the level of — Ren-17 
explains why several points on the P channel can be used for (shanzhong), from where it spreads in the thoracic cavity to 
disorders of the neck and ears, chronic throat pain, etc. bind (jie) at the diaphragm. 


e By reaching the thorax, breast and hypochondrium, the Peri- 
cardium divergent channel supports the relationship between Clinical im portance 
the Pericardium primary channel and these regions. Pathology: Stiffness, pain, spasms and distending sensations 
along the pathway of the Pericardium sinew channel. Thoracic 
4.9.3 The Pericardium Sinew Channel pain and tightness, xi fen syndrome (one of the five ji-syndromes, 
° eo ee ee an ‘accumulation syndrome’) due to Lung Qi stagnation with 
(shou PHO YUt JOG f in) accumulation of Phlegm and Heat manifesting with symptoms 
such as masses in the right hypochondriac region, possibly 
accompanied by thoracic or back pain, haemoptysis, chills and 
fever, shortness of breath and dyspnoea, etc. 
Indication: Mainly for pain, spasms and distending sensations 
along the pathway of the sinew channel, limited range of motion 
along the medial aspect of the arm and elbow, swellings and pain 
in the axilla and the breast. 


4.9.4 The Pericardium /uo-Connecting 
Vessel System (shou jue yin 
luo mai) 







G.B.-22 | 
(Meeting point 
of the three hand Yin } 
sinew channels) 





Pathway 

The Pericardium sinew channel begins at the tip of the middle 

finger 

™ runs along the anterior aspect of the middle finger and along vr 
the 3rd metacarpal bone x 

™ spreads in the centre of the palm and meets the Lung sinew 
channel 

= binds (jie) in the centre of the wrist 

= ascends the anterior aspect of the forearm as well as the 
anteromedial aspect of the upper arm to the axilla, binding 
(jie) at P-3 (quze) on the elbow and at — G.B.-22 (yuanye), 
where it meets the other hand Yin sinew channels. 

At — G.B.-22, the channel separates into two branches: 

e one branch disperses on the anterior, lateral and posterior 











aspects of the costal region 
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Pathway 

The /uo-connecting Pericardium vessel system separates from the 

Pericardium primary channel at its associated /uo-connecting point 

P-6 (neiguan) (— 8.1.2). It forms a three-dimensional reticular net- 

work, dividing into multiple branches and sub-branches (sun luo, 

Ju luo, xue luo > 1.5) within the surrounding tissue. 

e Horizontal divisions run to the Interiorly—Exteriorly paired 
Triple Burner primary channel; according to some schools of 
thought (for example, Ngyen Van Nghi — Appendix), they 
travel as a transverse Pericardium /uo-connecting vessel to 
the yuan-source point > T.B.-4 (yangchi). 

e A longitudinal division follows the Pericardium primary 
channel along the anterior aspect of the arm, crosses > Ren-17 
(shanzhong) on the midline on the level of the 4th intercostal 
space, penetrates the thorax and terminates at the Pericardium 
(xin bao) and the Heart (xin). 


Clinical importance (— 8.1.2) 


Pathology 
Excess (shi): Heart pain, angina pain, thoracic pain 
Deficiency (xu): Restlessness, irritability 


4.9.5 Cutaneous Region (jue yin pi bu) 


See description and figures > 1.6. 


4.9.6 Points of the Primary 
Pericardium Channel (Overview) 


Specific points according to their function 
e Yuan-source point (— 8.1.1): P-7 (daling) B™ 
e Luo-connecting point (— 8.1.2.): P-6 (neiguan) B™ 
Xi-cleft point (— 8.1.3): P-4 (ximen) Bm 
Associated Back-shu point (— 8.1.4): BL-14 (jueyinshu) 
Associated Front-mu point (— 8.1.5): Ren-17 (shanzhong) 
an 
e Five shu-transporting points (— 8.1.6): 
jing-well point (Wood), tonification point: P-9 (zhongchong) 
LT | 
ying-spring point (Fire), ben point (Five Phases): P-8 (/ao- 


gong) SE 

shu-stream point (Earth), sedation point: P-7 (daling) B™ 
jing-river point (Metal): P-5 (Gjianshi) S™ 

he-sea point (Water): P-3 (quze) S™ 

Hui-meeting point (— 8.1.7): - 

Opening point (— 8.1.8) of the yin wei mai: P-6 (neiguan) BB 
e Lower he-sea point (— 8.1.9): - 


—p— 


—e— 


e Jiaohui-meeting points (— 8.1.10): 
— with the LIV, T.B., G.B.* channels: P-1 (tianchi) 
— of other channels with the Pericardium channel: — 

e Gao Wu command point (— 8.1.11) for the thoracic region: 
P-6 (neiguan) BS 

e Window of Heaven point (— 8.1.12): P-1 (tianchi) 

e Points of the Four Seas (— 8.1.13): - 

e Ma Dan Yang Heavenly Star point (— 8.1.14): - 

e Sun Si Miao Ghost point (— 8.1.15): P-7 (daling) MM, 
P-8 (Jaogong) SS 

e Other functional points: 
— important point for eliminating Phlegm misting the orifices: 

P-5 (Gjianshi) 

— important point for calming the shen: P-6 (neiguan) BM 


Points according to region 

e Local points (— 8.2.1): hand — P-7 (daling) S™ 

e Adjacent points (— 8.2.1): - 

e Distal points (— 8.2.1): tongue — P-8 (/aogong) Sm; Lung — 
P-6 (neiguan) S&S; Heart — P-4 (ximen) SM; P-6 (neiguan) BB; 
Spleen — P-6 (neiguan) MM; thorax and epigastrium — P-6 
(neiguan) &S; foot — P-7 (daling) B™ 


Specific points according to the channel 

pathway (in numeric order) 

e P-1 (tianchi) &@: jiaohui-meeting point with the LIV, T.B., 
G.B.* channels (— 8.1.10); Window of Heaven point 
(= 8.1.12) 

e P-3 (guze) Sm: lower he-sea point (Water) (> 8.1.6) 

e P-4 (ximen) SM: xi-cleft point (7 8.1.3); distal point for the 
Heart (— 8.2.1) 

e P-5 (jianshi) MM: jing-river point (Metal) (> 8.1.6); impor- 
tant point for eliminating Phlegm misting the orifices 

e P-6 (neiguan) BM: luo-connecting point (— 8.1.2); Gao Wu 
command point (— 8.1.11) for the thorax; Opening point 
(> 8.1.8) of the yin wei mai; distal point for the Heart, 
Spleen, thorax and epigastrium (— 8.2.1); important point for 
calming the shen 

e P-7 (daling) &™: yuan-source point (> 8.1.1); shu-stream 
point (Earth) (— 8.1.6); sedation point; Sun Si Miao Ghost 
point (— 8.1.15); local point for the hand (— 8.2.1); distal 
point for the foot (> 8.2.1) 

e P-8 (/aogong) MM: ying-spring point (Fire) (> 8.1.6); ben 
point (Five Phases); Sun Si Miao Ghost point (— 8.1.15); 
distal point for the tongue (— 8.2.1) 

e P-9 (zhongchong) S&H: jing-well point (Wood) (— 8.1.6); 
tonification point 





* Mentioned by only some authors 
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4.9 The Pericardium Channel System — Hand jueyin (shou jue yin jing luo) 
Heavenly Pool TIANCHI | PT 
Location 


In the 4th intercostal space (ICS), 1 cun lateral to the nipple. 


How to find 

Quick method, especially in male patients: The 4th ICS is 

located on the same level as the nipple. Locate P-1 1 cun lateral 

to the nipple in the 4th ICS (note: ascending course of the ICS 

towards lateral). Or: For better orientation in the intercostal region, 

j first, locate the manubriosternal synchondrosis (— 3.4.2.). This 
is on the level of the costal cartilage of the 2nd rib, followed by 
the 2nd ICS below it. Count down to ICS to the 4th ICS and 
measure 5 cun in a lateral direction. There, locate P-1. 
Located on the same level (4th ICS) are ~ Ren-17 (on the mid- 
line), ~ KID-23/ST-17/SP-18 (2/4/6 cun lateral to the midline), 
as well as > G.B.-22 and — G.B.-23. 


Needling 

0.5—1 cun transversely (subcutaneously) along the course of the 
ICS. Especially in women, transverse needling only, avoid punc- 
turing the mamillary tissue. Caution: Pneumothorax. 


Actions/Indications 

e Descends counterflow Qi 

e Eliminates excess (especially Heat and Phlegm) from the thorax 
e Promotes lactation and eliminates local Qi stagnation 










- &xuw-27) 7 i: ~~ 
“<r —_ af. : . Special features 

5  —_— Meeting point with the LIV and T.B. channels, also with the G.B. 
channel according to some authors. Window of Heaven point, 
entry point. 
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| P22 | Heavenly Spring TIANQUAN 
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Location 
Between the two heads of the biceps brachii muscle, 2 cun 
inferior to the axillary fold. 


How to find 

Locate the biceps brachii muscle through slight external rota- 
tion; in patients with less muscle definition, ask the patient to 
flex their elbow against resistance. P-2 is located between the 
two heads of the biceps brachii muscle, 2 cun inferior to the 
upper end of the anterior axillary fold (— 2.2). 

— LU-3 is located radial to P-2, on the lateral aspect of the 
biceps brachii muscle and | cun more distally. 


Needling 


1-1.5 cun obliquely in a proximal or lateral direction. 


Actions/Indications 

e Unbinds the chest. 

e Nourishes and invigorates the Blood 
e Calms the shen 














Lateral border of the 
_» biceps muscle 
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4.9 The Pericardium Channel System — Hand jueyin (shou jue yin jing luo) 


Marsh at the Crook QUZE | PB 


Location 
On the cubital crease, on the ulnar side of the biceps tendon, 
between the tendon and the brachial artery. 


How to find 

Place the patient’s arm in a relaxed supinated position. This 
point is best located with the elbow bent and the biceps flexed in 
order to make the tendon and elbow crease more clearly visible 
and palpable. P-3 is located on the cubital crease, on the ulnar 
aspect of the tendon. 

Also located in the area of the cubital crease are — LU-5 (on the 
radial side of the tendon), — L.I.-11 (between the radial end of the 
crease and the lateral epicondyle of the humerus) and ~ HE-3 
(with the elbow fully flexed, at the ulnar end of the cubital crease). 








Contraction of 
the biceps tendon 


Biceps tendon ~.__ 
Cubital crease 


Needling 
0.5—1 cun vertically or prick to cause bleeding of the vein. Cau- 
tion: Brachial artery/vein. Palpate for the pulse before needling. 


Actions/Indications 

e Clears Heat, drains Fire 

e Harmonises the Stomach and Intestines, stops vomiting 
e Opens the channel, alleviates pain 


Special features 
He-sea point, Water point. Important local point and important 
point to drain Heat. For Heat conditions, apply bloodletting. 





Biceps-.___ 





Biceps tendon -.__ 


Cubital crease -- -- 
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1/10/2018 Basic Electronics 1A 


operated on AC or DC. 
When the metal core is loose 
and gets pulled into the coil it is 
called a SOLENOID or 
ACTUATOR or LINEAR 
ACTUATOR. It can be operated 
on AC or DC. 
The way an inductor works is 
fs very complex but we can say it 
te resists any rise or fall in voltage 
tt by turning the rise or fall into 
; ; : magnetic flux. 
Ferrite-cored Ferrite-cored Ferrite-cored If the applied voltage is suddenly 
variable transformer turned off, the inductor produces 
a very high voltage of 
opposite polarity (these are the 
two most important things for 
you to remember). 


Ajr-cored <Ajircored lron-cored ltron-cored 
variable transformer 





surface-mount 
inductor 27uH 
yes 2fuH 


270uH = 271 





The emerging magnetic lines of force from an inductor 
produce the NORTH POLE - this is just "convention," a 
simple way to explain things - to get the explanation started. 
When two or more coils are wound near each other, the 
inductor is called a TRANSFORMER (but not the armature 
above). 








to Index 





The Antenna 


The first time you will need an antenna is when making an 
FM transmitter. 

The antenna is usually a length of wire equal to half the 
wavelength of the transmitter. The frequency is about 
100MHz and the wavelength is 3 metres. 

A half-wave antenna is 1.5metres. 

The length is important but the height is more important. 
The wire should be as high as possible and "up-and-down" 
if the antenna on the radio is vertical, to get the maximum 
range. 

This is called an end-fed half-wave antenna or half-wave 
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4 Acupuncture Points of the Twelve Primary Channels 


ZI) xi cleft cate ximen 














Location 

5 cun proximal to the anterior space of the wrist joint (most distal 
wrist crease), between the tendons of the palmaris longus and 
flexor carpi radialis muscles. 


How to find 

Spreading hands technique (— 2.3.3): Place the little fingers in 
the centre of the anterior wrist joint space (— 3.3.3, ~ P-7) and 
the cubital crease respectively (— P-3). From the midpoint of 
this distance, measure | cun in a distal direction. On this level, 
locate P-4 between the two tendons, which become more pro- 
nounced when the fingertips are pressed together. If only one 
tendon is visible, this will be the tendon of the flexor carpi radialis 
muscle. P-4 is located on its ulnar aspect. 


Needling 
0.5—1 cun vertically or 1—-1.5 cun obliquely in a proximal direction. 


Actions/Indications 

e Tonifies the Blood, dispels Blood stasis 
e Calms the shen 

e Cools the Blood 

e Opens the channel 


Special features 
Xi-cleft point. Major point for acute, painful Blood stasis in the 
region of the thorax and the Heart 










Cubital’----" 
crease 






Tendon of 
the palmaris 
longus 







Tendon of 
the flexor 
carpi radialis 








Wrist joint space -----~~~ 





Pisiforiieaes asa 








Biceps tendon .__ 


Cubital crease 





Ch04.9-F10028.qxd 2/23/08 3:57 PM Page 357 


4.9 The Pericardium Channel System — Hand jueyin (shou jue yin jing luo) 


Intermediary Messenger JiANSHI | PS 


Pressing the thumb and little Tendon of the Tendon of the Location ; ee . : 
finger together for better flexor carpi nore 3 cun proximal to the anterior wrist joint space (‘most distal wrist 
presentation of the tendons radialis longus crease’), between the tendons of the palmaris longus and flexor 


carpi radialis muscles. 


How to find 

As the location of the wrist crease varies, the wrist joint space is 
a more reliable reference point (— 3.3.3). It can easily be pal- 
pated by moving the patient’s hand in a relaxed way. From the 
centre of the joint space (— P-7), measure 3 cun in a proximal 
direction and locate P-5 between the two tendons, which become 
more pronounced when the fingertips are pressed together. If only 
one tendon is visible, this will be the tendon of the flexor carpi 
radialis muscle. P-5 is located at its ulnar aspect. 





Needling 

0.5-1 cun vertically or obliquely in a proximal direction. Caution: 
The median nerve here is only covered by the radial head of 
the flexor digitorum superficialis. Vertical needling should not 
exceed 0.5 cun; no strong needle stimulation. 





Actions/Indications 
—— Triceps brachii, e Calms the shen and the Heart 









Brachialis — 
lateral head e Harmonises the Middle Burner 
Brachioradialis — e Clears Heart Fire 
~~ Triceps brachii, e Unbinds the chest 
medial head 


e Transforms invisible Phlegm 
—— Tendon of the 
triceps brachii 


Extensor carpi — 
radialis longus 


* Special features 
~ T.B.-10 Jing-river point, Metal point. Important point for transforming 





oo Phlegm blocking the orifices. 
ee Olecranon 
Lateral 
epicondyle : 
___ Flexor carpi 
ulnaris 
Extensor _— Extensor carpi 
digitorum ulnaris 














-- 
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ZA) inner cate NEIGUAN 











Location 

2 cun proximal to the anterior wrist joint space (‘most distal wrist 
crease’), between the tendons of the palmaris longus and flexor 
carpi radialis muscles. 


How to find 

As the location of the wrist crease varies, the wrist joint space is 
a more reliable reference point (— 3.3.3). It can easily be pal- 
pated by moving the patient’s hand in a relaxed way. From the 
centre of the wrist joint space (> P-7), measure 2 cun in a prox- 
imal direction and locate P-6 between the two tendons, which 
become more pronounced when the fingertips are pressed 
together. If only one tendon is visible, this will be the tendon of 
the flexor carpi radialis muscle. P-6 is located on its ulnar aspect. 
Or quick method: From the centre of the wrist joint space, 
glide in a proximal direction between the two tendons. The skin 
will begin to form a bulge in front of the sliding finger, which 
will come to a halt at P-6. 

— T.B.-5 (2 cun proximal to the dorsal wrist joint space) is 
located opposite P-6. 


Needling 

0.5-1 cun vertically or obliquely in a proximal or lateral direc- 
tion. Caution: The median nerve is located directly below this 
point. 


Actions/Indications 
e Calms the shen 

e Unbinds the chest 

e Harmonises the Stomach 
e Opens the channel 


Special features 

Luo-connecting point, opening (master) point of the yin wei mai, 
Gao Wu command point for the thorax. Main point for nausea 
and vomiting. Very important point. 








Pressing the thumb and little Tendon of Tendon of 
finger together for better the flexor the palmaris 
presentation of the tendons carpi radialis longus 





1 
1 
Me 
2 cun 
i 
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Great Mound DALING 


Location 
Pressing the thumb and little Tendon of Tendon of ; bgiten . : . 
finger together for better dna ilexer the palmaris On the anterior aspect of the wrist joint space (‘most distal wrist 
presentation of the tendons carpi radialis longus crease’), between the tendons of the palmaris longus and flexor 
y a carpi radialis muscles. 


1 
\ / ’ 7 | 
1 1 we - =| 
1 , * ¥ ss 

1 












How to find 

As the location of the wrist crease varies, the wrist joint space 
is a more reliable reference point (—~ 3.3.3). By moving the 
patient’s hand in a relaxed way, it can easily be palpated. Locate 
P-7 on this level between the two tendons, which become more 
pronounced when the fingertips are pressed together. If only 
one tendon is visible, this will be the tendon of the flexor carpi 
radialis muscle. P-7 is located on its ulnar aspect. 

Located on the same level are ~ HE-7 (on the ulnar aspect of 
the wrist joint, radial to the tendon of the flexor carpi ulnaris 
muscle) and + LU-9 (on the radial aspect of the wrist joint, lat- 


siform Wrist joint space 


Tendon of the 


: : Tendon sheath eral to the radial artery. 
ae ulnaris of the flexor carpi 
& \ 7 radialis : 
\ Needling 
Vertically 0.3-0.5 cun, for carpal tunnel syndrome also 0.5—1 
cun obliquely in a lateral direction along the tunnel. Caution: 
pine , Opponens pollicis The median nerve is located directly under this point, thus 
rg a 4 _ needling can cause a significant electric sensation; in this case, 
\ Flexor pollicis ‘ : ; meee 
\  peuis no further needle manipulation to avoid possible injury. 


_ Abductor Actions/Indications 

pollicis brevis e Clears Heat from the Heart, calms the shen 
e Harmonises the Stomach and Intestines 

e Cools Heart Fire affecting the Bladder 

e Unbinds the chest 

e Cools the Blood 

e Opens the channel, alleviates pain 








Special features 

Yuan-soutrce point, shu-stream point, Earth point, sedation point, 
Sun Si Miao Ghost point. Important point for calming, main 
point for carpal tunnel syndrome. 





_- Wrist joint space 
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4 Acupuncture Points of the Twelve Primary Channels 


| PB Palace of Toil LAQGONG 


Location 
In the centre of the palm, between the 2nd and 3rd metacarpal 
bones, slightly closer to the 3rd metacarpal bone. 


How to find 

When making a loose fist, the tip of the middle finger will rest 
on P-8, between the 2nd and 3rd metacarpal bones, slightly closer 
to the 3rd metacarpal bone. 

— HE-8 is located more radially, between the 4th and Sth 
metacarpal bones. 


Needling 
Vertically 0.3-0.5 cun. Thinner needles should be used as 
needling this point can be painful. 


Actions/Indications 

e Clears Heart Fire and calms the shen 

e Harmonises the Middle Burner 

e Clears the ying-nutritive level and cools the Blood 


Special features 
Ying-spring point, Fire point, ben point (Five Phases), Sun Si 
Miao Ghost point, exit point. 
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4.9 The Pericardium Channel System — Hand jueyin (shou jue yin jing luo) 


Middle Rushing ZHONGCHONG [JZ 


Location 
On the most distal point of the middle finger. 


How to find 
Find the most distal point on the tip of the middle finger and 
there locate P-9. 


Needling 
Vertically 0.1—0.2 cun or prick to bleed. Caution: Painful point. 


Actions/Indications 

e Clears Heat, especially from the Heart and Pericardium 
e Strengthens collapsed Yang 

e Expels internal Wind 


Special features 
Jing-well point, Wood point, tonification point. 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 


4.10 The Triple Burner Channel 
System — Hand shaoyang 
(shou shao yang jing luo) 


4.10.1 Triple Burner Primary Channel 
(shou shao yang jing) 


G.B.-6 G.B.-5  G.B.-4 









S.1.-14 G.B.-21 S.1.-12 


\ 


Upper Burner 
Ren-17 : 


“PS. Middle Burner 


‘Lower Burner 
oS 2 





Pathway 

The external pathway of the Triple Burner primary channel 

begins on the ring finger, at the ulnar corner of the nail at T.B.-1 

(guanchong). T.B.-1 is reached by a branch of the Pericardium 

primary channel that separates on the palm of the hand at > P-8 

(laogong) (hand Yin—Yang connection of the third great circuit). 

The channel runs along the ulnar side of the ring finger 

= continues between the 4th and 5th metacarpal bones 

= travels along the posterior aspect of the forearm between the 
radius and the ulna towards the lateral aspect of the arm 

= passes the olecranon and continues along the upper arm to the 
shoulder 

= traverses the shoulder, intersects with > S.L-12 (bingfeng) and 
meets the other Yang primary channels at > Du-14 (dazhu) 

= runs to the anterior aspect of the body, crossing > G.B.-21 
(jianjing) and > ST-12 (quepen), the latter in the supraclav- 
icular fossa. 


At ST-12, the channel enters the body to begin its internal 
section. It meets the Pericardium (xin bao) at — Ren-17 
(shanzhong), penetrates the diaphragm and enters the abdomen, 
connecting with the Upper, Middle and Lower Burners. 

From the Lower Burner, an internal branch (according to some 
authors, the T.B. channel) descends to the popliteal fossa to 
— BL-39 (weiyang), the lower he-sea point of the Triple Burner. 
A further inner branch originates in the thorax at > Ren-17 
(shanzhong), emerges at the supraclavicular fossa and ascends 
to the posterior border of the sternocleidomastoid muscle to 
T.B.-16, follows via T.B.-17, T.B.-18, T.B.-19 the temporal 
bone along its border behind the ear and reaches T.B.-20 
(jiasun) above the apex of the ear. It crosses the Gall Bladder 
primary channel at G.B.-6 (xuanli), G.B.-5 (xuanlu) and G.B.-4 
(hanyan), according to Deadman et al 1998) also at G.B.-11 
(touqgiaoyin) and G.B.-14 (yangbai), descends the cheek to the 
lower jaw and ascends again to intersect with > S.I.-18 
(quanliao) on the lower border of the zygomatic arch and con- 
tinues to the infraorbital region. 

From T.B.-17 (yifeng), a branch penetrates the ear, emerges to the 
Exterior anterior to the tragus, intersects with — S.[.-19 
(tinggong), continues past T.B.-21 (ermen) and T.B.-22 (erhe- 
liao), meets > G.B.-3 (shangguan), crosses its own cheek branch 
and ends at T.B.-23 (sizhukong) on the frontozygomatic suture. 
From T.B.-23, or, according to some authors from T.B.-22, a 
small branch runs to > G.B.-1 (tongziliao) at the lateral canthus 
of the eye (Yang axes of the third great circuit: shao yang). 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: Neck pain, cheek pain, 
red and painful eyes, deafness, pain behind the ears, pain on the 
posterior aspect of the shoulder and the upper arm 

Interior (Ji) or zangfu-Organ signs and symptoms: Abdominal 
fullness and distension, difficult urination, skin oedema and 
skin swellings, enuresis 


Connections of the Triple Burner primary 
channel (— 1.2) 


Connections with other channels 


Pericardium primary channel (shou jue yin jing) 
Connection: Hand Yin—Yang pairing of the third great circuit 
Location: P-8 — T.B.-1 (on the hand). 

Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Gall Bladder primary channel (zu shao yang jing) 
Connection: Paired according to the six-channel theory 
(hand-foot pairing): shao yang (Yang axes of the third great circuit) 
Location: T.B.-23 (or T.B.-22) — G.B.-1 (on the head). 
Circulation: Circadian (according to the Organ clock) 
Importance: Above—below relationship 
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Connections with zangfu-Organ systems 
Pericardium (xin bao), Triple Burner (san jiao) 





T.B.-16 \ 
(5th confluence) ~>2\ > 


4.10.2 The Triple Burner Divergent 
Channel (shou shao yang jing bie) 


Pathway 

The Triple Burner divergent channel separates from the Triple 

Burner primary channel near T.B.-20 (jioasun) 

= ascends to > Du-20 (baihui) 

= descends along the posterior aspect of the ear to the neck to 
T.B.-16 (tianyou) on the posterior border of the sternocleido- 
mastoid muscle, where it connects with the Triple Burner pri- 
mary channel and the Pericardium primary channel to form one 
of the six he-confluences (here: P/T.B. as fifth confluence — 1.3) 

= The Triple Burner divergent channel further descends to 
— ST-12 (quepen) in the supraclavicular fossa, penetrates the 
thorax, disperses in the Pericardium (xin bao) and reaches the 
Upper, Middle and Lower Burners. 


Clinical importance 

e Strengthens the relationship between the Upper, Middle and 
Lower Burners. T.B. points can be used for disorders affect- 
ing these areas and Organs. 

e The Triple Burner divergent channel reaches the vertex at 
— Du-20. Therefore, T.B. points can be used for headaches, 
dizziness, etc, but also to raise the Yang Qi for prolapse, etc. 


—p— 


—e— 


e The Triple Burner divergent channel spreads in the thorax, so 
that T.B. points can be used to support the treatment of tho- 
racic problems such as pain, coughing etc. 


_-G.B.-13 

‘\ (Meeting point 
of the three 
hand yang 
sinew channels) 









4.10.3 The Triple Burner Sinew 
Channel (shou shao yang jing jin) 


Pathway 

The Triple Burner sinew channel begins on the ring finger, at the 

ulnar corner of the nail at T.B.-1 (guanchong) 

™ travels between the 4th and 5th metacarpal bones to the wrist 

= binds (jie) at T.B.-4 (yangchi) 

= continues along the posterior aspect of the forearm between 
the Small Intestine and Large Intestine sinew channels, binds 
(jie) at the olecranon, ascends the posterior aspect of the upper 
arm to bind (jie) at the posterior corner of the acromion, trav- 
erses the posterior aspect of the shoulder and the lateral 
aspect of the occiput and there meets the Small Intestine 
sinew channel. It then reaches the mandibular angle, where it 
divides into two branches: 

= One branch enters internally and penetrates the root of the 
tongue 
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= The other branch ascends in front of the ear, binds (jie) at 
the outer canthus of the eye, crosses the temple and termi- 
nates at + G.B.-13 (benshen) in the frontoparietal region. 
There, it also meets the other hand Yang sinew channels. 


Clinical importance 

Pathology: Stiffness, swellings and distending sensations along the 
course of the sinew channel. Curling or contraction of the tongue. 
Indication: Predominantly for pain, stiffness, spasms, tension 
and distending sensations along the course of the channel, includ- 
ing the lateral aspects of the head and the body as well as the lat- 
eral sections of the extremities. T.B. points can also be used for 
muscle tension caused by emotional disorders. Owing to the con- 
nection of the sinew channel with the tongue, some T.B. points 
are also indicated for motor disorders of the tongue. 





4.10.4 The Triple Burner /uo- 
Connecting Vessel System 
(shou shao yang luo mai) 


Pathway 

The Triple Burner /uo-connecting vessel system separates from the 
Triple Burner primary channel at its associated /uo-connecting 
point T.B.-5 (waiguan) (— 8.1.2). It forms a three-dimensional 
reticulate network, dividing into multiple branches and sub- 
branches (sun luo, fu luo, xue luo > 1.5) within the surrounding 
tissue. 


= Horizontal divisions run to the Interiorly—Exteriorly paired 


Pericardium primary channel; according to some schools of 
thought (for example Ngyen Van Nghi — Appendix), they 
travel as a transverse Triple Burner /uo-connecting vessel to 
the yuan-source point P-7 (daling). 


= A longitudinal division follows the posterior aspect of the 


arm, crosses the posterior shoulder region, continues to the 
front of the body and, according to some authors (for example, 
Solinas et al 1998), reaches + ST-12 (quepen) in the supra- 
clavicular fossa, penetrates the thorax and reaches the Peri- 
cardium primary channel, both dispersing in the Upper, 
Middle and Lower Burners. 


Clinical importance 


Pathology 

Excess (shi): Tension of the elbow joint 

Deficiency (xu): Muscle weakness in the arm, difficulty flexing 
the elbow 


4.10.5 Cutaneous Region (shao 


yang pi bu) 


See description and figures > 1.6. 


4.10.6 Points of the Triple Burner 


Primary Channel (Overview) 


Specific points according to their function 


Yuan-source point (— 8.1.1): T.B.-4 (yangchi) 

Luo-connecting point (— 8.1.2.): T.B.-5 (waiguan) B® 

Xi-cleft point (— 8.1.3): T.B.-7 (Auizong) 

Associated Back-shu point (— 8.1.4): BL-22 (sanjiaoshu) 

Associated Front-mu point (— 8.1.5): Ren-5 (shimen) 

Five shu-transporting points (— 8.1.6): 

jing-well point (Metal): T.B.-1 (guanchong) 

ying-spring point (Water): T.B.-2 (yemen) 

shu-stream point (Wood), tonification point: T.B.-3 (zhongzhu) 

jing-river point (Fire), ben point (Five Phases): T.B.-6 (zhigou) 

he-sea point (Earth), sedation point: T.B.-10 (tianjing) 

Hui-meeting point (— 8.1.7): - 

Opening point (— 8.1.8) of the yin wei mai: T.B.-5 

(waiguan) SS 

Lower xiahe-sea points (— 8.1.9): — 

Jiaohui-meeting points (— 8.1.10): 

— with the yang wei mai and the G.B. channel: T.B.-13* 
(naohui) 

— with the yang wei mai and the G.B. channel: T.B.-15 
(tianliao) S& 

— with the G.B. channel: T.B.-17 (yifeng) Bm 

— with the S.I.* and G.B. channel: T.B.-20 (jiaosun) 

— with the S.I. and G.B. channels: T.B.-22 (erheliao) 





* Mentioned by only some authors 
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— of other channels with the T.B. channel: S.I.-12, BL-11, 

(S.L.-18, S.I.-19*), Du-14, Ren-12, Ren-17, ST-12, G.B.- 
21, G.B.-14, G.B.-11, G.B.-6, G.B.-5, G.B.-4, G.B.-3, 
G.B.-1, (S.1.-9*) 

e Gao Wu command point (— 8.1.11): - 

e Window of Heaven point (— 8.1.12): T.B.-16 (tianyou) 

e Points of the Four Seas (— 8.1.13): - 

e Ma Dan Yang Heavenly Star point (— 8.1.14): - 

e Sun Si Miao Ghost point (— 8.1.15): - 

e Other functional points: — 


Points according to region 

e Local points (— 8.2.1): ears — T.B.-21 (ermen) Sm; shoulder — 
T.B.-14 (jianliao) am, T.B.-15 (tianliao) Sl 

e Adjacent points (— 8.2.1): temporal aspect of the head — 
T.B.-17 (yifeng) @™@; eyes — T.B.-23 (sizhukong) SM; 
ears — T.B.-17 (yifeng) Mm; jaw — T.B.-17 (ifeng) BE; 
shoulder — T.B.-13 (naohui), T.B.-15 (tianliao) Sl 

e Distal points (— 8.2.1): temporal aspect of the head — T.B.-3 
(zhongzhu) @m, T.B.-5 (waiguan) @®; ears — especially T.B.-3 
(zhongzhu), T.B.-5 (waiguan) &®; hypochondrium — T.B.-5 
(waiguan) @8, T.B.-6 (zhigou); cervical spine — T.B.-8 
(sanyangluo); cervical spine and shoulder — T.B.-5 (waiguan) 
mm; shoulder — T.B.-1 (guanchong) 


Specific points according to the channel 

pathway (in numeric order) 

e T.B.-1 (guanchong): jing-well point (Metal) (— 8.1.6); distal 
point for the shoulder (— 8.2.1) 

e T.B.-2 (yemen): ying-spring point (Water) (— 8.1.6) 

e T.B.-3 (zhongzhu): shu-stream point (Wood) (— 8.1.6); toni- 
fication point; distal point for the temporal region and the ears 
(— 8.2.1); local point for the fingers (numbness and pain) 
(> 8.2.1) 

e T.B.-4 (yangchi): yuan-source point (— 8.1.1); local point for 
the hand (— 8.2.1) 


—p— 


T.B.-5 (waiguan) &®: [uo-connecting point (— 8.1.2); Open- 
ing point (— 8.1.8) of the yang wei mai; distal point for the 
temporal region, the ears, the cervical spine, the shoulder, the 
elbow and the hypochondrium (— 8.2.1); regional point for 
the hand and fingers (— 8.2.1) 

T.B.-6 (zhigou): jing-river point (Fire) (7 8.1.6); ben point 
(Five Phases); distal point for the hypochondrium (— 8.2.1) 
T.B.-7 (huizong): xi-cleft point (7 8.1.3) 

T.B.-8 (sanyangliao): distal point for the cervical spine 
(> 8.2.1) 

T.B.-10 (tianjing): he-sea point (Earth) (— 8.1.6); sedation 
point; local point for the elbow (— 8.2.1) 

T.B.-13 (naohui): jiaohui-meeting point (— 8.1.10) of the 
yang wei mai* and the G.B. channel*; adjacent point for the 
shoulder (— 8.2.1) 

T.B.-14 (jianliao) Sm: local point for the shoulder (— 8.2.1) 
T.B.-15 (tianliao) @™: jiaohui-meeting point of the yang wei mai 
and the G.B. channel; local point for the shoulder (— 8.2.1) 
T.B.-16 (tianyou): Window of Heaven point (— 8.1.12) 
T.B.-17 (yifeng) @™: jiaohui-meeting point of the G.B. chan- 
nel; adjacent point for the temporal region, the ears and the 
jaw (> 8.2.1) 

T.B.-20 (jiaosun): jiaohui-meeting point of the S.I.* and G.B. 
channels 

T.B.-21 (ermen) Sm: local point for the ears (— 8.2.1) 
T.B.-22 (erheliao): jiaohui-meeting point with the S.I. and 
G.B. channels 

T.B.-23 (sizhukong) SM: adjacent point for the eyes (— 8.2.1) 





*Mentioned only by some authors 
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Monopole. 


the surroundings. 








Antenna 
symbol 


FM transmitter 
Radio 





uUOUWIIOD 
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Iron Core 


A single contact consists of 2 pins -called SPST (single-pole 
single-throw). 

Or a single pair of contacts can consist of 3 pins - called 
change-over or SPDT (single-pole double-throw). 

A double set of contacts consists of 6 pins, called DPDT 
(double-pole, double-throw). This is also called a CHANGE- 
OVER RELAY or REVERSING RELAY (when connected to 
a motor). 








The transmitting circuit should have a good ground-plane 
such as connection to large batteries so the signal can be 
pushed and pulled into and out of the antenna. 

This signal is then radiated as electromagnetic radiation to 


to Index 


The RELAY 


The word Relay comes from the 
days of Morse Code where a coil 
of wire (an electromagnet) closed 
a switch to allow the Morse code 
to travel further down the 
telegraph line. 

It would "relay" or "pass-on" the 
information. 

A relay allows a "weak circuit" 
(one with low current) to operate 
a LOAD that needs a large 
current. It also separates the two 
circuits electrically and prevents 
a voltage such as 240v 
connecting to a 12v circuit. The 
coil is separated from the 
contacts and this gives the two 
circuits isolation. 

A double-pole double-throw relay 
can be used to reverse a motor 
as shown here: 





to Index 


Driving A Relay 


(Powering A Relay) 


The first thing you must decide is the voltage of the relay. 
This will depend on the voltage(s) available. The relay 
will be driven (activated) by a transistor and the base of 
the transistor only needs a signal (less than about 1v). 
This means the project can be operated on a voltage 
from 3v to 12v and the relay can be connected to a 5v to 


12v supply. 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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Rushing Pass GUANCHONG 


Location 
On the ring finger, 0.1 cun from the ulnar corner of the nail. 





How to find 

This point is located at the junction of two tangents bordering 
the ulnar and proximal margins of the nail, approximately 0.1 
cun from the corner of the actual nail. 











Needling 

Approximately 0.2 cun vertically or obliquely in a proximal 
direction or prick to bleed. Caution: Avoid needling too close to 
the nail; painful point. 


Actions/Indications 

e Clears Heat from the Upper Burner 

e Benefits the ears and tongue 

e Opens the channel and alleviates pain 


Special features 
Jing-well point, Metal point, entry point. Especially indicated 
for acute disorders. 












i  EX-UE-S 
Fi” (baxie) 





INN NETS 











lan 
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Fluid Gate YEMEN 


Location 
Between the little finger and ring finger, proximal to the margin 
of the web. 


How to find 

This point is best located when making a loose fist. Locate the 
web between the little finger and ring finger (4th and 5th fingers) 
and locate T.B.-2 proximal to its margin. T.B.-2 is part of 
— Ex-UE-9 (baxie: proximal to the webs between the fingers). 
Located in a comparable position on the foot is + G.B.-43 
(on the web between the 4th and 5th toes), which is also part of 
— Ex-LE-10 (bafeng). 


Needling 
Vertically up to 0.5 cun 


Actions/Indications 

e Clears Heat from the Upper Burner 

e Benefits the ears and calms the shen 
e Opens the channel and alleviates pain 


Special features 

Ying-spring point, Water point. Especially indicated for psycho- 
neurological disorders caused by Heat and local channel 
problems. 




















Ch04.10-F10028.qxd 2/23/08 2:27 PM Page 369 





4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 







, 4th metacarpal 


a 
, 


Sth metacarpal 


- 1.B.-3 











~~ Most distal 
transverse crease 


Proximal 
phalanx II 
SS 


Central Islet ZHONGZHU 


Location 

On the dorsum of the hand, in a depression between the 4th and 
5th metacarpal bones, proximal to the metacarpophalangeal 
joints. T.B.-3 is located at the junction between the heads and 
shafts of the two metacarpal bones. 


How to find 

The hand should be relaxed or a loose fist should be made. Pal- 
pate from the metacarpophalangeal joints along the groove 
between the 4th and 5th metacarpal bones towards proximal. 
T.B.-3 is located at the widest/deepest point of the groove, 
slightly distal to the carpometacarpal joints. 

Located in comparable positions are > Ex-UE-8 (wailaogong: 
between the 2nd and 3rd metacarpal bones), — S.I.-3 (on the 
ulnar aspect of the 5th metacarpal bone) and — L.I.-3 (on the 
radial aspect of the 2nd metacarpal bone). 


Needling 


0.5—-1 cun vertically or obliquely in a proximal direction. 


Actions/Indications 

e Benefits the ears, clears Heat (and drains Fire), clears the 
head and the eyes 

e Opens the channel and /uo-connecting vessels, alleviates pain 


Special features 
Shu-stream point, Wood point, tonification point. One of the 
most important distal points for any disorder of the ears. 











iL 
im 
i 
4 
Fa 
el 








lan 











Ch04.10-F10028.qxd 2/23/08 2:27 PM Page 370 ch 





4 Acupuncture Points of the Twelve Primary Channels 


Yang Pool YANGCHI 











Location 

On the dorsum of the wrist (above the wrist joint space, ‘dorsal 
wrist crease’), in the gap between the tendons of the extensor 
digitorum (on the ulnar aspect) and the extensor digiti minimi 
muscles (on the radial aspect). 


How to find 

As the location of the dorsal wrist crease varies, the wrist joint 
space should be used for orientation instead (— 3.3.3). By mov- 
ing the patient’s wrist in a relaxed way, the joint space becomes 
well defined. T.B.-4 is located slightly laterally to the midpoint 
of the joint space, in the depression between the tendons of the 
extensor digiti minimi muscle (continuing to the little finger) on 
its radial aspect and the tendon of the extensor digitorum muscle 
on its ulnar aspect. The tendons of the extensor digitorum mus- 
cle will become more pronounced by moving the three middle 
fingers. 

Located on the same level but radial to the tendons of the exten- 
sor digitorum muscle is + Ex-UE-3 (zhongquan). 


Needling 

0.3-0.5 cun vertically or slightly obliquely in a proximal direc- 
tion or transversely (subcutaneously) deep to the tendons 
towards the radial aspect of the wrist. 


Actions/Indications 

e Clears Heat, opens the channel, relaxes the tendons. In Japan- 
ese acupuncture tradition, T.B.-4, in its function as yuan- 
source point, is used for deficiency syndromes. 


Special features 
Yuan-source point 








TB.-5. 


Tendon of the 
extensor digiti 
minimi 








Ch04.10-F10028.qxd 2/23/08 2:27 PM Page 371 ap 





4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 
Outer Pass WAIGUAN 
Location 


2 cun proximal to the dorsal wrist joint space (‘dorsal wrist 
crease’), between the radius and the ulna. 


How to find 

As the location of the dorsal wrist crease varies, the wrist joint 
space should be used for orientation instead (— 3.3.3). By mov- 
ing the patient’s wrist in a relaxed way, the joint space becomes 
more easily palpable. T.B.-5 is located 2 cun proximal to the 
midpoint of the joint space, in the depression midway between 
the radius and the ulna. Or quick method: With the palpating 
finger, slide with slight pressure from the dorsal aspect of the 
wrist joint in a proximal direction between the radius and the 
ulna, until the finger is brought to rest at T.B.-5 by the increas- 
ing skin bulge building up in front of it. 

— P-6 is located opposite T.B.-5, on the anterior aspect of the 
forearm. 








Ulna Radius Joint space 





1 





> Me 
10 cun 2cun 


Needling 
Vertically or obliquely 0.5-1.5 cun. Caution: Movement of the 
hand/arm during needle retention may cause bending of the needle. 


Actions/Indications 

e Expels Wind and benefits the head and ears, clears Heat, 
opens and regulates the yang wei mai 

e Opens the channel and alleviates pain 


Special features 

Luo-connecting point, opening (master) point of the yang wei 
mai. Major point for expelling Wind-Heat, analgesic point for 
the upper extremity. 
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4 Acupuncture Points of the Twelve Primary Channels 


Branching Ditch ZHIGOU 








372 








Location 

3 cun proximal to the dorsal wrist joint space (‘dorsal wrist 
crease’), in a depression between the radius and the ulna, radial 
to the tendon of the extensor digitorum communis muscle. 


How to find 

As the location of the dorsal wrist crease varies, the wrist joint 
space should be used for orientation instead (— 3.3.3). By mov- 
ing the patient’s wrist in a relaxed way, the joint space becomes 
more easily palpable. From the joint space, measure 3 cun in a 
proximal direction. At this point, the extensor digitorum com- 
munis muscle will often lie midway between the ulna and the 
radius. T.B.-6 is located in a depression close to the border of the 
radius, on the radial side of the muscle. 

Located on the same level is — T.B.-7, in a depression between 
the ulna and the extensor digitorum communis muscle. ~ P-5 
is also located on this level, but on the anterior aspect of the 
forearm. 


Needling 

0.5-1.5 cun slightly obliquely towards the ulna or obliquely in a 
proximal (elbow) or distal (wrist) direction. Or through-needling 
to P-5 (jianshi). Caution: Movement of the hand/arm during 
needle retention may cause bending of the needle. 


Actions/Indications 

e Regulates the Qi, clears Heat in the Triple Burner, benefits 
the lateral costal region, promotes bowel movements 

e Benefits the voice 

e Opens the channel 


Special features 
Jing-river point, Fire point, ben point (Five Phases). 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 


Ancestral Meeting HUIZONG 


Location 
3 cun proximal to the dorsal wrist joint space (‘dorsal wrist 
> crease’) and 0.5 cun ulnar to the centre of the forearm. 






Wrist joint space 


How to find 

As the location of the dorsal wrist crease varies, the wrist joint 
—— space should be used for orientation instead (— 3.3.3). By mov- 
ing the patient’s wrist in a relaxed way, the joint space becomes 
more easily palpable. From the joint space, measure 3 cun in a 
proximal direction and locate T.B.-7 in a depression between the 
ulna and the extensor digitorum communis muscle. Or: Spread- 
ing hands technique (— 2.3.3): Place the little fingers on the 
elbow crease and the wrist joint space respectively (this distance 
corresponds to 12 cun). Divide this distance into quarters and 
locate T.B.-7 one quarter of the distance from the wrist joint and 
0.5 cun ulnar to the centre of the forearm (where — T.B.-6 is 
located) on the border of the ulna. 

Located on the same level is — T.B.-6 (0.5 cun towards the 
radius). 


3 cun 





Needling 
Vertically or obliquely up to 1.5 cun 





Actions/Indications 


e Opens the channel and alleviates pain 

e Benefits the ears 

Special features 

Xi-cleft point in 
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4 Acupuncture Points of the Twelve Primary Channels 


Three Yang Connection SANYANGLUO 


Location 
4 cun proximal to the dorsal wrist joint space (‘dorsal wrist 
crease’), between the radius and the ulna, radial to the tendon of 


the extensor digitorum communis muscle. ewer 
Wrist joint space 


Aycuny 
——$—___; 


How to find 

As the location of the dorsal wrist crease varies, the wrist joint 
space should be used for orientation instead (— 3.3.3). By mov- 
ing the patient’s wrist in a relaxed way, the joint space becomes 
more easily palpable. From the joint space, measure 4 cun in a 
proximal direction and locate T.B.-8 in a depression between the 
ulna and radial to the extensor digitorum communis muscle. Or: 
Spreading hands technique (— 2.3.3): Divide the distance 
between the elbow crease and the wrist joint space (=12 cun) 
into thirds and locate T.B.-8 one third of the distance from the 
wrist joint between the radius and the ulna. 


Needling 
Vertically or obliquely up to 1.5 cun 


Actions/Indications 

e Benefits the ears and the voice 

e Opens the channel and the /uo-connecting vessels, alleviates 
pain 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 
Four Rivers SIDU 
Location 


7 cun proximal to the dorsal wrist joint space (‘dorsal wrist 
| 2 crease’), between the radius and the ulna. 


Wrist joint space How to find 

Geral epicondyle From the wrist joint space (~ 3.3.3, more accurate reference 
T.B.-9 point than the variable dorsal wrist crease), measure 7 cun in a 
2 proximal direction and locate T.B.-9 in a depression between the 
extensor digitorum communis muscle and the extensor carpi 
ulnaris muscle. Alternatively, measure 5 cun distally from the 
lateral epicondyle of the humerus. T.B.-9 is located on a line 
connecting the midpoint of the dorsal wrist joint space and the 
lateral epicondyle of the humerus. Or: Spreading hands tech- 
nique (— 2.3.3): Place the little fingers on the cubital crease and 
the wrist joint space (— 2.2) respectively and join the thumbs at 
the midpoint of this distance (=12 cun). From the midpoint of 
this line, measure | cun in a proximal direction and there locate 
T.B.-9 between the radius and the ulna. 


7 cun > Midpoint of the wrist 
ie y all 


. 
5 cun 





Needling 
Vertically or obliquely up to 2 cun 


Actions/Indications 
e Opens the channel and /uo-connecting vessels 
e Benefits the ears and throat 
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4 Acupuncture Points of the Twelve Primary Channels 


1p S0) Heavenly Well TIANJING 


Location 
On the lateral aspect of the upper arm, with the elbow flexed in 
a depression approximately | cun proximal to the olecranon. 


How to find 

This point is best located with the patient’s elbow flexed to 90°, 
which will reveal an easily palpable depression | cun superior to 
the olecranon. T.B.-10 is located in this depression, on the ten- 
don of the triceps brachii muscle. 


Needling 


Up to 1 cun vertically or obliquely in a proximal direction. 


Actions/Indications 

e Transforms Phlegm and disperses accumulations 

e Regulates and descends the Qi 

e Calms the shen 

e Clears Heat from the channel 

e Opens the channel and /uo-connecting vessels, alleviates pain 


Special features 
He-sea point, Earth point, sedation point. 
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1/10/2018 Basic Electronics 1A 


5u to 12u Next you need to know the current-rating of the contacts. 
This will depend on the current taken by the LOAD. The 
rating of most relays is: 1 amp, 5 amp or 10 amp. 

Finally you need to know how many contacts are 
required. 

For a single circuit you will need 2 pins and for two 
circuits you will need 4 pins (but relays only come with 6 
pins). 

You can get relays that need a very small current for 
activation. These are called CMOS relays. But most 
relays need about 100mA. 

To protect the driving-transistor from spikes when the 
relay is turned off, you will need a diode across the coil. 
The top animation shows a "single set of change-over 
contacts." 

The lower animation shows the ARMATURE being 
drawn to the electromagnet. The electromagnet is the 
coil with a core of magnetic material that becomes a 
magnet (an electromagnet) when a current flows through 
the coil. 





The armature is drawn 
towards the coil when a 
current flows through the 
coil. 





Ov 


2,200u 





When the circuit is turned ON, the voltage across the 2,200u electrolytic is zero and it gradually 
charges. When the voltage is about 8v, the coil has enough voltage across it to pull the armature 
and open the contacts. The electrolytic supplies voltage to the coil for about 1 second and then 
the electromagnet does not have sufficient magnetism to hold the armature and it returns to 
close the contacts. 











to Index 


GATES 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 62/74 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 


Clear Cold Abyss QINGLENGYUAN 


Location 

On the lateral aspect of the upper arm, with the elbow flexed 
1 cun proximal to > T.B.-10 or 2 cun proximal to the olecranon, 
on the triceps brachii muscle. 


How to find 

This point is best located with the patient’s elbow flexed to 90°, 

using — T.B.-10 as a reference point. This is located in an easily 

palpable depression 1 cun superior to the olecranon. From 

— T.B.-10, palpate approximately 1 cun in a proximal direction 
ea and locate T.B.-11 in a depression on the triceps brachii muscle. 








T.B.-10 (in the ; 
depression Needling 
‘approximately Vertically up to 1 cun 


Actions/Indications 

e Dispels Wind-Damp 

e Opens the channel and the /uo-connecting vessels 
e Clears Damp-Heat 
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4 Acupuncture Points of the Twelve Primary Channels 


if S "45 Dispersing Luo River X1AOLUO 











Location 

4 cun proximal to > T.B.-10 (with the elbow flexed in a depres- 
sion superior to the olecranon) or 5 cun proximal to the olecra- 
non on a line connecting the olecranon and the lateral extremity 
of the acromion (location of — T.B.-14). 


How to find 

First, locate the acromion (— 3.3.1). When the patient’s arm is 
in abduction, two depressions will form below the acromion, in 
the area of origin of the deltoid muscle. > T.B.-14 is located in 
the posterior depression, below the posterior aspect of the lateral 
extremity of the acromion. Next, on a line connecting — T.B.-14 
and the olecranon, measure 4 cun from — T.B.-10 (1 cun proxi- 
mal to the olecranon, in the depression that forms when the 
elbow is flexed) in a proximal direction and there locate T.B.-12. 
Or quick method: Spreading hands technique (— 2.3.3): Place 
the little fingers on — T.B.-14 and — T.B.-10 respectively and 
determine the midpoint of this distance with the thumbs. From 
the midpoint, measure | cun in a distal direction and there locate 
T.B.-12. For orientation: T.B.-12 is midway between — T.B.-11 
(1 cun proximal to T.B.-10 or 2 cun proximal to the olecranon) 
and — T.B.-13 (3 cun distal to > T.B.-14, on the margin of the 
deltoid muscle). 


Needling 
Vertically or obliquely up to 2 cun 


Actions/Indications 
e Opens the channel and alleviates pain 


Special features 

T.B.-12 represents an area extending from 5—7 cun proximal to 
the tip of the elbow rather than a discrete acupuncture point. 
Determine the exact location by tenderness. 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 











Posterior extremity 
“ of the acromion 


Acromion 





i / 
Trapezius : r | TB.14 


- Deltoid 
Scapular spine _ 


_ Triceps brachii, 
lateral head 
Teres major ~~ ~ 


a 
T.B.-13 ~ 
/ 
x 
Triceps brachii, . 
long head “7 pices 
brachii 


Triceps brachii, ~~ _ 
medial head 
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Upper Arm Meeting NAOHU! (VE: 35 


Location 

3 cun distal to the lateral extremity of the acromion (location of 
— T.B.-14), on a line connecting — T.B.-14 and the olecranon, 
at the junction of this line with the margin of the deltoid muscle. 


How to find 

First, locate the acromion (— 3.3.1). When the patient’s arm is 
in abduction, two depressions will form inferior to the acromion, 
in the area of origin of the deltoid muscle. > T.B.-14 is located 
in the posterior depression, below the dorsal aspect of the lateral 
extremity of the acromion. Next, locate T.B.-13 3 cun distal to 
— T.B.-14, on a line connecting — T.B.-14 and the olecranon. 
T.B.-13 is located at the junction of this line with the margin of 
the deltoid muscle, approximately on the level of the end of the 
posterior axillary fold. 


Needling 
Vertically or obliquely up to 2 cun 


Actions/Indications 

e Opens the channel and the /uo-connecting vessels, alleviates 
pain 

e Regulates the Qi flow and transforms Phlegm 


Special features 
According to some authors, meeting point with the yang wei mai 
and the G.B. channel 
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4 Acupuncture Points of the Twelve Primary Channels 


inc Shoulder Crevice JIANLIAO 


Location Deltoid, posterior 
Inferior to the lateral extremity of the acromion between fibres 

the acromial and spinal portions of the deltoid muscle or, with 
the arm abducted, in the posterior of the two depressions on the 
shoulder joint. 


% Deltoid, lateral 
fibres 






How to find 

Ask the patient to abduct their arm to a 90° angle, which will 
reveal two depressions anterior and posterior to the acromion. 
T.B.-14 is located in the posterior depression, directly below the 
dorsal aspect of the lateral extremity of the acromion, between 
the acromial and spinal fibres of the deltoid muscle. The dorsal 
aspect of the lateral extremity of the acromion becomes more 
easily palpable when the upper arm is gently pulled (extension 
of the upper arm), allowing the head of the humerus to glide 
anteriorly. 

— L.I.-15 is located in the depression anterior to T.B.-14. 


7 abduct arm 


or 


Needling 

With the arm adducted, 0.5—1 cun perpendicularly towards the 
centre of the axilla or 1—2 cun transversally to obliquely towards 
the elbow. 


Actions/Indications 

e Disperses Wind and Dampness, benefits the shoulder joint, 
opens the channel and the /uo-connecting vessels, alleviates 
pain 


Special features 
Important local point for shoulder pain, especially for the dorsal 
aspect of the shouler 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 


Heavenly Crevice TIANLIAO [UE a 


Location 

At the midpoint of an imaginary line between the spinous 
process of the 7th cervical vertebra (C7) and the tip of the 
acromion (lateral extremity of the acromion). 


How to find 

First, locate C7 (— 3.4.1) and the acromion (— 3.3.1), which rep- 
resents the lateral extension of the scapular spine (— 3.3.1) and, 
at its most lateral end, forms a flat surface superior to the head of 
the humerus (acromial angle). Using, for example, the spreading 
hands technique (— 2.3.3), determine the midpoint between C7 
and the acromial angle. Located at the highest point of the shoul- 
der is > G.B.-21. T.B.-15 is located approximately 1 cun inferior 
to > G.B.-21, on the superior angle of the scapula. 

— S.I.-13 is located inferior to T.B.-15, directly superior to the 
medial end of the scapular spine. 


Needling 
0.5—1 cun vertically or obliquely towards the neck or shoulder. 
Caution: Pneumothorax. 


Actions/Indications 
e Opens the channel and alleviates pain 
e Dispels especially Wind-Damp, unbinds the chest 





Special features 
aye Meeting point with the yang wei mai and the G.B. channel 
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4 Acupuncture Points of the Twelve Primary Channels 


T.B.-16 Window of Heaven TIANYOU 
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Location 

At the posterior border of the sternocleidomastoid muscle, 
directly inferior to the mastoid process, on the level of the 
mandibular angle. 


How to find 

For a better definition of the sternocleidomastoid muscle, ask the 
patient to rotate their head against resistance towards the side to 
be needled. T.B.-16 is located on the level of the mandibular 
angle, on the dorsal aspect of the sternocleidomastoid muscle. 
This point is located inferior to the posterior border of the mas- 
toid (> 3.1.4). ~ G.B.-12 is located directly posterior and 
inferior to the mastoid; — S.I.-17 is also located on the level of 
the mandibular angle, but on the anterior border of the sterno- 
cleidomastoid muscle. 


Needling 
Vertically 0.5—1 cun. Caution: Carotid artery. 


Actions/Indications 

e Benefits the head and sensory organs 
e Descends the Qi, expels Wind 

e Opens the channel and alleviates pain 


Special features 
Window of Heaven point 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 
Wind Screen YIFENG [RR 3a 7, 
Location 


With the patient’s mouth open, in the depression behind the ear- 
lobe, between the mastoid process and the mandible. 


How to find 

This point should be located with the patient’s mouth open. 
Quick method: When pressing onto the ear lobe, it will touch 
T.B.-17. Or: Gently fold the earlobe anteriorly. T.B.-17 is 
located posterior to the lobe, in a pressure-sensitive depression 
which can be palpated between the mandible and the mastoid 
process. The tip of the needle will get close to the transverse 
process of the Ist cervical vertebra (transverse process of the 
atlas, + 3.1.4), which, below the earlobe, can be palpated as a 
deep bony structure often sensitive to pressure. 


Needling 

This point should be needled with the patient’s mouth slightly 
open. Caution: This point is close to the facial nerve, therefore 
no deep needling. Superior to the transverse process, the verte- 
bral artery curves round posteriorly, therefore strictly needle 
0.5—1 cun in an anterior direction. 


Actions/Indications 
e Expels (external) Wind, benefits the ears, clears Heat, opens 
the channel and /uo-connecting vessels, alleviates pain 





Special features 
Meeting point with the G.B. channel. Important local point for 


disorders of the ears and the temporomandibular joint. in 
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4 Acupuncture Points of the Twelve Primary Channels 


LAr )6=Spasm Vessel QIMAI 
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Location 
Posterior to the ear, in a well-defined depression in the centre of 
the mastoid. 


How to find 

On an imaginary clock face superimposed over the auricle 
(12 o’clock = apex of the ear, 6 o’clock = earlobe), you can 
find an easily palpable depression at 8 o’clock (on the right side) 
and at 4 o’clock (on the left side). It is located directly behind the 
margin of the auricle and is the location of T.B.-18. 

— G.B.-11 is located slightly superior to T.B.-18 and approxi- 
mately 0.3 cun from the ear; + G.B.-12 is located inferior to 
T.B.-18, directly posterior to the mastoid. 


Needling 
0.5 cun transversely (subcutaneously) in an inferior direction or 
prick to bleed. 


Actions/Indications 

e Dispels Wind 

e Opens the channel, alleviates pain 
e Benefits the ears 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 
Skull’s Rest LUX! [UBF b) 
Location 


Posterior to the ear, in a well-defined depression superior to the 
centre of the ear. 


How to find 

On an imaginary clock face superimposed over the auricle 
(12 o’clock = apex of the ear, 6 o’clock = earlobe), you can find 
an easily palpable depression at approximately 10 o’clock (on the 
right side) and at 2 o’clock (on the left side). It is located directly 
behind the margin of the auricle and is the location of T.B.-19. 
— G.B.-11 is located slightly inferior to T.B.-19 and approxi- 
mately 0.3 cun from the margin of the ear. 


Needling 
Up to 0.5 cun transversely (subcutaneously) in an inferior direc- 
tion or prick to bleed. 


Actions/Indications 

e Dispels Wind 

e Opens the channel 

e Benefits the ear, clears Heat 
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4 Acupuncture Points of the Twelve Primary Channels 


inet §=Minute Angle JiIAOSUN 


Location 
Directly superior to the apex of the ear. 


How to find 

Directly superior to the apex of the ear. > G.B.-7 is also located 
on the apex of the ear, but anterior to it, within the circumauric- 
ular hairline. + G.B.-8 is located 1.5 cun superior to the apex of 
the ear. 


Needling 
Up to 1.5 cun transversely (subcutaneously) in the direction of 
the disorder. 


Actions/Indications 
e Benefits the ears and the eyes 
e Clears Heat, especially from the mouth 


Special features 
Meeting point with the G.B. channel, also with the S.I. channel 
according to some authors. 
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Animations of GATES and more details of their operation is covered in DIGITAL 





ELECTRONICS chapter. 


a 


a 

i] 

a 
lamp 


AND GATE 


B 
OR GATE 


Fig 80. The "AND" GATE and 
"OR" GATE with switches 


Fig 81. The "NAND" GATE and "NOR" 
GATE with switches and a transistor 





Basic Electronics 1A 


to Index 


The next BUILDING BLOCK we will cover is 
called the GATE. 

In its simplest form it is an electrical circuit 
consisting of switches. 

Its just two or more switches connected in series 
or parallel. 

We give each circuit a name so we can talk about 
it and explain its action with a single word. 

Later we will cover the electronic version and show 
how diodes and a transistor are needed to perform 
a GATING FUNCTION. 

The type of GATE we are talking about is a 
LOGIC GATE. 

The circuit performs an operation called a 
LOGICAL OPERATION on an input or a number 
of inputs and creates a single output - called a 
LOGICAL OUTPUT. 

LOGICAL means "understandable" or "correct" 
and in this case it means DIGITAL - the signal will 
rise to full rail voltage or fall to zero voltage. The 
output will not be half rail or quarter-rail voltage. 
The diagram show an "AND" GATE and "OR" 
GATE with switches. 

For the AND GATE close switch A AND switch B 
for the lamp to illuminate. 

For the OR GATE close switch A OR switch B for 





the lamp to illuminate. 





to Index 


INVERSION 

Inversion produces the opposite effect to 
the results above. 

Suppose we want to turn OFF a lamp 
when one or two switches are pressed. 
We need a transistor. 

The technical word for Inversion is NOT. 
It is simplified to the letter "N." 


For the NAND GATE close switch A 
PLUS switch B for the lamp to turn OFF. 
For the NOR GATE close switch AOR 
switch B for the lamp to turn OFF. 


These gates are only demonstration- 
gates to show how one or two switches 
will turn a lamp OFF. 








ne 





to Index 





http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 
Ear Gate ERMEN (8: e774) 
Location 


Anterior to the ear, with the patient’s mouth open in the depres- 
sion on the level of the supratragic notch and slightly superior to 
the condyloid process of the mandible. 


How to find 

This point should be both located and needled with the patient’s 
mouth open. This allows the condyloid process of the mandible 
to slide anteriorly to reveal the depression where T.B.-21 is 
located. Locate the sulcus between the auricle and the cheek 
anterior to the tragus (this can be more or less well defined). 
Then locate T.B.-21 on the level of the supratragic notch on the 
sulcus. If the latter cannot be clearly identified (it becomes more 
pronounced with increasing age), the depression can be located 
with an (ear) point locator when the patient’s mouth is opened. 
T.B.-21 is the most superior of three points located anterior to 
the ear (— S.I.-19 and — G.B.-2 are located more distally). 


Needling 

0.5—1 cun vertically or slightly obliquely in an inferior direction. 
Needle with the patient’s mouth open (to avoid intra-articular 
insertion). After insertion, patients can close their mouth again. 
Caution: Like S.I.-19 and G.B.-2, this point is close to the super- 
ficial temporal artery and the auriculotemporal nerve. 


Actions/Indications 
e Clears Heat, benefits the ears 


Special features 
Important local point for disorders of the ears 























* Accoring to Deadman et al 1998. 
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4 Acupuncture Points of the Twelve Primary Channels 


ip: *y¥4) Ear Harmony Crevice ERHELIAO 


Location 
In a depression at the border of the circumauricular temporal 
hairline, anterior to and on the level of the root of the auricle. 


How to find 

First, locate the anterior aspect of the root of the ear. From there, 
palpate approximately the breadth of the little finger in the direc- 
tion of the eye. There, T.B.-22 is located superior to the zygo- 
matic arch (— 3.1.2), which forms a bony ridge when sliding 
inferiorly from T.B.-22. 

Located inferior to the zygomatic arch is > T.B.-21. 


Needling 
Transversely (subcutaneously) 0.5 cun. Caution: Superficial 
temporal artery. 


Actions/Indications 
e Dispels Wind 
e Opens the channel and the /uo-connecting vessels 


Special features 


~ Ex-HN 





Meeting point with the S.I. and G.B. channels, exit point accord- ne . fl ! WoW (anmian) 
ing to some authors. , - 2 orey wees 
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‘ ‘Zygomatic arch 


Mandibular angle 
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4.10 The Triple Burner Channel System - Hand shaoyang (shou shao yang jing luo) 
Silken Bamboo Hollow SIZHUKONG [UB 4%: 


Location 

On the lateral end of the eyebrow, in the bony depression of the 
frontozygomatic suture, between the frontal and zygomatic 
bones. 


How to find 

The frontozygomatic suture (between the zygoma and the 
frontal bone) is generally located at the lateral end of the eye- 
brow. As the position of the latter can vary considerably, the 
suture is a more suitable reference point. In order to locate it, 
palpate from the outer canthus of the eye superiorly along the 
orbital margin, from its zygomatic to the frontal section, until 
you can feel a bony depression in the area of the suture. Locate 
T.B.-23 in this mainly pressure-sensitive depression. 


Needling 

0.5—1 cun obliquely or transversely (subcutaneously) in a pos- 
terior direction towards Ex-HN-5 (taiyang). In China, this point 
is also needled along the eyebrow to Ex-HN-4 (yuyao: in the 
centre of the eyebrow). Moxibustion is contraindicated accord- 
ing to some classic texts. 


Actions/Indications 
e Benefits the eyes, alleviates pain, eliminates Wind 


Special features 
Important local point for headaches and disorders of the eyes 
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4.11 Gall Bladder Channel System - Foot shaoyang (zu shao yang jing luo) 


4.11 Gall Bladder Channel 
System — Foot shaoyang 
(zu shao yang jing luo) 


4.11.1 The Gall Bladder Primary 
Channel (zu shao yang jing) 














Ths? +. 
T.B.-20-//7~, #esy- 51-8 
if] gecd- (T.B.-23) 
ey SY GB.-1 
“ A4A~ ST-7 
ae z# ~ ST-5 
PE ieee i> ST-6 
Be ee >> ST-9 
| A ORE SOs sT-42 


+ : F ee Ne 
ST-15* Sil-12 


* According to Deadman 
et al 1998. 
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Pathway 

The Gall Bladder primary channel begins at G.B.-1 (tongziliao) 
at the outer canthus of the eye. This point is reached by a small 
branch which separates from the Triple Burner primary channel 
at > T.B.-23 (sizhukong) on the frontozygomatic suture, accord- 
ing to some authors at > T.B.-22 (hand-foot pairing of the third 
great circuit, Yang axes: shaoyang). 
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process 


superior 
fibres 


From G.B.-1, the external pathway runs to G.B.-2 (tinghui) in 
front of the ear 

= ascends to the forehead and ST-8 (touwei) 

™ traverses the temporal region in a slight curve, passing 


—p— 
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G.B.-21 






Level of 
the nipples 


Level of the 
umbilicus 





of the pubic 
symphysis 


Manubrium 
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Sternum ss aaa 
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Pelton ne eS 
+h 6th mtercostal space - 9 Liy- 14 


57th Intercostal sp sp: = fie -24 


G.B.-4 to G.B.-7, and continues to — T.B.-22 (erheliao) 
anterior to the root of the ear 

= passes > T.B.-20 (jiaosun) superior to the apex of the ear and 
curves posterior to the ear from G.B.-8 to G.B.-12 

™ traverses the lateral aspect of the head to G.B.-13 (benshen) 
and G.B.-14 (yangbai) on the forehead 

™ again traverses the side of the head to G.B.-20 (fengchi) 

= crosses the superior aspect of the shoulder and passes 
G.B.-21 (jianjing) and > T.B.-15 (tianliao) to reach > Du-14 
(dazhu), where it meets the other Yang primary channels 

= continues to S.I.-12 (bingfeng), according to some authors 
(Deadman et al 1998) previously passing > BL-11 (dashu) 
and ST-12 (quepen) in the supraclavicular fossa. 

One branch runs from G.B.-20 to > T.B.-17 (yifeng), enters 

the ear and travels to > S.I.-19 (tinggong), passes + ST-7 

(xiaguan) and continues to G.B.-1 (tongziliao) at the lateral can- 

thus of the eye, descends to > ST-5 (daying), again ascends to 

the infraorbital region, where it meets the Triple Burner primary 
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channel; then descends to + ST-6 (jiache) on the lower jaw, 
traverses the lateral aspect of the neck, passing > ST-9 (renying) 
at the sternocleidomastoid, and meets the main branch again at 
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4.11 Gall Bladder Channel System - Foot shaoyang (zu shao yang jing luo) 


— ST-12 (quepen) in the supraclavicular fossa, where the latter 
divides into 2 branches: 

= The inner branch enters the thorax, meets the Pericardium 
primary channel at — P-1 (tianchi), runs across the 
diaphragm, connects with the Liver (gan) and the Gall Blad- 
der (dan), traverses the hypochondrium and continues to the 
lower abdomen, enters the lumbar region near the femoral 
artery, according to Solinas et al (1998) via — ST-30 
(gichong), and continues along the pubic hairline to the hip. 
The outer branch descends superficially from the supraclavi- 
cular fossa, crosses the midaxillary line and continues along 
the lateral thoracic wall, passing > LIV-13 (zhangmen) at the 
free end of the 11th rib and continuing to the hip to G.B.-29 
(juliao). It then traverses the sacral region, passing > BL-31 
(shangliao), + BL-32 (ciliao), -~ BL-33 (zhongliao) and 
— BL-34 (xialiao) over the sacral foramina and continues to 
— Du-1 (changgiang). From there, it travels laterally to 
G.B.-30 (Auantiao), where it reconnects with the main branch 
(— see comment below*). 

The external pathway descends along the lateral aspect of the 
thigh to the knee and further along the anterior/posterior border 
of the fibula, passing the anterior aspect of the lateral malleolus 
and ending at the ulnar corner of the nail of the fourth toe. 

A further branch originates at G.B.-41 (zulingi) on the dorsum 
of the foot and travels between the Ist and 2nd metatarsal bones 
to the tip of the big toe and LIV-1 (dadun), where it joins the 
LIV channel. 


= 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: Alternating fevers and 
chills, headaches, eye pain, pain in the cheek and on the chin, 
subaxillary swellings, deafness, lateral knee and leg pain 
Interior (i) or zangfu-Organ signs and symptoms: Pain in the 
lateral costal region, vomiting, bitter taste in the mouth, thoracic 
pain 


Connections of the Gall Bladder primary 
channel (— 1.2) 


Connections with other channels (— 1.2) 


Liver primary channel (zu jue yin jing) 

Connection: Foot Yin—Yang pair of the third great circuit 
Location: G.B.-41 — LIV-1 (on the foot) 

Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Triple Burner primary channel (shou shao yang jing) 
Connection: Hand-foot pairing of the third great circuit: shaoyang 
(Yang axes) 





* Not all authors describe the pathway of the G.B. channel as passing the points 
BL-31 to BL-34 and Du-1 (see figure for variant pathway). 


Location: T.B.-23 (or T.B.-22, according to some authors) 
— G.B.-1 (on the head) 

Circulation: Circadian (according to the Organ clock) 
Importance: Above-below relationship 


Connections with zangfu-Organ systems 
Liver (gan), Gall Bladder (dan) 


4.11.2 The Gall Bladder Divergent 
Channel (zu shao yang jing bie) 









(Brain*) 5, ( Variant) 
e 4 


G.B.-1 


(2nd confluence) — es ~~ 9m 4 


G.B.-30 ff 
| (Variant: 
: Thigh region) 


Pathway 

The Gall Bladder Divergent channel separates from the Gall Blad- 

der primary channel near G.B.-30 (huantiao); according to some 

authors, it separates on the thigh (— variant in the illustration) 

™ traverses the hip region to the anterior aspect of the body 

= reaches the inguinal region and crosses the Liver divergent 
channel at > Ren-2 (qugu) 

™ ascends the abdomen to LIV-13 (zhangmen) below the free 
end of the 11th rib 

= continues internally along the thoracic wall 

=> connects with the Gall Bladder (dan) and the Liver (gan) and 
passes the Heart (xin) 

= ascends to the neck 

= emerges on the lower jaw 
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= disperses on the face 

= connects with the Gall Bladder primary channel and the Liver 
divergent channel to form one of the six he-confluences 
(here: G.B./LIV as 2nd confluence — 1.3) 

= continues to the eye system and ends in the Brain. 


Clinical importance 

e Strengthens the relationship between the Gall Bladder and the 
Liver (zangfu-Organ systems). Points on the Gall Bladder pri- 
mary channel can therefore be used to treat disorders of the 
Liver and vice versa. 

e Supports the relationship between the oesophagus and the 
Heart. 

e The Gall Bladder Divergent channel covers the area around 
the eyes, thus supporting the action of some G.B. points for 
disorders of the eyes. 


4.11.3. The Gall Bladder Sinew 
Channel (zu shao yang jing jin) 


=--- Du-20 
S.1.-18 
x ~ Meeting point 


of the three hand Yang 
sinew channels 





ef ST-32 


—e— 


Pathway 

The Gall Bladder sinew channel begins at the 4th toe, binds (jie) 

anterior and inferior to the lateral malleolus in the area of 

G.B.-40 (qiuxu), follows the lateral aspect of the leg, binds (jie) 

at the fibula and the lateral aspect of the knee. 

From the fibula, it continues to ascend the lateral aspect of the 

thigh 

= while a branch runs obliquely to + ST-32 (futu), where it 
binds (jie). 

The main branch further ascends the leg to bind (jie) at the 

greater trochanter. Here, a branch separates and disperses over 

the gluteal and sacral regions. 

From the hip, the channel continues to ascend the flanks to the 

lower costal region, where it divides into two branches: 

= one branch traverses the lateral aspect of the thorax and 
ascends to bind (jie) at + ST-12 (quepen) 

= the other branch follows the midaxillary line to the thorax, 
meeting the other branch in the supraclavicular fossa. 

From ST-12, the channel ascends the lateral aspect of the neck 

= curves around the ear 

™ a branch continues to the apex of the ear and to ~ Du-20 
(baihui) 

= from the temporal region, a branch descends and traverses 
the cheek to the lower jaw 

™ crosses the zygomatic arch to reach S.I.-18 (quanliao), where 
it meets the other foot Yang sinew channels and divides into 
two branches. One branch travels laterally to the root of the 
nose, the other to the outer canthus of the eye. 


Clinical importance 

Pathology: Stiffness and distending sensations in the area of the 
4th toe as well as on the lateral aspect of the knee. Limited range 
of motion of the knee joint. Pain, tension and distending sensa- 
tions in the popliteal crease radiating to the thigh and the sacral 
region and vice versa. Pain and distending sensations in the 
sacral region radiating to the hypochondrium and vice versa. 
Pain and tension in the supraclavicular fossa, thorax, breast and 
neck region. Pain along the left side of the channel and inability 
to open the right eye and vice versa. 

Indication: Predominantly for pain, muscle tension, stiff joints 
and distending sensations on the lateral aspect of the body. Used 
for disorders of the anterior, lateral and posterior aspects of the 
legs, especially those affecting the knees and the thighs. The Gall 
Bladder Sinew channel spreads in the thorax and the breasts so 
that points on the G.B. channel can be used for disorders in those 
areas. Also for headaches on the vertex and temporal regions. 
The channel also reaches the lateral aspect of the nose, which 
supports the relationship with the nose. Therefore, G.B. points 
can be used for chronic nasal disorders, chronic sinusitis, etc. 
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4.11 Gall Bladder Channel System - Foot shaoyang (zu shao yang jing luo) 


4.11.4 The Gall Bladder /uo-Connecting 
Channel (zu shao yang luo mai) 





Pathway 

The Gall Bladder /uo-connecting channel separates from the Gall 

Bladder primary channel at its Juo-connecting point G.B.-37 

(guangming) (— 8.1.2). It forms a three-dimensional reticulate 

network, dividing into multiple branches and sub-branches (sun 

luo, fu luo, xue luo > 1.5) within the surrounding tissue. 

e Horizontal divisions run to the Interiorly—Exteriorly paired 
Liver primary channel; according to some schools of thought 
(for example, Ngyen Van Nghi — Appendix), they travel as a 
transverse G.B. /uo vessel to the yuan-source point LIV-3 
(taichong). 

e A longitudinal division descends to the dorsum of the foot 
and spreads to the 3rd, 4th and 5th toes. 


Clinical importance (— 8.1.2) 

Pathology 

Excess (shi): Cold sensations in the feet 

Deficiency (xu): Weakness, weak musculature of the foot, includ- 
ing difficulty in standing, paralysis of the lower extremity 


4.11.5 Cutaneous Region (shao yang 
pi bu) 


See description and figures > 1.6. 


4.11.6 Points of the Gall Bladder 
Primary Channel (Overview) 


Specific points according to their function 

e Yuan-source point (— 8.1.1): G.B.-40 (giuxu) BE 

e Luo-connecting point (— 8.1.2.): G.B.-37 (guangming) Sl 
e Xi-cleft point (— 8.1.3): G.B.-36 (waigiu) 

e Associated Back-shu point (— 8.1.4): BL-19 (danshu) S™ 


Associated Front-mu point (— 8.1.5): G.B.-24 (riyue) Bm 
e Five shu-transporting points (— 8.1.6): 

jing-well point (Metal): G.B.-44 (zuqiaoyin) S™ 

ying-spring point (Water), tonification point: G.B.-43 (xiaxi) 

shu-stream point (Wood), ben point (Five Phases): G.B.-41 

(zulingi) @& 

jing-river point (Fire), sedation point: G.B.-38 (yangfu) 

he-sea point (Earth): G.B.-34 (yanglingquan) && 

e Hui-meeting point (— 8.1.7) 

— with the sinews: G.B.-34 (yanglingquan) && 

— with the Marrow: G.B.-39 (xuanzhong) 

e Opening point (— 8.1.8) of the dai mai: G.B.-41 (zulingi) S& 

e Lower he-sea point (— 8.1.9) of the Gall Bladder: G.B.-34 
(yanglingquan) && 

e Jiaohui-meeting points (— 8.1.10): 

— with the S.I. and T.B. channels: G.B.-1 (tongziliao) 

— with the T.B. and ST channels: G.B.-3 (shangguan), G.B.-4 
(hanyan) 

— with the T.B., L.I. and ST channels: G.B.-5 (xuanlu), G.B.- 
6 (xuanli) 

— with the BL channel: G.B.-7 (qubin); G.B.-8 (shuaigu) SM, 
G.B.-9 (tianchong), G.B.-10 (fubai) 

— with the BL, (S.I., T.B.*) channels: G.B.-11 (tougiaoyin) 

— with the BL channel: G.B.-12 (wangu) Sl 

— with the yang wei mai: G.B.-13 (benshen) Sl 

— with the yang wei mai, (T.B., ST, L.I. channels*): G.B.-14 
(yangbai) Sl 

— with the yang wei mai and the BL channel: G.B.-15 (toulingi) 

— with the yang wei mai: G.B.-16 (muchuang). G.B.-17 
(zhengying), G.B.-18 (chengling), G.B.-19 (naokong) 

— with the yang wei mai, yang giao mai and (T.B. channel*): 
G.B.-20 (fengchi) SE 

— with the yang wei mai, T.B. and (ST*) channels: G.B.-21 
(jianjing) Sl 

— with the BL channel*: G.B.-23 (zhejin) 

— with the SP channel and (yang wei mai*): G.B.-24 (riyue) Sl 

— with the dai mai: G.B.-26 (daimai), G.B.-27 (wushu), 
G.B.-28 (weidao) 

— with the yang giao mai and (dai mai*): G.B.-29 (juliao) 

— with the BL channel: G.B.-30 (huantiao) Sl 

— with the yang wei mai*: G.B.-35 (yangjiao) 

— of other channels with the G.B. channel: ST-7, ST-8, ST-9, 
ST-12, 8.1.12, S.I.-19, (BL-1, BL-11*), BL-31-34, P-1, 
(T.B.-15*), T.B-17, T.B.-20, T.B.-22, LIV-13, Du-1, Du- 
14, (Du-20, ST-5, ST-6, ST-30*) 

e Gao Wu command point (— 8.1.11): - 

e Window of Heaven point (— 8.1.12): G.B.-9 (tianchong) 
Points of the Four Seas (— 8.1.13): -— 

e Ma Dan Yang Heavenly Star points (— 8.1.14): G.B.-30 
(huantiao) @@, G.B.-34 (yanglingquan) && 





* Mentioned by only some authors. 
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e Sun Si Miao Ghost point (— 8.1.15): - 
e Other functional points: 
— main point for all disorders of the head, sensory organs, 
Brain: G.B.-20 (fengchi) S& 
— front-mu point of the Kidneys (— 8.1.5): G.B.-25 
(jingmen) Sl 
— xi-cleft point (7 8.1.3) of the yang wei mai: G.B.-35 
(yangjiao) 


Points according to region 

e Local points (— 8.2.1): forehead — G.B.-14 (yangbai) Sm; 
head, temporal region — G.B.-8 (shuaigu) Sm; head, occipital 
region — G.B.-20 (fengchi) MM; ears — G.B.-2 (tingshui) MM; 
cervical spine — G.B.-20 (fengchi) @™; neck and shoulder 
region — G.B.-20 (fengchi) mm, G.B.-21 (jianjing) @™; Gall 
Bladder — G.B.-24 (riyue) @™; hypochondrium — G.B.-25 
(jingmen) @M, G.B.-26 (daimai), G.B.-27 (wushu); hip — 
G.B.-29 (juliao), G.B.-30 (huantiao) SM; knee — G.B.-34 
(yanglingquan) @@, G.B.-35 (yangjiao); foot — G.B.-40 
(giuxu) S& 

e Adjacent points (— 8.2.1): head, temporal region — G.B.-20 
(fengchi) @@; ears — G.B.-8 (shuaigu) mm, G.B.-20 (fengchi) 
™m®; cervical spine and shoulders — G.B.-21 (jianjing) MM; 
lumbar region — G.B.-25 (jingmen) Ml, G.B.-30 (huantiao) 
mm; hip — G.B.-31 (fengshi); knee — G.B.-33 (xiyangguan); 
foot — G.B.-34 (yanglingquan) &@&; toes — G.B.-38 (yangfu) 

e Distal points (— 8.2.1): head, temporal region — G.B.-43 
(xiaxi), G.B.-41 (zulingi) Sl; eyes — G.B.-37 (guangming) SM, 
ears — G.B.-41 (zulingi) Mm; Liver — G.B.-34 (yanglingquan) 
mm; Gall Bladder — G.B.-34 (yanglingquan) am, G.B.-40 
(giuxu) @™@; hypochondrium — G.B.-38 (yangfu), G.B.-34 
(yanglingquan) @@, G.B.-43 (xiaxi); cervical spine and hip — 
G.B.-39 (xuanzhong) SM; hip — G.B.-41 (zulinqgi) Sl 


Specific points according to the channel 

pathway (in numeric order) 

e G.B.-1 (tongziliao): jiaohui-meeting point with the S.I. and 
T.B. channels (— 8.1.10) 

e G.B.-2 (tinghui) &™: local point for the ears (— 8.2.1) 

e G.B.-3 (shangguan): jiaohui-meeting point with the T.B. and 
ST channels (— 8.1.10) 

e G.B.-4 (hanyan): jiaohui-meeting point with the T.B. and ST 
channels (— 8.1.10) 

e G.B.-5 (xuanlu): jiaohui-meeting point with the T.B., L.I. and 
ST channels (— 8.1.10) 

e G.B.-6 (xuanli): ): jiaohui-meeting point with the T.B., L.L. 
and ST channels (—> 8.1.10) 

e G.B.-7 (qubin): ): jiaohui-meeting point with the BL channel 
(> 8.1.10) 

e G.B.-8 (shuaigu) @™: jiaohui-meeting point with the BL 
channel (— 8.1.10); local point for the lateral aspect of the 
head (— 8.2.1); adjacent point for the ears (— 8.2.1) 

e G.B.-9 (tianchong): jiaohui-meeting point with the BL chan- 
nel (— 8.1.10)*; Window of Heaven point (— 8.1.12)* 


—p— 


G.B.-10 (fubai): jiaohui-meeting point with the BL channel 
(> 8.1.10) 

G.B.-11 (touqgiaoyin): jiaohui-meeting point with the BL, 
(S.L, T.B.)* channels (— 8.1.10) 

G.B.-12 (wangu): jiaohui-meeting point with the BL channel 
(> 8.1.10) 

G.B.-13 (benshen) @@: jiaohui-meeting point with the yang 
wei mai (> 8.1.10) 

G.B.-14 (yangbai) @™: jiaohui-meeting point with the yang 
wei mai and (T.B., ST, L.I.*) channels (— 8.1.10); local point 
for the forehead (> 8.2.1) 

G.B.-15 (toulingi): jiaohui-meeting point with the yang wei 
mai and BL channel (> 8.1.10) 

G.B.-16 (muchuang): jiaohui-meeting point with the yang 
wei mai (> 8.1.10) 

G.B.-17 (zhengying): jiaohui-meeting point with the yang 
wei mai (> 8.1.10) 

G.B.-18 (chengling): jiaohui-meeting point with the yang wei 
mai (— 8.1.10) 

G.B.-19 (naokong): jiaohui-meeting point with the yang wei 
mai (—> 8.1.10) 

G.B.-20 (fengchi) @®: jiaohui-meeting point with the yang 
wei mai, yang giao mai and (T.B. channel*) (— 8.1.10); local 
point for the occiput (— 8.2.1); local point for the neck and 
shoulders (— 8.2.1); local point for all disorders of the head, 
sensory organs, Brain; adjacent point for the lateral aspect of 
the head and the ears (— 8.2.1) 

G.B.-21 (jianjing) @™: jiaohui-meeting point with the yang 
wei mai, T.B. and (ST*) channels (— 8.1.10); adjacent point 
for the neck and shoulders (—> 8.2.1) 

G.B.-23 (zhejin): jiaohui-meeting point with the BL channel 
(> 8.1.10) 

G.B.-24 (riyue) MM: associated Front-mu point (7 8.1.5); 
Jiaohui-meeting point with the SP channel and (yang wei 
mai*) (— 8.1.10); local point for the Gall Bladder (— 8.2.1) 
G.B.-25 (jingmen) @™@: Front-mu point of the Kidneys 
(> 8.1.5); local point for the hypochondrium (— 8.2.1); adja- 
cent point for the lumbar region (— 8.2.1) 

G.B.-26 (daimai): jiaohui-meeting point with the dai mai 
(— 8.1.10); local point for the hypochondrium (—> 8.2.1) 
G.B.-27 (wushu): jiaohui-meeting point with the dai mai 
(— 8.1.10); local point for the hypochondrium (> 8.2.1) 
G.B.-28 (weidao): jiaohui-meeting point with the dai mai 
(> 8.1.10); 

G.B.-29 (juliao): jiaohui-meeting point with the yang giao 
mai and (dai mai*) (— 8.1.10); local point for the hip 
(> 8.2.1) 

G.B.-30 (huantiao) @@: jiaohui-meeting point with the BL 
channel (— 8.1.10); Ma Dan Yang Heavenly Star point 
(— 8.1.14); adjacent point for the lumbar region and the hip 
(— 8.2.1); local point for the hip (— 8.2.1) 

G.B.-31 (fengshi): adjacent point for the hip (— 8.2.1) 
G.B.-33 (xiyangguan): adjacent point for the knee (— 8.2.1) 
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4.11 Gall Bladder Channel System - Foot shaoyang (zu shao yang jing luo) 


G.B.-34 (yanglingquan) @&®: he-sea point (Earth) (— 8.1.6); 
hui-meeting point with the sinews (— 8.1.7); lower he-sea 
point of the Gall Bladder (— 8.1.9); Ma Dan Yang Heavenly 
Star point (— 8.1.14); distal point for the Liver, Gall Bladder 
and hypochondrium (— 8.2.1); local point for the knee (7 
8.2.1); adjacent point for the foot (> 8.2.1) 

G.B.-35 (yangjiao): xi-cleft point of the yang wei mai 
(> 8.1.3); jiaohui-meeting point with the yang wei mai* 
(— 8.1.10); local point for the knee (— 8.2.1) 

G.B.-36 (waigiu): xi-cleft point (— 8.1.3) 

G.B.-37 (guangming) @™: luo-connecting point (— 8.1.2); 
distal point for the eyes (— 8.2.1) 

G.B.-38 (yangfu): jing-river point (Fire) (— 8.1.6); sedation 
point; distal point for the hypochondrium (— 8.2.1) 


G.B.-39 (xuanzhong) @@: hui-meeting point with the Marrow 
(— 8.1.7); distal point for the cervical spine and the hip 
(> 8.2.1) 

G.B.-40 (qiuxu) Si: yuan-source point (— 8.1.1); local point 
for the foot (— 8.2.1); distal point for the Gall Bladder 
(> 8.2.1) 

G.B.-41 (zulingi) S&@: shu-stream point (Wood); ben point 
(Five phases) (— 8.1.6); Opening point (— 8.1.8) of the dai 
mai; distal point for the temporal region and the ears 
(— 8.2.1); distal point for the hip (— 8.2.1) 

G.B.-43 (xiaxi): ying-spring point (Water) (— 8.1.6); tonifi- 
cation point; distal point for the lateral aspect of the head and 
the hypochondrium (= 8.2.1) 

G.B.-44 (zugiaoyin) SM: jing-well point (Metal) (> 8.1.6) 
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NOT GATE 

A single switch and transistor produces a 
NOT GATE. 

This is simply an INVERSION. 






NOT GATE i 


The resistor turns the transistor ON and 
the lamp illuminates. The switch removes 
the voltage on the base and the transistor 
turns OFF. 

This is only a demonstration circuit to 
show how a switch can turn a lamp OFF. 


Fig 82. The "NOT" GATE 





to Index 


The 5 gates above form the basis to turning a circuit ON and OFF. We will discuss these gates 
later in the digital section. 





to Index 


The next building block is the 
GATING DIODE. 

We have shown a diode allows 
current to flow when the diode is 
correctly placed in a circuit and 
blocks current when it is reversed. 
The 5 gates above are electrical 
circuits but an electronic circuit 
works in a slightly different way. 

The electronic circuit will be covered 
later in the DIGITAL section. 

For the moment we will explain how 
a diode can be used to create a 
GATE. 

In other words it creates a ONE- 
AND GATE with DIODES WAY PATH to allows signals to pass 
from one stage to another and 
prevents signals passing in the 
opposite direction. 

In the AND GATE circuit, both inputs 
are LOW and current flows through 
the resistor (it will get HOT). When 
one input is taken HIGH, current still 
flows through the other diode and 
the lamp does not illuminate. 

When BOTH inputs are HIGH, 
current flows through the resistor to 
illuminate the lamp. No current flows 
through the diodes. 

In the OR GATE, when one input is 
taken HIGH, current flows through 
the diode to illuminate the lamp. 


OR GATE with DIODES This can be done with EITHER 


input. 





Fig 83. "AND and "OR" gate with diodes 


to Index 





A NAND and NOR gate 
can be made with 
diodes and a transistor. 
This time we the output 
is either HIGH or LOW. 
We are gradually 
producing circuits that 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Pupil Crevice TONGZILIAO [AES 


Location 
In a bony depression on the lateral aspect of the orbital margin, 
on the level of the outer canthus of the eye. 


How to find 

From the outer canthus of the eye, palpate in a lateral direction. 
Locate G.B.-1 on the outer aspect of the orbit (diagonally infer- 
ior to the temple), where a bony depression can be palpated. 

— T.B.-23 is located more superiorly on the lateral end of the 
eyebrow, in a depression on the frontozygomatic suture. > BL-1 
is located at the inner canthus of the eye. 


Needling 

0.2-0.3 cun obliquely in a posterior direction or up to 1 cun 
transversely (subcutaneously) towards — Ex-HN-5 (taiyang). 
According to some texts, moxibustion is contraindicated. 


Actions/Indications 
e Expels Wind and Heat from the eyes 





Special features 
Meeting point with the S.I. and T.B. channels, entry point. 








(anmian) 
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4 Acupuncture Points of the Twelve Primary Channels 


icky Meeting of Hearing TINGHUI 











Location 

Anterior to the ear, with the patient’s mouth open in the depres- 
sion on the level of the intertragic notch, on the lower border of 
the condyloid process of the mandible. 


How to find 

Locate and needle with the patient’s mouth open as this allows 
the condyloid process of the mandible to slide towards the 
anterior, revealing the depression where G.B.-2 is located. Find 
the vertical sulcus anterior to the ear (at the ear/cheek junction), 
which may be more or less pronounced. Then locate G.B.-2 on 
the sulcus, on the level of the intertragic notch. If the sulcus is 
not clearly defined (it becomes more clearly visible with 
increasing age), the depression can be located by using an (ear) 
point locator. G.B.-2 is the most distal of three points located 
anterior to the ear (7 S.I.-19 and — T.B.-21 are both located 
more superiorly). 


Needling 

0.5—1 cun vertically or slightly obliquely in an inferior direction. 
Needle with the patient’s mouth open to avoid intra-articular inser- 
tion. Caution: Like T.B.-21 and S.L.-19, this point is located close 
to the superficial temporal artery and the auriculotemporal nerve. 


Actions/Indications 

e Eliminates Wind, clears Heat, benefits the ears and the tem- 
poromandibular joint 

e Opens the channel and the /uo-connecting vessel, alleviates 
pain 


Special features 
Important local point for disorders of the ears and the jaw. This 
point is often used alternately with T.B.-21 and S.I.-19. 








* According to Deadman et al 1998. 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Above the Joint SHANGGUAN ces 


Location 
In a depression on the upper border of the zygomatic arch, approx- 
imately | cun anterior to the root of the ear, superior to > ST-7. 


Condyloid = 7 How to find 

¥ ‘ Locate the zygomatic arch (— 3.1.2) by palpating from the root of 
the ear (root of the helix) approximately 1 cun towards the orbit. 
Follow its course by placing one finger above and the other finger 
below the arch. As soon as the lower finger has reached a clearly 
palpable depression anterior to the temporomandibular joint and 
posterior to the masseter muscle (— ST-7), the upper finger will be 
resting on G.B.-3, which is located directly superior to > ST-7 in 
a shallow depression on the superior border of the zygomatic arch. 













Mouth 
closed 


Needling 
Vertically 0.3—0.5 cun, no strong stimulation. Caution: Branches 
of the temporal, transverse facial and masseteric arteries! Tradi- 


eee tionally, deep needling is prohibited. 


border of © 
the masseter 


Actions/Indications 

e Opens the channel, alleviates pain 
e Eliminates Wind 

e Benefits the ears 


Special features 
Meeting point with the T.B. and ST channels 












Zygomatic arch — Temporo- 
4 ‘mandibular — 
! joint Y 











Occipital 
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\ T.B.-23 

ST-7 


: ‘, ‘Zygomatic arch 


Mandibular angle 
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4 Acupuncture Points of the Twelve Primary Channels 


PSE) jaw Serenity HANYAN 











Location 
At the junction of the upper quarter and the second quarter of a 
line connecting — ST-8 and — G.B.-7. 


How to find 

First, locate the two reference points: + ST-8 (4.5 cun lateral to 
the midline and 0.5 cun within the anterior hairline, at the corner 
of the forehead) and — G.B.-7 (in the depression on the level of 
the apex of the ear, within the circumauricular temporal hair- 
line). Then divide the slightly curved line between these two 
points into quarters and locate G.B.-4 at the junction of the 
upper quarter with the lower three quarters. Generally, G.B.-4 is 
located on the temporal hairline and the anterior portion of the 
temporalis muscle, which can be felt when chewing. 


Needling 
0.3—1.5 cun transversely (subcutaneously), tangentially along the 
skull, in the direction of the occiput or towards the disorder/pain. 


Actions/Indications 
e Eliminates Wind and Heat 
e Opens the channel 


Special features 
Meeting point with the T.B. and ST channel 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Suspended Skull XUANLU | GBS | 


Location 
At the junction of the 2nd and 3rd quarter of an imaginary line 
connecting > ST-8 and — G.B.-7. 


How to find 

First, locate the two reference points: + ST-8 (4.5 cun lateral to 
the midline and 0.5 cun within the anterior hairline, at the corner 
of the forehead) and — G.B.-7 (in the depression on the level of 
the apex of the ear, within the circumauricular temporal hairline). 
Then divide the slightly curved line between these two points into 
quarters and locate G.B.-5 at the junction of the upper two quar- 
ters with the lower two quarters. Generally, this point is located 
on the level of the parietal suture, just within the hairline. 


Needling 
0.3-1.5 cun transversely (subcutaneously), tangentially along the 
skull, in the direction of the occiput or towards the disorder/pain. 


Actions/Indications 
e Expels Wind and Heat 
e Opens the channel 





Special features 
Meeting point with the T.B., L.I. and ST channels 
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4 Acupuncture Points of the Twelve Primary Channels 


| G.BH6 Suspended Hair XUANLI 











Location 
At the junction of the lower quarter and the upper three quarters 
of a line connecting — ST-8 and — G.B.-7. 


How to find 

First, locate the two reference points: + ST-8 (4.5 cun lateral to 
the midline and 0.5 cun within the anterior hairline, at the corner 
of the forehead) and — G.B.-7 (in the depression on the level of 
the apex of the ear, within the circumauricular temporal hair- 
line). Then divide the slightly curved line between these two 
points into quarters and locate G.B.-6 at the junction of the 
upper three quarters with the lower quarter. 


Needling 
0.3-1.5 cun transversely (subcutaneously) in the direction of the 
occiput or towards the disorder/pain. 


Actions/Indications 
e Expels Wind and Heat 
e Opens the channel 


Special features 
Meeting point with the L.I., ST and T.B. channels 


















Ex-HN 
(anmian) 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Crook of the Temple QUBIN 


Location 

In a depression on the level of the apex of the ear, within the cir- 
cumauricular temporal hairline, approximately at the junction of 
a horizontal line through the apex of the ear and a vertical line 
along the posterior border of the temple anterior to the ear. 


How to find 

Locate G.B.-7 by palpating for a small depression anterior to the 
apex of the ear at the circumauricular temporal hairline. The 
point is located approximately at a junction between a horizon- 
tal line through the apex of the ear and a vertical line along the 
posterior border of the temple anterior to the ear. 

For orientation: > T.B.-20 is located directly superior to the 
apex of the ear. 


Needling 
0.3-1.5 cun transversely (subcutaneously) in the direction of the 
occiput or towards the site of the disorder/pain. 


Actions/Indications 
e Expels Wind 
e Benefits the mouth and jaw 





Special features 
Meeting point with the BL channel 
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4 Acupuncture Points of the Twelve Primary Channels 


Leading Valley SHUAIGU 














Location 
1.5 cun directly superior to the apex of the ear, in a depression on 
the upper border of the temporalis muscle. 


How to find 

Locate the apex of the ear, which becomes more clearly defined by 
folding the auricle towards the anterior so that the posterior part of 
the upper helix covers its anterior part. From the apex of the ear, 
measure 1.5 cun (2 fingerbreadths) in a superior direction. There, 
the palpating finger will glide into a bony depression (G.B.-8) 
which is often sensitive to pressure. For orientation: When a chew- 
ing movement is made, this can just about be felt at this point. 

— G.B.-9 is located on the same level, 0.5 cun dorsal to G.B.-8. 


Needling 
0.3—1.5 cun transversely (subcutaneously), mostly from anterior 
to posterior or towards the site of the pain. 


Actions/Indications 
e Expels Wind, benefits the head and ears, alleviates pain, har- 
monises the diaphragm and Stomach 


Special features 
Meeting point with the BL channel. Important local point for 
parietal and temporal headaches. 


: \) | 
proximately level - -- - - 
the apex 









prc ximately level __ 
h the helix root 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Heavenly Rushing TIANCHONG | GB-9 | 


Location 

1.5 cun directly superior to the apex of the ear (> T.B.-20) and 
0.5 cun posterior to + G.B.-8. The point is approximately supe- 
rior to the posterior margin of the ear. 


How to find 

First, locate + G.B.-8 1.5 cun superior to the apex of the ear. 
The latter becomes more clearly defined by folding the auricle 
towards the anterior so that the posterior part of the upper helix 
covers its anterior part. From — G.B.-8, measure 0.5 cun in a 
= el with the apex . | posterior direction and there locate G.B.-9. Similar to > G.B.-8, 
% aie G.B.-9 is located in a slight ‘dip’ in the bone. 

Both G.B.-9 and — G.B.-12 (in the depression posterior and 
inferior to the mastoid process) are reference points for a curved 
line that runs approximately parallel to the posterior margin of 


i 


: ant ty 
Approximately — - 


t 





Vii eae _ 4 the ear within the hairline. When dividing this line into thirds, 
Re lh a — G.B.-10 and — G.B.-11 are located at the junctions of the 
thirds. 
Needling 


0.5-1.5 cun transversely (subcutaneously) towards the occiput 
or the site of the pain. 


Actions/Indications 

e Expels Wind and Heat 

e Opens the /uo-connecting vessels 
e Calms the shen 








Special features 
Meeting point with the BL channel; Window of Heaven point 


_EXHN according to some authors. 
(anmian) 








Wat 


hl 








iL 
lh 
li 
4 
Wa 
el 













nthe apex 


0 imately level _ 
helix root — 








lan 











Ch04.11-F10028.qxd 2/23/08 11:24 AM Page 408 an 





4 Acupuncture Points of the Twelve Primary Channels 


DSERE  Aoating white FuBAI 








Location 
Posterior to the ear, at the junction of the upper third with the 
two lower thirds of the curved line connecting — G.B.-9 and 
— G.B.-12. 


How to find 

First, locate + G.B.-9 (1.5 cun superior to the apex of the ear 
and 0.5 cun in a posterior direction). Then locate > G.B.-12 in 
a depression posterior and inferior to the mastoid process 
(— 3.1.4). These two points are the endpoints of a curved line 
that runs approximately parallel to the posterior margin of the 
ear within the hairline. Divide this line into thirds and locate 
G.B.-10 at the junction of the upper and the middle third, where 
often a small ‘dip’ can be felt on the bone. G.B.-10 tends to be 
on the level of the apex of the ear. 

— T.B.-20 is located directly above the apex of the ear. 


Needling 


Transversely (subcutaneously) 0.5—0.8 cun 


Actions/Indications 
e Expels Wind 
e Opens the /uo-connecting vessels 


Special features 
Meeting point with the BL channel 
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NAND GATE with DIODES and Transistor 





NOR GATE with DIODES and Transistor 
Fig 84. "NAND" and "NOR" gate with diodes and a 


transistor. 


Basic Electronics 1A 


are electronic, rather 
than electrical circuits. 
In the NAND GATE 
circuit, taking one of the 
inputs HIGH will still 
allow the other input to 
prevent the transistor 
turning ON. 

When BOTH inputs are 
HIGH, the transistor 
turns on via resistor R 
and the output is LOW. 


In the NOR GATE 
circuit, taking one of the 
inputs HIGH will turn the 
transistor ON and the 
output will be LOW. 








to Index 





Q2 S$_BRIGHT_R 
2N2222 


Drawing A Circuit 


A circuit must be drawn according to 
simple rules so it can be instantly 


An electronics engineer can "see a 
circuit working" when it is drawn 
correctly and can see if it is drawn 
correctly; if the parts-values are correct 
and can use the circuit to assist in 
diagnosing a problem with a faulty 


The top circuit on is very difficult to 
visualise because it is not drawn in the 


All the components have to be "turned 
around in your mind," to see what the 
circuit is doing. 








http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


-20 


~ Ex-HN 
(anmian) 


Head Portal Yin TOUQIAOYIN [AST 


Location 
Posterior to the ear, at the junction of the lower third with the 
two upper thirds of the curved line connecting — G.B.-9 and 
— G.B.-12. 


How to find 

First, locate > G.B.-9 (1.5 cun superior to the apex of the ear and 
0.5 cun in a posterior direction). Then locate > G.B.-12 in a 
depression posterior and inferior to the mastoid process 
(— 3.1.4). These two points are the endpoints of a curved line 
that runs approximately parallel to the posterior margin of the ear 
within the hairline. Divide this line into thirds and locate G.B.-11 
at the junction of the middle and the lower third. At this point, a 
small ‘dip’ often can be felt in the bone. For reference: G.B.-11 
is located at the midpoint between a line connecting 
— G.B.-10 and — G.B.-12 and is generally on the level of the 
root of the helix. 

— T.B.-19 is located on the same level, directly posterior to the 
helix. 


Needling 


Transversely (subcutaneously) 0.5—0.8 cun 


Actions/Indications 

e Expels Wind and Damp-Heat 

e Opens the ears and the eyes 

e Moves the (Liver) Qi and Blood 


Special features 
Meeting point with the BL channel, also with the S.I. and T.B. 
channels according to some authors. 
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4 Acupuncture Points of the Twelve Primary Channels 


| G.B.-12 | Mastoid Process WWANGU 


Location 
In a depression directly posterior and inferior to the mastoid 
process. 


How to find 

First, locate the mastoid process posterior to the ear (> 3.1.4). 
This can be palpated at the junction of the cranium and the neck 
as a cone-shaped, bony structure. With the palpating finger, find 
the inferior aspect of the mastoid process and locate G.B.-12 on 
its lower border posterior to the tip of the process. 

— T.B.-17 is located more anteriorly, in the depression posterior 
to the earlobe, between the mastoid process and the mandible. 


Needling 


0.5—1 cun obliquely in an inferior direction. 


Actions/Indications 

e Expels Wind, Heat and Dampness/Phlegm 
e Opens the ears 

e Calms the shen 





Special features 
Meeting point with the BL channel 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 





BL-5]| Du-23 


Du-20 








G.B.-13 
; STB, a ae 


| 
7 oy : 
B.-19 “| of 
Nt A eae | 
i ULB ~< 
yy kbd Pie 








Location 


Spirit Root BENSHEN [SEI 


3 cun lateral to ~ Du-24 (on the midline, 0.5 cun superior to the 


anterior hairline). 


How to find 


First, locate the anterior hairline (— 3.1.1, with hairloss: when 
the patient frowns, the anterior hairline is marked by the border 
between the creased forehead and the smooth skin above) and 
there locate + Du-24 on the midline and 0.5 cun within the hair- 
line. G.B.-13 is located on the same level, 3 cun lateral to the 
midline, measured in proportional cun based on the distance 
— ST-8 to —~ Du-24 (=4.5 cun, 2.2). Divide this distance into 
thirds and locate G.B.-13 one third of the distance from ST-8. 

Located at the same level (0.5 cun within the anterior hairline) are 
— Du-24/BL-3/BL-4/G.B.-15/ST-8 (on the midline/superior to 
the inner canthus of the eye/1.5 cun lateral to the midline/on the 
pupil line or 2.25 cun lateral to the midline/on the corner of the 


forehead). 


Needling 


0.5—0.8 cun transversely (subcutaneously) towards the occiput. 


Actions/Indications 


e Expels Wind 
e Calms the shen 
e Benefits the eyes 


Special features 
Meeting point with the yang wei mai 
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4 Acupuncture Points of the Twelve Primary Channels 


DSERYY yang white YANGBAI 


Location 

With the patient looking straight ahead, on the pupil line, approx- 
imately 1 cun superior to the midpoint of the eyebrow, at the 
junction of the frontal eminence and the superciliary arch. 
































How to find 

On the pupil line, palpate from the anterior hairline in an inferior 
direction, past the frontal eminence, and locate G.B.-14 at the 
deepest point between the frontal eminence and the superciliary 
arch. The distance between the midpoint of the eyebrow and the 
anterior hairline (— 3.1.1) is 3 proportional cun (— 2.2). G.B.-14 
is located one third of the distance or 1 cun superior to the mid- 
point of the eyebrow. With the patient looking straight ahead, 
G.B.-14 is located on the pupil line. 


Needling 

0.3—1 cun transversely (subcutaneously) towards the centre of the 
eyebrow or towards the site of the pain. The pinching-skin method 
might be used for needling: pinch the skin between the thumb and 
index finger so that a skin fold forms. Insert the needle subcuta- 
neously into this fold, directing it towards the site of the pain. 


Actions/Indications 

e Expels (internal and external) Wind and Wind-Heat, benefits 
the head, alleviates pain 

e Benefits the eyes 


Special features 

Meeting point with the yang wei mai, also with the T.B., L.I. and 
ST channels according to some authors. Important local point 
for frontal headache regardless of the pathology. 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Head Governor of Tears TOULINQI G.BA-15 | 


Location 
With the patient looking straight ahead, directly superior to the 
pupil and 0.5 cun superior to the anterior hairline. 


How to find 

First, locate the anterior hairline (— 3.1.1, with hairloss: when 
the patient frowns, the anterior hairline is marked by the border 
between the creased forehead and the smooth skin above). With 
the patient looking straight ahead, G.B.-15 is located 0.5 cun 
superior to the anterior hairline and directly superior to the 
pupil. G.B.-15 can also be described as being located midway 
between — Du-24 (on the midline) and > ST-8 (4.5 cun lateral 
to the midline, on the corner of the forehead). 

Located on the same level (0.5 cun within the anterior hairline) 
are — Du-24/BL-3/BL-4/G.B.-13/ST-8 (on the midline/ 
superior to the inner canthus of the eye/1.5 cun lateral to the 
midline/3 cun lateral to the midline or one third of the distance 
from — ST-8 (on the corner of the forehead) to ~ Du-24. 


Needling 


Transversely (subcutaneously) 0.3—0.5 cun 


Actions/Indications 

e Expels Wind 

e Opens the eyes and nasal passages 
e Calms the shen 





Special features 
Meeting point with the yang wei mai, also with the BL channel 
according to some authors. 
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4 Acupuncture Points of the Twelve Primary Channels 


| G.B.-16 | Window of the Eye MUCHUANG 


Location 
1.5 cun superior to the anterior hairline, on the pupil line or 2.25 cun 
lateral to the midline (midway between — Du-24 and — ST-8). 


How to find 

Locate the anterior hairline (7 3.1.1, with hairloss: when the 
patient frowns, the anterior hairline is marked by the border 
between the creased forehead and the smooth skin above). With 
the patient looking straight ahead, G.B.-16 is located 1.5 cun 
superior to the anterior hairline, on a vertical line through the 
centre of the pupil. This line is located 2.25 cun lateral to the 
midline (this corresponds to the midpoint of the distance 
between — Du-24 and — ST-8). For further orientation: The dis- 
tance between the anterior hairline and ~ Du-20 (at the junction of 
the vertical midline and a line connecting the apices of the ears) 
is 5 cun. > G.B.-16 is located 3.5 cun anterior to + Du-20, on 
the curved line connecting — G.B.-15 and — G.B.-20. 

— G.B.-15 is located on the same vertical line, but 0.5 cun 
superior to the anterior hairline. 


Needling 
0.3-1.5 cun transversely (subcutaneously) towards the occiput 
or the site of the disorder/pain. 


Actions/Indications 

e Expels pathogenic factors (especially Wind) from the head 
and eyes 

e Opens the /uo-connecting vessels 


Special features 
Meeting point with the yang wei mai 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Upright Nutrition ZHENGYING (es, 


Location 
2.5 cun superior to the anterior hairline and 2.25 cun lateral to 
the midline. 


How to find 

First, on the midline, locate the anterior hairline (— 3.1.1, with 
hairloss: when the patient frowns, the anterior hairline is marked 
by the border between the creased forehead and the smooth skin 
above) and — Du-20 (at the junction of the vertical midline and 
a line connecting the apices of the ears). The distance between 
these two points is 5 proportional cun (— 2.2). Locate the mid- 
point (for example by using the spreading hands technique 
— 2.3.3). G.B.-17 is located on the curved line connecting 
— G.B.-15 and — G.B.-20 (an extension of the pupil line, 2.25 
cun lateral to the midline). 

— BL-6 is also located 2.5 cun anterior to > Du-20, but 1.5 cun 
lateral to the midline. 


Needling 
0.3-1.5 cun transversely (subcutaneously) towards the occiput 
or the site of the disorder/pain. 


Actions/Indications 

e Expels Wind 

e Opens the /uo-connecting vessels 
e Descends counterflow Stomach Qi 





Special features 
Meeting point with the yang wei mai 
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4 Acupuncture Points of the Twelve Primary Channels 


Support Spirit CHENGLING 








Location 
4 cun superior to the anterior hairline or | cun anterior to ~ Du-20 
and 2.25 cun lateral to the midline. 


How to find 

First, locate + Du-20 (at the junction of the vertical midline and a 
line connecting the apices of the ears, distance to the anterior hair- 
line = 5 cun). Next, locate G.B.-18 1 cun anterior to ~ Du-20 on 
the curved line connecting > G.B.-15 and — G.B.-20 (= extension 
of the pupil line, midway between > ST-8 and — Du-24). 

— BL-7 is located on the same level (1 cun anterior to ~ Du-20), 
but 1.5 cun lateral to the midline. 


Needling 
0.3-1.5 cun transversely (subcutaneously) towards the occiput 
or the site of the disorder/pain. 


Actions/Indications 
e Expels Wind, especially from the nose 


Special features 
Meeting point with the yang wei mai 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Brain Hollow NAQKONG G.B-19 | 


Location 

On the posterior aspect of the head, at the upper border of the 
external occipital protuberance (— Du-17) and 2.25 cun lateral 
to the midline. 



























How to find 

First, locate the external occipital protuberance (— 3.1.5), which 
can be palpated as a flat protruding area on the midline. Next, 
find — Du-17 in the depressoin just superior to the protuber- 
ance. From there, measure 2.25 cun in a lateral direction and 
locate G.B.-19 on the curved line connecting —~ G.B.-15 and 
— G.B.-20, an extension of the pupil line (7 2.25 cun lateral to 
the midline or midway between > Du-24 and — ST-8). For ori- 
entation: G.B.-19 is located approximately 2.5 cun superior to 
the posterior hairline (7 3.1.5) and approximately 1.5 cun supe- 
rior to + G.B.-20 (on the lower border of the occiput, between 
the origins of the sternocleidomastoid and trapezius muscles). 


Needling 
0.3-1.5 cun transversely (subcutaneously) towards the occiput 
or the site of the disorder/pain. 


Actions/Indications 

e Expels Wind 

e Clears the sensory orifices 

e Opens the /uo-connecting vessels 









Special features 
Meeting point with the yang wei mai 
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4 Acupuncture Points of the Twelve Primary Channels 


SER) wind Pool FENGCHI 


Location 

At the lower border of the occipital bone, in the depression 
between the origins of the sternocleidomastoid and trapezius 
muscles. 














Occipital - 
° bone “Lower 
How to find border of 
the occiput 


Patient’s position: Prone, sitting or supine (supported by a pil- 
low, so that the occipital region is accessible). Starting at the 
midline, glide with the palpating finger along the lower border . 
of the occiput, crossing the bulge of the origin of the trapezius ; 
muscle, until you reach a depression the size of a finger pad. 
Locate G.B.-20 in its centre. 

Located on the same level is > Du-16. + BL-10 is located more 
medially and inferiorly. 


~  Sternocleido- 
mastoid 


“>> 1st palpable 
spinous 
process 


Needling 

Needle with the patient’s head bent forward and the tip of the 
needle pointing inferiorly. Depending on the position of the 
head, insertion towards the tip of the nose or the contralateral 
orbit, 0.5-1.2 cun. Caution: In slim patients, do not needle 
deeper than 2 cm (the vertebral artery is located at a depth of 
approximately 4 cm). 





Actions/Indications 

e Eliminates Wind, benefits the head, clears the sensory organs 

e Opens the channel 

e With tonifying needle technique: strengthens the Marrow and 
the Brain (according to Maciocia) 





~ Ex-HN 
(anmian) 


Special features 

Meeting point with the T.B. channel*, yang wei mai, yang giao 
mai. Major point for all ‘Wind disorders’, very important point 
for disorders of the head and eyes. 








*According to Deadman et al 1998. 








External occipital protuberance 
H Sternocleidomastoid 









Splenius capitis 
Za 


_. Trapezius 
a 





418 








1/10/2018 Basic Electronics 1A 





signifies: "Ground" - the zero Me 
lead for the signals \4 








to Index 





QU ICK QU IZ - to see how much you know 


CE following 50 questions . . . JavaScript is required! 
I 


s test will see how much you have learnt. 


[> X 
Easy To Use, Allin One, CRM. insightly, 


1.5 Million Insightly CRM users worldwide. 





Ecc (2 muuKe 
Capture equipment performance. - 


[> X 
Easy To Use, Allin One, CRM. insightly : 


1.5 Million Insightlhy CRM users worldwide. 





Locates in Silicon Valley, San Jose, CA 





4. What is the approximate characteristic voltage that develops 
across ared LED? 


1.7v 
3.4v 
0.6v 
5v help 


5. If two resistors are placed in series, is the final resistance: 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 66/74 


Ch04.11-F10028.qxd 2/23/08 11:24 AM Page 419 


4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 
Shoulder Well IANJING [AST 
Location 


At the highest point of the shoulder, at the midpoint of a line 
connecting the 7th cervical vertebra (C7) and the lateral extrem- 
ity of the acromion. 


How to find 

First, locate C7 (— 3.4.1) and the lateral extremity of the 
acromion (— 3.3.1). Next, locate G.B.-21 at the midpoint of a 
line connecting these two reference points, on the highest point 
of the trapezius muscle on the sagittal plane. 

— T.B.-15 is located | cun inferior to G.B.-21, midway between 
G.B.-21 and — S.I.-13 (medial to the supraspinous fossa). 


Needling 

Vertically approximately 0.3-0.5 cun (lift the muscle). An alter- 
native, safer method: Lift the muscle and insert the needle approx- 
imately 1 cun anteriorly or posteriorly into the muscle belly. 
Caution: Contraindicated during pregnancy! Pneumothorax. 


Actions/Indications 

e Opens the channel 

e Descends the Qi 

e Regulates the Qi flow, transforms Phlegm, dissipates nodules 
e Promotes labour, benefits the breasts 





Special features 


ra Meeting point with the yang wei mai and the T.B. and ST* chan- / _ a 


nels. Important local point. Trigger point for the shoulder with a 
distal effect on the Uterus. 











*According to Deadman et al 1998. 
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4 Acupuncture Points of the Twelve Primary Channels 


EE] Armpit Abyss YUANYE 











Location 

On the midaxillary line, with the arm abducted approximately 3 
cun inferior to the apex of the axilla, in the 4th intercostal space 
(according to some authors, in the 5th intercostal space). 


How to find 

With the patient’s arm slightly abducted, locate the apex of the 
axilla. Locate G.B.-22 3 cun inferior to it in the 4th intercostal 
space. For orientation: In men, the nipple is located in the 4th 
intercostal space; in women, in a supine position, its location may 
vary. Therefore, in women, the manubriosternal synchondrosis 
(— 3.5) is a more reliable reference point for the costal region. 
Note: The intercostal space curves in a superior direction towards 
lateral. 

Also located on the level of or in the 4th intercostal space, 
but more medially, are — Ren-17/KID-23/ST-17/P-1/SP- 
18/G.B.-23 (on the midline/2 cun lateral to the midline/in the 
centre of the nipple or 4 cun lateral to the midline/1 cun lateral 
to the nipple or 5 cun lateral to the midline/6 cun lateral to the 
midline/1 cun anterior to G.B.-22). 


Needling 
0.5-1 cun obliquely or transversely (subcutaneously) along the 
intercostal space. Caution: Pneumothorax. 


Actions/Indications 
e Regulates the Qi in the Upper Burner 
e Opens the /uo-connecting vessels of the axilla 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 
Flank Sinews ZHEJIN /G.B-23 | 
Location 


1 cun anterior to —~ G.B.-22 (on the midaxillary line, 3 cun 
inferior to the apex of the axilla in the 4th intercostal space). 


How to find 

With the patient’s arm slightly abducted, locate the apex of the 
axilla. First, locate ~ G.B.-22 3 cun inferior to it in the 4th inter- 
costal space, then locate G.B.-23 | cun anterior to > G.B.-22 
and also in the 4th intercostal space. For orientation: In men, 
the nipple is located in the 4th intercostal space; in women, in a 
supine position, its location may vary. Therefore, in women, the 
manubriosternal synchondrosis (— 3.5) is a more reliable refer- 
ence point for the costal region. Note: The intercostal space 
curves in a superior direction towards lateral. 

Also located on the level of or in the 4th intercostal space, but 
more medially, are + Ren-17/KID-23/ST-17/P-1/SP-18 (on the 
midline/2 cun lateral to the midline/in the centre of the nipple or 
4 cun lateral to the midline/! cun lateral to the nipple or 5 cun 
lateral to the midline/6 cun lateral to the midline). 


Needling 
0.5-1 cun obliquely or transversely (subcutaneously) along the 
4th intercostal space. Caution: Pneumothorax. 


Actions/Indications 
e Regulates the Qi between the Upper and Middle Burners 
e Opens the channel 





Special features 
Meeting point with the BL channel according to some authors 
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4 Acupuncture Points of the Twelve Primary Channels 


| G.B.-24 | Sun and Moon RIYUE 




















422 


Location 
In the 7th intercostal space, on the mamillary line (4 cun lateral 
to the anterior midline). 


How to find 

The mamillary line, a vertical line 4 cun lateral to the midline, is 
used for reference in the thoracic region (— 3.5). Quick method, 
especially in men: In men, the nipple is usually located on the 
level of the 4th intercostal space. From the nipple, count down- 
ward to the 7th intercostal space. Or: A more reliable reference, 
especially in women, is the manubriosternal synchondrosis, a 
horizontal bony structure on the sternum. The costal cartilage of 
the second rib is lateral to the synchondrosis, with the 2nd inter- 
costal space below. From there, count downward to the 7th inter- 
costal space and locate G.B.-24 on the mamillary line. > LIV-14 
is located directly superior to G.B.-24 in the 6th intercostal 
space. 

Located approximately on the same level (1 cun inferior to the 
sternocostal angle) are + Ren-13/KID-20/ST-20 (on the mid- 
line/O.5 cun lateral to the midline/2 cun lateral to the midline). 


Needling 
0.3-0.8 cun obliquely in a lateral direction along the intercostal 
space. Caution: Pneumothorax. 


Actions/Indications 

e Benefits the Gall Bladder, eliminates Damp-Heat, regulates 
and spreads Liver Qi, descends counterflow Qi, harmonises 
the Middle Burner 


Special features 

Front-mu point of the Gall Bladder, meeting point with the SP 
channel, also with the yang wei mai according to some authors. 
Major point for disorders of the Gall Bladder. 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 
Capital Gate JINGMEN [AC eT 
Location 


On the lateral aspect of the ribcage, at the lower border of the 
free end of the 12th rib. 


How to find 

Place the hand on the upper abdomen and, with gentle pressure, 
glide along the lower border of the ribcage until you can feel the 
free end of the 11th rib (— LIV-13) slightly superior to the 
umbilicus. By continuing to palpate along the lower border of 
the ribcage, you will feel the free end of the 12th rib on the lat- 
eral aspect of the waist. Locate G.B.-25 on its lower border. For 
orientation: When pressing the flexed elbow onto the thorax, 
the tip of the olecranon will rest on the area around the free end 
of the 11th rib (7 LIV-13). 


Needling 
Vertically or obliquely 0.3—1 cun. Caution: Peritoneum; the needle 
should be inserted into the obliquus externus or internus muscles. 


Actions/Indications 

e Tonifies the Kidneys and regulates the water passages 
e Strengthens the Spleen, regulates the Intestines 

e Benefits the lumbar region 





Special features 
Front-mu point of the Kidneys 
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4 Acupuncture Points of the Twelve Primary Channels 


| G.B.-26 | Girdling Vessel DAIMAI 


Location 

On the lateral aspect of the waist, at the junction of a vertical line 
through the free end of the 11th rib and a horizontal line through 
the umbilicus, approximately 1.8 cun inferior to > LIV-13. 


How to find 

First, palpate the lower border of the ribcage to locate the free 
end of the 11th rib (7 LIV-13). Next, locate G.B.-26 inferior to 
the free end of the 11th rib, level with the umbilicus. Quick 
method for locating — LIV-13: When pressing the flexed 
elbow onto the thorax, the tip of the olecranon will rest on the 
area around the free end of the 11th rib (~ LIV-13). 

Located on the same level are  Ren-8 (in the centre of the 
umbilicus), ~ KID-16/ST-25/SP-15 (0.5/2/4 cun lateral to the 
midline). 


Needling 
Vertically 0.5—1 cun. Caution: Be careful with slim patients. 


Actions/Indications 
e Regulates the dai mai 

e Regulates the Uterus 

e Drains Damp-Heat 


Special features 
Meeting point with the dai mai 
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Highest 
prominence of 
the greater 
trochanter 
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Location 
In the depression medial to the anterior superior iliac spine 
(ASIS), approximately 3 cun inferior to the umbilicus. 


How to find 

First, locate the anterior superior iliac spine (ASIS — 3.5) by 
palpating along the upper border of the iliac crest in an anterior 
and inferior direction. At its anterior end, the ASIS can be pal- 
pated as a bony ridge on the lateral aspect of the lower abdomen. 
Locate G.B.-27 in a depression anterior and medial to the ASIS. 
— G.B.-28 is located approximately 0.5 cun inferior and medial 
to G.B.-27. 

Located approximately on the same level (3 cun inferior to the 
umbilicus) are + Ren-4/KID-13/ST-28 (on the midline/0.5 cun 
lateral to the midline/2 cun lateral to the midline). 


Needling 
Vertically 1-1.5 cun. Caution during pregnancy. 


Actions/Indications 

e Strengthens the Kidneys 

e Regulates the dai mai 

e Regulates the Triple Burner 


Special features 
Meeting point with the dai mai 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 
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4 Acupuncture Points of the Twelve Primary Channels 


en eeyt:3) «Linking Path WEIDAO 











Location 

On the lateral aspect of the abdomen, anterior and inferior to the 
anterior superior iliac spine (ASIS), approximately 0.5 cun 
anterior and inferior to + G.B.-27. 


How to find 

First, locate the ASIS (— 3.5) by palpating along the upper bor- 
der of the iliac crest in an anterior and inferior direction. On its 
anterior border, the ASIS can be palpated as a bony ridge on the 
lateral aspect of the lower abdomen, with — G.B.-27 located in 
a depression anterior and medial to the ASIS. Locate G.B.-28 
approximately 0.5 cun anterior and inferior to > G.B.-27. 


Needling 


Vertically 1-1.5 cun. Caution during pregnancy. 


Actions/Indications 

e Regulates the dai mai 

e Regulates the Triple Burner 
e Eliminates Dampness 


Special features 
Meeting point with the dai mai 











Anterior superior 
iliac spine 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Stationary Crevice JULIAO /G.B-29 | 


Location 

At the midpoint of a line connecting the anterior superior iliac 
spine (ASIS) and the greater trochanter, at the anterior border of 
the iliac crest. 


Anterior 
iliac spine How to find 
First, locate the ASIS (— 3.5), the highest point on the anterior 
aspect of the iliac crest, by palpating along the upper border of 
the iliac crest in an anterior and inferior direction. At its anterior 
Gicater end, the ASIS can be palpated as a bony ridge on the lateral 
trochanter — aspect of the lower abdomen. With the patient lying on their 


side and their leg slightly flexed, locate the greater trochanter 
(— 3.6), a clearly marked bony structure in the region of the hip 
joint. G.B.-29 is located at the midpoint of a line connecting 
these two reference points. 





Needling 
Vertically 1-2 cun 


Actions/Indications 
e Expels Cold, Dampness and Wind, opens the channel 


Special features 
Meeting point with the yang giao mai, also with the dai mai 
according to some authors. 


Highest 
prominence of the 
greater trochanter 
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4 Acupuncture Points of the Twelve Primary Channels 


| G.B.-30 | Jumping Circle HUANTIAO 


Location 

With the patient lying on their side, the point is at the junction 
between the medial two-thirds and the lateral third of a line con- 
necting the greater trochanter and the sacral hiatus. 


How to find 

Patient’s position: Supine or, better, lying on their side, prefer- 
ably with the hip and knee joints of the side to be needled flexed 
and the lower leg straight. Use pillows, etc, for a comfortable 
position. Reference points: the sacral hiatus (— 3.4.4) and the 
lateral prominence of the greater trochanter (— 3.6). G.B.-30 is 
located on a line connecting these two points, one third of the 
distance from the greater trochanter. 


Needling 

1.5-3 cun vertically towards the genital region. The needle may 
reach the fascia of the obturator internus muscle as well as inter- 
muscular connective tissue. Long 3 cun needles (5Omm) should 
be used. Caution: Needling is often painful. Needling can result 
in an electric de gi sensation radiating to the toes. This sensation 
is particularly common with sciatic disorders and if G.B.-30 is 
needled | cun inferior to its normal location. 


Actions/Indications 
e Opens the channel and the /uo-connecting vessels, alleviates 
pain, benefits the hip and legs, eliminates Wind-Damp. 


Special features 
Meeting point with the BL channel, Ma Dan Yang Heavenly Star 
point. Important point for disorders of the hips. 
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1/10/2018 Basic Electronics 1A 


J Higher 

J Lower 

J The same 

J Cannot be determined help 


6. Which is not a "common" value of resistance: 


| 2k7 

—)1M8 

J 330R 

(1 4k4 help 


7. Which value of resistance, placed across a 9v battery 
will get hot: 


LJ 22k 
LJ 22R 
LJ 220k help 


8. If the voltage on the base of a transistor increases, does it: 


Turn on 
_ Turn off 
Not enough information 
J Remain the same help 


9. The resistor identified in brown is called the: 


/ Base Bias Resistor 
/ Load Resistor 
/ Emitter Feedback Resistor 


i) J Bypass Resistor 


help 





10. The first three colour bands on a resistor are: 
yellow - purple - orange 


(47k 
Ak7 
| 470k 
| 4R7 help 


11. Aresistor with colour bands: red-red-red-gold, has the value: 


122k 5% 
J) 2k2 5% 
1 220R 5% 
\J22R 5% help 


12. The lead marked with the arrow is: 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 67/74 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 
Wind Market FENGSHI [ACES 
Location 


On the lateral aspect of the thigh, inferior to the greater 
trochanter, approximately 7 cun proximal to the popliteal crease. 


How to find 

Ask the patient to place their hands on the imaginary seam of their 
trousers (this is best done with the patient standing). G.B.-31 is 
located where the middle finger touches the lateral aspect of the 
thigh. Or: The distance between the highest prominence of the 
greater trochanter (— 3.6) to the popliteal crease is 19 cun (> 2.2). 
Divide this distance into thirds and locate G.B.-31 | cun proximal 
to a third of the distance from the popliteal crease. Sensitivity to 
pressure should help determine the location of this point. 


Needling 
Vertically 1-2 cun 


Actions/Indications 
e Eliminates Wind, Dampness and Heat 
e Opens the channel and alleviates pain 


chy 
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4 Acupuncture Points of the Twelve Primary Channels 


DOSES) Miaate ditch ZHONGDU 











Location 
On the lateral aspect of the thigh, 5 cun proximal to the popliteal 
crease, between the vastus lateralis and biceps femoris muscles. 


How to find 

First, ask the patient to place their hands on the imaginary seam 
of their trousers (this is best done with the patient standing) and 
locate — G.B.-31 where the middle finger touches the thigh. 
G.B.-32 can now be located 2 cun distal to > G.B.-31. Or: The 
distance between the highest prominence of the greater 
trochanter (— 3.6) to the popliteal crease is 19 cun (— 2.2). 
Divide this distance into quarters (use an elastic tape or the 
spreading hands technique) and locate G.B.-32 slightly proximal 
to a quarter of the distance from the popliteal crease. Sensitivity 
to pressure should help determine the location of this point. 


Needling 
Vertically 1-2 cun 


Actions/Indications 
e Eliminates Wind, Dampness and Cold, opens the channel 





Highest 
prominence 

of the greater 
trochanter 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Knee Yang Gate X!1YANGGUAN G.B.-33 | 


Location 

On the lateral aspect of the knee. With the knee flexed, in the 
depression between the shaft and the lateral epicondyle and the 
tendon of the biceps femoris muscle, approximately 3 cun prox- 
imal to > G.B.-34. 


How to find 

This point is best located with the patient’s knee flexed. On the 
level of the lateral upper border of the patella, palpate in a lateral 
direction towards the thigh and palpate for the distal end of the 
lateral epicondyle of the femur. Then locate G.B.-33 in a clearly 
palpable depression between the epicondyle and the tendon of 
the biceps femoris muscle. The latter runs along the lateral 
aspect of the leg (along the line of an imaginary trouser seam) 
and attaches inferior to the knee joint at the head of the fibula. 
— G.B.-34 is located 3 cun more distal, ~ ST-34 is located 2 
cun proximal to the lateral upper border of the patella. 











Biceps 
femoris 


Needling 
Vertically 1-2 cun 


Actions/Indications 
e Opens the channel 


e Relaxes the tendons 
Quadriceps ~ 
femoris 






of the patella 


: Head of t 
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4 Acupuncture Points of the Twelve Primary Channels 


DEEZ) Yang Mound Spring YANGLINGQUAN 


Location 

In the depression anterior and inferior to the head of the fibula, 
between the peroneus longus and extensor digitorum longus 
muscles. 


How to find 

This point is best located with the patient’s knee flexed (use knee 
support). Palpate for the head of the fibula on the lateral aspect 
of the leg and hold it with the index and middle fingers in a 
tweezer-like way. Gliding distally with both fingers, the more 
medial finger will drop into a depression directly anterior and 
inferior to the head of the fibula, the location of G.B.-34. 
Located on the same level but on the medial aspect of the lower 
leg is + SP-9 (at the junction of the shaft and the medial condyle 
of the tibia). 


Needling 

1-1.5 cun vertical insertion between the tibia and fibula towards 
the interosseous membrane. Caution: Deep peroneal nerve with 
deep needling, in some cases also common peroneal nerve. The 
needle may reach the interosseous membrane as well as the 
epineural tissue of the peroneal nerve. 


Actions/Indications 












































e Benefits the tendons and joints \ als 
e Opens the channel, alleviates pain, benefits the lateral costal eer, if] ————J aie 
region Popliteal , 20 a 
e Clears Damp-Heat from the Liver and Gall Bladder ee, 535 ; an f 
e Spreads Liver Qi 8.34 : 
Ea | 4 8cun 
i Special features ; : 
He-sea point, Earth point, hui-meeting point of the tendons a 7 
(coordination/movement), lower he-sea point of the Gall Blad- -40 \@- 8 ¥ Midpoint 
der, Ma Dan Yang Heavenly Star point. Major point for disor- an. a 
ders of the tendons and musculature. VN WW 
_¢ Medial condyle = 
of the tibia Vastus _ 
lateralis 
~ SP-9 
__ Vastus 
medialis 


ie At the junction 
; | of the shaft and 
GastrocmemiUSie= = seeeas | ] medial condyle 
i of the tibia 





_- Patella 
- 


_ Medial condyle 
of the femur 


= 


Eye of the knee —— $3 


Head of the fibula -—— ~ Eye of the knee 


~ . 
Patellar ligament 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Yang Intersection YANGJIAO G.B-35 | 


Location 
7 cun proximal to the highest prominence of the lateral malleo- 
lus, on the posterior border of the fibula. 









-- Popliteal crease How to find 
Quick method: Spreading hands technique (— 2.3.3): Locate 
G.B.-35 at the midpoint of a line connecting + G.B.-34 (in the 
depression anterior and inferior to the head of the fibula) and 
the highest prominence of the lateral malleolus (— 3.6.2), on the 
posterior border of the fibula (distance = 14 cun). G.B.-35 is 
__-- Fibula located 7 cun proximal to the prominence of the lateral malleo- 
lus. Or: Spreading hands technique (— 2.3.3): Locate G.B.-35 1 
cun distal to the midpoint of a line connecting the popliteal 
crease and the highest prominence of the lateral malleolus, on 
the posterior border of the fibula (distance = 16 cun, — 2.2). 
For orientation: The borders of the fibula are deep to the pero- 
neus brevis muscle and are often not easily palpable. For this 
reason, it is suggested to palpate the posterior border of the 
fibula just superior to the lateral malleolus and then locate the 
f ; point on an imaginary line running to the head of the fibula. 
ghest prominence 3 
selimalenisil Located on the same level are + G.B.-36 (on the anterior border 
of the fibula) and — BL-58 (7 cun proximal to ~ BL-60). 








Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 

e Clears Heat, opens the channel, relaxes the tendons 
e Regulates Qi of the Gall Bladder 

e Calms the shen 





Popliteal 





Special features 
Xi-cleft point of the yang wei mai, meeting point with the yang 
wei mai according to some authors. 
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4 Acupuncture Points of the Twelve Primary Channels 


| G.B.-36 | Outer Mound WAIQIU 


Location 
7 cun proximal to the highest prominence of the lateral malleo- 
lus, on the anterior border of the fibula. 








How to find 

Quick method: Spreading hands technique (— 2.3.3): Locate 
— G.B.-35 at the midpoint of a line connecting > G.B.-34 (in 
the depression anterior and inferior to the head of the fibula) and 
the highest prominence of the lateral malleolus (— 3.6.2), on the 
anterior border of the fibula (distance = 14 cun). G.B.-36 is 
located 7 cun proximal to the prominence of the lateral malleo- 
lus. Or: Spreading hands technique (— 2.3.3): locate G.B.-36 1 
cun distal to the midpoint of a line connecting the popliteal 
crease and the highest prominence of the lateral malleolus, on 
the anterior border of the fibula (distance = 16 cun, — 2.2). 
For orientation: The borders of the fibula are deep to the per- 
oneus brevis muscle and are often not easily palpable. For this 
reason, it is suggested to palpate the anterior border of the fibula 
just superior to the ankle and then locate the point on an imagi- 
nary line running to the head of the fibula. 

Located on the same level are > G.B.-35 (on the posterior bor- 
der of the fibula) and + BL-58 (7 cun proximal to ~ BL-60). 


-- Popliteal crease 


_---Fibula 











ighest prominence — 
eral malleolus — 


Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 

e Regulates Gall Bladder and Liver Qi 
e Drains Damp-Heat 

e Relaxes the tendons and muscles 

e Calms the shen 








Special features 
Xi-cleft point 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Bright Light GUANGMING [eUeey, 


Location 

5 cun proximal to the highest prominence of the lateral malleo- 
lus, on the anterior border of the fibula, between the peroneus 
longus and extensor digitorum longus muscles. 









--Popliteal crease 


How to find 

Quick method: Spreading hands technique (— 2.3.3): Place the 
little fingers on > G.B.-34 (in the depression anterior and infe- 
rior to the head of the fibula) and the highest prominence of the 
lateral malleolus (— 3.6.2). This distance is 14 cun. From the 
midpoint of this distance, measure 2 cun in a distal direction and 
locate G.B.-37 on this level in a depression on the anterior bor- 
der of the fibula. This depression is located 5 cun proximal to the 
prominence of the lateral malleolus (the width of 1 hand and 2 
thumbs). For orientation: The borders of the fibula are deep to 
the peroneus brevis muscle and are often not easily palpable. For 
this reason, it is suggested to palpate the anterior border of the 
fibula just superior to the ankle and then locate the point on an 
imaginary line running to the head of the fibula. 








ighest prominence 


Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 
e Benefits the eyes 
e Eliminates Wind-Damp, opens the channel, alleviates pain 


G.B.-34 Special features 


Luo-connecting point. Important distal point for disorders of the 





eyes. 


Midpoint | 


Highest 
prominence 
of the lateral 
malleolus> 











iL 
Hh 
H 
4 
va 
el 





—| 15 Highest 

16 prominence 

cun of the lateral 
malleolus 











lan 











Ch04.11-F10028.qxd 2/23/08 11:25 AM Page 436 


4 Acupuncture Points of the Twelve Primary Channels 


ee Ft) Yang Assistance YANGFU 


Location 
4 cun proximal to the highest prominence of the lateral malleo- 
lus, on the anterior border of the fibula. 







How to find 

First, locate the prominence of the lateral malleolus (— 3.6.2) 
and, from there, measure 4 cun in a proximal direction. There, 
locate G.B.-38 on the anterior border of the fibula. Or: On the 
lateral aspect of the lower leg, the distance between the promi- 
nence of the lateral malleolus (— 3.6.2) and the popliteal crease 
is 16 cun (— 2.2). Divide this distance into quarters and locate 
G.B.-38 one quarter of the distance from the lateral malleolus 
(aid: spreading hands technique or elastic tape > 2). For orien- 
tation: The borders of the fibula are deep to the peroneus brevis 
muscle and are often not easily palpable. For this reason, it is 
suggested to palpate the anterior border of the fibula just 
superior to the ankle and then locate the point on an imaginary 
line running to the head of the fibula. 


--Popliteal crease 


_---Fibula 














Needling | 


Vertically 0.5-1.5 cun ighest prominence 


eral malleolus — 


Actions/Indications 
e Opens the channel 
e Clears Wind and Heat 


Special features 
Jing-river point, Fire point, sedation point. 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Hanging Bell XUANZHONG [SETI 


Location 
3 cun proximal to the highest prominence of the lateral malleo- 
lus, on the anterior border of the fibula. 


How to find 

From the highest prominence of the lateral malleolus (— 3.6.2), 
measure 3 cun (1 handbreadth) in a proximal direction and 
locate G.B.-39 in a depression on the anterior border of the 
fibula. According to some authors, it is located between the pos- 
terior border of the fibula and the tendons of the peroneus longus 
and brevis musles. When in doubt, choose the more pressure- 
sensitive point. 

Located on the same level but 3 cun proximal to ~ BL-60 
(depression between the malleolus and the Achilles tendon) is 
— BL-59. In a comparable position but on the medial aspect of the 
leg is > SP-6 (3 cun proximal to the highest prominence of the 
medial malleolus, meeting point of the three leg Yin channels). 


Needling 
Vertically 1-1.5 cun 





Actions/Indications 

e Opens the channel, benefits the tendons and bones 
e Benefits the Marrow, clears Wind-Dampness 

e Clears Heat from the Gall Bladder 






Highest prominence 
wane of the lateral malleo 


Special features 
Hui-meeting point of the Marrow. Important distal point for dis- 
orders of the cervical spine. 
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4 Acupuncture Points of the Twelve Primary Channels 


em ye) = Mound of Ruins QIUXU 








Location 
In the depression anterior and inferior to the lateral malleolus, 
lateral to the tendons of the extensor digitorum longus muscle. 


How to find 

For easier location, ask the patient to flex their ankle at a 90° 
angle. From the lateral malleolus (— 3.6.2), let the palpating fin- 
ger glide into a well-defined depression anterior and inferior to 
the malleolus. By lifting the toes, the tendons of the extensor dig- 
itorum longus muscle as well as the depression (G.B.-40) will 
become more pronounced. For orientation: G.B.-40 is located 
at the junction of a vertical line along the anterior border of the 
lateral malleolus and a horizontal line along its lower border. 

— SP-5 is located in a comparable position but on the medial 
aspect of the ankle (in the depression anterior and inferior to the 
medial malleolus). On a line connecting + SP-5 and G.B.-40, 
— LIV-4 is located medial to and — ST-41 is located lateral to 
the tendon of the extensor hallucis longus muscle, which runs to 
the big toe. 


Needling 
0.5-1.5 cun vertically or slightly obliquely in the area of the 
fibulotarsal ligaments towards the medial arch of the foot. 


Actions/Indications 

e Opens the channel, benefits the joints 

e Spreads Liver Qi, clears Heat and Dampness from the Gall 
Bladder 


Special features 
Yuan-source point 
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1/10/2018 Basic Electronics 1A 


) The Collector 
The Base 


i) The Emitter 


The case help 


a 





13. A 10k resistor in parallel with 10k produces: 


10k 
J 5k 
20k 
Cannot be determined help 


14. The symbol is: 


/ NPN Transistor 

@ PNP Transistor 

Photo Transistor 

Field Effect Transistor help 


aS 





15. Two 3v batteries are connected as shown. 
The output voltage is: 


3V 
Ov 
6v help 


16. 4 resistors in ascending order are: 


22R 270k 2k2 1M 
4k7 10k 47R 330k 
3R3 4R7 22R 5k6 
100R 10k 1M 3k3 help 


17. The closest value for this combination is: 





4k7 
2k3 
9k4 help 


18. Which LED will illuminate: 


Green 
Both 
RED 
None 





19. The four symbols are: 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 68/74 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Foot Governor of Tears ZULINQ! G.B-41 | 


Location 

In the depression at the junction of the shafts and the bases of the 
4th and 5th metatarsal bones, lateral to the tendon of the exten- 
sor digitorum longus muscle. 

























How to find 

Palpate for the distinct tuberosity of the 5th metatarsal bone 
(— 3.6.2) on the lateral aspect of the midfoot. With the palpating 
finger, glide on from the tuberosity to the dorsum of the foot, 
into the groove between the 4th and 5th metatarsal bones. There, 
palpate in a distal direction. G.B.-41 is located at the junction of 
the heads and the shafts of the two bones. Or: Ask the patient to 
abduct their toes so that the branch of the tendon of the extensor 
digitorum longus muscle extending to the little toe becomes 
more pronounced. Then palpate in the groove between the 4th 
and 5th metatarsal bones from distal to proximal to where the 
tendon crosses the groove. ~ G.B.-42 is located medial (or 
anterior) to it, while G.B.-41 is located in the depression lateral 
(or posterior) to the tendon. 


Needling 
Perpendicularly or obliquely approximately 0.3-0.8 cun 


Actions/Indications 

e Spreads Liver Qi, benefits the thorax and the lateral costal 
region, transforms Phlegm, dissipates nodules, benefits the 
breasts 

e Clears the head, benefits the eyes 








Special features 
Shu-stream point, Wood point, opening point of the dai mai, ben 
point (Five Phases), exit point. 
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4 Acupuncture Points of the Twelve Primary Channels 


SEY) earth Five Meetings DIWUHUI 








Location 

Between the 4th and 5th metatarsal bones, proximal to the metatar- 
sophalangeal joints and medial to the tendon of the extensor dig- 
itorum longus muscle. 


How to find 

From the space between the 4th and 5th toes, palpate towards the 
ankle. Locate G.B.-42 in the groove between the two bones, 
proximal to the metatarsophalangeal joints (and proximal to the 
heads of the two metatarsal bones). Or: Ask the patient to 
abduct their toes so that the branch of the tendon of the extensor 
digitorum longus muscle extending to the little toe becomes 
more pronounced. Then palpate from the space between the toes 
along the groove between the 4th and 5th metatarsal bones from 
distal to proximal to where the tendon crosses the groove. G.B.- 
42 is located medial (or anterior) to the tendon. 

— G.B.-41 is located lateral (or posterior) to the tendon when 
continuing to palpate along the groove. + BL-65 is located 
approximately on the same level on the lateral border of the foot, 
proximal to the head of the 5th metatarsal bone. 


Needling 
Vertically or obliquely 0.3-0.8 cun 


Actions/Indications 
e Moves Liver Qi 
e Clears Heat from the Gall Bladder 
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4.11 Gall Bladder Channel System — Foot shaoyang (zu shao yang jing luo) 


Clamped Stream JIAXI/XIAXI G.B-43 


Location 
Between the 4th and 5th toes, proximal to the margin of the 
interdigital web. 


How to find 

Locate the interdigital web between the 4th and 5th toes. Then 
locate G.B.-43 slightly proximal to the margin of the web. G.B.-43 
as well as ~ LIV-2 and — ST-44 are part of — Ex-UE-10 
(bafeng: proximal to the margins of the webs between the toes). 
— T.B.-2 is located in a comparable position on the hand, 
between the ring finger and little finger. It is also part of 
— Ex-UE-9 (baxie). 


Needling 


Up to 0.5 cun vertically or 1 cun obliquely in a proximal direction. 


Actions/Indications 

e Clears Heat, Damp-Heat and Wind, especially from the oppo- 
site end of the channel 

e Calms Liver Yang 





Special features 
Ying-spring point, Water point, tonification point. 











BL- 67 BL-66 BL-65 
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4 Acupuncture Points of the Twelve Primary Channels 


en ee =6Foot Portal Yin ZUQIAOYIN 


Location 
On the 4th toe, 0.1 cun from the lateral corner of the nail. 





Correct __ 
How to find Wrong. 


G.B.-44 is located at the junction of two tangents along the 
proximal and lateral borders of the 4th toe. 
— BL-67 is located at the lateral corner of the little toe. 





Needling 
0.1 cun vertically or 0.2 cun obliquely in a proximal direction or 
prick to bleed. Caution: Painful point. 


Actions/Indications 

e Clears Wind, Heat and Fire 

e Harmonises the Liver and Gall Bladder 
e Calms the shen 


Special features 
Jing-well point, Metal point 





BL- 65 |'$ 









Extiv-10 fa 
$ (bafeng) , 
fL 
@ D5 





BL-67 BL-66 BL-65 
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4.12 The Liver Channel System - Foot jueyin (zu jue yin jing luo) 


4.12 The Liver Channel 
System — Foot jueyin 
(zu jue yin jing luo) 


4.12.1 The Liver Primary Channel 
(zu jue yin jing) 

















‘af , 
3 ._£- Sartorius 
cun Gracilis 
1 cun i | Semimembranosus 








Medial condyle 
1D-10 of the femur 





Medial 
condyle of 
the femur Junction of the 
shaft and medial 

condyle of the tibia 








Highest prominence } | q ) 
of the medial : 


malleolus 





13 cun 


Pathway 

The Liver primary channel begins at LIV-1 (dadun) on the lat- 
eral corner of the nail of the big toe. This point is reached by a 
small branch of the G.B. channel, which separates from the Gall 
Bladder primary channel on the dorsum of the foot at > G.B.-41 
(zulingi) (foot Yin—Yang connection of the third great circuit). 
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Manubrium = 
Manubriosternal ; 
synchondrosis = 

Sternum” ae Pass 













a> Sth intercostal ope a 


6th intercostal space st eal 


les 


The external pathway runs proximally between the Ist and 2nd 

metatarsal bones 

= ascends anterior to the medial malleolus 

™ crosses the SP channel at + SP-6 (yinlingquan) on the medial 
aspect of the lower leg 

= ascends the medial aspect of the leg towards the knee anterior 
to the SP channel 

= continues along the medial aspect of the thigh to the pubic 
region, where it passes + SP-12 (chongmen) and > SP-13 
(fushe) 

= circles the external genitalia 

=™ ascends the lower abdomen, passing — Ren-2 (qugu), 
— Ren-3 (zhongji) and  Ren-4 (guanyuan) 

= obliquely traverses the abdomen to LIV-13 (zhangmen) at the 
free end of the 11th rib and to LIV-14 (gimen), where the 
external pathway terminates. 

At LIV-13, the channel enters the abdomen, marking the begin- 

ning of the internal pathway. It 

™ circles the Stomach (wei) 

= connects with its pertaining zang-Organ, the Liver (gan) and 
its paired fu-Organ, the Gall Bladder (dan) 

= penetrates the diaphragm 

=> spreads in the lateral hypochondrium and thoracic region. 

The channel then ascends along the posterior aspect of the tra- 

chea to the throat and nasopharynx and connects with the eye 

system and the brain. It crosses the forehead and ascends to the 

vertex, where it connects with the extraordinary vessel du mai at 

— Du-20 (baihui). 

An internal branch descends from the maxillary sinus to the 

cheek and circles the inner surface of the lips. 

An internal branch emerges from the Liver, penetrates the 

diaphragm, disperses in the Lung (fei) and meets the Lung primary 


—e— 


channel (deep Yin—Yin connection), closing the first circuit of the 
Nutritive Qi (ying qi) (7 1.1.4). This branch further connects with 
the Pericardium primary channel beneath — P-1 (tianchi) (hand— 
foot pairing of the third great circuit: Yin axes, jue yin). 


Clinical importance (— 1.2) 

Exterior (biao) signs and symptoms: Headaches, dizziness, 
blurred vision, tinnitus, fever, spastic extremities 

Interior (di) or zangfu-Organ signs and symptoms: Distension, 
fullness and pain in the costal region, tightness and fullness in the 
chest, abdominal pain, vomiting, jaundice, diarrhoea, shan disor- 
der, enuresis, urinary retention, yellow urine 


Connections of the Liver primary channel 
(— 1.2) 


Connections with other channels 


Gall Bladder primary channel (zu shao yang jing) 
Connection: Foot Yin—Yang pairing of the third great circuit 
Location: G.B.-41 — LIV-1 (on the foot) 

Circulation: Circadian (according to the Organ clock) 
Importance: Exterior—Interior relationship 


Pericardium primary channel (shou jue yin jing) 
Connection: Paired according to the six-channel theory 
(hand-foot pairing): jue yin (Yin axes of the third great circuit) 
Location: LIV — P. An internal branch originating in the Liver 
penetrates the diaphragm and connects with the Pericardium pri- 
mary channel beneath — P-1. 

Circulation: Non-circadian (not according to the Organ clock) 
Importance: Above—below relationship 


Lung primary channel (shou tai yin jing) 

Connection: Deep Yin—Yin connection 

Location: LIV — LU (in the thorax). An internal branch origi- 
nating in the Liver penetrates the diaphragm and disperses in the 
Lung to connect with the Lung primary channel. 

Circulation: Circadian (according to the Organ clock) 
Importance: The Lung primary channel receives part of its 
Nutritive Qi (ying qi) from the Liver primary channel (first cir- 
culation of the ying qi > 1.1.4). 


Connections with zangfu-Organ systems 
Stomach (wei), Liver (gan), Gall Bladder (dan), Lung (fei) 
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4.12.2 The Liver Divergent Channel 
(zu jue yin jing bie) 


A (Brain) 





G.B.-1 
(2nd confluence) 


—e— 


4.12 The Liver Channel System - Foot jueyin (zu jue yin jing luo) 


Pathway 

The Liver divergent channel separates from the Liver primary 

channel on the dorsum of the foot 

= ascends the medial aspect of the leg to the inguinal region 

™ meets the Gall Bladder divergent channel near — Ren-2 
(qugu) 

™ traverses the abdomen and enters internally at LIV-13 
(zhangmen) 

= continues inside the thoracic cavity, spreads in the Liver 
(gan), connects with the Gall Bladder (dan) and runs to the 
Heart (xin) 

™ ascends to the neck 

= emerges at the mandibular angle and disperses over the face 

= connects with the Gall Bladder primary channel and the Gall 
Bladder divergent channel at > G.B.-1 (tongziliao) on the 
outer canthus of the eye to form one of the six he-confluences 
(here: G.B./LIV as 2nd confluence — 1.3) 

= continues to the eye system and ends in the Brain. 


Clinical importance 

e Strengthens the relationship between the Liver and the Gall 
Bladder (zangfu-Organ systems). Points on the Liver primary 
channel can therefore be used to treat disorders of the Gall 
Bladder and vice versa. 

e Based on the pathways of the Gall Bladder and Liver diver- 
gent channels, points on both channels can be used for disor- 
ders of the hips and the lower extremities as well as for 
disorders of the eye system. 
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4.12.3 The Liver Sinew Channel 
(zu jue yin jing jin) 





- Ren-3 

(Meeting point of 
the three foot Yin 
“51 sinew channels) 


—e— 


Pathway 

The Liver sinew channel begins on the dorsum of the big toe 

= follows the dorsolateral aspect of the big toe to the anterior 
aspect of the medial malleolus, where it binds (jie) 

™ ascends the medial aspect of the tibia and binds (jie) at the 
medial aspect of the knee 

= further ascends the medial aspect of the thigh between the 
Kidney and Spleen sinew channels 

= reaches the inguinal region, meeting the other foot Yin sinew 
channels at + Ren-3 (zhongji) and continues to the genitalia. 


Clinical importance 

Pathology: Stiffness, tension and distending sensations along 
the big toe. Pain around the medial malleolus and medial aspect 
of the knee. Pain and muscular tension along the medial aspect 
of the thigh. Disorders of the genital region. 

Indication: Pain, tension, muscle contractions and distending 
sensations along the pathway of the channel. Disorders of the 
genital region. 
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4.12.4 The Liver /uo-Connecting Vessel 
System (zu jue yin luo mai) 





—e— 


4.12 The Liver Channel System - Foot jueyin (zu jue yin jing luo) 


Pathway 

The Liver /uo-connecting vessel system separates from the Liver 

primary channel at its /uo point LIV-5 (ligou) (— 8.1.2). It forms 

a three-dimensional reticular network, dividing into multiple 

branches and sub-branches (sun luo, fu luo, xue luo — 1.5) 

within the surrounding tissue. 

e Horizontal divisions run to the Interiorly—Exteriorly paired 
Gall Bladder primary channel; according to some schools of 
thought (for example, Ngyen Van Nghi — Appendix), they 
travel as a transverse Liver /uo-connecting vessel to the 
yuan-source point > G.B.-40 (giuxu). 

e A longitudinal division ascends the medial aspect of the leg 
to the genital region, where it branches out. 


Clinical importance (— 8.1.2) 


Pathology 

Counterflow Qi: Swellings and pain of the testicles and scro- 
tum, hernia 

Excess (shi): Priapism 

Deficiency (xu): Itching of the external genitalia 


4.12.5 Cutaneous Region 
(jue yin pi bu) 


See description and figures > 1.6. 


4.12.6 Points of the Liver Primary 
Channel (Overview) 


Specific points according to their function 
e Yuan-source point (— 8.1.1): LIV-3 (taichong) S& 
e Luo-connecting point (— 8.1.2.): LIV-5 (digou) Bm 
e Xi-cleft point (— 8.1.3): LIV-6 (zhongdu) 
e Associated Back-shu point (— 8.1.4): BL-18 (ganshu) Sm 
Associated Front-mu point (— 8.1.5): LIV-14 (gimen) Sm 
e Five shu-transporting points (— 8.1.6): 
jing-well point (Wood): LIV-1 (dadun) mm, ben point (Five 
Phases) 
ying-spring point (Fire): LIV-2 (xingjian) B™ 
shu-stream point (Earth): LIV-3 (taichong) && 
jing-river point (Metal): LIV-4 (zhongfeng) 
he-sea point (Water): LIV-8 (ququan) @@, tonification point 
e Hui-meeting point (— 8.1.7) of the zang-Organs: LIV-13 


(zhangmen) SS 
e Opening point (— 8.1.8): - 
e Lower he-sea point (— 8.1.9): -— 
e Jiaohui-meeting points (— 8.1.10): 
— with the G.B. channel and the dai mai*: LIV-13 
(zhangmen) SS 





*Mentioned by only some authors 
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— with the yin wei mai and the ST channel: LIV-14 (qimen) Sm 
— of other channels with the LIV channel: SP-6, SP-12, 
SP-13, Ren-2, Ren-3, Ren-4, P-1, (Du-20*) 


e Gao Wu command point (— 8.1.11): - 

e Window of Heaven point (— 8.1.12): - 

e Points of the Four Seas (— 8.1.13): - 

e Ma Dan Yang Heavenly Star point (— 8.1.14): LIV-3 


(taichong) && 


e Sun Si Miao Ghost point (— 8.1.15): - 
e Other functional points: 


— Front-mu point of the Spleen: LIV-13 (zhangmen) SS 


Points according to region 


e Local points (> 8.2.1): Liver — LIV-13 (zhangmen) @&; 


knee — LIV-7 (xiguan), LIV-8 (ququan) @™; foot — LIV-4 
zhongfeng) 


e Adjacent points (— 8.2.1): Stomach/Spleen — LIV-13 


(zhangmen) @®; hypochondrium — LIV-13 (zhangmen) @&, 
LIV-14 (gimen) 


e Distal points (— 8.2.1): vertex — LIV-3 (taichong) BM; eyes 


— LIV-2 (xingjian) @m, LIV-3 (taichong) S™; Liver — LIV-3 
(taichong) &™; Gall Bladder — LIV-3 (taichong) &™®; urogen- 
ital region — LIV-3 (taichong) @™; genital region — LIV-5 
(ligou) @™; lower abdomen — LIV-8 (gququan) S™& 


—e— 


Specific points according to the channel 
pathway (in numeric order) 


LIV-1 (dadun) @@: jing-well point (Wood), ben point (Five 
Phases) (—> 8.1.6) 

LIV-2 (xingjian) @™: ying-spring point (Fire) (7 8.1.6), 
sedation point; distal point for the eyes (— 8.2.1) 

LIV-3 (taichong) @™: yuan-source point (> 8.1.1); shu- 
stream point (Earth) (— 8.1.6); Ma Dan Yang Heavenly Star 
point (— 8.1.4); distal point for the vertex, eyes, Liver, Gall 
Bladder and urogenital region (— 8.2.1) 

LIV-4 (zhongfeng): jing-river point (Metal) (— 8.1.6); local 
point for the foot (— 8.2.1) 

LIV-5 (ligou) Sm: luo-connecting point (— 8.1.2); distal 
point for the genital region (— 8.2.1) 

LIV-6 (zhongdu) SM: xi-cleft point (> 8.1.3) 

LIV-7 (xiguan): local point for the knee (— 8.2.1) 

LIV-8 (ququan) &@: he-sea point (Water) (— 8.1.6); tonifica- 
tion point; distal point for the abdomen (— 8.2.1); local point 
for the knee (—> 8.2.1) 

LIV-13 (zhangmen) @&®: Front-mu point of the Spleen 
(> 8.1.5); hui-meeting point of the zang-Organs (— 8.1.7); 
jiaohui-meeting point with the G.B. channel and the (dai 
mai*) (— 8.1.10); adjacent point for the Spleen/Stomach and 
the hypochondrium (— 8.2.1) 

LIV-14 (gimen) &™: associated Front-mu point(— 8.1.5); 
Jiaohui-meeting point with the yin wei mai and the SP channel 
(— 8.1.10); regional point for the hypochondrium (— 8.2.1) 





* Mentioned by only some authors 


1/10/2018 Basic Electronics 1A 


ab Gia \J Capacitor, Microphone, Potentiometer, Electrolytic 
J Electrolytic, Microphone, Resistor, Capacitor 


J Capacitor, Piezo, Resistor, Electrolytic 
J Electrolytic, Coil, Resistor, Capacitor help 


20. The closest value of the combination is: 





J 10k 
LJ 2k3 
J 2k5 


21. Which motor will work: 





22. A resistor and capacitor in series is called a: 


__ Pulse Circuit 

) Timing Circuit/Time Delay Circuit 

/ Oscillator Circuit/Frequency Circuit 
— Schmitt Circuit help 


23. A red-red-red-gold resistor in series with an 
orange-orange-orange-gold resistor produces: 


LJ 5k5 

J 35,200 ohms 

LJ 55k 

J None of the above help 


24. Name the 4 components: 





_J Photo transistor, switch, capacitor, coil 
_J Transistor, mercury switch, piezo, inductor 
J Photo transistor, reed switch, piezo, coil 
J Photo Darlington transistor, switch, piezo, inductor help 


25. To obtain a higher value of resistance, resistors are 
connected in: 


_” Reverse 
J Forward 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 69/74 





Ch04.12-F10028.qxd 2/23/08 11:32 AM Page 449 an 





4.12 The Liver Channel System - Foot jueyin (zu jue yin jing luo) 
Big Mound DADUN LIV-1 
Location 


On the lateral aspect of the big toe, 0.1 cun proximal and lateral 
to the corner of the nail. 


How to find 

LIV-1 is located at the junction of two tangents along the proxi- 
mal and lateral borders of the big toe, 0.1 cun from the actual 
margin of the nail. + SP-1 is located at the medial corner of the 
big toe. 


Needling 

Vertically or obliquely 0.1—0.2 cun. Avoid needling into the peri- 
onychium. For excess conditions, prick to bleed. Caution: 
Painful point. 


Actions/Indications 

e Regulates the Lower Burner, the genitals and Liver Qi 
e Eliminates Dampness 

e Opens the sensory orifices 


Special features 
Jing-well point, Wood point, ben point (Five Phases), entry 
point. 
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4 Acupuncture Points of the Twelve Primary Channels 


LIV-2 Moving Between X\INGJIAN 








450 





Location 
Between the Ist and 2nd toes, proximal to the margin of the 
interdigital web. 


How to find 

Locate LIV-2 slightly proximal to the margin of the interdigital 
web between the Ist and 2nd toes. 

Located in comparable positions are + ST-44 (between the 
2nd/3rd toes) and — G.B.-43 (between the 4th/Sth toes). 
— LIV-2, — ST-44 and — G.B.-43 are all part of the extra point 
— Ex-LE-10 (bafeng). Its counterpart on the hand is the extra 
point > Ex-UE-9 (baxie). 


Needling 
0.3-0.5 cun obliquely towards the heel or vertically. 


Actions/Indications 

e Clears Liver Fire, spreads Liver Qi, calms (internal) Liver 
Wind, clears Heat and Blood Heat, stops bleeding, benefits 
the Lower Burner 


Special features 
Ying-spring point, Fire point, sedation point. Major point for 
excess syndromes of the Liver (especially Liver Fire). 
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4.12 The Liver Channel System - Foot jueyin (zu jue yin jing luo) 


Great Rushing TAICHONG LIV-3 


Location 

On the dorsum of the foot, between the Ist and 2nd metatarsal 
bones, in the depression proximal to the metatarsophalangeal 
joints and the proximal angle between the two bones. 


How to find 

From the web between the Ist and 2nd toes, palpate proximally 
past the metatarsophalangeal joints and along the groove 
between the Ist and 2nd metatarsal bones, until you reach the 
widest and deepest part of the groove. There, locate LIV-3, 
which is often sensitive to pressure. To double-check: When 
continuing to palpate along the groove, it will become more nar- 
row and shallow again. 

Located in a similar position on the hand is > L.L.-4 (between 
the lst and 2nd metacarpal bones). 


Needling 
Vertically or slightly obliquely 0.5-1 cun. Caution during 
pregnancy. 


Actions/Indications 

e Spreads Liver Qi, clears the head, benefits the eyes, nourishes 
Liver Blood and Liver Yin, calms spasms, alleviates pain, 
regulates menstruation and the Lower Burner 

e Eliminates (internal) Wind, pacifies Liver Yang 


Special features 

Yuan-source point, shu-stream point, Earth point, Ma Dan Yang 
Heavenly Star point (later added by Xu Feng). Major point for 
spreading Liver Qi. 
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4 Acupuncture Points of the Twelve Primary Channels 


LIV-4 Middle Seal ZHONGFENG 


Location 
1 cun anterior to the prominence of the medial malleolus, medial 
to the tendon of the tibialis anterior muscle. 


How to find 
Even with slight dorsiflexion of the ankle, the tendon of the tib- 







ialis anterior muscle will become more pronounced on the Trendonrorrne 
medial aspect of the ankle. LIV-4 is located between the tendon extensor pollicis longus ..___ 
and 2 


and the prominence of the medial malleolus, in a depression 
over the palpable joint space. 

— ST-41 is also located over the joint space (on the midpoint of 
its anterior aspect); + SP-5 lies only slightly distal to ~ LIV-4 
at the junction of a vertical line along the anterior border and a 
horizontal line along the lower border of the medial malleolus. 


tibialis anterior 


Needling : : Braminence of the 
Vertically 0.3-0.5 cun p a medial malleolus 


Actions/Indications 
e Opens the channel, promotes the flow of Liver Qi, regulates 
the Lower Burner 


Special features 
Jing-river point, Metal point. 
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4.12 The Liver Channel System — Foot jueyin (zu jue yin jing luo) 


Woodworm Canal LiGOU LIV-5 


Location 

On the medial aspect of the lower leg, 5 cun proximal to the 
highest prominence of the medial malleolus, just posterior to 
the medial crest of the tibia, between the crest of the tibia and the 
gastrocnemius muscle. 


How to find 

First, locate the highest prominence of the medial malleolus 
(— 3.6.2). From there, palpate 5 cun in a proximal direction and 
there locate LIV-5 in a depression directly posterior to the 
medial crest of the tibia. Or quick method: Divide the distance 
between the medial end of the popliteal crease and the highest 
prominence of the medial malleolus (=approximately 15 cun, 
— 2.2) into thirds and locate LIV-5 a third of the distance from 
the medial malleolus. Note: Some texts locate LIV-5 on the 
tibia, others on the posterior border of the tibia; sensitivity to 
pressure should be the determining factor. + KID-9 is located 
on the same level but directly superior to ~ KID-3 (between the 
medial malleolus and the Achilles tendon). 


Needling 

0.5—1 cun vertically or obliquely in a posterior direction towards 
the fibula or transversely (subcutaneously) along the tibia 
towards the abdomen. 


Actions/Indications 

e Regulates Liver Qi, benefits the genitals, clears Damp-Heat 
from the Lower Burner, regulates menstruation 

e Eliminates ‘plum-pit’ Qi 

e Moves Qi locally 


Special features 
Luo-connecting point. Important distal point for the urogenital 
region (especially with Liver Qi stagnation and Damp-Heat). 
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4 Acupuncture Points of the Twelve Primary Channels 


LIV-6 Central Capital ZHONGDU 














Location 
7 cun proximal to the highest prominence of the medial malleo- 
lus, just posterior to the medial crest of the tibia. 


How to find 

First, locate the highest prominence of the medial malleolus 
(— 3.6.2). From there, palpate 7 cun (= the width of 2 hands and 
1 thumb) in a proximal direction and there locate LIV-6 in a 
depression directly posterior to the medial crest of the tibia. Or 
quick method: Spreading hands technique (— 2.3.3): Place the 
little fingers on the medial end of the popliteal crease and the 
highest prominence of the medial malleolus respectively and 
join the thumbs on the posterior border of the tibia at the mid- 
point of this distance (= approximately 15 cun, 2.2). From there, 
measure 0.5 cun in a distal direction and here locate LIV-6 pos- 
terior to the medial crest of the tibia. Note: Some texts locate 
LIV-6 on the tibia, others on the posterior border of the tibia; 
sensitivity to pressure should be the determining factor. 


Needling 

0.5-1 cun vertically or obliquely in a posterior direction towards 
the fibula or transversely (subcutaneously) in a proximal direction 
along the tibia. 


Actions/Indications 
e Spreads Liver Qi, regulates the Lower Burner, regulates 
Blood, eliminates Dampness 


Special features 
Xi-cleft point 


























6 cun 
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4.12 The Liver Channel System - Foot jueyin (zu jue yin jing luo) 
Knee Joint XiIGUAN LIV-7 
Location 


At the junction of the shaft and the medial condyle of the tibia, 
1 cun posterior to > SP-9. 


How to find 

The junction of the shaft and the medial condyle of the tibia can 
be easily palpated. There, locate + SP-9 and LIV-7 1 cun pos- 
terior to it. Both points tend to be sensitive to pressure if indicated. 


Needling 
Vertically 1-2 cun 


Actions/Indications 
e Opens the channel 
e Expels Wind and Dampness 


Medial condyle 
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4 Acupuncture Points of the Twelve Primary Channels 


Spring at the Crook QUQUAN 











Location 

With the knee flexed, LIV-8 is located directly proximal to the 
medial end of the popliteal crease, in a depression anterior to the 
tendons of the semitendinosus and semimembranosus muscles. 


How to find 

LIV-8 is best located with the patient’s knee flexed and slight 
external rotation of the hip. First, palpate the prominent, ropey 
tendon of the semitendinosus muscle, which becomes more pro- 
nounced with the knee flexed. The tendon of the semimembra- 
nosus muscle lies deep to the semitendinosus and is often more 
difficult to isolate. With the palpating finger, glide from the ten- 
don of the semitendinosus towards the patella. Approximately 
after 1 cun, you can feel a depression between the muscle bel- 
lies. LIV-8 is located anterior to both tendons. Some authors 
locate LIV-8 | cun superior and anterior to + KID-10. Sensi- 
tivity to pressure should determine the location. 

— KID-10 is located approximately | cun in the direction of the 
popliteal crease and, from a medial perspective, posterior to the 
tendon of the semimembranosus and anterior to the tendon of 
the semitendinosus. 


Needling 
Vertically 0.5-1.5 cun 


Actions/Indications 

e Clears and eliminates Dampness and Damp-Heat from the 
Lower Burner (major action), benefits the genitals and the 
Uterus 

e Nourishes Blood and Yin 

e Moves Qi locally 


Special features 
he-sea point, Water point, tonification point. 
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4.12 The Liver Channel System - Foot jueyin (zu jue yin jing luo) 


Yin Wrapping YINBAO LIV-9 


Location 

4 cun proximal to the medial condyle of the femur, between the 
sartorius and vastus medialis muscles. Alternative locations: 4 cun 
proximal to — LIV-8 (for example, Deadman et al 1998, 
— photo), 4 cun proximal to the junction of the shaft and the 
condyle of the femur (for example, Hecker et al — see line draw- 
ing) or 4 cun proximal to the midpoint of the condyle of the femur 
(for example, Ogal and Stér 1999, — illustration on p. 443). 


How to find 

From — LIV-8, measure 4 cun in a proximal direction. There, 
locate LIV-9 on the border between the more medial, narrow sar- 
torius muscle and the anteromedial vastus medialis muscle. Sen- 
sitivity to pressure should determine the location of this point. 


Needling 
Vertically 1-2 cun 


Actions/Indications 
e Benefits the Lower Burner 
e Opens the channel 
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4 Acupuncture Points of the Twelve Primary Channels 


LIV-10 Leg Five Miles ZUWULI 














Location 

On the anterior aspect of the thigh, 3 cun inferior to the upper 
border of the symphysis, on the lateral border of the adductor 
longus muscle. 


How to find 

Ask the patient to flex their adductors by pressing their feet 
against each other. LIV-10 is located in a groove on the medial 
border of the adductor longus muscle, where it forms an angle 
with the sartorius muscle. 


Needling 
Vertically 0.5—-1.5 cun. Caution: Great saphenous vein, femoral 
artery/nerve. 


Actions/Indications 

e Relaxes the tendons and muscles 

e Clears Damp-Heat from the Lower Burner 
e Regulates the water passages 
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1/10/2018 Basic Electronics 1A 


Parallel 
Series help 


26. Which LED will illuminate: 






27. Name the component that detects light: 


mini trim pot 
Light Dependent Resistor 
piezo 
speaker help 


28. What is 1,000p? 


0.01n 

0.0001u 

0.1n 

1n help 


29. The current in a circuit is 45mA. This is: 


0.045Amp 
0.00045A 

0.0045A 

0.45A help 


30. A 100n capacitor can be expressed as: 


0.4u u=microfarad 


0.01u 

0.001u 

none of the above help 
31. 1mA is equal to: 

0.001A 

0.00001A 

0.01A 

0.1A help 
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4.12 The Liver Channel System - Foot jueyin (zu jue yin jing luo) 
Yin Corner YINLIAN LIV-11 
Location 


On the anterior aspect of the thigh, 2 cun inferior to the upper 
border of the symphysis and on the lateral border of the adduc- 
tor longus muscle. 


How to find 

Ask the patient to flex their adductors by pressing their feet 
against each other. LIV-11 is located 2 cun inferior to the upper 
border of the pubic symphysis, in a groove on the medial border 
of the adductor longus muscle. 

LIV-11 is located approximately 1 cun inferior to where the 
femoral artery passes under the inguinal ligament. 


Needling 

Vertically 0.5—1.5 cun. Caution: Great saphenous vein, femoral 
artery/vein/nerve. Classical texts recommend moxibustion for 
female sterility. 


Actions/Indications 

e Relaxes the tendons 

e Benefits the Uterus and regulates menstruation 
e For disorders of the lumbar spine 
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4 Acupuncture Points of the Twelve Primary Channels 


LIV-12 Urgent Pulse JiMAI 


Location 
In the inguinal groove, 2.5 cun lateral to the anterior midline and 
1 cun inferior to the upper border of the symphysis. 


How to find 

From the upper border of the pubic symphysis, measure 2.5 cun 
in a lateral and 1 cun in an inferior direction. In this area, you can 
palpate the pulse of the femoral artery. LIV-12 is located medial 
to the pulsating of the artery. As the femoral vein also runs 
medial to the artery, LIV-12 should be needled in a medial direc- 
tion, at least 1 fingerbreadth from the artery. 

— ST-30 is located 1 cun superior and 0.5 cun medial to LIV-12. 


Needling 

Slightly obliquely 0.5—0.8 cun. Caution: Femoral artery/vein. The 
femoral vein is located medial to the artery and is approximately 
the breadth of a finger. To avoid injury to the vein, LIV-12 should 
not be needled medial to the artery. Owing to its tricky location, 
classical texts recommend moxibustion only, while in modern 
texts moxibustion is contraindicated for the same reason. 





Actions/Indications 
e Dispels Cold from the Liver channel and benefits the Lower 
Burner 
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4.12 The Liver Channel System - Foot jueyin (zu jue yin jing luo) 


Completion Gate ZHANGMEN LIV-13 


Location 
Anterior and inferior to the free end of the 11th rib, approxi- 
mately | cun superior to the umbilicus. 


How to find 

Quick method: Ask the patient to press their flexed elbow (90°) 
against the lateral aspect of the thorax and the tip of the olecra- 
non will be pointing to the free end of the 11th rib. LIV-13 can 
then be located on its anterior and inferior border. Or: Place the 
hand on the upper abdomen and, with gentle pressure, palpate 
along the lower border of the rib cage until you can feel the free 
end of the 11th rib just superior to the umbilicus. Locate LIV-13 
on its anterior and inferior border. 

Located on approximately the same level (1 cun superior to the 
umbilicus) are > Ren-9 (on the midline) and — ST-24 (2 cun lat- 
eral to the midline). + G.B.-25 is located more laterally and 
inferiorly, at the free end of the 12th rib. 


Needling 

0.5-1 cun vertically or better obliquely in a lateral direction. 
Caution: Peritoneum, hypertrophied organs (right: liver, left: 
spleen). 


Actions/Indications 

e Harmonises the Liver and the Spleen, regulates Liver Qi 
(especially in the Middle and Lower Burner), strengthens the 
Spleen 

e Opens the channel 





Special features 
Front-mu point of the Spleen, meeting point with the dai mai and 
the G.B. channel. Hui-meeting point of the zang-Organs. 
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4 Acupuncture Points of the Twelve Primary Channels 


LIV-14 Cycle Gate QIMEN 


Location 
In the 6th intercostal space, on the mamillary line or 4 cun lateral Manubriosternal 
to the midline. synchondrosis _ 







2nd rib 





How to find 

Quick method, especially in men: The nipple is generally 
located on the level of the 4th intercostal space. From there, pal- 
pate downward 2 intercostal spaces and locate LIV-14 in the 6th 
intercostal space. Or: For more precise orientation on the 
ribcage (— 3.5), palpate for the manubriosternal synchondrosis, 
a well-defined horizontal bony structure on the sternum. Lateral 
to it, locate the 2nd rib and below it the 2nd intercostal space. 
From there, count downward 4 intercostal spaces to the 6th 
intercostal space and there locate LIV-14 on the mamillary line 
(4 cun lateral to the midline). 

— G.B.-24 is located in the 7th intercostal space. Located on the 
same level (2 cun inferior to the sternocostal angle — 3.5) are 
— Ren-14 (on the midline), ~ KID-21 (0.5 cun lateral to the 
midline) and  ST-19 (2 cun lateral to the midline). 


Needling 

0.5-1 cun obliquely, either in a lateral or medial (along the 
course of the ICS) direction. The latter is recommended for dis- 
orders of the breasts. Caution: Pneumothorax. 


Actions/Indications 
oa e Regulates Liver Qi and Liver Blood (especially in the Upper 
and Middle Burner), cools the Blood, disperses accumula- 
in tions, harmonises the Liver and the Stomach 


Special features 
Front-mu point of the Liver, meeting point with the yin wei mai 
and the Spleen channel, exit point. 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with 


Points 


Claudia Focks, Ulrich Marz 


For an overview of the theoretical background of the eight 


extraordinary vessels > 1.7. 


5.1 Chong mai 


Synonym: Penetrating Vessel 


Relationships (— 1.7.3) 

e Yin/Yang: chong mai/dai mai 

e Central/peripheral: chong mai/yin wei mai. Regions sup- 
ported by this pairing: Heart, thorax, Stomach. Opening 
point: SP-4 (gongsun), coupled point: P-6 (neiguan) 


Pathway 

The extraordinary vessel chong mai originates like the du mai 

and ren mai in the lower abdomen at bao zhong (in women in the 

Uterus) or, according to some authors, at the Kidneys. It crosses 

the genital area and divides into two branches: 

= A deep branch reaches the perineum at + Ren-1 (huiyin), 
travels to the spine, penetrates the spinal canal and ascends to 
the level of T1 and T2. (According to some authors the vessel 
ascends the anterior aspect of the spine.) 

= The other branch emerges at > ST-30 (gichong) to the sur- 
face of the body and divides into two external branches, one 
descending and one ascending branch: 

e the ascending branch reaches > KID-11 (henggu) 0.5 cun 
lateral to the midline at the level of the pubic symphysis and 
from there follows the KID channel to ~ KID-21 (youmen). 
The KID channel initially ascends the abdomen at a distance 
of 0.5 cun from the midline, passing — KID-12 (dahe), 
— KID-13 (gixue), — KID-14 (siman) and — KID-15 
(zhongzhu), runs to the midline, meeting ~ Ren-7 (yinjiao) 
lcun inferior to the umbilicus, and again returns to its 
pathway 0.5 cun lateral to the midline, passing + KID-16 
(huangshu), — KID-17 (shangqu), — KID-18 (shiguan), 
— KID-19 (yindu), > KID-20 (futonggu) and > KID-21 
(youmen). The vessel then disperses into the intercostal 
spaces, ascends the neck, circles the inner surface of the lips 
and spreads in the upper pharynx and the nasal cavities. 





-KID-19 
L-KID-18 
- KID-17 


Ren-Z : - KID-16 





e the descending branch meets the Kidney primary channel 
and descends the medial aspect of the thigh (according to the 
Ling Shu it divides into the three foot Yin channels), pene- 
trates the popliteal fossa, follows the medial border of the 
tibia and emerges posterior to the medial malleolus, where it 
divides into two sub-branches: one branch travels along the 
anteromedial aspect of the foot to the big toe, the other branch 
reaches the sole of the foot. 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 





464 





Upper border 
of the pubic 
symphysis 


ST-30 (gichong): 2 cun lateral to the upper border of the pubic 
symphysis, medial to the femoral artery; at the level of Ren-2 


| 


KID-11 (henggu): On the upper border of the pubic symphysis, 
0.5 cun lateral to the anterior midline 


oe = 


KID-12 (dahe): 1 cun superior to the upper border of the pubic 
symphysis, 0.5 cun lateral to the anterior midline 


KID-13 (gixue): 2 cun superior to the upper border of the pubic 
symphysis, 0.5 cun lateral to the anterior midline 





KID-14 (siman): 2 cun inferior to the umbilicus, 0.5 cun lateral 
to the anterior midline 














KID-15 (zhongzhu): 1 cun inferior to the umbilicus, 0.5 cun 
lateral to the anterior midline 





Ren-7 (yinjiao): On the anterior midline, 1 cun inferior to the 
umbilicus 





KID-16 (huangshu): 0.5 cun lateral to the centre of the 
umbilicus 





KID-17 (shangqu): 2 cun superior to the umbilicus, 0.5 cun 
lateral to the anterior midline 





KID-18 (shiguan): 3 cun superior to the umbilicus, 0.5 cun 
lateral to the anterior midline 





KID-19 (yindu): Midway between the sternocostal angle and 
the centre of the umbilicus, 0.5 cun lateral to the anterior 
midline 
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5.1 Chong mai 


Connections with other channels and organs 

e Kidney primary channel, ren mai, du mai, Stomach and Liver 
primary channels 

e Kidney, Uterus 





KID-20 (futonggu): 5 cun superior to the umbilicus or 3 cun Clinical importance (— 1.7.2, 1.7.3) 
inferior to the sternocostal angle, 0.5 cun lateral to the anterior e Sea of Blood, strong connection to the various functions of 
midline the Blood 


e Strong relationship to the Uterus, regulates the menses 

e Regulates the 12 primary channels, effectively regulates the 
circulation of the Blood (xue) in the whole body 

e Regulates counterflow Qi 

e Connects the Stomach and Kidney primary channels and 
strengthens the relationship between the ren mai and du mai 





KID-21 (youmen): 2 cun inferior to the sternocostal angle, 0.5 
cun lateral to the anterior midline 
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5.2 Ren mai 


5.2 Ren mai 


Synonym: Conception Vessel 


icderciheilan (— 1.7.3) 
e Yin/Yang: ren mai/du mai 

e Central/peripheral: ren mai/yin giao mai. Regions sup- 
ported by this pairing: face, throat, thorax, Lungs, diaphragm, 
abdomen. Opening point: LU-7 (lieque); coupled point: 
KID-6 (zhaohai) 





Pathway 
The extraordinary vessel ren mai originates like the chong mai 
and du mai in the lower abdomen (bao zhong) or, according to 
some authors, at the Kidneys, connects with the urogenital area and 
emerges at the perineum at Ren-1 (Auiyin). From there the external 
pathway ascends the anterior midline, passing the abdomen, the 
chest, and the throat. It terminates on the chin in the mentolabial 
groove at Ren-24 (chengjiang), where it meets the Stomach pri- 
mary channel and the extraordinary vessel du mai. From here the 
vessel continues internally, encircles the inner surface of the lips 
and connects with the du mai at + Du-28 (yinjiao) beneath the 
upper frenulum. It divides into two branches, which both reach 
the infraorbital ridge at + ST-1 (chengqi), where they cross the 
Stomach primary channel as well as the extraordinary vessel yin 
giao mai, and terminate near the eyes. 
e An internal branch runs from the perineum to the spine, 
penetrates the spinal canal at Du-1 (changgqiang) and ascends 
in the spine. 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


468 


Meeting Points of other channels with the 
ren mai 







Du-28 (yinjiao): On the inside of the upper lip, at the junction 
of the frenulum and the upper gum 





Orbital 2!" 4 
margin (below the pupil 
‘are 
ST-1 (chengqi): With the eyes looking straight ahead, directly 
below the centre of the pupil, between the eyeball and the 
infraorbital ridge 
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Du-1 (changgiang): On the midline, midway between the tip of 
the coccyx and the anus 


Connections with other channels and organ 
systems 

e Du mai, chong mai, Kidney and Stomach primary channels 
e Uterus, Kidney 


Clinical importance (— 1.7.2, 1.7.3) 

e Sea of the Yin Qi, regulates and circulates the Yin Qi (including 
the Blood, Essence (jing) and body fluids) in order to nourish 
and moisten the body 

e Connects all Yin channels, especially those of the lower 
abdomen 

e Controls the anterior thoracic region and the abdomen 

e Close relationship to the functions of the abdominal organs, 
particularly the Kidney, Bladder, Uterus and Lung 

e Regulates reproduction 

e Stores the Essence Qi (jing gi) overflowing from the Yin 
channels 

e Absorbs excess from the Yin channels, especially stagnant Qi 
and Blood 


Notes about the ren mai 
Both the ren mai and du mai have a unique position among the 
eight extraordinary vessels. They are the only two extraordinary 


—p— 


<—— 


vessels with their own specific points — all other extraordinary 
vessels can only be accessed through points on the primary 
channels. For this reason the ren mai and the du mai together 
with the primary channels are often categorised as 14 channels. 
However, from the point of view of channel energetics this is not 
correct, since the extraordinarily vessels occupy a special posi- 
tion, both evolutionary as well as functionally (— 1.7). 

The pathway of the ren mai, like that of the du mai, is limited to 
the torso and the head. While it does not course along the extrem- 
ities and does not have any points on the limbs (neither general 
points nor specific points such as the five shu-transporting points, 
yuan-source point, etc.) it does have an opening point (or Master 
point) (— 8.1.8). The ren mai is also referred to as the Sea of Yin 
and governs the Yin in the whole body. Along its pathway are 
located the anterior aspects of the energy centres (or chakras 
according to Yogi tradition). Daoist tradition describes three 
energy centres, the three cinnabar fields (dantian) on the anterior 
aspect of the body, which play an important role in Qigong prac- 
tice as centres where the Qi pools and originates. While all three 
centres are located on the pathway of the ren mai, they do not cor- 
respond to specific points but rather to certain areas. 

The ren mai runs along the Yin side of the body. It contains not 
only several Front-mu points acting directly on the zangfu- 
Organs, but also multiple meeting points with other channels. 
This clearly denotes the outstanding importance of the ren mai. 


Specific points according to their function 
e Yuan-Source point (— 8.1.1): - 
e Luo-Connecting point (— 8.1.2.): Ren-15 (jiuwei) BE 
e Xi-Cleft point (— 8.1.3): - 
e Associated Back-shu point (— 8.1.4): - 
e Associated Front-mu point (— 8.1.5): -— 
e Five shu-transporting points (— 8.1.6): - 
e Hui-meeting point (— 8.1.7) 
— of the Qi: Ren-17 (danzhong) && 
— of the fu-Organs: Ren-12 (zhongwan) &™ 
e Pertaining opening point (— 8.1.8): LU-7 (lieque) 
e Pertaining coupled point (— 8.1.8): KID-6 (zhaohai) 
e Lower he-Sea point (— 8.1.9): -— 
e Jiaohui-meeting points (— 8.1.10): 
— with the chong mai and the du mai: Ren-1 (huiyin) 
— with the LIV channel: Ren-2 (qugu) Sm 
— with the SP, LIV, KID channels: Ren-3 (zhongji) MM, 
Ren-4 (guanyuan) && 
— with the chong mai and the KID channel*: Ren-7 (yinjiao) 
— with the SP and ST* channels: Ren-10 (xiawan) 
— with the S.I., T.B.* and ST channels: Ren-12 (zhongwan) SS 
— with the ST and S.I. channels: Ren-13 (shangwan) 
— with the SP*, KID, S.I.* and T.B. channels: Ren-17 
(danzhong) SS 
— with the yin wei mai: Ren-22 (tiantu) SS, Ren-23 (lianquan) 





* Mentioned by only some authors 





Ch05a-F10028.qxd 


2/22/08 9:43 PM Page 469 


—468 with the du mai, the L.I. and ST channels: Ren-24 

(chengjiang) 

— of other channels with the ren mai: Du-28, ST-1, Du-1 

Gao Wu command point (— 8.1.11): — 

Window of Heaven point (— 8.1.12): Ren-22 (tiantu) B™ 

Points of the Four Seas (— 8.1.13) Qi: Ren-17 (danzhong) B& 

Ma Dan Yang Heavenly Star point (— 8.1.14): — 

Sun Si Miao Ghost points (— 8.1.15): Ren-1 (Auiyin), Ren-24 

(chengjiang) S& 

Other functional points: 

— Front-mu point of the Bladder: Ren-3 (zhongji) BE 

— Front-mu point of the Small Intestine: Ren-4 (guanyuan) @& 

— Front-mu point of the Triple Burner: Ren-5 (shimen) 

— important, general tonification point: Ren-6 (gihai) S™ 

— Front-mu point of the Stomach: Ren-12 (zhongwan) && 

— Front-mu point of the Heart: Ren-14 (juque) S™ 

— important calming point: Ren-15 (jiuwei) Bm 

— Front-mu point of the Pericardium, point of the Sea of Qi: 
Ren-17 (danzhong) && 


Points according to region 


e Local points (— 8.2.1): throat — Ren-23 (Jianquan); Lungs — 


Ren-22 (tiantu) @&, Ren-17 (danzhong) &&; Heart — Ren-17 
(danzhong) &®; Spleen/Stomach — Ren-12 (zhongwan) SB; 
Small Intestine — Ren-4 (guanyuan) mm, Ren-9 (shuifen); 
Bladder — Ren-3 (zhongji) BM; urogenital region — Ren-3 
(zhongji), Ren-4 (guanyuan) @®; epigastrium — Ren-12 
(zhongwan) @S§, Ren-13 (shangwan); abdomen — Ren-3 
(zhongji) @@, Ren-4 (guanyuan) S88, Ren-6 (gihai) BE 
Adjacent points (— 8.2.1): throat — Ren-22 (tiantu) BM; 
tongue — Ren-23 (lianquan); Heart — Ren-14 (juque) BM; 
Gall Bladder — Ren-11 (jianli); Kidney — Ren-4 (guanyuan) 
SM; epigastrium — Ren-8 (shenque) 


e Distal points (— 8.2.1): - 


Ren-5 (shimen): Front-mu point of the Triple Burner 

Ren-6 (gihai) &™: important general tonification point; local 
point for the lower abdomen (— 8.2.1); adjacent point for the 
Lung (> 8.2.1) 

Ren-7 (yinjiao): jiaohui-meeting point with the chong mai 
and the KID channel (—> 8.1.10) 

Ren-8 (shenque): adjacent point for the epigastrium (— 8.2.1) 
Ren-9 (shuifen): local point for the Small Intestine (— 8.2.1) 
Ren-10 (xiawan): jiaohui-meeting point with the SP and ST* 
channels (— 8.1.10) 

Ren-11 (jianli): adjacent point for the Gall Bladder (— 8.2.1) 
Ren-12 (zhongwan) &®: hui-meeting point (7 8.1.7) of the 
ju-Organs; jiaohui-meeting point with the S.I., T.B.* and ST 
channels (— 8.1.10); Front-mu point of the Stomach 
(> 8.1.5); local point for the SP/ST and the epigastrium 
(> 8.2.1) 

Ren-13 (shangwan): jiaohui-meeting point with the ST 
and S.I. channels (— 8.1.10); local point for the epigastrium 
(> 8.2.1) 

Ren-14 (juque) @®: Front-mu point of the Heart (— 8.1.5); 
adjacent point for the Heart 

Ren-15 (jiuwei) Sm: luo-connecting point (> 8.1.2); impor- 
tant point for calming 

Ren-17 (danzhong) &@: hui-meeting point (> 8.1.7) of the 
Qi; jiaohui-meeting point with the SP, KID, S.I. and T.B. 
channels (— 8.1.10); Front-mu point of the Pericardium, point 
of the Sea of Qi; local point for the Lung and Heart (— 8.2.1) 
Ren-22 (tiantu) @M®: jiaohui-meeting point with the yin wei 
mai (> 8.1.10); Window of Heaven point (— 8.1.12); local 
point for the Lungs (— 8.2.1); adjacent point for the throat 
(> 8.2.1) 

Ren-23 (lianquan): jiaohui-meeting point with the yin wei 
mai (— 8.1.10); local point for the throat (— 8.2.1); adjacent 
point for the tongue (— 8.2.1) 

Ren-24 (chengjiang) @@: jiaohui-meeting point with the du 
mai, the L.I. and ST channels (— 8.1.10); Sun Si Miao Ghost 


5.2 Ren mai 


Specific points according to the vessel 

pathway (in numerical order) 

e Ren-1 (huiyin): jiaohui-meeting point with the chong mai 
and du mai (— 8.1.10); Sun Si Miao Ghost point (— 8.1.15) 

e Ren-2 (qugu) SM: jiaohui-meeting point with the LIV chan- 
nel (= 8.1.10) 

e Ren-3 (zhongji) @M: jiaohui-meeting point with the SP, LIV, 
KID channels (> 8.1.10); Front-mu point of the Bladder; 
local point for the Bladder, urogenital region and lower 
abdomen (—> 8.2.1) 

e Ren-4 (guanyuan) @@: Front-mu point of the Small Intestine 
(> 8.1.5); jiaohui-meeting point with the SP, LIV, KID chan- 
nels (— 8.1.10); local point for the Small Intestine, urogenital 
region and lower abdomen (— 8.2.1); adjacent point for the 


point 


Kidneys 


* Mentioned by only some authors 
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1/10/2018 Basic Electronics 1A 
32. 1,200mV is equal to: 


LJ 12v 

LJ 1.2v 

LJ 0.12v 

LJ 0.0012v help 


33. The approximate current for a toy 3v motor is: 


LJ 10mA 
LJ 100mA to 300mA 
LJ 1 amp 


34. What is the resistance of this resistor: 


_J 47k 
J 4k7 
LJ 4R7 





35. Identify the correctly connected LED: 


help 





36. Identify the correct statement: 


J The cathode lead is longer. It goes to the negative rail 

_ The cathode lead is shorter. It goes to the negative rail 

_/ The cathode lead is shorter. It goes to the positive rail 

_/ The cathode lead is longer. It goes to the positive rail help 





37. The current requirement of a LED is: 


LJ 1.7mMA 

LJ 25mA 

J Between 3 and 35mA 
LJ 65mA help 


38. The multimeter is measuring .. . 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 
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Luo-Connecting Vessel of the Ren Mai (— 1.6) 
Pathway 


The /uo-connecting vessel of the ren mai originates at Ren-15 
(jiuwei), below the xiphoid process (— 3) and disperses over the 
skin of the abdomen. 


Clinical importance 
Pathology 


Excess (shi): pain of the abdominal skin 
Deficiency (xu): itching of the abdominal skin 
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5.2 Ren mai 


Meeting of the Yin HUIVIN FESS 


Location 
In the centre of the perineum. 


How to find 
In women: midway between the anus and the posterior labial 
commissure. In men: midway between the anus and the scrotum. 


Needling 

Vertically 0.5-1 cun. Caution: Contraindicated during preg- 
nancy. Some classic texts prohibit needling this point. Particular 
attention should be paid to the prevention of infection. 


Actions/Indications 
e Clears Heat, strengthens the Kidneys and drains Dampness 
e Regulates menstruation 


Special features 

Meeting point with the du mai and the chong mai. As a Sun Si 
Miao Ghost point, Ren-1 is traditionally indicated for treating 
epilepsy and psychoses. 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Ren-2 | Curved Bone QUGU 


Location 
On the anterior midline, on the upper border of the pubic sym- 
physis. 


How to find 

In the pubic area, locate the upper border of the pubic sym- 
physis. Ren-2 is located directly superior to its upper border, on 
the anterior midline. 

Located on the same level are ~ KID-11 (0.5 cun lateral to the 
midline), ~ ST-30 (2 cun lateral to the midline) and + SP-12 
(3.5 cun lateral to the midline). 


Needling 
Vertically 0.5—1 cun. Caution: Peritoneum. Also caution with a 
full bladder and during pregnancy. 


Actions/Indications 

e Benefits urination, warms the Yang and strengthens the Kid- 
neys 

e Regulates the Lower Burner 


Special features 
Meeting point with the LIV channel 





Anterior superior 
iliac spine (ASIS) 
\ 


Sacroiliac joint 


7 
7 










Greater 
trochanter 


\ 
\ 





| 
| 
| 
| 
Symphysis pubis, 
interpubic disc 





























Ch0S5a-F10028.qxd 2/22/08 9:43 PM Page 473 ar 





5.2 Ren mai 
Middle Pole ZHONG)| [ESS 
Location 


On the anterior midline, 1 cun superior to the upper border of the 
pubic symphysis or 4 cun inferior to the umbilicus. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 cun. As these can 
vary considerably from the patient’s finger cun, only propor- 
tional cun measurements should be used here (helpful device: 
elastic tape — 2.3.1). Locate Ren-3 on the midline, 1 cun 
superior to the midpoint of the upper border of the pubic sym- 
physis. 

Located on the same level are —~ KID-12 (0.5 cun lateral 
to the midline) and + ST-29 (2 cun lateral to the midline). 


Needling 

Vertically 0.5—1 cun. Caution: Peritoneum, bladder. Contraindi- 
cated during pregnancy. Ask the patient to void their bladder 
before needling. 


Actions/Indications 

e Benefits the Bladder, drains Dampness and Damp-Heat, dis- 
pels stagnation, benefits the Lower Burner 

e Regulates menstruation 

e Strengthens the Kidneys (— Ren-4 is more commonly used 
for this purpose) 


Special features 

Front-mu point of the Bladder, meeting point with the LIV, KID 
and SP channels. Important point for disorders of the urogenital 
tract, with its main action on the Bladder (especially for acute 
cases). 








Umbilicus 























___| Upper border 
of the pubic 
symphysis 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Ren-4 | Gate of the Source GUANYUAN 


Location 
On the anterior midline, 2 cun superior to the upper border of the 
pubic symphysis or 3 cun inferior to the umbilicus. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 cun, which can 
vary considerably from the patient’s finger cun. Therefore, only 
proportional cun measurements should be used here (helpful 
device: elastic tape ~ 2.3.1). Ren-4 is located on the midline, 
either 2 cun superior to the midpoint of the upper border of the 
pubic symphysis or 3 cun inferior to the umbilicus. 

Located on the same level are ~ KID-13 (0.5 cun lateral to the mid- 
line), + ST-28 (2 cun lateral to the midline) and three extra points 
— Ex-CA (yijing: | cun lateral to the midline; gimen: 3 cun lateral 
to the midline; tituo: 4 cun lateral to the midline). Also located on 
approximately this level is > G.B.-27 (medial to the ASIS). 


Needling 
Vertically 0.5-1.2 cun. Caution: Peritoneum. Needling con- 
traindicated during pregnancy. 


Actions/Indications 

e Tonifies the Original Qi (yuan qi), benefits the Essence (jing), 
strengthens and nourishes the Kidneys as well as the Blood 
and Yin 

e Eliminates Cold and Dampness from the Lower Burner 
(especially with moxibustion) 


Special features 
Front-mu point of the Small Intestine, meeting point with the SP, 
KID and LIV channels. Important point for tonification. Major 
point for urogenital disorders (especially gynaecological disorders). 
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5.2 Ren mai 
Stone Gate SHIMEN | Ren-5 | 
Location 


On the anterior midline, 2 cun inferior to the umbilicus or 3 cun 
superior to the upper border of the pubic symphysis. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 cun, which can 
vary considerably from the patient’s finger cun. Therefore, only 
proportional cun measurements should be used here (helpful 
device: elastic tape — 2.3.1). Ren-5 is located on the midline, 
2 cun inferior to the umbilicus. Located on the same level are 
— KID-14 (0.5 cun lateral to the midline) and — ST-27 (2 cun 
lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 

e Moves and benefits the water passages 

e Regulates the Qi and Blood in the Lower Burner 
e Regulates the Uterus 


Special features 

Front-mu point of the Triple Burner. Some classic texts warn 
that needling this point in women can lead to infertility (hence 
the name: infertile women were referred to as ‘stone women’). 
There are no such warnings in modern texts. 














Umbilicus 








___| Upper border 
of the pubic 
symphysis 

















Ch05a-F10028.qxd 2/22/08 9:44 PM Page 476 an 





5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


RTA) sea of Qi QiHAl 














Location 
On the anterior midline, 1.5 cun inferior to the umbilicus or 3.5 
cun superior to the upper border of the pubic symphysis. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 cun, which can 
vary considerably from the patient’s finger cun. Therefore, only 
proportional cun measurements should be used here (helpful 
device: elastic tape > 2.3.1). Ren-6 is located on the midline, 
1.5 cun inferior to the umbilicus or 3.5 cun superior to the upper 
border of the pubic symphysis. 


Needling 

Vertically 0.8—1.5 cun. Caution: Peritoneum, pregnancy. Accord- 
ing to some authors, this point should never be needled with 
strong reducing techniques owing to its strong Qi tonifying action. 
Moxibustion and cupping are recommended for this point. 


Actions/Indications 

e Tonifies the Original Qi (yuan qi) as well as Qi in general, 
strengthens the Kidneys (especially Kidney Yang), regulates 
Qi, harmonises Blood and eliminates Dampness 


Special features 

Important tonification point for mental and physical exhaustion, 
strengthens especially the Qi and Yang with moxibustion. One 
of the most important acupuncture points. 

















Umbilicus 


Upper border 


of the pubic 


symphysis 








Ch0S5a-F10028.qxd 2/22/08 9:44 PM Page 477 an 





5.2 Ren mai 
Yin Intersection YINJIAO 
Location 


On the anterior midline, | cun inferior to the umbilicus. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 cun, which can 
vary considerably from the patient’s finger cun. Therefore, only 
proportional cun measurements should be used here (helpful 
device: elastic tape > 2.3.1). Ren-7 is located on the midline, 1 
cun inferior to the umbilicus. 

Located on the same level are ~ KID-15 (0.5 cun lateral to the 
midline) and — ST-26 (2 cun lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Regulates menstruation 
e Regulates the Qi flow in the abdomen and the genital area 


Special features 
Meeting point with the chong mai and the KID channel 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


Spirit Gateway SHENQUE 


Location 
In the centre of the umbilicus. 


















How to find 

Located on the same level are ~ KID-16 (0.5 cun lateral to the 
midline), — ST-25 (2 cun lateral to the midline), ~ SP-15 
(4 cun lateral to the midline) as well as > G.B.-26 (on a vertical 
line through the free end of the 11th rib). 


Needling 
Needling contraindicated. Only indirect moxibustion (on salt or 


ginger, moxa pole, moxa box). 


Actions/Indications 
e Warms and stabilises the Yang and the Intestines 


Umbilicus 





Upper border 
~~ of the pubic 
symphysis 




















Ch05a-F10028.qxd 2/22/08 9:44 PM Page 479 


5.2 Ren mai 


Water Separation SHUIFEN | Ren-9 | 


Location 
On the anterior midline, 1 cun superior to the umbilicus. 
























How to find 

The distance between the sternocostal angle (— 3.5) and the 
centre of the umbilicus is divided into 8 cun, which can vary 
considerably from the patient’s finger cun. Therefore, only pro- 
portional cun measurements should be applied here (helpful 
device: elastic tape — 2.3.1). From the centre of the umbilicus, 
measure | cun in a superior direction and there locate Ren-9 on 
the anterior midline. 

Located on the same level is ~ ST-24 (2 cun lateral to the mid- 
line). + LIV-13 is also located on approximately this level (at 
the free end of the 11th rib). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy 


Actions/Indications 

e Eliminates water accumulations, drains Dampness and con- 
trols the water passages Regulates the Intestines and dis- 
perses accumulations 

e Delayed closure of the fontanelles 





























1/10/2018 


Basic Electronics 1A 








To pass AC from the input to the output 
J To allow the signal to oscillate 
J To pass DC from the input to the output 
J To amplify the signal help 


40. The direction of conduction for a diode is: 


A 
B 
C help 





4 


—" 


.A DC voltage... 


rises and falls 
\J is a sinewave 
J remains constant 
J is an audio waveform help 


42. Arrange these in ascending order: k, R, M 
(as applied to resistor values) 


(JR, k,M 
M, R, k 
Jk, M,R 
(JM,k,R help 


43. A battery produces AC current: 


J true 
J false 


44. The tolerance bands: gold, silver, represent: 


‘J 5%, 10% 
‘510%, 5% help 


45. 223 on a capacitor represents: 





/ Voltage 
Current 
_ Resistance 


39. The purpose of the 
two capacitors: 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


DRE tower cavity XiAWAN 


Location 
On the anterior midline, 2 cun superior to the centre of the 
umbilicus. 


How to find 

The distance between the sternocostal angle (— 3.5) and the 
centre of the umbilicus is divided into 8 cun, which can vary 
considerably from the patient’s finger cun. Therefore only pro- 
portional cun measurements should be applied here (helpful 
device: elastic tape — 2.3.1). From the centre of the umbilicus, 
measure 2 cun in a superior direction and there locate Ren-10 on 
the anterior midline. 

Located on the same level are ~ KID-17 (0.5 cun lateral to the 
midline), —- ST-23 (2 cun lateral to the midline) and Ex-CA 
(weishang; 4 cun lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Tonifies and regulates the Spleen and Stomach Qi, dispels 
food stagnation 








Special features 

Meeting point with the SP channel and according to some 
authors with the ST channel. According to some classical texts, 
this point is contraindicated during pregnancy (for both needling 
and moxibustion). 






Sterno- 
8 costal 
angle 














— Umbilicus 





1 
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5.2 Ren mai 


Interior Strengthening JiANLI | Ren-11 | 


Location 
On the anterior midline, 3 cun superior to the umbilicus. 


How to find 

The distance between the sternocostal angle (— 3.5) and the centre 
of the umbilicus is divided into 8 cun, which can vary considerably 
from the patient’s finger cun. Therefore, only proportional cun 
measurements should be applied here (helpful device: elastic tape 
— 2.3.1). From the centre of the umbilicus, measure 3 cun in a 
superior direction and there locate Ren-11 on the anterior midline. 
Located on the same level are ~ KID-18 (0.5 cun lateral to the 
midline), —- ST-22 (2 cun lateral to the midline) and — SP-16 
(4 cun lateral to the midline). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Harmonises the Middle Burner, regulates the Qi flow 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


PETES) miaate cavity ZHONGWAN 


Location 
On the anterior midline, 4 cun superior to the umbilicus or 4 cun 
inferior to the sternocostal angle. 


How to find 

The distance between the sternocostal angle (— 3.5) and the 
centre of the umbilicus can be divided into 8 cun, which can vary 
considerably from the patient’s finger cun. Therefore, only pro- 
portional cun measurements should be applied here (helpful 
device: elastic tape — 2.3.1). From the centre of the umbilicus, 
measure either 4 cun in a superior direction or from the ster- 
nocostal angle 4 cun in an inferior direction. There, locate Ren- 
12 on the anterior midline. Or: Spreading hands technique 
(— 2.3.3): Place the little fingers on the sternocostal angle and 
the centre of the umbilicus respectively and determine the mid- 
point (=Ren-12) of this distance by joining the index fingers. 
Located on the same level are ~ KID-19 (0.5 cun lateral to the 
midline) and ~ ST-21 (2 cun lateral to the midline). 


Needling 

0.8—1.5 cun vertically or obliquely towards surrounding points 
(— ST-21, Ren-10, Ren-15). Caution: Peritoneum, pregnancy. 
If indicated, moxa is recommended. 





Actions/Indications 
e Harmonises and tonifies the Middle Burner, descends coun- 


/ Z terflow Qi, regulates the Qi flow and alleviates pain, trans- 


forms Dampness 


Special features 

Front-mu point of the stomach, meeting point with the S.L, 
T.B.* and ST channels, hui-meeting point of the fu-Organs. 
Major point for (functional) stomach disorders. 





Sterno- 
8 costal 
angle 

















Umbilicus 





—_1 














* Mentioned by only some authors 
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5.2 Ren mai 


Upper Cavity SHANGWAN | Ren-13 | 


Location 
On the anterior midline, 3 cun inferior to the sternocostal angle. 


How to find 

The distance between the sternocostal angle (— 3.5) and the 
centre of the umbilicus is divided into 8 cun, which can vary 
considerably from the patient’s finger cun. Therefore, only pro- 
portional cun measurements should be applied here (helpful 
device: elastic tape > 2.3.1). From the sternocostal angle, meas- 
ure 3 cun in an inferior direction and there locate Ren-13 on the 
anterior midline. 

Located on the same level are ~ KID-20 (0.5 cun lateral to the 
midline), ~ ST-20 (2 cun lateral to the midline) and — G.B.-24 
(approximately on this level, in the 7th intercostal space, on the 
mamillary line). 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Regulates the Stomach and counterflow Qi 
e Regulates the Heart 











Special features 
Meeting point with the ST and S.I. channel 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Ren-14 | Great Gateway JUQUE 


Location 
On the anterior midline, 2 cun inferior to the sternocostal angle 
or 6 cun superior to the umbilicus. 


How to find 

The distance between the sternocostal angle (— 3.5) and the 
centre of the umbilicus is divided into 8 cun (note: these are pro- 
portional cun — 2.2). Ren-14 is located on the midline, 2 cun 
inferior to the sternocostal angle or 6 cun superior to the umbili- 
cus. Or: Use spreading hands technique (—~ Chapter 2): Place 
the little fingers on the sternocostal angle and the umbilicus 
respectively and determine the midpoint of this distance (7 
Ren-12). Then locate Ren-14 on the midpoint of the distance 
between — Ren-12 and the sternocostal angle. 

Located on the same level are ~ KID-21 (0.5 cun lateral to the 
midline), — ST-19 (2 cun lateral to the midline) and ~ LIV-14 
(approximately on this level, in the 6th intercostal space, on the 
mamillary line). 


Needling 

0.3-0.8 cun vertically or often obliquely in an inferior direction or 
up to 1.5 cun transversely (subcutaneously). Depending on indi- 
vidual anatomy, this point can be located on the xiphoid process. 
Caution: Peritoneum, injury to hypertrophied organs (left: heart, 
right: liver) depending on the thickness of the abdominal wall. 


ye [ a Actions/Indications 


e Regulates the Heart, disperses stagnant Phlegm, alleviates 
pain, unbinds the thorax, descends the Qi 

e Harmonises the Stomach, descends Stomach Qi 

e Transforms Phlegm, calms the shen 





Special features 
Front-mu point of the Heart. Major local point for thoracic pain 
caused by Blood stasis or Phlegm blockages. 








Sterno- 
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5.2 Ren mai 


Turtledove Tail jiUWE| [ESA 


Location 
On the anterior midline, | cun inferior to the sternocostal angle 
or 7 cun superior to the umbilicus. 


How to find 

The distance between the sternocostal angle (— 3.5) and the 
centre of the umbilicus is divided into 8 cun, which can vary 
considerably from the patient’s finger cun. Therefore, only pro- 
portional cun measurements should be applied here (helpful 
device: elastic tape > 2.3.1). From the sternocostal angle, meas- 
ure | cun in an inferior direction and there locate Ren-15 on the 
anterior midline. It is often located directly below or, depending 
on individual anatomy, on the xiphoid process. 


Needling 

0.5—1 cun obliquely in an inferior direction. The patient should 
be in an extended position. Caution: Possible injury to organs 
with deep needling or oblique insertion in a superior direction, 
especially in patients with hypertrophied organs (left: Liver, 
right: Heart). According to some classical texts, moxibustion is 
contraindicated. 


Actions/Indications 

e Regulates the Heart, calms the shen 

e Descends counterflow lung and stomach Qi, unbinds the chest 
e Regulates the /uo-connecting vessel of the ren mai 


Special features 
Luo-connecting point of the ren mai. Important point for calming. 






Coracoid process 


7 — Xiphoid 





Free end of 
the 11th rib 


Free end of 
the 12th rib 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Ren-16 | Central Courtyard ZHONGTING 


Location 
On the anterior midline, on the level of the sternocostal angle. 


How to find 

Ren-16 is located on the level of the sternocostal angle, where 
the two lower borders of the ribcage (— 3.5) meet. To locate this 
point, palpate upward along the lower borders of the ribcage 
with one hand on either side until the palpating fingers meet at 
the sternocostal angle. Here, locate Ren-16 in a shallow depres- 
sion between the sternum and the xiphoid process. 

Located on the same level (approximately the Sth intercostal space) 
are + KID-22 (2 cun lateral to the midline), + ST-18 (4 cun lateral 
to the midline) and — SP-17 (6 cun lateral to the midline). 


Needling 

0.5 cun transversely (subcutaneously) in a superior or inferior 
direction. Caution: Danger of heart injury in patients with a split 
xiphoid process or a sternal foramen. Therefore, only transverse 
needling is recommended. 


Actions/Indications 
e Unbinds the chest 
e Regulates the Stomach and counterflow Stomach Qi 
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5.2 Ren mai 


Chest Centre DANZHONG 


Location 
On the anterior midline, on the level of the 4th intercostal space. 


How to find 

Quick method, especially in men: Locate Ren-17 on the ster- 
num, between the two nipples. For more detailed orientation on 
the intercostal region (— 3.5), first, locate the manubriosternal 
synchondrosis, which can be felt on the sternum as a well- 
defined horizontal bony structure on the level of the costal carti- 
lage of the 2nd rib. The 2nd intercostal space is below it. From 
there, count in an inferior direction to the 4th intercostal space. 
Locate Ren-17 on this level on the midline of the sternum. 
Located on the same level in the 4th intercostal space are 
— KID-23/ST-17/P-1/SP-18/G.B.-22/G.B.-23 (2 cun lateral to 
the midline/on the nipple/1 cun lateral to the nipple/6 cun lateral 
to the midline/on the axillary line/1 cun anterior to ~ G.B.-22). 


Needling 

Depending on the indication, 0.5—1 cun transversely (subcuta- 
neously) in a superior or inferior direction or towards the nipples 
(for mamillary disorders). Caution: Intracardiac needling, pneu- 
mothorax. The sternum can be very thin in this area owing to 
embryonic ossification disorders! Moxibustion is recommended 
in order to tonify the Qi, but caution with asthmatic patients. 


Actions/Indications 

e Regulates and benefits the Qi, unbinds the chest, descends 
counterflow Lung and Stomach Qi 

e Benefits the breasts 





Special features 

Front-mu point of the Pericardium, meeting point with the SP, 
KID, S.I. and T.B. channels. Hui-meeting point of the Qi. Sea of 
Qi. Important point for respiratory disorders. 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 
N<tieak-m 6fJade Hall YUTANG 


Location 
On the anterior midline, on the level of the 3rd intercostal space. 


How to find 

Locate the 3rd intercostal space either by parasternal palpation 
starting at the clavicle or by counting downward from the 
manubriosternal synchondrosis (— 2nd rib) (— 3.5). 

Located on the same level (— 3rd intercostal space) are 
— KID-24/ST-16/SP-19 (2/4/6 cun lateral to the midline). 


Needling 

0.5—1 cun transversely (subcutaneously) in a superior or inferior 
direction. Caution: Danger of injury to the heart or the pleura in 
patients with a sternal foramen, therefore only transverse 
needling with or against the flow of the channel. 


Actions/Indications 
e Unbinds the chest, regulates and descends the Qi 








Sterno- 
8 costal 
angle 
4.5. 9"9 





‘— Umbilicus 





a 
pole 
aa 








— 1 
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5.2 Ren mai 
Purple Palace ZiIGONG | Ren-19 | 
Location 


On the anterior midline, on the level of the 2nd intercostal space. 


How to find 

Locate the 2nd intercostal space by parasternal palpation start- 
ing at the clavicle or by palpating from the manubriosternal syn- 
chondrosis (— 2nd rib) (— 3.5). 

Located at the same level (2nd intercostal space) are 
— KID-25/ST-15/SP-20 (2/4/6 cun lateral to the midline). 


Needling 

0.5 cun transversely in a superior or inferior direction. Caution: 
In patients with a sternal foramen, danger of injury to the pleura 
or the mediastinum, therefore only transverse needling with or 
against the flow of the channel. 


Actions/Indications 
e Unbinds the chest 
e Regulates and descends the Qi 







Manubriosternal 


synchondrosis , J Coracoid process 





2nd rib 
\ 








angle 





Free end of 
the 11th rib 


Free end of 
the 12th rib 

















1/10/2018 Basic Electronics 1A 


0.022u  u=microfarad 
22n n = nanofarad 
22,000p_ p= picofarad 
All of the above help 


46. Arrange these in ascending order: n, p, u 
(as applied to capacitor values) 


p, U, n, 
n, u, p 
p,n,u help 


47. What is the resistance of this resistor: 


100k 

1k 
(iit } 1M 

100R 


48. The number "104" on a capacitor indicates: 


0.1u 

100n 

1n 

10n help 


49. What is the multimeter detecting: 





Voltage 


Current 
Resistance 
oa 








50. For the LEDs, what is the characteristic voltage for the red and white LEDs: 


ef 
“> 
kK k kK kK Ki! k 


red orange yellow green. blue white 


3.6v, 1.7v 
2.4v, 3.3Vv 
1.7v, 3.6V 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html 73/74 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Ren-20 | Magnificent Canopy HUAGAI 


Location 
On the anterior midline, on the lower part of the manubrium 
sterni, on the level of the Ist intercostal space. 























How to find 

The manubriosternal synchondrosis generally forms a distinct 
horizontal bony structure on the upper part of the sternum. 
Locate Ren-20 slightly superior to the synchondrosis, on the 
midline and on the level of the 1st intercostal space. 

Located at the same level (1st intercostal space) are 
— KID-26/ST-14/LU-1 (2/4/6 cun lateral to the midline). 


Needling 

0.5 cun transversely in a superior or inferior direction. Caution: 
In patients with a sternal foramen, danger of injury to the pleura 
or the mediastinum, therefore only transverse needling with or 
against the flow of the channel. 


Actions/Indications 
e Unbinds the chest 
e Regulates and descends the Qi 





Sterno- 
8 costal 
angle 











7 Umbilicus 
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cu) \ Coracoid process 











\ Glenoid cavity 
»~ Clavicle \ \ 
1st rib \ \ \ Acromion 
\ \ \ 
2nd rib 


3rd rib 
\ 


"== Scapula 


b-=- Ath rib 


— Sternum 


- 6th rib 
- 7th rib 


- 8th rib 


- 10th rib 
sees 11th rib 


\ 
12th rib 





—e— 


5.2 Ren mai 
Jade Pivot XUAN)I [ERSST 
Location 


On the anterior midline, below the upper border of the manubrium 
sterni. 


How to find 

The upper border of the manubrium sterni forms the lower bor- 
der of the suprasternal fossa. Locate Ren-21 on the midline, 
inferior to the bony margin of the sternum. 

Located on approximately the same level (below the clavicle) 
are ~ KID-27/ST-13/LU-2 (2/4/6 cun lateral to the midline). 


Needling 

0.5 cun transversely in a superior or inferior direction. Caution: 
In patients with a sternal foramen, danger of injury to the pleura 
or the mediastinum, therefore only transverse needling with or 
against the flow of the channel. 


Actions/Indications 
e Unbinds the chest 

e Benefits the throat 

e Descends counterflow Qi 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Ren-22 | Heavenly Prominence TIANTU 


Location 
0.5 cun superior to the sternum, in the centre of the suprasternal 
fossa. 












Suprasternal fossa | 


How to find 

This point is best located with the patient in a supine position 
and a pillow under the shoulders or seated with a comfortable 
and safe head support. Locate the centre of the suprasternal 
fossa, approximately 0.5 cun superior to the sternum and there 
locate Ren-22. 


Needling 

Initial vertical insertion 0.2 cun (in order to penetrate the skin), 
then direct the tip of the needle inferiorly and continue to insert 
the needle parallel to the posterior aspect of the sternum up to 
0.5—1 cun. Caution: Dangerous point. Wrong insertion technique 
(for example, vertical or oblique retrosternal needling) may lead 
to injury of the big vessels and organs inside the mediastinum. 
This point should only be needled by experienced practitioners. 


Actions/Indications 
e Descends counterflow Lung Qi, alleviates coughing and dys- 
pnoea, benefits the throat 


| / Special features 
Meeting point with the yin wei mai, Window of Heaven point. 
a Important emergency point for acute asthma attacks. C6 
T1 \ Coracoid process 
\ Glenoid cavity 


1st rib Acromion 
\ 
2nd rib 
\ 


3rd rib 
\ 


@-- 6th rib 





--- 7th rib 


--- 8th rib 





posce 10th rib 
~ oz 11th rib 
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5.2 Ren mai 


Corner Spring LIANQUAN | Ren-23 | 


Location 
On the anterior midline, superior to the upper border of the 
hyoid bone. 


How to find 

The hyoid bone can be palpated as a delicate bony structure 
slightly superior to the upper border of the laryngeal promi- 
nence. The patient should not recline their head too much, as this 
will cause the soft tissue to become stretched, making palpation 
of the bone difficult. Ren-23 is located on the midline, on the 
upper border of the hyoid bone and at the junction of the vertical 
aspect of the neck to the horizontal floor of the mouth (with nor- 
mal tissue distribution). 


Needling 

0.3-1 cun obliquely in a superior direction towards the vertex 
(— Du-20). Moxibustion is contraindicated according to some 
texts. 


Actions/Indications 

e Benefits the tongue 

(anmian) e Benefits the throat, eliminates Phlegm and Heat 
e Strengthens the voice 


Special features 
Meeting point with the yin wei mai 











my HO] INN ETS 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


TEED container of Fluids CHENGJIANG 


Location 
On the anterior midline, below the lower lip, in the mentolabial 
groove. 


How to find 

On the chin, locate the mentolabial groove (— 3.1.3), which 
forms a horizontal depression at the transition from the chin to 
the lower lip. Locate Ren-24 in this groove, on the midline. 


Needling 


0.2-0.3 cun obliquely in a superior direction. 


Actions/Indications 

e Eliminates (external) Wind, opens the /uo-connecting ves- 
sels, alleviates pain and swellings, regulates the ren mai 

e As Sun Si Miao Ghost point for epilepsy and mania 


Special features 
Meeting point with the du mai, ST and L.I. channels, Sun Si 
Miao Ghost point. Important local point. 
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5.3 Du mai 


Synonym: Governing Vessel 


deecieoaniglan (— 1.7.3) 
Yin/Yang: ren mai/du mai 

e Central/peripheral: du mai/yang giao mai. Regions sup- 
ported by this pairing: inner canthus of the eye, occiput, 
shoulders, back, S.I. and BL channels, opening point: S.L-3 
(houxi), coupled point: BL-62 (shenmai) 


Pathway 

The extraordinary vessel du mai originates like the chong mai 

and ren mai in the lower abdomen (bao zhong), according to 

some authors at the Kidneys, emerges at the perineum and 

divides into several branches: 

= The main pathway of the du mai begins at > Ren-1 (huiyin) 
at the perineum, reaches Du-1 (changqiang) between the 
anus and the coccyx and ascends the posterior midline along 
the spine. At Du-12 (shenzhu), below the spinous process of 
T3, a branch separates on either side to reach > BL-12 (feng- 
men), rejoining the main branch at Du-13 (taodao) below the 
spinous process of T1. It then continues to Du-16 (fengfu) on 
the lower border of the occipital bone. Here, an internal 
branch enters the Brain. The external pathway continues to 
ascend the head to Du-20 (baihui), from there beginning its 





= 


= 


=» 


descent along the midline to the forehead and the nose to 
Du-26 (renzhong) where it crosses the ST and L.I. channels. 
It terminates inside the mouth below the frenulum at Du-28 
(yinjiao) where it meets the ST channel and the extraordinary 
vessel ren mai. 

one branch of the du mai (the spinal branch) originates at 
— Ren-1 (huiyin), courses to the tip of the coccyx where it 
meets the Kidney primary channel, ascends within the spinal 
canal to the space between L2 and L3 and enters the Kidneys. 
The second branch of the du mai (the abdominal branch) 
also originates at > Ren-1 (huiyin), encircles the external 
genitalia and ascends to the umbilicus, passes through the 
Heart (xin), continues to the throat, circles the lips, travels to 
the cheek, passes + ST-1 (chengqi) at the infraorbital ridge 
and reaches > BL-1 (jingming). 

The third branch of the du mai travels bilaterally alongside 
the BL channel from — BL-1 (jingming) to the vertex. From 
here, it branches out internally into the Brain. The external 
pathway follows the medial branches of the BL channel in an 
inferior direction and enters the body at the level of the lower 
border of the spinous process of L2 at ~ BL-23 (shenshu) to 
terminate at the Kidneys (shen). 


BL-23 ~_ 





5.3 Du mai 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


496 


Meeting points of other channels with the 
du mai 





BL-12 (fengmen): 1.5 cun lateral to the posterior midline, on 
the level of the lower border of the spinous process of the 2nd 
thoracic vertebra (T2) 





Silene 


ST-1 (chengqi): With the eyes looking straight ahead, directly 
below the centre of the pupil, between the eyeball and the 
infraorbital ridge 





BL-1 (jingming): 0.1 cun superior and medial to the inner 
canthus of the eye, in a depression 





Level of th 
iliac cres 


BL-23 (shenshu): 1.5 cun lateral to the posterior midline, on the 
level of the lower border of the spinous process of the 2nd 
lumbar vertebra (L2) 


Connections with other channels/Organs 
e Ren mai, chong mai, Bladder and Kidney primary channels 
e Uterus, Kidneys, Brain 





eo 


Clinical importance (— 1.7.2, 1.7.3) 

e Sea of the Yang Qi, supplies Yang Qi in order to warm the 
Organs and channels 

e Supports and regulates all Yang channels, especially those of 
the upper back and head 

e Influences and strengthens the functions of the Brain, Mar- 
row and sensory organs 

e Strengthens the body constitutionally and supports the 
immune system (circulation of the Defensive Qi (wei qi)) 

e Stores the Essence Qi (jing qi) overflowing from the Yang 
channels 

e Absorbs excess from the Yang channels, especially excess 
Heat and internal Wind 


Notes about the du mai 

Both the du mai and ren mai have a unique position among the 
eight extraordinary vessels. They are the only two extraordinary 
vessels with their own specific points — all the other extraordi- 
nary vessels can only be accessed through points on the primary 
channels. For this reason the ren mai and the du mai, together 
with the primary channels, are often categorised as 14 channels. 
However, from the point of view of channel energetics this is not 
correct, since the extraordinary vessels occupy a special posi- 
tion, both evolutionarily and functionally (— 1.7). 

The pathway of the du mai, like that of the ren mai, is limited to 
the torso and the head. While it does not course along the 
extremities and does not have any points on the limbs (neither 
general points nor specific points such as the five shu-transporting 
points, ywan-source points, etc.) it does have a pertaining opening 
point (or master point) (— 8.1.8). 

The du mai is also referred to as the Sea of Yang and governs the 
Yang in the whole body. Located along its pathway are the pos- 
terior aspects of the energy centres (or chakras according to Yogi 
tradition) while their anterior aspects are located along the path- 
way of the ren mai. In Daoist tradition the du mai plays an 
important role in the cultivation of Qi. This concerns the devel- 
opment of a ‘spirit child’, which can be influenced by opening 
and activating energy centres located along the spine. 
Furthermore, the du mai contains many meeting points with 
other channels. This clearly denotes the outstanding importance 
of the du mai. 


Specific points according to their function 
e Yuan-source point (— 8.1.1): — 

e Luo-Connecting point (— 8.1.2.): Du-1 (changgiang) 
e Xi-cleft point (— 8.1.3): - 

e Back-shu point (—- 8.1.4): - 

e Front-mu point (— 8.1.5): -— 

e Five shu-transporting points (— 8.1.6): - 

e Hui-meeting point (— 8.1.7): - 

e Pertaining opening point (— 8.1.8): S.I.-3 (houxi) 

e Pertaining coupled point (— 8.1.8): BL-62 (shenmai) 
e Lower he-Sea point (— 8.1.9): -— 

e Jiaohui-meeting points (— 8.1.10): 
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— with the G.B. and KID channels and the ren mai: Du-1 
(changqiang) 
— with the BL channel: Du-13 (taodao) 
— with all Yang channels: Du-14 (dazhui) Sm 
— with the yang wei mai: Du-15 (yamen) Bl 
— with the yang wei mai and the yang qiao mai*: Du-16 
(fengfu) S& 
— with the BL channel: Du-17 (naohu) 
— with the BL, G.B., T.B. and LIV channels: Du-20 (baihui) Sm 
— with the BL and ST channels: Du-24 (shenting) B™ 
— with the L.I. and ST channels: Du-26 (renzhong) SE 
— with the ren mai and ST channel*: Du-28 (yinjiao) 
— of other channels with the du mai: Ren-1, BL-12, ST-1, 
BL-1, BL-23 
e Gao Wu command point (— 8.1.11): - 
e Window of Heaven point (— 8.1.12): Du-16 (fengfu) BE 
e Points of the Four Seas (— 8.1.13): 
— Sea of Qi: Du-14 (dazhui) am, Du-15 (yamen) Sm 
— Sea of Marrow: Du-16 (fengfu) Sm; Du-20 (baihui) SB 
e Ma Dan Yang Heavenly Star point (— 8.1.14): 
e Sun Si Miao Ghost point (— 8.1.15): Du-16 (fengfu) BM, 
Du-26 (renzhong) SE 
e Other functional points: 
— very important point for strengthening the Yang (with 
moxibustion): Du-4 (mingmen) S& 
— important emergency point: Du-26 (renzhong) && 


Points according to region 

e Local points (— 8.2.1): Temporal region — Du-20 (baihui) 
lm; nose — Du-25 (suliao); rectum — Du-1 (changqiang); 
lumbar spine — Du-3 (yaoyangguan), Du-4 (mingmen) SS 

e Adjacent points (— 8.2.1): occipital region — Du-14 
(dazhui) @™; temporal region, eyes — Du-23 (shangxing); 
nose — Du-23 (shangxing), Du-24 (shenting); Lungs — Du-14 
(dazhui) @™; Heart — Du-11 (shendao); cervical spine — 
Du-14 (dazhui) OB 

e Distal points (— 8.2.1): tongue — Du-15 (yamen) Mm, 
rectum — Du-20 (baihui) Sm; lumbar spine — Du-12 (shen- 
zhu), — Du-26 (renzhong) 


Specific points according to the vessel 
pathway (in numerical order) 


Du-1 (changqiang): luo-connecting point (> 8.1.2); jiaohui- 
meeting point with the G.B., KID channels and the ren mai 
(— 8.1.10); local point for the rectum (— 8.2.1) 

Du-3 (yaoyangguan): local point for the lumbar spine 
(> 8.2.1) 

Du-4 (mingmen) MM: very important point for strengthening 
the Yang (with moxibustion) 

Du-11 (shendao): adjacent point for the Heart (> 8.2.1) 
Du-12 (shenzhu): distal point for the lumbar spine (— 8.2.1) 
Du-13 (taodao): jiaohui-meeting point with the BL channel 
(= 8.1.10) 

Du-14 (dazhui) @&: jiaohui-meeting point with all Yang 
channels (— 8.1.10); point of the Sea of Qi (— 8.1.13); adja- 
cent point for the occiput and Lung (— 8.2.1); adjacent point 
for the cervical spine (— 8.2.1) 

Du-15 (yamen) SM: jiaohui-meeting point with the yang wei 
mai (> 8.1.10); Sea of Qi point (7 8.1.13); distal point for 
the tongue (— 8.2.1) 

Du-16 (fengfu) @™: point of the Sea of Marrow (> 8.1.13); 
Window of Heaven point (— 8.1.12); Sun Si Miao Ghost 
point (> 8.1.15); jiaohui-meeting point with the yang wei 
mai and the yang giao mai* (— 8.1.10) 

Du-17 (naohu): jiaohui-meeting point with the BL channel 
(= 8.1.10) 

Du-20 (baihui) &® jiaohui-meeting point with the BL, G.B., 
T.B. and LIV channels (— 8.1.10); point of the Sea of Mar- 
row (— 8.1.13); local point for the temporal aspect of the 
head (— 4.2.1); distal point for the rectum (—> 8.2.1) 

Du-23 (shangxing): regional point for the temporal region, 
the eyes and the nose (— 8.2.1) 

Du-24 (shenting) MM: jiaohui-meeting point with the BL and 
ST channels (— 4.1.10); adjacent point for the nose (— 8.2.1) 
Du-25 (suliao): local point for the nose (> 4.2.1) 

Du-26 (renzhong) @®: jiaohui-meeting point with the L.L. 
and ST channels (— 8.1.10); Sun Si Miao Ghost point 
(> 8.1.15); distal point for the lumbar spine (— 8.2.1); 
important emergency point 

Du-28 (yinjiao): jiaohui-meeting point with the ren mai and 
ST channel (> 8.1.10) 





* Mentioned by only some authors 


—p— 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


luo-Connecting Vessel of the Du Mai Clinical importance 


Pathology 

Excess (shi): limited range of motion and stiffness of the spine 
Deficiency (xu): heavy sensations of the head, dizziness, bal- 
ance disorders 


Pathway 

The Juo-connecting vessel of the du mai originates at Du-1 
(changqiang) between the anus and the tip of the coccyx, bilat- 
erally ascends the spine to the neck and disperses in the occipi- 
tal region, where it connects with the Bladder primary channel. 
Both course together to the shoulder region. There the /uo- 
connecting vessel enters deeper into the body at the level of 
the scapula and spreads in the paravertebral musculature. 
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Bladder channel, 
outer branch 


Bladder channel, 
inner branch 











5.3 Du mai 


Long Strong CHANGQIANG | Duel | 


Location 
On the midline, midway between the tip of the coccyx and the 
anus. 


How to find 

First, locate the coccyx superior to the anus, then palpate for its 
tip. From the tip of the coccyx, palpate with pressure towards 
the anus. Du-1 can often be located based on a strong de Qi 
sensation. 

— Ren-1 is located anterior to the anus, posterior to the genitals. 
— BL-35 is located 0.5 cun lateral to the midline, at the level of 
the tip of the coccyx. 


Needling 
After thorough disinfection, vertically 0.5—1 cun. Avoid punc- 
turing the rectum. 


Actions/Indications 

e Clears Damp-Heat, lifts the Qi 

e Opens the channel and alleviates pain 
e Calms the shen 


Special features 
Luo-connecting point, meeting point with the ren mai, G.B. and 
KID channels. 














1/10/2018 Basic Electronics 1A 


J Cannot be determined 


http://www.talkingelectronics.com/projects/BasicElectronics-1A/BasicElectronics-1A_Page1.html TAITA 








Cho5a-F10028.qxd 2/22/08 9:44 PM Page 500 an 





5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


PE tumbar shu yaosu 








Location 
On the midline, in the sacral hiatus. 


How to find 

Palpate for the sacral hiatus (— 3.4.4) from the sacrum. It can be 
felt at the inferior end of the iliac median crest as a U-shaped 
depression opening towards the inferior. Du-2 is located on the 
midline, directly below the hiatus. 

— BL-35 is located slightly more inferiorly, 0.5 cun lateral to 
the midline, on the level of the tip of the coccyx. 


Needling 


Up to | cun vertically or obliquely in a superior direction. 


Actions/Indications 

e Strengthens the lumbar region and the legs 
e Dispels Wind-Dampness 

e Warms the Lower Burner 











Bladder channel, 
outer branch 


Bladder channel, 
inner branch 


/ 
Median sacral 7 
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Sacral hiatus 
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Lumbar Yang Gate YAOYANGGUAN 


Location 
On the midline, below the spinous process of the 4th lumbar ver- 
tebra (L4). 


For orientation in the lumbar region (— 3.4.3), first, locate the 
Tuffier’s line (a line connecting the two most superior points on the 
iliac crest), which generally intersects with the spinous process of 
L4. (Note: Point location in the lumbar region is dependent on the 
patient’s position; for more detail on orientation > 3.4). Locate 
Du-3 on the midline, below the spinous process of L4. 

Located on the same level are a point of ~ Ex-B-2/BL-25/ 
Ex-B-6/Ex-B-7 (0.5/1.5/3/3.5 cun lateral to the midline). 


Needling 

0.5-1 cun strictly vertically to the skin or obliquely in an inferior 
direction (generally, there is only danger of accidental puncture 
of the spinal canal from the level of L2 in a cranial direction). 


ctior | 1OT 
e Dispels Wind, Cold and Dampness 
e Regulates Qi in the Lower Burner, strengthens the Original 


Qi (yuan qi) 
ial featur 


Important local point for combined back and leg pain 


Level of th 

iliac crests 
(depende 
patient po 








5.3 Du mai 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


BME cate of Life MINGMEN 



















502 


Location 
On the posterior midline, below the spinous process of the 2nd 
lumbar vertebra (L2). 


How to find 

For orientation in the lumbar region (— 3.4.3), first, locate the 
Tuffier’s line by placing both hands directly superior and lateral 
to the two highest points on the iliac crest, joining the thumbs on 
the midline. The line will generally intersect with the spinous 
process of L4. (Note: Orientation on the lumbar region depends 
on the patient’s position; for more detail on differential orienta- 
tion — 3.4). From there, count up to the spinous process of L2 
and locate Du-4 on the midline, below the spinous process. 
Located on the same level are a point of ~ Ex-B-2/BL-23/ 
BL-52 (0.5/1.5/3 cun lateral to the midline). 


Needling 

0.5—1 cun vertically to slightly obliquely in an inferior direction, 
with the patient’s back straight or flexed. The spinal cord gener- 
ally ends between the Ist and 2nd lumbar vertebrae; still, there is 
hardly any mention in the literature of spinal punctures with 
deep needling and/or insertions in a superior direction. 


Actions/Indications 

e Tonifies Kidney Yang (especially with moxibustion), warms 
the mingmen, strengthens the Kidneys, regulates the du mai, 
benefits the lumbar region 

e Pacifies Wind in the du mai 


Special features 
Major point for tonifying Yang, especially Kidney Yang 


Sp 
St 
Ss 





Level of th 
iliac cres 









Level of the 
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5.3 Du mai 


Suspended Pivot XUANSHU | Dus | 


Location 
On the midline, below the spinous process of the 1st lumbar ver- 
tebra (L1). 


How to find 

For orientation in the lumbar region (— 3.4.3), first, locate the 
Tuffier’s line by placing both hands directly superior and lateral 
to the two highest points on the iliac crest, joining the thumbs on 
the midline. The Tuffier’s line generally intersects with the spin- 
ous process of L4. (Note: Anatomical orientation in the lumbar 
region is dependent on the patient’s position; for more detail on 
differential orientation — 3.4.) From there, count up to the spin- 
ous process of L1 and locate Du-5 on the midline, below its 
spinous process. Or: Use the spinous process of T7 (inferior 
angle of the scapula > 3.4.2) for reference. 

Located on the same level are a point of — Ex-B-2/BL-22/ 
BL-51/Ex-B-4 (0.5/1.5/3/3.5 cun lateral to the midline). 


Needling 

0.5-1 cun strictly vertically to the skin or obliquely in an inferior 
direction, with the patient’s back straight or flexed in order to 
avoid puncturing the spinal canal. Oblique insertions should 
only be carried out by experienced practitioners, as in small per- 
sons (irrespective of their body weight), the spinal canal may be 
reached after only 1.25 cun. 


Actions/Indications 
e Opens the channel 
e Regulates Qi in the Lower Burner 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Due | Centre of the Spine JIZHONG 














504 


Location 
On the midline, below the spinous process of the 11th thoracic 
vertebra (T11). 


How to find 

Locate T7 (— 3.4.2) and, from there, count down 4 spinous 
processes to T11. Locate Du-6 on the midline, below its spinous 
process. Or: Use the Tuffier’s line for reference (— 3.4.3). 
Locate T11 by counting up 5 spinous processes from L4 and 
there locate Du-6 on the midline, below the spinous process. 
Located on the same level are a point of ~ Ex-B-2/BL-20/ 
BL-49 (0.5/1.5/3 cun lateral to the midline). 


Needling 

0.5—1 cun strictly vertically to the skin or obliquely in an inferior 
direction, with the patient’s back straight or flexed in order to 
avoid puncturing the spinal canal. Oblique insertions should 
only be carried out by experienced practitioners, as in small per- 
sons (irrespective of their body weight), the spinal canal may be 
reached after only 1.25 cun. 


Actions/Indications 

e Strengthens the Spleen and its function of transforming 
Dampness 

e Benefits the spine 
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5.3 Du mai 
Central Pivot ZHONGSHU 
Location 
On the midline, below the spinous process of the 10th thoracic 
Base of the 
vertebra (T10). 










Scapular spine 
/ 


How to find 

Locate T7 (— 3.4.2) and, from there, count down 3 spinous 
processes to T10. Locate Du-7 on the midline, below its spinous 
process. Or: Use the Tuffier’s line for reference (> 3.4.3). 
Locate T11 by counting up 5 spinous processes from L4 and 
there locate Du-7 on the midline, below the spinous process. 
Located on the same level are a point of —~ Ex-B-2/BL-19/ 
BL-48 (0.5/1.5/3 cun lateral to the midline). 


Needling 

0.5—1 cun strictly vertically to the skin or obliquely in an inferior 
direction, with the patient’s back straight or flexed in order to 
avoid puncturing the spinal canal. Oblique insertions should 
only be carried out by experienced practitioners, as in small per- 
sons (irrespective of their body weight), the spinal canal may be 
reached after only 1.25 cun. 


Actions/Indications 
e Tonifies the Middle Burner 
e Benefits the spine 


Extension and 
flexion of the head 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Dusk | Sinew Contraction JINSUO 







Location 
On the midline, below the spinous process of the 9th thoracic Base of the 
vertebra (T9). scapular spine 


How to find 

Locate T7 (— 3.4.2) and, from there, count down 2 spinous 
processes to T9. Locate Du-8 on the midline, below its spinous 
process. Or: Use the Tuffier’s line for reference (— 3.4.3). 
Locate T9 by counting up from L4 and there locate Du-8 on the 
midline, below the spinous process. 

Located on the same level are a point of ~ Ex-B-2/BL-18/ 
BL-47 (0.5/1.5/3 cun lateral to the midline). 


Needling 

0.5—1 cun strictly vertically to the skin or obliquely in an inferior 
direction, with the patient’s back straight or flexed in order to 
avoid puncturing the spinal canal. Oblique insertions should 
only be carried out by experienced practitioners, as in small per- 
sons (irrespective of their body weight), the spinal canal may be 
reached after only 1.25 cun. 


Actions/Indications 
e Soothes the Liver 

e Dispels Wind 

e Calms the shen 
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5.3 Du mai 


Reaching Yang ZHIYANG | Dus | 










Location 
Base of the On the midline, below the spinous process of the 7th thoracic 
scapular spine 
, vertebra (T7). 


How to find 

Find T7 (— 3.4.2) and locate Du-9 on the midline, below its 
spinous process. Or: Use the Tuffier’s line for reference 
(— 3.4.3). Locate T7 by counting up from L4 and there locate 
Du-9 on the midline, below the spinous process. 

Located on the same level are a point of —~ Ex-B-2/BL-17/ 
BL-46 (0.5/1.5/3 cun lateral to the midline). 


Needling 

0.5—1 cun strictly vertically to the skin or obliquely in an inferior 
direction, with the patient’s back straight or flexed in order to 
avoid puncturing the spinal canal. Oblique insertions should 
only be carried out by experienced practitioners, as in small per- 
sons (irrespective of their body weight), the spinal canal may be 
reached after only 1.25 cun. 


Actions/Indications 

e Strengthens the Spleen and eliminates Dampness 
e Clears Damp-Heat from the Middle Burner 

e Harmonises the Upper Burner 


Extension and — 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


DESI) spirit Tower Linctai 







Location 
On the midline, below the spinous process of the 6th thoracic Base of the 
vertebra (T6). scapular spine 


How to find 

Locate T7 (— 3.4.2). Du-10 is located on the midline, below the 
spinous process of the T6. Or: Locate C7 (— 3.4.1). Du-10 can 
then be located by counting down 6 spinous processes (T1—T6). 
Located on the same level are a point of ~ Ex-B-2/BL-16/ 
BL-45 (0.5/1.5/3 cun lateral to the midline). 


Needling 

0.5—1 cun strictly vertically to the skin or obliquely in an inferior 
direction, with the patient’s back straight or flexed in order to 
avoid puncturing the spinal canal. Oblique insertions should 
only be carried out by experienced practitioners, as in small per- 
sons (irrespective of their body weight), the spinal canal may be 
reached after only 1.25 cun. 


Actions/Indications 
e Harmonises the Upper Burner 
e Clears Heat and Fire toxins 























ChO5b-F10028.qxd 2/22/08 9:55 PM Page 509 ch 





5.3 Du mai 


Spirit Pathway SHENDAO | Du-1T | 
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Location 
On the midline, below the spinous process of the 5th thoracic 
vertebra (T5). 


How to find 

Locate T7 (— 3.4.2). From there, count up 2 spinous processes 
and find Du-11 on the midline, below the spinous process of T5. 
Or: Locate C7 (— 3.4.1). Du-11 can then be located by count- 
ing down 5 spinous processes (T1-TS5). 

Located on the same level are a point of —~ Ex-B-2/BL-15/ 
BL-44 (0.5/1.5/3 cun lateral to the midline). 


Needling 

0.5—1 cun strictly vertically to the skin or obliquely in an inferior 
direction, with the patient’s back straight or flexed in order to 
avoid puncturing the spinal canal. Oblique insertions should 
only be carried out by experienced practitioners, as in small per- 
sons (irrespective of their body weight), the spinal canal may be 
reached after only 1.25 cun. 


Actions/Indications 

e Tonifies the Heart and the Lungs 
e Calms the shen 

e Dispels Wind and Heat 























1/28/2018 Crystal Set 


100 more Crystal Set plans 


Everyone wants to make a RADIO. 


The simplest radio is a CRYSTAL SET. (Sometimes called a Crystal-Set Radio or Xtal Radio 
Set or Crystal Diode Radio.) 


However a Crystal Set needs a number of components that are very hard to get: (tuning 
capacitor with knob) and (crystal earpiece for $1.25). 

The "air" TUNING CAPACITOR (20p to 415p) is not easily available and the postage is 
expensive. The germanium diode is a special component and the aerial coil wound on a ferrite 
slab is difficult to obtain. 


But you don't need these components. They can be substituted. 


There are hundreds of websites on the internet describing the CRYSTAL SET and if you want to 
build a "normal" set, you can Google these sites or 100 more Crystal Set plans. Many of 


them sell kits too. 
But this article is different. 


We are going to have all the fun of making a CRYSTAL SET but with modern components and 
easy-to-make components and with an amplifier stage. The output is loud so you don't need a 
long antenna. And we are going to make our own TUNING CAPACITOR and a very simple aerial 
coil (called a FRAME AERIAL) as well as replacements for the germanium diode (use a TRF radio 
IC or a transistor) and in place of hi-impedance headphones (use a piezo diaphragm) and a 
crystal earpiece equivalent (a piezo diaphragm). 

It's even better to have one of each type of component so you can compare the performance, so 
no matter how many parts your get, nothing will be wasted. 


We are also going to explain the fundaments of how the circuit works as even the simplest circuit 
has a number of very important features that are used in many other circuits. 


But first we are going to learn about the components and how they combine to make the circuit 
work. 

When two or more components are connected together they sometimes produce a completely 
different result to the capabilities of either item. 

This is the case with a capacitor and inductor in parallel. An inductor is simply a coil - turns of wire 
on a cardboard tube - called a former and the centre of the coil is AIR. It is called an air-cored coil 
or air-cored inductor. 

Each component (the coil and capacitor) is called a PASSIVE DEVICE - in other words it does not 
amplify, but when the are connected together they create a result very near to amplification. And 
they also produce a result of picking up a huge number of signals and only allowing one signal to 
appear across the pair. A truly amazing result. 





We start by placing a capacitor across the coil. 

There is so much activity in the air, from radio, TV, taxi and mobile phone usage that the air is 
filled with electromagnetic radiation. 

This radiation will cut the turns of the inductor (the coil) and produce a microscopic voltage in the 
turns. This is enough to start the two components passing energy back and forth at a rate 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 1/24 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


DETER) Body Pillar sHENZHU 







Location 
On the midline, below the spinous process of the 3rd thoracic Base of the 
vertebra (T3). scapular spine 


How to find 

Locate T7 (— 3.4.2). From there, count up 4 spinous processes 
and locate Du-12 on the midline, below the spinous process of 
T3. Or: Locate C7 (— 3.4.1). Du-12 can then be located by 
counting down 3 spinous processes (T1-T3). 

Located on the same level are a point of ~ Ex-B-2/BL-13/ 
BL-42 (0.5/1.5/3 cun lateral to the midline). 


Needling 

0.3-1 cun strictly vertically to the skin or obliquely in an inferior 
direction, with the patient’s back straight or flexed in order to 
avoid puncturing the spinal canal. Oblique insertions should 
only be carried out by experienced practitioners, as in small per- 
sons (irrespective of their body weight), the spinal canal may be 
reached after only 1.25 cun. 


Actions/Indications 
e Dispels internal and external Wind 
e Calms the shen 
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Special features 
Meeting point with the BL channel 
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5.3 Du mai 


Way of Happiness TAODAO | Du-13 | 
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Location 
On the midline, below the spinous process of the Ist thoracic 
vertebra (T1). 


How to find 

Locate C7 (— 3.4.2). Palpate downward to the next spinous 
process (T1) and locate Du-13 on the midline, below its spinous 
process. 

Located on the same level are a point of > Ex-B-2/BL-11/S.I.-14 
(0.5/1.5/3 cun lateral to the midline). 


Needling 

0.3-1 cun strictly perpendicularly to the skin or obliquely in an 
inferior direction, with the patient’s back straight or flexed in 
order to avoid puncturing the spinal canal. Oblique insertions 
should only be carried out by experienced practitioners, as in 
small persons (irrespective of their body weight), the spinal 
canal may be reached after only 1.25 cun. 


Actions/Indications 
e Dispels pathogenic factors 
e Opens the channel and /uo-connecting vessels 


Special features 
Meeting point with the BL channel 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Du-14 | Great Vertebra DAZHU! 
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Location 
On the midline, below the spinous process of the 7th cervical 
vertebra (C7). 


How to find 

First, identify C7 (— 3.4.1): Place 2 fingers on the spinous 
processes believed to belong to C6 and C7 and ask the patient to 
flex and extend their head. In a fully functional spine and with 
correct finger placement, C6 will glide anteriorly with neck 
extension, while C7 will remain fixed. However, if the vertebra 
below the upper finger does not move with neck extension, the 
fingers will most probably have been placed on C7 and TI. 
Locate Du-14 below the spinous process of C7. 

Located on the same level are — Ex-B-1 (dingchuan)/ 
S.L-15/Ex-B (jiehexue) (0.5/2/3.5 cun lateral to Du-14). 


Needling 

0.3-1 cun strictly vertically to the skin or obliquely in an inferior 
direction, with the patient’s back straight or flexed in order to 
avoid puncturing the spinal canal. Oblique insertions should 
only be carried out by experienced practitioners, as in small per- 
sons (irrespective of their body weight), the spinal canal may be 
reached after only 1.25 cun. For persistent epistaxis, place a cold 
metal object (for example, a spoon) or a cold cloth on Du-14. 
Cupping on this point for acute colds. 


Actions/Indications 

e Clears Wind, firms and regulates the surface, dispels patho- 
genic factors 

Clears Heat 

Calms (internal) Wind and the shen 

Strengthens Qi and Yang in deficiency conditions 

Benefits the spine, especially the cervical spine 


Special features 
Meeting point with all Yang channels, Sea of Qi point. 
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5.3 Du mai 


Gate of Muteness YAMEN | Du-15 | 


Location 

On the occiput, on the posterior midline, in the depression 
between the Ist (atlas) and 2nd (axis) cervical vertebrae, approx- 
imately 0.5 cun inferior to + Du-16 (directly below the external 
occipital protuberance). 


How to find 

The external occipital protuberance (— 3.1.5) is a hump-shaped 
projection on the posterior surface of the occipital bone, on 
the midline and slightly superior to the craniocervical junction 
(— 3.1.5). + Du-16 is located in a depression on the posterior 
midline that you can palpate directly inferior to the protuber- 
ance. From there, glide 0.5 cun in an inferior direction and locate 
Du-15 superior to the first palpable spinous process (belonging 
to the axis; the atlas has no spinous process) and approximately 
0.5 cun superior to the posteror hairline. 

Located on the same level is + BL-10 (on the lateral aspect of 
the trapezius muscle). 


Needling 

0.5-1 cun strictly perpendicularly in an inferior direction. Cau- 
tion: Injury to the cervical marrow. According to classic texts, 
moxibustion is contraindicated. 


Actions/Indications 

e Benefits the tongue, ears, neck and spine 
e Dispels Wind 

e Clears Yang Heat/excess 


Special features 
Meeting point with the yang wei mai. Sea of Qi point. 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


DESSTAY) Palace of Wind FENGFU 
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Location 

On the posterior midline, directly below the external occipital 
protuberance, in the depression between the origins of the 
trapezius muscle. 


How to find 

The external occipital protuberance (— 3.1.5) is a hump-shaped 
projection on the posterior surface of the occipital bone, on 
the midline and slightly superior to the craniocervical junction 
(— 3.1.5). Locate Du-16 in a depression on the posterior midline 
that can be palpated directly inferior to the protuberance and 
between the two origins of the trapezius muscle. Generally, Du-16 
is located approximately | cun superior to the posterior hairline. 
— G.B.-20 is located on the same level below the occiput, in a 
depression between the origins of the trapezius and sternocleido- 
mastoid muscles. 


Needling 

0.5-1 cun slightly obliquely in an inferior direction. Bend the 
patient’s head slightly forward when needling. Caution: Danger- 
ous point with deep needling! No stimulation. Strictly no 
needling in a superior direction, danger of puncturing the cere- 
bellomedullary cistern (also site for suboccipital puncture). The 
needle should be inserted into the nuchal ligament. According to 
some authors, moxibustion is contraindicated. 


Actions/Indications 

e Dispels (external) Wind 

e Calms internal Wind and the shen 

e Nourishes the Sea of Marrow, lightens the shen 


Special features 

Meeting point with the yang wei mai and, according to some 
authors, the yang giao mai. Sea of Marrow point, Window of 
Heaven point, Sun Si Miao Ghost point. Used for all disorders 
which are caused by ‘external or internal’ Wind and which are 
characterised by sudden onset, changing location and/or inten- 
sity of the disorder, involuntary movements. 
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5.3 Du mai 


Brain’s Door NAQHU 
Location 


In a depression superior to the external occipital protuberance, 
approximately 2.5 cun superior to the posterior hairline or 1.5 
cun superior to > Du-16. 


How to find 

First, locate the external occipital protuberance (— 3.1.5), which 
forms a hump-shaped projection on the posterior surface of the 
occipital bone. Next, locate Du-17 on the posterior midline, in a 
depression directly superior to the protuberance. This corre- 
sponds to a distance of approximately 2.5 cun superior to the 
posterior hairline (— 3.1.5). 

— Du-16 is located directly inferior to the protuberance, 
whereas > BL-9 is located 1.3 cun lateral to Du-17. 






Hairline 


Needling 
0.5-1 cun transversely (subcutaneously) in an inferior or 
superior direction. Moxibustion controversial. 


Actions/Indications 
e Dispels Wind 
Parietal bone e Opens the channel 
Lambdoid suture s \ e Benefits the eyes 
\ Calms the shen 


Sagittal suture 
\ 






Special features 
Meeting point with the BL channel 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


DESSES) unyielding space QIANGJIAN 














Location 

On the posterior midline, 1.5 cun superior to Du-17 (directly 
superior to the external occipital protuberance) or 3 cun inferior 
to — Du-20 (on the vertex). 


How to find 

First, locate —-+> Du-17 in a depression directly superior to the 
external occipital protuberance (— 3.1.5), which forms a hump- 
shaped projection on the posterior surface of the occipital bone. 
From there, palpate 1.5 cun in a superior direction and there 
locate Du-18 on the posterior midline. 

— Du-20 is located 3 cun in a superior direction, on the vertex. 


Needling 


Transversely (subcutaneously) 0.5—1 cun 


Actions/Indications 

e Dispels Wind, especially internal Wind 
e Opens the channel 

e Calms the shen 
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5.3 Du mai 


Behind the Crown HOUDING | Du-19 | 


Location 
On the midline, 3 cun superior to + Du-17 (directly superior to the 
external occipital protuberance) or 1.5 cun posterior to ~ Du-20. 


How to find 

This point is best located by using — Du-20 as a reference point 
(at the junction of the vertical midline and a line connecting the 
apices of the ears). Du-19 can then be located by palpating 
1.5 cun in a posterior direction from — Du-20. Or: First, locate 
— Du-17 superior the external occipital protuberance (— 3.1.5), 
then locate Du-19 on the midline, 3 cun superior to + Du-17. 


Needling 


Transversely (subcutaneously) 0.5—1 cun. 


Actions/Indications 
e Dispels Wind 

e Opens the channel 

e Calms the shen 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 











Hundred Meetings BAIHU! 


Location 

At the junction of a line connecting the apices of the ears and the 
midline, 5 cun from the anterior or 7 cun from the posterior hair- 
line respectively. 


mow rind 

Spreading hands technique (— 2.3.3): Place the hands on both 
sides of the head, with the little fingers touching the apices of the 
ears. Join the thumbs on the midline and locate Du-20 in shallow 
depression on the vertex of the head (alternative location 
method: use an elastic tape, with the midpoint marked on it). 
The symbolic counterpart to Du-20 (as the highest point on the 
body and in contact with heaven) is + KID-1, the lowest part of 
the body and in contact with the earth. 


Needling 

0.5—-1 cun transversely (subcutaneously) towards the posterior 
(reducing effect) or the anterior (tonifying effect). Caution: 
Apply pressure to head points after needle removal to avoid 
bleeding. Remember to remove the needle after treatment. 


ctIOI na iOr 

e Calms Wind, pacifies Yang, benefits the Brain and sensory 
organs, calms the shen 

e Nourishes the Sea of Marrow; applying moxibustion raises 
the Yang 


-cial featur 
Meeting point with the BL, G.B., T.B. and LIV channels; Sea of 
Marrow point. Important point for descending the Yang (reduc- 
ing needle techniques) or raising the Yang (tonifying needle 
techniques, moxibustion). 
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5.3 Du mai 


In Front of the Crown QIANDING | Du-21 | 


Location 
On the midline, 3.5 cun superior to the anterior hairline or 1.5 
cun anterior to ~ Du-20. 


How to find 

First, locate + Du-20 (at the junction of the vertical midline and 
a line connecting the apices of the ears) and, from there, meas- 
ure 1.5 cun in an anterior direction. Or: Locate the anterior hair- 
line (— 3.1.1; the distance from the anterior hairline to ~ Du-20 
is 5 cun) and palpate 3.5 cun in a superior/posterior direction. 
There, locate Du-21 on the midline. 


Needling 
Transversely (subcutaneously) 0.5—1 cun. Caution with infants 
whose fontanelle has not yet closed. Moxibustion possible. 


Actions/Indications 

e Dispels Wind and Dampness 
e Opens the channel 

e Calms the shen 
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1/28/2018 Crystal Set 


determined by their values. This is the basis of our first discussion. 
These two components are called a TUNED CIRCUIT and make up our first building block called 
THE FRONT END. 


THE FRONT END 

This consists of a coil and capacitor. These two components are in PARALLEL and the signal 
(called the RADIO SIGNAL or RADIO WAVE) passes through the centre of the coil and produces 
a voltage in the turns of the coil. The electromagnetic wave has to pass through the centre of the 
coil. 

This voltage is the result of a mass of signals that are interfering with each other and producing a 
signal called BACKGROUND NOISE. 

The voltage can be increased by an external aerial (called an ANTENNA) and it consists of ALL 
THE LOCAL radio stations (and everything else). 

The voltage is a mass of signals and is absolutely useless as it represents all the stations AT THE 
SAME TIME. 

However, across the coil is a capacitor and these signals charge the capacitor with the very small 
voltage produced by the energy of the signals. When the capacitor is charged, it delivers its 
voltage to the coil. The coil accepts the energy and converts it to magnetic flux. 

After a very short period of time the capacitor becomes discharged and the magnetic flux 
collapses and produces a voltage in the coil of the opposite polarity to charge the capacitor again 
in the opposite direction. 

These two components keep oscillating back and forth, using the tiny amount of energy from the 
stations. 

There is a natural frequency for the capacitor and coil to pass energy back and forth and one of 
the stations will provide energy to assist this natural frequency. 

When this happens, the amplitude of the signal increases and the signals from all the other 
stations cancel themselves out and only one signal (waveform) remains. 

This signal is called the NATURAL FREQUENCY OF RESONANCE and it corresponds exactly to 
one of the radio stations. 


The end result is a waveform that is the exact same frequency as one of the radio stations and 
when voice or music is played, the amplitude of the waveform increases and decreases. This will 
be the signal you hear in the earpiece or speaker. 

It is called an AMPLITUDE MODULATED signal and that is where we get AM RADIO from. 


Understanding the concept of a CAPACITOR and INDUCTOR in parallel is very important. They 
form a TUNED CIRCUIT that has a natural RESONANT FREQUENCY. 

Here is a very similar analogy. You have a heavy metal ball on a long string attached to the gutter 
on your house - just like a pendulum. You can push the ball very lightly with a finger and after a 
number of pushes you will be able to get the heavy ball swinging in a very large arc. 

The only way to keep it swinging is to push it very lightly at exactly the right time. If you push it at 
the wrong time it will eventually stop swinging. 

The parallel tuned circuit is exactly like the ball. It wants to oscillate at a particular frequency. 

All the radio stations are pushing and pulling the circuit at the wrong times and nothing is 
happening. But one radio station pushes at exactly the right time and the circuit starts to oscillate. 
All the other stations are fighting each other just like one person pushing the ball sideways and 
another pushing the ball from the opposite side. The results cancel each other and you are the 
only one assisting the swing. 

The TUNED CIRCUIT can also be called a FILTER with a very narrow BAND-PASS frequency but 
our simple explanation describes the operation much more clearly. 


There are a few other terms used to describe the components in the font end: 


LOOP STICK ANTENNA -This is an alternate name given to the coil of wire wound on a ferrite 
rod or slab. It also has the name ROD ANTENNA or FERRITE ROD ANTENNA. 

The winding can be enamelled wire or flexible wire called LITZ WIRE. This is very fine strands of 
enamelled wire twisted together and covered in cotton. The purpose of changing a thick wire to 
lots of very thin wires is to prevent the radio signals creating loops of signals within the wire and 
these signals will cancel each other and not produce a signal out the end of the wire. 

In our experiments, we have not noticed any difference in a coil made with ordinary enamelled 
wire and Litz wire. 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 2/24 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


DEED) rontanelle Meeting XiNHUI 





Location 
On the midline, 2 cun superior to the anterior hairline. 


How to find 

First, locate the anterior hairline (— 3.1.1) and, from there, pal- 
pate 2 cun in a superior direction. There, locate Du-22 on the 
midline. For reference: The distance from the anterior hairline to 
— Du-20 is 5 cun. Or: From — Du-20 (at the junction of the 
vertical midline and a line connecting the apices of the ears), 
measure 3 cun in an anterior direction and there locate Du-22 on 
the midline. 


Needling 

Transversely (subcutaneously) 0.5—1 cun. Caution with infants 
whose fontanelle has not yet closed (Du-22 is located on the 
anterior border of the fontanelle). Moxibustion possible. 


Actions/Indications 
e Dispels Wind 
e Calms the shen 
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5.3 Du mai 


Upper Star SHANGXING | Du-23 | 
Location 


On the midline, 1 cun superior to the anterior hairline or 4 cun 
anterior to > Du-20. 


How to find 

First, locate the anterior hairline (— 3.1.1) and, from there, pal- 
pate 1 cun in a superior direction. There, locate Du-23 on the 
midline. For reference: The distance from the anterior hairline to 
— Du-20 is 5 cun. 

Located on the same level is —~ BL-5 (1.5 cun lateral to the 
midline). 


Needling 
Transversely (subcutaneously) 0.3—0.5 cun. Moxibustion possible. 


Actions/Indications 

e Dispels pathogenic factors (especially Wind and Heat) from 
the nose 

e Dispels pathogenic factors (especially Heat) from the face 

e Calms the shen 








on 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Du-24 | Courtyard of the Spirit SHENTING 


Location 
On the midline, 0.5 cun superior to the anterior hairline or 4.5 
cun anterior to + Du-20. 


How to find 

First, locate the anterior hairline (— 3.1.1) and, from there, pal- 
pate 0.5 cun in a superior direction. There, locate Du-24 on the 
midline. For reference: The distance from the anterior hairline to 
— Du-20 (at the junction of the vertical midline and a line con- 
necting the apices of the ears) is 5 cun. 

Located on the same level (0.5 cun superior to the anterior hair- 
line) are > BL-3/BL-4/G.B.-15/G.B.-13 (superior to the inner 
canthus of the eye/1.5 cun lateral to the midline/on the pupil line 
or 2.25 cun lateral to the midline/3 cun lateral to the midline). 
These distances refer to the proportional cun distance (— 2.2) 
between Du-24 and — ST-8 (on the corner of the forehead), 
which equals 4.5 cun (1.5 cun lateral to the midline). 


Needling 
Transversely (subcutaneously) 0.3—0.5 cun. Moxibustion possible. 


Actions/Indications 

e Calms the shen 

e Dispels (internal) Wind 

e Clears pathogenic factors from the eyes and nose 


Special features 
Meeting point with the BL and ST channels. One of the major 
points for calming the shen. 
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5.3 Du mai 


White Crevice SULIAO EYER 
Location 


In a depression on the tip of the nose. 


How to find 
As the name implies, Du-25 can be located in a depression on 
the tip of the nose, which generally can be easily palpated. 


Needling 
0.2 cun vertically or transversely (subcutaneously) in a superior 
direction up to | cun. Or prick to bleed. Moxibustion controversial. 


Actions/Indications 
e Benefits the nose 


INNIS EIIS 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


ESE Man's Middle RENZHONG 


Location 
Below the nose, on the upper third of the philtrum. Note: 
shuigou (Water Grave) is an alternative name for this point. 


How to find 

Locate the philtrum, which forms a distinct groove on the mid- 
line between the root of the nose and the margin of the upper lip. 
Locate Du-26 sligthly superior to the midpoint of the philtrum. 

— L.I.-19 is located on the same level, 0.5 cun lateral to the mid- 
line. 


Needling 
0.3-0.5 cun obliquely in a superior direction. Caution: Needling 
this point may be painful. 


Actions/Indications 

e Revives consciousness 

e Benefits the face and nose, eliminates (external) Wind 
e Benefits the spine 


Special features 

Meeting point with the L.I. and ST channels; Sun Si Miao Ghost 
point. Major point for acute emergencies: Needle with strongly 
reducing technique. If no acupuncture needle is available, use a 
syringe or perform strong acupressure with the nail of the thumb or 
index finger, supporting the patient’s chin with the same hand. Can 
be used in cases of needle collapse — first remove all other needles. 
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5.3 Du mai 


Extremity of the Mouth DUIDUAN 


Location 
On the midline, on the margin of the upper lip and the philtrum. 


How to find 
Location help: As the name implies, Du-27 is located on the 
midline, at the junction of the upper lip and the philtrum. 


Needling 


Up to 0.3 cun obliquely in a superior direction. No moxibustion. 


Actions/Indications 
e Clears Heat 

e Moistens the body 

e Local point for the mouth 
e Calms the shen 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


| Du-28 | Gum Intersection YINJIAO 











526 





Location 
On the inside of the upper lip, at the junction of the frenulum and 
the upper gum. 


How to find 

Hold the upper lip in a raised position in order to reveal the 
frenulum and the upper gum. Locate Du-28 on the midline, at 
the junction of the frenulum with the upper gum. 


Needling 
0.1-0.2 cun obliquely in a superior direction or prick to bleed. 
Do not puncture the frenulum. 


Actions/Indications 
e Clears Heat (especially from the eyes and the mouth) 


Special features 
As the name implies, meeting point with the ren mai and the ST 
channel 
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5.4 Dai mai 


Synonym: Girdling Vessel 
The extraordinary vessel dai mai is the only vessel (or channel) 
with a horizontal pathway (except for /uo-connecting vessels). 


Relationships (— 1.7.3) 

e Yin/Yang: chong mai/dai mai 

e Central/peripheral: dai mai/yang wei mai. Regions supported 
by this pairing: lateral eye region as well as temporal region, 
ears, cheeks, occiput and shoulders. Opening point: G.B.-41 
(zulingi), coupled point: T.B.-5 (waiguan). 


Pathway 

The extraordinary vessel dai mai originates in the hypochon- 
drium at the level of L2; according to many other authors it orig- 
inates at > LIV-13 (zhangmen) at the free end of the 11th rib. It 
encircles the waist of the body like a belt. As it does so it passes 
— G.B.-26 (dai mai) at the level of the umbilicus and below the 
free end of the 11th rib, ~ G.B.-27 (wushu) and — G.B.-28 
(weidao). 





eo 


Meeting points with other channels 





LIV-13 (zhangmen): Anterior and inferior to the free end of the 
11th rib 





G.B.-26 (daimai): On the lateral aspect of the waist, at the 
junction of a vertical line through the free end of the 11th rib 
and a horizontal line through the umbilicus, approximately 1.8 
cun inferior to > LIV-13 





G.B.-27 (wushu): In the depression medial to the anterior 
superior iliac spine, approximately level with Ren-4 





G.B.-28 (weidao): Anterior and inferior to the anterior superior 
iliac spine, 0.5 cun anterior and inferior to G.B.-27 


Connections with other channels/Organs 

e Gall Bladder and Liver primary channels, Kidney divergent 
channel 

e Kidney, Uterus 


Clinical importance (— 1.7.2, 1.7.3) 

e Controls and encircles the horizontal channels like a belt 

e Connects the upper and lower halves of the body at the waist 

e Regulates vaginal discharge 

e Eliminates Damp-Heat from the Lower Burner, especially 
from the genitalia 

e Controls the shaoyang channels, especially the G.B. channel 





5.4 Dai mai 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 
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5.5 Yin wei mai 


Synonym: Yin Motility Vessel (Deadman), Yin Heel Vessel 
(Maciocia) 


Relationships (— 1.7.3) 

e Yin/Yang: yin wei mai/yang wei mai 

e Central/peripheral: chong mai/yin wei mai. Regions sup- 
ported by this pairing: Heart, thorax, Stomach. Opening 
point: P-6 (neiguan), coupled point: SP-4 (gongsun). 


Pathway 

The extraordinary vessel yin wei mai originates in the hypochon- 
drium at ~ KID-9 (zhubin), 5 cun proximal to the prominence of 
the medial malleolus, ascends the medial aspect of the leg to the 
inguinal region, follows the Spleen and Liver primary channels, 
passing the points + SP-12 (chongmen) and > SP-13 (fushe). It 
then passes + SP-15 (daheng) and — SP-16 (fuai) and again 
meets with the Spleen and Liver primary channels at ~ LIV-14 
(qimen). The vessel then traverses the thoracic region, passes 
— Ren-22 (tiantu) in the suprasternal fossa and follows the 
extraordinary vessel ren mai to ~ Ren-23 (liangiao) where it 
terminates. 














eo 


Meeting points with other channels 


5 cun 





KID-9 (zhubin): 5 cun proximal to KID-3 and 2 cun posterior to 
the medial border of the tibia 


Upper border 
of the pubic 
symphysis 





{ 


SP-12 (chongmen): 3.5 cun lateral to the midline, level with the 
upper border of the pubic symphysis, lateral to the femoral 


artery 


Upper border 
of the pubic 
symphysis 





SP-13 (fushe): 4 cun lateral to the anterior midline (mamillary 
line) and 0.7 cun superior to the upper border of the pubic 
symphysis 





SP-16 (fuai): 3 cun superior to the centre of the umbilicus and 
4 cun lateral to the anterior midline, on the mamillary line 
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5.5 Yin wei mai 


Connections with other channels/organs 
e Kidney, Spleen and Liver primary channels, ren mai 
e Internal organs 





a Clinical importance (— 1.7.2, 1.7.3) 
LIV-14 (qimen): In the 6th intercostal space, on the mamillary e Connects and regulates all Yin channels of the body. It con- 
Unie von lateral ee aia aT AINE nects the KID, SP and LIV channels and the ren mai and 
dominates the Interior of the body (the internal organs). 
e Strengthens Yin and Heart-Blood, especially in women 
e Balances the emotions 





Suprasternal fossa_ 


Ren-22 (tiantu): 0.5 cun superior to the sternum, in the centre 
of the suprasternal fossa 





Ren-23 (lianquan): On the anterior midline, superior to the 
upper border of the hyoid bone 
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1/28/2018 Crystal Set 


Here is a set of components to make your own Crystal set from Scott's Electronic Parts: 

You can see the rod antenna, germanium diode, crystal earpiece, capacitor and resistor. The kit 
costs about $9.00 plus postage and includes knob, clips and screws but no board to mount the 
parts. 





Here is the circuit for a Crystal Set: 







Connect Long Antenna Here 


Short Antenna Connect Here 


Ceramic 


Ground — 


This is the FRONT END 
or TUNED CIRCUIT 


Here are the components mounted on a board called BREADBOARD: 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 
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5.6 Yang wei mai 


Synonym: Yang Motility Vessel (Deadman), Yang Heel Vessel 
(Maciocia) 


Relationships (— 1.7.3) 

Yin/Yang: yin wei mai/yang wei mai 

Central/peripheral: dai mai/yang wei mai. Regions supported by 
this pairing: Lateral eye region, temporal region, ears, cheeks, 
neck and shoulders. Opening point: T.B.-5 (waiguan), coupled 
point: G.B.-41 (zulingi). 


Pathway 

The extraordinary vessel yang wei mai originates at > BL-63 
(jinmen) in the depression posterior to the tuberosity of the Sth 
metatarsal bone, runs anterior to the lateral malleolus, passes 
— G.B.-35 (yangjiao), ascends the lateral aspect of the leg, 
passes the hip, ascends the posterior aspect of the costal region 
to the shoulder, passes > S.L-10 (naoshu), — T.B.-15 (tian- 
liao), + G.B.-21 (jianjing) and ascends the neck. The vessel 
then ascends anterior to the ear (according to some authors, for 
example Solinas et al. (1998), posterior to the ear) to the fore- 
head, passing — ST-8 (touwei), ~ G.B.-13 (benshen) and 
— G.B.-14 (yangbai). It then runs with the G.B. channel from 
G.B.-15 to G.B.-20 on the occiput, passing  G.B.-15 (toulinqi), 
— G.B.-16 (muchuang), > G.B.-17 (zhengying), 7 G.B.-18 
(chengling), + G.B.-19 (naokong) and > G.B.-20 (fengchi). 
The vessel then continues from G.B.-20 to the posterior midline, 
passing > Du-16 (fengfu) and — Du-15 (yamen), where the 
vessel terminates. 


<—— 


G.B.-17 G.B.-16 
8. ee G.B.-15 


ee a 








BL-63 (jinmen): In a depression anterior and inferior to + BL-62 
between the calcaneus and the cuboid bone, proximal to the 
tuberosity of the 5th metatarsal bone 


7 
bf 





== 


G.B.-35 (yangjiao): 7 cun proximal to the highest prominence 
of the lateral malleolus, on the posterior border of the fibula 








ChO5b-F10028.qxd 2/22/08 9:56 PM Page 531 





S.1.-10 (naoshu): With the arm adducted on a line extending in 
a superior direction from the posterior axillary fold, on the 
lower border of the scapular spine 





T.B.-15 (tianliao): At the midpoint of an imaginary line 
between the spinous process of the C7 and the lateral 
extremity of the acromion 





G.B.-21 (jianjing): At the highest point of the shoulder, midway 
between the lower border of the spinous process of C7 and the 
lateral extremity of the acromion 





ST-8 (touwei): At the temporal corner of the forehead, on the 
border of the temporalis muscle and 0.5 cun within the anterior 
hair line or 4.5 cun lateral to the anterior midline (Du-24) 





G.B.-13 (benshen): 3 cun lateral to ~ Du-24 (on the midline, 
0.5 cun superior to the anterior hairline) 





5.6 Yang wei mai 





G.B.-14 (yangbai): When looking straight ahead on the pupil 
line, approximately 1 cun superior to the midpoint of the 
eyebrow, at the junction of the eminence and the superciliary 
arch 





G.B.-15 (toulingi): When looking straight ahead superior to the 
pupil, 0.5 cun superior to the anterior hairline 





G.B.-16 (muchuang): 1.5 cun superior to the anterior hairline, 
on the pupil line, or 2.25 cun lateral to the midline (= midway 
between — Du-24 and — ST-8) 





G.B.-17 (zhengying): 2.5 cun superior to the anterior hairline 
and 2.25 cun lateral to the midline 





G.B.-18 (chengling): 4 cun superior to the anterior hairline or 
1 cun anterior to ~ Du-20, 2.25 cun lateral to the midline 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


Occipital - 






Exterr bone ~ border of 
occipi the occiput 
rotub 
G . Sternocleido- 
mastoid 


G.B.-19 (naokong): On the occiput, level with the upper border Du-15 (yamen): On the occiput, on the posterior midline, in 
of the external occipital protuberance (+ Du-17), 2.25 cun the depression between the 1st (atlas) and 2nd cervical 
lateral to the midline vertebrae, approximately 0.5 cun below > Du-16 











pee : ae & Connections with other channels/Organs 
one 3S : : 
the occiput e BL, G.B., ST, S.L., T.B. and L.I. primary channels, du mai 


Sternocleido- a : 

mastoid Clinical importance 

G.B.-20 (fengchi): On the lower border of the occipital bone, in # Contiecis and eetlates all: Vane channels. of te: bodye lt 

the depression between the origins of the sternocleidomastoid connects the BL, G.B., ST, S.L, T.B. and L.I. channels as well 

and trapezius as the du mai and controls the Exterior of the whole body 
(especially the taiyang and shaoyang channels) 

e Harmonises the Nutritive Qi (ying qi) and the Defensive Qi 
(wei qi) 

e Expels Exterior Wind-Cold, especially with shaoyang- 
syndrome. 






border of 
the occiput 


Du-16 (fengfu): On the posterior midline, directly below the 
external occipital protuberance, in the depression between 
the origins of the trapezius 
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5.7 Yin qiao mai 


5.7 Yin giao mai Meeting points with other channels 


Synonym: Yin Motility Vessel (Deadman), Yin Heel Vessel 
(Maciocia) 





Relationships (— 1.7.2, 1.7.3) 

e Yin/Yang: yin giao mai/yang giao mai 

e Central/peripheral: ren mai/yin giao mai. Regions supported 
by this pairing: Face, throat, thorax, Lung, diaphragm, abdomen. 
Opening point: KID-6 (zhaohai), coupled point: LU-7 
(lieque). 


KID-2 (rangu): In a depression at the anterior/inferior border of 
the navicular bone, at the border of the ‘red and white’ skin 


Pathway 

The extraordinary vessel yin giao mai originates at ~ KID-2 
(rangu) inferior to the navicular tuberosity (according to some 
authors it only begins at > KID-6), runs to > KID-6 (zhaohai) and 
— KID-8 (jiaoxin), ascends the posteromedial aspect of the leg = —— = ; a 
to the external genital region, ascends the abdomen to the tho- KID-6 (zhaohai): In the depression inferior to the highest 
rax, crosses the supraclavicular fossa and continues to the throat prominence of the medial malleolus, over the joint space 
and face. It then runs to the inner canthus of the eye where it pe mirentne talus-dind Selcanets 

connects with the Bladder primary channel and the yang giao 

mai at + BL-1 (jingming). It then ascends to enter the Brain. 







ca. 1 cun 


KID-8 (jiaoxin): 2 cun proximal to the highest prominence of 
the medial malleolus, posterior to the border of the tibia 





BL-1 (jingming): In a depression 0.1 cun superior and medial to 
the inner canthus of the eye 


Connections with other channels/Organs 
e Kidney and Bladder primary channels 
e Brain 





Clinical importance (— 1.7.2, 1.7.3) 

e Together with the yang giao mai controls the musculature of 
the lower extremities 

e Together with the yang giao mai regulates the opening and 
closing of the eyes 

e Regulates the functioning of the Brain 

e Removes stagnation (of Qi, Blood or Dampness) in the Lower 
Burner, especially in the Uterus in women 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 


5.8 Yang giao mai 


Synonym: Yang Motility Vessel (Deadman), Yang Heel Vessel 
(Maciocia) 


Relationships (— 1.7.3) 

e Yin/Yang: yin giao mai/yang giao mai 

e Central/peripheral: du mai/yin giao mai. Regions supported 
by this pairing: Inner canthus of the eye, occiput, shoulders 
and back. Opening point: BL-62 (shenmai), coupled point: 
S.1.3 (houxi)). 


Pathway 

The extraordinary vessel yang qiao mai originates at ~ BL-62 
(shenmai) below the prominence of the lateral malleolus, curves 
briefly around the malleolus to ~ BL-61 (pucan) and ascends 
anterior to the Achilles tendon to + BL-59 (fuyang), travels up 
the lateral aspect of the leg, crosses the hip, passing ~ G.B.-29 
(juliao), ascends the flanks and the posterior aspect of the shoul- 
ders, passes > S.1.10 (naoshu), continues to > L.L-15 (jianyu) 
and runs in a curve to + L.L-16 (jugu), crosses the supraclavic- 
ular fossa, ascends the throat, according to some authors passing 
— ST-9 (renying), and reaches the face. Here the vessel passes 
the points — ST-4 (dicang) and — ST-3 (juliao); according to 
some authors also ~ ST-2 (sibai) and — ST-1 (chengqi) in the 
infraorbital region. It then reaches > BL-1 (jingming), where it 
meets the extraordinary vessel yin giao mai, ascends the fore- eee 
head to the vertex and descends posteriorly to > G.B.-20 BL-61  BL-62 
(fengchi); according to the Nan Jing and the Nei Jing it also * According to Deadman et al 1998. 
reaches > Du-16 (fengfu), where it enters the Brain. 





Intersection points with other channels 





BL-62 (shenmai): In a depression directly inferior to the highest 
prominence of the lateral malleolus, over the joint space 
between the talus and calcaneus 





BL-61 (pucan): In a depression on the calcaneus, approximately 
1.5 cun inferior to + BL-60 
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5.8 Yang qiao mai 










Laryngeal ~~ 
Highest prominence prominenc 


of the lateral malleo 


. 





~ on 


BL-59 (fuyang): 3 cun superior to > BL-60 (in the depression 
between the highest prominence of the lateral malleolus and 
the Achilles tendon) 


ST-9 (renying): Approximately 1.5 cun lateral to the anterior 
midline, level with the laryngeal prominence, at the anterior 
border of the sternocleidomastoid 


Greater 
trochanter ~~ 





G.B.-29 (juliao): At the midpoint of a line connecting the 
anterior superior iliac spine and the greater trochanter, at the 
anterior border of the iliac crest 





ST-4 (dicang): When looking straight ahead on the pupil line, 
approximately 0.4 cun lateral to the corner of the mouth 








“ge S.1.-10 (naoshu): With the arm adducted on a line extending in 5 ™ ss 
a superior direction from the posterior axillary fold, on the -_ ~ — 
lower border of the scapular spine ST-3 (juliao): When looking straight ahead, directly below the 


centre of the pupil, level with the lower border of the ala nasi 


Infraorbi 





L.1.-15 (jianyu): In the depression distal and anterior to the 
acromion, between the clavicular and acromial portions of the 
deltoid muscle 


ST-2 (sibai): When looking straight ahead, directly below the 
centre of the pupil, in the depression at the infraorbital foramen 






Orbital 


ST-1 (chenggqi): With the eyes looking straight forward, directly 
below the centre of the pupil, between the eyeball and the 
infraorbital ridge 





L.I.-16 (jugu): In a depression between the acromial extremity 
of the clavicle and the junction of the scapular spine and the 
acromion 
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5 The Eight Extraordinary Vessels (qi jing ba mai) with Points 





BL-1 (jingming): In a depression 0.1 cun superior and medial to 
the inner canthus of the eye 









Lower 
_ border of 
the occiput 


Occipital - 
bone 


Sternocleido- 
mastoid 


G.B.-20 (fengchi): On the lower border of the occipital bone, in 
the depression between the origins of the sternocleidomastoid 
and trapezius 
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Occipital - 
bone 





the occiput 


Du-16 (fengfu): On the posterior midline, directly below the 
external occipital protuberance, in the depression between the 
origins of the trapezius 


Connections with other channels/Organs 

e Kidney, Bladder, Gall Bladder, Stomach, Large Intestine and 
Small Intestine primary channels 

e Brain 


Clinical importance (— 1.7.2, 1.7.3) 

e Together with the yin giao mai controls the musculature of 
the lower extremities 

e Together with the yang giao mai regulates the opening and 
closing of the eyes 

e Regulates the functioning of the Brain, eliminates internal 
and external Wind from the head 

e Removes obstructions and stagnation from the spine, espe- 
cially after traumatic injuries 
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6 Extra Points 


Claudia Focks, Ulrich Marz 


Besides the 361 classic acupuncture points located on the chan- 

nels there are a number of Extra Points (Ex), located with a few 

exceptions outside the pathways of the primary channels. In 

1991, a new nomenclature for these extra points was confirmed 

in the People’s Republic of China, listing 48 points (The Loca- 

tion of Acupoints, State Standard of the People’s Republic of 

China, Foreign Languages Press, Beijing, 1990). 

In the past, authors have developed ways of identifying the extra 

points by names or numbers: 

e Nguyen Van Nghi; K6nig and Wancura: ‘Punkte auSerhalb der 
Meridiane’ (points not on meridians) (PaM) and ‘Neu-Punkte’ 
(new points) (NP); Schnorrenberger (wall charts translated 
from the Chinese language) uses the same numbering system 
as Nguyen Van Nghi but refers to the PaM as “Zusatzpunkte’ 
(additional points) (ZP) and also as ‘Neu-Punkte’ (NP) 

e Shanghai College for Traditional Medicine (Acupuncture — a 
Comprehensive Text, English translation by O’Connor J, 
Bensky D, which also forms the foundation for Deadman 
et al. 1998 and Ellis and Wiseman 1991): Miscellaneous (M) 
and New (N) Points 

e Hempen 1995: ‘Extrapunkte’ (extra points) (Ex). 

The following tables give an overview of the most commonly 

used extra points also listed in this atlas. 


6.1 Extra Points: Head and Neck 
(EX-HN) 


Ex-HN-2 (dangyang) 


Ex-HN-3 (yintang) 
Ex-HN-4 (yuyao) 

Ex-HN (shangming) 
Ex-HN-7 (giuhou) 
Ex-HN-8 (shangyingxiang) 


Ex-HN (jiachengjiang) 


Ex-HN (keliao) 





Ex-HN-6 (erjian) 
T.B.-23 

Ex-HN-5 (taiyang) 
G.B.-1 





Ex-HN-8 — 
(shangyingxiang) | 








7 Ex-HN | Ex-HN 
(jiachengjiang) | (anmian 2) 
Ex-HN (keliao) al 

of 

: ah 
Ex-HN Ex-HN-14 
(anmian 1) (yiming) 
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6 Extra Points 




























































Ex-HN-1 sishencong PaM or ZP1 M-HN-1 Ex6 

Ex-HN-2 dangyang M-HN 

Ex-HN-3 yintang PaM or ZP3 M-HN-3 Ex1 

Ex-HN-4 yuyao PaM or ZP6 M-HN-6 

Ex-HN-5 taiyang PaM or ZP9 M-HN-9 Ex2 

Ex-HN-6 erjian PaM or ZP10 M-HN-10 

Ex-HN-7 qiuhou PaM or ZP8 M-HN-8 

Ex-HN-8 shangyingxiang/bitong NP12 (PaM or ZP14*) M-HN-14 Ex3 

Ex-HN-9 neiyingxiang M-HN-35 

Ex-HN-10 juquan M-HN-36 

Ex-HN-11 haiquan M-HN-37 

Ex-HN-12 jinjin! PaM or ZP20 M-HN-20 

Ex-HN-13 yuye! PaM or ZP20 M-HN-20 

Ex-HN-14 yiming PaM or ZP13 M-HN-13 Ex4 

Ex-HN-15 Jing(bailao) PaM or ZP30 M-HN-30 

Ex-HN shangming N-HN-4 

Ex-HN anmian* NP27 and 28 N-HN-54 Ex5 
(anmian*1 und 2) M-HN-54 (Deadman) 

Ex-HN Jiabi PaM or ZP15 

Ex-HN jiachengjiang PaM or ZP18 M-HN-18 Ex7 
(heliao/keliao) 

Ex-HN chonggu/zhuidong PaM or ZP31 M-HN-31 

Ex-HN jingbi M-HN-41 


























* Nguyen Van Nghi and Schnorrenberger describe a different location for the point with this pinyin name (location: 0.5 cun inferior to the inner canthus of the eye); the 
‘standard’ location is described under NP12 as ‘bitong’ or ‘bicong’. 

* The Shanghai nomenclature and also Nguyen Van Nehi, Kénig and Wancura and Schnorrenberger describe the extra points jinjin and yuye as a pair of points. 

* There exists differing information regarding the extra point anmian; for example the Shanghai College (and Wiseman) describe anmian as N-HN-54 (in Deadman: 
M-HN-54) with the following location: midway between G.B.-20 and T.B.-17; Nguyen Van Nghi and Schnorrenberger describe anmian as two new points with the 
following locations: anmian | is located midway between T.B.-17 and yiming (PaM13 or Ex-HN-14), anmian 2 midway between G.B.-20 and yiming (anmian 
according to the Shanghai College is shown on the point page; the location of anmian | and 2 according to Nguyen and Schnorrenberger in figure 6.1). 
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6.1 Extra Points: Head and Neck (EX-HN) 


Four Alert Spirit SISHENCONG | Ex-HN-T | 


Location 
A group of four points, each located 1 cun from — Du-20 
(anterior, posterior and lateral) (— 3.1.1). 


How to find 

First, locate - Du-20 on the highest point of the head, at the 
junction of a line connecting the apices of the ears and the verti- 
cal midline. Alternative location method: Locate + Du-20 5 cun 
superior to the anterior and 7 cun superior to the posterior hair- 
line. Ex-HN-1 (sishencong) forms a star-shaped group of points 
around — Du-20: two points are located at a distance of 1 cun 
each on the du mai, whereas the other two are located 1 cun each 
from — Du-20 in a lateral direction. 


Needling 
0.5-1 cun obliquely towards > Du-20 


Actions/Indications 
e Calm the shen 

e Alleviate pain 

e Calm Wind 

e Benefit the eyes and ears 
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The top clip connects to a long antenna. The left clip connects to ground and the right clip 
connects to a short antenna. 


Let me clear up a point. You do not need a ferrite rod antenna for the coil. You can use an 


ordinary coil wound on a cardboard tube and it will work just as well if you are using an outside 
antenna. 


Here is the circuit using a home-made coil. 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 4/24 
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6 Extra Points 


DSIRE) Above the Yang DANGYANG 


Location 
With the patient looking straight ahead, vertically above the pupil, 
1 cun above the anterior hairline. 


How to find 

In patients with a receding hairline, the original hairline can 
often be recognized by a change in skin texture. Location help 
(— 3.1.1): Ask the patient to frown, as this often reveals the site 
of the original hairline. Ask the patient to look straight ahead, 
then locate Ex-HN-2 by measuring | cun from the hairline, on a 
vertical line through the pupil. 

— G.B.-14 is also located on the pupil line (on the lower border 
of the frontal eminence). Located on the same level (1 cun above 
the hairline) are > BL-5 (more medial, 1.5 cun from the anterior 
midline) and — Du-23 (on the anterior midline). 


Needling 
0.5 cun transversely (subcutaneously) towards the site of the 
disorder/pain. 


Actions/Indications 
e Dispels Wind and Heat, alleviates pain 













Ex-HN-3 Frontal 
(yintang) a ois 
i ‘ | Ex-HN-4 
G.B.-14\ (yuyao) 
Ex-HN-4 / 
(yuyao) 
\ T.B.-23 
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6.1 Extra Points: Head and Neck (EX-HN) 


Hall of Impression YINTANG | EX-HN-3 | 


Location 
On the anterior midline (du mai), between the eyebrows. 


How to find 

Locate the glabella (— 3.1.1), a smooth surface on the frontal 
bone, directly above the root of the nose, between the supercil- 
iary arches. Then locate Ex-HN-3 (yintang) in its centre, on the 
midline and between the medial extremities of the eyebrows. 
Located along the superciliary arches (from medial to lateral) 
are + BL-2, — Ex-HN-4 (yuyao) and > T.B.-23. 


Needling 

Pinching-skin method: With the thumb and index finger, form a 
skin fold above the point and insert the needle 0.3-0.5 cun trans- 
versely from superior to inferior into the fold, towards the root of 
the nose. Alternative methods: Oblique or transverse (subcuta- 
neous) insertion towards the eyebrows (— BL-2) or prick to bleed. 


Actions/Indications 

e Calms the shen 

e Benefits the nose 

e Eliminates (internal) Wind 

e Opens the channel, alleviates pain 


Special features 
Commonly used extra point with a harmonising effect 
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6 Extra Points 


PESIZY) krish waist yuvao 











Location 
In the centre of the eyebrow, with the eyes looking straight ahead 
directly above the pupil. 


How to find 
With the patient looking straight ahead, palpate the eyebrow 
directly above the pupil, superior to the supraorbital ridge. 
There, locate Ex-HN-4 (ywyao) in a small depression on the 
superciliary arch. 


Needling 
0.3-0.5 cun vertically or obliquely towards the eye. 


Actions/Indications 
e Benefits the eyes 
e Dispels pain 








Ex-HN-3 Frontal 


(yintang) 
BL-2 \ 
\ 


G.B.-14 \ 


squama 
| 





! Ex-HN-4 
(yuyao) 
| 







Ex-HN-4 
Ouyeo) 


es 
\ 
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6.1 Extra Points: Head and Neck (EX-HN) 


Supreme Yang TAIYANG [SST 


Location 

On the temple, in a depression approximately | cun lateral to the 
midpoint of a line connecting the lateral extremity of the eye- 
brow and the outer canthus of the eye. 


How to find 

On the temple, first, draw a line between the lateral extremity of 
the eyebrow and the outer canthus of the eye. Next, palpate from 
the midpoint of this line in a lateral direction, until you can feel 
a distinct depression in the temporal bone. Ex-HN-5 (taiyang) 
is located in the centre of this depression. This point tends to be 
pressure-sensitive, especially with temporal headaches. Patients 
often get relief by using acupressure on this point. 


Needling 

0.5-0.6 cun vertical insertion into the temporal muscle or 
obliquely in a lateral direction or transversely (subcutaneously) 
towards — G.B.-8. This point often bleeds when needled. Prick 
to bleed to drain Heat. 


Actions/Indications 
e Eliminates Wind, clears Heat, reduces swellings, opens the 
channel, alleviates pain 


Special features 
One of the most important and most commonly used extra points, 
especially with headaches 








~ Ex-HN 
(anmian) 
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6 Extra Points 


STA tip of the Ear ERJIAN 





544 





Location 
On the apex of the ear, on the helix. 


How to find 

Fold the ear anteriorly, so that the posterior portion of the upper 
helix covers its anterior part. The point is located at the highest 
point of the fold. This is also the location of the auricular point 78. 


Needling 

Vertically 0.1-0.2 cun. Some authors advise to bleed this point 
for Heat conditions, but this is not recommended owing to the 
danger of causing an otic haematoma. Indirect moxibustion for 
vision disorders. 


Actions/Indications 
e Clears Heat, alleviates pain, benefits the eyes and the throat 
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6.1 Extra Points: Head and Neck (EX-HN) 


Behind the Ball QIUHOU Ex-HN-7 


Location 
On the lower border of the orbit, at the junction of the lateral quar- 
ter and the medial three quarters. 


How to find 

Divide the horizontal extension of the diameter of the orbit in 
quarters. Then locate the point at the junction of the first and sec- 
ond lateral quarters, slightly superior to the border of the orbit. 


Needling 

Ask the patient to look upward and gently push the eyeball upward, 
away from the lower eyelid. Slowly insert the needle 0.5—1 cun 
into the fatty tissue immediately above the bone (orbit). Caution: 
Do not injure the eyeball and the periosteum. Avoid the venous 
plexus and arteries! Pay attention to any pain from needling. 
No needle manipulation! After removal of the needle, compress 
the site for 10 minutes. Haematomas may still occur (inform the 
patient prior to needling). Moxibustion is contraindicated. Alter- 
native, less difficult points for eye disorders: BL-2, T.B.-23, 
G.B.-1, ST-2, Ex-HN-5 (taiyang), Ex-HN-4 (yuyao). 


Actions/Indications 
e Disorders of the eyes 
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6 Extra Points 


)Ex-HN-8 | Upper Yingxiang SHANGYINGXIANG 


Location 

At the upper end of the nasiolabial groove, at the junction of the 
maxilla and the nasal cavity. Note: bitong (Clear Nose) is an 
alternative name for this point. 


How to find 

At the upper end of the nasiolabial groove, palpate for the bony 
margin of the nasal cavity. Here, Ex-HN-8 (shangyingxiang or 
bitong) is located at the junction of the nose and the cheek. 


Needling 


0.3-0.5 cun vertically towards the centre of the nasal cavity. 


Actions/Indications 
e Clears Heat, opens the nasal passages 









(upper 
jaw) 
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6.1 Extra Points: Head and Neck (EX-HN) 


Inner Yingxiang NEIYINGXIANG | EX-HN-9 | 


Location 
In the nasal cavity, at the junction of the nasal bone and the nasal 
cartilage. 


How to find 

This point lies ‘opposite’ the external point + Ex-HN-8 (shang- 
yingxiang or bitong), which is located at the upper end of the 
nasolabial groove. 


Needling 

Prick to bleed with a needle, lancet or three-edged needle. Caution: 
Contraindicated in patients with bleeding disorders (or taking 
anticoagulants). Needling may be painful! 


Actions/Indications 
e Clears Heat, drains Fire 
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6 Extra Points 


)Ex-HN-10 | Gathering Spring JUQUAN 














Location 
With maximal extension of the tongue, in the centre of the 
tongue body. 


How to find 
With maximal extension of the tongue in the centre of the 
tongue body. 


Needling 
Vertically 0.2 cun. Needling may be painful! 


Actions/Indications 

e Deviation of the tongue, impaired mobility or atrophy of the 
musculature of the tongue: for example, after a stroke or with 
loss of sense of taste 














Ch06a-F10028.qxd 2/23/08 1:25 PM Page 549 an 





6.1 Extra Points: Head and Neck (EX-HN) 


Sea Spring HAIQUAN [GSTS 
Location 


Below the tongue, in the centre of the frenulum, between the 
points ~ Ex-HN-12 (jinjin) and ~ Ex-HN-13 (yuye). 


How to find 

Ask the patient to roll their tongue upward to reveal the frenulum. 
To avoid injury to the frenulum, this point should be located at 
the base of the frenulum. 


Needling 
Vertically 0.2 cun. Remove needle immediately after short stim- 
ulation. Needling may be painful! 


Actions/Indications 
e Mouth and tongue ulcers, hiccups 
































1/28/2018 Crystal Set 











{10 Turns | 


4§ turns enamelled wire 
0.25mm dia to 0.5mm dia 
_~ onstrong carboard tube 
80mm to 100mm diameter 
tapped every4 turns 


[Riigater Clip 
















) | This lead goes to a 
’ |pecrew on the hack of 
' |the “frame” of the 

rariable capacitor 







"tabs". They are all connected to the 
same place. 






The tappings on the coil allow a wide band of radio stations to be tuned. 
Each tapping allows a different portion of the band to be covered. 


The next part to understand is this: 

The coil and capacitor must not be LOADED. In other words, you cannot connect anything to this 
combination because the signal it is producing will be "taken away" or "removed" or "considerably 
reduced" by the item you are connecting to the circuit. 

These two components are called a TUNED CIRCUIT and when they are not loaded they pick up 
all the radio stations, one station at a time, when the natural resonant frequency of the coil and 
capacitor exactly match the frequency of the radio station. The circuit actually "rejects" all the 
radio stations except one. Because all the other stations are trying to make the Tuned Circuit 
oscillate at a different frequency and it does not do this. 

The result of the TUNED CIRCUIT oscillating under NO LOAD conditions produces a waveform 
that is very high and this gives the circuit GOOD SELECTIVITY. The circuit can select one station 
and reject nearby stations. 

It also has good SENSITIVITY as it can pick up weak stations. 

If you load the circuit, only the strongest signal will be detected and it will be spread across the full 
range of the tuning capacitor. 

Obviously the theory is more-complex but we are explaining the end-result. 

Theory talks about the "Q" value of the coil and this is its ability to produce a very good output 
when the magnetic flux collapses and the "Q" value increases when the circuit is not loaded. . 
Although these voltages are very small (in the order of microvolts or millivolts) the result is very 
important as the rest of the circuit will be amplifying this waveform a few thousand times. 

As we explained above, pushing the weight on a string only needs a push of 1 cm and eventually 
the weight will swing 1 metre. This is a gain of 100:1 The same thing happens with the tuned 
circuit. The incoming radio signal is in the order of microvolts, but the coil and capacitor will 
produce a signal as high as 500 millivolts. This is an improvement or "gain" of more than 1,000 
and is referred to as the "Q" of the circuit. 

You will also notice the TUNED CIRCUIT is not connected to any supply voltage. It does not have 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 5/24 
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6 Extra Points 


DSSS] colden Liquid jinjin 











Location 
On the underside of the tongue, on the lingual vein to the left of 
the frenulum. 


How to find 
Ask the patient to roll their tongue upward to reveal the lingual 
veins. 


Needling 

Prick to bleed: Briefly puncture with a needle, lancet or three- 
edged needle and let bleed. Often used together with - Ex-HN-13 
(yuye). Caution: Contraindicated with bleeding disorders or in 
patients taking anticoagulant medication. 


Actions/Indications 
e Dispels Heat and Wind 
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6.1 Extra Points: Head and Neck (EX-HN) 


Jade Fluid YUYE [SSS SE 
Location 


On the underside of the tongue, on the great lingual vein to the 
right of the frenulum. 


How to find 
Ask the patient to roll their tongue upward to reveal the lingual 
veins. 


Needling 

Prick to bleed: Briefly puncture with a needle, lancet or three-edged 
needle and let bleed. Often used together with — Ex-HN-12 
(jinjin). Caution: Contraindicated with bleeding disorders or in 
patients taking anticoagulant medication. 


Actions/Indications 
e Dispels Heat and Wind 
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6 Extra Points 


| Ex-HN-14 | Eye Brightening YIMING 











Location 
At the junction of the head and the occiput, posterior to the 
mastoid bone. 


How to find 

Ex-HN-14 (yiming) is located on a line connecting > T.B.-17 
(below the earlobe, between the maxilla and the mastoid) and > 
G.B.-20 (at the junction of the occiput and the neck, in the cen- 
tre of the dorsolateral depression). From — T.B.-17, measure 1 
cun towards the posterior and there locate yiming posterior to the 
mastoid. 

Located slightly superior and posterior to yiming is ~ Ex-HN 
(anmian), in the corner between the mastoid and the occiput. 


Needling 
Vertically 0.5—1 cun 


Actions/Indications 
e Disorders of the eyes and ears, dizziness, insomnia 












Occipital - Lower 
bone - _ border of 
Ss the occiput 


Sternocleido- 
mastoid 








anmian 


Ex-HN-14 
(yiming) 





\ 
Occipital 
bone 
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6.1 Extra Points: Head and Neck (EX-HN) 


Hundred Taxations jINGBAILAO/BAILAO [SSikE AR 


Location 
2 cun superior to the lower border of the spinous process of the 
7th cervical vertebra (C7) and | cun lateral to the midline. 


How to find 

For locating C7, see > 3.4.1. + Du-14 (dazhui) is located below 
the spinous process of C7. From there, measure 2 cun in a superior 
and | cun in a lateral direction. 


Needling 
Vertically 0.5—0.8 cun 


Actions/Indications 
e Dispels Wind and Dampness 
e Opens the channel 





(jingbailao) 
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6 Extra Points 


)  Ex-HN | Upper Brightness SHANGMING 


Location 
Directly superior to the pupil, below the margin of the orbit. 


How to find 

With the patient looking straight ahead, palpate for the margin of 
the orbit directly above the pupil. Ex-HN (shangming) is located 
between the upper margin of the orbit and the eyeball. 


Needling 

Gently push the eyeball downward. Slowly insert the needle 
0.5-1 cun vertically into the fatty tissue immediately below the 
bone (orbit). Caution: Pay attention to any pain from needling. 
No manipulation! After removal of the needle, compress the site 
for 10 minutes. Haematomas may still occur (inform the patient 
prior to needling). Alternative points with less risk of complica- 
tions are BL-2, T.B.-23, G.B.-1, ST-2, Ex-HN-5 (taiyang), 
Ex-HN-4 (yuyao). 





Actions/Indications 
e Disorders of the eyes 
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6.1 Extra Points: Head and Neck (EX-HN) 


Peaceful Sleep ANMIAN [UBS 


Location 
Posterior to the ear, between — T.B.-17 and — G.B.-20, pos- 
terior to the mastoid process. 


How to find 

First, locate + T.B.-17 (directly below the earlobe, in the depres- 
sion between the lower jaw and the mastoid process (— 3.1) that 
forms when the mouth is open). Next, locate > G.B.-20 on the 
lower border of the occiput, in the depression between the ori- 
gins of the sternocleidomastoid and trapezius muscles. Locate 
Ex-HN (anmian) approximately midway between these two 
points, slightly posterior to the mastoid bone and superior to 
— G.B.-12, in a depression on the lower border of the occiput. 









Needling 
0.5-1 cun vertically or obliquely towards — T.B.-17 (yifeng) 





Ex-HN-14 


eee - or > G.B.-20 (fengchi). 
Actions/Indications 
e Calms the shen 


Special features 
Important calming point for sleeping disorders. This extra point 
is not part of the WHO classification of extra points. 
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6 Extra Points 


DSTI) cheek centre iA. 











Location 
Inside the mouth, on the mucosa of the cheek, | cun posterior to 
the corner of the mouth. 


How to find 
Locate this point on the mucosa of the cheek, | cun posterior to 
the corner of the mouth. 


Needling 


0.3-0.5 cun obliquely in a posterior direction, prick to bleed. 


Actions/Indications 
e Clears Heat 
e For inflammations of the mouth and throat, for gastritis 
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6.1 Extra Points: Head and Neck (EX-HN) 


Adjacent to Container of Fluids JLACHENGJIANG | Ex-HN | 









e s ¥ uf 
“Sex HN Ren-4 








Location 
1 cun lateral to the centre of the mentolabial groove. 


How to find 
This point is located on the mental foramen. — Ren-24 
(chengjiang) is located in the centre of the mentolabial groove. 


Needling 
0.3-0.5 cun vertically or up to 1 cun obliquely towards the men- 
tal foramen. 


Actions/Indications 
e Dispels Wind, opens the channel 
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6 Extra Points 


PEST) Prominent Bone CHONGGU ZHUIDONG 


Location 
Below the spinous process of the 6th cervical vertebra (C6). 


How to find 

This point is located on the posterior midline and thus on the du 
mai. In fact, the ‘prominent bone’ (vertebra prominens) inferior 
to chonggu zhuidong is the spinous process of either C7 or TI. 
— Du-14 is located between the two. For the correct method of 
locating C6 and C7 — 3.4.1. 


Needling 


0.5—1 cun obliquely in a superior direction. 


Actions/Indications 
e Dispels external pathogenic factors 
e Harmonises the shen 














Extension and — 
flexion of the head 





2 fingers on 
spinous proc 
of C6 and 7 
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6.1 Extra Points: Head and Neck (EX-HN) 


Upper Arm jiINGBI JES 
Location 


1 cun superior to the junction of the proximal and middle third 
of the clavicle. 





Jes nl Cr) How to find 


Measure a third of the clavicle from its medial end, then measure 
1 cun in a superior direction and there locate jingbi in the supra- 
clavicular fossa. The point is located above the brachial plexus. 
— ST-12 is very close to this point, directly superior to the mid- 
point of the clavicle. 









Needling 

Vertically 0.3—0.5 cun. During insertion or stimulation, a tingling 
or warm sensation should be felt radiating to the fingers. Caution: 
Pneumothorax. 


Actions/Indications 
e Paraesthesia and paralysis of the upper extremity 


Minor supraclavicular fossa 


Major supraclavicular fossa 


a Clavicle 
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be connected. It generates its own waveform from the signals in the air. 
It should not have any DC current flowing through it via the supply as this would put a load on the 
circuit and reduce its operation. 


However we must "pick-off" the signal so it can be amplified. 
This must be done with a very high impedance circuit. 


THE CONVERTER (detector) - THE DIODE 

The next part of the circuit is the CONVERTER. Commonly called the DETECTOR. 

It converts the RADIO FREQUENCY signal to an AUDIO FREQUENCY signal. 

This is the job of the DIODE. 

The radio frequency signal is a very high frequency signal (say one million cycles per second) and 
it is sending a tone of one thousand cycles per second through the air-waves. 

What is happening is this: The one megahertz signal has a certain amplitude and over a range of 
the first one-thousand cycles, the amplitude gradually decreases and then increases again. If you 
look at the tops of this 1,000 cycles you will see a waveform that corresponds to the one kilo- 
Hertz signal. 

The 1MHz signal is picked up by the coil and capacitor in the front end and makes it oscillate. 
The radio frequency signal is gradually getting larger over 500 cycles then smaller over the next 
500 cycles and this increase and decrease represents the 1,000 cycles per second tone. 

This is the waveform (the signal) that passes through the diode. This will be explained further in 
a moment. 

The diode does not pass any signals less than 200mvV as the first 200mvV is lost in the junction of 
the diode. This means the signals start to appear on the other end of the diode when they are 
above 200mV. 


This is how the diode works: 

Across the crystal earpiece is a capacitor. The capacitor gets charged via the diode. 

The diode is present to stop the capacitor getting discharged when the waveform is in the wrong 
direction. (by this we mean - when the waveform is lower or smaller in amplitude than the voltage 
on the capacitor). 

And the waveform is in the wrong direction about 50% of the time. To charge the capacitor for 
one-half-cycle requires 500 "little increments" in voltage with each increment adding a 
microscopic increase in voltage. We don't want this voltage to reduce when the waveform is 
reversing direction and the diode stops the voltage flowing back to the Tuned Circuit. 

During the next half of the cycle when the pulses are getting smaller and smaller, the voltage on 
the capacitor is "bled off" by the load resistor. 

The crystal earpiece detects this voltage. What we mean, is the diode allows the voltage to rise 
(increase) on the capacitor via lots of little "pulses" and the voltage increases in the form of a 
sinewave to a maximum amount. This voltage is passed to the crystal earpiece. 

Once the voltage rises to a maximum, the little pulses of energy are not quite as strong, and the 
voltage on the capacitor reduces to form the second portion of the sinewave. This voltage is 
always being passed to the crystal earpiece and you can hear it as an audio signal. 


GERMANIUM OR SILICON DIODE 

The preferred type of diode for a Crystal Set is germanium. This is because it drops only about 
0.3v. 

But a silicon diode can be used, even though it drops about 0.7v, if the radio stations are very loud 
(close by). 

You have to remember, you need a very good aerial (and a water-pipe earth) to get any results 
with a Crystal Set because you are asking the signal to provide the energy to drive the earpiece. 
By simply adding a transistor, you are improving the performance 100 times and the long antenna 
can be reduced to a FRAME ANTENNA and the earth can be the metal frame of your soldering 
iron. 


THE EARPIECE or EARPHONE 
also The Magnetic Earpiece or CRYSTAL EARPIECE 


The earphone or earpiece used in a Crystal Set must be a high impedance device because the 
crystal set does not produce a high current and cannot drive a low-impedance earpiece. That's 
why a CRYSTAL EARPIECE is ideal. 

It has a crystal glued to the back of the earpiece and connected to its top surface is an aluminium 
diaphragm. When the crystal expands and contracts as a result of a voltage applied via two 
electrodes, the diaphragm moves and you can hear the signal. It exhibits a very high impedance 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 6/24 





Ch06a-F10028.qxd 2/23/08 
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6.2 Extra Points: Chest and Abdomen (EX-CA) 


Ex-HN 
(jingbi) 


OANA UABRWHN 


Ex-CA 
(qimen) 





Ex-CA 
(tituo) 








PaM or ZP49 





Ex-CA 


qizhongsibian 
yijing 






PaM or ZP45 

















Ex-CA qimen PaM or ZP46 
Ex-CA tituo NP39 
Ex-CA zhixie NP38 
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6.2 Extra Points: Chest and Abdomen (EX-CA) 


Palace of the Child ZIGONG | ee ee | 


Location 
3 cun lateral to the anterior midline and | cun superior to the 
upper border of the pubic symphysis. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 proportional cun, 
which can vary considerably from the patient’s finger cun. 
Therefore, only proportional cun measurements should be used 
(helpful device: elastic tape — 2.3.1). From the upper border of 
the pubic symphysis, measure | cun in a superior direction — this 
is the location of ~ Ren-3. From there, measure 3 cun in a lat- 
eral direction to locate zigong. 

Located on the same level are —~ KID-12 (0.5 cun from the 
midline) and > ST-29 (2 cun lateral to the midline). 





Needling 
0.5-1 cun vertically or 1-2 cun obliquely towards the upper 
border of the pubic symphysis. Caution: Peritoneum, pregnancy, 
Umbilicus 

full bladder. 














Actions/Indications 

e Strengthens and raises Qi 

e Regulates menstruation 

e Alleviates pain in the abdomen and the lumbar region 


___|Upper border id J <p 








of the pubic 
symphysis 
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6 Extra Points 


Lifting the Stomach WEISHANG 


Location 
On the Spleen channel, 4 cun lateral and 2 cun superior to the 
umbilicus. 


How to find 

The distance between the sternocostal angle and the centre of the 
umbilicus is divided into 8 proportional cun, which can vary 
considerably from the patient’s finger cun. Therefore, only pro- 
portional cun measurements should be used (helpful device: 
elastic tape — 2.3.1). From the centre of the umbilicus, measure 
2 cun in a superior direction (location of + Ren-10) and then 
locate weishang 4 cun lateral to the midline. | cun superior to 
— Ex-CA (weishang) is > SP-16. 

Located on the same level are ~ Ren-10/KID-17/ST-23 (on the 
midline/0.5 cun lateral to the midline/2 cun lateral to the midline). 


Needling 
2-3 cun obliquely in the direction of the umbilicus. Caution: 
Peritoneum, pregnancy. 


Actions/Indications 
e Gastroptosis, abdominal pain 











Umbilicus 


ae 
UDvibE ee Deodbd 
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6.2 Extra Points: Chest and Abdomen (EX-CA) 
Four Points Around the Umbilicus QIZHONGSIBIAN | 
Location 
Four points, | cun lateral, superior and inferior to the umbilicus. 


These four points are arranged in a star shape around the umbilicus. 


lling 
Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


cTIOT iINaICcAaTIOI 
e Distension, diarrhoea, dyspepsia, dysmenorrhoea 
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6 Extra Points 


Loss of Semen YIJING 














Location 
1 cun lateral to the anterior midline and 2 cun superior to the upper 
border of the pubic symphysis. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 proportional cun, 
which can vary considerably from the patient’s finger cun. 
Therefore, only proportional cun measurements should be used 
(helpful device: elastic tape — 2.3.1). From the upper border 
of the pubic symphysis, measure 2 cun in a cranial direction 
(— Ren-4) and, from there, measure | cun in a lateral direction. 
There, locate yijing. 

Located on the same level are ~ KID-13 (0.5 cun lateral to the 
midline), Ex-CA (gimen, 3 cun lateral to the midline), + ST-28 
(2 cun lateral to the midline) and Ex-CA (tituo, 4 cun lateral to 
the midline). + G.B.-27 is located medial to the ASIS, approxi- 
mately on the same level. 


Needling 


0.5-1 cun. Caution: Peritoneum, full bladder, pregnancy. 


Actions/Indications 
Ejaculation disorders, impotence, scrotal eczema 

















Umbilicus 


Upper border 


~~ of the pubic 


symphysis 
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6.2 Extra Points: Chest and Abdomen (EX-CA) 


Qi Gate QIMEN 
Location 


3 cun lateral to the anterior midline and 2 cun superior to the 
upper border of the pubic symphysis. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 proportional cun, 
which can vary considerably from the patient’s finger cun. 
Therefore, only proportional cun measurements should be used 
(helpful device: elastic tape — 2.3.1). From the upper border of 
the pubic symphysis, measure 2 cun in a cranial direction 
(— Ren-4) and, from there, measure 3 cun in a lateral direction. 
There, locate gimen. 

Located on the same level are ~ KID-13 (0.5 cun lateral to the 
midline), Ex-CA (yijing, 1 cun lateral to the midline), ~ ST-28 
(2 cun lateral to the midline) and Ex-CA (tituo, 4 cun lateral to 
the midline). + G.B.-27 is located medial to the ASIS, approxi- 
mately on the same level. 





Umbilicus Needling 
Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


2 Actions/Indications 
e Metrorrhagia, female infertility, orchitis, urinary tract infec- 
tions, persistent lochial discharge 





Upper border 
of the pubic 
symphysis 
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6 Extra Points 


Lift and Support TiITUO 














Location 
4 cun lateral to the anterior midline and 2 cun superior to the 
upper border of the pubic symphysis. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 proportional cun, 
which can vary considerably from the patient’s finger cun. 
Therefore, only proportional cun measurements should be used 
(helpful device: elastic tape > 2.3.1). From the upper border of 
the pubic symphysis, measure 2 cun in a cranial direction 
(— Ren-4) and from there measure 4 cun in a lateral direction. 
There, medial to the ASIS, locate tituo. 

Located on the same level are —~ KID-13 (0.5 cun lateral to 
the midline), ~ Ex-CA (yijing, 1 cun lateral to the midline), 
— ST-28 (2 cun lateral to the midline) and — Ex-CA (qimen, 
3 cun lateral to the midline). ~ G.B.-27 is located medial to the 
ASIS, approximately on the same level. 


Needling 


Vertically 0.5—1 cun. Caution: Peritoneum, pregnancy. 


Actions/Indications 
e Strengthens the rising Qi and alleviates organ prolapse 


Special features 
In modern TCM, tituo is considered one of the most important 
points for prolapse of the uterus. 














Umbilicus 


Upper border 


~~~ of the pubic 


symphysis 
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6.2 Extra Points: Chest and Abdomen (EX-CA) 


End Diarrhoea ZHIXIE 
Location 


On the anterior midline, 2.5 cun inferior to the umbilicus. 


How to find 

The distance between the centre of the umbilicus and the upper 
border of the pubic symphysis is divided into 5 proportional cun, 
which can vary considerably from the patient’s finger cun. 
Therefore, only proportional cun measurements should be used 
(helpful device: elastic tape — 2.3.1). Zhixie is located at the 
midpoint of this distance, between — Ren-4 (2 cun superior to 
the upper border of the pubic symphysis) and — Ren-5 (2 cun 
inferior to the umbilicus). Or: Spreading hands technique 
(— 2.3.3): Place the little fingers on the umbilicus and the upper 
border of the pubic symphysis respectively and spread the hands 
evenly, joining the thumbs at the midpoint of this distance. 


Needling 
Vertically 0.5—1 cun. Caution: Peritoneum, full bladder, pregnancy. 


Actions/Indications 
e Stops diarrhoea 




















Ch06a-F10028.qxd 2/23/08 1:26 PM Page 570 an 








6 Extra Points 


Triangle Moxibustion SANJIAOJIU 


Location 

These three points are located on the corners of an equilateral 
triangle, the apex of which is formed by the umbilicus, while the 
base forms a horizontal line on the abdomen. The sides are equal 
to the patient’s smile. 


How to find 

It is helpful to explain the location of this point to the patient. 
Invariably, this will make them smile, allowing the practitioner 
to determine the length of the sides of the triangle. 


Needling 


Moxibustion only, no needling. 


Actions/Indications 
e Regulate Qi and stop diarrhoea. 
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6.3 Extra Points: Back (EX-B) 


Disorder of 
the upper 
extremities 


Disorder of the 


thorax 


Disorder of the 
abdominal region 


Disorder of the 


lower extremities 


a ae Ex-HN-15 (jingbailao) 

Ex-HN (chonggu) 
Ex-B-1 (dingchuan) 
Ex-B (jiehexue) 

















ar a Ex-B-3 
: (weiwanxiashu) 


Oye Ex-B-4 (pigen) 
= Ex-B (xiazhishi) 

a Ex-B-5 (xiajishu) 
Ex-B-7 (yaoyan) 


4 Ex-B-6 (yaoyi) 
j 5 Ex-B-8 (shigizhui) 


= 7 Ex-B (tunzhong) 


Ex-B-9 (yaoqi) 






Ex-LE (huanzhong) 


6.3 Extra Points: Back (EX-B) 















































Ex-B-1 dingchuan NP45 M-BW-1 Ex10 
Ex-B-2 huatuojiaji/jiaji PaM or ZP85 M-BW-35 Ex12 
Ex-B-3 weiwanxiashu/ PaM or ZP62 M-BW-12 
waiguanxiashu/ 
bashu or yishu 
Ex-B-4 pigen PaM or ZP66 M-BW-16 
Ex-B-5 xiajishu PaM or ZP71 M-BW-21 
Ex-B-6 yaoyi PaM or ZP73 M-BW-23 
Ex-B-7 yaoyan PaM or ZP74 M-BW-24 
Ex-B-8 shigizhui/shigizhuixia PaM or ZP75 M-BW-25 Ex11 
Ex-B-9 yaogi PaM or ZP79 M-BW-29 
[Further extra points 
Ex-B jiehexue NP47 N-BW-6 
Ex-B tunzhong PaM or ZP83 M-BW-33 
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1/28/2018 Crystal Set 


because it consists of a crystal and no coil of wire is contained inside the case. 
If you do not have a Crystal Earpiece, you can make your own from the shell of an 8 ohm 
earpiece and a piezo diaphragm. Only the front part of the earpiece is used. 





Make your own Crystal Earpiece 


Hit the 8 ohm earpiece on the side and the front comes off. Glue the front onto a piezo diaphragm 
with hot-melt glue. See photo above. 

The piezo diaphragm is a ceramic substrate that deflects in the presence of a voltage. It is quite 
sensitive and you can hear the audio quite clearly. 

The waveform emerging from the diode in a Crystal Set is called AUDIO and although it has an 
amplitude of a few hundred millivolts, it does not have any current associated with it. The crystal 
earpiece and the piezo diaphragm react to this voltage. 


THE 80hm EARPIECE 


The 8 ohm earpiece can be used with our 80hm Buffer stage shown below. 


160hm 32 ohm and 64 ohm EARPIECE(s) 


Earpieces and headsets from mobile phones are 16 ohm or 32 ohm per earpiece and are 
terminated via a stereo 2.5mm or 3.5mm plug. The earpieces are connected in SERIES to get 
the best coupling to our radio circuits and you need to find the two pins on a stereo socket to 
produce series connection. Get a multimeter and switch to "ohms." Try all the pins and you will get 
a Click in the left ear then the right ear. Keep searching until you get a click in both earpieces at 
the same time. Use these two pins. 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 7/24 
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6.3 Extra Points: Back (EX-B) 


Calm Dyspnoea DINGCHUAN [BES 


Location 
0.5 cun lateral to the lower border of the spinous process of the 
7th cervical vertebra (C7). 


How to find 

First, identify C7 (— 3.4.1). Next, measure 0.5 cun from the 
lower border of its spinous process in a lateral direction and 
there locate Ex-B-1. 

Located on the same level are + Du-14 (on the midline), + S.L-15 
(2 cun lateral to the midline) and Ex-B (jiehexue, 3.5 cun lateral 
to the midline). 


Needling 


0.5—1 cun in a medial direction. 


Actions/Indications 
e Harmonises Lung Qi 
e Local point for the neck and shoulders 


Special features 
Modern main point for dyspnoea 










Ex-B-10 (jiehexue) 


Medial base of 
scapular spine 
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6 Extra Points 


) EX-B-2 | Hua Tuo’s Paravertebral Points HUATUOJIA)! 


Location 

17 point pairs, 0.5 cun lateral to the lower borders of the spinous 

processes, close to the spinal facet joints: 

e 12 thoracic point pairs (xiongjiaji): between T1 and T12 

e 5 lumbar point pairs (yaojiaji): between L1 and LS, Depend- 
ing on the school of thought, corresponding points lateral to 
the cervical spine are described as ‘additional huatuojiaji’ . 





Disorders of process C1 








How to find 

Select points of Ex-B-2 depending on the disorder. Determine 
the relevant spinous process and locate the point pairs 0.5 cun 
lateral to its lower border. 


Needling 

0.5-1 cun vertically or better obliquely in a medial direction 
towards the spine, up to 1.5 cun in the lumbar region. The purpose : Level of the 
of needling these points is to stimulate the local nerve roots. This 






: ; ; = spinous 
means that the insertion angle has to be adapted to the patient’s process L4 
anatomy. Never needle in a lateral direction. Once deqi is ae 

. ; eo ; n patient’s 
obtained, do not further stimulate the needle; it is possible to ooeticntl : 


apply electrostimulation. 


Actions/Indications 
e Regulate and harmonise the five zang and six fu Organs, 
depending on the points selected 


Special features 

With disorders of the facet joints of the cervical spine, there are 
often tender points 0.5 cun lateral to the lower borders of the 
spinous processes. In China, these are needled for chronic disor- 
ders of the cervical spine. If oblique insertions (approximately 
45°) in a medial direction are used for points on the inner branch 
of the Bladder channel, the tip of the needle will reach the area 
of the huatuojiaji points. This enhances the therapeutic effect. 
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6.3 Extra Points: Back (EX-B) 


Stomach Controller Lower Shu WEIWANXIASHU JESS) 






s Location 
aa we base of 1.5 cun lateral to the lower border of the spinous process of the 
eae tS 8th thoracic vertebra (T8). 


/ 
p 


= 
Oo 
he 
fe) 





How to find 

Locate T7 (— 3.4.2). From there, count down one spinous 
process (to T8) and locate Ex-B-3 1.5 cun lateral from the mid- 
line. Use the Tuffier’s line (L4, 3.4.3) to confirm the location of 
this point: from L4, count up the spinous processes of L3 to L1 
and of T12 to T8. 

Located on the same level is a point of ~ Ex-B-2 (0.5 cun lat- 
eral to the midline). 


Needling 
0.5—1 cun vertically or up to 1.5 cun obliquely in a medial direc- 
tion. Do not needle in a lateral direction. Caution: Pneumothorax. 


Actions/Indications 
e Opens the channel locally 
e Moistens the body and clears Heat 
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6 Extra Points 


| EX-B-4 | Fullness Root PIGEN 











Location 
3.5 cun lateral to the posterior midline, on the level of the lower 
border of the spinous process of the 1st lumbar vertebra (L1). 


How to find 

Locate the T7 (— 3.4.2) and count down 6 spinous processes to 
L1. Locate Ex-B-4 on the level of the lower border of its spinous 
process, 3.5 cun lateral to the midline. Use the Tuffier’s line (L4, 
— 3.4.3) to confirm the location of this point: from L4, count up 
the spinous processes of L3 to L1. 

Located on the same level are + Du-5 (on the midline), a point 
of — Ex-B-2/BL-22/BL-51 (0.5/1.5/3 cun lateral to the midline) 
as well as > G.B.-25 (on the lower border of the free end of the 
12th rib). 


Needling 
0.8—1 cun obliquely in a medial direction. Caution: Injury to the 
kidneys! 


Actions/Indications 


e Improves the Qi flow between the Upper and Middle Burner 
e Eliminates local Qi and Blood stagnation 


Spi 
pi 




















Bladder channel, 
lateral branch 
Bladder channel, 
medial branch 
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6.3 Extra Points: Back (EX-B) 


Lower Shu Point XiAjiSHU [B59 


Location 

Some authors consider Ex-B-5 (xiajishu) to comprise three points: 
one point on the midline below the spinous process of the 3rd 
lumbar vertebra (L3) (this is the more common and single loca- 
tion of this extra point), complemented by two lateral points 
3 cun lateral to the centre point on the midline. 


How to find 

Locate the Tuffier’s line and L4 (- 3.4.3). Locate Ex-B-5 on the 
midline, on the lower border of the spinous process of L3. Then 
measure 3 cun in a lateral direction and there locate the two lat- 
eral points of Ex-B-5. 

Located on the same level are a point of —~ Ex-B-2/BL-24 
(0.5/1.5 cun lateral to the midline). 


Needling 

0.5—0.8 cun vertically to the skin or obliquely in an inferior direc- 
tion. The patient’s back should be straight or overextended to 
avoid a spinal puncture. Oblique insertions in a superior direction 
should only be carried out by experienced practitioners, as in 
small persons (regardless of their weight), the spinal canal can be 
reached after only 1.25 cun. Caution: In pregnant women about 
to go into labour, this point might have a labour-promoting effect. 


Actions/Indications 
e Tonifies Kidney Yang 
e Opens the channel locally 








Special features 

Strictly speaking, this extra point should be considered as a single 
point and a pair of points with differing indications: depending on 
the school of thought and the clinical requirements, the lateral 
points are used for localised Qi and Blood stagnation, whereas the 
central point is indicated for Kidney Yang deficiency. 
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6 Extra Points 


)  EX-B-6 Back Pain Point YAOY! 











Location 
3 cun lateral to the midline, on the level of the lower border of 
the spinous process of the 4th lumbar vertebra (L4). 


How to find 

Locate the Tuffier’s line and L4 (— 3.4.3). On the level of the 
lower border of the spinous process of L4, measure 3 cun in a 
lateral direction and there locate Ex-B-6. Located on the same 
level are ~ Du-3 (on the midline), a point of > Ex-B-2/BL-25/ 
Ex-B-7 (0.5/1.5/3.5 cun lateral to the midline). 


Needling 
Vertically 0.5—-0.8 cun 


Actions/Indications 
e Opens the channel and /uo vessels 













Level of th 
iliac crests 
(depende 


patient po 


Bladder channel, 
lateral branch 





Bladder channel, 
medial branch 












Ch06b-F10028.qxd 2/22/08 








10:04 PM Page 579 





6.3 Extra Points: Back (EX-B) 


Lumbar Eyes YAOYAN 


Location 
3.5 cun lateral to the midline, on the level of the lower border of 
the spinous process of the 4th lumbar vertebra (L4). 


How to find 

Locate the Tuffier’s line and L4 (— 3.4.3). Ex-B-7 is located 3.5 
cun lateral to it. Located on the same level are — Du-3 (on the 
midline), a point of > Ex-B-2/BL-25/Ex-B-6 (0.5/1.5/3 cun lat- 
eral to the midline). 


Needling 
Vertically 0.5—0.8 cun 


Actions/Indications 
e Opens the channel locally 
e Tonifies the Kidneys 


chy 
Nv 
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6 Extra Points 
Below the 17th Vertebra SHIQIZHUI/SHIQIZHUIXIA 


Location 
On the midline, below the spinous process of the Sth lumbar 
vertebra (L5). 


How to find 

Locate the Tuffier’s line and L4 (- 3.4.3). Next, palpate in an 
inferior direction to the next vertebra (L5) and locate Ex-B-8 
below the border of its spinous process, at the lumbosacral joint. 
Located on the same level are a point of —~ Ex-B-2/BL-26 
(0.5/1.5 cun lateral to the midline). 


Needling 

0.5—1 cun vertically to the skin or obliquely in an inferior direc- 
tion. The patient’s back should be straight or slightly flexed to 
avoid a spinal puncture. Oblique insertions in a superior direction 
should only be carried out by experienced practitioners, as in 
small persons (regardless of their weight), the spinal canal can be 
reached after only 1.25 cun. Caution: In pregnant women about to 
go into labour, this point might have a labour-promoting effect. 





Actions/Indications 
e Tonifies the Kidneys 
e Opens the channel locally 
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6.3 Extra Points: Back (EX-B) 


Miraculous Lumbar Point YAOQQ! )EX-B-9 | 


Location 
2 cun superior to the tip (inferior end) of the coccyx. 


How to find 

Locate the tip of the coccyx superior to the anus and palpate for the 
sacral hiatus. From there, palpate 2 cun in a superior direction and 
locate Ex-B-9 in a depression between the sacral processes. 

— Du-1 is located on the midline, between the tip of the coccyx 
and the anus. 


Needling 


Up to 1.5 cun obliquely in a superior direction. 


Actions/Indications 
e Calms the shen 
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6 Extra Points 


)Ex-B-10 | Tuberculosis Point JIEHEXUE 











Location 
3.5 cun lateral to the lower border of the spinous process of the 
7th cervical vertebra (C7). 


How to find 

Locate the spinous process of C7 and, on this level, palpate 3.5 
cun in a lateral direction. There, locate Ex-B (jiehexue). 
Located on the same level are —~ Du-14 (on the midline), 
— Ex-B-2/S.1.-15 (0.5/2 cun lateral to the midline). 


Needling 


Vertically 0.5—0.8 cun. Caution: Pneumothorax. 


Actions/Indications 
e Tonifies the Lung 
e Opens the channel locally 


Special features 
This is an unofficial extra point. 
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1/28/2018 Crystal Set 


| 64 ohms | 










TIP SLEEVE 
(LEFT | (GROUND) 
CHANNEL) 


RING 
(RIGHT CHANNEL) 





Stereo mobile phone headset - unusually 32R or 64R 


PROBLEMS 


The biggest problem with a Crystal Set is the need for a long antenna. 

The first 200mV to 300mV of a signal is lost in the diode and you need a long antenna to pick up a 
signal so the output of the TUNED CIRCUIT has enough voltage to drive the high-impedance 
earpiece. 

This requires an outside aerial 5 metres long and 3 metres high. 

This is not practical for most hobbyists so we will be adding an amplifying stage to the crystal set 
so a shorter (smaller) aerial can be used. 


THE FRAME AERIAL or FRAME ANTENNA or FRAME COIL 


The aerial coil shown in the photo above is a ferrite slab with about 80 turns of Litz wire. You can 
find one of these in an old broken AM radio or from a parts-shop. In the instructions below we 
show how to make your own Ferrite Rod Antenna 

An equally-good substitute is a frame antenna made by winding insulated wire in a rectangle 
around wooden sticks. 
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6.3 Extra Points: Back (EX-B) 


Buttock Centre TUNZHONG ) XB 


Location 
At the centre of the buttock, 3.5 cun lateral to the posterior mid- 
line, on the level of the 4th sacral foramen. 


How to find 

Locate the lumbosacral joint, which often forms an easily palpa- 
ble ‘kink’ between the L5 and the sacrum. Alternatively, locate 
the Tuffier’s line (— 3.4.3) for reference. Then palpate the inferior 
aspect of the sacrum for the sacral hiatus (7 3.4.4). Between 
these two reference points, the four pairs of sacral foramina are 
arranged on either side of the midline in a slight V-shaped form 
and can be palpated as shallow depressions. Ex-B (tunzhong) is 
located 3.5 cun lateral to the lowest depression (=4th foramen), 
approximately at the centre of the buttock. 

Located on the same level are ~ BL-34/BL-30/BL-54 (over the 
Ath foramen/1.5/3 cun lateral to the midline). 


Needling 
Vertically 2-3 cun 


Actions/Indications 
e Opens the channel and /uo vessels locally 


Special features 
This is an unofficial extra point. 
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6.4 Extra Points: Upper 
Extremities (EX-UE) 


Ex-UE-11 (shixuan) 


Ex-UE-4 (zhongkui) 


Ex-UE-5 
(dagukong) 


Ex-UE-6 (xiaogukong) 


‘- 





Ex-UE-8 (wailaogong) 


Ex-UE-7 (yaotongdian) 


Ex-UE-3 (zhongquan) 








Ex-UE-10 7 
(sifeng) 
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Ex-UE-1 zhoujian M-UE-46 

Ex-UE-2 erbai PaM or ZP114 M-UE-29 

Ex-UE-3 zhongquan PaM or ZP118 M-UE-33 

Ex-UE-4 zhongkui PaM101 M-UE-16 

Ex-UE-5 dagukong PaM or ZP100 M-UE-15 

Ex-UE-6 xiaogukong PaM or ZP102 M-UE-17 

Ex-UE-7 yaotongxue/yaotongdian | Handpoint 2 PaM or M-UE Ex18 
ZP110/111* 

Ex-UE-8 wailaogong'/luozhen PaM or ZP108* M-UE-24 Ex17 

Ex-UE-9 baxie PaM or ZP107 M-UE-22 Exl4 

Ex-UE-10 sifeng M-UE-9 Ex13 

Ex-UE-11 shixuan PaM or ZP86 M-UE-1 Ex15 

[Further Extra points 

Ex-UE jiangian/jianneiling Part of NP74* M-UE-485 Ex16 
(sanjian): jianyu (L.L.-15), 
Jianqian, jianhou 

Ex-UE bizhong PaM or ZP115 M-UE-30 








*% 


names: PaM or ZP110 (weiling) and 111 (jingling). Their location also corresponds to handpoint 2. 


+ 


oe 


an 


the Shanghai College). See the point page for the location of this point. 





The ‘standard’ point Ex-UE-7 (yaotongdian or yaotongxue) is described by Nguyen Van Nghi and Schnorrenberger as two separate points with different pinyin 


Nguyen Van Nghi and Schnorrenberger distinguish between /uozhen (PaM or ZP108) and wailaogong (PaM or ZP109). They describe the location of /uozhen as iden- 
tical with the ‘standard’ location of Ex-UE-8 (wailaogong): on the dorsum of the hand, between the 2nd and 3rd metacarpal bones, approximately 0.5 cun proximal to the 
metacarpophalangeal joint. ‘Their’ wailaogong is located at the midpoint of a line connecting the wrist and the head of the 3rd metacarpal bone, between the 
metacarpals, directly opposite to the point aogong (P-8) — hence the name wailaogong (‘outer’ laogong). 

NP74 (jiansanzhen/Three pinpricks at the Shoulder) according to Schnorrenberger: a set of three points: the first is identical with L.L-15 (jianyu), the second (jianquan/ Anterior 
to the Shoulder) is located 1 cun superior to the end of the anterior axillary fold, and the third (jianhou/Posterior to the Shoulder) is located 1 cun superior to the end of the posterior 
axillary fold. 

According to Deadman et al. (1998), M-UE-48 (jianqian) is located midway between the end of the anterior axillary fold and L.L-15 (this point is not mentioned by 
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6.4 Extra Points: Upper Extremities (EX-UE) 


Elbow Tip ZHOUJIAN STS 
Location 


On the tip of the olecranon. 


How to find 
On the tip of the olecranon. This point is best located with the 
elbow flexed. 


Needling 


Moxibustion only! 


Actions/Indications 
e Opens the channel and /uo vessels locally 
e Disperses Phlegm locally 
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6 Extra Points 


DEST two whites ERBAI 

















Location 

A pair of points on the palmar aspect of the forearm, 4 cun prox- 
imal to the wrist joint space (most distal wrist crease), on either 
side of the tendon of the flexor carpi radialis muscle. 


How to find 

Place the patient’s arm in a relaxed supinated position. As the 
location of the wrist crease can vary, the wrist joint space pro- 
vides a more reliable point of reference (— 3.3.3). From the cen- 
tre of the wrist joint space, measure 4 cun in a proximal direction 
and, on this level, locate one of the points lateral to and the other 
point medial to the tendon of the flexor carpi radialis muscle. 
Or: Divide the distance between the cubital crease (at — P-3) 
and the wrist joint space (at ~ P-7) into thirds, then locate > 
Ex-UE-2 one third of the distance from the wrist joint (helpful 
tool: elastic tape > 2). 


Needling 
Up to | cun vertically or up to 1.5 cun obliquely towards proximal. 


Actions/Indications 
e Raises Qi to treat prolapse of the rectum and haemorrhoids 








Biceps tendon ~__ 


Cubital crease 
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6.4 Extra Points: Upper Extremities (EX-UE) 


Posterior Spring ZHONGQUAN | EX-UE-3 | 












Wrist joint space 


Tendon of the 
ako extensor digiti 
minimi 


Boras Triceps brachii, 
lateral head 


Brachialis — 


Brachioradialis— — 
pees Triceps brachii, 
medial head 


— Tendon of the 
triceps brachii 


Extensor carpi — 
radialis longus 


~ T.B.-10 


Lisi 
Olecranon 
Lateral ” 
epicondyle 
--- Flexor carpi 
ulnaris 


Extensor 


ae —— Extensor carpi 
digitorum 


ulnaris 





Location 
On the dorsal aspect of the wrist joint space (dorsal wrist crease), 
radial to the tendon of the extensor digitorum communis muscle. 


How to find 

Place the patient’s arm in a relaxed pronated position. As the 
location of the dorsal wrist crease can vary, the joint space 
between the proximal row of carpals and the radius/ulna provides 
amore reliable point of reference (— 3.3.3). By moving the wrist 
in a relaxed way, you can easily palpate the joint space. Locate 
Ex-UE-3 in the joint space, radial to the tendon of the extensor 
digitorum communis muscle. The tendons become more pro- 
nounced by moving and overextending the three medial fingers. 
— T.B.-4 is located on the same level, ulnar to the tendon of the 
extensor digitorum communis muscle. 


Needling 
Vertically 0.3-0.5 cun 


Actions/Indications 
e Harmonises the Qi flow between the Upper and Middle Burner 
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6 Extra Points 


DESTEZI) Back of the Middle Finger ZHONGKUI 


Location 

As the name implies, on the dorsal aspect of the middle finger, 
in the centre of the transverse creases of the proximal inter- 
phalangeal joint (PIP). 


How to find 

Slightly bend the PIP of the middle finger. The point is located 
at the vertex of the flexed joint. 

Located in a comparable position on the little finger is > Ex-UE-6 
(xiaokugong, in the centre of the proximal PIP of the little finger). 
Also located in a comparable position is ~ Ex-UE-10 (sifeng, 
four points on the palmar aspect of the fingers of each hand, in the 
centre of the creases of the PIP joints of the 2nd to Sth fingers). 


Needling 


Prick to bleed or moxibustion. 





Actions/Indications 
e Descends Stomach Qi 
e Clears Heat 
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6.4 Extra Points: Upper Extremities (EX-UE) 


Thumb Joint DAGUKONG [UESTSay 


Location 
As the name implies, on the dorsal aspect of the thumb, in the 
centre of the transverse creases of the interphalangeal joint. 


How to find 
Ask the patient to slightly flex the interphalangeal joint of the 
thumb. The point is located at the vertex of the bent joint. 


Needling 


Prick to bleed or moxibustion. 


Actions/Indications 
e Clears Heat 
e Harmonises the Middle Burner 
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6 Extra Points 


PESTA tittle Finger Joint XiAOGUKONG 


Location 

As the name implies, on the dorsal aspect of the little finger, in 
the centre of the transverse creases of the proximal interpha- 
langeal joint (PIP). 


How to find 

Slightly bend the PIP of the little finger. The point is located at 
the vertex of the flexed joint. 

Located in a comparable position on the middle finger are 
— Ex-UE-4 (in the centre of the proximal PIP of the middle finger) 
and, on the palmar aspect of the little finger, ~ Ex-UE-10 (four 
points on the palmar aspect of the fingers of each hand, in the 
centre of the creases of the PIP joints of the 2nd to Sth fingers). 





Needling 
Prick to bleed 


Actions/Indications 
e Clears Heat 
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6.4 Extra Points: Upper Extremities (EX-UE) 


Lumbar Pair Point YAQOTONGDIAN Ex-UE-7 


Location 

Two points on the dorsal aspect of the hand, between the 2nd/3rd 
and 4th/5th metacarpal bones, on the level of the junctions of the 
shaft and the base of the respective metacarpal bones. 


How to find 

On the dorsal aspect of the hand, glide with the palpating fingers 
in the grooves between the 2nd and 3rd as well as between the 
4th and 5th metacarpal bones towards the wrist joint, until the 
fingers come to rest in the depressions just distal to the bases 
of the metacarpal bones. Here, locate the points of Ex-UE-7 
(yaotongdian or yaotongxue). 






_ Metacarpal V 


Needling 

0.5—0.8 cun vertically or slightly obliquely towards the centre of 
a loose fist. Caution: Painful point! Do not stimulate these distal 
points in patients with a weak constitution: danger of needle 
collapse! 


Actions/Indications 
e Strengthen the Qi and Blood in the lumbar region, alleviate pain 


Special features 
Very effective distal point for acute disorders of the lumbar spine 
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6 Extra Points 
SSE stiff Neck WAILAOGONG/LUOZHEN/XIANQIANG 


Location 

On the dorsal aspect of the hand, between the 2nd and 3rd 
metacarpal bones, proximal to the metacarpophalangeal joints, at 
the junction of the heads and the shafts of the metacarpal bones. 


How to find 

This point is best located with the patient making a loose fist. 
With the palpating finger, glide in the groove between the 2nd 
and 3rd metacarpal bones from the wrist joint towards the fin- 
gers until the finger comes to rest in the depression just proximal 
to the heads of the two metacarpal bones. Here, locate Ex-UE-8 
(wailaogong). Located in a comparable position between the 4th 
and 5th metacarpal bones is > T.B.-3. 





___ Ex-UE-7 


_ Metacarpal V 


Needling 

0.5—1 cun vertically or slightly obliquely. Caution: Painful point! 
Do not stimulate this point in patients with a weak constitution: 
danger of needle collapse! 


Actions/Indications 
e Strengthens the Qi and Blood of the neck and alleviates pain 


Special features 

Very effective distal point for acute disorders of the cervical 
spine. Use strongly reducing needling techniques (for 1-2 minutes) 
on the affected or contralateral side while asking the patient to 
gently move their neck/cervical spine. The practitioner should 
keep the patient’s hand in a fixed position and ensure that the 
hand and forearm are sufficiently supported. 





Pl sa-1 


| Ex-UE-9 
Fy (baxie) 
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6.4 Extra Points: Upper Extremities (EX-UE) 


Eight Pathogens BAXIE | EX-UE-9 | 


Location 
Slightly proximal to the margins of the webs between the fingers, 
on the border of the red and white skin. 


How to find 

These points are best located when a loose fist is made. Locate 
the points on the border between the red and white skin. + T.B.-2 
(between the 4th and 5th fingers) is a point of Ex-UE-9 (baxie). 
The points of + Ex-LE-10 (bafeng) are located in a comparable 
position on the foot (proximal to the margins of the webs 
between the toes). > LIV-2, — ST-44 and — G.B.-43 are all 
part of + Ex-LE-10. 


Needling 
Up to | cun parallel to the metacarpal bones. 


Actions/Indications 
e Clears Heat 
e Expels Cold and Dampness 
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6 Extra Points 


| Ex-UE-10 | Four Seams SIFENG 











Location 
On the palmar aspect of the 2nd to 5th fingers, at the midpoint of 
the transverse creases of the proximal interphalangeal joints (PIP). 


How to find 

Locate these points on the palmar aspect of the 2nd to 5th fin- 
gers, at the midpoint of the transverse creases of the proximal 
interphalangeal joints (PIP). 

Located in a similar position on the dorsal aspect of the little and 
middle fingers are + Ex-UE-6 and — Ex-UE-4 respectively. 


Needling 
Prick to bleed 


Actions/Indications 
e Harmonises the Qi flow between the Upper and Middle Burner 
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6.4 Extra Points: Upper Extremities (EX-UE) 


Ten Diffusions SHIXUAN EX-UE-11 | 


Location 
On the tips of the 10 fingers. 


How to find 

These 10 points are located on the tips of the 10 fingers, approx- 
imately 0.1 cun from the free margin of the fingernail. 

Located in a comparable position on the foot are the points of 
— Ex-LE-12 (giduan, on the tips of the 10 toes). 


Needling 
Prick to bleed 


Actions/Indications 
e Expels pathogenic factors 
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6 Extra Points 


PESTS Front of the Shoulder JIANQIAN/JIANNEILING 


Location 
On the midpoint of a line connecting the end of the anterior axil- 
lary fold and > L.L.-15. 


How to find 

To locate > L.IL.-15: Ask the patient to actively abduct their arm 
and locate L.I.-15 in the depression anterior and inferior to the 
acromion (=ventrolateral extremity of the acromion). The end 
of the anterior axillary fold is formed by the easily palpable 
lower border of the pectoralis major muscle. Jianqian is located 
on the anterior aspect of the shoulder joint, midway between 
these two reference points. 


Needling 
Vertically up to 1.5 cun 





Actions/Indications 
e Opens the channel and /uo vessels locally Clavicle 

| 
L.1.-15 









Addendum: For more details, ~ Table 6.4 
Deltoid . 
vn Infraclavicular 
7 fossa 
jianquan —_ 
~~ LU-1 


~ Pectoralis major, 
clavicular head 


LU-3 ~_ 


_— Triceps 
brachii 
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Biceps tendon ~__ 


Cubital crease 





6.4 Extra Points: Upper Extremities (EX-UE) 
Arm Centre BIZHONG | EXUE | 
Location 


On the palmar aspect of the forearm, midway between the cubital 
crease and the wrist joint space (‘most distal wrist crease’). 


How to find 

Place the patient’s forearm in a relaxed supinated position. As the 
location of the wrist crease may vary, the wrist joint space presents 
a more reliable reference point (— 3.3.3). The spreading hands 
technique is the best method for locating this point (— 2.3.3): 
Place the little fingers on the centre of the wrist joint (— P-7) and 
the cubital crease (— P-3) respectively and determine the mid- 
point of this distance by joining the thumbs. Locate Ex-UE 
(bizhong) on this level between the radius and the ulna. 

— P-4 is located 1 cun distal to the midpoint of the distance 
between — P-3 and — P-7 or 5 cun proximal to > P-7. 


Needling 
Vertically 1-1.5 cun 


Actions/Indications 
e Opens the channel and the /uo vessels locally 
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6.5 Extra Points: Lower Extremities (EX-LE) 


6.5 Extra Points: Lower 
Extremities (EX-LE) 
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Ex-LE-1 kuangu PaM or ZP165 (changgu) | M-LE-28 
Ex-LE-2 heding/xiding PaM or ZP156 M-LE-27 
Ex-LE-3 baichongwo PaM or ZP163 M-LE-34 Ex21 
Ex-LE-4 neixiyan (PaM or ZP145) M-LE (Ex23) 
Ex-LE-5 xiyan PaM or ZP145 M-LE Ex23 
Ex-LE-6 dannangxue PaM or ZP152 M-LE-23 
Ex-LE-7 lanweixue PaM or ZP142 M-LE-13 Ex22 
Ex-LE-8 neihuaijian PaM or ZP146 M-LE-17 
Ex-LE-9 waihuaijian PaM or ZP151 M-LE-22 
Ex-LE-10 bafeng PaM or ZP137 M-LE-8 Ex19 
Ex-LE-11 duyin M-LE 
Ex-LE-12 giduan M-LE-6 

[Further extra points 
Ex-LE huanzhong PaM or ZP84 M-BW-34 Ex20 
Ex-LE sigiang NP94 N-LE-19 
Ex-LE lineiting PaM or ZP130 M-LE-1 
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6.5 Extra Points: Lower Extremities (EX-LE) 


Hip Bone KUANGU [BSE 
Location 


A pair of points 2 cun superior to the patella and 1.5 cun lateral 
and medial to + ST-34 (liangqiu). 


How to find 

First, locate + ST-34: measure 2 cun superiorly from the lateral 
upper border of the patella and there locate + ST-34 in a depres- 
sion on the vastus lateralis muscle. Then locate Ex-LE-1 1.5 cun 
lateral and medial to + ST-34. 


Needling 
Vertically 1-1.5 cun 


Actions/Indications 
e Alleviate pain 
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6 Extra Points 


DESEED)  crane’s Summit HEDING/XIDING 


Location 
In the centre of the upper border of the patella. 


How to find 

This point is best located and needled with the patient’s knee 
slightly flexed (knee support). Locate the midpoint of the upper 
patellar border and there locate Ex-LE-2 (heding). 


Needling 
Vertically 0.5-0.8 cun 


Actions/Indications 
e Benefits the knee joint 
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One of the earliest Frame Antennas 


The Frame Aerial can be as large as 100cm x 100cm or as small as 10cm x 10cm around a 
plastic chocolate box. 


Here are two FRAME ANTENNAS: 





This will work just as good as a ferrite slab antenna. The slab antenna is just 100 times smaller. 
The slab antenna was invented so a transistor radio could be built in a small case. But if it is not 
available, you can wind 20 turns around a plastic chocolate box and it will work just as good. 


Alternately you can wind 20 turns around a biscuit tin. Put a pencil on the tin and wind the turns 
over the pencil too. Remove the pencil and it will be easy to remove the turns. Use tape to keep 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 10/24 
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6.5 Extra Points: Lower Extremities (EX-LE) 


Hundred Insect Burrow BAICHONGWO | Ex-LE-3 | 


Location 

3 cun superior and | cun medial to the upper medial border of 
the patella, in a small depression on the vastus medialis muscle 
or | cun superior to > SP-10. 


How to find 

The patient should be in a supine or preferably in a seated posi- 
tion, with their knee flexed. Locate the upper medial border of 
the patella and, from there, measure 3 cun (1 handsbreadth) 
towards proximal. There, locate Ex-LE-3 in a small depression 
on the vastus lateralis muscle. 


Needling 
Vertically 1-2 cun 


Actions/Indications 
e Cools Blood-Heat, eliminates Wind, drains Dampness 





2cun 
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6 Extra Points 


)EX-LE-4 | Inner Eye of the Knee NEIX!IYAN 


Location 
With the knee flexed, inferior to the patella, in a depression 
medial to the patellar ligament. 


How to find 

This point is best located with the patient’s knee flexed (use knee 
support). The medial eye of the knee can be located in a distinct 
depression on the level of the lower border of the patella, medial 
to the patellar ligament. The lateral eye of the knee corresponds 
to — ST-35 (dubi). Together, these two points form the extra 
point ~ Ex-LE-5 (xiyan). 


Needling 
0.5-1 cun vertically or obliquely towards the lateral eye of the 
knee. Caution: Knee joint. 


Actions/Indications 
e Disorders of the knee joint 


Special features 
Important local point 
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6.5 Extra Points: Lower Extremities (EX-LE) 


Eyes of the Knee X!IYAN | EX-LE-5 | 


Location 

With the knee flexed, this pair of points is located inferior to the 
patella, medial and lateral to the patellar ligament. Ex-LE-5 
(xiyan) includes two points: the medial eye of the knee corre- 
sponds to ~ Ex-LE-4 (neixiyan), the lateral eye of the knee to 
ST-35 (dubi). 


How to find 

This point is best located with the patient’s knee flexed (use knee 
support). The eyes of the knee can be located on the level of the 
lower border of the patella, lateral and medial to the patellar 
ligament. The lateral eye of the knee corresponds to + ST-35 
(dubi), the medial eye of the knee to — Ex-LE-4 (neixiyan). 
Together, these two points form the extra point Ex-LE-5 (xiyan). 


Needling 

Medial eye of the knee: 0.5—1 cun vertically or obliquely towards 
the lateral eye of the knee; lateral eye of the knee: 0.5—1 cun ver- 
tically or obliquely towards the medial eye of the knee. Caution: 
Do not needle too deeply to avoid intra-articular puncture (these 
points correspond to the incision sites for knee arthroscopy). 


Actions/Indications 
e Eliminate Wind-Dampness, reduce swellings and alleviate pain 


Special features 
Important local points for disorders of the knee 
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6 Extra Points 
SST call Bladder Point DANNANG/DANNANGXUE/DANNANGDIAN 


Location 
On the G.B. channel of the right leg, approximately 1-2 cun dis- 
tal to + G.B.-34, palpate for the most tender point. 


How to find 

First, locate ~ G.B.-34 on the right leg: locate the head of the 
fibula on the lateral aspect of the leg (where the seam of the 
trousers would be) and hold it with the index and middle fingers 
(as with tweezers). By gliding distally with both fingers, the 
index finger will come to rest in a depression directly inferior 
and anterior to the head of the fibula (~ G.B.-34). From there, 
continue to palpate slowly along the G.B. channel, until you find the 
most tender point approximately 1-2 cun inferior to > G.B.-34. 
This is the location of Ex-LE-6 (dannangxue). 


Needling 
Vertically 1-1.5 cun 


Actions/Indications 

e Clears Heat and drains Dampness for acute and chronic disor- 
ders of the Gall Blader such as cholecystitis and cholelithiasis 
(tenderness on this point is diagnostically significant). 


























Ch06b-F10028.qxd 2/22/08 10:05 PM Page 609 ch 





6.5 Extra Points: Lower Extremities (EX-LE) 


Appendix Point LANWEI/LANWEIXUE Ex-LE-7 


Location 
On the ST channel of the right leg, the most tender point approx- 
imately 2 cun distal to + ST-36. 


How to find 

Locate this point on the right leg only (this corresponds to the 
unilateral location of the appendix on the abdomen). First, locate 
— ST-36 3 cun inferior to the knee joint space (7 ST-35) and 
1 cun lateral to the anterior crest of the tibia. Then continue to 
palpate along the ST channel for approximately 2 cun (towards 
— ST-37, 3 cun inferior to — ST-36) and locate Ex-LE-7 
(lanweixue) on the most tender point. 


Needling 
Vertically 1-1.5 cun 


Actions/Indications 
e Activates the Qi and Blood flow in the Large Intestine, clears 
Heat and Heat toxins from the Large Intestine 
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6 Extra Points 


ESE) Medial Malleolus Tip NEIHUAIIAN 











Location 
On the highest point of the medial malleolus. 


How to find 

Find the highest prominence of the medial malleolus and there 
locate Ex-LE-8 (neihuaijian). Located in a comparable position 
but on the lateral malleolus is ~ Ex-LE-9 (waihuaijian). 


Needling 


0.1 cun transversely (subcutaneously) or prick to bleed. 


Actions/Indications 
e Pain in the medial ankle region 
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6.5 Extra Points: Lower Extremities (EX-LE) 


Outer Malleolus Tip WAIHUAUIAN [BS EEI 


Location 
On the highest prominence of the lateral malleolus 


How to find 

Find the highest prominence of the lateral malleolus and there 
locate Ex-LE-9 (waihuaijian). Located in a comparable position 
but on the medial malleolus is ~ Ex-LE-8 (neihuaijian). 





Needling 
Highest prominence 0.1 cun transversely (subcutaneously) or prick to bleed. 


of the lateral malleolus _ 





Actions/Indications 
e Pain in the lateral ankle region 
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6 Extra Points 


DSSESD tight winds BAFENG 


Location 
Eight points located on the dorsum of the foot, slightly proximal 
to the margins of the interdigital webs. 


How to find 

Locate the points of Ex-LE-10 (bafeng) on the dorsum of the foot, 
proximal to the margins of the webs between the toes, on the bor- 
der of the red and white skin. + LIV-2 (xingjian), + ST-44 (neit- 
ing) and > G.B.-43 (xiabai) are all part of the bafeng points. 
The extra points > Ex-UE-9 (baxie) are located in a comparable 
position on the dorsum of the hand, proximal to the margins of the 
webs between the fingers (— T.B.-2 is part of the ~ Ex-UE-9). 


Needling 


0.3-1 cun obliquely in a proximal direction or prick to bleed. 


Actions/Indications 
e Clears Heat and reduces swelling 
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6.5 Extra Points: Lower Extremities (EX-LE) 


Solitary Yin DUYIN JESEST 
Location 


On the plantar aspect of the 2nd toe, at the midpoint of the trans- 
verse crease of the distal interphalangeal joint. 


How to find 

Locate the plantar aspect of the 2nd toe. There, locate Ex-LE-11 
(duyin) at the midpoint of the transverse crease of the distal 
interphalangeal joint. 


Needling 
0.2-0.3 cun vertically or transversely (subcutaneously) or prick 
to bleed or moxibustion. 


Actions/Indications 

e Acute angina, thoracic and hypochondriac pain, nausea, vom- 
iting, retention of the lochia, irregular menstruation, inguinal 
hernia 
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6 Extra Points 


SSTSP A end of Qi QIDUAN 


Location 
On the tips of the 10 toes. 





Ex-LE-12 





How to find 

Locate the points of Ex-LE-12 (giduan) on the tips of the 10 
toes, 0.1 cun from the free margin of the nail. 

The points of ~ Ex-UE-11 (shixuan) are located in a compara- 
ble position on the hand, on the tips of the 10 fingers. 


Needling 
Prick to bleed 


Actions/Indications 
e Syncope, oedema of the feet, acute abdominal pain 




















1/28/2018 Crystal Set 
the turns together. 


The FRAME AERIAL does two things. It picks up the radio waves and it becomes the coil (called 
the INDUCTOR) in the TUNED CIRCUIT. It must be placed away from metal objects, such as a 
refrigerator. 


BASKET WEAVE COIL 


There is no point making a complex BASKET WEAVE COIL as it will not work any better than 
simply jumble winding all the turns at the maximum circumference of the coil, because the energy 
capturing capability of the coil relies entirely on the amount of flux lines passing through the centre 
of the coil. 

By increasing the centre of the coil, the amount of flux is increased for the same coil size. 

In fact, the simplest and cheapest is to wind turns around a box, as explained later in this article, 
or make a frame antenna as shown above. Technically speaking, a round coil has the best 
performance but only by a few percent. 





A BASKET WEAVE COIL 
THE VARIABLE INDUCTANCE TUNING COIL 


Whenever the size or shape of the coil is changed, (or the number of turns), the natural frequency 
of the Tuned Circuit will change and a different radio station will be picked up. 

This means tuning across the band can be done by altering the characteristics of the coil while 
keeping the value of the capacitor fixed. 

Changing the inductance can be done in many different ways. 

The coil can have taps every 5 turns and an alligator clips selects the correct tap. But very few 
radio stations will correspond exactly to each tap. 

Another way is to have a slider move up and down the turns as shown in the following image: 





The slider makes contact where the insulation has been removed. But it may touch two turns at 
the same time and create a "shorted turn" and reduce the "Q" of the coil. 


Another way is to move a ferrite bar (rod) in and out of the coil: 


THE SLUG TUNED COIL 


To tune across the radio band, the natural frequency of oscillation of the TUNED CIRCUIT must 
be adjusted (changed). This can be done by changing the value of the capacitor or the value of 
the inductor. 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 11/24 
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6.5 Extra Points: Lower Extremities (EX-LE) 


Circle Centre HUANZHONG [SESE 


Location 
Midway between — G.B.-30 (huantiao) and > Du-2 (yaoshu). 


How to find 

First, locate + G.B.-30: divide the distance between the promi- 
nence of the greater trochanter and the sacral hiatus into thirds 
(— 3.4.4) and locate — G.B.-30 a third of the distance from the 
greater trochanter. Then locate + Du-2 directly below the sacral 
hiatus. Next, locate Ex-LE (huanzhong) midway between these 
two points. 


Needling 
Vertically 2—2.5 cun 


Actions/Indications 
e Sciatica, urinary tract infection, haemorrhoids, paralysis of 
the lower extremities 


Special features 
e This point is not part of the WHO classification of extra points. 





























Ch06b-F10028.qxd 2/22/08 10:05 PM Page 616 





6 Extra Points 


| EX-LE Four Muscles Strengthening Point SiQIANG 


Location 
4.5 cun superior to the centre of the upper patellar border. 


How to find 

Find the centre of the upper patellar border. From there, measure 
4.5 cun (1 handbreadth and 2 fingerbreadths) in a superior direc- 
tion. Or: The distance between the upper border of the pubic sym- 
physis and the upper border of the patella is 18 cun (— 2.2). Divide 
this distance into quarters (spreading hands technique, elastic tape 
— Chapter 2) and Ex-LE (sigiang) is located on the centre of the 
thigh, one quarter of the distance from the upper patellar border. 


Needling 
Vertically 1-2 cun 


Actions/Indications 
e Paralysis and atrophy of the muscles of the lower extremities, 
especially of the quadriceps femoris muscle 





Special features 

‘Four muscles’ refers to the four portions of the quadriceps 
femoris muscle. This point is not part of the WHO classification 
of extra points. 
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6.5 Extra Points: Lower Extremities (EX-LE) 


Plantar Inner Space LINEITING | EXLE | 


Location 
On the plantar aspect of the foot, between the 2nd and 3rd 
metatarsal bones, opposite + ST-44 (neiting). 


How to find 

Locate the space between the 2nd and 3rd toes on the plantar 
aspect of the foot. The extra point lineiting lies opposite > ST-44 
(on the dorsal aspect of the foot, proximal to the margin of the 
web between the 2nd and 3rd toe). 


Needling 
0.2-0.3 cun vertically towards + ST-44. Caution: Painful point. 





Actions/Indications 
e Acute epigastric pain, local pain, epilepsy, restlessness 


Special features 
This point is not part of the WHO classification of extra points. 
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7 Important Points According to Region 


Claudia Focks 


7.1 Anterior Aspect of the Head 






Du-23 (shangxing) ‘Upper Star’ On the midline, 1 cun 
superior to the anterior hairline 


ST-8 (touwei) ‘Head's Binding’ At the temporal corner of 
the forehead, on the border of the temporalis muscle and 
0.5 cun within the anterior hair line or 4.5 cun lateral to the 
anterior midline (Du-24) 








the anterior hairline and 3 cun lateral to the midline, on the line 
between Du-24 and ST-8 (= 4.5 cun) at the junction of the 
lateral and medial third 





G.B.-15 (toulingi) ‘Head Governor of Tears’ On the pupil 
line when looking straight ahead, 0.5 cun superior to the 
anterior hairline, at the midpoint of the line between Du-24 
and ST-8 (= 4.5 cun) 





BL-5 (wuchu) ‘Fifth Place’ 1 cun superior to the anterior 
hairline and 1.5 cun lateral to the midline (directly above BL-4, 
level with Du-23) 
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7 Important Points According to Region 














eS ee 
8 cpiah gbl-4) Du-24 | 
Rec cane tan ccc dg Corres je wanecnepecenscenes 7 Du-24 (chanting) ecaree = < Er .. rm a 


0.5 cun superior to the anterior hairline 





G.B.-14 (yangbai) ‘Yang White’ When looking straight 
ahead on the pupil line, approximately 1 cun superior to the 
midpoint of the eyebrow (centre of the eyebrow to anterior 
hairline = 3 cun) 












Bee eh 


iameeelly 





Ex-HN-4 (yuyao) ‘Fish Waist’ In the centre of the eyebrow, 
with the eyes looking straight ahead directly above the pupil 








T.B.-23 (sizhukong) ‘Silken Bamboo Hollow’ In the 
depression (frontozygomatic suture) at the lateral end of the 
eyebrow 





BL-4 (qucha) ‘Crooked Curve’ 0.5 cun superior to the 
anterior hairline and 1.5 cun lateral to the midline, or one third 
of the distance between Du-24 and ST-8 (= 4.5 cun) 





BL-2 (zanzhu) ‘Gathered Bamboo’ In a depression at the 
medial end of the eyebrow, directly superior to the inner 
canthus of the eye 





BL-3 (meichong) ‘Eyebrows’ Pouring’ 0.5 cun within the F 
anterior hairline, superior to the medial canthus of the me 
eye (BL-1) 





Ex-HN-3 (yintang) ‘Hall of Impression’ On the anterior 
midline between the eyebrows 
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7.1 Anterior Aspect of the Head 





BL-1 (jingming) ‘Bright Eyes’ 0.1 cun superior to the inner Ex-HN-8 (shangyingxiang or bitong) ‘Upper Yingxiang’ or 

canthus of the eye, where spectacles tend to rest ‘Free Nose’ At the upper end of the nasolabial groove, at the 
junction of the maxilla and the nasal cavity (at the border 
between the nasal bone and cartilage) 





G.B.-1 (tongziliao) ‘Pupil Crevice’ 0.5 cun lateral to the 

outer canthus of the eye ST-7 (xiaguan) ‘Below the Joint’ With the mouth closed in 
the depression of the mandibular incisure, between the 
coronoid and condyloid process of the mandible 





Ex-HN-7 (qiuhou) ‘Behind the Ball’ On the lower border of 
the orbit, at the junction of the lateral quarter and the medial with the mouth open in the depression at the level of the 
three-quarters of the orbital margin intertragic notch, on the lower border of the condyloid process 


— of the mandible. 





Orbital m 





ST-1 (chengqi) ‘Container of Tears’ With the eyes looking 


straight forward, directly below the centre of the pupil, : ; : 
between the eyeball and the infraorbital ridge S.1.-18 (quanliao) ‘Cheek Bone Crevice’ |n a depression at 


the intersection of a vertical line through the outer canthus of 
the eye with the lower border of the zygomatic bone 





Orbit 
margii 





ST-2 (sibai) ‘Four Whites’ When looking straight ahead, 
directly below the centre of the pupil, in the depression at the 
infraorbital foramen 





> 


ST-3 (juliao) ‘Great Crevice’ When looking straight ahead, 
directly below the centre of the pupil, level with of lower border 
of the ala nasi. 
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7 Important Points According to Region 





Du-26 (renzhong or shuigou) ‘Man’s Middle’ Below the 
nose, on the midline, at the junction of the upper and middle 
third of the philtrum 





ST-4 (dicang) ‘Earth Granary’ When looking straight ahead 
on the pupil line, approximately 0.4 cun lateral to the corner of 
the mouth 





ST-5 (daying) ‘Great Welcome’ On the lateral mandible, 
anterior to the masseter (ask the patient to clench the teeth); a 
branch of the facial artery is palpable here 


jiachengjiang 





Ex-HN (jiachengjiang) ‘Adjacent to Container of Fluids’ 
At the same level and 1 cun lateral to Ren-24 (chengjiang) 





L.1.-20 (yingxiang) ‘Welcome Fragrance’ In the nasolabial 
groove, at the level of the midpoint of the lateral border of the 
ala nasi. 





Ren-24 (chengjiang) ‘Container of Fluids’ On the midline, 
in the mentolabial groove below the lower lip 





L.I.-19 (kouheliao) ‘Mouth Grain Crevice’ Directly inferior 
to the lateral margin of the nostril, level with Du-26, which is 
located slightly superior to the midpoint of the philtrum 
(meeting point of the L.I. channel) 
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7.2 Head and Lateral Aspect of 
the Neck 












aT Sin é 





20 


~ Ex-HN 
(anmian) 





G.B.-18 (chengling) ‘Support Spirit’ 4 cun superior to the 
anterior hairline or 1 cun anterior to Du-20, on the line 
connecting G.B.-15 and G.B.-20, or 2.25 cun lateral to the 
midline (midpoint of the line connecting ST-8 and Du-24) 


Psi _ Sa 
G.B.-13 (benshen) ‘Root of the Spirit’ 0.5 cun superior to 
the anterior hairline and 3 cun lateral to the midline, on the line 


between Du-24 and ST-8 (= 4.5 cun) at the junction of the 
lateral and medial third 





7.2 Head and Lateral Aspect of the Neck 








ST-8 (touwei) ‘Head's Binding’ At the temporal corner of 
the forehead, on the border of the temporalis muscle and 0.5 
cun within the anterior hair line or 4.5 cun lateral to the 
anterior midline (Du-24) 


G.B.-14 (yangbai) ‘Yang White’ When looking straight 
ahead on the pupil line, approximately 1 cun superior to the 
midpoint of the eyebrow (centre of the eyebrow to the anterior 
hairline = 3 cun) 


G.B.-8 (shuaigu) ‘Leading Valley’ 1.5 cun directly superior 
to the apex of the ear 





with the apex ia . 
G.B.-9 (tianchong) ‘Heavenly Rushing’ 1.5 cun superior and 


0.5 cun posterior to the apex of the ear or 0.5 cun posterior to 
G.B.-8 





T.B.-20 (jiaosun) ‘Minute Angle’ Directly superior to the 
apex of the ear 
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7 Important Points According to Region 


624 







‘0 


~ Ex-HN 
(anmian) 





T.B.-23 (sizhukong) ‘Silken Bamboo Hollow’ In the 
depression (frontozygomatic suture) at the lateral end of the 
eyebrow 





G.B.-10 (fubai) ‘Floating White’ At the junction of the 
upper third with the lower two-thirds of the curved line 
connecting G.B.-9 and G.B.-12 





Ex-HN-5 (taiyang) ‘Supreme Yang’ In the depression 
approximately 1 cun posterior to the midpoint between the 
lateral end of the eyebrow and the outer canthus of the eye 





G.B.-1 (tongziliao) ‘Pupil Crevice’ 0.5 cun lateral to the 
outer canthus of the eye 





G.B.-3 (shangguan) ‘Above the Joint’ |n a depression on 
the upper border of the zygomatic arch, approximately 1 cun 
anterior to the root of the ear, directly superior to ST-7 (lower 
border of the zygomatic arch) 










are insertion 
‘mouth TBe21 
IS ae ppt e 


S.1-19 2 ey 


T.B.-21 (ermen) ‘Ear Gate’ Anterior to the ear, with the 
mouth open in the depression at the level of the supratragic 
notch, slightly superior to the condyloid process of the 
mandible 








Approximately 
— level with the ~~~ 
helix root 





G.B.-11 (tougiaoyin) ‘Yin Portals of the Head’ At the 
junction of the lower third with the upper two-thirds of the 
curved line connecting G.B.-9 and G.B.-12 





S.1.-19 (tinggong) ‘Palace of Hearing’ Anterior to the ear 

with the mouth open, at the level of the middle of the tragus, 
in a depression between the tragus and condyloid process of 

the mandible 





* According to Deadman et al 1998. 
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7.2 Head and Lateral Aspect of the Neck 









Ex-HN (anmian) ‘Peaceful Sleep’ Posterior to the ear, 
ST-7 (xiaguan) ‘Below the Joint’ With the mouth closed in midway between T.B.-17 and G.B.-20, posterior to the 
the depression of the mandibular notch, between the coronoid mastoid process 

and condyloid process of the mandible 







ower border 
of the occiput 


Sternocleido- 


° mastoid 
oe mt eat 
G.B.-2 (tinghui) ‘Meeting of Hearing’ Anterior to the ear G.B.-20 (fengchi) ‘Wind Pool’ On the lower border of the 
with the mouth open, in the depression at the level of the occipital bone, in the depression between the origins of the 
intertragic notch, on the lower border of the condyloid process sternocleidomastoid and trapezius 


of the mandible 





G.B.-12 (wangu) ‘Mastoid Process’ |n a depression posterior 
and inferior to the mastoid process 





S.1.-18 (quanliao) ‘Cheek Bone Crevice’ |n a depression at 
the intersection of a vertical line through the outer canthus of 
the eye with the lower border of the zygomatic bone 





ST-6 (jiache) ‘Jaw Bone’ With the teeth clenched, on the 
highest prominence of the masseter, approximately one 
fingerbreadth anterior and superior to the mandibular angle 





depression behind the earlobe, between the mastoid process 
and the mandible 





a "o> 
f 1 
rie i 
: DvD. 4 
Sar: NING 
a 4 - 5 => 


Ex-HN-14 (yiming) ‘Eye Brightening’ On the occiput, 1 cun ST-5 (daying) ‘Great Welcome’ On the lateral mandible, 
posterior to T.B.-17, on a line connecting T.B.-17 and G.B.-20 anterior to the masseter (ask the patient to clench the teeth); a 
branch of the facial artery is palpable here 
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The value of the inductor can be changed by adding or removing turns or changing the amount of 
magnetic material in the centre of the coil. 

A ferrite bar can be screwed in and out of the coil or slid in and out and this component is called a 
SLUG TUNED COIL. 

The following diagram shows a SLUG TUNED CRYSTAL SET: 





120 turns 





0 
i,j Earphone 


By changing the value of the 100p capacitor, different parts of the band can be picked up. 


The photo shows a slug tuned coil using 60 turns of insulated wire on a 10mm tube (or any tube 
that will fit over a 8-10mm ferrite rod) and a circuit containing an AM radio chip plus a buffer driver 
transistor: 


. x « 
TA?642 C3 
f ee” 4 oe 


A SLUG-TUNED RADIO 





The circuit above is has a broad-band amplifier consisting of 10 transistors (IC1) and they are 
directly coupled (connected) to each other because it is not possible to "manufacture" a capacitor 
inside the IC. The IC has 3 terminals (pins, legs) and it looks like an ordinary transistor. 
Experimenting with this type of IC has shown that it is no better than 2 ordinary transistors 
connected in a direct-coupling arrangement. 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 12/24 
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7 Important Points According to Region 


~~ Ex-HN 
(anmian) 











S.1.-17 (tianrong) ‘Heavenly Appearance’ Level with and 
posterior to the mandibular angle, on the anterior border of the 
sternocleidomastoid 






Jomastoid 


T.B.-16 (tianyou) ‘Window of Heaven’ posterior and 
inferior to the mastoid process, on the posterior border of the 
sternocleidomastoid, directly level with the mandibular angle 
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Ren-23 (lianquan) ‘Corner Spring’ On the anterior midline, 
superior to the upper border of the hyoid bone 


Laryngeal ~~ 
prominence 


ST-9 (renying) Man's Welcome’ Approximately 1.5 cun 
lateral to the anterior midline, level with the laryngeal 
prominence, at the anterior border of the sternocleidomastoid 






Laryngeal” 
prominence 


L.1.-18 (futu) ‘Support the Prominence’ At the level of the 
laryngeal prominence, between the sternal and clavicular heads 
of the sternocleidomastoid muscle 







Laryngeal _---*~ 
prominence 


_ ie 


S.1.-16 (tianchuang) ‘Heavenly Window’ Approximately 
3.5 cun lateral to the anterior midline, level with the laryngeal 
prominence, on the posterior border of the sternocleidomastoid 





a= 
or 


Laryngeal | 














ST-10 (shuitu) ‘Water Prominence’ On the anterior border 
of the sternocleidomastoid, at the midpoint of a line connecting 
ST-9 and ST-11 
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7.3 Occipital region 






7.3 Occipital Region 


Laryngeal _--~ 
prominence 






L.1.-17 (tianding) ‘Heaven's Tripod’ 1 cun inferior to the 
laryngeal prominence, on the posterior border of the 
sternocleidomastoid 





ST-11 (qishe) ‘Abode of Qi’ On the upper border of the 
clavicle, between the tendons of the sternal and clavicular 
heads of the sternocleidomastoid 





ST-12 (quepen) ‘Empty Basin’ In the supraclavicular fossa, 
superior to the midpoint of the clavicle, approximately 4 cun 
lateral to the midline 








Du-20 (baihui) ‘Hundred Meetings’ At the junction of a line 
connecting the apices of the ears and the midline, 5 cun from 
the anterior or 7 cun from the posterior hairline respectively 





BL-8 (Juoque) ‘Declining Connection’ 1.5 cun lateral to the 
midline and 5.5 cun superior to the anterior hairline, or 0.5 cun 
posterior to Du-20 
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7 Important Points According to Region 







External 
occipital 
protubera 


G.B.-19 (naokong) ‘Brain Hollow’ Level with the upper 
border of the external occipital protuberance (Du-17), on the 
line connecting G.B.-15 and G.B.-20, and 2.25 cun lateral to 
the midline 








External 
occipital 
protubera 


BL-9 (yuzhen) ‘Jade Pillow’ 2.5 cun superior to the posterior 
hairline and 1.3 cun lateral to the midline or Du-17 (directly 
superior to the external occipital protuberance) 


External 
occipital 
protubera 





Du-17 (naohu) ‘Brain's Door’ On the midline, in a 
depression superior to the external occipital protuberance, 
approximately 2.5 cun superior to the posterior hairline, 
1.5 cun superior to Du-16 






Du-19 (houding) ‘Behind the Crown’ On the midline, 
1.5 cun posterior to Du-20 or 3 cun superior to Du-17 


Mastoid |-~~ 
* _ Process 





G.B.-12 (wangu) ‘Mastoid Process’ |n a depression posterior 
Ex and inferior to the mastoid process 
occ 
protuber. 












Du-18 (qiangjian) ‘Unyielding Space’ On the posterior 


a ‘i : Occiput - 
midline, 1.5 cun superior to Du-17 or 3 cun posterior to Du-20 


ower border 
of the occiput 


Sternocleido- 
~ mastoid 


G.B.-20 (fengchi) ‘Wind Pool’ On the lower border of the 
occipital bone, in the depression between the origins of the 
sternocleidomastoid and trapezius 





G.B.-8 (shuaigu) ‘Leading Valley’ 1.5 cun directly superior 
to the apex of the ear 
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7.4 Vertex 
rnal 7.4 Ve rtex 
pital 
. tuberance 
Occiput - 
wer border 
of the occiput 
Du-16 (fengfu) ‘Palace of Wind’ On the posterior midline, 
directly below the external occipital protuberance, in the 
depression between the origins of the trapezius 
Occiput - er border 
the occiput 
Sternocleido- 
Axis ~ ~. mastoid ; 
BL-10 (tianzhu) ‘Celestial Pillar’ Below the lower border of 
the occiput, approximately 1.3 cun lateral to the midline 
(Du-15), at the insertion of the trapezius 
Occiput - er border 
of the occiput 
Axis ~ Sternocleido- 
mastoid 
Du-15 (yamen) ‘Gate of Muteness’ On the posterior 
midline, in the depression between the 1st (atlas) and 2nd 
cervical vertebrae (axis = first palpable spinous process), 
approximately 0.5 cun below Du-16 
BL-8 (Juoque) ‘Declining Connection’ 1.5 cun lateral to the 
midline and 5.5 cun superior to the anterior hairline, or 0.5 cun 
G.B.-21 (jianjing) ‘Shoulder Well’ At the highest point of poseierte Buz 
the shoulder, midway between the lower border of the spinous 
process of C7 and the lateral extremity of the acromion 
Base of the 
/scapular spine 
f Du-20 (baihui) ‘Hundred Meetings’ At the junction of a line 
connecting the apices of the ears and the midline, 5 cun from 
the anterior or 7 cun from the posterior hairline respectively 
Du-14 (dazhui) ‘Great Vertebra’ Below the spinous 
process of C7 
629 
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7 Important Points According to Region 





G.B.-17 (zhengying) ‘Upright Nutrition’ 2.5 cun superior to 
the anterior hairline, on the pupil line, on the line connecting 
G.B.-15 and G.B.-20 (= 2.25 cun lateral to the midline or 
midway between Du-23 and ST-8) 





BL-6 (chengguang) ‘Receiving Light’ 2.5 cun superior to 
the anterior hairline and 1.5 cun lateral to the midline, or one- 
third of the distance between Du-24 and ST-8 





Du-22 (xinhui) ‘Fontanelle Meeting’ On the midline, 2 cun 
superior to the anterior hairline or 3 cun anterior to Du-20 





G.B.-18 (chengling) ‘Support Spirit’ 4 cun superior to the 
anterior hairline or 1 cun anterior to Du-20, on the line 
connecting G.B.-15 with G.B.-20, or 2.25 cun lateral to the 
midline (midpoint of the line connecting ST-8 and Du-24) 





G.B.-16 (muchuang) ‘Window of the Eye’ 1.5 cun superior 
to the anterior hairline, on the pupil line, on the line connecting 
BL-7 (tongtian) ‘Heavenly Connection’ 1.5 cun lateral to G.B.-15 and G.B.-20 (= 2.25 cun lateral to the midline or 

the midline and 4 cun superior to the anterior hairline or 1 cun midway between Du-24 and ST-8) 

anterior to Du-20 








BL-5 (wuchu) ‘Fifth Place’ 1 cun superior to the anterior 
hairline and 1.5 cun lateral to the midline (directly above BL-4, 


Du-21 (qianding) ‘In Front of the Crown’ On the midline, 
1.5 cun anterior to Du-20 or 3.5 cun above the anterior level with Du-23) 
hairline 
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7.4 Vertex 





Du-23 (shangxing) ‘Upper Star’ On the midline, 1 cun BL-3 (meichong) ‘Eyebrows’ Pouring’ 0.5 cun within the 


superior to the anterior hairline anterior hairline, superior to the medial canthus of the 
eye (BL-1) 





G.B.-15 (toulingi) ‘Head Governor of Tears’ On the pupil , . _ 
line when looking straight ahead, 0.5 cun superior to the Du-24 (shenting) ‘Courtyard of the Spirit’ On the midline, 


anterior hairline, at the midpoint of the line between Du-24 0.5 cun superior to the anterior hairline 
and ST-8 (= 4.5 cun) 





BL-4 (qucha) ‘Crooked Curve’ 0.5 cun superior to the 
“a anterior hairline and 1.5 cun lateral to the midline, or one-third 
of the distance between Du-24 and ST-8 (= 4.5 cun) 
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7 Important Points According to Region 


~~ 
u 
S 
ca 
wf 
N 





-- 








-- 
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Vertebra 


Below the 
spinous process 
or in the sacral 


0.5 cun lateral to the 
midline, level with the lower 
border of the spinous 


1.5 cun lateral to the 
midline, level with the 
lower border of the spinous 


3 cun lateral to the midline, 
level with the lower border of 
the spinous process or sacral 




































































foramen process or sacral foramen process or sacral foramen foramen 

C7 Du-14 Ex-B-1 (dingchuan) 2 cun lateral 3.5 cun lateral 

S.L-15 Ex-B (jiehexue) 
Tl Du-13 A point of Ex-B-2 (huatuojiaji) | BL-11 S.1.-14 
T2 A point of Ex-B-2 (huatuojiaji) | BL-12 BL-41 
T3 Du-12 A point of Ex-B-2 (huatuojiaji) | BL-13 BL-42 
T4 A point of Ex-B-2 (huatuojiaji) | BL-14 BL-43 
TS Du-11 A point of Ex-B-2 (huatuojiaji) | BL-15 BL-44 
T6 Du-10 A point of Ex-B-2 (huatuojiaji) | BL-16 BL-45 
T7 Du-9 A point of Ex-B-2 (huatuojiaji) | BL-17 BL-46 
T8 A point of Ex-B-2 (huatuojiaji) | Ex-B-3 (weiwanxiashu) 
T9 Du-8 A point of Ex-B-2 (huatuojiaji) | BL-18 BL-47 
T10 Du-7 A point of Ex-B-2 (huatuojiaji) | BL-19 BL-48 
Tl Du-6 A point of Ex-B-2 (huatuojiaji) | BL-20 BL-49 
T12 A point of Ex-B-2 (huatuojiaji) | BL-21 BL-50 
Ll Du-5 A point of Ex-B-2 (huatuojiaji) | BL-22 BL-51/ Ex-B-4 (3.5 cun lateral) 
L2 Du-4 A point of Ex-B-2 (huatuojiaji) | BL-23 BL-52 
L3 Ex-B-5 (xiajishu) | A point of Ex-B-2 (huatuojiaji) | BL-24 Ex-B-5 (according to WHO a set 

of 3 points) 
L4 Du-3 A point of Ex-B-2 (huatuojiaji) | BL-25 Ex-B-6/Ex-B-7 (3.5 cun lateral) 
L5 Ex-B-8 A point of Ex-B-2 (huatuojiaji) | BL-26 
Ist sacral foramen BL-31 BL 27 
2nd sacral foramen BL-32 BL 28 BL-53 
3rd sacral foramen BL-33 BL 29 
Ath sacral foramen BL-34 BL 30 BL-54/Ex-B-11 
(3.5 cun lateral) 
Sacral hiatus Du- 2 
BL-35 (0.5 cun lateral 
and inferior to Du-2) 

Between the coccyx Du-1 


and the anus 




















7.5 Back 
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7 Important Points According to Region 


7.6 Frontal and Lateral Thorax 


and Abdomen 
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7.6 Frontal and Lateral Thorax and Abdomen 

































































Anatomical level Ren Mai (midline) KID channel (2 cun ST channel (4 cun Other (6 cun lateral 

lateral to the midline) lateral to the midline) to the midline) 

Below the clavicle = Ren-21 KID-27 ST-13 LU-2 

1st ICS Ren-20 KID-26 ST-14 LU-1 

2nd ICS Ren-19 KID-25 ST-15 SP-20 

3rd ICS Ren-18 KID-24 ST-16 SP-19 

4th ICS Ren-17 KID-23 ST-17 (nipple) SP-18/P-1 (1 cun lateral to the 
nipple)/G.B.-22 (3 cun inferior to 
the apex of the axilla)/G.B.-23 
(1 cun anterior to G.B.-22) 

5th ICS Ren 16 KID-22 ST-18 SP-17 

Anatomical level Ren mai (midline) KID-channel (0.5 cun ST channel (2 cun Other (4 cun lateral 

lateral to the midline) | lateral to the midline) to the midline) 

6 cun superior/6th ICS_ | Ren-14 KID-21 ST-19 LIV-14 (6th ICS) 

5 cun superior/7th ICS Ren-13 KID-20 ST-20 G.B.-24 (7th ICS) 

4 cun superior Ren-12 KID-19 ST-21 

3 cun superior Ren-11 KID-18 ST-22 SP-16 

2 cun superior Ren-10 KID-17 ST-23 Ex-CA (weishang) 

1 cun superior Ren-9 ST-24 ~ LIV-13 (free end of the 
11th rib) 

Level of umbilicus Ren-8 KID-16 ST-25 SP-15, G.B.-26 (inferior to the 
free end of the 12th rib, level 
with the umbilicus) 

1 cun inferior Ren-7 KID-15 ST-26 

(1.5 cun inferior) Ren-6 

2 cun inferior Ren-5 KID-14 ST-27 

(2.5 cun inferior) Ex-CA (zhishi) 

3 cun inferior Ren-4 KID-13 ST-28 Ex-CA (tituo)/Ex-CA (qimen)/ 
Ex-CA (jijing)/(4/3/1 cun lateral 
to the midline)/~ G.B.-27 
(anterior and medical to the 
ASIS — 3) 

4 cun inferior Ren-3 KID-12 ST-29 Ex-CA (zigong), 3 cun lateral 
to the midline 

5 cun inferior Ren-2 KID-11 ST-30 SP-12 (3.5 cun lateral to the 


symphysis 














midline) 








Note: The intercostal spaces and the ribs curve upwards laterally! 
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1,5 Volt 











Here is the address of the site for the slug-tuned radio. 


http:/Awww.kristalradio.nl/ 
Unfortunately the site is in Dutch and the kit is not available. However the photos give a clear 


picture of the how the parts are connected. 


The inductance of the coil can also be altered by winding another coil and placing it near the first 
coil so that the magnetic field interacts with each other and changes the inductance of the circuit. 
This is called a VARIABLE INDUCTANCE TUNING COIL. 

You can have one coil inside the other, two coils near each other or two flat coils side-by-side. Any 
two coils will interact with each other. 





An Inductive TUNING COIL called a VARIOMETER 


MAKING YOUR OWN FERRITE ROD ANTENNA 

You can make your own FERRITE ROD ANTENNA by winding 60 to 80 turns of 0.25mm 
enamelled wire onto a 9mm ferrite rod or slab. If you wind it on a paper sleeve, you can move the 
coil along the rod to get the best performance. When the rod is slid out of the coil, the inductance 
changes considerably. However the inductance does change very slightly when the coil is moved 
along the rod. 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 13/24 
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7 Important Points According to Region 






7.7 Posterior Shoulder and Arm 


Levator 
_ scapulae 


S.1.-14 


Ty 
qj 
oy 






= 








S.1.-14 (jianwaishu) ‘Outer Shoulder Shu’ 3 cun lateral to 
the lower border of the spinous process of the T1 (Du-13), at 
the insertion of the levator scapulae 
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T.B.-15 (tianliao) ‘Heavenly Crevice’ At the midpoint of an 
imaginary line between the spinous process of the C7 and the 
lateral extremity of the acromion 


aUaV We Vek 


3 
& 
s 

a 





Bladder channel, outer branch 
Bladder channel, inner branch 





S.1.-12 (bingfeng) ‘Grasping the Wind’ Directly superior to 
S.1.-11, in the centre of the supraspinous fossa 





G.B.-21 (jianjing) ‘Shoulder Well’ At the highest point of : a | Lela ; 
the shoulder, midway between the lower border of the spinous on a line extending in a superior direction from the posterior 
process of C7 and the lateral extremity of the acromion axillary fold, on the lower border of the scapular spine 





S.1.-15 (jianzhongshu) ‘Middle Shoulder Shu’ 2 cun lateral T.B.-14 (jianliao) ‘Shoulder Crevice’ Inferior to the lateral 

to the lower border of the spinous process of the T7 (Du-14) extremity of the acromion between the acromial and spinal 
portions of the deltoid, or with the arm abducted in the 
posterior of the two depressions on the shoulder joint 
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S.1.-13 (quyuan) ‘Crooked Wall’ At the medial end of the 
supraspinous fossa 





S.1.-11 (tianzong) ‘Heavenly Gathering’ On the scapula, in 
a depression on the infraspinatus, one third of the distance 
from the midpoint of the scapular spine and the inferior angle 
of the scapula 





T.B.-13 (naohui) ‘Upper Arm Meeting’ 3 cun distal to the 
lateral extremity of the acromion (location of T.B.-14), on a line 
connecting T.B.-14 and the olecranon, at the junction of this 
line with the margin of the deltoid 





S.1.-9 (jianzhen) ‘True Shoulder’ With the arm adducted on 
a line extending in a superior direction from the posterior 
axillary fold, on the lower border of the deltoid, 1 cun superior 
to the posterior axillary fold 





7.7 Posterior Shoulder and Arm 





L.1.-14 (binao) ‘Upper Arm’ 7 cun proximal to L.L-11, at 
the distal end of the deltoid, on a line connecting L.I.-11 
and L.I.-15 





T.B.-12 (xiaoluo) ‘Dispersing Luo River’ 4 cun proximal to 


T.B.-10 on a line connecting the olecranon and the lateral 
extremity of the acromion (location of T.B.-14) 





L.1.-13 (shouwuli) ‘Arm Five Miles’ On the lateral aspect of 
the upper arm, 3 cun proximal to L.L.-11 


-10 
appr non 


T.B.-10 (tianjing) ‘Heavenly Well’ With the elbow flexed in a 
depression approximately 1 cun proximal to the olecranon 





L.1.-11 (quchi) ‘Pool at the Crook’ With the elbow flexed, 
on the lateral end of the elbow crease, in a depression between 
the end of the crease and the lateral epicondyle of the 
humerus, on the extensor carpi radialis longus muscle 
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7 Important Points According to Region 
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Bladder channel, outer branch 
Bladder channel, inner branch 


Olecranon --- 


S.1.-8 (xiaohai) ‘Small Sea’ With the elbow flexed in the 
depression between the olecranon process of the ulna and the 
medial epicondyle of the humerus 


Extensor carpi ra 


L.I.-10 (shousanli) ‘Arm Three Miles’ 2 cun distal to L.I.-11, 
on the line connecting L.I.-5 and L.I.-11 











L.I.-9 (shanglian) ‘Upper Angle’ 3 cun distal to L.I.-11, on 
the line connecting L.I.-5 and L.1.-11 





L.I.-8 (xialian) ‘Lower Angle’ 4 cun distal L.I.-11, on the line 
connecting L.I.-5 and L.I.-11 





T.B.-9 (sidu) ‘Four Rivers’ 5 cun distal to the olecranon or 
7 cun proximal to T.B.-4, between the radius and the ulna 






Medial epicondyl 


S.1.-7 (zhizheng) ‘Branch of the Upright’ 5 cun proximal to 
the wrist joint space, on the line connecting S.I.-5 and S.1.-8 





L.1.-7 (wenliu) ‘Warm Flow’ 5 cun proximal to L.I.-5 or 
midway between L.I.-5 and L.I.-11 





T.B.-7 (huizhong) ‘Ancestral Meeting’ 3 cun proximal to 
T.B.-4, between radius and ulna, ulnar to extensor digitorum 
communis 
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7.7 Posterior Shoulder and Arm 





ii 


T.B.-6 (zhigou) ‘Branch Ditch’ 3 cun proximal to T.B.-4, S.1.-6 (yanglao) ‘Support the Aged’ In the depression radial 


between radius and ulna, radial to the tendon of extensor and proximal to the styloid process of the ulna that forms when 
digitorum communis 


turning the hand from a pronated to a supinated position. 








Wrist joint space 
L.I.-6 (pianli) ‘Veering Passage’ 3 cun proximal to L.I.-5, on 


the line connecting L.I.-5 and L.I.-11 sRencooane 


T.B.-4 (yangchi) ‘Yang Pool’ On the dorsum of the wrist, in 
the gap ulnar to the tendons of the extensor digitorum 





T.B.-5 (waiguan) ‘Outer Pass’ 2 cun proximal to T.B.-4 (on 
the dorsal wrist joint space, between radius and ulna. 





L.1.-5 (yangxi) ‘Yang Stream’ With the thumb abducted in 
the depression between the tendons of the extensor pollicis 
longus and brevis muscles (‘anatomical snuff box’) 
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7 Important Points According to Region 


7.8 Anterior Shoulder and Arm 


midline, below the clavicle, in the centre of the deltopectoral 
triangle. 


640 














/ 


LU-1 (zhongfu) ‘Middle Palace’ 6 cun lateral to the anterior 
midline and approximately 1 cun inferior to LU-2, slightly 
medial to the lower border of the coracoid process 










A 


HE-1 (jiquan) ‘Summit Spring’ With the arm abducted, in 
the centre of the axilla, medial to the axillary artery 





P-1 (tianchi) ‘Heavenly Pool’ In the 4th ICS, 1 cun lateral to 
the nipple 


P-2 (tianquan) ‘Heavenly Spring’ Between the two heads of 
the biceps brachii muscle, 2 cun inferior to the axillary fold. 





Lateral border of 
_» the biceps muscle 


LU-3 (tianfu) ‘Palace of Heaven’ 3 cun distal to the end of 
the anterior axillary fold, on the medial aspect of the upper 
arm, radial to the biceps brachialis 
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7.8 Anterior Shoulder and Arm 


sy Lateral border of 


~” the biceps muscle 










LU-4 (xiabai) ‘Clasping the White’ 4 cun distal to the end 
of the anterior axillary fold, on the medial aspect of the upper 
arm, radial to the biceps brachii 


LU-6 (kongzui) ‘Maximum Opening’ 5 cun distal to LU-5 or 
7 cun proximal to the wrist joint space, on a line connecting 
LU-5 and LU-9 






E Tendon of 
HE-2 (qingling) ‘Green Spirit’ 3 cun proximal to the cubital the flexor 
crease, on the medial border of the biceps brachii 


1 Fi 


P-4 (ximen) ‘Xi-Cleft Gate’ 5 cun proximal to the palmar 
wrist joint space, between the tendons of palmaris longus and 
flexor carpi radialis, or 1 cun distal to the midpoint of the line 
connecting P-3 and P-7 







Biceps tendon 





h- LU-5 (chize) ‘Cubit Marsh’ In the cubital crease, radial to the 
tendon of the biceps brachii 





P-5 (jianshi) ‘Intermediate Messenger’ 3 cun proximal to 
the palmar wrist joint space, between the tendons of palmaris 
longus and flexor carpi radialis 

Biceps tendon ~__ 


Cubital crease 


P-3 (quze) ‘Marsh at the Crook’ In the cubital crease, ulnar 
to the biceps tendon 





P-6 (neiguan) ‘Inner Pass’ 2 cun proximal to the palmar 
wrist joint space, between the tendons of palmaris longus and 
flexor carpi radialis 






Abductor pollici 


HE-3 (shaohai) ‘Lesser Sea’ With the elbow flexed, in the 
depression between the ulnar end of the cubital crease and the 
medial epicondyle of the humerus 


LU-7 (lieque) ‘Broken Sequence’ On the radial aspect of the 
forearm, immediately above the styloid process of the radius, 


approximately 1.5 cun proximal to the wrist joint space in 
a V-shaped groove 
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7 Important Points According to Region 





LU-8 (jingqu) ‘Channel Gutter’ 1 cun proximal to the 
palmar wrist joint space (LU-9), lateral to the radial artery 






- Joint space 


HE-5 (tongli) ‘Penetrating the Interior’ 1 cun proximal to 
the palmar wrist joint space, on the radial side of the flexor 
carpi ulnaris tendon 








LU-9 (taiyuan) ‘Supreme Abyss’ On the wrist joint space, 
lateral to the radial artery and ulnar to the tendon of abductor 
pollicis longus 





P-7 (daling) ‘Great Mound’ In the centre of the palmar 
aspect of the wrist joint space (‘most distal wrist crease'), 
between the tendons of palmaris longus and flexor carpi radialis 





HE-4 (lingdao) ‘Spirit Path’ 1.5 cun proximal to the palmar 
wrist joint space, radial to the flexor carpi ulnaris tendon 





HE-6 (yinxi) ‘Yin Cleft’ 0.5 cun proximal to the palmar wrist 
joint space, radial to the flexor carpi ulnaris tendon 
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7.8 Anterior Shoulder and Arm 





HE-7 (shenmen) ‘Spirit Gate’ On the palmar aspect of the 
wrist joint space (‘most distal wrist crease’), in the depression 
radial to the insertion of the flexor carpi ulnaris tendon 


LU-11 (shaoshang) ‘Lesser Shang’ 0.1 cun from the radial 
corner of the thumb nail 





HE-9 (shaochong) ‘Lesser Rushing’ 0.1 cun lateral to the 
radial corner of the nail of the little finger 





LU-10 (yuji) ‘Fish Border’ At the midpoint of the palmar 
border of the 1st metacarpal bone 





P-9 (zhongchong) ‘Middle Rushing’ On the most distal 
point of the middle finger 





P-8 (laogong) ‘Palace of Toil’ In the centre of the palm, 
between the 2nd and 3rd metacarpal bones, slightly closer to 
the 3rd metacarpal bone. When a fist is made, the point is 
located beneath the tip of the middle finger 


=_ 





HE-8 (shaofu) ‘Lesser Palace’ When a fist is made, beneath 
the tip of the little finger, on the palm, between the 4th and 
5th metacarpal bones 
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7.9 Dorsum of the Hand 





T.B.-1 (guanchong) ‘Rushing Pass’ On the ring finger 
(4th finger), 0.1 cun from the ulnar corner of the nail 






S.1.-1 (shaoze) ‘Lesser Marsh’ On the little finger, 0.1 cun 


e Px VED from the ulnar corner of the nail 
 (baxie) 


Proximal phalanx II 






Metacarpal II 


é 


L.1.-2 (erjian) ‘Second Space’ On the radial aspect of the 
index finger, distal to the metacarpophalangeal joint at the 
junction of the shaft and the basis of the proximal phalanx 








T.B.-5t 





T.B.-2 (yemen) ‘Fluid Gate’ Between the little finger and ring 
finger, proximal to the margin of the web; locate with the 
patient making a fist 


L.I.-1 (shangyang) ‘Shang Yang’ On the index finger, 

0.1 cun from the radial corner of the nail S.1.-2 (qiangu) ‘Front Valley’ On the ulnar aspect of the little 
finger, at the junction of the shaft and the base of the proximal 
phalanx 
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Proximal 
phalanx Il. 


L.I.-3 (sanjian) ‘Third Space’ On the radial aspect of the 
index finger, proximal to the metacarpophalangeal joint at the 
junction of the shaft and the head of the 2nd metacarpal bone 


Ex-UE-8 (wailaogong/luozhen/xianqiang) ‘Stiff Neck’ On 
the dorsum of the hand, between the 2nd and 3rd metacarpal 
bones, approximately 0.5 cun proximal to the 
metacarpophalangeal joints 





T.B.-3 (zhongzhu) ‘Central Islet’ On the dorsum of the 
hand, in the depression between the 4th and 5th metacarpal 
bones, proximal to the metacarpophalangeal joints. T.B.-3 is 
located at the junction between the heads and shafts of the two 
metacarpals 






Most distal 
~~ transverse 
crease 


S.1.-3 (houxi) ‘Back Stream’ On the ulnar border of the 
hand, in the depression proximal to the metacarpophalangeal 
joint, at the junction between the head and shaft of the 

5th metacarpal 





L.1.-4 (hegu) ‘Joining Valley’ On the radial aspect of the 
hand, between the 1st and 2nd metacarpal bone, closer to the 
2nd metacarpal bone and approximately at its midpoint 





7.9 Dorsum of the Hand 






Bm Ex-UE-7 


Metacarpal V 


a 


Ex-UE-7 (yaotongdian/yaotongxue) ‘Lumbar Pair Point’ 
Two points on the dorsum of the hand, between the 2nd/3rd 
and 4th/5th metacarpal bones 






~~ Metacarpal V 


gsecses Pisiform 


S.1.-4 (wangu) ‘Wrist Bone’ On the ulnar border of the hand, 
between the 5th metacarpal and the carpal bones, at the 
border of the red and white skin 


L.1.-5 (yangxi) ‘Yang Stream’ With the thumb abducted in 
the depression between the tendons of the extensor pollicis 
longus and brevis muscles (‘anatomical snuff box’) 








.B.-4 


Wrist joint space 


T.B.-4 (yangchi) ‘Yang Pool’ On the dorsum of the wrist, in 
the gap ulnar to the tendons of extensor digitorum 





~~ Metacarpal V 
sence Pisiform 
sehabecss Wrist joint space 


S.1.-5 (yanggu) ‘Yang Valley’ On the ulnar aspect of the 
wrist, at the level of the lateral joint space 
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1/28/2018 Crystal Set 


| 


80 turns 0.25mm enamelled wire Tape 











Make your own ferrite antenna 


Now we come to the tuning capacitor:: 


THE TUNING CAPACITOR 


The "C" in the "LC" TUNED CIRCUIT can be fixed or variable. When it is variable, it is called a 
TUNING CAPACITOR. The sheets of aluminium in the air tuning capacitor below are called 
PLATES and the moving plates are called VANES. The fixed plates make up the STATOR. 
The space between the plates is AIR. The photo shows a single capacitor. If two capacitors are 


connected to the same shaft it is called a GANGED CAPACITOR. 


The plates do not come fully out of mesh and that's why the capacitor has a minimum value. The 
maximum capacitance is when the plates are fully meshed. The odd shape of the plates is 
designed to produce a fairly constant increase in capacitance as the plates are engaged. 


An air tuning capacitor: 





Air Tuning Capacitor 
(Variable Capacitor) 


The capacitor can be made much smaller by using thinner vanes and placing plastic between the 


vanes. Plastic increases the capacitance about 3 times to 10 times. 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 
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Ex-UE-9 
(baxie) 
~ LAL-4 


. Styloid process 
of the ulna 


ves\ 
i 


S.1.-6 (yanglao) ‘Nourishing the Old’ In the depression 
radial and proximal to the styloid process of the ulna that forms 
when the hand is turned from a pronated to a supinated 
position 


T.B.-5 (waiguan) ‘Outer Pass’ 2 cun proximal to T.B.-4 (on 
the dorsal wrist joint space, between radius and ulna) 





7.10 Anterior Leg 


ST-25 KID-16 


Ren-8 










































Ren-4 
lee Upper border 
: Ren-2 of the pubic 
Highest symphysis 
prominence 
of the greater allie 
trochanter 3 
14 
=1'5 
6 
ey 4 
"8 
9 
19 cun 10 
+11 
12 
— 13 
_| 14 
aS 
16 
=| 17 
ig Upper patellar 
“ll 46 border 
Popliteal 2 =| 
crease |, cun 
32 
3 
4 8 cun 
='5 
6 
=F 
8 { Midpoint 
9 
— 10 
= 11 
=\"12 8 cun 
—| 13 
14 
- . = 15 
Highest prominence 16 a 








of the lateral malleolus 


SP-15 (daheng) ‘Great Horizontal’ 4 cun lateral to the 
centre of the umbilicus, on the mamillary line 
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7.10 Anterior Leg 





LIV-12 (jimai) ‘Urgent Pulse’ In the inguinal groove, 

J 9g 9 9 
t: 2.5 cun lateral to the midline and 1 cun inferior to the upper 
ke pp 
SP-14 (fujie) ‘Abdomen Knot’ 4 cun lateral to the anterior border of the symphysis, inferior to ST-30 and medial to the 
midline (mamillary line), 3 cun superior to SP-13 or 1.3 cun femoral artery 
inferior to SP-15 





Upper border 
of the pubic 
symphysis 





LIV-11 (yinlian) ‘Yin Corner’ 2 cun inferior to ST-30 (level 
with the upper border of the pubic symphysis), on the lateral 
border of the adductor longus muscle or approximately 1 cun 
inferior to where the femoral artery passes the inguinal 

SP-13 (fushe) ‘Meeting of the Fu Organs’ 4 cun lateral to ligament 
the anterior midline (mamillary line) and 0.7 cun superior to the 

upper border of the pubic symphysis 








Upper border 
ee LIV-10 (zuwuli) ‘Leg Five Miles’ On the anterior aspect of 
the thigh, 3 cun inferior to the upper border of the symphysis, 


on the lateral border of adductor longus 





SP-12 (chongmen) ‘Rushing Gate’ 3.5 cun lateral to the c? 

midline, level with the upper border of the pubic symphysis, < 

lateral to the femoral artery i , 
; 


| GaEaRaReA Ab 
io 


SP-11 (jimen) ‘Winnowing Gate’ 6 cun proximal to SP-10 
at the midpoint of the femur, in the depression between the 
sartorius and vastus lateralis 












Upper border = 
of the pubic 


symphysis 








ST-30 (gichong) ‘Rushing Qi’ 2 cun lateral to the upper 
border of the pubic symphysis, medial to the femoral artery; 
at the level of Ren-2 


ie 








Upper patella 
border 





ST-32 (futu) ‘Crouching Rabbit’ 6 cun proximal to the 
lateral upper border of the patella, on a line connecting with 
the anterior superior iliac spine 


ST-31 (biguan) ‘Thigh Gate’ With the hip joint flexed, in the 
depression below the anterior superior iliac spine, lateral to the 
sartorius 
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ST-25 KID-16 


Ren-8 












’ 4 Ren Ex-LE-3 (baichongwo) ‘Hundred Insect Burrow’ 3 cun 
Ren-3 Upperbarder superior and 1 cun medial to the upper medial border of the 
' aa\ a of the pubic patella, in a small depression on the vastus medialis muscle or 
Highest 31, ¥ SS KID-11 symphysis 1 cun superior to SP-10 
prominence rr 7 i. 
of the greater Se LIV-11 42 








19 cun 


trochanter ' ie ‘ tiy-t0 - 
; = ( 
A. YS 6 2 
4 4 i _| 7 ie 
i\ \ ae Ex-LE+1 
Baw: to 
\ 









































qu Ex-LE-1 (kuangu) ‘Hip Bone’ A pair of points 2 cun superior 
ns to the patella and 1.5 cun lateral and medial to ST-34 
_| 14 
LIV-9 15 
16 
—_| 17 
1g Upper patellar 
border r 
: 419 Quadriceps 
Popliteal ey! 20 =| femoris 
crease LIV-8 _|y cun = 
2 Upper 
3 Patel fateee aes 
4 = border 
5 
6 ST-34 (liangqiu) ‘Ridge Mound’ 2 cun proximal to the upper 
47 lateral border of the patella, in a depression on vastus lateralis 
8 ¥ Midpoint 
9 
—| 10 
11 
12 8 cun 
+ 13 
_| 14 
7 5 = 15 
Highest prominence 16 y 





of the lateral malleolus 





SP-10 (xuehai) ‘Sea of Blood’ With the knee flexed, 2 cun 
proximal to the medial superior border of the patella. To find: 
place the right palm on the patient's left patella and locate the 
point at the tip of the thumb 


. Exc UE>2 aa 
ST-33 (yinshi) ‘Yin Market’ 3 cun superior to the upper ST.35 ~~ 
lateral border of the patella 


Ex-LE-2 (heding/xiding) ‘Crane's Summit’ With the knee 
flexed, at the midpoint of the upper patellar border 
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ST-35 (dubi) ‘Calf’s Nose’ With the knee flexed, in the 
depression inferior to the patella and lateral to the patellar 
ligament; corresponds to the lateral eye of the knee; Ex-LE-5 
(xiyan) is the combination of this point and Ex-LE-4 





Ex-LE-4 (neixiyan) ‘Inner Eye of the Knee’ Inferior to the 
patella, in a depression medial to the patellar ligament; Ex-LE-5 
(xiyan) is the combination of this point and ST-35 


: Head of t 





G.B.-34 (yanglingquan) ‘Yang Mound Spring’ |n the 
depression anterior and inferior to the head of the fibula 





Medial condyle 
of the tibia 








~ SP-9 
Junction of the 
shaft and medial 
condyle of the 
tibia 






Gastrocnemius -------- 


|| 
| 


SP-9 (yinlingquan) ‘Yin Mound Spring’ With the knee 
flexed in a depression distal to the medial condyle of the tibia. 
To find: palpate from the medial posterior border of the tibia 
towards proximal, at roughly the same level as G.B.-34 





ST-36 (zusanli) ‘Leg Three Miles’ one fingerbreadth 
(middle finger) lateral to the anterior crest of the tibia, 
3 cun distal to ST-35 


7.10 Anterior Leg 










ST-37 (shangjuxu) ‘Upper Great Void’ 1 fingerbreadth 
lateral to the anterior crest of the tibia, 6 cun distal to ST-35 or 
3 cun distal to ST-36 


ST-40 (fenglong) ‘Abundant Bulge’ 2 fingerbreadths lateral 
to the anterior crest of the tibia, at the midpoint of the line 
joining ST-35 (‘lateral eye of the knee’, level with the knee joint 
space) and the highest prominence of the lateral malleolus 


x 





“a 


ST-38 (tiaokou) ‘Lines Opening’ 1 fingerbreadth lateral to 
the anterior crest of the tibia, at the midpoint of the line joining 
ST-35 (‘lateral eye of the knee’, level with the knee joint space) 
and the highest prominence of the lateral malleolus 


~ 





ST-39 (xiajuxu) ‘Lower Great Void’ 1 cun distal to ST-38 


ST-41 (jiexi) ‘Stream Divide’ On the ankle, between the 

tendons of the extensor digitorum and the extensor hallucis 
longus, at the level of the highest prominence of the lateral 
malleolus 
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7.11 Medial Leg 






































Upper border 18 cun 
of the pubic | 
symphysis 
8 cun 
2cun 
Upper = 
patellar 
border 
Popliteal 
crease 
1 Junction of 
the shaft 
[ “and medial 
condyle of 
the tibia 
4 
5 
-- 
7 
8 
9 
15 Highest 
cun Prominence 
of the medial 
malleolus 
SP-1 


i 


LIV-10 (zuwuli) ‘Leg Five Miles’ On the anterior aspect of 
the thigh, 3 cun inferior to the upper border of the symphysis, 
on the lateral border of the adductor longus 
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SP-11 (jimen) ‘Winnowing Gate’ 6 cun proximal to SP-10 
at the midpoint of the femur, in the depression between the 
sartorius and vastus lateralis 





! 


LIV-9 (yinbao) ‘Yin Wrapping’ 4 cun proximal to the medial 
condyle of the femur, between the sartorius and vastus medialis 





SP-10 (xuehai) ‘Sea of Blood’ With the knee flexed, 2 cun 
proximal to the medial superior border of the patella. To find: 
place the right palm on the patient's left patella and locate the 
point at the tip of the thumb 


LIV-8 (ququan) ‘Spring at the Crook’ With the knee flexed, 
at the medial end of the popliteal crease, in the depression 
anterior to the tendons of semitendinosus and 
semimembranosus 








KID-10 (yingu) ‘Yin Valley’ At the medial end of the popliteal 
crease, between the tendons of semimembranosus and 
semitendinosus, at the level of the knee joint space 
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Medial condyle 
of the tibia 





~ SP-9 
Junction of the 


shaft and medial 
Gastrocnemius -------- = condyle of the 


14 tibia 






SP-9 (yinlingquan) ‘Yin Mound Spring’ With the knee 
flexed, in a depression distal to the medial condyle of the tibia. 
To find: palpate from the medial posterior border of the tibia 
towards proximal, at roughly the same level as G.B.-34 





LIV-7 (xiguan) ‘Knee Joint’ At the junction of the shaft and 
the medial condyle of the tibia, 1 cun posterior to SP-9 


Medial condyle 










of the tibia 
Ye ae cease ot - SP-9 
3 cun Junction of the 
shaft and medial 
Pisin ss oie aa condyle of the 
tibia 


SP-8 (diji) ‘Earth Pivot’ 3 cun distal to SP-9 (at the junction 
of the shaft and the medial condyle of the tibia) on the 
posterior border of the tibia 


15 cun 


a 


LIV-6 (zhongdu) ‘Central Capital’ 7 cun proximal to the 
highest prominence of the medial malleolus, just posterior to 
the medial crest of the tibia 


Teun 


6 cun 





SP-7 (lougu) ‘Dripping Valley’ 6 cun proximal to the highest 
prominence of the medial malleolus or 3 cun proximal to SP-6, 
on the medial posterior border of the tibia 


7.11 Medial Leg 


5 cun 





LIV-5 (ligou) ‘Woodworm Canal’ 5 cun proximal to the 
highest prominence of the medial malleolus, just posterior to 
the medial crest of the tibia 


5 cun 








es 


KID-9 (zhubin) ‘Guest House’ 5 cun proximal to KID-3 and 
2 cun posterior to the medial border of the tibia 


SP-6 (sanyinjiao) ‘Three Yin Intersection’ 3 cun proximal 
to the highest prominence of the medial malleolus, posterior 
border to the medial border of the tibia 


KID-8 (jiaoxin) ‘Exchange Belief’ 2 cun proximal to the 
highest prominence of the medial malleolus, posterior to the 
medial border of the tibia 


KID-7 (fuliu) ‘Returning Current’ 2 cun proximal to KID-3, 
in a depression on the anterior border of the Achilles tendon 
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Upper border 18 cun 
of the pubic 
symphysis 


8 cun 





2cun 





Upper | 
patellar 
border 













Popliteal 
crease 


—1 1. Junction of 
the shaft 
| 2—and medial 
condyle of 
3 the tibia 











15 Highest 

cun Prominence 
of the medial 
malleolus 


Highest prominence 
of the medial malleolus -__ 


Achilles 
~ tendon 


KID-3 (taixi) ‘Supreme Stream’ In the depression between 
the highest prominence of the medial malleolus and the 
Achilles tendon 
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Highest prominence 
of the medial malleolus ~~ 





—s 


SP-5 (shangqiu) ‘Shang Mound’ In the depression at the 
junction of a vertical line along the anterior border and a 
horizontal line along the lower border of the medial malleolus. 
Or: in the depression halfway between the highest prominence 
of the medial malleolus and the navicular tuberosity 





KID-2 (rangu) ‘Blazing Valley’ |n a depression at the anterior 
inferior border of the navicular bone, at the border of the red 
and white skin 





SP-4 (gongsun) ‘Grandfather Grandson’ In a depression 
distal and inferior to the base of the 1st metatarsal bone, at the 
border of the red and white skin 





SP-1 (yinbai) ‘Hidden White’ On the big toe, 0.1 cun from 
the medial corner of the nail 
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7.12 Lateral Leg 





G.B.-28 (weidao) ‘Linking Path’ Anterior and inferior to the 
anterior superior iliac spine, 0.5 cun anterior and inferior to 






G.B.-27 
Highest 
prominence 
of the greater 1|— 
trochanter 2 
Greater _ 
trochanter 





G.B.-29 (juliao) ‘Stationary Crevice’ At the midpoint of a 
line connecting the anterior superior iliac spine and the greater 
trochanter, at the anterior border of the iliac crest 








Popliteal crease 

















1 
2 G.B.-30 (huantiao) ‘Jumping Circle’ With the patient lying 
3 on his/her side, at the junction between the medial two-thirds 
<e 4 and the lateral third on a line connecting the greater trochanter 
5 and the sacral hiatus 
6 
v3 
8 
9 
10 
11 
12 
13 
14 Highest 
— 115 prominence BL-36 (chengfu) ‘Hold and Support’ In the gluteal crease, 
16 of the lateral 





aun malleolus superior to the midpoint of the popliteal crease 


BL-37 ---- 





Semitendinosus 





~~ ie BL-37 (yinmen) ‘Gate of Abundance’ 6 cun distal to BL-36 
G.B.-27 (wushu) ‘Five Pivots’ In the depression medial to the (gluteal crease), on a line connecting BL-36 and BL-40 (centre 
anterior superior iliac spine, approximately level with Ren-4 of the popliteal crease), in a gap in the musculature 
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Highest 
prominence 
of the greater 1 

trochanter 2 


G.B.-32 (zhongdu) ‘Middle Ditch’ On the lateral aspect of 
the thigh, 2 cun inferior to G.B.-31 or 5 cun superior to the 
popliteal crease, between vastus lateralis and biceps femoris 








G.B.-33 (xiyangguan) ‘Knee Yang Gate’ On the lateral 
aspect of the knee, with the knee flexed, in the depression 
between the lateral epicondyle of the femur and the tendon of 
biceps femoris, approximately 3 cun proximal to G.B.-34 





Popliteal crease 

















cun 
1 
2 
3 
4 \ 
2 Popliteal __ 
6 crease 
7 
8 
9 
10 
" BL-39 (weiyang) ‘Outside of the Crook’ At the lateral end 
12 of the popliteal crease, on the medial side of the tendon of the 
13 long head of the biceps femoris, 1 cun lateral to BL-40 (in the 
14 Highest centre of the popliteal crease). 
—15 prominence 

16 of the lateral 
cun malleolus 

Popliteal 

crease 





BL-40 (weizhong) ‘Middle of the Crook’ |n the centre of 
the popliteal crease, between the tendons of the biceps femoris 
and semitendinosus. 





G.B.-31 (fengshi) ‘Wind Market’ On the lateral aspect of the 
thigh, approximately 7 cun proximal to the popliteal crease. 
With the patient standing upright, the point is where the 
patient's middle fingertip touches the thigh 


» Head of t 





G.B.-34 (yanglingquan) ‘Yang Mound Spring’ In the 
depression anterior and inferior to the head of the fibula 
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BL-57 (chengshan) ‘Support of the Mountain’ In the 
middle of the calf, between the two heads of the 
gastrocnemius, on a line connecting BL-40 and BL-60, 
approximately 8 cun distal to BL-40 (spreading hands 
technique — 2) 





G.B.-36 (waigqiu) ‘Outer Hill’ 7 cun proximal to the highest 
prominence of the lateral malleolus, on the anterior border of 
the fibula 





G.B.-35 (yangjiao) ‘Yang Intersection’ 7 cun proximal to 
the highest prominence of the lateral malleolus, on the 
posterior border of the fibula 





BL-58 (feiyang) ‘Soaring Upwards’ 1 cun distal and 1 cun 
lateral to BL-57 or 7 cun proximal to BL-60, at the posterior 
border of the fibula and on the lower border of the 
gastrocnemius 


cun \ 


: 4 
Highest si tN 
._ of the lateral malleol 





G.B.-39 (xuanzhong) ‘Suspended Bell’ 3 cun proximal to 
the highest prominence of the lateral malleolus, on the anterior 
border of the fibula 


7.12 Lateral Leg 


Anterior border 
_ of the Achilles 
-~ tendon 





Highest prominence 
of the lateral malleolus ~~ 
BL-59 (fuyang) ‘Instep Yang’ 3 cun superior to BL-60 (in the 
depression between the highest prominence of the lateral 
malleolus and the Achilles tendon) 





BL-60 (kunfun) ‘Kunlun Mountains’ |n the depression 
between the Achilles tendon and the highest prominence of the 
lateral malleolus 





G.B.-40 (qiuxu) ‘Large Mound’ In the depression anterior 
and inferior to the lateral malleolus, lateral to the tendons of the 
extensor digitorum longus muscle. 






G.B.-4] 
; 
Tendons of G.B.-42 of 
extensor digitorum 


G.B.-42 (diwuhui) ‘Earth Five Meetings’ Between the 4th 
and 5th metatarsal bones, proximal to the metatarsophalangeal 
joints and medial to the tendon of extensor digitorum longus 





G.B.-43 (jiaxi/xiaxi) ‘Clamped Stream’ Between the 
Ath and the 5th toes, proximal to the margin of the 
interdigital web 
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4p - 60p 


ground 





Tuning Capacitor as found in a pocket radio 


The tuning capacitor can be replaced with a home-made equivalent that will work just the same. 
You need: 

4 sheets of aluminium foil (cooking foil) 10cm x 10cm. 

4 sheets of thin cardboard 15cm x 20cm _ (cut A4 sheets in half). 





HOME-MADE CAPACITOR 


Tape a sheet of aluminium foil to each sheet of cardboard with sticky-tape around all 4 sides. Take 
one strand of wire from a length of hook-up flex and sticky-tape the end to each sheet of 
aluminium to make good contact. Place 2 sheets on top of each other and move the top sheet 
slightly to the left and sticky-tape the edge so they don't move. Do this with the other two sheets 
but move the top sheet to the right. Now interleave the sets. Connect the wire from the first sheet 
to the third sheet. Connect the wire from the second sheet to the fourth sheet. 

The cardboard (or paper) between the aluminium sheets increases the capacitance three times. 
The capacitance decreases when the sheets are moved apart and the capacitance increases 
when the sheets are moved in. The capacitance also INCREASES when the sheets are squashed 
together such as when a book is placed on them. 

You can also make a smaller capacitor by making each sheet smaller and using 6 sheets. You 
can then add a 100p or 220p in parallel with the home-made capacitor, to select the lower part of 
the band. 


EACH CIRCUIT 


Each circuit we describe in the following set of circuits is an improvement or advancement on the 
previous. We also offer a number of different types of aerial coils, amplifying stages and 
earphones. Some of the circuits use easy-to-obtain components and home-made equivalents for 
hard-to-get items. There will be something in this section for everyone to build. 


In all radio circuits you will encounter TWO MAIN PROBLEMS: 
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7 Important Points According to Region 


7.13 Dorsum of the Foot 





G.B.-44 (zugqiaoyin) ‘Yin Portals of the Foot’ On the 4th 
toe, 0.1 cun from the lateral corner of the nail 








(bafeng) 





BL-63 (jinmen) ‘Golden Gate’ In a depression anterior and 
inferior to BL-62 between the calcaneus and the cuboid bone, 
proximal to the tuberosity of the 5th metatarsal bone 
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Highest prominence 
of the medial malleolus ~ 


SP-5 (shangqiu) ‘Shang Mound’ In the depression at the 
junction of a vertical line along the anterior border and a 
horizontal line along the lower border of the medial malleolus. 
Or: in the depression halfway between the highest prominence 
of the medial malleolus and the navicular tuberosity 






G.B.-40 (qiuxu) ‘Large Mound’ In the depression anterior 
and inferior to the lateral malleolus, lateral to the tendons of 
extensor digitorum longus muscle. 


ST-41 (jiexi) ‘Stream Divide’ On the ankle, between the 
tendons of extensor digitorum and extensor hallucis longus, at 
the level of the highest prominence of the lateral malleolus 





Tendon of extensor 
hallucis longus ~.- 
Tibialis anterior 


LIV-4 (zhongfeng) ‘Middle Seal’ 1 cun anterior to the 
prominence of the medial malleolus, medial to the tendon of 
the tibialis anterior 





7.13 Dorsum of the Foot 





BL-64 (jinggu) ‘Capital Bone’ Distal to the tuberosity of the 
5th metatarsal bone, at the border of the red and white skin 





a 
ST-42 (chongyang) ‘Rushing Yang’ On the highest point of 
the dorsum of the foot, between the tendons of extensor 
hallucis longus and extensor digitorum longus, directly lateral 
to where the dorsalis pedis artery may be palpated. The point is 
bordered proximally by the second and third metatarsal bones 
and distally by the second and third cuneiform bones. 
Alternative location: sometimes this point may be located 
lateral to the medial portion of the extensor digitorum longus 
tendon (joining the second toe) 





G.B.-41 (zulingi) ‘Foot Governor of Tears’ |n the 
depression at the junction of the shafts and the bases of the 
Ath and 5th metatarsal bones, lateral to the branch of the 
extensor digitorum longus tendon running to the little toe 


SP-4 (gongsun) ‘Grandfather Grandson’ In a depression 
distal and inferior to the base of the 1st metatarsal bone, at the 
border of the red and white skin 
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7 Important Points According to Region 








BL-65 (shugu) ‘Restraining Bone’ |n the depression 
proximal to the head of the Sth metatarsal bone, at the border 
of the red and white skin 


658 





Tendons of 
extensor 
digitorum 





ia '" 


G.B.-42 (diwuhui) ‘Earth Five Meetings’ Between the 4th 
and 5th metatarsal bones, proximal to the metatarsophalangeal 
joints and medial to the tendon of the extensor digitorum 
longus 





LIV-3 (taichong) ‘Great Rushing’ On the dorsum of the foot, 
in the depression between the 1st and 2nd metatarsal bones, 
approximately 1.5-2 cun proximal to the interdigital web 





ST-43 (xiangu) ‘Sunken Valley’ In the depression between 
the second and third metatarsal bones, at the junction of the 
shafts and the heads of these metatarsal bones 







Proximal to the | 
interdigital fold 


G.B.-43 (xiaxi) ‘Clamped Stream’ Between the 4th and the 
5th toes, proximal to the margin of the interdigital web 





BL-66 (zutonggu) ‘Foot Connecting Valley’ In a depression 
distal to the metatarsophalangeal joint of the little toe 
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7.13 Dorsum of the Foot 





SP-3 (taibai) ‘Supreme White’ |n the depression proximal to 
the head of the 1st metatarsal bone, at the border of the red toe, 0.1 cun from the lateral corner of the nail 
and white skin 





BL-67 (zhiyin) ‘Reaching Yin’ On the little toe, 0.1 cun from 
the lateral corner of the nail toe, 0.1 cun proximal and lateral to the corner of the nail 









LIV-2 (xingjian) ‘Moving Between’ Between the 1st and ; — Ae = 


2nd toe, proximal to the margin of the interdigital web SP-1 (yinbai) ‘Hidden White’ On the big toe, 0.1 cun from 
> the medial corner of the nail 








aii es 


ST-45 (lidui) ‘Strict Exchange’ On the 2nd toe, 0.1 cun from 
the lateral corner of the nail 


SP-2 (dadu) ‘Great Metropolis’ On the medial aspect of the 
big toe, in the depression distal to the first metatarsophalangeal 
joint, on the border of the red and white skin 





ST-44 (neiting) ‘Inner Court’ Between the 2nd and the 3rd 
toe, proximal to the interdigital fold 
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7 Important Points According to Region 


7.14 Medial Foot 





SP-6 (sanyinjiao) ‘Three Yin Intersection’ 3 cun proximal 
to the highest prominence of the medial malleolus, on the 
posterior border of the medial crest of the tibia 





KID-8 (jiaoxin) ‘Exchange Belief’ 2 cun proximal to the 
highest prominence of the medial malleolus, posterior to the 
medial border of the tibia. 





KID-7 (fuliu) ‘Returning Current’ 2 cun proximal to KID-3, 
in a depression on the anterior border of the Achilles tendon 
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Tendon of 
extensor 
pollicis longus 





LIV-4 (zhongfeng) ‘Middle Seal’ 1 cun anterior to the 
prominence of the medial malleolus, medial to the tendon of 
tibialis anterior 







Highest prominence tendon 


of the medial malleolus -__ 


KID-3 (taixi) ‘Supreme Stream’ In the depression between 
the highest prominence of the medial malleolus and the 
Achilles tendon 






Highest prominence 
of the medial malleolus -- 


SP-5 (shangqiu) ‘Shang Mound’ In the depression at the 
junction of a vertical line along the anterior border and a 
horizontal line along the lower border of the medial malleolus. 
Or: in the depression halfway between the highest prominence 
of the medial malleolus and the navicular tuberosity 





Highest prominence 
of the medial malleolus 





KID-4 (dazhong) ‘Great Bell’ Anterior to the medial border 
of the Achilles tendon, superior to its insertion at the calcaneus 





KID-6 (zhaohai) ‘Shining Sea’ In the depression inferior to 
the highest prominence of the medial malleolus, over the joint 
space between the talus and the calcaneus 
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7.14 Medial Foot 





7 


SP-1 (yinbai) ‘Hidden White’ On the big toe, 0.1 cun from 
the medial corner of the nail 


KID-5 (shuiquan) ‘Water Spring’ 1 cun distal to KID-3, ina 
depression over the joint space between the talus and 
calcaneus 





KID-2 (rangu) ‘Blazing Valley’ |n a depression at the anterior 
inferior border of the navicular bone, at the border of the red 
and white skin 


SP-3 (taibai) ‘Supreme White’ In the depression proximal 
to the head of the 1st metatarsal bone, at the border of the red 
and white skin 





SP-4 (gongsun) ‘Grandfather Grandson’ In a depression 

distal and inferior to the base of the 1st metatarsal bone, at the 

border of the red and white skin SP-2 (dadu) ‘Great Metropolis’ On the medial aspect of the 
big toe, in the depression distal to the first metatarsophalangeal 
joint, on the border of the red and white skin 
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7.15 Lateral Foot 








BL- 67 BL-66 BL-65 





i | 


BL-60 (kunlun) ‘Kunlun Mountains’ |n the depression 
between the Achilles tendon and the highest prominence of the 
lateral malleolus 





G.B.-40 (qiuxu) ‘Large Mound’ In the depression anterior 
and inferior to the medial malleolus, lateral to the tendons of 
extensor digitorum longus muscle. 





BL-62 (shenmai) ‘Extending Vessel’ In a depression directly 
inferior to the highest prominence of the lateral malleolus, over 
the joint space between the talus and calcaneus 


r 






G.B.-41 (zulingi) ‘Foot Governor of Tears’ In the 
depression at the junction of the shafts and the bases of the 4th 
and 5th metatarsal bones, lateral to the branch of the extensor 
digitorum longus tendon running to the little toe 








G.B.-42 (diwuhui) ‘Earth Five Meetings’ Between the 4th 
and 5th metatarsal bones, proximal to the metatarsophalangeal 
joints and medial to the tendon of extensor digitorum longus 





BL-61 (pucan) ‘Servant’s Respect’ In a depression on the 
calcaneus, approximately 1.5 cun inferior to BL-60 





Proximal to 
interdigital f 


G.B.-43 (xiaxi) ‘Clamped Stream’ Between the 4th and the 
5th toes, proximal to the margin of the interdigital web 


— a 
BL-63 (jinmen) ‘Golden Gate’ On the lateral aspect of the 
foot, proximal to the tuberosity of the 5th metatarsal bone, in a 
depression anterior and inferior to BL-62 between the 
calcaneus and the cuboid bone 






’ 


G.B.-44 


G.B.-44 (zugqiaoyin) ‘Yin Portals of the Foot’ On the 4th 
toe, 0.1 cun from the lateral corner of the nail 
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7.15 Lateral Foot 





BL-67 (zhiyin) ‘Reaching Yin’ On the little toe, 0.1 cun from 


{ha lateral commer of the wail BL-65 (shugu) ‘Restraining Bone’ In the depression 


proximal to the head of the 5th metatarsal bone, at the border 
of the red and white skin 





. 
— 





BL-64 (jinggu) ‘Capital Bone’ Distal to the tuberosity of the a 

5th metatarsal bone, at the border of the red and white skin : ————— 
BL-66 (zutonggu) ‘Foot Connecting Valley’ In a depression 
distal to the metatarsophalangeal joint of the little toe 
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8 Point Categories and Point Selection 


Claudia Focks 


There are a total of 361 acupuncture points located on the chan- 

nels (— Chapter 1). Translated literally from the Chinese lan- 

guage, the meaning of the word for ‘point’ is rather ‘opening’ or 

‘hole’. Stimulation of the points can be achieved through massage 

(in acupressure) or through the insertion of needles (in acupunc- 

ture). Besides the regular acupuncture points, there exist a wide 

variety of so-called extra points, located outside the pathways of 

the channels. The most commonly used of these extra points are 

described in Chapter 6, as classified by the WHO. 

The acupuncture points are effective 

e locally (for example, points on the elbow treat disorders of 
the elbow) 

e regionally (the channel pathway — for example, points on the 
arm treat disorders of the upper extremity) 

e some points have an effect on their pertaining zangfu-Organ 

¢ some points have additional actions such as calming the 
shen or eliminating Heat. 

The following table provides an overview for the general indica- 

tions of the channel points (modified after Ellis and Wiseman 

1991) 


Indications of the channel points 


Channel Indications 


Hand-Yin channels 
LU Lungs, throat Disorders of the 
P Heart, Stomach Spirit (shen) | thoracic region 

HE Heart disorders 
Hand-Yang channels 





























LIL Face, mouth, occiput, teeth, nose Eyes, disorders of 
T.B. | Head/lateral Disorders of _ | the throat, febrile 
costal region the ears diseases 
SI. Occipital region, 
shoulder, scapula, 
shen disorders 
Foot-Yin channels 
SP Spleen, Stomach, intestines Urogenital 





disorders, menstrual 
disorders, vaginal 
discharge, spirit 
(shen) disorders 


LIV | Liver, genitalia 
KID | Kidneys, Lungs, throat 





Foot-Yang channels 
ST Frontal aspect of the head, face, Psychoemotional 
mouth, teeth, throat, Stomach, disorders (shen 
intestines disorders), febrile 
G.B. | Lateral aspect of Disorders of _ | colds 

the head, ears, the eyes 
lateral costal region 











BL Posterior aspect of 
the head, lower back 




















8.1 Point Categories 


Certain acupuncture points or groups of points are categorised 
according to their actions or location on their respective chan- 
nels. (For an overview of these points and point groups — inside 
back cover.) 


8.1.1 Yuan-Source Points 


At the yuan-source points, the Original Qi (yuan qi > 1.1.4) of 
the respective Organ system emerges to the surface of the body. 
Location: near the hand or ankle. 
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Yin Yang 





SP-3 


Points 


Yuan-source points of the Yin channels 

LU-9 (taiyuan) SP-3 (taibai) HE-7 (shenmen) 

KID-3 (taixi) P-7 (daling) LIV-3 (taichong) 

e On the Yin channels the yuan-source point is always the 3rd 
point from the distal end of the channel 

e They are identical with the shu-stream points and the Earth 
point of the channel 


Function 

e They tonify deficiency or weakness of their pertaining zang- 
Organ 

e They regulate the Yin/Yang balance, restoring homeostasis 

e As Earth points they have a ‘grounding’ effect on the body, the 
emotions and the mind. 


Yuan-source points of the Yang channels 

L.L-4 (hegu) ST-42 (chongyang) S.I.-4 (wangu) 

BL-64 (jinggu) T.B.-4 (yangchi) G.B.-40 (giuxu) 

e On the Yang channels the ywan-source point is always the 4th 
point from the distal end of the channel, except for the G.B. 
channel (Sth point) 

e Regarding the energetics of the channel, they are all located 
between the shu-stream point and the jing-river point. 


Function 

e Their main function is to expel pathogenic factors in excess 
syndromes 

e They tonify their pertaining fu-Organ. 


Clinical application 


Diagnosis 

Disorders of a particular channel or its pertaining zangfu-Organ 
will often manifest themselves with tenderness, skin changes 
such as discolorations, swellings, redness, etc. in the area of the 
respective yuan-source point. 


Therapy 

e For deficiency of the relevant channel or Organ, use tonifying 
needling techniques; for excess, use reducing techniques 

e Combine with the /uo-connecting point of its Interiorly— 
Exteriorly paired channel (— 1.2.2) in order to increase the 
therapeutic effect and to balance Yin and Yang (— 8.3.3) 

e Combine with the respective Back-shu point (— 8.1.4) for 
disorders of the zangfu-Organs 


8.1.2 Luo-Connecting Points 


The /uo-connecting points are located in those regions of the body 
where the /uwo-network vessels (— 1.5) branch out, connecting the 
Interiorly—Exteriorly paired Yin and Yang channels (— 1.2.2). 


Yin Yang 
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If the FRONT END (the Coil and Capacitor) is loaded too much by the "pick-off" of the amplifying 
stages, you will only get one station. 

If you get squealing or "motor-boating," try a different circuit and layout as the components you 
are using, plus the voltage of the battery, will need changing. 

You cannot always increase the voltage of the supply and get a louder output. Sometimes the 
increased voltage will stop the circuit working or it may introduce too much gain that the circuit 
starts to squeal. 

The Radio IC (ZN414) DOES NOT WORK on a voltage above 1.5v and some of the transistor 
circuits completely stop working with a higher voltage. This has to do with the biasing 
arrangements and if the circuit is designed for a low voltage, you need to keep to the suggested 
voltage and experiment with a slight increase in voltage and see what happens. 

Building a radio is not easy as the enormous amount of amplification of the combined stages 
creates a feedback loop via the power rail that sets the circuit into oscillation. This effect gets 
worse with a higher supply voltage and we will explain this further with each of the circuits. 


MAKING A CRYSTAL SET 

You can buy a CRYSTAL SET kit (see the photo of the kit, above) or the individual components (a 
kit is the cheapest) or use the replacement for the FERRITE ANTENNA COIL (16 turns to 20 
turns on a 150mm biscuit tin) and/or the TUNING CAPACITOR made from aluminium foil and 
cardboard sheets. 

You will need an outside antenna and an earth (such as a water tap or the frame of your soldering 
iron) to pick up the radio stations. 

If you cannot put up an outside antenna, you will need to add one or more amplifying stages and 
this will allow you to reduce the length of the antenna and increase the volume of the audio. 


ADDING AMPLIFYING STAGES TO A CRYSTAL SET 


You can add two different types of amplifying stages to a crystal set. 

You can connect amplifying stage(s) to the FRONT END and these will be designed to put less 
load on the front end so the sensitivity and selectivity increases. These stages work at the 
frequency of the radio signal and they are called RF STAGES (Radio Frequency Stages). 

You can build these stages out of individual components or use a chip called a RADIO CHIP or 
RADIO IC (integrated circuit) for less than $2.00. 

The chip contains 5 stages of amplification and these are RF stages (or RF AMPLIFYING 
STAGES) and the concept is called TRF. (Tuned Radio Frequency). 

It is not easy to get this type of amplifier working because the stages produce a very high overall 
gain and you get a lot of "motor-boating" and squealing if the gain is not controlled. The gain must 
be reduced when a strong signal is being passed through the circuit because a strong signal will 
produce a large output and this will be so large that some of the waveform will find its way to the 
front of the amplifier via the power rail and start to be amplified again. To prevent the output 
getting too large, the circuit has a negative feedback line - called the AGC line - Automatic Gain 
Control. 

It would be very difficult to reproduce these 5 stages of amplification with discreet components 
and that's why it is best to use an IC. 


The next stage is a DIODE to convert the RF (Radio Frequency) to AF (Audio Frequency). This 
can be done with the diode-characteristics of a base-emitter junction in a transistor and we will 
show the alternatives. 


Any stages after the diode are AUDIO STAGES or AUDIO AMPLIFIER STAGES. 

The main job of the AUDIO AMPLIFIER is to increase the DRIVE CAPABILITY. 

In other words, increase the current capability of the circuit for an 8 ohm speaker or 8ohm 
earpiece (or 16 or 32 ohm). 

This is a very difficult thing to do and requires at least 2 stages. 

The LOAD you can put on a Crystal Set must be 10,000 ohms or higher. (if you put a lower 
resistance (impedance) on the output, you will load the FRONT END and reduce its ability to 
separate the stations. 

That's why a crystal earpiece is normally used with a crystal set. It puts almost NO LOAD on the 
circuit. 

If you put a load on the circuit the result will be only one or two stations across the whole dial and 
only the most powerful station will be received. 


If you don't have a crystal earpiece, you will have to use an 8 ohm earpiece. This will require an 
IMPEDANCE CONVERTING CIRCUIT of 1,250:1 
This is a simple way of saying we want the 8 ohm earpiece to appear as 10,000 ohms to the 
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Points 


The 12 /uo-connecting points of the primary channels are 
located between the fingers and the elbow on the upper extrem- 
ity and between the toes and the knee on the lower extremity. 

e Luo-connecting points of the primary Yin channels 
—hand Yin channels: LU-7 (lieque), P-6 (neiguan), HE-5 

(tongli) 
—foot Yin channels: SP-4 (gongsun), LIV-5 (ligou), KID-4 
(dazhong) 

e Luo-connecting points of the primary Yang channels 

—hand Yang channels: L.L-6 (pianli), T.B.-5 (waiguan), 
S.L-7 (zhizheng) 

— foot Yang channels: ST-40 (fenglong), G.B.-37 (guangming), 
BL-58 (feiyang) 

e Luo-connecting points of the ren mai: Ren-15 (jiuwei); action: 
regulates the Juo-connecting vessels of the Yin channels; 
indication: abdominal diseases and disorders 

e Luo-connecting points of the du mai: Du-1 (changqiang); 
action: regulates the /uo-connecting vessels of the Yang chan- 
nels; indication: disorders of the back 

e Great /uo-connecting point of the Spleen: SP-21 (dabao); 
action: connects with all /uo-vessels and governs all /uo and 
Blood vessels of the body; indication: disorders of the joint, 
general weakness and pain 

e Great /uo-connecting point of the Stomach: xu li*, near the 
left ST-18; moxibustion is contraindicated, only superficial 
needling is recommended. Indication: breathing and heart 


8.1 Point Categories 


disorders such as asthma, dyspnoea, emphysema and brady- 
cardia, also for shortness of breath due to anxiety attacks. 


Clinical application 


Diagnosis 

e In excess syndromes the /uo vessels often become visible near 
the Juo-connecting points, for example skin discolorations and 
swellings may occur. With pain due to Cold the predominant 
colour may be bluish to greenish, with Heat syndromes red- 
dish, with chronic stagnation and stasis dark to dark purple. 

e In deficiency syndromes there are often no colour changes. 
However, in severe chronic cases (for example severe Qi defi- 
ciency) there will more likely be distinct muscular flaccidity, 
presenting as a dip or depression in the area of the point. 


Therapy 

e For disorders of the pertaining zangfu-Organ or channel 

e For diseases of the Interiorly—Exteriorly paired Organ or 
channel 

e For disorders due to the accumulation of pathogenic factors or 
substances, for example Qi stagnation, Blood stasis, retention 
of Dampness or Phlegm 

e For psychoemotional problems, especially /uo-connecting 
points of the Yin channels, for example classically P-6 (neiguan) 
and HE-5 (tongli) 

e Bloodletting (three-edged needle, lancet or plum-blossom 
needle) on the /uo-connecting point of the affected channel: 
this is particularly indicated for excess syndromes with 
Qi stagnation and Blood stasis. For more details on point 
selection > 8.3.3 


8.1.3 Xi-Cleft Points 


Synonyms: Accumulation points (Maciocia) 

The xi-cleft points are all located between the fingers and the 
elbow on the upper extremity and between the toes and the knee 
on the lower extremity. Only ST-34 is located more proximally 
on the thigh. 





* Xu li is only rarely mentioned in Western literature. The location and signifi- 
cance of this point is based on Su Wen, chapter 18: ‘The geat /uo vessel of the 
Stomach is called xu Ji and emerges at ST-18 under the left breast, passes 
through the diaphragm and ascends to connect with the Lung. One can feel its 
pulsation with the hand. It is the place where the zong qi (— 1.1.4) of the chan- 
nels resides.’ (Ngyen Van Nghi, 1989). Xu /i is the only /uo-connecting vessel 
to directly emerge from a fu-Organ. It plays an important role in Korean 
acupuncture. 


—p— 
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8 Point Categories and Point Selection 


Yin 


Yang 








KID-5-{7 


Points 





Xi-cleft points of the primary Yin channels 


Hand Yin channels 
LU-6 (kongzui) 


Foot Yin channels 
SP-8 (diji) 


HE-6 (yinxi) 


KID-S5 (shuiquan) 


P-4 (ximen) 


LIV-6 (zhongdu) 


Xi-cleft points of the primary Yang channels 


Hand Yang channels 
L.L.-7 (wenliu) 

Foot Yang channels 
ST-34 (liangqiu) 
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S.I.-6 (yanglao) 


BL-63 (jinmen) 


T.B.-7 (huizhong) 


G.B.-36 (waiqiu) 


Xi-cleft points of the extraordinary vessels (point 
names printed in blue) 

e Xi-cleft point of the yang giao mai: BL-59 (fuyang) 

e Xi-cleft point of the yin giao mai: KID-8 (jiaoxin) 

e Xi-cleft point of the yang wei mai: G.B.-35 (yangjiao) 
e Xi-cleft point of the yin wei mai: KID-9 (zhubin) 


Clinical application 


Diagnosis 
e They provide information about disorders affecting their per- 
taining channel or zangfu-Organ 
— Excess: acute, intense pain upon pressure or redness and 
swelling in the area of the point 
— Deficiency: dull, mild pain upon pressure or presence of a 
depression in the area of the point 


Therapy 

e Mainly used for acute and/or therapy-resistant disorders, 
especially for excess conditions and pain of the affected chan- 
nel and/or pertaining zangfu-Organ. In patients with a robust 
constitution use reducing needling techniques. 

e Add the xi-cleft points of the Yin channels for disorders of the 
Blood. 

e In order to increase the therapeutic effect, the xi-cleft point 
may be combined with a relevant hui-meeting point (— 8.1.7). 


8.1.4 Back-Shu Points 


Synonym: Back-transporting points 

The Back-shu points are located on the inner branch of the BL 
channel at the level of their pertaining zangfu-Organ. They are 
mostly at the same level as the corresponding Front-mu point 
(> 8.1.5). 

















Lung BL-13~.__ 
Pericardium BL-14~~._ >> 
Heart BL-15--._ > 


Liver BL-18--__ 
Gall Bladder BL-19--.___- ~~) 


Spleen BL-20-------- | 
Stomach BL-21----~~ 7 fie 
Triple Burner BL-22--~~~”/ 
Kidney BL-23--~~~ | 








Large Intestine BL-25 ~~ : 





Small Intestine BL-27° } tl 
Bladder BL-28 °°?" 
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Points 
Organ Back-shu point 
Lung BL-13 (feishu) 





Large Intestine 


BL-25 (dachangshu) 























Stomach BL-21 (weishu) 

Spleen BL-20 (pishu) 

Heart BL-15 (xinshu) 

Small Intestine BL-27 (xiaochangshu) 
Bladder BL-28 (pangguangshu) 
Kidney BL-23 (shenshu) 
Pericardium BL-14 (jueyinshu) 





Triple Burner 


BL-22 (sanjiaoshu) 





Gall Bladder 


BL-19 (danshu) 





Liver 








BL-18 (ganshu) 








Lung 
Pericardium 
Heart 

Liver 

Gall Bladder 
Stomach 
Spleen 
Kidney 


Large Intestine 


LU-1 --___ 
Ren-17 ~___ 
Ren-14 ~_ | . 
LIV-14 -- 


G.B.-24 ----___] 


LIV-13------77 
G.B.-25--" 7] 
ST-25 ---""} 

























Triple Burner Ren-5 ~~~, 
Clinical application Small Intestine Ren-4 ie 
Bladder Ren-3 ~~ 
Diagnosis 
e Often spontaneously tender and/or sensitive upon pressure in 
disorders of the pertaining zangfu-Organ : 

Points 
Therapy 

Organ Back-shu point 


e Mainly used for disorders of the corresponding zangfu- 
Organ. These points have a tonifying effect for chronic disor- 
ders and deficiency syndromes, but can also be used for acute 





Lung 


LU-1 = (zhongfu) 





Large Intestine 


ST-25  (tianshu) 




















disorders of their pertaining zangfu-Organ. a ae en 
e For disorders of the sensory organs, use the Back-shu point of _ e @ aignet) 
the pertainin gfu-Organ oan Begs ae) 
7 saan ere Small Intestine Ren-4 = (guanyuan) 
Example: for disorders of the eyes, needle the Back-shu = 
; f the Liver BL-18 } Bladder Ren-3  (zhongji) 
point of the Liver BL-18 (ganshu). Kidney G.B.-25 (jingmen) 


For excess syndromes, the Back-shu points can be needled 
with reducing needling techniques; for deficiency syn- 
dromes, tonifying needling techniques should be applied. 
When Cold signs are present, moxibustion can also be used. 
The needles should not be retained longer than 10 minutes — 
longer needle retention can have a sedating effect and lead 
to tiredness. 


8.1.5 Front-Mu Points 


Synonym: Alarm points 
The Front-mu points are located on the thorax and abdomen in 
the area of their pertaining zangfu-Organs. 


Pericardium 





Ren-17 (danzhong) 





Triple Burner 


Ren-5 = (shimen) 





Gall Bladder 


G.B.-24 (riyue) 





Liver 





LIV-14 (gimen) 








Clinical application 


Diagnosis 


e Often spontaneously tender or sensitive upon pressure in dis- 


orders of the pertaining zangfu-Organ 


Therapy 


e Used to regulate the pertaining zangfu-Organ. For excess syn- 
dromes use reducing needling techniques; for deficiency syn- 


dromes use tonifying methods. 


e Commonly used 


point combinations: 


— Shu-mu method (= 8.3.2) 


8.1 Point Categories 


—For disorders of the fu-Organs: simultaneous needling of 
the lower he-sea point (— 8.1.9) and the Front-mu point of 
the affected fu-Organ. 
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8 Point Categories and Point Selection 


8.1.6 The Five Shu-Transporting Yin Yang 
Points Element Element 


The five shu-transporting points are located between the fingers 
and the elbow on the upper extremity, between the toes and 
the knee on the lower extremity. The classification and appli- 
cation of these points is based on two theories: on the one hand 
they are applied according to the Qi flow in the channel from 
distal to proximal, on the other hand they are used according to 
the Five Phases (—> 8.2.5). 


Water he-sea 4 Earth 















While the location of the five shu-transporting points is identical Metal jing-river Fire 
to the Five Phase points, their dynamics and range of application 

based on the Qi flow in the channels differs from or is even con- Earth (— shu-stream Wood 
trary to their actions as Five Phase points. The theoretical foun- Fire 


ying- 


spring Water 


dations of the Qi flow in the channels as applied in the instance 
of the shu-transporting point are based on a rather earlier circu- 
latory concept (> 1.1.1). 

The therapeutic application of the Five Phase points will be 
explained in more detail in — 8.2.5, while the clinical applica- Element Element 
he-sea Earth 


Wood jing-well Metal 









tion according to channel flow is described below. Water 


Theoretical background of the Qi circulation 

in the channels 

According to the more original centripetal model (— 1.1.1), the 

Qi flows from the peripheral parts of the body to the elbows and 

knees, similar to a river coursing from its spring to its estuary 

and finally into the sea: 

e The Qi flow begins at the anastomosis at the jing-well point. 
Here the water surfaces, it is dynamic and unstable (change of 
polarity from Yin to Yang) 

e The water course then changes to a spring (ying) and a stream Earth 
(shu) — both are at this point still quite dynamic features, the 
water flowing rapidly and superficially. Fire 

e The water then becomes increasingly deeper and slower, tak- 
ing on the characteristics of a river (jing). 

e Eventually it flows as a big river into the sea (he). 
This image of a river system is often used to explain disorders 
caused by pathogenic factors (xie gi). Due to the superficial 
position of these points on the extremities, pathogens can here 
easily penetrate the body. By the same token, they can be 
removed again with relatively little effort. Barbara Kirschbaum 
(course material 1999) provides a useful visual image: she sug- 
gests imagining a ship carrying a cargo of pathogens that begins 
its journey at the tips of the extremities. The further a point is 
located peripherally in the body, the easier it is for the ship to get 
rid of its dangerous cargo (or to expel the pathogen according to 
the dynamics of the Qi flow). However, once the ship has 
reached the he-sea point, the ship and its cargo will disappear in 
the big, wide sea, having the potential to injure the internal 
zangfu-Organ. Thus it is the therapeutic goal to eliminate 
pathogens from the body as soon as possible. 


jing- 


i Fire 
river 


Metal 





shu- 
stream 









ying- 
spring 








Wood jing-well Metal 
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8.1 Point Categories 


Overview: shu-transporting points 


Clinical application of the shu-transporting 

























































































































































points 
Shu-transporting points of the Yin channels Jing-well points (jing xue) 
Phase/ Wood Fire Earth Metal Water 
channel | point point point point point 
LU LU-11 LU-10 LU-9 + LUZS LU = Shu-transporting Points of the Yin channels 
SP SP-1 Sp-2+ | SP-3 SP-5 — |SP-9 Phase/ Wood Fire Earth Metal Water 
HE HE-O+ | HEB HE-7— | HE4 HE3 channel | point point point point point 
KID KID-1 — | KID-2_ | KID-3 | KID-7 + | KID-10 eee O10 | LUO FLU LOS = 
P Pot Ps Pao Ps P3 SP SP-1 SP-2 + | SP-3 SP-5 — | SP-9 
LIV LIV-1 LIV-2 — | LIV-3 LIV-4 LIV-8 + ne oe HES a al Ms = 
Channel | Jing-well | Ying- Shu- Jing- He-sea a eee KID-2 ne | 
Qi flow | point spring stream river point P ele P-8 PS P-5 P-3 
point point point LIV LIV-1 LIV-2 — | LIV-3 LIV-4 LIV-8 + 
DO g po 0 ¢ cha Channel | Jing-well | Ying- Shu- Jing- He-sea 
Phase/ Metal Water Wood Fire Earth Qi flow | point spring stream river point 
channel | point point point point point pom pom 
LI. L1I-l L1-2— | L.1-3 L.1L.-5 LI-l1 + Shu-transporting points of the Yang channels 
ST ST-45 — | ST-44 ST-43 ST-41+ |ST-36 
SL S.L-1 S.L-2 S.L-3 + | S.L-5 S.L-8 — 
BL BL-67 + | BL-66 BL-65 — | BL-60 BL-40 
TB. T.B.-1 T.B.-2 T.B.-3 + | T.B.-6 T.B.-10 — 
GB. G.B.-44 | G.B.-43+|] G.B.-41 | G.B.-38 —|G.B.-34 pale pelea 
Channel | Jing-well | Ying- Shu- Jing- He-sea HE00 eee Basen Bb 
Qi flow | point spring stream river point T.B.-2 T.B.-3 + | T.B.-6 T.B.-10 — 
point point point G.B.-43+| G.B.-41 | G.B.-38 —| G.B.-34 
speak : F : Channel Ying- Shu- Jing- He-sea 
+, tonification point; — , sedation point ‘ : a P 
Qi flow spring stream river point 
point point point 
+, tonification point; — , sedation point 


According to the Five Phases (— 8.2.5) the jing-well points of 
the Yin channels correspond to the Wood points, while those of 
the Yang channels correspond to the Metal points. 

Location: as the last or first point of each channel, they are 
located on the tips of the fingers or the toes (exception: KID-1 
of the sole of the foot). The course of the channel is here at its 
most superficial. It is also here that a change of polarity is taking 
place in the energy: from Yin to Yang or vice versa. Caution: 
needling these points can be quite intense and painful, present- 
ing a strong stimulus to the body. 


Actions 

e Clear Heat, restore consciousness, eliminate Heat and excess 
from the upper end of the channel: commonly pricked to bleed. 

e Treat fullness and Cold below the Heart 

e Treat disorders of the spirit (shen) for psychological disorders 


Indications 

e For acute conditions and emergencies: the jing-well points 
can quickly expel Exterior pathogenic factors (xie qi), espe- 
cially Heat. They have a strong effect on the psyche, for 
example for coma, collapse and shock as well as for severe 
irritability and restlessness. 

e The points on the Yin channels also have an effect on their 
pertaining zang-Organs and can eliminate internal Wind. 


—p— 
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8 Point Categories and Point Selection 


Examples 

e LU-11: prick to bleed for acute sore throat 

e KID-1: for spasms and unconsciousness 

e HE-9: for collapse 

e SP-1: for uterine bleeding 

For psychological disorders: 

e KID-1: for severe restlessness 

e P-9 and HE-9: for extreme restlessness and insomnia 
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Ying-spring points (ying xue) 


Shu-transporting points of the Yin channels 


















































LIV 











Channel 
Qi flow 















LU-11 

SP-1 SP-3 SP-5 — | SP-9 
HE-9 + HE-7— |HE-4  |HE-3 
KID-1 — KID-3._ | KID-7 + | KID-10 
P-9 + P-7— |P5 P-3 
LIV-1 LIv-3 | LIV-4— | LIV-8 + 
Jing-well Shu- Jing- He-sea 
point 





Shu-transporting points of the Yang channels 








LI. 




















ST 











S.1. 











BL 











TB. 











GB. 











Channel 
Qi flow 















L.I-1 

ST-45 — ST-43 ST-41 + |ST-36 
S.1-1 S.1-3 + | S.L-5 S.1-8 — 
BL-67 + BL-65 — | BL-60 BL-40 
T.B.-1 T.B.-3 + | T.B.-6 T.B.-10 — 
G.B.-44 G.B.-41 | G.B.-38—|G.B.-34 
Jing-well Shu- Jing- He-sea 
point 


+, tonification point; — , sedation point 














According to the Five Phases (— 8.2.5) the ying-spring points of 
the Yin channels correspond to the Fire points, while those on 
the Yang channels correspond to the Water points. Caution: 
needling some of these points can be painful, for example 
LU-10, P-8, HE-8. 


Location: as the second most distal point of each channel, they 
are located on the upper extremity between the phalanges and 
metacarpal bones and on the lower extremity between the pha- 
langes with the exception of KID-2. 


Actions 


e They are very dynamic points that eliminate both external and 


internal pathogenic factors. 
e They clear Heat from their pertaining zangfu-Organ and 
channel, especially in the upper half of the body. 


Indications 
e For example for febrile diseases: Exterior Heat syndromes 
are mainly treated using points on the Yang channels while 
Interior Heat or deficient Heat syndromes are treated with 
points on the Yin channels. 


Examples 


e LU-10: for acute inflammations of the throat 
e ST-44: for acute frontal headaches or acute inflammations 
affecting the face 
e LIV-2: for severe temporal headaches, for example due to 
blazing Liver Fire 











Proximal phalanx II 
1 


S 
~ 


gs 






8.1 Point Categories 


RS 
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Proximal to 
interdigital f 





Shu-stream points (shu xue) 


Shu-transporting points of the Yin channels 




































Channel 
Qi flow 






He-sea 
point 


Jing-well 
point 




















Shu-transporting points of the Yang channels 

































































LI. L.L-1 L.IL.-2 — L.L.-11+ 
ST ST-45 — | ST-44 ST-41+ |ST-36 
S.I. S.1-1 S.1.-2 S.L-5 S.L-8 — 
BL BL-67 + | BL-66 BL-60 BL-40 
TB. T.B.-1 T.B.-2 T.B.-6 T.B.-10 — 
G.B. G.B.-44 | G.B.-43+ G.B.-38 —| G.B.-34 
Channel | Jing-well | Ying- Jing- He-sea 
Qi flow point spring river point 
point point 
+, tonification point; — , sedation point 


According to the Five Phases (— 8.2.5) the shu-stream points of 
the Yin channels correspond to the Earth points and yuan- 
Source points (— 8.1.1), while those on the Yang channels cor- 
respond to the Wood points. 

Location: counting from the periphery, they are the third point 
of each channel, the only exception being the G.B. channel (4th 
point on the channel). They are located proximal to the metacar- 
pophalangeal or metatarsophalangeal joints, except for KID-3 
(posterior to the medial malleolus), LIV-3 and SP-3 (both 





located at the distal ends of the metatarsal bones) as well as 
LU-9, HE-7 and P-7 (all located on the wrist joint space). 


Actions 

They are considered to be the entry points for pathogenic factors; 
needling these points can strengthen the Defensive Qi (wei qi) 
(— 1.1.4) and eliminate pathogenic factors from the respective 
channel. At the shu-stream points, the Qi flow is already somewhat 
deeper: the bed of the river is widening and deepening. 


Indications 

For bi-syndromes of the joints, especially due to Damp or patho- 

genic Wind. They are generally used for heaviness of the body 

as well as for shaoyang syndrome with intermittent symptoms. 

e Points on the Yang channels are predominantly used for Exterior 
syndromes: they have a specific action on their respective channel. 

e Points on the Yin channels are more commonly used for 
Interior syndromes; they strengthen and harmonise their 
respective zang-Organs (this is in part due to these points also 
being the yuan-source points). 






LU-8 





Teng 











’ 


aaeees Joint Space 


Highest prominence of Achilles 
the medial malleolus -__ -tendon 
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8.1 Point Categories 


Jing-river points (jing xue) 


Shu-transporting points of the Yin channels 



































LU LU-11 

SP SP-1 SP-2 + | SP-3 

HE HE-9 + 

KID KID-1 — 

P P-9 + 

LIV LIV-1 LIV-2 — | LIV-3 

Channel | Jing-well | Ying- Shu- 

Qi flow | point point 














Shu-transporting points of the Yang channels 















































LI. L.I-1 LI-2 — | L.L-3 

ST ST-45 — | ST-44 ST-43 

S.L S.L-1 S.1.-2 S.1L-3 + 

BL BL-67 + | BL-66 BL-65 — 

TB. T.B.-1 T.B.-2 T.B.-3 + 

GB. G.B.-44 | G.B.-43+] G.B.-41 

Channel | Jing-well | Ying- Shu- 

Qi flow | point spring stream point 
point point 

+, tonification point; — , sedation point 


According to the Five Phases (— 8.2.5), the jing-river points of 
the Yin channels correspond to the Metal points, while those 
on the Yang channels correspond to the Fire points. 

Location: they are located between the shu-stream points and 
the he-sea points. On the upper extremity, they are located 
either at, or distal or proximal to the wrist, while on the lower 
extremity they are located either at, or distal or proximal to the 
ankle (see figure on p. 676). 


Actions 

They divert external pathogenic factors away from joints, bones 
and tendons towards the Exterior. At the jing-river points the Qi 
flow becomes increasingly wider, slower, deeper and larger — 
thus the actions of these points are also less dynamic compared 
to the first three, more peripheral, shu-transporting points. At the 
jing-tiver points external pathogens have already penetrated 
deeper into the body, especially into the joints, bones and tendons. 


Indications 

e Dyspnoea, disorders of the throat such as inflammations, 
cough, disorders manifesting in the voice. 

e Alternating fever and chills (especially points on the Yin 
channels) 

e Also for bi-syndromes such as painful joint and tendon 
disorders. 
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Highest prominence 
of the medial malleolus - - 









LU-11 


Metacarpal V 
---- Pisiform 


----Wrist joint space 











SP-1 


SP-2 + 


SP-3 


SP-5 — 








HE-9 + 








KID-1 — 











P-9+ 








Tendon of the extens: 





LIV-1 


LIV-2 — 


LIV-3 


LIV-4 





pollicis longus 
and 
tibialis anterior 
















Jing-well 
point 

















Shu-transporting points of the Yang channels 





























































LI. L.L-1 L.IL-2 — | L.1L-3 

ST ST-45 — | ST-44 ST-43 ST-41 + 

SL. S.L-1 S.L.-2 S.1-3 + | S.L-5 

BL BL-67 + | BL-66 BL-65 — | BL-60 

T.B. T.B.-1 T.B.-2 T.B.-3 + | T.B.-6 

G.B. G.B.-44 | GB.-43+) G.B.-41 | GB.-38— 

Channel | Jing-well | Ying- Shu- Jing- 

Qi flow | point spring stream river 
point point point 

+, tonification point; — , sedation point 


According to the Five Phases (— 8.2.5) the he-sea points of the 
Yin channels correspond to the Water points, while those on 
the Yang channels correspond to the Earth points. 

Location: on the upper extremity these points are located near 
the elbow, on the lower extremity near the knee. 





1/28/2018 Crystal Set 


crystal set. 

To produce an overall gain of 1250, we need two stages of amplification. 

If a transistor has a gain of 70, it will it will produce an impedance conversion of 70 times. This is a 
realistic value. Transistors with a gain of 200 will have a gain of about 70 when fitted to a circuit. 
This means the other transistor needs to have a gain of about 20 and that is easy to achieve. 


ADDING AMPLIFYING STAGES TO THE FRONT OF A CRYSTAL 


SET 

Adding stages to the front of a crystal set are called RF STAGES (Radio Frequency Stages) 
because they amplify the RADIO STATION SIGNAL. 

It does not matter if you amplify RF signals or AF signals. The result is the same. 

The only difference is this: The frequency of RF signals is much higher (1,000 times higher) and 
the coupling capacitors can be much smaller. 

This allows an RF amplifier to be built into an IC - called a Radio Chip. 

One of the most popular Radio IC's is ZN414 or YS414. This chip has been copied by other 
manufacturers as: MK484, TA7642 and LMF501T. 

All the chips are the same but the pinout is different. 

These chips work on a 1.5v supply and if the voltage is increased above 1.5v, the gain of the 
stages increases to a point of total distortion. 

To prevent strong signals producing distortion on 1.5v supply, the output is passed back to the 
input via a 150k resistor. This feedback line is called the AGC (Automatic Gain Control). 

The chip contains 5 stages of amplification plus a stage that converts the RF signal to AF 
(Detector Stage). This means the signal diode in a Crystal Set is not needed. 


Here is the circuit of the TA7642 Radio Chip. It performs the same as the ZN414 Radio Chip. 


Pavers] 





The ZN414 chip can be purchased from Talking Electronics for $1.00 plus postage 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 17/24 
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8.1 Point Categories 


Actions 

e They descend counterflow Qi and stop diarrhoea. At the he-sea 
points the Qi flow is very wide, deep and slow, ‘terminating 
in the deep sea’ where the ‘toxic cargo’ can ‘disappear’ into the 
body unless treated adequately. External pathogens (xie qi) 
which have not been eliminated from the channel beforehand 
can here penetrate the Interior of the body and injure the 
zangfu-Organs. 

e Diseases of the fu-Organs (here especially points on the lower 
extremities are indicated). 


Indications 

e Disorders of the fu-Organs, especially gastro-intestinal disor- 
ders with symptoms such as vomiting and diarrhoea 

e Some he-sea points are also indicated for skin diseases, for 
example LI-11, BL-40. 









Biceps tendon ~ 









Olecranon --- 


Medial condyle 





of the tibia 
Junction of the Popliteal ios 
shaft and medial ag 
Gastrocnemius - - ------ condyle of 


the tibia 












dinosus 


n) 





8.1.7 The Eight Hui-Meeting Points 


Synonym: Gathering Points (Maciocia) 

The Qi of a particular tissue, Organ system or substance gathers 
at the hui-meeting points and can be influenced through these 
points. 


Biceps tendon -__ 


Cubital crease 
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Points and clinical application 


Ren-17 - 


Ren-12 ~ 
LIV-13 ~-. 


The Eight hui-Meeting Points 
























































Point Tissue/organ Indications 
system/substance 

LIV-13 zang-Organs Disorders of the zang- 

(zhangmen) Organs (tonifies the Spleen 
and indirectly all zang-Organs) 

Ren-12 fu-Organs Disorders of the fu-Organs, 

(zhongwan) for example of the gastro- 
intestinal tract 

Ren-17 Qi, has a strong Respiratory diseases and 

(danzhong or | effect on the disorders of the Qi flow such 

shanzhong) zong qi as hiccups; controls the zong 
qi and therefore functioning 
of the Lungs and Heart 

BL-17 Blood (xue) Disorders of the Blood such as 

(geshu) anaemia, Blood stasis, 
haemorrhagia and 
gynaecological disorders 

G.B.-34 Sinews Disorders of the joints, 

(yangling- sinews and muscles 

quan) 

LU-9 Blood vessels Stimulates the peripheral 

(taiyuan) Blood circulation for disorders 
of the blood vessels such as 
vasculitis and arteriosclerosis 

BL-11 Bones Disorders of the Bones 

(dazhu) such as shoulder and spine 
problems, joint and bone pain 

G.B.-39 Marrow Disorders of the Bones, 

(xuanzhong) the Marrow and Brain (nerves) 








—p— 


8.1.8 Opening Points of the Eight 
Extraordinary Vessels 


Synonyms: Confluent points (Deadman et al 1998), Master 
points (Pirog 1996) 

The table below shows the opening points of the eight extraordi- 
nary vessels. For more detail on their origin and pathways 
— 1.7, Chapter 5. 


Yin © Yang 



































Yin-Vessels 


black 
blue Coupled point 


Central <—> Peripheral (Yin-Yin, Yang-Yang) 


Opening point 


Peripheral <—> Peripheral (Yin-Yang) 


Central <-> Central (Yin-Yang) 
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Points 


8.1 Point Categories 





Pairs Extraordinary Vessel 


Opening point 


Coupled point 
(opening point of the paired vessel) 


Supported body regions 





Pair 1 chong mai 


SP-4 (gongsun) 


P-6 (neiguan) 





yin wei mai 


P-6 (neiguan) 


SP-4 (gongsun) 


Heart, chest, Stomach 





Pair 2 du mai 


S.1.-3 (houxi) 


BL-62 (shenmai) 





yang qiao mai 


BL-62 (shenmai) 


S.L-3 (houxi) 


Occiput, shoulder, back 





Pair 3 dai mai 


G.B.-41 (zulingi) 


T.B.-5 (waiguan) 





yang wei mai 


Pair 4 ren mai 


T.B.-5 (waiguan) 
LU-7 (lieque) 


G.B.-41 (zulingi) 
KID-6 (zhaohai) 





yin giao mai 


KID-6 (zhaohai) 


LU-7 (lieque) 


Temples, ears, lateral aspects of the body 





Face, throat, chest, Lungs, abdomen 




















Clinical application 

Various approaches exist for needling the opening/coupled 

points of the extraordinary vessels. The following method for 

‘opening’ or regulating the extraordinary vessels has been 

used with good therapeutic results in clinical practice: 

e Needle the opening point of the relevant channel first, then 
needle the contralateral coupled point (opening point of the 
paired extraordinary vessel). This will mobilise and regulate 
the Qi of the extraordinary vessel, making it more dynamic. 

e During a subsequent session, needle either the xi-cleft point 
of the previously treated extraordinary vessel (> 8.1.3) or 
add other channel points of the vessel (see channel path- 
ways, chapter 5) during the same or subsequent session. This 
will further support the dynamics of the Qi flow in the vessel. 

In addition Maciocia (1989) and Kirschbaum (1995) suggest the 

following procedure for ‘opening’ the extraordinary vessels: 

e In women: First needle the opening point on the right side 
with even method, then the coupled point on the left side with 
even method. Afterwards other points on the respective vessel 
may be added. 

e In men: First needle the opening point on the /eft side with 
even method, then the coupled point on the right side with 
even method. Afterwards other points on the respective vessel 
may be added. 

e Needle retention: the needles should be retained for 20-25 
minutes and should be removed in the opposite order. 


8.1.9 Lower He-Sea Points 


The lower he-sea points are used as the main points for disorders 
of their pertaining fu-Organ. 


Points and clinical application 






















i a [| 
ee aa : Triple Burner BL-39° |." { 
Gall Bladder G.B.-34--/_ st | Bladder BL-40 

4 
Large Intestine ST-37-)----¢ 
Small Intestine ST-39--~\~ i 
| 


e ST-36 (zusanli): Lower he-sea point of the Stomach; indica- 
tion: loss of appetite, epigastric pain and fullness, acid reflux, 
abdominal pain, constipation, diarrhoea 

e ST-37 (shangjuxu): Lower he-sea point of the Large Intes- 
tine; indication: appendicitis, diarrhoea 

e ST-39 (xiajuxu): Lower he-sea point of the Small Intestine; 
indication: diarrhoea, abdominal pain 

e G.B.-34 (yanglingquan): Lower he-sea point of the Gall 
Bladder; indication: cholecystitis, vomiting 

e BL-40 (weizhong): Lower he-sea point of the Bladder; indi- 
cation: urinary incontinence, urinary retention 

e BL-39 (weiyang): Lower he-sea point of the Triple Burner; 
indication: urinary incontinence, urinary retention 


8.1.10 Meeting Points (Jiaohui Points) 


Synonym: Intersecting points (Practical Dictionary) 

Meeting points (jiaohui points) represent intersections between 
channels and vessels. Needling them allows more than one chan- 
nel to be influenced and widens the range of actions of a given 
point. By the same token, the number of needles may be reduced 
while maintaining a good therapeutic effect. 


—p— 
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8.1.11 The Gao Wu Command Points 


Synonym: none known 

These points have the ability to affect certain regions of the 
body. By combining these points with local and other specific 
points they can increase the therapeutic effect in a particular area 
of the body. 








\\ 


“) Du-26 
\t y~~ (to revive 
consciousness) 






CA 
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8.1 Point Categories 


Points and clinical application 

e ST-36 (zusanli): for all disorders of the abdomen 

e L.I.-4 (hegu): for disorders of the face and mouth 

e LU-7 (lieque): for disorders of the occiput 

e BL-40 (weizhong): for disorders of the back and lumbar 
region 

e P-6 (neiguan): for disorders of the thorax 

e Du-26 (renzhong): for restoring consciousness (The last two 
points were added later, ~ Deadman et al 1998) 


8.1.12 The Window of Heaven Points 


In Chinese classical literature there are only a few references to 
these points. In modern times, both Ross (1995) and Deadman 
et al (1998) mention this group of points. 


Points 

LU-3 (tianfu) L.L-18 (futu) P-1 (tianchi) 
T.B.-16 (tianyou) —S.1.-16 (tianchuang) _ S.1.-17 (tianrong) 
ST-9 (renying) BL-10 (tianzhu) Ren-22 (tiantu) 


Du-16 (fengfu) 


Location: Eight of the Window of Heaven points are located in 
the neck region (exceptions are LU-3 on the upper arm and P-1 
on the thorax). This might provide a clue about the action of 
these points in regulating the Qi flow between the head and the 
body. 

Comment: According to Deadman, the Ming dynasty physician 
Ma Shi remarked that S.I.-17 should be replaced by G.B.-9 
(tianchong). If that was the case all six Yang channels running to 
the head would be represented by a Window of Heaven point. 











Clinical application 
e For disorders of the Qi flow: 
— LU-3, L.L-18, Ren-22 for counterflow Qi causing cough, 
wheezing, etc. 
— P-1 for counterflow Lung Qi with copious Phlegm 
— ST-9 for counterflow Lung and Stomach Qi 
— BL-10 treats dizziness, headaches and stiffness of the 
occiput, etc. 
— Du-16 for internal Liver Wind 
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e For goitre, swellings, pain and Qi stagnation in the occiput 
and neck: especially indicated if these occur locally 
e For disorders with an acute onset, for example 
— L.L.-18 for acute aphonia 
— ST-9 for acute diarrhoea 
— S.I.-16 for acute aphonia, for example following a stroke 
— BL-10 for epilepsy 
— T.B.-16 for acute hearing loss 
Ren-22 for acute dyspnoea 
— Du-16 for acute aphasia following a stroke 
e For psychological disorders: 
— LU-3 for somnolence, grief, disorientation, forgetfulness, 
insomnia 
— S.L-16 for manic agitation and bipolar disorder 
— BL-10 for mania, hallucinations, epilepsy, childhood con- 
vulsions 
— T.B.-16 for vivid dreaming 
— Du-16 for mania, grief, anxiety with anxiety-induced pal- 
pitations 
e For disorders of the sensory organs: 
— LU-3 for nose bleeding, blurry vision, myopia 
— ST-9 for blurry vision 
— S.L-16 for deafness, tinnitus, ear pain 
— S.L-17 for tinnitus and deafness 
— BL-10 for eye pain, blurry vision, excessive tearing, speech 
disorders, blocked nasal passages, loss of sense of smell 
— T.B.-16 for hearing disorders, visual disorders, eye pain, 
excessive tearing, loss of sense of smell, blocked nasal pas- 
sages 
— Du-16 for speech disorders (for example following a 
stroke), blurry vision, nosebleeds 
— Ren-22 for speech disorders 


8.1.13 Points of the Four Seas 


These points have a particular, supportive effect on their respec- 
tive ‘Sea’. 


eo 


Sea of 
Marrow Du-16. 
K 






y 
x4 
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ST-30 


Sea of 


Water and 
Grain 
SUH 























| Ling Shu*: ‘When the Sea of Qi is in excess there is fullness in the 


insufficient, there is scanty energy, insufficient for speech.’ 





Ling Shu*: ‘Whe 





| Ling Shu*: ‘Whe 















chest, urgent breathing and a red complexion. When the Sea of Qi is 





Ling Shu*: ‘The Penetrating vessel is the sea of the twelve channels. 
In the upper it is conveyed to BL-11 (dazhu), and in the lower it 
emerges at both the ST-37 (shangjuxu) and ST-39 (xiajuxu) ...When 
the Sea of Blood is in excess, then one has a sensation of the body 
being big; one feels disquiet, but does not know what the illness is; 
when the Sea of Blood is insufficient, one has the sensation of one’s 
body being small; one feels reduced but does not know what the 
illness is.’ 


















nthe S 





ea of Water and Grain is in excess, there is 
abdominal fullness, and when it is deficient, there is hunger with 
inability to eat.’. 


n the Sea of Marrow is in excess, there is lightness 
of the body and much strength, and a person’s feeling of ‘self’ 
exceeds the normal level; when the Sea of Marrow is insufficient 
there is a whirling sensation of the brain, dizziness, tinnitus, pain of 
the lower legs, impairment of vision, indolence and desire to sleep.’ 









yea of Marro 












* Quotes from the Ling Shu according to Deadman et al. (1998). 
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8.1.14 The 12 Heavenly Star Points of 
Ma Dan Yang 


Ma Dan Yang, a famous physician of the Jin dynasty, considered 
these initial 11 points as the most important acupuncture points. 
It was the physician Xu Feng who later added LIV-3 as the 12th 
point. 




















LU-7 (lieque) 
ST-36 (zusanli) 


L.L-4 (hegu) 
ST-44 (neiting) 
BL-40 (weizhong) BL-57 (chengshan) 
G.B.-30 (huantiao) G.B.-34 (yanglingquan) LIV-3 (taichong) 


L.L-11 (quchi) 
HE-5 (tongli) 
BL-60 (kunlun) 


8.1.15 The 13 Ghost Points of 
Sun Si Miao 


Sun Si Miao, a famous physician of the Tang Dynasty, applied 
these 13 points (also called demon points) for treating disorders 
that today would be considered severe, manic, psychological dis- 
orders and/or epilepsy. Each Sun Si Miao Ghost point has an 
alternative Chinese name containing the component ‘demon’ or 
‘ghost’ (see list according to Deadman et al. 2000). According to 
Deadman et al., some authors assumed that guixin is LU-9 
(taiyuan) rather than P-7 (daling), while guilu is believed to be P- 
5 Gianshi) or P-8 (laogong) rather than BL-62 (shenmai). There 
also exist different versions of this list of points; for example the 


8.1 Point Categories 


physician Gao Wu omitted BL-62, Du-23, Ren-1* (in the origi- 
nal text of Sun Si Miao: yumentou/yinxiafeng) and L.1.-11, 
adding Du-24, ST-17, LIV-2 and G.B.-34 instead. 






























































Name Alternative name | Translation 
Du-26 renzhong guigong Ghost Palace 
Du-16 fengfu guizhen Ghost Pillow 
Du-23 shangxing guitang Ghost Hall 
Ren-24 chengjiang | guishi Ghost Market 
LU-11 shaoshang guixin Ghost Faith 
L.L-11 quchi guitui Ghost Leg 
ST-6 jiache guichuang Ghost’s Bed 
SP-1 yinbai guilei Ghost Fortress 
P-7 daling guixin Ghost Heart 
P-8 laogong guicu Ghost Cave 
BL-62 shenmai guilu Ghost Path 
Ex-HN-11 | haiquan guifeng Ghost Seal 
Ren-1* huiyin guicang Ghost Store 
Du-23- - ep 
pias fle 
Ex-HN-11. (3s tA) 
ST-6 -- Pray 
Ren-24--77-+\| 


Lu-11 


Ren-1° 
(yumentou 
or 
yinxiafeng) 





























* Yumentou (in women) and yinxiafeng (in men): these two extra points approxi- 
mately correspond to Ren-1 (huiyin/guicang) (Ghost Store). 


—p— 
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8.1.16 Entry/Exit Points 


While in modern Chinese literature entry/exit points are not 
mentioned as a separate point category, they are listed as such in 
some Western literature (for example Jarrett 2003, Hicks et al. 
2004, Pirog 1996). However, Hicks et al. (— 2004, p. 250) pos- 
tulate that original Chinese sources exist for these points. The 
concept of entry/exit points is based on a continuous flow of Qi 
from one channel to the next, the sequence corresponding to the 


Organ clock (— 1.1.4). Shunts are suggested in order to facili- 
tate the flow of Qi from the end of one channel to the beginning 
of the next. At an entry point the Qi therefore flows from the pre- 
ceding channel into the following one, while at the exit points it 
leaves the current channel in order to enter the next one. 

However, it should be noted that the entry/exit points do not 
always correspond to the first or last point on a channel. In the 
following table these points are marked by grey shading. 
















































































Channel (sequence Time of maximum Qi flow Entry/exit points in sequential order 
according to Organ clock) 
LU (LU-1-LU-11) 3—Sam LU-1 = (zhongfu) = | LU-7  (lieque) 
§ 
LI. (L.I.-1-L.1.-20) 5-7am L.I.-20 (yingxiang) @ | LI-4  (hegxu) 
y 
ST (ST-1-ST-45) 7-9am ST-1 — (chengqi) = | ST-42 (chongyang) 
§ 
SP (SP-1—SP-21) 9-1lam SP-21 (dabao) @ | SP-1 — (yinbai) 
u 
HE (HE-1—HE-9) llam—lpm HE-1 = (jiquan) = | HE-9  (shaochong) 
§ 
S.L. (S.L-1-S.1.-19) 1-3pm S.I.-19 (tinggong) @ | S.1-1  (shaoze) 
y 
BL (BL-1-BL-67) 3-S5pm BL-1 (jingming) = | BL-67 (zhiyin) 
§ 
KID (KID-1—KID-27) 5-7pm KID-22 (bulang) @ | KID-1 (yongquan) 
y 
P (P-1-P-9) 7-9pm P-1 (tianchi)* = | P-8 (laogong)* 
§ 
T.B. (T.B.-1-T.B.-23) 9-11pm T.B.-22 (erheliao) @ | T.B.-1  (guanchong) 
y 
G.B. (G.B.-1-G.B.-44) 11pm—lam G.B.-1 (tongziliao) = | G.B.-41 (zulingi) 
§ 
LIV (LIV-1-LIV-14) 1-3am LIV-14 (gimen) @ | LIV-1 (dadun) 




















* In women P-2 is often substituted for P-1 due to its anatomical location close to the breast. 


—p— 
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Lt-4i S.-1 
T.B.-1 





Entry/exit block and therapy 

Pulse diagnosis can reveal the partial or complete block between 
entry and exit points. An entry/exit block will inhibit the Qi flow 
from one channel to the next. In order to restore the blocked 
flow, the exit point of the blocked channel and the entry point of 
the following channel are needled at the same time. According 
to Hicks et al. (2004), further exit and entry points preceding or 
following the affected channel can be added in order to regulate 
the Qi flow over a greater distance. Needling should always be 
bilateral, even if the disorder occurs only on one side of the 


8.2 Strategies for Point Selection 


body. If it is not only the shunt between two channels, but the 

circulation in a channel as a whole that is affected, the flow in 

the whole channel can be strengthened and stimulated by simul- 
taneous needling of both its entry point and its exit point. 

Pirog (1996) compares the entry/exit points to input and output 

valves regulating the flow in a series of pipes (the channels) by 

‘opening’ or ‘closing’ them. 

e Tonifying needling techniques at the entry point (opening the 
input valve) will increase the flow into the channel. For exam- 
ple: tonifying LU-1 opens the input valve. This will increase 
Qi flow in the LU channel for deficiency in this channel. 

e Tonifying needling techniques at the exit point (opening the 
output valve) will decrease the flow in the channel. For exam- 
ple: Tonifying LIV-14 opens the output valve: excess in the 
LIV channel will be drained. 

e Reducing needling techniques at the entry point (closing the 
input valve) will reduce the flow into the channel. For exam- 
ple: Reducing LU-1 closes the input valve and reduces the 
flow from the LIV channel into the LU channel, for example 
if there is pre-existing excess in the LU channel. 

e Reducing needling techniques at the exit point (closing the 
output valve) will strengthen the flow in the channel. For 
example: Reducing LIV-14 closes the output valve and pre- 
vents a further loss of Qi if there is a pre-existing deficiency 
in the LIV channel. 


8.2 Strategies for Point Selection 


8.2.1 Local, Adjacent and Distal Points 


Local points 

Local points are located in the immediate vicinity of the affected 
region. Each point that is tender with pressure (ashi point) can 
be considered to be a local point. 


Adjacent points 


Adjacent points are located near the affected or painful region. 


Distal points 

Distal points, despite being located at a distance from the 
affected area, still have a therapeutic effect, either directly or by 
being connected to the affected area by a channel (— 1, also 
— 8.2.2, selection of distal points). The most effective and 
dynamic distal points are located distal to the knee (for the leg) 
or the elbow (for the arm). Generally the distal points of the foot 
channels tend to be more dynamic and effective than those on 
the arm channels. 
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Needling technique: In acute conditions or with severe pain the 
distal points should be needled with a reducing technique in 
order to activate the Qi flow more strongly in the blocked 
channels. 

Stimulation of distal points: For a limited range of motion 
accompanied by pain the relevant distal point is strongly stimu- 
lated with a reducing technique while the patient moves the 
affected joint. 

Enhancing the therapeutic effect: The therapeutic effect can 
be enhanced by combining distal points on the hand channels 
with those on the foot channels or by combining distal points 
with relevant local and adjacent points (— 8.3.1). 


8.2.2 Point Selection According to 
Affected Channel 


Here the method of selecting points is based on the channel 

system (—> 1): 

e Selecting points on the channel which traverses the affected 
area 

e Selecting points on the channel that is Interiorly—Exteriorly 
pertaining (— 1.2) to the affected channel 

e Selecting points from the channel which is connected to the 
affected channel by hand-foot pairing (for example, taiyang 
axis, etc. > 1.2.3) 


Differential selection of distal points 

The following possibilities for selecting distal points are, among 
others, based on course material about the ‘one point therapy’ by 
R. Thambirajah (1990, 1991), R. Tan (2003) and my own clini- 
cal experience. 


Selection of distal points according to 
corresponding areas 

The distal points can be selected according to corresponding 
areas. The affected area is carefully examined, then the corre- 
sponding area is needled contralaterally (— Fig.). 


Fingers 
Wrist 


QXO crow Ve } 


Forearm (Ey ; 
Upper arm © 


Lumbar region/back 






Selection of distal points according to 
Interiorly-Exteriorly connected channels 

Here points are selected on the Interiorly—Exteriorly connected 
channel (Yin/Yang). The affected area is carefully located, then 
the corresponding point (mirror point) is needled with reducing 
technique on the contralateral side on the Interiorly—Exteriorly 
pertaining channel. Another specific example for this method of 
point selection is the ywan—luo combination (— 8.3.3). 
Example: For a disorder affecting the ST channel (foot yang- 
ming) select a point on the Interiorly—Exteriorly pertaining SP 
channel (foot taiyin). For example, for knee pain at ST-35, nee- 
dle SP-9 contralaterally (— Fig.). 


sT-35 | ‘SP-9 


1/28/2018 Crystal Set 


USING THE ZN414 RADIO IC 


By using the ZN414 radio IC (or any if the equivalents) you can create a POCKET RADIO to drive 
a headphone or speaker. 

But it is not easy to use the chip. The main problem is receiving the strong signals without 
producing distortion and then being able to pick up the weak stations. 

A fixed 100k feedback resistor does not provide adequate control and a TRF radio has limited 
capabilities. 

That's why radio manufacturers make SUPERHETRODYNE receivers. Even though they are 
more complex, the result is far superior. 

However a simple TRF set can be made with the Radio IC and a few stages of audio 
amplification. 


The following circuit uses just the Radio IC and a crystal earpiece or the home-made earpiece 
described above: 

You can use a home-made FRAME ANTENNA or a home-made FERRITE ROD ANTENNA and 
a home-made VARIABLE CAPACITOR. 


¥S414 A) 
vie ? 
Iphy 









YY 
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ground 327 bewitch 
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The Simplest ZN414 Radio 


Connecting the ground (Ov rail) to the frame of your soldering iron or a water tap will increase the 
output volume. The circuit above shows a Crystal Earpiece. Using a Crystal Earpiece may 
require adding a 10n across the earpiece to improve the output volume. The substitute Piezo 
Earpiece is effectively a 20n capacitor and an additional capacitor is not needed. 


2 TRANSISTOR RADIO 

Here is a simple 2-Transistor radio. 

The secret to its performance is the 7 turn "pick-off" from the FRONT END (the TUNED 
CIRCUIT). 

The ratio of 7 turns to 60 turns means a small percentage of the voltage generated in the tuned 
circuit is passed to the transistor. Thus it puts a small load on the TUNED CIRCUIT. 

| don't want to go into any mathematics. The turns ratio is 60:7 = 8 but the effect of the 7 turns 
"pick-off" has an effect called the IMPEDANCE EFFECT and this is the SQUARE OF THE 
TURNS RATIO. Thus the IMPEDANCE EFFECT is 8 x 8 = 64. This means the "pick-off" (the 
LOADING EFFECT) is just a few percent. The front end can produce voltages as high as 500mV 
because a crystal set can produce a voltage high enough to pass through a diode (350mV) and 
have sufficient to drive a crystal earpiece. 

Even though the front end has a "step-down" ratio, the voltage out the 7 turns will be sufficient to 
drive the first transistor. 

The "transformer" does 2 things: It reduces the loading on the tuned circuit ENORMOUSLY and it 
produces an output with a higher current than is circuiting in the front end. Even though the 
transistor is turned ON and biased by the 33k, it is classified as a low-impedance load as far as 
the front end is concerned and the input signal has to be accompanied by a certain amount of 
current, otherwise the transistor will not respond to the voltage. The 7-turn "pick-off" is able to 
provide this current. 

Both transistors are biased ON via the 33k base-bias resistors and thus the first transistor 
responds to the slightest millivolt signal. 

This circuit was tested and had the same performance as the Simplest ZN414 Radio Circuit 
above. It can be operated on 1.5v to 6v and the strongest stations tend to overload on 6v. A 
short antenna is needed. 


http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 18/24 
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Selection of distal points according to the 

six great channels (liu jing, hand-foot 
pairing, > 1.2.3) 

The point selection with this method is based on the six great 
channels (hand-foot pairing: taiyin, taiyang, etc., > 1.2.3). Dis- 
orders affecting the area of the hand channel are therefore treated 
with points on the corresponding foot channel and vice versa. 
Example: Disorders in the area of the hand taiyin channel (LU 
channel) can be balanced by contralateral needling of points on 
the foot taiyin channel (SP channel). For example, shoulder pain 
with limited range of motion and maximum pain near LU-1 
(zhongfu) can be improved by contralateral needling of SP-9 
(yinlingquan) with reducing technique. 


Selection of distal points according to the 
Organ clock (— 1.4) 

Distal points are selected on the channel that lies chronologically 
opposite to the affected channel on the Organ clock (> 1.4). 
With this method, hand channels will treat disorders affecting 
the foot channels and vice versa. 

Example: For a disorder affecting the G.B. channel (foot 
shaoyang), needle a point on the HE channel (hand shaoyin) 
located opposite the G.B. channel on the Organ clock. Needling 
can be contralateral or ipsilateral. 


8.2 Strategies for Point Selection 
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8.2.3 Point Selection Based on 
Symptoms 


Points can also be selected based on traditional or empirical 
therapeutic experiences. While this method cannot replace a root 
treatment based on a differential diagnosis, it can be very help- 
ful in situations where quick action is required. 

Examples: 

e Du-14 or L.L-11 for fever 

e ST-36, Ren-12 for acute gastrointestinal disorders 


8.2.4 Point Selection Based on the Qi 
Flow of the Organs 


Descend counterflow Qi: 

e Stomach: Ren-10, Ren-13, ST-34, ST-44, ST-45, L.I.-4 
e Lung: LU-1, LU-5, LU-7 

e Heart: HE-5, HE-8, Ren-15 

e Kidney: KID-1, KID-7, Ren-4 

e Liver: LIV-2, LIV-3, LIV-1, LIV-14 

Raise Qi: 

Spleen: Ren-6, Ren-12, Du-20, BL-20 
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8.2.5 Point Selection According to the 
Five Phases (Elements) 


While the Five Phase points are identical to the shu-transporting 
points in location, their function and application differ from the lat- 
ter (for more detail — 8.1.6). There exist various very specific 
methods regarding diagnosis, point selection and therapy based on 
the Five Phases, which are practised by several different schools of 
thought. Within the framework of this Atlas, only a simplified 
overview of the possible clinical applications is listed below. 





Shu-transporting points of the Yin channels 
















































































Phase/ Wood Fire Earth Metal Water 
channel | point point point point point 
LU LU-11 LU-10 LU-8 ILS) = 
SP SP-1 SP-3 SP-5 — |SP-9 
HE HE-8 HE-7 — | HE-4 HE-3 
KID KID-1 — | KID-2 KID-3 KID-10 
P P-8 eee P-5 P-3 
LIV LIV-1 LIV-2 — | LIV-3 LIV-4 
Channel | Jing-well | Ying- Shu- Jing- He-sea 
Qi flow point spring stream river point 
point point point 
Shu-transporting points of the Yang channels 
Phase/ Metal Water Wood Fire Earth 
channel | point point point point point 
LI. L.I.-1 L.I-2 — | L.I.-3 L.I.-5 
ST ST-45 — | ST-44 ST-43 ST-36 
S.L. S.1-1 S.1.-2 S.1.-5 Sales = 
BL BL-66 BL-65 — | BL-60 BL-40 
TB. T.B.-1 T.B.-2 T.B.-6 T.B.-10 — 
G.B. G.B.-44 G.B.-41 | G.B.-38 —| G.B.-34 
Channel | Jing-well | Ying- Shu- Jing- He-sea 
Qi flow point spring stream river point 
point point point 
+, tonification point; — , sedation point 


Cycles 

The Five Phases influence each other both physiologically 

(sheng and ke cycle) as well as pathologically (cheng, wu and to 

some extent also sheng cycle). If the balance between the Five 

Phases is disturbed, pathological syndromes will appear. 

e Sheng cycle (generating cycle, mother—son cycle): a phase 
generates and nourishes the following phase. Each phase 
nourishes (as mother) and is nourished (as son) at the same 
time. Fire nourishes Earth, Earth nourishes Metal, Metal 
nourishes Water, Water nourishes Wood, and Wood nourishes 
Fire. In a pathological condition either the mother is too weak 
to nourish the son sufficiently or the son is too strong, draining 
his mother and weakening her. 

e Ke cycle (controlling cycle): one phase controls another and 
is itself controlled by yet another phase. 

e Cheng cycle (overacting cycle): The controlled phase is 
pathologically suppressed or weakened. 

e Wu cycle (insulting cycle): A phase is pathologically stronger 
than its controlling phase. 





Fire 
Physiological 
——————_ Sheng Wood Earth 
Pathological 
Water Metal 
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8.2 Strategies for Point Selection 


Simple point selection according to the 
sheng cycle 


Yang 


Earth point on 
the LU channel 








For excess: If there is excess in a particular channel/Organ, 
select that point on the channel which corresponds to the phase 
of the son and needle it with reducing technique. 

Example: Water is the son of Metal. If the Lung (Metal) is in 
excess, needle the Water point (LU-5) on the Lung channel with 
reducing technique. 








Treatment principle: For deficiency tonify the mother, for TU-5 
excess drain (sedate) the son. Mother-son points are identical to Water point on 
the tonification and sedation points of a channel. The correct ia es 
needling technique is important in order to obtain the desired 
result: 

e tonifying method for tonification points 

e reducing method for sedation points 








Example for the clinical application of the 
sheng cycle 

For deficiency: In cases of deficiency of a particular channel/ 
Organ, tonify that point on the affected channel that corresponds 
to the phase of the mother. 

Example: Earth is the mother of Metal. If the Lung (Metal) is 
deficient, needle the Earth point (LU-9) on the Lung channel 
with tonifying technique. 
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Addendum: The terms tonification/sedation points are some- 
what controversial, since the properties of a point can often be 
overshadowed by its other features. For example, according to 
the Five Phase theory, P-9 and HE-9 are considered tonification 
points, since they correspond to the phase of the mother. How- 
ever, in clinical practice they are much more frequently used as 
jing-well points for acute situations — thus they are considered 
from the point of view of the Qi flow in the channels, especially 
in order to drain Heat. 


Application of the Five Phase points for the 

elimination of external pathogenic factors 

A connection exists between the Five Phases and pathogenic 

factors (Maciocia 1994; according to Ross 1998, however, these 

points should only be used for internal disorders): 

e Wood corresponds to Wind 

e Fire corresponds to Heat 

e Earth corresponds to Dampness 

e Metal corresponds to Dryness. According to Maciocia this 
correlation presents an exception: the Metal point should not 
be needled to treat Dryness; a moistening treatment is here 
the preferred choice. 

e Water corresponds to Cold. 

In accordance with these interrelations, Five Phase points can be 

applied to eliminate pathogenic factors. 

Example: Acute sore throat with fever, redness and swelling of 

the throat due to Wind-Heat 

Affected phases: Wood (Wind), Fire (Heat) 

Affected Organ/channel: Lungs 

Therapy: Needling of the Wood point on the LU channel (LU-11) 

and the Fire point on the LU channel (LU-10). 


LU-10 
Fire 


LU-11 LU-9 
Wood Earth 


LU-5 LU-8 
Water Metal 


The application of the ke cycle (controlling cycle) allows a 
more differentiated approach in the therapy and elimination of 
pathogenic factors: 

e On the Yin channel, needle the point corresponding to the 
pathogenic factor with reducing technique (for example, for 
Heat needle the Fire point) 

e In addition, needle the point which corresponds to the con- 
trolling phase (according to the ke cycle/controlling cycle 
— 8.2.5) of the pathogenic factor on the paired Yang channel 
with tonifying technique. 


Ben points 



















































Phase/ Wood Fire Earth Metal Water 
channel | point point point point point 
LU LU-11 LU-10 LU-9 + | LU-8 LU-5 — 
SP SP-1 SP-2 + | SP-3 SP-5 — | SP-9 
HE HE-9 + | HE-8 HE-7 — | HE-4 HE-3 
KID KID-1 — | KID-2 KID-3 KID-7 + | KID-10 
P P-9+ P-8 P-7 — P-5 P-3 
LIV LIV-1 LIV-2— | LIV-3 LIV-4 LIV-8 + 
Channel | Jing-well | Ying- Shu- Jing- He-sea 
Qi flow | point spring stream river point 
point point point 
% p op 0 ang 
Phase/ Metal Water Wood Fire Earth 
channel | point point point point point 
LI. L.L-2 — | LI-3 L.IL.-5 L.I.-11 + 
ST ST-45 — | ST-44 ST-43 ST-41 + 
SL S.L-1 S.L-2 S.L-3 + S.L-8 — 
BL BL-67 + BL-65 — | BL-60 BL-40 
T.B. T.B.-1 T.B.-2 T.B.-3 + 
GB. G.B.-44 | G.B.-43+ 
Channel | Jing-well | Ying- Shu- Jing- He-sea 
Qi flow | point spring stream river point 
point point point 




















+, tonification point; — , sedation point 


Ben points (root points, element points) represent the same 
phase as its pertaining channel. Example: The Spleen corre- 
sponds to Earth; thus the Earth point on the Spleen channel is its 
ben point. 
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8.3 Point Combinations 


Yin Yang 8.3 Point Combinations 


8.3.1 Combining Local and Distal 
Points 


Point selection and combination can be carried out according to 
affected areas and channels (— 8.2.1, — 8.2.2). 

For disorders affecting the channel: For example, for bi-syn- 
dromes affecting the sinews and joints, distal points can be stim- 
ulated first. Then local and adjacent points can be selected based 
on tenderness. These are needled and/or subsequently cupped. 
For disorders of the zangfu-Organs: Generally, only distal 
points are applied in acute conditions. Once the condition (for 


example, acute pain) has improved, local points can be selected. 
In chronic conditions the combination of local and distal points — 
and especially Back-shu and Front-mu points as adjacent points 
(— 8.3.2) — is commonly used. Another possibility is the combi- 
nation of the opening point of an extraordinary vessel (— 8.1.8) 
with local points in the affected area. 





Clinical application 

e For deficiency conditions: needling the ben point with toni- 
fying technique will tonify its corresponding Organ or channel 

e For excess conditions: needling the ben point with reducing 
technique will drain the excess from its corresponding Organ 
or channel 

e Spiritual aspect: the ben points on the Yin channels also 
affect the spiritual aspect of their corresponding phases. Thus 
the LU ben point LU-8 allows the po (corporeal soul) to 
unfold its potential. Similarly the HE ben point HE-8 will 
empower the shen (spirit), the SP ben point SP-3 the yi 
(thinking), the LIV ben point LIV-1 the hun (ethereal soul) 
and the KID ben point KID-10 the zhi (will). 
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8.3.2 Combining Points on the Front 
and Back of the Body 


Here, points on the anterior and posterior aspect of the body are 
combined: 

e Anterior points: mainly located on the thorax and abdomen 
e Posterior points: mainly located on the back and lumbar region 


Back-shu/Front-mu method 

The combination of the Back-shu point (— 8.1.4) and the Front- 
mu point (— 8.1.5) of the affected Organ is the most important 
way of combining points on the front and the back of the body. 
The Back-shu/Front-mu method enhances and extends the ther- 
apeutic effect, compared to using either of those points only. It 
has a strong Yin/Yang balancing effect and it is particularly ben- 
eficial for chronic disorders of the zangfu-Organs. 

















oe) 
pi 
7 LU-1 Lung BL-13-~_ 
_-* _. Ren-17_— Pericardium = =BL-14~-._ ~~~ 
Qe Ren-14. Heart = BL-IS--.| f= 
n- - LIV-14 Liver BL-18~__ | 
~"_-G.B.-24 Gall Bladder BL-1%-.__| 
_- LIV-13 Spleen BL-20-.___/ 
Jel2--Ren-12. Stomach —_BL-21---- 
\\----G.B.-25 Kidney — BL-23--- /- 
\\---Ren-5 — Triple Burner BL-22-7/~ 
fe ~~~ ST-25 Large Intestine BL-25 ~ 
ican ~~ ale \--- Ren4 Small Intestine BL-27 7) ~ 
‘ Bladder BL-28,/7 7 





~~ VV 47h -- Ren-3 


Clinical application of the 
Back-shu/Front-mu method 
e Needling of the Back-shu and Front-mu points during one 
session 
e For repeated treatments within a short period of time, alter- 
nate needling of the Back-shu and Front-mu points (for exam- 
ple, during the first treatment select the relevant Back-shu 
point, in the next treatment select the corresponding Front-mu 
point, etc.) 
e The Back-shu/Front-mu combination can also be applied to bal- 
ance an incorrect treatment. For example, if the needles have 
been retained too long in the Back-shu points and the patient is 
tired, Front-mu points can be needled to restore balance. 



















Balancing the du mai and the ren mai 

The points on the ren mai are located on the anterior aspect of 
the body, while those of the du mai are predominantly located on 
the posterior aspect. Combining points on the ren mai and du 
mai has a balancing affect on the Yin and Yang and can regulate 
the ascending and descending flow of Qi. This combination 
therefore not only balances the front and the back of the body, 
but also the Yin and the Yang. Furthermore, it has a strong effect 
on the psyche and, depending on the needling technique and 
point selection, will have a calming or stimulating effect (figure 
modified according to Ross 1998). 
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8.3 Point Combinations 


Du-20 Crown Important yuan/luo combinations 


<> e 
<=> yintang Eyebrow 


Du-15-16 SN 
Ren-22-23 be 


Larynx 
mam 6S 
Ren-17 Heart bd 


~ = 
Du-6 a Ren-14-15 Solar plexus e 
Du-4 Ren-12 Spleen 

a Ren-4-6 dantian 


(BL-31-33)@ SS ren3 Reproduction 
> 


Du-1 Ren-1 Perineum 


8.3.3. Yin-Yang Combination 


Synonym: Interior/Exterior combination 

The Yin—Yang combination balances the flow of Yin and Yang 
in the channels. It is based on the concepts of channel energetics 
(— channel circuits, Fig. 1.12). 


Needling too many points on the Yang channels can make 
the patient nervous and restless. In this case, needling points 
on the Yin channels can restore balance and have a calming 
effect. 

Needling too many points on the Yin channels can lead to 
tiredness. In this case, needling points on the Yang channels C 
has a balancing, stimulating effect. 





L.L-4 (hegu) and LU-7 (lieque) support the descending func- 
tion of the Lung Qi, expel pathogenic factors, tonify the 
Defensive Qi (wei gi) and calm the shen 

SP-3 (taibai) and ST-40 (fenglong) tonify the Spleen and 
transform Phlegm 

LIV-3 (taichong) and G.B.-37 (guangming) benefit the eyes 
for Liver syndromes 

T.B.-4 (yangchi) and P-6 (neiguan) regulate the Triple 
Burner, move Liver Qi, calm the shen, relax the muscles in 
the occiput and shoulders. 


Yang 


\ 





Yin Yang i Yang 











luo yuan 
P6 + T.B.-4 


Further methods of combining points of 


Interiorly-Exteriorly paired channels and 
modified yuan/luo combinations 


Balancing Yin and Yang in paired channels a 
e Points on the Interiorly—Exteriorly paired channels are com- 
bined in order to balance Yin and Yang. For example the LU 
and L.I. channels are the Interiorly—Exteriorly paired channels b 
of the hand, while the ST and SP channels are the Interiorly— 
Exteriorly paired channels of the foot of the first circuit. 
e This method increases the therapeutic effect compared to 
using only Yin or only Yang points. c 


Yuan/luo combination 
Most important Yin-Yang combination (Synonym: host—guest 


combination): The yuan-source point (host) of the primarily d 


affected channel/Organ is combined with the /uo-connecting 
point of the Interiorly—Exteriorly paired channel. 


Combining the /uo-connecting points of Interiorly—Exteriorly 
paired channels tends to enhance the therapeutic effect; for 
example combine ST-40 and SP-4 for abdominal pain 

For chronic disorders, combine the ywan-source point and the 
luo-connecting point of the same Yin channel in order to 
increase the therapeutic effect; for example needle LU-9 and 
LU-7 for chronic cough. 

For disorders affecting a Yin channel, only needle the yuan- 
source point of the Interiorly—Exteriorly paired Yang channel. 
For example for an acute cold (a Lung syndrome), needle 
only L.I.-4 (yuan-source point). 

For unilateral musculoskeletal disorders affecting a Yang 
channel: in addition to local and adjacent points on the 
affected channel, needle the contralateral /uo-connecting 
point of the Interiorly—Exteriorly paired Yin channel. This 
method, which promotes balance between Yin and Yang, is 
mainly used for channel-pertaining disorders. For example: 
for unilateral arm or shoulder pain along the L.I. channel, 
needle points on the L.I. channel on the affected side as well 
as LU-7 on the opposite side of the body. 


—p— 
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Yin-Yang balance for unpaired channels 











Examples: 
ST-36 + P-6 Harmonises the Middle Burner and descends 
counterflow Qi 
L.L-4 + LIV-3 | Most important combination for regulating the 
Qi flow in the whole body 














8.3.4 Combining Points from Above 


and Below 





A balance between the upper and lower half of the body is 
achieved by selecting points that are evenly distributed. For 
headaches, therefore, L.I.-4 on the upper extremity is com- 
bined with ST-44 on the lower extremity. 

Combining points above with points below promotes the 
smooth flow of Qi. For example: combining the opening 
point and coupled point of an extraordinary vessel (— 8.1.8). 


When points from above and below should not be 
combined 


for acute disorders of the joints and the back — here only dis- 
tal points should be needled with the reducing method. 

if there is a pre-existing energetic disharmony between above 
and below. For example: for Heat sensations of the head (for 
example due to Kidney Yin deficiency with Empty Fire) 
needle KID-1 in order to cause the Qi to descend. On the 
other hand, for a uterine prolapse use moxibustion on Du-20 
in order to raise the Qi. 


8.3.5 Left-Right Combination 


Often the balance between the right and left half of the body can 
be restored through bilateral needling of the relevant points. This 
will increase the therapeutic effect as opposed to unilateral 
needling. 
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Clinical application for Interiorly—-Exteriorly paired 

channels (— 1.2.3) 

e For acute unilateral channel disorders caused by the invasion 
of pathogenic factors, combine local points on the affected 
side with the Juo-connecting point on the contralateral side. 

e For chronic unilateral channel disorders caused by the inva- 
sion of pathogenic factors, combine local points on the affected 
side with the /uo-connecting point of the Interiorly—Exteriorly 
paired channel on the contralateral side (with tonifying 
technique). 


Indications for unilateral and/or contralateral 

needling 

e For acute, painful disorders: contralateral or diagonal 
needling (corresponding hand and foot channel, also see > 
8.2.1 and > 8.2.2) 

e For chronic joint disorders: ipsilateral needling of several 
points balanced by needling of contralateral points. 

e In paediatric acupuncture (use fewer needles) 

e For ongoing treatment sessions: occasional balancing con- 
tralateral needling of the healthy side of the body 


8.3.6 Chain and Lock Point 
Association Method 


Two, three or more points on the same channel are selected and 
needled one after the other (in a row). This method is predomi- 
nantly applied for disorders of the musculoskeletal system or the 
nervous system. 








8.3 Point Combinations 


8.3.7 Point Selection According to the 
Organ Clock 


Within a 24-hour cycle each channel experiences a two-hour 
period of maximum Qi flow (— Fig. 1.17, Chinese Organ clock). 
Some modern (Western) schools extrapolate the circadian Qi flow 
to the Organs (internal channel pathways and divergent channels). 
If one Organ is at its maximum period, the Organ on the oppo- 
site side of the clock will be at its minimum period, in other 
words the Qi flow will at that time be at its lowest. Symptoms of 
a disorder occurring at a particular time may provide a hint about 
the Organ affected, which at that time will be during its maxi- 
mal period in excess syndromes or during its minimal period 
in deficiency syndromes. 

For example: Always waking up between | and 3 am can be a 
sign of a Liver syndrome. Thus the tonification point and/or Juo- 
connecting point of the channel opposite to the Liver on the 
Organ clock could be selected, in this example S.I.-3 (houxi, 
tonification point) or S.L-7 (zhizheng, luo-connecting point). 











~~~ Most distal 
transverse crease 


Medial epicondyle 
of the humerus 


Addendum: There are some very specific methods for chrono- 
acupuncture, for exampel the zi wu liu zhu method and the ling 
gui ba fa method, where points are needled at specific times (7 
Kubiena and Ramakers 2002). 
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8.3.8 Clinical Application 

The following illustration shows the clinical application of sev- 
eral point selection methods (8.3.1 — 8.3.5) for the treatment of 
dysmenorrhoea. 









































Possible point combinations for the treatment of dysmenorrhoea: 

a. combining local and distal points (— 8.3.1) 

b. combining points on the front and the back of the body (— 8.3.2) and Yin—Yang (—> 8.3.3) 
c. Yin—Yang combination (— 8.3.3) and above—below (— 8.3.4) 

d. Combination of all of the above methods (— 8.3.1-8.3.4) 

e. Additionally combining points on the left and right side of the body (— 8.3.5) 


696 





1/28/2018 Crystal Set 





on/off 
switch 


XGr 1.5¥ 
. 


home-made 6v 
piezo earpiece 











SIMPLEST 2-TRANSISTOR RADIO 
using a very-high-impedance earpiece 










CRYSTAL 
EARPIECE paced 


switch 


SIMPLEST 2-TRANSISTOR RADIO 
using a crystal earpiece 


ADDING AN IMPEDANCE MATCHING STAGE 


You can add an IMPEDANCE MATCHING STAGE to the output of the circuit above so a low- 
impedance earpiece can be used. 

We call it an IMPEDANCE MATCHING STAGE because this is the correct technical term. It is an 
AMPLIFYING stage but it amplifies the CURRENT because the second transistor cannot drive an 
8 ohm LOAD. 8 ohms is a very low resistance and if it is connected directly to the second 
transistor, the output will be almost zero. 

The reason for this is covered in our discussion: The Transistor Amplifier. 

This stage will not increase the volume but simply match the 8 ohm load to the circuit above. 

It is very difficult to connect a LOAD to this type of circuit because it will take more current from 
the battery and cause the supply voltage to fluctuate. These fluctuations will be passed to the first 
stage and cause variations in the signal. This will be amplified by the first and second transistors 
in the form of a low-frequency buzzing called MOTOR-BOATING. 

The only way to reduce or remove this noise is to add an electrolytic across the power rails and 
reduce the supply voltage. The third transistor simply takes the waveform on the output of the 
second transistor and delivers it to the earphone with a higher current. It is called an IMPEDANCE 
MATCHING STAGE as it effectively increases the 8 ohm load by a factor of about 100. 
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9 Scientific Research 


Ingolf Hosbach 


9.1 Introduction 


The aim of this chapter is to give a comprehensive overview 
about the scientifically proven or disproved effectiveness of cer- 
tain points. It is not the aim of this chapter to prove the effec- 
tiveness of acupuncture as such. Based on the latest research, 
and 1000 recent human studies with mostly positive results, it is 
assumed that acupuncture is effective, despite criticism. If 
applied properly it is a well-established, low-risk method with 
minimal side effects. 

Accordingly, the scope of acupuncture research has developed 
from simple questions, such as whether acupuncture works, to 
more specific questions such as which acupuncture points can 
be used for which conditions and with which stimulation meth- 
ods. Furthermore, studies are increasingly designed for precise 
diagnoses and treatments based on the principles of Traditional 
Chinese Medicine. By the same token, the quality of the bio- 
mathematical methods used for the design and analysis of the 
studies is increasing. The number of randomised, controlled 
studies (RCTs) is also on the rise (Fig. 1). 
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Fig. 1: Number of all publications and RCTs per year between 
1954 and 2005. (Source: PubMed, US National Library of 
Medicine, Bethesda, Maryland) 


The percentage of RCTs of all publications is nearly 7%, a fig- 
ure that compares well with most conventional forms of therapy 


(for example: arthroscopy 5%, beta-blockers 7%, pain medica- 
tion 7%, lowering cholesterol medication 8—11%). 


Fundamental principles for scientific 
assessment 

One of the prerequisites for including a study in this chapter was 
the mention of specific acupuncture points in the abstract. Out 
of 1092 studies listed in PubMed until May 2006 under the key- 
word ‘acupuncture’, 259 were therefore chosen for this chapter. 
In some exceptional cases, studies based on animal experiments 
were also considered. Regarding the presentation of the results, 
particular emphasis was placed on the role of biomathematical 
methods as a parameter for reliability. The terms which allow 
assessment of a study in terms of its biomathematical quality 
are explained below: 

Case study: Usually a retrospective (=in hindsight) summary 
of results of a particular treatment method in patients with a par- 
ticular disorder; no control group or control therapy. Most basic 
form of clinical trial. 

Controlled study: Usually a prospective (=planned in 
advance) scientific comparison of a treatment method with a 
group of untreated patients or of patients treated with a placebo 
or conventional therapy. 

Placebo: A form of ‘mock’ or sham therapy. This can take 
the form of a pill containing no active ingredient or a therapy 
without any authentic foundation. The administration of a 
placebo tries to eliminate the non-specific improvement of 
the researched disorder (such as the therapist’s care of the 
patient and expectations of the patient) compared to the study 
group receiving authentic treatment. While the possibilities for 
placebo-acupuncture are plentiful, none is free of disadvan- 
tages. The effectiveness of acupuncture as a holistic therapy 
can be seen as the sum of many psychological as well as 
non-specific and specific physiological effects. Depending on 
the choice of the acupuncture placebo, certain effects can be 
excluded. Based on the concept of the sinew channels, however, 
there is an ongoing debate whether non-acupuncture points 
exist at all. The highest level of placebo acupuncture is the 
so-called ‘sham acupuncture’ where actual deep needling takes 
place at non-acupuncture points. The value of a study increases 
considerably if it is controlled by a placebo therapy. 
Randomisation: The random assignment of a patient to a treat- 
ment group, without any influence of either the patient or the 
therapist. Randomisation significantly increases the value of a 
study. 
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Waitlist: A control group formed by patients receiving no treat- 
ment as a form of control. While a patient is waiting for his/her 
treatment, all his/her data relevant to the treatment are collected 
and later compared to those data obtained during treatment. 
Since there is neither randomisation nor a placebo treatment, the 
value of a waitlist group as a control group is very low. 
Cross-over study: A particular design of controlled study. Each 
patient will participate in two different courses of treatment (for 
example treatment 1: medication; treatment 2: acupuncture). The 
order in which the treatments are administered can differ from 
patient to patient and be random (=randomised cross-over study). 
However, any long-term effect of the first form of treatment poses 
a problem for the final result. Therefore so-called washout phases 
during which patients receive no treatments at all are implemented 
to eliminate these effects and prevent a distortion of the data to be 
collected during the second phase. Since the effects of some 
acupuncture treatments have been shown to last for up to a year, 
cross-over studies are not very suitable for acupuncture research 
and particularly non-significant results should be questioned. 

The ‘n of 1’ study is another form of research: a patient will 
receive various different treatments in order to find out which 
form of treatment led to the best improvement for the relevant 
disorder. However, the same limitations as discussed above will 
affect this type of study. 

Significance: In simple terms, the significance of a study indi- 
cates if the difference of a particular parameter which has been 
observed between two groups is caused by the treatment (and is 
therefore a true difference) or whether the difference is the result 
of random deviation. For example, if in a large number of treated 
patients the observed data differ ‘significantly’ from a group of 
untreated patients, it is highly probable that this difference is 
not due to a random deviation. This probability can be expressed 
mathematically. If, for example, the significance is expressed as 
p = 0.03 this means that, considering a random error of 3%, the 
difference noted between the two groups is statistically signifi- 
cant. The convention is to accept a random error of up to 5% as 
acceptable. The significance of a study is based on the number 
of patients treated and the extent of the difference in the treat- 
ment result (for example by assuming the same random error, 
the difference in treatment results has to be much larger in a 
group of 10 patients (n = 10) than if the same study was carried 
out with 100 patients (x = 100)). Only differences classified as 
‘significant’ are accepted for research studies. 

Power of the study: This refers to the ability of a study to be 
statistically significant. The higher the number of participants, 
the higher the power of the study. By international standards, 


80% is an acceptable level of power. Depending on the differ- 
ence between the two study groups, the number of patients 
required can therefore easily be in the 100s or 1000s. 
Experimental studies: Through standardising and controlling 
conditions of the experiment strictly, every attempt is made to 
avoid random results, often leading to just a small number of 
participants. Generally these tend to be healthy volunteers, who 
are subjected to a clearly defined stimulus. In this case acupunc- 
ture as a form of therapy will achieve a high level of validity. 
More questionable are studies of healthy subjects without a 
well-defined stimulus, since in that case acupuncture as a bal- 
ancing form of treatment is not used according to its principles 
(for example changes in peristalsis caused by acupuncture in 
healthy subjects). 

Blinding: The gold standard of clinical trials are the so-called 
double blind studies in which both the patient and the therapist 
remain ignorant as to which treatment (for example the tablet 
with or without the active ingredient) is administered to the 
patient. However, blinding of an acupuncturist is not possible. 
Even in a single blind study (only the patient is ‘blinded’), 
his/her behaviour will distort the result of the trial. This effect 
can be counterbalanced to some extent by blinding the assessor 
of the treatment results (for example changes in the range of 
motion) so that he/she does not know which treatment (authen- 
tic or sham acupuncture) was received by the patient. 
Standardisation: In pharmaceutical trials the amount of the 
active ingredient per tablet can easily be stated (for example 
standardisation of a 10 mg tablet). However, acupuncture cannot 
be standardised. The acupuncturist’s point selection will largely 
be influenced by experience, prior knowledge, specialisation 
and cultural background. Strictly speaking, acupuncture trials 
therefore do not investigate acupuncture per se but acupuncture 
as performed by an acupuncturist or a group of acupuncturists. 
The fact that acupuncture is to a large extent centred on the ther- 
apist has in the past led to a paradoxical situation: experienced 
Chinese acupuncturists performing the ‘best’ acupuncture pro- 
duced biomathematically ‘bad’ trials due to their lack of train- 
ing, while ‘bad’ Western acupuncturists produced ‘good’ trials 
from a biomathematical point of view. ‘Importing’ Chinese 
acupuncturists into Western trials did not solve the problem 
either, since the Chinese clinicians were now treating Europeans 
with diseases not common in China and which reacted differ- 
ently to acupuncture. Only as experience grows on both sides — 
which would have to be evaluated individually for each trial — will 
the value of acupuncture as a researched form of therapy increase 
accordingly. 


9.2 Scientific Research According 
to Channels 


Lung Channel 
LU-5 — Ren-23; L.1.-10 





LU-6 192 patients with bronchial asthma were treated with 
LU-6 and LU-10. 98.9% of the patients experienced an immedi- 
ate improvement; the rate of clinical remission plus marked 
improvement was 76.5%. Best therapeutic results were achieved 
for allergic asthma according to Western medicine (asthma due 
to Cold according to TCM) and with longer needle retention 
(approximately 40 minutes). The lack of blinding and control 
groups reduce the value of this precise therapeutic case study. 
Zang, J Tradit Chin Med 1990 

LU-7 — ST-8 

LU-10 — LU-6 

A Chinese prospective, randomised, controlled, non-blinded trial 
investigated the effect of bilateral bloodletting at LU-10, P-8, 
HE-8, L.I.-2, T.B.-2 and S.1.-3 on heart rate and consciousness 
in patients with apoplexy that had occurred within 3 days. Only 
patients with mild injuries showed improved consciousness 
while the heart rated increased independently of the size of 
injury. Yiet al, J Tradit Chin Med 2005 





LU-11 Three Russian animal trials demonstrated the antipyretic 
action of LU-11. LU-11 can also strengthen the effect of hypother- 
mic substances, suggesting a combination with antipyretic Chi- 
nese herbs. Nezhenzev et al, Biull Eksp Bio Med 1992, and 
Fizion Zh SSSR Im I M Sechenova 1991 

A Taiwanese prospective, randomised, non-blinded, controlled 
trial (n = 76) investigated whether bloodletting at LU-11 and 
L.L-1 can prevent or treat the occurrence of laryngospasm after 
tracheal extubation in children. The incidence of laryngospasm 
was significantly less in the bloodletting group (5% vs 24%). If 
laryngospasm developed, this could be relieved with the treat- 
ment of LU-11 or L.I.-1 within one minute in all patients. Lee 
et al, Anaesthesia 1998 


9.2 Scientific Research According to Channels 


Large Intestine Channel 
L.L-1 > LU-11 
L.L-2 > LU-10 






Proximal 
phalanx II. 
‘. 


L.L-3 A Chinese prospective, randomised, controlled study 
(n = 210) reports the significantly better effects of needling 
L.L-3 and lingxia in the treatment of periarthritis of the 
humerus compared to the control group treated with local points. 
Of interest is the application of lingxia, an unofficial extra point 
2 cun inferior to G.B.-34. Feng, J Tradit Chin Med 2003 





L.L-4 — ST-36; P-5, P-6; ST-8; G.B.-43; Du-20; LIV-3; S.L-18; 
SP-9; L.L-11; ST-2 

A Turkish prospective, controlled, non-blinded, group-compari- 
son trial (n = 55) investigated the effect of electro-acupuncture 
(EA) at L.L-4, L.L-11, ST-25, ST-36, ST-44 and LIV-3 (com- 
bined with auricular points shenmen and sanjiao) on obesity in 
women. Treatments were given daily for 20 days. One control 
group received a 1425 kcal diet for 20 days while the other con- 
trol group received no treatment. There was a 4.8% weight 
reduction in the EA group, whereas women on the restricted diet 
had a 2.5% weight loss. Both groups showed a significant reduc- 
tion in total cholesterol and triglyceride levels. In the EA group 
only, LDL levels were also reduced significantly. Cabioglu et 
Ergene, Am J Chin Med 2005 

A Chinese (Hong Kong) prospective, randomised, controlled, non- 
blinded study (n = 29) investigated the effect of L.L-4 and P-6 on 
the heart rate variability (HRV) in normal subjects in fatigue and 
non-fatigue states respectively. Only fatigued subjects showed a 
significant change in HRV. The authors concluded that the effect of 
acupuncture depends not only on the points selected but also on the 
functional state of the subject, one of the principles of Chinese 
Medicine. Li et al, Eur J Appl Physiol 2005 

An unusual veterinary case study investigated the effects of 
acupuncture on the immune system. According to the authors, 
immunostimulant points include LI-4, LI-11, ST-36, GB-39, 
SP-6, GV-14, BL-11, BL-20, BL-23, BL-24, BL-25, BL-26, 
BL-27, BL-28, and Ren-12. BL-47 is considered to be immuno- 
suppressive. Anti-febrile points include ST-36 and Du-14. 
Rogers et al, Probl Vet Med 1992 
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A Chinese prospective, randomised, single-blinded, experimen- 
tal trial (n = 20) compared the effect of transcutaneous electric 
nerve stimulation (TENS) at L.I.-4 on the heat pain threshold 
and vibration threshold in humans with a placebo control 
point. In the study group, after TENS at L.I.-4, the pain thresh- 
old for heat was higher for up to half an hour compared to the 
control group. There was no effect on the threshold for feeling 
vibration. Wang et al, Chin Med J (Engl) 2003 

A Korean prospective, randomised, placebo-controlled trial 
(n = 35) evaluated the efficacy of electro-acupuncture (EA) and 
moxibustion on L.I.-4, L.L-10, L.L.-11 and T.B.-5 on spasticity 
due to stroke. The control group was treated with routine 
acupuncture. Only the EA group experienced a significant, 
immediate and lasting reduction in spasticity (using a modified 
Ashworth scale). Moon et al, Am J Chin Med 2003 

A German prospective, randomised, controlled, non-blinded trial 
(n = 29) investigated if acupuncture at L.L-4, T.B.-5, ST-36, 
P-6, Du-20 and Ex-UE-9 (baxie) had a vasospasmolytic effect 
on patients with Raynaud’s syndrome during the winter season. 
There was no significant difference regarding the number and 
intensity of episodes, nor was there a significant effect on skin 
microcirculation between the acupuncture group and the 
placebo group before and after treatment. Hahn et al, J Dtsch 
Dermatol Ges 2004 

A Japanese prospective, randomised, controlled study (n = 21) 
investigated the effect of L.L.-4, ST-36 and SP-6 on objective 
and subjective parameters regarding exhaustion in elite female 
soccer players during a competition period. Only the subjects 
treated with acupuncture experienced a better rating for both 
subjective and objective parameters. Akimoto et al, Med Sci 
Sports Exerc 2003 

A Chinese prospective, randomised, controlled trial (n = 89) 
researched the effect of L.I.-4, ST-36, BL-18 and BL-23 com- 
bined with CT positioning scalp circum-needling (SCN) and 
herbal therapy in patients with poly-infarctional vascular 
dementia. The control group received herbal treatment only. 
The treated group had a significantly better short-term result 
(96.5%) than the control group (75%) regarding changes of clin- 
ical symptoms, intelligence and haemorrheological characteris- 
tics. Lun et al, Zhongguo Zhong Xi Yi Jie He Za Zhi 2003 

A Chinese prospective, randomised, controlled experimental 
trial (n = 11) investigated the changes in brain activation pat- 
terns evoked by stimulating L.I.-4 manually versus stimulation 
with electro-acupuncture (EA). These were assessed by func- 
tional magnetic resonance imaging (fMRI). Results showed that 
EA mainly produced fMRI signal increases in precentral gyrus, 
postcentral gyrus/inferior parietal lobule and putamen/insula; in 
contrast, manual needle manipulation produced prominent 
decreases of fMRI signals in posterior cingulate, superior tem- 
poral gyrus, putamen/insula. These results suggest that different 
brain mechanisms may be recruited during manual and EA. 
Kong et al, J Altern Complement Med 2002 

An American prospective, randomised, controlled, non-blinded 
experimental trial (n = 13) evaluated the effect of transcutaneous 


electric acupoint stimulation (TEAS) on L.I.-4 and P-6 on tonic 
pain induced with the cold-pressor test. While TEAS alone had 
a significant analgesic effect, this could be increased by combin- 
ing TEAS analgesia with low-dose morphine. Yuan et al, J Clin 
Pharmacol 2002 

A Taiwanese prospective, randomised, placebo-controlled experi- 
mental study (n = 13) investigated the effect of manual acupunc- 
ture as well as transcutaneous electrical nerve stimulation (TENS) 
with 2 Hz and 100 Hz respectively at L.I.-4 on the spinal cord by 
measuring the H-reflex. While the application of TENS with both 
2Hz and 100Hz changed the amplitude of the H-reflex, it was 
retained longer with the 100 Hz stimulation. These findings sug- 
gest that TENS enhances the excitability of the motoneuron pool 
in the spinal cord. Chang et al, Acupunct Electrother Res 2001 
An Austrian prospective, randomised, controlled study (n = 45) 
evaluated whether acupuncture at L.L-4 and SP-6 at term can 
influence cervical ripening, induce labour and thus reduce the 
need for postdate induction. Compared to the control group, the 
study group showed a significantly shorter time span (three days) 
between estimated date of confinement (EDC) and actual time of 
delivery. Medical induction of labour 10 days after EDC was also 
significantly lower in the acupuncture group (20%) than in the 
control group (35%). Rabl et al, Wien Klin Wochenschr 2001 
An Israeli prospective, randomised, double-blinded controlled 
trial (n = 25) investigated the effect of acupuncture in the treat- 
ment of irritable bowel syndrome. True acupuncture was per- 
formed at LI-4 and sham acupuncture at BL-60 during a total of 
two sessions. There was no significant difference between the two 
groups. However, the choice of acupuncture points seems some- 
what peculiar. While both points are Ma Dan Yang points (the 12 
most important points), they have no specific action for intestinal 
disorders. Obviously the authors chose the points according to the 
channel (Large Intestine). Furthermore, only two treatments does 
not seem sufficient. Fireman et al, Digestion 2000 

A British prospective experimental trial (n = 14) investigated 
the effect of acupuncture at L.L-4 on the resting EEG of 
healthy subjects. Acupuncture did not induce any changes in the 
resting EEG. Rosted et al, Complement Ther Med 2001 

An Irish prospective, randomised, controlled trial (n = 30) 
applied transcutaneous electric nerve stimulation (TENS) either at 
L.L.-4 or over the median nerve, in order to investigate cutaneous 
blood flow. The control group received no treatment. Only TENS 
over the median nerve showed a significant increase in cutaneous 
blood flow. Cramp et al, Acupunct Electrother Res 2001 

A Japanese prospective, randomised, controlled, non-blinded 
trial (n = 22) investigated the effect of acupuncture at L.L.-4, 
ST-6 and ST-7 on pain after mandibular wisdom tooth extrac- 
tion. Compared to the control group there was a significant 
reduction in pain in the treatment group. Kitade et al, 
Acupunct Electrother Res 2000 

A Swedish prospective, randomised, controlled experimental trial 
(n = 12) investigated if acupuncture at L.I.-4 induced changes 
in the sympathetic and/or parasympathetic nervous system 
in healthy subjects. For this purpose, regular and superficial 


needling of L.I.-4 was compared. Changes were measured by 
using power spectral analysis and heart rate frequency analysis. 
Only deeper needling at L.I.-4 led to a significant activation of the 
sympathetic and parasympathetic nervous system during and after 
treatment as well as to a significant reduction of the heart rate fre- 
quency. Haker et al, J Auton Nerv Syst 2000 

A US prospective, randomised, sham-controlled, single-blinded 
trial (n = 101) assessed the effect of varying intensities of trans- 
cutaneous electric acupoint stimulation (TEAS) at L.I.-4 on the 
postoperative patient-controlled analgesia (PCA) require- 
ment for hydromorphine (HM), the incidence of opioid-related 
side effects, and the recovery profile after lower abdominal sur- 
gery in women. In the sham-TEAS group HM-requirement was 
reduced by 23%, low-intensity TEAS produced a 34% decrease 
in the HM requirement while the high-intensity TEAS reduced 
requirement significantly by 65%, accompanied by a reduction 
in the occurrence of dizziness, nausea and pruritus. Wang et al, 
Anesth Analg 1997 

A Chinese prospective, randomised, controlled trial (n = 110) 
investigated the effect of transcutaneous electric acupoint stimu- 
lation TEAS) at L.L-4, Ex-HN-4 (yuyao) and G.B.-31 during 
enflurane anaesthesia in patients undergoing craniotomy. In 
comparison to the control group (anaesthesia maintained with 
enflurane only) the minimum alveolar concentration (MAC) 
of enflurane decreased in the TEAS-supplemented group by 
38-47%. If anaesthesia was supplemented by TEAS plus scalp 
infiltration with procaine, there was an even higher reduction of 
42-66%. The haemodynamic balance was also more stable dur- 
ing the operation, and postoperative recovery was faster. Wang 
et al, Zhongguo Zhong Xi Yi Jie He Za Zhi 1994 

A German prospective, waitlist-controlled trial (n = 6) investi- 
gated the effect of electro-acupuncture at L.I.-4, ST-25, LIV-3 
and BL-25 on stool frequency and colonic transit time in 
chronic constipation. There were no significant differences in 
all the parameters between the control group and the waitlist 
group. Klauser et al, Z Gastroenterol 1993 

A Japanese experimental trial researched the influence of L.L-4 
on vibration induced finger flexion reflex. Unilateral 
acupuncture at L.I.-4 suppressed the reflex in both hands. 
Takakura et al, Am J Chin Med 1992 

A Chinese prospective, randomised, matched controlled trial 
(n = 12) investigated the analgesic effect of aqueous acupunc- 
ture (injection of glucose solution) at L.L-4 and G.B.-34 in 
postoperative pain control. In comparison to the control group, 
the intensity of postoperative pain as well as the requirement for 
analgesic medication were significantly lower in the study 
group. Chen et al, Gaoxiong Yi Xue Ke Xue Za Zhi 1991 

A German prospective, non-randomised, sham-controlled trial 
(n = 36) investigated the analgesic effect of acupuncture at L.I.-4, 
P-6, ST-36 and SP-4 prior to a colonoscopy. The pain experi- 
enced by the acupuncture patients was significantly lower com- 
pared to the group receiving sham acupuncture. The analgesics 
and sedatives required were also significantly less. Li et al, Dtsch 
Med Wochenschr 1991 
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A prospective, randomised, single-blinded experimental study 
(n = 39) investigated the effect of acupuncture and laser 
acupuncture at L.I.-4 and Ex-UE jiangian on the pain thresh- 
old. Compared to laser acupuncture, acupuncture significantly 
increased the pain threshold. Brockhaus et al, Pain 1990 

A British prospective, controlled experimental cross-over study 
investigated the effectiveness of electro-acupuncture at L.L-4 on 
experimental tooth pain. After 30 minutes of electric stimula- 
tion the pain threshold increased by 27%. This increase could be 
partially blocked by naloxone. Ernst et al, Acupunct Elec- 
trother Res 1987 

A British prospective, randomised, placebo-controlled study 
(n = 51) investigated the effect of acupuncture at L.L-4 as an 
analgesic for operative dentistry. There were no significant 
differences between the treatment group and the placebo group. 
Taub et al, Oral Surg Oral Med Oral Pathol 1979 

A prospective non-randomised, placebo-controlled experimen- 
tal trial (1 = 40) investigated the effect of acupuncture at L.L-4 
on the pain threshold of postoperative dental pain compared 
to codeine. Both L.I.-4 and codeine had a significantly better 
effect than the placebo. The combination of both had the 
strongest effect. Sung et al, Anesth Analg 1977 

An Austrian prospective, sham-controlled, single-blinded exper- 
imental trial (1 = 12) measured the effect of L.I.-4 and P-6 on 
pain threshold and pain tolerance. In contrast to sham 
acupuncture, true acupuncture significantly raised the pain 
threshold. Stacher et al, Am J Chin Med 1975 

L.L-5 — P-5 

L.L-6 — P-5 

L.L-7 — P-5 


Extensor carpi radialis longus” 






_ Anatomical snuffbox 


L.L-10 — L.L-4; Du-12; ST-36 

A Swedish prospective, randomised, controlled, double-blinded 
trial (n = 49) investigated the effect of laser acupuncture on 
L.L-10, L.L.-11, L.L-12, LU-5 and T.B.-5 on lateral humeral 
epicondalgia (tennis elbow). No significant difference occurred 
at a dose of 0.36 J/point. Haker et al, Pain 1990 


> 1 
Olecranon 


Medial epicondyle 


L.L-11 — L.I.-4; ST-36; LIV-3; L.1.-10; L.L-15 
A Taiwanese prospective, randomised, placebo-controlled, sin- 
gle-blinded trial (n = 40) investigated the effect of acupuncture 


9 Scientific Research 


702 


at L.I.-11 on uraemic pruritus. The results of the pruritus score 
questionnaires demonstrated that only true acupuncture at L.L-11 
resulted in a significantly reduced pruritus lasting for a period of 
three months. Uraemia levels remained unchanged. Che-yi et al, 
Nephro Dial Transplant 2005 

A German prospective, randomised, placebo-controlled, single- 
blinded experimental trial (7 = 22) investigated the effect of 
L.L.-11 on the phagocytic immune system. Based on laboratory 
parameters, the activity of neutrophils was significantly higher 
in the study group. Karst et al, Complement Ther Med 2003 
A Swedish prospective, non-randomised, placebo-controlled, 
single-blinded experimental longitudinal trial investigated the 
influence of electro-acupuncture at L.I.-11 and L.L-4 on sym- 
pathetic nerve activity and the pain threshold. Only electro- 
acupuncture at L.I.-11 and L.I.-4 increased the pain threshold in 
combination with increased sympathetic nerve activity. Knar- 
dahl et al, Pain 1998 

A Swedish prospective, randomised, placebo-controlled, single- 
blinded trial (n = 58) investigated the effect of laser acupunc- 
ture at L.I.-11 and L.I.-12 for lateral humeral epicondalgia 
(tennis elbow) compared to laser application on the painful 
area. There were no significant differences between the laser and 
placebo treatments after the treatment period. Haker et al, Arch 
Phys Med Rehabil 1991 





L.L-15 A Taiwanese prospective, randomised, controlled, non- 
blinded trial (n = 150) investigated the effect of electro- 
acupuncture at L.L-15, G.B.-21 and Ex-UE jianneiling with or 
without regional nerve block (RNB) (stellate ganglion and 
suprascapular plexus) for ‘frozen shoulder’ (adhesive capsuli- 
tis). This was compared to RNB treatment alone. The combina- 
tion of electro-acupuncture and RNB produced the most 
significant reduction of pain and duration of pain relief as well 
as improvement of range of motion. Lin et al, Acta Anaesthe- 
siol Sin 1994 

A Chinese prospective, randomised, controlled, non-blinded trial 
(n = 63) investigated the effect of acupuncture at L.L-15, L.L-11, 
L.L.-4, G.B.-30, G.B.-34, G.B.-37, LIV-3, G.B.-20, ST-25, ST- 
40, ST-36, SP-6 and KID-3 on symptoms of cerebral infarction 
compared to the treatment with the calcium channel blocker vera- 
pamil. The effectiveness in the acupuncture group was 94%, in the 
verapamil group 84%. This difference is statistically significant. 
However, the choice of a calcium channel blocker seems unusual 
for this indication. Zou et al, Zhong Xi Yi Jie He Za Zhi 1990 





L.L-12 ~ L.L-11; L.L-10 

A Chinese prospective, randomised, controlled trial (n = 64) 
investigated the effect of electro-acupuncture at L.L-12, T.B.-5, 
G.B.-30 and ST-36 accompanied by medication for acute cere- 
bral infarction with regard to the plasma and CSF somatostatin 
levels. The control group received medication only. Both plasma 
and CSF somatostatin levels increased significantly in the 
acupuncture group. Zhang et al, J Tradit Chin Med 1999 

A Chinese prospective, randomised, controlled trial (n = 64) 
investigated the effect of electro-acupuncture at L.L-12, T.B.-5, 
G.B.-30 and ST-36 on the plasma and CSF levels of VIP 
(vasoactive intestinal peptide), somatostatin and pancreatic 
polypeptide in patients with acute cerebral infarction. The 
CSF VIP level dropped significantly while the plasma pancre- 
atic polypeptide level increased significantly. In patients with a 
good response both plasma and CSF somatostatin levels 
increased significantly after acupuncture. Zhang et al, Zhen Ci 
Yan Jiu 1996 


L.L.-20 > G.B.-14 

A British prospective, randomised, controlled trial (n = 20) 
investigated the effect of a 30 second massage at L.L-20 on 
nasal airflow compared to an untreated control group. Symp- 
toms improved significantly in the massage group. Takeuchi 
et al, Am J Rhinol 1999 


Stomach channel 


' 


Infraorbi 
margin 





ST-2 — G.B.-14 

A prospective, non-randomised experimental trial (n = 33) 
investigated the effect of acupuncture and electro-acupuncture at 
ST-2, L.I.-4 and ST-44 on experimentally induced tooth pain. 


While both procedures increased the pain threshold, the increase 
was not sufficient to justify acupuncture as a means of pain con- 
trol in conservative dentistry. Bakke, Scand J Dent Res 1976 
ST-4— G.B.-14 

ST-6 ~ G.B.-14; L.I.-4 

ST-7 7 L.L-4 





ST-8 A large prospective, randomised, multi-centre, group- 
comparison trial (n = 120) in patients suffering from migraine 
without aura demonstrated that acupuncture at ST-8, G.B.-5, 
G.B.-20, Du-14 and LU-7 was significantly more effective than 
conventional drug therapy, regarding both frequency and dura- 
tion of the migraine attacks as well as number of sick days. The 
authors calculated that by treating migraine with acupuncture 
the Italian health system could save approximately 0.5 billion 
Euros per year. Liguori et al., J Tradit Chin Med 2000 

A Bulgarian case study (n = 35) reports the successful treat- 
ment of headaches following caesarian sections with spinal 
anaesthesia with acupuncture at ST-8, L.1.-4, G.B.-11, G.B.-14, 
BL-10, Du-14 and Du-20 during 1-3 treatments. Tsenov, 
Akush Ginekol (Sofia) 1996 

A Swedish prospective, placebo-controlled trial investigated the 
effect of intrasegmental (ST-8) and extrasegmental (L.I.-4) 
electro-acupuncture on sensory thresholds. Only the pain thresh- 
old could be increased, and this only with intrasegmental 
acupuncture at ST-8. Lundeberg et al, Am J Chin Med 1989 
ST-18 — G.B.-14; Du-1 

ST-20 — T.B.-8 

ST-21 — Du-20 





ST-25 — Du-1; Du-20; L.I.-4; L.L.-15 

A Chinese prospective, randomised, controlled trial (n = 62) 
investigated the effect of acupuncture and moxibustion at ST-25 
and Ren-4 for chronic colitis. This was compared to modern 
drug therapy. The acupuncture group showed the same thera- 
peutic results but with fewer side effects. Yang et al, J Tradit 
Chin Med 1999 
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ST-32 — G.B.-31 

ST-34 — ST-36; SP-9 

ST-35 A Chinese prospective, randomised, single-blinded, con- 
trolled, long-term trial (n = 24) investigated the effect of electro- 
acupuncture (EA) and transcutaneous electrical nerve stimulation 
(TENS) at ST-35 and Ex-LE-4 (eight treatments over a period of 
two weeks) in older patients (average age: 85 years) suffering 
from painful osteoarthritic knees. This was compared to con- 
ventional therapy for this disorder. Both TENS and EA signifi- 
cantly reduced the knee pain. EA also had an effect on range of 
motion. Ng et al, Altern Complement Med 2003 





ST-36 — L.IL.-4; BL-27; P-6; T.B.-8; G.B.-26; G.B.-31; Du-1, Ex- 
B-3; Du-4; Du-20; LIV-3; SP-9; BL-60; L.I.-12; L.I.-15; Ren-17 
An Iranian prospective, randomised, placebo-controlled, single- 
blinded trial (n = 51) investigated the effect of transcutaneous 
electric nerve stimulation (TENS) at ST-36 and ST-38 on nitro- 
glycerin-induced hypotension under general anaesthesia with 
halothane. With true acupuncture at the above points, the mean 
arterial blood pressure (MAP) was significantly lower (60 vs 
66mmHg). The effect of acupuncture was significantly greater 
with lower dosages of nitroglycerin compared with higher dosage. 
In addition, the time to reach steady state MAP was significantly 
shorter (10 vs 15.8 minutes) and the quality of operative ischaemia 
was excellent in 83.3% subjects compared to 25% in the sham 
group. Saghaei M. et al, Acta Anaesthesiol Taiwan 2005 

A US prospective non-blinded experimental trial investigated 
the response to acupuncture at ST-36 as evidenced by fMRI. 
The limbic and paralimbic structures of the cortical and subcor- 
tical regions in the telencephalon, diencephalon, brainstem and 
cerebellum were activated in response to acupuncture. Hui et al, 
Neuroimage 2005 

A prospective, randomised placebo-controlled single-blinded 
trial (n = 13) investigated the effect of electro-acupuncture at 
ST-36 on the heart rate variability (HRV) in healthy subjects. 
There was no acupuncture-specific effect on HRV. Chang et al, 
Am J Chin Med 2005 

A German prospective randomised placebo-controlled single- 
blinded experimental crossover study (n = 10) investigated the 
effect of acupuncture at ST-36, L.I.-11, SP-10 and Du-14 on 
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leukocyte circulation in healthy young subjects. There was a sig- 
nificant decrease in leukocyte and lymphocyte values in the 
acupuncture group while cortisol and norepinephrine plasma lev- 
els remained unchanged. Kou et al, Brain Behav Immun 2005 
A US prospective, non-randomised, placebo-controlled, single- 
blinded trial (7 = 7) investigated if electro-acupuncture at ST-36, 
SP-6, ST-34 and L.I.-4 before and during induction of general 
anaesthesia (desflurane) influenced the anaesthetic requirement 
compared to a control group. There was no reduction in pain in the 
treatment group. Chernyak et al Anesth Analg 2005 

A Taiwanese prospective, randomised, placebo-controlled, sin- 
gle-blinded experimental cross-over study (n = 15) investigated 
if electro-acupuncture (EA) at ST-36 can normalise atropine- 
induced gastric dysrhythmia. While there was a significant 
increase in the percentage of normal frequency, atropine- 
induced gastric dysrhythmia was not normalised by EA (no sig- 
nificant differences in the EGG). Chang et al, Dig Dis Sci 2002 
A Taiwanese prospective, randomised, controlled experimental 
trial (n = 15) investigated the effect of ST-36 on gastric myo- 
electrical regularity. There was a significant decrease in the 
tachygastric and bradygastric rhythm during electro-acupunc- 
ture on ST-36. Chang et al, Digestion 2002 

A Taiwanese prospective, randomised, sham-controlled trial 
(n = 100) investigated the effect of electro-acupuncture at ST-36 
on postoperative pain and opioid-related side effects. The 
postoperative pain, the requirement for morphine (via PCA) and 
the incidence of nausea and dizziness were all significantly 
reduced. Lin et al, Pain 2002 

A US prospective, randomised, double-blinded, sham-con- 
trolled experimental trial (n = 14) investigated if electro- 
acupuncture at ST-36, G.B.-34 and BL-60 could reduce the 
anaesthetic requirement (desflurane) for experimental pain 
stimuli. Electro-stimulation of these points did not reduce des- 
flurane requirements compared to the control group. Morioka 
et al, Anesth Analg 2002 

A Taiwanese prospective case study (n = 15) investigated the 
effect of bilateral electro-acupuncture at ST-36 on gastric slow 
waves in diabetic patients with symptoms suggesting gastric 
motor dysfunction. Changes of gastric activity were measured 
by EGG. During and after acupuncture there was a significant 
increase in the percentages of normal frequency. In addition the 
percentage of tachygastric frequency was decreased significantly 
during and after acupuncture. Chang et al, Digestion 2001 

A Chinese case study (n = 104) reports the successful injection- 
acupuncture at ST-36 for chemotherapy-induced leukopenia. 
Yin et al, J Tradit Chin Med 2001 

A Chinese prospective, randomised, controlled, non-blinded 
trial (n = 26) investigated the effect of acupuncture at ST-36 
plus auricular plaster therapy on peristalsis for postoperative 
recovery of intestinal function after abdominal surgery. 92% of 
patients in the treatment group showed recovery of normal peri- 
stalsis within 72 hours, while in the control group only 46% 
patients recovered within the same time-period. Wan et al, 
J Tradit Chin Med, 2000 


A US prospective, randomised, controlled pilot study (n = 17) 
investigated the effect of acupressure at ST-36 and P-6 on the 
intensity and frequency of nausea in patients undergoing 
chemotherapy due to breast cancer. Both the frequency and 
intensity of the nausea was significantly lower in the treatment 
group than in the control group. Dibble et al, Oncol Nurs 
Forum 2000 

An Italian prospective, randomised, controlled experimental 
trial (n = 120) investigated the effect of acupuncture at ST-36 
and L.I.-4 regarding changes in the levels of beta-endorphins 
and other parameters (VIP, lymphocyte subsets, NK cells and 
monocyte phagocytosis) in patients suffering from various 
painful disorders. These changes were compared to an untreated 
control group. Only in the acupuncture group were the endor- 
phin levels, the CD3 and CD4 values and monocyte phagocyto- 
sis increased for at least 24 hours after treatment. At the 
same time there was an increase of the CD8 values. Petti et al, 
J Tradit Chin Med 1998 

A Chinese retrospective case study reports good results in treat- 
ing leukopenia with acupuncture at ST-36. Wei, J Tradit Chin 
Med 1998 

A Taiwanese prospective, randomised, sham-controlled experi- 
mental trial (n = 18) investigated the effect of acupuncture at ST-36 
and L.I.-4 on central nervous system pathways with functional 
MR imaging of the brain. Besides a significant reduction of the 
heart rate frequency, acupuncture at both points resulted in activa- 
tion of the hypothalamus and nucleus accumbens (structures of 
the descending antinociceptive pathway) and deactivation of the 
rostral part of the anterior cingulate cortex, amygdala formation, 
and hippocampal complex (limbic areas of pain recognition). 
Therefore this study provides explanations for the pain-reducing 
effect of acupuncture. Wu et al, Radiology 1999 

A prospective, sham-controlled, single-blinded experimental 
longitudinal trial (n = 13) investigated the effect of acupuncture 
at ST-36 only, compared to acupuncture at ST-36 plus L.I.-10 
on auditory endogenous potentials (P300). The effect of the dif- 
ferent forms of acupuncture was identical. In contrast to the sham 
group, it led to a decrease of P300 amplitude in the acupuncture 
group. Hsieh et al, Am J Chin Med 1998 

A US prospective, randomised, sham-controlled, single-blinded 
trial (n = 100) investigated the effect of transcutaneous electric 
nerve stimulation (TENS) at ST-36 on opioid analgesic 
requirement by PCA following hysterectomy or myomectomy 
compared to peri-incisional dermatomal stimulation by TENS. 
TENS applied at the dermatomal level of the incision is as effec- 
tive as stimulation at ST-36, and both were more effective than 
stimulation at a sham location. Chen et al, Anesth Analg 1998 
A Chinese prospective, randomised, controlled trial (1 = 69) 
compared the so-called immunotherapy at ST-36 to conven- 
tional desensitisation therapy in patients suffering from anaphy- 
lactic asthma. Results in the acupuncture group were 
significantly better, regarding both clinical and immunohisto- 
chemical parameters. Chen et al, Zhongguo Zhong Xi Yi Jie 
He Za Zhi 1996 


A Mongolian prospective, randomised, controlled study (n = 48) 
compared the effect of acupuncture at ST-36 and P-6 combined 
with epidural anaesthesia to simple epidural anaesthesia for subto- 
tal gastrectomies. The acupuncture group, while requiring a lower 
dosage of anaesthetic, experienced a stronger analgesic effect, the 
abdominal muscles were more relaxed and the haemodynamic 
disturbances were smaller. Sun, Zhen Ci Yan Jiu 1996 

A US prospective, randomised, controlled, experimental trial 
(n = 11) researched the effect of transcutaneous electric nerve 
stimulation (TENS) at ST-36 and ST-37 on peripheral blood 
circulation and haemodynamics. Twenty minutes of TENS on 
healthy subjects did not produce a significant change in the 
measured parameters. Balogun et al, Disabil Rehabil 1996 

A Taiwanese prospective, randomised, placebo-controlled, sin- 
gle-blinded trial investigated the influence of acupuncture at 
ST-36 on the pulse spectrum. The results indicated that 
acupuncture at ST-36 has a specific effect on the Fourier compo- 
nents of the pulse: C2 and C4 decreased while C5, C6, C8 and 
C9 increased. This specific frequency effect was not found when 
acupuncture was applied on a non-acupuncture point. Wang 
et al, Am J Chin Med 1995 

A Chinese prospective, randomised, controlled trial (n = 45) 
investigated the effect of ST-36, L.L-11 and KID-6 on the 
immunoactivity of natural killer cells and the interleukin-2 level 
in malignant tumour patients. After receiving one treatment of 
30 minutes daily for 10 days, parameters in the treatment group 
had increased significantly compared to the control group. Wu 
et al, Zhongguo Zhong Xi Yi Jie He Za Zhi 1994 

A Chinese prospective, randomised, controlled trial (7m = 80) 
compared anaesthesia with electro-acupuncture at ST-36 and 
L.L-4 to epidural anaesthesia in appendectomies. The opera- 
tions were equally successful in both groups, without any signif- 
icant differences regarding the success rate. Sun et al, Zhen Ci 
Yan Jiu 1992 

A Chinese prospective, randomised, controlled trial (n = 39) 
investigated the effect of acupuncture at ST-36 and SP-6 on 
bowel movements following abdominal surgery. In the 
acupuncture group the first postoperative bowel movement 
occurred after approximately 58 hours, but only after 86 hours in 
the untreated control group. Liu et al, Zhong Xi Yi Jie He Za 
Zhi 1991 

ST-37 — ST-36 

ST-38 > G.B.-34; ST-36 

ST-40 — L.L-15 

ST-44 — L.L-4; ST-2 


Spleen channel 

SP-1 A US prospective experimental trial (n = 13) investigated 
the effect of electro-acupuncture (EA) at SP-1 and LIV-1 on 
thermal pain thresholds. The pain threshold increased signifi- 
cantly 30 seconds after onset of EA. The authors postulate that 
EA at the above points has an inhibitory effect on the C-fibre 
afferents; the analgesic benefit observed is most probably A-delta 
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afferent mediated. Leung et al, J Altern Complement Med 
2005 
SP-4 — Du-4; P-6; L.1.-4 


SS 






SP-6 — ST-36; L.L-4; P-6; G.B.-26; Du-4; Du-20; LIV-3; L.L-15 
In a prospective, randomised, double-blinded group-comparison 
trial (n = 56) patients suffering from interstitial cystitis per- 
formed daily laser therapy on SP-6 at home for 30 seconds over 
a period of 12 weeks. There were no significant differences 
between the treatment and control cohorts. O’Reilly et al, 
J Urol 2004 

An Australian prospective, randomised, placebo-controlled trial 
(n = 20) investigated the effect of transcutaneous electrical 
stimulation (TENS) at SP-6 and LIV-3 on uterine contractions 
in post-date pregnant women. A significant increase in fre- 
quency and strength of contractions was found in the TENS 
group compared with the placebo group. Dunn et al, Obstet 
Gynecol 1989 


Medial condyle 
of the tibia 





~SP-9 
Junction of the 
shaft and medial 
condyle of the 
tibia 





Gastrocnemius 


SP-9 A British prospective, randomised, controlled, assessor- 
blinded trial (n = 44) investigated the influence of SP-9, SP-10, 
ST-34, ST-36 and L.L-4 on unilateral versus bilateral acupunc- 
ture in patients with advanced osteoarthritis of the knee. The 
symptoms improved significantly in both groups. This improve- 
ment was sustained for six months. There was no statistically 
significant difference between the groups. Tillu et al, Acupunct 
Med 2001 





SP-10 — SP-9; ST-36; Ren-17 

A Chinese prospective, randomised, controlled trial (n = 62) 
investigated the effect of Q-wave millimetre microwave applica- 
tion at SP-10 and BL-17 on chemotherapy-induced leuko- 
penia in gastrointestinal cancer patients. One group received 
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irradiation before the start of chemotherapy, the other group only 
after the onset of the chemotherapy-induced leukopenia. Begin- 
ning the irradiation before starting chemotherapy produced a sig- 
nificantly better result (86% versus 73% with later application). 
Wu et al, Zhongguo Zhong Xi Yi Jie He za Zhi 1997 

SP-12 > Du-4 


Heart channel 


HE-3 — P-6 
HE-5 — P-6 






“ease Joint space 


HE-7 — G.B.-26; Du-4; Du-20; S.I.-3; P-6 

A German prospective, randomised, placebo-controlled, single- 
blinded trial (n = 36) investigated the effect of H-7, P-6, Du-20, 
BL-62 and Ex-HN-6 erjian on the cardiac autonomous nervous 
system in patients with minor depression and anxiety disor- 
ders. Only the acupuncture group demonstrated a relative 
increase of cardiovagal modulation of heart rate. Agelink et al, 
Fortschr Neurol Psychiatr 2003 

A British pilot study (n = 17) investigated the effect of HE-7 on 
certain stress parameters. There was an average decrease of 
44% (based on the Edinburgh Postnatal Depression Scale 
(EPDS). Chan et al, Acupunct Med 2002 

HE-8 — LU-10 

HE-9 > Du-4 


Small Intestine channel 





~~ Most distal 
transverse crease 


S.I.-3 — LU-10; Du-12 

A larger-scale Taiwanese prospective, controlled, randomised 
trial (x = 100) demonstrated a significant improvement of neu- 
rological functioning in patients with severe spinal cord 
injuries (ASIA status A and B) after electro-acupuncture at S.I.-3 
and BL-62 plus auricular acupuncture versus the control group 
(conventional and rehabilitation therapy only). Wong et al, Am 
J Phys Med Rehabil 2003 

A non-controlled pilot study (7 = 18) found that the treatment 
of acute torticollis with a single treatment of ipsilateral 
acupuncture at S.I.-3 and M-UE-8 resulted in a mean improve- 
ment of lateral head rotation of 53%. Samuels N, Am J Chin 
Med 2003 


A Chinese prospective, randomised, controlled trial (n = 62) 
investigated the effect of acupuncture at S.L-3 and HE-7 in 
patients with cerebral traumatic dementia compared to con- 
ventional physiotherapy. There were significant changes of 
MMSE scores and auditory P300 values in the acupuncture 
group only. Zhang et al, Zhen Ci Yan Jiu 1996 and Zhang 
et al, Zhongguo Zhong Xi Yi Jie He Za Zhi 1995 





S.I.-18 A Chinese prospective, randomised, controlled, single- 
blinded trial (7 = 42) investigated the effect of electro-acupunc- 
ture at S.L-18, Ex-HN-04, G.B.-20 and L.L-4 on controlled 
hypotension induced by isoflurane during a cerebral operation in 
order to avoid blood loss. The concentration of isoflurane neces- 
sary to achieve controlled hypotension was significantly reduced 
by 31-42% compared to the control group. Wang et al, Zhong- 
guo Zhong Xi Yi Jie He Za Zhi 2000 


Bladder channel 





BL-1 > G.B.-14 

A non-randomised group-comparison trial (n = 34) investigated 
the effect of warmed needle acupuncture at BL-1 in patients suf- 
fering from epiphora due to dysfunction of the lacrimal duct. 
The effect in the treatment group was significantly better in 
comparison to the control group treated with lacrimal duct 
irrigation and norfloxacin eye drops (92% vs 54%). Ni et al, 
J Tradit Chin Med 2002 

A Chinese case study reports the treatment of epiphora due to 
insufficiency of lacrimal passage with acupuncture at BL-1. Of 
the 68 eyes treated in 42 patients, 28 eyes were cured and 35 
improved. 34 eyes improved after only one course of treatment. 
Ni Y et al, J Tradit Chin Med 1999 





BL-7 A Chinese experimental trial carried out in 1988 was the 
first to discuss the possible effect of BL-7, G.B.-6 and Ex-HN-1 
on hemiplegia through changes of the micro-circulation in the 
nail bed. Shun et al, Zhen Ci Yan Jiu 1988 


1/28/2018 Crystal Set 
The 3rd transistor converts the 8R to about 800R 


You can use 16 ohm, 32 ohm or 64 ohm in place of the 8R earpiece and these will give better 
performance as they will take less current and improve the stability of the circuit. 
Low-impedance earphones create "motor-boating"” due to the peaks of current and this can be 
very hard to fix. 


A 2-TRANSISTOR RADIO with REGENERATION 

The next stage in our discussion to get better performance is a feature called REGENERATION. 
Regeneration sends a small output signal back to a previous stage in the form of POSITIVE 
FEEDBACK to INCREASE the original signal. The signal on the emitter of the first transistor is the 
same amplitude as the signal entering the base but the FRAME ANTENNA has a turns ratio of 
5:15 and this increases the signal on the receiving section of the antenna by up to 3 times. But we 
want the returning signal to be just above the amplitude of the receiving signal and so a resistive 
adjustment (attenuator) is provided on the emitter to deliver just the right amplitude. 

This has the effect of increasing the amplitude on the TUNED CIRCUIT and is just like reducing 
the load on the circuit. 

As we have mentioned above, when the tuned circuit is lightly loaded, it will pick up a station at 
the exact frequency of transmission and if the dial is changed slightly, the station will disappear. 
This quality is called SELECTIVITY. 

At the same time, the Tuned Circuit will pick up weak stations and this is called SENSITIVITY. 
The quality of a receiver depends on the loading of the TUNED CIRCUIT. 


Here is the original circuit from Elektor Magazine with the prototype made on matrix board and 


fixed to a base-board with a frame antenna made from two sticks of wood. The photo shows a 
speaker but the output is so low that you really need headphones. 


ak 





http://www.talkingelectronics.com/projects/CrystalSetRadio/CrystalSet.html 20/24 









Occipital - Lower 
bone ~ border of 
the occiput 
Axis ~ - 
BL-10 — ST-8 


A. placebo-controlled, non-blinded group-comparison _ trial 
(n = 65) investigated the effect of treating children with an acu- 
plaster at BL-10, BL-11 and G.B.-34 the night before undergoing 
strabismus surgery, for the prevention of post-operative nausea 
and emesis. Nausea and emesis were reduced by 50% during the 
early and later postoperative stage compared to the placebo- 
group. The well-researched point P-6 often failed to prevent nau- 
sea in this type of surgery. Chu et al, Acta Anaesthesiol sin 1998 
BL-11 — Du-12; BL-10; L.I.-4; Ex-B-1 

BL-12 > Ex-B-1 

BL-13 — Ex-B-1; Du-14 





BL-15 — Ex-B-1; P-6 

In an animal experiment, moxibustion at BL-27 was able to reduce 
the renal excretion of Na* while at the same time decreasing uri- 
nary volume. Systolic blood pressure remained unchanged while 
plasma levels of aldosterone and ANP (atrial natriuretic peptide) 
decreased. In contrast, moxibustion at BL-15 increased urinary 
volume while reducing excretion of Na* and decreasing systolic 
blood pressure. Plasma levels of aldosterone and ANP 
decreased. These results suggest that BL-15 and BL-27 might be 
applied for certain forms of hypertension. Lee et al, Am J Chin 
Med 1997 

BL-17 — SP-10 





BL-18 — BL-23 

A Japanese prospective, randomised, placebo-controlled, dou- 
ble-blinded trial (n = 189) investigated the effect of Japanese 
intradermal acupuncture at BL-18, BL-19, BL-20, BL-21, BL-22, 
BL-23, BL-24, BL-25 and BL-26 on analgesic requirement, 
nausea and emesis as well as stress markers after abdominal 
surgery. Starting from the recovery room and including the sec- 
ond postoperative day incisional pain at rest and during cough- 
ing was significantly lower in the verum group than in the 
control group. The requirement for epidural morphine was also 
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significantly lower (only 50%). Nausea and emesis were also 
significantly lower (20-30%). Plasma cortisol and epinephrine 
concentrations were reduced by 30-50% in the acupuncture 
group during recovery and on the first postoperative day. This is 
one of the most valuable trials due to its excellent methodology 
and design. Kotani et al, Anesthesiology 2001 

BL-19 > BL-18 

BL-20 — L.I.-4; Du-1; BL-18; Du-14; P-6 

BL-21 — BL-18 

BL-22 — BL-18; Ex-B-2 

BL-23 — L.I.-4; Du-4; Du-20; BL-18; Du-14 

BL-24 > L.L-4; BL-18 

BL-25 > L.L-4; BL-18; Ex-B-2 

BL-26 > L.I.-4; BL-18 





BL-27 7 L.L-4; BL-15 

A German randomised, placebo-controlled experimental trial 
(n = 42) compared the effect of acupuncture at BL-27 on pain 
reduction with a point of the Yamamoto New Scalp Acupuncture 
(YNSA). Experimental pain stimuli were set on the upper cal- 
caneus edge. The difference in pain reduction between the 
acupuncture group and the scalp acupuncture group was highly 
significant. There are also highly significant differences con- 
cerning the verum and the placebo treatment. BL-27 could 
therefore be a useful point for treating calcaneal pain. Ogal et al, 
Anasthesiol Intensivmed Notfallmed Schmerzther 2002 

An animal experiment in 15 healthy dogs investigated the effect 
of acupuncture on intestinal (duodenum) motility. Electro- 
acupuncture at BL-27 decreased the frequency of intestinal 
motility by 31% during stimulation, while showing an increase 
of 18% after stimulation. Electro-stimulation of ST-36 led to the 
opposite result: a 20% increase during stimulation followed by a 
decrease of 7% after stimulation. Based on this result, BL-27 
could be applied for paralytic ileus or constipation while 
ST-36 could be used for treating bloating, tenesmus and 
diarrhoea. Choi et al, J Vet Sci 2001 

BL-28 — L.L-4; Du-4 





BL-29 There exists only a small case study describing various 
disorders. This is of educational value rather than anything else. 
Chen Y., J Tradit Chin Med 2002 
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BL-32 — Du-4; Ren-3 

A medium-scale Chinese case study (n = 30) reports the suc- 
cessful treatment of urinary and faecal incontinence due to 
nerve damage with electro-acupuncture at BL-35 and BL-32. 
Yang et al, J Tradit Chin Med 2003 





BL-33 A Japanese case study (n = 10) documents a significant 
reduction of pain for chronic pelvic pain syndrome with 
intrapelvic venous congestion by weekly treatments with bilat- 
eral acupuncture at BL-33 (needle retention 10 minutes, manual 
rotation). Honjo et al, Int J Urol 2004 

A Japanese prospective case study (n = 13) investigated the 
effect of bilateral acupuncture at BL-33 on cystometry and 
incontinence in spinal-cord-injured patients. Incontinence 
completely disappeared in 15% of cases and decreased to 50% 
or less compared to baseline in a further 46% of patients. Maxi- 
mum cystometric bladder capacity increased significantly from 
75 ml to 148 ml. When cystometry was repeated in six patients 
one month after the last acupuncture treatment, bladder capacity 
showed a further average increase to 187 ml. Honjo et al, Urol 
Int 2000 





BL-35 — BL-29; BL-32 

A larger-scale Chinese case study (n = 103) reports the success- 
ful treatment of post-partum urinary retention with classic 
acupuncture at BL-35. Li et al, J Tradit Chin Med 1996 
BL-47 — L.L.-4 





BL-54 — Du-3 

A larger-scale Chinese case study (n = 100) reports the success- 
ful treatment of lumbar pain with acupuncture at BL-54. Cui, 
J Tradit Chin Med 1992 






Highest prominence 
of the lateral malleo 


BL-59 A smaller-scale Chinese case study reports the treatment 
of acute lumbar pain with acupuncture at BL-59. Hu, J Tradit 
Chin Med 1993 





BL-60 — Du-3; ST-36; L.L-4 

A US prospective case study (n = 7) reports the positive subjec- 
tive (questionnaire) and objective (tibial H-reflex) effect of non- 
invasive electro-acupuncture at BL-60, ST-36, KID-1 and 
LIV-3 on HIV-related neuropathy. Results showed a signifi- 
cant overall improvement in functional activities. Galantino 
et al, J Altern Complement Med 1999 

BL-62 > S.I.-3; HE-7; Du-20 





BL-64 An animal experiment demonstrated that electro- 
acupuncture at BL-64 and BL-65 increased the activity of nitric 
oxide synthase in the brain stem nuclei (nucleus gracilis). Ma 
at al, Acupunct Electrother Res 2002 

BL-65 — BL-64 





BL-66 An experimental study in rats investigated the antipyretic 
effect of manual acupuncture at BL-66 on lipopolysaccharide- 
induced fever. Acupuncture at this point reduced the fever and 
also reduced the production of the pro-inflammatory cytokines 
interleukin-1 beta and interleukin-6 in the hypothalamus of the 
treated rats. Son et al, Neurosci Lett 2002 





BL-67 An Italian prospective, randomised, controlled, single- 
blinded trial (n = 123) investigated the effect of moxibustion at BL- 
67 on the conversion rate in breech presentations. The trial had to 
be terminated prematurely due to a high drop-out rate of partici- 
pants. At that time, there were no significant differences between 
the moxibustion group and the control group. The authors conclude 
that there is too little acceptance for moxibustion treatment in non- 
Asian cultures. Cardini et al, Br J Obstet Gynaecol 2005 

A randomised, controlled, prospective larger-scale trial (n = 67) 
demonstrated a higher rate of conversion of fetal breech pre- 
sentations in a group treated with 30 minutes of manual 
acupuncture at BL-67 (76.4%) compared to an untreated control 
group (45.4%). Habek et al, Fetal Diagn Ther 2003 

A large-scale (n = 260), randomised, controlled, prospective 
trial demonstrated a higher rate of conversion of fetal breech 
presentations in women treated with moxibustion at BL-67 for 
7-14 days (75.4%) than the conventionally treated control group 
(47.7%). Cardini et al, JAMA 1998 

A medium-scale case study (n = 48) with retrospective control 
groups demonstrated that electro-acupuncture at BL-67 for the 
conversion of fetal breech presentations had a 81.3% success 
rate. Li et al, J Tradit Chin Med 1996 

Acupuncture at BL-67 resulted in a significant increase in the 
number of c-Fos-positive cells in the primary visual cortex of 
binocularly deprived rat pups to levels suggesting that BL-67 
has an influence on the activity of the primary visual cortex. Lee 
et al, Am J Chin Med 2002 

A recent Italian prospective, randomised trial investigated the 
effect of acupuncture and moxibustion at BL-67 on the conver- 
sion of breech presentations in 240 pregnant women. At deliv- 
ery, breech presentation was significantly lower in the 
active-treatment group (37%) than in the observation group 
(54%). Therefore the proportion of caesarean sections indicated 
for breech presentation was also significantly lower in the treat- 
ment group than in the observation group (52% vs 67%). Neri 
et al, J Matern Neonatal Med 2004 
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A Croatian prospective, randomised, controlled, non-blinded 
group-comparison trial (n = 67) assessed the value of acupunc- 
ture at BL-67 for 30 minutes in the conversion of breech pre- 
sentation. The success rate of the acupuncture correction of the 
breech presentation was 76% while the rate in the untreated con- 
trol group was only 45%. This is a highly significant difference. 
Habek et al, Fetal Diagn Ther 2003 

An Austrian prospective, randomised, placebo-controlled exper- 
imental trial (n = 10) investigated the effect of laser acupunc- 
ture at BL-67 on the visual cortex using fMRI to monitor 
neuroradiological changes. Only verum acupuncture resulted 
in an activation in the cuneus (Brodmann Area BA 18) and the 
medial occipital gyrus (BA 19). These results confirm the tradi- 
tional application of this point for ophthalmic disorders. Sieden- 
topf et al, Neurosci Lett 2002 

An Italian prospective, non-randomised, sham-controlled, single- 
blinded trial (1 = 12 pregnant women with breech presentation) 
demonstrated that acupuncture at BL-67 significantly reduced the 
fetal heart rate while increasing fetal movement and producing 
more accelerations. Neri et al, J Soc Gynecol Invest 2002 


Kidney channel 





KID-1 — BL-60 

A Chinese prospective, randomised, controlled, non-blinded trial 
(n = 150) investigated the effect of acupuncture at KID-1 in the 
treatment of children with bronchial asthma compared to a 
control group treated with conventional drugs. The clinical effec- 
tiveness of acupuncture at KID-1 was significantly higher than 
treatment with drugs (89% vs 64%). In addition, in the acupunc- 
ture group the level of eosinophils and IgE was highly significant 
and significantly lower respectively than in the control group. 
Gao et Zhu, Zhongguo Zhong Xi Yi Jie He Za Zhi 2005 

A Chinese retrospective case study reports the successful local 
stimulation of KID-1 by applying a paste in the treatment of 
essential hypertension. Gong et al, J Tradit Chin Med 1995 







Highest prominence 
of the medial malleolus -- 


Achilles 
“tendon 


KID-3 — Du-4; L.L-15 

A Taiwanese prospective, randomised, controlled experimental 
trial (n = 157) compared the absorption of Tc-99 m (a radioac- 
tive technetium marker) at KID-3 with non-acupuncture points. 
Absorption at KID-3 was significantly better than at non- 
acupuncture points. Wu et al, Am J Chin Med 1994 
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KID-4 > P-6 

KID-5 — Du-4 

KID-6 — ST-36 
Pericardium channel 


ae Axillary fold 






P-2 A Chinese experimental trial (1 = 100) examined cardiac 
function before and during acupuncture at P-2, P-3, P-4 and P-6 
as well as at control points (some arbitrary points and G.B.-37) in 
patients with coronary heart disease. In contrast to the control 
points the verum points had an effect — even if only a minor one — 
on the measured parameters (PEP, LVET, P/L, HI, SV, CO, ST 
segment and T wave of ECG). You et al, Zhen Ci Yan Jiu 1993 
P-3 > P-2 

P-4 > P-2 





P-5 An earlier Chinese trial interpreted the synchronising effect 
of electro-acupuncture at P-5 on EEG activity as having a home- 
ostatic effect on the whole body. Huang et al, Zhen Ci Yan 
Jiu 1990 

Electro-acupuncture at P-5 improved the ST segment of ECG in 
rabbits with induced acute myocardial infarction. Cao et al, 
Zhen Ci Yan Jiu 1990 

An earlier Chinese experimental trial (n = 10) found that elec- 
tro-acupuncture at P-5 and P-6 shortened sino-atrial conduction 
in healthy subjects and increased frequency at the sinus node 
(positive chronotropic and bathmotropic effect). Xi et al, 
Zhongguo Zhong Xi Yi Jie He Za Zhi 1993 

Previous work of the team led by Li and Tjen-A-Looi suggests 
that the inhibitory effect of electro-acupuncture (EA) on the 
pressor reflex induced by bradykinin (BK) applied to the gall- 
bladder is in part due to the activation of opioid receptors most 
likely located in the rostral ventrolateral medulla (rVLM). This 
trial investigated the specific opioid receptor subtypes and neu- 
rotransmitters responsible for this inhibition. Therefore BK was 
applied to the gallbladder of anaesthetised cats to induce an 
increase of arterial blood pressure. It was found that applying 
EA at P-S and P-6 activated the mu and delta opioid receptors 
located in the rVLM, thus preventing a rise of the arterial blood 
pressure for a longer period of time through the activating influ- 
ence of the splanchnic nerve (for example due to stretching of 
the gallbladder or stomach). This experiment substantiated the 


positive effect of EA at P-5 and P-6, especially for myocardial 
ischaemia due to coronary heart disease. Li et al, Auton Neu- 
rosci 2001; Li et al, Am J Physiol Regul Integr Comp Phys- 
iol 2002; Tjen-A-Looi et al, Auton Neurosci 2003 

In a US study 17 healthy subjects were subjected to weekly 
bicycle training for 3-4 weeks. Subjects were asked to perform 
the training with and without electro-acupuncture (EA) at P-5, 
P-6, L.1.-4, L.L.-5, L.L-6, L.1.-7, G.B.-37, G.B.-38 and G.B.-39. 
In 70% of subjects, EA at points on the Pericardium and Large 
Intestine channels led to an increase in maximal workload with 
decreased blood pressure. Points on the Gall Bladder channel 
had no effect. Further trials may investigate the application of 
these points in the treatment of hypertension induced by exercise 
stress. Li et al, Clin Auton Res 2004 





P-6 — P-2; P-5; Du-20; Du-14; HE-7; LIV-3; L.1.-4; ST-36 

A Taiwanese prospective, randomised, placebo-controlled, double- 
blinded trial (n = 110) investigated the effect of acupressure 
bands at P-6 on nausea and vomiting during spinal anaesthe- 
sia for caesarean delivery. The reduction and occurrence of 
nausea (64% vs 71%) and vomiting (22% vs 27%) was not sig- 
nificant. Ho et al, Anesth Analg 2006 

A US prospective, randomised, placebo-controlled, single- 
blinded trial (7 = 94) investigated the effect of acupressure 
bands at P-6 on the occurrence of nausea and vomiting during 
caesarean delivery under spinal anaesthesia. There was no 
statistically significant difference between the active and sham 
control groups in the incidence of intraoperative nausea (30% vs 
43%), postoperative nausea (23% vs 41%), intraoperative vom- 
iting (13% vs 9%), postoperative vomiting (26% vs 34%), intra- 
operative antiemetic requirement (23% vs 18%), postoperative 
antiemetic requirement (34% vs 39%), complete intraoperative 
response (55% vs 57%) or complete postoperative response 
(51% vs 34%). These results did not reach the selected level of 
significance. There were also no significant differences between 
the groups in nausea scores, number of vomiting episodes and 
patient satisfaction. Habib et al, Anesth. Analg 2006 

A Swedish prospective, randomised placebo-controlled experi- 
mental double-blinded trial (n = 60) investigated the effect of 
acupressure at P-6 on nausea induced by eccentric rotation. 
Mean time to nausea was significantly the longest in the P-6 
group (352 seconds), compared to the placebo-acupressure 
group (280 seconds) and the untreated control group (151 sec- 
onds). Alkaissi et al, Can J Anaesth 2005. 

A Turkish prospective randomised controlled non-blinded trial 
(n = 90) investigated the effect of transcutaneous electrical acu- 
point stimulation (TEAS) at P-6 and Ren-13 compared to 
ondansetron on postoperative nausea following paediatric 


tonsillectomy. There was the same incidence of nausea episodes 
in the TEAS group and in the ondansetron group, but signifi- 
cantly fewer episodes than in the untreated control group. Side- 
effects were significantly higher in the ondansetron group. 
Kabalak et al, J Altern Complement Med 2005 

An Indian prospective, randomised, placebo-controlled, double- 
blinded trial (1 = 120) investigated the effect of capsicum-plas- 
ters on P-6 on postoperative nausea and vomiting (PONV) 
compared to conventional treatment with ondansetron. For the 
duration of the plaster application (6 hours after the operation) 
the incidence of PONV and the requirement for antiemetics 
were significantly lower in both groups. Misra et al, Can J 
Anaesth 2005 

A Turkish prospective, randomised, placebo-controlled, single- 
blinded trial (7 = 127) investigated the effect of transcutaneous 
electric nerve stimulation (TENS) at P-6 on the incidence and 
severity of nausea and gagging during gastroscopies. There 
were no significant differences between the treatment group and 
placebo group. Tarcin et al, Turk J Gastroenterol 2004 

A Chinese prospective, non-blinded, randomised, group-compar- 
ison trial (n = 30) investigated the effect of acupuncture at P-6 
plus mexiletin on intermittent ventricular extrasystole. The 
treatment group had a total effective rate of 90% compared with 
the control group, who was administered mexiletin only (80% 
total effective rate). Only the acupuncture group showed no 
increase in extrasystole. Zhang et al, J Tradit Chin Med 2004. 
A Chinese group-comparison trial investigated the effect of 
acupuncture at P-6 in the treatment of patients with angina pec- 
toris and acute myocardial infarct. The effectiveness of 
acupuncture was significantly better (91%) than conventional 
treatment with isosorbide dinitrate and nifedipine. Meng et al, 
J Tradit Chin Med 2004 

A US prospective, controlled, group-comparison trial (n = 77) 
investigated the effect of stimulation at P-6 on the symptoms of 
motion sickness during exposure to optokinetic drum rotation. 
Despite the extreme test conditions, stimulating P-6 delayed 
the onset of symptoms considerably. Miller et al, Aviat Space 
Environ Med 2004 

A Croatian prospective, single-blinded group-comparison trial 
(n = 36) investigated the efficiency of acupuncture at P-6 in the 
treatment of hyperemesis gravidarum. Treatment results were 
measured by the requirement for anti-emetic medication. 
Acupuncture at P-6 had an efficiency rate of 90%, acupressure at 
P-6 64%, placebo acupuncture 12.5% and placebo acupressure 
0%. Habek et al, Forsch Komplementarmed Klass 
Naturheilkd 2004 

In a German prospective, randomised, placebo-controlled 
double-blinded group-comparison trial acupuncture at P-6 sig- 
nificantly reduced the incidence of emesis after gynaecological 
and breast surgery (40% placebo, 25% P-6). Postoperative 
emesis was only reduced for gynaecological surgery, not for 
breast surgery. Streitberger et al, Anaesthesia 2004 

A Chinese prospective, randomised, single-blinded, placebo- 
controlled group-comparison trial (7 = 41) investigated the 
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effect of twice daily acupressure at P-6, ST-36 and SP-6 on gas- 
trointestinal motility following trans-abdominal hysterec- 
tomy. In comparison to the control group receiving acupressure 
on sham points, gastrointestinal motility (measured with a mul- 
tifunctional stethoscope) increased significantly in the acupres- 
sure group. Chen et al, Am J Chin Med 2003 

A German prospective, randomised, placebo-controlled, single- 
blinded trial (n = 80) investigated the anti-emetic effect of 
acupuncture at P-6 in addition to administration of ondansetron 
in patients with chemotherapy-related nausea. There was no 
significant difference between the treatment and control group. 
Streitberger et al, Clin Cancer Res 2003 

A US prospective, randomised, placebo-controlled, double- 
blinded trial (n = 230) investigated the effect of TENS at P-6 for 
the relief of nausea and vomiting in pregnancy. Based on the 
Rhodes Index, results in the verum group were significantly bet- 
ter than in the control group. Rosen et al, Obstet Gynecol 2003 
A British prospective, partially randomised, partially blinded, 
placebo-controlled trial (n = 301 patients with acute myocar- 
dial infarction, 125 of whom acted as a non-randomised control 
group) compared the effect of wristband-acupressure at P-6 with 
placebo-acupressure. P-6 led to a significant reduction in nau- 
sea and vomiting during the last 20 hours of the 24-hour study 
phase (18%), compared with the placebo group (32%) and the 
control group (43%). Dent et al, Complement Ther Med 2003 
A Swedish prospective case study (n = 39) investigated the 
effect of P-6 combined with ondansetron for nausea and vom- 
iting associated with cyclophosphamide chemotherapy. The 
authors stated that, compared with ondansetron treatment alone, 
the combined acupuncture-ondansetron treatment was signifi- 
cantly more effective, but they do not mention a control group. 
Josefson et al, Rheumatology (Oxford) 2003 

In a US prospective, randomised, single-blinded trial (n = 53) 
the application of ‘minute sphere’ acupressure at P-6, ST-36, 
SP-6 and SP-4 showed no decrease of postoperative pain and 
morphine requirement after abdominal surgery. Sakurai 
et al, Anesth Analg 2003 

A Swedish prospective, randomised, placebo-controlled, dou- 
ble-blinded, multi-centre trial (x = 410) investigated the effect 
of P-6 for the treatment of postoperative nausea and vomiting 
after gynaecological surgery. The incidence of nausea and 
vomiting was significantly lower in the acupuncture group 
(33%) than in the control group (46%). Alkaissi et al, Can 
J Anaesth 2002 

A US prospective, randomised, placebo- and sham-controlled, 
double-blinded trial (n = 120) investigated the effect of the pro- 
phylactic application of a ‘ReliefBand’ at P-6 on the incidence of 
nausea and vomiting after plastic surgery, compared to the 
application of the ReliefBand in addition to 4mg ondansetron. 
The occurrence of nausea and vomiting as well as the need for 
antiemetic ‘rescue’ medication was significantly the lowest in the 
P-6 plus ondansetron group. White et al, Anesthesiology 2002 
A Korean prospective, randomised, placebo-controlled, double- 
blinded trial (n = 160) investigated among other parameters the 
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effect of a capsicum plaster applied at P-6 on postoperative 
nausea and vomiting. The incidence of nausea and vomiting 
was significantly less (P-6: 26% within 24 hours, placebo: 57%). 
Kim et al, Anesth Analg 2002 

A Japanese case study investigated the effect of different stimu- 
lation techniques at P-6 on the coronary arteries in patients with 
coronary heart disease. The mean coronary dilation with 
acupuncture was 69% of that caused by isosorbide dinitrate. 
Kurono et al, Am J Chin Med 2002 

A US prospective, randomised, sham-controlled, single-blinded 
trial (n = 187) investigated the effect of P-6 on the incidence of 
postoperative nausea and vomiting in children. P-6 produced 
significantly better results than the sham points and was equally 
effective as administration of droperidol, but without the seda- 
tive, hypotensive side effects. Wang et al, Anesthesiology 2002 
A US prospective, randomised, sham-controlled, single-blinded 
trial (n = 27) investigated the effect of P-6 on the incidence of 
nausea and vomiting during chemotherapy. Compared to the 
control group, the anti-emetic requirement was significantly lower 
in the P-6 group. Roscoe et al, Altern Ther Health Med 2002 
An Austrian prospective, randomised, placebo-controlled, experi- 
mental cross-over study (1 = 51) investigated the effect of 
acupuncture at P-6 on the skin blood perfusion measured by 
laser Doppler perfusion imaging. This was compared to needling 
a sham point. Changes in the skin blood perfusion occurred sig- 
nificantly earlier in the acupuncture group than in the sham group, 
with a basically more pronounced reduction in skin blood perfu- 
sion at the verum point. Litscher et al, Lasers Med Sci 2002 

A large-scale Australian prospective, randomised, sham-controlled 
trial (n = 593) investigated the effect of acupuncture at P-6 on the 
incidence of nausea and vomiting in early pregnancy. Women 
receiving traditional acupuncture reported significantly less nau- 
sea after the second treatment and significantly less dry retching 
after the third week compared with women in the control group. 
Women treated with sham acupuncture showed significantly less 
nausea and retching after the third treatment compared with 
untreated women. Individualised acupuncture resulted in signifi- 
cantly less nausea and retching already after the first treatment. In 
this study none of the treatments had a significant influence on the 
frequency of vomiting. Smith et al, Birth 2002 

A US prospective, randomised, sham-controlled trial (n = 120) 
investigated the influence of electro-acupuncture (EA) at P-6 on 
postoperative nausea and vomiting in paediatric patients who 
had undergone ENT surgery and were awake. EA at P-6 signif- 
icantly decreased the incidence of nausea (P-6: 60%, sham: 
85%, control group: 93%). While vomiting had the lowest inci- 
dence in the P-6 group, the difference from the other groups was 
not significant. Rusy et al, Anesthesiology 2002 

A Swedish prospective, randomised, placebo-controlled pilot 
study (n = 60) investigated the effect of tuina (acupressure) at 
P-6 on pregnancy-related nausea and vomiting. The frequency 
of both nausea and vomiting was significantly lower in the acu- 
pressure group compared to the sham acupressure group and 
untreated control group. Werntoft et al, J Reprod Med 2001 


AUS prospective, randomised, controlled trial (7 = 25) investi- 
gated the effect of an acupressure wrist band at P-6 on motion 
sickness. Both the symptoms of motion sickness and abnormal 
gastric activity as recorded via EEG were significantly lower in 
the group treated with wristbands at P-6. Stern et al, Altern 
Ther Health Med 2001 

A US prospective, randomised, placebo-controlled, single- 
blinded trial investigated the effect of ‘sea-bands’ (acupressure 
wristbands) at P-6 on the incidence of postoperative nausea 
and vomiting. There were no significant differences. Windle 
et al, J Perianesth Nurs 2001 

A Swedish prospective, randomised, sham-controlled, single- 
blinded cross-over study (n = 33) investigated the effect of 
acupuncture at P-6 on pregnant women with hyperemesis 
gravidarum (vomiting in pregnancy). The verum group showed 
a significantly faster reduction of the nausea, and also a higher 
number of the patients experienced no vomiting. Carlsson et al, 
J Pain Symptom Manage 2000 

A Chinese prospective, controlled, randomised, group-compari- 
son study (n = 181) and a Chinese case study (nm = 33) demon- 
strated that electro-acupuncture at P-6 and P-8 as well as at 
L.L-4, T.B.-5, ST-36 and SP-6 with de-escalating treatment fre- 
quency from four times daily to once weekly for a period of 15 
and 28 days had a significant effect on the withdrawal symp- 
toms of heroin addicts. Zhang et al, Zhongguo Zhong Xi Yi 
Jie He Za Zhi 2000; Wu et al, Zhongguo Zhong Xi Yi Jie He 
Za Zhi 2000 

A Taiwanese prospective, non-randomised, placebo-controlled, 
single-blinded experimental cross-over study (n = 44) investi- 
gated the effect of acupuncture at P-6 on the left ventricular 
ejection fraction (LVEF) in 22 healthy subjects and 22 patients 
with coronary artery disease (CAD). There was no change of 
LVEF in the healthy subjects while LVEF significantly increased 
in the CAD patients. Ho et al, Am J Chin Med 1999 

A US prospective, randomised, placebo-controlled, single- 
blinded trial (n = 100) investigated the effect of pre-operative 
acupressure (verum group) and intra-operative acupuncture 
(verum and control group) at P-6 on postoperative nausea and 
vomiting after tonsillectomy in children. There were no signif- 
icant differences. Shenkman et al, Anesthesiology 1999 

A Swedish prospective, randomised, placebo-controlled, dou- 
ble-blinded trial (n = 60) investigated the effect of acupressure 
at P-6 on nausea and vomiting after minor gynaecological 
surgery. Only the group receiving acupressure at P-6 experi- 
enced no vomiting and also required no anti-emetic medication. 
Alkaissi et al, Acta Anaesthesiol Scand 1999 

An Austrian prospective, randomised, placebo-controlled, double- 
blinded trial investigated the effect of laser acupuncture at P-6 
on nausea and vomiting in children undergoing strabismus 
surgery. The laser acupuncture was administered 15 minutes 
before induction of anaesthesia and 15 min after arriving in the 
recovery room. In the laser stimulation group, the incidence of 
vomiting was significantly lower (25%) than that in the placebo 
group (85%). Schlager et al, Br J Anaesth 1998 


A Chinese prospective, randomised, placebo-controlled, double- 
blinded trial (n = 163) investigated the effect of acupoint stick- 
ers at P-6, Ren-8 and T.B.-18 on motion sickness. All tested 
acupuncture points showed a significantly better result than the 
active control points (scopolamine plaster) and the placebo control 
(lactose plaster). T.B.-18 was the most effective point (symptoms 
100% reduced), followed by Ren-8 (81%) and P-6 (46%). Pei et al, 
Zhongguo Zhong Xi Yi Jie He Za Zhi 1998 

A Chinese prospective, randomised, controlled trial (7 = 50) 
compared two forms of anaesthesia for the anterior approach 
cervical discectomy: local anaesthesia plus intravenous anaes- 
thesia (IVA) in the control group and electro-acupuncture at P-6 
and L.L-4 plus IVA. The effect of the anaesthesia was the same 
in both groups. The authors therefore recommend electro- 
acupuncture at P-6 and L.L.-4 as a less risky alternative. Li et al, 
Zhongguo Zhong Xi Yi Jie He Za Zhi 1997 

A British prospective, randomised, placebo-controlled, double- 
blinded trial (n = 81) investigated the effect of intra-operative 
acupuncture at P-6 in the prevention of postoperative nausea 
and vomiting in patients undergoing gynaecological laparo- 
scopic surgery. The use of acupuncture significantly reduced 
the incidence of postoperative nausea and vomiting by 30-38% 
compared with placebo. Al-Sadi et al, Anaesthesia 1997 

A US prospective, randomised, placebo- and sham-controlled, 
double-blinded trial (n = 75) investigated the effect of acupres- 
sure at P-6 on nausea and vomiting during caesarean section 
under spinal anaesthesia compared with administration of 
10mg metoclopramide. Acupressure at P-6 is as effective as 
10mg metoclopramide. Stein et al, Anesth Analg 1997 

An Australian prospective, randomised, placebo-controlled, 
double-blinded trial (n = 84) investigated the effect of TENS at 
P-6 and L.I.-4 on postoperative nausea and vomiting in pae- 
diatric patients undergoing minor urological surgery. The 
differences between the treatment and control group were not 
statistically significant. Schwager et al, Anaesth Intensive 
Care 1996 

A Taiwanese prospective, randomised, sham-controlled, single- 
blinded experimental trial (n = 48) evaluated the relationship 
between electro-acupuncture at P-6 and ST-36 and cardiopul- 
monary function in healthy subjects. In the P-6/ST-36 group 
resting heart rate, carbon dioxide production and oxygen 
requirement were significantly decreased, indicating that 
acupuncture can lower the metabolic rate. Lin et al, Chin Med 
J (Engl) 1996 

A Taiwanese prospective, randomised, placebo-controlled, double- 
blinded trial (n = 60) investigated the effect of acupressure 
wristbands at P-6 on the incidence of nausea and vomiting 
after epidural morphine for post-caesarean section pain 
relief. Compared to the control group, the incidence of nausea 
significantly decreased from 43% to 3%, vomiting significantly 
decreased from 27% to 0%. Ho et al, Acta Anaesthesiol Scand 
1996 

A US prospective, randomised, placebo-controlled, single- 
blinded cross-over study (7 = 9) investigated the effect of 
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acupressure wristbands at P-6 on nausea and vomiting for sea- 
sickness. Depending on the time of application (earlier or later 
during the trip) subjects were either symptom-free or com- 
plained about nausea and vomiting. The difference was highly 
significant. Bertolucci et al, Aviat Space Environ Med 1995 
A US prospective, randomised, placebo- and sham-controlled, 
single-blinded experimental trial (7 = 9) investigated the effect 
of acupressure at P-6 on the incidence of visually-induced 
motion sickness. Acupressure at P-6 significantly reduced the 
incidence of nausea and abnormal gastric myoelectric activity. 
Hu et al, Aviat Space Environ Med 1995 

A Chinese prospective, randomised, controlled trial (n = 40) 
investigated the effect of acupuncture on P-6, L.L-4, ST-36 and 
KID-4 on the regulation of cellular immune function in patients 
with malignant tumours. There was a highly significant increase 
of the CD3+ and CD4+ levels, an increase in the CD4+/CD8+ 
ratio, a higher endorphin level and a decreased level of soluble 
interleukin-2 receptor (SIL-2R). Wu, Zhen Ci Yan Jiu 1995 

A British prospective, randomised, controlled trial (n = 46) 
investigated the effect of acupressure at P-6 on nausea and 
vomiting following laparoscopy for gynaecological surgery 
and the requirement for anti-emetic therapy. There was a signif- 
icant reduction in the requests for anti-emetic therapy in the P-6- 
acupuncture group. Allen et al, Anaesth Intensive Care 1994 
A Chinese prospective paired trial (n = 40) investigated the 
effect of electro-acupuncture (EA) at P-6 during different times 
of the day (chen-time: 79am, xu-time: 7—9pm) on left ventricu- 
lar function (LVF) in patients with coronary heart disease. EA 
performed at chen-time improved LVF, while EA administered 
under the same conditions during xu-time led to an impairment 
of LVF. Li et al, J Tradit Chin Med 1994 

A British prospective case study (n = 27) reports that wearing a 
special wrist band decreased pregnancy-related nausea and 
vomiting more than 50%. Stainton et al, Health Care Women 
Int 1994 

A US prospective, randomised, sham-controlled, single-blinded 
trial (n = 60) investigated the effect of acupressure at P-6 on 
pregnancy-related nausea and vomiting. There was a signifi- 
cant decrease of nausea in the P-6 acupressure group. The inci- 
dence of vomiting did not differ from the sham control group. 
Belluomini et al, Obstet Gynecol 1994 

A German prospective, randomised, placebo-controlled, single- 
blinded trial (n = 60) investigated the effect of acupressure at 
P-6 on nausea in patients undergoing gynaecological opera- 
tions of longer duration (6-8h). Nausea was reduced from 
53% in the placebo group to 23% in the acupressure group. 
Gieron et al, Anaesthesist 1993 

A Chinese prospective, randomised, placebo-controlled, single- 
blinded trial (n = 15) investigated the effect of acupuncture at 
P-6, HE-7 and HE-3 on the frequency and duration of angina 
pectoris during exercise. The control groups received either 
sham acupuncture or no treatment at all. In the verum group, the 
anginal attack occurred significantly later and the duration of the 
attack after stopping the exercise was significantly shorter than 
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in the control groups. Zhou et al, Zhongguo Zhong Xi Yi Jie 
He Za Zhi 1993 

A Taiwanese prospective, randomised, controlled trial (n = 120) 
investigated the effect of P-6 acupoint injection with 0.2 ml 50% 
glucose in water compared to intravenous injection of 20 micro- 
grams/kg droperidol for the prevention of vomiting after 
gynaecological laparoscopy. A non-controlled comparison- 
group received no treatment at all. The incidence of vomiting 
significantly decreased in both the P-6 group and the droperidol 
group. Yang et al, Acta Anaesthesiol Scand 1993 

An Italian prospective, randomised, placebo-controlled, double- 
blinded cross-over study (n = 60) investigated the effect of unilat- 
eral and bilateral acupressure at P-6 for the treatment of morning 
sickness compared to acupressure at a sham point. Compared to 
the placebo group both unilateral and bilateral acupressure at P-6 
significantly reduced the frequency of morning sickness from 60% 
to 30%. De Aloysio et al, Obstet Gynecol 1992 

A US ‘n of 1’ trial investigated the effect of P-6 wristbands on 
nausea and vomiting in hospice patients (n = 6). There were 
no significant differences between the verum group, the placebo 
group and the group without wristbands. Brown et al, Am J 
Hosp Palliat Care 1992 

A Canadian prospective, randomised, controlled, double-blinded 
trial (n = 90) investigated the effect of acupuncture at P-6, admin- 
istered after induction of anaesthesia, on the frequency of nausea 
and vomiting after strabismus surgery in children. The control 
group received droperidol. There was no significant difference 
between the two groups. Yentis et al, Can J Anaesth 1992 

A Canadian prospective, randomised, controlled, single-blinded 
trial (n = 45) investigated the effect of acupuncture at P-6 
administered after induction of anaesthesia on the frequency of 
nausea and vomiting after tonsillectomy in children. There 
was no significant difference between the verum group and the 
untreated control group. Yentis et al, Br J Anaesth 1991 

A US prospective, randomised, controlled, double-blinded trial 
(n = 66) investigated the effect of acupuncture at P-6 adminis- 
tered after induction of anaesthesia on the frequency of nausea 
and vomiting after strabismus surgery in children. There was 
no significant difference between the treatment group and 
placebo group. Lewis et al, Br J Anaesth 1991 

An Irish case study (n = 100) reports that TENS at P-6 reduced 
chemotherapy-induced nausea by 75%. Dundee et al, J R Soc 
Med 1991 

A Swedish prospective, randomised, controlled cross-over study 
(n = 21) investigated the effect of acupuncture at P-6, HE-5, 
BL-15, BL-20 and ST-36 on the frequency of angina pectoris 
(AP) and the performance before onset of pain during exercise 
in patients suffering from coronary heart disease. The frequency 
of AP attacks decreased significantly from 11 to 6 attacks per 
week. Accordingly, the performance before onset of pain during 
exercise increased significantly from 82W to 94W. Richter 
et al, Eur Heart J 1991 

A Chinese prospective, randomised, non-blinded, controlled 
trial (n = 64) investigated the effect of a 3ml normal saline 


injection into P-6 on the incidence of postoperative vomiting. 
Compared to the control group, vomiting was significantly 
reduced (2 vs 10 patients) in the treatment group. Shyr et al, Ma 
Zui Xue Za Zhi 1990 

A British prospective, randomised, controlled experimental trial 
(n = 18) compared the effectiveness of acupressure bands at 
P-6 on motion sickness to a placebo and 0.6 mg scopolamine. 
Only the subjects taking scopolamine showed a significant 
increase in tolerance to a laboratory nauseogenic cross-coupled 
motion challenge. Bruce et al, Aviat Space Environ Med 1990 
A Taiwanese prospective, randomised, controlled trial (n = 100) 
compared the effect of electro-acupuncture (EA) and TENS at 
P-6 on nausea and vomiting after laparoscopy. Compared to 
the control group (44%), nausea was significantly reduced in the 
EA and perchlorperazine group (12% each), but not in the TENS 
group (36%). Ho et al, Anaesthesia 1990 

A British prospective, randomised, controlled trial (n = 162) 
compared the effect of acupressure wristbands at P-6 on postop- 
erative nausea and vomiting in the recovery room with conven- 
tional anti-emetic treatment. Acupressure at P-6 significantly 
reduced the intensity of the nausea. The reduced anti-emetic 
requirement and the reduced incidence of vomiting were not sta- 
tistically significant. Barsoum et al, J R Soc Med 1990 

A Chinese prospective, randomised, controlled trial (n = 40) com- 
pared the effect of electro-acupuncture (EA) at L.L-4 and P-6 on 
intra-operative analgesia in patients undergoing thyroidectomy 
with superficial cervical plexus block. There was no significant 
difference between the two groups. Ouyang et al, Zhen Ci Yan 
Jiu 1990 

An Irish prospective, randomised, sham-controlled, single- 
blinded trial investigated the effect of pre-operative electro- 
acupuncture and acupuncture at P-6 on the frequency of nausea 
and vomiting after minor gynaecological surgery compared 
to sham acupuncture. The frequency of nausea and vomiting was 
significantly reduced in the P-6-group only. Dundee et al, Br J 
Anaesth 1989 

A US prospective, randomised, controlled cross-over study 
(n = 16) investigated the efficacy of acupressure wristbands at 
P-6 on morning sickness. Use of the acupressure wristbands 
significantly relieved morning sickness and also significantly 
reduced anxiety, depression and behavioural dysfunction. Hyde, 
J Nurse Midwifery 1989 

An Irish prospective, randomised, sham-controlled cross-over 
study (n = 10) investigated the effect of electro-acupuncture on 
P-6 on chemotherapy-induced nausea. In the verum group 
sickness was either completely absent or reduced considerably 
in 97% of patients and no side effects were encountered. The 
same research team confirmed these results in a larger-scale case 
study (n = 105). Dundee et al, J R Soc Med 1988 

An Irish prospective, randomised, sham-controlled trial 
(n = 350) compared the effect of acupressure at P-6 on morn- 
ing sickness to sham acupressure and a control group. Only acu- 
pressure at P-6 significantly relieved the symptoms of morning 
sickness. Dundee et al, J R Soc Med 1988 


A prospective, randomised, placebo-controlled trial (n = 75) 
investigated the effect of acupuncture at P-6 on nausea and 
vomiting after minor gynaecological surgery. Acupuncture at 
P-6 significantly reduced both nausea and vomiting. Dundee 
et al, Br Med J (Clin Res Ed) 1986 

P-8 — P-6; LU-10 





P-9 A larger-scale Chinese case study (n = 100) describes the 
positive effect of P-9 on infantile morbid night crying in oth- 
erwise healthy children. Zhao, J Tradit Chin Med 2002 


Triple Burner channel 
T.B.-5 — P-6; L.L-4; L.L-12; L.L-10 





T.B.-8 Acupuncture at T.B.-8 and Du-15 activates areas important 
for word generation in the right inferior frontal gyrus, but not in 
the left inferior frontal gyrus. Li et al, Hum Brain Mapp 2003 

A Russian case study reports the positive effects of acupuncture 
at T.B.-8, T.B.-9, ST-20, ST-36, G.B.-14 and Du-20 in 66 
patients with duodenal ulcer accompanied by apparent shifts in 
psychovegetative correlations. Kravtsova et al, Vopr Kurortol 
Fizioter Lech Fiz Kult 1994 

T.B.-9 — T.B.-8 

T.B.-18 — P-6 


Gall Bladder channel 





G.B.-1 An earlier Italian case study reports the successful 
application of G.B.-1 for heroin withdrawal in nine male 
heroin addicts. After six months, 66% of these patients were 
classified as abstinent. Besides reservations regarding methodol- 
ogy of such a small-scale trial, the accompanying medication 
also poses problems in evaluating the effect of the acupuncture 
treatments. Cocchi et al, Minerva Med 1979 


9.2 Scientific Research According to Channels 





G.B.-3 A US prospective, randomised, double-blinded, experi- 
mental cross-over study (n = 20) investigated the effect of 
TENS at G.B.-3 on the anaesthetic requirement (desflurane) to 
prevent purposeful movement of the extremities in response to 
noxious electrical stimulation. In comparison with the placebo 
group, bilateral application of TENS at G.B.-3 significantly 
reduced the desflurane requirement by 11%. Greif et al, Anes- 
thesiology 2002 





G.B.-4 Following the induction of an ischaemic cerebral 
infarction by occlusion of the middle cerebral artery in rats, ani- 
mals treated with electro-acupuncture (EA) at G.B.-4, G.B.-5, 
G.B.-6 and G.B.-7 showed a significantly faster recovery than 
animals in the untreated control group or in the group treated 
with EA at Du-20 and Du-26. Infarct volume was significantly 
reduced in the EA-treated groups. The authors discuss the 
acupuncture-induced production of vascular endothelial growth 
factor (VEGF) in astrocytes of the peri-infarct area as a 
causative factor. Wang et al, Neurol Res 2003 





G.B.-5 > G.B.-4; ST-8 

A Chinese case study recommends a particular needling tech- 
nique (from G.B.-5 or Ex-HN-5 to G.B.-8) for the treatment of 
migraine. Gan et al, J Tradit Chin Med 1986 

G.B.-6 — BL-7; G.B.-4 
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G.B.-7 > G.B.-4 

A large-scale Chinese case study (n = 500) reports the success- 
ful application of acupuncture at G.B.-7 in the treatment of 
hemiplegia after apoplexy. Sun et al, J Tradit Chin Med 1985 
G.B.-8 > G.B.-5 

G.B.-11 — ST-8 


G.B.-14 > T.B.-8; ST-8; LIV-3 

A case study reports that 63 patients with facial paralysis were 
treated with acupuncture at G.B.-14, BL-1, ST-2, L.L.-20, ST-4, 
ST-6 and ST-18 plus auxiliary points according to the underly- 
ing TCM pattern. Just over half of the patients were cured and all 
except one patient showed a marked improvement. Liu et al, 
Zhen Ci Yan Jiu 1992 





G.B.-15 An uncontrolled, non-randomised, group-comparison 
trial investigated the effect of acupuncture on childhood diar- 
rhoea. Group I received scalp acupuncture (after Yamamoto) 
with points on line 3 starting at G.B.-15; Group II received body 
acupuncture; and Group III was treated with antibiotics. Group I 
showed the best results, followed by Group II and Group III, 
with results in Group I and II significantly better than in Group 
Ill. However, besides some methodological shortcomings, the 
authors did not seem to have a very firm grasp of their subject 
matter: while using the correct points for the correct indication, 
they refer to line 3 as line 2 and to G.B.-15 as BL-15! Lin et al, 
J Tradit Chin Med 1993 

G.B.-20 — ST-8; LIV-3; S.1.-18; L.L-15 





G.B.-21 7 L.L-15 

A Chinese case study reports the successful treatment of acha- 
lasia of the cardia with acupuncture at G.B.-21. Shi et al, 
J Tradit Chin Med 1994 

G.B.-24 — LIV-14 





G.B.-26 An earlier prospective group-comparison trial investi- 
gated the analgesic effect of electro-acupuncture (EA) at G.B.-26, 
ST-36, SP-6 and HE-7 in patients who underwent hysterectomy 
by subumbilical midline incision. EA for 40 minutes had the 
same analgesic effect as 30mg pentazocine. However, in con- 
trast to pentazocine; EA also improved the vital capacity of the 
lung for 3-4 hours after the treatment. Facco et al, Am J Chin 
Med 1981 

G.B.-30 > L.L-12; L.1-15 





G.B.-31 7 L.L-4 

Three publications by a Canadian research team led by Romita 
demonstrated that electro-acupuncture (EA) at G.B.-31, ST-32 and 
ST-36 resulted in a more pronounced inhibition of the nociceptive 
tail withdrawal reflex than classical acupuncture in slightly 
anaesthetised rats. Romita et al, Brain Res 1997, Romita et al, 
Brain Res Bull 1997, Romita et al, Brain Res 1996 


) Head of t! 





G.B.-34 — BL-10; Du-20; ST-36; L.I.-4; L.L.-15 

A Korean prospective randomised placebo-controlled experi- 
mental trial (n = 10) investigated the effect of acupuncture at 
G.B.-34 on motor cortex activities as evidenced by {MRI. Bilat- 
eral sensorimotor areas BA 3, 4, 6 and 7 were activated during 
acupuncture, providing a basis for future investigations regard- 
ing therapeutic interventions in stroke patients. Jeun et al, Am 
J Chin Med 2005 

A Chinese prospective, randomised, controlled trial (n = 20) 
investigated the effectiveness of electro-acupuncture (EA) at 
G.B.-34 and ST-38 on epicondylitis lateralis (tennis elbow) 
compared to manual acupuncture at the same points. After six 
treatments over a period of two weeks, the EA group showed 
significantly better results in relation to pain relief (Pain visual 
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2 TRANSISTOR REGENERATIVE RADIO from Elektor Magazine 


The circuit is very complex and the output will be very low as the circuit cannot drive a low- 
impedance earphone via a 4k7 load resistor. The 4k7 resistor is actually driving the speaker (the 
transistor is simply discharging the 220u). The 4k7 only allows 32/4700 x 9 = 61mV to appear 
across the earphone - a very poor result. 

The skill of designing a transistor stage is covered in our comprehensive eBook: The Transistor 
Amplifier and you wont make a mistake like this !!! 

The circuit above can be simplified and we can add the REGENERATIVE feature to our Simplest 
2-Transistor Radio circuit: 


Our circuit uses a 15 turn circular FRAME ANTENNA 15cm diameter and a 5 turn 
REGENERATION coil. 
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2 TRANSISTOR RADIO with REGENERATION 


The regeneration coil is brought near the main coil and as it gets closer you can hear the audio 
get louder. If this does not happen, turn the coil around. 

Early radios used this technique and the operator had to adjust the coil by hand. No-one minded 
because radio was a fascination and the simplest radio cost more than a weeks wages. To listen 
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analogue scale) and pain free hand grip strength (PFG). Tsui 
et al, Acupunct Electrother 2002 

A British, prospective, randomised, sham-controlled, double- 
blinded experimental trial (n = 240) investigated the effect of 
transcutaneous electric nerve stimulation (TENS) at G.B.-34 on 
mechanical pain thresholds. Low frequency, high intensity 
stimulation showed a significant analgesic effect that was sus- 
tained post-stimulation. Chesterton et al, Pain 2002 

G.B.-37 — P-2; P-5; L.L.-15 

G.B.-38 — P-5 

G.B.-39 — LIV-3 

G.B.-40 — LIV-3 






Proximal to t 
interdigital fo 


G.B.-43 An Austrian prospective, randomised, placebo- 
controlled, single-blinded trial investigated the effect of laser 
acupuncture at G.B.-43 on cerebral cortical and subcortical acti- 
vations as evidenced by fMRI. Only true laser acupuncture led 
to ipsilateral activations within the thalamus, nucleus subthala- 
micus, nucleus ruber, the brainstem, and the Brodmann areas 40 
and 22. Siedentopf et al, Laser Med Sci 2005 

A purely descriptive study investigated the effect of G.B.-43 and 
L.L-4 on somatosensory evoked potentials. Particular atten- 
tion was paid to the effect of the deqi-sensation. Wu et al, Zhen 
Ci Yan Jiu 1993 


Liver channel 
LIV-1 — SP-1 





LIV-3 — Du-20; BL-60; L.I.-4; L.I.-15; SP-6 

In a Chinese-German single-blinded experimental trial, acupunc- 
ture at LIV-3 and G.B.-40 resulted in the activation of the sec- 
ondary somatosensory cortical areas, frontal areas, the right side 
of the thalamus and the left side of the cerebellum. Sham-points 
had no effect. Fang et al, Neuroradiology 2004 

An Italian open, prospective, randomised group-comparison trial 
investigated the effect of acupuncture, laser acupuncture and 
TENS on LIV-3, SP-6, L.I.-4, G.B.-20, Du-20 and Ex-HN-5 on 
transformed migraines. The number of days with headache per 
month significantly decreased during treatment in all groups. 
Acupuncture showed the best effectiveness over time. Allais 
et al, Neurol Sci 2003 
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An Italian prospective, randomised, controlled, non-blinded trial 
(n = 160) investigated the effectiveness of acupuncture at LIV- 
3, SP-6, ST-36, Ren-12, L.I.-4, P-6, G.B.-20, G.B.-14, Ex-HN- 
5 and Du-20 on migraine attacks without aura compared to 
flunarizine. The number of attacks after two and four months of 
therapy was significantly lower in the acupuncture group than in 
the flunarizine group, and analgesic consumption was accord- 
ingly also significantly lower in the acupuncture group. Pain 
intensity was significantly reduced only by acupuncture treat- 
ment. Allais et al, Headache 2002 

A British prospective, randomised, placebo-controlled cross- 
over study (7 = 56) investigated the effect of LIV-3 on rheuma- 
toid arthritis (RA). There were no significant changes between 
the treatment and placebo group. The treatment of only one 
point for a condition such as RA is unusual. David et al, 
Rheumatology (Oxford) 1999 

A US prospective, randomised, sham-controlled, single-blinded 
trial (n = 10) investigated the effect of electro-acupuncture 
(EA) on LIV-3, ST-36 and L.I.-11 on lowering diastolic blood 
pressure in hypertensive subjects. Compared to the sham group, 
diastolic blood pressure showed a significant decrease in the 
EA-group. Williams et al, Phys Ther 1991 

LIV-13 — Du-20 





LIV-14 A Chinese prospective, non-randomised, controlled, 
non-blinded trial (n = 56 plus control group) investigated the 
effect of water injections at LIV-14, G.B.-24 and Ren-14 on bil- 
iary colic pain. The pain disappeared in 57% of cases and 
showed improvement in a further 39%. This result is signifi- 
cantly better compared to the control group receiving conven- 
tional treatment. Jiang et al, J Tradit Chin Med 1995 


Du mai (governing vessel) 





Du-1 A prospective, controlled, group-comparison trial in 
hypogalactic postpartum sows (n = 42) showed that apitherapy 
(acupuncture with bee venom) at Du-1 and ST-18 was superior to 
treatment with conventional drugs. Choi et al, J Vet Sci 2001 

A prospective, controlled, group-comparison animal experiment 
showed that apitherapy at Du-1 and ST-25 in piglets with 
preweaning diarrhoea (n = 91) is as effective as conventional 
treatment with drugs. Choi et al, Am J Chin Med 2003 
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In an earlier prospective, controlled, group-comparison trial in 
piglets (n = 44) with induced enteropathogenic Escherichia 
coli diarrhoea, traditional acupuncture at Du-1, ST-36, BL-20, 
Ren-12 and ST-25 produced the best results in comparison to 
the groups treated with electro-acupuncture or antibiotics. There 
were too many groups given the number of cases. Hwang et al, 
Am J Vet Res 1988 

Several animal experiments investigated the effect of acupunc- 
ture on signalling and modulating pain. Acupuncture at Du-1 
and Du-2 inhibited the reaction on experimental pain stimuli. 
Bing et al, Neuroscience 1991, Xu et al, Zhen Ci Yan Jiu 
1989, Xu et al, Zhen Ci Yan Jiu 1989 

Du-2 > Du-1 





Du-3 Rats treated with electro-acupuncture at Du-3, BL-54 and 
BL-60 15 minutes after a standardised spinal cord injury at T8, 
showed a marked improvement (regarding both morphology and 
functioning) three days post-operatively compared to rats not 
treated with acupuncture. However, none of the beneficial 
effects occurred in rats given acupuncture treatment 24 hours 
after spinal cord injury. Politis et al, Acupunct Electrother Res 
1990 







Level of the ilia 
Spinous proc 
(dependent on 
patient position’ 


Du-4 A Turkish prospective, randomised, non-blinded, con- 
trolled group-comparison trial (n = 24) investigated the efficacy 
of acupressure at Du-4, Du-15, Du-20, BL-23, BL-28, BL-32, 
HE-7, HE-9, ST-36, SP-4, SP-6, SP-12, Ren-2, Ren-3, Ren-6, 
KID-3 and KID-5 on enuresis compared to oxybutynin given to 
the control group. Acupressure was administered to 12 patients 
by the parents. While treatments in both groups were successful, 
complete recovery was significantly higher in the acupressure 
group (83.3%) compared to the control group (58.3%). Yuksek 
et al, J Int Med Res 2003 





Du-8 An experiment in rats supports the effect of Du-8 on 
seizures (by releasing melatonin) and on cerebral infarction 
(reduction of the cerebral infarction volume due to release of 
taurine and decrease of aspartame). Chao et al, Acupunct 
Electrother Res 2001, Zhao et al, Acupunct Electrother Res 
1997, Yin et al, Zhen Ci Yan Jiu 1994 





Du-9 The effect of electro-acupuncture at Du-9 was investi- 
gated in 23 patients suffering from coronary heart disease. The 
results showed a slight dilation of the coronary arteries and a 
slight decrease of the heart rate frequency (monitored by coro- 
nary arteriography). Yan et al, Zhongguo Zhong Xi Yi Jie He 
Za Zhi 1998 

Two earlier Chinese case studies report decreased symptoms in 
patients with coronary heart disease after acupuncture or tuina at 
Du-9. Wang et al, Zhong Xi Yi Jie He Za Zhi 1988, Wang et al, 
Zhong Xi Yi Jie He Za Zhi 1987 

A Chinese case study reports the successful treatment of angina 
pectoris by implanting a micro-depressor at Du-9. Wang et al, 
Zhong Xi Yi Jie He Za Zhi 1988 





Du-11 Electro-acupuncture at Du-11 and Du-16 prior to, during 
and after an experimentally induced transient ischaemia in ger- 
bils suggests the protective influence of these points. They seem 
to suppress both glutamate release and reperfusion injury follow- 
ing the ischaemic insult. Pang et al, Am J Chin Med 2003 





Du-6 An earlier Chinese case study reports the application of 
Du-6 for acupuncture anaesthesia for hysterectomies. Authors’ 
Collective, Chin Med J (Engl) 1978 


Du-12 A Chinese case study reports that classic acupuncture at 
Du-12, L.L-10, BL-11 and S.L-3 with degi sensation in the 
direction of the disorder in 55 patients with cervical vertebra 


disease and impaired cerebral blood flow capacity led to a 
significant improvement of blood flow capacity. Qie et al, 
Zhong Xi Yi Jie He Za Zhi 1991 
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Du-14 


Du-14 > L.I.-4, ST-8; ST-36 

A Chinese experimental trial (n = 40) investigated the effect of 
acupuncture at Du-14 and P-6 on driving performance during a 
three-hour driving simulator test. The acupuncture group 
showed a significantly better driving performance and a 
decrease in driving fatigue, compared to the untreated control 
group. Li et al, Accid Anal Prev 2004 

A Chinese prospective, randomised, controlled, non-blinded 
trial (n = 40) investigated the effect of acupuncture at Du-14 
and P-6 on heart rate and driving performance during a three- 
hour driving simulator test. The acupuncture group showed a 
significantly decreased activation of the sympathetic nervous 
system and increased parasympathetic activity compared to 
the untreated control group. Li et al, Eur J Appl Physiol 2003 

A Chinese retrospective case study (n = 25) investigated the 
effect of cupping at Du-14, BL-13, BL-20 and BL-23 on 
bronchial asthma while reducing orally administered corti- 
sone. The author reports that 56% of patients showed a marked 
improvement after 30 treatments. Hu, J Tradit Chin Med 1998 
A Chinese prospective case study (n = SQ) reports the success- 
ful treatment of perennial allergic rhinitis by applying 10% 
Cantharides extract at Du-14 and P-6. The results showed an 
effective rate of 88%. The allergic nasal mucosa provocative test 
of the treated group improved after the treatment, the number of 
eosinophils and basophils in nasal secretion decreased and the 
serum total IgE also reduced significantly. Tang et al, Zhongguo 
Zhong Xi Yi Jie He Za Zhi 1995 

Du-15 — T.B.-8; Du-4 

Du-16 — Du-11 





Du-20 > T.B.-8; G.B.-4, ST-8; Du-4; LIV-3; HE-7, L.L-4 

A Chinese prospective randomised controlled single-blinded 
group-comparison trial (n = 50) investigated the effect of a stan- 
dardised acupuncture protocol, used either on its own or accom- 
panied by needling of Du-20, Du-26 and HE-7 (either singly or 
in combination) on vascular dementia in hemiplegic 
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patients. Clinical symptoms were observed and scales such as 
HDS-R, ADL and functional activities questionnaire (FAQ) 
used for assessment. The group additionally treated with Du-20 
and HE-7 showed marked improvement of memory, orientation 
and reaction. At the same time mental rigidity and trance 
decreased. Du-20 on its own improved understanding, calculat- 
ing and social adaptation, while Du-26 was helpful in treating 
mental retardation, failure to perform daily activities, trance and 
poor memory. The combination of the three points showed over- 
all the best results in improving intelligence and social adapta- 
tion. The particular design of this trial - combining a standard 
protocol used in both groups with the actually relevant points in 
the verum group — presents an interesting model for eliminating 
persistent problems regarding placebo methods and blinding. 
However, in this particular trial the number of participants (5 
groups of 10 subjects) was too low to determine if the results 
were statistically significant. Lai et Huang, Chin J Integr Med 
2005 

A German prospective, non-blinded, pair-matched, controlled 
trial (n = 121 pregnant women between 30 and 39 weeks of 
gestation) investigated the effect of acupuncture at Du-20 and 
ST-36 on fetal and maternal cardiotocographic parameters 
and maternal circulation. The main difference was a transient 
increase of the Fisher score in the treatment group compared to 
the control group, with a persistent increase of the Fisher score. 
Scharf et al, Z Geburtshilfe Neonatol 2003 

A Croatian prospective, randomised, placebo-controlled trial 
(n = 57) investigated the effectiveness of Du-20, L.I.-4, Ren-3, 
Ren-4, Ren-6, G.B.-34, BL-23, SP-6 and HE-7 on primary 
dysmenorrhoea compared to placebo-acupuncture. Subjects 
were observed for a period of two years. After one year, 93.3% 
of acupuncture patients were symptom-free and/or not taking 
medication compared to only 3.7% of the placebo patients. 
Habek et al, Gynakol Geburtshilfliche Rundsch 2003 

A Polish prospective, randomised, controlled, non-blinded trial 
(n = 69) investigated the effect of acupuncture at Du-20, Ren- 
12, ST-36, ST-21, ST-25, LIV-3, LIV-13, P-6 and HE-7 in addi- 
tion to a low calorie diet in the treatment of obesity (BMI 
approximately 33 kg/m”). This diet consisted of a daily intake of 
about 1200-1500 kcal, which was about 1000kcal below the 
daily energy requirement of the patients. The acupuncture group 
showed a significantly better result after only 12 treatments over 
a period of 6 weeks. The mean body weight decreased from 
85.5 kg to 72.7 kg, while it only decreased to 77.1 kg in the diet 
group. Wozniak et al, Ginekol Pol 2003 

A German prospective, randomised, placebo-controlled, double- 
blinded trial (n = 56) investigated the effect of acupuncture at 
Du-20, Ex-HN-6, HE-7, P-6 and BL-62 in the treatment of 
depression and generalised anxiety. Results were assessed 
using questionnaires. After 10 treatments, the verum acupunc- 
ture group showed a significantly larger clinical improvement 
compared to the placebo group (61% vs 21%). Eich et al, 
Fortschr Neurol Psychiatr 2000 

Du-26 > G.B.-4; Du-20 
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Ren mai (conception vessel) 
REN-2 > Du-4 





REN-3 — Du-4; Du-20 

A Taiwanese prospective, randomised, controlled trial (n = 60) 
investigated the influence of electro-acupuncture (EA) at Ren-3, 
Ren-4 and BL-32 on the neurogenic bladder of spinal cord 
injured patients compared to the conventional bladder training 
programme received by the control group. The acupuncture 
group took significantly less time to achieve balanced voiding 
than the control group (on average 28 days less). The best results 
were achieved in patients who received acupuncture within three 
weeks after injury (39 days less). Cheng et al, Spinal Cord 1998 
Ren-4 — Du-20; ST-25; Ren-3 

REN-6 — Du-4; Du-20; Ren-17 





REN-8 — P-6 

A Chinese prospective, randomised, controlled, non-blinded trial 
(n = 56) investigated the effect of moxibustion at Ren-8 in addi- 
tion to chemotherapy for nasopharyngeal carcinoma (stage [II 
and IV). There were significantly fewer toxic and side effects in the 
moxibustion group compared to the control group. The five-year 
survival rate in the two groups were 50.0% and 35.7% respectively. 
Chen et al, Zhongguo Zhong Xi Yi Jie He Za Zhi 2000 

A Chinese prospective, randomised, controlled trial (n = 140) 
investigated the effect of applying a topical ointment at Ren-8 
on epigastric pain. Results in the treatment group were signifi- 
cantly better than in the control group (94% vs 53%). Ba et al, 
J Tradit Chin Med 1999 

REn-12 — L.I.-4; Du-1; Du-20; LIV-3; Ren-17 

REN-13 — P-6 

REn-14 — LIV-14 





Ren-17 A Chinese prospective, randomised, controlled trial 
(n = 60) investigated the effect of Ren-17, Ren-12, Ren-6, 
ST-36 and SP-10 on the symptoms of vascular dementia 


compared to conventional treatment. Both acupuncture and con- 
ventional treatment showed a highly significant increase of 
MMSE, HDS-R and ADL scores. However, the results of the 
acupuncture group were statistically more significant regarding 
MMSE, HDS-R and the total rate of effectiveness (80% vs 
47%). Yu et al, Neurol Res 2006 


ke 





Ren-23 A Chinese retrospective case study (n= 120) 
reports the successful treatment of pseudobulbar palsy with 
acupuncture at Ren-23 and LU-5. Wang et al, J Tradit Chin 
Med 1998 





Ren-24 A German prospective, single-blinded, controlled trial 
(n = 41) reports that acupuncture at Ren-24 significantly 
reduced the severity of the gag reflex during transoesophageal 
echocardiography compared to acupuncture at a sham point. 
Rosler et al, J Altern Complement Med 2003 


Extra points 





Ex-HN-1 > BL-7 

A Taiwanese, prospective, randomised, placebo-controlled, sin- 
gle-blinded experimental trial (n = 9) investigated the effect of 
the sishencong-points (Ex-HN-1) on the variance of heart rate 
frequency. The authors observed an increase in the vagal activi- 
ties but a suppression of the sympathetic activity. Wang et al, 
Auton Neurosci 2002 

A Chinese case study (n = 51) reports the successful treatment 
of hyperthyreosis with acupuncture at Ex-HN-1. Xie et al, 
J Tradit Chin Med 1994 





Ex-HN-3 An Austrian prospective, randomised, single-blinded 
experimental cross-over study (n = 25) showed that acupuncture 


(but not laser acupuncture) at yintang monitored by EEG had a 
sedating effect. Clinical application of this point, for example for 
sleeping disorders, requires further investigation. Litscher et al, 
Eur J Anaesthesiol 2004 

Ex-HN-4 — S.1.-18; L.L-4 

Ex-HN-5 — G.B.-5; LIV-3 

Ex-HN-6 — HE-7; Du-20 


Base of the 
scapular spine 


’ 
y 


Y 
/ 





Ex-B-1 A Chinese prospective, randomised, controlled trial 
(n = 84) investigated the effect of a herbal plaster at Ex-B-1, 
BL-11, BL-12, BL-13 and BL-15 on chronic bronchitis com- 
pared to intramuscular injection therapy. In the plaster group the 
clinical total effective rate was 93.2% immediately after the 
treatment course and 91.5% after 18 months (control group: 
80% and 80%). X-rays of the thorax showed the effectiveness of 
the plaster as 40.7% and 89.8% after 18 months (control group: 
20% and 76%). Huo et al, Zhongguo Zhong Xi Yi Jie He za 
Thi 2001 





Ex-B-2 A Chinese case study (n = 43) reports the positive 
effects of treating ulcerative colitis with acupuncture at Ex-B-2 
as well as stimulation with a plum-blossom needle at BL-22 and 
BL-25. Yue and Zhenhui, J Tradit Chin Med 2005 

A Chinese retrospective case study (n = 168) reports the suc- 
cessful treatment of sciatica with acupuncture at the Ex-B-2 
points. Pei et al, J Tradit Chin Med 1994 





Ex-B-3 An experiment in diabetic rabbits demonstrated that 
electro-acupuncture at Ex-B-3 decreased plasma glucose levels 
and inhibited the release of pancreatic glucagon. The effect was 
increased by adding ST-36. This latter point led to no significant 
changes when needled alone. Zeng et al, J Tradit Chin Med 
2002 

Ex-UE-9 — L.I.-4 


9.3 Summary 





Ex-UE-10 A case study describes the successful treatment of 
hiccups with acupuncture at Ex-UE-10. Qi, J Tradit Chin Med 
1993 
Ex-UE (JIANNEILING) — L.1.-15 

Ex-UE (JIANQIAN) > L.I.-4 

Ex-LE-4 — ST-35 

Ex-UE (ZHONGPING) 

A Chinese retrospective case study (n = 115) reports the suc- 
cessful treatment of shoulder and back pain with acupuncture 
at zhongping. The point zhongping is located midway between 
ST-36 and ST-37. Wang et al, J Tradit Chin Med 1995 





9.3, Summary 


The data presented clearly demonstrates that several actions of a 
number of acupuncture points are undoubtedly effective. These 
points (for example P-6) were tested according to the highest 
scientific standards, comparing standard acupuncture to deep 
acupuncture at non-acupuncture points (a methodology consid- 
ered the most superior acupuncture placebo). 

This proof is even more important since the results of the two 
largest acupuncture trials to date, ART (Acupuncture Random- 
ized Trials) and GERAC (German Acupuncture Trial), may have 
led to the impression that, while acupuncture is indeed effective, 
its effect is independent of the location of the acupuncture points. 
The hitherto unsurpassed size of the trials and the undoubtedly 
intelligent and biomathematically impeccable design (especially 
of the GERAC trial) further contribute to this impression. Due to 
their flexible point prescriptions and their complexity, these stud- 
ies have not been included in section 9.2. 

But what are the basic results of these trials? (up to May 2006: 
Witt et al, Lancet 2005; Linde et al, JAMA 2005; Melchart 
et al, Br Med J 2005; Brinkhaus, Arch Intern Med 2006; 
Diener et al, Lancet Neurol 2006) 

For both gonarthrosis and lower back pain, acupuncture had 
significantly better results than the untreated waitlist (ART) or 
conventional therapy (GERAC). For migraine, acupuncture is 
significantly better than the untreated waitlist (ART), and treat- 
ments with acupuncture for only six weeks had the same results 
as treatments with conventional medicine for six months 
(GERAC). For tension headaches, acupuncture provided sig- 
nificantly better results than the waitlist (ART). A comparison 
between acupuncture and conventional therapy in the treatment 
of tension headaches within the framework of GERAC was not 
possible, since all but two patients refused the stigmatised con- 
ventional treatment with amitriptyline due to the high incidence 
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ON ATIC KN: 
Anatomy 






A Photographic Study 
of the Human Body 


,  Incontrast to most other mammals the human body is 
adapted for bipedal locomotion. Three general prin- 
ciples in the architecture of the human organism are 

2 recognizable: 

1. The principle of segmentation, which dominates in 
the trunk. The vertebral column and the thorax consist 

3 of relatively equal, segmentally arranged elements. 

4 2. The principle of bilateral symmetry. Both sides of the 
body are separated by a midsagittal plane and resemble 


5 each other like image and mirror-image. 

P 3. The principle of polarity between the head at one end 
’ of the body and the lower extremities at the other. As 
the center of the information system the head contains 


the main sensory organs and the brain. The head has a 
predominantly spherical form while the extremities 
consist of radially formed skeletal elements, the number 
9 of which increases distally. 


11. A. The skull consists of two parts: 1. a cranial part 
containing mainly the brain and the sensory organs and 
2. a facial part which contains the nasal and oral cavity 
and the chewing apparatus. The cranial cavity is con- 
tinuous with the vertebral canal which contains the 
spinal cord. 
14 B. The thorax contains the respiratory and circulatory 
organs (lung, heart, etc.) but also some of the abdomi- 
45 nal organs which are located underneath the diaphragm. 
C. The abdominal cavity contains the organs of 
metabolism such as the liver, the stomach and the 
intestinal tract as well as the excretory and genital 
16 organs (kidney, uterus, urinary bladder, etc.). The 
latter are located primarily in the pelvic cavity with the 
exception of the testes. 





17 
18 
19 
1 Cranial part : 10 Radius 
20 skul e 
2 Facial part | of the skull 1 Ulna forearm 
3 Vertebral column 12. Pelvis 
(cervical part) 13. Wrist (carpals) Kan 
4 Clavicle 14 Fingers (phalanges) 
5 Scapula 15 Thigh (femur) 
Structure of the human body and the skeleton. Blue = joints. 6 Ribs 16 Patella and knee joint 
A Head (caput) B Thorax (thoracic cavity) © Abdominal and 7 Sternum 17. Tibia | z 
pelvic cavities 8 Arm (humerus) 18 Fibula 
9 Vertebral column 19 Tarsals 


(lumbar part) 20. Metatarsals | foot 
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Median section through the trunk (female). 


Sternum 

Right ventricle of heart 
Diaphragma 

Liver 

Stomach 

Transverse mesocolon 
Transverse colon 
Umbilicus 

Mesentery 

Small intestine 

Uterus 

Urinary bladder 

Pubic symphysis 

Left atrium of heart 
Caudate lobe of liver 
Omental bursa or lesser sac 
Conus medullaris 
Pancreas 

Cauda equina 
Intervertebral discs 
(lumbar vertebral column) 


Sacral promontory 

Sigmoid colon 

Anal canal 

Anus 

Head (neurocranium) with brain 
Ascending colon 

Appendix 

Facial region (viscerocranium) 
with oral and nasal cavities 
Trachea and larynx 

Thorax with the lungs 

Heart 

Surface projection of the diaphragm 
Spleen 

Descending colon 

Testis 
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26 

34 
27 10 

35 





Positon of the inner organs of the human body (anterior aspect) 
The main cavities of the body and their contents. 
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Sagittal section through the human body (female). Position of the inner organs of the human body 
Demonstration of the main cavities of the body. (lateral aspect). 
Internal organs are removed. The three main cavities of the body and their contents. 


A, Cranial cavity 1 Head (neurocranium) with the brain 

A; Vertebral canal 2 

B, Thoracic cavity 3 Vertebral column (cervical part) 
4 Thorax with the lungs 


Facial bones with oral and nasal cavities 


B, Pericardial cavity 


C, Abdominal cavity 5 Heart 
Cy Pelvic cavity 6 Surface projection of the diaphragm 
D Diaphragm 7 Scapula 

8 Liver 


9 Stomach 
10 Ascending colon 


4 11 Transverse colon 
Planes of the body Lines of direction 12 Ureter 
1 Transverse plane ant. = anterior 13. Appendix 
2 Frontal plane inf. = inferior 14 Small intestine 
3 Sagittal plane (midsagittal) lat. = lateral 15 Ovary, uterine tube 
med. = medial 16 Rectum 
post. = posterior 17 Uterus 


sup. = superior 18 Urinary bladder 
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Skeleton of a female adult (anterior aspect). Skeleton of a female adult (posterior aspect). 





1/28/2018 Crystal Set 


to a broadcast through headphones was an amazement and listeners would sit all night with 
headphones listening to music. 

This is very fiddly and by adding an extra buffer stage, we can use a Frame Antenna with a very 
clever "pick-off" that does not load the front end. This gives the circuit very good sensitivity and 
selectivity without regeneration. 


3 TRANSISTOR RADIO 


Here is our final design for the simplest self-contained 3-Transistor Radio using our home-made 
Tuning Capacitor and 250mm x 350mm Frame Antenna. It picks up the local stations and drives a 
low-impedance earphone or set of earphones (from a mobile phone). 







\ on/off 


bees 
= 15 


Frame Aerial 


250mm x 350mm 
—.’ 4A 





an 


8 ohm 
earphone 
or 64o0hm 







stops squealing 
3-TRANSISTOR RADIO 


The circuit performs very well and uses readily-available components. The 22n across the output 
is essential to stop squealing. 

The secret to sensitivity and selectivity is the turns-ratio on the Frame Antenna. The 3-turn "pick- 
off" puts very little load on the front end and this allows the stations to be tuned with our home- 
made Tuning Capacitor. 

The circuit contains all the features we have discussed above and only needs a 1.5v supply. 
Build this circuit before you buy any expensive tuning capacitors, IC's or ferrite slab antennas as 
you will not get any better results. 

This is called a TRF circuit and because the stages operate at Radio Frequency or Audio 
Frequency. Due to the high amount of amplification, the circuit can start to squeal (feedback, 
motorboat) due to the layout. 

You may need to shorten or lengthen the leads or move the parts slightly - it's that critical. 
However the result is a portable radio that needs no earth and will pick up the strong stations. 
You can try connecting the Ov rail to the metal part of a soldering iron to increase the number of 
stations. 


LOADING 


The whole success of picking up a radio station is the RECEIVING CIRCUIT. The receiving circuit 
is the coil and the signal in the air (from the radio station) must go down the centre of the coil. 

It cannot pass over the top or the bottom of the coil. Only the signal that goes down the centre of 
the coil is received. 

As you can see, the centre of the coil is not very big and it is amazing that the signal can pass 
down the centre. But it does, and that is the only signal that will be amplified. 

This signal is passed to the capacitor and we have explained how the signal is gradually 
increased and increased in amplitude until it is as large as 500mV. The signal from the radio 
station may be as small as a few millivolts, but as it keeps pushing the "swing" back and forth, the 
amplitude get larger and larger. 

If you put your finger on the "swing" you will prevent it get larger and larger and it only requires the 
slightest touch of your finger to prevent the swing gaining full amplitude. 

In electronic terms, your finger is called LOADING THE CIRCUIT and since we have to pass the 
signal to further stages of amplification, we need to "tap" or "load" or "pick-off" a signal. 

The aim is to load the circuit as least as possible because the actual energy entering the circuit is 
very small. 

In fact, this is all the energy we can remove as that is all the energy entering it. 

Because a very small amount of energy is entering the "front-end" we classify it having a very 
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Axial skeleton 
Head 

Frontal bone 
Occipital bone 
Parietal bone 
Orbit 

Nasal cavity 

6 Maxilla 

7 Zygomatic bone 
8 Mandible 


wma Se wne 


Trunk and thorax 
Vertebral column 
9 Cervical vertebrae 
10 Thoracic vertebrae 
11 Lumbar vertebrae 
12 Sacrum 
13 Coccyx 
14 Intervertebral discs 


Thorax 
1S Sternum 
16 Ribs 


Costal cartilage 
18 Infrasternal angle 


Appendicular skeleton 
Upper limb and shoulder girdle 

19 Clavicle 

20 Scapula 

21 Humerus 

22 Radius 

23. Ulna 

24 Carpal bones 

25. Metacarpal bones 


26 Phalanges of the hand 


Lower limb and pelvis 
27 Ilium 
28 Pubis 
29 Ischium 
30 Symphysis pubis 


31 Femur 

32 Tibia 

33 Fibula 

34 Patella 

35 Tarsal bones 

36 Metatarsal bones 


37 Phalanges of the foot 
38 Calcaneus 





Skeleton of a 5-year-old child (anterior aspect). 


The zones of the cartilaginous growth plates are seen (arrows). 
In contrast to the adult, the ribs show a predominantly 
horizontal position. 


Ossification of the scapula 





(left: anterior aspect, right: posterior aspect). 


Ossification of the hip bone 
(left: medial aspect, right: lateral aspect). 





Ossification of the sacrum (anterior aspect). 





Bone tissue 
(vertebral body) 
Cartilaginous tissue 
(lateral epiphysis) 
Intervertebral discs 


Note the five vertebral bones, which are still separated 


from each other. 
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Ossification of the sacrum 
(posterior aspect). 


Subscapular fossa 


Coracoid process 
Glenoid fossa 
Acromion 

Spine of scapula 


Infraspinous fossa 


Cartilage of the iliac crest 


Ilium 
Cartilage 
Pubis 
Ischium 
Acetabulum 


Nm 


Bony tissue 
(center of 
ossification) 
Vertebral arch 
(not completely 
united) 
Cartilaginous 
tissue 

(lateral epiphysis) 
Sacral canal 


Ossification center in the head of the femur 
Greater trochanter 

Head of the femur 

Neck of the femur 

Lateral condyle 

Medial condyle 

Intercondylar notch 


Diaphysis 





Ossification of the femur (left: coronal section, right: 
posterior view of the femur). Arrows: distal epiphysis. 





X-ray of the upper and lower limb of a newborn child. 
Left: upper limb. Right: lower limb. 
Arrows: ossification centers. 


Scapula Elbow joint 7 Tibia 


l 

2 Shoulder joint 5 Ulna §) «Fibula 

3 Humerus 6 Radius Knee joint 
Femut 


Ulna 4 Phalanges 7 ‘Talus 





l 
2 Radius 5 Tibia 8 Calcaneus 
3 


Metacarpals Fibula Metatarsals 





X-ray of hand and foot of a newborn. Phalanges 


1 Metaphysis 

2 Spongy bone 

3 Medullary cavity in the diaphysis 
4 Compact bone 

5 Nutrient canal 

6 Diaphysis 

7 Epiphyseal line (remnants of the epiphyseal plate) 
8 Epiphysis (head of the femur) 

9 Fovea of head 

10 Trabecuiae of spongy bone 
Neck of the femur 


Ne 


Greater trochanter 


ww 


Lesser trochanter 


r= 


Articular surface 


wn 


Periosteum 

Skin 

Vastus medialis muscle 
Sartorius muscle 
Femoral artery and vein 


a a a) 
Coen Dd 


20 Great saphenous vein 

21 Gracilis muscle 

22 Adductor longus muscle 
23 Adductor magnus muscle 
24 Semimembranosus muscle 
25 Semitendinosus muscle 

26 Rectus femoris muscle 

27 Vastus lateralis muscle 

28 Femur and medullary cavity 
29 Vastus intermedius muscle 
30 Sciatic nerve 

31 Biceps femoris muscle 


ee) 
N 


Spongy bone trabeculae containing bone marrow 
33 Compact bone 

34 Osteon with Haversian lamellae 

35 Periosteum 

36 Blood vessels and nerves for periosteum and bone 





Femur of the adult. Left: the periosteum and the nutrient 
vessels are preserved. Right: coronal section of the proximal 
and distal epiphyses to display the spongy bone and the 
medullary cavity. 





Coronal section through the proximal end Three dimensional representation on the trajectorial 
of the adult femur, revealing the characteristic lines of the femoral head (according to B. Kummer). 


trajectorial structure of the spongy bone. 





MR-Image of the thigh (axial section through the middle of 
the left thigh, the same level as the CT-Image). 


The bones of the skeletal system consist of two different 
parts, the spongy and the compact bone. The spongy bone 
trabeculae are highly adapted to mechanical forces 
revealing a trajectorial structure. The intertrabecular 
spaces are filled with bone marrow, the site of blood 
formation. The appearance of bones, muscles and soft 
tisssues is quite different in CT- and MR-Images. The 
CT-images relate well to radiographs in that areas of great 
absorption such as bones are white, and those with little 


Coronal section through the proximal epiphysis of the 
adult tibia. Note the zone of dense bone at the site of the 
former epiphyseal plate (dotted line). 


CT-Amage of the section through the middle of the left 
thigh (axial section). Note the differences between the 
CT- and MR-Image (see text below). 


absorption such as fat appear black. In contrast, the 
intensity of signals in MR-Images, obtained without 
X-rays but by magnetic forces, is different so that dense 
areas of bones appear black and soft tissues such as bone 
marrow and fat appear white (for comparison see above 
figures). 

A highly innervated periosteum is an essential structure 
for bone nutrition, blood supply, growth and bone repair. 





Structure of bones of the skeletal system (after 
Benninghoff). Note that the compact bone reveals a lamellar 
structure with Haversian lamellae and canals. 
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Knee joint. Anterior aspect, showing menisci and 


cruciate ligaments (cut). Quadriceps tendon cut and patella 


reflected distally. 





Sagittal section through the lower limb and the foot. 


Femur 

Anterior cruciate ligament 
Lateral meniscus 

Patella 

Posterior cruciate ligament 
Posterior meniscofemoral 

ligament 

Medial meniscus 

Fibular collateral ligament 


Fibula 


10 
11 
12 


13 


Tibia 

libial collateral ligament 
Articular cartilage 
Articular capsule 
Tendon of long head 

of biceps brachii muscle 
Head of humerus 
Glenoid labrum 
Articular cartilage of 


glenoid fossa 





Coronal section through the knee joint. 
Anterior aspect of the right joint in extension, 





Shoulder joint (anterior view). The anterior part of the 


articular capsule has been removed. 

IS Scapula 

19 ‘Talus 

20 Interosseous talocalcaneal ligament 

21 Navicular bone 

22) Medial cuneiform bone 

23 “First metatarsal bone 

24 Proximal phalanx of the hallux (great toe) 
25 Distal phalanx of the hallux 


26 Sesamoid bone 


la 


2 
6 
3 4 
7 5 
3 
6 
8 2 
1b 
9 





General architecture of a synovial joint with 2 articulating bones 
and a synovial cavity (right side, anterior view). 

Coronal section throught the knee joint. 

Red line = Articular capsule with synovial membrane. 

Dotted red line = extension of articular capsule (suprapatellar 
bursa). 


1 Articulating bones: a) Femur, b) Tibia 

2 Epiphysial line 

3 Articular cartilage 

4 Intraarticular ligaments (e.g. cruciate ligaments) 

5 Fibrocartilaginous disk (e.g. meniscus) 

6 Collateral ligaments 

7 Articular capsule with synovial membrane 

8 Tibiofibular articulation (example of gliding synovial joint) 
9 Fibula 


A Fibrous joints 

1 Sutures 

2 Syndesmoses 
3. Gomphosis 


Sutures of the skull 
Distal tibiofibular joint 
Roots of teeth in alveolar 
process 



























No movements 
No movements 
No movements 















B_ Cartilaginous joints 
1 Synchondroses 
2 Symphyses 






















No movements 
Slight movement 


Epiphyseal plates 
Symphysis pubis 
intervertebral dises 






C_ Synovial joints 
1 Gliding 





Intercarpal joint 
Intertarsal joint 
Sacroiliacal joint 
Interphalangeal joint 
Humeroulnar joint 
Talocrural joint 
Atlantoaxial joint 
Radioulnar joint 
Radiocarpal joint 
Carpometacarpal joint 
of the thumb 
Shoulder and hip joint 


Monaxial 












Hinge Monaxial 









Pivot Monaxial 














Biaxial 
Biaxial 


4 Ellipsoidal 
Saddle 













Ball-and-socket Multiaxial 





Main types of joints. Arrows: axes of movement. 
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Fibrous joints (synarthroses) 
Serrate suture 
Syndesmosis 


Synovial joints (diarthroses) 
Hinge joints (monaxial) ginglymus 
A. Extension 

B Flexion 

Saddle joint (biaxial) 

Pivot joint (monaxial, rotation) 
Ball-and-socket joint (multiaxial) 


An articulation or joint is the functional connection 
between two or more bones. Joints can be divided into 
two categories depending upon whether the articulating 
surfaces of the bones are separated by a real cavity 
(joint cavity) so that they are movable against each 
other (synovial joints) or whether the bones are firmly 
connected by fibrous or cartilaginous tissue and practi- 
cally immovable (fibrous joints, cartilaginous joints, 
symphysis, etc.). Synovial joints always possess a joint 


capsule (with a vascularized synovial membrane), 


Nasal bones 





articular cartilages, and a joint cavity. They are grouped 
according to the degree of movement they permit. A 
hinge joint (ginglymus) permits movement in only one 
plane about a single axis (uniaxial or monaxial), an 
ellipsoidal joint permits movements in two planes (bi- 
axial), and ball-and-socket joints permit a range of 
movements around several axes (multiaxial). The fol- 
lowing survey gives a few examples of these types of 
articulation. 


1. Fibrous joints 
A Sutures 
a) Serrate or dentate 
suture 


b) Squamous suture 
(arrows) 


Parietal bone 


Sphenoid bone 


wen 


Squama of 


temporal bone 


c) Plane suture 
(arrow) 


B Peg suture 
(Gomphosis) 


2. Cartilaginous joints 
a) Symphysis 
(fibrocartilage) 


b) Synchondrosis 
(hyaline cartilage) 


* Articular disc 





(sternoclavicular joint) 


Sternum a = manubrium; b = body 


3. Osseous joints 


(synostosis) 





Transverse ridge (arrows) Sacrum 


1. Ball-and-socket joint 





Shoulder joint 


ee 
Hip joint 


2. Ellipsoid joint 


3. Hinge joint 





Interphalangeal joint Elbow joint (humeroulnat 


joint) 
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high impedance. It is very difficult to provide a value of impedance for this circuit because 
impedance has the term "Z" and the circuit is operating a very high frequency so resistance 
values are not the same as impedance values. 

The actual resistance of the circuit is ONE OHM but the impedance is more like 10,000 ohms to 
100,000 ohms. 

We can explain its high impedance if we put a 100,000 ohm resistor across the circuit. The 
waveform will be reduced very slightly. If we put a 10,000 ohm resistor across the circuit, the 
signal will be reduced a reasonably large amount. If we put 1,000 ohms across the circuit it will 
stop working. 

This means a load of 100,000 ohms will have the least effect. 

In a crystal set, the diode creates NO LOAD until a voltage of 350mvV is reached. It then passes 
excess voltage to a crystal earpiece that has a very high impedance. That's why a crystal set will 
produce a good output. The LOADING is very small. 

When a transistor is connected to the TUNED CIRCUIT, it starts to put a load on the circuit after 
600mV and this load is VERY HIGH. The "resistance" of the base-emitter junction is about 1k and 
the signal will find it very difficult to rise above 600mV because the incoming energy is not 
sufficient to increase the voltage. 

Adding a capacitor between the base and the front end allows the transistor to be self-biased and 
get a turn-on voltage of about 600mvV from a base-bias resistor. 

The FRONT END is now separated from the transistor and ANY voltage it is producing will be 
passed to the transistor via the capacitor. 

Whereas, with the crystal set, the first 350mV could be produced without any loading, the circuit is 
now loaded AT ALL TIMES. 

This means we have to load the circuit as lightly as possible to be able to pick up individual 
stations. 

The only way we can do this is to use a capacitor of the smallest practical value and this has to be 
worked out by trying different values. If the value is too small, the transistor will not detect a small 
signal. If the value is too large, the circuit will stop working. 

Values such as 1n, 10n and 100n are suitable. 

Values such as 1u, or 10u will be too large. 

The CRYSTAL SET loading and a transistor load are completely different. 

The transistor loads the front end ALL THE TIME and that's why you need to use a transformer or 
other ways to reduce the loading. Sometimes a Field Effect Transistor is used as it puts almost no 
load on the front end. 


2-4-2016 
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Quickturn PCB & Assembly . 
Your one-stop source for all types of PCBs and Full Turnkey PCB Assembly. 
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Quickturn PCB & Assembly . 


Your one-stop source for all types of PCBs and Full Turnkey PCB Assembly. 
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4. Pivot joint 


5. Hinge joint 
(but a gradually 
tilting axis produces 
a slight spiral motion) 


6. Saddle joint 


7. Plane joint 
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I navicular; Il = intermediate cuneiform: HI = lateral cuneiform 


Fusiform Bicipital Tricipital 
(palmaris longus muscle) (biceps brachii muscle) (triceps surae muscle) 


Digastric Multiventral 
(omohyoid muscle) (rectus abdominis muscle) 


Bipennate Unipennate Semitendinous 
(tibialis anterior muscle) (semimembranous (semitendinous muscle) 
muscle) 


Long head Soleus muscle 

Short head Achilles tendon 
Gastrocnemius muscle Vastus intermedius muscle 
(medial head, lateral head) Vastus lateralis muscle 


Multicaudal 
(flexor prof. muscle) 


Broad, flat muscle 
(latissimus dorsi muscle) 


Patella 

Rectus femoris muscle 
Vastus medialis muscle 
Intermediate tendon 


Quadricipital 
(quadriceps femoris muscle) 


Serrated 
(serratus anterior muscle) 


Ring-like 
(external anal sphincter muscle) 


Tendinous intersection 
Aponeurosis 
Tendinous intersection 








1 


2 Greater trochanter 





Left half of the pelvis (posterior aspect). 

Obturator internus muscle as an example of a muscle, the 
tendon of which does not act in the direction of the main 
muscle fibers. Its fibers originate at the internal aspect of the 
obturator foramen, turn around the posterior rim of the 
ischium and insert at the greater trochanter of the femur. 
The ischium thereby serves as a pulley. 


[lium 3 Coccyx 5 Pubis 


4 Obturator internus muscle 6 Femur 


1 Digital synovial 
sheaths of the 
tendons of fle- 
xor digitorum 
superficialis 
and profundus 
muscles 

2 Digital synovial 
sheaths of the 
tendon of long 
flexor pollicis 
longus muscle 

3 Common flexor 
synovial sheaths 
of flexor digito- 
rum superficialis 
and profundus 
muscles 

4 Flexor retina- 
culum 


The synovial sheaths of the tendons on the palmar aspect 
of the left wrist (colored fluid has been injected). 
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Superior oblique muscle of the eyeball, right eye (superior 
aspect). The tendon of this muscle bends over the trochlea 
changing its direction so that it becomes attached to the 
posterior lateral quadrant of the eyeball. 


1 Trochlea 6 Superior rectus muscle 

2 Medial rectus muscle 7 Lateral rectus muscle 

3 Superior oblique muscle 8 Superior rectus muscle (tendon) 
4 Commonannulartendon 9 Levator palpebrae superioris 

5 Eyeball muscle (divided) 





Mesotendon 
Blood vessels 
Synovial sheath 
Tendon 

Synovial bursa 
Bone (tuberosity) 


Structure of a tendon sheath. The synovial membrane which 
also forms the mesotendon is indicated in red. (Schematic 
drawing.) 
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Brain, the spinal cord and the spinal nerves in the fetus 
(posterior aspect). 


The nervous system can be divided into three, function- 
ally distinct parts: 1. the cranial part which comprises 
the great sensory organs and the brain, 2. the spinal cord 
which shows a segmental structure and serves predomi- 
nantly as a reflex-organ, and 3. the autonomic nervous 
system which controls the unvoluntary functions (sub- 
conscious control) of organs and tissues. The autonomic 
part of the nervous system forms many delicate plexus 
within the organs. At certain places these plexus contain 
aggregations of nerve cells (prevertebral and intramural 
ganglia). The spinal nerves leave the spinal cord at 


| Falx cerebri 
2 Cerebral hemispheres 
3 


Tentorium cerebelli 


+ 


Cerebellum 


w 


Medulla oblongata 

6 Spinal cord, cervical enlargement 

Spinal ganglia 

8 Spinal cord, lumbar enlargement 

9 Conus medullaris 

10 Cauda equina 

11 Cervical plexus (formed from ventral rami of C,;-C,) 

2 Brachial plexus (formed from ventral rami of C;-T,) 

13, Lumbosacral plexus (formed from ventral rami of L,—-S,) 
14 Sympathetic trunk 
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Schematic drawing to illustrate the three main parts 
of the nervous system in general. 


regular intervals, forming the 8 cervical, 12 thoracic, 5 
lumbar, 5 sacral and a varying number of coccygeal 
segments. The ventral rami of the first four cervical 
spinal nerves (C,—-C,) form the cervical plexus (for 
innervation of the anterior neck), the ventral rami of the 
lower cervical spinal nerves (Cs-T,) form the brachial 
plexus which innervates the upper leg, and the ventral 
rami of the lumbar and sacral spinal nerves form the 
lumbosacral plexus (L\~S,) which innervates the pelvic 
and genital organs and the lower extremity. 
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Diagram illustrating the localization of the 
three functional portions of the nervous system 
(brain, spinal cord and autonomic nervous system). 


Yellow = sympathetic system; red = parasympathetic system. 


1 Cerebrum 

2 Cerebellum 

3 Spinal cord 

4 Sympathetic trunk and ganglion 

5 Plexus and ganglia of the autonomic nervous system 
6 Cranial autonomic system 

7 Cranial nerves (n. Ill and n. VII) 

8 Superior cervical ganglion 

9 Vagus nerve (n. X) 

Sacral autonomic system 


Nu Oo 





Posterior part of the thorax. Cross-section at the level 
of the Sth thoracic segment. Spinal nerves and their 
connections to the sympathetic trunk. 
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Organization of the spinal cord in structurally equal segments 
which form the paired spinal nerves. A = connections to the 
brain; B = connections to the autonomic nervous system; C = 
connections to the trunk and extremities (intercostal nerves 
and plexus). (Schematic drawing.) 


Spinal cord 12. Inferior vena cava 

Dorsal root 13. Dorsal ramus of spinal nerve 

Ventral root 14 Spinal (dorsal root) ganglion 

Intercostal nerves 15 Body of the vertebra 

Sympathetic trunk 16 Aorta 

Ganglia of the sympathetic trunk 17 Azygos vein 

Rami communicantes 18 Diaphragm 

Intercostal artery and vein 19 Left kidney 

Subcostalis muscle 20 Spinal nerve 

Lesser splanchnic nerve 21 Gray matter of the spinal cord 
9 


Greater splanchnic nerve White matter of the spinal cord 
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Superficial nerves and vessels of the lower leg, 
illustrating the structural differences between veins 


and nerves. 
1 Crural fascia 3 Superficial cutaneous veins 
(fascia cruris) 4 Perforating vein 


N 


Cutaneous nerves 


Superficial nerves and vessels. Temporal region. Note the 
differences between arteries, veins and nerves. 








Organization of the circulatory system. Arrows: direction of 
the blood flow. 


Vessel wall in red 


Vessel wall in blue 
Yellow 


A Systemic circulation 


Arteries 
Veins 


Lymphatic vessels 


B_ Hepatic portal circulation 
C Pulmonary circulation 


Pulmonary vein 
Superior vena cava 
Thoracic duct 
Inferior vena cava 
Hepatic vein 
Liver 
Lymph nodes and 
lymphatic vessels 
8 Lung 
9 Pulmonary artery 
10 Aorta 
11 Heart 
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Small intestine 

with capillary network 
Portal vein 

Mesenteric artery 
Superficial temporal artery 
Superficial temporal vein 
Auriculotemporal nerve 
Perforating veins for 
subcutaneous fatty tissue 
Small artery 

Small nerves 

(branches of facial nerve) 





Major vessels of the trunk. The position of the heart 
is indicated by the dotted line. 


Internal jugular vein 
Common carotid artery 
Vertebral artery 
Ascending aorta 
Descending aorta 
Inferior vena cava 
Celiac trunk 

Superior mesenteric artery 
Renal vein 

Common iliac artery 
Larynx 

Trachea 

Left subclavian artery 
Left axillary vein 
Pulmonary veins 
Diaphragm 

Suprarenal gland 
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18 


25 


26 


27 


28 
29 


Major arteries of the human body. (Schematic drawing.) 


Kidney 

Ureter 

Inferior mesenteric artery 
Femoral vein 

Facial artery 

Axillary artery 

Brachial artery 

Radial artery 

Ulnar artery 

Deep palmar arch 
Superficial palmar arch 
Common palmar digital arteries 
Profunda femoris artery 
Femoral artery 

Popliteal artery 

Anterior tibial artery 
Posterior tibial artery 
Plantar arch 
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30 


31 


32 


33 
34 


35 





Deep cervical nodes, adjacent to the internal jugular vein. 
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Lymphatic system. Course of the main lymphatic vessels and 
lymph nodes in the body. Dotted line = border between 
lymphatic vessels draining towards the right venous angle and 
towards the left. 


Submandibular nodes 
Deep cervical nodes 
Right jugular trunk 
Subclavian trunk 
Right bronchomediastinal trunk 
Thoracic duct 
Cisterna chyli 
Intestinal trunk 
Right lumbar trunk 
Internal iliac nodes 
Inguinal nodes 
Axillary nodes 
Descending trunk 
Descending aorta 


Internal jugular vein 
Subclavian vein 

Left brachiocephalic vein 
Mandible 

Larynx 

Internal jugular vein 
Deep cervical nodes 
Cervical nerve plexus 
Superficial layer of deep fascia 
Occipital nodes 

Parotid nodes 

Popliteal nodes 


Lymphatic vessels originate as blind-ending tubes in the 
tissue spaces (lymph capillaries) and unite to form larger 
vessels (lymphatics). These resemble veins but have a 
much thinner wall, more valves and are interrupted by 
lymph nodes at various intervals. Large groups of lymph 
nodes are located in the inguinal and axillary regions, 
deep to the mandible and sternocleidomastoid muscle 
and within the root of the mesentery of the intestine. 





1 Corpus callosum 

2 Hypothalamus 

3 Frontal sinus 

4 Cribriform plate 

5 Ethmoidal air cells 

6 Middle nasal concha 

7 Inferior nasal concha 

8 Hard palate 

9 Tongue 
10 Epiglottis 
11 Mandible 
12 Mylohyoid muscle 
13. Tentorium of cerebellum 
14 Calcarine fissure 
15 Cerebral aqueduct 

16 Pituitary gland 
17 Fourth ventricle 

18 Sphenoidal sinus 

19 Medulla oblongata 
20 Nasopharynx 
21 Uvula 
22 Dens of axis 
23 Constrictor muscle of pharynx 
24 Oral part of pharynx 
25 Cerebrum (right hemisphere) 
26 Calvaria 
27 Cerebellum 


Sagittal section through head and neck (MR-Scan. 23-year-old female, courtesy of 


PD Dr. A. Heuck, Munich). 





Sagittal section through the head 

(schematic drawing). The red line represents the 
border between the neurocranium and 
viscerocranium forming the clivus angle. 

The neural cavity contains the brain; 

the viscerocranium comprises the orbit, 

the nasal cavity and the oral cavity arranged 
one beneath the other. 





General architecture of the skull (lateral aspect). The different bones are indicated 


in color (numbers cf. table). 


Lateral aspect of the disarticulated skull (palatine bone, 
lacrimal bone, ethmoid bone and vomer are not depicted). 


1 Coronal suture 

2 Frontal bone 

3 Sphenoid bone 

4 Sphenofrontal suture 
5 Ethmoid bone 

6 Nasal bone 

7 Nasomaxillary suture 
8 Lacrimal bone 


11 Zygomatic bone 

12 Anterior nasal spine 
13. Maxilla 

14. Mandible 

15 Mental foramen 

16 Mental protuberance 
17 Superior temporal line 
18 Inferior temporal line 
19 Parietal bone 

20 Temporal bone 

21 Squamous suture 

22 Lambdoid suture 

23 Temporal fossa 

24 Parietomastoid suture 
25 Occipital bone 

26 Zygomatic arch 


29 Mastoid process 


30 Tympanic portion of temporal bone 


9 Lacrimomaxillary suture 
10 Lacrimoethmoid suture 


27 Occipitomastoid suture 
28 External acoustic meatus 


31 Condylar process of mandible 


32 Coronoid process of mandible 





Frontal bone (orange) 

Parietal bone (light green) 

Greater wing of sphenoid bone (red) 
Squama of occipital bone (blue) 


Squama of temporal bone (brown) 


Cranial bones 





—¢ 
Ethmoid bone (dark green) 

Sphenoid bone (red) 

Temporal bone excluding squama (brown) 
Tympanic portion of temporal bone (dark brown) 
Occipital bone excluding squama (blue) 


Base of skull 





Nasal bone (white) 

Lacrimal bone (yellow) 
Inferior nasal concha 

Vomer 

Zygomatic bone (light yellow) 
Palatine bone 

Maxilla (violet) 

Mandible (white) 


Facial bones 





Malleus ; ‘ 
within petrous portion of 
Incus 


temporal bone 


Stapes 


Auditory 


ossicles 








Hyoid 
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Lateral aspect of the skull. 


Frontal bone 

Glabella 

Supraorbital margin 

Parietal bone 

Temporal bone (squamous part) 
Zygomatic process 

(articular tubercle) 

Mastoid process 

Tympanic part (tympanic plate) 
and external acoustic meatus 
Occipital bone (squamous part) 
External occipital protuberance 


Occipital condyle 

Sphenoid bone (greater wing) 
Infratemporal crest of sphenoid 
Pterygoid process (lateral pterygoid plate) 
Nasal bone 

Ethmoid bone (orbital part) 
Lacrimal bone 

Zygomatic bone 

Maxilla (body) 

Alveolar process and teeth 
Frontal process 

Anterior nasal spine 

Mandible (body) 


Coronoid process 





Condylar process 
Mental foramen 
Mental protuberance 
Angle of the mandible 


Sutures 

Coronal suture 
Lambdoid suture 
Squamous suture 
Nasomaxillary suture 
Frontosphenoid suture 
Sphenosquamosal suture 
Occipitomastoid suture 





Anterior aspect of the skull. 


The skull comprises a mosaic of numerous complicated 
bones which form the cranial cavity protecting the brain 
(neurocranium) and several cavities such as nasal and 
oral cavities in the facial region. The neurocranium 
consists of large bony plates which develop directly from 
the surrounding sheets of connective tissue (desmo- 
cranium). The bones of the skull base are formed out of 


| Frontal bone 

2 Glabella 

3 Supraorbital margin 
4 Supraorbital notch 
5 Trochlear spine 

6 Parietal bone 

7 Temporal bone 

8 Nasal bone 


Orbit 
9 Lacrimal bone 
10 Posterior lacrimal crest 
11 Ethmoid bone 


Sphenoid bone 
12 Greater wing of sphenoid bone 
13 Lesser wing of sphenoid bone 
14. Superior orbital fissure 
15 Inferior orbital fissure 


16 Zygomatic bone 


Maxilla 
17 Frontal process 
18 Infraorbital foramen 
19 Zygomatic process 
20 Body of maxilla 


21 Alveolar process with teeth 


Nasal cavity 
22 Anterior nasal aperture 
23 Middle nasal concha 
24 Inferior nasal concha 


25 Nasal septum, vomer 


Mandible 
26 Body of mandible 
7 Ramus of mandible 
28 Mental foramen 
29 Alveolar part with teeth 
30 Base of mandible 
31 Mental protuberance 


Sutures 
2 Frontal suture 
3. Coronal suture 
4 Frontonasal suture 
35 Internasal suture 
36 Nasomaxillary suture 
37 Zygomaticomaxillary suture 
38 Intermaxillary suture 


cartilaginous tissue (chondrocranium) which ossifies 
secondarily. The visceral skeleton which, in fish, gives 
rise to the gills, has in higher vertebrates been trans- 
formed into the bones of the masticatory and auditory 
apparatus (maxilla, mandible, auditory ossicles and 
hyoid bone). 


12 


16 


27 





Anterior aspect of the skull (individual bones indicated by color). 


The following series of figures are arranged so that the 
mosaic-like pattern of the skull becomes understand- 
able. It starts with the bones of the skull base (sphenoid 
and occipital) to which the other bones are added step 
by step. The facial skeleton is built up by the ethmoid 


Frontal bone 
Frontonasal suture 
Frontomaxillary suture 
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Supraorbital margin 

5 Internasal suture 

6 Sphenofrontal suture 

7 Optic canal in lesser wing 
of sphenoid bone 

8 Superior orbital fissure 

9 Lacrimal bone 

10 Sphenoid bone (greater wing) 

11 Inferior orbital fissure 

12 Nasomaxillary suture 

13. Infraorbital foramen 

14 Maxilla 

15 Vomer 

16 Body of mandible 

17 Parietal bone 

18 Temporal bone 

19 Sphenozygomatic suture 

20 Ethmoid bone 

21 Zygomatic bone 

22 Nasal bone 

23. Zygomaticomaxillary suture 

24 Middle nasal concha 

25 Inferior nasal concha 

26 Anterior nasal aperture 

27 Mental foramen 

28 Ramus of mandible 

29 Base of mandible 

30 Mental protuberance 


Bones 

Frontal bone (brown) 
Parietal bone (light green) 
Temporal bone (dark brown) 
Sphenoidal bone (red) 
Zygomatic bone (yellow) 
Ethmoid bone (dark green) 
Lacrimal bone (yellow) 
Vomer (orange) 

Maxilla (violet) 

Nasal bone (white) 
Mandible (white) 


bone to which the palatine bone and maxilla are 
attached laterally; the small nasal and lacrimal bones fill 
the remaining spaces. Cartilages remain only in the 
external part of the nose. 


Sphenoid and occipital bone (from above). 


Sphenoid and occipital bone in connection with the atlas and axis 
(1st and 2nd cervical vertebrae) (left lateral view). 








Sphenoid bone (anterior aspect). 
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Sphenoid bone (posterior aspect). 





Occipital bone (from below). 


Sphenoid bone 

Greater wing 

Lesser wing 

Cerebral or superior surface of greater wing 
Foramen rotundum 

Anterior clinoid process 

Foramen ovale 

Foramen spinosum 

Dorsum sellae 

Optic canal 

Chiasmatic groove (sulcus chiasmatis) 
Hypophysial fossa (sella turcica) 
Lingula 

Opening of sphenoidal sinus 

Posterior clinoid process 

Pterygoid canal 

Lateral pterygoid plate of pterygoid process 
Pterygoid notch 

Pterygoid hamulus 

Orbital surface of greater wing 
Sphenoid crest 

Sphenoid rostrum 

Medial pterygoid plate 

Superior orbital fissure 

Spine of sphenoid 

Temporal surface of greater wing 


Infratemporal crest 


Occipital bone 

Clivus with basilar part of occipital bone 
Hypoglossal canal 

Fossa for cerebellar hemisphere 
Internal occipital protuberance 
Fossa for cerebral hemisphere 
Jugular tubercle 

Condylar canal 

Jugular process 

Foramen magnum 

Groove for transverse sinus 

Groove for superior sagittal sinus 
Squamous part of the occipital bone 
External occipital protuberance 
Superior nuchal line 

Inferior nuchal line 

Condylar fossa 

Condyle 

Pharyngeal tubercle 


External occipital crest 


Sphenoid bone 

Greater wing 

Lesser wing 

Foramen rotundum 

4 Foramen ovale 

5 Foramen spinosum 

6 Foramen lacerum 

7 Anterior clinoid process 

8 Hypophysial fossa (sella turcica) 

9 Lingula 

10 Dorsum sellae and posterior clinoid 
process 

11 Optic canal 

12 Sphenoid rostrum 

13. Medial ptery goid plate 

14 Lateral pterygoid plate 

15 Pterygoid hamulus 

16 Infratemporal crest 


17 Body of the sphenoid 


Temporal bone 
18 Squamous part 
19 Carotid canal 
20 Hiatus of facial canal 


(for the greater petrosal nerve) 


21 Arcuate eminence 
22 Groove for the sigmoid sinus 
52 


23 Mastoid foramen 

24 Internal acoustic meatus 
25 Zygomatic process 

26 Mandibular fossa 

27 Petrotympanic fissure 
28 Canalis musculotubarius 


(bony part of auditory tube) 





29 External acoustic meatus 
Sphenoid, occipital and left temporal bone (from above). 30 Styloid process (remnant only) 


Internal aspect of the base of the skull. The left temporal 31 Stylomastoid foramen 
. ne 30 « ~e alic 
bone has been added to the preceeding figure. 32 Mastoid canaliculus 
33 Jugular fossa 


+ Mastoid process 
35 Mastoid notch 





Left temporal bone (medial aspect). Left temporal bone (from above). 





Sphenoid, occipital and left temporal bone. 
Base of the skull (external aspect). 





Left temporal bone (lateral aspect). 
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59 
60 
61 
62 
63 
64 


65 


Groove for middle 
meningeal vessels 
Parietal margin 
Sphenoid margin 
Occipital margin 
Cochlear canaliculus 
Aqueduct of the vestibule 
Apex of the petrous part 
Tympanic part 
Trigeminal impression 
Articular tubercle 
Parietal notch 

Groove for the superior 


petrosal sinus 


Occipital bone 

Clivus 

Jugular tubercle 

Condylar canal 

Foramen magnum 

Lower part of squamous 
occipital bone 

(cerebellar fossa) 

Internal occipital protuberance 
Groove for the transverse sinus 
Groove for the superior sagittal 
sinus 

Internal occipital crest 

Upper part of squamous occipital 
bone (cerebral fossa) 

Condyle 

Nuchal plane 

Superior nuchal line 

External occipital protuberance 
Jugular foramen 

Inferior nuchal line 

Pharyngeal tubercle 
Sphenooccipital synchondrosis 





Part of a disarticulated skull (right lateral aspect). The frontal bone and the maxilla are 
connected with the temporal bone by the zygomatic bone (orange). Sphenoid bone (green), 


palatine bone (red), lacrimal bone (yellow). 





Frontal bone (inferior aspect). The ethmoidal foveolae 
cover the ethmoidal cavities of the ethmoid bone. 18 
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Frontal bone (posterior aspect). 32 


Frontal bone 

Nasal margin 

Trochlear fossa 

Fossa for lacrimal gland 
Anterior ethmoidal foramen 
Posterior ethmoidal foramen 
Nasal spine 

Supraorbital notch 

Supraorbital margin 

Orbital plate 

Roofs of the ethmoidal air cells 
Ethmoidal notch 

Parietal margin 

Groove for superior sagittal sinus 
Squamous part of frontal bone 
Frontal crest 

Foramen cecum 

Nasal spine 

Zygomatic process of frontal bone 
Juga cerebralia 


Maxilla 

Frontal process of maxilla 
Lacrimal bone (yellow) 
Zygomatic bone (orange) 
Zygomaticofacial foramen 


Temporal bone 

Squamous part of temporal bone 
External acoustic meatus 
Mastoid process 

Styloid process 

Mandibular fossa 

Articular tubercle 

Zygomatic process 


Occipital bone 
Squamous part of occipital bone 
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Calvaria (superior aspect). 


Left parietal bone (external aspect). 


Frontal bone 

Coronal suture 

Sagittal suture 

Parietal bone 

Superior temporal line 
Parietal foramen 

Parietal tuber or eminence 





Sagittal margin 
Occipital margin 
Frontal margin 
Squamous margin 
Sphenoidal angle 


Groove for middle meningeal artery 


Lambdoid suture 





Calvaria (posterior aspect). 





Left parietal bone (internal aspect). 


Occipital bone 

External occipital protuberance 
Inferior nuchal line 
Occipitomastoid suture 
Temporal bone 

Mastoid process 

Mastoid notch 


18 


Base of the skull, calvaria removed (internal aspect). 


12 Clivus 

Frontal crest 13 Groove for superior petrosal sinus 
2 Foramen cecum 14 Jugular foramen 
3 Crista galli 15 Groove for sigmoid sinus 
4 Cribriform plate of ethmoid bone 16 Internal occipital crest 
5 Lesser wing of sphenoid bone 17 Groove for transverse sinus 
6 Superior orbital fissure 18 Internal occipital protuberance 
7 Foramen rotundum 19 Marking of brain convolutions 
8 Carotid sulcus 20 Anterior cranial fossa 
9 Middle cranial fossa 21 Chiasmatic sulcus 
10 Foramen ovale 22 Anterior clinoid process 


11 Foramen spinosum 23. Optic canal 





Sella turcica (hypophysial fossa) 
Posterior clinoid process 

Dorsum sellae 

Foramen lacerum 

Groove for greater petrosal nerve 
Internal acoustic meatus 
Hypoglossal canal 

Foramen magnum 

Posterior cranial fossa 


Diploe 


11/5/2017 Crystal Radio 


Recreating an Alfred P. Morgan crystal set 








Nate) (elem B)Te]| 


—— SS 


http://www. analogdial.com/CrystalSet/CrystalRadio.html 





1/7 


20 3 21 25 26 





Base of the skull (internal aspect, oblique lateral view from left side). 


Canals, fissures and foramina of the base of the skull 
1 Superior orbital fissure 
2 Foramen rotundum 
3 Optic canal 
4 Foramen ovale 
5 Foramen spinosum 
6 Internal acoustic meatus 
7 Jugular foramen 
8 Foramen magnum 


Bones 
9 Frontal bone (orange) 
10 Ethmoid bone (dark green) 
11 Sphenoid bone (red) 
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12 Temporal bone (brown) 
13. Parietal bone (yellow-green) 


14 Occipital bone (blue) 


Details of bones 
1S. Crista galli 
16 Cribriform plate 
17 Marking of brain convolutions (frontal bone) 
18 Lesser wing of sphenoid bone 
19 Foramen lacerum 


20 Hypophysial fossa (sella turcica) 


21 Anterior clinoid process 
22 Depression for trigeminal ganglion 
72 


23 Petrous part of temporal bone 


24 Groove for sigmoid sinus 





25 Dorsum sellae (posterior clinoid process) 
Base of the skull (internal aspect, superior view). 26 Greater wing of sphenoid bone, groove for 
Individual bones indicated by color. middle meningeal artery 

27 Hypoglossal canal 


Median section through the skull, right half (internal aspect). 


Hypophysial fossa (sella turcica) 
Anterior clinoid process 
Frontal bone 

Ethmoidal air cells 

Sphenoidal sinus 

Superior concha 

Middle concha 

Maxillary hiatus 

Inferior concha 

Inferior meatus 

Anterior nasal spine and maxilla 
Mental spine or genial tubercle 
Groove for middle meningeal 
artery 


Dorsum sellae 

Internal acoustic meatus 
Groove for sigmoid sinus 
Hypoglossal canal 
Occipital condyle 
Condylar process 
Lateral pterygoid plate , 
Medial pterygoid plate J ‘ 
Lingula of mandible 
Mandibular foramen 
Mylohyoid groove 
Mylohyoid line 


Submandibular fovea 





of pterygoid process 


1 Frontal sinus 

2 Frontal bone 

3 Crista galli 

4 Nasal bone 

5 Sphenoidal sinus 

6 Superior concha } of ethmoid 
7 Middle concha } bone 
8 Frontal process 

of maxilla 

9 Ethmoidal bulla 
10 Uncinate process 
11 Maxillary hiatus 
12 Palatine bone 
13. Greater palatine foramen 
14 Alveolar process of maxilla 
15 Central incisor 
16 Zygomatic bone 

17 Ethmoid bone 

18 Lacrimal bone 

19 Pterygopalatine fossa 
20 Maxillary sinus 
21 Lateral pterygoid plate 
22 Medial pterygoid plate 
23 Third molar tooth 
24 Pterygoid hamulus 
25 Two premolar teeth 





Facial part of the skull (viscerocranium), divided in two halves (lateral and medial 
aspect). Right inferior concha has been removed to show the maxillary hiatus. Left 
maxillary sinus opened. 


Bones (indicated by colors) 

1 Frontal bone (yellow) 

2 Nasal bone (white) 

3 Ethmoid bone (dark green) 
4 Lacrimal bone (yellow) 

5 Inferior nasal concha (pink) 
6 Palatine bone (white) 

7 Maxilla (violet) 

8 Mandible (white) 

9 Parietal bone (light green) 
10 Temporal bone (brown) 
11 Sphenoid bone (red) 
12 Petrous part of temporal 

bone (brown) 

13 Occipital bone (blue) 
14 Ala of vomer (light brown) 


NO Om BW DY 





Median section through the skull. The nasal septum has been removed. 
Bones indicated by colors. 


Because of the upright posture which the man devel- 
oped in the course of evolution, the cranial cavity 
greatly increased in size whereas the facial skeleton 
decreased. As a result, the base of the skull developed 
an angulation of about 120° between the clivus and the 
cribriform plate. The hypophysial fossa containing the 
pituitary gland lies at the angle formed between these 
two planes. 


Ethmoid bone 
| Crista galli 
2 Cribriform plate 
3 Ethmoidal air cells 
4° Middle concha 
5 Perpendicular plate (part of nasal septum) 
6 Orbital plate 


Sphenoid bone 

Lesser wing 

8 Greater wing 

9 Anterior clinoid process 

10) Posterior clinoid process 

Il Foramen ovale 

12) Foramen spinosum 

13 Lingula of the sphenoid 

I4 Clivus 

15) Optic canal 

16 Tuberculum sellae 

17 Foramen rotundum (right side) 

IS Hypophysial fossa (sella turcica) 

19) Dorsum sellac 

20) Carotid sulcus 

21) Sphenooccipital synchondrosis 

22 Lateral pterygoid plate 

3 Greater wing of sphenoid bone (orbital surface) 
Greater wing of sphenoid bone (maxillary surface) 

25 Foramen rotundum (left side) 

26 Superior orbital fissure 


27 Intratemporal crest of the greater wing 





Part of the disarticulated base of the skull. 
Ethmoid, sphenoid and occipital bones (from above). 


Green = sphenoid bone; yellow = ethmoid bone. 





Ethmoid bone (lateral aspect), posterior portion to the right Ethmoid bone (anterior aspect) 





Disarticulated base of the skull (anterior aspect). 
Green = sphenoid bone; yellow = ethmoid bone; red = palatine bone. 





Right maxilla, ethmoid and palatine bone (lateral aspect). 
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Occipital bone 

Jugular tubercle 

Jugular process 

Mastoid margin 

Posterior cranial fossa 
Lambdoid margin 

Intrajugular process 

Condylar canal 

Lateral part of occipital bone 
Hypoglossal canal 

Foramen magnum 

Internal occipital crest 
Squamous part of occipital bone 
Internal occipital protuberance 


Maxilla 

Orbital surface 
Infraorbital groove 
Maxillary tuberosity with 
foramina 

Frontal process 
Nasolacrimal groove 
Infraorbital margin 
Anterior nasal spine 
Zygomatic process 


Alveolar process 


Palatine bone 
Orbital process 
Sphenopalatine notch 
Sphenoidal process 
Perpendicular plate 
Horizontal plate 
Pyramidal process 





Ethmoid bone (oblique anterior aspect). 


(Schematic drawing.) 


Ethmoid bone 
Crista galli 
Orbital plate 


wane 


Middle concha 


Palatine bone 
4 Horizontal plate of palatine bone 
5 Greater palatine canal 
6 Pyramidal process 
Maxillary process 
8 Orbital process 
9 Sphenopalatine notch 
10 Perpendicular plate of palatine bone 
11 Conchal crest 
12 Nasal crest 


13. Sphenoidal process 


Sphenoid bone 
14 Greater wing 
15 Superior orbital fissure 
16 Greater wing (orbital surface) 


Lesser wing 


Occipital bone 
18 Squamous part of occipital bone 





Maxilla 


Part of a disarticulated skull base, similar to the foregoing figures, but with 19 Maxillary tuberosity 
20 Frontal process 


palatine bone. Green = sphenoid bone; yellow = ethmoid bone; red = palatine ¢ 
bone. 21 Orbital surface 
22 Infraorbital margin 
23 Infraorbital groove 
24 Zygomatic process 


25 Alveolar process 





Left palatine bone (medial aspect, 
posterior aspect to the left). 





Left palatine bone (anterior aspect). Right maxilla and right palatine bone (lateral aspect). 


Part of a disarticulated skull. 
The left maxilla is added to the preceding specimen. 
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Occipital bone 
Squamous part 


Sphenoid bone 

Dorsum sellae 

Superior orbital fissure 

Lesser wing 

Greater wing (orbital surface) 
Lateral pterygoid plate 


Medial pterygoid plate 


Ethmoid bone 
Crista galli 
Ethmoidal air cells 
Perpendicular plate 
Orbital plate 


Palatine bone 
Horizontal plate (nasal crest) 


Maxilla 

Frontal process 

Inferior orbital fissure 

Infraorbital groove 

Orbital surface 

Infraorbital foramen 

Zygomatic process 

Anterior lacrimal crest 

Canine fossa 

Alveolar process with teeth 

Anterior nasal spine 

Juga alveolaria (elevations formed by roots of teeth) 
Lacrimal groove 

Maxillary tuberosity with alveolar foramina 


Palatine process of maxilla 





Left maxilla (lateral aspect). Probe = infraorbital canal. 


Left maxilla (posterior aspect). 





Part of a disarticulated base of skull. The mosaic of the facial 
bones [sphenoid bone (green), ethmoid bone (yellow), and 
palatine bone (red)] is seen from the anterior-lateral aspect. 





Left maxilla and palatine bone (medial aspect). 
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Occipital bone 

Groove for superior sagittal sinus 
Internal occipital protuberance 
Groove for transverse sinus 


Internal occipital crest 


Sphenoid bone 

Greater wing (temporal surface) 
Lateral pterygoid plate 

Dorsum sellae 

Lesser wing 

Superior orbital fissure 


Greater wing (orbital surface) 


Ethmoid bone 
Ethmoidal air cells 
Crista galli 

Orbital plate 


Maxilla 

Frontal process 

Inferior orbital fissure 
Alveolar process with teeth 
Palatine process 

Anterior nasal spine 
Infraorbital groove 

Zygomatic process 

Location of infraorbital foramen 
Middle nasal meatus 

Inferior nasal meatus 

Maxillary hiatus 

(leading to maxillary sinus) 
Third molar 

Lacrimal groove 

Conchal crest 

Body of maxilla (nasal surface) 
Nasal crest 


Incisive canal 


Palatine bone 
Orbital process 
Sphenopalatine notch 
Sphenoidal process 
Perpendicular plate 
Conchal crest 
Horizontal plate 


Pyramidal process 


Frontal bone 
Squamous part 
Supraorbital foramen 
Frontal notch 
Frontal spine 


Inferior nasal concha 
Inferior nasal concha 
with maxillary process 





6 34 25 36 24 28 
Part of a disarticulated base of skull (medial aspect). Green = sphenoid bone; yellow = ethmoid bone; red = palatine bone; 
natural colored = left maxilla. 


Part of a disarticulated base of skull. 
The same specimen as shown above 
but with frontal bone (oblique- 





lateral aspect). 





Part of a disarticulated skull, showing the connection of the palatine bone (red) and the maxilla 


with ethmoid bone (yellow) and sphenoid bone (light green) (anterior aspect). 


Frontal bone Palatine bone Maxilla 
1 Squamous part 10 Orbital process 19 Infraorbital groove 
2 Inferior temporal line 11 Perpendicular plate 20 Infraorbital foramen 
3 ‘Temporal surface 12 Conchal crest 21 Zygomatic process 
4 Supraorbital foramen 13. Nasal crest 22 Alveolar process with teeth 
5 Zygomatic process 14 Horizontal plate 23 Palatine process 
Occipital bone Left inferior nasal concha 
6 Squamous part Ethmoid bone 24 Anterior part of 
15 Orbital plate inferior concha 
Sphenoid bone 16 Ethmoidal air cell 
7 Greater wing (temporal surface) 17 Middle concha 
8 Optic canal within the lesser wing 18 Perpendicular plate 


9 Lateral pterygoid plate (part of bony nasal septum) 
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Page from "The Boys' Third Book of Radio and Electronics" by Alfred P. Morgan. 


Back Story: 


In the Summer of 1966 I was 10 1/2 years old and one of my favorite TV shows was "Get Smart". It was a show about a bumbling secret 
agent named Maxwell Smart who had all sorts of gadgets at his disposal. My friend Billy Meyers and I decided we wanted to be secret 
agents, like Max. One of the "secret agent" things we'd do was to pick out a guy with a briefcase walking home from work and declare him a 
Soviet spy. Then we would "tail" him for a few blocks, making up stories about him. 


Billy and I had no way to communicate with each other after we had to come in for the night. He lived half a block away. Kids didn't use 
the phone back then. There was only one phone in the house and I don't remember using it before I was about 14 years old. Maxwell Smart 
had a phone in the sole of his shoe. We needed something like that! 


Maxwell Smart (Don Adams) Agent 86. 
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Frontal bone 
| Squamous part 
2 Frontal notch 
3 Supraorbital foramen 
4 Supraorbital margin 
5 Zygomatic process 
6 Frontal spine 
Sphenoid bone 
7 Greater wing (orbital surface) 
8 Foramen rotundum 
9 Pterygoid or Vidian canal 
10 Lateral pterygoid plate 
11 Medial pterygoid plate 


Ethmoid bone 


z 12 Orbital plate 

3 13. Ethmoidal air cells 

. 14 Middle concha 

6 Palatine bone 

q 15 Horizontal plate 

L 15a Nasal crest 

9 16 Pyramidal process 
14 17 Lesser palatine foramen 


18 Greater palatine foramen 


Zygomatic bone 
19 Frontal process 
20 Orbital surface 


Maxilla 
15a Canine fossa 
Frontal process 
23 3 Palatine process 
24 Zygomatic process 


25 Alveolar process and teeth 





26 Juga alveolaria 


Anterior view of a disarticulated skull, showing the connection 27 Infraorbital foramen 
of the maxilla with the frontal and zygomatic bones. Yellow = 28 Infraorbital groove 
ethmoid bone; red = palatine bone; green = sphenoid bone. 29 Anterior nasal aperture 


30 Anterior nasal spine 
Incisive bone 
Central incisor and incisive bone or premaxilla 


Incisive fossa 


Vomer 
33 Ala of the vomer 


Sutures and choanae 
34 Median palatine suture 
35 Transverse palatine suture 


36 Choanae 
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Bony palate and teeth of the maxillae (from below). Anterior view of both maxillae, forming the anterior 
bony aperture of the nose. 


2122 23 24 25 


Paramedian section through the skull, right side (lateral 
aspect). Frontal and maxillary sinus are opened. 





Illustration of canals and foramina connected with the right orbit and 


pterygopalatine fossa (compare the above figure). The greater wing of 
sphenoid bone (green) is shown as being transparent. Brown = temporal bone; 
yellow = ethmoid bone; red = laerimal bone; light red = inferior nasal 
concha; violet = maxilla; orange = palatine bone. 





Occipital bone 

Temporal bone (petrous part) 
Internal acoustic meatus 
Carotid canal 

Hypoglossal canal 
Occipital condyle 

Lateral plate of pterygoid process 
Dorsum of sella turcica 
Sella turcica 

Frontal sinus 

Optic canal 

Posterior and anterior 
ethmoidal foramen 

Orbital plate of ethmoidal bone 
Nasal bone 

Nasolacrimal canal 
Uncinate process 

Inferior nasal concha 
(maxillary process) 
Maxillary sinus 

Anterior nasal spine 
Alveolar process of maxilla 
Foramen rotundum 
Pterygopalatine fossa 
Tuberosity of maxilla 

with alveolar foramina 
Sphenopalatine foramen 
Maxillary hiatus 

Pterygoid or Vidian canal 
Lesser palatine canal 
Greater palatine canal 
Infraorbital canal 


Occipital bone 

Temporal bone 

Frontal bone 

4 Nasal spine of frontal bone 

5 Zygomatic bone 

6 Maxilla 

Frontal process of maxilla 

8 Ethmoid bone 

9 Orbital plate of ethmoid bone 

10 Perpendicular plate of ethmoid bone 
11 Site of lacrimal bone 

2 Lacrimal groove of lacrimal bone 
13 Posterior lacrimal crest 

14 Fossa for lacrimal sac 

1S Lacrimal hamulus 

16 Nasolacrimal canal 

17 Site of nasal bone 

18 Nasal foramina of nasal bone 

19 Anterior nasal spine of maxilla 
20 Vomer 

21 Greater wing of sphenoid bone 
22 Anterior and posterior ethmoidal foramina 
23 Optic canal 

24 Superior orbital fissure 

25. Inferior orbital fissure 

26 Infraorbital groove 

27 Infraorbital foramen 





Anterior part of a disarticulated skull. 
Orange = zygomatic bone; yellow = ethmoid bone; 


green = sphenoidal bone. The arrows indicate the locations 


of the lacrimal bone (11) and the nasal bone (17). 






Left lacrimal bone (anterior aspect). 


~ 


Left orbit (anterior aspect). Left nasal bone (anterior aspect). 


1 Frontal sinus 

2 Ethmoidal air cells 

3 Sphenoid sinus 

4 Superior nasal concha 
5 Middle nasal concha 
6 Maxillary hiatus 
Inferior nasal concha 
8 Palatine bone 

9 Maxilla 

10 Inferior meatus 

11 Palatine process of the maxilla 


r 


To page 49: 


Blue = Occipital bone 
Light green = Parietal bone 
Light brown = Frontal bone 
Dark brown = Temporal bone 
Red = Sphenoid bone 
Dark green = Ethmoid bone 
Light blue = Nasal bone 
Pink = Inferior concha 
Orange = Vomer 

Violet = Maxilla 
White = Palatine bone 
White = Mandible 


Inferior Concha and Vomer 
| Ethmoidal process 
2 Anterior part of concha 
3. Inferior border 
Ala of vomer 
Posterior border of nasal septum 
6 Lacrimal process 
Posterior part of concha 


8 Maxillary process 





Right inferior nasal concha (medial aspect). Anterior part 
to the left. 
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Right inferior nasal concha (lateral aspect). Anterior part Vomer (posterior aspect). 
to the right. 





Paramedian sagittal section through the skull including the nasal septum. 





Ps. We ’ 
Cartilages of the nose (right anterior aspect). Arrow = nostril, 
framed by nasal wing. 





Cartilages of the nose. 
Schematic diagram of the external nose. 


Crista galli 

Cribriform plate 

of ethmoid bone 

Perpendicular plate 

of ethmoid bone 

Vomer 

Ala of the vomer 

Palatine bone 

(perpendicular process) 
Palatine bone (horizontal plate) 
Mandible 

Nasal bone 

Sphenoidal sinus 

Hypophysial fossa (sella turcica) 
Grooves for the middle 


meningeal artery 


Cartilages of the nose 
Lateral nasal cartilages 
Greater alar cartilage 
Lesser alar cartilages 


Septal cartilage 


Location of nasal bone 


























Base of the skull (inferior aspect). 








Base of the skull (from below). The individual bones are 
indicated by different colours. 





Skull of the newborn (inferior aspect). 
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36 


39 
40 


Pterygoid canal 

Foramen ovale 

Internal carotid artery within carotid canal and internal 
jugular vein within the venous part of jugular foramen 
Stylomastoid foramen (facial nerve) 

Jugular foramen (glossopharyngeal, vagus and 
accessory nerves) 

Hypoglossal canal (hypoglossal nerve) 


Incisive canal 

Median palatine suture 

Palatine process of maxilla 
Palatomaxillary suture 

Greater and lesser palatine foramina 
Inferior orbital fissure 

Middle concha (process of ethmoid bone) 


Vomer 


Foramen ovale 

Groove for auditory tube 
Pterygoid canal 

Styloid process 

Carotid canal 

Stylomastoid foramen 

Jugular foramen 

Groove for occipital artery 
Occipital condyle 

Condylar canal 

Nuchal plane 

External occipital protuberance 
Zygomatic arch 

Lateral pterygoid plate 

Medial pterygoid plate 
Mandibular fossa 

Pharyngeal tubercle 

Superior nuchal line 

Mastoid process 

Inferior nuchal line 

Mastoid notch 

Foramen magnum 

Incisive bone or premaxilla (dark violet) 
Maxilla (violet) 

Palatine bone (white) 

Vomer (orange) 

Sphenoid bone (red) 
Zygomatic bone (yellow) 
Temporal bone (brown) 
Occipital bone (bluc) 

Palatine process of maxilla 
Vomer 

Sphenoid bone 

Petrous part of temporal bone 
Basilar part 

Lateral part of occipital bone 
Squamous part 

Mandible 

Zygomatic arch 

Choana 

Pterygoid process of sphenoid bone 
Carotid canal 

External acoustic meatus (tympanic annulus) 
Sphenoidal fontanelle 

Parietal bone 

Mastoid fontanelle 
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Normal position of teeth. Dentition in centric occlusion (lateral view). 





Lower teeth of the adult (superior aspect). 


Central incisor 

Lateral incisor 

Canines 

First premolars or bicuspids 
Second premolars or bicuspids 
First molars 

Second molars 

Third molars 

Articular tubercle 
Mandibular fossa 

Head of mandible 


Condylar process 


Table of dentition. Eruption of deciduous and permanent 
teeth (after C. Rése according to A. Kréncke). 


Primary dentition 
(Deciduous teeth) 








Maxilla 
months post partum 





1. Central incisor 
2. Lateral incisor 
3. Cuspid incisor 
4. First molar 

5. Second molar 


10,3 





Secondary dentition 
(Permanent teeth) 


Mandible 


months 


5.6 


to 
= 
2) 





years and months years and months 





. Central incisor 
. Lateral incisor 


wn — 


Cuspid incisor 


& 


. First premolar 

. Second premolar 
. First molar 

. Second molar 


is nN WN 


7/8 7/5 6/10 
8/11 8/6 T/L 
12/2 11/7 11/12 
10/5 10/1 11/3 
11/4 11/1 12/0 
6/7 6/6 6/5 
12/9 12/5 12/3 


Q 


6/7 
7/7 
10/3 
LO/S 
11/7 
6/3 
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Deciduous teeth in child’s skull. The developing crowns of 
the permanent teeth are displayed in their sockets in the 
maxilla and mandible 


Permanent incisors 
Permanent cuspid (canine) 
Premolars 

First permanent molar 
Second permanent molar 
Mental foramen 


Comparison of the deciduous and permanent teeth. 

Notice that the breadth of the alveolar arch of the child’s 
mandible and maxilla holding the deciduous teeth is nearly the 
same as the comparable portion in the jaws of the adult. Note 
the unerupted third molars. 


Isolated teeth of the alveolar part of the maxilla (top row) 
and the mandible (lower row), labial surface of the teeth. 





Cranial skeleton 

Frontal tuber or eminence 
Parietal tuber or eminence 
Occipital tuber or eminence 

4 Squamous part of temporal bone 


5 Greater wing of sphenoid bone 


Facial skeleton 
6 Maxilla 
7 Mandible 
8 Zygomatic bone 
9 Nasal bone 


Sutures and fontanelles 
10 Frontal suture 
11 Coronal suture 
12 Sagittal suture 
13. Lambdoid suture 
14 Anterior fontanelle 
15 Posterior fontanelle 
16 Sphenoidal fontanelle 
17 Mastoid fontanelle 


Base of the skull 
18 Frontal bone 
19 Ethmoid bone 
20 Sphenoid bone 
21 Hypophysial fossa (sella turcica) 
22 Dorsum sellae 
23 Temporal bone 
24 Mastoid fontanelle 
25 Occipital bone 


In the newborn the facial skeleton, in contrast to the 
cranial skeleton, appears relatively small. There are no 
teeth presenting. The bones of the cranium are sepa- 


rated by wide fontanelles. 





Skull of the newborn (superior aspect). Calvaria. 





Skull of the newborn (lateral aspect). Base of the skull of the newborn (internal aspect). 
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DIVESIO! 


Remco "Monkey Division" Wrist Radios. 


One thing I DID have was a set of Monkey Division Wrist Radios. These were powered by a single C battery in the "Master" unit, which 
also had a button on it that would buzz the other receiver to get the users attention (apparently, the other user was unworthy of a button). 
A metallic speaker doubled as a microphone. The sound was very tinny, but you could make it out. Unfortunately, they were wired to each 
other. There was nothing "radio" about them. 


I remember taking them outside with my brother Rob, and I could see and hear him talking at the same time his voice was coming over 
the wrist radio. They were pretty much useless, unless you like running around with a wire connecting you to your brother. 


BUT... with some extra wire strung across the driveway, down the backs of the houses and into Billy's bedroom, Billy and I would be able 
to talk to each other! I immediately presented this great idea to my mom with a request the she fund the cost of the wire, and she 
immediately refused and told me the electric company would just come out and take the wire down. 





This is part of the West Oak Lane section of Philadelphia. 





There was only one thing left to do. Build a radio. I went down the basement and connected a battery to a speaker and used a coat 
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16 


18 





Lateral aspect of the facial bones. Mandible and teeth in the position Right half of mandible (medial aspect). 
of occlusion. Upper and lower jaw occluded. 


Temporal bone 7 Zygomatic bone 
Temporal fossa (greater (frontal process) 
wing of sphenoid bone) 8 Lacrimal bone 
Infratemporal crest 9 Nasal bone 
Infratemporal fossa 10 Lacrimal groove 
Zygomatic arch 11 Maxilla 
Frontal bune (canine fossa) 

12 Alveolar 
Mandible process of maxilla 


Condylar process 

Mandibular notch 

Ramus of the mandible 
Masseteric tuberosity 

Angle of the mandible 

Body of the mandible 
Coronoid process 

Alveolar process including teeth 
Oblique line 

Mental foramen 

Mental protuberance 

Head of the mandible 

Genial tubercle or mental spine 
Mandibular foramen 

(entrance to mandibular canal) 
Lingula 

Mylohyoid sulcus 

Mylohyoid line 


Submandibular fossa 
Mandible of the adult (superior aspect). 31 Sublingual fossa 








Temporomandibular joint with ligaments. 





Ligaments of temporomandibular joint. Left half of the head (medial aspect). 


16 


18 
19 


20 


Zygomatic arch 

Articular capsule 
External acoustic meatus 
Lateral ligament 
Mandibular notch 
Stylomandibular ligament 
Ramus of the mandible 
Zygomatic bone 
Coronoid process 

Maxilla 

Articular cartilage of 
condylar process 

Styloid process 
Mandibular fossa 
Articular disc 

Articular tubercle 
Lateral pterygoid muscle 
Condylar process of mandible 


Groove for sigmoid sinus 
Mandibular nerve 

Lateral pterygoid muscle 
Styloid process 
Sphenomandibular ligament 
Stylomandibular ligament 
Mylohyoid groove 
Ethmoidal air cells 
Ethmoidal bulla 

Hiatus semilunaris 
Middle meatus 

Inferior nasal concha 
Limen nasi 

Vestibule with hairs 
Inferior meatus 

Hard palate 

Soft palate 

Vestibule of oral cavity 
Lower lip 

Mandible 


‘ 
2 
12 
13 
3 
4 3 
14 
5 
6 
7 
8 R15 
9 
> 16 
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Coronal section through the head at the level of the temporomandibular 
joint (right side, anterior aspect). 





Coronal section through the oral cavity 


Insular lobe and temporal lobe 
Temporalis muscle 

Articular disc of 
temporomandibular joint 
Maxillary artery and pterygoid 
venous plexus 

Parotid gland 

Mandible 

Medial pterygoid muscle 
Masseter muscle 
Submandibular gland 

Thyroid gland 
Sternocleidomastoid muscle 
Hippocampus 

Internal carotid artery and 
sphenoid bone 

Pharyngeal tonsil 

Pharynx 

Thyroid cartilage 

Rima glottidis 

Cricoid cartilage 

Hard palate and palatine glands 
Oral cavity 

Upper molar 

Oral vestibule 

Lower molar 

Platysma muscle 

Maxillary sinus 

Superior longitudinal muscle of tongue 
Transverse muscle of tongue 
Buccinator muscle 

Inferior longitudinal muscle of tongue 
Sublingual gland 
Genioglossus muscle 

Mastoid process 

Styloid process 
Stylomandibular ligament 
Articular capsule 

Lateral ligament 

Zygomatic arch 
Sphenomandibular ligament 
Mandibular foramen 


35 36 37 





Ligaments related to the 
temporomandibular joint 


y 


_____ 
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Temporalis and masseter muscles. 

The temporal fascia has been removed, 
the temporomandibular joint severed 
and the zygomatic arch displayed. 


1 Galea aponeurotica 
2 Temporalis muscle 
3 Occipital belly of occipitofrontalis muscle 
4 Temporomandibular joint 
5 External acoustic meatus 
6 Deep layer of masseter muscle 
7 Superficial layer of masseter muscle 
8 Stylohyoid muscle 
9 Posterior belly of digastric muscle 
10 Internal jugular vein and external 
carotid artery 
11 Sternocleidomastoid muscle 
12 Frontal belly of occipitofrontalis muscle 
13. Depressor supercilii muscle 
14 Orbicularis oculi muscle 
15. Transverse part of nasalis muscle 
16 Levator labii superioris alaeque nasi 
muscle 
17 Levator labii superioris muscle 
18 Levator anguli oris muscle 
19 Zygomaticus major muscle 
20 Orbicularis oris muscle 
21 Buccinator muscle 
22 Depressor labii inferioris muscle 
23 Depressor anguli oris muscle 
24 Submandibular gland 
25 Lateral nasal cartilage 
26 Greater alar cartilage (lateral part) 
27 Lesser alar cartilages 
28 Greater alar cartilage (medial part) 
29 Infraorbital nerve 
30 Anterior belly of digastric muscle 
31 Hypoglossal nerve and hyoglossus muscle 
32 Superior thyroid artery 
33 Zygomatic arch 
34 Internal carotid artery 
35 Common carotid artery 


Temporalis muscle and tempo- 
romandibular joint. The 

zygomatic arch and the 

masseter muscle have been partially 
severed to display the insertion of 
the temporalis muscle. 


14 


12 


18 
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Medial and lateral pterygoid muscles. A portion of the mandible and the zygomatic arch has 
been removed revealing the pterygoid region or infratemporal fossa. 
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Periosteum 

Temporalis muscle 
Zygomatic arch 
Articular capsule of 
temporomandibular joint 
Lateral pterygoid muscle 
(upper and lower head) 
Medial pterygoid muscle 
Styloglossus muscle 
Stylohyoid muscle 
Posterior belly of 
digastric muscle 
Masseter muscle 
(severed) 

Mandible 
Sternocleidomastoid 
muscle 

Orbicularis oculi muscle 
Orbicularis oris muscle 
Buccinator muscle 
Depressor anguli oris 
muscle 

Depressor labii 
inferioris muscle 
Platysma muscle 
Articular disc of tempo- 
romandibular joint 
Head of mandible 
Anterior belly of 
digastric muscle 
Mylohyoid muscle 
Hyoid bone 


Effect of the muscles of 
mastication on the 

temporomandibular joint 
(arrows). 


1 Frontal belly of occipitofrontalis 
muscle 
2 Corrugator supercilii muscle 
3 Palpebral part of orbicularis oculi 
muscle 
4a Transverse part of nasalis muscle 
4b Alar part of nasalis muscle 
5 Levator labii superioris alaeque 
nasi muscle 
6 Levator labii superioris muscle 
7 Zygomaticus major muscle 
8 Levator anguli oris muscle 
9 Parotid duct 
10 Orbicularis oris muscle 
11 Masseter muscle 
12 Depressor anguli oris muscle 
13 Mentalis muscle 
14 Sternocleidomastoid muscle 
15 Procerus muscle 
16 Depressor supercilii muscle 
17. Orbital part of orbicularis 
oculi muscle 
18 Zygomaticus minor muscle 
19 Buccinator muscle 
20 Risorius muscle 
21 Depressor labii inferioris muscle 
22 Platysma muscle 
23 Galea aponeurotica 
24 Temporoparietalis muscle 
25 Occipital belly of occipitofrontalis 
muscle 
26 Parotid gland with fascia 
27 Temporal fascia 
28 Orbicularis oculi muscle 
29 Parotid duct, masseter muscle 
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Facial muscles (schematic drawing). Left side: Facial muscles. Sphincter-like muscles surround the orifices of 
superficial layer; right side: deeper layer. the head. Radially arranged muscles work as their antagonists. 











Facial muscles (lateral aspect). 


Facial muscles and parotid gland (lateral aspect). Platysma muscle (oblique lateral aspect). Superficial 
lamina of cervical fascia partly removed. 








Supra- and infrahyoid muscles, pharynx I (lateral aspect). Ramus of mandible, pterygoid muscles and insertion 


of temporalis muscle removed. 
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22 





Supra- and infrahyoid muscles. (Schematic diagram.) 


18 


19 
23 


21 
24 


Galea aponeurotica 

Temporal fascia 

Tendon of temporalis muscle 
Zygomatic arch 

Lateral pterygoid plate 

Tensor veli palatini muscle (styloid process) 
Superior constrictor muscle of pharynx 
Styloglossus muscle 

Posterior belly of digastric muscle 
Stylohyoid muscle 

Longus capitis muscle 
Sternocleidomastoid muscle (reflected) 
Inferior constrictor of pharynx 

Frontal belly of occipitofrontalis muscle 
Orbital part of orbicularis oculi muscle 
Buccinator muscle 

Depressor anguli oris muscle 
Mylohyoid muscle 

Anterior belly of digastric muscle 
Thyrohyoid muscle 

Sternohyoid muscle 

Omohyoid muscle 

Hyoid bone 

Sternothyroid muscle 


; 
Ss 





heat 


Supra- and infrahyoid muscles, pharynx II. Buccinator muscle removed; oral cavity opened. 
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External acoustic meatus 

Tensor veli palatini muscle 

Styloid process 

Superior constrictor muscle of pharynx 
Stylopharyngeus muscle (divided) 
Middle constrictor muscle of pharynx 
Sternocleidomastoid muscle 

Greater horn of hyoid bone 

Longus capitis 

Inferior constrictor muscle of pharynx 
Temporal fascia 

Tendon of temporalis muscle 


13 
14 
15 
16 
17 
18 
19 
20 
21 
22 
23 


Orbicularis oculi muscle 

Zygomatic arch 

Lateral pterygoid plate 

Parotid duct 

Gingiva of upper jaw (without teeth), buccinator muscle (divided) 
Pterygomandibular raphe 

Hyoglossus muscle 

Mylohyoid muscle 

Anterior belly of digastric muscle (hyoid bone) 
Sternohyoid and thyrohyoid muscles 
Omohyoid muscle 


1 Temporalis muscle 
2 Sphenoidal sinus 
3 Nasopharynx 
4 Masseter muscle 
5 Superior longitudinal, transverse and 
vertical muscles of tongue 
6 Hyoglossus muscle 
7 Geniohyoid muscle 
8 Corpus callosum (caudate nucleus) 
9 Optic nerve 
10 Cavernous sinus 
11 Zygomatic arch 
12 Cross section of lateral pterygoid 
muscle and maxillary artery 
13 Section of medial pterygoid muscle 
14 Soft palate 
15 Mandible and inferior alveolar nerve 
16 Septum of the tongue 
17 Mylohyoid muscle 
18 Submandibular gland 
19 Platysma muscle 
20 Foramen magnum, vertebral artery and 
spinal cord 
21 Internal carotid artery 
22 Head of mandible 
23 Styloid process 
24 Inferior alveolar nerve 
25 Lingual nerve and chorda tympani 
nerve 
26 Medial pterygoid muscle 
27 ~Uvula 
28 Anterior belly of digastric muscle (cut) 
29 Condyle of occipital bone 
30 Mastoid process 
Coronal section through cranial, nasal and oral cavity at the level of 31 Lateral pterygoid muscle ~~ e 
sphenoidal sinus. 32 Auditory tube and levator veli palatini muscle 
2 33 Tensor veli palatini muscle 








Pterygoid and palatine muscles (posterior aspect). 
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hanger as an antenna. This was similar to the wrist radio, but the coat hanger antenna replaced the wire. It didn't work! All it did was make 
clicking sounds in the speaker. I had to wait for my dad to come home from work and ask him why. 


When my dad came home I showed him the setup and he said, "You don't have a detector." I asked him what a detector was and he 
told me to go the library and get a book on radio. The next day I had a copy of "The Boys' Second Book of Radio and Electronics" by 
Alfred P. Morgan. Chapter 2, page 15 was titled "Building Your First Radio Receiver". I wouldn't be able to talk to Billy with it, but that was 
OK. My mom wouldn't buy me a secret agent coat, we didn't have any gadgets, and our secret agent days were coming to an end. 


Now there was another problem. None of the parts needed to build anything in the book could be found around my dad's workbench. 
There was a store on Ogontz Avenue named REE Electronics, so I headed up there with a list of parts. The store sold stereo equipment and 
fortunately for me, also repaired stereo equipment. I asked the man in the store if he sold diodes or "capacitaters" and he sent me into the 
back of the place. There were two guys back there and bins of parts along the wall. 








REE Electronics was located at 7709 - 7711 Ogontz Avenue in Philadelphia. The entire block has been razed and rebuilt, and is no longer 
recognizable. The picture above is the 7900 block of Ogontz Avenue. The store on the left is the only one that retains its original 
appearance, with the glass store window and the apartment overhead. This is how REE Electronics looked in 1966. 





The two guys were pretty cool. I announced that I would like a "three hundred and sixty five micro micro farad variable capacitater". 
They asked me a couple of questions and told me to come back with the book. They had all the parts I needed except the coil. No problem, 
I would just build the set with no coil. I came home with Fahnestock clips, a 1N34 Germanium diode, a variable capacitor and a crystal 
earplug. 
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1 Superficial temporal artery and 
auriculotemporal nerve 
2 Middle meningeal artery 
3 Maxillary artery 
4 Facial nerve (divided and reflected) 
5 External carotid artery 
6 Stylohyoid muscle 
7 Digastric muscle (posterior belly) 
8 Internal carotid artery and carotid 
sinus branch of glossopharyngeal 
nerve 
9 Sternocleidomastoid muscle 
10 Common carotid artery 
11 Temporalis muscle 
12 Pterygopalatine fossa 
13 Posterior superior alveolar artery 
14. Deep temporal artery 
15 Infraorbital artery 
16 Buccal nerve 
17 Inferior alveolar artery and nerve 
18 Facial artery 
19 Submental artery 
20 Hyoid bone 
21 Superior thyroid artery (divided) 





Dissection of maxillary artery. Mandible and lateral pterygoid muscle partly removed. 


1 Superficial temporal artery 


Branches of the first part 

2 Deep auricular artery and anterior 
tympanic artery 

3. Middle meningeal artery 
Inferior alveolar artery 


Branches of the second part 
5 Deep temporal branches 
6 Pterygoid branches 
Masseteric artery 
Buccal artery 


oe 


Branches of the third part 
9 Posterior superior alveolar artery 
10 Infraorbital artery 
11 Sphenopalatine artery and branches 
to the nasal cavity 
12 Descending palatine artery 
Main branches of maxillary artery. (Schematic drawing.) 13 Artery of the pterygoid canal 











Base of the skull with cranial nerves (internal aspect). Both cerebral hemispheres and upper part of the brain 


stem removed. Incision on the right tentorium cerebelli to display the cranial nerves of the infratentorial 


space. 


Superior sagittal sinus with falx cerebri Hypophysial fossa, infundibulum, and 
Olfactory bulb diaphragma sellae 

Olfactory tract Dorsum sellae 

Optic nerve and internal carotid artery Midbrain (divided) 

Anterior clinoid process and anterior Trigeminal nerve (n. V) 

attachment of tentorium cerebelli Facial nerve (n. VII), nervus intermedius, and 
Oculomotor nerve (n. II) vestibulocochlear nerve (n. VIII) 
Abducens nerve (n. VI) Cerebral aqueduct 

Tentorial notch (incisura tentorii) Right hemisphere of cerebellum 
Trochlear nerve (n. IV) Vermis of cerebellum 

Tentorium cerebelli Straight sinus 

Falx cerebri and confluence of sinuses 





Inferior aspect of the brain with cranial nerves. Midbrain divided. 


WN 


Frontal lobe 


Temporal lobe 


Pedunculus cerebri 

Midbrain (divided) 

Cerebral aqueduct 

Splenium of corpus callosum 
Occipital lobe 

Olfactory bulb 

Olfactory tract 

Optic nerve and optic chiasma 
Infundibulum 

Oculomotor nerve (n. III) 
Mamillary body 

Substantia nigra 

Trochlear nerve (n. IV) 





Cranial nerves 
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Il 


Olfactory nerves 
Optic nerve 
Oculomotor nerve 
Trochlear nerve 
Trigeminal nerve 
Abducens nerve 


Vil 
VIII 
IX 


XI] 
XII 
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Facial nerve 


Vestibulocochlear nerve 
Glossopharyngeal nerve 
Vagus nerve 

Accessory nerve 
Hypoglossal nerve 











32 


16 
17 


19 


31 





Cranial nerves. Brain (inferior aspect). 


1 Olfactory sulcus (termination) 13. Cerebellum 25 Facial nerve (n. VII) 

2 Orbital gyri 14 Tonsil of cerebellum 26 Vestibulocochlear nerve (n. VIII) 
3 Temporal lobe 15 Occipital lobe (posterior pole) 27 Flocculus of cerebellum 

4 Straight gyrus 16 Olfactory bulb 28 Glossopharyngeal (n. 1X) 
5 Olfactory trigone and inferior temporal sulcus 17 Orbital sulci of frontal lobe and vagus nerve (n. X) 

6 Medial occipitotemporal gyrus 18 Olfactory tract 29 Hypoglossal nerve (n. XII) 
7 Parahippocampal gyrus, mamillary body, and 19 Optic nerve (n. IL) and anterior 30 Accessory nerve (n. XI) 

interpeduncular fossa perforated substance 31 Vermis of cerebellum 

8 Pons and cerebral peduncle 20 Optic chiasma 32 Longitudinal fissure 

9 Abducens nerve (n. V1) 21 Optic tract 
10 Pyramid 22 Oculomotor nerve (n. III) 
11 Lower part of olive 23 Trochlear nerve (n. IV) 


12 Cervical spinal nerves 24 Trigeminal nerve (n. V) 

















Brain stem and pharynx with cranial nerves (posterior aspect). Cranial cavity opened and cerebellum removed. 


Falx cerebri 5 Glossopharyngeal nerve (n. [X) 

Occipital lobe and vagus nerve (n. X) 

Straight sinus Accessory nerve (intracranial portion) 
Tentorium cerebelli (n. XI) 

Transverse sinus Hypoglossal nerve (intracranial portion) 
Inferior colliculus of midbrain (n. XII) 

Rhomboid fossa 8 Accessory nerve (n. XI) 

Medulla oblongata Hypoglossal nerve (n. XII) 

Posterior belly of digastric muscle Vagus nerve (n. X) and internal carotid artery 
Internal carotid artery External carotid artery 

Pharynx (middle constrictor muscle) 22 Sympathetic trunk and superior cervical ganglion 
Hyoid bone (greater horn) 3 Ansa cervicalis (superior root of 

Trochlear nerve (n. IV) hypoglossal nerve) 

Facial nerve (n. VII), Glossopharyngeal nerve (n. IX) and 
vestibulocochlear nerve (n. VIII) stylopharyngeus muscle 





27 28 29 30 


Cranial nerves of the orbit and pterygopalatine fossa. Left orbit (lateral aspect). 


Note the zygomaticolacrimal anastomosis (arrow). 


Frontal lobe 

Supraorbital nerve 

Lacrimal gland 

Lacrimal nerve 

Lateral rectus muscle (divided) 
Optic nerve and short ciliary nerves 
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Cranial nerves innervating extraocular muscles (lateral aspect). 
(Schematic drawing.) 
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25 





Inferior oblique muscle 

Zygomatic nerve 

Inferior branch of oculomotor nerve and 
inferior rectus muscle 

Infraorbital nerve 

Posterior superior alveolar nerves 
Branches of superior alveolar plexus adjacent to 
mucous membrane of maxillary sinus 
Central sulcus of insula 

Superior rectus muscle 

Periorbita (roof of orbit) 

Nasociliary nerve 

Ciliary ganglion 

Oculomotor nerve (n. III) 

Trochlear nerve (n. IV) 

Ophthalmic nerve (n. V;) 

Abducens nerve (n. VI) (divided) 
Trigeminal nerve (n. V) 

Trigeminal ganglion 

Maxillary nerve (n. V>) and foramen rotundum 
Mandibular nerve (n. V3) 

External acoustic meatus 
Pterygopalatine nerves 

Deep temporal nerves 

Buccal nerve 

Masseteric nerve 

Auriculotemporal nerve 

Trochlea and superior oblique muscle 

















Cranial nerves of the orbit (superior aspect). Right side: superficial layer; left side: middle layer of the orbit (superior rectus 
muscle and frontal nerve divided and reflected). Tentorium and dura mater partly removed. 


Cranial nerves at the skull base. The brain stem was divided and the tentorium 
fenestrated. Both hemispheres were removed. 


Frontal sinus (enlarged) 
Frontal nerve (divided and reflected) 
Superior rectus muscle (divided) and eyeball 
Superior oblique muscle 
ary nerves and optic nerve (n. II) 
Nasociliary nerve 
Abducens nerve (n. V1) and lateral 
rectus muscle 
Ciliary ganglion and superior rectus muscle 
(reflected) 
Oculomotor nerve (n. III) 
Trochlear nerve (n. IV) 
Crus cerebri and midbrain 
Inferior wall of the third ventricle connected 
with cerebral aqueduct 
Lateral and medial branch of supraorbital 
nerve 
Supratrochlear nerve 
Superior rectus muscle 
Lacrimal nerve 
Frontal nerve 
Ophthalmic nerve (n. V1) 
Optic chiasma and internal carotid artery 
Trigeminal ganglion 
Trigeminal nerve (n. V) 
Tentorial notch 
Falx cerebri 
Cerebellum 
Infundibulum 
Olfactory tract 














Dissection of the trigeminal nerve in its entirety. Lateral wall of cranial cavity, lateral wall of orbit, zygomatic arch 
and ramus of the mandible have been removed and the mandibular canal opened. 


Frontal lobe of cerebrum 
Supraorbital nerve 
Lacrimal nerve 

Lacrimal gland 

Eyeball 

Optic nerve and short ciliary nerves 
External nasal branch of 
anterior ethmoidal nerve 
Ciliary ganglion 
Zygomatic nerve 
Infraorbital nerve 


Infraorbital foramen and terminal branches 


of infraorbital nerve 


Pterygopalatine ganglion and 
pterygopalatine nerves 

Posterior superior alveolar 

nerves 

Superior dental plexus 

Buccinator muscle and buccal nerve 
Inferior dental plexus 

Mental foramen and mental nerve 
Anterior belly of digastric muscle 
Ophthalmic nerve (n. V,) 
Oculomotor nerve (n. IIT) 
Trochlear nerve (n. IV) 

Trigeminal nerve and pons 


Maxillary nerve (n. V2) 

Trigeminal ganglion 

Mandibular nerve (n. V;) 
Auriculotemporal nerve 

External acoustic meatus (divided) 
Lingual nerve and chorda tympani 
Mylohyoid nerve 

Medial pterygoid muscle 

Inferior alveolar nerve 

Posterior belly of digastric muscle 
Stylohyoid muscle 
Sternocleidomastoid muscle 





Frontal nerve 
Lacrimal gland and eyeball 
Lacrimal nerve 
Lateral rectus muscle 
Ciliary ganglion lateral to optic nerve 
Zygomatic nerve 
Inferior branch of oculomotor nerve 
Ophthalmic nerve (n. V;) 
Maxillary nerve (n. V>) 
Trigeminal ganglion 
Mandibular nerve (n. V;) 
Posterior superior alveolar nerves 
Tympanic cavity, external acoustic 
meatus, and tympanic membrane 
14 Inferior alveolar nerve 
15 Lingual nerve 
16 Facial nerve (n. VII) 
15! / > ; 17 Vagus nerve (n. X) 
Ik P a Ka 18 Hypoglossal nerve (n. XII) and 
; ; superior root of ansa cervicalis 
19 External carotid artery 
20 Olfactory tract (n. I) 
21 Optic nerve (n. Il) (intracranial part) 
: : ~ J 22 Oculomotor nerve (n. III) 
18 a x x : Ss a : 23. Abducens nerve (n. VI) 
: : j : : J 24 Trochlear nerve (n. IV) 
25 Trigeminal nerve (n. V) 
26 Vestibulocochlear nerve (n. VIII) and 
facial nerve (VII) 
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19 27 Glossopharyngeal nerve (n. [X) 
uf J (leaving brain stem) 
ave . 28 Rhomboid fossa 
, AY P pS 7 4 ss ; Se) 7 i 29 Vagus nerve (n. X) (leaving brain stem) 
ee 30 Hypoglossal nerve (n. XII) (leaving 
Cranial nerves in connection with the brain stem. Left side (lateral superior medulla oblongata) 
aspect). Left half of brain and head partly removed. Notice the location of 31 Accessory nerve (n. XI) (ascending 
trigeminal ganglion. from foramen magnum) 


32 Vertebral artery 

33 Spinal ganglion and dura mater 
of spinal cord 

34 Accessory nerve (n. XI) 

35 Internal carotid artery 

36 Lateral and medial branch of 
supraorbital nerve 

37 Infratrochlear nerve 

38 Infraorbital nerve 

39 Pterygopalatine ganglion and 
middle superior alveolar nerve 

40 Middle superior alveolar nerves 
(entering superior dental plexus) 

41 Buccal nerve 

42 Mental nerve and mental foramen 

43 Auriculotemporal nerve 

44 Otic ganglion (dotted line) 

45 Chorda tympani 

46 Mylohyoid nerve 

47 Submandibular gland 

48 Hyoid bone 


}$: 





Main branches of trigeminal nerve. (Schematic drawing of figure on opposite 
page.) 





Dissection of facial nerve in its entirety. Cranial cavity fenestrated; temporal lobe partly removed. 


Facial canal and tympanic cavity opened, posterior wall of external acoustic meatus removed. 
Branches of facial nerve: a = temporal branch; b = zygomatic branches; c = buccal branches; 


d = marginal mandibular branch. 





Facial nerve. (Schematic drawing of the dissection above.) 


Trochlear nerve 

Facial nerve with geniculate ganglion 
Cerebellum (right hemisphere) 
Occipital belly of occipitofrontalis and 
greater occipital nerve 

Facial nerve at stylomastoid foramen 
Splenius capitis muscle 

Cervical branch of facial nerve 
Sternocleidomastoid muscle and 
retromandibular vein 

Orbicularis oculi muscle 

Chorda tympani 

External acoustic meatus 

Facial artery 

Mastoid air cells 

Posterior auricular nerve 

Nucleus and genu of facial nerve 
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A Sylvania 1N34A Germanium diode (top) from 1949 and its modern counterpart. The new diodes are literally a dime a dozen, less 
than one cent each. The 1949 Sylvania diode cost me $9.00 in 2015. It is a duplicate of the one I bought at REE Electronics in 1966. 


The diode was 65 cents in 1966. I can't use the $9.00 diode because I don't want to bend the leads, so I sort of just look at it. 


Of course the radio didn't work without a coil. It did pick up the slightest whisper of KYW AM 1060 mingled with WIBG AM 990. There 


seemed to be some buzzing associated with it, as what I could hear sounded distorted. I HEARD something, that was the really, really neat 
part. It made such an impression on me that I remember the date. July 26, 1966. 


The "problem" with the Alfred P. Morgan books was that they were not written for anybody as dumb as I was. Morgan didn't write, "If 
you can't find the coil you can make one." He just said to go buy a coil. Not only that, but there were no photographs in the book, though 
there were excellent drawings on almost every page. Since I had never seen some of the parts in real life, I didn't know exactly what the 

coil looked like, and I didn't understand what it did. That's because I didn't read the book! I was stuck on page 15. 
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This is the picture of the coil from the book. I didn't know what I was looking at. 


I returned the book to the library and came home with "The Boys' Third Book of Radio and Electronics." I found a simple radio on 


page 104 and soon headed back to REE Electronics. This time, they DID have the coil! I can't remember how much time passed after the 
first non-functioning radio was built. Probably a month or so. 


I asked my dad to cut me a wooden base for the radio. I started building the radio and, if I remember correctly, it took me a long time. I 
didn't have a drill, so any holes in the base were made with the point of a compass. There were three connections that needed soldering. I 


got some solder from the basement, and the tweezers and alcohol lamp from my chemistry set. The tweezers were heated in the flame of 
the lamp till the tips began to glow, then I would quickly solder the joint. 


One day a friend from school named Leo Pound stopped by on his bicycle. This was a bit unusual because Leo lived miles away. I don't 


even know how he knew where I lived. He recently told me (via Facebook) that he remembers helping me build the radio. Odd that it was 
the one and only time he came by. Apparently, we got the radio working that very day. 
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Cranial nerves in connection with the brain stem (oblique-lateral aspect). Lateral portion of the 
skull, brain, neck and facial structures, lateral wall of orbit and oral cavity have been removed. 


The tympanic cavity has been opened. The mandible has been divided and the muscles of 
mastication have been removed. 
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Optic tract 

Oculomotor nerve (n. III) 

Lateral rectus muscle and inferior branch 
of oculomotor nerve 

Malleus and chorda tympani 

Chorda tympani, facial nerve (n. VII), and 
vestibulocochlear nerve (n. VIII) 
Glossopharyngeal nerve (n. X1) 

Lingual nerve and inferior alveolar nerve 
Styloid process and stylohyoid muscle 
Styloglossus muscle 

Lingual branches of glossopharyngeal 
nerve 


Lingual branch of hypoglossal nerve 
External carotid artery 

Superior root of ansa cervicalis (branch of 
hypoglossal nerve) 

Lateral ventricle with choroid plexus and 
cerebral peduncle 

Trochlear nerve (n. IV) 

Trigeminal nerve (n. V) 

Fourth ventricle and rhomboid fossa 
Vagus nerve (n. X) 

Accessory nerve (n. X1) 

Vertebral artery 

Superior cervical ganglion 
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23 
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25 
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28 
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Hypoglossal nerve (n. XII) 

Spinal ganglion with dural sheath 
Dura mater of spinal cord 

Internal carotid artery and carotid 
sinus branch of glossopharyngeal 
nerve 

Dorsal roots of spinal nerve 
Sympathetic trunk 

Branch of cervical plexus (ventral 
primary ramus of third cervical 
spinal nerve) 

Ansa cervicalis 





Lateral superficial aspect of the face. Peripheral distribution of facial nerve. a~d = branches of facial nerve: 
a = temporal branch; b = zygomatic branches; c = buccal branches; d = marginal mandibular branch. 
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Superficial region of the face. Note the facial plexus within the parotid gland. 
(Semischematic drawing.) 


Temporoparietalis muscle 

Parietal branch of superficial temporal 
artery and vein and auriculotemporal 
nerve 

Occipital belly of occipitofrontalis 
muscle and greater occipital nerve 
Facial nerve 

Lesser occipital nerve and occipital 
artery 

Transverse facial artery 

Masseter muscle 

Parotid gland and great auricular nerve 
Sternocleidomastoid muscle and 
external jugular vein 

Splenius capitis muscle 

Branches of cervical plexus 
Trapezius muscle 

Angular artery (terminal portion 

of facial artery) 

Orbicularis oculi muscle 

Levator labii superioris alaeque 

nasi muscle 

Facial artery and zygomaticus 
minor muscle 

Levator anguli oris muscle 
Zygomaticus major muscle 
Orbicularis oris muscle and superior 
labial artery 

Parotid duct 

Risorius muscle and inferior labial 
artery 


Superficial layer of the head and neck. Parotid fascia removed. Branches of facial nerve: 
a = temporal branch; b = zygomatic branches; c = buccal branches; d = marginal 





mandibular branch. 


to page 76 

Depressor labii inferioris muscle 
Depressor anguli oris muscle 
Platysma muscle 

Terminal branches of transverse 
cervical nerve 

Cervical branch of facial nerve 
Orbicularis oris muscle 

Facial artery and vein 
Sternocleidomastoid muscle and 
retromandibular vein 





1 Medial branch of 
supraorbital nerve 
2 Nasalis muscle 
3 Levator labii superioris 
alaeque nasi muscle 
4 Orbicularis oculi muscle 
5 Levator labii superioris 
muscle 
6 Facial artery and vein 
7 Zygomaticus minor and 
major muscle 
8 Transverse facial artery 
9 Orbicularis oris muscle 
10 Buccal nerves, depressor 
labii inferioris muscle, 
facial artery and vein 
11 Parotid gland and duct 
and masseter muscle 
12 Depressor anguli oris muscle 
13. Transverse cervical nerve 
14. External jugular vein 
1S Platysma muscle 
16 Supraclavicular nerve 
17 Galea aponeurotica 
18 Lateral branches of the 
supraorbital nerve 
19 Frontal belly of 
occipitofrontalis muscle and 
branches of superficial 
temporal vein and artery 
20 Superficial temporal artery 
and vein 
21 Auriculotemporal nerve 
22 Zygomatico-orbital artery 
and temporoparietalis 
muscle 
23 Lesser occipital nerve 
24 Occipital belly of 
occipitofrontalis muscle 
25 Occipital vein and occipital 
artery 
26 Great auricular nerve and 
sternocleidomastoid muscle 
27 Trapezius muscle 
28 Greater petrosal nerve 
29 Geniculate ganglion 
30 Chorda tympani 
31 Posterior auricular nerve 
32 Stylomastoid foramen 


Facial nerve. Main branches. 
(Schematic diagram.) 









































Lateral superficial aspect of the face. The parotid gland has been removed to display the ] arotid plexus of the facial nerve. 


a-e = branches of facial nerve: a = temporal branch; b = zygomatic brat 


branch; e = cervical branch. 


buccal branches; d = marginal mandibular 


Superficial temporal artery and 10 Retromandibular vein 23 Orbicularis oculi muscle 
auriculotemporal nerve 11 Hypoglossal nerve and sternocleidomastoid 24 Zygomaticus minor muscle 


Posterior auricular artery and nerve 5 
and temporoparietalis muscle 
Occipital artery 
Facial nerve (n. VII) (parotid plexus | <]) 
Temporal branches 
Zygomatic branches 
Buccal branches 
Marginal mandibular branch 
Cervical branch 
Posterior auricular nerve 
Posterior auricular artery 
Digastric muscle (posterior belly) 
Lesser occipital nerve 
Posterior auricular vein 


artery 25 Buccal fat pad, zygomaticus major muscle, 


Great auricular nerve 
Internal carotid artery 

<ternal carotid artery 
Common carotid artery 

s of cervical plexus 

Superior laryngeal artery and vein 
External jugular vein and 
sternocleidomastoid muscle 


Frontal branch of superficial temporal artery, 


lateral branch of supraorbital nerve. and 
frontal belly of occipitofrontalis muscle 
Medial branch of supraorbital nerve 
Dorsal nasal artery 

Angular artery and nasalis muscle 


and infraorbital nerve 

Orbicularis oris muscle 

Parotid duct and masseter muscle 
Buccal artery and nerve 

Buccinator muscle 

Risorius muscle 

Facial artery and vein 

Submental artery and depressor anguli 
oris muscle 

Mylohyoid nerve and mylohyoid muscle 
Digastric muscle (anterior belly) 
Facial vein and submandibular gland 
Superior thyroid artery 

Sternohyoid muscle 






































Lateral superficial aspect of the face. Masseter muscle and temporal fascia have been partly removed to display the masseteric 
artery and nerve. 


Galea aponeurotica 

Temporal fascia 

Temporalis muscle 

Parietal branch of superficial temporal 
artery 

Auriculotemporal nerve 

Frontal branch of superficial temporal 
artery 

Superficial temporal vein 

Zygomatic arch 

Articular disc of temporomandibular 
joint 


Head of mandible 

Masseteric artery and nerve 
Mandibular notch 

Masseter muscle (divided) 

External carotid artery 

Great auricular nerve 

Facial nerve (reflected) 

Frontal belly of occipitofrontalis muscle 
Medial branch of supraorbital nerve 
Angular artery 

Orbicularis oculi muscle 
Infraorbital nerve 


Zygomaticus major muscle 
Maxillar artery 

Coronoid process 

Parotid duct (divided) 

Buccal nerve 

Facial artery and vein 

Mental nerve 

Mandibular branch of facial nerve 
Cervical branch of facial nerve 
Transverse cervical nerve 
(communicating branch with facial 
nerve) and sternocleidomastoid muscle 





Deep dissection of facial and retromandibular regions. The coronoid process together with the insertions of temporalis muscle 
have been removed to display the maxillary artery. The upper part of the mandibular canal has been opened. 


Parietal branch of the superficial temporal Mylohyoid nerve Masseteric artery and nerve 
artery Posterior belly of digastric muscle Buccal nerve and artery 
Frontal branch of the superficial temporal Great auricular nerve and Lateral pterygoid 

artery sternocleidomastoid 25. Transverse facial artery and 
Auriculotemporal nerve 3 External jugular vein parotid duct (divided) 
Maxillary artery Retromandibular vein Medial pterygoid 
Superficial temporal artery 5 Submandibular gland Facial artery 
Communicating branches between facial Temporal fascia 28 Lingual nerve 

and auriculotemporal nerves Temporalis tendon Inferior alveolar artery and nerve 
Facial nerve 8 Deep temporal arteries (mandibular canal opened) 
Posterior auricular artery and anterior Posterior superior alveolar nerve 

auricular branch of superficial temporal artery Sphenopalatine artery 

Internal jugular vein Posterior superior alveolar arteries 














Frontal belly of occipitofrontalis muscle 
Depressor supercilii muscle 
Temporalis muscle 

Orbicularis oculi muscle 

Nasalis muscle 

Infraorbital artery 

Levator labii superioris alaeque nasi 
muscle 

Zygomaticus minor muscle 

Levator labii superioris muscle 
Infraorbital artery and nerve and 
posterior superior alveolar artery 
Zygomaticus major muscle 

Lingual nerve 

Inferior alveolar artery and nerve 
Buccinator muscle 


Retromandibular region with maxillary artery and branches of trigeminal nerve (n. V). 


Depressor anguli oris muscle 
Medial pterygoid muscle and mylohyoid 
nerve 

Depressor labii inferioris muscle 
Hypoglossal nerve and hyoglossus 
muscle 

Mylohyoid muscle 

Anterior belly of diagastric muscle 
Sternohyoid muscle 

Thyrohyoid muscle 

Galea aponeurotica 

Occipital belly of occipitofrontalis 
muscle 

Lateral pterygoid muscle and deep 
temporal artery 

Maxillary artery 


Internal jugular vein 
Styloglossus muscle 

Splenius capitis muscle 

Posterior belly of diagastric 
muscle and occipital artery 
Superficial temporal artery 
Stylohyoid muscle 

External carotid artery 
Retromandibular vein 

Superior thyroid artery 

Inferior constrictor muscle of the 
pharynx 

Sternocleidomastoid muscle 
Omohyoid muscle 

Common carotid artery and vagus nerve 

















Dissection of deep facial and retromandibular regions after removal of mandible. Pterygoid muscles removed, temporalis muscle 
fenestrated. 


Superficial temporal artery and vein 
and auriculotemporal nerve 
Temporalis tendon, deep temporal 
nerves and artery 
Maxillary artery 
Middle meningeal artery 
Occipital artery 
Inferior alveolar artery and nerve 
Posterior belly of digastric muscle 
Great auricular nerve and 
sternocleidomastoid muscle 
Hypoglossal nerve and superior root of 
ansa cervicalis 
External carotid artery 
Supratrochlear nerve and medial 
branch of supraorbital artery 
Angular artery 
Posterior superior alveolar artery 
Infraorbital nerve 
Facial artery 
Parotid duct (divided) and 

Transverse section through oral cavity and pharynx. The location of buccinator muscle 

inferior alveolar nerve and artery is indicated by a needle. Buccal artery and nerve 














Para- and retropharyngeal regions. The mandible and the lateral wall of the orbit have been removed. The main branches of the 
trigeminal nerve and its ganglion are displayed. 


Mylohyoid nerve 36 =Pharynx 

Lingual nerve and submandibular 37 Tentorium of cerebellum 

ganglion 38 Trigeminal nerve and ganglion 
Mental nerve and mental foramen Mandibular nerve 

Inferior alveolar nerve Superficial temporal artery 
Mylohyoid muscle (divided) and Auriculotemporal nerve and 
hypoglossal nerve middle meningeal artery 

Submental artery and vein Facial nerve (divided) 
Submandibular gland 43 Masseter muscle 

Superior thyroid artery Superior root of ansa cervicalis 
Common carotid artery 5 Lateral branch of supraorbital nerve 
Buccinator muscle Ophthalmic nerve 

Masseter muscle and mandible Lacrimal gland 

Entrance of mandibular canal Ciliary ganglion and short ciliary nerves 
Medial pterygoid muscle Angular artery 

Palatine tonsil 50 Inferior branch of oculomotor nerve 
Oral vestibule Maxillary nerve 

Tongue 52 Infraorbital nerve 

Inferior alveolar nerve, artery and vein 53 Anterior superior alveolar nerve 
Paryngeal constrictor muscle 54 Posterior superior alveolar nerve 
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Retropharyngeal and sublingual regions. The mandible has been completely removed. 


Parietal branch of superficial temporal 
artery 

Auriculotemporal nerve 

Temporalis muscle tendon and zygomatic arch (cut) 
Mandibular nerve (n. V3) 

Middle meningeal artery 

Chorda tympani 

Mylohyoid nerve 

Inferior alveolar nerve 

Lingual nerve 

Posterior auricular artery 

Facial nerve 

Styloglossus muscle (cut) 

Great auricular nerve 

Maxillary artery, external carotid artery, 
and stylopharyngeus muscle 

Posterior belly of digastric muscle 
Styloid process and facial artery 
Vagus nerve (n. X) 

Accessory nerve (n. XI) 

Hypoglossal nerve (n. XII) and 
retromandibular vein (cut) 

Stylohyoid muscle and 
glossopharyngeal nerve (n. IX) 

Facial vein 
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Hypoglossal nerve (n. XII) and 
hyoglossus muscle 

Superior thyroid artery 

Superior laryngeal artery and internal 
laryngeal nerve 

Internal jugular vein 

Common carotid artery and superior 
root of ansa cervicalis 

Inferior pharyngeal constrictor muscle 
Middle temporal artery 

Deep temporal nerves and posterior 
deep temporal artery 

Anterior deep temporal artery 
Masseteric nerve 

Posterior superior alveolar branches of 
maxillary artery and nerve 

Pterygoid branches of mandibular 
nerve 

Posterior superior alveolar artery 
Lateral pterygoid plate and medial 
pterygoid muscle 

Infraorbital nerve and artery 

Buccal nerve 

Facial artery 

Parotid duct 
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Here is the base of the radio made in 1966. 





I found all the original parts except for the tuning capacitor. However, it looked like this one. It's just sitting on the base in this photo, but 
the radio pretty much looked exactly like this. My dad gave me the big tuning knob. The smaller knob came from a lamp in my bedroom. I 
didn't tell my mom you could no longer turn on the lamp, but eventually I found a lamp in somebody's trash and took the knob off to replace 
the one on my lamp. 
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Skin 

Galea aponeurotica 

Pericranium (periosteum) 

Skull with diploe 

Dura mater 

Subdural space 

Arachnoid mater 

Subarachnoid space 

Arachnoid granulations 

Superior sagittal sinus 

Pia mater with cerebral vessels 

12. Falx cerebri 

13. Cerebral cortex 

14 Arachnoid and pia mater with 
cortical vessels 

15 Frontal belly of occipitofrontal muscle 

16 Branch of middle meningeal artery 

17 Lateral and medial branch of 
supraorbital nerve 

18 Orbicularis oculi muscle 

19 Zygomatico-orbital artery 

20 Auriculotemporal nerve, superficial 
temporal artery and vein 

21 Superior auricular muscle 

22 Occipital belly of occipitofrontalis muscle 

23 Branches of greater occipital nerve 

Nerves and blood vessels of the scalp. Scalp and meninges are demonstrated by a 24 Occipital artery and vein 

series of window-like openings. 25 Greater occipital nerve 

26 Sternocleidomastoid muscle 
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A coronal section through the vertex of the skull showing Cross-section of the scalp and the meninges. The subarachnoid 
the arrangement of the meninges and vessels of the brain. space is shown. 

Together the arachnoid mater and the pia mater form the 

leptomeninx. 


40 Levator veli palatini muscle 47 Submandibular duct and genioglossus muscle 

41 Gingiva and buccinator muscle 48 Geniohyoid nerve and muscle 

42 Ascending pharyngeal artery and 49 Mylohyoid muscle 
superior pharyngeal constrictor muscle 50 Anterior belly of digastric muscle 
(pterygopharyngeal part) 51 Hyoid bone 

43 Lingual nerve 52 Thyrohyoid muscle 

44 Submandibular ganglion and tongue 53 Omohyoid muscle (superior belly) 

45 Palatoglossus muscle 54 Sternohyoid muscle 

46 Deep lingual artery 55 Maxillary artery 

















Median sagittal section through the head and neck. 


Falx cerebri Cerebellomedullary cistern 7 Pharyngeal opening of auditory tube 
Corpus callosum and septum pellucidum 5 Dens of the axis (odontoid process) Superior longitudinal muscle of 
Interventricular foramen and for Spinal cord tongue 

Choroid plexus of third ventricle and Superior sagittal sinus 29 Vertical muscle of the tongue 
internal cerebral vein 3 Anterior cerebral artery Uvula 

Third ventricle and interthalamic adhesion Anterior commissure Genioglossus muscle 

Pineal body and colliculi of the midbrain Frontal sinus 2 Pharynx 

Cerebral aqueduct Crista galli 33 Epiglottis 

Mamillary body and basilar artery Optic chiasma 34 Geniohyoid muscle 

Straight sinus 23 Pituitary gland (hypophysis) 5 Mylohyoid muscle 

Fourth ventricle and cerebellum Superior nasal concha 36 Hyoid bone 

Pons and falx cerebelli 25 Middle nasal concha and sphenoid 37 Vocal fold and sinus of larynx 
Medulla oblongata sinus 38 Esophagus 


Central canal Inferior nasal concha 





Dura mater and venous sinuses of the dura mater. The brain has been removed (oblique lateral aspect). 
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Dura mater and venous sinuses 
(left lateral aspect). (Schematic drawing.) 


Falx cerebri 

Position of middle meningeal 

artery and vein 

Internal carotid artery 

Optic nerves (n. II) 1 
Frontal sinus 

Oculomotor nerve (n. III) 


Diploe 

Dura mater 

Superior sagittal sinus \ 

Straight sinus 3 Vay 
; \ \\ 

Trigeminal nerve (n. V) 14 Vhs NWN 

Facial and vestibulocochlear nerve 4 


(n. VII and n. VIII) 

Tentorium cerebelli 

Pituitary gland (hypophysis) 

Inferior sagittal sinus 

Sigmoid sinus 

Confluence of sinuses 

Inferior petrosal sinus 

Transverse sinus 

Superior petrosal sinus 

Cavernous and intercavernous sinuses 
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1 Cranial cavity with dura mater 
(the right cerebral hemisphere 
has been removed) 

2 Frontal sinus 

3 Hypophysial fossa with pituitary 
gland 

4 Sphenoidal sinus 

5 Nasal cavity 

6 Soft palate (uvula) 

7 Oral cavity 

8 Tongue 

9 Skin 

10 Calvaria 

11 Dura mater 

12. Tentorium cerebelli 

13 Confluence of sinuses 

14 Infratentorial space (cerebellum 
and part of the brain stem have 
been removed) 

15 Vertebral canal 

16 Frontal branch of middle 
meningeal artery and veins 

17 Middle meningeal artery 

18 Diploe 

19 Parietal branch of middle 
meningeal artery and vein 

20 Occipital pole of left hemisphere 
covered with dura mater 





Median section through the head. Demonstration of dura mater covering the cranial 
cavity. Brain and spinal cord are removed (right half of the head, as seen from 
medial). 





Dissection of dura mater and meningeal vessels. Left half of calvaria removed. 


Dissection of the brain with pia mater and arachnoid in situ. The head is cut in half 
except for the brain, which is shown in its entirety. 





Brain with pia mater and arachnoid. Frontal pole to the left (lateral aspect). 
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Calvaria and skin of the 
scalp 

Dura mater (divided) 
Position of lateral sulcus 
Frontal lobe covered by 
arachnoid and pia mater 
Frontal sinus 

Olfactory bulb 
Sphenoidal sinus 

Dura mater on clivus and 
basilar artery 

Atlas (anterior arch, 
divided) 

Soft palate 

Tongue 

Epiglottis 

Vocal fold 

Position of central sulcus 
Superior cerebral veins 
Tentorium (divided) 
Cerebellum 
Cerebellomedullary cistern 
Position of foramen 
magnum and spinal cord 
Dens of axis 
Intervertebral disc 


Superior cerebral veins 
Position of central sulcus 
Position of lateral sulcus and 
cistern of lateral 

cerebral fossa 

Frontal pole 

Lateral sulcus (arrow) 
Temporal pole 

Pons and basilar artery 
Vertebral arteries 
Superior anastomotic vein 
Occipital pole 

Inferior cerebral veins 
Hemisphere of cerebellum 
Medulla oblongata 





Brain and brain stem, median section. Frontal pole to the right. 





Median section through the head. (MR-Scan, cf. section on opposite page.) 


Parietal lobe 

Thalamus, third ventricle and 
intermediate mass 

Great cerebral vein 

Occipital lobe 

Colliculi of the midbrain and 
cerebral aqueduct 
Cerebellum 

Medulla oblongata 

Central sulcus 

Corpus callosum 

Frontal lobe 

Fornix and anterior commissure 
Hypothalamus 

Optic chiasma 

Midbrain 

Temporal lobe 

Pons 

Fourth ventricle 

Spinal cord 

Inferior concha and nasal cavity 
Alveolar process of maxilla 
Tongue 

Dens of axis 

Oral part of pharynx 
Alveolar process of mandible 
Epiglottis 





Scheme of brain divisions (cf. table). 

Red = choroidal plexus. (Schematic drawing.) 

1 Telencephalon (yellow) with lateral ventricles 

2 Diencephalon (orange) with III ventricle, 
optic nerve and retina 

3 Mesencephalon (blue) with cerebral aqueduct 

4 Metencephalon (green) with IV ventricle 

5 Myelencephalon (yellow-green) 





| Frontal lobe of cerebrum 
2 Occipital lobe of cerebrum 
3 Corpus callosum 

4 Anterior commissure 

5 Lamina terminalis 

6 Optic chiasma 

7 Hypothalamus 

8 Thalamus and third 

ventricle 

9 Colliculi of the midbrain 
10 Midbrain (inferior portion) 


1 11 Cerebellum 
3 12. Pons 


13. Fourth ventricle 
14 Medulla oblongata 
15 Central canal 
Spinal cord 
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I. Prosencephalon l. 
(forebrain) = 
m 


. Diencephalon (thalamus, 


II. Mesencephalon ———— 3. 


(midbrain) 


II. Rhombencephalon 4. 
(hindbrain) ail 





. Myelencephalon (medulla 


Telencephalon (cerebral 
hemispheres, striatum, etc.) 


metathalamus, hypothalamus, etc. ) 


Mesencephalon (colliculi, 
cerebral peduncles, tegmentum) 


Metencephalon (pons, 
cerebellum) 





oblongata) 





Main divisions of the brain 


I-III = primary brain vesicles; 1-5 = secondary brain vesicles 





Midbrain, pons and medulla oblongata are collectively termed the 


brain stem. 


1 Superior cerebral veins and parietal 
lobe 

2 Frontal lobe 
Superficial middle cerebral vein and 
cistern of lateral cerebral fossa 
Temporal lobe 
Occipital lobe 

6 Inferior cerebral veins and 
transverse occipital sulcus 

7 Inferior anastomotic vein 

8 Cerebellum 

9 Medulla oblongata 





Brain with pia mater. Cerebral veins (bluish). In the lateral sulcus the cistern of 
the lateral fossa is recognizable. Frontal lobe to the left. 





Arteries of the brain. Coronal section. Areas supplied by 
cortical and central arteries. Dotted lines indicate boundaries 
of arterial supply areas; arrows: direction of blood flow. 


q 

Coronal section through the right hemisphere showing 
arachnoid, pia mater, and the arterial blood supply 
(anterior aspect). 





| Anterior cerebral artery 8 Caudate nucleus 15 Pallidostriate artery 
2 Middle cerebral arteries 9 Internal capsule 16 Thalamic artery 

3. Arachnoid 10 Insular lobe 17 Corpus callosum 

4 Cortex 11 Claustrum 18 Pellucid septum 

5 Internal carotid artery 12 Putamen 19 Lateral ventricle 

6 Frontal lobe (white matter) 13. Posterior striate branch 20 Optic chiasm 

7 Posterior cerebral artery 14 Insular artery 


1 Insula 

Middle cerebral artery [2 branches: 
a) Parietal branches, 

b) Temporal branches} 
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3 Basilar artery 

4 Vertebral artery 

5 Central sulcus 

6 Occipital lobe 

7 Superior cerebellar artery 

8 Cerebellum 

9 Anterior cerebral artery 

10 Ethmoidal arteries 

11 Ophthalmic artery 

12 Internal carotid artery 

13. Posterior communicating artery 

14 Posterior cerebral artery 

1S. Anterior inferior cerebellar artery 
16 Posterior inferior cerebellar artery 


Cerebral arteries. Lateral aspect of 
the left hemisphere. The upper part 
of the temporal lobe has been 
removed to display the insula and 
cerebral arteries. 





Arteries of the brain. 


1 Interventricular foramen 

2 Septum pellucidum 

3 Frontal lobe 

4 Anterior cerebral artery 

5 Anterior commissure 

6 Optic chiasma and infundibulum 
Mamillary body 

8 Oculomotor nerve (n. III) 

9 Pons 

10 Basilar artery 

11 Corpus callosum 

12 Fornix 

13. Choroid plexus 

14 Third ventricle 

15 Pineal body 

16 ‘Tectum and cerebral aqueduct 
17 Fourth ventricle 

18 Cerebellum (arbor vitae, vermis) 
19 Median aperture of Magendie 
20 Medulla oblongata 


Median section through the brain 
and brain stem. Cerebral arteries 
injected with red resin. 





1 Anterior communicating 
artery 
Left anterior cerebral artery 
Internal carotid artery 
Pons and left superior 
cerebellar artery 
5 Anterior inferior cerebellar 
artery 
6 Posterior inferior cerebellar 
artery 
7 Medulla oblongata 
3 Right anterior cerebral 
artery 
9 Olfactory tract 
10 Optic nerve 
11 Middle cerebral artery 
12. Infundibulum 
13. Oculomotor nerve and 
posterior communicating 
artery 
14 Posterior cerebral artery 
15 Basilar artery and abducens 
nerve (n. V1) 
16 Anterior spinal artery 
17 Vertebral artery 
18 Cerebellum 
19 Labyrinthine arteries 
20 Posterior spinal artery 
21 Right superior cerebellar 
artery 
22 Olfactory bulb 
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Arteries of the brain (inferior aspect). Frontal pole above; right temporal lobe and 
cerebellum partly removed. 


Arteries of the base of the brain, arterial circle of Willis. 
(Schematic drawing.) 
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Original coil, diode and main tuning knob from the 1966 radio. The wires on the coil were soldered with a pair of red hot tweezers. 


My dad gave me the large knob for the tuning capacitor. He had a second job on the weekends at "John Cusimina's Moving and Storage." 
I've always wondered if he pulled that knob off of somebody's radio while they were moving. I hope not. He probably did. 
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Anterior cerebral artery 
Anterior communicating 
artery 

Middle cerebral artery 
Posterior communicating 
artery 

Oculomotor nerve 
Trochlear nerve 

Posterior cerebral artery 
Trigeminal nerve 

Internal auditory artery 
Facial nerve and 
vestibulocochlear nerve 
Glossopharyngeal nerve and 
vagus nerve 

Hypoglossal nerve 
Accessory nerve 

Anterior inferior cerebellar 
artery 

Falx cerebri 

Optic nerve 

Optic chiasma 
Infundibulum and pituitary 
gland 

Anterior choroidal artery 
and choroid plexus 

Basilar artery 

Abducens nerve 

Vertebral arteries 

Medulla oblongata 
Inferior sagittal sinus 
Tentorium cerebelli 
Superior sagittal sinus and 
confluence of sinuses 
Anterior spinal artery 
Internal carotid artery 
Superior cerebellar artery 
Anterior inferior cerebellar 
artery 

Posterior inferior cerebellar 
artery 

Posterior spinal artery 
Ophthalmic artery 


Arterial circle of Willis (superior aspect). 


(Schematic drawing.) 


1 Central sulcus 

2 Precentral gyrus 

3 Precentral sulcus 

4 Frontal lobe 

5 Anterior ascending ramus of lateral sulcus 
6 Anterior horizontal ramus of lateral sulcus 
7 Lateral sulcus 

8 Temporal lobe 

9 Parietal lobe 
10 Postcentral gyrus 
11 Postcentral sulcus 
12 Occipital lobe 
13. Cerebellum 
14. Superior frontal sulcus 
15 Middle frontal gyrus 
16 Lunate sulcus 
17 Longitudinal fissure 
18 Arachnoid granulations 





Brain, left hemisphere (lateral aspect). Frontal pole to the left. 










Pink = Frontal lobe 
Blue = Parietal lobe 
Green = Occipital lobe 
Yellow = Temporal lobe 


Dark red Precentral gyrus 
Dark blue = Postcentral gyrus 


Brain (superior aspect). Right hemisphere with arachnoid and pia Brain (superior aspect). Lobes of the left 
mater. hemisphere indicated by color; right hemisphere 
is covered with arachnoid and pia mater. 





Brain, left hemisphere (lateral aspect). Main cortical areas are colored. 
The lateral sulcus has been opened to display the insula and the inner surface of 
the temporal lobe. 





Brain, left hemisphere (lateral aspect). Frontal pole to the left. 
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Premotor area 

Somatomotor area 

Motor speech area of Broca 
Acoustic area 

(red: high tone; blue: low tone) 
Somatosensory area 

Sensory speech area of Wernicke 
Reading comprehension area 
Visuosensory area 


Precentral gyrus 
Precentral sulcus 
Superior frontal gyrus 
Central sulcus 

Middle frontal gyrus 
Inferior frontal gyrus 
Ascending ramus 


‘ of lateral 
Horizontal ramus 


‘ sulcus 
Posterior ramus 


Superior temporal gyrus 
Middle temporal gyrus 
Inferior temporal gyrus 
Parietal lobule 
Postcentral sulcus 
Postcentral gyrus 
Supramarginal gyrus 
Angular gyrus 

Occipital lobe 
Cerebellum 

Horizontal fissure of cerebellum 
Medulla oblongata 





Brain, right hemisphere (medial aspect). Frontal pole to the left 
(midbrain divided, cerebellum and inferior part of brainstem removed). 





Brain (inferior aspect). Midbrain divided. Cerebellum and inferior part of brain 
stem removed. Frontal pole at the top. 
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Precentral gyrus 
Precentral sulcus 
Cingulate sulcus 
Cingulate gyrus 

Sulcus of corpus callosum 
Fornix 


7 Genu of corpus callosum 

8 Interventricular foramen 

9 Intermediate mass 

10 Anterior commissure 

11 Optic chiasma 

12. Infundibulum 

13. Uncus hippocampi 

14 Postcentral gyrus 

15 Body of corpus callosum 

16 Third ventricle and thalamus 
17 Stria medullaris 

18 Parietooccipital sulcus 

19 Splenium of corpus callosum 
20 Communication of calcarine and 

parietooccipital sulcus 
21 Calcarine sulcus 
22 Pineal body 
23 Mamillary body 
24 Parahippocampal gyrus 
25 Olfactory bulb 
26 Olfactory tract 
27 Gyrus rectus 
28 Optic nerve 
29 Infundibulum and optic chiasma 
30 Optic tract 
31 Oculomotor nerve 
32 Pedunculus cerebri 
33 Red nucleus 
34 Cerebral aqueduct 
35 Corpus callosum 
36 Longitudinal fissure 
7 Orbital gyri 
38 Lateral root of olfactory tract 
39 Medial root of olfactory tract 
40 Olfactory tubercle and anterior 
perforated substance 

41 Tuber cinereum 
42 Interpeduncular fossa 
43 Substantia nigra 
44 Colliculi of the midbrain 
45 Lateral occipitotemporal gyrus 
46 Medial occipitotemporal gyrus 
Pink = Frontal lobe 
Blue = Parietal lobe 
Green = Occipital lobe 
Yellow = Temporal lobe 
Dark red = Precentral lobe 
Dark blue = Postcentral lobe 
Orange = Limbic cortex 


(cingulate and 
parahippocampal 
gyri) 





Brain (sagittal section). Frontal pole to the left. 





Brain, with pia mater and blood vessels (inferior aspect). 
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Precentral gyrus 

Cingulate gyrus 

Cingulate sulcus 

Septum pellucidum 

Genu of corpus callosum 

Fornix 

Frontal lobe 

Anterior commissure 
Hypothalamus 

Optic chiasma 

Infundibulum 

Oculomotor nerve 

Uncus 

Temporal lobe 

Pons 

Central sulcus 

Postcentral gyrus 

Body of corpus callosum 
Interventricular foramen (arrow) 
Parietooccipital sulcus 
Intermediate mass 

Splenium of corpus callosum 
Pineal body 

Calcarine sulcus 

Colliculi of midbrain 

Cerebral aqueduct 

Occipital lobe 

Mamillary body 

Fourth ventricle 

Vermis of cerebellum 

Right hemisphere of cerebellum 
Median aperture of Magendie (arrow) 
Medulla oblongata 

Olfactory tract 

Optic nerve 

Internal carotid artery 
Interpeduncular cistern 
Superior cerebellar artery 
Anterior inferior cerebellar artery 
Vertebral artery 

Posterior inferior cerebellar artery 
Basilar artery 

Trigeminal nerve (n. V) 

Facial nerve (n. VII) 

Accessory nerve (n. XI), 
hypoglossal nerve (n. XII) 
Cerebellum 


Cerebellum (inferior anterior aspect). The cerebellar peduncles have been severed. 


Cerebellum (inferior posterior aspect). 








Median section through the cerebellum. Right cerebellar hemisphere and right half of vermis. 


Superior cerebellar peduncle 
Middle cerebellar peduncle 
Cerebellar tonsil 

Inferior semilunar lobule 
Vermis 

Central lobule of vermis 
Inferior cerebellar peduncle 
Superior medullary velum 
Nodule of vermis 

Flocculus 

Biventral lobule 

Left cerebellar hemisphere 
Inferior semilunar lobule 
Biventral lobule 

Vermis of cerebellum 
Tuber of vermis 

Pyramid of vermis 

Uvula of vermis 

Tonsil of cerebellum 
Floccule of cerebellum 
Right cerebellar hemisphere 
Vermis (central lobule) 
Cerebellar lingula 

Ala of central lobule 
Superior cerebellar peduncle 
Fastigium 

Fourth ventricle 

Middle cerebellar peduncle 
Nodule of vermis 

Flocculus of cerebellum 
Cerebellar tonsil 

Culmen of vermis 

Declive of vermis 

Tuber of vermis 

Inferior semilunar lobule 
Pyramis of vermis 

Uvula of vermis 








Brain and cerebellum (inferior aspect). Parts of the cerebellum have been removed 
to display the dentate nucleus and the main pathway to the midbrain 
(cerebellorubral tract). 
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Dissection of the cerebellar peduncles and their connection with midbrain 
and diencephalon. A small part of pulvinar thalami (*) has been cut to show 
inferior brachium. 


Olfactory bulb 

Olfactory tract 

Lateral olfactory stria 
Anterior perforated substance 
Infundibulum (divided) 
Mamillary body 

Substantia nigra 

Pedunculus cerebri 

Red nucleus 

Decussation of superior cerebellar 
peduncle 

Cerebellar hemisphere 
Medial olfactory stria 

Optic nerve 

Optic chiasma 

Optic tract 

Posterior perforated substance 
Interpeduncular fossa 
Superior cerebellar peduncle 
and cerebellorubral tract 
Dentate nucleus 

Vermis of cerebellum 
Cingulate gyrus 

Corpus callosum 

Stria terminalis 

Septum pellucidum 

Columna fornicis 

Cerebral peduncle at midbrain level 
Pons 

Inferior olive 

Medulla oblongata with lateral 
pyramidal tract 

Occipital lobe 

Calcarine sulcus 

Thalamus 

Inferior colliculus with brachium 
Medial lemniscus 

Superior cerebellar peduncle 
Inferior cerebellar peduncle 
Middle cerebellar peduncle 
Cerebellar hemisphere 





Dissection of the brain I. The fiber system of the corpus callosum has been 
displayed by removing the cortex lying above it. Frontal pole at top. 





Dissection of the brain II. The lateral ventricles and subcortical nuclei of the 


brain are dissected. The corpus callosum has been partly removed. Frontal pole 
at the top. 
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Lateral longitudinal stria 

of indusium griseum 

Medial longitudinal stria 

of indusium griseum 

Cerebellum 

Radiating fibers of the corpus callosum 
Forceps minor of corpus callosum 
Forceps major of corpus callosum 


Splenium of corpus callosum 


Longitudinal cerebral fissure 
Genu of corpus callosum 

Head of caudate nucleus and 
anterior horn of lateral ventricle 
Cavum of septum pellucidum 
Septum pellucidum 

Stria terminalis 

Choroid plexus of lateral ventricle 
Splenium of corpus callosum 
Calcar avis 

Posterior horn of lateral ventricle 
Thalamus (lamina affixa) 
Commissure of fornix 

Vermis of cerebellum 





Dissection of the brain II (superior view of lateral ventricle and subcortical nuclei of the brain). Corpus callosum partly 


removed. At right, the entire lateral ventricle has been opened, the insula with claustrum, extreme and external capsules have 


been removed, exposing the lentiform nucleus and the internal capsule. 
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Lateral longitudinal stria 

Medial longitudinal stria 

Genu of corpus callosum 

Head of caudate nucleus 
Septum pellucidum 

Stria terminalis 

Thalamus (lamina affixa) 
Choroid plexus of third ventricle 
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10 
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13 
14 


15 


Choroid plexus of lateral ventricle 


Splenium of corpus callosum 
Posterior horn of lateral ventricle 
Anterior horn of lateral ventricle 
(head of caudate nucleus) 
Putamen of lentiform nucleus 
Internal capsule 

Inferior horn of lateral ventricle 


Pes hippocampi 

Crus of fornix 

Vermis of cerebellum with arachnoid and 
pia mater 

Interventricular foramen 

Right column of fornix 


Collateral eminence 


Lateral longitudinal stria 
Medial longitudinal stria 
Corpus callosum 


WN — 


Septum pellucidum 

5 Insular gyri 

6 Thalamostriate vein 

7 Anterior tubercle of thalamus 

8 Thalamus 

9 Medullary stria of thalamus 

10 Habenular trigone 

11 Habenular commissure 

2 Vermis of the cerebellum 

13. Left hemisphere of cerebellum 

14 Head of caudate nucleus 

15 Columns of fornix 

16 Putamen of lentiform nucleus 

7 Internal capsule 

18 Taenia of choroid plexus 

19 Stria terminalis and thalamostriate 
vein 

20 Lamina affixa 

21 Third ventricle 

22 Pineal body 

23 Superior and inferior colliculus 

of midbrain 





Dissection of the brain IVa. Temporal lobe, fornix and the posterior corpus 
callosum have been removed (this part of the specimen is depicted below). 
Frontal pole at top (superior aspect). 


1 Inferior horn of lateral ventricle 
2 Hippocampal digitations 

3 Collateral eminence 

4 Splenium of corpus callosum 

5 Calcar avis 

6 Posterior horn of lateral ventricle 
7 Uncus of parahippocampal gyrus 
8 Body and crus of fornix 

9 Parahippocampal gyrus 

10 Pes hippocampi 

11 Dentate gyrus 

12. Hippocampal fimbria 

13. Lateral ventricle 
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Dissection of the brain IVb. Depicted is the portion of the 
brain removed from the specimen above. Temporal lobe and 





limbic system (superior aspect). Columns of fornix are served. 
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CRYSTAL SETS 5: EXPERIMENTAL CRYSTAL SETS 





Picture 1 - The Complete Experimental Crystal Set 


THE POPULARITY of the crystal radio arises from its simplicity, and the fact that it needs no power supply. The 
circuit here allows for easy experiments with tuning, aerial and diode coupling, and frequency coverage. Wrong 
connections can cause no damage to any components. 


A Crystal Set is more often than not used for the reception of medium and long wave radio, but short wave 
reception is also quite feasible. It will normally be possible to receive some of the stronger international radio 
stations. 


This is adapted from an article that appeared in the 1970's in Everyday Electronics, and gave me almost endless 
hours of fun! 


BASIC CIRCUIT 

The basic circuit is shown in Picture 2 below. The coil L1 can be air cored, or have a ferrite rod placed in its 
winding. The variable capacitor C1, in conjunction with aerial-earth capacitance, tunes the circuit to resonate with 
the wanted radio station frequency. The diode D1 "detects" or demodulates the radio signal so that the programme 
is heard in the earpiece. 


This basic circuit can be modified in various ways to obtain better performance. 
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Dissection of the limbic system. Left side, lateral aspect. Corpus callosum has been cut in the median plane. 


and the left hemisphere have been partly removed. 





Main pathways of limbic and olfactory system. (Schematic 
drawing.) Blue = afferent pathways; red = efferent pathways. 
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Body of fornix 

Septum pellucidum 
Lateral longitudinal stria 
Genu of corpus callosum 
Column of fornix 

Medial olfactory stria 
Olfactory bulb and 
olfactory tract 

Optic nerve 

Anterior commissure 
(left half) 

Right temporal lobe 
Lateral olfactory stria 
Amygdala 

Body of corpus callosum 
Interthalamic adhesion 
Third ventricle and right 
thalamus 
Mamillothalamic tract 
Part of the thalamus 
Habenular commissure 
Pineal body 

Splenium of corpus 
callosum 

Colliculi of midbrain 
Vermis of cerebellum 
Stria terminalis 





The left thalamus 


Mamillary body 

Fimbria of hippocampus 
and pes hippocampi 
Left optic tract and 
lateral geniculate body 
Lateral ventricle and 
parahippocampal gyrus 
Collateral eminence 
Hippocampal digitations 
Supracallosal gyrus 
(longitudinal stria) 

Stria medullaris thalami 
Thalamus 

Red nucleus 
Mamillotegmental tract 
Dorsal longitudinal 
fasciculus (Schiitz) 





Median section through the diencephalon. Medial part of the thalamus 
and septum pellucidum have been removed to show the fornix and 
mamillothalamic tract. 





Median section through the diencephalon and midbrain; location of 
hypothalamic nuclei. 
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Position of main hypothalamic nuclei. (Schematic diagram.) 
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Paraventricular nucleus 
Preoptic nucleus 

Ventromedial nucleus | Hypothalamic 
Supraoptic nucleus nuclei 
Posterior nucleus 

Dorsomedial nucleus 
Mamillary body 

Corpus callosum 

Lateral ventricle (showing caudate 
nucleus) 

Anterior commissure 

Column of fornix 

Optic chiasma 

Crus of fornix 

Medullary stria of thalamus 
Thalamus and interthalamic 
adhesion 

Mamillothalamic tract 

of Vicq d’Azyr 

Cerebral peduncle 

Pineal body 

Tectum of midbrain 

Lamina terminalis 


1 Circular sulcus of insula 
2 Long gyrus of insula 

3 Short gyri of insula 

4 Limen insulae 

5 Opercula (cut) 


a Frontal operculum 
b Frontoparietal operculum 
c Temporal operculum 
Corona radiata 
7 Lentiform nucleus 
8 Anterior commissure 
9 Olfactory tract 
10 Cerebral arcuate fibers 
11 Optic radiation 
12 Cerebral peduncle 
13. Trigeminal nerve (n. V) 
14 Flocculus of cerebellum 
~ 15 Pyramidal tract 





Insula (Reili). The opercula of the frontal, parietal and temporal lobes 16 Decussation of pyramidal tract 
have been removed to display the insular gyri. Left hemisphere. 17 Internal capsule 

18 Optic tract 

19 Optic nerve (n. IT) 

20 Infundibulum 

21 Temporal lobe (right side) 
22 Mamillary bodies 

23 Oculomotor nerve (n. III) 


24 Transverse fibers of pons 


<] Corona radiata and internal capsule, 
left hemisphere. Lentiform nucleus 
removed (frontal pole to the left). 





1 Corona radiata 
2 Anterior horn of lateral 
ventricle 
3 Head of caudate nucleus 
4 Putamen 
5 Anterior commissure 
6 Olfactory tract 
7 Amygdala 
8 Hippocampal digitations 
9 Internal capsule 
10 Calcar avis 
11 Posterior horn of lateral 
ventricle 
12. Choroid plexus of lateral 
ventricle 
13. Caudal extremity of caudate 
nucleus 
14 Thalamus 
15 Cerebral arcuate fibers 
16 Globus pallidus (remnants) 





Dissection of the subcortical nuclei and internal capsule, left hemisphere (lateral aspect). 
Frontal pole to the left. The lateral ventricle has been opened, and the insular gyri and 
claustrum have been removed, revealing the lentiform nucleus and the internal capsule. 





Dissection of the subcortical nuclei (lateral aspect). Lentiform nucleus removed, frontal 
pole to the left. 


Putamen 

Genu of corpus callosum 
Anterior cerebral artery 
Anterior commissure 
Subcallosal area 

Amygdala 

Olfactory tract 

Optic nerve (n. II) 

Internal carotid artery and 
infundibulum 

Oculomotor nerve 

(right and left nerve, n. III) 
Basilar artery 

Pons and trigeminal nerve (n. V) 
Abducens nerve (n. VI) 
Facial nerve (n. VII) 
Vestibulocochlear nerve (n. VIII) 
Hypoglossal nerve (n. XII) 
Olive 

Pyramidal tract 

Internal capsule 

Posterior cerebral artery 
Cerebral peduncle 

Colliculi of midbrain 
Trochlear nerve (n. IV) 
Superior cerebellar peduncle 


Fe ‘ A 25 Inferior cerebellar peduncle 
Brain stem and the connections with the cerebellum. Internal capsule (lateral aspect). 7 ‘iis aie a aide 
29 I ie cere u 


Red = pyramidal tract; yellow = middle cerebellar peduncle; green = inferior cerebellar 27 Glossopharyngeal nerve (n. IX) 
peduncle; pink = superior cerebellar peduncle. 28 Vagus (n. X) and accessory 





nerves (n. XI) 
29 Corpus callosum 
30 Lateral ventricle (anterior horn) 
31 Caudate nucleus 
32 Internal capsule (anterior limb) 
33 Insula 
34 Claustrum 
35 Thalamus 
36 Superior and inferior colliculus 
of midbrain 
37 Cerebellum 
38 Middle peduncle of cerebellum 
(efferent tracts) 
39 Medulla oblongata 
(afferent tracts) 
40 Putamen of lentiform nucleus 
41 Globus pallidus of 
lentiform nucleus 
42 Genu and posterior limb 
of internal capsule 





Internal capsule and subcortical nuclei. Left brain, frontal pole to the left, horizontal 
section. (Semischematic drawing.) Blue = afferent tracts; red = efferent tracts. 


Central part of the lateral ventricle 

Interventricular foramen of Monro 

3 Anterior horn of the lateral ventricle 

4 Site of interthalamic adhesion 

5 Notch for anterior commissure 

6 Third ventricle 

Optic recess 

8 Notch for optic chiasma 

9 Infundibular recess 

10 Inferior horn of lateral ventricle with indentation 
of amygdaloid body 

11 Lateral recess and lateral aperture of Luschka 

12. Suprapineal recess 

13. Pineal recess 

14 Notch for posterior commissure 

15 Posterior horn of lateral ventricle 

16 Cerebral aqueduct 

Fourth ventricle 





. : 24s . 8 Median ape > of Magendie 
Cast of ventricular cavities of the brain (lateral aspect), nS: “Median aperture of Magendie 


‘ : 19 Cerebellomedullary cistern 
frontal pole to the left. “ 


20 Superior sagittal sinus 

21 Inferior sagittal sinus 

22 Intervaginal space of optic nerve 

23 Arachnoid granulations of Pacchioni 
24 Straight sinus 





< Position of ventricular cavities. (Schematic drawing.) 
The direction of flow of cerebrospinal fluid is indicated by 
arrows. 
Green = Right lateral ventricle 
Red = Choroidal plexus 





Cast of ventricular cavities (posterior aspect). Cast of ventricular cavities (superior aspect). Frontal pole at top. 


| Internal capsule 

2 Head of the caudate nucleus 
3 Olfactory trigone 

4 Olfactory tracts 

Optic nerves 
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6 Infundibulum 

7 Oculomotor nerve 

8 Amygdaloid body 

9 Pons 

10 Trigeminal nerve 

11 Facial and vestibulocochlear nerves 
2 Hypoglossal nerve 

13. Glossopharyngeal and vagus nerves 
14 Olive 

15 Medulla oblongata 

16 Lentiform nucleus 

17 Anterior commissure 

18 Tail of caudate nucleus 

19 Superior colliculus 

20 Inferior colliculus 

21 Trochlear nerve 

22 Superior cerebellar peduncle 
Inferior cerebellar peduncle 
24 Middle cerebellar peduncle 
25. Accessory nerve (n. X1) 

26 Columns of fornix (divided) 
27 Lamina affixa 

28 Third ventricle 

29 Pulvinar of thalamus 

30 Inferior brachium 





31 Frenulum veli 
32 Superior medullary velum 
33 Facial colliculus 


Brain stem (left lateral aspect). Cerebellar peduncles have ee A. 

been severed, cerebellum and cerebral cortex have been removed. os Steias -thecullanes dnd chombon tosse 
—-— 35 Hypoglossal triangle 

36 Stria terminalis and thalamostriate vein 

37 Habenular trigone 

38 Choroid plexus of lateral ventricle 

39 Pineal body 

40 Medial geniculate body 

41 Cerebral peduncle 

42 Choroid plexus of fourth ventricle 

43 Clava 

44 Dorsal root of cervical nerve 

45 Cuneate tubercle 

46 Lateral geniculate body 





Brain stem (dorsal aspect). Cerebellum removed. 





Coronal section through the brain at the level of the anterior commissure. 


Section 1. 





Coronal section through the brain at the level of the third ventricle and the 
interthalamic adhesion. Section 2. 
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Corpus callosum 

Head of caudate nucleus 

Internal capsule 

Putamen 

Globus pallidus 

Anterior commissure 

Optic tract 

Amygdaloid body 

Inferior horn of lateral ventricle 
Lateral ventricle 

Septum pellucidum 

Lobus insularis (insula) 

External capsule 

Column of fornix 

Optic recess 

Infundibulum 

Thalamus 

Claustrum 

Lenticular ansa 

Third ventricle and hypothalamus 
Basilar artery and pons 

Cortex of temporal lobe 

Inferior colliculus 

Superior colliculus 

Cerebral aqueduct 

Red nucleus 

Substantia nigra 

Cerebral peduncle 

Trochlear nerve (n. IV) 

Gray matter 

Nucleus of oculomotor nerve 
(nucleus of Edinger- Westphal) 
Fibers of oculomotor nerve (n. III) 
Vermis of cerebellum 

Fourth ventricle 

Reticular formation 

Pons and transverse pontine fibers 
Emboliform nucleus 

Dentate nucleus 

Middle cerebellar peduncle 
Choroid plexus 

Hypoglossal nucleus at rhomboid fossa 
Medial longitudinal fasciculus 
Irigeminal nerve (n. V.) 

Inferior olivary nucleus 
Corticospinal fibers and arcuate fibers 
Fourth ventricle with choroid plexus 
Vestibular nuclei 

Nucleus and tractus solitarius 
Inferior cerebellar peduncle (restiform 
body) 

Reticular formation 

Medial lemniscus 

Cuneate nucleus of Burdach 
Central canal 

Pyramidal tract 

Flocculus of cerebellum 

Cerebellar hemisphere with pia mater 
“Arbor vitae” of cerebellum 
Nucleus gracilis of Goll 

Lateral recess of choroid plexus 

of [Vth ventricle 

Posterior inferior cerebellar artery 
Choroid plexus of lateral ventricle 





Cross-section of the midbrain (mesencephalon) at the level Cross-section of the rhombencephalon at the level of the 
of the superior colliculus (superior aspect). Section 4. olive (inferior aspect). Section 6. 





Cross-section through the rhombencephalon at the level of Cross-section through medulla oblongata and cerebellum 
pons (inferior aspect). Section 5. (inferior aspect). Section 7. 
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36 





Coronal section at the level of inferior colliculus Right half of the brain. Levels of the sections 
(posterior aspect). Section 3. are indicated. 





Horizontal section through the head. Horizontal section through the head. 
Section 1. Section 2. 


| Skin of scalp 

2 Calvaria (diploe of the skull) 

3 Falx cerebri 

4 Gray matter of brain (cortex) 

5 Dura mater 

6 White matter of brain 

7 Arachnoid and pia mater with vessels 
8 Subdural space (slightly expanded due to 

shrinkage of the brain) 

9 Superior sagittal sinus 
10 Anterior horn of lateral ventricle 
11 Septum pellucidum 
12 Choroid plexus 
13. Thalamus 
14 Splenium of corpus callosum 
15 Parietal lobe 

16 Frontal lobe 

17 Anterior cerebral artery 

18 Genu of corpus callosum 

19 Caudate nucleus 
20 Central part of lateral ventricle 
21 Stria terminalis 
22 Occipital lobe 





MR-Scan of the human head at the level of section 2. 


1/8/2018 Crystal Sets 5 - Experimental Crystal Set 
EARPHONE 


As most constructors will be using a Crystal Earpice to listen to the crystal set it is essential that a 47k Ohm resistor 
is connected across the earphone terminals (TB1/1 and TB1/2 in the diagram), i.e. in parallel with the earphone, 
otherwise results will be very quiet. 


A High Impedance headset of 20k Ohms (20,000 Ohms) may give even better results, but these are very difficult to 
obtain , so unless you happen to already own such a headset the Crystal Earphone with 47k resistor will be the only 
option. An ordinary magnetic earpiece or Walkman headphones will not work with a crystal set. 


ASSEMBLY 


Construction is of a 'breadboard' type using a wooden board of about 165 x 130 mm. A 12-way block connector, 
TB1, is used to connected together the components and this is screwed onto the wooden’ board. The use ofa 
block connector provides an easy method of connecting the components together and then subsequently 
rearranging them as the experiments progress. 


Tuning capacitor C1 is screwed to a bracket made of some scrap metal which is then also screwed firmly down to 
the baseboard, see Picture 1 above. Thin plywood screwed to the front edge of the baseboard would also provide 
a suitable method of fixing the tuning capacitor to the base. A knob with pointer is fitted to C1, and a scale is drawn 
and fitted behind this. 


Except for C1, all connections are made by the terminals of the 12-way terminal block as shown in Picture 4. 
Loosen the screws with a small screwdriver, insert the bared ends of the wires, and tighten the screws. The various 
locations on the terminal block, TB1, are also shown in the circuit diagram, Picture 2. 


AERIAL AND EARTH 


Crystal receivers need a long wire aerial preferably strung outside and about 25m long, or as long as is possible to 
install. If this is outside it should be high and clear of earthed objects as this will improve performance. 


An earth is absolutely essential for a crystal set to work properly. The earth lead can be run to an earth rod or spike 
that is buried to a depth of about 1 meter into damp soil. Or it may be soldered to a bare metal can which is buried 
in damp soil. 


It is feasible, though not recommended, that the earth lead can be connected to the earthing terminal of a hi-fi 
system or even to the bare metal case of a personal computer that is plugged into an earthed mains outlet, but is 
switched OFF. 


Stranded, insulated wire, or purpose made aerial wire can be used for the aerial and earth leads. 





Picture 2 - The Basic Circuit Picture 3 - Photo Of The General Layout 
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Horizontal section through the head at the level of third 
ventricle of internal capsule and neighbouring nuclei. 
Section 3. 





Caudate nucleus 

Lobus insularis (insula) 
Lentiform nucleus 

Claustrum 

External capsule 

Internal capsule 

Thalamus 

Straight sinus (sinus rectus) 
Superior sagittal sinus 

Skin of scalp 

Falx cerebri 

Calvaria (diploe of skull) 

Genu of corpus callosum 
Anterior horn of lateral ventricle 
Septum pellucidum 

Column of fornix 

Choroid plexus of third ventricle 
Splenium of corpus callosum 
Entrance to inferior horn of lateral ventricle with 


choroid plexus 
Optic radiation 
Third ventricle 





MR-Scan at the corresponding level to the above figure. Sagittal section through the head. Levels of the 
Section 3. horizontal sections are indicated. 





Horizontal section through the brain, showing the subcortical nuclei and internal 


capsule. Section 1. 


Horizontal section through the head. Section 2. 


1 Genu of corpus callosum 

2 Head of caudate nucleus 

3 Putamen 

4 Claustrum 

5 Globus pallidus 

6 Third ventricle 

Thalamus 

8 Pineal body 

9 Splenium of corpus callosum 

10 Choroid plexus of the lateral 
ventricle 

11 Anterior horn of lateral ventricle 

2 Cavity of septum pellucidum 

13. Septum pellucidum 

14 Anterior limb of internal capsule 

15 Column of fornix 

16 External capsule 

17 Lobus insularis (insula) 

18 Genu of internal capsule 

19. Posterior limb of internal capsule 


20 Posterior horn of lateral ventricle 


21 Anterior commissure 
22 Optic radiation 
23 Falx cerebri 


24 Maxillary sinus 

25 Position of auditory tube 

26 Tympanic cavity 

27 External acoustic meatus 

28 Medulla oblongata 

29 Fourth ventricle 

30 Cerebellum (left hemisphere) 


31 Temporomandibular joint 
32 Tympanic membrane 
33 Base of cochlea 


34 Mastoid air cells 
35 Sigmoid sinus 
36 Vermis of cerebellum 


37 Intermediate mass 





Horizontal section through the head. Section 4. 
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Horizontal section through the head. Section 3. 
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Horizontal section through the head. (CT-Scan.) Section 3. 








Upper lid (tarsal plate) 
Lens 

Ethmoidal sinus 

Optic nerve (n. II) 
Internal carotid artery 


Infundibulum and pituitary gland 


Temporal lobe 
Basilar artery 


Pons (cross section of brain stem) 
Cerebral aqueduct (beginning of fourth ventricle) 


Vermis of cerebellum 
Straight sinus 

Transverse sinus 

Nasal septum 

Eyeball (sclera) 

Nasal cavity 

Lateral rectus muscle 
Sphenoidal sinus 
Oculomotor nerve (n. III) 
Tentorium of cerebellum 
Skin of scalp 

Calvaria 

Occipital lobe 

Striate cortex (visual cortex) 





Sagittal section through the head. 
Levels of the horizontal sections are indicated. 
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Longitudinal section through the right temporal bone I. The outer and middle ear and auditory ossicles and tube are shown 
(anterior aspect). 





Outer ear 
Auricle 

Lobule of auricle 
Helix 
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Tragus 
5 External acoustic meatus 


Middle ear 
6 Tympanic membrane 
7 Malleus 
8 Incus 
9 Stapes 
10 Tympanic cavity 
11 Mastoid process 


1 12 Auditory tube 
13. Tensor tympani muscle 
Inner ear 
3 14. Anterior semicircular duct 
15 Posterior semicircular duct 
4 16 Lateral semicircular duct 
17 Cochlea 
18 Vestibulocochlear nerve 
5 19 Petrous part of the temporal bone 
Additional structures 
2 20 Superior ligament of malleus 


21 Arcuate eminence 

22 Internal carotid artery 

23 Anterior surface of pyramid with dura 
mater 

24 Stapes 

25 Levator veli palatini muscle 
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Right auditory and vestibular apparatus (anterior aspect). 
(Schematic drawing.) 


Longitudinal section through the right outer, middle and inner ear I. The cochlea and semicircular canals h 


dissected (anterior aspect). 
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Internal acoustic meatus, left side. The bone 
bottom of the meatus. 





was partly removed to show the 





ave been further 


Roof of tympanic cavity 

Lateral osseous semicircular canal 
Facial nerve 

Incus 

Malleus 

External acoustic meatus 
Tympanic cavity and tympanic 
membrane 

Vestibulochochlear nerve 
Anterior osseous semicircular canal 
Geniculate ganglion and greater 
petrosal nerve 

Cochlea 

Stapes 

Tensor tympani muscle 

Auditory tube 

Levator veli palatini muscle 

Area of facial nerve 

Superior vestibular area 
Transverse crest 

Foramen singulare 

Foraminous spiral tract (outlet of 
cochlear part of vestibulocochlear 
nerve) 


Base of cochlea 


Longitudinal section through the outer, middle and inner ear III. Deeper dissection to display facial nerve and lesser and greater 


petrosal nerves (anterior aspect). 


Anterior osseous semicircular canal (opened) 
Posterior osseous semicircular canal 
Lateral osseous semicircular canal (opened) 
Facial nerve and chorda tympani 
External acoustic meatus 
Auricle 
Facial nerve 
Trigeminal nerve 
Bony base of internal acoustic meatus 
Internal carotid artery within cavernous sinus 
Helix Cochlea 
Scaphoid fossa Facial nerve with geniculate ganglion 
Triangular fossa 3 Greater petrosal nerve 
Concha Lesser petrosal nerve 
Antihelix 5 Tympanic cavity 
Tragus Auditory tube 
Antitragus Levator veli palatini muscle 
Intertragic notch 3 Internal carotid artery, internal jugular vein 
Right auricle (lateral aspect). Lobule Styloid process 
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Right temporal bone (lateral aspect). Petrosquamous portion has been partly 
removed to display the semicircular canals. 





Right temporal bone (lateral aspect). Mastoid air cells and facial canal had been 
opened. The 3 semicircular canals were dissected. 


Anterior semicircular canal (red) 
Posterior semicircular canal 
(yellow) 

Lateral or horizontal semicircular 
canal (green) 

Fenestra vestibuli 

Fenestra cochleae 

Tympanic cavity 

Mastoid process 

Petrotympanic fissure (red probe: 
chorda tympani) 

Lateral pterygoid plate 

Mastoid air cells 

Facial canal (blue) 

Foramen ovale 

Carotid canal (red) 

Tympanic ring 

Petromastoid part of temporal bone 
Squamous part of temporal bone 
Squamomastoid suture 
Zygomatic process of temporal 
bone 

Incisure of tympanic ring 
Promontory 

Apex of cochlea (cupula) 

Spiral canal of cochlea at base 

of cochlea 

Epitympanic recess 

Auditory ossicles and tympanic 
cavity 

Hypotympanic recess 
Canaliculus chordae tympani 
(green probe) 

Mastoid process 

Canaliculus for stapedius nerve (red) 
Cochlea 

Canaliculus mastoideus (red probe) 





Right temporal bone of the newborn (lateral aspect). Frontal section through petrous part. (CT-Scan.) 


Head of malleus 

Anterior ligament of malleus 
Tendon of tensor tympani muscle 
Handle of malleus 
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Short crus of incus 
Long crus of incus 
Chorda tympani 
Lenticular process 
Tympanic membrane 
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1 Tympanic antrum 

2 Lateral semicircular canal (opened) 

3 Facial canal 

4 Stapes with tendon of stapedius 

5 Mastoid air cells 

Chorda tympani (intracranial part) 

7 Greater petrosal nerve 

8 Tensor tympani muscle (processus 
cochleariformis) 
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9 Lesser petrosal nerve 

10 Anterior tympanic artery 

11 Middle meningeal artery 

5 12 Auditory tube 

13. Promontory with tympanic plexus 
14. Fenestra cochleae 





Tympanic cavity, medial wall. External auditory meatus and lateral wall 

of tympanic cavity together with incus. Malleus and tympanic membrane 

have been removed; mastoid air cells are opened (left side). 

; | Tympanic membrane 

2 Chorda tympani (intracranial part) 
3 Floor of the external acoustic meatus 
4 Facial nerve and facial canal 

5 Incus 

Head of malleus 

Mandibular fossa 

8 Spine of sphenoid 

9 Chorda tympani (extracranial part) 
10 Styloid process 


Tympanic membrane (lateral aspect). External acoustic meatus 
and facial canal have been opened to expose the chorda 
tympani (magn. ~1.5x) (left side). 
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Anterior surface of the pyramid 
Mastoid antrum 

Lateral semicircular canal 
Cochleariform process 

External acoustic meatus 

Jugular fossa 

Foramen lacerum 

Apex of petrous part 

Position of cochlea (modiolus with 
crista spiralis ossea) 


24 25 26 27 


Carotid canal 

Pterygoid process 
Anterior semicircular duct 
Facial nerve 

Geniculate ganglion 
Greater petrosal nerve 
Lesser petrosal nerve 
Internal carotid artery 
Mastoid air cells 

Lateral semicircular duct 
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27 


Frontal section through the petrous 
part of the left temporal bone at the 
level of the cochlea (posterior 
aspect). Position of tympanic 
membrane indicated by dotted line. 


Medial wall of tympanic cavity 

and its relation to neighboring 
structures of the inner ear, facial 
nerve, and blood vessels. (Schematic 
drawing.) Frontal section through 
the right temporal bone (anterior 
aspect). 


Posterior semicircular duct 
Stapes with stapedius muscle 
Stylomastoid foramen 

Inferior recess of tympanic cavity 
(hypotympanon) 

Internal jugular vein 

Promontory with tympanic plexus 
(position of cochlea) 

Tensor muscle of tympanum 
Auditory tube 


Tympanic cavity with malleus, incus and stapes, left side 
(lateral aspect). Tympanic membrane removed, mastoid 


antrum opened. 





Position and movements of the auditory 
ossicles. (Schematic diagram. ) 
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Malleus 

Head 

Neck 

Lateral process 
Handle 


Incus 

Articular facet for malleus 
Long crus 

Short crus 

Body 


Lenticular process 


Stapes 
Head 
Neck 


Anterior and posterior crura 


Base 


Walls of tympanic cavity 
Tympanic membrane 
Promontory 


Hypotympanic recess of tympanic cavity 


Auditory ossicles (isolated). 





Chain of auditory ossicles in connection with the inner ear, 
left side (anterior-lateral aspect). 





Internal ear (labyrinth) 
Lateral semicircular duct 
Anterior semicircular duct 
Posterior semicircular duct 
Common crus 

Ampulla 

Beginning of endolymphatic duct 
Utricular prominence 
Saccular prominence 
Incus 

Malleus 

Stapes 


Cochlea 


Tympanic cavity 
Epitympanic recess 
Mastoid antrum 

Chorda tympani 

Tendon of stapedius muscle 


Round window (fenestra cochleae) 


1/8/2018 Crystal Sets 5 - Experimental Crystal Set 
INDUCTORS (The Tuning Coils) 


The following four coils are suggested for initial use as L1 : 


Coil 1: Make a thin card tube to slide on a 10mm diameter ferrite rod, and on this tube wind about 105 turns of 32 
s.w.g. enamelled copper wire, side by side. Secure ends with sticky tape. 


Coil 2: Make a similar coil to to coil 1 having about 15 turns of 24 s.w.g. enamelled wire on the card tube. Loops of 
cotton will help hold the ends in place. 


Coil 3: Wind 9 turns of 20 s.w.g. bare tinned copper wire on an object about 20mm in diameter. Remove and stretch 
to separate the turns, to obtain a coil about 25mm long. 


Coil 4: Make a similar coil to coil 3, but with 5 turns. 
The Ferrite Rod 


It will be necessary to have a ferrite rod of about 60mm to 75mm long available. Coils 1 and 2 will provide 
reception of medium wave and the longer short wave bands. Coil 3 should cover about 3 - 10MHz shortwave with 
the ferrite placed in it, or about 6 - 18MHz with the ferrite rod removed. Coil 4 should cover about 6 -13MHz with 
the rod in, and about 9 - 2OMHz without the' rod. 


It will be noted that as the ferrite rod is inserted, any particular signal has to be re-tuned by opening Cl. This arises 
because the ferrite increases the inductance of the winding, so less parallel capacitance is needed for the same 
resonant frequency. 


EFFICIENCY CHECKS 


Tune in a m.w. transmission using coil 1 which gives good headphone volume. Place a microammeter or multi- 
range meter on a sensitive range in series with the headphones. A reading of 50-100uUA or more may be obtained, 
depending on aerial, earth, earphone resistance and resistor value, coil and detector efficiency and strength of 
signals at your locality. 


Placing the ferrite rod in the coil and re-tuning should boost the meter reading to some extent. Surplus or other 
detector diodes can be tried by substituting them in turn and noting the meter reading. Improvements to the aerial 
(or earth) will also show up as arise in meter reading. 


If experimenting with a crystal earpiece, which gives no direct current circuit, the meter may be clipped across the 
phone leads, i.e. D1 cathode to earth. 


http://www.mds975.co.uk/Content/crystalsets5.html 3/21 


| Ampulla (anterior 16 External acoustic meatus 


semicircular canal) 17 Mastoid air cells 
2 Elliptical recess 18 Tympanic cavity and fenestra 
1 3 Aqueduct of the vestibule cochleae (probe) 
2 4 Spherical recess 19 External acoustic meatus 
3 5 Cochlea 20 Facial canal 
4 6 Base of cochlea 21 Base of cochlea and 
7 Anterior semicircular canal canalis musculotubarius 


8 Crus commune or common 22 Malleus and incus 
limb 23 Stapes 
6 9 Lateral semicircular canal 24 Tympanic membrane 
10 Posterior bony ampulla 25 Tympanic cavity 
11 Posterior semicircular canal 26 Aqueduct of cochlea 
(posterior canal) 27 Saccus endolymphaticus 
8 12. Fenestra cochleae 28 Ductus endolymphaticus 
13. Bony ampulla 29 Macula of utricle 
14 Fenestra vestibuli 30 Macula of saccule 





15 Cupula of cochlea 





Cast of the right labyrinth (lateral aspect). Cast of the labyrinth and mastoid cells. 


Life size (posterior aspect). 
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25 


26 
Dissection of bony labyrinth in situ. Semicircular canals and Auditory and vestibular apparatus. Arrows: direction of sound 
cochlear duct opened. waves: blue = perilymphatic ducts. (Schematic diagram.) 








Bony labyrinth, petrous part of the temporal bone (from above). At left: semicircular canals opened, at right closed. 


Arrows: internal acoustic meatus. 


Facial canal and semicanal of auditory tube 9 Posterior semicircular canal 
Superior vestibular area 10 Groove for sigmoid sinus 

Foramen ovale 11 Sigmoid sinus 

Foramen lacerum 12 Tympanic cavity 

Cochlea 13. Auditory tube 

Vestibule 14 Mastoid air cells 

Anterior semicircular canal 15 Facial and vestibulocochlear nerves 
Lateral semicircular canal 16 Temporal fossa 


17 
18 
19 
20 


21 


Fenestra vestibuli 
Promontory 
Zygomatic process 
Fenestra cochleae 
Mastoid process 





Bony labyrinth (left lateral aspect). Temporal and tympanic Internal ear. Diagram showing the position of the 


bone partly removed, semicircular canals opened. 


membranous labyrinth and the tympanic cavity. 


1 Left lateral ventricle 
and corpus callosum 
Thalamus 
Pineal gland (epiphysis) 
Superior colliculus 
5 Anterior cerebellar velum and 
superior cerebellar peduncle 
6 Rhomboid fossa 
7 Vestibulocochlear nerve (n. VIII) 
Dorsal acoustic striae and 
inferior cerebellar peduncle 
9 Insular lobe 
10 Caudate nucleus and thalamus 
11 Temporal lobe (superior temporal 
gyrus) (area of acoustic centers) 
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12. Transverse temporal gyri of 
Heschl (area of primary acoustic 
centers) 

13. Acoustic radiation of internal 
capsule 


14 Lateral geniculate body and 
optic radiation (cut) 

15 Medial geniculate body and 
brachium of inferior colliculus 

16 Inferior colliculus 

17 Cerebral peduncle 

18 Lateral lemniscus 

19 Middle cerebellar peduncle 

20 Dorsal (posterior) cochlear 





nucleus 
21 Ventral (anterior) cochlear 
Dissection of the brain stem showing the acoustic pathway. Cerebellum and nucleus 
posterior part of the two hemispheres have been removed (dorsal aspect). 22 Inferior olive with tractus olivo- 


cochlearis of Rasmussen (red) 

23 Ganglion spirale 

24 Obex 

25 Frontal lobe 

26 ‘Temporal lobe 

27 Middle temporal gyrus (area of 
tertiary acoustic centers) 

28 Trapezoid body 





Acoustic pathway (schematic drawing, compare with figure above). Acoustic areas in the left hemisphere 
(superior lateral aspect). Parts of the frontal 
and parietal lobe have been removed. 








Frontal section through the posterior part of the orbit. 
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Sagittal section through orbit and eyeball. 


Frontal bone 
Nasal bone 
Lacrimal bone 
Maxilla (frontal process) 
5 Ethmoidal foramina 
6 Lesser wing of sphenoid bone 
and optic canal 
7 Superior orbital fissure 
8 Greater wing of sphenoid bone 
9 Orbital process of palatine bone 
10 Orbital plate of ethmoid bone 
11 Inferior orbital fissure 
12. Infraorbital sulcus 
13. Nasolacrimal canal 
14 Zygomatic bone 
1S Frontal sinus 
16 Superior rectus muscle 
17 Orbital fatty tissue 
18 Optic nerve 
19 Sclera 
20 Inferior rectus muscle 
21 Periorbita and maxilla 
22 Maxillary sinus 
23 Levator palpebrae superioris 
muscle 
24 Superior conjunctival fornix 
25 Superior tarsal plate 
26 Inferior tarsal plate 
27 Inferior conjunctival fornix 
28 Inferior oblique muscle 
29 Lateral rectus muscle 
30 Medial rectus muscle 
31 Superior oblique muscle 
32 Nasal septum 
33. Middle nasal concha 
34 Inferior nasal concha 
35 ‘Tenon’s space 
36 Ophthalmic artery 
37 Cornea 
38 Lens 
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Sagittal section through orbit 
and eyeball. (MR-Scan.) 
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Horizontal section through the human eye (2). Anterior segment of the eyeball (posterior aspect). 
The opacity of the lens is an artifact. 
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Cornea and anterior chamber 
Iris and lens 
Transitional zone between corneal 


werner 


and conjunctival epithelium 
4 Conjunctiva of the eyeball 
5 Ciliary body 
a Ciliary processes (pars plicata) 








b Ciliary ring (pars plana) 
. 6 Zonular fibers 
Organization of the eyeball. Demonstration of vascular tunic of bulb. 7 Ora serrata 
(Schematic drawing.) 8 Vitreous body 
16 17 9 Retina 
10 Choroid 
11 Selera 
12 Optic disc 








13. Dura mater and subarachnoid space 
14 Optic nerve (n. II) 
15 Lens (posterior pole) 
16 Equator of lens 
17 Lens (anterior pole) 
18 Canal of Schlemm 
19 Ciliary muscle 
20 Vena vorticosa 
21 Long posterior ciliary artery 
22 Retinal pigmented epithelium 
3. Central retinal artery and vein 
24 Short posterior ciliary arteries 
15 25 External ocular muscle 
Lens (equatorial aspect), Lens (frontal aspect). Note the 26 Anterior ciliary artery 
anterior pole to the right. magnification effect. 27 Iris . 
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Fundus of a normal right eye (courtesy of Prof. 
Dr. R. Okamura, Univ. Eye Dept., Kumamoto/Japan). Notice, 
the arteries are smaller and lighter than the veins. 





25 29 28 
Fluorescent angiography of the right eye; retinal vessels. The 
same eye as above. (Courtesy of Prof. Dr. R. Okamura, Univ. 
Eye Dept., Kumamoto/Japan.) 





Diagram of the ophthalmic artery and its branches. 





Anterior segment of the human eye (courtesy of Prof. 
Dr. G.O.H. Naumann, Eye Dept., University of Erlangen, 
FRG). Note the colored iris and the anterior lens surface. 
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Posterior and anterior ethmoidal arteries 
Long and short posterior ciliary arteries 
Optic nerve and ophthalmic artery 


Central retinal artery 
Retinal arteries 
Supratrochlear artery 
Supraorbital artery 

Dorsal nasal artery 
Anterior ciliary artery 
Iridial arteries 

Circulus arteriosus major of iris 
Iridial fold 

Pupillary margin of iris 
Anterior pole of lens 
Lesser circle of iris 
Greater circle of iris 
Margin of cornea or limbus 
Sclera 


Superior temporal artery and vein of retina 
Superior nasal artery and vein of retina 


Superior macular artery 

Optic disc 

Inferior macular artery 

Inferior temporal artery and vein 
Fovea centralis and macula lutea 
Superior temporal artery 
Superior nasal artery 
Inferior nasal artery 
Inferior temporal artery 


of retina 
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Schematic diagram of the extraocular muscles. 
Right orbit (from above). Levator palpebrae 
superioris muscle has been severed. 





Right orbit with eyeball and extraocular muscles 
(from above). The roof of the orbit has been 
removed, the superior rectus muscle and the 
levator palpebrae superioris muscle have been 
severed. 
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The action of the extraocular muscles. 
Left orbit (anterior aspect). 
Superior rectus muscle D Lateral rectus muscle 


Inferior oblique muscle E Inferior rectus muscle 
Medial rectus muscle F Superior oblique muscle 
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Left orbit with eyeball and extraocular muscles 
(anterior aspect). Lids, conjunctiva and lacrimal 
apparatus have been removed. 


Superior oblique muscle 12 Levator palpebrae superioris 
and ethmoid air cells muscle 

Medial rectus muscle 13. Superior rectus muscle 
Trochlea 14. Optic nerve (extracranial part) 
Tendon of superior oblique muscle 15 Lateral rectus muscle 
Superior rectus muscle 16 Nasolacrimal duct 

Cornea 17 Inferior oblique muscle 
Eyeball 18 Nasal bone 

Optic chiasma 19 Maxilla 

Optic nerve (intracranial part) 20 Infraorbital foramen 
Internal carotid artery and nerves 

Common annular tendon 21 Zygomatic bone 


22 Inferior rectus muscle 


Extraocular muscles and their nerves (lateral aspect of left eye). Lateral rectus divided and reflected. 


Left orbit with extraocular muscles (anterior aspect). 
Eyeball removed. 


Supraorbital nerve 

Cornea 

Insertion of lateral rectus muscle 
Eyeball (sclera) 

Inferior oblique muscle 


Inferior rectus muscle and inferior branch of oculomotor 


nerve 
Infraorbital nerve 

Superior rectus muscle and lacrimal nerve 
Optic nerve 

Lateral rectus muscle 

Ciliary ganglion and abducens nerve (n. VI) 
Oculomotor nerve (n. III) 


Extraocular eye muscles (anterior-lateral aspect). 


Trochlear nerve (n. IV) 

Ophthalmic nerve (n. V,) and maxillary nerve (n. V3) 
Trochlea and tendon of superior oblique muscle 
Superior oblique muscle 

Medial rectus muscle 

Levator palpebrae superioris muscle 

Superior rectus muscle 

Inferior rectus muscle 

Greater alar cartilage 

Supraorbital nerve and levator palpebrae superioris muscle 
Levator labii superioris muscle 





Dissection of the visual pathway (inferior aspect). Frontal pole at top, midbrain divided. 


Medial olfactory stria 
Olfactory trigone 
Lateral olfactory stria 
Anterior perforated substance 
Oculomotor nerve (n. IL) 
Mamillary body 
Cerebral peduncle 
Lateral geniculate body 

sdial geniculate body 


Splenium of the corpus 
callosum (commissural fibers) 
Cuneus 

Olfactory bulb 


Olfactory tract 

Optic nerve (n. II) 
Infundibulum 

Anterior commissure 
Genu of optic radiation 
Optic tract 
Interpeduncular fossa and 
posterior perforated substance 
Trochlear nerve (n. IV) 
Substantia nigra 

Cerebral aqueduct 

Visual cortex 

Line of Gennart 

Gyrus of striate cortex 
Calcarine sulcus 











Frontal section of the striate cortex at the level 
of the striate area in the occipital lobe. 


1 Upper lid 

2 Cornea 

3 Eyeball (sclera, retina) 

4 Head of optic nerve 

5 Optic nerve 

6 Optic chiasma 

Infundibular recess of hypothalamus 

8 Amygdaloid body 

9 Substantia nigra and crus cerebri 

10 Cerebral aqueduct 

11 Vermis of cerebellum 

12 Falx cerebri 

13 Lateral rectus muscle 

14 Optic canal 

15. Internal carotid artery 

16 Optic tract 

17 Hippocampus 

18 Inferior horn of lateral ventricle 

19 Tentorium cerebelli 

20 Optic radiation of Gratiolet 

21 Visual cortex (area calcarina, 
striate cortex) 

22 Lens 

23 Eyeball 

24 Ethmoidal cells 

25 Optic nerve with dura sheath 

26 Cerebral peduncle 

27 Aqueduct of mesencephalon 

28 Vermis of cerebellum 





Horizontal section through the head at the level of optic chiasma and striate 
cortex (superior aspect). Note the relationship of hypothalamic infundibulum 
to optic chiasma. 





Horizontal section through the human head Diagram of the visual pathway and path of the light reflex. 
(MR-Scan, courtesy of Prof. W. J. Huk, Erlangen, FRG). 
Arrows = branches of arterial circle of Willis. 
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Picture 4 - Baseboard Layout Of The Crystal Set 


AERIAL COUPLING 


The aerial loads the tuned circuit heavily when connected directly to the top of the tuned circuit, as in Picture 2. 
This damps the tuning action and it can be found that stations spread out all over the dial, which is unsatisfactory. 


The series capacitor, C2 connected in Picture 5(a) reduces the loading and thus improves the sharpness of the 
tuning. A variable or pre-set capacitor of about 250pF maximum is most suitable. for this role, though it is possible 
to experiment with a variety of fixed value capacitors in this range also. 


Connecting the aerial to a tapping on the coil, as in Picture 5 (b) also sharpens tuning. It may also increase 
volume. Try about 2 turns from earth for coil 4, or 4 turns from earth for coil 3. 


Another method is to have a coupling primary, as in Picture 5 (c). This consists of a second coil, with about one 
third the turns of the original wound on top of the existing coil. 


You can even combine these methods to find what arrangement best suits the aerial in use. 
The diode can be disconnected from the end of L1 and taken to a spare position on TB1 for example location 
TB1/9. You can then run a flying-lead fitted with a crocodile clip from this position, connecting it to various tappings 


on the coil as required as in Picture 5 (d). This method also reduces loading on the tuned circuit. 


Coils with spaced turns of bare wire are readily tapped. For other coils, small loops can be made every ten turns or 
so, and crocodile clips can be attached to these when selecting tapping points. 
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Picture 5 - Alternative Methods Of Aerial Coupling 
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3-D-Reconstruction of the human visual system (MR-Image flash 40°, courtesy of Prof. 53 


W. J. Huk, University of Erlangen, FRG). 





29 Lateral rectus muscle 

30 Medial rectus muscle 

31 Temporalis muscle 

32 Hypophysis (pituitary gland) 

33. Midbrain 

34 Ciliary nerves (long and 
short) 

35 Ciliary ganglion 

36 Oculomotor nerve 

37 Accessory oculomotor 
nucleus 

38 Colliculi of midbrain 

39 Corpus callosum 

40 Visual field 

41 Retina 

42 Lateral geniculate body 

43 Frontal lobe 

44 Caudate nucleus 

45 Medial rectus muscle 

46 Lateral rectus muscle 

47 Skin 

48 Diploe (skull) 

49 Dura mater 

50 Thalamus 

51 Anterior cerebral artery 

52 Nucleus caudatus 

Frontal sinus 

54 Internal capsule 

55 Lentiform nucleus (putamen) 

56 Hippocampus 

57 Temporal lobe of left 
hemisphere 


Dissection of brain stem in situ. Left hemisphere has been partly removed (compare with 
MR-Image above). 


In binocular vision the visual field (40) is projected upon 
portions of both retinae (blue and red in the drawing). In 
the chiasma the fibers from the two retinal portions are 
combined to form the left optic tract. The fibers of the two 
eyes remain separated from each other throughout the 
entire visual pathway up to their final termination in the 
calcarine cortex (21). Injuries on the optic pathway 
produce visual defects whose nature depends on the loca- 
tion of the injury. Destruction of one optic nerve produces 
blindness in the corresponding eye with loss of pupillary 


light reflex. If lesions of the chiasma destroy the crossing 
fibers of the nasal portions of the retina, both temporal 
fields of vision are lost (bitemporal hemianopsia). If 
both lateral angles of the chiasma are compressed, the 
nondecussating fibers from the temporal retinae are 
affected resulting in loss of nasal visual fields (binasal 
hemianopsia). Lesions posterior to the chiasma (i.e., optic 
tract, lateral geniculate body, optic radiation or visual 
cortex) result in a loss of the entire opposite field of 
vision (homonymous hemianopsia). 


Superficial layer of the left orbit (superior aspect). The 
roof of the orbit and a portion of the left tentorium have been 


removed. 
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Lateral branch of frontal nerve 
Lacrimal gland 

Lacrimal vein 

Lacrimal nerve 

Frontal nerve 

Superior rectus 

Middle cranial fossa 
Abducens nerve (n. VI) 
Trigeminal nerve (n. V) 


Trochlear nerve (intracranial part) (n. [V) 
Frontal sinus 

Levator palpebrae superioris muscle 
Branches of supratrochlear nerve 
Olfactory bulb 

Superior oblique muscle 

Trochlear nerve (intraorbital part) (n. [V) 
Optic nerve (intracranial part) 

Pituitary gland and infundibulum 


Middle layer of the left orbit (superior aspect). The roof 
of the orbit has been removed and the superior 
extraocular muscles have been divided and reflected. 


Dorsum sellae 

Oculomotor nerve (n. III) 
Midbrain 

Tendon of superior oblique muscle 
Eyeball 

Vena vorticosa 

Short ciliary nerves 

Optic nerve (extracranial part) 
Trigeminal ganglion 





Middle layer of the left orbit (superior aspect). 
The roof of the orbit and the superior extraocular 


muscles have been removed. 


Ophthalmic artery 

Superior ophthalmic vein 

Nasociliary nerve 

Levator palpebrae superioris muscle 
(reflected) 

Superior rectus muscle (reflected) 
Lateral branch of supraorbital nerve 
Lacrimal nerve and artery 

Lateral rectus muscle 
Meningolacrimal artery (anastomosing 
with middle meningeal artery) 








Deeper layer of the left orbit (superior aspect). The optic nerve 
has now been removed. 


Trochlea 

Medial branch of supraorbital nerve 
Medial rectus muscle 

Anterior ethmoidal artery and nerve 
Long ciliary nerve 

Superior oblique muscle and trochlear 
nerve 

Common tendinous ring 

Olfactory tract 

Basilar artery and pons 


Optic nerve (external sheath of optic 
nerve, divided) 

Ciliary ganglion 

Ophthalmic nerve (divided, reflected) 
Inferior branch of oculomotor nerve 
and inferior rectus muscle 

Superior branch of oculomotor nerve 
Internal carotid artery 





Eyelids (superficial layer, right side). 


Supraorbital artery, supraorbital nerve, lateral branch 
Lacrimal gland 
Aponeurosis of levator palpebrae superioris muscle 
Arterial arch of upper eyelid 
Lateral palpebral ligament 
Supratrochlear artery, supratrochlear nerve 
Upper eyelid, tarsal plate 
Lacrimal sac 
9 Medial palpebral ligament 
10 Angular artery and vein 
11 Infraorbital artery, vein and nerve 
12. Orbicularis oculi muscle 
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Lacrimal apparatus of left eye (anterior aspect). 
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Eyelids (deeper layer, left side). 


Infratrochlear nerve 

Levator labii superioris alaeque nasi muscle 
Facial artery and vein 

Superior lacrimal canaliculus 

Inferior lacrimal canaliculus 

Lacrimal papilla and punctum 

Lacrimal bone 

Lacrimal duct 

Mucous membrane of nasal cavity 
Palpebral conjunctiva of lower eyelid 
Lacrimal sac and superior lacrimal canaliculus 
Lateral fixation of levator aponeurosis 
Infraorbital foramen 





Lacrimal apparatus of left eye (anterior aspect). 
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Nasal septum. Mucous membrane removed. 





Nasal septum. Dissection of nerves and vessels. 
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Crista galli 

Pituitary gland and 
sella turcica 

Sphenoidal sinus 
(relatively large) 

Tubal elevation 
Pharyngeal opening 

of the auditory tube 
Pharyngeal recess 

Atlas (anterior arch) 
Soft palate 

Frontal sinus 
Perpendicular plate of 
ethmoid 

Cartilage of nasal septum 
Vomer 

Hard palate 

Nasal branch of anterior 
ethmoidal artery and 
anterior ethmoidal nerve 
Nasopharynx 

Nasal septum 

Olfactory nerves 

Septal artery 

Crest of nasal septum 
Incisive canal 

Anterior ethmoidal artery 
Olfactory bulb 
Olfactory tract 

Internal carotid artery 
Posterior nasal and septal 
arteries 

Nasopalatine nerve 
Choana (arrow) 

Tongue 


Sphenoidal sinus 
Superior meatus 
Middle meatus 
Tubal elevation 
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5 Pharyngeal tonsil 

6 Pharyngeal orifice of 
auditory tube 

7 Salpingopharyngeal fold 


8 Pharyngeal recess 

9 Soft palate 

10 Uvula 

11 Frontal sinus 

12. Sphenoethmoidal recess 


13. Superior nasal concha 

14 Middle nasal concha 

1S Inferior nasal concha 

16 Vestibule 

17 Inferior meatus 

18 Hard palate 

19 Grooves for the middle 
meningeal artery and 
parietal bone (light green) 

20 Maxillary hiatus 

21 Perpendicular process of 
palatine bone 

22 Openings of ethmoidal air 
cells 

23. Opening of frontal sinus 

24 Medial pterygoid plate (red) 

25 Horizontal plate of palatine 





process 

Lateral wall of the nasal cavity, septum removed. 26 si air cells 

27 Maxillary sinus 

28 Nasal septum 

29 Pterygoid hamulus 

30 Nasal bone (white) 

31 Frontal process of maxilla 
(violet) 

32 Palatine process of maxilla 
(violet) 

33 Nasal atrium 





Bones of left nasal cavity, medial aspect. Schematic diagram showing the position of paranasal 
sinuses, openings indicated by arrows. 


Median section through the head with nasal and oral cavity. The middle and inferior nasal conchae have been partly removed to 
show the openings of paranasal sinuses. 





1 Great cerebral vein (Galen’s vein) 6 Pharyngeal tonsil 

2 Tectum of midbrain 7 Cerebellomedullary cistern 
3 Straight sinus 8 Median atlantoaxial joint 
4 Sphenoidal sinus 9 Spinal cord 

5 Cerebellum 10 Oral part of pharynx 


29 16 11 Falx cerebri 


12. Corpus callosum and anterior cerebral 
artery 

13. Frontal sinus 

14 Optic chiasm and pituitary gland 

15 Superior nasal concha and ethmoidal 
bulla 

16 Semilunar hiatus 

17 Accessory openings to maxillary sinus 
and cut edge of middle nasal concha 

18 Vestibule 

19 Opening of nasolacrimal duct 

20 Inferior nasal concha (cut) 

21 Opening of auditory tube 

22 Incisive canal 


Ws 


ea » uff 23 Levator veli palatini muscle 
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24 Salpingopharyngeal fold 

25 Lingual nerve and submandibular 
ganglion 

Submandibular duct 

Nasofrontal duct 

Nasolacrimal duct 
Sphenoethmoidal recess 

(of Rosenmiiller) 
Salpingopalatine fold 
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Lateral wall of nasal cavity. Openings indicated by red arrows. 
(Schematic drawing.) 


w 
—) 





Nerves of the lateral wall of nasal cavity I. Sagittal section through the head. Mucous 
membranes partly removed, pterygoid canal opened. 





Arteriogram of the nasal septum, left side (lateral aspect). 
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Facial nerve 

Internal carotid artery and 
internal carotid plexus 
Superior cervical ganglion 
Vagus nerve 

Sympathetic trunk 

Optic nerve and ophthalmic 
artery 

Oculomotor nerve 

Internal carotid artery and 
cavernous sinus 

Sphenoidal sinus 

Nerve of the pterygoid canal 
Pterygopalatine ganglion 
Descending palatine artery 
Lateral inferior posterior nasal 
branches and lateral posterior 
nasal and septal arteries 
Greater palatine nerves and 
artery 

Lesser palatine nerves and 
arteries 

Branches of ascending 
pharyngeal artery 

Lingual artery 

Epiglottis 

Sella turcica 

Posterior lateral nasal and 
septal arteries (branches of 
sphenopalatine artery) 
Median atlanto-axial joint 
Soft palate and lesser palatine 
arteries (branches of descending 
palatine artery) 

Frontal sinus 

Anterior meningeal artery 
Anterior ethmoidal artery 
(branch of ophthalmic artery) 
Septal branch of anterior 
ethmoidal artery 

Dorsal nasal artery 

Nasal branches of anterior 
ethmoidal artery 

Incisive canal with nasopalatine 
artery 

Hard palate and greater 
palatine artery (branch of 
descending palatine artery) 
Tentorium cerebelli 
Trochlear nerve 

Trigeminal nerve with motor 
root 

Internal carotid plexus 
Lingual nerve with chorda 
tympani 

Medial pterygoid muscle and 
medial pterygoid plate 
Inferior alveolar nerve 
Sympathetic trunk 
Oculomotor nerve 

Palatine nerves 

Tongue 

Tringeminal ganglion 
Trigeminal nerve (n. V) 
Facial nerve (n. VII) 
Geniculate ganglion 
Stylomastoid foramen 
Medial pterygoid muscle 


48 Greater petrosal nerve 

49 Maxillary nerve 

50 Olfactory bulb 

51 Olfactory nerves 

52. Internal nasal branches 
of anterior ethmoidal 
nerve 

53 Lateral superior 
posterior nasal branches 

54 Lateral inferior 
posterior nasal branches 

55 Incisive canal with 
nasopalatine nerve 

56 Greater palatine nerve 

57 Deep petrosal nerve 

58 Mandibular nerve 

59 Nasal cavity and 
inferior nasal concha 

60 Opening of auditory tube 

61 Tensor veli palatini muscle 

62 Levator veli palatini muscle 

63 Pharyngeal recess in the 
nasopharynx 

64 Uvula 

65 Palatoglossal arch 

66 Tonsillar branch of 
ascending palatine artery 

67 Palatine tonsil 

68 Palatopharyngeal arch 





Nerves of the lateral wall of nasal cavity I. Carotid canal opened, mucous membranes of 
pharynx and nasal cavity partly removed. 
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Dissection of palatine tonsil located in the lateral wall Nerves of the lateral wall of nassal cavity. Body of sphenoid 
of the nasopharynx (left side). Root of tongue reflected. bone appears transparent (schematic drawing). 


Horizontal section through the nasal cavity, the orbits and temporal lobes of the brain at the level of pituitary gland. 
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Cornea 

Lens 

Vitreous body (eyeball) 
Head of optic nerve 

Medial rectus muscle 

Lateral rectus muscle 

Optic nerve with dural sheath 
Internal carotid artery 
Pituitary gland and infundibulum 
Oculomotor nerve 

Superior tarsal plate of eye lid 
Fornix of conjunctiva 

Nasal cavity 

Sclera 

Ethmoidal sinus 

Nasal septum 

Sphenoidal sinus 

Temporal lobe 

Clivus 

Middle cranial fossa 

External acoustic meatus 
Superior sagittal sinus 

Falx cerebri 

Superior rectus and levator 
palpebrae superioris muscles 
Eyeball and lacrimal gland 
Inferior rectus muscle 
Zygomatic bone 

Maxillary sinus 

Inferior nasal concha 
Horizontal section through the head. CT-Scan. Bar = 2 cm. Hard palate 

Arrow: fracture. Superior longitudinal 

muscle of tongue 

Median fibrosus septum of tongue 
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SHORT WAVES 


For shortwave reception, a good efficient outdoor aerial is certainly recommended. Evening listening in the region 
around 5 - 9MHz in often proves to be the most fruitful. 


Since there is no amplification, as with a valve or transistor receiver, certain frequencies will seem to be completely 
dead at particular times of day. So if the crystal receiver works satisfactorily on medium wave and longwave, but no 


shortwave signals are heard, check again in the evening, or after dark, when conditions are different. 


PARTS REQUIRED 


365pF or 500pF Air Spaced Tuning 
Capacitor 


OA47, IN34, OA81, OA90, OA91, IN94 or 
similar point contact small signal 
Germanium Diode 

* The OA47 will be of particular interest since it has the 
lowest forward bias voltage of any of these diodes which 
will make the crystal set somewhat more sensitive and 
therefore louder. The US equivalent of the British OA47 
is the IN34. 











High Impedance Headphones (20,000 
Ohms) 


or Crystal Earphone 
TB1 12-Way Plastic Screw Block Terminal 


Also Required: 47 k Ohm Resistor for Crystal Earphone: 
Enamelled Copper Wire: 32 and 24 s.w.g. for 
L1: 20 s.w.g. tinned wire for L1: Ferrite Rod 
10mm diameter x 75 mm long: 25m of wire 
for aerial: Wire and rod or spike etc for 
earth: Wood for base e.g. 10mm x165mm x 
130mm: Scrap of metal of thin plywood for 
C1 bracket/front panel: Knob: Crocodile 


clip(s) 











Adapted from an article in Everyday Electronics magazine, November 1981, By F.G. Rayer. 


HERE ARE A COUPLE OF VERY INTERESTING CRYSTAL SET DESIGNS 
SENT IN BY KRYSATEC -"THE RAT" - FROM THE CZECH REPUBLIC 
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Coronal section through the head at the level Coronal section through the head (MR-Scan, courtesy of 


of the second premolar of the mandible. Dr. A. Heuck, Munich). Note the situation of the head 
cavities. 


Inferior longitudinal 

muscle of tongue 

Sublingual gland 

Mandible 

Calvaria 

Frontal lobe of brain and 
crista galli 

Lateral and medial eye rectus 
muscles 

Buccinator muscle 

Vertical and transverse 
muscles of tongue 

Second premolar of mandible 
Genioglossus muscle 
Platysma muscle 

Orbit and optic nerve 
Filiform papillae 

Foramen cecum 

Root of tongue (lingual tonsil) 
Palatine tonsil 

Vallecula of epiglottis 
Vestibule of larynx 

Median sulcus of tongue 
Fungiform papillae 

Foliate papillae 
Circumvallate papilla 

Sulcus terminalis 

Epiglottis 

Greater cornu of hyoid bone 


Dorsal surface of the tongue and laryngeal inlet. 





Nasal cavity 
Hard palate 
Upper lip and orbicularis oris 
muscle 
4 Vestibule of oral cavity 
5 First incisor 
6 Lower lip and orbicularis oris 
muscle 
7 Mandible 
8 Genioglossus muscle 
9 Geniohyoid muscle 
10 Anterior belly of diagastric muscle 
11 Mylohyoid muscle 
12 Hyoid bone 


wn 


13. Nasopharynx 

14 Soft palate and uvula 

15 Oropharynx 

16 Root of tongue and lingual tonsil 

17 Laryngopharynx 

18 Epiglottis 

19 Aryepiglottic fold 

20 ~Laryngopharynx continuous with 
esophagus 


21. ~Larynx 
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Greater cornu 
Lesser cornu of hyoid bone 


Body 





Hyoid bone (oblique lateral aspect). 





Muscles of the floor of the oral cavity (superior aspect). Oral diaphragm, muscles (inferior aspect). Cut on the base. 
| Lesser cornu and body of hyoid bone 
2 Hyoglossus muscle (divided) 7 Mylohyoid muscle 
3 Ramus of mandible and inferior alveolar nerve 8 Anterior belly of digastric muscle 
4 Geniohyoid muscle 9 Hyoid bone 
5 Genioglossus muscle (divided) 10 Mandible 


6 Stylohyoid muscle (divided) 11 Intermediate tendon of digastric muscle 





Parapharyngeal and sublingual regions. Innervation of the tongue. Lateral part of face and mandible removed, oral 


cavity opened. Arrow: submandibular duct. 


| Styloid process 4 Vagus nerve (n. X) 
2 Styloglossus muscle 5 Lingual nerve (n. V;) 
3 Digastric muscle (posterior belly) 6 Glossopharyngeal nerve (n. 1X) 





Supra- and infrahyoid muscles and pharynx (schematic 
drawing). 


Submandibular ganglion 

Hyoglossus muscle 

Hypoglossal nerve (n. XII) 

Stylohyoid muscle 

Internal branch of superior laryngeal nerve 
(branch of vagus nerve, not visible) 
Middle constrictor muscle of pharynx 
Omohyoid muscle (divided) 
Thyrohyoid muscle 

Sternothyroid muscle 

Esophagus 

Parotid duct (divided) 

Buccinator 

Superior constrictor muscle of pharynx 
Tongue 

Terminal branches of lingual nerve 
Mandible (divided) 

Genioglossus and geniohyoid muscles 
Mylohyoid muscle (divided and reflected) 
Sternohyoid muscle (divided) 

Thyroid cartilage 

Anterior belly of digastric muscle 
Hyoid. bone 





Submandibular triangle, deep dissection. Right side. Mylohyoid muscle has been severed 
and reflected to display the lingual and hypoglossal nerves. 


Parotid gland and retromandibular vein 

Sternocleidomastoid 

Retromandibular vein, submandibular gland and stylohyoid muscle 
Hypoglossal nerve and lingual artery 

Vagus nerve and internal jugular vein 

Superior laryngeal artery 

External carotid artery, thyrohyoid muscle, and superior thyroid 
artery 

Common carotid artery and superior root of ansa cervicalis 
Omohyoid and sternohyoid 

Masseter and marginal mandibular branch of facial nerve 

Facial artery and vein 


12 
13 
14 


Mandible and submental artery and vein 

Mylohyoid nerve 

Submandibular duct, sublingual gland, and anterior belly of 
digastric muscle 

Mylohyoid (right side) 

Left mylohyoid and anterior belly of left digastric muscle 
Hyoglossus muscle and lingual artery 

Lingual nerve 

Hypoglossal nerve 

Geniohyoid muscle 

Anterior belly of right digastric muscle 

Submandibular gland and duct 


Medial pterygoid muscle 

Sublingual papilla 

Submandibular duct 

Sublingual gland 

Lingual nerve 

Hypoglossal nerve 

Mylohyoid muscle 

Geniohyoid muscle 

Anterior belly of digastric 

muscle 

10 Inferior alveolar nerve 

11 Chorda tympani 

12 Internal carotid artery 

13. Parotid gland 

Sphenomandibular ligament 

1S Vagus nerve 

16 Glossopharyngeal nerve 

Superficial temporal artery and 

ascending pharyngeal artery 

18 Styloglossus muscle 

19 Posterior belly of digastric 
muscle 

20 Facial artery 

21 Submandibular gland 

22 External carotid artery 

23 Lingual artery 

24 Middle pharyngeal constrictor 
muscle 

25 Stylohyoid ligament 

26 Hyoglossus muscle 

27 Deep lingual artery 

28 Epiglottis 

29 Hyoid bone 

30 Buccinator muscle 

31 Tongue 

32 Mandible (divided) 

33 Parotid duct 

34 Masseter muscle 

35 Right and left sublingual papilla 
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Dissection of major salivary glands. Left mandible and buccinator Location of the major salivary glands in 
muscle partly removed to view the oral cavity (inferior lateral aspect). relation to the oral cavity. 
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Cervical spine (oblique lateral aspect). 


Temporal bone 

Head of mandible 

Mandible 

Occipital bone 

Atlas 

Axis 

Third cervical vertebra 

Spinous process of fourth cervical vertrebra 
Transverse process of fifth cervical vertebra 
with groove for spinal nerve 
Intervertebral foramen 

Vertebra prominens (C;) 

First rib 

Sternum (manubrium sterni) 
Atlantooccipital joint 

Lateral atlantoaxial joint 

Body of axis 

Body of fourth cervical vertebra 
Body of fifth cervical vertebra 
Body of sixth cervical vertebra 
Body of seventh cervical vertebra 


Cervical vertebra and the organization of the neck. 
(Schematic drawing.) 


Sternohyoid and sternothyroid muscles 
Omohyoid muscle 

Thyroid gland and trachea 
Sternocleidomastoid muscle 

Recurrent laryngeal nerve 

Internal jugular vein, common carotid artery and vagus 
Longus colli and longus capitis muscles 
Sympathetic trunk 

Spinal nerve 

Ventral and dorsal root of spinal nerve 

True muscles of the neck 

Trapezius muscle 

Body of cervical vertebra 

Anterior tubercle of transverse process and 
origin of scalenus anterior muscle 

Vertebral artery and foramen transversarium 
Posterior tubercle of transverse process and 
origin of scalenus medius and posterior muscles 
Superior facet of articular process 

Spinal cord 

Spinous process 


1 Nasalseptum 

2 Uvula 

3 Genioglossus muscle 
4 Mandible 

5 Geniohyoid muscle 
6 Mylohyoid muscle 

7 Hyoid bone 

8 Thyroid cartilage 

9 Manubrium sterni 

10 Sphenoidal sinus 

11 Nasopharynx 

12 Oropharynx 

13. Epiglottis 

14 Laryngopharynx 

15 Arytenoid muscle 

16 Vocal fold 

7 Cricoid cartilage 

18 Trachea 

19 Left brachiocephalic vein 
20 Thymus 

21 Esophagus 

22 Occipital lobe 

23 Cerebellum and 4th ventricle 
24 Medulla oblongata 
25 Dens of axis 

26 Intervertebral discs 


of cervical vertebral column 





Median section through adult head and neck. Note the low position 
of the adult larynx when compared with that of the neonate (cf. with 
figure below). 
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Median section through neonate head and neck. Note the high Sagittal section through the head. 
position of the larynx permitting the epiglottis nearly to reach the (MR-Scan.) 


uvula (cf. with the figure above). 





Muscles of the neck (anterior aspect). 
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Suprahyoid muscles 

Anterior belly of digastric muscle 
Mylohyoid muscle 

Posterior belly of digastric muscle 
Stylohyoid muscle 


Infrahyoid muscles 
Omohyoid muscle 
Sternohyoid muscle 
Thyrohyoid muscle 
Sternothyroid muscle 


Other structures 
Sternocleidomastoid muscle 
Scalenus muscles 

Trapezius muscle 

Clavicle 

First rib 

Scapula 

Mandible 

Hyoid bone 

Larynx (thyroid cartilage) 

Trachea 

Subclavius muscle 

Manubrium sterni 

Mucous membrane of larynx (conus 
elasticus) 

Cricoid cartilage 

Inferior horn of thyroid cartilage 
Esophagus 

Body of cervical vertebra 

Posterior root ganglion 

Spinal cord 

Spinous process 

Internal jugular vein, common carotid 
artery, and vagus nerve 

True muscles of the neck (semispinalis 
cervicis and capitis muscles) 





Cross-section of the neck at the level of the intervertebral disc between the 5th and 6th cervical vertebra (inferior aspect). 


1 Mandible 

2 Masseter muscle and facial 

artery 

Hyoid bone 

Median thyrohyoid ligament 

Thyrohyoid muscle 

Sternothyroid muscle 

Thyroid gland (pyramidal lobe) 

Pectoralis major muscle 

Second rib 

Parotid gland 

Anterior belly of digastric 

muscle 

2 Submandibular gland (divided) 

13. Mylohyoid muscle and 

mylohyoid raphe 

14. External carotid artery and 
vagus nerve 

15 Omohyoid muscle 

16 Thyroid cartilage 

17 Sternocleidomastoid muscle 

18 Sternohyoid muscle 

19° Clavicle 

20) Subclavius 

21 Jugular fossa or suprasternal 
notch 
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Muscles of the neck (anterior aspect). Sternocleidomastoid and sternohyoid muscles on 
the right have been divided and reflected. 


| Trapezius 

2 Sternocleidomastoid 

3 Occipital triangle 

4 Supraclavicular triangle 
5 Submandibular triangle | 


} Posterior triangle 


6 Submental triangle 

7 Carotid triangle 

8 Muscular triangle 

9 Jugular fossa 

Regions and triangles of the neck. 10 Lesser supraclavicular fossa 


Anterior triangle 
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Cartilages of the larynx and the hyoid Cartilages of the larynx and the hyoid bone 
bone (anterior aspect). (posterior aspect). 





Cartilages of the larynx Cartilages and ligaments of the larynx 
(anterior aspect). Thyroid cartilage is (lateral aspect). (Schematic drawing.) 
indicated by the outline. 
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Cartilages of the larynx (oblique- Cartilages of the larynx (oblique-posterior 
posterior aspect). aspect). 


Epiglottis 

Lesser cornu of hyoid bone 
Greater cornu of hyoid bone 
Lateral thyrohyoid ligament 
Body of hyoid bone 
Superior cornu of thyroid 
cartilage 

Thyroepiglottic ligament 
Conus elasticus 
Cricothyroid ligament 
Thyroid cartilage 

Cricoid cartilage 

Trachea 

Corniculate cartilage 
Arytenoid cartilage 
Posterior cricoarytenoid 
ligament 

Cricothyroid joint 
Cricoarytenoid joint 


Hyoid bone 

Epiglottis 

Thyrohyoid membrane 
Thyroid cartilage 

Vocal ligament 

Conus elasticus 

Arytenoid cartilage 
Cricoid cartilage 
Cricoarytenoid joint 
Cricothyroid joint 
Tracheal cartilages 
Corniculate cartilage 
Muscular process of arytenoid 
cartilage 

Vocal process of arytenoid 
cartilage 

Lamina of cricoid cartilage 
Arch of cricoid cartilage 


Vocal ligament (red) 

Lateral thyrohyoid ligament 
Greater cornu of hyoid bone 
Epiglottis 

Thyroid cartilage 
Corniculate cartilage 
Arytenoid cartilage 
Cricoarytenoid joint 
Cricothyroid joint 

Cricoid cartilage 


Trachea 
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Crystal radio 


o}-—-~-O 
100) ip (2 8) 


LY} 






MWY Made by Rat 










500) p 


earphone 
4kOhm 


oon ooooo 


| aca 500p 2x iNN4{ 


1/_ Using old coils from old bulb radio for MW and LW band. Though it would be straightforward to wind the coils - 
one for Long Wave, one for Medium Wave and a coupling coil. Variable capacitor is 2 x 500pF only one half is 
used: 500pF. For the crystal earphone a resistor of about 82k ohm in parallel is required. This set also uses two 
Ge diodes as a multiplier in the quest for for higher audio signal output. 


Crystal radio with simple amplifier 


Made by Rat 


100p 






LY MI 







earphone 
150R: - 4KOhm 


OOo Oooo 


gnd 


180uH 5600p 2x INN44 _ 102aNU7O 
Ge diode Ge transistor 


2. If signals are not strong signal in your location, then the above circuit design can be considered. A simple 
transistor amplifier is used. A variable resistor M22 is used for better sensitivity which can be adjusted for poor 
signals. This crystal radio is aversion from cca 1960 - 1970 y. 





http://www.mds975.co.uk/Content/crystalsets5.html 6/21 





wn — 


Thyroid cartilage (lateral aspect). 


Superior cornu 
Superior thyroid tubercle 
Lamina of thyroid cartilage 
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Thyroid cartilage (anterior aspect). 


Inferior thyroid tubercle 
Inferior cornu 
Superior thyroid notch 


1 Atlas 

2 Axis 

3 Cervical vertebrae (C,—C;) 
4 Mandible 


5 Hyoid bone 

6 Thyroid cartilage 
Arytenoid cartilage 
8 Cricoid cartilage 

9 Epiglottis 

10 Tracheal cartilages 
11 First rib 

12. Manubrium sterni 


Position of the larynx in the neck (oblique lateral aspect). 


(Schematic drawing.) 





Laryngeal muscles I (lateral aspect). 
Thyroid cartilage and thyroarytenoid 
muscle have been partly removed. 


Laryngeal muscles II (lateral aspect). 
Half of the right side of the thyroid cartilage 
has been removed. 


Laryngeal muscles, larynx (anterior 


Laryngeal muscles, larynx (posterior aspect). 
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Epiglottis 

Greater horn of hyoid bone 
Corniculate cartilage 
Transverse arytenoid muscle 
Oblique arytenoid muscle 
Lamina of cricoid cartilage 
Posterior cricoarytenoid 
muscle 

Aryepiglottic fold and 
muscle 

Lamina of thyroid cartilage 
rhyroepiglottic muscle 
lhyroarytenoid muscle 
Lateral cricoarytenoid 
muscle 

Articular facet of thyroid 
cartilage 

Cartilages of trachea 
Membranous part of trachea 
Lateral thyrohyoid ligament 
Thyrohyoid membrane 
Position of piriform recess 
Arytenoid cartilage 

Stem of epiglottis 
Vestibular fold 

Vocal folds and fissure of glottis 
Vocalis muscle 
Cricoarytenoid articulation 
Arch of cricoid cartilage 
Cricothyroid muscle 
Cricoid cartilage 

Piriform recess 

Superior horn of thyroid 
cartilage 


Vocal ligament 





Action of internal muscles of the 
larynx. (Schematic drawing.) 


Sagittal section through the larynx. 





Glottis in vivo (superior aspect). 





Coronal section through larynx and trachea. 


Hyoid bone 
Epiglottis 

Thyroid cartilage 
Cricoid cartilage 
Vocal ligament 
Thyrohyoid ligament 
Arytenoid cartilage 
Corniculate cartilage 
Vocal fold 
Vestibular fold 
Aryepiglottic fold 
Interarytenoid notch 
Mandible 

Anterior belly of 
digastric muscle 
Mylohyoid muscle 
Pyramidal process of 
thyroid gland 
Sternohyoid and 
sternothyroid muscles 
Common carotid 
artery 

Internal jugular vein 
Rima glottidis 
Sternocleidomastoid 
muscle 

Transverse arytenoid 
muscle 

Pharynx and inferior 
constrictor muscle 
Ventricle of larynx 
Vocalis muscle 
Trachea 

Superior cornu of 
thyroid cartilage 
Root of tongue 
(lingual tonsil) 
Piriform recess 
Vocalis muscle 
Lateral cricoarytenoid 
muscle 

Thyroid gland 





Larynx and its innervation (posterior aspect). Innervation of the larynx. (Schematic diagram.) 


Dissection of superior and inferior laryngeal nerves. 
Pharynx has been opened. 


Larynx and thoracic organs (anterior aspect). Dissection of vagus and recurrent 
laryngeal nerves. 
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Scalenus anterior muscle 

Scalenus medius and posterior muscles 
Right recurrent laryngeal nerve 
Right subclavian artery 
Brachiocephalic trunk 

Aortic arch 

Hyoid bone 

Internal branch of superior laryngeal 
nerve 

Thyrohyoid membrane 

External branch of superior laryngeal 
nerve 

Vagus nerve 

Thyroid cartilage 

Cricothyroid muscle 

Trachea 

Left recurrent larnygeal nerve 
Esophagus 

Left subclavian artery 

Left common carotid artery 

Second rib 

Tongue 

Superior cervical ganglion 
Sympathetic trunk 

Inferior constrictor muscle of 
pharynx 

Inferior thyroid artery 
Glossopharyngeal nerve 

Superior laryngeal nerve 

Epiglottis 

Posterior cricoarytenoid muscle and 
cricoid cartilage 

Inferior laryngeal branch of recurrent 
laryngeal nerve 

Thyroid gland 

Superior thyroid artery 
Thyrocervical trunk 

Internal thoracic artery 

Phrenic nerve 

Hypoglossal nerve 

Transverse cervical artery 

Middle cervical ganglion 

Middle cervical cardiac nerves 
(branches of sympathetic trunk) 
Ligamentum arteriosum 





Larynx and oral cavity (posterior aspect). Mucous membrane on the right half of p 1x has been removed. 


Midbrain (inferior colliculus) 13. Esophagus 

Rhomboid fossa and medulla oblongata 14 Trochlear nerve 
Vestibulocochlear and facial nerve 15 Occipital condyle 
Glossopharyngeal, vagus and accessory 16 Nasal cavity (choana) 
nerve 17 Accessory nerve 
Occipital artery and posterior belly of 18 Uvula and soft palate 
digastric muscle 19 Palatopharyngeus muscle 


Superior cervical ganglion 20 External carotid artery 


Internal carotid artery 21 

Oral cavity (tonguc) Internal branch of superior laryngeal 
yepiglottic fold nerve 
gus nerve 3 Inferior laryngeal nerve 
iform recess Ansa cervicalis 

Thyroid gland and common carotid 





artery 


1 Inferior colliculus of midbrain 
2 Facial colliculus in floor of rhomboid fossa 
3 Vestibulocochlear and facial nerves 
4 Glossopharyngeal nerve 
5 Vagus nerve 
6 Accessory nerve 
Hypoglossal nerve 
8 Pharyngobasilar fascia 
9 Superior constrictor muscle of pharynx 
10 Sympathetic trunk and superior cervical 
ganglion (medially displaced) 
11 Middle constrictor muscle of pharynx 
12 Greater cornu of hyoid bone 
13. Inferior constrictor muscle of pharynx 
14 Trochlear nerve 
15 Internal acoustic meatus with facial and 
vestibulocochlear nerves 
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16 Jugular foramen with glossopharyngeal, vagus 
and assessory nerves 

17 Occipital condyle 

18 Occipital artery 

19 Posterior belly of digastric muscle 

20 Accessory nerve (extracranial part) 

21 Hypoglossal nerve (extracranial part) 

22 External carotid artery 

23 Carotid sinus nerve 

24 Internal carotid artery 

25 Carotid sinus and carotid body 

26 Vagus nerve 


10 § 
11 


12 27 Thyroid gland 
28 Esophagus 
29 Choanae 


30 Medial pterygoid plate 
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31 Foramen lacerum 

32 Pharyngeal tubercle 

33 Hard palate 

34 Greater and lesser palatine foramen 
35 Pterygoid hamulus 

36 Lateral pterygoid plate 

37 Pterygoid canal 

38 Foramen ovale 

39 Mandibular fossa 

40 Carotid canal 

41 Styloid process and stylomastoid foramen 





Pharynx and parapharyngeal nerves in connection with brain stem 
(posterior aspect). 


Inferior aspect of the skull. Red line = 

outline of superior constrictor muscle in 
continuation with buccinator muscle and 
orbicularis oris muscle. (Semischematic drawing.) 
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Cross-section of head and neck at the level of the atlas (inferior aspect). 


l 
4 
* 
3 
4 


sn" 


Ascending pharyngeal artery 
Pharyngeal plexus 

Accessory nerve 

Superior cervical ganglion of 
sympathetic trunk 

Superior laryngeal nerve 

Carotid body and carotid sinus 
nerve 

Left vagus nerve 

Common carotid artery and cardiac 
branch of vagus nerve 
Glossopharyngeal nerve 
Hypoglossal nerve 

Facial nerve 

Posterior belly of digastric muscle 
Middle constrictor muscle of pharynx 
Right vagus nerve 

Sympathetic trunk 

Internal jugular vein 

Inferior constrictor muscle of pharynx 
Larynx 

Buccinator muscle 

Soft palate and palatine glands 
Palatine tonsil 

Uvula of palate 

Pharynx (oral part) 

Parotid gland 

Longus capitis muscle 
Medioatlantoaxial joint and 
anterior arch of atlas 

Dens of axis 

Spinal cord 

Dura mater 

Incisive papilla 

Oral vestibule 

Masseter muscle 

Mandible 

Mandibular canal with vessels and 
nerve 

Medial pterygoid muscle 
External carotid artery 

Internal carotid artery 

Atlas 

Vertebral artery 

Splenius capitis muscle 
Semispinalis capitis muscle 





Dissection of pharynx, supra- and infrahyoid muscles I. Mandible partly removed 
(lateral aspect). 
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Dissection of pharynx, supra- and infrahyoid muscles II. Oral cavity opened (lateral 
aspect). 
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Maxilla 

Pterygomandibular raphe 
Buccinator muscle 

Mandible (divided) 
Depressor anguli oris muscle 
Mylohyoid muscle 

Anterior belly of digastric 
muscle 

Hyoid bone 

Thyroid cartilage 
Cricothyroid muscle 

Styloid process 

Medial pterygoid muscle 
(divided) 

Posterior belly of digastric 
muscle 

Styloglossus muscle 
Stylohyoid muscle 
Thyropharyngeal part of inferior 
constrictor muscle of pharynx 
Thyrohyoid muscle 
Cricopharyngeal part of inferior 
constrictor muscle of pharynx 
Esophagus 

Trachea 

First molar of maxilla 

Tongue 

Inferior longitudinal muscle of 
tongue 

Genioglossus muscle 
Superior constrictor muscle 
of pharynx 

Hypoglossal nerve 
Hyoglossus muscle 

Superior laryngeal nerve and 
superior laryngeal artery 





Muscles of the pharynx (posterior aspect). 





Muscles of the pharynx. (Schematic drawing.) 


Sella turcica 
Internal acoustic meatus and petrous 
part of temporal bone 
Pharyngobasilar fascia 
Fibrous raphe of pharynx 
Stylopharyngeus muscle 
Superior constrictor muscle of 
1 pharynx 

7 Posterior belly of digastric muscle 

8 Stylohyoid muscle 

9 Middle constrictor muscle of pharynx 
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11 Muscle-free area (Killian’s triangle) 
3 12 Esophagus 
13 Trachea 
14. Thyroid and parathyroid glands 
15 Medial pterygoid muscle 
16 Greater horn of hyoid bone 
Internal jugular vein 
18 Parotid gland 
19 Accessory nerve 
20 Superior cervical ganglion of 
sympathetic trunk 
21 Vagus nerve 
22 Laimer’s triangle (area prone 
to developing diverticula) 
16 23 Orbicularis oculi muscle 
24 Nasalis muscle 
25 Levator labii superioris and levator 
labii alaeque nasi muscles 
26 Levator anguli oris muscle 
11 27 Orbicularis oris muscle 
28 Buccinator muscle 
29 Depressor labii inferioris muscle 
30 Hyoglossus muscle 
31 Thyrohyoid muscle 
32 Thyroid cartilage 
13 33 Cricothyroid muscle 
34 Pterygomandibular raphe 
35 Tensor veli palatini muscle 
36 Levator veli palatini muscle 
37 Depressor anguli oris muscle 
38 Mentalis muscle 
39 Styloglossus muscle 
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Muscles of pharynx (lateral aspect). (Schematic drawing.) 


2 10 Inferior constrictor muscle of pharynx 
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Arteries of head and neck. Diagram of th€ main branches 


of external carotid and subclavian artery. 


to page 165 > 


Galea aponeurotica 

Frontal branch \ of superficial 

Parietal branch temporal artery 

Superior auricular muscle 

Superficial temporal artery and vein 

Middle temporal artery 

Auriculotemporal nerve 

Branches of facial nerve 

Facial nerve 

External carotid artery within the retromandibular fossa 
Posterior belly of digastric muscle 
Sternocleidomastoid artery 

Sympathetic trunk and superior cervical ganglion 
Sternocleidomastoid muscle (divided and reflected) 
Clavicle (divided) 

Transverse cervical artery 

Ascending cervical artery and phrenic nerve 
Scalenus anterior muscle 

Suprascapular artery 

Dorsal scapular artery 
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Frontal and parietal branches of superficial 
temporal artery 

Superficial temporal artery 

Occipital artery 

Maxillary artery 

Vertebral artery 

External carotid artery 

Internal carotid artery 

Common carotid artery (divided) 
Ascending cervical artery 

Inferior thyroid artery 

Transverse cervical artery with 2 branches 
(superficial cervical artery and descending 
scapular artery) 

Suprascapular artery 

Thyrocervical trunk 

Costocervical trunk with 2 branches 


(deep cervical artery and superior intercostal artery) 


Internal thoracic artery 
Axillary artery 
Supraorbital and supratrochlear arteries 
Angular artery 

Dorsal nasal artery 
Transverse facial artery 
Facial artery 

Superior labial artery 
Inferior labial artery 
Submental artery 
Lingual artery 
Superior thyroid artery 
Brachiocephalic trunk 


Brachial plexus and axillary artery 
Thoracoacromial artery 

Lateral thoracic artery 

Median nerve (displaced) and 
pectoralis minor muscle (reflected) 
Frontal belly of occipitofrontalis muscle 
Orbital part of orbicularis oculi muscle 
Angular artery and vein 

Facial artery 

Superior labial artery 

Zygomaticus major muscle 

Inferior labial artery 

Parotid duct 

Buccal fat pad 

Maxillary artery 

Masseter muscle 

Facial artery and mandible 

Submental artery 

Anterior belly of 

digastric muscle 
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Crystal Set with additional amplification - very neat 





‘Minilabs' Crystal Radio 


BELOW: lan Tomlinson kindly sent in a photograph of the box that contained the kit for his John Adams Toys 
‘Minilabs' Crystal Radio. 


It is a very simple circuit consisting of the coil (inductor) with a sliding contact that provides variable tapping points, 
a diode and crystal earphone. All that is added is the aerial and earth. There is no variable tuning capacitor for 
simplicity and to keep costs down. 


The coil provides the inductance required for tuning into a certain frequency (wavelength). These days a variable 
"tuning" capacitor is normally wired in parallel across the inductance (coil) in order to vary the resonance of the 
tuned circuit and therefore enable to easily tune into various transmitters on different frequencies. This crystal is 
tuned varying the number of turns on the coil (ie varying the inductance) by tapping off at different points using the 
sliding contact ("ball"). 


The crystal earpiece, or high Z headphone, is connected between the output of the detector diode (the other end 
from the coil) and earth. The volume from a crystal earpiece may be considerably improved by connecting a 
resistor of - somewhere between - 4.7 k and 47k ohms in parallel with the earpiece. A crystal earpiece cannot 
directly allow current to flow through it and the parallel resistor therefore allows current to better flow through the 
circuit. 
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Main branches of head and neck arteries (lateral aspect). Anterior thoracic wall and clavicle partly removed; pectoralis muscles 


have been reflected to display the subclavian and axillary arteries. 


Hyoid bone Thyroid gland (right lobe) 
Internal carotid artery 47 Vertebral artery 
External carotid artery ’ Thyrocervical trunk 


Superior laryngeal artery Vagus nerve 

Superior thyroid artery : Ansa subclavia of sympathetic trunk 
Common carotid artery 51 Brachiocephalic trunk 

Thyroid ansa of sympathetic 52 Superior vena cava (divided) 





trunk and inferior thyroid artery 53 Aortic arch 
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Arteries of head and neck (anterior-lateral aspect). Clavicle, sternocleidomastoid and 


veins have been partly removed, the arteries were colored. 


Veins of head and neck. Sternocleidomastoid muscle and anterior thoracic wall partly 


removed. Note the venous connection with the superior vena cava. 








19 


a 31 
= 32 


33 


34 
35 


36 


37 


38 


See RR RR 
COAIDWMWEwWNHK TUCOMHAIDAUMNSWNH 


32 


40 


Occipital vein 

Superficial temporal vein 
Sternocleidomastoid muscle 
Trapezius muscle 

Internal jugular vein 
External jugular vein 
Subclavian vein 

Cephalic vein 

Supraorbital veins 

Angular vein 

Superior labial vein 

Inferior labial vein 

Facial vein 

Submental vein 

Superior thyroid vein 
Anterior jugular vein 
Thoracic duct 

Inferior thyroid vein 
Superior vena cava 
Occipital artery 

Internal carotid artery 
Cervical plexus 
Supraclavicular nerve 
Phrenic nerve and ascending 
cervical artery on scalenus 
anterior muscle 

Superficial cervical artery 
Suprascapular artery and 
nerve 

Brachial plexus and anterior 
circumflex humeral artery 
Lateral cord of brachial plexus 
Thoracoacromial artery 
Lateral thoracic artery 
Superficial temporal artery 
Transverse facial artery 
Facial artery 

External carotid artery 
Superior thyroid artery 
Common carotid artery, 
vagus nerve and thyroid gland 
Thyrocervical trunk 
Subclavian artery and 
scalenus anterior muscle 
Parotid gland and facial nerve 
Great auricular nerve 
External jugular vein 
Brachial plexus 

Cephalic vein in deltopectoral 
groove 

Axillary vein and artery 
Right brachiocephalic vein 
Superior vena cava 

Right lung (reflected) 
Superficial temporal artery 
and vein 

Facial artery and vein 
Cervical branch of facial nerve 
and submandibular gland 
Internal jugular vein, common 
carotid artery and omohyoid 
muscle 

Anterior jugular vein and 
thyroid gland 

Jugular venous arch 

Left brachiocephalic vein 
Pericardium of heart 
(location of right atrium) 
Transverse cervical artery 








Veins of head and neck (anterior aspect). Part of the thoracic wall, clavicle and sternocleidomastoid muscle 


have been removed. Veins were colored blue, arteries red. 


The internal jugular vein is the continuation of the 
sigmoid sinus which drains most of the venous blood from 
the brain together with the external cerebrospinal fluid. 
By joining the subclavian vein it forms the right brachio- 
cephalic vein which continues on the right side directly 
into the superior vena cava. The common way to intro- 
duce the lead from a pacemaker device into the heart is 
by way of the cephalic vein. On the left side the thoracic 
duct joins the internal jugular vein at that point where the 
subclavian vein and the internal jugular vein form the 


left brachiocephalic vein. Note that the subclavian vein 
lies in front of the scalenus anterior muscle whereas the 
subclavian artery together with the plexus brachialis 
lies posterior to that muscle. The cephalic vein joins the 
axillary vein by passing into the deltopectoral triangle. 
The subclavian vein is strongly fixed to the first rib so 
that it can be punctured with a needle at that point 
(underneath the sternal end of clavicle) to introduce a 
catheter (subclavian line). 





Lymph nodes and lymph vessels of the neck, left side oblique (lateral aspect). The sternocleidomastoid 
muscle and the left half of the thoracic wall have been removed. Lower part of the internal jugular vein has 
been cut and laterally displaced to show the thoracic duct. 


1 
2 
3 
4 
5 
6 
7 
8 


>» 


Superficial parotid lymph node 
Parotid gland 

Great auricular nerve 
Mandible 

Facial vein 

Anterior belly of digastric muscle 
Submandibular gland 
Submental lymph nodes 
Superior thyroid artery 
Thyroid cartilage 

Omohyoid muscle 
Sternohyoid muscle 


Common carotid artery 
Supraclavicular lymph nodes 
Anterior jugular vein 

Thoracic duct 

Jugular venous arch 

Left brachiocephalic vein 
Superior mediastinal lymph nodes 
Retroauricular lymph nodes 
Submandibular nodes 

Superficial cervical lymph nodes 
Jugulodigastric lymph nodes and jugular 
trunk 


Internal jugular vein 

External jugular vein 
Jugulo-omohyoid lymph nodes 
Brachial plexus 

Cephalic vein 

Subclavian trunk 

Infraclavicylar lymph nodes 
Subclavian vein 

Lung 

Internal thoracic artery and vein 





Carotid triangle, left side 
(lateral aspect). Sternocleidomastoid 
muscle reflected. 


Mylohyoid muscle and facial artery 
Anterior belly of digastric muscle 
Thyrohyoid 
External carotid artery, 
superior thyroid artery and vein 
5 Omohyoid muscle 
6 Thyroid cartilage 
7 Ansa cervicalis 
8 Sternohyoid muscle and superior 
thyroid artery 
9 Stylohyoid muscle 
10 Posterior belly of digastric muscle 
11 Sternocleidomastoid muscle 
(reflected) 
12 Superior cervical lymph nodes and 
sternocleidomastoid artery 
13. Hyoid bone and hypoglossal nerve 
(n. XII) 
14 Splenius capitis and levator 


> wnNe 


scapulae muscles 

1S Superior laryngeal artery and 
internal branch of superior 
laryngeal nerve 

16 Accessory nerve 

17 Cervical plexus 

18 Internal jugular vein 

19 Facial vein 

20 Submental nodes 

21 Thoracic duct 

22 Retroauricular nodes 

23 Parotid nodes 

24 Occipital nodes 

25. Submandibular nodes 

26 Jugulodigastric nodes } deep cervical 

27 Jugulo-omohyoid nodes } nodes 

28 Jugular trunk 

29 Subclavian trunk 

30 Infraclavicular nodes 

31 External jugular vein 
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Lymph nodes and veins of head and 
neck. Dotted lines = border 
between irrigation areas; arrows: 
direction of lymph flow. 











Neck (anterior aspect). 


= ee eae Mandible 
lhe superficial fascia has been removed. 


Facial artery and vein 


Cross-section of the neck at the level of the thyroid gland. 
Notice the postion of the three laminae of cervical fascia (23, 24, 25). 




















Anterior belly of digastric muscle 

Mylohyoid muscle 

Infrahyoid muscles (sternohyoid, sternothyroid and 
omohyoid) 

Anterior jugular veins 
External jugular vein 
Sternocleidomastoid muscle 
Thyroid gland 
Submandibular gland 
Cervical branch of facic 
Great auricular nerve Cutaneous 
Transverse cerv ical nerves branches 
Lateral supraclavicular nerves ofcorvinal 
Middle supraclavicular nerves plexus 
Medial supraclavicular nerves 

Clavicle 

Platysma muscle 

Prevertebral lamina of cervical fascia, covering longus 
colli muscle 

Vertebral artery and vein 

Scalenus muscles 

Trapezius muscle 

Superficial lamina of cervical fascia 

Pretracheal lamina of cervical fascia 

Prevertebral lamina of cervical fascia with 
sympathetic trunk 

Carotid sheath with common carotid artery, 

internal jugular vein and vagus nerve 

Cervical part of sympathetic trunk 

Carotid sheath 








Supra- and infrahyoid muscles. (Schematic drawing.) 





Anterior triangle (anterior aspect). The pretracheal lamina of cervical fascia and left sternocleidomastoid muscle have been removed. 


Mylohyoid muscle 

Anterior belly of digastric muscle 

Facial artery 

Submandibular gland 

Great auricular nerve 

Internal jugular vein and common carotid artery 
Transverse cervical nerve and omohyoid muscle 
Sternohyoid muscle and superior thyroid artery 
Sternocleidomastoid muscle (sternal head) 

Left sternocleidomastoid muscle (reflected) 
Sternocleidomastoid muscle (clavicular head) 
and lateral supraclavicular nerves 

Middle supraclavicular nerves 

Medial supraclavicular nerves 

Mandible 

Hyoid bone 

Superficial cervical lymph nodes 

Left superior thyroid artery and external carotid 
artery 

Thyroid cartilage 

Omohyoid muscle (superior belly) 

Internal jugular vein and branches of ansa 
cervicalis 

Thyroid gland and unpaired inferior thyroid vein 
Posterior belly of digastric muscle 

Stylohyoid muscle 

Sternohyoid muscle 

Sternothyroid muscle 


Posterior and carotid triangles (lateral aspect). 
Superficial dissection. 
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Parotid gland and great 
auricular nerve 

Lesser occipital nerve 
Internal and external 


jugular veins 


Retromandibular vein and 
external carotid artery 


Transverse cervical nerve 


with communicating branch 
to cervical branch of facial 


nerve 


Trapezius muscle and superficial 


lamina of cervical fascia 
Lateral supraclavicular 
nerves 

Middle supraclavicular nerves 
Pectoralis major muscle 
Buccal branch of facial 

nerve and masseter 


Facial artery and vein and 
mandibular branch of facial 
nerve 

Cervical branch of facial 
nerve and submandibular 
gland 

Thyroid cartilage 
Omohyoid muscle 
Sternohyoid muscle 
Sternocleidomastoid muscle 
Medial supraclavicular 
nerves 

Mandibular branch of facial 
nerve 

Cervical branch of facial 
nerve with communicating 
branch to transverse cervical 
nerve 
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Cutaneous branches of cervical plexus. Erb’s point is indicated 
by an arrowhead. (Schematic diagram.) 








Posterior and carotid triangles (lateral aspect). Superficial dissection. The superficial lamina of cervical 
fascia has been removed to display the cutaneous branches of the cervical plexus and subcutaneous veins. 


1 
2 
3 
4 
5 


_ 
coweomnynn 


Lesser occipital nerve 

Internal jugular vein 

Splenius capitis muscle 

Great auricular nerve 

Submandibular nodes 

Internal carotid artery and vagus nerve 
Accessory nerve 

Muscular branches of cervical plexus 
External jugular vein 

Posterior supraclavicular nerves 


Middle supraclavicular nerves 
Suprascapular artery 

Pretracheal lamina of fascia of neck 
Clavicle 

Parotid gland 

Mandible 

Cervical branch of facial nerve 
Submandibular gland 

External carotid artery 

Superior thyroid artery 
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23 
24 
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Transverse cervical nerve 

Superior root of ansa cervicalis 

Anterior jugular vein 

Omohyoid muscle 

Sternohyoid muscle 

Sternocleidomastoid muscle 
Intermediate tendon of omohyoid muscle 
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Neck, superficial dissection (lateral aspect). Sternocleidomastoid muscle has been cut and reflected to display the pretracheal 


lamina of the cervical fascia. 


1 Sternocleidomastoid muscle (reflected) and branch of accessory nerve 10 
2 Facial artery 11 
3 External carotid artery and superior thyroid artery 12 
4 Internal jugular vein 13 
5 Deep cervical lymph nodes and external jugular vein 14 
6 Omohyoid muscle and pretracheal lamina of cervical fascia 15 
7 Anterior jugular vein 16 
8 Pectoralis major muscle 17 
9 Great auricular nerve 


Lesser occipital nerve 

Splenius capitis and levator scapulae muscles 
Trapezius muscle 

Scalenus medius muscle and brachial plexus 
Posterior supraclavicular nerves 

Middle supraclavicular nerve 

Clavicle and anterior supraclavicular nerves 
Sternocleidomastoid muscle 

(reflected) 
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Make a radio complete with tuning coil, 
antenna and earphone, 


Pack contains all you need including full instructions 
No battery required 





‘Minilabs' crystal set by John Adams Toys 


A discussion on configurations for Crystal Sets by Felix Scerri VA4FUQ 


This discussion, by Felix Scerri VK4FUQ, was posted at this address which no longer appears on the web 
www.tarc.org.au/techinfo2.htm (error 404) so here it is reproduced: 


Crystal Set design is one of my passions closely allied with my obsession for audio and high fidelity. 


My main interest in crystal sets, apart from the wonder of a radio receiver that does not require a power source, is 
the potential excellence of the recovered audio quality from normal AM broadcast stations. 


Personally, it is one of my great laments that most people have never heard how good wideband AM can sound. A 
high performance crystal set or similar TRF approach is, in my opinion,the only way to do it. There are a few people 
around who have heard the audible results of my efforts,and can only agree. 


| have often wondered, given the ultimate simplicity of the crystal set, being essentially a tuned circuit,a diode 
detector and some form of output device, what it takes to achieve optimum performance. What follows are my 
thoughts on the matter. 


Crystal Set optimisation, is in my opinion, all about reduction of circuit losses. Essentially this means high "Q" tuned 
circuits and high quality detectors. Efficient output devices also help too. But as we will see, there are some trade- 
offs required as well. A high "Q" tuned circuit is always benefical, as a high "Q" tuned circuit has lowest RF 

losses, highest potential selectivity,and highest voltage at resonance, which is very useful for the diode being fed 
from the tuned circuit. Variable capacitors, even the "modern" miniature variable capacitors (although the older air 
dielectric units, as used in old valve receivers are more desirable) for various reasons,are generally quite efficient, 
and a higher "Q" coil will produce the most worthwhile improvements. The best (highest "Q") coils are wound with 
"Litz" wire, which is a multistranded woven wire with all strands insulated from each other. The performance of Litz 
wire wound coils is spectacular, unfortunately, although | know Litz wire is still being made, from personal 
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Neck, deep dissection (lateral aspect). The internal jugular vein has been reflected to expose the carotid artery and vagus nerve. 


Stylohyoid muscle Posterior belly of digastric muscle 
Facial artery and mylohyoid muscle Sternocleidomastoid muscle and lesser occipital nerve 
Anterior belly of digastric muscle 5 Accessory nerve 

Internal jugular vein, hypoglossal nerve, and Splenius capitis muscle 
superficial cervical lymph nodes Cervical plexus 

Superior thyroid artery and vein and inferior pharyngeal constrictor muscle Scalenus posterior muscle 
Thyroid cartilage and vagus nerve Levator scapulac muscle 

Ansa cervicalis, omohyoid muscle, and common carotid artery Posterior supraclavicular nerves 
Right superior thyroid artery Phrenic nerve 

Scalenus anterior muscle 2 Middle supraclavicular nerve 
Sternothyroid muscle and inferior thyroid artery Brachial plexus 

Muscular branches of ansa cervicalis to the infrahyoid muscles Anterior supraclavicular nerves 
Inferior thyroid vein Sternocleidomastoid muscle 
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Masseter muscle 

Mylohyoid muscle and facial artery 
External carotid artery and 

anterior belly of digastric muscle 
Hypoglossal nerve 

Thyrohyoid muscle 

Superior thyroid artery and vein and 
inferior pharyngeal constrictor muscle 
Omohyoid muscle (superior belly) 
Ansa cervicalis, thyroid gland and 
internal jugular vein 


Sternothyroid muscle 

Sternohyoid muscle 

Thoracic duct 

Pectoralis minor muscle 

Pectoralis major muscle 

Posterior belly of digastric muscle 
Sternocleidomastoid muscle and lesser 
occipital nerve 

Splenius capitis muscle 

Superficial cervical lymph nodes and 
accessory nerve 
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Neck, deeper dissection (lateral aspect). Ansa cervicalis. The cervical fascia and the clavicle are partly removed. Ansa cervicalis 
and infrahyoid muscles are displayed. 


Cervical plexus 

Scalenus medius muscle 
Levator scapulae muscle 
Scalenus posterior muscle 
Brachial ple) 

Transverse cervical artery and 
clavicle 

Subclavius muscle 
Subclavian artery and vein 
Thoracoacromial artery 
Cephalic vein 





Facial artery and mandible 

Submental artery 

Mylohyoid muscle and nerve 

Hypoglossal nerve (lingual 

branches) 

Thyrohyoid branch of hypoglossal 

nerve (n. XII) 

6 Anterior belly of digastric muscle 

7 Hyoid bone 

8 Omohyoid branch of hypoglossal 
nerve (n. XII) 

9 Omohyoid muscle and superior 
thyroid artery 

10 Ansa cervicalis 

11 Posterior belly of digastric muscle 

12 Hypoglossal nerve (n. XII) 

13 Vagus nerve (n. X) 

14 Internal carotid artery 

15 Superior root of ansa cervicalis 

16 External carotid artery 

17 Cervical plexus 

18 Common carotid artery 
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Neck, submandibular region (lateral aspect). Hypoglossal nerve (n. XII). Mandible 
slightly elevated. 


Hypoglossal nerve (n. XII) 

\ Communication from the ventral ramus 
\ of the first cervical spinal nerve 

3 Atlas 

4 Axis 

5 Third cervical vertebra 

6 Superior root of ansa cervicalis 

7 Thyrohyoid branch of hypoglossal nerve 
8 Inferior root of ansa cervicalis 


N= 


1 
2 9 Ansa cervicalis 
10 Internal jugular vein 
3 11 Inferior belly of omohyoid muscle 


12 Geniohyoid branch of hypoglossal nerve 
4 13 Geniohyoid muscle 
14 Hyoid bone 
5 1S Thyrohyoid muscle 
6 16 Superior belly of omohyoid muscle 
8 17 Sternohyoid muscle 
18 Sternothyroid muscle 
9 19 Clavicle 
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Ansa cervicalis. 

Innervation of infrahyoid muscles. Cervical plexus 
and its communication with the hypoglossal nerve. 
C,—Cy, = ventral rami of cervical spinal nerves of the 
first four segments. 
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Neck, deep dissection (lateral aspect). Clavicle partly removed to show the slit between the scalenus muscles. Internal jugular 
vein removed. 


Masseter muscle 

Mylohyoid muscle and facial artery 
Anterior belly of digastric muscle 
Hypoglossal nerve 

Sternohyoid muscle 

Omohyoid muscle, superior thyroid artery 
and vein 

Sternothyroid muscle, thyroid cartilage, 
and pyramidal lobe of thyroid gland 
Common carotid artery and sympathetic 
trunk 

Ansa cervicalis 

Phrenic nerve, ascending cervical artery and 
anterior scalenus muscle 


Inferior thyroid artery, vagus nerve and 
internal jugular vein (cut) 

Thyroid gland and unpaired inferior thyroid 
venous plexus 

Thoracic duct and left subclavian trunk 
Subclavius muscle (reflected) 
Sternocleidomastoid muscle (reflected) 
Posterior belly of digastric muscle 
Superior cervical ganglion and splenius 
muscle 

Lesser occipital nerve 

Internal carotid artery and branch of the 
glossopharyngeal nerve to the carotid body 
External carotid artery 


Cervical plexus and accessory nerve 
Inferior root of ansa cervicalis 
Supraclavicular nerve 

Levator scapulae muscle 

Scalenus medius muscle and clavicle 
Transverse cervical artery, brachial 
plexus, and scalenus posterior muscle 
Subclavian artery and vein 
Thoracoacromial artery and pectoralis 
minor muscle 

Pectoralis major muscle 





Neck, deepest dissection (anterolateral aspect). Thyroid gland reflected to expose the esophagus and the recurrent laryngeal 
nerve. 


| Superior cervical ganglion of sympathetic trunk and posterior 
belly of digastric muscle 

Anterior belly of digastric muscle 

Facial artery and common carotid artery (reflected anteriorly) 
Ascending cervical artery and longus colli muscle 

Omohyoid muscle and superior thyroid artery 

Sympathetic trunk and sternohyoid muscle 

Middle cervical ganglion and inferior pharyngeal constrictor 
muscle 

7 Scalenus anterior muscle and phrenic nerve 

8 Thyroid gland and inferior thyroid artery 

9 Vagus nerve and esophagus 

10 Stellate ganglion 

11 Recurrent laryngeal nerve and trachea 
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Common carotid artery and cervical cardiac branch of vagus 
nerve 

Sternocleidomastoid muscle and accessory nerve 

Splenius capitis muscle 

Lesser occipital nerve, longus capitis muscle and cervical plexus 
Phrenic nerve, scalenus posterior muscle and levator scapulae 
muscle 

Supraclavicular nerves and scalenus medius muscle 

Brachial plexus and pectoralis major muscle (clavicular head) 
Transverse cervical artery and clavicle 

Subclavian artery 

Thoracoacromial artéry and pectoralis minor muscle 

First rib, accessory phrenic nerve and subclavian vein 
Internal jugular vein, thoracic duct and subclavius muscle 





Neck and arm, deepest dissection (anterior-lateral aspect). Cervical and brachial plexus and their relation to the blood vessels 
are shown. Note the location and content of scalene triangle. Sternocleidomastoid muscle and clavicle have been removed; 
the internal jugular vein was divided to display the roots of cervical and brachial plexus. 
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Lesser occipital nerve 

Great auricular nerve 

Cutaneous branches of cervical plexus 
Supraclavicular nerve 

Suprascapular nerve and artery 

Brachial plexus 

Median nerve (with two roots) and musculocutaneous nerve 
Axillary artery 

Axillary vein 

Medial brachial cutaneous nerve 

Ulnar nerve 

Thoracodorsal nerve 

Parotid gland and facial nerve (cervical branch) 
Cervical plexus 

Submandibular gland 

Superior thyroid artery 
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Common carotid artery dividing in internal and external 
carotid artery and superior root of ansa cervicalis 
Omohyoid muscle and cervical branch of facial nerve 
joining the transverse cervical nerve (C>, C3) 
Sternohyoid muscle 

Transverse cervical nerve and sternothyroid muscle 
Common carotid artery and vagus nerve 

Phrenic nerve and scalenus anterior muscle 

Internal jugular vein 

Intercostobrachial nerves 

Long thoracic nerve 


<| Horizontal section through the neck at 
the level of the fissure of glottis, viewed 
from above. 


Thyroid cartilage 

Vocal fold and glottis (rima glottidis) 

Arytenoid cartilage 

Common carotid artery 

Internal jugular vein 

Infrahyoid muscles 

Lateral thyroarytenoid muscle 

Sternocleidomastoid muscle 

Transverse arytenoid muscle 

10 Laryngopharynx and inferior constricor 
muscle of pharynx 

11 Longus colli muscle 

12 External jugular vein 

13 Body of cervical vertebra (Cs) 

14 Spinal cord 

15 Vertebra arch 

16 Deep muscles of neck (semispinalis cervicis 
muscle) 

17 Trapezius muscle 

18 Rima glottidis 

19 Levator scapulae muscle 

20 Lymph node 

21 Semispinalis capitis muscle 

22 Splenius capitis muscle 


ecCmranauwntk WN 


<j Section through the neck at the level of 
larynx. (MR-Scan.) 


Hyoid bone 

Thyroid cartilage 
Cervical plexus (C)-C,) 
Phrenic nerve (C,;) 
Sealenus anterior muscle 
Brachial plexus (C;-T,) 
Scalenus medius and posterior muscles 
Subclavian artery 
Subclavian vein 
Superior vena cava 
Cricoid cartilage 
Thyroid gland 

Internal jugular vein 
Common carotid artery 
Inferior thyroid vein 
Ascending aorta 
Descending aorta 
Second rib 


Foo maAanU sf wWNe 


~ 
~ 


b 


{ 


_ 
ww 


— 
~arannt 





A 


Scalene triangle, arrangements of blood 
vessels, and brachial plexus at the lower 
part of the neck. (Schematic diagram.) 





Median sagittal section through the 


vertebral column, head, and thorax of 
the adult. 


Atlas 

Axis 

Seventh cervical vertebra (vertebra prominens) 
Vertebral canal 

First rib 

Clavicle 

Manubrium sterni 

Body of sternum 

Costal arch 

Acromion 

Spine of scapula 

Glenoid cavity (lateral angle of scapula) 


Eleventh rib 
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Skeleton of the trunk, vertebral column, thorax, and pelvis 


(posterior aspect). 


Twelfth rib 

Lumbar vertebrae 

Sacral promontory 

Hip bone 

Symphysis pubis 

Sacrum 

Obturator foramen 
Acetabulum 

Scapula with coracoid process 
Posterior superior iliac spine 
Posterior inferior illac spine 
Ischial spine 


Ischial tuberosity 
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1 Manubrium sterni 
2 Clavicle 

3 Acromion 

4 Coracoid process 
5 Glenoid cavity 

6 Body of sternum 
7 Costal cartilage 

8 Body of the twelfth thoracic vertebra 
9 Body of the first lumbar vertebra 
10 Hip bone 
11 Sacral promontory 
12. Sacrum 
3 Anterior superior iliac spine 
14 Obturator foramen 
IS Atlas 
16 Seventh cervical vertebra 
17 First rib 
18 Xiphoid process 
19 Twelfth rib 
20 Body of the fifth lumbar vertebra 
21 Iliac crest 
22 Coccyx 
23 Symphysis pubis 


Skeleton of the trunk, vertebral column, pelvis, thorax, and shoulder girdle 
(anterior aspect). 


The trunk is divided into segments best visible in the 
thoracic region, where each segment consists of a pair of 
ribs connected anteriorly by the sternum and posteriorly 
by a thoracic vertebra. In the lumbar part of the 
vertebral column only vestiges of ribs are present which 
form what appear to be the transverse processes. In 
cervical vertebrae, remnants of ribs are part of the 


transverse processes. Each segment also comprises 
muscles (e.g. intercostal muscles), nerves, and vessels. 
However, in the cervical and lumbar region the muscu- 
lar segments fuse with each other forming large muscle 
plates, for example, the oblique muscles of the abdo- 
men, while vessels and nerves still retain their segmental 
pattern. 







































































Representative vertebrae from each region of the vertebral column 


(superior aspect). From top to bottom: atlas (C), axis (C2), cervical vertebra (C), 


thoracic vertebra (Th), lumbar vertebra (L), and sacrum (S). 


General organization of ribs and vertebrae. (Schematic diagram. ) 


Typical cervical and thoracic 


vertebrae 


Typical lumbar vertebra and 
sacrum 


Representative vertebrae from each 
region of the vertebral column 
(lateral aspect, ventral surface 

on the right). 
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experience, it is VERY rare in Australia. 


Efficient coil design can be quite complex and all my coils are wound on ferrite rods. There seems to be,at least for 
ordinary single wire windings (close wound), an optimum wire thickness for optimum coil "Q". | have determined 
.315 mm winding wire to be about optimum for simple (single wire) coils on ferrite rods. Thicker wire is NOT better, 
believe it or not. 


Lacking Litz wire, an interesting winding approach | have developed is to use two slightly thinner wires wound as a 
bifilar winding connected together at the beginning and end of the coil, yields considerably higher "Q" compared to 
a simple single wire winding. | have found 0.25 mm winding wire optimum in this application. 


Whilst high "Q" coils are beneficial from the RF point of view, there is a possible downside. If one is interested in 
maximum selectivity and sensitivity, there is no problem, but remember highest "Q" results in a narrowed audio 
band-width as a simple consequence of band-width. For high fidelity applications this could be a disadvantage 
under some circumstances, although there are clever ways around this. 


Regardless of ultimate coil "Q", selectivity is a major issue with crystal sets generally. Here another trade-off is 
evident. For the maximum voltage into the diode, connecting the diode to the high impedance end of the coil (i.e. 
the top) yields the greatest voltage but the selectivity is usually terrible, because of severe "loading" by the diode 
circuit. For this reason, tapping well own the coil improves selectivity at the expense of signal volume (reduced 
voltage). Once again there are ways around this. As described in my "Double Tuned Crystal Set Tuner" article in 
"Amateur Radio" magazine, March 2002, the use of two separately tuned coupled resonant circuits allows top 
connection into the diode without compromising overall selectivity, thanks to the use of a second tuned circuit which 
is fed from the external antenna. The whole network forms a double tuned input bandpass filter and in practice this 
approach works very well. For single coil crystal sets | recommend the use of an un-tuned "antenna" winding 
adjacent to the "hot" end of the main coil, preferably adjustable (old paper reels from sewing cotton threads are 
ideal). This allows the degree of coupling to be optimised under actual listening conditions. The double tuned set up 
is best, yielding superb selectivity, but the un-tuned antenna coil arrangement also works quite well, especially if the 
diode is tapped well down the main coil. Tapping halfway works well. 


The other method of performance improvement involves the use of the most effective detector system possible. 
Here things get very interesting. In fact the temptation is to use more complex circuitry, but that gets away from the 
charming simplicity of the crystal set. As an example, my own crystal set tuner has at times mutated into a TRF 
tuner complete with FET RF preamplifiers, active(powered) detectors and other enhancements. These 
modifications do work well, but loses the simplicity of a basic crystal set. In actuality, a simple diode detector can 
work extremely well, subject to some qualification. Diodes like to work with a reasonable level of RF input voltage. 
Audio distortion can result under conditions of low signal level, due to diode transfer curve non linearity and other 
factors, such as the widespread use of broadcast station "processing". The actual type of diode makes a difference. 
The 1N34A germanium diode is very popular for crystal set use, although in my experience just about ANY 
germanium diode will work, although it is worth trying different specimens. Some are definitely better than others. 
Even from a pack of twenty 1N34A's from the same source, some were definitely better than others. Measuring the 
average value of rectified output voltage across the diode load resistor will show which diodes are best. By the way, 
| regard a diode load resistor as being mandatory. | find a value of about 47K about right, especially if a crystal 
earpiece is being used or the crystal set is being used as a tuner feeding an audio pre-amplifier and following 
amplifier. If using high impedance magnetic type headphones, the headphones provide the diode DC load. 


Another type of diode that is very interesting, is the hot carrier diode. There seem to be a lot of different hot carrier 
diodes around these days. There are even hot carrier diodes now being sold as "germanium diode equivalents". | 
have tried them and they do work acceptably well, but they are not quite as good as genuine germanium diodes 
such as the 1N34A. Typical UHF mixer hot carrier diodes, such as the 1N5711 will not work well in crystal set 
service simply because their "turn on voltage"is too high, similar to silicon diodes such as the 1N4148/914 series, 
which require a lot of RF input to function adequately as RF detectors, however a simple technique can be used to 
turn hot carrier diodes such as the 1N5711 into superlative detectors. 


| guess we are cheating a little, because the technique is to use a little voltage bias supplied via a 1.5v battery, 
through a simple potentiometer voltage divider arrangement, with capacitor (for DC isolation) fed into the diode from 
the tuned circuit. With applied adjustable bias, | find the 1N5711 diodes absolutely superlative detectors under ANY 
signal strength conditions. | find the detection quality also superlative, with a clarity and low noise profile unmatched 
by any other diode arrangement. In my opinion, hot carrier diodes, running bias,are the best detectors overall. 


Regarding other detector arrangements, the diode "voltage doubler" is often recommended, however my own 
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| Foramen transversarium 
2 Vertebral foramen 

3 Body of vertebra 

4 Superior articular facet 
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Base of sacrum 

6 Anterior tubercle of atlas 

Superior articular facet of atlas 

8 Transverse process 

9 Posterior tubercle of atlas 

10 Dens of axis 

11 Superior articular surface 

2 Transverse process 

13. Arch of vertebra 

14 Anterior tubercle of transverse process 

15. Posterior tubercle of transverse process 

16 Spinous process 

17. Shaft of rib 

18 Body of vertebra and head of rib articulating with each other 
(costovertebral joint) 

19 Superior articular process 

20 Transverse process and tubercle of rib articulating with each other 
(costotransverse joint) 

21 Transverse process 

22 Auricular surface 

23 Lateral part of sacrum 

24 Lateral sacral crest 

25 Intermediate sacral crest 

26 Median sacral crest 

27 Inferior articular facet 

28 Superior demifacet for head of rib 

29 Inferior demifacet for head of rib 

30 Inferior vertebral notch 

31 Superior vertebral notch 

32 Apex of the sacrum 





33 Sacral cornu 

General characteristics of the vertebrae. 34 Coccyx 

Typical cervical, thoracic, lumbar vertebrae 35 Dorsal sacral foramina 
36 Mamillary process 

37 Pedicle 


38 Inferior articular process 


and sacrum. 





Green = Ribs or homologous processes 
Red = Muscular processes (transverse and spinous processes) 
General characteristics of lumbar vertebrae Orange = Laminae and articular processes 


and sacrum (posterior aspect). Yellow = Articular facets 





























Skeleton of the thorax (anterior aspect). Skeleton of the thorax (posterior aspect). 


Atlas 
Axis 
Cervical vertebrae 
First thoracic vertebra 
First rib 
Facet for clavicle and clavicular notch 
Manubrium sterni 
Sternal angle 
Body of sternum 
Xiphoid process 
Twelfth thoracic vertebra and rib 
Jugular notch 
ynd rib 
Costal cartilages 
Infrasternal angle 
Costal arch 
Costotransverse joints between the transverse processes 
of thoracic vertebra and the tubercles of the ribs 
Spinous processes 
Costal angle 
Transverse processes of lumbar vertebrae 
Facet for articulation with rib 
Tubercle of rib 
Superior facet for articulation with head of rib 
Articulation of head of rib with two vertebrae 
Inferior facet for articulation with head of rib 
Body of thoracic vertebra 
Costovertebral articulation (right lateral aspect). Body or shaft of rib 








Skeleton of the thorax (right lateral aspect). 


Atlas 

Axis 

Cervical vertebrae 

Seventh cervical vertebra (vertebra prominens) 
First rib 

Facet for clavicle 

Manubrium sterni 

Sternal angle 

Body of sternum 

Costal arch 

Tenth rib 

Eleventh rib 

Twelfth rib 

Spinous processes of cervical vertebrae 
Spinous processes of thoracic vertebrae 
Spinous processes of lumbar vertebrae 
Costal angle 

Intervertebral foramina 

Intervertebral discs 

Cervical curvature 

Thoracic curvature 

Lumbar curvature 

Sacrum 

Coccyx 
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Vertebral column (right lateral aspect). 


T1 


T6 


TAZ 


L1 


19 
L5 


Disarticulated ribs. The twelve ribs a ed in a craniocaudal direction, first rib at top. I-XII = pairs of ribs; 1 = head of rib; 
2 = neck of rib; 3 = tubercle of rib; 4 = body of rib. 


The head of a typical rib articulates with the bodies of ribs) while the remaining five ribs are only indirectly 
jacent vertebrae and the intervening intervertebral connected to the sternum (false ribs, ribs VIII to X) 
disc. The first seven ribs are directly connected through _ or end freely in the lateral wall of the trunk (floating ribs, 





the costal cartilages (not depicted) to the sternum (true ribs XI and XII). 


Two thoracic vertebrae (left lateral aspect). 





Location of costovertebral joints (superior aspect). 


Costovertebral joints. Two thoracic vertebrae with an 


articulating rib (separated). Axis of movement indicated by 


dotted line. Blue = articular facets. (Schematic diagram.) 


Superior articular process 

Vertebral canal 

Body of thoracic vertebra 
Costovertebral joint (articular facets) 
Tubercle of rib 

Head of rib 
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Shaft or body of rib 
Transverse process 
with articular facet 
Spinous process 
Costotransverse joint 


(articular facets) 





Ligaments of thoracic vertebrae and costovertebral joints 
(left anterolateral aspect). 

In the upper joint, most of the radiate ligament and the 
anterior part of the head of the rib have been removed to 
expose the two joint cavities and the interposed intra- 
articular ligament. 


Superior demifacet for head of rib 9 Inferior articular process 

Body of vertebra 10 Intervertebral foramen 

Inferior demifacet for head of rib 11 Spinous process 

Intervertebral disc 12 Anterior longitudinal ligament 
Inferior vertebral notch 13 Intraarticular ligament 

Superior articular facet and 14 Radiate ligament 

superior articular process 15 Superior costotransverse ligament 
Pedicle 16 Body of rib 

Transverse process and facet 17 Intertransverse ligament 


for tubercle of rib 
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Median-sagittal section of the bodies of the vertebrae 
showing the intervertebral discs, each of which consists 


of an outer laminated portion and an inner core. 


1 Body of vertebra 

2 Intervertebral disc 

a Outer portion (anulus fibrosus) 

b Inner core (nucleus pulposus) 

Anterior longitudinal ligament 

4 Posterior longitudinal ligament and spinal dura mater 
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Transverse process of lumbar vertebra 
6 Sacrum 
7 Supraspinous ligament 





Ligaments of the vertebral column (dorsal aspect). 


Interspinous ligament 
Intertransverse ligament 
Superior costotransverse ligament 
Transverse process of thoracic 
vertebra 

Rib 

Ligamentum flavum 

Spinous process 


Intervertebral foramen 





The two caudal lumbar vertebrae and the sacrum with their 
intervertebral discs (anterior aspect). Anterior longitudinal 


ligament removed. 


Ligaments of the vertebral column, thoracic part 


(left lateral aspect). 


Atlas and axis (from above). 
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Atlantooccipital and atlantoaxial joints (posterior aspect). 
Posterior part of occipital bone, posterior arch of atlas and 


axis have been removed to show the cruciform ligament. 


Anterior arch of atlas with anterior tubercle 
Superior articular facet of atlas 

Foramen transversarium and transverse process 
Posterior arch of atlas and vertebral artery 
Posterior tubercle of atlas 

Dens of axis 

Superior articular surface of axis 

Body of axis 

Pedicle and lamina of axis 

Spinous process 

Inferior articular process 

Transverse process and vertebrarterial foramen 
(foramen transversarium) 


Median atlantoaxial joint (anterior part) 








Median atlantoaxial joint and transverse ligament of atlas 
(from above). Dens of axis partly severed. 


Articular capsule of atlantooccipital joint 
Transverse ligament of atlas 

Occipital bone 

Atlantooccipital joint 

Lateral atlantoaxial joint 

Third cervical vertebra 

Superior longitudinal band of 

cruciform ligament 

Alar ligaments 

Transverse ligament of atlas 

Inferior longitudinal band of cruciform ligament 
Spinous process of axis 


Dura mater 





Atlas and axis. Left oblique posterolateral aspect, 
demonstrating the articulation of the dens of axis with 


atlas (cf. arrows). 





Occipital bone, atlas and axis (anterior aspect). 


External occipital protuberance 
Foramen magnum 

Atlantooccipital joint 

Transverse process of atlas 

Membrana tectoria 

Posterior longitudinal ligament 

Spinous process of third cervical vertebra 
Occipital condyle 


Cervical vertebral column and skull with ligaments 


(posterior aspect). Posterior arch of atlas and axis removed 


to show the membrana tectoria. 





Occipital bone, atlas and axis (left lateral aspect). 


Lateral atlantoaxial joint 
Occipital bone 

Atlas 

Axis 

Dens of axis 
Hypoglossal canal 
Spinous processes of axis 


Anterior longitudinal ligament 





Cervical vertebral column and skull with ligaments 
(anterior aspect). Anterior part of occipital bone removed. 
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Muscles of the thorax, superficial layer (lateral aspect). Upper limb elevated. 


Pectoralis major and minor muscles have been removed. 


Axillary vein 
Intercostobrachial nerves 
Subscapularis muscle and 
thoracodorsal nerve 

Long thoracic nerve, lateral 
thoracic artery and vein 
Latissimus dorsi muscle 
External intercostal muscles 
Serratus anterior muscle 
Lateral cutaneous branches of 
intercostal nerves 

External abdominal oblique muscle 
Clavicle (divided) 

Second rib (costo-chondral 
junction) 

Internal intercostal muscles 
External intercostal membrane 
Position of xiphoid process 
Costal arch or margin 

Anterior layer of rectus sheath 





Effect of intercostal muscles on the costovertebral and 
costotransverse joints. Axes of movement indicated by lines; 
direction of movements indicated by arrows. 


A Action of internal intercostal muscles (expiration) 
B_ Action of external intercostal muscles (inspiration) 








Anterior thoracic wall (posterior aspect). Diaphragm partly removed, posterior layer of rectus sheath 


fenestrated on both sides. 


Sternocleidomastoid muscle (di Subclavian artery and brachial plexus 
Clavicle First rib 

Sternothyroid muscle 3 Internal thoracic artery and vein 
Internal intercostal muscle Sternum 

Transversus thoracis muscle 5 Innermost intercostal muscle 
Intercostal arteries and nerves Intercostal artery and vein 
Musculophrenic artery Xiphoid process 

Superior epigastric artery and vein § Linea alba and posterior layer of 
Diaphragm (divided) rectus sheath 





Rectus abdominis muscle Transversus abdominis muscle 
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experiments with the doubler arrangement have been inconclusive and slightly disappointing overall. | have found 
no real advantage in their use over a simple (one) diode detector, believe it or not. 


Yes, they do work, but they're nothing special, at least in my opinion. 
Any comments on this general subject of crystal set optimisation would be welcome. 


73's Felix Scerri VK4FUQ. 
22nd July 2002 





Above: CRYSTAL SET BASED CIRCUIT PROVIDING A HIGH QUALITY PROGRAMME SOURCE 
IMPROVED VERSION OF THE ABOVE CONCEPT !! New update from Felix Scerri February 2010: 
New ‘two FET infinite impedance AM detector' 


I've developed a new version of my old favourite FET ‘infinite impedance' AM detector that | think sounds very nice. 
| include a short audio of one of our local AM stations. | picked this station as it is my reference ‘torture test AM 
station’ as they run very heavy 'processing' which normally sounds yuck with all my other (diode and non diode) 
detectors! However it's quite clean with this detector. What do you reckon? I'll do up a circuit if you'd like to feature 
itin your TRF radio section. A general draft article follows. 


‘A favourite non diode based AM detector that I've built and used many times over the years is the FET based 
infinite impedance detector, offering very good general AM detector performance, especially under weak RF signal 
conditions where diode based detectors do not perform well, especially in terms of audio distortion. 


However one of the slightly strange things I've noticed about the simple FET based infinite impedance detector is 
the variable audio quality noted, even when using the same type of FET. Some I've built have sounded good and 
others slightly fuzzy when used with an audio preamp and fed into a high quality audio system. I've been giving this 
a considerable bit of thought of late and I've wondered if the audio distortion might be a result not necessarily of the 
detection process itself, but the FET stage in its guise as a ‘source follower’ audio stage which essentially, it is. 


| have long been aware that as a simple audio buffer stage, the FET based 'source follower’ can exhibit a 
considerable amount of audio distortion, and a technique I've long used to greatly reduce this audio distortion is to 
use a second FET in the source lead of the first FET as a ‘constant current source’ which serves to '‘linearise’ and 
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Superficial muscles of the anterior thoracic and abdominal wall. The fascia of pectoralis major muscle 
and the abdominal wall have been removed; the anterior layer of the sheath of the rectus abdominis 
muscle is displayed. 


Sternohyoid muscle 

Sternocleidomastoid muscle 

Supraclavicular nerves (branches of cervical plexus) 
Deltoid muscle 

Pectoralis major muscle 

Anterior cutaneous branches of intercostal nerves 
External abdominal oblique muscle 

Lateral cutaneous branches of intercostal nerves 


9 
10 





Umbilicus and umbilical ring 
Clavicle 

Cephalic vein 

Serratus anterior muscle 

Linea alba 

Sheath of rectus abdominis muscle 
(anterior layer) 

Inguinal ligament 


Mandible 
Facial artery 
Submandibular gland 
Hyoid bone 
Thyroid cartilage and 
sternohyoid muscle 
6 Clavicle 
7 Subclavius muscle 
8 Second rib 
9 Anterior cutaneous branches of 
intercostal nerves 
10 External intercostal membrane 
11 Parotid gland 
12 External carotid artery 
13. Sternocleidomastoid muscle and 
cutaneous branches of cervical plexus 
14 Supraclavicular nerves 
15 Pectoralis major muscle and lateral 
pectoral nerves 
16 Thoracoacromial artery and 
subclavian vein 
17. Pectoralis minor muscle 
18 Median and ulnar nerve 
19 Thoracoepigastric vein 
20 Cephalic vein and long head of 
biceps brachii muscle 
21 Lateral thoracic artery and long 
thoracic nerve 
22 Lateral cutaneous branches of 
intercostal nerve 
23 Latissimus dorsi muscle 
24 Median nerve 


: : r ‘ ez 2 xi ery 
Thoracic wall I (anterior aspect). Left pectoralis major muscle has been divided >) Salary wey 
26 Intercostobrachial nerves 


and reflected. Note the connection of the cephalic vein with the subclavian vein. 27 Thoracodorsal nerve 
Arrow: medial pectoral nerve. 28 Long thoracic nerve 


29 Latissimus dorsi muscle 

30 Serratus anterior muscle 

31 Thoracoacromial artery 

32 Clavicle 

33 External intercostal muscle 

34 Third rib 

35 Internal intercostal muscle 

36 Anterior intercostal artery and vein 
37 Costal arch or margin 
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Thoracic wall (lateral aspect). Pectoralis major and minor muscles have been 
removed. A section of the 4th rib has been cut and removed to display the intercostal vessels and nerve. 


1 Anterior perforating branches 
of intercostal nerve 
Mammary gland 
External abdominal oblique muscle 
Rectus sheath (anterior layer) 
Sternocleidomastoid muscle 
Clavicle 
Lateral thoracic artery 
and vein 
8 Pectoralis major muscle 
9 Internal thoracic artery 
and vein 
10 Serratus anterior muscle 
11 Superior epigastric artery 
and vein 
12 Costal margin 
13. Rectus abdominis muscle 
14 Cut edge of the anterior layer 
of the rectus sheath 
15 Subclavian artery 
16 Highest intercostal artery 
17 Internal thoracic artery 
18 Musculophrenic artery 
19 Superficial epigastric artery 
20 Deep circumflex iliac artery 
21 Superior epigastric artery 
22 Inferior epigastric artery 
23 Superficial circumflex iliac artery 
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Thoracic wall II (anterior aspect). Dissection of the internal thoracic artery and 
vein. Left pectoralis major muscle partly removed. Anterior lamina of the rectus 
sheath on the left side has been removed. 
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Main arteries of thoracic and abdominal wall. 


Deltoid muscle 

Cephalic vein 

Pectoralis major muscle (divided) 
Internal intercostal muscle 
Intercostal artery and vein (intercostal 
space, fenestrated) 

Serratus anterior muscle 

External abdominal oblique muscle 
Anterior layer of rectus sheath 

Iliac crest 

Superficial epigastric vein 

Superficial circumflex iliac vein 
Saphenous opening 

Superficial inguinal lymph nodes 
Superficial external pudendal veins 
Great saphenous vein 

Nipple 

Costal margin 

Subcutaneous fatty tissue 

Umbilicus 

Anterior layer of rectus sheath 
Rectus abdominis muscle 

Posterior layer of rectus sheath 
Internal abdominal oblique muscle 
External abdominal oblique muscle 
Transversus abdominis muscle 
Transversal fascia and peritoneum 
Psoas major muscle 

Body of lumbar vertebra (Ls) 
Quadratus lumborum muscle 

Medial tract of erector spinae muscle 
Lateral tract of erector spinae muscle 
(longissimus and iliocostalis muscles) 











Small intestine 
Left ureter 
Abdominal aorta 
Inferior vena cava 





Descending colon 
Spinous process 


Thoracic and abdominal wall I. Right 
pectoralis major and minor muscles 
are divided. Muscles of thoracic 

and abdominal wall on right side are 
displayed. 





Horizontal section of the trunk at the 
level of the umbilicus, superior to 
arcuate line (inferior aspect). 





Deltoid muscle 

Pectoralis major muscle (divided) 
Internal intercostal muscle 
Intercostal artery and vein 

Rectus abdominis muscle 
Tendinous intersections 

External abdominal oblique muscle 
Anterior superior iliac spine 
Superficial circumflex iliac vein 
Superficial epigastric vein 

Great saphenous vein 

Cephalic vein 

Pectoralis major muscle 

Anterior cutaneous branches of 
intercostal nerves 

Nipple 

Linea alba 

Anterior layer of rectus sheath 
Umbilicus 

Inguinal ligament 

Pyramidalis muscle 

Superficial inguinal ring and spermatic 
cord 

Suspensory ligament of penis 
Longissimus and iliocostalis muscles 
Multifidus muscle 

Quadratus lumborum muscle 
Latissimus dorsi muscle 

Psoas major muscle 

Spinous process 

Body of 1st lumbar vertebra 
Transversus abdom muscle 
Internal abdominal oblique muscle 


Thoracic and abdominal wall II. Right pectoralis major and minor muscles 
and anterior layer of rectus sheath have been removed on the right side. 























Horizontal section through the body 
at the level of 4th lumbar vertebra: 
seen from below. (CT-Scan.) 








Thoracic and abdominal wall If. External abdominal oblique muscle has been 
divided and reflected on both sides. The right rectus muscle has been reflected 
medially to display the posterior layer of rectus sheath. Arrow: location of arcuate line. 
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Horizontal-section of the trunk superior 
to arcuate line. (Schematic drawing.) 10 


Costal margin 

Rectus abdominis muscle 

External abdominal oblique muscle 
(reflected) 

Thoracoabdominal (intercostal) nerves 
with accompanying vessels 

Internal abdominal oblique muscle 
Arcuate line (arrow) 

Inferior epigastric artery and vein 
llioinguinal nerve 

Position of deep inguinal ring 
Superficial inguinal lymph nodes 
Great saphenous vein 

Linea alba 

lliohypogastric nerve 

Pyramidalis muscle 

Spermatic cord 

Fundiform ligament of penis 


Medial column of intrinsic muscles 
of the back 

Lateral column of erector spinae muscle 
Thoracolumbar fascia with 
superficial and deep layer 
External oblique muscle 

Internal oblique muscle 
Transversus abdominis muscle 
Transversalis fascia 

Posterior layer of rectus sheath 
Rectus abdominis muscle 
Anterior layer of rectus sheath 


1 Rectus abdominis muscle (reflected) 
2 External abdominal oblique muscle 
(divided) 
Posterior layer of rectus sheath 
Umbilical ring 
Internal abdominal oblique muscle 
Arcuate line (arrow) 
Inguinal ligament 
Inferior epigastric artery and vein and 
rectus abdominis muscle 
(divided and reflected) 
9 Costal margin 
10 Linea alba 
11 Tendinous intersection 
12 Hiohypogastric nerve 
13 Hioinguinal nerve 
14 Pyramidalis muscle 
1S Spermatic cord 
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Thoracic and abdominal wall IV. External abdominal oblique muscle has been 
divided and reflected on both sides. The right rectus muscle has been cut and 
reflected to display the posterior layer of rectus sheath. Arrow: location of arcuate line. 


Peritoneum 

Transversalis fascia (green) 
Transversus abdominis muscle 
Internal abdominal oblique muscle 
External abdominal oblique muscle 
Fascia of external abdominal oblique 
muscle (green) 

7 Skin 

8 Linea alba 

9 Rectus abdominis muscle 
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Transverse sections through the abdominal wall 
superior (a) and inferior (b) to arcuate line. 
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Thoracic and abdominal wall (schematic drawing). Note the segmental 
organization of the blood vessels and nerves. Right side: superficial layers; 
left side: deeper layers. 





Horizontal section of the abdominal wall (from above) showing the 
location of the intercostal arteries (left side) and nerves (right side). 
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Sternocleidomastoid muscle 
Deltoid muscle 

Pectoralis major muscle 

Anterior cutaneous branches of 
intercostal nerves 

Cut edge of anterior layer of rectus 
sheath 

Rectus abdominis muscle 
Tendinous intersection 

External abdominal oblique muscle 
Lateral femoral cutaneous nerve 
Femoral vein 

Great saphenous vein 

Medial supraclavicular nerves 
Pectoralis minor muscle (reflected) 
and medial pectoral nerves 
Axillary vein 

Long thoracic nerve and lateral 
thoracic artery 

Internal thoracic artery 
Intercostal nerves 

Lateral cutaneous branches of 
intercostal nerves 

Superior epigastric artery 
Thoracoabdominal (intercostal) 
nerves 

Transversus abdominis muscle 
Posterior layer of rectus sheath 
Inferior epigastric artery 

Lateral femoral cutaneous nerve 
Inguinal ligament and ilioinguinal 
nerve 

Femoral nerve 

Femoral artery 

Spermatic cord 

Testis 

Posterior intercostal arteries 
Internal abdominal oblique muscle 
Lateral cutaneous branch of 
intercostal nerve 

Dorsal branch of spinal nerve 
Latissimus dorsi muscle 

Deep muscles of the back (medial 
and lateral tract) 

Anterior layer of rectus sheath 
Posterior layer of rectus sheath 
Thoracolumbar fascia 

Spinal cord 

Aorta 

Ventral root | of spinal 

Dorsal root nerve 


Thoracic wall and abdominal wall V. Right side: superficial layers; left side: deeper layers (anterior aspect). Pectoralis major 


and minor muscles, the external and internal intercostal muscles on the left side have been removed to display the intercostal 
nerves. The anterior layer of rectus sheath, the left rectus abdominis muscle and the external and internal abdominal oblique 
muscle have been removed to show the thoracoabdominal nerves within the abdominal wall. 








Abdominal wall with vessels and nerves. The left rectus abdominis muscle has been 
divided and reflected to display the inferior epigastric vessels. The left internal 
abdominal oblique muscle has been removed to show the thoracoabdominal nerves. 
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Arteries and nerves which supply the thoracic and abdominal wall. Note their 
segmental arrangement. (Schematic drawing.) 
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Rectus abdominis muscle 
Tendinous intersection 

Internal abdominal oblique muscle 
External abdominal oblique muscle 
(reflected) 

Anterior superior iliac spine 
Hioinguinal nerve 

Spermatic cord 

Costal margin 

Superior epigastric artery 
Thoracoabdominal (intercostal) nerves 
Posterior layer of rectus sheath 
Transversus abdominis muscle 
Semilunar line 

Arcuate line 

Inferior epigastric artery 

Inguinal ligament 


Internal thoracic artery 
Intercostal artery 

Superior epigastric artery 
Musculophrenic artery 
Gallbladder 

Rectus abdominis muscle 
External abdominal oblique muscle 
Deep circumflex iliac artery 
Superficial epigastric artery + 
Inferior epigastric artery 
Superficial circumflex iliac artery 
Femoral artery 

Intercostal nerve 
Thoracoabdominal nerve (Tio) 
Transversus abdominis muscle 
Posterior layer of the rectus sheath 
liohypogastric nerve (L)) 
Ilioinguinal nerve (L,) 
Spermatic cord 

Genitofemoral nerve (L;. L.) 

a Femoral branch 

b Genital branch 
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greatly reduce audio distortion in the buffer stage overall. So, to test the theory | built a simple one FET infinite 
impedance AM detector which worked well, but with just a hint of audio 'fuzziness' on received AM stations. So | 
added a second FET in the source lead of the first FET wired as a constant current source, taking the output from 
the source of the first RF detector FET and the source resistor and RF bypass capacitor off the source lead of the 
second FET ‘constant current source’. The result, totally clean audio! The theory seems proved! | call this 
modified detector the 'Two FET infinite impedance detector’ 


))) Here's what is sounds like - click to play the audio file ((( 
Here is the circuit diagram: 
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This detector has been a real eye opener for me in terms 
of its excellent performance, especially considering its 
circuit simplicity. Indeed in the past | have designed other 
more complex FET based infinite impedance circuits that 
do not quite work as well in practical terms as this latest 
circuit, at least according to my well calibrated ears! 


| do not have access to any precise test equipment but my 
well calibrated ears tell me this 'two FET infinite 
impedance detector’ is a beauty, surpassing practically 
every other AM detector I've built even at low RF input, 
and that's rather a impressive claim and the audio quality 
when used as an AM tuner feeding a high quality audio 
system is quite remarkable. Possibly the best thing about 
this detector is its excellent performance under weak 
signal conditions. Diode based detectors also work 
beautifully, but the use of an RF stage to ensure detection 
over a linear portion of the diode's curve is mandatory! 
This compound infinite impedance detector works 
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Inguinal canal in the male I. Dissection of superficial layer, right side 
(anterior aspect). 





Inguinal canal in the male II, right side (anterior aspect). 
The external abdominal oblique muscle has been divided to display 
the inguinal canal. 
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Regions and reference lines 
for delineating surface projections. 
Reference lines and regions 
Median line 

Lateral sternal line 

Parasternal line 

Left lateral or midclavicular line 
Midaxillary line 
Transpyloric plane 
Transtubercular plane 
Hypochondriac region 

9 Epigastric region 

10 Lumbar region 
11 Umbilical region 
12 Iliac region 
13 Hypogastric region 
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1 Anterior superior iliac spine 
2 Medial crus of inguinal ring 
3 Inguinal ligament 
4 Lateral crus of inguinal ring 
5 Superficial epigastric vein 
6 Saphenous opening 
7 Superficial inguinal lymph nodes 
8 Great saphenous vein 
9 Anterior cutaneous branches of femoral nerve 
10 Anterior layer of rectus sheath 
11 Intercrural fibers 
12. Superficial inguinal ring 
13. Spermatic cord and genital branch 
of genitofemoral nerve 
14 Penis 
15 Aponeurosis of external abdominal oblique 
muscle (divided and reflected) 
16 Internal abdominal oblique muscle 
17 Ihoinguinal nerve 
18 Anterior cutaneous branches of iliohypogastric 
nerve 
19 Superficial external pudendal veins 





Inguinal canal in the male III. Deep dissection (anterior aspect, right 
side). Spermatic cord with exception of ductus deferens (probe) has 
been divided and reflected. 





General characteristics of lower part of anterior abdominal 
wall and inguinal canal. (Schematic drawing. ) 


39 


Internal abdominal oblique muscle (reflected) 
Transversus abdominis muscle 

Inguinal ligament 

Spermatic cord with the exception of the ductus 
deferens (divided and reflected) 

Ductus deferens and interfoveolar ligament 
Superficial circumflex iliac artery 

Femoral artery and yein 

Superficial inguinal lymph nodes and inguinal 
lymph vessel 

Inferior epigastric artery and vein 

Falx inguinalis or conjoint tendon (cut) 
Pubic branch of inferior epigastric artery 
Superficial inguinal ring 

Penis 

External abdominal oblique muscle 
Anterior superior iliac spine 

Intercrural fibers 

Fascia lata and sartorius muscle 

Saphenous opening and great saphenous vein 
Deep inguinal ring 

Skin of scrotum and dartos muscle 
Cremaster muscle 

Internal spermatic fascia 

Ductus deferens 

Epididymis 

Peritoneum (blue) 

Remnant of processus vaginalis 

Tunica vaginalis testis 

Rectus abdominis muscle 

Spermatic cord with ductus deferens covered 
by external spermatic fascia 

Anterior layer of rectus sheath 

Suspensory ligament of penis 

Testis and epididymis 

Ductus deferens 

Pampiniform venous plexus and testicular 
artery 

Inferior epigastric artery 

Lateral femoral cutaneous nerve 

Ilioinguinal nerve 

Femoral nerve 

Sartorius muscle 

Deep dorsal vein of penis 


Inguinal hernias may either pass 
through the inguinal canal lateral to the 
inferior epigastric artery (indirect or 
lateral inguinal hernias, A and C) or 
directly penetrate the abdominal wall 
through the inguinal triangle located 
medial to the inferior epigastric artery 
(direct or medial inguinal hernias, B). 
The lateral hernias can be congenital 
if the vaginal process remains open (C) 
or acquired (A) if the hernia develops 
independently of a patent processus 
vaginalis. 

Femoral hernias generally protrude 
through the femoral ring below the 
inguinal ligament. Proper assessment of 
the site of herniation requires the 
identification of both the inguinal 
ligament and the epigastric artery. 
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il. a 
Inguinal and femoral region in the male (anterior aspect). On the right, the spermatic cord was dissected to display the ductus 
deferens and the accompanying vessels and nerves. The fascia lata on the left side has been removed. 








Layers of spermatic cord and types of hernias. Left: Normal situation; middle: Location of acquired inguinal hernias; 

A = indirect; B = direct inguinal hernia. Right: congenital indirect inguinal hernia (C); the vaginal process remained open. 
I = Median umbilical fold, containing urachus chord. 

II = Medial umbilical fold with remnants of umbilical artery and vein. 

III = Lateral umbilical fold with inferior epigastric artery and vein. 


Aponeurosis of external abdominal 

oblique muscle 

Internal abdominal oblique muscle 

(divided and reflected) 

Transversus abdominis muscle 

Superficial circumflex iliac artery and 

vein 

Superficial inguinal ring with fat pad 

Medial and lateral crural fibers 

Round ligament (ligamentum teres uteri) 

Labium majus pudendi 

Anterior layer of rectus sheath 

Superficial epigastric artery and vein 

Inguinal ligament 

Cutaneous branch of ilioinguinal nerve 

Superficial inguinal lymph nodes 

Entrance of round ligament into the 

labium majus 

External pudendal artery and vein 

Position of deep inguinal ring 

Hlioinguinal nerve 

Internal abdominal oblique muscle 

Pubic branch of inferior epigastric 

artery ‘ 

20 Genital branch of genitofemoral nerve 

21 Fat pad of inguinal canal 

22 Ilioinguinal nerve 

23 Sheath of round ligament (inguinal 
canal) 

24 Transversalis fascia 





Inguinal region in the female (anterior aspect). Left side: superficial layer; 
right side: external and internal abdominal oblique muscle divided and reflected. 





Inguinal canal of the female I (anterior aspect, right side). Inguinal canal of the female II (anterior aspect, right side). 
The external abdominal oblique muscle has been divided and The external and internal abdominal oblique muscle have 
reflected, to display the ilioinguinal nerve and the round been divided and reflected to show the content of the inguinal 


ligament. canal. 


Occipital belly of occipitofrontalis muscle 
Splenius capitis muscle 
Sternocleidomastoid muscle 
Trapezius muscle 
Deltoid muscle 
Teres minor muscle 
Medial margin of scapula 
Rhomboid major muscle 

9 Teres major muscle 
10 Latissimus dorsi muscle 
11 Thoracolumbar fascia 
12. External abdominal oblique muscle 
13 Iliac crest 
14 Gluteus maximus muscle 
15 Position of last coccygeal vertebra 
16 Anus 
17 Semispinalis capitis muscle 
18 Splenius cervicis muscle 
19 Levator scapulae muscle 
20 Spine of scapula 
21 Rhomboideus minor muscle 
22 Infraspinatus muscle 
23 Triceps brachii muscle 
24 Serratus anterior muscle 
25 Iliocostalis muscle 
26 External intercostal muscle 
27 Serratus posterior inferior muscle 
28 Latissimus dorsi muscle (cut edge) 
29 Fascia over gluteus medius muscle 
30 Long head of biceps femoris muscle 
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Muscles of the back I. Superficial layer on the left, deeper layer on the 
right. Right latissimus dorsi and trapezius muscles are removed. 


Origin and insertion of iliocostalis and 
longissimus muscles. (Schematic 
drawing.) 


Rectus capitis posterior minor muscle 
Rectus capitis posterior major muscle 
Obliquus capitis inferior muscle 
Spinous process of axis 

Semispinalis cervicis muscle 

Spinous process of seventh vertebra 
lliocostalis cervicis muscle 

External intercostal muscles 
lliocostalis thoracis muscle 
Longissimus thoracis muscle 
lliocostalis lumborum muscle 
Internal abdominal oblique muscle 
Semispinalis capitis muscle (divided) 
Longissimus capitis muscle 

Levator scapulae muscle 
Longissimus cervicis muscle 
Rhomboid major muscle 

Spinalis thoracis muscle 

Serratus posterior inferior muscle 
(reflected) 

Spinous process of second lumbar 
vertebra 


Muscles of the back II. Dissection of deep muscles. Erector spinae muscle. 


Iliac crest 
Mastoid process 





Muscles of the back III. Transversospinal muscles, deepest layer on the right, 
where all parts of semispinalis and multifidus muscles have been removed. 
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Medial column of intrinsic muscles 
of the back. Transversospinal and 
intertransversal system. (Schematic 
drawing.) 


Rectus capitis posterior minor muscle 
Obliquus capitis superior muscle 
Rectus capitis posterior major muscle 
Obliquus capitis inferior muscle 
Spinous process of axis 

Longissimus capitis muscle 

Trapezius muscle (reflected) and 
accessory nerve (n. XI) 

Spinous processes 

Rhomboid major muscle 

Transverse processes of thoracic 
vertebrae 

Teres major muscle 

Intertransverse ligaments 

Levatores costarum muscles 
Rotatores muscles 

Tendons of iliocostalis muscle 
Intertransversarii lumborum muscle (lateral) 
Iliac crest 

Gluteus maximus muscle 
Semispinalis capitis muscle 
Semispinalis cervicis muscle 
Semispinalis thoracis muscle 
External intercostal muscles 
Multifidus muscle 

Intertransversarii posterior cervicis muscle 
Spinalis thoracis muscle 


Occipital belly of occipitofrontalis muscle 
Splenius capitis muscle 

Trapezius muscle 

Medial cutaneous branches of dorsal rami of 
spinal nerves 


wn 


- 


Medial margin of scapula 
Rhomboid major muscle 
Latissimus dorsi muscle 

Lateral cutaneous branches of dorsal rami of 
spinal nerves 

9 Thoracolumbar fascia 
10 External abdominal oblique muscle 
11 Iliac crest 

12 Last coccygeal vertebra 

13. Anus 

14 Greater occipital nerve 
15. Third occipital nerve 
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16 Lesser occipital nerve 

17 Cutaneous branches of cervical plexus 

18 Levator scapulae muscle 

19 Deltoid muscle 

20 Rhomboid major and minor muscles 

21 Upper lateral cutaneous nerve of arm 
(branch of axillary nerve) 

22 Teres major muscle 

23  Iliocostalis thoracis muscle 

24 Serratus posterior inferior muscle 

25 Superior cluneal nerves 

26 Middle cluneal nerves 

27 Inferior cluneal nerves 

28 Posterior femoral cutaneous nerve 


> 
To page 213: 
1 Trapezius muscle 
2 Infraspinatus muscle 
3 Left latissimus dorsi muscle 
4 Thoracolumbar fascia 
5 Splenius cervicis muscle 
6 Serratus posterior superior muscle 
7 Medial branches of dorsal rami 
of thoracic spinal nerves 
8 Lateral branches of dorsal rami 
of thoracic spinal nerves 
9 Iliocostalis muscle 
Serratus posterior inferior muscle 
11 Latissimus dorsi muscle (reflected) 





Innervation of the back I. Superficial (left) and deeper (right) layers. 
Right trapezius and latissimus dorsi muscles removed. 10 


Innervation of the back II. Dissection of the dorsal branches of spinal nerves. On the right, longissimus thoracis 
muscle has been removed and iliocostalis muscle laterally reflected. 





Greater occipital nerve (C)) 
Suboccipital nerve (C;) 
Medial branches of dorsal rami of spinal nerves 
Lateral branches of dorsal rami of spinal nerves 
Superior cluneal nerves (L,-Ls) 
Middle cluneal nerves (S;—S3) 
Inferior cluneal nerves (derived from branches 
of the sacral plexus, ventral rami) 
8 Lesser occipital nerve 
9 Great auricular nerve 
10 Trapezius muscle 
11 Deltoid muscle 
12 Latissimus dorsi muscle 
13 Gluteus maximus muscle 
14 External intercostal muscle 
15 Internal intercostal muscle 
16 Innermost intercostal muscle 
17 Dorsal ramus of spinal nerve 
18 Spinal nerve and spinal ganglion 
19 Sympathetic trunk with ganglion 
20 Intercostal nerve 
21 Lateral cutaneous branch 
22 Anterior cutaneous branch 
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\ of intercostal nerve 





General characteristics of the innervation of the back. 
Distribution of dorsal branches of spinal nerves. Note the 
segmental arrangement of the innervation of the dorsal part of 
the trunk. (Schematic drawing.) 





Position and branches of spinal nerves in one segment of 
thoracic wall. (Schematic drawing.) 


1/8/2018 Crystal Sets 5 - Experimental Crystal Set 
beautifully on the sniff of a useable RF signal. 


Just add a high Q tuned circuit and that's it! 


Felix Scerri 
VK4FUQ 


A better FET for the ‘basic’ Infinite Impedance Detector: 


Quite recently by accident, I've realised the MPF102 FET that I've long used in my FET based infinite impedance 
detectors is possibly not the best FET to use. This was the reason why | developed the ‘two FET' infinite 
impedance detector some time ago which works very well. 


However I've found the choice of a more suitable FET works beautifully in the basic FET based infinite impedance 
detector circuit, which has appeared for many years in many editions of the ARRL Handbook. 


| use the 2N5457 and others of the same ‘family’ may be equally suitable, but | haven't tried them! However with a 
2N5457 in place of an MPF102, the basic infinite impedance detector has became my AM detector of choice. It 
works beautifully even at low signal input with lovely and clean low distortion audio along with a very high input 
impedance for good tuning selectivity. It's a beauty! The basic generic circuit is attached, courtesy of Rod Elliott's 
ESP website. 


73 Felix VK4FUQ 
10/02/2012. 


S&P Detector 
Q1 2N5484 


RF Transformer 
H 





The basic generic circuit is attached, courtesy of Rod Elliott's ESP website 
Felix Scerri VK4FUQ 


As often happens with me, my renewed interest in FET based ‘infinite impedance detectors’ of late has led to some 
interesting new research and | may have considerably improved the 'two FET infinite impedance detector’ as a 
result. 


My research suggests that although the use of a CCS (constant current source) reduces audio distortion in an 
audio stage, the value of the ‘source resistor' in the CCS stage is somewhat critical for best results. 


By using a potentiometer in lieu of a fixed resistor | have found that a resistance value of around 470 kohms 
cleaned up all overall audio distortion. | used an MPF 102 as the CCS in this circuit. An interesting and worthwhile 
little circuit refinement. 


73 Felix VK4FUQ 
21/02/2012. 


A Minimum Component Count High Quality AM Detector 
| was generally messing around with various circuit ideas and | came up with this AM detector circuit, a simple 
diode detector along with a FET stage. It was an attempt to provide good performance along with minimum number 


of components. Actually I've been pleasantly surprised at the excellent level of general performance and the best 
of all, it sounds great! 
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Innervation of the back III. Deeper layer (dorsal aspect). 


Semispinalis capitis muscle 

Left splenius capitis muscle 

(cut and reflected) 

Left splenius cervicis muscle 

(cut and reflected) 

Semispinalis thoracis muscle 
Spinalis thoracis muscle 
Latissimus dorsi muscle (reflected) 


Iliac crest 

Lesser occipital nerve 

Splenius capitis muscle 

Levator scapulae muscle 

Splenius cervicis muscle 

Serratus posterior superior muscle 
Scapula 








Medial branches of dorsal rami 

of spinal nerves 

Rib and external intercostal muscle 
lliocostalis thoracis muscle 

Lateral branches of dorsal rami 

of spinal nerves 

Multifidus muscle 

Superior cluneal nerves 











Lumbar portion of spinal cord. Note the relation between 
the nervous and muscular segments. 


Innervation of the back IV. Spinal cord in 
the vertebral canal (opened). Longissimus 
dorsi muscle has been removed and iliocostal 
muscle reflected. 


Cerebellomedullary Spinal arachnoid mater 

cistern and cerebellum Filum terminale 

Medulla oblongata Conus medullaris 

Greater occipital nerve (C;) Cauda equina 

Third cervical nerve (C, 3 Lateral branches of dorsal 

Dorsal primary ramus rami of spinal nerves 

Dorsal roots Ventral ramus of spinal 

Spinal ganglion nerve (intercostal nerve) 
Terminal part of spinal cord. Dura removed. S$. Spinal dura mater 5 Iliocostalis muscle 





ch of vertebra (divided) 


Spinal nerve with me 2al coverings 
Dorsal roots of thoracic spinal nerves 
Spinal cord (thoracic portion) 

Spinal ganglia with meningeal coverings 
Pia mater with blood vessels 

Dura mater (opened) 

Denticulate ligament 

Lateral branch of dorsal ramus 
Dorsal ramus of spinal nerve 
(dividing into a medial and lateral 
branch) 

Medial branch of dorsal ramus 

of spinal nerve 

Spinal dura mater 

Spinal nerves of sacral segments 
Filum terminale 


Thoracic portion of spinal cord (dorsal aspect). Vertebral canal and dura mater 
opened. 


Terminal part of spinal cord with dura 
mater (dorsal aspect). Dorsal part of 
sacrum removed. 








Horizontal section of the neck. Dissection of the second 
cervical spinal nerve. Posterior surface at top of figure. 





Meningeal coverings of the spinal cord (anterior aspect), 
(Schematic drawing. ) 


Sagittal section through the vertebral canal, Ty—L». 
(MR-Scan.) 
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Trapezius muscle 
Semispinalis capitis muscle 
Dorsal ramus of spinal 
nerve 
Sternocleidomastoid muscle 
Platysma muscle 

Dorsal and ventral roots 
of spinal nerves 

Spinal ganglion 

Posterior belly of digastric 
muscle 

Ventral ramus of spinal 
nerve 

Vertebral artery 

Great auricular nerve 
Superficial temporal artery 
Styloid process 

Internal jugular vein and 
internal carotid artery 
Rectus capitis posterior 
major muscle 

Dura mater and 
subarachnoid space 
Denticulate ligament 
Vertebral artery 

Parotid gland 

Dens of axis (divided) and 


inferior articular facet of atlas 


Longus capitis muscle 
Pharyngeal cavity 
Medial pterygoid muscle 
Periosteum of vertebral 
canal 

Posterior spinal arteries 
Anterior spinal artery 
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28 
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Meningeal coverings 
Dura mater 

Subdural space 
Extradural or epidural 
space with venous plexus 
and fatty tissue 
Arachnoid (green) 
Subarachnoid space 
Pia mater (pink) 
Nucleus pulposus 
Crus of diaphragm 
Intervertebral disc 
Body of first lumbar 
vertebra 

Spinal cord 

Conus medullaris 
Cauda equina 

Filum terminale 
Spinous process 





Sagittal section through vertebral canal, T,.—L». 
Notice red bone marrow (unfixed). 
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Median section of the head and trunk in the Median section of the head and trunk in the neonate. Note 
adult (female). The conus medullaris of the that in the neonate the conus medullaris of the spinal cord 
spinal cord is located at the level of L). extends far more caudally than in the adult. 


Cerebrum Pancreas Conus medullaris 
Corpus callosum Transverse colon Cauda equina 
Pons 3. Umbilicus 

Larynx Small intestine 244 Vagina 

Trachea 5 Uterus 5 Anus 

Left atrium Urinary bladder Inferior vena cava 
Right ventricle Pubic symphysis 7 Aorta 

Esophagus § 6Cerebellum § Umbilical cord 
Liver Medulla oblongata 29° Thymus 

Stomach 20 Spinal cord 








Dorsal aspect of the neck I. Superficial layer. Nuchal region and shoulder. 


1 Sternocleidomastoid muscle 

2 Lesser occipital nerve 

3 Descending fibers of trapezius muscle 

4 Spine of scapula 

5 Medial cutaneous branches of dorsal rami of spinal nerves 
6 Medial margin of scapula 

7 Rhomboid major muscle 

8 Latissimus dorsi muscle 

9 Galea aponeurotica 
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Occipital belly of occipitofrontalis muscle 
Greater occipital nerve 

Third occipital nerve 

Splenius capitis muscle 

Great auricular nerve 

Cutaneous nerves of cervical plexus 
Transverse fibers of trapezius muscle 
Ascending fibers of trapezius muscle 
Teres major muscle 
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Dorsal aspect of neck II. Deeper layer. The left trapezius muscle has been divided and reflected. On the right, trapezius, 
rhomboid and splenius muscles have been divided. Right levator scapulae muscle has been slightly reflected. 


Galea aponeurotica Left trapezius muscle and accessory nerve 20 Splenius cervicis muscle 

Occipital belly of occipitofrontalis muscle 2 Levator scapulae muscle Right accessory nerve and superficial 
Occipital artery 3 Superficial branch of transverse cervical branch of transverse cervical artery 
Greater occipital nerve (C>) artery Right levator scapulae muscle 
Semispinalis capitis muscle Thomboid minor muscle 23 Dorsal scapular nerve and deep branch 
Sternocleidomastoid muscle 5 Rhomboid major muscle of transverse cervical artery 

Lesser occipital nerve Medial margin of scapula Serratus posterior superior muscle 
Left splenius capitis muscle Medial branches of dorsal rami of spinal 25 Right trapezius muscle (divided and 
Third occipital nerve (C3) nerves reflected) 

Spinous process of vertebra Ligamentum nuchae Right rhomboid major muscle 
orominens (C;) Splenius capitis muscle (divided) (divided and reflected) 
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Dorsal aspect of neck III. Deepest layer. Nuchal region. Trapezius muscle and splenius capitis and cervicis 


muscles have been d d 


Skin of scalp 

Galea aponeurotica 

Occipital belly of occipitofrontalis 
muscle 

Occipital artery 

Greater occipital nerve 

Third occipital nerve 
Semispinalis capitis muscle 
Levator scapulae muscle 


and partly removed or reflected. 


‘sory nerve (n. X1) 
Superficial cervical artery 
Trapezius muscle (reflected) 
Longissimus cervicis muscle 
Medial cutaneous branches of 
dorsal rami of spinal nerves 
Medial margin of scapula 
Splenius capitis muscle (divided) 
Sternocleidomastoid muscle 


Lesser occipital nerve 

Great auricular nerve 

Splenius cervicis muscle 
Longissimus cer muscle 
Spinous pro of seventh cervical 
vertebra (vertebra prominens) 
Rhomboid muscles (divided) 
lliocostalis thoracis muscle 





issimus thoracis muscle 


1 Semispinalis capitis muscle 
(divided) 
2 External occipital protuberance 
3 Obliquus capitis superior 
muscle 
4 Rectus capitis posterior minor 
muscle 
5 Rectus capitis posterior major 
muscle 
6 Vertebral artery 
7 Obliquus capitis inferior muscle 
8 Spinous process of axis 
9 Third cervical vertebra 
10 Occipital belly of 
occipitofrontalis muscle 
11 Greater occipital nerve 
12 Suboccipital nerve (C;) 
13. Lesser occipital nerve 
14. Third occipital nerve (C3) 
15 Mastoid process and 
splenius capitis muscle 
16 Atlas 
17 Axis 
18 Spinous process of third cervical 
vertebra 
19 Right semispinalis cervicis 
muscle 
20 Deep cervical artery 
21 Left splenius capitis muscle 
(divided) 
22 Left sternocleidomastoid 
muscle 
Great auricular nerve 
Left semispinalis capitis muscle 
Left longissimus cervicis muscle 
Levator scapulae muscle 
Muscular branch of 
vertebral artery 
Left semispinalis cervicis muscle 
(divided) 
Medial branches of dorsal 
Dorsal aspect of neck IV. Deepest layer, suboccipital triangle; right semispinalis capitis muscle rami of spinal nerves 
divited and reflected. 
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Occipital artery 
Dorsal scapular nerve 
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3 

4 15 

5 

6 

7 16 
17 
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9 18 


Suboccipital triangle and position of the vertebral artery. 
(Schematic drawing. ) 


















































Dorsal aspect of neck V. Nuchal region. Deepest layer. Dissection of suboccipital triangle on both sides. 


Occipital belly of occipitofrontalis muscle 
Occipital artery 

Insertion of semispinalis capitis muscle (divided) 
Lesser occipital nerve (from cervical 
plexus) 

Suboccipital nerve (C;) 

Greater occipital nerve (C,) 

Splenius capitis muscle (reflected) 
Splenius cervicis muscle 

Levator scapulae muscle 

Accessory nerve (n. XI), trapezius muscle 


Longissimus cervicis muscle 
Iliocostalis cervicis muscle 

Medial cutaneus branches of dorsal rami 
of spinal nerves (C,, Cx) 

Longissimus thoracis muscle 

Medial margin of scapula 

Rectus capitis posterior minor muscle 
Obliquus capitis superior muscle 
Rectus capitis posterior major muscle 
Obliquus capitis inferior muscle 
Spinous process of axis 


Semispinalis cervicis muscle 
Semispinalis capitis muscle 
(divided and reflected) 
Transverse cervical artery 
(superficial branch) 
Serratus posterior superior muscle 
(divided and reflected) 
Rhomboid minor muscle 
(divided and reflected) 
Rhomboid major muscle 
(divided and reflected) 
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The circuit is quite conventional being a BAT 46 diode detector feeding an MPF102 FET buffer/ common source 
amplifier stage. | would ordinarily use a FET source buffer stage in this application, but opted to use a simple low 
gain FET ‘common source’ amplifier stage instead, with excellent results. | also used a BAT 46 Schottky diode 
instead of an ordinary germanium signal diode. 


This was done for several reasons. Firstly, germanium diodes are now very hard to find but in any case these 
‘germanium diode equivalent’ Schottky diodes are actually a superior diode, having very low noise, almost zero 
back leakage and an essentially complete absence of carrier storage effects and very good weak signal sensitivity. 
| call these diodes high fidelity diodes as they sound wonderful as RF detectors. 





Circuit Diagram of the Minimum Component Count AM Detector by Felix Scerri 
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~ Minimum Component Count AM Detector by Felix Scerri 
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Neck, deepest layer. Spinal cord and medulla oblongata (dorsal aspect). Cranial cavity opened. 


l 
2 
3 
4 
5 
6 
7 
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Vermis of the cerebellum 

Medulla oblongata and posterior spinal a 
Vertebral artery 

Spinal ganglion 

Occipital artery 

Cerebellum 

Cerebellomedullary cistern 

Atlas 





Greater occipital nerve (C,) 

Levator scapulae muscle and intertransverse ligament 
Dorsal roots of spinal nerves 

Vertebral arch 

Denticulate ligament and arachnoid mater 

Area where pia mater has been removed 

Dura mater 

Dorsal rami of spinal nerves 














Deeper layer of the dorsal neck (obli 
removed. 


Great auricular nerve Trapezius muscle Splenius cervicis muscle 
Accessory nerve (n. XI) Occipital artery Serratus posterior superior muscle 
Scalenus posterior muscle Greater occipital nerve Deep cervical vein (variant) 
Transverse cervical artery Semispinalis capitis muscle Rhomboid minor muscle 
Omohyoid muscle Longissimus capitis muscle Levator scapulae muscle 
Muscular branch of cervical plexus Splenius capitis muscle 3 ~Sternocleidomastoid muscle 
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1 Thyroid gland 
{ 13 2 Internal jugular vein 
3 Right common carotid artery 
2 14 4 Right axillary vein 
3 5 Right brachiocephalic vein 
6 Superior lobe of right lung 
4 15 7 Right atrium 
5 8 Right coronary artery 
9 Middle lobe of right lung 
16 10 Right ventricle 
7 11 Diaphragm 
18 12 Liver (left lobe) and 
6 : ioame 
falciform ligament 
@ 13. Left internal jugular vein 
7 14 Trachea 
15 Left brachiocephalic vein 
8 16 Superior lobe of left lung 
17 Cut edge of pericardium 
20 18 Ascending aorta 
9 19 Pulmonary trunk 


20 Inferior lobe of left lung 
Left ventricle 

Costal margin 

Right pulmonary artery 
Esophagus 

Descending aorta 
Pericardium 

Aortic valve 

Thymus 

Diaphragm 
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Thoracic organs, heart and lungs in situ (ventral aspect). Anterior thoracic wall, parietal 
pleura and pericardium had been removed. 


Divisions of Main content 
mediastinum 


Superior Trachea, brachiocephalic veins, 
mediastinum thymus, aortic arch, esophagus, 
(yellow) thoracic duct 


Middle Heart, ascending aorta, pulmonary 


mediastinum trunk, pulmonary veins, phrenic 
(light blue) nerves 


Posterior Esophagus with vagus nerves, 
mediastinum descending aorta, thoracic duct, 
(red) sympathetic trunks 





Anterior mediastinum | Small vessels, connective and fatty 
(pink) tissue, and thymus in a child 





Sagittal section through thoracic cavity. The divisions 
of the mediastinum are indicated by colors. 


Cricothyroid muscle 

Right internal jugular vein 
Vagus nerve 

Right common carotid artery 
Right subclavian vein 
Right brachiocephalic vein 
Superior vena cava 

Upper lobe of right lung 
Right auricle 

Middle lobe of right lung 
Oblique fissure of right lung 
Lower lobe of right lung 
Diaphragm 

Falciform ligament 

Costal margin 

Transverse colon 

Thyroid gland 

Trachea 

Left internal jugular vein 
Left cephalic vein 

Left brachiocephalic vein 
Pericardium (cut edge) 
Upper lobe of left lung 
Right ventricle 

Left ventricle 

Anterior interventricular sulcus 
Lower lobe of left lung 
Xiphoid process 

Liver 

Stomach 

Pectoralis major muscle 


Positions of thoracic organs. The anterior thoracic wall has been removed. 
Arrow: horizontal fissure of right lung. 


Horizontal section through the thorax at the level of the 7th thoracic vertebra (from below). 








Sagittal section through the left thorax, 2 cm lateral to the 
median plane. 





Sagittal section through the left thorax, 3.5 cm lateral to 
the median plane. 


Sagittal section through the thorax. MR-Scan. 
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Sternum 

Pulmonary trunk 

Left ventricle and bulb of aorta 
Left atrium 

Left main bronchus 
Esophagus 

Descending aorta 

Serratus anterior muscle 
Teres major muscle 

Rib 

Trapezius muscle 

Right atrium 

Left pulmonary vein 

Right pulmonary vein 
Right main bronchus 
Azygos vein 

Body of vertebra 

Spinal cord 

Scapula 

Left common carotid artery 
Sternoclavicular articulation with disc 
Right pulmonary artery 
Remnants of thymus 
Aortic bulb 

Right atrium 


Entrance of inferior vena cava in right atrium 


Pancreas 

Left renal vein 
Duodenum 

Transverse colon (dilated) 
Small intestine 
Umbilicus 

Left subclavian artery 
Aortic arch 

Thoracic aorta 
Abdominal aorta 
Intervertebral disc 

Body of lumbar vertebra 
Aortic valve 

Cardia of stomach 
Suprarenal gland 
Splenic vein 


1 Sphenoid sinus 

2 Pharyngeal opening of auditory tube 

3 Spinal cord 

4 Dens of axis 

5 Oropharynx (oropharyngeal isthmus) 
6 Epiglottis 

Entrance of larynx 

8 Esophagus 

9 Upper lobe of right lung 

10) Azygos vein 
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11 Branches of pulmonary artery 
12. Right main bronchus 

13 Bifurcation of trachea 

14. Tributaries of right pulmonary veins 
15 Middle lobe of right lung 

16 Lower lobe of right lung 

17 Frontal sinus 

18 Superior nasal concha 

19 Middle nasal concha 

20 Inferior nasal concha 

21 Hard palate 

Soft palate with uvula 

23 Tongue 

24 Vocal fold 

25. Larynx 

26 Trachea 

27 Upper lobe of left lung 

28 Left pulmonary artery 

29 Left main bronchus 

30 Left pulmonary veins 


31 Lower lobe of left lung 





To page 231: 
Respiratory system. The lungs have been fixed in expiration and turned 1 Nasal cavity 
laterally. Head bisected and turned laterally. 2 Pharynx 
i : 3. Larynx (thyroid cartilage) 
4 Trachea 
5 Upper lobe of right lung 
6 Bifurcation of trachea 
Right main bronchus 
8 Horizontal fissure of right lung 
9 Middle lobe of right lung 
10 Oblique fissures of lungs 
11 Lower lobe of right lung 
12 Clavicle 
13. Upper lobe of left lung 
14. Left main bronchus 
15 Bronchi supplying bronchopulmonary 
segments 
16 Lower lobe of left lung 
17 Costal margin 
18 Hyoid bone 
19 Right superior lobe bronchus 
20 Right middle lobe bronchus 
21 Right inferior lobe bronchus 
22 Left superior lobe bronchus 


23 Left inferior lobe bronchus 





24 Segmental bronchi 
Bronchial tree (ventral aspect). The lung tissue has been removed. The 25 Branches of pulmonary arteries 
bronchopulmonary segments are numbered 1-10. 26 Branches of pulmonary veins 














Larynx, trachea and bronchial tree (anterior aspect). Organization and positions of respiratory organs. 
(Schematic drawing.) 


Mediastinal dissection of the bronchial tree, pulmonary veins, and pulmonary arteries of right lung (left) and left lung (right) 
(medial aspect). Segmental bronchi are numbered 1-10. 
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Surface projections of lungs and pleura on the thoracic wall. Left: anterior aspect; right: right-lateral aspect. 


Red = margins of the lung; blue = margins of pleura. The numbers indicate ribs. 





Surface projections of lungs and pleura on thoracic wall. Left: posterior aspect; right: left-lateral aspect. 
Red = margins of lung; blue = margins of pleura. The number indicate ribs. 


Apex of lung 

Upper lobe of right lung 
Horizontal fissure of right lung 
Middle lobe of right lung 
Oblique fissures of lungs 


1 
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Lower lobe of right lung 
Upper lobe of left lung 
Cardiac notch of left lung 
Lower lobe of left lung 
Infrasternal angle 


Costal margin 

Spine of scapula 

1st lumbar vertebra 

Space between border of lung and pleura 
(costodiaphragmatic recess) 


Right lung (lateral aspect). 


Right lung (medial aspect). 


Apex of lung 

Upper lobe of right lung 
Horizontal fissure of right lung 
Oblique fissure of right lung 
Middle lobe of right lung 
Lower lobe of right lung 
Inferior border 


Upper lobe of left lung 
Impressions of ribs 

Oblique fissure of left lung 

Lower lobe of left lung 

Groove of subclavian artery 
Groove of azygos arch 

Branches of right pulmonary artery 


Left lung (lateral aspect). 


Left lung (medial aspect). 


15 


Bronchi 

Right pulmonary veins 
Pulmonary ligament 
Diaphragmatic surface 

Groove of aortic arch 

Left pulmonary artery 

Branches of left pulmonary veins 





Left secondary bronchi 
Groove of thoracic aorta 
Groove of esophagus 
Cardiac impression 
Lingula 





Right lung (medial aspect). Left lung (medial aspect). 





Right lung (lateral aspect). Left lung (lateral aspect). 


The bronchopulmonary segments of the lungs are differentiated by the various colors. Notice that there is no segment 
in the left lung that corresponds to the 7th segment of the right lung. Compare with the schematic drawing on the 





facing page. 
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A Closer View 


The high impedance of the FET's gate circuit is perfect for optimal buffering of the diode detector, something very 
important for good low distortion diode detector performance. Apart from providing slight voltage gain, the use of 
the common source FET amplifier is a new idea, as this prevents the possibility of incidental RF rectification 
occurring in a FET source follower stage, which can happen. A 1 uf plastic film capacitor may be added in series 
with the audio ‘hot' output lead to block the DC offset out of the FET drain, if required. 


Despite no additional RF stage ahead of the diode, audio quality on even relatively weak RF strength stations is 
actually very good, and of course the audio quality will be even better with increasing RF signal strength, something 
which will also increase the audio output level. Just on this, for a long time | was somewhat negative regarding 
diode detectors, as one AM station locally (the strongest one) was always distorted when using a diode detector. 


| strongly suspected a transmitter fault, but my complaints were ignored, until one day some time ago when all 
audio distortion suddenly disappeared! Nothing was ever ‘said’, but | realised that my suspicions of a long standing 
transmitter fault were correct, after all! 


73 Felix 
VK4FUQ 
02 March 2012 


Voltage Doubler Detector 


This is an AM detector circuit that I've long known about and which worked ok, but never seemed to work as well as 
it should have. However | spent some time late last night trying to optimise the circuit, with some success. 


It is a curious circuit being essentially a ‘voltage doubler’ originally developed for power supply applications, and its 
use as an AM detector is hard to analyse! It seems that the component values in the circuit are somewhat critical 
for good performance and if not, the performance is rather ‘ordinary’. The circuit that | eventually came up with 
uses a 150 picofarad ‘input capacitor’ with a 150 kohm ‘load' resistor and loaded into a FET common source voltage 
amplifier stage (as previously described) through a coupling capacitor with a 1 Mohm input resistance. 
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Distribution of bronchopulmonary segments of the lungs and their relation to the bronchial tree (after J. F Huber). 

The bronchopulmonary segments are morphologically and functionally separate independent respiratory units of the lung tissue. 
Each segment is surrounded by connective tissue which is continuous with the visceral pleura. The segmental bronchi in a 
segment are central, closely accompanied by branches of the pulmonary arteries whereas the tributaries of the pulmonary veins 
run between the segments. Thus, the veins serve two adjacent segments which drain for the most part into more than one vein. 
A bronchopulmonary segment is therefore not a complete vascular unit, but segmentation is the result of a specific architecture 
of the lung vastulature. 


Right lung Left lung 
Apical ico- 
— hei Re Upper lobe ssa Superior 
Posterior segment posterior segment ear 
bronchus : division 
Anterior segment Anterior segment Upper lobe 
bronchus 
Lateral segment } Middle lobe Superior lingular segment \ Inferior 
Medial segment bronchus Inferior lingular segment division 


Superior (apical) segment Superior (apical) segment 
Medial basal segment Absent 


‘. Lower lobe : Lower lobe 
Anterior basal segment Anteromedial basal segment 
bronchus bronchus 


Lateral basal segment Lateral basal segment 
Posterior basal segment Posterior basal segment 








Heart of 30-year-old woman (anterior aspect). 


Left subclavian artery 

Left common carotid artery 
Brachiocephalic trunk 
Superior vena cava 
Ascending aorta 

Bulb of the aorta 

Right auricle 

Right atrium 


Coronary sulcus 

Right ventricle 

Aortic arch 

Ligamentum arteriosum 

Left pulmonary veins 

Left auricle 

Pulmonary trunk 

Sinus of pulmonary trunk 
Anterior interventricular sulcus 





Position of heart and its vessels within the thorax. 
(Schematic drawing.) 





Heart of 30-year-old woman (oblique posterior view). 


Left ventricle 
Apex of the heart 
Left atrium 


Epicardial fat overlying coronary sinus 
Posterior interventricular sulcus 


Right pulmonary artery 
Right pulmonary veins 
Inferior vena cava 


Right brachiocephalic vein 
Superior vena cava 
Ascending aorta 

Right atrium 

Right ventricle 

Inferior vena cava 

Left internal jugular vein 
Left common carotid artery 
Left axillary artery and vein 
Left brachiocephalic vein 
Pulmonary trunk 

Left auricle 

Left ventricle 


Descending aorta 


21 


30 
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Heart and related vessels in situ (anterior aspect). Anterior thoracic wall, pericardium 
and epicardium have been removed; trachea divided. 


18 


21 





Heart in situ. Position of valves (anterior aspect). (Schematic drawing.) 


30 


33 


Larynx (thyroid cartilage) 
Sternocleidomastoid muscle 
(divided) 

Trachea (divided) and right 
internal jugular vein 

Vagus nerve 

Right common carotid artery 
and cephalic vein 

Esophagus 

Right axillary vein 

Right and left brachiocephalic 
veins 

Superior vena cava 

Right auricle 

Right coronary artery 

Right atrium 

Diaphragm 

Pericardium (cut edges) 
Costal margin 

Omohyoid muscle 

Left common carotid artery 
Left internal jugular vein 
Clavicle (divided) 

Left recurrent laryngeal nerve 
Subclavian vein 

Pericardial reflection 
Pulmonary trunk 

Ascending aorta 

Anterior interventricular sulcus 
and anterior interventricular 
branch of left coronary artery 
Right ventricle 

Left ventricle 

Aortic valve 

Tricuspid or right 
atrioventricular valve 

Inferior vena cava 

Pulmonary veins 

Pulmonary valve 

Left atrioventricular (bicuspid 
or mitral) valve 


Brachiocephalic trunk 
Superior vena cava 
Sulcus terminalis 
Right auricle 
Right atrium 
6 Aortic valve 
7 Conus arteriosus (interventricular septum) 
8 Right atrioventricular (tricuspid) valve 
9 Anterior papillary muscle 
10 Myocardium of right ventricle 
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11 Left common carotid artery 

12 Left subclavian artery 

13. Aortic arch 

14. Ligamentum arteriosum (remnant of ductus 
arteriosus) 

15 Thoracic aorta (descending aorta) 

16 Ascending aorta 

17 Left pulmonary vein 

18 Pulmonary trunk 

19 Left auricle 

20 Pulmonic valve 

21 Anterior papillary muscle with chordae 
tendineae 

22 Myocardium of left ventricle 

23 Posterior papillary muscle 

24 Interventricular septum 

25 Right and left brachiocephalic veins 

26 Chordae tendineae 

27 Papillary muscles of right ventricle 

28 Left atrium 

29 Infundibulum 

30 Anterior papillary muscle of left ventricle 

31 Left atrioventricular (bicuspid or mitral) valve 
and chordae tendineac 

32. Apex of heart 





Anterior aspect of the heart. The anterior walls of the ventricles and 
of the aorta and pulmonary trunk have been fenestrated to show the 
aortic valve. 


Circulation within the heart. (Schematic drawing.) The arrows 
indicate the direction of the blood flow through the heart. 
Blue = right heart; red = left heart. 





Heart in situ. Myocardium and coronary arteries 
(anterior aspect). 









































Internal jugular vein 

Common carotid artery 
Brachiocephalic trunk 
Ascending aorta 

Right lung 

Right auricle 

Right coronary artery 
Myocardium of right ventricle 
Diaphragm 

Costal margin 

Thyroid gland and internal jugular vein 
Trachea and left common carotid artery 
Left brachiocephalic vein 

Left lung 

Pericardium (cut edge) 
Pulmonary trunk 

Anterior interventricular artery 
Myocardium of left ventricle 
Muscular vortex (right ventricle) 
Posterior interventricular sulcus 
Anterior interventricular sulcus 
Muscular vortex (left ventricle) 
Aortic arch 

Left atrium 

Coronary sinus 

Superior vena cava 

Right pulmonary vein 

Right atrium 

Inferior vena cava 

Coronary sulcus 

Myocardium of left ventricle 
Left pulmonary artery 

Left pulmonary vein 

Apex of heart 


Heart (posterior aspect). The myocardium of the left Vortex of cardiac muscle fibers (from below). 
ventricle has been fenestrated to show the muscle fiber 
bundles of the deeper layer with their more circular course. 


| Superior vena cava 
2 Crista terminalis 
3 Fossa ovalis 
4 Opening of inferior vena cava 
5 Opening of coronary sinus 
6 Right auricle 
7 Right coronary artery and coronary sulcus 
Anterior cusp of tricuspid valve 
9 Chordae tendineae 
10 Anterior papillary muscle 
11 Myocardium 
12. Pulmonary trunk 
13. Ascending aorta 
14 Pulmonic valve 
15 Conus arteriosus (interventricular septum) 
16 Septal papillary muscles 
17 Septomarginal or moderator band 
18 Apex of heart 
19 Left auricle 
20 Aortic valve 
Left ventricle 
Pulmonary veins 
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Position of fossa ovalis 
Left atrium 
Left atrioventricular (bicuspid or mitral) valve 
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Coronary sinus 
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Left coronary artery 
Posterior papillary muscle 
Left subclavian artery 
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Descending aorta 
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Left pulmonary artery 





Right heart (anterior aspect). Anterior wall of right atrium 
and ventricle removed. 





Left heart. Left atrium and ventricle opened. Aortic and Left heart. Aortic valve cut open. Left atrium and 
mitral valve cut open. ventricle opened. The atrial wall was cut near the anulus 
fibrosus of the mitral valve. 





Valves of heart (superior aspect). Left and right atrium removed. Dissection of 
coronary arteries. Above: anterior wall of the heart. 





Pulmonic valve 

Sinus of pulmonary trunk 

Left coronary artery 

Great cardiac vein 

Left atrioventricular (mitral) valve 
Coronary sinus 

Aortic valve 

Right coronary artery 

Right atrioventricular (tricuspid) 
valve 

Bulb of aorta 

Anterior semilunar cusp of 
pulmonic valve 

Left semilunar cusp of pulmonic 
valve 

Right semilunar cusp of pulmonic 
valve 

Left semilunar cusp of aortic valve 
Right semilunar cusp of aortic valve 
Posterior semilunar cusp of aortic 
valve 

Right atrium 

Anterior cusp of tricuspid valve 
Chordae tendineae 

Trabeculae carneae 
Interventricular septum 

Septal cusp of tricuspid valve 
Anterior papillary muscle 
Myocardium of right ventricle 


Pulmonic and aortic valves (from above). Anterior wall of Right atrioventricular (tricuspid) valve (anterior aspect after 
the heart at the top. Both valves are closed. removal of the anterior wall of the right ventricle). 








Heart, fixed in diastole (anterior aspect). The ventricles are relaxed, atria 


contracted. 


Heart, fixed in systole (anterolateral aspect). The ventricles are 
contracted, atria dilated. 





Ascending aorta 
Superior vena cava 


l 
2 
3 Right auricle 
4 


Right atrium 


5 Coronary sulcus 

6 Right ventricle 

7 Pulmonary trunk 

8 Left auricle 

9 Anterior interventricular sulcus 

10 Left ventricle 

11 Right pulmonary artery 

12 Sulcus terminalis with sinuatrial node 
13 Line indicating plane of position of valves 
14 Myocardium of right atrium 

15 Inferior vena cava 
16 Valve of pulmonary trunk 

17. Tricuspid valve 

18 Myocardium of right ventricle 





14 





15 


Morphological changes during heart 
movements. Note the changes in positon of the 
valves (arrows). Contracted portions of heart 


are indicated in red. 


A. Diastole, muscles of the ventricles relaxed; 
atrioventricular valves open, semilunar valves 


closed. 


B. Systole, muscles of ventricles contracted; 
atrioventricular valves closed, semilunar valves 
open. 
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Right ventricle, dissection of atrioventricular node, 
atrioventricular bundle (bundle of His) and right limb or 
bundle branch (probes). 


Superior vena cava 5 
Sulcus terminalis 


Muscle fiber bundles of right atrium 9 
6 Coronary sulcus (with right coronary artery) 


Bulb of aorta 7 
Sinuatrial node (arrows) 8 


Aortic sinus 
Entrance to left coronary artery 2 


















26 


Right atrium, anterior wall, showing the location of the 
sinuatrial node (arrows). 





Left ventricle, dissection of the left limb or bundle branch 


of conducting system (probes). 


Aortic valve 

Branches of left bundle branch 
Purkinje fibers 

Left auricle 

Interventricular septum 

Papillary muscles 

Ascending aorta 

Right atrium 

Opening of coronary sinus 
Atrioventricular node 

Septal cusp of tricuspid valve 
Pulmonary trunk 

Atrioventricular bundle (bundle of His) 
Bifurcation of atrioventricular bundle 
Right bundle branch 

Inferior vena cava 

Left atrium 

Left bundle branch 

Papillary muscles with Purkinje fibers 


Conducting system of the heart. 
(Schematic drawing.) 
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Coronary arteries (anterior aspect). The epicardium and 
subepicardial fatty tissue have been removed. The 
arteries have been injected with red resin from the aorta. 


Ascending aorta 

Aortic bulb and (in the above specimen) sinuatrial branch of right 
coronary artery 

Right auricle 

Right coronary artery 

Right atrium 

Coronary sulcus 

Right ventricle 

Left auricle 

Pulmonary trunk 





Vessels of the heart. Coronary arteries (red) and veins 
(blue) of the heart (anterior aspect). 


Right coronary artery and veins of the heart (dorsal aspect). 
The epicardium and subepicardial fatty tissue have been 
removed, 


10 Circumflex branch of left coronary artery 
11 Left coronary artery 

12 Diagonal branch of left artery 

13. Great cardiac vein 

14 Anterior interventricular artery 

15 Anterior interventricular sulcus 

16 Left ventricle 

17 Apex of heart 

18 Right pulmonary vein 

19 Left atrium 

20 Left pulmonary veins 

21 Oblique vein of left atrium (Marshall's vein) 
22 Coronary sinus 

23 Great cardiac vein 

24 Coronary sulcus (posterior portion) 

25 Posterior vein of left ventricle 

26 Middle cardiac vein 

27 Left pulmonary artery 

28 Inferior vena cava 

29 Right atrium 

30 Posterior interventricular branch of right coronary artery 
31 Posterior interventricular sulcus 

32 Superior vena cava 

33 Right marginal branch 

34 Branch of sinuatrial node 

35 Minimal cardiac veins 

36 Small cardiac vein 
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With these circuit values, it all works ‘quite well’. Give it a go! It's an interesting AM detector with quite good 
‘sensitivity’ and clean audio quality, and it seems to work well at low signal levels. 


73 Felix 
vk4fuq. 


16th April 2012. 


Simple AM detectors: What works best? A practical experimenters viewpoint. 


| have written a lot about simple AM detectors for use as tuners for feeding into an audio amplifier, and it has been 
a long time interest. These days | use either diode based or ‘infinite impedance’ types of AM detectors. In this 
location our 'local' AM stations are quite distant and are therefore quite weak in terms of signal strength. 


As such | find infinite impedance detectors based on field effect transistors give consistently better results for tuner 
applications due to their lower apparent overall detector distortion. Diode based detectors are quite 'fussy' as they 
require both optimal output buffering (AC/DC ratio) and an ‘adequate’ (beyond the diode knee) level of RF signal 
injection. http://www.tonnesoftware.com/appnotes/demodulator/diodedemod.html 


Diode based detectors will happily 'detect' at very low signal levels, however the (inevitable) audio distortion that 
results, can be extremely irritating to the ear! Under these conditions | find infinite impedance detectors (even 
without additional RF preamplification and subject to individual FET characteristics), generally sound 'cleaner' and 
more pleasant to the ear. 


FET's of course require a power source for operation whereas diodes are passive (un-powered) detectors (most of 
the time), however this is of no real advantage in a tuner application as an ‘active’ audio amplifier stage will 
generally be required anyway for audio level boosting, buffering etc. 


In the end it will come down to a consideration of prevailing RF signal levels and other related circuit considerations 
at one's location. If local RF levels are strong, a well designed diode detector will give excellent results. If not, an 
‘infinite impedance’ type of detector is most likely the better option unless one goes towards the option of additional 
RF preamplification prior to the diode detector. 


73 Felix 
vk4fuq. 
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1 Platysma muscle 
2 Clavicle 
3 Deltoid muscle 
4 Pectoralis major muscle 
5 Deltopectoral groove 
and cephalic vein 
6 Latissimus dorsi muscle 
7 Medial mamarian branches 
of intercostal nerves 
8 Breast tissue 
9 Areola 
10 Nipple (papilla) 
11 Costal margin 
12 Pectoral fascia 
13. Mammary gland 
14 Serratus anterior muscle 
15 Lactiferous sinus 
16 Lactiferous ducts 





Dissection of mammary gland (anterior aspect). 





Mammary gland (sagittal section; pregnant female). Galactogram of mammary gland (adult female). 
Notice multiple duct cysts. 








Thoracic wall and organs (ventral aspect). The left cle 


Right internal jugular vein 

Omohyoid muscle 11 
Sternohyoid muscle and external 12 
jugular vein 13 
Clavicle 14 
Thoracoacromial artery 15 
Right subclavian vein 16 
Pectoralis major muscle 17 
External intercostal muscle 18 
Pectoralis minor muscle 19 
Body of sternum 20 


Right internal thoracic artery and vein 
Fascicles of transversus thoracis muscle 
Internal intercostal muscles 

Serratus anterior muscle 

Costal margin 

External abdominal oblique muscle 
Anterior sheath of rectus abdominis muscle 
Sternocleidomastoid muscle 

Left internal jugular vein 

Transverse cervical artery 





cle and ribs have been partially removed, and the right intercostal spaces 
have been opened to show the internal thoracic vein and artery. 


Brachial plexus 

Vagus nerve 

Left axillary vein 

Left internal thoracic artery and vein 
Ribs and thoracic wall (cut) 

Costal pleura 

Xiphoid process 

Superior epigastric artery 
Diaphragm 

Rectus abdominis muscle 
































Thoracic organs, anterior mediastinum and pleura. Ribs, clavicle and sternum have been partly removed. 
Red = arteries; blue = veins; green 


Sternothyroid muscle and its nerve 
(a branch of the ansa cervicalis) 
Right internal jugular vein 

Right common carotid artery 
Cephalic vein 

Right subclavian vein 

Right brachiocephalic vein 
Pectoralis major muscle (divided) 
Pectoralis minor muscle (divided) 
Parasternal lymph nodes 

Internal thoracic artery and vein 


lymph vessels and nodes. 


Anterior margin of costal pleura 
Pericardium 

Sth and 6th ribs (divided) 

and serratus anterior muscle 
Costodiaphragmatic recess 
External abdominal oblique muscle 
Rectus abdominis muscle 
Larynx (thyroid cartilage) 
Thyroid gland 

Trachea 

Left vagus nerve 


Left brachiocephalic vein 

Left internal thoracic artery and vein 
Thymus 

Costal pleura 

Costal margin 

Superior epigastric artery 

Margin of costal pleura 

Diaphragm 

Linea alba 

Cut edge of anterior sheath of rectus 
abdominis muscle 





1 Larynx (thyroid cartilage) 
2 Thyroid gland 
3 Trachea 
4 Internal jugular vein 
5 Brachial plexus 
6 Right brachiocephalic vein and common carotid 
artery 
7 Right phrenic nerve 
8 Ascending aorta 
9 Pectoralis minor muscle (divided) 
10 Pulmonary trunk (covered by pericardium) 
11 Costal pleura 
12. Pericardium and heart 
13. Serratus anterior muscle 
14 Xiphoid process 
15 Costal margin 
16 External abdominal oblique muslce 
17. Sternothyroid muscle (divided and reflected) 
18 Vagus nerve 
19 Left common carotid artery 
20 Left sympathetic trunk 
21 Left recurrent laryngeal nerve 
22 Left internal thoracic artery and vein (divided) 
23 Margin of costal pleura 
24 Intercostal nerves and vessels 
25 Superior epigastric artery 
26 Rectus abdominis muscle 
27 Diaphragm 
28 Ansa cervicalis 
29 Phrenic nerve and scalenus anterior muscle 
30 External jugular vein (divided) 
31 Right subclavian vein 
32 Right brachiocephalic vein 
33 Internal thoracic artery (divided) 
34 Internal thoracic vein (divided) 
35 Right lung 
36 Cricothyroid muscle 
37 Omohyoid muscle 
38 Thymus 
39 Left lung 





Thoracic organs (ventral aspect). The internal thoracic vessels have been removed, and the anterior margins of the pleura and 
lungs have been slightly reflected to display the anterior and middle mediastinum, including the heart and great vessels. 
































Thoracic organs (ventral aspect). The pleura has been opened and the lungs exposed. Remnants of the thymus and 
pericardium are seen. 


Right internal jugular vein Middle lobe of right lung 20 Left common carotid artery and 

Phrenic nerve and scalenus anterior muscle Oblique fissure of right lung vagus nerve 

Clavicle (divided) Lower lobe of right lung Left brachiocephalic vein 

Right subclavian artery and vein Xiphoid process Internal thoracic artery and vein (divided) 
Internal thoracic artery 5 Diaphragm Ascending aorta and aortic arch 

Right brachiocephalic vein Thyroid gland Upper lobe of left lung 

Brachiocephalic trunk Left internal jugular vein 25 Pericardium 

Thymus (atrophic) Brachial plexus Oblique fissure of left lung 

Upper lobe of right lung 9 Left cephalic vein Lower lobe of left lung 

Horizontal fissure of right lung (incomplete) 3 ~Costal margin 
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Thoracic organs (ventral aspect). The thoracic wall, costal pleura, pericardium and diaphragm have been partly removed. 


Internal jugular vein 

External jugular vein (displaced medially) 
Brachial plexus 

Trachea 

Right common carotid artery 
Clavicle (divided) 

Right brachiocephalic vein 
Upper lobe of right lung 
Thymus (atrophic) 

Horizontal fissure of right lung 
Middle lobe of right lung 


Pericardium (cut edges) 
Oblique fissure of lung 
Lower lobe of right lung 
Diaphragm 

Falciform ligament 
Liver 

Location of larynx 

Left internal jugular vein 
Thyroid gland 
Omohyoid muscle (divided) 
Vagus nerve 


Left subclavian vein 

Ist rib (divided) 

Internal thoracic artery and vein 
Pectoralis major and pectoralis minor muscles 
(cut edges) 

Upper lobe of left lung 

Right ventricle 

Cardiac notch of left lung 
Interventricular sulcus of heart 
Left ventricle 

Lingula 

Lower lobe of left lung 





Thoracic organs, position of the heart, middle mediastinum (ventral aspect). The anterior wall of the thorax, the costal 
pleura and the pericardium have been removed and the lungs slightly reflected. 


Thyroid gland Transverse pericardial sinus (probe) Left brachiocephalic vein and 
Phrenic nerve and scalenus anterior muscle Right auricle inferior thyroid vein 

Vagus nerve and internal jugular vein 3. Middle lobe of right lung Left internal thoracic artery and vein 
Clavicle (divided) Right ventricle (divided) 

Brachial plexus and subclavian artery 5 Cut edge of pericardium 3. Upper margin of pericardial sac 
Subclavian vein Diaphragm Ascending aorta 

Internal thoracic artery Internal jugular vein 5 Pulmonary trunk 
Brachiocephalic trunk and right Trachea Left phrenic nerve and left peri- 
brachiocephalic vein Left recurrent laryngeal nerve cardiacophrenic artery and vein 
Superior vena cava and thymic vein Left common carotid artery and Upper lobe of left lung 

Right phrenic nerve vagus nerve Left ventricle 








Thoracic organs, position of heart, dissection of coronary vessels in situ (ventral aspect). The anterior wall 
of thorax, costal pleura and pericardium have been removed. 


Intermediate supraclavicular nerve 
Internal jugular vein 

Right phrenic nerve 

Right vagus nerve 

Right common carotid artery 
Right subclavian vein 

Right brachiocephalic vein 
Right internal thoracic artery 
Superior vena cava 
Ascending aorta 

Right lung 


Right atrium 

Right coronary artery and 

small cardiac vein 

Right ventricle 

Cut edge of pericardium 

Costal margin 

Larynx (cricothyroid muscle and thyroid 
cartilage) 

Thyroid gland 

Left common carotid artery and 
left vagus nerve 


Left recurrent laryngeal nerve 

Trachea 

Left internal thoracic artery and vein (divided) 
Thymic veins 

Margin of pericardial sac 

Pulmonary trunk 

Left lung 

Left ventricle 

Anterior interventricular artery and vein 
Lingula 

Liver 
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Thoracic organs, heart with valves in situ (ventral aspect). Anterior wall of thorax, pleura and anterior portion 
of pericardium have been removed. The right atrium and ventricle have been opened to show the right 


atrioventricular and pulmonary valves. 


J Branches of pulmonary artery Left common carotid artery 
Pyramidal lobe of thyroid gland 3 Right auricle 25 Left subclavian artery 
Internal jugular vein Right atrium Left internal thoracic artery 
Thyroid gland 5 Right atrioventricular (tricuspid) valve Apex of left lung 
Right subclavian vein 6 Right lung Left recurrent laryngeal nerve 
Brachiocephalic trunk Posterior papillary muscle Cut edge of pericardium 
Right brachiocephalic vein Diaphragm 30 Pulmonary trunk (fenestrated) 
Right internal thoracic artery 9 Left vagus nerve 31 Pulmonic valve 
Right phrenic nerve Left phrenic nerve 32 Supraventricular crest 
Superior vena cava Scalenus anterior muscle 33 Anterior papillary muscle 
Pulmonary vein 22 Brachial plexus d Left ventricle 

Thyrocervical trunk 
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Thoracic organs, pericardium and mediastinum (ventral aspect). Anterior wall of thorax and heart have been 
removed and the lungs slightly reflected. Note probe within transverse pericardial sinus. 


Right internal jugular vein and 12 
right vagus nerve 

Right phrenic nerve and scalenus anterior muscle 13 
Right common carotid artery 14 
Brachial plexus 15 
Right subclavian artery and vein 

Right brachiocephalic vein 

Right internal thoracic artery (divided) 
Brachiocephalic trunk 

Upper lobe of right lung 

Superior vena cava 

Transverse pericardial sinus (probe) 


Right phrenic nerve and right peri- 
cardiacophrenic artery and vein 
Right pulmonary veins 

Oblique sinus of pericardium 
Inferior vena cava 

Diaphragmatic part of pericardium 


Costal margin 
Thyroid gland 
Trachea 

Left recurrent lar 
inferior thyroid vein 


eal nerve and 





Left common carotid artery and left vagus nerve 
Left internal thoracic artery and vein (divided) 
Vagus nerve at aortic arch 

Cut edge of pericardium 

Ascending aorta 

Pulmonary trunk (divided) 

Left pulmonary veins 

Left phrenic nerve and left pericardiacophrenic 
artery and vein 

Contour of esophagus beneath pericardium 
Contour of aorta beneath pericardium 
Pericardium (cut edge) 
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17th April 2012. 


ANOTHER DETECTOR by Felix Scerri ! 


I’ve tried diode based ‘voltage doubler’ (or more correctly ‘diode integrator’) AM detectors before with indifferent 
results, however the other day, just trying a few ideas | came up with this version that works rather well, with low 
audio distortion, high audio output and really ‘nice’ audio quality and the best of all, it seems to work very at very 
low RF input level. 


The two diode ‘voltage doubler’ detector using two BAT 46 silicon schottky diodes feed directly into a MPF102 
source follower stage set at 1 Megohm input resistance. The ‘input’ capacitor feeding the diodes from a tuned 
circuit is 68 picofarads. 


| have the simple RF filter right on the output of the FET stage. In that respect this circuit is vaguely similar to the 
old ‘Selstead-Smith’ valve AM detector of the past. An interesting one! | am very happy with its general 
performance. Regards, Felix vk4fug 11/04/2013 
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UPDATE - JUNE 2013 
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Internal thoracic vein 
Superior vena cava 

Oblique sinus of pericardium 
Right pulmonary veins 
Esophagus 


Branches of right vagus nerve 





Mesocardium 
Inferior vena cava 
Middle lobe of right lung 





lobe of left lung 
Ascending aorta 
Pulmonary trunk 
Transverse pericardial sinus 
Left pulmonar 
Descending aorta and left vagus nerve 
Left lung (adjacent to pericardium) 
Pericardium 
Left subclavian artery 
Vagus nerve 
Left recurrent laryngeal nerve 
Descending aorta 
Pulmonary artery 
Left atrium 
Left ventricle 
Coronary sinus 





Left common carotid artery 
Brachiocephalic trunk 
Azygos arch 


— 


—_—.- 30 Right atrium 


res 
era. 


“— 
* bis x” _ 3 
ae 4 


Right ventricle 
Aortic arch 
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} hie, 
Pericardial sac (ventral aspect). The heart has been removed, and the 


posterior wall of the pericardium has been opened to show the adjacent 
esophagus and aorta. 














Heart with epicardium (posterior aspect). Arrows: oblique sinus. Heart with epicardium (anterior aspect). Arrow: 
pericardial reflection. 





Supraclavicular nerves iB 
Internal jugular vein 12 
Omohyoid muscle 13 
Right vagus nerve 14 
Right common carotid artery 15 
Right subclavian artery 16 
Brachiocephalic trunk 
Right brachiocephalic vein 17 
Superior cervical cardiac branch 18 
of vagus nerve 19 
Inferior cervical cardiac branches 20 
gus nerve 21 
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Mediastinal organs after removal of heart and pericardium (ventral aspect). Both lungs have been slightly reflected. 


Azygos arch (divided) 
Bifurcation of trachea 
Right pulmonary artery 
Right pumonary veins 
Right lung 

Esophagus and branches 
of right vagus nerve 
Inferior vena cava 
Pericardium 

Larynx (thyroid cartilage, cricothyroid muscle) 
Thyroid gland 

Internal jugular vein 





Esophagus and left recurrent 
laryngeal nerve 

Trachea 

Left vagus nerve 

Left common carotid artery 
Aortic arch 

Left recurrent laryngeal nerve 
branching off from vagus nerve 
Left pulmonary veins 

Thoracic aorta and left vagus nerve 
Left lung 

Left phrenic nerve (divided) 


Bronchial tree in situ (ventral aspect). Heart and pericardium have been 
removed; the bronchi of the bronchopulmonary segments are dissected. 
1-10 = numbers of segments. 





Relation of aorta, pulmonary trunk and esophagus to trachea 
and bronchial tree. (Schematic drawing.) 
1-10 = number of segments (ef. p. 230 and 235). 





Internal jugular vein 

Right vagus nerve 

Thyroid gland 

Right recurrent laryngeal nerve 
Brachiocephalic trunk 
Trachea 

Bifurcation of trachea 
Right phrenic nerve 
Inferior vena cava 
Diaphragm 

Left subclavian artery 

Left common carotid artery 
Left vagus nerve 

Aortic arch 

Esophagus 

Esophageal plexus 
Thoracic aorta 

Left phrenic nerve 


Pericardium at the central tendon of 


diaphragm 

Right pulmonary artery 
Left pulmonary artery 
Tracheal lymph nodes 


Superior tracheobronchial lymph nodes 


Bronchopulmonary lymph nodes 
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Organs of posterior mediastinum (ventral aspect). The heart with the pericardium has been removed, and the lungs and 


aortic arch have been slightly reflected to show 


Supraclavicular nerves 12 
Right internal jugular vein with ansa cervicalis 13 
Omohyoid muscle 

Right vagus nerve 

Clavicle 
Right subclz 
laryngeal nerve 


jian artery and recurrent 


Right subclavian vein 

Superior cervical cardiac branch of vagus nerve 
Inferior cervical cardiac branch of vagus nerve 
Azygos arch (divided) 

Right lung 


the vagus nerves and their branches. 


Right pulmonary artery 

Right pulmonary veins 

Esophagus 

Esophageal plexus 

Right phrenic nerve (divided) 

Inferior vena cava 

Pericardium covering the diaphragm 

Larynx (thyroid cartilage and cricothyroid muscle) 
Thyroid gland 

Left internal jugular vein 

Esophagus and left recurrent laryngeal nerve 
Trachea 





24 
25 
26 
27 


Left vagus nerve 

Left common carotid artery 
Aortic arch 

Left recurrent laryngeal nerve 
Bifurcation of trachea 

Left pulmona 

Left primary b 

Descending aorta 

Left pulmonary veins 
Branch of left vagus nerve 
Left lung 

Left phrenic nerve (divided) 





Mediastinal organs (ventral as 


Thyroid gland 
Right internal jugular vein 
Right vagus nerve 


Point, where right recurrent laryngeal nerve 


is branching off the vagus nerve 
Right brachiocephalic vein 

Trachea 

Left brachiocephalic vein (reflected) 
Esophagus 

Right bronchial artery 

Posterior intercostal artery 

















ect). Heart and distal part of esophagus have been removed to 
nerves of the posterior mediastinum. 


Azygos vein 

Thoracic duct 

Posterior intercostal artery and vein 
(in front of the vertebral column) 
Right phrenic nerve 

Inferior vena cava 

Diaphragm 

Left vagus nerve 

Thyrocervical trunk 

Left subclavian artery 

Left common carotid artery 





display the vessels and 


Brachiocephalic trunk 

Left vagus nerve 

Aortic arch 

Left recurrent laryngeal nerve 
Left bronchial artery 

Lymph node 

Thoracic aorta 

Esophageal plexus 

Left phrenic nerve 
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Diaphragm and organs of mediastinum (anterior aspect). Heart and lungs have 
been removed; the costal margin remains in place. Note the different courses of 
left and right vagus. 


Right subclavian artery 

Right recurrent laryngeal nerve 
Right brachiocephalic vein 
Superior cervical cardiac nerve 
Inferior cervical cardiac nerves 

and pulmonary branches 
Bifurcation of trachea 

Esophagus (thoracic part) 

Bronchi of lateral and medial segments 
of middle lobe 

Esophageal plexus and branches of 
right vagus nerve 

Inferior vena cava and right phrenic 
nerve (cut) 

Sternal part of diaphragm 

Costal part of diaphragm 

Falciform ligament of liver 
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Liver (quadrate lobe) 

Left common carotid artery 

Left recurrent laryngeal nerve 
Esophageal branches of left vagus 
nerve and esophagus 

Trachea 

Aortic arch 

Left vagus nerve 

Left recurrent laryngeal nerve with 
inferior cardiac nerve 

Left primary bronchus 

Superior and inferior lingular bronchi 
Esophageal plexus of left vagus nerve 
Descending aorta 

Central tendon of diaphragm 
covered with pericardium 

Left phrenic nerve (divided) 


28 
29 
30 
31 
32 
33 
34 
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Organs of posterior mediastinum 
(ventral aspect). (Schematic draw- 
ing.) Three regions in which the 
esophagus is narrowed are shown: 
A at the level of the cricoid car- 
tilage; 
B_ at the level of the aortic arch; 
C at the level of the diaphragm. 


Costal margin 

Liver, left lobe 

Pharynx 

Secondary bronchi 
Esophagus (abdominal part) 
Diaphragm 

Abdominal aorta 


| | 
Veins of the posterior wall of thoracic and 
abdominal cavity. (Schematic drawing.) 


Right vagus nerve 
Thyroid gland and trachea 
Intercostal nerve 
Aortic arch 
Azygos vein 
Posterior intercostal artery 
Greater splanchnic nerve 
Diaphragm 
Liver 
Proper hepatic artery and hepatic plexus 
Left recurrent laryngeal nerve 
Inferior cervical cardiac nerves 
Left vagus nerve and left recurrent laryngeal 
nerve 
Left primary bronchus 
Thoracic aorta and left vagus nerve 
Esophagus and esophageal plexus 
Thoracic duct 
Spleen 
Anterior gastric plexus and stomach (divided) 
Splenic artery and splenic plexus 
Celiac trunk and celiac plexus 
Pancreas 
Ramus communicans 
Sympathetic trunk and sympathetic ganglion 
Posterior intercostal vein and artery 
and intercostal nerve 
Right brachiocephalic vein 
Superior vena cava 
Ascending lumbar vein 
Lumbar veins 
Right external iliac vein 
Trachea 
Accessory hemiazygos vein 
Posterior intercostal veins 
Hemiazygos vein 
Inferior vena cava 
Median sacral vein 
Inferior segment of posterior mediastinum (anterior aspect). 37 Internal iliac vein 
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been removed. 


Posterior intercostal arteries 

Ganglion of sympathetic trunk 
Sympathetic trunk 

Vessels and nerves of the intercostal space 
(from above: Posterior intercostal vein and 
artery and intercostal nerve) 

Right primary bronchus 

Ramus communicans of sympathetic trunk 


Esophageal plexus (branches 
of right vagus nerve) 
Pulmonary veins 

Posterior intercostal vein 
Azygos vein 

Esophagus 

Greater splanchnic nerve 
Right vagus nerve 


Right phrenic nerve 

Inferior cervical cardiac branches 
of vagus nerve 

Aortic arch 

Superior vena cava 

Right pulmonary artery 

Heart with pericardium 
Diaphragm 
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Organs of posterior and superior mediastinum (left lateral aspect). 


Subclavian artery 

Subclavian vein 

Clavicle (divided) 

Left vagus nerve 

First rib (divided) 

Left superior intercostal vein 

Left atrium with pericardium 

Left phrenic nerve and pericardiacophrenic 
artery and vein 

Esophageal plexus (branches derived 
from left vagus nerve) 


Apex of heart with pericardium 
Brachial plexus 

Scapula (divided) 

Posterior intercostal arteries 
Ramus communicans of sympathetic 
trunk 

Sympathetic trunk 

Aortic arch 

Left vagus nerve and left recurrent 
laryngeal nerve 

Left pulmonary artery 
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20 
21 
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23 
24 


Left primary bronchus 
Thoracic aorta 

Pulmonary vein 

Esophagus (thoracic part) 
Diaphragm 

Posterior intercostal artery and 
vein and intercostal nerve 


Superior vena cava 

Right atrium 

Right ventricle 

Costal part of diaphragm 

Costal margin 

Position of costodiaphragmatic recess 

Lateral arcuate ligament 

Medial arcuate ligament 

Right crus of lumbar part of diaphragm 

10 Quadratus lumborum muscle 

Il Ascending aorta 

12. Pulmonary trunk 

13 Left ventricle 

14 Pericardium, diaphragm 

15 Esophageal hiatus and abdominal 
part of esophagus (cut) 

16 Lumbar part of diaphragm 

17 Aortic hiatus 

18 Psoas major muscle 

19 Lumbar vertebra 
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Diaphragm in situ (anterior aspect). Anterior walls of thoracic and abdominal cavities have 
been removed. Natural position of the heart above the central tendon on the diaphragm is 
shown. 





Changes in the position of the diaphragm and thoracic cage 
during respiration. Left: lateral aspect; right: anterior 
aspect. During inspiration the diaphragm moves downwards 
and the lower part of the thoracic cage expands forward and 
laterally, causing the costodiaphragmatic recess (R) to enlarge 
(cf. dotted arrows). 
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G'day all, readers may recall the two FET infinite impedance detector | developed some time ago. That circuit 
worked well, but some samples of the MPF 102 regretfully produced distorted output. However a recent discovery 
has resulted in an improved version that has truly exemplary performance. 


The MPF102 is in all honesty a device essentially designed for VHF applications, but is often used in simple audio 
applications albeit with occasionally indifferent results, due to general device parameter ‘spread’. More or less by 
empirical trial and error | have found that a simple change in source resistor value to 100 k (from a much lower 
value), pretty well fixes everything. 


In a FET source follower circuit this is interesting as the output impedance is actually a lot lower than 100 k due to 
the action of the FET’s transconductance. It is similar to the action of a bipolar transistor emitter follower circuit. In 
fact a simple infinite impedance detector with a 100 k source resistor actually works very well and will be good 
enough for many applications, however the addition of a second FET as a constant current source does markedly 
reduce overall audio distortion in the stage overall, and produces very clean and low distortion audio quality and 
also reduces the output impedance considerably (good for tuner applications), so take your pick! 


Regards, Felix vk4fuq 02/06/2013. 


UPDATE - JANUARY 2014 
A simple modification to the basic FET ‘infinite impedance’ AM detector that dramatically improves 
performance. 
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G'day all, over the Christmas break just messing around | worked out (mostly by accident), a simple modification for 
the simple FET based ‘infinite impedance’ detector circuit that dramatically improves weak signal performance and 
also greatly reduces audio distortion. 


Essentially by the addition of another FET ‘buffer’ stage, another source follower, capacitively coupled from the first 
detector stage. The circuit is actually a simplified version of the circuit that | described in this link, 
http://sound.westhost.com/articles/am-radio.htm (figure 6) and testing the two head to head, they both sound 
superb and the simpler version is actually somewhat easier to build. | cannot get over how low distortion and ‘nice’ 
the recovered audio sounds. It is a joy to listen to! 
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1 Azygos venous arch 
2 Right pulmonary artery 
3 Superior vena cava 
4 Right pulmonary vein 
5 Fossa ovalis 
6 Hepatic veins 
7 Inferior vena cava 
8 Right crus of lumbar part of 
diaphragm 
9 Medial arcuate ligament 
10 Psoas major muscle 
11 Left brachiocephalic vein 
12. Terminal crista 
13 Right atrium 
14. Right auricle 
15 Central tendon of diaphragm 
16 Esophagus 
17 Celiac trunk and superior 
mesenteric artery 
18 Aorta 
19 Costal part of diaphragm 
20 Costal margin 
21 Transversus abdominis muscle 





Diaphragm. Paramedian section to the right of the median plane through 

thoracic and upper abdominal cavity. The plane passes through the superior 

and inferior vena cava just to the right of the vertebral bodies. Most of the 

heart remains in situ to the left of this plane (specimen is viewed from the right side). 


1 Sternocostal triangle 

2 Central tendon (from above) 
3 Esophagus 

4 Aorta 

5 Lumbar part of diaphragm 

6 Sternum 

7 Sternal part of diaphragm 

8 Costal part of diaphragm 

9 Entrance of hepatic veins 

10 Inferior vena cava 

11 Body of 9th thoracic vertebra 
12 Spinal cord 





Diaphragm (superior aspect). The pleura and thoracic wall have been removed. 
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Clavicle 

Left brachiocephalic vein 
Superior lobe of right lung 
Aortic arch 

Superior vena cava 

Right atrium (entrance 





of inferior vena cava) 

Coronary sinus 

Liver 

Second rib 

Superior lobe of left lung 
Pulmonary trunk 

Ascending aorta and left coronary 





Aortic valve 
Pericardium 
Myocardium of left ventricle 
Lower lobe of left lung 
Diaphragm 
Colic flexures 

Coronal section through the thorax at the level of Stomach 

ascending aorta. (MR-Scan.) 20 Brachiocephalic trunk 





Trachea 
Upper lobe of right lung 


l 
2 
3 Superior vena cava 
4 


Right pulmonary veins 
5 Inferior vena cava and right atrium 
Liver 
Left common carotid artery 
Left subclavian vein 
Upper lobe of left lung 
Aortic arch 
Left pulmonary artery 
Left auricle 
Left atrium with orifices 
of pulmonary veins 
Left ventricle (myocardium) 
Pericardium 
Diaphragm 
Left colic 
Coronal section through the thorax at the level of Stomach 
superior vena cava. (MR-Scan.) Left subclavian artery 
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Horizontal section through the thorax at level 1 (from below). 





Horizontal section through the thorax at level 1 (from below). (MR-Scan.) 


Internal thoracic artery and vein 


Right atrium 

Lung 

Pulmonary artery 

Pulmonary vein 

Primary bronchus 
Esophagus 

Serratus anterior muscle 
Scapula 

Longissimus thoracis muscle 
Sternum 


Pectoralis major and minor muscles 
Conus arteriosus (right ventricle), 
pulmonic valve 

Ascending aorta and left coronary artery 
(only in upper figure) 

Left atrium 

Descending aorta 

Thoracic vertebra 

Spinal cord 

Latissimus dorsi muscle 

Trapezius muscle 

















Horizontal section through the thorax at level 2 (from below). 








Horizontal section through the thorax at level 2 (from below). Levels of sections. 
(MR-Scan.) 


Right ventricle Left ventricle 


Right coronary artery 


Ne 


Pericardium 
Left atrioventricular valve 
Left coronary artery and coronary sinus 


we 


Right atrioventricular valve 
Lung (upper lobe) 

Left atrium 

Pulmonary veins 
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Accessory hemiazygos vein 
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Serratus anterior muscle 
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Pulmonary trunk 


Lung (lower lobe) 
Erector muscle of spine 
Third costal cartilage 
Nipple 
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Heart and right lung of the fetus (viewed from left side). The left lung has 
been removed. Note the ductus arteriosus (Botalli). 






Shunts in the fetal circulation system ° 


1. Ductus venosus | between umbilical vein bypass of liver 
(of Arantius) and inferior vena cava circulation 
bypass of pulmonary 


2. Foramen ovale between right and left 

atrium circulation 
3. Ductus arteriosus | between pulmonary trunk 
(Botalli) and aorta 
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Heart of the fetus (anterior aspect). 
Right atrium and ventricle opened. 


Right common carotid artery 

Right brachiocephalic vein 

Left brachiocephalic vein 

Superior vena cava 

Ascending aorta 

Right auricle 

Pulmonary trunk 

Left primary bronchus 

Left auricle 

Right ventricle 

Left ventricle 

Left common carotid artery 

Trachea 

Superior lobe of right lung 

Left subclavian artery 

Aortic arch 

Ductus arteriosus (Botalli) 

Inferior lobe of right lung 

Left pulmonary artery with branches to the 
left lung 

Descending aorta 

Left pulmonary veins 

Inferior vena cava 

Foramen ovale 

Right atrium 

Opening of inferior vena cava 

Valve of inferior vena cava (Eustachian 
valve) 

Opening of coronary sinus 

Anterior papillary muscle of right ventricle 


Heart of the fetus (schematic drawing). 
Direction of blood flow indicated by 
arrows. Note the change in oxygenation 
of blood after ductus arteriosus entry into 
aorta. 





Thoracic and abdominal organs in the newborn (anterior aspect). The right 
atrium has been opened to show the foramen ovale. The left lobe of the 
liver has been removed. 
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16 


18 


20 
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Internal jugular vein and right common 
carotid artery 

Right and left brachiocephalic vein 
Aortic arch 

Superior vena cava 

Foramen ovale 

Inferior vena cava 

Ductus venosus 

Liver 

Umbilical vein 

Small intestine 

Umbilical artery 

Urachus 

Trachea and left internal jugular vein 
Left pulmonary artery 

Ductus arteriosus (Botalli) 

Right ventricle 

Hepatic arteries (red) and portal vein 
(blue) 

Stomach 

Urinary bladder 

Portal vein 

Pulmonary veins 

Descending aorta 

Placenta 


Fetal circulatory system. (Schematic 


drawing.) The oxygen gradient is 


indicated by color. 
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Organization of digestive system. Position of abdominal 


organs. 


Hard palate 

Soft palate with uvula 
Vestibule of the mouth 
Oral cavity proper 

Tongue 

Epiglottis 

Vocal ligament and larynx 
Trachea 

Right lung 

Superior part of duodenum 
Pylorus 

Pyloric antrum 
Nasopharynx 

Dens of axis 

Oropharynx 
Laryngopharynx 
Esophagus (thoracic part) 
Left primary bronchus 


Left lung 

Abdominal part of esophagus 
and cardia 

Fundus of stomach 

Body of stomach 

Pancreas 

Transverse colon (divided) 
Descending colon 
Jejunum 

Sigmoid colon 

Rectum 

Liver 

Gall bladder 

Duodenum 

Ascending colon 

lleum 

Vermiform appendix 


Survey of upper portion of digestive system. 
Oral cavity, pharynx, esophagus, and stomach. 


1 Thyroid gland 
2 Upper lobe of right lung 
3 Middle lobe of right lung 
4 Heart 
5 Diaphragm 
6 Round ligament of liver (ligamentum teres) 
7 Transverse colon 
8 Cecum 
9 Small intestine (ileum) 
10 Thymus 
11 Upper lobe of left lung 
12 Lower lobe of left lung 
13. Pericardium (cut edge) 
14 Liver (left lobe) 
1S Stomach 
16 Greater omentum 
17 Small intestine (jejunum) 
18 Sigmoid colon 
19 Rectus abdominis muscle 
20 Small intestine (section) 
21 Rib 
22 Common bile duct, duodenum and pancreas 


23 Inferior vena cava 

24 Liver 

25 Body of second lumbar vertebra 
26 Right kidney 


27 Cauda equina and dura mater 

28 Linea alba 

29 Stomach and pylorus 

30 Superior mesenteric artery and vein 

31 Abdominal aorta 

32 Left renal artery and vein 

33 Left kidney 

34 Psoas major muscle 

35 Deep muscles of the back 

36 Pancreas adjacent to lesser sac (bursa 
omentalis) : 

37 Falciform ligament with ligamentum teres 





Abdominal organs in situ. The greater omentum has been partly 
removed or reflected. 


Transverse section through the abdominal cavity at the 
level of the second lumbar vertebra (from below). 





Midsagittal section through the trunk (female). 


Sternum 

Right ventricle of heart 
Diaphragm 

Liver 

Stomach 

Transverse mesocolon 
Transverse colon 
Umbilicus 

Mesentery 

Small intestine 
Uterus 

Urinary bladder 





(Schematic drawing.) 
Blue = omental bursa; red = peritoneum. 


Pubic symphysis 

Left atrium of heart 
Caudate lobe of liver 
Omental bursa or lesser sac 
Conus medullaris 
Pancreas 

Cauda equina 
Intervertebral discs 
(lumbar vertebral column) 
Sacral promontory 
Sigmoid colon 

Anal canal 





Siete = 


Midsagittal section through the tunk (female). 


24 Anus 

25 Lesser omentum 

26 Greater omentum 

27 Vesicouterine pouch 

28 Urethra 

29 Epiploic (omental) foramen 

30 Duodenum 

31 Rectum 

32 Rectouterine pouch 

33 Vaginal part of 
cervix of uterus 

34 Vagina 


25 
29 
16 
5 
30 
7 
9 
26 
10 
31 
1 32 
27 “3 
12 34 
23 
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Regards, Felix vk4fuq 12/01/2014. 


Diodes for ‘weak signal’ crystal set applications. 


As | am primarily interested in using crystal sets as AM tuners for feeding into a preamplifier/amplifier and 
loudspeakers, the actual type of diode can be relatively critical. In a strong signal area, not so much, but in a weak 
signal area such as where | reside, definitely. A diode with a good ‘square law’ performance (the area below the 
‘knee’ in the diode curve), generally results in much cleaner and lower distortion than other good performing diodes, 
and believe me diode distortion under weak conditions, even with optimised diode ‘buffering’ used is very nasty 
sounding to the ear! 


Testing many, many diodes in actual working crystal sets and listening critically to the audio output, it seems to me 
that the best diodes to use under weak signal conditions are the so called ‘gold bonded’ germanium diodes. | have 
sampled many different gold bonded germanium diodes and they all work well in this specific application, although 
sometimes the rectified output voltage may not be as high as other germanium or silicon schottky diodes, however 
the audio quality is much cleaner and shows much less apparent distortion! 


| have tried OA5, OA47, IN141 and several ‘CG’ gold bonded germanium diodes with consistently excellent results. 
Other ‘ordinary’ germanium diodes may also work well under weak signal conditions, but they will need to be tested 
individually to check actual performance in a working circuit. One thing that | have noticed about germanium diodes 
is that due the ‘point contact’ nature of their construction, even diodes of the same specific type can exhibit rather 
different levels of performance! 


The otherwise very good BAT46 silicon schottky diode works extremely well at good RF input level but not so well 
at weak RF input, especially when heavy broadcast ‘processing’ (commonplace these days), is used. New ‘gold 
bonded’ germanium diodes are probably no longer made although | am aware that they can be purchased through 
vendors over the internet. Apart from that, they may be found in old gear. As stated earlier, ordinary germanium 
diodes may be quite good but will need to be checked individually. Diodes are complex things! 


Felix (vk4fuq). 29/01/2014. 


RREREKEKRKRERKEKREEER 


Just when | thought that I’ve tried everything | realised that I’ve not tried a voltage doubler (diode integrator) 
detector with an RF stage in front. It is an unfortunate fact that all diode detectors ‘need’ a good RF injection level 
(and buffering) or audio distortion becomes ‘bad’ (an understatement!) 


Consider yourself very lucky if you live in a strong signal area! (unfortunately | don’t). Anyway | quickly built a 
couple of prototypes which worked ok but not as well as hoped. Initially | tried using a source follower buffer (no 
voltage gain), but converting it to a common source amplifier (with appreciable voltage gain), seemed no better, 
which was strange. 


After staring at my prototype for what seemed like forever with my magnifiers on, | (finally) realised my mistake. A 
common source stage takes its output off the ‘drain’ terminal of the FET, not the ‘source’ terminal as it does with the 
FET source follower buffer stage. | shifted one wire, and all worked as expected and it sounds fantastic! All diode 
detectors (one diode envelope detectors, doubler detectors etc), need good RF input and a simple untuned FET RF 
gain stage works very well. As to the sound, it sounds great. 


73 vk4fug 10/03/2014. 
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11 





Anterior abdominal wall with pelvic cavity and thigh (frontal section, 
male) (internal aspect). 


13 


14 
15 
16 


17 
18 








Left ventricle with pericardium 
Diaphragm 
Remnant of liver 
Ligamentum teres 
(free margin of falciform ligament) 
5 Site of umbilicus 
6 Medial umbilical fold 
(containing the obliterated umbilical artery) 
7 Lateral umbilical fold (containing inferior 
epigastric artery and vein) 
8 Median umbilical fold 
(containing remnant of urachus) 
9 Head of femur and pelvic bone 
10 Urinary bladder 
11 Root of penis 
12 Falciform ligament of liver 
13. Rib (divided) 
14 Iliac crest (divided) 
15 Site of deep inguinal ring and 
lateral inguinal fossa 
16 Iliopsoas muscle (divided) 
17 Medial inguinal fossa 
18 Supravesical fossa 
19 Posterior layer of rectus sheath 
20 Transversus abdominis muscle 


-&wne 


21 Umbilicus and arcuate line 
22 Inferior epigastric artery 
23 Femoral nerve 


24  Iliopsoas muscle 

25 Remnant of umbilical artery 

26 Femoral artery and vein 

27 Tendinous intersection of rectus abdominis muscle 
28 Rectus abdominis muscle 

29 Interfoveolar ligament 

30 Pubic symphysis (divided) 

31 External iliac artery and vein 


Anterior abdominal wall (male) (internal 
aspect). The peritoneum and parts of the 
posterior layer of rectus sheath have been 
removed. Dissection of inferior epigastric 
arteries and veins. 


Stomach (ventral aspect). Mucosa of posterior wall of stomach (ventral aspect). 


Esophag 


Cardiac notch 


Cardiac part of stomach 
Lesser curvature of stomach 
Pyloric sphincter 
Angular notch (incisura angularis) 
Pyloric canal 
Pyloric antrum 
Fundus of stomach 
Greater curvature of stomach 
Body of stomach 
Folds of mucous membrane (gastric rugae) 
Gastric canal 
Right ventricle of heart 
Diaphragm (cut edge) 
Abdominal portion of esophagus 
Liver 
Cardiac part of stomach (cut edge) 
Position of pyloric canal 
Body of stomach 
Transverse colon 
Small intestine 
Lung (cut edge) 
Fundus of stomach (section) 
Lumbar portion of diaphragm (cut edge) 
Suprarenal gland 
Splenic vein 
= Pancreas 
Superior mesenteric artery and vein 
Parasagittal section through upper part of left abdominal 30 Intervertebral disc 
cavity 3.5 cm lateral to median plane. 




















Muscular coat of stomach, outer layer (ventral aspect). 








Muscular coat of stomach, inner layer (ventral aspect). 

















Muscular coat of stomach, middle layer (ventral aspect). 


1 
= 
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Esophagus (abdominal part) 

Cardiac notch 

Cardiac part of stomach 

Longitudinal muscle layer at lesser curvature of stomach 


Incisura angularis 

Circular muscle layer of pyloric part of stomach 

Pyloric sphincter muscle 

Fundus of stomach 

Circular muscle layer of fundus of stomach 

Longitudinal muscle layer of greater curvature of stomach 
Greater curvature of stomach 

Longitudinal muscle layer (transition from body to pyloric 
part of stomach) 

Pyloric part of stomach 

Oblique muscle fibers 








Pancreas with adjacent duodenum, spleen, liver and related arteries. The pancreatic ducts have been partly dissected. 


The duodenal papillae are indicated by probes. Left half of liver has been ren 





Pancreas, duodenum and extrahepatic bile ducts. (Schematic drawing.) 


noved. 
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Liver 

Left and right hepatic ducts 

Common hepatic duct 

Cystic duct 

Gall bladder 

Pancreatic duct and head of pancreas 
Pylorus (cut) 

Right gastro-omental (gastroepiploic) artery 
Minor duodenal papilla (probe) 

Major duodenal papilla (probe) 

Superior mesenteric artery and vein 

Inferior vena cava and iliocolic artery 
Portal vein, lig. teres of liver and lig. venosum 
Aorta 

Common hepatic artery, left branch of hepatic artery 
proper, and right gastric artery 
Gastroduodenal artery and right branch of hepatic 
artery proper 

Spleen 

Splenic artery and vein 

Tail of pancreas 

Left gastro-omental artery 

Middle colic artery 

Jejunum 

Jejunal arteries 

Aorta and inferior mesenteric artery 
Common bile duct 

Horizontal part of duodenum 

Esophagus 

Stomach 

Pancreatic duct 

Duodenojejunal flexure 

Lumbal vertebrae 


Radiograph of biliary ducts, gallbladder and pancreatic duct 
(anterior-posterior view). 


Isolated gallbladder and cystic duct (anterior aspect). 
The gallbladder has been opened to display the mucous membrane. 








Left hepatic duct 

Right hepatic duct 

Cystic duct 

Neck of gallbladder 

Body of gallbladder 

Fundus of gallbladder 
Common hepatic duct 
Common bile duct 

Pancreatic duct 

Greater duodenal papilla 
Second lumbar vertebra 

Folds of mucous membrane of gallbladder 
Muscular coat of gallbladder 
Neck of gallbladder (opened) 
Cystic duct with spiral fold 
Lesser duodenal papilla 
Accessory pancreatic duct 
Uncinate process 

Plica circularis of duodenum (Kerckrings’s fold) 
Head of pancreas 

Body of pancreas 

Tail of pancreas 

Descending part of duodenum 
Incisure of pancreas 


Pancreas with descending part of duodenum (posterior aspect). The duodenum was opened to display the duodenal papillae. 
Pancreatic duct has been dissected, the common bile duct has been divided. The sphincter of Oddi is shown. 








Liver in situ. Parasagittal section through the left side of the abdomen 2 cm 
lateral to median plane. 
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Ribs (cut edges) 
Diaphragm 

Diaphragmatic surface of liver 
Falciform ligament of liver 
Right lobe of liver 

Fundus of gallbladder 
Gastrocolic ligament 
Greater omentum 

Aorta 

Esophagus 

Left lobe of liver 

Stomach 

Ligamentum teres 
Transverse colon 

Right atrium of heart 
Central tendon and sternal 
portion of diaphragm 

Liver (cut edge) 

Entrance to duodenum (pylorus) 
Stomach 

Duodenum 

Transverse colon 

(divided, dilated) 

Small intestine 

Thoracic aorta 
(longitudinally divided) 
Esophagus 

(longitudinally divided) 
Esophageal hiatus of diaphragm 
Omental bursa (lesser sac) 
Splenic artery 

Pancreas 

Left renal vein 
Intervertebral disc 
Abdominal aorta 
(longitudinally divided) 
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Liver (inferior aspect). Dissection of porta hepatis. Gallbladder partly 
collapsed. Ventral margin of liver above. 


22 





Segmentation of the liver (anterior aspect). Liver segments indicated by 
roman numerals. 





Liver (ventral aspect) (transparent drawing illustrating margins of peritoneal 
folds). 


1 Fundus of gallbladder 

2 Peritoneum (cut edges) 

3 Cystic artery 

4 Cystic duct 

5 Right lobe of liver 

6 Inferior vena cava 

7 Bare area of liver 

8 Notch for ligamentum teres and 

falciform ligament 
9 Ligamentum teres 
10 Falciform ligament of liver 
11 Quadrate lobe of liver 
12 Common hepatic duct 
13 Left lobe of liver 
14 Hepatic artery proper 
15 Common bile duct Portal triad 
16 Portal vein 
17 Caudate lobe of liver 
18 Ligamentum venosum 
19 Ligament of inferior vena cava 
20 Appendix fibrosa (left triangular 
ligament) 

1 Coronary ligament of liver 
22 Hepatic veins 
23 Porta hepatis 


It should be noted that the anatom- 
ical left and right lobes of the liver 
do not reflect the internal distribu- 
tion of the hepatic artery, portal 
vein, and biliary ducts. Using these 
structures as criteria the left lobe 
includes both the caudate and qua- 
drate lobes and thus the line divid- 
ing the liver into left and right 
functional lobes passes through the 
gallbladder and inferior vena cava. 
The three main hepatic veins drain 
segments of the liver which have no 
visible external markings. 


1 Serratus anterior muscle 
2 Left lung 
3 Diaphragm 
4 Spleen 
5 External abdominal oblique muscle 
6 Gastrosplenic ligament 
7 Splenic artery 
8 Pancreas tail 
9 Superior margin of spleen 
10 Anterior border of spleen 
11 Inferior vena cava 
12 Hepatic veins 
13. Liver 
14 Portal vein 
15 Paraumbilical veins within falciform ligament 
16 Superior mesenteric vein 
17 Middle colic vein 
18 Right colic vein 
19 Ascending colon 
20 Ileocolic vein 
21 Vermiform appendix and appendicular vein 
22 Spleen 
23 Gastric and esophageal veins 
24 Splenic vein 
25 Inferior mesenteric vein 
26 Right gastroepiploic vein 
27 Ileal veins 
28 Descending colon 
29 Tleum 
30 Sigmoid veins 
31 Superior rectal veins 





Location of the spleen in situ (left-lateral aspect). 
Intercostal spaces and diaphragm have been fenestrated. 





Spleen (visceral surface), hilum of spleen with vessels, Main tributaries of portal vein. (Schematic drawing of portal 
nerves and ligaments. circulation.) X = sites of portocaval anastomoses. 


al 


Tributaries of portal vein and branches of superior mesenteric artery (injected with colored solutions). Blue = veins; red = 
arteries. One layer of peritoneum has been removed to display the vascular arcades of the intestine. Part of the head of the 
pancreas and the mesocolon have also been removed to show the deeper vessels, 


Greater omentum (reflected) Iliocolic artery Jejunum 

Transverse colon (raised cranially) Appendicular artery Jejunal arteries 

Celiac trunk Cecum Arterial arcades to intestine 
Portal vein 3 Transverse mesocolon Jejunal veins 

Superior mesenteric vein Splenic artery and vein 3 Ileal arteries 

Superior mesenteric artery 5 Pancreas (divided) Tleal vein 

Right colic vein Renal artery and vein 25 Ileum with mesentery 
Iliocolic vein Duodenojejunal flexure 

Right colic artery Middle colic artery 








Superior mesenteric artery in relation to pancreas and duodenum. Stomach and transverse 
colon has been removed and the liver elevated. Note the location of the spleen. A yellow 
probe is inserted through the omental foramen. 





Main branches of superior and inferior mesenteric arteries, (Schematic drawing.) 
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Ligamentum teres 

Liver 

Caudate lobe of liver 
Proper hepatic artery and 
portal vein 

Gallbladder and common 
bile duct 

Right gastric artery and 
pylorus 

Pancreas 

Ascending colon 
Gastroduodenal artery 
Superior mesenteric artery 
Duodenum 

lliocolic artery 

Terminal part of ileum 
Mesenteric lymph nodes 
Right common iliac artery 
Cecum 

Left lobe of liver 

Spleen 

Left gastro-omental 
(gastroepiploic) artery 
Stomach 

Left gastric artery 

Left colic flexure (cut) 
Splenic artery 

Right gastro-omental 
(gastroepiploic) artery 
Renal artery 

Ileal arteries 

Left kidney 

Left colic artery 

Middle colic artery 
Superior mesenteric vein 
Jejunum 

Jejunal arteries 

Inferior vena cava 
Sigmoid colon 

Right colic artery 
Appendicular artery 
Inferior mesenteric artery 
Sigmoid arteries 
Superior rectal artery 
Fundus of gallbladder 
Common bile duct 
Portal vein 

Beginning of jejunum 
Duodenojejunal flexure 
Ureter 

Splenic artery 

Celiac trunk 

Renal vein 

Abdominal aorta 
Descending colon 

Left common iliac artery 
Transverse mesocolon 
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Felix Scerri's FET Crystal Set with Voltage Doubler 
A 'nice sounding’ AM detector - update October 2015 
Looking through these pages the other day | was slightly shocked to realize that I’ve completely forgotten about 
some of the circuits that I’ve contributed in earlier days! They all work pretty well, however in my advancing older 
age and alittle like my tastes in high fidelity generally, I’m starting to show a particular preference for ‘nice 
sounding’ bits of audio gear. 
| guess that this also means low noise/low distortion too, although with AM broadcasting, at least in this country and 
probably elsewhere in the world too, the very common use of broadcasting ‘processing’ tends to make it hard for 
AM detectors generally, often resulting in a ‘hard/compressed’ sort of sound although still low in distortion, is not 
‘nice sounding’, if that makes any sense! 
Well of all the AM detectors that I’ve tried and/or developed, only one sounds ‘nice’ when confronted by heavy 
broadcast processing and that is an AM detector ‘based’ on a voltage doubler/diode integrator circuit (similar to the 
above circuit, actually the 68 pf capacitor should be changed to .1 uf, for slightly greater output). 
It has taken me a very long time (years) to ‘optimise’ this circuit, but as it presently stands this is my favourite ‘nice 
sounding’ AM detector, and gets most use for general high quality listening on the AM broadcast band. It sounds 
really good! It somewhat reminds me of an old OA47 gold bonded diode detector from years ago before such 
abhorrent ‘processing’ became commonplace! 
Ah yes the OA47....now that is a lovely sounding detector diode! 


Regards, Felix vk4fuq. 17 / 10 / 2015. 
That's it for crystal sets. | hope you try building one, it's easy and great fun! 


See some useful links below.... 


73's 
Mike 
Crystal Sets (Part1) | Build Your Own Crystal Set (Part 2) 


Spider's Web Crystal Set (Part 3) | Crystal Set By Kenneth Rankin (Part 4) | Crystal Radio Links 
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Vessels of abdominal organs; dissection of inferior mesenteric artery and celiac trunk (injected with colored solutions). 
Blue = veins; red = arteries. The small intestine including the duodenojejunal flexure has been reflected laterally and the 
stomach and liver have been raised. The peritoneum of the posterior abdominal wall has been removed to display the inferior 


mesenteric artery and its branches to the colon. 


The superior mesenteric artery arises at the level of L; 
vertebra branching of the abdominal aorta. It supplies 
jejunum and ileum as the ascending and transverse colon. 
At the left colic flexure branches of the middle colic 
artery (from the superior mesenteric artery) and of the 
left colic artery (from the inferior mesenteric artery) 
anastomose (so-called Riolani’s anastomosis). The 
arteries unite to form loops or arches called arterial 
arcades from which straight vessels (vasa recta) arise. The 


vasa recta do not anastomose within the mesentery. Thus 
occlusion of these vessels may lead to necrosis of the 
segment of bowel concerned and ileus. Within the wall of 
the intestine there are many anastomoses of blood vessels 
so that blockage of a single vessel is usually not dange- 
rous. The arteries are paralleled by veins which convey 
blood to the portal vein. Closely related to the venous 
drainage are the lymph vessels which pass the mesenteric 
lymph nodes and finally enter the cisterna chyli. 





1 Middle lobe of right lung 
2 Xiphoid process 
3 Costal margin 
4 Falciform ligament of liver 
5 Quadrate lobe of liver 
6 Greater omentum 
7 Upper lobe of left lung 
8 Heart 
9 Diaphragm 
10 Left lobe of liver 
11 Ligamentum teres 
12 Stomach 
13. Gastrocolic ligament 
14 Transverse colon 
15 Taenia coli 
16 Appendices epiploicae 
17 Cecum 
18 Taenia coli 
19 Tleum 
20 Transverse mesocolon 
21) Jejunum 
22 Sigmoid colon 
23 Position of root of mesentery 
24 Vermiform appendix 
25 Duodenojejunal flexure 
26 Mesentery 





Abdominal organs. The anterior thoracic and abdominal walls 
have been removed. 





Abdominal organs. The greater omentum which is fixed to the Abdominal organs (anterior aspect). The transverse 
transverse colon has been raised. colon has been reflected. 


Diaphragm 

Costal margin 

Transverse colon 
Ascending colon with haustra 
Free taenia of cecum 
Tleum 

Cecum 

Falciform ligament of liver 
Liver 

Stomach 

Gastrocolic ligament 
Jejunum 

Sigmoid colon 

Vermiform appendix 
Terminal ileum 
Mesoappendix 

Mesentery 





















Ascending colon, cecum and vermiform appendix Variations in the position of the vermiform appendix. 
(detail of the preceding figure). a = retrocecal; b = paracolic; ¢ = retroileal; d = pre- 
ileal; e = subcecal. 


Abdominal organs. Dissection of inferior mesenteric artery and autonomic plexus. The transverse colon with 
mesocolon has been raised and the small intestine reflected. 


Liver 

Gallbladder 

Middle colic artery 

Jejunal artery 

Inferior mesenteric artery 
Sympathetic nerves and ganglia 
Right common iliac artery 
Small intestine (ileum) 
Transverse colon (reflected) 
Transverse mesocolon 
Anastomosis between middle 
and left colic artery 


Spleen 

Abdominal aorta 

Left colic artery 
Duodenojejunal flexure 
Descending colon (free taenia of colon) 
Inferior mesenteric vein 
Superior hypogastric plexus 
Superior rectal artery 
Sigmoid arteries 
Peritoneum (cut edge) 
Sigmoid mesocolon 
Sigmoid colon 





Liver 

Middle colic artery 
Horizontal part of 
duodenum 
(extended) 
Superior mesenteric 
artery and vein 
Right colic artery 
Iliocolic artery 
Ascending colon 
Cecum 

Greater omentum 
(reflected) 
Transverse colon 
Transverse 
mesocolon 
Duodenojejunal 
flexure 

Jejunal arteries 
Jejunum 

Ileal arteries 
Mesenteric lymph 
nodes and lymph 
vessels 

lleum 

Abdominal aorta 
Inferior vena cava 
Stomach 

Spleen 

Splenic artery 
Head of pancreas 
Superior mesenteric 
artery 


Frontal section through the abdominal cavity. (MR-Scan: the intestinal 
tract and vessels are filled with a paramagnetic substance 
[Gadolinium]; courtesy of Dr. W. Rédl, Erlangen.) 





Diaphragm 

Falciform ligament of liver 
Jejunum 

Ileocecal fold 
Mesoappendix 

Vermiform appendix 
lleocecal junction 

Cecum 

Pericardial sac 

Xiphoid process 

Costal margin 

Liver 

Stomach 

Transverse colon 
Duodenojejunal flexure 
Inferior duodenal fold 
Mesentery 

Position of left kidney 
Descending colon 

Position of left common iliac artery 





Sacral promontory 
Sigmoid mesocolon 
Sigmoid colon 

Rectum 

Beginning of jejunum 
Peritoneum of posterior 
abdominal wall 
Transverse mesocolon 
Superior duodenal fold 
Superior duodenal recess 





Retroduodenal recess 





Free taenia of ascending colon 
Hleocecal valve 

Frenulum of ileocecal valve 
Orifice of vermiform 
appendix (probe) 

lleocolic artery 

Vermiform appendix with 
appendicular 

Ascending colon 


Abdominal cavity. Mesenteries. The small intestine has been reflected laterally 
to demonstrate the mesentery. 


Duodenojejunal flexure Ileocecal valve (ventral aspect). The cecum and terminal part 
(enlargement of preceding figure). of the ileum have been opened. 














Upper abdominal organs. Thorax and anterior part of diaphragm have been removed and the liver raised to display the lesser 
omentum. A probe has been inserted into the epiploic foramen and lesser sac. 


Falciform ligament and ligamentum teres 
Liver 
Gallbladder (fundus) 
Hepatoduodenal ligament 
Epiploic foramen (probe) 
Pylorus 
Descending part of duodenum 
Right colic flexure 
Gastrocolic ligament 
Caudate lobe of liver (behind lesser omentum) 
Lesser omentum 
Stomach 
Lesser curvature of stomach 
Superior part of duodenum 
Diaphragm 
Greater curvature of stomach with gastroepiploic 
els 
Twelfth thoracic vertebra 
Right kidney 
Right suprarenal gland 
Inferior vena cava 
Falciform ligament of liver 
Abdominal aorta 
Spleen 
Lienorenal ligament Horizontal section through omental bursa above the level 
Gastrosplenic ligament of epiploic foramen (black arrow). Viewed from above. Red 
Pancreas arrows: routes of the arterial branches of celiac trunk to liver, 





Lesser sac stomach, duodenum, and pancreas. (Schematic drawing.) 


Upper abdominal organs, lesser sac, 
stomach slightly reflected. 


1 
2 
3 
4 
5 
6 
7 
8 
9 


Falciform ligament and ligamentum teres 
Liver 

Hepatoduodenal ligament 

Gallbladder 

Probe within the epiploic foramen 
Superior part of duodenum 

Pylorus 

Descending part of duodenum 

Right colic flexure 

Gastrocolic ligament 

Greater omentum 

Caudate lobe of liver 

Fundus of stomach 

Probe at the level of the vestibule of lesser sac 
Head of pancreas 

Lesser curvature of stomach 

Body of stomach 

Diaphragm 


30 
31 





omental bursa (anterior aspect). Lesser omentum partly removed, liver and 


Greater curvature with gastroepiploic 
vessels 

Head of pancreas and gastropancreatic fold 
Spleen 

Tail of pancreas 

Left colic flexure 

Root of transverse mesocolon 
Transverse mesocolon 

Gastrocolic ligament (cut edge) 
Transverse colon 

Umbilicus 

Small intestine 

Lesser omentum 

Lesser sac (omental bursa) 
Duodenum 

Mesentery 

Sigmoid colon 


Upper abdominal organs, lesser sac, omental bursa (anterior aspect). The gastrocolic ligament has been divided 
and the whole stomach raised to display the posterior wall of the lesser sac. 


Midsagittal section through abdominal cavity 
demonstrating the site of lesser sac (blue). 
(Schematic drawing.) The epiploic foramen, 
entrance to the lesser sac, is indicated by an 
arrow. Red = peritoneum. 





























Arteries of upper abdominal organs; dissection of celiac trunk. The lesser omentum has been removed and the lesser curvature 
of the stomach reflected to display the branches of the celiac trunk. 


Branches of celiac trunk. 
(Schematic drawing.) 
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Amateur Radio 


M@MTJ Visit my amateur radio pages M@OMT) 


Visit my Amateur Radio Pages > 





No AM radio stations or transmitters in your locality or country? 





Has your local medium wave broadcast station closed or been moved to VHF/FM or Digital? Don't worry. You can 
still build and experiment with crystal sets and TRF radios by also buying or even building a simple low power AM 
transmitter. So, not only can you use your crystal sets but you can also run your own radio station that can be 
heard in and around your home - playing the music or programmes that you want to hear! 


SSTRAN AMT3000 Superb high fidelity medium wave AM transmitter kits from SSTRAN. Versions available for 
10kHz spacing in the Americas (AMT3000 or AMT3000-SM) and 9kHz spacing in Europe and other areas 
(AMT3000-9 and AMT3000-9SM). Superb audio quality and a great and well designed little kit to build: 


http://www.sstran.com/pages/products.html 


COMPRESSION 





http://www.sstran.com/ 
Other AM transmitters available: 
Spitfire & Metzo Complete, high quality ready built medium wave AM Transmitters from Vintage Components: 


http://www.vcomp.co.uk/index.htm Vintage Components offer a choice of the high quality Spitfire and Metzo 
transmitters: 





2 = 


SPITFIRE AM Medium Wave Transmitter with 100 milliwatt RF output power: 
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Branches of celiac trunk; blood supply of liver, pancreas and spleen. The stomach, superior part of duodenum and celiac 
ganglion have been removed to reveal the anterior aspect of the posterior wall of the lesser sac (omental bursa) and the vessels 
and ducts of the hepatoduodenal ligament. The pancreas has been slightly reflected anteriorly. 
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Lung 

Liver (visceral surface) 

Lymph node 

Inferior vena cava 

Ligamentum teres (reflected) 

Right branch of hepatic artery proper 
Diaphragm 

Common hepatic duct (dilated) 

Cystic duct and artery 

Gallbladder 

Probe in epiploic foramen 

Right lobe of liver 

Portal vein 

Right gastric artery 

Duodenum 

Pylorus 

Right colic flexure 

Right gastro-omental (gastroepiploic) artery 
Transverse colon 

Abdominal part of esophagus (cardiac part of stomach) 
Fundus of stomach 

Esophageal branches of left gastric artery 


29 
30 
31 


37 


39 
40 


Lumbar part of diaphragm 

Left gastric artery 

Celiac trunk 

Splenic artery 

Pancreas 

Common hepatic artery 

Left gastro-omental (gastroepiploic) artery 
Gastroduodenal artery 

Pyloric part of stomach 

Greater curvature of stomach 
Gastrocolic ligament 

Superior pancreaticoduodenal artery 
Short gastric arteries 

Aorta 

Spleen 

Caudate lobe of liver 

Left branch of hepatic artery proper 
Descending part of duodenum (cut) 
Left inferior phrenic artery 
Suprarenal gland 

Kidney 

Transverse mesocolon 
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Pancreas and extrahepatic bile ducts in situ (anterior aspect). The gastrocolic 
ligament has been divided, the transverse colon and the stomach were replaced to 
display pancreas and superior mesenteric vessels. 


Stomach (pyloric part) and pylorus 8 
Right gastro-omental (gastroepiploic) 9 
artery 10 
Fundus of gall bladder 

Liver, right lobe 11 
Head of pancreas 12 
Superior mesenteric artery and vein 13 
Duodenum 14 


Middle colic artery 

Transverse colon 

Greater curvature of stomach 

(remnants of gastrocolic ligament) 

Body of stomach 

Body of pancreas 

Left gastro-omental (gastroepiploic) artery 
Splenic artery 





Blood supply of upper abdominal organs (branches of the celiac trunk and 
superior mesenteric artery). (Schematic drawing.) 
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Spleen 

Tail of pancreas 

Left colic flexure 

Jejunum 

Lung (inferior lobe of right lung) 
Common hepatic duct and caudate lobe 
of liver 

Portal vein and hepatic artery proper 
Cystic duct and right gastric artery 
Common bile duct and gastroduodenal 
artery 

Pylorus (cut) 

Major and minor duodenal papillas (probes) 
Duodenum (inferior part) 

Right kidney, ureter and ovarian artery 
Iliocolic artery and inferior vena cava 
Right and left vagal trunk 

Esophagus 

Diaphragm 

Cut edge of esophagus, left gastric artery 
with esophageal branch 

Celiac trunk 

Common hepatic artery, main pancreatic 
duct and pancreas 

Renal vein 

Duodenojejunal flexure 

Left kidney 

Jejunal arteries 

Abdominal aorta and left ureter 

Cystic artery 

Hepatic proper artery 

Celiac trunk 

Right gastric artery 

Common hepatic artery 
Gastroduodenal artery 

Superior mesenteric artery 

Superior posterior pancreaticoduodenal 
artery 

Superior anterior pancreaticoduodenal 
artery 

Short gastric arteries 

Left gastric artery 

Posterior pancreatic branch of splenic 
artery ° 

Inferior pancreaticoduodenal artery 





Pancreas, extrahepatic bile ducts, spleen and liver with their vessels in situ. The stomach has been removed, the liver elevated, and 


the descending part of duodenum opened to display the openings of pancreatic ducts. The pancreatic ducts were dissected. Note 
the location of superior mesenteric artery and vein between duodenum and pancreas. Arrow: probe within the epiploic foramen. 


Schematic drawing of the specimen depicted above. Note the branching of the celiac trunk 
(partially covered by the body of the pancreas), and the main arterial supply of liver, spleen, 
pancreas, stomach, and duodenum. 





1 Liver 
2 Falciform ligament 
3 Hepatoduodenal ligament 
4 Pylorus (divided) 
5 Gallbladder 
6 Probe within the epiploic foramen 
7 Duodenojejunal flexure (divided) 
8 Greater omentum 
9 Root of mesentery 
10 Ascending colon 
11 Free colic taenia 
12. End of ileum (divided) 
13. Vermiform appendix with mesoappendix 
14. Cecum 
15 Pancreas and site of lesser sac 
16 Diaphragm 
17 Spleen 
18 Cardia (part of stomach, divided) 
19 Head of pancreas 
20 Body and tail of pancreas 
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21 Transverse mesocolon 
10 22 Transverse colon (divided) 
23 Descending colon 
24 Cut edge of mesentery 
11 25 Sigmoid colon 
124 26 Rectum 
i) 27 Attachment of bare area of liver 
13 > pe 7 . 
28 Inferior vena cava 
14 29° Kidney 
30 Attachment of right colic flexure 
31 Root of transverse mesocolon 
Abdominal cavity after removal of stomach, jejunum, ileum 32 Junction between descending and horizontal parts 
. ; : of duodenum 
and part of the transverse colon. Liver has been slightly raised. 5 avec’ weit , 
33 e surface for ascending colon 
34 Heocecal recess 
35 Retrocecal recess 
36 Root of mesoappendix 
37 Superior recess 
38 Isthmus (opening) Of leaser sac 
39 Splenic recess (omental bursa) 
40 Superior duodenal recess 
27 50 41 Inferior duodenal recess 
28 37 42 Bare surface for descending colon 
43 Paracolic recesses 
51 38 44 Root of mesentery 
29 39 45 Root of mesosigmoid 
29 46 Intersigmoid recess 
47 Hepatic veins 
30 40 48 Duodenojejunal flexure 
31 49 Attachment of left colic flexure 
32 41 50 Esophagus 
51 Entrance to lesser sac through the epiploic 
33 43 foramen 
42 
44 
34 
43 
45 
35 46 
36 
26 


Peritoneal reflections from organs and the position 
of root of mesentry and peritoneal recesses on the 
posterior abdominal wall. (Schematic drawing.) 





























Peritoneal recesses on the posterior abdominal wall. The liver, stomach, jejunum, ileum, and colon have been removed. 
The duodenum, pancreas, and spleen have been left in place. 
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Rectus abdominis muscle 

Falciform ligament 

Liver (right lobe) 

Inferior vena cava 

Diaphragm 

Intervertebral disc 

Liver (left lobe) 

Rib 

Liver (caudate lobe) 

Abdominal (descending) aorta 
Stomach 

Spleen 

Spinal cord 

Longissimus and iliocostalis muscles 
Body of vertebra 

Abdominal rectus muscle 

External abdominal oblique muscle 
Transverse colon 

Head of pancreas 
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23 
24 
25 
26 
27 
28 
29 
30 
31 
32 
33 
34 
35 
36 
37 
38 
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Horizontal section through 
the abdominal cavity 

at level 1 (from below). 


Horizontal section through 
the body. MR-Scan, 
corresponding to level 1. 
Arrow: stomach. 


Greater duodenal papilla 
Duodenum 

Suprarenal gland and ureter 
Kidney 

Round ligament of liver 
Superior mesenteric artery and vein 
Psoas major muscle 
Descending colon 

Quadratus lumborum muscle 
Cauda equina 

Right renal vein 

Small intestine 

Iliacus muscle 

flium 

leocecal valve 

Cecum 

Common iliac artery and vein 
Gluteus medius muscle 
Vertebral canal and dura mater 








Horizontal section through the 
abdominal cavity at the level of 
greater duodenal papilla 

(from below). 


Horizontal section through 
the body. CT-Scan, 


corresponding to level 2. 





Horizontal section through 
the abdominal cavity 
at level 3 (from below). 





Posterior abdominal wall with duodenum, pancreas and spleen (anterior aspect). Dissection of pancreatic and common bile duct. 
The stomach has been removed, the liver raised and the duodenum anteriorly opened. 


Ligamentum teres 3 Horizontal part of duodenum (distended) 
Gallbladder and cystic artery Superior mesenteric artery 

Common hepatic duct and portal vein 5 Liver (left lobe) 

Cystic duct Caudate lobe of liver and hepatic artery proper 
Right gastric artery (pylorus with superior part of duodenum, Abdominal part of esophagus (cut) 

cut and reflected) 8 Probe in epiploic foramen and lymph node 
Gastroduodenal artery Left gastric artery 

Common bile duct Spleen 

Probe within the minor duodenal papilla Splenic vein and branches of splenic artery 
Accessory pancreatic duct Pancreatic duct and head of pancreas 
Probe within the major duodenal papilla 23 Left colic flexure and tail of pancreas 
Descending part of duodenum (opened) Duodenojejunal flexure 

Middle colic artery and inferior pancreaticoduodenal artery 








Parasagittal section through the thoracic and 
abdominal cavities (right side, medial aspect). 





Parasagittal section through the abdominal cavity. 
(MR-Scan, courtesy of Prof. W. Rédl, Erlangen). 





Position of kidneys and urinary system (anterior view). 
The excursions of the kidneys with the respiratory 
movements of the diaphragm are indicated. 
(Schematic drawing.) 


1 Right lung (superior and middle lobes) 
2 Transverse colon 
3 Jejunum 

4 Abdominal wall 
5 Fourth rib 
6 Right lung (inferior lobe) 
7 Diaphragm 
8 Liver 

9 Suprarenal gland 

10 Kidney 

11 Renal pelvis 

12 Small intestine 

13. Perirenal fat pad 

14 Eleventh rib 

15 Ureter (abdominal part) 
16 Ureter (pelvic part) 

17 Urinary bladder 

18 Urethra 

19 Colon 


Pyloric antrum 
Gastroduodenal artery 
Descending part of 
duodenum 
4 Vestibule of lesser sac 
5 Inferior vena cava and liver 
6 Body of first lumbar vertebra 
7 Cauda equina 
8 Right kidney 
9 Latissimus dorsi muscle 
10 Iliocostalis muscle 
11 Rectus abdominis muscle 
12 Stomach 
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13 Lesser sac 

14 Splenic vein 

1S Superior mesenteric artery 
16 Pancreas 

17 Aorta and left renal artery 
18 Transverse colon 

19 Renal artery and vein 
20 Spleen 

21 Left kidney 

22 Psoas major muscle 
23 Multifidus muscle 
Horizontal section through the abdominal cavity at the level of the first lumbar vertebra 24 Margin of lung 

(from below). 25 Margin of pleura 

26 Renal pelvis 

27 Left ureter 

28 Descending colon 

29 Rectum 

30 Right suprarenal gland 
31 12th rib 

32 Ascending colon 

33 Right ureter 

34. Cecum 

35 Vermiform appendix 
36 Urinary bladder 

37 Liver 





25 38 Anterior layer of renal fascia 
39 Duodenum 

26 40 Perirenal fatty tissue 

al 41 Posterior layer of renal fascia 
42 Abdominal cavity 

27 

28 

29 





Positions of urinary organs (posterior view). Notice that the Retroperitoneal tissue, location of the right 
upper part of the kidney reaches the level of the margin of kidney. (Schematic drawing.) Yellow = 
pleura and lung. adipose capsule of kidney. 


Crystal Sets 5 - Experimental Crystal Set 


http:/Awww.vcomp.co.uk/spitfire/spitfire.htm 
Spittire | 


Transmitter 
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METZO AM Medium Wave Transmitter with built in compressor: 





http:/Awww.vcomp.co.uk/metzo/metzo.htm 


AM88 LP A basic AM transmitter kit from North County Radio. 
http://www.northcountryradio.com/Kitpages/am88.htm 





LINKS: _ Fine links to more Crystal Radio websites here 








Component Suppliers: Links to electronic component suppliers here 
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Scalenus anterior, medius and posterior muscles 
Left subclavian artery 

Left subclavian vein 

Pulmonic valve 

Arterial cone 

6 Right ventricle of heart 
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Liver 

8 Stomach 

9 Transverse colon 

10 Small intestine 

11 Left lung 

12 Left main bronchus 

13. Branches of pulmonary vein 
14 Left ventricle of heart 

15 Spleen 

16 Splenic artery and vein and pancreas 

17 Left kidney 

18 Psoas major muscle 

19 Inferior vena cava 

20 Renal vein 
21 Body of 12th thoracic vertebra and vertebral canal 
22 Right kidney 

23 Superior mesenteric artery 

24 Superior mesenteric vein 

25 Pancreas 

26 Abdominal aorta 

27 Left psoas major and quadratus lumborum muscles 
28 Anterior layer of renal fascia ) 


: : Se of Gerota 
29 Posterior layer of renal fascia J 


30 Perirenal fatty tissue 
31 Abdominal cavity 
32 Descending and sigmoid colon 





Parasagittal section through the thoracic and abdominal 
cavities at the level of the left kidney 
(5.5 cm left of median plane). 





Horizontal section through the retroperitoneal region Retroperitoneal tissue, position of left kidney. 
at level of 12th thoracic vertebra. (CT-Scan, from below.) (Schematic drawing.) 





Coronal section through right kidney and suprarenal gland 
(posterior view). The renal pelvis has been opened and the 
fatty tissue removed to display the renal vessels. 


Right kidney (posterior view). Partial coronal section 
to expose internal aspect of the kidney. 


Renal vein 

Renal artery 

Renal pelvis 

Abdominal part of ureter 
Major renal calyx 
Cribriform area of renal papilla 
Cortex of suprarenal gland 
Medulla of suprarenal gland 
Cortex of kidney 

Medulla of kidney 

Renal papilla 

Minor renal calyx 

Renal sinus 

Renal columns 

Fibrous capsule of kidney 


Each kidney can be divided in five segments 
supplied by individual interlobar arteries 
considered as end arteries. Thus, obstruc- 
tion leads to infarcts marking the trace of 
segment borders. The anterior kidney sur- 
face reveals four segments, the posterior 
only three (No. 1,4 and 5). 


‘ 
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Cast of renal pelvis and calices. 
1-4 = Renal segments on anterior surface. 





1 Hepatic vein 

2 Anterior and posterior vagal trunk 
3 Inferior vena cava 

4 Lumbar part of diaphragm 

5 Right greater and lesser splanchnic nerves 
6 Celiac trunk 

7 Celiac ganglion and plexus 

8 Superior mesenteric artery 

9 Left renal vein 
10 Right sympathetic trunk and ganglion 
11 Abdominal aorta 
12 Left sympathetic trunk 
13. Esophagus (cut), 

left greater splanchnic nerve 

14. Left suprarenal gland 
15 Left renal artery 

16 Renal pelvis 

17 Renal papilla with minor calyx 
18 Left testicular vein 

19 Left ureter 
20 Psoas major muscle 
21 Quadratus lumborum muscle 
Glomerulus 
Afferent arteriole of glomerulus 
Glomeruli 
Radiating cortical artery 
Subcortical or arcuate artey 
Subcortical or arcuate vein 
Interlobular vein 
29 Interlobular artery 
30 Interlobar artery and vein 
31 Vessels of renal capsule 
32 Efferent arteriole of glomerulus 
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Left kidney and suprarenal gland in situ. The anterior cortical layer 33 Vasa recta of renal medulla 
of the kidney has been removed to display the renal pelvis and 34 Spiral arteries of renal pelvis 
papillae. 





m™, ah / 
Glomeruli (210). Scanning electron micrograph showing glomeruli Architecture of vascular system of kidney. 
and associated arteries. (Schematic drawing.) 





Left kidney. 


(Arteriogram.) 


Abdominal aorta. (Subtraction angiograph.) 


Arteriolae rectae of renal 
medulla 

Interlobar artery 
Interlobular arteries 
Cortical glomeruli 
Juxtamedullary glomeruli 
Body of first lumbar 
vertebra 

Left renal artery 
Abdominal aorta with 
catheter 

Upper pole of kidney 
Anterior 

branch of renal 
Posterior | artery 
branch 

Anterior inferior segmental 
artery 

Lower pole of kidney 
Celiac trunk 

Superior mesenteric artery 
Middle colic artery 
Splenic artery 








Main branches of descending aorta. (Schematic drawing.) 





Arteries of kidney and suprarenal gland. (Schematic drawing.) 
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Right common carotid artery 
Right subclavian artery 
Brachiocephalic trunk 
Thoracic aorta 

Diaphragm 

Celiac trunk 

Right renal artery 

Superior mesenteric artery 
Lumbar arteries 

Right common iliac artery 
Internal iliac artery 

External iliac artery 

Left common carotid artery 
Left subclavian artery 
Highest intercostal artery 
Aortic arch 

Posterior intercostal arteries 
Left renal artery 

Left testicular (or ovarian) artery 
Inferior mesenteric artery 
Median sacral artery 
Superior suprarenal artery 
Upper capsular artery 
Anterior branch of renal artery 
Perforating artery 

Lower capsular artery 
Ureter 

Right inferior phrenic artery 
Left inferior phrenic artery 
Middle suprarenal artery 
Inferior suprarenal artery 
Posterior branch of renal artery 





Ultrasound image of the right kidney (upper and lower 
border of the kidney marked by crosses. 


X = small cortical cyst). 


Retroperitoneal organs, urinary system in the male (anterior view). The peritoneum has been 
removed. 


Costal arch 

Right renal vein 

Right kidney 

Inferior vena cava 
lliohypogastric nerve and 
quadratus lumborum 
Ureter (abdominal part) 


Psoas major muscle and genitofemoral nerve 


Iliacus muscle 


External iliac artery 
Ureter (pelvic part) 
Ductus deferens 

Testis and epididymis 
Celiac trunk 


Superior mesenteric artery 


Left kidney 
Abdominal aorta 


Inferior mesenteric artery 


Common iliac artery 

Iliac crest 

Sacral promontory 
Rectum (cut) 

Medial umbilical ligament 
Urinary bladder 

Penis 





Retroperitoneal organs, urinary system in situ (anterior view). The peritoneum has been 


removed. Red = arteries; blue = veins. 


Diaphragm 12 
Hepatic veins 13 
Inferior vena cava 14 
Common hepatic artery 15 
Right suprarenal gland 

Celiac trunk 16 
Right renal vein 17 
Right kid 18 
Abdominal aorta 19 
Subcostal nerve 20 


Lliohypogastric nerve 21 


Quadratus lumborum muscle 
Iliac crest 

Iliacus muscle 

Right lateral femoral 
cutaneous nerve 

External iliac artery 

Femoral nerve 


Right inferior epigastric artery 


Central tendon of diaphragm 
Inferior phrenic artery 
Cardiac part of stomach and 





esophageal branches of 
left gastric artery 


Left suprarenal gland 

Left renal artery 

Left kidney 

Superior mesenteric artery 
Psoas major muscle 
Inferior mesenteric artery 


Ureter 
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Testicular artery and vein 
Transversus abdominis muscle 
Left common iliac artery 

Left common iliac vein 

Lateral femoral cutaneous 
nerve 

Genitofemoral nerve 

Rectum (cut) 

Urinary bladder 








34 
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Lymph vessels and lymph nodes of the posterior wall of thoracic and abdominal cavities 
(anterior aspect). Green = lymph vessels and nodes; blue = veins; red = arteries; 
white = nerves. 


Internal jugular vein 

Right common carotid 
artery and right vagus nerve 
Jugulo-omohyoid lymph 
node 

Right lymphatic duct 
Subclavian trunk 

Right subclavian vein 
Bronchomediastinal trunk 
Azygos vein 

Diaphragm 

Right kidney 

Right lumbar trunk 

Right ureter 

Common iliac lymph nodes 
Right internal iliac artery 
External iliac lymph nodes 
Right external iliac artery 
Left common carotid artery 
and left vagus nerve 
Internal jugular vein 

Deep cervical lymph nodes 
Thoracic duct entering 

left jugular angle 

Left subclavian vein 

Left brachiocephalic vein 
Thoracic duct 

Mediastinal lymph nodes 
Thoracic aorta 

Left suprarenal gland 

Left renal artery 

Left kidney 

Cisterna chyli 

Lumbar lymph nodes 
Abdominal aorta 

Left ureter 

Sacral lymph nodes 
Rectum (cut edge) 








Vessels and nerves of posterior abdominal wall (anterior aspect). Part of the left psoas major 
muscle has been removed to display the lumbar plexus. Red = arteries, blue = veins. 


Diaphragm 

Hepatic veins 

Inferior vena cava 
Inferior phrenic artery 
Right renal vein 
lliohypogastric nerve 
Quadratus lumborum muscle 
Subcostal nerve 

Inferior mesenteric artery 
Right genitofemoral nerve 
and psoas major muscle 
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Common iliac artery 
Iliacus muscle 
Right ureter (divided) 


Lateral femoral cutaneous nerve 


Internal iliac artery 

Femoral nerve 

External iliac artery 

Inferior epigastric artery 
Cardiac part of stomach and 
oesophageal branches of left 
gastric artery 
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30 


Splenic artery 

Celiac trunk 

Superior mesenteric artery 
Left renal artery 
Ilioinguinal nerve 
Sympathetic trunk 
Transversus abdominis muscle 
Iliac crest 

Left genitofemoral nerve 
Left obturator nerve 
Median sacral artery 


Psoas major muscle 
(divided) with supplying 
artery 

Rectum (cut) 

Urinary bladder 


Posterior wall of thoracic and abdominal cavities with sympathetic trunk, Organization of autonomic nervous system 
vagus nerve and autonomic ganglia (anterior view). Thoracic and (after Mattuschka). (Schematic drawing.) 
abdominal organs removed, except esophagus and aorta. Yellow = parasympathetic nerves: 

green = sympathetic nerves. 
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| hope that you attempt building one or two of these crystal set designs and | really do recommend that the components 
are carefully connected up using soldered joints onto a piece of tag-strip for reliability. However if you are new to 
constructing such electronic circuits then some simple solder-less techniques could be employed and these are 
suggested at the bottom of the page. Also see Crystal Sets Part 5 for more ideas on experimenting with crystal sets. 





An early and very basic crystal set would have been nothing 
more than a coil of wire, perhaps 50 -100 turns, wound around 
a cardboard tube about 3 inches (7cm) in diameter, a detector 
(or cats whisker) and a pair of special High Impedance 
headphones (as discussed in part 1). 


There would be a very large aerial strung up around the 
garden and the all important connection to earth. 


The coil would have tapping points (connection points) at 
intervals of around 5 or 10 turns. See the circuit diagram on 
the right for details of who the set is wired together. 


The tapping points on the coil allow the set to be tuned to 
different frequencies by adjusting the position of tap B. Tap B 
would be connected to the coil at differently positions by way 
of a crocodile clip. The fewer turns between the top (aerial 
end) of the coil and tap B, the shorter the wavelength received 
(ie the higher the frequency). Tap A would allow the detector 
to be connected at different positions to vary performance. 
There is an additional component drawn in the above diagram, 
the capacitor (value 1000pF), this is included in crystal sets 
that used the High Impedance magnetic headphones, and 
bypassed any remaining radio frequencies (RF) to earth. 


Aerial Basic Early 
Crystal Set 


Terminal 







Detector High 
Impedance 
& Headphones 
ois Capacito 

1000pF 


A very basic crystal set circuit. 


http://mds975.co.uk/Content/crystalsets2.html 


| have not built the set described above as it is so basic. Such 
a crystal set above would probably have been adequate in 
1920 - 1923 when there would have been only one local 
transmitter receivable. 


When the BBC expanded transmissions and it became 
possible to hear more than a single station it would have 
became necessary to include a more convenient means of 
tuning the set. 


This was achieved by including a Variable Tuning Capacitor, of 
about 500pF (0.0005uF) connected in parallel with the tuning 
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Ganglia and plexus of the autonomic nervous system within the retroperitoneal space 
(anterior view). The kidneys and the inferior vena cava with its tributaries have been 
removed (compare pp. 264 and 265). 
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10 





Right vagus nerve 

Right subclavian artery 
Esophagus 

Aortic arch 

Sympathetic trunk 
Greater splanchnic nerve 
Intercostal nerve 
Abdominal part of 
esophagus and vagal trunk 
Celiac trunk with celiac 
ganglion 

Superior mesenteric artery 
and ganglion 

Psoas major muscle and 
genitofemoral nerve 
Common iliac artery 
Superior hypogastric plexus 
and ganglion 

Left vagus nerve 
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30 


31 
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36 


37 


38 
39 


40 


Brachial plexus 

Left subclavian artery 

Left recurrent laryngeal 
nerve 

Inferior cervical cardiac 
nerve 

Thoracic aorta 

Esophageal plexus 

Azygos vein 

Diaphragm 

Splenic artery 

Left renal artery and plexus 
Inferior mesenteric ganglion 
and artery 

Left external iliac artery 
Superior cervical ganglion of 
sympathetic trunk 

Superior cardiac branch of 
sympathetic trunk 

Middle cervical ganglion of 
sympathetic trunk 

Inferior cervical ganglion of 
sympathetic trunk 

Right recurrent laryngeal 
nerve 

Lesser splanchnic nerve 
Lumbar splanchnic nerves 
Sacral splanchnic nerves 
Inferior hypogastric ganglion 
and plexus 

Left recurrent laryngeal 
nerve 

Aorticorenal plexus and 
renal artery 

Ganglion impar 

Esophagus with branches of 
vagus nerve 

Hepatic veins 

Right crus of diaphragm 
Inferior phrenic artery 
Right vagus nerve entering 
the celiac ganglion 

Right lumbar lymph trunk 
Lumbar part of right 
sympathetic trunk 

Lumbar artery and vein 
Psoas major muscle 

Iliac crest 

Inferior vena cava 

Iliacus muscle 

Ureter 

Left vagus nerve forming the 
esophageal plexus 

Left vagus nerve forming the 
gastric plexus 

Esophagus continuing into 
the cardiac part of stomach 
Lumbocostal triangle 
Position of 12th rib 

Left lumbar lymph trunk 
Ganglion of sympathetic 
trunk 

Quadratus lumborum muscle 
Lumbar part of left 
sympathetic trunk 

Iliac lymph vessels 
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Male genital organs isolated (right lateral aspect). Male genital organs in situ (right lateral aspect). 


1 Ureter 

2 Seminal vesicle 

3 Prostate gland 

4 Urogenital diaphragm and membranous part of urethra 
5 Bulbourethral or Cowper's gland 
6 Bulb of penis 

7 Left and right crus penis 

8 Epididymis 

9 Testis 

10 Urinary bladder 

11 Apex of urinary bladder 

12 Ductus deferens 

13. Corpus cavernosum of penis 

14 Corpus spongiosum of penis 

15 Glans penis 

16 Ampulla of rectum 

17 Levator ani muscle 

18 Anal canal and external anal sphincter muscle 
19 Spermatic cord (cut) 

20 Sacral promontory 

21 Sigmoid colon 

22 Peritoneum (cut edge) 

23 Rectovesical pouch 

24 Ejaculatory duct 

25 Lateral umbilical fold 

26 Medial umbilical fold 





27 Deep inguinal ring and ductus deferens 
28 Pubic symphysis 

Positions of male genital organs (right lateral aspect). 29 Prostatic part of urethra 

(Schematic drawing.) 30 Spongy urethra 





Male urogenital system. (Schematic drawing.) 


1 Sigmoid colon 

2 Ampulla of rectum 

3 Ampulla of ductus deferens 

4 External anal sphincter muscle 

5 Internal anal sphincter muscle 

6 Anal canal 

7 Bulb of penis 

8 Testis (cut surface) 

9 Median umbilical ligament 

10 Urinary bladder 

11 Internal urethral orifice and sphincter 
muscle (sphincter vesicae) 

12. Pubic symphysis 

13. Prostatic part of urethra 

14 Prostate gland 

15 Membranous urethra and external urethral 
sphincter muscle 

16 Corpus cavernosum of penis 

17 Spongy urethra 

18 Corpus spongiosum of penis 

19 Foreskin or prepuce 

20 Glans penis 

21 Kidney 

22 Renal pelvis 

23 Abdominal part of ureter 

24 Pelvic part of ureter 

25 Seminal vesicle 

26 Ejaculatory duct 

27 Bulbourethral or Cowper's gland 

28 Ductus deferens 

29 Epididymis 

30 Umbilicus 

31 Trigone of bladder and ureteric orifice 

32 Navicular fossa of urethra 

33 External urethral orifice 

34 Testis 


The prostate is located between bladder and urogenital 
diaphragm. The penis includes the urethra and thus serves 
for both ejaculation and micturition. The internal 
(involuntary) and external (voluntary) urethral 
sphincters are widely separated. The ureter having 
crossed the ductus deferens enters the urinary bladder at 
its base. The peritoneum is reflected off the posterior 
surface of the bladder onto the rectum thus forming the 
rectovesical pouch. 


1 Ureter 

2 Ductus deferens 

3 Interureteric fold 
4 Ureteric orifice 

5 Seminal vesicle 

6 Trigone of bladder 


~ 


Prostatic urethra with seminal colliculus 
and urethral crest 
8 Deep transverse perineal muscle 
9 Membranous urethra 
10 Spongy urethra 
11 Mucous membrane of urinary bladder 
12. Internal urethral orifice and uvula of bladder 
13. Prostate 
14 Prostatic utricle 
15 Right and left corpus cavernosum of penis 
16 Ejaculatory duct 
17 Sphincter urethrae muscle 
18 Median umbilical fold with remnant of urachus 
19 Medial umbilical fold with remnant of umbilical 
artery 
20 Urinary bladder 
21 Rectovesical pouch 
22 Rectum 
23 Sacrum 
24 Deep iliac circumflex artery 
25 Deep inguinal ring and ductus deferens 
26 External iliac artery and vein 
27 Femoral nerve 
28 Obturator nerve 
29 [lium and sacrum 
30 Inferior epigastric artery 
31 Iliopsoas muscle 





Male urogenital organs; isolated (anterior view). Urinary bladder, prostate 
and urethra have been opened. The urinary bladder is contracted. 





Pelvic cavity in the male (viewed from above). Posterior half of male urethra and prostate in 


continuity with neck of bladder (anterior view). 





Male genital organs, isolated (posterior view). 


Urinary bladder, urethra and penis 
(anterior view, open longitudinally). 


Cross-section 


of penis (anterior view). 


Apex of urinary bladder with 
urachus 

Urinary bladder 

Ureter 

Ductus deferens 

Ampulla of ductus deferens 
Seminal vesicle 

Prostate 

Bulbourethral or Cowper's gland 
Bulb of penis 

Crus penis 

Corpus spongiosum of penis 
Corpus cavernosum of penis 
Testis and epididymis with coverings 
Glans penis 

Fundus of bladder 

Head of epididymis 

Testis 

Mucous membrane of bladder 
Trigone of bladder 

Ureteric orifice 

Internal urethral orifice 
Seminal colliculus 

Prostate 

Prostatic urethra 
Membranous urethra 

Spongy (penile) urethra 

Skin of penis 

Deep dorsal vein of penis (unpaired) 
Dorsal artery of penis (paired) 
Tunica albuginea of corpora 
cavernosa 

Septum of penis 

Deep artery of penis 

Tunica albuginea of corpus 
spongiosum 


Deep fascia of penis 








Male external genital organs (lateral view). The corpus spongiosum of the 
penis with the glans penis has been isolated and reflected. 





Resin cast of erected penis. 
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Corpus cavernosum of penis 
Corpus spongiosum of penis 
Corona of glans penis 

Glans penis 

Suspensory ligament of penis 
Inferior pubic ramus 

Crus penis 

Bulb of penis 

Deep dorsal vein of penis 
Septum pectiniforme 

Dorsal artery of penis 
Bulbourethral or Cowper's gland 
Urinary bladder 

Seminal vesicle 

Ampulla of ductus deferens 
Ductus deferens 
Membranous urethra 
Prostate 

Ureter 


Male external genital organs and accessory 


glands. (Schematic drawing.) 


Testis and epididymis with investing 
layers (lateral view). 


Spermatic cord covered with 
cremasteric fascia 

Cremaster muscle 

Position of epididymis 

Internal spermatic fascia 

Position of testis 

Internal spermatic fascia with adjacent 


investing layers of testis (cut surface) 


Testis and epididymis (lateral 
view). The tunica vaginalis has 
been opened. 


7 Head of epididymis 

8 Testis with tunica vaginalis 
(visceral layer) 

9 Body of epididymis 


10 Pampiniform venous plexus 


(anterior veins) 


11 Testicular artery 





Longitudinal section through testis and epididymis. The left figure shows the 
testicular septa after removal of the seminiferous tubules. 





Testis, epididymis and spermatic 
cord, Dissection of spermatic cord 
and ductus deferens (left side, 
posterolateral aspect). 


Tunica vaginalis 

(parietal layer, cut edge) 

Skin and dartos muscle (reflected) 
Ductus deferens 

Artery of ductus deferens 


16 Posterior veins of pampiniform plexus 


Tail of epididymis 


18 Transition of epididymal duct 


to ductus deferens and venous plexus 


19 Parietal layer of tunica vaginalis 


20 Appendix of epididymis 


Appendix of testis 


22 Gubernaculum testis 


Spermatic cord (cut surface) 
Head of epididymis (cut surface) 
Septa of testis 

Mediastinum testis 

Tunica albuginea 

Superior pole of testis 
Convoluted seminiferous tubules 


Inferior pole of testis 


Ureter 

Ductus deferens 

Seminal vesi 

Ampulla of ductus deferens 
Ejaculatory duct 
(proximal portion) 
Prostate 

Membranous urethra 
Bulbourethral or Cowper's 
gland 

Bulb of penis 

Penis 

Glans penis 

Urinary bladder 

Levator ani muscle 
Obturator internus muscle 
Pelvic bone (cut edge) 
Puboprostatic ligament 
Corpus spongiosum 

of penis 

Head of epididymis 
Beginning of ductus 
deferens 

Testis 

Tail of epididymis 

Corpus cavernosum of penis 
Spermatic cord 

Pectineus and adductor 
muscles 

Pubic bone 

Prostatic part of urethra 
(seminal colliculus) 
Rectum 

Sciatic nerve 

Great saphenous vein 
Sartorius muscle 

Femoral artery and vein 
Rectus femoris muscle 
Tensor fasciae latae muscle 
Pectineus muscle 

lliopsoas muscle 

Vastus lateralis muscle 
Obturator externus muscle 
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Accessory glands of male genital organs in situ. Coronal section through the pelvic 
cavity. Posterior aspect of urinary bladder, prostate and seminal vesicles. 
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Femur 
Ischial tuberosity 
Gluteus maximus muscle 
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Horizontal section through pelvic cavity at level of prostate. 





Acetabulum of hip joint 
Urinary bladder 

Head of femur 

Internal urethral orifice 
Prostate 

Seminal colliculus 
Obturator internus muscle 
Ischiorectal fossa 
Membranous urethra 


Coronal section through pelvic cavity. (MR-Scan.) 


Deep transverse perineus muscle 

Crus penis and ischiocavernosus muscle 
Prostatic part of urethra 

Prostatic plexus 

Levator ani muscle 

Obturator externus muscle 

Bulb of penis 

Ampulla of rectum 

Anal canal 


Seminal vesicle 

Internal anal sphincter muscle 
External anal sphincter muscle 
Anus 

Psoas major muscle 

Intervertebral disc 

Hium 

Ligament of the head of the femur 
Sacral promontory 





Coronal section through anal canal. 





Pelvic cavity in the male (right half of parasagittal section). The arteries have been injected 
with red resin. The parietal layer of peritoneum has been removed. The urinary bladder is 
filled to a great extent. 


1 Left common iliac artery 18 Cauda equina and dura mater (divided) 
2 Right common iliac artery 19 Intervertebral disc between fifth 

3 Right ureter lumbar vertebra and sacrum 

4 Right internal iliac artery 20 Sacral promontory 

5 Right external iliac artery and vein 21 Mesosigmoid 

6 Right obturator artery and nerve 22 Left ureter 

7 Umbilical artery 23 Left internal pudendal artery 

8 Sigmoid and superior vesical artery 24 Ischial spine (cut), sacrospinal ligament, 
9 Left ductus deferens inferior gluteal artery 
10 Urinary bladder 25 Left inferior vesical artery 
11 Pubic bone (cut) 26 Seminal vesicle 
12. Prostate 27 Levator ani muscle 
13. Vesicoprostatic venous plexus 28 Branches of inferior rectal artery 
14 Deep dorsal vein of penis and 29 Perineal artery 

dorsal artery of penis 30 Anus 

15. Penis and superficial dorsal vein 31 Posterior scrotal branches 
16 Spermatic cord and testicular artery 32 Pudendal nerve and sacrotuberal ligament 


17 Bulb of penis and deep artery of penis 
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coil forming a tuned circuit. The tuning capacitor would have a 
en Bakelite knob on the spindle to aid tuning. 
Standard 
Crystal Set 










TUNING 


500pF EARPHONES 





EARTH TERMINAL 
The Standard Crystal Set 


Because of the simplicity of crystal sets, it is often difficult to separate stations. When tuned into one station it is often 
possible to hear another close by station in the background, this is due to lack of selectivity. This can be reduced 
somewhat by adjusting the positions of the Aerial Tap and Detector Tap. Moving them closer to the bottom of the coil, the 
earthy end, reduces the load on the tuned circuit and this improves selectivity, however it does also reduce sensitivity 
which can make the station quieter. Headphones will often swamp a tuned circuit and reduce its selectivity (Q factor), so 
moving the tapping point lower down improves this situation. Every circumstance is bound to be different though so the 
best balance has to be found by experimentation. My crystal set has both the diode and the aerial connected to the 
same tapping point on the coil, about a quarter of the way down. 


The modern ‘standard crystal set' shown above uses a Crystal Earphone, since suitable high impedance magnetic 
headphones (of 2000 to 4000 ohms) are no longer widely available. When using a crystal earpiece the 1000pF capacitor 
shown in the first diagram can usually be omitted an in its place a 47k ohm resistor is connected, this ensures that the 
Crystal Earphone will work at its most efficient i.e. the sounds will be as loud as possible. The resistor allows DC current 
to flow through the circuit efficiently - this would otherwise be blocked when using a crystal earphone. In a modern 
crystal set the detector used is a Diode. Suitable diodes include OA80, OA81, OA90 OAY1 and IN94 which are usually 
available from component stockists. 


A Better Diode For Increased Efficiency 


The OA47 will be of particular interest since it has the lowest 
forward bias voltage of any of these diodes which will make 
the crystal set somewhat more sensitive and therefore louder. 
The US equivalent of the British OA47 is the IN34. 


On the right you will see my real working example of a 
crystal set 


The large plastic knob on the front turns the variable tuning 
capacitor. This set receives the three UK national stations and 
also three local radio stations very well at my location. 


There is a small 3.5mm jack socket mounted on the front of 
the plastic case (MB5 from Maplin Electronics) that the crystal 
earphone plugs into. 





A real working crystal set. Radio as if by magic with 


The coil can be seen inside the case, it is 70 turns of 30 gauge po battery or mains power. 


enamelled copper wire wound around the centre of a toilet roll 
and tapped every 10 turns, by scraping off the enamel 
insulation and making a small twist. The croc' clips can be 
seen clipped on to these twists to connect to the aerial and 
detector tap points. 


THE MEDIUM WAV 
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Vessels of pelvic cavity in the male (midsagittal section, right 
side, medial aspect). Urinary bladder and rectum have been 
partly removed; the hypogastric plexus is displayed. 
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Main branches of internal iliac artery in the male. 
(Schematic drawing.) 
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Intervertebral disc between 
5th lumbar vertebra and sacrum 
Right common iliac artery 
Sacral promontory 

Right internal iliac artery 
Femoral nerve 

Right external iliac artery 
Psoas major muscle 

Right external iliac vein 
Umbilical artery 

Medial umbilical ligament with 
obliterated umbilical artery 
Obturator nerve 

Superior hypogastric plexus 
Sacral spinal nerve 

(of sacral plexus) 

Inferior hypogastric plexus 
Rectum 

Iliolumbar artery 

Lateral sacral artery 

Superior gluteal artery and sacral 
spinal nerve 

Pudendal and coccygeal plexus 
Inferior gluteal artery 
Internal pudendal artery 
Coccygeus muscle overlying 
sacrospinous ligament 

Anal canal 

Middle rectal artery 

Superior vesical artery and 
branch to the ductus deferens 
Pubic bone (cut) 
Bulbospongiosus muscle 
Right ureter 

Right ductus deferens 

Left ureter 

Urinary bladder 

Prostate 

Urogenital diaphragm 

Deep artery of penis 

Dorsal artery of penis 

Penis 

Testis 

Left common iliac artery 
Obturator artery 

Inferior vesical artery 
Levator ani muscle 

Inferior rectal artery 





Male external genital organs with penis, testis, and spermatic cord, superficial layers (anterior view). 
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Vessels of male genital organs. (Schematic drawing.) 
A = lateral aspect; B = cross-section of penis. 


Femoral nerve 

Femoral artery and vein 

Femoral branch of genitofemoral nerve 
Spermatic cord with genital branch 
of genitofemoral nerve 

Penis with decp fascia 

Great saphenous vein 

Cremaster muscle 

Testis with cremaster muscle 
Superficial inguinal ring 

Internal spermatic fascia (cut edge) 
llioinguinal nerve 

Left spermatic cord 

Pampiniform venous plexus 
External spermatic fascia 
Superficial dorsal vein of penis 
Glans penis 








Male external genital organs with penis, testis and spermatic cord, deeper layers (ventral aspect). 


The deep fascia of the penis has been opened to display the dorsal nerves and vessels. 
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36 





40 
Male genital organs (lateral aspect). (Arteriogram.) 41 


Testicular vein 

Testicular artery 

Deep dorsal vein of penis 
Dorsal artery of penis 

Helicine arteries 

Prepuce 

Testis with tunica albuginea 
Ductus deferens 

Ureter 

Urinary bladder 

Seminal vesicle 

Prostate 

Vesicoprostatic venous plexus 
Deep artery of penis 

Artery of bulb of penis 
Internal pudendal artery 
Corpus spongiosum of penis 
Corpus cavernosum of penis 
Urethra 

Cremasteric fascia with cremaster muscle 
Dorsal nerve of penis 
Epididymis 

Tunica vaginalis (visceral layer) 
Tunica vaginalis (parietal layer) 
Testis with vascular loops 


Glans penis 

Corpus spongiosum of penis 

Corpus cavernosum of penis 

Gracilis muscle 

Adductor muscles 

Ischiocavernosus muscle 

overlying crus of penis 

Perineal body 

Gluteus maximus muscle 

Coccyx 

Bulbospongiosus muscle 

Deep transverse perineus 

muscle covered by inferior 

fascia of urogenital 

diaphragm 

12 Superficial transverse 
perineus muscle 

13. Anus 

14 External anal sphincter muscle 

15 Levator ani muscle 

16 Anococcygeal ligament 

17 Obturator internus muscle 

18 Urethra 

19 Deep transverse perineus 

muscle 
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Muscles of urogenital and pelvic diaphragms 
in the male (from below). The penis has been 
divided. (Schematic drawing.) 


Right testis (reflected laterally and 
upward) 

Bulbospongiosus muscle 
Ischiocavernosus muscle 
Adductor magnus muscle 
Posterior scrotal nerves and 
superficial perineal arteries 
Posterior scrotal artery and vein 
Right artery of bulb of penis 
Perineal body 

Perineal branches of pudendal 
nerve 

Pudendal nerve and internal 
pudendal artery 

Inferior rectal arteries and 
nerves 

Inferior cluneal nerve 

Coccyx (location) 

Penis 

Left testis (reflected laterally) 
Left posterior scrotal artery 
Deep transverse perineal muscle 
Left artery of bulb of penis 
Posterior femoral cutaneous 
nerve 

External anal sphincter muscle 
Anus 

Gluteus maximus muscle 
Anococcygeal nerves 
Acetabulum (femur removed) 
Ligament of femoral head 
Body of ischium (cut) 

Sciatic nerve 

Coccygeus muscle 

Levator ani muscle 

a_ iliococcygeus muscle 

b pubococcygeus muscle 

c puborectalis muscle 
Prostatic venous plexus 

Body of pubis 

Testis 











Urogenital diaphragm and external genital organs in the male with vessels and nerves 
(from below). The testes have been reflected laterally. 


Pelvic diaphragm and external 
genital organs in the male. The 
right half of the pelvis including 
obturator internus muscle and 
femur had been removed to 
display the right half of levator 
ani muscle. 





Urogenital diaphragm and external genital organs in the male (from below). 
The left crus penis has been isolated and reflected laterally together with the bulb of the 
penis. The urethra has been cut. 





arteries and veins. 





wn — 


Right testis (reflected) 
Posterior scrotal nerves 

Left crus penis with 
ischiocavernosus muscle 

Anus 

Inferior cluneal nerves 

Penis 

Left testis (reflected) 

Dorsal artery and nerve of 
penis 

Urethra 

Deep transverse perineus 
muscle 

Perineal branch of pudendal 
nerve 

Artery of bulb of penis 
(reflected) 

Branch of posterior femoral 
cutaneous nerve 

Internal pudendal artery and 
pudendal nerve 

Inferior rectal arteries and 
nerves 

Gluteus maximus muscle 
Dorsal nerve of penis 
Posterior femoral cutaneous 
nerve 

Perineal branches of pudendal 
nerve 

Inferior rectal nerves 
Bulbocavernosus muscle 
(inside: dorsal artery of penis) 
Perineal artery 

External anal sphincter muscle 
Inferior rectal artery and veins 


Urogenital and anal region in the male 
(from below). Right side: nerves; left side: 


Right testis (reflected) 
Corpus spongiosum of penis 
Corpus cavernosum of penis 
Perineal branch of posterior 
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femoral cutaneous nerve 
5 Posterior scrotal arteries and 
nerves 
6 Deep artery of penis 
7 Deep transverse perineal muscle 
8 Right perineal nerves 
9 Inferior rectal nerves 
10 Inferior cluneal nerve 
11 Anococcygeal nerves 
12. Left spermatic cord 
13 Left testis (cut surface) 
14. Dorsal artery and nerve of penis 
15 Deep dorsal vein of penis 
16 Urethra (cut) 
17. Artery of bulb of penis 
18 Superficial transverse perineus 
muscle 
19 Left artery of bulb of penis 
20 Perineal branch of pudendal nerve 
21 Anus 
22 External anal sphincter muscle 
23 Gluteus maximus muscle 
24 Internal pudendal artery and 
pudendal nerve 
25 Sacrotuberous ligament 
26 Coccyx 
27 Urogenital diaphragm (deep 
transverse perineus muscle) 
28 Tendinous center of perineum 
(perineal body) 
29 Levator ani muscle 
30 Anococcygeal ligament 
31 Obturator internus muscle 
32 Dorsal artery of penis 





Anal and urogenital region in the male (from below). The root of penis has been cut. 
Dissection of the urogenital diaphragm. 





Urogenital and pelvic diaphragms in the male (from below). The penis has been 
removed. The arrows indicate the course of vessels and nerves. (Schematic drawing.) 
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Coronal section through the female urinary bladder and urethra 
(anterior view). 





Femal internal genital organs. Pelvic cavity (from above). 
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Female urogenital system (midsagittal section). 


Muscular coat of urinary bladder 
Folds of mucous membrane of urinary 
bladder 

Right ureteric orifice 
Interureteric fold 

Internal urethral orifice 
Vesicouterine venous plexus 
Urethra 

Pubic bone (cut edge) 

External urethral orifice 
Vestibule of vagina 

Left ureteric orifice 

Trigone of bladder 

Obturator internus muscle 
Levator ani muscle 

Bulb of the vestibule 

Left labium minus 

Uterine tube 

Mesosalpinx 

Ovary 

Sigmoid colon 

Saphenous opening 

Urinary bladder 

Vesicouterine pouch 

Fundus of uterus 

Rectouterine pouch (of Douglas) 
Ampulla of rectum 

Kidney 

Abdominal part of ureter 

Pelvic part of ureter 

Anal canal 

Perineum (perineal body) 
Umbilicus 

Infundibulum of uterine tube 
Vaginal portion of cervix of uterus 
Vagina 

Pubic symphysis 

Clitoris 

Deep transverse perineus muscle 


(Schematic drawing.) 





Female internal genital organs. Pelvic cavity, seen from above. The uterus has been reflected to the right. 


1 Body of Sth lumbar vertebra 
2 Sacral promontory 
3 Left ureter 
4 Peritoneum (cut edge) 
5 Right ureter (divided) 
6 Recto-uterine pouch (of Douglas) 
7 Rectum 
8 Umbilicus 
9 Sigmoid colon 
10 Median umbilical fold with urachus 
11 Ampulla of uterine tube 
12 Fimbriae of uterine tube 
13. Ovary 
14 Uterine tube (isthmus) 
15 Uterus 
16 Vesico-uterine pouch 
17 Urinary bladder 
18 Vagina 
19 Pubic symphysis 
20 Urethra 
Clitoris 
Labium minus 
Insertion of uterine tube at fundus of uterus 
Round ligament of uterus 
Ligament of the ovary 
6 Suspensory ligament of ovary 
7 Right common iliac artery (covered by peritoneum) 
Infundibulum of uterine tube 
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Regional relations of female internal genital organs 
(medial aspect). (Schematic drawing.) 
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1 Body of 5th lumbar vertebra, 
suspensory ligament of ovary 
and sacral promontory 
Ureter 
Medial umbilical ligament 
(remnant of umbilical artery) 
(cut) 
4 Infundibulum of uterine tube 
5 Ampulla of uterine tube 
6 Ovary 
7 Uterine artery 
8 Uterine tube 
9 Rectum 
10 Levator ani muscle 
(pelvic diaphragm — cut edge) 
11 External anal sphincter muscle 
12 Anus (probe) 
13 Internal iliac artery 
14. Remnant of urachus 
(median umbilical ligament) 
15 Uterus 
16 Round ligament of uterus 
17 Urinary bladder 
18 Vagina 
19 Clitoris 
20 Labium minus 
21 External orifice of urethra 
(red probe) 
22 Vaginal orifice (green probe) 
23 Lateral umbilical ligament 
24 Inferior epigastric artery 
25 Obturator artery, vein and nerve 
26 External iliac artery 
27 Recto-uterine pouch (of Douglas) 
28 Recto-uterine fold 
29 Vesico-uterine pouch 
30 Suspensory ligament of ovary 
31 Greater vestibular gland and bulb 
of the vestibule 
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Female internal genital organs in situ. Right half of the pelvis and sacrum have been 
removed. 
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Female internal genital organs in 
situ (seen from above). 

The peritoneum at the left half of 
pelvic cavity has been removed to 
display uterine tube, vessels, and 
nerves. 
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Medium Wave Coil 


The number of turns of wire required on the coil will vary 
depending on the size of the former (in this case the inside 
toilet roll) and the thickness of the wire. So to obtain the 
correct coverage of the medium wave band may need a little 
experimentation. 


| usually find that between 50 to 90 turns is right and | 
generally use enamelled copper wire that is between 30 s.w.g. 
and 26 s.w.g (i.e. 0.315mm and 0.45mm diameter), so it's best 
to start with too many turns and then work down. 


The more turns that you use the lower the frequency range will 
be, i.e. too many and the coverage of the top end of medium 
wave around 1500 - 1600 kHz will be lost, while too few and 
the coverage down to 500 kHz will be lost. 





PHOTO SHOWING THE INSIDE OF 
THE COMPLETED CRYSTAL SET 


It is also important that the coil former is non conducting, i.e. 
not metallic. It could be wood or cardboard or a short piece of 
PVC piping and with a diameter of between 174 and 4 inches 
(4 to 15 cm) are common sizes. You could try using a ferrite 
rod too, see below. 


This particular set has a coil wound onto a toilet roll tube which consists of 70 turns of 30 s.w.g. (0.315mm dia) 
enamelled copper wire tapped at every 10 turns. It also has the additional small trimmer capacitor that helps match the 
aerial to the tuned circuit thereby improving selectivity, see below. 


USING A FERRITE ROD AS THE COIL FORMER 





The aerial coil could be wound onto a ferrite rod. 


A piece of 10mm diameter ferrite rod of between 3 and 6 inches long (80 to 150mm) will be most suitable and will 
require between 50 and 90 turns of enamelled copper wire to provide coverage of the medium wave band: First make 
a paper tube that is held together with sticky tape that will easily slide up and down the ferrite rod. Then wind the coil 
over this with the windings neatly side by side. Make tapping points every 10 or 15 turns so that the aerial and diode 
tapping points can be adjusted. 


Adjustments to the tuning range can be made by removing some wire from the coil so it is best to start off with too many 
turns and then work down. Fine adjustments can be made to the completed coil by sliding it up and down the ferrite 
rod. 





AN IMPROVEMENT TO THE DESIGN 

The crystal set above also has one small, but significant, 
improvement over the standard crystal set and that is an Aerial 
Trimmer. A trimmer is a variable capacitor, very similar to the 
tuning capacitor, except smaller and adjusted with a 
screwdriver. 


The value of the trimmer is usually around 10 - 50pF, but if a 
small tuning capacitor is available that will probably be just as 
effective. In the absence of such a variable capacitor, 
individual fixed ceramic capacitors of e.g. 10pF, 50pF and 
100pF can be tried in this position to judge which gives the 
best results with the particular aerial being used. 


The trimmer capacitor adjusts the coupling to the tuned circuit, 
reducing the load of the aerial on the tuned circuit will improve 


http://mds975.co.uk/Content/crystalsets2.html 3/16 





Coronal section through the pelvic cavity of the female. (MR-Scan.) 
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Midsagittal section through the female trunk. The urinary bladder is empty, the 
position and shape of the uterus are normal. 
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Psoas major muscle 

Ampoulla of rectum 

Uterus 

Urinary bladder 

Obturator internus muscle 
Promontory 

Sigmoid colon 

Uterine tube 

Head of femur 

Urethra 

Vagina 

Labium minus 

Umbilicus 

Duodenum 

Ascending part of duodenum 
Root of mesentery 

Mesentery 

Vesico-uterine pouch 

Urinary bladder (collapsed) 
Pubic symphysis 

Anterior fornix of vagina 
Clitoris 

Labium minus 

Labium majus 

Vertebral canal with cauda equina 
Intervertebral disc 

Body of Sth lumbar vertebra 
Sacral promontory 
Mesosigmoid 

Recto-uterine pouch (of Douglas) 
Posterior fornix of vagina 
Cervix of uterus 

External anal sphincter muscle 
Anal canal 

Internal anal sphincter muscle 
Anus 

Hymen 

Small intestine 

Rectus abdominis muscle 


Female genital organs, isolated (anterior view). The anterior wall of the vagina has been opened to display the vaginal portion of 


the cervix. 





Female internal genital organs. (Schematic drawing.) 





Ovary 

Mesovarium 

Fundus of uterus 
Vesico-uterine pouch 

Cervix of uterus 

Vaginal portion of cervix 
Vagina 

Crus of clitoris 

Labium minus 

Fimbriae of uterine tube 
Infundibulum of uterine tube 
Ligament of the ovary 
Mesosalpinx 

Uterine tube 

Suspensory ligament of ovary 
(caudally displaced) 

Broad ligament of uterus 
Round ligament of uterus 
Corpus cavernosum of clitoris 
Glans of clitoris 

Hymen, vaginal orifice 
Promontory 

Linea terminalis of pelvis 
Pubic symphysis 


Fundus of uterus 

Uterine tube 

Ligament of the ovary 

Ovary 

Infundibulum of uterine tube 

Fimbriae of uterine tube 

Ureter 

Rectum 

Apex of urinary bladder and 

median umbilical ligament 

10 Urinary bladder 

11 Round ligament of uterus 

12 Mesosalpinx 

13. Mesovarium 

14 Rectouterine pouch (of Douglas) 

15 Suspensory ligament of ovary 

16 Scarring of ovary (following 
ovulation) 

17 Abdominal opening of uterine 
tube 

18 Body of uterus 

19 Cervical canal 

20 Vaginal portion of cervix of uterus 
(congestion) 

21 Vagina 

22 Mucous membrane of uterus 
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23 Anterior fornix of vagina 





Right ovary and uterine tube, isolated (superior-posterior view). The fimbriae 
of the uterine tube have been reflected to show the abdominal ostium. 





Uterus and related organs (posterior view). The posterior wall of the uterus has 
been opened. 


18 


19 
20 
11 
21 


Arteries of female genital organs. (Schematic drawing.) 
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Ovarian branch of uterine artery (anastomoses 


with ovarian artery) 

Tubal branch of ovarian artery 
Ovarian branch of ovarian artery 
Uterine artery 

Internal iktac artery 

Inferior gluteal artery 
Internal pudendal artery 
Round ligament of uterus 
Ovarian artery 

Vaginal artery 

Vaginal orifice 

Infundibulum of uterine tube 
Ovary 

Fundus of uterus 

Uterine tube 

Vaginal portion of cervix of uterus 
Vagina 

Clitoris 

Corpus cavernosum of clitoris 
Bulb of vestibule 

Greater vestibular gland 
Suspensory ligament of ovary 
Artery of round ligament 





Main drainage routes of lymph vessels of uterus and its adnexa 
(indicated by arrows). (Schematic drawing.) 

Red = arteries; black = lymph vessels and nodes; 

yellow = internal genital organs. 





Full term uterus with placenta (anterior view). The anterior wall of 
the uterus has been removed to show the location of the placenta. 


Placenta 
Amnion and chorion 
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Adnexa of uterus 

(uterine tube and ovaries) 
Myometrium 

Round ligament of uterus 
Internal orifice of uterus 
Cervix of uterus 
Umbilical cord 

Lumbar lymph nodes 
External iliac lymph nodes 
Inguinal lymph nodes 
Abdominal aorta : 
Suspensory ligament of ovary 
External iliac artery 
Sacral lymph nodes 
Internal iliac artery 

Ovary 

Uterine tube 

Internal iliac lymph nodes 
External genital organs 
Superior gluteal artery 
Obturator artery 

Inferior gluteal artery 
Uterine artery 

Internal pudendal artery 
Middle sacral artery 
Uterine cavity 

Femoral artery 





Vessels of labium majus 
Pelvic vessels in the female (anterior-posterior view). (Arteriogram.) 30 Femur 


Glans clitoris 
Labium majus 
Vestibule of vagina 
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Hymen 

5 Posterior labial commissure 
6 Body of clitoris 

7 Labium minus 








ie 8 External orifice of urethra 

1 9 Vaginal orifice 

10 Ureter 

11 Adnexa of uterus 

12. Prepuce of clitoris 

13. Crus of clitoris 

14 Greater vestibular glands 
e 15 Anus and internal anal sphincter muscle 

16 Median umbilical ligament containing urachus 

= 8 17 Urinary bladder 
/ Se 18 Infundibulum of uterine tube 
3 19 Ovary 
20 Ampulla of uterine tube 
9 21 Suspensory ligament of the ovary 
4 £ 22 Bulbospongiosus muscle and bulb of vestibule 
‘ 23 Central tendon of perineum (perineal body) 
. 24 External anal sphincter muscle 
ay 
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External genital organs in the female (anterior aspect). Labia 
reflected. 





Female external genital organs in relation to internal genital organs 
and urinary system (isolated, anterior aspect). 
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Cavernous tissue of female external genital organs, Urogenital and pelvic diaphragms (anterior aspect). 
isolated (anterior aspect). (Schematic drawing.) 
Blue = cavernous tissue of clitoris and bulb of vestibule. 


Body of clitoris 

Crus of clitoris 

Bulb of vestibule 

Prepuce of clitoris 

Glans of clitoris 
Frenulum of clitoris 
Labium minus 

Vaginal orifice 

Greater vestibular gland 
Lateral crus of superficial inguinal ring 
11 Ilioinguinal nerve 

12 Intercrural fibers 

13. Superficial inguinal ring 
14 Round ligament of uterus 
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15 Medial crus of superficial inguinal ring 

16 Aponeurosis of external abdominal 
oblique muscle 

17 Deep transverse perineus muscle with 
fascia 

18 Greater vestibular gland 

19 Superficial transverse perineus muscle 

20 Levator ani muscle 

21 Gluteus maximus muscle 

22 Suspensory ligament of clitoris 

23 External orifice of urethra 

24 Bulb of vestibule 

25 Perineal body 

26 External anal sphincter muscle 

Inguinal canal and round ligament of uterus in situ 27 Anus 


(right side, ventral aspect). 
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Muscles of pelvic and urogenital diaphragms (from below). 20 
(Schematic drawing.) 21 


Fatty tissue encasing round ligament 
Position of pubic symphysis 

Clitoris 

Labium minus 

Bulb of vestibule 

Ischiocavernosus muscle 

Greater vestibular gland 

Perineal branches of pudendal nerve 
Levator ani muscle 

Inferior rectal nerves 

External anal sphincter muscle = 
Gluteus maximus muscle 

Coccyx 

Fatty tissue of mons pubis 

External orifice of urethra 

Urogenital diaphragm with fascia of deep transverse 
perineus muscle 

Vaginal orifice 

Superficial transverse perineal muscle 
Anus 

Bulbospongiosus muscle 

Obturator internus muscle 


Urogenital diaphragm and external genital organs in the female, superficial layer (from 
below). On the right side the bulb of vestibule has been removed. 






External female genital organs. Position of arteries and 
nerves; bulb of vestibule in blue. (Schematic drawing.) 
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Prepuce of clitoris 

Labium minus 

Vaginal orifice 

Deep transverse perineus muscle 

Dorsal nerve of clitoris 

Posterior labial nerves 

Great adductor muscle 

Perineal branches of pudendal nerve 
Anus and external anal sphincter muscle 
Inferior cluneal nerves 

Mons pubis 

Crus of clitoris with ischiocavernosus muscle 
Bulb of vestibule 

Superficial transverse perineus muscle 
Pudendal nerve and internal pudendal artery 
Inferior rectal nerves 

Levator ani muscle 

Gluteus maximus muscle 

Anococcygeal ligament 

External urethral orifice 

Glans of clitoris 


Position of pubic symphysis 

Body of clitoris 

Prepuce of clitoris 

Adductor longus and gracilis muscles 
External orifice of vagina and 
labium minus 

Posterior labial nerve 

Perineal body 

Deep artery of clitoris and 

dorsal nerve of clitoris 

Adductor brevis muscle 

Glans of clitoris 

Crus of clitoris and 
ischiocavernosus muscle 

Bulb of vestibule and 
bulbospongiosus muscle 

Anterior branch of obturator nerve 
Labium minus 

Vaginal orifice 

Posterior labial nerves 

Branches of pudendal nerve 
External sphincter of anus 

Anus 

Bulb of vestibule (divided) 

Dorsal artery of clitoris 

Superficial transverse perineus muscle 
Perineal branch of posterior femoral 
cutaneous nerve 

Levator ani muscle 

Pudendal nerve and 

internal pudendal artery 

Inferior rectal nerves 

Gluteus maximus muscle 
Anococcygeal ligament 
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External female genital organs (inferior aspect). The clitoris has been 
dissected and slightly reflected to the right. The prepuce of clitoris has been 
divided to display the glans. 


Urogenital diaphragm and external 
genital organs in the female (lateral 
inferior view). The bulb of vestibule 
has partly been removed, the left 
labium minus was cut away. 





1/14/2018 Crystal Sets 2, How To Make A Crystal Set, Short Wave, Denco PCC1 Coil, Repanco Coil, Set Construction 


the selectivity (Q), and it will be easier to separate stations. 
Again tapping points are used and | find this to be an excellent 
arrangement. 


pH AER 


TERMINAL IMPROVED 
CRYSTAL SET 






EARTH 
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Improved Crystal Set design, with good selectivity 


Agel: The picture on the right shows the general layout of the crystal 
EARTH i, ; i 

TERMINAL i I Terma Set above. The coil is of approximately 70 turns is wound on 
i mT the centre of a toilet roll, and has tapping points at 10 turn 

intervals. 








The trimmer is soldered between the Aerial terminal and the 
piece of 5-way tag strip, and a wire goes from there to a croc' 
clip which is clipped onto a tap on the coil. The Diode is also 
soldered onto the tag strip, one end connected to a piece of 
wire going to a second croc' clip & connected to a tapping 
point on the coil, the other end of the diode is connected to the 
3.5mm jack socket that the Crystal Earphone plugs into. 


The 47k resistor is also connected to the earphone end of the 
diode and goes to earth, the earth terminal wire is soldered to 
the tag strip at this point too. The tuning capacitor has two 
SocvetT v= terminals, one connected to each end of the coil, and one of 
Layout Of The Crystal Set - Although this is soldered them is also connected to earth as shown. [Where the wires 
together an alternative to tagstrip would be a 5amp mains cross over in the diagram, they do not touch and are not 
connector block so that components can be trapped in place Connected together]. 
with screws. See article below. 





In most areas around Europe and certainly around much of the UK you will be able to hear a Long Wave station. To 
receive Long Wave on a crystal set will require an aerial coil with a greater number of turns to increase its inductance. 


As a good general guide a coil wound on a piece of 10mm diameter ferrite rod will require about 250 turns of enamelled 
copper wire: First make a paper tube that is held together with sticky tape that will slide up and down the ferrite rod. 
Then wind the 250 turn coil over this, the windings will have to be made over the top of each other. Make tapping 
points at, say, 50, 75 and 100 turns to tap the aerial and diode to. 


As with the medium wave ferrite rod aerial, adjustments to the tuning range can be made by adding or removing some 
wire from the coil, and fine adjustments can be made to the completed coil by sliding it up and down the ferrite rod. The 
longer the ferrite rod the better and anything between 3 and 6 inches long (80 to 150mm) will be very good. 





If you like experimenting, then reducing the number of turns on the coil to say 10 to 
30 will allow reception of the higher frequencies, the Short Waves. | have found 
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Ilium 

Rectum 

Rectouterine fold 

Ovary 

Uterine tube 

Urinary bladder 

Urethra 

Labium minus 

Rectouterine pouch of 

Douglas 

10 Uterus (uterovesical 
pouch) 

11 Ligament of the head of 
the femur 

12 Head of femur 

13. Vestibule of vagina 

14 Labium majus 

15 Anal cleft 

16 Coccyx 

17 Rectum 

18 Myometrium of uterus 

19 Uterine cavity 

20 Obturator internus 
muscle 

21 Iliopsoas muscle 

22 Sartorius muscle 

23 Sciatic nerve and 
gluteus maximus muscle 

24 Uterine venous plexus 

25 Broad ligament 

26 Small intestine 

27. Femoral artery and vein 

28 Femoral nerve 

29 Pyramidalis muscle 

30 Rectum (anal canal) 

31 Vagina 

32 Urethral sphincter muscle 
(base of urinary bladder) 

33 Pubic symphysis 

34 Levator ani muscle 

35 Obturator externus 

muscle 


i i — ; 36 Mons pubis 
Horizontal section through pelvic cavity at level of uterus (from below). The uterus is wc pubes 
37 Pectineus muscle 


retroverted to the left. 
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Horizontal section through the pelvic cavity at level of the urethral sphincter and vagina 
(from below). 





Organization of shoulder girdle and upper limb (superior aspect). The two 
positions of the forearm essential to manual skills in the human, supination (right 
arm) and pronation (left arm) are shown. 





Bones of shoulder girdle articulated with the thorax (superior aspect). 


Pectoral girdle 
Arm 

Forearm 

Wrist 

Palm of hand 
Finger 


Bones 

Scapula 

Clavicle 

Sternum 
Humerus 

Radius 

Ulna 

Carpal bones 
Metacarpal bones 


Phalanges 


Joints 

Sternoclavicular joint 
Acromioclavicular joint 
Shoulder joint 

Elbow joint 

Radiocarpal joint 

Midcarpal joint 
Carpometacarpal joint 
Metacarpophalangeal joint 
Interphalangeal joints of fingers 
Carpometacarpal joint of thumb 


Vertebral column 


1 Atlas 
2 Axis 
3 3rd-7th cervical vertebrae 
4 Ist thoracic vertebra 
S$ 12th thoracic vertebra 
11 6 Ist lumbar vertebra 
19 Ribs 
13 7 Ist—3rd ribs : 
: cae } True ribs 
18 8 4th-7th ribs 
20 9 8th—10th ribs } 
. False ribs 
21 10 11th and 12th ribs 
22 (floating ribs) 
23 Clavicle 
24 11 Sternal end 
12 Articular facet for sternum 
25 13. Acromial end 


14 Articular facet for acromion 
15 Impression for costoclavicular ligament 
16 Conoid tubercle 


7 Trapezoid line 
26 18 Site of acromioclavicular joint 


19 Site of sternoclavicular joint 


Scapula 
20 Acromion 
21 Coracoid process 
22 Glenoid cavity 


23 Costal surface 


Sternum 
24 Manubrium 
25 Body 





26 Xiphoid process 
Skeleton of shoulder girdle and thorax (anterior aspect). The cartilagi- 
nous parts of the ribs appear dark brown. 





Right clavicle (superior aspect). 


Because of his upright posture, man’s 
upper limb has developed a high de- 
gree of mobility. The shoulder girdle 
is to a great extent movable in the 
thorax and is connected with the trunk 
only by the sternoclavicular joint. A 
further characteristic of man’s forearm 





is the capacity for rotation (i.e., prona- 
tion and supination). 


Right clavicle (inferior aspect). 





Skeleton of shoulder girdle and thorax (posterior view). 


Vertebral column 

Atlas 

Axis 

3rd—6th cervical vertebrae 

7th vertebra (vertebra prominens) 
Ist thoracic vertebra 

6th thoracic vertebra 

12th thoracic vertebra 

Ist lumbar vertebra 
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Clavicle 

Sternal end 

Acromial end 

Site of acromioclavicular joint 


Scapula 
Acromion 
Spine of scapula 





Skeleton of shoulder girdle and thorax 
(lateral view). 


Lateral angle 
Posterior surface 
Inferior angle 
Coracoid process 
Supraglenoid tubercle 
Glenoid cavity 
Infraglenoid tubercle 
Lateral margin 


Thorax 

Body of sternum 
Costal arch 
Angle of ribs 


Free ribs 


Right scapula (posterior aspect). 





Right scapula (lateral view). 





Right scapula (anterior aspect costal surface). 


Scapula 
Superior border 
Medial border 
Lateral border 
Superior angle 
Inferior angle 
Lateral angle 


Acromion 

Coracoid process 
Scapular notch 

Glenoid cavity 
Infraglenoid tubercle 
Supraspinous fossa 

Spine 

Infraspinous fossa 
Articular facet for acromion 
Neck 

Supraglenoid tubercle 
Costal (anterior) surface 
Base of coracoid process 





Bones of shoulder joint (posterior aspect). 





Bones of shoulder joint (anterior aspect). 


1 
‘ 
2 
3 
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Ist rib 

Position of costotransverse joints 
4th—7th ribs 

Clavicle 

Position of acromioclavicular joint 
Acromion 

Scapular notch 

Spine of scapula 

Head of humerus 

Glenoid cavity 

Surgical neck of humerus 
Posterior surface of scapula 
Coracoid process 

Infraglenoid tubercle 

Greater tubercle of humerus 


Anatomical neck of humerus 
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Right humerus (anterior aspect). 


Humerus 

Greater tubercle 

Lesser tubercle 

Crest of lesser tubercle 
Crest of greater tubercle 
Intertubercular sulcus 
Surgical neck 


Right humerus (medial aspect). 


Deltoid tuberosity 
Anterolateral surface 
Lateral supracondylar ridge 
Radial fossa 

Lateral epicondyle 


Capitulum 





13 
14 
15 
16 
17 


18 


16 


18 


Head 

Anatomical neck 
Anteromedial surface 
Medial supracondylar ridge 
Coronoid fossa 


Medial epicondyle 





Right humerus (posterior aspect). 


Trochlea 

Posterior surface 
Groove for ulnar nerve 
Groove for radial nerve 


Olecranon fossa 





Bones of right forearm, radius and Bones of right forearm, radius and 
ulna (anterior aspect). ulna (posterior aspect). 
A 20 21 22 B Cc 





Bones of right elbow joint (lateral aspect). 


16 


18 
19 


Radius 

Head 

Articular circumference 
Neck 

Radial tuberosity 
Shaft 

Anterior surface 
Styloid process 
Articular surface 
Posterior surface 
Ulnar notch 


Ulna 

Trochlear notch 
Coronoid process 
Radial notch 

Ulnar tuberosity 

Head 

Articular circumference 
Styloid process 
Posterior surface 


Olecranon 


Articulations at the right elbow 
Site of humeroulnar joint 

Site of humeroradial joint 

Site of proximal radioulnar joint 


Humerus 
Radius 
Ulna 














Skeleton of right forearm and hand in pronation. 


Humerus 

Trochlea of humerus 

Capitulum of humerus 

Articular circumference of radius 
Radial tuberosity 

Anterior surface of ulna 
Posterior surface of radius 
Anterior surface of radius 
Articular circumference of ulna 
Carpal bones 


Metacarpal bones 
Proximal phalanges 
Middle phalanges 

Distal phalanges 
Metacarpal bone of thumb 
Proximal phalanx of thumb 



































Skeleton of right forearm and hand in supination. 


Sites of joints 

Humeroradial joint 
Humeroulnar joint 

Proximal radioulnar joint 

Distal radioulnar joint 
Radiocarpal joint 

Midcarpal joint 
Carpometacarpal joint of thumb 
Carpometacarpal joints 
Metacarpophalangeal joints 





Interphalangeal joints of fingers 
































Skeleton of right wrist and hand (dorsal aspect). Skeleton of right wrist and hand 


(medial aspect). 


Radius $ Base of third metacarpal bone 5 Scaphoid bone Head of second 
Uina Metacarpal bones 16 The trapezium Carpal bones proximal phalanx 
Styloid process of ulna Head of metacarpal bone Trapezoid bone Tuberosity of distal 
Lunate bone Proximal phalanges of hand Metacarpal bone of thumb phalanx 

Triquetral bone Middle phalanges of hand Proximal phalanx of thumb 24 Body of 


ab Carpal bones ; = : ; 
Capitate bone P Distal phalanges of hand Distal phalanx of thumb third metacarpal bone 





Hamate bone Styloid process of radius Base of second proximal phalanx 
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that winding the coil around a ‘ferrite rod' often works even better with short wave |fq 
reception. | 


Obtain a ferrite rod about 7 to 15 cm long and about 1cm in diameter. Make a |. 
couple of small tubes of card, about 4cm long, that will fit tightly over the rod. 


On one tube wind two coils using 0.5mm diameter enamelled copper wire - one coil | 
of about 30 turns and a second one of 2 or 3 turns wound over the top of the first. || 
Secure the windings in place with Sellotape. 


' 


4h — 
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On the other card tube wind a similar coil, but use about 15 turns for the first coil Example = ef avantiishae Seaeriat 
and for the second coil wind about 3 to 4 turns over the top, and secure with pigck to wire up a crystal set 


Sellotape tape. 


These coils will provide coverage of short wave in two bands using the first coil for the longer wavelengths, typically 60 to 
31 metre bands and the second coil for the shorter wavelengths typically 25 to 19 metre band. Wire up the circuit as 
shown in the circuit diagram below. 





Even better selectivity performance can be achieved by winding the inductors (coils) on a ferrite toroids (T50-2 yellow, or 
green will do). The aerial trimmer need not be used if selectivity and sensitivity is found to be adequate. It's all about 
experimenting, and | find it best to use a trimmer or small coupling capacitor to obtain the best selectivity. 


Up to 30 turns of 0.5mm enamelled copper wire can be used for the longer short waves below 10 MHz, while a winding 
of around 15 turns will provide coverage of the shorter short waves above 10MHz. 


OAcrial Terminal 





D 






ke Crystal 


Earphone 





Tuning 
Cap. 






WEarth terminal 


A completed SW Crystal Set using a toroid inductor. Note: 
the main winding has a tap to allow the switch to short part 


The circuit diagram of the Short Wave Crystal Set ead ; 
of the winding and thereby give two ranges. 





Moving back to the Medium Waves, here is a circuit for a very 
interesting Australian design that promises extremely good station 
separation (selectivity), and having built it | can vouch for that claim, 
it's really excellent. 


| receive three national stations and three local stations at my location 
with excellent clarity using a modest antenna and standard crystal 
earphone. 


The coil is different to the other crystal sets described above, it is 
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12 


13 


14 


15 





Skeleton of right wrist and hand (palmar aspect). 


The human hand is one of the most admirable structures 
of the human body. The carpometacarpal joint of the 
thumb, a saddle joint, enjoys wide mobility, so that the 
thumb can get in contact with all other fingers, thus 
enabling the hand to become an instrument for grasping 
and psychologic expression. During evolution these 


1 Radius 
2 Styloid process of radius 
3 Scaphoid bone 
. . yeti = Carpal bones 
5 Trapezium 
6 Trapezoid bone 
7 First metacarpal bone 
8 Second to fourth metacarpal bones 
9 Proximal phalanx of thumb 
10 Distal phalanx of thumb 
11 Base of second proximal phalanx 
12 Proximal phalanges 
13 Head of second proximal phalanx 
14 Middle phalanges 
15 Distal phalanx 
16 Ulna 
17 Styloid process of ulna 
18 Lunate bone 
19 Pisiform bone 
20 Triquetral bone Carpal bomes 
21 Hamate bone 
22 Hamulus or hook 
of hamate bone 
23 Base of third metacarpal bone 
24 Head of metacarpal bone 


25 Tuberosity of distal phalanx 


newly developed functions appeared after the erect 
posture of the human body was achieved. An inevitable 
prerequisite for the development of human cultures is not 
only the differentiation of the brain but also the develop- 
ment of an organ capable of realizing its ideas: the human 
hand. 


Right sternoclavicular joint (anterior aspect). On the right side the joint 
has been opened by a coronal section. Note the articular disk. 





Right shoulder joint. The anterior part of the articular capsule has 
been removed and the head of the humerus has been slightly 
rotated outward to show the cavity of the joint. 
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Sternocleidomastoid muscle, cervical branch of 
facial nerve and anterior jugular vein 
External jugular vein and transverse cervical nerve 
(inferior branch) 

Clavicle 

Sternoclavicular joint (opened) with articular disk 
Pectoralis major muscle 

Omohyoid muscle and external jugular vein 
Jugular venous arch and sternohyoid muscle 
Sternoclavicular joint (not opened) 

Acromial end of clavicle 
Acromioclavicular joint 

Acromion 

Tendon of supraspinatus muscle 

(attached to the articular capsule) 
Coraco-acromial ligament 

Tendon of long head of biceps brachii muscle 
Tendon of subscapularis muscle 

(attached to the articular capsule) 
Intertubercular sulcus 

Articular capsule of shoulder joint 

Humerus 

Trapezoid ligament 

Coracoid process 

Glenoid labrum 

Shoulder joint (joint cavity) 

Scapula 

Supraspinatus muscle 

Cartilage of glenoid cavity 

Tendon of long head of triceps brachii muscle 
Head of humerus (articular cartilage) 
Epiphyseal line 





Coronal section of the right shoulder joint 
(anterior aspect). 


Humerus 

Lateral epicondyle of humerus 

Articular capsule 

Annular ligament of proximal radioulnar joint 
Radius 

Tendon of biceps brachii muscle 

Medial epicondyle of humerus 
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8 Ulnar collateral ligament 
9 Oblique cord 
10 Ulna 
11 Interosseous membrane 
12 Radial fossa 
13. Capitulum of humerus 
14 Head of radius 
15 Radial collateral ligament 
16 Coronoid fossa 
17 Trochlea of humerus 
18 Coronoid process of ulna 
19 Olecranon 
20 Radial tuberosity 


Elbow joint with ligaments Elbow joint with collateral ligaments (medial aspect). 
(anterior aspect). Articular capsule 

has been removed to show the 

annular ligament. 





Ligaments of hand and wrist (palmar aspect). 


Ulna 

Exostosis (pathological) 

Head of ulna 

Ulnar carpal collateral ligament 

Deep intercarpal ligaments 

Dorsal carpometacarpal ligaments 

Dorsal metacarpal ligaments 

Interosseous membrane 

Radius 

Styloid process of radius 

Dorsal radiocarpal ligament 

Radial collateral ligament 

Articular capsule and dorsal intercarpal ligaments 
Palmar radiocarpal ligament 

Tendon of flexor carpi radialis muscle (cut) 
Radiating carpal ligament 

Palmar carpometacarpal ligaments 

Ist metacarpal bone 

Palmar ulnocarpal ligament 

Tendon of flexor carpi ulnaris muscle (cut) 
Pisohamate ligament 

Pisometacarpal ligament 

Palmar metacarpal ligaments 


5th metacarpal bone 


Ligaments of right forearm, hand and fingers (palmar aspect). 


The arrow indicates the location of the carpal tunnel. 


Radius 

Styloid pro of radius 

Palmar radiocarpal ligament 

Tendon of flexor carpi radialis muscle (cut) 
Radiating carpal ligament 

Articular capsule of carpometacarpal 
joint of thumb 

Articular capsule of metacarpophalangeal 
joint of thumb 

Palmar ligaments and articular capsule 
of metacarpophalangeal joints 

Palmar ligaments and articular capsule 
of interphalangeal joints 

Articular capsule 

Interosseous membrane 

Ulna 

Distal radioulnar joint 

Styloid process of ulna 

Palmar ulnocarpal ligament 

Pisiform bone with tendon of flexor 
carpi ulnaris muscle 

Pisometacarpal ligament 

Pisohamate li 

Metacarpal bone 

Deep transverse metacarpal ligament 
Tendons of extensor muscles and 
articular capsule 

Collateral ligament of interphalangeal joint 
Collateral ligaments of 
metacarpophalangeal joints 

Second metacarpal bone 


Ligaments of fingers 
(lateral aspect). 





1 Descending fibers of trapezius muscle 
2 Spinous processes of thoracic vertebrae 
3 Ascending fibers of trapezius muscle 
4 Rhomboid major muscle 
5 Inferior angle of scapula 
6 Latissimus dorsi muscle 
7 Transverse fibers of trapezius muscle 
8 Spine of scapula 
9 Posterior fibers of deltoid muscle 
10 Infraspinatus muscle and infraspinous fascia 
11 Teres minor muscle and fascia 
12. Long head of triceps brachii muscle 
13. Teres major muscle 
14 Lateral head of triceps brachii muscle 
15 Medial head of triceps brachii muscle 
16 Medial intermuscular septum 
17 Ulnar nerve 
18 Olecranon 


1 Trapezius muscle (reflected) 

2 Levator scapulae muscle 

3 Supraspinatus muscle 

4 Rhomboid minor muscle 

5S Medial border of scapula 

6 Rhomboid major muscle 

7 Infraspinatus muscle 

8 Teres major muscle 

9 Inferior angle of scapula 
10 Cut edge of trapezius muscle 
11 Intrinsic muscles of back with fascia 
12. Latissimus dorsi muscle 
13. Acromion 
14 Spine of scapula 
15 Deltoid muscle 
16 Teres minor 
17 Long head of triceps brachii muscle 
18 Lateral head of triceps brachii muscle 
19 Medial head of triceps brachii muscle 
20 Medial intermuscular septum 
21 - Tendon of triceps brachii muscle 


Muscles of shoulder and arm, deeper layer 
(right side, dorsal aspect). The trapezius has been 
cut near its origin at the vertebral column and 
reflected upward. 
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Muscles of shoulder and arm, deeper layer, right side (dorsal aspect). 
The trapezius and deltoid muscles have been divided and reflected. 





Shoulder muscles, schematic diagram illustrating the course of the 
main muscles of the dorsal aspect of the shoulder. 
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Splenius capitis muscle 
Sternocleidomastoideus muscle 
Trapezius muscle (reflected) 
Lateral supraclavicular nerves 
Clavicle 

Levator scapulae muscle 
Supraspinatus muscle 

Spine of scapula 

Deltoid muscle (reflected) 
Rhomboid minor muscle 
Rhomboid major muscle 
Axillary nerve and posterior 
circumflex humeral artery 


Infraspinatus muscle 
Teres minor muscle 


Long head of triceps brachii muscle 


Teres major muscle 
Inferior angle of scapula 
Triceps brachii muscle 
Latissimus dorsi muscle 


Rhomboid minor muscle (red) 
Rhomboid major muscle (red) 
Levator scapulae muscle (red) 
Supraspinatus muscle (blue) 
Deltoid muscle (red) 
Infraspinatus muscle (blue) 
Teres minor muscle (red) 
Teres major muscle (red) 
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Muscles of shoulder and arm, superficial layer (ventral aspect). 
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Arrangement of pectoral and shoulder muscles (ventral aspect). 
(Schematic drawing.) 
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Trapezius muscle 

Acromion 

Deltopectoral triangle 

Clavicular part of deltoid muscle 
(anterior fibers) 

Acromial part of deltoid muscle 

(central fibers) 

Clavicular part of pectoralis major muscle 
Sternocostal part of pectoralis major muscle 
Short head of biceps brachii muscle 

Long head of biceps brachii muscle 
Abdominal part of pectoralis major muscle 
Brachialis muscle 

Serratus anterior muscle 

External abdominal oblique muscle 
Sternocleidomastoid muscle 

Infrahyoid muscles 

Clavicle 

Manubrium sterni 

Body of sternum 

Xiphoid process 

Anterior layer of sheath of rectus 
abdominis muscle 


Subclavius muscle (blue) 

Pectoralis minor muscle (blue) 
Pectoralis major muscle (red) 
Subscapularis muscle (red) 
Coracobrachialis muscle (light-blue) 
Serratus anterior muscle (green) 
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Acromion 

Clavicular part of deltoid muscle 

Pectoralis major muscle (reflected) 

Coracobrachialis muscle 

Short head of biceps brachii muscle 

Deltoid muscle (insertion on humerus) 

Long head of biceps brachii muscle 

Brachialis muscle 

Sternocleidomastoid muscle 

Clavicle 

Subclavius muscle 

Pectoralis minor muscle 

Sternum 

3rd rib 

Pectoralis major muscle 

Platysma muscle 

Pectoralis major muscle forming the anterior axillary fold 
Anterior cutaneous branches of intercostal nerves 
Lateral cutaneous branches of intercostal nerves 

Rectus abdominis muscle 

Subscapularis muscle 

Latissimus dorsi muscle forming the posterior axillary fold 
Serratus anterior muscle forming the medial wall of the axilla 
External abdominal oblique muscle 


Axillary fossa and serratus anterior muscle 
(left side, lateral aspect). 





Muscles of right arm (lateral aspect). Muscles of right arm (ventral aspect). The arm with the scapula 
and attached muscles has been removed from the trunk. 
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32 >: 
; | Diagram illustrating the position of the flexor and 
pon extensor muscles of the arm and their effect on the elbow joint. 
| A = axis; arrows = direction of movements; 


33 red = flexion; black = extension. 
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much bigger at 3% inches (8cm) diameter and 5inches (12cm) long. | 
made my coil former out of the cardboard from a breakfast cereal box 
- just like Blue Peter! 


The design is often referred to as The Mystery Crystal Set, by Proton. 





The front panel of the Australian Crystal Set 


Two distinct coils are wound on it, the first one consists of about 50 
turns of 24 s.w.g (approx) enamelled copper wire. The second coil is 
25 turns, very close wound right over the top of the first coil using 30 
s.w.g. (approx) wire, try to get this second coil wound in between the 
windings of the first, for better inductive coupling. 


Then carefully wire up the set according to the diagram. Notice that 
the tuned circuit is not connected to earth and has no direct 
connection to the detector circuit. The detector circuit is connected to 
earth however. The two aerial terminals offer alternative selectivity 
performance, terminal A gives very good selectivity while B is very 
wide. | never bother with B. 


SELECTIVE AUSTRALIAN 
CRYSTAL SET 





AERTAL 
TERMINALS 
Aa 
Spore DIODE OA91 EARPHONES 
TUNING ; ; ; 
COILS RESISTOR fi Make the coil carefully and wire up this crystal 
47k Ohn set according to the circuit diagram opposite 
and you will be rewarded with a really high 
performance crystal set of a type that was used 
in the very early days of broadcasting in 1930's 
in Australia. 
EARTH TERMINAL — : 
This is probably my favourite crystal set! 
THE DENCO PCC1 COIL 


The PPC1 coil was a commercially manufactured by Denco Clacton Ltd and was popular among hobbyists not keen on 
going to the bother of winding their own fiddly little coils. As a child | wanted try one of these coils and sent away for 
one by mail order. It arrived a few days later in a little cloth bag, like a miniature pump bag, with protective wrapping 
inside. 


The coil windings are entirely enclosed in what | can only describe as a cylindrical ferrite ‘shell’, the four very thin 
connecting wires exiting, two either side, from small apertures in the 'shell'. The performance of the circuit shown below 
| seem to remember was quite pleasing. Unfortunately | cannot find the set or the PPC1 coil at the moment, but here is 
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Flexor muscles of right arm (ventral aspect). 
Part of the biceps brachii muscle has been 
removed. Arrow: tendon of long head of biceps 
brachii muscle. 
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Acromial part of deltoid muscle (central fibers) 
Scapular part of deltoid muscle (posterior fibers) 
Triceps brachii muscle 

Tendon of triceps brachii muscle 

Olecranon 

Clavicular part of deltoid muscle (anterior fibers) 
Deltopectoral groove 

Biceps brachii muscle 

Brachialis muscle 

Brachioradialis muscle 

Extensor carpi radialis longus muscle 

Clavicle (divided) 

Pectoralis major muscle 

Medial intermuscular septum with vessels and nerves 
Lateral intermuscular septum 

Tendon of biceps brachii muscle 

Bicipital aponeurosis 


Position and course of flexors of arm. (Schematic drawing.) 
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Subscapularis muscle (red) 3. Biceps brachii muscle (red) 
Coracobrachialis muscle (blue) 4 Brachialis muscle (blue) 


Axillary artery 

Rhomboid major muscle 
Subscapularis muscle 

Latissimus dorsi muscle (divided) 
Medial intermuscular septum 

Medial epicondyle of humerus 
Brachial artery and median nerve 
Pronator teres muscle 

Tendon of short head of biceps brachii muscle 
Coracobrachialis muscle 

Distal part of biceps brachii muscle 
Teres major muscle 

Long head of triceps brachii muscle 
Medial head of triceps brachii muscle 
Radius 

Ulna 

Scapula 






































Forearm muscles, superficial layer (ventral aspect). 


Biceps brachii muscle 

Bicipital aponeurosis 

Brachioradialis muscle 

Flexor carpi radialis muscle 

Radial artery 

Flexor digitorum superficialis muscle 
Median nerve 

Antebrachial fascia and tendon of palmaris longus muscle 
Tendon of abductor pollicis longus muscle 
Tendon of extensor pollicis brevis muscle 
Abductor pollicis brevis muscle 























Forearm muscles, superficial layer (ventral aspect). The 
palmaris longus and flexor carpi ulnaris muscles have been 
removed. 


Palmar aponeurosis 

Superficial head of flexor pollicis brevis muscle 
Tendon of flexor pollicis longus muscle 
Medial intermuscular septum 

Medial epicondyle of humerus 
Humeral head of pronator teres muscle 
Palmaris longus muscle 

Flexor carpi ulnaris muscle 

Ulnar artery 

Tendon of flexor carpi ulnaris muscle 
Palmaris brevis muscle 
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Forearm muscles, middle layer (ventral aspect). The palmaris 
longus, flexor carpi radialis and ulnaris muscles have been 
partly removed. The flexor retinaculum has been divided. 


Abductor digiti minimi muscle 

Transverse fasciculi of palmar aponeurosis 
Digital fibrous sheaths of tendons of flexor digitorum muscle 
Brachialis muscle 

Flexor pollicis longus muscle 

Carpal tunnel (canalis carpi, probe) 

Triceps brachii muscle 

Flexor digitorum superficialis muscle 

Pisiform bone 

Opponens digiti minimi muscle 

Flexor digiti minimi brevis muscle 

Tendons of flexor digitorum superficialis muscle 
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Position of flexors of fingers and hand. (Schematic drawing.) 


A Deep layer 

B Superficial layer 

A 

Flexor pollicis longus muscle (blue) 

Flexor digitorum profundus muscle (red) 
Pronator teres muscle (red) 

Flexor carpi radialis muscle (red) 

Flexor carpi ulnaris muscle (red) 

Flexor digitorum superficialis muscle (blue) 
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Supinator muscle 

Extensor carpi radialis brevis muscle 

Flexor pollicis longus muscle 

Tendon of flexor carpi radialis muscle 

Pronator teres muscle (insertion of radius) 

Flexor digitorum profundus muscle 

Lumbrical muscles 

Tendons of flexor digitorum profundus muscle 

Tendons of flexor digitorum profundus muscle having passed 
through the divided tendons of the flexor digitorum superficialis 
muscle 

Flexor retinaculum 


1 Biceps brachii muscle 
2 Brachialis muscle 
3 Pronator teres muscle 
4 Brachioradialis muscle 
5 Radius 
6 Tendon of flexor carpi radialis muscle 
7 Tendon of abductor pollicis longus muscle 
8 Opponens pollicis muscle 
9 Adductor pollicis muscle 
10 Tendon of flexor pollicis longus muscle 
11 Triceps brachii muscle 
12 Medial intermuscular septum 
13. Medial epicondyle of humerus 
14 Common flexor mass (divided) 
15 Ulna 
16 Interosseous membrane 
17 Pronator quadratus muscle 
18 Tendon of flexor carpi ulnaris muscle 
19 Pisiform bone 


20 Abductor digiti minimi muscle 


21 Flexor digiti minimi brevis muscle 
22 Tendons of flexor digitorum profundus muscle 


23 Tendons of flexor digitorum superficialis muscle 

24 Flexor retinaculum 

25 Hypothenar muscles 

26 Thenar muscles 

27 Common synovial sheath of flexor tendons 

28 Synovial sheath of tendon of flexor pollicis 
longus muscle 

29 Digital synovial sheaths of flexor tendons 





Muscles of the forearm, deep layer (ventral aspect). All Synovial sheaths of flexor tendons (palmar aspect of right 
flexors have been removed to display the pronator quadratus hand). (Semischematic drawing.) 

and pronator teres muscles together with the interosseous 

membrane. Forearm in supination. 
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Right supinator and elbow joint 


(anterior aspect). Forearm in pronation. 


Synovial sheaths of flexor muscles 
(palmar aspect of right hand). 

Blue PVA-solution has been injected 
into the sheaths. 
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Humerus 

Lateral epicondyle of humerus 

Articular capsule 

Position of capitulum of humerus 

Deep branch of radial nerve 

Supinator muscle 

Entrance of deep branch of radial nerve to extensor muscles 
Radius and insertion of pronator teres muscle 
Interosseous membrane 

Median nerve 

Triceps brachii muscle 

Trochlea of humerus 

Tendon of biceps brachii muscle 

Brachial artery 

Pronator teres muscle 

Tendon of pronator teres muscle 

Ulna 

Pronator quadratus muscle 

Tendon of flexor carpi radialis muscle 

Thenar muscles 

Synovial sheath of tendon of flexor pollicis longus muscle 
Fibrous sheath of flexor tendons 

Digital synovial sheath of flexor tendons 
Flexor digitorum superficialis muscle 

Tendon of flexor carpi ulnaris muscle 
Common synovial sheath of flexor tendons 
Position of pisiform bone 

Flexor retinaculum 

Hypothenar muscles 
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A Axis of flexion and extension 
B Axis of rotation 
Arrows: 
S Supination 
P Pronation 


Diagram illustrating the two axes of the elbow joint. 
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Muscles of thumb and index finger (medial 


aspect). The tendons of the extensor muscles of 
the thumb and the insertion of the flexor tendons 


of the index finger are displayed. 


Tendons of extensor pollicis brevis 

and abductor pollicis longus muscle 
Extensor retinaculum 

Tendon of extensor pollicis longus muscle 
Tendons of extensor carpi radialis longus 
and brevis muscles 

First dorsal interosseous muscle 

Tendon of extensor digitorum muscle for 
index finger 

Location of metacarpophalangeal joint 
Tendon of lumbrical muscle 

Extensor expansion of index finger 
Tendon of flexor carpi radialis muscle 
(cut) 

Anatomical snuffbox 

Tendon of abductor pollicis longus muscle 
Tendon of extensor pollicis brevis muscle 
Tendon of abductor pollicis brevis muscle 
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Muscles of hand (palmar aspect). The tendons of the flexor muscles and 
parts of the thumb muscles have been removed, The carpal tunnel has, 


been opened. 


Extensor expansion of extensor of thumb 
Vinculum longum 

Tendons of flexor digitorum 

superficialis muscle dividing to allow 
passage of deep tendons 

Vincula of flexor tendons 

Tendon of flexor digitorum profundus muscle 
Vinculum breve 

Radial carpal eminence (cut edge of 

flexor retinaculum) 

Opponens pollicis muscle 

Deep head of flexor pollicis brevis muscle 
Abductor pollicis brevis muscle (cut) 
Superficial head of flexor pollicis brevis 
muscle (cut) 

Oblique head of adductor pollicis muscle 
Transverse head of adductor pollicis muscle 
Tendon of flexor pollicis longus muscle (cut) 


Lumbrical muscles (cut) 

First dorsal interosseous muscle 
Position of carpal tunnel 

Tendon of flexor carpi ulnaris muscle 
Location of pisiform bone 

Hook of hamate bone 

Abductor digiti minimi muscle 
Flexor digiti minimi brevis muscle 
Opponens digiti minimi muscle 
2nd palmar interosseous muscle 
3rd palmar interosseous muscle 
4th dorsal interosseous muscle 
3rd dorsal interosseous muscle 
Tendon of flexor digitorum 
profundus muscle (cut) 

Tendons of flexor digitorum 
superficialis muscle (cut) 

Fibrous flexor sheaths 





Muscles of right hand, deep layer (palmar aspect). The thenar and 
hypothenar muscles have been removed to display the 
interosseous muscles. 





Transverse section through the right hand, showing the carpal tunnel 
(canalis carpi). 





Actions of interosseous muscles in abduction and 
adduction of fingers (palmar aspect, schematic 
drawing). Arrow: carpal tunnel. 

Red = abduction 

(dorsal interosseous muscles, abductor digiti 

minimi and abductor pollicis brevis muscles). 

Black = adduction 

(palmar interosseous muscles, adductor pollicis muscle). 


Pronator quadratus muscle 

Tendon of flexor carpi radialis muscle 

Abductor pollicis brevis muscle (divided) 

Adductor pollicis muscle (divided) 

Tendon of flexor pollicis longus muscle 

Lumbrical muscles (cut) 

Tendon of flexor carpi ulnaris muscle 

Pisiform bone 

Abductor digiti minimi muscle (divided) 

Dorsal interosseous muscles 

Palmar interosseous muscles 

Radius 

Ulna 

Flexor retinaculum 

Tendons of flexor digitorum 

profundus muscle 

16 Tendons of flexor digitorum 
superficialis muscle 

17 Capitate bone 

18 Trapezium bone and trapezoid bone 

19 Radial artery 

20 Tendon of flexor muscles 
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21 First metacarpal bone 

22 Median nerve 

23 Thenar muscles 

24 Hamate bone 

25 Hypothenar muscles 

26 Ulnar artery and nerve 

27 Carpal tunnel (canalis carpi) 





Extensor muscles of forearm and hand, superficial layer 
(dorsal aspect). Tunnels for extensor tendons indicated 
by probes. 


Synovial sheaths of extensor 
tendons. The sheaths have 
been injected with blue 





Synovial sheaths of extensor 
tendons on the back of right 
wrist (indicated in blue). 


gelatin. Notice the six tunnels for the 
passage of the extensor 
tendons beneath the extensor 
retinaculum. (Semischematic 
drawing.) 
1 Lateral intermuscular septum 
2 Tendon of triceps brachii muscle 
3 Lateral epicondyle of humerus 
4 Olecranon 
5 Anconeus 
6 Extensor carpi ulnaris muscle 
7 Extensor digitorum muscle 
8 Extensor digiti minimi muscle 
9 Extensor retinaculum 
10 Tendons of extensor digiti minimi muscle 
11 Tendons of extensor digitorum muscle 
12 Intertendinous connections 
13. Brachioradialis muscle 
14 Extensor carpi radialis longus muscle 
15 Extensor carpi radialis brevis muscle 
16 Abductor pollicis longus muscle 
17 Extensor pollicis brevis muscle 
18 Tendon of extensor pollicis longus muscle 
19 Tendons of both extensor carpi radialis longus 
and extensor carpi radialis brevis muscles 
20 Tendon of extensor indicis muscle 
21 isttunnel: Abductor pollicis longus muscle 
Extensor pollicis brevis muscle 
22 2nd tunnel: Extensor carpi radialis longus and brevis muscles 
23 3rdtunnel: Extensor pollicis longus muscle 
24 4thtunnel: Extensor digitorum muscle 
Extensor indicis muscle 
25 Sthtunnel: Extensor digiti minimi muscle 
26 6th tunnel: Extensor carpi ulnaris muscle 


Triceps brachii muscle 

Lateral intermuscular septum 

Lateral epicondyle of humerus 

Anconeus muscle 

Extensor digitorum and extensor digiti minimi muscles (cut) 
Supinator muscle 

Extensor carpi ulnaris muscle 

Extensor retinaculum 

3rd and 4th dorsal interosseous muscles 
Tendons of extensor digitorum muscle (cut) 
Biceps brachii muscle 

Brachialis muscle 

Brachioradialis muscle 

Extensor carpi radialis longus muscle 
Extensor carpi radialis brevis muscle 
Abductor pollicis longus muscle 

Extensor pollicis longus muscle 

Extensor pollicis brevis muscle 

Extensor indicis muscle 

Tendons of the extensor carpi radialis longus 
and extensor carpi radialis brevis muscles 
1st dorsal interosseous muscle 
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Position of extensor muscles of forearm and hand. (Semischematic 
drawing.) 





A Extensors of thumb B_ Extensors of fingers and hand 
1 Abductor pollicis longus muscle 5 Extensor carpi ulnaris muscle 
(red) (blue) 
2 Extensor pollicis brevis muscle 6 Extensor digitorum muscle 
(blue) (red) 
3 Extensor pollicis longus muscle 7 Extensor carpi radialis brevis muscle 
Extensor muscles of forearm and hand, deep layer (red) (blue) 
(dorsal aspect). 4 Extensor indicis muscle 8 Extensor carpi radialis longus muscle 


(blue) (blue) 


31 


& 


10 111213 14 15 16 17 


35 34 36 





Main branches of right subclavian and axillary arteries (anterior aspect). Pectoralis muscles have been reflected, clavicle and 
anterior wall of thorax removed and right lung divided. Left lung with pleura and thyroid gland have been reflected laterally to 
display aortic arch and common carotid artery with their branches. 


Pectoralis minor muscle (reflected) 
Anterior circumflex humeral artery 
Musculocutaneous nerve (divided) 
Axillary artery 

Posterior circumflex humeral artery 
Profunda brachii artery 

Median nerve (var.) 

Brachial artery 

Biceps brachii muscle 
Thoracoacromial artery 
Suprascapular artery 

Descending scapular artery 
Brachial plexus (middle trunk) 
Transverse cervical artery 

Scalenus anterior muscle and phrenic nerve 
Right internal carotid artery 

Right external carotid artery 
Carotid sinus 

Superior thyroid artery 

Right common carotid artery 
Ascending cervical artery 


Thyroid gland 

Inferior thyroid artery 

Internal thoracic artery 

Right subclavian artery 
Brachiocephalic trunk 

Left brachiocephalic vein (divided) 
Left vagus nerve 

Superior vena cava (divided) 
Ascending aorta 

Median nerve (divided) 

Phrenic nerve 

Right lung (divided) and pulmonary pleura 
Thoracodorsal artery 

Subscapular artery 

Lateral mammary branches (variant) 
Lateral thoracic artery 
Thyrocervical trunk 

Superior thoracic artery 

Superior ulnar collateral artery 
Inferior ulnar collateral artery 
Middle collateral artery 


Radial collateral artery 

Radial recurrent artery 

Radial artery 

Anterior and posterior interosseous 
arteries 

Princeps pollicis artery 

Deep palmar arch 

Common palmar digital arteries 
Ulnar recurrent artery 

Recurrent interosseous artery 
Common interosseous artery 
Ulnar artery 

Superficial palmar arch 

Median nerve and brachial artery 
Biceps brachii muscle 

Ulnar nerve 

Flexor pollicis longus muscle 
Palmar digital arteries 

Anterior interosseous artery 
Flexor carpi ulnaris muscle 
Superficial palmar branch of radial 
artery 
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a reproduction of the circuit diagram and data: 


' ae 
i ' Crystal Receiver 
Medium Wave Coil Type PCC.1 
“The author of this bock particutarty recommends to consiructurs who 
‘propose to build thelr owe crrsial set receivers to follow the testru- 


etlons moet carefelly given in the text. However, if aay readers hase 
acryigt O makimt any of the components §.¢. cotis ete, Miz sut- 
ond 







4 tu Tysta) sot colts made by Denes (Clacton) Linuted 
; See Pcc! detoiln aad cirevit diagrams are shown herewith. 
TUNING 
-500pF solid 





Dielectric. 
\ 





7 Coil Type PCC.1 +-.++++ 
Germ. Diode GD.5 stress 

“ Actual Size soopF. Solid Dielectric 
‘Variable Condenser..-.. 


S-Way Tag Strip -----++: 


ponents cam be obtained from your focal radio component cealer bet, 
tn ease of difficully, write direct to this company at the following 
“ address:- : . 


Denco [Ctactan} Ltc., 
367 /9 Cid Road, 
Clacton on Sea 
Essex 


Tet ; Clacton 22007 


WIRING LAYOUT 


This company will then either inform you of your nearest stocklat of 
Denco components or, tn case of difficulty, witt be able to supply 

se colle are moat highly recommended. They also produce effic~ Greet <cash with order. : 

onts including hich efficiesey variable eagucitors, ferrite 

Merits and mnultl-warr band coll sets, Many of these Denco com~ 


ee Ie 
, 
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| recently rediscovered an old Repanco DRR2 
Longwave / Mediumwave coil that must have — swe wew 
been kicking around in my junk box since the 
1970's. 


The DRR2 coil was made by Repanco in 
Coventry. It came with a page of suggested 
circuit diagrams which | thought had been lost to 
the mists of time, but it recently came to light 
again, so | have now copied it below. 





Tore 


ae ; ; . d 
Once again | included an aerial trimmer which 1 en s SHENG RNS 
O]® 


can be adjusted to improve selectivity. 





REPANCO CoIL 
CONNECTION = EARTH 
TAG LAYooT 


The circuit diagram of the crystal set using the Repanco DRR2 coil 


Repanco Ltd was formed by two ex-army signals engineers and from 
the earliest days of radio supplied crystal set kits and coils to radio 
construction enthusiasts. 


The Repanco DRR2 coil was for medium wave and long wave 
intended for use in when building simple crystal set and valve radio 
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Arteries of the upper limb. (Schematic drawing.) 





Dissection of the arteries of forearm and hand. The 
superficial flexor muscles have been removed, the carpal 
tunnel opened and the flexor retinaculum cut. The arteries 
have been filled with colored resin. 
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Veins of the head, neck and upper 
extremity and their connection with the heart 
(anterior-lateral aspect; anterior thoracic wall) 
has been opened). 


Superficial temporal artery and vein 
Occipital vein 
Parotid gland 
Great auricular nerve and 
sternocleidomastoid muscle 
External jugular vein 
Internal jugular vein and common carotid artery 
Deltoid muscle 
Axillary vein 
Right cephalic vein within the 
deltopectoral groove 
10 Right lung (middle lobe) 
11 Serratus anterior muscle and 

lateral thoracic vein 
12 Cephalic vein on forearm 
13 Venous network on dorsum of hand 
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Superficial veins of upper limb. 
(Semischematic drawing.) 


Dorsal metacarpal veins 

Facial artery and vein 
Submandibular gland 

Anterior jugular vein, hyoid bone 
and omohyoid muscle 

Jugular venous arch and thyroid gland 
Right and left brachiocephalic veins 
Retrosternal body 

(remnant of thymus gland) 

Internal thoracic artery and vein 
Heart with pericardium 

Right venous angle 

Brachial vein 

Basilic vein 

Median cubital vein 

Digital veins 


aN AUNSFWN 


Main branches of radial nerve. (Schematic drawing.) 
Posterior divisions of trunks and posterior cord and its 
branches are indicated in green. 


Brachial plexus 

Lateral cord of brachial plexus 
Posterior cord of brachial plexus 
Medial cord of brachial plexus 
Axillary nerve 

Radial nerve 

Posterior cutaneous nerve of arm 
Lower lateral cutaneous nerve of arm 
Posterior cutaneous nerve of forearm 
Superficial branch of radial nerve 
Deep branch of radial nerve 

Dorsal digital nerves 
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Main branches of musculocutaneous, median and ulnar 
nerves. (Schematic drawing.) 

Anterior divisions of the trunks and all the components 
arising from them are indicated in yellow. 


Roots of median nerve 

Musculocutaneous nerve 

Median nerve 

Ulnar nerve 

Medial cutaneous nerves of arm and forearm 
Lateral cutaneous nerve of forearm ~ 
Anterior interosseous nerve 

Palmar branch of median nerve 

Dorsal branch of ulnar nerve 

Deep branch of ulnar nerve 

Common palmar digital nerves of median nerve 
Superficial branch of ulnar nerve 
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Cutaneous nerves of right upper limb (ventral aspect). 
(Semischematic drawing.) 


Medial supraclavicular nerve 

Intermediate supraclavicular nerve 

Upper lateral cutaneous nerve of arm 

Terminal branches of intercostobrachial nerves 
Lower lateral cutaneous nerve of arm 

Lateral cutaneous nerve of forearm 

Terminal branch of superficial branch of radial nerve 
Palmar digital nerve of thumb (branch of median nerve) 
Palmar digital branches of median nerve 

Anterior cutaneous branches of intercostal nerves 
Lateral cutaneous branches of intercostal nerves 
Medial cutaneous nerve of forearm 
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Cutaneous nerves of the upper limb (dorsal aspect). 
(Semischematic drawing.) 


13 Palmar cutaneous branch of ulnar nerve 

14 Palmar branch of median nerve 

15 Palmar digital branches of ulnar nerve 

16 Cutaneous branches of dorsal rami of spinal nerves 

17. Dorsal branch of ulnar nerve 

18 Dorsal digital nerves 

19 Posterior supraclavicular nerve 

20 Posterior cutaneous nerve of arm 

21 Posterior cutaneous nerve of forearm . 
a from radial nerve 

22 Superficial branch 

23 Dorsal digital branches 
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Dorsal region of shoulder, superficial layer. Note the 


segmental arrangement of the cutaneous nerves of the back. 


Trapezius muscle 

Dorsal branches of posterior intercostal artery and vein 
(medial cutaneous branches) 

Medial branches of dorsal rami of spinal nerves 
Rhomboid major muscle 

Lateral branches of dorsal rami of spinal nerves 
Latissimus dorsi muscle 

Posterior supraclavicular nerves 

Spine of scapula 

Deltoid muscle 

Infraspinatus muscle 

Teres minor muscle 

Triangular space with circumflex scapular artery and vein 
Upper lateral cutaneous nerve of arm with artery 

Teres major muscle 

Terminal branches of intercostobrachial nerve 

Medial cutaneous nerve of arm 

Tendon of triceps brachii muscle 

Lateral cutaneous branches of intercostal nerves 

Medial cutaneous nerve of forearm 

Long head of triceps brachii muscle 

Quadrangular space with axillary nerve and 

posterior humeral circumflex artery 

Anastomosis between profunda brachii artery and posterior 
humeral circumflex artery 

Course of radial nerve and profunda brachii artery 
Lateral head of triceps brachii muscle 

Course of descending scapular artery and dorsal scapular nerve 
Course of suprascapular nerve, artery and vein 


Shoulder and arm (dorsal aspect). Dissection of the 
quadrangular and triangular spaces of the axillary region. 





Course of vessels and nerves to shoulder and upper limb. 
(Schematic drawing.) 
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Scapular region, arm and shoulder, deep layer (dorsal 
aspect). Part of deltoid muscle has been cut and reflected to 
display the quadrangular and triangular spaces of the axillary 
region. 


Trapezius muscle 

Spine of scapula 

Infraspinatus muscle 

Teres minor muscle 

Triangular space containing circumflex scapular artery and vein 
Teres major muscle 

Latissimus dorsi muscle 

Deltoid muscle (cut and reflected) 

Quadrangular space containing axillary nerve and posterior 
circumflex humeral artery and vein 

Long head of triceps brachii muscle 

Cutaneous branch of axillary nerve 

Lateral head of triceps brachii muscle 

Terminal branches of intercostobrachial nerve 

Lateral cutaneous branches of intercostal nerves 

Medial cutaneous nerve of arm 

Medial cutaneous nerve of forearm 

Upper lateral cutaneous nerve of arm 

Anastomosis between profunda brachii artery and posterior 
humeral circumflex artery 

Humerus 

Profunda brachii artery 

Radial nerve 

Radial collateral artery 

Middle collateral artery 

Lower lateral cutaneous nerve of arm 

Posterior cutaneous nerve of forearm 

Tendon of triceps brachii muscle 


Scapular region and posterior brachial region; arm 

and shoulder, deep layer (dorsal aspect). The lateral head 
of the triceps brachii muscle has been cut to display 

the radial nerve and accompanying vessels. 
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Dorsal regions of neck and shoulder (dorsal aspect). Left side: superficial layer. 
Right side: trapezius and latissimus dorsi muscles have been removed. 
Dissection of dorsal branches of spinal nerves. 


Greater occipital nerve 

Ligamentum nuchae 

Splenius capitis muscle 

Sternocleidomastoid muscle 

Lesser occipital nerve 

Splenius cervicis muscle ; 

Descending and transverse fibers of trapezius muscle 
Medial cutaneous branches of dorsal rami of spinal nerves 
Ascending fibers of trapezius muscle 

Latissimus dorsi muscle 

Cutaneous branch of third occipital nerve 

Great auricular nerve 

Accessory nerve (n. XI) 

Posterior supraclavicular nerve and levator scapulae muscle 
Branches of suprascapular artery 
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Deltoid muscle 

Rhomboid major muscle 

Infraspinatus muscle 

Teres minor muscle 

Upper lateral cutaneous nerve of arm (branch of axillary nerve) 
Teres major muscle 

Medial margin of scapula 

Long head of triceps muscle 

Posterior cutaneous nerve of arm (branch of radial nerve) 
Latissimus dorsi muscle (divided) 

Ulnar nerve and brachial artery 

Lateral cutaneous branches of dorsal rami of spinal nerves and 
iliocostalis thoracis muscle 

External intercostal muscle and seventh rib 

Serratus posterior inferior muscle 


1 Clavicle 
2 Deltoid muscle 
3 Suprascapular artery 
4 Suprascapular nerve 
5 Superior transverse scapular 
ligament 
6 Teres minor muscle 
7 Axillary nerve and posterior 
circumflex humeral artery 
8 Long head of triceps muscle 
9 Circumflex scapular artery 
10 Teres major muscle 
11 Greater occipital nerve 
12 Lesser occipital nerve 
13 Great auricular nerve 
14 Splenius capitis muscle 
15 Accessory nerve (n. XI) 
16 Third occipital nerve and 
levator scapulae muscle 
17 Serratus posterior superior 
muscle 
18 Spine of scapula 
19 Descending scapular artery 
and dorsal scapular nerve 
20 Rhomboid major muscle 
21 Infraspinatus muscle and 
medial margin of scapula 
22 Radial nerve and profunda 
brachii artery 
23 Thoracodorsal artery 
24 Thyrocervical trunk 
25 Roots of brachial plexus 
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Dorsal region of shoulder; deepest layer. Rhomboid and scapular muscles fenestrated; 
posterior part of deltoid muscle reflected. 
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Collateral circulation of shoulder. 
Anastomosis of suprascapular and 
circumflex scapular arteries. 
(Semischematic drawing.) 








Scapular region, arm and shoulder (dorsal aspect). Arteries of scapular region are injected. 
Trapezius, deltoid and infraspinatus muscles are partially removed or reflected. 


1 Sternocleidomastoid muscle 11 Latissimus dorsi muscle 

2 Lesser occipital nerve 12 Facial artery 

3 Splenius capitis muscle and third occipital nerve 13 Acromion 

4 Accessory nerve (N. XI) 14 Deltoid muscle 

5 Splenius cervicis muscle and transverse cervical artery 15 Suprascapular artery and supraspinatus muscle (reflected) 
(deep branch) 16 Axillary nerve, posterior circumflex humeral artery and 

6 Levator of scapula muscle lateral head of triceps, brachii muscle 

7 Transverse cervical artery (superficial branch) 17. Teres minor muscle 

8 Spine of scapula and serratus posterior superior muscle 18 Long head of triceps brachii muscle 

9 Rhomboid major muscle 19 Circumflex scapular artery and teres major 


10 Trapezius muscle 20 Infraspinatus muscle 
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Right shoulder and thoracic wall, superficial layer (anterior aspect). Dissection of 
the cutaneous nerves and veins. 


1 Trapezius muscle 

2 Posterior supraclavicular nerve 

3 Middle supraclavicular nerve 

4 Deltopectoral triangle 

5 Deltoid muscle 

6 Cephalic vein within the deltopectoral groove 
7 Upper lateral cutaneous nerve of arm 

(branch of axillary nerve) 

8 Latissimus dorsi muscle 

9 Cephalic vein 
10 Biceps brachii muscle 
11 Triceps brachii muscle 
2 Lateral cutaneous branches of intercostal nerves 


13. Transverse cervical nerve and external jugular vein 





Superficial veins of right arm have 
been injected with blue gelatin. 


Sternocleidomastoid muscle 

Anterior jugular vein 

Anterior supraclavicular nerve 

Clavicle 

Clavicular part of pectoralis major muscle 
Sternocostal part of pectoralis major muscle 
Perforating branch of internal thoracic artery 
Anterior cutaneous branches of intercostal nerves 
Abdominal part of pectoralis major muscle 
Accessory cephalic vein 

Basilic vein 

Median cubital vein 

Median vein of forearm 

Cephalic vein in the forearm 


1/14/2018 Crystal Sets 2, How To Make A Crystal Set, Short Wave, Denco PCC1 Coil, Repanco Coil, Set Construction 
circuits. 


It consists of three coils; a Medium Wave coil at the top that includes 
a tapping point (for the aerial); a coupling coil or tickler in the middle; 
a lower coil which can be connected in series with to top coil to 
provide Long Wave reception. 


| have built a quick crystal set with the coil and it provides good 
reception with excellent selectivity, so it must have a very good Q 
factor. 





A'lash-up' of the Repanco crystal set 


The Repanco DDR2 coil was provided with a simple Foolscap size information sheet that showed four different radio 
circuits. Sadly the sheet does not give a huge amount of information and my copy is now rather tatty and faded - it is 
copied below: 
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Right deltopectoral triangle, infraclavicular region 
(anterior aspect). The pectoralis major muscle has been cut 


and reflected. 
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Accessory nerve 

Trapezius muscle 

Pectoralis major muscle (clavicular part) 
Acromial branch of thoracoacromial artery 
Pectoralis major muscle 

Lateral pectoral nerves 

Abdominal part of pectoralis major muscle 
External jugular vein 

Cutaneous branches of cervical plexus 
Sternocleidomastoid muscle 

Clavicle 

Clavipectoral fascia 

Cephalic vein 

Subclavius muscle 

Clavicular branch of thoracoacromial artery 
Subclavian vein 

Thoracoacromial artery 

Pectoral branch of thoracoacromial artery 
Medial pectoral nerve 

2nd rib 
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Thoracic wall and shoulder, deep layer. Right axillary 
region (anterior aspect). The pectoralis major muscle has 
been cut and partly removed. 


Pectoralis minor muscle 

3rd rib 

Deltoid muscle 

Pectoralis major muscle (reflected), brachial artery and 
median nerve 

Short head of biceps brachii muscle 
Thoracodorsal artery and nerve 

Medial cutaneous nerve of arm 
Intercostobrachial nerve (T2) 

Long head of biceps brachii muscle 

Medial cutaneous nerve of forearm 

Latissimus dorsi muscle 

Lateral cutaneous branches of intercostal nerves 
(posterior branches) 

Serratus anterior muscle 

Medial pectoral nerve 

Long thoracic nerve and lateral thoracic artery 
Intercostobrachial nerve (T;) 

Lateral cutaneous branches of intercostal nerves 
(anterior branches) 


Right axillary region (inferior aspect). Dissection of superficial axillary nodes and lymphatic vessels. 
The pectoralis major muscle has been slightly elevated. 


Deltoid muscle Thoracodorsal artery 
Cephalic vein 3 Lateral cutaneous branch of intercostal nerve 
Median nerve 4 Latissimus dorsi muscle 
Brachial artery Thoracoepigastric vein 
Medial cutaneous nerves of arm and forearm ) Serratus anterior muscle 
Ulnar nerve Musculocutaneous nerve 
Basilic Vein 8 Radial nerve 
Intercostobrachial nerves Pectoralis major muscle 
Circumflex scapular artery Nipple 

10 Superficial axillary nodes 

11 Lateral thoracic artery 








Axillary region (anterior aspect). Dissection of deep axillary nodes. Pectoralis major and minor 
divided and reflected. Shoulder girdle and arm elevated and reflected. 


1 Deltoid muscle 13 Musculocutaneous nerve 

2 Insertion of pectoralis major muscle 14 Subclavius muscle 

3 Coracobrachialis muscle 15 Thoracoacromial artery 

4 Roots of median nerve, axillary artery 16 Axillary vein 

5 Short head of biceps brachii muscle 17 Clavicle 

6 Ulnar nerve and medial cutaneous nerve 18 Pectoralis major and minor muscles (reflected) 
of forearm 19 Nipple 

7 Thoracoepigastric vein 20 Anterior cutaneous branches of intercostal nerves 

8 Deep axillary node 21 Anterior layer of rectus sheaths 

9 Latissimus dorsi muscle 


10 Serratus anterior muscle 
11 Cephalic vein 
12 Insertion of pectoralis minor muscle (coracoid process) 
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Right axillary region (anterior aspect). The pectoralis major and minor muscles have been cut and reflected to display the vessels 
and nerves of the axilla. 


Sternocleidomastoid muscle (cut and reflected) 
Cervical plexus 

Trapezius muscle 

Pectoralis minor muscle and medial pectoral nerve 
Deltoid muscle 

Pectoralis major muscle and lateral pectoral nerve 
Median nerve and brachial artery 

Circumflex scapular artery 

Short head of biceps brachii muscle 
Thoracodorsal artery and nerve 

Long head of biceps brachii muscle 

Latissimus dorsi muscle 

Serratus anterior muscle 

Internal jugular vein 

Scalenus anterior muscle 


Phrenic nerve and ascending cervical artery 
Brachial plexus (at the levels of the trunks) 
Clavicle 
Subclavius muscle 

acromial artery 
Subclavian vein (cut) 
Axillary artery 
Subscapular artery 
Superior thoracic artery 
Lateral thoracic artery and long thoracic nerve 
External intercostal muscle 
Insertion of pectoralis minor muscle 
Intercostobrachial nerves 
Lateral cutaneous branches of intercostal nerves 
Insertion of pectoralis major muscle 
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Shoulder and arm. Axillary region with brachial plexus (anterior aspect). The pectoralis major and minor muscles have been 
partly removed. The clavicle has been cut. 


Trapezius muscle and accessory nerve 
Brachial plexus 

Clavicle (cut) 

Pectoralis minor muscle 

Axillary (subclavian) artery 

Deltoid muscle 

Musculocutaneous nerve 

Axillary nerve 

Radial nerve 

Medial and lateral roots of the median nerve 
Median nerve and brachial artery 
Ulnar nerve 


Cephalic vein 

Cervical plexus 

Phrenic nerve and scalenus anterior muscle 
Descending scapular artery 

S capular artery 

Internal thoracic artery 

Subclavian vein 

Thoracoacromial artery 

Superior thoracic artery 

Thoracodorsal artery and nerve 

Lateral thoracic artery and long thoracic nerve 
Intercostobrachial nerves 


Short head of biceps brachii muscle 

Medial cutaneous nerves of arm and forearm 
Long head of biceps brachii muscle 
Latissimus dorsi muscle 


Insertion of the pectoralis minor muscle into the 2nd-Sth ribs 
Lateral cutaneous branches of intercostal nerves 

Abdominal part of pectoralis major muscle (cut) 
Suprascapular nerve and artery 
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Main branches of brachial plexus. Posterior cord in red, lateral cord in yellow 


and medial cord in purple. (Schematic drawing.) 


Accessory nerve 

Dorsal scapular artery 
Suprascapular nerve 

Clavicle and pectoralis minor muscle 
Lateral cord of brachial plexus 
Musculocutaneous nerve 
Axillary nerve 

Median nerve 

Brachial artery 

Radial nerve 

Cervical plexus 

Common carotid artery 

Roots of brachial plexus (C;-T;) 
Phrenic nerve 

Dorsal scapular artery 
Subclavian artery 

Posterior cord of brachial 
plexus 

Medial cord of brachial plexus 
Subscapular artery 

Long thoracic nerve 

Ulnar nerve 

Medial cutaneous nerve of 
forearm 

Thoracodorsal nerve 
Intercostobrachial nerve 
Medial cutaneous nerves of arm 
and forearm 

Scalenus anterior muscle 
Scalenus medius muscle 
Intercostal nerve (T;) 

Axillary artery 
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Right arm. Dissection of vessels and nerves (medial aspect). Shoulder girdle has been reflected slightly. 


Radial artery and superficial branch 
of radial nerve 

Lateral cutaneous nerve of forearm 
Brachioradialis muscle 

Ulnar artery 

Tendon of biceps brachii muscle 
Brachialis muscle 

Pronator teres muscle 

Median nerve 

Medial epicondyle of humerus 
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Inferior ulnar collateral artery 

Ulnar nerve 

Medial cutaneous nerve of forearm 

Brachial artery 

Biceps brachii muscle 

Intercostobrachial nerve (T3) 

Latissimus dorsi muscle 

Thoracodorsal nerve and artery 8 31 14 13 16 
Serratus anterior muscle 

Subscapular artery Right arm. Dissection of vessels and nerves, deeper layer. 
Pectoralis major muscle (reflected) and lateral pectoral nerve Biceps muscle has been reflected. 

Radial nerve and profunda brachii artery 

Axillary nerve 

Roots of the median nerve with axillary artery 
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Musculocutaneous nerve 

Pectoralis minor muscle (reflected) and medial pectoral nerve 
Posterior cord of brachial plexus 

Clavicle (cut) 

Lateral cord of brachial plexus 

Medial cord of brachial plexus 

Subclavian artery 

Brachial vein 
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Superficial veins and cutaneous nerves of 
forearm and hand (anteromedial aspect). 


























Sagittal section through the forearm at the level of the humeroulnar 
articulation (MR-Scan, after A. Heuck, G. Luttke, and J. W. Rohen, 1994). 


Cephalic vein 

Brachioradialis muscle covered by its 
fascia 

Posterior cutaneous nerve of forearm 
(branch of radialis nerve) 

Cephalic vein of forearm 

Extensor pollicis longus and 

brevis muscles covered by their fascia 
Median cubital vein 

Lateral cutaneous nerves of forearm 
(branch of musculocutaneous nerve) 
Intermedian vein of forearm 
Superficial branch of radial nerve 


Dorsal digital branches of radial 
nerye 

Triceps brachii muscle 

Venous network on the dorsum 
of the hand 

Olecranon 

Humeroulnar articulation 

Ulna 

Radiocarpal articulation 
Biceps brachii muscle 

Trochlea of humerus 

Flexor muscles of forearm 
Carpal bones 



































Vessels and nerves of right forearm, superficial layer Vessels and nerves of right forearm, deep layer 
(dorsal aspect). (dorsal aspect). 


Tendon of triceps brachii muscle Extensor retinaculum 21 Extensor pollicis brevis muscle 
Olecranon Dorsal branch of ulnar nerve Superficial branch of radial nerve 
Anconeus muscle 3 Biceps brachii muscle 23 Radial artery 

Extensor digitorum muscle 4 Brachialis muscle Posterior interosseous nerve 
Extensor carpi ulnaris muscle 5 Brachioradialis muscle 25 Posterior interosseous branch of 
Deep branch of radial nerve Lateral epicondyle of humerus radial nerve 

Posterior interosseous artery Extensor carpi radialis longus muscle Posterior branch of anterior 
Extensor pollicis longus muscle Extensor carpi radialis brevis muscle interosseous artery 

Extensor indicis muscle Abductor pollicis longus muscle Supinator muscle 

Tendon of extensor carpi ulnaris muscle Tendons of extensor digitorum muscle 





Cutaneous nerves and veins of forearm and hand 
(superficial layer, dorsal aspect). 








Innervation pattern of dorsal surfaces of hand 

2'/> digits by radial nerve, 2'/, digits by ulnar nerve. Note 
that the terminal branches to the dorsal surfaces of the 
distal phalanges are derived from the palmar digital 
nerves, The cutaneous distribution varies; often 3'/, digits 
are innervated by the radial and 1'/, digits by the ulnar 
nerve. 
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Dorsal region of forearm and hand (deeper layer). 
Extensor digitorum muscle has been partly removed. 


Posterior cutaneous nerve of forearm (branch of radial nerve) 
Extensor digitorum muscle 

Tendon of extensor carpi ulnaris muscle 
Extensor retinaculum 

Ulnar nerve 

Venous network of dorsum of hand 
Abductor pollicis longus muscle 

Cephalic vein 

Extensor pollicis brevis muscle 

Radial nerve, superficial branch 

Radial artery 

Tendon of extensor pollicis longus muscle 
Dorsal digital branches of radial nerve 


Tendons of extensor digitorum muscle with intertendinous connections 


Posterior interosseus nerve (branch of the deep radial nerve) 
Posterior interosseous artery 

Styloid process of ulna 

Dorsal interosseus muscle IV 

Dorsal carpal branch of radial artery 


Lateral cutaneous nerve of forearm (branch of musculocutaneous nerve) 


Dorsal metacarpal artery 

Proper dorsal digital branches of ulnar nerve 

Regions supplied by palmar digital nerves (ulnar nerve) 
Regions supplied by palmar digital nerves (median nerve) 
Communicating branch with ulnar nerve 
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Simple crystal radio type circuits using the Repanco DRR2 coil 
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Cubital region (anterior aspect), dissection of cutaneous nerves 
and veins. 


Biceps brachii muscle with fascia 

Cephalic vein 

Median cubital vein 

Lateral cutaneous nerve of forearm 

Tendon and aponeurosis of biceps brachii muscle 
(covered by the antebrachial fascia) 
Brachioradialis muscle with fascia 

Accessory cephalic vein 

Median vein of forearm 

Branches of lateral cutaneous nerve of forearm 
Terminal branches of medial cutaneous nerve of arm 
Medial cutaneous nerve of forearm 

Basilic vein 

Medial epicondyle of humerus 

Terminal branches of medial cutaneous nerve 

of forearm 

Biceps brachii muscle 


Cubital region, superficial layer (anterior aspect). The 


fasciae of the muscles have been removed. 


Tendon of biceps brachii muscle 
Radial nerve 

Brachioradiaiis muscle 

Radial recurrent artery 

Radial artery 

Ulnar nerve 

Superior ulnar collateral artery 
Medial intermuscular septum 
Brachial artery 

Median nerve 

Pronator teres muscle 

Bicipital aponeurosis 

Ulnar artery 

Palmaris longus muscle 

Flexor carpi radialis muscle 
Flexor digitorum superficialis muscle 
Flexor carpi ulnaris muscle 





Cubital region, middle layer (anterior aspect). The bicipital 
aponeurosis has been removed. 


Median nerve 

Biceps brachii muscle 

Brachial artery 

Lateral cutaneous nerve of forearm 
(terminal branch of musculocutaneous nerve) 
Brachialis muscle 

Tendon of biceps brachii muscle 
Brachioradialis muscle 

Radial artery 

Ulnar artery 

Superficial branch of radial nerve 
Lateral cutaneous nerve of forearm 
Medial cutaneous nerve of forearm 
Triceps brachii muscle 

Ulnar nerve 





Cubital region, middle layer (anterior aspect). 
The pronator teres and brachioradialis muscles 
have been slightly reflected. 


Inferior ulnar collateral artery 

Anterior branch of medial cutaneous nerve of forearm 
Medial epicondyle of humerus 

Median nerve with branches to pronator teres muscle 
Pronator teres muscle 

Flexor carpi radialis muscle 

Deep branch of radial nerve 

Radial recurrent artery 

Supinator muscle 

Medial intermuscular septum of arm 
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Cubital region, deep layer (anterior aspect). The pronator 
teres and flexor carpi ulnaris muscles have been cut and 
reflected. 


Biceps brachii muscle 

Brachialis muscle 

Brachioradialis muscle 

Superficial branch of radial nerve 
Deep branch of radial nerve 
Tendon of biceps brachii muscle 
Radial recurrent artery 

Supinator muscle 

Insertion of pronator teres muscle 
Radial artery 

Ulnar nerve 

Medial intermuscular septum of arm and 
superior ulnar collateral artery 
Brachial artery 














Cubital region, deepest layer (anterior aspect), The flexor 
digitorum superficialis and the ulnar head of the pronator 
teres have been cut and reflected. 


Median nerve 

Medial epicondyle of humerus 

Humeral head of pronator teres muscle 
Ulnar artery 

Ulnar head of pronator teres muscle 
Ulnar recurrent artery 

Anterior interosseous nerve 

Common interosseous artery 
Tendinous arch of flexor digitorum superficialis muscle 
Anterior interosseous artery 

Flexor digitorum superficialis muscle 
Flexor digitorum profundus muscle 
Flexor pollicis longus muscle 




















Vessels and nerves of right forearm and hand, superficial Vessels and nerves of right forearm and hand, superficial 
layer (palmar aspect). layer (palmar aspect). The palmar aponeurosis of the hand 





and the bicipital aponeurosis have been removed. 


1 Biceps brachii muscle 

2 Brachialis muscle 

3 Brachioradialis muscle 

4 Deep branch of radial nerve 

5 Superficial branch of radial nerve 

6 Radial artery 

7 Median nerve 

8 Flexor retinaculum 

9 Thenar muscles 
10 Common palmar digital branches of median nerve 
11 Common palmar digital arteries 
12 Proper palmar digital nerves (median nerve) 
13. Ulnar nerve 

14 Medial intermuscular septum of arm 
15 Superior ulnar collateral artery 
16 Brachial artery 
17 Medial epicondyle of humerus 
18 Pronator teres muscle 
19 Bicipital aponeurosis 
20 Ulnar artery 
21 Palmaris longus muscle 
22 Flexor carpi radialis muscle 
23 Flexor digitorum superficialis muscle 
24 Flexor carpi ulnaris muscle 
25 Tendon of palmaris longus muscle 
26 Remnant of antebrachial fascia 
27 Superficial branch of ulnar nerve 
28 Palmaris brevis muscle 
29 Palmar aponeurosis 
0 Hypothenar muscles 

1 Superficial palmar arch 
2 Superficial transverse metacarpal ligament 
3 Common palmar digital branch of ulnar nerve 
4 Proper palmar digital branches of ulnar nerve 
35 Anterior interosseous artery and nerve 
36 Flexor digitorum profundus muscle 
37 Common palmar digital arteries 
38 Palmar branch of median nerve 
39 Flexor pollicis longus muscle 
40 Palmar branch of ulnar nerve 





Cutaneous innervation of hand (palmar aspect). 
(Schematic drawing.) 





Vessels and nerves of forearm and hand, deep layer (anterior Cutaneous innervation of palmar surface: 
aspect). The superficial layer of the flexor muscles has been 3% digits by median nerve, 
removed. 1% digits by ulnar nerve. 
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Right hand, superficial layer, dissection of vessels and nerves 


(palmar aspect). 


Tendon of palmaris longus muscle 

Radial artery 

Tendon of flexor carpi radialis muscle and median nerve 
Distal part of antebrachial fascia 

Radial artery passing into the anatomical snuffbox 
Abductor pollicis brevis muscle 

Superficial head of flexor pollicis brevis muscle 
Palmar digital artery of thumb 

Common palmar digital arteries 

Proper palmar digital nerves (median nerve) 
Ulmar nerve 

Tendon of flexor carpi ulnaris muscle 

Ulnar artery 

Superficial branch of ulnar nerve 

Palmaris brevis muscle 

Palmar aponeurosis 





Right hand, superficial layer, dissection of vessels and 


nerves (palmar aspect). The palmar aponeurosis has been 
removed to display the superficial palmar arch. 


Palmar digital nerves (ulnar nerve) 

Superficial transverse metacarpal ligament 
Proper palmar digital arteries 

Superficial palmar branch of radial artery 
(contributing to the superficial palmar arch) 
Flexor retinaculum 

Median nerve 

Abductor digiti minimi muscle 

Flexor digiti minimi brevis muscle 

Opponens digiti minimi muscle 

Superficial palmar arch 

Tendons of flexor digitorum superficialis muscle 
Common palmar digital branch of ulnar nerve 
Common palmar digital branch of median nerve 
Fibrous sheath of flexor tendons 
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Coronal section through the right hand (palmar aspect). Coronal section through the right hand (palmar aspect) 
(MR-Scan, courtesy of Dr. A. Heuck, Munich). 
1 Radius 17 Articular disk 
2 Radiocarpal articulation +18  Lunate bone 
3 Scaphoid (navicular) bone 19 Triangular bone 
4 Radial artery 20 Capitate bone 
5 Trapezoid bone 21 Hamate bone 
6 Trapezium bone 22 Carpometacarpal articulations 
7 First metacarpal bone 23. Abductor digiti minimi muscle 
8 Metacarpophalangeal articulation of thumb 24 Fifth metacarpal bone 
9 Interosseous muscles 25 Metacarpophalangeal articulation 
10 Proximal phalanx of thumb 26 Adductor pollicis muscle 
11 Proximal phalanx of fingers 27 Proper palmar digital arteries 


12 Interphalangeal articulations 
13. Middle phalanx 

14 Distal phalanx 

15 Ulna 

16 Distal radioulnar articulation 


Horizontal section through shoulder joint (section 1; MR-Image; 
inferior aspect). 





Upper extremity, location of sections 1-5 
(MR-Scans, courtesy of Dr. A. Heuck, Munich), 


1 Pectoralis major muscle 

2 Greater tubercle and tendon of 
biceps muscle 

Lesser tubercle 
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Head of humerus and articular cavity of 
shoulder joint 

Deltoid muscle 

Scapula 

Infraspinatus muscle 

Serratus anterior muscle 

Sternum 
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10 Infrahyoid muscles 

11 Trachea 

12 Body of thoracic vertebra 

13. Vertebral canal and spinal cord 
14 Deep muscles of the back 

15 Trapezius muscle 

16 Brachialis muscle 

Horizontal section through the right shoulder at the level of T; 17 Radial nerve and profunda 
(section 1; inferior aspect). * = Upper lobe of lung. brachii vessels 








Axial section through the middle of the Axial section through the middle of the 
right arm (section 2; MR-Image, inferior aspect). right arm (section 2; inferior aspect). 





Axial section through the elbow Axial section through the right elbow 
joint (section 3; MR-Image; inferior joint (section 3; inferior aspect). 
aspect). 





Axial section through the middle Axial section through the right 
of the forearm (section 4; MR-Image; forearm (section 4; inferior aspect). 
inferior aspect). 





Triceps brachii muscle 
Cephalic vein 

Biceps brachii muscle 
Musculocutaneous nerve 
Ulnar nerve 

Medianus nerve 

Brachial artery and vein 
Shaft of humerus 
Brachioradialis muscle 
Radial nerve 

Olecranon and articular cavity 
of elbow joint 

Basilic vein 

Humerus 

Pronator teres muscle 
Extensor muscles of forearm 
Ramus profundus of 

radialis nerve 

Anterior interosseus 

vessels and nerve 
Interosseous membrane 
Ulna 

Radius 

Radial artery and 

superficial branch of 

radial nerve 

Flexor pollicis longus muscle 
Flexor digitorum superficialis 
and profundus muscles 
Ulnar nerve, ulnar artery and 
vein 

Flexor carpi ulnaris muscle 
Radial artery 

Metacarpal bones III and IV 
Carpal canal with tendons of 
flexor digitorum muscles 
Hypothenar muscle 

Median nerve 

Interosseus muscles 

First metacarpal bone 
Thenar muscles 

Articular cavity of 
humeroradial joint 

Median cubital vein 


Axial section through the right hand (metacarpus; Axial section through the right hand at the level of the 
MR-Image; section 5; inferior aspect). metacarpus (section 5; inferior aspect). 
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Arteries and nerves of the right hand 
(palmar aspect). (Schematic drawing.) 


Right hand, superficial layer (palmar aspect). Dissection of 
the superficial palmar arch. 


Longitudinal section through the hand 
at the level of the third finger 


Longitudinal section through the hand 
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at the level of the third finger (MR-Scan, 


courtesy of Dr. A. Heuck, Munich), 
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~~ Valve circuits using the Repanco DRR2 coil 


Repanco Ltd no longer produces radio coils and crystal set kits for the radio construction enthusiast, as it did in the early 
days of radio. In 1986 it was renamed Repanco Bartlett Ltd when it merged with Bartlett Electronics. The company 
moved from the Foleshill Road to Unit 24, Albion Industrial Estate, Endemere Road, Coventry CV6 5NT and now 
specialises in transformers and wound components and can design and manufacture to commercial customer 
requirements, their website is: http://www.repancobartlett.co.uk/ 
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Right hand, middle layer (palmar aspect). The flexor 
retinaculum has been removed. 


Superficial branch of radial nerve 

Tendon of flexor carpi radialis muscle 

Radial artery 

Median nerve 

Tendon of flexor digitorum superficialis muscle 
Tendon of abductor pollicis longus muscle 
Tendon of extensor pollicis brevis muscle 
Superficial palmar branch of radial artery 
Abductor pollicis brevis muscle 

Superficial head of flexor pollicis brevis muscle 
Terminal branches of superficial branch of radial nerve 
Common palmar digital nerves (median nerve) 
Proper palmar digital arteries of thumb 

Proper palmar digital nerves (median nerve) 
Tendon of flexor carpi ulnaris muscle 

Ulnar artery 

Position of pisiform bone 

Superficial branch of ulnar nerve 

Flexor retinaculum 

Deep branch of ulnar nerve 


Arteriogram of the right hand (palmar aspect). 
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Abductor digiti minimi muscle 

Common palmar digital nerves (ulnar nerve) 
Superficial palmar arch 

Tendons of flexor digitorum muscles 
Common palmar digital arteries 

Palmar digital nerves (ulnar nerve) 

Proper palmar digital arteries 

Carpal tunnel 

Fibrous sheaths for the tendons of flexor digitorum 
muscles 

Deep palmar arch 

Princeps pollicis artery 

Palmar branch of median nerve 

Common digital palmar artery 

Ulnar nerve 

Capillary network of finger 

Radius 

Carpal bones 

Metacarpal bone 

Interosseus muscles 

Proximal phalanx 

Middle phalanx 

Distal phalanx 

Dorsal branch of ulnar nerve 

Tendons of flexor digitorum profundus (upper) 
and superficialis (lower) muscles 
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Right hand, deep layer (palmar aspect). The carpal tunnel has 
been opened, the tendons of the flexor muscles have been 
removed and the superficial palmar arch has been cut. 


" 


Right hand, deep layer (palmar aspect). Dissection of the deep 
palmar arch. 
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Tendon of flexor carpi radialis muscle 

Radial artery 

Tendon of abductor pollicis longus muscle 
Abductor pollicis brevis muscle 

Superficial and deep heads of flexor pollicis 
brevis muscle 

Oblique and transverse heads of adductor 
pollicis muscle 

Median nerve 

Tendons of flexor digitorum superficialis and 
profundus muscles 

Tendon of flexor pollicis longus muscle 
Pronator quadratus muscle 

Tendon of flexor carpi ulnaris muscle 

Ulnar artery 

Superficial branch of ulnar nerve 

Deep branch of ulnar nerve 

Abductor digiti minimi muscle 

Superficial palmar arch (cut end) 

Common palmar digital nerves (ulnar nerve) 
Palmar metacarpal arteries of deep palmar arch 
Palmar digital artery of the 5th finger 
Fibrous sheaths of tendons of flexor muscles 
Palmar interosseous muscles 

Opponens pollicis muscle (cut) 

Deep palmar arch 

Ist dorsal interosseous muscle 

ist lumbrical muscle 





Coronal section through pelvis and thighs (MR-Scan of the male, courtesy of Dr. A. Heuck, Munich), 


Coronal section through the legs (MR-Scan, courtesy of 
Dr. A. Heuck, Munich). 





Sacral promontory 

Gluteus medius muscle 

Small intestine and urinary bladder 
Acetabulum 

Head of femur 

Greater trochanter of femur 
Vastus lateralis muscle 

Femur 

Adductor muscles 

Knee joint with menisci 

Tibia 

Soleus muscle 

Tibialis anterior muscle 

Distal tibiofibular articulation 
Talocrural articulation 

Fibula (lateral malleolus) 


The lower limb (extremity) is specialized for 
support of the upright posture, locomotion and 
maintaining balance. In contrast to the upper 
limb, the lower limb is more restricted in its 
movements, and the joints are more tight and 
fixed by strong ligaments. The hip joint is a ball 
and socket type of synovial joint between head 
of femur and acetabulum. The knee joint is a 
hinge type of synovial joint that permits only 
limited rotation. The talocrural joint is a hinge 
joint between talus, fibula, and tibia only allow- 
ing movements of flexion and extension. 

The long axis of the foot is at right angle to that 
of the leg, thus, forming an effective arch for 
the upright stance of man. 





Skeleton of pelvic girdle and lower limb 
(anterior aspect). The talocrural joint has been 
dislocated. 


Pelvic girdle 9 Phalanges 

Thigh 10 Sacroiliac joint 

Leg 11 Pubic symphysis 

Foot 12 Hip joint 

Right hip bone 13. Knee joint 

Sacrum 14 Proximal tibiofibular joint 
Femur 15 Distal tibiofibular joint 
Patella 16 Talocrural joint 

Fibula 17 Talocalcaneonavicular joint 
Tibia 18 Tarsometatarsal joints 
Tarsal bones 19 Metatarsophalangeal joints 
Metatarsal bones 20 Interphalangeal joints 


The pelvic girdle is firmly connected to the vertebral 
column at the sacroiliac joint. Therefore the body can 
be kept upright more easily even if only one limb is used 
for support (as in walking). The mobility of the lower 
limb is more limited than that of the upper limb. 





Organization of pelvic girdle and lower limb. 


Right hip bone (lateral aspect). 





Sacrum and coccyx (lateral aspect). 
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Right hip bone (medial aspect). 


Ilium 
Ischium 
Pubis 


Posterior superior iliac spine 
Posterior gluteal line 
Posterior inferior iliac spine 
Greater sciatic notch 
Ischial spine 

Lesser sciatic notch 

Body of ischium 

Ischial tuberosity 
Obturator foramen 

Iliac crest 

Anterior gluteal line 
Internal lip of iliac crest 
External lip of iliac crest 
Anterior superior iliac spine 
Inferior gluteal line 
Anterior inferior iliac spine 
Lunate surface of acetabulum 
Acetabular fossa 
Acetabular notch 

Pecten pubis 

Pubic tubercle 

Body of pubis 

Iliac fossa 

Arcuate line 

lliopubic eminence 
Articular surface of pubis 
Auricular surface of sacrum 
Pelvic surface of sacrum 
Superior articular process of sacrum 
Dorsal sacral foramina 
Sacral tuberosity 

Lateral sacral crest 

Median sacral crest 
Obturator groove 


Coccyx 


Sacrum (posterior aspect). 





Sacrum (superior aspect). 








Sacrum (anterior aspect). 


Diameters of pelvis (oblique superior aspect). (Schematic drawing.) 


Superior articular process of sacrum 


Dorsal sacral foramina 
Sacral hiatus 

Median sacral crest 

Lateral sacral crest 

Sacral tuberosity 
Intermediate sacral crest 
Coccyx 

Base of sacrum 

Sacral promontory 
Anterior sacral foramina 
Lateral part of sacrum (ala) 
Transverse line of sacrum 
Sacral canal 

Linea terminalis 

True conjugate 

Diagonal conjugate 
Transverse diameter 
Oblique diameter 

Inferior pelvic aperture or outlet 





Female pelvis (superior aspect). Note the differences between the male and the female pelvis, 
predominantly in the form and dimensions of the sacrum, the superior and inferior apertures and 
the alae of the ilium. 





Male pelvis (superior aspect). Compare with the female pelvis (depicted above). 


1 Superior articular process of sacrum 12 Anterior inferior iliac spine 
2 Posterior superior iliac spine 13 [liopubic eminence 

3 Base of sacrum 14 Pecten pubis 

4 Sacral promontory 1S Pubic tubercle 

5 Coccyx 16 Pubic symphysis 

6 Ischial spine 17 Sacral canal 

7 External lip ; 18 Ala of sacrum 

8 Intermediate line - ag 19 Position of sacroiliac joint 
9 Internal lip nied 20 Iliac fossa 

10 Arcuate line 21 Linea terminalis 


Il Anterior superior iliac spine 22 Iliac crest 





Female pelvis (anterior aspect). Note the differences between the form and dimensions of the male 
and the female pelvis. The female pubic arch is wider than the male. The obturator foramen in the 
female pelvis is triangular, while that in the male pelvis is ovoid. 





Male pelvis (anterior aspect). Compare with foregoing figure. 


1 Anterior superior iliac spine 
2 Iliac fossa 

3 Position of sacroiliac joint 

4 Iliopubic eminence 

5 Lunate surface of acetabulum 
6 Acetabular notch 

7 Obturator foramen 

8 Ischial tuberosity 


Pubic arch 

Anterior inferior iliac spine 

Sacrum 

Linea terminalis (at margin of superior aperture) 
Pubic symphysis 

Ischial spine 

Coccyx 





Female pelvis (posterior inferior aspect). Note the differences between the female 
and male pelvis, especially with respect to the inferior aperture, the shape of the sacrum, 
the two sciatic notches and the pubic arch. 





Male pelvis (posterior inferior aspect). Compare with the female pelvis (depicted above). 


1 Iliac crest 10 Coccyx 

2 Sacral canal 11 Superior articular process of sacrum 
3 Posterior gluteal line 12 Gluteal surface of ilium 

4 Posterior superior iliac spine 13. Median sacral crest 

5 Position of sacroiliac joint 14. Greater sciatic notch 

6 Dorsal sacral foramina 15 Position of acetabulum 

7 Sacral hiatus 16 Ischial spine 

8 Obturator foramen 17 Lesser sciatic notch 


9 Ramus of ischium 18 Ischial tuberosity 





Bones of right hip joint (posterior aspect). 
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Iliac crest 

Lateral part of sacrum (ala) 
Position of sacroiliac joint 
Anterior superior iliac spine 
Linea terminalis 

Hiopubic eminence 

Bony margin of acetabulum 
Head of femur 

Greater trochanter 

Neck of femur 
Intertrochanteric line 

Shaft of femur 

5th lumbar vertebra 
Imitation intervertebral disc between 5th lumbar 
vertebra and sacrum 

Sacral promontory 
Anterior sacral foramina 
Pubic tubercle 

Obturator foramen 

Ramus of ischium 

Lesser trochanter 

Dorsal sacral foramina 
Greater sciatic notch 

Ischial spine 

Pubic symphysis 

Pubis 

Ischial tuberosity 
Intertrochanteric crest 
Symphysial surface 


Diameters of the pelvis 
True conjugate (11—11.5 cm) (Conjugata vera) 
Diagonal conjugate (12.5—13 cm) 


Largest diameter of pelvis 
Inferior pelvic aperture 
Pelvic inclination (60°) 


C Mbt 


Inclination and diameters of the female pelvis, 
right half (medial aspect). 
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Here is a good idea and well worth trying, to maximise the use of sound 


output from your crystal set why not use dual crystal earphones? Having an DIODE SYMBOL 
earphone in each ear helps to block out extraneous noises helping the 
listener to better concentrate on any weaker stations received. ANODE CATHODE 


Using the circuit below, one earphone makes use of one half cycle of the 
radio wave while the second earphone uses the other half cycle of the wave 
that would have previously gone to waste when using just one diode. Ensure 
that the diodes are connected up according to the diagram i.e. one diode is 
connected the opposite way round to the other. A Cc 
Also try to make sure that the diodes and crystal earphones are similar to ACTUAL DIODE 

obtain the best results. (You could simply connect two crystal earphones to 

the same terminals of the single diode, but this would not be as efficient and 

the sounds would be much quieter.) 


BETTER RESULTS WITH TWO CRYSTAL EARPHONES 


Diode 1 
0AS91 


Diode 2 
0A91 
Ensure that the Diodes 
are connected as shown 
i.e. one is the 
opposite way around 
to the other 





A note about Crystal Earphones: It will be worthwhile buying several different ones from different sources as 
performance varies between manufacturers quite markedly. | have found the ones marked ‘Japan’ on the back are the 
most sensitive and therefore loudest, whereas ones marked ‘Receiver’ 'Taiwan' are often a little less sensitive and 
therefore quieter and sometimes more 'tinny' sounding. 


As mentioned previously it has been noted that the OA47 diode will be of particular interest since it has the lowest 
forward bias voltage of any of the common diodes available. This will make the crystal set somewhat more sensitive and 
therefore louder. The US equivalent of the British OA47 is the IN34. 








SPIDERS WEB 





Here is an interesting concept sent in by Chris Dorna of the Vught North Scouts in the Netherlands. It is a crystal set 
made out of a coil wound in the form of a spiders web: 


See more HERE. 
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Right femur (anterior aspect). Right femur (medial aspect). Right femur (posterior aspect). 


Greater trochanter 8 Fovea of head 5 Lateral condyle 
Intertrochanteric line Neck Medial condyle 

Nutrient foramina Lesser trochanter 7 Intertrochanteric crest 
Shaft of femur (diaphysis) Medial epicondyle 8 Third trochanter 

Lateral epicondyle Pectineal line Medial lip of linea aspera 


Patellar surface 3 Linea aspera Lateral lip of linea aspera 





Head Popliteal surface Intercondylar fossa 


Bones of leg, right tibia and fibula 
(anterior aspect). 





Bones of leg, right tibia and fibula 
(posterior aspect). 





| 
2 
3 
4 


Lateral condyle of tibia 
Position of tibiofibular joint 
Head of fibula 

Interosseous border of tibia 
Shaft of fibula 

Interosseous border of fibula 
Lateral surface of fibula 
Position of tibiofibular joint 
Lateral malleolus 

Medial condyle of tibia 
Tuberosity of tibia 

Shaft of tibia (diaphysis) 
Anterior margin of tibia 
Medial malleolus 

Inferior articular surface 

of tibia 

Intercondylar eminence 
Soleal line 

Medial border of tibia 
Posterior surface of tibia 
Malleolar sulcus of tibia 
Malleolar articular surface 
of fibula 

Apex of head of fibula 
Posterior surface of fibula 
Posterior border of fibula 
Medial intercondylar tubercle 
Posterior intercondylar area 
Anterior intercondylar area 


Lateral intercondylar tubercle 


Upper end of right tibia with fibula (from 


above), anterior margin of tibia above. 


Superior articular surface of tibia. 





Bones of right knee joint 
(anterior aspect). 


Right patella (anterior aspect). 


1 
2 
3 
4 
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Femur 

Patellar surface of femur 
Lateral epicondyle of femur 
Intercondylar eminence of tibia 
Lateral condyle of tibia 
Position of tibiofibular joint 
Head of fibula 


Tuberosity of tibia 


Fibula 








Bones of right knee joint Bones of right knee joint 


(posterior aspect). 





(lateral aspect), 





Right patella (posterior aspect). 


Shaft of tibia 

Popliteal surface of femur 
Intercondylar fossa of femur 
Lateral condyle of femur 
Patella 

Base of patella 

Anterior surface of patella 
Apex of patella 

Articular surface of patella 





Bones of right foot (dorsal aspect). Bones of right foot (plantar aspect). 





Bones of right foot together with tibia 9 
and fibula (posterior aspect). 10 


luberosity of distal phalanx of great toe 
Distal phalanx of great toe 

Proximal phalanx of great toe 

Head of first metatarsal bone 

First metatarsal bone 

Base of first metatarsal bone 

Medial cuneiform bone 

Intermediate cuneiform bone 

Position of cuneonavicular joint 
Navicular bone 
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27 26 25 424 23 22 


Bones of right foot, tibia and fibula (lateral aspect). 


2 3 


Bones of right foot, tibia and fibula (medial aspect). 


Position of talocalcaneonavicular joint 
Head of talus 

Neck of talus 

Trochlea of talus 

Posterior talar process 

Distal phalanges 

Middle phalanges 

Position of interphalangeal joints 
Proximal phalanges 

Position of metatarsophalangeal joints 


21 20 19 


Metatarsal bones 

Position of tarsometatarsal joints 
Lateral cuneiform bone 
Tuberosity of Sth metatarsal bone 
Cuboid bone 

Position of calecaneocuboid joint 
Calcaneus 

Tarsal sinus 

Lateral malleolar surface of talus 


Peroneal trochlea of calcaneus 


17 16 





Groove for tendon of peroneus longus 
Calcaneal tuberosity 

Sustentaculum tali 

Tibia 

Medial malleolus 

Fibula 

Position of tibiofibular syndesmosis 
Position of talocrural joint 

Lateral malleolus 

Position of subtalar joint 


1 Hiolumbar ligament 

2 Iliac crest 

3 Fifth lumbar vertebra 

4 Sacral promontory 

5 Anterior superior iliac spine 

6 Inguinal ligament 

7 Sacrospinous ligament 

8 Greater trochanter 

9 Miofemoral ligament (vertical band) 

10 Lesser trochanter 

11 Forth lumbar vertebra 

12 Liolumbar and ventral sacroiliac 
ligaments 


Ligaments of pelvis and hip joint (left anterior aspect). 


20 
21 
22 
23 


24 


Sacrum 

Iliopectineal arch 
lliofemoral ligament (horizontal band) 
Obturator canal 
Obturator membrane 
Greater sciatic foramen 
Sacrospinous ligament 
Sacrotuberous ligament 
Lesser sciatic foramen 
Ischial tuberosity 
Ischiofemoral ligament 
Intertrochanteric crest 





25 
26 
27 
28 


29 
30 
31 
32 
33 
34 
35 
36 


Ligaments of pelvis and 
hip joint (anterior 
aspect). 


Femur 

Articular capsule of hip joint 
Dorsal sacroiliac ligaments 
Coccyx with superficial dorsal 
sacrococcygeal ligament 
Head of femur 

Articular cartilage of head of femur 
Articular cavity of hip joint 
Acetabular lip 

Spongy bone 

Ligament of head of femur 
Pubofemoral ligament 

Zona orbicularis 





Coronal section of right hip joint (anterior view). 


Femur 

Lesser trochanter 

Neck of femur 

Head of femur 

Fovea of head with remnants of 
ligament of head 

6 Lunate surface of acetabulum 
7 Acetabular lip 

8 Acetabular fossa 

9 Transverse acetabular ligament 
10 Inguinal ligament 

11 Iliopectineal arch 

12 Pubic symphysis 

13 Pubic bone 

14 Obturator canal 
15 Ligament of head of femur 
16 Obturator membrane 
17 Ischium 
18 Anterior longitudinal ligament 

(level of fifth lumbar vertebra) 

19 Sacral promontory 
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1 2 3 + § 67 8 9 20 Iliolumbar ligament 
Right hip joint, opened (lateral anterior aspect). The ligament of the head of the femur 21 Mliac crest ee 
has been divided and the femur has been posteriorly reflected. 22 Anterior superior iliac spine 
23 Iliofemoral ligament (horizontal 


re ; band) 

24 Iliofemoral ligament (vertical 
band) 

25. Greater trochanter 


















26 Pubofemoral ligament 

27 ‘Anterior inferior iliac spine 
28 Ventral sacroiliac ligaments 
29 Sacrospinous ligament 

30 Sacrotuberous ligament 

31 Intertrochanteric line 

32 Ischiofemoral ligament 

33. Zona orbicularis 


Ligaments of the pelvis and hip joint 
(antero-lateral aspect). 


Ligaments of hip joint (anterior aspect). (Schematic Ligaments of hip joints (posterior aspect). 
drawing.) (Schematic drawing.) 

















Right knee joint (opened) with ligaments (anterior aspect). Right knee joint with ligaments (posterior aspect). The joint 
The patella and articular capsule have been removed and is extended and the articular capsule has been removed. 


the femur slightly flexed. 
Femur 


Articular capsule with suprapatellar 
bursa 
Patellar surface 
Lateral condyle of femur 
Lateral meniscus of knee joint 
Fibular collateral ligament 
Lateral condyle of tibia (superior 
articular surface) 
Fibula 
Medial condyle of femur 
Tibial collateral ligament 
Anterior cruciate ligament 
Medial meniscus of knee joint 
Transverse ligament of knee 
Patellar ligament 
Common tendon of sartorius, 
semitendinosus and gracilis muscles 
Tibia 
Posterior cruciate ligament 
Medial condyle of tibia 
(superior articular surface ) 
Posterior meniscofemoral ligament 
Head of fibula 
Tendon of semimembranosus muscle 
Posterior attachment of articular 

Articular surface of right tibia, menisci, and cruciate ligaments capsule of knee joint 

(superior aspect). Anterior margin of tibia above. 23 Lateral epicondyle of femur 





1 Iliotibial tract 

2 Articular muscle of knee 

3 Patellar surface 

4 Lateral condyle of femur 

5 Articular capsule 

6 Infrapatellar fat pad 

7 Patella (articular surface) 

8 Suprapatellar bursa 

9 Quadriceps muscle of thigh (divided) 
10 Anterior cruciate ligament 
11 Medial condyle of femur 
12 Fibular collateral ligament 
13 Posterior cruciate ligament 
14 Medial epicondyle of femur 
15 Intercondylar fossa of femur 
16 Tibial collateral ligament 

17 Medial meniscus of knee joint 
18 Medial intercondylar tubercle 
19 Femur 
20 Lateral epicondyle of femur 
21 Lateral meniscus of knee joint 
22 Epiphyseal line of tibia 
23 Tibia 





Right knee joint, opened (anterior aspect). Patellar ligament with 
patella reflected. 





Right knee joint. Frontal section through the central part of the 
joint (posterior aspect, MR-Scan). (See also p. 10.) 


| Femur 
2 Quadriceps femoris muscle 
3 Suprapatellar bursa and articular cavity 
4 Patella 
5 Patellar surface (articular cartilage) 
6 Infrapatellar fat pad 
7 Patellar ligament 
8 Tibia 
9 Tibial nerve 
10 Adductor magnus muscle 
11 Popliteal vein 
12 Semitendinosus muscle 
13. Semimembranosus muscle 
14 Popliteal artery 
15 Gastrocnemius muscle 
16 Anterior cruciate ligament 
17 Posterior cruciate ligament 
18 Popliteus muscle 
19 Soleus muscle 
20 Deep flexor muscles of leg 


21 Calcaneal tendon 


22 Epiphyseal line of tibia 
23 Calcaneus 

24 Talocrural joint 

25 Talus 

26 Lateral meniscus 

27 Epiphysial line 





Sagittal section through the knee joint. Anterior surface to the left. 





Talocrural joint. Sagittal section; anterior part to the left. (MR- Left knee joint. Anterior cruciate ligament 
Scan.) (lateral aspect). 
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Chris Dorna's Crystal Set with Spider Web Coil 


Detail of the germanium diode _ 


Close up of Chris Dorna's Spider Coil 





A crystal set can also be made that does not need a large long wire aerial. If you have ever made a loop aerial for 


medium wave or long wave DX-ing, then it is a simple matter to add a diode, resistor and a socket to connect a crystal 
earphone that will allow reception of nearby stations. 


See my section on Loop Aerials and ATU's for more constructional details. 
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Ligaments of talocrural joint, right leg 
(posterior aspect). 





Right knee joint and tibiofibular joint with ligaments. 
Note the position of the lateral meniscus. 


Deep ligaments of the foot, right foot (plantar 
aspect). The toes have been removed. 


Quadriceps femoris muscle 

Femur 

Patellar surface 

Lateral epicondyle of femur 

Fibular collateral ligament 

Head of fibula 

Fibula 

Patella 

Articular cavity of knee joint 
Infrapatellar fat pad 

Patellar ligament 

Lateral meniscus of knee joint 
Lateral condyle of tibia (superior articular facet) 
Tibiofibular joint 

Tibia 

Trochlea of talus (superior surface) 
Deltoid ligament of ankle (posterior tibiotalar part) 
Talus 

Sustentaculum tali 

Navicular bone 

Ist metatarsal bone 

Posterior tibiofibular ligament 
Lateral malleolus 

Posterior talofibular ligament 
Calcaneofibular ligament 

Calcaneal tuberosity 

Plantar tarsometatarsal ligaments 
Long plantar ligament 

Plantar cuneonavicular ligaments 





Ligaments of right foot (lateral aspect). 


33 


34 


35 
31 


30 
32 
10 


13 





Ligaments of right foot (medial aspect). 


18 Head of talus and talocalcaneonavicular joint 


| Fibula 19 Navicular bone 

2 Tibia 20 Dorsal cuneonavicular ligaments 

3 Trochlea of talus and talocrural joint 21 Heads of metatarsal bones 

4 Anterior tibiofibular ligament 22 Medial or deltoid ligament of ankle (tibionavicular part) 
5S Anterior talofibular ligament 23 Medial or deltoid ligament of ankle (tibiocalcaneal part) 
6 Lateral malleolus 24 Dorsal cuneonavicular ligaments 

7 Calcaneofibular ligament 25 Navicular bone 

8 Lateral talocalcaneal ligament 26 Plantar cuneonavicular ligament 

9 Subtalar joint 27 ‘Ist metatarsal bone 
10 Tuber calcanei 28 Head of Ist metatarsal bone 
11 Interosseous talocalcaneal ligament 29 Plantar tarsometatarsal ligaments 
12 Bifurcate ligament 30 Plantar calcaneonavicular ligament 
13. Long plantar ligament 31 Sustentaculum tali 
14 Calcaneocuboid joint 32 Calcaneus 
15 Tuberosity of 5th metatarsal bone 33 Medial malleolus 
16 Dorsal tarsometatarsal ligaments 34 Medial or deltoid ligament of ankle (posterior part) 
17 Metatarsal bones 35 Talus 
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Longitudinal section through the foot at the level of first phalanx. 
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Sagittal section through the foot 
(MR-Scan after A. Heuck, G. Luttke and J. W. Rohen, 1994). 


Tibia 

Deep flexor muscles 

Superficial flexor muscles 
Talocrural joint 

Interosseous talocalcaneal ligament 
Subtalar joint 

Calcaneal or Achilles tendon and bursa 
Calcaneus 

Vessels and nerves of foot 

Talus 

Talocalcaneonavicular joint 
Navicular bone 
Cuneonavicular joint 

Intermediate cuneiform bone 
Tarsometatarsal joints 

Metatasal bones 


Metatarsophalangeal and interphalangeal 
joints 

Quadratus plantae muscle with flexor 
tendons 

Flexor digitorum brevis musice 

Plantar aponeurosis 

Articular capsules of interphalangeal 
joints 

Articular capsules of 
metatarsophalangeal joints 

Articular surface of navicular bone 
Plantar calcaneonavicular ligament 
Middle talar articular surface of calcaneus 
Navicular articular surface of talus 
Anterior and middle calcaneal surfaces 
of talus 
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Talocalcaneonavicular joint. 
The talus has been rotated to show the 
articular surfaces of the joint. 


28 Posterior calcaneal surface of talus 
29 Dorsal tarsometatarsal ligaments 
30 Talonavicular ligament 
31 Bifurcate ligament 
32 Anterior talar articular surface 

of calcaneus 
33 Posterior talar articular surface 

of calcaneus 
34 Axis for inversion and eversion 
35 Tendon of tibialis posterior muscle 
36 Tendon of flexor hallucis longus muscle 
37 Flexor hallucis brevis muscle 
38 Sesamoid bone 
39 Cuboid bone 


Extensor and adductor muscles of 
thigh, right thigh (anterior aspect). 
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Anterior superior iliac spine 
Inguinal ligament 

Iliopsoas muscle 

Femoral artery 

Tensor fasciae latae muscle 
Sartorius muscle 

Rectus femoris muscle 
Tliotibial tract 

Vastus lateralis muscle 
Patella 

Patellar ligament 
Aponeurosis of external abdominal oblique muscle 
Spermatic cord 

Femoral vein 


Quadriceps muscle and superficial 
layer of adductor muscles, right thigh 
(anterior aspect). The sartorius muscle 
has been divided. 


15 
16 
17 
18 
19 


20 
21 
22 
23 
24 
25 
26 
27 





Course of extensor muscles 
of thigh and muscles inserting with 
common tendon on tibia. 


Pectineus muscle 

Adductor longus muscle 

Gracilis muscle 

Vastus medialis muscle 

Common tendon of sartorius, gracilis, and semitendinosus muscles 
(pes anserinus) 

Adductor brevis muscle 

Femoral artery 
Femoral vein 
Saphenous nerve 
Fascia of adductor canal 
Vastus intermedius muscle 
Articularis genus muscle 
Semitendinosus muscle 


entering the 
adductor canal 


Deep layer of adductor muscles. 


Adductor magnus muscle (anterior 
aspect). Pectineus, adductor longus and 
brevis muscles have been divided. 


Anterior superior iliac spine 
Inguinal ligament 

Iliopsoas muscle 

Sartorius muscle 

Obturator externus muscle 
Tensor fasciae latae muscle 
Rectus femoris muscle 
Iliotibial tract 


Vastus lateralis muscle 
Vastus medialis muscle 
Pectineus muscle (divided) 
Adductor minimus muscle 
Adductor brevis muscle (cut) 
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Adductor longus muscle (divided) 
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16 
17 
18 
19 
20 
21 
22 
23 
24 
25 
26 
27 


Course of adductor muscles. 
(Schematic drawing.) 

22 
Pectineus muscle (blue) 
Adductor minimus muscle (red) 
Adductor brevis muscle (blue) 
Adductor longus muscle (blue) 
Adductor magnus muscle (red) 
Gracilis muscle (blue) 
Iliopsoas muscle (red/blue) 


Adductor magnus 

Gracilis muscle 

Adductor hiatus 
Vastoadductor membrane 
Diaphragm 

Quadratus lumborum muscle 
lliacus muscle 

Vastus intermedius muscle 
Aorta in aortic hiatus 
Twelfth rib 

Psoas minor muscle 

Psoas major muscle 
lliopectineal arch 





aod #4 


Iliopsoas and adductor muscles; deepest layer 
(anterior aspect). Pectineus, adductor longus and 
brevis, rectus femoris muscles have been divided. 





Course of gluteal muscles 
(posterior aspect; schematic drawing). 


dq 

Course of gluteal muscles (deeper layer) and of 

ischiocrural muscles (posterior aspect). 

Sartorius muscle is indicated by dotted line (schematic drawing). 





Thoracolumbar fascia 

Spinous processes of lumbar vertebrae 
Coccyx 

Anus 

Adductor magnus muscle 
Semitendinosus muscle 

Iliac crest 

Gluteus medius muscle 

Greater trochanter 

Gluteus maximus muscle 
lliotibial tract 

Piriformis muscle 

Superior gemellus muscle 
Obturator internus muscle 

Inferior gemellus muscle 

Ischial tuberosity 

Biceps femoris muscle 

Tensor fasciae latae muscle 

“19 Quadratus femoris muscle 

Gluteus minimus muscle 

Sartorius muscle 

Semimembranosus muscle 

Tendon of gracilis muscle 

24 Tibial nerve 

25 Medial head of gastrocnemius muscle 
26 Common peroneal nerve 

27 Tendon of biceps femoris muscle 

28 Lateral head of gastrocnemius muscle 
29 Rectus femoris muscle 

30 Vastus medialis muscle 

1 Vastus intermedius muscle 

32 Vastus lateralis muscle 

3 Sciatic nerve 

34 Gluteus maximus muscle (insertion) 
35 Great saphenous vein 

36 Femoral artery 

37 Femoral vein 

38 Adductor longus muscle 

39 Femur 

40 Gracilis muscle 

41 Septum between semitendinosus 
and semimembranosus muscles 
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Flexors of the right thigh, superficial layer (dorsal aspect). Cross section of right thigh (inferior aspect). 
Anterior side on top. 
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Dorsal muscles of right thigh (posterior aspect). 
The gluteus maximus muscle has been cut and reflected. 


Gluteus maximus muscle (divided) 
Position of coccyx 

Piriformis muscle 

Superior gemellus muscle 
Obturator internus muscle 
Inferior gemellus muscle 

Ischial tuberosity 

Quadratus femoris muscle 


9 
10 
11 
12 
13 
14 
15 
16 


Semitendinosus muscle with intermediate tendon 
Semimembranosus muscle 

Medial head of gastrocnemius muscle 

Gluteus medius muscle 

Adductor minimus muscle 

Adductor magnus muscle 

Long head of biceps femoris muscle 

Iliotibial tract 


17 
18 
19 
20 
21 
22 


Dorsal muscles of right thigh (posterior aspect). 
The gluteus maximus muscle and the long head of biceps 
femoris muscle have been divided and displaced. 


Short head of biceps femoris muscle 
Popliteal surface of femur 

Plantaris muscle 

Tendon of biceps femoris muscle 
Lateral head of gastrocnemius muscle 
Membranous part of 
semimembranosus muscle 
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Flexor muscles of right leg 
(posterior aspect). 


Flexor muscles of right leg (posterior 
aspect). Both heads of the gastrocnemius 
muscle have been cut and reflected. 








Flexor muscles of the leg 
(right side). 


1 Semitendinosus muscle 9 Calcaneal tuberosity 18 Popliteal fossa 
2 Semimembranosus muscle 10 Tibial nerve 19 Tibial nerve and posterior tibial artery 
3 Sartorius muscle 11 Biceps femoris muscle 20 Popliteus muscle 
4 Tendon of gracilis muscle 12 Plantaris muscle 21 Tendinous arch of soleus muscle 
5 Medial head of gastrocnemius muscle 13. Common peroneal nerve 22 Femur 
6 Common tendon of gracilis, 14 Lateral head of gastrocnemius muscle 23 Fibula 
sartorius, and semitendinosus muscles 15 Soleus muscle 24 Tibia 
7 Calcaneal or Achilles tendon 16 Peroneus longus and brevis muscles 
8 Medial malleolus 17 Lateral malleolus 





Popliteal region with plantaris and soleus, 
right side (dorsal aspect). Notice the insertion of 
the tendon of semimembranosus. 


Muscles of right leg and foot (medial aspect). 


Vastus medialis muscle 16 Medial head of gastrocnemius muscle 
Patella 17 Soleus muscle 

Patellar ligament 18 Calcaneal or Achilles tendon 

Tibial tuberosity 19 Calcaneus muscle 

Tibia 20 Tendon of flexor hallucis longus muscle 
Tendons of deep flexor muscles (from anterior to posterior: 21 Quadriceps femoris muscle (divided) 

1. tibialis posterior; 2. flexor digitorum longus; 3. flexor hallucis 22 Tendon of adductor magnus muscle (divided) 
longus muscles) 23 Medial condyle of femur 

Flexor retinaculum 24 Popliteal artery and vein, tibial nerve 
Tendon of tibialis anterior muscle 25 Tibia 

Tendon of extensor hallucis longus muscle 26 Femur 

Abductor hallucis muscle 27 Lateral epicondyle of femur 
Semimembranosus muscle 28 Oblique popliteal ligament 

Sartorius muscle 29 Lateral (fibular) collateral ligament 
Tendon gracilis muscle 30 Plantaris muscle 

Tendon of semitendinosus muscle 31 Tendon of biceps femoris muscle (divided) 
Common tendon of gracilis, semitendinosus and sartorius 32 Tendinous arch of soleus muscle 


muscles 
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LOOP CRYSTAL SET 


Diode 


Crystal 
Ear— 
phone 





Tuning ange 


switch 


The circuit diagram of the Loop Crystal Set. The loop is 10 turns of 7/0.2mm 
‘hook-up’ wire wound on a 40cm (17") former made of attractive plastic edging 
strip available from many DIY stores. The loop is very directional in its pick up 
i pattern, which can help eliminate interference from some stations by rotating the 
A portable loop aerial, that loop. The switch and additional capacitor allow tuning of the lower medium wave 
incorporates a crystal set band from about 650 to 520 kHz. Having a loop with 50 to 60 turns of wire will 
tune into the Long Wave band. 





DIODES - For Crystal Set Use - some notes by Felix Scerri 


Germanium diodes for crystal set use. 


Although I'm a fan of these new silicon schottky BAT 46 diodes, good germanium diodes still have a lot to offer, 
especially in terms of 'weak signal’ sensitivity. Last night | did an experiment. 


| sorted through quite a few of my hundreds of acquired random germanium diodes looking for particularly ‘sensitive’ 
ones. | tested this by tuning in a weak AM station and comparing the detected DC output level and also the apparent 
‘loudness' of the audio signal. 


Even amongst germanium diodes of the same type, there was enormous variation all the way from excellent to poor! For 
very weak signals, germanium diodes ‘detect' in the 'square law' region below the diode conduction ‘knee’, in a rather 
different part of the curve than with much stronger signals (way beyond the diode knee). 


When testing germanium diodes for weak signal sensitivity, the inherent capacitance of the diodes is also a factor, and 
the ‘tuning’ may change somewhat and will need to be readjusted with every diode tested! 


In the end, out of a large number of germanium diodes tested, | found three or four germanium diodes with excellent 
weak signal sensitivity and the rest were poor. One other interesting thing, good germanium diodes 'sound' different, 
rather more 'rounded and smoother’ than the schottky's which tend to sound mercilessly clean, almost clinical. | also 
found almost no variation in weak signal sensitivity with my BAT 46 schottky diodes. Take your pick! 


Regards, Felix Scerri VK4FUQ 14/03/2012 





For a novice the use of a soldering iron may seem a bit daunting at first and while the most reliable results will 
be obtained with a good soldered joint using a tag strip as shown below, the circuits can still be made without 
the use of a soldering iron. 





5 WAY TAG STRIP 36 WAY TAG STRIP - TWO ROWS 
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Muscles of right leg and foot (lateral aspect). 
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Right foot with synovial sheaths of 
extensor muscles (dorsal aspect). 
The synovial sheaths have been 
injected with blue solution. 


Common peroneal nerve 

Head of fibula 

Lateral head of gastrocnemius muscle 
Soleus muscle 

Peroneus longus muscle 

Peroneus brevis muscle 

Calcaneal or Achilles tendon 

Lateral malleolus muscle 

Tendon of peroneus longus muscle 
Extensor digitorum brevis muscle 
Tendon of peroneus brevis muscle 
Patella 

Patellar ligament 

Tuberosity of tibia 

Tibialis anterior muscle 

Extensor digitorum longus muscle 
Superior extensor retinaculum 
Inferior extensor retinaculum 
Tendon of extensor hallucis longus muscle 
Tendons of extensor digitorum longus muscle 
Common synovial sheath of extensor 
digitorum longus muscle 

Tendon of neroneus tertius muscle 

to the lateral margin of foot 

Tendons of extensor digitorum brevis muscle 
Medial malleolus 

Synovial sheath of tendon of tibialis 
anterior muscle 

Tendon of tibialis anterior muscle 
Synovial sheath of tendon of extensor 
hallucis longus muscle 


1 Medial condyle of femur 
2 Popliteus muscle 
3 Flexor digitorum longus muscle 
4 Crosssing of tendons in leg 
5 Tendon of tibialis posterior muscle 
6 Tendon of flexor digitorum longus muscle 
7 Medial malleolus 
8 Lateral condyle of femur 
9 Head of fibula 
10 Tibialis posterior muscle 
11 Flexor hallucis longus muscle 
12 Peroneus longus muscle 
13. Peroneus brevis muscle 
14 Tendon of flexor hallucis longus muscle 
15 Calcaneal tendon (divided) 
16 Lateral malleolus 


Popliteus muscle (blue) 

Flexor digitorum longus muscle (blue) 
Tibialis posterior muscle (red) 
Crossing of tendons in leg 

Flexor hallucis longus muscle (blue) 
Crossing of tendons in sole 
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Deep flexor muscles of right leg Course of deep flexor muscle of leg. (Schematic drawing.) 
(posterior aspect). 


Medial condyle of femur 

Tibia 

Flexor digitorum longus muscle 

Crossing of tendons in leg 

Tendon of tibialis posterior muscle 
Abductor hallucis muscle 

Tendon of flexor hallucis longus muscle 
Lateral condyle of femur 

Head of fibula 

Tibialis posterior muscle 

Tendon of flexor digitorum longus muscle 
Flexor retinaculum 

Calcaneal tendon 

Calcaneal tuberosity 

Crossing of tendons in sole 

Quadratus plantae muscle 

Tendons of flexor digitorum longus muscle 
Tendon of tibialis anterior muscle 

Area of insertion of tibialis posterior muscle 
Lumbrical muscles 

Flexor hallucis longus muscle 

























Deep flexor muscles of right leg and foot (posterior Sole of foot; tendons of long flexor muscles (oblique medial and inferior 
oblique medial aspect). Felxor digitorum brevis aspect). 
and flexor hallucis longus muscles have been removed. 
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Extensor muscles of right leg and foot 
(oblique anterolateral aspect). 


Patella 

Patellar ligament 

Anterior margin of tibia 

Tibialis anterior muscle 

Extensor digitorum longus muscle 
Superior extensor retinaculum 
Inferior extensor retinaculum 


So—_ 


Extensors of the right leg and foot 
(anterior aspect). Part of the tibialis anterior muscle 
has been removed. 


Tendon of peroneus tertius muscle Tendon of tibialis anterior muscle 
Extensor digitorum brevis muscle Extensor hallucis brevis muscle 
Tendons of extensor digitorum 6 Tendon of extensor hallucis 

longus muscle longus muscle 

Soleus Common tendon of gracilis, 
Extensor hallucis longus muscle semitendinosus and sartoris muscles 
Medial malleolus Tibia 
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Extensor muscles of the leg 
(right side). 





Sole of foot, first layer of muscles (from below). 
The plantar aponeurosis and the fasciae of the 


superficial muscles have been removed. 


Longitudinal bands of plantar aponeurosis 
Plantar aponeurosis 

Position of tuberosity of Sth metatarsal bone 
Muscles of 5th toe with fascia 

Calcaneal tuberosity ‘ 
Muscles of great toe with fascia 

Tendons of flexor digitorum longus muscle 
Tendons of flexor digitorum brevis muscle 
Lumbrical muscle 

Flexor digiti minimi brevis muscle 

Flexor digitorum brevis muscle 


12 
13 
14 
15 
16 
17 
18 
19 
20 
21 
22 


Tendon of peroneus longus muscle 
Abductor digiti minimi muscle 
Tendon of flexor hallucis longus muscle 
Flexor hallucis brevis muscle 
Abductor hallucis muscle 

Plantar aponeurosis (cut) 
Peroneus longus muscle 

Peroneus brevis muscle 

Tibialis anterior muscle 

Extensor hallucis longus muscle 
Extensor digitorum longus muscle 
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Sole of foot, plantar aponeu- 
rosis (from below). 





Course of abductor and adductor 
muscles of foot. (Schematic 
drawing.) 

Red arrows = abduction. 

Black arrows = adduction. 


Plantar interossei muscles (black) 
Abductor digiti minimi muscles (red) 
Dorsal interossei muscle (red) 
Transverse head of adductor 

muscle (black) 

Oblique head of adductor 

muscle (black) 

Abductor hallucis muscle (red) 


Muscles of sole of foot, second layer (from below). 
The flexor digitorum brevis muscle has been divided. 
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Tendons of flexor digitorum brevis 
muscle 

Tendons of flexor digitorum longus 
muscle 

Lumbrical muscles 

Interossei muscles 

Flexor digiti minimi brevis muscle 





Muscles of sole of foot, second layer (from below). 
The tendons of the flexor muscles and the crossing 
of tendons are displayed. The flexor digitorum brevis 
muscle has been divided and reflected. 


Abductor digiti minimi muscle 13 Tuberosity of Sth metatarsal bone 
Quadratus plantae muscle 14 Tendon of peroneus longus muscle 
Calcaneal tuberosity 15 Transverse head of adductor hallucis 
Tendon of flexor hallucis longus muscle muscle 

Flexor hallucis brevis muscle 16 Crossing of tendons in sole of foot 
Abductor hallucis muscle 17 Medial malleolus 

Flexor digitorum brevis muscle (divided) 18 Plantar aponeurosis (divided) 


Muscles of sole of foot, third layer (from below). The flexor 
digitorum brevis muscle has been removed, and the quadratus 
plantae muscle and the abductor hallucis and digiti minimi 
muscles have been divided. 
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Tendons of flexor digitorum brevis 
muscle 

Transverse head of adductor hallucis 
muscle 

Abductor digiti minimi muscle 
Interosseous muscles 

Flexor digiti minimi brevis muscle 
Opponens digiti minimi muscle 
Tendon of peroneus longus muscle 





Muscles of sole of foot, fourth layer (from 
below). The interosseous muscles and the canal 
for the tendon of peroneus longus muscle are 


shown. 
Quadratus plantae muscle with tendon 15 Tendon of tibialis posterior muscle 
of flexor digitorum longus muscle 16 Dorsal interossei muscles 
Calcaneal tuberosity 17 Plantar interossei muscles 
Tendons of flexor hallucis longus muscle 18 Tuberosity of 5th metatarsal bone 
(divided) 19 Tendon of flexor digitorum longus muscle 
Tendon of flexor digitorum longus muscle (crossing of plantar tendons) 
Flexor hallucis brevis muscle 20 Long plantar ligament 


Oblique head of adductor hallucis muscle 
Abductor hallucis muscle (cut) 





Main arteries and nerves of right thigh (anterior 

aspect). Sartorius muscle has been divided and reflected. 
The femoral vein has been partly removed to show the 
deep femoral artery. Notice: the vessels enter the adductor 
canal to reach the popliteal fossa. 








Main arteries of lower extremity, right side (ventral aspect). 
(Schematic drawing.) 


| Femoral artery 

2 Profunda femoris artery 

3 Ascending branch of lateral circumflex 
femoral artery 

4 Descending branch of lateral circumflex 
femoral artery 

5 Lateral superior genicular artery 

6 Popliteal artery 

Lateral inferior genicular artery 

8 Anterior tibial artery 

9 Peroneal artery 

10 Lateral plantar artery 

11 Arcuate artery with dorsal metatarsal arteries 

2 Plantar arch with plantar metatarsal arteries 

13. Medial circumflex femoral artery 

14 Profunda femoris artery with perforating 
arteries 

15 Descending genicular artery 

16 Medial superior genicular artery 

7 Middle genicular artery 

18 Medial inferior genicular artery 

19 Posterior tibial artery 

20 Dorsalis pedis artery 

21 Medial plantar artery 

22 Superficial and deep circumflex iliac arteries 

23 Femoral nerve 

24 Lateral circumflex femoral artery 

25 Sartorius muscle (cut and reflected) 

26 Rectus femoris muscle 

27 Vastus medialis muscle 

28 Inguinal ligament 

29 Femoral vein (cut) 

30 External pudendal artery and vein 

31 Adductor longus muscle 

32 Great saphenous vein 

33 Obturator artery and nerve 

34 Gracilis muscle 

35 Saphenous nerve 

36 Tendinous wall of adductor canal 

37 Anterior cutaneous branch of femoral nerve 

38 Infrapatellar branch of saphenous nerve 

39 Popliteal vein 

40 Tibial nerve 

41 Medial head of gastrocnemius muscle 

42 Biceps femoris muscle 

43 Common peroneal nerve 

44 Lateral head of gastrocnemius muscle 

45 Plantaris muscle 

43 Soleus muscle 

47 Flexor hallucis longus muscle 

48 Spermatic cord 





Arteries of the right leg (posterior aspect). 


Main veins of lower limb, right side (anterior aspect). 
(Schematic drawing.) 


1 Superficial epigastric vein 

2 Superficial circumflex iliac vein 

3 Femoral vein 

4 Small saphenous vein 

5 External iliac vein 

6 External pudendal vein 

7 Great saphenous vein 

8 Dorsal venous arch 

9 Saphenous opening with femoral vein 
10 Venous anastomoses of small saphenous veil 

with great saphenous vein 

11 Patella 
12 Penis 
13. Medial malleolus 
14 Popliteal fossa 
15 Perforating veins 

16 Lateral malleolus 

17 Dorsal digital veins of foot 

18 Dorsal venous arch of foot 

19 Dorsal metatarsal veins of foot 
20 Anterior tibial artery and veins 
21 Tibia 
22 Posterior tibial artery and veins 
23 Fibula 
24 Peroneal artery and vein 
25 Deep layer of crural fascia 
Superficial layer of crural fascia 
Perforating veins I-III (of Cockett) 
Tibial nerve 
Arcuate vein 
Saphenous nerve 

Medial dorsal cutaneous nerve 
(branch of superficial peroneal nerve) 
32 Posterior tibial vein 
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Superficial veins of lower limb, right side 
(medial anterior aspect). The veins have 
been injected with red solution. 


> 
Medial malleolar region. Dissection of 
tibial nerve, posterior tibial vessels, and 
great saphenous vein (veins injected with 
blue resin). 
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The very simplest circuits could be wired together ,with a little ingenuity, with the component wires being held together in 
the grip of solderless crocodile clips, whereby the connecting hook-up wire is fixed to the croc’ clip by a screw rather 
than solder. 


For more the slightly more complex circuits a plastic Terminal Block (sometimes referred to as a choc' or chocolate 
block) can be utilised very effectively indeed. These are used in mains wiring and are available in various sizes; 2 Amp, 
5 Amp, 15 Amp and 30 Amp. The 5 and 15 Amp Terminal Blocks | have found to be the most suitable. The various 
component wires can be trapped securely with the screw at each junction point. This method also makes it easy to 
change the components around when experiment with different circuits. See The EXPERMENTAL CRYSTAL SET for 


more details in Part 5. 
‘CHOCOLATE’ TERMINAL BLOCK 


The Ladybird book called 'Making A Transistor Radio' (also shown on the TRF Radio pages) detailed a very novel 
approach using brass screws with screw-cups to trap the component wires at each junction point: 


| COLE 
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THE BRASS SCREW AND SCREW-CUP METHOD OF A VERY SIMPLE CRYSTAL SET USING THE BRASS SCREW AND CUP 
CONSTRUCTION METHOD 


Crystal Sets Part Part 3 > 


No AM radio stations or transmitters in your locality or country? 
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Superficial veins of leg (posterior 
aspect; injected with blue resin). 








Superficial veins of leg. The Veins of leg. The anastomoses between 
perforating veins of Cockett have superficial and deeper veins are 
been dissected. dissected. 


Anastomoses between superficial 
and deep veins of the leg (after 
Aigner). (Schematic drawing.) 
Arrows: directions of blood flow. [> 





J 
Superficial veins on dorsum of foot 
(injected with blue resin). 


Lumbosacral plexus in situ, right side (medial aspect). 
Pelvic organs with peritoneum and part of the levator ani muscle have been removed. 


Transversus abdominis muscle 
lliohypogastric nerve 
llioinguinal nerve 

Femoral nerve 

Lateral femoral cutaneous nerve 
Obturator nerve 

Obturator internus muscle 
Pubic bone (cut edge) 
Levator ani muscle (remnant) 
Dorsal nerve of penis 
Posterior scrotal nerves 
Adductor longus muscle 
Gracilis muscle 

Body of 4th lumbar vertebra 
Cauda equina 

Intervertebral disc 

Sacral promontory 
Sympathetic trunk 

Sacrum 

Lumbosacral trunk 


Sciatic plexus 


Cocce 

Sacrospinous ligament 
Pudendal nerve 
Inferior rectal nerves 
Perineal nerves 
Subcutaneous fat tissue 
of gluteal region 





Subcostal nerve 

Iliohypogastric nerve 

Ilioinguinal nerve 

Lateral femoral cutaneous nerve 
Genitofemoral nerve 

Pudendal nerve 

Femoral nerve 

Obturator nerve 

Sciatic nerve 

10 Lumbar plexus (L,-L,) 

11 Sacral plexus (L4—-S,) lumbosacral plexus 
12 “Pudendal” plexus (S2-S,) 

13 Inferior cluneal nerve 

14 Posterior femoral cutaneous nerve 
15 Common peroneal nerve 

16 Tibial nerve 

17 Lateral sural cutaneous nerve 

18 Medial and lateral plantar nerves 
19 Saphenous nerve 

20 Infrapatellar branch of saphenous nerve 
21 Deep peroneal nerve 

22 Superficial peroneal nerve 
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Nerves of lower limb, right side (lateral aspect). Main branches of lumbosacral plexus (ventral aspect). 
(Schematic drawing.) (Schematic drawing.) 


Spinal cord with intercostal nerves. Inferior thoracic region (anterior aspect). Anterior portion of thoracic 
vertebrae removed, dural sheath opened and spinal cord slightly reflected to the right to display the dorsal 
and ventral roots. 


Dura mater Eleventh rib Anterior root filaments 

Spinal cord Intercostal nerve Spinal (dorsal root) ganglion 
Costotransverse ligament Collateral branch of intercostal nerve Posterior root filaments 

Innermost intercostal muscle Intercostal nerve (entering the 3 Arachnoid mater and denticulate ligament 
Vertebral arches (cut surfaces) intermuscular interval) Anterior spinal artery 
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Co 
Organization of spinal cord segments 

in relation to the vertebral column 
(anterior aspect). C = cervical; 

D = thoracic; L = lumbar; S$ = sacral 
segments; Co = coccygeal bone. 





Spinal cord and lumbar plexus in situ (anterior aspect). 


1 Conus medullaris 4 Iliohypogastric nerve 7 Lateral femoral cutaneous nerve 


2 Filum terminale 5 Ilioinguinal nerve 8 Femoral nerve 
3 Subcostal nerve 6 Genitofemoral nerve 9 Obturator nerve 





Cutaneous nerves and veins of thigh (anterior aspect). Cutaneous nerves of lower limb (anterior aspect). 
(Schematic drawing.) 





Cutaneous nerves and veins of thigh (anterior aspect). 
The fascia lata and fasciae of the thigh muscles have been 
removed. 
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Inguinal ligament 

Superficial circumflex iliac vein 

Femoral branch of genitofemoral nerve 
Superficial inguinal lymph nodes 

Saphenous opening with femoral artery and vein 
Lateral femoral cutaneous nerve 

Great saphenous vein 

Anterior cutaneous branches of femoral nerve 
Patella 

Terminal branches of subcostal nerve 

Terminal branches of iliohypogastric nerve 
Superficial inguinal ring 

External pudendal vein 

Spermatic cord with genital branch of genitofemoral nerve 
Penis with superficial dorsal vein of penis 

Testis and its coverings 

Saphenous nerve 

Infrapatellar branch of saphenous nerve 

Lateral sural cutaneous nerves 

Intermediate dorsal cutaneous branch of superficial 
peroneal nerve 

Cutaneous branch of obturator nerve 

Superficial peroneal nerve 

Medial dorsal cutaneous branch of superficial peroneal 
nerve 

Deep peroneal nerve 

Femoral nerve 

Femoral artery 

Superficial epigastric vein 

Femoral vein 

Lateral dorsal cutaneous branch of sural nerve 
Inguinal nodes (enlarged) 

Lympathic vessels 

Sartorius muscle 


Inguinal nodes with lymphatic vessels (anterior 
aspect). 
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Anterior region of right thigh (anterior aspect). 
The fascia lata has been removed, and the sartorius muscle 
has been slightly reflected. 


Anterior superior iliac spine 
Inguinal ligament 

Deep circumflex iliac artery 
Iliopsoas muscle 

Tensor fasciae latae muscle 
Femoral nerve 

Lateral circumflex femoral artery 
Sartorius muscle 

Rectus femoris muscle 

lliotibial tract 

Vastus lateralis muscle 

Anterior sheath of rectus abdominis muscle 
Inferior epigastric artery 
Spermatic cord 

Femoral artery 
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Anterior region of right thigh (anterior aspect). 
The fascia lata has been removed, and the sartorius muscle 
has been divided. 


Pectineus muscle 

Femoral vein 

Great saphenous vein (divided) 

Adductor longus muscle 

Saphenous nerve 

Muscular branch of femoral nerve 

Gracilis muscle 

Vastus medialis muscle 

Ascending branch of lateral circumflex femoral artery 
Descending branch of lateral circumflex femoral artery 
Medial circumflex femoral artery 

Adductor longus muscle 

Penis 

Entrance to adductor canal 

Vastoadductory lamina of fascia beneath sartorius muscle 





Anterior region of right thigh (anterior aspect). 

The fascia lata has been removed. Sartorius muscle, 
pectineus muscle and femoral artery have been cut to 
display the deep femoral artery with its branches. The 
rectus femoris muscle has been slightly reflected. 


Anterior superior iliac spine 

Inguinal ligament 

Tensor fasciae latae muscle 

Deep circumflex iliac artery 

lliopsoas muscle 

Sartorius muscle (cut) 

Femoral nerve 

Lateral circumflex femoral artery 

Ascending branch of lateral circumflex femoral artery 
Descending branch of lateral circumflex femoral artery 
Rectus femoris muscle 

Vastus medialis muscle 

Vastus lateralis muscle 

Femoral vein 

Pectineus muscle (cut) 

Femoral artery (cut) 
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Anterior region of right thigh (anterior aspect). 
The sartorius, pectineus, adductor longus and rectus 
femoris muscles have been divided and reflected. 
The greater part of the femoral artery has been 
removed. 


Obturator nerve 

Profunda femoris artery 

Ascending branch of medial circumflex femoral artery 
Medial circumflex femoral artery 

Adductor longus muscle 

Gracilis muscle 

Saphenous nerve 

Distal part of vastoadductory lamina 


Rectus femoris muscle with muscular branch of femoral nerve 


Adductor longus muscle (divided) 

Posterior branch of obturator nerve 

Anterior branch of obturator nerve 

Point at which perforating artery branches off from profunda 
femoris artery 

Muscular branch to vastus medialis muscle 


1 Iliac crest 
2 Gluteus maximus muscle 
3 Middle cluneal nerves 
4 Anococcygeal nerves 
5 Perineal branch of posterior femoral cutaneous nerve 
6 Adductor magnus muscle 
7 Superior cluneal nerves 
8 Position of greater trochanter 
9 Inferior cluneal nerves 
10 Semitendinosus muscle 
11 Posterior femoral cutaneous nerve 
12 Long head of biceps femoris muscle 


A Suprapiriform foramen 
of greater sciatic foramen 


Superior gluteal artery, vein and nerve 





Infrapiriform foramen 


Gluteal region, right side (posterior aspect). of greater sciatic foramen 

Sciatic nerve 

Inferior gluteal artery, vein and nerve 
Posterior femoral cutaneous nerve 
Internal pudendal artery and vein 
Pudendal nerve 


Lesser sciatic foramen 


Pudendal nerve 
Internal pudendal artery and vein 





Red lines 


1 Spine-tuber line. 
In the middle of this line the infrapiriform foramen is 
situated 
2 Spine-trochanter line. 
In the upper third the suprapiriform foramen is located 
3 Tuber-trochanter line. 
Between the middle and posterior third, the ischiadic 
nerve can be found 


Other structures 


Posterior superior iliac spine 
lliac crest 

Greater trochanter 

Ischial tuberosity 

Sacrum 
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Gluteal region, right side (posterolateral aspect). Location of 
sciatic foramina in relation to the bones. 
(Schematic drawing.) 
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Spittire 


oe AM Transmitter 






—_ 


Has your local medium wave broadcast station closed or been moved to VHF/FM or Digital? Don't worry. You can still 
build and experiment with crystal sets and TRF radios by also buying or even building a simple low power AM 
transmitter. So, not only can you use your crystal sets but you can also run your own radio station that can be heard in 
and around your home - playing the music or programmes that you want to hear! 


SSTRAN AMT3000: Superb high fidelity medium wave AM transmitter kits from SSTRAN. Versions available for 10kHz 
spacing in the Americas (AMT3000 or AMT3000-SM) and 9kHz spacing in Europe and other areas (AMT3000-9 and 
AMT3000-9SM). Superb audio quality and a great and well designed little kit to build: 


http://www.sstran.com/pages/products.html 


MOOULATION COMPRESSION 








http://www.sstran.com/ 


Other AM transmitters available: 


Spitfire & Metzo: Complete, high quality ready built medium wave AM Transmitters from Vintage Components: 
http://www.vcomp.co.uk/index.htm Vintage Components offer a choice of the high quality Spitfire and Metzo 
transmitters: 





SPITFIRE AM Medium Wave Transmitter with 100 milliwatt RF output power: 
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Gluteal region, right side (dorsal aspect). The gluteus maximus and gluteus medius muscles have been divided 
and reflected. Notice the position of the foramina above and below piriformis muscles and the lesser sciatic foramen. 


Iliac crest 

Gluteus maximus muscle (cut) 3 Gluteus medius muscle (cu 

Inferior gluteal nerve 4 Deep branch of superior gluteal artery 
Piriformis muscle 5 Gluteus minimus muscle 

Muscular branches of inferior gluteal artery 6 Superior gluteal nerve 

Pudendal nerve and internal pudendal artery within the Suprapiriform foramen 


Poe ae greater sciatic foramen 
lesser sciatic foramen (entrance to the pudendal canal) Infrapiriform foramen Us 


Sacrotuberous ligament Tendon of obturator internus and superior gemellus muscles 


Inferior cluneal nerve 


° 


Posterior femoral cutaneous nerve 
Inferior gemellus muscle 

Sciatic nerve 

Perforating cutaneous nerve 3 Quadratus femoris muscle 

Long head of biceps femoris muscle 24 ‘Tensor fasciae latae muscle 


Inferior rectal nerves 


NN WV 


Inferior rectal arteries 





1 Middle cluneal nerves 
2 Perineal branch of posterior femoral cutaneous nerve 
3 Posterior femoral cutaneous nerve 
4 Semimembranosus muscle 
5 Semitendinosus muscle 
6 Tibial nerve 
7 Medial sural cutaneous nerve 
8 Small saphenous vein 
9 Medial head of gastrocnemius muscle 
10 Gluteus maximus muscle 
11 Inferior cluneal nerve 
12 Cutaneous veins 
13 Long head of biceps femoris muscle 
14 Iliotibial tract 
15 Short head of biceps femoris muscle 
16 Popliteal fossa 
17 Lateral sural cutaneous nerve 
18 Lateral head of gastrocnemius muscle 
19 Common peroneal nerve 
20 Tendon of biceps femoris muscle 
21 Inferior gluteal nerve 
22 Sacrotuberous ligament 
23 Inferior rectal branches of pudendal nerve 
24 Anus 
25 Gluteus medius muscle 
26 Piriformis muscle 
27 Sciatic nerve 
28 Inferior gluteal artery 
29 Gluteus maximus muscle (cut) 
30 Quadratus femoris muscle 
31 Sciatic nerve dividing into its two branches: the common 
peroneal nerve and the tibial nerve 
32 Muscular branches of sciatic nerve to hamstring muscles 
33 Popliteal artery 
34 Popliteal vein 
35 Small saphenous vein (cut) 
36 Long head of biceps femoris muscle (cut) 
37 Superficial peroneal nerve 





Cutaneous nerves of thigh (posterior aspect). 
The fascia lata and the fasciae of muscles have been removed. 














Posterior femoral region and gluteal region, right side Posterior femoral region and gluteal region, right side (poste- 
(posterior aspect). The gluteus maximus muscle has been rior aspect). The gluteus maximus muscle and the long head 
divided and reflected. of biceps femoris muscle have been divided and reflected. 





Anterior region of right knee; cutaneous nerves and veins 
(anterior aspect). 


| Fascia lata | 
2 Terminal branches of anterior cutaneous branches 2 
of femoral nerve 3 

3 Venous network around knee 4 
4 Position of head of fibula 5 
5 Superficial crural fascia 6 
6 Great saphenous vein 7 
7 Patella 8 
8 Position of medial epicondyle of femur 9 
9 Saphenous nerve 10 
10 Infrapatellar branches of saphenous nerve ll 


11 Patellar ligament 
2 Position of tuberosity of tibia 





Posterior region of right kneee; cutaneous nerves and veins 
(posterior aspect). 


Cutaneous veins (tributaries of great saphenous vein) 
Great saphenous vein 

Cutaneous branch of femoral nerve 

Position of medial epicondyle of femur 

Position of small saphenous vein 

Fascia lata 

Terminal branches of posterior femoral cutaneous nerve 
Cutaneous veins of popliteal fossa 

Position of head of fibula 

Superficial layer of fascia cruris 


Lateral sural cutaneous nerve 





Right leg, posterior crural region (posterior aspect). 
The gastrocnemius muscle has been divided and reflected. 


Semitendinosus muscle 

Gracilis muscle 

Semimembranosus muscle 

Sartorius muscle 

Tendon of semitendinosus muscle 
Position of medial condyle of femur 
Muscular branches of tibial nerve 
Sural arteries and veins 

Tendon of semimembranosus muscle 
Common tendon of gracilis, semitendinosus and sartorius 
muscles 

Medial head of gastrocnemius muscle 
Biceps femoris muscle 

Muscular branch of popliteal artery 


Right leg, posterior crural region, deep layer (posterior aspect). 
The gastrocnemius and the soleus muscles have been divided 
and reflected. 


Popliteal artery 

Popliteal vein 

Tibial nerve 

Common peroneal nerve 

Lateral head of gastrocnemius muscle 
Medial sural cutaneous nerve 

Medial superior genicular artery 
Medial head of gastrocnemius muscle (cut and reflected) 
Medial inferior genicular artery 
Soleus muscle 

Tendon of plantaris muscle 

Lateral superior genicular artery 
Lateral inferior genicular artery 
Plantaris muscle 


Right leg, popliteal fossa, deep layer (posterior aspect). 
The muscles have been reflected to display the genicular 


arteries. 


1 Semitendinosus muscle 

2 Semimembranosus muscle 

3 Medial superior genicular artery 
4 Popliteal artery 

5 Medial head of gastrocnemius muscle 
6 Middle genicular artery 

7 Muscular branches 

8 Medial inferior genicular artery 
9 Tendon of plantaris muscle 

10 Tibial nerve (cut) 

11 Biceps femoris muscle 


ais 
mM) 





Right leg, popliteal fossa, deepest layer (posterior aspect). 
Tibial nerve and popliteal vein have been partly removed 
and a portion of the soleus muscle was cut away to display 
the anterior tibial artery. 


2 Popliteal vein (cut) 

13 Lateral superior genicular artery 
14 Lateral inferior genicular artery 
15 Lateral head of gastrocnemius muscle 
16 Common peroneal nerve 

17 Head of fibula 

18 Lateral sural cutaneous nerves 
19 Soleus muscle 

20 Medial sural cutaneous nerve 

21 Anterior tibial artery 

22 Posterior tibial artery 

23 Lateral sural cutaneous nerve 


Right leg. Cutaneous veins and 
nerves (posterior aspect). 


Great saphenous vein 

Venous anastomosis between small and 
great saphenous veins 

Medial malleolus 

Popliteal fossa 

Position of head of fibula 

Lateral sural cutaneous nerve 

Small saphenous vein 


Right leg. Cutaneous nerves 
and veins (posterior aspect). 
The superficial layer of the 
crural fascia has been removed. 


Sural nerve 

Calcaneal tendon 

Lateral malleolus 

Semitendinosus muscle 

Medial head of gastrocnemius muscle 
Saphenous nerve 

Common peroneal nerve 

Medial sural cutaneous nerve 


Cutaneous veins and nerves of the 
right leg (anterior-medial aspect; 
veins are colored). 


Perforating veins 

Superficial peroneal nerve 

Dorsal venous arch 

Intermediate dorsal cutaneous nerve 
Infrapatellar branches of saphenous 
nerve 

Terminal branches of saphenous nerve 
Medial dorsal cutaneous nerve 

















Right popliteal fossa, middle layer (posterior aspect). Right popliteal fossa, deep layer (posterior aspect). 
The cutaneous veins and nerves have been removed. The medial head of gastrocnemius muscle has been divided 
and reflected. 





1 Semimembranosus muscle 
2 Semitendinosus muscle 
3 Popliteal vein 
4 Popliteal artery 
5 Tibial nerve 
6 Small saphenous vein (cut) 
7 Muscular branch of tibial nerve 
8 Medial head of gastrocnemius muscle 
9 Tendon of plantaris muscle 
10 Posterior tibial artery 
11 Medial malleolus 
12 Biceps femoris muscle 
13. Common peroneal nerve 
14 Sural arteries 
15 Plantaris muscle 
16 Lateral head of gastrocnemius muscle 
17 Soleus muscle 
18 Calcaneal tendon 
19 Lateral malleolus 
20 Calcaneal tuberosity 
21 Sartorius muscle 
22 Popliteal artery 
23 Tendinous arch of soleus muscle 
24 Flexor digitorum longus muscle 
25 Flexor retinaculum 
26 Peroneal artery 
27 Soleus muscle 
28 Flexor hallucis longus muscle 
29 Anterior tibial artery 
30 Muscular branches of tibial nerve 
31 Tibialis posterior muscle 
32 Communicating branch of peroneal artery 
33 Tendon of tibialis anterior muscle 
34 Tibia 
35. Tendon of extensor hallucis longus muscle 
36 Tendons of extensor digitorum longus muscle 
37 Anterior tibialis artery 
38 Fibula 
39 Tendons of peroneus longus and brevis muscles 
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Right leg, posterior crural region, deepest layer (posterior Cross-section of the leg, superior to the malleoli 
aspect). Triceps surae (gastrocnemius and soleus) and flexor (from below). 





hallucis longus muscles have been cut and reflected. 
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Right leg and foot, anterior crural region and dorsum of foot; Right leg and foot; cutaneous nerves and veins 


cutaneous nerves and veins (anterior aspect). (medial aspect). 


Deep peroneal nerve 


Superficial crural fascia 
Venous arch of dorsum of foot 


Medial cutaneous branch of superficial peroneal nerve 
Position of patella 
Infrapatellar branches of saphenous nerve 


Lateral malleolus 

Lateral cutaneous branch of superficial peroneal nerve 
Cutaneous branch of sural nerve Saphenous nerve 
Position of tuberosity of tibia Small saphenous vein 
Anterior margin of tibia Perforating vein 
Great saphenous vein Calcaneal tendon 


Medial malleolus 
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AM88 LP: A basic AM transmitter kit from North County Radio. 
http://www.northcountryradio.com/Kitpages/am88.htm 


LINKS: 


BOWOOD ELECTRONICS - A friendly, helpful and very speedy source for many of your electronic components at prices 
that won't frighten your wallet! 


THE FOXHOLE and P.O.W RADIOS - Simple crystal set receivers used by soldiers during the war and by prisoners of 
war (P.O.W.'s). 


VINTAGE COMPONENTS - A great resource for crystal sets, components, valve radio kits and medium wave AM 
transmitters! 


6V6 - Electronic Nostalgia and Vintage Components 


Crystal Sets Part 3 > 





Amateur Radio 


M@MTJ Visit my amateur radio pages MOMTJ 


Visit my Amateur Radio Pages > 
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Right leg and dorsum of foot; cutaneous nerves and veins (lateral aspect). 


Position of fibula 

Sural nerve 

Small saphenous vein 

Calcaneal tendon 

Lateral calcaneal branches of sural nerve 
Venous network at lateral malleolus 
Cutaneous branch of sural nerve 

Tendon of peroneus brevis muscle 

Tendons of extensor digitorum longus muscle 


Fascia cruris 

Superficial peroneal nerve 
Position of tibia 

Lateral cutaneous branch 


} of superficial peroneal nerve 


Medial cutaneous branch 
Lateral malleolus 

Dorsal digital nerves 
Dorsal venous arch 
Deep peroneal nerve 




















Right leg and dorsum of foot, middle layer (anterior lateral Right leg, deep layer (anterior lateral aspect). The extensor 
aspect). The extensor digitorum longus muscle has been digitorum longus and the peroneus longus muscle have been 
divided and reflected laterally. divided or removed. The common peroneal nerve has been 


elevated to show its course around the head of fibula. 
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16 
18 


19 
20 


26 


Coronal section through the foot and talocrural joint 
(anterior aspect). 


Iliotibial tract 

Common peroneal nerve 

Position of head of fibula 

Extensor digitorum longus muscle 

Muscular branches of deep peroneal nerve 
Superficial peroneal nerve 

Tendon of extensor digitorum longus muscle 
Lateral malleolus 

Extensor digitorum brevis muscle 

Tendons of extensor digitorum longus muscle 
Patella 

Patellar ligament 

Anterior margin of tibia 

Anterior tibial artery 

Tibialis anterior muscle 

Deep peroneal nerve 

Extensor hallucis longus muscle 

Tendon of tibialis anterior muscle 

Extensor retinaculum 

Dorsalis pedis artery 

Extensor hallucis brevis muscle 

Deep peroneal nerve (on dorsum of foot) 
Dorsal digital nerves (terminal branches of deep peroneal nerve) 
Deep peroneal nerve 

Peroneus longus muscle (cut) 

Superficial peroneal nerve (with peroneal muscles laterally 
reflected) 


27 
28 
29 
30 
31 
32 
33 
34 
35 
36 
37 
38 
39 
40 
41 
42 
43 
44 
45 
46 
47 
48 
49 
50 


Coronal section through the foot (MR-Scan after 
A. Heuck, G. Luttke and J. W. Rohen, 1994). 


Peroneus brevis muscle 

Lateral anterior malleolar artery 
Fibula 

Distal tibiofibular joint (syndesmosis) 
Interosseous talocalcaneal ligament 
Calcaneus 

Tendon of peroneus brevis muscle 
Cuboid bone 

Lateral cuneiform bone 

Metatarsal bones 

Dorsal interosseous muscles 

Tibia 

Talocrural joint 

Medial malleolus 

Talus 

Talocalcaneonavicular joint 
Navicular bone 

Medial cuneiform bone 
Intermediate cuneiform bone 

First metatarsal bone 
Metatarsophalangeal joint of great toe 
Proximal phalanx of great toe 
Distal phalanx of great toe 

Heads of metatarsal bones I-IV 


Dorsum of the right foot, superficial layer (anterior Dorsum of the right foot, superficial layer. The fascia of the 
aspect). dorsum has been removed. 


Superficial peroneal nerve Tendon of tibialis anterior muscle Dorsal digital arteries 

Superior extensor retinaculum Saphenous nerve Peroneal muscles 

Lateral malleolus Venous network of medial malleolus and Deep plantar branch of dorsalis pedis 
Venous network of lateral malleolus and tributaries of great saphenous vein artery anastomosing with plantar arch 
tributaries of small saphenous vein Medial malleolus Extensor digitorum longus muscle 
Lateral dorsal cutaneous nerve (branch of Medial dorsal cutaneous nerves Extensor hallucis longus muscle 
sural nerve) Dorsal venous arch Inferior extensor retinaculum 
Intermediate dorsal cutaneous nerve 5 Dorsal digital nerve (of deep peroneal Extensor hallucis brevis muscle 
Tendons of extensor digitorum longus muscle nerve) 

Dorsal digital nerves Tendon of extensor hallucis longus muscle 





1 Extensor retinaculum 
2 Lateral malleolus 
3 Lateral anterior malleolar artery 
4 Tendons of peroneal muscles 
5 Tendon of peroneus tertius muscle 
6 Extensor digitorum brevis muscle 
7 Tendons of extensor digitorum longus muscle 
8 Dorsal metatarsal arteries 
9 Medial malleolus 
10 Tendon of tibialis anterior muscle 
11 Dorsalis pedis artery 
12 Deep peroneal nerve (on dorsum of foot) 
13. Extensor hallucis brevis muscle 
14 Tendon of extensor hallucis longus muscle 
15 Dorsalis pedis artery with deep plantar branch to 
the plantar arch 
16 Dorsal digital nerves (terminal branches of deep 
peroneal nerve) 
17. Lateral tarsal artery 
18 Extensor digitorum brevis muscle (divided) 
19 Arcuate artery 
20 Dorsal interosseous muscles 
21 Deep peroneal nerve 
22 Medial cuneiform and Ist metatarsal bone 
23 Tendon of peroneus longus muscle 
24 Abductor hallucis and flexor hallucis brevis muscles 
25 Medial plantar artery, vein and nerve 
26 Fourth and fifth metatarsal bone 
27 Adductor hallucis (oblique head) 


A . . 28 Tendons of flexor digitorum longus muscle 
Dorsum of right foot, middle layer (anterior lateral aspect). 29 Lateral plantar artery, vein and nerve 


The cutaneous nerves have been removed. 30 Flexor digitorum brevis muscle 





31 Plantar aponeurosis 





Dorsum of right foot, deep layer (anterior lateral aspect). Cross-section of the rigt foot at the level of the 
The extensor digitorum and hallucis breves muscles have metatarsal bones (posterior aspect). 
been removed. 
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Lower extremity, location 
of section 1—5. (MR-Images, 
courtesy of Dr. A. Heuck, 
Munich). 


Axial section through the pelvis and the hip joints 
(section 1; MR-Image; inferior aspect). 


1 Sartorius muscle 

2 Femoral artery and vein 

3 Iliopsoas muscle 

4 Pelvic bone 

5 Femoral head with ligament of femoral 
head 

6 Articular cavity 

7 Rectum 

8 Sciatic nerve and accompanying artery 

9 Gluteus maximus muscle 

10 Obturator vessels and obturator nerve 

11 Rectus abdominis muscle 

12 Pyramidalis muscle 

13. Urinary bladder 

14 Obturator internus muscle 

15 Rectus femoris muscle 





16 Vastus intermedius and vastus lateralis 


Axial section through the pelvis and hip joints in the female ee ae 
of quadriceps femoris muscle 


(section 1, inferior aspect). (Arrows: uterus, myometrium with myoma). 





Axial section through the middle of the 
thigh (section 2; MR-Image, inferior aspect). 





Axial section through the middle of the right 
thigh (section 2, inferior aspect). 


17 Femur 
18 Perforating artery 
19 Sciatic nerve 
20 Gluteus maximus muscle (insertion) 
21 Vastus medialis muscle 
22 Sartorius muscle 
23. Femoral artery and vein 
24 Great saphenous vein 
°25 Gracilis muscle 
26 Adductor muscles 
27 Biceps femoris muscle 
28 Patellar ligament 
29 Lateral condyle of femur 
30 Posterior cruciate ligament 
31 Tibialis nerve 





32 Popliteal artery and vein 


33 Lateral head of 


Axial section through the knee joint Axial section through the right knee gastrocnemius muscle 
(section 3; MR-Image; inferior aspect). joint (section 3, inferior aspect). 34 Medial condyle of femur 


35 Medial head of 
gastrocnemius muscle 

36 Tibialis anterior muscle 

37 Tibia 

Deep peroneal nerve, 

anterior tibial artery and 

vein 

Peroneus longus and brevis 

muscles 

Fibula 

Soleus muscle 

Flexor digitorum longus 

muscle 

libialis posterior muscle 

Posterior tibial artery and 

vein and tibial nerve 

Peroneal artery 

Small saphenous vein and 

sural nerve 

Extensor hallucis longus muscle 

Extensor digitorum longus muscle 





Axial section through the middle of Axial section through the middle of the 50 Tendon of peroneus longus 
the leg (section 4, MR-Image, inferior right leg (section 4, inferior aspect). muscle 
aspect). 51 Lateral malleolus (fibula) 
52 Peroneus brevis muscle 
53 Tibialis anterior muscle 


(tendon) 

54 Dorsalis pedis artery 

55 Medial malleolus (tibia) 

56 Tibialis posterior muscle 
(tendon) 

57 Flexor digitorum longus muscle 
(tendon with synovial 
sheath) 

58 Flexor hallucis longus muscle 

59 Posterior tibial artery and 
vein 

60 Lateral and medial plantar 
nerves 

61 Calcaneal tendon 

62 Semitendinosus muscle 

63 Semimembranosus muscle 

64 Anterior cruciate ligament 

65 Plantaris muscle 

66 Small intestine 





Axial section through the end of the Axial section through the end of the 
right leg (section 5; MR-Image; inferior right leg (section 5; inferior aspect). 
aspect). 


Sole of the right foot, superficial layer (from below): Sole of the right foot, middle layer (from below). 
dissection of cutaneous nerves and vessels. The plantar aponeurosis has been removed. 
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24 
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Sole of the right foot, middle layer (from below); dissection 25 


of vessels and nerves. The flexor digitorum brevis muscle has 
been divided and anteriorly reflected. 


27 


Sole of the right foot. Synovial sheaths of 
flexor tendons indicated in light blue. (Schematic 
drawing.) 


28 


24 


26 


28 


Proper plantar digital nerves 

Common plantar digital nerves 

Plantar aponeurosis 

Superficial branch of lateral plantar nerve 
Superficial branch of lateral plantar artery 
Abductor digiti minimi 

Proper plantar digital arteries 

Common plantar digital arteries 

Digital branch of medial plantar nerve to 
great toe 

Medial calcaneal branches 

Tendons of flexor digitorum brevis muscle 
Flexor-digitorum brevis muscle 
Superficial branch of lateral plantar nerve 
Lateral plantar artery 

Plantar aponeurosis (remnant) 

Digital synovial sheath 

Lumbrical muscles 

Tendon of flexor hallucis longus muscle 
Flexor hallucis brevis muscle 

Medial plantar artery 

Medial plantar nerve 

Abductor hallucis muscle 


Calcaneal tuberosity 

Tendons of flexor digitorum longus muscle 
Quadratus plantae muscle 

Lateral plantar nerve 

Flexor digitorum brevis muscle (cut) 
Synorial sheaths 

Plantar arch 








Sole of the right foot, deep layer (from below); dissection 

of vessels and nerves. The flexor digitorum brevis muscle, 

the quadratus plantae muscle with the tendons of the flexor 
digitorum longus muscle and some branches of the medial 
plantar nerve have been removed. The flexor hallucis brevis 
and adductor hallucis muscles have been cut and portions 
removed to show the somewhat atypical course of the medial 
plantar artery and deep muscles of the foot. 
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Proper plantar digital arteries 

Proper plantar digital nerves 

Tendons of flexor digitorum brevis muscle 
Tendons of flexor digitorum longus muscle 
Superficial branch of lateral plantar artery 

Deep branch of lateral plantar nerve 

Superficial branch of lateral plantar nerve 
Lateral plantar nerve 

Lateral plantar artery 

Abductor digiti minimi muscle 

Calcaneal tuberosity 

Common plantar digital arteries 

Tendon of flexor hallucis longus muscle 
Insertion of both heads of adductor hallucis muscle 
Plantar metatarsal arteries 

Medial plantar nerve of great toe 

Deep plantar branch of dorsalis pedis artery 
(perforating branch) 

Plantar arch 

Oblique head of adductor hallucis muscle (cut) 
Medial plantar artery 

Medial plantar nerve 

Crossing of tendons in sole of foot (flexor hallucis 
longus and flexor digitorum longus muscles) 
Abductor hallucis muscle 

Origin of flexor digitorum brevis muscle 
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Simple Crystal Radio Kit 2 


Connect Long Antenna Here 


https://www.mikeselectronicparts.com/ 
Connect Short Antenna Here 
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Ground 


Top Side 
Parts List 
1 - Ferrite Loopstick Antenna . © . 
1 - Variable Capacitor 


1 - Germanium Diode 1N34A Variable Capacitor 
1 - .001uf Capacitor Marked 102 

1 - 47K Resistor 

1 - 20 Million Ohm Ceramic Earphone 

Antenna and Ground wire not include with parts 


For short antenna connect a 15ft to 30ft length of wire to "1". For long antenna 40ft to 
100ft connect to "4". It is best to use a long wire antenna. If you are not using the taps 
do not cut the wires. Doing so will cause the coil not to work. Various connections are, 
Connect 1 to 3 or Connect 2 to 3. Most volume can be had at 1 to 3 less volume but 
better selectivity connect 2 to 3 and the antenna connected at 1. It is best to solder the 
coil wire, not doing so may cause a bad connection and the radio will not work. 

Drawn By: Scott Lowe 

This Kit can be bought at my web site Part Number CRK#2 Kit. 


https://www.mikeselectronicparts.com/ 
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Tne 
Integrated Body 


The human body comprises trillions of cells, each one 

a complex unit with intricate workings in itself. Cells are 
the building blocks of tissues, organs, and eventually, the 
integrated body systems that all interact—allowing us to 
function and survive. 
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HUMAN GENETIC FORMULA 


DNA (deoxyribonucleic acid) is the blueprint for all life, from the humblest yeast to 
human beings. It provides a set of instructions for how to assemble the many thousands 
of different proteins that make us who we are. It also tightly regulates this assembly, 
ensuring that the components of the assemby do not run out of control. 


THE MOLECULE OF LIFE 


Although we all look different, the basic structure of our DNA is 
identical. It consists of chemical building blocks called bases, or 
nucleotides. What varies between individuals is the precise order in 
which these bases connect into pairs. When base pairs are strung 
together they can form functional units called genes, which “spell 
out” the instructions for making a protein. Each gene encodes a 
single protein, although some complex proteins are encoded by 
more than one gene. Proteins have a wide range of vital functions in 
the body. They form structures such as skin or hair, carry signals 


DNA double helix 

In the vast majority of organisms, including 
humans, long strands of DNA twist 
around each other to form a 
right-handed spiral structure called 
a double helix. The helix consists 
of a sugar (deoxyribose) and 
phosphate backbone and 
complementary base pairs 
that stick togetherinthe | 
middle. Each twist of the , 
helix contains around 
ten base pairs. ; 


DNA backbone 
Formed of alternating 
units of phosphate and 
a sugar called 
deoxyribose 









The human genome is composed of 
approximately 3 billion bases of DNA— 


about 6'/ft (2m) of DNA in every cell if it Ay" % 
were stretched from end to end. So our : 2 
DNA must be packaged in order to fit a <a 


inside each cell. DNA is concentrated into 





around the body, and fight off infectious agents such as 
bacteria. Proteins also make up cells, the basic units 
of the body, and carry out the thousands of basic 
biochemical processes needed to sustain life. 
However, only about 1.5 per cent of our 
DNA encodes genes. The rest consists of 
regulatory sequences, structural DNA, 
or has no obvious purpose - so-called 
“junk DNA’, 































MAKING PROTEINS 


Proteins consist of building blocks called 
amino acids, strung together in chains and 
folded. Every three base pairs of DNA codes 
for one amino acid. The body makes 20 
different amino acids—others are obtained 
from the diet. Protein synthesis occurs in 


. ; A dividin: 
dense structures called chromosomes. j Histone 2) chrernat ine iy two steps: transcription and translation. 
Each cell has 23 pairs of chromosomes X=" DNA double In transcription, the DNA double helix 
(46 in total)—one set from each parent COILED helix 2 cane 
; unwinds, exposing single-stranded DNA. 
To package DNA, the double helix must Histone Supercoiled region 


first be coiled around histone proteins, 
forming a structure that looks like a string 
of beads. These histone “beads” wind 
around and lock together into densely 
coiled “chromatin”, which, when a cell 
prepares to divide, further winds back on 
itself into tightly coiled chromosomes. 


uf 


SUPERCOILED 





Cell prepared 
for division 
Chromosome 


Complementary sequences of a related 
molecule called RNA (ribonucleic acid) then 
create a copy of the DNA sequence that locks 
into the exposed DNA bases to be translated 
into protein. This “messenger RNA’ travels to 
ribosomes, where it is translated into strings 
of amino acids. These are then folded into the 
3D structure of a particular protein. 








GENES te 




















BASE PAIRS 
DNA consists of building blocks called A gene is a unit of DNA needed to make a "4 we 
bases. There are four types: adenine (A), protein. Genes range in size from just a few ae Aves 
thymine (T), cytosine (C), and guanine (G). hundred to millions of base pairs. They control a ese 
Each base is attached to a phosphate group our development, but are also switched on eh Saee 
anda deoxyribose sugar ring to form a and off in response to environmental factors. anes ae Chocinasone 
nucleotide. In humans, bases pair up For example, when an immune cell encounters aes Z X-shaped structure 
to form a double-stranded helix in a bacterium, genes are switched on that produce + % Se rat 
which adenine pairs with thymine, and antibodies to destroy it. Gene expression is re 7 
cytosine with guanine. The two strands regulated by proteins that bind to regulatory be ee 3 
are “complementary” to each other. Even sequences within each gene. Genes contain $5 sent 
if they are unwound and unzipped, they regions that are translated into protein i i Supercoiled DNA 
F see 2 F : : i Coils of DNA 
can realign and rejoin. (exons) and non-coding regions (introns). es ieee 
; = Rare themselves twisted 
>< into a supercoil 
ar - 
Guanine-cytosine — _ 
link \ ; 
Guanine always 
forms a base pair Z 
with cytosine - 
Nie? a 
Ay 
at > \ 
Y ‘y A 4? Core unit 
: ¥ . \ , al Package of proteins 
t . J 4 4 around which 2-5 turns 
: x ‘ of DNA is wrapped; also 
4 . ‘ known as a nucleosome 
7 
. . ‘ ¢ 
ay | ‘4 Histone 
. ny Ball-shaped 
> , protein 1 
\. : < ' 
Adenine- . ,) ‘ 
thymine link >» ’ ° 
Adenine and . ?.. Helical repeat . 
thymine always a... : “a 4 Helix turns 360° Ny gy 
form base pairs . : a ; . for every 10.4 Da 
together . Ww base pairs 
GENETIC ENGINEERING 


Different organisms contain different genes, but a surprisingly large proportion of 
genes are shared between organisms. For example, roughly half of the genes found 
in humans are also found in bananas. However, it would not be possible to 
substitute the banana version of a gene for a human one because variations in the 
order of the base pairs within each gene also distinguish us. Humans possess more 
or less the same genes, but many of the differences between individuals can be 
explained by subtle variations within each gene. In humans, DNA differs by only 
about 0.2 per cent, while human DNA differs from chimpanzee DNA by around 

5 per cent. Human genes are divided unevenly between 23 pairs of chromosomes, 
and each chromosome consists of gene-rich and gene-poor sections. When 
chromosomes are stained, differences in these regions show up as light and dark 
bands, giving chromosomes a striped 
appearance. We still don’t know the 
exact number of protein-coding genes 
in the human genome, but researchers 
currently estimate between 20,000 
and 25,000. 


Karyotype 

This is an organized profile of the 
chromosomes in someone's cells, arranged 
by size. Studying someone's karyotype 
enables doctors to determine whether any 
chromosomes are missing or abnormal. 


This form of gene manipulation enables us to 
substitute a defective gene with a functional one, 
or introduce new genes. Glow-in-the-dark mice 
were created by introducing a jellyfish gene that 
encodes a fluorescent protein into the mouse 
genome. Finding safe ways of delivering 
replacement genes to the correct cells in humans 
could lead to cures for many types of inherited 
diseases—so-called gene therapy. 
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CELL 


It is hard to comprehend what 75 trillion cells looks like, but 
observing yourself in a mirror would be a good start. That is 
how many cells exist in the average human body - and we 
replace millions of these cells every single day. 


CELL ANATOMY 


The cell is the basic functional unit of the human 
body. Cells are extremely small, typically only 
about 0.01mm across - even our largest cells are 
no bigger than the width of a human hair. They 
are also immensely versatile: some can form 
sheets like those in your skin or lining your mouth, 
while others can store or generate energy, such as 
fat and muscle cells. Despite their amazing 
diversity, there are certain features that all cells 
have in common, including an outer membrane, 
a control center called a nucleus, and tiny 
powerhouses called mitochondria. 





Liver cell 
These cells make protein, cholesterol, and bile, 
and detoxify and modify substances from the 
blood. This requires lots of energy, so liver cells 
are packed with mitochondria (orange). 


CELL METABOLISM 


When a cell breaks down nutrients to generate energy for 
building new proteins or nucleic acids, it is known as cell 
metabolism. Cells use a variety of fuels to generate energy, 
but the most common one is glucose, which is transformed 
into adenosine triphosphate (ATP). This takes place in 
structures called mitochondria through a process called 
cellular respiration: enzymes within the mitochondria react 
with oxygen and glucose to produce ATP, carbon dioxide, 


and water. Energy is released 
when ATP is converted into 
adenoside diphosphate 
(ADP) via the loss of a 
phosphate group. 


Mitochondrion 

While the number of mitochondria 
varies between different cells, all have 
the same basic structure: an outer 
membrane and a highly folded inner 
membrane, where the production of 
energy actually takes place. 


These projections 
increase the cell's 
surface area, aiding 
absorption of 





Nucleus 

The cell's control centre, 
containing chromatin and 
most of the cell’s DNA 


Nucleolus 

The region at the centre 
of the nucleus; plays a 
vital role in ribosome 
production 


Nucleoplasm 
Fluid within the 
nucleus, in which 
nucleolus and 
chromosomes float 


Microtubules 

Part of cell’s cytoskeleton, 
these aid movement of 
substances through 

the watery cytoplasm 


Centriole 
Composed of two 
cylinders of tubules; 
essential to cell 
reproduction 


Microvilli 


nutrients 


Golgi complex 
A structure that 
processes and 
repackages 
proteins 
produced in 
the rough 
endoplasmic 
reticulum for 
release at the 
cell membrane 
Released 

secretions 

Secretions are 

released from the 

cell by exocytosis, 

in which a vesicle 

merges with the 

cell membrane 

and releases its 

contents 


Nuclear membrane 

A two-layered membrane 
with pores for substances 
to enter and leave 

the nucleus 


Secretory vesicle 
Sac containing 
various substances, 
such as enzymes, 
that are produced 
by the cell and 
secreted at the cell 
membrane 
































Lysosome 
Produces powerful 
enzymes that aid 
in digestion and 
excretion of 
substances and 


worn-out 
organelles 


Generic cell 

At a cell's heart is the nucleus, where the 
genetic material is stored and the first stages 
of protein synthesis occur. Cells also contain 
other structures for assembling proteins, 
including ribosomes, the endoplasmic 
reticulum, and the Golgi apparatus. The 
mitochondria provide the cell with energy. 





CELL TRANSPORT 


Materials are constantly being transported in and out of 
the cell via the cell membrane. Such materials include 
fuel for generating energy, or building blocks for protein 
assembly. Some cells secrete signalling molecules to 
communicate with the rest of the body. The cell 
membrane is studded with proteins that help transport, 
allow cells to communicate, and identify a cell to other 
cells. The membrane is permeable to some molecules, 
but others need active transport through special channels 
in the membrane. Cells have three methods of transport: 
diffusion, facilitated diffusion, and active transport. 


Cell 
membrane 





Cell 
interior 


a 
m 
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Fluid 
outside 
cell 
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Diffusion 

Molecules passively cross the 
membrane from areas of high to low 
concentration. Water and oxygen both 
cross by diffusion. 












Vacuole 

Sac that stores and 
transports ingested 
materials, waste 
products, and water 


Cytoskeleton 
Internal 
framework of the 
cell, made up of 
microfilaments 
and hollow 
microtubules 


Microfilament 
Provides support 
for the cell; 
sometimes linked 
to the cell's outer 
membrane 


Mitochondrion 
Site of fat and sugar 
digestion in the cell; 
produces energy 


Rough endoplasmic 
reticulum 

Consists of folded 
membranes, studded 
with ribosomes, that 
extend throughout 
the cell 


Cytoplasm 

Jellylike fluid in which 
organelles float; 
primarily water, but 
also contains enzymes 
and amino acids 


Ribosome 

Tiny structure that 

assists with protein 
assembly (see p.10) 


Cell membrane 

Encloses contents of 

the cell and maintains the 
cell's shape; regulates flow 
of substances in and out of 
the cell 


Peroxisome 

Makes enzymes that 
oxidize some toxic 
chemicals 


Smooth endoplasmic 
reticulum 

Network of tubes and flat, 
curved sacs that helps to 
transport materials through 
the cell; site of calcium 
storage; main location of 
fat metabolism 





Cell 
interior Molecule 
at receptor 


site 





Carrier 


protein >) ; 


Molecule 


Protein 
forms 
channel 





te a 
Facilitated diffusion 
A carrier protein, or protein pore, 
binds with a molecule outside the 
cell, then changes shape and ejects 
the molecule into the cell. 


Active transport 

Molecules bind to a receptor site 

on the cell membrane, triggering a 
protein, which changes into a channel 
that molecules travel through. 


MAKING NEW BODY CELLS 


While the cells lining the mouth are replaced every couple of days, 
some of the nerve cells in the brain have been there since before 
birth. Stem cells are specialized cells that constantly divide and give 
rise to new cells, such as blood cells. Cell division requires that a 
cell's DNA is accurately copied and then shared equally between 
two “daughter” cells, by a process called mitosis. The chromosomes 
are first replicated before being pulled to opposite ends of the cell. 
The cell then divides to produce two daughter cells, with the 
cytoplasm and organelles being shared between the two cells. 


Nuclear membrane Centromere Single 
chromosome 
Centromere 
Duplicated Spindle 
chromosome 
Nucleus 
1 Preparation 2 Alignment 3 Separation 


The chromosomes 
are pulled apart and 
move to opposite 
ends of the cell. Each 
end has an identical 
set of chromosomes. 


The chromosomes 
line up along a 
network of filaments 
- spindle - linked toa 
larger network, called 
the cytoskeleton. 


The cell produces 
proteins and new 
organelles, and 
duplicates its DNA. The 
DNA condenses into 
X-shaped chromosomes. 


Chromosome 


Nucleus 


Single chromosome 





Nuclear membrane 


4 Splitting 

The cell now splits into two, with the 
cytoplasm, cell membrane, and 
remaining organelles being shared 
roughly equally between the two 
daughter cells. 


5 Offspring 

Each daughter cell contains a 
complete copy of the DNA from 
the parent cell; this enables it to 
continue growing, and eventually 
divide itself. 





THE SMITHSONIAN INSTITUTION 


The Smithsonian Institution is home to more than 141 million objects, ranging in 
size from insects and diamonds to locomotives and spacecraft. It is the world’s 
largest museum complex, comprising 15 museums and galteries and the National 
Zoo in Washington DC, and two additional museums in New York City. Millions of 
visitors each year visit the nation’s capital to view such treasures as the Hope 
Diamond, the Star Spangled Banner, and the Wright Flyer. A broad range of exhibits 
ensures a fun and educational experience for young and old alike. 


One of the world’s leading scientific research centers, the Institution has facilities in 
eight states and the Republic of Panama. Research projects in the arts, history and 
science are carried out by the Smithsonian all over the world. Some of the 
Smithsonian’s research centers include the Smithsonian Astrophysical Observatory 
in Cambridge. Massachusetts, the Smithsonian Marine Station at Link Port, in 
Florida, and the Smithsonian Tropical Research Institute, in Panama. 


For membership information of pre-visit planning material, write or call the Visttor 
Information and Associates Reception Center, Smithsonian Institution, Washington, 
D. C., 20560, (202) 357-2700 (voice), (202) 357-3729 (TTY). You may also visit 
the Smithsonian through our web site, www.si.edu. 


HISTORY 


James Smithson (1765 —1829), a British scientist, drew up his will in 1826 naming 
his nephew, Henry James Hungerford, as beneficiary. Smithson stipulated that, 
should the nephew die without heirs (as he did in 1835), the estate would go to the 
United States to found “at Washington, under the name of the Smithsonian 
Institution, an establishment for the increase and diffusion of knowledge...” 


On July 1, 1836, Congress accepted the legacy bequeathed to the nation by James 
Smithson, and pledged the faith of the United States to the charitable trust. In 1838, 
following approvat of the bequest by the British courts, the United States received 
Smuthson's estate—bags of gold sovereigns—then the equivatent of $515,169. 
Eight years later, on August 10, 1846, an Act of Congress signed by President James 
K. Polk, established the Smithsonian Institution in its present form and provided for 
the administration of the trust, independent of the government itself, by a Board of 
Regents and Secretary of the Smithsonian. 
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BODY 
COMPOSITION 


Cells are building blocks from which the human body 
is made. Some cells work alone—such as red blood 
cells, which carry oxygen—but many are organized 
into tissues. These tissues form organs, which in turn 
form specific body systems, where cells with various 
functions join forces to accomplish one or more tasks. 


CELL TYPES 


There are more than 200 types of cells in the body, each type 
specially adapted to its own particular function. Every cell 
contains the same genetic information, but not all of the 
genes are “switched on” in every cell. It is this pattern of gene 
expression that dictates the cell's appearance, its behavior, 
and its role in the body. A cell's fate is largely determined 
before birth, influenced by its position in the body and the 
cocktail of chemical messengers that it is exposed to in that 
environment. Early during development, stem cells begin 

to differentiate into three layers of specialized cells called the 


Red blood cells 

Unlike other cells, red blood cells lack a 
nucleus and organelles. Instead, they have 
an oxygen-carrying protein (hemoglobin), 
which gives blood its red color. 


Epithelial cells 

The skin cells and the cells lining the lungs 
and reproductive tracts are among the 
barrier cells, called epithelial cells, which 
line the cavities and surfaces of the body. 





Adipose (fat) cells 

These cells are highly adapted for storing 
fat - the bulk of their interior is taken up 
by a large droplet of semi-liquid fat. When 
we gain weight, they fill up with more fat. 


- Nerve cells 

: These electrically excitable cells transmit 
electrical signals down an extended stem 
called an axon. Found throughout the 


body, they enable us to feel sensations. 


Photoreceptor cells 


Located in the eye, these areof two types— 
— gE cone and rod (left). Both have a light- 


sensitive pigment and generate electrical 
signals when struck by light, helping us see. 


Smooth muscle cells 


; One of three types of muscle cell, smooth 
ectoderm, endoderm, and mesoderm. Cells of the ectoderm will ———s= muscle cells are spindle-shaped cells 


form the skin and nails, the epithelial lining of the nose, mouth, 
and anus, the eyes, and the brain and spinal cord. Cells of the 
endoderm will become the inner linings of the digestive tract, 
the respiratory linings, and glandular organs. Mesoderm cells will 
develop into muscles, and the circulatory and excretory systems. 





STEM CELLS 


A few days after fertilization, an embryo consists of a ball of 
“embryonic stem cells” (ESCs). These cells have the potential to 
develop into any type of cell in the body. Scientists are trying to 
harness this property to grow replacement body parts. As the 
embryo grows, the stem cells become increasingly restricted in their 
potential and most are fully differentiated by the time we are born. 
Only a small number of stem cells remain in parts of the adult body, 
including in the bone marrow. Scientists believe that these cells 
could also be used to help cure diseases. 





Adult stem cells 

Adult stem cells, such as the large white cell in this image, are present in bone 
marrow, where they multiply and produce millions of blood cells, including red 
blood cells, also seen here. 


found in the arteries and the digestive 
tract that produce contractions. 


Ovum (egg) cells 

The largest cells in the female human 
body, eggs are female reproductive 
cells. Like sperm, they have just 

23 chromosomes. 


Sperm cells 
Sperm are male reproductive cells, 
: with tails that enable them to swim 
- up the female reproductive tract and 


fertilize an egg. 





LEVELS OF ORGANIZATION 


The overall organization of the human body can be 
visualized as a hierarchy of levels. At its lowest are the 
body's basic chemical constituents, forming organic 
molecules, such as DNA, the key to life. As the hierarchy 
ascends, the number of components in each of its levels 
—cells, tissues, organs, and systems—decreases, culminating 
in a single being at its apex. Cells are the smallest living 
units, with each adapted to carry out a specific role, but 
not in isolation. Groups of similar cells form tissues, which 
in turn form organs with a specific role. Organs with a 
common purpose are linked within a system, such as 

the cardiovascular system, shown right. These 
interdependent systems combine to produce a 

human body (see pp.16-17). 


TISSUE TYPES 


Cells of the same kind often group together to form tissues that 

carry out a specific function. However, not all cells within a tissue are 
necessarily identical. The four main types of tissue in the human body 
are muscle, connective tissue, nervous tissue, and epithelial tissue. 
Within these groups, different forms of these tissues can have very 


and cartilage are all types of connective tissue, but so are fat 
layers, tendons, ligaments, and the fibrous tissue that holds organs 
and epithelial layers in place. Organs such as the heart and lungs 
are composed of several different kinds of tissue. 


4 a Waiver ot * 
different appearances and functions. For example, blood, bone, Pied ae roe 5, i Bee. 


Smooth muscle 

Able to contract involuntarily in long, 
wavelike motions, smooth muscle is 
found in sheets on the walls of specific 
organs. It is vital for maintaining blood 
pressure and for pushing food through 
the system. 


Cartilage 

Its high water-content makes this 
tissue rubbery yet stiff. It is composed 
of cells, called chondrocytes, set ina 
matrix of gel-like materials secreted by 
the cells. Cartilage is found in the bone 
joints and in the ear and nose. 


Dense connective tissue 

This contains fibroblast cells, which 
secrete the fibrous protein called type 
1 collagen. The fibers are organized 
into a regular parallel pattern, making 
the tissue very strong. This tissue type 
occurs in the base layer of skin. 


Epithelial tissue 

This tissue forms a covering or lining 
for internal and external body 
surfaces. Some epithelial tissues can 
secrete substances such as digestive 
enzymes; others can absorb 
substances like food or water. 


oes 







Skeletal muscle 

This tissue enables voluntary limb 
movements. Its cells are arranged 
into bundles of fibers that connect to 
bones via tendons. They are packed 
with filaments that slide over one 
another to produce contractions. 


Spongy bone 

Spongy bone is found in the center 
of bones (see p.24) and is softer 
and weaker than compact bone. 
The latticelike spaces in spongy 
bone are filled with bone marrow 
or connective tissue. 


Loose connective tissue 

This tissue type also contains cells 
called fibroblasts, which secrete 
loosely-organized fibers that make 
the tissue pliable. Loose connective 
tissue holds organs in place and 
provides support. 


Adipose tissue 

A type of connective tissue, adipose 
tissue is composed of fat cells called 
adipocytes, as well as some immune 
cells, fibroblast cells, and blood 
vessels. Its main task is to store energy, 
and to protect and insulate the body. 


Nervous tissue 

This forms the brain, spinal cord, and 
the nerves that control movement, 
transmit sensation, and regulate 
many body functions. It is mainly 
made up of networks of nerve cells 
(see opposite). 





w 
ie) 
1] 
< 
a 
(e) 
= 
U 
io) 
= 
= 
Oo 
Zz 








Key among the chemicals While cells may differ in One of the three types "Like other organs, the 


inside all cells is DNA 
(see pp.10-11). Its long 
molecules provide the 
instructions for making 
proteins. These, in turn, 
perform many roles, 
such as building cells. 





size and shape, all have 
the same basic features: 
an outer membrane; 
organelles floating within 
jellylike cytoplasm; and a 
nucleus containing DNA 
(see pp.12-13). 








of muscle tissue, cardiac 
~ muscle is found only in 
_ the walls of the heart. Its 
_ cells contract together, 
as a network, to make 
_ the heart squeeze and 
_ pump blood. 


_ heart is made of several 


types of tissue, including 
cardiac muscle tissue. 
Among the others are 
connective and epithelial 
tissues, found in the 
chambers and valves. 





The heart, blood, and 
blood vessels form the 


cardiovascular system. Its 
main tasks are to pump 
blood, deliver nutrients, 
and remove waste from 
the tissue cells. 











BODY SYSTEMS 


> 

Q : ; i 

OQ} The human body can do many different things. It can digest “LYMPHATIC AND IMMUNE SYSTEM 
a food, think, move, even reproduce and create new life. Each =e a ae, 
=| of these tasks is performed by a different body system—a vessels and nodes, which drain tissue fluid 

0 ; : and return it to the veins. Its main functions 
E | group of organs and tissues working together to complete Se ern crane eee el 

=| that task. However, good health and body efficiency rely on cardiovascular system and to distribute 


immune cells around the body. Movement 
of lymphatic fluid relies on the muscles 
within the muscular system. 


the different body systems working together in harmony. 


SYSTEM INTERACTION ENDOCRINE SYSTEM 
Think about what your body is doing right now. 
You are breathing, your heart is beating, and The endocrine system communicates 
your blood pressure is under control. You are waitin the other systems, enabling 
also conscious and alert. If you were to start ee Uope elle tales tell as) a 
; wa t uses chemical messengers, called ; 7 
running, specialized cells called chemoreceptors hormones whichrare secreted into 5 
would detect a change in your body's metabolic the blood by specialized glands. 
requirements and signal to the brain to release 
adrenaline. This would in turn signal the heart 
to beat faster, boosting blood circulation and 
providing more oxygen to the muscles. After a 
while, cells in the hypothalamus might detect an 
increase in temperature and send a signal to the 
skin to produce sweat, which would evaporate 
and cool you down. 

The individual body systems are linked 
together by a vast network of positive and 
negative feedback loops. These use signalling 
molecules such as hormones and electrical 
impulses from nerves to maintain equilibrium. 
Here, the basic components and functions 
of each system are described, and examples 
of system interactions are examined. 


‘ommenaoom 


he mechanics of breathing rely upon an interaction 
between the respiratory and muscular systems. 
Together with three accessory muscles, the intercostal 
muscles and the diaphragm contract to increase the 
volume of the chest cavity. This draws air down into 
the lungs. A different set of muscles is used during 
forced exhalation. These rapidly compress the chest 
cavity, forcing air out of the lungs. Every cell in the body needs oxygen and must dispel carbon dioxide 
in order to function. The respiratory system ensures this by breathing 
air into the lungs, where the exchange of these molecules occurs 
between the air and blood. The cardiovascular system transports 
oxygen and carbon dioxide between the cells and the lungs. 

















Accessory and 
intercostal 
muscles 





The brain, spinal cord, and nerves collect, process, and disseminate 
information from the body’s internal and external environments. The 
nervous system communicates through networks of nerve cells, 
Diaphragm which connect with other systems. The brain controls and monitors 
all the other systems to ensure they are performing normally. 














As well as oxygen, every cell needs energy 
in order to function. The digestive system 
processes and breaks down the food we 
eat so that a variety of nutrients can be 


absorbed from the intestines into the 
circulatory system. These are then delivered 
to the cells of every body system in order to 
provide them with energy. 


The muscular system is made up of three types of 

muscle: skeletal, smooth, and cardiac. It is responsible for 
generating movement - both in the limbs and within the 
other body systems. For example, smooth muscle aids 
the digestive system by helping to propel food down the 
esophagus and through the stomach, intestines, and 
rectum. The respiratory system needs the thoracic 
muscles to contract to fill the lungs with air (see opposite). 






















The cardiovascular system uses 
blood to carry oxygen from the 
respiratory system and nutrients 
from the digestive system to cells 
of all the body’s systems. It also 
removes waste products from 
these cells. At the center of 

the cardiovascular system lies the 
muscular heart, which pumps 
blood through the blood vessels. 





This system uses bones, cartilage, ligaments, and tendons to provide the body 
with structural support and protection. It encases much of the nervous system 
within a skull and vertebrae, and the vital organs of the respiratory and circulatory 
systems within the ribcage. The skeletal system also supports our immune and the 
circulatory systems by manufacturing red and white blood cells. 


Although the reproductive system is not essential for maintaining life, 
it is needed to propagate it. Both the testes of the male and the ovaries 
of the female produce gametes in the form of sperm and eggs, which 
fuse to create an embryo. The testes and ovaries also produce 
hormones including estrogen and testosterone, thus forming part 

of the endocrine system. 


The urinary system filters and removes many of the waste products generated 

by cells of the body. It does this by filtering blood through the kidneys and 
producing urine, which is collected in the bladder and then excreted through the 
urethra. The kidneys also help regulate blood pressure within the cardiovascular 
system by ensuring that the correct amount of water is reabsorbed by the blood. 
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Midclavicular line Axilla 
A vertical line running The armpit; more precisely, the pyramid- 
down from the midpoint shaped part of the body between the 


of each clavicle upper arm and the side of the thorax. 
Floored by the skin of the armpit, it 
reaches up to the level of the clavicle, 


top of the scapula, and first rib 

































Pectoral region 

The chest; sometimes refers 
to just the upper chest, where 
the pectoral muscles lie 


Anterior surface of arm 
“Anterior” means front, and 


Ppigastric region refers to the body when it is 


Area of the abdominal 
wall above the 
transpyloric plane, and 
framed by the diverging 
margins of the ribcage 


“Arm” relates to the part of 
the upper limb between the 
shoulder and the elbow 


Umbilical 
region 

Central region 
of the abdomen, 
around the 
umbilicus 
(navel) 


Hypochondrial region 
The abdominal region 
under the ribs on 

each side 


Cubital fossa 
Triangular area anterior 
to the elbow, bounded 
above by a line between 
the epicondyles of the 
humerus on each side, 
and framed below by 
the pronator teres and 
brachioradialis muscles 


Transpyloric 
plane 
Horizontal plane 
joining tips of 
the ninth costal 
cartilages, at the 
margins of the 


ribcage; level Anterior 
with the first surface of 
lumbar vertebra forearm 
and pylorus of The part of the 
the stomach body between 
the elbow and 
the wrist 


Lumbar region 
The side of the 


abdominal wall Suprapubic region 


The part of the abdomen 
that lies just above the pubic 





Palmar surface 


_ of hand bones of the pelvis 
Anterior surface 
of the hand 
Inguinal region 
Refers to the groin area, 
Intertubercular plane where the thigh meets 


This plane passes through the trunk 
the iliac tubercles—bony 
landmarks on the pelvis 
—and lies at the level of 


the fifth lumbar vertebra 


Anterior surface of thigh 
Part of the body between the 
hip and the knee 


Iliac region 

The area below the 
intertubercular plane and 
lateral to (to the side of) 
the midclavicular line; 
may also be referred to 
as the “iliac fossa” 


Anterior surface of knee 


Anterior surface of leg 
Anatomically, “leg” just refers to 
the part between the knee and 
ankle, and the term “lower limb” 
is used for the whole limb 


Dorsum of foot 
Standing upright, this is the 
upper surface of the foot 


Anterior surface regions 

The anterior surface of the body is divided into general 
anatomical areas by imaginary lines drawn on the body. 

The location of many of these lines is defined by reference 

to underlying features such as muscles or bony prominences; 
for example, the cubital fossa is defined by reference to 
epicondyles of the humerus, and the pronator teres and 
brachioradialis muscles. Many of the regions may be divided 
into smaller areas. For instance, the upper part of the anterior 
thigh contains the femoral triangle. 


in this “anatomical position”. 














Occipital region 
The back of the head 


Posterior 
surface of 
arm 


Lumbar region 
On the back of 
the body it 
refers to the 
part between 
the thorax 

and the pelvis 


Posterior 
surface 
of forearm 


Dorsum of 
hand 

The back of 
the hand 


Gluteal region 

Refers to the buttock, 
and extends from the 
iliac crest (the top of 

the bony pelvis) above, 
to the gluteal fold (the 
furrow between the 
buttock and thigh) below 


Posterior surface of thigh 


Popliteal fossa 

A diamond-shaped cavity 
at the back of the knee, 
between the diverging 
hamstring muscles above 
and the converging calf 
muscles below 


Calf 
This common term is 

. also used anatomically, 
to describe the fleshy 
back of the leg 


Posterior surface regions 

As with the anterior surface, the posterior surface 
can also be divided into anatomical regions. The 
anterior surface of the abdomen is divided by planes 
and mapped into nine regions—allowing doctors 

to describe precisely where areas of tenderness or 
lumps are felt on abdominal examination. The back 
is not divided into as many regions. This illustration 
shows some of the terms used for the broader 
regions of back of the body. 





TERMINOLOGY AND PLANES 


Anatomical language allows us to describe the structure of the body accurately and 
unambiguously. The illustrations here show the main regions of the anterior (front) and 
posterior (back) surfaces of the body. Sometimes it is easier to understand anatomy by 
dividing the body into two dimensional slices. The orientation of these planes through 
the body also have specific anatomical names. There are also terms to describe the 
relative position of structures within the body. 
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Medial <———————_> Lateral 


Superior 









Sagittal plane 


Coronal plane 


Transverse plane 








Promixal 
Medial 
Lateral 
Flexion 
Distal 
Extension 
: 
. 
. 
‘ 
. 
. 
. 
H Promixal 
: 
H 
. 
. 
H 
: 
: 
: 
. 
. 
. 
H 
‘ Adduction 
: 
; Distal Abduction 
; 
. 
Inferior H 
Directions and relative positions 
As well as defining parts of the body, anatomical terminology 
also allows us to precisely and concisely describe the relative 
positions of various structures. These terms always refer back Anatomical terms for planes and movement 
to relative positions of structures when the body is in the The diagram above shows the three planes—sagittal, coronal, 
“anatomical position” (shown above). Medial and lateral and transverse—cutting through a body. It also illustrates some 
describe positions of structures toward the midline, or toward medical terms that are used to describe certain movements of 
the side of the body, respectively. Superior and inferior refer body parts: flexion decreases the angle of a joint, such as the 
to vertical position—toward the top or bottom of the body. elbow, while extension increases it; adduction draws a limb 
Proximal and distal are useful terms, describing a relative closer to the sagittal plane, while abduction moves it further 


position toward the center or periphery of the body. away from that plane. 
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The human body is made up of eleven functional 
systems. No one system works in isolation: for example 
the endocrine and nervous systems work closely to 
keep the body regulated, while the respiratory and 
cardiovascular systems combine to deliver vital oxygen 
to cells. To build the clearest picture of how the body 

is put together it is, however, helpful to strip back our 
anatomy and consider it system by system. This chapter 
gives an overview of the basic structure of each system 
before looking at each region in detail. 


022 Skin, hair, and nail 146 Respiratory system 204 Urinary system 
024 Skeletal system 154 Cardiovascular system 208 Reproductive system 
068 Muscular system 180 Lymphatic and immune system 216 Endocrine system 


110 Nervous system 192 Digestive system 


___ Medulla 








Hair __| Cortex 





Cuticle Visible hair 
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A hair in section 

A strand of hair has a multilayered 
structure, from its root to the tip. 
Hair’s color is determined by 
melanin within the cortex; the 
medulla reflects light so the 
different tones of color are seen. 





Internal root 
heath 
Epithelial root __| aaioae 
sheath External root Sebaceous 
bess sheath gland 

Dermal root 

sheath Hair matrix 
Together with the 
epithelial root sheath, 
makes the hair follicle 

Melanocyte 

Bs Cell that makes the 
Bulb __| pigment (melanin) that 


Base of hair root gives hair its color 





Papilla 
Directs growth of 
the hair follicle 


Blood vessels 
Bring nourishment to 
the cells of the matrix 


SKIN, HAIR, 
AND NAIL 7 


The skin is our largest organ, weighing about Adds keratinized Nail Crescent 
9lb (4kg) and covering an area of about cells to nail root root Cuticle shape on nail 
21 square feet (2 square meters). It forms a 
tough, waterproof layer, which protects us from 
the elements. However, it offers much more 
than protection: the skin lets us appreciate the 
texture and temperature of our environment; 

it regulates body temperature; it allows excretion 
in sweat; communication through blushing; 
gripping thanks to ridges on our fingertips, and 
vitamin D production in sunlight. Thick head 
hairs and fine body hairs help to keep us warm 
and dry. All visible hair is in fact dead; hairs are 
only alive at their root. Constantly growing and 
self-repairing, nails protect fingers and toes but 
also enhance their sensitivity. SECTION THROUGH A NAIL 


SECTION THROUGH A HAIR 





Nail 
Hard plate 
made of keratin 


Nail bed 


Distal phalanx 





Fat 





SECTION THROUGH SKIN Skin in section 


In just one square centimeter (%in2) of the R 
f skin, there are, on average, 21'4in (55cm) of z 
Touch Hair nerve fibers, 27 %in (70cm) of blood vessels, = 
sensor Hairs cover most I 
of the body, apart 15 sebaceous glands, 100 sweat glands, and > 
from the palms of over 200 sensory receptors. a 
the hands, soles - 
of the feet, nipples, ; > 
J glans penis, and Zz 
vulva Arrector pili muscle = 
Tiny bundles of smooth > < 
muscle, these contract —_ 
Epidermal to raise the hairs in Sweat Basal epidermal Ls 
surface response to cold droplet layer 
New skin cells are 
made here 


|__ Epidermis 
Outermost layer 
of the skin, 
comprising 

— constantly 
renewing layers 
of cells called 
keratinocytes 





|  Dermis 

Inner layer, 
composed of 
dense connective 
tissue, containing 
the nerves and 
blood vessels that 
supply the skin 


|__ Hypodermis 
Layer of loose 
connective tissue 
under the skin; 
also known as 
superficial fascia 























Hair follicle Sebaceous gland Sweat gland Arteriole Venule 
Cuplike structure in the Secretes sebum into the hair follicle; Coiled tube extend upward from 

dermis or hypodermis this oily secretion helps to waterproof the dermis to open at a pore 

forms a socket for a hair the skin and keep it supple, and also on the surface of the epidermis 


has an antibacterial effect 


ADVICE FOR SUPERVISING ADULTS: 


* READ AND FOLLOW THESE SAFETY INSTRUCTIONS, 
THE SAFETY RULES AND KEEP THEM FOR REFERENCE. 


e SUPERVISING ADULTS SHOULD DISCUSS ANY WARNINGS 
AND SAFETY INFORMATION WITH THE CHILD BEFORE 
COMMENCING THE ACTIVITIES. 


SAFETY RULES: 

¢ DO READ THE INSTRUCTIONS BEFORE USE, FOLLOW THEM 
AND KEEP THEM FOR REFERENCE. 

* DO KEEP YOUNG CHILDREN AND ANIMALS AWAY FROM THE 
ACTIVITY AREA. 

¢ DO STORE THE SET OUT OF REACH OF YOUNG CHILDREN. 
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SEEEVAS SEV 
OVERVIEW 


The human skeleton gives the body its 
shape, supports the weight of all our other 
tissues, provides attachment for muscles, 
and forms a system of linked levers that 
the muscles can move. It also protects 
delicate organs and tissues, such as the 


Cranium 

Contains and protects the brain and 
the organs of special sense - the eyes, 
ears, and nose - and provides the 
supporting framework of the face 











Mandible 

A single bone, the jaw contains 

the lower teeth and provides 
attachment for the chewing muscles 


Vertebral column 
Comprises stacked vertebrae 
and forms a strong, flexible 
backbone for the skeleton 
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brain within the skull, the spinal cord : Clavicle 
eer _ Manubrium 
within the arches of the vertebrae, and 
the heart and lungs within the ribcage. The scepule 
skeletal system differs between the sexes. Sternum | Gladiolus 
This is most obvious in the pelvis, which is 
usually wider in a woman than in a man. Xiphoid Humerus 
The skull also varies, with men having a usa gs 
larger brow and more prominent areas Sorta carulnee: 
Attach the upper ribs . 
for muscle attachment on the back of to the sternum, and Ribs 
the head. The entire skeleton tends to Jee Ds aan 
i other, and give the 
be larger and more robust in a man. ribcage flexibility 
UlIna 
. - Oddly shaped 
Most of the human skeleton develops first as cartilage, pean RaAlie 


called the 
innominate 


which is later replaced by bone throughout fetal 
development and childhood. Both bone and cartilage 

A : ; ; bone (“bone 
are connective tissues. Bone tissue consists of cells ars 
that are embedded in a mineralized matrix, making name’) 
it extremely hard and strong. Bone is full of blood 
vessels and repairs easily. 


Line of 
Medullary fusion Spongy 
(marrow) of growth (cancellous) 
Diaphysis cavity plate bone 












Sacrum 
Formed from five 
fused vertebrae; it 
provides a strong 


Femur 
The largest bone in the 


Epiphysis body at around 18in 


Periosteum Compact 














. : bone Articular surface conncchon betncen (45cm) long 
ong bone ; : - the pelvis and 
Long bones are found in the limbs, and include the femur the spine 
(shown above), humerus, radius, ulna, tibia, fibula, metatarsals, 
metacarpals, and phalanges. A long bone has flared ends 
(epiphyses), which narrow to form a neck (metaphysis), Patella 
tapering down into a cylindrical shaft (diaphysis). Cartilage The kneecap. This 
growth plates near the ends of bones allow rapid growth in bone lies embedded 
childhood, but disappear by adulthood. in the tendon of the 
quadriceps muscle 
Central osteonal Osteocyte Osteon Tibia 
canal (Haversian The shinbone. Its 
canal) sharp anterior edge 
Periosteal can be felt along 
blood the front of the shin 
vessels 
pia ; Tarsals __ 1 
ndosteal A group of seven 
nas bones, including the Fibula 
talus; contributes to the Contributes to 
ankle joint, and the the ankle joint and 
Medullary Lymphatic heel bone or calcaneus provides a surface 






(marrow) cavity vessel 


Compact bone 

Also called cortical bone, compact bone is made up of osteons: 
concentric cylinders of bone tissue, each around 0.1-0.4mm in 
diameter, with a central vascular canal. Bone is full of blood 
vessels: those in the osteons connect to blood vessels within the 
medullary cavity of the bone as well as to vessels in the 
periosteum on the outside. 


Metatarsals 

Five bones in the foot; 
the equivalent of the 
metacarpals in the hand 


Phalanges 


Fourteen phalanges form 


the toes of each foot 








ANTERIOR (FRONT) 





for muscle attachment 


Clavicle 

Traces a sinuous curve at 
the base of the neck; it 
acts as a strut supporting 
the shoulder 


Acromion 


Scapula 

Connects the arm to the 
trunk, and provides a 
secure but mobile anchor 
for the arm, allowing the 
shoulders to be retracted 
backward, protracted 
forward, and elevated 


UlIna 

Wide at its proximal end, 
where it articulates with 
the humerus at the 
elbow, this bone tapers 
down to a pointed styloid 
process near the wrist 


Radius 

Forearm bone; it can 
rotate around the ulna to 
alter the orientation of 
the hand 


Carpals 

Eight small bones in the 
base of the hand. Two 
articulate with the radius 
to form the wrist joint 


Phalanges 

Fourteen bones in each 
hand: two form the 
thumb, with three 
(proximal, middle, and 
distal) in each finger 


Metacarpals 





Five slender bones, hidden 
in the base of the thumb 
and the palm of the hand 


Parietal bone 


Atlas 


Axis 









Frontal 


bone 

Nasal 

Occipital bone 
bone 

Hyoid bone 


U-shaped bone; 

provides attachments 

for muscles of the 

Cervical tongue, as well as the 
vertebrae ligaments suspending 
the larynx in the neck 


Thoracic 
vertebrae 
Ribs 

Twelve pairs of 
curving bones 


form the ribcage 


Humerus 


Epicondyles 


Lumbar 








POSTERIOR (BACK) 


vertebrae 


lium 
Named after 
the Latin for hip 


Carpal 


Metacarpal 


Coccyx 

End of the spine made up of 
three to five tiny vertebrae; 
means cuckoo in Greek 








Femur 


Tibia 


Fibula 


Calcaneus 
Heel bone 


Patella 


Tarsals 


Metatarsals 


Phalanx 





Cranium 


Temporal 
bone 


Occipital 
bone 


Cervical 
vertebra 


Clavicle 


Scapula 


Thoracic 
vertebra 


Humerus 
Latin for 
shoulder 


Lumbar 
vertebra 


UlIna 


Pelvis 
Radius 


Coccyx 


Phalanges 


Femur 


Fibula 


Tibia 
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The skull comprises the cranium and mandible. It 
houses and protects the brain and the eyes, ears, nose, 
and mouth. It encloses the first parts of the airway and 
of the alimentary canal, and provides attachment for 
the muscles of the head and neck. The cranium itself 
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with a fibrous joint in the middle. The 
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1 
comprises more than 20 bones that meet each other at fibrous joints 


called sutures. In addition to the main bones labeled on these pages, 
there are sometimes extra bones along the sutures. In a young 


adult skull, the sutures are visible as tortuous lines 
between the cranial bones; they gradually fuse with 


age. The mandible of a newborn baby is in two 


halves 





joint fuses during early infancy, so that 
the mandible becomes a single bone. 
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HEAD AND NECK 


The most striking features of the skull viewed from these 
* angles are the holes in it. In the middle, there is one large 
hole—the foramen magnum-—through which the brain stem 
emerges to become the spinal cord. But there are also many 
1} i smaller holes, most of them paired. Through these holes, the 
cranial nerves from the brain escape to supply the muscles, 
skin, and mucosa, and the glands of the head and neck. Blood 
vessels also pass through some holes, on their way to and from the brain. 
At the front, we can also see the upper teeth sitting in their sockets in the 
maxillae, and the bony, hard palate. 
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Internal occipital protuberance 
Located near the confluence of the 


Foramen magnum sinuses, where the superior sagittal, 
Latin for large hole; the transverse, and straight sinuses (the 
brain stem emerges here large veins in the dura mater) meet 


Hypoglossal canal 
The hypoglossal nerve, 
supplying the tongue 
muscles, exits here 


Basiocciput 
Part of the occipital bone, 
in front of the foramen 


Mastoid foramen 

An emissary (valveless) 
vein passes out 
through this hole 


i i ugular foramen 
magnum, which fuses with the ‘ internal jugular vein 
body of the sphenoid bone and the glossopharyngeal, 


Internal acoustic 
meatus 

The facial and 
vestibulocochlear nerves 
pass through this hole 


Foramen spinosum 

Entry point of the middle 
meningeal artery, which 
supplies the dura mater and 
the bones of the skull 


Lesser wing of 
sphenoid bone 


Optic canal 


Cribriform plate 

of ethmoid 

Area of the ethmoid bone 
pierced by holes, through 
which the olfactory nerves 
pass. Cribriform is Latin for 
sievelike; ethmoid, taken 
from Greek, also means 
sievelike 


Foramen caecum 
Named after the Latin 
for blind, this is a 
blind-ended pit 








INTERNAL SURFACE 
OF BASE OF SKULL 











vagus, and accessory nerves 
emerge from this hole 


Petrous part of 
temporal bone 


Foramen lacerum 


Foramen ovale 


Pituitary fossa 


Foramen rotundum 
The maxillary division 
of the trigeminal nerve 
passes through this 
round hole 


Orbital part of 
frontal bone 

Part of the frontal bone 
that forms the roof of 
the orbit, and also the 
floor at the front of 

the cranial cavity 


Crista galli 

Vertical crest on the 
ethmoid bone that takes 
its name from the Latin for 
cock's comb; it provides 
attachment for the falx 
cerebri—the membrane 
between the two cerebral 
hemispheres 


Inferior nuchal line 

Slight ridge lying between the 
attachments of some of 

the deeper neck muscles 


Hypoglossal canal 


Occipital condyle 
Where the skull 
articulates with the 
atlas (first cervical 
vertebra) 


Foramen lacerum 
Fibrocartilage-filled 
hole between 

the body of the 
phenoid bone and 
the petrous part 

of the temporal bone 


Digastric notch 
The posterior belly 
of the digastric 
muscle attaches 

to this pit 


Mastoid process 


Tympanic part of 
temporal bone 


Mandibular fossa 
Socket for the 
temporomandibular 
(jaw) joint 


Articular eminence 
The condyle of the 
mandible moves 
forward onto this 
area as the 

jaw opens 


Medial 

pterygoid plate 
Forms the back of 
the side wall of the 
nasal cavity 


Zygomatic process of maxilla 


Choana 

Opening of the nasal 
cavity into the pharynx; 
from funnel in Greek 
Vomer 

Posterior nasal spine 
Palatomaxillary suture 
Palate 


Intermaxillary suture 


Superior nuchal line 
The trapezius and sternocleidomastoid 
muscles attach to this ridge 















Occipital bone 


UNDERSIDE OF SKULL 


External occipital protuberance 


Foramen magnum 


Joint between the 
horizontal plates of 


the two palatine bones 


Incisive fossa 


Interpalatine suture 


Lambdoid 
suture 


Pharyngeal 
tubercle 


Jugular 
foramen 


Carotid canal 
The internal 
carotid artery 
enters here 


Stylomastoid 
foramen 

The facial nerve 
emerges through 
this hole 


Styloid process 


Foramen 
spinosum 


Foramen ovale 
The mandibular 
division of the 
trigeminal nerve 
goes through this 
hole 


Lateral 
pterygoid plate 
An anchor point 
for jaw muscles 


Pterygoid 
hamulus 

The word hamulus 
means small hook 
in Latin 


Zygomatic arch 


Lesser palatine 
foramina 

The lesser palatine 
arteries and nerves 
pass through this 
hole and run 
backward to 
supply the 

soft palate 


Greater palatine 
foramen 

This hole transmits 
the greater palatine 
artery and nerve, 
which supply the 
hard palate 


The nasopalatine nerve emerges here to 
supply sensation to the front of the palate 
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SKELETAL SYSTEM 


HEAD 
AND NECK 


7 This section—right through the middle of the 





skull—lets us in on some secrets. We can clearly 
appreciate the size of the cranial cavity, which is 
4 almost completely filled by the brain, with just a 

small gap for membranes, fluid, and blood vessels. 
Some of those blood vessels leave deep grooves on the inner 
surface of the skull: we can trace the course of the large venous 
sinuses and the branches of the middle meningeal artery. We can 
also see that the skull bones are not solid, but contain trabecular 
bone (or diploe), which itself contains red marrow. Some skull 
bones also contain air spaces, like the sphenoidal sinus visible 
here. We can also appreciate the large size of the nasal cavity, 
hidden away inside the skull. 


Frontal bone 




















Forms the anterior cranial 
fossa, where the frontal lobes 
of the brain lie, inside the skull 


Frontal sinus 

One of the paranasal air sinuses that 
drain into the nasal cavity, this is an 
air space within the frontal bone 


Nasal bone 


Pituitary fossa 

Fossa is the Latin word for ditch; 
the pituitary gland occupies this 
small cavity on the upper 
surface of the sphenoid bone 


Sphenoidal sinus 

Another paranasal air sinus; 
it lies within the body of 
the sphenoid bone 


Superior nasal concha 

Part of the ethmoid bone, 
which forms the roof and upper 
side walls of the nasal cavity 


Middle nasal concha 
Like the superior nasal concha, this 
is also part of the ethmoid bone 


Inferior nasal concha 

A separate bone, attached to 
the inner surface of the maxilla; 
the conchae increase the surface 
area of the nasal cavity 


Anterior nasal crest 


Palatine bone 
Joins to the maxilla and forms 
the back of the hard palate 


Pterygoid process 

Sticking down from the greater 
wing of the sphenoid bone, this 
process flanks the back of the nasal 
cavity and provides attachment for 
muscles of the palate and jaw 
































INTERIOR OF SKULL 





Parietal bone 


Grooves for arteries 
Meningeal arteries 
branch on the inside 
of the skull and leave 
grooves on the bones 


Squamous part of 
the temporal bone 


Squamosal suture 


Lambdoid suture 


Internal acoustic meatus 
Hole in petrous part of the 
temporal bone that transmits 
both the facial and 
vestibulocochlear nerves 


Occipital bone 


External occipital protuberance 
Projection from occipital bone that 
gives attachment to the nuchal 
ligament of the neck; much more 
pronounced in men than in women 


Hypoglossal canal 

Hole through occipital bone, 

in the cranial base, which 
transmits the hypoglossal nerve 
supplying the tongue muscles 


Styloid process 
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Radio Technology 
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Several inventors receive credit for developing a “crystal detector", a 
device which can pass current better in one direction than the other in 
an electrical circuit. In Germany, in the 1870's, Karl F. Braun noticed 
this property in certain mineral substances. Commercial development 
required a technology that would be suitable. This came with the advent 
of wireless communication and radio after 1900. 

in Japan, Wichi Torikata investiqated many minerals, including zincite. 
pyrolusite, iron pyrites and galena. In the United States, Greenleaf W. 
Pickard, associated with the Wireless Specialty Apparatus Co. of 
Boston, conducted extensive experiments as well. He became weil 
known for the PERIKON Detector which employed zincite and 
chakopyrite. The early 20th century work was generally done between 
1900 and 1912. Included among the scientists is General H.H.C. 
Dunwoody of the U.S Army who developed a carborundum detector. 

Until radio broadcasting began in 1920 (Station KDKA Pittsburgh) 
experimenters utilized the crystal detector for radiotelephone 
communications and for reception of certain Morse Code signals. There 
was also extensive use by the U.S. Navy and other maritime services. 

The modern crystal! diode, such as provided with your set, is a spin-off 
of radar technology developed during World War II. The basic principle, 
however, remains the same..i.e. to remove the AUDIO (speech, music 
or Morse~Code) from the radio frequency carrier wave. In one early 
Pickard crystal design (left) a stiff metal point is adjustable over the 
crystal surface. In a later version a “Catswhisker” spring impinged on a 
piece of galena (nght} and was varied to give a louder signal. 
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* HEAD 
AND NECK 


In this view of the skull, we can clearly see 
that it is not one single bone, and we can also 
i | see how the various cranial bones fit together 
to produce the shape we are more familiar 
with. The butterfly-shaped sphenoid bone is 
right in the middle of the action—it forms part of the skull 
base, the orbits, and the side walls of the skull, and it 
articulates with many of the other bones of the skull. The 
temporal bones also form part of the skull’s base and side 
walls. The extremely dense petrous parts of the temporal 
bones contain and protect the delicate workings of the ear, 
including the tiny ossicles (malleus, incus, and stapes) that 
transmit vibrations from the eardrum to the inner ear. 


Forms joints with the 
parietal and sphenoid 
bones on the top 

and sides of the skull, 
and with the maxilla, 
nasal, lacrimal, and 
ethmoid bones below 


Parietal bone 
Frontal bone 















In places, the connective tissue between developing 
bones solidifies to create fibrous joints. Linked by 
microscopic fibers of collagen, these fixed joints 
anchor the edges of adjacent bones, or bone and tooth, 
so that they are locked together. Such joints include 
the sutures of the skull, the teeth sockets (gomphoses), 
and the lower joint between the tibia and fibula. 


Periodontal ligament Cement Alveolar bone 
Dense connective Covers the Bone of the maxilla or 
tissue anchoring the roots of mandible forming the 
tooth in the socket the tooth tooth socket (alveolus) 


Gomphosis 

This name comes 
from the Greek word 
for bolted together. 
The fibrous tissue 

of the periodontal 
ligament connects 
the cement of the 
tooth to the bone 

of the socket. 





Uniting Capsular 
layer layer 
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eca 

Suture $s 
These joints exist between flat bones of the skull. They are ao5 
flexible in the skull of a newborn baby, and allow growth of the g vs 
skull throughout childhood. The sutures in the adult skull are Eas 
interlocking, practically immovable joints, and eventually E a 

LL 


fuse completely in later adulthood. 


HEAD AND NECK 
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T1 (first thoracic) vertebra 








Clavicle 
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First rib 

Smaller and more curved 
than all the other ribs; 

the thoracic inlet is 

formed by the first rib on 
each side, together with the 
manubrium sterni and 

the body of the T1 vertebra 








Scapula 








Second costal cartilage 
The upper seven ribs are 
true ribs, and all attach 
directly to the sternum 
via costal cartilages 








Third rib 





Fourth rib 














Fifth rib 


Sixth rib 





Seventh rib 








Eighth to tenth ribs 
The costal cartilages 
of these ribs each 
attach to the costal 
cartilage above 


Eleventh and twelfth ribs 
These are also called floating 
ribs because they do not 
attach to any others 









= Transverse process of T1 

~» Each rib articulates with 

~ the transverse processes of the 
~ corresponding thoracic vertebra 








a Head of first rib 
. The heads of the ribs articulate 
with the bodies of vertebrae 


‘ ~, 
iN Manubrium sterni 
x The sternum is shaped 
j . like a dagger or short 
‘ sword; manubrium 
. . means handle or 


hilt in Latin 











Manubriosternal joint 


pain 








Body of sternum 
Sternum comes 
from the Greek 
for breastbone 


Xiphisternal joint 


Xiphoid process 

The tip of the sternum 
takes its name from the 
Greek word for sword 








THORAX 


The skeleton of the thorax plays several 
extremely important roles. It not only acts 
as an anchor for muscle attachment, but 
during breathing the ribs move up and 





{ out to increase the volume inside 

! the thoracic cavity and draw air into the 
j ' lungs. It also forms a protective cage 
around the precious organs inside: the heart and lungs. 


The bony thorax includes the 12 thoracic vertebrae, 12 
pairs of ribs and costal cartilages, and the breastbone, 

. or sternum. The upper seven ribs all articulate with 

| the sternum via their costal cartilages. The eighth to the 
tenth costal cartilages each join to the cartilage above, 
creating the sweeping curve of the ribcage below the 
sternum on each side. The eleventh and twelfth ribs 

ANTERIOR are short and do not join any other ribs—they are 


(FRONT) sometimes referred to as free or floating ribs. 
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First rib 


Third rib 


Fifth rib 


Seventh rib 


Ninth rib 


Tenth rib 
































Eleventh rib 
With your fingers tracing 
down the edge of the 
ribcage, you may be able 
to feel the end of the 
eleventh rib in your side 


Twelfth rib 

The twelfth rib is even 
shorter than the eleventh, 
and tucked underneath 
muscles, so it cannot be felt. 
Unlike most ribs, the twelfth 
has no costal groove 


























C7 (seventh cervical vertebra) 








Transverse process of T1 
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THORAX 


There are cartilaginous joints between the 
vertebrae at the back of the thorax, and 
between the parts of the sternum at the 
front. The joints between the ribs and 
y the vertebrae at the back are synovial, 
allowing the ribs to move during breathing. 
When taking a breath, the anterior (front) 
ends of the upper ribs, along with the sternum, lift up and 
forward to increase the chest's front-to-back diameter, 
while the lower ribs move up and out, increasing the 
side-to-side diameter. Most ribs have a costal groove 
POSTERIOR marking the lower border, on the inner surface, where 
(BACK) nerves and vessels of the thoracic wall lie. 


Costal 
groove 
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protects the spinal cord, provides 
sites for muscle attachment, and 


contains blood-forming bone marrow. The entire 
vertebral column is about 28in (70cm) long in 
men, and 24in (60cm) long in women. About 


supports the trunk, encloses and 
a quarter of this length is made up by the 


The spine, or vertebral column, 
occupies a central position in 
the skeleton, and plays several 
extremely important roles: it 


Lu 
Zz 
QO. 
Vv) 


and transverse processes—there are recognizable 
features that mark out the vertebrae of each 


—most possess a body, a neural arch, and spinous 
section of the spine. 


vertebrae. The number of vertebrae varies from 
32 to 35, mostly due to variation in the number 
Although there is a general pattern for a vertebra 


cartilaginous intervertebral discs between the 
of small vertebrae that make up the coccyx. 
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Thoracic spine 
(Twelve vertebrae, providing attachment for twelve pairs of ribs 


Cervical spine 


(Seven vertebrae make up the spine in the neck) 


) 
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Sacrum 
(Five fused vertebrae) 
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Lumbar spine 
(Five vertebrae) 
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ABDOMEN 
AND PELVI: 


The bony boundaries of the abdomen 
include the five lumbar vertebrae at the 
back, the lower margin of the ribs above, 
and the pubic bones and iliac crest of the 
pelvic bones below. The abdominal cavity 
itself extends up under the ribcage, as high as the gap 
between the fifth and sixth ribs, due to the domed shape 
of the diaphragm. This means that some abdominal organs, 
such as the liver, stomach, and spleen are, in fact, largely 
tucked up under the ribs. The pelvis is a basin shape, and 
is enclosed by the two pelvic (or innominate) bones, at the 
front and sides, and by the sacrum at the back. Each pelvic 
bone is made of three fused bones: the ilium at the rear, 
the ischium at the lower front, and the pubis above it. 


J 





Twelfth rib 


Lumbar vertebrae 








The lumbar section of 
the spine forms part of the 
posterior abdominal wall 


Iliac crest 

Upper edge of the ilium—one 
of the three bones that make 
up the bony pelvis; it can be 
felt easily through the skin 


Sacroiliac joint 
A synovial joint between 
the sacrum and ilium 


Iliac fossa 

The concavity (concave surface) 
of the ilium gives attachment to 
the iliacus muscle and supports 
the intestines 

Sacrum 

Pelvic bone 

Each of the two large 


pelvic bones is made up of 
ilium, pubis, and ischium 


Coccyx 


Superior pubic ramus 
The upper branch of 
the pubic bone 


Body of ischium 
Ischiopubic ramus 


Ischial tuberosity 


Femur 


ANTERIOR (FRONT) 














Semi-movable cartilaginous joints are formed by bones 
separated by a disc of resilient and compressible 
fibrocartilage, which allows limited movement. 
Cartilaginous joints include the junctions between ribs 
and costal cartilages, joints between the components of 
the sternum, and the pubic symphysis. The intervertebral 
discs are also specialized cartilaginous joints. 
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Pubic bone 
Forms the 
front of the 
bony pelvis 


Pubic symphysis 


PELVIS 
Pubic symphysis 
At the front of the bony pelvis, the two pubic bones 
meet each other. The articular surface of each is 
covered with hyaline cartilage, with a pad of 
fibrocartilage joining them in the middle. 


Atlas (first Hyaline 
cervical vertebra) \ cartilage 
Zygapophyseal Nucleus 
joint pulposus 
Small synovial Inner, gel-like 
joints between the center of 
neural arches at the disk 
the back of the . 
spine Ww 
Axis (second Annulus 


fo fibrosus 
= | Outer, fibrous 
SPINE j ring of the disk 


Intervertebral disc 
Each fibrocartilage pad or disk between vertebrae 
is organized into an outer annulus fibrosus and 

an inner nucleus pulposus. 


cervical vertebra) 


Anterior superior iliac spine 
This is the anterior (front) end 
of the iliac crest 








Ala of sacrum 

The bony masses to the sides 

of the sacrum are called the alae, 
which means wings in Latin 


Anterior sacral foramina 
Anterior (frontal) branches of 
the sacral spinal nerves pass 
out through these holes 





Pubic symphysis 
A cartilaginous joint between 
the two pubic bones 


Pubic tubercle 

This small bony projection 
provides an attachment point 
for the inguinal ligament 


Obturator foramen 

This hole is largely closed over 

by amembrane, with muscles 
attaching on either side; its name 
comes from the Latin for stopped up 





Your Smithsonian Smart Lab Crystal Radio Set 
contains the following items 


VARIABLE 
CAPACITOR 


GROUND WIRE 


Shown below is a typical wiring diagram 
of your crystal radio. 





ABDOMEN 


AND PELVIS: 


The orientation of the facet joints (the joints 
between the vertebrae) of the lumbar spine 
means that rotation of the vertebrae is limited, 
but flexion and extension can occur freely. There 
is, however, rotation at the lumbosacral joint, 
which allows the pelvis to swing during walking. The sacroiliac 
joints are unusual in that they are synovial joints (which are 
usually very movable), yet they are particularly limited in their 
movement. This is because strong sacroiliac ligaments around the 
joints bind the ilium (part of the pelvic bone) tightly to the sacrum 
on each side. Lower down, the sacrospinous and sacrotuberous 
ligaments, stretching from the sacrum and coccyx to the ilium, 
provide additional support and stability. 
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Iliac crest 


Gluteal surface of ilium 
The gluteal muscles attach 
to the pelvis here 


Posterior superior 
iliac spine 

This is the back end 
of the iliac crest 


Sacroiliac joint 


Sacrum 


Body of pubis 
The wide, flat portion 
of the pubic bone 


Ischial spine 

This projection from 
the ischium forms 
the attachment point 
for the sacrospinous 
ligament of the pelvis 


Greater trochanter 
Gluteal muscles 
attach here 





Coccyx 


Lesser trochanter 
Attachment point for 
the psoas muscle 


Femur 





























—_ 


Twelfth rib 


Lumbar vertebrae 
Five vertebrae make 
up the lumbar spine 


Lumbosacral joint 
Where the fifth lumbar 
vertebra meets the sacrum 


Posterior sacral foramina 
Posterior branches of the sacral spinal 
nerves pass through these holes 


Superior pubic ramus 
This extension of the pubic bone is 
named after the Latin for branch 


Obturator foramen 
Ischiopubic ramus 


Ischial tuberosity 


(POSTERIOR) BACK 
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Sacral promontory lliiac crest 
The upper margin of the 
sacrum projects forward 
less in the female 






Sacroiliac joint 
Smaller in the 
female pelvis 





Greater sciatic notch 


Superior pubic ramus 


Ischiopubic ramus 
Thinner in the 
female pelvis 





Pubic symphysis 





P E LV | S Subpubic angle 
Much wider in the 
FEMALE PELVIS ANTERIOR (FRONT) female pelvis 


The bony pelvis is the part of the skeleton 
that is most different between the sexes, 
because the pelvis in the female has to 
accommodate the birth canal, unlike the 
male pelvis. Comparing the pelvic bones 
of a man and a woman, there are obvious 
differences between the two. The shape of 
the ring formed by the sacrum and the two pelvic bones 
—the pelvic brim—tends to be a wide oval in the 
woman and much narrower and heart-shaped 
in aman. The subpubic angle, underneath 
the joint between the two pubic bones, 
is much narrower in a man than it is y, 
in with awoman. As with the rest 
of the skeleton, the pelvic bone 
also tends to be more chunky 
or robust in a man, with 
more obvious ridges where 
muscles attach. 


















Pelvic brim 
This forms the inlet 
into the pelvis, and 
is wider in the female 


FEMALE PELVIS VIEWED FROM ABOVE 


Sacroiliac joint 
Male joints tend to 
be larger than those 
of the female, and 
this one is no 
exception 


Superior pubic 


Pubic symphysis 


male and narrower than 





ramus 


Pelvic brim 
Heart-shaped in the 


in the female pelvis 


Sacral promontory 

The upper margin of the sacrum 
projects into the heart-shaped 
pelvic brim 








MALE PELVIS ANTERIOR (FRONT) 


MALE PELVIS VIEWED FROM ABOVE 









Iliac crest 

Gives attachment 
to the muscles of 
the abdominal 
wall and is more 
robust or chunky 
in the male 


Greater sciatic 
notch 





Ischiopubic ramus 
Thicker in the male 
pelvis, with a turned-out 
edge where the crus of 
the penis attaches 


Subpubic angle 
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Scapula 
Clavicle 
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SHOULDER 


ANU UPPER ARM 


The scapula and clavicle make up the shoulder girdle, which anchors the 
arm to the thorax. This is a very mobile attachment—the scapula “floats” on 
1 | the ribcage, attached to it by muscles only (rather than by a true joint) that 

pull the scapula around on the underlying ribs, altering the position of the 

shoulder joint. The clavicle has joints—it articulates with the acromion of 
the scapula laterally (at the side) and the sternum at the other end—and helps hold the 
shoulder out to the side while allowing the scapula to move around. The shoulder joint, 
the most mobile joint in the body, is a ball-and-socket joint, but the socket is small and 
shallow, allowing the ball-shaped head of the humerus to move freely. 


{| 


Glenoid fossa 
Shallow area that 


articulates with the head of 
the humerus, forming part 







of the shoulder socket 
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SHOULDER 
ANU UPPER ARM 


The back of the scapula is divided into two sections by its 

spine. The muscles that attach above this spine are called 
supraspinatus; those that attach below are called infraspinatus. 
They are part of the rotator cuff muscle group, which enables 
shoulder movements and stabilizes the shoulder joint. The spine 
of the scapula runs to the side and projects out above the shoulder joint to form 
the acromion, which can be easily felt on the top of the shoulder. The scapula 
rests in the position shown here when the arm is hanging at the side of the 
body. If the arm is abducted (raised to the side), the entire scapula rotates so 
that the glenoid cavity points upward and the inferior angle moves outward. 






Clavicle 
Glenoid 
cavity 
Acromion 
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Infraspinous fossa 


The infraspinatus muscle 


attaches to this part of the 
scapula—below its spine 


Inferior angle 











This faint line marks where 


Spiral groove 





the radial nerve spirals around the 
posterior aspect of the humerus 
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Acromioclavicular ligament Coracoacromial ligament Coracoclavicular 
Strengthens the fibrous capsule Tendon of supraspinatus muscle ligament 
of the acromioclavicular joint, runs under this ligament, and 
between the lateral end of the clavicle may become compressed in 
and the acromion of the scapula impingement syndrome 


Acromion 


Coracoid process 








Glenohumeral 
ligaments 
Reinforce the front of 
the fibrous capsule 
of the shoulder joint 


Humerus Scapula 


SHOULDER JOINT (ANTERIOR/FRONT) 





Transverse 
scapular ligament 











Clavicle 







SHOULDER 
ANU UPPER ARM 


In any joint, there is always a play off between mobility 

and stability. The extremely mobile shoulder joint is therefore 
naturally unstable, and so it is not surprising that this is the most 
commonly dislocated joint in the body. The coracoacromial 
arch, formed by the acromion and coracoid process of the 
scapula with the strong coracoacromial ligament stretching between them, 
prevents upward dislocation; when the head of the humerus dislocates, it 
usually does so in a downward direction. The elbow joint is formed by the 
articulation of the humerus with the forearm bones: the trochlea articulates 
with the ulna, and the capitulum with the head of the radius. The elbow is a 
hinge joint, stabilized by collateral ligaments on each side. 


Humerus 























Fibrous capsule 
Attaches to 

the front of the 
humerus above 
the radial and 
coronoid fossae, 
and to the ulna 
and annular 
ligament below 





Medial 
epicondyle 


Lateral 
epicondyle 


Radial collateral 
ligament 

Attaches from the 
lateral epicondyle to 
the annular ligament 


Annular ligament 


Ulnar collateral 
ligament 
Attaches from the 
medial epicondyle 
to the ulna 


Neck of radius 



















Humerus Oblique cord 


UlIna 


Annular ligament 

of the radius 

Encircling the head of the radius, 

this allows the bone to rotate ELBOW (ANTERIOR/FRONT) 
during pronation and supination 

movements in the forearm 


Medial epicondyle 

Also forms the common ' 
flexor origin—the 
attachment of many of 
the forearm flexor muscles 


Biceps tendon 

Inserts on the radial 
tuberosity. A powerful flexor 
of the elbow joint and also 
acts to supinate the forearm 





Radius 


ELBOW (LATERAL/ 
UIna OUTER SIDE) 





Olecranon of ulna Ulnar collateral ligament 
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The signal is celled a MODULATED weve. You will notice that each of 
the waves is the same length, but the heights vary. Since the height of a 
wave is called its AMPLITUDE, The type of trenemission that WXYZ uses Is 
called AMPLITUDE MODULATION. That's why WXYZ s called an AM 
station. 


The crystal radio thet you built works in ut the opposite wey as the 
radio station. The modulated signal broadcast by WXYZ is “picked up” by 
the antenna on your radio. 


The antenna is connected to the tuner circuit of the radio, which is made 


up of a coil of wire and a variable capacitor connected together. As you 
move the tuning knob, you are able to select, or isolate, the particular 


This signal is then DEMODULATED by the diode, separating the voice 
faudic) wave from the carrier weve. 


The voice (audio) wave then moves to the earphone, where it is changed 
back into sound waves that you can hear. 


Learn the basic electronic symbols 


Before starting to assemble your Smart Lab Crystal Radio 
please learn the basic electronk symbols that 
are shown on the plastic base. 


Variable Capacitor - It is used to tune the radio to a station. The 
leads that are soldered to the lugs are used to connect it to the circuit. 


Diode - A small crystal is sealed inside with leads connected to it. Pay 
careful attention to the position of the black bands painted on the diode 
close i one eid. 

Coll- This is a radio-tuning COIL. It was made by winding enameled 
copper wire around a paper core 80 times. The leads have been 
stripped and tinned so it can be connected to the circuit. 


Earphone - it contains a small crystal that can make enough electricity 
to drive a metal diaphragm to produce sound. The leads have been 
stripped and tinned so it can be connected to the circuit. 


Antenna - This is a wire used for radiating or receiving radio waves. 


Ground - This is a wire used to make a electric connection with the 
earth or other type of grounding source to create a common return for 
an electric circuit. 
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HAND 


The two forearm bones, the radius 
and ulna, are bound together by a 
flat sheet of ligament called the 
interosseous membrane, and by synovial joints 
between the ends of the two bones. Known as 
> radioulnar joints, these joints allow the radius to 
~ move around the ulna. Hold your hand out in front 
—— of you, palm upward. Now turn your hand so that 
: the palm faces the ground. This movement is called 
pronation, and is achieved by bringing the radius 
to cross over the ulna. The movement that returns 
the palm to an upward-facing position is called 
supination. Since the forearm bones are bound 
together by ligaments, joints, and muscles, it is 
common for both bones to be involved in a serious 
forearm injury. Often, one bone is fractured and the 
other dislocated. The skeleton of the hand comprises 
the eight carpal bones (bones between the radius 
\ and ulna), five metacarpals, and fourteen phalanges. 
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HAND AND 
WRIST JOINTS 


The radius widens out at its distal (lower) end 
to form the wrist joint with the closest two 
carpal bones, the lunate and scaphoid. This 
joint allows flexion, extension, adduction, 

and abduction (see pp.16-17). There are also 
synovial joints (see p.60) between the carpal bones in the 
wrist, which increase the range of motion during wrist flexion 
and extension. Synovial joints between metacarpals and 
phalanges allow us to spread or close our 















Distal 
phalanx 











Distal 
interphalangeal 
joint 


Middle 
phalanx 





fingers, as well as flexing or extending the ; Proximal 
whole finger. Joints between the individual Bg Lia 
finger bones, or phalanges, enable fingers The interphalangeal 
j A joints havea 
to bend and straighten. In common with bros caaule: “— 
many other primates, humans have strengthened by 


palmar and 
collateral ligaments 


opposable thumbs. The joints at the base 
of the thumb are shaped differently from 
those of the fingers. The joint between the 
metacarpal of the thumb and the wrist 
bones is especially mobile and allows the 
thumb to be brought across the palm of 
the hand so that the tip of the thumb can 
touch the other fingertips. 





Proximal 
phalanx 










Second metacarpophalangeal joint 
These joints allow about 90 degrees of 
flexion, a very small amount of extension, 
and about 30 degrees of abduction and 
adduction of the metacarpals 


First metacarpophalangeal joint _w 






Allows about 60 degrees of flexion, Collateral 
a little extension, as well as ligament 
abduction and adduction 
First metacarpal r 
P The shortest and thickest Fifth 
ae eee cperneerece of the metacarpals metacarpal 
First carpometacarpal joint Dorsal 
The first metacarpal lies at right carpometacarpal 
angles to the metacarpals of the ligament 
fingers, so that flexion and 
extension of the thumb occur in Hamate 
the same plane as abduction and 
adduction of the fingers Capitate 
Proximal 
interphalangeal Triquetrum 
joint Dorsal 
intercarpal ligament Dorsal 
i“ radiocarpal 
J Styloid process ligament 
of radius 
Scaphoid Styloid process 
Distal Radius of ulna 
interphalangeal 
joint 
Ulna 


FINGER (SAGITTAL SECTION) DORSAL/POSTERIOR (BACK) 









Distal phalanx 


Distal interphalangeal joint 
Like the proximal interphalangeal 
joint, this is a simple hinge joint 
and can move in flexion and 
extension only 
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Palmar ligament ____—— j 
Middle phalanx 
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Proximal 
interphalangeal 
joint 





Deep transverse 
metacarpal ligament 
These ligaments 

bind together the 
metacarpophalangeal 
joints of the fingers Distal 
phalanx 


Proximal phalanx 







Palmar 
ligament 


Metacarpophalangeal 


ae 






First 







metacarpal 
Palmar ie 
metacarpal \ repo aa a 
ligament joint of the 
; thumb 


Capitate bone 








Hook of hamate a 
Radiate carpal ligament 
: ee Fibers radiate from the 
head of the capitate to 
other carpal bones 






Pisiform 
Palmar radiocarpal ligament 
Ulnar radiocarpal Joins the radius to the carpal bones 
ligament 

Joins the ulna to the 
carpal bones 


Lunate 





Radius 
Styloid process 
of ulna 


Hand X-ray 

This X-ray of the hand clearly shows the carpal 
bones in the wrist and the joints between 
them. Near the metacarpophalangeal joint of 
the thumb, the thumb’s tiny sesamoid bones, 
PALMAR/ANTERIOR (FRONT) embedded in tendons, are also visible. 
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This is not vertical, but 
angled inward slightly, 
to bring the knees 
under the body 





Shaft of femur 
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The leg or, to be anatomically precise, the lower limb, 

is attached to the spine by the pelvic bones. This is a 

much more stable arrangement than that of the shoulder 
girdle, which anchors the arm, because the legs and pelvis 
must bear our body weight as we stand or move around. 
The sacroiliac joint provides a strong attachment between 
the ilium of the pelvis and the sacrum, and the hip joint 

is amuch deeper and more stable ball-and-socket joint than that in 

the shoulder. The neck of the femur joins the head at an obtuse angle. 

A slightly raised diagonal line on the front of the neck (the intertrochanteric 
line) shows where the fibrous capsule of the hip joint attaches to the bone. 
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HIP AND THIGH 


The shaft of the femur (thighbone) is cylindrical, with 

a marrow cavity. The linea aspera runs down along the 

back of the femoral shaft. This line is where the inner 

thigh’s adductor muscles attach to the femur. Parts of the 
quadriceps muscle also wrap right around the back of the 
femur to attach to the linea aspera. At the bottom—or 
distal—end, toward the knee, the femur widens to form the 
knee joint with the tibia and the patella. From the back, the distal end of the 
femur has a distinct double-knuckle shape, with two condyles (rounded 
projections) that articulate with the tibia. 
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Lateral epicondyle 

Intercondylar fossa 

Cruciate ligaments attach to the femur 
in this depression between the condyles 
Lateral condyle of femur 

Articulates with the slightly concave 
lateral condyle of the tibia 

Lateral condyle of tibia 
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The hip joint is very stable. Its fibrous capsule is 
strengthened by ligaments that attach from the neck of 
the femur to the pelvic bone. These are the iliofemoral 
and pubofemoral ligaments at the front and the 
ischiofemoral ligament at the back. Inside the joint 
capsule, a small ligament attaches from the edge of 

the acetabulum (hip socket) to the head of the femur. 
The knee joint is formed by the articulation of the femur with the tibia 

‘ and patella. Although primarily a hinge joint, the knee also permits 
some rotation to occur. These complex movements are reflected by 

the complexity of the joint: there are crescent-shaped articular disks 

‘ (menisci) inside the joint, powerful collateral ligaments on either side of 
the joint, as well as crossed-over cruciate ligaments binding the femur 
to the tibia, and numerous extra pockets of synovial fluid, called bursae, 
that lubricate tendons around the joint. 


lium 

Ilium, pubis, and ischium 
of the pelvis all meet in the 
acetabulum or hip socket 

























Tendon of 

rectus femoris 
Attaches to the anterior 
inferior iliac spine 





Pubofemoral ligament 
Blends with the inner side 
of the hip capsule 


lliofemoral ligament 
This strong ligament 
strengthens the front 
of the fibrous capsule 
of the hip joint 


Superior pubic ramus 
Forms the upper border 
of the obturator foramen 
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Body of 
pubic bone 


Ischiopubic ramus 
Forms the lower 








border of the 
obturator foramen 
aera Obturator membrane 
trochanter 
Covers over the obturator 
of femur ne ol 
Ischi foramen, leaving just a small 
aaa gap at the top where the 
E obturator nerve and vessels 
cena tuberosity pass out of the pelvis into 
Hamstring muscles of the thigh 
the thigh attach here 
Intertrochanteric 
line of the femur Lesser trochanter 
The iliofemoral of femur 
ligament attaches 
to the femur along 
this line = HIP (ANTERIOR/FRONT) 





The majority of the body’s 320 or so joints, including 
those in the finger, knee, and shoulder, are free-moving 
synovial joints. The joint surfaces are lined with smooth 
hyaline cartilage to reduce friction, and contain 
lubricating synovial fluid. 


Suprapatellar 
bursa 


Tendon of 
quadriceps 
femoris muscle 


Articular 
cartilage 


of patella 
P Bursa under head 


of gastrocnemius 
muscle 


Patella 


Prepatellar bursa 
Femoral condyle 


Synovial 
cavity Articular cartilage 
Infrapatellar Fi 
ibrou ul 
fat pad brous capsule 
Subcutaneous Articular cartilage 
infrapatellar Hyaline cartilage 
bursa covers the articular 
‘ surfaces of the tibia, 
Meniscus femur, and patella 
Deep oe 
infrapatellar Tibia 


bursa 





Tibial plateau 


Complex joint 

A complex synovial joint, such as the knee, has articular discs or 
menisci inside the synovial cavity. The knee is also a compound 
hinge joint, as it involves more than two bones. Its complex 
anatomy allows it to move in flexion and extension, but some 
sliding and axial rotation of the femur on the tibia also occurs. 


Patella 
Shown in cross section 





Femur 
Lateral condyle 


Posterior 
cruciate ligament 


Anterior cruciate 
ligament 
Cruciate means 
crosslike in Latin 


Medial condyle 


Medial meniscus 
Meniscus comes from 
the Greek for little 
moon-the menisci 
are crescent-shaped 


Lateral meniscus 
Menisci facilitate 
complex, combined 
movements at the knee 
joint, such as sliding 
and rolling, as well as 
cushioning the joint 


Tibia 





Fibula 








KNEE (FLEXED) 





lateralis muscle 


Quadriceps 
tendon 


lliotibial tract 


Patella 


Lateral patellar 
retinaculum 
Retinaculum means 
retainer in Latin; 
the retinacula 

help to hold the 
patella in place 


Patellar 
ligament 

The continuation 
of the quadriceps 
tendon below 
the patella 


Fibular collateral 
ligament 
Attaches from 

the lateral 
epicondyle of 

the femur to the 
head of the fibula 


Tibia 


Fibula 


femoris muscle 








Vastus 
medialis muscle 





Sartorius 
tendon 


Gracilis 
tendon 





Semitendinosus 
tendon 


Tibial collateral 
ligament 

Attaches from the 
medial epicondyle of 
the femur to the tibia 


KNEE (EXTENDED) 
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DEAR CUSTOMER: 


If we made an error and left something out of this set, or if 
something is damaged, we are sorry and wish to correct 


our error. 
Please DO NOT return the set to the store where 


 aeohidergee as the store does not have replacement parts. 
Instead, write us- 


We will do our best to satisfy you. 
Send your letter to: 


AVENUE 
WEST HEMPSTEAD, N.Y. 13552-8942 
ATTENTION: QUALITY CONTROL DEPT. 


Before starting, it's important to assemble the parts correctly. 
Carefully read the following instructions step by step 
and have fun. . . half the fun is knowing you made 
your very own crystal radio. 


Step (2) 


(2} SPRING CONNECTORS 
{SHOWN IN PLACE} 


A. Locate the three Spring Connectors. 

B. Insert one of the Spring Connectors 
{tapered end first} into one of the 
three holes on the Base. 

C. Push down on the Spring Connector 
and twist to the right until the 
Connector is approximately half way 
through the base. 


Radio Technology 


Now that you have your crystal radio assembled and working, 
it is time to take a brief look at how it works. To do this 
you are going to take an imaginary trip to a 
radio station WXYZ, in anytown,USA. 


When you arrive at WXYZ, you are met by the station's general manager. 
Mr. Smith, who is going to show you around. 


First, Mr. Smith takes you to a STUDIO, a special room that a program 
comes from. There is a lot of equipment, including dials and switches, 
record players, lots and lots of records, and microphones. 

Mr. Smith tells you that when you talk into one of the microphones, your 
words go into the station's electronic equipment. There. it is mixed with the 
station's carrier wave, and sent out into the air through the station's 
transmitting antenna - that tall tower you saw on top of the radio station 
building. 

Then Mr. Smith takes a piece of paper and a pencil, and draws diagrams 
to show you what happens. He begins by saying that all energy travels in 


waves, and since the sound we make when we talk is a form of energy. it 
might look something like this: 


Sound Wave 


The station's carrier wave is a radio wave, which is also a form of energy, 
which looks something like this: 
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Radio Carrier Wave 
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ANTERIOR 
(FRONT) 
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bones is very similar to that of the carpals, metacarpals, 


and phalanges in the hand. In fact, each limb can be 
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of muscles in the shin and calf and also forms part of 
the ankle joint. The foot comprises the tarsal bones, 
seen to be constructed to a common plan, with a limb 


girdle providing attachment to the thorax or spine, a 
single long bone in the first segment, two long bones 


in the second, a collection of small bones (at the wrist or ankle), and 


metatarsals, and phalanges. The arrangement of these 
a fan of long, slender bones forming fingers or toes. 


leg. The fibula, which attaches to the tibia below the 
knee joint, provides extra areas for the attachment 
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LATERAL (OUTSIDE) 


Fibula Tibia 

Anterior tibiofibular 
ligament Anterior talofibular ligament 

One of the ligaments that make up 

the lateral collateral ligament of the 

ankle; it connects the lateral malleolus 

to the neck of the talus 
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Lateral malleolus 


Calcaneofibular ligament 
A constituent of the lateral 


collateral ligament of Talus Navicular Dorsal 
8 tarsometatarsal 
the ankle 
ligaments 
Calcaneus 


Dorsal 
metatarsal 
ligaments 


—— 


First metatarsal Proximal phalanx 









Short plantar 
ligament 
Attaches from 
the calcaneus 
to the cuboid, 





Middle 














phalanx 
Calcaneal Long plantar ligament and helps to Cuboid Fibularis brevis 
(Achilles) Attaching from the support the tendon 
tendon calcaneus all the way lateral arch Attaches to the Distal 
to the bases of the base of the fifth phalanx 
outer metatarsals, this metacarpal 
helps support the 
arch of the foot on the Calcaneonavicular Calcaneocuboid Deep transverse 
outer (lateral) side ligament ligament metatarsal ligaments 


FOOT AND 
ANKLE 


The ankle joint is a simple hinge joint. The lower ends 
of the tibia and fibula are firmly bound together by 
~~) ligaments, forming a strong fibrous joint, and making 
| a wrench shape that neatly sits around the nut of the 
talus. The joint is stabilized by strong collateral ligaments 
on either side. The talus forms synovial joints (see p.61) with the calcaneus 
beneath it, and the navicular bone in front of it. Level with the joint 


between the talus and the navicular is a joint between the calcaneus and 





aoe on ness Nee natal a eer: the cuboid. These joints together allow the foot to be angled inward or 
eT eee ene Ce enn ee outward—these movements are called inversion and eversion respectively. 

muscles are pulling up on the lever of the calcaneus ; . ; 

to flex the ankle down (plantarflex), while the The skeleton of the foot is a sprung structure, with the bones forming 


metatarsophalangeal joints are extended. arches, held together by ligaments and also supported by tendons. 
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POSTERIOR (BACK) 
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Tibia Fibula 
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Medial malleolus 





Posterior tibiofibular ligament 


Top view of the foot bones 

This is a dorsal-plantar X-ray of the foot, showing the 
bones as if you were looking down at your right foot. 
Part of the lateral collateral The two small bones near the head of the first 
ligament of the ankle metatarsal are sesamoid bones, embedded in the 
tendons of the short muscles operating the big toe. 


Posterior talofibular ligament 


Lateral malleolus 


Calcaneofibular ligament 






















~~ 
> 
Tibia \ Fibula 
Deltoid ligament \ 
The medial collateral Calcaneal bay 
ligament of the ankle, (Achilles) tendon il 
attaching from the 
medial malleolus to 
the talus, calcaneus, wa 

and navicular bones 

Deltoid ligament 

Named after its shape, 

hich is triangular, like 

Calcaneal Calcaneus wi ula 
tuberosity the Greek letter delta 
Tibialis anterior tendon Tibialis posterior tendon 
Attaching to the medial Attaches to the navicular 
cuneiform and the base of the bone, and helps to support \ Posterior 
first metatarsal, this helps to the medial arch of the foot wpe ee 
h aie tibiofibular 
support the medial arc ligament 
Talus 


Proximal phalanx 


















Fifth Plantar calcaneonavicular Long 
MEDIAL (INSIDE) metatarsal ligament plantar 
Also known as the “spring ligament 
ligament’, this is very important 
in supporting the head of the 
I 
Plantar talus and maintaining the Calcaneus 


tarsometatarsal medial arch of the foot 
ligaments 








MUSCULAR — 
Muscles open and close the 







































mouth and eyes and give us 
= S Y S A; LE M facial expression 
BB Platysma 
ie OV E RV | EW Part of the muscles of facial 
~ expression; it tenses the neck 
s 
S Pectoralis 
2 There are three types of muscle in the body: minor 
= skeletal, smooth, and cardiac. The main role Trapezius 
of skeletal muscles is to generate movement. Behan Intercostal 
A muscle’s movement, or “action” is produced _ 
when it contracts. The force it generates Senin 
depends on the shape of the muscle. For ee See 
instance, long, thin muscles contract a lot anterior sheath 
but exert low forces. Muscles attach to the Flexor 
skeleton by means of tendons, aponeuroses, sige erin , ‘ 
and connective tissue called fascia. While Contains biceps r 9) Flexor 
muscles are well supplied with blood vessels Bent ac \ i , . a veranae 
and appear reddish, tendons have a sparse the elbow ’ Brachialis muscle 
vascular supply and look white. The muscles eee ! fei aa ean 
in our body are located at varied depths. = / Teaneversue 
The deep layer sits closest to the bone, while External oblique __ | abdominis 
the superficial one lies beneath the skin. 
Brachioradialis Flexor carpi 
ulnaris 
Flexor 
compartment Flexor 
Skeletal muscle includes familiar muscles such as of the forearm compartment 
biceps or quadriceps. It is built up of parallel bundles Dee Cee. 
of muscle fibers, which are conglomerations of many and fingers muscles that flex 


the fingers and 
thumb 


4 


1 


cells. These muscles are supplied by somatic motor 
nerves, which are part of the peripheral nervous 
system and are generally under conscious control. 



















Perimysium 


Fascicle Gluteus medius 


lliopsoas 
Bends the thigh forward and 


Epimysium upward in a movement 
wee called flexion Adductor compartment 
bes Extensor compartment Teri brin 
of the thigh & 


Sarcoplasm 


Myofibril — 9" _ 
s 
ty Z disc 


the thigh h 
Largely made up of the e thighs together 


four-headed quadriceps 
femoris muscle, which 
straightens the knee joint 


Patella 
Anisotropic or 
A band ; : Calf muscles 
M line 
Isotropic oT 
| band 
Z disc Extensor compartment 
Mline of the leg . 
Includes muscles that move xtensor 
the foot upward at the compartment 
Thin filament ankle, a movement called of the leg 


Tropomyosin dorsiflexion, and muscles 
that extend the toes 


Thick filament 


Myosin head Actin SUPERFICIAL J -. » DEEP 








ANTERIOR (FRONT) 


Rhomboid muscles 


Serratus anterior 


Serratus posterior 
inferior 


Extensor 
compartment 
of the arm 


Erector spinae 





This muscle group, 
as its name suggests, 
helps to keep the 
spine erect 


Transversus 
abdominis 

The innermost of 
three sheet-like 
anterolateral 
(front-side) 
abdominal muscles 


Extensor 
compartment 

of the forearm 
Includes deep 
muscles that extend 
the thumb or move 
it out to the side 


Piriformis 


Flexor 
compartment 
of the thigh 


Flexor compartment 

of the leg 

Deep muscles that move the 
foot downward at the ankle 
(plantarflexion), and that flex 
or curl the toes 


Fibular (peroneal) muscles 
Two muscles that evert the foot 
(move it outward), named after 
the fibula bone in the lower leg 








Short 


dorsi 


Gluteus maximus 
The word gluteus 
comes from the Greek 
for rump or buttock; 
maximus means the 
greatest in Latin 


Flexor 
compartment 
of the thigh 
These muscles 
bend or flex the 
knee; also known 
as the hamstrings 


Flexor 

compartment 

of the leg 

The most superficial 
muscle here is 
gastrocnemius; the 
name comes from 

the Greek word for calf, 
translating literally as 
the belly of the calf 


SUPERFICIAL 





POSTERIOR (BACK) 


Occipital belly of occipitofrontalis 
Stretches from the frontal bone to the 
occipital bone at the back of the skull 


Trapezius 


Deltoid 


scapular 
muscles 


Latissimus 


Extensor 

compartment 

of the arm 

Contains one muscle, 

the triceps, which means 
three-headed; here we 
can see the two superficial 
parts of the muscle, the 
long and lateral heads 


Extensor 
compartment 
of the forearm 
Includes muscles 
that extend the 
wrist and fingers 


Temporalis 


Deltoid 
Brachialis 


Short 
scapular 
muscles 
Problems with 
these muscles 
can lead to 
osteoarthritis 
at the shoulder 
joint 

Serratus 
anterior 
Anchors the 
scapula against 
the chest wall 
and also helps 
to move it 































Transversus 
abdominis 


Erector 
spinae 


Flexor 
compartment 
of the forearm 
Some of these 
muscles originate 
from the medial 
epicondyle of 
the humerus 


Gluteus 


Quadriceps maximus 


femoris 
Largest muscle 
in the extensor 
compartment 
of the thigh 


Flexor 

compartment 

of the thigh 
Hamstring injuries are 
common in athletes: 
the long muscles in this 
compartment stretch 
across two joints—the 
hip and the knee—and 
are at risk of tearing if 


overstretched 
Flexor compartment 


of the leg 

These muscles combine to form 
the Achilles tendon, which can 
be ruptured if overstretched in 
a sporting injury 


Extensor compartment 
of the leg 

The bony attachments of 
these muscles can become 
inflamed and painful in the 
condition “shin splints” 


Achilles 
tendon 
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The muscles of the face have very important 
functions. They open and close the apertures 
in our faces—our eyes, noses, and mouths. 


But they also play an extremely important 
role in communication, and this is why these 


muscles are often known, collectively, as “the muscles of 
one end and skin at the other. It is these muscles that allow 
us to raise our eyebrows in surprise, frown, or knit our 


facial expression”. These muscles are attached to bone at 
brows in concentration, to scrunch up our noses in 


distaste, to smile gently or to grin widely, and to pout. 
As we age, and our skin forms creases and wrinkles, 


these reflect the expressions we have used 


throughout our lives. The wrinkles and 
creases lie perpendicular to the direction 
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MUSCULAR SYSTEM 


HEAD 
AND NECK 


© 7 
The muscles of mastication (chewing) 
\ attach from the skull to the mandible 
\ (jawbone), operating to open and shut 
iz the mouth, and to grind the teeth together 


to crush the food we eat. In this side view, 
we can see the two largest muscles of mastication, the 
temporalis and masseter muscles. Two smaller muscles 
attach to the inner surface of the mandible. Human jaws 
don't just open and close, they also move from side to side, 
and these four muscles act in concert to produce complex 
chewing movements. In this view, we can also see how the 
frontal bellies (fleshy central parts) of the occipitofrontalis 
muscle are connected to occipital bellies at the back 
of the head by a thin, flat tendon, or aponeurosis. 
This makes the entire scalp movable on the skull. 





Epicranial 
aponeurosis 





Temporalis 


Attaches from the temporal bone of 
of the mandible (jawbone) 


the skull to the coronoid process 
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occipitofrontalis 


Orbicularis oculi 


Latin for circular 


muscle of the eye 





Occipital belly of 
occipitofrontalis 


Levator labii superioris 


alaeque nasi 


In Latin, lifter of the upper 
lip and the wing (nostril) 


of the nose 


SIDE 


Nasalis 


Means of the 
nose in Latin 
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How to properly operate your Smart Lab 
Oraieclaese-lelremr tne manele ler(<t qi teres! 
After you have attached all the wires, carefully read the 


following instructions to make sure your crystal 
radio operates properly. 
































A. Place the earphone in your ear and 
turn the Tuning Knob clockwise and 
counterclockwise until you pick up 
the strongest signal. 

Note:If you do not pick pik 3 strong signal 

or do not hear aiding a i please read some 

nok he troubleshooting solutions explained 





1. There may be a bad connection caused by improper assembly 
of your radio. Check all the spring connectors to make sure the 
wires are attached correctly. If a wire is loose or the bare wire is 

not making good contact with the spring connector, the radio 

may not work. 





2. If the uninsulated part of the Antenna wire touches anything 
other than the Antenna Connection on the radio, the radio may 
work improperly or not at all.. 


3. [If the bare stripped end of the Ground wire is not wrapped 
tighily around a water pipe (so that it makes good contact), try 
taping the wire to the shiny part of the pipe using duct tape if 
the pipe is dull or rusty, use a piece of sandpaper to gently sand 
the area where the wire makes contact. Also make sure the wire 
doesn't touch anything other than the Ground Connection or 

the radio may not work properly. 









4. You may live in an area where radio reception is generally poor. 
Instead of trying to use your radio during the day, try at night 
when many radio stations are received better. 






5. The Antenna on your radio is a very important component. 
Make the Antenna as long and high above the ground as 
possible. If you live in a multi-story dwelling the highest floor 
should be used when operating the radio. Insulated bell-wire. 
which is available in hardware stores, makes a very good 
substitution for your present Antenna. 


HIow to assemble cour Crystal Radio (cont A) 


For this step you will need the variable capacitor, (3) screws 
and turning knob. Be carefull not to misplace the 
when assembling 


* 


{2} SMALL 
SCREWS 


A. First place the Variable Capacitor up 
into the base so the holes on the 
capacitor line up with the holes on 
the base. B. Next insert the two small screws 
Note: When you do this be sure the into the holes on top of the Base 
wire leads face inward toward the and tighten using a smadl phillips 
base as shown and lug faces upward. screwdriver. 


A. Place the Tuning Knob into 
position on top of the rectangular 
hug on the Base. 

B. Insert a small screw into the 
hole in the Knob and tighten 
using a phillips screwdriver. 





O7 


Ay 


Pharyngotympanic tube 

Also known as the auditory or 
Eustachian tube; a slender muscle 
called salpingopharyngeus descends 
from its cartilage to contribute to 
the side wall of the pharynx 


Soft palate 

A pair of muscles sweep down from 
the base of the skull on either side, 
into the soft palate; two others leave 
the palate and run down into the 
tongue and the pharynx 


MUSCULAR SYSTEM 


Palatoglossal fold 


Genioglossus 
Attaches from the 
inside of the mandible 
and sweeps up into 
the tongue 










Hard palate 


Geniohyoid 

One of a pair 

of slender muscles 
lying side-by-side 
in the floor of the 
mouth that stretch 
from the mandible 
to the hyoid bone 


Mylohyoid 

One of a pair of Hyoid bone 
muscles forming a 
sheet that forms the 
floor of the mouth 


Thyroid cartilage 


The largest cartilage 
of the larynx 


Thyroid gland Trachea 


> «= 





Palatine tonsil Palatopharyngeal 
fold 


a) 


™~s SAGITTAL SECTION 


Epiglottis 
‘ One of the 
cartilages of 
aa the larynx; it 
helps to protect 
the laryngeal 
inlet during 
we swallowing 


Pharynx 

A fibromuscular tube 

that extends from the 

base of the skull to 

the esophagus, and 

opens forward into the 

nasal cavity, oral cavity, 
= and larynx 





The upper fold 
Several small 
muscles within 

the larynx act on the 
vocal cords to move 
them closer together 
or further apart, or 
to tense them 








Cricoid cartilage 
ee The lowest cartilage 
Ly in the larynx 


Esophagus 

A muscular tube that 
stretches from the 
pharynx to the stomach 
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Stylohyoid 
ligament 


Superior constrictor 
of the pharynx 
Takes its attachments 
from the base of the 
skull and from 

the mandible 


Pharyngeal 

raphe 

The fibers of the 
constrictor muscles 
sweep back from their 
anterior attachments 
to insert into this raphe 
(seam in Greek) 


Inferior constrictor 
of the pharynx 
Attaches from 

the larynx 


Longitudinal muscle 
of the esophagus 










Pharyngobasilar 
fascia 

Stretches between 

the top of the superior 
constrictor and the 
base of the skull 


Stylopharyngeus 


styloid process into 


PHARYNX POSTERIOR (BACK) Thyroid 


Platysma 

This very thin sheet 
of muscle lies in the 
superficial fascia 
over the front of the 
neck, and produces 
a grimace 


Sternohyoid 
Sternothyroid 


Sternocleidomastoid 
Connecting the 
mastoid process of 

the skull above to the 
clavicle and sternum 
below, this muscle turns 
the head to the side 


Anterior scalene 


Middle scalene 

The scalene muscles 
attach from the cervical 
spine down to the 
upper ribs; they flex 
the neck forward or 

to the side 


Levator scapulae 
Attaches from the 
cervical spine to 
the scapula 


Splenius capitis 
Acts to draw the 
head backward 


Multifidus 
Semispinalis capitis 
Extends or tips back 
the head on the neck 
Semispinalis cervicis 
Extends or arches the 


neck backward 


Trapezius 


| HEAD 
| AND NECK 


In the section through the head (opposite), 
we see the soft palate, tongue, pharynx, 
and larynx, all of which contain muscles. 
The soft palate comprises five pairs of 
Descends from the muscles. When relaxed, it hangs down at 
the back of the mouth but, during swallowing, it thickens 
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the pharynx 3 : é 
and is drawn upward to block off the airway. The tongue is 
Middle constrictor t £ | di S fit 
oFtieipharynn a great mass of muscle, covered in mucosa. Some of its 
Attaches from the hyoid muscles arise from the hyoid bone and the mandible, and 
bone on either side ‘ Pi 
anchor it to these bones and move it around. Other muscle 
Cricopharyngeus fibers are entirely within the tongue and change its shape. 
The lowest part of the inferior : : ; 
constrictor; forms a sphincter just The pharyngeal muscles are important in swallowing, 
before the start of the esophagus and the laryngeal muscles control the vocal cords. The 
that stops you from continually 
swallowing air as you breathe muscles that move the eye can be seen on p.122. 
Circular muscle of 
the esophagus 
cartilage 
The largest cartilage 
of the larynx 

















TRANSVERSE SECTION OF THE NECK AT THE VOCAL CORDS 





Vocal cord 
Thyrohyoid 


Glottis 

The gap between 
the vocal cords; 
muscles of the 
larynx act to change 
the position and 
tension of the 
vocal cords 


Omohyoid 


Inferior 
constrictor 


Longus 
colli 


Body of 
cervical 
vertebra 


Subarachnoid 
space 
Spinal cord 


Epidural space 


Spinous process 
of cervical 
vertebra 


Subcutaneous 
fat 
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Sternocleidomastoid 


Clavicle 






Pectoralis major 

This great pectoral 
muscle attaches to the 
clavicle, the sternum, 
and the ribs; it inserts 
into the upper part of 
the humerus. It can 
pull the ribs up and out 
during deep breathing 


Serratus anterior 

The digitations 
(fingerlike parts) of this 
muscle attach to the 
upper eight or nine ribs 


ANTERIOR (FRONT) 
SUPERFICIAL 






















i Rectus 
abdominis 

i / This pair of straight 

muscles, crossed by 

u / fibrous bands, attaches 
to the lower margin of 

y the sternum and ribcage 


External oblique 
Outermost of the three 
muscle layers in the side of 
the abdomen. It attaches to 
the lower ribs and, along 
with other abdominal 
muscles, is drafted in 
during forced expiration, 
compressing the abdomen 
and, thus, pushing the 
diaphragm up, helping 
force air out of the lungs 




































Omohyoid 





Scalenus anterior 

































































Subclavius 


Costal cartilage 


Pectoralis minor 


Sternum 


Rib 


Intercostal muscles 
Three layers of 
muscle occupy the 
intercostal spaces 
between the ribs: 
external, internal, 
and innermost 
intercostal muscles 


External intercostal 
muscle 


Internal intercostal 
muscle 

The muscle fibers 

of this middle layer 
run diagonally 

in the opposite 
direction to those 

of the external 
intercostal muscle 


The walls of the thorax are filled in, 
between the ribs, by the intercostal 
muscles. There are three layers of 
these muscles, and the muscle fibers 


' , of each layer lie in different directions. 

. The main muscle for breathing is the 

diaphragm. Although the intercostal 

' pial eae muscles are also active during respiration, their main 
: of rectus sheath i 

ie job seems to be to prevent the spaces between the 


Internal oblique 






ANTERIOR 
(FRONT) DEEP 


ribs from being “sucked in”. Other muscles seen here 
may also be recruited to help with deep breathing. 
The sternocleidomastoid and scalene muscles in the 
neck can help by pulling the sternum and upper ribs 
upward. The pectoral muscles can also pull the 

ribs up and out, if the arm is held in a fixed position. 
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Rhomboid minor 
The four-sided 
rhomboid muscles act 
to pull the scapulae 
toward the midline 


Spine of scapula 


Rhomboid major 


Infraspinatus 
One of the rotator 
cuff, or short 
scapular muscles 


Teres minor 


Teres major 


Vertebral (medial) 
border of scapula 


Inferior angle 
of scapula 


Spinalis 

The innermost 
(most medial) part of 
the erector spinae; 

it attaches to the 
spinous processes of 
the vertebrae 


Erector spinae 
muscle group 




































































Rib 


Serratus posterior inferior 
This muscle attaches from 

the lower thoracic and upper 
lumbar vertebrae to the lower 
four ribs; there is also a serratus 
posterior superior muscle, 
tucked under the rhomboids 


Intercostal muscle 


POSTERIOR 
(BACK) 
DEEP 























Trapezius 



















External 
oblique 


POSTERIOR 
(BACK) 
SUPERFICIAL 





Infraspinatus 


Teres major 

This tapering muscle 
takes its name from the 
Latin for rounded off 


Latissimus dorsi 
This huge muscle 
sweeps up from the 
lower part of the back 
to attach to the 
humerus 


¥ 


"THORAX 


The superficial muscles of the back 
include two large, triangular-shaped 
muscles—the massive latissimus dorsi 
and trapezius muscles. Although 
latissimus dorsi is called into action 
during forced expiration, squeezing 

the lower chest to expel air, it is really 

a climbing muscle: if you hang by your arms, it is largely 
the powerful latissimus that can allow you to pull your 
body weight up. Underneath those superficial muscles 
are the deeper extensor muscles of the spine, which 

can be felt as a distinct ridge on each side of the spine, 
especially in the lumbar (lower back) region. The most 
bulky of these muscles are collectively known as erector 
spinae, and play a vital role doing just that—keeping the 
spine erect, or extending a flexed spine. 
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Anterior longitudinal 
ligament 

Runs down and binds 
together the bodies of 
the vertebrae 


Internal intercostal 
membrane 

The internal intercostal 
muscles give way toa 
membrane at the back 
of the thorax 





Central tendon 
of diaphragm 
Flat tendon 
pierced by the 
inferior vena cava 


Muscular part 
of diaphragm 
Supplied by the 
phrenic nerves 








Right crus of diaphragm 
The crura—literally, the “legs’— 
of the diaphragm attach to the 
bodies of the upper three 

lumbar vertebrae 


BACK WALL 
OF THORACIC 
CAVITY 





Middle scalene 









Anterior scalene 















Longus colli 





External 

intercostal muscle 
These muscles 

are replaced by a 
membrane around 
the front of the thorax. 
(Seen here after 
removal of internal 
intercostal membrane) 


Internal 












Left crus 
of diaphragm 





intercostal muscle 
The intercostal muscles 
are supplied by 
intercostal nerves 


THORAX 


The diaphragm, which divides the thorax 
and abdomen, is the main muscle of 
respiration. It attaches to the spine and 

to deep muscles in the back, around the 
margins of the rib cage, and to the sternum 
at the front. Its muscle fibers radiate 

out from a central, flat tendon to these 
attachments. The diaphragm contracts and flattens during 
inspiration, increasing the volume inside the chest cavity, 
and pulling air into the lungs; during expiration, it relaxes 
back into a domed shape. The intercostal muscles and 
diaphragm are “voluntary” muscle, and you can consciously 
control your breathing. But most of the time you don't have 
to think about breathing, since they work to a rhythm set 
by the brain stem, producing about 12 to 20 breaths per 
minute in an adult. 
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MUSCULAR SYSTEM 





Pectoralis major 


Serratus anterior 


Rectus abdominis 





Attaches from the lower 
costal cartilages, down to 
the pubic bones 


External oblique 

From the lower eight ribs, these 
muscle fibers pass inward and 
downward to attach to the iliac 
crest, and form a flat tendon or 
aponeurosis, which meets that of 
the opposite side at the linea alba 


Linea alba 

The midline raphe, or seam, 
where the aponeuroses of the 
abdominal muscles on each 
side meet in the midline 


Linea semilunaris 

This curved line marks 

the lateral (outer) edge of the 
rectus muscle and its sheath 


Tendinous intersection 
The muscle bellies of rectus 
abdominis are divided up by 
these fibrous bands 


Umbilicus 


Iliac crest 


Anterior superior 
iliac spine 


Inguinal ligament 

The free, lower edge of 

the external oblique, attaching 
from the anterior superior iliac 
spine to the pubic tubercle 


Pubic symphysis 
The midline joint between 
the two pubic bones 








ANTERIOR (FRONT) 
SUPERFICIAL 








ABDOMEN 
AND PELVIS 


The abdominal muscles can move the trunk 
\ } —flexing the spine to the front or to the 
} fe 





side, or twisting the abdomen from side to 

side. They are very important muscles in 

posture, helping support the upright spine 
when we are standing or sitting, and are also called into 
action when we lift heavy objects. Because they compress 
the abdomen and raise the pressure internally, they are 
involved during defecation, micturition (emptying the 
bladder), and in forced expiration of air from the lungs. 
Right at the front, lying either side of the midline, there are 
two straight, straplike rectus abdominis muscles. These 
muscles are each broken up by horizontal tendons: in a 
well-toned, slim person, this creates the much-sought-after 
“six-pack” appearance. Flanking the recti muscles on each 
side are three layers of broad, flat muscles. 


Posterior layer of rectus sheath 

The rectus sheath is formed by the 
aponeuroses of the muscles to the sides: 
the external oblique, the internal oblique, 
and the transversus abdominis 


Aponeurosis of internal 
oblique (cut edge) 


Internal oblique 





Lying underneath the external 
oblique, these muscle fibers spring 
from the inguinal ligament and iliac 
crest and fan inward and upward, 
attaching to the lower ribs and to 
each other in the midline 


Arcuate line 

At this point, all the aponeuroses 
of the lateral muscles swap to lie 
in front of the rectus abdominis 
muscles, leaving only a layer of 
fascia behind that muscle 


Pubic tubercle 
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How to assemble your Crystal Radio (cont'd) 


Step (4) For this step turn the Base upside down. 


GROUND 
O00 NOT CONNECT 


ANY WIRES HERE 


Connect one wire to the Antenna ic Coat Oe here oe 
pring connector by bending the == NOTE: Do not connect any of the wires 
spring slightly to one side and to the D seen apes 
coca aly on crystal set will not work properly. 


DIOOE 
MUST FACE TOWARD THE 
DIODE CONNECTION 


A. Next place the Coil in the well of C. Place the Diode between the Diode 
Base with the wires hanging loosely and Antenna Connections carefully 
toward the connectors . noting the black bands face toward 
B. Connect one of the plated ends of | the Diode Connection. 
Coil wires to the Ground Connector =D. Connect ends of Diode wires to 
by bending the Spring Connector Antenna and Diode spring 
as shown in inset. Connect the other connectors shown. 
Coil wire to the Antenna Connector. 


How to attach the earphones 


A. Locate the earphones and unravel 
% the end of the wire 50 there are 
two wire leads. 
B. Attach one wire lead to the Ground 
Connection and the other to the Diode 


ATTACH LONG STRIPPED END TO 
A METAL COLD WATER PIPE 


TAPE YELLOW 


ANTENNA 
CONNECTION 


A. Locate the Red Ground and Yellow C. Next attach the short stripped end 
Antenna wire. of the Ground wire to the Ground 
B. Aitach the stripped end of Yellow Connection. 

Antenna wire to the Antenna D. Attach the Long stripped end to a metal 
Connection on the Base. cold water pipe, meta) radiator pipe, 
Note: The Anienna should be strung etc., near where the radio will be used. 
in a straight line away from power Have a adult help you with this since 

lines and large metal objects. We some pipes may be hot. 

suggest taping it high up ona Note: if there is not enough stripped, bare 

wail using masking tape as shown. wire to wrap around a pipe then ask 
an adult to strip more insulation off the 
end using a pair of wire strippers. 








AND PELVIS — 


The most superficial muscle of the lower 

back is the incredibly broad latissimus 

dorsi. Underneath this, lying along the 

spine on each side, there is a large bulk of . 
muscle that forms two ridges in the lumbar 

region in a well-toned person. This muscle mass is Serratus 
collectively known as the erector spinae, and its name naa 
suggests its importance in keeping the spine upright. 

When the spine is flexed forward, the erector spinae can 
pull it back into an upright position, and even take it 
further, into extension. The muscle can be divided up into 
three main strips on each side: iliocostalis, longissimus, 
and spinalis. Most of the muscle bulk of the buttock 
comes down to just one muscle: the fleshy gluteus 
maximus, which extends the hip joint. Hidden beneath 
the gluteus maximus are a range of smaller muscles that 
also move the hip. 


Spinali 
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lliocostalis 





Internal 
oblique 





Longissimus 








Gluteus medius 

Underlies the gluteus 
maximus, and attaches from 
the pelvis to the greater 
trochanter of the femur 


Piriformis 

This muscle attaches from 
the sacrum to the neck of 
the femur; it is supplied 
by branches from the 
sacral nerve roots 


POSTERIOR (BACK) 
DEEP 
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This massive muscle takes 
its attachment from a 
wide area: from the lower 
thoracic vertebrae, and 
from the lumbar vertebrae, 
sacrum, and iliac crest via 
the thoracolumbar fascia; 
its fibers converge ona 
narrow tendon, which 
attaches to the humerus 








Thoracolumbar 
fascia _ 


External oblique 


Lumbar triangle 


Iliac crest 


Gluteus maximus 
The largest and most 
superficial of the 
buttock muscles 


POSTERIOR (BACK) 
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MUSCULAR SYSTEM 
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SHOULDER 
ANU UPPER ARM 


The triangular deltoid muscle lies over the shoulder. Acting as 
a whole, this muscle raises the arm to the side (abduction), but 
the fibers of the deltoid attaching to the front of the clavicle can 
also move the arm forward. The pectoralis major muscle 

can also act on the shoulder joint, flexing the arm forward 

or pulling it in to the side of the chest (adduction). The biceps brachii 

muscle forms much of the muscle bulk on the front of the arm. The biceps 
tendon inserts on the radius, and also has an aponeurosis (flat tendon) that 
fans out over the forearm muscles. The biceps is a powerful flexor of the 
elbow, and can also rotate the radius to position the lower arm so the palm 
faces upward (supination). 








Deltoid 


This powerful muscle 


attaches from the clavicle, 


acromion, and spine of the 
scapula to the deltoid tuberosity 


on the side of the humerus 





Long head of biceps 


This tendon disappears under 


the deltoid sooner than the 


short head, so it appears to 

be the shorter of the two, but 

it runs right over the head of 
the humerus to attach to the 
scapula above the glenoid fossa 


Short head of biceps 
Attaches to the coracoid 







process of the scapula 
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MUSCULAR SYSTEM 


SHOULDER 
AND UPPER ARM 


The posterior fibers of the deltoid attach from the spine 
of the scapula (shoulder blade) down to the humerus, and 
I this part of the muscle can draw back the arm, or extend it. 

Latissimus dorsi (a broad muscle attaching from the back of 

the trunk and ending in a narrow tendon that secures onto 
the humerus) can also extend the arm. The triceps brachii muscle is the sole 
extensor of the elbow. In a superficial dissection (represented in this view) 
only two of the three heads of the triceps can be seen—the long and lateral 
heads. The triceps tendon attaches to the leverlike olecranon of the ulna, 
which forms the bony knobble at the back of the elbow. 


Spine of scapula 


Trapezius 


Infraspinatus 


Attaches from the infraspinous 
fossa, below the spine of the 
scapula, to the back of the 
neck of the humerus; it can 


rotate the humerus along its 


axis, out to the side 


Teres major 


Attaches from the 


scapula to the front 
of the neck of the 


humerus, and rotates 
the humerus inward 

















snsuoouy 


uopue} sdadu 


sijeIpesolyseig 


eSSO} ploua]s ay} mojaq ysnf 
deos ay} 0} sayseny 
sdad141 Jo pray 3u07 


aAlau [eIpes 
ayy Aq patjddns aie aa1y 
fe {Wau} yyeauaq UApPIY 
S| pray ‘]eIpaw ‘p4lyy ay} 
elsiiadns ase sdaoiy ayy 
Jo peay Su] ay} pue 
sdadi} jo pray jeiajze] 


(Buiquuyjd 104 

YdIyM) swe ayy 

psemo} ‘dn Apog au} jo 1ys1am 
ayy yind ued y ‘uonauip 
ayisoddo ay} ul 10 Apog ay} jo 
apis ay} 0} UMop 11 |jNd ued 
appsnw agse] siyy ‘paemdn 
papuayxa si We ay} UdY\\ 
ISAOp SNUISSI}ET 


7 
ry; 
< 
2 
© 
a 
Lu 
B 
ie) 
a 


mail 
< 
< 
LL 
jaz 
uo 
a 
=) 
Wa) 


uouels3/0 


ajApuopida 
[eipew 














= 
Lu 
kK 
WN 
> 
2) 
< 
= 
O 
2) 
= 
= 








Subclavius 








Subscapularis 
Rotates the humerus 
shoulder joint 


inward along its axis. As 
in stabilizing the 


one of the rotator cuff 
muscles, it also plays an 
important general role 





SHOULDER 
ANU UPPER ARM 


The deep muscles around the shoulder include the so-called 
rotator cuff group, two of which can be seen here: the subscapularis 





(which attaches from the deep surface of the scapula) and the 52 a] = 5 5 
: : °° a ‘So 5 ach 2 
supraspinatus (which runs from the scapula, over the shoulder cs 25 3 = : 
ecaes = 2 re 4 
joint, to attach to the humerus). The supraspinatus tendon passes =” 3 z 8 = 
ra = — o _ 
through a narrow gap between the head of the humerus and the acromion of 3 2 2 § 
the scapula, and may become compressed and damaged here, in impingement 2 3 a 


syndrome. On the front of the humerus, the biceps (see p.85) has been removed 
to reveal brachialis, which runs from the lower humerus down to the ulna. 
Like the biceps, brachialis is a flexor of the elbow. 
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, { More of the rotator cuff muscles—the supraspinatus, F 5 Eee 5 Z E 

‘a infraspinatus, and teres minor—can be seen from the back. 83 <2 S g 22 

In addition to moving the shoulder joint in various directions, o8 $5 c= 3 8 e 

és #585 €*© EF & 


including rotation, these muscles are important in helping 

to stabilize the shoulder joint: they hug the head of the 
humerus into its socket during movements at the shoulder. On the back of 

the arm, a deeper view reveals the third, medial head of the triceps, which 
attaches from the back of the humerus. It joins with the lateral and long heads 
to form the triceps tendon, attaching to the olecranon. Most of the forearm 
muscles take their attachment from the epicondyles of the humerus, just above 
the elbow, but the brachioradialis and extensor carpi radialis longus have higher 
origins from the side of the humerus, as shown here. 





Medial border 
of scapula 
Acromion 
of scapula 









Part of the rotator cuff muscle group, along 


with infraspinatus and teres minor—each 
of these muscles attaches to the greater 


tuberosity of the humerus 





Supraspinatus 
Spine of scapula 
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Germanium vs Silicon Diode Testing: Read this document carefully, so you will not be the victim of 
cheap knock-off or the wrong type diodes. 


The general rule is that SILICON diodes have a voltage drop across the Anode to Cathode of 0.7 V (7/10 
tenths), and the GERMANIUM diodes have a voltage drop of 0.3 V (3/10 tenths) more or less. Either 
diode voltage drop (silicon or germanium) will display a reading within approximately 5% of these 
readings. 


SILICON diodes exhibit 
-7 (7/10 volt) drop 
across CATHODE to 
ANODE. 


0.7V 
<SILICON 





Most digital meters (DVM) have a switch setting Pl that is used to measure voltage drop across these 
diodes. This setting is usually indicated by a diode symbol to let the user know the DVM is capable of 
measuring forward bias voltage. This setting will tell you immediately if the diode is a germanium, or 


silicon diode. You need to set the selector switch on your meter to the diode test symbol >| 3 


Measuring Forward Bias Voltage 


To measure the forward bias voltage characteristic you connect the black probe of your meter to the 
cathode terminal. The cathode terminal is on the end with a band. You then connect the red probe to the 
anode terminal. 


Set your DVM/DMM to the diode test mode >| ", it should provide you with the respective voltage drop. 
If the figure is 0.3 V or less, the diode is a germanium type. If the voltage drop is 0.7 V or less the diode 
is a silicon diode. 


Sensitivity and Forward Bias Characteristics: 

The sensitivity of a diode to radio waves depends upon its forward bias voltage. This is the voltage across the diode terminals. 
When it falls below this threshold value, the diode will stop conducting. Obviously, the lower this threshold value is, the 
greater the sensitivity of the diode to the weak radio signals. 
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the humerus. Pronator teres attaches across to the 
radius, and can pull this bone into pronation (held 
with the palm turned downward). The other 

finger. On the back of the forearm, seven superficial 
extensor muscles attach to the lateral epicondyle 
of the humerus. Most of these tendons run down 


muscles run farther down the forearm, becoming 
to the wrist or into the hand. 


slender tendons that attach around the wrist, 


or continue into the hand. Flexor digitorum 
superficialis splits into four tendons, one for each 
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muscles on the front of the forearm 
reveals a deeper layer attaching to 


Stripping away the superficial 


Hi 


the radius and ulna, and to the interosseous membrane 


between the bones. The long, quill-like flexor of the 


P) 


thumb (flexor pollicis longus) can be seen clearly. Deep 


muscles on the back of the forearm include 
the long extensors of the thumb and index 


finger and the supinator, which pulls on the 


2 


radius to rotate the pronated arm (held with 


reveals the interosseous muscles that act on the 
metacarpophalangeal joints in order to either 


palm facing up). In the hand, a deep dissection 
spread or close the fingers. 


palm facing downward) into supination (with 
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Ee HIP AND 
Hi THIGH 
1 


EL aug 
$eEu goo Most of the muscle bulk on the front of the leg is the 
gs eg E See four-headed quadriceps femoris. Three of its heads 
c= 8 ag can be seen in a superficial dissection of the thigh: 
as Eo the rectus femoris, vastus lateralis, and vastus 
Fs é medialis. The quadriceps extends the knee, but it 


can also flex the hip, since the rectus femoris part has an attachment 
from the pelvis, above the hip joint. The patella is embedded in the 
quadriceps tendon; this may protect the tendon from wear and tear, 
but it also helps to give the quadriceps good leverage in extending 
the knee. The part of the tendon below the patella is usually called 
the patellar ligament. Tapping this with a tendon hammer produces 
a reflex contraction in the quadriceps—the “knee jerk’. 
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01 


HIP AND THIGH 


On the back of the hip and thigh, a superficial dissection 
reveals the large gluteus maximus, an extensor of the hip joint, 
and the three hamstrings. The gluteus maximus acts to extend 
; the hip joint, swinging the leg backward. While it doesn't really 
\ contribute to gentle walking, it is very important in running, 
a and also when the hip is being extended from a flexed position, 
such as when getting up from sitting on the floor or when 
climbing the stairs. The hamstrings—the semimembranosus, semitendinosus, 
and biceps femoris muscles—attach from the ischial tuberosity of the pelvis 
and sweep down the back of the thigh to the tibia and fibula. They are the 
main flexors of the knee. 





HDIHL CNV diH 


POSTERIOR (BACK) 
SUPERFICIAL 











Semimembranosus 
The third of the 
hamstrings 
Medial head of 
gastrocnemius 
Lateral head of 
gastrocnemius 
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Vastus intermedius 
Sitting behind the 
rectus femoris, this 
muscle arises from 
the upper femur 
and attaches to 

the patella via 

the quadriceps 
tendon 

Vastus medialis 
With the rectus 
femoris removed, a 
separation between 
this muscle and the 
vastus intermedius 
can be seen 
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Quadriceps 
Pre-patellar 




















ANTERIOR (FRONT) 
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HIP AND 
THIGH 


e253 

p22 

Bos 8 ca 

wu Zo 5 es . 

ZERO With the rectus femoris and sartorius muscles 
6 : 

rx stripped away, we can see the deep, fourth head 


\ } of the quadriceps, known as vastus intermedius. 

Ba The adductor muscles that bring the thighs 
together can also be seen clearly, including 

the gracilis, which is long and slender, as its name suggests. The 

largest adductor muscle—the adductor magnus—has a hole in 

its tendon, through which the main artery of the leg (the femoral 

artery) passes. The adductor tendons attach from the pubis and 

ischium of the pelvis, and the sporting injuries referred to as “groin 

pulls” are often tears in these particular tendons. 


CONCLUSIONS: 


When comparing germanium diodes with silicon diodes of similar forward bias voltage, silicon diodes do 
not perform as well as the germanium. 


Germanium has many properties that silicon diodes do not have. Germanium requires very little forward 
current. Forward current in a germanium diode is in the microampere region, while silicon diodes require 


amperes. This makes germanium a much better choice for both medium and high frequency radio 
signals. 


Germanium also exhibits a very low, point-contact junction capacitance, while the silicon diode has 
much higher capacitance. A low junction capacitance allows germanium diodes to operate more 
effectively at high RF frequencies. 


In addition, reverse leakage current for germanium diodes is in the magnitude of 1000, much more than 
silicon. This makes the non-linear characteristics of the germanium diode much more effective for RF 
detection and demodulation than silicon. 


Therefore, our conclusions are; germanium diodes provide the best performance in crystal radios, RF 
probes, HF, and VHF signal detection. 
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- Ground = C 
= Asimple Crystal Radio ND BuxComm 
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GROUND BuxComm 
BuxComm High Quality, CRYSTAL RADIO ANTENNA KIT, $14.95 cat# 50CRAK 


This Crystal Radio Antenna kit consists of 50 feet of #16 AWG insulated & stranded copper antenna 
wire, two heavy-duty, Delrin, UV resistant antenna insulators and instruction sheet. 
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POSTERIOR (BACK) 
DEEP 


Semimembranosus 
The upper, flattened part 
of this muscle gives it its 


name; this is one of the 
hamstrings, and a flexor 


of the knee 


HIP AND 
THIGH 


On the back of the hip, with the gluteus maximus 
removed, the short muscles that rotate the hip 
Y / out to the side are clearly revealed. These include the 
piriformis, obturator internus, and quadratus femoris 
muscles. With the long head of the biceps femoris 
removed, we can now see the deeper, short head attaching to the 
linea aspera on the back of the femur. The semitendinosus muscle 
has also been cut away to reveal the semimembranosus underneath 
it, with its flat, membranelike tendon at the top. Popliteus muscle is 
also visible at the back of the knee joint, as is one of the many fluid 
filled bursae around the knee. 
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of your lower leg, on the inner side. Move your fingers outward, and you feel the 

sharp border of the bone, and then a soft wedge of muscles alongside it. These 

muscles have tendons that run down to the foot. They can pull the foot upward 

at the ankle, in a movement called dorsiflexion. Some extensor tendons continue 

all the way to the toes. There are much bulkier muscles on the back of the leg, 

and these form the calf. The gastrocnemius, and soleus underneath it, are large 
muscles that join together to form the Achilles tendon. They pull up on the lever of the calcaneus, 
pushing the ball of the foot down. They are involved as the foot pushes off from the ground during 
walking and running. 


You can feel the medial surface of the tibia easily, just under the skin on the front 
7) “e 
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side of the leg, down into the foot: the fibularis 
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These muscles pull the outer side of the foot 
and sends its tendon 


upward, ina movement called eversion. The 
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NEN V@ es 
SYSTEM 
OVERVIEW 


The nervous system contains billions of 
intercommunicating nerve cells, or 
neurons. It can be broadly divided into the 
central nervous system (brain and spinal 
cord) and the peripheral nervous system 
(cranial and spinal nerves and their 
branches). The brain and spinal cord 

are protected by the skull and vertebral 
column respectively. Twelve cranial nerves 
emerge from the brain and exit through 
holes in the skull to supply the head and 
neck; thirty-one pairs of spinal nerves 
leave via gaps between vertebrae to supply 
the rest of the body. You can also divide 
the nervous system by function. The part 
that deals more with the way we sense and 
interact with our surroundings is called the 
somatic nervous system. The part involved 
with sensing and controlling our internal 
environments—affecting glands or heart rate, 


for example—is the autonomic nervous system. 


Sympathetic trunks 





Brain 


Cervical spinal nerves 
Emerge from the spinal 
cord in the neck to supply 
the neck and arm 


Brachial plexus 
















Intercostal nerve 
Anterior branches 

of the thoracic spinal 
nerves travel forward 
between the ribs as 
intercostal nerves; they 
supply the muscles and 
skin of the thorax 


Thoracic spinal nerves 
Median nerve 


Lumbar spinal nerves 





Lumbar plexus 


Sacral spinal nerves 


Femoral nerve 


Sacral plexus 


Part of the autonomic nervous 
system, the sympathetic trunks 
extend from the base of the 

skull to the end of the vertebral 


Cranial nerves 
Twelve pairs of 
cranial nerves 

supply muscles 


and sensation in 
the head and neck 


Spinal cord 





























Musculocutaneous 
nerve 


Axillary nerve 
Supplies muscles 
and sensation 
around the 
shoulder 


Radial nerve 
Supplies muscles 
and sensation on 
the back of the 
arm (including 
the triceps, 
forearm, and 
hand) 


Cauda equina 


Ulnar nerve 
Supplies two 
muscles in the 
forearm, and 
many of the 
small muscles 
in the hand 


Sciatic nerve 


Obturator 
nerve 


column, one on either side 


Sympathetic ganglia 
Collections of nerve cell 
bodies form ganglia 
along each trunk 


(> 0m 1 UE hen emue HF 


Fit 


—— 
« 
—_— 
#. 
o—7 
=> 
_ 
— 
- ) 
— 
- 
oe 
—_—_—_ 
— 


Ganglion impar 
The two sympathetic trunks 


inner surface of the coccyx 





SYMPATHETIC TRUNK 


converge and end in this single, 
unpaired ganglion, lying on the 





Tibial nerve 

Largest branch of the 
sciatic nerve, supplying 
the calf and foot 


Dorsal digital branches 
of fibular nerves 


ANTERIOR (FRONT) 


Saphenous 
nerve 





Common peroneal 
(fibular) nerve 
Branch of the sciatic 
nerve, supplying the 
front and outer side 
of the lower leg 


Superficial 
peroneal 
(fibular) 
nerve 


Deep peroneal 
(fibular) 
nerve 


Cerebrum 


Cerebellum 

Literally little brain in Latin, 
this part of the brain is 
involved with balance and 
coordination of movement 


Cranial nerves 


Spinal cord 

The continuation of the 
brain stem, lying protected 
within the vertebral canal 
of the spine 


Musculocutaneous 
nerve 

Supplies the muscles in the 
front of the upper arm, 
(including the biceps), as 
well as sensation to the 
skin of the outer side of 
the forearm 





Axillary nerve 


Brachial plexus 

Anterior branches of the 
lower cervical spinal 
nerves, together with the 
first thoracic spinal nerve, 
form a network, or plexus, 
from which branches 
emerge to supply the arm, 
forearm, and hand 


Intercostal nerve 


Median nerve 
Supplies most of the 
muscles in the front of 
the forearm, and also 
some in the hand 





Radial nerve 


Ulnar nerve 
This nerve lies on the 
ulnar, or inner, side of 
the arm and forearm 


Femoral nerve 
Supplies sensation over 
the thigh and inner leg, 

and muscles in the front 
of the thigh, including 
the quadriceps 


Obturator nerve 





Supplies the muscles and 
skin of the inner thigh 


Common fibular 

(peroneal) nerve 

Lies on the outer side of 

the leg and is named after the bone 
around which it wraps; perona is an 
alternative Latin name for fibula 


Tibial nerve 
Named after the other bone of the 
lower leg—the tibia, or shinbone 










Brainstem 

Emerges from the foramen 
magnum in the base of 
the skull 


| ss Cervical spinal nerves 


Cervical means of the neck; 
cervix is Latin for neck 


Thoracic spinal nerves 
Thorax is Latin for chest 
so the term thoracic 
means of the chest 


Lumbar plexus 

Anterior branches of the lumbar 
spinal nerves form a network 
here, from which nerves emerge 
to supply the leg 


Sacral plexus 

Anterior branches of sacral 
spinal nerves come together 
here as a network; the 
network provides nerves 

to the buttock and leg 


Cauda equina 

Below the end of the spinal cord, 
the lumbar and sacral nerve 
roots continue for some way 
inside the vertebral canal, before 
emerging from the spine 


Sciatic nerve 

Largest nerve in the body, which 
supplies the hamstrings in the 
back of the thigh; its branches 
supply muscles and sensation in 
the lower leg and foot 


A single neuron such as the cell shown below from 
the central nervous system can make contact with 
hundreds of other neurons, creating an incredibly 
complex network of connections. Each neurons cell 
body has projections or, dendrites. One is usually 
longer and thinner than the rest, and this is the axon. 
Some axons within the brain are less than %42in (Imm) 
in length; others, stretching from the spinal cord to 
limb muscles, can measure over 39in (1m) long. 


NEURON Dendrite 
A dendrite receives 


incoming nerve impulses 
















Nucleus 
Cell body 


Node of Ranvier 
Gap between sections 
of the myelin sheath 


Astrocyte 

Neuroglial cell providing 

support and nourishment 

to the neuron 
~“ ™* Oligodendrocyte 

Axon terminal 

An end of the axon 





Myelin sheath | | Axon 
Layers of myelin insulate This carries 
the axon; the sheath is nerve impulses 
made of fat-filled cells away from the 

wrapped around the axon _cell body 


Synaptic knob 
Transmits the impulse 
Via a synapse 
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BRAIN 


Compared to other animals, humans have 
massive brains for the size of our bodies. 
The human brain has grown larger and 
larger over the course of evolution, and it 
is now so overblown that the frontal lobes 
of the brain lie right over the top of the 
orbits that contain the eyes. Think about 
any other mammal, perhaps a dog or a cat for easy 
reference, and you will quickly realize what an odd shape 
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Superior frontal gyrus 
The word gyrus comes 


the human head is—and most of that is a result of our huge from the rae for ring 
. . S . . or convolution, and is 
brains. Looking at a side view of the brain, you can see all Each acaieuhe 


the lobes that make up each cerebral hemisphere: the scroll-like folds of 
: ts Beck the cerebral cortex 

frontal, parietal, temporal, and occipital lobes (individually 

colored, below). Tucked under the cerebral hemispheres 

at the back of the brain is the cerebellum (Latin for little 

brain). The brain stem leads down, through the foramen 

magnum of the skull, to the spinal cord. 


Middle frontal gyrus 


Inferior frontal gyrus 
Includes Broca’s area, part 
of the cerebral cortex that 

is involved with 
generating speech 


Olfactory bulb 


Optic nerve 

The second cranial nerve. 
It carries nerve fibers 
from the retina to the 
optic chiasma 











ae Parietal 
lobe 
Frontal 
lobe Parieto-occipital 
sulcus 
Lateral 
sulcus 
Frontal 
pole ae 
Occipital 
pole 
Lateral 
cerebral 
fossa 
Occipital 
lobe 
Temporal 
pole 
LOBES AND POLES 
Temporal 


lobe 


Inferior 
temporal sulcus 


Pons 

Derived from Latin 
for bridge, this is 
the part of the brain 
stem between the 
midbrain and 

the medulla 

















Precentral gyrus 

The location of the primary 
motor cortex—where nerve 
impulses that lead to muscle 
movement originate 


Precentral sulcus 
Divides off the precentral gyrus 
from the rest of the frontal lobe 


Central sulcus 
The division between the 
frontal and parietal lobes 


Postcentral gyrus 




















SIDE VIEW OF BRAIN 


Lies just behind the 
central sulcus. The 
primary somatosensory 
cortex, which receives 
sensory information 
from all over the body 


Postcentral sulcus 
Separates the 
postcentral gyrus 
from the rest of 
the parietal lobe 


Lateral sulcus 

A deep cleft dividing 
the frontal and parietal 
lobes from the temporal 
lobe below 


Superior 

temporal gyrus 
Includes the primary 
auditory cortex, 
where sensory 
information related 
to hearing is received 


Superior 

temporal sulcus 
Sulcus is a Latin word 
meaning groove or 
furrow 


Middle temporal 
gyrus 


Inferior temporal 

















gyrus 


Preoccipital notch 


Cerebellum 

Sits under the occipital lobes at 
the back of the brain; responsible 
for coordinating movement and 
managing balance and posture 


Medulla oblongata 

The lowest part of the brain stem; 

it continues down to form the spinal 
cord. Contains important centers 
involved in controlling breathing, 
heart rate, and blood pressure 


Spinal cord 
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BRAIN 


: From an anatomist's point of view, the brain is quite an ugly and unprepossessing 
ry organ. It looks rather like a large, pinkish gray, wrinkled walnut—especially when 
viewed from above. The outer layer of gray matter, called the cortex, is highly 

sl folded. Underneath the brain we see some more detail, including some of the 
cranial nerves that emerge from the brain itself. To the naked eye, there is little 

ba to suggest that the brain is the most complicated organ in the human body. Its 

true complexity is only visible through a microscope, revealing billions of 

neurons that connect with each other to form the pathways that carry our senses, govern our 
actions, and create our minds. 


Longitudinal Frontal pole 
(cerebral) fissure 
A deep cleft dividing 
the two cerebral 
hemispheres 


Middle / y 
frontal gyrus Ze 





Superior 
frontal sulcus 


Inferior 
frontal sulcus 





Inferior 
frontal gyrus 





Superior 
frontal gyrus 








Precentral sulcus 





Cingulate sulcus 
Precentral gyrus 





Superior 


Postcentral gyrus parietal lobule 


Intraparietal sulcus 
Divides the superior from 
the inferior parietal lobule 


Central sulcus 


_ Superior 
Supramarginal gyrus temporal sulcus 
Many parts of the 
cortex are “association 
areas”, involved with 
processing sensory 
information and 
perception. This gyrus, 
on the left, has been 
shown to be important 
in understanding 
spoken language, 
learning new 
vocabulary, and reading 


Angular gyrus 

Turns a corner around 

the end of the superior 
temporal sulcus. Studies 

of brain function suggest this 
area may be important in 
mathematical problem-solving 
and understanding metaphors 


Inferior parietal lobule 





Postcentral sulcus 





Parieto-occipital sulcus 
Divides the parietal and 
occipital lobes 
EE 
~~ 


Occipital pole 





TOP VIEW OF BRAIN 


Frontal pole 


Longitudinal 
(cerebral) fissure 


Straight gyrus 


Orbital gyri 

Lie around the edges 
of the H-shaped 
orbital sulcus, and 
seem to play some 
role in empathy 


Temporal pole 
Pituitary gland 


Parahippocampal 
gyrus 

This part of the 
cortex, close to 

the hippocampus, 
plays an important 
role in memory 
and recognition 


Tuber cinereum 
Small bump of gray 
matter under the 
brain; part of the 
hypothalamus 

(see p.116) 


Uncus 
Hooked-under 
end of the 
parahippocampal 
gyrus; contains the 
primary olfactory 
cortex, receiving 
olfactory (smell) 
information 


Interpeduncular 
fossa 

Area enclosed by the 
cerebral peduncles on 
each side, by the optic 
chiasma in front, and 
the pons of the 

brain stem behind 


Occipitotemporal 
fusiform gyrus 


Inferior temporal 
gyrus 


Spinal cord 


Occipital pole 

















UNDERSIDE OF BRAIN 


Olfactory bulb 
Receives olfactory 
nerves, which have 
emerged from the 
top of the nasal 
cavity through the 
cribiform plate of 
the ethmoid bone, 
to enter the inside 
of the skull 


Olfactory tract 
Carries olfactory 
(smell) information 
back to the uncus 


Orbital sulcus 


Optic chiasma 
Where the two 
optic nerves meet 
and swap fibers 
with each other, 
to form the optic 
tracts; chiasma 
means a cross 


Lateral 
cerebral fossa 


Olfactory trigone 
The olfactory tract 
splays out into this 
triangular shape, just 
in front of the anterior 
perforated substance 


Inferior 
temporal sulcus 


Anterior 
perforated 
substance 

Area of gray matter 
between the 
olfactory trigone, 
the optic chiasma, 
and the uncus; 
pierced by small 
arteries from the 
anterior and middle 
cerebral arteries 


Mammiillary 
bodies 

Two breast-like 
bumps that are part 
of the limbic system, 
which is involved in 
memory, emotions, 
and behavior 


Cerebral peduncle 
“Stalk” of the brain, 
containing motor 
nerve fibers that 
descend from 

the cerebral cortex 
to the brain stem 
and spinal cord 


Pons 
Cerebellum 


Pyramid 

A prominence 

on the front of 
medulla containing 
motor nerve fibers 
that run from the 
cortex of the brain 
to the spinal cord 
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Longitudinal 





(cerebral) 
fissure 


Frontal lobe 





Frontal pole 


Lateral sulcus 


Temporal lobe 


Optic nerve 





Optic chiasma 
Where the two 
optic nerves 
partially cross 
each other 


Pons 


Cerebellar 
hemisphere 





Medulla 
oblongata 


cia BRAIN 


The largest part of the brain, the 





f- h cerebrum, is almost completely divided 
into two cerebral hemispheres. This 

A division is clearly seen when viewing 

" the brain from the front, back, or top. 

La The fissure between the hemispheres 


runs deep, but at the bottom of it lies 

the corpus callosum, which forms a 
bridge between the two sides. Areas of the brain that 
receive and process certain types of information, or 
govern movements, can be very widely separated. The 
visual pathways from the eyes end in the cortex of 
the occipital lobe at the back of the brain, and visual 
information is also processed in this lobe. But the 
nerve impulses that eventually reach the muscles 
to move the eyes begin in the cortex of the brain’s 
frontal lobe. 
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g FRONT VIEW OF BRAIN 


Corpus callosum 
Forms a bridge 
between the two 


cerebral hemispheres 


Olfactory bulb 


Olfactory tract 


Temporal pole 


Pituitary gland 


Horizontal 
fissure of 
cerebellum 


Longitudinal 
(cerebral) 
fissure 


Occipital pole 


Cerebellar vermis 
The median part 
of the cerebellum 
between the two 
hemispheres 


Medulla 
oblongata 

The lowest part 
of the brain stem 





Parietal lobe 





Corpus callosum 














Occipital lobe 





Fissures 
The grooves in 
the cerebellum 





Folia 
The bulges in 
the cerebellum 


Cerebellar 
hemisphere 

Like the cerebrum, 
the cerebellum 
has two 
hemispheres 





Horizontal 
fissure of 
cerebellum 
The deepest 
fissure in the 
cerebellum 


Spinal cord 





BACK VIEW OF BRAIN 
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Body of corpus callosum 

The largest commissure (or bundle of connecting 
nerve fibers) between the two hemispheres, this 
forms the roofs of the lateral ventricles 
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Superior frontal gyrus 


Cingulate gyrus 

Cingulum is the Latin for girdle and this gyrus 
wraps closely around the corpus callosum; it is 
part of the limbic system, which is involved 
with emotional responses and behaviors 


Septum pellucidum 

This translucent partition is a 
thin dividing wall between the 
two lateral ventricles 





Genu of corpus callosum 
The anterior (front) end of the corpus callosum 
is bent over—genu means knee in Latin 





Anterior commissure 

A bundle of nerve fibers 
connecting parts of the two 
cerebral hemispheres 





Optic chiasma 

The crossover point where the two optic nerves 
meet and swap fibers, then part company as 
the optic tracts, which continue on each side 
of the brain toward the thalamus 


SAGITTAL SECTION 
THROUGH BRAIN \ 





Hypothalamus 

Plays an important role in regulating the 
internal environment of the body, by keeping a 
check on body temperature, blood pressure, 
and blood sugar level, for instance 





Pituitary gland 

Produces many hormones and 
forms a link between the brain 
and endocrine system 


Mammillary body a 
Part of the limbic system of the brain 














Interthalamic adhesion 
Connection between the thalami 
on each side of the brain 


Cerebrum 
The largest part of the brain, consisting 
of the two cerebral hemispheres 


Thalamus 
Processes and relays sensory and motor 
information to higher brain centers 


Splenium of corpus callosum 
The posterior end of the corpus callosum 


Choroid plexus of the third ventricle 

A choroid plexus is formed where the inner and 
outer membranes of the brain come together; it is full 
of capillaries and produces cerebrospinal fluid, which 
flows into the ventricle 


Pineal gland 
Produces the hormone melatonin and is involved 
in the regulation of sleep-wake cycles 


Superior colliculus 

Involved in visual reflex pathways, including the 
pupillary light reflex, which makes the pupils constrict 
when bright light hits the retina 


Tectum of the midbrain 
The roof of the midbrain 


Cerebral aqueduct 
A narrow channel connecting the third 
and fourth ventricles 


Inferior colliculus 
Involved with auditory pathways, including 
reflex responses to loud noises 


Tegmentum of midbrain 
Fourth ventricle 
Pons 


Median aperture of the fourth ventricle 
Cerebrospinal fluid escapes from the fourth ventricle 
via this opening in the midline, as well as through an 
opening on each side, into the subarachnoid space 
around the brain and spinal cord 


Cerebellum 
Medulla oblongata 


Spinal cord 


HEAD 
AND NECK 


i 
| This median sagittal section—a vertical slice right 
4 ¥ through the middle of the brain—shows clearly 
\| i the corpus callosum, which links the two hemispheres. 
4 a We also see that the brain is not solid: there are 
cavities within it. Two spaces (or ventricles) lie inside 
each hemisphere, while the third and fourth ventricles are located on 
the midline. These spaces are full of cerebrospinal fluid. Beneath and 
behind the cerebrum sits the cerebellum. The gray cortex of the 
cerebellum is more finely folded than that of the cerebrum, with 
fissures separating its leaves (or folia). Sliced through this way, the 
inside of the cerebellum reveals a beautiful, treelike pattern. In this 
section, we can also see clearly all the parts of the brain stem—the 
midbrain, pons, and medulla. 
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BRAIN 


The brain is protected by three membranes called the meninges 
(which become inflamed in meningitis). The tough dura mater 
layer is the outermost covering, which surrounds the brain 

and the spinal cord. Under the dura mater is the cobweblike 
arachnoid mater layer. The delicate pia mater is a thin membrane 
on the surface of the brain. Between the pia mater and the 
arachnoid mater there is a slim gap—the subarachnoid space— 
which contains cerebrospinal fluid (CSF). Mainly produced by the choroid 
plexus in the brain's lateral ventricles, CSF flows through the third ventricle into 
the fourth, where it can escape via small apertures into the subarachnoid space. 
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Anterior horn 
of lateral 
ventricle 


Septum 
pellucidum 


Caudate nucleus 
Part of the basal 
ganglia, this 
“tailed” nucleus 
helps to control 
and smooth out 
movement 


Fornix 

A fibrous arch 
connecting the 
mammnillary 
bodies to the 
hippocampus; 
the fornix is 
part of the 
limbic system 


Splenium 
of corpus 
callosum 


Inferior horn 
of lateral 
ventricle 





TRANSVERSE SECTION OF BRAIN 





Genu of corpus 
callosum 


Internal capsule 
Area that contains 
many motor 
nerve fibers, 
descending from 
the motor cortex 
and heading for 
the brain stem 
and spinal cord 


Lentiform 
nucleus 
Another part of 
the basal ganglia; 
lentiform means 
lentil shaped 


Thalamus 
Egg-shaped 
structure flanking 
the third ventricle; 
this is a major 
relay station for 
both motor and 
sensory fibers 
leaving and 
entering the brain 


Optic radiation 
Part of the visual 
pathway where 
nerve fibers fan 
out to reach the 
visual cortex in 
the occipital lobe 


Body of corpus 
callosum 


Anterior horn of 
lateral ventricle 








Fornix 


Third 
ventricle 


Mammiillary 
body 


CORONAL SECTION OF BRAIN 


Interventricular 
foramen 
Connects the two 
lateral ventricles 


Body of lateral 
ventricle 

Roofed by the corpus 
callosum 





















Cerebral aqueduct 
Connects the third 
and fourth ventricles, 
via the midbrain 


Anterior horn 
of lateral 
ventricle 

Part of the lateral 
ventricle located 
in the frontal lobe 


Posterior horn of 

lateral ventricle 

Part of the lateral ventricle 
that extends into the 
occipital lobe 


Third ventricle 
Cavity surrounded 
by the thalamus Median aperture of the 

fourth ventricle 
Midline opening in the roof 
of the fourth ventricle where 


cerebrospinal fluid can drain 


Inferior horn of 
lateral ventricle 
Front part of the 
lateral ventricle, 
which projects 
down into the 
temporal lobe 


Fourth ventricle 
Cavity that lies between the 
pons and the cerebellum 


VENTRICLES OF BRAIN 





Caudate 
nucleus 


Septum 
pellucidum 


Thalamus 


Lentiform 
nucleus 


Hypothalamus 


Pia mater 

A thin membrane 
that is the innermost 
of the meninges, 
lining the brain itself 










Arachnoid 
mater 
Middle layer of 


Falx cerebri the meninges 


Arachnoid 
granulation 
Pocket of the 
subarachnoid 
space, where 
cerebrospinal 
fluid flows back 
into the blood 


Dura mater 
Outer layer of 
the meninges; 
dura mater is 
Latin for hard 
mother 


MENINGES SECTION 
Skull 


Superior 
sagittal sinus 
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HEAD AND NECK 


: 

A, The 12 pairs of cranial nerves (the standard abbreviation for which is 
rr! CN) emerge from the brain and brain stem, leaving through holes, or 
if “foramina”, in the base of the skull. Some nerves are purely sensory, 
sy some just have motor functions, but most contain a mixture of motor 
uo and sensory fibers. A few also contain autonomic nerve fibers. The 
{ J olfactory nerve and the optic nerve attach to the brain itself. The other 


10 pairs of cranial nerves emerge from the brain stem. All the cranial 
nerves supply parts of the head and neck, except the vagus nerve. This has branches 
in the neck, but then continues on to supply organs in the thorax and down to the 
abdomen. Careful testing of cranial nerves, including tests of sight, eye and head 
movement, taste, and so on, can help doctors to pinpoint neurological problems 


in the head and neck. 


Olfactory tracts 








Optic nerve (CN II) 





Oculomotor nerve (CN III) 
Emerges just above the 
pons of the brain stem 


Trochlear nerve (CN IV) 
Emerges from the back of 
the midbrain, then runs 
forward to appear at the 
side of the pons 


Abducent nerve (CN VI) 








Emerges above the 
pyramids of the medulla 
(see pp.114-15) 


Facial nerve (CN VII) 
Emerges at the junction 
of the pons and medulla, 
at the side 


Vestibulocochlear 
nerve (CN VIII) 
Emerges at the junction 
of the pons and medulla 


Hypoglossal nerve (CN XII) 
Formed from a series of 
rootlets emerging from the 
groove between the olive 
and pyramid of the medulla 


Olive 





ORIGIN OF CRANIAL NERVES (UNDERSIDE OF BRAIN) 


Olfactory bulbs 
Receive the olfactory 
nerves (CN1) 


Pons 


Pyramid 


Motor root of 
trigeminal nerve (CN V) 
Small root containing 

the nerve fibers destined 
for the muscles of 
mastication (chewing) 


Sensory root of 
trigeminal nerve (CN V) 
Contains sensory 

nerve fibers that will 

be distributed to the 
face, mouth, and nose in 
the three branches of the 
trigeminal nerve 


Glossopharyngeal 
nerve (CN IX) 
Emerges from the side 
of the medulla 


Vagus nerve (CN X) 

Exits the cranium via the 
jugular foramen, along 
with the glossopharyngeal 
and accessory nerves 


Accessory nerve (CN XI) 
Formed by rootlets 
emerging from the medulla 
and the upper spinal cord 


Auriculotemporal 
nerve 

Branch of the 
mandibular division 
of the trigeminal 
nerve, supplying 
sensation to part of 
the ear and temple 


Temporal branch 
of facial nerve 
Supplies the 
frontal belly of 
occipitofrontalis 
and orbicularis 
oculi muscles 


Optic nerve 

(CN II) 

Carries sensory 
information from 
the retina of the eye 


Zygomatic branch 
of facial nerve 
Supplies orbicularis 
oculi muscle 


Infraorbital 
nerve 

Branch of the 
maxillary division 
of the trigeminal 
nerve, supplying 
sensation over 
the cheek 


Buccal branch of 
facial nerve 
Supplies the 
muscles of 

the upper lip 


Mental nerve 
Continuation of 
the inferior 
alveolar nerve, 
supplying 
sensation over 
the chin 


Inferior alveolar 
nerve 

Branches of this 
nerve innervate 

the lower teeth, the 
gums, the lower 

lip, and the chin 


Ophthalmic nerve 

A branch of the trigeminal 
nerve, supplying sensation to 
the upper part of the face 
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Marginal Lingual nerve 


mandibular branch 
of facial nerve 
Supplies muscles of the 
lower lip and chin 


Branch of the mandibular 
division of the trigeminal 
nerve, supplying sensation 
to the tongue 


Glossopharyngeal 
nerve (CN IX) 


Hypoglossal nerve 
(CN XII) 


Vagus nerve (CN X) 


CRANIAL NERVES IN HEAD AND NECK (SIDE) 


Greater auricular nerve 
A branch of the second 
cervical nerve, supplying 
sensation to the skin of the 
back of the head 
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Posterior eo) 
auricular nerve z 
A branch of the m 
facial nerve, 2 
supplying the 


occipital belly of 
occipitofrontalis 
muscle 


Trigeminal 
nerve (CN V) 
Colored deep 
orange on this 
illustration; splits 
into ophthalmic, 
maxillary, and 
mandibular 
divisions 





Facial nerve 
(CN VII) 
Colored bright 
yellow on this 
illustration 


Cervical branch 
of facial nerve 
Supplies platysma 
muscle in the neck 






Accessory 
nerve (CN XI) 





1/28/2018 chrome-extension://nlipoenfbbikpbjkfpfillcgkoblgpmj/edit.html 


The joule thief circuit. 


Ferrite toroid core 
with two lengths of 
small diameter wire 
resistor e.g. 26 gauge, 
7c 30 gauge, .. 


one leg is longer 


flat side is facing than the other 


out of the page 


transistor , LED (Light Emitting Diode) 
2N4401 


(C - Collector, B - Base, E - Emitter) 





Transistor - The legs of the transistor can be determined by noticing that there's a flat side to the transistor case. See the diagram above. A large number of 
transistors have been reported to work: 2N4401, NET123AP, BC547B, 2SC2500, BC337, PN2222, to name just a few. 


LED - One leg of the LED is longer than the other leg. Use this to determine which one goes where, See the diagram above. 


Resistor - The diagram says use a 1 kilo ohm resistor but I've used an 820 ohm one just fine. I've also seen a 2 kilo ohm one in use. Use whatever works for 
you. You can also use a potentiometer (a variable resistor) so that you can easily adjust it to select the resistance that gives the best light. 


Toroid ferrite core - Some people have gotten these by opening up compact fluorescent lightbulbs (CFLs). | took mine out of some device whose original 


function | don't know. To get it working, my first one had just 13 turns for each wire and | used a 30 gauge wire and a 26 gauge wire. The wire must be 
insulated. A variety of number of turns will work. This is something you can play with. Look at the diagram carefully to determine where the wires connect to. 


chrome-extension://nlipoenfbbikpbjkfpfillcgkoblgpmj/edit.html 
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EYE 


viv 
j The eyes are precious organs. They are 
\ well protected inside the eye sockets, or 
| bony orbits, of the skull. They are also 
oh protected by the eyelids, and bathed 
\l } in tears produced by the lacrimal glands. 
bi Each eyeball is only lin (2.5cm) in 


diameter. The orbit provides an anchor 
for the muscles that move the eye, and the rest of the 
space inside the orbit is largely filled up with fat. Holes 
and fissures at the back of this bony cavern transmit 
nerves and blood vessels, including the optic nerve, 
which carries sensory information from the retina to 
the brain. Other nerves supply the eye muscles and the 
lacrimal glands, and even continue on to the face to 
supply sensation to the skin of the eyelids and forehead. 


Superior oblique muscle 
Rotates the eyeball downward 
and outward, as well as medially; 
the inferior oblique muscle 
under the eyeball rotates it 
upward and inward 


Trochlea of 
superior oblique 
muscle 

Trochlea is Greek for 
pulley; the superior 
oblique muscle runs 
through this fibrous 
loop attached to the 
frontal bone, which 
changes the muscle's 
trajectory 


Medial rectus 
muscle 

Rotates the eyeball 
inward (adduction) 


Superior rectus 
muscle 

Rotates the eyeball 
upward (elevation); 
the inferior rectus 
under the eyeball 
rotates it downward 
(depression) 


Medial wall 

of orbit 

Formed here by 
the ethmoid bone 


Common annular 
tendon 

A ringlike tendon 
anchored to the 
edges of the optic 
canal and superior 
orbital fissure, to 
which the four 
rectus (straight) 
muscles of the 

eye attach 


Lateral rectus 
muscle 

Rotates the eyeball 
outward (abduction) 


) 


MUSCLES OF THE EYE 


(FROM ABOVE) 


EXTERNAL EYE 


Lateral wall 

of orbit 

Formed here by 
the zygomatic bone 











+ : 


Superior orbital fissure 
Hole in the sphenoid bone 
at the back of the orbit 


Sclera Iris 


Eyelashes 


Frontal nerve 

Large branch of the 
ophthalmic nerve; 
splits into supraorbital 
and supratrochlear 
branches 


Ciliary ganglion 
Receives 
parasympathetic 
nerve fibers from the 
oculomotor nerve 
and sends them into 
the eyeball via the 
short ciliary nerves, to 
supply the muscles of 
the iris and lens 


Abducent nerve 
Supplies the lateral 
rectus muscle 


Nasociliary nerve 
Part of the 
ophthalmic nerve; 
its branches supply 
sensation to the 
ethmoidal sinuses, 
the nasal cavity, 
and the eyeball 


Ophthalmic nerve 
Branch of the 
trigeminal nerve; 
supplies sensation 

to the eyeball, the 
conjunctiva, and part 
of the lining of the 
nose, as well as the 
eyelids and forehead 


Optic nerve 
Carries sensory nerve 
fibers from the retina 


Oculomotor nerve 
Supplies all muscles 
that move the eye, 
apart from the 
superior oblique and 
lateral rectus muscles 





Pupil 


Supratrochlear nerve 
Runs over the eyeball and 
up, out of the orbit, to 
supply sensation to the 
middle of the forehead 










Upper eyelid 


Plica semilunaris 
Lacrimal caruncle 
Lacrimal papilla 


Conjunctiva 


Lower eyelid 


Supraorbital nerve 
Runs forward, out 
of the orbit, and 
turns upward on 
the frontal bone 

to supply the 

upper eyelid 


Lacrimal nerve 
Supplies skin over 
the upper eyelid 
and lateral forehead 


Lacrimal 
gland 








> 
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Trochlear nerve 
NERVES OF THE ORBIT Supplies the superior 
(FROM ABOVE) oblique muscle 


Sclera 
From the Greek for 
hard; the tough, outer 
































Lateral rectus 





coat of the eyeball muscle 
m 
Conjunctiva __ — m 
Thin mucous membrane = Vitreous humor 


covering the front of the eyeball, 
as well as the inner surfaces of 
the eyelids, but not the cornea 


Means glassy fluid in Latin. The main 
filling of the eyeball, it is liquid in the 
center but more gel-like at the edges 


Iris 


Choroid 
oe the ee This layer is packed 
or rainbow; , with blood vessels 
contains smooth 44 


muscle: circular 
fibers constrict 
the pupil, while 
radial muscle 
fibers dilate it 


Optic disk 

Retinal nerve fibers 
create a donutlike 
bulge where they 





ee 5 gather to form the 
outer layer of - ¥ optic nerve 
the front of the 


eye; continuous 
with the sclera 


Pupil 





Aqueous 
humor 
Watery fluid 
occupies the 
anterior and 
posterior 
chambers of 
the eye, either 
side of the iris 














Lens p74 Optic nerve 
Made up of yy Carries visual 
long, transparent 4 information from 
cells called lens the retina back 
fibers; tends to _ . - to the brain 
become less — —— 
clear in old age ~ 
Suspensory — =e 
ligament = —— Blind spot 
Attaches the lens = - Where retinal nerve fibers 
to the ciliary body » —- leave the back of the retina 
Ciliary body Medial rectus Retina the eye has no sensory 
Contains smooth muscle muscle Inner, sensory lining of the cells; the brain fills in the 
fibers that pull to alter eyeball; forms as an outgrowth missing information, so 
the shape of the lens in of the brain itself during that we are not aware of the 
order to focus embryological development tiny blind spot in each eye 


HORIZONTAL SECTION THROUGH THE EYEBALL 








Posterior semicircular canal 

The semicircular canals are each less 
than %in (2cm) in length, with a 
diameter of less than %42in (1mm); 
this canal is positioned vertically 


Temporal bone 
Forms part of the side wall and 
base of the skull; houses the 


workings of the ear Incus 


The middle ossicle in the 

chain, the incus is also 
named for its shape, and 
means anvil in Latin 

















Auricle 

Made of elastic 
fibrocartilage 
covered with skin 
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Malleus 
This mallet-shaped ossicle 
‘ attaches to the back of the 
tympanic membrane and 
connects to the incus 













External acoustic meatus 
The outer third of this canal is made of 
cartilage, while the inner two-thirds is a 
channel within the temporal bone; the 
meatus is lined with thin skin, which 
continues on to the eardrum 


EXTERNAL EAR 


Oval window 

Where the stapes attaches 
to the base of the cochlea, 
transmitting its vibrations to 
the fluid inside the cochlea 





Tympanic membrane 

The eardrum vibrates as sound 
waves buffet it; the ossicles (the 
malleus, incus, and stapes) carry 
those vibrations through the 
middle ear to the inner ear 


“2 EAR 


/ The ear can be divided up into external, middle, 
‘ia and internal parts. The external ear includes 
1] the auricle on the outside of the head, and the 


;. external acoustic meatus—the canal that leads 
B to the eardrum, or tympanic membrane. The 
he middle ear is an air space inside the temporal 
bone. It contains the ossicles (ear bones) and is Pe 
linked to the pharynx by the pharyngotympanic, or Eustachian, The last link in the 
tube. Minute hair cells inside the inner ear convert vibrations in aptieee sa 
the fluid within the cochlea into an electrical nerve impulse. stirrup in Latin 


Similar hair cells in the vestibular apparatus (the semicircular 
canals, utricle, and saccule) convert mechanical stimuli, produced 
by motions of the head, into nerve impulses. The sensory nerves 


leaving the inner ear join to form the vestibulocochlear nerve. MIDDLE AND INNER EAR 





Lateral Anterior 


semicircular canal semicircular canal : > 
This is positioned Positioned vertically, but Helix : oa 
horizontally at right angles to the The outer rim External acoustic 

plane of the posterior of the auricle meatus 


semicircular canal 
















= Vestibular nerve Antihelix 

~ Carries sensory A curved 

tt 4a” 4 ~~ information from the prominence, 

- -_* vestibular apparatus— parallel to 

- if /P- — including the the helix 
semicircular canals 


— 
- 
Cochlear nerve 
Conveys sensory 
information about 
sound from the 
cochlea 


Concha 

This hollow is 
named after the 
Greek for shell 








Tragus 

This little 

flap overlaps 
the external 
acoustic meatus 


Intertragic 
notch 








Lobule 


Antitragus AURICLE 
A small tubercle 
opposite the tragus 


Section cut from cochlea 
From top to bottom shows 
vestibular canal, cochlear 
duct, and tympanic canal 


Vestibulocochlear nerve 

The cochlear nerve conveys 
sensory information about 
sound from the cochlea. It joins 
the vestibular nerve to the 
vestibulocochlear nerve 


Cochlea 
Not surprisingly, cochlea 
means snail in Latin 


Tympanic membrane 

As seen with an otoscope, a 
healthy eardrum has a pearly, 
almost translucent appearance 


Lateral process 
of malleus 






Vestibule 
Contains the 
utricle and 
saccule, organs 


of balance Handle 


of malleus 


Round window 

Vibrations can travel in the fluid 
inside the cochlea, all the way 
up to its apex and back down 
to the round window 


Cone of light 
Light is reflected 
in the front, 
lower quadrant 
Pharyngotympanic tube of the eardrum 
Passage connecting the middle 
ear to the back of the throat, and 
allowing air pressure either side 
of the eardrum to be equalized EARDRUM 
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Glossopharyngeal 
nerve (CN IX) 
Supplies sensation to 
the back of the tongue 
and to the pharynx 


Hypoglossal nerve 
(CN XII) 

Supplies the muscles 
of the tongue 


Vagus nerve 

(CN X) 

Supplies muscles of the 
pharynx and larynx, and 
continues down to supply 
organs in the thorax 

and abdomen 


Mandibular division 
of trigeminal nerve 
(CNV) 


First cervical 

nerve (C1) 

The very first spinal 

nerve; its branches 
Facial nerve supply some muscles 
(CN VII) in the upper neck 


NERVES OF THE NECK (SIDE) 








Second cervical 

nerve (C2) 

Along with C3 and C4, this 
nerve supplies sensation 
to the skin of the neck as 
well as supplying a range 
of muscles in the neck 


Third cervical nerve (C3) 


Accessory nerve 

(CN XI) 

Originates outside the 
skull but enters it and then 
comes back out; part of 

it joins the vagus, the 
remaining fibers continue 
into the neck to supply 
trapezius and sterno- 
cleidomastoid muscles 


Fourth cervical 
nerve (C4) 


Fifth cervical 

nerve (C5) 

Together with C6, C7, C8 
and T1, part of this nerve 
will form the brachial 
plexus—the network of 
nerves supplying the arm 


Sixth cervical 
nerve (C6) 


Seventh cervical 
nerve (C7) 


Eighth cervical 
nerve (C8) 


First thoracic 
nerve (T1) 
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—————__ 


Right internal 
jugular vein 


Right vagus 
nerve 


Right phrenic 
nerve 


Spinal cord 


RIGHT 
SIDE OF 
BODY 






. NECK 


The last four cranial nerves all appear in the neck. The 
glossopharyngeal nerve supplies the parotid gland and the back 

of the tongue, then runs down to the pharynx. The vagus nerve is 
sandwiched between the common carotid artery and the internal 
jugular vein, and it gives branches to the pharynx and larynx before 
continuing down into the thorax. The accessory nerve supplies the 
sternocleidomastoid and trapezius muscles in the neck, while the last 
cranial nerve, the hypoglossal, dips down below the mandible, then curves back up 
to supply the muscles of the tongue. We can also see spinal nerves in the neck. 

The upper four cervical nerves supply neck muscles and skin, while the lower 

four contribute to the brachial plexus and are destined for the arm. 


Right common 
carotid artery 


Sympathetic 
trunk 





Cavity of 
larynx 
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Left common carotid artery 
The pulsation of this artery 
is easy to feel in the neck 


Sternocleidomastoid 
muscle 


Left internal 
jugular vein 


Cervical nerves 


Body of cervical 
vertebra 


LEET: 
SIDE OF 
BODY 


Trapezius 
muscle 
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TRANSVERSE SECTION OF THE NECK 






Spinal process 
of cervical 
vertebra 
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Vagus nerve 














The tenth cranial nerve strays a 
long way beyond the neck to 
supply structures in the thorax and 
abdomen as well; its name means 
wandering or straying 


First rib 


First intercostal nerve 
Anterior branch of T1 
(first thoracic) spinal nerve 


Phrenic nerve 















Comes from the third, 
fourth, and fifth cervical 
nerves; supplies the muscle 
of the diaphragm and the 
membranes lining either 
side of it—the pleura on 
the thoracic side and 
peritoneum on the 
abdominal side 


ANTERIOR (FRONT) 


Pairs of spinal nerves emerge via the 
intervertebral foramina (openings) 
between the vertebrae. Each nerve 
splits into an anterior anda 
posterior branch. The posterior 
branch supplies the muscles and 
skin of the back. The anterior 
branches of the upper 11 thoracic spinal nerves 
run, one under each rib, as intercostal nerves, 
supplying the intercostal muscles and overlying 
skin. The anterior branch of the last thoracic spinal 
nerve runs under the twelfth rib as the subcostal 
nerve. In addition to motor and sensory fibers, 
thoracic spinal nerves contain sympathetic nerve 
fibers that are linked by tiny connecting branches to 
the sympathetic chain or trunk (see pp.108-109). 
This allows sympathetic nerves originating from one 
level of the spinal cord to travel up and down, 

and spread out to several body segments. 








Like each intercostal 


the muscles lying in the 
same intercostal space, 


sensation to a strip of 
skin around the thorax 


Eighth rib 


Eighth 
intercostal nerve 


nerve, this supplies 


and also supplies 


Twelfth rib 


Eleventh rib 


Subcostal nerve 
Anterior branch of 
T12 nerve, in series 
with the intercostal 

nerves; named 
subcostal as it lies 
under the last rib 















T1 (first thoracic) vertebra 





T1 spinal nerve 
Emerges from 
the intervertebral 
foramen between T1 
and T2 vertebrae 





Fifth rib 


Fifth intercostal 
nerve 

Anterior branch of T5 
spinal nerve; lies in the 
gap between the fifth 
and sixth ribs 












Innermost 




























______ Collateral 
branch of 
intercostal 
nerve 

Smaller nerves 
(and arteries 
and veins) run 
along the top 
of the ribs 


T12 vertebra intercostal Rib 
muscle 
Internal 
intercostal > \ ~ 
muscle ® " _=_____ Intercostal 
¥ \ \ \ nerve 
a.\ Ny Always has 
External mii '\\ 
intercostal NY \ AN } an artery and 
muscle Ses a vein above it 
a “ ‘ / 


Eleventh 
intercostal nerve 
Lying between the 
eleventh and twelfth 
ribs, this is the last 
intercostal nerve 


SECTION THROUGH RIBS 
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NERVOUS SYSTEM 


































The lower intercostal nerves continue past the 
lower edges of the ribcage at the front to supply 

i the muscles and skin of the abdominal wall. The 

: lower parts of the abdomen are supplied by 
the subcostal and iliohypogastric nerves. The 

abdominal portion of the sympathetic trunk receives nerves 
from the thoracic and first two lumbar spinal nerves, and sends 
nerves back to all the spinal nerves. The lumbar spinal nerves 
emerge from the spine and run into the psoas major muscle 
at the back of the abdomen. Inside the muscle, the nerves join 
up and swap fibers to form a network, or plexus. Branches of 
this lumbar plexus emerge around and through 
the psoas muscle and make their way into the 


thigh. Lower down, branches of the sacral plexus oemo 


Splits into two branches: 


supply pelvic organs and enter the buttock. One ne genital pan 
oe . supplies some of the 

of these branches, the sciatic nerve, is the largest Ce or labhim 
nerve in the entire body. It supplies the back of majus, while the 
Retnien I h fine dit femoral branch supplies 
the thigh, as well as the rest of the leg and foot. a SMMIIEREEN of skin at 
the top of the thigh 


lliohypogastric nerve 

Runs around the side of the 
lower abdomen to supply the 
lowest parts of the muscles and 
skin of the abdominal wall 


llioinguinal nerve 

Travels through the layers of the 
abdominal wall, then down to 
supply sensation in the front of 
the scrotum in the male, or the 
labia majora in the female 


Sympathetic Spinal Rami 
ganglion ganglion communicantes Femoral nerve 


Supplies the 

q front of the thigh 
Sympathetic 
trunk 

f Sacral plexus 

Nerve roots from the fourth 

and fifth lumbar nerves join 

7 the upper four sacral nerves 





to form this network. Pelvic 
splanchnic nerves come from 
the second to fourth sacral 
nerve roots, and convey 
parasympathetic nerve fibers 
to the pelvic organs, via the 


Spinal __| : : 
pelvic plexus on each side 


nerves 





Lateral cutaneous 
nerve of the thigh 
Supplies the skin of the 
side of the thigh 





Obturator nerve 


Spinal VS 
Travels along the inside of the 


Section of sympathetic trunk and spinal cord Pa vic then emeraes arcugh 
Branches from the sympathetic trunk innervate the the obturator foramen to 
organs of the abdomen and pelvis supply the inner thigh 















































T12 (twelfth thoracic) 
vertebra 


Twelfth rib 


Intercostal nerve 


Subcostal nerve 


Lumbar plexus 


Iliac crest 


Lumbosacral trunk 
Carries nerve fibers 
from the fourth and fifth 
lumbar nerves down to 
join the sacral plexus 


Superior gluteal nerve 
Branch of the sacral plexus 
that supplies muscles and 
skin in the buttock 


Anterior sacral foramen 


Sciatic nerve 


ANTERIOR 
(FRONT) 


Nerve fiber tract 
Bundles of nerve fibers 
carrying signals to and 

from the spinal cord 
and the brain 


Dorsal root 
ganglion 


jl nerve 


Motor nerve 
rootlets 

Bundles of fibers 
emerging from the 
ventral side (front) 
of the spinal cord 
carry signals to 
skeletal and 
smooth muscle 


Anterior fissure 
Deep groove 
along the front 
of the spinal cord 





Subarachnoid 
space 


Central canal 

Cerebrospinal fluid fills the 
narrow central canal and 
nourishes and protects neurons 


White matter 
Gray matter 


Sensory nerve 
rootlets 

Bundles of fibers 
emerging from the 
dorsal side (back) 
of the spinal cord 
carry incoming 
signals from 
sensors in the 

skin and muscles 


Pia mater 
Arachnoid 
Dura mater 





Meninges 

Three layers of 
connective tissue that 
protect the spinal cord 


SPINAL CORD 


The walls of the abdomen and pelvis are supplied by nerves 
emerging from the spinal cord. Like the brain, the spinal cord 
contains gray matter (mostly neuron cell bodies) and white 
matter (axons), and is covered in the same three layers of 
meninges: dura mater, arachnoid, and pia mater (see p.119). 
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and these divisions recombine 
to form the three cords 


the brachial plexus forks in two, 


Divisions of the brachial plexus 
Each of the three nerve trunks of 


Clavicle 





Medial cord 
Lateral cord 





Posterior cord 
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*. SHOULDER 
ANU UPPER ARM 


The upper limb (shoulder to hand) is supplied by five thick 
nerve roots that branch from the last four cervical and first 
thoracic spinal nerves. Emerging between the scalene muscles 
of the neck, they link up to form a complex skein (network) 
called the brachial plexus that dives under the clavicle to 
enter the axilla—the space between the upper arm and the chest. At this 
point, the plexus comprises three cords lying around the axillary artery. 
The network's five major nerves—musculocutaneous, median, ulnar, axillary, 
and radial—provide sensation to the upper limb and supply its muscles. 
The musculocutaneous nerve supplies the muscles in the front of the 
arm: the biceps, brachialis, and coracobrachialis. 


Axillary nerve 


Supplies deltoid and teres minor 


skin over the outer shoulder, 


muscles, as well as sensation to 
and to the shoulder joint itself 





Musculocutaneous nerve 


Supplies coracobrachialis, 
biceps, and brachialis muscles 


in the upper arm 


Medial cutaneous 


nerve of the arm 


Supplies the skin on the lower, 


inner part of the upper arm 


(shown cut here) 





Medial cutaneous 
nerve of the forearm 


Supplies the skin of the anterior 


and medial surfaces of the 
forearm (shown cut here) 
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ANTERIOR (FRONT) 
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_£. SHOULDER 
| MAND UPPER ARM 


The axillary and radial nerves emerge from the back of the 
brachial plexus and run behind the humerus. The axillary 
nerve wraps around the neck of the humerus, just underneath 
the shoulder joint, and supplies the deltoid muscle. The radial 
nerve—the largest branch of the brachial plexus—supplies 
all the extensor muscles in the upper arm and in the forearm. It spirals around 
the back of the humerus, lying right against the bone, and sends branches 
to supply the heads of the triceps. The radial nerve then continues in its 
spiral, running forward to lie just in front of the medial epicondyle of the 
humerus at the elbow. 


= 
Lu 
kK 
WN 
> 
2) 
2) 
= 
O 
> 
ao 
wu 
Zz 


humerus, just below the shoulder 
joint, and is at risk of damage if 


Wraps around the neck of the 
the shoulder dislocates 


Medial cutaneous nerve 


Medial cutaneous nerve 
of the forearm 


of the arm 
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Medial pectoral 
nerve 
Neck of humerus 


Clavicle 
Head of 
humerus 
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Lateral cord 
Posterior cord 
Medial cord 











Divisions of the 
brachial plexus 


Musculocutaneous nerve 
After supplying muscles in the 
front of the arm, this continues 
as a cutaneous nerve, which will 
supply sensation to the skin of 
the lateral (outer) forearm 
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HAND 


The front of the forearm is supplied 

by the musculocutaneous, median, and 
ulnar nerves. The musculocutaneous 
nerve supplies sensation to the lateral side of the 
forearm. The median nerve runs down the middle 
of the forearm, supplying most of the flexor muscles. 
It then travels over the wrist and into the hand to 
supply some of the thumb muscles, as well as 
sensation to the palm, thumb, and some fingers. 
The ulnar nerve courses down the inner side of the 
forearm, where it supplies just two muscles. It 
continues on to supply most of the small muscles 

in the hand and provide sensation to the inner side 
of the ring finger, and also the little finger. On 

the back of the forearm, the radial nerve and its 
branches supply all the extensor muscles. Branches 
of the radial nerve fan out over the back of the hand, 
where they provide sensation. 
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HIP AND THIGH 


weYvry wevvy weacocoevs 
£358 Leen &gsess The lower limb (hip, thigh, leg, and foot) receives nerves 
BSee gee ead from the lumbar and sacral plexuses. Three main nerves 
=o* . Bs ° 7 SS5 ES a supply the thigh muscles: the femoral, obturator, and sciatic 
g = ge 2 nerves (the last in the back). The femoral nerve runs over 
a Ee the pubic bone to supply the quadriceps and sartorius 


muscles in the front. The saphenous nerve, a slender 
branch of the femoral, continues past the knee and supplies 
skin on the inside of the lower leg and the inner side of the foot. The 
obturator nerve passes through the obturator foramen in the pelvic bone 
to supply the adductor muscles of the inner thigh and provide sensation 
to the skin there. Some smaller nerves just supply skin, such as the 
femoral cutaneous nerves. 
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May become compressed 
at the inguinal ligament, 


causing a painful tingling 


in the thigh, called 


meralgia paresthetica 


POSTERIOR (BACK) 


HIP AND THIGH 


Y Gluteal nerves from the sacral plexus emerge via the greater 
sciatic foramen, at the back of the pelvis, to supply the muscles 
and skin of the buttock. The sciatic nerve also emerges through 


| 
| m the greater sciatic foramen into the buttock. The gluteus 
\ | 





maximus is a good site for injections into a muscle, but these 
should always be given in the upper, outer part of the buttock 
to make sure the needle is well away from the sciatic nerve. 
The sciatic nerve runs down the back of the thigh, supplying the hamstrings. 
In most people, the sciatic nerve runs halfway down the thigh then splits into 
two branches, the tibial and common peroneal nerves. These continue 
into the popliteal fossa (back of the knee) and on into the lower leg. 
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Fernte toroid core 
with two lengths of 
small diameter wire 
e.g. 26 gauge, 

30 gauge, _. 











resistor 
1kQ 


one leg is longer 


AA battery flat side is facing than the other 


out of the page 


transistor LED {Light Emitting Diode) 


2N4401 


{C - Collector, B - Base, E - Emitter) 
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LOWER LEG AND FOOT 
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The common peroneal nerve runs past the knee and wraps around the 
neck of the fibula. Then it splits into the deep and superficial peroneal 


nerves. The deep peroneal nerve supplies the extensor muscles of the 


shin, then fans out to provide sensation to the skin at the back of the foot. 
The superficial peroneal nerve stays on the side of the leg and supplies the 


peroneal muscles. The tibial nerve runs through the popliteal fossa (back of the knee), 
under the soleus muscle, and between the deep and superficial calf muscles, which it 

supplies. It continues behind the medial malleolus and under the foot, then splits into 
two plantar nerves that supply the small muscles of the foot and the skin of the sole. 





$30} pure ajos 
34 JO UD|S 

pure sajasnuu 
ayy saljddns 
‘ansau sequel 
JeIpaw oui YUM 
aAJoU Je}URId 
yesaqey 


snjoayyew 
reIpaw 





aAjau yeauosed 
jeloysadns auy 
Jo sayoueig 
SdA19U [eUSIP 
jesioq 


aoeds qam js} 3U} 

JO ups ayy salj|ddns 
pur ‘Joo} ay} yo uae 
jesdop ayy YUM suny 
dAJau (4e]NqQIJ) 
Jeauosed daaqg 


dAJauU jeauosad 
yeldisedns yo 
youejq |eIpaW 


$80} pur 100} ay} 
Jo doy ayy 4200 uLys 
sat|ddns ‘youeiq 
JeIpau ayy YUMA 
aAJau jeauosad 
yeisisedns yo 
youeig [e43}e7 


}00J au} JO apis 
(jelpaw) sauu! ay} OF 
uolyesuas Ajddns 

0} ‘snjoa|jew yeIpaw 
du} JO JUL} Ul SUNY 
aAJau snouaydes 


snjoa|jew jeipawu 
au) pulyaq suny 
SAJOU [RII 


32] JAMO} aU} Ul 
sajosnu siAeiq pue 
snug] snauosad 
ayy saijddns 
aAsau (4e]NqIJ) 
jeauosed 
re1yedns 


saqo| 9944} 
sassassod 
sun] yay 


yeay ay} 
S}EPOWILWODDe 0} adeyINS JOUU! S}! 
uo AyARDUOD & pur ‘saqo| OM) seH 
sun] ye 


@]2snuwi [e}s02419}u] 


: qr 


sun| 
ya] jo xedy 


winuJa}s ay} aaoge ysnf 

‘yoau ayy JO JUL ay} Ul 24 
Ajisea aq ued yoiym ‘asejied 
Jo s8uld padeys-> Aq uado 
play ‘aqny sejnosnwoiql 
vayredL 





SDIOA BY} JO UBIO BUY BUlaq se [jam 
se ‘sdun| ay} Woy pue 0} APM S}I UO 
sassed ule YIUM Y8NosU} 391} BY} JO 
ued swioj 1! !sajasnuu pue saueiquual 
SNOIG| YUM J24}980} pjay ‘saseiped 








sn3eydosq 




















JO apeW SI ‘XOGadIOA JO 'xUAIR] AUL 
» xuAsey 
“- 
sn8eydosa au} 0} “= 
AYAeD [210 BY} se [JAM se - 
*xuAse] BY} 0} SdIJAed [eSeU AY} 
$}29UUOD Jeu} Aemasessed 
xuAeud —— smojsidq 
= 
(J4jsou) sueN 
j 
xuAyeyd ay} 8ula}ua 
,? alojaq ‘AYIAeD [eseU ay} JO 
( Sulul| sejnosen Ajydi4 ayy 
: JaAO sassed }I se paua}sioWw 
: pur ‘pauva|> ‘paweM si Jy 
Aqiaed jesen 
ae 


9 = WALSAS AYOLVUldSAY 


14 


= 
i 
o 
= 


Visceral pleura 


This membrane covers 
the surface of the 


lungs themselves 


Pleural cavity 


Potential space between 


the parietal and visceral layers 
of the pleura, containing a 


thin film of pleural fluid that 
lubricates the lungs as they 
move within the chest 


Parietal pleura 


Diaphragm 


Main muscle of breathing, supplied 


Membrane that lines the inner 
surface of the chest wall 





by the phrenic nerve; the 


diaphragm flattens as it contracts, 


increasing the volume of the 


thorax, producing a drop in 
pressure inside the lungs which 


RESPIRATORY 
SYSTEM 
OVERVIEW 


Every cell in the human body needs to get oxygen, and 
to get rid of carbon dioxide. These gases are transported 
around the body in the blood, but the actual transfer of 
gases between the air and the blood occurs in the lungs. 
The lungs have extremely thin membranes that allow 
the gases to pass across easily. But air also needs to be 
regularly drawn in and out of the lungs, to expel the 
building carbon dioxide and to bring in fresh oxygen, 
and this is brought about by respiration—commonly 
called breathing. The respiratory system includes the 
airways on the way to the lungs: the nasal cavities, parts 
of the pharynx, the larynx, the trachea, and the bronchi 
(see p.149). 


ANTERIOR (FRONT) 


draws breath into them 
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RESPIRATORY SYSTEM 


Cribriform plate of 
ethmoid bone 

Forms the long, narrow 
roof of the nasal cavity; 
the olfactory nerves 
carrying the sense of 
smell pass up through 
tiny holes in this thin 
plate of bone, into the 
cranial cavity 


Olfactory 
nerves 



















Frontal sinus 

One of the paranasal 
air sinuses—spaces in 
the bones of the skull 
that drain into the 
nasal cavity; they 
become inflamed 

in sinusitis 





Atrium 


Vestibule 


o~ 








Superior meatus 

The posterior ethmoid 
air sinuses open into 
this space under the 
superior concha (named 
after the Latin for shell) 


Cut edge of 
superior concha 


Middle meatus 

The frontal sinus, maxillary ) 
sinus, and the rest of the ethmoid 

air cells open into the nasal cavity 

here, beneath the middle concha 


Cut edge of 
middle concha 


Sphenoidal sinus ; | 
Inside the sphenoid bone; 
one of the paranasal air sinuses 


Inferior meatus 

The nasolacrimal duct—draining ' 
tears from the inner corner of the 
eye—opens into the nasal cavity 

here; that is why your nose tends 

to run when you cry 


Cut edge of 
inferior concha 


Nasopharynx 





Nostril 





Uppermost part 

of the pharynx, 
behind the nasal 
cavity—which ends 
level with the back of 
the hard palate—and 
above the oropharynx 


Oropharynx 








Hard 


The part of the pharynx 
behind the cavity of the 








palate mouth or oral cavity 
Forms “ 
the floor fa Epiglottis 
of the _ Uppermost cartilage 
nasal of the larynx 
cavity 
_— Laryngopharynx 
th. Lower part of the 





False vocal cord 


pharynx, behind 
the larynx 





Also known as the 
vestibular cord 









Thyroid 
cartilage 





SAGITTAL SECTION 


Vocal cord 


Cricoid cartilage 


Trachea 





[4] FE A D ies te 
AND NECK 


When we take a breath, air is pulled in through 
our nostrils, into the nasal cavities. Here the air 
is cleaned, warmed, and moistened before its 
onward journey. The nasal cavities are divided 
by the thin partition of the nasal septum, 
which is composed of plates of cartilage and bone. The lateral 
walls of the nasal cavity are more elaborate, with bony curls 
(conchae) that increase the surface area over which the air 
flows. The nasal cavity is lined with mucosa, which produces 
mucus. This often undervalued substance does an important 
job of trapping particles and moistening the air. The nasal 
sinuses, also lined with mucosa, open via tiny orifices into 
the nasal cavity. Below and in front of the pharynx is the 
larynx—the organ of speech. The way that air passes through 
this can be modulated to produce sound. 


yy” 


Hyoid bone Epiglottis 
Elastic piece of cartilage named after the 
Greek for upon the tongue; it sits behind 
the tongue, and helps to protect the airway 
during swallowing 





X-RAY OF HEAD Nasal Nasal 
SHOWING SINUSES cavity septum 


Arytenoid cartilage 

“Funnel shaped” in Greek; there is a mobile joint between 
this small pyramidal cartilage and the cricoid cartilage; small 
muscles attach to the arytenoid, which works as a lever to 
open and close the vocal cords 





False vocal cord 


Vocal ligament or cord 





Crycothyroid 


membrane Thyroid prominence 


Forms the “Adam's apple” at the front of the neck, and is 
more prominent in men than in women; the vocal cords 
attach to its inner surface 


Thyroid cartilage 
The word thyroid means shield shaped in Greek 


Cricoid cartilage 
Shaped like a signet ring; the word cricoid 
comes from the Greek for ring shaped 


First tracheal cartilage 





Maxillary sinus 
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Apex of right lung 








Trachea 

Named after the Greek for 
rough vessel, the trachea is 
about 4?/sin (12cm) long 
and !/2-3/ain (1.5-2cm) 
wide in an adult 








Right clavicle 
(cut away to show 
lung behind) 


Parietal pleura 





Visceral pleura 





Anterior margin 
of right lung 








Superior lobe 
of right lung 





Right main bronchus 
Several smaller bronchi 
branch off the two main 
bronchi that enter the 
lung by bifurcating from 
the trachea; confusingly, 
the word bronchus 
comes from the Greek 
for windpipe 


Horizontal fissure 
Deep cleft that separates 
the superior (upper) 

and middle lobes of 

the right lung 





Middle lobe 
of right lung 


Oblique fissure 

of right lung 
Separates the middle 
and inferior (lower) 
lobes of the right lung 


Inferior lobe 
of right lung 


THORAX 


The trachea, commonly known as the 
windpipe, passes from the neck into 
the thorax, where it divides into two 
! wt airways called bronchi—each 
{// supplying one lung. The trachea is 
, supported and held open by 15-20 P peliet de 
C-shaped pieces of cartilage, and 

there is smooth muscle in its wall that can alter the conan : 

i t ostodiaphragmatic 
width of the trachea. Cartilage in the walls of the recess 
bronchi prevents them from collapsing when air 
enters the lungs under low pressure. Inside the lungs, Diaphragm 
the bronchi branch and branch again, forming 
smaller airways called bronchioles; the bronchioles 
are just muscular tubes, completely lacking in 
cartilage. The smallest bronchioles end in a cluster of 
alveoli, these are air sacs surrounded by capillaries, 
where oxygen passes from the air into the blood, and ANTERIOR 
carbon dioxide passes in the opposite direction. (FRONT) 




















Apex of left lung 














The apex, or topmost point, 
of each lung projects some 
3/4in (2cm) above the clavicle 




















Inferior lobe 
of left lung 





Inferior margin 
of left lung 


Lingula 

Slight projection of 
the front edge of the 
left lung; name 
originates from the 
Latin for little tongue 






Pulmonary arteriole 
Brings used deoxygenated 
blood to the alveoli 


Bronchiole 


Capillary 
network 


Alveolar sac 


ALVEOLAR CLUSTER ~~ 








Left clavicle 
(cut away to show 
lung behind) 


Bronchus of left lung 
Bronchi are lined with 
epithelium, which 
produces mucus to trap 
particles, and carpeted 
with tiny hairlike 
projections called cilia 
that waft mucus up and 
out of the lungs 


Superior lobe 
of left lung 


Anterior margin 
of left lung 


Cardiac notch 

of left lung 

Anterior edge of the left 
lung that curves inward 
slightly to accommodate 
the heart 


Oblique fissure 

of left lung 

Divides the superior 
and inferior lobes of 
the left lung 


Bronchiole 


Pulmonary venule 
Takes away fresh, 
oxygenated blood 
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Cardiac 
notch 


Lingula 


LEFT LUNG (LATERAL VIEW) 


Left pulmonary artery 

Brings deoxygenated blood to 

the lungs to be oxygenated; the 
pulmonary arteries are the only 
arteries to carry deoxygenated blood 


Left main bronchus 
Just before it divides into the superior 
and the inferior lobar bronchi 


Pleura 

The membrane lining the lungs; 
pleura comes from the Greek for 
rib or side of the body 


Hilum 

Cardiac impression 
Pulmonary ligament 
Costal surface of lung 


Inferior lobe 


LEFT LUNG 
(MEDIAL VIEW) 


Apex 


Costal surface 


Superior lobe 


Oblique fissure 


Inferior lobe 


Superior lobe 


Groove for left 






















Inferior margin 

This sharp lower edge 

of the lung fits down 

into the cleft between 

the edge of the dome 

of the diaphragm and the 
chest wall; the bottom of 
the pleural cavity extends 
a couple more inches 
below the edge of the lung 


Diaphragmatic 
surface of lung 


Oblique fissure 


subclavian artery 


Cardiac 
notch 


Left superior 
pulmonary vein 
Pulmonary means 
of the lungs in Latin 


Left inferior 
pulmonary vein 

Even though pulmonary 
veins are colored blue, 
these veins carry 
oxygenated (not 
deoxygenated) blood 
back to the heart 


Anterior 
margin 








Lingula 





Apex 











Horizontal 
fissure 


Costal 
surface 
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Groove for right _ fae ; 
subclavian artery ; Superior 


lobe 





Branches of right 


Oblique 
pulmonary artery 


fissure 








Inferior 
lobe 











Superior lobe 
Branches of 
right superior 
pulmonary vein y. 4 Middle lobe 
RIGHT LUNG (LATERAL VIEW) 
Anterior _ 
mareu A. Superior lobar bronchus 
& The structure of the wall of the bronchus, 
containing rings of cartilage, can be seen 
- iA in cross section here 
Horizontal vo 


fissure Right main bronchus 
Having already given off the superior 
lobar bronchus, this will branch to form 


the middle and inferior lobar bronchi 


Hilum 

Depression where the bronchi 
and major pulmonary vessels 
enter and leave the lung 





Pleura 

Around the hilum, the visceral pleura 
doubles back on itself to form the 
parietal pleura, which continues on 

to the inner surface of the ribcage 

and the upper surface of the diaphragm; 
the visceral and parietal pleura thus 
form a continuous, closed envelope 
around the lung 


Right inferior pulmonary vein 


Pulmonary ligament 

The line where the visceral pleura 
doubles back on itself to become 
the parietal pleura hangs down 
below the hilum, forming this 
“ligament”, which allows the 
pulmonary veins to expand freely 


Costal surface 





Middle lobe Oblique fissure 


LUNGS 


Each lung fits snugly inside its half of the thoracic cavity. The surface of each lung is 
covered with a thin pleural membrane (visceral pleura), and the inside of the chest wall 
is also lined with pleura (parietal pleura). Between the two pleural layers lies a thin film 


Inferior lobe 


RIGHT LUNG 
(MEDIAL VIEW) 


Diaphragmatic surface Inferior margin 





,. of lubricating fluid that allows the lungs to slide against the chest wall during breathing 
W movements, but it also creates a fluid seal, effectively sticking the lungs to the ribs and 
a the diaphragm. Because of this seal, when you inhale, the lungs are pulled outward in 


all directions, and air rushes into them. The bronchi and blood vessels enter each lung at 
the hilum on its inner or medial surface. Although the two lungs may appear to be similar at first glance, 
there is some asymmetry. The left lung is concave to fit around the heart and has only two lobes, whereas 
the right lung has three lobes, marked out by two deep fissures. 
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Internal carotid artery 
Supplies blood to the brain 


External carotid artery 
Supplies the neck and tissues 
of the head outside the skull 
Common carotid artery 
Divides to form the external 
and internal carotid arteries 
Brachiocephalic trunk 
Brachiocephalic vein 


Arch of aorta 


Superior vena cava 





Large vein formed by the joining 
of the two brachiocephalic veins, 

returning blood from the head, 
arms, and chest wall to the heart 


Descending aorta 






















Hepatic veins 


Portal vein 





Superior mesenteric artery 
Branch of the abdominal aorta 
supplying the small intestine 
and part of the large intestine 


Renal artery 
Carries blood to the kidneys 


Renal vein 
Drains the kidney 


Superior mesenteric vein 


Basilic vein 

Superficial vein draining 
the medial side of the arm, 
forearm, and hand 


Inferior vena cava 
Internal iliac artery 


Internal iliac vein 


Popliteal artery 
Continuation of the femoral 
artery, at the back of the knee 


Popliteal vein 


Anterior tibial artery 
Supplies muscles in front of 
the tibia and fibula 


Posterior tibial artery 
Supplies the calf and 
sole of the foot 


Posterior tibial vein 
Runs with the posterior tibial artery, 
draining deep tissues in the calf 


Anterior tibial vein 
Runs with the anterior tibial artery, 
draining deep tissues in the shin 


Internal jugular vein 
Drains blood from the brain, 
and from the face and neck 


External jugular vein 
Drains blood from the face and scalp 


Subclavian artery 
Main artery supplying blood to 
the arm, forearm, and hand 


Subclavian vein 

Main vein draining blood from 

the arm, forearm, and hand 

Heart 

Axillary artery 

Continuation of the subclavian 


artery in the axilla, or armpit 


Cephalic vein 





Brachial artery 





Continuation of the axillary 
artery, in the upper arm 


Brachial veins 

A pair of veins that run with 
the brachial artery 

Inferior mesenteric artery 
Supplies the lower half of the 
large intestine and the rectum 
Common iliac arteries 


Common iliac vein 


Ulnar artery 





Radial artery 


External iliac vein 




















ANTERIOR (FRONT) 


Main vein carrying blood back 
from the thigh, leg, and foot 


External iliac artery 
Main artery supplying the 
thigh, leg, and foot 


Femoral vein 

Continuation of the popliteal 
vein; this becomes the external 
iliac vein at the groin 


Deep femoral artery 
Branch of the femoral artery 
supplying the muscles of the thigh 


Femoral artery 
Continuation of the external 
iliac artery, in the thigh 


Small saphenous vein 
Shorter superficial vein drains 
into the popliteal vein at the 
back of the knee 


Great saphenous vein 
Long superficial vein of the 
thigh and leg, ending in 
the femoral vein 


Peroneal artery 
Supplies muscles in the 
side of the lower leg 


Artery of the 

dorsum of the foot 
Continuation of the 
anterior tibial artery 


External carotid artery 


External jugular vein 


Brachiocephalic trunk 
Divides to form the right 
common carotid and 
subclavian arteries 


Brachiocephalic vein 
Formed by the union of 
the internal jugular and 

subclavian veins 


Arch of aorta 

Heart 

Inferior vena cava 
Large vein draining 
blood from the lower 


body and returning it 
to the heart 


Hepatic vein 





Descending aorta 

The arch of the aorta 
becomes the descending 
aorta, which runs down 
through the thorax and 
into the abdomen 


Celiac trunk 

The name of this artery 
comes from the Greek 
for belly or bowels 


Superior 

mesenteric vein 
Superior 

mesenteric artery 
Branches of this run in 
the mesentery—the 
membrane surrounding 
the intestines 


Inferior 
mesenteric artery 


Gonadal vein 
Gonadal artery 


External iliac artery 


Popliteal artery 


Popliteal vein 


Anterior tibial artery 


Anterior tibial vein 


Posterior tibial vein 


Artery of the dorsum 
of the foot 












Internal jugular vein 
Internal carotid artery 
Subclavian vein 
Subclavian artery 
Superior vena cava 
Axillary artery 


Cephalic vein 

Superficial vein, lying in the 
subcutaneous tissue, draining 
the lateral side of the arm, 
forearm, and hand 


Azygos vein 
Brachial artery 


Brachial vein 

One of two veins that run 
with the brachial artery in 
the upper limb 


Portal vein 
Carries blood to the porta 
hepatis, or “gateway to the liver” 


Radial artery 
Takes its name from the outer or 
lateral forearm bone—the radius 


Ulnar artery 

Branches off the brachial 
artery to supply the inner 
forearm and the hand 


Internal iliac artery 
Common iliac vein 
A pair of veins that unite to 


form the inferior vena cava 


Internal iliac vein 


Common iliac artery 
A pair of arteries formed 
by the division of the aorta 


Deep femoral artery 
Femoral artery 


Femoral vein 


The heart contracts to keep blood moving through 

a vast network of blood vessels—arteries, arterioles, 
capillaries, venules, and veins. A thick elastic wall in 
arteries helps them to carry high-pressure blood from 
the heart to organs and tissues; veins contain valves 
that prevent backflow of blood when carrying it back 
to the heart. Arteries and smaller vessels branch into 
capillaries—the smallest blood vessels. The endothelial 
wall of a capillary is one cell thick. 


Internal 
Tunica Tunica elastic Tunica 
adventitia media media intima 
ARTERY 
Internal 
Tunica Tunica elastic Tunica 
adventitia media media intima Valve 






VEIN 


Endothelium f ‘ 


CAPILLARY 


Single cell Cell nucleus 


CANE Owes w Paix 
SYSTEM OVERVIEW 


The cardiovascular system consists of the heart, blood, and blood 
vessels. The heart—a muscular pump—contracts to push blood 
through the body’s network of vessels in order to deliver oxygen, 
nutrients, white blood cells, and hormones to the tissues of the body. 
The blood also removes waste products and takes them to other 
organs—mainly the liver and kidneys—for excretion. The circulatory 
system can be divided in two: pulmonary circulation carries blood 
pumped by the right side of the heart to the lungs, and systemic 
circulation carries blood pumped by the more powerful left side of 
the heart to the rest of the body. Pressure in the pulmonary 
circulation is relatively low, to prevent fluid being forced out of 
capillaries into the alveoli of the lungs. Pressure in the systemic 
circulation is much higher, to push blood up to the brain, into all 
other organs, and out into the fingers and toes. 
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Superficial 
temporal artery 
Supplies the scalp 

over the side of 
the head 


Maxillary artery 
Supplies the maxilla, 
mandible, palate, 
nose, and teeth 


Angular artery 
The continuation 
of the facial artery, 
lying near the inner 
angle of the eye 


Infraorbital artery 
Emerges through 
the infraorbital 
foramen just under 
the orbit 


Buccal artery 


Superior 

labial artery 
Branches from the 
facial artery to 
supply the upper lip 


Inferior 

labial artery 
Branches from the 
facial artery to 
supply the lower lip 


Mental artery 


Submental artery 
A branch of the 
facial artery that runs 
along the underside 
of the chin 


Facial artery 
Wraps under the 
lower border of the 
mandible—where its 
pulse can be felt— 
and runs up to 
supply the face 


Superior 

thyroid artery 
Supplies the thyroid 
gland and muscles in 
the front of the neck 









































EXTERNAL ARTERIES OF THE HEAD 


HEAD AND NECK 


The main vessels supplying oxygenated blood to the head and neck 
are the common carotid and vertebral arteries. The vertebral artery 
runs up through holes in the cervical vertebrae and eventually enters 
the skull through the foramen magnum. The common carotid artery 
runs up the neck and divides in two—the internal carotid artery supplies 
the brain, and the external carotid artery gives rise to a profusion of 
branches, some of which supply the thyroid gland, the mouth, tongue, 


and nasal cavity. Veins of the head and neck come together like river tributaries, 
draining into the large internal jugular vein, behind the sternocleidomastoid muscle, 
and into the subclavian vein, low in the neck. 

















Posterior 
auricular artery 
Supplies an area 
around the ear 


Occipital artery 
Supplies the scalp 
on the back of 
the head 


External 

carotid artery 
Branches of this 
artery supply the 
larynx, thyroid gland, 
mouth, tongue, 

nasal cavity, face, 
mandible, maxillae, 
teeth, and scalp 


Internal 
carotid artery 


Vertebral 
artery 


Common 
carotid artery 
Lies to the side of 
the trachea in the 
neck, where its 
pulse may be felt 


Angular vein 


Infraorbital vein 


Pterygoid 

venous network 

A network of veins 
lying under the ramus 
of the mandible 


Maxillary vein 
Drains the 
pterygoid venous 
network 


Superior 
labial vein 
Drains from the 
upper lip into 
the facial vein 


Inferior labial vein 
Drains the lower lip 


Mental vein 
Submental vein 
Facial vein 


Superior 
thyroid vein 




































































EXTERNAL VEINS OF THE HEAD 


Superficial 
temporal vein 
Drains a network 
of veins in the 
scalp and ends 
by joining the 
maxillary vein 

to form the 
retromandibular 
vein 


Posterior 
auricular vein 
Drains the scalp 
behind the ear; 
joins the 
retromandibular 
vein to form 

the external 
jugular vein 


Occipital vein 
Drains the back 
of the scalp and 
runs deep to join 
other veins 


Retromandibular 
vein 

Travels down 
behind the 
mandible, through 
the parotid gland 
alongside the 
external carotid 
artery 


External 
jugular vein 
Drains the face 
and scalp 


Internal 
jugular vein 
The largest vein 
in the neck; 

lies close to 

the common 
carotid artery 
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Anterior 
cerebral artery 
Supplies anterior 
(front) parts of 
the brain 


Ophthalmic artery 

Runs through the optic 
canal with the optic nerve 
to supply eye, eyelids, 
nose, and forehead 


Circle of Willis 





LOCATION OF 
CIRCLE OF WILLIS 


HEAD 
AND NECK 


The brain has a rich blood supply, 
which arrives via the internal carotid 
and vertebral arteries. The vertebral 
arteries join together to form the 
basilar artery. The internal carotid 
arteries and basilar artery join up on the undersurface 
of the brain to form the Circle of Willis. From there, 
three pairs of cerebral arteries make their way into the 
brain. The veins of the brain and the skull drain into 
venous sinuses, which are enclosed within the dura 
mater (the outermost layer of the meninges) and form 
grooves on the inner surface of the skull. The sinuses 
join up and eventually drain out of the base of the 
skull, into the internal jugular vein. 















Middle cerebral 
artery 

Provides branches 
to the cortex of the 
frontal, parietal, and 
temporal lobes 

of the brain 


Cavernous part 
of the internal 
carotid artery 
Passes into the 
carotid canal and 
emerges inside 
the skull, travelling 
through the 
cavernous sinus 


Posterior 
communicating 
artery 


Posterior cerebral 
artery 


Basilar artery 


Internal carotid 
artery 


External 
carotid artery 





Vertebral arteries 
Travel up through 
the foramina in the 
cervical vertebrae, 
and enter the skull 
through the 
foramen magnum 





Common 
carotid artery 





ARTERIES AROUND THE BRAIN 


Anterior cerebral artery 








Anterior 
communicating artery 
Middle Internal carotid 
cerebral artery artery 
Posterior Superior 
communicating cerebellar artery — 
artery Highest of three pairs of 
arteries supplying the 


Posterior cerebellum of the brain 


cerebral artery Basilar artery 


Carries blood from 
vertebral arteries to 
the Circle of Willis and 
supplies the midbrain 





Pontine arteries 
Branch from the 
basilar artery to 
supply the pons 


Vertebral artery 
Joins the other vertebral 

artery to form the 
Anterior basilar artery 
spinal artery 
Supplies the medulla 
and spinal cord 


Posterior inferior 
cerebellar artery 
Supplies the cerebellum 
and the choroid plexus 
of the fourth ventricle 
in the brain 





CIRCLE OF WILLIS 


Cavernous sinus 
A network of veins lying 
on the base of the skull 


Superior 
ophthalmic vein 
Drains into the 
cavernous sinus 


Inferior 
ophthalmic vein 
Connects with the 

pterygoid venous plexus 
through the inferior 
orbital fissure 


Pterygoid 
venous plexus 


Internal 
jugular vein 


Superior sagittal sinus 
Runs in the upper edge 
of the falx cerebri 


Inferior sagittal sinus 
Lies in the lower edge 
of the falx cerebri, a fold 
of dura mater that lies 
between the cerebral 
hemispheres 


Great cerebral vein 
Drains out of the brain 
into the straight sinus 


Straight sinus 
Drains the inferior 
sagittal sinus and the 
great cerebral vein 


Confluence of 

the sinuses 

Lies to one side of 
the internal occipital 
protuberance 


Sigmoid sinus 
Gets its name from the 
Greek for S-shaped 








Sphenoparietal 


Confluence of 


Superior sagittal 


Cavernous sinus 


Inferior petrosal sinus 
Connects the cavernous sinus 
to the internal jugular vein 


Superior petrosal sinus 
Connects the cavernous 
to the transverse sinus 


Sigmoid sinus 

Forms the continuation of 

the transverse sinus and passes 
through the jugular foramen to 
become the internal jugular vein 


Transverse sinus 
Lies in the margin of the 








r a“ cerebellar tentorium, 
ed SELES He separating the cerebral 
hemispheres from the 


DURAL VENOUS SINUSES cerebellum 
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Right 
subclavian artery 


Right subclavian vein 


Brachiocephalic trunk 
On the right side 

of the body, the 
brachiocephalic trunk 
divides to form the 
common carotid and 
subclavian arteries 


Right 
brachiocephalic vein 


Superior 
vena cava 


Right 

pulmonary artery 
The pulmonary arteries 
carry deoxygenated 
blood from the 

heart to the lungs 


Right auricle 


Right atrium 
Forms the border of the 
heart on the right side 


Inferior 
vena cava 


Intercostal 

blood vessels 

An artery and vein 

run below the length of 
each rib; for clarity this 
illustration shows them 
only around the back 
of the ribcage 





Right common carotid artery 


Right internal jugular vein 
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THORAX 


The heart sits centrally in the chest, but skewed 
and twisted to the left, so that the frontal view of 
the heart is formed mainly by the right ventricle, 
and the apex of the heart reaches as far as a line 
dropped down from the midpoint of the left 
clavicle. The chest walls, including the skin on the 
chest, are supplied with blood vessels—intercostal 
arteries and veins—that run with the nerves in the gaps between 
the ribs. Intercostal arteries branch from the aorta at the back and 
from the two internal thoracic arteries at the front (which lie 


vertically along either edge of the sternum, behind the ribs). 


Intercostal veins drain into similar veins alongside the sternum 
at the front, and into the large azygos vein at the back, on the 
right side. If a physician needs to drain fluid from the pleural 


cavity (the space between the lungs and the chest wall), the 
needle is inserted along the top of a rib, to avoid the main 
intercostal nerve and vessels running below it. 

























































































“a Left common carotid artery 

oa s On the left side of the body this 

\ ; . branches directly from the arch 

\ P ed = of the aorta (compare with right) 
: Left internal jugular vein 
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Left subclavian artery 


Left subclavian vein 








. 5 Left brachiocephalic 
vein 


4 Arch of aorta 
. The main artery of the 
' body exits the heart 





and arches over it 


i» L Left pulmonary 


4 C..) | artery 
| 














Ascending aorta 





| Pulmonary trunk 
Branches into the right 

and left pulmonary 
arteries, under the 

| arch of the aorta 


Left auricle 


Right ventricle 








Arch 
of aorta 








Bifurcation 
j of trachea 





, 
f Azygos vein 
; Drains into 
. | the superior 
f vena cava 


Descending aorta 

i Passes down 
through the thorax, 
into the abdomen 


| Posterior 
intercostal artery 

Most of these arteries 

| branch directly from 
the thoracic part of the 

| descending aorta 


intercostal vein 
Paired veins drain into 


| Posterior 
] d 
the azygos vein 


_ ANTERIOR BACK OF THORACIC CAVITY 
(FRONT) (HEART REMOVED) 





Right vagus nerve 
The vagus nerves travel 
through the thorax, giving 


Left phrenic nerve 
The phrenic nerves are 
branches from the cervical 











branches to the heart and > plexus in the neck; they 
lungs, then travel close to 4 qy supply the muscle of 
the esophagus, behind the ’ : i the diaphragm 
heart, as they descend into ’ . | & 
the abdomen } . 1 
" ’ X Left vagus nerve 





Right phrenic nerve 
Arch of aorta 


Left recurrent 

laryngeal nerve 

This branch of the left 
vagus nerve loops under 
the arch of the aorta before 
travelling back up to the 
neck to supply the larynx 
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Superior 
vena cava 





Right pulmonary 
artery 


Cut edge of pericardium 


Left pulmonary artery 


Pulmonary trunk 


Right auricle 

A pocketlike projection 
from the right atrium; 
its name comes from 
the Latin for little ear 


Left auricle 

Similar to the right auricle, 
this is a projection from 
the left atrium 


Great cardiac vein 
Drains into the 
coronary sinus 


Small cardiac vein 
Drains into the 
coronary sinus 








Right coronary artery 
The word coronary comes 
from the Latin for crown; 
the right and left coronary 
arteries encircle the heart 





Right ventricle 


Marginal artery 
A branch of the right 
coronary artery 


HEART 


The heart is encased in the pericardium. This has 

a tough outer layer that is fused to the diaphragm 
below and to the connective tissue around the large 
blood vessels above the heart. Lining the inside of this 
cylinder (and the outer surface of the heart) is a thin 
membrane called the serous pericardium. Between 
these two layers is a thin film of fluid that lubricates 
the movement of the heart as it beats. Inflammation of this membrane, 
known as pericarditis, can be extremely painful. Branches of the right 
and left coronary arteries, which spring from the ascending aorta, 
supply the heart muscle itself. The heart is drained by cardiac veins, 
most of which drain into the coronary sinus. 
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ANTERIOR (FRONT) 


Anterior 
interventricular artery 
A branch of the left 
coronary artery that runs 
down between the two 
ventricles on the front 
of the heart 


Left ventricle 


Apex 


Pericardium 

























Arch of aorta 
Left auricle 


Left pulmonary 


Circumflex artery 


artery 

This branch of 
the left coronary 
artery wraps 
around the 

left side of 

the heart, lying 
in the groove 
between the left 
atrium and 


Left pulmonai 
left ventricle P 


veins Left subclavian artery 
Anterior 


interventricular 
artery 


Left common carotid artery 
Left atrium 


Brachiocephalic trunk 


Arch of aorta 


Left pulmonary 
artery 




















Superior 
Coronary vena cava 
sinus 
Left Right 
ventricle pulmonary 
arte 
Apex - 
Right 
pulmonary 
veins 


Left pulmonary 
veins 


Left atrium 


Coronary sinus 

This large vein receives 
many of the cardiac 
veins and empties 

into the right atrium 


Right atrium 






Superior 
vena cava 







Right coronary 
artery 

Wraps around to 
the back of the 
heart, lying in the 
groove between 
the right atrium 
and right ventricle 










Middle 
cardiac vein 
Drains into the 
coronary sinus 







Arch of 
aorta 






Left 
ventricle 













Inferior 
POSTERIOR (BACK) pene 
Posterior 
interventricular artery Right ventricle 
This large branch of the 
right coronary artery 
runs down between 
the two ventricles on the 
underside of the heart 
Right 
pulmonary 
veins Right atrium 
Coronary 
sinus 
Drains into Right coronary 
the right artery 
atrium 
Inferior Right ventricle 


vena cava 


Small 


cardiac vein RIGHT 
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Today | am showing you how to make a very simple joule thief. A joule thief has 
many applications, the best gadget that | made with was a "Water Powered Lamp", 
soon I'm going to post on a guide about it but first | need to post this guide. | used 
an iPhone 4S as my camera :))) 


What Is A Joule Thief ? 


To simplify everything, a "joule thief" is a circuit that helps drive an LED light even 
though your power supply is low. What can we do with it? We can use it to squeeze 
the life out of our old, almost drained, non functioning batteries. This project can 
also be considered as a green and environmental experiment, we can also use it as 
a flashlight that can be ran by an old, weak, almost drained battery. | even tried to 
use my water powered battery from my previous instructable the "Water Powered 
Calculator (httos://www.instructables.com/id/Water-Powered-Calculator/)", the 
project was featured and displayed in instructable's front page in the "Technologies" 
category. 


My Next Projects That Involves A Joule Thief: (soon to be posted) 
- Water Powered Lamp 

- Water Powered Flash Light 

- Dead Battery Drainer Lamp 


Here's A Video From Make Magazine: 
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Superior 
vena cava 


Ascending 
aorta 


Branch of right 
pulmonary 
artery 


Interatrial septum 
The dividing wall 
between the 

two atria 


Oval fossa 

In the fetal heart, a 
valvelike opening 
allowing blood to 
flow between the 
right and left atria; 
it closes at birth 
—failure to close 
results in a “hole in 
the heart” defect 


Right 
pulmonary 
veins 





Right atrium 
Atrium in Latin 
means hall 

or court 


Tricuspid valve 
Prevents blood 
flowing back into 
the right atrium 
when the ventricle 
contracts 


Opening of 
coronary sinus 


Myocardium 
Muscular wall 
of heart 


Inferior 
vena cava 


















SECTION THROUGH RIGHT 
ATRIUM AND VENTRICLE 











Pulmonary 
trunk 


Cusps of 
pulmonary valve 


Chordae tendineae 

Also known as tendinous 
cords; along with the papillary 
muscles, these prevent the 
atrioventricular valve from 
leaking, by pulling on the 
edges of the valve cusps to 
stop them from flapping back 
up into the atrium 


Papillary muscle 
Named after the 
shape—papilla 
means nipple 

in Latin 


Right ventricle 


Trabeculae carneae 
This means fleshy 
beams in Latin; these 
muscular columns 
and ridges are 
characteristic of 

the inner surfaces 

of the ventricles 


Serous pericardium 








Forms the outer layer 
of the heart; the word 
pericardium comes 
from the Greek for 
around the heart, 
while serous comes 
from the Latin word 
serum, meaning whey 


HEART —_s/s/»$» <~——I == 


The heart receives blood from veins and pumps it out through 
arteries. It has four chambers: two atria and two ventricles. The 
heart's left and right sides are separate. The right side receives 
deoxygenated blood from the body via the superior and inferior 
venae cavae, and pumps it to the lungs through the pulmonary 
trunk. The left gets oxygenated blood from the lungs via the 
pulmonary veins, and pumps it into the aorta for distribution. 
Each atrium opens into its corresponding ventricle via a valve (on the right, the 
tricuspid valve, and the bicuspid valve on the left), which shuts when the ventricle 
contracts, to stop blood flowing back into the atrium. The aorta and pulmonary 
trunk also have valves. 












Semilunar 
cusps 


Pulmonary valve 
The pulmonary and 
aortic valves each 
have three semilunar 
(or half-moon) cusps 


Left 
coronary 
artery 


Right 
coronary 
artery 


Aortic valve 


Bicuspid 
(mitral) valve 





Cardiac muscle (myocardium) is essential to the heart's 
function as a pump. When the myocardium contracts, 
blood is squeezed out of the heart. The myocardium is 
a network of interconnected fibers, which contract 
rhythmically and spontaneously. Autonomic nerves 
can adjust the rate of contraction, matching the heart's 
output to the body’s need. 


Intercalated disc 
These elaborate 
junctions firmly 
! bind cardiac muscle 
cells together 









Cardiac 















Tricuspid muscle cell 
valve Mitochondrion 
Muscle cells are Cell 
packed with nucleus 
energy-producing 
mitochondria 
Myofibril “aU 
TRANSVERSE SECTION SHOWING VALVES The myofibrils of cardiac CARDIAC MUSCLE 
muscle are organized in a 
similar way to those in 
skeletal muscle, giving a 
striated appearance under 
a light microscope 
Anterior Anterior 
interventricular interventricular 


artery 


Myocardium 





Left 
ventricle 





Tendinous 
cords 








vein 


Right 
ventricle 





Papillary 
muscle 





Trabeculae 
carneae 


Cusp of 
tricuspid 
valve 





Middle 
cardiac vein 








Posterior 





Interventricular septum 
The muscular dividing wall 
between the two ventricles 







interventricular 
artery 


TRANSVERSE SECTION THROUGH VENTRICLES 
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ABDOMEN 
AND PELVIS 


The aorta passes behind the diaphragm, 
level with the twelfth thoracic vertebra, 
and enters the abdomen. Pairs of arteries 
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branch from the sides of the aorta to is es 
supply the walls of the abdomen, the 
kidneys, suprarenal glands, and the testes or ovaries with aS ae 
oxygenated blood. A series of branches emerge from the from the intestines to 
front of the abdominal aorta to supply the abdominal Bie "Weve of the 
organs: the celiac trunk gives branches to the liver, splenic and superior 
stomach, pancreas, and spleen, and the mesenteric Seg ceric veins 
arteries provide blood to the gut. The abdominal aorta 
ends by splitting into two, forming the common iliac mr le tt 
arteries. Each of these then divides, in turn, forming an left hepatic arteries 
internal iliac artery (which supplies the Pelvic organs) rah ai artany 
and an external iliac artery (which continues into the Supplies the right kidney 
thigh, becoming the femoral artery). Lying to the right 
of the aorta is the major vein of the abdomen: the Rie terenal vein 


i Drains the right kidney 
inferior vena cava. 


Superior 
mesenteric vein 
Drains blood from 
the small intestine, 
cecum, and half 

of the colon, and 
ends by joining the 
splenic vein to form 
the portal vein 








Inferior vena cava 


Se a 





lleocolic artery 

Branch of the superior mesenteric artery 
supplying the end of the ileum, the cecum, the 
start of the ascending colon, and the appendix 














Right common iliac vein 


Right common iliac artery 
Divides into the right external and internal iliac arteries 











Right internal iliac artery 

Provides branches to the bladder, rectum, perineum, and external 
genitals, muscles of the inner thigh, bone of the ilium and sacrum, 
and the buttock, as well as the uterus and vagina in a woman 





Right internal iliac vein 





Right external iliac artery 

Gives a branch to the lower part of the anterior abdominal 
wall before passing over the pubic bone and under the 
inguinal ligament to become the femoral artery 





Right superior gluteal artery 
The largest branch of the internal iliac artery; passes out 
through the back of the pelvis to supply the upper buttock 





Right external iliac vein 


Right gonadal artery 

In a woman, supplies the ovary on each 
side; in a man, extends to the scrotum to 
supply the testis 


Right gonadal vein 
Drains the ovary or testis and ends by 
joining the inferior vena cava 


Right femoral artery 


The main artery of the leg; the continuation of 
the external iliac artery in the thigh 


ANTERIOR (FRONT) Right femoral vein 





















































Celiac trunk 

Only just over %in (1cm) long, it quickly 
branches into the left gastric, splenic, and 
common hepatic arteries 


Splenic artery 
Supplies the spleen, as well as most of the 
pancreas, and the upper part of the stomach 


Splenic vein 

Drains the spleen and receives other veins 
from the stomach and pancreas, as well as 
the inferior mesenteric vein 


Left renal artery 
Shorter than the right renal artery, this 
supplies the left kidney 


Left renal vein 

Longer than its counterpart on the 
right, this drains the left kidney and 
receives the left gonadal vein 


Inferior mesenteric vein 
Drains blood from the colon and rectum and 
ends by emptying into the splenic vein 


Superior mesenteric artery 
Branches within the mesentery to 
supply a great length of intestine, 
including all of the jejunum and 
ileum and half of the colon 


Abdominal aorta 

The thoracic aorta becomes the 
abdominal aorta as it passes 
behind the diaphragm, level with 
the twelfth thoracic vertebra 


Inferior mesenteric artery 
Supplies the last third of the transverse colon, the 
descending and sigmoid colon, and the rectum 


Bifurcation of aorta 
The abdominal aorta divides in front 
of the fourth lumbar vertebra 


Left common iliac artery 


Left common iliac vein 
Formed from the union of the external 
and internal iliac veins 


Left external iliac vein 
The continuation of the femoral vein, 
after it has passed into the pelvis 


Left internal iliac artery 


Superior rectal artery 
The last branch of the inferior mesenteric artery 
passes down into the pelvis to supply the rectum 


Left external iliac artery 


Left internal iliac vein 
Drains the pelvic organs, 
perineum, and buttock 


Left gonadal artery 
Gonadal arteries branch from the 
aorta just below the renal arteries 


Left gonadal vein 
Drains the ovary or testis, and empties 
into the left renal vein 


Left femoral artery 


Left femoral vein 
The main vein from the leg; 
becomes the external iliac vein 
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Axillary artery 


and basilic veins 
Running deep in the armpit, this 


Subclavian artery 









upper chest and shoulder 


artery provides branches to the 
7 





Thoracoacromial artery 
Branch of the axillary artery 
that supplies blood over the 
shoulder and side of the chest 
Subscapular artery 


{ 
j 


WS 
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SHOULDER 
ANU UPPER ARM 


The subclavian artery is the main arterial supply to the upper 
limb. When this artery passes under the clavicle and into the axilla 
(armpit), it becomes the axillary artery. Several branches spring off 
in this region, running backward toward the scapula, up to the 
shoulder, and around the humerus. Beyond the armpit, the name 


of the axillary artery changes to the brachial artery, which runs down the front of 
the arm, usually accompanied by a pair of companion veins. Two superficial veins 
that drain blood from the back of the hand end in the arm by draining into deep 
veins: the basilic vein drains into brachial veins; the cephalic vein runs up to the 
shoulder, then plunges deeper to join the axillary vein. 











Posterior circumflex 
humeral artery 
Circumflex means 

bent around in Latin 
Anterior circumflex 
humeral artery 

Looping in front of the neck 
of the humerus to join up 
with the posterior circumflex 
humeral artery, this artery 
supplies the shoulder 

joint and muscles 
Cephalic vein 

Courses up the outer 

side of the upper arm, 

just under the skin; runs 
deep under the clavicle to 
join the axillary vein 
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bone. From this artery, and from the brachial artery itself, collateral branches run 
down the arm and join up, or anastomose, with recurrent branches running back 
up from the ulnar and radial arteries of the forearm. There are also anastomoses 
(links) between branches of the subclavian and axillary arteries around the shoulder. 
Anastomoses like this, where branches from different regions join up, can provide 
alternative routes through which blood can flow if the main vessel becomes 
squashed or blocked. —— _ i 


Thoracoacromial 


artery 


Axillary vein 





. SHOULDER 
_ AND UPPER ARM 


Various branches from the axillary and brachial arteries 

supply the back of the shoulder and upper arm. The posterior 
circumflex humeral artery, which runs with the axillary nerve, 
curls around the upper end of the humerus. The deep brachial 
artery runs with the radial nerve, spiraling around the back of the 


Brachial artery 
Posterior circumflex 
humeral artery 
Anterior circumflex 
humeral artery 


Cephalic vein 












eee 
Su owes 
seeny 
OS 

resags 
orriaaes 
Lo. 7 29.3 
s-2VEgS 
BeOSBueY 
ec Sao 2 
— n 

seeasgcre 
GosSarcs 
Se - AGH 
Cues oO 
aveVoy 
amos eS 
Satws5so08 
AtcaoaGRA 


Axillary artery 


=... 





UIA [EIGN URIPayy 


Asayie jeipey 


uue Jaddn ay} oyu! ‘moqa 
ayy ysed dn yoeq 8uluuns 
‘Maye jeipes ayy Jo youeig 
Agayie quasinda. jeipey 


Ajay juaiindal jeipes ayy 
uum dn ulof 0} ‘aniau yeipes 
BY} YUM ‘Le ay} JO apis ayy 
umop suluund ‘Auaye [elyoeig 
daap ayy Jo uolyenuuoD 
Asaqse jesaye]|Od jeipey 


SUIDA JeIWDeAg 


UIBA dIIISeg 


Asaye 
jeiyseiq daag 














POSTERIOR (BACK) 























wue saddn ay} oyu! ‘Moga 
ayy ysed dn y9eq BuluunI 
‘Aaye JeuIN ay} JO YOUR 
Asayie Juawinda. Jeu) 


Asayie seuln 


Agape seujn ayy Woy 

wwe au} dn xeq uns YdIyM 
‘salsa ue JUIN JUaLINDAI ayy 
yum dn suiof ‘Auaye yeiyseiq 
ayy JO youeiq JayJOUY 
Asayie je.1932]}09 

4euyN JOLajU] 


salaye Juanda 
Jeujn pure jesa}e]}O9 seuyn 
JOLajul ayy uM dn sulof pue 
‘QAJBU JEUIN 34} YUM suNY 
Asayie yeiayzeyjo> 

aeujn soliadns 











8un}2|-poolq u! 
aoueodul jed1103s1y 
Sj WOdJ S8WOD pue 
jeAos SURO UIA 
S14} JO QWeU OY] 
UIDA DIISeg ; 


snipey 


wo 


sayoepeay and pjnoo 
}! Wosy 3uN}}2|-poo|q 
YeUI Jl[aq [PIOYsIY OUy 
Jo asnedaq ‘peay 104 

| 991 ay} WOOL SAaOD 

} UIBA SIY} JO BUeU BY] 

i UIaA d1;eYda> 





puey ay} jo euin 
yose sewed daap 
au} JU! spaa} pue 
"We2J0} BU} JO apis 
jeipes au saijddns 
Asayie yeipey 


youe snouan 
sewed jeisyiadns ayy 
sureip ‘Auaye jeiped 
aly YM suny 

UIDA [eIPeY 








WUe31O} 
pure puey ay} jo WwueaJoj pue puey 
eq a4} JO apis AU} JO Deq 9} JO 
Jeujn ayy Woy apis jeIpes ayy 
poojq sureiq WOdJ poojq suleiq 
UIDA dIISeg uIaA d1;eYdaD 
j 
UIdA d1;eYda>d 
Asaye } Aiossa22y 
snoasso.e}u] 7 
; \ 
wyed ay} jo 
snxajd snouaa 
jeloyuadns f SULA DI|ISeq 
au} surg pure ‘a1peydao Aiossaaoe 
W1eva10J 34} JO 


‘o1eydad ay} OU! poojq 
sureip yeu} UPS ay} JapuN 
IQISIA SUI9A Jo snxaid 
y4OMJaU SNoUaA |es10q 





UIdA UIPa! 


youe sewuyed 
Ipiadns au} OU! 
Spada} ‘WUed1OJ dy} 
Jo apis seujn 

au saijddns 
Asaqae seuln 





sJaBUlJ YU} JO 
sapls ay} WO 
poojq sureiq 
UIA [eUSIP 
|esioq 





youe snouan 
sewed daap 
au} suleip 
‘Aaye seujn 
au} YUM suny 
UIdA JeUIN 7 





ANTERIOR (FRONT) 


poojgq 8urye} 10} 

alls pauajaid e sI 

'SUIBA DIIISeq ; 

pure d1eydad 

auy sjauUOD 
UIA jeyqnd 

uelpaw ' 


Asaqe 
feryseig 








LOWER 
ARM AND 
~ HAND 


The brachial artery divides into two 
arteries, which take their names 
from the bones of the forearm: the 
radial and ulnar arteries. The radial artery can be 
felt at the wrist, and this is the most common place 
for taking a pulse as the strong pulsations are easy 
to feel when the artery is pressed against the bone 


: . —_ - beneath it. Furthermore, taking a pulse here doesn't 
2 even require any undressing. The radial and ulnar 
. = arteries end by joining up to form arterial arches in 


the wrist and palm. Digital arteries, destined for the 
fingers, spring off from the palmar arch. Superficial 
veins are concentrated on the back of the hand, 
rather than on the palm—otherwise those thin- 
walled vessels would be compressed every time 

a person gripped something. The dorsal venous 
network of the hand drains into two main vessels: 
the basilic and cephalic veins. 






Common palmar 
digital artery 
Carries blood 
toward the 


from the fingers 
fingers 


Deep palmar 
venous arch 
Drains blood 
and palm into 
the radial and 
ulnar veins 
digital vein 
Drains the 
finger 
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digital artery 
Supplies the side 
of the finger 


Palmar 
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Add Tip Ask Question 


Step 1: Parts and Materials 
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Accessory 


saphenous vein 
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Lateral 
superior 
genicular 
artery 
Lateral 
inferior 
genicular 
artery 


ANTERIOR (FRONT) 


HIP AND THIGH 


As the external iliac artery runs over the pubic bone and underneath the 
inguinal ligament, it changes its name to the femoral artery—the main vessel 
carrying blood to the lower limb. The femoral artery lies exactly halfway along 
a line between the anterior superior iliac spine of the pelvis and the pubic 
symphysis. It has a large branch, the deep femoral artery, that supplies the 
muscles of the thigh. The femoral artery then runs toward the inner thigh, 
passing through the hole in the adductor magnus tendon, where its name 
changes to the popliteal artery. Deep veins run with the arteries, but—just as in the arm—there 
are also superficial veins. The great (or long) saphenous vein drains up the inner side of the 
leg and thigh, and ends by joining the femoral vein near the hip. 





HDIHL CNV diH 





Great (long) 


saphenous vein 






In this back view, gluteal branches of the internal iliac 
artery can be clearly seen, emerging through the greater 
sciatic foramen to supply the buttock. The muscles and skin 
of the inner part and back of the thigh are supplied by 
branches of the deep femoral artery. These are known as 
the perforating arteries because they pierce through the 
adductor magnus muscle. Higher up, the circumflex 
femoral arteries encircle the femur. The popliteal artery, formed after 

the femoral artery passes through the hiatus (gap) in adductor magnus, lies 
on the back of the femur, deep to the popliteal vein. 
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malleolus and up to the 


lateral marginal vein, this 
runs behind the lateral 
back of the calf 


The continuation of the 


marginal vein 
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Medial 


LOWER LEG AND FOOT 


The popliteal artery runs deep across the back of the knee, dividing into two 
branches: the anterior and posterior tibial arteries. The former runs forward, 
piercing the interosseous membrane between the tibia and fibula, to supply the 
extensor muscles of the shin. It runs down past the ankle, onto the top of the foot, 
as the dorsalis pedis artery. The latter gives off a peroneal branch, supplying the 
muscles and skin on the leg’s outer side. The posterior tibial artery itself continues 
in the calf, running with the tibial nerve and, like the nerve, divides into plantar 


branches to aOBEIY the sole of the foot. A network of superficial veins on the back of the foot is 
drained by the saphenous veins. 


Small (short) 


saphenous vein 


Runs up the calf 
and drains into the 





popliteal vein 





ra) Persyuns &£ouges BSE $3 
o os LZ 2 ec SaEsD 59 in) 
g§ ts t2{0 8 PEL VO 22> ¢¢ 
wo s- 228 BwvPEOS Sa v2 
tad MEaa5 2 e529 < 2 
= DE tOLE Mao VSLG i) 
oo © a es>Se7ec i ba 
& a55na8 Sr7Ffova 8 ot 
a wlBegd ELonS8 £ uv 
® gwertea SOE oe os 
ee e5.98- SxrPovws te 
ORS no] aeiawe 
avee o & E oo 
cE a = 2 


Lateral 





marginal vein 








Medial 


plantar artery 








plantar artery 
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ANTERIOR (FRONT) 
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Jugular veins 

Right subclavian vein 

Lymph from right arm, and right side of 
head and chest enters bloodstream here 


Superior vena cava 


Axillary nodes 
Drain upper 
trunk and arm 


Parasternal nodes 


Thoracic duct 


Supratrochlear nodes 

Lymph from the hand and forearm 
drains to nodes at the elbow 
Cisterna chyli 

Lateral aortic nodes 


External iliac nodes 


Inguinal nodes 


Popliteal nodes 

A group of around six 
nodes sit within the 
popliteal fossa, at the 
back of the knee joint 


ANTERIOR (FRONT) 


Preauricular nodes 


Parotid nodes 


Prelaryngeal nodes 


Deep cervical nodes 











ey’ 





















» ee 


- 


t 


VARY 


TAD Hh} 


Superficial cervical nodes 


* 


Left subclavian vein 
Lymph from the thoracic duct 
enters bloodstream here 


Spleen 

Contains lymphocytes and filters 
blood; the largest organ in the 
lymphatic system 


Pre- and para-aortic 
nodes 


Internal iliac nodes 


Lymphatics 

Valved vessels transport lymph fluid 
around the body in a way similar to 
veins transporting blood 





Jugulodigastric node 


Pretracheal nodes 


PAT 


Submental nodes 





Parasternal nodes 


Preaortic nodes ___ 

Preaortic nodes lie on the 
aorta in the abdomen and 
drain lymph from the gut 
and digestive organs into 
the lumbar lymph trunk on 
each side. Para-aortic nodes 
lie on each side of the aorta 
and drain lymph from the 
legs and posterior wall of 
the abdomen 


Inguinal nodes 
Drain the lower 
trunk and leg 


Lymphatics 


Popliteal nodes 


























SIDE 








Occipital nodes 


Cervical nodes 

A chain of lymph nodes that receive 
the lymph from the head and neck. 
The superficial cervical nodes lie 
along the external jugular vein; the 
deep cervical nodes lie along the 
internal jugular vein 


Thoracic duct 


Axillary nodes 


Intercostal nodes 


Spleen 


Supratrochlear nodes 
Drain the inner side of 
the arm and forearm 


Common iliac nodes 


Internal iliac nodes 


External iliac nodes 





Lymphoid tissue 

At a high magnification, individual lymphocytes 
(purple) can be seen in a section of lymphoid tissue. 
The blue circle in the image is an arteriole, packed 
full of blood cells (stained pink). 





Blood vessels of lymph node 

This image, produced using a scanning electron 
microscope, shows a resin cast of the dense network 
of tiny blood vessels inside a lymph node. 


LYMPHATIC AND 
IMMUNE SYSTEM 
OVERVIEW 


The lymphatic system consists of a network of lymphatic vessels that 
collect tissue fluid from the spaces between cells. Before this fluid is 


carried back to veins, it is delivered to lymph nodes to check for potential 
invaders. These nodes, like the tonsils, spleen, and thymus, are “lymphoid 
tissues”, meaning that they contain immune cells known as lymphocytes. 
The nodes are therefore part of the immune system, the body's defense 
mechanism. There are also patches of lymphoid tissue in the walls of the 
bronchi and the gut. The spleen, which lies tucked under the ribs on the 
left side of the abdomen, has two important roles: it is a lymphoid organ, 
and it also removes old red blood cells from circulation. 

Skin is also part of the immune system as it forms a physical and 
chemical barrier against infections. The formation of some important 
immune molecules, including antibodies, and a range of immune cells, 
including lymphocytes, happens in the bone marrow. Some lymphocytes 
mature in the bone marrow, whereas others move to the thymus to 
develop. Mature lymphocytes stay in the lymph nodes, where they 
perform their function. 
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Parotid nodes 
Also called the 
preauricular 
nodes; drain the 
forehead and 
temporal region 
around and 
above the ear 


Buccal node 


Submandibular 
nodes 

Around and 

often within the 
submandibular 
salivary gland; they 
drain the nose, 
cheeks, and 


upper lip 


Mandibular node 


Submental nodes 
Drain the lower 
lip, floor of the 
mouth, and tip of 
the tongue; lymph 
then passes to the 
submandibular and 
jugulodigastric 
nodes 



































Prelaryngeal node 


Jugulo-omohyoid node 
One of the lower deep cervical 





lymph nodes; this receives lymph 
from the tongue 


Pretracheal nodes 
Drain the trachea 
and thyroid gland 


Paratracheal nodes 
Receive lymph from the larynx, trachea, and 
esophagus, and drain to deep nodes 





LYMPH NODES OF HEAD 


HEAD AND NECK 


A ring of lymph nodes lies close to the skin where the head meets the neck, 
from the occipital nodes (against the skull at the back) to the submandibular 
and submental nodes (which are tucked under the jaw). Superficial nodes lie 
along the sides and front of the neck, and deep nodes are clustered around 
the internal jugular vein, under cover of sternocleidomastoid muscle. Lymph 
from all other nodes passes to these deep ones, then into the jugular 
lymphatic trunk before draining back into veins in the base of the neck. 


Lymphoid tissue, in the form of the palatine, pharyngeal, and lingual tonsils, forms a 
protective ring around the upper parts of the respiratory and digestive tracts. 








Occipital nodes 
Drain the scalp of 
the back of the head 


Mastoid nodes 

Also called the 
retroauricular nodes; 
drain the scalp above 
and behind the ear 


Jugulodigastric 
node 

One of the upper 
deep cervical nodes, 
lying just behind the 
angle of the jaw; 
receives lymph 
from the tonsil 


Superficial 

cervical nodes 

Lie along the external 
jugular vein 


Internal 
jugular vein 


Pharyngeal tonsil 
This lymphoid tissue is 
prominent in children 
and is referred to as 
the adenoid 
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Opening of 
pharyngotympanic 
(Eustachian) tube 






Soft palate 
Nasal cavity 


Pharynx 
Runs from the area 
behind the nasal cavity 


ia’ ' . to behind the larynx 
mucous membrane 


y" 7 and consists of three 
or mucosa of 


areas, from top to 
bottom: nasopharynx, 
the oropharynx; the o 
two are often just 


oropharynx, and 
called the tonsils 


Palatine tonsil 
Lies under the 


laryngopharynx 


Tongue 
Larynx 


Lingual tonsil 
Lymphoid tissue 
under the mucosa 
of the back of 

the tongue 


Epiglottis 


LOCATION OF TONSILS 
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The Parts Needed Are: (click the item to know where to 
find/ buy) 


- Round Ferrite Toroid (can be found in old CFL bulbs) 

- Old/ Used Batteries (can be found in garbage cans) 

- NPN Transistor (2N3904) (http://www.radioshack.com/product/index.jsp? 
productld=2062609) 


- 1K Resistor (BRN-BLK-RED) (http:/Awww.radioshack.com/product/index.jsp? 
productlId=2062343) 

- LED Light (http://www.radioshack.com/product/index.jsp? productId=3096133) 
- Battery Tester (http://www.tooldistrict.com/Ulta-Lit-Battery-Tester-5001- 
p/901233.htm) (optional) 


- Soldering Lead (http://www.radioshack.com/product/index.jsp? 
productlId=2062717) 
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Right 
lymphatic duct 
Lymph from the 

right arm and the right 
side of the neck and 
thorax drains into the 
junction of the right 
internal jugular and 
subclavian veins 








Parasternal nodes 
Also called internal 
thoracic nodes; these 
lie in the gaps between 
the ribs, either side of 
the sternum on the 
inside of the ribcage; 
they drain some of the 
lymph from the front of 
the thorax - including 
from the breast in 

a woman 








Axillary nodes 
Receive lymph from 
superficial tissues of 

the thorax, upper 
limb, and breast 








Intercostal nodes 
Sitting in the intercostal 
spaces between the 
ribs at the back of 

the ribcage, these drain 
lymph from the deeper 
tissues at the sides and 
back of the thorax 





Supraclavicular 
nodes 







Parasternal nodes 


Axillary nodes 












Thoracic duct 





Paramammary 
node 






ANTERIOR 


ANTERIOR (FRONT) / FEMALE (FRONT) / MALE 










) 
Thymus fh | 


Immune-system organ 
where the lymphocytes j 
mature and become T ’ ( 

cells; its function and size 

decrease after puberty 
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THYMUS 
IN CHILD 


Termination of 
thoracic duct 

The thoracic duct 
ends by draining into 
the point where the 
left internal jugular 
and subclavian veins 
join at the bottom of 
the neck 


Tracheobronchial 
nodes 

Clustered around 

the lower trachea and 
bronchi, these nodes 
drain the lungs 


Posterior 
mediastinal node 
Tucked behind the 
heart, these receive 
lymph from the heart, 
esophagus, and 
diaphragm 


Thoracic duct 
Lies right at the 
back of the thorax, 
against the spine 






THORAX 


Most of the tissue fluid, or lymph, from 

the superficial tissues of the chest drains 

to axillary nodes, high in the armpits. The 
complex drainage of the female breast passes 

to these and to the parasternal, supraclavicular, 
and abdominal nodes. Lymph from deeper 
tissues drains to nodes in the thorax, some 
nestled between the ribs or on the diaphragm, others tucked 
behind the heart or grouped around the bronchi and trachea. 
Tissue fluid from the thorax’s left side ultimately drains into the 
thoracic duct, a large lymphatic vessel at the back of the thorax. 
Fluid from the right side drains into the right lymphatic duct. 
Both ducts empty into veins at the base of the neck. The thymus, 
a vital immune-system organ that lies behind the sternum, is 
largest during childhood. T lymphocytes mature in the thymus 
before leaving to populate lymph nodes. 
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clustered around arteries. Nodes lying along — 
each side of the aorta receive lymph from pa aired 
structures, such as the muscles of the abdominal ; 
wall, the kidneys and adrenal glands, and the / 
testes or ovaries. Iliac nodes collect lymph returning from 
the legs and pelvis. Nodes clustered around the branches on the f 
front of the aorta collect lymph from the gut and abdominal 
organs. Eventually, all this lymph from the legs, pelvis, and f 
abdomen passes into a swollen lymphatic vessel called the 
cisterna chyli; this narrows down to become the thoracic duct, 
which runs up into the chest. Most lymph nodes are small, 
bean-sized structures, but the abdomen also contains a large 
and important organ of the immune system—the spleen. 4 


The deep lymph nodes of the abdomen ( j j 
' | 


Lateral Fertig nodes 
Lying along each side of 

the aorta, these collect _ 
lymph from the kidneys, 
posterior abdominal wall, 
and pelvic viscera; they 
drain into the right and 
left intestinal trunks 


External iliac nodes 
Collect lymph from 

the inguinal nodes in the 
groin, from the perineum, 
and the inner thigh 


Proximal superficial 
inguinal nodes 

Lying just below the inguinal 
ligament, this upper group of 
superficial inguinal nodes 
receives lymph from the lower 
abdominal wall, below the 
umbilicus, as well as from 

the external genitalia 


Distal superficial 
inguinal nodes 

The lower nodes 

in the groin drain most of 
the superficial lymphatics 
of the thigh and leg 








Thoracic duct 


Spleen : 

Contains red pulp, into which old, 
tired red blood cells are removed 
from circulation, and also white 
pulp, which is full of lymphocytes, 


aking it much like a massive 
“ node i 


‘wh. oud 
Drain lymph from the organs Psuppled 
by the ie artery, including the liver, 
pancreas, and stomach 

j 

j 


Cisterna chyli 

Formed by the confluence of the 

main lymph trunks—the lumbar and 
intestinal trunks—in the abdomen. This 
leads into the thoracic duct. In Greek, 
the name means juice reservoir 


Mesenteric nodes 








Nestled around the origins of the 
superior and inferior mesenteric 
arteries from the aorta, these drain 
most of the lymph from the intestines 


Common iliac nodes 





Receive lymph from the 
external and internal iliac 
nodes and drain up to the 
lateral aortic nodes 


Internal iliac nodes 





Drain lymph from the 
organs of the pelvis 





ANTERIOR (FRONT) 
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Infraclavicular nodes 


Drain superficial lymphatic vessels following 
lateral side of the forearm and hand 


the cephalic vein, bringing lymph from the 
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SHOULDER 
ANU UPPER ARM 


iy Ultimately, all the lymph from the hand, forearm, and arm 
drains to the axillary nodes in the armpit. But there are a few 
nodes, lower in the arm, that lymph may pass through on 
its way to the axilla. The supratrochlear nodes lie in the 
subcutaneous fat on the inner arm, above the elbow. They 
collect lymph that has drained from the medial side of the hand and forearm. 
The infraclavicular nodes, lying along the cephalic vein, below the clavicle, 
receive lymphatics draining from the thumb and the lateral side of the 
forearm and arm. Axillary nodes drain lymph from the arm and receive 
it from the chest wall. They may become infiltrated with cancerous cells 
spreading from a tumor in the breast. 
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Central axillary nodes 


Receive lymph from the anterior and 


lateral axillary nodes; also from the 
posterior axillary nodes, which drain 


the back of the neck and trunk 

















Lateral axillary nodes 


Receive deep and superficial 
lymphatics from most of the 


upper limb, apart from those 





following the cephalic vein 
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HIP AND 
THIGH 


Most lymph from the thigh, leg, and foot passes 
through the inguinal group of lymph nodes, which 
are in the groin. But lymph from the deep tissues 
of the buttock passes straight to nodes inside the 
pelvis (see pp.184-85), along the internal and 
common iliac arteries. Eventually, all the lymph from the leg 
reaches the lateral aortic nodes, on the back wall of the abdomen. 
As in the arm, there are groups of nodes clustered around points 
at which superficial veins drain into deep veins. Popliteal nodes 
are close to the drainage of the small saphenous vein into the 
popliteal vein, while the superficial inguinal nodes lie close to the 
great saphenous vein, just before it empties into the femoral vein. 


ANTERIOR (FRONT) 








DIGESTIVE 
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U) The digestive system comprises the organs that enable us = 
Oo to take in food, break it down physically and chemically, 2 

extract its useful nutrients, and excrete what we don't need. 8 

This process begins in the mouth, where the teeth, tongue, @ FI 

and saliva work together to form food into a moist ball nee 

that can be swallowed. The mouth, pharynx, stomach, A 2 & 

age Sf 


intestines, rectum, and anal canal form a long tube that is 
referred to as the digestive tract. It usually takes between 
one and two days for ingested food to travel all the way 
from the mouth to the anus. Other organs—including the 
salivary glands, liver, gallbladder, and pancreas—complete 
the digestive system. 
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- Copper Wire/ Magnet Wire (http://www.radioshack.com/product/index.jsp? 
productlId=2036277) 

- Battery Case/ Holder (http://www.radioshack.com/product/index.jsp? 
productlId=2062247) 


| want to share something. Here in the Philippines electronic parts are extremely 
cheap, they are extremely far cheaper from 

radio shack, for example one transistor costs (2 phil. pesos - 6 US cents), a LED 
cost (9 phil. peso - 29 US cents) and a 1K resistor cost (25 phil. cents - 0.8 US 
cents). | usually buy thing from Deeco or Alexan. Usually prices here are 15x 
cheaper from radio shack. Price conversion - $1 US Dollar = P0.31 Philippine 
Peso (12/24/11). 


Add Tip Ask Question 


Step 2: Schematic Diagrams 
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Hard palate 


The mucosa here 

is firmly bound 

to the periosteum 
(membrane covering 
the bone), ensuring 
that this lining is not 
moved and damaged 
during chewing 


Tongue 
Manipulates food 
in the mouth, bears 
taste buds, and 
forms sounds 


Upper 
lip 


Upper 
incisor 


Lower 
incisor 


Lower 
lip 


Sublingual 
gland 


Geniohyoid 
This muscle 
raises the 
hyoid during 
swallowing 





Submandibular 
duct 


Mylohyoid 

Sheet of muscle that forms the 
floor of the mouth; contracts to 
raise the hyoid bone and push the 
tongue up against the roof of 

the mouth during swallowing 




















™ SAGITTAL SECTION 


= 


Nasopharynx 


Oropharynx 





Epiglottis 





Submandibular 
gland 


Hyoid bone 


Larynx 


Helps close the 
Fob opening to the larynx 
Fi. during swallowing 


a Laryngopharynx 
_————-~— Lowest part of the 
pharynx; lies behind 
the larynx, and continues 
below into the esophagus 





hy, Esophagus 

r The pharynx becomes the 
% esophagus level with 

the sixth cervical vertebra 


Foramen cecum Pharyngeal 
This small, blind hole at part of tongue 
the back of the tongue is Lymphoid tissue 


underlies the mucosa 
here, forming the 
lingual tonsil 


a remnant of where the 
thyroid gland started to 
develop in the embryo, 
before it dropped down 

into the neck 


Sulcus terminalis 
Border between 

the pharyngeal and 
oral parts of the 
tongue, lying in the 
oropharynx and oral 
cavity respectively 


Vallate papillae 

There are around a 
dozen of these large 
papillae at the back of 
the tongue; each one is 
surrounded by a circular 
furrow that contains 
taste buds 


Foliate papillae 
Leaf-shaped papillae 
that form a series 

of ridges on each 
side of the back 

of the tongue 





Fungiform papilla 
Literally means 
mushroom-shaped; 
these are scattered 
over the tongue like 
mushrooms across the 
lawn of filiform papillae; 
fungiform papillae also 
bear taste buds 


Oral part of 
the tongue 


Filiform papilla 
Tiny, hair-shaped 
papillae that give 
the tongue a 
velvety texture 





TONGUE 
Lateral incisor 
Around 8 years 
Canine 
Around 11 years = 
- 
-_ 
First molar —— S 


Around 6 years £ 


£ 


Second molar 
Around 12 years 





Third molar 

From 17 to 21 

years (although these 

“wisdom teeth” may stay, 

unerupted, in the jaw, or 
may even be absent) ‘ 


Crown 


Neck 


Gingivae 

The gums—connective 
tissue containing blood 
vessels, covered 

with mucosa 


TEETH 
Root 


Eruption of teeth 
The ages given here 
are the approximate 
times of eruption of 
the permanent teeth. 





_& HEAD 
AND NECK 


The mouth is the first part of the digestive 
tract, and it is here that the processes of 
mechanical and chemical digestion get 

, 4 underway. Your teeth grind each mouthful, 

and you have three pairs of major salivary 

glands—parotid, submandibular, and sublingual—that 
secrete saliva through ducts into the mouth. Saliva contains 
digestive enzymes that begin to chemically break down 
the food in your mouth. The tongue manipulates the food, 
and also has taste buds that allow you to quickly make 
the important distinction between delicious food and 
potentially harmful toxins. As you swallow, the tongue 
pushes up against the hard palate, the soft palate seals 
off the airway, and the muscular tube of the pharynx 
contracts in a wave to push the ball of food down into 
the esophagus, ready for the next stage of its journey. 


Central incisor 
Around 7 years 


First premolar 
Around 9 years 


—-_ Second premolar 
3 Around 10 years 


Enamel 
The hardest tissue 
in the human body 






7 





‘ _ Dentine 
(ent ——— >__ Hard tissue forming 


the bulk of the tooth 


Pulp cavity 

Connective tissue 
containing nerves 
and blood vessels 


Cementum 

This bonelike tissue 
covers the roots 

of the tooth 


Periodontal ligament 
Collagen fibers bind 
the tooth roots to the 
bone of the socket 











x= 
m 
> 
o 
> 
Ze 
we) 
rs 
m 
a 
A 


19 


OV 





Esophagus 

In the neck, the 
esophagus lies 
behind the trachea x. 


DIGESTIVE SYSTEM 


Thoracic part of 
the esophagus 

The esophagus is 
slightly constricted 
here by the left main 
bronchus, which 
crosses in front of it 


Liver 

Lies under the right 
dome of the diaphragm, 
and largely under 

cover of the ribs 


Central tendon 
of diaphragm 


Muscular part of Sternal part of 
diaphragm diaphragm 





Xiphoid process 









Inferior 

vena cava 
Passes through 
the diaphragm 
level with the 
tenth thoracic 
vertebra 


Esophagus 

Passes through the 
diaphragm level 
with the tenth 
thoracic vertebra 


Median arcuate 
ligament 
Formed by fibers 
from both crura 


Aorta 

Passes behind the 
diaphragm, in front 
of the twelfth 
thoracic vertebra 






Lateral arcuate ; 
ligament 


Medial arcuate ligament 
A thickening of the fascia | 
covering the psoas muscle 
that forms an attachment 
for the muscle fibers of DIAPHRAGM Right crus of 
the diaphragm FROM BELOW diaphragm 


Left crus of 
diaphragm 











ANTERIOR (FRONT) 


Fundus of 
stomach 

The upper part 

of the stomach lies 
below the left dome 
of the diaphragm, 
under the ribs 


THORAX 


There are several large tubes crammed into 

the space behind the heart. These include the 
descending aorta, the azygos vein, and the 
lymphatic duct, but also a part of the digestive 
tract—the esophagus. This tube of smooth muscle 
starts in the neck as a continuation of the pharynx. 
It runs down through the thorax, slightly to the left 
of center, and pierces through the diaphragm level with the tenth 
thoracic vertebra. A couple of centimeters below this, it empties 
into the stomach and ends. The esophagus, like much of the 
digestive tract, has an outer layer of longitudinal muscle and an 
inner layer of circular muscle within its wall. During swallowing, a 
wave of constriction passes downward to push food or fluid down 
into the stomach. 
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Right lobe of liver 


Fundus of gallbladder 
Bottom of the baglike 
gallbladder, which just 
sticks out under the liver 


DIGESTIVE SYSTEM 


Transverse colon 

Hanging down below the liver 
and stomach, this part of the 
colon has a mesentery (fold of 
the peritoneum that connects the 
intestines to the dorsal abdominal 
wall) through which its blood 
vessels and nerves travel 


Hepatic flexure 

of colon 

Junction between 
the ascending and 
transverse colon, 
tucked under the liver 


Ascending colon 

This part of the large 
intestine is firmly bound 
to the back wall 

of the abdomen 


lleum 

Lying mainly in the suprapubic 
region of the abdomen, this 
part of the small intestine is 
about 13ft (4m) long; ileum 
simply means entrails in Latin 


Cecum 

First part of the large 
intestine, lying in the right 
iliac fossa of the abdomen 


Appendix 

Properly known as the vermiform 
(wormlike) appendix; usually a few 
centimeters long, it is full of 
lymphoid tissue, and thus forms 
part of the gut’s immune system 


Rectum 

About 4% in (12cm) long, this 
penultimate part of the gut is 
stretchy; it can expand to store 
faeces, until a convenient time 
for emptying presents itself 


Anal canal 
Muscular sphincters in and around the anal 
canal keep it closed; the sphincters relax during 
defecation, as the diaphragm and abdominal ia 
wall muscles contract to raise pressure in the 
abdomen and force the feces out \ 


ANTERIOR (FRONT) 








Left lobe of liver 





Pancreas 


Splenic flexure of colon 
Junction between the 
transverse and descending 
colon, close to the spleen 
(spleen not shown here) 


Stomach 





The name comes 
originally from the Greek 
for gullet, but has come 
to mean this baglike part 
of the digestive system, 
just below the diaphragm 








Jejunum 

About 6%ft (2m) long, this part of 

the small intestine is more vascular 
(so slightly redder) than the ileum, 
and lies mainly in the umbilical region 
of the abdomen; its name comes from 
the Latin for empty—perhaps because 
food passes through here quickly 


Descending colon 

Like the ascending colon, this 
part of the large intestine has no 
mesentery, and is firmly bound 
to the back wall of the abdomen 


Sigmoid colon 
This S-shaped part of 
colon has a mesentery 


* ABDOMEN 
® AND PELVIS 


With the organs in situ, it is clear how much 

the abdominal cavity extends up under the ribs. The 

upper abdominal organs—the liver, stomach, and 

spleen—are largely under cover of the ribcage. This 

gives them some protection, but it also means that 
they are vulnerable to injury if a lower rib is fractured. The large 
intestine forms an M shape in the abdomen, starting with the 
cecum low down on the right, and the ascending colon running 
up the right flank and tucking under the liver. The transverse 
colon hangs down below the liver and stomach, and the 
descending colon runs down the left side of the abdomen. This 
becomes the S-shaped sigmoid colon, which runs down into 
the pelvis to become the rectum. The coils of the small intestine 
occupy the middle of the abdomen. 
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Cardiac notch 





a Fundus of stomach 
; The uppermost part 
of the stomach in 
someone standing 
or sitting upright; 
normally contains air 











Esophagus 


Lesser curvature 

This is connected to 

the liver by a fold of 

peritoneum (the membrane 
lining the abdominal cavity) . 
called the lesser omentum - 


Pylorus 







Body of stomach 

During embryological 
development, the stomach 
starts as a simple tube, 
which expands to form 

a baglike structure 


Duodenum 









Greater curvature 
A fold of peritoneum called 
the greater omentum hangs 
down from this 


EXTERNAL STOMACH 


Cardiac notch 


Pyloric sphincter 

The muscle around the end Esophagus 
of the pylorus is thickened 
to make a sphincter—this 
comes from the Greek word 






meaning to draw tight Fundus of 
stomach 
Pylorus 
From the Greek for 
gatekeeper, this is the last 
part of the stomach, where its Lesser curvature 
contents are slowly released The main blood 
into the first part of the small vessels of the stomach 
intestine—the duodenum run along the greater Body of 
and lesser curvatures stomach 
= Greater 
curvature 





Duodenum Rugae 
The lining of the 


stomach is folded into 





Ne : rugae (from the Latin 
VAY ; for wrinkles) which 
as. ~ ~ smooth out as 
" - 7 a. the stomach fills 
— ue all / 
“9 > = 7 
- wre U << > @ A 


INTERNAL STOMACH a 





S Functions of the gut, blood vessels, and respiratory tract 
/SX N |) | N | ES | | N ES are carried out involuntarily, at a subconscious level, 
with the help of a special type of muscle called smooth 


muscle. This is supplied by autonomic motor nerves. 





The stomach is a muscular bag, where food is held 
before moving on to the intestines. Inside the stomach, food 
is exposed to a cocktail of hydrochloric acid, which kills off 

a bacteria, and protein-digesting enzymes. The layered muscle 

of the stomach wall contracts to churn up its contents. 

Semidigested food is released from the stomach into the first part of the 
small intestine, the duodenum, where bile and pancreatic juices are added. 
Contractions in the intestine wall then push the liquid food into the jejunum 
and ileum, where digestion continues. What is left passes into the cecum, 
the beginning of the large intestine. In the colon, the next part of the large 
intestine, water is absorbed so that the gut contents become more solid. The 
resulting feces pass into the rectum, where they are stored until excretion. 













Smooth muscle cell 
These spindle-shaped cells 
contain actin and myosin; 
unlike in skeletal and cardiac 
muscle, the proteins are not 
lined up, so smooth muscle 
does not appear striated 
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Mitochondrion 
Circular folds 
These ridges help to increase 


Mucosa 
The epithelium 


Muscular layer 

















; Actin 
lining is packed with the surface area available for Intermediate filament 
mucus-producing glands absorption of nutrients filament 
Myosin 
filament 
Dense body ! | Cell nucleus 
Attachment of 
mesentery 

Serous lining of 

the small intestine 

This is formed by the 

mesentery (membranous 

folds) enveloping the 

SMALL INTESTINE Bribe 
Taenia coli Haustra lleum 
The longitudinal muscle coat is This is the name given to 
condensed into three bands, the sacculations (pouches) 
or taeniae; the name comes of the large intestine; it comes 
from the Greek for ribbon from the Latin for scoop 

Taenia coli 
These ribbonlike 
bands of 
longitudinal 


muscle converge 
on the base of 
the appendix 








Ascending 


Mesoappendix 
colon 


Appendix 

Usually 2-3'%4in (6-9cm) 
long and opening into the 
back wall of the cecum 





LARGE INTESTINE CECUM WITH APPENDIX 


Coronary ligament 








Left triangular 
ligament 


Right triangular 
ligament 

The peritoneum, 

which lines the walls of 
the abdominal cavity and 
the organs within it, is one 
continuous sheet of serous 
membrane; the parts of it 
that form connections 
between the abdominal 
wall and organs are known 
variously as ligaments, 
mesenteries, or omenta 


Falciform ligament 
A fold of peritoneum 
attaching the liver 

to the anterior 
abdominal wall 

and diaphragm 
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Left lobe of liver 


Right lobe of liver 


Inferior margin 

This sharp edge separates 
the dome-shaped upper 
surface of the liver, which 
lies under the diaphragm, 
from the lower surface, 
which lies against the 
other abdominal organs 


Ligamentum teres 








Gallbladder 


LIVER ANTERIOR (FRONT) 


Inferior vena cava 
This large vein is partly 
embedded in the back 
of the liver; the three 
hepatic veins drain 
directly into it 





Caudate lobe 
Bare area 
This area of the liver 
Left lobe is not covered with 
of liver 


the peritoneum 


Ligamentum venosum 
A remnant of what was 
the umbilical vein in 
the fetus Right lobe of liver 


Bile duct 





Gallbladder 


Quadrate lobe 


LIVER POSTERIOR (BACK) 


© LIVER, PANCREAS, 
~@ AND GALLBLADDER 


The liver, the largest internal organ, can weigh up to 6lb (3kg). It does hundreds of jobs 
simultaneously, many of them related to digestion. It produces bile, which is stored in the 
gallbladder and helps to digest fats. It also receives nutrients from the gut via the portal 

vein and processes them. It breaks down or builds up proteins, carbohydrates, and fats 
according to need; detoxifies or deactivates substances such as alcohol and drugs; and plays 
a role in the immune system. The pancreas, a long, thin, leaf-shaped gland lying under the liver and behind 
the stomach, produces hormones that are secreted into the blood, and makes pancreatic juice, full of 
digestive enzymes, which it empties into the duodenum. 


Inferior vena cava 






Esophageal veins 


Hepatic veins 
Drain into inferior 
vena cava 


Left gastric vein 
Liver 


Right gastric vein 
Hepatic portal vein 
This is about 
3in (8cm) long and is Lie 
where veins from every Splenic vein 


Drains blood from the 
spleen, pancreas, and 
stomach, and receives the 
inferior mesenteric vein 


part of the digestive 
tract converge and 
enter the liver 


Large intestine 





Inferior mesenteric vein 
Drains the rectum, sigmoid 
colon, and descending colon 


Superior 
mesenteric vein 
Drains the small 
intestine, cecum, 
ascending and 
transverse colon 





Jejunal and 
ileal veins 





PORTAL VEINS 
AND TRIBUTARIES 


Cystic duct 

Between meals, bile is diverted up 
the cystic duct into the gallbladder 
for storage 
























: Ivei 
Superior rectal vein Right hepatic duct 


Left hepatic duct 
Middle rectal vein 
Common hepatic duct 
Drains the bile produced by 
the liver 


Neck of 
gall bladder 
Inferior rectal vein Body of 


gallbladder Bile duct 


Hormones from the stomach and 
small intestine cause the gallbladder 
to contract, squeezing bile down the 
cystic duct, and through the bile 
duct into the duodenum 


Fundus of 
gallbladder 


Neck of 
Pancreas 


Tail of pancreas 
The tip of the tail 
touches the spleen 


Duodenum 


Main 

pancreatic duct 

If the duct becomes 
blocked, the 
digestive enzymes 
build up inside 

the pancreas 

and may damage it Body of pancreas 
Accessory 


Pancreaticduct Uncinate process of pancreas 


The “hooked” part of the pancreas 
curls around the superior 
mesenteric artery and vein 


Head of pancreas 
The head lies tucked 
into the C-shaped 
curve of the 
duodenum 


GALLBLADDER AND PANCREAS 
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Hand-wound 


single Battery Cell: fceetaroid 


Alkaline, NiCD, NiMH 
(0.3 - 1.5 V typ.) 


LED: 
Blue or 
White 


fhttnasHaAAn inatrintahlng nanm/CIAAUCEIT/ANNINAQCNICANICELITANAIZNAQCN | ADAT inn\ 


+ Transistor Terminals 


2N3904 





_ =. ie 
= hot 


= eee) PA NIGIS 107! 


2n3904 


—_— ~~" (NPN Transistor) 
Wiciiidigler LED Terminals 


Negative Side (Cathode) 


FlatEdge —_ 


—_ 


Toroid bead 





On/Off Postive Side (Anode) 
Lang VVire 
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Here are the schematic diagrams that are involved with the joule thief circuit. 
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URINARY SYSTENK. 
OVERVIEW 


The urinary system comprises the kidneys, ureters, bladder, 
and urethra. The kidneys lie high up in the abdomen, on its 
back wall. The upper part of both kidneys is tucked under the 
twelfth rib. The kidneys filter the blood and ensure that it stays 
at exactly the right volume and concentration to keep all the 
cells in the body working properly. They also get rid of 
unwanted substances from the blood, playing an important 
role in excreting nitrogen-containing urea, for example. The 
urine made by the kidneys is carried by the ureters down to 
the bladder, which lies in the pelvis. The urethra runs from the 
bottom of the bladder and opens to the outside world. Ina 
woman, the urethra is short—only a few inches long—and 
opens at the perineum, between the legs. The urethra 

of a man is longer, running through the length of the penis 

to open on the tip. 


Left 
suprarenal 


gland 
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Left kidney 


Right kidney 
Sits a little lower 


Lies behind 
the stomach 
and spleen 


than the left 
kidney, under 


the liver 


Left renal artery 
A branch from the 


Right renal 


abdominal aorta 


artery 


Left renal vein 


Drains into the 


Right renal vein 
inferior vena cava 


Left ureter 








Right ureter 


Inferior vena cava 


Large vein that lies right at the 


back of the abdomen, carrying 
deoxygenated blood from the legs 


Abdominal 
aorta 





and trunk back to the heart 
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Suprarenal gland 





Upper pole 





Right kidney 





Right renal artery 
Renal comes from 
the Latin for kidney 


Hilum 

Where the artery enters 
and the vein and ureter 
exit the kidney; the word 
just means small thing 

in Latin, but is used in 
botany to describe the 
area on a seed where 
the seed vessel attaches, 
such as the eye of a bean 


Right renal vein 


Lower pole 


Inferior vena cava 


Right common iliac vein 





Right internal iliac vein 
Veins from the bladder 
eventually drain into the 
internal iliac veins 


Right internal iliac artery 
Vesical branches of 





the internal iliac artery 
supply the bladder 


Right external iliac vein 





Right external iliac artery 





Right ureter 





The two ureters are muscular tubes: 
peristaltic (wavelike) contractions 
pump urine down into the bladder, 
even if you stand on your head; each ANTERIOR 
ureter is about 10in (25cm) long (FRONT) 


ABDOMEN 
t | AND PELVIS 


The kidneys lie high up on the back wall of the abdomen, 
tucked up under the twelfth ribs. A thick layer of perinephric 
fat surrounds and protects each kidney. The kidneys filter the 
blood, which is carried to them via the renal arteries. They 
remove waste from the blood, and keep a tight check on 
blood volume and concentration. The urine they produce collects first in 
cup-shaped calyces, which join to form the renal pelvis. The urine then 
flows out of the kidneys and down narrow, muscular tubes called ureters to 
the bladder in the pelvis. The bladder is a muscular bag that can expand 
to hold up to about 1 pint (0.5 litres) of urine, and empties itself when the 
individual decides it is convenient. Urine travels through the urethra before 
leaving the body. 
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Renal cortex 
Cortex means rind or bark; this 
is the outer tissue of the kidney 


Renal medullary pyramid 

Medulla means marrow or pith; this core 
tissue of the kidney is arranged as pyramids, 
which look triangular in cross section 


Left kidney 


Renal pelvis 

Collects all urine from the kidney, and 
empties into the ureter; pelvis means 
basin in Latin, and the renal pelvis 
should not be confused with the bony 
pelvis—also shaped like a large basin 


Left renal artery 


Major calyx 

The major calyces collect urine from the 
minor calyces, then themselves join together 
to form the renal pelvis 


Minor calyx 

Calyx originally meant flower covering in Greek, 

but because it is similar to the Latin word for cup it 
is used to describe cup-shaped structures in biology; 
urine from the microscopic collecting tubules 

of the kidney flows out into the minor calyces 


Left renal vein 
Abdominal aorta 
Left common iliac artery 


Left ureter 

This name comes from the Greek for to make 
water; the two ureters carry urine from the 
kidneys to the bladder 


Bladder 

The empty bladder lies low down, in the true 
pelvis, behind the pubic symphysis; as the 
bladder fills, it expands up into the abdomen 


Detrusor muscle 

The crisscrossing smooth muscle 
bundles of the bladder wall give 
the inner surface of the bladder 

a netlike appearance 


Ureteric orifice 


Trigone 

The three-cornered region of the back 
wall of the bladder, between the ureteric 
orifices and the internal urethral orifice 


Internal urethral orifice 


Urethra 

From the Greek for urinate; this 
tube carries urine from the bladder 
to the outside world, a distance 

of around 1'2in (4cm) in women, 
and about 8in (20cm) in men (as it 
travels the length of the penis) 


External urethral orifice 
The male urethra opens at the tip 
of the glans penis 
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REP RHEE vas 
SYSTEM 
OVERVIEW 


Most organs in the body are similar in men and women. 
However, when it comes to the reproductive organs, 
there is a world of difference. In a woman, the ovaries, 
which produce eggs and female sex hormones, are 
tucked away, deep inside the pelvis. Also located within 
the pelvis are the vagina, uterus, and paired oviducts, « 
fallopian tubes, in which eggs are conveyed from the 
ovaries to the uterus. The woman's reproductive syste 
also includes the mammary glands, which are impo 
in providing milk for the newborn. 
In a man, the testes, which produce sperm and se 
hormones, hang well outside the pelvis, in the scro’ 
The rest of the male reproductive system consists of a 
pair of tubes called the vasa deferentia (singular, vas 
deferens), the accessory sex glands (the seminal vesicles 
and the prostate), and the urethra. 
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Axillary tail 

This part of the illustration 
shows the extent of the 
breast; breast tissue continues 
upward and outward on the 
chest wall—right up into 

the axilla (armpit) 


Nipple 


Areola 
Means small 
area in Latin 


Pectoralis 
minor 


Pectoralis 
major 


Intercostal 
muscle 


Superficial fascia 
Breast tissue lies 
within this layer 


Secretory lobule 

























Areola 
This area of skin surrounding 
the nipple becomes darker 
during pregnancy 


Nipple 
Lactiferous ducts convey 
milk to tip of nipple 


Lactiferous sinus 

Just before they enter 
the nipple, the lactiferous 
ducts expand slightly 

in a lactating breast 


Lactiferous duct 

Each lactiferous duct drains one 
lobe of the breast; each lobe 
contains several lobules 






Stroma 
Fibrous and fatty tissue that 
surrounds glandular tissue 
of the breast; from the Greek 
for spread or bed covering 


CROSS SECTION OF BREAST 





ANTERIOR (FRONT) / FEMALE 


Lactiferous duct 





From the Latin for 
milk-carrying duct 





Secretory lobule 
Lactiferous ducts branch 
during puberty to form 
lobules, where milk is 
produced and secreted 





THORAX 


The breasts, or mammary glands, are an important 
part of the reproductive system in women. Like all 
other mammals, human females have mammary 
iy Ml glands to provide the newborn with milk. But 
while many mammals have multiple mammary 
glands, humans (and other apes) have just two, 
on the front of the chest. The breasts develop at 
puberty, when they grow due to the increased production of 
glandular tissue and fat. The breasts lie on the pectoralis major 
muscle on each side. Each breast contains 15 to 20 lobes, which 
are connected to the nipple by lactiferous ducts. There seems to 
be a basic plan in the developing embryo, so that male nipples 
appear, although the breast does not form. 
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Rectovesical pouch 
A pocket of peritoneal cavity 
between the rectum and 

the bladder, in a man Sacrum 
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Bladder 





Seminal 
Vas deferens vesicle 
Conveys sperm 
from the testis; plural, Coccyx 
vasa deferentia 
Rectum 
Pubic symphysis Prostate 
gland 
Lies just 
Corpus cavernosum in front 
of penis of the rectum; 


A pair of corpora can enlarge in 


cavernosa, Or Cavernous later life and 
bodies, join the corpus block the 
spongiosum in the shaft urethra 


of the penis; all are 
made of similar 
spongy tissue 


External anal 
sphincter 





Corpus spongiosum 
of penis 

Spongy, central 
column of erectile 
tissue; surrounds 

the urethra 


Anal canal 





External urethral 





Epididymis sphincter 

Coiled tube that leads into 

the vas deferens; from the Bulb of penis 
Greek for on the testicles Becomes the corpus 


spongiosum; contains 
the urethra 


Testis 
Site of sperm production, the Urethra 
testis also produces testosterone Travels from the bladder, 
through the prostate, the 
external urethral sphincter, 
Glans penis External Scrotum and the perineal membrane 
urethral Skin-covered, muscular pouch, (a sheet of fascia within the 
orifice containing the testis perineum); continues 


through the penis to the 
external urethral orifice, on 
the tip of the glans penis 


SAGITTAL SECTION / MALE 


ABDOMEN AND PELVIS 


Tae | The male and female reproductive systems are both comprised of a series of internal 
| m and external organs, although structurally these are very different. It is true that both 
sexes possess gonads (ovaries in women and testes in men) and a tract, or set of 
tubes, but the similarity ends there. When we look in detail at the anatomy of the 
pelvis in each sex, the differences are obvious. The pelvis of a man contains only part 
of the reproductive tract, as well as the lower parts of the digestive and urinary tracts, 
including the rectum and bladder. Beneath the bladder is the prostate gland; this is 
where the vasa deferentia, which bring sperm from the testis, empty into the urethra. A woman's 
pelvic cavity contains more of the reproductive tract than a man’s. The vagina and uterus are 
situated between the bladder and rectum in the pelvis. 





Myometrium 
Thick, smooth 
muscle layer 
of uterus 


Fundus 

of uterus 

The top portion 
of the uterus, 
farthest from 
the cervix 


Uterus 

The uterus is 
shaped like a 
flattened pear, 
and normally 
lies in the 
position shown 
here—bent 
forward over an 
empty bladder 


Round 
ligament of 
the uterus 


Vesicouterine 
pouch 

A pocket of 
peritoneal cavity 
between the 
bladder and 

the uterus. The 
peritoneal cavity 
is a potential 
space between 
the peritoneum 
lining the 
abdominal 
walls, and 

the abdominal 
and pelvic 
organs 


Bladder 


Pubic 
symphysis 
Cartilage joint 
at front of pelvis; 
softens during 
pregnancy then 
widens slightly 


Endometrium 
Lining of the uterus; 
innermost layer of 
endometrium is shed 
during menstruation. 
From the Greek for 
within the womb 


Suspensory 
ligament of ovary 
Carries ovarian 
arteries and veins to 
and from the ovary 


Oviduct 

Literally, egg-duct; 
each one is about 4in 
(10cm) long 
















aw 
; Mt The peritoneum (serous 


Ovary 

Means egg place in Latin; each 

of the two ovaries lies on the 
pelvic side wall, in the angle 
between the internal and external 
iliac arteries 





Sacrum 
Perimetrium 


membrane lining the 
abdominal cavity) lies 
over the uterus 


Rectouterine pouch 

A pocket of peritoneal 
cavity between the rectum 
and the uterus 
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Body of uterus 


Cavity of uterus 


Posterior fornix 
of vagina 


Rectum 


Coccyx 


Cervix of uterus 
Literally, the neck 
of the uterus 


Anterior fornix 
of vagina 
Fornices are gutter- 
like areas that 
form as the cervix 
projects down into 
the vagina, known 
as anterior, lateral, 
and posterior 
fornices; fornix 
means arch or 
vault in Latin 


Rectovaginal 
septum 


Anal canal 


External anal 
sphincter 


during childbirth 


SAGITTAL SECTION / FEMALE 














Clitoris Urethra External Vagina 
Contains spongy, urethral Tube, around 


erectile tissue sphincter 3¥%in (9cm) long, 
similar to that with walls of 
in the penis fibrous and 


muscular tissue 


Add Tip Ask Question 


Step 3: Winding Wire at the Toroid 








= 
io 
kK 
n 
> 
vn 
Lu 
= 
Fk 
UO 
= 
Q 
O 
Ce 
o 
Lo 
me 
























Seminal vesicle Ureter Bladder 
One of a pair of 

accessory reproductive 
glands; contributes to 


seminal fluid 


Prostate gland 
Accessory 
reproductive gland; 
contributes about 
a third of all 
seminal fluid 


Cowper's gland 
One of two 
pea-sized glands, 
also known as 
bulbourethral 
glands; secretes a 
tiny portion of 
seminal fluid 


Bulb of penis 

Part of the root of the penis; 
attaches to the perineal 
membrane, which stretches 
between the ischiopubic 
rami of the pelvis (see p.44) 


Crus of penis 
One of two crura that 
are attached to the 
ischiopubic rami and 
make up part of the 
root of the penis 


Vas deferens 

Muscular tube; carries sperm from the 
testis into the pelvis, via the abdominal 
cavity. It leads into the prostate and 
joins the duct of the seminal vesicle 
before entering the urethra 


Epididymis 
Can be felt through the scrotum as a 
long lump on the back of the testis 


Efferent ductules 
10-20 ductules carry seminal fluid 
from the testes to the epididymis 


Rete testis 

Literally meaning the network of 
testis; these interconnecting tubes 
link the seminiferous tubules with 
the efferent ductules 


Lobule of testis 

200-300 lobules lie in each testis; each 
contains 1-3 tightly-packed seminiferous 
tubules, in which sperm are made 


Dorsal veins 

These drain up to the 
venous plexus around the 
prostate and, ultimately, 
to the internal iliac veins 


Dorsal artery 

A branch of the internal pudendal 
artery, which is itself a branch of 
the internal iliac artery 







Septum 
Fibrous division between 
the corpora cavernosa 


Tunica albuginea 
Fibrous envelope around the 
components of the penis 


Corpora 
cavernosa 


Urethra 


Corpus 
spongiosum CROSS SECTION 
OF PENIS 
PENIS AND 
TESTES 
Corporus cavernosa 


One of two columns of tissue, 
formed where the crura join at 
the shaft of the penis; known 
together as corpora cavernosa 


Corpus spongiosum 

The bulb of the penis 
continues on to form spongy 
erectile tissue called the corpus 
spongiosum, or spongy body 





Glans penis 
Expanded part of the 
corpus spongiosum 





Tunica albuginea 
Literally meaning 
egg-white-like coat; 
the outer covering 
of the testis 


Ampulla of oviduct Isthmus of oviduct Body of uterus 













Slightly widened part Last third of oviduct; 
of oviduct, where narrower than ampulla. 
fertilization normally Isthmus is from Greek for 
occurs; from the Latin neck, or narrow passage > 
for flask w 
7 Secondary follicle iw) 
Follicle that has started fe) 
to accumulate fluid = 
m 
Fimbriae ee 
Fingerlike projections, > 
help pick up the Pe 
ovulated egg. From GS 
the Latin for fringe 0 
m 
Mature follicle = 
Filled with fluid; this will —= 
burst to release the egg hf 
at ovulation 
Infundibulum Ovary Primary follicle | | Corpus albicans Corpus luteum 
of oviduct With a volume Contains adeveloping __ If the ovulated egg Remains of follicle after 
Funnel-shaped of around 4'/in? egg (or oocyte), _is unfertilized, the ovulation, literally 
end of oviduct, (11cm?), the ovary surrounded by corpus luteum meaning yellow body 
closest to ovary; contains follicles follicle cells shrivels up to form 
from the Latin in various stages this scarlike structure 
for funnel of the ovarian cycle 
Cavity of uterus 
Cervical canal Cervix of uterus 
About Tin (2.5cm) long 
Lateral fornix of vagina 
The recesses of the vagina 
around the cervix are 
called the fornices; there is 
a lateral fornix on either 
side of the cervix 
Ischiocavernosus Prepuce, 
Muscle covering the overlying body 
crus of the clitoris of clitoris 
Vagina 
The ridged passage (or lumen) 
through the vagina is folded into Gam ctciane ae: External 
an H-shape, enabling it to expand dri Glans of clitoris urethral orifice 
Smaller in size than Erectile organ, equivalent 
the crus of the penis; to the penis; the body of E 
aay attached to the the clitoris comprises Vestibule 
ischiopubic ramus of two corpora cavernosa Area between the 
the bony pelvis labia minora; Latin 


for entrance court 


UTERUS 


Bulb of vestibule 
One of a pair 


} of structures 
" equivalent to 
the single bulb 


of the penis; made of 


naz) AND PELVIS =" 


Vaginal orifice 
At a very fundamental level, the reproductive 


systems of man and woman must work Cabiacainosa 
together to allow eggs and sperm to meet. __ Folds of skin 
3 : either side of the 
These views of the isolated organs and vestibule; singular is 
reproductive tracts show clearly how the Sabir Cine 

anatomy is arranged to achieve this. The ovaries, where 
eggs (or ova) are produced, are deep inside the female pelvis. Bulbospongiosus 
The eggs are collected from the ovaries by a pair of tubes, the y Widscie conte ic 
: satel beta aie ulb of vestibule; helps 
oviducts, and it is usually here that fertilization takes place. increase pressure 


in the underlying 


The fertilized egg then moves along the oviduct, dividing sporty tide 


into a ball of cells. The embryo eventually reaches the uterus, 
which is designed to accommodate and support the growing 
fetus. The vagina provides both a way for sperm to get in, and 
the route for the baby to get out at birth. EXTERNAL FEMALE GENITALIA 
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ENDOCRINE SYSTEM 
OVERVIEW 


The body's internal environment is controlled and regulated by nerves 

and hormones. The autonomic nervous system uses nerve impulses and 
neurotransmitters to send information in a swift and localized way. The glands 

of the endocrine system produce hormones—chemical messengers, often carried 
in the blood—which act in a slower, more prolonged, and more generalized way. 
Both the autonomic nervous system and the endocrine system are governed by 
the hypothalamus in the brain. The pituitary gland produces hormones that affect 
other endocrine glands, which sometimes form discrete organs. There are also 
hormone-producing cells in the tissues of many other organs. 


ANTERIOR (FRONT) 





OVERVIEW 
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g AND NECK 


Re : 





The insides of our bodies are regulated by the 
autonomic nervous and endocrine systems. There 
is overlap between these two systems, and their 
functions are integrated and controlled within the 
hypothalamus of the brain. The pituitary gland 
has two lobes; its posterior lobe develops as a direct 
extension of the hypothalamus. Both lobes of the 
pituitary gland secrete hormones into the 
bloodstream, in response to nerve signals or 
blood-borne releasing factors from the 
hypothalamus. Many of the pituitary 
hormones act on other endocrine 
glands, including the thyroid gland 
in the neck, the suprarenal glands on 
top of the kidneys, and the ovaries 
or testes. 


a historical misapprehension: 
it comes from the Latin for 
the pituitary gland secreted 


to be thought—wrongly—that 
nasal mucus 


gland commemorates 
mucus or phlegm, as it used 


Pituitary gland 
The name of this 
























Hypothalamus 


Pineal gland 


This tiny gland is about %c in 


(8mm) long, and shaped a bit 
involved in regulating 


like a pine nut; it has links to 
the visual pathway, and is 
circadian rhythms—the 
daily sleep-wake cycle 
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Imaging 
the Boay 


The human body is a “living machine” with many complex 
working parts. To understand how the body functions, and to 
cure the various ailments that afflict it, it is crucial for 
medical professionals to examine it in detail. Advances in 
technology have made it possible to view human anatomy 
without dissecting the body. Techniques such as magnetic 
resonance imaging (MRI) reveal the inside of the body with 
great accuracy and allow us to build up a complete picture 
of our anatomy from every possible angle. 


222 Imaging techniques 226 Thorax 230 Lower armand hand 
224 Head and neck 228 Abdomen and pelvis 232 Lower limb and foot 
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z ge: 
Q Imaging is vital to diagnose illness, unravel disease processes, pea: 
=e and evaluate treatments. Modern techniques provide detailed 
o information with minimum discomfort to the patient and have 
© largely replaced surgery in establishing the presence and extent 
= of disease. Imaging has also helped advance biological research. 


TEM of mast cell 
Magnifications of several million times are 
possible using transmission electron 
microscopy (TEM). This image shows a mast 
cell with granules (dark purple) that it releases 
when it is damaged or is fighting microbes. 


The invention of the X-ray in 1895 made the development of noninvasive medicine 
possible. Without the ability to see inside the body, many internal disorders could only be 
found after major surgery. Computerized imaging now helps doctors make early diagnoses, 
which at times greatly increase the likelihood of recovery. Computers process and enhance 
raw data to aid our visual ability. However, sometimes direct observation is 
essential. Viewing techniques have also become less invasive with the 
development of instruments such as the endoscope (see opposite). 


MICROSCOPY 


Light microscopy (LM) uses magnifying lenses to 
focus light rays. The light passes through a thin 
section of material and enlarges it up to 2,000 times. 
Higher magnifications are achieved with beams of 
electrons (subatomic particles). In scanning electron 
microscopy (SEM), the beam runs across a specimen 
coated with gold film and bounces off the surface to 
create a three-dimensional image. 


Angiogram 

A colored angiogram 

shows large coronary arteries 
branching into a network of smaller 
blood vessels that supply the heart. 





SEM of seminiferous 
tubule 

This freeze-fracture image— 
in which the specimen is 
frozen and then cracked 
open before being scanned— 
shows sperm heads buried in 
Sertoli cells (orange) with the 
tails (blue) projecting into 
the tubule’s lumen. 





X-RAY 


Like light rays, X-rays are electromagnetic energy, but of short 
wavelength. When passed through the body to strike photographic 
film, they create shadow images (radiographs). Dense structures, 
such as bone, absorb more X-rays and show up as white, while soft 
tissues, such as muscle, appear gray. Air-filled spaces, such as the 
lungs, appear black. The spaces inside the digestive tract, or within 
blood vessels, may be visualized by filling them with a contrast 
medium-—such as iodine or barium—that absorbs X-rays. A contrast 
X-ray image of blood vessels is known as an angiogram. 





X-ray of foot 

This X-ray image shows the foot bones of an adult from 
above. X-rays are especially useful for viewing dense 
tissue, such as bone. 


RADIONUCLIDE AND PET SCANNING 


In radionuclide imaging, a radioactive substance is injected into 
the body and is absorbed by the area to be imaged. As the 
substance decays, it emits gamma rays, which a computer forms 
into an image. Positron 
emission tomography (PET) is a 
type of radionuclide scanning 
where the injected chemical 
emits radioactive particles 
called positrons. PET gives data 
about how the brain functions 
rather than anatomy. 


PET brain scan 

This scan of the brain shows that the 
organ is active even in sleep mode. 
Areas in red, orange, and yellow 
represent high levels of activity. 


ULTRASOUND 


In ultrasound, a device called a transducer emits very high- 
frequency sound waves as it is passed over the body part being 
examined. The sound waves echo back to the device based 

on the density of the 
tissues they encounter. 
A computer analyses 
the reflected waves 
and creates an image. 


Fetal ultrasound 
Low-intensity ultrasound is 
a safe way to monitor fetal 
development. In this scan 
the fetus’s head can be seen 





ENDOSCOPY 


Telescopelike endoscopes are inserted through natural orifices 
or incisions to image the body's interior. They can be bent and 
controlled, and may carry instruments for other purposes as well, 
such as surgery and biopsy. Endoscopes have been designed 

to fit various body parts— 
bronchoscope for airways, 
gastroscope for the stomach, 
laparoscope for abdomen, and 
proctoscope for lower bowel. 


Endoscopic view of stomach 
The gastric mucosa (inner lining) 

of a healthy stomach as seen through 
an endoscope. This procedure may 
be performed to investigate upper 
digestive tract disorders. 





clearly in profile on the right. 











MRI AND CT SCANNING 223 
Computerized tomography (CT) and magnetic resonance imaging 
(MRI) detail various tissue types. In CT, a scanner using X-rays = 
rotates around the patient as a computer records the levels of = 
electromagnetic energy passing through tissues of different a 
densities. A cross section is built from layers of data. In MRI, a a 
person lies in a magnetic chamber that causes hydrogen atoms in = 
the body to align. A pulse of radiowaves is released, throwing the a 
atoms out of alignment. As they = 
realign, the atoms emit 2 — o 
radio signals that _— c 
n 


are used to create y, 
an image. Y 


MRI scan of head 
A digitally enhanced MRI scan of 

the head shows tissues of the brain 
and spinal cord in orange and red. 


CT scan of lungs 

In a horizontal slice through the chest, the 
spongy tissues and airways of the healthy 
lungs (oranges and yellows) show up 
clearly. The heart and major blood vessels 
between the lungs are mid-blue; the 
vertebrae, ribs, and sternum are dark blue. 





ELECTRICAL ACTIVITY 


Monitoring electrical activity in the body can reveal whether it is 
functioning normally. Signals coming from muscles and nerves are 
detected by applying sensor pads to the skin. The signals are sent 
to a computer that coordinates, amplifies, and displays them as 

a real-time trace—usually a spiked or wavy line. Examples of 

this technique include electrocardiography (ECG) of the 

heart, electromyography (EMG) of skeletal muscles, and 
electroencephalography (EEG) of the brain's nerve activity. 
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First, connect both ends of the copper wire before wounding, be sure to remove the 
insulation. Then try to solder the ends so it would not split up. Second, wind the 
wire until you run out of space in the round ferrite toroid. | have some tips for you, 
try to use a gauge #22 enamel coated copper wire for better performance, oh! my 
last tip is that "the more you wind the wire to the ferrite toroid the better". 


Add Tip Ask Question 


Step 4: Soldering the Resistor 
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Cerebral cortex 
Cingulate 
gyrus 





Eye Frontal 


sinus — - 


Meninges 


Nasal septum 


Maxillary sinus 


Tongue 





Soft palate 


HEAD 
AND NECK 


The discovery of X-rays at the end of the 19th 

century suddenly created the possibility of looking 

inside the human body—without having to physically 

cut it open. Medical imaging is now an important 
diagnostic tool, as well as being used for the study 

of normal anatomy and physiology. In computed 
tomography (CT), X-rays are used to produce virtual 
sections or slices through the body. Another form of 
sectional imaging, using magnetic fields rather than 

X-rays to create images, is magnetic resonance 2 
imaging (MRI), as shown here. MRI is very useful for 
looking in detail at soft tissue, for instance, muscle, 
tendons, and the brain. Also seen clearly in these 

sections are the eyes (1 and 3), the tongue (1 and 2), 

the larynx, vertebrae, and spinal cord (2 and 5). LEVELS OF SCANS 
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Right common 
carotid artery 


Apex of 
the left lung 


Sternum 





Fat \ First thoracic 


vertebra 


Humerus 


Spinal cord 


Arch of 
aorta 
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thoracic 
vertebra 


Liver Bottom of heart 
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of right lung 


Tenth thoracic wr 
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Aorta 
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vena Cava atrium Sternum 
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Internal 
thoracic vessels 


Descending 
aorta 
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ventricle 
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pulmonary 
artery 


Muscle of 
left ventricle 


Ascending 
aorta 





Inferior 
lobe of left 
lung 
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5 
LEVELS OF SCANS 


THORAX 


The axial, or transverse, sections through the chest 

(sections 1-4) show the heart and large blood vessels 

lying centrally within the thorax, flanked by the lungs, 

and all set within the protective, bony casing of the ribcage. 
Section 1 shows the clavicles, or collarbones, joining 

the sternum at the front, the apex (top) of the lungs, 

and the great vessels passing between the neck and the 
thorax. Section 2 is lower down in the chest, just above 

the heart, while section 3 shows the heart with detail of its 
different chambers. The aorta appears to be to the right of 
the spine in this image, rather than to the left, but this is the 
usual way in which scans are viewed. You need to imagine 
yourself standing at the foot of the bed, looking down at the 
patient. This means that the left side of the body appears on 


the right side of the image as you view it. Section 4 shows the 


very bottom of the heart, and the inferior lobes of the lungs. 
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Psoas 


ili : Sacroiliac 
sacs Spinal Erector joint Gluteus Ischial Coccyx Obturator 
cord spinae maximus spine internus 


ABDOMEN 
AND PELVIS 


MRI is a useful way of looking at soft tissues—and for visualizing 
the organs of the abdomen and pelvis, which only appear as 
subtle shadows on a standard X-ray. In the series of axial 

or transverse sections through the abdomen and pelvis, we can 
clearly see the dense liver, and blood vessels branching within it 
(section 1); the right kidney lying close to the liver, and the left 
kidney close to the spleen (section 2); the kidneys at the level 
where the renal arteries enter them (section 3), with the stomach 
and pancreas lying in front; coils of small intestine, the ileum, 
resting in the lower part of the abdomen, cradled by the iliac 
bones (section 4); and the organs of the pelvis at the level of 

the hip joints (section 5). The sagittal view (section 6) shows 

how surprisingly shallow the abdominal cavity is, in front of the 
lumbar spine. In a slim person, it is possible to press down on 6 
the lower abdomen and feel the pulsations of the descending 

aorta—right at the back of the abdomen. 
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LEVELS OF SCANS 


LOWER ARM 
ANU HAND 


These scans of the arm, forearm, and hand show how 

tightly packed the structures are. Section 1 reveals the 

bones of the wrist—the carpals—interlocking like a 

jigsaw. The wrist joint itself is the articulation between 

the radius and the scaphoid and lunate bones. In 

section 2, part of the elbow joint is visible, with the 

bowl-shaped head of the radius cupping the rounded 

end of the humerus. Muscles in the forearm are ? 
grouped into two sets, flexors on the front and 

extensors behind the forearm bones and interosseous 
membrane. Compare sections 3-8 with sections 
through the leg (see pp.234-35)—both limbs have a 
single bone (humerus or femur) in the upper part, two 
bones in the lower part (radius and ulna in the forearm; 
tibia and fibula in the lower leg), a set of bones in the 
wrist and ankle (carpals and tarsals), fanning out to five 
digits at the end of the limb. Evolutionarily, these 
elements developed from the rays of a fish fin. 
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First 
metatarsal Cuneiform Navicular 
Distal end 


of tibia 


Phalanx 


Calcaneus 
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anterior 





Head of first 
metatarsal 


LOWER LIMB 
AND FOOT 


The sequence of axial and transverse sections through the thigh and lower 
leg show how the muscles are arranged around the bones. Groups of 
muscles are bound together with fascia—fibrous packing tissue—forming 
three compartments in the thigh (the flexor, extensor, and adductor 
muscles), and three in the lower leg (flexor, extensor, and peroneal or 
fibular muscles). Nerves and deep blood vessels are also packaged together 
in sheaths of fascia, forming “neurovascular bundles”. Section 2 shows the 
bones of the forefoot, while the tightly packed muscles surrounding the 
tibia and fibula in the lower leg are visible in section 3. At the knee joint, 
shown in section 4, the patella can be seen to fit neatly against the 
reciprocal shape of the femoral condyles. The neurovascular bundle 

is clearly visible here, at the back of the knee, in a space known as the 
popliteal fossa—with the hamstring muscles on either side. Sections 5 and 
6, through the middle and upper thigh, show the powerful quadriceps 
and hamstring muscles surrounding the thigh bone, or femur. 
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Solder the resistor with one end of the wounded ferrite toroid's wire. Oh! also don't 
forget to level the other end of the resistor with the other unused wire from the 
wounded ferrite toroid. 


Add Tip Ask Question 


Step 5: Soldering the Transistor 
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2.1 LUMBAR FACET JOINT INJECTION 





Anatomy the anterior portion of the lumbar facet joints lie in the 
coronal plane and the posterior portions in the sagittal 
plane. In the thoracic region, the joints’ inferior and 
superior articular surfaces overlap each other in an almost 
vertical incline. 


The zygopophyseal or facet joints (Fig. 2.1.1) are paired 
articular surfaces between the posterior aspects of 
adjacent vertebrae. In the cervical region, rotation and 
flexion are possible as the joint surfaces lie midway 
between the coronal and the axial planes. Rotation is 
prevented in the lumbar region but flexion is possible as 


The facet joints bear most of the shear forces when the 
spine is flexed. In addition, when the intervertebral discs 
are degenerated, the facet joints carry increased load and 
weight, especially when the spine is extended. Innervation 
of the facet joints is via the medial branches of the 

dorsal rami of the spinal nerves. These nerves also 

Superior facet innervate the muscles and ligaments surrounding the joints. 
Each medial branch divides into proximal and distal 
branches (Fig. 2.1.2). The proximal branch innervates the 


Lumbar vertebra 







Articular surfaces 
of facet joints 








Superior Lateral 


Inferior facet 


Medial branch Intervertebral disc 


Fig. 2.1.2 Lumbar spine innervation. Innervation of the lumbar 
spinal structures in the transverse view. Note the posterior primary 
ramus (Ppr) leaving the spinal nerve (Sn) and splitting into a 
lateral branch (Lb) and a medial branch (Mb). The medial branch 
passes under the mamillo-accessory ligament to innervate the 
facet joint and capsule, the spinous process and the multifidus 
muscles. Sensory fibers traveling with the gray rami (Gr) form the 
sinu-vertebral nerve (SvN) and provide sensory function to 

the disc annulus. (Reproduced with permission from 

Cousins and Bridenbaugh’s Neural Blockade in Clinical 
Anesthesia and Management of Pain, 4th edition, 

Fig. 2.1.1 Wolters Kluwer/Lippincott Williams & Wilkins, 2009.) 


Zygopophyseal 
joint 


CHAPTER 


Joint injections 


adjacent facet joint, and the distal branch innervates the 
next facet joint below. The medial branch also innervates 
the interspinous ligaments and the multifidus muscles and 


the lateral branch innervates other adjacent muscles. Thus, 


pain from irritation of a joint may cause generalized 
sensitization of the dorsal rami with secondary 


hyperactivity and spasm of the innervated muscles and may 


be difficult to localize. 

The facet joints contain vascular, highly innervated 
intra-articular synovial inclusions, which may 

become trapped and inflamed when the joint is injured, 
causing pain. 


Equipment 

e 2 ml and 10 ml syringes 

e 25 G needle 

e 22 G spinal needle, end-opening 

e Non-ionic radio-opaque contrast medium 
e ECG, BP, and SpO,; monitors 

e Resuscitation equipment (see Appendix 3) 
e C-arm fluoroscopy or ultrasound 


Drugs 

e Lidocaine (lignocaine) 1% 10 ml (or its equivalent) 

e Corticosteroid if indicated, e.g. triamcinolone diacetate 
25 mg (or its equivalent) 

e Resuscitation drugs (see Appendix 3) 


Position of patient 
e Prone. 


e Pillow under anterior superior iliac spine to flatten the 
normal lumbar lordosis (Fig. 2.1.3). 








Needle puncture and technique 


Intravenous access is inserted. 

Monitors are attached. 

Resuscitation equipment and drugs are checked and 
made ready for use. 

The lumbar midline and an area 10 cm x 5 cm laterally 
is cleaned with antiseptic solution. 

The spinous processes of the vertebrae are marked. 
The insertion point of the needle lies 2-3 cm lateral to 
the cephalic end of the spinous process of the vertebra 
(Fig. 2.1.4 a,b). 

C-arm fluoroscopy is positioned at an angle of about 
30°, tilted towards the side of the joint to be injected. 
The angle is adjusted until the joint is well visualized. A 
radio-opaque object, e.g. the tip of a hemostat, is 
positioned over the joint and the skin is marked. 
Thereby, with the aid of fluoroscopy, the insertion point 
is identified. 

A skin wheal is raised and the area is infiltrated with 
lidocaine (lignocaine) 1%. 

A spinal needle is introduced in a vertical direction to 
the skin, until the needle is observed to enter the joint 
space, preferably near the lowest aspect of the joint 
(inferior recess). Confirmation of intra-articular 
placement is made by observation of the needle tip 
remaining on the joint line as the fluoroscope is rotated 
laterally (Fig. 2.1.5). 

After negative aspiration, 0.5 ml of non-ionic radio- 
opaque contrast medium (that is compatible with nerve 
tissue) is injected. 

The correct placement is indicated by outlining the joint 
with non-ionic radio-opaque contrast medium, visible 
on anteroposterior and oblique views (Fig. 2.1.6 a,b). 
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Fig. 2.1.4 


Ultrasound may also be helpful in identifying the facet 
joint (Fig. 2.1.7). 

e When the correct placement of the needle is confirmed, 
lidocaine (lignocaine) 1% 0.5 ml plus corticosteroid, e.g. 
triamcinolone diacetate 25 mg, may be injected and the 
needle removed while clearing with lidocaine 
(lignocaine) 1% 1 ml. 


Confirmation of a successful injection 
e Relief of pain. 


Tips 

e Care must be taken to inject only a small amount of 
volume as described above. A total volume of more than 
1 ml may damage the joint. If the joint is disrupted 
anteriorly, drug may spread to the epidural space. 





Fig. 2.1.5 
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Potential problems 


e Solution may spread to the epidural space via the 
anteromedial capsule. 
e Nerve root injection. 


Fig. 2.1.6 





Lumbar Facet Nerve Injection 


Facet nerve injection may be carried out by placing a 
spinal needle at the point where the superior articular 
and transverse processes join as the median branch 
passes over the cephalad edge of the transverse process 
(Fig. 2.1.8). 

The direct posterior approach should be avoided as the 
needle placement may be obstructed by the superior 
portion of the facet joint. 

Approach to the target site from a lateral oblique angle 
30° to skin is recommended. 

The needle is advanced towards the target site (the 
posterior-superior edge of the transverse process) until 
bone is encountered. 

It is recommended that the transverse process be 
approached first, to determine depth. 

The needle is then repositioned medially until the lateral 
edge of the facet joint is reached. 

The needle is then moved superiorly until it just “falls 
off” the superior edge of the transverse process (Fig. 
2:19); 

The optimum position is obtained by repositioning the 
needle to the postero-superior edge of the transverse 
process. 

The patient may now report reproduction of back pain. 
Injection of lidocaine (lignocaine) 1% 0.5 ml plus 
triamcinolone diacetate 25 mg may be carried out for 
therapeutic effect. Diagnostic blockade may be 
unreliable as anesthesia of a facet joint means that both 
nerves supplying the joint should be blocked. However, 
this means that the joint above and the joint below will 
also be partially blocked and therefore diagnosis of pain 
in a particular joint using nerve block is not feasible. 


Potential problems 


The same potential problems may occur as described for 
lumbar facet joint injection (see above). 
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Fig. 2.1.7 A High-resolution sonogram (15-MHz linear transducer) of vertebral bone L3 immersed in water in the cross-axis view. 

B Corresponding anatomic cross-sectional cadaver preparation. Circles indicate targets. ESM erector spinae muscle; N needle; PM 
psoas muscle; SAP superior articular process; SC spinal channel; TP transverse process; VB vertebral body. (From Greher M, Scharbert 
G, Kamolz LP, et al, Ultrasound-guided lumbar facet nerve block: a sonoanatomic study of a new methodologic approach. 
Anesthesiology 2004; 100:1242-8 © 2004 American Society of Anesthesiologists, Inc. Lippincott Williams & Wilkins, Inc.) 





Fig. 2.1.8 Fig. 2.1.9 
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Ze) CERVICAL FACET JOINT INJECTION 





Anatomy 


The anatomy relevant to injection of the cervical facet 
joints is similar to that relevant to the lumbar facet joints. 
The cervical facet joints below the C2-3 level are 
innervated by the medial branches of the cervical posterior 
primary rami. These divide into lateral and medial 
branches after leaving the posterior spinal canal and the 
splenius capitis muscles cover the medial branch 
posteriorly. The medial branches lie in close proximity to 
the vertebral artery and the epidural space is in close 
proximity to the anterior joint capsule (Fig. 2.2.1). The 
C2-3 facet joint is innervated by the medial branch of the 
third occipital nerve, which travels beneath the tendonous 
origin of the splenius capitis muscle where it may be 
accessed for local anesthetic blockade (Fig. 2.2.2). 






Medial branch 


Equipment 

e 2 ml and 10 ml syringes 

e 25 G needle 

e 22 G spinal needle, end-opening 

e Radio-opaque contrast medium 

e ECG, BP, and SpO,; monitors 

e Resuscitation equipment (see Appendix 3) 


Vertebral artery 


Fig. 2.2.1 
e C-arm fluoroscopy or ultrasound a 
Drugs 
e Lidocaine (lignocaine) 1%, 10 ml (or its equivalent) 
e Corticosteroid if indicated, e.g. triamcinolone diacetate Splenius capitus 
25 mg (or its equivalent) 

ra ; Vertebral 
e Resuscitation drugs (see Appendix 3) pen 
Position of patient 
e Prone. 
e Neck slightly flexed (Fig. 2.2.3). 

: C2-3 joint 
Needle puncture and technique eS 
, 

Caution: injection of 0.5-1 ml of lidocaine (lignocaine) occipital 
1% into the vertebral artery may result in immediate nerve 


convulsion and/or loss of consciousness with possible 

cardiovascular system (CVS) collapse. 

e Intravenous access is inserted. 

e Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The cervical midline and an area of 7 cm x 5 cm 
laterally is cleaned with antiseptic solution. 





e The spinous processes are marked. Fig. 2.2.2 


Fig. 2.2.3 














Fig. 2.2.4 


The insertion point of the needle lies 2-3 cm lateral to 
the cephalic end of the spinous process of the vertebra 
(Fig. 2.2.4). 

C-arm fluoroscopy is positioned at an angle of about 
30°, tilted towards the side of the joint to be injected. 
The angle is adjusted until the joint is well visualized. 
A radio-opaque object, e.g. the tip of a hemostat, is 
positioned over the joint and the skin is marked. 
Thereby, with the aid of fluoroscopy, the insertion point 
is identified. 

A skin wheal is raised and the area is infiltrated with 
lidocaine (lignocaine) 1%. 

A spinal needle is introduced in a vertical direction to 
the skin, until the needle is observed to enter the joint 
space (Fig. 2.2.5). Confirmation of intra-articular 
placement is made by observation of the needle tip 
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Fig. 2.2.5 


remaining on the joint line as the fluoroscope is rotated 
(Fig. 2.2.6) or on ultrasound. 

After negative aspiration, 0.5 ml of non-ionic radio- 
opaque contrast medium (that is compatible with nerve 
tissue) is injected. 

The correct placement is indicated by outlining the joint 
with non-ionic radio-opaque contrast medium, visible 
on anteroposterior and oblique views. 


e When the correct placement of the needle is confirmed, 


lidocaine (lignocaine) 1% 0.5 ml plus corticosteroid, e.g. 
triamcinolone diacetate 25 mg, may be injected and the 
needle removed while clearing with lidocaine 
(lignocaine) 1% 1 ml. 


Confirmation of a successful injection 
e Relief of pain. 
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Fig. 2.2.6 


Tips 


Care must be taken to inject only a small amount of 
volume, as described above. A total volume of more 
than 1 ml may damage the joint. If the joint is disrupted 
anteriorly, a drug may spread to the epidural space. 


Potential problems 


Solution may spread to the epidural space via the 
anteromedial capsule. 

Nerve root injection. 

Intrathecal injection resulting in spinal anesthesia may 
occur if local anesthetic is inadvertently injected into 

the nerve root sleeve. Prompt recognition of this 
complication is vital during cervical procedures, because 
the patient’s breathing may be arrested and there may be 
immediate convulsion and/or loss of consciousness with 
CVS collapse requiring immediate resuscitation. In 
addition, the patient’s head should be immediately 
elevated after the injection to ensure that the lidocaine 
(lignocaine) flows inferiorly. Some practitioners elevate 
the head of the table during all cervical injections to 
help prevent this complication. Intravenous injection 
may be harmless, but it results in a suboptimal or 
false-negative result. 

Intra-arterial injection may result in immediate 
convulsion and/or loss of consciousness with possible 
CVS collapse. Intrarterial injection can be dangerous if 
the agent is injected into the vertebral artery or radicular 
branches that enter the neural foramina at various levels 






3rd occipital 
branch 


Medial branch 


Fig. 2.2.7 


and, rarely, persisting paraplegia or paraparesis have 
been reported after cervical facet joint injection or nerve 
root block. These complications may be due to 
embolism from intra-arterial injection of particulate 
corticosteroid. However, even when contrast injection 
prior to steroid infiltration confirms extravascular needle 
placement, nerve damage may occur, which suggests an 
alternative cause for the complication, such as 
vasospasm or direct arterial injury from the needle-tip. 
Regardless of the cause, contrast injection is 
recommended to at least potentially reduce the risk of 
intravascular injection. Ultrasound will have limitations 
in this regard. 

Hematoma may occur (avoid performing block on 
patients who have coagulopathy). 


CERVICAL FACET NERVE INJECTION 


e Facet nerve injection may be carried out by placing a 


spinal needle at the point where the superior articular and 
transverse processes join as the median branch passes over 
the cephalad edge of the transverse process (Fig. 2.2.7). 
The direct posterior approach should be avoided as the 
needle placement may be obstructed by the superior 
portion of the facet joint. 

Approach to the target site from a lateral oblique angle 
30° to the skin is recommended. 

The needle is advanced towards the target site (the 
posterior—superior edge of the transverse process) until 
bone is encountered. 

It is recommended that the transverse process be 
approached first, to determine depth. 


The needle is then repositioned medially until the lateral 
edge of the facet joint is reached. 

The needle is then moved superiorly until it just “falls 
off” the superior edge of the transverse process. 

The optimum position is obtained by repositioning the 
needle to the posterosuperior edge of the transverse 
process. 

The patient may now report reproduction of back pain. 
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e Injection of lidocaine (lignocaine) 1% 0.5 ml plus 


triamcinolone diacetate 25 mg may be carried out for 
therapeutic effect. Diagnostic blockade may be 
unreliable as anesthesia of a facet joint means that both 
nerves supplying the joint should be blocked. However, 
this means that the joint above and the joint below will 
also be partially blocked and therefore diagnosis of pain 
in a particular joint using nerve block is not feasible. 
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Solder the proper connections to the transistor. For the emitter - connect another 
wire, the wire will be connected to the negative part of the battery. For the base - 
solder the other end of the resistor to the base. For the Collector Solder the unused 
wire of the ferrite toroid. 


Add Tip Ask Question 


Step 6: Soldering the LED 
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2.3 SACRO-ILIAC JOINT INJECTION 





Anatomy e 22 G spinal needle, end-opening 


e Radio-opaque contrast medium 


The surfaces of the sacrum and ilium form a synovial joint, 
e ECG, BP, and SpO, monitors 


the sacro-iliac joint. Ligaments and connective tissue 


surround the joint, conferring stability and preventing ° Resuscitation equipment (see Appendix 3) 
excessive movement of the joint (Figs 2.3.1, 2.3.2). The e C-arm fluoroscopy or ultrasound 

joint is innervated by L4, LS, $1 (the superior gluteal 

nerve), $2, and L3. Localization of the pain is therefore Drugs 


difficult due to this wide nerve supply to the joint. ° Lidocaine (lignocaine) 1%, 10 ml (or its equivalent) 


¢ Corticosteroid if indicated, e.g. triamcinolone diacetate 
Equipment 25 mg (or its equivalent) 


¢ 2 ml and 10 ml syringes e Resuscitation drugs (see Appendix 3) 


° need| iti 
25 G needle Position of patient 


e Prone. 
e Pillow under anterior superior iliac spine to flatten the 
normal lumbar lordosis (Fig. 2.3.3). 






Needle puncture and technique 


Disaligned joint zoe 
e Intravenous access is inserted. 


with pressure 
e¢ Monitors are attached. 
Posterior e Resuscitation equipment and drugs are checked and 
paeroriliar made ready for use. 
ligament . 2 . 
e The sacral area is prepared antiseptically. 
e An AP image is obtained, centered over the joint to be 
injected. 
nae ee e Two joint lines are observed. The posterior joint line is 
located more medial in a direct AP view (Fig. 2.3.4a). 
Sacrospinalis muscle The image intensifier (positioned above the patient) is 
Fig. 2.3.1 rotated toward the opposite side until the two joint lines 




















Fig. 2.3.2 





Fig. 2.3.4 


are superimposed (usually about 10-20°) (Fig. 2.3.45). 
The skin is marked and a skin wheal is raised. The area 
is infiltrated with lidocaine (lignocaine) 1% over the 
joint line 1 cm above the most caudal point of the joint. 

e A 22 or 25 G 3% in spinal needle is advanced no more 
than 1 cm into the joint. Some resistance is usually felt 
as the needle contacts the joint. 

e A lateral view is then obtained. The needle should 
traverse no more than half the distance across the 
sacrum, and should never be advanced beyond the 
anterior cortex. 

e Contrast dye, 0.5 to 1 ml, may be injected to ensure 
intra-articular spread. Intravascular injection is best 
detected during “live” fluoroscopy injection. In the AP 
view, dye should be seen within the joint space. Some 
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Fig. 2.3.6 


extravasation outside the joint is common. If extensive, 
the needle should be repositioned. 

1-2 ml lidocaine 1% is injected alone for diagnostic 
purposes. Reproduction of the patient’s pain during 
needle positioning and injection as well as pain relief 
following the block will help confirm the sacro-iliac 
joint as the pain generator (avoid sedation with opioids 
for diagnostic procedures). 

Corticosteroid, e.g. triamcinolone diacetate 25 mg, plus 
1-2 ml 1% lidocaine may be injected for therapeutic 
effect. 

Ultrasound may also be used to identify the joint 

(Fig. 2.3.5). 

CT scan may also be used to identify the joint but is not 
usually necessary (Fig. 2.3.6). 
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Confirmation of a successful injection 


Reproduction of pain during injection and relief of pain 
following injection confirms correct placement. 
Radiologic assessment of the X-ray image after injection 
of contrast medium may demonstrate tears in the joint 
capsule. 


Tips 


While the joint may be easily entered, injection can be 
difficult where the joint is heavily invested with 
connective tissue and ligaments. This is especially true in 
elderly patients, where the joint is rigid and the joint 
space cannot expand to accommodate a volume of 
liquid. In such cases it may be possible to inject only as 
the needle is being removed from the joint. 


e Sometimes, injection into the deep sacro-iliac ligaments 
around the joint may be helpful for pain relief. 
Introduction of a spinal needle just above the midline 
of the upper sacrum and advanced at 45° to the 
skin, under the rim of the ilium and in the direction 
of the joint, will access these ligaments. Lidocaine 
(lignocaine) 1% 4 ml plus triamcinolone diacetate 
25 mg may then be injected. 


Potential problems 


e Discomfort on injection. 

e Epidural injection. 

e Sacral nerve root blockade. 

e Subperiosteal injection (painful in the awake patient). 


EPIDURAL INJECTION 











Intervertebral disc disease may produce inflammation of 


spinal nerve roots, which may be the cause of radicular pain. 


The L5 and S1 nerve roots are most commonly affected, 
probably because they exit the bony canal through a narrow 
lateral bony recess, therefore increasing the likelihood of 
nerve compression and irritation. Lumbo-sacral 
radiculopathy consists of low-back pain that radiates a 
varying distance into the lower extremity, and which may be 
associated with motor and sensory loss consistent with 
damage to the affected nerve root. If bowel and bladder 
symptoms of dysfunction are present, large midline disc 
protrusion is suspected and prompt surgical intervention is 
indicated. Otherwise, if severe pain exists after treatment 
with immobilization and mild analgesics, epidural steroid 
injection may be carried out. Similarly, pain of thoracic 


or cervical disc origin may respond to epidural steroid 
injection. 

Triamcinolone diacetate is the most commonly 
administered preparation and injection should be carried 
out as close to the affected nerve root as possible. Injection 
of a small amount of local anesthetic with the steroid will 
help to confirm drug placement and provide analgesia. In 
patients with S1 pathology the drug may not spread to the 
affected nerve root using the lumbar approach and the 
caudal approach to the epidural space may be required. 
Cervical epidural injection accesses the cervical spinal nerve 
roots, while in the thoracic region a paramedian approach 
is usually more successful. 
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3.1 LUMBAR EPIDURAL BLOCK 





Anatomy 


Structures encountered when inserting an epidural needle 
include skin, subcutaneous tissue, supraspinous ligament, 
interspinous ligament, ligamentum flavum (5-6 mm thick 
in the midline of the lumbar region, 3-5 mm thick in 

the midline of the thoracic region), prior to reaching the 
epidural space itself (Fig. 3.1.1). Beyond this space lies 

the dura mater, the arachnoid mater and intrathecal space 
containing the cerebrospinal fluid. The spinal cord usually 
ends at the L2 level (Fig. 3.1.2). 

One should expect a distance of 3.5-6 cm from skin to the 
epidural space using a midline approach. In the lumbar 
region the spinous processes are generally perpendicular to 
the vertebral bodies (Fig. 3.1.3). In the thoracic region the 
spinous processes lie at an angle of 30-45° to the thoracic 
vertebral body, thus making midline epidural injection a 
little more difficult, and sometimes necessitating a 
paravertebral approach. Other relevant anatomy of the 
vertebral bodies is illustrated in Fig. 3.1.4. 


Equipment 

e 2 ml and 10 ml syringes 

e 18 G, 20 G, and 25 G needles 

e ECG, BP, and SpO,; monitors 

e 18 G epidural set (Fig. 3.1.5) 

e Filter aspiration needle 

e Resuscitation equipment (see Appendix 3) 
e Fluoroscopy (optional) 

e Ultrasound (optional) 
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Fig. 3.1.1 


Drugs 


Lidocaine (lignocaine) 1%, 10 ml (or its equivalent) 
Corticosteroid if indicated, e.g. triamcinolone diacetate 
50 mg (or its equivalent) 

Saline (NaCl) 10 ml 

Resuscitation drugs (see Appendix 3) 





Fig. 3.1.2 






(a) Cervical 


(b) Thoracic 


Fig. 3.1.3 


Position of patient 


e Lateral, usually lying on the side of the radiculopathy. 
e Shoulders and buttocks parallel to the edge of the bed, 
perpendicular to the floor, with spine flexed. 


Needle puncture and technique 


e Intravenous access is inserted. 

¢ Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The midline and an area 10 cm x 5 cm laterally is 
cleaned with antiseptic solution and a fenestrated drape 
is placed over the sterile area. 

e Lidocaine (lignocaine) 1% 2 ml is drawn up into three 
2 ml syringes. 


e Lidocaine (lignocaine) 1% 2 ml, plus corticosteroid, e.g. 


triamcinolone diacetate 50 mg is drawn up into the 
10 ml syringe. 

e NaCl 10 ml is drawn up into the 10 ml loss-of- 
resistance syringe. 

e The iliac crest is palpated and the intercrestal line (this 
corresponds with the inferior aspect of the spinous 
process of L4 or may lie in the L4—5 interspace) is 
identified (Fig. 3.1.6). 

e The spinous processes are palpated, and the level 
requiring injection is identified. 

e This may be confirmed by fluoroscopy or ultrasound. 
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Fig. 3.1.5 


MIDLINE APPROACH FOR 
THE RIGHT-HANDED OPERATOR 


With the left hand 
e The fore- and middle fingers are placed each side of the 
interspace. 
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e These fingers are kept in place until the epidural needle 
is gripped by the interspinous ligament. 


With the right hand 

e The interspinous ligament is infiltrated with lidocaine 
(lignocaine) 1% 2 ml. 

e The epidural needle is inserted, bevel facing the side of 
the radiculopathy, between the fore- and middle fingers 
of the left hand in a direction 60° cephalad, 
perpendicular to the spine, parallel to the floor, until it 
is gripped by the interspinous ligament (Fig. 3.1.7 a,b). 
In the case of thoracic epidural injection (midline 
approach), the point of entry of the needle should be as 
close as possible to the caudal end of the interspinous 
space and the needle directed 30-45° cephalad to enter 
between the spinous processes. 

e The hub of the needle is gripped with the fore- and 
middle fingers of the left hand and this hand is steadied 
by leaning the wrist against the patient’s back. 

e The stylet is removed and the loss-of-resistance syringe 
is applied. 





Fig. 3.1.7 


The needle is slowly and carefully advanced, while 
constant pressure is applied to the plunger, the left hand 
aiding the advance, while at the same time applying a 
brake if required (Fig. 3.1.8 a,b). 

At the point at which the needle enters the ligamentum 
flavum, absolute resistance to injection is experienced. 
At this point the needle is advanced very slowly until a 
sudden loss of resistance to the pressure on the plunger 
is experienced, the point at which the epidural space is 
entered. 

After negative aspiration for blood or cerebrospinal fluid 
(CSF), lidocaine (lignocaine) 1% 3 ml is injected. 

After 5 minutes the patient is questioned about any 
changes in sensation or power, and any changes in heart 
rate or blood pressure are noted. 

If the injection is for diagnostic purposes only, the 
needle may be removed at this point. 

If therapeutic effect is required, lidocaine (lignocaine) 
1% 2 ml, plus corticosteroid if indicated, e.g. 
triamcinolone diacetate 50 mg (or its equivalent), may 
be injected. Alternatively, a catheter may be inserted 
through the needle if indicated. 

The needle is flushed with NaCl 1 ml and removed. 
The patient is allowed to lie in the lateral position, on 
the side of the pain. 

















Fig. 3.1.8 


Monitors should be left attached and i.v. access left in 
situ for at least 30 minutes. 

The patient is advised to contact the hospital should the 
anesthesia remain after several hours. 


FLUOROSCOPIC GUIDED LUMBAR 
EPIDURAL INJECTION 


Position the patient prone with a pillow under the lower 
abdomen to increase lumbar flexion. 

The interlaminar space for the desired segmental level is 
identified fluoroscopically using a straight AP view. 
Angling the fluoroscope slightly cephalad may open the 
space if it appears very narrow. 

Prepare skin with antiseptic and sterile drape. 

Raise a local anesthetic skin wheal just below the 
interlaminar space, about 0.5 cm from the midline 
toward the symptomatic side. 

Advance the Tuohy needle, angling slightly toward the 
midline until resistance of the ligamentum flavum is 
encountered, keeping the trajectory just lateral to the 
midline to avoid contacting the spinous process. Repeat 
imaging periodically to ensure that the needle is 
approaching the space, not the lamina or spinous 
process (see Fig. 3.1.9). Advance the needle through the 
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Fig. 3.1.9 





ligamentum flavum using a loss of resistance technique 
with air or saline. Once loss of resistance is achieved, 
obtain a lateral view to ensure the needle is barely into 
the bony spinal canal. 


e Attach a low volume extension set to the needle, 
aspirate to ensure there is no blood return, and inject 
0.5-1 ml of non-ionic contrast medium during live 
fluoroscopy. Dye should be seen spreading within the 
bony canal (see Fig. 3.1.10). Prior to injecting local 
anesthetic or steroid, obtain an AP view to reconfirm 
epidural spread. 
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Aspirate again, then inject local anesthetic (1-2 ml) and 
50 mg triamcinolone diacetate or equivalent. 

Loss of resistance is occasionally encountered with the 
needle superficial to the epidural space. Dye will be seen 
dorsal to the epidural space on the lateral view, and 
spread lateral to the spinal canal will be seen on the AP 
view. The needle can then be advanced through the 
ligamentum flavum, again using loss of resistance, 
followed by dye confirmation. 


Confirmation of a successful block 


Relief of pain. 

Anesthesia in the distribution of the blocked nerves. 
For lumbar epidural steroid injection, improvement in 
straight-leg raising may be evident. 


Tips 


Air may be used instead of NaCl to determine loss of 
resistance. If this technique is used it is advisable to 
avoid constant pressure on the plunger, as the air is 
compressible; instead it should be bounced intermittently 
with the thumb to test for resistance and loss of 
resistance. 

Advocates claim identification of CSF is easier with this 
technique. 

Advocates of the use of NaCl point out that absolute 
resistance to pressure identifies the ligamentum flavum, 
and that by applying constant pressure to the plunger 
one can identify loss of resistance earlier, thereby more 
easily avoiding the possibility of dural tap. 

An epidural catheter may be inserted through the needle 
and the needle removed, taking care not to withdraw 
the catheter when removing the needle. However, a test 
dose of lidocaine (lignocaine) 1% 4 ml with/without 
epinephrine (adrenaline) 1:200000 is given after 
insertion, before any injection through the catheter is 
carried out. 

Ultrasound may guide the insertion of the needle as 
spinous proccesses are easily visible on ultrasound 
(optional) (Fig. 3.1.11). 





Fig. 3.1.11 


Injection of radio-opaque dye under direct fluoroscopy 
can confirm epidural placement. 

Insertion of a radio-opaque epidural catheter may be 
carried out also under fluoroscopy. 


Potential problems 
IMMEDIATE 


Failure to locate epidural space (sitting position may be 
successful). 

Intravascular injection (test dose important); addition of 
epinephrine (adrenaline) to test dose may help 
identification of intravascular injection. 

Intrathecal injection (test dose important). 

Hypotension due to sympathetic blockade (give i.v. fluid; 
consider ephedrine). 

Headache (possible dural puncture). 

Allergic reaction. 


LATER 


Infection (epidural abscess; bacterial meningitis). 
Aseptic meningitis; usually a result of intrathecal 
injection (test dose important). 

Cushingoid symptoms; usually as a result of repeated 
steroid injections. 
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2 | HORACIC EPIDURAL BLOCK 





Anatomy Position of patient 

In the thoracic region, the spinous processes lie at an angle ¢ Lateral, usually lying on the side of the radiculopathy. 
of 30-45° to the thoracic vertebral body (Fig. 3.2.1 a,b) e Shoulders and buttocks parallel to the edge of the bed, 
thus making midline epidural injection a little more perpendicular to the floor, with spine flexed. 

difficult, and sometimes necessitating a paramedian 

approach (Fig. 3.2.2 a-d). Needle puncture and technique 


Intravenous access is inserted. 


Monitors are attached. 


Equipment 

e 2 ml and 10 ml syringes 

e 18 G, 20 G, and 25 G needles 

e ECG, BP, and SpO, monitors 

e 18 G epidural set 

e Resuscitation equipment (see Appendix 3) 


Resuscitation equipment and drugs are checked and 
made ready for use. 


The midline and an area 10 cm x 5 cm laterally is 
cleaned with antiseptic solution and a fenestrated drape 
is placed over the sterile area. 


Lidocaine (lignocaine) 1% 2 ml is drawn up into three 
e Fluoroscopy or ultrasound (optional) 2 ml syringes. 


Lidocaine (lignocaine) 1% 2 ml, plus corticosteroid, e.g. 
triamcinolone diacetate 50 mg, is drawn up into the 
10 ml syringe. 


Drugs 


e Lidocaine (lignocaine) 1%, 10 ml (or its equivalent) ¢ NaCl 10 ml is drawn up into the 10 ml loss-of- 
¢ Corticosteroid if indicated, e.g. triamcinolone diacetate resistance syringe. 
50 mg (or its equivalent) e The spinous processes are palpated, and the level 
e Saline (NaCl) 10 ml requiring injection is identified. 
e Resuscitation drugs (see Appendix 3) e This may be confirmed by fluoroscopy or ultrasound. 
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Fig. 3.2.1 





Solder the shorter wire of the LED to the tansistor's emitter and the longer part of 


the LED to the transistor's collector. After all that, you can now trim the excess 
wires. 


Add Tip Ask Question 


Step 7: Time to Look for Old Batteries 
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Epidural injection 


Lumbar epidural 
(a) Midline 


(b) Paraspinous 


Fig. 3.2.2 


Paramedian approach 


FOR THE RIGHT-HANDED OPERATOR 


With the left hand 
e The fore- and middle fingers are placed each side of the 


interspace. 


e These fingers are kept in place until the epidural needle 


is gripped by the interspinous ligament. 


With the right hand 
e The interspinous ligament is infiltrated with lidocaine 


(lignocaine) 1% 2 ml. 


e The insertion point of the epidural needle in the 


paravertebral approach lies 1 cm lateral to the 
midline, at the lower border of the spinous process 
(Fig. 3.2.3 a,b). The epidural needle is inserted, bevel 
facing the side of radiculopathy, between the fore- and 
middle fingers of the left hand, perpendicular to the 
spine, parallel to the floor, until it is gripped by the 
interspinous ligament. 

The direction of the needle is 130° cephalad and 15° 
medial to the midline. Care must be taken as the 
ligamentum flavum is not as thick laterally, and may not 
be identified as easily. Therefore, it is usually easiest to 
first identify the lamina and walk the needle off the 


Thoracic epidural 


(a) Midline 


(b) Paraspinous 











\) (a) 
©) 17 











lamina in a cephalad direction until the needle enters the 
ligamentum flavum. At that point the loss-of-resistance 
technique may be performed. 

The hub of the needle is gripped with the fore- and 
middle fingers of the left hand and this hand is steadied 
by leaning the wrist against the patient’s back. 

The stylet is removed and the loss-of-resistance syringe 
is applied. 

The needle is slowly and carefully advanced until the 
osseous endpoint of the lamina is encountered. 

It is then walked off the lamina in the cephalad 
direction until it enters the ligamentum flavum. 

At the point at which the needle enters the ligamentum 
flavum, absolute resistance to injection is experienced. 
It is then carefully advanced further while constant 
pressure is applied to the plunger, the left hand aiding 
the advance, while at the same time applying a brake if 
required (Fig. 3.2.4, viewed from above). 

The needle is advanced very slowly until a sudden loss 
of resistance to the pressure on the plunger is 
experienced, the point at which the epidural space is 
entered. 

After negative aspiration for blood or cerebrospinal 
fluid, lidocaine (lignocaine) 1% 2 ml is injected. 







Transverse 
process 


Spinous process 


Paramedian 
approach 
(spinal or epidural) 








Midline approach 
(spinal or epidural) 

















Fig. 3.2.3 


After 5 minutes the patient is questioned about changes 
in sensation or power, and any changes in heart rate or 
blood pressure are noted. 

If the injection is for diagnostic purposes only, the 
needle may be removed at this point. 

If therapeutic effect is required, lidocaine (lignocaine) 
1% 2 ml plus corticosteroid, e.g. triamcinolone diacetate 
50 mg, may be injected. 

The patient is allowed to lie in the lateral position, on 
the side of the pain. 

Monitors should be left attached and i.v. access should 
remain in situ for at least 30 minutes. 
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Fig. 3.2.4 


e The patient is advised to contact the hospital should 
anesthesia remain after several hours. 


Confirmation of a successful block 
e Relief of pain. 
e Anesthesia in the distribution of blocked nerves. 


¢ For lumbar epidural steroid injection, improvement in 
straight-leg raising may be evident. 


Tips 

e Air may be used instead of NaCl to determine loss of 
resistance. If this technique is used it is advisable to 
avoid constant pressure on the plunger, as the air is 
compressible; instead the plunger should be bounced 
intermittently with the thumb to test for resistance and 
loss of resistance. 

e Advocates claim identification of CSF is easier with this 
technique. 

e Advocates of the use of NaCl point out that absolute 
resistance to pressure identifies the ligamentum flavum, 
and that by applying constant pressure to the plunger 
one can identify loss of resistance more immediately, 
thereby avoiding the possibility of dural tap more 
easily. 

e An epidural catheter may be inserted through the needle 
and the needle removed, taking care not to withdraw 
the catheter when removing the needle. However, a test 
dose of lidocaine (lignocaine) 1% 4 ml with epinephrine 
(adrenaline) 1:200000 is given after insertion, before 
any injection through the catheter is carried out. 

e Identification of the insertion point may be aided by 
ultrasound (Fig. 3.2.5). 

e Injection of radio-opaque dye under direct fluoroscopy 
can confirm epidural placement. 

e Insertion of a radio-opaque epidural catheter may be 
carried out also under fluoroscopy. 


CHAPTER 





Epidural injection 


e Intravascular injection (test dose important); addition of 
epinephrine (adrenaline) to test dose may help 
identification of intravascular injection. 

e Intrathecal injection (test dose important). 

e Hypotension due to sympathetic blockade (give i.v. fluid, 
consider ephedrine). 

e Headache (possible dural puncture). 

e Allergic reaction. 

e Spinal cord injury may occur if the epidural space is not 
recognized. Deep sedation should be avoided during 
needle insertion and drug injection. 


LATER 
e Infection (epidural abscess, bacterial meningitis). 





Fig. 3.2.5 e Aseptic meningitis, usually the result of intrathecal 
injection (test dose important). 
e Cushingoid symptoms (usually as a result of repeated 


injections). 
Potential problems e Epidural hematoma. This complication should be 
suspected when sensory or motor function loss occurs 
IMMEDIATE minutes to hours after the procedure. Immediate 
e Failure to locate epidural space (sitting position may be diagnostic imaging (CT or MRI) is essential. Prompt 


successful). surgical decompression may be required. 
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fe) CERVICAL EPIDURAL BLOCK 





Anatomy 

In the cervical region, the spinous processes are almost 
perpendicular to the vertebral bodies, especially in the 
lower part. They also widen and become bifid. As a result, 
insertion of the needle is often easy. However, it must be 
remembered that the epidural space is relatively narrow in 
this area (2-4 mm), and that the spinal cord lies very close 
to it (Fig. 3.3.1 a,b). Most workers prefer to use the 
“hanging drop” technique when accessing the cervical 
epidural space, as there exists a significant negative 
pressure in the cervical region in the sitting position. 


Equipment 

e 2 ml, 5 ml, and 10 ml syringes 

e 18 G, 20 G, and 25 G needles 

e ECG, BP, and SpO,; monitors 

¢ 18 G epidural set 

e Resuscitation equipment (see Appendix 3) 
e Fluoroscopy or ultrasound (optional) 


Drugs 

e Lidocaine (lignocaine) 1%, 10 ml (or its equivalent) 

e Corticosteroid if indicated, e.g. triamcinolone diacetate 
50 mg (or its equivalent) 

e Saline (NaCl) 10 ml 

e Resuscitation drugs (see Appendix 3) 


Position of patient 
e Sitting. 
e Head flexed forward. 


Needle puncture and technique 


e Intravenous access is inserted. 

e Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The midline and an area 10 cm x 5 cm laterally is 
cleaned with antiseptic solution and a fenestrated drape 
is placed over the sterile area. 

e Lidocaine (lignocaine) 1% 2 ml is drawn up into two 
2 ml syringes. 

e Lidocaine (lignocaine) 1% 1 ml plus corticosteroid, e.g. 
triamcinolone diacetate 50 mg, is drawn up into a 5 ml 
syringe. 

e NaCl 10 ml is drawn up into a 10 ml syringe. 

e The patient is allowed to sit up straight for a moment, 
and the spinous process of T3, which lies opposite the 











‘ Epidural space 
\ N ~ Spinal cord 
Dura matter —_ || SS 


Ligament 





Subarachnoid space 





Ligamentum 
flavum 








Interspinous 
ligament 











Supraspinous 


ligament | ZZ 




















Fig. 3.3.1 


root of the spine of the scapula, is identified and 
marked. The prominent spinous process of C7 (vertebra 
prominens) is identified (Fig. 3.3.2) and marked 

(Fig. 3.3.3 a,b). Ultrasound can be used to guide needle 
placement (Fig. 3.3.3 c,d). The interspace to be used for 
epidural injection is also marked. 


Fig. 3.3.2 


CHAPTER 
Epidural injection 


FOR THE RIGHT-HANDED OPERATOR 
With the left hand 


The fore- and middle fingers are placed each side of the 
interspace. 

These fingers are kept in place until the epidural needle 
is gripped by the interspinous ligament. 


With the right hand 


The interspinous ligament is infiltrated with lidocaine 
(lignocaine) 1% 2 ml. 

The epidural needle is inserted, bevel facing caudad, 
between the fore- and middle fingers of the left hand in 
a direction 60° cephalad, until it is gripped firmly by the 
interspinous ligament. 

The hub of the needle is gripped with the fore- and 
middle fingers of the left hand and this hand is steadied 
by leaning the wrist against the patient’s spine. 

The stylet is removed. 

The hub of the epidural needle is filled with saline 

(Fig. 3.3.4) such that a “hanging drop” appears (Fig. 3.3.5). 


With both hands 


The wings of the epidural needle are gripped with each 
hand, steadying the hands by resting the wrists against 
the posterior thoracic wall (Fig. 3.3.6). 

The needle is slowly and carefully advanced with both 
hands. 

It is prudent periodically to confirm high resistance of 
the needle in the ligament by testing with an air-filled 
syringe, then replace the stylet to make sure there is no 
tissue blocking the needle before resuming the “hanging 
drop” technique. 





Fig. 3.3.3 


Fig. 3.3.3 


, cont’d 





Fig. 3.3.5 





3.3. Cervical epidural block 





The “hanging drop” at the hub of the needle is watched 
closely, and the patient is asked periodically about the 
presence of paresthesia. 

At the point at which the epidural needle enters the 
epidural space, the drop should appear to be sucked 
into the needle (Figs 3.3.7, 3.3.8). 

After negative aspiration for blood or CSE, lidocaine 
(lignocaine) 1% 2 ml is injected. 

After 1-2 minutes the patient is questioned about 
changes in sensation or power, and any changes in heart 
rate or blood pressure are noted. 

If the injection is for diagnostic purposes only, the 
needle may be removed at this point. 

If therapeutic effect is required, lidocaine (lignocaine) 
1% 1 ml plus corticosteroid, e.g. triamcinolone diacetate 
50 mg, may be injected. 

The patient is allowed to lie in the lateral position, on 
the side of the pain. 

Monitors should be left attached and i.v. access kept in 
situ for at least 30 minutes. 


CHARTER 


Epidural injection 





Fig. 3.3.6 Fig. 3.3.8 


e Identify targeted interlaminar space (T1-2, C7-T1, or 
C6-7) in direct AP fluoroscopic view. Adjust angle 
upward or downward slightly to maximize view of 
interlaminar space. 

e Mark skin over lower border of T1-2, C7-T1 
(preferred) or C6-7 interlaminar space just lateral to 
the midline. Do not perform epidural injection above 
C6-7 because of absence of midline epidural fat at 

Fig. 3.3.7 higher levels. 





ae . . e Prepare skin with antiseptic and sterile drape. 
e Ultrasound may aid in identifying the interspinous space 


; as e Provide only minimal sedation or no sedation. Instruct 
as spinous processes are easily visible. 


patient to report any pain or paresthesia during the 


FLUOROSCOPIC GUIDED CERVICAL procedure. 

EPIDURAL INJECTION e Infiltrate skin and subcutaneous tissue with lidocaine 

e Check MRI to ensure that the spinal cord is not (lignocaine) 1%. 
displaced posteriorly. If the posterior epidural space is e Advance the Tuohy needle through the insertion point 
compromised or the spinal cord is shifted posteriorly, into the interspinous ligament and check the fluoroscopy 
it is safer to enter the upper thoracic epidural space image to ensure the needle tip is directed toward the 
and advance a radio-opaque catheter to the low midline (Fig. 3.3.9). 
cervical level. e Begin to advance through the ligament using loss of 

e Position patient prone, with pillow under shoulders, resistance with air or saline. Check lateral view if 
neck flexed, arms at sides, shoulders as far downward as possible (may be obscured by the shoulders). Proceed 


possible. with needle advancement. When loss of resistance 
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Fig. 3.3.9 Fig. 3.3.10 


occurs, recheck the lateral view. If unable to visualize the 
spinal canal, obtain slightly oblique view (Fig. 3.3.10). 

e Attach a low volume extension set to the needle and 
inject a small volume (1 ml or less) of non-ionic contrast 
medium under live fluoroscopy, preferably in lateral 
view (AP or oblique view is used if this is not possible) 
(Fig. 3.3.11), then observe the AP view to confirm 
epidural dye spread. 

e Aspirate to ensure there is no blood return, then inject 
1-2 ml lidocaine (lignocaine) 1% followed by 25-50 mg 
triamcinolone diacetate or equivalent. 





Confirmation of a successful block 
e Relief of pain. 


Tips ° Intravascular injection; addition of epinephrine 
(adrenaline) 1:200000 to the test dose may aid 
e Loss-of-resistance techniques may also be used to access identification of intravascular injection. 
the cervical epidural space. ‘ 


Headache (possible dural puncture). 
e The steroid may be given soon after the test dose, as ; 


hypotension may be a problem if the patient remains in 
the sitting position. 


Allergic reaction. 

e Spinal cord injury may occur if the epidural space is not 
recognized. Deep sedation should be avoided during 
needle insertion and drug injection. 


Potential problems 


LATER 

IMMEDIATE e Infection (epidural abscess, bacterial meningitis). 

e Failure to locate epidural space (lateral position with e Aseptic meningitis, usually the result of intrathecal 
loss of resistance technique may be successful). injection (test dose important). 

e Pain on injection (caution: close proximity to e Cushingoid symptoms (usually as a result of repeated 
spinal cord). injections). 

e Intrathecal injection (test dose important). e Epidural hematoma. This complication should be 

e Hypotension + bradycardia due to sympathetic blockade suspected when sensory or motor function loss occurs 
(maximum 3 ml local anesthetic administered in this minutes to hours after the procedure. Immediate 
technique). diagnostic imaging (CT or MRI) is essential. Prompt 


e Vasovagal syncope is common in young adult patients. surgical decompression may be required. 
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Epidural injection 


3.4 CAUDAL EPIDURAL BLOCK 





Anatomy 


Injection of anesthetic through the sacral hiatus allows 
access to the sacral epidural space or caudal anesthesia. 
The sacrum is roughly triangular in shape and is made up 
of five fused sacral vertebrae (Fig. 3.4.1). Its dorsal aspect 
is convex and there is a midline sacral canal that allows 
passage of the sacral nerves through four pairs of foramen, 
anteriorly and posteriorly. At the caudal end lies the 
coccyx, and at the cephalad end lies the fifth lumbar 
vertebra. The posterior wall of $5, and sometimes S4, is 
unfused. The thick fibrous sacro-coccygeal membrane or 
sacral hiatus covers the defect. This may be variable in size 
as the posterior wall of other sacral vertebrae may also be 
unfused. Penetration of this membrane allows access to the 
sacral epidural space. 


Equipment 

e 2 ml, 5 ml, and 20 ml syringes 

e 18 G, 20 G, and 25 G needles 

e 22 G, 3-5 cm short-bevel needle, with stylet 
e ECG, BP, and SpO,; monitors 

e Resuscitation equipment (see Appendix 3) 

e Fluoroscopy or ultrasound (optional) 


Drugs 

e Lidocaine (lignocaine) 1%, 10 ml (or its equivalent) 

e Corticosteroid if indicated, e.g. triamcinolone diacetate 
50 mg (or its equivalent) 






Sacral cornua 





Sacro-coccygeal 
ligament 


Fig. 3.4.1 


e Saline (NaCl) 10 ml 
e Resuscitation drugs (see Appendix 3) 


Position of patient 

e Prone. 

e Pillow under abdomen and/or operating table broken to 
allow flexion of the lumbo-sacral spine. 


e Lower limbs abducted 15°, toes rotated to point 
towards the opposite foot (Fig. 3.4.2). 


Needle puncture and technique (adult) 


e Intravenous access is inserted. 

e Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The midline and an area 10 cm x 5 cm laterally is 
cleaned with antiseptic solution and a fenestrated drape 
is placed over the sterile area. 





Fig. 3.4.2 


e Lidocaine (lignocaine) 1% 2 ml is drawn up into three 
2 ml syringes. 

e Lidocaine (lignocaine) 1% 15 ml plus corticosteroid, e.g. 
triamcinolone diacetate 50 mg, is drawn up into the 
20 ml syringe. 

e NaCl 10 ml is drawn up into the 10 ml syringe. 


FOR THE RIGHT-HANDED OPERATOR 


With the left hand 

e The posterior superior iliac spines are identified. 

e The sacral cornua (the unfused spinous processes of S5) 
are also identified and marked. 

e Between the cornua lies the base of the sacral hiatus, a 
roughly triangular fibroelastic structure. 

e The index and middle fingers of the left hand are placed 
on each of the sacral cornua (Fig. 3.4.3). 

e The insertion point lies between these two fingers. 


With the right hand 

e The insertion point is infiltrated with lidocaine 
(lignocaine) 1% 2 ml. 

e The 22 G short-bevel needle with stylet is inserted at an 
angle of 45° to the skin (Fig. 3.4.4. a,b). Ultrasound can 
be used to guide needle placement (Fig. 3.4.4c). 

e As the needle passes through the fibroelastic sacral 
hiatus, a “pop” may be experienced, although this is not 
always evident in adults, and bone may be contacted. 

e After passing through the sacral hiatus, the needle is 
withdrawn a little, and redirected to an angle to the skin 
of 15-20° (Fig. 3.4.5). This should allow further 
advancement of 1-2 cm, as the needle enters the long 
axis of the caudal epidural space. 

e After negative aspiration, lidocaine (lignocaine) 1% 2 ml 
is injected. 





Sacral cornua 





Fig. 3.4.3 
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e After 5 minutes the patient is questioned about changes 
in sensation or power of the lower limbs, and any 
changes in heart rate or blood pressure are noted. 

e Then lidocaine (lignocaine) 1% 5-15 ml plus 
corticosteroid, e.g. triamcinolone diacetate 50 mg, may 
be injected in order to promote spread to upper sacral 
and lower lumbar segments (a volume of at least 10 ml 
should be used if the symptoms are at the level of S1 
nerve root or higher) (Fig. 3.4.6). The needle is then 








Fig. 3.4.4 
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Use your battery tester to confirm that your battery is close to death. The tester is 
only an optional tool, it's just used to determine the battery's remaining power. 





CHARTER 


Epidural injection 





Fig. 3.4.5 





Fig. 3.4.6 


removed while clearing it with lidocaine (lignocaine) 1% 


2 ml. 

Monitors should be left attached and i.v. access kept in 
situ for at least 30 minutes. 

It is prudent to warn the patient about possible loss of 
sensation and or power of one or both lower limbs. 


FLUOROSCOPIC GUIDED CAUDAL 
EPIDURAL INJECTION 


This approach may be used for treating LS or S1 
radiculopathy. It is a reasonable alternative to the 
interlaminar approach when surgery has disrupted the 
posterior spinal anatomy. 

Position the patient prone. 

Locate the sacral hiatus using the sacral cornua as 
landmarks. 

Prepare skin with antiseptic and sterile drape. 

Place the tip of a sterile blunt instrument over the sacral 
hiatus and obtain a lateral fluoroscopic view of the 
sacrum. 

Raise a skin wheal with 1% lidocaine (lignocaine) just 
below the sacral hiatus and infiltrate with lidocaine 
down to the sacral hiatus with a small gauge needle. 





Fig. 3.4.7 


Advance a Tuohy needle at a 45° angle to the skin 
through the sacral hiatus, checking a lateral fluoroscopic 
view to make sure the needle has entered the spinal 
canal. Lower the needle angle and advance the needle 
slightly. Recheck lateral fluoroscopy to ensure the needle 
is in the spinal canal. 

Aspirate to rule out intravascular placement and 

inject 0.5-1 ml contrast medium under live 

fluoroscopy. Check a lateral and AP image to ensure 
epidural spread. 


If no epidural catheter is used, inject a mixture of local 
anesthetic and steroid. Inject 10 ml 0.5% lidocaine plus 
50 mg triamcinolone diacetate. This volume should be 
sufficient to reach the L5 or S1 nerve roots. 


Alternatively, a radio-opaque catheter can be inserted 
through the needle and advanced to the desired level. 
Check the catheter position in both AP and lateral 
views (Fig. 3.4.7). Attach the injection hub to the 
catheter and inject 0.5-1 ml contrast medium 

under live fluoroscopy, rechecking dye spread in both 
AP and lateral views (Fig. 3.4.8). Inject 1-2 ml 1% 
lidocaine plus 50 mg triamcinolone diacetate or 
equivalent. 


Confirmation of a successful block 

e Relief of pain. 

e Anesthesia or diminished sensation in distribution of 
blocked nerves. 

e Improvement in straight-leg raising (although for sacral 
nerve root-related pain, this may not have been positive 
prior to caudal blockade). 


Tips 

e After location of the caudal epidural space, the left hand 
may be placed over the sacral hiatus while 10 ml saline 
is rapidly injected (Fig. 3.4.6). Misplacement of the 
needle in the subcutaneous tissue (Fig. 3.4.9) should be 
evident if the injection is appreciated by the palpating 
left hand. 

e Subperiosteal injection in the awake patient will cause 
pain (Fig. 3.4.10). The needle angle is important as the 
tip may come to lie anterior to the sacrum (Fig. 3.4.11). 

e Anatomic variations exist in many patients, making 
access to the caudal epidural space difficult or impossible. 
Fluoroscopy using lateral views is useful to confirm the 
epidural needle position. Ultrasound may also be helpful 
in identifying the sacro-coccygeal membrane. 
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Fig. 3.4.11 


Potential problems 
IMMEDIATE 


Failure to locate epidural space. 

Intravascular injection (test dose important); addition of 
epinephrine (adrenaline) to test dose may help 
identification of intravascular injection. 

Intrathecal injection, rare but possible (test dose 
important). 

Hypotension due to sympathetic blockade (give i.v. fluid, 
consider ephedrine). 

Transient exacerbation of radiculopathic pain (caution 
patient). 

Headache (possible dural puncture, rare). 

Allergic reaction. 


LATER 


Infection (epidural abscess, bacterial meningitis). 
Aseptic meningitis, usually the result of intrathecal 
injection (test dose important). 

Cushingoid symptoms (usually as a result of repeated 
injections). 

Infection (epidural abscess). 

Epidural hematoma. 


CHAPTER 


Epidural injection 


3.5 LONG-TERM EPIDURAL CATHETER INSERTION 





Anatomy 
As described for lumbar epidural block in Section 3.1. 


Equipment 


2 ml and 10 ml syringes 

18 G, 20 G, and 25 G needles 

ECG, BP, and SpO, monitors 

18 G epidural set 

Epidural catheter passer 

A surgical pack, including small scalpel and suture set 
Resuscitation equipment (see Appendix 3) 
Fluoroscopy or ultrasound (optional) 


Drugs 


Lidocaine (lignocaine) 1% (preservative free) 20 ml (or 
its equivalent) 

Lidocaine (lignocaine) 1% (preservative free) 4 ml plus 
epinephrine (adrenaline) 1:200000 

Saline (NaCl) 10 ml 


Position of patient 


Lateral, lying on side of radiculopathy (Fig. 3.5.1). 
Shoulders and buttocks parallel to the edge of the bed, 
perpendicular to the floor, with spine flexed. 


Needle puncture and technique 


Intravenous access is inserted. 

Monitors are attached. 

Resuscitation equipment and drugs are checked and 
made ready for use. 

The midline and an area 10 cm x 5 cm laterally is 
cleaned with antiseptic solution and a fenestrated drape 
is placed over the sterile area. 

Lidocaine (lignocaine) 1%, 2 ml is drawn up into three 
2 ml syringes. 

Lidocaine (lignocaine) 1% 10 ml is drawn up into one 
10 ml syringe. 





Fig. 3.5.1 


NaCl 10 ml is drawn up into the 10 ml loss-of- 
resistance syringe. 

An epidural catheter is inserted through the needle as 
previously described, 5-6 cm into epidural space (see 
Section 3.1). 

The needle is withdrawn 1-1.5 cm, but is not removed. 
After negative aspiration, a test dose of lidocaine 
(lignocaine) 1% 4 ml, with epinephrine (adrenaline) 
1:200000, is given. After 5 minutes the patient is 
questioned about changes in sensation or power, and 
any changes in heart rate or blood pressure are noted. 
After a negative reaction lidocaine (lignocaine) 1% 

10 ml is injected slowly over 10 minutes. Assessment of 
the level of blockade is carried out after a further 

15 minutes. 

Subcutaneous infiltration around the epidural needle 
with lidocaine (lignocaine) 1% is carried out. Note: a 
small incision is made to include the epidural needle 
(Fig. 3.5.2). 

A purse string suture is placed around the epidural 
needle, but is not tied (Fig. 3.5.3). 

Another small incision in the lateral abdominal wall is 
made after subcutaneous infiltration with lidocaine 
(lignocaine) 1% (Fig. 3.5.4). A catheter passer is 
tunneled through the subcutaneous tissue between the 
two incision sites. 

A catheter is manually bent to a curve and tunneled 
through the subcutaneous tissue between the two 
incision sites in the direction from the abdominal site to 
the epidural needle site (Fig. 3.5.5). 

The epidural needle is carefully removed (Figs 3.5.6, 
edad): 

The catheter is secured to subcutaneous tissue in the 
midline by tightening the purse string suture (Fig. 3.5.8). 


e The catheter is further secured using an angle piece and 


then threaded in a lateral direction through the catheter 





Fig. 3.5.2 





Fig. 3.5.3 





Fig. 3.5.4 





Fig. 3.5.5 
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Fig. 3.5.6 


Fig. 3.5.7 
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Fig. 3.5.8 


passer from the needle site to the abdominal wall site 
and connections are secured (Fig. 3.5.9). 

e A pump may be placed in the abdominal wall site and 
the skin incisions closed. 


Confirmation of a successful block 
e Relief of pain. 


e Anesthesia or diminished sensation in the distribution of 
affected nerves. 


Tips 
e Injection of radio-opaque dye under direct fluoroscopy 
can confirm epidural placement. 




















Fig. 3.5.9 


e Insertion of a radio-opaque epidural catheter may be 
carried out also under fluoroscopy. 
e Ultrasound may aid insertion 


Potential problems 


e As described for lumbar epidural block in Section 3.1. 

e However, in view of the long-term nature of epidural 
catheter implantation, any symptoms of infection should 
be immediately investigated and treated. 

e Epidural catheters should not be inserted or removed 
during anticoagulation. Coagulation and platelet 
function should be normalized before catheter removal. 


SOMATIC NERVE BLOCKADE 











Mechanical nerve root compression was originally thought 
to be the cause of pain in discogenic radiculopathy. 
However, it has been found that many asymptomatic 
patients demonstrate substantial disc protrusion on 
magnetic resonance (MR) imaging, myelography and 
subsequent autopsy examination. In addition, surgical 
decompression does not result in uniform success in the 
relief of such pain. Following a period of mechanical 
nerve-root compression it is likely that an acute 
inflammatory process ensues, resulting in intraneural 
accumulation of serum proteins and fluid, raised 
intraneural pressure, ischemia and axonal degeneration. 
Degenerating glycoprotein material from the 

nucleus pulposis may also contribute to the 
inflammatory process. 


There are many situations in which injection of spinal 
nerve roots with local anesthetic may be helpful in the 
diagnosis of radicular pain. These include those where 
investigations including electromyography, computer 
tomography (CT) or MR imaging are not consistent with 
the clinical findings, where there are multiple levels of 
pathology, and after spinal surgery with subsequent 
scarring in the area of the surgery. In addition, the 
contribution of the somatic nerve root may be elucidated 
in pain of uncertain origin, e.g. chest pain or abdominal 
pain, by specific nerve root local anesthetic injection. 


It may be used therefore to determine the level of surgery, 
if indicated, and the addition of steroid may produce 
longer-lasting pain relief. 
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41 INTERCOSTAL NERVE BLOCK 





Anatomy Equipment 

The intercostal nerve is made up of several types of nerves: © 2 ml and 5 ml syringes 
sympathetic white and grey rami communicantes, e 30 G needle 

cutaneous and motor fibers supplied by dorsal rami, © 22 G 3-4 cm short-bevel needle 


sensory fibers to the chest wall, anterior and posterior, via 
the lateral cutaneous branch, and further sensory fibers to 
the anterior chest wall via the anterior cutaneous branch. 
The lateral cutaneous branch exits just distal to the angle 


e Extension set (optional) 
e ECG, BP, and SpO, monitors 
e Resuscitation equipment (see Appendix 3) 


of the rib. Just below the inferior edge of the rib, in the * Ultrasound (optional) 

intercostal groove, lie the intercostal nerve, artery and vein, 

the latter lying superior to the nerve. The optimal site to Drugs 

block the intercostal nerve is the most posterior point at e Lidocaine (lignocaine) 1% 2 ml for skin 

which the rib is palpable, usually the angle of the rib infiltration 

(Fig. 4.1.1 a,b). e Lidocaine (lignocaine) 1% 5 ml (or its equivalent) 


¢ Corticosteroid if indicated, e.g. triamcinolone diacetate 
50 mg (or its equivalent) 
e Resuscitation drugs (see Appendix 3) 


Position of patient 


e Prone (this allows best access, although a lateral or 
supine position may also be used). 






e Pillow under mid-abdomen to widen the intercostal 
Inferior angle spaces. 


of rib 3 : 
e Arms hanging over sides of table to rotate the scapulae 


laterally. 


Needle puncture and technique 


e Intravenous access is inserted. 

e Monitors are attached. 

e Resuscitation equipment and drugs are checked and 

| made ready for use. 
Skin Rib = Vein | Nerve _ Intercostal e Sedation may be administered if multiple blocks are 

® Artery muscle being performed. 

e The midline and an area 10 cm x 10 cm laterally is 
cleaned with antiseptic solution and a fenestrated drape 
is placed over the sterile area. 











e The midline is palpated and marked. 

e The inferior edge of the rib is palpated and marked at 
the most posterior point at which the rib is palpable; 
this is the insertion point (Fig. 4.1.2). If multiple blocks 
are planned these marks will form a line that becomes 
more medial towards the cephalad end as the scapulae 
are avoided laterally (Fig. 4.1.2). 


FOR THE RIGHT-HANDED OPERATOR 


With the left hand 
e The inferior edge of the rib is palpated with the fore- 
Fig. 4.1.1 and middle fingers (Fig. 4.1.3). 








4.1 — Intercostal nerve block 
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Fig. 4.1.4 


e The skin is drawn up over the rib itself. 

e The fingers of the left hand will grip the needle-hub for 
controlled advancement of the needle once contact with 
the rib is made during injection. 


With the right hand 

e The insertion point is infiltrated with lidocaine 
(lignocaine) 1% using a 2 ml syringe and a 30 G needle. 

e The 22 G short-bevel needle with syringe attached is 
inserted between fore- and middle finger of the left hand 
in a direction 15-20° cephalad, until it makes contact 
with the rib (Figs 4.1.4, 4.1.5). 

e The needle-hub is gripped with the fingers of the left 
hand and this hand is steadied by leaning the wrist 
against the patient’s posterior chest wall. 





Fig. 4.1.2 


e With the right and left hands acting as one unit, the 
needle is walked off the edge of the rib until it enters 
the intercostal space immediately below the rib (Fig 
4.1.6). Alternatively, a catheter may be inserted between 
the needle and syringe and injection may then be carried 
out by a second operator, while the first maintains the 
needle steady in the correct position (Fig. 4.1.7). 

e It is then advanced 2 mm. 

e After negative aspiration, 3-4 ml of local anesthetic, plus 
corticosteroid if indicated, is injected and the needle is 
withdrawn. 

e Monitors are left attached and i.v. access left in situ for 
at least 30 minutes. 





Fig. 4.1.3 e Chest X-ray is performed if pneumothorax is suspected. 
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Fig. 4.1.7 


Confirmation of a successful block 
e Relief of pain. 
e Anesthesia in the distribution of the blocked nerve. 


Tips 

e The approximate depth to the rib may be determined 
with the left fore- and middle fingers before insertion of 
the needle. 

e Insertion of the needle > 2 mm deeper than the rib 
when intercostal space is reached is avoided. This 
will minimize the risk of pneumothorax, as the 

Fig. 4.1.5 average distance from the rib to the pleura is 

8 mm. If patient coughs on injection, pneumothorax 

is suspected. 





e Neurolytic intercostal nerve block, e.g. with alcohol 
50% 3 ml (made up by combining equal parts of 
oN alcohol 100% and lidocaine (lignocaine) 1% or its 
| equivalent), or phenol 6%, may be carried out after 
local anesthetic block confirms accurate placement of 
the needle as described above. However, it is important 
to note that injection may result in subarachnoid spread 


of a neurolytic agent with resultant possible permanent 
spinal cord damage. 
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e Ultrasound may aid accurate placement of the needle 
(Fig. 4.1.8). Injection of non-ionic radio-constrast 
medium may also aid accurate placement of the needle 
in neurolytic block (Fig. 4.1.9). 

e Placement of a catheter into the intercostal space can be 
achieved by threading 3 cm of catheter through an 18 G 
epidural needle after the intercostal neurovascular 
bundle has been identified as above. 





Fig. 4.1.6 


Fig. 4.1.8 


Radiofrequency lesioning 


e Radiofrequency lesioning of the intercostal nerve is 
simple and has a low level of side effects. The lesioning 
is carried out using the same method of placement of 
the needle as described for intercostal nerve block with 
local anesthetic. 

¢ However, after placement of the needle and confirmation 
of accuracy by fluoroscopy (as described above), a trial 
of stimulation is carried out using 2 V at 50 Hz. If the 
needle has been placed accurately the patient should 
experience paresthesiae in the distribution of that 
intercostal nerve. A pulsed radiofrequency lesion may 
then be produced at 40-45°C for 5 minutes or 49-60 °C 
for 90 seconds. 
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Potential problems 


e Injection within the nerve sheath can result in the spread 
of anesthetic to the subarachnoid space. 


Intercostal block in patients with severe respiratory 
problems should be avoided as there is risk of a 
pneumothorax. Careful observation of a small 
pneumothorax is usually all that is required but 

failure to re-expand the lung may require chest tube 
insertion. 

Because of the vascularity of the intercostal space, there 
may be rapid absorption of local anesthetic and systemic 
effects can occur quickly, especially with multiple 
blocks. However, peak plasma concentration of local 
anesthetic may occur 15-20 minutes after the block is 
performed, when systemic toxicity effects may develop. 
Addition of epinephrine (adrenaline) to the anesthetic 
solution may decrease the peak plasma concentration of 
local anesthetic. 

If aspiration of blood occurs, the needle should be 
removed, keeping the left fore- and middle fingers in 
place. The needle is cleared, reinserted to contact the rib 
again, and the block is continued as above. 


Add Tip Ask Question 


Step 8: Time to Test It - You're Done !! 
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e Care of the airway must be remembered if sedation is 
administered to a patient in the prone position. 

¢ Complications of neurolytic intercostal nerve block 
include pneumothorax, infection (especially in the 
immunocompromised patient) as well as post-lesioning 


intercostal nerve neuritis. The frequency of the latter in 
radiofrequency lesioning increases as higher temperatures 
are used. Intercostal nerve neuritis usually responds to 
local injection of lidocaine (lignocaine) 1% 3 ml plus 
triamcinolone diacetate 20 mg to the lesion site. 


4.2 INTERPLEURAL BLOCK 
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Anatomy 


The parietal pleura lines the thoracic wall, the thoracic 
surface of the diaphragm and the lateral mediastinum. The 
visceral pleura completely covers the surface of the lung. 
Both the pleural layers become contiguous at the root 

of the lung. Between the two pleural layers lies the 
interpleural space (Fig. 4.2.1). Injection of local anesthetic 
into this space produces an interpleural block by topical 
contact with free nerve endings within the pleura, 

and by local diffusion to nerves in the vicinity of the 
injection site. These include the intercostal nerves, the 
sympathetic chain, and the inferior part of the brachial 
plexus. Local anesthetic solution may also track 


to the epidural and subarachnoid spaces producing 
blockade. 


Equipment 

e 2 ml and 10 ml syringes 

e 18 G, 20 G, and 25 G needles 

e ECG, BP, and SpO,; monitors 

e¢ 18 G epidural set 

e Well-lubricated 5 ml glass syringe 

e Resuscitation equipment (see Appendix 3) 


Drugs 

e Lidocaine (lignocaine) 1% 10 ml 

e Levobupivacaine 0.25%, 20 ml (or its equivalent) 
e Saline (NaCl) 10 ml 

e Resuscitation drugs (see Appendix 3) 


Interpleural space 





Fig. 4.2.1 


Position of patient 


The technique described here relies on negative 
interpleural pressure to identify the interpleural space. 
Therefore the patient should be breathing spontaneously 
for this technique. 

Semi-prone. 

Side to be blocked uppermost, supported by a pillow 
(Fig. 4.2.2). 

The arm should be allowed to fall forwards in front of 
the body to rotate the scapula anterolaterally. 


Needle puncture and technique 


Intravenous access is inserted. 

Monitors are attached. 

Resuscitation equipment and drugs are checked and 
made ready for use. 

The midline and an area 15 cm x 12 cm laterally is 
cleaned with antiseptic solution and a fenestrated drape 
is placed over the sterile area. 


Lidocaine (lignocaine) 2%, 2 ml is drawn up. 
Levobupivacaine 0.25% 20 ml is drawn up. 

Air is drawn up into a well-lubricated 5 ml syringe. 
The seventh and eighth ribs are palpated and marked. 

















Fig. 4.2.2 
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Fig. 4.2.3 


A point approximately 10 cm from the midline, 
immediately superior to the eighth rib, is marked; this is 
the insertion point (Fig. 4.2.3). 


FOR THE RIGHT-HANDED OPERATOR 
With the left hand 


The fore- and middle fingers are placed each side of the 
insertion point, palpating the superior aspect of the 
eighth rib. 

These fingers are kept in place until the epidural needle 
passes through the subcutaneous tissue. 


With the right hand 


A skin wheal is raised at the insertion point. 

The epidural needle is inserted between the fore- and 
middle fingers of the left hand, taking care that the 
point of entry of the needle is as close as possible to the 
superior aspect of the eighth rib. This helps to avoid 
damage to the neurovascular bundle, which lies 
immediately inferior to the seventh rib. 

After passage through the subcutaneous tissue, the hub 
of the needle is gripped with the fore- and middle fingers 
of the left hand and this hand is steadied by leaning the 
wrist against the patient’s posterior chest wall. 

The stylet is removed and the well-lubricated glass 
syringe containing 3 ml air is applied (Fig. 4.2.4). 

The needle is slowly and carefully advanced, with no 
pressure applied to the plunger, the left hand aiding the 
advance, while at the same time applying a brake if 
required. 

Resistance from the tissues prevents the plunger from 
advancing. 

At the point at which the needle enters the interpleural 
space a definite click is experienced, negative pressure 
draws the air in and the barrel drops (Fig. 4.2.5). 





Fig. 4.2.4 


Taking care not to allow air entry into the interpleural 
cavity, a catheter is inserted approximately 10 cm 

into the interpleural space (Fig. 4.2.6). Once the 
catheter is in position it is best to place the patient 
supine, tilted slightly, with the side to be blocked 
upwards (Fig. 4.2.7 a,b). (If blockade of the upper 
thoracic segments is required the patient is tilted 
head-down). 

After negative aspiration and a test dose, 10-15 ml 
levobupivacaine 0.25% (or its equivalent) in divided 
doses of 5 ml is injected. 

Infusion of local anesthetic may be set up for continuous 
analgesia. 

Monitors should be left attached and i.v. access left in 
situ while the catheter is in place. 

Chest radiograph may be performed to rule out 
pneumothorax. 


Confirmation of a successful block 


Relief of pain. 
Anesthesia in the distribution of the blocked nerves. 


45 
4.2 _ Interpleural block 







Pleural 
reflection 







Parietal 
pleura 





Epidural Intercostal 
needle muscle Skin 


Rib 
Neurovascular bundle 
Parietal pleura 


-— Visceral pleura 
'—— Lung 


Epidural catheter 

















Fig. 4.2.6 
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Tips 


As an alternative technique, the barrel of the syringe 
may be removed and the open syringe filled with NaCl 
or local anesthetic and advanced until the fluid level 
begins to fall as the solution is sucked into the 
interpleural space (Fig. 4.2.8). 

Also, a bag containing NaCl 500 ml may be attached to 
the epidural needle via a giving set, and drops observed 
on entry to the interpleural space (Fig. 4.2.9). 
Ultrasound may aid placement of the needle (Fig. 4.2.10). 



























































Fig. 4.2.9 


Potential problems 





Pneumothorax. 

Unpredictable analgesia. The mechanism of action of 
interpleural block is still unproven and spread of the 
local anesthetic solution may be unpredictable. The 
duration of the block may be decreased when a 
thoracotomy drainage tube is present. 


Fig. 4.2.10 
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4.3 LUMBAR NERVE ROOT BLOCK 





Anatomy 


The lumbar nerves are made up of sensory and motor 
fibers to the trunk and lower limbs, and sympathetic white 
and grey rami communicantes. Each lumbar nerve exits via 
the intervertebral foramen which lies just inferior to the 
caudad edge of the transverse process of the respective 
vertebral body, and passes anteriorly over the lateral aspect 
of the transverse process of the vertebral body below 

(Fig. 4.3.1). It then branches into posterior and anterior 
branches. The posterior branch supplies the paravertebral 
muscles and cutaneous fibers to the back. The anterior 
branch passes through the substance of the psoas muscle 
and branches further, communicating with the other 
anterior branches to form the lumbar plexus. As a result 
there is significant overlap of nerve supply. The fascial 
layers of the psoas muscle prevent spread of local 
anesthetic to the sympathetic lumbar chain. It may be 
helpful to consider blockade of a lumbar nerve root to be 
similar to intercostal nerve block except that the transverse 
process is present instead of a rib and the insertion site is 
therefore more medial. 


Equipment 
e 2 ml and 10 ml syringes 
e 25 G needle 





Fig. 4.3.1 


e 22 G spinal needle, end-opening 

e Radio-opaque contrast medium 

e ECG, BP, and SpO, monitors 

e Resuscitation equipment (see Appendix 3) 
e Fluoroscopy or ultrasound 


Drugs 


e Lidocaine (lignocaine) 1% 10 ml (or its 
equivalent) 

¢ Corticosteroid if indicated, e.g. triamcinolone diacetate 
25 mg (or its equivalent) 

e Resuscitation drugs 


Position of patient 


e Prone. 
e Pillow under the anterior superior iliac spine to flatten 
the normal lumbar lordosis (Fig. 4.3.2). 


Needle puncture and technique 


e Intravenous access is inserted. 

e Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The lumbar midline and an area 10 cm x 5 cm laterally 
is cleaned with antiseptic solution and a fenestrated 
drape is placed over the sterile area. 

e The iliac crests are palpated and the intercrestal line is 
identified. This corresponds with the inferior aspect of 
the spinous process of L4 or may lie in the L4-5 
interspace (Fig. 4.3.3 a). 

e The spinous processes are counted until the level to 
be blocked is identified and confirmed with 
fluoroscopy. 

e The spinous processes of the vertebrae are marked 
(Fig. 4.3.3 b). 

e The insertion point of the needle lies 2-3 cm lateral to 
the cephalic end of the spinous process of the vertebra. 
The nerve corresponding to each vertebra emerges just 
below the transverse process of that vertebra at this site 
(see Appendix 6). 

e Therefore, with the aid of fluoroscopy, the insertion 
point is identified. 

e A skin wheal is raised and the area is infiltrated with 
lidocaine (lignocaine) 1%. 

e A spinal needle is introduced in a vertical direction to 
the skin, until the needle contacts bone at an 
approximate depth of 3-5 cm, the transverse process of 
that vertebra (Fig. 4.3.4 a,b). 
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Fig. 4.3.3 


The needle is then walked off the transverse process 

in the caudad direction and advanced 1.5—2 cm, the site 
of the emerging nerve root (Fig. 4.3.5). 

It is useful to confirm the needle tip over the 
intervertebral foramen with fluoroscopy. 

Paresthesia in the distribution of the nerve may be 
experienced. 

After aspiration, non-ionic radio-opaque contrast 
medium 1 ml is injected. 

The correct placement is indicated by outlining the nerve 
root with non-ionic radio-opaque contrast medium, 








visible on anteroposterior and lateral fluoroscopic views 
(Fig. 4.3.6). 

After further aspiration, lidocaine (lignocaine) 1% 
0.5-1 ml is injected. 

After 5 minutes the patient is questioned about changes 
in pain, sensation and power of the lower limb. 

For diagnostic nerve root blockade, the needle 

may be removed when the level causing pain is 
identified. 

Ultrasound may also aid placement of the needle 

(Fig. 4.3.7). 


4.3 Lumbar nerve root block 





Fig. 4.3.4 


Confirmation of a successful block However, even small volumes of epidural spread may 


confound the diagnostic value of the block. 
e Relief of pain and anesthesia in distribution of the 


ee e Sympathetic blockade is unlikely, but it may occur and 


cause hemodynamic changes. 
e Intravascular injection. Injection of particulate steroids 
into a radicular artery can cause spinal cord infarction. 


Tips 


e As in the case of thoracic nerve root block, it has also Particulate steroids should never be injected near the 
been recommended that the needle is angled 20° foramen unless intravascular placement has been ruled 
medially after entering the paravertebral space. However out using live fluoroscopy contrast dye injection, 
care must be taken, with the aid of fluoroscopy, not to preferably with digital subtraction technique. 


inject local anesthetic solution into the nerve sheath 
allowing tracking of the solution centrally to produce 
intrathecal blockade. 


Potential problems 


e Intrathecal injection. 
e Epidural blockade usually occurs with this block, but 
this is not a problem once low volumes are used. 
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Sympathetic chain Lumbar nerve 
Fig. 4.3.5 





Fig. 4.3.7 





Fig. 4.3.6 
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4.4 THORACIC NERVE ROOT BLOCK 





Anatomy 


The anatomy relevant to thoracic paravertebral nerve root 
blockade is very similar to the anatomy relevant to lumbar 
paravertebral nerve root block, except that: 


e ribs are present instead of the rudimentary ribs of the 
lumbar spine, the transverse processes; 

e the lung and pleura are in close proximity to the injection 
site, therefore the risk of pneumothorax is significant; 

e unlike the lumbar region, where the needle passes 
through the substance of the psoas muscle, the needle 
passes through connective tissue only in the thoracic 
region (Fig. 4.4.1 a,b); 

e the fascial layers of the psoas muscle prevent spread to 
the sympathetic lumbar chain. However, such layers do 
not exist in the thoracic region, and paravertebral 
injection usually results in sympathetic blockade. 


Equipment 

2 ml and 10 ml syringes 

25 G needle 

22 G spinal needle, end-opening 


Radio-opaque contrast medium 


Anterior 
costotransverse 
ligament 








>| 








e ECG, BP, and SpO, monitors 
e Resuscitation equipment and drugs (see Appendix 3) 
e Fluoroscopy or ultrasound 


Drugs 

e Lidocaine (lignocaine) 1% 10 ml (or its equivalent) 

¢ Corticosteroid if indicated, e.g. triamcinolone diacetate 
25 mg (or its equivalent) 

e Resuscitation drugs (see Appendix 3) 


Position of patient 


¢ Prone (the block requires localization of the transverse 
process and can be performed in a lateral, sitting or 
prone position) (Fig. 4.4.2). 


Needle puncture and technique 


e Intravenous access is inserted. 

e¢ Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The thoracic midline and an area 10 cm x 5 cm laterally 
is cleaned with antiseptic solution. 
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The wire connected to the transistor's emitter should be connected to the battery's 
negative side and the remaining wire of the ferrite toroid should be connected to the 
battery's positive side. Oh! one more thing, | advise everyone to use a battery case 
or attach a conductive magnet for each wire, so you wouldn't hold it all the time. 


Add Tip Ask Question 
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Fig. 4.4.2 


The inferior angle of the scapula is identified; this lies 

at the level of the spinous process of T7. 

The root of the spine of the scapula is identified; this 
lies at the level of the spinous process of T3. 

The spinous processes are counted until the level to be 
blocked is identified, and confirmed with fluoroscopy. 
The spinous processes of vertebrae are then marked. 
The insertion point of the needle lies 1.5-3 cm lateral to 
the cephalic end of the spinous process of the vertebra, 
usually midway between the ribs (Fig. 4.4.3 a,b). 

The nerve corresponding to each vertebra emerges just 
below the transverse process of that vertebra at this site. 
Therefore, with the aid of fluoroscopy, the insertion 
point is identified. 

A skin wheal is raised and the area is infiltrated with 
lidocaine (lignocaine) 1%. 

The transverse process is identified under fluoroscopy 
and the spinal needle is introduced in a direction 
perpendicular to the skin until the needle contacts bone. 


A slightly mesiad inclination avoids the pleura and 
increases the chances of placing the needle tip near the 
nerve root. 


Care must be taken to avoid the pleura by not 
advancing the needle any further than is necessary to 
locate the transverse process, approximately 3 cm. If the 
needle does not contact the transverse process by 3 cm, 
it should be withdrawn and re-advanced in a more 
caudad, and subsequently more cephalic, direction, 
again taking care not to advance beyond 3 cm. 

The needle is then walked off the caudad edge 

of the transverse process until it slips off the edge 

(Fig. 4.4.4 a,b). It is then advanced 1 cm, the site 

of the emerging nerve root at that level. 

It is useful to confirm the needle tip over the 
intervertebral foramen with fluoroscopy. 

Paresthesia in the distribution of the nerve may be 
experienced. 
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e After aspiration, radio-opaque contrast medium 1 ml, is 
injected. 

e The correct placement is indicated by outlining the nerve 
root with non-ionic radio-opaque contrast medium, 
visible on anteroposterior and lateral views (as in 
the description of lumbar somatic nerve injection in 
Section 4.3). 

e Ultrasound may aid placement of needle. 


Fig. 4.4.4 


e After further aspiration, lidocaine (lignocaine) 1% 
0.1-1 ml is injected. 

e After 5 minutes the patient is questioned about 
changes in pain and sensation in the distribution of the 
nerve root. 

e For diagnostic nerve root blockade the needle may be 
removed when the level causing pain is identified. 


Confirmation of a successful block 


e Relief of pain and anesthesia in distribution of the 
blocked nerve. 


4.4 — Thoracic nerve root block 





e Some workers advocate applying an air-filled loss-of- 


resistance syringe to the needle after it has been walked 
off the transverse process or lamina, and advancing the 
needle while applying pressure to the plunger. Loss of 
resistance has been described as the needle pops through 
the costotransverse ligament to enter the thoracic 
paravertebral space. 


e A catheter may be passed into the paravertebral space 


via an epidural needle, with the bevel medial, by using 
this technique. 


Potential problems 
Tips e Pneumothorax. 
e An alternative approach is to advance the needle in a e While it has been recommended that the needle be 


mesiad direction until the lamina is contacted. The 
needle is inserted more medially, 1.5 cm lateral to the 
cephalad edge of the spinous process and then walked 
laterally off the edge of the lamina until it slips into the 
costovertebral ligament and is advanced 1 cm. 


angled 20° medially after entering the paravertebral 
space, care must be taken with the aid of fluoroscopy 
that the local anesthetic solution is not injected into the 
nerve sheath causing the solution to track centrally to 
produce intrathecal blockade. 
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e Epidural blockade usually occurs with this block, but e Intravascular injection. Injection of particulate steroids 
this is not a problem once low volumes are used. into a radicular artery can cause spinal cord infarction. 
However, even small volumes of epidural spread may Particulate steroids should never be injected near the 
confound the diagnostic value of the block. foramen unless intravascular placement has been ruled 

e Sympathetic blockade may cause hemodynamic changes. out using live fluoroscopy contrast dye injection, 


e Neuritis may occur with catheter placement. preferably with digital subtraction technique. 
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4.5 SACRAL NERVE ROOT BLOCK 





Anatomy 


Each of the five sacral nerves is accessible by passing a 
needle into the sacral foramen via the posterior opening at 
the level of the nerve. The sacral canal is the caudal 
extension of the epidural space and nerves of the cauda 
equina leave via the sacral foramina (Fig. 4.5.1). The distal 
dural sac ends at S2, the level of the posterior superior iliac 
spines. The epidural space ends at the sacral hiatus 

(Fig. 4.5.2). While variability in the bony anatomy of the 
sacrum is common, this occurs usually in the midline. 
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Equipment 

e 2 ml and 10 ml syringes 

e 25 G needle 

e 22 G spinal needle, end-opening 

e ECG, BP, and SpO, monitors 

e Resuscitation equipment (see Appendix 3) and drugs 
e Fluoroscopy or ultrasound 


Drugs 
e Lidocaine (lignocaine) 1% 10 ml (or its equivalent) 


e Corticosteroid if indicated, e.g. triamcinolone diacetate 
50 mg (or its equivalent) 


e Resuscitation drugs (see Appendix 3) 


Position of patient 


e Prone. 


e Pillow under anterior superior iliac spine to flatten the 
normal lumbar lordosis (Fig. 4.5.3). 


Needle puncture and technique 


e Intravenous access is inserted. 

e Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The sacral midline and an area 10 cm x 5 cm laterally is 
cleaned with antiseptic solution and a fenestrated drape 
is placed over the sterile area. 
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e Iliac crests are palpated and an intercrestal line is 
identified. 

e This corresponds with the inferior aspect of the spinous 
process of L4 or may lie in the L4—5 interspace. 

e For this block, it is almost essential that the posterior 
opening of the sacral foramina is identified with 
fluoroscopy. The X-ray beam is used to guide the needle 
tip into the foramen. It is important to note that when 
the anteroposterior X-ray view is used, it is usually the 
anterior opening of the foramen that is the most 
prominent. 

e The insertion point of the needle lies 2-3 cm lateral 
to the midline (variable) and approximately 1 cm medial 
to the posterior iliac spine (Figs 4.5.4, 4.5.5 a,b). 

e Therefore, with the aid of fluoroscopy, the insertion 
point is identified. 

e A skin wheal is raised and the area is infiltrated with 
lidocaine (lignocaine) 1%. 








Fig. 4.5.5 


e A spinal needle is introduced in a vertical direction to 


the skin, and aimed slightly cephalad until bone is 
contacted (Fig. 4.5.6). 


e The needle is then walked off the sacrum in a caudad 


direction until it slips into the foramen. After 
confirmation with the aid of fluoroscopy it is then 
advanced 1 cm. 


4.5. Sacral nerve root block 





Fig. 4.5.7 


Tips 


¢ Some workers advocate drawing a line from a point 





Fig. 4.5.6 


e Paresthesia may be produced. 

e After aspiration, non-ionic radio-opaque contrast 
medium 0.5 ml is injected. 

e The correct placement is indicated by a needle tip flush 
with the anterior surface of the spinal canal in the 
lateral fluoroscopic view. 

e Injection of 0.5 ml non-ionic contrast should spread 
diagonally along the $1 spinal nerve (Fig. 4.5.7). 

e After further aspiration, lidocaine (lignocaine) 1% 

0.5 ml is injected. 

e After 5 minutes, the patient is questioned about changes 
in pain, sensation and power of the lower limb. 

e For diagnostic nerve root blockade the needle may be 
removed when the level causing pain is identified. 

e Ultrasound may also aid placement. 


Confirmation of a successful block 


e Relief of pain. 
e Anesthesia in the distribution of the blocked nerve. 


2-3 cm medial to the posterior superior iliac spine to a 
point 1-2 cm lateral to the sacral cornua. The sacral 
foramina usually lie along this line. 

It is best to angle the X-ray beam caudally, thereby 
perpendicular to the sacrum, superimposing the anterior 
and posterior sacral foramina. Consequently, when the 
needle is introduced in a direction perpendicular 

(Fig. 4.5.8) to the skin, fluoroscopic guidance is easier. 
Optimally, the needle makes gentle contact with the 
spinal nerve in the middle of the canal (Figs 4.5.9, 
4.5.10) and produces paresthesia in the distribution of 
the nerve. 

While all sacral nerve roots are accessible, using this 
technique for blockade of $5 is achieved by walking the 
needle caudally off the inferior edge of the bony plate of 
the sacrum and advancing the needle 1 cm. 


Potential problems 
¢ Caudal epidural blockade may occur with this block, 


but this is not a problem once low volumes are used. 
However, even small volumes of epidural spread may 
confound the diagnostic value of the block. 
Intravascular injection. Injection of particulate steroids 
into a radicular artery can cause spinal cord infarction. 
Particulate steroids should never be injected near the 
foramen unless intravascular placement has been ruled 
out using live fluoroscopy contrast dye injection, 
preferably with digital subtraction technique. 
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Fig. 4.5.8 Fig. 4.5.9 





Fig. 4.5.10 
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4.6 OCCIPITAL NERVE BLOCK 





Anatomy e ECG, BP, and SpO, monitors 


me ' : e Resuscitation equipment (see Appendix 3 
The greater occipital nerve arises from the dorsal rami of oe ( PP ) 


the second cervical nerve. From here it passes through the 
muscles of the neck and becomes subcutaneous at the 


Drugs 


superior nuchal line, where it emerges with the occipital ¢ Lidocaine (lignocaine) 1% 10 ml (or its equivalent) 
artery (Fig. 4.6.1). The superior nuchal line extends from ¢ Corticosteroid if indicated, e.g. triamcinolone diacetate 
the mastoid process to the greater occipital protuberance 50 mg (or its equivalent) 

bilaterally (Fig. 4.6.2). e Resuscitation drugs (see Appendix 3) 

Equipment Position of patient 

e 10 ml syringe e Sitting. 

e 25 G needle e Neck flexed. 


Gietareecipid Needle puncture and technique 


protuberance e The superior nuchal line is cleaned with antiseptic 
Mastoid process solution (no drape is required) (Fig. 4.6.3). 
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Fig. 4.6.1 
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ow Somatic nerve blockade 


e The occipital artery is palpated 2 cm lateral to the Tips 
greater occipital protuberance on the superior nuchal . Aeueeeau lal castepisode 
line (Fig. 4.6.4). P 8 


, 1-2 cm. 
e A 25 G needle is inserted subcutaneously at this point. as 


e The lesser occipital nerve is blocked by redirecting the 
needle towards the mastoid process along the greater 
nuchal line and injecting a further 3 ml of solution. 


e After negative aspiration, 3-5 ml of lidocaine 
(lignocaine) 1% or its equivalent, plus corticosteroid if 
indicated, is injected to surround the occipital artery. 

e It is often difficult to feel an occipital artery pulse. If 


this is the case, it is best to pick a point midway Potential problems 

between the occipital protuberance and the mastoid e Injection into the cerebrospinal fluid (CSF) of the 
bone and fan out the injection in both directions, cisterna magna is possible and will produce a total 
medially and laterally from that site (Fig. 4.6.5). spinal block. 


Confirmation of a successful block 


e Relief of pain and anesthesia in distribution of nerve. 





Fig. 4.6.4 Fig. 4.6.5 
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4.7 TRIGEMINAL GANGLION (GASSERIAN) BLOCK 





Anatomy 


The trigeminal ganglion gives rise to the fifth cranial nerve 
and divides into three branches, the ophthalmic, maxillary, 
and mandibular nerves (Fig. 4.7.1). These provide the 
sensory nerve supply to the ipsilateral face and the anterior 
two-thirds of the head (Fig. 4.7.2). The mandibular nerve 
also provides motor supply to the muscles of mastication. 


The trigeminal ganglion is located at the apex of the 
petrous temporal bone in a fold of dura mater, “Meckel’s 
cave”. This dural invagination covers the posterior 
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Fig. 4.7.1 
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Fig. 4.7.2 


two-thirds of the ganglion and contains cerebrospinal fluid 
(CSF). Posterior to Meckel’s cave lies the brainstem, 
superior to it lies the temporal lobe, and medially lies the 
cavernous sinus which contains the internal carotid artery 
and cranial nerves II, IV, and VI. Accordingly, extreme 
care must be taken when carrying out this block, especially 
if neurolytic agents are used. Blockade of the ganglion is 
carried out by passage of a needle through the foramen 
ovale, which lies immediately below it (Fig. 4.7.3). 


Equipment 

e 2 ml and 10 ml syringes 

e 25 G needle 

e 22 G 8-10 cm needle 

e Non-ionic radio-opaque contrast medium 
e ECG, BP, and SpO, monitors 

e Resuscitation equipment (see Appendix 3) 
e Fluoroscopy 


Drugs 

e Lidocaine (lignocaine) 2% 10 ml 

e Lidocaine (lignocaine) 1% 10 ml (or its equivalent) 

e Neurolytic agent, e.g. phenol 6% plus glycerol (or its 
equivalent) 

° Sedative, e.g. midazolam, propofol 

e Resuscitation drugs (see Appendix 3) 


Position of patient 
e Supine. 
e Eyes directed straight ahead. 
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Fig. 4.7.3 
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: ~ Somatic nerve blockade 


Needle puncture and technique 


Caution: Injection of 0.25 ml of lidocaine (lignocaine) 1% 
into the CSF may result in immediate convulsion and/or 
loss of consciousness with possible cardiovascular system 
(CVS) collapse. 


The cheek on the side of the block is cleaned with 
antiseptic solution or saline. 

Mild sedation is induced. 

It is best to stand on the side of the block, just below 
the shoulder. 

The insertion point lies 1-3 cm posterior to the lateral 
margin of the mouth, at the medial edge of the masseter 
muscle (located by asking the patient to clench the jaw) 
and is marked. 

In edentulous patients the insertion point should be 
more caudad as sufficient angle towards the 
infratemporal surface of the sphenoid bone may not be 
achieved. 

One finger is placed inside the upper lip to avoid 
injection into the buccal cavity and possible bacterial 
contamination, and a skin wheal is raised at this site. 
Viewed from above, a 22 G 8-10 cm needle is advanced 
towards the ipsilateral pupil (Figs 4.7.4-4.7.6), or 
viewed from the side the needle advances towards the 
mid-point of the zygomatic arch (see Anatomy above) 
until bone is contacted; the roof of the infratemporal 
fossa. This lies just anterior to the foramen ovale and 
lateral to the base of the pterygoid process. The location 
of the needle tip is confirmed with fluoroscopy. 

A depth mark is set and the needle is withdrawn to 

the subcutaneous tissue. With the aid of fluoroscopy 





Fig. 4.7.4 


the needle is reinserted to walk off the bone and 
enter the foramen ovale (Fig. 4.7.7). 


e Paresthesia in the distribution of the mandibular nerve 


(sometimes the other branches of the trigeminal nerve) 
or contraction of the muscles of mastication may be 
experienced at this point. 

The needle is advanced a further 1 cm to bring the tip 
to lie in the trigeminal ganglion. The correct placement 
is indicated by a visible outline of Meckel’s cave on 
injection of 0.25 ml non-ionic radio-opaque contrast 
medium under fluoroscopy (Figs 4.7.8, 4.7.9). 

The patient is allowed to awaken from sedation and is 
questioned about the presence and distribution of 
paresthesia and pain. 

A stimulating device may aid placement in patients who 
are not able to locate the paresthesia with accuracy. 

If necessary, analgesia may be administered, although 
this may affect accurate assessment of the blockade. 
Adjustment of the needle may be required to place the 
needle near the appropriate nerve division. 





Fig. 4.7.5 


4.7 — Trigeminal ganglion (Gasserian) block 





Fig. 4.7.8 
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e After careful negative aspiration for CSF or blood, 


lidocaine (lignocaine) 1% 0.25 ml is injected (Caution: 


injection into CSF may cause loss of consciousness.) 
This is followed by further boluses of lidocaine 
(lignocaine) 1% 0.25 ml until a total of 1 ml is given. 
e After 5 minutes the patient is questioned about pain 
relief and changes in sensation. 
e When the desired analgesia has been achieved for 
diagnostic blockade the needle may be removed. 


Confirmation of a successful block 


e Relief of pain and anesthesia in the distribution of the 
trigeminal nerve or its desired branches. 


Tips 

e Intravenous anesthesia using a short-acting agent, e.g. 
propofol, may be induced to allow placement of the 
needle. The patient is then allowed to awaken and a 
stimulating device may aid accurate placement of the 
needle. 

e The needle is advanced beyond the infratemporal bone 
by 0.5 cm for location of the mandibular division, 
1.0 cm for the maxillary division, and 1.5 cm for the 
ophthalmic division. 


Gangliolysis using thermocoagulation may be employed 
for trigeminal-nerve division destruction after location 
of the ganglion using this technique. Further intravenous 
anesthesia using a short-acting agent, e.g. propofol, may 
be induced after placement of the insulated needle to 
facilitate this painful procedure. 

Injection of glycerol alone may produce pain relief with 
this injection technique. This involves placement of the 
needle in the cul-de-sac of CSE, positioning the patient 
face-down or supine, with the head extended to prevent 
spill-over into the posterior cranial fossa. After entry 
into the CSE, and positive aspiration of CSF, 0.1-0.3 ml 
of glycerol may be injected. 


Potential problems 


Injection of 0.25 ml of lidocaine (lignocaine) 1% into 
the CSF may result in immediate convulsion and/or loss 
of consciousness with possible CVS collapse. 

Spread of hyperbaric neurolytic solution may immediately 
affect cranial nerves VI, VIII, IX, X, XI, and XII. 

Spread of hypobaric neurolytic solution may 
immediately affect the oculomotor and trochlear nerves. 
Neurolytic blocks of the trigeminal ganglion commonly 
produce corneal and hemifacial anesthesia. 


AUTONOMIC BLOCKADE 











Autonomic blockade is useful in the diagnosis and 
treatment of pain of autonomic origin. In cases of thoracic, 
abdominal or pelvic pain, it is often difficult to distinguish 
between that of visceral origin and that of somatic. Pain of 
visceral origin, e.g. pancreatic cancer or pelvic cancer, may 
cause pain that responds to celiac or hypogastric plexus 
blockade, respectively. A prognostic block may be carried 
out prior to neurolytic blockade for relief of cancer pain. 
Pain of the upper abdominal viscera may also be relieved 
by celiac plexus block, proceeding to neurolytic blockade 
as appropriate for cancer-related pain. The retrocrural 
approach to the celiac plexus also targets the splanchnic 
nerves to produce a splanchnic nerve block if required. 
Chest pain may be of somatic origin, e.g. intercostal 
neuralgia and costochondritis, or visceral origin, e.g. 
pulmonary or cardiac-related pain. Stellate ganglion 
blockade may be helpful in the diagnosis and management 
of the latter. 


In addition, increased sympathetic activity is thought to 
contribute to a large number of pain states. These are 


generally grouped under the term Complex Regional Pain 
Syndrome Type I and II. In these cases, trophic changes 
and alterations in blood flow are often obvious but the 
pathophysiologic origin is not. Blockade of sympathetic 
innervation may therefore help in diagnosis and 
management of such pain. This may also indicate other 
therapies that could be beneficial, e.g. sympathetically 
active drugs or destructive therapies. Similarly, these 
therapies would not be indicated if sympathetic blockade 
failed to relieve the pain. If blockade did succeed in 
relieving this type of pain, further blocks may effect lasting 
relief. 


There are a number of other conditions in which the 
diagnosis is clear but there is a possible contribution of 
sympathetic activity in the pathogenesis of the pain. These 
conditions include central pain, post-herpetic neuralgia, 
trigeminal neuralgia, peripheral vascular disease and 
others. Blockade of sympathetic activity may help to clarify 
the sympathetic contribution to the pain and therefore help 
to indicate management options. 
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Autonomic blockade 


5.1 STELLATE GANGLION BLOCK—C6 


(CLASSIC) APPROACH 





Anatomy 


The cervical sympathetic trunk—the superior, middle, and 
stellate ganglia—supplies the sympathetic innervation of 
the head, neck, and upper limbs. The stellate ganglion is 
made up of a combination of the lower cervical and first 
thoracic ganglia. It lies on the prevertebral fascia of the 
seventh cervical and first thoracic vertebrae (Fig. 5.1.1). 
However, as the sixth cervical anterior tubercle 
(Chassaignac’s tubercle) is easy to palpate, injection of a 
large volume of local anesthetic is made at this level and 
allowed to track caudally along the prevertebral fascia to 
block the stellate ganglion. The vertebral and carotid 
arteries, the pleura, and the brachial plexus are in close 
proximity to the stellate ganglion. 


Equipment 

e 10 ml syringe 

e 22 G short-bevel needle 

e Extension set (optional) 

e ECG, BP, SpO, monitors 

e Skin temperature monitor 

e Resuscitation equipment (see Appendix 3) 
e Ultrasound (optional) 


Drugs 
e Lidocaine (lignocaine) 1%, 10 ml 
e Resuscitation drugs (see Appendix 3) 






Stellate 
ganglion 


Fig. 5.1.1 


Position of patient 
e Supine. 

e Thin pillow under head. 
e Roll under neck. 

e Eyes directed at ceiling. 
¢ Mouth slightly open. 


Needle puncture and technique 


Caution: Injection of 0.5-1 ml of lidocaine (lignocaine) 

1% into the vertebral artery may result in immediate 

convulsion and/or loss of consciousness with possible 

cardiovascular system (CVS) collapse. 

e Intravenous access is inserted. 

e Monitors are attached, each temperature probe is 
attached to the palmar aspect of the middle finger of 
each hand (Fig. 5.1.2). 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The side of the neck is cleaned with antiseptic solution. 

e It is best to stand at the same side of the neck as the 
ganglion to be blocked. 


FOR THE RIGHT-HANDED OPERATOR 


With the left hand 
e The thyroid cartilage is located and marked. 


e The cricoid cartilage is identified and marked 
(Figs 5.1.3, 5.1.4). 


Temperature probe 
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Fig. 5.1.3 Fig. 5.1.6 
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Fig. 5.1.4 Fig. 5.1.7 





Muscles 





e Chassaignac’s tubercle is palpated with the middle finger, 
just lateral to the cricoid cartilage (Fig. 5.1.5). 

e The sternocleidomastoid (SCM) muscle is gently pulled 
laterally and the carotid pulse is palpated (Fig. 5.1.6). 

e Chassaignac’s tubercle is palpated again and positioned 
between the fore- and middle fingers. 


With the right hand 

e The needle is inserted between the fore- and middle 
fingers of the other hand, directly perpendicular 
to the floor, aiming for Chassaignac’s tubercle 
(Figs 5.1.7, 5.1.8). 

e When contact with the tubercle is reached, the injecting 
hand is steadied and the needle is withdrawn 2 mm. 

e The hub of the needle is held in place with the 

Fig. 5.1.5 other hand. 








Fig. 5.1.8 


e After negative aspiration, lidocaine (lignocaine) 1%, 
0.5 ml, is injected. 

e The patient is questioned about sensation and any 
change in level of consciousness is noted. 

e If negative, the same procedure is repeated as 0.5 ml 
boluses are given until 10 ml is injected. 

e The needle is withdrawn and the patient is immediately 
put in the sitting position. 

e Monitors should be left attached and i.v. access left in 
situ for at least 30 minutes. The patient is requested not 
to eat or drink for 2 hours, as the recurrent laryngeal 
nerve may be blocked. 

e Note: if aspiration of blood occurs during the block the 
needle is removed and cleared, keeping left fore- and 
middle fingers in place. It is then reinserted and the 
block is continued as above. 

e If hematoma occurs before the solution is injected 
it may be worth performing the block at the 
C7 level. 

e If there is pain on injection and/or paresthesia, it is 
likely that the brachial plexus may have been contacted, 


the needle is withdrawn and the landmarks are 
rechecked. 


Confirmation of a successful block 


e Skin temperature, measured over the palmar aspect 
of the hand or fingers on the blocked side, should begin 
to rise within 2-3 minutes. Extensive sympathetic 
blockade is confirmed by a rise in skin temperature to 
>33°C, 

e Ptosis of eyelid. 

e Miosis of pupil. 

e Unilateral blockage of nose on side of block. 


e Unilateral flushing of conjunctiva of eye on side of 
block. 


Fig. 5.1.9 


e Blockade of the upper sympathetic chain can occur in 
the absence of sympathetic denervation of the upper 
extremity, resulting in Horner’s syndrome without a rise 
in skin temperature in the hand. 


Tips 

e The external jugular vein usually crosses the SCM 
muscle at the level of C6. 

e Skin infiltration prior to block should be avoided if 
possible, as this will make landmarks more difficult to 
locate. 

e If palpation is painful or difficult it may be helpful to 
try to bounce the middle finger off the tubercle during 
identification. 

e An extension set may be inserted between the needle 
and syringe for better stability of needle (Fig. 5.1.9), but 
an assistant is then required to continue the procedure 
as described above. 

e Consideration should be given to performance of the 
block under fluoroscopy or CT control if the landmarks 
are difficult to locate. 

e Lidocaine (lignocaine) 1% 15 ml may be given if a 
previous block failed to relieve sympathetically 
maintained pain in the presence of correctly placed 
solution. This may improve tracking of the solution 
caudally to produce more effective blockade of the 
stellate ganglion. 

¢ Ultrasound may aid placement of needle 
(Fig. 5.1.10 a,b). 


Potential problems 


e Intra-arterial injection or intrathecal injection may result 
in immediate convulsion and/or loss of consciousness 
with possible CVS collapse. 
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Fig. 5.1.10 From Gupta Prashant K, Gupta Kumkum, Dwivedi Amit Nandan D, Jain Manish. Potential role of ultrasound in anesthesia 
and intensive care, Anesthesia Essays and Research, 2011 Volume 5, Issue Number 1, Page: 11-19. 


e Hematoma may occur (avoid performing block on post-blockade. Bilateral stellate ganglion blockade 
patients who have coagulopathy). should be avoided for the same reason. 

e Pneumothorax may occur. e Phrenic nerve block may occur and it is prudent to 

e Recurrent laryngeal nerve block may occur and it is caution the patient about possible shortness of breath 


prudent to advise the patient about possible hoarseness post blockade of the stellate ganglion. 
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pe STELLATE GANGLION BLOCK—C7 APPROACH 





An atomy e Resuscitation equipment (see Appendix 3) 


As for stellate ganglion block (C6 approach) in Section 5.1 o-itrasornd (oprionat) 


Figs 5.2.1 a,b). 
centre Drugs 
Equipment e Lidocaine (lignocaine) 1%, 10 ml 


~ Amilleptinge e Resuscitation drugs (see Appendix 3) 


e 22 Gshort-bevel needle Position of patient 
e Extension set (optional) 


e ECG, BP, SpO,; monitors ° Supine. 
ia e Thin pillow under head. 


e Skin temperature monitor 
e Roll under neck. 


e Fluoroscopy or CT (optional) o:.yee ditecied aeceibne 


¢ Mouth slightly open. 


Needle puncture and technique 


Caution: injection of 0.5-1 ml of lidocaine (lignocaine) 
snide 1% into the vertebral artery may result in immediate 
peruee convulsion and/or loss of consciousness with possible 
ganglion cardiovascular (CVS) collapse. The risk of pneumothorax 

is greater with this approach. 


Stellate e Intravenous access is inserted. 
ganglion ¢ Monitors are attached. 

e Each temperature probe is attached to the palmar aspect 
Vertebral of the middle finger of each hand. (Fig. 5.2.2). 


arter ns oie : 

7 e Resuscitation equipment and drugs are checked and 
made ready for use. 

Common 

carotid 

artery 


e The side of the neck is cleaned with antiseptic solution. 





(A) Right subclavian Lung 
artery Temperature probe 
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Carotid artery SS 
Fig. 5.2.1 Fig. 5.2.2 


e It is best to stand at the same side of the neck as the 
ganglion to be blocked. 


FOR THE RIGHT-HANDED OPERATOR 


With the left hand 

e The thyroid cartilage is located and marked. 

e The cricoid cartilage is identified and marked 
(Figs 5.2.3, 5.2.4). 

e The sternoclavicular junction is palpated and marked 
(Fig. 5.2.5). 

e The SCM muscle is gently pulled laterally and the 
carotid pulse is palpated (Fig. 5.2.6). 

e The site of insertion of the needle lies 3 cm above the 
sternoclavicular junction or one to two finger-breadths 
below the level of the cricoid cartilage. 





Fig. 5.2.3 






Thyroid cartilage 
Cricoid cartilage 


C6 anterior 
tubercle 


pres 
Fig. 5.2.4 
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With the right hand 





The patient is requested to exhale deeply before needle 
insertion to minimize the risk of pneumothorax. 

The needle is inserted between the fore- and middle 
fingers of the other hand, directly perpendicular to the 
floor. 

When contact with the transverse process of C7 is 
reached, the injecting hand is steadied and the needle is 
withdrawn 2 mm. 

The hub of the needle is held in place with the 

other hand. 

After negative aspiration, lidocaine (lignocaine) 1%, 
0.5 ml, is injected. 

The patient is questioned about sensation, and any 
change in level of consciousness is noted. 

If negative, the same procedure is repeated and 0.5 ml 
boluses are given until 5-8 ml is injected. 

The needle is withdrawn and the patient is immediately 
put in the sitting position. 


Muscles 


Fig. 5.2.5 





Fig. 5.2.6 
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~/ Autonomic blockade 


Monitors should be left attached and i.v. access left in 
situ for at least 30 minutes. Blockade of the recurrent 
laryngeal nerve is less likely with the C7 approach but 
it is wise to advise the patient not to eat or drink for 

2 hours. 

Note: if aspiration of blood occurs during the block, the 
needle is removed and cleared, keeping the left fore- and 
middle fingers in place. It is then reinserted and the 
block is continued as above. 

If there is pain on injection and/or paresthesia, it is 
likely that the brachial plexus may have been contacted, 
the needle is withdrawn and the landmarks are 
rechecked. 


Ultrasound may aid placement of the needle. 


Confirmation of a successful block 


Temperature increase >1° on the side of block. The 
temperature should begin to rise in the finger of the 
blocked side within 3 minutes of injection. 

Ptosis of eyelid. 

Miosis of pupil. 

Unilateral blockage of nose on side of block. 
Unilateral flushing of conjunctiva of eye on side 

of block. 


Relief of sympathetically maintained pain. 


Tips 


Some workers advocate targeting the ventrolateral 
aspect of the C7 vertebral body instead of its transverse 
process. The needle is directed 15-20° medially. With 
the aid of fluoroscopy, ultrasound or CT, the vertebral 
body is contacted just medial to the insertion of the 
longus colli muscle. The needle is then withdrawn 


2 mm, stabilized, and 1 ml of non-ionic contrast 
medium is injected. 

The external jugular vein usually crosses the SCM 
muscle at the level of C6. 

Skin infiltration prior to block should be avoided if 
possible, as this will make landmarks more difficult 

to locate. 

An extension set may be inserted between the needle 
and syringe for better stability of needle, but an assistant 
is then required to continue the procedure as described 
above. 

Lidocaine (lignocaine) 1% 10 ml may be given if a 
previous block failed to relieve sympathetically 
maintained pain in the presence of correctly placed 
solution. This may improve tracking of the solution 
caudally to produce more effective blockade of the 
stellate ganglion. 


Potential problems 


Intra-arterial injection or intrathecal injection may result 
in immediate convulsion and/or loss of consciousness 
with possible CVS collapse. 

Hematoma may occur (avoid performing block on 
patients who have coagulopathy). 

Pneumothorax may occur (more likely with C7 
approach). 

Recurrent laryngeal nerve block may occur and it is 
prudent to advise the patient about possible hoarseness 
post blockade. Bilateral stellate ganglion blockade 
should be avoided for the same reason. 

Phrenic nerve block may occur and it is prudent to 
caution the patient about possible shortness of breath 
following blockade of the stellate ganglion. 
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5.3 LUMBAR SYMPATHETIC BLOCK 





Anatomy 


The lumbar sympathetic chain is located in the prevertebral 


fascia, which lies on the anterolateral aspects of the 
vertebral bodies. The psoas muscle separates the lumbar 
sympathetic chain from the lumbar somatic nerves. A 
single injection of local anesthetic at the level of L2 will 
usually provide a complete block of postganglionic 
sympathetic efferents to the lower extremity because the 


lowest preganglionic sympathetic outflow to the chain is at 


the level of L2. 


Equipment 

e 2 ml, 5 ml, and 10 ml syringes 

e 30 G needle 

¢ Two 15 cm 22 G needles 

e Extension set (optional) 

e ECG, BP, SpO, monitors 

e Skin temperature monitor (two probes) 

e Resuscitation equipment (see Appendix 3) 
e Fluoroscopy 


Drugs 

e Lidocaine (lignocaine) 1%, 5 ml for skin infiltration 

e Lidocaine (lignocaine) 1%, 15-20 ml (or its equivalent) 
for block 

e Phenol 6% 

e Radio-opaque contrast medium 

e Resuscitation drugs (see Appendix 3) 











Fig. 5.3.1 


Position of patient 


Prone. 
Pillow under anterior superior iliac spine to flatten the 
normal lumbar lordosis (Fig. 5.3.1). 


Needle puncture and technique 





Intravenous access is inserted. 

Monitors are attached. 

Each temperature probe is attached to the plantar aspect 
of the big toe (Fig. 5.3.2). 

Resuscitation equipment and drugs are checked and 
made ready for use. 

The thoracolumbar midline and an area 10 cm x 5 cm 
laterally is cleaned with antiseptic solution and a 
fenestrated drape is placed over the sterile area. 

The twelfth rib is identified and a line is drawn along its 
inferior border (Fig. 5.3.3 a,b). 

The iliac crests are palpated and the intercrestal line is 
identified (this corresponds with the inferior aspect of the 
spinous process of L4 or may lie in the L4—5 interspace). 
The spinous processes are counted until L2 is identified 
and confirmed with fluoroscopy. 

The insertion point lies 8 cm lateral to the L2 spinous 
process and is also marked (Fig. 5.3.4). 

A skin wheal is raised at one of the marked sites and 
the area is infiltrated with lidocaine (lignocaine) 1%. 
At a 30° angle to the frontal plane, a 22 G 15 cm 
needle is advanced slightly cephalad towards the lower 
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Fig. 5.3.2 


portion of the L2 vertebral body (Fig. 5.3.5), until its 
vertebral body is contacted at a depth of about 7-9 cm 
and confirmed with fluoroscopy. If the needle contacts 
bone at a more superficial level, it is probable that it has 
come into contact with the transverse process and it will 
need to be repositioned. 

e The needle depth is noted. 

e The needle is then withdrawn to the subcutaneous tissue 
and, with the aid of fluoroscopy, it is re-advanced, this 
time at an angle 45° to the frontal plane, until the 
previous depth (as noted) is reached. It should slip past 
the vertebral body at a depth about 1-2 cm deeper than 
the first depth mark (Fig. 5.3.6). 

e After negative aspiration, the fluoroscopic image is 
observed as a small amount of non-ionic radio-contrast 
medium is injected. The correct placement of the needle 
is indicated by the presence of a layer of contrast 
medium in a thin line along the anterior border of the 
vertebral column (Figs 5.3.7-5.3.9). 

e After further negative aspirations, 5 ml of lidocaine 
(lignocaine) 1% is injected. The patient is questioned 
about pain relief and observations of skin temperature 
are made. There should be little resistance to injection, 
similar to resistance felt when injecting through an 
epidural needle. If resistance is encountered, or if the 
injection is painful, the needle should be repositioned. A 
unilateral rise in skin temperature indicates a successful 
block. 

e After 10 minutes the patient is questioned about pain 
relief and any symptoms of somatic nerve blockade. 
Sensory and motor functioning of the lower extremities 
is checked. The procedure should be abandoned if there 
is evidence of somatic blockade. 








Fig. 5.3.3 


Fig. 5.3.4 





Fig. 5.3.5 
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Fig. 5.3.6 


Neurolysis may be achieved by leaving the needle in 
place after block has been confirmed and injecting 5 ml 
phenol 6%. To avoid leaving alcohol in the needle tract, 
the needle is then cleared with air or local anesthetic 

1 ml, and removed. However, because of the very high 
incidence of genitofemoral neuralgia that can occur 
post-neurolytic lumbar sympathetic block, the benefit 
versus risk should be considered carefully. 

Monitors should be left attached and i.v. access left in 
situ for at least 30 minutes. 


Confirmation of a successful block 


Increase in skin temperature on the plantar surface of 
the foot to about 35°C; temperature should begin to 
rise in the foot on the side of the block within 3 minutes 
of injection of local anesthetic. 

Relief of sympathetically maintained pain in the 

lower limb. 


Tips 


If fluoroscopy is not available ultrasound may aid 
placement of the needle. A line 10 cm from the midline 
is drawn parallel to the midline; the lowest rib is 
identified and a line is drawn along its inferior border. 
The point of intersection of these lines should be lateral 
to the L2 vertebral body. 

Consideration should be given to performance of the 
block under CT control if the block is unsuccessful. 
Repeated blocks may bring about gradual improvement 
in sympathetically maintained pain. 

Immediate physiotherapy after blockade may improve 
the outcome. 
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e If the needle tip is placed too superficially, the tip may 
come to lie in the intervertebral foramen and injection 
may result in a subarachnoid block, an epidural block, 
or a somatic nerve block. Confirmation of needle 
position using lateral fluoroscopy is therefore 
recommended. 

e Genitofemoral neuralgia may occur in 5-10% of 
patients post-neurolytic block causing pain in the groin. 

e Perforation of the aorta or the inferior vena cava is 
possible and retroperitoneal hematoma may occur. 
Consequently the block should be avoided in patients 
with coagulopathy. 

e Intravascular injection may occur. 

e Perforation of the kidney or ureter is usually of no 
clinical significance unless neurolytic agents are used. 

e Perforation of the intervertebral disc may occur. This 
also is usually of no clinical significance but may produce 
a septic discitis if bacterial contamination occurs. 

e Postural hypotension, secondary to sympathetic 
blockade, may occur. 

e Injection of neurolytic solution into the psoas muscle 
may cause rhabdomyolysis. 





Fig. 5.3.8 e Patients in the prone position should be monitored 
carefully when intravenous sedation is administered. 
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5.4 CELIAC PLEXUS BLOCK—RETROCRURAL APPROACH 





Anatomy 


The celiac plexus is flat and lies against the crus of the 
diaphragm, surrounding the root of the celiac and 
mesenteric arteries and anterior to three vertebral bodies 
centered at L1. Posteriorly on the left side is the aorta, and 
on the right is the inferior vena cava. The kidneys lie 
lateral and the pancreas anterior to the celiac plexus 

(Fig. 5.4.1 a,b). 


The celiac plexus is made up of pre- and postganglionic 
sympathetic and parasympathetic nerve fibers. 
Postganglionic sympathetic fibers are supplied from the 
paired celiac ganglia. Preganglionic sympathetic efferents 
from the thoracic sympathetic chain are supplied via the 
greater and lesser splanchnic nerves. The intra-abdominal 
viscera are supplied by postganglionic sympathetic fibers 
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that have synapsed in the celiac ganglia (Fig. 5.4.2). The 
vagus nerve also supplies parasympathetic nerve fibers. Via 
the celiac plexus dorsal root, ganglion cells innervate the 
whole of the abdominal viscera, including the liver, spleen, 
kidneys, suprarenal glands, and intestines, with the 
exception of the pelvic organs, the rectum, and the left half 
of the colon. 


Pain originating from the viscera is often vague and poorly 
localized as a result of convergence of neurons in the 
dorsal horn and crossing over the midline of some of the 
visceral afferents. 


There are two main approaches to celiac plexus blockade. 
One approach places the two needles posterior to the crura 
of the diaphragm, the retrocrural approach. The 
retrocrural approach to the celiac plexus also targets the 
splanchnic nerves to produce a splanchnic nerve block if 
required. The other approach places a needle anterior to 
the crus of the diaphragm on the right, the anterocrural 
approach (Fig. 5.4.3), as discussed in Section 5.5. 
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Fig. 5.4.2 





CHARTER 


Autonomic blockade 


Equipment 


2 ml, 5 ml, and 10 ml syringes 

30 G needle 

Two 15 cm 22 G needles 

Extension set (optional) 

ECG, BP, SpO, monitors 

Resuscitation equipment (see Appendix 3) 
Fluoroscopy 


Drugs 


Mild sedative 
Lidocaine (lignocaine) 1%, 5 ml for skin infiltration 
Lidocaine (lignocaine) 1%, 15-20 ml (or its equivalent) 
for block 

6% aqueous phenol or 50-75% alcohol (ethanol). Our 
suggestion: mix 2 parts absolute alcohol with one part 
1% lidocaine. This will help reduce the incidence and 
severity of pain following injection. In addition, precede 
all alcohol injections with 3-4 ml 1% lidocaine 
Non-ionic radio-opaque contrast medium 


Resuscitation drugs (see Appendix 3) 


Position of patient 


Prone. 
Pillow under anterior superior iliac spine to flatten the 
normal lumbar lordosis (Fig. 5.4.4). 


Needle puncture and technique 


Intravenous access is inserted. 

Monitors are attached. 

Resuscitation equipment and drugs are checked and 
made ready for use. 

Mild sedation may be induced. 
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Fig. 5.4.3 


RETROCRURAL APPROACH 











A 15 cm 22 G spinal needle is selected. A slight curve at 
the needle tip, away from the bevel direction, may be 
created, which allows the needle to be redirected during 
placement. 

An AP view of the upper lumbar/low thoracic spine is 
obtained and the C-arm is adjusted to superimpose the 
T12-L1 endplates. 

A skin wheal is raised at the lower border of the 
twelfth rib on the right just above the level of the L1 
transverse process (Fig. 5.4.5 a). The needle is inserted 
at this site and advanced at an angle 30° from 
perpendicular inward until the L1 body is contacted 
just below the upper endplate (Fig. 5.4.5). The curve 

of the needle is turned laterally and the needle is 
advanced along the upper portion of the body. Once the 
needle has slipped a few millimeters past the lateral 
aspect of the L1 body, a lateral view is obtained. 

The curve of the needle is directed inward toward the 
body and advanced until the tip lies at the anterior 
border of the body, near the upper endplate, in a direct 
lateral view. 

Using “live” fluoroscopy, 1 ml non-ionic contrast 
medium is injected. The dye should remain against the 
anterior aspect of the bodies in the lateral view 

(Fig. 5.4.6 a). 

If dye is seen spreading dorsally toward the neural 
foramina (see Fig. 5.4.6 b), the needle should be 
withdrawn and repositioned at a higher level. 


An AP view is obtained, which should demonstrate dye 
spread against the lateral aspect of the bodies 

(Fig. 5.4.6 c). 

Spread more laterally indicates injection within the 
psoas muscle, in which case the needle should be 
repositioned more medially and anteriorly. 3 ml 

1% lidocaine is then injected. The dye shadow will 








Fig. 5.4.4 
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Fig. 5.4.6 
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Fig. 5.4.6, cont’d 


e Injection near the mid-point of the body is more likely 


be seen to expand superiorly, spreading to the 
thoracic levels to contact the splanchnic nerves to result in dorsal spread of the drug toward the neural 


foramen. More cephalad placement is a bit more 
difficult technically, but places the needle closer to the 
splanchnic nerves. 


(see Fig. 5.4.6 d). 
e After confirming negative aspiration for blood, 


15-20 ml alcohol or phenol is injected. The needle is 
cleared with 1 ml lidocaine prior to removal. e The procedure is repeated in an identical manner on the 


e Alternatively, the needle can be advanced more left side. 


cephalad to a position at the anterior border of T12 aienaaa mi & eomeecehn diac 
pilesblicnescither the lower or moperendolats Confirmation of a successful block 


(Fig. 5.4.6 e). e Relief of upper abdominal pain. 


Tips 


e After injection of non-ionic radio-contrast medium, a 


blush will indicate injection into muscle. If visible 
contrast medium disappears immediately it is likely that 
intravascular injection has occurred. 

Consideration should be given to performance of 

the block under CT control if the block is 

unsuccessful. 

Placement of the needle anterior to the diaphragmatic 
crus can also be achieved via insertion through the 
abdominal wall. 


Potential problems 


e The position of each needle tip should always be 


confirmed with fluoroscopy before injection of neurolytic 
agent as it may lie in the peritoneal cavity, within a 
viscus or intravascularly. If a needle tip is placed too 
superficially, the tip may come to lie in the intervertebral 
foramen and injection may result in an epidural block or 
a somatic nerve block. Injection of neurolytic solution 
into the psoas muscle may cause rhabdomyolysis. 
Perforation of the aorta or the inferior vena cava is 
possible and consequently the block should be avoided 
in patients with coagulopathy. Dissection of the aorta 
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may occur as a result of direct damage during the block. 
Retroperitoneal hematoma may occur and for this 
reason also the block should be avoided in patients with 
coagulopathy. 

Orthostatic hypotension may occur as a result of 
sympathetic blockade for up to 3 days after a neurolytic 
block. Diarrhea may occur also and hydration of the 
patient should be monitored. 

Pneumothorax may occur. 

Transient motor paralysis and paraplegia may occur 
after the block, probably as a result of spasm of the 
segmental arteries. 

Perforation of the intervertebral disc may occur, but this 
also is usually of no clinical significance. 

Perforation of the kidney or ureter is usually of 

no clinical significance unless neurolytic agent is 
injected. 

The thoracic duct may be damaged (possibly causing 
chylothorax, or lymphedema). 

Abdominal and chest discomfort may be experienced for 
30 minutes after injection of alcohol. 

There may be a detectable odor from the breath after 
alcohol injection. 

Patients in the prone position should be monitored 
carefully when intravenous sedation is administered. 
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Intro: "Joule Thief" LED Night Light 
| have many used batteries around. Remote controls, cameras, many electronic gadgets all use batteries, mostly AA size. | always felt guilty for throwing away the used 
batteries. | know there are rechargeable batteries, but many electronics don't work well with rechargeables. 


| also know that those "used" or "spent" batteries usually have some juice left in them. So to come up with a good use of used batteries, I've created a LED night light. 
| like having a little night light on when | sleep. LEDs are perfect for this purpose, because they are energy efficient, and good at providing low intensity illumination. 


This LED night light operates with just one battery. It utilizes a little circuit called Joule Thief to boost voltage out of an AA battery. | also added a light sensor to turn it on 
automatically when the surrounding is dark. 


The circuit is energy efficient, and requires very low voltage to work. So it effectively sucks every bit of energy out of batteries. This type of circuit is often called "Joule 
Thief", because it works as though stealing every bit of energy (Joule is a unit for energy) out of battery. 


I'm calling this project Night Joule Thief. 





Step 1: Features 
Here are the highlights of the Night Joule Thief. 


¢ Compact & streamlined design 

e Uses only one AA battery (or any 1.5V battery you can hook up to) 

e Easily adaptable to different size batteries - hook up holes to attach home made clips 
e Two white LEDs 

e Automatic turn on via a light sensor (adjustable sensitivity level) 

e Energy efficient - works even with a run-down battery, down to 0.6V 

e Choice of through-hole only components or SMD - mix & match on the same PCB 
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5.5 CELIAC PLEXUS BLOCK—ANTEROCRURAL APPROACH 





Anatomy 

The anterocrural approach places a needle anterior to each 
crus of the diaphragm. The needles are inserted more 
medially and directed at a larger angle towards the midline 
until they come to lie in the retroperitoneal compartment 
between the aorta, and the inferior vena cava dorsally, and 
the pancreas ventrally (Fig. 5.5.1). Fluoroscopic imaging is 
necessary for accurate placement of the anterocrural needles 
using this approach. 


Equipment 

e 2 ml, 5 ml, and 10 ml syringes 

e 30 G needle 

e 15 cm 22 G needle (penetration of the diaphragmatic 
crus is easier with a large gauge needle) 

e Extension set (optional) 

e ECG, BP, SpO, monitors 

e Resuscitation equipment (see Appendix 3) 

e Fluoroscopy 


Drugs 
e Mild sedative 
e Lidocaine (lignocaine) 1%, 5 ml for skin infiltration 
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Fig. 5.5.1 
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e Lidocaine (lignocaine) 1%, 15-20 ml (or its equivalent) 
for block 

° 6% aqueous phenol or 50-75% alcohol (ethanol). 
Our suggestion: mix 2 parts absolute alcohol with 
one part 1% lidocaine. This will help reduce the 
incidence and severity of pain following injection. In 
addition, precede all alcohol injections with 3-4 ml 1% 
lidocaine 

e Non-ionic radio-opaque contrast medium 

e Resuscitation drugs (see Appendix 3) 


Position of patient 
e Prone. 


e Pillow under anterior superior iliac spine to flatten the 
normal lumbar lordosis (Fig. 5.5.2). 


Needle puncture and technique 


e Intravenous access is inserted. 

e¢ Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e Mild sedation may be induced. 


Retrocrural spread 


Celiac plexus 















Fig. 5.5.2 


e The thoracolumbar midline and area 10 cm x 5 cm 
laterally is cleaned with antiseptic solution and a 
fenestrated drape is placed over the sterile area. 

e The twelfth rib and L1 are identified and confirmed 
with fluoroscopy. 


ANTEROCRURAL APPROACH 


Right side 

e A 15 cm 22 G spinal needle is selected. A slight curve at 
the needle tip, away from the bevel direction, may be 
created which allows the needle to be redirected during 
placement. 


e An AP view of the upper lumbar/low thoracic spine is 
obtained and the C-arm is adjusted to superimpose the 
T12-L1 endplates. 


e A skin wheal is raised at the lower border of the twelfth 
rib on the right just above the level of the L1 transverse 
process. The needle is inserted at this site and advanced 
at an angle 30° from perpendicular inward until the L1 
body is contacted just below the upper endplate. 

e The curve of the needle is turned laterally and the needle 
is advanced along the upper portion of the body. 

e Once the needle has slipped a few millimeters past 
the lateral aspect of the L1 body, a lateral view is 
obtained. 

e The needle is advanced until the tip is 1.5—2 cm anterior 
to the anterior border of the L1 body. The needle is 
aspirated and if negative, 1 ml non-ionic contrast is 
injected. Dye spread should be in an amorphous pattern 
(Fig. 5.5.3). 

e If aspiration is negative, 3 ml 1% lidocaine (lignocaine) 
is injected. If no nerve block is noted after 10 minutes, 
this is followed by 15-20 ml alcohol. If phenol is used, 
the lidocaine is not needed. 
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1 ml 1% lidocaine is injected before removing the needle 
to clear it. 


Left side 


The same procedure is repeated on the left. 

The needle is positioned 1.5-2 cm anterior to the 
anterior border of the L1 body. It is then usually 
within the aorta, and aspiration is positive for arterial 
blood. 

The needle is advanced forward until aspiration is 
negative for blood (Fig. 5.5.3 b). 

1 ml contrast is injected. The pattern is generally 
amorphous anteriorly, but a straight border of dye along 
the anterior surface of the aorta may be seen (Fig. 5.4.4). 
Aspiration is repeated and, if negative, 3 ml 1% 
lidocaine (lignocaine) is injected. If no nerve block is 
noted after 10 minutes, this is followed by 15-20 ml 
alcohol. If phenol is used, the lidocaine is not needed. 
1 ml 1% lidocaine is injected before removing the needle 
to clear it. 

Monitors should be left attached and i.v. access left in 
situ for at least 30 minutes. 


Confirmation of a successful block 


Relief of upper abdominal pain. 


Tips 


After injection of non-ionic radio-contrast medium, a 
blush will indicate injection into muscle. If visible 
contrast medium disappears immediately it is likely that 
intravascular injection has occurred. 

Consideration should be given to performance of the 
block under CT control if the block is unsuccessful. 
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Potential problems 


e The position of each needle tip should always be 
confirmed with fluoroscopy prior to injection of 
neurolytic agent as it may lie in the peritoneal cavity, 
within a viscus or intravascularly. If a needle tip is 
placed too superficially, the tip may come to lie in the 
intervertebral foramen and injection may result in 
epidural block or a somatic nerve block. Injection of 
neurolytic solution into the psoas muscle may cause 
rhabdomyolysis. 
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e Perforation of the aorta or the inferior vena cava is 
possible and consequently the block should be avoided 
in patients with coagulopathy. Dissection of the aorta 
may occur as a result of direct damage during the block. 
Retroperitoneal hematoma may occur and for this 
reason also the block should be avoided in patients with 
coagulopathy. 

e Orthostatic hypotension may occur as a result of 
sympathetic blockade for up to three days after a 
neurolytic block. Diarrhea may occur also and hydration 
of the patient should be monitored. 


Pneumothorax may occur. 

Transient motor paralysis and paraplegia may occur 
after the block, probably as a result of spasm of 
segmental arteries. 

Perforation of the intervertebral disc may occur, but this 
also is usually of no clinical significance. 

Perforation of the kidney or ureter is usually of no 
clinical significance unless neurolytic agents are injected. 
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The thoracic duct may be damaged (possibly causing 
chylothorax, or lymphedema). 

Abdominal and chest discomfort may be experienced for 
30 minutes after injection of alcohol. 

There may be a detectable odor from the breath after 
alcohol injection. 

Patients in the prone position should be monitored 
carefully when intravenous sedation is administered. 
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Anatomy 


The superior hypogastric plexus is formed from pelvic 
sympathetic fibers of the aortic plexus and L2 and L3 
splanchnic nerves. These afferent and efferent fibers 
innervate the pelvic viscera, including the uterus, bladder, 
vagina, and prostate. The plexus is located between the 
upper third of the first sacral vertebral body and the lower 
third of the fifth lumbar vertebral body, at the sacral 
promontory, in the retroperitoneal space (Fig. 5.6.1 a,b). 
Parasympathetic nerve fibers from S2-S4 pass through the 
inferior hypogastric plexus. 


Superior 
hypogastric plexus 


Superior 
rectal artery 


Internal iliac 
artery and vein 


External iliac 
artery and vein 


Fig. 5.6.1 


Equipment 

e 2 ml, 5 ml, and 10 ml syringes 

e 30 G needle 

e Two 15 cm 22 G needles 

e Extension set (optional) 

e ECG, BP, and SpO,; monitors 

e Resuscitation equipment (see Appendix 3) 


e Fluoroscopy 












Psoas major 
muscle 


ck 
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Drugs 

e Lidocaine (lignocaine) 1%, 5 ml for skin infiltration 

e Lidocaine (lignocaine) 1%, 15-20 ml (or its equivalent) 
for block 

e Phenol 6% 

e Non-ionic radio-opaque contrast medium 

e Resuscitation drugs (see Appendix 3) 


Position of patient 


e Prone. 
e Pillow under anterior superior iliac spine to flatten the 
normal lumbar lordosis (Fig. 5.6.2). 


Needle puncture and technique 


e Intravenous access is inserted. 

e Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The lumbosacral midline and area 10 cm x 5 cm 
laterally is cleaned with antiseptic solution and a 
fenestrated drape is placed over the sterile area. 

e The iliac crests are palpated and the intercrestal line is 
identified (this corresponds with the inferior aspect of 
the spinous process of L4 or may lie in the L4—5 
interspace). 

e The spinous processes are counted until the L5-S1 
interspace is identified and confirmed with fluoroscopy. 

e The insertion points lie 2 cm lateral and 2 cm cephalad 
to the space between the L5 transverse process and the 
sacrum (Fig. 5.6.3 a,b). 


e A skin wheal is raised at one of the marked sites and 
the area is infiltrated with lidocaine (lignocaine) 1%. 

e Ata 30° angle to the frontal plane, a 22 G 15 cm 
needle is advanced, aimed slightly caudad towards the 
L5-S1 interspace (Fig. 5.6.3 c), until the lower part of 
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the LS vertebral body is contacted at a depth of about 
7-9 cm and confirmed with fluoroscopy. If the needle 
contacts bone at a more superficial level, it is probable 
that it has come into contact with the LS transverse 
process or the sacrum and needs to be repositioned. 
The needle depth is noted. 

The needle is then withdrawn to the subcutaneous tissue 
and, with the aid of fluoroscopy, it is re-advanced, this 
time at an angle 45° to the frontal plane (or with slight 
concavity of the needle) until the previous depth (as 
noted) is reached. It should slip past the vertebral body 
at a depth about 1-2 cm deeper than the first depth 
mark, to lie just anterior to the upper portion of the 
sacrum (Fig. 5.6.4). 

After negative aspiration, the fluoroscopic image is 
observed as a small amount of non-ionic radio-contrast 
medium is injected (Fig. 5.6.5). The correct placement of 
the needle is indicated by the presence of a collection of 
contrast medium just anterior to the upper portion of 
the sacrum or the L5—S1 interspace (Fig. 5.6.6). The 
contrast medium usually spreads in all directions, not 
usually along the sacrum. 

The procedure is repeated on the other side in a 
mirrored fashion (Figs 5.6.7, 5.6.8). 

After further negative aspirations, 5 ml of lidocaine 
(lignocaine) 1% is injected bilaterally and the patient is 
questioned about pain relief. There should be little 
resistance to injection, similar to that felt when injecting 
through an epidural needle. If resistance is encountered, 
or if the injection is painful, the needle should be 
repositioned. 

After 10 minutes the patient is questioned about pain 
relief and any symptoms of somatic nerve blockade. 
Sensory and motor functioning of the lower extremities 
is checked. The procedure should be abandoned if there 
is evidence of somatic blockade. 

After confirmation of pain relief and lack of somatic 
block, 6 ml phenol 6% is injected through each needle 
using glass syringes. The needles are then cleared with 
air or local anesthetic 1 ml, and removed. 

Monitors should be left attached and i.v. access left in 
situ for at least 30 minutes. 

Ultrasound may help placement of the needle 

(Figs 5.6.9-5.6.10). 


Confirmation of a successful block 


e Relief of lower abdominal pain. 


Tips 

e After injection of non-ionic radio-contrast medium, a 
blush will indicate injection into muscle. If this 
disappears immediately it is likely that intravascular 
injection has occurred. 
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Fig. 5.6.3 


e Consideration should be given to performance of the 
block under CT control if the block is unsuccessful 
(Fig. 5.6.10). 


Potential problems 


e The position of each needle tip should always be 
confirmed with fluoroscopy prior to injection of 
neurolytic agents as it may lie in the peritoneal cavity, 
within a viscus or intravascularly. If a needle tip is 
placed too superficially, the tip may come to lie in the 





intervertebral foramen and injection may result in an 
epidural block or a somatic nerve block. Injection of 
neurolytic solution into the psoas muscle may cause 
rhabdomyolysis. 

Perforation of the aorta or the inferior vena cava is 
possible and consequently the block should be avoided 
in patients with coagulopathy. Dissection of the aorta 
may occur as a result of direct damage during the block. 
Retroperitoneal hematoma may occur and for this 
reason also the block should be avoided in patients with 
coagulopathy. 
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Fig. 5.6.4 Fig. 5.6.6 








- Autonomic blockade 

e Orthostatic hypotension may occur as a result of 
sympathetic blockade for up to three days after a 
neurolytic block. Diarrhea may occur also and hydration 
of the patient should be monitored. 

e Transient motor paralysis and paraplegia may occur 
after the block, probably as a result of spasm of 
segmental arteries. 

e Perforation of the intervertebral disc may occur, but this 
is usually of no clinical significance. 
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Fig. 5.6.8 
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Equipment 


Anatomy 

The ganglion impar is a retroperitoneal sympathetic ° 
ganglion located at the level of the sacrococcygeal junction e 
(Fig. 5.7.1). Above the level of this ganglion the . 
sympathetic chains are paired. Sympathetic afferents from ° 


the perineum, distal rectum and anus, distal urethra, vulva 
and the distal third of the vagina converge in the ganglion 


impar. 





Coccyx 


Anococcygeal 


Fig. 5.7.1 


ligament 





2ml, 5 ml, and 10 ml syringes 
30 G needle 

22 G spinal needle 

Extension set (optional) 


e ECG, BP, and SpO, monitors 
e Resuscitation equipment (see Appendix 3) 


Drugs 


Sacrococcygeal 
junction ° 


Ganglion impar ° 


Marks entrance 
point of needle e 











Fig. 5.7.2 





Lidocaine (lignocaine) 1%, 5 ml for skin infiltration 
Lidocaine (lignocaine) 1%, 15-20 ml (or its equivalent) 
for block 

Phenol 6% 

Non-ionic radio-opaque contrast medium 
Resuscitation drugs (see Appendix 3) 


Position of patient 


Prone. 
Pillow under anterior superior iliac spine to flatten the 
normal lumbar lordosis (Fig. 5.7.2). 


Needle puncture and technique 


e Intravenous access is inserted. 


Monitors are attached. 

Resuscitation equipment and drugs are checked and 
made ready for use. 

The midline along the intergluteal groove and an area 
10 cm x 5 cm laterally is cleaned with antiseptic 





Image Notes Image Notes 


1. Through-hole version. 1. AAA battery inserted with a help of small magnets. 
2. SMD (Surface Mount Device) version. Hard to believe this is the same circuit, 2. SMD version - very low profile. 
but it works exactly the same as one on left. Ok, the LEDs are slightly less bright. 3. Standard AA battery snugly fit in the clips. 





Image Notes 
1. Other sizes, such as D cell can be attached by making a pair of little metal clips. 
Just cut and bend paper clips. 


Step 2: Technical Overview 

"Joule Thief" circuit is an inductor based voltage booster circuit to light LEDs with low supply voltage. As most of you know LEDs need higher than 2V (3V for white 
LEDs), so usually at least two batteries are needed to light them. The "Joule Thief" circuit was published in 1999 and has been quite popular. You can see the principle of 
the circuit here. http://en.wikipedia.org/wiki/Joule_thief 


My version is a variation that uses single coil inductor, to make the inductor easily obtainable. | design the circuit using readily available parts only, to make it an ideal DIY 
project. 


Circuit 


The L1, Q2, Q3, C1, R2, and LEDs D1 & D2 make the Joule Thief. And the Q1, and the rest of the parts form the light sensor. CdS is the device that actually senses the 
light and change its resistance accordingly. When the surrounding of CdS is bright, it has low resistance (anywhere around 1k to 3k ohm), and when the surrounding is 
dark, the resistance goes up to 100k to 3M ohm range. So in this circuit, the base voltage of Q1 is controlled by the ambient light level. When the base voltage of Q1 goes 
more than 0.6V below the power supply(battery) voltage, current goes through R1, turning the Joule Thief circuit on. 


The Joule Thief circuit is boosting the battery voltage up to over 6V to light two LEDs in series. LEDs light up with the battery voltage as low as 0.6V! Amazing! 


PCB layout can be downloaded as an editable PDF, so you can etch your own board if you like. Custom 2 layer PCB and kit are available for sale as well. The 2 layer 
PCBs have extra front pads for SMD where possible, so you can build the same circuit with SMD parts as you wish. 


Parts List 

1x CdS Photoresistor (rated 3k - 0.3M ohm) (CDS1) 

1x 1k ohm (R11) 

1x 100k ohm (R2) 

1x 10k ohm (R3) 

1x 50k ohm trim pot (VR1) 

1x 22pF (C1) 

1x 470uH (L1) (anywhere between 22 - 470uUH would work - might have to reduce the C1 value however) 

1x 2N5401 or equivalent (Q1) (or just about any general purpose PNP transistor, such as PN2907, 2N3906, etc...) 
2x MPSAO6 or equivalent (Q2, Q3) (or just about any general purpose NPN transistor, such as PN2222A, 2N3904, 2N4400, etc...) 
2x LED (D1, D2) (Just about any LEDs can be used) 

2x Battery Clips 
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solution and a fenestrated drape is placed over the e After negative aspiration, the fluoroscopic image is 

sterile area. observed as a small amount of non-ionic radio-contrast 
e A skin wheal is raised at the superior aspect of the medium is injected. The correct placement of the needle 

intergluteal groove, just above the anus, over the is indicated by the presence a small round blob of 

anococcygeal ligament (Fig. 5.7.3). contrast medium at the anterior border of the vertebral 
e The stylet from the 22 G spinal needle is removed, and column (Fig. 5.7.5 a,b). 

the needle is bent with the fingers to form a 30° angle, ¢ Lidocaine (lignocaine) 1% 5 ml is injected for ganglion 

approximately 2 cm from the hub. blockade. 


e The needle is inserted through the skin wheal, with the 
concave curvature facing posteriorly. 

e With the aid of fluoroscopy, the needle is advanced deep 
into the coccyx, closely approximating its anterior 
surface, until the tip reaches the level of the 
sacrococcygeal junction (Fig. 5.7.4). 
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e After 10 minutes the patient is questioned about pain 
relief and any somatic blockade. Sensory and motor 
functioning of the lower extremities is checked. The 
procedure should be abandoned if there is evidence of 
somatic blockade. 

e After confirmation of pain relief and lack of somatic 
block, 5 ml of phenol 6% is injected using a glass 
syringe. To avoid leaving alcohol in the needle tract the 
needle is then cleared with air or local anesthetic 1 ml, 
and removed. 

e Monitors should be left attached and i.v. access left in 
situ for at least 30 minutes. 


Confirmation of a successful block 


e Relief of perineal pain. 


Tips 

e To aid access to the anococcygeal ligament an assistant 
may be asked to retract the skin of the buttock; after 
penetration of the skin, this is no longer required. 

e Exaggerated anterior curvature of the sacrococcygeal 
vertebral column may inhibit access and it may be 
necessary to bend the needle to a more acute angle. 
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Potential problems 


The position of each needle tip should always be 
confirmed with fluoroscopy prior to injection of 
neurolytic agent as it may lie in the peritoneal cavity, 
within a viscus or intravascularly. Caudal epidural 
placement of the needle is possible, therefore it is 
essential that spread of contrast material is observed 
to be restricted to the retroperitoneum, and that 

a test dose produces no somatic nerve blockade. 
Perforation of the rectum or periosteal injection is 
also possible. 

Local tumor invasion may inhibit spread 

of solution. 

Retroperitoneal hematoma may occur and the block 
should be avoided in patients with coagulopathy. 
Diarrhea may occur also and hydration of the patient 
should be monitored. 

There may be a detectable odor from the breath after 
alcohol injection. 

Patients in the prone position should be 

monitored carefully when intravenous sedation is 
administered. 
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5.8 INTRAVENOUS REGIONAL SYMPATHETIC 
BLOCK—UPPER LIMB 





Anatomy Drugs 

Peripheral sympathetic blockade is achieved by limiting the ¢ Lidocaine (lignocaine) 0.5% without epinephrine/ 

effect of the sympatholytic agent to the tissues of the adrenaline, or its equivalent 

affected limb using a tourniquet. Intravenous injection of e Bretylium 1.5 mg/kg (or its equivalent, e.g. guanethedine 
an agent that releases endogenous norepinephrine 0.25 mg/kg) 

(noradrenaline) from sympathetic nerve endings causes © Saline (NaCl) 20 ml 


depletion of this neurotransmitter, and thereby chemical 


e Resuscitation drugs (see Appendix 3) 
sympathetic blockade. 


Position of patient 


Equipment e Supine. 
e 20 ml syringe 
e Two i.v. cannulae Technique 


e Pneumatic tourniquet 


e ECG, BP, and SpO, monitors e Peripheral i.v. access is inserted in the limb to be 
e Skin temperature monitor blocked (Fig. 5.8.1 a). 
e Resuscitation equipment (see Appendix 3) 


e Intravenous access is inserted in the contralateral limb. 


e Monitors are attached. 





Fig. 5.8.1 
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Fig. 5.8.3 


e It is then deflated in one step, but left in place. 
Re-inflation may be required if there is a precipitous 
change in blood pressure. 

e Monitors should be left attached and i.v. access left in 
situ for at least 30 minutes. 


Confirmation of a successful block 


e Relief of sympathetically maintained pain. 

e Measurements of skin temperature of the affected limb 
before and after the block should demonstrate 

Fig. 5.8.2 temperature increase. However, the sympatholytic effect 

of the drug may not be immediate (Fig. 5.8.3). 





Tips 
e If i.v. access to the affected limb is difficult due to 


vasoconstriction, a smear of glycerol trinitrate cream on 
the dorsum of the hand will usually aid i.v. insertion. 


e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The limb is raised above the level of the heart for 2 
minutes (Fig. 5.8.1 b). 

e With the limb raised, it is exsanguinated by applying a 
tight wrap, e.g. Esmarch bandage. 


e A single or double cuff may be employed for this block 
but a double tourniquet may make the block more 
comfortable. The proximal cuff is inflated first. A few 
minutes after injection the distal cuff is inflated and 
when inflation is complete the proximal cuff is released. 


e A thin layer of padding is applied, e.g. Velband, under 
the tourniquet site. 


sie Yousmauck spp lied and the cuff is inflated ee e Retrograde cannulation, i.e. towards the periphery 
Perk — mmHg higher than the systolic blood (Figs 5.8.4, 5.8.5) rather than proximally (Figs 5.8.6, 
pressure (Fig. 5.8.2). 5.8.7), may help direct the spread of bretylium to the 
e The limb is then lowered. A mixture of lidocaine periphery. 
(lignocaine) 0.5% 15 ml (without epinephrine! e Active or passive movements of the limb may hasten 


adrenaline), bretylium 1.5 mg/kg (or guanethidine 
0.25 mg/kg), and NaCl to make a total volume of 40 ml 
(a final lidocaine (lignocaine) solution of 0.25%), is 
injected through the i.v. cannula in the affected limb. 

e The tourniquet is allowed to remain inflated for at least © Repeated blocks may bring about gradual improvement 
30 minutes. in sympathetically maintained pain. 


the distribution of bretylium to the periphery. 


e If the tourniquet inflation is painful, inhalation of 
nitrous oxide-oxygen mixture may improve comfort. 
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Fig. 5.8.4 





Fig. 5.8.5 


e Immediate physiotherapy after block may improve 
outcome. 


Potential problems 


e Accidental deflation of the tourniquet early in the 
procedure may cause a precipitous rise in blood pressure 
due to the general release of endogenous norepinephrine/ 
noradrenaline when unfixed bretylium enters the 








Fig. 5.8.7 


circulation. Systemic toxicity of lidocaine (lignocaine) may 
also occur, possibly causing seizures. Blood pressure may 
decrease after deflation of the cuff later in the procedure. 

e The tourniquet inflation may be painful. 

e A sensation of burning may occur after injection due to 
release of endogenous norepinephrine. 

e Neuropraxia may occur (rarely) with a very tight 
tourniquet. 

e Avoid in sickle cell anemia. 
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5.9 INTRAVENOUS REGIONAL SYMPATHETIC 


BLOCK—LOWER LIMB 





Anatomy 

As in the case of the upper limb, peripheral sympathetic 
blockade is achieved by limiting the effect of the 
sympatholytic agent to the tissues of the affected limb 
using a tourniquet. Intravenous injection of an agent 
releases endogenous norepinephrine (noradrenaline) from 
sympathetic nerve endings, which causes depletion of this 
neurotransmitter, and may bring about a chemical 
sympathetic block. 


Equipment 

e 50 ml syringe 

e Two i.v. cannulae 

e Pneumatic tourniquet 

e ECG, BP, and SpO, monitors 

e Skin temperature monitor 

e Resuscitation equipment (see Appendix 3) 


Drugs 

e Lidocaine (lignocaine) 0.5% without epinephrine 
(adrenaline), or its equivalent 

e Bretylium 1.5 mg/kg (or its equivalent, e.g. guanethedine 
0.5 mg/kg) 

e Saline (NaCl) 30 ml 


e Resuscitation drugs (see Appendix 3) 


Position of patient 


e Supine. 


Technique 


e Intravenous access is inserted in the contralateral limb. 

e Peripheral i.v. access is inserted in the limb to be 
blocked. 

e Monitors are attached. 

e Resuscitation equipment and drugs are checked and 
made ready for use. 

e The limb is raised above the level of the heart for 2 
minutes (Fig. 5.9.1). 

e With the limb raised, it is exsanguinated by applying a 
tight wrap (Fig. 5.9.2). 

e A thin layer of padding is applied, e.g. Velband, under 
the tourniquet site. 

e The tourniquet is applied and inflated to a pressure 
100 mmHg higher than the systolic blood pressure. A 
second tourniquet may be applied to the calf of patients 
with no known predispositions to deep venous 


thrombosis. Inflation of this second cuff may aid 
limitation of spread of sympatholytic agent to the 
periphery (Fig. 5.9.3). 

e The limb is then lowered and a mixture of lidocaine 
(lignocaine) 0.5% 25 ml (without epinephrine), 
bretylium 1.5 mg/kg (or its equivalent) and NaCl to 
make a total volume of 40 ml (a final lidocaine/ 
lignocaine solution of 0.25%) is injected through the i.v. 
cannula in the affected limb. 

e The tourniquet is allowed to remain inflated for at least 
30 minutes. 

e It is then deflated in one step, but left in place. 
Re-inflation may be required if there is a precipitous 
change in blood pressure. 





Fig. 5.9.1 
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Fig. 5.9.2 





Single cuff 





Monitors should be left attached and i.v. access left in 
situ for at least 30 minutes. 


Confirmation of a successful block 


Relief of sympathetically maintained pain. 
Measurements of skin temperature of the affected limb 
before and after the block should demonstrate 
temperature increase (Fig. 5.9.4). 


Tips 


If i.v. access to the affected limb is difficult due to 
vasoconstriction, a smear of glycerol trinitrate cream on 
the dorsum of the foot will usually aid i.v. insertion. 

A single or double cuff may be employed for this block 
but a double tourniquet may make the block more 
comfortable. The proximal cuff is inflated first. A few 
minutes after injection the distal cuff is inflated and 
when inflation is complete the proximal cuff is released. 
Retrograde cannulation, i.e. towards the periphery 

(Fig. 5.9.5) rather than proximally (see Fig. 5.9.3), may 
help direct the spread of bretylium to the periphery. 
Active or passive movements of the limb may hasten the 
distribution of bretylium to the periphery. 

If the tourniquet inflation is painful, inhalation of 
nitrous oxide-oxygen mixture may improve comfort. 
Repeated blocks may bring about gradual improvement 
in sympathetically maintained pain. 

Immediate physiotherapy after block may improve 
outcome. 


Temperature probe 





Fig. 5.9.3 Fig. 5.9.4 
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Potential problems 


e Accidental deflation of the tourniquet early in the 
procedure may cause a precipitous rise in blood pressure 
due to the general release of endogenous norepinephrine 
or epinephrine when unfixed bretylium enters the 
circulation. Systemic toxicity of lidocaine (lignocaine) 
may also occur in high doses possibly causing seizures. 
Blood pressure may decrease after deflation of the cuff 
later in the procedure. 

e The tourniquet inflation may be painful. 

e A sensation of burning may occur after injection due to 
release of endogenous norepinephrine. 





e Neuropraxia may occur (rarely) with a very tight 
tourniquet. 

e Avoid in sickle cell anemia. 

Fig. 5.9.5 


MUSCLE INJECTIONS 











Myofascial pain occurs commonly in the muscles of 
the upper and lower back. It is characterized by pain 
associated with movement of the affected muscles that 


develop areas of extreme tenderness, termed trigger points. 


Palpation of these points is usually perceived as a tight 
band or firm nodule in the muscle and reproduces pain 
that may be referred some distance from the site of 
palpation. Involuntary muscular contraction can occur on 
palpation, and snapping palpation can result in a local 
twitch response. Electromyography (EMG) is not reliable 
in diagnosing myofascial pain syndrome and it is worth 
remembering that this syndrome may occur in association 
with underlying painful disorders of the spine. 


Injection of trigger points with local anesthetic, especially 
if repeated several times and combined with stretching 
exercises, may have a beneficial therapeutic effect on the 
pain of myofascial pain syndrome. Pain reproduction 
during injection, followed by relief of pain after injection, 
that lasts at least as long as the expected local anesthetic 
effect, indicates that these painful points contribute to 
myofascial pain syndrome. 


Fibromyalgia is a pain syndrome characterized by 
widespread, diffuse and usually symmetrical tender areas of 
muscles. Bony structures, such as costochondral junctions 
and lateral epicondyles, produce local pain, but not 
referred, on palpation of tender points. Injection of these 
tender areas typically does not improve the pain of 
fibromyalgia. 


Usually a dilute solution of local anesthetic suffices for 
beneficial effect. Bupivacaine produces more muscle 
degeneration than any other local anesthetic when injected 
into a muscle, and consequently it is usually avoided, 
lidocaine (lignocaine) being the usual local anesthetic of 
choice. 


The optimum number of trigger-point injections required 
to produce pain relief is variable. The injection sites may 
themselves be painful after the local anesthetic wears off. 
This may exacerbate muscle spasm if too many trigger- 
point injections are performed. Consideration should be 
given to the severity of the muscle spasm, the number of 
trigger points, and to the sensitivity of the patient to pain 
when deciding on the number of injections. 


GEAR ERS 





102 
Muscle injections 
6.1 TRIGGER-POINT INJECTIONS—~NECK AND THORAX 
Anatomy Equipment 


The muscles most often involved in myofascial pain 
syndrome of the neck include the trapezius, rhomboid 
minor and major, latissimus dorsi, levator scapulae and 
splenius capitis (Fig. 6.1.1; see also Fig. 2.1.2). 


Rhomboid 
minor 


Rhomboid 
major 


Latissimus 
dorsi 








Fig. 6.1.1 
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Local twitch 





Fig. 6.1.2 


e 10 ml syringe 
e 25 G needle 


Drugs 


¢ Lidocaine (lignocaine) 1% 10 ml 


Position of patient 


e Prone. 

e Pillow under chest to allow the neck to flex. 

e The sitting position is also used, but vasovagal response 
may follow trigger-point injections especially in young 
adults, and it is probably more prudent to use the prone 
position. 


Needle puncture and technique 


e The neck, shoulders, and upper posterior thorax are 
cleaned with antiseptic solution. 

e Trigger points in the muscles are palpated (Fig. 6.1.2) 
and marked (Fig. 6.1.3). 

e A 25 G needle with syringe attached is inserted into a 
trigger point (Fig. 6.1.4). 

e After negative aspiration, 2-3 ml of lidocaine 
(lignocaine) 1% is injected into the trigger point while 
moving the needle back and forth through the muscle. 

e After injection, the next trigger point is injected in the 
same manner (Fig. 6.1.5 a,b). 


Confirmation of a successful injection 


e Pain reproduction when the needle enters the muscle 
confirms correct placement. 





Fig. 6.1.3 
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File Downloads 


fe NightJouleThief-PCB.pdf (54 KB) 


[NOTE: When saving, if you see .tmp as the file ext, rename it to 'NightUouleThief-PCB.pdf'] 
Step 3: Assembly 


The assembly is very straight forward. Insert the parts into the PCB, and solder them. Start with small components, follow the order below. 


Parts List (in assembly order) 

1x 1k ohm (R1) 

1x 100k ohm (R2) 

1x 10k ohm (R3) 

1x Photoresistor (rated 3k - 0.3M ohm) (CDS1) 
1x 50k ohm trim pot (VR1) 

1x 22pF (C1) 

1x 470uH (L1) 

1x 2N5401 or equivalent (Q1) 

2x MPSA0O6 or equivalent (Q2, Q3) 
2x LED (D1, D2) 

2x Battery Clips 


Transistors, and LEDs have polarities, so make sure to insert them in the correct orientation. Battery holders need a bit of force to snap into the holes. They attach from 
the back side of PCB as you can see in the picture. 


Once everything is soldered in place, double check the part placement, orientation and solder joints. Then insert a battery. The polarity is marked on the front side of 
PCB. 

If you don't see the LEDs light up, don't worry. The room is probably too bright. Take a piece of black paper or tape and block the light from hitting CdS light sensor. 
(and/or darken the room) If the LEDs still don't come on, turn the trimmer (the little orange thing) with a screw driver, counter clockwise. This makes the sensor less 
sensitive to light, so the LEDs will come on by just placing the sensor under shade, or turning off the room light. 


6.1 — Trigger-point injections—neck and thorax 


Tips 


and redirecting it. 


results. 


after injection. 


Potential problems 


e Pain on injection. 





sitting position). 


e For best results, injection is carried out in a fan-like 
manner by repeatedly withdrawing the needle slightly 


e Stretching of the involved muscles by physiotherapy 
within the duration of the local anesthesia improves 


e Some workers advocate massage of the area immediately 


e Vasovagal response (especially in young adults in the 


e Pneumothorax (especially in thin patients). 


Skin + 











Subcutaneous 


Muscle + 











Fig. 6.1.5 
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Muscle injections 
6.2 TRIGGER-POINT INJECTIONS—BACK 
Anatomy Drugs 
The muscles most often involved in myofascial pain e Lidocaine (lignocaine) 1% 10 ml 
syndrome of the back include the erector spinae (the - 
longissimus, iliocostalis, and spinalis columns) and the Position of patient 


deep transversospinal (semispinalis, multifidus, and 
rotatores) muscles (Fig. 6.2.1 a,b). In the buttocks, 
spasm of the gluteus medius muscle may also cause 
significant pain. 


e Prone. 

e Pillow under abdomen to straighten the normal lumbar 
lordosis (Fig. 6.2.2 a). 

e The sitting position is also used, but vasovagal response 
may follow trigger-point injections, and it is probably 


Equipment more prudent to use the prone position. 
e 10 ml syringe e Alternatively, the semiprone position will also allow 
e 25 G needle access to affected muscles (Fig. 6.2.2 b). 
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Fig. 6.2.2 


Needle puncture and technique 


e The midline and the surrounding area are cleaned with 
antiseptic solution. 


Trigger points in the muscles are identified by palpation 
and marked (Fig. 6.2.3). 

A 25 G needle with syringe attached is inserted into a 
trigger point (Fig. 6.2.4). 


e After negative aspiration, 2-3 ml of lidocaine 
(lignocaine) 1% is injected into the trigger point while 
moving the needle back and forth through the muscle 
(Fig. 6.2.5). 





Fig. 6.2.3 





Fig. 6.2.4 


6.2 — Trigger-point injections—back 


After injection, the next trigger point is injected in the 
same manner. 


Confimation of a successful injection 


Pain reproduction when the needle enters the muscle 
confirms correct placement. 


Tips 


For best results, injection is carried out in a fan-like 
manner by repeatedly withdrawing the needle slightly 
and redirecting it. 

Stretching of the involved muscles by physiotherapy within 
the duration of the local anesthetic improves results. 

Some workers advocate massage of the area immediately 
after injection. 


Potential problems 


Pain on injection. 

Vasovagal response (especially young adults in the 
sitting position). 

Pneumothorax (especially in thin patients) is also a 
possibility when injecting the upper back. 
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Fig. 6.2.5 
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Muscle injections 
ee) GLUTEUS MEDIUS INJECTION 
An atomy e The greater trochanter is palpated. 


e The insertion point of the needle lies approximately 
2 cm medial and superior to the greater trochanter 
(Figs 6.3.3, 6.3.4). 

e A 22 G needle is introduced in a direction vertical to the 
skin and advanced until it is felt to be gripped by the 
tense muscle (Fig. 6.3.5). 


When the buttock muscles are relaxed the quadratus 
femoris, gemelli and gluteus medius muscles can be 
palpated. Spasm of the gluteus medius muscle (Fig. 6.3.1) 
may be the source of buttock pain and may respond to 
trigger-point injection. Unlike pirformis muscle spasm, this 
does not produce symptoms of sciatic nerve irritation but 
causes localized pain, often referred to the posterior thigh 
and calf. 


Equipment 
e 10 ml syringe 
e 22 G needle 





Drugs 


e Lidocaine (lignocaine) 1% 10 ml 


Gluteus minimus 


Position of patient 


e Prone. 


e Pillow under abdomen to flatten the normal lumbar 
lordosis (Fig. 6.3.2). 


EX 3 
Needle puncture and technique 3: 


e The surface of the buttock and hip is cleaned with 1; 


antiseptic solution. 
e The posterior superior iliac spine is palpated and marked. 
Gluteus medius 






Gluteus maximus 





Fig. 6.3.3 
Gluteus medius 


Gluteus maximus 








Fig. 6.3.1 Fig. 6.3.4 


Fig. 6.3.5 


e After negative aspiration, lidocaine (lignocaine) 1% 
3 ml is injected in the substance of the muscle while 
moving the needle back and forth in the muscle 
(Fig. 6.3.6). 

e The procedure is repeated if other trigger points are 
present in the muscle. 


Confirmation of a successful injection 


e Pain reproduction when the needle enters the muscle 
confirms correct placement of the needle. 
e Relief of pain on abduction of the hip. 
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6.3. Gluteus medius injection 
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Fig. 6.3.6 


Tips 
e For best results injection is carried out in a fan-like 


manner by repeatedly withdrawing the needle slightly 
and redirecting it (see inset in Fig. 6.3.6). 


Potential problems 

e Sciatic nerve block: although this is unusual because the 
injection site is not very close to the sciatic notch, it is 
prudent to warn the patient of the possibility. 

e Infection or abscess formation. 
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Muscle injections 


6.4 PIRIFORMIS INJECTION 





Anatomy 


The piriformis muscle inserts into the pelvic surface of the 
sacrum from the second to the fourth segments, lateral to 
the anterior sacral foramina, and passes out of the pelvis 
through the greater sciatic foramen to insert into the 
superior aspect of the greater trochanter (Fig. 6.4.1). It 
overlies the sciatic nerve in the greater sciatic foramen. 
Contraction contributes to abduction of the lower limb. 
Spasm of the muscle in myofascial pain syndrome often 
causes pain referred to the posterior thigh and calf. 


Equipment 
e 2 ml syringe and two 5 ml syringes 


e 25 G needle 
e 22 G spinal needle, end-opening 


Drugs 


e Lidocaine (lignocaine) 1% 10 ml (or its equivalent) 


Position of patient 


e Prone. 


e Pillow under abdomen to flatten the normal lumbar 
lordosis (Fig. 6.4.2). 


Piriformis 
muscle 


Sciatic nerve 





Fig. 6.4.1 


Needle puncture and technique 


The surface of the buttock and hip is cleaned with 
antiseptic solution and a fenestrated drape is placed over 
the sterile area. 

The posterior superior iliac spine is palpated and 
marked. 

The greater trochanter is palpated and marked. 

The insertion points of the needle lie at the points 
one-third and two-thirds along, and 1-3 cm below the 
line connecting these two marks (Figs 6.4.3 a,b,c). 

The first insertion point, the medial one, is infiltrated 
with lidocaine (lignocaine) 1% 2 ml. 

A 22 G spinal needle is introduced in a direction vertical 
to the skin and advanced until it is felt to be gripped by 
the tense piriformis muscle, or until bone is contacted 
(Figs 6.4.4, 6.4.5). 

The end-point is a fascial click at a depth of about 

4-5 cm, depending on the thickness of adipose tissue. 
The patient is questioned about the presence of pain, 
paresthesia, and changes in sensation in the distribution 
of the sciatic nerve, while the needle is being advanced. 
If these symptoms arise, the needle may be in contact 
with the sciatic nerve and should be repositioned. It is 
also possible that spasm of the muscle on needle 
insertion may produce these symptoms and often 
reproduction of pain occurs with entry into the 

muscle. 

After negative aspiration, lidocaine (lignocaine) 1% 5 ml 
is injected. 

Ultrasound may aid placement of the needle 

(Fig. 6.4.6 a,b) 


Confirmation of a successful injection 


Relief of pain on abduction of the lower limb against 
pressure on the lateral knee in the sitting position. 


Tips 


If injection is not successful in relieving the pain, it may 
be repeated at the lateral insertion point. This lies at a 





Fig. 6.4.2 
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6.4 _ Piriformis injection 
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Fig. 6.4.5 


point two-thirds along and 1-3 cm below the line 
joining the posterior superior iliac spine and the greater 
trochanter. 


Potential problems 


e Sciatic nerve block. 
e Infection or abscess may occur (rarely). Fig. 6.4.6 


TRANSCUTANEOUS 
ELECTRICAL NERVE 
STIMULATION (TENS) 











Transcutaneous electrical nerve stimulation is thought to 
modify pain appreciation by stimulation of large fibers 
thereby blocking (or “closing the gate” to) smaller C-fibers 
carrying nociceptive impulses. There is also evidence that 
high-frequency stimulation of the skin increases latency 
and decreases maximum firing rates in small afferent fibers. 
This can produce conduction blockade in C-fibers as the 
current is increased, probably via potassium efflux from 
the axon. It is thought that a combination of these actions 
is responsible for the analgesia derived from the use of 
TENS. This is probably not related to opiate-mediated 
mechanisms when conventional parameters are used. 


Not all pain responds to TENS. If the usual parameters do 
not produce pain relief, low frequency, high intensity 
stimulation may be tried. This means that the current 
amplitude is increased to a level that produces mild 
discomfort and muscle stimulation. Analgesia from this 
type of stimulation may be due to opiate-mediated 
mechanisms. Burst stimulation means short bursts of high 
frequency stimulation delivered at 1-2 Hz and may also 
relieve pain that is not responsive to conventional TENS. 


A TENS trial may be carried out prior to giving the unit to 
the patient to use at home. This allows the patient to 
become familiar with the use of TENS, and to ensure that 
the pain is not aggravated by its use. A minimum of one 
hour is recommended as the trial period. This will indicate 
whether the patient is likely to respond to TENS. However, 
failure to respond within this time period does not 
necessarily mean that there will be no response if used for 
longer periods, or with different settings. It is important to 
allow the patient to use the TENS at home for a period of 
at least 14 days. 


The TENS stimulator is a battery-operated pulse generator 
which has several controls. These include an on/off switch 
plus amplitude control, frequency control, mode selector, 
and width control. In addition, multichannel units have 
amplitude controls for each channel. The pulse generator 
connects to leads that then connect to electrodes, which are 
applied to the skin. Electrodes are applied in pairs, and are 
positioned so that they lie along the direction of the nerves 
in the area being treated, e.g. longitudinally in the limbs, 
but dermatomally in the trunk. 


Control settings (Figs 7.1.1, 7.1.2) 
CONTINUOUS STIMULATION 


e Amplitude set to zero. 

e Pulse width set to midrange. 

e Switch to continuous mode. 

e Increase pulse amplitude level gradually to the 
maximum level for comfort (sensation should be strong 
but not painful). 

e Adjust pulse frequency to maximum level for comfort 
(amplitude may be reduced as pulse width is increased). 

e Adjust pulse width to maximum level for comfort. 

e Maintain for 45-60 minutes. 


IL 
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Fig. 7.1.1 
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Fig. 7.1.2 


Modulated settings 
BURST STIMULATION 


e All controls set to zero. 
e Switch to pulsed mode. 
e Frequency set to 1-2 Hz. 


e Increase amplitude and pulse width as with continuous 
mode described above. 


e Maintain for 45-60 minutes. 


LOW-FREQUENCY HIGH-INTENSITY STIMULATION 


e All controls set to zero. 

e Increase amplitude to level where the muscle underlying 
the electrodes twitches visibly but not painfully. 

e Increase frequency to 2-4 Hz. 

e Maintain for short period (5-15 minutes). 


All the types of stimulation should be tried for each pain, 
and the effects on the pain should be compared. The 
optimum parameters must be found by trial and error. 
The patient is usually advised to begin by using TENS 
for at least one hour three times a day. Once the effect 
of TENS on the pain is known it is recommended that 
stimulation should be discontinued after 30 minutes if the 
patient experiences one or more hours of analgesia from 
a single application. If pain relief is achieved only during 
stimulation, the unit can be kept on constantly. However, 
electrode sites should be changed every 24 hours. 
Occasionally, skin rash under the electrodes may occur 
and this problem may be minimized by frequent rotation 
of the electrode sites and with topical steroids. However, 
very few side effects are associated with the use of TENS. 
Electrical skin burns may occur if TENS is applied to 
skin with poor innervation and it is necessary to ensure 
that there is normal sensation prior to applying the 
electrodes. Allergic reaction to the electrodes or the 
adhesive tape has also been described, but is not 
common. 


Use of TENS is contraindicated on areas over the 
anterior neck (stimulation of carotid sinus, larynx), over 
the pregnant uterus or in the presence of a cardiac 
pacemaker. 


Note: Description of the insertion technique of a 

spinal cord stimulator or peripheral nerve stimulator is 
outside the scope of this text as the techniques are specific 
to the different types of stimulator. 














Image Notes 
1. Resistors soldered in. 


Step 4: Performance 
This little night light performs very well. For starters, the brightness is not bad for using just one AA battery. I've been using these as flashlights as well. 


The light sensor also works very well. Once adjusted, the light is steadily off during the day, even when you put the sensor under shade. Only when you block the sensor 
by a black object, the light would turn on. Yet after dusk, the light would come on when you turn off the room light. 


A fresh battery lasts for weeks if only used as a night light. And the best use of this light is to "revive" used batteries. Those batteries from remote controls, cameras, etc. 
usually have quite a bit of juice left in them. Joule Thief sucks the juice out of those batteries till the last drop. It's like getting free energy when you can use something 


that were going to be thrown out. 
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SUGGESTED 
CORTICOSTEROIDS 





Equivalent dosage 


Anti-inflammatory 


Mineralocorticoid 














Drug name Duration of action (mg) potency (relative) potency (relative) 
Triamcinolone* 12-36 h 4 5 0 
Methylprednisolone 12-36 h 4 5 0.5 
Dexamethasone 48h 0.75 25 0 

Hydrocortisone 12h 20 1 2 





“Triamcinolone diacetate recommended for central neuroaxial injections. 


Corticosteroid injection side effects 


SYSTEMIC SIDE EFFECTS (HIGHER INCIDENCE 
WITH LARGER DOSES) 


LOCAL SIDE EFFECTS 


e Atrophy of subcutaneous tissue 


e Rupture of injected tendon 


e¢ Depigmentation of skin 
e Infection 


Skin flushing 

Irregularity of the menstrual cycle 
Impaired glucose tolerance 
Osteoporosis 

Muscle wasting and myopathy 
Arthropathy 

Suppression of adrenal function 
Psychologic upset 
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SUGGESTED NEUROLY TIC 
AGENTS 





Aqueous phenol 6%. 

Alcohol 100% may be diluted to 50% (pain on injection 
may be experienced and it is recommended that the 
nerve is blocked with local anesthetic prior to injection). 
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RECOMMENDED RESUSCITATION 
DRUGS AND EQUIPMENT 





SUGGESTED RESUSCITATION DRUGS 


























Drug Suggested dosage (70 kg adult) Indication 

Atropine 0.2-0.4 mg i.v. increments Bradycardia from vagal dominance 
Ephedrine 5-10 mg i.v. increments Hypotension from sympathetic block 
Lidocaine (lignocaine) 50-100 mg i.v. bolus Ventricular arrhythmias 

Midazolam 1-3 mg i.v. increments Local anesthetic; seizure activity 
Diazepam 2.5-5 mg i.v. increments Local anesthetic; seizure activity 
Thiopental (thiopentone) 50-100 mg i.v. increments Local anesthetic; seizure activity 
Succinylcholine 50-100 mg i.v. bolus Muscle relaxation; airway control 





It is also recommended that the full range of drugs required for advanced cardiac life support (ACLS), including pre-filled 
syringes, be available in the operating room. 


Suggested resuscitation equipment 


e Oxygen source 

e Bag and masks (full range) 

e Breathing system for positive pressure ventilation 

e Oro- and nasopharangeal airways (full range) 

e Laryngoscopes and blades (full range) 

e Endotracheal tube stylets and forceps, e.g. Magill’s 
forceps 
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Fig. A.4.4 
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Fig. A.4.5 Fig. A.4.6 
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SPINAL CORD SEGMENTAL 
MYOTOMES 





Each muscle in the body is supplied by a particular level or 
segment of the spinal cord and by its corresponding spinal 
nerve. 


CS also supplies the shoulder muscles and the muscle 
that we use to bend our elbow. 

C6 is for bending the wrist back. 

C7 is for straightening the elbow. 

C8 bends the fingers. 

T1 spreads the fingers. 





Fig. A.5.1 


e T1-T12 supplies the chest wall and abdominal muscles. 
e L2 bends the hip. 

e 13 straightens the knee. 

e L4 pulls the foot up. 

e LS wiggles the toes. 

e S1 pulls the foot down. 


e §3, $4 and S5 supply the bladder, bowel and sex organs, 
and the anal and other pelvic muscles. 


C6 
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LUMBO-SACRAL SPINE 
ANATOMY 
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Step 5: PCB & Kit 
If you are handy, you can etch your own PCB, and build this night light entirely DIY. 


However, to spread the goodness of Joule Thief and to contribute to the greener earth, | am putting together the PCB & kit available. 


The details can be found here: http://www. instructables.com/community/Joule-Thief-LED-Night-Light-Kit-PCB/ 





Image Notes 

1. Through-hole version. 

2. SMD (Surface Mount Device) version. Hard to believe this is the same circuit, 
but it works exactly the same as one on left. Ok, the LEDs are slightly less bright. 
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Joule Thief - Ultraviolet Light Mini ‘Joule Altoids Joule 
use LEDs with Ferrite, neta Pen by junits15 Thief' (Photos) Thief Flashlight 
only one AA the joule thief | Electronic Night by Mudbud (Photos) by 
battery! by (Photos) by Light by cynical_chemical 
RazorConcepts botronics TinkerJim 
Comments 
(} | tosacj says: Sep 4, 2011. 10:47 AM REPLY 
|e ¢ Great idea. Let me know when the kit becomes available. 
f 


ledartist says: Sep 4, 2011. 12:38 PM REPLY 
| will post the information on "Kits" section of the forum and on my blog (theLEDart.com). The kit & PCB are scheduled to be ready in mid September. 


Thanks, Aki 





haxcess says: Sep 5, 2011. 8:16 AM REPLY 


This is a very neat application of the joule thief. | am wondering if it would be possible to replace the light-sensor circuit with a small battery charging circuit 
(solar). | suppose that would ruin the beautiful form factor you have here. 





apalacios2 says: Sep 5, 2011. 7:07 AM REPLY 


Excellent circuit. May | remove the CdS circuit and use a button switch instead (thru the resistor connected to the transistor)? 
| find great that it uses a coil instead of a toroid transformer. Kudos! 
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ledartist says: Sep 5, 2011. 7:28 AM REPLY 
Yes, you can. In fact | made sure that you can fit a 6mm tactile switch in place of trimmer pot. You can omit the CdS, and solder a switch in place of 
trimmer pot. 


You can also remove Q1 and put a switch there as well, but my PCB won't accommodate that. 


Yeah | found having to wind my own inductor a hassle, so | designed this circuit to use off-the-shelf inductors. 


Aki 
bhvm says: Sep 4, 2011. 9:17 PM REPLY 
Excellent build! 
7 _ How many mA does this circuit give? Can we use a single 150mA power LED in place of 2x 5mm LEDs? 
ledartist says: Sep 5, 2011. 7:20 AM REPLY 
The current through the LEDs is about 20mA or less peak (it's pulsed current in about 50kHz) 


So you won't get any more light by using a high power LED. By using only one LED, you do get a bit more brightness per LED though. However just a 
regular LED will give you the same brightness as a high power LED because you are not driving the LED with high current anyway... 


It's not that you can't drive high current LED, but this circuit is designed to run with as little power as possible. 


Aki 
a 
_ abbtech says: Sep 4, 2011. 7:10 PM REPLY 
Great looking project. 
ledartist says: Sep 4, 2011. 7:18 PM REPLY 
Thanks! 
vruiz3 says: Sep 4, 2011. 1:56 PM REPLY 


afraid of the night??? :D 


timotet says: Sep 4, 2011. 1:21 PM REPLY 
great job! 


’ 2s gnafpliotis says: Sep 3, 2011. 3:06 PM REPLY 
Can't we hack laptop's batteries that way to perform more? Is it only letting through a small amount of amps? 


ledartist says: Sep 4, 2011. 1:17 PM REPLY 


Laptops and many other "high-tech" gadget has many of inductor based boost/buck (to reduce voltage) voltage converter circuit in them. Especially LED 
back light screens use voltage converter to efficiently drive LEDs. 


So in a way the battery life is already enhanced. (Some gadgets are better than others, of course...) 


Aki 


jolshefsky says: Sep 4, 2011. 6:19 AM REPLY 
Yes, but only if you wanted to use your batteries once. Once a lithium rechargeable (like in laptops) is discharged past a certain point, it can no longer be 
recharged. So there is always some energy left in a laptop battery even when it says it's dead — albeit energy you can't use without ruining the battery. 


stoobers says: Sep 4, 2011. 7:29 PM REPLY 
I've heard this theory. Have you done any experiments that might validate this theory? 





jamwaftles says: Sep 4, 2011. 6:14 AM REPLY 


This might not be 100% accurate but yes, that's why we can't use the same technique for laptops. Joule thieves ramp the voltage up, but the current 
goes down due to V = IR, assuming the load is constant which it is if it's the same laptop ;-) 





jamwaftles says: Sep 4, 2011. 6:15 AM REPLY 


A very professional looking product. This is a great idea; the amount of power saved using old batteries instead of a herd of plug-in night lights, as well as the 
amount of batteries re-used is incredible. 





Just out of interest, how long do these night lights last on one "averagely discharged" battery? 


Contents 


Chapter 26 


25.2 Statistical Analysis of DNA Profiling Results... seessseesesseees 512 
DOD; L? GEMOULY PES vies icieets ssvcesesy slau sendnvesssdesecsieutiesvesessasitessdescssdstocisbeviaseea 513 

PS ALL PrOGE PRObAUiMUy scoyciatespss.Griusbecqenteacbintoaeeeonaauince 513 

PDA 2 LAC MROOG RAID. casssisesesauenscecasnvtarsvicnscsapecanesusoeveeanns 516 

2D Ded TAIL YES cxsssncacosassvsnsnsveny esas terotacssconnseiatsGenaouvensiutenoessanetuarntvans 516 
25.2.2.1 Mitotypes Observed in Database.....issscrsesecsssssesssess 518 

25.2.2.2 Mitotype Not Observed in Database... 518 

Pee TO ANY sscesntessassannsnesdardiesnncteste aera ea ats ene tapeassats ancndeod arth aa aaenaaanoanes 518 
Quality Assurance and Quality Contr sacssncicssssnstashesispried dusieteincodreieeann 523 
DGD IS OCGA Staats ga csesieiserrcinrersrensndadeini ied ietenasteiaencons 523 
26.2 International Quality Standards. .cvsssicsscssssnsecivtscavasvassesncassusscsstospauess 524 
26.3° WAbOratony ACC re Cate a iccatscis ccensbisersesssentlo eaactaseonesaressteeeanarcuaee 525 
DGA Laboratory Val ataoin isscies acsssisscestisiqccaceueeeanacnstonresinnccuandvevnes 525 
OL SMM 0) 8s 0 9h gl U2 anne ee 526 
Ds CORUM ACA OR a vaceseat socsavecnatutdeictenspatucinutesbecadectabeenrtaadscsmvoretuideurbessiceaues 526 
26.7 Forensic DNA Analyst Qualifications ........cssscsssesossessecossssneessssoresses 527 
26.8: Code or Ethicsol POreisic SUIS ES .osicssscs.cssa,tescuersepiamtotancnaniagcorts 528 
BAG HOR FADING 4. i accscesinavenedeanetauanoiarencuntiaeestni nda uatncmnananee: 529 
as Svan bsesseosss savebandsns svscbas suvssshdeussoesas sets ossssae venues cove oasssue soanssvsuus ous savcosadoussveessssedsesesus 533 


xiv 





Crime Scene Investigation 
of Biological Evidence 


A forensic investigation involving biological evidence usually begins at the crime scene. The 
crime scene investigation process includes maintaining scene security, preparing documen- 
tation, and collecting and preserving physical evidence. A crime scene investigation requires 
teamwork and effort. Each team member should be assigned specific tasks (Figure 1.1). 


1.1 Protection of Crime Scene 

A crime scene investigation begins with the initial response to a scene (Figure 1.2). Securing 
and protecting the scene are important steps in a crime scene investigation (Figures 1.3 through 
1.6), and this task is usually carried out by the first responding officer arriving on the scene. The 
entry of authorized personnel admitted to the scene should be documented using a log sheet 
(Figure 1.7). Suspects, witnesses, and living victims should be evacuated from the scene. If a 
victim is wounded, medical attention should be sought. 

Appropriate supplies and devices should be used to prevent the contamination of evidence by 
investigators. Protective wear and devices including a face mask or shield, safety eyeglasses, a dis- 
posable coverall bodysuit, gloves, shoe covers, and a hairnet should be used (Figures 1.8 and 1.9). 
Exposure to bodily fluids may occur during a crime scene investigation. An investigator can be 
exposed to bodily fluids through the mucous membranes, skin exposure, and needlestick injuries 
(especially when investigating a clandestine drug laboratory scene). Therefore, biosafety proce- 
dures must be followed for the protection of personnel from infectious blood-borne pathogens 
such as the human immunodeficiency virus (HIV), hepatitis B virus (HBV), and hepatitis C virus 
(HCV); infectious aerosol tuberculosis pathogens; and other biohazardous materials. 


1.2 Recognition of Biological Evidence 

A preliminary survey should be carried out to evaluate potential evidence. In particular, the 
recognition of evidence plays a critical role in solving or prosecuting crimes. The priority of the 
potential evidence at crime scenes should be assessed based on each item’s relevance to the solu- 
tion of the case. Higher priority should be assigned to evidence with probative value to the case. 
For example, the evidence related to a corpus delicti is considered to be of the highest priority. 
Corpus delicti is a Latin term meaning “body of crime.” In Western law, it primarily refers to the 
principle that in order for an individual to be convicted, it is necessary to prove the occurrence 
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Figure 1.2 Acrime scene unit vehicle that is used to respond to crime scenes. This type of vehicle 
is usually outfitted with devices and supplies that investigators need when processing a crime 
scene, as well as evidence packaging materials, fingerprint collection kits, and DNA collection kits. 
Additionally, it can be equipped with a workstation for computer access, a refrigerator for storing 
chemicals, and a compact fuming hood for processing latent fingerprints, as well as equipment 
cabinets and drawers. (© Richard C. Li.) 





Figure 1.3. Crime scene barrier tape is used to ensure that only investigators are admitted to the 
scene. (Courtesy of H. Brewster.) 


1.2 Recognition of Biological Evidence 





Figure 1.5 Crime scene privacy screen and tent. The screen (top) and the tent (bottom) are useful 
devices for shielding the evidence or body from viewing by unauthorized personnel. (© Richard C. Li.) 
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Figure 1.6 Barricades are set up to keep crowds at a distance from the scene. (© Richard C. Li.) 


of the crime. In a forensic investigation, it also refers to the physical evidence proving that a 
crime was committed. For example, when an individual is missing, a missing persons investi- 
gation is usually initiated. If corpus delicti, such as a dead body or a victim’s blood at a crime 
scene (Figure 1.10), is discovered during the investigation, a homicide case can be established 
and a suspect can be charged with homicide. Higher priority should also be attached to evidence 
that can establish connections such as victim-to-perpetrator linkage. For example, items found 
in a perpetrator’s possession may be linked to a victim. This also applies to transfer evidence 
based on the principles of transfer theory, also known as the Locard exchange principle, which 
theorizes that the cross-transfer of evidence occurs when a perpetrator has any physical contact 
with an object or another person (Figures 1.11 through 1.14). Thus, trace evidence, such as hairs 
and fibers, may be transferred from a perpetrator to a victim or vice versa. This explains why it 
is important to ensure that perpetrators and their belongings are thoroughly searched for trace 
evidence. Likewise, victims and their belongings should be examined for the same reason. 
Victim-to-scene and perpetrator-to-scene linkages can also be established. Blood belonging 
to a perpetrator or a victim found at a crime scene can establish such a linkage (Figure 1.15). 
Additionally, reciprocal transfers of trace evidence from crime scenes can be used to link a 
suspect or a victim to a crime scene. A perpetrator may present a unique modus operandi (MO). 
Modus operandi, a Latin term commonly used in criminal investigations, refers to a particular 
pattern of characteristics and the manner in which a crime is committed. For example, Richard 
Cottingham, a serial killer known as “the torso killer,” dismembered his victims and took their 
limbs and heads with him but left their torsos at the scene. He then set the rooms on fire before 
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Crime Scene Processing 








1.3 Searches 
Some investigations require a search for specific items of evidence such as biological stains, 
human remains, and all relevant evidence. A search usually has a specific purpose. Thus, the 
use of search patterns can be helpful, especially in cases involving large outdoor crime scenes. 









































: Date / } 2: Arrival Time: HRS 
: Assigned Criminalist 4: Assisting Criminalist(s), 
: Supervisor Present a Yes No 
Case Number - 
: Individual/Agency Requesting Investigation 
: Location Address 
a. Type of Scene Indoor ___ Outdoor 
b. SceneSecured _ Yes __No 
c. Weather Conditions 
: Other Personnel Shield # Agency Arrival Departure 
HRS HRS 
SERS HRS 
SS HRS ARS 
HRS HRS 
HRS ____ ss HRS. 
HRS HRS 
HRS HRS 
HRS HRS 
HRS HRS 
HRS HRS 
RETA) «1's HRS 
HRS HRS 
HRS HRS 
HRS ____ HRS 
HRS HRS 
BRS HRS 
iS BRS HRS 
HRS HRS 
HRS ____s HRS 
10; Departure Time HRS 


Figure 1.7. An example of a log sheet for documenting authorized personnel at a crime scene. 
(© Richard C. Li.) 


fleeing the scenes. Evidence that provides information on the MO is also vital to an investiga- 
tion. A distinct MO can establish a case-to-case linkage for serial offender cases. 
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Figure 1.9 Disposable glove (left) and glove with extended cuff (right). (© Richard C. Li.) 


Search patterns may include a grid, line, or zone (Figures 1.16 and 1.17). The method that is ulti- 
mately used depends on the type and size of the scene (Figures 1.18 through 1.20). Additionally, 
the points of entry and exit and the paths followed by a perpetrator should also be searched. 
Searching for biological stains usually utilizes devices such as an alternate light source (ALS); 
see Figures 1.21 and 1.22. An ALS either produces a single specific wavelength of light or a desired 
wavelength by using specific filters. Biological materials such as blood, semen, and saliva emit fluo- 
rescent light under an ALS, which can facilitate the locating of biological materials. Additionally, 
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Figure 1.11 An electrostatic dust print lifting device can be utilized for processing impression 
evidence such as footprints and tire tracks. (© Richard C. Li.) 










: Voltage supply | 


Metallic side of 





_— lifting film 
ttttttit ~ Plastic side of 
e lifting film 
ete e*, 





: Item in question | 
a Ground plate 





Figure 1.12 Basic components of an electrostatic dust print lifting device. The lifting film is 
placed on top of the item in question with the plastic side against the surface and the metallic side 
facing up. A ground plate is placed directly on the ground. The lifting film and ground plate are con- 
nected to the voltage supply apparatus. Once the charging voltage is turned on, the static charge 
transfers the dust particles from the surface to the plastic side of the lifting film. (© Richard C. Li.) 
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Figure 1.13 A high-intensity light-emitting diode (LED) device for locating evidence at a crime 
scene is particularly effective in highlighting trace evidence such as hairs, fibers, and shoe prints. 
(© Richard C. Li.) 





Figure 1.14 A hair found on a victim’s clothing can be transferred evidence from a suspect. 
(© Richard C. Li.) 





Figure 1.15 Finding a victim’s blood on a suspect’s clothing can establish a link between them. 
(© Richard C. Li.) 
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Figure 1.16 Grid search pattern for an outdoor scene. The investigators and anthropologists pres- 
ent are searching for human bone evidence within the grid. (Courtesy of H. Brewster.) 





Figure 1.18 Using ground-penetrating radar (GPR) to locate clandestine graves of homicide victims. 
GPR uses electromagnetic waves emitted from a transmitter, which are detected by a receiver to locate 
clandestine burials and buried objects such as weapons embedded in soils. Images of the potential 
evidence are typically obtained by moving the antenna of the GPR device over the surface of the ground. 
(© Richard C. Li.) 
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ledartist says: Sep 4, 2011. 1:10 PM REPLY 
The battery lasts very long, most likely much longer than you might think. 


It's hard to define "averagely discharged", but | had one cell that was already at 0.7V (to low to be used with anything), and the although the LEDs were 
dim, they lighted for over 48 hours. 


With my "dead" batteries coming out of a wireless mouse still have over 1V, | have plenty of light. 


Aki 


YakAttack says: Sep 4, 2011. 8:24 AM REPLY 
| concur! 
@ledartist: Any tests on battery life so far? 





nymgeek says: Sep 4, 2011. 7:42 AM REPLY 
Are those PCBs made by Laen at dorkbot pdx? 
ledartist says: Sep 4, 2011. 1:04 PM REPLY 
Yup. They are very good! 
acmefixer says: Sep 4, 2011. 10:06 AM REPLY 


| should have said in my previous comment that this does not mean there is anything wrong with your circuit. | think | would change Q2 and Q3 to an easier 
to obtain transistor such as a 2N4401 or PN2222A. Q1 could be a 2N3906 or just about any PNP transistor. If these changes are made, the resistors, 
especially R2, might need to be reduced. Thanks. 





ledartist says: Sep 4, 2011. 1:03 PM REPLY 
Yes, you can use just about any general purpose transistors. R2 should be fine with most transistors, but 47k ohm might work better with some of them. 
Aki 


acmefixer says: Sep 4, 2011. 10:00 AM REPLY 
Unfortunately the link you gave to Joule Thief in Wikipedia is for a poorly written and totally inadequate definition. The authors (apparently several over time) 
do not have a firm understanding of how a JT works, and furthermore, they have made a mess of it. | have added comments in the discussion and some 
errors have been deleted, but it is still unworthy of use for a reference. 





Also, by definition, the original blocking oscillator circuit later given the Joule Thief name used only a single transistor. Your circuit is not a one transistor 
blocking oscillator and bears little resemblance to the original JT, so | don't believe it should use the same name. 


ledartist says: Sep 4, 2011. 12:59 PM REPLY 
| know the original circuit only uses one transistor, but the two conductor inductor is harder/expensive to purchase, and winding own inductors is a bit of 
work. | think using one extra transistor is a good trade off for not having to wind an inductor by hand. It also makes economical sense. (transistors are 
very cheap, so are single coil inductors.) 


| did mention that my version is a_variation_ of original, which | find very often on the net. | also think that showing different ways to achieve the same 
result can be inspirational. 


| also contacted the person who named the circuit "Joule Thief" (Big Clive) and he did not have a problem with me using the name. 


Aki 


StoryAddict says: Sep 4, 2011. 12:54 PM REPLY 
"Joule Thief" - | love a clever pun! 





MikeDel says: Sep 4, 2011. 10:21 AM REPLY 
Looks good. I'm interested! 


Admiral Aaron Ravensdale says: Sep 4, 2011. 7:30 AM REPLY 
| like your "green" thinking. 
| also use a joule thief in my expedition light. 





| am very glad that you will provide the parts as a kit because many kits are able to solder a circuit but etching a little bit too dangerous for them. 


Thanks for your endeavour to make this instructables buyable for many people... 
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Figure 1.19 Using cadaver-sniffing dogs to alert investigators to the presence of buried bodies. 
The odor produced by the decomposition of the human body may be sensed by cadaver-sniffing 
dogs. Odor-absorbing pads absorb and retain the scent of decomposed remains and can be placed 
at the scene for several days. Upon sniffing the pads, a cadaver dog may indicate the presence 
of buried human remains or may indicate that human remains were once buried in that location. 
However, it is not clear that this technique is reliable. (© Richard C. Li.) 





Figure 1.20 Tracking dog for searching suspects. In a situation of processing a recent crime scene 
when the suspect may be in close vicinity to the scene, a tracking dog can be used. A tracking 
dog, such as a bloodhound, can potentially follow the scent from items left at the scene to locate a 


suspect nearby. (© Richard C. Li.) 
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Figure 1.21 Compact alternate light source devices, which are intended specifically for use at 
crime scenes, reduce search time and improve the recovery of evidence such as biological evidence 
and chemically enhanced latent fingerprints. (© Richard C. Li.) 





Figure 1.22 LED light sources provide illumination for locating evidence such as bodily fluid 
stains, hair, or fibers. (© Richard C. Li.) 
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Figure 1.23 An example of a compact Rapid DNA device for processing DNA evidence in the field. 
(© Richard C. Li.) 


Automobile Backing Card 





Case#_wu YeaarMaakee: 
Address of Incident__t..... Model: 
Color: 
Prints lifted by: 
Tag state #. 
Badge #. 
VIN#. 
Type of crime:. 


Victim name: 

Suspect name: 

Location of prints lifted: > 7 o 
4¢ 135 92' 1 
Lift® i C1 iitow windows 









































OPX FORENICS » 900-697-808 
aie ae aid Peck Pret cn Reverat Sicw 


Figure 1.24 An example of sketch documentation. (© Richard C. Li.) 


field tests and enhancement reagents can be used to facilitate crime scene searching (Chapter 12). 
These reagents can detect and identify biological evidence. The tests are very simple, rapid, and 
sensitive, and thus can be used at crime scenes. For example, phenolphthalin and leucomalachite 
green tests can be used for detecting blood evidence. Sometimes, minute amounts of blood may be 


14 


1.3 Searches 







© 


Bath tub 


Scale: 28:1 approx 


Figure 1.25 Sketches for documenting the sites of fingerprints. (© Richard C. Li.) 


present at the scene as a result of attempts to clean up blood prior to the investigation. These stains 
may not be visible with the naked eye. Enhancement reagents such as luminol and fluorescein, 
which emit chemiluminant and fluorescent light upon reacting with certain biological materials, 
respectively, can be used. Additionally, the enhancement reagents can detect faint blood-containing 
pattern evidence such as faint bloody fingerprints, footprints, and other pattern evidence of physical 
contact such as drag marks in blood. However, precaution should be taken since these reagents are 
not usually very specific to blood. Certain substances such as bleach, various metals, and plants may 
also lead to chemical reactions with the field tests and the enhancement reagents. In these cases, the 
evidence collected is further tested with laboratory examination and analysis. 

Recently, portable and field-deployable instruments have been developed that are capable 
of processing buccal swabs and potentially other evidence to produce a DNA profile on-site 
(Figure 1.23). It is a fully automated process, using the Rapid DNA technology (Chapter 8), that 





, 
4 


Figure 1.26 Areflected ultraviolet imaging system (RUVIS) imager for documenting close-up views 
of evidence such as latent fingerprints. (© Richard C. Li.) 
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Figure 1.27 Scales for photographic documentation. Regular scales (top) can be used with vis- 
ible light sources. Fluorescence scales (bottom) can be used for the documentation of fluorescing 
evidence after certain treatment, such as chemical enhancement, using alternate light sources. (© 
Richard C. Li.) 


can be completed within 2 h bya trained crime scene investigator or police officer. These instru- 
ments may provide a new tool for expediting the identification of suspects and developing inves- 
tigative leads at the scene. Additionally, this technology can enable law enforcement agents to 
rapidly determine whether the crimes were isolated incidents or part of serial crimes committed 
by the same offender, such as in serial burglary and arson cases. It can also be used in the iden- 
tification of human remains in mass disasters. 


1.4 Documentation 

The conditions at a crime scene, including both the individual items of evidence and the overall 
scene, must be documented to provide vital information for investigators and for the courts. The 
most common documentation methods are drawing sketches and taking photographs and vid- 
eographs. The sketch is to reflect the positions and the spatial relationships of items and persons 
with measurements using a scale. An investigator usually prepares a rough sketch first and later 
converts the rough sketch into a finished sketch (Figures 1.24 and 1.25). If bloodstains are pres- 
ent at the scene, the location of bloodstain patterns should be emphasized. Prior to handling and 
moving evidence, photographs should be taken with different views: an overall view of the entire 
scene, a medium-range view showing the positions and the relationships of items, and a close-up 
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Figure 1.28 Photographic documentation of bloodstain patterns. (© Richard C. Li.) 


view showing details of the evidence (Figure 1.26). Photographs should also include a measuring 
device such as a scale (Figure 1.27) to accurately depict the sizes of items such as bloodstains or 
bite marks. This can be achieved simply by placing a ruler adjacent to the evidence when it is pho- 
tographed (see Figure 1.28). A photograph log sheet can be used to record the chronological order 
of crime scene photographs and to note filming conditions and any additional relevant informa- 
tion (Figure 1.29). Similar documentation should be prepared for videographs when appropriate. 
Additionally, written or audio-recorded notes can be used. Notes should include complete and 
accurate information of a crime scene investigation, such as the case identifier number, the iden- 
tities of the investigators, and a description of the scene or items (e.g., location, size, and shape). 
Additionally, any disturbance of evidence occurring during crime scene processing should be 
noted. 


1.5 Chain of Custody 

Custody information should be recorded at each event when evidence is handled or transferred 
by authorized personnel. Usually, a custody form listing a specific evidence item is used to docu- 
ment the chain (Figure 1.30). Each individual who acquires custody of the evidence must sign 
a chain of custody document. An incomplete chain of custody may lead to an inference of pos- 
sible tampering or contamination of evidence. As a result, the evidence may not be admissible 
in court. 
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Figure 1.29 Crime scene photography log. (© Richard C. Li.) 


1.6 Collection of Biological Evidence 

After the crime scene documentation is completed, the collection of evidence can be initiated. 
Small or portable items, such as bloodstained knives, can be collected and submitted to a crime 
laboratory (Figure 1.31). Large or unmovable items of evidence (Figure 1.32) can be collected 
and submitted in sections, such as a section of wall where bloodstains are located. Table 1.1 
and Figures 1.33 through 1.38 summarize and illustrate representative collection techniques. 
Specific care is required for the collection of biological evidence in the following situations: 


&, Bloodstain pattern evidence: It is especially important to thoroughly document the 
bloodstain pattern evidence at a crime scene prior to collection. Bloodstain patterns 
can be especially useful in crime scene reconstruction. 
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Figure 1.30 Labels with the chain of custody that are used for marking the evidence contained in 
the packaging. (© Richard C. Li.) 





Figure 1.31 Handling sharp objects. Bloodstained knives collected and submitted to laboratories 
(top) and a box for packing sharp objects (bottom). (© Richard C. Li.) 
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1.32 A section of bloodstained carpet is collected. (© Richard C. Li.) 


Multiple analysis of evidence: If multiple analyses are needed for a single item of evi- 
dence, nondestructive analyses should be carried out first. For example, a bloody fin- 
gerprint should be collected for ridge detail analysis prior to collecting blood for DNA 
analysis. 


Trace evidence: Trace evidence such as hairs and fibers can be present in bloodstained 
evidence and should be identified and properly collected. 


Control samples: Control (known or blank) samples should be collected from a con- 
trol area (e.g., unstained area near a collected stain). 


Size of stain: Polymerase chain reaction (PCR)-based forensic DNA techniques are 
highly sensitive and allow for the successful analysis of very small bloodstains. All 
bloodstains, even if they are barely visible, should be collected at a crime scene. 


Wet evidence: Wet evidence should be air-dried (without heat) prior to packaging 
to prevent the degradation of proteins and nucleic acids, which are used for forensic 
serological and DNA analysis. 


1.7 Marking Evidence 


The marking of evidence is necessary for identification purposes so that it can be quickly rec- 
ognized even years later (Figure 1.39). An investigator’s initials, the item number, and the case 
number are usually included in marking. Information can be marked on a tag, a label attached 
to the item, or directly on garment evidence. The marking of evidence should not be proximal to 


bullet holes or biological stains to prevent the mark from interfering with analyses. 


1.8 Packaging and Transportation 


Packaging is intended to protect and preserve evidence. All evidence should be secured and 
protected from possible contamination. Fragile items should be protected to prevent any dam- 
age during transportation. Exposure to heat and humidity should be avoided to protect bio- 
logical evidence from degradation during transport. Various packaging methods are available 
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kevinhannan says: 
fantasic project and incredibly well explained. 


UOS says: 


Great instructable! Waiting the kit version to buy one but also I'm gonna make mine from scratch :D 


tphillips2 says: 


You are so inventive! Cool idea and great looking light! 


ledartist says: 
Thanks! 





gweeds says: 
What a great idea! must build one and see how long it gets out of a "used'ish" battery 


Sep 4, 2011. 


Sep 3, 2011. 


Sep 3, 2011. 


Sep 3, 2011. 


Sep 3, 2011. 


6:35 AM REPLY 


2:59 PM REPLY 


8:07 AM REPLY 


8:18 AM REPLY 


4:41 AM REPLY 


Forensic Biology, Second Edition 





"]X9} BY} Ul Paqluosap se (xoq ‘8eq ‘adojaAusa) Jaded se yons jelua}ewW Snood e 
ul peyoed aq pjnoys aouapIAs Alq “ainjesadwia} WOO Je pasojs aq AewW Sajdwes Jayj}O ‘pajoU aJe BUIZ9OJ} JO UOIJeJaSIWJas SuliInbes sajdwes ‘ajoyy 
‘Oq ‘uo uUlYyseM ‘SWeIBOIg BdIISNF JO BdI1O ‘adlIsN¢ Jo JuUaWIedaq 
SN ‘ZOOZ ‘Moday jeloads ‘sased plod aAjOS 0} WN BUISA ‘edl}sN¢ JO ayNyIYSu] JeUOITEN ‘O8aIq ues ‘sSdig DIWapedYy ‘TOOZ ‘yooqpueH 
QUIIS AWD S,aa7 Aiuay ‘|e 38 OH ‘9e7] ‘uojeYy B90g ‘SSAlg OHO ‘vOOZ ‘‘upe ul/ ‘voles SaAU] aUAIS awWD Jo sanbiuyoal ‘"g ‘aYSl4 ‘aoinos 


Yj}Oq JO SJBPUDJJO Ps}dIAUOD SUOI}IPUOD so|dwes 

JO SJENPIAIPU! Pajsaue WO, Sa;|dwWeS 8U1}I9|}09 40f JODOJOId UO!JOIPSIUN! Mo}|O4 SNOLeA snowe,  aseqejep YNG 

Jaulejuod suesio 
8Z901J pue Jeule}]UOD e Ul UBlIDads BoeR|d ‘ajqejieAe JOU SI poojq JI 19a}|09 e Ul ezeel4 18M pue sanssl_ 

SUOI}IPUOD 
Jaulejuod e OjU! ajqissod 41 djnd jejUap YUM Y}e9} 199]/09 Jaulejuod SNOLIeA YjooL 
JOM JI 8ZdO1J PUR JOUIe}UOD e Ul UBWIDEdS Bde|d ‘pauajesd oie BeIGaLIOA Jaulejuood SUOI}IPUOD 

pue auog qu ‘ajqeyleae Ji MOUeW YIIM BUOg 499]|O9 ‘ajqej!eAe JOU SI poojq JI 1Da}}09 ul 8zeel4 SNOLIEA seuog 

i ssuldesos 

pjO} S,JSIS8nup suisn sajdwes desm ‘seded ues|d oJUO Sjieu Jo Sapisuapun adesoS suldesos suomipuos pue 
PO} S.jSISsnup suisn sajdwes dewm “jaded ueajd OJUO sj!eu dIJ9 0} Jadd!|9 uealo e asf) sulddi|9 snoue, s|leuasul 4 

papuswwodel jou AjjeJaUas ‘AJessadeu JI pasn aq ued WiNndeA uinnoe, 
papjoj aq ued jeu} Jaded jo adald e OJUO Jey 4aJSUeJ} 0} Sdads0} asp) JOJSUBIL eee 
poyyew Bull] Ule}spoo|q Ap 0} J8J9y Bulyi] —oIqnd pue peay S112 
Aup-sle 0} Moyle :Jeded Ja}|I} JO ease poyselW UO ajdWes eAI|eS JOUOP Bde} 4 Joded J9}|!4 sajdwies 
Aip-1e 0} sqems (jeoonq) 
MOJ||e ‘UO!JD9]]0O9 BULINP Way} SUlJe}JOI ‘SGeMS OM] BUISN Y8eYD BU} JO aplsul ay] Gems qems BALES BOUBIEJaY 
anoqe 

Base JIGNd S,WIJDIA e JO YABW A}IG & WO} Pa}da|j09 UdYO ,,P00|g,, 88S jam 10 Alq eAIIES 

anoge PIN|} 
sJasull JO ease dIGnd s,joadsns e WOdJ paj0e]]09 USO ,,PO00|g,, 88S Jam JO Alq = |EUISeA WIJDIA 


ainpadold u0193]|09 aouaping 
jo poya jo adAy 


BOUAPIAJ [29130|Olg SuI}9a/09 10} spoyya| (panuuog) |") aqeL 





22 


1.8 Packaging and Transportation 





Figure 1.33 Evidence collection kits. Sexual assault evidence collection kit (top). Paternity 
evidence collection kit (bottom). (© Richard C. Li.) 





Figure 1.34 Various types of swabs that are used for collecting biological evidence. (© Richard C. Li.) 


23 


Forensic Biology, Second Edition 





Figure 1.35 Fingernail swabbing for recovering evidence. Fingernail swabs are often collected 
from individuals who are involved in a struggle in violent crimes and in digital penetration in sexual 
assault cases. Fingernail swabs are sampled separately from both hands. (© Richard C. Li.) 


depending on the type of evidence handled (Figures 1.40 through 1.42). The following are gen- 
eral considerations related to the packaging of evidence: 


%, Evidence from different sources: To prevent the transfer of evidence from different 
~ sources, items of evidence should not be grouped in a single package. However, evi- 
dence may be packed in a single container if the items were found together. 


%, Folding of evidence: Folding of clothing, especially items with wet bloodstains, can 
transfer evidence from one part of a garment to another. If a large, dry garment must 
be folded, a piece of clean paper should be placed between different parts of the gar- 
ment to avoid direct contact between the different parts of the garment, thereby pre- 
venting the transfer of evidence. 


8, Packing materials: Envelopes, bags, and boxes that are made of porous materials such 
_ as paper are appropriate for packaging dry biological evidence. Dry, bloodstained 
evidence should not be sealed in plastic bags or containers that trap moisture. 


8, Liquid evidence: Tubes containing liquid such as blood should not be frozen because 
~ the volume of a liquid expands in freezing temperatures and this expansion may 
lead to cracking. Tubes should be placed in plastic bags to prevent leaks in case of 
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Figure 1.36 Hand bags for protecting the hands of a decedent in an alleged suicide. Gunshot 
residue can be found on hands after firing a weapon (top). The bagging of the hands, using paper 
bags and wide rubber bands, prevents the loss of gunshot residue during the transportation of the 
body (bottom). (© Richard C. Li.) 


accidental breakage. Liquid evidence should be transported and submitted to a labo- 
ratory as soon as possible after the collection of evidence. 


§, Trace evidence: All such evidence should be wrapped in paper with a druggist’s fold 
_ (Figure 1.43). The wrapped trace evidence can be packed in an envelope. 


Packaged evidence should be properly labeled with a description of the evidence and sealed 
with evidence tape. It is important for the person packaging the evidence to initial and date 
across the seal to show authenticity (Figure 1.44). A seal should not be cut when a sealed evi- 
dence bag is opened. Instead, an opening can be created by cutting at an area distal from the 
existing seal. After analysis is complete, the evidence packaging should be resealed. Table 1.1 
summarizes additional steps for packaging evidence. 


1.9 Final Survey and the Release of the Crime Scene 
During a final survey, a discussion with all personnel in the crime scene investigation team 
should be carried out to thoroughly review all aspects of the search. It is important to ensure 
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Figure 1.37 Blood cards are typically used for collecting blood evidence from a known source such 
as a suspect or a victim (top). A manual hole punch can be used to create a blood card punch for 
DNA extraction. Blood samples are air-dried on blood cards for storage (bottom). (© Richard C. Li.) 


—+Forensic 
DNA testing 





Figure 1.38 Application of Flinders Technology Associates (FTA) filter paper for the collection of 
biological evidence. (a) Biological fluid with cells is applied to FTA paper. (b) Cells are lysed and 
DNA is immobilized on FTA paper. (c) Cellular materials are washed away and DNA remaining on 
the FTA paper can be used for forensic testing. (© Richard C. Li.) 
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Figure 1.39 Photographic documentation of a knife. Note the evidence tag. (© Richard C. Li.) 





Figure 1.40 Evidence containing dried bodily fluid stains is packed in a paper bag. (© Richard C. Li.) 





Figure 1.41 Alleged diluted blood collected from a pipe (left) and placed in plastic containers 
(right). (© Richard C. Li.) 
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Figure 1.42 Evidence pouch. The front of the pouch is transparent for viewing the content. The back 
of the pouch is made of breathable materials allowing wet evidence, such as swabs, to dry inside the 
pouch. (© Richard C. Li.) 





Figure 1.43 An example of a druggist’s fold. Trace evidence should be deposited in the center 
(colored area) of the paper. (© Richard C. Li.) 
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Figure 1.44 Proper marking of sealed evidence. Note that the evidence packaging was cut a sec- 
ond time and resealed at a different location than that of the preexisting seal. (© Richard C. Li.) 


that the scene has been searched correctly and completely, and that no area has been missed or 
overlooked. All documentation including the chain of custody document must be complete and 
all evidence should be collected, packed, documented, and marked. Photographs of the final 
condition of the scene should be taken. Once the final survey is completed, the crime scene 
can be released. Reentry into the crime scene may require a search warrant after the scene is 
released. Crime scene release documentation usually includes the time and date of release, to 
whom it is released, and by whom it is released. 


1.10 Crime Scene Reconstruction 

Crime scene reconstruction is the scientific process of determining the sequence of events 
and actions that occurred prior to, during, and after a crime. Reconstruction is carried out 
based on the information from the crime scene observations and the laboratory examina- 
tion of physical evidence. The overall scientific process in reconstruction usually involves 
several steps. The process usually begins with the formulation of questions related to the 
problems that need to be solved. The questions can refer to the explanation of the specifics 
of the crime, for instance, “Where was the shooter’s position when the shooting occurred?,” 
“Where was the victim’s position when shot?,” and “What is the muzzle-to-target distance 
during the shooting?” In order to conduct a thorough crime scene reconstruction, all useful 
information is collected for review, such as photographs, videotapes, notes, sketches, autopsy 
reports, and analysis reports of the physical evidence. A hypothesis is then constructed based 
on the information obtained, which may explain the events and actions involved in a crime. 
The next step is making predictions that determine the logical consequences of the hypoth- 
esis. One or more predictions are selected for testing. The hypothesis is tested by conduct- 
ing reconstruction experiments. One example of a reconstruction test is bloodstain pattern 
reconstruction in violent crimes (Chapter 2). Other examples of reconstruction may include 
trajectory and shooting, glass fracture, and accident reconstruction. The final step is to ana- 
lyze experimental data and draw a conclusion. The experimental data are analyzed to see if 
the hypothesis is true or false. Additionally, the interpretation of physical evidence analysis, 
witness and confession statements, and investigative information should also be considered. 
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Figure 1.45 The scientific process of crime scene reconstruction. (© Richard C. Li.) 


If the results of the experiment are consistent with the hypothesis, a theory can be developed 
that is intended to provide valuable information to the investigation and future prosecution 
of a case. Sometimes, forensic scientists may find that the hypothesis is inconsistent with 
the test results. In that case, an alternative hypothesis needs to be constructed to initiate 
another reconstruction process. Figure 1.45 illustrates the scientific process of crime scene 
reconstruction. 
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Crime Scene Bloodstain 
Pattern Analysis 


Bloodstain pattern analysis is the application of scientific knowledge to the examination and 
the interpretation of the morphology, the sequence, and the distribution of bloodstains associ- 
ated with a crime. These analyses may determine the sequence of events; the approximate blood 
source locations; the positioning of the victim; and the position, the intensity, and the number 
of impacts applied to the blood source. They also can assist in the determination of the manner 
of death and can distinguish between accidents, homicides, and suicides. Bloodstain pattern 
analysis provides critical information for crime scene reconstructions in violent crime investi- 
gations (Chapter 1). 


2.1 Basic Biological Properties of Human Blood 

Blood is a bodily fluid circulating within the body. An average adult has a blood volume of 
approximately 8% of his or her body weight. Blood consists of a cellular portion as well as a liq- 
uid portion known as plasma (Chapter 12). The cellular portion consists of blood cells and plate- 
lets. The plasma is mostly composed of water and other substances such as proteins, inorganic 
salts, and other organic substances. The mass density of blood is only slightly greater than that 
of water. Blood can form clots (or thrombi) that are the result of blood coagulation (Chapter 16). 
Coagulation begins after an injury occurs, stopping blood loss from a damaged vessel. The nor- 
mal coagulation time for 1 mL of venous blood in a glass tube is 5-15 min. The coagulation time 
can be affected by many factors such as blood volume and mechanical disturbance. 


2.2 Formation of Bloodstains 

The formation of a blood droplet is a complex event that is influenced by viscosity, surface ten- 
sion, cohesion force, and gravity. Blood is viscous, and blood viscosity is a measure of the blood’s 
resistance to flow. The viscosity of blood is approximately five times greater than that of water. 
During the formation of a drop of blood, blood leaks out from a blood source. The surface ten- 
sion of the blood causes it to hang from the opening of a blood source and to form a pendant 
drop of blood (Figure 2.1). The molecules of a blood drop are held together by the cohesion force 
to maintain the shape of a blood drop (Figure 2.2). Surface tension causes liquids to minimize 
their surface. As a result, the formed blood drop is spherical. As the volume of the drop gradu- 
ally increases and exceeds a certain size, it detaches itself and falls. The falling drop is also held 
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Air resistance 


Gravity 


Figure 2.1 Forming a blood drop from a blood source. The blood that leaks out of the blood source 
forms a pendant drop of blood. As the volume of the pendant drop increases, the drop stretches in 
a downward direction. Eventually, the drop detaches and falls. The falling drop is largely influenced 
by the force of gravity and air resistance. (© Richard C. Li.) 


together by surface tension. A falling blood drop is influenced by the downward force of grav- 
ity acting on the drop and the air resistance that acts in the opposite direction as the drop is in 
motion (Figure 2.1). 

When a bloodstain lands on a surface, the shape and the size of the bloodstain is affected 
by the texture of the target surface. Bloodstains that land on porous or rough surfaces usually 
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Figure 2.2 The particles of blood are attracted to each other by cohesive forces that are responsi- 
ble for surface tension. As a result, a formed blood drop is spherical in order to minimize its surface 
area. Black arrow, cohesive force; white arrow, surface tension. (© Richard C. Li.) 
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Figure 2.3. The respective morphologies of falling blood drops that land on surfaces with different 
textures at a 30° angle. (a) Tile, (b) cardboard, and (c) paper towel. (© Richard C. Li.) 


have more distortion around the edges of the stains than those that land on smooth surfaces. A 
comparison of blood dropped onto different textures of target surfaces is shown in Figure 2.3. 


2.3 Chemical Enhancement and Documentation of Bloodstain Evidence 
Many chemical reagents react with blood to exhibit a color, a chemiluminescent light, or a flu- 
orescent light (Chapter 12). These tests are extremely sensitive and thus are used as chemical 
enhancement reagents for detecting bloodstains. For bloodstain pattern analysis, the enhance- 
ment reagent is primarily used for detecting latent bloodstains such as diluted bloodstains that 
are visible on enhancement. A commonly used chemical reagent is luminol, which can be used for 
locating bloodstains at the scene. Other reagents such as phenolphthalein, leucomalachite green, 
and tetramethylbenzidine are not often used as enhancement reagents but rather as presumptive 
tests for blood. The positive reactions of all these reagents indicate the presence of blood. 
Documenting bloodstain patterns at the scene is a major task of the investigation. Documenting 
bloodstain evidence can be done using a combination of photography, note-taking, and sketch- 
ing. The general principle of crime scene documentation is described in Chapter 1. In bloodstain 
pattern analysis, special attention must obviously be given to bloodstains. The photographic 
documentation of bloodstains may be performed by multiple means, including film and digital 
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photography, as well as videotaping. Photographs should be taken with an overall view followed 
by a medium-range and a close-up view of the bloodstain patterns. A scale of measurement must 
be included in the photograph, which is critical for bloodstain analysis. To avoid any distortion, 
the photographs should be taken with the camera lens parallel to the target surface where the 
bloodstains are located. An overall photograph provides an overall view of the scene including the 
bloodstain evidence (Figure 2.4a). A midrange photograph provides more details of the bloodstain 
pattern compared with that of the overall photograph (Figure 2.4b). Single bloodstains should be 
visible in midrange images. A close-up photograph, usually taken with a macro lens, provides a 
detailed image of single bloodstains, which is useful for spatter pattern analysis (Figure 2.4c). 








Figure 2.4 Crime scene photographic documentation. (a) Overall, (b) midrange, and (c) close-up 
photographs. (© Richard C. Li.) 
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2.4 Analyzing Spatter Stains 

A spatter stain, based on the recommended terminology of the Scientific Working Group on 
Bloodstain Pattern Analysis (SWGSTAIN), is “a bloodstain resulting from a blood drop dis- 
persed through the air due to an external force applied to a source of liquid blood.” The patterns 
of spatter stains, including the shape and the size of the stains, are affected by the direction and 
the angle of impact (discussed in detail in Section 2.5.3) of the spatter stains that are projected. 
This information can be obtained from an analysis of the patterns of the spatter stains. Thus, it 
is possible to determine the area of origin (discussed in detail in Section 2.4.4) where an external 
force was directly applied to the blood source. 


2.4.1 Velocity of Blood Droplets 

The sizes of bloodstains are affected by the external force that is directly applied on a blood source. 
Increasing the energy of the external force will reduce the surface tension, thus decreasing the size 
of the droplets. Since these travelling blood droplets are driven by the energy derived from the 
external force, the higher the energy, the higher the velocities of the droplets. Bloodstains can be 
divided into three categories based on different travelling speeds. Low-velocity impact spatter is 
formed when a blood droplet is travelling at <1.5 m/s. The resulting stains are usually >4 mm in 
diameter (Figure 2.5a). As the travelling speed of blood droplets increases, the size of the spatter 
stain decreases. Medium-velocity impact spatter is formed when a blood source is subjected to a 
force associated with beatings or stabbings. The resulting stains range from 1 to 4 mm in diameter 
(Figure 2.5b). High-velocity impact spatter is formed when a blood source is subjected to a force 
associated with shooting using firearms. The resulting stains are usually <1 mm in diameter. 


2.4.2 Determining the Directionality of the Stains 

In this analysis, the effects of the directionality of the spatter stains projected are examined. 
SWGSTAIN defines the directionality to be “the characteristic of a bloodstain that indicates 
the direction blood was moving at the time of deposition.” This analysis is applicable when the 
blood source is projected onto a surface at an angle of between 0° and 90°. Under this condi- 
tion, the resulting spatter stain is an elongated ellipse (Figure 2.6), which is known as the parent 
stain. Additionally, satellite stains in the vicinity of the parent stain can be observed. As defined 
by SWGSTAIN, a satellite stain is “a smaller bloodstain that originated during the formation of 
the parent stain as a result of blood impacting a surface.” More importantly, a spine is observed, 
which is the pointed edge away from the parent stain. When such a pattern is observed, the 
pointed end of the spine always points toward the direction of travel of the bloodstains. 
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Figure 2.5 Bloodstains can be categorized based on their travelling velocities. (a) An example of 
a low-velocity impact spatter stain and (b) an example of a medium-velocity impact spatter stain. 
(© Richard C. Li.) 
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Parent stain 


Spine 


Satellite stain 





Figure 2.6 The morphology and directionality of a blood spatter stain. The arrow indicates the 
direction of travel. (© Richard C. Li.) 


2.4.3 Determining Angles of Impact 

SWGSTAIN defines the angles of impact to be “the acute angle (alpha), relative to the plane of 
a target at which a blood drop strikes the target.” The shapes of the spatter stains are affected 
by the angle of impact. When a blood drop lands on a surface at a perpendicular angle (90°), 
a circular parent stain is formed (Figure 2.7), where the length and the width of the stain are 
equal. When a blood drop is projected onto a surface at an angle of between 0° and 90°, the stain 
is elongated. As the impact angle decreases, the shape of the spatter stain is more elongated 
(Figure 2.7), in which the length of the stain is greater than the width. It is observed that the 
ratio of the width and the length of the parent stain is proportional to the sine of the impact 
angle, which is summarized in the following trigonometric equation: 
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Figure 2.7. The effects of the impact angle on the shapes of blood spatter stains. Spatter stains are 
projected onto the surface of a ceramic tile at: (a) 90°, (b) 50°, (c) 20°, and (d) 10°. (© Richard C. Li.) 
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In this equation, « is the angle of impact, / is the length of the parent stain (major axis), and w is 
the width of the parent stain (minor axis). Thus, the angle of impact can be determined based on 
the relationship between the length and the width of the stain (Figure 2.8). Obviously, the mea- 
surement of the stain’s axes is critical to the accuracy of the calculation of the angle of impact. 
To produce accurate and reproducible measurements, bloodstain pattern analysis software can 
be used, which superimposes a scaled close-up image of an individual bloodstain and calculates 
the angle of impact. 


2.4.4 Determining Area of Origin 

SWGSTAIN defines the area of origin to be “the three-dimensional location from which spat- 
ter originated.” Using simple trigonometry, the area of origin can be determined based on the 
measurements from multiple elongated spatter stains (Figure 2.9). This can be accomplished by 
using the string method or the tangent method. 





Plane of 
Ll target surface 


<—___ 


Direction of travel 
of droplet 


Figure 2.8 Impact angle. The angle between the path of a projectile and the plane of the target 
surface is shown. a, the impact angle; /, the length of the parent stain; and w, the width of the par- 
ent stain. (© Richard C. Li.) 


a Area of origin 


Projected string 











~ Plane of target surface 


Figure 2.9 Area of origin. The area of origin is determined using the string method. Only three 
representative bloodstains are shown. a, impact angle. (© Richard C. Li.) 


Al 


Forensic Biology, Second Edition 





Figure 2.10 Determining the area of origin using the string method. (a) Selecting elongated spatter 
stains, (b) connecting strings, and (c) setting the path of the strings. (© Richard C. Li.) 


In the string method, multiple (approximately two dozen) well-formed, elongated spatter 
stains are selected for analysis (Figure 2.10a). For each stain, the angle of impact is calculated. 
A piece of string is then connected between the stain and a surface with one end of the string 
precisely attached to the spatter stain (Figure 2.10b). The path of the string, indicating the trajec- 
tory of the stain, is set using a protractor based on the calculated angle of impact (Figures 2.10c 
and 2.11). This process is repeated until all the stains that have been selected are processed. For 
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Figure 2.11 Tools for finding the area of origin. (a) Laser trajectory pointer and (b) string and 
scales. (© Richard C. Li.) 


= Area of origin 
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Area of 
convergence 


Back-projected line 


Figure 2.12 Determining the area of origin using the tangent method. Only three representative 
bloodstains are shown. a, the angle of impact; H, the height of the area of origin; and D, the dis- 
tance from the spatter stain to the area of convergence. (© Richard C. Li.) 


a spatter pattern generated from a single impact event, the strings converge. The area where the 
strings meet is the area of origin. 

In the tangent method, the directionality of a single stain is determined first. A line is then 
back projected through the major axis of the bloodstain. For a single impact event, approximately 
two dozen stains are processed to determine the area of convergence. Based on SWGSTAIN’s 
definition, the area of convergence is “the area containing the intersections generated by lines 
drawn through the long axes of individual stains that indicates in two dimensions the location 
of the blood source.” Next, the angle of impact of each stain is calculated. The distance from the 
bloodstain to the area of convergence is measured (Figure 2.12). The height of the area of origin 
is calculated using the tangent function as shown: 


H=D-tana 
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In the equation, « is the angle of impact, H is the height of the area of origin, and D is the dis- 
tance from the spatter stain to the area of convergence. 


2.5 Types of Bloodstain Patterns 
Bloodstain patterns can be classified into three basic categories: passive, transfer, and projected 
bloodstains. 


2.5.1 Passive Bloodstains 

A passive bloodstain is formed due to bleeding from wounds, and the blood is deposited on a 
surface by the influence of the force of gravity alone. For example, a drip stain is formed when a 
falling drop of blood from an exposed wound or a blood-bearing object lands on a surface. Ifa 
blood source is moving, a drip trail is formed. A drip pattern, which is distinct from a drip stain, 
is formed when a liquid drips into another liquid, where one or both of the liquids are blood 
(Figure 2.13). Asa result, secondary spatter stains are generated. As the dropping distance of the 
blood increases, the number of secondary spatter stains usually increases, and the size of these 
stains decreases. An approximate estimation of the dropping distance is possible. A splash pat- 
tern is formed when a volume of blood spills onto a surface (Figure 2.14). Splash patterns usually 





Figure 2.14 A splash pattern. Peripheral, elongated bloodstains are shown. (© Richard C. Li.) 
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have large stains surrounded by numerous, peripheral, elongated bloodstains. A flow pattern 
is caused by the movement of a large volume of blood on a surface either due to gravity or to 
the movement of the target such as a victim or postmortem disturbance. A pool is a bloodstain 
resulting from the accumulation of liquid blood on a surface (Figure 2.15). Sometimes, air bub- 
bles in the blood may cause a bubble ring pattern (Figure 2.15). If blood is coagulated, gelatinous 
blood clots can be observed. Additionally, a serum stain, which consists of the liquid portion of 
the blood after a clot is formed, may also be present. 








Wine ets 


Figure 2.15 Pool and bubble ring patterns. (a) A pool pattern, (b) a disturbed pool pattern, and 
(c) asplash pattern with a bubble ring. Bubble rings are also present in (a) and (b). (© Richard C. Li.) 
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this is my version of the famous joule thief. there's alot of these things out there 
so i did alot of research and made it as simple as i can without soldering or 
complicated math. i harvested these parts from an older dell computer that was 
given to me to scrap. there is only a few parts needed to build this project: 


1: toroid bead (ferrite core) 

2: 1k ohm resister (brown black red) 
3: npn transistor (i used the 2n3904) 
4: thin wire 
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2.5.2 Transfer Bloodstains 

A transfer bloodstain, based on SWGSTAIN, is “a bloodstain resulting from contact between a 
blood-bearing surface and another surface.” For example, a swipe pattern is “a bloodstain pattern 
resulting from the transfer of blood from a blood-bearing surface onto another surface, with char- 
acteristics that indicate relative motion between the two surfaces.” For example, bloody impressions 
can provide information about the shape, the size, and the pattern of the objects such as finger 
ridges, hands, and shoe soles. Examples of hand and shoe swipe patterns are shown in Figures 2.16 
and 2.17. A wipe pattern is “an altered bloodstain pattern resulting from an object moving through 
a preexisting wet bloodstain.” Examples of wipe patterns are shown in Figures 2.18 and 2.19. A 
perimeter stain, a type of wipe pattern, is a bloodstain that is disturbed before it is dried but it main- 
tains the peripheral characteristics of the original stain (Figure 2.20). Perimeter stain patterns can 
be useful for the estimation of sequential events of acts. The pattern can also be used to estimate 
a time frame between the time of bleeding and the subsequent act. However, the drying time of a 
blood drop varies based on the surrounding conditions. Therefore, it is necessary to carry out a 
crime scene reconstruction under similar conditions to those of the scene to make such estimations. 


2.5.3 Projected Bloodstains 
A projected bloodstain is formed when a volume of blood is deposited on a surface under a 
pressure or a force that is greater than the force of gravity. For example, an impact pattern is 





Figure 2.16 Bloody impressions. Bloody handprints are present on (a) a wall and (b) fabric. 
(© Richard C. Li.) 
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Figure 2.17 Bloody impressions. Bloody shoe prints on (a) paper and (b) fabric; and (c) bloody 
footprints on tile. (© Richard C. Li.) 


formed when an object strikes liquid blood (Figure 2.21). A cast-off pattern is formed when 
blood drops are released from a moving blood-bearing object (Figure 2.22). Some spatter pat- 
terns are often associated with a wound penetrated by a projectile (Figure 2.23). A forward 
spatter is formed when blood drops travel from an exit wound in the same direction as a 
projectile, while a back spatter is formed when blood drops travel from an entry wound in 
the opposite direction of a projectile. Sometimes, internal bleeding caused by an injury may 
block the airway. An expiration pattern is formed when blood is forced by airflow through the 
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Figure 2.19 A wipe pattern caused by dragging a body through a pool of blood. (a) A pool of blood. 
Sections of the wipe pattern caused by dragging are shown in (b), (c), and (d). (© Richard C. Li.) 
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Figure 2.20 Perimeter stains. (a) Peripheral characteristics of the original stains are shown. 
Perimeter stains were created at different periods of time after the original stain was formed: 
(b) midrange view and (c) close-up view. (© Richard C. Li.) 


trachea and out of the nose or mouth (Figure 2.24). An arterial spurt pattern is associated with 
wounds damaging arterial blood vessels where bloodstains are driven by arterial pressure. 
Although the shape of arterial patterns varies, these patterns usually have a series of large 
spurts with fluctuations corresponding to the systolic and the diastolic blood pressures. At a 
crime scene, if the projectile of bloodstains is blocked by an object, a void pattern is formed, 
which exhibits an area where there is an absence of blood surrounded by continuously dis- 
tributed bloodstains. 
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Figure 2.22 Cast-off patterns. Spatter stains are projected onto (a) a covered wall and (b) a lab 
coat. (© Richard C. Li.) 
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Figure 2.23 Forward and back spatter patterns. Arrow, the direction of a projectile. (© Richard C. Li.) 
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Figure 2.24 An expiration pattern. (© Richard C. Li.) 
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Forensic Biology 
A Subdiscipline of Forensic Science 


Forensic laboratories provide scientific analysis, evidence evaluation, and consultations to vari- 
ous criminal justice agencies for the investigation of criminal cases. Additionally, forensic labo- 
ratories provide expert testimony related to the resolution of criminal cases to the courts. 


3.1 Common Disciplines of Forensic Laboratory Services 

Many of the disciplines of the forensic laboratory services are commonly practiced in various 
municipal, county, state, and federal forensic laboratories in the United States. Forensic biol- 
ogy is a subdiscipline of forensic science. A full range of forensic laboratory services, known as 
“full service,” usually includes: crime scene investigation (Figure 3.1); latent print examination 
(Figure 3.2); forensic biology (Figure 3.3); controlled substance analysis (Figure 3.4); postmor- 
tem toxicology (Figure 3.5); questioned document examination (Figure 3.6); firearm, toolmark, 
and other impression evidence examination (Figures 3.7 through 3.10); explosive and fire debris 
examination (Figure 3.11); and transfer (trace) evidence examination (Figures 3.12 and 3.13). 
Table 3.1 describes the services that are normally provided by a forensic laboratory with their 
respective analyses. 


3.2 Laboratory Analysis of Biological Evidence 

Forensic biology uses scientifically accepted protocols to analyze biological evidence. Laboratory 
analysis (Figures 3.14 and 3.15) utilizes scientific techniques for the examination of evidence, the 
reconstruction of a crime scene, the identification of biological fluids, and the comparison of 
individual characteristics of biological evidence. 


3.2.1 Identification of Biological Evidence 

The identification of biological evidence is the first step that is performed before further analy- 
ses are carried out. This includes the identification of biological fluids such as blood, saliva, and 
semen; this process is discussed in more detail in subsequent chapters (Chapters 12 through 
14). The identification is based on a comparison of class characteristics—a set of characteris- 
tics that allows a sample to be placed in a category with similar materials. By comparing the 
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Figure 3.1 Crime scene investigation. Recovery of fired casings at the scene can aid in determin- 
ing the position of the shooter. (© Richard C. Li.) 


class characteristics of a sample with known standards of its class, biological samples can be 
identified. 


3.2.2 Comparison of Individual Characteristics of Biological Evidence 

Individual characteristics refer to the unique characteristics of both the evidence and a 
reference sample such as fingerprints, which share a common origin to a high degree of 
certainty. An example of biological evidence possessing individual characteristics is DNA 
polymorphisms. In the case of biological evidence, current forensic DNA profiling can 
compare individual characteristics of DNA evidence with a known reference sample. It is 
possible to determine that a biological stain originated from a particular individual, which 
is useful for human identification. The examination of individual characteristics of evi- 
dence can also exclude the possibility of a common origin. The specific methods utilized 
for the individualization of evidence are also discussed in subsequent chapters (Chapters 19 
through 23). 


3.2.3 Reporting Results and Expert Testimony 

After the analysis of evidence is completed, a report is prepared based on the results of 
the analysis, which may include sections discussing the specific evidence analyzed, the 
method of analysis used, the results obtained, and the conclusions drawn. In the case of 
DNA evidence, the strength of the conclusion is usually evaluated via statistical computa- 
tions (Chapter 25). A forensic scientist often serves as an expert witness whose testimony 
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Figure 3.2 Developing latent fingerprints by dusting methods. Using magnetic fingerprint powder 
(top) that is held by a magnetic applicator (middle). Fingerprints (bottom) dusted by magnetic fin- 
gerprint powder, tape lifted and preserved on a fingerprint card. (© Richard C. Li.) 


provides professional opinions about the evidence analyzed. Based on the federal rules of 
evidence, an expert witness is qualified based on his or her knowledge, skill, experience, 
training, or education, and may give an opinion to the court that is relevant to the analyses 
conducted. However, forensic scientists must also communicate their findings to attorneys, 
judges, and members of a jury. This requires the translation of technical information into 
layman’s terms. 
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Step 1: Wind the Coil 
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i wound a couple sizes of these things using the same wire. the type of wire i 
used came from an ethernet cat5 cable. i like it because its a solid core wire that 
stays in place where i put it. i have 11 turns of wire in the orange one and 13 in 
the green one. i looked all over the internet to find the reason for the number of 
turns but couldnt find an exact answer, and 11 winds is all the smaller (orange 
one) could take, and the green one i just put the 13 turns in it from the same 
length of wire. the orange coil is half the size (about the size of a dime) of the 
green one (little bit smaller than a 50cent coin). 


Step 2: Connect the Resistor 
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Figure 3.3 A section of a forensic biology laboratory showing an automated electrophoresis instru- 
ment used for forensic DNA profiling (left). Processing biological evidence in a biosafety cabinet 
(right). (© Richard C. Li.) 





Figure 3.4 Gas chromatograph (top) and gas chromatograph-mass spectrometer (bottom) used for 
controlled substance analysis. (© Richard C. Li.) 
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Figure 3.5 Tissue samples (left) and gas chromatograph-mass spectrometer (right) for forensic 
postmortem toxicological analysis. (© Richard C. Li.) 





Figure 3.6 A digital imaging system, using multiple illumination sources ranging from ultraviolet to 
infrared wavelengths, for examining altered and counterfeit documents (left). An electrostatic imaging 
system for detecting indented writing on questioned documents (right). This device generates an electro- 
static image of indented writing, which is then visualized using charge-sensitive toners. (© Richard C. Li.) 
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Figure 3.7 Striation marks on fired bullets can be analyzed to match a bullet to a gun. (Courtesy 
of P. Diaczuk.) 


3.3 Forensic Science Services Related to Forensic Biology 

A number of specialized forensic science services beyond those provided by forensic laboratories 
are routinely available to law enforcement agencies. For example, forensic services related to 
biological evidence and those involving more specialized analysis are available. These services 
are important aids to a criminal investigation and require the expertise of individuals who have 
highly specialized skills. 
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Figure 3.8 Fired hollowpoint bullets (.45 caliber ACP Winchester). Striation marks are visible on 
the side view of a bullet (right). (© Richard C. Li.) 





Figure 3.9 A comparison microscope is used for the simultaneous comparison of two items of 
firearm evidence side by side. (© Richard C. Li.) 


3.3.1 Forensic Pathology 

When a death is deemed suspicious or unexplained, medical examiners frequently perform 
autopsies to determine the exact cause (Figures 3.16 and 3.17). The manner of death is classified 
into one of five categories based on the circumstances: natural, homicide, suicide, accident, or 
undetermined. Additionally, a medical examiner participating in a criminal investigation is 
often responsible for estimating the time of death. 


3.3.2 Forensic Anthropology 

Forensic anthropology is the identification and the examination of human skeletal remains 
(Figures 3.18 and 3.19). Skeletal remains can reveal a number of individual characteristics that 
can be useful in attempting to identify an individual. An examination of bones may reveal an 
individual’s origin, sex, approximate age, race, and the presence of a skeletal injury. A forensic 
anthropologist may also assist in creating facial reconstructions to aid in the identification of 
skeletal remains or may be called on to help collect and organize bone fragments in the course 
of identifying victims of mass disasters such as plane crashes as well as victims in mass graves 
discovered after wars or genocides. 
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Figure 3.10 Comparing the striations between evidence and reference samples using a compari- 
son microscope: casings (top) and bullets (bottom). (Courtesy of P. Diaczuk.) 





Figure 3.11 Scanning electron microscope used in the analysis of gunshot residue and explosives. 
(© Richard C. Li.) 
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Figure 3.12 Trace evidence such as hairs can be transferred during the acts of a violent crime. The 
analysis and comparisons of these types of trace evidence can potentially establish a link between 
a suspect or a victim and a crime scene. Hairs from human (top), horse (middle left), deer (middle 
right), dog (bottom left), and cat (bottom right). (© Richard C. Li.) 








Figure 3.13 Trace evidence: fibers. Cotton (left), nylon (middle), and polyester (right). (© Richard C. Li.) 


3.3.3 Forensic Entomology 

The study of insects in relation to a criminal investigation is known as forensic entomology. 
This forensic discipline is valuable for estimating the time of death when the circumstances sur- 
rounding the crime are otherwise unknown. The stages of development of certain insect species 
present in or on a body can be identified and allow a forensic entomologist to approximate how 
long the body was left exposed (Figure 3.20). 
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3.3 Forensic Science Services Related to Forensic Biology 


Table 3.1 Common Services Provided by US Forensic Laboratories 


Evidence recognition, 
documentation, collection, 
and preservation 


Analysis of friction ridge detail 
in fingerprints 

Activities include visualization, 
recording, comparison, storage, 
and recovery of latent prints 


Identification of biological 
fluids (blood, semen, and 
saliva) 

DNA profiling for 
individualization 


Identification and 
quantification of drugs 
present in submitted 
evidence 


Determination of 
concentrations of substances 
and their metabolites in 
biological fluids or tissues 


Investigation of forgeries, 
tracings, disguised 
handwritings, computer 
manipulation of images, and 
recovery of altered documents 

Analysis of papers, inks, toners, 
word processors, typewriters, 
copiers, and printers 


Identification of firearms, 
tools, and other implements 
(expertise achieved 
predominantly through 
experience) 


Identification, recovery, and 
detection of bulk explosives, 
residues, debris, and 
accelerants 


Analysis of transferred 
evidence such as hairs, 
fibers, soil, paints, and glass 


Crime scene responses and related 
endeavors are diverse and vary with case 
and type of evidence 


Alternate light sources, physical (powder) 
and chemical enhancements 

Direct lifts, photography, and digital imaging 
Use of an Automated Fingerprint 
Identification System (AFIS) database 


Serological and biochemical methods 
Polymerase chain reaction (PCR)-based 
methods 

Automated electrophoresis platforms 

Use of Combined DNA Index System (CODIS) 


Microscopic, chemical, chromatographic, 
and spectroscopic methodologies 

Gas chromatography—mass spectrometry or 
infrared spectrophotometry 


Immunoassays and chemical methods 
Confirmatory techniques such as gas and 
liquid chromatography—mass spectrometry 


Macroscopic and microscopic comparisons 
Chromatographic and spectroscopic 
methods 


Microscopic comparisons of questioned and 
authenticated impressions 

Comparison of striae on recovered bullets 
Use of National Integrated Ballistics 
Information Network (NIBIN) 


Microscopic, spectroscopic, and 
chromatographic methods 

Gas chromatography—mass spectrometry may 
be needed to adequately characterize sample 


Microscopic analysis of evidence with gas 
chromatograph-mass spectrometers, FTIR 
microscopes, scanning electron 
microscopes, basic and advanced 
microscopy, and capillary electrophoresis 


Source: Adapted from US Department of Justice, Office of Justice Programs, National Institute of 
Justice (NIOJ), Forensic Science: Review of Status and Needs, 1999, US Department of 
Justice, Washington, DC. 
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Figure 3.14 Photographic documentation of a bloodstained shirt after visual examination. (© Richard 
C. Li.) 





Figure 3.15 A multiwavelength viewing and imaging device used for the examination of various 
types of evidence, including bodily fluid stains. (© Richard C. Li.) 
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Figure 3.16 View of a forensic pathology facility. (Courtesy of G. Ledwell.) 





Figure 3.17 Photographic documentation prior to autopsy (left). Preparing specimens for histologi- 
cal sections for forensic pathological examination (right). (Courtesy of G. Ledwell.) 





Figure 3.18 Buried human skeletons recovered by forensic anthropologists. (Courtesy of H. Brewster.) 
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Figure 3.19 Human skull recovered at the scene. (Courtesy of H. Brewster.) 





Figure 3.20 Insects found on a dead animal (left). Blow fly specimen. This insect is commonly 
encountered at crime scenes (right). (Courtesy of K. Wendler.) 


3.3.4 Forensic Odontology 

Practitioners of forensic odontology participate in the identification of victims whose bodies 
are left in an unrecognizable state. The characteristics of teeth, their alignment, and the overall 
structure of the mouth provide evidence that can identify a specific person. Dental records such 
as x-rays and dental casts allow a forensic odontologist to compare a set of dental remains with 
an alleged victim. Another application of forensic odontology in a criminal investigation is bite 
mark analysis (Figure 3.21). A forensic odontologist can analyze the marks left on a victim and 
compare them with the tooth structures of a suspect to make a comparison. 
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Figure 3.21 A dental cast can be utilized for identifying bite marks. (© Richard C. Li.) 


3.4 Brief History of the Development of Forensic Biology 

The developmental history of modern forensic biology spans three stages: (1) antigen poly- 
morphism, (2) protein polymorphism, and (3) DNA polymorphism. Figure 3.22 illustrates this 
history. 


3.4.1 Antigen Polymorphism 

The human ABO blood groups were discovered in 1900 by Karl Landsteiner in a study of the 
causes of blood transfusion reactions. Landsteiner’s discovery made blood transfusions feasible, 
and he received the Nobel Prize in 1930 when he revealed the four groups of human blood cells 
designated A, B, AB, and O. By the 1960s, a dozen more blood group systems had been charac- 
terized, and at least 29 systems are currently known (Chapter 18). 
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Figure 3.22 A brief history of the development of forensic biology. (From Jobling, M.A. and Gill, P., 
Nat Rev Genet, 5, 739-751, 2004. With permission.) 
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once the coil is wound, cut off the excess wire but make sure to leave enough to 
work with. strip the ends of all four wires, then take 1 wire of opposite color 
from each side and twist them together. then since i didnt solder any wire, i cut 
up several small wires to piece the rest of it together. unless you want to solder it 
you can skip this part. but i took a piece of wire and attached it to one of the 
single wires on the coil ( it doesnt matter which one) and attach the other end of 
the piece of wire to the 1k ohm resister, then take another piece of wire and 
attach it to the other single wire which will go to the collector leg of the 
transistor. the final piece of wire for this step attaches to the twisted pair of wires 
which will become the positive input for the circuit. 


Step 3: Connect the Transistor 
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Subsequent studies found that the blood types in the ABO system were inherited, and the fre- 
quencies with which the four types appeared in specific human populations were found to differ. 
This led to the discovery of the first antigen polymorphic marker for use in human identification 
in forensic cases. In the past, forensic laboratories utilized blood group systems in a discipline 
known as forensic serology. While it is possible to exclude a suspect through the use of blood 
group typing, the evidence for the inclusion of a suspect is weak due to the high probability ofa 
coincidental match between two unrelated persons. 


3.4.2 Protein Polymorphism 

Because of the limitations of antigen polymorphism, protein polymorphism was introduced 
for forensic identification (Chapter 18). Initially, a few polymorphisms in serum proteins and 
erythrocyte enzymes were reported. By the 1980s, however, approximately a hundred protein 
polymorphisms had been discovered. A few systems were commonly used in forensic laborato- 
ries, including the polymorphisms of erythrocyte enzymes, serum proteins, and hemoglobin. 
Blood groups and protein polymorphism analysis were combined in forensic investigations to 
lower the probability of a match between two unrelated individuals. However, more powerful 
methods were still sought. 


3.4.3 DNA Polymorphism 

The human genome contains all the necessary biological information for cellular and organ 
structure and function. It consists of the nuclear genome and the mitochondrial genome 
(Chapter 23 discusses the mitochondrial genome). The human nuclear genome, a set of 23 chro- 
mosomes, contains approximately 3 billion base pairs (bp). The Human Genome Project was 
initiated in 1990 to sequence the entire human nuclear genome. In 2003, 99% of the human 
genome, including the most important parts of the genome, was sequenced. Further analyses on 
the human genome sequences continue. The genome contains genes and intergenic noncoding 
sequences. 


3.4.3.1 Genes and Related Sequences 
Approximately 20,000-25,000 genes have been identified in the human genome, which encode 
the information for the synthesis of proteins. The functions of nearly half of these genes have 
been identified. Most encode the proteins that are responsible for the maintenance of the 
genome, the functioning of the cells, the immune response, and the structural proteins of cells. 
Most human genes are discontinuous. The coding regions of genes are called exons and are 
separated by introns. During gene expression, the precursor messenger RNA transcript (pre- 
mRNA), consisting of both the exons and introns, is produced. The mRNA is a template for 
protein synthesis in which the sequence is based on a complementary strand of DNA. Through 
the process of splicing, the introns are removed and the exons are joined, producing the spliced 
mRNA form, which can be used for protein synthesis via the translation process. Other gene- 
related sequences include those responsible for gene transcription such as promoter sequences; 
those responsible for gene regulation such as cis-regulatory sequences (or enhancers); and 
untranslated sequences, which are transcribed but do not encode proteins. Figure 3.23 depicts 
the features of a representative human gene. 


3.4.3.2 Intergenic Noncoding Sequences 
More than 90% of the human genome sequence consists of intergenic noncoding sequences 
located between genes. The functions of these sequences are yet to be discovered. The intergenic 
noncoding sequences contain large quantities of various types of repetitive DNA, which falls 
into two categories: tandem repeats and genome-wide or interspersed repeats. 

Tandem repeats are repeat units placed next to each other in an array. One type is called sat- 
ellite DNA because of the observation of satellite bands containing DNA with tandem repeats 
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Figure 3.23 Gene structure. Transcription, which can be regulated by the cis-regulatory sequence, 
is initiated at the transcription start site (arrow) near the promoter. The exons, noncoding introns, 
and the untranslated sequences are also shown. (© Richard C. Li.) 


during density gradient centrifugation. Satellite DNA can be found at centromeres and telo- 
meres consisting of regions composed of long stretches of tandem repeats. Minisatellites and 
microsatellites are two other types of shorter tandem repeats. Minisatellites, also known as vari- 
able number tandem repeats (VNTRs), form arrays of tandem repeats with a repeat unit length 
from several to hundreds of base pairs. In a microsatellite, also known as a short tandem repeat 
(STR) or a simple sequence repeat (SSR), the repeat unit length can be 2-6 bp long. 

Mobile elements (interspersed repeats) are randomly located throughout the human genome 
(Figure 3.24). Two human types have been characterized: DNA transposons and retrotranspo- 
sons. The mobile elements change their locations, a process called transposition, by which these 
sequences are inserted into a new site in the genome. The transposition of DNA transposons 
is through a “cut-and-paste” mechanism. During transposition, DNA transposons are excised 
from one site and inserted at a new site in the genome. In contrast, retrotransposons duplicate 
themselves during transposition and propagate throughout the genome, which is a copy-and- 
paste mechanism: a copy of the original retrotransposons is generated at the new site and the 
original copy is retained. Additionally, the transposition of retrotransposons requires an RNA 
intermediate, a process called retrotransposition. Retrotransposons have two subtypes: long ter- 
minal repeat (LTR) and non-LTR retroposons. The non-LTR retroposons can be further divided 
into two subtypes: long interspersed elements (LINEs) and short interspersed elements (SINEs). 
Alu elements are the most abundant type of human SINE. There are more than one million cop- 
ies of Alu elements in the human genome (Figure 3.25). Some members of the Alu elements are 





Figure 3.24 Mobile elements classification. (© Richard C. Li.) 
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Figure 3.25 Structure of Alu elements. The name, Alu elements, was given since these elements 
usually contain DNA sequences cleaved by the restriction enzyme A/ul. The Alu element is a dimeric 
structure including two regions separated by an A-rich sequence. The 5’ region has boxes A and 
B containing RNA polymerase III promoter sequences. The 3’ region contains a 31-nucleotide 
insertion. There is a short polyadenylation tail located at the 3’ end of the Alu element (terminal 
A-stretch). Full-length Alu elements are approximately 300 bp long. (© Richard C. Li.) 
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Figure 3.26 Detecting Alu element insertion polymorphism for human identification. The Alu ele- 
ment insertion site is amplified using the polymerase chain reaction assay. The presence and 
absence of the Alu element at the site can be detected based on the length of the DNA fragment 
analyzed. F, forward primer; R, reverse primer. (© Richard C. Li.) 


polymorphic for the presence or absence of insertion that can potentially be used for forensic 
human identification (Figure 3.26). 


3.4.3.3 Human DNA Polymorphic Markers 

Most individual human genome sequences are very similar. However, variations in sequences 
do occur. The differences between individual genomes that occur at the DNA level are called 
DNA polymorphisms. In particular, a DNA polymorphism with alternative forms of a chromo- 
somal locus that differ in nucleotide sequence is known as a sequence polymorphism. A DNA 
polymorphism that differs in the numbers of tandem repeat units is known as a length poly- 
morphism. A DNA polymorphism can occur anywhere in a genome including genes and other 
chromosomal locations. Many DNA polymorphisms are useful for genetic mapping studies and 
hence are called DNA markers. DNA polymorphisms form the basis of forensic DNA profiling. 
The focus of this text is on the human genome, but polymorphisms also occur in the genomes 
of other organisms. 

Most DNA polymorphisms are single nucleotide polymorphisms (SNPs) involving a single- 
base-pair change or a point mutation. Over one million SNPs have been identified. SNPs arise 
by spontaneous mutation. Most SNPs occur in noncoding regions of the genome, although some 
appear in coding regions as well. Other forms of DNA polymorphisms are tandem repeats such 
as STRs and VNTRs. Although their biological functions are unknown, STRs and VNTRs are 
very useful for forensic DNA analysis. Many are highly polymorphic, and the number of repeat 
units varies greatly among different individuals of a population. It is unlikely that two unrelated 
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individuals will have exactly the same combination of STR or VNTR polymorphisms if sufficient 
markers are examined. Thus, a resulting genetic profile can be used for human identification. 
Alternative forms of DNA polymorphisms are called alleles. The same allele present in both 
homologous chromosomes is referred to as homozygous. Two different alleles present in homolo- 
gous chromosomes are referred to as heterozygous. A combination of alleles at a given locus is a 
genotype. In forensic analysis, the genotype for a panel of analyzed loci is called the DNA profile. 


3.4.3.4 Forensic DNA Polymorphism Profiling 

In 1984, Sir Alec Jeffreys (Figure 3.27) developed a DNA profiling technique using a VNTR tech- 
nique involving multilocus profiling and later followed by single-locus profiling (Chapter 19). 
This technique led to the solving of a double murder that had been committed in Leicestershire 
(United Kingdom) in the 1980s. The case was the first to apply DNA evidence to a criminal 
investigation. During the investigation, DNA profiling not only identified the true perpetrator 
but it also excluded an innocent suspect. This case demonstrated DNA profiling’s great potential 
in forensic investigations. 

DNA profiling offered a number of advantages compared with earlier systems. The most 
important is the ability of the technique to reveal far greater individual variability in DNA than 
can be revealed by antigen and protein polymorphic markers. The probability of two unrelated 
individuals having the same DNA profile is very low. The great variability of DNA polymor- 
phisms has made it possible to offer strong support for concluding that DNA from a suspect and 
from a crime scene originated from the same source. This technique was subsequently imple- 
mented in forensic laboratories worldwide. 

In the mid-1980s, Kary Mullis and his coworkers developed the polymerase chain reaction 
(PCR) technique, which amplifies a small quantity of DNA. Mullis’s invention had a powerful 
impact on molecular biology and earned him a Nobel Prize in 1993. Since the introduction of 
PCR, new techniques have been developed for forensic DNA testing purposes. 





Figure 3.27 Sir Alec Jeffreys. (© Richard C. Li.) 
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The application of PCR-based assays makes forensic DNA analysis possible when only minute 
quantities of DNA can be recovered from a crime scene, for example, from hairs and cigarette 
butts. These assays have greatly increased the sensitivity of forensic DNA testing. The first forensic 
application of a PCR-based assay utilizing SNPs at the HLA-DQA1] locus (formerly called DQa) 
was developed in 1986 (Chapter 22). One major disadvantage of the assay was the high probability 
(approximately 1 in 4000) of a match between two unrelated persons. Amplified fragment length 
polymorphism (AFLP) at the D1S80 locus has also been implemented in forensic laboratories. 
The D1S80 locus is a small-size VNTR marker that can be amplified by PCR. The HLA-DQA1 and 
AFLP assays were used for some years until the introduction of STR assays. 

In the late 1990s, forensic laboratories started utilizing STR loci. STRs have a number of 
advantages compared with VNTRs. For example, STRs can be amplified by PCR because of 
their smaller size, which greatly increases the sensitivity of the assay. Furthermore, STR mark- 
ers are as highly variable as VNTRs. With the application of multiple STR loci, the probability 
of a match between two unrelated persons becomes extremely low. As a result of DNA testing, 
perpetrators have been identified and wrongly convicted innocent people have been exonerated 
(Chapter 20). 

In 1995, the United Kingdom established the first national DNA database for criminal inves- 
tigations. By the end of 1998, several other countries, including the United States, had created 
their own national DNA databases. The United States has selected 13 STR loci for the Combined 
DNA Index System (CODIS). These national DNA databases play important roles in solving 
criminal cases. 

Another technique known as mitochondrial DNA (mtDNA) profiling has also been used for 
forensic testing. mtDNA is maternally inherited genetic material and is therefore particularly 
useful for human identification. Each cell contains multiple copies of mtDNA. Thus, mtDNA typ- 
ing can be useful for analysis when nuclear DNA is severely degraded or present in very limited 
amounts, such as in cases involving decomposed human remains. Alternatively, polymorphic 
markers at the Y chromosome have also been utilized for forensic DNA testing. Y chromosomal 
markers are paternally inherited so they can be used for paternity testing. These markers are also 
very useful in analyzing DNA from multiple contributors in sexual assault cases. 
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Sources of Biological Evidence 


Biological evidence analysis is one of the standard forensic examinations in the investigation 
of a wide variety of crimes. In particular, DNA evidence facilitates investigators’ efforts to link 
offenders to crime scenes by matching DNA profiles. DNA evidence can also be used to elimi- 
nate suspects. The DNA evidence that is routinely encountered at crime scenes can often be cat- 
egorized into several groups or types. Table 4.1 lists sources of DNA that are frequently found on 
personal items. Figures 4.1 and 4.2 illustrate representative types of evidence that are processed 
and their success rates. 


4.1 Bodily Fluids 

Bodily fluids and their stains are useful biological evidence for forensic, serological, and DNA 
analysis and may be useful in solving crimes. The most common bodily fluids in forensic analy- 
sis are blood, seminal fluid, and saliva. Blood evidence, such as peripheral blood that circulates 
through the heart, arteries, veins, and capillaries, is one of the most common types of biological 
evidence that is found at crime scenes (Chapter 12). The fluid portion of blood is called plasma, a 
subcompartment of extracellular fluid, which is the bodily fluid outside cells. Blood contains var- 
ious suspended blood cells. The cellular portion of the blood consists of erythrocytes (also known 
as red blood cells), leucocytes (also known as white blood cells), and platelets. Because mature 
human erythrocytes and platelets do not have nuclei, they are not useful sources of nuclear DNA. 
For forensic DNA profiling, the nuclear DNA in blood samples (Figure 4.3) is primarily isolated 
from leucocytes, which are nucleated. Besides peripheral blood, menstrual blood can be analyzed 
to investigate the possibility of the occurrence of a sexual assault crime (Chapter 16). 

Other bodily fluids are transcellular fluids. These fluids are considered to be a subcompart- 
ment of the extracellular fluid that is contained within epithelial-lined extracellular spaces. For 
example, seminal fluid (Chapter 14) and saliva (Chapter 15) stains as well as vaginal secretions 
are analyzed for the investigation of sexual assault crimes. Sometimes, urine stains and fecal 
materials (Chapter 16) are related to assault crimes as well. Sweat, which is secreted from the 
eccrine and apocrine sweat glands in the skin (Chapter 17), and cerumen, also known as earwax 
(a waxy substance secreted in the ear canal), can be potentially used for human identification. 
Fluids present in vomitus (Chapter 17) can be potentially important for forensic investigations 
of violent crimes. 


4.1.1 Extracellular Nucleic Acids 
Blood plasma and other various bodily fluids usually contain small amounts of nucleic acids 
(DNA or RNA) known as extracellular nucleic acids. The nucleic acids circulating in plasma 
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Table 4.1 Common Items of Evidence 


Baseball bat 


Hat, bandana, mask 


Eyeglasses 


Facial tissue, cotton swab 


Dirty laundry 

Toothpick 

Used cigarette 

Used stamp, envelope seal 
Tape or ligature 


Bottle, can, glass 


Used condom 


Bed linen 


Through-and-through bullet 
Bite mark 


Fingernail, partial fingernail 


Handle 


Inside surfaces 


Nose, ear piece, lens 


Surface 


Surface 

Surface 

Butt (filter area) 
Moistened area 

Inside or outside surface 


Mouthpiece, rim, outer 
surface 


Inside surface, outside 
surface 


Surface 


Outside surface 
Skin surface 


Scrapings 


Source of DNA 


Skin cells, sweat, blood, 
tissue 


Sweat, hair, skin cells, 
dandruff, saliva 


Sweat, skin cells 


Mucus, blood, sweat, 
semen, earwax 


Blood, sweat, semen, saliva 
Saliva 

Saliva 

Saliva 

Skin cells, sweat, saliva 


Saliva, sweat, skin cells 


Semen, vaginal cells, rectal 
cells 


Sweat, hair, semen, saliva, 
blood 


Blood, tissue 
Saliva 


Blood, sweat, tissue, skin 
cells 


Source: National Institute of Justice. Using DNA to solve cold cases, Special Report, 2002, 
US Department of Justice, Office of Justice Programs, Washington, DC. 


Semen 
5.2% 


Blood 
26.1% 


Transferred 
evidence 
15.6% 









Hair 
1.1% 


Saliva 
27.1% 


Cigarette butts 
24.0% 


Chewing gum 


0.9% 


Figure 4.1 Representative types of evidence samples. Data compiled from the third quarter 2005 
(July-September) results for all police forces in England and Wales. (Adapted from Bond, J.W., 
J Forensic Sci, 52, 128-136, 2007.) 
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Figure 4.2 Success rate of obtaining suitable profiles from processed samples for submitting to 
DNA databases. Data are from the third-quarter 2005 (July-September) results for all police forces 
in England and Wales. (Adapted from Bond, J.W., J Forensic Sci, 52, 128-136, 2007.) 





Figure 4.3. Biosafety cabinet for the extraction of DNA from biological evidence (left). Blood samples 
to be processed in a biosafety cabinet for DNA isolation (right). (© Richard C. Li.) 


are referred to as circulating nucleic acids; the nucleic acids that are found in other body fluids, 
such as saliva and urine, are referred to as cell-free nucleic acids. Extracellular nucleic acids can 
remain soluble or form complexes with proteins and lipids. 

The potential sources of extracellular nucleic acids are extracellular vesicles (EVs). EVs are 
endogenous vesicular structures, containing proteins and nucleic acids that are secreted by most 
eukaryotic cells (Figure 4.4). There are many types of EVs, including exosomes and microvesicles, 
which can be detected in bodily fluids. Exosomes are one potential source of extracellular nucleic 
acids. Exosomes are derived from multivesicular bodies (MVBs), which are intracellular organ- 
elles of the endocytic pathway (Figure 4.4a). MVBs fuse with the plasma membrane. As a result, 
the vesicles are released into the extracellular compartment as exosomes. Microvesicles, also 
called shed vesicles or ectosomes, are another possibility. Microvesicles shed from the plasma 
membrane and thus carry along membrane and cytosolic materials including nucleic acids 
(Figure 4.4b). Apoptotic bodies are a special type of microvesicle that is formed in apoptotic cells. 
During apoptosis, a process of programmed cell death, cells shrink and eventually form apop- 
totic bodies (Figure 4.5). Apoptotic bodies contain fragmented DNA by nucleolytic degradation 
that resembles similar characteristics to those observed in extracellular nucleic acids. However, 
messenger RNA (mRNA) within apoptotic bodies is protected from RNase degradation. These 
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Figure 4.4 Exosomes and microvesicles released from healthy cells. (a) Exosomes are derived 
from the endocytic pathway. In the endocytic pathway, clathrin-coated vesicles (CCV) are formed at 
the plasma membrane. The endocytic vesicles are then formed through endocytosis and are trans- 
ported to early endosomes. Multivesicular bodies (MVBs) containing intraluminal vesicles (ILVs) are 
then developed from early endosomes. Through the exocytic fusion of the MVB membrane with the 
plasma membrane of the cell, exosomes, containing cellular components including nucleic acids, 
are released to the extracellular space. (b) Microvesicles are derived from the budding of vesicles 
from the plasma membrane. Microvesicles are then shed from the plasma membrane carrying along 
cellular components including nucleic acids that are present in the cytoplasm. (© Richard C. Li.) 





Figure 4.5 Apoptotic bodies released during apoptosis. During apoptosis, the preapoptotic cell 
(left) undergoes morphological changes. The early apoptotic cell (middle) shows deformation: the cell 
shrinks, the membrane blebs, and chromatin condense. The late apoptotic cells (right) are fragmented, 
releasing apoptotic bodies, which contain cytosol and organelles, and nuclear fragments. In addition, 
proteolytic enzymes are activated that cleave the genomic DNA into fragments. (© Richard C. Li.) 
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extracellular nucleic acids are potentially useful sources for the forensic identification of bodily 
fluids and for forensic DNA profiling. 


4.2 Cells 

4.2.1 Cell Surface Markers 

Many of the forensic markers that are analyzed in forensic laboratories are from cells, the build- 
ing blocks of the human body. All cells have membranes, also known as plasma membranes, 
which constitute their outer boundaries (Figure 4.6). The functions of cell membranes include 
exchanges with the environment, signal transduction, and structural support. The cell mem- 
brane is a phospholipid bilayer containing lipids, proteins, and carbohydrates. Membrane pro- 
teins can act as enzymes, receptors, or ion channels. Many cells also have carbohydrate-rich 
molecules, including proteoglycans, glycoproteins, and glycolipids, on their membrane surfaces 
(Figure 4.6). Many of these molecules act as cell surface antigens (Chapter 18). 


4.2.2 Nucleated Cells 

Probative biological evidence usually contains nucleated cells. The nucleus (Figure 4.7) is sur- 
rounded by a nuclear envelope and contains chromosomes and a nucleolus. A nucleolus is a 
dense, non-membrane-bound structure due to its high RNA content. The function of a nucleo- 
lus is to transcribe ribosomal RNA and to form ribosomes. 

There are two types of cells in the body: sex cells (sperm and oocytes) and somatic cells 
(all other types). Spermatozoa and ova, which are formed by germ cells, are called gametes. 
In humans, each gamete is haploid, containing 22 autosomes (chromosomes other than sex 
chromosomes) plus one sex chromosome. In ova, the sex chromosome is always an X, while in 
spermatozoa it may be an X or a Y. After fertilization, the zygote, which is the fertilized egg 
cell formed when two gamete cells are joined, becomes diploid as a result of the fusion of the 
haploid spermatozoon and ovum. Most of the other cells of the body, known as somatic cells, are 
diploid. This means that they have two copies of each autosome plus two sex chromosomes, XX 
for females or XY for males. This results in a total of 46 chromosomes per diploid cell. The two 
chromosomes of a pair in a diploid cell are homologous chromosomes. One of the homologous 
chromosomes is inherited from the spermatozoon and the other from the ovum. 


Extracellular fluid 


Glycoprotein Glycolipid 





Cytoskeleton Integral protein Peripheral 
protein 


Cytoplasm 


Figure 4.6 Cell membrane and carbohydrate-containing glycoproteins and glycolipids. (© Richard 
C. Li.) 
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next take a piece of wire and attach it to the other side of the resistor, and then 
take the other end of the piece of wire and attach it to the base leg of the 
transistor. next, as i mentioned in the previous step, take the open piece of wire 
from the coil and attach it to the collector leg of the transistor, also i attached 
another piece of wire to this leg for the positive output side . last of all connect 
two wires to the emitter leg which will be the negative side of the circuit. (one 
wire to negative on battery, then one to the negative output side of an LED light 
or whatever else you put on it). 


Step 4: Hook It Up and Enjoy! 
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Figure 4.7 A cross-sectional view of a cell. 1, Microvilli; 2, cilia; 3, cytoskeleton; 4, centrioles; 
5, mitochondrium; 6, smooth endoplasmic reticulum; 7, rough endoplasmic reticulum; 8, nucleolus; 
9, peroxisome; 10, vesicle; 11, Golgi apparatus; and 12, lysosome. (© Richard C. Li.) 


Although most somatic cells are diploid, exceptions exist. Some differentiated cells such as 
red blood cells and platelets have no nuclei and are designated nulliploid. A few other cells have 
more than two sets of chromosomes as a result of DNA replication without cell division and 
are referred to as polyploid. For example, the regenerating cells of the liver and other tissues are 
naturally tetraploid, while the giant megakaryocytes of the bone marrow may contain 8, 16, or 
even 32 copies of chromosomes. 

The nuclear chromosomes of humans consist of complexes of DNA, histone proteins, and 
nonhistone chromosomal proteins. Each chromosome consists of one linear, double-stranded 
DNA molecule. The large amounts of DNA present in the human chromosome are compacted 
by their association with histones into nucleosomes and even further compacted by higher levels 
of folding of the nucleosomes into chromatin fibers. Each chromosome contains a large number 
of looped domains of chromatin fibers attached to a protein scaffold. 

The degree of DNA packing varies throughout the cell cycle. During the metaphase of mitosis 
and meiosis of the cell cycle, chromatin is the most condensed. Two forms of chromatin have 
been defined on the basis of their chromosome-staining properties. Euchromatin regions are 
areas of chromosomes that undergo normal chromosome condensation and decondensation 
during the cell cycle. The intensity of staining of euchromatin is darkest in the metaphase and 
lightest in the synthesis (S) phase. Euchromatic regions account for most of the genome and lack 
repetitive DNA. Usually, the genes within the euchromatin can be expressed. Heterochromatin 
comprises the chromosomal regions that usually remain condensed throughout the cell cycle. 
It contains repetitive DNA and can be found at centromeres, much of the Y chromosome long 
arm, and the short arms of the acrocentric chromosomes (chromosomes with centromeres near 
one end). Genes within heterochromatic DNA are usually inactive. 
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Figure 4.8 The ideogram of a human chromosome and cytogenetic banding nomenclature. The 
cytogenetic banding pattern is shown after chemical staining such as G-banding, which treats chro- 
mosomes with Giemsa dye. The short arm is designated p; the long arm is q. The centromere, p 
telomere (p-tel), and q telomere (q-tel) are also shown. G-bands at increasing resolution (from left 
to right) are shown. (© Richard C. Li.) 


Each human chromosome has a short arm, designated p (for petit), and a long arm, designated 
q (for queue), separated by a centromere (Figure 4.8). Centromeres are the DNA sequences that 
are found near the points of attachment of mitotic or meiotic spindle fibers. The centromere 
region of each chromosome is responsible for accurately segregating the replicated chromosomes 
to daughter cells during cell divisions. The ends of the chromosome are called telomeres and they 
help stabilize the chromosome and play a role in the replication of DNA in the chromosome. 

Chemical staining of metaphase chromosomes results in an alternating dark and light band- 
ing pattern (cytogenetic banding) that can be seen under a microscope. Each chromosome arm 
is divided into regions based on the cytogenic bands. This process is known as cytogenetic map- 
ping. The cytogenetic bands are labeled pl, p2, p3, q1, q2, q3, and so on, counting from the centro- 
mere out toward the telomeres. At higher resolutions, subbands can be observed. For example, 
the cytogenetic map location of a gene termed AMELY (amelogenin, Y-linked; Chapter 21) is 
Yp11.2, which indicates its location on chromosome Y, p arm, band 11, subband 2. The visually 
distinct banding pattern gives each chromosome a unique appearance. Recently, the cytogenic 
map has been integrated with the human genome sequence to allow the determination of the 
positions of cytogenetic bands within the DNA sequence. 

Chromosomes can be identified on the basis of the size and the positions of the centromeres 
and cytogenetic banding patterns. The chromosome constitution is described as a karyotype 
and can be displayed as a karyogram, which includes the total number of chromosomes and 
the sex chromosome composition (Figure 4.9). Chromosomes are numbered in order of their 
size, with chromosome 1 as the largest (except chromosome 21 is smaller than 22). In the cases 
of chromosomal abnormality, the karyotype can also reflect the type of abnormality and allow 
visualization of the affected chromosome bands. 


4.2.3 Mitochondria and Other Organelles 

The cytoplasm contains the cytosol fluid in which organelles are suspended (Figure 4.7). Multiple 
copies of mitochondria are located within the cytoplasm. Mitochondria are surrounded by phos- 
pholipid membranes that separate them from the cytosol. The mitochondria are responsible 
for energy production through aerobic metabolism by producing molecules containing high- 
energy bonds, such as adenosine triphosphate (ATP). Mitochondria have their own genome, 
which can be analyzed for human identification (Chapter 23). 
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Figure 4.9 Human karyogram. The chromosomes are numbered. Cytogenic patterns show alternat- 
ing dark and light bands (From www.genome.gov). Centromeres (in red) are shown. 


Two types of endoplasmic reticulum (ER) can exist within the cytoplasm: the smooth ER 
(SER) is involved in lipid synthesis; the rough ER (RER) contains ribosomes on its outer surface 
and forms transport vesicles. The Golgi apparatus is responsible for the production of secretory 
vesicles and new membrane components, and also for the packaging of lysosomes (vesicles con- 
taining digestive enzymes for the degradation of injured cells). Peroxisomes carry enzymes that 
neutralize potentially harmful free radicals. Other organelles found within the cytoplasm of 
eukaryotic cells include the cytoskeleton, microvilli, centrioles, and cilia. 


4.2.4 Cytosol 

4.2.4.1 Messenger RNAs 

The chromosomal DNA contains genes that encode for specific proteins. The genetic code is 
read as an array of triplet codes, a sequence of three bases that specifies the identity of a single 
amino acid. As gene expression is activated, transcription occurs in which precursor mRNA 
(pre-mRNA) is produced from a DNA template. After transcription, the pre-mRNA is capped, 
polyadenylated, and spliced to form matured mRNA. Only the matured mRNA is transported 
from the nucleus to the cytoplasm. Tissue-specific mRNA can be potentially used for the iden- 
tification of biological evidence (Chapter 11). The proteins are synthesized in a process known 
as translation, in which amino acids are assembled based on the codons derived from the triplet 
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code of the DNA contained in the sequence of the mRNA strand. Various components including 
the ribosomal complex are involved in translation. The cytosol also contains many proteins that 
can be used for the identification of bodily fluids (Chapters 11 and 12). 


4.2.4.2 MicroRNAs 

MicroRNAs (miRNAs) are short RNA molecules that are 21-23 nucleotides in length. In 
eukaryotic organisms, miRNAs function as negative regulators of gene expression. They play 
roles in development and cell differentiation. Additionally, the altered expression of miRNAs 
can be detected in many human diseases. The biological function and the potential application 
of miRNAs in forensic biology are discussed in Chapter 11. 

It is estimated that the human genome may encode approximately 1000 miRNAs. Based on 
their genomic location and structure, miRNAs can be characterized into three types: intergenic, 
intronic, and exonic (Figure 4.10). Intergenic miRNA genes are distinct transcriptional units 
that are found in genomic regions. In humans, most of the intergenic miRNA genes have a 
transcription start site and a polyadenylation site. Intronic miRNAs reside within the introns of 
protein-coding and noncoding genes. The orientation of the intronic miRNAs can be the same 
as that of the sense (coding) strand of a host gene or that of the antisense strand (complemen- 
tary to the sense strand) of a host gene. Sense intronic miRNAs are transcribed from the same 
promoter as their host genes. The antisense intronic miRNAs are transcribed from their own 
promoters. Exonic miRNAs are rare in eukaryotic genomes and reside in genomic regions that 
overlap with an exon and an intron of a pseudogene, which is a noncoding gene or is no longer 
transcribed. These miRNAs are also transcribed from their host gene promoter. miRNAs can 
also be monocistronic or polycistronic. A monocistronic miRNA has a single transcriptional 
unit with its own promoter. In polycistronic miRNAs, several miRNAs reside as a cluster of 
transcriptional units with a shared promoter. 

The biogenesis of miRNAs begins in the nucleus. miRNAs are transcribed by RNA poly- 
merase IJ. Nascent transcripts, referred to as primary transcripts (pri-miRNAs), can be sev- 
eral hundreds to thousands of nucleotides in length. The pri-miRNAs have a hairpin secondary 
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Figure 4.10 The genomic location and the structure of miRNAs. (a) An intergenic miRNA gene, 
(b) a sense intronic miRNA gene, (c) an antisense intronic miRNA gene, (d) an exonic miRNA gene, 
(e) a monocistronic miRNA gene, and (f) polycistronic miRNA genes. Exons (gray), introns (white), and 
miRNA genes (red) are shown. (© Richard C. Li.) 
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structure that is approximately 70 nucleotides long with imperfect base pairing in the stem. 
miRNA processing is initiated in the nucleus (Figure 4.11). The hairpin region of a pri-miRNA 
is then cleaved from the pri-miRNA by the nuclear RNase HI endonuclease, Drosha. Asa result, 
a pre-miRNA is formed. The pre-miRNA is transported from the nucleus to the cytoplasm by a 
nuclear transporter, Exportin 5. In the cytoplasm, a cytoplasmic RNAse III-like endonuclease, 
Dicer, cleaves the pre-miRNA to generate a double-stranded miRNA that is approximately 21-23 
nucleotides in length. The mature miRNA strand is bound to the Argonaut protein to assemble 
the RNA-induced silencing complex (RISC). The complementary RNA strand is degraded. 

A specific miRNA is designated with a prefix. The prefix for a mature miRNA is a capi- 
talized “miR,” while the prefix for a pre-miRNA is an uncapitalized “mir.” The prefix “miR” 
is followed by a dash and a number (e.g., miR-135). Experimentally confirmed miRNAs are 
sequentially numbered and are deposited in the miRBase, which is a database that archives 
miRNA sequences and annotations. 
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Figure 4.11 The biogenesis of miRNAs. In the nucleus, the pri-miRNA (primary transcript) is pro- 
cessed by Drosha (nuclear RNase for double-stranded RNA) and DGCR (nuclear double-stranded 
RNA-binding protein), forming the pre-miRNA. The pre-miRNA is transported from the nucleus to 
the cytoplasm by the exportin. In the cytoplasm, the pre-miRNA is further processed by Dicer (cyto- 
plasmic RNase for double-stranded RNA) and TRBP (cytoplasmic double-stranded RNA-binding 
protein). The mature miRNA strand is bound to the Argonaut protein to assemble the RISC (RNA- 
induced silencing complex). (© Richard C. Li.) 
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4.3 Tissues 

4.3.1 Skin 

4.3.1.1 Biology of Skin 

The biological evidence related to skin is important in forensic investigations. For example, fin- 
gerprints are ridge skin impressions that are usually collected at crime scenes, and shed skin 
tissue is a source of DNA for human identification. The skin covers the entire body surface. 
Additionally, the skin contains specialized structures that include sebaceous and sweat glands, 
hair follicles, and nails. The thickness of skin varies throughout the body. The skin of the dorsal 
area of the body is usually thicker than that of the ventral area of the body. The skin consists of 
different layers (Figure 4.12). The epidermis is the outer layer of the skin. The epidermis also con- 
tains melanocytes that produce the skin pigment melanin. The dermis is the middle layer of the 
skin. It is filled with fibrous collagen proteins secreted by fibroblasts and contains hair follicles 
and sweat glands. Additionally, it contains blood, lymph vessels, and nerves. The subcutaneous 
layer is the deepest layer of the skin. The subcutaneous layer consists of collagen networks and 
adipose tissue to prevent loss of heat. 

The epidermis is a multilayered tissue that includes a number of morphologically distinct 
zones: the basal, the spinous, the granular, and the cornified layers (Figure 4.12). The epidermis 
renews continually through the proliferation and differentiation of keratinocytes. The basal layer 
contains newly formed keratinocytes that are proliferative. Epidermal differentiation begins with 
the migration of the keratinocytes from the basal layer toward the outer layer of skin. Once the 
migrating keratinocytes reach the spinous and granular layers, the keratinocytes become nonpro- 
liferating and partially differentiated. As the cells reach the cornified layer, these cells are filled 
with keratin filaments and are differentiated into corneocytes, which are dead, and terminally 
differentiated keratinocytes. In the course of differentiation, the cells are flattened, and all organ- 
elles including the nucleus are lost. The corneocytes are then shed from the skin surface. 


4.3.1.2 Skin as Source of DNA Evidence 

Evidence from skin contact, also referred to as touched evidence, can be collected and used for 
forensic DNA analysis. One example of this evidence is shed skin cells that are found on worn 
clothing, which is frequently encountered in crime scene investigations. For instance, a perpe- 
trator’s shed skin cells that are deposited on worn clothing are potential evidence to be collected. 
After collection, a DNA profile can be obtained from shed skin cells, providing the forensic evi- 
dence or “lead” that is required for the criminal investigation. Touched evidence becomes more 
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Figure 4.12 A sectional view of the skin. Multilayered epidermis tissues are shown. (© Richard 
C. Li.) 
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useful and important when no other type of evidence (e.g., a fingerprint, bloodstain, or seminal 
stain) can be collected at the crime scene, especially for the investigation of certain criminal 
cases such as cold cases and property crimes such as theft and burglary (Figures 4.13 through 
4.15). Touched evidence usually contains minute quantities of nuclear DNA. DNA recovered 
from touched evidence is referred to as transfer DNA. However, the source of DNA transferred 
through physical contact is not well understood. Although the shed skin cells from touched evi- 
dence lack nuclei, these cells may contain DNA remnants from partial degradation during the 
differentiation process. These can be a possible DNA source. Additionally, the sweat glands in 
the skin produce sweat. When the skin makes contact with an item, a residue of sweat is left on 
the surface of the item. It is known that sweat contains cell-free DNA. Thus, cell-free DNA from 
sweat is another possible source of DNA. Furthermore, a small number of nucleated cells can 
be observed in touched evidence. These cells possibly originated from sweat glands and ducts. 


4.3.2 Hair 
Hairs, including scalp and pubic hairs, frequently constitute biological evidence that is found 
at crime scenes, and their identification can be of great forensic importance. Formerly, the 





Figure 4.13 Evidence collection using swabbing. The evidence from skin contact for forensic DNA 
analysis is usually collected by swabbing. More DNA can be recovered when evidence is collected with 
a double swab method than with a single swab. The double swab method involves applying a moist- 
ened cotton swab followed by a second dry cotton swab onto the same target surface of evidence. The 
target surface is swabbed using a moistened swab first. The moisture left by the first swab is absorbed 
by the second dry swab. Both swabs can be pooled for DNA extraction. (© Richard C. Li.) 


88 


4.3 Tissues 





Figure 4.14 A worn glove as a source of DNA evidence. Shed skin cells on a worn glove can poten- 
tially generate DNA profiles. (© Richard C. Li.) 





Figure 4.15 A cigarette butt as a source of DNA evidence. Shed cells left behind on a cigarette 
butt can be a source of DNA. A portion (~1 cm?) of the filter paper of a smoked cigarette butt can 
be cut for isolating DNA. (© Richard C. Li.) 


principal methods that were utilized in forensic hair analysis were limited to morphological 
analysis and comparisons. Since then, protein polymorphisms provide some potential for iden- 
tifying individuals from single hairs. However, human hairs contain DNA and as a DNA source 
they may be used for forensic analysis. The development of the polymerase chain reaction (PCR) 
amplification technique made it possible to analyze very small quantities of DNA in hair, and 
the use of hair as evidence of identification has become more significant. 


4.3.2.1 Biology of Hair 

The human hair shaft is a keratinized cylindrical structure (Figure 4.16). The center or core of the 
hair is called the medulla, which is present in the majority of hairs. The medulla is surrounded 
by a cortex, which is the outer layer of the hair shaft. The cuticle consists of overlapping layers of 
flattened keratinized cells that protect the hair. Hairs are produced in hair follicles (Figures 4.17 
and 4.18). Each hair follicle is located deep in the dermis (a skin layer beneath the epidermis) and 
opens onto the surface of the epidermis (the outer layer of the skin). The hair follicle is composed 
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Figure 4.17 Longitudinal section view of a scalp hair follicle with accessory structures. (© Richard 
C. Li.) 


of the bulge and the bulb regions. The bulge exports the stem cells that migrate down and give 
rise to bulb cells. The bulge also produces the stem cells that migrate up to form skin cells. The 
matrix cells, which generate the hair shaft cells, are located at the lower portion of the bulb. The 
dermal papilla is situated at the base of the bulb and contains cells that regulate hair growth, 
which are nourished by blood vessels and nerves. The growing hair shaft is surrounded by two 
concentric layers of cells, which are referred to as the inner root sheath and the outer root sheath, 
respectively. The entire hair follicle is surrounded by a connective tissue sheath. 

Human scalp hairs grow for a few years and shed according to the hair follicle cycle 
(Figures 4.19 through 4.21). A human scalp hair can grow at its highest rate of approximately 
1 mm per day. The growing phase of hair is called the anagen phase. The matrix cells undergo 
rapid proliferation and eventually become differentiated cells such as hair shaft cells. As a hair 
grows, it is pushed toward the surface of the skin and becomes longer. During the migration 
upward, keratinization occurs as cells are filled with fibril keratin proteins. In these keratinizing 
cells, nuclei are absent. However, mitochondrial remnants can be observed. By the time a hair 
approaches the skin surface, cell death occurs at the medulla, cortex, and cuticle. At the end of 
the anagen phase, the matrix cells enter the catagen phase and undergo cell death, thus leading 
to the regression of the bulb. Hair follicles then enter the telogen phase: the stage of rest. When 
another cycle begins, the follicle produces a new bulb and the telogenic hair, also known as the 
club hair, is pushed to the surface and shed. On average, an adult loses approximately dozens of 
hairs daily. 
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Figure 4.18 Structure of an anagen-phase hair follicle. The diagram shows the hair follicle struc- 
ture including the dermal papilla, sebaceous gland, bulge, bulb, and hair shaft. Concentric layers 
of the outer root sheath (ORS), the inner root sheath (IRS), and the hair shaft are also shown. 
(© Richard C. Li) 


4.3.2.2 Hair as Source of DNA Evidence 
The isolation of DNA from intact hair roots is routinely used in nuclear DNA analysis. In com- 
parison, the quantities of DNA in telogen hair roots are considerably less than the DNA that 
is found in the roots of anagen hairs. Nuclear DNA analysis is usually accomplished by using 
freshly plucked hair roots (Figures 4.22 and 4.23) because cells at the root region may contain 
nuclear DNA. Unfortunately, most human hairs recovered from crime scenes are shed naturally 
(in the telogen phase) and contain little nuclear DNA (Figure 4.24). Thus, multiple telogen hairs 
with roots are necessary to isolate enough nuclear DNA. However, shed hairs that are found 
at crime scenes may be derived from different individuals. Therefore, the ability to perform a 
forensic DNA analysis of a single shed hair would be highly desirable. Nuclear DNA isolation 
from hair shafts is still far less reliable because hair shafts contain very low amounts of nuclear 
DNA. In addition, variations in the amounts of DNA isolated from hair shafts are observed in 
a comparison between different hairs from the same head and hairs from different individuals. 
A hair follicle cell contains multiple copies of mitochondria. As a result, mitochondrial DNA 
(mtDNA) can be successfully isolated from hair roots. Additionally, mtDNA is embedded in the 
keratin matrix of hair shaft cells, which protects the mtDNA molecules from degradation. Thus, 
mtDNA can also be isolated from hair shafts. A sequence polymorphism analysis of mtDNA from 
hair can be carried out. mtDNA is maternally inherited, which is useful to identify maternal rela- 
tives but cannot be used to perform paternity testing. Additionally, the mtDNA profiling results are 
not as discriminating as nuclear DNA profiling. Furthermore, mtDNA analysis is time-consuming. 
Therefore, the typing of nuclear DNA from hair would be preferable for forensic DNA analysis. 
Sometimes, a mixture of more than one mtDNA sequence in the same individual is observed. 
This heterogeneous pool of mtDNA molecules is referred to as heteroplasmy. In hair, it is 


91 





time to hook it up! the positive wire from the double twisted wire on the coil goes 
to the positive power source, and one of the negative wires on the transistor go 
to the negative side on the power source. the positive wire on the transistor and 
the other negative wire on the transistor go to the output power. once its all 
wired up its ready for use. as you can see in the picture, i hooked up a new AA 
battery and got about 5 volts! not bad for a 1.5v to 5v boost. and the orange coil 
circuit i also made produces about 2.5v from a 1.5v source, so this orange one 
only produces another volt while the green one produces alot more. i dont know 
why this is really. my only guess is the size of the toroid coil and the 2 winding 
difference. other than that its all the same parts. below is the results of some 
playing around with it. 


green coil circuit: 

1: 1.5v AA produces 5 volts 

2: 2 AA 3v produces 20 volts 

3: 3v input can power a 12v .25a computer fan. 
4: 1.5v lights 3 green LED lights. 


orange coil circuit 

1: 1.5v AA produces 2.5 volts 

2: 2 AA 3v produces 8 volts 

3: 3v input also powers same 12v computer fan for 5 seconds... 


very inconsistent results between the two but thats what is going on. thanks for 
looking and hope this helps with your project. 


advertisement 
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Figure 4.19 Diagrammatic representation of the scalp hair cycle. The morphological characteris- 
tics of a hair follicle are shown in three distinct phases encompassing the entire hair cycle: anagen 
(including early and full anagen), catagen, and telogen. DP, dermal papilla; M, matrix; ORS, outer 
root sheath; SG, sebaceous gland. (© Richard C. Li.) 


believed that it is due to a mixture of mtDNA molecules from keratinocyte and melanocyte- 
derived mitochondria (Figure 4.25). Hair follicle melanocytes are formed at the beginning of 
each hair cycle and die at the end of the cycle. Melanocytes are located in the bulb hair follicle. 
Hair melanocytes play roles in hair pigmentation, which determine hair color. Melanin, which 
is produced by the melanocytes, is contained in an organelle called the melanosome. The mela- 
nosomes are transferred to neighboring keratinocytes though dendritic processes. In addition 
to melanosomes, the melanocyte mitochondria can also be transferred to keratinocytes. Thus, 
the keratinized cells in the hair shaft may carry more than one type of mitochondria, one from 
the keratinocytes and the other from the melanocytes. As a result, heteroplasmy of a mixture of 
different mtDNA molecules, with different DNA sequences, can occur in hairs. 


4.3.3 Bone 

4.3.3.1 Biology of Bone 

The bodies of human remains begin to decompose shortly after death. The rate of decomposi- 
tion of human remains varies greatly with environmental conditions such as climate, bacterial 
growth, and the presence of insects and other animal scavengers. However, soft tissues may be 
lost first while more stable bone tissues may remain. Identifying human skeletal remains can be 
applied in a variety of cases including mass fatality incidents, missing persons, fires, explosions, 
and violent crime cases involving skeletal remains. 

An adult human skeleton consists of 206 bones (Figures 4.26 and 4.27). The shaft of a long 
bone, such as an arm or a leg bone, consists largely of an outer layer of cortical (or compact) 
bone, which is solid and strong. The shaft of a long bone forms a marrow cavity, which is filled 
with a specialized type of connective tissue called bone marrow. The portion at each end of a 
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Figure 4.20 Longitudinal section view of a scalp hair follicle during the hair cycle. (a) Early ana- 
gen, (b) full anagen, (c) catagen, and (d) telogen. (© Richard C. Li.) 





(a) (b) 
Figure 4.21 Cross-sectional view of hair follicles. (a) Early anagen and (b) full anagen. Note that 
the new hair (arrow) and the club hair are shown. (© Richard C. Li.) 


long bone is called the epiphysis, which is composed largely of cancellous (or spongy) bone, and 
can bear the force of compression. A flat bone can have primarily either cortical or cancellous 
bone. For instance, a rib consists of primarily cancellous bone surrounded by a thin layer of 
cortical bone. A skull bone usually consists of largely cortical bone. 

Bone, which is a connective tissue, contains a matrix and cells. The bone matrix consists of 
an inorganic and an organic matrix. Calcium and phosphorus are the major components of 
the inorganic matrix, which consists mainly of hydroxyapatite crystals, Ca,)(PO,),(OH) . The 
organic matrix consists of collagens, primarily type I collagen, which are insoluble fibrous pro- 
teins. With the deposition of calcium hydroxyapatite crystals around the collagen fibrils, bone 
becomes a weight-bearing hard tissue. 
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Figure 4.22 Hair root of a pulled hair with visible soft tissue attached. (© Richard C. Li.) 





Figure 4.23 Pulled dreadlocks recovered from a crime scene. (© Richard C. Li.) 


Developing bones contain small numbers of osteoprogenitor cells. These cells can divide to 
produce cells that differentiate into osteoblasts. Osteoblast cells regulate the calcification of the 
bone matrix. Osteoblasts that are embedded in the bone matrix are termed osteocytes and are 
the most abundant cells in bone. Osteocytes play a role in maintaining the surrounding matrix 
and repairing damaged bone. Another type of cell that can be found in bone tissues is osteo- 
clasts. These cells are giant cells containing 50 or more nuclei and are responsible for dissolving 
and recycling the bone matrix. 


4.3.3.2 Bone as Source of DNA Evidence 
A number of methods are used to identify human remains, for example: the identification of 
facial characteristics; the recognition of individualizing scars, marks, and other special body 
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Figure 4.24 Telogen hair roots. From left to right: telogen club root with no visible soft tissue; 
telogen hair root with some visible soft tissue; telogen hair root with visible soft tissue. (From 
Bourguignon, L. et al., Forensic Sci Int Genet, 3, 27-31, 2008. With permission.) 
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Figure 4.25 Scheme diagram of the melanosome transportation. Melanosomes are released into 
the extracellular space from the melanocyte dendrites through exocytosis and subsequent endocy- 
tosis by keratinocytes. During the process, mitochondria originating from the melanocytes can be 
potentially transported to the keratinocytes. (© Richard C. Li.) 


features; the matching of dentition with premortem dental x-rays; and the comparison of fin- 
gerprints. In some situations, these methods cannot be used because of the extensive decom- 
position of the remains. The mass fatality terrorist attack on the World Trade Center in 2001 
(Figure 4.28) serves as an example of a situation where common identification techniques may 
not be useful. Large quantities of compromised human skeletal fragments were recovered at the 
fatality site. In these cases, DNA typing is a powerful tool for identifying human remains. 

Most DNA in cortical bone is located in the osteocytes. It has been estimated that there 
are approximately 20,000 osteocytes per cubic millimeter of calcified bone matrix. As a result, 
microgram quantities of DNA can potentially be obtained from a gram of bone. Thus, compact 
bone tissue should contain sufficient amounts of nuclear DNA for analysis. However, the skel- 
etal fragments recovered from burial sites are often subjected to decomposition (Figures 4.29 
and 4.30). During the decomposition process, both nuclear and mtDNA can be degraded. 
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Figure 4.26 Bone structure. An adult human consists of 206 bones. A long bone, such as an arm or a 
leg bone, consists of an outer cylinder of cortical bone surrounding a marrow cavity. Each end of a long 
bone is called the epiphysis, which is composed largely of cancellous bone. Flat bones have variable 
structures; for example, the skull consists mainly of cortical bone whereas the spine consists mainly of 
cancellous bone. (a) Diagram of a long bone. (b) A bone fragment. Cortical and cancellous bones are 
shown. Blood vessels can be found in the Volkmann and Haversian canals. (© Richard C. Li.) 


Additionally, burial conditions with high humidity and temperature promote the degradation 
of DNA. Thus, the identification of partial DNA profiles or the complete failure to obtain DNA 
profiles can occur after samples from decomposed remains are analyzed. 

Processing bone samples for DNA extraction is a time-consuming task (Figure 4.31). Due to 
the potential for commingled remains and contaminants that interfere with forensic analysis, a 
bone sample initially must be cleaned prior to isolating DNA. The outer surfaces of bone frag- 
ments are usually removed by using a mechanical method such as sanding. However, to avoid 
cross-contamination of samples, the bone dust that is generated by sanding must be removed. 
Additionally, special protective equipment and safety procedures are necessary to protect ana- 
lysts from exposure to blood-borne pathogens. 

To obtain adequate quality and quantity of DNA from a bone sample, a high-yield DNA 
extraction method should be selected. The bone samples can be ground to powder to aid in 
DNA extraction (Chapter 5). The osteocytes containing DNA are embedded in a calcified bone 
matrix, which is a barrier for extracting DNA from the osteocytes. The bone matrix must be 
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Figure 4.27 Cross-sectional view of cortical bone. (a) The functional unit of cortical bones is 
a cylindrical structure known as osteon. Haversian canals are shown in the center of the osteon. 
(b) Detailed view of an osteon. Osteocytes (arrows) are shown within osteons. (© Richard C. Li.) 





Figure 4.28 Sections of the Fire Department of New York City (FDNY) Memorial Wall. Memorial to 
the Fallen Firefighters of 9/11, at FDNY Engine Co. 10 on Liberty Street, New York, by Rambusch 
Studios. (© Richard C. Li.) 
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Figure 4.29 Human rib bone fragments recovered from burial site. (© Richard C. Li.) 





Figure 4.30 Skeletal remains, exhumed from Frombork Cathedral in Poland, are thought to be 
those of astronomer Nicolaus Copernicus (1473-1543). (From Bogdanowicz, W., et al., Proc Nat! 
Acad Sci U S A, 106, 12279-12282, 2009. With permission.) 


removed to improve the yield of DNA. A decalcification method can be utilized to dissolve 
calcium ions to soften the bone tissue. Additionally, the application of proteinase can be used to 
digest the matrix proteins, thus increasing the yield of DNA that is harvested from osteocytes. 


4.3.4 Teeth 

4.3.4.1 Biology of Teeth 

During embryonic development, two sets of teeth begin to form. The first to appear are the 
deciduous teeth or primary teeth. Most children have 20 deciduous teeth, which are later replaced 
by 32 teeth known as the secondary dentition or permanent dentition (Figure 4.32). 
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Figure 4.31 Tools for cutting bone samples. Osteotomes and a mallet (top), and a rotary device 
(bottom). (© Richard C. Li.) 


The bulk of each tooth consists of a calcified connective tissue called dentin (Figure 4.33). 
The dentin of the crown is covered by a layer of enamel. The rest of the dentin is referred to as 
radicular dentin and is covered by a layer of cementum, which separates the tooth from the sur- 
rounding jawbone. 

Similar to bone, tooth tissue contains a matrix. The inorganic matrix of tooth contains 
hydroxyapatite, a calcium phosphate in a crystalline form. The organic matrices of dentin and 
cementum are primarily collagens. In enamel, amelogenin is the major protein of the organic 
matrix. Other proteins include ameloblastin and enamelin, which are also the components of 
the enamel organic matrix. 

The interior chamber within the tooth surrounded by dentin is known as the pulp cavity. The 
dental pulp, found within the pulp cavity, is the connective tissue made up of nerve fibers, blood 
vessels, and various cells. The blood vessels and nerves in the pulp cavity are innervated through 
the root canal, a narrow tunnel located at the root of the tooth. Incisor and cuspid teeth have 
single roots. Bicuspids have one or two roots. Molars typically have three or more roots. 

The columnar cell bodies of odontoblasts are located along the peripheral dental pulp. A 
single odontoblast process, arising from each cell body of the odontoblasts, projects into the 
dentinal tubule (Figure 4.34). Odontoblasts play important roles in the formation of den- 
tin. Odontoblasts secrete collagens and ground substances that are the components of the 
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Figure 4.32 A sectional view of an adult tooth. (© Richard C. Li.) 
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Figure 4.33 Cross-sectional view of a tooth. (© Richard C. Li.) 


dentinal matrix. Additionally, odontoblasts regulate the calcification of the matrix of dentin. 
Cementoblasts are cells that play roles in forming the cementum. Cementoblasts secrete col- 
lagens and ground substances to form the extracellular matrix of the cementum. Through the 
process of forming cementum, cementoblasts become trapped in the extracellular matrix. The 
cementoblasts embedded in the cementum are referred to as cementocytes. Ameloblasts are cells 
that play a role in producing enamel and are subsequently lost during tooth eruption. 


4.3.4.2 Teeth as Source of DNA Evidence 

The characteristics of teeth, their alignment, and the overall structure of the mouth provide 
information for identifying a person. The use of dental records such as x-rays and dental casts 
can allow dental remains to be connected to a victim. Particularly in circumstances such as 
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Figure 4.34 Odontoblast processes. See Section 4.3.4.1. (© Richard C. Li.) 
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Figure 4.35 Tools for dissecting teeth. (© Richard C. Li.) (a) A dental chisel and a mallet. (© Richard 
C. Li.) (b) An amalgam well. (Courtesy of Dr. Ken Hermsen.) 


decomposition, an odontological comparison is possible since the dental evidence often remains 
intact. When no antemortem dental record is available for comparison, forensic DNA testing 
can be carried out for postmortem human identification. The mineralized dental structure pro- 
tects DNA from degradation in cases where it may be degraded in other tissues of the body. 
Thus, teeth are an excellent source of DNA for forensic DNA analysis under such conditions. 
Dental pulp tissue contains various cells and is a suitable source of DNA. However, when 
tooth evidence has been exposed to high temperature and humid environments, decomposition 
of the pulp tissue can occur. Thus, cementoblasts within the cementum, containing both nuclei 
and mitochondria, can then be utilized as a source of DNA. Additionally, odontoblast processes 
within dentin, containing mitochondria, can also be used. Several different methods are used 
to obtain dental tissues for DNA isolation (Figure 4.35). A vertical section is cut along the longi- 
tudinal axis of the tooth, which allows the dissection of the pulp, dentin, and cementum tissues 
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Figure 4.36 Dissecting teeth for DNA isolation. Vertical cutting and dissecting of the pulp, den- 
tin, and cementum tissues (left) and horizontal cutting and dissecting of the root portion (right). 
(Courtesy of Dr. Ken Hermsen.) 
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Figure 4.37 Extraction of pulp tissue using endodontic access procedures: trepanning the occlu- 
sal surface of a tooth using a dental bur mounted on a turbine (a), creating a cavity for endodontic 
access (b), and extracting pulp tissue using a nerve broach (a). (© Richard C. Li.) 


(Figure 4.36). A horizontal section is cut through the cementum-enamel junction of the tooth 
(Figure 4.36). The root portion can be pulverized to a fine powder for DNA isolation. The crown 
can be preserved for forensic odontological comparisons if needed. Additionally, the extraction 
of pulp tissue can be carried out by standard endodontic access (Figure 4.37). For calcified tis- 
sues such as dentin and cementum, a decalcification step is needed to soften the dental matrix, 
which facilitates DNA isolation. 
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Nucleic Acid Extraction 


5.1 Basic Principles of DNA Extraction 

Deoxyribonucleic acid (DNA) is a linear polynucleotide consisting of four types of monomeric 
nucleotides. Each nucleotide contains three components: a deoxyribose, a nitrogenous base, and 
a phosphate group (Figure 5.1). The four bases for DNA are adenine (A), cytosine (C), guanine 
(G), and thymine (T) (Figure 5.2). The deoxyribose is attached to the nitrogen of a base. The 
phosphate group is attached to the deoxyribose. In a polynucleotide, individual nucleotides are 
linked by phosphodiester bonds (Figure 5.3). 

Interestingly, the first attempt to isolate DNA from humans, which involved the use of human 
leucocytes, was accomplished by the Swiss physician Friedrich Miescher in 1869. This study led 
to the discovery of the DNA molecule, which he referred to as “nuclein.” Over the years, various 
methods for isolating DNA from blood samples were developed. However, many protocols still 
use the basic principles Miescher developed more than 100 years ago. 

This chapter introduces basic techniques for DNA extraction used in forensic laboratories 
(Table 5.1). The commonly used methods isolate total cellular DNA, which is suitable for most 
forensic DNA analyses. However, DNA extraction procedures may vary according to the type of 
biological evidence, which can include cell types, substrates, the quantity of biological evidence 
collected, and the type of test that is being performed. Specific DNA extraction procedures for 
a sample of interest can be found in the literature. The extraction method of choice yields an 
optimal quantity, quality, and purity of DNA to satisfy forensic DNA testing needs. A sufficient 
quantity of DNA ensures the generation of a complete DNA profile. Poor quality of DNA, such 
as fragmentation due to DNA degradation, may result in a partial DNA profile or a failure to 
obtain a profile. Poor purity of DNA may cause interference during subsequent DNA testing. For 
example, DNA polymerase inhibitors interfere with DNA amplification (Chapter 7). Additional 
criteria for selecting proper DNA extraction methods include adaptability to automation, 
throughput potential, simplicity, the reduction of contamination risks, and cost-effectiveness. 
The most common DNA extraction protocols include basic components discussed below. 


5.1.1 Cell and Tissue Disruption 

In most DNA extraction protocols, enzymatic digestions, such as those with proteinase K, are used 
for cell and tissue disruption. The disruption process can also be carried out by boiling and by using 
alkali treatment and mechanical methods (Figures 5.4 and 5.5). Materials such as bone and teeth can 
be frozen in liquid nitrogen and then ground to a fine powder with a mortar or cryogenic grinder 
such as the SPEX CertiPrep® freezer mill (Figure 5.6). In such specimens, cells containing DNA 
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Figure 5.1 Structure of a nucleotide. Each nucleotide in a DNA polymer is made up of three 
components: a deoxyribose, a nitrogenous base (adenine is shown as an example), and a phosphate 
group. The 1’ carbon of the deoxyribose is attached to the nitrogen of a nitrogenous base. A phos- 
phate group is attached to the 5’ carbon of the deoxyribose. 
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Figure 5.2 Chemical structures of nitrogenous bases: (a) adenine, (b) guanine, (c) cytosine, and 
(d) thymine. 
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Figure 5.3. DNA polynucleotide chain. Individual nucleotides are linked by phosphodiester bonds 
between their 5’ and 3’ carbons. 
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Figure 5.4 An automated mechanical disruption device for efficient disruption of tissues. It can 
be used for high-throughput applications involving sample preparation for the isolation of nucleic 


acids. (© Richard C. Li.) 





Figure 5.5 Tissue disruption using a pressure-generating instrument also known as a barocycler. 
During the process, a barocycler is utilized to apply alternating cycles of high and low pressures onto 
specimens placed in single-use processing containers. The technique is known as pressure-cycling 


technology (PCT). (© Richard C. Li.) 
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Figure 5.6 Tissue disruption using cryogenic grinding. A cryogenic mill (left), also known as freezer 
mill, can be used for the pulverization of hard tissue such as bone samples into fine powder prior to 
DNA extraction. During a grinding cycle, an impactor (right) moves back and forth, under a magnetic 
field, inside a grinding vial, grinding the sample to a fine powder. The grinding process is carried out 
at low temperatures (approximately —196°C), using liquid nitrogen to protect temperature-sensitive 
analytes such as DNA. (© Richard C. Li.) 


are embedded in a calcified matrix that is responsible for the rigid structure of bone and teeth. In 
order to achieve a high yield of DNA extraction, it is necessary to remove the calcified matrix. A 
decalcification process removes calcium ions from the matrix, thus making the specimen suitable 
for DNA extraction. The most commonly used decalcifying agents for DNA extraction purposes 
are chelating agents such as ethylenediaminetetraacetic acid (EDTA), which sequesters the calcium 
ions. Decalcification is a lengthy procedure. Bone or teeth powder is usually treated with the decalci- 
fying agent overnight or for a longer period of time, depending on the size and source of the sample. 


5.1.2 Lysis of Cellular and Organelle Membranes 

During or after tissue disruption, membranes—including those of cells, nuclei, and mitochondria— 
are lysed in order to release DNAs, including nuclear and mitochondrial DNA. The lysis can 
be carried out using salts and chaotropic agents (Section 5.2.3) such as guanidinium salts and 
detergents such as sarkosyl and sodium dodecyl sulfate (SDS). These substances can destroy 
membranes, denature proteins, and dissociate proteins such as histones from DNA. The lysis pro- 
cedure is usually carried out in a buffer, such as Tris, in order to maintain a pH where endog- 
enous deoxyribonucleases (DNases) remain inactive. DNases are a type of nuclease that catalyzes 
the cleavage of phosphodiester bonds of DNA. Endogenous DNases are located in cytoplasmic 
lysosomes and play a role in degrading the DNA of invading viruses. When cells are lysed, the 
DNases that are also released can degrade the extracted DNA. Chelating agents such as EDTA or 
Chelex® (Section 5.2.2) can therefore be used to chelate the divalent cations that are the cofactors of 
DNases, in order to inhibit DNase activities. Furthermore, reducing agents such as mercaptoetha- 
nol or dithiothreitol (DTT) can be used to inhibit the oxidization processes that can damage DNA. 


5.1.3 Removal of Proteins and Cytoplasmic Constituents 

After lysis, cytoplasmic constituents, such as proteins and liquids that interfere with DNA 
extraction, are removed. Proteins and lipids are usually removed by one or more rounds of 
extraction with organic solvents such as phenol-chloroform mixtures (Section 5.2.1). Another 
strategy to remove cytoplasmic constituents is to utilize the reversible binding of DNA to a solid 
material such as silica, which selectively binds DNA in chaotropic salt solutions. The proteins 
and cytoplasmic constituents can then be removed through washing steps. 
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5.1.4 Storage of DNA Solutions 

Purified high-molecular-weight DNA is usually stored in TE buffer (10 mM Tris-HCl, 1 mM EDTA, 
pH 8.0). EDTA is usually included in storage solutions to chelate divalent cations and thereby inhibit 
DNases. Such a DNA solution may be stored at 4°C or —20°C. For long-term storage, —80°C is 
recommended. Frequent freezing or thawing cycles should be avoided because temperature fluctua- 
tions may cause breaks of single- and double-stranded DNA. Additionally, DNA containing impu- 
rities such as extracts generated via the Chelex method are much less stable. The presence of heavy 
metals, such as cadmium and cobalt, can cause breakage of phosphodiester bonds in the molecules. 
Additionally, unsuccessful removal of exogenous or intracellular free radicals, such as a hydroxyl 
radical (HO-), which have unpaired valence electrons, can cause DNA damage suchas strand breaks. 
Furthermore, contamination by DNases may lead to subsequent degradation of DNA. 


5.1.5 Contamination 

Contamination is usually caused by the introduction of exogenous DNA to an evidence sample. 
It can occur between samples, between an individual and a sample, between other organisms 
and a sample, or between amplified DNA and a sample. Certain procedures can be utilized to 
prevent the occurrence of contamination. For example, evidence and reference samples should 
be processed separately in different rooms to avoid sample-to-sample contamination. In situ- 
ations where space is limited, the evidence sample should be processed before the reference 
sample. Additionally, evidence samples should be processed and extracted for isolating DNA in 
separate areas (or at different times) from DNA amplification areas. 

Solutions and test tubes used for extraction should be DNA-free, and aerosol-resistant pipet 
tips should be used during the extraction process. Additionally, the levels of contamination 
should be monitored by using extraction reagent blanks (having reagents but no samples), which 
monitor contamination from the extraction. 


5.2 Methods of DNA Extraction 
5.2.1 Extraction with Phenol—Chloroform 
This method is also called organic extraction. Major steps include the following: 


5.2.1.1 Cell Lysis and Protein Digestion 
These steps can be achieved by digestion with proteolytic enzymes such as proteinase K before 
extraction with organic solvents. 


5.2.1.2 Extraction with Organic Solvents 

The removal of proteins is carried out by extracting aqueous solutions containing DNA with a 
mixture of phenol:chloroform:isoamy] alcohol (25:24:1). Phenol is used to extract the proteins 
from the aqueous solution. Although phenol has a slightly higher density than water, it is some- 
times difficult to separate it from the aqueous phase. Therefore, chloroform is utilized as it has 
a higher density than phenol. As a result, the phenol-chloroform mixture forms the organic 
phase at the bottom of the tube and is easily separated from the aqueous phase. Isoamyl alcohol 
is often added to the phenol-chloroform mixture to reduce foaming. During partition, DNA is 
solubilized in the aqueous phase, while lipids are solubilized in the organic phase. Proteins are 
located at the interface between the two phases (Figure 5.7). 


5.2.1.3 Concentrating DNA 

Two common methods for concentrating DNA are ethanol precipitation and ultrafiltration. In the 
first method, the DNA is precipitated from the aqueous solution with ethanol and salts. Ethanol 
depletes the hydration shell of DNA, thus exposing its negatively charged phosphate groups. The 
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Figure 5.7. DNA extraction using organic solvent. The DNA is contained in the aqueous phase, 
while cellular materials such as lipids are contained in the organic-solvent phase. Proteins remain in 
the barrier between the two phases. (© Richard C. Li.) 
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Figure 5.8 Concentrating DNA solutions using filtration devices. DNA samples are loaded into the 
reservoir. The liquid is filtered by centrifugation and the DNA becomes trapped in the membrane. 
The cartridge is then inverted to recover the trapped DNA by centrifugation. (© Richard C. Li.) 


precipitation can only occur if sufficient quantities of cations are present in the solution. The 
most commonly used cations, such as ammonium, lithium, and sodium, neutralize the charges 
on the phosphate residues of DNA, forming a precipitate. Ultrafiltration is an alternative to etha- 
nol precipitation for concentrating DNA solutions. The Microcon® and Amicon® are centrifugal 
ultrafiltration devices that can concentrate DNA samples (Figure 5.8). A proper Microcon® unit 
can be selected with a nucleotide cutoff equal to or smaller than the molecular weight of the DNA 
fragment of interest. Usually, the cutoff size is 100 kDa for forensic DNA samples. 
Phenol-chloroform extraction yields large, double-stranded DNA and can be used for 
either restriction fragment length polymorphism (RFLP)-based or polymerase chain reaction 
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(PCR)-based analysis. However, the organic extraction method is time-consuming, involves the 
use of hazardous reagents, and requires the transfer of samples among tubes. 


5.2.2 Extraction by Boiling Lysis and Chelation 
This technique, also called the Chelex® extraction method, was introduced in the early 1990s to 
forensic DNA laboratories. It usually includes the following steps: 


5.2.2.1 Washing 

This step removes contaminants and inhibitors that may interfere with DNA amplification. 
For example, heme compounds found in blood samples should be removed from blood sam- 
ples because it inhibits DNA amplification. 


5.2.2.2 Boiling 

Cells are suspended in a solution and incubated at 56°C, where DNases are not active, for 20 min. 
This preboiling step softens cell membranes and separates clumps of cells from each other. The 
cells are then lysed by heating to boiling temperature in order to break open the membranes 
and to release the DNA. Additionally, the lysis of cells releases all of their cellular constituents, 
including DNases. The DNase degradation of the extracted DNA can be blocked by applying 
a chelating resin (Chelex® 100) during the extraction process. Chelex® 100 is an ion-exchange 
resin composed of styrene divinylbenzene copolymers. The paired iminodiacetate ion groups in 
Chelex® 100 act as chelators by binding to divalent metal ions such as magnesium. Magnesium is 
a cofactor of endogenous DNases. Thus, sequestering magnesium in the solution using Chelex® 
100 protects DNA from degradation by DNases (Figure 5.9). 


5.2.2.3 Centrifugation 

Brief centrifugation is performed to pull the Chelex® 100 resin and cellular debris to the bot- 
tom of the tube. The supernatant is used for DNA analysis. Carrying the Chelex® 100 resin over 
into the DNA amplification solutions should be avoided because the resin chelates magnesium, 
which is a necessary cofactor for DNA polymerases used for amplification. 
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Figure 5.9 Utilizing Chelex® for preparing DNA samples. (a) Cations such as Mg?* are required 
for the activity of endogenous DNase, which degrades DNA. (b) Chelex® prevents DNA degradation 
from endogenous DNase by sequestering the Mg?+. (© Richard C. Li.) 
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This method is simple and rapid and uses only a single tube for extraction, thus reducing the 
risks of contamination and sample mix-ups. However, the heating step of this method disrupts 
and denatures proteins and also affects the chromosomal DNA. The resulting DNA extracted 
from the solution is fragmented single-stranded DNA. Thus, the DNA extracted is not suitable 
for RFLP analysis because RFLP requires double-stranded DNA samples. The DNA obtained by 
lysis and chelation can only be used for PCR-based DNA analysis. 


5.2.3 Silica-Based Extraction 

The method of adsorbing DNA molecules to solid silica surfaces is used for extraction (Figures 5.10 
and 5.11). The method is based on the phenomenon that DNA is reversibly adsorbed to silica— 
silicon dioxide (SiO,)—in the presence of high concentrations of chaotropic salts. Chaotropic 
salts can disrupt hydrogen bonding, affecting the three-dimensional structures of macromol- 
ecules. These salts are used to denature proteins. Additionally, chaotropic salts can facilitate the 
adsorption of DNA to silica. 

In aqueous solutions, the hydration shells of nucleic acids shield the negative charges of 
phosphates at the phosphodiester backbone of nucleic acids. As a result, nucleic acids are usu- 
ally hydrophilic in aqueous solutions. In the presence of chaotropic salts, nucleic acids become 
hydrophobic. The dehydrating effect caused by chaotropic salts allows the phosphate residues to 
become available for adsorption to the silica surface. Common chaotropic salts utilized for DNA 
extraction include guanidinium salts such as guanidinium thiocyanate (GuSCN) and guani- 
dinium hydrochloride (GuHCl). GuSCN is a more potent chaotropic salt and also facilitates cell 
lysis and DNA adsorption. This technique usually includes the following steps: 


5.2.3.1 Cell Lysis and Protein Digestion 
This is carried out by proteinase K digestion. The cell membranes are broken open, and DNA is 
released. 


5.2.3.2 DNA Adsorption onto Silica 

This step utilizes silica as the stationary phase in a membrane configuration to which the DNA 
in the cell lysate binds. Adsorption of the DNA to the silica occurs in the presence of high 
concentrations of chaotropic agents (some protocols adjust pH conditions to enhance adsorp- 
tion). Under these conditions, cellular materials and other contaminants that can inhibit DNA 
amplification reactions are not retained on the silica membrane. The adsorbed DNA is largely 
double stranded. 





Figure 5.10 A silica-membrane spin column. (© Richard C. Li.) 
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Figure 5.11 Silica-based DNA extractions. (a) Cells are lysed in the presence of proteinase. The DNA 
then binds to the silica matrix. A washing step removes unbound cellular materials and salts from the 
matrix. The purified DNA is then eluted for use in downstream applications. (b) Using silica-coated 
paramagnetic particles for DNA extraction. The particle is added into a lysate, and then DNA binds 
to the silica surface of the particle. The particle is then captured by a magnetic field. Afterwards, the 
supernatant is removed, and cellular materials are washed away. DNA elution follows. See Section 5.2.3. 
(© Richard C. Li.) 


5.2.3.3 Washing 

This step removes chaotropic agents and other contaminants. An ethanol-based wash solution is 
used. This wash solution does not remove DNA from the silica. The chaotropic agents and con- 
taminants that are present in the solution can be removed using the ethanol-based wash solution. 


5.2.3.4 Elution of DNA 
The adsorbed DNA can be eluted by rehydration with aqueous low-salt solutions. The eluted 
DNA is double stranded and can be used for a wide variety of applications. 

Silica-based extraction methods yield high-quality DNA. Silica membrane devices can also be 
adapted for automation; for example, this can be done by using 96-well silica membrane plates and 
a variety of robotic platforms. Another type of device utilizes silica-coated paramagnetic particles 
that adsorb DNA in the solution (Figure 5.11b). A magnet is used for particle capture instead of 
centrifugation or vacuum filtration. The magnetic particles can be resuspended during the wash 
steps, and the solution containing contaminants and cellular materials is then discarded. DNA 
is eluted after washing. This device can also be adapted to automated, high-throughput methods. 

Over the years, high-throughput silica-based procedures have been developed to process 
large numbers of samples in parallel. Some of these methods are adapted for automated DNA 
extraction platforms (Figures 5.12 and 5.13). 
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Figure 5.12 Automated bench-top DNA purification systems that enable the isolation of genomic 
DNA from a wide variety of forensic samples. A low-throughput sample-preparation system that 
can process up to 12 samples (left) and a low-to-medium throughput sample-preparation system 
(right). (© Richard C. Li.) 





Figure 5.13 Integrated platforms enabling automated DNA sample preparation and liquid handling 
for subsequent assay setup. These systems utilize silica-coated bead chemistries and can achieve 
moderate to high throughput of processing (1-96 samples) with bar coding for sample tracking. A 
Hamilton (top) and a Qiagen system (bottom). (© Richard C. Li.) 
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5.2.4 Differential Extraction 

This method is very useful for the extraction of DNA from biological evidence derived from sex- 
ual assault cases, such as vaginal swabs and bodily fluid stains. These types of evidence often con- 
tain mixtures of spermatozoa from a male contributor and nonsperm cells such as epithelial cells 
from a female victim. Mixtures of individual DNA profiles can complicate data interpretation. 

This method selectively lyses the nonsperm and spermatozoa in separate steps based on the 
differences in cell-membrane properties of spermatozoa and other types of cells. Thus, the DNA 
from spermatozoa and nonsperm cell fractions can be sequentially isolated. 

First, the differential extraction procedure involves preferentially lysing the nonsperm cells 
with proteolytic degradation using proteinase. Sperm plasma membrane contains proteins 
cross-linked by disulfide bonds. The membrane exhibits a much higher mechanical stability 
than nonsperm cells and is thus resistant to proteolytic degradation. The nonsperm DNA is 
released into the supernatant and the liquid containing it (the nonsperm fraction) is extracted, 
yielding a fraction that predominantly contains DNA from nonsperm cells. 

To lyse the sperm cells, it is necessary to cleave the disulfide bonds in addition to proteo- 
lytic digestion. The application of DTT, a reducing agent, is an approach that can be used for 
cleavage. In the presence of DTT and proteinase K, the sperm plasma membrane is then lysed 
(Figure 5.14). Subsequently, DNA from the sperm cells can be extracted (Figure 5.15). 
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Figure 5.14 DTT reaction. The breaking of disulfide bonds in cystine residues is carried out by 
adding a reducing agent such as DTT. 
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Figure 5.15 Differential extraction process used to separate sperm cells from nonsperm cells. 
Nonsperm cells are lysed in the presence of SDS and proteinase K (PK); sperm cells are resistant 
to such conditions. The nonsperm cell DNA is extracted. The sperm cells are then lysed separately 
in the presence of SDS and proteinase K plus DTT to extract the sperm DNA. (© Richard C. Li.) 
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This process isolates sperm and nonsperm cell DNA separately for obtaining DNA profiles 
from male and female contributors, respectively. However, the non-sperm-cell DNA and sperm- 
cell DNA may not be completely separated from one another; this can happen, for example, if 
the sperm cells have already lysed due to poor sample conditions. Some sperm DNA may be 
present in the non-sperm-cell fraction. Additionally, if a mixture has an abundance of non- 
sperm cells and fewer sperm cells, non-sperm-cell DNA may be detected in the sperm fraction. 
Thus, new methods that can overcome these problems are highly desired. 


5.3 Essential Features of RNA 

Like DNA, ribonucleic acid (RNA) is a linear molecule containing four types of nucleotides 
linked by phosphodiester bonds (Figures 5.16 and 5.17). However, certain properties of RNA dif- 
fer from those of DNA. Unlike DNA containing deoxyribose (see Figure 5.18), the sugar residue 
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Figure 5.16 The structure of ribonucleotide. Each ribonucleotide in a RNA polymer consists of 
three components: a ribose, a nitrogenous base (uracil is shown as an example), and a phosphate 
group. The 1’ carbon of the ribose is attached to the nitrogen of the nitrogenous base. A phosphate 
group is attached to the 5’ carbon of the ribose. 
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Figure 5.17 Chemical structure of RNA (polyribonucleotide) chain. 
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(a) OH OH (b) 


Figure 5.18 Comparison of (a) ribose and (b) deoxyribose. The hydroxyl group attached to the 2’ 
carbon of ribose is replaced by a hydrogen group in deoxyribose. 


of RNA is a ribose, which has a hydroxyl (OH) group at the 2’ carbon position. Therefore, RNA 
has a lower pKa, which means that it is more acidic than DNA. RNA contains uracil (U) in the 
place of thymine in DNA (Figure 5.19). RNA is typically found in cells as a single-stranded mol- 
ecule, while DNA is double stranded. Polyribonucleotides can form complementary helices with 
DNA strands by base pairing (with the exception of uracil pairs with adenine) (see Figure 5.20). 

Total RNA contains all the RNA of the cells, including RNAs involved in protein synthesis 
and posttranscriptional modification, as well as regulatory RNAs. The RNA that carries codes 
from a DNA template is called messenger RNA (mRNA) and usually contains a cap and polyad- 
enine tail at the 5’ and 3’ ends of the molecule, respectively (Figure 5.21). 

The stability of RNA is an issue for mRNA-based forensic analysis. Single-stranded RNA is 
chemically less stable than DNA. The 2’ OH group of RNA can react with its phosphodiester 
backbone, potentially causing the nonenzymatic hydrolysis of an RNA molecule. Several factors, 
such as moisture, UV light, high temperature, and extreme pH, can facilitate the nonenzymatic 





Figure 5.19 Comparison of (a) uracil and (b) thymine. Thymine has a methyl group attached at the 
5-carbon position. 
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Figure 5.20 Base pairing of uracil (left) and adenine (right). 
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Figure 5.21 Structure of MRNA. Eukaryotic mRNA is modified at the 5’ end (cap) and 3’ end 
(polyadenine tail) needed for protein synthesis. Start and stop codons are required for the initiation 
and termination of protein synthesis. (© Richard C. Li.) 
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hydrolysis of RNA phosphodiesters, which leads to the degradation of RNA. Moreover, endog- 
enous ribonucleases (RNases), present within cells, represent the major factor causing RNA deg- 
radation. Environmental microorganisms are also a common source of RNase contamination. 
RNases are very stable and usually do not require cofactors to carry out enzymatic reactions. 
Small amounts of RNases are sufficient to degrade RNA. RNA can be protected by adding RNase 
inhibitors such as diethylpyrocarbonate. Additionally, using RNase-free laboratory supplies and 
reagents and wearing disposable gloves while handling samples and reagents can reduce the 
risks of RNase contamination. 


5.4 Methods of RNA Extraction 

5.4.1 RNA-DNA Coextraction 

For most forensic applications, total RNA is usually isolated. The procedure for isolating total 
RNA is simpler than that for mRNA. The total RNA isolated usually contains a sufficient amount 
of mRNA for subsequent reverse transcriptase PCR (RT-PCR; see Chapter 7). However, if the 
quantity ofa target mRNA is very low, the procedures specifically for isolating mRNA should be 
used. There are a variety of protocols for isolating total RNA. However, RNA-DNA coextraction 
methods allow for the simultaneous extraction of high-quality DNA and RNA for forensic DNA 
analysis and bodily-fluid identification (Chapter 11), respectively, without the consumption of 
additional samples when extracted separately. 

Biological samples are first lysed in lysis buffer. The lysis buffer usually contains chaotropic 
salts that can facilitate the lysis of cells and denature proteins, thus inactivating endogenous 
RNases to protect RNA. The lysate is then passed through a silica membrane column. A high- 
salt environment in the lysate allows selective binding of silica to genomic DNA over RNA. The 
column is washed, and purified DNA is then eluted. 

The extraction of RNA is achieved by utilizing a high concentration of chaotropic salts that 
are already present in the lysate, along with ethanol, in order to decrease the hydrophilic prop- 
erty of RNA and increase its affinity for silica. After ethanol is added to the flow-through that 
passed the first column, the sample is then applied to a second silica column, where total RNA 
molecules, longer than 200 nucleotides, bind to the silica membrane. RNA including mRNA is 
then eluted (Figure 5.22). This method does not isolate small RNAs such as miRNA, rRNA, and 
tRNA, which comprise 15%-20% of total RNA. 


5.4.2 miRNA Extraction 

miRNAs (Chapter 4) are low-molecular-weight RNAs ranging between 15 and 30 nucleotides in 
length. Conventional methods routinely used for extracting total RNA do not effectively recover 
small RNAs; thus, they are not suitable for isolating miRNA. One approach to extracting small 
RNA molecules including miRNA involves two steps: organic-solvent extraction to isolate total 
RNA and solid-phase extraction to enrich small RNA. 

To begin the process, tissues are disrupted and cells are lysed. The lysis reagents also inacti- 
vate RNases to protect RNA. The lysate is then extracted with an organic solvent, such as phenol 
and chloroform, with a high concentration of chaotropic salts such as GuSCN. The partitioning 
of DNA and RNA between the organic phase and the aqueous phase is determined by the pH 
during the organic extraction. At an acidic pH, DNA partitions to the organic phase. The pKa of 
RNA is usually lower than DNA; thus, RNA remains hydrophilic and is retained in the aqueous 
phase under this condition. This step removes most of the DNA, proteins, and other cellular 
components from the lysate into the organic phase. 

The second step, silica-based extraction, further purifies and enriches small RNAs. It is 
achieved by utilizing the high concentration of chaotropic salt that is already present in the 
lysate, along with ethanol. The size-fractioning of RNAs is achieved using different ethanol 
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Figure 5.22 RNA and DNA coextraction using a silica-based method. See Section 5.4.1. 
(© Richard C. Li.) 


concentrations. At a low ethanol concentration, the solvent-extracted lysate is passed through 
a silica membrane filter. Large RNAs are retained on the silica membrane, while small RNAs 
are not and are collected in the filtrate. The filtrate is passed through a second silica membrane 
filter. At a high ethanol concentration, the small RNAs are retained on the silica membrane. The 
small RNAs are then eluted in a low ionic strength solution (Figure 5.23). RNA less than 200 
nucleotides, including miRNA, can be obtained. 

After RNA is extracted, the small amounts of RNA can be quantified using a quantitative 
RT-PCR (Chapter 7) or fluorescent intercalating dye assay (Chapter 6). Purified RNA can be 
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Figure 5.23 Schematic illustration of an miRNA extraction method. See Section 5.4.2. 
(© Richard C. Li.) 


stored at —80°C in RNase-free water or Tris-EDTA buffer (pH 7). Single-use aliquots are pre- 
ferred when possible to avoid multiple freeze-thaw cycles. 

The integrity of extracted RNA is a great concern for RNA-based forensic analysis. RNA 
quality is traditionally assessed using the 28S:18S rRNA ratio. There are some conditions 
where this method has been shown to be inconsistent; that is, in which the 28S:18S rRNA ratio 
does not reflect the true level of RNA degradation. Recently, the RNA integrity number (RIN) 
has provided an effective method for determining RNA quality. RIN is a software algorithm 
that takes the electrophoretic RNA measurements into account in order to assign integrity 
values to RNA samples. RIN ranges from | to 10, with 10 being the most intact. Thus, the 
RIN method facilitates the assessment of the integrity of RNA samples. As reflected by RIN, 


RNA degradation has a negative influence on the reproducibility of the results of RNA-based 
forensic analysis. 
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DNA Quantitation 


Determining the amount of DNA in a sample is essential for polymerase chain reaction 
(PCR)-based DNA testing (Chapter 7). Because PCR-based DNA testing is very sensitive, a nar- 
row concentration range is required for amplification to be successful. If too much DNA tem- 
plate is used in PCR, the resulting artifacts may interfere with data analysis and interpretation. 
On the other hand, very low amounts of DNA template may result in a partial DNA profile or 
failure to attain a profile. Samples with poor purity may contain PCR inhibitors that lead to a 
failure of DNA amplification. Thus, a test that can measure the quality and quantity of the DNA 
template of a sample is desirable. 

Additionally, forensic samples containing DNA are often mixtures that may include nonhu- 
man DNA. For instance, microbial DNA may be present. Thus, it is necessary to use human- 
specific DNA quantitation methods to selectively determine the amount of haman DNA present. 
In the United States, quality-assurance guidelines require the use of a quantitation method that 
estimates the amount of human nuclear DNA in crime-scene evidence samples. 

In this chapter, the slot blot, intercalating dye, and quantitative PCR methods are introduced. 
The quantitative PCR method is the most sensitive of the three methods. It is the only method 
that can detect PCR inhibitors. Both the slot blot and the quantitative PCR methods can detect 
human and nonhuman primate DNA. Current technology cannot distinguish between human 
and nonhuman primate DNA. 


6.1 Slot Blot Assay 

Historically, the slot blot assay was used to detect human genomic DNA in a sample. 
Methodically, the slot blot assay works based on the following principles. Prior to the quan- 
titation, an alkaline solution is added to the genomic DNA sample, which denatures DNA. 
Generating single-stranded DNA is necessary for DNA to be cross-linked onto a nitrocellulose 
membrane. The DNA sample is then spotted, using a slot blot device, onto a nitrocellulose mem- 
brane (Figure 6.1). The single-stranded DNA is then immobilized onto a nylon membrane. The 
targeted sequence is revealed by hybridization with a labeled 40-nucleotide probe complemen- 
tary to a primate-specific a-satellite DNA sequence at the D17Z1 locus (Figure 6.2). In humans, 
the a-satellite DNA sequences are highly repetitive sequences located near the centromeres of 
chromosomes. These sequences are usually distinct for each chromosome. 

Three detecting schemes of the slot blot assay have been developed. Initially, the D17Z1 probe 
was labeled with radioisotopes that could be visualized by exposing the slot blot membrane to 
x-ray film. The hazardous radioisotope detection method was then replaced by alkaline phos- 
phatase-labeled and biotinylated probes. The alkaline phosphatase-labeled probe can be coupled 
with chemiluminescent detection (Lumi-Phos Plus kit, Lumigen, Inc.). The biotinylated probe 
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Figure 6.1 A slot blot device. (© Richard C. Li.) 


(QuantiBlot Human DNA Quantitation Kit, Applied Biosystems) can be coupled with either 
colorimetric or chemiluminescent detection. 

In colorimetric detection, the biotin moiety of the probe is bound to streptavidin. The strep- 
tavidin is conjugated with horseradish peroxidase, which catalyzes the oxidation reaction of tet- 
ramethylbenzidine (TMB), a substrate, forming a blue precipitate. With the chemiluminescent 
detection method, the horseradish peroxidase catalyzes the oxidation reaction of a substrate 
such as luminol, emitting photons that can be detected by exposure to x-ray film. The sensitiv- 
ity of chemiluminescent detection is slightly higher than that of the colorimetric detection. The 
detection mechanisms will be discussed in Chapter 9. 

The detected signal intensity is proportional to the concentration of the DNA sample in ques- 
tion. Quantitative measurements can be made by comparing an unknown sample to a set of 
standards with known DNA concentrations (Figure 6.3). 

‘The assay typically quantifies DNA over the range of 150 pg-10 ng. However, the quantitation 
results are manually read, and conclusions are based on subjective judgments. Additionally, the 
D17Z1 sequences of humans and other primates share homology. The probe cannot distinguish 
between human and other primate genomic DNA. This is not a great concern because cases involv- 
ing nonhuman primates are rare. Nevertheless, the probe does not cross-react with all other spe- 
cies. This assay has been replaced by recently developed quantitative PCR assays (see Section 6.3). 


6.2 Fluorescent Intercalating Dye Assay 
Small quantities of DNA can also be quantified by using a fluorescent intercalating dye method. 
Intercalating dyes, usually planar molecules, can slide themselves in between base pairs of 
DNA without breaking the DNA double helix. The Quant-iI™ PicoGreen® dsDNA reagent 
(Invitrogen) is a fluorescent intercalating dye that stains double-stranded DNA (dsDNA) for 
quantitation in a sample (Figure 6.4a). The detection limit of this method is approximately 
250 pg. Intercalating dyes, not specific to human DNA, bind to all DNA molecules. Therefore, 
fluorescent intercalating dye assay can be utilized for the quantitation of known reference sam- 
ples. For instance, DNA database samples from known sources can be quantified using this 
method. The assay has also been adapted for automation and is, thus, a high-throughput method. 
DNA samples are simply added to a solution containing the fluorescent intercalating dye. The 
fluorescence, proportional to the quantities of DNA (Figure 6.4b), is measured using a standard 
spectrofluorometer with excitation and emission wavelengths of the light source. A standard 
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Figure 6.2 Slot blot assay. Questioned DNA is immobilized onto a solid-phase membrane then 
hybridized with a biotinylated D17Z1 probe. The detection of the hybridization is carried out by 
(a) streptavidin (SA) and horseradish peroxidase (HRP) conjugate, and a colorimetric reaction is 
catalyzed by HRP using tetramethylbenzidine (TMB) as a substrate; (b) SA and HRP conjugate, and 
a chemiluminescent reaction is catalyzed by HRP using Luminol as a substrate; (c) immobilized 
DNA is hybridized with an alkaline phosphatase (AP)-labeled D17Z1 probe. The detection of the 
hybridization is carried out by a chemiluminescent reaction catalyzed by AP using Lumigen® PPD 
as a substrate. (© Richard C. Li.) 
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Figure 6.3. Human DNA quantitation using the slot blot assay. Standards with known amounts of 
human DNA are applied, and unknown samples and a set of standards are compared. The quantities 
in the unknown samples are estimated by visual comparison to the standards. (© Richard C. Li.) 
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Figure 6.4 DNA quantitation using intercalating dye. (a) Fluorescent dye intercalates into DNA. 
The fluorescence can be measured upon applying an excitation light source. (b) A standard curve 
can be constructed using known amounts of DNA standards. The amount of questioned DNA can 
be determined by comparing the standard curve. (© Richard C. Li.) 
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curve is first created using samples containing known amounts of DNA. The assay is then per- 
formed for the unknown samples and the quantities of DNA in the samples are determined by 
comparing the results to the standard curve. 


6.3 Quantitative PCR Assay 
Based on the principle of PCR amplification (Chapter 7), the amount of PCR product amplified 
correlates with the initial concentration of DNA templates. Thus, the DNA concentration of a sam- 
ple can be determined. There are two types of quantitative PCR methods. End-point PCR methods 
measure the quantity of amplified product at the end of PCR. Usually, the fluorescence is emit- 
ted by the dyes that intercalate into the double-stranded DNA. The quantity of amplified DNA is 
measured from the amount of fluorescence emitted from dyes such as SYBR (Figures 6.5 and 9.1b). 
Real-time PCR methods can quantify the amplified DNA during the exponential phase of PCR 
(Chapter 7). The quantitation result is not affected to a significant extent by slight variations in PCR 
conditions. Thus, the precision of the quantitation of target sequences is improved with this method. 


6.3.1 Real-Time Quantitative PCR 

Real-time quantitative PCR (qPCR) was developed in the early 1990s, and it analyzes the ampli- 
fication of a target sequence at each cycle of PCR. A fluorescent reporter is used to monitor 
the accumulation of amplified products during PCR. The fluorescence signals of the reporter 
molecule increase as amplified products accumulate with each cycle of PCR. qPCR is commonly 
used because of the following advantages: 


&, Better objectivity than the QuantiBlot method 

&, Increased sensitivity with a large dynamic range (30 pg-100 ng) 

8, More accurate measurements of small quantities of DNA in samples 
z Fewer laboratory manipulations; amenable to automation 


& Ability to detect PCR inhibitors (Section 6.3.1.1) 
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Figure 6.5 End-point PCR using SYBR Green detection. During the extension phase of PCR, in 
which DNA synthesis occurs, the dye binds to the double-stranded amplicons. Upon excitation, the 
emission intensity of the dye can be measured. Pol represents Taq polymerase. (© Richard C. Li.) 
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The technique is amenable to multiplexing to detect more than one type of DNA target sequence 
in a single reaction. Commercial gPCR kits for human DNA and Y-chromosome DNA quantita- 
tion are available. Additionally, the qPCR method for mtDNA quantitation is possible. qPCR uses 
commercially available fluorescence-detecting thermocyclers to amplify specific DNA sequences 
and measure their concentrations simultaneously. The fluorescent reporter can be a nonspecific 
intercalating double-stranded DNA-binding dye or a sequence-specific fluorescently labeled oligo- 
nucleotide probe (Chapter 9). The target sequences are amplified and detected by the same instru- 
ment, and the reporter fluorescence is monitored externally. Thus the reaction tubes do not need 
to be opened. This minimizes aerosol contamination and reduces the risk of false-positive results. 
A widely used qPCR probe technique is the TaqMan method (Applied Biosystems). 


6.3.1.1 TaqMan Method 

This method utilizes the 5’ exonuclease activity of Taq polymerase to cleave the probe during 
PCR (also known as the 5’ exonuclease assay). The probe is designed to anneal to the target 
sequence between the upstream and downstream primers and is added to the PCR mixture 
together with primers (Figure 6.6). The probe T,, (melting temperature; see Chapter 7) should 
be higher than the amplification primer T,,. A minor groove binder (MGB), such as dihydrocy- 
clopyrroloindole tripeptide, is often linked at the 3’ end of the probe (Figure 6.6). A conjugated 
MGB binds to the minor groove of a B-form DNA helix (Figure 6.7), which is stabilized by van 





Figure 6.6 TaqMan probe. Each probe is labeled with a reporter dye (R) on the 5’ end and a 
fluorescence quencher (Q) on the 3’ end. MGB represents a minor groove binder. (© Richard C. Li.) 
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Figure 6.7 DNA double helix. The double-helical structure of B-DNA, the most common form of 
DNA, is shown. With a helical diameter of 2 nm, each turn of the helix takes 3.4 nm, which cor- 
responds to 10 base pairs per turn. The major and minor grooves are shown. (© Richard C. Li.) 
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der Waals forces. As a result, conjugating an MGB into a probe increases the T,, values, allowing 
for the use of shorter probes. As a result, having the probe T,, higher than that of the primers 
ensures that the probe is fully hybridized during primer extension. The oligonucleotide probe is 
labeled with both a reporter fluorescent dye, usually 6-carboxy fluorescein (6-FAM) or tetrachlo- 
rofluorescein (TET) at the 5’ end; and a nonfluorescent quencher moiety, such as tetramethyl- 
rhodamine (TAMRA), usually at the 3’ end or any thymine position. While the probe is intact, 
the quencher greatly reduces the fluorescence emitted by the reporter via fluorescent resonance 
energy transfers (FRET). FRET is a distance-dependent interaction between two molecules in 
which the excitation energy is transferred from a photon donor molecule (reporter) to an accep- 
tor molecule (quencher) without emission of a photon. During the extension phase of the PCR 
cycle, the 5’ exonuclease activity of Taq polymerase cleaves the reporter dye from the probe. 
Because the reporter dye is no longer in close proximity to the quencher, the FRET is disrupted 
and the probe begins to fluoresce (Figure 6.8). The intensity of fluorescence can be measured 
(Chapter 9) and is proportional to the amount of target DNA synthesized during the PCR. 

In this assay, the rate of accumulation of amplified DNA over the entire course of a PCR is 
generated. The greater the initial concentration of target templates in a sample, the fewer cycles 
required to reach a particular quantity of amplified product. The initial concentration of target 
templates can be expressed using the cycle threshold (C,). C; is defined as the number of PCR 
cycles required for the fluorescent signal to cross a threshold of amplification where the signal 
exceeds background level or baseline noise. A plot of C; against the log,, of the initial concen- 
tration of a set of DNA standards yields a straight line as a standard curve (Figure 6.9). The 
target sequences in an unknown sample can be quantified by comparing to the standard curve. 
Additionally, qPCR has the ability to detect PCR inhibitors (Chapter 7) that interact with DNA or 
with DNA polymerases. The presence of PCR inhibitors in the DNA extracts can be measured by 
monitoring the amplification of the internal positive control (IPC). Most human DNA quantita- 
tion kits contain a known amount of exogenous DNA as IPC that can be fortified to the sample 
and amplified. Monitoring the amplification of IPC enables the detection of PCR failure due to 
inhibition when the IPC’s C, value is higher than that of an uninhibited PCR reaction. 








Extension 
complete 


Figure 6.8 Real-time PCR with TaqMan detection. The TaqMan probe is shown. During extension, 
the 5’ nuclease activity of Taq polymerase (Pol) cleaves the probe. Reporter dye is released during 
each cycle of PCR. (© Richard C. Li.) 
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Figure 6.9 Real-time quantitative PCR. (a) Amplification curves for a dilution series of standards 
with known quantities of DNA. C; is the cycle threshold at which the amplification curve crosses 
the threshold, as indicated by the red line. (b) A standard curve based on data obtained from the 
amplification curves. The quantity of DNA in a questioned sample can be determined from the 
standard curve. (© Richard C. Li.) 
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Amplification by Polymerase 
Chain Reaction 


7.1 Denaturation and Renaturation of DNA 

The DNA double helix is stabilized by chemical interactions. Base pairing of the two strands 
involves the formation of hydrogen bonds that provide weak electrostatic attractions between 
electronegative atoms. An adenine always pairs with a thymine (two hydrogen bonds), and a 
cytosine pairs with a guanine (three hydrogen bonds) (see Figure 7.1). Base stacking involves 
hydrophobic interactions between adjacent base pairs and provides stability to the double helix. 

Double-stranded DNA is maintained by hydrogen bonding between the bases of complemen- 
tary pairs. Denaturation occurs when the hydrogen bonds of DNA are disrupted, and the strands 
are separated. A melting curve can be obtained from measuring DNA denaturation by slowly heat- 
ing a solution of DNA. As shown in Figure 7.2, an increasing temperature increases the percent- 
age of the DNA that is denatured. The temperature at which 50% of DNA strands are denatured 
is defined as the melting temperature (T.,). The value of T., is affected by the salt concentration of 
the solution, but can also be affected by nucleotide content, high pH, and length of the molecule. 

Nucleotide content affects the value of T,, because GC pairs are joined by three hydrogen 
bonds while the AT pairs are joined by only two. Increasing the GC content of a DNA molecule 
increases the T,,. Excessively high pH causes the hydrogen bonds to break and the paired strands 
to separate. Finally, the length of the molecule also affects the T,, simply because a longer mol- 
ecule of DNA requires more energy to break more bonds than a shorter molecule. 

The single strands in a solution of denatured DNA can, under certain conditions, reanneal into 
double-stranded DNA. The process is called renaturation and two requirements must be met for it 
to occur. First, sufficient amounts of charged molecules, such as salts, must be present in the solu- 
tion to neutralize the negative charges of the phosphate groups in DNA. This prevents the comple- 
mentary strands from repelling each other. Additionally, the temperature must be high enough to 
disrupt hydrogen bonds that formed randomly between the bases of DNA strands. However, exces- 
sively elevated temperatures can disrupt the base pairs between the complementary DNA strands. 


7.2 Basic Principles of Polymerase Chain Reaction 
The polymerase chain reaction (PCR) allows the exponential amplification of specific sequences 
of DNA to yield sufficient amplified products, also known as amplicons, for various downstream 
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Figure 7.1 Base pairing between two DNA strands. (a) An adenine (right) pairs with a thymine 
(left). (b) A cytosine (left) pairs with a guanine (right). 
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Figure 7.2 Melting curve of DNA. The degree of DNA denaturation is increased by increasing the 
temperature. 7,, and possible shapes of a DNA molecule are shown. (© Richard C. Li.) 


applications. The technique is highly sensitive and can amplify very small quantities of DNA. 
Therefore, it can be utilized for the analysis of samples of limited quantity. PCR-based assays are 
rapid and robust. Thus, PCR forms the basis of many forensic DNA assays such as DNA quan- 
titation (Chapter 6), short tandem repeat (STR) profiling (Chapter 20), and mitochondrial DNA 
(mtDNA) sequencing (Chapter 23). 

The concept of synthesizing DNA by a cycling process was first proposed in the early 1970s. In 
the mid-1980s, PCR technology was finally developed by Kary Mullis and his coworkers (Cetus 
Corporation) to amplify the B-globin gene for the diagnosis of sickle-cell anemia. In the late 1980s, a 
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Figure 7.3. PCR amplification curve. A fluorescence signal results from the accumulation of ampli- 
con. The location of the signal threshold is indicated as a dashed line. The C; value for the curve is 
the cycle at which the amplification curve crosses the threshold. (© Richard C. Li.) 


thermostable polymerase from Thermus aquaticus was utilized for PCR. This step greatly increased 
efficiency and allowed the process to be automated. The result was a powerful impact on molecular 
biology. In 1993, Mullis was awarded the Nobel Prize for the invention of PCR technology. 

In the early 1990s, the technique for the simultaneous amplification and detection of the accu- 
mulation of amplicons at each PCR cycle was developed, and the concept of real-time PCR was born. 
This process allows the monitoring of amplicon production at each cycle of the PCR process. The 
fundamental processes were studied by characterizing the amplification kinetics of PCR using a 
graph that plotted the amount of amplicon yield at each cycle versus the cycle number (Figure 7.3). 

An S-shaped amplification curve is obtained and divided into an exponential phase, a linear 
phase, and a plateau. During the exponential phase, the amplicon accumulates exponentially. 
It was revealed that the amplicon accumulation during PCR was correlated to the starting copy 
number of DNA template. Thus, the amount of amplicon produced during the exponential 
amplification phase can be used to determine the amount of starting material. This relation- 
ship can be further examined using a plot of cycle numbers versus a log scale of the serial dilu- 
tion of the starting concentration of DNA template, which results in a linear relationship (see 
Chapter 6). It demonstrates that fewer cycles are needed if larger quantities of starting DNA 
template are present. The slope of this linear curve (Figure 6.9b) is known as the amplification 
efficiency. The exponential phase continues until one or more of the components (Section 7.3) in 
the reaction become limited. At this point, the amplification efficiency decreases, the amplicon 
no longer accumulates exponentially, and PCR enters the linear phase of the curve. At the pla- 
teau phase, no more amplicon is accumulated due to the exhaustion of reagents and polymerase. 


7.3 Essential PCR Components 
A PCR reaction requires thermostable DNA polymerases, primers, and other components, as 
described below (Figure 7.4). 


7.3.1 Thermostable DNA Polymerases 
A wide variety of DNA polymerases are available. They vary in fidelity, efficiency, and ability 
to synthesize longer DNA fragments. Nonetheless, Taq polymerase is the most commonly used 
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Figure 7.4 A liquid handling workstation for automated PCR assay setup. (© Richard C. Li.) 


enzyme for routine PCR applications (0.5-5 units per reaction). Currently, AmpliTaq Gold™ 
DNA polymerase (Applied Biosystems) is the most common DNA polymerase for forensic 
applications. 

PCR reactions are usually set up at room temperature. Nonspecific annealing between 
primers and template DNA can occur, resulting in the formation of nonspecific amplicons. 
Additionally, annealing between the primers can occur to form primer dimers. Nonspecific 
annealing interferes with PCR amplification by reducing the amplification efficiency of the spe- 
cific sequences of interest. 

Such interference can be minimized by a hot-start PCR approach. The AmpliTaq Gold™ DNA 
polymerase, a modified enzyme, remains in an inactive form until activated with a pH below 7 
prior to the PCR cycling in which the inhibitory motif is inactivated. The pH of the buffer sys- 
tem used in the PCR reaction is temperature sensitive; increasing the temperature decreases the 
pH of the solution. Thus, the activation of the enzyme can actually be carried out by a heating 
step at 95°C prior to the start of the cycling. During the heating process, the DNA strands also 
denature, which can prevent the formation of nonspecific PCR products. 


7.3.2 PCR Primers 

PCR primers are the oligonucleotides that are complementary to the sequences that flank the 
target region of the template. A pair (forward and reverse) of primers (typically 0.1-1 1M) is 
required. Properly designed primers are critical to the success of a PCR reaction. Computer 
software such as Primer3 is available to assist and optimize the designing of primers. 

A primer must be specific to the target sequence; otherwise, nonspecific products that might 
interfere with the proper interpretation of a DNA profile might be produced. The primers within 
a pair should have similar T,, values. The estimated T,, values of a primer pair should not differ 
by more than 5°C. The T,, of an oligonucleotide primer can be predicted and calculated using 
the following equation: 

n 


Ty, = 81.5°C + 16.6 (logiolK*]) + 0.41(% [G-+C]) - fa 


where: 
[K*] =concentration of the potassium ion 
[G+C] = GC content (%) of the oligonucleotide 
n =number of bases in the oligonucleotide 
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This equation shows that the T,, can be affected by primer base composition (GC content) and 
primer length. The GC content of an oligonucleotide primer should be 40%-60%, and the length 
of an oligonucleotide primer should be 15-25 base pairs, although longer primers can be used. 

A primer should not contain self-complementary sequences that may form hairpin struc- 
tures interfering with the annealing of primers and the template. Additionally, the primers in 
a pair should not share similar sequences, to avoid the primers from annealing to each other. 
These annealed primers may then be amplified during PCR, creating products known as primer 
dimers, which compete with the target DNA template for PCR components. 

Multiplex PCR is the simultaneous amplification of more than one region of a DNA template 
in a single reaction to achieve high-throughput analysis. Multiplex PCR consists of multiple 
primer sets in a single reaction to produce amplicons of multiple target DNA regions. The prim- 
ers should be designed to yield proper sizes of amplicons to be resolvable in downstream separa- 
tion and detection procedures such as electrophoresis. To prevent preferential amplification of 
one target sequence over another, the annealing temperatures should be similar among multi- 
plex PCR primer pairs. Additionally, the primers should lead to similar amplification efficien- 
cies among the loci to be tested. Forensic applications of multiplex PCR, such as autosomal and 
Y-chromosomal short tandem repeat analysis, are discussed in Chapters 20 and 21. 


7.3.3 Other Components 
Essential components include template DNA with target sequences in either linear form (nuclear 
genomic DNA) or circular form (mitochondrial DNA). Both single- and double-stranded DNA 
can be used as a template for PCR. Typically, 1-2.5 ng of template DNA is utilized for forensic 
applications using PCR. 

Deoxynucleoside triphosphates (dNTPs) are the substrates for DNA synthesis. A PCR assay 
usually contains equal molar amounts (typically, 200 pM) of dATP, dCTP, dGTP, and dTTP. 

Divalent cations, such as Mg”*, are required for the enzymatic activity of DNA polymerases. A 
PCR assay usually contains 1.5-2.5 mM Mg**. Monovalent cations, such as K* (50 mM), are usually 
recommended, and a buffer is often utilized to maintain pH between 8.3 and 8.8 at room temperature. 

Controls should be used to monitor the effectiveness of PCR amplification. A positive control 
shows that PCR components such as reagents and PCR cycle parameters are working properly 
during a PCR. A standard DNA template should be used as a positive control and amplified with 
the same PCR components used on the rest of the samples. The amplification negative control 
and extraction reagent blank are discussed in Section 7.5.4. 


7.4 Cycle Parameters 

PCR cycling protocols may vary according to the type of analysis. Figure 7.5 shows representa- 
tive PCR cycling conditions commonly used by forensic DNA laboratories. PCR utilizes a num- 
ber of cycles for the replication of a specific region of a DNA template. During each cycle, a copy 
of the target DNA sequence is synthesized. A PCR cycle consists of three elements: denaturation, 
annealing, and extension. Precise and accurate temperatures at denaturation, annealing, and 
extension are critical to achieve a successful amplification. At the beginning of each cycle, the 
two complementary DNA template strands are separated at high temperatures (94°C-95°C) ina 
process called denaturation. The temperature is then decreased to allow annealing between the 
oligonucleotide primers and the template. The temperature for annealing is usually 3°C-5°C 
lower than the T,, of the oligonucleotide primer. 

The annealing temperature is critical. If it is too high, a very low quantity of amplicon is 
yielded because of the failure of annealing between the primer and the template. If the anneal- 
ing temperature is too low, nonspecific amplification can occur. Next, optimal temperature for 
DNA polymerase is reached, thus allowing for DNA replication (extension). By the end of each 
cycle, the copy number of the amplicon is nearly doubled (Figure 7.6). 
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Figure 7.5 Temperature parameters during thermal cycling of the PCR process. The first three 
cycles are shown. (© Richard C. Li.) 


Region for amplification 





Template — 70.0.0-.0.00.0.0.0.0.00.00.0-.0.0.0.00.0.0.0.09.0.0.0.0.0, 5; 
' Denaturation 
STUTTOOTTOTODI NTO TOTTI * 
37 O000-0000.0-0-0000.0000-0-0-00.0.00-0-0-0.0.0, 5” 
} Annealing 








Primer - 





Figure 7.6 First cycle of PCR. The amplified region is determined by the positions of the primers. 
The direction (5’ to 3’) of DNA synthesis is indicated by arrows. Pol represents Taq polymerase. 
(© Richard C. Li.) 


The number of cycles needed for PCR depends primarily on the number of copies of starting 
DNA template. The relationship can be expressed as the following equation: 


N, =No(1+£)" 


X =number of PCR cycles 
N, =copy number of the amplicon after x cycles of PCR 
N, = initial copy number of the template 

E =amplification efficiency of the Taq polymerase 


For example, in a 28-cycle PCR amplification, the DNA template can theoretically be ampli- 
fied by a factor of approximately 10°. If the cycle number is increased to 34, a factor of 10'° can 
theoretically be reached. 

PCR amplification can be carried out using an instrument known as a thermal cycler 
(Figure 7.7). Various types of thermal cyclers differ in the number of samples they can process, 
the sizes of the sample tubes, and temperature control features. 
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Figure 7.7. Thermal cyclers. A thermal cycler can provide rapid temperature changes as desired to 
carry out PCR. A PCR thermal cycler (left) and a real-time PCR instrument (right). (© Richard C. Li.) 


7.5 Factors Affecting PCR 

7.5.1 Template Quality 

It is important to prevent degradation of the DNA during the collection and processing of evi- 
dence. Degradation causes DNA to break into smaller fragments. If the damage occurs at a region 
to be amplified, the result can be failure in PCR amplification. In a degraded sample, the longer the 
amplicon length, the higher the risk of failure in PCR. Low copy number (LCN) of DNA template 
is often encountered in forensic samples. When amplifying very low levels (approximately 100 pg 
of DNA) ofa template, the following phenomenon is often observed: one of the two alleles fails to 
be detected from a heterozygote and can falsely be identified as a homozygote. This phenomenon 
is also known as the stochastic effect in which the two alleles in a heterozygous individual are 
unequally detected at a low level of starting DNA template. Approaches such as increasing the 
cycle number, from 28 to 34 (Section 7.4), have been introduced to address the LCN problem. 


7.5.2 Inhibitors 

Inhibitors, if present, can interact with the DNA template or polymerase, causing PCR ampli- 
fication failure. The presence of PCR inhibitors can be detected using an internal positive con- 
trol (Section 6.3.1.1). A number of PCR inhibitors commonly encountered in evidence samples 
include heme molecules from blood, indigo dyes from fabrics, and melanin from hair samples. 
Thus, it is important to remove PCR inhibitors during DNA extraction. If PCR inhibitors are 
not eliminated during the extraction process, additional procedures such as the use of centrifu- 
gal filtration devices can be used. Centrifugal filtration devices can separate molecules by size. 
After the centrifugation step, small molecular weight inhibitors are filtered by passing through 
the membrane and are discarded. Alternatively, increasing the amount of DNA polymerase or 
adding bovine serum albumin (BSA) in the reaction can overcome the inhibition effects. 


7.5.3 Contamination 

PCR is a highly sensitive method; therefore, procedures that minimize the risk of contamination 
are necessary. To prevent contamination, pre- and post-PCR samples should be processed in 
separate areas or at different times. Additionally, reagents, supplies, and equipment used for pre- 
and post-PCR steps should be separated as well. Protective gear should include laboratory coats 
and disposable gloves. Facial masks and hair caps may be used if necessary. Aerosol-resistant 
pipet tips and DNA-free solutions and test tubes should also be used. 

The levels of contamination must be monitored using controls. Extraction reagent blanks, 
which contain all extraction reagents but no sample, monitor contamination from extraction to 
PCR. Contamination detected in an extraction reagent blank but not in an amplification-negative 
control indicates that the reagents used for extraction are contaminated. Amplification-negative 
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controls, which contain all PCR reagents and no DNA template, monitor contamination of the 
amplification. Contamination observed in an amplification-negative control but not in an extrac- 
tion reagent blank indicates that the contamination occurred during the amplification step. 
Contamination observed in both an amplification reagent blank and an extraction-negative con- 
trol indicates that amplification reagents are contaminated. A collection of DNA profiles of each 
member of a laboratory should be readily available for comparisons. Sources of laboratory con- 
tamination can be identified by comparing results with an analyst’s DNA profile. 


7.6 Reverse Transcriptase PCR for RNA-Based Assays 

The pathway for the flow of genetic information is called the central dogma—a term coined by 
Francis Crick in 1956. According to the central dogma, parental DNA serves as the template for 
DNA replication. With RNA synthesis or transcription, the process is carried out using the DNA 
as a template. Conversely, RNA chains can be used as templates for the synthesis ofa DNA strand 
of complementary sequence, in which the end product is referred to as complementary DNA 
(cDNA). Protein synthesis, also known as translation, is directed by an RNA template (Figure 7.8). 

The flow of genetic information from RNA to DNA is referred to as reverse transcription. It 
was discovered independently by David Baltimore and Howard Temin in 1970, and they shared 
the Nobel Prize for their work. Reverse transcription is carried out by a reverse transcriptase that 
forms the basis of reverse transcriptase PCR as described below. 

Reverse transcriptase PCR (RT-PCR) is highly sensitive and can be used to detect very small 
quantities of mRNA. It can be utilized to measure levels of gene expression even when the RNA 
of interest is expressed at very low levels. Detecting mRNAs of tissue-specific genes can be uti- 
lized for bodily fluid identification in forensic investigations (Chapter 11). During an RT-PCR 
process, a single-stranded cDNA is synthesized from a template mRNA using reverse transcrip- 
tion. The cDNA is then amplified by PCR for detection and analysis. 


7.6.1 Reverse Transcription 
The synthesis of single-stranded cDNA from an mRNA template is catalyzed by reverse transcrip- 
tase. Reverse transcriptases share many features in structure and function with DNA polymer- 
ases. The catalytic function of cDNA synthesis requires a primer that anneals to a complementary 
mRNA template. The primer can be either RNA or DNA; however, DNA primers are more effi- 
cient than RNA primers. During the elongation of the primer, reverse transcriptase incorporates 
the corresponding deoxyribonucleotide triphosphate according to the rules of base pairing with 
the RNA template. The RNA template is then degraded by an intrinsic RNase H activity of reverse 
transcriptase during the reverse transcription reaction. The retroviral RNase H is a domain of the 
viral reverse transcriptase enzyme. It is a nonspecific endonuclease that cleaves RNA. 

Several reverse transcriptases derived from retroviruses can be used to generate cDNA 
from an RNA template. The most common reverse transcriptases used for cDNA synthesis are 
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Figure 7.8 Pathway for the flow of genetic information. (© Richard C. Li.) 
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encoded by the pol gene from the avian myeloblastosis virus (AMV) and the Moloney strain of 
the murine leukemia virus (MMLYV). These enzymes are genetically engineered reverse tran- 
scriptases but lack RNase H activity. Genetically engineered reverse transcriptases that are 
stable at higher temperatures (up to 60°C) are also produced. Increased thermal stability of 
reverse transcriptase allows the reverse transcription to be carried out at a higher than ambient 
temperature, which eliminates RNA secondary structures and improves the specificity of the 
reaction and the yields of the synthesis of full-length cDNA. 


7.6.2 Oligodeoxynucleotide Priming 

Oligodeoxynucleotide primers are an essential component for a reverse transcriptase reaction. 
Different priming strategies can be utilized to synthesize cDNA from a particular target mRNA 
or from all mRNA in a sample. Gene-specific primers are designed to hybridize to a particular 
mRNA sequence for the conversion of a specific gene sequence into cDNA. Universal primers 
can hybridize to any mRNA sequence in a sample to convert all mRNAs to cDNA. Two types of 
universal primers can be used: oligo (dT) and random hexamer primers. An oligo (dT) primer 
can hybridize to the 3’ termini poly (A) tails of eukaryotic mRNAs. Reverse transcriptases with 
oligo (dT) only synthesize cDNA from transcribed genes. Random hexamer primers are another 
type of universal primer. Random hexamers are nonspecific primers that can hybridize, at mul- 
tiple sites, to any RNA sequence including non-mRNA templates such as ribosomal RNA. 


7.6.3 Reverse Transcriptase PCR 
During an RT-PCR process, a single-stranded cDNA is synthesized from a template mRNA 
using reverse transcription. The cDNA is then amplified by PCR with a pair of oligonucleotide 
primers corresponding to a specific sequence in the cDNA (Figure 7.9). 

Two strategies of RT-PCR exist: a one-step and a two-step RT-PCR (Figure 7.10). One-step 
RTI-PCRcombines the reverse transcription reaction and PCR ina single tube. Only gene-specific 
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Figure 7.9 cDNA synthesis. The synthesis of a DNA strand transcribed from mRNA can be carried 
out using a primer and reverse transcriptase. A gene-specific primer that amplifies a specific target 
sequence is shown. (© Richard C. Li.) 
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Figure 7.10 RT-PCR strategies. (a) One-step RT-PCR and (b) two-step RT-PCR. (© Richard C. Li.) 
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primers can be used for the reverse transcription reaction and PCR. RNAs from either total 
RNA or mRNA can be used. This approach simplifies the reaction setup as it is useful for pro- 
cessing large numbers of samples. The tubes are not opened between reverse transcription and 
PCR, thus minimizing the risk of pipetting errors and carryover contamination. 

During a two-step PCR, the reverse transcription reaction and PCR are carried out in sepa- 
rate tubes. Following the reverse transcription reaction, the cDNA is transferred to a separate 
tube for the PCR amplification. Either oligo (dT) or random hexamer primers can be used 
for the reverse transcription reaction. Total RNA or polyadenylated RNA can be used for the 
reverse transcriptase reaction. This allows for the ability to convert all the messages in an RNA 
sample into cDNA. The two-step RT-PCR is useful for analyzing multiple mRNAs from a single 
sample. 

Two types of PCR methods can be utilized for analyzing amplified products. The end-point 
PCR method measures the amount of amplified product synthesized during PCR at the end 
of the PCR amplification. The detection of the amplified product indicates the presence of the 
mRNA of interest. With the real-time PCR method, the amplified product is quantified during 
the exponential phase of PCR. The hot-start PCR strategy is typically used to increase sensitiv- 
ity, specificity, and yield. Usually, the hot-start strategy is carried out at a high temperature, for 
example 94°C, prior to PCR cycling. Under this condition, Taq DNA polymerase is activated. 
Additionally, the RNA-cDNA hybrid is denatured, and reverse transcriptase is inactivated 
at 94°C. Multiplex RT-PCR assays have been developed that can detect multiple bodily fluid 
mRNAs from single or mixed stains (Chapter 11). The commonly used RT-PCR for forensic 
identification of bodily fluids is the two-step RT-PCR. The end-point PCR is usually utilized 
with the forward primers labeled with florescent dyes at the 5’ end. The amplified products are 
separated and detected in a standard capillary electrophoresis instrument. 
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DNA Electrophoresis 


It is necessary to separate various sizes of DNA fragments so that the DNA fragment in ques- 
tion can be identified and analyzed. This can be achieved by electrophoresis, a process in which 
fragments are separated based on the migration of charged macromolecules in an electric field. 


8.1 Basic Principles 

DNA is a negatively charged molecule in an aqueous environment, with the phosphate groups 
of DNA nucleotides carrying negative charges. DNA molecules migrate from the negative elec- 
trode (cathode) toward the positive electrode (anode) in an electric field during electrophoresis. 
The electrical potential, a measure of the work required to move a charged molecule in an electric 
field, is the force responsible for moving the charged macromolecules during electrophoresis. 

The electrophoretic mobility of macromolecules is primarily determined by their charge-to- 
mass ratios and their shapes. However, because the phosphate group of every DNA nucleotide 
carries a negative charge, the charge-to-mass ratio of DNA molecules is almost the same even 
if the length of the DNA fragment varies. Additionally, forensic DNA testing usually analyzes 
linear DNA molecules such as double-stranded linear DNA for variable number tandem repeat 
(VNTR) analysis (Chapter 19) and single-stranded DNA for short tandem repeat (STR) analysis 
(Chapter 20). The shapes of linear DNA molecules are similar. Therefore, the electrophoretic 
separation of different-sized DNA fragments, through a series of pores of the supporting matrix 
in which the fragments travel, is based more on their sizes than their shapes. 

It is obviously easier for smaller molecules to migrate through the pores of a supporting matrix 
than larger molecules; this is why smaller molecules migrate faster through the matrix. Hence, the 
electrophoretic mobility increases as the size of the DNA molecule decreases. Conversely, larger 
DNA molecules migrate much more slowly because they experience more friction and collisions 
as they travel through the net of pores in a matrix. Therefore, the separation of DNA molecules 
with different sizes can be accomplished. Figure 8.1 depicts the models for DNA electrophoresis. 


8.2 Supporting Matrices 

Although the actual separation occurs in an aqueous phase, most variants of electrophoresis use 
a physical support material also called a matrix. As discussed in Section 8.1, the matrix can be 
used as a molecular sieve for the separation of DNA molecules, and it also reduces diffusion and 
convection during electrophoresis. Agarose and polyacrylamide are commonly used electro- 
phoresis matrices because of their good reproducibility, reliability, and versatility. 
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(b) 


Figure 8.1 Schematic illustrations showing some of the nucleic acid separation mechanisms. 
(a) Ogston sieving model for the separation of DNA fragments through electrophoresis. Based on 
this model, the matrix used for gel electrophoresis consists of randomly distributed pores. DNA mol- 
ecules are considered to behave as globular objects. During the migration, smaller DNA molecules 
migrate faster than their larger counterparts through the matrix. However, this model does not apply 
to DNA molecules with a radius much larger than the pore size of the matrix. (b) A reptation model 
presents an alternative mechanism of gel electrophoretic separation of DNA molecules. Based on 
this model, DNA molecules are flexible and can migrate through the pores of the gel matrix through 
a reptation process that is driven by an applied electric field. This model can also apply to capillary 
electrophoresis separation of DNA molecules in entangled polymer solutions. +, anode; —, cathode; 
arrow, direction of migration. (© Richard C. Li.) 


8.2.1 Agarose 

Agarose is a linear polymer composed of alternating residues of D- and L-galactose (Figure 8.2). 
A gelatinized agarose forms a three-dimensional sieve with pores from 50 to 200 nm in diameter 
(Figure 8.3). DNA fragments ranging from 50 to 20,000 base pairs in size are best resolved in 
agarose gels. 
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Figure 8.2 Chemical components of agarose, a linear polysaccharide composed of alternating 
units of D- and L-galactose. Often, the L-galactose residue has an anhydro bridge between the 3 and 
6 positions and is called 3,6-anhydro-L-galactose. 


Cooling 


a 


Heating 





Dissolved agarose Gelatinized agarose 


Figure 8.3. Agarose chains. Gelatinized agarose consists of a three-dimensional network in which 
chains of agarose form helical fibers that aggregate into supercoiled structures. (© Richard C. Li.) 


The electrophoretic mobility of double-stranded DNA through agarose gel matrices is 
inversely proportional to the log,, of the size of DNA fragments ranging from 50 to 20,000 
base pairs. The electrophoretic mobility of a linear DNA fragment is also inversely proportional 
to the concentration of agarose in the gel. A low concentration of agarose in a gel forms larger 
pores, allowing the separation of larger DNA fragments. 


8.2.2 Polyacrylamide 

A polyacrylamide gel matrix is very effective for the separation of smaller fragments of DNA 
(5-500 base pairs). Additionally, a single nucleotide difference in the length of a DNA fragment 
can be resolved with this type of gel. Polyacrylamide produces much smaller pore sizes than 
agarose gels and thus has a much higher resolving power than agarose gels for low-molecular- 
weight DNA molecules. A polyacrylamide gel matrix is formed by polymerization and cross- 
linking reactions. 


8.2.2.1 Polymerization Reaction 

Long linear chains of polyacrylamide are polymerized from acrylamide monomers (Figure 8.4). 
This polymerization reaction is initiated in the presence of free radicals that are generated 
from the reduction of ammonium persulfate (APS) by N,N,N’,N’-tetramethylethylene diamine 
(TEMED). See Figure 8.5. 


8.2.2.2 Cross-Linking Reaction 
As shown in Figure 8.5, three-dimensionally cross-linked polyacrylamide chains can be formed 
with the use of cross-linking agents, such as N,N’-methylenebisacrylamide (BIS; Figure 8.4). 
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Figure 8.4 Chemical structures of (a) acrylamide, (b) N,-methylenebisacrylamide (BIS), and 
(c) polydimethylacrylamide (a linear polymer for capillary electrophoresis). 
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Figure 8.5 Formation of polyacrylamide gel. Polymerization is followed by cross-linking in which the 
pore size of the gel is determined by its degree of polymerization and cross-linking. (© Richard C. Li.) 


The porosity of the resulting gel is determined by the lengths of these chains and the degree of 
cross-linking between them. Therefore, the sizes of the pores that are formed can be adjusted by 
altering the concentrations of the acrylamide monomer and the cross-linking reagent. 
Polyacrylamide can also be used in a capillary electrophoresis matrix. It is very difficult to 
insert a cross-linked polyacrylamide matrix into a capillary. Therefore, a solution of a linear 
polymer (non-cross-linked) of polydimethylacrylamide (Figure 8.4) is used as a matrix for 
capillary electrophoresis. For instance, POP-4 (4% un-cross-linked polydimethylacrylamide 
polymer) is used for fragment analysis, such as forensic STR analysis (Chapter 18), in which fluo- 
rescently labeled DNA amplicons are separated using electrophoresis and are identified based on 
their sizes by comparing them with a size standard. POP-6 (6% un-cross-linked polydimethyl- 
acrylamide polymer) is used for sequencing, such as mitochondrial DNA (mtDNA) sequencing 
(Chapter 21). These un-cross-linked polymers are commercially available (Applied Biosystems). 


162 


1/28/2018 How to Make a "Joule Thief" and Create Zombie Batteries for More Power After Death « Mad Science :: WonderHowTo 





Step 1) Enter Phone # Step 2) View Uncensored Results 


Place the LED on the transistor as shown below, with the positive side facing to the right. 





Now, solder the LED to the transistor. 
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8.3 Apparatus and Forensic Applications 


8.2.2.3 Denaturing Polyacrylamide Electrophoresis 

Polyacrylamide-based electrophoresis can be carried out with both double- and single-stranded 
DNA. Electrophoresis that is performed under the conditions of single-stranded DNA is called 
denaturing electrophoresis. Denatured DNA migrates through the gel as linear molecules at a 
rate independent of the base composition and sequence. With short single-stranded fragments, 
molecules differing in size by a single nucleotide can be separated. This extraordinary sensitiv- 
ity to size is extremely useful for the separation of small DNA fragments that are used for DNA 
sequencing and STR analysis in forensic applications. The denaturing condition can be best 
achieved by adding chemicals such as urea or formamide to the matrix or by increasing the 
temperature or pH during electrophoresis. 


8.3 Apparatus and Forensic Applications 

Agarose electrophoresis is carried out in a slab gel. Agarose gel can be prepared in a variety of 
shapes and sizes and can be run in different configurations. The most common gel for forensic 
use is the horizontal slab. Polyacrylamide can be used either in a slab gel or in a capillary elec- 
trophoretic apparatus. 


8.3.1 Slab Gel Electrophoresis 

8.3.1.1 Agarose Gel Electrophoresis 

One forensic application of agarose gel electrophoresis is restriction fragment length polymor- 
phism (RFLP) analysis of VNTR loci (see Chapter 19). An agarose gel is used to separate the 
DNA fragments by size ranging from 500 to 20,000 base pairs of commonly used VNTR loci for 
forensic testing. This type of electrophoresis is done under nondenatured conditions (double- 
stranded DNA). 

Figure 8.6 shows an example of the apparatus used for gel electrophoresis of DNA. A slab 
(3-4 mm) of agarose gel is prepared by allowing liquid agarose to gelatinize in a cast. The gel 
is submerged in a buffer tank filled with an electrophoretic buffer with proper ionic strength, 
which is necessary to achieve efficient electrical conductance. The gel contains small wells for 
loading samples. The DNA samples are mixed with a gel loading buffer prior to loading them 
into the gel. The gel loading buffer contains dyes that add color to the sample to facilitate the 
process of loading. Dyes such as bromophenol blue and xylene cyanol FF migrate toward the 
anode during electrophoresis. In most forensic applications, these dyes migrate faster than DNA 
fragments. The dyes are visible and can thus be used to track the progression of electrophoresis. 
The electrophoresis can be stopped as the dye front reaches the bottom of the gel (anode side). 





Sample well 


Buffer 


Figure 8.6 Horizontal agarose slab gel apparatus. The gel can be prepared by heating an agarose 
suspension to dissolve it. The agarose solution can then be poured into a gel cast and allowed to 
cool until gelatinized. An electrophoresis buffer is poured over the gel to submerge it. The samples, 
usually mixed with loading buffer containing dye to allow visualization, are loaded into the wells of 
the submerged gel using a pipet. The electrodes are indicated. (© Richard C. Li.) 
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The samples are loaded into the sample wells situated proximal to the cathode. An electric 
field is applied and the negatively charged DNA molecules migrate through the agarose toward 
the anode. Slab gel electrophoresis is capable of running multiple samples simultaneously. The 
sample is made visible by using a fluorescent intercalating reagent that can make DNA fluoresce 
under ultraviolet (UV) light (Chapter 9), either using the fluorescent intercalating reagent incor- 
porated into the gel or staining the gel after electrophoresis. The separated DNA samples appear 
as bands and the sizes of the DNA fragments can be estimated by comparing them with the sizes 
of standards run concurrently. 


8.3.1.2 Polyacrylamide Gel Electrophoresis 

The forensic application of this apparatus is the separation of STR fragments and DNA sequenc- 
ing reaction products of mtDNA. The sizes of DNA fragments that can be separated range from 
100 to 500 base pairs—much smaller than what can be separated efficiently with agarose gels. 
Single-nucleotide resolution to distinguish similarly sized fragments can be achieved with this 
technique under denatured conditions with only single-stranded DNA. Polyacrylamide thin 
slab gels (0.75-1.5 mm) are usually used. Samples are loaded into wells flanked by two pieces 
of glass. Therefore, polyacrylamide gels are usually run in a vertical configuration (Figure 8.7). 
The detection of DNA bands in polyacrylamide gels will be described in Chapter 9. The sizes of 
DNA fragments can be calculated by including an internal size standard. As with agarose gel, 
polyacrylamide gel electrophoresis is capable of running multiple samples simultaneously and 
high throughput (a measurement of the rate that a sample is processed by a given analysis) can 
be achieved. However, caution should be taken to ensure that cross-contamination does not 
occur from the spilling of samples from adjacent wells. Additionally, polyacrylamide gels are 
more difficult to prepare than agarose gels. 


8.3.2 Capillary Electrophoresis 

Capillary electrophoresis (Figures 8.8 through 8.11) is a newer method than the slab gel method, 
and can be utilized to separate charged macromolecules, such as DNA, RNA, polysaccharides, 
and proteins. 

One essential component of the capillary electrophoresis instrument is the capillary, a thin 
hollow tube made of fused silica (which typically has a diameter between 50 and 100 pm and 
a length between 10 and 50 cm). The capillary contains a translucent detection window for the 
instrument to detect signals from the labeled DNA fragments during electrophoresis. 

Linear polydimethylacrylamide is used as the matrix. Capillary electrophoresis is con- 
ducted under denatured conditions for forensic applications such as STR analysis and 
mtDNA sequencing analysis. The denatured condition is achieved by including urea in the 
electrophoresis matrix and formamide during sample preparation. The injection of samples 
into the capillary is performed by an autosampler using an electrokinetic mechanism (an 
injection based on the charge of molecules). Only small quantities of sample are required 
for each injection, and any remaining sample can be saved in case an analysis needs to be 
repeated. 

During electrophoresis, the capillary is connected to buffer reservoirs that are connected to 
electrodes. The efficient heat dissipation property of thin capillaries allows the separation to be 
performed at higher voltages, as the electric field (typically 200-300 V/cm) is much higher than 
that of a slab gel platform. Thus, the separation in capillary electrophoresis is rapid. During 
electrophoresis, DNA fragments migrate through the capillaries toward the anode. Similar to 
gel electrophoresis, DNA fragments are separated according to their sizes, with the shorter frag- 
ments moving faster than the longer fragments. During capillary electrophoresis, linear poly- 
mers in the solution can act as obstacles to the migrating DNA fragments. Thus, electrophoretic 
separation models (Figure 8.1) developed for gels are applicable for capillary electrophoresis. 
Currently, capillary electrophoresis can separate DNA fragments of up to 1000 nucleotides with 
single-nucleotide resolution. 
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(b) 


Figure 8.7. Vertical slab polyacrylamide gel. (a) Front and side view of vertical slab polyacrylamide 
gel apparatus. (b) Automated gel electrophoresis instrument, ABI PRISM 377° Genetic Analyzer, 
which was used in forensic laboratories but is now discontinued. (© Richard C. Li.) 


Capillary electrophoresis instruments are equipped with detection systems utilizing laser 
excitation sources that excite the fluorescently labeled DNA fragments. They also include fluo- 
rescence detectors that record the signals emitted from the labeled DNA fragments (Chapter 9). 
In capillary electrophoresis, samples can only be analyzed sequentially so the throughput is 
much more limited than with slab gels. This disadvantage can be overcome by utilizing capillary 
array systems that can run up to 16 capillaries at one time (Figure 8.10). 


8.3.3 Microfluidic Devices 

Forensic DNA analysis includes the extraction of DNA from a sample, DNA quantification, 
polymerase chain reaction (PCR) amplification, capillary electrophoresis, data collection, 
and genotyping. Various microfluidic devices have been developed for forensic DNA analysis. 
Microfluidic devices control the movement of samples and reagents in a small, geometrically 
constrained environment and carry out biochemical reactions and analysis. These devices are 
made using microfabrication technology. This technology fabricates miniature structures histor- 
ically used for integrated circuit fabrication in semiconductor manufacturing. The microfluidic 


165 


Forensic Biology, Second Edition 


eo * — a. 


© Capillary ~ 


Detection 
window 





Grating 
device 


Detector | 





Figure 8.8 Essential components of a capillary electrophoresis system. The system includes a 
capillary, buffer reservoirs, two electrodes, a laser excitation source, a fluorescence detector, and 
an autosampler that holds the sample. Sample injection, electrophoresis, and data collection are 
automated and controlled by a computer. (© Richard C. Li.) 





Figure 8.9 A single-capillary electrophoresis instrument, AB] PRISM 310® Genetic Analyzer. This 
was used in forensic laboratories but is now discontinued. (© Richard C. Li.) 


devices can be classified as modular and integrated devices. Overall, the microfluidic device 
has many advantages compared with conventional techniques. The reaction volume required 
in microfluidic devices is usually in the nanoliter range, which decreases reagent and sample 
consumption. Additionally, due to the high surface area-to-volume ratio of the system, the effi- 
ciency of the system is greatly improved. Lastly, it can be automated, which makes the device a 
potential new platform for forensic DNA analysis. 
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Figure 8.10 Photo of a multicapillary electrophoresis instrument. ABI] PRISM 3500® Genetic 
Analyzer. (© Richard C. Li.) 





Figure 8.11 Components of the AB] PRISM 3500® Genetic Analyzer. A capillary array (left), elec- 
trophoretic buffer chambers (middle), and an autosampler (right). (© Richard C. Li.) 


8.3.3.1 Modular Microfluidic Devices 

The modular devices are separate devices for DNA extraction, quantitation, amplification, electropho- 
resis, and so on. Each processing step is carried out on different devices. The modular design is flexible, 
allowing laboratories to choose the best device suited to the procedure for each step. For example, 
an electrophoresis microfluidic device has been developed (Figure 8.12). The electrophoretic assay is 
carried out on a modular microfluidic chip format using the same basic principle of capillary electro- 
phoresis. The single-use chip contains wells for samples, a sieving polymer matrix for electrophoresis, 
and size standards. The wells are connected through microchannels. When the interconnected wells 
and channels are filled, the chip becomes an integrated electrical circuit. Each well is then connected 
to an electrode with an independent power supply. DNA molecules, carrying negative charges, are 
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Figure 8.12 A modular instrument for gel electrophoresis. Left: Agilent 2100 Bioanalyzers contain 
16-pin electrodes that fit into the wells of a chip. Right: The chip can accommodate sample wells, 
gel wells, and a well for a size standard. (© Richard C. Li.) 
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Figure 8.13 Integrated instruments for rapid DNA analysis. Cartridges developed by IntegeneX 
(left) and Zygem (right). (© Richard C. Li.) 


electrophoretically separated based on their size. Smaller molecular weight fragments migrate faster 
than larger fragments. The polymer matrix contains fluorescent dye molecules that intercalate with 
DNA in a sample, which can be detected by laser-induced fluorescence. The duration of electropho- 
resis is approximately 30 min. The sensitivity is approximately 0.1 ng/L; thus, sample consumption 
is small. The device provides the sizing and quantitation information of the nucleic acid fragment. 
In addition to DNA, the device can also be used for the analysis of RNA and protein. In the forensic 
laboratory, it has been used for the quantitation of amplified mtDNA product to monitor successful 
amplification and to normalize the quantities of DNA template for cycle sequencing. 


8.3.3.2 Integrated Microfluidic Devices 

It is possible to integrate several different modular devices into a single device (Figure 8.13). These 
devices are also known as “micro-total analysis” systems. An integrated system is a fully automated 
process. It also reduces the risk of contamination from laboratory sources. Full integration of all the 
constituent steps required for forensic STR DNA analysis has been achieved by a rapid DNA instru- 
ment. This instrument integrates various microfluidic devices including DNA extraction, PCR ampli- 
fication, electrophoresis, detection, and genotyping steps into a single process on a cartridge. The 
cartridge, made from a variety of materials such as polycarbonate, incorporates pumps and valves 
controlling fluidic movement for the delivery of samples and prefilled reagents to the chambers for 
processing. DNA extraction usually utilizes silica-coated magnetic particles that can be collected by 
a magnet for DNA extraction. Microquantitative PCR utilizes the Taqman real-time quantitative 
PCR technique. During amplification, multiplex PCR is accomplished using commercial STR kits. 
Additionally, the cartridge also integrates a microcapillary electrophoresis chip for the separation of 
amplified products. The fluorescently labeled DNA fragments are detected based on laser-induced 
fluorescence. Data analysis and genotyping are then carried out to produce a DNA profile, which is 
compatible with the CODIS DNA database (Chapter 24). Rapid DNA instruments are fully automated 
platforms that are designed to process a single-source sample such as a buccal swab to generatea DNA 
profile and database search in less than 2 h. The goal is for these instruments to be deployed in field 
tests at the scene or at the booking stations operated by trained law enforcement agents. 


8.4 Estimation of DNA Size 

8.4.1 Relative Mobility 

The relative mobility (R,) of a DNA molecule during electrophoresis can be calculated as 
the distance of band migration divided by the distance of tracking dye migration. The DNA 
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Figure 8.14 Measurement of the electromobility of DNA. Questioned DNA samples are analyzed 
concurrently with a set of standard DNA fragments of known size. The distances of DNA migration 
can thus be measured. The samples are usually mixed with a gel loading buffer prior to loading 
samples to the gel. The buffer contains dyes that add color to the sample to facilitate the process of 
loading. Dyes such as bromophenol blue and xylene cyanol FF migrate toward the positive electrode 
during electrophoresis. They can be used for tracking purposes as well. (© Richard C. Li.) 


band migration is the distance from the sample origin to the center of the band. The track- 
ing dye migration distance extends from the sample origin to the center of the dye band 
(Figure 8.14). To estimate the size of the DNA, standards containing DNA of known size 
and questioned samples are run on the same gel at the same time. The standards can be used 
to estimate the size of an unknown DNA molecule. A plot of log,, base pair of the standards 
versus R,for a given gel can be constructed. A linear relationship, over a size range, between 
log, base pair of the DNA molecule and the R,can be observed. The R; of the test sample is 
interpolated on the plot from which the size of an unknown DNA molecule can be deter- 
mined (Figure 8.15). 






Unknown band 


log), base pair 


Relative mobility (Rp 


Figure 8.15 Estimation of the size of a DNA fragment. A plot of size standards versus relative 
migration during electrophoresis is shown. The size of the questioned DNA fragment can be esti- 
mated using this plot. (© Richard C. Li.) 
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8.4.2 Local Southern Method 

The size of a DNA fragment is determined by an internal size standard that is a set of synthetic 
fragments with known molecular weight. The standard is labeled with a different colored dye so 
that it can be spectrally distinguished from DNA fragments of an unknown size (Figure 8.16). 
The sample including the internal size standard is then mixed in with DNA samples and is 
analyzed by electrophoresis. To determine the sizes of DNA fragments, a standard curve using 
the internal size standards must be established based on the reciprocal relationship between 
the electrophoretic mobility and the sizes of DNA fragments. However, this relationship is not 
exactly linear; instead, it appears to be sigmoidal (Figure 8.17). Therefore, the Local Southern 
method, described by Sir Edwin Southern, is used to generate standard curves for determining 
the sizes of DNA fragments. The equation is as follows: 
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Figure 8.16 Electropherogram of a synthetic molecular weight size standard, GeneScan™ 500 size 
standard (Applied Biosystems). RFU, relative fluorescence units. (© Richard C. Li.) 
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Figure 8.17 Estimation of unknown DNA fragment sizes using the Local Southern method. The migra- 
tion of ssDNA fragments (20-1200 base pairs) is not linear over the entire fragment size range and is 
somewhat sigmoidal. To determine the size of a DNA fragment in question, two curves are generated. 
The first curve is generated using three standard points: two points (a and b) that are smaller and one 
point (c) that is larger than the questioned fragment. As a result, a fragment size (L,) is determined. 
The second curve is then generated using an additional three standard points: one point (b) that is 
smaller and two points (c and d) that are larger than the questioned fragment. Thus, a fragment size, 
L,, is determined. The two values (L,; and L,) are averaged to determine the size (L) of the questioned 
fragment. (Adapted from Southern, E.M.,Ana/ Biochem, 100, 319-323, 1979.) 
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In the equation, L is the size of the unknown fragment; M is the mobility of the fragment; 
and C, M,, and Ly, are constants that are obtained from the fragments of known size. To 
determine the size of an unknown fragment, two curves are generated based on the equa- 
tion. Each curve utilizes three data points. The first curve utilizes two size standards that 
are smaller and one size standard that is greater than that of the unknown fragment. As a 
result, size L, is obtained. The second curve utilizes a size standard that is smaller and two 
size standards that are greater than that of the unknown fragment. Thus, size L, is obtained. 
Finally, the average of L, and L, is defined as the size of the unknown fragment. In this 
method, only the size standards that are in the proximity of the unknown fragment are analyzed. 
However, the accuracy of the standard curve relies on the proper separation of the standards 
during electrophoresis. 
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Detection Methods 


A variety of techniques are available for the detection of DNA fragments in forensic DNA analy- 
sis. For example, the direct detection of DNA fragments in a gel can be achieved via staining. 
The detection of DNA probes in a hybridization-based assay can be performed with radioiso- 
topes, colorimetric assays, and chemiluminescence labeling. For polymerase chain reaction 
(PCR)-based assays, DNA primers can be labeled directly with fluorescent dyes. 


9.1 Direct Detection of DNA in Gels 

This section describes two simple and rapid detection methods used for detecting DNA: stain- 
ing agarose gels with fluorescent intercalating dyes and staining denatured polyacrylamide gels 
with silver. 


9.1.1 Fluorescent Intercalating Dye Staining 

The location of DNA in an agarose gel can be determined directly by staining with low con- 
centrations of fluorescent intercalating dyes (Chapter 6) such as ethidium bromide (Figures 9.1 
through 9.3). These techniques allow the detection of DNA bands as small as 10 ng in agarose 
gels. Staining of DNA in agarose gels can be achieved by including an intercalating dye in the gel 
or staining the gel after electrophoresis in a dye-containing solution, followed by a washing step 
known as de-staining to reduce nonspecific staining. Historically, ethidium bromide-stained 
gels were photographed with a standard ultraviolet transilluminator at approximately 300 nm 
using a camera with an orange filter, whereas gels can currently be documented using digital 
techniques. When examining a DNA-containing gel under a UV lamp, the eyes and the skin 
should be protected from UV exposure. Ethidium bromide is a mutagen and a potential car- 
cinogen. Ethidium bromide should be handled according to the Material Safety Data Sheet and 
safety protection wear should be used while handling the chemical. Ethidium bromide waste is 
usually disposed of as hazardous waste and is handled in accordance with laboratory guidelines. 
Alternatives to ethidium bromide are available, for example, fluorescent dyes such as SYBR® 
stains (Molecular Probes; Figures 9.2 and 9.3). Some of these alternatives are less mutagenic and 
have better performance than ethidium bromide. 


9.1.2 Silver Staining 

Electrophoretically separated DNA fragments can also be detected with silver nitrate staining. 
Silver staining of polyacrylamide gels has been used for the amplified fragment length poly- 
morphism (AFLP; see Chapter 19) method of variable number tandem repeat (VNTR; see 
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Place the Resistor 


Place one end of the resistor on the middle pin of the transistor. Make sure the components stay in contact while you solder them. 
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Figure 9.1 Schematic illustration showing binding of an intercalating agent, ethidium bromide 
(EtBr) to DNA. It intercalates into the minor groove of DNA. (© Richard C. Li.) 





(a) 


Figure 9.2 Intercalating agents used as nucleic acid stains. (a) Chemical structure of ethidium 
bromide. Ethidium bromide has UV absorbance. The emission maximum of the DNA—dye complex 
in aqueous solution is approximately 590 nm. (b) Chemical structure of SYBR Green 1. The stain 
is a cyanine dye that binds to DNA and is used as a nucleic acid stain. The excitation and emission 
maxima of the DNA—dye complex are 494 and 521 nm, respectively. The stain preferentially binds 
to double-stranded DNA rather than single-stranded DNA and RNA. 


Chapter 19) profiling. The sensitivity of silver staining is approximately 100 times higher than 
that obtained with ethidium bromide, and silver staining is less hazardous than ethidium bro- 
mide detection. Also, the developing chemicals are readily available at low cost. 

Silver staining involves processing a gel followed by exposure to a series of chemicals. First, 
the gel is submerged in a silver nitrate solution. Silver ions are positively charged, and DNA is 
negatively charged. Therefore, silver ions bind to the DNA and are subsequently reduced using 
formaldehyde to form a deposit of metallic silver on the DNA in the gel (Figure 9.4). A photo- 
graph of the gel with images of the silver-stained DNA strands is kept as a permanent record. 
Alternatively, the gels may be sealed and preserved for record purposes. One disadvantage of 
this method is that silver stains RNA and proteins along with DNA. The presence of restric- 
tion enzymes and polymerase should therefore be minimized. Additionally, bands from both 
complementary DNA strands may be detected in a denatured polyacrylamide gel, which leads 
to a two-band pattern. 
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Figure 9.3. A DNA—dye complex emitting fluorescence on UV-light exposure. Ethidium bromide— 
containing agarose gel (left). SYBR Green 1-containing agarose gel (right). (© Richard C. Li.) 





Figure 9.4 Silver staining of DNA. Silver (Ag*) ions bind to DNA and are reduced to metallic silver 
(Ag) to form dark particles. (© Richard C. Li.) 


9.2 Detection of DNA Probes in Hybridization-Based Assays 


9.2.1 Radioisotope Labeled Probes 
Radioisotope probe labeling was used for early versions of VNTR testing and DNA quantita- 
tion. Labeling can be accomplished in several ways (Figure 9.5). For example, nick translation 
incorporates labeled deoxyribonucleotides (ANTPs) into double-stranded DNA. DNase I is used 
to introduce single-strand nicks within the DNA fragment to be labeled. Next, DNA Polymerase 
I recognizes the nicks and replaces the preexisting nucleotides with new strands containing 
labeled dNTPs, resulting in the generation of **P-labeled double-stranded DNA molecules. *P, 
with a half-life of approximately 14 days, is the most common radioisotope used in this tech- 
nique. Nick translation can utilize any dNTP labeled with **P. 

Prior to hybridization, the probe is denatured into single-stranded fragments by boiling for 
a few minutes followed by rapid cooling on ice. After the hybridization process, these probes 
can be visualized by exposing the DNA-containing membrane to an x-ray film. The radioac- 
tive object is commonly placed in an x-ray cassette. The energy released from the decay of the 
radioisotopes is absorbed by the silver halide grains in the film emulsion and forms a latent 
image. A chemical development process amplifies the latent image and renders it visible on 
film (Figure 9.6). Because most P emissions pass through the thin film emulsion without 
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Figure 9.5 DNA probe labeling using dNTPs. (a) Nick translation method. A DNase is utilized to 
create nicks along a DNA strand. Tagged nucleotides (one or more than one of the dNTPs) are then 
incorporated into the DNA strand using a DNA polymerase. DNA synthesis extends from the 5’ to 
3’ end and the original strand is degraded. (b) Random primer labeling method. A template DNA 
is denatured and separated into single strands. A random mixture of hexameric deoxynucleotide 
fragments, as primers, is then annealed to the template strand. The tagged nucleotides are then 


incorporated by the Klenow fragment of the DNA polymerase. (© Richard C. Li.) 
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Figure 9.5 (Continued) (c) PCR method. DNA templates are denatured and then annealed to prim- 
ers flanking the region of interest. During the DNA synthesis phase of a PCR cycle (see Chapter 7), 
tagged nucleotides are incorporated into the DNA strand using a Taq DNA polymerase, producing 
new double-stranded DNA. The process is repeated for many cycles. Only the first cycle is shown. 
(© Richard C. Li.) 
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Figure 9.6 Autoradiography. Exposure to radiation causes halide crystals to release electrons, thus 
reducing silver (Ag) ions to metallic silver (Ag). (© Richard C. Li.) 


contributing to the final image, the detection process may require long exposure times. Signal 
intensity can be enhanced, however, by using intensifying screens at low temperatures. The 
screens emit photons upon receiving radioactive B-particles, thus further enhancing signals. 
Additionally, highly sensitive x-ray film can be used. One disadvantage of using *P is that it is 
a safety hazard. Additionally, autoradiography is a lengthy process. Therefore, nonradioisotopic 
detection methods have become popular alternatives. 
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9.2.2 Enzyme-Conjugated Probe with Chemiluminescence Reporting System 
The use of alkaline phosphatase (AP)-conjugated probes with chemiluminescent substrates 
comprises a highly sensitive nonradioisotopic detection system. 

Alkaline phosphatase can cleave the phosphate groups from a variety of substrate molecules. 
Its enzymatic activity can be measured using dioxetane-based chemiluminescent substrates 
such as Lumigen® PPD (Figure 9.7). The Lumi-Phos Plus kit of Lumigen Inc. contains this sub- 
strate and can serve as a detection system for slot blot assays for DNA quantitation (Chapter 6) 
and RFLP assays for VNTR profiling (Chapter 19). AP catalyzes the cleavage of the phosphate 
ester of Lumigen® PPD, resulting in the release of a photon (Figure 9.8). The Lumigen® PPD 
substrate yields a long-lasting light emission that can be detected by exposure to x-ray film. This 
system provides a highly sensitive chemiluminescent detection method for AP-conjugated DNA 
probes in solution or on a solid matrix such as a membrane (Table 9.1). 


9.2.3 Biotinylation of DNA with Colorimetric Reporting Systems 

9.2.3.1 Biotin 

Biotin, also known as vitamin H, is a water-soluble molecule found in egg yolk (Figure 9.9). It 
can be incorporated onto oligonucleotide probes without interfering with the ability of probes 
to hybridize because of its small size (molecular weight: 244.31 u). Signals from a biotinylated 
probe can be detected with an enzyme-conjugated avidin system. Two steps are required to 
detect biotin-labeled probes. First, an avidin conjugate consisting of a reporter enzyme is added. 
Then, the reporter enzyme is assayed with substrates. 


9.2.3.2 Enzyme-Conjugated Avidin 
Avidin is a glycoprotein found in egg white; it binds to biotin with extremely high affinity. Thus, 


a biotin-avidin complex is very stable. However, avidin detection has a high background due 
to nonspecific binding. The nonspecific binding can be reduced by replacing avidin with its 


ML, 
hy < 
Lumigen®PPD 


AP-conjugated probe ——» 





Figure 9.7. Detection system using AP-conjugated probe. Chemiluminescence is generated by 
using the Lumigen® PPD as an AP substrate. (© Richard C. Li.) 
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Figure 9.8 Lumi-Phos Plus contains Lumigen® PPD (4-methoxy-4-[3-phosphatephenyl]spiro[1,2- 
dioxetane-3,2’-adamantane], disodium salt). AP catalyzes the removal of the phosphate group of 
Lumigen® PPD and generates a chemiluminescent intermediate that is subsequently broken down 
to the excited state of methyl-m-oxybenzoate. The decay of the excited state end-product releases 
a photon. 


180 


9.2 Detection of DNA Probes in Hybridization-Based Assays 





Table 9.1 Forensic Applications of Enzyme Reporting Systems for Detecting DNA 


Reporter Detection Forensic 
Enzyme Labeling Mechanism Application 


AP-conjugated Chemiluminescent Lumigen®PPD RFLP; blot 
probe assay for DNA 
quantitation 


Horseradish — Biotinylated Colorimetric/ TMB/luminol Blot assay for 
peroxidase probe, chemiluminescent DNA 
(HRP) recognized by quantitation 
streptavidin 
conjugated 
with HRP 
Biotinylated Colorimetric TMB Reverse blot 
primer, assay for DQA1 
recognized by typing and for 
streptavidin mtDNA typing 
conjugated 
with HRP 





(a) 


Figure 9.9 Nonradioactive tags for labeling and detecting nucleic acids. (a) Chemical structure 
of biotin, also known as vitamin H. Molecular formula: C,)H,;,N,03S. Molecular weight: 244.31. 
(b) Chemical structure of digoxigenin. Molecular formula: C,3H3,0,;. Molecular weight: 390.51. 


streptavidin counterpart from Streptomyces avidinii. To detect binding, an enzyme-conjugated 
streptavidin such as horseradish peroxidase (HRP)-conjugated streptavidin can be used. HRP 
isolated from horseradish roots contains heme residues that catalyze the oxidation reactions of 
substrates (Chapter 12). 


9.2.3.3 Reporter Enzyme Assay 

HRP can be assayed with colorimetric, chemiluminescent, or fluorogenic substrates. One 
common colorimetric substrate for forensic DNA testing is 3,3’,5,5’-tetramethylbenzidine 
(TMB), which is oxidized by the peroxidase to form an insoluble precipitate of intense blue at 
an acidic pH (Figure 9.10). Because the colored precipitate is difficult to remove from mem- 
branes, TMB is not suitable if reprobing for RFLP analysis is required. This technique has 
been used for forensic DNA testing such as slot blot assays for DNA quantitation (Table 9.1). 
A chemiluminescent substrate such as a luminol-based reagent can also be utilized with 
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Figure 9.10 Detection system using biotinylated DNA probes with colorimetric and chemilumi- 
nescent reactions. (a) Biotinylated probe is incubated with a streptavidin (SA) and horseradish 
peroxidase (HRP) conjugate complex. (b) Biotin is recognized by the complex. Reporter enzyme 
assays can be carried out using either a colorimetric reaction with a TMB substrate (c) or a chemi- 
luminescent reaction using luminol analogs (d). (© Richard C. Li.) 


HRP. The peroxidase catalyzes the oxidation of luminol to form a chemiluminescent product 
(Figure 9.10). 


9.3 Detection Methods for PCR-Based Assays 
9.3.1 Fluorescence Labeling 


9.3.1.1 Fluorescent Dyes 

The advantages of fluorescence detection methods include a higher sensitivity and broader 
dynamic range than comparable colorimetric detection methods. Furthermore, they have the 
capacity for simultaneous analysis of complex samples such as multiplex PCR products with dif- 
ferent fluorescent labels (Figure 9.11), allowing the distinction of various amplicons. Commonly 
used fluorescent dyes in DNA labeling emit fluorescence in the range of 400-600 nm (Figures 9.12 
and 9.13). 


9.3.1.2 Labeling Methods 

Fluorescent dye labeling can be incorporated into a DNA fragment using a 5’-end fluorescently 
labeled oligonucleotide primer (Figures 9.14 and 9.15). The dye-labeled primer method is usu- 
ally used for STR profiling (see Chapter 20) in which only one primer from each primer pair is 
labeled; therefore, only one strand can be detected. The two-band pattern observed with silver 
staining does not appear with this method. Additionally, dye-labeled primers allow multiplex 
PCR amplifications in the same tube. 
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Figure 9.11 Emission spectra of common fluorescent dyes used for forensic DNA analysis. 
(© Richard C. Li.) 
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Figure 9.12 Examples of fluorescent dyes and their applications in STR kits. Note: Globalfiler 
and AmpFISTR Yfiler are manufactured by Applied Biosystems. PowerPlex Fusion system and 
PowerPlex® Y23 System are manufactured by Promega. 
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Figure 9.13 Chemical structures of representative fluorescent dyes. Fluorescein, 3’,6’-dihydroxyspiro[2- 
benzofuran-3,9’-xanthene]-l-one; FAM, 5(6)-carboxyfluorescein; JOE, 6-carboxy-4’,5’-dichloro-2',7’- 
dimethoxy-fluorescein; TMR, 5-carboxytetramethylrhodamine; ROX, 5(6)-carboxy-X-rhodamine; A,,, 
peak excitation wavelength (nm); A,,,, peak emission wavelength (nm). 





Fluorescent labeled amplicon 


here OR 


Figure 9.14 A fluorescent dye—labeled primer can be used for the amplification of DNA. The 
dye is conjugated at the 5’ end of the primer. The amplified product is fluorescently labeled. 


(© Richard C. Li.) 
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Figure 9.15 Direct labeling of nucleic acids with fluorescent dye. Labeled cytosine is shown as an 
example. R, fluorescent dye. 


Alternatively, fluorescent dye labeling of DNA fragments can be carried out by incorporating 
fluorescently labeled dideoxynucleotides (ddNTPs) in the PCR product. This labeling method is 
usually used in DNA sequencing such as mtDNA sequence profiling (Chapter 23). 


9.3.1.3 Fluorophore Detection 

The fluorophore is a component of a florescent dye molecule that causes the molecule to be fluo- 
rescent. First, a laser strikes a fluorophore covalently linked to the end of a DNA fragment. 
An electron of the fluorophore is then excited, rising to an excited state from a ground state. 
The excited electron then descends to the ground state and releases a photon (Figure 9.16). The 
emitted photon has a longer wavelength (emission spectrum) than that of the excitation pho- 
ton (excitation spectrum). The wavelengths of excitation and emission spectra (Figure 9.17) are 
largely dependent on the chemical structure of the fluorophore. 

Lasers are commonly used as excitation sources because laser light emissions have high inten- 
sity and are monochromatic (single wavelength). The argon ion gas laser is frequently used in 
applications such as fluorescence-labeled STR and mtDNA sequence analysis because the excita- 
tion wavelength of commonly used fluorescent dyes matches the wavelength of the argon laser. 

Optical filters are used to filter out undesired light and to allow only one particular wave- 
length to pass through. An essential optical filter consists of three components: an excitation fil- 
ter, a dichroic beam splitter, and an emission filter. The excitation filter selectively transmits light 
from an excitation source. The light is then directed by the dichroic beam splitter to DNA mol- 
ecules labeled with fluorescent dyes. The light emitted from a fluorophore is also transmitted by 
the dichroic beam splitter toward the detector. The emission filter selectively blocks undesired 
light, thus transmitting a specific wavelength of the emitted fluorescence. The light intensity 
emitted from a fluorophore is detected using a photosensitive device such as a charge-coupled 
device (CCD). The signal from the fluorophore is collected and converted to an electronic signal 
expressed in an arbitrary unit such as a relative fluorescence unit (RFU). Signals from multiple 
fluorophores in the same sample can be recorded separately using optical filters and a math- 
ematical matrix (fluorophore separation algorithm). The function of a matrix is to subtract the 
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Wrap the Coil 


This is where the dark magic happens. Wrap two enamel coated wires around the edge of a ferrite core. More wire will mean a stronger joule thief 


and a brighter LED. When you have wrapped the core, you should have two pairs of end wires. Connect one pair together as shown below on the 
right. Splay the other pair apart as shown below on the left. 





Attach Coil 


Remember to burn away the enamel on the end of the thin wire with a lighter. With the wires burned and exposed, solder one free coil wire to the 
1k resistor. Solder the other free coil wire to the positive side of the LED. 





Below, we have to solder a coil wire to the intersection of the transistor and the positive leg of the LED. 
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Figure 9.16 A Jablonski diagram illustrating the absorption of a single photon and subsequent emission 
of fluorescence. During an excitation stage, a single photon with the appropriate energy excites a mol- 
ecule to the first excited energy level (S.). In fluorescence reactions, the energy is supplied by an external 
light source such as a laser, while in chemiluminescence reactions, the energy is derived from a chemical 
reaction. The excited molecule is not stable and relaxes to its lowest vibrational level in the excited state 
(S,). The molecule then returns to the ground state (Sg), emitting a photon. (© Richard C. Li.) 
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Figure 9.17 A fluorescence excitation spectrum. In fluorescence reactions, the energy of the pho- 
ton emitted is lower than that of the excitation photon. As a result, the wavelength of an emission 
photon is longer than that of an excitation photon. The difference in wavelength is known as the 
Stokes shift. (© Richard C. Li.) 


color overlaps of the various fluorescent dyes. The matrix can be established by the calibration 
of fluorescently labeled standards. 


Bibliography 

Bassam, B.J., G. Caetano-Anolles, and P.M. Gresshoff, Fast and sensitive silver staining of DNA in polyacryl- 
amide gels. Anal Biochem, 1991, 196(1): 80-83. 

Bregu, J., et al., Analytical thresholds and sensitivity: Establishing RFU thresholds for forensic DNA analysis. 
J Forensic Sci, 2013, 58(1): 120-129. 

Bronstein, I. and P. McGrath, Chemiluminescence lights up. Nature, 1989, 338(6216): 599-600. 


186 





Serology Concepts 


10.1 Serological Reagents 

10.1.1 Immunogens and Antigens 

A foreign substance that is capable of eliciting antibody formation when introduced into a host 
is called an immunogen. Natural immunogens are usually macromolecules such as proteins and 
polysaccharides. Other molecular structures can also act as immunogens, for example, glyco- 
lipids (such as A, B, and O blood group antigens) and glycoproteins (such as Rh and Lewis 
antigens). However, they must be foreign to their hosts. The molecular structure of an immu- 
nogen, usually a small portion recognized by an antibody, is called an epitope or determinant 
site. An immunogen usually consists of multiple epitopes and is thus considered multivalent 
(Figure 10.1). Each epitope can elicit the production of its own corresponding antibody. 

An antigen is a foreign substance that is capable of reacting with an antibody. All immu- 
nogens can be considered antigens, but not all antigens can elicit antibody formation. Hapten 
is one example of a substance that is antigenic but not immunogenic. Haptens are chemical 
compounds that are too small to elicit antibody production when they are introduced to a host 
animal. However, a hapten can be coupled to a carrier, usually a macromolecule, to produce 
antibodies. A hapten-conjugated carrier can become immunogenic to elicit the formation of an 
antibody specific to the hapten. The resulting antibody can bind to free haptens. Certain con- 
trolled substances such as cocaine and amphetamines are haptens and can be detected through 
corresponding antibodies for forensic toxicological analysis. 


10.1.2 Antibodies 

Antibodies, also known as immunoglobulins, are capable of binding specifically to antigens and 
are designated with an Ig prefix. The five major classes of immunoglobulins are designated IgG, 
IgA, IgM, IgD, and IgE. Additionally, IgG immunoglobulins can be further divided into four 
subclasses (IgG1-IgG4) and IgA immunoglobulins can be further divided into two subclasses 
(IgA1 and IgA2). Thus, there are a total of nine immunoglobulin isotypes in humans. Isotypes are 
the immunoglobulins that differ based on the molecular variations in the constant domains of 
the heavy and light chains (Figure 10.2). IgD, IgE, and IgG are usually monomers. IgM can be a 
membrane-bound monomer or a cross-linked pentamer (secreted form). IgA can be a monomer, 
dimer, or trimer. In an immune response, an initial exposure to an immunogen elicits a primary 
response, producing IgM immunoglobulins. Further exposure to the immunogen can elicit a sec- 
ondary response, producing IgG, IgA, IgE, and IgD immunoglobulins. IgG is the most abundant 
immunoglobulin in serum. A majority of serology tests are based on the IgG immunoglobulins. 
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Epitope A 





Figure 10.1 Multivalent immunogen. A protein with two different epitopes is shown. (© Richard C. Li) 


Immunoglobulins have many similarities in their molecular structures. Figure 10.2 illustrates 
a diagram of the IgG molecule. The structures of immunoglobulins were first revealed by Gerald 
Edelman and Rodney Porter who shared a Nobel Prize in 1972. Immunoglobulins are composed 
of four polypeptide chains: two heavy (H) chains and two light (L) chains. The polypeptide chains 
are linked by disulfide bonds into a Y-shaped complex. The H chain can be divided into fragment 
antigen-binding (Fab) and fragment crystallizable (Fc) fragments. The L chain consists of a Fab 
fragment only. A typical antibody has two identical antigen-binding sites and is thus consid- 
ered bivalent. The antigen-binding activity is located within the Fab fragments. In particular, 
the N-terminal ends of the L and H chains together form antigen-binding sites. At the amino 
acid sequence level, both H and L chains have variable and constant domains (Figure 10.2). The 
variable domains are located at the N-terminal ends of the immunoglobulins. Additionally, three 
small hypervariable regions are located within the variable domain of each chain. 


Heavy chain 
site 


Light chain 







Hypervariable 
regions 


Fc fragment 


Figure 10.2 Immunoglobulin IgG structure. Immunoglobulin IgG is composed of light and heavy 
chains that contain variable domains. The remaining portions of chains form the constant domains. 
The variable domains of both light and heavy chains contain three hypervariable regions that form 
the antigen-binding site of the immunoglobulin. (© Richard C. Li.) 
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The diversity in the amino acid sequences of these hypervariable regions determines the 
specificity of the antigen-binding sites. The hinge regions provide flexibility to the antibody 
molecule and are important for the efficiency of the binding and cross-linking reactions. The 
basal portion of the H chain consists of Fc fragment. 

The binding affinity and specificity of antibodies make them useful reagents for serological 
testing. Two types of antibodies are commonly used: polyclonal and monoclonal antibodies. 


10.1.2.1 Polyclonal Antibodies 

To produce an antibody, an immunogen is usually introduced into a host animal. A multiva- 
lent immunogen is capable of eliciting a mixture of antibodies with diverse specificities for the 
immunogen. As a result, a polyclonal antibody is produced by different B lymphocyte clones in 
response to the different epitopes of the immunogen. Antibodies can be circulating (in blood or 
other bodily fluids) or tissue bound (in cell surface antibodies). Circulating immunoglobulins 
are referred to as humoral antibodies. 

The blood from an immune host is drawn and allowed to clot, resulting in the formation of a 
solid consisting largely of blood cells and a liquid portion known as serum containing antibod- 
ies (Figure 10.3). Such a preparation of humoral antibodies is also called a polyclonal antiserum. 
Depending on the type of animal used, the antibodies produced are classified as avian (B), rabbit 
(R), or horse (H) type. The characteristics of polyclonal antibodies may vary if they are produced 
from different individual host animals of the same species. Variations in reactions among differ- 
ent sources of antibodies should be monitored by quality-control procedures. 


10.1.2.2 Monoclonal Antibodies 

To produce a monoclonal antibody, spleen cells are harvested from a host animal, such as a 
mouse, inoculated with an immunogen (Figure 10.4). Next, the plasma cells of the spleen, which 
produce antibodies, are fused with myeloma cells. Since only a small population of cells fuse, 
a selection step is needed to allow only fused cells to grow (Figure 10.4). The fused cells, called 
hybridoma cells, are immortal (proliferate indefinitely) in cell cultures. Pools of hybridoma cells 
are diluted into single clones and are allowed to proliferate. The clones are then screened for the 
specific antibody of interest. 


Serum 
Clotting 


oo 


Clot 





Whole blood 
(no anticoagulant) 


Figure 10.3. Serum component of blood. The blood of an immunized animal is collected in the 
absence of an anticoagulant and is allowed to clot. The resulting liquid portion of the blood is serum. 
(© Richard C. Li.) 
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Figure 10.4 Preparation of a monoclonal antibody. A mouse is immunized with an immunogen, 
and its spleen cells are fused with myeloma cells to generate hybridoma cells. The clone that syn- 
thesizes and secretes the monoclonal antibody of interest can then be identified. (© Richard C. Li.) 


The desired hybridoma clone can be maintained indefinitely, and it produces a monoclonal 
antibody that reacts with a single epitope. The hybridoma-derived monoclonal antibodies are 
specific and homogenous, and can be obtained in unlimited quantities. Monoclonal antibodies 
have been utilized in many serological assays, as discussed in Chapter 11. However, they have 
certain limitations in serology assays. For instance, monoclonal antibodies react with only a 
single epitope of a multivalent antigen and, therefore, cannot form cross-linked networks in 
precipitation assays (see Section 10.3.2.1). 


10.1.2.3 Antiglobulins 

Immunoglobulins are proteins that can also function as immunogens. If a purified foreign 
immunoglobulin or a fragment of a foreign immunoglobulin is introduced into a host, the 
antibodies produced are known as antiglobulins. Antiglobulins that are specific to a particular 
isotype can be produced in laboratories. In addition to specific antiglobulins, it is possible to 
produce nonspecific antiglobulins, which recognize an epitope that is common to all isotypes of 
an immunoglobulin class, such as the Fc portion of the heavy chain of all subclasses of human 
IgG. Antiglobulins are important reagents in many serological tests. 
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Figure 10.5 Affinity is a measure of the interaction between a single epitope on an antigen and a 
single binding site on an antibody. (© Richard C. Li.) 


10.2 Strength of Antigen—Antibody Binding 

The binding of an antigen to its specific antibody is mediated by the interaction between the epi- 
tope of an antigen and the binding site of its antibody. Noncovalent bonds can be formed during 
antigen-antibody binding. Various forces act cooperatively during antigen-antibody binding. 
These include hydrogen bonding, hydrophobic interactions that exclude water molecules from 
the area of contact, and van der Waals forces arising from the asymmetric distribution of the 
charges of electrons. The binding process occurs rapidly and the formation of the antigen—anti- 
body complex is reversible. Such binding occurs at short distances when the antigen and anti- 
body are in close proximity. Additionally, the strongest binding occurs only if the shape of the 
epitope fits the binding site of the antibody. The strength of the interaction between the antigen 
and the antibody depends on two characteristics, designated affinity and avidity. 

Affinity is the energy of the interaction of a single epitope on an antigen and a single bind- 
ing site on a corresponding antibody (Figure 10.5). The strength of the interaction depends on 
the specificity of the antibody for the antigen. Nevertheless, antibodies can bind with lower 
strength to antigens that are structurally similar to the immunogen. Such binding is known as 
cross-reaction. 

Avidity is the overall strength of the binding of an antibody and an antigen (Figure 10.6). 
Since an antigen is usually considered multivalent and an antibody is bivalent, the avidity 
reflects the combined synergistic strength of the binding of all the binding sites of antigens and 
antibodies rather than the sum of individual affinities. It also reflects the overall stability of an 
antigen-antibody complex that is essential for many serological assays. 


10.3 Antigen—Antibody Binding Reactions 

The binding of an antigen to an antibody is an equilibrium reaction consisting of three types 
of reactions. The primary and secondary reactions form the basis for many forensic serological 
assays and will be discussed in the following subsections. The third type is called the tertiary 
reaction. It is used to measure in vivo immune responses such as inflammation and phagocyto- 
sis. Because most forensic serology tests are in vitro assays, the tertiary reaction is not commonly 
utilized in forensic serology testing and will not be discussed here. 
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Figure 10.6 Avidity is a measure of the overall strength of the binding between antigens and anti- 
bodies. (© Richard C. Li.) 


10.3.1 Primary Reactions 

A primary reaction is the initial binding of a single epitope of an antigen (Ag) and a single bind- 
ing site of an antibody (Ab) to form an antigen-antibody complex (Figure 10.7). This rapid and 
reversible binding reaction can be expressed as 


Ag + Ab @ AgAb 


At equilibrium, the strength of the interaction can be expressed as the affinity constant (K,) that 
reflects the affinity of binding, where: 


x, ~ LAgdb] 
[Ag] Ab] 


The square brackets indicate the concentration of each component at equilibrium. K, is the 
reciprocal of the concentration of free epitopes when half the antibody-binding sites are occu- 
pied. Thus, a higher K, corresponds to a stronger binding interaction. 

Techniques such as enzyme immunoassays, immunofluorescence assays, radioimmunoas- 
says, and dye-labeled immunochromatography can measure the concentrations of antigen- 
antibody complexes formed by primary reactions (Chapter 11). These techniques are the most 
sensitive for detecting the presence of an antigen and an antibody in a sample. Additionally, 
many forensic serology assays are based on the detection of primary reactions and will be dis- 
cussed in Chapters 12 through 17. 


10.3.2 Secondary Reactions 

The primary reaction between an antigen and an antibody is often followed by a secondary reac- 
tion. The three types of secondary reactions are precipitation, agglutination, and complement 
fixation. The techniques that detect secondary reactions are usually less sensitive but easier to 
perform than primary reaction assays. The precipitation and agglutination reactions form the 
basis for many serologic assays performed in forensic laboratories. These reactions will be dis- 
cussed in the following subsections in detail. The third type of reaction is called complement 
fixation. If an antigen is located on a cell surface, the binding of the antigen and the antibody 
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Figure 10.7 Primary reaction. Initial binding forms an antigen—antibody complex. (© Richard C. Li.) 


may activate the classical complement pathway and lead to cell lysis, also known as a complement 
fixation reaction. The detection of this type of reaction is not commonly used in forensic serology. 


10.3.2.1 Precipitation 
If a soluble antigen is mixed and incubated with its antibody, the antigen-antibody complexes 
can form cross-linked complexes at the optimal ratio of antigen-to-antibody concentration. The 
cross-linked complex is insoluble and eventually forms a precipitate that settles to the bottom of 
a test tube. Antibodies that produce such precipitation are also called precipitins. 

This precipitation reaction can be characterized by examining the effect of varying the relative 
ratio of antigen and antibody. If an increasing amount of soluble antigen is mixed with a constant 
amount of antibody, the amount of precipitate formed can be plotted. A precipitin curve (Figure 10.8) 


Prozone Postzone 


Amount of precipitate 








Increasing antigen concentration 


Figure 10.8 Precipitin curve. (© Richard C. Li.) 
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illustrates the results observed when antigens and antibodies are mixed in various concentration 
ratios. The curve can be divided into three zones known as the prozone, the zone of equivalence, and 
the postzone. 


10.3.2.1.1 Prozone 

At this zone, the ratio of antigen-antibody concentration is low. In other words, the antibody 
is in excess. Each antigen molecule is rapidly saturated with antibody, thus preventing cross- 
linking (Figure 10.9a). No precipitate is formed at the prozone stage. 


10.3.2.1.2 Zone of Equivalence 


As the concentrations of antigen increase, the amount of precipitate increases until it reaches 
a maximum. The amount of precipitation depends on the relative proportions of antigens and 
antibodies present. The maximum precipitation occurs in what is called the zone of equiva- 
lence. In the zone of equivalence, the ratio of antibody to antigen concentration is optimal and 





Figure 10.9 Antigen—antibody binding in (a) prozone, (b) zone of equivalence, and (c) postzone. 
(© Richard C. Li.) 
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precipitation occurs as a result of forming cross-linked networks (Figure 10.9b). Precipitation 
assays are usually carried out under the condition of the zone of equivalence, forming a suff- 
cient quantity of precipitation to be detected. 


10.3.2.1.3 Postzone 

With the addition of more antigens, the ratio of antigen-antibody concentrations is high. In 
other words, the antigen is in excess. The amount of precipitate decreases and eventually dimin- 
ishes. Each antibody molecule is saturated with antigen molecules (Figure 10.9c). Cross-linkage 
cannot form, and precipitation does not occur. 


10.3.2.2 Agglutination 
As discussed in the previous subsection, precipitation reactions involve soluble antigens. If the 
antigens are located on the surfaces of cells or carriers (carrier cells such as sheep erythrocytes, 


(b) 





(c) 


Figure 10.10 Agglutination reaction: (a) antigens are mixed with antibodies, (b) an antigen—antibody 
complex is formed during initial binding, and (c) the lattice is formed. (© Richard C. Li.) 
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Below, notice that the end of the green enameled wire is exposed because the enamel was burned off. 





Solder Clip 


Now that the main joule thief is done, we can attach a battery clip for easy use. The joule thief will work without the battery clip, but only if you 
hold the wires in place with your fingers. 
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bacteria, or latex particles), antibodies can bind to the surface antigens and can form cross-links 
among cells or carriers, causing them to aggregate. This aggregation is referred to as agglutina- 
tion. In agglutination, a visible clumping can be observed as an indicator of the reaction of the 
antigen and the antibody. If the antigen is located on an erythrocyte, the agglutination reaction 
is designated hemagglutination. Agglutination is a two-step process that includes initial binding 
and lattice formation (Figure 10.10a). 


10.3.2.2.1 Initial Binding 


The first step of the reaction involves antigen-antibody binding at a single epitope on the cell 
surface (Figure 10.10b). This initial binding is rapid and reversible. 


10.3.2.2.2 Lattice Formation 


The second step involves the formation of a cross-linked network resulting in visible aggregates 
that constitute a lattice (Figure 10.10c). This involves an antibody binding to multiple epitopes 
because each antibody has two binding sites and antigens are multivalent. Lattice formation is 
a much slower process than the initial binding step. The cross-linking of cells requires physical 
contact. Additionally, an antibody must bind to epitopes on two different cells. The ability to 
cross-link cells depends on the nature of the antibody. Antibodies that produce such reactions 
are often called agglutinins. 

Additionally, a complete antibody is capable of carrying out both primary and secondary 
interactions that result in agglutination. An antibody that can carry out initial binding but fails 
to form agglutination is called an incomplete antibody. This type of antibody is believed to have 
only one active antigen-binding site and is thus not capable of agglutination. It is potentially 
caused by the presence of steric obstruction due to the conformation of the incomplete antibody 
molecule, preventing the binding of antigens at the second binding site. However, other incom- 
plete antibodies have two active sites but cannot bridge the distance between cells, thus failing 
to form lattices. Certain antibodies such as IgG are small and lack flexibility at the hinge region, 
and this may prevent agglutination. In contrast, the large IgM antibodies produce agglutination 
much more easily than IgG. Agglutination reactions have a wide variety of applications in the 
detection of antigens and antibodies. Such assays have high degrees of sensitivity and have been 
used for many years in forensic serology. 
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Serology Techniques 
Past, Current, and Future 


11.1 Introduction to Forensic Serology 
11.1.1 The Scope of Forensic Serology 
Forensic serology is the component of forensic biology that deals with the examination and iden- 
tification of biological evidence. In particular, it focuses on determining the presence and iden- 
tification of various bodily fluids such as blood, semen, and saliva in a questioned sample. 
Bodily fluid stains are commonly associated with violent criminal cases. For instance, the 
identification of blood evidence (Chapter 12) is often necessary for investigating cases involving 
homicide, aggravated assault, sexual assault, and burglary. Proving the presence of blood has 
probative value or may corroborate allegations of violent acts. This evidence can also be used 
for investigative purposes. For example, the forensic DNA analysis of evidence such as a victim’s 
blood on a suspect’s weapon can establish a link between a victim and a suspect. The identifica- 
tion of semen (Chapter 14) and saliva (Chapter 15) is important for the investigation of a sexual 
assault case. For instance, a stain from a victim’s clothing would be processed with forensic 
DNA analysis in a sexual assault case so that the DNA profile of the stain could be compared 
with that of an alleged suspect. Matching DNA profiles prove that the suspect’s DNA was found 
on the victim’s clothing, establishing a link between the suspect and the victim. Additionally, 
the identification of a biological stain as a semen stain through forensic serology testing proves 
that semen was found on the clothing taken from the victim and that the suspect is the source 
of the DNA from the semen stain. This evidence can then be used in court to support allegations 
that a sexual act occurred. Likewise, the presence of a suspect’s saliva stains on a victim’s genital 
area may corroborate an alleged oral copulation. The identification of bodily fluids other than 
blood, semen, and saliva will be discussed in Chapters 16 and 17. 


11.1.2 Class Characteristics and Individual Characteristics of Biological Evidence 

The identification of an unknown fluid sample is based on a comparison of the class character- 
istics (Section 3.2.1) of a sample with known standards of its class. Forensic identification typi- 
cally involves bodily fluids, such as blood, semen, and saliva. If the presence of the bodily fluid 
is confirmed, the individual characteristics (Section 3.2.2) of the biological evidence are then 
determined to find out whether or not a bodily fluid sample has come from a particular individ- 
ual. Today, this analysis can be achieved through forensic DNA analysis. The most commonly 
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utilized forensic DNA analysis is the short tandem repeat (STR) analysis used for human iden- 
tification. Additionally, Y-chromosomal STR analysis is often utilized for the investigation of 
sexual assault crimes. Furthermore, mitochondrial DNA analysis is used for the identification 
of human remains. Therefore, establishing the probative value of a sample requires both the 
identification of its class characteristics and the individualization of its contributor. Therefore, 
the identification of bodily fluids cannot be replaced by forensic DNA analysis. 


11.1.3 Presumptive and Confirmatory Assays 

The identification of bodily fluids can be carried out using presumptive and confirmatory assays 
to identify the type of bodily fluid in question. The advantages of presumptive assays are that 
these assays are sensitive, rapid, and simple. A positive reaction of a presumptive assay indicates 
the possibility of the presence of the bodily fluid in question. However, presumptive assays are 
not very specific. Therefore, they should not be considered conclusive for the presence of a type 
of bodily fluid. In contrast, a negative assay indicates that the questioned bodily fluid is absent. 
Thus, presumptive assays can be used as a screening method and for narrowing down bodily 
fluid stains prior to other types of analyses, such as forensic DNA testing. Moreover, these assays 
can be used as a search method to locate bodily fluid stains at the crime scene. Additional assays, 
such as confirmatory assays, should be conducted afterward if necessary. 

Confirmatory assays are more specific for the bodily fluid in question. These assays are uti- 
lized to identify bodily fluids with higher certainty than presumptive assays. For example, 
bloodstains are commonly associated with criminal investigations. A reddish-brown stain that 
has been identified through visual examination is usually tested by using presumptive assays. If 
the result of the presumptive assay on the alleged bloodstain is positive, the stain is then further 
analyzed by forensic DNA analysis. This approach indicates the presence of blood. Confirmatory 
assays are performed when a sample has to be identified as blood (Figure 11.1). Additionally, the 
human or animal origin of blood evidence can be determined if necessary and the techniques to 
do so will be discussed in Chapter 13. 


11.1.4 Primary and Secondary Binding Assays 

Traditionally, the detection and measurement of the antigen-antibody binding reactions serve 
as the bases of forensic serology. These assays fall into two categories: primary and second- 
ary binding assays. Recall that the primary binding assays involve the initial binding between 
a single epitope of an antigen and a single binding site of an antibody (see Section 10.3.1). 
Therefore, they are very sensitive. Although the secondary binding assays are less sensitive 
than the primary binding assays, they are easier to perform than primary assays. The second- 
ary assays consist of precipitation-based and agglutination-based assays. Precipitation-based 
assays have been used for species identification. Agglutination-based assays are more sensitive 


Indicating presence of blood 








Identification Individualization 





Figure 11.1 An example of work flow for processing blood samples. (© Richard C. Li.) 


200 


11.2 Primary Binding Assays 


than precipitation-based assays. Agglutination-based assays, which detect antigens located on 
the surface of cells or carriers, are normally applied to blood group typing. Recently, emerging 
techniques such as RNA, proteomic, and DNA methylation assays, and fluorescence as well as 
Raman spectroscopy can potentially be used for the identification of bodily fluids. 


11.2 Primary Binding Assays 

11.2.1 Enzyme-Linked Immunosorbent Assay (ELISA) 

An enzyme-linked immunosorbent assay (ELISA) is an immunoenzyme assay that can be used 
to detect and measure the antibody or antigen in question. The most common ELISA that is 
used in forensic serology is the antibody-sandwich ELISA (Figure 11.2). It is utilized to detect 
the prostate-specific antigen (PSA) to identify seminal stains and amylase for the identification 
of saliva (Chapters 13 and 14). 

An antibody (usually monoclonal) coating is formed by nonspecific adsorption onto a solid 
phase such as the wells of a polystyrene plate. A sample containing the antigen to be tested is 
then added and binds to the solid-phase antibody. Subsequently, a second antibody is added to 
form an antibody—antigen-antibody sandwich complex. The second antibody binds to different 
epitopes of the antigen. Next, an enzyme-labeled antiglobulin (Chapter 10) is added to bind the 
sandwich. Subsequently, the excess enzyme-labeled antiglobulin is removed by washing and the 
bound antiglobulin can be detected. 

A number of enzymes such as alkaline phosphatase and horseradish peroxidase have been 
used as reporting enzymes (Chapter 9) to label the antiglobulin for ELISA. The enzyme catalyzes 
the substrate and produces colorimetric or fluorometric signals. The intensity of the signals can 








1 | 
(a) (b) () (d) 


Figure 11.2 ELISA assay. (a) Sample containing Ag (antigen) is applied to a sample well where 
Ab (antibody) is immobilized. (b) Ag binds to an immobilized Ab to form an Ag—Ab complex. (c) A 
second Ab to a different epitope is added to form an Ab—Ag—Ab sandwich. (d) Labeled antiglobu- 
lin binds to the sandwich. The bound antiglobulin can be detected by various reporting schemes. 
(© Richard C. Li.) 
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be detected spectrophotometrically and is proportional to the amount of bound antigen. The 
amount of antigen can be quantified by comparing the standard with known concentrations. 
Recall that antiglobulin can recognize an epitope that is common to all isotypes within an anti- 
body class (Section 10.1.2.3); the enzyme-labeled antiglobulin is a universal reagent regardless 
of the antibody used, as long as they are of the same class. 

Alternatively, antibodies in a sample can also be detected and may be quantified by an ELISA 
system in which the antigen is bound to a solid phase instead of the antibody. After an antibody 
ina sample binds to the solid-phase antigen, an enzyme-labeled antiglobulin is added to bind to 
the bound antibody. The bound antiglobulin can be detected and measured by the addition of an 
enzyme substrate. The enzymatic catalytic reaction is similar to the antibody sandwich ELISA 
procedure previously described. 


11.2.2 Immunochromatographic Assays 

Figure 11.3 depicts a test using an immunochromatographic membrane device. A dye-labeled 
monoclonal antibody is contained in a sample well and a polyclonal antibody for the antigen (or 
a second monoclonal antibody to a different epitope of the antigen) is immobilized onto a test 
zone of a nitrocellulose membrane. An antiglobulin that recognizes the antibody is immobi- 
lized onto a control zone. 

The assay is carried out by loading a sample into the sample well. The antigen in the sample 
binds to the dye-labeled antibody already in the sample well to form an antigen-antibody com- 
plex. The complex then diffuses across the nitrocellulose membrane until it reaches the test 
zone. The antibody immobilized at the test zone traps the antigen-antibody complex to form 
an antibody-antigen—antibody sandwich. The presence of the antigen in the sample results in a 
colored vertical line at the test zone. (Figure 11.4) 

The immunochromatographic device also utilizes a control zone to ensure that the device 
works properly and that the sample has diffused completely along the test strip. Unbound 
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Figure 11.3. Immunochromatographic assay. (a) Sample containing Ag (antigen) is loaded in a 
sample well. (b) Ag binds to a labeled Ab (antibody) to form a labeled Ab—Ag complex. (c) At the 
test zone, the labeled Ab—Ag complex binds to an immobilized Ab to form a labeled Ab—Ag—Ab 
sandwich. (d) At the control zone, a labeled Ab binds to an immobilized antiglobulin and is captured 
at the control zone. (© Richard C. Li.) 
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monoclonal antibodies diffuse across the membrane until they reach the control zone where 
they are trapped by the immobilized antiglobulin. This antibody-antiglobulin complex at the 
control zone also results in a colored vertical line (Figure 11.4). The test is considered valid only 
if the line in the control zone is observed. The presence of an antigen results in a line at both the 
test zone and the control zone, while the absence of an antigen results in a line in the control 
zone only (Figure 11.4). This method is rapid and simple and thus can be used as a screen- 
ing test in laboratories and as a field test at crime scenes to identify semen, saliva, and species 
(Table 11.1). 

However, a false-negative result may be obtained ifa sample contains a very high concentration of 
an antigen (Figure 11.5). Under this condition, the dye-labeled antibody will become saturated with 
the antigen to form antigen-antibody complexes. The unbound antigen will diffuse along with the 


oe 


im 


Control zone 
/ 
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Positive result 





Sample well Test zone 


Negative result 


Figure 11.4 Immunochromatographic device. Positive and negative results are shown. (© Richard C. Li.) 


Table 11.1 Common Immunochromatographic Assays for Forensic Applications 





Labeled Immobilized ET 
Antigen Antibody Antibody Application 


ABAcard® Hemoglobin (Hb) Monoclonal Polyclonal Blood and 
HematTrace® antihuman antihuman Hb species 
(Abacus Hb antibody antibody identification 
Diagnostics) 

RSID™-Blood Glycophorin A Monoclonal Monoclonal Blood and 
(Independent (GPA) antihuman antihuman species 


Forensics) GPA antibody GPA antibody identification 
RSID™-Saliva Human salivary Monoclonal Monoclonal Saliva 
(Independent a-amylase antihuman antihuman identification 
Forensics) (HAS) HAS antibody — HAS antibody? 


One-Step ABAcard 
PSA® (Abacus 


Diagnostics) 


Prostate-specific 


antigen (PSA) 


Monoclonal 
antihuman 
PSA antibody 


Polyclonal 
antihuman 
PSA antibody 


Semen 
identification 


RSID™-Semen Semenogelin Monoclonal Monoclonal Semen 
(Independent (Sg) antihuman antihuman Sg identification 
Forensics) Sg antibody antibody? 


@ The epitope recognized by the immobilized antibody is different from that of the labeled 


antibody. 
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Figure 11.5 High-dose hook effect of immunochromatographic assay. (a) Ag (antigen) in sample is 
loaded in the sample well. (b) Ag binds to a labeled Ab (antibody) to form a labeled Ag—Ab complex. 
(c) At the test zone, free Ag binds to an immobilized Ab to form an unlabeled Ab—Ag complex and 
prevents the formation of a labeled Ab—Ag—Ab sandwich. (d) At the control zone, a labeled Ab binds 
to immobilized antiglobulin and is captured at the control zone. (© Richard C. Li.) 


antigen-antibody complex toward the test zone. At the test zone, the unbound antigen will compete 
with the antigen-antibody complexes for the antibody immobilized at the test zone. Since the anti- 
gen is in excess, the unbound antigen binds to the immobilized antibody, preventing the formation 
of the antibody—antigen-antibody sandwich. The resulting reading appears as a negative result. This 
artifact is known as the high-dose hook effect. To prevent the high-dose hook effect, a smaller volume 
of sample can be applied, or the sample can be diluted to reduce the amount of antigen applied. 


11.3 Secondary Binding Assays 

11.3.1 Precipitation-Based Assays 

These techniques are based on the precipitation reaction and are used primarily for species iden- 
tification in forensic laboratories. 


11.3.1.1 Immunodiffusion 

Immunodiffusion is a passive method in which an antigen or an antibody or both are allowed to 
diffuse and therefore a gradient, from low to high concentration, is established for an antigen or 
an antibody or both. As a result, precipitation occurs due to the interaction between an antigen 
and an antibody. The assay can be carried out in a liquid or a semisolid medium such as agarose 
gel. The semisolid medium can stabilize the diffusion process and reduce interference such as 
convection, which is the movement of molecules within liquids. The two types are single immu- 
nodiffusion and double immunodiffusion. 


11.3.1.1.1 Single Immunodiffusion 


A concentration gradient is established for either an antigen or an antibody. One serology tech- 
nique based on this principle is radial immunodiffusion—a single diffusion method in which 
a concentration gradient is established for an antigen. The antibody is uniformly distributed in 
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the gel matrix (Figure 11.6). The antigen is loaded into a sample well and allowed to diffuse from 
the well into the gel until a precipitation reaction occurs. The precipitate ring around the well is 
observed; the area within the ring of precipitate is proportional to the amount of antigen loaded 
in the well. Standards using known concentrations of antigen can be included in the same assay 
along with the samples, and a standard curve can be plotted. The amounts of antigen in samples 
can then be quantified by comparing the results with the standard curve. 


11.3.1.1.2 Double Immunodiffusion 


The second type of assay is double diffusion in which a concentration gradient is established 
for both an antigen and an antibody. The most common examples are the ring assay and the 
Ouchterlony assay. The ring assay can be performed in a test tube or capillary tube (Figure 11.7). 
An antiserum, a denser phase, is placed in a small tube. An antigen solution is carefully layered 
on top of an antibody solution without mixing. Both the antigen and the antibody will diffuse 
toward each other. In a positive reaction, a ring of precipitate can be observed at the interface of 
the two solutions. A negative reaction is indicated by a lack of precipitation. The assay requires 
positive and negative controls along with questioned samples. 


© Ag 


Area 











(a) (b) Amount of antigen 


Figure 11.6 Radial immunodiffusion assay. (a) Immunodiffusion of antigens from a well into an 
antibody-containing gel. (b) Standard curve based on results of standards with known amounts of 
antigens. (© Richard C. Li.) 
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Figure 11.7 Ring assay. (© Richard C. Li.) 
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The Ouchterlony assay is named after the Swedish immunologist, Orjan Ouchterlony, who 
developed it. The assay can be performed in an agarose gel supported by a glass slide or polyes- 
ter film (Figure 11.8). Wells are created by punching holes in the gel layer at desired locations. 
Often, a pattern with six wells surrounding a center well is used. The antibody is loaded in the 
central well while the questioned samples and the controls are loaded in the surrounding wells. 
The double diffusion of the antigen and the antibody from the wells is allowed to occur during 
incubation. If the reaction is positive, a precipitate line between wells can be observed at the end 
of incubation. The precipitate can be stained, enhancing visibility to aid observation. A single 
assay can compare more than one antigen to determine whether the antigens in question react 
the same way or differently with the antibody (see Chapter 7). This method is sometimes used to 
determine whether samples have come from the same or different origins. 


11.3.1.2 Immunoelectrophoretic Methods 
Diffusion techniques can be combined with electrophoresis to enhance test results. Electro- 
phoresis separates molecules according to the differences in their electrophoretic mobility. 


11.3.1.2.1 Immunoelectrophoresis 

Immunoelectrophoresis (IEP) is a two-step procedure that can analyze a wide range of antigens. 
This technique uses electrophoresis to separate the antigen mixture prior to immunodiffusion 
(Figure 11.9). In the first step, the antigens in a sample are separated using agarose gel electrophoresis. 








Antibody Antigen 


Precipitate line 


Figure 11.8 Ouchterlony assay. (© Richard C. Li.) 
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(a) (@) (b) (c) (d) 
Figure 11.9 IEP assay. (a) Electrophoresis of antigens is carried out. (b) Various antigens are sepa- 
rated after electrophoresis. (c) Trough is cut. (d) Antibody is applied to the trough allowing diffusion 


to occur and forming precipitate lines. +, anode; —, cathode. (© Richard C. Li.) 
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Then, a trough is cut in the gel parallel to the array of antigens separated by electrophoresis. In the 
second step, an antibody is loaded in the trough and the gel is incubated for double diffusion. An 
arc-shaped precipitate line can be observed for a positive reaction. Multiple precipitate lines can 
occur if more than one antigen reacts with the antibody. The shapes, intensities, and locations of the 
precipitate lines of a known control and a questioned sample can be compared. 


11.3.1.2.2 Crossed Immunoelectrophoresis 

Crossed immunoelectrophoresis (CRIE), also known as two-dimensional IEP, is a modifica- 
tion of IEP. The first step utilizes electrophoresis to separate antigens contained in a sample 
(Figure 11.10). A strip of gel containing separated antigens is cut for the second round of elec- 
trophoresis. The gel including the gel strip is turned at a 90° angle and is further separated by a 
second-dimension electrophoresis. This drives the antigens from the gel strip into an agarose gel 
that contains uniformly distributed antibodies. Following the second-dimension electrophoresis, 
an arc-shaped precipitate line is formed. The area of the arc can be measured, and a sample can 
be identified by comparison with a known standard. This technique is more sensitive than IEP. 


11.3.1.2.3 Rocket Immunoelectrophoresis 


An antibody-containing agarose gel is used. The antigen is loaded into the well (Figure 11.11). 
Electrophoresis then drives the antigen from the well into the agarose gel. In a positive reaction, 
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Figure 11.10 CRIE assay. (a) Electrophoresis of antigens is carried out. (b) Various antigens are 
separated after electrophoresis. A strip of gel containing separated antigens is excised and then 
used for second-dimension electrophoresis. (c) As shown, second-dimension electrophoresis is car- 
ried out to drive the antigens into an antibody-containing gel; (d) arc-shaped precipitate lines are 
formed as a result. (© Richard C. Li.) 
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Figure 11.11 Rocket immunoelectrophoresis assay. Antigens are driven from the wells into an 
antibody-containing gel forming precipitate lines. (© Richard C. Li.) 
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e that both wires in the pair are soldered to the red wire. 





For those who need the schematics, this is what we just built: 





Hand-wound 


Single Battery Cell: forties tcucid 


Alkaline, NiCD, NiMH 
(0.3 - 1.5 V typ.) 


When the current flows through the coil and around the magnet, it produce an electromagnetic field (EMF). When the coil is not powered, the field 
collapses and produces an EMF kick in the coil that is of a higher voltage than the source was. The last of the electricity gets stored up in the field 
and released in large bursts to flicker the LED. The magnetic field oscillates so quickly that the blinking LED appears solid to the naked eye. 


Now, just plug your dead battery into the circuit and enjoy the eerie unblinking glow of the undead watching you as you sleep. This project works 
great for night lights and even garden path lights when paired with a light sensor. 


What could you light up with all your zombie batteries? Post your ideas and discussion in the forum. 


Diagram image from Evil Mad Scientist Laboratories 
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a rocket-shaped precipitate line can be observed. The height of the rocket is in proportion to the 
amount of antigen in the sample. Quantitation can be achieved by comparing standards and the 
sample in the same gel. 


11.3.1.2.4 Crossed-Over Immunoelectrophoresis 


This technique is also known as counterimmunoelectrophoresis (CIE). Two arrays of opposing 
wells are created by punching holes in the agarose gel (Figure 11.12). The antibody and samples 
are loaded in opposing wells arranged by pairs. Electrophoresis is used to drive the antigen and 
the antibody toward each other. The wells containing the antibody should be proximal to the 
anode and the wells containing the samples should be proximal to the cathode. During gel elec- 
trophoresis, the antigen, which is usually negatively charged, migrates toward the anode. The 
antibody migrates in the opposite direction as a result of electroendosmosis—a phenomenon in 
which the movement of molecules is caused by fluid flow. A precipitate line is formed between 
the opposing wells if the antigen reacts with its specific antibody. 


11.3.2 Agglutination-Based Assays 

Agglutination reactions can be used as forensic serological assays such as for blood group typing 
(Chapter 18) and menstrual blood identification (Chapter 16). Agglutination assays are qualita- 
tive, indicating the absence or presence of antigens or antibodies. Semiquantitative results can 
be obtained by titration (diluting the antigen or antibody). Many types of agglutination reac- 
tions are available; only those used in forensic serology are discussed next. 

Direct agglutination assays involve reactions in which an antibody interacts with antigens 
originally located on cell surfaces. In a hemagglutination reaction (Figure 11.13a), an antibody 
binds to the antigens located on erythrocytes. This method is used for the identification of blood 
types, for example, the testing of erythrocytes for ABO blood group typing. The assay can be 
carried out on a glass slide and the agglutination, as indicated by forming cell clumps, can be 
observed under a microscope (Chapter 18). The assay can also be carried out in a test tube. In 
a positive reaction, agglutinated cells are formed on the bottom of the test tube. Test tubes can 
also be centrifuged and then swirled to determine whether the cell clumps can be resuspended. 
Agglutinated cells cannot be resuspended. In a negative reaction, unagglutinated cells can be 
resuspended. 

In agglutination inhibition assays, the presence of an antigen in question is indirectly detected 
(Figure 11.13b). If a known antigen is added to a mixture consisting of antigen-containing cells 
and antibodies, the added antigen will compete with the antigen located on the cell surfaces for 
antibody binding and inhibit the agglutination reaction. Another indirect agglutination assay 
is the absorption-elution assay (Chapter 18), which can be used for ABO blood group typing. 

Passive agglutination assays are different from direct agglutination assays, in which the 
antigen is coated on the surface of carrier cells such as tannic acid-treated sheep erythrocytes. 
Tannic acid is considered to be a fixative. Treating with tannic acid can stabilize the carrier cells 
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Figure 11.12 Crossed-over immunoelectrophoresis assay. (© Richard C. Li.) 
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Figure 11.13 Agglutination-based assays. (a) Direct agglutination assay and (b) agglutination 
inhibition assay. Hemagglutination reactions are shown; antigens are located on erythrocytes. 
(c) Passive agglutination assay. (© Richard C. Li.) 
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for a subsequent coating of antigens. The carrier cells are then incubated with samples contain- 
ing antigens. A coating of antigens can be formed on the surfaces of carriers. Such antigen- 
coated carrier cells can then be agglutinated using an antibody that is specific to the absorbed 
antigens (Figure 11.13c). 


11.4 DNA Methylation Assays for Bodily Fluid Identification 

In the eukaryotic genome, methylation occurs at the cytosine residues commonly in the CpG 
dinucleotide sequences of both DNA strands. The “p” in CpG refers to the phosphodiester bond 
between cytosine and guanine. Cytosine methylation is carried out in vivo by methyltransferase 
(DNMT). DNMT catalyzes the transfer of a methyl group (CH;) from S-adenosylmethionine 
(SAM) to the C® position of cytosine (Figure 11.14). As a result, cytosine is converted to 
5-methylcytosine. Cytosine methylation is observed throughout the eukaryotic genomes in 
both the coding and intergenic regions located between genes. However, cytosine methylation is 
rare at CpG islands, which are stretches of DNA containing a high frequency of CpG dinucleo- 
tides in the regulatory regions of genes (Figure 11.15). It is implicated that cytosine methylation 
alters the chromatin structure and causes chromatin condensation. As a result, gene expression 
is usually inhibited by cytosine methylation. 

Genomic loci, known as tissue-specific differentially methylated regions (TDMRs), have been 
identified. TDMRs show differential DNA methylation patterns between different tissues. For 
example, semen-specific TDMRs are consistently hypomethylated in spermatozoa, which can 
be used to identify semen samples. Other TDMRs display varying degrees of methylation in 
different types of bodily fluids. This suggests that differential DNA methylation assays may be 
potentially useful for bodily fluid identification. 

The detection of DNA methylation can be carried out by a number of methods. Methylation- 
sensitive restriction enzyme digestion polymerase chain reaction (MSRE-PCR) can be used for the 
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Figure 11.14 Eukaryotic cytosine methylation catalyzed by methyltransferase. 
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Figure 11.15 Methylation at the cytosine residues in CpG dinucleotide sequences. Note that the 
CpG dinucleotide sequences are usually unmethylated in the promoter regions. Black circle: methyl- 
ated. Clear circle: unmethylated. Gray circle: partial methylated. (© Richard C. Li.) 
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rapid detection of DNA methylation. This method utilizes the methylation-sensitive restriction 
enzyme (MSRE). MSREs cleave DNA at unmethylated restriction sites, but they are not able to 
cleave once a cytosine residue is methylated. Thus, the methylated DNA remains intact. After 
PCR amplification, the methylated DNA is amplified and the amplicon is detected. In contrast, 
the unmethylated DNA is cleaved by the MSRE and cannot be amplified (Figure 11.16). Bisulfite 
sequencing is another widely used method. The genomic DNA is treated with sodium bisul- 
fite, which catalyzes the hydrolytic deamination of unmethylated cytosines (Figure 11.17). Asa 
result, unmethylated cytosines are converted to uracils, while methylated cytosines are resistant 
to conversion and remain unchanged. Next, uracils are replaced by thymines during PCR. After 
sequencing, the methylation sites can be deduced at a single-nucleotide resolution by comparing 
them with the reference sequence (Figure 11.18). Methyl-DNA immunoprecipitation (MeDIP) is 
a useful method for isolating methylated DNA. In this method, DNA is first sheared into frag- 
ments. The fragmented DNA is then treated with an antimethylcytosine antibody that binds to 
methylated cytosines. Methylated DNA fragments can then be isolated by immunoprecipitation 
for further analysis (Figure 11.19). 
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Figure 11.16 Methylation-sensitive restriction enzyme digestion PCR (MSRE-PCR) for the detec- 
tion of DNA methylation. This method utilizes the methylation-sensitive restriction enzyme (MSRE) 
such as Hhal. Hhal cleaves DNA at the unmethylated sequence GCGC but is not able to cleave 
once a cytosine residue is methylated (GCmGC). The Hhal-treated DNA is then PCR amplified. The 
Hhal uncleaved DNA results in an amplicon, indicating the presence of a methylated cytosine in the 
sequence. The Hhal cleaved DNA cannot be amplified, indicating the absence of methylated cyto- 
sine in the sequence. Me, 5-methylcytosine site; red arrow, PCR primers. (Adapted from Frumkin, 
D. et al., Forensic Sci Int Genet, 5, 517-524, 2011.) 
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Figure 11.17 Bisulfite conversion of 5-methylcytosine. 
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Figure 11.18 Schematic illustration of bisulfite sequencing of cytosine methylation. In a deamina- 
tion reaction, unmethylated cytosines are converted to uracil. PCR and DNA sequencing are then car- 
ried out. The retention of C indicates that the site was methylated; the conversion of C to T indicates 
that the site was unmethylated in the DNA sample. Me, 5-methylcytosines site. (© Richard C. Li) 
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Figure 11.19 Methylated DNA immunoprecipitation (MeDIP) for the detection of methylated DNA. 
Genomic DNA is randomly and mechanically sheared into fragments. Fragments are then denatured 
to single-stranded DNA. The fragments containing the methylated region can be immunoprecipitated 
using an antibody that specifically recognizes 5-methylcytosine. The methylated DNA sequence in 
the immunoprecipitated fragments can then be determined by DNA sequencing and methylation 
analysis. Me, 5-methylcytosine site; 5mC Ab, 5-methylcytosine antibody. (© Richard C. Li.) 





11.5 Forensic Applications of RNA-Based Assays and RNA Profiling 

11.5.1 Messenger RNA-Based Assays 

mRNA-based assays have been developed to identify bodily fluids for forensic investigation. In 
forensic pathological investigation, they can potentially be used for wound age estimation and 
the age of biological stains. The assays are based on the expression of certain genes in certain cell 
or tissue types. Candidate tissue-specific genes that may be useful for the identification of bodily 
fluids have been identified. Thus, the techniques that are used in the identification of bodily fluids 
are based on the detection of specific types of mRNA that are expressed exclusively in certain 
cells. The tissue-specific genes that are utilized for bodily fluid identification are summarized in 
Table 11.2. Additionally, reference genes that are constitutively expressed housekeeping genes are 
utilized as internal controls. The amount of mRNA can be assessed by normalizing the target 
gene to the expression level of the reference genes. Compared with conventional assays that are 
used for bodily fluid identification, the mRNA-based assay has higher specificity and is ame- 
nable to automation. However, one limitation is that the mRNA is unstable due to degradation by 
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Table 11.2 Representative Markers of mRNA-Based Assays for 


Bodily Fluid Identification 





Blood ALAS2 Aminolevulinatesynthase 2 
AMICA1 Adhesion molecule, interacts with 
CXADR antigen 1 
ANK1 Ankyrin1 
CD3G CD3 gammamolecule 
CD93 CD93 molecule 
HBAI1 Alpha 1 hemoglobin 
HBB Beta hemoglobin 
PBGD Porphobilinogen deaminase 
SPTB Beta spectrin 
Saliva HTN3 Histatin 3 
MUC7 Mucin 7 
STATH Statherin 
Semen KLK3 Kallikrein 3 (prostate-specific 
antigen) 
PRM1 Protamine 1 
PRM2 Protamine 2 
SEMG1 Semenogelin 1 
TGM4 Transglutaminase 4 


Vaginal secretions CYP2B7P1 Cytochrome P450, family 2, 
subfamily B, polypeptide 7 
pseudogene 1 


DKkK4 Dickkopf homolog 4 

FUT6 Fucosyltransferase 6 

HBD1 Beta defensin 1 

IL19 Interleukin 19 

MUC4 Mucin 4 

MYOZ1 Myozenin 1 

SFTA2 Surfactant associated 2 
Menstrual blood MMP7 Matrix metalloproteinase 7 

MMP11 Matrix metalloproteinase 11 
Skin CDSN Corneodesmosin 

LOR Loricrin 


(continued) 
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Table 11.2 (Continued) Representative Markers of mRNA-Based 
Assays for Bodily Fluid Identification 





Sources: Adapted from Bauer, M. and Patzelt, D., J Forensic Sci, 47, 1278- 
1282, 2002; Hanson, E.K. and Ballantyne, J., Sci Justice, 53, 
14-22, 2013; Lindenbergh, A., Maaskant, P., and Sijen, 
T., Forensic Sci Int Genet, 7, 159-166, 2013; Nussbaumer, 
C., Gharehbaghi-Schnell, E., and Korschineck, |., Forensic Sci Int, 
157, 181-186, 2006. 


endogenous ribonucleases. Additionally, bodily fluid stains collected from crime scenes are often 
exposed to ultraviolet (UV) light, moisture, and high temperature, which can promote mRNA 
degradation. Nevertheless, the successful detection of mRNA from aged samples is possible. 


11.5.2 MicroRNA-Based Assays 
The biological function of microRNAs (miRNAs) is to regulate gene expression. The mature 
miRNA strand associated with the RNA-induced silencing complex (RISC) binds to its tar- 
get mRNA. In animal cells, the mature miRNA forms a base pairing with its complementary 
sequence of the miRNA responsive element (MRE) within the 3’ untranslated regions (3’UTRs) of 
the target mRNA (Figure 11.20). A single miRNA can bind different mRNA transcripts encoded 
by multiple genes. Animal miRNAs usually form a base pairing with their target mRNAs through 
partial complementary sequences, which lead to translation repression to inhibit protein synthe- 
sis. If the base pairing is exactly complementary to its target mRNA sequence, then the cleavage 
and the degradation of the target mRNA occurs. Asa result, the synthesis of the protein encoded 
by the mRNA is reduced. Thus, miRNAs play important roles in cellular function. 

miRNAs have potential applications in forensic identification. Recent studies have revealed 
that miRNAs can be detected from various bodily fluids such as blood, saliva, semen, vaginal 
secretions, and menstrual blood. The type of miRNA expressed is not exclusively tissue- or 
cell-type specific. However, the expression patterns of specific miRNAs are unique for various 
bodily fluids. Thus, a bodily fluid in question can potentially be identified using multiple dif- 
ferentially expressed miRNAs as markers (Table 11.3). miRNA markers for bodily fluid iden- 
tification have their advantages compared with those of mRNA. Mature miRNAs are much 
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Figure 11.20 Schematic illustration of the roles of miRNA in translational inhibition. In animal 
cells, miRNAs bind to 3’UTR of their target MRNA with partially complementary Watson—Crick 
base pairing. As a result, the binding of miRNA to the target mRNA inhibits translation of the target 
mRNA. Eukaryotic 40S and 60S ribosomal subunits are shown. (© Richard C. Li.) 
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Table 11.3 Differentially Expressed miRNA Markers for 
Bodily Fluid Identification 


Biological Fluid 





Sources: Adapted from Courts, C. and Madea, B., J Forensic 
Sci, 56, 1464-1470, 2011; Hanson, E.K., Lubenow, 
H., and Ballantyne, J., Ana/ Biochem, 387, 303-314, 
2009; Wang, Z. et al., Forensic Sci Int Genet, 7, 
116-123, 2013; Zubakov, D. et al., /nt J Legal Med, 
124, 217-226, 2010. 


smaller, approximately 21-23 nucleotides in length, than mRNA. As a result, miRNAs are less 
susceptible to degradation and more stable than mRNAs. Additionally, the sensitivity of the 
miRNA-based method is much higher than that of the mRNA-based methods. 


11.6 Proteomic Approaches Using Mass Spectrometry 

for Bodily Fluid Identification 
The forensic application of proteomic approaches is to identify biomarker proteins derived from 
bodily fluids to determine the type of bodily fluid in question for forensic investigations. Mass 
spectrometry (MS) is a highly sensitive and rapid technique for protein identification from com- 
plex biological samples. 


11.6.1 Mass Spectrometric Instrumentation for Protein Analysis 

A mass spectrometer is an analytical technique to identify a molecule by measuring the ratio of 
the mass (m) to the charge (z) of a charged molecule (Figure 11.21). A typical mass spectrometer 
instrument analyzes ionized molecules while in its gas phase. A mass spectrometer consists 
of an ion source that converts analytes into gaseous phase ions, through a process known as 
ionization, by gaining a positive or a negative charge from a neutral species. The ions are then 
introduced into the mass analyzer of a mass spectrometer, where ions are accelerated under 
electric fields and separated based on their m/z ratio. The separated ions are detected by an ion 
detector that records the number of ions at each m/z value. The result of molecular ionization, 
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Figure 11.21 Diagram of tandem mass spectrometry. For the initial mass analysis of thermolabile 
analytes including peptides and proteins, soft ionization techniques such as matrix-assisted laser 
desorption ionization (MALDI) and electrospray ionization (ESI) can be used to produce original 
ions. MALDI utilizes a laser beam to trigger ionization and facilitate the vaporization of the analyte. 
In the ESI method, a fine mist of droplets is formed in the presence of a high electric field, produc- 
ing charged ions. In the first round of mass analysis, ions are separated based on their m7 ratio. 
A particular ion, called a precursor ion, is then selected for fragmentation, generating product ions. 
The fragmentation can be carried out using collision techniques such as collision-induced dissocia- 
tion (CID) by multiple collisions with rare gas atoms. Additionally, a new fragmentation technique, 
electron-capture dissociation (ECD), can be used in which the fragmentation is induced through the 
capture of a thermal electron by a protonated peptide cation. The product ions are analyzed by the 
second round of mass analysis and detected by an ion detector. MS, mass analyzer. (© Richard C. Li.) 








ion separation, and ion detection is a spectrum that can be used to determine the mass (or 
molecular weight) and potentially the structure of the molecule. 

Furthermore, biomarker proteins can be identified by peptide sequencing using the tandem 
mass spectrometry (MS/MS) mode of operation in which a mass spectrometer uses two or more 
mass analyzers. After an initial mass analysis, individual peptide ions in the mass spectrum can 
be selected. The selected ions are known as precursor ions. A precursor ion is then subjected to 
a second round of fragmentation through collision and is broken into smaller ions known as 
product ions. The resulting product ions are further analyzed by MS. Thus, the corresponding 
protein can be identified through searching a protein database, based on the mass of a specific 
peptide obtained. 


11.6.2 Analysis Strategies for Protein Identification 

To date, various MS-based protein identification strategies have been developed, which can be 
divided into two categories: “top-down” and “bottom-up” strategies (Figure 11.22). In the top- 
down strategy, intact proteins in a complex mixture are fractionated and separated into less 
complex protein mixtures or single proteins. Intact proteins are then analyzed using MS. A liq- 
uid chromatography-mass spectrometry (LC-MS) system can be used for such an application. 
The advantage of this approach is that an entire protein is analyzed for identification purposes. 
However, the throughput and efficiency of this approach is still a major challenge for large-scale 
sample analysis in forensic applications. 

The bottom-up strategy is commonly used for high-throughput analysis of small peptides 
derived from highly complex samples. Current MS usually cannot resolve the mass measure- 
ment of large proteins; rather, MS is ideal for the analysis of small peptides. One approach is 
the sort-then-break approach in which proteins in a complex mixture are first isolated and then 
enzymatically cleaved. The target proteins are isolated from their complex biological source 
using 1-D or 2-D gel electrophoresis (Chapter 18). The isolated proteins are then enzymatically 
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Figure 11.22 Top-down and bottom-up strategies for MS-based protein identification. LC, liquid 
chromatography; MS/MS, tandem mass spectrometry. (© Richard C. Li.) 


cleaved into small peptides, approximately 15 amino acids in length, using proteases such as 
trypsin. These peptides are then analyzed by peptide sequencing using tandem MS to identify 
the target protein. 

Break-then-sort, also known as the shotgun approach, is another approach of the bottom-up 
strategy. In this approach, proteins are cleaved first and the resulting peptide mixture is then 
separated by LC and analyzed by tandem MS (usually coupled to the LC). In a complex mixture, 
a peptide mass measurement alone is not sufficient for the identification of a target protein. 
Database searches are carried out utilizing software that compares the observed MS peptide 
spectra against all candidate spectra of the proteins that are present in a protein sequence (or 
translated from genomic DNA sequences) database for possible matches. Thus, a biomarker pro- 
tein can be identified. 


11.7 Microbial DNA Analysis for Bodily Fluid Identification 

Human bodies harbor a large number of microbes. It is estimated that there are over 10 times 
more microbial cells than human cells in and on the human body, in the nose, mouth, throat, 
intestine, vagina, and skin. This microbial community is referred to as the human microbiota. 
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It is known that the microbiota has an important influence on human health. A decade ago, the 
concept of the microbiome was proposed by Nobel laureate Joshua Lederberg to identify and 
characterize the microbiota, their genomes, and their environmental interactions in a defined 
community. Traditionally, the studies of microbial genomes rely on cultivated individual spe- 
cies. The disadvantage of cultivation-based methods, however, is that large numbers of micro- 
bial species cannot be successfully isolated because many microbial species require specific 
growth conditions. Based on the advances in DNA sequencing technologies, a new approach, 
known as metagenomics, has been developed. Instead of studying the genome of an individual 
cultivated microbial species, metagenomics allows the study of the microbial genome of com- 
plete microbial communities harvested directly from natural environments. Metagenomics has 
been a powerful tool to analyze the human microbiome. Recently, human microbiota have been 
surveyed, revealing that microbial diversity is greatest in the teeth and the intestines, intermedi- 
ate on the skin and the inside surface of the cheek, and lowest in the vagina (Table 11.4). More 
interestingly, each habitat is characterized by a small number of highly predominant bacterial 
taxa. The predominant taxa of each habitat can potentially be utilized for the forensic analysis 
of biological evidence. Bodily fluids identification is an important task in the forensic analysis of 
biological evidence. The detection of predominant taxa of bacteria can aid in the forensic iden- 
tification of a particular type of bodily fluid (Table 11.4). 


Table 11.4 Representative Microbiota that are Potentially Can Be Used for Forensic 
Identification 





Estimated 
Number of Potential 
Microbial Predominent Forensic DNA Further 
Body Habitats Species Taxa Applications Marker Reading 
Cheek 800 Streptococcus Saliva gtf Nakanishi 
spp. identification et al. 
(2011) 
Expirated gtf Donaldson 
blood et al. 
(2010) 
16S Power et al. 
rRNA (2010) 
Vagina 300 Lactobacillus Vaginal 16S Akutsu et 
spp. secretion rRNA al. (2012) 
identification | jjeseosel [rlonine and 
ISR Harbison 
(2010) 
Giampaoli 
et al. 
(2012) 
Gastrointestinal 4000 Bacteroides Fecal matter rpoB Nakanishi 
tract spp. identification et al. 
(2013) 
Skin 1000 Staphylococcus Touched 16S Fierer et al. 
spp. evidence rRNA (2010) 


identification 
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Figure 11.23. Schematic diagram of an Escherichia coli rRNA operon. E. coli has seven rRNA 
operons. A typical rRNA operon is shown. The rRNA operon encodes for three ribosomal RNA 
(rRNA) genes: the 5S and 23S genes code for the large ribosomal subunit, while the 16S gene 
encodes for the small ribosomal subunit. £. coli encodes one tRNA gene in the rRNA operon. 
The intergenic spacer regions (ISRs) and the promoter and terminator sequences are also shown. 
The rRNA operon is transcribed into a single precursor RNA transcript that is cleaved into separate 
rRNA and tRNA transcripts. The diagram is not to scale to the physical map of rRNA operons. 
(© Richard C. Li.) 


The detection of bacteria can be achieved by utilizing DNA markers. The most commonly 
used DNA markers are the essential genes present in all bacterial species. These markers have 
highly variable regions that can be used to distinguish various bacterial species. The DNA 
sequences within these variable regions can also suggest taxonomic relationships between dif- 
ferent taxa. Additionally, DNA markers contain conserved regions that are necessary for use as 
primer-binding sites for PCR-based detection. 

For example, the rRNA genes (Figure 11.23), encoding for the ribosomal RNA, are con- 
served in all living organisms including bacteria. The bacterial rRNA operon contains three 
rRNA genes: the 5S and 23S rRNA genes encode the RNA components of the large subunit 
of the ribosome, while the 16S rRNA gene encodes the RNA component of the small subunit 
of the ribosome. The 16S rRNA gene is the most commonly used marker for the taxonomic 
identification of bacteria. The bacterial 16S rRNA genes are similar in length, approximately 
1.5 kb. They contain highly conserved regions that can be used as primer-binding sites for the 
amplification of the adjacent DNA regions. Additionally, they contain variable regions that 
allow for taxonomic identification. In forensic applications, they are used as a marker for the 
identification of vaginal bacteria as an indicator of vaginal secretions (Chapter 16). However, 
the number of variable regions in the 16S rRNA genes of some bacteria species is limited. 
Furthermore, closely related species have high levels of sequence similarity to the 16S rRNA 
genes. Thus, the 16S rRNA gene marker is not adequate for distinguishing closely related 
species. 

DNA markers of bacteria identification can also be located in noncoding regions of DNA. 
The intergenic spacer region (ISR) between the 16S rRNA and 23S rRNA genes in the rRNA 
operon is another commonly used marker. The 16S-23S rRNA ISR contains both length and 
sequence variations between species. These variations are partially caused by the number and 
type of tRNA genes that this region of operon contains. For example, most gram-negative 
bacteria contain both a copy of the tRNA*" and the tRNA‘ genes, while some contain only a 
copy of the tRNAs8" gene. In contrast, most gram-positive bacteria have no tRNA gene; some 
contain either a copy of the tRNA*" gene or the tRNA‘® gene or both. Thus, heterogeneity in 
the length and in the sequence of the 16S-23S rRNA ISR allows bacteria to be identified at the 
species level. 
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In addition to rRNA genes, many other genes are utilized as DNA markers for bacterial 
species identification. For example, the rpoB gene encodes the f subunit of bacterial RNA poly- 
merase and is used as a marker for the forensic identification of fecal matter (Chapter 17). The 
sequence variation of the rpoB gene allows the distinguishing of species when they are not dis- 
tinguishable, using 16S rRNA gene sequences. Several oral streptococcal species that produce 
extracellular polysaccharides contain the gtf gene, which encodes glucosyltransferase. Thus, the 
gtf gene is a useful marker for oral streptococcal species identification as a potential indicator of 
saliva in forensic investigations. However, this marker cannot be used to identify bacteria other 
than streptococcus. Nevertheless, combining several DNA markers can be used for the identifi- 
cation of bacteria species. 


11.8 Nondestructive Assays for the Identification of Bodily Fluids 

Most of the bodily fluid identification techniques mentioned previously consume a portion 
of the evidence. When the amount of sample evidence is very limited, such destructive assays 
may consume the evidence that is also needed for subsequent forensic DNA analysis. Moreover, 
most of these tests are used for a single type of bodily fluid. Tests for multiple bodily fluids in 
question will consume additional amounts of the evidence. Therefore, nondestructive identi- 
fication techniques are highly desired. Additionally, it is important to develop an assay that 
can be utilized to test multiple types of bodily fluids. Furthermore, a portable device that can 
identify bodily fluids at a crime scene is very useful. It provides investigators with test results 
immediately to aid the crime scene investigations. Two techniques have been developed that 
can potentially be used for nondestructive bodily fluid identification: fluorescence spectros- 
copy and Raman spectroscopy. 

Fluorescence spectroscopy is one example of a nondestructive technique. Fluorescence is 
the emission of light by a fluorophore. A fluorophore is a moiety in a molecule that fluoresces 
on absorbing the energy from an excitation light source or radiation. The emitted light usu- 
ally has a longer wavelength and lower energy than the absorbed radiation. Constituents 
present in bodily fluids, such as nucleic acids, proteins, lipids, and metabolites, can exhibit 
fluorescence. The unique composition of a bodily fluid emits characteristic emission spec- 
tra, thus making it identifiable. Using multiple wavelengths of an excitation light source, 
fluorescent emissions at a wide range of wavelengths can be detected, which allows for the 
identification of various bodily fluids. This technique is sensitive and rapid. It does not uti- 
lize chemical reagents and the detection does not require physical contact with a sample. 
After identification, the same biological sample can be used for forensic DNA analysis. 
Additionally, portable fluorescence instruments can potentially be used at a crime scene for 
bodily fluid identification. However, it is not clear if exposure to an excitation light source 
can damage DNA evidence. 

Raman spectroscopy is another example of a nondestructive technique. Raman spectroscopy 
utilizes a near-infrared excitation light source and measures the scattering of laser light caused by 
the vibrating molecules of a sample. A typical Raman spectrum provides information about the 
molecular structure and the “signature” based on the properties of the constituents of a sample. 
Thus, it is possible to obtain unique Raman spectra for a particular type of bodily fluid. Raman 
spectroscopy is highly sensitive. The measurements can be carried out on very small amounts of 
sample, ranging from a few picoliters to femtoliters. This technique does not require any chemi- 
cal reagent. Additionally, it does not consume the sample, which can be used for subsequent 
DNA analysis. Raman spectroscopy has been utilized for various forensic purposes including the 
identification of drugs, trace evidence such as fibers, and questioned document evidence such as 
inks and paints. It can potentially be used for the nondestructive identification of various bodily 
fluids. A portable Raman spectrometer will allow bodily fluids to be identified at crime scenes. 
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Identification of Blood 


12.1 Biological Properties 

Blood constitutes about 8% of the human body weight of a healthy individual. Plasma is the fluid 
portion of the blood. The cellular portion of the blood consists of red blood cells, white blood 
cells, and platelets, all of which are suspended in the plasma (Figures 12.1 and 12.2). 


12.1.1 Red Blood Cells 

These cells are also called erythrocytes. Their life span in humans is approximately 3-4 months. 
Additionally, mature human erythrocytes do not have nuclei, and therefore lack nuclear DNA. 
Erythrocytes consist of hemoglobin—proteins that are responsible for the transportation of 
oxygen. Most adult human hemoglobin consists of four polypeptide chains, two « chains and 
two 6 chains. Thus, adult hemoglobin is designated as a,$,. Other forms of hemoglobin will be 
discussed in Chapter 18. Under normal physiological conditions, each hemoglobin subunit con- 
tains a heme moiety that binds to oxygen (Figure 12.3). A heme molecule consists of an organic 
component known as protoporphyrin IX and a ferrous (Fe**) iron ion (Figure 12.4). A heme 
molecule is also known as ferroprotoporphyrin. The ferrous ion of heme forms four bonds with 
the nitrogens of protoporphyrin IX, along with a fifth bond with a hemoglobin chain and a sixth 
bond with a molecule of O,. Other chemicals such as carbon monoxide and cyanide also bind to 
the ferrous iron of the heme molecule and can cause chemical asphyxia. Heme groups are also 
present in the blood of various animals and in other proteins such as myoglobin in muscles and 
neuroglobin in the brain. 


12.1.2 White Blood Cells 

Also called leucocytes, white blood cells are subdivided into three types: granulocytes, lym- 
phocytes, and monocytes. White blood cells are involved in defending the body against 
infection. They have nuclei and thus represent the main sources of nuclear DNA from the 
blood. 


12.1.3 Platelets 

These cells are also known as thrombocytes, and they play a role in blood clotting (Chapter 16). 
Platelets aggregate at sites of vascular and blood vessel injury. Like erythrocytes, they lack 
nuclei. 
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Figure 12.1 Basic composition of blood. Blood can be separated into two phases in the presence 
of an anticoagulant. The liquid portion called plasma accounts for approximately 55% of blood 
volume. The cellular elements include erythrocytes, leucocytes, and platelets. (© Richard C. Li.) 





Figure 12.2 Blood cells. (© Richard C. Li.) 


12.2 Presumptive Assays for Identification 

12.2.1 Mechanisms of Presumptive Assays 

Presumptive blood assays are designed to detect traces of blood. These assays are based on the 
basic principle of the oxidation-reduction reaction catalyzed by the heme moiety of the hemo- 
globin. As a result, colorless substrates catalyzed by heme undergo an oxidation reaction, caus- 
ing either chemiluminescence, fluorescence, or a change of color. These assays are very sensitive 
and can detect blood in samples with 10-°—10-°-fold dilutions. A positive reaction indicates the 
possible presence of blood. Additionally, most of these assays do not interfere with forensic DNA 
analysis. 
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Figure 12.3. Human adult hemoglobin. Four subunits, two « and two B chains, of human adult 
hemoglobin are shown. Each hemoglobin subunit contains a heme moiety. (© Richard C. Li.) 
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Figure 12.4 Chemical structures of heme and its precursor and derivatives. (a) Protoporphyrin IX. 
(b) Heme (ferroprotoporphyrin). (c) Hemochromagen, R=pyridine (pyridineferroprotoporphy- 
rin). (d) Hematin hydroxide, R=OH (ferriprotoporphyrin hydroxide); hematin chloride, R=Cl 
(ferriprotoporphyrin chloride). 
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12.2.1.1 Oxidation—Reduction Reactions 

An oxidation-reduction reaction involves a change in the oxidation state of a molecule. Specifically, 
the oxidation of a molecule means that the molecule has lost electrons, and the reduction of a mol- 
ecule means that the molecule has gained electrons. Chemicals that can be reduced and therefore 
gain electrons from other molecules are called oxidants. In contrast, reductants are chemicals that 
can be oxidized and therefore lose electrons to other molecules. In biochemical reactions, oxida- 
tion often coincides with a loss of hydrogen. Figure 12.5 depicts an example of an oxidation-reduc- 
tion reaction for blood identification. In presumptive assays, heme is utilized as the catalyst, and 
hydrogen peroxide is utilized as the oxidant for the reaction. In the presence of heme, a colorless 
substrate is oxidized, yielding a product with color, chemiluminescence, or fluorescence. 


12.2.2 Colorimetric Assays 

Many procedures are available for detecting heme in blood through color reactions. The most 
common agents are phenolphthalin, leucomalachite green, and benzidine derivatives. The color 
reactions produced by these assays can be observed immediately with the naked eye. 


12.2.2.1 Phenolphthalin Assay 

Phenolphthalein, a member of a class of indicators and dyes, is used in titrations of mineral and 
organic acids as well as most alkalis. The phenolphthalin assay for blood identification is also 
known as the Kastle-Meyer test. Kastle published a study in 1901, presenting the results of a 
reaction in which phenolphthalin, a colorless compound, is catalyzed by heme with hydrogen 
peroxide as the oxidant (Figures 12.6 and 12.7). The oxidized derivative is phenolphthalein, 
which appears pink under alkaline conditions. 


12.2.2.2 Leucomalachite Green (LMG) Assay 

Malachite green is a triphenylmethane dye. The leuco base form of malachite green is colorless 
and can be oxidized by the catalysis of heme to produce a green color. The reaction is carried out 
under acid conditions with hydrogen peroxide as the oxidant (Figures 12.8 and 12.9). 


12.2.2.3 Benzidine and Derivatives 
Historically, benzidine was used as an intermediate in dye manufacturing (Figure 12.10). 
Subsequently, it was used as a presumptive assay for the presence of blood after the discovery that 
the oxidation of benzidine can be catalyzed by heme to produce a blue to dark blue color (carried 
out in an acid solution). Since the blue color may eventually turn brown, the reaction must be read 
Heme 
AH, + H,0, ———» A + 2H,0 
(Colorless) (Color) 


Figure 12.5 Oxidation—reduction reaction as the basis for presumptive assays for blood identifica- 
tion. AH,, substrate; A, oxidized substrate. 


HO OH H,0, HO oO 
\ Heme 
ZA 
; COOH : COOH 


Phenolphthalin Phenolphthalein 
(a) reduced (colorless) (b) (c) oxidized (pink) 


Figure 12.6 Chemical reaction of phenolphthalin assay. 
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Figure 12.7 Photograph of phenolphthalin assay results. Negative (left) and positive (right) reac- 
tion. (© Richard C. Li.) 


N(CH3)5 


N(CH3)>5 


Heme 
N(CH3)5 CH3 
Leucomalachite green Malachite green 
reduced (colorless) oxidized (blue-green) 


Figure 12.8 Chemical reaction of leucomalachite green assay. 





Figure 12.9 Photograph of leucomalachite green assay results. Negative (left) and positive (right) 
reaction. (© Richard C. Li.) 
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Figure 12.10 Chemical structures of benzidine and derivatives: (a) benzidine; (b) orthotolidine; 
(c) tetramethylbenzidine. 


immediately. Benzidine was found to be a carcinogen and is therefore no longer used for forensic 
testing. Orthotolidine is a dimethyl derivative of benzidine. Its oxidation reaction can be catalyzed by 
heme to produce a blue color reaction under acidic conditions (Figure 12.11). Orthotolidine is also 
considered a potential carcinogen based on animal studies, and for this reason it has been replaced by 
tetramethylbenzidine. Tetramethylbenzidine (TMB) isa tetramethyl derivative of benzidine. The oxi- 
dation of TMB can be catalyzed by heme to produce a green to blue-green color under acidic condi- 
tions. TMB continues to be used. The Hemastix® assay kit (Miles Laboratories) is a TMB-based assay 
that utilizes a TMB-containing strip device. A test is carried out by applying a moistened sample to 
a Hemastix® strip. The appearance of a green or a blue-green color indicates the presence of blood. 


12.2.3 Chemiluminescence and Fluorescence Assays 

Other organic compounds whose oxidation products have chemiluminescent or fluorescent 
properties are utilized for testing. In the chemiluminescence assay, light is emitted as a product 
of a chemical reaction. In this category, luminol produces chemiluminescence when blood is 
present. In contrast, a fluorescence assay requires the exposure of an oxidized product, such as 
fluorescin, to a particular wavelength of an excitation light source. The fluorescence is then emit- 
ted at longer wavelengths than that of the excitation light source. 

One advantage of chemiluminescent and fluorescent reagents is that they can be sprayed 
over large areas where latent bloodstains are potentially located. A positive reaction identifies 
blood and also reveals the patterns of bloody impressions such as footprints and fingerprints. 
These methods are very sensitive and can pinpoint the locations of even small traces of blood. 
Additionally, they are useful for detecting blood at crime scenes that have been cleaned and 
show no visible staining. One disadvantage of chemiluminescent and fluorescent reagents is 
that precautions must be taken if stains are very small or have been washed. The spraying of 












H3C / CH3 H,0, H3C CH3 
= a \Heme 
HN \ y \ WA NH, = HN = NH 
Orthotolidine Orthotolidine 
reduced (colorless) oxidized (blue) 


Figure 12.11 Chemical reaction of orthotolidine assay. 
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presumptive assay reagents may further dilute a sample and thus lead to difficulty in isolating 
sufficient amounts of DNA for forensic DNA analysis. 


12.2.3.1 Luminol (3-Aminophthalhydrazide) 

Luminol is usually utilized as a chemiluminescent reagent. The oxidation reaction of luminol 
catalyzed by heme produces light in the presence of an oxidant (Figures 12.12 through 12.14). 
The light emitted from a positive reaction can only be observed in the dark, which limits the 


pe i 
~ H20 Z 
(7 NH \ime ( W ~o wy 
| | au XS re | + Ny + HO + Shve 
a na ~ a HAN 
NH, © NH, O 
Luminol 3-Aminophthalate 


Figure 12.12 Chemical reaction of luminol assay. 


m tre 
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to] 





Figure 12.13 Results obtained from testing a drop of blood on a glass plate with luminol. From left 
to right: drop of blood; drop of blood after spraying with luminol; drop of blood after spraying with 
luminol and viewing in the dark. A blue chemiluminescence indicates the presence of blood. (From 
Bergervoet, P.W., et al., J Hosp Infect, 68, 329-333, 2008. With permission.) 





Figure 12.14 Detecting latent bloodstains on a floor with luminol. Left: with the light on; right: 
immediately after the light is switched off. A blue chemiluminescence indicates the presence of 
blood traces. (From Bergervoet, P.W., et al., J Hosp Infect, 68, 329-333, 2008. With permission.) 
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applications of luminol. The photodocumentation of a luminol-enhanced pattern should be 
done immediately before it fades away. 


12.2.3.2 Fluorescin 

Fluorescin is another reagent that is used to test for the presence of bloodstains at a crime scene 
(Figures 12.15 and 12.16). When oxidized and catalyzed by heme, fluorescin demonstrates fluo- 
rescent properties. Usually, fluorescin-sprayed stains are exposed to light in the range of 425- 
485 nm using an alternate light source device. In a positive reaction, the oxidized fluorescin 
emits an intense yellowish-green fluorescent light, which indicates the presence of a bloodstain. 
The light emitted from fluorescin-sprayed stains lasts longer than that of luminol. 


12.2.4 Factors Affecting Presumptive Assay Results 
The catalytic assays discussed in the previous sections are not specific to blood only, which can 
possibly lead to the observation of false-positive or false-negative results (Figure 12.17). 


12.2.4.1 Oxidants 

Chemicals that are strong oxidants may cause a false-positive reaction. Such chemicals can 
catalyze the oxidation reaction even in the absence of heme and result in a false-positive reac- 
tion. Certain metal salts, such as copper and nickel salts, household bleaches and cleaners that 
contain hypochlorite ions, and hair-coloring products that contain hydrogen peroxide, work as 
oxidants. To address this problem, a two-step catalytic assay should be performed. The substrate 


HO ° O ; OH 
; COOH 


Figure 12.15 Chemical structure of fluorescein. 





Figure 12.16 Detecting diluted bloodstains on black cotton fabric with fluorescin (left) and Bluestar 
(right). (From Finnis, J., Lewis, J., and Davidson, A., Sci Justice, 53, 178-186, 2013. With permission.) 


(1) Oxidant 
(2) Peroxidase 


AH, + H,0, << A +  2H,0 


(colorless) (3) Reductant (color) 


Figure 12.17 Factors affecting presumptive assay results. Strong oxidant and peroxidase may 
cause false-positive results; reductant may cause false-negative results. 
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is applied first to the sample in question. A color change occurring before the addition of hydro- 
gen peroxide indicates a false-positive result due to a possible oxidant in the sample. Ifa color 
change is observed after the addition of hydrogen peroxide, the result is a true positive. 


12.2.4.2 Plant Peroxidases 

Many types of plants such as horseradish contain peroxidases. Plant peroxidases may also cata- 
lyze oxidation reactions and lead to false-positive results. However, plant peroxidases are usu- 
ally heat sensitive and may be inactivated by high temperatures. Because the heme molecule is 
relatively stable at high temperatures, samples can be retested after heating. This will inactivate 
any plant peroxidases in a sample. 


12.2.4.3 Reductants 

Although not common, a false-negative result can occur when a strong reductant is present in 
a sample. Strong reductants such as certain metal ions including lithium and zinc may inhibit 
the oxidation reaction. 


12.3 Confirmatory Assays for Identification 

12.3.1 Microcrystal Assays 

Microcrystal assays apply chemicals to treat bloodstains, forming crystals of heme molecules. 
The morphologies of the resulting crystals are distinctive for heme and can be compared with a 
known standard using a microscope. A positive microcrystal assay strongly indicates the pres- 
ence of blood. However, confirmatory assays are usually not as sensitive as presumptive assays. 
Additionally, these assays cannot distinguish between human and animal blood. 


12.3.1.1 Hemochromagen Crystal Assay 

Hemochromagens are heme derivatives in which the ferrous iron of the heme forms two bonds 
with nitrogenous bases (Figure 12.4). The method for forming hemochromagen crystals was 
documented in 1864. Since then, various modifications have been reported. The Takayama crys- 
tal assay, published in 1912, has been the method preferred by many forensic laboratories. A 
bloodstain is treated with pyridine and glucose (a reducing sugar that is capable of reducing ferric 
ion) under alkaline conditions to form crystals of pyridine ferroprotoporphyrin (Figure 12.18). 





Figure 12.18 Microcrystal assays using the Takayama method. (© Richard C. Li.) 
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Figure 12.19 Microcrystal assays using the Teichmann method. (From James, S.H., Nordby, J.J., 
and Bell, S., Forensic Science: An Introduction to Scientific and Investigative Techniques, 4th edn., 
CRC Press, Boca Raton, 2014. With permission.) 


12.3.1.2 Hematin Crystal Assay 

This assay is also known as the Teichmann crystal assay. In 1853, Teichmann documented a 
method of forming crystals of blood specimens. When blood specimens are treated with glacial 
acetic acid and salts, and subsequently heated, hematin chloride (ferriprotoporphyrin chloride), 
a prismatic brown-colored crystal, is formed (Figure 12.19). Hematin (Figure 12.4) is a heme 
derivative; its iron is in the ferric (Fe**) state. This hematin assay has a similar sensitivity and 
specificity as hemochromagen assays. The hematin assay has the advantage of being more reli- 
able than hemochromagen assays for aged blood samples. 


12.3.2 Other Assays 

Additional techniques may be used to confirm the presence of hemoglobin. For example, chro- 
matographic and electrophoretic methods can identify hemoglobin by its mobility characteris- 
tics. Spectrophotometric methods for identifying hemoglobin are based on measurements of the 


Table 12.1 Application of RT-PCR Assay for Blood Identification 





HBA1 Hemoglobin «1 Hemoglobin «1 chain Waye and Chui (2001) 
(abundant in erythrocytes) 
PBGD Porphobilinogen _Erythrocyte-specific isoenzyme Gubin and Miller (2001) 
deaminase of heme biosynthesis pathway 
SPTB 6-Spectrin Subunit of major protein of Amin et al. (1993) 
erythrocyte membrane 
skeleton 


Source: Adapted from Juusola, J. and Ballantyne, J., Forensic Sci Int, 152, 1-12, 2005; 
Nussbaumer, C., Gharehbaghi-Schnell, E., and Korschineck, |., Forensic Sci Int, 157, 
181-186, 2006. 

a Also known as hydroxymethylbilane synthase (HMBS). 
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characteristic light spectra, with peak absorbance at 400-425 nm, absorbed by hemoglobin and 
its derivatives. Finally, immunological methods utilize antihuman hemoglobin antibodies. This 
antibody can be used to detect human hemoglobin and thus indicate the presence of human 
blood (see Chapter 13). 

Recently, RNA-based assays have been developed to identify blood. These assays are based on 
the fact that certain genes are specifically expressed in certain cell types (Chapter 11). Thus, the 
techniques used in the identification of blood are based on the detection of specific types of mes- 
senger RNA (mRNA) that are expressed exclusively in erythrocytes. These assays utilize reverse 
transcriptase polymerase chain reaction (RT-PCR; see Chapter 7) methods to detect the gene 
expression levels of mRNAs for blood identification. Table 12.1 summarizes the tissue-specific 
genes utilized for blood identification. Compared with conventional assays that are used for 
blood identification, the RNA-based assays have higher specificity and are amenable to automa- 
tion. However, one limitation is that RNA is unstable due to degradation by endogenous and 
environmentally born ribonucleases. 
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Species Identification 


Chapter 12 discussed the principles of the identification of blood. Ifa stain is identified as blood, 
the evidence can be tested to determine whether the blood is of human origin. If the bloodstain 
is nonhuman, further analysis is usually not necessary. 

Before forensic DNA techniques were implemented, species identification was largely deter- 
mined by serological methods. Currently, most forensic laboratories perform DNA quantita- 
tion prior to DNA profile analysis. The quantitation method specifically detects higher-primate 
DNA. The presence of DNA measured by the quantitation assays concurrently identifies a sam- 
ple as being of human origin (since crimes involving primate blood are extremely rare). Thus, 
species identification is usually not performed in forensic laboratories. 

Nevertheless, species identification assays can be useful for screening to exclude or elimi- 
nate nonhuman samples unrelated to an investigation. Thus, it is practical for small laboratories 
to eliminate unnecessary analyses due to time and budget constraints. Additionally, species 
identification kits such as immunochromatographic devices allow field testing by crime scene 
investigators. 

In cases involving the killing, trading, and possession of products derived from species that 
are protected from illegal hunting, it may be necessary to identify the animal species prior to 
further analysis. Species identification using DNA analysis can be performed using commonly 
used loci at the mitochondrial cytochrome b gene (Cytb), the cytochrome c oxidase I gene (CON), 
and the D-loop region. This type of identification is usually within the scope of wildlife forensic 
science and is thus not discussed here. 


13.1 General Considerations 

Most assays for species identification are based on serological techniques, including primary 
and secondary binding assays. The most common primary binding assays are immunochro- 
matographic assays. The most commonly used secondary binding assays are precipitation-based 
assays that rely on the binding of an antigen to an antibody, causing the formation of visible 
precipitation. These precipitation-based assays include ring assays, Ouchterlony assays, and 
crossed-over immunoelectrophoresis. These assays utilize antihuman and antianimal antibod- 
ies to identify human and animal species, respectively. 


13.1.1 Types of Antibodies 

An antihuman antibody that is used in the identification of human samples can be made by 
introducing human serum into a host animal, which then produces specific antibodies against 
the human serum proteins. Antibodies produced from different species of host animals may 
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produce variations in the characteristics of reactions. Since albumin is the most abundant pro- 
tein in human serum, the antihuman antibody that is produced reacts strongly with human 
albumin. Albumin is a protein that plays important roles in the maintenance of the vascular 
circulating fluid and the transportation of various substances such as nutrients, hormones, and 
metabolic products. Blood is drawn from the host animal and the serum portion is collected. 
The collected serum is a polyclonal antihuman antiserum containing a mixture of antibodies 
against various human serum proteins. Likewise, an antibody against animal serum proteins 
can also be made to identify animal species of interest. 

Other antibodies such as antihuman hemoglobin (Hb) antibodies can also be used to identify 
the human origin of a sample. Hb is an oxygen-transport protein that is found in erythrocytes 
(Chapter 12). Purified Hb can be used to generate monoclonal and polyclonal antihuman Hb 
antibodies. Likewise, antibodies recognizing glycophorin A (GPA), a human erythrocyte mem- 
brane antigen (see Section 13.2.1.2), can also be produced in a similar manner. 


13.1.2 Titration of Antibodies 

Recall that the ratio of antigen to antibody is critical for the success of a secondary reaction 
(Chapter 10). An extreme excess of antigen or antibody concentrations can inhibit secondary 
reactions. The prozone and postzone phenomena must be considered, and the concentrations of 
antigen and antibody must be carefully determined for forensic serology assays. For instance, 
in the prozone situation, a false-negative reaction may occur due to the presence of a high con- 
centration of antibody. 

Quality-control procedures can be used to estimate the amount of a specific antibody 
that is present, often via titration (Figure 13.1). To titrate an antiserum, a series of dilutions 
are made and each dilution is then tested for activity using precipitation or agglutination 
methods. The reciprocal of the highest dilution giving a positive reaction is known as the 
titer. This reflects the amount of antibody in the antiserum. Additionally, the polyclonal 
antiserum is a mixture of antibodies; thus, the reaction of the antiserum may vary from 
animal to animal (of the same species). Each lot or batch of antiserum must be validated by 
titration. 


13.1.3 Antibody Specificity 
In addition to the titer, the specificity of the antihuman antibody must be tested. Most 
antihuman antibodies usually have cross-reactivity with higher primates. This is not a great 


Figure 13.1 Titration of antibodies. Serum is serially diluted and a constant amount of antigen is 
applied to each tube. The mixture is incubated, allowing agglutination to occur. The reciprocal of the 
highest dilution giving a positive agglutination reaction is 64 (the titer). (© Richard C. Li.) 
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concern because crimes involving nonhuman primates are very rare. Nevertheless, the antihu- 
man antibody must not cross-react with other commonly encountered animals. Antisera and 
positive control samples must be validated for cross-reactivity. Tissue specificity must also be 
validated. The antiserum against human serum is usually reactive with other human biological 
fluids such as semen and saliva. 


13.1.4 Optimal Conditions for Antigen—Antibody Binding 

A number of factors can affect antigen-antibody binding. For example, increasing ionic 
strength can inhibit the binding of an antigen and an antibody. Stronger inhibition is usu- 
ally observed for ions with large ionic radii and small radii of hydration. It is believed that 
the lower degree of hydration permits interactions of ions and the antibody-binding site, 
leading to inhibition. A proper buffer system must be selected in serological assays to ensure 
reliable results. The introduction of polymers can facilitate precipitation in secondary bind- 
ing reactions because the presence of a polymer in a solution decreases the solubility of pro- 
teins. Linear hydrophilic polymers with high molecular weights (e.g., polyethylene glycol) are 
preferred. Additional factors such as temperature and pH can also affect antigen-antibody 
binding. 


13.2 Assays 

Samples can be prepared by cutting out a portion of a stain or scraping stains from a surface. 
A sample is usually extracted with a small volume of saline or buffer. The extracted sample can 
be tested using the assays described in the following subsections. Controls should be included, 
for example, by using a known human serum as a positive control and an extraction blank as a 
negative control. 


13.2.1 Immunochromatographic Assays 

Immunochromatographic assays are rapid, specific, and sensitive and can be used in both labo- 
ratory and field tests for species identification. Two types of assays are discussed, including those 
based on the detection of human erythrocyte proteins. Chapter 11 discusses the principle of 
immunochromatographic assays in more detail. 


13.2.1.1 Identification of Human Hemoglobin Protein 

Commercially produced immunochromatographic kits such as the Hexagon OBTI (Human 
Gesellschaft fiir Biochemica und Diagnostica mbH, Wiesbaden) and the ABAcard HemaTrace® 
(Abacus Diagnostics, California) are available. They utilize the antibody-antigen-antibody 
sandwich method by using antibodies that recognize human Hb. The ABAcard HemaTrace 
assay utilizes a labeled monoclonal antihuman Hb antibody contained in a sample well, and a 
polyclonal antihuman Hb antibody immobilized at a test zone of a nitrocellulose membrane. 
Additionally, an antiglobulin that recognizes the antibody is immobilized onto a control zone 
(Figure 13.2). 

A sample can be prepared by cutting a small portion (2 mm diameter) of a stain or a swab. 
Each sample is extracted for 5 min in 2 mL of extraction buffer. A longer extraction time may be 
used for older stains. The samples are loaded into the sample well, and the antigen in the sample 
binds to the labeled antibody in the well to form an antigen-antibody complex, which then 
diffuses across the nitrocellulose membrane. At the test zone, the solid-phase antihuman Hb 
antibody binds to the antigen-antibody complex to form a labeled antibody-antigen—antibody 
sandwich. 

The ABAcard HematTrace® uses a pink dye that is visualized in a positive result as a pink 
horizontal line at the test zone (Figure 13.3). In the control zone, unbound labeled antihuman 
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Figure 13.2 Immunochromatographic assays for the identification of Hb in human blood. (a) In 
a sample well, Hb in a blood sample is mixed with a labeled anti-Hb Ab. (b) The Hb binds to 
the labeled anti-Hb Ab to form a labeled Ab—Hb complex. The complex diffuses toward the test 
zone. (c) At the test zone, the labeled Ab—Hb complex binds to an immobilized anti-Hb Ab to 
form a labeled Ab—Hb-—Ab sandwich. (d) At the control zone, the labeled anti-Hb Ab binds to an 
immobilized antiglobulin and is captured. Ab and Hb represent the antibody and hemoglobin, 
respectively. (© Richard C. Li.) 


Hb antibody binds to the solid-phase antiglobulin. This antibody-antiglobulin complex at the 
control zone also produces a pink horizontal line. The test is considered valid only if the line in 
the control zone is observed. The presence of human Hb results in a pink line at both the test 
and control zones. The absence of human Hb results in a pink line in the control zone only. A 
positive result can appear in less than a minute. 

Validation studies have revealed that the sensitivity of the ABAcard HemaTrace® can beas low 
as 0.07 g/mL of Hb. The normal blood Hb concentration is 14-18 and 12-16 g/dL among males 
and females, respectively. This assay is more sensitive than the Kastle-Meyer assay (Chapter 12). 
Additionally, the assay is responsive to aged stains and degraded materials. Specificity studies 
have shown that it is specific for blood of higher primates, including humans. However, it is also 
responsive to seminal stains, and oral, vaginal, anal, and rectal swabs. It is believed that these 
biological fluids contain very low amounts of Hb, which can still be detected by highly sensitive 
assays. However, if the concentration of blood is too high, a false negative can result due to the 
high-dose hook effect described in Chapter 11. 


13.2.1.2 Identification of Human Glycophorin A Protein 

Commercially produced immunochromatographic kits such as RSID™-Blood (Independent 
Forensics, Hillside, IL) use antibodies that recognize human GPA (Figure 13.4). A labeled 
monoclonal antihuman GPA antibody is contained in a sample well, and a second monoclonal 
antihuman GPA antibody, to a different epitope of GPA, is immobilized onto a test zone of the 
membrane. An antiglobulin that recognizes the antibody is immobilized onto a control zone 
(Figure 13.5). 
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Figure 13.3. Human blood identification using immunochromatic devices. Top: In an assay 
using an ABAcard Hematrace device, the negative (left) and positive (right) results are shown. 
The “C” band indicates that the test is valid. The “T” band indicates the presence of human 
blood. The sample well is labeled “S.” (© Richard C. Li.) Bottom: The positive (left) and nega- 
tive (right) results are shown using a Hexagon-OBTI device. The “C” band indicates that the 
test is valid. The “T” band indicates the presence of human blood. (From Ramsthaler, F., et al., 
Postmortem interval of skeletal remains through the detection of intraosseal hemin traces. A 
comparison of UV-fluorescence, luminol, Hexagon-OBTI(R), and Combur(R) tests. Forensic Sci 
Int, 209, 59-63, 2011. With permission.) 


The sample can be collected by cutting out a small portion of a stain or a swab. The sample is 
then extracted overnight in an extraction buffer. The extract is removed and mixed with a run- 
ning buffer. The assay is carried out by loading the extracted sample into the sample well. Again, 
the presence of GPA results in a pink line at both the test zone and the control zone, while the 
absence of GPA results in a pink line in the control zone only. The test is considered valid only if 
the line in the control zone is observed. A result can be read after 10 min. 

Validation studies revealed that the sensitivity of the RSID kit can be as low as 100 nL of 
human blood. Species specificity studies showed no cross-reactivity with various animal spe- 
cies, including nonhuman primates. Biological fluid specificity studies revealed that the kit is 
not responsive to other human biological fluids such as semen, saliva, urine, milk, and amniotic 
and vaginal fluid. No high-dose hook effects were observed in samples containing up to 5 pL of 
blood. 
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Extracellular domain 





Cytosolic domain 


Figure 13.4 Diagram of the structure of glycophorin (GPA) protein. GPA is a transmembrane pro- 
tein on the human erythrocyte membrane. A GPA dimer is shown. The extracellular domain of the 
GPA is glycosylated with carbohydrate side chains (red). Various GPA epitopes are antigenic deter- 
minants of several blood group systems. (© Richard C. Li.) 
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Figure 13.5 Immunochromatographic assays for the identification of GPA in human blood. (a) In a 
sample well, GPA in a blood sample is mixed with a labeled anti-GPA Ab. (b) The GPA binds to the 
labeled anti-GPA Ab to form a labeled Ab—GPA complex. (c) At the test zone, the labeled Ab—GPA 
complex binds to an immobilized anti-GPA Ab to form a labeled Ab—GPA-Ab sandwich. (d) At the 
control zone, the labeled anti-GPA Ab binds to an immobilized antiglobulin and is captured. Ab and 
GPA represent the antibody and GPA protein, respectively. (© Richard C. Li.) 
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13.2 Assays 


13.2.2 Double Immunodiffusion Assays 

13.2.2.1 Ring Assay 

Chapter 11 discussed the basic principle of ring assay in detail. In this double immunodiffu- 
sion assay, an antihuman antibody reagent is placed at the bottom of a test tube and a blood- 
stain extract is placed on top of the bottom layer, as illustrated in Figure 13.6. The procedure is 
described in Box 13.1. In a positive reaction, a white precipitate between the two layers observed 
after several minutes indicates that a sample is of human origin. If the bloodstain extract is not 
human, no precipitation should appear. 


13.2.2.2 Ouchterlony Assay 

The basic principle of this double immunodiffusion assay has also been discussed in Chapter 11. 
The procedure of the Ouchterlony assay is described in Box 13.2. In a positive reaction, a line 
of precipitate will form between each antigen well and antibody well. This assay can also deter- 
mine the similarity of the antigens (Figure 13.7). During the diffusion process, different anti- 
gen-antibody complexes migrate at different rates. Consequently, a separate line of precipitate 
will appear in the gel for each antigen-antibody complex. In an assay in which two antigens are 
loaded in adjacent wells and an antibody in the third well, the following results can be observed: 


% If the two antigens are identical, the two lines will become fused. This phenomenon is 
referred to as identity. 


&, If the two antigens are totally unrelated, the lines will cross each other but not fuse; 
this is known as nonidentity. 


8, Ifthe two antigens are related (share a common epitope) but are not identical, the lines 
will merge with spur formation. The spurs are continuations of the line formed by the 
antigen due to its unique epitope. This phenomenon is known as partial identity. 


Thus, in a species test, a positive result is noted when the precipitate lines for the positive 
controls and the samples fuse. No spur formation should be observed. 


13.2.3 Crossed-Over Electrophoresis 

This method is a combination of immunodiffusion and electrophoresis (also see Chapter 11). 
The procedure for the assay is described in Box 13.3. With this technique, a sharp precipitate 
band is visualized in a positive reaction (Figure 13.8). However, false-negative results can occur 
due to the postzone phenomenon, in which excess antigen may inhibit precipitation. In this 


Antigen Cc) 

solution | 
= 

— —~ nt . [ 
+4 Ring of precipitate 


Antiserum 


Figure 13.6 Ring assay. The antigen solution is carefully applied over the antiserum solution. 
Incubation may be necessary in order to form a ring of precipitate. (© Richard C. Li.) 
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BOX 13.1 RING ASSAY PROCEDURE 


Sample preparation and extraction 


e Extract a portion of a stain with saline at 4°C overnight. 


Controls 


e Include a positive control (known human serum sample) and a negative control 
(extraction blank). 


Loading of antibody and samples 


e Spin the antihuman antibody in a microfuge and transfer the supernatant into 
test tubes or capillary tubes (depending on the volume of the stain and the anti- 
serum extracted). 

e Place the sample carefully over the top of the antiserum solution, which is usually 
denser than the sample. 


Immunodiffusion reaction 


e Carry out the reaction at room temperature. 

¢ Ina positive reaction, white precipitate between the two layers can be observed 
after several minutes. This indicates that the sample is of human origin. No pre- 
cipitate is formed if a bloodstain extract is from a nonhuman origin. 


BOX 13.2 OUCHTERLONY ASSAY PROCEDURE 


Sample preparation and extraction 


e Cut out a small portion (approximately 5x5 mm) of a stain or a portion of a 
swab. 

e Extract at room temperature in 100 pL of water for 30 min. The extract can be 
diluted if necessary. Alternatively, a very small piece of the stain or swab can be 
inserted directly into the well. 


Controls 


e Positive (known serum) 
e Negative (extraction blank) 
e Substrate controls (extraction of substrate from unstained area) if applicable 


Agarose gel preparation 


Heat a suspension of agarose (4%) until liquefied. Cool the solution in a water bath at 55°C. 
Pour the agarose onto a piece of glass slide and let the gel solidify to a thickness of about 
2-3 mm. Alternatively, a polyester support film such as GelBond (Cambrex, New Zealand) 
can be used as a gel support. The agarose should be poured onto the hydrophilic side of a 
piece of GelBond film (6 9 cm). Punch wells consisting of a central well surrounded by 
four wells using a template. 
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Loading antibodies and samples 
e Apply antihuman antibody to the central well. Apply the positive control to one 
of the surrounding wells. 
e Apply the sample(s) in question next to a positive control. 
e Apply negative and substrate controls to the remaining wells; only one negative 
control is needed per gel. 


Immunodiffusion reaction 


Incubate the plate overnight in a moisture chamber at 37°C. 


Staining 

Soak the gel overnight in saline solution and then soak it in deionized water for 10 min. 
Repeat once. Dry the gel between paper towels with a weight on top for 30 min. Dry in an 
oven for 30 min. Stain the gel with Coomassie blue. Stained precipitate bands appear blue. 
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Figure 13.7 Results of Ouchterlony assay. Ab indicates an antibody. Ag] and Ag2 are the antigen 
samples in question. (a) Identity. The two antigens are identical (fused line). (b) Nonidentity. The 
two antigens are unrelated (spur). (c) Partial identity. The two antigens are related but not identical 
(fused line with spur). (© Richard C. Li.) 


situation, the sample can be diluted and the assay can be repeated. False-negative results can 
also occur due to simple mistakes made during electrophoresis: 


8, Electrophoresis is carried out in the opposite direction, which results in samples run- 
ning off the gel. 


8, Electrophoresis is carried out using an incorrect buffer system, affecting antigen- 
antibody binding. The amount of current applied during the electrophoresis is too 
strong and generates heat and denatures proteins. 
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BOX 13.3. CROSSED-OVER ELECTROPHORESIS PROCEDURE 


Sample preparation and extraction 


e Cut out a small portion (~5 x5 mm) ofa stain or a portion of a swab. 

e Extract at room temperature in 100 pL of water for 30 min. The extract can be 
diluted if necessary. Alternatively, a very small piece of the stain or swab can be 
inserted directly into the well. 


Controls 


e Positive (known serum) 
e Negative (extraction blank) 
e Substrate (extraction of substrate from unstained area) if applicable 


Agarose gel preparation 


Heat a suspension of agarose (4%) until liquefied. Cool the solution in a water bath at 55°C. 
Pour the agarose onto a piece of glass slide and let it solidify. Alternatively, a polyester sup- 
port film such as GelBond can be used as a gel support. The agarose should be poured onto 
the hydrophilic side of a piece of GelBond (6x9 cm). Punch small wells (about 1-2 mm) 
in rows using a template. 


Loading antibodies and samples 


e Apply antihuman antibody in one row of wells. 
e Apply samples in the other row of wells. Apply the positive, negative, and sub- 
strate controls. 


Electrophoresis 


Submerge the agarose gel in an electrophoresis tank in proper orientation. The wells con- 
taining antihuman antibody should be closest to the anode (positive electrode) and the 
wells containing samples should be closest to the cathode (negative electrode). During 
electrophoresis, the antibody in the antiserum should migrate toward the cathode while 
the antigen migrates toward the anode. Electrophoresis is carried out at 10 V/cm for 
20 min. 


Staining 
Soak the gel overnight in a saline solution and then soak it in deionized water for 10 min. 
Repeat once. Dry the gel between paper towels with a weight on top for 30 min. Dry in 


an oven for 30 min. Stain the gel with Coomassie blue. Stained precipitate bands appear 
blue. 
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Figure 13.8 Results of crossed-over electrophoresis. A precipitate line is formed between a human 
blood sample and an antihuman antibody. No precipitate line is formed when the antihuman anti- 
body is tested for an animal blood sample. A precipitate line is formed between the animal blood 
sample and the antianimal antibody. (© Richard C. Li.) 
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Identification of Semen 


14.1 Biological Characteristics 

A typical ejaculation releases 2-5 mL of semen, which contains seminal fluid and sperm cells 
(spermatozoa). A normal sperm count ranges from 10’ to 10° spermatozoa per milliliter of 
semen. The spermatozoa are formed from spermatogonia in the seminiferous tubules of the tes- 
tes. This process of generating spermatozoa is referred to as spermatogenesis (Figure 14.1). The 
spermatozoa are then transported and stored in the tubular network of the epididymis where 
they undergo functional maturation (spermatogenesis and maturation take approximately 
3 months). The epididymis joins the ductus deferens, which transports matured sperm from 
the epididymis to the ejaculatory duct. From there, spermatozoa follow the ejaculatory ducts 
into the prostatic urethra where they are joined with secretions from the prostate. Figure 14.2 
illustrates the anatomy of the male reproductive system. 

Seminal fluid is a complex mixture of glandular secretions. A typical sample of seminal fluid 
contains the combined secretions of several accessory glands. Seminal vesicle fluid accounts 
for approximately 60% of the ejaculate. Various proteins secreted by the seminal vesicles play a 
role in the coagulation of the ejaculate. Additionally, seminal vesicle fluid contains flavin, which 
causes semen to fluoresce under ultraviolet light, often utilized when searching for semen-stain 
evidence. 

Prostatic fluid secretions account for approximately 30% of the ejaculate. The components of 
this fluid are complex as well. This portion of semen contains high concentrations of acid phos- 
phatase (AP) and prostate-specific antigen (PSA). Both are useful markers for the identification 
of semen in forensic laboratories. The epididymis and the bulbourethral secretions each account 
for approximately 5% of the ejaculate. 

A vasectomy is the surgical removal of a bilateral segment of the ductus deferens. The sur- 
gery prevents spermatozoa from reaching the distal portions of the male reproductive tract. 
However, a vasectomized male can still produce ejaculate that contains only seminal vesicle 
fluid, prostatic fluid, and bulbourethral fluid. The condition by which males have abnormally 
low sperm counts is known as oligospermia. Azoospermia is a condition that causes males to 
produce no spermatozoa. However, the secretion of seminal fluid is not affected in males who 
have these conditions. DNA derived from epithelial cells can be isolated from the seminal 
fluids of these individuals. 


14.1.1 Spermatozoa 

A human spermatozoon has three morphologically distinct structures: the head, the middle 
piece, and the tail (Figure 14.3). The head contains a nucleus with densely packed chromo- 
somes. At the tip of the head is the acrosomal cap, which is a membranous compartment 
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Figure 14.1 Spermatogenesis. In the seminiferous tubules (left) of the testes, spermatogonia 
(located at peripheral area of the seminiferous tubules) are differentiated to spermatids (located 
at the center of the seminiferous tubules). The spermatids are eventually differentiated to matured 
spermatozoa (right). (© Richard C. Li.) 
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Figure 14.2 Male reproductive system and accessory glands (unilateral view). (© Richard C. Li.) 


containing enzymes essential for fertilization. The head is attached to the middle piece 
through a short neck where the mitochondria that provide the energy for moving the tail are 
located. The tail or flagellum is responsible for spermatozoon motility. In contrast to other 
cell types, a mature spermatozoon lacks various intracellular organelles such as an endo- 
plasmic reticulum, Golgi apparatus, lysosomes, and peroxisomes. In a normal male, at least 
60% of spermatozoa have normal morphology, so morphological abnormalities can often be 
observed. 
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Figure 14.3. Structure of spermatozoon. (© Richard C. Li.) 


14.1.2 Acid Phosphatase 

Acid phosphatase (AP) consists of a group of phosphatases with optimal activity in an acidic pH 
environment. The greatest forensic importance of AP is that the prostate-derived AP contributes 
most of the AP activity present in semen. AP levels in semen are not affected by vasectomies. AP 
isoenzymes are also found in other tissues (Section 16.2). 

The half-life of AP activity at 37°C is 6 months. However, the half-life is decreased ifa sample 
is stored in a wet environment. AP activity can be detected from dry seminal stains stored at 
-20°C up to 1 year. Low levels of prostatic AP are present in the sera of healthy males. Elevated 
levels of prostatic AP found in serum are useful in diagnosing and monitoring prostate car- 
cinoma. Many AP tests utilized in clinical testing may be used to identify semen for forensic 
applications. 


14.1.3 Prostate-Specific Antigen 

Prostate-specific antigen (PSA) is a major protein present in seminal fluid at concentrations of 
0.5-2.0 mg/mL. PSA is produced in the prostate epithelium and secreted into the semen. PSA 
can also be found in the paraurethral glands, perianal glands, apocrine sweat glands, and mam- 
mary glands. Thus small quantities can be detected in urine, fecal material, sweat, and milk. 
PSA can also be found at much lower levels in the bloodstream. An elevated plasma PSA is 
present in prostate cancer patients, and it is widely used as a screening test for this disease. PSA 
is also elevated in cases of benign prostatic hyperplasia and prostatitis. The synthesis of PSA is 
stimulated by androgen, a steroid hormone. 

PSA is a protein that has a molecular weight of 30 kDa and is thus also known as P30. It 
is responsible for hydrolyzing semenogelin (Sg), which mediates gel formation in semen 
(Section 14.1.4). PSA is a member of the tissue kallikrein (serine protease) family and is encoded 
by the KLK3 locus located on chromosome 19. In addition to PSA, other tissue kallikreins 
encoded by KLK2 and KLK¢4 loci are expressed in the prostate. The half-life for PSA in a dried 
semen stain is about 3 years at room temperature. The half-life is greatly reduced when a sample 
is stored in wet conditions. 


14.1.4 Seminal Vesicle-Specific Antigen 

Human seminal vesicle-specific antigen (SVSA) includes two major types, semenogelin I 
(SgI) and semenogelin II (SgII), and constitutes the major seminal vesicle-secreted protein 
in semen. On ejaculation, SVSA forms a coagulum that is liquefied after a few minutes due 
to the degradation of SVSA by PSA. In humans, both SgI and SgI] are present in a number 
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of tissues of the male reproductive system, including the seminal vesicles, ductus deferens, 
prostate, and epididymis. They are also present in several other tissues such as skeletal 
muscle, kidney, colon, and trachea. They have also been found in the sera of lung cancer 
patients. 

The use of Sg as a marker for semen identification instead of PSA presents certain advantages. 
The concentration of Sg in seminal fluid is much higher than that of PSA, and this is beneficial 
for the sensitivity of detection. Sg is present in seminal fluid and absent in urine, milk, and 
sweat, where PSA can be found. Although Sg compounds are present in skeletal muscle, kidney, 
and colon, this is not a great concern because these tissue samples are not routinely collected for 
semen detection in sexual assault cases. 


14.2 Analytical Techniques for Identifying Semen 

The location of semen stains is usually carried out through visual examination. Particularly, 
the application of alternate light sources (ALSs) can facilitate searches for semen stains. The 
presumptive identification of semen is largely based on the detection of the presence of prostatic 
AP activity in a sample. However, most presumptive assays cannot completely distinguish pros- 
tatic AP from nonprostatic AP. Confirmatory assays for the identification of semen are available, 
including the microscopic examination of spermatozoa, the identification of PSA and SVSA, 
and the RNA-based assay. 


14.2.1 Presumptive Assays 


14.2.1.1 Lighting Techniques for Visual Examination of Semen Stains 

Lighting techniques can be used to aid in searching for semen stains. A dried semen stain fluo- 
resces under certain light sources such as ALSs or argon lasers. ALSs are most commonly uti- 
lized for the visual examination of semen stains (Chapter 1; Figures 14.4 and 14.5). Excitation 
wavelengths between 450 and 495 nm can be used, allowing for the visualization of fluorescence 
with orange goggles. However, this approach is not specific for semen. Other bodily fluid stains, 
such as saliva and urine stains, can also fluoresce with less intensity. Additionally, the intensity 
of the fluorescence can be affected by different colors of substrates, and the material, such as 
clothing, where semen stains have been deposited. 





Figure 14.4 A tabletop ALS device (left) for the detection of semen stains (right). (© Richard 
C. Li.) 
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(click on any picture to see larger version) 


NOTE: 'NSFC' is my former call. 
This project was constructed while that call was valid, and you may observe references to it. 


The RF Probe is one of the handiest accessories you can have around the shack. Using only 3 electronic 
components, it may rank as one of the simplest and cheapest homebrew projects. The one featured here cost 
about $10 in parts and supplies, not counting the wire, which I scrounged. When used with a high-impedance 
DC Voltmeter, it can be used to measure RF voltage (and power), trace RF signals in a new design, and 
troubleshoot malfunctioning RF circuits. It has its limits, of course, and we'll discuss those here. But once you 
understand how it's used, and how easy it is to build, you'll wonder why you never built one before. 





What's an RF probe, and how does it work? 


You might think of an RF probe as a special test lead that converts your regular ol' DC voltmeter to a RF reading 
voltmeter. Why not just read it using your trusty voltmeter, set on AC? Well, because most voltmeters wont read 
AC signals having a frequency above 10 or 100 KHz, and RF is way above that. [You can buy special RF- 
reading voltmeters, but they're very expensive... a homebrew RF probe is dirt-cheap]. Let's examine how an RF 


Probe works. 
a + Ok 


Classic Peak Rectifier Simplified RF Probe 


Above left, we see the schematic of a classic half-wave peak rectifier, commonly seen in power supplies. It's 
pupose is to take an AC signal at the input (usually from a transformer or the AC line), rectify it, and charge a 
capacitor. If you don't take a lot of power from the circuit (i.e., if your load doesn't draw a lot of current), the 
capacitor charges up to the peak voltage of the AC signal, and stays prettty much constant. Notice the simplicity 
of the circuit: not counting the load, we see it is an AC Source, a diode, and a capacitor in series. 


Above right, we see a simplified schematic of the RF Probe. At first glance, it looks quite different from the 
circuit at the left. But notice: just like the first, it consists of an AC Source, a diode, and a capacitor in series. It's 
pupose is to take an AC signal at the input (usually from a circuit under test), rectify it, and charge a capacitor. 


http://www.n5ese.com/rfprobe1.htm 
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14.2 Analytical Techniques for Identifying Semen 





Figure 14.5 Examining a garment for semen stains. (a) A potential semen stain (labeled) is found 
on a garment, and (b) the stain fluoresces when irradiated with an ALS device. (© Richard C. Li.) 


14.2.1.2 Acid Phosphatase Techniques 

14.2.1.2.1 Colorimetric Assays 

Colorimetric assays can be used for the presumptive identification of semen. The AP contained 
in semen can hydrolyze a variety of phosphate esters. It catalyzes the removal of the phosphate 
group from a substrate (Figure 14.6). Subsequently, an insoluble colored precipitate at sites of 
acid phosphatase activity is formed with a stabilized diazonium salt (usually in the form of zinc 
double salts). 


O 
II Acid i 
tio vt phosphatase =f oH a R—OH 
HO (@) 
Phosphate monoester Phosphate Alcohol 


Figure 14.6 Reaction catalyzed by acid phosphatases (EC 3.1.3.2). The optimal pH of the reaction 
is usually under pH 7. 
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However, interference during a test by nonprostatic AP isoenzymes (multiple forms of AP), 
such as contamination by AP commonly present in vaginal secretions (Chapter 16), can create 
problems in specimens collected from victims. Thus, it is desirable to be able to increase the 
specificity of the assay for prostatic AP. One solution is the application of substrates that are 
hydrolyzed rapidly by the prostatic enzyme and at a slower rate by the other forms of AP iso- 
enzymes. For example, a-naphthylphosphate and thymolphthalein monophosphate are more 
specific to prostatic AP than phenyl phosphate and 4-nitrophenyl phosphate (Figure 14.7). The 
most common method for forensic applications is the use of a-naphthyl phosphate as a sub- 
strate. In the presence of AP, a-naphthylphosphate is hydrolyzed to phosphate and a-naphthol. 
Subsequently, the Fast Blue B, a stabilized diazonium salt, is added to carry out an azo coupling 
reaction, producing a purple azo dye (Figures 14.8 through 14.10). 

Prostatic AP is water soluble. Thus, a moistened cotton swab or piece of filter paper can be 
used to transfer a small amount of sample from a stain by briefly pressing onto the questioned 
stain area. The a-naphthylphosphate reagent is added to the swab or filter paper followed by the 
addition of Fast Blue B reagent. If a purple coloration develops within 1 min, the test is consid- 
ered a positive indication for semen. Color that develops after more than 1 min may arise from 
the activity of nonprostatic AP. 

Additionally, the prostatic enzyme is strongly inhibited by dextrorotatory tartrate ions. Thus, 
these inhibitors, particularly tartrate, allow a distinction to be made between prostatic AP and 
other AP isoenzymes. Prostate and vaginal acid phosphatase can also be distinguished by using 
gel electrophoresis (Chapter 16). 
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Figure 14.7 Chemical structures of acid phosphatase substrates. (a) a-Naphthyl phosphate, 
(b) thymolphthalein monophosphate, (c) phenyl phosphate, (d) 4-nitrophenyl phosphate, and (e) MUP. 
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Figure 14.8 A colorimetric acid-phosphatase assay. In this assay, a-naphthylphosphate is 
hydrolyzed by acid phosphatase to phosphate and a-naphthol. The a-naphthol is subsequently 
converted into a purple azo dye with a diazonium salt such as Fast Blue B salt. AP, acid 
phosphatase. 
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Figure 14.9 AP colorimetric assay. (a) A small amount of sample from the stain is transferred 
using a moistened cotton swab. (b) The substrate reagent is applied, followed by adding Fast Blue 
B reagent. (c) Purple coloration indicates a positive reaction. (© Richard C. Li.) 
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Figure 14.10 Photo of a colorimetric acid-phosphatase assay using a-naphthylphosphate as a 
substrate. (© Richard C. Li.) 
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Figure 14.11 The principle of MUP assay for detecting acid phosphatase activity. In the presence 
of acid phosphatase, 4-methylumbelliferone phosphate (MUP) is hydrolyzed, forming phosphate 
and 4-methylumbelliferone (MU), which fluoresces. AP, acid phosphatase. 


14.2.1.2.2 Fluorometric Assays 


Fluorometric methods are more sensitive than the colorimetric detection of AP and are used for 
semen stain mapping. AP catalyzes the removal of the phosphate residue on a 4-methylumbel- 
liferone phosphate (MUP) substrate (Figure 14.11), a reaction that generates fluorescence under 
ultraviolet light. A piece of moistened filter paper, marked for proper orientation and identifica- 
tion, is used for transferring the prostatic AP. The evidence to be tested, a garment for example, 
is covered by the filter paper. Gloved hands are used to press the filter paper onto the stained 
area, ensuring that the evidence is in close contact with the paper. The filter paper is lifted from 
the evidence and examined in a dark room using long-wave ultraviolet light to detect any back- 
ground fluorescence, which is then marked on the paper. The paper can then be sprayed with 
MUP reagent in a fume hood. The AP reaction on the paper can be visualized immediately. Areas 
where semen is present can be visualized as fluorescent areas on the filter paper (Figure 14.12). 


14.2.2 Confirmatory Assays 


14.2.2.1_ Microscopic Examination of Spermatozoa 

The cells from a questioned stain on an absorbent material can be transferred to a microscope 
slide by extracting a small portion of a stain with water, followed by gentle vortexing. The sus- 
pension is then transferred to a slide and evaporated at room temperature or fixed with low heat. 
Alternatively, it can be transferred by dampening the stain with water and rubbing or rolling it 
onto a microscope slide. 
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Figure 14.12 Fluorometric assay of acid phosphatase for locating semen stains. Evidence item 
(a) is closely covered by a piece of moistened filter paper (b) to allow transfer of a small amount of 
stain. The orientation of the paper is marked (c). The paper is lifted. The background fluorescence 
is marked under UV light (d). The filter paper is treated with MUP (e). The presence of fluorescence 
under ultraviolet light indicates semen stains (f). (© Richard C. Li.) 


Microscopic identification of spermatozoa provides the proof of a seminal stain. Histological 
staining can facilitate microscopic examination. The most common staining technique is the 
Christmas tree stain (Figure 14.13). The red component known as Nuclear Fast Red (NFR) is a 
dye used for staining the nuclei of spermatozoa in the presence of aluminum ions. The green 
component, picroindigocarmine (PIC), stains the neck and tail portions of the sperm. The acro- 
somal cap and the nucleus stain pink-red, and the sperm tails and the midpiece stain blue-green. 
Epithelial cells, if present in the sample, appear blue-green and have red nuclei. Additionally, 
fluorescent detection utilizing SPERM HY-LITER Fluorescent Staining Kit can facilitate the 
identification of spermatozoa. 

Laser capture microdissection (LCM) has been shown to be an effective technique for sepa- 
rating spermatozoa from nonsperm cells (ie., epithelial cells from the victim) on a glass slide 
(Figure 14.14). This technique involves using a thin layer of a thermosensitive polymer that is 
placed on the surface of an LCM cap. Once spermatozoa are identified on the slide under a 
microscope, a polymer-containing LCM cap is placed over the spermatozoa on the slide. An 
infrared laser melts the polymer and causes it to adhere only to the targeted spermatozoa. The 
spermatozoa are then lifted off the slide. This allows spermatozoa to be separated and placed 
into snap-cap tubes for forensic DNA analysis. 


14.2.2.2 Identification of Prostate-Specific Antigen 

Over the years, a number of methods have been utilized to detect PSA: immunodiffusion, 
immunoelectrophoresis, enzyme-linked immunosorbent assay (ELISA), and immunochro- 
matographic assays. ELISA and immunochromatographic assays have been found to be the 
most sensitive methods (Chapter 11). 


14.2.2.2.1 Immunochromatographic Assays 


Commercially produced immunochromatographic kits such as the PSA-check-1 (VED-LAB, 
Alencon), Seratec® PSA Semiquant (Seratec Diagnostica, Géttingen), and One Step ABAcard 
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Figure 14.13. Human spermatozoa stained with Christmas tree stain. (a) Staining spermatozoa on 
a microscope slide and (b) stained spermatozoa. (© Richard C. Li.) 





Figure 14.14 A microscopic device for fluorescent detection utilizing SPERM HY-LITER Fluorescent 
Staining Kit (left) and a laser-capture microdissection device for separating sperm cells from other 
types of cells (right). (© Richard C. Li.) 


PSA® (Abacus Diagnostics, California) are available. These devices utilize antihuman PSA anti- 
bodies. In the ABAcard PSA® assay, a labeled monoclonal antihuman PSA antibody is con- 
tained in a sample well, a polyclonal antihuman PSA antibody is immobilized on a test zone of 
a nitrocellulose membrane, and an antiglobulin that recognizes the antibody is immobilized on 
a control zone (Figures 14.15 and 14.16). 
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Figure 14.15 Immunochromatographic assays for identification of PSA in semen. (a) In a sample 
well, PSA in a semen sample is mixed with labeled anti-PSA Ab. (b) The PSA binds to the labeled 
anti-PSA Ab to form a labeled Ab—PSA complex. (c) At the test zone, the labeled complex binds to 
an immobilized anti-PSA Ab to form a labeled Ab—PSA-—Ab sandwich. (d) At the control zone, the 
labeled anti-PSA Ab binds to an immobilized antiglobulin and is captured at the control zone. Ab 
and PSA represent antibody and prostate-specific antigen, respectively. (© Richard C. Li.) 





Figure 14.16 Semen identification using an immunochromatic device (ABAcard PSA). The negative 
(left) and positive (right) results are shown. The “C” band indicates that the test is valid. The “T” 
band indicates the presence of human blood. The sample well is labeled as “S”. (© Richard C. Li.) 


267 


Forensic Biology, Second Edition 


The assay is carried out by loading an extracted sample into the sample well. The antigen 
in the sample binds to the labeled antibody in the sample well to form an antigen-antibody 
complex. The complex then diffuses across the nitrocellulose membrane. At the test zone, the 
immobilized antihuman PSA antibody binds with the antigen-antibody complex to form an 
antibody—antigen—antibody sandwich. The ABAcard PSA® uses a pink dye that allows for the 
visualization of a positive test with a pink line at the test zone. In the control zone, unbound 
labeled antihuman PSA antibody binds to the immobilized antiglobulin. This antibody-anti- 
globulin complex at the control zone also results in a pink line. The test is considered valid only 
if the line in the control zone is observed. 

The presence of human PSA results in a pink line at both the test and control zones. The 
absence of human PSA produces a pink line in the control zone only. A positive result can 
appear within 1 min; a negative result is read after 10 min. However, the high-dose hook effect, 
an artifact that may cause false-negative results (Chapter 10), occurs when high quantities of 
seminal fluid are tested. 


14.2.2.2.2 ELISA 


The ELISA method can be used to detect PSA with anti-PSA antibodies. The most common 
method used in forensic serology is antibody sandwich ELISA, in which an antibody-antigen- 
antibody sandwich complex is formed (Figure 14.17). The intensity of the signal can be detected 
and is proportional to the amount of bound antigen. The amount of PSA can also be quantified 
by comparing a standard with known concentrations. Although this method is specific and 
highly sensitive, it is time-consuming. Chapter 11 discusses the principle of ELISA in further 
detail. 
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Figure 14.17 Use of ELISA for identification of PSA in semen. (a) Sample containing PSA is 
applied to polystyrene tubes in which anti-PSA Ab is immobilized. (b) The PSA binds to immobilized 
Ab to form a PSA-Ab complex. (c) A second anti-PSA Ab, specific for a different epitope of PSA, is 
added to form an Ab—PSA-Ab sandwich. (d) A labeled antiglobulin then binds to the Ab—PSA-Ab 
sandwich. The bound antiglobulin can be detected by various reporting schemes. Ab and PSA rep- 
resent antibody- and prostate-specific antigen, respectively. (© Richard C. Li.) 
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14.2.2.3 Identification of Seminal Vesicle—Specific Antigen 

14.2.2.3.1 Immunochromatographic Assays 

Commercially produced immunochromatographic kits include the RSID®-Semen test 
(Independent Forensics, Hillside, IL) and the Nanotrap Sg. In the RSID®-Semen assay, a labeled 
monoclonal anti-Sg antibody is contained in a sample well, and a second monoclonal anti-Sg 
antibody, to a different epitope of Sg, is immobilized on the test zone of the membrane. An anti- 
globulin that recognizes the antibody is immobilized on a control zone (Figure 14.18). 

The sample can be prepared by cutting a small portion of a stain or a swab and is extracted 
for 1-2 h in an extraction buffer (200-300 pL). Approximately 10% of the extract is removed 
and mixed with the running buffer. The assay is carried out by loading an extracted sample 
into the sample well. The antigen in the sample binds to the labeled anti-Sg antibody in the 
sample well to form a labeled antibody-antigen complex that then diffuses across the mem- 
brane. At the test zone, the solid-phase anti-Sg antibody binds with the labeled complex to 
form a labeled antibody-antigen—antibody sandwich. The antigen in the sample produces a 
pink line at the test zone. In the control zone, unbound labeled anti-Sg antibody binds to the 
solid-phase antiglobulin. This labeled antibody-antiglobulin complex at the control zone also 
results in a pink line. The presence of Sg generates a pink line at both the test and control 
zones. The absence of Sg results in a pink line in the control zone only. Results may be read 
after 10 min. 

Validation studies have revealed that the sensitivity of the RSID-Semen kit for detecting 
seminal fluid can be as low as a 5 x 104-fold dilution. Species specificity studies have shown no 
cross-reactivity with various animal species including ruminants and small mammals. Bodily 
fluid specificity studies have also shown that the assay is not responsive to human blood, saliva, 
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Figure 14.18 Immunochromatographic assays for identification of semenogelin (Sg) in semen. 
(a) In a sample well, Sg in a semen sample is mixed with labeled anti-Sg Ab. (b) Sg binds to the 
labeled anti-Sg Ab to form a labeled Ab—Sg complex. (c) At the test zone, the labeled complex 
binds to an immobilized anti-Sg Ab to form a labeled Ab—Sg—Ab sandwich. (d) At the control zone, 
the labeled anti-Sg Ab binds to an immobilized antiglobulin and is captured at the control zone. Ab 
represents antibody. (© Richard C. Li.) 


269 


Forensic Biology, Second Edition 


urine, sweat, fecal matter, milk, or vaginal secretions. The assay results are not affected by con- 
dom lubricants or spermicides such as nonoxynol-9 and menfegol. However, the high-dose hook 
effect occurs when more than 3 pL of seminal fluid is tested. 


14.2.2.3.2 ELISA 


Identification of Sg for semen detection has also been carried out with ELISA. Anti-Sg antibod- 
ies are utilized. An antibody—antigen—antibody sandwich complex is formed (Figure 14.19). The 
intensity of the colorimetric or fluorometric signals can be detected spectrophotometrically and 
is proportional to the amount of bound antigen. The amount of Sg can be quantified by compar- 
ing a standard with known concentrations. 


14.2.2.4 RNA-Based Assays 

RNA-based assays (Chapter 11) have been developed to identify semen. The assays are based 
on the expression of certain genes in certain cell or tissue types. Thus, the techniques used in 
the identification of semen are based on the detection of specific types of mRNA expressed 
exclusively in spermatozoa and in certain cells of male accessory glands. These assays uti- 
lize reverse transcriptase polymerase chain reaction (RT-PCR; see Chapter 7) methods to 
detect gene expression levels of mRNAs for semen identification. Table 14.1 lists the tissue- 
specific genes utilized for semen identification. Compared to conventional assays used for 
semen identification, the RNA-based assay has higher specificity and is amenable to automa- 
tion. However, one limitation is that the RNA is unstable due to degradation by endogenous 
ribonucleases. 


Labeled 
{ Sg Anti-Sg Ab antiglobulin 
(different epitope) < 





Anti-Sg Ab 


€ £ 
I 


iy * 
a 














i. 





(a) (b) (©) (d) 


Figure 14.19 Use of ELISA for identification of semenogelin (Sg) in semen. (a) Sample containing 
Sg is applied to polystyrene tubes in which anti-Sg Ab is immobilized. (b) Sg binds to immobilized 
Ab to form a Sg—Ab complex. (c) A second anti-Sg Ab, specific for a different epitope of Sg, is added 
to form an Ab-Sg—Ab sandwich. (d) A labeled antiglobulin then binds to the Ab—Sg—Ab sandwich. 
The bound antiglobulin can be detected by various reporting schemes. Ab represents antibody. 
(© Richard C. Li.) 
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And just like the first circuit, If you don't take a lot of power from the circuit (1.e., if your load doesn't draw a lot 
of current), the capacitor charges up to the peak voltage of the AC signal, and stays prettty much constant. 


What's the difference between these two circuits, then? One small little thing, really. In the first circuit (the half- 
wave peak rectifier), any positive DC component gets added to the voltage at the output. In the second circuit 
(the RF Probe), the circuit is insensitive to positive DC components. This is good for an RF probe, because we're 
going to be testing circuits with DC biases applied, and we don't want those biases to affect our readings (we're 
interested in the AC only, 1.e., the RF) 


In both these circuits, if we place a DC (not AC) voltmeter at the place where it says "+" and "-" we'll read a DC 
voltage that is approximately equal to the peak of the applied AC voltage. If we knew our applied AC was a 
sinusoidal signal (or sine wave), then we could divide our reading by 1.414 to obtain the RMS value, which is 
the way we usually measure AC voltages. Even if it's not a sinusoid, at least we know what the peak voltage is, 
and that's something we didn't know before we started. 


We'll do one more little trick to make the RF Probe more useful, and it will only cost us the addition of a 2-cent 
resistor. So that we don't have to manually divide our readings by 1.414, we'll use a resistor to create a voltage 
divider that will do it for us. Here's a classic voltage divider, added to our RF Probe circuit: 


47M 


11M 


As we know from elemental electronic theory, the voltage across the second resistor (where it says "+" and "-") 
is equal to the applied voltage multiplied times the ratio of the second resistance divided by the total resistance 
in series. In our case, for a sinusoidal input, we know the applied DC voltage is equal to the PEAK of the AC 
voltage. We would like the resistor divider to divide by 1.414, which means that the total resistance in series 
(including the second resistor) needs to be equal to 1.414 times the second resistance. In our example circuit, 
shown above, the second resistor is 11 Megohms, and the total series resistance is 11 Megohms PLUS 4.7 
megohms, or 15.7 Megohms. Is this ratio 1.414? Pretty close, about 1.427, closer than the typical resistor 
tolerances. 


But wait! I said we would add one resistor, not two! What's up with that? Well, the 11 Megohms is the typical 
input resistance of a high-impedance voltmeter, like an electronic VTVM or a digital voltmeter. As long as it's 
10-11 Megohms, it'll give results close enough for government work (HI). Obviously, it's important to know 


what your voltmeter's input resistance is, and you can find this out in your voltmeter's specifications, or measure 
it (I wont get into that). And really, accuracy is often not that important, especially when you're signal-tracing. 


Enough! Let's get real... let's build something! 


Here's a complete schematic of the classic RF Probe. Simple, eh? 


http:/Awww.ndese.com/rfprobe1.htm 2/6 
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Identification of Saliva 


15.1 Biological Characteristics of Saliva 

The human salivary glands produce 1.0-1.5 L of saliva daily. About 70% of saliva is produced 
from the submandibular salivary glands, 25% from the parotids, and 5% from the sublingual 
salivary glands (Figure 15.1). Although a continuous basal level of saliva secretion is maintained, 
alarge amount of saliva is produced during eating. Saliva is largely water containing small quan- 
tities of electrolytes, proteins, antibodies, and enzymes. The digestion of carbohydrates in the 
diet begins in the oral cavity, where amylase in the saliva breaks down carbohydrates such as 
starch. Thus, detecting amylase indicates the presence of saliva. 


15.1.1 Amylases 

Amylases are enzymes that cleave polysaccharides such as starches, which are composed of 
D-glucose units connected by al—4 linkages. Starches contain two types of glucose polymers: 
amylose and amylopectin (Figure 15.2). Amylose consists of long, linear chains of glucose resi- 
dues connected by «14 linkages. Amylopectin is highly branched and consists of linear chains 
of glucose residues connected by a1—4 linkages with the branch points connected by al>6 
linkages. Both linear amylose and amylopectin can be hydrolyzed by amylase by cleaving the 
chains at alternate «14 linkages. Amylase cleaves off one maltose (two glucose units) at a time. 
However, the «16 linkages at the branch points are not cleaved by the amylase. 

Two types of amylases are characterized. B-Amylases found in plant and bacterial sources 
cleave only at the terminal reducing end of a polysaccharide chain. The end of a chain with a 
free anomeric carbon (not involved in a glycosidic bond) is called the reducing end. Human 
a-amylases cleave at «14 linkages randomly along the polysaccharide chain. 

Human a-amylases have two major isoenzymes (multiple forms that differ in their amino 
acid sequences). Human salivary a-amylase (HSA) is encoded by the Amy1 locus, synthesized 
at the salivary glands and secreted into the oral cavity. Human pancreatic a-amylase (HPA), 
encoded by the Amy2 locus, is synthesized by the pancreas and secreted into the duodenum 
through the pancreatic duct. The amino acid sequences of the HSA and HPA are highly homolo- 
gous. Therefore, monoclonal antibodies against HSA also cross-react with HPA. However, HSA 
is inactivated by acids in the stomach, while most HPA is inactivated in the lower portions of the 
intestine, and some amylase activity remains in the feces. 

Amylase activity is found in various bodily fluids including semen, tears, milk, perspiration, 
and vaginal secretions. Most amylase present in normal serum consists of HPA and HSA. The 
amylases are small molecules and can pass through the glomeruli of the kidney (Chapter 17). 
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Figure 15.1 Human salivary glands. (© Richard C. Li.) 
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Figure 15.2 Chemical structures of polysaccharides found in starch: (a) amylose and 
(b) amylopectin. 
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Thus, the amylase present in urine is derived from plasma. Amylase can be inactivated under 
boiling temperatures and strong acidic and alkaline conditions. Based on various studies, its 
stability varies from a few weeks to several months. 


15.2 Analytical Techniques for Identification of Saliva 

The use of alternate light sources facilitates the search for and the visual examination of saliva 
stains. The identification of saliva is largely based on detecting the presence of amylase in a sam- 
ple. Two types of amylase assays can be utilized. The first type measures the enzymatic activity 
of total amylase. This type of assay cannot distinguish HSA from other amylases including HPA 
and nonhuman amylases, such as those from plants, animals, and microorganisms. The second 
type of assay, which includes direct detection of HSA proteins and RNA-based assays, is more 
confirmatory than enzymatic assays. 


15.2.1 Presumptive Assays 

15.2.1.1 Visual Examination 

The lighting techniques used to search for semen stains can be utilized in searching for saliva 
stains. For example, a 470 nm excitation wavelength can be used with orange goggles to allow 
visualization of fluorescence. However, the fluorescence of a saliva stain is usually less intense 
than that of a seminal stain (Figure 15.3). Microscopic examination with proper histological 
staining can also be performed to identify the buccal epithelial cells, indicating the presence of 
a saliva stain (Figure 15.4). 


15.2.1.2 Determination of Amylase Activity 
15.2.1.2.1 Starch-lodine Assay 


Iodine (I,) is used to test for the presence of starch. The amylose in starch reacts strongly with 
iodine to form a dark blue complex, while amylopectin develops a reddish-purple color. In the 
presence of amylases, starch is broken down to mono- or disaccharides. Consequently, such 
colors do not develop when iodine is added. 





Figure 15.3. Examining saliva stains using an ALS technique. (© Richard C. Li.) 
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Figure 15.4 Buccal epithelial cells. (© Richard C. Li.) 


A common configuration of the method is the radial diffusion assay (Figure 15.5). An agar 
gel containing starch is prepared. A sample well is created by punching a hole in the gel and 
an extract of the questioned sample is placed into the well. If amylase is present in the sample, 
it diffuses from the sample well and hydrolyzes the starch in the gel. The gel is then stained 
using an iodine solution. A clear area in the gel indicates amylase activity, and the size of the 
clear area is proportional to the amount of amylase in the sample. A linear standard curve 


Sample well 


Size of clear area 


Amount of amylase 


Clear area 


Iodine stained area 





(a) (b) 


Figure 15.5 Radial diffusion assay for the identification of amylase. (a) Known amounts of amylase 
standards are applied to the well and allowed to diffuse. (b) The size of the clear area arising from 
amylase activity is plotted. The standard curve can be used to determine the amount of amylase in 
a questioned sample. (© Richard C. Li.) 
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(in log scale) can be prepared using a series of standard amylases with known concentrations. 
The amount of amylase can be quantified by comparing the results with the standard curve. 
However, this assay is not specific to HSA and can produce false-positive results. Moreover, 
the quantities of amylase can be used for determining the amount of sample needed for Y-STR 
analysis (Chapter 19), which now can be determined by using Y-chromosome-specific quantita- 
tive PCR assays (Chapter 6). 


15.2.1.2.2 Colorimetric Assays 


Dye-labeled amylase substrates such as dye-conjugated amylose or amylopectin are utilized. 
These substrates are not soluble in water. In the presence of amylase, the dye-containing moi- 
eties are cleaved and are soluble in water to produce a color. The degree of coloration, which can 
be measured colorimetrically by spectrophotometric methods, is proportional to the amount 
of amylase in the sample. Most of these assays are not HSA specific, although their specificity 
can be tested by using inhibitors that preferentially inhibit HSA, such as -amylase inhibitors 
derived from the seeds of the wheat plant, Triticum aestivum. These amylase activity assays are 
considered presumptive, which means they are not conclusive for the presence of saliva in a 
sample. 

While many substrates are available, Phadebas reagent (Pharmacia) is usually used in foren- 
sic laboratories. Produced ina tablet form, it is used to detect «-amylase in specimens for clinical 
diagnostic purposes. A small portion (approximately 3 mm?) of a sample is cut and placed in 
a tube and incubated for 5 min at 37°C. One Phadebas tablet is added to each tube and mixed. 
Samples are then incubated for 15 min at 37°C, and the reaction is stopped at an alkaline pH 
by the addition of sodium hydroxide. The amylase substrate is an insoluble blue dye conjugated 
to starch. Amylase hydrolyzes the substrate to generate a blue color that can be measured at 
620 nm using a spectrophotometer. The optical density of the supernatant is read and can be 
converted to amylase units by comparing to a standard curve. 

The amylase assay can also be used for amylase mapping as a method of searching for possible 
saliva stains (Figures 15.6 and 15.7). These assays are based on the principle that amylase is water 
soluble and can be transferred from evidence to filter paper and then analyzed via colorimetric 
assay. This procedure is also referred to as a press test. The sensitivity of the method is similar to 
that of the test tube method. 

The substrate can be prepared by evenly spraying the Phadebas reagent on a sheet of filter 
paper and allowing it to air-dry. The dried substrate-containing paper can be used immediately 
or stored until needed. To perform amylase mapping, a piece of paper is placed over the entire 
area to be tested (the item to be tested must be fairly flat to ensure good contact with the paper). 
The paper is dampened slightly by spraying with distilled water. An outline may be drawn on 
the paper to aid in locating stains. A piece of plastic wrap is placed on top to prevent the paper 
from drying during the assay, and a weight is applied to ensure close contact of substrate and 
evidence. The test is observed every minute for the first 10 min, and every 5 min thereafter up to 
40 min, when a positive reaction should appear as a light blue area. 

The SALIgAE® kit (Abacus Diagnostics), another commercially available colorimetric assay, 
has been validated for saliva identification (Figure 15.8). Its manufacturer also produces the 
SALIgAE spray kit, which can be used for amylase mapping. 


15.2.2 Confirmatory Assays 

15.2.2.1 Identification of Human Salivary «-Amylase 

15.2.2.1.1 Immunochromatographic Assays 

Commercially produced immunochromatographic kits include the RSID®-Saliva kit Independent 
Forensics). A labeled monoclonal anti-HSA antibody is contained in a sample well. A second 
monoclonal anti-HSA antibody is immobilized onto a test zone of a membrane, and an antiglobu- 
lin that recognizes the antibody is immobilized onto a control zone (Figures 15.9 and 15.10). 
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Figure 15.6 Amylase colorimetric assay using Phadebas reagent. (a) A spot test for saliva and 
(b) amylase mapping result showing a saliva-stained area. N, a negative result; P, a positive result. 
(© Richard C. Li.) 
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(a) 


Figure 15.7. Amylase mapping for saliva stains. (a) Amylase substrate is sprayed on a sheet of 
filter paper. (b) Substrate-containing paper is placed over the area to be tested. The orientation of 
the filter paper is marked to aid in locating the stain. (c) The filter paper is dampened by spraying it 
with water, and plastic wrap is placed on top to prevent the paper from drying. Blue color indicates 
a positive reaction. (© Richard C. Li.) 
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Figure 15.8 Saliva identification using SALIgAE reagent. P, a positive result; N, a negative result; 
S, a positive control. (© Richard C. Li.) 





Figure 15.9 Identification of saliva using immunochromatographic assays. P, a positive result; N, 
a negative result. (© Richard C. Li.) 


A sample can be prepared by cutting out a small portion of a stain or a swab. Each sample 
is extracted for 1-2 h in 200-300 pL of an extraction buffer. Approximately 10% of the extract 
is removed and mixed with a running buffer. The assay is carried out by loading an extracted 
sample into the sample well where the antigen in the sample binds to the labeled anti-HSA anti- 
body in the well to form a labeled antibody-antigen complex. The complex then diffuses across 
the membrane to the test zone, where the solid-phase anti-HSA antibody binds with the labeled 
complex to form a labeled antibody—antigen—-antibody sandwich. 

The presence of antigen in the sample results in a pink line at the test zone. In the control 
zone, unbound labeled anti-HSA antibody binds to the solid-phase antiglobulin. The labeled 
antibody-antiglobulin complex at the control zone also results in a pink line. The test is 


283 


Forensic Biology, Second Edition 


Anti-HSA Ab 
Bond anti-HSA Ab 


as 


HSA 





Unbond anti-HSA Ab 


| Test zone Control zone | 


(a) (b) (c) (d) 


Figure 15.10 Immunochromatographic assay for the identification of HSA in saliva. (a) Sample 
containing amylases is loaded in a sample well. (b) Antigen binds to a labeled anti-HSA Ab to form a 
labeled Ab—HSA complex. (c) At the test zone, the labeled complex binds to an immobilized antihu- 
man HSA Ab to form a labeled Ab—HSA-Ab sandwich. (d) At the control zone, the labeled anti-HSA 
Ab binds to an immobilized antiglobulin and is captured at the control zone. Ab, an antibody; HSA, 
human salivary a-amylase. (© Richard C. Li.) 


considered valid only if the line in the control zone is observed. The presence of HSA results 
in a pink line at both the test zone and the control zone, while the absence of HSA results in 
a pink line in the control zone only. A result can be read after 10 min. 

The sensitivity of the RSID®-Saliva kit can be as low as 1 pL of saliva. Additionally, the assay 
is responsive to samples extracted from saliva stains on both smooth and porous surfaces. In 
terms of species specificity, the kit has no cross-reactivity with various animal species, includ- 
ing monkeys (tamarin and callimico). As for bodily fluid specificity, it has also been shown that 
it is not responsive to human blood, semen, or urine. The high-dose hook effect, which cre- 
ates an artifact that may cause false-negative results as described previously (Chapter 11), is not 
observed when up to 50 pL of saliva is tested. This method is rapid, specific, and sensitive and 
can be used in both laboratory and field analysis. 


15.2.2.1.2 Enzyme-Linked Immunosorbent Assay (ELISA) 


This method can be used to detect and to quantify a sample with the use of an anti-HSA anti- 
body. The most common configuration in forensic serology is the antibody-antigen-antibody 
sandwich (Figure 15.11). ELISA utilizes reporting enzymes to produce colorimetric or fluo- 
rometric signals. The intensity of the signal can be detected spectrophotometrically and is 
proportional to the amount of bound antigen. The amount of HSA can be quantified by com- 
parison with a standard of known concentration. This method is specific and highly sensi- 
tive in detecting HSA, but it is time-consuming. Chapter 11 discusses the ELISA principle in 
further detail. 
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Figure 15.11 ELISA for identification of HSA in saliva. (a) Sample containing antigen is applied 
to polystyrene tubes where anti-HSA Ab is immobilized. (b) Antigen binds to immobilized Ab to 
form HSA-Ab complex. (c) Second anti-HSA Ab, specific for a different epitope of HSA, is added 
to form Ab—HSA-—Ab sandwich. (d) Labeled antiglobulin then binds to the sandwich. The bound 
antiglobulin can be detected by various reporting schemes. Ab, an antibody; HSA, human salivary 
a-amylase. (© Richard C. Li.) 


15.2.2.2 RNA-Based Assays 

RNA-based assays (Chapter 11) have been developed recently for the identification of saliva. 
They are based on the expression of certain genes in certain cell or tissue types. Thus, the tech- 
niques used in the identification of saliva are based on the detection of specific types of mRNA 
expressed exclusively in certain cells in the oral cavity. These assays utilize reverse transcriptase 
polymerase chain reaction (RT-PCR; see Chapter 7) methods to detect gene expression levels 
of mRNAs for saliva identification. Table 15.1 summarizes the tissue-specific genes utilized for 
saliva identification. Compared to conventional assays used for saliva identification, RNA-based 
assays present higher specificity and are amenable to automation. However, one limitation is 
that the RNA is unstable because of degradation by endogenous ribonucleases. 


Table 15.1 Application of RT-PCR Assay for Saliva Identification 





Source: Adapted from Juusola, J. and Ballantyne, J., Forensic Sci Int, 152, 1-12, 
2005. 
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CLASSIC RF PROBE 


Reads RMS Equivalent Voltage in test circuit, if Voltmeter is 10-11 Meg Input Impedance; 
Reads 4X RMS Equiv Voltage if VM is 1Meg Input Impedance (Set VM to measure DCV) 


We've added a few things from our theoretical discussion that we'll make short note of. Obviously, for "probing" 
we need a "probe". (Hey! No wonder I get paid the big bucks...). We add a SHORT lead with an alligator clip. 
The alligator clip goes to our circuit "ground" and the probe goes to our test circuit, where we're probing. 
Brilliant! We don't want either of these to be long leads, because we're talking RF here, and long leads = 
antennas, and we don't want to be picking up stray signals or broadcasting them. 10-12 inches for our ground 
lead is sufficient for circuits to up to 30 MHz. 


As shown in the schematic, we'll need to shield the RF Probe circuit, or else our hand and body will pick up 
stray RF and couple it into the circuit, causing erroneous readings. We'll also shield our leads all the way back to 
the Voltmeter, as shown, for the same reason. At the far end of the shielded wire, we'll mount banana plugs (or 
whatever will fit our DC Voltmeter). 


In case you're tempted, don't make poor substitutions for the diode. We chose the 1N34A because it had the 
following key characteristics: Reverse Breakdown Voltage greater than 40 Volts, forward voltage (barrier 
potential) of less than 0.3 Volts, and good RF qualities. Any diode with these qualities (example, the IN458A) 
would work as well, but the 1N34A is readily available (at Radio Shack and others). Silicon and Shottky (hot- 
carrier) diodes, while good RF devices, have higher barrier voltages, and will not work as well at low RF 
voltages. The 1N34A is a germanium device, and with a barrier voltage of around 0.25 V, provides about the 
best performance you can get with this simple circuit. 


For best accuracy, size the resistor to match your DC Voltmeter's input impedance: 
R =4.7 Meg for Zin = 11-Meg; 
R=4.3 Meg for Zin = 10-Meg; 
R = 430 K for Zin = 1-Meg; 


Here's one cheap-and-easy approach to building the RF Probe: 


http:/Awww.ndese.com/rfprobe1.htm 3/6 





Identification of Vaginal Secretions 
and Menstrual Blood 


The identification of vaginal secretions and menstrual blood is important for the investigation 
of sexual assault cases. Such identification can help to corroborate allegations of sexual assault. 
For example, in a sexual assault investigation, a stain was observed after examining the suspect’s 
clothing. Subsequently, forensic DNA analysis revealed that the DNA of the stain originated from 
the victim, establishing a link between the victim and the suspect. However, the defendant may 
assert that the victim’s DNA originated from a sweat stain as a result of casual contact and deny 
any criminal act. If vaginal secretions were found in the stain, the evidence has probative value to 
corroborate an allegation of a sexual act. Additionally, postcoital drainage stains on clothing or 
bedding are often recovered at crime scenes. These stains usually consist of a mixture of semen 
and vaginal secretions. In such cases, the presence of vaginal secretions in these stains indicates 
the occurrence of sexual intercourse. Sometimes, vaginal secretions can be transferred onto a 
perpetrator during a sexual assault. For example, the presence of vaginal secretions on a suspect’s 
genital area can indicate the occurrence of sexual intercourse. Furthermore, the presence of vagi- 
nal secretions on an object can corroborate an allegation of vaginal rape with a foreign object. 

If a sexual assault victim is in menses when an assault occurred, blood evidence, such as the 
victim’s bloodstains located on the suspect’s clothing, may be recovered at the scene. The defense 
may argue that the bloodstains resulted from an injury and deny that any sexual act occurred. 
In this case, the identification of menstrual blood would corroborate an alleged rape. Therefore, 
it is necessary to distinguish between peripheral and menstrual blood in investigations of sexual 
assault where blood evidence is found at the scene. 


16.1 Identification of Vaginal Stratified Squamous Epithelial Cells 

A normal human vagina is covered by the squamous mucosa, which is composed of stratified 
squamous epithelial tissue (Figure 16.1a). Lying under the squamous mucosa is the submucosa, 
which contains an abundance of connective tissue and capillaries. Below the submucosa is the 
muscularis, which is made up of smooth muscle. 

The squamous mucosa consists of multiple layers of cells (Figure 16.1b). At the basal layer of 
the squamous mucosa, basal cells are anchored to the basement membrane that separates the 
squamous mucosa from the submucosa. The basal cells are small in size with relatively large 
nuclei and are highly proliferative. As the cells migrate up from the basal layer to the parabasal 
layer, the cells undergo differentiation. At the intermediate layer, the cells are flattened and their 
nuclei are compressed. As the epithelial cells reach the apical layer, the superficial layer, the cells 
are fully differentiated with small and dense nuclei. 
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Figure 16.1 Histological structure of human vaginal tissues. (a) The squamous mucosa and the 
submucosa. (b) Multiple layers of cells in the squamous mucosa. (© Richard C. Li.) 


Vaginalepithelial cells do not accumulate keratin, which is different from skin cells (Chapter 4). 
The intermediate and superficial layer cells contain abundant glycogen in their cytoplasm. The 
presence of glycogen in these cells is an indication of normal development and the differentia- 
tion of the vaginal epithelial cells. The apical surface of the vaginal squamous mucosa is usually 
covered by mucus that is secreted from glands that are located deep in the epithelium. The cells 
of the apical layers are eventually sloughed and are continuously replaced by the cells of deeper 
layers. When the lining of the vagina is swabbed during the collection of evidence, glycogenated 
cells with small numbers of parabasal cells are usually recovered (Figure 16.2). In addition to the 
vagina, glycogenated squamous epithelial cells are found in the linings of the oral cavity, phar- 
ynx, esophagus, anus, and the apex of the urethra. The differentiation of the vaginal epithelial 
cells requires estrogen. However, in premenarche and postmenopausal women, estrogen levels 
are very low; thus, the vaginal epithelial cells only differentiate to the parabasal cells. Primarily, 
parabasal cells are found in specimens from these individuals. 


16.1.1 Lugol’s lodine Staining and Periodic Acid—Schiff Method 

Lugol’s iodine solution, named after the French physician Jean Lugol, is originally used as an 
antiseptic that is applied to skin or tissue to prevent infection. In forensic applications, it is uti- 
lized for the identification of glycogenated vaginal epithelial cells. The technique is based on the 
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Figure 16.2 Vaginal stratified squamous epithelial cells. (© Richard C. Li.) 


principle that iodine reacts with intracellular glycogen to exhibit a color. Glycogen is the principal 
storage form of glucose in animal and human cells and is found in the granules in the cytoplasm 
of the cells of many tissues. In addition to squamous epithelial cells, glycogen is also found in 
hepatocytes, which have the highest glycogen content, as well as muscle cells. Glycogen is a poly- 
saccharide composed of D-glucose units. Similar to the amylopectin in plant cells (Chapter 15), 
glycogen is a branched polysaccharide consisting of linear and branched chains (Figure 16.3). The 
D-glucose residues of the linear chain are connected by «14 glycosidic bonds, while the branch- 
ing points are connected by «1-6 glycosidic bonds. However, glycogen is more branched than 
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Figure 16.3 Structure of glycogen. Glycogen is a highly branched polysaccharide composed of glu- 
cose. Glycogen has a similar structure to amylopectin in starch (see Chapter 15). However, glycogen 
is more branched than starch. Additionally, glycogen contains a protein known as glycogenin at the 
center of its structure. (© Richard C. Li.) 
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amylopectin. Branch points occur approximately every 10 glucose residues in glycogen while 
they occur every 25 glucose residues in amylopectin. Lugol’s stock solution is an aqueous solution 
of 5% iodine (I,) and 10% potassium iodide (KI). Potassium iodide allows the iodine to be soluble 
in water through the formation of the triiodide ion. For staining the vaginal epithelial cells, 5% 
of the stock solution is usually used as the working solution. Iodine atoms fit into the helices of 
glycogen to form a dark brown glycogen-iodine complex (Figures 16.4 and 16.5). Vaginal epithe- 
lial cells can also be stained using the periodic acid-Schiff method. The cytoplasm of the vaginal 
epithelial cells is stained magenta, and the nucleus is stained purple. 





Figure 16.4 Diagram of a glycogen—iodine complex. In the complex, the glycogen chain forms a 
helix structure with six monosaccharide residues (red) per turn. lodine molecules (gray) fit in the 
helix to form the glycogen—iodine complex, exhibiting a color. (© Richard C. Li.) 
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Figure 16.5 Epithelial cells stained with Lugol’s iodine solution. (a) Vaginal and (b) buccal epithe- 
lial cells. (© Richard C. Li.) 


292 


16.2 Identification of Vaginal Acid Phosphatase 





(a) 


Figure 16.6 Staining of epithelial cells with Dane’s method. The results obtained using methanol 
fixation followed by Dane’s staining on skin (a), buccal (b), and vaginal epithelial (c) cells are shown. 
The arrows indicate red nuclei in buccal and orange nuclei in vaginal cells. (From French, C.E., 
et al., Forensic Sci Int, 178, 1-6, 2008. With permission.) 


16.1.2 Dane’s Staining Method 

Evidence containing skin, buccal, and vaginal epithelial cells is often recovered in forensic 
investigations, particularly in sexual assault cases. Thus, it is necessary to distinguish between 
these cells. Skin, buccal, and vaginal epithelial cells belong to stratified squamous epithelium. 
Differentiated skin epithelial cells are keratinized and are classified as keratinizing squamous 
epithelial cells, while buccal and vaginal epithelial cells are nonkeratinizing squamous epithelial 
cells. Additionally, the skin epithelial cells lose nuclei and other cellular organelles during dif- 
ferentiation. In contrast, buccal and vaginal cells contain nuclei. Based on their morphology, it is 
possible to distinguish skin epithelial cells from buccal and vaginal epithelial cells. However, buc- 
cal and vaginal cells are morphologically indistinguishable from each other. Although Lugol’s 
iodine solution and periodic acid—Schiff can stain vaginal epithelial cells, these stains cannot 
distinguish vaginal from other glycogenated epithelial cells in the oral mucosa and the urinary 
tract. Recently, Dane’s staining method has been developed to distinguish all three types of 
cells. Skin cells are stained red and orange; buccal cells are stained predominantly orange-pink 
with red nuclei; and vaginal cells are stained bright orange with orange nuclei (Figure 16.6). 


16.2 Identification of Vaginal Acid Phosphatase 

Acid phosphatases are a group of enzymes that are capable of hydrolyzing a variety of small 
organic phosphomonoesters under acidic conditions. To date, at least five different acid phospha- 
tase isoenzymes have been identified in human tissues: erythroid acid phosphatase (encoded by 
the ACP1 gene), lysosomal acid phosphatase (encoded by the ACP2 gene), prostate acid phospha- 
tase (encoded by the ACPP gene, also known as ACP3), macrophage acid phosphatase (encoded 
by the ACP5 gene), and testicular acid phosphatase (encoded by the ACPT gene). Human pros- 
tatic acid phosphatase is found in large quantities in seminal fluid and is used as a biomarker for 
semen identification (Chapter 14). The prostatic acid phosphatase is a homodimer containing 
two identical subunits with a molecular weight of 50 kDa. Small amounts of acid phosphatase 
can be detected in vaginal fluid, which is produced in normal cervical epithelial cells. However, 
the molecular characteristics of vaginal acid phosphatase are still not known. Historically, vagi- 
nal acid phosphatase has been used as a biomarker for the identification of vaginal secretions 
using acid phosphatase catalytic assays (Chapter 14). In sexual assault investigations, it is impor- 
tant to distinguish vaginal acid phosphatase from prostate acid phosphatase originating from 
semen exposure. These two enzymes have identical molecular weights, enzymatic specificities, 
and responses to the same inhibitors. Nevertheless, vaginal and prostate acid phosphatases can 
be distinguished using agarose electrophoresis. Based on their electrophoretic mobility, bands 
of vaginal and prostate acid phosphatases can be separated. The prostate acid phosphatase 
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Figure 16.7 Distinguishing prostate and vaginal acid phosphatases using polyacrylamide gel 
electrophoresis. Bands of acid phosphatases are detected using 4-methylumbelliferyl phosphate 
(MUP). MUP is a substrate of acid phosphatases, resulting in a product that fluoresces in UV 
illumination (see Chapter 14). The prostate acid phosphatase has higher electrophoretic mobil- 
ity toward an anode (a positively charged electrode) than vaginal acid phosphatase. S, semen; V, 
vaginal secretions; SV, mixture of semen and vaginal secretions; PAP, prostate acid phosphatase; 
VAP, vaginal acid phosphatase; MUP, 4-methylumbellifery! phosphate; UV, ultraviolet illumination. 
(© Richard C. Li.) 
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has higher electrophoretic mobility toward an anode (a positively charged electrode) than the 
vaginal acid phosphatase (Figure 16.7). Thus, the presence of vaginal acid phosphatase can be 
determined. 


16.3 Identification of Vaginal Bacteria 

Lactobacillus can be found in the respiratory, the gastrointestinal, and the urogenital tract of 
healthy humans and animals. Lactobacillus taxa are the predominant bacteria in the vagina of 
women of reproductive age, and they play an important role in protecting the host against inva- 
sive pathogenic organisms. Lactobacillus consists of rod-shaped, nonmotile, and non-spore- 
forming gram-positive bacteria (Figure 16.8). Since these bacteria survive on carbohydrates, 
Lactobacillus bacteria produce lactic acid. As a result, a low pH environment is established in 





Figure 16.8 Vaginal Lactobacillus bacteria (circled). (© Richard C. Li.) 


294 


16.5 Menstruation 


the lumen of the vagina, which restricts the growth of pathogenic organisms. Such vaginal lactic 
acid—producing bacteria were thought to be Lactobacillus acidophilus. In the 1980s, it was deter- 
mined that L. acidophilus was not a single species, but actually a group of related species known 
as the L. acidophilus complex. The species of the complex can now be distinguished based on 
their DNA sequences. The most frequently occurring Lactobacillus species found in the vagina 
are L. iners, L. crispatus, L. gasseri, and L. jensenii. Among them, L. iners is the most common 
species of Lactobacillus in women. Lactobacillus can be identified based on the sequences of DNA 
markers such as the 16S rRNA gene and the intergenic spacer region between the 16S rRNA and 
23S rRNA genes (Chapter 11). In forensic applications, L. iners, L. crispatus, L. gasseri, and L. 
jensenii can be detected in vaginal secretions. Thus, the identification of Lactobacillus taxa can 
potentially be utilized for the forensic identification of vaginal fluid. However, the presence of 
Lactobacillus taxa is not specific enough to vaginal fluid. Some studies show that Lactobacillus 
taxa are present in semen while others show that Lactobacillus can be found in female urine. The 
openings of the female urogenital system are in close proximity; thus, it is possible to have par- 
tially overlapping microbiota between the urine and vaginal secretions. Thus, the identification 
of multiple bacterial species, at least the four Lactobacillus species previously mentioned, should 
be carried out to distinguish these samples. 


16.4 Outlook for Confirmatory Assays of Vaginal Secretions 

The identification of the vaginal stratified squamous epithelial cells provides important proba- 
tive evidence in forensic investigations. However, the existing methods described earlier can 
sometimes give false-negative or false-positive results. In some situations, these assays also cross- 
react with other types of bodily fluids. Thus, none of these assays is confirmatory. A useful iden- 
tification method for vaginal secretions should be able to distinguish vaginal secretions from 
other bodily fluids and should be easy to perform. For example, nondestructive confirmatory 
identification methods such as fluorescence spectroscopy and Raman spectroscopy (Chapter 11) 
can potentially be useful for the identification of vaginal secretions. Recently, the analysis of 
tissue-specific gene expression has been utilized for the identification of vaginal secretions. 
Using the reverse transcription polymerase chain reaction (RT-PCR) technique (Chapter 7), the 
mRNAs of the tissue-specific genes of vaginal epithelial cells can be detected. For example, 
two commonly used markers for vaginal secretion identification are MUC4 and HBD1. MUC4 
encodes a mucin protein that is a major component of vaginal mucus, and HBDI1, the human 
6 defensin 1, encodes a vaginal antimicrobial peptide. Both MUC4 and HBD1 are expressed in 
vaginal epithelial cells and are considered reliable markers of vaginal fluid. Additional mRNA 
and miRNA markers are described in Tables 16.1 and 16.2. 


16.5 Menstruation 

Menstruation is the periodic discharge of blood and the elimination of the degenerated lining 
of the endometrium from the uterus of nonpregnant women. From menarche to menopause, 
women may menstruate up to 400 times during their reproductive age. The uterus plays an 
important role in preparing the uterine endometrium for the possible implantation of a develop- 
ing embryo. The linings of the uterus are composed of the myometrium and the endometrium. 
The myometrium consists of the muscle fibers of the uterus. The endometrium consists of the 
simple columnar epithelium and the stroma (Figure 16.9). The simple columnar epithelium is 
formed by single-layered elongated cells located at the apical surface of the endometrium. The 
stroma consists of connective tissues as well as spiral arteries. Spiral arteries are small arteries 
that ascend through the endometrium and form a coil-like structure, which supplies blood to 
the endometrium. 
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Table 16.1 Representative Markers of mRNA-Based Assays for Vaginal 


Secretions and Menstrual Blood Identification 


Vaginal secretions CYP2B7P1 Cytochrome P450, family 2, subfamily B, 
polypeptide 7, pseudogene 1 





DKkK4 Dickkopf homolog 4 

FUT6 Fucosyltransferase 6 

HBD1 6 Defensin 1 

EAE) Interleukin 19 

MUC4 Mucin 4 

MYOZ1 Myozenin 1 

SFTA2 Surfactant associated 2 
Menstrual blood MMP7 Matrix metalloproteinase 7 

MMP11 Matrix metalloproteinase 11 


Source: Adapted from Bauer, M. and Patzelt, D., J Forensic Sci, 47, 1278- 
1282, 2002; Hanson, E.K. and Ballantyne, J., Sci Justice, 53, 14-22, 
2013; Juusola, J. and Ballantyne, J., Forensic Sci Int, 152, 1-12, 
2005; Nussbaumer, C., Gharehbaghi-Schnell, E., and Korschineck, I., 
Forensic Sci Int, 157, 181-186, 2006. 


Table 16.2 miRNA Markers for Vaginal Secretions and Menstrual 
Blood Identification 


Vaginal secretions miR124a UAAGGCACGCGGUGAAUGCC 
miR372 AAAGUGCUGCGACAUUUGAGCGU 
miR617 AGACUUCCCAUUUGAAGGUGGC 
miR891la UGCAACGAACCUGAGCCACUGA 

Menstrual blood miR214 UGCCUGUCUACACUUGCUGUGC 
miR412 ACUUCACCUGGUCCACUAGCCGU 
miR451 AAACCGUUACCAUUACUGAGUU 


Source: Adapted from Hanson, E.K., Lubenow, H., and Ballantyne, J., Ana/ 
Biochem, 387, 303-314, 2009; Wang, Z., et al., Forensic Sci Int 
Genet, 7, 116-123, 2013. 


The endometrium can be divided into two zones: the functionalis and the basalis (Figure 16.10). 
The functionalis is the luminal part of the endometrium. It is the zone of cyclic changes in the 
endometrium and is shed during menstruation. The basalis is the basal part of the endometrium 
and is not shed during menstruation. This zone produces cells to regenerate the functionalis 
during the next cycle. 
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Figure 16.9 Uterus endometrium. (a) The proliferative phase and (b) the menstrual phase. 
(© Richard C. Li.) 


During the uterine cycle, repetitive physiological changes occur in the functionalis 
(Figure 16.10). The cycle is divided into three phases: the menstrual, proliferative, and secre- 
tory phases. The first day of menstrual bleeding is considered the onset of the menstrual phase. 
During the menstrual phase, the functionalis degenerates and is sloughed off from the uterine 
wall and bleeding occurs, known as menses. During the proliferative phase, the functionalis 
begins regeneration in which the spiral arteries are proliferated. During the secretory phase, 
the spiral arteries are further developed and coiled. In the absence of pregnancy, a decrease in 
the progesterone level leads to the constriction of the spiral arteries. As a result, the functiona- 
lis becomes ischemic (insufficient blood flow), leading to hypoxia (low levels of oxygen in tis- 
sue). In addition, the activation of an enzymatic degradation process causes the destruction and 


Functionalis 


Basalis 








D1 D5 D10 D15 D20 D25 
L Ht IL 
Menstrual Proliferative Secretory 
phase phase phase 


Figure 16.10 Changes in the functionalis of the uterine mucosa during a uterine cycle. D, day. 
(© Richard C. Li.) 
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shedding of the functionalis during menses. Menstrual fluid contains blood, the functionalis 
layer tissue, and mucus. 


16.5.2 Uterine Endometrial Hemostasis 

The cessation of menstrual bleeding is achieved by endometrial hemostasis that is initiated 
when injury occurs due to the shedding of the endometrium (Figure 16.11). Hemostasis begins 
with platelet activation and aggregation to form platelet plugs at the site of injury. Additionally, 
the blood coagulation cascade is activated to produce thrombin. Thrombin, a serine protease, 
converts soluble fibrinogen into fibrin. Fibrin, a protein involved in blood clotting, aggregates 
with the platelet plugs and leads to the cessation of bleeding by forming blood clots, known as 
thrombi. Under normal physiological conditions, uterine endometrial hemostasis is a balanced 
process between blood coagulation and clot dissolution to control blood loss and to prevent 
clot accumulation within the uterus. As a result, the balance of these two processes allows the 
removal of tissue fragments from the uterus cavity in order to reduce the risks of infection. 
Blood clots are prevented from accumulating during menstruation by forming low amounts 
of platelet plugs and synthesizing coagulation factor inhibitors that inhibit blood coagulation. 
Additionally, fibrinolysis is activated, during which thrombus is broken down by a protease 
known as plasmin. Plasmin cleaves fibrin, generating soluble degradation products. As a result, 
fibrinolysis can inhibit blood clot formation. 


Site of injury Blood vessel lumen 
Endothelium 


Smooth muscle 











___ Fibrin-stabilized 
platelet plug 





Figure 16.11 Diagram of hemostasis. Hemostasis occurs at the site of injury of a blood vessel. A 
platelet plug is formed as a result of the aggregation of platelets. The plug is further stabilized by 
the formation of a fibrin clot over the platelet plug. (© Richard C. Li.) 
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Take a small piece of scrap double-sided printed-circuit board, about 1-1/2 x 1/2 inches, Groove it on one side 
only, similiar to the image above, to create pads for soldering, but leave the back side as a "ground plane". 
Mount your diode, capacitor, and resistor as shown, soldering to the pads you made. One side of the diode (the 
non-banded isde) gets connected to the ground plane (drill a hole through to the other side and solder it). Try to 
fit all the components neatly inside the edges of the pc board. Solder the braid of the shielded wire (3-4 ft long) 
to the ground plane, and the center conductor to the pad with the resistor. Also, solder a 10-12 inch hook-up wire 
to the ground plane. Check that there are no shorts between the center conductor and the ground-plane. Solder 
the probe tip to the pad with the capacitor (I used a discarded probe tip from a broken test probe). 


Here's where we get creative: packaging! One way or another, whatever method we use, it's important to shield 
the probe circuit, yet without shorting any part of the circuit to our shield (except the ground plane). I was on a 
kick of using copper pipe, which is very cheap, so I built my shield out of 1/2-inch copper pipe and end caps, 
commonly available at your local hardware store. I drilled a hole in the end of each end-cap, to pass the shielded 
cable and the probe tip. I used a shouldered washer to insulate the probe tip from the end cap, but a small rubber 
grommet would have worked as well. Stuff the assembly inside the copper pipe, and you end up with a 
completed probe that looks like the following: 
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So, how do we use this thing? 


Before we use it, a few precautions are in order. Don't use the probe in any circuit where the highest DC supply 
voltage is greater than the diode's reverse-breakdown voltage. For the 1N34A, this is 50 Volts. Same goes for the 
capacitor, which should be rated at least 50 Volts. This probably means that the probe cannot be used in most 
tube circuits. Also, don't try to measure RF power in circuits where the peak voltage will exceed 50 Volts. What 
will happen if you exceed these voltages by a little? Well, probably nothing; possibly, the diode or capacitor will 
fail open or short. 
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16.6 D-dimer Assay 

During fibrinolysis, cross-linked fibrin is cleaved by plasmin, producing a degradation product 
known as D-dimer (Figure 16.12). Assays for D-dimer fragments have been utilized in the foren- 
sic identification of menstrual blood. A number of different formats of D-dimer assays can be 
used. In an enzyme-linked immunosorbent assay (ELISA; Chapter 11), antibodies bind to the 
D-dimer antigens on the solid phase. The D-dimer—antibody complex is subsequently analyzed 
using an antibody-based detection system. This method is highly sensitive, but is time-consum- 
ing. Latex agglutination assays are based on the interaction of antibodies and D-dimers that are 
located on carriers to form aggregates during the agglutination process (Chapter 11). However, 
the magnitude of the agglutination response is manually read and conclusions are based on sub- 
jective judgments. Immunochromatographic assays (Chapter 11) utilize monoclonal antibodies 
specific to D-dimers, which have been developed recently (Figures 16.13 and 16.14). This immu- 
nochromatographic assay is very specific, sensitive, and rapid, and can be completed within 
minutes. The immunochromatographic devices are portable, and thus can potentially be used 
at crime scenes. The D-dimer assays can positively identify menstrual blood samples. Although 
peripheral blood contains low levels of D-dimer, these assays do not show positive reactions 
with peripheral blood. Thus, menstrual blood can be distinguished from peripheral blood using 
D-dimer assays. However, postmortem blood also contains these D-dimers, which are detected 
by these assays. Although the detection of postmortem blood would complicate the interpreta- 
tion of results, postmortem blood is not often encountered in sexual assault cases. 
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| Thrombin 


DB E —B Fibrin monomer 
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Figure 16.12 The formation and the degradation of a fibrin polymer. The activation of coagu- 
lation ultimately generates thrombin, which catalyzes the conversion of fibrinogen to fibrin by 
cleaving the fibrinopeptides (gray). A fibrin monomer contains an E domain and two D domains. 
The fibrin monomers are held together by noncovalent bonds (dotted red) between the D domains 
and E domain to form a fibrin polymer. Fibrin polymers are then covalently linked (solid red) to 
form a cross-linked fibrin polymer, which plays a role in forming clots. During fibrinolysis, plasmin 
cleaves the cross-linked fibrin at multiple sites giving rise to fibrin degradation products including 
D-dimer. (© Richard C. Li.) 
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Figure 16.13 Immunochromatographic assays for the identification of D-dimer in menstrual blood. 
(a) In a sample well, D-dimer antigen in a menstrual blood sample is mixed with labeled anti-D- 
dimer Ab. (b) The D-dimer binds to the labeled anti-D-dimer Ab to form a labeled Ab-—antigen 
complex. (c) At the test zone, the labeled complex binds to an immobilized anti-D-dimer Ab to form 
a labeled Ab—antigen—Ab sandwich. (d) At the control zone, the labeled anti-D-dimer Ab binds to 
an immobilized antiglobulin and is captured at the control zone. Ab, antibody. (© Richard C. Li.) 
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Figure 16.14 Detecting D-dimer using immunochromatographic assays. The results obtained using 
the Clearview Simplify D-dimer devices (Alere, Cheshire, UK) on menstrual (top) and peripheral 
blood (bottom) are shown. A positive result (arrow) indicates the presence of D-dimer. (From Baker, 
D.J., Grimes, E.A., and Hopwood, A.J., Forensic Sci Int, 212, 210-214, 2011. With permission.) 
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16.7 Lactate Dehydrogenase Assay 

Lactate dehydrogenase (LDH) is an enzyme that plays an important role in glycolysis. In 
humans, LDH catalyzes the reversible reduction of pyruvate into lactate when the amount of 
oxygen is limited. LDH is a tetrameric enzyme consisting of three different types of subunits. 
The A subunit, also known as the M subunit, is encoded by the LDHA gene and is primar- 
ily expressed in skeletal muscle. The B subunit, also known as the H subunit, is encoded by 
the LDHB gene and is primarily expressed in cardiac muscle. The C subunit, encoded by the 
LDHC gene, is expressed restrictively in the testes. LDHs are found in various human tis- 
sues. Five isoenzymes can be found in blood (Figure 16.15). LDH1 consists of four identical 
B subunits; LDH2 consists of one A and three B subunits; LDH3 consists of two A and two B 
subunits; LDH4 consists of three A and one B subunits; and LDH5 consists of four identical 
A subunits. The five isoenzymes can be separated using electrophoresis (Figure 16.16) and 
detected using a colorimetric assay (Figures 16.17 and 16.18). According to their electropho- 
retic mobility, five bands can be identified. LDH1 has the highest electrophoretic mobility 
(toward an anode that is a positively charged electrode) and LDH5 has the lowest electropho- 
retic mobility. In peripheral blood, LDH1, 2, and 3 are the predominant forms of the isoen- 
zymes and LDH4 and 5 are the minor forms of the isoenzymes. In contrast, LDH4 and 5 are 
consistently the predominant isoenzymes in menstrual blood, while the amounts of LDH1, 
LDH2, and LDH3 vary. Thus, menstrual blood can be distinguished from peripheral blood. 
LDH was historically used as a marker for the forensic identification of menstrual blood. 


83 88 88 88 88 
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Figure 16.15 lIsozymes of lactate dehydrogenase. Human lactate dehydrogenases are composed 
of four subunits. Five types of isozymes with their subunits are shown. A, LDH A subunit; B, LDH 
B subunit. 
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LDH3 
LDH2 
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Figure 16.16 Electrophoretic separation of lactate dehydrogenase (LDH) isozymes. Extracted 
blood samples are loaded onto a cellulose acetate membrane. Electrophoresis is then carried out. 
Separated bands of LDH isozymes are detected using a colorimetric assay (see Figure 16.15). M, 
menstrual blood; P, peripheral blood. (© Richard C. Li.) 
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Figure 16.17 Detecting LDH activity using a colorimetric assay forming a colored dye. At the start 
of a cascade reaction, the LDH catalyzes the conversion of lactic acid to pyruvic acid. Nicotinamide 
adenine dinucleotide (NAD*) is then reduced to NADH/H*. Subsequently, Meldola’s Blue (MB; 
8-dimethylamino-2-benzophenoxazine), an electron carrier, transfers H/H* from NADH/H* to a tet- 


razolium salt. The pale yellow tetrazolium salt, nitroblue tetrazolium (NBT), is reduced to form a 
purple formazan dye. 
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Figure 16.18 The reduction and oxidation of Meldola’s Blue. Meldola’s Blue is an electron carrier, 
which transfers hydrogen atoms (coupled to electron transfer). 





16.8 RNA-Based Assays 

Matrix metalloproteinase (MMP) genes are considered tissue-specific markers for human 
endometrium tissues. MMPs are zinc-dependent endopeptidases that degrade extracellular 
matrix components. Additionally, they cleave other proteins such as cytokines, chemokines, 
and growth factors. The extracellular matrix (ECM) is the extracellular space of tissue that 
is filled by macromolecules such as collagens, laminins, fibronectins, and proteoglycans. The 
ECM can be divided into two categories: the interstitial matrix and the basement mem- 
brane. The interstitial matrices are located in the intercellular spaces. The basement mem- 
branes are thin layers of macromolecule fibers that usually lie under the epithelium and the 
endothelium. Both the interstitial matrices and the basement membranes provide structural 
support to the cells. It is proposed that MMPs play an important role in the degradation of 
ECM, leading to the destruction of endometrium tissues during the uterine cycle. To date, 
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a total of 23 MMPs, divided into five subgroups, have been found in humans. The most 
commonly used markers for the forensic identification of menstrual blood are MMP7 and 
MMP11 (Table 16.1). 

Many MMPs are expressed in human endometrium throughout the uterine cycle. The pat- 
terns of the MMP gene expressions are correlated with their functions in endometrium tissue 
breakdown during menstruation. MMP7 is predominantly expressed in epithelial cells, while 
MMP11 is expressed in the stromal cells of the endometrium. Both MMP7 and MMP11 mRNA 
expressions are elevated at the menstrual phase and remain at high levels during the prolifera- 
tive phase. It is also known that MMPs’ mRNA may be elevated in postpartum, wound healing, 
and metastatic cancer conditions, which may potentially lead to a false-positive identification of 
menstrual blood. 

In menstrual blood samples, among all of the MMP genes tested, MMP11 is the most sensi- 
tive and specific marker for distinguishing menstrual blood from peripheral blood. Using the 
RT-PCR technique (Chapter 7), MMP11 mRNA can be detected in menstrual blood from the 
first to the eighth day of menstruation but it is absent in peripheral blood and vaginal secretions. 
Therefore, MMP11 can be used as a marker for the identification of menstrual blood. Likewise, 
MMP7 is also a useful marker for menstrual blood identification. However, the MMP7 mRNA 
level in menstrual blood is less than that of MMP11. Additional markers such as miRNA mark- 
ers for menstrual blood identification are included in Table 16.2. 
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Identification of Urine, Sweat, 
Fecal Matter, and Vomitus 


17.1 Identification of Urine 

The identification of the presence of urine is useful for the forensic investigation of an alleged 
sexual assault and harassment involving urination. More importantly, the identification of urine 
stains can aid in the investigation of homicides involving either ligature or manual strangula- 
tion. In these incidents, strangulation victims often involuntarily excrete urine prior to death. 
The locations of urine stains at the crime scene provide useful information to determine the site 
where the violence has occurred. 


17.1.1 Urine Formation 

In humans, the urinary excretory system eliminates soluble toxic wastes that are cellular meta- 
bolic by-products. The urinary system consists of the kidney, the ureter, the urinary bladder, and 
the urethra (Figure 17.1). The formation of urine takes place in the kidneys and, in particular, in 
the nephrons. The nephron is the basic structural and functional unit of the kidney (Figures 17.2 
and 17.3). Each nephron is composed of a glomerulus, a Bowman’s capsule, and a renal tubule. 
The glomerulus is formed by a network of capillaries and is surrounded by a Bowman’s capsule. 
Filtration is the first step in urine formation. As blood flows through the glomeruli, much of 
its fluid, except cells and large molecules, is filtered through the capillaries into the Bowman’s 
capsule. The glomerular filtrate, the preliminary form of urine, consists of water, salts (largely 
sodium and potassium ions), glucose, and waste products such as urea. The filtrate is then passed 
through the renal tubule where reabsorption occurs. During the reabsorption process, water, 
glucose, nutrients, and ions such as sodium are reabsorbed back into the blood. The last process 
of urine formation is secretion. Secretion occurs at the distal and the collecting tubules of the 
nephron where ions (such as hydrogen and potassium ions), ammonia, and certain metabolites 
are secreted from the blood into the lumen of the renal tubule to be eliminated in the urine. The 
urine is drained from the kidneys through the ureters and is stored in the bladder before it is 
finally excreted through the urethra. 

Urine is an aqueous solution consisting largely of water. Urea is the most abundant waste 
product in urine, resulting from the elimination of ammonia that is produced from the meta- 
bolic process of amino acids. The average urea concentration in human urine is approximately 
9 g/L. Other major components are creatinine, uric acid, and ions such as phosphate, sulfate, 
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Figure 17.1 Human urinary system. A longitudinal view of the right kidney is shown. (© Richard C. Li.) 


chloride, sodium, and potassium. Healthy individuals also excrete a small amount of protein. 
Urine has a characteristic yellow color. Subsequent to excretion from the body, urine acquires 
an odor that results from the ammonia that is released from the breakdown of urea by bacteria. 


17.1.2 Presumptive Assays 

In forensic identification, urine stains can be located by visual examination based on the char- 
acteristic yellow color of urine and the detection of the distinctive odor of urine stains. Under 
alternative light sources, urine stains emit a fluorescent light that facilitates the locating of urine 
stains in clothing and bedding. Chemical analysis can be carried out to detect the major inor- 
ganic anions in urine such as phosphate and sulfate as well as the major organic compounds 
in urine such as urea, creatinine, and uric acid. These assays are summarized in Table 17.1. 
However, these assays are not specific to urine. Other bodily fluids, such as sweat, also contain 
these chemical components. 


17.1.2.1 The Identification of Urea 

The para-dimethylaminocinnamaldehyde (DMAC) assay is simple and rapid and is the most 
commonly used presumptive assay for the forensic identification of urine stains (Figure 17.4). 
The DMAC assay can be performed using two different methods: the colorimetric and the fluo- 
rometric methods (Figure 17.5). 

In the colorimetric method, a portion of a stain (~1 cm?) is cut and is extracted with 1 mL 
of distilled water. The extraction is transferred onto a piece of filter paper and is allowed to dry. 
One drop of 0.1% DMAC solution is then added to the filter paper. DMAC reacts specifically 
with urea, if present, producing a pink-colored (or magenta-colored) product. DMAC does not 
react with creatinine, ammonia, or uric acid. The appearance of a pink color within 30 min after 
applying the DMAC reagent is considered a positive reaction. No color change within 30 min is 
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of the human nephron. (© Richard C. Li.) 


Figure 17.2 Diagram 
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Figure 17.3. Section view of the human nephron. (© Richard C. Li.) 
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The first thing you'll always do in using the RF Probe is to connect the banana-plug end to the +/- jacks of your 
DC Voltmeter; set the Voltmeter to DC-Volts (not AC). 


To use the RF Probe for signal tracing in a malfunctioning RF circuit or a homebrew circuit, connect the aligator 
clip to a convenient "ground" or "common" point in your circuit. Often this is the chassis. Most of the time, 
you'll be probing at the base/gate, emitter/source, or collector/drain of a transistor, one either side of a coupling 
capacitor or transformer, or at the input or output of an IC. Because the circuit's RF must overcome the diode's 
barrier potential (of 0.25V, for our 1N34A), voltages much less than that won't read at all, and voltages less than 
about a volt won't read very accurately. Typically, RF and post-mixer-amps in receivers don't have enough RF 
voltage, unless you inject a very strong signal at the input. 


I recently used my RF probe to troubleshoot my dead TenTec Scout, which had suddenly quit transmitting in 
mid-QSO. I connected the rig to a dummy load, then keyed it while probing. Using the probe, I was able to 
follow a steadily increasing RF signal through the transmit chain, from the oscillator through the transmit mixer, 
to the pre-driver, and the driver. The actual voltage measurements weren't important, just that they were 
increasing from stage to stage where expected. Then, (whoops!) the driver's base circuit had 6 Volts, but the 
collector circuit only had only 0.1 Volts! The driver transistors had gone south! 


You can also use the RF probe to measure RF power with reasonable accuracy, up to about 50 watts in a 50-ohm 
circuit. By 50-ohm circuit, I mean a 50-ohm antenna system at 1:1 SWR (higher SWRs are not 50 ohms), or a 
50-ohm dummy load. Assuming the resistor in your RF probe is sized to match your DC Voltmeter's input 
impedance (as explained above), you will get quite reasonably accurate measurements using the following 
formula: 


2 
PWR = (Vireagy + 0.25) 


R (load) 


For example, I want to measure the power out of my TenTec 1340 40-Meter QRP transceiver. I place it on a 50- 
ohm dummy load, and key down. I generally use a BNC-Tee adapter to gain access to the output line, but I could 
as easily pop the cover off. Using the RF probe (alligator clip to chassis ground), I measure12.2 Volts (DC) (and 
the same RF RMS Volts). Plugging this into the formula above I have PWR= (12.2 + 0.25) * (12.2 + 0.25) / 50 = 
3.1 Watts. The rated power for this rig is 3 Watts, so I've verified everything is hunky-dorey. 


We've added the potential barrier to the measured voltage above, but that little trick doesn't work so well when 
you get down around a volt, and for voltages less than about a volt, the measurement accuracy suffers greatly. 
Also, the diode's response is severely non-linear below the barrier potential, and will generally read much less 
than expected in circuits where the RF voltage is less than 1/4 volt. So if you see tiny readings in circuits where 
it's normal to have voltages less than 1/4 volt RF, don't get too spun-up about the low readings... it may mean 
everything is normal. My rule of thumb for guessing at this is as follows: For collector/drain circuits in 
oscillators or transmit-chain amplifiers in key-down, expect RF Voltages about 20-50% of the applied DC 
(supply) voltage. This depends on the circuitry, of course, but it's a reasonable gesstimate. Base/gate and 
emitter/source circuits will generally be much less, maybe 5-10%. Circuit impedance will affect this too. 


How good is this thing? 


Well, we're not talking high performance test equipment here, but we are talking very useful. If you account for 
the barrier voltage, the readings can be quite accurate when measuring most low-impedance circuits (20-200 
ohms), provided that the voltage is above | or 2 volts. How accurate? +/-10% from 200 KHz to 150 MHz would 
be a reasonable expectation. Also, the voltage divider is only accurate for sinusoidal signals. If you want "peak" 
measurements, simply multiply your reading by 1.414. The "peak" measurement should be good regardless of 
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Figure 17.4 Chemical reaction of DMAC assay. 
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Figure 17.5 Positive reaction of DMAC assay of a urine stain. (a) Colorimetric and (b) fluorometric 
method. (© Richard C. Li.) 


considered a negative reaction. However, this method is not specific to urine, as other bodily flu- 
ids such as saliva, semen, sweat, and vaginal secretions can also give positive reactions. A diluted 
DMAC solution, from 0.1% to 0.05%, can maintain appropriate sensitivity to urine stains and 
minimize false-positive reactions caused by the detection of low levels of urea that are present 
in other bodily fluids. 

The fluorometric method is useful for locating urine stains on large pieces of evidence such as 
clothing and bedding (Figure 17.6). Additionally, this method can detect patterns of urine stains 
(Figure 17.7), which can be useful in crime scene reconstructions. In the fluorometric method, 
the evidence to be examined, such as a garment, is covered by a sheet of filter paper that has been 
preabsorbed with the DMAC solution. The evidence and the filter are then wrapped together in 
a sheet of aluminum foil and are left overnight in a press, ensuring that the evidence is in close 
contact with the filter paper. Alternatively, the layers can be heated for 30 s using an iron. Using 
a light source at 473-548 nm, the DMAC-treated urine stain fluoresces. The fluoresced stain is 
best observed with a 549 nm filter. However, colored fabrics interfere with the assay since dyes 
and pigments can inhibit the fluorescence. 

In addition to the DMAC test, the identification of urea that is present in urine stains can 
be carried out by urease assays. Ureases catalyze the breakdown of urea, thus releasing ammo- 
nia and carbon dioxide (Figure 17.8). The ammonia is detected using an acid-base indicator, 
bromthymol blue, which exhibits a blue color. Alternatively, the ammonia can be detected by 
manganese and silver nitrates, which exhibit a black color. Additional assays such as micro- 
scopic crystal and chromatographic assays are summarized in Table 17.1. 
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Figure 17.6 Fluorometric DMAC assay of urine stains. Evidence item (a) is closely covered by a 
piece of moistened filter paper containing DMAC. The orientation of the paper is marked (b). The 
layers are pressed to allow the transfer of a small amount of the stain onto the paper and are heated 
using an iron (c). The paper is then lifted. The DMAC-treated urine stain fluoresces under a light 
source at 473-548 nm (d). (© Richard C. Li.) 


Figure 17.7. Fluorometric DMAC enhancement of a footwear impression in urine on white cotton 
fabric. From left to right: urine impression, DMAC-treated urine stains under white light, and DMAC- 
treated urine stains using an excitation light source. (From Farrugia, K.J., et al., Forensic Sci Int, 
214, 67-81, 2012. With permission.) 
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Figure 17.8 Biochemical reaction of urease. 
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17.1.2.2 Identification of Creatinine 

Creatinine is produced during normal muscle cell metabolism (Figure 17.9). During this metab- 
olism, phosphocreatine, an energy-storing molecule in muscle cells, breaks down to form cre- 
atine. Creatine is then metabolized to creatinine, which is released from the muscle cells into the 
blood. Serum creatinine is largely filtrated by the renal glomeruli. A small amount of creatinine 
is secreted by the renal distal tubules. The amount of creatinine excreted in urine is proportional 
to the muscle mass of an individual. However, creatinine is not only present in urine. It is also 
present in other bodily fluids such as blood and semen. 

The creatinine present in urine can be detected using the Jaffe color test (Figure 17.10). In 
this test, picric acid is used to convert creatinine, under alkaline conditions, to form creatinine 
picrate, which is a bright red product. Additional tests for urine creatinine are summarized in 
Table 17.1. Recently, a Uritrace device (Abacus Diagnostics) has been made commercially avail- 
able for the detection of creatinine. 


iM " COOH Phosphocreatine 





a ed a al Creatine 


Creatinine 


Figure 17.9 Schematic view of the formation of creatinine. 
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Figure 17.10 Chemical reaction of Jaffe’s assay. 
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17.1.3 Confirmative Assays 

17.1.3.1 Identification of Tamm—Horsfall Protein 

Tamm-Horsfall protein (THP), also known as uromodulin, is the most abundant protein in 
urine, and accounts for 40% of the urine proteins. THP is exclusively synthesized in the epithe- 
lial cells of Henle’s loop. THP is secreted from the apical plasma membrane of the epithelial cells 
into the lumen. Under physiological conditions, an adult excretes 20-100 mg of THP into urine 
daily. The biological function of THP is not fully understood. It is speculated that it prevents the 
body from contracting urinary tract infections and from forming renal stones. 

THP is a urine-specific biomarker for forensic urine identification. It can be detected using 
an enzyme-linked immunosorbent assay (ELISA). More recently, it can be detected using an 
immunochromatographic assay, RSID-Urine, which utilizes a polyclonal rabbit antibody that is 
specific to THP (Figures 17.11 and 17.12). This test is rapid and simple and thus can be used as a 
screening test in laboratories and as a field test at crime scenes to identify urine. The detection 
limit of RSID-Urine for THP is 0.5 pL of urine. Although the sensitivity of RSID-Urine is lower 
than that of ELISA detection of THP, it is sufficient for forensic applications. These methods are 
specific to THP that is present only in urine while no detection is found in other bodily fluids 
such as plasma, saliva, semen, vaginal fluid, or sweat. 


17.1.3.2 Identification of 17-Ketosteroids 

In humans, urine contains derivatives of 17-ketosteroids such as androsterone, dehydroepi- 
androsterone (DHEA), and etiocholanolone. Androsterone is a steroid hormone with a weak 
potency of testosterone. DHEA is a metabolic intermediate in the biosynthesis of the gonadal ste- 
roids. DHEA also has a potential function as a steroid hormone. Etiocholanolone is a metabolite 
of testosterone. These compounds are present in urine as conjugates, in which 17-ketosteroids 


Anti-THP Ab 





Bond anti-THP Ab 
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Unbond anti-THP Ab 
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(a) (b) () (d) 


Figure 17.11 Immunochromatographic assays for the identification of THP in urine. (a) In a sample 
well, THP in a urine sample is mixed with labeled anti-THP Ab. (b) The THP binds to the labeled 
anti-THP Ab to form a labeled Ab-THP complex. (c) At the test zone, the labeled complex binds to 
an immobilized anti-THP Ab to form a labeled Ab-THP-—Ab sandwich. (d) At the control zone, the 
labeled anti-THP Ab binds to an immobilized antiglobulin and is captured at the control zone. Ab, 
antibody; THP, Tamm-—Horsfall protein antigen. (© Richard C. Li.) 
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Figure 17.12 Results obtained using immunochromatographic assays (RSID™-Urine; Independent 
Forensics, Lombard, IL) for the identification of THP in urine. From left to right: negative control, 
undiluted, 1:10 diluted, and 1:100 diluted urine samples. A visible blue line at the test (T) zone 
and control (C) zone indicates a positive result. The blue line at the control zone only indicates a 
negative result. (From Akutsu, T., Watanabe, K., and Sakurada, K., J Forensic Sci, 57, 1570-1573, 
2012. With permission.) 


are modified in the liver through glucuronidation and sulfation. In glucuronidation, glucuronic 
acids are added to 17-ketosteroids while in sulfation, sulfates are transferred to 17-ketosteroids. 
As a result, these conjugates, containing charged moieties, are more water soluble than the non- 
conjugated 17-ketosteroids. Thus, they are excreted into urine to be eliminated from the body. 
The five major components of the 17-ketosteroid conjugates present in human urine are andros- 
terone glucuronide, androsterone sulfate, DHEA sulfate, etiocholanolone glucuronide, and etio- 
cholanolone sulfate (Figure 17.13). Thus, the analysis of 17-ketosteroid conjugates in urine stains 
is useful for the identification of human urine stains. These five 17-ketosteroid conjugates can be 
identified using liquid chromatography—mass spectrometry (LC-MS). However, some of these 
17-ketosteroid conjugates are also detected in serum. Therefore, the presence of all five conju- 
gated 17-ketosteroids in a sample is required to identify a urine stain. Additionally, the profiles 
of the 17-ketosteroid conjugates are human specific and are distinguishable between humans 
and animals. 


17.2 Identification of Sweat 

Sweat is the least common bodily fluid analyzed in forensic laboratories compared with others 
that have been mentioned in previous chapters. However, sweat identification is still useful for 
forensic investigations. For example, forensic DNA analysis allows the generation of DNA pro- 
files from trace biological evidence such as fingerprints. Identifying sweat can be important for 
the analysis of these types of evidence. 


17.2.1 Biology of Perspiration 

Humans have two types of secretory sweat glands: the eccrine and the apocrine sweat glands 
(Figure 17.14). Eccrine sweat glands are distributed almost all over the body and are controlled 
by the sympathetic nervous system. Eccrine sweat glands play a role in regulating body tem- 
perature. When the body temperature rises, eccrine sweat glands secrete a watery sweat to 
the skin’s surface where heat is carried away through the evaporation of the sweat to main- 
tain normal body temperature. In humans, apocrine sweat glands, which are associated with 
hair follicles, are usually restricted to the underarm and genital areas and are controlled by 
emotional stress. Apocrine sweat glands are inactive until puberty. This type of sweat gland 
secretes an oily sweat that is odorous after being processed by skin bacteria. The majority of 
sweat evidence that is analyzed in forensic laboratories is sweat stains secreted from eccrine 
glands. Sweat contains water, minerals, lactate, and urea. Its biochemical composition varies 
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Figure 17.13 Structural formula of 17-ketosteroids and 17-ketosteroid conjugates present in 
human urine. UGT, UDP glucuronosyltransferase. (© Richard C. Li.) 


among individuals and their physical activities. Sweat contains low levels of constituents that 
are also present in other bodily fluids such as urine. Thus, it has been considered a difficult 
bodily fluid to identify. 


17.2.2 Sweat Identification Assays 

Sweat evidence has been analyzed using presumptive assays (Table 17.1) such as elemental 
analysis using scanning electron microscopes coupled with energy dispersive x-ray spectros- 
copy in the detection of lactic acid. Since sweat contains many inorganic and organic com- 
pounds that are also present in other bodily fluids, these assays are not specific to sweat. Raman 
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Figure 17.14 Diagram of the human eccrine and apocrine sweat glands. (© Richard C. Li.) 


microspectroscopy is potentially useful for the identification of sweat for forensic purposes, 
which is based largely on the profiles of lactate, lactic acid, urea, and single amino acids in urine. 

Recently, dermcidin has been identified as a potential biomarker of human sweat. Dermcidin 
belongs to a class of human antimicrobial peptides of the innate immune defense system and 
plays an important role in protecting epithelial barriers from infections. Dermcidin, specifically 
expressed in eccrine sweat glands (Figure 17.15), is secreted into the sweat and is transferred to 
the epidermal surface. In forensic applications, dermcidin can potentially be utilized as a bio- 
marker for the confirmatory assay of sweat identification. The detection of dermcidin in sweat 
stains can be performed using ELISA assays utilizing antibodies specific to human dermcidin. 
This method is highly sensitive and is able to detect dermcidin in sweat samples that are diluted 
10,000-fold. Dermcidin is encoded by the DCD gene. Its mRNA can be detected using reverse 
transcription polymerase chain reaction (RT-PCR) assays (Chapter 7) that can detect DCD 
mRNA in 10 pL of sweat sample. Dermcidin assays are also specific to sweat as dermcidin is not 
detected in other bodily fluids such as semen, saliva, and urine. 


17.3 Identification of Fecal Matter 

The examination of feces has been used in criminal investigations for over a century. 
Specifically in 1948, a burglary case was reported using fecal analysis to link the shoes of a 
suspect to a crime scene. One of the aspects of fecal analysis is to determine a common origin 
of the reference sample and the fecal evidence, thus potentially linking a suspect to a crime 
scene. Today, the individual characteristics of a fecal sample can be effectively determined 
using forensic DNA analysis of sloughed intestinal epithelial cells that are present in fecal 
matter. The identification of fecal matter is valuable in providing important information for 
a criminal investigation. For example, the presence of fecal matter may corroborate a sexual 
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Figure 17.15 Localization of the dermcidin peptide in the sweat glands. Skin tissue sections are 
treated with a dermcidin antibody and stained. (a) Both the eccrine and apocrine sweat glands 
are shown. Only cells of the eccrine gland in the skin express dermcidin (brown stained). Arrows: 
eccrine sweat glands. Arrowheads: apocrine sweat glands. Scale bar: 100 ym. (b) Close-up view of 
the eccrine gland. The presence of the dermcidin peptide is observed (brown). Scale bar: 10 ym. 
(From Sagawa, K., et al., Int J Legal Med, 117, 90-95, 2003. With permission.) 


assault involving sodomy, assault with fecal matter, vandalism, and burglary during which 
the perpetrator defecated at the scene. 


17.3.1 Fecal Formation 

Feces are a type of waste matter that is the direct result of food that has been processed by the 
digestive system (Figure 17.16). Human feces contain undigested foodstuffs, sloughed intestinal 
epithelial cells, intestinal bacteria, bile pigments, electrolytes, and water. Feces are formed in 
the intestines during the last phase of digestion. Feces first enter the colon in liquid form. Most 
of the nutrients are absorbed on the surface area of the small intestine. In the large intestine, 
water, sodium, and chloride are absorbed on the surface of the lumen. The remaining luminal 
contents are converted into feces. Food stays for approximately 2-6 h in the stomach. It takes 
an additional 3-5 h to travel through the small intestine and 12-24 h to travel through the large 
intestine. 


17.3.2 Fecal Matter Identification Assays 
A fecal analysis includes macroscopic and microscopic examination, chemical tests, and fecal 
bacterial identification. 
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Figure 17.16 Diagram of the human digestive system. The esophagus, stomach, liver, gallblad- 
der, pancreas, small intestine (duodenum, jejunum, and ileum), and large intestine (cecum, colon, 
appendix, and rectum) are shown. (© Richard C. Li.) 


17.3.2.1_ Macroscopic and Microscopic Examination 

The color and odor of human feces are useful characteristics for fecal identification. The nor- 
mal brown color of feces primarily results from the presence of urobilinoids, which are heme 
catabolic by-products. The characteristic odor of feces is caused by the metabolic by-products of 
the intestinal bacterial flora. Indole, skatole, and hydrogen sulfide are the compounds that are 
responsible for the odor of feces. 

When fecal stains are analyzed, the microscopic examination of the feces can be performed 
on an aliquot of fecal suspension. The presence of characteristic undigested foodstuffs can 
indicate human feces. Fecal matter can be transferred from samples of clothing by scraping 
with a sterile stainless steel spatula. The fecal matter is then hydrated in 6% formalin solution 
for 24-48 h prior to microscopic examination. Undigested foodstuffs such as vegetable frag- 
ments and meat fibers are often present in human feces. Vegetable fragments (Figure 17.17) 
are often undigested vegetable dermal tissues that cover and protect the plant and fragments 
of vascular tissues that play roles in transporting water and nutrients throughout the plant. 
The types of vegetables can be identified by comparing the observed fragments with known 
plants. Meat fibers (Figure 17.18) are undigested animal skeletal muscle fibers. These fibers 
have characteristic striations, usually rectangular in shape, that are used for comparison with 
known animal tissues. 
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Figure 17.18 Cattle meat fibers. (© Richard C. Li.) 
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whether the waveform is sinusoidal. Regarding ultimate accuracy, your results may vary, and you may want to 
compare it to a laboratory instrument at the frequency of interest if you're really interested in accuracy. If you 
shield it well, and keep the ground clip lead reasonably short, it should be good in low-impedance circuits up 
into the VHF region, and down into the upper-audio region. In higher-impedance circuits, the junction 
capacitance of the diode may cause a low-pass effect at higher frequencies, and you're most likely to see this as a 
loss of measurement accuracy (i.e., low readings) at frequencies above 30 MHz. This doesn't mean it's not 
useful; it just means it reads low. Also, the capacitance of the probe may affect some sensitive RF circuits. For 
example, if you're probing a LC-tuned oscillator circuit, it may stop oscillating or change frequency or become 
unstable. Actually, most any probe will do this. Also, as we said before, the barrier voltage becomes a bigger 
part of the measurement error as the circuit voltage drops below a volt or so, and becomes dominant as you 
approach the barrier voltage. Just keep this in mind as one of it's limits. 


Enjoy, good luck, and 73! 
monty NSESE 


Return to NSESE home page 





Overseer: Monty Northrup ... Sl leave e-mail ... 
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17.3.2.2 Urobilinoids Tests 

The forensic analysis of fecal matter often involves the identification of fecal stains on swabs and 
clothing from which small amounts of sample may be available. Chemical tests can be useful 
for the analysis of fecal stains. By far the most common chemical test performed on feces is the 
detection of urobilinoids. Urobilinoids, including urobilin and stercobilin, are generated from 
the degradation of heme and are excreted into feces. 

The average lifetime of erythrocytes is approximately 3-4 months. Erythrocytes are continu- 
ously undergoing hemolysis in which erythrocytes are naturally broken down and are usually 
processed in the reticuloendothelial system of the spleen. Hemoglobin is released daily during 
the hemolysis process and is degraded into heme, globin, and iron. Other sources of heme are 
derived from the degradation of erythrocyte precursors in bone marrow and other heme-con- 
taining proteins such as myoglobin and cytochromes. In the peripheral tissues, heme undergoes 
catabolism to form bilirubin (Figures 17.19 and 17.20). Bilirubin is further converted to urobilino- 
gen in the intestine. A portion of urobilinogen is reduced to stercobilinogen. In the large intes- 
tine, the spontaneous oxidation of urobilinogen and stercobilinogen results in the formation of 
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Figure 17.19 The formation of urobilinoids. Aged erythrocytes are disposed in the spleen, releasing 
hemoglobin that is broken down to heme. The heme is converted to biliverdin and is subsequently 
reduced to bilirubin. The bilirubin is then released into the bloodstream where it is bound to albu- 
min, which cannot be filtrated at the glomeruli. The bilirubin is transported through the bloodstream 
to the liver where it is conjugated with glucuronic acid, forming water-soluble bilirubin monoglucuro- 
nide and diglucuronide. The bilirubin glucuronides are excreted into the bile and are subsequently 
excreted into the small intestine. In the intestines, the glucuronic acid of the conjugated bilirubin is 
removed. The unconjugated bilirubin is metabolized by intestinal bacteria, forming urobilinogen. A 
portion of the urobilinogen is further metabolized to stercobilinogen. The urobilinogen and the ster- 
cobilinogen are oxidized by intestinal bacteria, forming urobilin and stercobilin, respectively, which 
are excreted into the feces. (© Richard C. Li.) 
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Figure 17.20 The formation of bilirubin glucuronides in the liver. UGT, UDP glucuronosyltransferases. 


urobilin and stercobilin (Figure 17.21), respectively. These compounds are brown colored and are 
responsible for the characteristic color of feces. 

The urobilinoids can be detected using the Schlesinger and Edelman tests. In the Schlesinger 
test, a sample is mixed with saturated zinc acetate in ethanol solution to form aurobilinoid- 
zinc chelation complex that emits a characteristic green fluorescence under ultraviolet light. 
The Edelman test is a variation of the Schlesinger test. A sample is treated with a mercuric salt 
solution to yield a pink-colored compound. Further treatment with a zinc salt produces fluores- 
cence. However, less fluorescence is observed in the Edelman test than in the Schlesinger test. 
Inconclusive and inconsistent results are often obtained using these tests where fecal material 
sometimes gives no visible fluorescence. Additionally, the intensity of the fluorescence observed 
varies between samples. The reliability and selectivity of the tests can be increased using a spec- 
trometric measurement of the fluorescence detection of fecal urobilinoids based on the principle 
of the Schlesinger test. A dry sample is treated with 1 mL of zinc acetate solution (1% zinc acetate 
methoxyethanol solution and 0.2% Tris). The suspension is then sonicated for 5 min, heated at 
100°C for 10 min, cooled, and centrifuged. The presence of urobilinoids can be detected using 
excitation and emission maxima at 507 and 514 nm, respectively. 

The disadvantages of the Schlesinger and the Edelman tests are their low species specificity as 
both tests cannot distinguish between human and other mammalian fecal materials. Moreover, 
under normal circumstances, up to 5% of urobilinogen is transported to the kidney and oxi- 
dized to urobilin in urine. Under some pathological conditions such as hepatic function disor- 
ders, the level of urobilin in the urine can be very high. Both the Schlesinger and Edelman tests 
respond to the urobilin of urine stains as well. 





Urobilin Stercobilin 
Figure 17.21 Urobilinoids: urobilin and stercobilin. Arrow, site of reduction. 
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Figure 17.22 Intestinal bacteria. (© Richard C. Li.) 


17.3.2.3 Fecal Bacterial Identification 

The human intestinal microbiota contains more than 4000 bacterial species (Figure 17.22). 
Traditional methods for detecting fecal materials utilize the cultivation of fecal indicator bacte- 
ria such as Escherichia coli or Enterococci spp. However, these fecal indicator bacteria constitute 
only a small portion of the fecal microbiota, and thus may not be adequate for forensic identi- 
fication purposes. Bacteroides, however, accounts for approximately 30% of fecal microbiota 
that are the predominant bacteria in human feces. Bacteroides can potentially be used for the 
forensic identification of feces. Bacteroides is a genus of rod-shaped, anaerobic gram-negative 
bacteria. These bacteria play a role in digesting complex carbohydrates and other substances 
that cannot be digested by human enzymes. The identification of bacteroides can be carried out 
by detecting specific DNA sequences of the rpoB gene, which encodes the B subunit of bacte- 
rial RNA polymerase (Chapter 11). The presence of the species-specific DNA sequence can be 
detected by RT-PCR utilizing primers that are specific to the target species but not to other 
species. Thus, only a targeted species can be amplified if it is present. Two fecal predominant 
bacteroides species, B. uniformis and B. vulgatus, can be detected in feces. B. uniformis is not 
detectable in blood, saliva, semen, urine, vaginal fluids, or on skin surfaces. Therefore, B. unifor- 
mis is considered as a specific indicator bacterium for forensic fecal identification. Sometimes, B. 
vulgatus can also be detected in vaginal fluid samples. Therefore, precaution should be taken in 
interpreting the results obtained using a B. vulgatus assay. Additionally, this method alone can- 
not discriminate between human and animal feces. Furthermore, fecal microbial populations 
can be affected by the host’s diet. Individuals who consume saturated fats and proteins, which 
are abundant in Western diets, have predominantly Bacteroides species in their feces. However, 
individuals who consume a low-fat and carbohydrate-rich diet have predominantly Prevotella 
species, also a genus of gram-negative bacteria, in their feces. 


17.4 Identification of Vomitus 

17.4.1 Biology of Gastric Fluid 

Gastric fluid can be found in stains derived from stomach wounds. Most often, gastric fluid is 
from vomitus found at a crime scene or as dried stains on clothing. Vomiting is the forceful 
expulsion of the contents of the stomach through the mouth (Figure 17.23). It is usually pre- 
ceded by salivation, sweating, and the sensation of nausea. Vomiting usually begins with a deep 
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Figure 17.23 Act of vomiting. The contraction of the diaphragm and the stomach during the phase of 
vomiting is shown (in red). Additionally, the positions of the epiglottis and the uvula during vomiting are 
shown (in red). As a result, the stomach contents are expelled through the mouth. (© Richard C. Li.) 


inhalation and the closure of the glottis. Subsequent contractions of the diaphragm and the 
abdominal muscles compress the stomach. The gastric contents are then forced upward through 
the relaxed sphincters and the esophagus, and are expelled through the mouth. Since the glot- 
tis is closed, vomitus usually does not enter the respiratory tract. Although the uvula is usually 
raised to close the nasal cavity, vomitus sometimes enters the nose. Vomiting can be caused bya 
wide variety of pathological conditions. Vomiting may be a specific response to acute intoxica- 
tion in homicidal poisoning cases or it may be caused by trauma in a violent assault. Thus, the 
forensic identification of the gastric fluid can corroborate a criminal act. 

The stomach stores ingested food until it can be emptied into the small intestines. When food 
enters the stomach, hydrochloric acid is secreted in large quantities, which facilitates the initial 
degradation of proteins. The stomach also secretes mucus that lubricates the gastric surface to 
protect the epithelium from acidic environments. Hormones such as gastrin, which are found 
in the gastric fluid, regulate acid secretion and gastric movement. A number of enzymes are 
secreted into the gastric fluid, including lipase, which plays a role in lipid hydrolysis, and gela- 
tinase, which can hydrolyze gelatin. The stomach also secretes pepsinogens, which are enzyme 
precursors, into the gastric fluid. In the stomach, pepsinogens are activated by hydrochloric acid 
into pepsin, which is largely responsible for the digestion of proteins. 


17.4.2 Vomitus Identification Assays 

Vomitus is highly acidic and tends to be malodorous. The color of vomitus may be of forensic 
interest. Fresh blood in the vomit is usually bright red and suggests bleeding due to injuries, 
while dark red blood clots suggest bleeding in the stomach due to pathological conditions such 
as an ulcer. A microscopic examination (Section 17.3.2.1) can be performed to identify recently 
ingested food particles that are present in a sample. The presence of gastric fluid in vomitus can 
also be identified by the detection of pepsins secreted from the stomach. This identification test 
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Figure 17.24 The cleavage of polypeptide by pepsin. Pepsin cleaves polypeptide at sites of aro- 
matic amino acids. R and R’: tryptophan, phenylalanine, or tyrosine. 


is based on the proteolytic activity of pepsins. Pepsins are endopeptidases that cleave primar- 
ily on peptide bonds in the middle of the protein. Aromatic amino acids such as tryptophan, 
phenylalanine, and tyrosine are the preferred targeted amino acids for the cleavage reaction by 
pepsins (Figure 17.24). In the pepsin-proteolytic assay, fibrin blue is used as a substrate for pep- 
sin. Fibrin blue is an insoluble protein-dye complex that is colorless. In the presence of vomitus, 
pepsin cleaves fibrin blue and releases a chromophore that is soluble in water and exhibits a blue 
color. In the assay, a fibrin blue-containing agarose gel is utilized. The sample from vomitus is 
loaded onto the gel plate. After incubation, a blue ring around the sample can be observed as a 
result of the enzymatic reactivity of pepsin. The amounts of pepsin in a sample can be quantified. 
The results on the gel plate can be photographed and the dried gel plate can also be preserved 
as evidence. This method can determine the pepsin content of fresh and aged forensic samples. 
Bodily fluids other than vomitus do not show positive reactions with the use of this method. 
However, this method cannot distinguish the vomitus of humans from that of other vertebrates. 
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18.1 Blood Group Typing 

18.1.1 Blood Groups 

For the purposes of this text, blood groups are defined as antigen polymorphisms present on 
erythrocyte surfaces. Human erythrocyte surface membranes contain a variety of blood group 
antigens. Transfusion reactions occur when an incompatible type of blood is transfused into an 
individual, which can lead to severe symptoms or even death. Karl Landsteiner discovered the 
first blood group, known as the ABO system, in the early 1900s, while studying transfusion and 
transplantation. The discovery made blood transfusions feasible, and Landsteiner was awarded 
the Nobel Prize in 1930. 

The International Society of Blood Transfusion currently recognizes 29 blood group systems, 
which include hundreds of antigen polymorphisms (Table 18.1). From the 1950s to the 1970s, the 
structures and biosynthesis pathways of many blood group antigens were determined. The genes 
for most of these blood group systems have been identified as well. The isolation of blood group 
genes has made it possible to understand the molecular mechanisms of the antigenic character- 
istics of the blood group systems. 

The ABO system of antigens in human erythrocytes is the most commonly used blood group 
system for forensic applications. Forensic laboratories also use others, including the Rh, MNS, 
Kell, Duffy, and Kidd systems. 


18.1.2 ABO Blood Group System 
In the ABO blood group system, two types of antigens, designated A and B, give rise to four 
blood types: 


& Type A individuals have the A antigen. 
&, Type B individuals have the B antigen. 
&, Type AB individuals have both A and B antigens. 
& Type O individuals have neither A nor B antigens. 


The antigens may be found in other bodily fluids as well as blood, such as amniotic fluid, 
saliva, and semen as well as many organs including the kidney, pancreas, liver, and lungs. 
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Table 18.1 
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3q26.1 
9p13.3 


Source: Adapted from Daniels, G.L., et al., Vox Sang, 87, 304-316, 2004. 
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18.1.2.1 Biosynthesis of Antigens 

All individuals generate the O antigen, also known as the H antigen. The O antigen is synthe- 
sized by fucosyltransferase, a fucose transferase encoded by the FUT genes, which adds a fucose 
on the end of a glycolipid (in erythrocytes) or glycoprotein (in tissues). An additional monosac- 
charide (Figure 18.1) is then transferred to the O antigen by a transferase encoded by the ABO 
locus. The specificity of this enzyme determines the ABO blood type (Figure 18.2): 


&, The A allele produces the A-transferase, which transfers N-acetylgalactosamine to the O 
antigen and thus synthesizes the A antigen. 


&, The B allele produces the B-transferase, which transfers galactose to the O antigen and 
thus synthesizes the B antigen. 


&, The Oallele has a mutation (small deletion), which eliminates transferase activity, and no 
modification of the O antigen occurs. 


As aresult, the A and B antigens differ in their terminal sugar molecules. Subgroups of blood 
types A and B have been described. The most important are the A, and A, antigens. Both A, and 
A, (and A,B and A,B) cells react with anti-A antibodies. However, A, cells react more strongly 
than A, cells. The apparent difference between A, and A, is that each A, cell contains more cop- 
ies of the A antigen than A, cells. 


18.1.2.2 Molecular Basis of the ABO System 

A- and B-transferases are encoded by a single gene, ABO, on chromosome 9. The ABO gene 
(approximately 20 kb) is organized into seven exons. Most of its coding regions are located 
in exons 6 and 7 of the ABO locus, including the domain responsible for catalytic activity 
(Figure 18.3). The gene products of the A and B alleles differ by four amino acid substitutions 
(Table 18.2). In particular, amino acid residues at positions 266 and 268 are more important in 
determining the enzymatic property of a transferase. 

The A! allele and A? allele differ in a single nucleotide deletion upstream from the translation 
stop codon. The resulting reading-frame shift in the A? allele abolishes the stop codon, yielding 
a product with an extra 21-amino acid residue at the C-terminus. 

Subgroups of blood types O have also been reported. The sequence of the O! allele has a dele- 
tion of a single nucleotide at exon 6. This nucleotide deletion leads to a reading-frame shift gener- 
ating a truncated protein, which lacks the catalytic domain. While the O' allele also has a single 
nucleotide deletion, it differs from O! by nine nucleotides within the coding sequence. O! and 
O¥ have identical phenotypes. There is also an O? allele, which is inactivated by a substitution 


CH,OH CH,OH CH,OH 
. HO 0 ° HO ° 
OH OH Che 5H OH 
HO OH OH HO OH OH 
NH OH OH NH 
on orn 
(a) O CH3 (b) (c) (d) O CH; 


Figure 18.1 Chemical structures of (a) N-acetylglucosamine, (b) galactose, (c) fucose, and (d) 
N-acetylgalactosamine. 
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Figure 18.2 Biosynthesis of ABO antigens. O-antigen biosynthesis is catalyzed by fucos- 
yltransferase. A-antigen biosynthesis is catalyzed by the A-transferase that transfers the 
N-acetylgalactosamine from the donor and uridine diphosphate (UDP)-N-acetylgalactosamine to 
the O antigen. B-antigen biosynthesis is catalyzed by the B-transferase that transfers the galactose 
from UDP-galactose to the O antigen. N-AcGlu, N-acetytglucosamine; Gal, galactose; Fuc, fucose; 
N-AcGal, N-acetylgalactosamine. (© Richard C. Li.) 
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Figure 18.3 Structure of ABO gene and variants. Exons 6 and 7 are shown. The deletion mutation 
in A? and O! variants is indicated by an inverted triangle and leads to their A, and O phenotypes, 


respectively. (© Richard C. Li.) 


Table 18.2 Amino Acid Substitutions at Four Positions in 
Human ABO Variants A', B, and 02 


Amino Acid Position 
ABO Variant 176 





18.1 Blood Group Typing 


mutation at glycine (position 268) by arginine. Additionally, a few dozen other rare O alleles, 
which yield inactive proteins, have also been documented. 


18.1.2.3 Secretors 

In addition to erythrocytes, individuals whose A, B, and O antigens can be found in other 
types of bodily fluids are referred to as secretors. Eighty percent of Caucasians are secretors. As 
described earlier, the O antigen is the substrate for the A- and B-transferase because the A- and 
B-transferase can only utilize a fucosylated substrate. The O antigen is synthesized by fucosyl- 
ation of the terminal galactosyl residue catalyzed by the fucosyltransferase, which is encoded by 
FUT genes. 

Chromosome 19 contains two homologous genes: FUT1 and FUT2. FUT] is expressed in tis- 
sues of mesodermal origin (embryonic tissues that serve as precursors of hemopoietic tissues, 
muscle, the skeleton, and internal organs) and is responsible for the synthesis of the O antigen 
in erythrocytes. FUT2 is expressed in tissues of endodermal origin (embryonic tissues that are 
precursors of the gut and other internal organs); it is responsible for the synthesis of the O anti- 
gen in secretions. 

About 20% of Caucasian individuals (called nonsecretors) are homozygous for a nonsense 
mutation in FUT2 at amino acid position 143, resulting in a truncated protein. Bodily fluids 
such as the semen of type A or B nonsecretors (who carry homozygous FUT2 mutations) con- 
tain no A or B antigens despite containing active A- or B-transferases (Figure 18.4). This can 
be a problem in investigating sexual assault cases when the blood type of the seminal evidence 
needs to be determined. However, nonsecretors have O antigens on erythrocytes synthesized by 
FUT] and thus have A or B antigens in blood. Individuals carrying very rare homozygous FUT1 
mutations produce erythrocyte O-deficient phenotypes in which the erythrocytes express no 
O antigens and thus express neither A nor B antigens, regardless of ABO genotype. Individuals 
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Figure 18.4 Tissue-specific O-antigen biosynthesis by FUT1 and FUT2 gene products. Tissue- 
specific O-antigen biosynthesis in erythrocytes is catalyzed by the FUT1 gene product; in secretions, 
it is catalyzed by the FUT2 gene product. The mutations abolishing the biosynthesis of O antigens 
are indicated. The FUT2 mutation produces a nonsecretor phenotype. (© Richard C. Li.) 


335 


1/11/2018 NSESE's Ballpoint RF Probe 


NSESE's Ballpoint RF Probe 





This is one of those afternoon projects that can really be both rewarding to build and useful to have. Electrically, 
it's identical to the Classic RF Probe described elsewhere (where you can also find the theory discussion for this 
one). Like the Classic RF Probe, this one is used in conjunction with a high-impedance-input Voltmeter or 
Digital Voltmeter (DVM). See the schematic below. Cost? About $5, if you can scrounge the ballpoint pen, heat 
shrink, shielded cable, and copper tape. 
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Reads RMS Equivalent Voltage in test circuit, if Voltmeter is 10-11 Meg Input Impedance; 
Reads 4X RMS Equiv Voltage if VM is 1Meg Input Impedance (Set VM to measure DCV) 


What makes this probe unique is that it's built inside the shell of a regular ol' ballpoint pen. Besides being 
conveniently compact, the unit sports a needle-probe suitable for use in probing surface-mount circuits, and 
good overall shielding. The pen cap protects the needle probe when not in use. When measuring sinusoidal 
signals, it should provide RMS-corrected readings, using a 10 or 11-Meg input impedance VTVM or DVM. 
With a 1-Meg DVM, it reads 25% of the sinusoidal RMS voltage. Reasonable accuracy (+/- 10%) can be 
expected over the HF/VHF range (2-150 MHz), although this hasn't been verified. When used to measure non- 
sinusoidal signals, the accuracy will be unknown, but it still affords good relative measurements, and most of the 
time, that's all that's required. It makes an excellent, compact, and portable accessory for troubleshooting or 
homebrewing QRP equipment with peak voltages less than 50 Volts (i.e., most solid-state equipment) 
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who carry both FUT1 and FUT2 mutations have no O antigens (nor A nor B antigens) in their 
erythrocytes and other bodily fluids and are known as Bombay (O,,) phenotypes. 


18.1.2.4 Inheritance of A and B Antigens 

A and B alleles are dominant. For AO and BO heterozygotes, the corresponding transferase syn- 
thesizes the A or B antigen. A and B alleles are codominant in AB heterozygotes because both 
transferase activities are expressed. The OO homozygote produces neither transferase activity 
and therefore lacks both antigens. The inheritance of A and B alleles obeys Mendelian prin- 
ciples (Chapter 25). For example, an individual with type B blood may have inherited a B allele 
from each parent or a B allele from one parent and an O allele from the other; thus, an indi- 
vidual whose phenotype is B may have the BB (homozygous) or BO (heterozygous) genotype. 
Conversely, if the blood types of the parents are known, the possible genotypes of their children 
can be determined. When both parents are type B (heterozygous), they may produce children 
with the genotype BB (B antigens from both parents), BO (B antigen from one parent, O from 
the other heterozygous parent), or OO (O antigens from parents who are both heterozygous). 
Thus, blood group typing can be used for paternity testing. 


18.1.3 Forensic Applications of Blood Group Typing 

The application and usefulness of blood typing in forensic identification are based on the ability 
to group individuals into four different types using the ABO blood system, allowing individuals 
to be identified. For example, if one crime scene blood sample is type B and a suspect has type 
A, the crime scene sample must have a different origin. However, if both the sample and the 
suspect are type A, the sample may have come from the same origin or from a different origin 
that happened to be type A. 

Unfortunately, the probability that any two randomly chosen individuals have an identical 
blood type is very high. Approximately 42% of Caucasians have type A blood. The frequency of 
other blood types within the ABO system is shown in Figure 18.5. Multiple blood group systems 
were utilized to decrease the probability of a coincident match. 

The A and B antigens are very stable and can be identified in dried blood even after many 
years. They can also be found in semen and other bodily fluids of secretors. Thus, in sexual assault 
cases, for example, the ABO type of a semen sample can be examined to identify a perpetrator. 


18.1.4 Blood Group Typing Techniques 
The most common assays used in forensic serology involve agglutination and include the Lattes 
crust and absorption-elution assays. 


18.1.4.1 Lattes Crust Assay 
In the early 1900s, Karl Landsteiner used his blood and blood obtained from his laboratory 
coworkers to test the effects of serum on erythrocytes. He discovered that naturally occurring 
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Figure 18.5 Frequency distributions of ABO types observed in American Caucasians. Different 
human populations may exhibit different frequencies of the four blood types. (© Richard C. Li.) 
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antibodies in serum caused agglutination of certain erythrocytes, and the agglutination pat- 
terns observed were designated A, B, and O. Each pattern indicated the presence or absence of a 
particular antigen on erythrocytes. 

Shortly after birth, newborn infants develop antibodies against antigens that are not present 
in their own bodies. For example, type A individuals develop anti-B antibodies, type B individu- 
als develop anti-A antibodies, type O individuals develop both types of antibodies, and type AB 
individuals do not develop anti-A or anti-B antibodies. When the plasma of a type A individual 
is mixed with type B cells, the anti-B antibodies from the type A individual cause the type B 
cells to agglutinate. This result forms the basis for blood group typing. 

The Lattes crust assay relies on the principles of Landsteiner’s experiments. It is an aggluti- 
nation-based assay that utilizes the A, B, and O indicator cells to test the agglutination reaction 
with its corresponding naturally occurring serum antibodies in a questioned sample. The pro- 
cedure for the Lattes crust assay is described in Box 18.1 and illustrated in Figure 18.6. Typical 
results are summarized in Table 18.3 and illustrated in Figure 18.7. Type A blood contains nat- 
urally occurring anti-B antibodies that agglutinate only with B cells. Likewise, type B blood 
agglutinates only with A cells, type O blood agglutinates with both A and B cells, and type AB 
blood does not agglutinate with any cells. 

The Lattes crust assay is simple and rapid. However, one limitation is that the assay is not very 
sensitive and requires a large quantity of blood. Recall that successful agglutination reactions 
usually require intact cells. The agglutination assay of forensic samples is, therefore, difficult to 
carry out because blood cells lyse when they are dry. Therefore, this method is not reliable for 
testing old stains. 


BOX 18.1 LATTES CRUST ASSAY PROCEDURE 


1. Place small quantities of blood crust from a specimen on a microscopic slide and 
place a cover slide over the crusts. Prepare slides for A, B, and O cells separately. 

2. Prepare cell suspensions with saline (0.85% NaCl in phosphate buffer, pH 7.4) for 
the A, B, and O cells separately. 

3. Apply a few drops of the A-cell suspension and allow the cells to diffuse under the 
cover slip. Repeat this step for B cells and O cells. 

4. Incubate the slides in a moisture chamber at room temperature for 2 h. 

5, Examine results under a microscope. 
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Figure 18.6 Lattes crust assay. (© Richard C. Li.) 
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Table 18.3 Representative Results of Lattes 
Crust Assay 


Agglutination 
Blood Type Reaction Observed 





Figure 18.7 Diagram of Lattes crust assay results. (a) Indicator cells added before incubation. 
(b) Strong agglutination: large clumps are observed after incubation. (c) Negative agglutination: a 
cloudy background may be observed after incubation. 


18.1.4.2 Absorption—Elution Assay 

The absorption-elution assay is highly sensitive and can be used for testing dried bloodstains. 
This method indirectly detects the presence of antigens. The antigens are immobilized in a solid 
phase (Figure 18.8). At low temperatures, the antigens bind to their corresponding antibodies: 
anti-A antibodies, anti-B antibodies, or anti-O lectins. (The anti-O lectin is isolated from plants 
and reacts strongly with the O antigen present in type O blood, but has some cross-reaction 
with the A antigen). The excess unbound antibodies are removed by washing, and the bound 
antibodies are then eluted at higher temperatures (recall that antigen-antibody binding can be 
affected by temperature; Chapter 13). The eluted antibodies can then be identified by an aggluti- 
nation assay using A, B, and O indicator cells. 

Typical results of an absorption-elution assay are summarized in Table 18.4. The blood- 
stains containing the A antigen can bind to anti-A antibodies. The eluted anti-A antibody can 
form agglutination with A cells. Likewise, for type B blood, the eluted anti-B antibody can form 
agglutination with B cells; for type AB blood, the eluted antibodies can form agglutination with 
both A and B cells; and with type O blood, the eluted anti-O lectins can form agglutination with 
O cells. 


18.2 Forensic Protein Profiling 

Because of the limitations of blood group systems, inherited protein polymorphic markers 
have been utilized to decrease the chances of matches between two unrelated individuals. The 
amino acid sequences of many proteins vary in the human population. An estimated 20%-30% 
of the proteins in humans are polymorphic. Some of the variations in amino acid sequences 
affect the function of proteins, but many of them exert little or no effect on protein function. 
Thus, individuals can be divided into groups based on the types of protein polymorphisms. 
A combination of the blood group systems and protein polymorphic markers can be used for 
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Figure 18.8 Absorption—elution assay. An antigen sample is immobilized on a solid-phase matrix. 
Antibodies (two different types are shown) are added. The antibody that is specific to the antigen 
binds. Unbound antibody is washed away. The bound antibody is then eluted. The eluted antibody 
is tested with indicator cells (two different types are shown). The indicator cell that is specific to the 
antibody eluted shows a positive agglutination reaction. (© Richard C. Li.) 


Table 18.4 Representative Results of Absorption—Elution 
Assay 


Agglutination 
Blood Type (Stain) Antibody Bound and Eluted | Reaction Observed 





criminal investigations and paternity testing. The probability that results for two unrelated per- 
sons would match is decreased to one in several hundred through use of the blood-typing and 
protein-profiling techniques. 


18.2.1 Methods 
Identification of protein polymorphisms is performed through electrophoretic separation based 
on the molecular weights (Mr) and charges of the protein variants. 
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18.2.1.1 Matrices Supporting Protein Electrophoresis 

Electrophoresis of proteins is generally carried out in a support material, also called the matrix, 
to separate various macromolecules. The matrix also reduces the effects of diffusion and convec- 
tion on the macromolecules. Historically, protein profiling for forensic application utilizes two 
types of matrices: papers such as cellulose acetate; and gels composed of starch, agar, agarose, or 
polyacrylamide. The first polymorphic protein marker, phosphoglucomutase, was characterized 
by starch-gel electrophoresis. However, agarose and polyacrylamide became more commonly 
used in electrophoresis due to good reproducibility and reliability (Table 18.5). 


18.2.1.2 Separation by Molecular Weight 

An electrophoretic method is frequently utilized to resolve various proteins based on their 
molecular weights. Native electrophoresis, also known as nondenaturing electrophoresis, can 
be used to isolate proteins for studying the functions of proteins. Biological activity of the pro- 
tein can be retained for further analysis. However, some proteins are not well separated in elec- 
trophoresis in their native form. Thus, it may be necessary to denature the proteins in order for 
them to be resolved better during separation. This process is called denaturing protein electro- 
phoresis. The following additives can be used: 


18.2.1.2.1 Reducing Agents 


It is common to include reducing agents such as mercaptoethanol (ME), dithiothreitol (DTT), 
or sodium mercaptoethane sulfonate (MESNA) to denature proteins. Reducing agents cleave the 
disulfide bonds of proteins. Asa result, protein shape becomes unfolded and linear. These agents 
can be used during sample preparation and can also be added to the electrophoresis buffer. 


18.2.1.2.2 Detergents 


Detergents disrupt noncovalent interactions within the structures of native proteins. The pro- 
cedure is generally performed with sodium dodecylsulfate (SDS), a strong anion detergent that 
binds to most proteins in amounts proportional to the molecular weight of the protein (approxi- 
mately one molecule of SDS for two amino acids). The bound SDS contributes a large net nega- 
tive charge on the protein, which masks any surface charges of the native protein. As a result, 
the charge-to-mass ratio of the protein becomes a constant. As with reducing agents, the various 
native conformations of proteins change to a more uniformly linear shape when SDS is bound. 


Table 18.5 Properties of Matrices Supporting Protein Electrophoresis 


Supporting Pore 
Matrix Size 


Reproducibility 





Note: Electroendosmosis (EEO) occurs when fixed charges of the supporting matrix cause liquid 
flow toward the electrodes. A matrix with high EEO may affect the mobilities and separation 
performances of proteins during electrophoresis. 
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Electrophoretic mobility in the presence of SDS, therefore, becomes based on Mr rather than 
both Mr and the charge. Smaller proteins move through the pores of the gel matrix more rapidly 
than larger proteins. Asa result, the larger the size of the protein, the smaller its electrophoretic 
mobility. 

SDS gel electrophoresis can also be used to determine the Mr of an unidentified protein based 
on its electrophoretic mobility on the gel. Standard marker proteins of known molecular weight 
are run on the same gel and allow the estimation of the Mr of an unknown protein. A linear plot 
of log Mr values of marker proteins versus relative migration during electrophoresis allows the 
molecular weight of the unknown protein to be determined from the graph. 


18.2.1.3 Separation by Isoelectric Point 

The isoelectric focusing (IEF) technique can be used to separate proteins according to their iso- 
electric points (pI). The plis the pH value at which the net electric charge of an amino acid is zero. 
All proteins are composed of amino acids, and each has its own characteristic pI at which its net 
electric charge is zero and does not migrate in an electric field. 

In IEF electrophoresis, a pH gradient is created in a gel between the electrodes, and a pro- 
tein sample is placed in a well on the gel. With an applied electric field, proteins enter the gel 
and migrate until they reach a pH equivalent to their pI values, at which they lose mobility 
(Figure 18.9). IEF, based on molecular charge, is capable of producing sharper bands than dena- 
turing protein electrophoresis and thus has a higher resolving power. The technique can detect 
very low quantities of proteins in samples. A pH gradient in the gel is established by utiliz- 
ing materials such as carrier ampholytes or immobilines that are dispersed in the gel. Carrier 
ampholytes are synthetic amphoteric compounds that contain multiple weak ionizable moieties 
acting as either acids or bases. To establish a pH gradient, a mixture of ampholytes with slightly 
different pls is directly added to an IEF gel. The pH gradient is generated by applying an electric 
field on the ampholyte-containing gel. Under the electric field, the negatively charged ampho- 
lytes migrate toward the anode, and the positively charged ampholytes migrate to the cathode. 
As a result, a gradual pH gradient is created between the anodal end of the gel (acidic) and the 
cathodal side of the gel (basic). Immobilines are a series of modified acrylamide monomers that 
can be acidic or basic. The pH gradient of an IEF gel can also be established using a gradient- 
forming device that changes the proportion of the immobilines added to the gel matrix mixture 
as it is loaded into the gel-casting apparatus. 





Increasing pH 
Increasing pH 





(a) Ht (b) H* 








Figure 18.9 Isoelectric focusing. (a) A pH gradient is established by allowing low-molecular-weight 
organic acids and bases to distribute themselves in an electric field across a gel. A sample con- 
taining a protein mixture is loaded into a sample well. (b) During the electrophoresis, each protein 
migrates until it matches its pl. Proteins with different pls are separated. (© Richard C. Li.) 
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18.2.2 Erythrocyte Protein Polymorphisms 


18.2.2.1 Erythrocyte Isoenzymes 

The human erythrocyte contains a number of isoenzymes, which are multiple forms of an 
enzyme that catalyze the same reaction but differ in their amino acid sequences. Individuals 
can be divided into groups on the basis of the different isoenzymes present in their erythrocytes. 
The isoenzyme type is also inherited according to Mendelian principles. 

The polymorphism of erythrocyte phosphoglucomutase (PGM) was first described in the 
1960s and was later successfully applied to the testing of bloodstains. PGM, an important meta- 
bolic enzyme, catalyzes the reversible conversion of glucose-1-phosphate and glucose-6-phos- 
phate. The PGM found in erythrocytes is encoded at the PGM1 locus at chromosome 1. The 
PGM encoded by PGM1 can also be found in semen and thus can be utilized for the testing of 
semen samples in sexual assault cases. The protein polymorphisms of the PGM have two alleles, 
which result in three different phenotypes, depending on the combination of the two alleles. 
The success in the forensic application of PGM led to the similar use of many other erythrocyte 
isoenzyme polymorphisms. The most commonly used erythrocyte isoenzyme systems are listed 
in Table 18.6. 


18.2.2.2 Hemoglobin 

Recall that the use of hemoglobin (Hb) in screening and confirmatory blood tests was discussed 
in Chapter 12. Adult human Hb consists of two « chains and two £ chains. Each polypeptide 
chain contains a heme group involved in oxygen binding. A very small portion of blood pos- 
sesses a form of the human adult Hb consisting of two a chains and two 6 chains. 

More than 200 Hb variants have been identified and can be useful as markers for foren- 
sic applications. In particular, two types of human Hb variants are important in forensic test- 
ing: fetal Hb and sickle-cell Hb (Hb S). Hb S is the factor responsible for sickle-cell disease 
(Figure 18.10). Hb variants can be resolved using electrophoresis (Figure 18.11). 


18.2.2.2.1 Fetal Hemoglobin 


Humans have three forms of Hb during their development: embryonic, fetal, and adult Hb. 
In adults, the Hb tetramer consists of two identical « and two identical B chains. Embryonic 
erythrocytes contain Hb tetramers that are different from the adult form. Each embryonic Hb 
consists of two identical «-like chains and two identical B-like chains. The embryonic Hb is 
gradually replaced during pregnancy (approximately 3 months after conception) by fetal Hb, 
which comprises approximately 70% of the Hb in fetal blood. The fetal Hb has two identical « 
chains and two identical y chains. 


TABLE 18.6 Common Isoenzymes Used for Forensic Protein 
Profiling 


Erythrocyte Isoenzyme Protein Symbol | Number of Alleles 





a Ten alleles can be observed using IEF electrophoresis. 
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COO- Heme moiety COO- Heme moiety 





Figure 18.10 Normal and sickle-cell hemoglobin B chains. (a) Normal hemoglobin 6 chain contains a 
glutamic acid residue (Glu) at position 6 of the N-terminal of the protein. (b) At position 6 of the sickle- 
cell hemoglobin B chain, the glutamic acid residue is replaced by a valine (Val). (© Richard C. Li.) 
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Figure 18.11 Hemoglobins resolved by isoelectric focusing electrophoresis. (© Richard C. Li.) 


The embryonic and fetal Hbs have higher affinities to oxygen, required to provide the 
embryo and fetus with sufficient amounts of oxygen taken from maternal blood. Fetal Hb 
is replaced by adult Hb approximately 6 months after birth. These Hbs are encoded by their 
corresponding genes located at the globin gene clusters. The detection of fetal Hb in a blood- 
stain via electrophoresis can provide important evidence in cases of infanticide and concealed 
birth. 


18.2.2.2.2 Hemoglobin S 

Hb S polymorphism has forensic importance in identifying individuals. The Hb S polymor- 
phism is observed in high frequencies among those of African heritage and some Hispanic 
populations. Such a protein polymorphic marker can provide investigational leads for the indi- 
cation of the ethnic origin of a perpetrator. Hb S transports oxygen much less efficiently than 
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normal Hb. Individuals who are homozygous for Hb S usually die early after suffering from 
sickle-cell anemia and related complications. However, a heterozygous individual (an individual 
with a copy of the wild-type Hb allele from one parent and a copy of the Hb S allele from the 
other) can survive. This condition is known as the sickle-cell trait. 

In the 1950s, Vernon Ingram of Cambridge University discovered the molecular mechanism 
of the Hb S defect. His work revealed that the Hb S bears a mutation, which changes the glu- 
tamic acid in wild type to a valine at the sixth amino acid from the N-terminal end of the B 
chain. This substitution of amino acids causes a major change in the structure of the B chain, 
which in turn results in sickle-cell anemia. 


18.2.3 Serum Protein Polymorphisms 

The serum portion of blood consists of a large number of proteins. The work on serum pro- 
teins for forensic purposes started in the 1950s, when variations in serum proteins were found 
useful for distinguishing individuals. Over the years, a number of serum proteins were char- 
acterized and applied for forensic testing. Haptoglobin (Hp) was the most widely used of the 
polymorphic serum proteins in forensic biology (Figure 18.12). Haptoglobin is a protein that 
binds and transports Hb from the bloodstream to the liver for the recycling of the iron con- 
tained in the Hb. 

Immunoglobulin (Chapter 10) accounts for approximately 15% of serum protein and has 
been found to be highly variable. Two immunoglobulin proteins are utilized for forensic 
application. The y chain protein (G,,) is the heavy chain of immunoglobulin G and the k 
chain protein (K,,) is one of two types of the light chain of all immunoglobulins. Table 18.7 
lists common serum group systems. All exhibit genetic variations and can be detected in 
bloodstains. The variants of these proteins can be determined by electrophoresis or serologi- 
cal methods. 





Figure 18.12 Polyacrylamide gel electrophoresis of haptoglobin proteins. From left to right: Hp2, 
Hp2-1, Hp2, Hp1, Hp2, Hp2-1, Hp1, Hp2, Hp2-1. An anode is at the bottom. (From James, S. 
and Nordby, J.J., Forensic Science: An Introduction to Scientific and Investigative Techniques, CRC 
Press, Boca Raton, FL, 2005. With permission.) 
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TABLE 18.7 Serum Proteins Used for Forensic Protein Profiling 


Protein Gene Chromosomal Number of Number of 
Serum Protein Symbol | Symbol Location Amino Acids Alleles 





Source: Adapted from Yuasa, |. and Umetsu, K., Leg Med, 7, 251-254, 2005. 
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1/11/2018 NSESE's Ballpoint RF Probe 


Construction 


The figure below shows the parts required to build the Ballpoint RF Probe. Click on the image to open an larger, 
annotated image with parts labled, and construction notes. Pick a ballpoint pen with a non-metalized plastic 
body, and plenty of room inside. The Papermate Flexgrip model I used had an inside diameter a little over 1/4- 
inch. We'll use an itty-bitty scrap of double-sided printed-circuit-board to mount the electronic components. 
Trim the PC board to about 2-12" long and 3/16" wide; don't make it too wide, or it won't fit inside the ballpoint 
pen. Notch or file a little out of the middle of the pc board, so the 1N34A diode will fit easily inside the pen 
body. then, on one side only, groove in two places, so as to create 3 lands on the "top" side of the board. In 
addition to the parts shown, you'll need a 2-1/2" piece of heat-shrinkable tubing to cover the electronic assembly 
(although electrical tape would do instead), and about a foot of 1/4"-wide adhesive-backed copper tape, 
commonly available in rolls of 200-300 inches at large hobby stores (like Michaels, and Hobby Lobby). 
Although a chip capacitor is shown in the photo, a very small disc capacitor will do as well. 


NSFC 2004 





Click on the image above to see a larger, annotated image 


In the next image (below), we get a close-up of the electronics assembly. You can see the input capacitor 
straddling the front-to middle lands, and the 4.7 Meg resistor straddling the middle-to-rear lands. The diode, 
which snuggles into the notch, connects from the middle land to the ground plane on the rear side of the pe 
board. The diode's banded end goes to the middle land. Break the sewing needle in half, using two needle nose 
pliers. WARNING! Use eye and face protection!! ALSO NOTE: Don't try to cut a sewing needle with wire- 
cutters... you'll ruin the cutters. Avoid straight pins, which dont have the hardness to perform well as probes. 
Then, solder the sewing needle to the front land, centering it carefully. You might benefit from burnishing the 
solder-half of the sewing needle with some fine grit sandpaper, to make it take solder a little better. Center it up 
nicely, as that will make for a professional-looking probe. Solder the shielded cable to the top/bottom of the pc 
board, center conductor to the rear land on top, and shield to the ground plane on the bottom. Be careful to aviod 
straggling shield-wires which could short the electronics. Also,solder a 10-12" pigtail of good, flexible insulated 
wire onto the ground plane, pigtailed rearward. This will be used as the ground wire in our test circuit. Before 
you shrink the tubing over the electronic assembly, check for shorts between lands and from lands to ground 
plane, make sure you have the diode polarity correct, and check that the needle is making solid electrical contact, 
and is mechanically secure. 





Click on the image above to see a larger, annotated image 


See the next image, below. After the electronic assembly has been heat-shrunk overall, wrap the copper tape all 
around the electronic assembly. This will be our shield. Near the rear of the electronic assembly, solder the 
electonic assembly's ground to the copper tape, near or on the cable shield. Alternative shielding methods can be 


http://www.nd5ese.com/rfprobe2.htm 2/4 





Variable Number Tandem 
Repeat Profiling 


Tandem repeats are abundant in the human genome. Minisatellites were first defined as a 
class of tandem repeats in the 1980s. Some of these repeats share a GC-rich core sequence. 
Subsequently, tandem repeats with higher AT contents of core sequence have also been charac- 
terized. The minisatellites are also called variable number tandem repeats (VNTRs), as shown 
in Figure 19.1. The repeat unit length of a VNTR can range from several to hundreds of base 
pairs (bp). The tandem repeat arrays can be kilobases (kb, corresponding to 10° bp) long, and 
the numbers of tandem repeat units in some VNTR loci are highly variable, leading to variable 
lengths of DNA fragments. A genotype is defined by a particular number of tandem repeat 
units at a given locus. 

Table 19.1 lists the common VNTR loci used for forensic testing. To achieve high discrimi- 
nating power, the VNTR loci should not be linked, which means that they should be inherited 
independently of each other. For example, loci located on different chromosomes or far apart 
on the same chromosome can be used (Section 21.2). Many VNTR loci used for forensic appli- 
cations are highly polymorphic, and as many as hundreds of different genotypes per locus can 
be observed among the population. The discriminating power of VNTR loci used for forensic 
testing can be measured by population match probability (P,,; Chapter 25). The lower the P.,,, the 
less likely a match will occur between two randomly chosen individuals. A P,, of up to 10° can 
be achieved by testing several VNTR loci. 


19.1 Restriction Fragment Length Polymorphism 

VNTR profiling utilizes RFLP—the first historical method used in forensic DNA testing 
(Figure 19.2). It utilizes restriction endonucleases that recognize and cleave specific sites along 
the DNA sequence. Cleavage of a DNA sample with a particular restriction endonuclease results 
in a reproducible set of restriction fragments of various lengths. Appropriate restriction endo- 
nucleases should be selected so that the genomic DNA is cleaved at sites that flank the VNTR 
core repeat region. The resulting fragments are then separated according to their sizes by gel 
electrophoresis through a standard agarose gel (Chapter 9). 

The DNA is then processed using the Southern transfer and hybridization technique. The 
DNA is denatured and transferred from the gel to a supporting matrix such as a nylon or nitro- 
cellulose membrane. The DNA immobilized on the membrane is then hybridized with a labeled 
probe. Only bands of DNA that have complementary sequences to the probe are recognized 
by detection systems such as autoradiography (Section 19.1.4). Using the RFLP technique, the 
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Figure 19.1 VNTR locus D2S44 (2q21.3-2q22). Each repeat unit consists of 31 bp. Haelll rep- 
resents the Haelll restriction site. 


Table 19.1 Common VNTR Loci 


Chromosome | Repeat Unit | Haelll Fragment 
Locus Location Length (bp) Size (kb) 





Source: Adapted from Budowle, B., et al., DNA Typing Protocols: Molecular 
Biology and Forensic Analysis, Eaton Publishing, Natick, MA, 2000; 
Office of Justice Programs, Future of forensic DNA testing: Predictions 
of the Research and Development Working Group. National Institute 
of Justice, US Department of Justice, 2000. 


length variations among restriction sites can be detected. Most forensic applications focus on 
the length variations of VNTR regions located between two restriction sites. 

In summary, the RFLP method includes several steps: (1) genomic DNA preparation, 
(2) restriction endonuclease digestion of the genomic DNA into fragments, (3) agarose gel 
electrophoretic separation of the DNA fragments according to size, (4) transfer of DNA frag- 
ments using Southern transfer, (5) hybridization with locus-specific probes, and (6) detec- 
tion of locus-specific bands by autoradiography or chemiluminescence. 


19.1.1 Restriction Endonuclease Digestion 

Restriction endonucleases are enzymes that cleave the phosphodiester bond of DNA at or near 
specific recognition nucleotide sequences known as restriction sites. A restriction site usually is 
a short motif that is 4-8 bp in length. It often has a specific palindromic recognition sequence, 
that is, a segment of double-stranded DNA in which the nucleotide’s sequence is identical with 
an inverted sequence in the complementary strand. Thus, double-stranded DNA is required to 
be cleaved by most restriction endonucleases. As a result, both sticky ends and blunt ends of 
restriction fragments can be generated after the cleavage (Figure 19.3). 

To date, hundreds of restriction endonucleases have been described. They are traditionally 
classified into three types on the basis of subunit composition and enzymatic properties. Type II 
restriction endonucleases are most commonly used in molecular biology applications. Type II 
restriction endonucleases, requiring magnesium as a cofactor, usually cleave DNA at defined 
positions within their recognition sequences. The Enzyme Commission (EC) number of type II 
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Figure 19.2 RFLP. (a) Restriction digestion generates restriction fragments with various lengths of 
genomic DNA. (b) Restriction fragments are separated by gel electrophoresis. DNA is transferred to 
a solid phase and probed. The signal is detected and the DNA fragment of interest can be observed. 
Band patterns of heterozygous loci of individuals are shown. (© Richard C. Li.) 


restriction endonucleases is EC 3.1.21.4. The EC number is a numerical classification system of 
nomenclature based on the chemical reaction that is catalyzed by the enzyme. In contrast, type I 
(EC 3.1.21.3) and type III (EC 3.1.21.5) restriction endonucleases cleave at sites remote from their 
recognition site, which are not utilized for RFLP applications. 

Restriction endonucleases are isolated from various bacteria. Each enzyme is named using a 
nomenclature system after the bacterium from which it was isolated. For example, in the restric- 
tion enzyme Haelll, H is from the genus name Haemophilus, ae is from the species name aegyp- 
ticus, and III stands for the third endonuclease isolated from the Haemophilus aegyptius bacteria. 

The restriction endonucleases play a role in protecting the bacteria from phage (bacterial 
virus) infections by using their endonucleases to destroy foreign DNA molecules. Bacterial DNA 
is usually methylated. In prokaryotes, the Dam methylase transfers a methyl group to the N6 
position of the adenine in the sequence GmATC and the Dcm methylase transfers a methyl 


355 


Forensic Biology, Second Edition 


Vv 
toot ISS —- I) 
A 


v 
=F LLL OO eee 
A 


v 
bs _-—="aas 


A 





Figure 19.3 Restriction sites for Haelll, Hinfl, and Pstl. Haelll digestion produces a blunt end DNA 
fragment. Hinfl and Pstl digestions produce sticky ends. N represents any nucleotide. (© Richard C. Li.) 


group to the C5 position of cytosine in the sequences CmCAGG and CmCTGG. The activities 
of restriction endonucleases can be influenced by DNA methylation. Many restriction endo- 
nucleases cannot cleave methylated DNA. Therefore, bacterial DNA is distinguishable from for- 
eign DNA by the bacteria’s restriction endonucleases. This phenomenon protects bacterial DNA 
from digestion by their own endonucleases. Note that because DNA methylation also occurs in 
the human genome (Chapter 11), it is important to choose the restriction endonucleases that are 
not affected by the methylation of human genomic DNA for RFLP analysis. 

The type II restriction endonucleases were used in RFLP analysis for forensic DNA testing 
(Figure 19.3). In order to perform this analysis, the preferred restriction endonucleases for RFLP 
were those that cleave at the flanking regions of VNTR repeat units but not within the core 
repeat sequences of the VNTR. Most forensic laboratories used a single restriction endonucle- 
ase for a panel of VNTR loci because the DNA in evidence samples was often insufficient for 
performing multiple tests with different restriction endonucleases. For instance, HinfI-based 
RFLP was commonly used in European forensic laboratories, and HaelII-based RFLP was used 
in North American and some European forensic laboratories. Other restriction endonuclease- 
based RFLPs such as PsfI were also used. 

The use of these common restriction endonucleases allows the comparison of data of various 
laboratories. Several VNTR loci are suitable for RFLP analysis with these restriction endonucle- 
ases. For example, Haelll presents several advantages for forensic RFLP analysis. It recognizes a 
four-base sequence, 5’-GGCC-3’, and cleaves the DNA between the internal G and C residues of 
the recognition site (GG/CC). HinfI recognizes a five-base restriction site, and Pst] recognizes a 
six-base restriction site. Hypothetically, four-base restriction sites are likely to occur more often 
than five- and six-base restriction sites in the human genome. Thus, HaelIlI restriction sites occur 
more frequently than HinfI and PstI sites. As a result, HaelII-cleaved DNA fragments are smaller 
than those of HinfI and PstI. The HaelII-generated VNTR allele sizes are easier to separate using 
conventional agarose gels, also called analytic gel electrophoresis. After electrophoresis, a smear 
of various sizes of DNA fragments can be observed. The analytic gel is then processed for Southern 
transfer. Moreover, the enzymatic activity of Haelll is not affected by the methylation of human 
genomic DNA. Its enzymatic activities also appear unaffected when a reaction proceeds under 
nonoptimal conditions. Additionally, low star activity is observed (Section 19.1.5.2.2). 


19.1.2 Southern Transfer 
Also known as Southern blotting, this technique was named after Sir Edwin Southern, who 
developed it in the United Kingdom in the mid-1970s. The method can be used to transfer 
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DNA from an agarose gel to a solid matrix so that it can be detected with a hybridization probe 
(Section 19.1.3). This method is still used today in many research laboratories. Prior to the trans- 
fer of DNA, the DNA in the gel must be denatured, under alkaline conditions such as treatment 
with sodium hydroxide, into single-stranded DNA. The single-stranded DNA in the gel is then 
transferred by capillary action to a solid matrix such as a piece of nylon membrane. The single- 
stranded DNA fragments transferred can be immobilized on a nylon membrane by an ultravio- 
let cross-linking process (Figure 19.4). 


19.1.3 Hybridization with Probes 

A hybridization probe of RFLP is a small segment of labeled DNA that is usually several hundred 
to a thousand bases in length containing the VNTR sequence. It is utilized to detect the presence 
of much longer target DNA sequences, in this case the VNTR sequences that are complementary 
to the nucleotide sequences of the probe. The probe is first denatured by heating or by exposure 
to alkaline conditions into single-stranded DNA. The hybridization process allows complemen- 
tary pairing between the probe and the target sequence. Two types of probe techniques were 
developed for VNTR analysis: the multilocus probe and single-locus probe techniques. 


19.1.3.1 Multilocus Probe Technique 
The multilocus probe (MLP) technique can detect multiple VNTR loci simultaneously 
(Figure 19.5). Some VNTRs in the human genome share a short GC-rich core sequence of 
10-15 bp. The MLP consists of this core sequence and hybridizes to multiple VNTRs that share 
these core sequences. As a result, the utilization of MLP produces a complex bar-code-like band 
pattern from alleles of multiple VNTR loci (Figure 19.6). 

The MLP technique was pioneered by Sir Alec Jeffreys in 1984 at the University of Leicester in 
the United Kingdom and was called DNA fingerprinting. Because of its excellent discriminating 
power, the method was used for parentage testing in immigration disputes with great success. 
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Figure 19.4 Southern blotting. DNA in agarose gel is denatured into single-stranded DNA and 
transferred to a solid-phase membrane where the single-stranded DNA is immobilized by ultraviolet 
cross-linking. (© Richard C. Li.) 
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Figure 19.5 VNTR analysis using the MLP method. The technique can detect multiple VNTR loci 
simultaneously. Restriction sites are indicated by arrows. (© Richard C. Li.) 
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Figure 19.6 First application of DNA fingerprinting. The MLP method was used to analyze samples 
for an immigration case. M, mother; U, three undisputed children; B, male child in dispute; X, an 
unrelated individual. All bands in B can be traced back to M or U. (From Jeffreys, A.J., Nat Med, 
11, 1035, 2005. With permission.) 


However, one of the disadvantages of the MLP approach is that the interpretation of a mixed 
DNA sample from more than one individual is nearly impossible due to its complex DNA finger- 
printing patterns. Therefore, MLP analysis was not widely utilized in forensic DNA laboratories. 


19.1.3.2 Single-Locus Probe Technique 

To resolve the disadvantages encountered in the MLP technique, probes that recognize the 
genomic DNA at the flanking regions of specific VNTR loci can be used. The probe only hybrid- 
izes to a single VNTR locus and the technique is called the single-locus probe (SLP), as depicted 
in Figure 19.7. SLP generates a simple pattern called a DNA profile, consisting of one band for a 
homozygote and two bands for a heterozygote per locus. In order to improve the discriminating 
power of the test, SLP analyses of different VNTR loci can be performed by using different probes 
sequentially with a single locus at one time. SLP can analyze mixed DNA samples from two or 
more contributors. The sizes of fragments can be estimated and converted into a numerical form 
suitable for databasing. Therefore, DNA profiles can be compared among different laboratories. 
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Figure 19.7 VNTR analysis using the SLP method. The technique can detect a single VNTR locus. 
Restriction sites are indicated by arrows. (© Richard C. Li.) 


This technique led to the solving of a double murder case in Leicestershire in the 1980s. The 
case was the first to apply DNA evidence to a criminal investigation. DNA profiling identified 
the true perpetrator and also excluded an innocent suspect (Figure 19.8). In 1983 and 1986, 
two girls were raped and murdered. Crime scene evidence suggested that the two cases were 
committed by the same perpetrator. A young local man, Richard Buckland, was the suspect. 
However, the DNA evidence revealed that the semen samples from both crimes did not originate 
from Buckland. To solve the crimes, an investigation was carried out in which 5000 local men 
were asked to volunteer DNA samples for testing. Several months after the investigation, a wit- 
ness tipped off police that a man named Pitchfork had paid someone for giving a blood sample 
as Pitchfork’s. In 1987, Pitchfork was arrested. It was discovered that Pitchfork’s DNA profile 
matched that of the crime scene evidence. He was sentenced to life imprisonment. This case 
demonstrated the great potential of DNA profiling in forensic investigations. Consequently, SLP 
became a common method in most forensic laboratories in the late 1980s—1990s. 


19.1.4 Detection 
To detect VNTR loci, a labeled SLP probe is hybridized to the target sequence of DNA, which 
has been immobilized on a solid matrix such as a piece of nylon membrane (see Southern 
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Figure 19.8 First application of DNA profiling in a criminal investigation using the SLP method. A, hair 
roots from the first victim; B, a mixture of semen and vaginal fluid from the first victim; C, blood from 
second victim; D, a vaginal swab from the second victim; E, a semen stain on clothing from the second 
victim; S, blood from the suspect. Alleles (arrows) are matched with the profiles of the two cases but 
not with the suspect profile. (From Jeffreys, A.J., Nat Med, 11, 1035, 2005. With permission.) 
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transfer, Section 19.1.2). Any unbound probes are washed away so that they do not interfere 
with the signal. Two types of detection systems are used for VNTR analysis. Radioisotope 
labeling, such as with a P-labeled probe, can be used. The hybridized probe can be detected by 
exposing the membrane to a sheet of x-ray film to generate an autoradiograph. Alternatively, an 
enzyme-conjugated probe can also be used. Alkaline phosphatase (Section 9.2.2) is an example 
of an enzyme used in this type of probe. Its enzymatic activity can be detected with chemilu- 
minescent substrates. A chemiluminescent signal can be detected by exposure to x-ray film as 
well. 

In RFLP analysis, several loci are commonly analyzed sequentially using the same mem- 
brane. This approach has the advantage of not consuming additional DNA samples, which 
are often limited in forensic cases. When probing for multiple loci, multiple probes for each 
locus are sequentially hybridized and removed one at a time. Once the analysis of the first 
probe is completed, the probe is removed by a procedure called probe stripping, which is car- 
ried out under conditions such as high-temperature washing to denature the DNA strands 
(Chapter 17). The probe for the next locus to be analyzed is then hybridized to the same 
membrane, and the process is repeated for each probe to be tested. 

Typically, a size standard is utilized on each gel. Band sizes can thus be estimated by com- 
parison to these standards. However, the VNTR alleles that differ by only one or two repeat 
units are usually not distinguishable. For this reason, genotypes can be determined by bins 
but not discrete alleles. A bin is a range of DNA fragments that differ by only a few repeat 
units. A sample with a known VNTR genotype is also utilized on each gel as a positive con- 
trol where historically a genomic DNA sample from cell line K562 (a human erythroleukemic 
cell line) was used for the positive control. DNA samples to be compared can be loaded side 
by side on the same gel. As a result, the patterns of VNTR fragments can be compared from 
sample to sample. The following possible conclusions can be made. If the VNTR fragments 
are at corresponding positions (profiles match), they are considered to be a match (inclusion). 
Chapter 25 evaluates and discusses the strengths of the results. If the profiles are different, 
the two DNA samples are considered to have come from different origins (exclusion). 


19.1.5 Factors Affecting RFLP Results 

The accuracy of VNTR profiling results can be affected by certain factors such as sample 
conditions, genetic mutations, and experimental artifacts appearing during the procedure. 
Consequently, these factors can impact data interpretation and are explained in the following 
sections. 


19.1.5.1 DNA Degradation 

RFLP analysis requires the genomic DNA to be intact. DNA degradation results in damage 
such as creating nicks and breaks in the strand. The more severe the degradation, the smaller 
the average size of the DNA fragments. When the average size of DNA fragments becomes too 
small, the allele may not be detected. Many VNTR tandem arrays can span several kilobases in 
length. In theory, large alleles are more likely to be affected by degradation than smaller alleles 
at a different locus. 

A two-banded heterozygous profile can be observed as a one-banded homozygous pro- 
file if the larger band is not detected due to degradation. This artifact could lead to a false 
determination of exclusion. However, DNA degradation can be detected prior to conducting 
RFLP by the use of agarose gel electrophoresis, also known as a yield gel, used for evaluating 
the yield and integrity of the isolated genomic DNA. High-molecular-weight genomic DNA 
bands are usually observed for a typical genomic DNA sample. In contrast, a smear of low- 
molecular-weight DNA bands can be observed if DNA is degraded. The sizes of the DNA can 
be estimated by comparison to a size standard run on the same gel. Additionally, the yield of 
DNA can be estimated by comparing the intensity of the size standards with a known quan- 
tity of DNA. 
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19.1.5.2 Restriction Digestion—Related Artifacts 
19.1.5.2.1 Partial Restriction Digestion 


Complete restriction digestion should be achieved for RFLP analysis. If partial digestion occurs, 
the partially cleaved DNA strands are longer than the cleaved fragments (Figure 19.9). Thus, 
partial digestion results in a mixture of fragments with correct sizes and slightly larger frag- 
ments. Under these conditions, a larger uncleaved band, usually lower in intensity than the true 
bands, can be observed. The multibanded pattern due to the partial digestion can be observed at 
multiple loci analyzed in the same nylon membrane. 

Detection of more than two bands in an RFLP profile may lead to a false interpretation and be 
incorrectly concluded to be a mixture. However, partial digestion can be detected after restric- 
tion digestion. DNA cleavage by restriction endonuclease digestion can be examined using aga- 
rose gel electrophoresis. A small portion of a sample can be analyzed. After separation using 
electrophoresis, a smear of various sizes of cleaved DNA fragments can usually be observed if 
restriction digestion is completed. Conversely, high-molecular-weight genomic DNA can still 
be observed from partially digested DNA samples. Additionally, comparisons can be made 
between the sample and uncleaved and completely cleaved standard samples of DNA. This quick 
assay is also called a test gel, used to determine if the DNA was cleaved to completion. 

If partial digestion occurs, procedures such as additional purification of the DNA sample can 
be carried out. Additionally, optimal amounts of DNA, restriction enzymes, buffer, and proper 
incubation conditions should be used in achieving complete digestion. 


19.1.5.2.2 Star Activity 


Star activity refers to a deviation of the specificity of a cleavage site of a restriction endonuclease 
under certain conditions, such as a high concentration ratio of enzyme to DNA, the use of non- 
optimal buffers for restriction digestion, prolonged digestion time, the substitution of Mg”* with 
other divalent cations, and the presence of organic solvents such as ethanol and concentrated 
glycerol. For instance, HaellIl cleaves at the GGCC DNA sequence. When star activity occurs, 
the enzymatic specificity is reduced and cleaves at a sequence slightly different from GGCC. 
If the start site is presented at an internal location of a VNTR locus, the enzyme would cleave 
the GGCC sequences and additionally cleave at the internal star site (Figure 19.10). This would 
result in an additional band smaller than the true alleles, although the intensity of this band is 
usually not the same as other bands. Thus, a multiband pattern is observed. However, the star 
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Figure 19.9 Effects of partial restriction digestion on the RFLP profile. Only the restriction fragments 
detectable by the probe are shown. Haelll restriction sites are indicated by arrows. (© Richard C. Li.) 
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Figure 19.10 Star effects on RFLP profiles. Only the restriction fragments detectable by the probe 
are shown. Haelll restriction sites and star sites are indicated by arrows. (© Richard C. Li.) 
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site presented externally to a VNTR locus cannot be detected by the probe and does not affect 
the profiling results. Star activity can usually be avoided by carrying out restriction digestion 
reactions under conditions recommended by their manufacturers. 


19.1.5.2.3 Point Mutations 

A point mutation is caused by the substitution, deletion, or insertion of a single nucleotide. Point 
mutations at a restriction site within flanking regions may abolish the site, and the result is a 
band slightly larger than the true allele (Figure 19.11). The point mutation may also be present 
internally in a VNTR sequence. If such a point mutation creates a restriction enzyme site, the 
enzyme will cleave at the regular site and at the mutation site and yield two smaller bands. If 
the created restriction site is located internal to the probe binding region, both bands will be 
detected for that allele. These rare mutations obey Mendelian inheritance. 


19.1.5.3 Electrophoresis and Blotting Artifacts 

19.1.5.3.1 Partial Stripping 

If more than one VNTR locus is analyzed sequentially using the same membrane, a probe must 
be removed by the stripping process before the application of the next probe. Any probe remain- 
ing on the membrane due to partial stripping may generate additional bands when the next 
probe is analyzed. However, bands due to partial stripping are usually faint and have the same 
electrophoretic mobility as the previous autoradiograph. 


19.1.5.3.2 Separation Resolution Limits and Band Shifting 


Agarose gel electrophoresis cannot resolve restriction fragments that differ by one or a 
few repeat units, especially for high-molecular-weight fragments. These bands may not be 
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Figure 19.11 Effects of point mutations on the RFLP profile. Only the restriction fragments detect- 
able by the probe are shown. Haelll restriction sites are indicated by arrows. (a) Point mutation (in 
red) abolishes the Haelll restriction site. (b) A point mutation (in red) creates an internal Haelll 
restriction site residing within the probe-binding region. (c) A point mutation (in red) creates an 
internal Haelll restriction site residing outside the probe-binding region. (© Richard C. Li.) 
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1/11/2018 NSESE's Ballpoint RF Probe 


tried, for example, you might pull the shield out of a piece of RG-59, and sleeve it over the electronic assembly, 
soldering it to the ground plane. Whatever you do, be certain that the shield cannot unravel and short against the 
probe itself or any of the electronics. 


Although not shown in the picture, we drill a small hole about 2/3 back on the pen casing, threading the ground 
pigtail through the hole. This really tests your hand-to-eye coordination. If the pen has a threaded-in rear-cap, 
drill a hole in it just big enough to accommodate your main shielded cable. Thread the whole cable into the pen 
casing, and out the other side, and if you had a threaded rear-cap, like I did, thread it on. Pull the electronic 
assembly gently back into the casing, so that the needle probe sticks out about 1/2 inch. Mix some clear 5- 
minute epoxy, and let it thicken ever so slightly. Then , while holding the assembly vertically (i.e., probe-tip up), 
and using a small toothpick or screwdriver, drop epoxy into the probe area, sealing the electronics and probe into 
place. Allow to dry thoroughly before applying any pressure to the assembly. 


When dry, attach your favorite ground-clip to the pigtail, and banana plugs on the end of the shielded cable (red 
to the center-conductor, black to the shield, to match your Voltmeter) 





Click on the image above to see a larger, annotated image 


See the next image, below, which shows the completed assembly, annotated. Sometimes, seeing the entire 
assembly makes everything perfectly clear. Place the pen cap over the needle probe to protect the assembly 
when not in use. 


NSEC 2001 





Click on the image above to see a larger, annotated image 


And speaking of use, here's our lovely model (OK...X YL) making a measurement in the NOSS Noise Generator. 
She has the ground clip connected to a convenient place in the circuit's ground, and the probe touches the test 
point we want to measure. As you can see, we read 0.710 Volts. Since this is broadband noise, the actual voltage 
reading is not accurate, but it was seen to be much greater than the previous stage, as we expected. 


http://www.n5ese.com/rfprobe2.htm 3/4 


19.2 Amplified Fragment Length Polymorphism 


separated and will appear as a single band. This may lead to a false interpretation as a homo- 
zygous profile. Additionally, minor variations in the electrophoretic mobility of DNA frag- 
ments, known as band shifting, can cause two samples from the same individual to appear 
different. 


19.1.5.3.3 Bands Running off Gel 


The commonly used VNTR loci generate bands from hundreds of base pairs to 20 kb in 
length. The small bands have higher electrophoretic mobility and may run off the front edge 
of a gel during electrophoresis and fail to be detected. This phenomenon may also lead to a 
false interpretation as a homozygous profile. To prevent these DNA fragments from running 
off the gel into the buffer tank, a longer gel can be used. Alternatively, the electrophoresis can 
be stopped before the dye front, the furthest extent that dyes migrate, reaches the front edge 
of the gel. 


19.2 Amplified Fragment Length Polymorphism 

The RFLP analysis of VNTR profiling does not perform well for degraded or limited quanti- 
ties of DNA from crime scene samples. For these reasons, an improved VNTR method was 
developed. Some VNTR loci have relatively short alleles (<1 kb). These loci are suitable for PCR 
amplification. This technique is called amplified fragment length polymorphism (AFLP). One 
locus, D1S80, was used by forensic DNA laboratories for AFLP analysis. Fragments in the range 
of 14-42 repeat units (16 bp per repeat) were amplified using the AFLP method (Figure 19.12). 
The amplified DNA fragments were commonly separated according to size using polyacryl- 
amide gel electrophoresis and detected using a silver stain (Figure 19.13). 

D1S80 loci are detected as discrete alleles and thus can be compared directly to an allelic 
ladder (a collection of common alleles used as a standard) on the same gel. This technique rep- 
resented an improvement over the RFLP system. RFLP allele sizing cannot be performed with 
precision and the resolution limits of agarose gel electrophoresis are much lower than those of 
the polyacrylamide gels. 

The AFLP technique requires less DNA than the RFLP method and performs better for 
degraded samples. The AFLP method at the D1S80 locus can be analyzed in a multiplex fashion 
with an amelogenin locus (Chapter 21). The amelogenin gene is used for forensic sex-typing 
applications. Typing the amelogenin gene enables the determination of the sex of the contribu- 
tor of a biological sample. 

Due to the wide variation in allele sizes at the D1S80 locus, preferential amplification may be 
observed. Under certain conditions, the larger alleles may not be as consistently amplified as the 
small alleles, which may cause lower signal intensity of the larger allele. Additionally, only one 
locus is analyzed in this system. Furthermore, the D1S80 locus contains two alleles that are very 
common in some populations. Thus, the discriminating power is reduced compared to RFLP. 
D1S80 was gradually replaced by multiplex STR systems in the late 1990s. 


hae Core repeat region 
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Figure 19.12 VNTR locus D1S80 (chromosome 1p). Each repeat unit is 16 bp long. PCR primers 
are indicated to amplify the core repeat region. 
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Figure 19.13 AFLP analysis. (a) Heterozygous D1S80 loci amplified by PCR. PCR primers are indi- 
cated as arrows. (b) Silver-stained polyacrylamide gel showing D1S80 amplicons along with allelic 
ladders. (© Richard C. Li.) 
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Autosomal Short Tandem 
Repeat Profiling 


A short tandem repeat (STR) is a region of genomic DNA containing an array of short repeating 
sequences. STRs are also called microsatellites or simple sequence repeats. A STR repeat unit 
can be several base pairs (bp) in length. Arrays range from several to approximately a hundred 
repeat units, which are the component of repetition. The number of STR repeat units varies 
among individuals. The most commonly used STR loci are 100-500 bp in length, which are 
shorter than the smallest variable number tandem repeats (VNTRs) (approximately 1000 bp). 
Thus, STR loci have many advantages compared to VNTR loci: 


& STR loci can be amplified by PCR. 

§, STR profiling can be carried out for degraded DNA samples. 

&, Preferential amplification is reduced at STR loci. 

%, The resolution of electrophoretic separation of STR fragments is superior. 
&, STR loci are suitable for multiplex amplification. 


Additionally, STR profiling, as with VNTR profiling, is suitable for the interpretation of 
mixed DNA profiles from multiple individuals. Thus, STR loci are better candidates for forensic 
DNA testing than VNTR loci. This chapter will discuss autosomal STR profiling. Male-specific 
Y chromosomal STR will be discussed in Chapter 21. 


20.1 Characteristics of STR Loci 

More than 10° STRs exist in the human genome. Many STRs have been characterized and used 
in various types of studies such as genetic mapping and linkage analysis. Some STRs have been 
characterized specifically for forensic DNA profiling. 


20.1.1 Core Repeat and Flanking Regions 

The core repeat region of each STR locus contains tandemly repeated sequences. The designation 
of genotypes for human identification is based on the number of tandem repeat units at a STR 
locus, which varies among human individuals (Figure 20.1). The flanking regions surrounding 
the core repeat region are also needed for STR analysis. PCR primers complementary to these 
flanking regions are used, allowing the core repeat regions to be amplified. 
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Core repeat region 





Flanking region 1 Flanking region 


TAGA 


Figure 20.1 Core repeat and flanking regions of CSF1PO STR locus. It consists of eight repeating 
units of tetrameric nucleotides (TAGA); thus, it is designated as allele 8. (© Richard C. Li.) 


20.1.2 Repeat Unit Length 

Repeat unit length is the number of nucleotides in a single repeat unit. Dimeric, trimeric, tetrameric, 
pentameric, and hexameric repeat units appear in the human genome. For example, dimeric and 
trimeric repeats are very abundant, but they are not usually used for forensic applications. High fre- 
quencies of stutter peaks (Section 20.4.2.1) that interfere with genotype interpretation are observed 
when dimeric and trimeric repeats are amplified. On the contrary, only a few thousand pentameric 
repeats and a few hundred hexameric repeats exist in the human genome. The pentameric and 
hexameric repeats are very polymorphic. Only a few pentameric and hexameric repeats are used 
for forensic applications because they are less abundant in the human genome. The human genome 
has at least 10* tetrameric repeats representing approximately 9% of the total STRs. The STRs with 
tetrameric repeats are very polymorphic. When they are amplified by PCR, this category of STRs 
exhibits fewer frequencies of stutter peaks than STRs with dimeric and trimeric repeats. Therefore, 
the most commonly used STR loci for forensic DNA profiling are the STRs with tetrameric repeats. 


20.1.3 Repeat Unit Sequences 

STR loci compatible for forensic use can be divided into several classes based on their repeat unit 
sequences. Figure 20.2 shows representative examples of core repeat sequences. Simple repeats con- 
sist of tandem repeats with identical repeat unit sequences (Figure 20.2a). Allele designation is 
based on the number of repeat units in the core repeat region. For example, a D5S818 allele consist- 
ing of ten repeating units of the tetrameric nucleotide sequence AGAT is designated as allele 10. 
Compound repeats consist of more than one type of simple repeat (Figure 20.2b). Complex repeats 
contain several clusters of different tandem repeats with intervening sequences (Figure 20.2c). 





TCTA 
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Figure 20.2 Examples of core repeat sequences. (a) A simple repeat in which D5S818 [AGAT],, 
is designated as allele 10, consisting of 10 repeating units of the tetrameric nucleotides, AGAT. 
(b) Compound repeats. Allele 14 of D8S1179 consists of two types of repeating units: [TCTAI, 
[TCTG],, and [TCTA],;. (c) Complex repeats. Allele 24 of D21S11 contains several clusters of dif- 
ferent tandem repeats, [TCTA],, [TCTG],, and [TCTA],, with a 43 bp intervening sequence: [TCTA]; 
TA [TCTA], TCA [TCTA], TCCATA. (© Richard C. Li.) 
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Nonconsensus alleles with partial repeat units also appear in the population. These noncon- 
sensus alleles, also known as microvariants, differ from common alleles by one or more nucleo- 
tides. They are designated by the number of consensus repeats, followed by a decimal point and 
the number of nucleotides of the partial repeat, for example, the THO1 allele 9.3 is 1 nucleotide 
shorter than allele 10. 

Another type of nonconsensus allele can result from a limitation of STR analysis. These alleles 
have the same number of tandem repeats as common alleles but contain different sequences. 
These microvariants cannot be distinguished by STR profiling because their length is identical 
to the lengths of common alleles. 


20.2 STR Loci Commonly Used for Forensic DNA Profiling 

In the early 1990s, STR loci were initially utilized for genetic studies and were later applied 
to forensic DNA profiling. The first STR multiplex system, known as the quadruplex, was 
developed by Forensic Science Services in the United Kingdom. It consisted of four STR loci 
(F13A1, FES, THO1, and VWA) with a population match probability (P,,) of 10-4 (Figure 20.3). 
P,, measures the discriminating power of an STR locus used for forensic DNA analysis. The 
lower the P.,, (ie., the higher the discriminating power), the less likely a match will occur 
between two randomly chosen profiles from different individuals (Chapter 25). In 1995, the 
first national DNA database was established in the United Kingdom. It contained six STR loci, 
also known as the second-generation multiplex (SGM), consisting of D8S1179, D18S51, D21S11, 
FGA, THO1, and VWA, with a P,,, value of 10-”. The SGM system also included the amelogenin 
locus (Section 21.3.1) for determining the sexes of DNA contributors. Subsequently, four addi- 
tional loci were added to SGM with a P,, as low as 10-8 (SGM Plus). 

To allow for international data exchange, the European DNA Profiling Group (EDNAP) rec- 
ommended the use of THO1 and VWA loci for all participating European laboratories in 1996. 
In 1998, the European Standard Set (ESS) of loci was established and included THO1, VWA, 
FGA, and D21S11 for forensic use in Europe. Thereafter, D3S1358, D8S1179, and D18S51 loci 
were added to the ESS. Other loci are used as well, such as SE33, which is used in Germany’s 
database. In 1998, the US Federal Bureau of Investigation established the Combined DNA Index 
System (CODIS). It contains 13 core STR loci plus the amelogenin sex-typing locus with a P.,,, 
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Figure 20.3 DNA profile obtained using the first STR multiplex system: the quadruplex. F13A1, 
FES, THO1, and VWA loci are shown. (© Richard C. Li.) 
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Table 20.1 Common STR Loci 





Cytogenetic Distance 
Locus Repeat Map Location from pter 
Symbol Repeat Motif Category on Chromosome (yh) Structural Gene 
CSFIPO TAGA Simple BiaSShall 149.4 Intron 6 of 
c-fms 
protooncogene 
FGA [CTT Th] [Cert Compound 4q31.3 55:5) Intron 3 of 
fibrinogen « 
chain gene 
THO1 AATG Simple iL Ajo il'S).) QP Intron 1 of 
tyrosine 
hydroxylase 
gene 
TPOX TGAA Simple Z2pZor3 LS Intron 10 of 
thyroid 
peroxidase gene 
SE33/ AAAG Complex 6q14 89 5’ Flanking 
ACTBP2 sequence of 


B-actin-related 
pseudogene 2 


gene 
VWA [TCTG] [TCTA] | Compound i2pilersll 6.1 Intron 40 of von 
Willebrand 
factor gene 
D1S1656 [TAGA] [TAGC] Compound 1q42.2 230.9 Anonymous 
D2S441 [TCTA] [TCAA] | Compound 2pl4 68.2 Anonymous 
D2S1338 [TGCC] [TTCC] | Compound 2q35 ANS) Anonymous 
D3S1358 [TCTG] [TCTA] | Compound SpZiro 45.6 Anonymous 
D5S818 AGAT Simple 5q23.2 2Sel Anonymous 
D7S820 GATA Simple ig Ziel 83.8 Anonymous 
D8S1179 [TCTA] [TCTG] | Compound 8q24.13 125.9 Anonymous 
D10S1248 GGAA Simple 10q26 -a Anonymous 
D12S391 [AGAT] [AGAC] | Compound 12p13.2 225) Anonymous 
DilsSoily TATC Simple Sool 82.7 Anonymous 
D16S539 GATA Simple 16q24.1 86.4 Anonymous 
D18S51 AGAA Simple 18q21.33 60.9 Anonymous 
D19S433 [AAGG] [TAGG] Compound 19q12 30.4 Anonymous 
D21S11 [TCTA] [TCTG] | Complex Pil 1.1 20.6 Anonymous 
D22S1045_— ATT Simple ZAMS) S725 Anonymous 


Source: Ensembl Homo sapiens version 75.37 (GRCh37). Mb, megabase. 
2 Locus is not mapped to the assembly in the current Ensembl database. 
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of 10-'®. As the database grows rapidly, the chances of finding incidental matches among DNA 
profiles are increasing. Recently, additional loci have been added to CODIS and ESS core loci 
to reduce the likelihood of adventitious matches, as well as to facilitate international data shar- 
ing among law enforcement agencies and to improve the discrimination power of forensic STR 
analysis. 

Commonly used STR loci characterized for forensic DNA profiling are summarized in 
Tables 20.1 and 20.2. To achieve low P,,, in forensic STR profiling, desired STR loci should pos- 
sess certain characteristics as described below. First, the alleles of STR loci selected should be 
highly variable among individuals. Second, if more than one locus is selected, the loci should 
not be linked to each other or inherited together (Section 21.2). The STR loci utilized are usually 
located at different chromosomes to ensure that they are not linked. However, loci that are far 





TABLE 20.2 Core STR Loci 


MW MV M M M 




































































Amel MY MJ 
CSFIPO | | 
D1S1656 | 4 
D2S441 | | 
D2S1338 | fr] 
D3S1358 | | M | | 
D5S818 | | 
D7S820 | | 
D8S1179 VM] MM] td) td) MJ VJ 
D10S1248 | 4 
DIZSSo | | 
DUSSSIy, | m4 
D16S539 | | 4 
D18S51 MV MV MV MV MV MV 
D19S433 | | 
D21S11 YJ | | | | m4] 
D22S1045 rd) 2 
DYSSoill | 
FGA M] Vy] ta) td) VJ VJ 
THO1 VJ MJ VJ Mv VJ MV 
TPOX | 1 
VWA VM] MV] ta) J td) VJ 
SESS 3 


Source: Hares, D.R., Forensic Sci Int Genet, 6, e135, 2012; Gill, P., et al., Forensic Sci Int, 
156, 242-244, 2006. 
MJ, minimum required loci; 1-3, recommended loci in ranked order of preference. 
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enough apart on the same chromosome can still be used (Figures 20.4 and 20.5), since they are 
not linked. Additionally, STR loci with fewer amplification artifacts such as stutter products are 
desired. Stutters can complicate the interpretation of profiles derived from a mixed DNA sample 
from more than one contributor. Moreover, STR loci with short amplicon (amplified product) 
lengths are preferred for multiplex STR analysis and the testing of degraded DNA samples. 






p13.1 


D5S818 


CSF1PO 


(123.139 Mb) (149.436 Mb) 


= 


Figure 20.4 Cytogenetic map showing the locations of STR markers on chromosome 5. CSF1PO 
and D5S818 are separated by 26 Mb (megabases). (© Richard C. Li.) 


D21S811 


PentaD 


(43.88 Mb) (19.476 Mb) 





Figure 20.5 Cytogenetic map showing the locations of STR markers on chromosome 21. D21S11 
and PentaD are separated by 24 Mb (megabases). (© Richard C. Li.) 
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20.3 Forensic STR Analysis 

STR loci are amplified using fluorescent dye-labeled primers. A multiplex STR system utilizes 
multiple fluorescent dyes to label each amplicon. The amplicons are separated via electrophoresis. 
The different fluorescent dye colors are resolved by the detector, and the signals corresponding 
to each DNA fragment are identified using specialized computer software. The data collection 
process generates an electropherogram that shows a profile of peaks corresponding to each DNA 
fragment. The positions of these peaks represent the electrophoretic mobility of the DNA frag- 
ments. A small fragment, migrating faster than a large one, peaks earlier in the electropherogram 
than a longer fragment. The DNA fragments are sized by comparison to an internal size standard 
(Figure 20.6; Chapter 8). Figure 20.7 summarizes the work flow of a forensic STR analysis. 
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Figure 20.6 Electropherogram of GeneScan™ 500 size standard (Applied Biosystems). RFU 
represents relative fluorescence unit. (© Richard C. Li.) 
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Figure 20.7 Capillary electrophoresis separation of amplified STR products. Fluorescent dye- 
labeled amplification products are separated and subsequently detected. Various fluorescent dye 
colors are resolved by the detector. The peaks corresponding to each DNA fragment are identified. 


(© Richard C. Li.) 
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The area or amplitude of the peak, expressed as relative fluorescence units (RFU) 
(Section 9.3.1.3), reflects the fluorescent signal intensity. The RFU value of peak height is pro- 
portional to the amount of DNA amplicons being analyzed. When the RFU value is very low, it 
is difficult to distinguish a signal from background noise. The manufacturer of commonly used 
instruments for forensic DNA analysis recommends 150 RFU as the threshold of detection. 
Peaks below 150 RFU should be interpreted with caution. Some forensic laboratories use lower 
thresholds, as low as 50 RFU, based on their own validation studies. In contrast, when the RFU 
value is too high, it saturates the sensitivity of an instrument as well as causing artifacts such as 
pull-up signals (Section 20.4.3.1). The maximum RFU allowed is usually 6000 RFU. 


20.3.1 Determining the Genotypes of STR Fragments 

As noted earlier, electropherograms are usually plotted as fluorescent signal intensity (in RFU) 
versus the sizes of the DNA fragments. The data in an electropherogram can then be converted 
into a genotype. The genotype for a specific STR locus is defined as the number of repeat units of 
the allele. STR genotype data generated from different laboratories can be compared easily and 
are suitable for databasing. 

The genotype is determined by using an allelic ladder, which is important to achieve accurate 
genotype profiling. An allelic ladder is a collection of synthetic fragments corresponding to com- 
mon alleles observed in the human population for a given set of STR loci (Figures 20.8 and 20.9). 
The ladders are compared to data obtained from an electropherogram of a questioned sample to 
determine the genotype. Thus, each allele in a ladder must be resolved properly in order to deter- 
mine correct STR alleles for a sample. The sizes of DNA fragments of a sample are correlated to 
sizes of fragments for each allele in an allelic ladder in order to determine the allele designation 
(genotype) of a questioned sample (Figures 20.10 and 20.11). Ifa rare allele fails to match alleles 
within an allelic ladder, it is considered an off-ladder allele. If an off-ladder allele is present, the 
sample should be reanalyzed. The presence ofa rare allele can be confirmed by repeating the elec- 
trophoresis process based on the characteristic electrophoretic mobility of the rare allele. 


20.3.2 Interpretation of STR Profiling Results 

General guidelines for the interpretation and the reporting of STR profile results were set by the 
Scientific Working Group on DNA Analysis Methods (SWGDAM) and the DNA Commission 
of the International Society of Forensic Genetics (ISFG). Typically, conclusions are categorized 
as inclusion, exclusion, or inconclusive result. 


20.3.2.1 Inclusion (Match) 

Peaks of compared STR loci, such as those between the profiles of suspect and crime scene evi- 
dence or victim and crime scene evidence, show identical genotypes. The strength of this conclu- 
sion can be evaluated via statistical analysis and is usually cited in the case report (Chapter 25). 


20.3.2.2 Exclusion 
The genotypes of two or more samples differ, and the profile of the sample is determined to be 
an exclusion, meaning that the profiles originated from different sources. 


20.3.2.3 Inconclusive Result 
The data do not support a conclusion of inclusion or exclusion. In other words, insufficient infor- 
mation is available to reach a conclusion. 


20.4 Factors Affecting Genotyping Results 
A number of genetics-, amplification-, and electrophoresis-related factors may affect the accu- 
racy of genotypic profiles. 
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Figure 20.8 Electropherogram of the allelic ladder of the AmpFISTR® COfiler® PCR Amplification Kit 
(Applied Biosystems). AMEL, CSF1PO, D3S1358, D7S820, D16$539, THO1, and TPOX loci are shown. 
(© Richard C. Li.) 


20.4.1 Mutations 

STR loci with low mutation frequencies are desired, in particular, for human identification in 
mass disasters and for missing person and paternity cases. However, STR mutations do occur, 
which can affect the profiling results. 


20.4.1.1 Mutations at STR Core Repeat Regions 

Mutations, usually resulting in a gain or a loss of a single repeat unit, are observed at STR loci. 
If a mutation occurs in the germ cells (cells that form gametes), the mutant allele will be trans- 
mitted to and be present in all cell types of the progeny. This type of inheritable mutation in 
germ cell lineage is called a germ-line mutation. The frequency of germ-line mutation can be 
measured by the mutation rate, expressed as the number of mutations per generation (germ-line 
transmission). The average mutation rate of commonly used STR loci is about 10~* mutations per 
germ-line transmission. However, the mutation rate may vary among different STR loci. 
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Figure 20.9 Electropherogram of the allelic ladder of the AmpFISTR® Identifiler® Plus Kit (Applied 
Biosystems). AMEL, CSF1PO, D2S1338, D3S1358, D5S818, D7S820, D8S1179, D13S317, D16S539, 
D18S51, D19S433, D21S11, FGA, THO1, TPOX, and VWA loci are shown. (© Richard C. Li.) 
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Figure 20.10 Individual DNA profile (Cofiler). The genotype of the DNA profile is shown. AMEL: 
X, X. CSF1PO: 10, 12. D3S1358: 14, 15. D16S539: 11, 12. D7S820:10, 11. THO1:8, 9.3. TPOX: 
8, 8. (© Richard C. Li.) 


In contrast, somatic mutations involve the mutation of only somatic cells. The germ cells are not 
affected, and thus a mutant allele is not transmitted to the progeny. A somatic mutation occurring 
at the core repeat region of an STR locus can be detected and compared to the wild-type allele. The 
ratio of the signal intensities of the wild-type and mutant alleles varies, depending on the number 
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Figure 20.11 Individual DNA profile (Identifiler). The genotype of the DNA profile is shown. AMEL: 
X, X. CSF1PO: 10, 10. D2S1338: 22, 23. D3S1358: 15, 15. D5S818: 12, 13. D7S820: 9, 10. 
D8S1179: 13, 15. D13S317: 12, 12. D16S539: 10, 11. D18S51: 16, 17. D19S433: 12, 12. 
D21S11: 28, 29. FGA: 9, 22. THO1: 7, 7. TPOX: 8, 9. VWA: 17, 17. (© Richard C. Li.) 


of mutation-carrying cells in the tissue. Somatic mutations are usually tissue specific. STR profiles 
from different tissues of the same individual can be compared if a somatic mutation is suspected. 


20.4.1.2 Chromosomal and Gene Duplications 
Duplicating one of the homologous chromosomes results in a total of three copies of a particular 
chromosome. This condition, called trisomy, is rare and often associated with genetic diseases 
such as Down’s syndrome (chromosome 21 duplication). Duplications have also been observed 
in chromosomes 13, 18, and X. Other anomalies include duplication of a portion of a chromo- 
some and a single or group of genes instead of an entire chromosome. 

A duplication bearing a mutation within the STR core repeat region can affect the number of 
tandem repeat units. If the duplicated locus is mutated, a triallelic or three-peaks pattern can be 
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detected at a single locus, but not at loci located at other chromosomes in a multiplex STR profile 
(Figure 20.12). The three alleles usually have equal signal intensity (peak amplitude or peak 
area). Triallelic patterns at STR loci commonly used for forensic DNA analysis have been docu- 
mented. Many occur at the TPOX, FGA, and CSF1PO loci. If the duplicate locus is not mutated, 
only two alleles will be observed in a heterozygote. However, the ratio of the peak amplitude of 
the alleles will be 1:2 (one copy vs. two copies including the duplicate) at that particular locus. 
However, STR profiles at the loci located at other chromosomes are not affected. 


20.4.1.3 Point Mutations 

Point mutations involve the changing of a nucleotide sequence through nucleotide substitu- 
tion, insertion, or deletion. Insertion or deletion mutations affect the lengths of the core repeat 
regions and the amplified flanking regions of STR loci and thus affect STR profiles. Nucleotide 
substitution mutations (except those residing within the primer-binding regions) do not affect 
the length of DNA and thus do not affect STR profiles. 

However, mutations occurring at the primer-binding sequences of the flanking regions of 
STR loci may affect genotype results. If a mutation at a primer-binding sequence prevents the 
primer from annealing to the template, this leads to a complete failure of the amplification of 
the allele. This phenomenon is known as a null allele or silent allele (Figure 20.13). To over- 
come the consequences of a null allele, an alternative primer annealing to a flanking region 
away from the mutated sequence can be used. Additionally, a primer with the sequence that is 
complementary to the known mutation can also be used. If the mutation does not completely 
prevent the primer from annealing but reduces the efficiency of the amplification, the resulting 
signal intensity of the allele is usually decreased. This problem may be solved by modifying the 
condition of amplification for the mutant allele. 
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Figure 20.12 Triallele. In this example, the triallele is observed only at D21S11 and not at other 
STR loci. (© Richard C. Li.) 
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Figure 20.13 Null allele. An allele present in the sample failed to be amplified by one of the primer 
sets as a result of a rare mutation at the primer-binding sequence of the flanking region: (a) wild 
type and (b) mutation. (© Richard C. Li.) 
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20.4.2 Amplification Artifacts 

20.4.2.1 Stuttering 

A stutter is a minor allele peak, also known as a stutter peak, whose repeat units are shorter or 
longer than the parental allele peak (Figure 20.14). Less stuttering is observed with pentam- 
eric and hexameric repeat unit loci compared to shorter repeat unit loci. The loci that contain 
complex repeat sequences usually exhibit reduced stuttering. At a given STR locus, large alleles 
appear to yield more stutter than smaller alleles. 

Commonly observed stutters are one repeat unit shorter than the parental allele. It is believed 
that stuttering is due to the slippage of polymerase, which may have occurred during amplifica- 
tion reactions (Figure 20.15). Stutters with repeat units longer than the parental allele peak can 
also be observed, but are very rare. The stutter ratio is defined as the area of the stutter peak 
divided by the area of the parental peak. The stutter ratio is usually less than 0.15. A ratio of 
greater than 0.15 should be interpreted with caution due to the potential presence of DNA from 
more than one contributor. 
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Figure 20.14 Stutter products. (© Richard C. Li.) 


DNA 
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Figure 20.15 Proposed mechanism for stutter products. During the DNA synthesis step of PCR 
amplification, a DNA polymerase slips, and a region of the primer-template complex becomes 
unpaired, causing the template strand to form a loop. The consequence of this one-repeat loop is a 
shortened PCR product smaller than the template by a single repeat unit. (© Richard C. Li.) 
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20.4.2.2 Nontemplate Adenylation 

During PCR amplification, DNA polymerase often adds an extra nucleotide, usually an adenos- 
ine, to the 3’-end of an amplicon. Such a phenomenon is referred to as a nontemplate addition 
resulting in an amplicon that is one base pair longer than the parental allele (designated the +A 
peak), as shown in Figure 20.16. As a result, an amplicon has both the -A amplicon, which cor- 
responds to the size of the parental allele, and the +A amplicon, which represents the amplicon 
with the nontemplate addition. To simplify the analysis, the most commonly used multiplex 
STR kits utilize amplification conditions that favor the adenylation of amplicons. Thus, most 
amplicons in a sample contain an additional adenosine at the 3’ end (+A peak). However, partial 
nontemplate addition can occur when too much DNA template is utilized in PCR amplification. 
As a result, a mixture of -A and +A peaks is usually observed. 


20.4.2.3 Heterozygote Imbalance 

Heterozygote imbalance occurs when one of the alleles has greater peak area or amplitude than 
the other allele within the same locus in which the two alleles of a heterozygote are compared 
(Figure 20.17). It is believed that heterozygote imbalance may arise if the DNA sample contains 
unequal copies of DNA template of the two alleles for the heterozygote, or the two alleles ofa het- 
erozygote are unequally amplified, a condition known as preferential amplification. Preferential 
amplification usually refers to an event where a smaller allele is amplified more efficiently than 
larger ones. As a result, the presence of heterozygote imbalance interferes with the interpreta- 
tion of samples with a DNA mixture derived from more than one contributor. 


20.4.2.4 Allelic Dropout 
Allelic dropout occurs when an allele, usually one of the heterozygote alleles, fails to be detected. 
To date, our understanding of what causes the dropout is very limited. The occurrence of allelic 
dropout can be the result of an extreme situation of preferential amplification or heterozygote 
imbalance. Additionally, certain mutations leading to amplification failure (Section 20.4.1.3) 
can cause allelic dropout. 
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Figure 20.16 Nontemplate adenylation. OL represents the off-ladder allele. (© Richard C. Li.) 
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Figure 20.17 Heterozygote imbalance. The signal intensity of one allele is greater than that of the 
other allele within the same locus. (© Richard C. Li.) 


20.4.3 Electrophoretic Artifacts 

20.4.3.1 Pull-Up Peaks 

A pull-up peak occurs when a minor peak of one color on an electropherogram is pulled up from 
a major allelic peak in another color (Figure 20.18) when the colors have overlapping spectra. 
For example, a green peak may pull up a yellow peak, or a blue peak may pull up a green peak. A 
pull-up peak may contribute to the inaccuracy of a profile if the position of a pull-up peak cor- 
responds to the position of an allele. A pull-up peak often occurs when a sample is overloaded or 
a matrix file (a spectral calibration) is not updated. Thus, loading a proper amount of sample or 
installing an appropriate matrix file can prevent the occurrence of pull-up peaks. 


20.4.3.2 Spikes 

Spikes are sharp peaks, with similar signal intensities, that are present in all color panels of an 
electropherogram (Figure 20.19). Spikes are caused by air bubbles and urea crystals in the capil- 
lary of an electrophoretic platform. Voltage spikes can also contribute to spike peaks. The spikes 
are electrophoretic artifacts and are not reproducible. Thus, electrophoresis can be repeated to 
verify that the spikes occurred in a previous electrophoresis result. 


20.5 Genotyping of Challenging Forensic Samples 

20.5.1 Degraded DNA 

Environmental exposure, such as high humidity and temperature, of biological evidence can 
lead to DNA degradation such as the breaking of DNA molecules into small fragments. The 
more severe the degradation, the more intensive the fragmentation. In forensic DNA analysis, 
the size range of STR amplicons is usually 100-500 bp in length. When a sample experiences 
some degradation, large alleles are less likely to be amplified than small alleles (Figures 20.20 
and 20.21). As a result, the dropout of large alleles often occurs, leading to a partial DNA pro- 
file or even a failure in obtaining a DNA profile. To address this issue, the PCR primers can be 
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Figure 20.18 Pull-up peaks. The peaks with overlapping spectra observed in the top and middle 
panels are not observed in the bottom panel. (© Richard C. Li.) 
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Figure 20.19 Spike peaks can be observed in various intensities. (© Richard C. Li.) 
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Figure 20.20 Diagram of STR profiles of samples: without DNA degradation (top) and with degra- 
dation (bottom). Arrow: allelic dropout. (© Richard C. Li.) 


redesigned to anneal more proximally to the STR core repeat region than standard STR primers, 
yielding small amplicons also known as miniSTRs. Using the miniSTR strategy, more alleles 
can be detected in degraded DNA samples than using the standard STR primers. 


20.5.2 Low Copy Number DNA Testing 

Low copy number (LCN) DNA analysis involves the testing of very small amounts of DNA 
(<100 pg) in a sample. LCN DNA analysis is often needed for samples derived from evidence 
such as fingerprints and tools and weapons handled by perpetrators. STR analysis of extremely 
low levels of human DNA can be achieved by increasing the number of PCR cycles (e.g., increas- 
ing from 28 to 34 cycles) to improve the yield of amplicons, thus improving the sensitivity of 
the analysis. 

However, this approach also increases the appearance of artifacts that can make interpreta- 
tion difficult. For instance, the occurrence of allele dropout, heterozygote imbalance, and stut- 
tering is frequently observed in LCN DNA analysis. Additionally, allele drop-in can arise from 
contamination. The phenomenon of allele drop-in is usually not reproducible. In an LCN DNA 
analysis, genotypes can be determined if identical alleles can be detected from two independent 
amplification reactions. 


20.5.3 Mixtures 

Samples of DNA from two or more contributors are commonly encountered in forensic cases 
such as sexual assaults in which the evidence recovered from a victim is mixed with a suspect’s 
bodily fluids (Figure 20.22). The interpretation of DNA profiles of mixed stains is known as 
mixture interpretation, which is described below: 


1. To determine the presence of a mixture: First, determine whether the source of the 
DNA in the sample came from one or more individuals by examining the number of 
alleles at multiple loci. The characteristics listed below usually indicate a mixture: 

a. Severe heterozygote imbalance. 
b. Stutter ratio above 0.15. 
c. Presence of three or more alleles per locus at multiple loci. 
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Additionally, caution should be taken to distinguish the presence of a mixture and various 

artifacts such as stutters and nontemplate adenylation. 

2. To determine the genotypes of all alleles and to identify the number of contributors: 
Note that the maximum number of alleles at any given locus is two per individual. In 
the case of homozygous or allele overlap, the number of alleles observed can be less 
than two per individual. 


3. To estimate the ratios of the contributions: Determine the relative ratios of the con- 
tributions to the mixture made by each individual by comparing the peak areas or 
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Figure 20.22 DNA profiles of mixed bodily fluids. (a) DNA profile of mixed stains from evidence, 
(b) DNA profile of the victim. (© Richard C. Li.) 
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(c) 
Figure 20.22 (Continued) (c) DNA profile of the suspect. 


amplitudes. Amelogenin, a sex-typing marker, is useful in determining the genders of 
DNA contributors. 


4. To consider all possible genotype combinations: This may be done by pair-wise com- 
parisons to determine the allele combinations that belong to the minor contributor 
and those that belong to the major contributor. 


5. To compare reference samples: The final step is to compare the genotype profiles with 
the genotypes of reference samples from a suspect and victim. If the DNA profile 
of the suspect’s reference sample matches a major or minor component of the mix- 
ture, the suspect cannot be excluded as a contributor. 


Detailed guidance for basic steps in mixture interpretation is provided in a number of pub- 
lished guidelines. For example, the Interpretation Guidelines for Autosomal STR Typing by 
Forensic DNA Testing Laboratories was recently established by the Scientific Working Group 
on DNA Analysis Methods (SWGDAM), which provides direction on DNA profiling and mix- 
ture interpretation. Additionally, guidance for the statistical evaluations of the mixture analysis 
results is also provided. 
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Sex Chromosome Haplotyping 
and Gender Identification 


21.1 Y Chromosome Haplotyping 

21.1.1 Human Y Chromosome Genome 

The Y chromosome is inherited from the father and is passed on to all male offspring; this is 
known as patrilineage (Figure 21.1). Thus, the Y chromosome is unique to males. The chromo- 
some encodes dozens of genes required for male-specific functions, including sex determination 
and spermatogenesis. The human Y chromosome genome contains approximately 59 million 
base pairs (bp) and likely contains 50-60 genes. The Y chromosome can be divided into two 
regions: the pseudoautosomal region and the male-specific Y region (Figure 21.2). 


21.1.1.1 Pseudoautosomal Region 
The pseudoautosomal regions (PARs) are homologous nucleotide sequences that are present on the 
X and Y chromosomes. There are two PARs on each X and Y chromosome: PARI and PAR2. In 
the Y chromosome, PARI is located on the terminal region of the short arm. The PARI comprises 
2.6 Mb. Twenty-four genes have been identified within the PAR1. The PAR2 of the Y chromosome is 
located at the tip of the long arm. The PAR2 comprises 320 kb, with only four genes identified so far. 
The PARs play an important role in proper segregation of the X and Y chromosomes dur- 
ing meiosis. During meiosis in males, the PARs allow the Y chromosome to pair with the X 
chromosome. Crossing over and recombination (Chapter 25) within the PARs of the X and Y 
chromosomes can occur. As a result, males can inherit an allele originally present on the PARs 
of the X chromosome, and females can inherit an allele originally present on the PARs of the Y 
chromosome. In particular, PARI plays a major role in X-Y chromosome pairing. The deletion 
of PARI results in failure of pairing and leads to male infertility. PAR2 is much shorter than 
PARI, and thus shows a lower frequency of pairing than PARI. The deletion of PAR2 exhibits 
less severe phenotypes than that of PARI. 


21.1.1.2 Male-Specific Y Region 

The remainder of the Y chromosome is known as the male-specific Y (MSY) region. It was previ- 
ously called the nonrecombining Y (NRY) region. The bulk of this region does not participate in 
homologous recombination. However, certain sections involve intrachromosomal gene conver- 
sion, which is the nonreciprocal transfer of gnomic DNA between a pair of repeated genes on 
a single chromosome; in this case, the Y chromosome. About 40 megabases (Mb) within the 
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Figure 21.1 Human family pedigree showing inheritance of the Y chromosome. Females and males 
are denoted by circles and squares, respectively. Red symbols indicate individuals who inherited the 
same Y chromosome. 


X-transposed 
PAR 1 sequence Centromere PAR 2 





MSY 


(2 Euchromatic 
(9) Heterochromatic 


Figure 21.2 Human Y chromosome structure. PAR, the pseudoautosomal region; MSY, male-specific Y 


region; Y,, the short arm of the Y chromosome; Y,, the long arm of the Y chromosome. (© Richard C. Li.) 


MSY region are heterochromatic (highly repetitive sequences) including the centromeric region 
and the bulk of the distal long arm. The euchromatic region, which comprises transcriptional 
active genes, is approximately 23 Mb. Certain sections of the euchromatic region share some 
homology with the X chromosome. For instance, X-transposed sequences of the Y chromo- 
some are 99% identical to sequences within Xq21 (a band in the long arm of the X chromo- 
some). The X-transposed sequences are the sequences, a total of approximately 3.4 Mb in length, 
that were transposed from the X chromosome to the Y chromosome several million years ago. 
Additionally, dozens of genes located in the euchromatic region share 60%-96% homology with 
their X chromosome counterparts. The regions sharing homology with the X chromosome 
should be avoided when selecting Y chromosome-specific markers for forensic DNA profiling. 


21.1.1.3 Polymorphic Sequences 

The Y chromosome contains an abundance of polymorphic markers. DYF155S1, also known as 
MSY1, is the first characterized variable number of tandem repeats (VNTR) or minisatellite at 
the human Y chromosome. It consists of an array of AT-rich repeats at 25 bp per unit repeat. 
The DYF155S1 locus is highly polymorphic. The unit repeat sequence varies through base sub- 
stitution. At least five different variant types of unit repeat sequences exist. Additionally, the 
numbers of these units also vary, ranging from 50 to 115 repeats. Thus, the length of alleles range 
from approximately 1200 to 2800 bp. DYF155S1 is of considerable interest as a potential marker 
in forensic testing. However, the analysis method is labor intensive, making it difficult to imple- 
ment in forensic casework, such as the investigation of sex crimes. Moreover, many single nucle- 
otide polymorphisms (SNPs) and mobile elements exist at the Y chromosome. However, the 
discrimination power of SNPs and mobile elements is considerably less than that of Y chromo- 
some short tandem repeats (Y-STRs). To date, Y-STRs are usually used for Y chromosome DNA 
testing due to the high-throughput analysis and good discrimination power (Section 21.1.2). 
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21.1.2 Y-STR 

Y chromosome loci are very important for forensic DNA profiling, and this chapter will discuss 
such applications. For instance, the Y-STRs used in forensic DNA testing are male specific (for 
humans and certain higher primates) and are thus useful in the investigation of sexual assault 
cases involving male suspects. The evidence gathered in such cases usually consists of a mixture 
of high levels of female DNA and low levels of male DNA. The Y chromosome-specific loci can 
be examined without interference from large amounts of female DNA; differential extraction of 
sperm and nonsperm cells may not be needed. Furthermore, the Y-STR system is useful for deter- 
mining the numbers of unrelated male perpetrators in sexual assault cases. The Y-STR loci used 
for forensic applications are located in the nonrecombining section of the Y chromosome so that 
patrilineage can be established. The technique can be used for paternity testing and the identifica- 
tion of missing persons. Finally, data interpretation can be simplified by the use of a single allele 
per Y-STR locus profile at most loci. Reference databases are available for estimating Y-STR hap- 
lotype frequencies among various human populations for statistical analysis of profiling results. 

The major disadvantage of Y-STR loci is that their discriminating power is lowerthan that of 
autosomal loci. Because Y chromosome loci are linked, the product rule for statistical calcula- 
tions for profile probability does not apply. Chapter 25 discusses the statistical evaluation of the 
strength of the matches. Also, the current Y-STR profiling cannot distinguish individuals with 
the same patrilineage. 

More than 400 STR loci have been identified in the Y chromosome genome. The precise 
locations of these loci have been sequentially mapped using human genome sequencing data. 
Most Y-STR loci, approximately 60% of the 400 identified, are located on the long arm of the 
chromosome; about 22% are located on the short arm and a few are found in the centromeric 
region (Figure 21.3). Y-STRs in the telomeric region have yet to be identified. Only about 5% 
of Y-STRs are located within 5’ untranslated or intron regions of protein-coding genes. The 
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Figure 21.3 Human cytogenetic map of the Y chromosome. The Y-STRs and positions are shown 
(Mb=megabase). Cytogenetic patterns with alternating dark and light bands are shown. (© Richard C. Li.) 
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Figure 21.4 Human Y-STRs with different repeat unit length. About 400 Y-STRs have been identi- 
fied and categorized according to repeat unit length. (Adapted from Hanson, E.K. and Ballantyne, J., 
Leg Med (Tokyo), 8, 110, 2006.) 


repeat unit lengths of identified Y-STRs have been analyzed. Among the 400 Y-STRs, 6% are 
dimeric repeats, 39% are trimeric, 45% are tetrameric, 9% are pentameric, and 1% are hexameric 
(Figure 21.4). 

Fewer than half of the Y-STRs have been characterized. Some loci are polymorphic and are 
useful for forensic applications and developing new Y-STR multiplex systems. Since homologous 
recombination does not occur on the majority of the Y chromosome, alleles of Y-STR loci are 
linked (inherited together); they are referred to as haplotypes. As a result, the discrimination 
power of Y-STRs is much lower than that of autosomal STRs. The most commonly used Y-STR 
loci for forensic testing are described below. 


21.1.2.1 Core Y-STR Loci 
In 1997, the European minimal haplotype locus set, also known as the minimal haplotype loci, 
was recommended by the International Y-STR User Group for forensic applications (Table 21.1; 
Figure 21.5). This haplotype set includes a core set of nine Y-STR loci: DYS19, DYS385a and b, 
DYS389I, DYS389H], DYS390, DYS391, DYS392, and DYS393. In 2003, two additional loci were 
recommended by the Scientific Working Group for DNA Analysis Methods (SWGDAM) for 
forensic DNA analysis. The SWGDAM loci include the European minimal haplotype loci plus 
two additional loci: DYS438 and DYS439 (Table 21.1). 

The application Y-STR for forensic casework has been expanded with additional Y-STR 
markers. The use of Y-STR loci has been facilitated by commercially available PCR amplification 


Table 21.1 Common Y-STR Core Loci 
| Locus | EMH | US Haplotype Loci Repeat Motif 
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Figure 21.5 Electropherogram of Y-STR profile using an early generation of multiplex of four loci. 
The genotype of the DNA profile is shown (DYS19: 14. DYS389I: 10. DYS389II: 26. DYS390: 24). 
(© Richard C. Li.) 


kits in multiplex Y-STR systems. To improve discriminating power, multiplex systems including 
new Y-STR loci are desired. Many new Y-STR loci are being characterized for developing new 
multiplex systems. Commercially available kits with more Y-STR loci are now available and have 
been validated for forensic use (Table 21.2; Figures 21.6 and 21.7). Some of the additional Y-STR 
loci are highly discriminating, allowing for further distinction between unrelated male indi- 
viduals. Additionally, Y-STR loci, such as DYS570 and DYS576, with high mutation rates (see 
rapidly mutating Y-STR loci; Section 21.1.2.3) are included, which are useful for the discrimina- 
tion of related individuals. 


21.1.2.2 Multilocal Y-STR Loci 

DYS385 and DYS389 are multilocal Y-STR loci (MLL). The MLL designation refers to the pres- 
ence of a particular STR at more than one site on the Y chromosome due to duplication. To 
date, about 50 such MLL Y-STRs have been identified. Further MLL subdivisions are designated 
bilocal, trilocal, and so on. DYS385 and DYS389 are bilocal. 

The DYS385 locus has two inverted duplicated clusters and is separated by a 4 x 10‘bp intersti- 
tial region (Figure 21.8). It can be amplified by a single set of primers. One allele is observed if the 
duplicates are the same length. If the duplicated clusters have different lengths, they can generate 
two different alleles when amplified. The smaller allele is designated “a” and the larger allele is 
designated “b.” Moreover, the DYS389 locus has two duplicated clusters with the same orienta- 
tion (Figure 21.9). In a single set of PCR primers, there are two binding sites for the same forward 
primer at each 5’ flanking sequence of the core repeat region of DYS389. These binding sites 
between DYS389I and DYS389II are about 120 bp apart. Therefore, two amplicons are produced. 
DYS389I is designated for the smaller allele, and DYS389I] is designated for the larger allele. 


21.1.2.3 Rapidly Mutating Y-STR 

Current Y-STR loci implemented in forensic casework have adequate resolution of males from 
different patrilineages. However, most Y-STR sets have limited abilities to differentiate related 
males who belong to the same patrilineage. Thus, current forensic Y-STR profiling is not able to 
exclude patrilineal relatives of the suspect. Recently, rapidly mutating Y-STR (RM Y-STR) loci 
have been identified and characterized. The mutation rates of RM Y-STR are above 10°’, which 
is considerably higher than the average mutation rates of Y-STRs. The average mutation rate for 
the majority of the Y-STRs characterized, including the core Y-STR loci currently used in foren- 
sic casework, is approximately 10-4-10- per generation. Due to the high mutation rates, RM 
Y-STRs can improve patrilineage resolution. For use in forensic casework, the RM Y-STR loci 
have potential abilities to differentiate both paternally related and unrelated males. 
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Table 21.2 Y-STR Loci Covered by Representative 
Commercial Kits 





Core loci DYS19 | fr) 
DYS385a/b | v7] 
DYS389 | | M 
DYS389 II 4) | 
DYS390 | | 
DYS391 | | 
DYS392 | | 
DSSS | 4) 
DYS438 | | 
DYS439 | | 

Additional loci DYS437 YJ | 
DYS448 | | 
DYS456 | | 
DYS458 | | 
DYS481 | 
DYS533 | 
DYS549 | 
DYS570 | 
DYS576 | 
DYS635 | | 
DYS643 | 
Y-GATA-H4 | MY 








@ AmpFISTR® Yfiler® PCR Amplification Kit (Applied 
Biosystems). 
> PowerPlex® Y23 System (Promega). 


21.2 X Chromosome Haplotyping 

X-chromosomal STR (X-STR) profiling is a useful tool in kinship testing in forensic investiga- 
tions. For example, males under usual circumstances have only one X chromosome; thus males 
are hemizygous for the X-STR loci on the X chromosome. Homologous recombination between 
the X and Y chromosomes is restricted to the homologous PARs (Figure 21.2). The paternal X 
chromosome is inherited by daughters as haplotypes. Thus, father-daughter kinship is easier to 
determine using X-STRs than autosomal STRs. In females, there are two copies of the X chro- 
mosomes. Homologous recombination can occur between two X chromosomes in the mother- 
child transmission. Although it is possible to determine mother-child kinship using X-STR 
analysis, the level of certainty is less than that of father-daughter kinship analysis. Nevertheless, 
sharing of rare X-STR haplotypes can strengthen an indication of kinship. The most useful 
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Figure 21.8 MLL Y-STR locus DYS385. At the DYS385 locus, note the two inverted duplicated 
regions of the Y chromosome with an interstitial region of 40 kilobases (kb). These inverted regions 
can be amplified with a single pair of primers (indicated by arrows) in one PCR reaction. The allele 
designations are described in the text. (© Richard C. Li.) 
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Figure 21.9 MLL Y-STR locus DYS389. At the DYS389 locus, note the two duplicated regions of 
the Y chromosome with the same orientation. These duplicated regions can be amplified with a sin- 


gle pair of primers (indicated by arrows) in one PCR reaction. The allele designations are described 
in the text. (© Richard C. Li.) 


application of X-STR profiling, however, is in situations where autosomal STR profiling fails to 
determine kinship with high levels of certainty, and where Y-chromosomal or mitochondrial 
DNA profiling results are inconclusive. 

Many X-STR loci have been identified spanning the entire human X chromosome. Increasing 
the number of X-STR loci to be analyzed in the inherited region would increase the degree of 
certainty in determining kinship. However, it is necessary to take into consideration the link- 
age between X-STR loci on the X chromosome. Based on Gregor Mendel’s first law, the different 
alleles of two loci segregate independently. This is definitely true for loci localized on different 
chromosomes. The segregation can also be observed for loci located on the same chromosome, 
including the X chromosome, due to homologous recombination and meiotic crossing-over. 
Generally speaking, the farther apart the two loci are on the chromosome in physical distance, 
the more likely those loci are to segregate independently. When two loci are very close to each 
other, the alleles of the two loci are inherited together as a haplotype. Therefore, including addi- 
tional closely linked STR loci does not necessarily improve the discrimination power in kinship 
analysis. 

Homologous recombination events at different regions of the genome may occur with differ- 
ent probabilities. Thus, the tightness of linkage between two X-STR loci cannot be accurately 
measured based on the physical distance. In order to determine how closely two different loci are 
linked, the recombination fraction (or recombination frequency) can be used, which is the per- 
centage of recombinants resulting from chromosomal crossover between two loci during meio- 
sis among all the offspring. The recombination fraction reflects how often the loci are inherited 
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together or how often they are separated. The recombination fraction ranges from 0% to 50%. 
The minimum recombination fraction is 0, indicating perfect linkage (no recombinants). The 
maximum is 50%, meaning complete independence of the two loci (they are actually located on 
different chromosomes or on the same chromosome with great distance between them). 
Multiplex X-STR assays have also been developed. Commonly used X-STR loci can be grouped 
into linkage groups. Each linkage group is presumably transmitted independently from one another. 
These loosely linked loci can be treated as if they were located on different chromosomes. The dis- 
tribution of alleles at these X-STR loci should be in accordance with the Hardy-Weinberg principle 
(Chapter 25). Within each linkage group, the occurrence of recombination is negligible. Thus, loci 
within groups are generally considered as closely linked and are thus treated as a haplotype. 


21.3 Sex Typing for Gender Identification 

Sex typing of a biological sample is useful in forensic investigation. For example, the applica- 
tion of sex typing facilitates the identification of the victim and the offender’s DNA evidence in 
sexual assault cases and the remains of victims in mass disasters or missing persons investiga- 
tions. One commonly used sex-typing marker is the amelogenin (AMEL) locus. The use of mul- 
tiplex PCR systems with an additional amelogenin marker, a non-STR marker, leads to potential 
gender determination. 


21.3.1 Amelogenin Locus 

This region encodes extracellular matrix proteins involved in tooth enamel formation 
(Table 21.3). Mutations in the AMEL gene can lead to an enamel defect known as amelogen- 
esis imperfecta. Amelogenesis imperfecta is a disorder that causes abnormal formation of 
tooth enamel in both primary and permanent teeth. The formed tooth enamel is soft and thin; 
therefore it is easily damaged. The AMEL locus has two homologous genes: AMELX (Xp22.2) 
is located on the human X chromosome (Figure 21.10) and AMELY (Yp11.2) is located on the 
human Y chromosome (Figure 21.11). Although the genes constitute a homologous pair, they 
differ in size and sequence. The coding sequence of the AMELX gene has a size of 2872 bp and 
the AMELY gene has a size of 3272 bp in length. 

The most commonly used sex-typing method at the AMEL locus is the detection of a 6 bp 
deletion at intron 3 of AMELX (Figures 21.12 and 21.13). This deletion is not present in AMELY. 
Sex typing can be performed using primers specifically amplifying the region of the AMEL locus. 
Primer sets were developed to amplify both alleles in a single PCR. The two most commonly 


Table 21.3 Sex-Typing Makers and Homologous Genes on the Human X and Y 
Chromosomes 


Sex-Typing Markers 


Chromosomal | Distance from Chromosomal | Distance from 
Gene Symbol Location Xpter (Mb) Gene Symbol Location Ypter (Mb) 





Source: Ensembl Homo sapiens version 75.37 (GRCh37). Mb, megabase. 
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Figure 21.10 Cytogenetic map of the human X chromosome and sex-typing loci shown with physi- 
cal positions (Mb=megabases). Cytogenetic patterns with alternating dark and light bands are 
shown. (© Richard C. Li.) 
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Figure 21.11 Cytogenetic map of the human Y chromosome and sex-typing loci shown with physi- 
cal positions (Mb=megabases). Cytogenetic patterns with alternating dark and light bands are 
shown. (© Richard C. Li.) 
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Figure 21.12 Structure of human AMELY gene. Exons 1 through 7 and introns 1 through 6 are 
numbered. (© Richard C. Li.) 
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6 bp deletion 


Exon Intron 
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Figure 21.13 Sex typing using AMEL markers. A 6-bp deletion in intron 3 is present in AMELX but 
not in AMELY and can be resolved using electrophoresis as described in the text. (© Richard C. Li.) 


used amelogenin primer sets generate amplicons of 106 and 112 bp or 212 and 218 bp for 
AMELX and AMELY loci, respectively. The amplicons generated from AMELX and AMELY are 
separated by electrophoresis. The observation of the AMELX fragment alone indicates a female, 
whereas the observation of both AMELX and AMELY fragments indicates a male (Figure 20.8). 
Nevertheless, DNA from primates and some rudiments can be amplified as well, but the ampli- 
con sizes vary. The AMEL locus has been coamplified with other markers to provide a combined 
sex and identity test. Such combined tests have been used in historical D1S80 AFLP profiling 
(Chapter 19) and various current STR multiplex analyses. 

Cases of AMELY null mutations have been reported where only the AMELX fragment 
is detected in AMELY null males. Many of them are phenotypically normal but present the 
AMELX sex types of females. Various interstitial deletions at the Y chromosome short arm and 
point mutations within the primer-binding sites have been identified as the possible cause of 
some AMELY null sex typing. The frequency of AMELY null males is rare, but is higher in Sri 
Lanka and India. However, the mutations may lead to incorrect identification of sex if the muta- 
tions occurred in the DNA evidence of criminal investigations such as sexual assaults or in the 
identification of human remains in mass disasters. In the case of a female individual, an AMELX 
mutation, which is rare, usually affects one copy of AMELX; however, the wild-type copy of the 
AMELX is detected. Thus, the AMELX mutation is less problematic in females than the AMELY 
mutation in sex typing in males. 


21.3.2 Other Loci 

To solve the incorrect identification problem with null AMEL mutations, additional candidate 
genetic markers are used in combination with AMEL analysis (Table 21.3). One useful marker 
is the sex-determining region Y (SRY) gene located on the Yp11.31 of the Y chromosome. SRY 
encodes a transcription factor that plays a role in the regulation of sex determination toward 
male development. The SRY protein contains a DNA-binding domain known as the HMG box. 
SOX3, an SRY-related HMG box-containing gene, has been identified at Xq27.1 of the X chromo- 
some, which shares sequence homology with SRY. SRY-specific amplification is achieved using 
SRY-specific primers. 

Another marker is the TSPY locus located on Yp11.2 of the Y chromosome. The TSPY locus 
encodes the testis-specific protein Y-encoded gene that is only expressed in the testis and may 
play a role in spermatogenesis. The TSPY structural gene is approximately 20 kb in length, con- 
sisting of 6 exons and 5 introns. The TSPY gene has multiple copies. A single Y chromosome 
contains several dozen copies of TSPY genes that are organized as a tandem array. The TSPY 
gene cluster shows copy number variation (CNV) between individuals in a population ranging 
from 23 to 64 copies. DYS14 is a marker utilized for the characterization of the TSPY locus. The 
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DYSI4 locus includes the partial sequence of the first exon and intron of the TSPY gene and 
shares approximately 98% sequence homology with other members of the TSPY gene cluster. 

A TSPY-like (TSPYL) gene has been identified on the short arm of the X chromosome and is 
designated as TSPYL2. TSPYL2 is a single-copy gene per X chromosome and is 6.3 kb in length, 
consisting of 7 exons and 6 introns. TSPYL2 shares homology with TSPY. Additionally, several 
TSPYL genes have been identified on the autosomes. Primers are designed to amplify TSPY only 
and not amplify TSPYL2 and other TSPYL gene sequences. The sensitivity of detecting TSPY, 
due to multiple copies, can be considerably higher than any single copy genetic maker such as 
SRY. 

Furthermore, the DXYS156 locus, located at the pseudoautosomal region of both X and 
Y chromosomes, is another candidate marker used for sex typing. DXYS156 is a polymor- 
phic pentanucleotide STR. The DXYS156 Y alleles have an additional adenine insertion in the 
repeat units of STR. Thus, the DXYS156 Y alleles can be distinguished from the DXYS156 X 
alleles because of the insertion. Additionally, the DXYS156 alleles are ethnically distributed. 
The DXYS156 profiling may potentially indicate the ethnic origin of an individual as an inves- 
tigative lead. 

Moreover, the steroid sulfatase (STS) gene encodes an enzyme that catalyzes the conversion of 
sulfated steroid precursors to biologically active steroids such as estrogens and androgens. The 
STS gene is located on the distal part of the short arm of the X chromosome within Xp22.31. The 
STS gene is 146 kb in length, consisting of 10 exons and 9 introns. The size of exons is between 
120 and 160 bp long. However, the sizes of introns vary greatly, ranging from 102 bp to 35 kb. 
The entire coding sequence of the STS gene is 1542 bp in length. Deletions and point mutations 
of the STS gene have been associated with X-linked ichthyosis, a skin disease that affects males. 
There is an STS pseudogene, 100 kb in length, on the long arm of the Y chromosome known as 
STSP1. Although STSP1 shares some sequence homologies with the STS gene, the pseudogene 
does not encode a functional gene. Primer sets are designed to amplify the target sequences 
within the first intron (35 kb in length) of the STS gene and its homologous STSP1 pseudogene 
sequence. Although the homology of these target sequences of the STS gene and STSP1 pseudo- 
gene is approximately 80%, amplicons with two different sizes are produced to identify STS and 
STSP1 alleles for sex typing. 
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Single Nucleotide 
Polymorphism Profiling 


22.1 Basic Characteristics of SNPs 

Human genomes contain sequence polymorphisms, which are the variations in nucleotide 
sequences among individuals. One type of sequence polymorphism is called single-nucleotide 
polymorphism (SNP). An SNP constitutes a single-base-pair change originating from a sponta- 
neous mutation that can be a base substitution, insertion, or deletion at a single site. An esti- 
mated 10 million SNPs may exist in the human genome, and among them, over a million SNPs 
have been identified. Thus, SNPs are the most frequent form of DNA polymorphism observed in 
humans. Most SNPs appear in noncoding regions and some SNPs are found in coding regions 
of genes (Figure 22.1). 

The vast majority of SNPs are biallelic, although very rare triallelic and tetraallelic SNPs 
also exist. Ifan SNP originating from a spontaneous mutation occurs in the germ line, it can be 
inherited by offspring and can spread in the human population. As a result, both the wild type 
(the typical form of an allele occurring in nature) and a mutant allele are produced. This type of 
SNP is referred to as a biallelic SNP. Subsequently, a third mutation, a very rare event, may occur 
at the same nucleotide site. This SNP has a wild type and two different mutant alleles, which 
results in a triallelic SNP. It is also possible that a triallelic SNP is created by introducing two of 
the mutations simultaneously at a single site, which is also a very rare event. 

Generally speaking, there are a number of advantages to utilizing SNP loci as markers for 
forensic applications. First, SNPs are abundant within the human genome; therefore, a suffi- 
cient number of SNP loci that are suitable for human identification can be selected. Second, in 
SNP analysis, amplified fragments (amplicons) are usually 50-100 base pairs in length and are 
smaller than that in short tandem repeat (STR) analysis (Chapter 20). Therefore, SNP profiling 
can be more useful than STR for analyzing degraded DNA samples in which genomic DNA is 
fragmented (Section 20.5.1). Third, SNP loci have lower mutation rates than STRs and are, there- 
fore, useful for specialized human identification such as paternity testing. Lastly, it is possible to 
achieve high-throughput SNP analysis by utilizing multiplex SNP assays, which are amendable 
for automation. 

The application of SNPs for forensic DNA analysis also has some disadvantages, in that SNP 
loci are not as polymorphic as STR loci. It is estimated that the analysis of 50-60 SNP loci is 
needed to achieve a similar level of population match probability (P,,—the lower the P,,, the 
less likely a match occurs between two randomly chosen individuals; see Chapter 25) using 13 
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Figure 22.1 SNPs fall into several classes. Most reside in the noncoding regions of DNA and are 
designated as noncoding SNPs (ncSNPs). A subset of ncSNPs can also be found in introns. SNPs 
residing in exons are further divided into two types: The synonymous type (synSNP) is an exonic 
SNP that does not change the amino acid composition of the encoded polypeptide. Conversely, a 
nonsynonymous type (nsSNP) changes the encoded amino acid. SNPs in the promoter regions of 
the genome are known as promoter SNPs (pSNPs). Arrow: transcription start site. (© Richard C. Li.) 


STR loci in CODIS. Moreover, most SNPs are biallelic; therefore, it is difficult to resolve mixed 
DNA profiles when a shared common allele exists in a mixture of more than one individual. 
Furthermore, most DNA databases contain STR profiles instead of SNP profiles, which means 
that it is not possible to carry out a database search for a matching SNP profile in cases where no 
suspect has yet been identified. 


22.2 Forensic Applications of SNP Profiling 


22.2.1 HLA-DQA1 Locus 

The first use of SNP-based profiling for forensic application involved sequence polymorphisms at 
the HLA-DQA] locus (formerly called the DQa locus). The HLA-DQAI gene is a member of the 
human leukocyte antigen (HLA) family, which contains a large number of genes involved in the 
immune response in humans. The HLA-DQA1 locus is located within human HLA gene clusters 
on chromosome 6. The region tested for forensic use is highly polymorphic and is located at the 
second exon of the gene (Table 22.1). 


22.2.1.1 DQoa AmpliType and Polymarker Assays 

The SNP profiling of the HLA-DQA1 locus was carried out using the DQa AmpliType® kit. It 
was the first commercial kit, developed in the late 1980s by Cetus Corporation in Emeryville, 
CA. The HLA-DQAI panel can distinguish the following: alleles 1 (subtyped as 1.1, 1.2, or 1.3), 
2,3, and 4 (subtyped as 4.1 and 4.2/4.3, in which the 4.2 and 4.3 alleles are combined and cannot 
be distinguished). Therefore, a total of 28 possible genotypes from combinations of these alleles 
can be distinguished. Although the P,, of this SNP profiling is high (approximately 5 x 10-?), it 
is useful as a preliminary test to quickly exclude suspects. 

In addition to the HLA-DQA1] locus, five additional loci—LDLR, GYPA, HBGG, D7S8, and 
GC—were utilized for forensic application in 1993 (Table 22.1). These loci were included in the 
second generation of the kit known as the AmpliType® PM PCR amplification and typing kit 
(also known as Polymarker), manufactured by Perkin-Elmer (Norwalk, CT). It consisted of one 
panel for the testing of HLA-DQAI and another panel for an additional five loci (Figure 22.2). 
Among these five additional loci, LDLR, GYPA, and D7S8 each have two alleles (designated 
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Table 22.1 Chromosomal Locations of SNP Loci Used in AmpliType® PM PCR 
Amplification and Typing Kit 





Chromosome Number 
Locus Gene Product Location of Alleles Further Reading 

















HLA-DQA1 HLA-DQA1 6p21.3 Gyllensten and Erlich 
(1988) 
LDLR Low-density 19p 13.1-13.3 2 Yamamoto et al. 
lipoprotein (1984) 
receptor 
GYPA Glycophorin A 4q28-31 2 Siebert and Fukuda 
(1987) 
HBGG Hemoglobin G Thal poy G).f5) 3 Slightom et al. (1980) 
gammaglobin 
D7S8 Anonymous 7q22-31.1 2 Horn et al. (1990) 
GC Group-specific 4q11-13 3 Yang et al. (1985) 
component 
ae ae ee weg eae Loy All _ _ . 
IC) 20) 3) 4Q.) Cui 13 re Ole Orr @ we DQA1 
; LDLR _ GYPA _ HBGG _D7S8 GC ; 
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Figure 22.2 Panels of immobilized probes in the Polymarker kit. Top: HLA-DQAI. Bottom: additional 
five loci (LDLR, GYPA, HBGG, D7S8, and GC). C and S represent threshold control dots. (© Richard C. Li.) 


A and B), while HBGG and GC each have three alleles (A, B, and C). As a result, the P,, of the 
Polymarker panels decreased to 10-*. 

The DNA profiles of the Polymarker system have been accepted in US courts. The Polymarker 
system has a number of advantages, particularly compared to variable number tandem repeat 
analysis (VNTR; see Chapter 19). First, the Polymarker system is a PCR-based method and is 
capable of analyzing a small amount of DNA sample (approximately 2 ng per analysis). Therefore, 
it is more sensitive than the method used in VNTR analysis. Second, the Polymarker system is an 
SNP assay with short amplicon sizes and, therefore, can analyze degraded DNA samples, which 
is not possible in VNTR analysis. Third, the Polymarker system is more rapid and less laborious 
than VNTR analysis. Lastly, the amplicon sizes of alleles at a given locus have identical lengths 
and, therefore, this assay does not exhibit preferential amplification as in amplified fragment 
length polymorphism (Chapter 19). However, the Polymarker system has its limitations com- 
pared to VNTR analysis. For example, compared to the VNTR analysis, the P,, of the Polymarker 
system is high, resulting in poor discrimination power in the comparison of two DNA profiles. 
Therefore, the Polymarker system is merely useful for excluding a suspect. Moreover, the SNP 
loci utilized in the Polymarker system are less polymorphic than VNTR loci. The limited number 
of alleles per SNP locus makes identifying the components of mixtures more difficult than with 
VNTR analysis in situations when contributors of a mixture sample share common alleles. For 
these reasons, the Polymarker system was replaced by STR profiling in the late 1990s. 
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22.2.1.2 Allele-Specific Oligonucleotide Hybridization 

Both DQa AmpliType® and Polymarker kits utilize the allele-specific oligonucleotide (ASO) 
hybridization technique. This technique analyzes single-nucleotide variations, such as SNPs, at a 
given locus. It is based on the principle that ASO probes, usually 14-17 bases in length, hybridize 
to their complementary DNA sequences to distinguish known polymorphic alleles. ASO probes 
for multiple alleles at several loci can be arranged on the same panel to establish the presence or 
absence of specific alleles in PCR-amplified fragments of a DNA sample (Figure 22.3). Thus, the 
genotypes can be determined. 

In the DQa AmpliType® and Polymarker kits, the oligonucleotides representing different 
alleles are immobilized to a solid matrix consisting of nylon membrane strips. Each immobi- 
lized probe at a particular site on the membrane is utilized to detect corresponding SNPs. Since 
the probe rather than the target DNA (as with regular blot format; see Chapter 9) is immobilized 
to the solid phase, the configuration used here is known as a reverse blot format. 

The regions of the DNA in question are amplified by PCR. One of each pair of the primers 
is conjugated with biotin at the 5’ end (Figure 22.4). Thus, the amplicons are biotinylated for 
purposes of detection. This kit established multiplexing of a six-locus system, allowing simulta- 
neous amplification of the HLA-DQA1 locus along with LDLR, GYPA, HBGG, D7S8, and GC in 
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Probe A Probe B 


Figure 22.3 Hybridization with ASO. Two probes are incubated with the target DNA containing the 
SNP. Only the perfectly matched probe-target DNA can hybridize under optimal conditions. 


Biotin Primer 





Figure 22.4 Amplification of DNA using biotinylated primers. The biotin is conjugated at the 5’ 
end of the primer. The amplified products are biotinylated. (© Richard C. Li.) 
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a single reaction for each sample. Following the denaturation of the PCR product to separate the 
two complementary DNA strands of the amplicons, the biotinylated strands are hybridized to 
the immobilized probes. Hybridization and washing conditions are established to ensure proper 
hybridization of the ASO probe and its target sequence. Unbound amplicons are washed away. 

The presence of a PCR product bound to a specific probe can be detected by a colorimetric 
detection system (Figure 22.5). Since the amplicons are biotinylated, a horseradish peroxidase- 
conjugated streptavidin complex is utilized to bind to the biotinylated amplicons. The horse- 
radish peroxidase then catalyzes the oxidation reaction of the colorless substrate, tetramethyl 
benzidine (TMB), into a blue precipitate at a designated location on the membrane strip, allow- 
ing the genotype of the sample to be determined (Figures 22.6 and 22.7). 

The kit uses a threshold control (C dot in the HLA-DQAI panel and S dot in the panel of the 
other five loci) to distinguish between signal and background noise and to determine whether a 


Biotinylated amplicon 





Immobilized probe 


Membrane ———————__ 
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Immobilized probe 


(b) Membrane ——————— 
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Figure 22.5 Reverse blot assay. (a) The probe is immobilized onto a solid-phase membrane 
and hybridized with a biotinylated PCR product having the target sequence. (b) The detection of 
hybridization is carried out by streptavidin (SA) and horseradish peroxidase (HRP) conjugate. (c) 
Colorimetric reaction is catalyzed by HRP using TMB as a substrate. (© Richard C. Li.) 
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Figure 22.6 DNA typing of homozygous alleles at the HLA-DQAI locus using the reverse blot assay 
(Polymarker kit). The genotype of each sample is noted on the right. (© Richard C. Li.) 
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Figure 22.7 DNA typing of heterozygous alleles at the HLA-DQAI locus using the reverse blot assay 
(Polymarker kit). The representative genotypes of the samples are noted on the right. (© Richard C. Li.) 


sufficient amount of DNA has been amplified to detect all the alleles present in a sample. If the 
signal intensities of allele dots are greater than or equal to the threshold control, the alleles are 
considered true. If the allele dots are less intense than the threshold control, they are consid- 
ered inconclusive for the determination of full genotypes because an allele may not have been 
detected due to a low level of DNA template. 
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22.2.2.1 Application of SNP Analysis for Forensic Identification 

The applications of SNP analysis for forensic human identification are summarized in 
Table 22.2. Autosomal SNP panels can be used for the most common types of forensic test- 
ing, including analysis of degraded DNA samples. The SNP panels for mitochondrial DNA 
(mtDNA) profiling are useful for identifying human remains by comparing the DNA pro- 
files in question to those of potential relatives. This approach may serve as an alternative 
method to the DNA sequencing method of mtDNA analysis, which is time-consuming and 
laborious. SNP loci on the Y chromosome are also potentially useful markers for paternity 
testing because of low mutation rates. SNP loci such as ancestry informative markers (AIM) 
can be used to determine the ethnic origins of questioned samples to generate leads for 


investigations. 


Table 22.2 Examples of Forensic Applications of SNP Profiling 





Candidate SNP Loci Application Further Reading 


Identity 


Biogeographical 
origin 


Physical 
characteristics 


Pathology 


Toxicology 


Autosomal SNPs 


mtDNA SNPs 


Y chromosome SNPs 


Ancestry informative 
markers (AIMs) 


MC1R (melanocortin 
1 receptor gene) 


P (gene has role in 
pigmentation) 


KCNH2 (cardiac 
potassium channel 
gene) 


SCNS5A (encodes 
cardiac sodium 
channel gene) 


CV PACIONCVEZADG 
CYP3A4, CYP2E1 
(drug metabolizing 
enzyme genes) 


Human identification 


Human identification 
via degraded DNA 


Human identification 


Paternity testing 


Ethnic group 
identification 


Hair color 
identification 
(investigative lead) 


Eye color 
identification 
(investigative lead) 


Determining cause of 
sudden death from 
cardiac arrhythmia 
long QT syndrome 


Determining cause of 
sudden death from 
cardiac arrhythmia 
long QT syndrome 


Investigation of drug 
overdose (including 
death) 
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22.2.2.2 Potential Applications of SNPs for Phenotyping 

One potential application of SNP analysis is in determining phenotypic information, also known 
as phenotyping (Table 22.2). The relevant SNP loci are usually nonsynonymous SNPs (nsSNPs); 
they reside in the exon and change the encoded amino acid, which leads to an altered pheno- 
type. Phenotyping of a questioned sample can reveal physical characteristics of an individual, 
such as hair and eye color, to provide leads for investigations. A number of SNPs residing within 
the melanocortin 1 receptor gene (MCI1R) are associated with red hair, fair skin, and freckles, 
while SNPs residing within the P gene, which play a role in pigmentation, are associated with 
eye color variations. 

Phenotyping can also be employed in the area of forensic pathology. Cardiac arrhythmia long 
QT syndrome (LQTS) can cause sudden death. A number of LQTS-associated SNPs—for exam- 
ple, SNPs in KCNH2 and SCN5A genes—have been shown to correlate to such deaths. Thus, 
these SNPs are potentially useful for investigating the causes of death. Finally, phenotyping also 
has applications in forensic toxicology. A number of SNPs in genes, such as CYP2D6, that are 
responsible for metabolizing drugs can serve as potential markers for postmortem investiga- 
tions of drug-overdose cases. 


22.3 SNP Techniques 

Over the years, various techniques of SNP analysis have been developed and can be divided 
into several groups based on the mechanisms used: allele-specific hybridization, primer exten- 
sion, oligonucleotide ligation, and invasive cleavage. In allele-specific hybridization, allele dis- 
crimination is based on an optimal condition allowing only the perfectly matched probe-target 
hybridization to form. Primer extension methods are based on the ability of DNA polymerase to 
incorporate specific deoxynucleotides (ANTPs) complementary to the sequence of the template 
DNA. Allele-specific oligonucleotide ligation is based on the condition that only the allelic probe 
perfectly matched to the target is ligated. In the invasive cleavage method, allelic discrimination 
is based on DNA sequence-specific cleavage by endonucleases. A number of detection methods 
can be utilized in SNP analysis, such as the measurements of fluorescence, luminescence, and 
molecular mass. Most assays are carried out in solutions or on solid matrices such as glass slides, 
chips, or beads. Table 22.3 summarizes the representative assays for SNP typing. 

For decades, Sanger sequencing, using chain-termination chemistry, has been the standard 
method for DNA sequencing (Chapter 23). In recent years, next-generation sequencing (NGS), 
a rapidly developing technology, has had a profound impact on biology. Compared to Sanger 
sequencing, NGS is advantageous in that it can achieve substantially higher throughput, and at 
lower cost, than the Sanger method. For example, a human genome can now be sequenced in 
several days using NGS technologies. Although NGS is not yet widely utilized for forensic appli- 
cations, it has great potential for forensic DNA analysis, particularly in SNP analysis. 


22.3.1 Next-Generation Sequencing Technologies 

NGS technologies have two categories of application: de novo sequencing and resequencing. In 
de novo genome sequencing, uncharacterized genomes or characterized genomes with substan- 
tial structural variations are sequenced. Sequence reads are assembled without any reference 
sequence. In resequencing applications, characterized genomes are sequenced. Sequence reads 
are assembled against an existing reference sequence to identify sequence polymorphisms. Thus, 
resequencing can potentially be used for forensic applications to detect polymorphisms associ- 
ated with human identification. Target resequencing is a useful method of resequencing that can 
be utilized for forensic applications. Prior to sequencing, the genomic regions of interest from 
a DNA sample are selectively isolated through a method known as enrichment. Several target- 
enrichment strategies have been developed. PCR is the most widely used enrichment method. 
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The PCR-based approach is highly effective in targeting genomic regions that are small in size. 
Nevertheless, a typical NGS involves several major steps, including sample, library, and template 
DNA preparation; template amplification; sequencing and detection; and base calling; as well as 
data analysis (Figure 22.8). 


22.3.2 DNA Samples, Sequencing Library, and Template Preparation 

For most sequencing applications, micrograms of purified DNA are needed. This require- 
ment is still a challenge for forensic casework applications where nanograms of DNA are 
often obtained. Human autosomal genome sequencing usually requires converting a DNA 
sample into a sequencing library. Two types of sequencing libraries are usually used: mate- 
pair libraries and fragment libraries. A mate-pair library is often used in de novo sequenc- 
ing applications, while the fragment libraries can be used for resequencing and forensic 
applications. To construct a fragment library, a DNA sample is fragmented using mechani- 
cal methods such as sonication, nebulization, or shearing; endonuclease digestion; or a 
transposon-based method. Subsequently, sequencing adapters containing primer-binding 
sites for universal PCR primers are ligated to both ends of the DNA fragments. In rese- 
quencing applications, multiplex sequencing of pooled samples is often carried out, which 
can improve the efficiency and reduce the costs of sequencing. For multiplex sequencing, an 
index tag containing a bar code can be ligated to each DNA fragment to allow it to be identi- 
fied after sequencing. Indexing can minimize the risk of sample mix-ups and contaminations 
during the sample preparation. 
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Figure 22.8 NGS work flow for potential forensic applications. (© Richard C. Li.) 
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Most imaging systems of sequencing platforms are not equipped to detect single-molecule 
fluorescence. Thus, DNA templates are amplified using either emulsion or solid-phase PCR. In 
the emulsion PCR, single-stranded DNA templates are bound to beads. DNA-bound beads are 
suspended in a water-in-oil emulsion, where each bead is placed in a single aqueous droplet. 
DNA fragments are amplified using PCR. As a result, each bead is coated with thousands of 
copies of the same template sequence. Subsequently, beads carrying amplified DNA are depos- 
ited on a glass slide or into individual fiber-optic wells for sequencing. In solid-phase PCR, both 
forward and reverse primers are attached to a slide (Figure 22.9). DNA templates are hybridized 
to immobilized PCR primers. The extended primer bends and hybridizes to a second immobi- 
lized primer, forming a bridge. During the “bridge amplification,” the single-stranded template 
is amplified to form clusters. Solid-phase amplification can produce millions of spatially sepa- 
rated template clusters with free ends, allowing universal sequencing primers to hybridize for 
sequencing. 


22.3.3 NGS Chemistry 

The amplified template fragments are then sequenced. At present, there are two major catego- 
ries of NGS chemistry that are routinely used: sequencing by synthesis and sequencing by liga- 
tion. The pyrosequencing technology is one example of NGS using the sequencing-by-synthesis 
chemistry. During the pyrosequencing, each nucleotide substrate is introduced one at a time. 
Only the correct nucleotide corresponding to the template is incorporated, and a pyrophosphate 
is released (Figure 22.10a). Pyrophosphate is then converted to ATP, catalyzed by sulfurylase 
(Figure 22.10b). ATP is then utilized by luciferase to convert luciferin to oxyluciferin, and the 
reaction emits light that is detected by a charge-coupled device camera (Figure 22.10c). This 
technology allows the generation of sequences with long read lengths. Cyclic reversible termina- 
tion is another example of NGS using sequencing-by-synthesis chemistry. In this method, chain 
terminators (fluorescent-labeled dideoxynucleotides) are used to extend a primer sequence 
complementary to the template DNA. Each of four nucleotides is labeled with a different fluoro- 
phore. After incorporation and fluorescence detection, the terminating and fluorescent moieties 
are cleaved and removed (Figure 22.11). Asa result, the next sequencing cycle is carried out. This 
process is repeated until the sequence is completed. This is the most commonly used method 
throughout the field of NGS. 

In the sequencing-by-ligation chemistry, probes (eight nucleotides in length) are utilized for 
ligation reactions. Each probe contains five specific nucleotides that are complementary to the 
template and three nucleotides that are universal. Probes containing all possible combinations 
of the first five nucleotides are utilized. Each probe is fluorescently labeled according to the first 
two bases of the probe so that it can be identified. During the first round of sequencing reac- 
tion, only the probe that is complementary to the template sequence can hybridize. The probe 
is then ligated to the 3’ end of the primer. After detection, three universal nucleotides, includ- 
ing fluorophore, are cleaved. The ligation process is repeated several times using a new set of 
probes each time. The newly made complementary DNA strand is then stripped off. In the next 
round of sequencing, new primers that are one nucleotide shorter than the previous primer are 
utilized, and the ligation reaction is repeated. In this round of sequencing, different nucleotide 
positions are read. This process is repeated for several rounds with different primers, until all 
nucleotides in the template have been sequenced twice. As a result, this sequencing method has 
a low error rate. 


22.3.4 NGS Coverage 

In NGS, sequencing reads are usually not distributed evenly over the genomic regions of interest. 
As a result, some nucleotides will be covered by fewer or more reads than the average. Therefore, 
multiple reads for each nucleotide are necessary to obtain a reliable sequence. The average num- 
ber of times that each nucleotide in the genomic regions of interest is sequenced is known as the 
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Figure 22.9 A photo of an NGS platform. A MiSeq (Illumna) desktop sequencer (top), a flow-cell 
device (middle) where DNA templates are distributed for PCR, and a reagent cartridge (bottom) are 
shown. (© Richard C. Li.) 
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Figure 22.10 Pyrosequencing chemistry. (a) During the pyrosequencing, a nucleotide substrate 
is incorporated, releasing a pyrophosphate. (b) Pyrophosphate is then converted to ATP. (c) ATP is 
utilized by luciferase, converting luciferin to oxyluciferin, which emits light. 
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Figure 22.11 Cyclic reversible termination. A single sequencing cycle is shown. The incorporation 
of aC is illustrated as an example. 


coverage or the sequencing depth. The level of coverage depends on the types of applications. For 
example, for human genome SNP analysis, the level of coverage is from 10 to 30. The coverage 


can be calculated using the following equation: 


where: 
C = coverage 
G = haploid genome length 
L = read length 
N = number of reads 
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Abstract 


Detail experimental measurements of a 2.4 GHz printed dipole antenna for wireless communication systems 
is presented and discussed. A group of printed dipoles with integrated balun have been designed and con- 
structed on a dielectric substrate. This paper is based on modifications of the known printed dipole architec- 
ture. The corresponding printed dipole antennas have differences on their forms that are provided by two es- 
sential geometry parameters. The first parameter / is related to the bend on microstrip line that feeds the di- 
pole and the second w corresponds to the form of the dipole’s gap. The impact of these parameters on reflec- 
tion coefficient and radiation pattern of antenna has been investigated. The corresponding measured results 
indicate that the return loss and radiation pattern of a printed dipole antenna are independent of the w pa- 
rameter. Instead, variations in the value of the / parameter in the dipole’s structure affect the form of the cor- 
responding return loss. These observations are very important and provide interesting considerations on af- 


fecting design and construction of antenna elements at frequency range of 2.4 GHz. 


Keywords: Printed Dipole, Scattering Parameters, Radiation Pattern 


1. Introduction 


Modern wireless communications offer higher bit rates 
and efficient quality of services. The majority of the 
equipment used today introduces requirements for bet- 
ter performance and lower cost. Antennas with quite 
small sizes, low profiles and versatile features repre- 
sent interesting solutions that provide modern wireless 
applications. The printed dipole antenna with inte- 
grated balun is widely used as a radiation element on 
communication systems because of its omni-directional 
features, narrowband character and simple structure 
[1-4]. This type of antenna because of its small size 
can be integrated on the same PCB with other elec- 
tronics circuits and devices. For the same reason, it can 
also be used as element on antenna array architecture. 
The last feature is very interesting and attractive in 
MIMO modern wireless systems. This printed dipole 
architecture offers versatile characteristics for design 
and implementation of antenna arrays on both ends of a 
MIMO wireless system. 
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In the present paper, we will study and discuss the ef- 
fect of the variation of the two geometrical parameters 
(J, w) of the printed dipole antenna structure. The first 
corresponds to a discontinuity on microstrip line of 
printed dipole and the second is related to the discon- 
tinuity in the gap. Details of structure concept and de- 
sign process are presented in Section 2; the experi- 
mental results for return loss and radiation pattern for 
each of the printed dipoles are presented and discussed 
in Section 3. The paper concludes in Section 4. 


2. Design and Structure Aspects 


As mentioned above, the proposed analysis is based on 
geometrical characteristics of a prototype printed dipole 
antenna with integrated balun. This kind of printed di- 
pole antenna is considered for use in many applications 
[1-3]. In our study the geometrical parameters of the 
printed dipole antenna were modified to achieve better 
performance in the frequency range of 2.4 GHz. This 
modified design and the corresponding parameters are 
shown in Figure | while the values summarized in Table 1. 


IJCNS 


Bibliography 


Currently, NGS has not been widely used in forensic applications. One disadvantage of NGS 
is that the error rate of NGS is higher than that of Sanger sequencing. Although the error rate 
of NGS is not yet acceptable for forensic casework analysis, it can potentially be overcome by 
increasing the sequencing coverage. 
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Mitochondrial DNA Profiling 


Forensic mitochondrial DNA (mtDNA) analysis is an important tool for human identification 
and is especially useful for identifying victims such as missing persons and individuals in mass 
fatality cases. Because mtDNA is maternally inherited, the mtDNA profiles of these individuals 
can be compared to those of their maternal relatives, and thus these individuals can be identi- 
fied. Additionally, cells contain a much higher copy number of the mtDNA genome than that 
of the nuclear genome. Therefore, mtDNA testing is frequently used to analyze evidence sam- 
ples, such as hair shafts, that contain low amounts of nuclear DNA. Furthermore, buried bones 
and decomposed tissues, in which nuclear DNA may be degraded, can be tested with mtDNA 
analysis. 


23.1 Human Mitochondrial Genome 

Mitochondria are cellular organelles that serve as the energy-generating components of cells 
(Figure 23.1). Each cell contains hundreds of mitochondria, which have their own extrachro- 
mosomal genomes separated from the nuclear genomes. Although each human mitochondrion 
contains multiple copies of the mtDNA genome, the exact copy number varies for each cell. 
However, it is estimated that hundreds of copies of the mtDNA genome exist in most cells. 


23.1.1 Genetic Contents of Mitochondrial Organelle Genomes 
The human mitochondrial genome was first sequenced by Fred Sanger’s laboratory at Cambridge 
University and was published in 1981; it is known as the Cambridge reference sequence (CRS). 
The sequence was largely derived from a placental sample from an individual of European 
descent and also partially from HeLa cells (a cell line derived from cervical cancer cells), as well 
as from bovine cells. It was later discovered, by resequencing the original mtDNA sample, that 
the CRS contains substitution errors at 10 nucleotide positions. The revised Cambridge reference 
sequence (rCRS) was published in 1999 and presented corrections to these substitution errors. 
Additionally, CRS contains a cytosine dimer at nucleotide positions 3106 and 3107, which is in 
fact a single cytosine nucleotide. This error is not corrected in the rCRS in order to retain the 
original nucleotide numbering system of CRS and thus to avoid inconsistency with the pre- 
vious literature. The human mitochondrial DNA genome is circular with no beginning and 
end, which can make sequence comparison a potential problem. Therefore, the rCRS, with its 
nucleotide numbering system, is used as a reference when aligning with other mitochondrial 
sequences for comparison purposes. 

Organelle genomes are usually much smaller than their nuclear counterparts. The human 
mtDNA genome consists of 16,569 base pairs (bp) containing 37 genes (Figure 23.2). Thirteen of 
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Figure 23.2 Human circular mitochondrial genome. The transcription direction for the H (heavy) 
and L (light) strands are indicated by arrows (P,,, P,, respectively). The origins of replication are 
labeled O,, for the heavy strand and O, for the light strand. The mitochondrial DNA genome encodes 
genes. ND, NADH coenzyme Q oxidoreductase complex; CO, cytochrome c oxidase complex; CYTB, 
cytochrome b; ATP, ATP synthase; rRNA, ribosomal RNA. Transfer RNA genes are shown as indi- 
cated. (© Richard C. Li.) 


these genes code for proteins involved in the respiratory complex, a main energy-generating com- 
ponent in mitochondria. The other 24 specify noncoding RNA molecules required for the expres- 
sion of the mitochondrial genome. The genes in the human mitochondrial genome are much 
more closely packed than in the nuclear genome and contain no introns. A control region, also 
known as a displacement loop (D loop), contains the origin of replication for one of the mtDNA 
strands but does not code for any gene products (Figure 23.2). An asymmetric distribution of 
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Figure 23.3 Pedigree of a human family showing inheritance of mtDNA. Females and males are 
denoted by circles and squares, respectively. Red symbols indicate individuals who inherited the 
same mtDNA. 





nucleotides gives rise to light (L) and heavy (H) strands. The H strand contains a greater number 
of guanine nucleotides and a higher molecular weight in comparison to the L strand. 


23.1.2 Maternal Inheritance of mtDNA 

Maternal inheritance is typically observed for the mtDNA genome (Figure 23.3), which is inher- 
ited differently from nuclear genes. The inheritance of the mtDNA genome does not obey the 
rules of Mendelian inheritance and is thus called non-Mendelian inheritance. 

The mitochondria of a spermatozoon are located in the midpiece (Chapter 14). At conception, 
only the head portion of a spermatozoon (containing a nucleus but no mitochondria) enters the 
egg. The fertilized egg contains the maternal mitochondria, which are transmitted to the prog- 
eny. Occasionally, the paternal mitochondria can enter the cell. However, paternal mitochondria 
in the spermatozoon that enter the egg are usually destroyed by the egg cell after fertilization 
(Figure 23.4). Therefore, the coinheritance of maternal and paternal mtDNA in a single indi- 
vidual is extremely rare in humans. The mtDNA sequence is identical for relatives within the 
same maternal lineage, a property that is useful when identifying individuals by comparing 
their mtDNA with that of maternal relatives. 

Homologous DNA recombination (Chapter 25) has not been observed in the mtDNA genome. 
Thus, an mtDNA profile, also referred to as the mitotype, is considered a haplotype treated as a 
single locus. The mitochondrial genome has a higher mutation rate (up to 10 times higher) than 
its nuclear counterpart. The presence of mutations can be problematic in victim identification 
when comparing the mtDNA profiles of a victim with the relatives of the victim. 


23.2 mtDNA Polymorphic Regions 

23.2.1 Hypervariable Regions 

The most polymorphic region of mtDNA is located within the D-loop (Figure 23.5). The three 
hypervariable regions in the D-loop are designated hypervariable region I (HV1: 16,024-16,365; 
342 bp), hypervariable region II (HV2: 73-340; 268 bp), and hypervariable region HI (HV3: 
438-574; 137 bp). The most common polymorphic regions of the human mtDNA genome ana- 
lyzed for forensic purposes are HV1 and HV2. 


23.2.2 Heteroplasmy 
Heteroplasmy occurs when an individual carries more than one mtDNA haplotype. Heteroplasmy 
may be observed with one kind of tissue and may be absent in other kinds of tissues; for example, 
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Figure 23.4 A model of uniparental mtDNA inheritance in humans. Paternal mitochondria occa- 
sionally enter the egg cell. Paternal mitochondria inside fertilized eggs are tagged by ubiquitin 
protein (Ub). It is proposed that the ubiquitination of sperm mitochondria leads to the degradation 
of paternal mitochondria in fertilized eggs. Tagged Ub can be recognized by proteasomes and lyso- 
somes, which are cellular degradation machineries. A polyubiquitin chain with at least four ubiquitin 
units is needed to be recognized by the proteasomes. Ubiquitin with less than four ubiquitin units 
can be processed by the lysosomes. (© Richard C. Li.) 
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Figure 23.5 Hypervariable regions of the D-loop in mtDNA (with nucleotide positions). (© Richard C. Li.) 


mtDNA heteroplasmy is commonly observed in hair samples (Chapter 4). Additionally, an indi- 
vidual may exhibit one mitotype in one tissue and a different mitotype in another. Thus, it 
is necessary to obtain and process additional samples to confirm the heteroplasmy when it is 
observed in a questioned sample but not in a known sample or vice versa. The two types of het- 
eroplasmies are sequence and length heteroplasmy. 

Sequence heteroplasmy is defined as the presence of two different nucleotides at a single posi- 
tion shown as overlapping peaks in a sequence electropherogram (Figure 23.6). Heteroplasmy 
usually occurs at one position, but on rare occasions it can be observed at more than one 
position. Hot spots for heteroplasmy have been documented at both HV1 and HV2 regions. 
Heteroplasmy may complicate the interpretation of mtDNA results, but its presence can also 
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Figure 23.6 Electropherogram showing mtDNA sequence heteroplasmy at position 234R (A/G) as 
indicated by an arrow. N, unresolved sequence. (© Richard C. Li.) 
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Figure 23.7 Length heteroplasmy. Electropherogram showing mtDNA length heteroplasmy at the 
C stretch of the HV1 region where position 16,189 is a T (top) and a C (bottom) as indicated by an 
arrow. N, unresolved sequence. (© Richard C. Li.) 


improve the strength of a match. Both HV1 and HV2 of the human mtDNA D-loop region 
contain homopolymeric cytosine sequences known as C stretches. The HVI region contains a 
C stretch between nucleotide positions 16,184 and 16,193, interrupted by a thymine at position 
16,189. If a base transition from T to C occurs at position 16,189 (a variant present in approxi- 
mately 20% of the population), it results in an uninterrupted C stretch. A similar C stretch 
resides between positions 303 and 315 of the HV2 region. 

Length heteroplasmies are often observed at the uninterrupted C stretches in sequencing, in 
which sequencing products with various lengths of polymeric cytosine residues are present. Asa 
result, sequences downstream from the C stretch cannot be resolved (Figure 23.7). It is not clear 
whether the length heteroplasmy is due to replication slippage at the C stretches or results from 
the presence of a mixture of length variants in the cells. If length heteroplasmy occurs, alterna- 
tive sequencing primers that anneal at the downstream of C stretches can be used to obtain the 
downstream sequences of the C stretches. 


23.3 Forensic mtDNA Testing 

23.3.1 General Considerations 

mtDNA analysis is often used on samples derived from skeletal or decomposed remains. The 
surface of the sample should be cleaned to remove any adhering debris or contaminants. Bones 
and teeth are pulverized to facilitate extraction of the mtDNA (Chapter 5). Duplicate extractions 
(e.g., two sections of a single hair) are recommended if sufficient sample material is available. 
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mtDNA is extracted using a similar method to nuclear DNA (nuclear DNA is coextracted with 
mtDNA). The amount of mtDNA can therefore be estimated from the quantity of nuclear DNA 
obtained. Alternatively, mtDNA-specific quantization methods using real-time PCR (Chapter 6) 
can also be used to directly obtain measurements of mtDNA extracted. 

For mtDNA sequencing, the analysis of both strands of the mtDNA in a given region must be 
performed to ensure accuracy. Due to the high sensitivity of mtDNA analysis, it is essential to 
minimize risks of contamination during the procedure. Contamination must be strictly moni- 
tored using proper controls such as extraction reagent blanks (Section 7.5.3) and amplification 
negative controls (samples containing all reagents except DNA template). 

Finally, a positive control must also be used to monitor the success of the analysis. It should 
be introduced at the amplification step and remain through the sequencing process. A positive 
control consists of a DNA template of known sequence, such as DNA purified from the HL60 
cell line. 


23.3.2 mtDNA Screen Assay 

One example of the assay for screening mtDNA variations is the allele-specific oligonucleotide 
(ASO) assay. It allows initial screening of mtDNA sequence polymorphisms and has the poten- 
tial to reduce the number of samples required for mtDNA sequencing. This method is also 
useful for excluding or eliminating suspects from a case. However, HV1 and HV2 sequencing 
should be performed to obtain complete sequence information for the targeted HV regions to 
confirm a match. 

The commercial Linear Array™ mtDNA HV1/HV2 region sequence typing kit (Roche 
Applied Sciences, Indianapolis) utilizes reverse ASO configuration with a panel of immobi- 
lized ASO probes that detect common polymorphic sites (Figures 23.8 and 23.9). The mtDNA is 
amplified at both HV1 (444 bp amplicon) and HV2 (415 bp amplicon) regions and the forward 
primers are biotin labeled at the 5’ ends of the oligonucleotides. Thus, the amplified PCR prod- 
uct (amplicon) is biotinylated. A horseradish peroxidase-conjugated streptavidin complex then 
binds to the biotinylated amplicon (see Chapter 9). Finally, colorimetric detection is carried 
out with tetramethylbenzidine (TMB) as the substrate to produce a colored precipitate at the 
designated location. The typing kit detects sequence variations in 19 positions within the HV1 
and HV2 regions. 
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Figure 23.8 Reverse blot assay employed in mtDNA screen. A probe is immobilized onto a solid-phase 
membrane, and then hybridized with a biotinylated amplicon of the mtDNA HV sequences. Hybridization 
is detected by a streptavidin (SA) and horseradish peroxidase (HRP) conjugate. A colorimetric reaction 
is catalyzed by HRP using tetramethylbenzidine (TMB) as a substrate. (© Richard C. Li.) 
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Figure 23.9 Linear array mtDNA assay results (top) and negative control (bottom). (© Richard C. Li.) 


23.3.3 mtDNA Sequencing 

To sequence a specific region of mtDNA, a combination of PCR amplification and DNA sequenc- 
ing techniques is utilized to reduce the time and labor needed to obtain DNA sequences from 
genomic DNA templates. mtDNA sequencing usually consists of (1) PCR amplification, (2) DNA 
sequencing reactions, (3) separation using electrophoresis, and (4) data collection and sequence 
analysis (Figure 23.10). Chapter 25 describes the evaluation of the strength of the results via 
statistical analysis. 


23.3.3.1 PCR Amplification 
The extracted DNA samples must be amplified to yield sufficient quantities of template for sequenc- 
ing reactions. PCR amplification of all or a part of the D-loop region can be carried out with vari- 
ous primer sets. If a sample contains intact mtDNA, the HV1 and HV2 regions can be amplified 
as two amplicons, each of about 350-400 bp in length. Ifan mtDNA sample is fragmented due to 
degradation, the hypervariable regions can be amplified as smaller amplicons. PCR amplification of 
mtDNA is usually done in 34-38 cycles. Protocols for highly degraded DNA specimens sometimes 
require 42 cycles. The use of higher PCR cycle numbers can improve the yield of the amplicons. 
Following mtDNA amplification, a purification step is necessary to remove excess primers 
and deoxynucleotide triphosphates (ANTPs). This step can be performed using filtration devices 
such as a Microcon® to remove small molecules from the sample or using nuclease digestion 
with shrimp alkaline phosphatase or exonuclease I to degrade remaining primers and dNTPs. 
The concentration of the amplicons is important for an optimal sequencing reaction in the next 
phase of mtDNA sequencing. The quality and quantity of the mtDNA amplicon must be evalu- 
ated to confirm the presence or absence of amplicons and their concentrations. This can be done 
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Figure 23.10 Sanger sequencing work flow for the mtDNA HV regions. (© Richard C. Li.) 


using an agarose yield gel to visualize the amplicons of the sample or via capillary electropho- 
resis using a modular microfluidic chip device (Figure 8.12), a more informative method, for 
quantifying amplicons. 


23.3.3.2 DNA Sequencing Reactions 
The best-known DNA sequencing techniques are the chain-termination method and the chemi- 
cal degradation method developed by Sanger and Gilbert (who shared the Nobel Prize for their 
work), respectively, in 1977. Over the years, the chain-termination method has become more 
common because it is suitable for automation and does not require the toxic chemicals necessary 
for the chemical degradation method. 


23.3.3.2.1 Chain-Termination or Sanger Method 

Using the chain-termination method, an oligonucleotide primer that can anneal to a single- 
stranded DNA template is utilized. A sequencing reaction contains DNA polymerase and the four 
dNTPs in order to carry out extension. The reaction also contains small quantities of dideoxynu- 
cleotide triphosphates (ddNTPs, Figure 23.11). Thus, a sequencing reaction involves a combination 
of extension and termination of the chain (Figure 23.12). Ifa ddNTP molecule is incorporated into 
a growing DNA chain, the absence of a 3’ OH group in the ddNTP molecule prevents the forma- 
tion of a phosphodiester bond and thus disrupts the extension of the oligonucleotide chain. 

The ratio of ddNTPs to dNTPs has been optimized to result in a collection of DNA fragments 
varying in length by one nucleotide from the primer length to the full length of the sequencing 
reaction product. Asa result, the products of the sequencing reaction consist of a pool of various 
lengths of oligonucleotide chains terminated by ddNTPs. By using the four different ddNTPs, 
populations of DNA fragments are generated that terminate at positions occupied by every A, C, 
G, or T in the template strand. 

The sequencing product of chain termination can be labeled with the dye-terminator system, 
in which the terminator is labeled, or with the dye-primer system, in which the primer is labeled. 
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Figure 23.11 Chemical structures of dNTP and ddNTP: (a) dNTP; (b) ddNTP. Both hydroxyl groups 
attached to the 2’ and 3’ carbons of ribose are replaced by hydrogens. 
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Figure 23.12 Competition between extension and termination. (a) Growing chain in extension. 
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Figure 1. Geometry of printed dipole. 


Table 1. Printed dipole dimensions. 





Parameter Values 





L1 = 20.8 mm 
W1=6mm 
gl=3mm 
L2=32 mm 
L3 = 16mm 
L4=3 mm 
L5=3 mm 
W2=2 mm 
W3=5 mm 
W4=3 mm 
g2=1mm 
r=0.375 mm 
L6=12mm 
W5=17mm 

1 variable (0 mm — 3 mm ) 
w variable (0 mm — 3 
mm ) 


Dipole strips 


Microstrip Balun 


Via radius 
Ground plane 
Side of microstrip bend 
Side of dipole’s arms in the gap 








Figure 2. Prototype printed dipole antenna: Top Layer (left) 
—Bottom Layer (right). 


An Fr-4 substrate with thickness of 1.5 mm and per- 
mittivity ¢, =4.4 has been used for the fabrication of the 
dipoles. Figure 2 shows the top and bottom layer for the 
one of them. It also presents the dipole’s arms and gap, 


Copyright © 2010 SciRes. 


the balun, the ground plane and the microstrip line that 
interface the dipole with the coaxial feed line via sma 
connector. 

From this Figure, we can also see the right angle at the 
microstrip line and the other two right angles at the di- 
pole’s gap. It is known that the presence of right angles 
in conductors cause discontinuities that leads to degrada- 
tion in circuit performance [5]. Microwave theory sug- 
gests that these angles introduce parasitic reactances 
which can lead to phase and amplitude errors, input and 
output mismatch and possibly spurious coupling [5—7]. 
In order to reduce this effect it is proposed to modify 
these discontinuities directly, by mitering the conductor. 
Our investigation and the experimental measurements 
show the effect of mitering these discontinuities. At first, 
a prototype printed dipole antenna with unaffected geo- 
metrical parameters has been designed and constructed. 
Secondly, we constructed and measured six different 
printed dipoles. Three of them had w = 0 mm and differ- 
ent / values (1 mm, 2 mm, 3 mm) and the other three 
dipoles had / = 0 mm and different values of w (1 mm, 2 
mm, 3 mm). All these seven dipoles we constructed, the 
unaffected one and the mitered ones were measured in an 
anechoic environment. Figures 3 and 4 show a printed 
dipole for / = 2 mm and w = 0 mm and for / = 0 mm and 
w = 3 mm, respectively. The aim of this study is to in- 
vestigate the return loss coefficient and radiation pattern 
in each of these seven dipole’s forms. The next section 
discusses the obtained results and presents the significant 
observations. 


3. Results and Discussion 


The return loss of the prototype dipole and the six dif- 
ferent modified printed dipole antenna we constructed 
are measured using a Network Analyzer. These results 
are shown in two Figures. The first (Figure 5) corre- 
sponds to / parameter’s variations keeping the w pa- 
rameter equal to zero. The second (Figure 6) shows the 
return loss curves where w parameter varies but the / 
parameter equals to zero. In both figures we can see the 
return loss curve that belongs to the prototype printed 
dipole (/ and w equal to 0 mm). 

From these curves, it seems that this dipole antenna 
design has a resonance point at 2.4 GHz with 500 MHz — 





Figure 3. Printed dipole antenna for / = 2 mm and w = 0 mm 
Top Layer (left) — Bottom Layer (right). 
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Figure 23.12 (Continued) (b) DNA strand with labeled ddNTP incorporated into a growing DNA 
chain that interrupts the incorporation of new nucleotides. The ddNTP usually is labeled with a 
fluorescent dye used for detection. 


The dye-terminator system is commonly used for mtDNA sequencing in forensic laboratories. 
With the dye-terminator system, the ddNTPs are labeled with four different fluorescent dyes, 
each with a distinct spectrum. Thus, the sequencing with all four ddNTPs can be carried out in 
a single reaction. The labeled products of sequencing reactions are then resolved during electro- 
phoresis and the sequencing data can be collected (Section 23.3.3.). 


23.3.3.2.2 Cycle Sequencing 


The chain-termination reaction is carried out using a cycle sequencing technique commonly used 
in forensic laboratories for mtDNA sequencing. Cycle sequencing, developed in the late 1980s, 
utilizes thermal cycling to generate a single-stranded template for chain-termination sequenc- 
ing reactions. The application of thermal cycling in a sequencing reaction greatly increases the 
signal intensity and thus the sensitivity of the sequencing. 

The sequencing reactions are carried out with multiple rounds of thermal cycling. Each 
cycle consists of three steps: denaturation of the double-stranded DNA template, annealing of 
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a sequencing primer to its target sequence, and the extension of the annealed primer by DNA 
polymerase. Cycle sequencing utilizes only a single primer per reaction. During the extension of 
cycle sequencing, the extension of the strand is terminated with the incorporation of a ddNTP 
(Figure 23.13). The resulting partially double-stranded hybrid, consisting of the full-length tem- 
plate strand and its complementary chain-terminated product, is denatured during the first step 
of the next cycle, thereby liberating the template strand for another round of annealing, exten- 
sion, and termination. 


23.3.3.3 Electrophoresis, Sequence Analysis, and Mitotype Designations 
The cycle sequencing products can be separated using electrophoresis in a 4% polyacrylamide 
denatured gel or a POP-6 polymer (Applied Biosystems) as the matrix for capillary electropho- 
resis (Figure 23.14). Following data collection, sequence data analysis can be performed with the 
Sequencher™ software (Gene Codes Corporation, Ann Arbor). Figure 23.15 shows sequence data. 
Sequencing of a region of the mtDNA genome should be performed twice. Additionally, 
both strands of a region of the mtDNA genome should be sequenced to reduce ambiguities in 
sequence determination. The sequences of evidence samples and reference samples such as that 
of the victim or suspect can be compared. The nomenclature used in reporting should be com- 
patible with International Union of Pure and Applied Chemistry (IUPAC) codes. 


23.3.3.3.1 Reporting Format 


The rCRS is used as a reference standard to facilitate the designation of mitotypes. For reporting 
purposes, sequence differences relative to the rCRS are listed in data format. When a difference 
between an individual’s sequence and that of the rCRS sequence is observed, only the position 
(designated by a number) and the nucleotide differing from the reference standard are recorded. 
In this format, nucleotides identical to the rCRS are not listed. For example, at position 228 
(HV2), the rCRS has a G. If a mitotype carries an A at position 228, the individual’s mtDNA 
sequence is described as 228A. If an unresolved sequence ambiguity is observed at a position, 


DNA polymerase 





Figure 23.13 Cycle sequencing reaction. The reaction requires DNA polymerase, a template, and a 
primer. During DNA synthesis, the dNTP is incorporated by a new phosphodiester bond with the primer. 
The incorporation of ddNTP blocks further DNA synthesis of the growing chain. (© Richard C. Li.) 
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Figure 23.14 Diagram of the Sanger sequencing products. The DNA chain lengths are determined 
by the addition of ddNTP at different positions. The fluorescent dye-labeled cycle-sequencing prod- 
ucts are separated using capillary electrophoresis. The fluorescent dyes are resolved by a detector, 
and the peaks corresponding to each DNA fragment are identified. (© Richard C. Li.) 


the base number for the position is listed followed by an N. For example, 228N means an unre- 
solved sequence ambiguity was observed at position 228. 


23.3.3.3.2 Insertions 

The insertion site is described by noting the position (at 5’ to the insertion) followed by a deci- 
mal point and a number. The number indicates the order of the insertions (e.g., 1 indicates the 
first insertion, 2 indicates the second, etc.). The base calling following the number indicates the 
inserted nucleotide (e.g., 524.1A, 524.2C). 


23.3.3.3.3 Deletions 
The deletion site designation is followed by the letter d. For example, a deletion at position 16,296 
is recorded as 16,296d. 


23.3.3.3.4 Heteroplasmic Sites 


The IUPAC codes for base calling can be applied to heteroplasmic sites. For example, an A/G 
heteroplasmy can be designated as R, and a C/T heteroplasmy can be designated as Y. 


23.3.4 Interpretation of mtDNA Profiling Results 
Interpretation guidelines are used when comparing sequencing results between evidence and 
reference samples. General guidelines were set forth by the Scientific Working Group on DNA 
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Analysis Methods (SWGDAM) and the DNA Commission of the International Society of 
Forensic Genetics (ISFG). In reporting mtDNA profiling results, the most common categories 
of conclusions are the following: cannot exclude, exclusion, and inconclusive result. 


23.3.4.1 Exclusion 

If the sequences of questioned and known samples are different, then the samples can be excluded 
as originating from the same source. It should be taken into account that higher mutation rates 
are found with the mtDNA genome than are found with the nuclear genome. The SWGDAM’s 
guidelines define that the conclusion of exclusion can be made if there are two or more nucleo- 
tide differences between the questioned and known samples. Additionally, mutations seem to be 
more common in certain tissues. For this reason, the sources of the tissues analyzed should be 
taken into consideration. 


23.3.4.2 Cannot Exclude 

If the sequences are the same, the reference sample and evidence cannot be excluded as arising 
from the same source. When an mtDNA profile cannot be excluded, it is desirable to evaluate 
the weight of the evidence. In cases where the same heteroplasmy is observed in both questioned 
and known samples, its presence increases the strength of the evidence. However, if hetero- 
plasmy is observed in a questioned sample but not in a known sample or vice versa, a maternal 
lineage still cannot be excluded. 


23.3.4.3 Inconclusive Result 
If the questioned and known samples differ by a single nucleotide, and no heteroplasmy is pres- 
ent, the results are considered to be inconclusive. 
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Forensic DNA Databases 
Tools for Crime Investigations 


24.1 Brief History of Forensic DNA Databases 

Forensic DNA databases are networks for exchanging information among law enforcement 
agencies to assist in solving crimes. For example, forensic DNA databases allow forensic labo- 
ratories to search DNA profiles against the databases to identify criminals. In 1995, the United 
Kingdom established the world’s first national DNA database, NDNAD, in England and Wales. 
Scotland and Northern Ireland have their own databases but also submit their profiles to 
NDNAD. NDNAD demonstrated initial success in solving crimes. Three years later, the United 
States introduced its national Combined DNA Index System or CODIS. By the end of 1998, other 
countries (such as Austria, Germany, the Netherlands, New Zealand, and Slovenia) had also 
introduced national DNA databases. Table 24.1 describes some of these national DNA data- 
bases. This chapter will focus on CODIS. 


24.2 Infrastructure of CODIS 

In the United States, a pilot project of DNA databasing was initiated by the Federal Bureau of 
Investigation (FBI) and 14 participating state and local laboratories. Subsequently in 1994, the 
Congressional DNA Identification Act authorized the FBI to establish a national DNA data- 
base including “DNA identification profiles of persons convicted of crimes, and analyses of 
DNA samples recovered from crime scenes and from unidentified human remains.” By 1997, 13 
STR loci were selected and in 1998 were implemented as the core loci for the national database, 
known today as CODIS. All 50 states, the District of Columbia, the federal laboratories, the US 
Army Criminal Investigation Laboratory, and Puerto Rico contribute to CODIS. 

CODIS has three hierarchical levels: the Local DNA Index System (LDIS), the State DNA 
Index System (SDIS), and the National DNA Index System (NDIS) (Figure 24.1). The LDIS is 
maintained at crime laboratories operated by police departments, sheriff’s offices, and local 
agencies. All forensic DNA profiles originating at the local level are stored in the LDIS and 
are transmitted to the SDIS and NDIS. Each state maintains a SDIS, which is typically oper- 
ated by a designated state laboratory. An SDIS also stores the DNA profiles generated from 
state laboratories. The quality assurance standards for a qualified laboratory were set up by the 
DNA Advisory Board in 1998. The periodic revision of the standards is now carried out by the 
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OF) (= 


Year 


Established 


Suspect Entry Criteria 


Characteristics of National DNA Databases 


Convicted 
Offender Entry 
Criteria 





Removal Criteria 


United Kingdom IS)5) Any recordable Entered as Never removed 
offense that leads suspect 
to imprisonment 
New Zealand 1996 No suspects entered Relevant Never removed 
offense unless 
(>7 years in conviction 
prison) quashed 
Austria 1997 Any recordable Entered as Only after 
offense that leads suspect acquittal 
to imprisonment 
The Netherlands Sy No suspects entered Offense leading 20-30 years 
except when to >4 years in after conviction 
suspect’s DNA is prison 
tested for case 
Germany 1998 Offense leading to After court After acquittal 
>1 year in prison decision or 5-10 years 
after conviction 
if prognosis 
good 
Slovenia 1998 Any recordable Entered as Depends on 
offense that leads suspect severity of 
to imprisonment crime 
United States 1998 No suspects entered; Depends on Depends on 
under revision state law state law 
Finland Sys) Offense leading to Entered as Only after 
>1 year in prison suspect acquittal 
Sweden 2000 No suspects entered Offense leading 10 years after 
to >2 years in release from 
prison prison 
Switzerland 2000 Any recordable Entered as After acquittal 
offense that leads suspect or 5-30 years 
to imprisonment after conviction 
France 2001 No suspects entered Sexual assaults AO years after 
and serious conviction 
crimes 


Source: Adapted from Jobling, M.A. and Gill, P., Nat Rev Genet, 5, 739-751, 2004. 


Scientific Working Group of DNA Analysis and Methods (SWGDAM). The SDIS enables local 
laboratories within that state to compare DNA profiles. SDIS also serves as the communica- 
tion path through which the LDIS and NDIS are able to exchange messages. Communication 
is mediated using a secured network with encryption. Only authorized personnel, approved by 
the FBI, have access to CODIS network terminals and servers. NDIS is the highest level of the 
CODIS infrastructure, which contains DNA profiles contributed by participating local and state 
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NDIS 














LDIS, 


Figure 24.1 CODIS infrastructure. All DNA profiles originate at LDIS, and then enter SDIS and 
NDIS. SDIS allows laboratories within states to exchange DNA profiles. NDIS is the highest level 
of the infrastructure. It allows the participating laboratories to exchange DNA profiles on a national 
level. 


laboratories. Additionally, NDIS stores DNA profiles generated by federal laboratories, such as 
those generated by the FBI and the US Army Criminal Investigation Laboratory. NDIS enables 
qualified state laboratories to compare DNA profiles. Searches of DNA profiles can be conducted 
at the national level. All DNA profiles submitted to NDIS are automatically searched weekly 
against the DNA profiles from other states. NDIS is administered by the FBI, which provides 
software, training, and support for all participating laboratories. Many law enforcement labora- 
tories from other countries utilize the CODIS software for their own databases. However, labo- 
ratories in foreign countries do not have any access to the CODIS system. Nevertheless, a search 
through the CODIS database may be requested either from the FBI or International Criminal 
Police Organization (Interpol). Conversely, a search of an international DNA database can be 
arranged through Interpol. 


24.3 Indexes of CODIS 

The DNA profiles entered in CODIS are organized into categories known as indexes (Figure 24.2). 
The Convicted Offender Index contains DNA profiles of individuals convicted of crimes. The 
Arrestee Index contains DNA profiles of arrested individuals. It varies in SDIS databases based 
on each state’s law permitting the collection of DNA samples from arrestees. The Forensic Index 
contains DNA profiles, also known as forensic profiles, derived from crime scene evidence, 
potentially originating from perpetrators but not including suspects. 

Additionally, the FBI also established the National Missing Person DNA Database (NMPDD) 
Program for the identification of missing and unidentified persons at the national level. The 
DNA profiles entered into the NMPDD are categorized into three indexes that can be searched 
against each other. The Missing Person Index and the Unidentified Human Remains Index con- 
tain DNA profiles from missing persons and unidentified human remains, respectively. The 
Biological Relatives of the Missing Person Index contains DNA profiles voluntarily contributed 
from relatives. This index may also store patrilineal or matrilineal DNA profiles from the rela- 
tive such as a biological father, mother, or child of the missing person to assist investigations. 
Additionally, a pedigree chart (a diagram showing the relationship between the missing person 
and relatives) can be created. 
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Figure 24.2 Example of an SDIS maintaining the Forensic Index (red) and Convicted Offender Index 
(blue). In this example, the New York State Police Forensic Investigation Center serves as the SDIS 
laboratory for New York State. LDIS sites: 1. Erie County Department of Central Police Services 
Forensic Laboratory, 2. Monroe County Public Safety Laboratory, 3. Nassau County Office of the 
Medical Examiner Division of Forensic Services, 4. New York City Office of the Chief Medical Examiner 
Department of Forensic Biology, 5. New York State Police Forensic Investigation Center, 6. Onondaga 
County Center for Forensic Sciences, 7. Suffolk County Crime Laboratory, and 8. Westchester County 
Department of Laboratories & Research Division of Forensic Sciences. (© Richard C. Li.) 


In 2010, the FBI established a Rapid DNA Program Office for the purpose of developing rapid 
DNA technology. Rapid DNA technology is a fully automated process of performing STR analy- 
sis within 1-2 h to generate a CODIS core STR profile from a reference sample such as a buccal 
swab (Figure 24.3). The Rapid DNA Index System (RDIS) is the proposed index of NDIS. It shall 
be an integrated system capable of applying rapid DNA technology and carrying out database 
searches from police custody or booking units by trained police officers. The entire process, 
including obtaining any match from a database search, shall take less than 2 h. 

The forensic DNA analysis of a reference sample, taken from an individual, takes 2-3 days 
if processed immediately in a forensic laboratory. The entire process includes the extraction of 
DNA from a sample, DNA quantification, PCR amplification, electrophoresis, and data collec- 
tion and analysis. After being transported to a laboratory for processing, samples are usually 
stored and batched in laboratories prior to analysis. A typical turnaround time for analysis of 
such a sample is 1-3 months. While the sample is processed, the suspect is often released from 
custody. Perpetrators released on police bail may commit another crime. Thus, it is desirable to 
develop new technology that is capable of completing the forensic DNA analysis and database 
search while the suspect remains in custody. This technology would also facilitate rapid exclu- 
sion of a suspect, thus redirecting the investigation. 

Rapid DNA instruments are portable, compact instruments designed to be deployed into 
field testing. These instruments are fully automated for processing reference samples in order to 
generate a DNA profile in less than 2 h. Several versions of the instruments have recently been 
developed by manufacturers and some of them are currently commercially available. In addition 
to rapid DNA instruments, rapid DNA profiling may be achieved through alternative processes. 
First, it can be achieved through rapid services that offer a quick turnaround time (<2 h). Second, 
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Figure 24.3. A rapid DNA instrument. A compact instrument that is designed to process swab 
samples and to produce DNA profiles within 2 h in the field. (© Richard C. Li.) 


rapid DNA techniques can be applied using standard laboratory equipment but implementing 
specialized protocols to generate CODIS-compatible profiles in less than 2 h. 

The primary goal of the rapid DNA initiative is to produce a CODIS-compatible DNA profile 
of a sample taken from an arrestee in police custody and to search DNA databases during the 
booking process in less than 2 h. This technology could be used, for example, to quickly identify 
other unsolved crimes or eliminate suspects, which can aid in investigative decision making. 
It can also potentially be useful for other investigations, such as identifying human remains in 
mass disasters; identifying detainees in counterterrorism applications; and, for immigration 
and border agents, confirming and verifying individual identifications or family relationships. 


24.4 Database Entries 
Currently, over 190 public law enforcement laboratories participate in CODIS across the United 
States. As of April 2013, CODIS contains the DNA profiles of more than 10 million convicted 
felons, over 1 million arrestees, and half a million crime scene samples. The proportion of the 
population represented in the database is approximately 3%. The NDIS is one of the largest DNA 
databases containing DNA profiles in terms of absolute numbers. Each CODIS entry consists of 
the DNA profile of the sample and the specimen identification number, as well as the informa- 
tion of the laboratory submitting the DNA profile and the laboratory analyst that performed the 
DNA analysis. The entry does not include case information or the personal information of the 
offenders or arrestees. Access to CODIS profiles is restricted to criminal justice agencies for law 
enforcement identification purposes. 

The SDIS database retains samples collected from convicted offenders after DNA profiles 
are obtained. State policies vary in the retention of samples and DNA profiles in situations of 
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Figure 4. Printed dipole antenna for / = 0 mm and w =3 mm 
Top Layer (left) — Bottom Layer (right). 
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Figure 5. Measured return loss of printed dipole for each 
value of / parameter and w = 0 mm. 























a 1 45° #2 25 3. 35 4 #45 ~~ «5 
Frequency/GHz 


Figure 6. Measured return loss of printed dipole for each 
value of w parameter and / = 0 mm. 


10 dB bandwidth. The last frequency range has center 
frequency close to 2.4 GHz which is the frequency value 
that the return loss is minimized. For these frequencies 
the corresponding values of return loss are smaller or 
equal to -10 dB. From Figure 5, it is obvious that as the 
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value of / parameter increases, the form of the corre- 
sponding return loss curve changes and becomes more 
flat at the resonance frequency range. On the other hand, 
the value of w parameter does not affect the form of the 
return loss curve. Each of these seven forms of printed 
dipole antenna has quite similar return loss curves and 
introduces narrowband operation at the frequency range 
of 2.4 GHz. Moreover, for a wireless application that re- 
quires design and construction of many identical printed 
dipoles, it is recommended to choose / parameter equals 
to 2 mm and w parameter equals to 0 mm for better per- 
formance. As it can be seen from Figure 5 the above in- 
vestigation ensures that the printed dipole antennas will 
have quite identical return loss curves and performance 
as elements in an antenna array configuration. 

For deeper analysis on this topic, experimental meas- 
urements on radiation pattern of these antennas have also 
been made. Measurements were carried out in a RF an- 
echoic chamber using a calibrated measuring system. In 
particular, Figure 7 shows the measurements of radiation 
pattern in E- plane and in H — plane for each dipole 
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Figure 7. Radiation pattern of dipole for each value of / 
parameter (a) E — plane, (b) H -plane. 
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dismissed charges, acquittal, or no charges for arrestees. Some states, such as Virginia, destroy the 
DNA sample and expunge the DNA profile from the database. Other states, such as California, 
require a petition to destroy the sample and expunge the DNA profile from the database. There 
are two major reasons for sample retention. First, the sample is needed for confirmatory pro- 
cesses for the purpose of quality assurance and control. In confirmatory processes, the DNA 
analysis of the original sample is repeated and compared against the prior analysis. Second, the 
retention of samples allows for possible retesting if new technology becomes available. It also 
allows retesting of a sample for purposes of updating with expanded loci. Considerable debate 
has surrounded the retention of samples. It can be argued from the opposite perspective that 
the database could reveal private genetic information that could then be misused. The objection 
is based on concern for the protection of privacy rights. If a sample were made available to an 
unauthorized person, confidential information could be disclosed. 


24.5 Database Expansion 

Currently, all 50 states have authorized the collection of samples from convicted felons for DNA 
databasing. Over the years, the demand for the utilization of databases has increased sharply 
(Figure 24.4). More jurisdictions are incorporating more felonies into the lists of crimes that 
require DNA profiles, and some jurisdictions plan to include all felonies in such databases. 
Additionally, the database system is projected to include the profiles of minor criminals, because 
statistics show that most offenders found guilty of serious crimes were previously convicted 
for minor crimes. Broadening the size of the database and including samples from more types 
of crimes could lead to the assumption that the number of crimes solved would also increase. 
Although state laws vary, each state has its own statute governing the entry criteria of the data- 
base samples. More and more states are authorizing the collection of additional types of DNA 
samples, including individuals convicted of misdemeanor crimes and adult felony arrestees who 
have not yet been convicted for the offense. It is known that offenders tend to commit multiple 
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Figure 24.4 Growth of the CODIS database. In 2000, 460,365 offender profiles and 22,484 
forensic profiles were entered. 
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crimes. Thus, including DNA profiles of arrestees in the database is beneficial in catching serial 
offenders and potentially preventing future crimes. Virginia is the first state to collect DNA 
from violent-felony arrestees, among other crimes. Over the years, more than half of states in 
the United States have amended their law to include all felony arrestees or a subset of arrestees 
for felonies that involve violence or sexual assault. 

In 2009, Alonzo King was arrested in Wicomico County, Maryland, on violent assault 
charges. Maryland’s DNA Collection Act authorizes law enforcement agencies to collect DNA 
samples from an individual who is arrested for violent crimes. During the booking process, 
under state law, King’s buccal swabs were collected for forensic DNA identification. When King’s 
DNA profile was entered into Maryland’s SDIS, it matched to a crime scene DNA profile from an 
unsolved rape case in 2003. Based on the DNA evidence, King was indicted for first-degree rape 
by a grand jury. The defendant filed a motion to suppress the DNA evidence. King argued that 
using his DNA to investigate his connection to the 2003 rape was an unreasonable search and 
seizure under the Fourth Amendment, since the police had no reason to suspect his involvement 
in the 2003 rape. During the trial at Wicomico County Circuit Court, King’s motion was denied. 
He was convicted of rape and sentenced to life in prison. The Court of Appeals of Maryland, 
the state’s highest court, upheld that the DNA Collection Act was constitutional. The police had 
probable cause to arrest King on the assault charge, and thus collecting King’s DNA sample was 
a reasonable search. However, the court overturned the low court and reversed King’s convic- 
tion. It stated that the DNA Collection Act was inappropriately applied to King in this case. 
Thus, investigating King without probable cause for the unrelated rape was unconstitutional. 
To determine whether the Fourth Amendment permits states to collect and analyze the DNA of 
arrestees, a divided Supreme Court ruled 5-4 and reversed the Court of Appeals. The Supreme 
Court’s judgment ruled that Maryland has the right to collect DNA evidence from individuals 
arrested for serious crimes. The ruling reflects the Supreme Court’s view on the balance between 
the interest of criminal justice systems in solving violent crimes and an individual’s interest in 
the Fourth Amendment, which protects them from unreasonable searches. 

Some jurisdictions, such as the United Kingdom, allow DNA samples to be taken from indi- 
viduals suspected of committing recordable offenses that may lead to prison sentences. In con- 
trast, DNA profiles from suspects are not eligible for entry into CODIS. In some jurisdictions, 
it has been suggested that databases include many more offenders and suspects, as well as the 
general public. One advantage of including an entire population in a database is the ability to 
identify missing, kidnapped, and abducted individuals in addition to victims of major accidents 
and mass fatalities. Nevertheless, debates concerning the need to balance the benefits and dan- 
gers of developing a broader database will inevitably continue. 


24.6 DNA Profiles 

Currently, the CODIS software supports the storage and search of DNA profiles of short tan- 
dem repeat (STR), Y chromosome STR (Y-STR), and mitochondrial DNA (mtDNA). Y-STR and 
mtDNA profiles may only be searched within NMPDD-related indexes. The CODIS software 
no longer supports searches of DNA profiles generated by restriction fragment length polymor- 
phism (RFLP) analysis. The 13 core CODIS STR loci are CSFIPO, FGA, THO1, TPOX, VWA, 
D3S1358, D5S818, D7S820, D8S1179, D13S317, D16S539, D18S51, and D21S11. DNA profiles 
are entered into one of the indexes, such as convicted offender, arrestee, forensic, unidenti- 
fied human remains, missing person, or a relative of a missing person. There is a minimum 
loci requirement for each DNA profile entering CODIS: 13 core CODIS loci are required for a 
DNA profile entering the Convicted Offender Index and the Arrestee Index; 13 core CODIS loci 
and amelogenin, a sex-typing marker, are required for a DNA profile entering the Relatives of 
Missing Person Index; at least 10 CODIS loci are required (all 13 core loci must be tested) for the 
Forensic Index; and at least 8 loci and amelogenin are required (all 13 core loci must be tested) 
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for the Missing Person and Unidentified Human Remains Index. The DNA profiles must be gen- 
erated by an accredited and audited laboratory in accordance with the FBI’s Quality Assurance 
Standards using approved commercially available kits. As the database is growing rapidly, the 
chances of finding incidental matches among DNA profiles is increasing. To increase discrimi- 
nation power, it has recently been proposed that CODIS core loci be expanded to include 20 or 
more markers (Chapter 20). Additionally, the expanded core loci share additional loci compat- 
ible with international standards for forensic DNA analysis, which facilitates the exchange of 
information with international law enforcement agencies. 


24.7 Routine Database Searches for Forensic Investigations 

The ultimate goal of the database utilization is to provide investigative leads for law enforcement 
in solving crimes, particularly in cases where no suspect has yet been identified. Currently, DNA 
profiles uploaded to NDIS are automatically searched once a week (Figure 24.5). A hit is a match 
made from the information provided by comparing a target DNA profile against the DNA profiles 
contained in the database. There are two types of CODIS hits: an offender hit provides the identity 
of a potential suspect of a crime, while a forensic hit reveals the linkage between two or more crime 
scenes. Once a hit is identified, the match is verified by the laboratories that originally processed 
the evidence. A verified CODIS hit can be utilized as probable cause to allow law enforcement 
to obtain a court order to collect a DNA sample from a suspect. Collecting DNA with a warrant 
ensures admissibility in court. Investigation-aided cases are those assisted by CODIS hits, includ- 
ing case-to-case matches as well as case-to-offender matches. The number of investigations aided 
is a useful measure of the successful application of the database (Figure 24.6). As of April 2013, 
over 207,800 hits had been made with CODIS assistance in more than 199,200 investigations. 


24.7.1 Case-to-Offender Searches 

Matches of profiles from the Forensic Index and the Offender Index reveal the identities of per- 
petrators of crimes. For example, in 1998, a Florida man, Leon Dundas, became a suspect in a 
rape case but refused to provide his DNA reference sample for testing. Dundas was killed a year 
later in an illegal drug deal. Thus, a postmortem sample of Dundas was obtained and his DNA 
profile was compared with the Forensic Index of CODIS. It was discovered that Dundas’s profile 
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Figure 24.5 Example of a weekly routine CODIS search. (© Richard C. Li.) 
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Figure 24.6 Number of hits and investigations aided by the CODIS database. 


matched the DNA sample found in the rape case. Additionally, his DNA profile was linked to 
several other unsolved rapes in Jacksonville and Washington, DC. Such cases can now be solved 
by utilizing DNA databases. 


24.7.2 Case-to-Case Searches 

A target DNA profile from a crime scene is also searched against the profiles stored in the 
Forensic Index of the database. Matches of profiles among the target profile and the profile in the 
Forensic Index can link separate crime scenes and aid in identifying serial offenders. This helps 
law enforcement agencies in multiple jurisdictions to coordinate their investigations and share 
leads. For example, in 1996, two young girls were abducted from bus stops in St. Louis. Both girls 
were raped and DNA samples were collected. Both DNA profiles pointed to the same perpetra- 
tor. In 1999, the St. Louis police decided to reanalyze the samples using new STR technology 
through the CODIS database. The database found a match to a different rape case, to which the 
perpetrator, Dominic Moore, had already confessed, thus identifying him as the perpetrator of 
the 1996 rapes. 


24.7.3 Search Stringency and Partial Matches 

Database searches are carried out using the CODIS software with three stringency levels, 
which allow the search of complex forensic profiles against offender profiles (Figure 24.7). A 
high-stringency match requires an exact match in which all alleles are matched at each locus 
between the target and candidate profiles. A moderate-stringency match, as defined by the FBI, 
is a candidate match “between two single source profiles having at each locus all of the alleles 
of one sample represented in the other sample.” In a moderate-stringency match, allelic drop- 
outs in a target or candidate profile are allowed, possibly resulting in a partial match at some 
loci. As a result, high-stringency matches are automatically included in a moderate-stringency 
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Figure 24.7. Diagram of match stringencies. A heterozygote (allele 14 and 15) at locus D3S1358 


is utilized as the genotype for the forensic unknown profile. (© Richard C. Li.) 


search. In a low-stringency search, both mismatches and allelic dropouts are allowed. Presently, 
NDIS searches are only carried out at moderate stringency. During forensic DNA analysis, DNA 
degradation may prevent full DNA profiles from being processed, producing only partial profiles. 
Additionally, mixture profiles derived from forensic samples containing DNA contributed by 
more than one individual may be encountered. Furthermore, due to mutations, null alleles may 
occur in the profiles produced with some primer sets but not other primers. Therefore, search- 
ing at moderate stringency allows the detection of matches under the situations described above. 
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24.8 Familial Searches 


Such moderate-stringency searches between the Forensic Index and Offender Index may occa- 
sionally generate partial match profiles. Since a partial match is not an exact match of the two 
profiles, further investigation is needed. For instance, additional Y-STR and mtDNA analysis is 
needed to eliminate unrelated individuals. 


24.8 Familial Searches 
Familial search, initiated in the United Kingdom, is a new method of applying databases in 
criminal investigations. It is known that, in the United States, nearly half of prison inmates have 
close relatives who have also been incarcerated. Familial search is based on the assumption that 
close relatives share more alleles of DNA profiles than unrelated individuals. Thus, databases 
may be utilized to identify perpetrators by finding a close relative, if the close relative has been 
convicted of a crime and is listed in the database. Familial search is an intentional search of 
a target crime scene profile against an offender database to obtain a list of candidate profiles 
that are similar to the target profile. This list may include the profile of a close relative of the 
perpetrator, who is the source of crime scene evidence. These matches most frequently involve 
siblings, parents, or children. The investigative leads produced by familial searches allow law 
enforcement to conduct further investigations to identify the perpetrator. 

The first familial search leading to a successful prosecution was conducted in Surrey, England. 
In 2003, a truck driver was killed after a brick was thrown through his windshield from a bridge. 
The perpetrator’s DNA profile was obtained from the brick. A search of the UK’s national DNA 
database revealed no match for the perpetrator. Next, a familial search of the database was con- 
ducted. The system identified a close relative that led police to identify the perpetrator, Craig 
Harman, who was then convicted of manslaughter. 


24.8.1 Legal and Ethical Issues of Familial Search 

The use of forensic databases involves a balance of individual civil rights and the interests of 
the criminal justice systems. Many concerns have been raised, including the potential for these 
searches to violate the privacy of unrelated people whose genetic profiles happen to resemble 
those of individuals included in the databases. In the United States, the Fourth Amendment 
protects against unreasonable searches and seizures. The permissibility of familial searching 
under the Fourth Amendment is yet to be addressed by courts. The collection of biological mate- 
rial for the initial creation of a profile for law enforcement purposes is subject to the Fourth 
Amendment implications. In terms of familial searches, some legal experts argue that the bio- 
logical materials are not collected directly from the individuals for a familial search, and that 
these individuals may thus be protected under the Fourth Amendment. Others argue, however, 
that the Fourth Amendment protects the initial creation of the profile, including the sample 
collection, forensic DNA analysis, and the databasing. They argue that the Fourth Amendment 
may not protect subsequent investigations of DNA profiles during familial searches. In addition, 
the CODIS database consists of a high percentage of profiles from individuals of racial minor- 
ity groups, including African Americans. Familial searches can disproportionately focus on a 
specific racial group. 

Familial searches are rare in the United States. Two jurisdictions, Maryland and the District 
of Columbia, have laws prohibiting the use of familial searches. Familial searches are not con- 
ducted at the NDIS. While familial searches are now being performed in several jurisdictions in 
the United States, policies on familial searches vary among jurisdictions. The major issues relate 
to criteria for privacy, information release, search approval, and the types of crimes eligible for 
familial searches. Currently, California, Colorado, Texas, and Virginia have state legislation per- 
mitting familial searches. Familial searches are initiated when a specific suspect is not known, 
and the cause for the search needs to be justified. Familial searches are usually conducted for 
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crimes that pose a substantial threat to public safety, typically those cases involving the most 
serious offenses. Additionally, familial searches are only conducted after a routine search of a 
DNA profile has yielded no match in the database. 

In 2003, for example, a crime scene DNA sample of a closed rape and murder case, commit- 
ted decades previously, was reanalyzed using forensic DNA techniques. The crime scene DNA 
profile was compared to the profile of a man, Darryl Hunt, who was then imprisoned for the 
crime. Surprisingly, the crime scene DNA profile did not match either that of Hunt or those of 
convicted felons in the database. However, the database search revealed a close relative of the 
true perpetrator and thus led law enforcement to identify Willard Brown as the perpetrator. 
Brown was sentenced to life imprisonment. Additionally, Hunt was exonerated after 18 years in 
prison. 


24.8.2 Familial Search Strategies 

The familial search is usually carried out using specially designed software. Although the 
CODIS software is not designed for familial search, it can be used for familial search through a 
low-stringency search, which may result in a list of candidate profiles including close relatives of 
individuals, such as parent-offspring or full-sibling relatives. In a large offender DNA database, 
similar DNA profiles from unrelated people are often observed due to shared alleles. Therefore, 
the candidate profile list may also include unrelated individuals whose DNA profiles are similar 
to the target profile. As a result, a familial search can provide a list of potential candidates con- 
sisting of hundreds of profiles, which would be too labor intensive to pursue through further 
investigations. Several methods can be used to determine a cutoff analytical threshold in order 
to limit a pool of candidate profiles and exclude unrelated individuals from familial searches 
(Figure 24.8). 


24.8.2.1 Identity-by-State and Kinship Index Method 

The identity-by-state (IBS) method compares the number of shared alleles and loci between a 
target forensic profile and the offender profiles in a database but does not take into account allele 
frequencies. The analytical threshold for a familial search is determined by a preset number 
of shared alleles or loci in order to prompt further investigation. For example, some states use 
15 shared alleles as the analytical threshold to be considered as a candidate, while other states 
require at least one shared allele for each locus. Additionally, this method can prioritize a pool of 
candidates based on the highest to the lowest number of shared alleles for investigation. 

The Kinship Index (KI) method is a likelihood ratio-based method that evaluates the familial 
match by comparing the probability that two DNA profiles are from related individuals to the 
probability that they are unrelated. The KI method analyzes the allele frequency data, includ- 
ing all CODIS core loci, to calculate the Combined Kinship Index. The KI may vary based on 
the allele frequency data across the population. Thus, the accuracy of the KI method relies on 
the relevance of the population data set analyzed. False inclusions or exclusions may occur if 
nonrelevant population data are utilized. The KI method also allows the generation of a ranked 
candidate list according to the probability that the individuals are related. Generally speaking, 
the accuracy of the KI method is higher than that of the IBS method. However, using both IBS 
and KI methods is better than using a single method alone for familial search. 


24.8.2.2 Focusing on Rare Alleles 
During a familial search, target DNA profiles may contain rare alleles with low allelic frequen- 
cies. The chance of sharing rare alleles for two close relatives is higher than for two unrelated 
individuals. Ifa target profile carries a rare allele, it can be used to narrow the pool of candidates. 
For example, Jeffrey Gafoor, then 23, had been living in a suburban neighborhood in Cardiff, 
Wales. He had a reputation for being a loner. Besides working in his family-owned shop, he spent 
most of his time at home. On February 13, 1988, Gafoor entered 7 James Street in the Butetown 
area of Cardiff. The first-floor unit was temporarily occupied by Lynette White, a 20-year-old 
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Figure 24.8 Example of a familial search workflow. (© Richard C. Li.) 


woman who was working as a prostitute in the area. Gafoor went there for the purpose of receiv- 
ing sexual services. He left the scene in the early hours of Valentine’s Day. On Valentine’s night, 
White’s body was discovered. She suffered from more than 50 stab, cut, and slash wounds as well 
as defensive wounds on her hands. The body was dragged to the corner of the room adjacent to 
the bed, the only piece of furniture in the room. 

Gafoor left blood and semen evidence at the scene. He bled during the murder and deposited 
bloodstains at the scene. Additionally, he left seminal stains at the scene; the semen had no mea- 
surable level of sperm and most likely came from an individual who had a medical condition 
known as azoospermia (Chapter 14). After the murder, Gafoor lived at the same place as he did 
beforehand and kept the same job for many years. 

Two years later, three local men, known as the “Cardiff Three,” were convicted of White’s 
murder and sentenced to life in prison. In 1992, however, their convictions were reversed by 
the court of appeal. Subsequently, the crime scene evidence was tested using new techniques 
in forensic DNA analysis that were not available in 1988. A DNA profile was obtained from 
the crime scene. A familial search revealed a similar profile from a 14-year-old boy in the UK 
National DNA Database. In particular, there was a rare allele match between the crime scene 
and the candidate DNA profiles. This search led to the further investigation of Gafoor, who was 
the uncle of the boy. Gafoor was charged with murder. 
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24.8.2.3 Excluding Candidates through Y-STR Screening 

The vast majority of DNA profiles in CODIS come from males. Patrilineal markers, such as 
Y-STR loci, are successfully utilized to screen the candidates to verify the relationship between 
two individuals. This analysis helps to identify first-order relatives as well as paternal half- 
siblings. STR loci beyond the CODIS core loci and maternal lineage makers, such as mito- 
chondrial DNA typing systems, can be used to narrow the pool of candidates and eliminate 
coincidental partial matches. One or more of these methods can be incorporated to evaluate 
highly ranked candidates. 

For example, Lonnie Franklin lived in a southern Los Angeles neighborhood. Throughout 
the 1980s, Franklin worked for the city as a maintenance worker and a sanitation truck opera- 
tor. His neighbors recalled that he often brought prostitutes to a camper parked in the backyard 
of his house. He also took photos of nude women, which he kept in his garage. Nevertheless, to 
many of his neighbors, Franklin seemed to be a friendly person who often chatted with them. 

Since 1985, the bodies of many women, most of which were prostitutes, had been dumped in 
an alley running along Western Avenue in a southern Los Angeles neighborhood. The victims 
had been shot and some had been strangled after sexual contact. DNA and ballistics analysis 
revealed that at least 10 of the murders had been committed by the same perpetrator. The per- 
petrator was known to the general public as the “Grim Sleeper” because he had taken a 14-year 
break during the period in which these 10 murders had taken place. The crime scene DNA pro- 
file did not match any profile in the database. 

In 2008, the first familial search of the “Grim Sleeper” case was conducted by the California 
Department of Justice. California state law allows familial searches for high-profile cases if all 
other leads have been exhausted. However, all candidate DNA profiles were excluded through 
Y-STR screening. As a result, no candidate was identified as a possible relative of the “Grim 
Sleeper.” In 2010, a second search targeted partial matches that shared at least 15 alleles. It pro- 
duced a list of 100 candidate profiles ranked by the likelihood that they were related. Y-STR was 
used as a screen tool to identify possible patrilineal relatives. This time, the search generated a 
match to anew DNA profile of a felon, which had recently been entered into California’s SDIS, in 
2009. The search suggested that the candidate was a relative of the source of the DNA from the 
crime scenes. This search led to the identification of Franklin as a suspect in the “Grim Sleeper” 
murders. Police detectives conducted surveillance and collected a discarded slice of pizza and a 
cup used by Franklin at a local restaurant for DNA identification. The DNA profile was identi- 
cal to the crime scene DNA profiles. Franklin was arrested and was charged with ten counts of 
murder and one of attempted murder. 
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Evaluation of the Strength of 
Forensic DNA Profiling Results 


25.1 A Review of Basic Principles of Genetics 

25.1.1 Mendelian Genetics 

Mendel’s first law is the principle of segregation of alleles. Each pair of alleles segregates from 
others in the formation of gametes (mature reproductive cells such as spermatozoa and oocytes). 
One-half of the gamete carries one allele, and the other half carries the other allele. 

Mendel’s second law is the principle of independent assortment of alleles. The segregation 
of each pair of alleles is independent of the segregation of other pairs during the formation of 
gametes. 

Gametes are formed during a process known as meiosis, in which cells with haploid chromo- 
some numbers (23 in humans) are produced by the division of cells with diploid chromosome 
numbers (46 in humans). A fertilized human egg thus contains a diploid number of chromo- 
somes. A diploid is composed of 22 pairs of autosomes and 2 sex chromosomes (XX in females 
and XY in males). 

Based on Mendelian principles, genes on different chromosomes assort independently 
of one another in gamete production. Genes residing very closely together on the same 
chromosome are usually inherited together. Thus, they do not assort independently and 
are called linked genes. Genes distant from each other on the same chromosome are usually 
inherited separately. This results from an exchange of segments between a pair of homolo- 
gous chromosomes when the chromosomes are paired during the early phases of meiotic 
division. These types of gene-exchange events on homologous chromosomes are collec- 
tively called crossing over, which results in the recombination of genes in a pair of chromo- 
somes (Figure 25.1). 

The Mendelian inheritances of genes can often be measured using probabilities. A prob- 
ability is the ratio of the number of actual occurrences of an event to the number of possible 
occurrences. Additionally, the probability of two independent events occurring simultane- 
ously is the product of each of their individual probabilities; this is known as the product rule 
of probability. 

Mendelian principles apply to the inheritance of loci of the autosomal nuclear DNA 
genome commonly used for forensic testing. The Y-chromosomal genome is inherited 
paternally, which does not obey the rules for Mendelian principles. Mitochondria contain 
their own mitochondrial genomes and are inherited maternally. This maternal inheritance 
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Figure 8. Radiation pattern of dipole for each value of w 
parameter (a) E — plane, (b) H — plane. 


with w parameter equals to 0 mm and / parameter equals 
to integer values that ranging from 0 mm to 3 mm,,. Fig- 
ure 8 shows the corresponding results for each dipole 
with / parameter equals to 0 mm and w parameter’s inte- 
ger values ranging from 0 mm to 3 mm. All these dipole 
structures introduce radiation characteristics that corre- 
spond to a fundamental dipole antenna [6,7]. Each of 
them has a measured peak gain that equals to quite 2 dBi 
and introduces omni-directional features. Quite small 
variations on these curves are on the limits of measure- 
ments’ accuracy. For this reason, it can be observed that 
the radiation characteristics of the printed dipole antenna 
are not affected by the variations on / and w geometrical 
parameters. Therefore, the radiation diagrams of them 
are independent of the / and w parameters. 


4. Conclusions 


A number of printed dipole antennas with integrated 


Copyright © 2010 SciRes. 


balun are constructed and studied in terms of return loss 
and radiation pattern. Each of them has a defined form 
and geometry. Starting from a dipole antenna we mitered 
the angles introducing the parameters / and w that we 
varied. Experimental measurements on return loss pro- 
vide the obtained results. These are quite similar and also 
introduce a resonance point at frequency range of 2.4 
GHz with narrow resonance bandwidth. The form of this 
resonance range is affected only by the / parameter. The 
radiation pattern of these dipoles is also investigated. The 
corresponding radiation diagrams are independent of 
these geometrical parameters (/, w) and are similar to that 
of the fundamental dipole. These observations on printed 
dipole architecture are very crucial for wireless commu- 
nication engineering and antenna design. This is because 
they introduce the ability of constructing a group of 
identical dipoles choosing an appropriate value of / pa- 
rameter (J =2 mm) with quite identical resonance and 
radiation characteristics. 
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Figure 25.1 Crossing over hypothesis. Chromosomes are replicated prior to the first meiotic 
division. Each duplicate is called a chromatid, which forms into tetrads in the prophase. A 
crossover event occurs between the maternal and the paternal chromatids. Each chromatid 
breaks at the point of the cross and fuses with a portion of its counterpart. Chromosomes 
are associated with the microtubules during metaphase | and are pulled toward the spindle 
poles during anaphase |. The maternal and paternal homologs of one chromosome are shown. 
(© Richard C. Li.) 


of mitochondrial genes also does not obey the rules for Mendelian principles. The inheri- 
tance of Y-chromosomal and mitochondrial genomes is referred to as non-Mendelian 
inheritance. 


25.1.2 Population Genetics 
Population genetics studies the causes of patterns of genetic variations within and among 
populations. 


25.1.2.1 Allele Frequency 

Allele frequency (p) can be calculated directly by counting the number of alleles of one type at a 
given locus and dividing it by the total number of alleles at that locus in a sampled population. 
This is called the gene counting method. 


25.1.2.2 Genotype Frequency 

Genotype frequency (P) observed at a given locus can be calculated by dividing the number of 
individuals with one genotype by the total number of individuals in a sampled population. Each 
genotype at the locus can be calculated separately. The summation of all genotype frequencies 
at that locus should equal 1. 


25.1.2.3 Heterozygosity 
Heterozygosity is the proportion of alleles, at a given locus, that are heterozygous and is calcu- 


lated as 
h=1- Sp" (25.1) 


where: 
h = heterozygosity 
p = allelic frequency of the locus for homozygotes 


The amount of heterozygosity at a locus in a sampled population is a measure of genetic 
variation. The higher the heterozygosity, the more variation there is at a given locus. 
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25.1.2.4 Hardy-Weinberg Principle 

The Hardy-Weinberg (HW) principle, independently discovered by two scholars in the 
early 1900s, allows predictions of genotype frequencies to be made based on allelic fre- 
quencies. However, certain conditions must be met. The population must be large; mate 
randomly; and lack mutation, migration, and natural selection. If these conditions of the 
HW principle are met, the population will be in equilibrium, and the following results are 
expected: 


1. The frequencies of the alleles will not change from one generation to the next. 


2. Genotype frequencies can be predicted by the allelic frequencies (p? and q? for geno- 
type frequencies of homozygotes and 2pq for genotype frequencies of heterozygotes). 
The sum of the genotype frequencies should equal 1. 


p +2pq+q =1 (25.2) 


If the observed genotype proportions are different from those expected, one or more of the HW 
assumptions have been violated. 


25.1.2.5 Testing for HW Proportions of Population Databases 
To determine whether the genotypes of a population in question obey the HW principle, a popu- 
lation database can be constructed. Samples (usually 100-200 samples for STR loci) are collected 
and analyzed at the loci of interest. Allelic frequencies are obtained by using the gene counting 
method. Table 25.1 shows the allelic frequencies of CODIS loci from a population database. 
The observed genotype frequencies at a given locus, as described earlier in Section 25.1.2.2, are 
calculated by dividing the number of individuals with one genotype by the total number of 
individuals in the population sampled. The expected genotype frequencies are calculated using 
p’, 2pq, and q?. 

The observed and expected genotype frequencies are then compared using a chi-square test. 
The significance of the differences between observed and expected genotype frequencies can 
then be determined. The chi-square is calculated using the following formula: 


“ (O; - Ei) 
2 = pS, 
x » E (25.3) 


where: 
O, = ith observed genotype frequency 
E, = ith expected genotype frequency 
n = total number of genotypes 


Chi-square (x) is calculated as the sum of all genotypes of a given locus. 

The chi-square value and the degrees of freedom (the number of genotypes minus the num- 
bers of alleles) are then used to obtain a p value (not to be confused with the allelic frequency 
designated p) from a table of p values, and such tables can be found at the backs of most statis- 
tics textbooks. If the p value exceeds 0.05 (5% significance level), the deviation of the expected 
genotype frequencies from the observed genotype frequencies is not considered statistically 
significant. Thus, the null hypothesis that the observed genotype frequencies fit the expected 
genotype frequencies predicted by the HW principle is not rejected if the p value is greater 
than 0.05. 
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Table 25.1 Allelic Frequencies of 13 CODIS STR Loci 
Cc 
Se 


D3S1358 (N=210) (N= 203) (N= 209) 
<12 0.476 0.000 0.000 
12 0.238 0.000 0.000 
13 1.190 0.246 F239) 
14 12.143 14.039 HSS) 
US 29.048 24.631 42.584 
US.2 0.000 0.000 0.000 
16 30.714 23, US) A535 
17 20.000 21.182 2 @//S) 
18 5.476 16.256 8.373 
19 0.476 0.493 1.435 
Sig 0.238 0.000 0.239 
VWA (N=180) (N=196) (N=203) 
11 0.278 0.000 0.246 
13 0.556 0.510 0.000 
14 6.667 10.204 6.158 
nS ZB (Olli 11.224 7.635 
16 26.944 20.153 Sool 
Wi 18.333 26.276 22.167 
18 SFOs 22.194 19.458 
ig) Y@22 8.418 7.143 
20 ZS 1.020 R232 
21 0.000 0.000 0.000 
FGA (N= 180) (N=196)  (N=203) 
<18 0.278 0.000 0.000 
18 0.833 3.061 0.246 
18.2 0.833 0.000 0.000 
wg) 5.278 Diol 7.882 
I@).2 0.278 0.000 0.000 
20 Y 222 14.541 7.143 
20.2 0.000 OF255; 0.246 
Zi 12.500 17.347 13.054 
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Table 25.1 (Continued) Allelic Frequencies of 13 
CODIS STR Loci 


| Allele | Allelic Frequency (%) 
near arican | caucasian 





22 0.000 0.000 0.246 
22 22.500 18.878 Wh Sve 
22ne, 0.556 1.020 0.493 
22S) 0.000 0.000 0.000 
23 12.500 15.816 14.039 
Zoe. 0.000 0.000 ON7S9 
24 18.611 IS 77) 2 et6y2 
24.2 0.000 0.000 0.000 
24.3 0.000 0.000 0.000 
25 10.000 6.888 13.793} 
26 3.611 1.786 8.374 
Di] Doe 1.020 3.202 
28 1.667 0.000 0.246 
29 0.556 0.000 0.000 
30 0.278 0.000 0.000 
>30 0.278 0.000 0.000 
D8S1179 (N= 180) (N= 196) (N= 203) 
§) 0.278 1.786 0.246 
9 0.556 1.020 0.246 
10 2.500 10.204 9.360 
ial sro 5.867 6.158 
2 10.833 14.541 12.069 
ie 22 22D 33,829) S22 
14 33.383) 20.153 24.631 
15 2il FS) 10.969 IIL 76 
16 4.444 1.276 2.463 
Ly 0.833 0.255 OM/s9 
18 0.000 0.000 0.000 
D21S11 N= 17/3); (N= 196) (Ni=203) 
24.2 0.279 0.510 0.246 
24.3 0.000 0.000 0.000 
(continued) 
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Table 25.1 (Continued) Allelic Frequencies of 13 
CODIS STR Loci 


| Allele | Allelic Frequency (%) 
near arian | caucasian 





26 O73 0.000 0.000 
Zi 6.145 4.592 0.985 
28 ZI 508 16.582 6.897 
ZY) 18.994 KS}, 1 LZ 20.443 
Zoe 0.279 0.000 0.246 
30 17.877 23.214 33.005 
SOM 0.838 3.827 S202 
SON 0.000 0.000 0.000 
Sil 9.218 7.143 6.897 
SEZ 7.542 9.949 8.621 
32 0.838 SS E232 
3211 0.000 0.000 0.000 
S22 6.983 11.224 13.547 
Ss 0.838 0.000 0.000 
33,2 3.3152 3.061 4.187 
34 0.838 0.000 0.000 
34.2 OV279) 0.000 0.493 
35 23 0.000 0.000 
Soe 0.000 0.255 0.000 
36 0.559 0.000 0.000 
>36 Ora59 0.000 0.000 
D18S51 (N= 180) (N=196)  (N=203) 
cle 0.556 1.276 0.493 
11 0.556 W2i8) E252 
Zz Bass W278) OFS Sa 
3 5.556 12.245 16), 195) 
WS eZ 0.556 0.000 0.000 
14 6.389 17.347 lero95 
14.2 0.000 0.000 0.000 
NS 16.667 WZ. 7/55) SoS) 
US.2 0.000 0.000 0.000 
16 18.889 10.714 IL. B76 
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Table 25.1 (Continued) Allelic Frequencies of 13 
CODIS STR Loci 


| Allele | Allelic Frequency (%) 
near arian | caucasian 





iy 16.389 1,5), 5611 133,795} 
18 13.056 9.184 Bely2 
19 iS SPovell SSNS) 
20 5.556 2/3) iL /24) 
eal iW 0.510 ESO 
PZ 0.000 0.000 0.000 
DE 0.556 0.255 O78) 
S22 0.556 0.000 1232 
D5S818 (N= 180) CNIS 5) (N= 203) 
7 0.278 0.000 6.158 
8 5.000 0.000 0.246 
9 13S) 3077 5) ALLS) 
10 6.389 4.872 6.650 
il Zoellill 41.026 AVE MALS} 
2 3D. 556 339), 33)5) 29.064 
is 24.444 14.615 9.606 
14 0.556 0.769 0.493 
15) 0.000 0.256 0.246 
Sib) 0.278 0.000 0.000 
DISSsi7/ (N= 179) (N= 196) (N= 203) 
7 0.000 0.000 0.000 
8 3.631 9.949 6.650 
9 2S 72653 Al QZ Il 
10 5.028 5.102 10.099 
11 23. HAS) 31.888 AG), SIA 
2 48.324 30.867 ZL t8\7/'5) 
is IZ 570) 10.969 18}, /49)8} 
14 Spool Crovall 5.665 
iS) Or279 0.000 0.000 
D7S820 (N= 210) (N= 203) (N= 209) 
6 0.000 0.246 OM39 
(continued) 
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Table 25.1 (Continued) Allelic Frequencies of 13 
CODIS STR Loci 


| Allele | Allelic Frequency (%) 
8 
9 
10 





acannon | ean 


0.714 1.724 2. ies} 
17.381 16.256 9.809 
15.714 14.778 4.785 
SZ, SSil 29.064 30.622 
10.1 0.000 0.000 0.000 
Ibi 22.381 20.197 28.947 
iil.s) 0.000 0.000 0.000 
2 9.048 14.039 IG) 1S) 
3 1.905 22956) 3.828 
14 0.476 ONS9) 0.478 
CSF1PO (N= 210) (N=203)  (N=209) 
6 0.000 0.000 0.000 
7 4.286 0.246 F239) 
8 Saovel 0.493 0.000 
9 3,383) ILCI7A0) 0.718 
10 27.143 25,89) 25,338) 
ORS) 0.000 0.246 0.000 
11 20.476 30.049 26.555 
WZ 30.000 S252 39.234 
13 5.476 7.143 6.459 
14 0.714 1.478 0.957 
18) 0.000 0.493 0.478 
TPOX (N= 209) (N=203)  (N=209) 
6 8.612 0.000 0.478 
i ZalaS 0.246 0.478 
8 36.842 54.433 55502 
9 18.182 WSs) 3.349 
10 9.330 3.695 3.349 
11 22.488 Zosog CUES 
WZ 2. IJVZ 3.941 ©). S310) 
is 0.000 0.000 0.239 
THO1 (N= 210) (N= 203)  (N=209) 
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Table 25.1 (Continued) Allelic Frequencies of 13 
CODIS STR Loci 


Allelic Frequency (%) 


African American 





Source: Budowle, B., et al., J Forensic Sci, 44, 1277-1286, 
1999. With permission. 


25.1.2.6 Probability of Match 

The discriminating power of genetic loci used above can be measured by population match 
probability (P,,). P,, is defined as the probability of having a matching genotype between two 
randomly chosen individuals. The lower the P,,, the less likely a match between two randomly 
chosen individuals will occur. This is calculated as follows: 


2 
= > () + > (2pq) (25.4) 
7 7 
where: 
pand q = the frequencies of two different alleles 


P,,, can also be used to compare the discriminating powers of different loci 


Tables 25.2 through 25.4 show P,, values of loci commonly used for forensic applications, includ- 
ing SNP, VNTR, and STR. 
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Table 25.2 Heterozygosity and P,, Values of 
Six SNP Loci 


Locus | Allele | Heterozygosity 





Source: Office of Justice Programs, National Institute 
of Justice, US Department of Justice, The 
Future of Forensic DNA Testing: Predictions 
of the Research and Development Working 
Group, 2000. 


Table 25.3 Heterozygosity and P,, Values of Six VNTR Loci 


Heterozygosity 





Source: Office of Justice Programs, National Institute of Justice, US 
Department of Justice, The Future of Forensic DNA Testing: 
Predictions of the Research and Development Working Group, 2000. 


25.2 Statistical Analysis of DNA Profiling Results 

It is desirable to evaluate the strength of DNA profiling results, particularly if two DNA pro- 
files match. A DNA profile from crime scene evidence and a profile from a suspect may be 
the same for two reasons: (1) the crime scene sample may have come from the suspect or (2) 
the suspect happens to have the same profile as the individual who left the evidence found 
at the crime scene. The significance of a match between DNA profiles can be evaluated by 
using statistical calculations that determine the rarity of a specific DNA profile in a rele- 
vant population. The statistical evaluation of the significance can be included in a case report 
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Table 25.4 Heterozygosity and P,, Values for CODIS Loci 
Locus Heterozygosity Sr Heterozygosity re 


CSRIRO 11 0.734 ON2 0.781 0.081 
TPOX Z 0.621 ORL) 0.763 0.090 
THO1 7 0.783 0.081 0.727 0.109 
VWA 10 0.811 0.062 0.809 0.063 
D16S539 8 0.767 0.089 0.798 0.070 
D7S820 hil 0.806 0.065 0.782 0.080 
D13S317 8 ONaal 0.085 0.688 0.136 
D5S818 10 0.682 0.158 0.739) OninZ 
FGA iG) 0.860 0.036 0.863 0.033 
D3S1358 10 0.795 0.075 0.763 0.094 
D8S1179 10 0.780 0.067 0.778 0.082 
D18S51 TS 0.876 0.028 0.873 0.029 
D2S11 20 0.853 0.039 0.861 0.034 
Average 0.7812 0.7866 

Product I 7BSS< OH IROOZ alOme 

(1 in (iL i ©, Sil s< 10") 


B/D MO™) 


Source: Office of Justice Programs, National Institute of Justice, US Department of Justice, The 
Future of Forensic DNA Testing: Predictions of the Research and Development Working 
Group, 2000. 


(Figure 25.2). Guidelines for DNA profile interpretation such as those issued by the National 
Research Council, the DNA Advisory Board, and the European DNA Profiling Group can be 
consulted. 


The approaches to performing statistical analysis are (1) calculation of profile probability and 
(2) use of the likelihood ratio method. Although profile probability is the most commonly used 
method because of its simplicity, both approaches lead to the same conclusion. 


25.2.1.1 Profile Probability 
Profile probability can be calculated based on the following steps: 


1. The locus genotype frequency can be calculated as follows; p and q are the allelic fre- 
quencies observed in the database for a given allele: 


Locus genotype frequency for homozygotes: 


P=p (25.5) 
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ABSTRACT 


This paper presents an optimization of the voltage doubler stages in an energy conversion module for Radio Frequency 
(RF) energy harvesting system at 900 MHz band. The function of the energy conversion module is to convert the (RF) 
signals into direct-current (DC) voltage at the given frequency band to power the low power devices/circuits. The de- 
sign is based on the Villard voltage doubler circuit. A 7 stage Schottky diode voltage doubler circuit is designed, mod- 
eled, simulated, fabricated and tested in this work. Multisim was used for the modeling and simulation work. Simulation 
and measurement were carried out for various input power levels at the specified frequency band. For an equivalent 
incident signal of -40 dBm, the circuit can produce 3 mV across a 100 kQ load. The results also show that there is a 
multiplication factor of 22 at 0 dBm and produces DC output voltage of 5.0 V in measurement. This voltage can be used 


to power low power sensors in sensor networks ultimately in place of batteries. 


Keywords: Energy Conversion; RF; Schottky Diode; Villard; Energy Harvesting 


1. Introduction 


RF energy harvesting is one type of energy harvesting 
that can be potentially harvested such as solar, vibration 
and wind. The RF energy harvesting uses the idea of 
capturing transmitted RF energy at ambient and either 
using it directly to power a low power circuit or storing it 
for later use. The concept needs an efficient antenna 
along with a circuit capable of converting RF signals to 
DC voltage. The efficiency of an antenna mainly depends 
on its impedance and the impedance of the energy con- 
verting circuit. If the two impedances aren’t matched 
then it will be unable to receive all the available power 
from the free space at the desired frequency band. Match- 
ing of the impedances means that the impedance of the 
antenna is the complex conjugate of the impedance of the 
circuit (voltage doubler circuit). 

The concept of energy harvesting system is shown in 
Figure 1, which consists of matching network, RF-DC 
conversion and load circuits. The authors in [1], used a 
2.4 GHz operating frequency with an integrated zero bias 
detector circuit using BiCMOS technology which pro- 
duced an output voltage of 1 V into a 1 MQ load at an 
input power level of 0 dBm. H. Yan and co-authors re- 
vealed that a DC voltage of 0.8 volts can be achieved 
from a —20 dBm RF input signal at 868.3 MHz through 
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simulation results [2]. In [3], work was carried out on a 
firm frequency of 900 MHz by matching to a 50 Q im- 
pedance and resonance circuit transformation in front of 
the Schottky diode which yields an output voltage of over 
300 mV at an input power level of 2.5 np. W. J. Wang, L. 
Dong and Y. Fu [4] used a Cockcroft-Walton multiplier 
circuit that produced a voltage level of 1.0 V into a 200 
MQ load for an input power level of less than —30 dBm 
at a fixed frequency of 2.4 GHz. 

The energy conversion module designed in this paper 
is based on a voltage doubler circuit which can be able to 
output a DC voltage typically larger than a simple diode 
rectifier circuit as in [5], in which switched capacitor 
charge pump circuits are used to design two phase volt- 
age doubler and a multiphase voltage doubler. The mod- 
ule presented in this can function as an AC to DC con- 
verter that not only rectifies the input AC signal but also 
elevates the DC voltage level. The output voltage of the 
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Figure 1. Schematic view of a RF energy harvesting system. 
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Locus genotype frequency for heterozygotes: 


Pi =2pq (25.6) 


2. Profile probability can then be calculated based on the product rule by multiplying all 
the locus genotype frequencies calculated as above. 


The lower the profile probability is, the less likely that an individual chosen at random will have 
a coincident match with the DNA profile of the evidence sample. Table 25.5 shows calculations 
of profile probability from a DNA profile. 


25.2.1.1.1 Structured Populations 


The above calculation of profile probability is based on the assumption that a randomly 
selected individual is unrelated to a perpetrator. However, it is likely that the individual and 
the perpetrator are from the same subpopulation (groups within a population) and are thus not 
completely independent. Mating is more likely to occur within subpopulations than between 
subpopulations. As a result, the proportion of homozygotes increases and the proportion of 
heterozygotes decreases in a subpopulation because individuals in a subpopulation appear to 
be related. 


DEPARTMENT OF FORENSIC BIOLOGY 


LABORATORY REPORT 





LAB NO: IQAS 2003, Lab # 259 


SUSPECTS: Suspect 1, 2032 
Suspect 2, 2033 
Suspect 3, 2034 





SUMMARY OF RESULTS: 
Semen* was found on the crime scene sample 203 1b, based on the presence of P30 antigen and sperm. 


PCR DNA typing was done on crime scene sample 2031b. Results indicate the semen could have come 
from the suspect 1. This combination of DNA alleles would be expected to be found in approximately: 


1 in greater than 1 trillion Blacks** 
1 in greater than 1 trillion Caucasians 
1 in greater than | trillion Hispanics 
1 in greater than 1 trillion Asians 
The DNA from crime scene sample 203 1b could not have come from suspect 2 or suspect 3. 
Amylase, a component of saliva, was not found on crime scene sample 203 1b 
No semen was found on the control sample 2035. 
Crime scene sample 203 1a was not analyzed. 


The DNA results in this case do not match any previous PCR (STR) DNA cases to date. 


*Semen has two components: the seminal plasma (which contains the P30 antigen) and spermatozoa, Semen can be 
identified by detecting either P30 antigen and/or sperm. 


+* OCME STR database, National Research Council (1996) The Evaluation of Forensic DNA Evidence, Natl. Acad. Press, 
Washington DC, 


Figure 25.2 An example of a laboratory report. (© Richard C. Li.) 
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25.2 Statistical Analysis of DNA Profiling Results 


Table 25.5 Calculation of Profile Probability of STR Profile with 13 CODIS Loci 





Allelic 
Locus Frequency? Locus Genotype Frequency 


CSF1PO 


D3S1358 


D5S818 


D7S820 


D8S1179 


D13S317 


D16S539 


D18S51 


D21S11 


FGA 


THO1 


TPOX 


VWA 


12 
14 
15 
iil 
11 
10 
il 
RS 
Is 
il 
11 
11 
12 
15 
Ws 
30 


18 


a See Table 25.1. 


0.25369 
ORS Zon 
0.14039 
0.24631 
0.41026 
0.41026 
0.29064 
0.20197 
OFSS8929) 
ORSS929) 
0.31888 
0.31888 
0.27228 
ORSSOieh 
OnIZ7.55 
0.035710 
0.23214 
0.23214 
0.15816 
0.13776 
0.12562 
0.30542 
0.54433 
0.54433 
0.26276 
0.22194 


2pq 


2pq 


2pq 


0.165 


0.0691 


0.168 


0.117 


OMFS 


0.102 


0.185 


0.00911 


0.0539 


0.0436 


0.0767 


0.296 


OLY 


Profile probability= 2.76 x 10-4 
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The effect of population structure should be considered and an appropriate correction should 
be made to estimate profile probabilities. The correction can be made by using the factor 0. Thus, 
the locus genotype frequency can be calculated as follows: 

Locus genotype frequency for homozygotes: 


_ [26+(1-0)p] [36+ (1-8) p] 








~~ (1+6)(1+ 26) sa 
Locus genotype frequency for heterozygotes: 
Bs 2[0+(1-8)p][9+(1-8)q] 05.8) 


: (1+.6)(1+ 20) 


The 0 value is 0.01 for the majority US population and 0.03 for the Native American popula- 
tion. Table 25.6 shows the calculation of profile probability with subpopulation correction using 
0=0.01. The profile probability is approximately three times higher than the value without the 
correction (Table 25.5). Additional corrections can be calculated for relatives, mixed stains, or 
database searches using formulas provided by the National Research Council’s guidelines. 


25.2.1.2 Likelihood Ratio 
The likelihood ratio (LR) method is an alternative for evaluating the strength of a match. The 
method allows the calculation of the probability of the DNA profile under two hypothesis: 


Hypothesis 1 (H,) —The evidence and suspect profiles originated from the same source. 


Hypothesis 2 (H,) —The evidence and suspect profiles did not originate from the same 
source (i.e., the suspect happens to have the same profile as that of the individual who 
left the evidence). 


The LR is the probability of hypothesis H, divided by the probability of hypothesis H,. Where 
Pr, is the probability under hypothesis H,, and Pr, is the probability under hypothesis H,, this 
can be expressed as: 


LR = — (25.9) 


‘The greater the numerator (Pr,), the greater the likelihood ratio becomes. The result favors hypoth- 
esis H, (the evidence and suspect profile originated from the same source). Pr, is equal to 1 (100%) 
when a match occurs, and Pr, is equal to the profile probability. A LR of 1000 indicates that the evi- 
dence is 1000 times as probable if the evidence and suspect profiles originated from the same source. 


25.2.2 Haplotypes 
The term haplotype was first used to describe very closely linked polymorphic loci. During meio- 
sis, alleles at neighboring loci cosegregate (both alleles segregate as a single allele) because of the 
close linkage of loci. The term also applies to genetic regions within which recombination events 
are very rare, that is, within mitochondrial and Y-chromosomal DNA. The entire mitochondrial 
DNA (mtDNA) sequence can be considered to be a single locus or haplotype because of the 
absence of recombination. Likewise, Y chromosome loci can also be considered haplotypes. 
Where recombination is very rare, certain allelic combinations occur in populations much 
more frequently than would be expected. This phenomenon is called linkage disequilibrium. As 
a result, the HW principle cannot be applied. The two methods for evaluating the strength of 
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25.2 Statistical Analysis of DNA Profiling Results 


Table 25.6 Calculation of Profile Probability of STR with 13 CODIS Loci and Correction 
Factor (0=0.01) 





Allelic Locus Genotype 
Locus Frequency? Frequency 


CSF1PO 


D3S1358 


D5S818 


D7S820 


D8S1179 


DISSSiy7 


D16S539 


D18S51 


D21S11 


FGA 


THO] 


TPOX 


VWA 


12 


14 
NS 


11 
11 


10 
11 


is) 
ils} 


11 


7, 
18 


4 See Table 23.1. 


0.25369 
0.32512 


0.14039 
0.24631 


0.41026 
0.41026 


0.29064 
0.20197 


0.33929 
Orss929 


0.31888 
0.31888 


0.27228 
Orssoihl 


OM27.55 
0.03571 


0.23214 
0.23214 


0.15816 
ORISTS 


0.12562 
0.30542 


0.54433 
0.54433 


0.26276 
0.22194 









































2[8+(1- 6) p|[o+(1- 9)q q| 0.168 
(1+6)(1+ 20) 

2[8+(1-8)p][o+(1-8)q] 0.0734 
(1+6)(1+ 20) 

26 + (1-6)p][30+(1-8)p] 0.180 
(1+6)(1+ 20) 

2[0+(1-0)p][6+(1-9)q] On21 
(1+6)(1+ 20) 

[2a 8) )p] [30 +(1- 6)p P| 0.126 
(1+6)(1+ 20) 

Za. 6) p] [30+ +(1- 6) p al 0.113 
(1+6)(1+ 20) 

2[o+(1-0)p][e+(1-8)q] 0.187 
(1+0)(1+20) 

2[0+(1-0)p][6+(1-8)q] 0.012 
(1+ 6)(1+ 26) 

[29+ (1-6) p] [3 +(1-6)p] 0.0630 
(1+6)(1+ 20) 

2[0+(1-8)p][o+(1-)q] 0.0473 
(1+ 6)(1+ 26) 

2[8+(1-6)p][o+(1-8)q] 0.0815 
(1+6)(1+ 26) 

[20+(1-©)p] [30+ (1-8) p] 0.309 
(1+0)(1+ 20) 

2[6+(1-6)p][6+(1-8)q] 0.120 
(1+ 6)(1+ 20) 


Profile 
probability= 7.8 x 10-4 
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a match between haplotypes are (1) mitotype frequency and (2) likelihood ratios. The current 
most common approach for interpreting mtDNA profiles is mitotype frequency carried out with 
the gene counting method, that is, the calculation of the number of occurrences of a particular 
sequence or haplotype. The interpretation of Y chromosome profiles is similar to the interpre- 
tation of mtDNA profiles. The estimation of the frequency of a mitotype can be calculated as 
shown below. 


25.2.2.1 Mitotypes Observed in Database 

If a mitotype is observed at least once in a database, Equation 25.10 can be used. P,,, is the mito- 
type frequency, x is the number of observations of the haplotype, and 1 is the size of the database 
(the number of mitotype entries): 


_ x+2 





Pat = (25.10) 
n+2 
Any sampling error may be addressed by a confidence interval: 
Pat (1 - Pn 
Prt # 1.96 Fru(1- Po) (25.11) 
n 


In this case, P,,,, is the mitotype frequency, and n is the size of the database. The conservative 
upper bound of the frequency is usually quoted. 


25.2.2.2 Mitotype Not Observed in Database 
If a mitotype has not been observed in a database, Equation 25.12 can be used to calculate the 
mitotype frequency; « is 0.05 for a 95% confidence interval and n is the size of the database. 


1/n 


Pu =l-o (25.12) 
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Quality Assurance and Quality Control 


Quality assurance (QA) for forensic services requires certain processes to ensure that a service 
will meet laboratory requirements for the integrity of testing. A QA program must include com- 
ponents that address: 


8 Continuing education, training, and certification of personnel 
= Specification and calibration of equipment and reagents 

j Documentation and validation of analytic methods 

% Use of appropriate standards and controls 

ra Sample handling procedures 


Proficiency testing 


eS | 


8, Data interpretation and reporting 
§, Audits (internal and external) and laboratory accreditation 
& Corrective actions to address deficiencies and assessments for laboratory competence 


Over the years, many guidelines for quality assurance in forensic DNA laboratories have 
been established. These guidelines will be introduced in this chapter. 

Quality control (QC) for forensic services refers to the operational procedures necessary to 
meet quality requirements. QC procedures may include maintenance of calibration records for 
equipment and instruments as well as the testing of chemical reagents and supplies used in 
analysis to ensure reliable results. 


26.1 US Quality Standards 

DNA profiling methods were first used in criminal investigations in the 1980s. By the early 
1990s, emerging forensic DNA techniques had undergone detailed reviews by the National 
Research Council (NRC) of the National Academy of Sciences. In 1992, the first published NRC 
report included recommendations in the areas of (1) technical considerations, (2) statistical 
interpretation, (3) laboratory standards, (4) data banks and privacy, (5) legal considerations, 
and (6) societal and ethical issues related to forensic DNA testing. The NRC report attempted 
to explain the basic scientific principles of forensic DNA technology and made suggestions for 
applications and improvements. However, the report received negative criticism from both the 
forensic and the legal communities. 
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In 1996, a second NRC committee was formed “to update and clarify discussion of the prin- 
ciples of population genetics and statistics as they apply to DNA evidence.” Its report stated: 


The central question that the report addresses is this: What information can a forensic scientist, 
population geneticist, or statistician provide to assist a judge or jury in drawing inferences from the 
finding of a match? To answer this question, the committee reviewed the scientific literature and the 
legal cases and commentaries on DNA profiling, and it investigated the criticisms that have been 
voiced about population data, statistics, and laboratory error. Much has been learned since the last 
report. The technology for DNA profiling as well as the methods for estimating frequencies and 
related statistics have progressed to the point where the reliability and validity of properly collected 
and analyzed DNA data should not be in doubt. The new recommendations presented here should 
pave the way to more effective use of DNA evidence. (The Evaluation of Forensic DNA Evidence also 
known as the NRC II report) 


The NRC II report consisted of (1) an introduction describing the 1992 report, changes made 
subsequent to that report, and the validity and application of DNA typing techniques; (2) assur- 
ance of high standards of laboratory performance; (3) population genetics issues; (4) statistical 
issues; and (5) DNA evidence in the legal system. 

In 1995, The DNA Advisory Board (DAB) was formed as a result of the DNA Identification Act 
(1994) passed by Congress. The DAB served from 1995 to 2000 to develop guidelines for quality 
assurance in forensic laboratories. During that time, the DAB provided two sets of guidelines: 
Quality Assurance Standards for Forensic DNA Testing Laboratories (1998) and Quality Assurance 
Standards for Convicted Offender DNA Databasing Laboratories (1999). These standards describe 
the requirements to ensure quality and integrity of the data as well as competency of laboratories. 

These standards were built on the previous standards set by the Scientific Working Group on 
DNA Analysis Methods (SWGDAM). After the DAB’s assignment ended in 2000, the SWGDAM 
became responsible for providing guidelines to the US forensic community. The SWGDAM was 
established in 1988 by the FBI Laboratory. It was initially called the Technical Working Group 
on DNA Analysis Methods; the name changed in 1998. The SWGDAM comprises forensic scien- 
tists from DNA laboratories in the United States and Canada. Its purpose is to facilitate forensic 
DNA community discussions regarding necessary laboratory methods and to share protocols 
for forensic DNA testing. The FBI sponsors and hosts its meetings and plays an important role 
in its activities. 

The SWGDAM established and revised several guidelines including the Guidelines for a 
Quality Assurance Program for DNA Analysis, published in 1989, 1991, and 1995 (the vali- 
dation section was revised in 2003); Quality Assurance Standards for Forensic DNA Testing 
Laboratories (2011); Quality Assurance Standards for DNA Databasing Laboratories (2011); 
Validation Guidelines for DNA Analysis Methods (2012); and SWGDAM Training Guidelines, 
published in 2001 and revised in 2013. 

The SWGDAM also formed subcommittees to provide guidelines in more specific areas of 
forensic DNA testing, for example, SWGDAM’s Interpretation Guidelines for Autosomal STR 
Typing by Forensic DNA Testing Laboratories (2010), Y-chromosome Short Tandem Repeat 
(Y-STR) Interpretation Guidelines (2009), and Interpretation Guidelines for Mitochondrial 
DNA Analysis by Forensic DNA Testing Laboratories (2013). The SWGDAM also organized a 
number of interlaboratory and validation studies for new techniques. 


26.2 International Quality Standards 

In the early stages of forensic DNA testing, the International Society for Forensic Genetics (ISFG) 
recognized the potential of DNA testing for criminal investigations and made a number of rec- 
ommendations related to the forensic application of DNA polymorphisms. 
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26.4 Laboratory Validation 


The ISFG provided various recommendations for forensic DNA testing of STR, mtDNA, and 
Y chromosome markers for the international community. It formed a working group called 
the European DNA Profiling Group (EDNAP) in 1991. The EDNAP has investigated systems 
for DNA profiling, has organized a number of collaborative exercises for the evaluation of new 
methods, and has published reports of its studies. 

The European Network of Forensic Science Institutes (ENFSI) formed its DNA working group 
about a decade ago to address issues of quality and standards for forensic DNA testing. The 
Interpol European Working Party on DNA Profiling (IEWPDP) also makes recommendations for 
applying DNA evidence to criminal investigations in Europe. Based on the EDNAP exercises 
and recommendations by the ENFSI and IEWPDP, the European Standard Set (ESS) for auto- 
somal STR core loci was established. The Standardization of DNA Profiling Techniques in the 
European Union (STADNAP) group has been working on the selection of forensic DNA profil- 
ing systems, methods for use among European countries, and the maintenance of European 
population databases. 


26.3 Laboratory Accreditation 

Accreditation is the process used to assess the qualification of a laboratory to meet established 
standards. During an accreditation process, the services and performance of a laboratory are 
evaluated, particularly in the areas of management, operations, personnel, procedures, equip- 
ment, physical plants, security, and personnel safety procedures. The accreditation process 
generally involves several components such as self-evaluation, the preparation of supporting 
documents, on-site inspection and reports, and accreditation review reports. 

Accreditation in the United States is offered by the Laboratory Accreditation Board of the 
American Society of Crime Laboratory Directors (ASCLD/LAB) for forensic laboratories per- 
forming casework. The American Association of Blood Banks (AABB) provides accreditation for 
laboratories performing DNA parentage testing according to the AABB’s standards. 

The accreditation of a forensic laboratory is granted for 5 years. To remain in compliance, a 
laboratory must undergo audits to evaluate its operation according to established guidelines. The 
FBI has published the Quality Assurance Standards Audit for Forensic DNA Testing Laboratories 
(2011) and the Quality Assurance Standards Audit for DNA Databasing Laboratories (2011). The 
areas of operating protocols, instruments and equipment, and personnel training are evalu- 
ated based on guidelines. Problems identified during an audit must be documented and actions 
to resolve the problems must be addressed. Annual internal audits and external audits during 
alternate years are required under the guidelines. 


26.4 Laboratory Validation 

Validation is the process of confirming that a laboratory procedure is sufficiently robust, reli- 
able, and reproducible. A robust method maintains successful performance and can cope with 
errors. A reliable method produces accurate results. A reproducible method achieves the same 
or very similar results each time a sample is tested. 

Two types of laboratory validations, developmental and internal validations, are used for 
modifying methods for forensic DNA analysis. An internal validation is required when adopting 
a procedure for forensic applications. Based on the SWGDAM’s Validation Guidelines for DNA 
Analysis Methods, the internal validation is “an accumulation of test data within the laboratory 
to demonstrate that established methods and procedures perform as expected in the laboratory.” 
The developmental validation “is the acquisition of test data and determination of conditions 
and limitations of a new or novel DNA methodology for use on forensic, database, known or 
casework reference samples.” For example, the characterization of a new genetic marker requires 
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studies in the inheritance, the genomic location, the detection method, and the polymorphism 
of the genetic marker. However, developmental validation studies in the same subject but from 
fields other than forensic DNA analysis may be acceptable for forensic applications. 

Additionally, the precision and the accuracy of the test are important criteria for develop- 
mental validation. Based on the SWGDAM, precision “characterizes the degree of mutual agree- 
ment among a series of individual measurements, values and/or results. Precision depends only 
on the distribution of random errors and does not relate to the true value or specified value.” The 
measure of precision can be expressed as a standard deviation of test results. Accuracy is referred 
to as “the ability of a measuring instrument to give responses close to a true value,” which can be 
assessed by a performance check, a quality assurance procedure monitoring the performance of 
instruments and equipment affecting the accuracy of forensic DNA testing. 


26.5 Proficiency Testing 
Proficiency testing is an important component of quality control and quality assurance. It 
evaluates a laboratory’s performance of DNA analyses according to the laboratory’s standard 
protocols. Proficiency testing also evaluates the quality of performance by individual analysts 
following laboratory protocols. 

Proficiency tests of DNA analysts must be conducted every 6 months based on DNA Advisory 
Board Standards. The testing usually involves mock forensic case samples including questioned 
bodily fluid stains and reference samples. The test is assigned to an analyst for processing 
according to the laboratory procedures. A report must be prepared and is then reviewed. The 
proficiency test can be administered as either an open or a blind test. In the blind test, the ana- 
lyst is not aware that he or she is being tested. Blind testing is considered a more effective means 
of evaluating performance. 

The tests may be administered internally or by any of a number of external testing organi- 
zations. For example, Orchid Cellmark provides the International Quality Assessment Scheme 
(IQAS) DNA proficiency test, and the Collaborative Testing Services (CTS) Forensics Testing 
Program offers similar proficiency tests. These proficiency tests may include a selection of sam- 
ple types (neat or mixture) for serological tests and/or DNA analysis (autosomal STR, Y-STR, 
and mitochondrial DNA). The College of American Pathologists (CAP) has a paternity testing 
proficiency program offering external proficiency tests. In Europe, the German DNA Profiling 
Group (GEDNAP) provides proficiency testing for participating European laboratories. 


26.6 Certification 

Certification is a voluntary process that recognizes the attainment of professional qualifications 
needed for practice in forensic services. Certification is not required, but is desired by some 
laboratories. In 2009, a report entitled Strengthening Forensic Science in the United States: A 
Path Forward was published by the Committee on Identifying the Needs of the Forensic Science 
Community at the National Academy of Sciences. The report recommends that certification 
should be mandatory for forensic science professionals, which includes written examinations, 
supervised practice, proficiency testing, and compliance to a code of ethics (Section 26.8). In the 
United States, the American Board of Criminalistics (ABC) offers three types of certification for 
forensic scientists. A diplomate must pass a general knowledge examination. ABC also requires 
a bachelor’s degree in a natural science and 2 years of experience in a forensic laboratory. To 
obtain fellow status (higher than diplomate status), an applicant must have 2 years of experience 
in his or her specialty and must have met the diplomate requirements in addition to passing a 
written specialty examination and a proficiency test. 
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26.7 Forensic DNA Analyst Qualifications 


ABC has added a third certification that is completely separate from the other certification 
programs. The technical specialist certification for molecular biology was created to recognize 
the qualifications required for the analysis of biological materials through DNA profiling. An 
applicant must take a specialist examination containing questions from the general knowledge 
examination and a subset of questions from the forensic biology fellow examination. This cer- 
tification also requires a bachelor’s degree in a natural science and 2 years of experience along 
with successful completion of a proficiency examination within 12 months of taking the techni- 
cal specialist certification examination. 


26.7 Forensic DNA Analyst Qualifications 
DAB’s Quality Assurance Standards for Forensic DNA Testing Laboratories require that an 
examiner or analyst have “at a minimum a BA/BS degree or its equivalent degree in a biology, 
chemistry or forensic science-related area and must have successfully completed college course 
work (graduate or undergraduate level) covering the subject areas of biochemistry, genetics and 
molecular biology,” as well as “course work and/or training in statistics and population genetics 
as it applies to forensic DNA analysis.” 

Additionally, SWGDAM Training Guidelines discuss the course work requirements in detail. 
At least nine cumulative semester hours are required for the course work covering the required 
subject areas. Particularly, the section in Fundamental Scientific Knowledge of the SWGDAM 
Training Guidelines defines required key elements to be covered in course work. The key ele- 
ments also aid in evaluating the contents of the course work. 

Biochemistry “refers to the nature of biologically important molecules in living systems, DNA 
replication and protein synthesis, and the quantitative and qualitative aspects of cellular metab- 
olism,” and may include but is not limited to: 


8, Structure and function of cellular components such as proteins, carbohydrates, lipids, 
nucleic acids, and other biomolecules 


&, Chemistry of enzyme-catalyzed reactions 
&, Metabolism 

8, DNAand RNA 

‘ Protein synthesis 

& Cell membrane transport 

& Signal transduction 


Genetics “refers to the study of inherited traits, genotype/phenotype relationships, and popula- 
tion/species differences in allele and genotype frequencies,” and may include but is not limited to: 


&, Heredity 

& Function of genes 
&,| Gene expression 
8, Recombinant DNA 
z Mitosis/meiosis 


Molecular biology “covers theories, methods, and techniques used in the study and analysis of 
gene structure, organization, and function,” and may include, but is not limited to: 


g Interrelationship of DNA, RNA, and protein synthesis 
§, Central dogma 
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energy conversion module can be used to energize the 
low power devices for example sensors for a sensor net- 
work in application to agriculture. 

Section 2 of this paper discusses on the theoretical 
background of the voltage doubler circuit. Section 3 pre- 
sents the simulation study and implementation of the 


circuit design. Section 4 provides the results and analysis. 


Section 5 concludes with a discussion on the findings 
from the simulated and measured results. 


2. Voltage Multiplier 


There are various voltage multiplier circuit topologies. 
The design used in this module is derived from the func- 
tion of peak detector or a half wave peak rectifier. The 
Villard voltage multiplier circuit was chosen in the cir- 
cuit design of this paper because it produces two times of 
the input signal voltage towards ground at a single output 
and can be cascaded to form a voltage multiplier with an 
arbitrary output voltage and its design simplicity. 


2.1. Diode Modeling 


The voltage multiplier circuit in this design uses zero 
bias Schottky diode HSMS-2850 from Agilent. The at- 
tractive feature of these Schottky diodes are low sub- 
strate losses and very fast switching but leads to a fabri- 
cation overhead. This diode has been modeled for the 
energy harvesting circuit which comes in a one-diode 
configuration. The modeling parameters for these diodes 
are given by Agilent in their data sheets. These parame- 
ters are used in Multisim for its own modeling purposes. 
The modeling is done by transforming the diode into an 
equivalent circuit using passive components which are 
described by the SPICE parameters in Table 1 [6]. 

The diode used in this design is shown in Figure 2 and 
its equivalent model is shown in Figure 3. The special 
features of HSMS-2850 diode is that it provides a low 
forward voltage, low substrate leakage and uses the non 


Table 1. SPICE parameters. 








Parameters Units HSMS 2850 
By Vv 3.8 
Cio pF 0.18 
Ec Ev 0.69 
Igy A 3E-4 
Is A 3E-6 
N No unite 1.06 
Rs Q 25 

Pz (Vy) Vv 0.35 
Pr (XTID) No units 2 
M No units 0.5 





Copyright © 2012 SciRes. 


Figure 2. Schottky diode. 





Figure 3. Linear circuit model of the Schottky diode [6]. 


symmetric properties of a diode that allows unidirec- 
tional flow of current under ideal condition. 

The diodes are fixed and are not subject of optimiza- 
tion or tuning. This is described using the following deri- 
vations. By neglecting the effect of diode substrate, an 
equivalent linear model that can be used for the diode as 
shown in Figure 3. When C; is the junction capacitance 
and R; is the junction resistance, the admittance Y, of the 
linear model is given by 


Y, =X, +Y¥, (1) 


Equation (1) related to the frequency of operation is 
given by 


: 1 
Y, = (2) 
jwC,R, +1 
= Sd (3) 
R. 


J 


The impedance Z of the linear model is given by 





R. 
z= (4) 
1+ jwR,C, 
The total impedance Z; is given by 
Z,=R = (5) 
=R,+ 
nS 1+ jwR,C, 


where Rg is the series resistance of the circuit and R; is 
given by 





Rp = 8:33x10° x NxT 
: I, +1, 
where: 
I, = bias current in A; 
I, = saturation current in 1A; 
T = temperature (K); 
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8, Transcription, translation, replication 
% Recombinant DNA techniques 

& PCR 

8 Cloning 


Course work that is similar in content and scope to those described above may be qualified as 
required course work. Compliance with the required course contents can be evaluated through 
transcripts, syllabi, and letters from the instructors. 

DAB’s Quality Assurance Standards for Forensic DNA Testing Laboratories also describes 
requirements for an analyst to meet prior to initiating independent casework analysis using 
DNA technology. First, an analyst must have at least 6 months of forensic DNA laboratory expe- 
rience “including the successful analysis of a range of samples typically encountered in forensic 
casework.” Second, an analyst must have “successfully completed a qualifying test before begin- 
ning independent casework responsibilities.” 


26.8 Code of Ethics of Forensic Scientists 

Ethical codes for forensic scientists are used as guides for individuals making their decisions 
in distinguishing the difference between correctness and incorrectness. These codes are usu- 
ally adopted by forensic organizations to regulate the profession. Failure to comply with a code 
of forensic practice can raise doubt in an individual’s fitness for providing forensic services. 
Additionally, it may result in the expulsion of an individual from a forensic organization. 
A typical document of ethical codes for forensic scientists generally contains five sections: (1) 
ethics relating to the scientific method, (2) ethics relating to opinions and conclusions, (3) ethi- 
cal aspects of court presentation, (4) ethics relating to the general practice of forensics, and (5) 
ethical responsibilities to the profession. 

For the first section, the ethical application of scientific methods is discussed in detail. True 
scientific methods should be utilized to adequately analyse all the evidence. Such analyses 
should not be conducted by secret processes. Conclusions should be drawn from the analyses of 
evidence that appears representative, typical, or reliable. 

Moreover, ethical standards relating to opinions and conclusions are very important to the 
forensic profession. Conclusions should always be drawn from the application of proven scien- 
tific methods. The purpose of experimental design and the interpretation of results is to reveal 
facts. During an analysis, experimental controls should always be utilized. If necessary, the 
results of analyses should be verified by repeating the analysis or using additional techniques. 
Explanations should be provided where inconclusive results are obtained. The opinion provided 
by a forensic scientist should be unbiased and should not be influenced by matters unrelated to 
the specific evidence in question. A forensic scientist should not choose the interpretation that 
is in favor of the side of his or her employer. 

Pertaining to the courtroom, ethical standards relating to expert witness testimonies is a cru- 
cial component for a forensic scientist. An expert opinion is defined as a formal consideration of 
a subject within an individual’s knowledge, skill, education, training, and experience. A forensic 
scientist should not extend an opinion beyond his or her competence. Appropriate terms should 
be used to represent the degrees of certainty of an expert opinion. A forensic scientist should 
not only present the evidence that supports the view of the side of his or her employer. When 
testifying as an expert witness, language that can be understood by lay jurors should be used to 
avoid misinterpretation. 

Furthermore, in terms of the general practice of forensic science, a few things should be men- 
tioned here. A forensic scientist in private practice should set a reasonable fee for the services 
provided, which should not be rendered on a contingency fee basis. When a different opinion 
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is presented by another analyst in the reexamination of evidence, both analysts should resolve 
their contradiction before the trial. A forensic scientist may serve, in an advisory capacity, either 
the prosecutor or defense in the cross-examination of another expert. 

Lastly, ethical responsibilities to the profession are an important component of ethical 
codes. Information regarding new developments or techniques of forensic analysis should 
be made available to other forensic scientists. Likewise, any information regarding methods 
in use that may appear unreliable should be brought to the attention of others. Individual 
forensic scientists should not seek publicity for the association of their name with specific 
cases, developments, publications, or organizations solely for the purpose of gaining per- 
sonal prestige. 
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Pretace 


While death investigation, and what we have come to 
understand as “forensic pathology,” has been practiced 
in one way or another back to antiquity, official des- 
ignation of forensic pathology as a subspecialty by the 
American Board of Pathology dates back only to 1956. 
The subspecialty comprises a small band of trainees 
in pathology and at any given time there are only 400 
to 500 full-time practitioners of the specialty in the 
United States. 

Furthermore, as a recognized subspecialty, foren- 
sic pathology is young enough that each of its full-time 
practitioners can trace his or her roots back to one of 
the six individuals who sat for that original examination 
back in 1956. For many of the authors of this volume, 
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that family tree goes from Lester Adelson through 
Charles Hirsch and ultimately to us. We acknowledge 
and are proud of the fact that we stand on the shoulders 
of giants. 

Our collective experiences as trainees and staff at 
the Office of the Chief Medical Examiner in New York 
City under the tutelage of Dr. Charles S. Hirsch has made 
us the forensic pathologists we are today. Our mentor’s 
emphasis on precision and accuracy in description of 
findings, translation of these descriptions into language 
easily understood by a broad range of end users, and the 
public health importance of our work has left an indel- 
ible imprint that we desire to pass on to others. It is our 
hope that this atlas reflects these qualities. 
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Introduction 





This chapter offers a brief overview of some common and 
some not so common natural deaths that typically may 
occur in a medical examiner system. Also demonstrated 
are examples that may alter appearance of tissue such 
as formaldehyde fixation and variation due to different 
types of photographic imagery. There are also examples 
of normal organs in both a fresh and formaldehyde fixed 
state that can be used by the reader to compare with dis- 
eased organs. 

Deaths under this category are often unexpected 
and sometimes unwitnessed. There is often a suspicion 
of foul play. Families may say, “But Doctor, he was in 
fine health. I saw him an hour ago. It cannot be natural. 
Somebody must have harmed him,” etc. Because of the 
sudden, often unexpected nature of these deaths, it is 
best to do an autopsy to clarify exactly what happened. 
This decision to autopsy depends on many factors, 
including the decedent’s age, medical history, family 
wishes, decedent’s wishes (wills, etc.), religious beliefs, 
circumstance at time of death, resources of a particular 
system, etc. As one becomes less certain of the cause of 
death, the level of suspicion will increase. At some point, 
the decision to autopsy becomes obvious and absolutely 
necessary. This decision is based on experience, knowl- 
edge, and sound judgment. Not infrequently, seemingly 
natural deaths can have unnatural or traumatic previous 
circumstances; therefore, when uncertain, an autopsy is 
best performed. In many medical examiner systems, the 
majority of deaths end up being certified as natural. 

Sudden death is defined in different ways. It may 
indicate a death that occurs within 24 hours of the onset 
of symptoms. It may also indicate the death occurred 
within 1 hour or even within seconds. There are not 
many diseases that can cause death within minutes of 
the onset of symptoms. Natural death means the man- 
ner of death is exclusively or 100% natural. If there is 
a 1% component of another manner of death, it is no 
longer natural. If there are multiple components of dif- 
ferent manners of death commingled in a case investiga- 
tion, the following rule will apply: a homicide overrides 
all, then an accident, then a therapeutic complication. 
A suicide requires the establishment of intent to do 
harm to oneself. For example, someone with end-stage 


metastatic liver cancer ingests 100 acetaminophen tab- 
lets to commit suicide. In the process of waiting to die, 
he decides to walk to a store. On the way, he trips in 
a pothole, falls in the street, strikes his head, and has 
an expanding subdural hemorrhage. While he is lying 
there waiting for EMS, a stolen car fleeing the scene of 
a robbery runs him over, lacerates his heart in half, and 
he dies within seconds. The manner of death in the case 
would be homicide. The death occurred as a result of 
being run over by a car during an illegal act. A lacer- 
ated heart is universally fatal regardless of the other vio- 
lent and natural processes. The death certificate should 
include only the trauma from the car. If the trauma from 
the car was not lethal by itself, one may add “other find- 
ing” to part two of the cause of death, but the manner 
would remain homicide. 


Heart Disease 


Heart disease leading to ventricular irritability to cre- 
ate a lethal arrhythmia is the most significant cause of 
death in this category. The most common arrhythmia 
leading to sudden cardiac death is ventricular fibrilla- 
tion. Ventricular tachyarrhythmias are most commonly 
seen within 12 hours of a myocardial infarction. Critical 
coronary atherosclerosis and hypertension are by far 
the leading causes of these processes. Some diseases 
that contribute to atherosclerosis and arteriosclerosis 
formation include hyperlipidemia, high blood pressure, 
diabetes mellitus, obesity, cigarette smoking, stress, and 
sedentary life style. 

Having 75% or greater blockage in any of the epi- 
cardial vessels is considered critical stenosis and is con- 
sistent with being alive one second and having loss of 
consciousness leading to death the next. Hypertensive 
cardiovascular disease is usually essential in origin from 
an intrinsic abnormality of sodium metabolism. Other 
significant causes of hypertension include many types 
of kidney disease including adult polycystic kidney dis- 
ease and renal artery stenosis. Hypertension may be 
sporadic and missed on routine doctor appointments. 
High blood pressure is also associated with small-vessel 
coronary artery disease, as is diabetes mellitus, which 
is a reasonable cause of death by itself. Once people 
reach a pivotal point of myocardial irritability and go 


into ventricular fibrillation they usually have approxi- 
mately 15 seconds of consciousness left. Prior to losing 
consciousness, decedents may reach up to chest or neck 
and mention a fluttering sensation in the chest. They 
may have pressure, pain, or no expectation of what is to 
come. Ventricular irritability associated with coronary 
artery ischemia is due to lack of oxygen and nutrients 
reaching the conducting system of the heart. If the heart 
is not cardioverted back to a normal rhythm within 
4-6 minutes, there is usually irreversible brain damage. 

Another major cause of ventricular irritability lead- 
ing to fatal arrhythmia is hypertension. Concentric 
left ventricular hypertrophy usually defined at autopsy 
as having a left ventricular wall thickness greater than 
1.5 cm for most average-sized adults is a known risk fac- 
tor for sudden cardiac death. Left ventricular thickness 
is best measured approximately 2 cm below the mitral 
valve annulus and excludes trabeculations and papillary 
muscles. As the disease process causing cardiac hyper- 
trophy advances, heart failure may ensue with chamber 
dilatation. Although the overall heart size is enlarged, 
the left ventricle wall thickness may be less than 1.4 cm. 
Although hypertensive disease is the major risk factor 
for the development of left ventricular hypertrophy, 
other risk factors include aortic stenosis, either congeni- 
tal or acquired. The hearts of patients with hypertensive 
or arteriosclerotic cardiovascular disease typically show 
evidence of prior infarction and interstitial fibrosis. 
Both findings also predispose to myocardial irritability 
and fatal (tachy)arrythmias. 

Complications other than tachyarrhythmia and 
pump failure of myocardial infarctions can result in sud- 
den cardiac death; the most common include the myo- 
cardial rupture syndromes including ventricular wall 
and papillary wall rupture. Typically, these insults occur 
approximately 1 week following a myocardial infarction, 
the point at which there is removal of necrotic myocytes 
by macrophages. Hemopericardium with ensuing car- 
diac tamponode can occur following ventricular free 
wall rupture; this scenario is rapidly fatal in most cases, 
causing decreased venous return to the heart with jugu- 
lar venous distention. 

In young patients, particularly athletes, hypertro- 
phic cardiomyopathy is not an uncommon cause of sud- 
den death. These patients can be asymptomatic prior to 
the sudden event or may have past episodes of palpita- 
tions or syncope. Typically, macroscopic heart evaluation 
shows cardiac hypertrophy with significant asymmetry 
of the subaortic septal region, which poses as an outflow 
obstruction. Microscopic sections from this region show 
variable degrees of myocyte disarray, fibrosis, myocyte 
hypertrophy, and small-vessel disease. The disease is 
due to an autosomal dominant mutation in the cardiac 
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sarcomere apparatus, most commonly the myosin heavy 
chain, but many mutations have been described. 

Arrhythmogenic right ventricular cardiomyopathy 
can present with sudden unexpected death. At autopsy, 
the right ventricle is thinned, with microscopic evalu- 
ation showing significant transmural infiltration by 
fibrofatty tissue. 

Myocarditis due to a variety of causes includ- 
ing viral, bacterial, fungal, parasitic, autoimmune, 
and hypersensitivity can present as sudden death. The 
degree of activity, myonecrosis, and the location of the 
inflammation (i.e., conduction system involvement) are 
important in determining the significance of the infil- 
trates. Notably, eosinophils are seen quite commonly 
in hypersensitivity myocarditis and can be a clue to the 
underlying etiology. 

Dilated cardiomyopathy is common, and has many 
etiologies that include idiopathic arteriosclerotic dis- 
ease, hypertensive cardiovascular disease, alcoholism, 
elevated catecholamines, myocarditis, postpartum, dox- 
orubicin, endocrinopathies, and genetic diseases. The 
heart typically is enlarged with a globoid configuration. 
The microscopic analysis shows interstitial fibrosis. 

Rare infiltrative cardiac disease such as amyloido- 
sis, hemochromatosis, primary or metastatic tumors, 
and sarcoidosis can result in sudden death. Microscopic 
evaluation in these cases is necessary, with particular 
attention to nodal tissues. 

S. aureus is the most common organism found in 
infective endocarditis (IE). S. aureus endocarditis is 
associated with the highest mortality and risk of embo- 
lism. Increasing age, periannular abscess, heart failure, 
and absence of surgical therapy were identified in multi- 
variate analysis as independent poor prognostic factors 
for increased mortality in patients with S. aureus IE. 
Other risk factors for the development of IE include con- 
genital or acquired anatomic valve abnormalities such 
as stenosis. Impaired cardiac conductivity and function 
with heart failure not infrequently develops in patients 
with multiple septic myocardial emboli and infarcts due 
to IE, particularly with paravalvular abscess formation. 
According to a recent study of a cohort of 606 cases of 
infective endocarditis, 99 cases have embolization, of 
which 32 cases involve the central nervous system (CNS) 
with significantly higher mortality (65%) than those 
without CNS emboli. 

Recently, genetic abnormalities have been found to 
underlie many of the intrinsic abnormalities of conduct- 
ing systems including Wolff-Parkinson-White syn- 
drome (WPW) and long Q-T syndrome. Sudden death 
in WPW is thought to occur as a result of an induction 
of ventricular tachycardia via an atrioventricular re- 
entry pathway. Long-QT syndrome can also present 
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N = ideality factor. 

In Equation (5), R; and C; are constants and the fre- 
quency of operation (w) is the only variable parameter. 
As the frequency increases, the value of Z is almost neg- 
ligible compared to the series resistance Rs of the diode. 
From this it is concluded that the function of the diode is 
independent of the frequency of operation. 


2.2. Single Stage Voltage Multiplier 


Figure 4 represents a single stage voltage multiplier cir- 
cuit. The circuit is also called as a voltage doubler be- 
cause in theory, the voltage that is arrived on the output 
is approximately twice that at the input. The circuit con- 
sists of two sections; each comprises a diode and a ca- 
pacitor for rectification. The RF input signal is rectified 
in the positive half of the input cycle, followed by the 
negative half of the input cycle. But, the voltage stored 
on the input capacitor during one half cycle is transferred 
to the output capacitor during the next half cycle of the 
input signal. Thus, the voltage on output capacitor is 
roughly two times the peak voltage of the RF source mi- 
nus the turn-on voltage of the diode. 

The most interesting feature of this circuit is that when 
these stages are connected in series. This method behaves 
akin to the principle of stacking batteries in series to get 
more voltage at the output. The output of the first stage is 
not exactly pure DC voltage and it is basically an AC 
signal with a DC offset voltage. This is equivalent to a 
DC signal superimposed by ripple content. Due to this 
distinctive feature, succeeding stages in the circuit can 
get more voltage than the preceding stages. If a second 
stage is added on top of the first multiplier circuit, the 
only waveform that the second stage receives is the noise 
of the first stage. This noise is then doubled and added to 
the DC voltage of the first stage. Therefore, the more 
stages that are added, theoretically, more voltage will 
come from the system regardless of the input. Each in- 
dependent stage with its dedicated voltage doubler circuit 
can be seen as a single battery with open circuit output 
voltage Vo, internal resistance Rp with load resistance R;, 
the output voltage, Vout is expressed as in Equation (7). 





RF 


Source I DC 
O 





Figure 4. Single stage voltage multiplier circuit [7]. 
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Mie = vo 

Ro +R, 

When n number of these circuits are put in series and 

connected to a load of R; in Equation (6) the output volt- 

age Vout obtained is given by this change in RC value will 

make the time constant longer which in turn retains the 

multiplication effect of two in this design of seven stage 
voltage doubler. 
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The number of stages in the system has the greatest 
effect on the DC output voltage, as shown from Equa- 
tions (6) and (7). 

It is inferred that the output voltage Vou is determined 
by the addition of R,/R, and 1/n, if Vo is fixed. From 
this analysis it is observed that Vo, Ro and R; are all con- 
stants. Assume that V)=1V, R,/R, =0.25,n=2, 3, 4, 
5, 6 and 7, the output voltage Vou = 1.33 V, 1.72 V, 2.0 V, 
2.22 V, 2.43 V and 2.56 V respectively when substituted 
analytically in the Equation (7). This analysis can be 
compared with the results obtained in the circuit design 
of this module. In simulation at n = 4, Voy = 1.42 V, n= 
5, Vout = 1.67 V; n= 6, Vour = 1.92; n= 7, Vour = 2.15 V3 0 
= 8, Vou = 1.92 V3; n=9, Vour = 1.81 V. Also in measure- 
ment, for n = 4, Vou = 2.1 V3 n = 5, Vou =2.9 V3 n = 6, 
Vout = 3.72 V; and n = 7, Vow = 5 V. As n increases, the 
increase in output voltage will be almost double the input 
voltage up to some number of stages. But at some point, 
i.e. beyond seven stages, in this circuit the output voltage 
gained (8 and 9 stages) will be negligible as shown in 
Figure 5. 

The capacitors are charged to the peak value of the 
input RF signal and discharge to the series resistance (R,) 
of the diode. Thus the output voltage across the capacitor 
of the first stage is approximately twice that of the input 
signal. As the signal swings from one stage to other, 
there is an additive resistance in the discharge path of the 
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Figure 5. Normalized output voltage multiplier versus num- 
ber of stages. 
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with sudden death. Investigations are ongoing around 
the association of sudden infant death syndrome with 
long-QT syndrome. Recent data is suggesting that a 
genetic basis for the arrhythmogenic disease with the 
identification of the long-QT genes. 

Sudden death related to cardiac valve pathol- 
ogy other than endocarditis is relatively uncommon, 
as valve replacement surgery has become a standard 
therapy. Patients with aortic stenosis, especially when 
acutely symptomatic, can experience sudden cardiac 
death. Most cases of aortic stenosis are caused by either 
rheumatic heart disease or valve calcification, which can 
occur on trileaflet or congentially (uni)bicuspid valves. 
The mechanism for death in severe aortic stenosis 
(valve area <lcm2) appears to be through left ventricu- 
lar hypertrophy and subsequent myocardial instability. 
In rare instances of severe aortic valve calcification, the 
deposits can erode the region and involve the conduc- 
tion system. Mitral valve prolapse has long been associ- 
ated with sudden cardiac death. The underlying etiology 
is not well understood, but seems to most frequently 
involve a severe valve deformity with a redundant, 
thickened, myxomatous mitral valve and ventricular 
arrhythmias such as ventricular fibrillation. On histo- 
logic sectioning, the mitral valve will show deposition 
of acid mucopolysacchrides. 

Coronary artery anomalies are not uncommon but 
only certain anomalies result in ischemia such as anoma- 
lous origin of a coronary artery from the opposite sinus 
(ACAOS), anomalous left coronary artery from the pul- 
monary artery (ALCAPA), ostial atresia/stenosis, and 
coronary artery fistulas. Left-sided ACAOS can result 
in acute takeoff angles with an increased risk of sudden 
death during or shortly after exercise. Besides the acute 
angle take off, there maybe ridge like defect at the cor- 
onary ostea further decreasing blood flow in times of 
accelerated heart rates with increased oxygen demand. 
Myocardial tunneling is another anomalous coronary 
artery distribution that maybe associated with increased 
arrhythmogenic potential. There is debate about the sig- 
nificance of this anomaly. Some still believe it may be sig- 
nificant when a large portion of the epicardial coronary 
artery dips deeply into the left ventricle wall for a consider- 
able distance, during times of rapid muscle contraction. 


Vascular Disease 


Causes of sudden death associated with vascular dis- 
ease include those that lead to occlusion, narrowing, or 
rupture of a blood vessel. Atherosclerotic aneurysms 
can rupture, leading to rapid loss of consciousness 
and death. These aneurysms can occur just about any- 
where, but are by far most common in the abdominal 


aorta. Most abdominal aortic aneurysms occur below 
the renal artery. The risk of rupture increases with the 
size of the aneurism, smoking history, and hyperten- 
sion. The annual risk of rupture over 7 cm in size is 33%. 
Retroperitoneal rupture is typically associated with 
hematoma formation, whereas rupture into the abdomi- 
nal cavity can be rapidly fatal, with hemoperitoneum 
and shock. Patients who have a ruptured aortic aneu- 
rysm and reach the hospital have a 50% mortality rate, 
with the overall mortality rate greater than 85%. 

Aortic dissection is characterized by an intimal tear 
followed by a dissection of blood within the wall of the 
aorta, most commonly the tunica media. Rupture of this 
dissecting aortic hematoma may lead to hemothoraces, 
hemopericardium, or fatal arrhythmia. Aortic dissec- 
tion is a major cause of sudden death, mostly in patients 
over 50 years of age with the underlying risk factor being 
essential hypertension. However, pregnant women and 
patients with connective-tissue diseases such as Marfan’s 
syndrome also make up a significant affected patient 
population. Aortic dissection can also occur following 
accidental or iatrogenic trauma to the aortic intima. In 
younger patients and those with connective tissue dis- 
ease, microscopy may reveal cystic medial degeneration 
of the aortic media. 

Most spontaneous subarachnoid hemorrhages 
(SAH) (90%) are caused by ruptured intracranial sac- 
cular (berry) aneurysms. SAH occurs at a peak age of 
55-60 years. Rupture of an intracranial aneurysm is 
believed to account for 0.4 to 0.6% of all deaths. SAH is 
associated with a greater than 50% mortality rate. Some 
hospital-based studies suggest that approximately 10% 
of patients with aneurismal SAH die prior to reaching 
the hospital, 25% die within 24 hours of SAH onset, 
and about 45% die within 30 days. It is not unusual 
to perform forensic autopsies where death was almost 
instantaneous and outside of a hospital. The mechanism 
of death in such cases is cardiac arrhythmia, which is 
described in greater depth later. Most intracranial aneu- 
rysms (approximately 85%) are located in the anterior 
circulation, predominately on the circle of Willis. Risk 
factors for both SAH and intracranial aneurysms are 
similar and include hypertension, cigarette smoking, 
and alcohol consumption. Atherosclerosis is an inde- 
pendent risk factor for the development of intracranial 
aneurysms. The natural history of subarachnoid hemor- 
rhage shows that rupture often occurs when they reach a 
size over 7 mm. Rupture of an aneurysm releases blood 
directly into the cerebrospinal fluid (CSF) under arte- 
rial pressure. The blood spreads quickly within the CSF, 
rapidly increasing intracranial pressure. A major symp- 
tom associated with SAH includes patients describing 
the worst headache of one’s life. Increased intracranial 


pressure is associated with the Cushing’s triad (hyper- 
tension, bradycardia, and abnormal respiration). SAH 
is associated with cerebral edema and subsequent her- 
niation. Tonsillar and central transtentorial herniation 
is associated with compression of cardiovascular and 
respiratory centers in the medulla and as such is rap- 
idly fatal. Other less common causes of subarachnoid 
hemorrhages include angiomas and arteriovenous mal- 
formations. Ruptured berry aneurysms are the most 
common natural cause of SAH, whereas trauma is the 
most common overall cause. Ruptured berry aneurysms 
are a leading cause of sudden death in women during 
sexual activity, whereas for men it is heart disease. 

Cerebrovascular accidents (episodes), which include 
ischemic or intracerebral hemorrhage, can lead to sud- 
den death. I recommend not using the term “accident” 
because there is nothing accidental about this process 
and its use often adds confusion in forensic proceedings. 
The terms “stroke” or “event” as an alternative is less 
confusing to nonmedical personnel. Thromboembolic 
events can underlie ischemic cerebral events and are 
associated with heart disease, valvular pathology, or 
carotid artery disease. Hypertension is a major risk fac- 
tor for intraparenchymal hemorrhage and may lead to 
increased intracranial pressure, herniation, and death. 

The greatest percentage of thrombi resulting in pul- 
monary embolism is thought to originate in the deep 
veins of the lower extremities. Deep-venous throm- 
bosis can also occur in the pelvis or other locations. 
Fragments of blood clot may break off and embolize to 
the pulmonary arteries. An occlusion greater than 50 to 
75% of the large pulmonary vessels results in a rise of 
the pulmonary artery pressure greater than 40 mmHg. 
This rise of pulmonary arterial pressure is accompanied 
by an increase in right ventricular diastolic, right atrial, 
and systemic venous pressures, with a decrease in car- 
diac output resulting in sudden death. Patients who have 
multiple small pulmonary emboli or in situ thrombus 
formation over time may present with increasing short- 
ness of breath and right-sided heart failure. Because the 
lungs have dual circulation, infarctions are less common 
unless there is significant underlying natural disease 
with decreased cardiac function. 

Various types of vasculitis or blood vessel inflamma- 
tion can cause wall thickening, thrombosis, dissection, and 
rupture. Mesenteric thrombosis may be associated with 
polyarteritis nodosum and other autoimmune conditions. 


Other Causes of Sudden Death 


Rare undiagnosed brain tumors may present with 
sudden death. Infiltration or edema formation into 
the key respiratory/cardiac centers of the brain with 
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possible herniation are two mechanisms. Early or late 
stage malignancies may sometimes metastasize to the 
heart and interfere with the conducting system, caus- 
ing a fatal arrhythmia. Other causes of sudden death 
in patients with malignancies include cardiovascular 
events such as acute myocardial infarction, therapeutic 
complications (i.e., anaphylaxis), and metabolic derange- 
ments. Rare causes of sudden death in patients with 
tumors or malignancies include erosion of large vessels 
or visci with fatal hemorrhage. A colloid cyst of the third 
ventricle may lead to sudden death and is usually asso- 
ciated with premortem postural headaches. In certain 
positions, the cyst will act like a ball valve and suddenly 
block the flow of cerebral spinal fluid, resulting in acute 
obstructive hydrocephalus. One may be fine standing 
but develop symptoms when he or she lies down. This 
buildup of cerebral spinal fluid pressure can cause a fatal 
arrhythmia. Bacterial pneumonia with the combination 
of hypoxia and bacterial toxins and end products can 
cause sudden death. 

Status asthmaticus and sudden asphyxic asthma 
are life-threatening forms of asthma. These cases are 
not unusual in a forensic setting. Status asthmaticus is 
defined as an acute attack of respiratory failure due to 
airway inflammation, edema, and mucous plugging. 
Sudden asphyxic asthma is due to brochospasm rather 
than airway inflammation. Viral infections and other 
causes have been implicated as precipitants of these 
potentially fatal complications. Grossly in both cases, 
the lungs may appear so much hyperaerated that at 
times rib indentations will show. Thick mucus plugs may 
obstruct the upper airways. Sudden death in asthmatic 
patients is thought to be secondary to fatal arrhythmia, 
occurring as a consequence of global hypoxia and right 
heart failure. 

There is a condition known as sudden unexpected 
death in epilepsy (SUDEP). The mechanism is unclear 
but this phenomenon occurs in up to 18% of patients 
with epilepsy, presumably in those with subtherapeu- 
tic levels of anticonvulsants. Autonomic dysfunction 
has been proposed as a mechanism. Other mechanisms 
for death in patients with epilepsy include accidental/ 
traumatic incidents such as drowning and choking that 
occur during a seizure. Hypoxia as a result of respiratory 
compromise can result in ischemic cardiac events. This 
may be part of the final mechanism of death in epileptic 
patients experiencing status epilepticus. Another inter- 
esting point to remember is that there is often very rapid 
rigor mortis formation in deaths directly following static 
epilepticus due to substantial adenosine triphosphate 
(ATP) depletion associated with prolonged muscle con- 
tractions from prolonged convulsions. Usually there are 
few pathologic findings that explain the sudden death 
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in epileptic patients. Autopsy findings may include bite 
marks to the tongue with hemorrhage or a voided uri- 
nary bladder. There may be no finding at all. These are 
nonspecific findings and seizure activity may also occur 
prior to many other nonepilepsy-related deaths. 

Fatal anaphylaxis can result from exposure to 
insect stings, foods, latex, drugs, chemicals, and exer- 
cise. This mast cell-mediated systemic reaction results 
in severe angioedema and bronchoconstriction of the 
upper respiratory tract along with hypotension result- 
ing in respiratory and circulatory collapse. Death 
caused by anaphylaxis is primarily due to airway 
obstruction when laryngeal edema fills the rich lym- 
phatic supply of the epiglottic folds. Increased mast cell 
tryptase levels in the patient’s serum can be detected 
that peaks approximately 15 to 60 minutes after the 
onset of anaphylaxis and then declines with a half-life 
of about 2 hours. 

The mortality for gastrointestinal bleeding (GI) in 
the case of ruptured esophageal varices most commonly 
encountered in patients with portal hypertension is 
high. Intra-aortic balloon pumps are lifesaving proce- 
dures but only if the patient presents in a timely fashion. 
Other causes of fatal upper gastrointestinal bleeding 
include stomach and duodenal ulcers; in this scenario 
the source is arterial as opposed to venous in esopha- 
geal varices. Fatal lower gastrointestinal bleeding can be 
seen in patients with angiodysplasia, diverticulitis, and 
carcinoma; however, this scenario is less common than 
upper GI bleeding. 

Mostly complications of morbid obesity are 
thought to underlie the association with sudden 
death. Hypertension, left ventricular hypertrophy, and 


cardiomegaly are all independent risk factors for sud- 
den death. Postural asphyxia may occur as a result of 
obesity. Morbid obesity is a reasonable cause of death 
by itself due to stress on the heart. An individual who 
is three times the expected body weight has roughly 
three times the vasculature with three times the blood 
volume to pump. In times of other stress, this can have 
devastating consequences on the heart, with death by 
arrhythmia. 

Waterhouse-Friderichsen syndrome was _ first 
described as occurring in patients with meningococ- 
cemia and is characterized by severe bacteremia and 
bilateral adrenal hemorrhages. This combination results 
in overwhelming shock and, if untreated, sudden death 
can occur. Organisms other than N. meningitis, such as 
E.Coli, have been reported to produce this syndrome. 

Multiorgan failure and death can be seen in sickle 
cell anemia patients with an acute crisis. Precipitants 
may include infection, dehydration, hypoxia, physical 
excretion, vaso-occlusion, or fat embolus following bone 
infarction. This acute hemolytic sickling crisis results in 
severe hypoxemia with end organ failure. Patients with 
sickle cell anemia have auto-infracted spleens and are 
much more susceptible to encapsulated organisms such 
as pneumococcal bacteria. Even patients with sickle cell 
trait may develop crisis in times of great physical exer- 
tion with dehydration, such as basic training in the army 
or boot camp. 

Natural disease processes may weaken the body, 
making fatal traumatic injury more likely. Osteoporosis 
from aging, Cushing syndrome, steroid use, and other 
natural disease processes will make bones more fragile 
and allow fractures to occur more easily. 
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When examining photographic evidence it may be important to have knowledge of the type of camera, film, and 
lighting used when documenting different disease states. These four photos demonstrate different types of lighting 
causing variation in picture color. Figure (a) was taken in overcast sunlight, (b) with camera flash, (c) under fluorescent 
light, and (d) with a Tungsten filament regular light bulb. If your opinion is that a photographic image is not 
interpretable, it is perfectly acceptable to say that you cannot render an opinion based on this two-dimensional image. 
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Normal fresh heart. 





Sections of a normal fresh heart showing right and left (b) 
ventricle. 


Normal fresh left lung (a) demonstrating two lobes. 
Right lungs (b) have three lobes. 





Sections of normal right and left ventricle after formaldehyde 
fixation. 


Normal lung fixed in formaldehyde. 
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Normal fresh kidneys. 





Non-fixed fresh kidneys. Note the pale discoloration Normal kidney fixed in formaldehyde. 
resulting from fatal blood loss prior to death due to a 
gunshot wound. 
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Normal fresh liver. Normal fresh spleen. 





Normal liver fixed in formaldehyde. Normal spleen fixed in formaldehyde. 
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Normal fresh adrenal gland intact (a) and sectioned (b). Normal fresh thyroid gland. 





Normal adrenal gland section fixed in formaldehyde. Normal thyroid fixed in formaldehyde. 


Sudden Natural Death in a Forensic Setting 11 
ae 


HOH AAA se 





Normal fresh testes. 





Normal testes fixed in formaldehyde. 
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Normal fresh prostate. Normal prostate fixed in formaldehyde. 
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Normal fresh pancreas. 
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Normal fresh esophagus. 
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Aorta with slight atherosclerosis. Note the fatty streaks on the Normal fresh bladder. 


intimal surface. 
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diode and increase of capacitance due to the stage ca- 
pacitors. 


2.3. Seven Stage Voltage Multiplier 


The seven stage voltage multiplier circuit design imple- 
mented in this paper is shown in Figure 6. Starting on 
the left side, there is a RF signal source for the circuit 
followed by the first stage of the voltage multiplier cir- 
cuit. Each stage is stacked onto the previous stage as 
shown in the Figure 6. Stacking was done from left to 
right for simplicity instead of conventional stacking from 
bottom to top. 

The circuit uses eight zero bias Schottky surface-mount 
Agilent HSMS-285X series, HSMS-2850 diodes. The 
special features of these diode is that, it provides a low 
forward voltage, low substrate leakage and uses the non- 
symmetric properties of a diode that allows unidirec- 
tional flow of current under ideal conditions. The diodes 
are fixed and are not subject of optimization or tuning. 
This type of multiplier produces a DC voltage which 
depends on the incident RF voltage. Input to the circuit is 
a predefined RF source. The voltage conversion can be 
effective only if the input voltage is higher than the 
Schottky forward voltage. 

The other components associated with the circuit are 
the stage capacitors. The chosen capacitors for this cir- 
cuit are of through-hole type, which make it easier to 
modify for optimization, where in [8] the optimization 
was accomplished at the input impedance of the CMOS 
chip for a three stage voltage multiplier. The circuit de- 
sign in this paper uses a capacitor across the load to store 
and provide DC leveling of the output voltage and its 
value only affects the speed of the transient response. 
Without a capacitor across the load, the output is not a 
good DC signal, but more of an offset AC signal. 

In addition to the above, an equivalent load resistor is 
connected at the final node. The output voltage across the 
load decreases during the negative half cycle of the AC 
input signal. The voltage decreases is inversely propor- 
tional to the product of resistance and capacitance across 


C, C; Cs 


D, D; 
RF ca fe 
Source D; D, 
C, C, 


the load. Without the load resistor on the circuit, the 
voltage would be hold indefinitely on the capacitor and 
look like a DC signal, assuming ideal components. In the 
design, the individual components of the stages need not 
to be rated to withstand the entire output voltage. Each 
component only needs to be concerned with the relative 
voltage differences directly across its own terminals and 
of the components immediately adjacent to it. In this type 
of circuitry, the circuit does not change the output volt- 
age but increases the possible output current by a factor 
of two. The number of stages in the system is directly 
proportional to the amount of voltage obtained and has 
the greatest effect on the output voltage as explained in 
the Equation (7) and shown in Figure 5. 


3. Simulation and Implementation 


Multisim software was chosen for modeling and simula- 
tion which is a circuit simulation tool by Texas Instru- 
ments. The simulation and practical implementation were 
carried out with fixed RF at 945 MHz + 100 MHz, which 
are close to the down link center radio frequency (947.5 
MHz) of the GSM-900 transmitter. The voltages ob- 
tained at the final node Vpc of the multiplier circuit were 
recorded for various input power levels from —40 dBm - 
+5 dBm with power level interval (spacing) of 5 dBm. 

The simulations were also carried out using same stage 
capacitance value (3.3 nF) and then with a varied capaci- 
tance value for all stages from 4 stages through 9 stages 
[9]. The capacitance value was varied in such a way that, 
from one stage to the next, it was halved. For example, if 
the first stage was 3.3 nF, the second stage was 1.65 nF, 
third stage was 825 pF, fourth stage was 415 pF and so 
on. But keeping in view of testing, the capacitance values 
were chosen to have a close match with the standard 
available values in the market. 

Simulation was carried out through 4 to 9 voltage 
doubler stages. Based on results obtained a 7 stage doub- 
ler is best to implemented for this application. 

The design of the printed circuit board (PCB) was car- 
ried out using DipTrace software. The material used to 








Figure 6. Schematic of 7 stage voltage multiplier. 
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Figure (a) demonstrates congestion of fresh brain. Note the slight pink color. Figures (b) and (c) demonstrate fresh brain 
in an individual who exsanguinated from a ruptured aortic aneurysm. Note the pale discoloration due to blood loss. 
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This figure depicts a decedent with an 
endotracheal tube in the right side of his 
mouth. It also demonstrates the “purple 
head sign,” a common finding in victims 
of sudden death, particularly cardiac 
death. The explanation for this finding is 
not known in entirety but is attributed 

to uncontrolled terminal sympathetic 
nervous system discharges, which open free 
capillary sphincters and produce a gush of 
capillary blood. 








Morbid obesity. This is a legitimate cause of death and can stand alone on a Petechiae associated with heart disease 
death certificate. and resuscitation. 
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Epicardial vessel with complete occlusion by 
organizing thrombus. Note the adjacent epicardial 


Low-power magnified view of small coronary arteries 
hemorrhage. 


with thrombosis. 





Marked coronary atherosclerosis in an epicardial vessel. 


Coronary artery with a ruptured atherosclerotic 
plaque and thrombus formation. 
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(b) () 


An acute myocardial infarction. Note the yellow discoloration due to necrosis. This infarction is approximately 3 to 6 days 
old. In Figure (b) and (c), there is a transmural acute myocardial infarction with rupture. 





Acute myocardial infarction. 
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View of the thoracic cavity looking 
downward at the heart during autopsy 
(a) and (b). Note the purple discoloration 
of the pericardial sac due to underlying 


accumulation of blood. Note the two 
different examples with large blood clot 
encasing the heart after the pericardial sac 
was removed (c} and (d). This demonstrates 
a cardiac tamponade following an acute 
ruptured myocardial infarction. 


Two examples of hearts demonstrating acute ruptured myocardial infarction. Note the adjacent 
hemorrhage and perforation site. This resulted in cardiac tamponade and sudden death. 
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This microscopic section of heart muscle reveals This acute myocardial infarction demonstrates 

an acute myocardial infarction with hemorrhage, coagulative necrosis with contraction bands. There 
polymorphonuclear cell infiltrates, and myocardial are also polymorphonuclear cell infiltrates. 
necrosis. 
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This histopathologic section of myocardium reveals This low-power view of heart muscle reveals patchy 
an old infarction with fibrosis. areas of fibrosis consisting of healed hypoperfusion 


infarctions secondary to a remote trauma with severe 
shock. Also note the perivascular fibrosis. 
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Early to moderate Moderate to marked 
nephro-arteriolosclerosis. nephro-arteriolosclerosis. 


Arteriovenous hemodialysis grafts for 
treatment of chronic renal failure due 
to hypertensive cardiovascular disease. 
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Nephro-arteriolosclerosis associated 
with hypertensive cardiovascular 
disease. Note the cardiac 
hypertrophy and biventricular 
dilatation in this failing heart. There 
is also moderate atherosclerosis 

of the aorta. Note the markedly 
granular subcapsular kidney surfaces 
and cortical scarring also associated 
with this process. 


' _ This microscopic 
| image of myocardium 
\ reveals significant 
: perivascular fibrosis 
| and small vessel 
\ disease in a patient 
_ who had a long history 
| of hypertensive 
»*) cardiovascular disease 
and diabetes mellitus. 
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This is a microscopic section of kidney showing 
fibrosis, arteriolosclerosis, and nephrosclerosis due to 


Normal cross sections of heart (a). Compare this image hypertensive cardiovascular disease. 
to the ones below. Figure (b) shows a markedly enlarged 
heart due to hypertensive cardiovascular disease. This 
heart is diffusely enlarged and shows cardiac hypertrophy. 
Figure (c) is a markedly hypertrophied heart with extreme 
concentric left ventricle hypertrophy. This individual had 
severe hypertension. 





The right and left ventricles show marked dilatation. 
This individual died of a peripartum cardiomyopathy. 
A dilated cardiomyopathy or end stage hypertensive 
cardiovascular disease with cardiac failure will 
appear the same grossly. 


The sections of these ventricles reveal marked right 
ventricle hypertrophy. This individual had end-stage 
primary pulmonary fibrosis with cor pulmonale and 
cardiac failure. 
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The intimal lining of an aorta with Abdominal aortic atherosclerotic An abdominal atherosclerotic 
marked atherosclerosis in a decedent aneurysm shown in its typical aneurysm with a rupture at 
with a longstanding history of location inferior to the renal arteries its anterior aspect and visible 
smoking, diabetes, high cholesterol, and above the iliac bifurcation. thrombosis. 

and high blood pressure. 





This abdominal aortic aneurysm This abdominal aortic aneurysm Abdominal aortic aneurysm with 
that has been opened to remove has been cross sectioned to show the vascular graft repair. 

half of the vessel wall and show the _ partial obstruction of the aneurysm 

underlying intimal surface with by organizing thrombosis. The lumen 


moderate atherosclerosis except for is demonstrated by fresh red blood 
the region of the aneurysm, which clot at its surface and the thrombus is 
has marked atherosclerosis and a demonstrated by the light grey regions 
large overlying thrombus. adjacent to the right and left wall. 
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Thoracic aortic atherosclerotic aneurysm. This is not 
the typical location for such an aneurysm. Also note the 
aneurysm begins distal to the root of the aorta. 


This demonstrates a decedent who had multiple 
atherosclerotic aneurysms including both iliac arteries. 





Hemothorax from a ruptured Thoracic atherosclerotic aortic aneurysm adherent to lung with rupture 
thoracic atherosclerotic aneurysm. into the lung parenchyma causing massive hemoptysis. Note that Figure (b) 
demonstrates the rupture site with adherent blood clot removed. 
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manufacture the printed circuit board (PCB) is the stan- 
dard Fiberglass Reinforced Epoxy (FR4), with the thick- 
ness of 1.6 mm and dielectric constant of 3.9. The topol- 
ogy is constructed on the PCB with the dimensions of 98 
mm x 34 mm (W x H). The Sub Miniature version A 
(SMA) connectors are used at the input and output of 
PCB to carry out the measurements. The circuit compo- 
nents consist of active and passive components. The 
component used in circuit is shown in Table 2. 

Special handling precautions have been taken to avoid 
Electro Static Discharge (ESD), while assembling of the 
surface-mount zero bias Schottky diodes. Also special 
attention has been given to mount other components and 
the SMA connectors on to the PCB. The Photograph of 
Assembled circuit board I shown in Figure 7. 


4. Results and Analysis 


The simulated and measured results at the output voltage 
of voltage multiplier circuit are shown graphically in 
Figure 8. From the graph analysis, the simulated and the 
measured results agree considerably with each other. The 
measured results are shown to be better than the simula- 
tion results. The reason behind this may be due to the 
uncertainty in series resistance value of the diode ob- 
tained from SPICE parameters in modeling as explained 
in Equation (5). This resistance vale of diodes in practi- 
cal circuit may be lower than in the model, which pro- 
vides fast discharge path, in turn rise in voltage as passes 
through the stages and reaches to final output. In this 
work, the DC output voltages obtained through simula- 
tion and measurement at 0 dBm re 2.12 V and 5.0 V re- 
spectively. These results are comparatively much better 
than in ref. [9], where in at 0 dBm, 900 MHz they achieved 
0.5 V and 0.8 V through simulation and measurement 


Input SMA Connector 


Schottky Diodes 


respectively. 

Figures 9 and 10 show the result of a 4 stage voltage 
doubler circuit with equal and varied capacitance values 
between the stages as described in Section 3. 

From the analysis of these two simulations, it can be 
observed that the resulting output voltages are equal. The 
only difference between these two graphs is the rise time 
of the circuit with varied capacitance value is a little bit 
slower. But, overall result on the performance of rise 
time is still under 20 ps to 24 pus and the difference is 
negligible. From these results, the use of equal stage ca- 
pacitance of each being 3.3 nF was hence considered for 
the design of the multiplier. 

The results from Figure 11, shows that the output 
voltage reaches to 1.0 V within 20 uS and then uniformly 
increasing to 1.4 V, 1.67 V, 1.87 V and 2.12 V for 4, 5, 6 
and 7 stages respectively compared to 2 mS as shown in 
[10]. Figure 12 shows that the conversion ratio of 22 is 
achieved at 0 dBm input power and drops to 2.5 at —40 
dBm. The highest value at 0 dBm is due to the innate 
characteristics of the zero bias Schottky diodes which 
conduct fairly well at higher input voltages. 


5. Conclusion 


From the experimental results, it is found that the pro- 


Table 2. Component used in 7 stage voltage multiplier. 











Name of component Label Value 
Stage capacitors C,- Cys 3.3 nF 
Stage diodes D, - Dis HSMS 2850 
Filter capacitor Cc, 100 nF 
Load resister R, 100 kQ 
Stage Capacitors Output SMA Connector 





Filter Circuit 


Figure 7. Photograph of assembled circuit board. 
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Aortic dissection with exposed separated media with 


Intimal tear of the ascending aorta with dissection. blood clot in a person with Marfan’s syndrome. 
Note blood tracking through the separated media. 





Cross section of aorta revealing a double-barrel lumen. 
The superior aspect of this figure shows an opened aorta 
with the exposed lumen. Directly inferior to this is the 
separated media and adventitia with a second lumen 
that is partially thrombosed. 
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An in situ aortic dissection. Note the hemorrhage 
extending from the root of the aorta down the > ; ’ 
paravertebral region shown by dark red hemorrhagic : a , ; = 
discoloration. This decedent had severe hypertensive 

cardiovascular disease. Microscopic view of an aortic dissection. 
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This endocardial surface shows large nonbacterial thrombotic This perforated mitral valve is secondary to acute 
endocarditis associated with a hypercoagulable state from bacterial endocarditis. This individual first went 
metastatic adenocarcinoma. Special stains were negative to the emergency room approximately a day anda 
for microorganisms. half before with the complaint of fever and chest 


pain. He was sent home with antibiotics and later 
returned with severe pulmonary edema and died 
shortly after. 





Close-up view of an acute infectious endocarditis with Acute infectious endocarditis with valve leaflet perforation. 
valve perforation. Gram stain revealed numerous gram 
positive organisms. 


Sudden Natural Death in a Forensic Setting 25 





Remote cardiac valve damage from rheumatic fever. 





These figures are views of a remotely damaged tricuspid valve secondary to chronic intravenous drug abuse and past 
endocarditis. Note the fibrosis of the adjacent endocardium secondary to regurgitive turbulent blood flow. The decedent 
was known to have a longstanding cardiac murmur. 
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These figures show a markedly hypertrophic heart with concentric left ventricle hypertrophy and a congenital 
subaortic band causing marked aortic stenosis and sudden cardiac death at age 42 years. The decedent had decided years 
earlier not to have a valve replacement. 


{HALT 







rn 





i ri 
Bicuspid aortic valve. With advancing age and Markedly stenotic bicuspid aortic valve from an older 
atherosclerosis, these valves may become markedly individual with a longstanding history of atherosclerotic 
stenotic and increase one’s risk for sudden cardiac death. cardiovascular disease. 





Severely stenotic and insufficient aortic valve associated with childhood rheumatic fever. Correction of aortic stenosis 
will decrease the risk of sudden cardiac death. 
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A fulminant pulmonary edema with foam extending from Note the frothy fluid from pulmonary edema extending 
the mouth and nose due to congestive heart failure. into the laryngeal airway. 





Pitting edema of the leg due to congestive heart failure. 
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Lung with marked congestion and edema. Marked pink to red frothy fluid extending 
Note the diffuse purple discoloration. from the cut parenchyma of a lung due to 
fulminant pulmonary edema. 
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Cut section of a lung with pulmonary edema. Microscopic view of lung with acute fulminant 
pulmonary edema. 
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These two figures demonstrate a coronary artery anomaly with acute angle takeoff and luminal narrowing in a 15-year- 
old who died suddenly during a basketball game. There was no history of blunt impacts to the chest during the game. 
There was no past history of syncopal episodes or chest discomfort. 





A coronary artery anomaly with acute angle takeoff and luminal narrowing. This individual died a sudden cardiac 
death shortly after exertion. 
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This coronary anomaly reveals a bicuspid aortic valve This low-power histopathologic view demonstrates 
with superior displacement of one of the coronary ostia. “myocardial tunneling” where the left anterior 
This child died of trauma sustained in a motor vehicle descending coronary artery dipped deeply into the left 


accident and this finding was incidental. ventricle wall. 
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Incision of the lower leg with dissection of the Microscopic view of a pulmonary thromboembolus. 
gastrocnemius muscle demonstrating multiple deep Note the laminated alternating lighter fibrin bands 
venous thrombi in an individual who underwent organ referred to as the lines of Zahn. 


donation with removal of bone and soft tissue from 
each leg. Note the plastic tubing left by the organ donor 
network. 
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These are different views of two hearts with the classical variant of hypertrophic cardiomyopathy. Note the large 


degree of asymmetric left ventricle hypertrophy. 
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Hypertrophic cardiomyopathy with myocyte fiber 
disarray and fibrosis. 
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Hypertrophic cardiomyopathy with myocyte fiber 
bundle disorganization. 


32, 


Hypertrophic cardiomyopathy. Note the 
marked septal hypertrophy with asymmetry. 
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Figure 8. Simulated and test DC output voltage of multi- 
plier as a function of input power. 
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Figure 9. DC output voltage verses rise time of 4 stage volt- 
age doubler circuit with equal stage capacitance [8]. 


DC Output Voltage (V) 
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Figure 10. DC output voltage verses rise time of 4 stage 
voltage doubler with varied stage capacitance [8]. 


posed voltage multiplier circuit operates at the frequency 
of 945 MHz with the specified input power levels. The 
results have shown that there is multiplication of the in- 
put voltage. From Figure 12, it is shown that at 0 dBm 
input power, the multiplication factor is 22. This is sig- 
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Figure 11. DC output voltage verses rise time of voltage 
doubler circuit through 4 - 7 stages with equal stage ca- 
pacitance. 
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Figure 12. Conversion ratio as a function of input power. 


nificant, as the work shows that RF energy in the GSM- 
900 band can be harvested from the ambient RF source 
using the Villard circuit topology. The power density 
levels from a GSM base station is expected from 0.1 
mW/m? to 1 mW/m’ for a distance ranging from 25 m - 
100 m. These power levels may be elevated by a factor 
between one and three for the GSM-900 downlink fre- 
quency bands depending on the traffic density [10]. The 
next phase of the research work is to interface the voltage 
multiplier circuit through a matching network to the an- 
tenna at the input side and a low power device to power 
from the system at the output side to complete the RF 
energy harvesting system. 
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Note the waxy pink myocardial discoloration in this individual with amyloidosis. 





This decedent’s pericardial sac Microscopic section of heart showing Microscopic section of heart 
was full of several hundred cc’s iron deposition from secondary with Prussian blue staining of 
of yellow-pink fluid. The gradual hemachromatosis associated with iron deposits in the heart of the 
buildup of this fluid over a long blood transfusions for treatment of same individual with secondary 
period was due to advanced beta-thalassemia major. hemochromatosis. 


secondary hemochromatosis. 
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These microscopic myocardial views demonstrate Chagas’ disease. Note the extensive chronic inflammation. 





Myocarditis secondary to Eosinophilic myocarditis associated with a hypersensitivity drug reaction. 
toxoplasmosis in an individual 

with acquired immunodeficiency 

syndrome. 
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Microscopic view of myocardium in an individual This candidal myocarditis was found in an individual 
who died of Pompe’s disease. Note the many with acquired immunodeficiency syndrome. 
artifactual empty vacuoles following processing 

leading to glycogen loss. 





This focal viral myocarditis demonstrates myocardial Aspergillosis myocarditis from an immuno- 
necrosis with inflammation made up predominately compromised individual who underwent a recent 
of lymphocytes. bone marrow transplant. 
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Macroscopic section of myocardium from an individual who died of cardiac sarcoidosis. 
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Sarcoidosis. Note the noncaseating granulomas consisting of chronic inflammation, epitheloid cells, lymphocytes, and 
giant cells found throughout the body. These views demonstrate examples from the heart and lungs. 
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These figures demonstrate acute and chronic bronchial asthma. Note the lungs within the thoracic cavity are 
hyperaerated and expand to overlie the pericardial sac. Upon removal of the lung, they appear markedly hyperaerated. 
If these lungs were placed in a water bath they would float almost entirely on the surface. Cut section through the 
parenchyma reveals thick copious mucoid secretions within the bronchial distribution. Microscopic section reveals 
increased amounts of goblet cells and smooth muscle. There is a large mucous plug within the airway with numerous 
eosinophils. The parenchyma also has numerous inflammatory cells, predominantly eosinophils. 
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Pleural adhesions most likely due to past bouts of pneumonia. 





Bolus emphysema in a person with COPD. These bullae may occasionally rupture and cause a pneumothorax. 
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Hypertensive intracerebral hemorrhage. Mostly caused by Old healed stroke. Note the indentation of the 
rupture of a small intraparenchymal vessel. cerebral hemisphere. 





Astrocytoma causing significant compression of the 


Intracerebral hemorrhage due to ruptured A-V 
surrounding structures. 


malformation. 





Bite marks to tongue with hemorrhage from an individual who died of epilepsy. This was the only finding at autopsy. 


40 Color Atlas of Forensic Medicine and Pathology 





Anterior cranial fossa meningioma. Pick’s disease. Note the asymmetric atrophy of the frontal, 
temporal, and parietal lobes. This form of chronic dementia 
occurs far less frequently than Alzheimer’s disease. 





Two separate cases of pituitary adenoma. Figure (a) depicts a large erosion into the sela turcica and (b) demonstrates a 
large adenoma viewed on a cross section of a cut formaldehyde-fixed brain. These adenomas may vary largely in size. 


Sudden Natural Death in a Forensic Setting 


4l 





Colloid cyst of the third ventricle. This decedent had a history of severe headache with postural changes. This may 
be associated with sudden cardiac death following a buildup of cerebrospinal fluid pressures associated with central 
nervous system cardiac center disruption and fatal arrhythmia. 
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Sudden death associated with ruptured saccular cerebral artery aneurysm with subarachnoid hemorrhage. These are 
examples of giant berry aneurysms, which are greater than 2.5 centimeters in greatest dimension. Small saccular 
aneurysms may rupture the same way. The jolt of increased pressure from arterial blood through the subarachnoid 
space at the base of the brain may disrupt the cardiac centers, causing fatal arrthymia. 
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Healing ankle ulceration associated Dry gangrene associated with peripheral vascular disease due to long-term 
with peripheral vascular disease. diabetes mellitus. 
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Ischemic bowel due to small intestine volvulus with vascular compromise. The arrow indicates purulent exudate at the 
serosal surface. 





This decedent had a longstanding history of difficulty swallowing. She was seen to gesture as though she could not 
breathe and then collapsed. Autopsy revealed a large benign esophageal polyp that obstructed the upper airway. Note 
the ulceration at the tip of the polyp from constant rubbing. During this last episode she was unable to clear the 
obstruction. 
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Cecal volvulus. Note the red 
discoloration of the serosal surface. 
Figure (a) demonstrates cecal 
enlargement due to obstruction, (b) 
demonstrates the cecal volvulus 
with rotation and obstruction, and (c) 
demonstrates this region untwisted. 
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This individual never sought medical attention for her breast carcinoma and l 
died at home. 








Bronchogenic carcinoma with erosion 
through the airway. 





Metastatic bronchogenic carcinoma of the lung. Note 
the metastatic nodule in the heart muscle causing 
fatal arrhythmia. 





This individual never sought medical attention for his gastric 
cancer and died at home. 





Primary rhabdomyosarcoma of the heart. 
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Cryptococcal meningitis in an individual with AIDS caused by intravenous drug use. 
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Neurofibromatosis type 1. Note the numerous neurofibromas at the surface of the body. These tumors may be 
found throughout the body. Death may occur by tumor growth leading to damage of adjacent structures such as the 
gastrointestinal track with obstruction, central nervous system with compression, renal artery with hypertension, etc. 
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This decedent had Duchenne’s muscular 
dystrophy and was bedridden for many 
years. He developed severe osteoporosis. 
While being removed from bed one day by a 
new caregiver, he sustained bilateral femur 
fractures and died shortly after. 
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Cushing’s syndrome due to hypercortisolism. Note the “moon face,” “truncal obesity” and purple striates at the lower 
abdomen. This syndrome is also associated with glucose intolerance. From a forensic standpoint and interpreting 
injuries, it is important to know this is associated with osteoporosis, increased bruisability, and poor healing. 





Goiter with hyperthyroidism may lead to thyrotoxicosis and sudden cardiac death due to tachyarrthymia. 
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This portion of gastric mucosa reveals multiple small areas of hemorrhage in an individual with hypothermia. 
“Leopard skinning” of the gastric mucosa and acute pancreatitis are often seen with cases of marked hypothermia 
followed by short-term survival. 





a 


This individual had his fingers and toes amputated years before following extensive hypothermic injury with frostbite. 
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Jaundice due to hemolysis associated with sickle cell 
crisis. 


= 


Sickle cell anemia. Peripheral blood smear 
showing sickled cells. 





Sickle cell crisis. Note the dark red-black sludge Autoinfarction of spleens from adult individuals with sickle 

within the gall bladder from hemolysis. cell anemia. These spleens are typically shrunken and firm. 
Note the histopathology sections with marked congestion 
fibrosis and Gamna-Gandy bodies from iron pigments with 
calcium salts. 
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ABSTRACT 


The design, fabrication, and characterization of the microstrip circular antenna arrays were presented. The proposed an- 
tennas were designed for single band at 2.45 GHz and dual bands at 3.3 - 3.6 and 5.0 - 6.0 GHz to support 
WLAN/WiMAX applications. The proposed single and dual band antennas showed omnidirectional radiation pattern 
with the gain values of 3.5 dBi at 2.45 GHz, 4.0 dBi at 3.45 GHz, and 3.3 dBi at 5.5 GHz. The dual band antenna array 
was placed on both top and bottom layers to obtain the desired antenna characteristics. The proposed double-sided dual 
band antenna provides omnidirectional radiation pattern with high gain. 


Keywords: Antenna Arrays; Circular Patch; Dual Band; Single Band; Omnidirectional; WLAN/WiMAX Applications; 


UWB 


1. Introduction 


Ultra-wideband (UWB: 3.1 to 10.6 GHz) frequency spec- 
trum has been approved by the US Federal Communi- 
cations Commission (FCC) for unlicensed short range 
wireless communications since 2002. In this frequency 
range, wireless local-area network (WLAN) IEEE802.11a 
and HIPERLAN/2 WLAN operates in 5.0 - 6.0 GHz band. 
In some European and Asian countries, world interop- 
erability for microwave access (WiMAX) service is pro- 
vided in the frequency range of 3.3 - 3.6 GHz [1-4]. To 
support the WLAN/WiMAX application, antenna arrays 


that provide omnidirectional radiation pattern are required. 


To respond to this need, recent antenna design efforts 
were focused on omnidirectional antennas with high gain 
and no sidelobes [5-8]. Rectangular arrays are common 
type used for antenna arrays. Studies on dual band an- 


tennas employing rectangular arrays were reported [9-12]. 


Compared to rectangular patch antenna arrays, there are 
limited numbers of studies performed on circular patch 
antenna arrays due to difficulties in fabrication [13]. Ad- 
vantages of circular antenna array include high gain and 
narrow beam width [13]. 

In this paper, a new microstrip circular antenna arrays 
were designed, fabricated, and characterized to provide 
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omnidirectional radiation pattern for WLAN/WiMAX 
applications. Two antenna arrays were designed—one for 
single band at 2.45 GHz and the other for dual bands at 
3.3 - 3.6 GHz and 5.0 - 6.0 GHz. For single band opera- 
tion, circular patch array was placed on the top layer of 
the microtrip and a small rectangular patch was placed on 
the bottom layer for ground connection. For dual band 
operation, similar circular patch array was placed on both 
top and bottom layers of the microstrip with larger rec- 
tangular patch placed on the bottom layer. Both single 
band (single sided) and dual band (double-sided) micro- 
strip antenna arrays provided desirable antenna charac- 
teristics for the intended application. 


2. Design and Simulation 
2.1. Single-Band Antenna at 2.45 GHz 


The configuration of the proposed single band antenna at 
2.45 GHz is shown in Figure 1. It consists of six circular 
patches which are placed only on the top layer. The small 
rectangular patch is placed on the bottom layer for ground 
connection. 
The directivity for the circular patch antenna is 
(k, a. y 


Dy = I 
°  120G,,4 @) 
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Sickle cell anemia with crisis. Kidney with papillary necrosis (a) and congestion (b) and (c). 
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Sickle cell anemia with crisis. Lung with marked congestion and pulmonary edema. 
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Adult polycystic kidney disease. This autosomal dominant disorder is another significant cause of hypertension. 
These kidneys weighed over 3000 grams each. There is also an association with cysts in other organs and 
intracranial berry aneurysms. 





Simple benign cyst. 
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Chronic pyelonephritis with “stag horn calculi” associated with urea splitting bacterial infection such as proteus or 
staphylococci causing magnesium ammonium phosphate salt precipitation. It is also important to know that acute 
obstructive urolithiasis with urosepsis can be rapidly fatal. 
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This is a postpartum death involving a 30-year-old nurse. This woman was known to be colonized by group A beta- 
hemolytic streptococcus (strepococcus pyogenes). Approximately 8 hours following an uneventful delivery, she began 
to complain of back and pelvic pain. Within 4 hours she was in full-blown shock and was refractory to resuscitative 
measures. Death was pronounced approximately 14 hours following her delivery. Figure (a) depicts the gravid uterus 
and confluent brown-black discoloration of the left adnexa, which proved microscopically to show areas of necrosis 
with numerous clusters of bacterial cocci and scant neutrophilic infiltrates. Postmortem cultures of multiple organs, 
including lungs, liver, spleen, uterus, and peritoneal fluid, all grew group A beta-hemolytic streptococcus betahemolitic 
streptococcus. This “toxic shock like” death due to group A streptococcus has given rise to the term “flesh-eating 
bacteria.” 
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The evaluation of deaths related to complications of 
diagnostic and therapeutic procedures has tradition- 
ally been a problematic area for forensic pathologists 
and death investigators. The reasons for this are multi- 
ple: (1) these deaths often blur the boundaries dividing 
medicolegal and hospital death investigation; (2) many 
forensic pathologists do not feel comfortable approach- 
ing the often complex and highly technical issues present 
today in modern medicine; and (3) at least some forensic 
pathologists believe that these types of death belong more 
appropriately within the domain of the hospital autopsy. 
Despite this ongoing controversy, most forensic patholo- 
gists and death investigators will, at some point during 
their careers, be forced to handle these types of deaths. 

If a patient dies either during or sometime follow- 
ing a diagnostic and therapeutic procedure, the first 
question in the diagnostic algorithm or decision tree 
becomes: Was the death in any way related to the pro- 
cedure or was the procedure simply an artifact, with the 
death attributable to some underlying natural disease 
process or injury? For example, if a 65-year-old man 
who has stubbornly refused surgical intervention of a 
known 8-cm-diameter abdominal aortic aneurysm sud- 
denly collapses and manages to make it to the operating 
room but dies before repair can be attempted, the “intra- 
operative death” is simply an artifact of modern medical 
resuscitation and transport technologies. In such a case, 
the medical intervention or procedure played no part 
in the death, and the cause of death would be worded 
as “ruptured abdominal aortic aneurysm due to ath- 
erosclerotic cardiovascular disease, manner: natural.” 
On the other hand, if an otherwise healthy individual 
underwent an elective procedure, for example, a bun- 
ionectomy, and died on the operating table, to ascribe 
the death to “hallux valgus” would be as ridiculous as 
it was erroneous. It is for cases like this that the concept 
of therapeutic complication merits consideration for a 
place in manner-of-death certification. 

Once it is determined that the death was related 
somehow to the procedure, the next question in the 
algorithm becomes: Was the death a result of a known 
or predictable (albeit rare or unusual) complication of 
a properly performed diagnostic procedure or appro- 
priately administered therapy, or did it ensue from a 


57 


procedural error? When the former scenario exists, the 
term therapeutic complication is preferred, because that 
is a neutral designation as opposed to the term “thera- 
peutic misadventure,” which is inflammatory and preju- 
dicial. When the latter situation is present, the manner 
of death is most accurately designated accident. Many 
examples of legitimate therapeutic complications exist. 
In the case of a 64-year-old man who sustained a non-ST 
(non-Q wave) segment elevation myocardial infarct, and 
who was treated with the antiplatelet drug eptifibatide 
(Integrilin), a platelet glycoprotein IIb-HlIa antagonist, 
he suffered intractable pulmonary hemorrhage and ulti- 
mately succumbed to respiratory failure. Pulmonary 
hemorrhage has been a recently reported complication 
of eptifibatide therapy. No error was committed in this 
case; rather, the decedent experienced an unusual yet 
known (documented) complication of appropriate ther- 
apy for his non-ST elevation MI. Therefore, the cause 
of death would be worded as: “Complications of pul- 
monary hemorrhage following eptifibatide (Integrilin) 
treatment for non-ST (non-Q wave) segment elevation 
myocardial infarct (due to atherosclerotic heart dis- 
ease)” and the manner, therapeutic complication. On 
the other hand, if a middle-aged woman underwent a 
surveillance colonoscopy and presented days later with 
peritoneal signs and was found to have E. coli bacteremia 
and sepsis due to peritonitis resulting from inadvertent 
perforation of the colon during the procedure, the death 
certificate would read: “E. coli sepsis due to peritonitis 
due to colonic perforation complicating surveillance 
colonoscopy.” However, because this complication is not 
an accepted sequela of an appropriately performed diag- 
nostic or therapeutic procedure, but rather, an uninten- 
tional error, the manner of death in this case is most 
accurately deemed accident. Admittedly, there are cases 
that fall within the murky zone between natural and 
therapeutic complication and between therapeutic com- 
plication and accident. In such cases, all that one can 
do is exercise one’s best objective clinical judgment. It is 
important to recognize and remember that death certif- 
icates are not immutable documents that are “written in 
stone’; rather, they can be amended should more accu- 
rate information regarding the circumstances of death 
become available at a later time. 
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While the concept of therapeutic complication is 
an invaluable tool in the assessment of these types of 
deaths, the practical applicability of the term to the 
death certificate has enjoyed less success. Only two 
known jurisdictions—Cuyahoga County, Ohio, and 
New York City—include “therapeutic complication” as 
a choice in the manner of death on the death certificate. 
Therefore, when a death fits the criteria for therapeutic 
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complication as the manner, but the particular jurisdic- 
tion does not include it on the death certificate, then the 
manner defaults to natural. One other option is to list 
“therapeutic complication” in parentheses after “natu- 
ral,” but this probably is not common practice. Thus, 
for the indefinite future, forensic pathologists will be 
resigned to using the term as a conceptual tool in the 
evaluation of these most challenging deaths. 
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These figures show one of many possible artifacts associated with organ donation that may be mistaken for injuries. 
Note (a) the hemorrhagic discoloration around each eye (periorbital) and (c) the plastic insert in the opened eye 
following tissue removal. Medical record review and clinician interview revealed that these periorbital hemorrhages 
were not present at the time of admission. 
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Tissue procurement of superficial skin. 





Postmortem tissue procurement and full thickness skin. 





Sutured incisions following long bone, soft tissue, and saphenous 
veins removal for postmortem tissue procurement. 
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Figures (a) and (b) show ill-defined, parallel, vertically oriented gray-brown marks on the forehead. These are artifacts of 
transport. The child’s head was stabilized with a strap while flown by helicopter from an outside hospital to a tertiary 
pediatric center. Figure (c) shows reflected scalp and well-defined sagittal and lamboidal sutures without features of 
subgaleal contusions or skull fractures. 
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This individual was ejected from a car during a collision. She was taken to the hospital in an unconscious state and 
remained so until her death. There was initial speculation that she was struck by another motor vehicle due to the 
“tire-like” patterns on her legs (a—c). Further investigation revealed these injuries were not present at the time of 
arrival to the emergency department. She survived in the hospital for approximately 2 days. There was a pelvic fracture 
with blood seeping into the legs, extensive generalized edema, and disseminated intravascular coagulation (b). Pressure 
boots were placed to decrease the risk of deep venous thrombosis (d). This pattern of ecchymosis was caused by the 
pressure boots in conjunction with the complications of the injuries. 
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(a) (b) (c) 


Figure 1. Configuration of the proposed antenna for single 
band at 2.45 GHz: (a) Top layer; (b) Bottom layer; (c) Top 
and bottom layers overlaid. 
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Gnd =A J [ 03 + cos OJ¢; |sindd@ (A) 
Jip = Jy (kya, sin 8) — J, (kya, sin 0) (5) 
Jo, = J (kya, sin 8) + J, (kya, sin 8) (6) 


where a, is the effective radius, a_ is the actual radius, 
¢€, is the relative permittivity of the microstrip dielectric 
substrate, h is the height of the microstrip substrate, 
and J,and J, are Bessel functions. 


The gain of the antenna was calculated using 


Gain = Antenna Efficiency x Directivity (D, ) (7) 


Antenna Efficiency = Total Efficiency 





Reflection Efficiency 8) 

The variable corresponding to each dimensions and 
values for the dimensions of the proposed antenna are 
shown in Figure 2 and Table 1, respectively. Here, L, W, 
and R represent the length, the width, and the radius of 
the circular patch, respectively. 

The gain of the proposed antenna shown in Figure 1 
was calculated using (1) - (8) and the dimensions were 
optimized using ADS [14] which resulted in gain of 3.5 
dBi at 2.45 GHz. 


2.2. Dual-Band Antenna at 3.3 - 3.6 and 5.0 - 6.0 
GHz 


The configuration for the doubled-sided microstrip dual 
band antenna is shown in Figure 3. The proposed micro- 
strip antenna has circular arrays both on the top and bot- 
tom layers. It consists of three circular patched on each 
layer. 
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Figure 2. Variables corresponding to each dimension of the 
proposed single band antenna: (a) Top layer; (b) Bottom 
layer. 


Table 1. Dimensions for the proposed single band antenna 
at 2.4 GHz. 








Variable Value (mm) 
Ly 1.15 
Ly 28.9 
L; 1.13 
Ly 17.6 
Ls 6.60 
Le 35.3 
L; 18.4 
Ls 18.4 
Wi 1.02 
WwW, 1.52 
W3 3.30 
Wa 6.86 
R 5.10 








(a) (b) (c) 
Figure 3. Configuration of the proposed antenna for dual 


band at 3.3 - 3.6 and 5.0 - 6.0 GHz: (a) Top layer; (b) Bot- 
tom layer; (c) Top and bottom layers overlaid. 
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Figures (a), (b), and (c) show electrical 
burns caused by defibrillation with 
damaged cardioversion paddles during 
attempted resuscitation. 
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These figures show perimortem injuries to the anterior chest, 
axillary regions, and the anterior aspects of the upper arms 
associated with incorrect placement of a rib splitter during a 
thoracotomy. 
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These figures demonstrate the posterior pharyngeal/esophageal cut surface with intramural hemorrhage. This is an 
artifact encountered frequently during resuscitative measures. The rich esophageal venous plexus tends to be a very 
hemorrhagic area following intubation. 
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This demonstrates an esophageal intubation with the tip of the endotracheal tube protruding from the esophageal 
lumen. The epiglottis can be seen slightly behind the endotracheal tube, confirming an esophageal intubation. 





This autopsy involved an infant who succumbed to sudden infant death syndrome (SIDS). The close-up photograph 
depicts an esophageal intubation, with the endotracheal tube clearly within the esophageal lumen and the concentric 
tracheal rings visible slightly anterior to and (anatomically) to the right of the tube. Esophageal intubation is not an 
uncommon finding associated with resuscitation and usually plays no substantial contributory role in the death; 
however, it should always be documented as part of a complete autopsy and may, in some situations, be a quality 
control measure for Emergency Medical Services (EMS) personnel and paramedics. Esophageal intubations during an 
elective procedure, on the other hand, are very important and potentially causal or contributory to the death. 
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This endotracheal tube was inserted through the trachea 
and paratracheal soft tissues into the thoracic cavity 
during resuscitation. 





PTY 





A tracheostomy tube was inserted through the posterior aspect of the trachea (a) into the esophagus (b) (traumatic 
tracheoesophageal fistula). Note the perforations on the posterior surface of the trachea (a) and the anterior aspect of the 
esophagus (b). 
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This is a view of the chest wall of an 18-month-old toddler with a history of tracheomalacia and subaortic stenosis who 
required a tracheostomy. During a bout of crying, the tracheostomy tube became dislodged, and after nurses attempted 
to reposition it, the baby rapidly developed subcutaneous emphysema, followed by bilateral tension pneumothoraces. 
Autopsy demonstrated marked subcutaneous emphysema, including periorbital swelling. The tube had been removed 
before the autopsy, precluding assessment of its placement. This particular view demonstrates air bubbles within the 
subcutaneous fat. It is important that all tubes remain in the body for objective postmortem (autopsy) evaluation of 
their placement. 





Subcutaneous emphysema. Anterior chest with air bubbles throughout the mediastinal soft tissues. This may be 
commonly observed with vigorous resuscitation or trauma. Palpation of these regions often reveals crepitus. 
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One must be careful while examining injuries altered This demonstrates a stab wound adjacent to a sutured 

by therapeutic intervention. This picture demonstrates chest tube incision. This may make injury interpretation 
a catheter placed into an injured blood vessel through a more challenging. 

stab wound. 





This demonstrates a stab wound that the clinicians 
converted along one side (edge) into a thoracotomy 
incision. If at all possible, this should never be done, 
because it makes injury interpretation much more 


difficult. 





Healing infected incision. This individual died of septic 
complications of his initial trauma. Had it not been for 
this trauma, the infection that took his life would not 
have occurred. The manner of death in this case was ruled 
accidental. 
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This is a “cutdown site” used for vascular access by 
a hospital emergency department (ED) physician, 
created by a transverse incision within the 
antecubital fossa This decedent had also sustained 
stab and incised wounds in other parts of the body. 
Again, this illustrates the importance of having 

a complete medical record and discussions with 
the treating ED physicians or trauma surgeons 

to properly differentiate between therapeutic 
interventions and injuries sustained before such 
therapeutic interventions. 


This chest tube was inserted through a previously 
existing perforation. Notice, however, that along 

the left margin of this perforation (from the 7-11 
o’clock positions), there is a distinct abrasion. Further 
investigation established that the chest tube was 
inserted through a previously sustained entrance 
gunshot wound, thus explaining the abraded margin 
of this perforation. 
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These individuals exsanguinated in their 
residences following ruptures of their 
infected arteriovenous dialysis grafts. 
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This woman underwent (a) Cesarean section (c) for an otherwise unremarkable term pregnancy hours before going 
into hemorrhagic shock while in the recovery room. Autopsy disclosed a large hemoperitoneum with clotted blood 
extending from a bleeding abdominal wall vein (a) and (b). 


184 Double-Sided Microstrip Circular Antenna Array for WLAN/WiMAX Applications 


The configuration in Figure 3(a) is similar to the top 
layer of the single band antenna as shown in Figure 1(a) 
but with less circular patches. However, the bottom layer 
in Figure 3(b) is different compared to the bottom layer 
of the single band antenna shown in Figure 1(b). The 
double-side nature of the antenna provides dual band 
characteristics. Identical equations were used for the sin- 
gle band antenna were employed in the design process. 
The variable corresponding to each dimensions and the 
dimensions for the proposed dual band antenna are 
shown in Figure 4 and Table 2, respectively. 

Simulation was performed using ADS for the configu- 
ration shown in Figure 3(c). The simulated gains of the 
proposed dual band antenna were 4.0 dBi at 3.45 GHz 
and 3.3 dBi at 5.5 GHz. The double-sided configuration 
of the antenna provided higher gain compared to the sin- 
gled-sided antenna. 


3. Measurement Results and Discussions 
3.1. Single-Band Atnenna at 2.45 GHz 


The antennas were fabricated using LPKF Protomat [15] 
on FR-4 material with height of 1.524 mm. The photos of 
the fabricated single band antenna are shown in Figure 5 
which has a size of 6.7 x 4.4 (in cm). 

Figure 6 shows the comparison between the simulated 
and the measured Sj), results. 

The measured operating frequency is close to 2.45 
GHz with S,; value below —15 dB. The 3 dB bandwidth 
at 2.45 GHz was approximately 18%. The measurement 
and simulation are in fairly good agreement, and the dif- 
ferences are due to microstrip loss and fabrication errors. 

Figure 7 shows the comparison between the simulated 
and measured radiation pattern in xy-plane at 2.45 GHz 
which is close to omnidirectional pattern. 





Figure 4. Variables corresponding to each dimension of the 
proposed dual-band antenna: (a) Top layer; (b) Bottom 
layer. 


Table 2. Dimensions for the proposed dual band antenna at 
3.3 - 3.6 and 5.0 - 6.0 GHz. 








Variable Value (mm) 
Ly 1.20 
Ly 17.8 
L; 1.08 
Lg 6.60 
Ls 29.3 
L¢ 10.0 
L; 21.6 
Ls 17.8 
Wi 1.02 
W2 1.52 
W3 2.54 
Ws 49.1 
R 5.21 








(a) 


(b) 


Figure 5. Photo of the fabricated single-band antenna: (a) Top layer; (b) Bottom layer. 
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These figures show an individual who died of hemorrhagic 
complications following (a) a thyroidectomy. A large 
accumulation of clotted blood collapsed his airway while 
he was sedated at home. He was found unresponsive lying 
on a sofa. Note the hemmorhage and larger blood clot in 
the anterior neck and chest. 
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These figures show a patient who was 
admitted in cardiac arrest following 

an acute asthma attack. Chest tube 
placement was inserted through the 
lung parenchyma during resuscitation. 
Approximately 150 mL of liquid blood 
were recovered from the left hemithorax, 
indicating that this injury was 
perimortem and iatrogenic. 
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This individual underwent placement of a 
nasogastric tube that perforated the esophagus 
and entered the right thoracic cavity (hemithorax). 
The injury went unnoticed for many hours. The 
decedent was fed through the nasogastric tube, 
which is demonstrated by the accumulation of 
yellow fluid within the thoracic cavity. Autopsy 

; ol me revealed a fibrinous pleuritis and an early 

—— Se % mC) pneumonia. 
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Panoramic view illustrating the anterior gastric 

wall, with a probe through the previous PEG site, 

also demarcated by an arrow, and the other arrow 
demonstrating greater omentum with fibrinous exudate. 
Similarly appearing exudate can also be seen on the 
anterior surface of the gastric body and fundus. 








This is a close-up anterior view of the stomach, 
demonstrating the previous PEG site through the 
anterior gastric wall, as well fibrinous exudate on the 
surface of the greater omentum, with both features 
demarcated by arrows. 


This depicts the parietal peritoneum with a gray, shaggy, 
fibrinous exudate. 


This case involved an elderly woman with a history of dementia who could no longer live independently and was made 
a ward of the state. She was hospitalized for long-term intermediate care. She had undergone percutaneous endoscopic 
gastrostomy (PEG) tube insertion due to insufficient oral intake (a). She underwent a tube replacement for leakage. 
Later that evening, she experienced acute onset of abdominal pain that was complicated by increasing abdominal 
distension, green discoloration of the abdominal wall site, and purulent drainage from the tube site. The remainder 

of her course was characterized by respiratory distress, aspiration of gastric contents, hypotension, and tachypnea, 
culminating in systemic inflammatory response syndrome with lactic acidosis, multisystem organ failure, and 
hemodynamic instability, refractory to aggressive resuscitative measures. Autopsy revealed intraperitoneal placement 
of the gastrostomy tube with intraperitoneal administration of enteral feedings and a collection of approximately 700 
mL of turbid peritoneal fluid with extensive fibrinous adhesions. Microscopic examination confirmed an exuberant 
fibrinous exudate with scattered clusters of bacterial cocci and yeast, as well as birefringent material. The cause of 
death was certified as complications of peritonitis following intraperitoneal placement of gastrostomy tube during tube 
change, following percutaneous endoscopic gastrostomy insertion for insufficient oral intake related to atherosclerotic 
cerebral vascular disease and dementia. The manner of death was certified as accident. 
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This was a middle-aged woman with primary 
biliary cirrhosis who underwent a transjugular 
intrahepatic portosystemic shunt (TIPS) for 
decompression of high portal venous pressure 
(portal hypertension). The picture (a) depicts a 
large hemoperitoneum, with greater omentum, 
stomach, and intestines floating on top of a pool 
of blood. There was advanced end-stage cirrhosis 
(b), with confluent scar enveloping and entrapping 
regenerative parenchymal nodules. Liver diseases 
such as this are associated with an increased 
risk of hemorrhagic complications due to 
coagulopathy and portal hypertension. This fatal 
hemorrhage resulted from laceration of a portal 
vein branch occurring during stent placement (c). 
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Note the probe inserted through the perforation site, This image demonstrates the sutured cannulation site as 
which is also demonstrated with the arrow. well as one of the bypass grafts. 





Close-up of perforation site demonstrated by probe and arrow. 


This case involved a patient who underwent six-vessel coronary artery bypass grafting that was followed by intractable 
postoperative hemorrhage. The pericardial and left pleural drainage exceeded 1 liter within the first postoperative hour. 
The patient became hypotensive, requiring emergent re-exploration that was refractory to resuscitative efforts. Autopsy 
revealed an approximately 3-mm perforation of the ascending aorta, immediately above and distal to a sutured aortic 
cardiopulmonary bypass cannulation site, with residual bilateral hemothoraces. (left: 1,100 mL and right: 450 mL). 

The cause of death was certified as intractable hemorrhage with perforation at the aortic cannulation site complicating 
coronary artery bypass grafting for atherosclerotic coronary artery disease. Hypertensive heart disease was listed 

as a contributory cause (heart weight: 690 grams and body weight: 120 kgs). The manner of death was certified as 
therapeutic complication. 
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Right hemothorax (a) due to perforation of right internal jugular vein complicating catheter insertion. Note the probe 
(b) and (c) demonstrating the perforation through the right internal jugular vein and the hemorrhage within the 
anterior overlying soft tissues. 
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This case involved complications of a 
transbronchial biopsy in an individual who was 
HIV-positive and was slightly thrombocytopenic 
(platelet count: approximately 75,000/uL). The 
procedure was followed by extensive pulmonary 
hemorrhage, which culminated in respiratory 
compromise and death. Figure (a) demonstrates a 
Swan-Ganz catheter within the pulmonary arterial 
system. Figures (b) and (c) is a close-up view with 
a probe through a perforation of one of the large 
branches of the right main pulmonary artery with 
the arrow head demarcating the tip of the probe. 
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Heart with labels illustrating This image demonstrates the 


Close-up view of grafts. 


the aorta (AO), obtuse marginal relationship of obtuse marginal 
graft (OMG), and left atrial graft and native obtuse marginal 
appendage (LAA). vessel, as well as a stent protruding 


through the lacerated native obtuse 
marginal artery. 





Close-up view of the junction between Posterior view of heart demonstrating confluent epicardial hemorrhage 
the obtuse marginal graft and the native associated with this procedure. 

obtuse marginal artery demonstrating the 

irregularity in the arterial wall. 


These pictures demonstrate a complication of coronary artery bypass grafting. In this case, a stent perforated the native 
obtuse marginal branch of the left circumflex artery immediately distal to the anastomosis between the graft and 
native vessel. 
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This depicts the lower lobe of the left lung with congestion This individual was in a motor vehicle accident 

and pneumonia. Note at the inferolateral aspect of the left and sustained a skull fracture involving the 

lower lobe is a fragment of gauze that was inadvertently cribriform plate. A nasogastric tube was inserted 
left behind during another operation months earlier. The that inadvertently penetrated the cranium. The tube 
gauze is adherent to the surface with overlying adhesions was placed on intermittent suction. Aspirated brain 
and adjacent purulent exudate. matter is visible at the end of the tube. 





This demonstrates a large gray-tan thrombus encasing a In busy trauma centers, the body is sometimes received 

pacemaker lead extending from the heart. with multiple instruments used for resuscitative efforts. 
This photograph was taken after the body bag was opened 
at the morgue. It is always important to be careful of 
sharps that have been inadvertently left behind. 
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Figure 7. Simulated and measured radiation pattern in xy-plane (coordinate system shown in Figure 5) at 2.45 GHz. 


3.2. Dual-Band Antenna at 3.3 - 3.6 and 5.0 - 6.0 on double-sided FR-4 materials. The photos of the fabri- 
GHz cated dual band antenna are shown in Figure 8 which 
has a size of 6.6 x 5.2 (in cm). 


The antennas were fabricated using LPKF Protomat [15] Figure 9 shows the comparison between the simulated 
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This Vietnamese woman died of Takayasu arteritis that was complicated 
by a ruptured aortic aneurysm. She was treated at home by her 
grandmother with Southeast Asian folklore remedies, including coining, 
which involves rubbing of hot oils and medicine onto skin (d). Note the 
unusual location of the coin marks at her neck (a) and (b). At first this 
was mistaken for manual strangulation. There were no internal neck 
injuries and no scleral or conjunctival hemorrhages (c). 








Substance Abuse and Poisoning 


CHARLES A. CATANESE AND LAURA M. LABAY 


Introduction 





The term substance abuse is most simply defined as the 
excessive use of one or numerous drugs. In general, most 
people typically have some level of access to several types 
of drugs, including legitimately prescribed medications, 
and on average, will benefit from their appropriate use. 
However, the term substance abuse can be applied to a 
variety of situations or circumstances. For example, one 
person may intentionally be abusing a multitude of sub- 
stances including illicit drugs, prescribed medications, 
and over-the-counter remedies (i.e., supplements, herb- 
als, diet aids, etc.). This is in direct contrast to another 
individual who may be taking only a single medication, 
but deliberately using it in a manner that is not consis- 
tent with normal therapeutic use. It stands to reason 
that when individuals begin to abuse one or more sub- 
stances, and use them in an uncontrolled manner with- 
out the appropriate oversight, that they place themselves 
in a potentially harmful or lethal situation. 

In a forensic or medicolegal setting it often becomes 
a matter of necessity to interpret drug findings and ren- 
der an opinion regarding the toxicological, physiological, 
and pathological impact the drugs may have had upon 
an individual. To this end, it is important to evaluate and 
consider a host of factors. These factors are not always 
straightforward or quantifiable, but nevertheless include 
the drug’s inherent physical and chemical properties, 
the dosage of the drug used, the frequency of the drug 
intake, the route of drug administration, the concentra- 
tion of drug and drug metabolite found, the person’s tol- 
erance level to the drug and any medical conditions or 
disease states the person may have experienced. 

It is important to recognize that for a particular 
drug to ultimately produce a toxic or lethal effect, it 
must be present in an individual at a sufficient concen- 
tration for a sufficient length of time. However, while 
references and other texts are available that help to 
classify drug concentrations as “therapeutic,” “toxic,” 
or “lethal,” interpretation is often not so simple. For 
example, postmortem methadone concentrations are 
often challenging to interpret because the range of blood 
concentrations detected in people enrolled in narcotic 
maintenance programs may overlap the blood concen- 
trations found in overdose or lethal situations. 
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Also, some drugs, depending on their physical and 
chemical properties and their concentrations in the body, 
will exert their most toxic or lethal effects in an acute 
manner, while others will take a longer period of time to 
act. In general, deaths associated with substance abuse 
may be related to acute or chronic complications. Acute 
substance abuse indicates that the death was related to 
direct toxic effects of the drug shortly after administra- 
tion. In a delayed overdose, the drug produces damage to 
the body over hours or days following acute intoxication, 
with complications that may include coma, sepsis, brain 
swelling, and herniation. This process may evolve over 
days with the drug(s) metabolized from the body. The 
underlying process that set off this sequence of events is 
the acute intoxication. 

Depending on the type of drug and its half-life there 
may be no or minimal amounts of drug left in the blood 
or other tissues at the time of death. However, the pos- 
sibility exists that the drug or its metabolite(s) could still 
be detected and identified in the urine. In these circum- 
stances, it is important to take into account that urine is 
really a pooled specimen collected in the bladder over a 
period of time and that a quantitative result represents 
only the average drug-urine concentration over the 
period of time that the urine was produced. Therefore, 
this type of specimen does not accurately reflect the 
blood-drug concentration at any single point in time. 
Rather, a positive finding of a drug or drug metabolite 
in urine indicates prior exposure only to that particular 
drug and in this regard it is relevant to consider other 
information (e.g., case history, medical records, ana- 
tomical findings, etc.) as well. 

If a decedent suffered trauma while intoxicated and 
developed an epidural or subdural hemorrhage, you 
would expect to find the drug present in these samples 
even after many days. Chronic sequela associated with 
substance abuse include complications of infections 
such as HIV disease, hepatitis, hepatic cirrhosis, and 
endocarditis. Injection of ground-up oral medications 
may lead to pulmonary failure, with multiple foreign 
body granulomas and fibrosis demonstrated on histo- 
pathologic section. There are many other complications, 
including Wernicke’s-Korsakoff’s encephalopathy, alco- 
holic cardiomyopathy, and hardening of the arteries due 
to cocaine use. 
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Intravenous drug abuse may present with many dif- 
ferent features. If the drugs are injected acutely in the 
same vein during binges, they appear as multiple fresh 
needle marks in a row. These are called “track marks” 
because they resemble a pattern of railroad ties being laid 
down one after another. It may be possible to detect the 
parent drug by excising the immediate area surround- 
ing the injection site and submitting this section for tox- 
icological analysis. If several injection sites are observed 
and a decision is made to submit more than one for test- 
ing, make certain to package the specimens in separate 
containers, identify the sites from which each was taken, 
and note their age and appearance. Alternatively, the 
syringe or other drug paraphernalia such as vials, pipes, 
or spoons, if available, can also be submitted for analy- 
sis. This is a good option if, for whatever reason, limited 
biological specimens exist. Once the nonbiological con- 
tents of the items are identified, directed toxicological 
analysis on the biological specimens can then proceed. 
If this is done, it is important that the items be packaged 
in individual containers, away from biological speci- 
mens, so that contamination does not occur. 

Injecting drugs into blood vessels can lead to the 
introduction of many types of infections. Sharing of 
needles may cause transmission of the hepatitis virus or 
the human immunodeficiency virus. Various types of 
bacteria can also be introduced during injection, lead- 
ing to vasculitis, cellulitis, pneumonia, and endocarditis. 
Acute intravenous fatalities, such as those caused when 
individuals inject themselves, are usually classified as 
accident. If one can demonstrate the drug was given to 
the individual in order to purposefully cause his or her 
death, the manner would be classified as homicide. Also, 
if another individual injects the drug into the decedent’s 
arm the manner of death should be homicide. 

As the vein is chronically abused, it will scar and 
develop a chronic track mark. Chronic track marks 
appear as linear scars that traverse the path of underly- 
ing veins. Histological sections from these regions often 
show polarizable debris from impurities found in past- 
injected drugs. If a chronic intravenous drug abuser 
consistently rotates the injection sites from one vein to 
another chronic track marks will not develop. 

Skin-popping refers to drugs, such as heroin, injected 
into the subcutaneous tissues. This usually indicates a 
long history of drug abuse with destruction of the pre- 
viously accessible peripheral veins. This may appear as 
fresh needle marks, usually at the surface of the thighs, 
or in other places without an underlying vein. These 
sites often get infected and lead to cellulitis, abscess for- 
mation, and scarring. 

Another route of drug administration includes 
inhalation. Inhalation (ie., snorting) of drugs may lead 
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to mucosal reddening from direct irritation. Crack pipes 
may become very hot during use and burn the drug 
abuser’s mouth and lips. Sometimes histopathology sec- 
tions of the lungs reveal numerous pigment-laden mac- 
rophages from constant inhalation of smoke and debris 
from inhaled burning drugs such as crack. Chronic snort- 
ing of drugs may lead to a perforated nasal septum. 

Keep in mind, it is not only the illicit drugs such 
as cocaine or heroin that can be inhaled; an individual 
may choose to crush and “snort” a tablet or pill as well. In 
some instances, residue may be observed in the nasal or 
oral cavity, and these areas can be swabbed and the par- 
ent drug identified though analytical testing. Individuals 
may also choose to inhale or “huff” commercial products 
such as gases, fuels, aerosols, solvents, or propellants as a 
means of abuse. This may be accomplished by breathing 
in the fumes from a rag that has been soaked in the mate- 
rial or by placing a bag containing the fumes over the nose 
and mouth. In some cases, the inhalation may take place 
directly from the item (ie., aerosol can, glue bottle), as 
well. Users have died from hypoxia, pneumonia, cardiac 
failure, and aspiration of vomit. If the latter situation is 
relevant to the case, it is important to inform the toxicol- 
ogy lab of this, as most routine toxicology screens do not 
include these substances in the scope of their analysis. For 
these cases, lung tissue or tracheal air, in addition to the 
routine biological samples, can be collected as well. 

Transdermal drug delivery systems introduce 
medications into the general circulation through a slow 
diffusion process, and may be considered a desirable 
alternative to taking oral medications or using sub- 
stances that require repeated injection. In addition, the 
transdermal systems, perhaps most importantly, help to 
minimize the extreme blood spikes and trough levels 
that may be experienced with orally administered medi- 
cations. Instead, blood—drug concentrations are main- 
tained at more consistent concentrations. 

Examples of commonly encountered medications 
delivered through transdermal systems include nicotine, 
hormones (i.e., contraceptives) and the potent narcotic 
analgesic fentanyl. However, similar to any medica- 
tion, these patch-style systems may be subject to abuse. 
For instance, a person may make the decision to apply 
a multiple number of patches to the body, or through 
manual or chemical means remove the drug from the 
drug reservoir or from the adhesive matrix. It is also not 
uncommon for a person to chew or even swallow them. 
In these cases, remnants of patches may be observed in 
the oral cavity or the gastric contents. Other signs of 
this type of abuse would be if a person presented with 
patches applied in a manner not consistent with normal 
therapeutic use. For these cases, document the number 
of patches found on the body, their locations, any writing 
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or markings on the patches and any other descriptive 
features. Make an attempt to ascertain if all the patches 
represent a single acute application or if some of the 
patches may be from remote use. 

In these types of death situations where patch use 
is known or suspected (i.e., old adhesive markings are 
noted on the body) it is important to make certain that 
specimens are not collected in proximity to a vein or 
artery that is in the immediate vicinity ofa patch or patch 
marking. As a specific example, following the death of 
an individual wearing a fentanyl patch, some drug may 
still be present in the depot beneath the patch. Ifa blood 
specimen is collected from an area immediately beneath 
or near the location of the patch, the concentration of 
fentanyl may not accurately reflect the circulating con- 
centration at or around the time of death. 

Similar to the patch, suppositories represent another 
type of drug delivery system. Suppositories contain med- 
icated material for insertion into a bodily passage or cav- 
ity such as the rectum. Once the suppository, typically a 
solid substance, is inserted, it will begin to dissolve over 
time and subsequently will deliver the medication into 
the body. Substance abuse using this route of adminis- 
tration is relatively rare. 
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Acute and Chronic Alcoholism 


Death occurring from acute alcoholism is usually classi- 
fied as natural, although this may not always be the case. 
A young adult at a party trying to impress friends may 
attempt to guzzle a liter of whisky. This is more than 
enough alcohol at one time to kill most adults. In this 
case, the manner of death would be accident. Sometimes 
depressed people with an acute triggering event, tell 
their family that they are going to “drink themselves to 
death.” After several days of drinking large quantities 
of alcohol, they die. If you can establish the intent to do 
harm, the manner of death would be suicide. If some- 
one at a party drinks alcohol from a funnel and a hose, 
by pouring the alcohol themselves, and then dies, the 
manner of death would be accident. If someone holds 
the hose and pours the alcohol for them, the manner of 
death should be homicide. 

The deaths of individuals with a history of chronic 
alcoholism, including varying degrees of liver disease, 
intoxications, and withdrawal, are mostly certified as 
natural. Chronic alcoholics who stop drinking abruptly 
may get the “shakes” and eventually experience seizures 
leading to death. Withdrawal of many other drugs with- 
out other underlying natural disease will not typically 
cause death. 
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It is very difficult to give an opinion about individu- 
als’ state of mind or behavior while they were drinking 
or using any drug, for that matter. One has no way to 
know their true thought processes unless their behavior 
was witnessed or somehow clearly documented. Chronic 
alcoholics, with a high degree of tolerance, may be able 
to achieve a high blood alcohol level and not show vis- 
ible signs or symptoms consistent with intoxication. 
Some alcoholics become aggressive, loud, and agitated 
while others become subdued and complacent. 

It is important to obtain blood samples with care in 
cases where there is suspected alcohol use, and trauma 
played a role in the person’s death. If one obtains a blood 
sample only from the pericardial sac or chest cavity, 
where other visceral lacerations may exist, contami- 
nation with gastric contents or other bodily fluids is a 
likely possibility. In turn, the measured blood alcohol 
level may be markedly increased as compared with the 
actual circulating blood concentration at and around 
the time of death. 

As amore specific example relating to alcohol, when 
death is a consequence of multiple traumatic injuries 
there is the possibility that significant damage to the 
internal organs occurred. These organs include, but are 
not necessarily limited to, the stomach, small intestine, 
and liver. If those organs, now damaged, contained 
unabsorbed alcohol, a blood specimen collected from 
the chest area may readily become contaminated. As 
a result, the concentration of alcohol determined may 
not accurately reflect the circulating concentration at 
and around the time of the fatal event. Instead, ideally, 
for postmortem alcohol analysis and to mitigate some 
of these issues, an alternative specimen type should be 
harvested. These specimen types would include a vitre- 
ous specimen, a urine specimen, or blood collected from 
a peripheral site such as the femoral vein. This is because, 
in those cases where the heart blood may have become 
contaminated due to events such as trauma, the alterna- 
tive specimen can be used to help provide an interpre- 
table alcohol concentration. 

Alternative specimens, such as vitreous fluid, are 
vital to collect, especially when alcohol is suspected or 
involved. It is important to recognize that alcohol may 
form postmortem, and analytical testing cannot make 
the distinction between this type of alcohol and alcohol 
that was present prior to death. Indeed, an alcohol find- 
ing may represent a combination of these two circum- 
stances. To prevent or minimize postmortem formation 
once blood is collected, it should be placed into an 
appropriate type of specimen collection container, one 
that contains preservatives that help to inhibit microbial 
growth. If the postmortem formation of alcohol is a con- 
cern, such as in a case where marked decomposition has 
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occurred, a positive alcohol finding may be confirmed 
in the vitreous fluid, a specimen type that is more resis- 
tant to microbial growth. 


Post-Mortem Redistribution 


Besides contending only with the issue of contamina- 
tion as caused by trauma, drugs and their metabolites 
may also be subject to postmortem redistribution. 
Postmortem redistribution is the movement of drugs 
among tissues, organs, and bodily fluids after death. 
The rate and extent of this movement varies accord- 
ing to several factors, including the nature of the drug, 
and the time interval between death and the postmor- 
tem collection time of specimens. Within the torso, 
the major organs constitute potential drug pools, and 
the gastrointestinal tract might contain considerable 
quantities of unabsorbed drug. Therefore, centralblood 
is subject to redistribution from these local organs. In 
general, redistribution into central vessels is greater 
than redistribution into peripheral vessels and this is 
why it is preferred that final quantitative amounts be 
determined from a peripheral blood source. Therefore, 
while central blood pools are acceptable for screen- 
ing purposes, it is always better to get a peripheral 
blood sample for quantitative confirmation work, if 
possible. 


Cocaine 


Cocaine, a Schedule II controlled substance, is found in 
the leaves ofa South American shrub called Erythroxylon 
coca and is one of the most potent of the naturally 
occurring central nervous system (CNS) stimulants. 
First isolated in 1855, it has been used medicinally as 
a local anesthetic. However, because of its high poten- 
tial for abuse, the use of cocaine for clinical situations 
has become severely limited. When cocaine is taken 
for illicit reasons it is either taken as the water-soluble 
hydrochloride salt by nasal insufflation (“snorting”), 
intravenous injection, or as the free-base (“crack”) by 
smoking. Regardless of the chemical form or route of 
administration, once cocaine is administered it is rap- 
idly absorbed and distributed throughout the body. 
Once inside the body, the dosage form of cocaine can- 
not be distinguished and analytical determinations are 
reported as the free-base form. 

Cocaine is rapidly biotransformed in the body to a 
few major metabolites and products including benzo- 
ylecgonine, ecgonine methyl ester, ethylecgonine, and 
ecgonine. These metabolites are all pharmacologically 
inactive. Small amounts of an active metabolite, nor- 
cocaine, may also be produced. However, this product 
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is rarely detected in blood. Cocaethylene is a pharma- 
cologically active substance formed in the liver when 
cocaine and ethanol are co-ingested. The most predom- 
inant cocaine product detected in the majority of bio- 
logical specimens is benzoylecgonine. Elimination on 
half-lives are approximately 4.5 hours for benzoylecgo- 
nine and approximately 0.8 hours for cocaine. 

Effects displayed by an individual under the influ- 
ence of cocaine may include dilated pupils, increased 
blood pressure, increased pulse rate, and increased sense 
of strength or invincibility. It is believed that cocaine is 
toxic to the cardiovascular system causing thrombosis, 
myocardial infarction, tachycardia, or fibrillation that 
may occur in cases of acute and chronic abuse. 


Heroin 


Heroin is a Schedule I controlled substance and a syn- 
thetic derivative of morphine. It is made by first extract- 
ing morphine from opium and then chemically treating 
the morphine with acetic anhydride, sodium chloride, 
and hydrochloric acid. 

Once heroin is taken into the body, most frequently 
by injection, smoking, or inhalation, it is rapidly deacety- 
lated to 6-monoacetylmorphine (6-MAM), a product 
that is then hydrolyzed at somewhat of a slower rate 
than morphine. Unlike the heroin, which has little affin- 
ity for the opiate receptors in brain tissue, both 6-MAM 
and morphine are pharmacologically active. Because 
6-MAM is a specific product of heroin, if it is found to 
be present in a biological specimen, it can be concluded 
that the individual either used or was exposed to heroin 
at some point prior to death. However, due in part to 
the short half-life of 6-MAM, morphine is most often 
the predominant species detected in biological speci- 
mens. Therefore, in cases where heroin is suspected to 
be the lethal agent and morphine is found in the blood 
but 6-MAM is not, it may be of benefit to test an alter- 
nate specimen type such as urine for the presence of this 
heroin specific marker as well. 

The primary toxic manifestations of heroin use may 
last for approximately 4 to 6 hours and include the same 
effects most commonly associated with other opioids. 
Some of the more common effects include drowsiness, 
loss of coordination, decreased blood pressure, decreased 
pulse and respiration, mental clouding, sedation, and 
sweating. At sufficiently high levels, the user may slip 
into a coma and may ultimately stop breathing. 


Lysergic acid diethylamide (LSD) 


LSD, a Schedule I semisynthetic controlled substance, 
is manufactured from the main precursor chemicals 


Substance Abuse and Poisoning 


lysergic acid, lysergic acid amide and ergotamine tar- 
trate. LSD is normally taken by placing a “dot” laced 
with the material on the tongue. The LSD is then dis- 
solved by the saliva and readily absorbed through the 
mucous membranes. This method of ingestion allows 
for its effects to be rapidly felt. Other means of inges- 
tion include mixing the LSD with liquids or adding it to 
sugar cubes. However, the drug cannot be taken into the 
body by smoking, as pyrolysis destroys the LSD. 

LSD is generally classified as a hallucinogen or psy- 
chedelic drug, and may produce both auditory and visual 
illusions. Approximately 30 to 60 minutes after ingestion, 
the user will experience the initial effects which, in gen- 
eral, may last for about 8 to 12 hours. Physiological effects 
are primarily sympathomimetic and may include mydria- 
sis, hyperthermia, seizures, panic, and paranoid reactions. 
Flashback reactions, a brief recurrence of the LSD experi- 
ence, are not uncommon in the experienced user, and may 
occur for weeks, months, or years after the last usage. 

Death due to the pharmacological effects of LSD 
is rare, with most deaths occurring as a result of LSD- 
induced suicide and accidental trauma. 


Marijuana 


Marijuana, a Schedule I controlled substance, is a com- 
plex mixture of several products obtained from vari- 
ous parts of the Cannabis sativa plant, and is the most 
widely used illicit substance in the United States and the 
rest of the world. More than 400 chemical substances are 
found in marijuana. Sixty of these substances are called 
cannabinoids and are responsible for the psychoactive 
properties of the plant. The most relevant cannabinoid 
is tetrahydrocannabinol (THC), as it is the primary psy- 
choactive ingredient in marijuana. 

One of the most notable features of this drug is its 
long half-life, with some metabolic components exceed- 
ing 50 hours. This is because the drug is a highly lipid 
soluble and may undergo significant enterohepatic recir- 
culation. In fact, the redistribution of THC from tissue 
to blood has been shown to be the rate-limiting step 
in its metabolism. In the body, THC is metabolized to 
two major metabolites, 11-hydroxy-THC (11-OH-THC) 
and tetrahydoxycarboxylic acid (THCC). The former 
metabolite is pharmacologically active, while the later is 
devoid of any pharmacological activity. 

Marijuana is most frequently smoked, althoughit can 
be ingested as well. THC rapidly leaves the blood, even 
during a smoking period, and falls to below detectable 
levels within several hours. The most common physical 
effects are acceleration of heart rate, a moderate increase 
in blood pressure, a slight decrease in body temperature, 
reddening of the eyes, and a dryness of the mouth. The 
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psychological effects of marijuana use include a pleas- 
ant feeling of well-being and euphoria, distortion of 
time, reduced ability to concentrate and memorize, and 
impaired short-term memory. Individuals under the 
influence of marijuana may have difficulties in tracking 
movement and demonstrate an inability to appropri- 
ately respond to stimuli. In general, this condition may 
persist for hours after the feelings of intoxication have 
dissipated, leaving users with a false sense of security 
concerning their abilities to safely operate a motor vehi- 
cle or machinery. 

Death strictly due to the pharmacological effects 
of marijuana is not well documented, with most deaths 
occurring as a result of accidental trauma. 


Methamphetamine 


Methamphetamine is a Schedule II controlled substance 
with a very high potential for addiction and abuse. There 
are two different chemical forms or isomers of metham- 
phetamine, each producing effects that differ in scope 
and magnitude. The l-isomer of methamphetamine 
may be found in over-the-counter nasal inhalers and is 
used for its vasoconstrictive properties. Compared with 
d-methamphetamine, it is a weak central nervous sys- 
tem stimulant. In contrast, the d-isomer may represent 
the licit or illicit forms of methamphetamine. In terms 
of legitimate or legal use, methamphetamine may be 
prescribed for a limited number of medical conditions 
such as weight loss, narcolepsy, and attention deficit dis- 
order. However, because other less addictive and dan- 
gerous substances that do not quickly result in patient 
tolerance to the drug are also available, it is not that fre- 
quently prescribed. 

Methamphetamine in the body undergoes demethy- 
lation to its primary active metabolite amphetamine; in 
most cases both methamphetamine and amphetamine 
will be detected. Analytical methods that differentiate 
the isomers of methamphetamine (and amphetamine) 
exist and may be employed if warranted. 

People who abuse methamphetamine experience 
certain sequelae of such drug use. In general, the effects 
of methamphetamine can be broken down into three 
main stages. The first stage is the “high,” where blood 
concentrations are at their greatest and people are feel- 
ing the stimulant effects of methamphetamine. The sec- 
ond stage is the “tweaking” period, where blood levels 
are on the decline and it is this period where people 
crave the drug and may behave in an aggressive and vio- 
lent manner. The third stage is the “crash,” where people 
feel exhausted and drained. High doses of methamphet- 
amine can elicit restlessness, confusion, hallucinations, 
circulatory collapse, and convulsions. 
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Methadone 


Methadone is a Schedule II controlled substance that is 
often prescribed during the process of narcotic detoxifica- 
tion, narcotic maintenance, and treatment programs, and 
to control severe and chronic pain. As compared with mor- 
phine, it produces less sedation and euphoria, but cessa- 
tion of its use may result in withdrawal symptoms—not as 
severe as those seen with morphine, but longer in duration. 
Methadone works by decreasing the withdrawal symptoms 
felt by the narcotic abuser and, when a person attempts to 
reuse, the desired effects of the illicit drug are minimized. 

In the body, methadone is metabolized to EDDP 
(2-ethylidene-1,5-dimethyl-3,3-diphenylpyrrolidine) 
and EMDP (2-ethyl-5-methyl-3,3-diphenylpyrroline). 
These metabolites do not possess any pharmacological 
activity and do not accumulate to an appreciable extent 
in plasma during therapy. 

Methadone overdose is characterized by stupor, 
lethargy, pupillary constriction, hypotension, coma, 
respiratory collapse, and death. 


3,4-Methylenedioxymethamphetamine 
(MDMA) 


MDMA is a synthetic sympathomimetic compound with 
mixed stimulant, psychotropic, and hallucinogenic activ- 
ities. It was used briefly as an adjunct to psychotherapy, 
but because of widespread abuse it has now been reclas- 
sified as a Schedule I controlled substance. The synthesis 
of MDMA is both complex and time-consuming. As a 
direct result, the final product may contain a variety of 
impurities that may be toxic in their own right. Also, drug 
manufacturers may add an illicit substance or a stimulant 
in an attempt to enhance the effects of the MDMA. The 
drug is available in tablet and powder form and it may be 
injected, inhaled, or ingested. Tablets of MDMA come in 
alitany of colors and shapes, and may be imprinted with a 
variety of images including things such as peace symbols, 
cartoon characters, butterflies, and angels. 

In the body, MDMA is metabolized to many other 
compounds, but the main metabolite is a demethylated 
product called methylenedioxyamphetamine (MDA). 

The effects of MDMA are related to the dose. A 
lower-level dose (approximately 50 mg) may result in 
feelings of enhanced creativity, while mid-level doses 
(approximately 100 mg) may make the user feel open to 
improved communication and empathy. The ability of the 
user to undergo self-exploration and analysis is achieved 
with the doses typically greater than 125 mg. In general, 
the psychological effects are much more pronounced 
than the physical effects. Abusers of the drug have been 
reported to experience longlasting neurobehavioral 
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disorders following cessation of its use. Symptoms of 
MDMA toxicity include visual hallucinations, confu- 
sion, hypotension, agitation, coma, and death. 


Phencyclidine (PCP) 


PCP is a Schedule II controlled substance that was 
developed and marketed in the 1950s for use as an 
intravenous anesthetic. However, it was discontinued 
for medicinal use in 1965 as patients frequently would 
become agitated, delusional, and irrational, and expe- 
rience the distortion of sights and sounds. In the early 
1960s, PCP gained a reputation as a drug that produced 
certain desired feelings such as detachment and dissoci- 
ation, but also caused the user to sometimes experience 
unwanted reactions (i.e., bad trips). 

At low doses, PCP may cause changes in body 
awareness and produce psychological effects of eupho- 
ria, an alteration of time and space, confusion, bizarre 
behavior, and panic. Physical effects produced by PCP 
include impaired motor skills, shallow breathing, sweat- 
ing, blank staring, speech disturbance, and an inabil- 
ity to regulate body temperature. At high doses, PCP 
may result in hallucinations, seizures, coma, and death. 
Because PCP has sedative-like effects, interactions with 
other central nervous system depressants, such as alcohol 
and benzodiazepines, may also lead to a life-threatening 
situation. In general, chronic PCP users may repeatedly 
use the drug for days at a time and during this period 
go without food or sleep. There appears to be no relation 
between plasma levels of phencyclidine and the degree 
of intoxication that a person may experience. 


Oxycodone 


Oxycodone is a Schedule II controlled semisynthetic 
narcotic analgesic derived from thebaine. It is used to 
control pain associated with such ailments as bursitis, 
injuries, simple fractures, and neuralgia, and is often 
found in combination with other drugs such as acet- 
aminophen and aspirin. The addiction liability of oxy- 
codone is about the same as for morphine. 

Oxymorphone is a pharmacologically active metab- 
olite of oxycodone that may be seen in blood in very low 
concentrations. Of interest is that oxymorphone may be 
prescribed as a parent drug and has a greater analgesic 
potency than morphine. 

In overdose, oxycodone can produce stupor, coma, 
muscle flaccidity, severe respiratory depression, hypoten- 
sion, and cardiac arrest. However, sustained-release 
preparations appear to produce adverse reactions, up 
to and including death, at lower-level concentrations, 
especially in combination with other central nervous 
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system depressants, depending on use pattern and route 
of administration. 


Poisons 





Arsenic 


Arsenic is a metalloid that is present in all parts of the 
environment and, for example, may be found in water, 
soil, and sediment. In broad terms, there are two main 
forms of arsenic —organic and inorganic. Organic arse- 
nic is present in food, with crustaceans and fish being 
some of the richest sources. These organic forms of arse- 
nic (arsenobentaine and arsenocholine) are considered 
to be relatively nontoxic and will be rapidly excreted 
unchanged in the urine. Inorganic arsenic occurs in two 
oxidation states: a trivalent form (arsenite) and a pen- 
tavalent form (arsenate), with the trivalent form being 
more toxic than the pentavalent form, which undergoes 
metabolism to monomethylarsonic acid (MMA) and 
dimethylarsenic acid (DMA). MMA and DMA are then 
excreted in the urine. 

Arsenic inactivates up to 200 enzymes, most notably 
those involved in cellular energy pathways, and DNA rep- 
lication and repair. Unbound arsenic also exerts its toxic- 
ity by generating reactive oxygen intermediates that cause 
lipid peroxidation and DNA damage. Inorganic arsenic 
binds thiol or sulfhydryl groups in tissue proteins of the 
liver, lungs, kidney, spleen, gastrointestinal mucosa, and 
keratin-rich tissues such as the skin, hair, and nails. 

The lethal dose of arsenic in acute poisoning ranges 
from 100 mg to 300 mg. Severe acute arsenic intoxica- 
tion produces several well-described symptoms. Bloody 
vomit and diarrhea may occur within 1 to 4 hours of 
ingestion. Gastrointestinal volume loss is compounded 
by profound capillary permeability produced by arsenic’s 
interruption of cellular energy metabolism. Cerebral 
edema, microhemorrhage, encephalopathy, and seizures 
may also arise from loss of capillary integrity. The rate- 
corrected QT interval (QT.) prolongation and tachyar- 
rhythmias may develop. 

Subacute arsenic toxicity involves predominately 
the neurologic and cardiovascular systems. Within 
days to weeks after ingestion, many untreated or undi- 
agnosed patients describe debilitating peripheral neu- 
ropathy characterized by excruciating pain and severe 
motor weakness. Persistent QT. prolongation and the 
accompanying risk of torsades de pointes, a specific type 
of cardiac arrhythmia, occur among patients with clini- 
cally significant body burdens of arsenic. 

Chronic arsenic toxicity presents itself following 
months or years of exposure. Some hallmark features 
of this type of toxicity not described above include 
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hyperpigmentation of the skin, hyperkeratosis of the 
hands and feet and the appearance of Mee’s lines in the 
fingernails. 

It is important to note that death may occur in all of the 
above situations (e.g., acute, subacute, and chronic) if the 
person is exposed to a sufficiently high dose of arsenic. 


Carbon Monoxide 


Carbon Monoxide (CO) is an odorless, colorless gas 
without taste that forms as the result of the incomplete 
combustion of carbon-containing material. Motor vehi- 
cles, appliances, and heaters that use carbon-based fuels 
are major sources of exposure. However, it is important 
to note that natural sources of carbon monoxide also 
exist. These sources include fire, gases emitted from 
mines, marine algae, and human metabolism. Carbon 
monoxide is endogenously produced when hemoglobin, 
the molecule responsible for oxygen transport, and other 
heme-containing substances are degraded or broken 
down. Because of this, endogenous levels of CO, analyti- 
cally measured as carboxyhemoglobin, are typically less 
than 1%. It is important to note that CO levels within 
the body may vary depending on several other factors as 
well. For example, because cigarette smoke contains CO, 
a smoker may exhibit carboxyhemoglobin levels as high 
as 8% saturation. 

A person becomes exposed to CO via inhalation 
with the ultimate biological saturation level dependent 
upon several factors including CO concentration, dura- 
tion of exposure and the activity level of the individual. 
Carbon monoxide poisoning produces hypoxia by two 
main mechanisms of action. First, CO binds to hemo- 
globin with an affinity that is greater than 200 times 
that of oxygen and therefore, by occupying the oxy- 
gen binding sites of hemoglobin, CO directly decreases 
the oxygen-carrying capacity of blood. Second, when 
CO binds to hemoglobin, the hemoglobin undergoes a 
change in its configuration so that oxygen release from 
the hemoglobin is hindered. Early signs of CO poison- 
ing include headache, nausea, and vomiting. As the 
CO poisoning progresses, the person may experience 
impaired mental function, an inability to concentrate, 
and personality changes. Finally, the individual may 
develop seizures, coma, and death. Classic pathological 
signs that are most often associated with CO poisoning, 
although rarely observed, include cherry red skin and 
retinal hemorrhages. 


Cyanide 


Cyanide is a potent, rapidly acting lethal poison, and 
death may occur within minutes following its ingestion. 
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Common sources of cyanide include industrial manu- 
facturing byproducts, plants, fruit pits, chemicals, and 
combustion products of certain plastics. Because of the 
latter, cyanide may play a role in the hypoxic events 
from fires. 

Cyanide exerts its effects by disrupting electron 
transport at the cytochrome c oxidase step and this in 
turn adversely impacts the production of adenosine 
triphosphate (ATP). This break in the oxidative phos- 
phorylation process stops the Kreb’s cycle, and ulti- 
mately causes a metabolic acidosis as both pyruvic and 
lactic acid begin to accumulate. 

The signs and symptoms of toxicity are dependent 
upon several factors. These factors include the form of 
the cyanide (e.g., gas versus solid), the route of exposure 
(e.g., inhalation versus ingestion), the duration and the 
extent of the exposure. The minimum lethal dose in an 
adult has been estimated to be 100 mg for hydrocyanic 
acid and 200 mg for potassium cyanide. 

Cyanide produces a range of symptoms including 
dizziness, weakness, motor impairment, and mental 
impairment. These symptoms may progress toward 
slowed respiration, lactic acidosis, seizures, coma, 
and death. 

It is important to recognize that blood concentra- 
tions of cyanide can increase or decrease during storage 
depending on the length of time, the temperature, and 
the presence of cyanogenic bacteria. 


Ethylene Glycol 


Ethylene Glycol is a nonvolatile liquid that is a common 
ingredient of automotive products such as antifreeze, 
de-icers, and coolants. It can also be found in some pre- 
servatives and as a glycerin substitute. 

Following ingestion, ethylene glycol is rapidly 
absorbed, and manifestations of toxicity may be noted 
within approximately 30 minutes. Ethylene glycol is 
metabolized in the liver to several toxic metabolites 
including glycoaldehyde, glycolic acid, glyoxylic acid, 
and oxalic acid, and it is these metabolites that then may 
elicit central nervous system, cardiopulmonary, and 
renal dysfunction as well as produce a severe metabolic 
acidosis. The magnitude of the toxicity is dependent 
upon dose and the onset and success of treatment. 

The effects of an ethylene glycol exposure are typi- 
cally described in three main stages. In the first stage 
(0.5 to 12 hours post ingestion), neurological symptoms 
that include signs consistent with ethanol intoxication 
are manifested. Coma, convulsions, and possibly death 
may result in this stage. The second stage (12 to 24 hours 
post-ingestion) is often characterized by cardiopulmo- 
nary disturbances including tachycardia, tachypnea, 
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and hypertension. In severe ingestions, congestive heart 
failure, pulmonary edema, and circulatory collapse may 
be seen. The end stage of ethylene glycol toxicity is renal 
failure (24 to 72 hours post-ingestion). 


Methanol 


Methanol is a type of alcohol that is extremely versa- 
tile, and so can be found as a component in industrial 
solvents, fuels, and antifreeze preparations, and as a 
denaturant for ethanol. Methanol may be introduced 
into the body through multiple routes of administration 
including inhalation and ingestion. Once in the body, 
methanol is first metabolized to formaldehyde and then 
to formic acid. Interestingly, although formaldehyde is 
considered a toxic substance, it has on average a half- 
life of only several minutes and it is the formic acid that 
ultimately produces the hallmark features of methanol 
toxicity, including metabolic acidosis and the loss of 
visual acuity. Methanol poisoning can be treated by the 
administration of ethanol, because both methanol and 
ethanol share a common metabolic pathway. In essence, 
the ethanol competes for binding to the alcohol dehy- 
drogenase enzyme and indirectly limits the formation 
of formic acid. Acute methanol exposure may produce 
severe signs and symptoms of toxicity, including nausea, 
abdominal pain, and lethargy. In some cases, the poi- 
soning will progress to where the person experiences an 
anion gap metabolic acidosis leading to coma, seizure, 
and respiratory collapse. It is important to recognize 
that methanol may be a component found in embalm- 
ing fluids and, because of this, tissues or other samples 
that have come into contact with this type of material 
may test positive for the presence of methanol. 


Poison Hemlock 


Poison hemlock (Conium Maculatum) is a biennial 
member of the carrot family that grows wild throughout 
the United States, especially along roadsides. Socrates 
is thought to have died from ingestion of poison hem- 
lock. Its toxicity is from several simple piperidine alka- 
loids including coniine, gamma-coniceine, conhydrine, 
N-methylconiine, and pseudoconhydrine. Coniine and 
gamma-coniceine are thought to have the most signifi- 
cant contribution to the toxic effects, which are similar 
to nicotine poisoning. 


Thallium 


Thallium is a metal that was once used in rodenticides, 
insecticides, and depilatories, but was banned from 
residential use in the 1970s. Today, it is used in the 
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Figure 8. Photo of the fabricated dual-band antenna: (a) Top layer; (b) Bottom layer. 
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Figure 9. Simulated and measured return loss for the dual band antenna. 


and the measured Sj, results. 

The measured S;,; shows dual band near the designed 
bands with S;, values below —10 dB for both bands. The 
simulated and measured results give fairly good agree- 
ment, and the differences are due to board loss and fab- 
rication errors. 

Figure 10 shows the comparison between the simu- 
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lated and measured radiation pattern in xy-plane at 3.45 
and 5.5 GHz which is close to omnidirectional pattern. 


4. Conclusion 


A microstrip circular antenna arrays were presented for 
single band at 2.45 GHz and dual bands at 3.3 - 3.6 and 
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semiconductor industry and may be found in switches 
and electronic devices. Thallium is readily absorbed 
from the gastrointestinal tract and may be detected in 
most of the body’s tissues and fluids, including blood, 
brain, liver, kidney, spleen, bone, hair, and urine. The 
half-life of thallium in the blood is approximately 2 to 4 
days, with one of the hallmark symptoms of this type of 
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poisoning, alopecia or loss of hair, occurring after about 
1 to 3 weeks. Symptoms of acute exposure include severe 
gastrointestinal distress, tingling of the hands and 
feet, paralysis, and respiratory failure. In people being 
chronically exposed, additional signs and symptoms 
include paralysis, hepatic and renal issues, and respira- 
tory failure. 
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Acute track marks. Multiple fresh needle mark injection sites that traverse the path of underlying veins. Incision of 


these regions will often reveal underlying hemorrhage. Toxicological testing of underlying injection site tissue may 
reveal the parent compounds, such as heroine. 
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Chronic track marks. Linear scars that 
traverse the path of underlying veins. 
Microscopic sections may demonstrate 
inorganic debris in sub-adjacent soft tissues. 
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Tattoos are sometimes used to disguise 
intravenous drug abuse. These figures show 
examples of track marks in tattoos. Note the 
fresh injection site at the tip of the bird beak 
(d) and the healing injection sites at the stars 
(e), as well as other chronic linear track marks. 
Also note the fresh needle mark to the left of 
the tattoo (b) due to documented therapeutic 
intervention. 
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Fresh “skin popping” lesions. When drug abusers exhaust peripheral vein access they may start injecting drugs 
subcutaneously. 





Recent healing infected skin popping lesion with adjacent cellulitis. It is common for these lesions to become infected 
due to the nonsterile nature of the injection equipment. 





Recent healing infected skin popping lesion. 
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Healed and almost completely healed 
skin popping lesions. Note the lower 
wound has almost complete replacement 
by scar except for the central healing 
defect. 


Remote old healed skin popping lesions. 
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Examples of jaundice following hepatic failure due to hepatic cirrhosis as the result of chronic alcoholism; and viral 
hepatitis caused by chronic intravenous drug abuse. Note the yellow discoloration in the sclera and skin (a) and (c). 
Figure (b) demonstrates a comparison to a nonjaundiced individual. Also note the patchy areas of ecchymosis due to 
coagulopathy associated with the liver disease. 
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This image demonstrates cut portions of liver. Normal liver is brown (a); the yellow section demonstrates marked 
steatosis or fatty liver (b). The green section demonstrates micronodular cirrhosis due to chronic alcoholism with 
inspisated bile (c). The bile imparts this green discoloration. 
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Micronodular hepatic cirrhosis with steatosis due to chronic alcoholism. 
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Macronodular hepatic cirrhosis due to hepatitis B infection as a result of chronic intravenous drug abuse. 


102 Color Atlas of Forensic Medicine and Pathology 





Chronic alcoholic with hepatic cirrhosis and gynecomastia. This individual also had neurofibromatosis, which is 
demonstrated by the multiple subcutaneous nodules. 





Chronic alcoholic with hepatic cirrhosis and coagulopathy. Note the multiple areas of ecchymosis and contusion 
caused by minimal blunt force trauma. 
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Figure 10. Simulated and measured radiation pattern in xy-plane (coordinate system shown in Figure 8) at (a) 3.45 GHz and 
(b) 5.5 GHz. 
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Gastrointestinal hemorrhage due to Mallory-Weiss tears in a chronic alcoholic. Note the laceration of the gastro- 
esophageal junction leading to death from gastrointestinal hemorrhage following multiple episodes of vomiting. 





Acute gastritis associated with chronic alcoholism. Note the red discoloration of the mucosa. 
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Esophageal varices due to hepatic cirrhosis and increased portal hypertension. Note the dilated red to brown 
submucosal veins that may rupture and possibly cause exsanguination. 
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Bleeding peptic ulcers in a chronic alcoholic with gastrointestinal hemorrhage and hepatic cirrhosis. 
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Hyaloserositis. Old healed peritonitis with fibrosis at the surface of the liver and spleen in a chronic alcoholic. 
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Acute pancreatitis due to chronic alcoholism. Note 
the white flecks due to fat necrosis and areas of 
hemorrhage. 


Fatty metamorphosis or atrophy of the pancreas 
s 4 with duct concretions in a chronic alcoholic. 
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Pyogenic liver abscesses. This decedent had a history of chronic alcoholism with chronic pancreatitis and recent 
abdominal pain of unknown etiology. This photo depicts multiple geographic, creamy yellow-white collections of 
purulent material within the liver parenchyma that microscopically proved to be dense collections of neutrophils, 
karyorrhectic nuclear debris, and masses of faintly basophilic, fine filamentous bacteria. Samples of the abscesses 

were submitted to the microbiology laboratory but the best that they could do was anaerobic gram negative rods. 
Candidates included bacteroides, prevotella, and fusobacterium. Actinomyces would have been a consideration but they 
are gram positive. Pyogenic liver abscesses, while relatively rare, are known complications of chronic alcoholism and 
pancreatitis. 
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Suicidal overdoses demonstrating intact and fragmented granular pieces of partially digested pills. Note the 
containers with the granular white flecks at the bottom that indicate pill fragments. 
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Note the multiple scars demonstrating destructive behavior associated with drug abuse, mental illness, and suicide. 
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Acting as a “mule,” this person ingested multiple packets of drugs to smuggle them into the country. One of the 
packets ruptured and the individual died of a drug overdose before the plane landed. Note the typical x-ray findings 
demonstrating these packets within the gastrointestinal tract. 
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Packets of drugs discovered 

at autopsy in individuals 

who died in hotels next to an 
airport. Note the broken packets 
demonstrated at the bottom of 
the last picture. 








Epicardial vessels with slight atherosclerosis Carbon monoxide poisoning with cherry red lividity. 
and occluding thrombosis associated with 
acute cocaine intoxication. 





Postmortem Change and Time of Death 
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Introduction 





In most jurisdictions the time of death is legally defined 
as the time that the person is declared or recognized 
to be dead. Thus, a decomposed body or skeletonized 
remains, clearly deceased for significant periods of time, 
may have an official time of death that is days, weeks, 
months, or even years after the actual death of the indi- 
vidual. However, being able to estimate the actual time 
of death (or the postmortem interval) can be critically 
important in criminal investigations, civil litigation, or 
settlement of the deceased’s estate. 

The concept of a “window of death” was developed 
to help answer these questions. This window can be 
initially bracketed by the time that the person was last 
known to be alive and the time he or she was declared 
dead. Forensic science can then apply a variety of obser- 
vations and tests in an attempt to narrow that window as 
muchas is scientifically and medically possible. Accurate 
interpretation of postmortem change is crucial in help- 
ing to establish the actual time of death. 

Postmortem changes can be subdivided into several 
categories. These categories include early postmortem 
changes, decomposition, and skeltonization. Each has 
characteristics that can overlap with advancing time 
and are variable depending on environmental condi- 
tions and the physiologic state of the body at the time 
of death. The activity of insects and animals will also 
create artifacts that can lead to misinterpretation of the 
postmortem interval. Interpreting postmortem changes 
is not an exact science, and without a witness, one can 
only estimate a time period in which the death was most 
likely to have occurred. 


Early Postmortem Changes 


Generally considered to occur or evolve within the ini- 
tial 24 hours after death, these consist of algor mortis, 
livor mortis, and rigor mortis. 


Algor Mortis 


The cooling of the body after death. After death the body 
will gradually cool until it equilibrates with the ambient 


temperature. Under standard climate controlled condi- 
tions, with average humidity and a room temperature of 
about 72° F, the body generally loses about 2° F per hour 
for the first 12 hours and than approximately 1° F per 
hour for the next 12 to 18 hours. If the ambient tempera- 
ture is greater than the body temperature, algor mortis 
occurs in reverse and the body temperature rises until it 
reaches the ambient temperature. 

The above calculations apply only at or near room 
temperature and will become variable as the ambi- 
ent temperature changes. As a general rule, the rate of 
temperature change in a body is proportional to the 
difference between the temperature of the body and its 
environment. In other words, if the ambient temperature 
is below 72° F, the rate of heat loss will be increased from 
the numbers above. The reverse would be true for tem- 
peratures greater than 72° F. Moving air will cool faster 
than still air, and wet bodies will cool faster than dry 
bodies. Bodies found in stagnant water, flowing water, 
or those found buried in the ground will cool at different 
rates from those in the air and from each other. When 
the body and environment are at the same temperature, 
they have reached steady state and estimates of time of 
death based on temperature are limited to a minimum 
period of time. 

Many other variables can influence algor mortis. 
In general, an elevated body temperature at the time of 
death will give the appearance of a shorter postmortem 
interval based on a measurement of the body temper- 
ature. A lower body temperature will have the reverse 
effect. Things that effect body temperature include infec- 
tion, strokes, seizures, thyroid disease, and many other 
natural diseases. Whether or not the person was involved 
in strenuous physical activity prior to death (such as a 
violent struggle) will increase body temperature. Many 
other factors, including the age of the person, his or her 
overall health, and many drugs or medications can also 
have an effect on the calculation of postmortem interval 
based on this and other observations. 

It is important to make certain there is consistency in 
how the body temperature is obtained. First, these calcula- 
tions are based ona core body temperature, meaning either 
taking a rectal temperature or, more ideally, introducing a 
thermometer into the abdominal cavity beneath the liver 
to measure core temperature. Temperature readings on 
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the surface of the body, including axillary, oral, or ear 
temperature are unacceptable for determining a postmor- 
tem interval. The thermometer must be kept in place long 
enough for the body temperature to equilibrate. 


Livor Mortis 


The settling of blood under the effects of gravity after 
death. It can first be appreciated as early as 20 minutes 
after death in very light-skinned individuals. The color 
of the livor will deepen to a purple color over the first 8 
to 12 hours after death. During this period the livor is 
typically blanching, meaning that pressure on an area of 
livor will cause the color to briefly leave the area, result- 
ing in a pale mark. After about 12 hours the livor will 
become fixed and no longer blanch under pressure. As 
with algor mortis, temperature will influence the rate 
at which livor becomes fixed, with increased tempera- 
tures shortening the time for livor to become fixed and 
decreased temperatures lengthening the fixation time. 
In some cases, livor mortis advances to cause small vis- 
ible hemorrhages in the skin known as Tardieu spots, 
which should be distinguished from petechiae. 

The medical condition of the person and the cause 
of the death can also create changes in livor mortis. 
People who are anemic (low blood count) or sustain an 
injury resulting in significant loss of blood might have 
very faint or even absent livor mortis. It can also be dif- 
ficult to appreciate livor in dark-skinned individuals. 

When evaluating livor mortis, it is important to note 
its location, intensity, whether it is blanching or fixed, 
and if it is appropriate for the position of the body. If 
livor is inappropriate for position, you can conclude that 
the person was moved at some point after the onset of 
livor. You can also evaluate livor for its color. For exam- 
ple, people who die as a result of carbon monoxide or 
cyanide poisoning will have a bright “cherry red” color 
to their livor mortis. People who die in a cold environ- 
ment might also have a similar red color to their livor. 


Rigor Mortis 


The stiffening of the body after death. It is the result ofa 
physiochemical process within the muscles of the body 
that does not cause actual contraction of the muscles. 
Under typical conditions, rigor will first be appreciated 
within 30 minutes to 2 hours after death. It will prog- 
ress to a maximum intensity over the first 12 hours and 
remain at a maximum until about 24 hours after death. It 
will then “pass” from the body between 24 and 36 hours 
after death, after which the body will remain flaccid. 
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As with algor mortis and livor mortis, many vari- 
ables will affect the rate of development and passing of 
rigor mortis. In general, increased environmental or 
body temperatures will speed the rate of development 
and passing of rigor mortis. Lower environmental or 
body temperatures will have the reverse effect. People at 
the extremes of age (children and the elderly) will have 
different rates of appreciation of rigor mortis due to the 
decreased muscle mass in these age groups. 

When evaluating rigor mortis, it is important to 
note its location and intensity and whether it is appro- 
priate for the position of the body. If rigor is inappropri- 
ate for position you can conclude that the person was 
moved at some point after the onset of rigor. 


Decomposition 





As time advances, decomposition gradually increases. 
Decomposition can be subdivided into two basic catego- 
ries, putrefaction and mummification. While they can 
be seen in isolation, careful observation will typically 
reveal features of both processes simultaneously. 


Putrefaction 


Decomposition that occurs due to the actions of bac- 
teria. The bacteria typically break down the body from 
the inside out, causing many of the changes we associate 
with a person who has been deceased for a longer period 
of time. However, when there is penetrating trauma 
that breaks the surface of the body, bacteria from the 
environment can gain access and hasten putrefaction. 
These changes include darkening and slipping of the 
skin, the production of a foul-smelling gas, with bloat- 
ing of the body and marbling of blood vessels. A dark 
colored bloody-appearing purge fluid will come from 
the nose and mouth and should not be confused with 
blood related to trauma. 

This process is extremely environmentally depen- 
dent. As with the early postmortem changes, warmer 
temperatures accelerate this process and cooler tem- 
peratures slow it down, with many of the same factors 
playing a role. A body placed in a dark dumpster in the 
hot summer sun for half a day can reach a state of putre- 
faction equivalent to a body left at room temperature for 
several days or one in the winter cold for greater than a 
week. In the case of fire fatalities, charring will preserve 
the body and decelerate this process. A frozen body that 
has thawed will putrefy at a markedly accelerated rate 
due to spaces left by frozen ice crystals. 
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Double-Sided Microstrip Circular Antenna Array for WLAN/WiMAX Applications 


5.0 - 6.0 GHz for WLAN/WiMAX applications. Both 
antennas were designed with ADS, fabricated on a FR-4 
microstrip material, and characterized. Both single band 
(single sided) and dual band (double-sided) antenna ar- 
rays provided omnidirectional pattern with desired gain. 
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Postmortem Change and Time of Death 


Mummniification 


Mummification occurs in a dry environment, typically 
such dry outside environments as a desert, or in heated 
indoor environments during the winter months when 
the relative humidity is low. Initially, there is a dark- 
ening and hardening of the skin. This will progress to 
produce flaking of the surface of the skin that can give 
extremities the appearance of a log, thus the term “tree 
barking.” As with putrefaction, the skin will begin to 
split and eventually the skin and soft tissues under the 
skin are also lost. 


Skeletonization 


Both putrefaction and mummification eventually lead 
to skeletonization of the body. The loss of soft tissue 
progresses at a variable rate, depending on the environ- 
mental conditions and access of the body to a variety of 
animals and insects. The face and ends of the extremities 
are the first areas where bone is exposed, and the pel- 
vic soft tissues are the last to be lost. While this process 
is usually measured in months, work performed at the 
Anthropologic Research Facility at the University of 
Tennessee in Knoxville has demonstrated that complete 
skeletonization of a person can occur within days under 
appropriate conditions. 


Autolysis 


Autolysis associated with decomposition occurs after 
cell death and is due to the actions of digestive and 
catalytic enzymes released from cells in the body. This 
term, “self-destruction,” is advanced in certain organs, 
especially the intestinal tract and pancreas, due to their 
rich enzyme content. This is important to note because 
autolysis can mimic certain disease processes at the time 
of gross examination. Maceration of stillborns who were 
dead inside a uterus for days is a type of autolysis associ- 
ated with moist sterile environments, appears as a red 
discoloration with skin slippage, and is not to be con- 
fused with trauma or disease. 


Adipocere 


A process that is rarely seen outside of exhumation cases. 
It is a chemical change that occurs in the fatty tissues 
of the body exposed to wet conditions. Adipocere takes 
many months to develop, and once it forms is extremely 
persistent, stopping the typical loss of soft tissue and 
skeletonization of the body. 
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Other Factors in Evaluating 
Postmortem Interval 





When a deceased body has been exposed to insect or 
animal activity, we can make observations that might 
assist in the determination of the post-mortem interval. 
Maggots (the larval stage of blowflies) can be collected 
from the body and examined by an entomologist. You 
need to collect two sets of specimens. One set should be 
kept alive while the other set is killed. The entomologist 
will determine the exact species of fly from the matured 
living specimens and the likely time of death from the 
killed specimens. In persons who have been deceased for 
a prolonged period of time (months to years), an evalu- 
ation of the type and age of plants growing up through 
the body might also provide useful information. 

Examination of the stomach andintestinal contents can 
also provide clues to help us in the determination of time 
of death. Our bodies digest food at a fairly predictable rate, 
depending on the quantity and types of foods consumed. 
Higher caloric content foods, such as fats, are digested 
slower than less complex foods. Larger meals remain in 
the stomach for a longer period of time. The rate of stom- 
ach emptying can be accelerated or slowed by natural dis- 
ease, drugs, alcohol, or emotional stress. The description 
of the quantity, type, and condition of food in the stom- 
ach is part of the routine autopsy. This can be combined 
with information about that person’s recent consumption 
of food obtained during the investigation to estimate the 
time from the eating of that meal until the time of death. 
Even without information about the last meal consumed, 
the stomach contents might provide clues as to when death 
occurred based on the types of food in the stomach. 

Finally, markers found at the scene of death might 
provide the best information regarding the date or 
time of death of the individual. Observations regarding 
uncollected mail or newspapers, information from the 
telephone company about the last time the phone was 
used, dated sales receipts, or a noted change in habit- 
ual behavior might assist with determining the date of 
death. The clothing the person is wearing or the status of 
lighting in the home might provide clues regarding the 
time of the day or night that death occurred. 

In conclusion, determining the postmortem interval 
can be difficult. Start with a broad window of death (last- 
known-alive to found-dead). Then use as many of the above 
elements as are available to attempt to narrow that win- 
dow as much as possible. It is important to remember that 
there is variability of these observations and calculations, 
so keep an open mind and be willing to reevaluate your 
opinion based on new information as it becomes available. 
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Blanching lividity. Note the finger marks caused by pressing the blood away from the skin surface at the posteromedial 
aspect of the right thigh. 





Fixed lividity at the lateral and posterior torso. Note the absence of lividity underlying the pressure region exerted by 
the arm against the weight of the chest. This child was discovered lying on his left side. This body was stored in a cold 
refrigerator for many hours prior to being autopsied. 


This individual was placed in the 
morgue on her back the day before 
this examination. Note the fixed 
anterior lividity with partial sparing 
over with pressure points caused 
by lying on a wrinkled bedspread 
in her home for many hours prior 
to being discovered. Also note the 
early putrefaction consisting of 
slight green discoloration of the 
lower right abdomen. 





Postmortem Change and Time of Death 


Marked fixed lividity with dark purple spots known as 
“tardieu spots.” Also note the vague chain pattern. It is not 
unusual for objects such as this to leave postmortem imprints. 


In carbon monoxide poisoning, the color of the livor mortis 

is more of a bright red instead of the typical red-purple color. 
This change can also be seen in cases of cyanide poisoning or 
in decedents who have died in cold environments. Note that 
the color differences are very subtle and it may not be possible 
to make a determination from visual inspection alone. 
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The decedent was found lying on his back with his head elevated on top of several pillows. He was in full rigor mortis 
at the scene and maintained this position through his arrival into the morgue. 





Full rigor mortis. Note the morgue technician pulling tightly on this decedent’s arm, which is stuck in a bent position. 
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Congealing of fat. Adipose tissue at very cold temperatures will demonstrate increased viscosity. This might be 
mistaken for poor skin elasticity due to dehydration, which may or may not be present with congealing of fat. Note 
figure (b) shows indentations that have been retained following pressure exerted by fingers. 
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These are examples of “tache noire,” which is a dark discoloration of a portion of sclera exposed to air. This is due to 
drying and is usually brown to red. This postmortem change may be misinterpreted as hemorrhage associated with 
strangulation. 


Postmortem Change and Time of Death 


This drying of the lips and tongue with 

dark discoloration is due to postmortem 
drying associated with mucosal exposure 

to air. This may be misinterpreted as an 
antemortem finding resulting from ingestion 
of caustic substances. The process of suicidal 
hanging caused the individual’s tongue to 
stick out and become dry and dark. 
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This is also postmortem drying with dark discoloration of the scrotum and shaft of the penis. This may also be 
mistaken for an antemortem injury such as an abrasion. If there is doubt, one may make an incision to document 
underlying hemorrhage. 








This is early mummification with drying of the hands and feet. Note the dark discoloration of the fingers with 
indentation from dehydration. Portions of the body with larger surface areas relative to underlying tissue mass will 


mummify more rapidly. 
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Early putrefactive change with green-brown discoloration of the lower abdomen. The first place for this to occur is 
typically the lower left abdomen above the cecal region. 





This large hernia demonstrates early decomposition with slight green discoloration of the scrotum due to a portion of 
the large intestine extending into the scrotal sac. 
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Disproportionate advancing putrefactive change of the abdomen due to acute peritonitis. Note the green discoloration 
of the abdomen and the absence of green discoloration elsewhere. The presence of infection with bacteria caused this 
regionally accelerated process. Note the parulent exudate at the surface of the intestines, indicated by the arrow. 
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This individual committed suicide by ingesting excess prescription medication and placing a loosely fixed plastic bag 
over the head. The moisture collecting at the face covered by plastic during breathing helped to create an environment 
where mold and mildew could form at the chin and face. 


Postmortem hot water burns of the face in this individual, 
who was found partially submerged in the warm water of a 
bathtub. He suffered a cardiac event while taking a shower. 

It requires less heat to cause thermal damage to a dead body 
than to a living body. Note the sharply demarcated red region 
indicating his nose and mouth were below the hot water. 
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ABSTRACT 


Use of defected ground structure (DGS) to reduce the size of patch antenna is presented in this paper. In order to get a 
dipole like radiation pattern for some specific application a dumbbell shaped DGS is used in the common ground plane 
of back to back combined single fed proximity coupled antenna. A size reduction of about 60% is achieved. Parametric 
analysis has been done to see the resonance behavior of the antenna with DGS. 


Keywords: Defected Ground structure, Microstrip Antennas, Proximity Coupling 


1. Introduction 


The continuous shrinking size of electronic equipments 
demands similar size antenna elements in order to fit 
properly in wireless devices without compromising the 
other radiation properties of the antenna. In this respect 
microstrip patch antennas are quite an obvious choice 
because of its other benefits like low profile, light weight, 
low cost and easy fabrication. 

But as far as size of these patches concemed, the patch 
length should be around half-a-wavelength for the struc- 
ture to act as a good radiator. Different techniques have 
already been used for the antenna size reduction such as 
using the substrate with high dielectric constant [1] , edge 
shorted patches with shorting plates or shorting walls, use 
of the shorting pin at the suitable position etc [2,3]. 

As far as our understanding goes much has not been 
reported regarding the use of DGS for size reduction of 
microstrip antennas, although its application have been 
reported for harmonic reduction [4], cross-polarization 
suppression [5] and mutual coupling reduction [6] in an- 
tenna arrays etc. Although the back to back geometries 
have been reported by the various researchers [7,8] but 
here a new coupling method i.e. proximity coupling with 
the defected ground structure is used for the considera- 
tion of the increased bandwidth. 

This paper presents the application of DGS for size 
reduction of microstrip antennas. A dumbbell shaped 
DGS is used in the common ground plane of a back to 
back combined single feed proximity coupled microstrip 
antenna. 
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2. Defected Ground Structure 


Recently there has been an increasing interest in the use 
of DGSs for performance enhancement of microstrip an- 
tennas and arrays. These are realized by etching off a 
simple shape defect from the ground plane of the planer 
circuits. 

Although various complicated DGSs were reported in 
the literature, but the simplest one is the dumbbell shaped 
DGS. Figure 1(a) shows the simple and mostly used 
dumbbell shaped DGS that is etched in the ground plane 
below the microstrip line, in which both the areas (L,*W,) 
and the slot gap (g) play a very important role to find the 
resonance behavior of the DGS. 

The head areas (L,*W,) is very useful for the variation 
in the inductance (L) and the slot (g) produces the ca- 
pacitance (C). The L and C may be calculated from the 
formulae given below [9]. 





(b) 


Figure 1. (a) Dumbbell shaped DGS, and (b) DGS Equiva- 
lent Circuit. 
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Marbling. This early presentation of 
putrefaction is predominantly caused by 
bacteria tracking through the superficial 
blood vessels causing pigment 

changes in blood and vessel walls as 
microorganisms digest the body. 
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Early to moderate putrefactive change with green-brown fluid-filled blisters. Such blisters may be mistaken for second 
degree thermal burns or aggressive antemortem bacterial skin infections. 
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Early putrefactive change with clear yellow fluid-filled blister formation. The rupture of these blisters would appear as 
skin slippage. 
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Putrefactive change with bloating and expansion of the scrotum due 
to gas accumulation. 





Putrefaction with “purging.” Note the red to 
brown fluid gurgling from the mouth and nose. 
This can sometimes be mistaken for an upper 
gastrointestinal hemorrhage. 





Green-brown-red discoloration with fluid-filled blister There is mummification of the fingertips with 
formation and skin slippage, scrotal enlargement an expanded gas-filled blister and green to brown 
from gas formation due to metabolism of proliferating putrefied fluid in its inferior aspect. 


microorganisms. 


126 


Color Atlas of Forensic Medicine and Pathology 





Marbling and skin slippage; early to moderate putrefaction. 





These images, (a) and (b), demonstrate skin slippage 

that occurred at different times. Note the regions of 
underlying dermis that are dry and dark, indicating 
older regions of skin slippage. Also note the other 
adjacent regions, which are moist, pale, and less dark, 
indicating shorter duration of underlying dermis 
exposure to air. This darker discoloration is due to more 
drying and longer exposure to the air. 
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Decomposing homicide victim with multiple 
decomposing blunt impact injuries. The combination 

of postmortem change with injuries may make 
interpretation challenging. Note the red to brown abraded 
contusions at the individual’s face and head, with skin 
slippage and darker discoloration. 
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This individual was found lying on his left side with a mild to moderate degree of putrefaction. Note the puddle of 
purged fluid underneath his upper trunk and head (a). Also note the greater decomposition with green discoloration 
in the regions of dependent lividity where the body contacted the warm floor. Purged fluid such as this is often 
misinterpreted as the result of traumatic injury. 
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Accelerated putrefaction due to bacterial sepsis at the 
time of death. This picture depicts the left side of the 
patient’s body with extensive skin slippage as well 

as green discoloration within the left infraclavicular 
area. Additionally, an endotracheal tube can be 

seen protruding from the mouth and taped to the 
side of her face. Such a depiction might lead one to 
conclude that overzealous paramedics had worked on 
a decedent who was decomposing. Marbling is also 
visible on the lateral and anterior aspects of the left 
arm. What this case really illustrates is the rapidity 
with which bacteria, already present within the blood 
stream at the time of death, can disseminate and 
propagate throughout the blood system, leading to 
accelerated postmortem putrefactive change. 





This is the same case, demonstrating skin sloughage and 
exudation of hemolytic fluid from the external genital region. 
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Same case with front view of patient’s face, also 
illustrating green discoloration around right 
infraclavicular puncture site and defibrillator marks. 





Another case depicting a decedent with dark red-brown 
discoloration due to postmortem putrefactive change 
that was accelerated by the probable bacteremic state at 
the time of death. 
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Skin slippage with confluent red to brown discoloration, moderate putrefaction. Note figure (b) shows multiple 
nitroglycerin patches in an individual with known significant heart disease. 





Moderate to marked putrefaction with dark brown discoloration and early mummification. 
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Moderate to marked putrefaction. 
Identification may sometimes 

be challenging with advancing 
decomposition. This individual had 
a tattoo on his left arm that was 
initially difficult to view due to 
putrefactive change. Cleaning of this 
area with removal of the superficial 
layers of skin made visualization and 
thus identification much easier. 
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Marked putrefactive change with dark brown discoloration and maggot feeding. Note the small circular perforations 
caused by maggots tunneling through skin and soft tissue. 
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Mummified fetuses retrieved from dried-out formaldehyde 
containers found within an abandoned building that once housed 
a doctor’s office that closed more than 30 years earlier. 





Advanced decomposition with mummification of the entire body. Note the dry dark leathery appearance of the skin. 
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When this DGS is applied to the antenna, the equiva- 
lent inductive part due to the DGS increases and produces 
equivalently the high effective dielectric constant, thereby 


decreasing the resonant frequency when the DGS is in- 
corporated in the ground plane of a micro strip antenna. 


3. Antenna Design with DGS 


(1) 





(2) 


In this section, the design approach and the performance 
of the basic antenna and the antenna with DGS is de- 
scribed. At the outset, the single patch antenna was de- 
signed and simulated using the CST Microwave studio 
[10], for the operating frequency at 5.0 GHz. Then an- 
other patch of the same size was added in the opposite 
side of the ground plane and fed in the same way as the 
first one. The configuration seems as two patch antennas 
having a common ground plane working at the same fre- 
quency. Next the feed lines were combined for the an- 
tenna for single feed design. For this purpose the antenna 
feed lines W; = 0.934 mm with d; = 1.5 mm were de- 
signed of 100 ohm and for matching to the 50 ohm 
transmission line (W, = 3.86 mm) a quarter wave length 
transformer (W, = 2 mm) was used to give proper match- 
ing (Figure 2). 

The cross-sectional view of the single fed back to back 
combined proximity coupled antenna is shown in the 
Figure 2(a). The layouts of matching networks only are 
emphasized in this Figure 2(b) for convenience. It is 
observed that the antenna designed in this configuration 
gives the bandwidth of 137 MHz whereas single antenna 
gives a bandwidth of 67 MHz. This is due to the fact that 
as the antenna height increases the quality factor decreases 
and the bandwidth increases. This becomes a multilayer 
antenna with more height and higher bandwidth as com- 
pared to the single patch antenna. 

The simple transmission line model was used for the 
antenna size calculation. The dielectric constant was 
taken as 3.38 with the loss tangent 0.0025 and of 1.524 
mm thickness. The patch lengths Z, and widths W, are 15 
mm and 19 mm respectively. The feed line has been in- 
serted inside the dielectric at a height equal to the half of 
the height (A = 3.048 mm) of the antenna on either side. 
The dumbbell shaped DGS with dimensions L, = W, = 
8.6 mm and g = 0.76 mm was created in the ground plane 
of the antenna as shown in the Figure 2(c). A small slot 
was also created for making the antenna with single feed. 
The two feed lines were connected with a metal strip 
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which goes through the small slot in the ground plane. 
The fabricated antenna is shown in Figure 2(d). 


Port 


— Upper Patch a 


Ey ——— Upper Feed Line 
( 1 a ———-Ground Plane 
t h &} —-> Lower Feed Line . ™ 


——-» Lower Patch 


(a) 


70.7 ohm 


Quarter wave transformer 


50 ohm 100 ohm 


(v) 











Radiating Patches —> 


feed combining slot 


4 
js —quarter wave transformer-» 


Dumbbell Shaped DGS 








GROUND PLANE 





() 








@) 


Figure 2. (a) Cross-sectional view of antenna configuration, 
(b) Feeding Network, (c) Top-View of the antenna, (d) Fab- 
ricated Antenna. 


4. Results and Discussion 


At first the antenna without the DGS in the common 
ground was simulated and was found to resonate at 5 
GHz with 137 MHz Bandwidth. 

Then the structure was simulated with the dumbbell 
shaped DGS. Before reaching to the final size of the DGS, 
a parametric study was done by varying L,, W,and g of 
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Adipocere is a decomposition process seen with immersions or damp, warm environments. The neutral fats are 
converted to oleic, palmitic, and stearic acids. Note the white/tan-colored adipocere, which has a waxy feel. In some 
areas you can see a light sheen of oil on the surface. Once formed, adipocere is resistant to further decomposition. 
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Skull found tucked under the bottom of a stairwell in the 
basement of a brownstone in Brooklyn, New York. Note - 
the dried skin at the nose. There was resin and perforation 
of the cribiform plate. This was the historical remains of an 
Egyptian mummy skull that was most likely used in religious 
ceremonies. There were also commingled chicken bones, 
feathers, and wax. 







Advanced decomposition with skeletonization from a body dumped in a wooded area approximately 1 year earlier. The 
last image demonstrates five toenails from inside a shoe. 
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This frozen individual was murdered approximately 1 month prior to being found. His body was in a slight state 
of putrefaction due to preservation by the freezing winter temperature. Once the body thawed out for autopsy, 
putrefaction advanced at a markedly accelerated rate. 


Photograph taken at time of autopsy. Note 
the advancing putrefaction with skin 
slippage. Also note the scalp laceration. 
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Macerated stillborns with red to brown discoloration. This type of decomposition is autolysis. The womb is normally a 
sterile environment and there should not be putrefaction unless there is an infection such as chorioamnionitis. 





_ 


This child was discovered in the back of a garbage truck after being crushed by the trash compactor. The child was 
commingled with rotting food. Note the green discoloration of the skin due to putrefaction. Note the skull fracture 
with hemorrhage and dark discoloration due to putrefaction. 
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These slides show antemortem injuries that have been obscured by postmortem change. These individuals had multiple stab 
wounds and lacerations. Note the wound margins are dark and irregular due to drying. This may make wound interpretation 
challenging and at some point impossible. Also, animals and insects will often more readily feed from injured areas with 
exposed soft tissue and blood, further obscuring these findings. 
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(d) 





These are examples of moderate putrefactive changes of internal 
organs with softening, dehydration, shrinkage, and partial loss of 
architecture. In (a) note the crepitant adipose tissue due to expanding 
cavities of gas from proliferating microorganism metabolism. Also 
note in (c) the gray discoloration of the brain with partial loss of 
architecture. As central nervous system putrefaction advances, the 
brain will develop into a liquid, oatmeal-like consistency with few 
or more recognizable structures. Figure (d) is of a putrefying liver 
and (e) is of a putrefying heart. 





Comptes 


(e) 


Postmortem Change and Time of Death 139 








Note the fixed anterior lividity. The decedent was lying 
prone on a bed with a wrinkled comforter. Postmortem 
dog feeding occurred around the anus. Autopsy revealed 
the absence of large portions of intestines. Note that the 
torn clothing has dog hairs and blood staining. This case 
was first suspicious for homicidal violence. Large amounts 
of blood had drained from the body to the bedding, which 
was further spread about by the dog. 


This is another example of postmortem dog feeding, which 
often initially involves the face, genitals, anus, and areas of 
wounds. 
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Postmortem animal feeding with dog claw abrasions. 





Postmortem feeding by the decedent’s dog. Postmortem anemic superficial linear abrasions from a body retrieved 
from the Hudson River. This region of the body was noted to be 
scraping against a rocky surface just prior to retrieval from the water. 
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Larger carnivore activity is common in rural 
and suburban areas. In many cases, there may 
be activity from several different animals in 
the same environment. In this case, the damage 
appears to mostly be from the canine family 
(likely wild) with evidence of tearing of the skin 
and ribs. There is no obvious vital reaction, 
indicating the damage occurred postmortem. 
In these cases, one must consider whether the 
postmortem activity has obscured injuries 
sustained during life. 
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Advanced decomposition with mummification and 
animal feeding by the decedent’s cats. Note the 
margin with claw marks and a scalloped border from 
feeding. One arm, a larger portion of the chest and 
most of the internal organs were absent. 
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the DGS. As shown in Figure 3, with the increase in the 
value of L,, the resonant frequency of the antenna is de- 
creasing. Infect, increase in the length of the DGS head 
gives increasing inductance which in tum decreases the 
resonant frequency of the antenna. 

At this point the increment in the (g) was not possible 
due to the accuracy in fabrication, so for this reason the 
other dimension (g) was kept constant for the require- 
ment of the desired frequency (2 GHz). The size of the 
DGS single square head for the antenna to resonate at 2 
GHz (UHF Band) was found to be 8.6 mm x 8.6 mm. 
The return loss (S11 [dB]) plot of the structure with and 
without DGS is shown in Figure 4(a). Figure 4(b) 
shows the measured S11 parameter using the HP 8720 B 
network analyzer. The marker’s position near to peak 
shows the resonance frequency 2.08 GHz with return 
loss of -13 dB. The result shows good agreement with 
the simulation results. The measured -10 dB bandwidth 
is about 60 MHz. The maximum size reduction achieved 
is about 60%. 
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Figure 3. S11 Vs. Frequency response by varying DGS 
length (Lg). 
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Figure 4. Antenna Return Loss (a) simulated (b) measured. 
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Figure 5. Antenna radiation pattern (measured and simu- 
lated) at 2 GHz Frequency. 


The measured and simulated power patterns of the an- 
tenna are shown in Figure 5. It can be observed that the 
E-plane radiation pattern is similar to the pattern for a 
dipole antenna. Measurement errors are mainly due to the 
spurious radiation created by the feeding end and the im- 
proper coupling of the elements. However the gain 
measured experimentally for the proposed antennas with 
DGS is about -6.9 dB and -7.8 dB (where simulated gain 
with DGS is 3.8 dB and 5.7 dB is for the antenna without 
DGS, for both the planes) in both the E and H plane re- 
spectively, which is consistent with the size reduction of 
the antenna. 


5. Conclusion 


Microstrip patch antenna size reduction with DGS is car- 


JEMAA 


Postmortem Change and Time of Death 143 





In this case the carnivore activity was caused by domestic pigs. 
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Postmortem feeding from fish 
and crustaceans found on these 
bodies retrieved from the ocean. 
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Postmortem feeding of the ear due to mice 
and rats. 
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Note the varying stages of blowfly development. Eggs have an appearance similar to grated cheese or sawdust. When 
the eggs hatch, maggots develop and are shown in this picture in varying sizes as small, white, and wormlike. The dark 
brown pupa cases from hatching flies are also apparent. This entire cycle is accelerated in hotter temperatures. 
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Embalmed body. Figures (a) and (b) demonstrate sutured incisions made by funeral directors to gain access for blood 
removal with addition of embalming fluid. Figures (c]-(f) demonstrate multiple “trocar” (a metal rod used to infuse 
embalming fluid) puncture marks through the body’s surface and organs. These may be misinterpreted as injuries. 


Pediatric Forensic Pathology 


MICHAEL J. CAPLAN AND CHARLES A. CATANESE 


Introduction 





Pediatric forensic pathology is the name for the unofficial 
and poorly defined subspecialty of forensic pathology 
that focuses on the evaluation of sudden, unexpected, 
unexplained or traumatic deaths in children, infants, 
neonates, and even fetuses. By definition, therefore, this 
discipline requires specialized knowledge of and famil- 
iarity with the various stages in growth and development 
that occur during childhood, infancy, and intrauterine 
life, along with the differential vulnerabilities of these 
periods to various insults, and finally, the unique pat- 
terns of injury that characterize these different periods. 

Perhaps one of the most illustrative examples of this 
concept is the assessment of nonaccidental or inflicted 
head trauma in infants and very young children. An 
understanding of this type of injury would not be pos- 
sible without being thoroughly acquainted with the fol- 
lowing concepts: (1) the elasticity of the infant’s scalp, 
such that it could potentially sustain a serious blunt 
impact without necessarily manifesting the impact in 
the form of a subgaleal contusion; (2) the thin, pliable, 
unilaminar quality that renders the skull less suscepti- 
ble to fracture but also allows it to transmit forces to the 
underlying brain more readily; (3) the broad, shallow 
skull base in infants, which facilitates rotational move- 
ment of the brain and lowers the threshold for diffuse 
axonal injury; (4) the incompletely myelinated infant 
brain, with a gray- and white-matter water content 
substantially higher than that of an adult, imparting a 
consistency of unset gelatin and making the brain more 
vulnerable to shearing forces; and (5) the top-heavy cal- 
varium and the weak, underdeveloped neck muscles that 
fail to effectively dampen the oscillations that are initi- 
ated when rotational movement of the brain begins. It 
is the interface of pediatric and forensic pathology that 
allows the most complete and comprehensive under- 
standing of these concepts to occur; however, very few 
individuals actually have such expertise in both fields. 
As a result, forensic pathologists may have to rely on 
pediatric pathologists and neuropathologists when they 
are evaluating difficult, complex, or problematic cases 
involving deaths in the pediatric population. 

Of the many scenarios encountered by the pediatric 
forensic pathologist, none is as enigmatic as the seemingly 


healthy infant who is found unresponsive after being put 
to sleep sometime earlier by a parent, sibling, or other 
caretaker, either in a crib, a child or adult bed, a couch, or 
some other location, often in a prone (face-down) posi- 
tion, and with soft bedding, pillows, and clothing. Sudden 
infant death syndrome (SIDS), a term that was coined in 
the early 1960s to remove the stigma of an unforeseeable 
and unpreventable death of an infant from that baby’s 
parents, has now come full circle and runs the risk of 
being used as a “wastebasket” term for any infant death 
that is not obviously explainable by a disease or injury. 
The time-honored external and internal autopsy findings 
of froth (pulmonary edema) at the nares, intrathoracic 
(thymic, epicardial, or visceral pleural) petechiae, mod- 
erately congested organs, and an empty urinary bladder, 
while characteristic, are in no way specific for or pathog- 
nomonic of SIDS, and have been observed in a wide vari- 
ety of other types of deaths. Forensic pathologists and 
pediatricians are just beginning to gain some apprecia- 
tion of the myriad of factors involved in achieving respi- 
ratory control, arousal, and autoresuscitation. 

Even in this modern age of molecular medicine, SIDS 
remains largely an unexplored entity. Thus, the forensic 
pathologist probably makes the greatest contribution in 
this area by identifying which deaths do not lie within 
the spectrum of SIDS. To do this effectively demands a 
carefully conducted medicolegal death investigation, a 
meticulously performed autopsy, and the use of ancil- 
lary studies, including postmortem toxicology, microbi- 
ology, chemistry, radiography, and metabolic screening. 
Only after all of these studies have been completed and 
integrated with the autopsy, scene, and anamnestic 
findings can the pathologist make an opinion about the 
cause and manner of death. 

Other situations necessitating specific pediat- 
ric forensic expertise include the assessment of sud- 
den unexplained deaths in otherwise healthy children, 
either during sleep or while awake, at rest or following 
exertion; sudden deaths in infants or children who have 
undergone operations for congenital heart disease; unex- 
pected or unexplained deaths during or following diag- 
nostic or therapeutic procedures; complex child abuse 
cases involving a multiplicity of injuries separated over 
space and time; deaths from genetic diseases that might 
mimic child abuse, such as osteogenesis imperfecta; and 
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unexplained deaths following apparent minor trauma. 
In all of these scenarios, knowledge of the specific dis- 
ease processes or related therapies is required in order to 
achieve the most complete understanding of the circum- 
stances that culminated in the infant’s or child’s death. 
Other types of deaths affecting infants and children 
that are similar to those involving adults are typically 
fatal injuries sustained in motor vehicle crashes, either 
as occupants or pedestrians, although the considerable 
disparity in height, weight, and center of gravity often 
produces patterns of injury in infants and children that 
are distinctly different from those in adults. 

Fatal child abuse presents primarily in two forms: 
(1) as the culmination of a repetitive pattern of inflicted 
injury, creating wounds of varying ages, in different parts 
of the body (what has been coined “the battered child 
syndrome”); and (2) as an impulse act by a caretaker who, 
following an act of urinating, defecating, or vomiting by 
the infant or child, lacks the self-control to prevent anger 
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and frustration from translating into physical violence. 
The pediatric forensic pathologist must know what stud- 
ies are necessary to perform in order to document not 
only what did happen, but to exclude all of the other rea- 
sonable possibilities that undoubtedly will be introduced 
by the defense in the adjudication of the case. 

In some ways, the pediatric forensic pathologist 
often walks a diagnostic tightrope—deciding between 
SIDS and smothering, between inflicted closed-head 
injury and spontaneous intracranial hemorrhage, or 
between preeclampsia and maternal blunt trauma pre- 
cipitating placental abruption. Toward that end, it is 
equally important to be aware of the limitations of a 
particular case and not offer opinions beyond what the 
circumstances and pathologic evidence allow. In some 
situations, “undetermined,” while unsatisfying, is at the 
same time the fairest and most reasonable ruling until 
additional information is obtained that allows a more 
definitive ruling. 
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This child was brought to the emergency room and vigorously resuscitated. Note the marks left on the face as a result 
of endotracheal intubation and application of tape. It is important to document such findings and not confuse them 
with possible signs of child abuse, such as faint abrasions or contusions due to smothering. It is very important for 
clinicians to leave all tubes in place for postmortem (autopsy) confirmation of their placement. 
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Posterior lividity, which may be mistaken for injuries Diaper rash. Note the red cutaneous eruptions. These 
such as contusions related to child abuse. indicate some degree of neglect. 





Child abuse case with resuscitative efforts and The same case showing perimortem contusions to the 
perimortem sternal contusions due to chest middle aspect of the chest due to resuscitation. Note the 
compressions. Note other small contusions at the small amounts of subcutaneous hemorrhage overlying 
lateral aspect of the upper abdomen and lower chest. the sternum. Note the other segment of the “Y”-shaped 
These were inflicted while the child was grabbed and incision is devoid of hemorrhage. 


flung about violently during the assault. 
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This case involved an infant who was found unresponsive 
in her crib. The case was referred to the medical 
examinet’s office for autopsy. However, as the external 
examination was about to begin, this sutured midline 
incision was encountered. Further inquires revealed that 
the emergency department physician had authorized 
postmortem procurement of the infant’s heart for heart 
valves. When this was discovered, the organ procurement 
agency was contacted, and released the heart to the 
medical examiner’s office. The heart was found to have 
an anomalous origin of the left coronary artery from 

the right sinus of Valsalva, a rare yet documented cause 
of sudden death in both adults and infants. The issue of 
organ procurement remains a controversial and at times 
problematic one for the forensic pathologist. Consistently 
reliable methods for evaluating the coronary ostia 

have not been established in many tissue procurement 
agencies for the retrieval of hearts. 





View of lower trunk, external genitalia, and lower Hemorrhage with swelling of the thigh due toa 
extremities depicting a right-sided intraosseous catheter. misplaced femoral line. 

This is a common mode of resuscitation in infants with 

extremely small, often collapsed blood vessels. 
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Healing infected tracheotomy incision. 





Scars to each wrist due to past therapy. Note image (b) has fresh needle marks as well. Therapeutic procedures should 
not be mistaken for injuries. 





Small tear of the upper frenulum due to vigorous resuscitative efforts by an untrained person. Note the small bruise 
to the left side of the face, which had been caused by a fall several days earlier. The first phase of resuscitation was 
captured on a department store video camera when this child became lifeless following a seizure. 
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ried out in this work. A dumbbell shaped DGS in the 
common ground plane of a back to back microstrip 
structure was found to give a size reduction of about 60% 
and shifts the resonance frequency from 5 GHz to 2 GHz, 
with 60 MHz bandwidth facilitating the antenna, to be 
used for UHF band applications. 
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This case involved an infant who suffered an asphyxial death. He was found with his head compressed (wedged) 
between an adult bed and a wall. He was pulseless, apneic, and asystolic, and despite resuscitative efforts could not 

be revived; (b) depicts the frontal and temporal regions of the scalp with two ill-defined contusions within the frontal 
subgaleal region; (c) shows the relationship between the mattress and the wall. The mattress was separated from the 
wall by at least several inches, allowing the infant to fall into this space and become compressed; (d) is a view looking 
toward the floor, where the infant was found lying wedged between the wall and the mattress. 
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This child was brought to the Emergency Department (ED) by parents who spoke a foreign language. The child 

was reported to be found dead in a crib. The ED physicians believed that this death could be a result of SIDS but 
there was no initial scene investigation. Note the posterior patchy red lividity. There is also a faint Mongolian-type 
birthmark within the left gluteal region. Further scene investigation by the Medical Examiner’s office and police 
department revealed that the child had actually slid between the crib railing and mattress, suffering an asphyxial 
death. There were no marks on the child’s body at autopsy. The mattress was from another crib and was slightly 
smaller, allowing the child to slide between the railing and mattress. Note the doll demonstrating how the child was 
found at the scene. 
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This image demonstrates brain swelling with This 9-month-old child with a history of asthma was found 
flattening of gyri and obliteration of sulci due to unresponsive in her crib. Autopsy demonstrated multiple 
hypoxic-ischemic brain injury. This 7-month-old mucous plugs within the medium-sized airways, along with 
female infant was found unresponsive in a car seat well-defined pathologic features of chronic asthma. No 

that fell off of an adult bed, with her chin tightly injuries were found. Death was certified as complications 
opposed to her chest, satisfying the criteria for of bronchial asthma. Although unusual in a child this 
positional asphyxia. She survived for several days young, asthma can indeed be fatal. These bilateral vertical 
and was ultimately declared brain dead. No other incisions made at the time of autopsy failed to demonstrate 
injuries were identified upon autopsy examination. contusions. 


This was the body of a completely healthy female 
infant. Her mother, who had left her unattended 

for an unknown period of time with her 18-month- 
old brother, found her submerged in a bathtub. The 
mother reportedly left them both in the tub without 
water and claimed the brother had to have turned on 
the faucets. When police attempted to reconstruct 
the scene, the older brother was unable to turn the 
faucets. Although the cause of death in this case was 
certified as drowning and the manner homicide, the 
mother was released on probation. 
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This normally developed neonate was delivered with the placenta enclosed in an intact amniotic sac. The baby died of 
asphyxia and the manner of death was certified as natural. The child was delivered at home and the young mother did 
not have medical knowledge to know that the membranes had to be immediately opened following delivery. She noted 
the child to be moving within this placental unit. 
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It is important to examine the frenulum and mouth region internally and externally in infants to rule out possible 
findings associated with smothering. Both of these cases show no injuries. 





Healed frenulum laceration. This individual fell as a small child and accidentally struck her face on a kitchen cabinet. 





Intact frenulum with postmortem drying of the lips. This does not indicate child abuse. 
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These children have varying degrees of abrasions to 
their face with trauma to the lips and torn frenula. All 
are cases of homicidal smothering. It is important to 
also realize that a homicidal smothering may occur 
without leaving marks of any kind. 
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These images demonstrate a case involving a several-month-old infant who was found unresponsive in her crib. She 
had no known previous illnesses. If possible, it is always important to photograph infants in their original clothing, 
which allows for more accurate reconstruction of the terminal events (i.e., stains of blood-tinged fluid.) View (a) 
demonstrates clear fluid emanating from the left nostril with a faintly frothy quality, probably indicative of pulmonary 
edema, which is a common finding in victims of SIDS, particularly when attempts are made to resuscitate. The 

elastic nature of infants’ lungs and the vigorous resuscitation efforts collectively contribute to the formation of this 
edema fluid, which is often blood-tinged due to rupture of small capillaries. Oftentimes, the blood-tinged fluid is 
misinterpreted by police personnel as being suspicious of foul play. It is important for pathologists and emergency 
medical services (EMS) personnel to educate people with nonmedical backgrounds regarding the distinction between 
blood-tinged edema fluid and actual clotted blood. 





This case involved sudden death in an otherwise healthy infant. Notice 
the confluent burns and abrasions on his left anterior chest wall, 
extending to the midline (a). These marks are indicative of defibrillation 
attempts from resuscitation. Additional therapeutic interventions can be 
seen, including an endotracheal tube, along with electrocardiogram (ECG) 
electro pads. Notice also the blotchy red discoloration of the forehead and 
face (left side slightly greater than right). While one might be tempted to 
conclude that this is livor mortis, it is important to realize that vigorous 
resuscitative efforts may also alter the patterns of vascular congestion; 

in the same case, (b) demonstrates an intact upper frenulum with dried 
blood-tinged secretion around the left side of the mouth and no trauma. 
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This infant was found unresponsive in his crib and could 
not be resuscitated. Maternal history was significant only 
for group B streptococcal infection. This picture depicts 


prominent petechiae on the anterior capsular surface of the 


thymus. Petechiae involving the thymic, visceral pleural, 
and epicardial surfaces are extremely common findings 
in sudden infant deaths, including deaths that have been 
ascribed to SIDS (up to ~85 % of SIDS fatalities). The 
precise mechanism underlying the formation of petechiae 


remains elusive, but is believed to be related to the negative 


pressure created by terminal gasping in infants. However, 
it is well known that these petechiae are not in any way 
specific or pathognomonic for SIDS and may be found 

in deaths due to many other causes, including definable 


natural disease conditions, accidental injuries, and inflicted 


injuries (homicides]. In this case, the petechiae, which 
appear as pinpoint hemorrhages, are particularly striking. 
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This is a view of the thoracic contents of an infant 

who was found unresponsive while sharing a bed 

with his mother while in a supine position. She called 
911 and paramedics arrived to find him apneic and 
pulseless. He could not be resuscitated. Pertinent 
history included prematurity, maternal group B 
streptococcal infection, and a recent upper respiratory 
infection. The only significant findings at autopsy were 
a moderately cellular mononuclear leptomeningeal 
exudate consistent with a viral meningoencephalitis. 
However, there was no significant brain swelling. 

This fatality occurred in the early to mid-1990s, and 
the death was ascribed to SIDS. If a similar case were 
encountered today, bedsharing in an adult bed would 
probably be listed as a risk factor in part two of the 
cause of death statement and the manner of death 
would be undetermined. This picture depicts prominent 
petechiae on the anterior epicardial surface of the heart. 
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This case involved an infant who was born prematurely at 35 weeks gestation and was found prone in a bassinet with his 
face between a “covered” adult-sized pillow and the corner of the bassinet. The findings of this case were not sufficient 
to render a diagnosis of mechanical asphyxia, but asphyxia was of sufficient concern to denote the cause of death as 
sudden unexplained death in infancy and the manner undetermined. This picture shows sparse, inconspicuous visceral 
pleural and thymic petechiae, which were the only gross findings at autopsy. 
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View of the mediastinal surface of the left lung (a) demonstrates confluent subpleural hemorrhages within the lower 
lobe, likely an artifact of vigorous cardiopulmonary resuscitation (CPR). Note the way the hemorrhages conform to 
anatomic boundaries, similar to what is observed in aspiration of blood; (b) demonstrates the costal surface of the lung, 
with blotchy subpleural hemorrhages, some slightly larger than petechiae. Note also the confluent congestion within 
the posterior aspects of the lung, most likely a result of postmortem hypostasis, or settling of blood due to gravity. 
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This was a case involving the enigmatic death of a 2-year-old child who was previously completely healthy. She had 
finished a course of amoxicillin for otitis media 3 days prior to her death. On the day before her death, she apparently 
fell off a “teeter-totter” and struck her head on the ground, which was a muddy, grassy surface, but she never lost 
consciousness and experienced no mental status changes. She could not be aroused from an afternoon nap and could 
not be resuscitated by pediatric life support protocol. The gross autopsy findings were unrevealing, including absence 
of injuries of scalp, skull, and brain. The only finding in addition to thymic, epicardial, and visceral pleural petechiae 
(b) was fibromuscular hyperplasia of the atrioventricular (AV) nodal artery, which was discovered by an expert cardiac 
pathologist who consulted on the case. This picture depicts a posterior neck dissection (a), demonstrating soft tissues 
and skeletal muscles that are entirely free of injury. In this case, anterior neck dissection was negative for injuries 

as well; (b) depicts prominent epicardial petechiae on the anterior surface of the heart. This case illustrates that the 
findings of intrathoracic petechiae are not confined to infants but can also be seen in young children. 
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This child died of complications of dehydration following a prolonged viral gastroenteritis. Note the sunken eyes. 





Poor skin elasticity (turgor) is demonstrated in these infants who were refrigerated in the morgue overnight. These 
infants were shown not to be dehydrated by vitreous analyte determination and antemortem hospital chemistry 
testing. The poor skin elasticity in these cases is due to the congealing of fat as a result of postmortem refrigeration. 
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ABSTRACT 


Now a day’s accidents are very common due to increased population of vehicle. In order to ensure safety measures in 
the vehicle this paper has proposed some methodologies regarding careful driving by automatically scanning and ana- 
lyzing the blind spot area of an intelligent mobile vehicle. A vehicular antenna with minimum perturbation is proposed 
to be fitted on the vehicle and collect information of the concern area which would ensure visibility of the operator i.e. 
masked or integrated within the car body. This paper has dealt with the design of Tchebyscheff polynomial based pro- 
totype planar microstrip phased array antenna and also redesigned the same when implemented in the body of the car 
being considered as an electromagnetically large element. Both the design has been experimentally verified with the 
measurement. The simulated and the measured results in both the cases are found to be in good agreement. More than 
11 dB gain was observed at perfectly 30° angles from its broad side direction as desired for blind spot detection with 


minimum amount of electromagnetic interference inside the car. 


Keywords: Intelligent Transportation System; Microstrip Phased Array Antenna; Tchebyscheff Polynomial; 


Electromagnetic Interference 


1. Introduction 


Intelligent Transport System (ITS) ensures mobility com- 
fort and safety in transportation system. It also absorbs 
the hazards due to environmental impact. With the pro- 
gress of the information processing technology, control 
systems to minimize accidents for the roadways have 
also been advanced hence one approach to improve the 
traffic safety is found and that is automatic collection of 
data by scanning the blind spot area of the vehicle [1] as 
shown in Figure 1. Many methods were proposed to 
detect the blind spot area but all of them had certain 
limitations. Devices like dynamic angling side view mir- 
ror [2], side view camera model [3], and shadow or edge 
features detector [4] were used for detecting blind spot 
area but their performance was affected during bad 
weather, fog or mist. Also we know that the mechanical 
systems, response time is more and the system is prone to 
wear and tear. 

A radio frequency method has been proposed in this 
paper to scan the blind spot zone efficiently. Four rec- 
tangular microstrip antennas (RMSA) are arranged in 
linear configuration with optimal spacing between the 
patch elements to construct the phased array radar. A 
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corporate feed network is used to feed the patch element 
unequally and a progressive phase shifter is designed 
with 108° delay elements to tilt the main beam in the 
desired direction and then the total unit is simulated and 
experimented after placing it on the car body which is 
electromagnetically a large element. The antenna works 
in the Dedicated Short-Range Communication Service 
(DSRCS) frequency band [5]. The design of the micro- 
strip phased array antenna is discussed in Section 2 and 
after that to place the antenna; the design of the entire car 
is given in Section 3. Results and discussion are por- 
trayed in Section 4 along with conclusion in Section 5. 


2. Design of Microstrip Phased Array 
Antenna 


The microstrip phased array antenna is designed for 
Dedicated Short Range Communication Service at 5.88 
GHz with dielectric constant of 2.32 and substrate thick- 
ness of 0.785 mm. Firstly the dimension of the rectangu- 
lar patch is computed as 16.322 mm by 19.8 mm using 
the method outlined in [6]. With computed inset feed 
length of 3.8 mm and for the above dimensions of the 
rectangular patch the return loss is found to be —8.09 dB 
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Mongolian spot. This is a birthmark and is 
sometimes mistaken for a contusion. During the 
time of autopsy it is easy to differentiate between 
the two by making an incision and documenting the 
presence or absence of underlying hemorrhage. The 
author has had at least one case where a contusion 
was demonstrated subjacent to a Mongolian spot. 








Recent contusion. Old contusion. 


164 Color Atlas of Forensic Medicine and Pathology 


—_ 


4 





While performing autopsies on suspected child abuse cases it is important to be very thorough and it is recommended 
to incise the extremities and back to further document deep contusions, particularly in darker-skinned children. When 
examining the rib cage it is important to strip the pleural surface, separate each rib and evaluate each one separately. It 
is also good practice to do a posterior neck and back dissection while examining each rib as well. 


This figure demonstrates 
how the body is sutured 
prior to funeral home 
release. 
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This 2-year-old child was brought to the ED 
by his mother’s boyfriend after he was found 
unresponsive. The only observed external injury 
was a small faint contusion to the child’s forehead. 
Autopsy revealed a fracture of the lumbar spine 
with a transected descending thoracic aorta and 
an old healed fractured clavicle. This picture 
demonstrates bilateral hemothoraces. 





Image (a) demonstrates the volume of blood collected from the bilateral hemothoraces (approximately 165 mL in total). Ina 
case such as this, the mechanisms of death are probably multifactorial, including not only blood loss but also a component 
of spinal cord or sympathetic nervous system dysfunction; (b) depicts transected free ends of lacerated descending thoracic 
aorta, marked with arrows; (c) is a panoramic view of lumbar fracture, which resembles a “hinge” at L1-L2. 
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This child died from multiple blunt force injuries. (a) Note the hand pattern with parallel contusions across the child’s 
face. The contusions are more obvious when depicted following the intermastoid incision and scalp reflection (b). Note 
the excessive dark red blood clot at the inferior portion of the side of the head. Also note that this is not as visible when 
viewed from the external skin surface. Deep contusions may be difficult to see when viewed only from the external 
surface of the body; (c) demonstrates the same child approximately 2 days after autopsy. Note that the characteristics of 
the facial bruises have changed slightly due to the extended postmortem interval. 
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(b) 


This child sustained multiple blunt force injuries to 

his head, back, and extremities (a—b). The child’s hair 
was traumatically pulled from his scalp (c). Note the 
multiple angulated red to brown abraded contusions on 
the child’s back (d), consistent with a belt buckle strike. 
Also note, following incision of the back and extremities 
during autopsy (e), the large degree of red bruising within 
the subcutaneous soft tissues of the back. Note the 

pale yellow subcutaneous tissue within the posterior 
compartments of the lower extremities, which are 
atraumatic and without hemorrhage. 
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Note the multiple therapeutic interventions documented at 
autopsy. This documentation is important to help prevent 
misinterpretation of therapeutic intervention as injuries. 








Superior view of the calvarium (a) illustrating marked widening 
of the coronal suture (diastasis) due to brain swelling, along with 
a right-sided craniotomy window; (b} right side of face and skull, 
including craniotomy window. Marked diastasis of the coronal 
suture is also seen; (c) residual right-sided subdural hemorrhage 
and marked brain swelling, characterized by complete flattening 
This case demonstrates a sutured right-sided scalp _ of gyri and effacement of sulci on the cerebral convexity of the 
incision as part of a craniotomy for evacuation ofa _left cerebral hemisphere. The inner surface of the left vertex 
right-sided subdural hematoma. dural leaf is blood-stained. 
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Formaldehyde-fixed portion of dura mater from an approximately 4-month-old infant with a history of tetralogy 

of Fallot who was found unresponsive by his mother’s boyfriend. The boyfriend claimed that he had fallen 
approximately 3 feet from a couch onto a carpeted floor. Such explanations are often incompatible with the spectrum 
of injuries observed at autopsy. In this case, the adherent, thin-layered, clotted subdural blood indicates a duration of 
approximately 3-4 days following the injury, which correlates with the survival period of this infant after being found 
unresponsive. (b} Illustrates the fixed, markedly friable, fragmented brain attributable to marked hypoxic-ischemic 
injury, and is therefore a nonspecific finding, as it can be seen within the setting of hypoxic-ischemic brain injury of 
any cause. 
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Cross-section of the optic nerve in an infant found to have unilateral subdural hematoma and brain swelling, 
who underwent evacuation of the subdural hematoma. The infant never regained consciousness and was declared 
brain dead approximately 3 days following the surgery. Optic nerve sheath hemorrhage is correlated with retinal 
hemorrhages, although it is not specific for inflicted injury , and may be seen in conditions of sepsis, hemorrhagic 
diathesis, and other rare natural conditions. 
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Note the vague pattern contusion of a fist on 
the anterior chest in this child-abuse fatality. 
This child died of multiple blunt impact 

injuries and was discovered dead at the scene 
in full rigor. No resuscitation was performed. 





Antemortem contusions 
associated with child abuse 
combined with superimposed 
perimortem contusions 
associated with resuscitation. 
The resuscitative injuries 
overlie the sternum. 
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This demonstrates saw cuts through the 
floor of the anterior cranial fossa (orbital 
plate of the frontal bone) prior to removal 
of the eye with its attached optic nerve. 


Note the optic nerve sheath hemorrhages. 
Both of these images demonstrate optic 
nerve sheath hemorrhages in small 
children who died from shaken-impact 
syndrome. Histopathology revealed 
retinal hemorrhages. There was no 
evidence of natural disease including 
coagulopathic syndromes or connective 
tissue disorders. 
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The first image of this child-abuse case demonstrates vague contusions on the child’s forehead. Reflection of the scalp 
shows much more prominent soft tissue (subgaleal) hemorrhage. 
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Child abuse case with reflected scalp demonstrating contusions and underlying linear skull fracture. 
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Figure 1. Surrounding regions of a vehicle. 


with (30.1 + j26.7) ohm impedance at the feed position. 
The RMSA is simulated and optimized using Ansoft 
HFSS™. After optimization the final length is found to 
be 16.4363 mm with inset feed length of 4.8225 mm 
keeping the width of the patch unchanged as shown in 
Figure 2. 

By considering the above designed patch element, a 
four element linear array is realized and powered by 
Tchebyscheff current distribution. The spacing between 
the elements is kept considering the desired maximum 
scan angle in order to eliminate the grating lobes within 
the visible space of the phased array antenna. To opti- 
mize the performance of the antenna in respect of its side 
lobe level (SLL), mutual coupling and gain of the an- 
tenna array, the spacing between the elements is studied 
parametrically [7]. The results of the said study are tabu- 
lated in Table 1. 

After optimization it is found that the optimum spac- 
ing between the elements is 0.6 7) while considering, the 
main lobe to side lobe ratio below 20 dB, optimum mu- 
tual coupling and overall gain. 

From Figure 1, it is observed that the beam of the an- 
tenna array is required to be tilted by an angle 30° away 
from the broad side direction. In view of the above a 
progressive phase shifter of —108° is designed with the 
help of 11.16 mm feed line length. The actual line length 
is considered as mt, where m = 0, 1, 2, 3. 

To enhance the gain by maintaining the beam width and 
main lobe to side lobe ratio, the antenna elements are ex- 
cited by Dolph Chebyshev current distribution. The array 
consist of four elements, thus third order Tchebyscheff 
polynomial is calculated. Hence the polynomial is solved 
and relative current ratio is computed as 1:1.7795:1.7795:1. 
Both equal and unequal power dividers are designed along 
with the progressive phase shifter. 

For equal power division, a 3 dB equal power divider 
is designed whose vertical arm is of 50 Q line and two 
horizontal quarter-wavelength branch-lines are of 70.71 
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Table 1. Effect on mutual coupling and gain due to vari- 
ation in spacing (d) between the elements. 








d with respect to d with respect to Mutual Gain 
guided wavelength operating wavelength coupling (dB) (dBi) 
0.6 Ag 0.41 Ao >10 7.6 
0.7 A, 0.48 A >13 9.9412 
0.8 A 0.55 Ao >20 10.647 
0.9 Ag 0.6 Ao >22 10.919 








Figure 2. Photograph of the rectangular microstrip antenna 
element. 


Q is used [8]. It is shown in Figure 3(a). 

To get the unequal current distribution, both the hori- 
zontal arm of the microstrip unequal power divider 
should be of different resistance and it is calculated as 
46.368 © and 82.49 Q. The structure is shown in Figure 
3(b). 

Generally for practical design purpose the gap between 
the corporate feed networks is taken small but the value 
of the gap less than 0.11 A disturbs the frequency re- 
sponse of overall antenna array. The effects of the feed 
network on the side-lobes are significant in the E-plane 
pattern. The influence on the H-plane is less important 
due to the orthogonality of the drive current and the 
symmetry of all the other currents in this cut [9]. By 
maintaining the SLL and the surface wave loss, the gaps 
are taken as 0.11 Ao as portrayed in Figure 4. 


3. Placement of Antenna on the Vehicle 


In order to compute the electromagnetic effect of the 
body of the car on the antenna performance, the entire 
structure of the car is designed in Ansoft HFSS™. The 
complete structure of the car consist of hood, roof, trunk, 
left and right side doors, left and right side quarter panel 
for front and rear side which are made up of conducting 
material but the bumpers and wheels are assigned by 
layered impedance due to their hard rubber and polyester 
materials as shown in Figure 5. 

After going through the typical requirement for scan- 
ning the blind spot, the antenna is placed just beside the 
side view mirror. The following problems in the designed 
are addressed while simulating the effect of the radiation 
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This child was visiting his grandfather with his parents from another country. 
The grandfather’s apartment was not made “child-safe” prior to the visit. The 
toddler was standing and rocking a large old wooden television back and forth 
on a stand that was missing several screws. The television toppled over and 
crushed the child’s head. Note the fracture pattern to the skull indicating a 
crush-type injury. Also note the photograph demonstrating the top of the skull 
reflected with underlying dura mater still overlying the brain with epidural 
hemorrhage. The fractures involved the temporal, frontal, and parietal bones 
and there was severe brain injury with brain swelling and herniation. 
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Note the large contusion to the side of the child’s 
face from being punched. 


This child was the victim of an assault and 
suffered a skull fracture with brain injury that 
caused his death. Note the area of hemorrhage to 
the mastoid portion of the scalp demonstrating 
“battle sign.” 


Child abuse case with comminuted skull fracture. 
This was most likely produced by flinging the child 
in a downward trajectory, and striking the child’s 
head against a hard countertop. A fracture of this 
nature would take tremendous force to produce. 
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This demonstrates the top portion of the skull 
(calvarium) removed during autopsy with the dura mater 
still attached and clotted, partially adherent, subdural 
hemorrhage. Clotted adherent red-black subdural 
hemorrhage indicates an injury age of approximately 
2-4 days. 





Portion of formaldehyde-fixed dura mater saved for 
further neuropathologic evaluation. Note the adherent 
clotted, black-brown subdural hemorrhage. 
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This is the top portion of the skull with adherent clotted 
subdural hemorrhage involving the left vertex dura 
(overlying the left cerebral hemisphere) with portions of 
dura mater separated at the posterior temporal-parietal- 
occipital regions, adjacent to sites of skull fracture. 





Formaldehyde-fixed portion of spinal cord removed with 
the dura mater demonstrating subdural hemorrhage. It is 
important to remove the cervical spinal cord as carefully 
as possible during the autopsy process in order to avoid 
potentially troubling postmortem artifact. 
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This shows the top portion of the skull (calvarium) being unroofed 
during the autopsy process for removal of the brain. Note that the dura 
mater is still adherent to the inner aspect of the skull (endocalvarial 
surface). There is a large left-sided adherent clotted subdural 
hemorrhage. There is diffuse cerebral swelling with flattening of 

the gyral configuration and obliteration of the sulci. There is patchy 
subarachnoid hemorrhage, which is greatest over the left cerebral 
hemisphere. 


Close-up views of brain swelling with flattening of 
gyri and obliteration of sulci in a child who survived 
several days following blunt force trauma due to 
homicidal violence. 


Pediatric Forensic Pathology 177 





This child sustained multiple 
posterior rib fractures after being 
stomped by an adult while lying 
face-down on the floor. The fractured 
segments of the ribs penetrated the 
posterior aspect of the right lung, 
producing extensive pulmonary and 
intrathoracic hemorrhage. There were 
also large lacerations to the posterior 
aspect of the liver and heart. 





| 


X-ray showing multiple recent rib fractures. 
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These images demonstrate multiple 
lacerations involving the mesentery, 
mesocolon, and peripancreatic soft 
tissues following blunt abdominal 
impacts associated with homicidal 
violence. 
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This 2-year-old child was found by a caretaker unresponsive in the 
bathtub. An autopsy revealed confluent subgaleal contusions, essentially 
spanning from ear to ear, along with brain swelling, although the skull 
was intact. Death was attributed to blunt impacts to the head with brain 
swelling. A component of drowning cannot be ruled out in this case. 
The defendant, a casual acquaintance of the mother, was convicted of 
second-degree murder and sentenced. Note the bilateral intraosseous 
catheters, used while attempting to resuscitate this child even though 
he was slightly over 2 years old. This image depicts the face and anterior 
trunk of a child with patchy contusions involving the forehead and the 
left paramedian aspect of the anterior chest wall. Multiple therapeutic 
interventions are also present. As stated previously, differentiating 
between the effects of therapy and antecedent injury can be problematic, 
and the two processes may coexist. 





This depicts lower trunk and lower extremities of child, with multiple 
therapeutic interventions including transverse cutdown sites within both 
groins, bilateral intraosseous catheters, and a right groin catheter. 





This image shows the perineal area of this child (a). No injuries are detected. (b) depicts the child’s anus. No injuries 
are demonstrated. In cases such as these, it is good practice to document photographically the presence or absence of 
injuries, as the multiplicity of injuries may be one of the determining factors in the ultimate sentencing. Sometimes 
external examination may be difficult and mucosal folds may be misinterpreted as lacerations. If there is any question 
as to the nature of a possible lesion or injury, we recommend removing the region en bloc, opening the anorectal 
segment and photographing it for documentation. 
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These images demonstrate sexual abuse in a young child. Note the abrasions and lacerations around the anal region. 
En bloc dissection of this region with the anal-rectal segment of the intestine removed. Note the internal lacerations 
near the anal border and the intestinal hemorrhage 
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Superficial, healing, criss-crossed, linear abrasions due to 
rubbing of Velcro jacket patches on each side of this child’s 
neck. This indicates rough handling. This child was later 
killed by multiple blunt impact injuries during an assault. 
Note the suture and fresh needle marks at the right chest 
from a removed subclavian line. 


These are multiple scars, many of which were associated with chronic child abuse. When evaluating old injuries, it 

is important to take into context the child’s age and developmental status. A child who is able to run and jump about 
may fall and sustain blunt-impact injuries. Sometimes it may be difficult, if not impossible, to formulate the nature of 
such old injuries without history or witnesses. (a) and (b) images are associated with abuse; (c) and (d) represent healed 
scars from accidental injuries. Note the healing injury at the nose associated with a nasogastric tube and therapy. 
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This demonstrates a coronal section of a humerus. 
Microscopic sections of long bones may be sampled in cases 
involving a suspicious death of an infant or young child in 
order to identify transmetaphyseal fractures in situations 
in which shearing forces have been applied (i.e., violent 
shaking). Unlike the case in more obvious fractures with 
extensive visible hemorrhage, these fractures (alternatively 
referred to as “bucket handle” or “corner” fractures on 
radiologic plain films, depending upon the view), may 
sometimes be more readily documented with microscopic 
examination. 
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Old healed rib fractures 
from a case of battered 
child syndrome. 
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(b) 


Figure 3. (a) Photograph of the equal microstrip power 
divider; (b) Photograph of the unequal microstrip power 
divider. 





Figure 4. Photograph of the antenna array with corporate 
feed network. 
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Figure 5. The entire structure of the car along with the an- 
tenna array. 
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characteristics of the antenna after placing it on the vehi- 
cle: 

1) Spans a large computational domain compared to 
the wavelength; 

2) Requires a fine grid resolution to resolve the de- 
tailed antenna structure; 

3) Contains largely non-conformal PEC and dielectric 
structures. 


4. Results and Discussion 


For obtaining the scattering parameter characteristics, the 
microstrip antenna has been simulated over the frequency 
bandwidth ranging from 5.5 GHz to 6.5 GHz and two 
different circumstances is observed. The first experi- 
ments involve the design, simulation and measurement 
after fabrication of an individual element and then the 
array with the same without involving the effect of the 
car. Both of them should used for optimized perfor- 
mance. 

The scattering parameter is measured by Agilent Tech- 
nology Vector Network Analyzer model no. N5320A (10 
MHz - 20 GHz) and the radiation pattern is measured by 
Hittite HMC-T2100 synthesized signal generator (10 
MHz - 20 GHz) and Krytar 9000 B power meter (10 
MHz - 40 GHz) with 9530 B power sensor (10 MHz - 20 
GHz) as shown in Figure 6. From Figure 7, it is found 





(b) 


Figure 6. (a) Experimental set-up to measure the radiation 
pattern of the antenna array; (b) Experimental set-up to 
measure the radiation pattern of the antenna array after 
placing it on the car. 
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These x-rays demonstrate healing fractures. 


Osteogenesis imperfecta with multiple fractures. This may or may not 
indicate child abuse. Fractures may occur with very little force. 
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Inca bone skull anomaly. In both of these cases it was mistaken for a skull fracture. The x-rays at the bottom 
correspond to (b). 


Pediatric Forensic Pathology 185 








This child was retrieved from the back of a garbage truck partially tied within a torn plastic bag following compression 
by a trash compactor. Note the confluent hemorrhage to the scalp and the largely empty cranial vault. This child was 
mildly to moderately decomposed with bloating and separation of tissue planes. The brain material was squeezed from 
the cranium through the neck following compression of the head by the compactor. When the initial Y-shaped autopsy 
incision was made to the skin of the trunk, brain material leaked from the chest region (d). The child’s body was found 
mixed with decomposing food material. Note the green discoloration from putrefaction. 
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Late-second-trimester pregnancy demonstrating the uterus (a), placenta (b), and fetus (c). 
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Second trimester stillborn with omphalocele, illegally aborted following administration of drugs given by a 
nonmedical practitioner. Note the x-ray and the sunken lungs at the bottom of the water container indicating no 
breaths were taken. 


Lungs from a live birth that were expanded 
with air. Note how they float on top of this 
water bath. Admittedly, the “flotation test” to 
confirm independent respiration is far from 
foolproof and is subject to a number of artifacts 
and exceptions, thus limiting its utility in 
resolving the question of live birth versus 


stillbirth. 
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Early first-trimester pregnancy. 


First-trimester pregnancy. 


Blunt-Force Injuries 
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Introduction 





These are injuries produced when the body is struck 
with, or strikes, a blunt object. A blunt surface produces 
injuries by scraping, tearing, shearing, or crushing. This 
is in contrast to a sharp force injury, which cuts and 
separates the tissue as it penetrates. What injuries result 
from trauma are a balance of the amount of force, the 
area over which it is applied, and the duration of force. 
In general, the greater the force, smaller the area, or 
shorter the duration over which the force is applied, the 
greater the injury will be. 

Blunt objects have a relatively large surface area in 
contrast to sharp objects, where the cutting edge has a 
relatively small surface area. It takes much less force to 
penetrate the skin with an ice pick than with the end of 
a baseball bat. Examples of blunt objects are fists, shoes, 
pipes, bricks, bats, hammers, roadways, sidewalks, cars, 
trains, airplanes, walls, etc. Types of blunt-force inju- 
ries include abrasions, contusions and lacerations. These 
may occur separately but are often present at the same 
time. As an example, an injury maybe described as an 
abraded contusion with central laceration. Fractures are 
breaks in the bone as a result of blunt force. Avulsions 
are splits in the soft tissue or soft tissue planes with or 
without a laceration as a result of shearing forces. 


Abrasions 


Abrasions are simply scrapes. They are produced as the 
body contacts a surface and rubs across it with sufficient 
force. The distance of travel can be very short (falling 
and scraping your knee) or very long (being dragged 
under a car). It is often possible to determine the direc- 
tion of impact. Layers of skin are scraped away and 
bead up at the margin where the contact to the wound 
last occurred. Fragments of skin beading up at the 
inferior wound margin indicate a downward impact. 
Antemortem abrasions or those that occur during life 
are typically red to brown and will eventually form a 
scab with dried blood. Postmortem abrasions are yellow 
in non-lividity-dependent areas. In general, one needs 
a beating heart with blood pressure to produce hemor- 
rhage and a red to brown discoloration. A postmortem 
scrape in a lividity-dependent region will appear red 





and may be difficult to differentiate from an antemor- 
tem injury. 

This is important in certain cases. Lawyers will 
argue different ways to create reasonable doubt. For 
example, some may argue that an injury occurred dur- 
ing resuscitative efforts in the hospital, or the body was 
dropped from the stretcher in the morgue. Some other 
arguments may include: he was dead already when the 
second car hit him, the other perpetrator shot the body 
after he was dead, the child had no injuries before enter- 
ing the hospital, etc. 

Abrasions may also change character with increas- 
ing time. For example, initial examination of a body 
retrieved from water may reveal no or much less obvious 
injuries due to the moisture from the water at the skin’s 
surface. As the body is stored in the morgue overnight 
and allowed to dry, the abrasions will darken and may 
become much more apparent. 


Contusions 


Contusions are simply bruises. These are produced 
following an impact where the soft tissues and blood 
vessels, underneath or within the skin, are torn and pro- 
duce hemorrhage. Grabbing an arm tightly can produce 
bruising with minimal impact and greater crushing 
force. One needs a beating heart and blood pressure to 
produce a contusion. A postmortem impact may accu- 
mulate blood due to lividity in a gravity-dependent area. 
This type of postmortem artifact may be difficult to dif- 
ferentiate from an antemortem injury. 

One must exercise great care when dating contu- 
sions at the time of autopsy with gross findings alone. 
One must account for skin color, whether the contusion 
is deep or superficial, the presence of hematoma, etc. 
Bruises go through various color changes with advanc- 
ing time as the body reacts to repair the injury. This 
depends on the size of the injury, the physiologic state of 
the individual, including his or her immune and coag- 
ulation systems, the vascular efficiency adjacent to the 
damaged tissue, etc. Color changes range from light blue- 
red to dark purple then green to yellow-brown as time 
progresses. Inaccurate interpretations of dating contu- 
sions grossly can create significant problems in court. If 
one sees a variability with color ranges demonstrating 
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some bruises as red-purple and others as yellow-brown, 
it is reasonable to say that some injuries are older than 
others. It is much more accurate to use histopathology 
to date the injuries using established time ranges for 
advancing inflammation and healing. Random sections 
of injuries should be taken including the wound mar- 
gins. The first several hours reveal hemorrhage with no 
inflammation. This is followed by iron deposition as a 
result of hemoglobin breakdown. Estimation of injury 
dating should be given in ranges. 

Bruises can also change appearance as the postmor- 
tem time interval increases. A contusion will become 
more obvious as blood settles away from the impact site. 
The surrounding tissue will become paler and the contu- 
sion will be more pronounced, as in a supine body with 
anterior contusions in full livor. Bleeding associated 
with a contusion does not settle away from the impact 
site as lividity forms, because it is spread throughout the 
soft tissues and cannot drain within the vessels. Also, 
during vigorous emergency room resuscitation, the head 
and upper trunk may become congested. As lividity set- 
tles to the back of the head, injuries to the face become 
more prominent. Clinicians may sometimes miss these 
subtle contusions. 

It is also important to realize that deep contusions 
may not be visible at external exam and may be visu- 
alized only after incisions are made. Clinicians should 
realize this and create a medical record that is as accu- 
rate as possible. If one documents that no bruises are 
present to regions of the body, yet they are found on 
autopsy, this may potentially weaken the case in court. 
The autopsy remains the most accurate way to demon- 
strate these findings. 


Lacerations 


Lacerations are tears of the skin, soft tissues, or internal 
organs or vessels as a result of an impact, overstretching, 
or crushing-type forces. These injuries are characterized 
by irregular margins, often with a marginal abrasion, 
with tissue bridging by fibrous strands and small blood 
vessels. If the laceration is large and gaping, tissue bridg- 
ing may not be present due to the strands’ being pulled 
apart. Skin lacerations tend to occur more often over hard 
surfaces, such as the scalp, knees, elbows, etc. The direc- 
tion of the impact can be determined by the presence 
of soft tissue undermining. The underlying soft tissue 
adjacent to the laceration may form a pocket of separa- 
tion extending in the direction of impact. A downward 
impact will produce undermining at the inferior aspect. 
These directions should be described with reference to 
standard anatomic planes. 
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Motor Vehicle Injuries 


Motor vehicles include any motorized means of car- 
rying or transporting someone. These include trucks, 
buses, cars, motorcycles, mopeds, snow mobiles, etc. It 
is always important to be as accurate as possible, includ- 
ing the type of vehicle on the death certificate for vital 
records. The type of vehicle is obviously important when 
evaluating injuries. 

It is important to recognize various patterns that 
might help differentiate drivers from passengers. In 
high-speed collisions with unrestrained occupants, peo- 
ple may be ejected from the vehicle. If criminal or civil 
charges are filed, the living driver may indicate that the 
dead passenger was driving. 

One should look for steering wheel impact marks to 
the chest, seatbelt-related abraded contusions, and pat- 
tern injuries associated with impacts to the windshield, 
dashboard, or vehicle roof. Front and back windshields 
are often made of laminated glass and fracture with elon- 
gated curves or splinters. Side windows are often made of 
tempered glass and fracture into small cubes. Seatbelt- 
patterned injuries or side impact dicing pattern injuries 
to the right or left side of the head will help formulate 
opinions about an individual’s seating position. Dicing 
injuries to the left side of the head of an individual found 
next to a car with a broken left side window is evidence 
that he or she was the driver. One could also collect DNA 
samples from these regions and compare it with ejected 
occupants. Those not wearing seatbelts are much more 
likely to be ejected from the vehicle, especially in a roll- 
over accident. Those who are ejected may impact other 
objects (such as a tree or pole) or may sustain crush inju- 
ries due to the vehicle’s rolling over them. 

Pedestrian clothing and impact sites to the body 
can reveal many clues with evidence about the circum- 
stances of a collision. Questions one should ask include: 
Was the pedestrian standing or lying in the street? Was 
the individual run over or run under by the vehicle? Was 
more than one vehicle involved? Impact sites may reveal 
different front grill or tire pattern injuries. With stand- 
ing pedestrian impacts, one should measure the distance 
between the impact site and the bottom of the foot or shoe 
the pedestrian was wearing at the time of the incident. It 
may be necessary to incise this region to visualize it bet- 
ter. It is good practice to include the measuring stick in 
the picture. This may give insight into whether the vehicle 
was braking before the impact occurred. As a driver jams 
on the brakes, the front end of a car will go downward. 
Fractures may occur to weight-bearing legs. Fracture pat- 
terns may be difficult to interpret when the bone is splin- 
tered and fractured into many pieces. Generally speaking, 
as a force passes through a bone, the fracture pattern 
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extends outward from the impact site similar to a skull 
fracture from an entrance gunshot wound producing 
internal beveling. With posterior standing impact, one 
might find stretch marks at the inguinal region opposite 
the impact site. This is caused by hyperextension of the 
hip and leg in an anterior direction. 

Slow-moving vehicles tend to run over people. 
Fast-moving vehicles tend to run under people, mean- 
ing after being struck, the victim is tossed onto and 
over the hood. Flaps of skin may be torn away as a tire 
passes over a body. The clothing may yield significant 
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evidence such as paint fragments. The car may have 
fragments of blood and hair that can be used for DNA 
analysis. This can be useful when there are multiple 
pedestrians and cars involved in collisions. Many 
pedestrian collisions involve children, who are some- 
times impulsive and careless and may run out into 
oncoming traffic; the elderly, may not be quick enough 
to get out of the way; or individuals who have psycho- 
logical histories, such as the homeless, or intoxicated 
individuals, who may think it’s not that dangerous to 
cross a busy freeway. 
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Recent antemortem abrasions. 





Recent deep antemortem abrasions. 
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Large yellow anemic postmortem abrasion. 
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Figure 7. (a) Return loss a single patch before and after 
optimization; (b) Gain of a single patch before and after 
optimization. 


that after optimization a perfect match is obtained exactly 
at 5.88 GHz and gain is also improved from 6.33 dB to 
7.01 dB with a very good return loss of -47 dB. The cur- 
rent distribution and the radiation pattern of a single 
RMSA is portrayed in Figure 8. 

A parametric study of the return loss of antenna array 
with different spacing between the elements of the cor- 
porate feed network is done and is compared in Figure 9. 
The results of the computational model of the entire an- 
tenna array with feed network were compared with the 
measured data and a good agreement is observed in Fig- 
ure 10. 

After getting the satisfactory results, next the same ar- 
ray antenna is experimented again with considering the 
electromagnetic effect of the car. In order to test the an- 
tenna array in association with the vehicle, a numerical 
model of the car is created using Ansoft HFSS™ and the 
simulated data is compared with the measured in Figure 
11. Figure 12 graphically represents the 3D radiation 
pattern of the antenna array in presence of the computa- 
tional model of the vehicle. From Figure 13, it is clear 
that the inside electric field strength is not more than 15 
Volt per meter which is very less compare to the standard 
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Figure 8. Current distribution and the radiation pattern of 
the rectangular microstrip antenna. 
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Figure 9. Parametric study of return loss of the antenna 
array with different spacing between the elements of cor- 
porate feed network. 
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Figure 10. (a) Return loss of the antenna array; (b) Radia- 
tion pattern of the antenna array. 
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Recent contusion of the left hand associated with a fist Damaged fingernails with nail bed contusions. Blunt- 
fight. This individual punched the attacker before being force injury during struggle. 
murdered. 





Recent purple contusion of arm. Older yellow-brown contusion. 
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Multiple abrasions and contusions of face. Note the bilateral periorbital ecchymosis associated with fracture of the 
anterior cranial fossa. This is also known as “raccoon eyes.” A similar injury is Battle’s sign, hemorrhage behind the 
ear, also a sign of basilar skull fractures. Figure (c) demonstrates a basilar skull fracture. 
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Recent laceration with adjacent abrasion. Note the 
irregular margin at the point of skin separation due to the 
skin’s ripping or tearing apart. 








These are multiple recent lacerations and contusions at 
the inner aspect of the mouth following multiple blunt 
impacts to this individual’s face with a fist. 





Large recent abraded contusion at the back of the 
head with a stellate laceration. This individual was 
intoxicated at a party on a rooftop. He was taking a 
group photograph and while backing up accidentally 
fell three stories to the pavement below. He had a 
comminuted skull fracture. 
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This is a postmortem anemic laceration in an individual This decomposing body has skin slippage with 
who was stabbed to death in an apartment and later thrown separation of scalp hair. Note the scalp lacerations 
out of a window. with slight to moderate decomposition. 





This individual was struck by a train. Note the soft tissue avulsion underneath the intact thick skin. 








This individual died of multiple homicidal blunt- and sharp-force injuries. These are scalp lacerations in an individual 
with moderate decomposition. Note the extensive drying of the wound margins with clotted blood and fragments of 
hair. Also note the separation of the scalp from the skull with sub adjacent fractures. 
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Note the recent abraded 
contusion to the middle 
aspect of the chest (a). This 
individual had multiple 
layers of clothing and was 
reportedly stomped on by 
an individual with heavy 
boots following assaults 
with other weapons. The 
abraded contusion to the 
middle aspect of his chest 
forms a rough outline of a 
boot (b). The multiple layers 
of clothing prevented a more 
discernable defined boot 
pattern. The individual had 
a fractured sternum anda 
cardiac contusion (c). 
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Pattern injuries associated with impacts from the bottom of a shoe while being stomped and kicked. 
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This individual was assaulted with fists and a metal This individual was struck multiple times with a putter 
pipe or rod. Note the parallel linear contusions at the golf club. Note the pattern injury at the forehead and 
posterior aspect of the left thigh (a). Depression of the face, with the shaft of the club extending at the inferior 
soft tissues contacting the rod causes stretching at each aspect. 


margin with blood vessel injury and parallel linear 
bruises. 
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This individual was assaulted by multiple people with 
bottles and a baseball bat. These abraded contusions 
at his face and head are characteristic of a baseball bat 
impact. Note the oval contusion with sparing of the 
central aspect with overlying abrasion. Also note the 
abraded central region. 
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This elderly women had a history of an unsteady gait associated with Parkinson’s disease and remote 
stroke. She was found in her apartment with several impact injuries to her scalp. It was initially thought 
by investigators that she had fallen several times and possibly suffered a heart attack. Further examination 
of her scalp revealed more lacerations and impacts that were initially not observed at the scene due to poor 


lighting and dried blood matted in her scalp hair. These scalp lacerations were produced by being struck 
with a hammer head. 
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Depressed skull fractures due to multiple impacts 
with the head and claw of a hammer. Standard 
household hammer heads have a diameter of 3/4 to 
1 inch, and the injuries on the skull tend to reflect 
this. 
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Figure 11. Normalized radiation pattern of the antenna 
array after placing it on the body of the car. 
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Figure 12. 3D radiation pattern of the antenna array after 
placing it on a vehicle body. 
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Figure 13. Inside electric field interference of the array af- 
ter placing it on a vehicle body. 


electromagnetic hazards. 


5. Conclusion 


A Tchebyscheff polynomial based microstrip phased 
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array antenna is designed to detect the blind spot area of 
the intelligent mobile vehicle. The design is further si- 
mulated in Ansoft HFSS™ after placing the antenna on 
the body of the car and the results are observed. The re- 
sult of the computational model of the entire antenna 
array 1s compared with the measured data before and 
after placing the said antenna array on the body of the car 
and found to be in good agreement. An overall 11 dB 
gain is obtained while measuring in the desired direction 
with minimum amount of electromagnetic interference 
inside the car. 
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This individual was assaulted by multiple 
people including one with a bicycle chain. 
These injuries are characteristic for bicycle 
chain impacts. 
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This individual was found naked from the waist down in an abandoned pipe yard. She had multiple defects to her scalp 
with exposed bone and extensive maggot and animal feeding. Careful inspection of the skull revealed a 1/4” linear 
fracture of the superior temporal bone with a 1/16” roughly square indentation. Further investigation of the scene 
revealed a board with a nail at the other side of the yard. Further testing confirmed this was the murder weapon. 
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This psych patient had a history of 
swallowing miscellaneous objects. The 
blunt side of this toothbrush, in conjunction 
with peristalsis, eroded through the 
intestinal wall. This person died of 
peritonitis with septic complications. 
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This is a homicide case where the Note the slit elongation of the piercing site from wearing very heavy 
individual had her earring torn from earrings. Also note the healed linear scar to the left due to a traumatic 
her ear lobe during the assault. tearing of the earring from the ear lobe with complete separation and 


nonplastic-surgical repair. 
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These are various examples of recent bite marks with 
different placement of the mouth while exerting 
pressure and different degrees of force applied. Note 
some patterns are very vague and others are extremely 
prominent. The typical example of a bite mark reveals 
a circular pattern with a central region of contusion. 
It is good practice to consult a forensic dentist as soon 
as possible whenever a bite mark is suspected. The 
injury should not be cleaned until swabs are taken 

to detect oral DNA left behind from the perpetrator. 
As time goes on with drying and decomposition, the 
injury may yield less valuable information for dental 
comparison and DNA analysis. 
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Image (a) demonstrates both a recent and a healed bite mark. The old bite mark is largely healed with hypo-pigmented 
deep abrasions from teeth dragging across the epidermal surface. 
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This individual and her roommate were found in their apartment with multiple blunt- and sharp-force injuries. Note 
the roughly semicircular lacerations at the superior and inferior aspect of the cheek, with the deeper lacerations of 
the lip revealing exposed underlying teeth. There was a large cylindrical storefront padlock within a tube sock found 
at the scene. There were multiple other pattern injuries to the decedent’s body consistent with these roughly circular 
impacts. 
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Note the furrow indentations associated with extremities bound by rope and cord prior to the victim’s being stabbed to 
death. 
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This individual suffered a witnessed 
fatal cardiac event while standing. While 
falling to the ground he sustained this 
pattern injury by striking his head on a 
radiator. 


This individual suffered a fatal cardiac 
event while riding on an escalator. He was 
found lying at the bottom of the escalator. 
Note the pattern injury to his arm from 
the continued rubbing of escalator treads. 


This individual impacted a fence at a high 
rate of speed, leaving a pattern injury from 
the top of the fencepost’s contacting his 
chest. 
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This individual was an unrestrained passenger in a motor 
vehicle during a head-on collision. His face went through the 
front windshield. He sustained multiple curvilinear lacerations 
and sharp-force injuries from broken glass and impact with 
the car roof. This type of pattern is consistent with a front 
windshield impact. 


Note the dicing type injuries to the scalp with cubed fragments of glass 
embedded in the injuries. This type of injury is consistent with an impact 
and fracture of tempered glass, which is present in many side windows. 
These individuals were passengers with left-door-window head impact. 
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This individual was the passenger in a front seat collision. 
Note the abraded contusion from his seat belt. 








- 
Note the abraded contusion at the chest and arm of this 


individual from a steering wheel impact. He was the driver 
of this car in a multiple-fatality vehicular accident. 





These demonstrate a transection of the aorta in the 
This was the driver of a car in a motor vehicle accident. proximal descending region just distal to the ductus 
Note the abraded contusion from the seat belt. ligatosum. This is a common location of laceration. 
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ABSTRACT 


Fractal antennas are characterized by space filling and self-similarity properties which results in considerable size re- 
duction and multiband operation as compared to conventional microstrip antenna. This paper outlines a multiband an- 
tenna design based on fractal concepts. Fractal antennas show multiband behavior due to self-similarity in their struc- 
ture. The plus shaped fractal antenna has been designed on a substrate of dielectric constant €, = 4.4 and thickness 1.6 
mm. The proposed antenna is characterized by a compact size and it is microstrip feed fractal patch of order 1/3. It is 
observed that the antenna is radiating at multiple resonant frequencies. The resonant frequency is reduced from 2.2 GHz 
to 900 MHz after I & II iterations respectively. Thus considerable size reduction of 81.77% & overall bandwidth of 
12.92% are achieved. The proposed antenna is simulated using the method of moment based commercial software 


(IE3D) and it is found that simulated results are in good agreement with the experimental results. 


Keywords: Fractal Antenna; Multi Frequency; Size Reduction; Wireless Application; Plus Shape Antenna; Slotted 


Antenna 


1. Introduction 


In the study of antennas, fractal antenna theory is a rela- 
tively new area. The emergence of antennas with fractal 
geometries has given an answer to two of the main limi- 
tations started by Werner (1999) of the classical antennas, 
which are single band performance and dependence be- 
tween size and operating frequency. The term “fractal” 
means broken or irregular fragments. It was originally 
coined by Mandelbrot (1983) to describe a family of 
complex shapes that possess an inherent self-similarity or 
self-affinity in their geometrical structure. Jaggered 
(1990) defined fractal electrodynamics as an area in 
which fractal geometry was combined with electromag- 
netic theory for the purpose of investigating a new class 
of radiation, propagation and scattering problems. One of 
the most promising area fractal electrodynamics re- 
searches is in its application to antenna theory and design. 
There are varieties of approaches that have been devel- 
oped over the years, which can be utilized to archive one 
or more of these design objectives. The development of 
fractal geometry came largely from an in depth study of 
the pattern nature, with the advance of wireless commu- 
nication system and their increasing importance wide 
band and low profile antennas are in great demand for 
both commercial and military applications [1]. A fractal 
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is a rough or fragmented geometric shape that can be 
split into parts, each of which is a reduced-size copy of 
the whole and this property is called self-similarity. 
Fractal [2] geometries are composite designs that repeat 
themselves or their statistical characteristics and are thus 
“self-similar” fractal geometry finds a variety of applica- 
tions in engineering. Fractal geometry is space filling 
contours of regular or irregular shapes [3-6], and is super 
imposed of too much iteration and they describe the 
self-similar property of fractal geometry [7]. Fractals are 
a class of shapes which have not characteristic size. Each 
fractal is composed of multiple iterations of a single ele- 
mentary shape the iteration can continue infinitely, thus 
forming a shape within a finite boundary but of infinite 
length or area. Fractal has the following features 1) It has 
a finite structure at arbitrarily small scales; 2) It is too 
irregular to be easily described in traditional Euclidean 
geometric; 3) It is self-similar; 4) Simple and recursive 
[8]. Modern telecommunication systems require the antenna 
with wider bandwidth and smaller dimension than con- 
ventionally possible. This has initiated antenna research 
in various directions, are of which is by using fractal 
shaped antenna elements. In recent years several fractal 
geometries have been introduced for antenna application 
with varying degree of success in improving antenna 
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This photograph demonstrates an individual 
who was struck at a high rate of speed and hit 
the pavement with great force. Note the exposed 
comminuted skull fracture with brain material. 








These pictures of a car show an impact from a pedestrian who was struck and run under. Note the fragment of scalp 
with hair embedded in the top part of the windshield and adjacent car roof. The driver of this car initially fled the 
scene. 
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Pedestrians struck by cars with grill pattern injuries. 
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Motor vehicle accident 
with decapitation. 
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This is another pedestrian who was struck by a car. Note the tibial fracture at the weight-bearing left leg. 





This individual was a pedestrian who was struck from 
behind by a car. Due to her dark skin, the contusions are 
not obvious from external examination alone. Incision of 
the posterior aspects of her leg reveal hemorrhage due to 
the bumper impact. It is good practice to photograph these 
impact sites with a ruler to demonstrate the distance from 
the decedent’s heels. This can be matched to a particular 
car and to whether the driver applied brakes before striking 
this pedestrian. The front of the motor vehicle will go 
downward when the braking occurs. 
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These individuals were both struck by cars and dragged across the pavement. (a) shows yellow anemic 
abrasions that occurred after the first impact, where the decedent sustained extensive central nervous 
system injury and a transected aorta. He was thrown into another lane of traffic and dragged by another car. 
The anemic nature of this injury and yellow discoloration suggests decreased blood perfusion. The injury 
in (b) shows red to brown discoloration, which is significant for vital reaction in an individual who had an 
intact beating heart with blood pressure. 


218 Color Atlas of Forensic Medicine and Pathology 








These are multiple examples of tire imprints from people who were run over by cars. In one case, the individual was 
thrown into another lane of traffic after being struck. The second car denied hitting the individual, but his tire pattern 
was a perfect match and there was forensic evidence found on the under surface of his car. 





Individual trapped under a car with tire imprint to chest. 
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These individuals were run over by a motor 
vehicle while lying on the ground. Note the flap 
of skin being torn away from the thigh as the 
tire rolled over the leg. 
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These individuals were struck from behind by a car. Note the inguinal stretch marks caused by hyperextension of the 
hips and legs at the time of impact. 
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This fractured motorcycle helmet shows blood clot and brain material from an individual who fractured his skull after 
striking a pole. 
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These figures demonstrate various subway fatalities 
where individuals were run over by trains. Note the 
separated body portions with extensive crush injury 
and axle grease from the train wheels. 
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characteristics. Some of these geometries have been par- 
ticularly useful in reducing the size of the antenna, while 
other designs aim at incorporating multiband characteris- 
tics. These are low profile antennas with moderate gain 
and can be made operative at multiple frequency bands 
and hence are multifunctional [9]. In our present work 
we focus on generation of multifrequency which yields 
increases the bandwidth and size reduction of antenna. A 
plus shape patch is taken as a base shape and in first it- 
eration four other plus shape patches of the order of 1/3 
of base shape are placed touching the base shape. Simi- 
larly second iterations are taken by further placing plus 
shaped patches at even reduced scales. It is found that as 
the iteration number and iteration factor increases, the 
resonance frequencies become lower than those of the 
zero iteration, which represents a conventional plus 
shape patch. 


2. Design Consideration 


The base shape of the plus shaped slotted fractal antenna 
is designed on a dielectric substrate having a relative 
dielectric constant €, = 4.4 and thickness 1.6 mm as 
shown in Figure 1. This is the reference antenna or base 
shape antenna. Further this base shape antenna is modi- 
fied by inserting horizontal slots on both sides with re- 
spect to center of patch as shown in Figure 2 and it is 
named as antennal. The length of the slot Ls is varied on 
either side of the edge as 5 mm, 10 mm, 15 mm, 20 mm, 
21.175 mm, 21.675 mm and the frequency variation has 
been studied. The optimum length obtained is Ls = 
21.675 mm i.e., the distance between slots q = 2 mm is 
considered for further design. 

The first iteration patch is designed with four plus 
shapes of order (1/3) of base shape are placed touching 
the base shape as shown in Figure 3 and it is named as 
antenna 2 and same procedure is repeated for second 
iteration. This antenna is as shown in Figure 4 and it is 
named as antenna 3. For each iteration plus shapes of the 
order of (1/3)" of base shape are taken, where n is the 
number of iterations. The dimension of first iteration can 
be calculated as 

e = (1/3) a & g = (1/3) calso f = (1/3) b &h = (1/3) d. 

i=(1/3)e& k= (1/3) galsoj =(1/3)f &L=(1/3)h 

So with optimized design the dimensions obtained are 
a = 45.3 mm, b = 15.1 mm, c = 35.4 mm, d = 11.8 mm. 
The length of the slot is Ls = 21.675 mm and width of 
the slot Ws i.e. r = 2 mm. The dimension of the ground 
plan is 55 mm x 85 mm. A 50 ohm SMA connector is 
used to feed the antenna by using microstrip feed tech- 
nique. Optimized microstripline with following dimen- 
sion, m = 0.5 mm, n = 18.55 mm, o = 3.05 mm, p = 18.4 
mm. The suitable feed location is obtained through opti- 
mization process by using the IE3D software. The fabric 
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Figure 1. Geometry of base antenna. 





Figure 2. Geometry of antenna 1. 


cated photographic view of all proposed antennas is 
shown from Figures 5(a)-(e). 


3. Results and Discussion 


The characteristic of the fractal antenna with slot and 
with iterations has been studied by using IE3D software. 
Also the results have been verified practically with by 
using Vector Network Analyzer model Rohde and sche- 
warz, German make ZVK model No.8651. 
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This individual fell from the top of her steps and 
sustained multiple blunt-impact injuries including a 
femur fracture and a skull fracture. Note the slipper at 
the top steps. 


This individual has a femur fracture. Note that the fractured 
leg is shorter and the foot is laterally rotated. 


People with significant osteoporosis 
may fracture bones with little force. 
These two pictures demonstrate large 
areas of contusion and ecchymosis 
following a femur fracture secondary to 
a standing height fall. 
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Angulated irregular abrasions of back due to striking a gravel bed with great force. 





This decedent jumped from a great height and fractured his right femur. Note the fractured bone protruding from the 
thigh. Also note the shortening of the right leg with lateral rotation. 





Ring fracture. This usually occurs following a fall with The decedent fell from a great height and landed on his 
initial impact to the feet or buttocks. feet. The fractured tibia was forced through the bottom 
of the foot upon impact. 
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This individual was placed in a garbage dumpster and left to 
decompose. The trash compactor in the truck was engaged before 
the body was observed. Note the garbage truck shovel laceration 
to the back (a). Also note the intestines forced from the anus 
following compactor compression (b). 
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This individual was shot in the head, 
processed through a trash compactor, and 
left to decompose. Note the flattening 

of the body with extensive blunt-force 
injury and fragmentation. 
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This individual slipped into a terrain leveler 
and sustained multiple abrasions, with blunt- 
and sharp-force injuries including extensive 
fractures and internal lacerations. 
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This individual had a severe blunt impact to his face This picture of the base of the brain shows a medullary 
that caused the atlanto-occipital ligaments to stretch pontine laceration with extensive subarachnoid 
and dislocate. This caused brainstem and upper cervical hemorrhage. 


spinal cord injury resulting in asystole and apnea. 





Diastatic skull fracture showing the fracture site passes 
through a cranial suture. 





Comminuted skull fracture where the bone is broken into Healing skull fracture. 
separate pieces. 
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Frontal and temporal contusional hematomas associated 
with a falling impact to the back of the head in an 
individual with liver disease. 





These images demonstrate gliding cortical contusions 
that typically occur near the white and gray matter 
junction following blunt-force head trauma. 





Temporal lobe with multiple splinter-type hemorrhages 
demonstrating typical cerebrocortical contusions. 
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Spinal cord with a region of purple discoloration and softening demonstrating a spinal cord contusion. 
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Epidural hemorrhage in an individual with a temporal Epidural hemorrhage. 
bone fracture and middle meningeal artery laceration. 
Note the clotted blood at the surface of the dura mater. 





This shows the dura mater stripped from the inner aspect of the calvarium. Note the clotted adherent epidural 
hemorrhage within the temporal region of the skull. 
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Acute right subdural hemorrhage. Left subdural hemorrhage that is slightly older with 
clotted adherent blood. 





This demonstrates an older, clotted, red, adherent, subdural hemorrhage with portions of rust discoloration and 
membrane formation. 
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This cerebral cortex demonstrates an irregular flattened surface caused by a chronic subdural hematoma. In contrast, a 
chronic epidural hematoma generally leaves a flattened and less irregular cerebral cortex deformation. 





Old subdural hemorrhage with clear to rust-colored membrane formation. Note the membrane separation with beading 
up away from the midline caused by scraping a scalpel blade along the subdural surface. 





Large antemortem subdural hemorrhage altered by excessive heat due to fire. 


Plus Shape Slotted Fractal Antenna for Wireless Applications 177 





Figure 4. Geometry of antenna 3. 


The modified base shape antenna with slots as been 
optimized by varying slot length Ls. The variation of Ls 
with resonant frequency of the antenna is shown in Table 
1 and same is presented in graphical form in Figure 6. 
From the tabular results it is found that by increasing slot 
length Ls on both sides from the edge of the patch, reso- 
nant frequency decreases. The lowest possible resonant 
frequency 1.27 GHz is obtained for Ls = 21.675 mm (i.e., 
distance between the slots q = 2 mm) & this is taken as 
optimized length of the slot for further iteration. 
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The results of all proposed antennas are shown in Ta- 
ble 2. The simulated and measured return loss character- 
istics of proposed antennas are shown from Figures 7(a)- 
(d). 

From the results it is clear that the resonant frequency 
of the antenna 1 i.e., modified base antenna with slot is fr 
= 1.27 GHz which is lower compared to the base antenna 
without slot (fr = 2.199 GHz). So the size reduction ob- 
tained is 66.85%. The antenna 2 i.e. the modified antenna 
with slots and first iteration gives multiple bands with 
lower frequency of 0.99 GHz. The size reduction ob- 
tained for antenna 2 is 79.88%. Further antenna 3 i.e., 
with slot and second iteration gives multiple bands with 





Figure 5. (a) Photograph of top view of base antenna; (b) 
Photograph of bottom view of base antenna; (c) Photograph 
of antenna 1; (d) Photograph of antenna 2; (e) Photograph 
of antenna 3. 
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This brain demonstrates multifocal subarachnoid hemorrhage This demonstrates a large subarachnoid hemorrhage 
with subarachnoid hematoma at the base of the brain. in an individual who died several days following a 
This hemorrhage occurred following a blunt impact to the traumatic head injury. 

face causing hyperextension and rotation of the head with 

laceration of the right vertebral artery. 

Source: Kindleburger D., Gilmore K., Catanese C., 

Armbrustmacher V. Subarachnoid hemorrhage due to internal 

carotid artery laceration following blunt impact to face with 

hyperextension and rotation of neck: A case report and review 

of the literature. Journal of Forensic Science 48:1366-1368, 

2003. 
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These brains are diffusely swollen with flattened gyral configuration and sulci obliteration. These individuals lived 
from several hours to several days after the initial insult. 
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Note the large areas of contusion with 
ecchymosis following minimal trauma 
in these individuals with chronic 
alcoholism, hepatic cirrhosis, and 
coagulopathy. 
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Lacerations of liver and kidney due to blunt-force trauma. Note that (c) and (d) have hepatic cirrhosis, which is less 
commonly associated with laceration due to fibrosis. A normal liver is the most common organ in the peritoneal cavity 
to lacerate (a) in association with blunt-force trauma. 
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This opened airway demonstrates a large piece of aspirated brain in an individual who was resuscitated following 
extensive blunt-force head trauma with comminuted skull fracture and communicating lacerations extending into the 
oral cavity. When Emergency Services arrived, the decedent was found in agonal respirations. 





Note the patchy red to purple discoloration indicating 
aspiration of blood in an individual with a gunshot 
wound to the head, lacerations extending to the oral 
pharynx and residual respiratory effort before death. 





This cut section of lung demonstrates a small white to 
gray fragment in the parenchyma at the lower lateral 
aspect. Microscopic examination of this revealed 
intravascular embolic cerebellar tissue. This individual 
sustained a comminuted skull fracture with multiple 
central nervous system lacerations. He was vigorously 
resuscitated several times over the course of several 
hours. Brain tissue embolized through damaged blood 
vessels at the base of the brain. 
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This is another pedestrian who was struck by a car and survived approximately 2, days in the hospital. Note the tibial 
fracture with adjacent abrasions and broken skin. There is also blister formation confined to this region associated 
with sepsis following infection associated with this trauma. 
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Introduction 





Sharp-force injuries are defined as injuries produced 
by an instrument with a thin edge or point. Examples 
of these instruments include a knife, razor, box cutter, 
scalpel, sharp-edged piece of metal, broken glass bottle, 
broken glass window, scissor, ice pick, fork, propeller, 
screw driver, saw blade, axe, machete, arrow, nail, pick- 
axe, spiked fence post, meat cleaver, etc. 

A stab wound is typically made by a knife blade and 
is defined as having a greater depth of penetration than 
surface dimension. An incised wound is a slicing-type 
injury where the surface dimension is greater than the 
depth of penetration. 

Accurate, concise, and organized wound docu- 
mentation is important, as with all other injuries. Each 
injury should have a documented location on the body, 
including a description of adjacent abrasions or contu- 
sions, wound dimensions, depth of penetration, and 
direction of penetration into the body. All injured struc- 
tures should be documented, including the amount of 
hemorrhage both in the wound track and within body 
cavities. In cases where there are multiple injuries, it is 
acceptable to group them with ranges. It is good prac- 
tice to take overall photographs of the body before and 
after cleaning; as well as close-up photographs of each 
wound. 

Important aspects concerning interpretation of 
injury involve pattern recognition. Familiarization 
with this will allow opinion formulation concerning 
correlation of a particular instrument to a particular 
wound. One example involved the arrest of several sus- 
pects with different concealed weapons. The police may 
approach you to render an opinion about what type of 
weapon produced injuries so they can focus their early 
investigation. In one actual case, each suspect had a 
different instrument in his or her pocket, including a 
flat-edged pocket knife, a box cutter, a screw driver, 
and a slightly bent serrated table knife. The injuries to 
the decedent’s body consisted of slit-like perforations 
with multiple adjacent parallel linear abrasions. This 
pattern injury is consistent with a serrated knife. Many 
of the images in this chapter are designed to help with 
pattern recognition. 





Location and Direction of Injury 


This should be given with reference to a particular body 
position, usually standard anatomic planes. Each wound 
should be documented by location on the body’s surface, 
and measured from vertical and horizontal planes of ref- 
erence. An example of this would be from below the top 
of the head or above the feet, and to the right or left of 
the midline. Standard anatomic planes are demonstrated 
with the body in an upright position with the head tilted 
slightly upward, the legs together, the arms at the sides, 
and palms facing forward. The head is superior and the 
feet inferior, medial is toward the midline and lateral 
away from the midline. The anterior or front of the body 
includes the face, chest, and the palms. The posterior 
part of the body includes the back, buttocks, etc. The 
direction of the wound into or through the body should 
be given with reference to three planes when possible, 
front-back, right-left, and up-down. This is important 
because it allows one to correlate the injuries to possible 
assault descriptions and help discredit or substantiate 
statements. 


Wound Dimension 


This should be documented separately for each 
sharp-force injury, unless there are many that can be 
grouped together and described in ranges. Example: 
There are twenty 1-inch to 2-inch, by up to 1/4-inch, 
stab wounds within a 5-inch x 7-inch region at the mid- 
dle aspect of the right chest, which is centered 13 inches 
below the top of the head and 4 inches to the right of 
the midline. 

It is good practice to document the injury as it exists 
on the body and then again when in a relaxed state. The 
important aspect is to document the wound dimension 
in ranges that most closely reflect the actual dimensions 
of the knife blade or instrument. A stab wound can be 
put into a relaxed state by pressing the surrounding 
skin toward the wound and releasing the surrounding 
tension, or by placing tape over the perforation site to 
approximate the margins. It is also acceptable to cut a 
square around the surrounding skin to release the ten- 
sion. The skin and underlying tissues are elastic, with 
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different degrees of tension. This can make the surface 
dimension of the wound length and width slightly vari- 
able depending on location and orientation of the body. 
Cut marks through bone and cartilage may reflect accu- 
rate weapon dimension with tool marks and should be 
retained in formaldehyde. 

This same concept applies for the depth of penetra- 
tion, as well. Dimensions should be given in a range to 
account for changes in body position when examined on 
the autopsy table compared with the body position when 
the injuries were inflicted. Variables that may change 
this parameter while the assault is taking place include 
deep breaths or exhales, flexion, extension, rotation, the 
force used to inflict the injury, the location on the body 
including underlying bone or soft tissue, etc. 


Adjacent Abrasions and Contusions 


These may indicate body contact from the knife handle, 
lower part of the knife blade, or the knife hilt. This is 
important information in formulating an opinion as to 
how much force was needed to produce the injury. If the 
knife blade penetrates a bone and there are hilt marks 
adjacent to the perforation site, one can extrapolate that 
the knife must have been stuck into the body with great 
force. 
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Injured Organs or Structures 


This information helps to allow interpretation of how 
functional one might be after an assault. The num- 
ber and extent of internal injuries give insight into the 
nature of the assault and perpetrator. 

For instance, “I stabbed him in the neck and he con- 
tinued to chase me so I stabbed him again in the chest 
and abdomen.” If the neck wound injured the spinal 
cord, you know the statement is false because the victim 
would no longer have voluntary movement to part of the 
body, as with a tendon or peripheral nerve’s being cut. 
Also, depending on the structures damaged, the rate of 
blood loss may be quite variable. This would help define 
how fast the individual would lose blood, and what the 
individual might be capable of doing after the injury, 
and for how long. Questions like this may often come up 
in trial. A transected aorta would incapacitate someone 
more rapidly than a transected brachial (arm) artery, 
which would be more rapid than a transected cephalic 
(superficial) vein. Someone with a stab wound to the 
heart will often lose consciousness within minutes but 
still be capable of running away, defending themselves, 
or continuing an assault, particularly if the heart does 
not go into a lethal arrhythmia. It is possible for some- 
one to get stabbed in the heart, run several blocks and 
shoot several people before dying. 


Sharp-Force Injuries 241 





Stab wound consisting of a flat slit-like perforation with Stab wound with moderate surrounding skin tension. 
minimal surrounding skin tension. Note the separation of the wound margins. 





Gaping stab wound consisting of an oval perforation caused by significant surrounding skin tension. 





A non-serrated knife blade similar to the one used to inflict these wounds. It is important to take the surrounding skin 
tension into account when estimating the size and type of weapon used. 
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Incised wounds produced by a broken bottle. Incised wound to the face produced by a knife. 


MA 





Incised wounds produced by a box cutter. 
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Table 1. Variation of slot length v/s resonant frequency. 





Slot length (Ls) variation in mm Resonating frequency (GHz) 
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Figure 6. Variation of resonant frequency v/s slot length. 


lower resonant frequency of 0.90 GHz. The size reduc- 
tion obtained for antenna 3 is 81.77% which is more 
compared to all other proposed antennas. 

Further the bandwidths of proposed antennas have 
been studied through simulation and measurements and 
the results are shown in Table 2. From the results it is 
clear that the bandwidths of modified antenna with slot, 
first & second iteration are more compared to base an- 
tenna. The measured bandwidth of antenna 1 is 106 MHz 
(4.895%), antenna 2 is 190 MHz (11.93%) and antenna 3 
is 215 MHz (12.92%). The radiation patterns of all pro- 
posed antennas are studied and all are giving broadside 
radiation. Splitting of beam i.e. dip is found in Figure 
8(a) of simulated radiation pattern of base shape at 2.19 
GHz. In Figure 8(b) splitting of beams merged into 
broadside pattern at 0.91 GHz at second iterations this 
results into broadside radiation pattern. 


4. Conclusion 


This paper presents a new plus shape slotted fractal an- 
tenna with first and second iterations. The antenna.3 i.e., 
slotted fractal antenna with second iteration gives size 
reduction of 81.77% and band width of 12.92% with 
broad side radiation pattern. So from the results we con- 
clude that the modified base antenna with slots of second 
iterations gives a good size reduction and enhanced band 
width compared to that of modified base antenna with 


Table 2. Results of proposed antennas. 











Resonant frequency fr (GHz) Return loss (db) Bandwidth (MHz) Overall bandwidth (MHz) 
Prototype antenna 
Sim Pract Sim Pract Sim Pract Sim Pract 
f1-—2.19 f1+2.19 -19 24 53 53 79 71 
Base antenna 
f2 — 3.42 f2 + 2.46 -14 -15 26 18 
f1+1.19 fl + 1.27 15.8 -12.8 20 18 
Antennal with q = 2 mm f2 + 2.52 f2 + 2.48 18.4 —20.1 113 44 133 106 
£3 + 2.56 —18.7 44 
f1 + 0.96 f1 + 0.99 16.7 -14.5 22 80 
Antennal 2 with q = 2 mm (1* itr) f2+2.9 f2 + 2.97 -14 26.9 44 50 136 190 
£3 + 3.08 £3 + 3.17 21.5 -21 70 60 
f1+0.91 f1 + 0.990 15.2 14.2 11 87 
Antennal 3 with q = 2 mm (2 itr) f2 + 3.07 f2 + 2.976 19.4 -17.6 70 50 81 215 
£3 + 3.168 —18.9 78 





Copyright © 2012 SciRes. 


WET 


Sharp-Force Injuries 243 





These are multiple stab wounds to the back. Note the varying dimensions and gaping nature due to the varying degrees 
of skin tension from underlying tissue planes in different locations. 





This is a close-up of one of the wounds that were cut into 
a relaxed state and measured. Note the sharp end at the 
left aspect and the blunt end at the right aspect. 





Several of these wounds were chosen based on 
estimation that they were more reflective of the actual 
knife blade size. These wounds were then cut into a 
relaxed state and re-measured to help estimate the 
actual size of the knife blade. 
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Stab wounds to body with slight drying of the margins and a “linear extension” from one end due to the sharp part of 
the knife blade being dragged through the wound and across the body surface, changing the dimension of the injury. 





These two images demonstrate a “swallowtail’-type injury where the knife was inserted into the body in one 
direction, turned and then removed in another direction, producing two angulated cuts. This type of injury may be 
produced by the movement of the perpetrator, victim, or both. 
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These stab wounds demonstrate adjacent abrasions from the hilt of the knife contacting the skin with great force. 
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Multiple self-inflected linear abrasions and incised wounds to the arms and wrists demonstrating hesitation marks in 
individuals who committed suicide with other lethal injuries. 
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Multiple linear incised wounds in an individual who lived for several hours. He died of a heart attack associated with 
the stress and blood loss from the self-inflicted injuries. The manner of death in this case was classified as suicide. The 
cause of death was listed as both multiple incised wounds and heart disease. 





Multiple self-inflicted sharp-force injuries including stab and incised wounds. Note the tightly clustered orientation of 
these injuries, which is common in suicides. 





Multiple self-inflicted stab wounds. This individual was found with her hands surrounding the knife handle in a 
moderate state of rigor mortis. 
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This individual was found with multiple 
clustered linear abrasions, incised 
wounds, and stab wounds to the wrists, 
arms, and ankles. She first attempted 
suicide by ingesting large quantities 

of acetaminophen, then inflicted the 
above sharp-force injuries. Note the 
erythema around the wounds, indicating 
vital reaction. There was blood noted 

all over the apartment. The individual 
later jumped out a window and died 
from blunt-impact injuries. The wounds 
shown are hesitation wounds. 
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Superficial linear abrasions caused by dragging a knife blade across the wrist and hand prior to committing suicide by 


hanging. 
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Multiple clustered self-inflicted incised and stab wounds located on each side of the neck and chest in an individual 
who committed suicide. Most of these stab wounds were very superficial in depth of penetration and can be described 
as hesitation marks. Three of these stab wounds to the chest entered the thoracic cavity and penetrated the heart and 
lung, causing death. Note the slight degree of decomposition with wound margin drying. 
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Multiple clustered homicidal stab wounds in individuals who were also bound during a sexual assault. Note the 
location of the multiple stab wounds to the middle aspect of the individual’s back, making it virtually impossible for 
them to have been self-inflicted. 
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These are multiple examples of defensive-type wounds from individuals who were attempting to ward off an assault 
from a knife-wielding attacker. Note the multiple linear abrasions, incised wounds, and stab wounds to the hands. 
Several of these injuries show cut marks between the thumb and fingers, due to the individual’s attempting to grab the 


knife blade. 
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Figure 7. (a) Return loss characteristic of antenna 1 with q = 2 mm; (b) Return loss characteristic of base antenna 2 with q = 
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2 mm; (c) Return loss characteristic of antenna 2 with q = 2 mm; (d) Return loss characteristic of antenna 3 with q = 2 mm. 
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Figure 8. (a) Simulated radiation pattern of base shape at 2.19 GHz; (b) Simulated radiation pattern at 0.91 GHz for second 


iteration. 


Copyright © 2012 SciRes. 


OO81 
Elevation Pattern Gain Display 


(a) 


p 


—e—~ f- 0.91125(GH2), E-total, phi —0 (deg) 
—e—T f= 0 91125(GHz), F-total, phi =90 (deg) 


0.0 









(180-p) 


“14.0 | -18.0 -22.0 -26.0 -30.0 -34.0 34.0 -30.0, -26,0) -22.0! -18.0 | -140 
2. ee 
2. F 3 
Cc 3 


om 
ie -as* 


. OO8T ~ 
Elevation Pattern Gain Display 


(b) 


WET 


179 


Sharp-Force Injuries 253 





Other examples of wounds consistent with being inflicted while an individual is fending off an attack. 
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This individual was stabbed in the neck and then thrown from a window. The perpetrator described the injuries as 
being self-inflicted by the decedent who cut herself and then jumped out a window. The window ledge and outside wall 
were smeared with blood, which was easily visible from below. During autopsy, approximation of the margins revealed 
a stab wound just below the left ear from a knife blade that exited through her neck and stuck in her right shoulder. 
There was also an anemic abrasion to her back and an anemic laceration to the scalp, indicating the decedent had lost 
much of her blood volume and did not have a beating heart with blood pressure enough to produce hemorrhage from 
the injuries sustained when striking the ground. 
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Note the two stab wounds to the left back and the broken knife blade extending from one of the wound tracks. Note 
the close-up view of the back, demonstrating the knife within the wound track and then with the knife removed. Note 
the change in the wound dimension after the knife was removed. This demonstrates the elastic nature of skin and the 
possible challenges of correlating a weapon to a particular wound dimension. Also note the x-ray, which demonstrates 
the knife blade within the body. Note the dimension of the actual knife blade compared with the dimension of the 
blade image on the x-ray. This is due to the angle in which the x-rays contacted the knife blade in the thoracic cavity. 


Weapon. 
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Broken knife blade left in body following a homicidal assault. This knife was stuck into this individual with great 
force and the blade got stuck in a bone. When the perpetrator attempted to remove it, the handle broke off and the knife 
blade was left behind. 
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This individual was stabbed more than 75 times by a scorned lover. The tip of the knife blade broke off in the skull 
during this violent assault. Note the small radio-dense fragment depicted in these skull x-rays. This reinforces the 
notion that it is good practice to x-ray all sharp-force homicidal violence cases. A fragmented portion of knife blade can 
later be matched to a suspect’s knife. 
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These individuals were attacked multiple times with machetes. Note the long gaping hack marks, several of which 
cut into and through bone. Most often, this degree of violent rage indicates the victim and the perpetrator had a 
relationship. 
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Chopping-type sharp-force injuries produced by an axe. Image (b) shows an individual whose eyes were chopped out 
by another person with a long history of psychosis. These types of assaults are not common. He reportedly did this 
because she kept staring at him. 
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This individual was chased up several flights of stairs in 
an apartment complex and was cut multiple times with a 
box cutter similar to the one shown here. Note the blood 
splatter pattern on the steps. Also note that the individual 
was almost decapitated. This was reportedly over a dispute 
concerning gang-related drug dealing territory. 
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This individual had multiple stab wounds 

with adjacent abrasions consisting of multiple 
superficial linear parallel lines. This is a typical 
pattern found following a serrated knife attack. 
The absence of these marks does not preclude 
the use of a serrated knife. If a serrated knife is 
stuck directly into a body and not dragged across 
the surface, there will be no parallel linear 
abrasions. 
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This individual was stabbed multiple times with a 
Ginsu-type knife. His dwelling was then set on fire and 

he sustained extensive thermal burns with charring of 

the skin. Note the costal cartilages with tool markings 
forming an imprint of the knife blade. Image on lower right 
demonstrates a knife similar to the one used in the attack. 
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Plus Shape Slotted Fractal Antenna for Wireless Applications 


slot of first iteration. These antennas may find applica- 
tion in wireless communication systems. 


[1] 


[2] 
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Note this irregular incised wound with curved sharp margins produced by a knife similar to the one depicted in the 
previous figure. 
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This child was stabbed multiple times with a pair of scissors. Note that the entrance defects to the anterior trunk 
have a slightly widened angulated character consistent with being inflicted by a pair of scissors. The posterior trunk 
demonstrates the pointed end of the scissor perforating the entire body. 








This image shows an x-ray of an adult who was stabbed with a pair of scissors that were left in the wound. 
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This individual was stabbed more than 75 times with 
an ice pick. Note the linear abrasions extending in 
different angles across the back as the tip of the ice 

pick was dragged across the skin’s surface. The small 
dimension of these perforation wounds would take more 
time to lose significant blood compared with a typical 
knife blade. Generally speaking, the larger the wound, 
the faster the blood flow in a extravascular region. There 
was evidence of a violent struggle over a long period of 
time in this case. 
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This individual was found within a crack house, in a mild to moderate state of decomposition. He sustained multiple 
stab wounds and puncture-type wounds to his body that were produced by broken pieces of antenna used as crack 
pipes. One of these antennas was jammed down his throat. He also sustained multiple blunt-impact injuries with rib 
fractures and other broken bones from being stomped. Note the drying and slight distortion of the wound margins due 
to decomposition. 
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This individual was shot with a hunting arrow. The entrance wound is to the medial aspect of the right chest and the 
exit wound was to the right back. Note the comparison of the injury to the arrow head. 
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This individual was struck with a bottle that produced a minimal abrasion with a greater underlying contusion and a 
central laceration. Note the slightly irregular margins at the laceration site due to this blunt impact. The surrounding 
scalp hair was shaved to demonstrate the injury in greater detail. The presence of the scalp hair at the time this injury 
was inflicted also served to cushion the impact site. 





This is the same individual, who was then cut multiple times with the sharp broken glass end of the bottle, producing 
a partial transection to the carotid artery and exsanguination. 
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The individual had multiple curvilinear parallel abrasions and other superficial abrasions caused by a bottle top and 
broken glass scraping across the body surface during the assault. This initial argument began over which rival baseball 
team was better. 
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Suicide by multiple sharp-force injuries with 
broken glass taken from an empty picture frame. 
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These are multiple examples of puncture wounds caused by a Phillips-head screwdriver, demonstrating the range of 
presentation of this type of injury. 


272, Color Atlas of Forensic Medicine and Pathology 


Ss 





These are multiple examples of flat-head screwdriver puncture wounds. 
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This approximately 30-year-old woman was found naked from the waist down in a construction yard. She had moderate 
decompositional changes with insect and animal feeding. She had multiple defects to her scalp and face with numerous 
maggots tracking through the underlying soft tissue. The soft tissues in this region were darkly discolored throughout. 
It becomes more difficult to interpret soft-tissue injuries as decomposition progresses. Careful examination of the 
underlying bone in such cases may often yield valuable information. Note the approximately 1/4” linear skull fracture 
with a 1/16” roughly square indentation at the superior right temporal bone. Further examination of the scene revealed 
a bloodstained board with a nail at the opposite side of the construction site. 
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Antemortem boat propeller injuries. Note the presence of wound track hemorrhage and the parallel slicing-type 
injuries. 
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Injuries produced by a boat propeller. 


Injuries produced by a boat propeller. Note the hemorrhage at the autopsy incision (lower right), demonstrating the 
individual was alive when these injuries occurred. Note the range of injury presentation, including superficial abrasion 
to deep slicing-type wounds with extensive soft-tissue damage. 
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These are examples of dismembered bodies with saw 
cut marks through bone. It is important to save these 
portions of bone for possible later tool mark comparison 
with saw blades used during the dismemberment. Note 
image (a), where sexual mutilation was performed, with 
the breasts cut from the body. Also note image (d) of this 
young individual, who was cut into multiple pieces and 
neatly stacked on a rooftop. 
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nh ery This individual was killed by being struck in the back of 
the neck with a pickaxe. Note the abraded margin and the 
perforation matching the roughly squared dimension of the 
pickaxe. This dispute was reportedly over not receiving back 


pay after complete work. 
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This individual committed suicide by 
jumping out of a window and landing 
on top of a spiked metal fence similar 

to the one shown in image (c). The hair 
surrounding these injuries was shaved to 
demonstrate the nature of the wound in 
greater detail. Note the pointed circular 
perforation site leading into a square 
abrasion, which was perfectly consistent 
with the fence spike that penetrated his 
chest. 
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This infant was found partially eaten by dogs in a building 
courtyard. Note the irregular nature of the wounds to the back 
(b—d), demonstrating a scalloped border produced by teeth and 
claws. Other injuries to the child’s body were inconsistent 
with animal feeding and more likely were produced by a sharp 
instrument such as a knife. Note the sharp wound margins 

in image (e). Dogs may eat a decomposing body when they are 
left to starve, or they may kill living individuals, more often 
without eating them. It has been my experience that it is rare for 
a domesticated dog to eat an individual unless it is coaxed into 
it by exposing the hungry dog to initiate feeding activity. The 
dog should always be examined including the gastrointestinal 
contents. In one such case, neatly cut strips of soft tissue were 
found within the dog’s stomach that were fed to the dog by the 
perpetrator to initiate more feeding activity. 
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These are multiple puncture marks and lacerations with extensive adjacent hemorrhage due to an antemortem dog 
attack by a pit bull. This individual died as a result of blood loss. 
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This perpetrator killed his family by inflicting multiple stab wounds and then setting their house on fire. Note the 
relationship between environmental factors such as heat and the change in wound characteristic. This is demonstrated 
to a greater degree in the following figures. 





This individual was stabbed multiple times and his apartment was set on fire to conceal evidence of the crime. Note 
the charring of the skin with the sharply margined defect, which was from a stab wound. Internal examination 
revealed extensive hemorrhage throughout and surrounding the wound track. Sometimes the surface interpretation 
of such injuries can be challenging. Thermal damage may cause cracking of the skin, which may be misinterpreted as 
antemortem sharp- or blunt-force injuries. 
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This individual sustained multiple blunt- and sharp-force injuries due to homicidal violence. She was found many 
hours after the assault during a hot summer month. Note the putrefactive changes with skin slippage and green 
to brown discoloration. Also note the wound margins are dry and dark. Some of these wounds could obviously be 


classified as lacerations or stab wounds and others could not be classified due to distortion by decomposition. 





Healed stab wound. 
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New Antenna Array Architectures 
for Satellite Communications 
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Spain 


1. Introduction 


Ground stations which integrate the control segment of a satellite mission have as a 
common feature, the use of large reflector antennas for space communication. Apart from 
many advantages, large dishes pose a number of impairments regarding their mechanical 
complexity, low flexibility, and high operation and maintenance costs. hus, reflector 
antennas are expensive and require the installation of a complex mechanical system to track 
only one satellite at the same time reducing the efficiency of the segment (Torre et al., 2006). 
With the increase of new satellite launches, as well as new satellites and constellation of low 
earth orbit (LEO), medium earth orbit (MEO), and geostationary earth orbit (GEO), the data 
download capacity will be saturated for some satellite communication systems and 
applications. Thus, the feasibility of other antenna technologies must be evaluated to 
improve the performance of traditional earth stations to serve as the gateway for satellite 
tracking, telemetry and command (TT&C) operation, payload and payload message or data 
routing (Tomasic et al., 2002). One alternative is the use of antenna arrays with smaller 
radiating elements combined with signal processing and beamforming (Godara, 1997). 

Main advantages of antenna arrays over large reflectors are the higher flexibility, lower 
production and maintenance cost, modularity and a more efficient use of the spectrum. 
Moreover, multi-mission stations can be designed to track different satellites simultaneously 
by dividing the array in sub-arrays with simultaneous beamforming processes. However, 
some issues must be considered during the design and implementation of a ground station 
antenna array: first of all, the architecture (geometry, number of antenna elements) and the 
beamforming process (optimization criteria, algorithm) must be selected according to the 
specifications of the system: gain requirements, interference cancellation capabilities, 
reference signal, complexity, etc. During implementation, deviations will appear as 
compared to the design due to the manufacturing process: sensor location deviation and 
sensor gain and phase errors (Martinez & Salas, 2010). In an antenna array, the computation 
of a close approach of the direction of arrival (DoA) and the correct performance of the 
beamformer depends on the calibration procedure implemented. 
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Gunshot Wounds 





CHARLES A. CATANESE, THOMAS GILSON, 


AND THOMAS ANDREW 


Introduction 





The evaluation of gunshot wounds is an area of impor- 
tance in forensic medicine. Analysis of gunshot wounds 
should involve: 


¢ Differentiation of wounds of entrance from exit 
¢ Range of fire estimation for entrance wounds 

e Determination of trajectory through the body 

¢ Recovery of evidence (e.g. ballistics) 


Whenever possible, clothing worn by a gunshot wound 
victim should also be examined. 


Entrance and Exit Differentation 





Entrance Gunshot Wounds 


Most entrance wounds appear as circular perforations 
with a margin of abrasion, a collar of abraded skin, and 
the entrance defect. The margin of abrasion is produced 
by stretching with eventual tearing of the skin surface as 
the bullet enters the body. It is the most reliable feature 
in identifying entrance gunshot wounds. Exit gunshot 
wounds lack this feature, as the undersurface of the skin 
is stretched outward when a bullet exits the body. The 
margin of abrasion may provide useful preliminary infor- 
mation regarding trajectory of a bullet through the body. 
When the bullet enters the body perpendicular to the sur- 
face, the margin of abrasion is symmetric. As the bullet 
enters the body on an angle, the margin will be elongated 
on the side where the bullet first contacts the skin. The tra- 
jectory is confirmed by subsequent internal examination. 


Exit Gunshot Wounds 


These types of wounds typically appear as slit-like or 
irregular perforations without margins of abrasion. An 
exception to this is a shored or supported exit, which 
occurs when a bullet exits from the body where the skin 
is firmly supported. This might occur as a bullet exits 
when an individual is leaning against a wall, lying on the 
sidewalk, or even wearing tight-fitting clothing. These 


wounds generally have a round appearance and may 
have superficial abrasion around the defect. Unlike the 
true abrasion margin of an entrance wound, the shored 
exit abrasion tends to lack any significant depth and is 
often very irregular. 


Atypical Gunshot Wounds 


These are entrance wounds characterized by an irregular 
appearance. They may have irregular or obscure margins 
of abrasion. The skin adjacent to the entrance wound may 
show irregular abrasions or lacerations. Sometimes these 
perforations may appear as irregular tears. Ricochet bul- 
lets, or bullets that pass through intermediate targets, 
often produce atypical entrance wounds. Sometimes the 
jacket and the slug may separate and produce two sepa- 
rate irregular entrance wounds. Bullets may strike sur- 
faces such as concrete and fragment into pieces, causing 
multiple irregular defects from impacts of both twisted 
metal and rock fragments. Fragments from upholstery, 
chrome, plastic, etc. may be found at the wound surface 
or even within the wound track. This atypical appear- 
ance may also be seen in certain areas of the body where 
the skin is thicker (palms and soles) or the skin contour 
is irregular (face). Atypical wounds may be difficult to 
interpret, particularly in perforating gunshot wounds 
where the bullet passes through soft tissue only. Fracture 
characteristics of bone (especially flat bones such as the 
skull) and lead fragmentation patterns may give great 
insight into establishing direction of fire. 


Range of Fire Estimation 





In estimating range of fire, an attempt is made to deter- 
mine the distance from the end of the barrel of the gun 
to an entrance wound at the time the weapon is dis- 
charged. This is most reliably estimated by observing 
the wound and trying to re-create an observed pattern 
by test firing the weapon. Because the weapon is often 
not available, estimates based on the physical character- 
istics of the wound are frequently employed. 

An understanding of ammunition aids in under- 
standing range of fire estimation. The ammunition 


283 


284 


placed into a firearm is a cartridge. A cartridge consists 
of a bullet, which rests atop a casing containing gun- 
powder. A primer located at the base of the cartridge 
ignites the powder. The primer is itself ignited by the 
mechanical action of the hammer of the firearm, when 
the hammer strikes the base of the cartridge. The bul- 
let is the portion of the cartridge that exits the barrel. 
It is propelled by the burning gunpowder. In general, 
there is some residual gunpowder that does not burn. In 
addition to the bullet, burned and unburned gunpowder 
exits the barrel when a weapon is discharged. This forms 
the basis of range of fire and estimation. 

Range of fire can be divided into three major catego- 
ries. These include close range, intermediate range, and 
distant range. As noted, range of fire is best estimated by 
the use of test firings employing the known weapon with 
similar ammunition. Lacking these ideal conditions, 
estimates can be made on the basic wound character- 
istics as described next. Even when test firings can be 
performed it is worth remembering that the wounding 
characteristics of skin are not identical to gunpowder 
residue deposition on a test-firing cloth. 


Close Range of Fire 


This is characterized by the presence of soot on the 
adjacent skin surface or within the wound track. Soot 
is burned gunpowder residue with a dark powdery 
appearance. It is critical to remember that soot can 
be wiped from the body’s surface, so gunshot wounds 
need to be examined prior to any washing, whenever 
possible. The presence of soot indicates the end of the 
barrel of the gun was held within approximately 6 to 
8 inches from the body’s surface. Different guns may 
have different ranges. The closer the end of the barrel is 
to the body, the denser the soot deposition. As this dis- 
tance increases, the soot deposition becomes sparser. 
Soot may be present with stippling (see intermediate 
range of fire), but this is more accurately still consid- 
ered close range of fire. When the end of the barrel is 
very close to the body, there may also be searing of the 
adjacent skin from burning gunpowder and flame that 
extends from the end of the barrel. Soot can be filtered 
away through intermediate targets such as clothing, car 
doors, walls, etc. This pattern becomes more dispersed 
as the distance becomes greater. 

Within the close-range-of-fire category are contact 
gunshot wounds where the end of the barrel touches the 
body. These may be further subdivided into tight contact 
and loose contact. Some classify wounds where the bar- 
rel is very close to the body as near contact. The term 
“close contact” is redundant, potentially confusing, and 
best avoided. 
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Tight Contact Gunshot Wounds 

These are produced when the barrel of the gun is held 
tightly against the body’s surface. Most of the soot will 
be deposited within the wound track and may not be 
apparent until autopsy examination. Small amounts of 
soot may be present at the wound margins. Depending 
on the body region, type of gun, type of ammuni- 
tion, and force with which the gun is pressed against 
the body, the wound may appear different. There are 
often abrasions adjacent to the gunshot wound. These 
are associated with the muzzle of the gun rubbing 
against the body’s surface as the gun is discharged. 
These may take the form of a semicircular rim or a 
complete imprint pattern of the entire muzzle. When 
the gun is held tightly to the body, particularly over 
a bony surface such as the skull, there may be multi- 
ple radiating linear lacerations. These lacerations may 
be small or large and are more commonly associated 
with larger-caliber bullets. Approximation of the lac- 
eration margins reveals a central circular perforation 
typical of an entrance wound with abraded margins. 
Observation of the muscle under a tight contact wound 
may reveal a pink discoloration owing to the introduc- 
tion of combustion products into the wound track such 
as nitrites and especially carbon monoxide binding 
with myoglobin. 


Loose Contact and Near Contact 

When a gun is held less tightly against the body, soot 
may escape more readily to the skin’s surface. If the gun 
is discharged at an angle to the body’s surface, the pat- 
tern of soot dispersion will extend over a greater surface 
area in the direction of fire. A partial muzzle imprint 
may be observed. In near contact wounds, the soot is 
deposited in a dense, relatively small area around the 
entrance and searing of the skin may be observed as 
noted above. 


Intermediate Range of Fire 


This range of fire is characterized by the presence of 
stippling defects around the entrance wound. These are 
small, (approximately 1/16 inch) red to brown, punctu- 
ate abrasions of the skin’s surface. Stippling indicates the 
end of the barrel of the gun was held approximately 18 to 
24 inches away from the body’s surface. These defects are 
produced primarily by fragments of unburned gunpow- 
der that exit the barrel with the bullet. These fragments 
strike the body with greater force than soot and produce 
permanent defects. Such defects cannot be wiped away 
from the body’s surface. The appearance of stippling 
may vary depending on the type of gunpowder used in 
the cartridge, (e.g., ball, disk, or flake). 


Gunshot Wounds 


The term stippling applies to the defects in the 
body’s surface. This pattern will become more dispersed 
as the distance from the weapon to the body’s surface 
increases. Like soot, stippling can be dampened or com- 
pletely filtered by clothing or other intermediate targets. 
Powder residue found on intermediate targets at this 
range of fire is characterized by small, separate, gun- 
powder fragments. 

Soot or stippling defects may be present on an 
outstretched hand but not surrounding the entrance 
wound. For this reason, close examination of the upper 
extremities in gunshot wound cases may be helpful. 
Range of fire is estimated in the same way and the dis- 
tance between the weapon and the entrance wound can 
be approximated by factoring in the distance from the 
wound to the upper-extremity findings. 

Occasional “pseudostippling” may be seen around 
an entrance wound. This phenomenon is generally seen 
when a bullet passes through an intermediate target and 
fragments of the intermediate target strike the skin’s 
surface (causing abrasions) around the entrance wound. 
As noted, such entrance defects tend to be irregular and 
the adjacent stippling defects exhibit wider size varia- 
tion than true stippling, where the abrading gunpowder 
tends to produce abrasions of relatively uniform size. 


Distant Range of Fire 


This range of fire is characterized by the absence of gun- 
powder residue around an entrance gunshot wound 
without an intermediate target between the end of the 
barrel and the wound. This indicates the end of the bar- 
rel of the gun was held more than approximately 18 to 24 
inches away from the body’s surface. Some experts prefer 
to call this intermediate range, especially when the pos- 
sibility of an intermediate target cannot be excluded. 


Trajectory Determination 





The path a bullet takes through the body may have sub- 
stantial medicolegal significance. In some cases, the tra- 
jectory can be easily determined by careful dissection. In 
other cases, (e.g., multiple gunshot fatalities), full delin- 
eation of wound tracks may be harder to accomplish as 
a result of extensive internal injury. Surgical interven- 
tion may also obscure wound tracks in part. It is also 
worth remembering that a wound sustained in a certain 
body position may look slightly out of alignment with 
the body lying supine on the autopsy table. Superficial 
wounds can pose difficulties in trajectory determination 
as entry and exit wounds may not be easily identified. 
These include graze and tangential gunshot wounds. 
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Graze-Type Gunshot Wounds 


These are produced when the bullet contacts the skin 
superficially ata very narrow angle, producing an elongated 
superficial oval abrasion. One may determine direction of 
fire by a semicircular margin of abrasion at the entrance 
side and a more irregular margin at the exit side. 


Tangential Gunshot Wounds 


These are produced when the bullet strikes the skin 
superficially at a narrow angle and creates lacerations of 
the underlying subcutaneous tissue and overlying skin. 
Direction of fire may be established by the presence of a 
semicircular margin of abrasion at the entrance side. Also, 
the laceration of the skin overlying the wound track pro- 
duces tears with skin tag formation. These tags will extend 
outward on angles. The tips of these lacerations, at their 
most medial aspects (e.g. within the wound track), point 
toward the side from which the bullet entered the body. 


Gunshot Wounds in Bone 


Gunshot injuries of bone may be helpful in trajectory 
determination, especially in the skull and, less frequently, 
other flat bones. When a bullet passes through the skull, it 
creates a cone-shaped beveled defect. The entry point has 
crisp margins and the exit point is larger and represents the 
wider portion of the cone. Bullets entering the skull pro- 
duce internal beveling and those exiting the skull produce 
external beveling. A tangential bullet strike of the skull 
may cause the bullet to fragment and result in complex 
beveling if a portion enters the cranial cavity and a portion 
shears off and remains outside the surface. In such cases, 
the bony defect created may exhibit internal and external 
beveling. Such defects are referred to as “keyhole” defects, 
as their appearance may resemble a keyhole. 


High-Velocity Gunshot Wounds 


Trajectory delineation in high-velocity gunshot wounds 
is similar to low-velocity injury, however, the extent of 
injury is far more significant and exit wounds are often 
dramatically large. Hunting ammunition used at high 
velocity will fragment more in the body than low-veloc- 
ity bullets, creating a characteristic x-ray picture called 
a “lead snowstorm.” 


Evidence Recovery 





Bullets retained in the body must be recovered at 
autopsy. Rifled firearms leave characteristic markings 
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on bullets that can be used for identification of a fire- 
arm by comparison with projectiles known to have 
been fired from that weapon. Care must be taken 
during dissection to avoid or minimize the creation 
of any additional marks on the bullet that might 
obscure the rifling marks. This also applies to any 
identifying marks inscribed place directly on the 
bullet after recovery. These identifying marks should 
be inscribed on the base of the bullet. Older bullets 
should be recovered at the time of autopsy. These may 
be enclosed in fibrous capsules at the site of lodgment 
and often have a dull gray appearance as a result of 
oxidation. Rifling marks may still be present and use- 
ful for ballistic comparison. 


Shotgun Wounds 





Because of differences in construction and ammuni- 
tion, shotguns merit special consideration. Shotguns 
can be used to fire a single projectile (slug) or several 
pellets (shot). Shot size can vary (buckshot versus 
birdshot). Slugs behave essentially as single projec- 
tiles. The shotgun cartridge (or shell), contains some 
additional components (e.g., wadding, filler mate- 
rial) that might produce injuries that can be used in 
range of fire estimation. Soot and stippling remain 


Color Atlas of Forensic Medicine and Pathology 


useful in close- and intermediate-range determina- 
tions. The wounds produced by shotgun shells con- 
taining shot look different from conventional bullet 
wounds. Soot, stippling, wadding, and other compo- 
nents can be used for range of fire estimation, but 
the behavior of the pellet cluster over distance pro- 
vides additional information regarding range of fire. 
When the shot exits the barrel, it travels initially as 
a tightly grouped cluster. Striking the skin, the tight 
cluster produces a round defect. The grouping opens 
up over distance with the first noticeable change in 
wound appearance occurring at about 3 feet. A single 
defect is still observed but the margins now take on 
a scalloped appearance. With further distance (and 
more pellet dispersal), wounds now consist of a cen- 
tral defect with scattered satellite defects surround- 
ing them. These satellite defects increase in number 
with greater distance, until the central defect is lost 
entirely and pellets maintaining sufficient velocity 
strike the skin’s surface individually. The dispersal 
pattern of pellets is not predictable once an interme- 
diate surface intervenes. It is not possible to evaluate 
these wounds for range estimations and, for similar 
reasons; estimates of range of fire by x-ray exami- 
nation are unreliable. As with other firearms, test 
firings are the most reliable means for range of fire 
approximations. 


Gunshot Wounds 
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Distant entrance gunshot wound. This bullet struck 

the body nose end first, roughly perpendicular to the 
surface. Note the thin and roughly symmetric margin of 
abrasion surrounding the slightly oval perforation. 





Distant entrance gunshot wound with slightly 
asymmetric margin of abrasion, which is greatest at the 
right inferior aspect. This usually indicates the bullet 
struck the body nose first, almost perpendicular and 

at a slightly upward and right-to-left trajectory. These 
directions are stated relative to the body. 


Distant entrance gunshot wound in a darker-skinned 
individual. Note the slightly asymmetric margin of 
abrasion, which is greatest at its inferior aspect. This 
indicates the bullet struck the body nose first, and at 
a slight upward trajectory. These directions are stated 
relative to the body. 





Distant entrance gunshot wound with slightly 
asymmetric margin of abrasion greatest on its superior 
and left aspect. This usually indicates that the bullet 
struck the body nose first, almost perpendicular and 
at a slightly downward, left-to-right trajectory. These 
directions are stated relative to the body. 
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Distant entrance gunshot wound with slightly irregular, Distant entrance gunshot wound that is slight 
widened margin of abrasion, which is greatest at the stretched into an oval due to skin tension. Note the 
right lateral aspects. This indicates the bullet struck the slightly asymmetric margin of abrasion, which is 
body from a slightly inferior and right-to-left trajectory. greatest at the 9 o’clock through 12 o’clock position, 
The slightly irregular nature of the margin of abrasion indicating the bullet struck the body with a slightly 
may sometimes be seen, as the bullet perforates downward and left-to-right trajectory. 

clothing first. 
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There are six separate clustered entrance gunshot wounds to this individual’s head. Note the abrasion to the posterior 
ear helix caused by a bullet. Shaving the hair is recommended for external examination of such gunshot wounds. 


Gunshot Wounds 2.89 





Distant entrance gunshot wound through the thick skin of the sole of the foot. This bullet first perforated the bottom 
of a shoe and a sock before entering the body. 
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Entrance gunshot wound with surrounding stippling defects indicating intermediate range of fire. This gunshot wound 
(a) to the thick skin of the palm of the hand reveals typical small radiating lacerations without prominent margin of 
abrasion. These characteristics are typical for gunshot wounds of the palms of the hand and soles of the feet. These 
images (b—e) represent the same contact gunshot wound with varying degrees of tension surrounding the wound’s 
surface. Note that with approximation of the margins (d—e) the wound forms a roughly circular perforation with 
margin of abrasion typical of an entrance gunshot wound. Also note the copious amounts of soot within the wound 
track and at the underlying bone surface. Such large radiating linear lacerations are usually associated with higher- 
caliber guns and tight contact of the gun muzzle on the body surface with underlying bone close to the skin. The 
expanding gases from burning gunpowder forced into the wound track causes such lacerations. 


Gunshot Wounds 





Contact gunshot wound 

to the scalp with radiating 
lacerations and soot 
deposition within the wound 
track and at the wound 
margins. These lacerations 
are caused by burning 
gunpowder, with expanding 
gases forced into the wound 
track and causing the 
overlying skin to lacerate. 





Contact gunshot wound to the face (a). Note the stellate lacerations radiating from the 
perforation site with soot deposition; (b) a close-up view with a different orientation. 





Contact gunshot wound to the right temporal region. Note Contact gunshot wound to the eye. Note the lacerations 
the larger lacerations extending from the perforation site of the eyelid and eye globe with soot deposition at the 


with adjacent soot deposition. 


adjacent skin and within the wound track. 
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Note this tight contact 
gunshot wound to the 
right temporal region 
with lacerated borders 
and soot deposition. A 
.357 Magnum caused 
a comminuted skull 
fracture with head 
deformity and the eye 
protruding from the 
socket. 





Contact gunshot wound to the temple. Note the 
small radiating lacerations from the perforation 
site. Note the presence of soot within the 
wound track and adjacent skin. 








Contact gunshot wound to the scalp. (a) Note the small radiating lacerations with soot deposition. (b) Note the same 
wound after cleaning. The tension surrounding the wound is relieved by pressing the surrounding skin inward toward 
the perforation. This will approximate the wound margins and reveal a roughly circular perforation with margin of 
abrasion characteristic for an entrance gunshot wound. Note that even after cleaning, small amounts of soot are still 
present at the wound margins. Further cleaning might eliminate this gunpowder residue as well. In many cases, such 
as this one, it is essential to photograph the body before cleaning. 


168 Advances in Satellite Communications 





This chapter is organized with the following sections. Section 2, introduces the relationship 
between applications and antenna design architectures. Section 3, introduces the new 
antenna array architectures for satellite communication including motivation and explains 
experimental examples. Section 4, explains adaptive antenna array and _ receiver 
architectures for adaptive antennas systems considering the beamforming with 
synchronization algorithms. Finally, Section 5 explains the A3TB concept. 


2. Applications and antenna design architectures 


In recent effort, new antenna array architectures have been under analysis and 
development. In (Tomasic et al., 2002) a highly effective, multi-function, low cost spherical 
phased array antenna design that provides hemispherical coverage is analyzed. This kind of 
novel architecture design, as the geodesic dome phased array antenna (GDPAA) presented 
in (Tomasic et al., 2002) preserves all the advantages of spherical phased array antennas 
while the fabrication is based on well-developed, easily manufacturable, and affordable 
planar array technology (Liu et al., 2006; Tomasic, 1998). This antenna architecture consists 
of a number of planar phased sub-arrays arranged in an icosahedral geodesic dome 
configuration. 

In contrast to the about 10 m diameters dome of the GDPAA, there is the geodesic dome 
array (GEODA) (Sierra et al., 2007) with 5 m diameters dome. This antenna, presented in Fig. 
1, has two geometrical structure parts. The first one, is based on a cylinder conformed by 30 
triangular planar active arrays, and the second is a half dodecahedron geodesic dome 
conformed by 30 triangular planar active arrays. The GEODA is specified in a first version 
for satellite tracking at 1.7 GHz, including multi-mission and multi-beam scenarios 
(Martinez & Salas, 2010). Subsequently, the system of the GEODA has been upgraded also 
for transmission (Arias et al., 2010). 











a 


Fig. 1. a) The GEODA, b) The active sub-array demonstration, and c) The 45 elements planar 
active sub-array. 


The antenna arrays technology in the user segment for satellite communications will 
substitute reflectors providing a more compact and easy to install antenna system, which is 
an interesting solution e.g. for satellite on the move (SOTM) system. There is a great 
diversity of solutions for fixed and mobile satellite communication systems including a large 
number of applications. Inmarsat broadband global area network (Inmarsat-BGAN) 
(Franchi et al., 2000) is the most representative example among mobile satellite systems 
(MSS), which gives land, maritime and aeronautical high speed voice and data services with 
global coverage using GEO satellites at L-band. 
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Gunshot Wounds 2.93 


Contact entrance gunshot wound to the temple. Note 

the abraded imprint of the eyepiece portion of the gun at 
the superior aspect. The perforation site has a margin of 
abrasion. There is no obvious soot at the surface of the 
adjacent skin, but there were copious amounts of soot 
within the wound track. Note the pink to red discoloration 
surrounding the perforation due to nitrates and carbon 
monoxide released from burning gunpowder. These 
components may sometimes cause this discoloration when 
reacting with the underlying muscle. In this case, it is 
more obviously due to the decedent’s light skin color. 
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Contact gunshot wound. Note the adjacent abrasion 


to the perforation site due to contact with a revolver Contact gunshot wound to the scalp with an abrasion 
ejector rod when the gun was discharged. There are also at the superior left aspect due to the gun muzzle. There 
small amounts of soot visible at the wound margins and is visible soot within the wound track. Sometimes it 
more within the wound track. may be difficult to visualize the presence of gunpowder 


residue on thick, dark, scalp hair. 
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Contact gunshot wound. Note the soot at the margin of the perforation site. Note the 
surrounding abrasion from a partial muzzle imprint. 
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Contact gunshot wound to the right temporal scalp. Note the soot deposition surrounding 
the margin and the red discoloration of the adjacent skin. 


Gunshot Wounds 
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Underlying soot deposition within the wound track 
on the outer surface of the exposed skull. This is 
typically seen with a tight contact gunshot wound 
where soot is forced into the wound track. 
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Note the entrance wound is to the left where soot is Close-range gunshot wound to a body with early 

visible at the adjacent skin. decompositional changes. Note the soot deposition 
surrounding the perforation site. These early 
putrefactive changes consist of skin slippage and 
discoloration. 
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is try Loose contact with more soot extending to the 
MM right side of the perforation. 


Loose contact with the muzzle more tightly 
applied at the right aspect. Note the greater soot 
deposition to the left of the perforation. 








Close-range gunshot wound with soot deposition. Close-range gunshot wound in a very dark-skinned individual. 
Note the gunpowder residue surrounding the entrance 
gunshot wound. 
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Close-range gunshot wound with sparse soot deposition 
surrounding the perforation site with adjacent 
superficial skin erosions due to muzzle flare. 


Close-range gunshot wound to the scalp with sparse soot 
deposition, adjacent burning of the scalp due to muzzle 
flare, and closely packed stippling defects. 





Close-range gunshot wound with soot deposition, 
superficial skin erosions from muzzle flare with tightly 
compacted stippling-type defects. 
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These demonstrate histopathology sections of skin with soot deposition at its surface. The soot appears as a black film 
on the skin’s surface; unburned powder particles may also be visible. 





Gunpowder residue at the fingers due to firing a 
handgun. This individual died from a self-inflicted 
gunshot wound to the head. The amount of gunpowder 
residue following discharge of a firearm may be quite 
variable and sometimes not very obvious. 





This pattern of soot was caused by holding a revolving 
cylinder while discharging the weapon. 





Soot may also be deposited as it exits from the muzzle of 
the gun or from cylinder gap in revolver type handguns. 
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Note the “blowback” blood spatter pattern on the hands of these individuals who died from self-inflicted gunshot 
wounds to the head. Note that in (a) the spatter pattern is partially obscured by subsequent contact deposit of blood. 
Also note in (d) the extent of spatter may be minimal. 
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All of these are articles of clothing demonstrate close-range gunshot perforations with soot deposition. It is always 
important to inspect the decedent’s clothing. Multiple layers of heavy clothing may filter gunpowder residue from the 
body surface. It is also important to distinguish bullet wipe from soot deposition. Bullet wipe is a small, encircling, 
gray discoloration around the perforation site of the clothing due to lubricants and residue from within the barrel of the 
gun that adhere to the bullet surface as it passes through the barrel. Unlike soot, bullet wipe is not useful in range of 
fire estimations. 
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Clothing with soot indicating close range of fire. The individual wearing the hat had long curly black hair and there 
was no appreciable soot noted at the scalp. 
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Note the large tear in the clothing from this contact wound and the minimal amount of adjacent external hemorrhage. 
This is an antemortem injury with more than a liter of blood observed in the thoracic cavity during autopsy. 
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MSS services are divided into two groups, those that offer a regional coverage usually with 
GEO satellites, and those which offer a global coverage based on LEO or MEO satellite 
constellations. Depending on the coverage, there are some examples for MSS with regional 
coverage as the mobile satellite system (MSAT) in EEUU, Canada and South America, Optus 
in Australia, N-Star in Japan, Asia cellular satellite (ACeS) in Asia or Thuraya in the Middle 
East and in the North of Africa. While for MSS of global coverage there are some examples 
as Iridium, ICO Global Communications, Globalstar, Teledesic, etc. (Evans, 2009; Wu, 1994). 
Most of the MSSs work at L and S band, new applications on satellite to mobile terminal 
links work at X, Ku and Ka band, and satellite to base station connections work at L, S and C 
band. A number of applications is broad and lead terrestrial telecommunications market to 
offer a wider coverage: high speed voice and data (internet access, SMS, VoIP), digital video 
broadcasting by satellite 2 (DVB-S2) and digital video broadcasting satellite services to 
handhelds (DVB-SH), global position system (GPS) and Galileo, security, control and 
machinery monitoring on ships and aircrafts, teleeducation or telemedicine. 

These modern satellite communications systems require new antenna solutions for base 
stations, aeronautical applications or personal communications services (PCS) on-the- 
move (Fujimoto & James, 2001). Within these applications, antenna array systems are 
potentially the best choice due to, as discussed above, its capability to perform 
electronically steering or beamforming, increase the antenna gain, and conform over 
curved or multifaceted surfaces the radiating elements. Portable antennas for PCS must be 
easy to install and mechanically robust, besides compact and lightweight (Garcia et al., 
2010) as the antenna array presented in Fig. 4.a. The design of antenna systems to provide 
high data rates for reliable PCS boarded on ships is not so strict in term of the geometrical 
requirements because it does not have space limitations (Geissler et al., 2010). However, in 
the case of land or airborne vehicles, geometrical and mechanical constraints are more 
severe. Antennas for terrestrial vehicles must be low profile, and for airborne vehicles 
aerodynamic shapes must be considered (Baggen et al., 2007; Vaccaro et al., 2010). 
Moreover, for the civil market conformal antenna arrays (Schippers, 2008; Kanno et al., 
1996), or multi-surface arrays (Khalifa & Vaughan, 2007) are suitable choices to deal with 
the system aesthetic partiality. 

Technological challenges have been faced during the implementation of satellite 
communication systems in the last decades. The design of a Test-Bed flexible and modular 
for testing or debugging beamforming algorithms and receiver architectures is an invaluable 
contribution in the educational, research and development area on satellite communication 
systems. The adaptive antenna array Test-Bed (A3TB) concept is based on the use of antenna 
arrays with beamforming capability to receive signals from LEO satellites (Salas et al., 2008). 
The scope of the A3TB is to probe the concept of antenna arrays applied to ground stations 
instead of reflectors for different applications, such as telemetry data downloading. It is also 
a good chance for Universities and Research Centers aiming to have their own ground 
station sited in their installations. 

The A3TB ground station relies on the use of an antenna array to smartly combine the 
received signals from the satellite thanks to the implementation based on software defined 
radio (SDR) technology. The advantages of the SDR implementation is that A3TB 
architecture can be used to process any received signal from LEO satellites in the band 
imposed by the radio frequency (RF) circuits. Moreover, most of the processing is performed 
in software, so that appropriate routines can be used to process any received signal. The 
A3TB can be used to analyze the feasibility of different receivers and beamformer 
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This entrance gunshot defect is 
surrounded by dark clotted blood. The 
dark discoloration of blood, particularly 
on dark clothing, may make if difficult 
to observe soot. This is a distant gunshot 
wound (d). 


Bullet wipe. This individual had his shirt 
tucked in, creating folds in the cloth. 

Note the dark discoloration around the 
perforation site with the right aspect 
separated several inches from the site 

of bullet entry. By refolding the fabric 

and approximating the margins we can 
simulate how the individual actually wore 
his shirt (a—c). 
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Intermediate range of fire. Tightly packed stippling defects surrounding this entrance gunshot wound to the cheek. 


There is no apparent soot deposition. 


Intermediate range of fire with stippling defects. 
Stippling defects represent abrasions that, unlike soot, 
cannot be wiped away. 





Intermediate range entrance gunshot wound to the eyebrow 
with stippling defects across the face. Note the irregular 
nature of the wound due to the location of the gunshot 
wound through the eyebrow ridge, with the underlying 
frontal bone closely subadjacent to the skin surface. 
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Intermediate-range entrance gunshot 
wound with stippling defects. The scalp is 
partially shaved. Note the decreased number 
of defects in the shaved area as a result of 
hair dampening the effect. The weapon was 
a sawed-off 30/30 hunting rifle that was 
reportedly discharged approximately 15 
inches away from the decedent’s head. 


Entrance gunshot wound with stippling defects indicating 
intermediate range of fire. 


Intermediate-range gunshot wound with stippling 
in a dark-skinned individual. 
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Intermediate-range gunshot wound. Note the sparse stippling defects along the bicep and forearm with sparing of the 
anticubital fossa region. This indicates the decedent had his arm bent when he was shot. 





This individual had stippling defects involving the posterior portion of his lateral outer ear and temporal scalp. Note 
the sparing of the posterior medial ear. 
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Multiple-entrance gunshot wounds. Note the sparse Intermediate range of fire. Note the sparse stippling 
stippling defects indicating intermediate range of fire defect surrounding the bullet perforation site. 

at the skin anterior to the ear. The farther away a gun 

is discharged from the body, the more spread out the 

stippling defects become. 
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A few sparse stippling defects indicating intermediate range of fire. Note the contusion surrounding the perforating 
gunshot wound at the arm. This dark discoloration should not be confused with gunpowder residue. 





Note the multiple gunshot wounds to this individual in Gunshot wound perforation of clothing with multiple 
varying directions. She was shot multiple times while gunpowder residue flecks at the surrounding surface. The 
jumping in different directions in an attempt to run underlying entrance gunshot wound still revealed a sparse 
away. Note the contusion to her left shoulder and the stippling pattern consistent with intermediate range of 
stippling defects to her face. It is important to realize fire. 


that the direction of fire may vary greatly. 
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Distant gunshot wound with pseudostippling to this 
individual’s face caused by fragmented debris as the 
bullet passed through a car window. 





Atypical distant-entrance gunshot wound with 
surrounding contusion. 
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Distant gunshot wound with pseudostippling. Note 
the large size variation in the abrasions to the gunshot 
wound. True stippling defects are more uniform in size. 





Distant-entrance gunshot wound with surrounding 
clotted blood. In this case, histopathology of the 
adjacent skin demonstrated no dark particles consistent 
with gunpowder residue. It may be challenging to 
visualize soot when it is mixed with dried blood. Dried 
clotted blood has a shinier character than gunpowder 
residue, which has a duller appearance. It may be 
challenging to interpret range of fire when both dried 
blood and soot are present simultaneously. If there 

is any question concerning the presence of soot, we 
recommend microscopic examination to help clarify 
this point. 
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Thoracotomy incision through entrance gunshot wound. One should never cut through the wound during resuscitative 
efforts. No one would argue the importance of saving the individual’s life. Cutting next to the wound will not affect 
the chances for survival. Cutting through the wound may make wound interpretation very difficult and hinder 
criminal proceedings. Note one gunshot wound was cut through and hidden in the suture line. The defect becomes 
more obvious with suture removal. 





Note the large gunshot wound at the medial aspect This is a gunshot wound that is several days old. This person 
of this thoracotomy incision. died of septic complications. Note the adjacent wound 
infection distal to the GSW site. 
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generally more irregular and less round than the entrance wound. 
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Exit gunshot wounds. 
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algorithms, regarding the capability to switch the receiver architecture in terms of the 
synchronizer algorithm configuration (Salas et al., 2007). 

The current version has been developed to track The National Oceanic and Atmospheric 
Administration (NOAA) satellites in the very high frequency (VHF) band, in particular, the 
automated picture transmission (APT) channel (Salas et al., 2008). Previous versions of A3TB 
dealt with low rate picture transmission (LRPT) signals from the meteorological operational 
satellite-A (MetOp-A), where a complete receiver with beamforming and synchronization 
stages has been implemented (Salas et al., 2007; Martinez et al., 2007). 


3. Antenna arrays for satellite communications 


Satellite applications require compactness, lightweight and low cost antenna systems to be 
mounted on a terrestrial vehicle, an aircraft or a ship, or as a portable man-pack or a 
handset, and to be competitive against ground systems. Its major advantage is the 
possibility of getting a wider or even a global coverage. For such purposes, antenna arrays 
offer the technology to get a directive system whose steering direction can be electronically 
and/or mechanically controlled. However, planar arrays usually cannot steer more than 60°- 
70° from the normal direction of the antenna (Mailloux, 2005). Thus, when a wider angular 
coverage is required conformal arrays are an appropriate option (Josefsson & Persson, 2006). 
Arrays can approximate conformal shapes, such as spheres or cylinders, using several 
planar arrays, simplifying fabrication of active components (Sierra et al., 2007). 

Since the low cost and low weight specifications are of importance, micro-strip antennas are 
mostly used, due to its capacity to be printed over a dielectric substrate with 
photolithography techniques. Low cost and low permittivity substrates are usually used 
such as FR4 or PTFE with different quantities of glass or ceramic impurities. For more 
demanding applications, ceramics, like alumina or high/low temperature co-fired ceramics 
(HTCC/LTTC) allow the use of smaller components thanks to its high permittivity, and give 
robustness against mechanical stresses and high temperatures. 


3.1 Geodesic antenna array for satellite tracking in ground station 

The aim of using a single antenna for tracking many satellites at the same time avoiding 
mechanical movements as well as its inexpensive cost make these antennas an alternative to 
be considered (Salas et al., 2008). Multi-beam ability and interference rejection are facilitated 
thanks to the electronic control system of such antennas that improves the versatility of the 
ground stations. 

The GEODA is a conformal adaptive antenna array designed for MetOp satellite 
communications with specifications shown in Table 1. This antenna was conceived to 
receive signals in single circular polarization (Montesinos et al., 2009). Subsequently, in 
recent efforts the system has been upgraded also for transmission and double circular 
polarization (Arias et al., 2010). Hence, operating at 1.7 GHz with double circular 
polarization it can communicate with several LEO satellites at once in Downlink and 
Uplink. Current structure is the result of a comprehensive study that valued the ability to 
cover a given spatial range considering conformal shape surface and a given beamwidth 
(Montesinos et al., 2009). As Fig. 1 shows, GEODA structure consists of a hemispherical 
dome placed on a cylinder of 1.5 meters height. Both cylinder and dome are conformed by 
30 similar triangular planar arrays (panels). Each panel consists of 15 sub-arrays of 3 
elements (cells). The radiating element consists of 2 stacked circular patches with their own 
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Exit wound with lacerated margins. Exit wound from a sawed-off 30/30 hunting rifle. 





Exit wound from a handgun. It is not typical to get such Exit gunshot wound through the right nares. 
a large laceration from a medium-caliber bullet that 
already perforated the skull. 


Exit gunshot wound to 
the lower face caused 
by a bullet that was 
markedly deformed by 
striking underlying 
bone before exiting. 
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Exit gunshot wound through the finger. 











This individual was shot in the lower back while leaning forward. The bullet perforated the structures of the thoracic 
cavity and neck, producing a grazing-type gunshot wound to the tongue. The bullet then knocked out the individual’s 
front tooth before exiting the body from the open mouth. 


Gunshot Wounds 315 





Note the lumps directly underneath the skin’s surface. A bullet was retrieved just beneath the surface of the 
These are caused by bullets just beneath the surface of skin within this area of contusion. 

the skin that did not have enough kinetic energy to exit 

the body. 





There is a large deformed gray metal slug just Bullet retrieved from skull fracture directly underneath 
underneath the surface of the skin that is partially the skin’s surface. 
visible underneath the broken skin. 
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This image demonstrates a hemorrhagic pulpified This bullet was retrieved within this portion of thoracic 
wound track through the cerebral hemispheres caused vertebra. It is important to carefully remove such bullets 
by a medium-caliber handgun bullet. encased in bone, so as not to destroy ballistic markings on 


the sides of the bullet. 





These figures demonstrate a wound track through the liver caused by a medium-caliber handgun. 
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This individual had been shot several weeks earlier with A wound track through the aorta with adjacent 
a .22 caliber handgun. One of his ribs fractured while surrounding hemorrhage. This wound was caused by a 
removing the breastplate during autopsy and a bullet medium-caliber weapon. 


was retrieved from within the medullary cavity. 
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Shored exits. These wounds were produced by bullets exiting the body where the skin’s surface is supported (e.g., by a 
firm surface or tight clothing). 


Atypical entrance gunshot wound caused by a bullet that 
was deformed by passing through an intermediate target. 
Note the large irregular abrasion caused by the deformed 
edges of the bullet’s striking the skin surface. 








Shored exit wounds. 
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Irregular exit gunshot wound with adjacent 
abrasion due to its location on the body through a 
region of folded skin. 


This distant-entrance gunshot wound has slight 
oval shape with an irregular margin of abrasion 
that is greatest at its inferior right aspect. This 
wound was produced by a ricochet bullet that 
first struck a brick wall. Part of the bullet had 
an irregular scratched surface. Also, this bullet 
most likely struck the body sideways. 


Atypical gunshot wound. This is a re-entry 
gunshot wound produced from a bullet that was 
markedly deformed from striking a bone in another 
part of the body. Note the irregular nature of the 
perforation with the irregular adjacent abrasions. 
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Atypical gunshot wounds from deformed and fragmented bullets 
that passed through an intermediate target, such as a car door 
and window, before entering and exiting the body. Note the 
markedly irregular nature of these injuries. 
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Multiple atypical entrance gunshot wounds produced 
by fragmented pieces of lead caused by .22 caliber 
nonjacketed bullets that struck concrete and 
fragmented before striking an individual who was 
lying on the sidewalk. Note the irregular nature of 
these injuries with superficial fragmented pieces of 
lead observed in several of the wound tracks. 





Gunshot Wounds 


Several atypical injuries produced by fragmented nonjacketed lead bullets. The individual survived in the hospital for 
days. Note the healing margins and fragments of lead being pushed from the underlying soft tissue. 
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(d) 


This child was shot multiple times. One of the 
bullets struck another object, fragmented, and 
produced this atypical entrance wound to his 
wrist (a). There were fragments of bullets retrieved 
from the decedent’s jacket corresponding to this 
location (b). X-ray (c) shows multiple fragments of 
deformed metal retrieved just underneath the skin 
surface adjacent to the bones of the hand. The last 
image (d) shows all the bullet fragments retrieved 
from this individual’s hand and wrist. There were 
no other wounds to this region of the body. 
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RF circuits. The principal patch is fed in quadrature in 2 points separated 90° in order to 
obtain circular polarization. The upper coupled patch is used in the aim of improving the 
bandwidth. 

Each panel is able to work itself as an antenna since they have a complete receiver that 
drives the 1.7 GHz signal to an analog to digital converter (ADC). In order to adapt the 
signal power to the ADC, it is mandatory to implement a complete intermediate 
frequency (IF) receiver consisting of heterodyne receiver with an automatic gain control 
block. Hence, each triangular array has active pointing direction control and leads the 
signal to a digital receiver through an RF conversion and filtering process. To follow the 
signal from the satellite, the main beam direction has to be able to sweep an angle of 60°. 
In this way, it is needed a phase shift in the feeding currents of the single radiating 
element. Previous calculations have demonstrated that 6 steps of 60 degrees are needed to 
achieve the required sweeping angle. An adaptive digital system allows the adequate 
signal combination from several triangular antennas. The control system is explained in 
(Salas et al., 2010). 


























Parameter Specification Parameter Specification 
Frequency range [GHz] , 
Tx: | 1.65 to 1.75 Feolabon ena ag] >20 
Rx:| 1.65 to 1.75 ancl 
Dual circular for 
Polarization Tx and Rx VSWR 1.2:1 
bands 
G/T [dB/K] 
For elevation >30° 3 SLL [dB] -11 
For elevation 5° 6 
EIRP [dBW] 36 Size [m] 1.5x1.5x3 
3dB beamwidth [deg.] 5 Accuracy steering [deg.] +14 
Coverage [deg.]: 
Maximum gain [dBi] 29 Azimuth 360° 
Elevation >5° 
Efficiency [%] 50 




















Table 1. Main specifications for GEODA antenna. 


3.1.1 Cell radiation pattern 

Based on the study presented in (Sierra et al., 2007), the single radiating element is a double 
stacked circular patch that works at 1.7 GHz with 100 MHz bandwidth. In order to obtain 
circular polarization, the lower patch, which has 90 mm diameter, is fed by 2 coaxial cables 
in quadrature. Both coaxial cables connect the patch with a hybrid coupler to transmit and 
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This ricochet bullet was retrieved within the abdomen of an individual with a perforated iliac artery. The bullet 
perforated the individual's shirt and did not strike bone while passing through the body. 





IN Foe aL Nel eau eee alae Pallas eH 2a 





This bullet struck the ground, fragmented portions of tile, and became markedly deformed before ricocheting upward 
and striking the body of an individual already lying on the ground. The resulting gunshot wound was markedly 
atypical, producing irregular injuries to the body surface. 





This deformed bullet was retrieved from an individual after it ricocheted off an intermediate target. 
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Intermediate-entrance gunshot wound with stippling. Distant-entrance gunshot wound with an asymmetric 
Note the irregular natural of the wound due to the margin of abrasion. This indicates that the bullet grazed 
location on the body. The bullet entered between the the body at an upward trajectory before perforating the 
cartilage of the ear at a skin fold between the ear and skin. 


the scalp. Note the elongated abrasion at the posterior 
ear due to the bullet’s grazing the skin before entering 
the body. 





Graze gunshot wounds; (a) is more atypical. 
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Graze gunshot wounds. 
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Tangential gunshot wound with a trajectory from the middle to distal aspect of the finger. Note the semicircular 
entrance defect at the right side of this wound overlying the proximal middle phalange. 








Tangential gunshot wounds to the arm and trunk. Note the skin tag formation at the wound margin produced as the 
bullet perforated underneath the skin’s surface. 





Tangential gunshot wound with skin tag formation. The direction of fire is from left to right. 


Gunshot Wounds 
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Distant tangential gunshot wound. Tangential 
gunshot wounds are produced when the bullet 
strikes the body at a narrow angle, producing 
skin tag formation. Usually the bullet exits 
the body leaving an open wound through the 
skin’s surface, connecting the path of entrance 
and exit perforations. These wounds are deeper 
than graze gunshot wounds. This wound is 
associated with bullet fragmentation and 
partial exit, which may occur when the bullet 
strikes the body at a surface directly adjacent 
to underlying bone. This is an example 

with bullet fragmentation, partial exit, and 
underlying keyhole deformity of the skull. 
Note the entrance side of this wound is at the 
anterior aspect. There is a semicircular margin 
of abrasion leading into this laceration. The 
direction of fire is from left to right. 


Tangential gunshot wound of the scalp. The 
direction of fire is from right to left. Note 
the skin tag formation pointing away from 
the semicircular entrance site at the right 
side of the wound. 


Note the tangential gunshot wound through 
the palmar surfaces of the fingers. 
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Tangential gunshot wound to the forehead. Part of this bullet entered the cranium and a portion of the bullet exited 
the body. There was an underlying keyhole deformity to the skull. 





After this bullet perforated the fingers it produced a 
tangential gunshot wound to the nose before entering a Sasi 
the body at the face. : ee rae AL res, | 


Gunshot Wounds 
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This demonstrates an entrance and exit gunshot wound 
that passed superficially beneath the skin surface. The 
direction of fire is right to left. Note that the perforation 
at the right side has a more uniform oval shape with 

a more symmetric margin of abrasion. The exit 
component to this wound is more irregular. 


This gunshot wound produced multiple tears and 
perforations to the surface of the skin as the bullet passed 
close to the underlying surface. Such injuries often occur 
in regions of the body where skin folds on itself, such as 
the inguinal, gluteal, and axillary regions. 





This single gunshot wound passed through the 
superficial soft tissues of the chest, producing multiple 
perforations and tears to the surface. Note the irregular 
nature of the torn skin and irregular abrasions at the 
exit reentry site. 





This is another example of an entry—exit-reentry 

wound where the bullet passed close to the underlying 
skin surface. Note the larger irregular abrasions 
connecting the exit and re-entry sites. Also note the dark 
discoloration due to drying. 


This is an entrance and exit 
gunshot wound where the 
bullet passed very close to the 
under surface of the skin. 
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These images show different examples of nailgun wounds. Both of these cases were suicides. Both nailguns were 
similar to the one shown in the last image, which used gunpowder-loaded cartridges. Both entrance wounds consisted 
of circular perforations with symmetric margins of abrasion indistinguishable from typical entrance gunshot wounds. 
Note the orange plastic ejected into the entrance perforation of the temporal skull that is used in some nail guns to 
hold and steady the nail prior to discharge. 
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This individual was shot multiple times. Note the exit gunshot wound to the superior aspect of his middle chest (a). 
He was wearing a medallion on a string that was struck by the bullet as it exited the body, producing an imprint on 
the skin surface. The chest surface was most likely pressing against another object when the bullet exited. Figure (b) 
illustrating the medallion actually demonstrates it facing the wrong way. The medallion should be oriented with the 
inward curvature facing the chest. This was at first erroneously thought to be an entrance gunshot wound. Among 
other points arguing this to be an exit wound was the sternum fracture with bone splinters pointing in an outward 
anterior direction(d). 
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This individual was shot multiple times and survived in the hospital for approximately 2 weeks. One of the 
bullets entered the lung parenchyma and embolized to the heart, where it got wedged in papillary muscles of the 
left ventricle. He developed bronchopneumonia and his lung wound reopened, causing hemorrhage and death. 
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receive signals with both, right and left, circular polarizations. The upper patch is a circular 
plate with 78.8 mm diameter, and it is coupled to the lower patch increasing the bandwidth 
by overlapping both resonant frequencies tuning the substrate thickness and the patch 
diameter size. Fig. 2.a shows the radiating element scheme and main features of the layer 
structure are specified in (Montesinos et al., 2009). 

A cell sub-array of 3 radiating elements shown in Fig. 2.b is considered the basic module to 
build the planar triangular arrays. The whole cell fulfills radiation requirements since it has 
a good polar to crosspolar ratio and a very low axial ratio. Likewise, as it is presented in Fig. 
2.c, the radiation pattern shows symmetry and low side lobes for full azimuth. 


Air 8mm 
Substrate 0.5mm 
Air2mm 


Ground 3-4mm 






Air 9.6mm 


H— 


Substrate 0.25mm = Box 3.5mm 


on 





a b c as 
Fig. 2. a) Assembly of the single radiating element, b) Cell scheme, and c) Cell radiation 
pattern. 


3.1.2 Transmission and Reception (T/R) module and cell distribution 

Different T/R module configurations have been considered, providing either single or 
double polarization (Arias et al., 2010). T/R module allows amplifying and controlling the 
phase shift between signals, received and transmitted, providing an adaptive beam and 
steering direction controller in the whole working pointing range. As Fig. 3 shows, the 
design implemented contains a hybrid coupler, enabling double circular polarization; a 
double pole double throw (DPDT) switch, selecting polarization associated with 
transmission and reception way; 2 low noise amplifiers (LNAs), which amplify the signal 
received or transmitted; a single pole double throw (SPDT) switch, choosing transmission or 
reception way; and phase shifters, introducing multiples of 22.5° relative shift phases to 
form the desired beam. These surface mount devices have been chosen in order to reduce 
space and simplify the design. 

Signals transmitted/received by the 3 T/R modules placed in a cell are 
divided/combined thanks to a divider/combiner circuit composed of 3 hybrid couplers 
that leads the signal to a general T/R module where signal is amplified. Due to 
transmission and reception duality, 2 SPDT switches are used to select the amplification 
way. Furthermore, each T/R module has associated a -25dB directional coupler that is 
used to test T/R modules in the transmission mode. Additionally, reception mode is 
tested by measuring signal in the divider/combiner circuit. A single pole 6 throw (SP6T) 
switch selects the path that is tested. 
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An otherwise healthy, full-term 
pregnant woman was shot multiple 
times in the abdomen. There were 
multiple perforating gunshot wounds 
to her fetus that were atypical due to 
the intermediate targets, including 

the mother, uteroplacental unit, and 
amniotic fluid. All the fetal wounds 
appeared as irregular lacerations with 
irregular abrasions. Direction of fire 
could not be determined. 

Source for upper right and lower 
figures: Catanese C. and Gilmore K. A 
case report and brief analysis of fetal 
gunshot wound characteristics. Journal 
of Forensic Science 47:1067-069; 2002. 
Reprinted with permission from ASTM 
International. 
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This individual was shot in the face while wearing eyeglasses. Note the irregular nature of the entrance gunshot 
wound just beneath the eye (a) and the elongated abrasion extending across the cheek to the decedent’s ear (b], 


corresponding to the eyeglass frame. 
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This individual was shot multiple times and had psoriatic skin disease. Note the irregular nature of this entrance 
gunshot wound through one of the plaques (a). The skin had small radiating lacerations and decreased abrasion similar to 
what is sometimes seen with gunshot wounds through thick skin found on the palms of the hands or soles of the feet (b). 





These are gunshot wounds to an individual who was set on fire to destroy evidence after being shot in his residence. 
His carbon monoxide blood level was negligible. Note the change in character of these injuries due to thermal effect. 


These thermal burns are postmortem. 
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This individual was shot multiple times where the bullet struck bones and fragmented into multiple pieces. It is 
important to keep track of which bullets are associated with which gunshot wounds. There may be three different 
shooters and only one of the bullet wounds lethal. Linking the lethal bullet to a particular shooter may have different 
legal implications. 











This individual was shot in the abdomen with a hunting rifle. Note the snowstorm effect of bullet lead fragmentation 
depicted on this x-ray. 
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This individual (a) was shot with an aluminum-jacketed bullet. This fragment of aluminum (b} was retrieved within 
the wound track. Aluminum, being a relatively less dense metal, may not be apparent on x-ray, particularly when it is 
lying over a dense thick bone. 





Note from this x-ray that one can tell the direction of travel. The bullet struck the humerus, fragmented into pieces, 
and then left a trail of metal fragments as it passed through the soft tissues before coming to rest. 
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This is a contact gunshot wound to the chest with visible muzzle imprint abrasion (b). Note the blue-tipped Teflon 
plug Glazer safety ammunition visible within the revolver chamber (a). Note the yellow metal jacket, Teflon plug, and 
multiple lead pellets seen on x-ray (c), and demonstrated after removal from the body (d). 


338 Color Atlas of Forensic Medicine and Pathology 


MAG SAFE 


GLASER SAFETY SLUG 





This diagram shows a comparison of the 
components of Mag-safe ammunition and 
Glaser safety slug. 


Tangential distant gunshot wound produced by Mag-safe ammunition 
(prefragmented). 








This x-ray is taken from an individual shot with Mag-safe ammunition. Note the metal jacket, gray to blue epoxy 
fragments, and gray metal pellets. 
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This demonstrates a bullet retrieved from an 
individual who was shot approximately 1 day prior | 
to autopsy. Note the shiny surface of the bullet, 
signifying no significant oxidation. 





This demonstrates a bullet retrieved from an individual 
who was shot over a year before. This bullet remained 

in his body until it was retrieved during autopsy after 
somebody else shot and killed him. Note the dull oxidized 
surface on this old bullet. 








Se 
sais —_ a 


These are multiple weathered fragments of bullet 
retrieved from underneath and within the body of a 





—__< 


partially skeletonized individual who was shot and The homicide victim who owned this dog died of 
thrown down a well shaft several years earlier. Note multiple perforating gunshot wounds. The dog sustained 
the irregular weathering marks at the surface of the penetrating gunshot wounds during the attack and was 


bullets due to erosion. autopsied to retrieve ballistic evidence. 
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This is a recent gunshot wound to 
an individual who was shot through 
the subcutaneous and fatty tissues 
of the gluteal region and thigh. Note 
the curvature of the wound track. 
This demonstrates how wound tracks 
may change when the body is laid 
on a flat autopsy table. One must 
keep this in mind when formulating 
bullet trajectories with reference 

to standard anatomic planes. This 
information may later be used as a 
reference to help explain possible 
body positions during the actual 
shooting. Interpreting wound track 
directions can become complicated 
when there are multiple gunshot 
wounds in proximity, particularly 
when the individual was shot while 
curled up in a fetal position and then 
later examined while spread out on 
an autopsy table. Directions should 
be stated with reference to standard 
anatomic planes. 








This is a healing wound track through the subcutaneous and fatty tissues of the gluteal region. Note the dull granular 
nature due to healing and the presence of granulation tissue. 





This is a healing gunshot wound that is approximately a Atypical healing gunshot wounds with fragmented 
week old. pieces of lead. 
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Varying stages of healing gunshot wounds. 


342 Color Atlas of Forensic Medicine and Pathology 





This case involves a suicidal tight-contact intraoral .44-caliber rifle wound with extensive fractures and lacerations 
to the head. Note the gaping injury at the top of the head with the empty cranial vault. The brain was ejected almost 
entirely intact due to expanding muzzle gases. 
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Fig. 3. Cell sub-array and RF circuit. 


3.1.3 Control system 

The control system has two main parts (Salas et al., 2010), the hardware structure and the 
control software. The two level hardware structure has the lowest possible number of 
elements, making the control simpler in contrast to the previous in (Salas et al., 2010). 
Finally, an inter-integrated circuit (I2C) expander is used to govern T/R modules 
individually, and one more cover cell needs (LNA of call and test). A multipoint serial 
standard RS-485 is used to connect the computer with the panels. 


3.2 Portable antenna for personal satellite services 

New fix and mobile satellite systems (Evans, 2000) require antenna systems which can be 
portable, low profile and low weight. Planar antennas are perfect candidates to fulfill these 
specifications. Usually slots (Sierra-Castafer et al., 2005) and printed elements (Garcia et al., 
2010) are most used as radiating elements. 


3.2.1 Antenna system structure 
In this subsection it is introduced a printed antenna for personal satellite communications at 
X band, in Fig. 4. Table 2 shows main antenna characteristics. 























Parameter Specification Parameter Specification 
Frequency range[GHz] 
Tx: 7.9 to 8.4 Efficiency [%] 50 
Rx: 7.25 to 7.75 
é Mee Dipl cysulet Isolation between Tx and 
Polarization polarization Rx [dB] >17 
for Tx and Rx bands 
G/T [dB/K] 7 VSWR 1.4:1 
EIRP [dBW] 32 SLL [dB] -11 
3dB beamwidth [deg.] 5 Size [m]}| 40x40x2.5 
Maximum gain [dBi] 25 Weight [Kg] 2 




















Table 2. Portable antenna specifications. 
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This individual died from a self-inflicted contact 16-gauge buckshot shotgun wound to his forehead. His cerebral 
hemispheres were ejected from the cranium almost completely intact and were discovered behind the body. Note 
reconstruction of this wound produces an obvious circular perforation with soot at the individual's forehead. Initially, 
at the scene investigation, it was thought to have been an intraoral shotgun wound, many of which are associated with 
stretching and lacerations of the lips and mouth region. 


344 Color Atlas of Forensic Medicine and Pathology 











This individual died of a self-inflicted, contact, 
12-gauge shotgun wound to the superior aspect of 
his neck underneath his chin. Note approximation 
of the wound margins produces a roughly circular 
perforation with soot. There were extensive 
lacerations to the face and head. Note the 
extensive stretch marks at the decedent’s face. 
Note the blood spatter pattern and gunpowder 
residue on the hand. 
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These are contact shotgun wounds to the chest. Note the 

roughly symmetric margin of abrasion with small amounts of 
soot. More soot was observed within the wound track. Note in 
(a) another encircling abraded ring corresponding to where the 





muzzle contacted the body when the gun was discharged. Note This is another example of a shotgun-slug wound. 
in (b-c} there is an encircling vague pink discoloration from Note the extensive fragmentation and laceration 
carbon monoxide and nitrites in the burning gunpowder that to the heart. The last image shows the deformed 
reacted with the underlying muscle and blood, producing this lead shotgun slug with wadding retrieved from 


red discoloration. the wound track. 
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(b) 





This is a .12-gauge shotgun wound through clothing showing few stippling defects and a larger abrasion adjacent to the 
entrance defect (a and b). The power piston was retrieved within the wound track (d). Note the abrasions adjacent to the 
entrance wound due to power piston impact (b). There was extensive fragmentation of the lung (c). Note the multiple 
exit buckshot-pellet wounds to the decedent’s back (e). 


Gunshot Wounds 


Distant birdshot-shotgun wounds. 
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This birdshot-shotgun wound to the forearm is estimated at a range of approximately 3 to 4 feet. 





Birdshot shotgun wound with an estimated range of fire of 4 to 5 feet. 





Birdshot shotgun wound with an estimated range of fire of 6 to 8 feet. | Birdshot with power piston type cup from a 
shotgun shell. 


Gunshot Wounds 


This individual was shot multiple times with shotgun 
slugs. Note the large circular perforations with margins 
of abrasions typical for entrance handgun wounds (a). 
Note the elongated margin of abrasion at the middle 
wound (b), indicating the slug struck the body on an 
angle, traveling in a left-to-right direction. 


Entrance shotgun wound with an estimated range of fire of 
3 to 4 feet based on the scalloped appearance of the wound 
margins. 
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Mini-14 Ruger rifle. Flash suppressor. Contact Ruger mini-14 gunshot wound 
with a .223 bullet. Note the flash 
suppressor burns with soot deposition. 





Internal injuries caused by a .223-caliber high-velocity military bullet. 
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Entrance gunshot wound to the roof of the mouth in the This is the inner aspect of a fractured portion of 
skeletonized remains of this individual with a history of skull with a roughly circular perforation and internal 
depression. The remains were found with a handgun. beveling visible at the inner aspect of the skull 


indicating this to be an entrance gunshot wound. 


















TOM 


Exit gunshot wound through the skull. This image demonstrates the surface of the skull with external beveling 
typical for an exit gunshot wound. 
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These defects at the external surface of these skulls were produced by an entrance tangential gunshot wound. This 
demonstrates a keyhole deformity with both internal and external beveling. The bullet typically strikes the bone 
tangentially, producing internal beveling at the entrance side. Then it will often fragment and partially exit the body. 
The exit side will have external beveling. 
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This is a planar, compact, modular, low loss and dual circular polarized antenna, for Tx and 
Rx bands, simultaneously. It is made up by a square planar array of 16x16 double stacked 
micro-strip patches, fed by two coaxial probes. A hybrid circuit allows the dual circular 
polarization (Garg et al., 2001). Elements are divided in 16 sub-arrays excited by a global 
power distribution network of very low losses, minimizing the losses due to the feeding 
network and maximizing the antenna efficiency. In order to reduce side lobe levels (SLL), 
the signal distribution decreases from the centre to the antenna edges, keeping symmetry 
with respect to the main antenna axes. The antenna works at X band from 7.25 up to 8.4 
GHz with a 14.7% relative bandwidth for a 1.4:1 VSWR and a maximum gain of 25 dBi. 


3.2.2 Sub-array configuration 

The sub-array configuration can be seen in Fig. 4.a. It makes possible to separate the 
fabrication of these sub-arrays from the global distribution network, simplifying the 
corporative network and getting a modular structure suitable for a serial fabrication process. 
Each sub-array is a unique multilayer board, where PTFE-Glass substrate of very low losses 
has been used as base material. The power distribution network is connected to each sub- 
array through (SMP-type) coaxial connectors. 





Subarray: 
4n4 patches 





Fig. 4. a) Dual polarized portable printed antenna for satellite communication at X band, b) 
Sub-array perspective view, and c) Side view and multilayer scheme. 


Fig. 5.a and Fig. 5.b show the sub-array unit cell. In order to obtain better polarization 
purity, each element is rotated 90° and excited by a 90° phase-shifted signal. Moreover, in 
Fig. 5.c is showed a miniaturized branch-line coupler (BLC) of three branches working as a 
wide band hybrid circuit (Garcia et al., 2010; Tang & Chen, 2007). 





a 


Fig. 5. Unit cell test board, a) Unit cell test board 2x2 stacked patches, b) Micro-strip feeding 
network, and c) Miniaturized BLC Prototype. 
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CHARLES A. CATANESE AND GERARD CATANESE 


Introduction 





Burns may occur following exposure to heat (thermal 
burns), electricity, chemicals, or radiation. 

First-degree burns are the most superficial and 
involve the epidermis. They appear as a red discol- 
oration of the skin. An example of this would be 
sunburn without blister formation. Second-degree 
burns have deeper penetration of injury involving 
the epidermis and dermis causing blister formation. 
An example of this may occur when one touches a 
hot pot on a stove and pulls the hand away quickly. 
Third-degree burns are full thickness, involving the 
epidermis, dermis, and subcutaneous layer, and 
appear as collapsed blisters with skin sloughing and 
red-to-brown discoloration. Fourth-degree burns have 
even deeper penetration of damage, often with char- 
ring and exposed underlying tissue including bone. 
The bones may be fractured from intense heat and 
the internal organs may have a firm, discolored, and 
shrunken appearance. 

Burns following exposure to heat are thermal burns, 
which may occur following contact with hot liquid or 
fire. Children may be scalded while left unattended in a 
bath tub. They may inadvertently hit the hot water knob 
to increase hot water flow. They may jump into a bath tub 
full of very hot water, scalding their feet. One must exer- 
cise great care in evaluating these cases as they may bea 
result of abuse or neglect. A child with both feet scalded 
with scarring around a shoe pattern is more likely the 
result of abuse or neglect. A child who is waiting to take 
a bath will not usually have shoes on and will most likely 
step one foot into the tub at a time. The burns will be on 
one foot but not usually both. Both feet scalded at once 
may indicate dunking into hot water as punishment. 

If an individual dies and is placed in a tub full of hot 
water after death, the body will develop thermal injury 
more readily than if a living body was placed in the same 
water. A living body can counteract heat injury by vaso- 
dilation and circulating the heat to the body’s core away 
from the surface, thus providing some protection to the 
skin. A dead body left in warm water will quickly develop 
postmortem thermal burns that appear as skin slippage. 
Decomposition may also present with skin slippage and 
blister formation. An individual may sustain full thickness 


burns to greater than half of his or her body and still be 
conscious without immediate death. Death often occurs 
later due to electrolyte imbalances or infection. 

Also, mortality increases with age. Second- to third- 
degree thermal burns to half the body’s surface would 
much morelikely killa senior citizen than a child. Second- 
degree burns are more painful than third- or fourth- 
degree burns due to less damage to nerve endings. 

Antemortem burns may be characterized by fluid- 
filled-blister formation. To have fluid-filled blisters in a 
nondecomposing body in a nongravity-dependent area 
not adjacent to an area with more extensive burns with 
contracted tissue, one needs a blood pressure and a beat- 
ing heart. Antemortem blisters also typically have a red 
base with surrounding erythema. This concept remains 
controversial in some jurisdictions. Also, a dead body 
from a house fire will decompose at a much slower rate 
than a dead body not exposed to smoke and intense heat 
Smoke and heat serve as preservatives. Low heat will 
accelerate the putrefication process. Radiant heat in a dry 
environment will quickly cause tissue to become firm and 
dehydrated, often with hair still present. This depends 
on the amount of heat and humidity and the duration 
of exposure. Also, intense heat may produce postmor- 
tem artifacts that may be misinterpreted as antemortem 
injury, such as an epidural hemorrhage. Epidural hemor- 
rhage may be postmortem and is caused by heat-related 
contracture of the dura mater forcing blood from adjacent 
vessels into the epidural space. Subdural hemorrhages do 
not occur in this manner and are antemortem injuries. 

Thermal burns sustained by fire may be accom- 
panied by smoke inhalation. In general, most fatali- 
ties from house fires are caused by smoke inhalation. 
Decedents dying directly in house fires usually have 
mostly postmortem burns. Fire fatalities that occur out- 
side in an open space often do not have associated signif- 
icant smoke inhalation because the smoke rises rapidly 
and is not inhaled. In the case of a flash fire, inhaled 
super-heated gases damage the upper airways, including 
the laryngeal mucosa, and causing death from reflexive 
closure of the airway at the level of the vocal cords with 
asphyxia and eventual fatal arrhythmia. The effects of 
smoke inhalation are often reflected by the amount of 
carbon monoxide present in the blood. This depends on 
the nature of the burning material. 
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There are often other significant poisons associated 
with burning materials that can rapidly contribute to 
death, such as hydrogen cyanide. A fire victim does not 
need a lethal level of carbon monoxide to die of smoke 
inhalation. Carbon monoxide is produced from incom- 
plete combustion of organic fuels. Carbon monoxide, 
in the absence of smoke, is a colorless, odorless gas that 
reversibly binds the hemoglobin molecule approximately 
200 times greater than oxygen, resulting in hypoxia and 
possible death. Levels of carbon monoxide that exceed 
50% saturation are considered life threatening, but may 
cause death with levels less than 26% saturation. Carbon 
monoxide levels of greater than 80% are possible. These 
levels need to be correlated with the physiologic disease 
state of the individual’s body, including heart disease, for 
example. Someone with marked coronary-artery athero- 
sclerosis would often require much less carbon monoxide 
exposure to produce death than a young healthy indi- 
vidual with slight atherosclerosis. Cigarette smokers may 
reach carbon monoxide levels of 10%. Carbon monoxide 
levels of 15-30% are associated with dizziness, nausea, 
and headache. Cherry-red lividity first becomes apparent 
at levels of 30-35%. The half-life for carboxyhemoglobin 
elimination in a resting adult at sea level is generally 4 
to 5 hours. This may be reduced to 80 minutes follow- 
ing administration of pure oxygen, and may be further 
reduced to 24 minutes by using oxygen at 3 atmospheres 
of pressure. Primary elimination of unchanged carbon 
monoxide occurs by pulmonary excretion. Also, if there 
is more than one fatality without obvious cause, one 
should consider carbon monoxide poisoning. 

Electrical burns may be due to low- or high-voltage 
exposure. The electrical current may be direct or alter- 
nating in nature. Alternating current is more likely to 
cause a fatal cardiac arrhythmia than direct current. 
High voltage is generally defined as greater than 1000 
volts for alternating current and greater than 1500 volts 
for direct current. High-voltage burns are usually associ- 
ated with extensive obvious injury. Low voltage is gener- 
ally defined as being less than 1000 volts for alternating 
current and less than 1500 volts for direct current. Low- 
voltage burns may present with no visible marks to the 
body’s surface at all. The degree of injury depends on 
many factors, including the duration of exposure and 
the amount of heat generated. 

Electrical burns may also occur as a result of a 
lightning strike. Lightning bolts occur with an enor- 
mous short-term release of electricity, often producing 
minimal injuries. Lightning strikes may also produce a 
fern-like red pattern at the skin’s surface. Patterns simi- 
lar to this may be observed in high-voltage electrocu- 
tion. These types of electrical discharges present with 
different autopsy findings. The mechanism of death is 


Color Atlas of Forensic Medicine and Pathology 


usually arrhythmia and more likely to occur if the cur- 
rent passes directly through the heart. Death may also 
occur due to asphyxia if there is interference with the 
central nervous system’s respiratory centers or paralysis 
of the chest muscles. To complete an electrical circuit 
one needs an entrance and exit point for electricity to 
pass through the body. An otherwise healthy individual 
may be found lying barefoot and on a damp floor next 
to a power tool with a frayed electrical cord. This is why 
adequate scene investigation is crucial. It is also impor- 
tant to keep the electrical device as evidence to be tested, 
and to prevent any other fatalities. There may or may not 
be burns to the body’s surface at autopsy. 

Chemical burns are due to exposures to caustic sub- 
stances. These burns most often involve injury to the skin 
or mucosa, leaving red discoloration or sloughing of the 
superficial layers. More extensive injuries may involve 
damage to the underlying tissue including bone. This 
depends on the strength and nature of the caustic sub- 
stance, which include acids, bases, and other chemicals 
that can damage the body. Individuals may die acutely 
following chemical burns from many different mecha- 
nisms including hemorrhage, infection, dehydration, 
or they may die many years following such injuries. For 
instance, if an individual attempts to commit suicide by 
ingesting lye 20 years earlier and later develops esopha- 
geal cancer as a result of these burns, the manner of death 
would be suicide. Children may accidently drink caustic 
substances, leading to gastrointestinal perforation that 
may lead to adhesion and gastrointestinal obstruction 
many years later. In this case, the manner of death would 
be accidental. It is always very important to find out the 
initial event that starts the ball rolling in the sequence of 
events that eventually leads to an individual’s demise. 

Radiation is defined as energy distributed as waves 
or particles across the electromagnetic spectrum. This 
includes electric, radio, radar, microwaves, infrared, vis- 
ible light (lasers), ultraviolet light, x-rays, gamma rays, 
and cosmic radiation. Waves are characterized as having 
long wavelengths and low frequencies, whereas particles 
have short wavelengths and high frequencies. The types 
of biological effects vary greatly depending on the type 
of radiation, duration of exposure, and intermediate 
barriers. Acute exposure to skin may range from ery- 
thema to overt necrosis with eventual epidermal atrophy 
and dermal fibrosis. Biological effects include cataracts, 
burns to the retina and skin, necrosis, fibrosis, and can- 
cer. Generally speaking proliferating cells are affected 
more substantially with acute exposure as indicated by 
damage to the gastrointestinal and hematopoietic sys- 
tems with increased risks of infection, nausea, vomiting, 
diarrhea, and hemorrhage. Damage to DNA may even- 
tually lead to many different forms of cancer. 





Soot within the nares due to smoke inhalation. 


Microscopic view of lung with soot deposition in the 
distal bronchi. 
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Smoke inhalation with soot deposition on the airway 
mucosa of the larynx and trachea. 


— 


Microscopic view of airway with soot deposition at the 
surface of respiratory epithelium. 
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First-degree burn characterized by red discoloration 
with injury limited to the epidermis. 





Second-degree thermal burns characterized by fluid-filled-blister 
formation. Second-degree burns include damage to both the epidermis 
and cermis and are often more painful than third-degree burns due to 
less destruction of nerve endings. 





Second- to third-degree thermal burns. These areas demonstrate fluid-filled-blister formations that were interpreted as 
antemortem. To have fluid-filled-blister formation associated with thermal injury, one usually needs to have a blood 
pressure. Fluid-filled blisters generally do not occur due to putrefaction in burn victims due to the preservative effects 
of fire and smoke. Postmortem blister formation may occur in gravity-dependent regions without significant thermal 
damage or adjacent to regions with soft-tissue heat-related contractures. Also, postmortem blisters lack vital reaction. 
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First- to third-degree thermal burns 
involving the posterior aspect of the 

left thigh and gluteal region. The right 
leg is without thermal burns. First- 
degree thermal burns in this picture are 
characterized by the red discoloration 
without blister formation or skin 
slippage. Note the areas of collapsed 
blister formation, which are consistent 
with a postmortem burn. Sometimes 

it is difficult to interpret antemortem 
burns if continued heat causes fluid-filled 
blisters to collapse and fluid to evaporate. 
Most fire fatalities succumb from smoke 
inhalation before extensive burns occur. 


Postmortem second- to third-degree 
thermal burn with skin slippage and 
collapsed blister formation. 


Full-thickness or third-degree burns in 
an individual who lived hours after being 
shot in the head and having his or her 
residence set on fire to destroy evidence. 
Full thickness refers to involvement of 
the epidermis, dermis, and subcutaneous 
layers. These are often less painful 

than second-degree burns due to more 
complete damage of nerve endings in the 
latter. 
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Note the sparing of thermal injury at 
the bottom of the decedent’s foot due to 
protection by a shoe. 


Antemortem third-degree burns. This 
is self-immolation of an individual who 
was wearing sandals. Note the lack of 
thermal injury in the region protected 
by the shoe strap. 


This image demonstrates postmortem 
second- to third-degree thermal burns to 
the sole of this foot. Note the wrinkled 
thick skin demonstrating skin slippage. 
There was minimal underlying fluid 
accumulation or blister formation. 
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Postmortem fourth-degree thermal burns with extensive charring and exposed muscle and bone. Note the pugilistic 
stance of the body with arms raised (b). Also note the postmortem skeletal fractures due to extensive heat (c). 





This individual was wheeled out of a building in a shopping cart and set on fire. Note the postmortem cracking of the 
skin due to heat exposure. This is indicated by the exposed yellow subcutaneous tissue with no hemorrhage. There 
were extensive fourth-degree thermal burns to the entire body. 


360 Color Atlas of Forensic Medicine and Pathology 





Extensive third- to fourth-degree thermal 
burns with partial skeletal fragmentation 
due to the wick effect, which refers to 

a self-perpetuating, low-intensity flame 
following ignition of certain materials 
contacting the body, where the skin is 
cracked from heat and the underlying fatty 
tissue is rendered into oil that is absorbed 
into the charred clothing, producing a 
wick. This low-level heat can produce 
extensive destruction to a body over hours. 





This is a rare finding of decomposition after extensive thermal injury and exposure to smoke. The decedent was involved 
in a fatal fire and the body was not discovered for several days after being soaked in water following fire extinguishing. 
Note the microorganisms and mold growing at the body surface shown by the gray-white discoloration. Putrefactive 
changes were markedly inhibited due to the effects of exposure to smoke and heat. 
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These are all examples of homicides where apartments or houses were set on fire to destroy evidence. Figures (b—d) are 
examples of antemortem stab wounds that have been altered by postmortem thermal burns. Note that the margins 
are relatively sharp and do not appear as though the skin has cracked secondary to heat exposure. Upon internal 
examination, these injuries become much more apparent with hemorrhage and blood accumulation. Note in (a) areas 
of cracked skin with exposed yellow subcutaneous tissue without hemorrhage, which is indicative of postmortem 
thermal injuries. Note the wound at the upper aspect of the lateral left neck with hemorrhage due to an antemortem 
stab wound. 
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A conventional configuration takes up an area of 13.3 cm? which is big compared to the 
radiating element and the sub-array subsystem size. Therefore, a miniaturization of the BLC 
is needed using the equivalence between a 1/4 transmission line and a line with an open- 
ended shunt stub. An area reduction about 35% is achieved and the hybrid circuit behaves 
like a conventional BLC. In Fig. 6.b and Fig. 6.c measurement results for the BLC in Fig. 5.c 
are shown compared with simulations. 

Fig. 7 depicts some sub-array measurements. The copular to crosspolar ratio is better than 25 
dB and axial ratio is under 0.9 dB in the whole bandwidth. 


Amplitude 





Fig. 6. Miniaturized BLC, Measured and simulated S-parameters in: a) Amplitude, and b) 
Phase. 





trequency (GHz) 


b 


Fig. 7. 4x4 patch sub-array measurements, a) Radiation pattern at 7.75 GHz, and c) Axial 
ratio for right-handed circular polarization. 





3.2.3 Low losses power distribution network 

The global feeding network presented in Fig. 8.a is a protected strip-line, where foam sheets 
of high thickness are used to get low losses. Such a kind of feeding network allows keeping 
a trade-off between the simplicity of exciting the radiating elements using printed circuits 
and the loss reduction when the distribution network is separated in a designed structure to 
have low losses. Losses in the structure are around 0.6 dB/m which yields to 0.3 dB of losses 
in the line. Two global inputs/outputs using SMA-type connectors, one for each 
polarization, excite the strip-line networks. 

Vertical transitions have to be treated carefully and must be protected to avoid undesired 
higher order mode excitation. Thereby, it has been design a short-ended pseudo-waveguide, 
adding some extra losses about 0.3 dB, for two kinds of vertical transitions, as can be seen in 
Fig. 8.b and Fig. 8.c. 
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These figures demonstrate postmortem epidural hemorrhage. These can sometimes be misinterpreted as antemortem 
blunt force trauma. With exposure to flames, the brain and dura mater may contract, and blood may be forced from 
the small vessels at the inner aspect of the cranial bone and through the dural sinuses, producing epidural blood 
accumulation that will coagulate with heat. 





Extensive postmortem thermal injury with brain shrinkage. Organs exposed to extensive heat will decrease in size 
largely due to dehydration. 
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This individual died of an overdose and was found with dried vomitus on her face. Note the red discoloration caused by 
gastric acids producing burns to her face. 





Chemical skin burns caused by spilling sulfuric acid. The sutured linear incisions are due to organ donation with 
retrieval of bone and soft tissues. 
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This individual drank a mixture of lye, kerosene and other caustic chemicals. Note the white discoloration from 
chemical burns at the lips, mouth, tongue, and esophagus. 





Note the red to brown discoloration in the abdominal cavity following gastric perforation and leakage of the caustic 
chemicals into the peritoneal cavity. 
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Electrical burn on the hand of this individual who reached into a ceiling and grabbed a live wire. He was standing on 


an aluminum ladder wearing shorts. His leg contacting the ladder completed the circuit through his heart, producing a 
fatal arrhythmia. 





This individual fell from a subway platform onto the third rail and sustained these electrical burns. 
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These are examples of second- to third-degree electrical burns caused by inadvertently contacting live wires at 
construction sites. These individuals died as a result of a fatal cardiac arrhythmia. They fell to the ground lifeless 
within about 15 to 20 seconds after contact. 








This individual was found lying next to an electrified subway rail with his pants down, and an electrical burn to his 
penis. He was lying in a puddle of urine and was markedly intoxicated at the time of his death. 
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These individuals died of heart disease while taking a bath. These are examples of second- to third-degree postmortem 
burns due to being submerged in warm to hot water. Postmortem burns occur with less heat than antemortem 

burns. Note the red discoloration with skin slippage and a sharply demarcated border defining the submerged 

and unsubmerged areas. To help the viewer distinguish between these regions we placed a line adjacent to this 
demarcation. Individuals who drown in bathtubs have some contributing factor dictating why they could not keep 
their head above the water. They maybe neurologically compromised or intoxicated. People with seizures may 
accidentally drown. 
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Child abuse cases with homicidal scalding. Image 
(a) demonstrates second- to third-degree burns to 
both feet and ankles from repeatedly being dunked 
in hot water. Images (b—d) show skin grafting with 
therapeutic intervention in a child with fourth- 
degree burns who was left sitting in scalding water. 
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These are fasciotomy incisions made by physicians for medical therapy to relieve pressure in extremities. 
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Identifications may be very challenging in fire fatalities. These cases may require dental analysis for identification. 
Incisions may be made in the face to access the teeth. Funerals in such cases are closed casket due to the severe 
extensive nature of the injuries. 





Swelling of the tongue due to inhaling super heated gases in an individual who survived for 1 day. 
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This individual crashed an airplane and sustained extensive blunt force trauma. These images demonstrate an 
antemortem subdural hematoma altered by extensive postmortem thermal injuries. 
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Fig. 8. a) Protected strip-line global corporative network for one polarization, b) Transitions 
from strip-line to SMA-type connector, and c) Transitions from strip-line to SMP-type 
connector. 


3.2.4 Antenna performance 

Fig. 9 depicts measured radiation pattern at 7.75 GHz, gain and axial ratio for the antenna 
system. It is shown a maximum gain of 25 dBi in the lower band and about 22 dBi in the 
upper band, and a SLL around 11 dB. Copolar to crosspolar ratio is better than 30 dB and 
axial ratio is under 0.7 dB. Total losses are about 4 dB in the working band. 
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Fig. 9. Antenna measurements results, a) Radiation pattern at 7.75 GHz, and c) Axial ratio 
for right-handed circular polarization. 


3.3 Electronically steerable antennas for mobile and fixed portable systems 

At present, two types of electric steerable antenna systems can be used to access the 
satellite communication services (Bialkwoski et al., 1996). These are: fixed position 
portable systems and mobile systems such as those installed on a land vehicle. The fixed 
portable antenna system is relatively easy to be accomplished by the antenna designer. 
The design involves standard procedures that concern the operational bandwidth, 
polarization and moderate gain (Garcia et al., 2010). One drawback of the fixed position 
portable system is that they require the user to be stationary with respect to the ground. 
This inconvenience can be overcome with the mobile antenna system. A mobile user 
complicates the scenario since the ground mobile antenna needs to track the satellite 
(Alonso et al., 1996). The design of such a system is more challenging as new features 
associated with the mobility of the system have to be incorporated (Fernandez et al., 
2009). The requirement leads to a narrow beamwidth, for which satellite tracking is 
required as the vehicle moves around. Electronically steerable antennas enable the 
development of reconfigurable antennas for satellite applications. 
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CHARLES A. CATANESE AND BARBARA K. BOLLINGER 


This is a general term used to describe decreased oxy- 
gen uptake or use, together with decreased carbon 
dioxide elimination. 

Airway obstruction may occur by smothering, neck 
compression, foreign body aspiration, excess secretions 
or swelling of the airway, etc. Smothering is defined as 
external occlusion of the mouth and/or nose which pre- 
vents air exchange. Children may aspirate foreign bod- 
ies such as peanuts, hotdogs, popcorn, watch batteries, 
coins, etc. Adults who aspirate food are invariably neuro- 
logically compromised or intoxicated. Airway obstruc- 
tion due to excess mucus or swelling as with asthma or 
anaphylaxis can produce asphyxia. Also various body 
positions may produce airway obstruction (positional 
asphyxia) as with occupants of motor vehicles trapped 
after collisions or intoxicated people passing out and 
sliding into awkward positions that prevent chest expan- 
sion and air exchange. 

Autopsy findings associated with smothering may 
be very subtle or non-existent. Findings may include 
abrasions around the nose and/or mouth that cannot be 
explained by other means (i.e., resuscitative efforts). Great 
force is applied to the mouth and lips which may cause 
tears to the frenulum of the lip, the mucous membrane 
that connects the inside of the lip to the corresponding 
gum. Smothering may occur with the use of hands or by 
placing an object over a face, such as a pillow. 

Depending on the degree of force applied and the 
structures compressed, there may or may not be pete- 
chiae present on the skin of the face, mucous mem- 
branes or eyes. Arguably, the greater the disparity in 
size between the perpetrator and the victim (i.e., adult 
and child), the less likely there will be a demonstrable 
injury due to the overpowering relative nature of this 
type of struggle. It is important that in cases of sus- 
pected smothering, experienced police interrogators 
and medical investigators perform the interviews. In 
cases where autopsy findings are very subtle, well-docu- 
mented descriptions of the circumstances with specific 
details are extremely important. 

Chemicals can produce asphyxia. Inert gases like 
methane or carbon dioxide will displace oxygen from 
the air and produce asphyxia by depletion or replace- 
ment of oxygen. Various poisons such as carbon mon- 
oxide or cyanide interfere with oxygen uptake and 
utilization, respectively. 


Chest compression can produce asphyxia by pre- 
venting air flow into the lungs. 

Neck compression as with hanging and strangula- 
tion can also produce asphyxia by obstruction of various 
neck structures including the airway, venous circulation 
and arterial circulation. 

Interpretation of autopsy findings with respect to 
hanging vs. strangulation can be challenging. Each sub- 
heading below will describe the presenting classic and 
most common features, and then elaborate on less com- 
mon features. It is important to realize that there is over- 
lap between how the two present; depending on how 
the act is carried out, they may appear very similar. In 
establishing the manner of death, one should consider 
all aspects of the case including the past medical history 
(ie., depression, end stage cancer, etc.), scene investiga- 
tion and autopsy findings. 

Hanging refers to ligature compression of the neck 
mitigated by the gravitational forces of the hanging 
head, causing partial or complete obstruction of the 
neck structures including blood vessels and the airway. 

In a typical non-judicial suicidal hanging an indi- 
vidual places a ligature with a slip knot encircling the 
superior aspect of his or her neck. He or she secures the 
other end of the rope to a fixed support and allows the 
entire or partial body weight to pull downward, occlud- 
ing the neck structures until loss of consciousness and 
death. In this case there should be furrow pattern that 
matches the overlying ligature which forms an inverted 
“vy” mark or indentation, extending upward at the supe- 
rior aspect of the neck and head. With the entire body 
weight pulling downward, all of the neck structures are 
(ie., arterial, venous, and airway) are usually occluded 
at the same time and one would not expect to find pete- 
chiae in the face or eyes. There are typically no hem- 
orrhages or fractures of the neck structures or other 
injuries to the body indicating a struggle. The cervi- 
cal vertebrae are rarely fractured in suicidal hangings. 
When the body hangs for longer periods of time the fur- 
row indentation becomes more prominent. Individuals 
cut down shortly after this act may have little or no fur- 
row mark. This depends on the type of ligature used. A 
wide soft ligature will leave less of a mark than a nar- 
row, more resistant ligature. If the body is left to hang 
for days, decomposition with stretching may eventually 
lead to the head being pulled away from the body. 
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In the case of a judicial hanging, the body is dropped 
from a height to produce sufficient force to fracture the 
upper cervical vertebrae resulting in spinal cord injury 
with cardiac and respiratory satiation. 

An individual hanging in a sitting or lying posi- 
tion may have partial occlusion of the neck structures 
before loss of consciousness ensues. In situations 
where the body is adjacent to another structure, the 
individual may partially pull his or her body up and 
down, causing varying degrees of pressure-release 
before loss of consciousness. This will produce a sim- 
ilar effect to what is seen in strangulation. In these 
circumstances, the up and down motion of pressure 
release will obstruct different neck structures at dif- 
ferent intervals. Venous circulation requires the least 
amount of pressure for occlusion, as compared to the 
arterial system and the airway. When venous circu- 
lation is obstructed without the arterial circulation, 
the higher pressure arterial blood beats through the 
capillary beds rupturing small blood vessels produc- 
ing petechiae. As this process continues the hemor- 
rhage size increases and may become confluent. These 
are most obvious within the sclera and conjunctivae. 
These movements may also produce hemorrhages or 
fractures to the neck structures including the airway 
cartilages and hyoid bone. These findings are more 
characteristic for strangulation, but may be seen in 
hangings. 

Though unusual, people have been known to tie 
their hands behind their backs during the process of 
hanging themselves. The individual may have tried to 
complete this act several times in the past but the will to 
survive overpowered the will to end life. The tied hands 
are usually loosely tangled and not tightly tied. This will 
give the individual enough time to prevent himself from 
stopping the process. There are usually no other signs of 
a struggle or defensive type injuries. 

With a free hanging and total body weight suspen- 
sion, an otherwise healthy individual, using a slip knot, 
would be expected to lose consciousness within 15 to 20 
seconds, and suffer irreversible brain damage within 4 
to 6 minutes. 

Hanging is usually suicidal, but may be accidental 
or homicidal. 

Strangulation may be by ligature or manual. A liga- 
ture is something flexible that can encircle the neck, like 
a cord, belt or piece of clothing, etc. Manual strangula- 
tion refers to the use of one’s hands leading to compres- 
sion and blockage of the neck structures. 

Manual strangulation is usually characterized 
by multiple irregular, angulated, abraded contusions 
around the neck. The marks may be curvilinear, cor- 
responding to fingernail prints. These external marks 
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can be somewhat variable and can range from a few to 
many. 

Ligature strangulation is usually characterized by a 
horizontal furrow or mark pattern around the neck. The 
extent of these injuries depends on the type of ligature, 
how broad and soft it is, and the amount of struggle, etc. 

The act of strangulation is often a very physically 
dominating, often non-premeditated, way of killing 
somebody. This act takes time and comes with the risk 
of injury to all those involved. The individual strangled 
is usually smaller and of weaker strength. Often a sexual 
component to the assault exists and a rape kit should 
be performed in all cases of suspected strangulation. 
Petechiae are usually present in the face and eyes. There 
are usually hemorrhages in the strap muscles of the neck, 
and there may be fractures of the laryngeal cartilages 
and/or hyoid bone. These fractures are more common 
in older victims because the cartilages are more calci- 
fied, brittle and less elastic. Older people may also have 
osteoporosis. Younger victims or children tend to have 
more flexible upper airways that often will stretch or 
collapse rather than fracture. Depending on how great 
the struggle, the amount of force used, and the type of 
neck compression, there may or may not be petechiae 
and/or hemorrhages above the ligature or region of 
neck compression. The presence of petechiae formation 
is more likely when there is a pressure-release compo- 
nent associated with a struggle or if less variable force 
is applied and if the ligature is wide with a large surface 
area. The presence of petechiae is less common when the 
force is very strong, consistent, and applied with a small 
surface area ligature. The latter example is more similar 
in nature to a hanging. Victims of strangulation often 
have defensive type injuries including other abrasions 
and contusions to their body. 

It is possible to ligature strangle yourself; it is not 
possible to manually strangle yourself. If one is able 
to apply enough force to lose consciousness manually, 
revival occurs after the pressure is released. Continued 
force is necessary for death to ensue. 

Someone murdered by ligature strangulation may 
die within a similar time frame as someone hanged; 
however, the time frame is usually longer. If there are 
multiple petechiae with hemorrhages and fractures of 
the neck structures, whether ligature or manual, the time 
frame may be much longer. This latter example usually 
indicates pressure-release, pressure—release over several 
minutes until loss of consciousness, and then continued 
pressure for several more minutes until death occurs. If 
an individual is released shortly following loss of con- 
sciousness, revival may follow. 

Proper autopsy technique dictates that the brain 
and visceral organs be removed prior to a layered neck 
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dissection being performed. Photographs of the neck 
dissection in layers are recommended. 

Drowning occurs when water is inhaled, filling 
up the alveolar spaces and preventing gas exchange. 
The manner of death will vary depending on how the 
individual came to be in the water. If the event is not 
witnessed the manner often remains undetermined. 
Water in the lungs (pulmonary edema) and the para- 
nasal sinus is often present. The degree of pulmonary 
edema may vary in a fraction of the cases due to the 
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heart beating after respirations cease. As the heart 
beats, before eventual asystole, some of the fluid in the 
lungs will be absorbed. An adult may drown in a big 
pool or ocean but not in a small pool or bathtub unless 
neurologically compromised or intoxicated. Homicide 
victims are sometimes placed in a water-filled bathtub 
to wash away evidence. The story given may be, “I found 
him in the tub, and he must have drowned.” Common 
sense would dictate that an individual does not need to 
move very much to get his head above the water. 
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Suicidal hanging. Note the black cord (a) that matches the underlying furrow pattern at the superior aspect of the neck 
with upward extension at the left side of the face. Also note that the individual's lividity becomes more apparent and 
is fixed at the level of the upper thigh extending down to the feet (b). This fixed lividity pattern is appropriate for an 
individual who remained in an upright position for many hours after death. If his lividity was fixed posteriorly and 
not inferior; this would indicate prior scene alteration. There were hesitation marks at the wrist with blood seeping 
downward due to gravity (c). 





Suicidal hanging with matching rope and furrow pattern circling superior aspect of the neck forming a slight inverted 
“V" pattern behind the right ear. 





Suicidal hanging with computer cord. 
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Accidental hanging in an individual with Alzheimer’s 
dementia who enjoyed whirling around in circles while 
sitting on a desk chair. The person was left unattended for 

a short period of time by chronic care nursing staff, and got 
tangled in the cord from a window blind. This furrow pattern 
matches a blind cord as a ligature. Suicidal hanging with chain. 
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Suicidal hanging by braided belt. Note the matching skin pattern. 
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Suicidal hanging with earphone cord (a). This individual also took part of the cord and loosely wrapped his hands 
behind his back so he would not be able to reach up and prevent the hanging from being successful. This is not very 
unusual for people to hang themselves and loosely tie their hands in this fashion. Note the force of the ligature caused 
the tongue to protrude from his mouth (b). Also note the dark postmortem drying of the mucosa exposed to air. 
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Homicidal ligature strangulation in a prostitute who had large 
amounts of cocaine and heroin in her system. Her fingers were also 
noted to be crushed by a pair of pliers during the assault. 





This is a suicidal ligature strangulation in an individual with 

a longstanding history of depression who was found in a locked 
secured apartment with a suicide note. Note the cord is tied tightly 
around his neck. There is also a moderate state of putrefactive 
change with skin slippage, bloating, and purging. 





r (b) 


Homicidal ligature strangulations with 
horizontal cord marks surrounding the necks. 
Note the other injuries to the decedent’s 

face in (b), including abrasions. Both of these 
victims were also sexually assaulted. 
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Manual strangulation. Note the multiple irregular abraded contusions surrounding the neck. There were 
multiple areas of strap muscle hemorrhage and a fractured hyoid bone. She was sexually assaulted and left 
in a stairwell. There were multiple petechiae with areas of hemorrhage in the sclerae and conjunctivae of 
each eye. The constellation of these findings are typical for a homicidal manual strangulation. 
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3.3.1 Steerable antenna for fixed position portable systems 

This antenna is a fixed satellite communication system with high gain at X band, consisting 
of an antenna array that integrates 32 2x2 sub-array modules in the complete antenna, as 
shown in Fig. 10.a. It is a planar and dual circular polarized antenna for Tx and Rx bands 
simultaneously. It is made up by a planar array of double stacked circular micro-strip 
patches, fed by 2 coaxial probes to generate circular polarization. A hybrid circuit allows the 
dual circular polarization as shown in Fig. 10.b. 





























a b c 


Fig. 10. Active multi-beam antenna, a) Top view, b) Feeding network of the complete 
antenna, and c) Beamforming network of the 2x2 sub-array module 


The antenna has the same design parameters, structure and configuration as the antenna 
explained in Section 3.2 but with a different feeding network, as previously shown. In this 
case, the beamforming network requires changes in the feeding phase in the 2x2 sub-arrays, 
which can be achieved by phase shifters (¢) associated with different sub-arrays (Fig. 10.c). 
All these sub-arrays are connected to a feeding network, in Fig. 10.b, formed by 
transmission lines with low losses in strip-line. General specifications of the steerable 
antenna for fixed position portable systems are provided in Table 3.(a). 


3.3.2 Automatic steerable antenna for mobile systems 

A broadband circularly polarized antenna for satellite communication in X band is 
presented in Fig. 11 and specified in Table 3.(b). The arrangement features and 
compactness are required for highly integrated antenna arrays. It is desired to get a low- 
gain antenna for mobile satellite communications with low speed of transmission. In this 
system, the antennas are formed by 5 planar 4x4 arrays of antennas, which form a 
truncated pyramid with a pointing capability in a wide angular range, so that among the 5 
planar arrays the complete antenna can cover any of the relative positions between the 
mobile system and the satellite in a practical way. The scheme of the active antenna can be 
seen in Fig. 11. 

As it can be observed in Fig. 11.a, the antenna terminal is a multi-beam printed antenna 
shaped as a trunk pyramid capable of directing a main beam in the direction of the satellite. 
The antenna steering system consists of a multi-beam feeding structure with switches that 
lets combine the feed of each 4x4 arrays to form multiple beams. Switching the different 4x4 
arrays, it is achieved different multiple beams and the variation of the steering direction. 
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Manual strangulation. Note the Manual strangulation. There is early decomposition with skin slippage. There 
abraded contusions to the anterior are vague abrasions and superficial contusions at the neck. As decomposition 
neck. progresses it may become more difficult to interpret these findings. 





This individual was punched in the face and then yoked from behind during a sexual assault. There were no visible 
external injuries to the neck except this contusion at the border of the right chin. Careful internal examination 
after the brain and visceral organs had been removed revealed areas of hemorrhage within the anterior strap muscles 
and posterior paraspinal muscles. There were also petechiae with hemorrhage of the sclera and conjunctivae. This 
individual was found face down and the eye hemorrhages were originally thought by some to be associated with 
postmortem lividity. The perpetrator was caught after bragging about the assault. 
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This image demonstrates an eye from a person who hanged him or herself. Note there are no petechiae or scleral/ 
conjunctival hemorrhages. The decedent’s weight pulling down on the ligature produced a significant enough force to 
obstruct the entire blood supply to the head. Therefore, there was no pressure—release mechanism, leading to capillary 
rupture and hemorrhage. The absence of scleral or conjunctivae hemorrhages is more typical in hanging fatalities. 
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Anterior neck dissection after the visceral organs and brain have been removed. Part of the undersurface of the platysma 
muscle is visible at the top of this image adjacent to the yellow subcutaneous tissue of the neck. The anterior strap 
muscles are visible directly above the label and are free of antemortem injury. There were no hemorrhages or fractures 
of the remaining neck structures. The absence of these injuries is common in hanging fatalities. 
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These figures demonstrate anterior neck dissections with no 
hemorrhages. The absence of hemorrhage is typical for most 
hangings. 





This demonstrates a normal hyoid bone with no fractures or 
contusions. 
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Some cases may require further evaluation including a 
posterior neck and back dissection. This case involved a 
12-year-old African American child who was strangled. 
Dissection should be done in a layer-by-layer fashion until 
the surface of bone is exposed. It is important to dissect the 
arms as well, which may demonstrate contusions from being 
held during a struggle. There were no hemorrhages found in 
this case. It is often more difficult to externally visualize 
contusions in darker-skinned individuals. 
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Strangulation. Hemorrhage of the Strangulation. Note the large 
medial left sternocleidomastoid hemorrhage to the anterior neck 
muscle. structures including the left 


sternohyoid muscle. 
Strangulation. Note the hemorrhage 
in the anterior neck structures. 





Strangulation. Note the hemorrhage overlying the left 
superior horn of the thyroid cartilage. The underlying 
cartilage was fractured. 
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Note the fractures of this hyoid bone with vague 
hemorrhages in a decedent with slight to moderate 
decomposition. Fractures of the hyoid bone are often 
found in association with homicidal strangulation. 
The presence of a hyoid bone fracture does not indicate 
that the case must be a strangulation and the absence 
of fractures to the hyoid bone does not indicate the 
decedent was not strangled. Fractures can occur as a 
result of a blunt impact as well. 





Strangulation. Posterior neck dissection with 
hemorrhage to the superior aspect of the semispinalis 
capitis muscle. 
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Cases of strangulation demonstrating petechiael hemorrhages of the sclera and conjunctivae. 
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These demonstrate a range of scleral and 
conjunctival hemorrhages. As varied 
degrees of neck pressure continue after 
petechiae formation these hemorrhages 
progressively become larger and possibly 
confluent until death ensues. 
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Strangulation. Petechiael hemorrhages within the 
mucosal surface of the mouth. 





Petechiael hemorrhages of the face. 





Petechiael hemorrhages at the surface of the heart Strangulation. Petechiael hemorrhages within the 
associated with asphyxia due to chest compression. mucosa of the tracheal and laryngeal cartilage. 
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This individual was strangled and then hanged in an attempt to 
stage a suicide and cover up this crime. Note the injuries to the 
back of the decedent’s feet during a struggle and the haphazard 
scuff marks to the floor surrounding the body (b—c). Also note the 
decedent’s hair and clothing stuck under the noose (d-e). There 
are also injuries with hemorrhage to the neck structures. These 
findings are completely inconsistent with a suicidal hanging. 
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This individual was 
abducted, bound, and 
had multiple superficial 
stab wounds associated 
with a sexual assault. 
Her head was wrapped 
in multiple layers of 
plastic that covered her 
mouth and nose. 








' > 


This individual committed suicide by taking multiple p 
pills and tying a plastic bag tightly over her head. It is 
the author’s experience that it is better to pend these 
cases for toxicology. 
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The complete antenna consists of a Tx and Rx module that works independently in the 2 
frequency bands. 

The antenna has multiple beams covering the entire space to capture the satellite signal 
without moving the antenna. The signal detected in each of the beams is connected to a 
switch, which, by comparison, is chosen the most appropriate 4x4 array. The steering 
direction of the 4x4 array can vary between a range of directions that covers a cone angle 
range of 90°. To obtain the required gain and cover the indicated range, it is required around 
15 beams, which can be obtained by integrating the beamforming networks with switches in 
the design as presented in (Fernandez et al., 2009). 





a 


Fig. 11. Complete antenna structure, a) Radiating element of the 4x4 arrays, and b) 
Prototype top view. 


The radiating element of the 4x4 array is one 2 crossed dipoles with a stacked circular patch 
as shown in Fig. 11.a and Fig. 11.b. In Fig. 12 the cross-section of the radiating element 
structure is presented. 
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Fig. 12. Cross-section scheme of the radiating element. 


The key element of the radiating element feeding structure (Fig. 14.b) is a resonant micro- 
strip feed ring that has been implemented, as well as a micro-strip 90° branch-line coupler to 
obtain the desired right hand or left hand circular polarizations (RHCP or LHCP) which 
ensures adequate port coupling isolation. The S-parameters in amplitude and phase of the 
micro-strip feeding structure are shown in Fig. 13.a and Fig. 13.b. 

Fig. 14.a depicts the S-parameters of the radiating element with the micro-strip feed 
structure and they fulfill the specification, in Table 3.(b). In Fig. 14.c, the radiation pattern of 
the radiating element at 7.825 GHz is shown and in Fig. 14.d the radiation pattern of the 4x4 
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Homicidal asphyxia due to airway 
obstruction. This individual was 
found in a moderate to marked state of 
decomposition within her apartment. 
She was reportedly dealing drugs and 
was found tied up with a piece of cloth 
stuck down her mouth and throat. 
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Anal trauma with abrasions and lacerations due to sexual assault 
during strangulation. One should always assume strangulation victims 
have been sexually assaulted. A rape kit should always be performed in 
these cases. 
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This is an airway from a 2-1/2 year-old who was fed a hot 
dog by her older sibling. The large size of the hot dog piece 
caused it to get wedged in her throat, leading to asphyxia. 





This individual had a pencil in his mouth when 
he collapsed at work. The pencil was inhaled and 
wedged in the right mainstem bronchus. 


This child was found to have a pebble wedged within her 
right mainstem bronchus, as evident on this radiograph. 
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These individuals were trapped in machines that caused chest 
compression and inability to breathe. One was stuck in a box folding 
machine, another trapped under a car and another stuck under a 
single-person elevator lift. Note the imprint of the individual’s hand 
(d) while he was struggling to escape, with the blister formation 
between these finger marks. Also note the pulmonary edema 
demonstrated by froth coming out of the mouth (f). This individual 
also had numerous petechiael hemorrhages of the upper trunk, face, 
eyes, and visceral organs including the heart. 
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Homicidal asphyxia due to compression of chest and neck. Note the extensive hemorrhage at the superior chest visible 
at the superior aspect of the Y-shaped incision during autopsy. The lower aspect of this incision is yellow, anemic, and 
postmortem. This individual was punched, strangled and then the perpetrator sat on her chest during the assault. 
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Positional asphyxia. These individuals were 
markedly intoxicated and passed out in positions 
that prevented them from breathing, thus 
obstructing blood circulation. 
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Chapter 1 
Why Wounds Fail to Heal 





Mark H. J ensen 


Steven L. Moran 


Surgical wound complications can be a significant problem resulting in prolonged 
hospital stay, reoperations, and significant morbidity for our patients. Often the 
surgeon can predict preoperatively which patients will have problems healing wounds 
or will need additional soft tissue coverage. Surgical planning should not only include 
the surgical approach but also an assessment of the patient's healing risks. It is our 
hope that preoperative risk reduction may avoid wound healing complications. 


Prevention of wound healing complications starts with an understanding of the healing 
process. Risk factors can be recognized and modified. Techniques and practices that 
are proven to prevent wound infections must be employed. This chapter will focus on 
understanding wound healing and identifying patients at risk for wound complications; 
we will also attempt to offer means to minimize risk factors for complications through 
surgical technique and preoperative planning. 


Phases of Wound Healing 

Surgically induced wounds heal in several stages. The wound passes through phases of 
coagulation, inflammation, matrix synthesis and deposition, angiogenesis, fibroplasia, 
epithelialization, contraction, and remodeling. These processes have been grouped into 
three main stages: inflammation, fibroplasia, and maturation. Interruption in any one 
of these stages can lead to wound healing complications. 


The inflammatory phase of wound healing involves cellular responses to clear the 
wound of debris and devitalized tissue. Increased capillary permeability and leukocyte 
infiltration occur secondary to inflammatory mediators and vasoactive substances. 
Polymorphonuclear cells (PMNs) are the first cell population in the wound followed by 
mononuclear leukocytes which mature into wound macrophages. Inflammatory cells 
clean the wound of harmful bacteria and devitalized tissue. Adequate tissue oxygen 
tension is necessary for the release of oxygen free radicals by neutrophils. Following 
the initial introduction of PMNs into the wound, lymphocytes enter the wound in great 
number, clearing the wound of old neutrophils and secreting important cytokines and 
chemoattractants for fibroblasts. Fibronectin and hyaluronate deposition from 
fibroblasts in the first 24 to 48 hours provides scaffolding for further fibroblast 
migration (1,2). 
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The fibroblast proliferation phase starts within the initial 2 to 3 days as large 
populations of fibroblasts migrate to the wound. Secretion of a variety of substances 
necessary for wound healing and includes large quantities of glycosaminoglycans and 
collagen. Ground substance formed from the four main glycosaminoglycans (hyaluronic 
acid, chondroitin-4-sulfate, dermatan sulfate, and heparin sulfate) acts as an 
amorphous gel that is necessary for collagen aggregation. Collagen levels rise for 
approximately 3 weeks corresponding to increasing tensile strength. After 3 weeks the 
rate of degradation equals the rate of deposition. Angiogenesis is an important aspect 
of the fibroblast proliferation phase as it helps to support new cells in the healing 
wound. 


The maturation phase starts around 3 weeks and lasts up to 2 years. It is characterized 
by collagen remodeling and wound strengthening. Collagen is the principal building 
block of connective tissue and is found in at least 13 different types. Types | to IV are 
the most common in the human body. Each has a distinct feature and is found in 
different levels in many tissues. For example, type III collagen is high in hydroxyproline 
and low in hydroxylysine. It is commonly found in skin, arteries, bowel wall, and 
healing wounds. Type | collagen is found in skin, tendon, and bone; is low in 
hydroxylysine content; and is the most common collagen type, accounting for more 
than 90% of body collagen. Early wounds are comprised of a majority of type III 
collagen. As the wound matures, type III collagen is replaced by type | collagen. 
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arrays is presented. It is shown a maximum gain of 19.4 dBi at the center frequency band 
(7.825 GHz). Copolar (CP) to crosspolar (XP) ratio is better than 17 dB and the axial ratio is 
under -3dB. 
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Fig. 13. Micro-strip feeding structure, a) Amplitude of S-parameters, and b) Phase of S- 
parameters. 
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Fig. 14. a) S-parameters, b) Resonant ring + 90° branch-line coupler, c) radiation pattern at 
7.825 GHz, and d) 4x4 array radiation pattern. 
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Collagen cross-linking improves tensile strength. There is a rapid increase in strength of 
the wound by 6 weeks as the wound reaches 70% of the strength of normal tissue. The 
wound then gradually plateaus to 80%of normal strength, but never returns to 
preinjury levels. 


Wound re-epithelialization occurs as adjacent cells migrate through a sequence of 
mobilization, migration, mitosis, and cellular differentiation of epithelial cells. Wound 
contraction starts at about 1 week. It is facilitated by the transformation of certain 
fibroblasts into myofibroblasts containing |4—smooth muscle actin. These cells adhere 
to the wound margins as well as each other and effect contraction of the wound. These 
Stages are imperative for proper wound healing as interruption of these processes 
results in chronic wound complications (1,3). 


Risk Factors 

The identification of patients at risk for aberrant wound healing allows the surgeon to 
make appropriate plans for skin closure technique, flap utilization, and postoperative 
wound management. This will ideally result in modification of risk factors prior to 
surgery. In cases of chronic diseases or nonmodifiable risk factors, patients must be 
informed of increased wound healing risks. The following discussion focuses on 
commonly encountered risk factors with recommendations to ameliorate their effects. 


Diabetes 

Patients with diabetes are both more likely to undergo surgery and develop 
perioperative complications than nondiabetic patients. This leads to longer hospital 
stay with higher health care costs and increased perioperative mortality. Diabetic 
patients have increased rates of hypertension, cardiac disease, and renal failure. These 
factors lead to much higher wound healing complications (3). Diabetes inhibits wound 
healing through many mechanisms. It is a disease affecting small vessels which are 
critical in supplying nutrients to the healing wound. Elevated glucose levels also affect 
a myriad of inflammatory systems. Neutrophil adherence, chemotaxis, phagocytosis, 
and intracellular bactericidal activity are all impaired. Pseuodhypoxia develops as a 
result of altered redox reactions and vascular permeability secondary to 
hyperglycemia. Furthermore, glucose is a proinflammatory mediator stimulating 
cytokine production and inhibiting endothelial nitric oxide levels (4). This translates 


Clinically into higher infectious complications. Tight control of glucose in the 
perioperative period mitigates the postoperative complications seen in the diabetic 
patient. This has been found in both the intensive care setting as well as routine 
operative cases (3,5). 


Management of patients with diabetes starts in the pre-operative period. There is good 
evidence to suggest that a preoperative hemoglobin A1C of less than 7%drastically 
decreases postoperative infectious complications (4). Physicians should aggressively 
improve glucose management using diet, oral hypoglycemic agents, and insulin as 
needed. Perioperative management should include sliding scale insulin or continuous 
insulin infusion to maintain glucose levels below 150 mg per deciliter (3). Evidence 
suggests that improved outcomes are possible with tighter control of glucose levels 
between 80 and 110 mg per deciliter in critically ill patients (5). After dismissal from 
the hospital, the patient should continue their preoperative diabetic regiment. 
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Obesity 


Obese patients have a higher rate of wound infections, dehiscence, hematomas, 
seromas, and pressure ulcers (6A—8). This is felt to be due to multiple factors including 
difficulty with the operation, altered immune response, increased tension with closure, 
increased dead space, decreased microperfusion, and decreased mobility post 
operatively (9,10). Patients should be encouraged to lose weight prior to elective 
operations. Increased levels of physical activity preoperatively translates to an 
improved postoperative rehabilitation process. Successful weight loss is difficult to 
achieve in most patients. This has prompted some surgeons to recommend gastric 
bypass surgery prior to certain operations such as joint replacement. This has been 
associated with improved outcomes in hip replacement patients with morbid obesity 
(11). 


Smoking 

Numerous studies have consistently found that smokers have significantly higher rates 
of wound healing complications than nonsmokers. This is related to several causes 
including the vasoactive effect of cigarette smoke through the sympathetic alpha 
receptors, increased levels of carboxyhemoglobin with a reduction in oxygen-carrying 


Capacity, increased platelet activation leading to microangiopathic thrombosis, 
increased levels of fibrinogen with decreased fibrinolytic activity, endothelial injury, 
and increased hemoglobin levels leading to increased blood viscosity. Regardless of the 
mechanism the effect is significant. Complication rates of 2.5%to 6%in nonsmokers 
versus 7.5%to 49% in smokers are reported in the literature. 


The increased risk of wound complications in smokers is most pronounced in cases 
where a large area of tissue is undermined. This is most likely related to failure of the 
dermal and subdermal plexus supplying the resultant skin flap (Fig. 1-1). Poor outcome 
in smokers prompts many clinicians to postpone elective procedures until the patient 
has quit smoking for at least 3 to 4 weeks, particularly if the procedure involves large 
areas of undermining (12,13). Aggressive use of smoking cessation 
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programs should be implemented. Still, other surgeons feel that this would restrict too 
many patients from receiving necessary surgery (14,15). We prefer to delay surgery for 
4 weeks prior to elective surgical procedures where soft tissue coverage may be an 
issue and advocate early referral to a nicotine dependence unit. If smoking cessation is 
not possible, the patient is informed of the likelihood of additional flap coverage for 
wound closure and a higher likelihood of postoperative wound complications. 








FIGURE 1-1 Following total knee arthroplasty this 76-year-old diabetic smoker 
developed wound complications necessitating wound debridement and flap 
coverage. 











FIGURE 1-2 Chronic steroid use leads to increased skin and vessel fragility. This 
skin avulsion injury occurred in this 76-year-old steroid dependent man following a 
fall from a chair. 


Immunosuppressive Medications 

Patients with intrinsic or acquired immunodeficiencies are at increased risks for wound 
healing complications. Patients with MHC class-ll deficiency have impaired wound 
healing because of altered T cell immune function (16). Patient populations at risk for 
wound healing problems due to altered immune function include patients with 
hereditary, infectious, and iatrogenic immune deficiencies. 


Corticosteroids inhibit wound healing by their anti-inflammatory effect. Decreased 
numbers of inflammatory cells are noted at the wound site; delays in collagen 
synthesis, fibroblast proliferation, angiogenesis, wound contracture rates, and 
epithelial migration are also observed (Fig. 1-2). Vitamin A has been shown to 
counteract the effects of steroids on wound healing in all areas except wound 
contraction and infection (17). The exact mechanism is not known, but may be related 
to the TGF-beta, IGF-I, and hydroxyproline content in the tissue (18). Factors that can 
help improve wound healing in immunocompromised states include prevention of 
malnutrition, hypoxia, endocrine disorders, anemia, and other metabolic disorders. 
Dead tissue, foreign bodies, tissue ischemia, and hematoma should be minimized. 


Radiation and Chemotherapy 

Radiation and chemotherapy are known to cause delays in wound healing. Operations in 
irradiated fields are particularly problematic due to dense fibrosis and decreased 
perfusion caused by small vessel injury (Fig. 1-3). Irradiated fields are more susceptible 
to infection and delayed healing. Postoperative radiation initiated after the initial 3 to 
4 weeks of primary wound healing does not seem to have as marked an effect on wound 
healing, but can lead to contracture, wound break down, and flap necrosis (21). 
Neoadjuvant chemotherapy can alter wound healing, especially in cases where 
chemotherapy has led to neutropenia. Surgery would be ideally delayed until full 
recovery of platelets and leukocytes. Healing seems to proceed normally in patients 
who receive their chemotherapy 3 to 4 weeks after surgery, as the wound has been 
allowed to proceed through the first stages of healing (8,22). Certain chemotherapeutic 
agents, however, can have a negative effect on wound healing far greater than 4 
weeks; for example, Avastin (Bevacizumab), which inhibits vascular endothelial growth 
factor, has an extremely long half life ranging from day 11 to 50 and has been shown to 
inhibit wound healing when given in the neoadjuvant setting (23). Surgeons should have 
a good understanding of specific complications associated with individual 
chemotherapeutic regiments. 


Malnutrition 
It has been known for many years that malnutrition has deleterious effects on wound 
healing. Loss of nutrients alters host immunity through decreased T-cell function, 
phagocytosis, complement, and antibody levels. Certain patient groups are at 
particular risk of malnutrition. Severe catabolic states can be induced after multi- 
system trauma, sepsis, and burns. Significant increases in metabolic rate 
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can also follow uncomplicated abdominal surgery (increase by 10%, uncomplicated 
injuries such as femoral fracture (20%, peritonitis (40%, and fever (10%for every 1A°C 
above normothermia). This is particularly alarming considering the high portion of 
trauma patients who are unable to eat for extended periods leading up to and following 
surgery (24, 25). 








FIGURE 1-3 Signs of trouble in this 80-year-old gentleman who has undergone 
preoperative radiation with subsequent resection of a spinal tumor and coverage 
with a latissimus flap. Spinal tumor resection and flap harvest were preformed 
through separate and parallel incisions. The parallel incision in conjunction with 
the radiation damage has lead to ischemia within the center portion of skin 
bridge, which now shows signs of early ischemia with epidermolysis and 
ulceration. 











Assessment of nutritional status becomes an important task for the surgeon. Patients at 
risk include those with moderate weight loss (10%¥A—20%, severe weight loss (>20% and 
serum albumin <3.2 to 2.5 g/dL. Other groups include patients with trauma, burns, 


gastrointestinal (GI) dysfunction, cancer, fever, and those on chemotherapy. 
Consideration for preoperative total parenteral nutrition (TPN) should be given to 
patients who are severely malnourished, however this must be weighted against the 
risks associated with line infection and liver failure (24). Prealbumin is a laboratory 
value that can be followed as a surrogate of albumin due to its shorter half life. 


Postoperatively patients should be started on a diet as soon as possible. Rapid diet 
advancement has been shown to decrease postoperative complications and decrease 
hospital stay (26). In patients who are unable to restart a diet, but have a functioning 
GI tract, tube feeds should be administered. TPN should be started early on patients 
who are expected to not tolerate GI feeds. The benefit risk ratio of TPN is equal for 
patients with normal metabolic demands after 1 week of fasting or inability to take 
Oral intake. Patients with hypermetabolic states can benefit from earlier initiation of 
TPN (25, 26). 


Peripheral Vascular Disease 

Peripheral artery disease is present in an estimated 0.9%of patients aged 40 to 49 
compared with 15%to 29% of patients over the age of 70. Risk factors for the 
development of PVD include diabetes mellitus, hyperlipidemia, cigarette smoking, and 
hypertension. Patients at risk for PVD should be screened with blood pressure 
measurements of the arm and ankle to determine the patient's ankle brachial index; a 
normal value should produce a ratio >0.9. Symptoms of PVD include claudication, rest 
pain, atypical leg pain, and ischemic tissue loss. Aggressive lifestyle and risk factor 
modification is indicated to prevent progression of disease and death from 
cardiovascular or cerebrovascular events. These patients should undergo cardiac risk 
evaluation as peri-operative myocardial infarction (MI) and stroke are very common 
(27); 


Wounds in the setting of peripheral vascular disease heal very slowly and can be 
difficult to manage. Patients with nonhealing wounds in spite of maximal medical 
management should undergo evaluation for revascularization. Amputation may be 
considered in the absence of target vessels for revascularization (27). Transcutaneous 
oxygen measurements in peripheral occlusive disease can be 
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helpful to determine healing potential. TcPO2 levels greater than 30 mm Hg correlate 


with a high likelihood of healing whereas levels less than 15 mm Hg rarely heal (28, 29). 


Infection 

Surgical site infections are a major impediment to wound healing and contribute to 
substantial morbidity and mortality. Postoperative infections increase the hospital 
length of stay by 7 to 10 days and increase charges by $2,000 to $5,000 (30). Rates of 
surgical infections vary by type of procedure, health of the patient, and skill of the 
surgeon. Wound classification corresponds with expected rates of infection as follows: 
clean (1.3¥A—2.9%, clean-contaminated (2.4%A—7.7%, contaminated (6.4%A—15. 2%), 
and dirty (5.1%—40% (6). Other risk factors for the development of postoperative 
infections include diabetes, obesity, smoking, steroids, malnutrition, colonization with 
S. aureus, preoperative hospitalization, and patient health. 


The most important factors which can be used to prevent surgical site infections are 
timely use of preoperative antibiotics and operative technique. Other practices that 
are helpful include preoperative showering with antimicrobial soap, scrubbing and 
draping the patient with sterile drapes, hand washing, gloving, and the use of sterile 
gowns, masks, and hats by surgical personnel (31). These practices are aimed at 
reducing the amount of skin associated bacteria. Pathogens are not eliminated because 
approximately 20% of bacteria reside in the hair follicles and sweat glands where 
antiseptics do not reach. Although numerous studies have been aimed at identifying 
the best skin antiseptic, a systematic review failed to show superiority of one 
antiseptic over another (32). 


Preoperative antibiotics administered within 2 hours of incision correlate strongly with 
the lowest rate of infections. Choices of antibiotics along with common pathogens are 
listed in Table 1-1. Endocarditis prophylaxis may need to be added in susceptible 
patients. In spite of clear benefits with the use of preoperative antibiotics, compliance 
is not perfect. Institutional policies should be constructed to promoting 100% 
compliance (33). 


Hair removal is commonly performed prior to surgical procedures, however most 
studies have shown that this is not necessary and is associated with an increased risk of 
surgical site infections (34). If hair removal is preferred, clippers or depilatory creams 
are safer than shaving and should be used just prior to skin incision. Razors are 
associated with microtrauma to the skin and should not be used secondary to increased 


infection rates (35). 


TABLE 1-1. Antimicrobial Prophylaxis for Surgery 





Adult 
dosage 
Nature of Common Recommended before 
operation pathogens Antimicrobials surgery 
Cardiac Staphylococcus cefazolin or 1-2 g IV? 
aureus, 
S. epidermis cefuroxime 1.59 IV2 
OR vancomycin? lglV 
Gastrointestinal 
Esophageal, Enteric gram- High risk* only: 
negative 
gastroduodenal __ bacilli, gram cefazolin’ 1-2 g IV 
positive cocci 
Biliary Tract Enteric gram- High risk only: 
negative 
bacilli, 
enterococci, cefazolin’ 1-2 g IV 


clostridia 
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Parameter Value (a) Value (b) Comments 
Freq. range [GHz] Rx 7.29 - 7.75 7.25 - 7.75 : eee 
Tx 79-84 79-84 Microwave applications. 
G/T (in Rx) [dB/K] 7 7 
EIRP (in Tx) [dBW] 32 32 
Beamwidth at -3dB [deg.] 4 20 
Polarization circular circular es sie Wate Sa | an 

Gain [dBi] >28 >15 

+ 0. 

Axial ratio [4B] <1 <3 iS Bowe 


(b) Between +45°. 





VSWR) < 1.4:1 (-15.6 dB) |< 1.5:1 (-13.9 dB) 





Isolation between ports 








[4B] <-17 <-15 
Radiation pattern [deg.] +35 +90 Steering direction tilt. 
Dimensions [cm] 40x40x4 20x20x15 




















Table 3. (a) General specifications of the steerable antenna for fixed position portable 
systems , and (b) General features of the automatic steerable antenna for mobile systems. 


3.4 Transmit-array-type lens antenna for terrestrial and on board receivers 

Technology in satellite communications has revealed an increasing interest in novel smart 
antenna designs. Phased-array based designs are basic in electronically reconfigurable 
devices for satellite applications, which are more and more demanding. The strict 
requirements in terms of architecture, shape and robustness are important constraints for 
the development of planar lens-type devices. Regarding the usage and location, lens-type 
devices are useful for either terrestrial or on board receivers, in vehicular technology. Some 
clear examples are satellite communications for aircrafts preserving the fuselage 
aerodynamics or for some other kind of vehicles such as trains, etc. 


3.4.1 Introduction to lens-type structures 

In a general view, in lens-type a particular signal is received (in our case, an electromagnetic 
wave with specific features in terms of frequency, wave-front, etc.), it is processed (either 
complex signal processing techniques or only phase correction tasks can be considered in 
this interface), and finally, the processed signal is retransmitted. 

Regarding the lens configuration, a transmit-array lens consists of three well distinguished 
interfaces: the first one for signal reception, one interface for signal processing, and the last 
one for processed signal re-radiation, as depicted in Fig. 15. 
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Colorectal 


Appendectomy, 


non- 
perforated® 


Enteric gram- 
negative 
bacilli, 


anaerobes, 
enterococci 


Enteric gram- 
negative 
bacilli, 


anaerobes, 
enterococci 


Oral: neomycin 


+erythromycin base® 
OR metronidazole® 


Parenteral: 
cefoxitin’ 

OR cefazolin 
+metronidazole’ 


OR 
ampicillin/ sulbactam 


cefoxitin’ 


OR cefazolin 


+metrodinazole’ 


OR 
ampicillin/ sulbactam? 


1-2 gIV 


1-2 gIV 


0.5 g IV 


3g IV 


1-2 gIV 


1-29 IV 


0.5 g IV 


3g IV 


Genitourinary 


Gynecologic and 
Obstretric 


Vaginal, 


abdominal 


or laparoscopic 


hysterectomy 


Cesarean 
section 


Abortion 


Enteric gram- 
negative 
bacilli, 
enterococci 


Enteric gram- 
negative 
bacilli, 


anaerobes, Gp 
B strep, 


enterococci 


same as for 
hysterectomy 


same as for 
hysterectomy 


High risk only?: 
ciprofloxacin 


cefoxitin’ or 
cefazolin’ 


OR 


ampicillin/ sulbactam? 


cefazolin’ 


First trimester, high 


risk10: 


aqueous penicillin G 


OR doxycycline 


500 mg PO 
or 400 mg 
IV 


1-2gIV 


3gIV 


1-2gIV 


after cord 
clamping 


2 mill 
units IV 


300 mg 
pol 


Head and Neck 
Surgery 


Incisions 
through 


Oral or 
pharyngeal 


mucosa 


Neurosurgery 


Ophthalmic 


Anaerobes, 
enteric gram- 


negative 
bacilli, S 
aureus 


S. aureus, S. 
epidermis 


S. epidermis, 
S. aureus, 


streptococci, 
enteric gram- 


negative 
bacilli, 


Second Trimester: 


cefazolin’ 


clindamycin 


+ gentamicin 


OR cefazolin 


cefazolin 


OR vancomycin? 


gentamicin, 
tobramycin, 


ciprofloxacin, 
gatifloxacin 


levofloxacin, 
moxifloxacin, 


1-2gIV 


600-900 
mg IV 


1.5 mg/kg 


1glV 


multiple 
drops 


topically 
over 


2 to 24 
hours 


Orthopedic 


Thoracic (Non- 


Cardiac) 


Vascular 


Arterial surgery 


involving a 


Pseudomonas 
spp. 


S. aureus, S. 
epidermis 


S. aureus, S. 
epidermis, 


streptococci, 
enteric gram- 


negative 
bacilli 


S. aureus, S. 
epidermis, 


enteric gram- 


ofloxacin or 
neomycin-gramicidin- 
polymyxin B 


cefazolin 


cefazolin2 


or cefuroxime!4 


OR vancomycin? 12 


cefazolin or 


cefuroxime 


OR vancomycin? 


cefazolin 


OR vancomycin? 


100 mg 
subcon- 


junctivally 


1-2gIV 


L5glV 


1glV 


1-29 IV 


L5glV 


1glV 


1-29 IV 


1glV 


prosthesis, negative 


bacilli 
the abdominal 
aorta, 
Or a groin 
incision 
Lower S. aureus, S. cefazolin 1-2 g1V 
extremity epidermis, 
amputation for enteric gram- OR vancomycin? 1lglV 
ischemia negative 
bacilli, 
clostridia 





Reproduced from Antimicrobial prophylaxis for surgery. Treat Guide Med Lett 
2006; 4(52):83A—88, with permission. 

1. Parenteral prophylactic antimicrobials can be given as a single IV dose 
begun 60 minutes or less before the operation. For prolonged operations (>4 
hours), or those with major blood loss, additional intraoperative doses should 
be given at intervals 1A—2 times the half-life of the drug for the duration of 
the procedure in patients with normal renal function. If vancomycin or a 
fluoroquinolone is used, the infusion should be started 60A—120 minutes 
before the initial incision in order to minimize the possibility of an infusion 
reaction close to the time of induction of anesthesia and to have adequate 
tissue levels at the time of incision. 

2. Some consultants recommend and additional dose when patients are 
removed from bypass during open-heart surgery. 

3. Vancomycin is used in hospitals in which methicillin-resistant S. aureus and 


S. epidermis are a frequent cause of postoperative wound infection, for 
patients previously colonized with MRSA, or for those who are allergic to 
penicillins or cephalosporins. Rapid IV administration may cause hypotension, 
which could be especially dangerous during induction of anesthesia. Even 
when the drug is given over 60 minutes, hypotension may occur; treatment 
with diphenhydramine (Benadryl, and others) and further slowing of the 
infusion rate may be helpful. Some experts would give 15 mg/kg of 
vancomycin to patients weighing more than 75 kg, up to a maximum of 1.5 g, 
with a slower infusion rate (90 minutes for 1.5 g). To provide coverage against 
gram-negative bacteria, most Medical Letter consultants would also include 
cefazolin or cefuroxime in the prophylaxis regimen for patients not allergic to 
cephalosporins; ciprofloxacin, levofloxacin, gentamicin, or aztreonam, each 
One in combination with vancomycin, can be used in patients who cannot 
tolerate a cephalosporin. 

4. Morbid obesity, esophageal obstruction, decreased gastric acidity or 
gastrointestinal motility. 

5. Age >/0 years, acute cholecystisis, non-functioning gall bladder, 
obstructive jaundice or common duct stones. 

6. After appropriate diet and catharsis, 1 g of neomycin plus 1 g of 
erythromycin at 1 PM, 2 PM and 11 PM or 2 g of neomycin plus 2 g of 
metronidazole at 7 PM and 11 PM the day before an 8 AM operation. 

7. For patients allergic to penicillins and cephalosporins, clindamycin with 
either gentamicin, ciprofloxacin, levofloxacin or aztreonam is a reasonable 
alternative. 

8. For a ruptured viscus, therapy is often continued for about five days. 
Ruptured viscus in postoperative setting (dehiscence) requires antibacterials 
to include coverage of nosocomial pathogens. 

9. Urine culture positive or unavailable, preoperative catheter, transrectal 
prostatic biopsy, placement of prosthetic material. 

10. Patients with previous pelvic inflammatory disease, previous gonorrhea or 
multiple sex partners. 

11. Divided into 100 mg one hour before the abortion and 200 mg one half 
hour later. 

12. If a tourniquet is to be used in the procedure, the entire dose of antibiotic 


must be infused prior to its inflation. 


Pad 
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Hypothermia has benefits of decreasing tissue oxygen consumption and is tissue 
protective in cardiac bypass and organ transplant. However, hypothermia may 
predispose to infection through cutaneous vasoconstriction. It has been shown that 
perioperative normothermia is associated with reduced rates of surgical site infections 
(36). 


Several health care improvement initiative studies have shown that surgical site 
infection surveillance is effective in reducing the infection rates (37). The mechanism 
is unknown, but many researchers postulate that surveillance is associated with a 
greater awareness of sterile technique. Operative teams more rapidly recognize 
problems and find solutions. Surgeons should seek a program at their institution for 
health care improvement and operative safety. The Institute for Healthcare 
Improvement (IHI) is a nonprofit organization that leads health care improvement 
initiatives. They organized the 100,000 Lives Campaign to implement changes in United 
States hospitals which focused on increased compliance to four areas: appropriate use 
of antibiotics, removing razors from operative rooms, maintaining glucose control, and 
ensuring perioperative normothermia (38). Hospitals in compliance with these changes 
reported a 27%reduction in surgical site infections (7). 


Surgical Technique 

Numerous studies aimed at discovering risk factors for complications have identified 
surgeons as independent risk factors. This could be due to numerous factors including 
clinical judgment, baseline characteristics of patient populations, procedure type, and 
surgical technique. There is no doubt that meticulous surgical technique can improve 
outcomes. This is particularly important when dealing with a patient at risk for 
complications. Excess intraoperative blood loss has been associated with surgical site 
infections and poor wound healing (39). Blood loss leading to hypotension with 
subsequent vasoconstriction and tissue hypoxia is one explanation for increased wound 
healing complications. Techniques aimed at improving sterility, minimizing tissue 
destruction, maintaining meticulous hemostasis, improving speed and accuracy, 


minimizing foreign body placement, and attention to closure are expected to reduce 
complications. 


The choice of suture and method of suture placement can also have an impact on 
wound healing. There is a wide array of suture types. In general, sutures can be divided 
by life expectancy (permanent, absorbable, fast absorbable) and consistency (braided 
vs. monofilament). Permanent suture is indicated in situations where suture absorption 
is not desired (e.g., vasculature anastomosis). Drawbacks include development of 
suture abscesses and chronic infection. Stitch abscesses are less problematic with 
absorbable sutures, but may lose strength prior to tissue healing. Braided sutures are 
strong, hold well, and are easy to tie. However, they are more prone to infection than 
monofilament. Braided sutures may also cause tissue tearing as in the case of venous 
repairs. Monofilament sutures are smooth and resist infection, but are less forgiving 
and require more knots to resist slippage. 


Placement of sutures can also contribute to wound compromise. Simple interrupted 
sutures and vertical matrass sutures produce less wound edge ischemia than running 
and horizontal matrass sutures when tissue viability is in question. Horizontal matrass 
sutures placed under excessive tension can further impede blood supply to wound 
edges resulting in infection, necrosis, or dehiscence. Care must be taken not to 
incorporate or impinge vasculature pedicles when placing sutures. 


Conclusion 

Prevention of wound complications starts with the preoperative evaluation where risk 
factors for wound healing are identified and modified prior to elective procedures. In 
the traumatic setting and in the established soft tissue deficit, patient factors such as 
glucose control and nutritional status can be optimized to maximize the patients 
healing potential. With this chapter as an introduction, the following chapters will 
address evaluation of traumatic wounds followed by techniques for recruiting or 
mobilizing surrounding tissue to close large wounds and soft tissue deficits. 
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Chapter 2 


Initial Evaluation and Management of Complex 
Traumatic Wounds 





Patricia L. McKay 


George Nanos 


The principles in this chapter are forged from our experience with the treatment of 
high energy contaminated wounds resulting from recent overseas military conflicts. 
The soft tissue injuries discussed within this chapter encompass a broad spectrum of 
clinical presentations, both acute and chronic. These treatment protocols reflect the 
ever-growing body of scientific knowledge and technological advances contributing to 
the successful treatment of our patients. In the following illustrations, we hope to 
point out the common mistakes and potential pitfalls of operative and perioperative 
wound management and provide surgeons with a framework for successful treatment 
of all types of wounds. 


Initial Evaluation 

A thorough initial patient evaluation gives the surgeon the information by which to 
formulate a treatment plan with the best chance for success. A complete and accurate 
history must include the circumstances leading to the current wound presentation, the 
mechanism of injury if associated with trauma, underlying medical conditions, current 
occupational and socioeconomic status, and patient social habits such as smoking 
which may have detrimental effects on reconstructive efforts (Table 2-1). 


In cases of trauma the energy level, mechanism, location, and the time course from 
injury to presentation are invaluable in predicting prognosis and planning treatment. 
Medical comorbidities such as underlying cardiopulmonary or peripheral vascular 
disease, endocrinopathy, neuropathic disease, immunocompromising conditions, 
psychiatric illness, nutritional deficits, and allergies can negatively impact the success 
of treatment if not identified and optimized. Medical consultation and comanagement 
is recommended in these cases. Tetanus status must be addressed in accordance with 
Centers for Disease Control guidelines. 


Failure to fully recognize the scope of the wound and/or injury can have dreadful 
consequences to the outcome. A detailed physical examination with critical 
assessment of vital signs, secondary survey, and multi-system examination is required 
in all cases to evaluate the wound and exclude other medical conditions or associated 
injury that may take greater priority in treatment. 


In multi-system trauma, the Advanced Trauma Life Support (ATLS) approach, beginning 
with airway, breathing, and circulation (ABC's) is recommended. Traumatologists or 
critical care specialists should be the principle coordinators of all initial medical care 
to ensure appropriate global management of the patient. 
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Critical attention should be directed to vascular status. If capillary refill and/or pulses 
are abnormal or absent, or if the mechanism introduces suspicion for vascular injury, 
Doppler testing and/ or perfusion studies must be obtained. Revascularization or repair 
of vessels should be completed prior to, or concurrent with, surgical wound treatment. 
Special attention should also be paid to the neurological examination, and all deficits 
clearly documented. In cases of extremity trauma, a high index of suspicion for 
compartment syndrome is essential. Continued reevaluation is required with 
adjunctive use of compartment pressure monitoring if the diagnosis is in question, 
emergent compartment release should be performed if clinically indicated, and 
prophylactic release should be considered in trauma cases with revascularization 
procedures. 
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Fig. 15. a) Multi-user scheme with different receivers and transmitters, and b) Adaptive 
scheme with DoA determination. 


These structures are intimately related to reflect-array ones, where the reception and 
transmission interfaces are turned to be the same interface, with a reflection-type behavior 
(Encinar & Zornoza, 2001). Although in an equal output phase configuration a transmit- 
array device behavior would be similar to the one obtained with a reflect-array, the 
transmit-array offers the advantage of removing the feed blockage. 

In a transmission scheme, depending on the transmitter position regarding the lens, a 
different steering direction is achieved and a different user is pointed. In the case of 
reception, the situation is the same: the user position configures the direction of arrival, 
which determines the receiver position around the lens (Padilla et al., 2010a). In adaptive 
schemes, applying the proper processing algorithm to the signal received in the different 
receivers around the lens, it is possible to develop an adaptive steering vector, in terms of 
the desired direction of arrival. 


3.4.2 Transmit-array lens architecture and design 

Lens-type structures provide two fundamental advantages. First, phase error correction due 
to spherical wave front coming from the feeding antenna. Fig. 16.a shows this effect. Second, 
new radiation patterns configuration. Fig. 16.b depicts this fact. 
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Fig. 16. a) Phase error correction, and b) Radiation pattern reconfiguration. 


3.4.3 Electronically reconfigurable devices for active transmit-array lenses 

The addition of reconfigurability on transmit-array devices requires the possibility of 
controlling the phase response of the transmitted signal at each cell of the lens. Electronic 
control of phase signal may be added in two different ways: First, electronic tuning of the 
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Table 2-1. Wound Treatment Pitfalls 


Inadequate clinical and surgical resources Failure to recognize and 

for proper treatment treat infection 

Failure to recognize and optimize host Wound closure with 

factors excessive tension 

Failure to recognize and treat vascular Prominent bone or hardware 
compromise 


Inadequate debridement 


Ancillary studies aid in full comprehension of the clinical situation. Plain radiographs 
should be routinely obtained to evaluate for associated fracture, foreign body, 
exostosis, osteomyelitis, soft tissue emphysema, vascular calcifications such as those 
associated with Diabetes Mellitus, or other factors contributing to or resulting from the 
overlying wound. CT scans and MRI may provide additional valuable information. 
Markers of hematologic and immune status, clotting factors, electrolyte and renal 
function, and adequacy of resuscitation must all be accounted for based on the clinical 
situation. 


Careful documentation of every aspect of the evaluation and treatment must be 
made, and generous use of medical photography is helpful not only for documentation, 
but also for preoperative planning purposes. 


Preoperative Planning 

Once the evaluation is complete, the surgeon can formulate a treatment plan and 
determine if surgical intervention is required. The most important question to consider 
is whether the surgeon and the facility possess the requisite experience, capability, 
equipment, and consultative and ancillary services to render optimum treatment (Fig. 
2-1). The surgeon must have the technical ability and anatomic knowledge for the 
given location of the injury. The treating hospital and operating room must also be 
able to furnish the necessary instruments, implants, and wound treatment dressings. 


When confronted with cases of multi-system trauma, a multidisciplinary team involving 
traumatologists, intensivists, medical consultants, infectious disease specialists, and 
wound care support personnel is generally considered to be mandatory. If unable to 
meet these basic requirements, the clinical situation should be carefully reviewed and 
the strongest consideration should be given for referral to a higher level of care. 





FIGURE 2-1 Injury to multiple extremities and organ systems changes surgical 
options, increases the risk for systemic problems, and has greater psychological 
impact. Options for flaps or skin grafts are far more limited. Proper room setup 
and a hospital team that is prepared to manage comorbidities will facilitate 
delivery of appropriate care and provide the greatest likelihood of success. 


Surgery 

Patient positioning varies depending on the site of the wound in question. General or 
regional anesthesia may be employed, and consideration for peripheral nerve blocks 
should be considered for perioperative pain control. A sterile or non-sterile tourniquet 
iS indispensable to ensure optimal visualization for meticulous, thorough debridement 
and protection of vital structures. Appropriate broad-spectrum antibiotics should be 


given as scheduled throughout the surgical procedure. 


Debridement 

Successful surgical treatment of wounds begins with the meticulous and complete 
removal of foreign material, infection, and devitalized tissue to create a healthy 
wound bed (Fig. 2-2). In chronic wounds, we attempt to create an acute wound to 
promote healing. In acute injury, wounds must be extended past the zone of injury to 
ensure complete treatment, and failure to do so significantly limits the effectiveness 
of debridement. | udicious use of lavage may help remove foreign matter, but care 
must be taken not to extend the zone of contamination by forcing debris into the 
surrounding tissue. Use of a tourniquet early in the case is important to best visualize 
all contaminants and devitalized tissue and avoid injury to vital structures such as 
nerves and blood vessels. The tourniquet should be released prior to closure or 
dressing application to confirm removal of all devascularized tissue and excellent 
hemostasis. 


A systematic approach to wound debridement is required and sharp debridement is the 
cornerstone of this surgical technique. We prefer the centripetal approach working 
from superficial tissues to deep, from the margins to the center of the wound. Starting 
at the skin edges, we meticulously work towards the deeper structures within the 
wound (Fig. 2-3). In general, we prefer excision of all devitalized tissue to a healthy 
tissue margin instead of a a€cewait and seea€* approach to suspect tissue as we feel 
this limits persistent contamination and infection. All non-viable or suspect tissue is 
sharply debrided from the wound until a healthy margin of viable tissue achieved. 
Every effort to preserve nerves and blood vessels crossing the zone of injury is made, 
and if they are transected these structures are carefully tagged with dyed 
monofilament suture and documented in the operative records so that they may be 
more easily visualized during later wound debridements or reconstructive efforts. 





FIGURE 2-2 Palmar (A) and dorsal (B) views of an acute hand injury produced by 
an improvised explosive device. |] agged skin margins, necrotic tissue, foreign 
material, and hematoma are visible (photos courtesy of Dr. Dana Covey, CAPT, 
MC, USN). 








FIGURE 2-3 This patient, injured by an improvised explosive device, sustained 
left upper (A,B) and bilateral lower extremity injuries (C,D). Excellent serial 
wound debridement results in smooth margins, healthy skin and muscle ready for 
skeletal stabilization, and delayed primary wound closure for the lower 
extremities. 


Palo 





FIGURE 2-4 Plantar wound is not ready for closure or coverage; jagged skin and 
eschar at the wound edge needs to be sharply debrided. Serial debridements 
allow the zone of injury to fully declare itself. 


Identification of non-viable tissue remains a challenge, and there is no substitute for 
experience. In general, non-bleeding skin that appears dusky or does not blanch should 
be excised, creating a smooth wound margin and avoiding the creation of a ragged skin 
edge that is difficult for subsequent skin grafting or closure. Subcutaneous fat should 
be soft and yellow; hard, dusky, or gray fat should be excised (Fig. 2-4). It is also 
important to keep this tissue moist during deeper debridement, as it will easily 
desiccate. Injured blood vessels or nerves must be carefully assessed for primary or 
delayed repair or grafting. Smaller sensory nerve branches may not be amenable to 
Salvage, and if so, we like to pull traction on the proximal end, cut sharply, and allow 
retraction into the soft tissues. If the stump cannot be retracted, we make every 
effort to bury it in muscle. To the greatest extent possible local soft tissues should be 
used to cover exposed tendons, nerves, and vessels to prevent desiccation and further 


injury. 
In debridement of muscle, fascia, and tendon, there are several important points to 
keep in mind. Muscle fascia should be stout, white, and shiny, while non-viable fascia 
will often appear grey or black, fragile, and stringy. When excising fascia, however, 
great care should be taken as neurovascular bundles may be in close proximity. Muscle 
should be red, shiny, of good consistency, contractile, and bleeding (Fig. 2-5). 
Anything to the contrary should be considered for debridement. Knowledge of anatomy 
and local blood supply is paramount in this endeavor as overly aggressive 
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debridement within muscle compartments may devascularize previously viable tissue. 
Tendon debridement must be carefully considered due to potential loss of function. 
Tendons are also easily desiccated, especially if overlying paratenon or sheath is 
missing. 





FIGURE 2-5 A: Right hand and (B) left hip open wounds ready for further 
coverage. Note the healthy, smooth skin margins, clean granulating tissue bed, 
minimal edema, and skeletal stabilization. 


Devascularized bone fragments must be removed from the wound bed, with the 
exception of substantial articular fragments, which should be retained in an attempt 
to preserve the articular surface (Fig. 2-6). Curettes, rongeurs, and burs are useful to 
check for punctated bleeding indicative of healthy bone that should be preserved. 


Cultures of any contaminated or osteolytic bone will help guide antibiotic selection. 


There are many tools available for mechanical debridement. One tool we find useful 
for very large wounds is the Versa] eta,,¢ Hydrosurgery System (Smith and Nephew). 
This device uses negative pressure from a high-speed stream of water across a small 
aperture at the tip to remove softer tissue and surface debris by suction. Additional 
lavage is not required when using this device. However, great care must be used 
around neurovascular structures to avoid injury. 


Strict hemostasis is critical to prevent hematoma and limit further infection and 
morbidity due to blood loss. Suture ligatures and surgical clips should be used for 
larger vessels, and bovie or bipolar cautery for smaller vessels. We avoid use of 
braided suture when possible to avoid harboring bacteria. 
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J udicious use of a tourniquet is helpful to identify and control large bleeding vessels 
and includes release to assess hemostasis prior to closure, grafting, or dressing 
application. Adjunctive topical hemostatic agents are available and have been used 
successfully in some of our most severely war injured patients. Lavage is important for 
removal of foreign debris and lowering bacterial counts. Reflecting prior published 
research, we use plain saline for lavage without antibiotics. Based on our experience 
and the literature, we limit use of pulsatile lavage in the forearm and lower leg, and 
almost never use it in the hand or foot. Pulsatile lavage can further damage delicate 
tissues, exacerbating the potential for adhesions and functional loss. When pulsatile 
lavage is used in the hand and foot, it is usually at the half pressure setting. Usually, 
bulb irrigation is sufficient when combined with careful debridement. 








FIGURE 2-6 During serial debridements every effort is made to preserve 
substantial articular cartilage fragments. This case also illustrates the value of a 


team approach, after extensive surgical time to obtain the best possible ORIF of 
this comminuted intraarticular knee injury (A,B), the plastic surgery service 
performed a medial gastrocnemius pedicled rotation flap and split thickness skin 
grafting (C,D). 


Temporary Coverage and Void Fillers 

Negative pressure dressings are a great advance in the treatment of wounds not 
amenable to primary closure (Fig. 2-7). The wound VACA® (Vacuum Assisted Closure) 
dressing is commonly employed at our institution. It continues to debride wounds 
while reducing edema and local bacterial counts and it promotes growth of healthy 
granulation tissue. It also eliminates the need for multiple daily dressing changes, 
thereby reducing the patient's discomfort and nursing staff workload. We use portable 
suction devices supplied by the manufacturer set at the recommended 125 mm Hg 
intermittent suction. Wall suction can be used if a portable unit is not available, but 
care must be made to ensure the unit is calibrated to provide a true measurement of 
suction. We prefer to use less suction in the upper extremity due to the more delicate 
nature of the soft tissues and have found this to be effective. In the hand, use of the 
wound VACA@ is limited to avoid desiccation and injury to vital nerves, blood vessels, 
and tendons. It can be of benefit when the underlying tissue is robust such as the 
thenar or hypothenar eminence, or when the more delicate tissues are absent due to 
the injury and debridements (Fig. 2-8). When neurovascular structures are exposed we 
employ standard wet to dry dressings. In general, we try to limit exposure of blood 
vessels, nerves, or tendons to the wound VACA® and try to rotate available local tissue 
to provide coverage prior to placement of the wound VACA®. Multiple wounds can be 
treated with the same suction tube using a foam bridging technique. However, care 
must be taken to cover the skin with the supplied biofilm or ioban to prevent local skin 
breakdown. 


Adequately eliminating contamination and infection is essential to successful wound 
treatment. In addition to appropriate broad-spectrum antibiotic use, there are many 
different options available to provide local infection control that can be tailored to 
the clinical or surgical situation. Antibiotic bead pouches or fracture spacers have 
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radiating element phase response (Padilla et al., 2010a): Modifications in the radiating 
element circuital behavior lead to changes in phase response (arg[S2]). Fig. 17 shows an 
electronically reconfigurable microwave patch antenna for this purpose, along with the 
equivalent circuit and prototype outcomes in terms of phase. 

Second, electronic tuning of phase shifters in transmission lines (Padilla et al., 2010c): 
Modifications in the phase response of the phase shifters lead to corresponding changes in 
phase response. Some options are applied for these devices, such as hybrid couplers, etc. 
Fig. 18 shows a microwave phase shifter prototype for this purpose, along with the working 
scheme and its outcomes in phase. 
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Fig. 17. Electronically reconfigurable antenna, a) Patch antenna prototypes, b) Equivalent 
circuit, and c) Phase behavior in frequency. 
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Fig. 18. Electronically reconfigurable phase shifter, a) Phase shifter prototype, b) Working 
scheme, and c) Phase behavior in frequency. 


3.4.4 Electronically reconfigurable active transmit-array prototype 

One electronically reconfigurable prototype is presented in Fig. 19 and detailed in this 
section. The prototype design implies the use of microwave phase shifters according to the 
design specified in section 3.4.3. This transmit-array lens prototype operates at 12 GHz. 
Main specifications are provided in Table 4. 
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been used effectively to provide local infection control in cases of wounds with 
associated high-energy fracture patterns. With comminution and bone loss soft tissue 
Space can be maintained for future reconstruction and enhanced mechanical stability 
provided (Fig. 2-9). In highly resistant bacterial infection, silver impregnated films, 
colloidal materials, and wound VACA® sponges are additional options for the surgeon 
and have been utilized with great frequency at our institution. We presently reserve 
the use of silver for refractory cases due to concerns of resistance and the current high 
cost of this modality. For extremely large wounds with highly resistant bacterial 
colonization or infection that are not amenable to wound VACA® treatment, 
Sulfamylon (mafenide acetate) or Dakin's soaked wet-to-dry dressings have proven 
effective and resulted in successful wound closure. Infectious disease specialty 
assistance is recommended in such cases. 





FIGURE 2-7 Use of serial debridements and negative pressure dressings prepare 
the wound for subsequent flap coverage. 




















FIGURE 2-8 This case, of a patient who sustained an isolated injury to the thumb 
from an AK-47 rifle round, illustrates several principles of wound management: 
thorough debridement preserving vital structures (A) and provisional skeletal 
fixation with K-wires (B); C: the use of negative pressure dressings to prepare the 
wound for coverage. D-H; attainment of a closed healthy soft tissue envelope 
prior to reconstruction, in this case a local rotation flap and full-thickness skin 
graft were selected. 























FIGURE 2-9 A,B: In cases of contaminated segmental bone loss (case from Fig. 2- 
8), an antibiotic impregnated cement spacer can be used to decrease infection 
risk and maintain space and alignment until the wound is clean enough for soft 
tissue reconstruction with bone grafting (C,D). E,F: A well healed soft tissue 
envelope, demonstrated here, is necessary prior to performing nerve and tendon 
grafting. 


Choice of Fixation 

When wounds are associated with fractures in the acute setting, provisional 
stabilization should be attempted to maintain soft tissue space, prevent mechanical 
agitation of the surrounding tissues, and optimize pain control (Fig. 2-10). In general, 
external fixators are preferred acutely with conversion to definitive fixation as 
indicated by the injury. In the setting of blast injuries, large amounts of debris are 
forced into the wounds with tremendous energy and the level of contamination is 
typically higher than that seen in most blunt open trauma. Our experience has shown 
the significant potential for widespread osteomyelitis when intramedullary fixation is 
selected for blast injured patients and we now prefer definitive treatment with an 
external fixation device in many cases. For the distal extremity, as well as 
periarticular fractures, Kirschner wires are indispensable for temporary and sometimes 
definitive fixation. Definitive fixation that requires significant soft tissue stripping may 
only compound the injury and should be entertained with extreme caution as the 
Clinical situation dictates. 


For highly contaminated wounds, or when there is concern for viability in critical areas 
or structures, repeat operative debridement should be planned every 24 to 36 hours 
until a healthy, vascularized soft tissue bed is achieved. 


Timing of Final Closure 

When is the wound ready to close? There are several elements that must be present to 
ensure success of wound closure. Certainly, all non-viable or necrotic tissue must be 
absent from the wound. It cannot be overemphasized that good vascular flow must be 


present for healing of tissues. In addition, a tension free closure must be achieved or 
blood flow will be compromised at the wound margins leading to wound breakdown 
and dehiscence. Acute limb shortening can be considered when significant bone and 
soft tissue defects are present (Fig. 2-11). Soft tissue expanders can also be a valuable 
tool in the reconstructive phase (Fig. 2-12) One significant marker of excessive tension 
is blanching at the wound margins. Suture type, configuration, and binding tightness of 
the suture must all be considered. Mattress sutures can be tension relieving and 
provide nice eversion of wound edges, but one must also recognize that inappropriate 
orientation or overtightening of these sutures, especially in horizontal mattress 
fashion, can create ischemia at the wound edges. In wounds prone to tension in the 
closure, we typically choose nylon suture sized appropriately to the wound in vertical 
mattress fashion to distribute tension evenly. At times, we will also utilize a€cetrauma 
retentiona€* type sutures using heavier gauge nylon to improve local tension. When 
excessive tension remains, it is better to leave the wound open and return to the 
operating room later when tension free closure can be obtained. In these cases, we 
prefer a a€oe} acob's laddera€* type closure with staples and vessel loops, usually over 
or under a wound VACA® sponge or gauze dressings to create gentle traction at the 
wound edges and promote future closure attempts. While commercial skin traction 
devices are available (Fig. 2-13), we have not found them to be more effective, and 
they are certainly more costly. 








FIGURE 2-10 A,B: Fracture stabilization is required to assist in soft tissue 
management and to maintain structural relationships for subsequent 
reconstruction. K-wires and external fixation are especially useful in traumatic, 
highly contaminated wounds. 








FIGURE 2-11 A-C: Large wound with a segmental femoral defect and associated 
loss of the anterior thigh soft tissue was managed with acute femoral shortening. 
Following soft tissue stabilization the femur was subsequently lengthened. 
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FIGURE 2-12 A,B: This patient required extensor mechanism reconstruction after 
an open knee injury. Soft tissue expanders were used after the initial fracture 
care, flap, and skin grafting, in order to create adequate skin for reconstruction 
and knee motion. It is important to remember that soft tissue scarring as well as 


split thickness skin grafting limit skin excursion and pliability. Subsequent surgery 
may require release of scar or replacement of damaged skin to obtain motion in 
affected joints. 


Absence of infection is also critical to wound closure. We routinely culture infected or 
suspicious wounds to help guide antibiotic therapy. Previous literature suggests a 
culture threshold of less than 10° bacteria per gram of tissue is required to allow 
successful wound closure. However, the utility of cultures is highly dependent on 
laboratory technician experience, and they have not proven to be clinically helpful at 
our institution. Clinical and laboratory indicators of infection such as fever, elevated 
white blood cell count, and elevated inflammatory markers such as C- reactive protein 
and erythrocyte sedimentation rate can help guide decision making. Examination of 
the wound may provide obvious clues like purulent material, unhealthy appearing 
sheen to the tissues, and foul smell. However, even in the most experienced hands, 
this determination can be exceedingly difficult; surgeons must rely on the clinical 
appearance and laboratory markers (Fig. 2-14). Current research into 
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other markers or mediators of inflammation and infection is ongoing, but until these 
efforts bear fruit, this assessment continues to be a significant challenge to the 
surgeon. 
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Parameter Value Comments 
Frequency range [GHz] 12+0.5 | Microwave applications. 
Polarization Linear | In both, reception and transmission. 
Directivity [dBi] >21 
Axial ratio [dB] <1 Between +50° elevation. 

Su [dB] < -20 

Radiation pattern [deg.] +30 Steering direction tilt, for both H and V planes. 
Feeding antenna [mm] 120 Corrugated horn linearly polarized 

Phase shifters [deg.] 360 Full phase range variation. 

Transmit-array elements 36 6x6 array topology. 

Separation between elements 0.7Xo Related to the wavelength 

















Table 4. Main features of the electronically reconfigurable transmit-array prototype. 
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Fig. 19. Transmit-array core, a) Transmit-array prototype, b) Distribution networks, and c) 
Phase shifter integration. 





The electronically controllable steering capabilities are tested and assured for a range of + 
30°in each main axis. An example of radiation pattern is provided in Fig. 20, for 9° tilt in one 
of the main axes. 
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Fig. 20. a) Complete transmit-array with feeder and control circuits; and transmit-array 
measurement results for 9° tilt in one axis, b) H plane, and c) 3D plot. 
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FIGURE 2-13 In some cases tension relieving devices can be used alone or in 
conjunction with negative pressure dressings to facilitate closure, as in this 
patient (A) with a large wound involving the anterior aspect of the lower 
extremity. B,C: Serial debridements and use of a] acob's ladder with a negative 
pressure dressing allowed eventual primary wound closure. D: Tension relieving 
slits in the skin of the lower leg were also used in this case. 


Postoperative Management 

Postoperative wound care focuses on protecting the healing wound and optimizing 
medical care to ensure success. Initially, after wound closure or flap coverage, 
complete soft tissue rest of the involved extremity by splinting or external fixation 
should be considered (Figs. 2-15 and 2-16). Care should be taken when splinting to 


ensure functional positions are maintained; the intrinsic plus position for the hand, full 
extension at the knee, and a plantigrade position for the ankle can facilitate return to 
function and reduce the need for secondary procedures. Provisional fracture fixation 
constructs must be checked to ensure integrity of the construct with modifications 
made as needed to control motion at the fracture site, and ongoing tissue injury. 


Elevation of the extremity is critical to reduce local swelling and edema formation. 
When an external fixation device is present it can be tied to balanced suspension 
supported by an overhead trapeze. We avoid the use of slings on the lower extremity 
due to the potential for pressure necrosis. 
P.26 
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If an external fixator is not present and a sling is used under the calf, it should always 
be tied to balanced suspension, not the overhead frame, in this manner. As the 
patient moves, the pressure on the calf remains constant due to the hanging weights. 
The skin must be assessed periodically throughout each day (Fig. 2-17). 





FIGURE 2-14 Aa€“C: In contrast to Figure 2-4, this foot wound was ready for a 
lateral thigh free flap as evidenced by the healthy wound bed and margins, 
minimal residual limb edema, and excellent flap healing. 











FIGURE 2-15 Patient presented with bilateral lower extremity wounds. His right 
below knee amputation lacked adequate soft tissue for closure and prosthetic 





wear (A); his left lower extremity had a large soft tissue wound (B). The tissue 
that would have been discarded in a revision amputation to an above knee level 
was used in a a€cecross-lega€e flap (C,D) with an excellent clinical result (E). 
Note the external fixator used to protect the flap after inset (D). 





FIGURE 2-16 A: After continued treatment with VAC dressings and ORIF, the left 
upper extremity wounds from Figure 2-3A,B are ready for definitive coverage. In 
this case flap selection is limited by the injuries. B: Bilateral groin flaps were 
used to obtain coverage of both the hand and forearm wounds. To minimize 
tension on the pedicles, external fixators were used to stabilize the forearm to 


the pelvis. C: Healed wounds with durable, healthy coverage. 





FIGURE 2-17 Elevation is a valuable tool for managing edema. Care must be 
taken when applying elevation, particularly in the ICU and poly-trauma setting, 
where patients are often sedated and less mobile. This patient, with multiple 
bilateral lower extremity fractures eventually received a below knee amputation 
after development of a full thickness posterior pressure ulcer. The leg was 
initially elevated by a sheepskin sling tied directly to the overhead bed frame 
resulting in significant pressure over the posterior calf. Use of a balanced 
suspension device secured to an external ankle fixator, as demonstrated in the 
photo, may have prevented this complication. 


Mobilization and edema control of the digits should begin as early as possible. Once or 


twice daily motion begun within seven days of injury can significantly reduce edema 
and long term stiffness. Burn injuries can be particularly challenging due to pain, 
contracture, and poor durability of the grafted skin (Fig. 2-18). While consultation 
with physical and occupational therapists aids in maximizing return of function, a 
balance between early motion and soft tissue rest must be achieved to ensure proper 
wound healing. Effective communication with these vital specialists will ultimately 
benefit both the surgeon and patient. 


Patient physiologic factors and comorbidities must continually be reevaluated and 
optimized in the postoperative period (Figs. 2-19 and 2-20). Markers for infection, 
hemodynamic status, systemic function, and nutritional status should be reassessed in 
accordance with the clinical picture. Wound cultures are checked and antibiotic 
choices are reevaluated in consultation with infectious disease specialists. When using 
the wound VACa,,¢ system, special attention must be made to the pressure settings 
and quality of suction. Nursing and ancillary staff education is invaluable. Prominent 
bone or hardware, especially when combined with inadequate or marginal soft tissue 
coverage, can lead to wound breakdown and the need for additional surgery (Figs. 2- 
21 and 2-22). 


Pain management is not only humane, but we believe greatly contributes to the 
success of treatment, especially in cases requiring frequent bedside dressing changes. 
Reuben et al have shown a reduced incidence of CRPS with aggressive pain 
management. In many cases, especially trauma, our anesthesia colleagues on the pain 
service oversee medical management of pain, and provide regional 
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nerve blocks when appropriate. The mental health of the patient must also never be 
forgotten, especially in cases of traumatic injury, and appropriate consultation with 
psychiatric specialists and/ or a chaplain should be considered to assist in the patient's 
overall well-being and ability to participate fully in their own recovery and 
rehabilitation. 











FIGURE 2-18 This patient received severe burns to the upper extremity and chest 
requiring groin flap to the thumb, and multiple skin grafting procedures 
complicated by recurrent infections with MRSA. Upon presentation to us he had 
severe contracture of the long finger (A), erosion of the skin over the residual 
index metacarpal (B), and essentially no use of the thumb or long finger. Staged 
reconstruction included thumb metacarpal lengthening, completion of the index 
ray amputation (C), full thickness skin grafting to the long finger (D), first web- 
Space deepening, thumb carpometacarpal joint arthroplasty, and tendon transfer 





to the thumb metacarpal for abduction and opposition. The result: a supple, 
durable soft tissue envelope and functional hand (E,F). Attention to detail 
through all phases of care can reduce the need for additional procedures. 














FIGURE 2-19 Underlying medical conditions where immunosuppression is present 
can lead to wound healing problems even after elective surgery. This rheumatoid 
arthritis patient underwent routine open carpal tunnel release with subsequent 
persistent wound drainage. Ultimately, she was diagnosed with Mycobacterium 
avium. The initial debridement and culture (A) failed to heal fully (B). The 
gelatinous appearing tenosynovium and indolent course are typical of 
mycobacterial infections. Successful wound healing followed appropriate 
antibiotic therapy and delayed primary closure. 

















FIGURE 2-20 A,B: Patient had compromised sensation and vascularity following 
multiple surgeries to the small finger for Dupuytren's disease. The patient 
sustained a burn to the distal phalanx on the moist heat pads used before 
therapy. The initial blister and mild erythema were followed by progressive distal 
tip necrosis; ultimately, the patient requested an amputation of the digit. 
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4. Adaptive antenna array 


Adaptive antennas can be described as systems usually based on three main parts: the 
antenna array, the receiver architecture and the beamforming scheme. Thus, adaptive 
antennas have those advantages owing to those three main parts. The system capabilities 
increase as complexity and development cost do. Furthermore, since signal processing is the 
basement of the adaptive antenna concept it is important to analyze the design challenges in 
terms of hardware architecture and components such as processors and embedded systems. 

The antenna array provides the capability of performing the antenna pattern meeting the 
environment requirement under study. Besides, receiver architectures have some interesting 
advantages depending on the implemented receiver arraying technique such as signal to 
noise ratio (SNR) and bit error rate (BER) performance enhancement. Furthermore, symbol 
synchronization and carrier recovery can be used increasing the receiver complexity but 
providing higher performances. Finally, beamforming schemes use multiple antennas in 
order to maximize the strength of the signals being sent and received while eliminating, or 
at least reducing, interference as discussed in Section 4.3. 

Adaptive antenna arrays are often called Smart Antennas because they have some key 
benefits over traditional antennas, by adjusting traffic patterns, space diversity or using 
multiple access techniques. The main four key benefits are: First, enhanced coverage 
through range extension by increasing the gain and steering capability of the ground station 
antenna; Second, enhanced signal quality through multi-target capability and reduction of 
interferences; finally, adaptive antennas improve the data download capacity in the ground 
segment of satellite communication by increasing the coverage range (Martinez et al., 2007). 


4.1 Design and architecture based on software defined radio 

For design there is the well known waterfall life cyclic model (Royce, 1970) that can be used 
to manage main aspects of the design of architectures. Thus, some tasks must be fulfilled 
subsequently as follow in Fig. 21.a. 

Fig. 21.b shows the design schemes resulting of the requirement analysis stage 
corresponding software and hardware system specifications. In the depicted scheme, there 
are some system components such as the radiating element and RF circuits that are often 
designed under iterative prototyping model. 
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Fig. 21. a) Water life cyclic model of the adaptive antenna array design, and b) Simplified 
design scheme of adaptive antenna arrays. 
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FIGURE 2-21 In this series, the patient's initial wounds were closed primarily but 
there was inadequate coverage of the PIP) s dorsally (A). A delayed adipofacial 
flap (B) and overlying full thickness skin grafts taken from his amputated lower 
extremity (C) were not robust enough coverage over the dorsally applied plates 
(D). Removal of the dorsal plates and primary closure lead to successful wound 
healing (E). 











FIGURE 2-22 Patient presented with an innocuous appearing wound and 
persistent serous drainage 3 weeks after ORIF of an open olecranon fracture 
overseas (A). Careful inspection showed that the wound communicated with the 
prominent underlying hardware (B). Irrigation, debridement and IV antibiotics 
combined with removal of the prominent wire knots (C) and primary closure 
resulted in uneventful healing of the wound and fracture. 





FIGURE 2-23 A-D: Patient suffered a blast injury resulting in an open fracture of 
the elbow, in addition to severe soft tissue injury and a forearm fasciotomy. He 
was initially managed with a spanning external fixation device and serial 
debridements followed by ORIF. (ORIF; pedicled Latissimus Dorsi flap and split 
thickness skin grafting. ) 


Conclusion 

Treatment of wounds can be a challenging enterprise, consuming considerable time, 
energy, and resources. By combining the basic principles of evaluation and treatment 
set forth in this chapter, and with meticulous attention to detail, the surgeon will 
have an excellent starting point for the treatment of complicated soft tissue trauma 
(Fig. 2-23). 


Disclaimer. The views expressed in this chapter are those of the authors and do not 
necessarily reflect the official policy or position of the Department of the Navy, 
Department of Defense, or the U.S. Government. 
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Chapter 3 


Management of Simple Wounds: Local Flaps, 
Z-Plasty, and Skin Grafts 





J ohn B. Hijjawi 
Allen T. Bishop 


Skin grafting and local flap coverage have remained a common means of covering 
traumatic wounds. Skin grafts, local flaps, and random flaps are not as simple as direct 
wound closure nor are they are as a€ceeleganta€* as procedures that are found higher 
on the reconstructive ladder such as pedicled flaps or free tissue transfer (Fig. 3-1). 
However, the procedures described in this chapter remain straightforward, reliable, 
and time-tested and should be an essential component of any surgeon's reconstructive 
armamentarium. 


Skin Grafts 

Skin grafts are classified by source and thickness. By far the most common, durable, 
and successful skin grafts are autografts harvested from the patient's own skin. There 
are no immunologic issues, since the tissue comes from the patient's own body. 
Concerns over disease transmission are eliminated and expense is minimal. The only 
disadvantage is the creation and care of a donor site. 


Skin grafts are also available as cadaveric allografts, xenografts (typically porcine 
Skin), and most recently, cultured epithelial grafts. These materials are lifesaving 


sources of temporary wound coverage in the context of massive burns. Allografts and 
xenografts do have the disadvantage of immunogenicity and thus impermanence since 
they are bound to be rejected. However, if the quality of a wound bed is 
questionable, preserved porcine xenografts may be an excellent option for temporary 
wound coverage. 


Currently available cultured epithelial grafts are expensive, require time to culture, 
and are not as durable as autografts. Additionally, studies have shown that they are 
significantly more susceptible to infection than standard autografts. 


Skin grafts are also classified based on thickness. The skin is composed of an outer 
epidermis and a deeper dermis, which Is further subdivided into the reticular and 
papillary dermis (Fig. 3-2). All skin grafts consist of the entire epidermis and a variable 
amount of dermis. Split-thickness skin grafts contain only a portion of the dermis, 
whereas full-thickness skin grafts contain the entire dermis and dermal appendages. As 
a result, full-thickness skin grafts continue to support hair growth following transfer. 
This needs to be carefully considered when selecting donor sites in situations when a 
full-thickness skin graft is to be transferred to a conspicuous, previously hairless area. 


Since full-thickness skin grafts include all dermal appendages, skin at the donor site 
will not spontaneously regenerate following harvest; therefore, these donor sites need 
to be closed primarily or with a split-thickness skin graft. Split-thickness donor sites 
retain the ability to generate epithelium and will be largely healed within several 
weeks if cared for properly. 


Split-thickness and full-thickness skin grafts have quite different contractile 
characteristics on harvesting (primary contraction) and after they heal (secondary 
contraction). Primary contraction is 
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the initial contraction of a graft when it is harvested. Due to the greater proportion of 
elastic fibers in a full-thickness skin graft (the dermis is the location of all elastic 
fibers in the skin), it will undergo more primary contraction than a split-thickness skin 
graft when harvested. Similarly, a thicker split-thickness skin graft (e.g., 0.018 in) will 
undergo more primary contraction than a thin split-thickness skin graft. Most skin 
grafts can be stretched under minimal tension at inset to overcome this contraction, 
restoring their original size. 


Free flap 








FIGURE 3-1 Reconstructive ladder. Historically, surgeons have closed wounds 
with the simple procedure first, moving up the rungs of the reconstructive ladder 
as wounds become larger and more complex. 


Conversely, split-thickness skin grafts undergo more secondary contraction than full- 
thickness grafts. This can be exploited to provide gradual contraction of a wound over 
the course of several months. An example is a fasciotomy wound that is under too 
much tension to close primarily within the days following compartment release. A very 
thin split-thickness skin graft applied to the wound will undergo significantly more 
secondary contraction than would a full-thickness skin graft, resulting in contraction 
of the wound itself. After several months, this may result in a wound that is small 
enough to allow serial excision of the skin graft and primary closure under minimal 
tension. In comparison, 
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full-thickness skin grafts can be relied on to undergo virtually no secondary 
contraction in situations where this is not desirable, such as across a joint surface or in 
a web space. 
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FIGURE 3-2 Skin anatomy. 


Initial adhesion of a skin graft is the result of fibrin present between the graft and the 
recipient bed. Initial survival of a skin graft relies on plasmatic imbibition, which is 
the process of nutrient diffusion from the recipient site into the skin graft. Later, 
vascular channels within the graft line up with vascular channels in the recipient bed 
through the process of inosculation. Finally, long-term graft survival relies on 
neovascularization, or the process of new blood vessel growth into the skin graft from 
the recipient bed. Because skin grafts, both split thickness and full thickness, are 
completely reliant on the recipient bed for survival, the wound bed must be well- 
vascularized and free of infection to support skin graft take. Split-thickness skin grafts 


have lower metabolic demands than do full-thickness grafts, and so they dona€™t 
require recipient beds with as rich a blood supply. Along the same lines, full-thickness 
grafts take longer, from 7 to 10 days, to heal. Split-thickness grafts are generally 
considered healed by 5 days and should be left immobilized and dressed at least that 
long postoperatively. The time of healing in specific situations depends most on the 
quality of the recipient wound's blood supply. 


Indications/Contraindications 


Indications 

Skin grafting may be indicated for any defect that cannot be closed primarily and that 
has a wound bed that can support skin graft take (Table 3-1). Skin grafts survive for 
the first several days through a process called imbibition. During this stage of skin 
graft healing, the graft obtains nutrients from the underlying wound bed through a 
process of diffusion. Wound beds devoid of blood flow, or with little vascularized 
tissue, will make for poor recipient sites. Exposed structures that will accept a graft 
include subcutaneous tissue, paratenon, and muscle. Other tissues, such as exposed 
bone, joint, tendon, and nerve, may be covered temporarily by graft used as a 
biologic dressing but will not support a graft for permanent coverage. Beds containing 
tissues of questionable viability, chronic granulation tissue, or frank infection can 
accept a skin graft but require thorough debridement prior to graft placement. 
Wounds that contain fewer than 10° bacteria per gram of tissue or that allow 
xenograft adherence within 24 hours allow successful skin grafting. 


Contraindications 

Skin grafts are contraindicated in areas that are exposed to repetitive trauma or that 
lie over OSseous prominences. Bone, cartilage, and tendons denuded of periosteum, 
perichondrium, or paratenon cannot be covered with skin grafts as there is inadequate 
vascular supply to support healing of the skin graft. Controversy exists over whether 
skin grafts should be placed over bone, cartilage, or tendons with healthy periosteum, 
perichondrium, or paratenon. It is certainly possible to get skin-graft healing over such 
structures. However, skin grafts in these situations are rarely optimal for long-term 
durable coverage. In addition, skin grafting should be avoided in areas that may 
require secondary surgery for bone or nerve grafting, as adherence to underlying 
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Regarding the hardware implementation, tables presented in (Martinez et al., 2007) show 
the hardware resource consumption in the field programmable gate array (FPGA) Virtex-4 
for the least mean squared (LMS) beamforming algorithm with full spectrum combining 
(FSC) receiver architecture and SIMPLE beamforming algorithm with symbol combining 
(SC) receiver architecture. Both scheme designs have an antenna array of 2 elements. The 
algorithm based on correlation requires less hardware. The main difference can be 
appreciated in the amount of digital signal processing oriented component (DSP48) 
resources, typically used for filtering applications (Martinez et al., 2007). 


4.2 Receiver architectures based on algorithms type 

Several receiver architectures can be implemented, and they are frequently based on the 
type of the beamforming algorithm used. When training signals are available in the 
transmitted frame, a time-based reference algorithm can be used. However, this solution is 
only valid when the earth station is capable of demodulating the received training sequence. 
Other algorithms used in deep space communications are based on signal correlation and 
they avoid performing the demodulating process. This kind of algorithms are blind 
techniques that do not require any additional signal demodulation before applying some 
beamforming technique and work better in low SNR conditions than time-based algorithms. 
Several receiver architectures can be implemented exploiting the processing capabilities of 
the SDR, such as FPGA, application-specific integrated circuits (ASICS), and digital signal 
processing (DSPs). The design of the receiver architecture fundamentally depends on the 
selection of beamforming algorithms. An example of beamforming technique is the LMS 
algorithm whose estimation of coefficients or weights requires a temporal reference and is 
implemented through SC receiver architecture (Fig. 22.a). In the other hand, the SIMPLE 
algorithm (Rogstad, 1997) constitutes a beamforming technique that is implemented using 
FSC receiver architecture (Fig. 22.b) in order to perform the calculation of weights. 
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Fig. 22. Comparison of receiver architectures. a) Symbol Combining (SC), and b) Full 
Spectrum Combining (FSC). 


The SC architecture can be divided into two more sub-classes which work on a phase- 
recovery basis. The complex symbol combining (CSC) recovers the phase information with 
regard to a reference element using feed-forward and feedback algorithms. One of the 
advantages of this scheme is that the rate of data sent to the combining module has a rate 
slightly higher than the symbol rate. For most applications, the symbol rate is relatively low 
and is a multiple of the data rate. In this kind of schemes, there is an important cost 
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muscle, nerve, and tendon may complicate secondary surgery. All split thickness grafts 
will undergo some component of contracture over time; thus, if these grafts are 
placed over large areas of the antecubital fossa, popliteal fossa, or olecranon, there is 
a risk of limitation in joint motion. 


Preoperative Planning 
The wound must be debrided and clean prior to attempts at skin grafting. Infection is 
one of the leading causes of skin graft failure. Since skin grafts are completely 
dependent on the wound bed they are transplanted to for nutrition, they possess no 
intrinsic ability to resolve infection. Quantitative wound cultures have been used for 
many years in some centers to determine the adequacy of a wound's 
microenvironment for closure. A quantitative culture revealing less than 10°bacteria 
per gram of tissue has been traditionally regarded as an acceptable level of 
colonization below which a 
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wound can be closed by skin graft or local flap. However, such cultures are highly 
dependent on the experience of the technician performing them. A careful clinical 
evaluation and serial sharp debridement of clinically infected or contaminated wounds 
are advised. 


Table 3-1. Wound Analysis 


Is there too much tension across the wound for primary closure? 
Is there adequate perfusion of the wound bed? 

Are vital structures exposed at the base of the wound? 

Is the wound infected or contaminated? 

Is the wound geometry favorable for closure? 


Donor site selection must also be decided before surgery. Considerations when 


choosing a donor site for split thickness skin grafts include cosmesis, the thickness of 
skin in the donor site region, and ease of care of the donor site after graft harvest. 
The most common split thickness skin donor sites include the buttocks, lateral and 
anterior thighs, and lower abdomen. These sites are relatively easy to conceal, have 
thick skin resulting in less pigmentation once healed, and are readily accessible in 
even a bed-bound patient, easing postoperative care. 


Full thickness skin grafts are most commonly harvested from the groin, antecubital 
fossa, volar wrist crease, medial arm, postauricular sulcus, or lower abdomen. These 
donor sites all exist in areas where closure can be performed within pre-existing skin 
creases, thus resulting in relatively inconspicuous donor sites. The hypothenar skin or 
plantar instep offers the unique quality of glabrous skin if needed for graft material. 
Always keep in mind that any amputated a€cespare partsa€* can provide a good source 
of viable skin graft with no added morbidity to the patient. 


Surgery 


Patient Positioning 


The patient's position will depend on the location of the graft to be harvested. Most 
frequently we harvest split thickness grafts from the upper thigh area, where they may 
easily be concealed under clothing A supine position with a roll underneath one hip is 
ideal. The majority of full-thickness grafts are harvested from the hairless skin of the 
groin crease, though the inner upper arm may be used as well. The patient is 
positioned supine for such harvests. For glaborous skin grafts, the instep of the foot 
may be positioned so as to allow ease of harvest. For wounds on the posterior aspect 
of the lower extremity or trunk, a lateral decubitus position readily exposes both the 
wound and a lateral thigh donor site. With careful planning it is almost never 
necessary to reposition a patient after harvesting the skin graft. 


Split Thickness Grafts 


Power dermatomes are the most common method of harvesting split thickness skin 
grafts, although for very small split thickness grafts hand-driven Weck blades may be 
more convenient. 


Measure the recipient wound and choose a dermatome guard based on that 


measurement (Fig. 3-3). 


e Set and check the dermatome thickness (usually 0.010 to 0.015 in) with a No. 
15 scalpel blade. The thin, beveled edge of the knife is about 0.010 in, 
whereas the thickest portion of the blade is 0.015 in thick (Fig. 3-4). 


Mark the donor site with a ruler so that you will know where the dermatome 
needs to a€cetouch downa€e and a€celift off.a€* Relying on your memory or 
estimating how far you will have to drive the dermatome can lead to 
harvesting too little graft and having to reharvest, creating an unnecessary 
seam in the graft. In cases of overharvesting, the extra graft can be replaced 
onto the donor site, but this complicates the donor site dressing. 








FIGURE 3-3 A dermatome guard of appropriate width is chosen. 
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FIGURE 3-4 The thickness setting is double checked. 














FIGURE 3-5 Countertraction is applied to avoid a€ceskippinga€* along the 
Skin. 











e Clean the donor site to remove any sticky material that will cause the 
dermatome to stick and apply copious amounts of mineral oil to the donor skin 


and the dermatome. 


Apply countertraction to the skin in front of and behind the dermatome blade. 
Dermatomes, particularly when fitted with larger guards, function much more 
effectively on flat surfaces (Fig. 3-5). 


Activate the dermatome before a€cetouching downa€e on the skin and plan to 
keep it activated until after a€oelifting offa€* of the skin. Touch down at 45 
degrees to the skin, then slightly flatten the angle between the dermatome 
and skin, maintaining constant firm pressure on the head of the dermatome. 


Realize that if you need to reset a hand for countertraction, you can stop the 
blade without lifting off of the skin and reset countertraction. The harvest can 
then be continued without interrupting the continuous sheet of skin graft. 


Transfer the harvested graft onto a dermal carrier with the dermis side up. 
This side is shinier, and has less friction when rubbed than the epidermis side. 
If you become confused as to which side is the dermis side, realize that the 
skin graft edges will always roll toward the dermis side. 


Either make several small slits in the skin graft with a scalpel (a€cepie 
crustinga€*) to allow for drainage of accumulated fluid from the wound bed, or 
run the graft and dermal carrier through a skin graft mesher (Fig. 3-6). Most 
typically, grafts are meshed at a 1:1.5 ratio. This is done to allow drainage 
through the graft, to make grafts more conformable to the underlying wound 
bed, and to increase the area a graft can cover. It is not necessary, however, 
and many surgeons avoid it since the meshed appearance will be permanently 
obvious and will significantly compromise the final cosmesis. 


Fix the graft dermis side down to the wound bed with either staples or 
absorbable sutures such as 5-0 chromic. Traditional bolster or a€catie-overda€e 
dressings employ silk suture placed circumferentially around the skin graft and 
left long. They are then tied over mineral oil soaked cotton wrapped in a non- 
adherent dressing and placed firmly onto the skin graft (Figs. 3-7,3-8,3-9). A 
very convenient bolster dressing can be fashioned by placing a non-adherent 
Nterface dressing (Delasco, Council Bluffs, IA) over the skin graft, followed by 
mineral oil soaked cotton pushed firmly into the wound bed to compress the 
Skin graft. Finally, a Reston (3M, St. Paul, MN) sponge can be cut to conform to 


the wound, placed adhesive side up, and stapled to the skin surrounding the 
wound. This is a very stable bolster construct that resists shearing forces and 
provides firm compression. For skin grafts placed on an extremity, an Ace wrap 
can be used to protect this entire dressing. 


¢ Appropriate splints should be applied to immobilize the recipient site until the 
Skin graft is totally healed. 


Full Thickness Grafts 


Full thickness grafts are harvested after drawing an ellipse, which includes the 
necessary amount of skin based on the wound measurements. Closure without dogears 
is best achieved when the length of the ellipse is about four times the width of the 
ellipse. A scalpel is 
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used to incise the skin just through the dermis. One end of the ellipse is then lifted 
firmly with a single skin hook or toothed forceps and a fresh scalpel is used to elevate 
the skin graft just deep to the dermis, taking as little fat as possible with the skin 
graft. Once harvested, the full-thickness graft can be rolled over a finger or shot glass 
with the dermis side up, and a curved iris scissors used to remove every bit of residual 
fat from the dermis. 





FIGURE 3-6 Meshing the skin graft dermis side up facilitates placement onto the 
wound. 











FIGURE 3-7 The bolster or a€cetie-overa€* dressing begins with placement of long 
sutures along the edge of the skin graft. 

















FIGURE 3-8 Cotton balls are wrapped in a non-adherent dressing and compressed 
onto the skin graft. 




















FIGURE 3-9 The completed tie-over. 


Full thickness grafts are not typically meshed. Otherwise, they are fixed into position 
as described for split thickness grafts. They should be left undisturbed for 7 to 10 
days. Donor sites are best treated with primary closure after moderate undermining of 
the wound edge. 


Postoperative Management 

Split thickness skin grafts should not be disturbed for a minimum of 5 days. The 
dressing can then be carefully removed to not disturb the healing skin graft, and once 
daily dressings are begun with an antibacterial ointment and a non-adherent dressing 
such as Adaptic (J ohnson and J ohnson, New Brunswick, NJ ). Full thickness grafts 
should remain covered for 7 to 10 days before removing the split or bolster. 
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FIGURE 3-10 Donor site dressing. 











Donor sites up to 100 cm? can be covered with Tegaderm (3M, St. Paul, MN) as long as 
Care is taken to carefully dry the skin surrounding the donor site before applying the 
dressing. Serum will collect under the Tegaderm after several days, and can be left 
alone. If the Tegaderm leaks, a patch can be placed over the hole. The benefit of 
Tegaderm is a completely isolated, moist environment that is virtually painless for the 
patient (Fig. 3-10). The donor site is typically re-epithelialized by 2 weeks at which 
point the Tegaderm can be removed and replaced with once daily application of a 
moisturizing cream and non-adherent dressing. Alternatively, the donor site can be 
covered with a Xeroform (Sherwood Medical Industries Ltd., Markham, Ontario, 
Canada), which will dry into an eschar when exposed to air. Once dry this will be 
painless but is extremely sensitive until the eschar develops. 


Rehabilitation 


Rehabilitation of the affected extremity can begin once the surgeon is assured of 
stable graft take. Grafts placed over joints may benefit from 7 to 10 days of 
immobilization before initiating motion across the joint. For grafts placed away from a 
joint, normal motion can begin almost immediately if the graft has been securely 
bolstered to its wound bed. 


Complications 

Skin graft necrosis or failure is the most common complication following split thickness 
skin grafting. The formation of fluid under a skin graft, whether hematoma or seroma, 
is the most common cause of skin graft loss. As noted, the graft is completely reliant 
on the recipient bed for nutrition and so needs to be in complete contact with the 
recipient bed to survive. Therefore, precise hemostasis of the wound bed is critical 
before skin graft application as is firm compression of the graft onto the recipient bed 
through the use of bolster dressings. 


Infection is the next most common cause of skin graft loss. This is best avoided by 
careful debridement before placement of the graft. Shearing forces can interrupt the 
formation of vascular connections between the graft and the recipient bed. This will 
ultimately lead to loss of a graft since healing relies on the formation of genuine 
vascular connections and is not possible through plasmatic imbibition alone. 
Therefore, firm immobilization of all skin grafts is critical to their healing. 


186 Advances in Satellite Communications 





consideration in real-time applications and the requirements of instrumental phase stability 
are very severe (Rogstad et al., 2003). Other type of SC architecture is the stream symbol 
combining (SSC). In this kind of scheme, data are sent to the combining module at a rate 
equal to the symbol rate. The symbol rate depends on the coding scheme and for most 
applications is relatively modest. Also, the requirements of instrumental phase stability are 
no severe, as in the case of CSC scheme. The disadvantage of the SSC is the additional 
hardware required for each antenna. 

Furthermore, there are the baseband combining (BC) and carrier arraying (CA) architectures 
discussed in (Rogstad et al., 2003). In BC architectures the signal from each antenna is carrier 
locked and combining in baseband for further demodulation and synchronization. In effect, 
the carrier signal from the spacecraft is used as a phase reference so that locking to the 
carrier eliminates the radio-frequency phase differences between antennas imposed by the 
propagation medium. Besides, in CA architectures, one individual carrier-tracking loop is 
implemented on each array element. Then, the elements branches are coupled in order to 
increase the carrier-to-noise ratio (CNR), but losses of radio channel are far compensated 
(Rogstad et al., 2003). 

In general, the selection of the beamforming algorithms is determined by the following 
aspects: Hardware and computational resources; Speed of convergence and residual error of 
adaptive algorithms; Calibration requirements and auto-compensation ability; and system 
signal-transmission characteristics. 


4.3 Beamforming techniques for satellite tracking 

Some satellites transmit useful information inside its frames for synchronization and 
tracking purposes. The gathering of satellite data requires the tracking operation along its 
earth orbit. To accomplish this goal with adaptive array architectures, some beamforming 
techniques should be implemented. Fig. 23 illustrates a simple example of a narrowband 
linear adaptive beamformer system. 
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Fig. 23. Adaptive antenna system. 


A linear beamformer combines signals according to some weights w;, to produce a desired 
radiation pattern. The mathematical expression of a linear beamformer at the array output 
in vector notation can be expressed as y = w''x , where x is the received signal vector to be 
combined, w are the weights computed by the beamforming algorithm and / denotes 
transposition and conjugate of (-). 
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Finally, an inadequately perfused recipient bed will certainly lead to skin graft loss. 
Common situations include patients with peripheral vascular disease, previously 
radiated tissues, and tendon or bone denuded of paratenon or periosteum. 


Random Flaps 

Random flaps, by definition, have no named or defined blood supply. They are raised 
in a subdermal plane and so rely on the subdermal vascular plexus of skin for 
circulation. To ensure adequate circulation, random flaps should be limited to a 
length no greater than 2.5 times the width of their base, which is the uncut border of 
the flap. This ratio may be even more limited in poorly perfused extremities. 
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Indications/Contraindications 


Indications 

The elasticity and slight redundancy of local tissue are critical to the success of most 
random flaps. They are based on local tissue so are typically contraindicated for 
wounds with significant surrounding soft tissue damage such as radiation wounds. The 
advantage of random flaps in comparison to skin grafts is that they can provide well- 
vascularized, full-thickness tissue for wound coverage. Far more durable to friction 
and repeated stress than skin grafts, local flaps are preferred for closure over vital 
structures such as tendons, nerves, and blood vessels. An added benefit is that they 
can be used to close wounds over vital structures denuded of paratenon, periosteum, 
Or perineurium, since a well-vascularized wound bed is not required as it is for skin 
graft survival. Finally, despite the new scars made to raise random flaps, they are 
ideal in terms of color match, since they come from local skin. 


Contraindications 

Gross contamination or frank infection is an absolute contraindication to wound 
closure with local flaps. In fact, while free flaps and pedicled flaps have been shown 
to introduce enough independent new blood supply to overcome infectious processes 
like osteomyelitis, local flaps need to be placed over a clean, uncontaminated wound 
bed. Finally, local flaps are limited to small wounds usually less than 15 to 20 cm?; 
wounds exceeding these dimensions should be covered with another method of soft 


tissue coverage. 


Preoperative Planning 

As mentioned previously, adequate surgical debridement is a must before any attempt 
at closure. Tissue culture is a useful adjunct, particularly in cases of significant blunt 
trauma with devitalized tissue or cases of gross contamination. Often, serial wound 
debridement every other day for several days is necessary to obtain negative cultures. 


It may not be possible to completely resolve a patient's systemic medical issues, but 
they should be as optimized as much as possible. Tight control of blood glucose levels 
in patients with diabetes, management of extremity edema, and nutritional status can 
all be significantly improved in many patients with several days of focused inpatient 
care. 


Surgery 
Z-Plasty 


Probably the most familiar random flap to any surgeon, the Z-plasty is not actually 
indicated for the treatment of open wounds. Rather, the main indications for a Z- 
plasty include lengthening scars, interrupting linear scars with the transposition of 
unscarred tissue, and disrupting circumferential or constricting scars (Table 3-2). A 
common indication in hand surgery is to employ a Z-plasty in contracted web spaces in 
an effort to introduce healthy adjacent tissue relieving web contractures. 


Z-plasties rely on limbs of equal length to facilitate closure. The most common Z- 
plasty design employs 60-degree angles, which theoretically results in a 75%increase 
in the length of the central limb of the Z-plasty (Fig. 3-11). Although clinically not 
feasible, a Z-plasty with angles of 90 degrees would result in the greatest theoretical 
gain of central limb length, approximately 120% 


Executing an effective Z-plasty is not simply a matter of elevating the triangular flaps 
and transposing them. Mobility and a tension-free closure are greatly facilitated when 
the tissue at the bases of the triangular flaps is also elevated. 


Four Flap Z-Plasty 


Most commonly used for first web space contractures, the four flap Z-plasty results in 


a 150% gain in length of the original central limb, or scar contracture. Essentially, a 
120-degree standard Z-plasty is drawn. Each triangular flap is then bisected, resulting 
in four equivalent 60-degree triangles that are raised and interdigitated as shown (Fig. 
3-12). 


Table 3-2. Z-Plasty Indications 


Lengthening scars 
Interrupting linear scars 
Disrupting circumferential or constricting scars 
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FIGURE 3-11 A basic Z-plasty. 
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FIGURE 3-12 Four-flap Z-plasty. 


Rhomboid Flap 


Executing a rhomboid flap begins with converting the defect (even if it is circular) into 
a rhomboid to better visualize the flap design. A line equivalent in length to the limbs 
of the rhomboid is then drawn perpendicular to the short axis of the rhomboid (Fig. 3- 
13). Next, a line (B-C) is drawn at 60 degrees to the A-B line. It will be parallel to one 
of the limbs of the original rhomboid. 


The flap is then elevated. It is also critical to elevate the skin around the base of the 
flap very liberally to facilitate transposition of the flap and closure of the wound. The 
flap should not be closed under tension; rather, further undermining of the base of the 
flap should be executed until the flap closes without tension. 


Banner Flap 

The banner flap is a type of transposition flap. A pendant or banner of skin is designed 
with one edge of the banner (near the base of the flap) running tangentially to the 
wound edge. The flap is elevated and transposed after which any redundant flap can 
be trimmed. It is important that the original design of the flap places the banner in an 
area of redundant skin. Since the banner can be designed along any border of the 
defect, it is helpful for eventual cosmesis if the original banner is designed within a 
relaxed skin tension line. 


Rotational Flap 

Rotational flaps are frequently employed on the dorsum of the hand, fingers, and in 
the scalp to close triangular defects. They are deceptively simple, and poor planning 
can lead to a large incision with an inadequate flap. 





FIGURE 3-13 Rhomboid flap. 
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Unfortunately, relatively little advancement of the flap edge is possible without 
making a flap that is approximately four times greater in length than the defect 
length. Even with an adequately designed flap, tension can develop at a point 
opposite the pivot point in the base of the flap. This can be overcome by backcutting 
the base of the flap or excising a Burow's triangle. The pitfall here is the risk of cutting 
into the base of the flap, which can reduce the circulation of the flap. This added 
tension in the flap can lead to tip necrosis. 


One simple solution for a rotation flap that seems to be under excessive tension is to 
simply advance the leading edge of the flap into the defect, which results in a new 
defect at the opposite end of the flap. Since this donor defect should be well 
vascularized (the flap should be taken from an area of healthy tissue), the donor site 


can be skin-grafted rather than closed primarily. This strategy, while not elegant, is 
mush less likely to result in excessive tension on the closure. 


V-Y Advancement Flap 


V-Y advancement flaps are extremely useful, but their execution differs greatly from 
transposition flaps. V-Y advancement flaps are not elevated completely, but rather 
must remain connected to the subcutaneous tissue underlying the flap to maintain 
their viability. This is because they are incised along all skin borders and so have no 
connected a€cebasea€* through which a dermal or subdermal blood supply can provide 
circulation. 


A V-shaped flap is designed immediately adjacent to the defect with the widest 
portion of the V equivalent in width to the width of the defect (Fig. 3-14). The two 
limbs of the V are then gradually tapered so that their length is at least 1.5 times the 
length of the desired advancement. The distance the edge of the flap can be advanced 
is somewhat determined by the laxity of the local skin. 


Following advancement of the flap edge into the defect, the base of the V is closed in 
a linear fashion, resulting in a a€ceY.a€e 


Postoperative Management 

On completion of the operation, a bulky non-compressive dressing is applied to the 
wound, which may be supported with a plaster splint if immobilization is required. A 
small window can be left to monitor the flap for signs of ischemia or congestion. 
Sutures remain for an average of 10 to 14 days, depending on the status and tension of 
the surrounding tissue. Ideally, flaps are inset under minimal tension, allowing the 
patient to begin gentle range of motion exercises immediately following surgery. Once 
sutures are removed, the wounds may be kept moist with a petroleum-based product, 
which will prevent itching during the early postoperative period. 


Complications 

The most feared postoperative complication following local flap reconstruction is 
necrosis or partial necrosis of the transferred tissue. This complication occurs because 
of inadequate blood supply to the flap. Flap ischemia may result from flap closure 
under excessive tension, hematoma, or infection. 
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If total flap loss develops, the wound will require closure by another means, either 
pedicled flap or skin graft. If partial necrosis has occurred, one can debride the 
necrotic portion of the flap and begin dressing changes to the underlying wound bed. 
Once the underlying tissues are clean of any infection and necrotic debris, the surgeon 
can consider allowing the wound to heal through secondary intention or attempt 
wound closure with an alternative reconstructive method. 





FIGURE 3-14 The Atasoy-Kleinert V-Y advancement flap. Note that the 
subcutaneous tissue has remained undisturbed to maintain blood supply. 
(Redrawn after Louis DS, J] ebson PL], Graham TJ]. Amputations. In: Green DP, 
Hotchkiss RN, Pederson WC, eds. Operative hand surgery. New York: Churchill 
Livingstone; 1999: 48-94. ) 


Pearls and Pitfalls 
Pearls 


e Use a VAC or Reston bolster to immobilize and compress skin grafts quickly. 


e Do not mesh pie-crust skin grafts on hands. 


Exploit secondary contraction of thin split-thickness grafts (0.010a€“ 0.012) to 
induce contraction of fasciotomy wounds. 


Employ Tegaderm for small donor sites (100 cm?) to decrease pain and provide 
a moist wound-healing environment. 


Splint extremities to immobilize skin grafts. 


Salvage improperly planned local flaps by skin grafting the local flap donor 
site. 


Pitfalls 


e Hematoma 

e Seroma 

e Inadequate immobilization of grafts or flaps while healing 
e Meshing grafts on the hand 


« Inadequate initial wound debridement 
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Chapter 4 
Vacuum-Assisted Closure in Extremity Trauma 





Anthony J. DeFranzo 
Louis C. Argenta 


Indications/Contraindications 

Wounds of the upper and lower extremities provide a constant challenge for 
orthopaedic and plastic surgeons. Complex severe injuries involving bone and soft 
tissue demand major reconstructive procedures. Less severe injuries exposing tendon, 
bone, and joints also demand innovative surgical approaches. Many patients with 
injured extremities have been the victim of multiple traumas and may have major 
associated injuries involving head, chest, and abdomen. Major blood loss, 
disseminated intravascular coagulopathy (DIC), high intracranial pressure, acute 
respiratory distress syndrome (ARDS), septicemia, and renal failure frequently 
complicate the treatment of these patients. Vacuum-assisted closure (VAC) has 
provided a way to effectively manage these wounds until definitive reconstruction can 
be performed. Vacuum-assisted closure has also greatly simplified reconstruction in 
many of these patients. Skin grafts are performed in many cases that would have 
otherwise required major rotational flaps or free flaps prior to the advent of VAC 
therapy. 


The mechanics of the VAC system are straightforward. The system consists of an open 


cell polyurethane ether foam sponge sealed by an adhesive drape. All pores in the 
sponge communicate so that negative pressure applied to the sponge is applied equally 


and completely to the entire wound surface. The effects of the VAC on the wound are 
multiple. The application of negative pressure causes the sponge to collapse toward its 
center. Traction forces are thus applied to the wound perimeter pulling the wound 
edges together progressively making the wound smaller. The VAC sponge should be cut 
to fit inside the wound to maximize traction forces on the wound edges. The sponge 
should not overlap intact skin, as skin maceration may occur. In addition, the VAC 
removes wound edema, appears to increase circulation and decrease bacterial counts, 
and significantly increases the rate of granulation tissue formation (1,6). 


All wounds are thoroughly debrided prior to VAC placement. No clinical infection, 
purulence, or suspected osteomyelitis should be present prior to VAC placement. 
Grossly contaminated wounds are a contraindication for VAC placement. The VAC 
sponge should not be applied directly over major exposed blood vessels in the 
extremity status posttrauma, especially if the vessel wall has been damaged or a 
vessel repair has been performed. A protective interface such as Adapticw may be 
used. Exposed, repaired, or damaged major vessels should be covered with flaps such 
as muscle flaps or fasciocutaneous flaps. The VAC may be applied over intact nerves if 
muscle flap or adequate soft tissue coverage is not possible. A layer of Adaptic may 
help prevent pain caused by VAC traction especially when VAC sponges are changed. 
Nerve repairs should also be protected by an interface layer such as Adaptic placed 
under the VAC sponge. Adequate soft tissue or flap coverage of major peripheral 
nerves is preferred for final long-term management. The VAC may frequently allow 
secondary closure of wounds over major peripheral vessels or nerves by pulling 
together adequate soft tissue as edema is removed. Split-thickness skin grafts placed 
directly over major exposed vessels or nerves is possible with VAC therapy after 
granulation tissue occurs, but not preferred. 


The VAC sponge may be placed directly on bone if the bone surface bleeds following 
sharp debridement by an osteotome or low-speed power burr. Occasionally, 
desiccation of bone may occur 
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with the VAC. If desiccation occurs, further debridement to punctuate bone surface 
bleeding with the immediate placement of Integraw Dermal Regeneration Template 
and then VAC placement directly over Integra may be tried. This technique has 
provided Integra take over bone allowing subsequent skin graft coverage. The Integra 
must be meshed or holes cut in the outer silicone layer before VAC sponge placement. 
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In adaptive antennas design, weights are dynamically calculated with a certain algorithm in 
order to optimize some signal parameter like signal to interference-plus-noise ratio (SINR), 
SNR, or BER. An extended variety of algorithms exist in the literature for beamforming 
purpose and the most appropriated selection is done depending on the signal characteristics 
of the received signal. 


4.3.1 Blind techniques 

Blind beamformers make use of an inherent property of the received signal, such as the 
ciclo-stationarity of the constant modulus. In the latter, the algorithm eliminates the 
fluctuation of the signal amplitude and computes the weights to minimize the effect 
produced by those variations. The algorithms that make use of these methods are denoted 
as Constant Modulus Algorithms (CMA) (Biedka, 2001). 

CMA algorithms present an important disadvantage: as the phase information is not 
considered, the constellation of quadrature phase shift keying (QPSK) signals commonly 
used in satellite communications appears rotated after beamforming, which imposes the 
need of an additional phase recovery subsystem in the array output. 


4.3.2 Temporal-reference algorithms 

Algorithms based on a temporal reference require a known reference included in the frame 
of the signal, such as training sequences, unique word (UW) or pilot bits. Thus, these 
schemes are normally used for digital signals. The aim of these beamformers is the 
minimization of the energy of an error signal integrated by interferences and noise. In order 
to reduce the order of the problem, the weight calculation is usually done iteratively. 

The most popular adaptive filters are the LMS and Recursive Least Squares (RLS) 
algorithms (Haykin, 2002). Briefly, the main differences lie in the method to calculate and 
the final convergence behavior: while LMS has a linear complexity order with the number of 
antennas in the array, RLS makes use of matrix operation, so that the complexity order is 
quadratic, but the convergence is faster. 

An interesting alternative to the LMS is the Normalized LMS (NLMS), which normalizes the 
adaptive step to avoid variation during the convergence process. The counterpart is the 
more intensive processing requirements to calculate signal power and normalization 
operation. 


4.3.3 Correlation-based algorithm 

In contrast to beamformers based on temporal reference, schemes based on signal 
correlation do not require the demodulation of any signal. These techniques are the most 
popular to extract the spatial information for beamforming, and we have focused on the use 
of the SIMPLE algorithm (Rogstad, 1997). This algorithm has been used by the Deep Space 
Network (DSN) of National Aeronautics and Space Administration (NASA) to combine the 
signals received from spatial probes in radio telescopes located in different sites around the 
Earth surface. The main disadvantage of correlation based schemes is the lack of ability to 
cancel interference signals. 


4.4 Performance comparison 
Some simulation comparisons between spatial and blind algorithms are presented to show 
benefits and drawbacks. Four algorithms have been selected with a 4-element uniform linear 
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Relatively small areas of bone have been successfully treated in this manner. Large 
areas of exposed bone are better treated with pedicle muscle flaps, pedicle 
fasciocutaneous flaps, or free flaps. The VAC should not be placed over desiccated 
bone with questionable viability without punctuate bone surface bleeding. 


Preoperative Planning 

Wounds should be thoroughly debrided before VAC application. Once the wounds are 
clean, VAC therapy may be initiated. VAC sponges can initially be applied in the 
operating room following definitive debridement. 


Surgery 

To illustrate the application of the VAC device to wounds of the extremities, case 
studies will be shown to illustrate degloving injuries, gunshot wounds, and a variety of 
avulsion injuries with exposed tendons, bones, and joints. VAC treatment of traumatic 
wound complications such as infection and hematoma is also illustrated. 


Degloving Injuries 

Several degloving injuries to the hand have been treated by the VAC with varying 
results from O0O%to 95%take of replaced degloved skin. The degree of take depends on 
the condition of the degloved skin and the viability of underlying tissue. The degloved 
Skin is frequently crushed and lacerated. It may be difficult to clinically assess the 
viability of the degloved avascular skin. Also, roller injuries which frequently cause 
degloving injuries of the hand may crush as well as deglove the hand. Contusion to the 
hand intrinsic muscle and crush injury of blood vessels in the hand may also be 
difficult to evaluate. Progressive loss of viability may occur. 


In all hand degloving injuries (N =6) treated to date at Wake Forest University School 
of Medicine, fingers were not viable significantly beyond the proximal interphalangeal 
(PIP) joints and amputations were made at or just distal to that level (4). The thumb 
has been salvaged at full length in one case. In degloving injuries, most extensor and 
flexor tendons remain on the hand. If the distal phalanx is avulsed with the skin 
envelope the flexor digitorum profundus tendon(s) may also be avulsed from the hand 
and even from the forearm. Extensor peritenon and flexor tendon sheaths are 
frequently intact, providing vascularized coverage to the tendon. 


The clinical approach has been to assess viability of the degloved skin and hand after 
meticulous debridement and completing the amputations at the appropriate level. The 
Skin is thoroughly defatted, pie-crusted, and placed back on the hand with a few 
staples and/or sutures. The VAC is then immediately applied. The sponge is cut to fit 
over the grafted, degloved skin, using one or multiple contiguous pieces of sponge. A 
a€oehand VACd€® kit is also commercially available. Controlled suction of 125 mm Hg 
pressure is applied (Fig. 4-1). This procedure takes very little operative time. If 
successful, the patient is spared a great deal of overall treatment time and morbidity 
compared to more complicated methods of reconstruction. Therefore, with a 
degloving injury, our treatment algorithm is as follows: (a) skin defatting and 
debridement, (b) wound debrideded, (c) skin applied to wound, (d) VAC applied to 
wound. The VAC is left in place for 4 to 6 days. If there are areas which have not 
revascularized, the VAC may be replaced for 2 more days for a total of 6 days. After 
day 6, further take with VAC therapy does not seem to occur and we have not used the 
VAC longer than 6 days. 


If VAC therapy is totally unsuccessful, no more than 6 days are lost with the attempt at 
degloved skin replacement before other methods of reconstruction are initiated. The 
best case to date of VAC replacement of degloved skin achieved a 95%take of avulsed 
skin with preservation of fingers at or just distal to the PIP joints and preservation of 
the thumb at full length. Excellent range of motion of the metacarpal phalangeal 
joints was achieved. Further surgery involved outpatient revision of the amputations of 
the four amputated fingertips and deepening of the first web space (Fig. 4-2). 
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FIGURE 4-1 Mechanics of the VAC system. A: Open cell polyurethane ether foam 
dressing. B: A 400a€“600 micron pore diameter. C: Foam dressing cut to fit the 
wound. D: Wound sealed with adhesive drape. There is 50a€“125 mm Hg 
controlled suction applied continuously. 








FIGURE 4-2 Degloving injury to the hand. A: Entire dorsum and all fingers avulsed 
to distal palm. Neurovascular bundles present to or just beyond proximal 
interphalangeal joints. Extensor paratenon intact; flexor tendon sheaths intact. 
B: Fingers surgically amputated at or just distal to PIP joints. Skin defatted, pie- 
crusted, and reapplied. VAC change day 4 with 95%take of reapplied degloved 
full-thickness skin. C: Final result with good range of motion at metacarpal 
phalangeal joints. 





One degloving injury of the foot has been treated with the VAC. The toes were 
amputated with the degloved skin at the time of the injury. Metatarsals were 
shortened surgically so that they were covered by viable soft tissue. The skin was 
thoroughly defatted, pie-crusted, and returned to the foot. A few staples were used to 
secure the skin, and the VAC was applied for 4 days. Skin viability was 95% No 
revisional surgery has been required. A small area of breakdown on the plantar surface 
of the heel occurred with ambulation, but healed with simple dressing changes and has 
not been a recurring problem with proper footwear (Fig. 4-3). 


Crush Avulsion Injuries with Exposed Bone, J oints, 
and/or Tendons 
Crush/ avulsion injuries are commonly seen after industrial accidents or accidents at 
home with lawnmowers and farm machinery. Crush/ avulsion injuries are also 
frequently seen with motor vehicle accidents and may be associated with other major 
critical injuries. Expedient closure of wounds without major reconstructive procedures 
with long anesthesia times may be beneficial to overall patient 
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care in the critically injured patient. Injuries to the upper extremity and lower 
extremity from the knee to the ankle result in exposure of tendons, bones, and joints. 
The VAC has been used on such patients only after one or more thorough operative 
debridements of all nonviable tissue. In some of these cases, coverage of tendon, 
bones, and joints has been facilitated by the use of Integraw. 





FIGURE 4-3 Degloving injury to the foot. A: Entire dorsum, plantar surface, and 
skin of posterior heel avulsed. All toes traumatically amputated at metatarsal 
phalangeal joints. B: Amputations revised at metatarsal phalangeal joints. 
Avulsed skin defatted, pie-crusted, and replaced. The VAC is removed on day 4 
with 95%of replaced skin viable. C: Final result with durable cover with proper 
footwear at 2 years. 


Integra Dermal Regeneration Template is a clear bilayer membrane designed originally 
for skin replacement in burn patients. It consists of an epidermal layer comprised of a 
clear thin sheet of silicone (polysiloxane) and a dermal layer comprised of a porous 
matrix of bovine collagen fibers cross linked with chondroctin-6-sulfate from shark 
cartilage. The silicone sheet is removed after take of the Integra, and a split-thickness 
Skin graft typically 8 to 12 thousandth of an inch is applied. With VAC therapy over pie- 
crusted or meshed Integra (noncrushing mesher), take occurs in as little as 6 days. Our 
practice is to maintain VAC therapy for 6 days undisturbed over Integra. Clinically, the 
Integra assumes a salmon-pink color when take occurs; but with 6 days of VAC therapy, 
a more robust red color may be achieved. We now routinely plan to perform split- 
thickness skin grafts 6 days after VAC placement over Integra. 


Integra and split-thickness skin graft provide a pliable durable bilaminar skin 
reconstruction ideal to cover joint surfaces (3). With VAC therapy, Integra has taken 
well over a vascularized wound bed, at 6 days in most patients. In addition to simple 
Integra take, however, viable tendons, bones, and open joints without cover have 
been bridged for a distance of 1 to 2 cm. At day 6, if structures have not been 
a€cebridgeda€* sufficiently, VAC therapy may be continued for a total of 10 to 12 

days. Red vascular tissue can be seen spreading transversely through the Integra that is 
bridging a bone, joint, or tendon. 


Tendons and bones can granulate in the abscence of Integra to allow split-thickness 
skin graft take (2). However, the use of Integra appears to provide a more durable skin 
cover over bone and over tendon allows tendon glide with appropriate early 
occupational therapy. Split-thickness skin graft applied over Integra is followed by VAC 
therapy for another 6 days to achieve take of the split-thickness skin graft to complete 
the reconstruction. The VAC has been useful in maximizing the take of split-thickness 
skin grafts over irregular surfaces in many of our cases involving the extremities (7). 
Whenever 
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possible, range of motion of joints and tendons is begun early at 1 to 2 weeks after 
successful skin graft take (Figs. 4-4,4-5,4-6, 4-7). 





FIGURE 4-4 A 68-year-old status post lawnmower avulsion injury. Smoker with 
atherosclerosis. A: Exposed medial malleolus, ankle joint, and tendon. B: VAC 
therapy for 2 weeks with granulation tissue covering exposed tendons and joint. 
No use of Integra”. C: Split-thickness skin graft stable for 4 years with normal 
footwear. 











FIGURE 4-5 A 67-year-old status post motor vehicle accident with crush of lower 
extremity and fracture of underlying tibia treated with an intramedullary rod. A: 
Exposure of rod post status debridement. B: VAC therapy allowed soft tissue to 
cover bone by both a decrease in wound size and the formation of granulation 
tissue. Final skin closure was obtained with a split thickness skin graft. Wound 
stable at 1 year. 




















FIGURE 4-6 A 17-year-old with skin avulsion of the left arm status post motor 
vehicle accident. A: Exposed ulna is debrided to bleeding bone. B: VAC applied 
for 6 days with formation of granulation tissue. Integraw was then applied and 
VAC continued for 7 days. Finally split-thickness skin graft was applied. C: Stable 
cover after 3 years for definitive wound closure. 
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array (ULA). The spatial algorithms simulated are post-beamformer interference canceller - 
orthogonal interference beamformer (PIC-OIB) (Godara, 2004) and minimum power 
distortionless response (MPDR) (Van Trees, 2002). On the other hand, the blind algorithms 
are the matrix-free EIGEN and the SUMPLE (Rogstad, 1997). The convergence process is 
compared as a function of the input SNR as depicted in Fig. 24. 

As it can be observed from the above results, spatial algorithms outperform blind ones at 
low SNR, and vice versa. On the other hand, with medium-low SNR and low or absence of 
interferences, the behavior of all algorithms is quite similar. 


SIR = 100 d8, SWR=6 dB 
- T T 


SIR = 108 dB. SNR = -10 dB 


T 2 oe | 6.2 ———S =e =a = ——— 








Ee T 





Gain (dB) 





Gain (dB) 


66 sn Riki sieves | — PIO. OB ee 
i Matrix-ftee EISEN | 











i i i i i i i 
S00 1000 1500 2000 2500 3000 3400 4000 4500 1000 2000 2000 4000 SOW 6000 7000 S000 9000 
Sample number Sample number 


a b 


Fig. 24. Convergence behavior of spatial versus blind algorithms in the absence of 
interferences with several input SNR. a) SNR = 5 dB, and b) SNR = -10 dB. 





5. Experimental Test-Bed based on SDR platform 


This section presents a test platform known as Adaptive Antenna Array Test-Bed - A3TB, 
where a comparative study of several beamforming algorithms can be performed and 
modularity of the architecture is a well proved advantage. The test bed is based on SDR 
technology and uses a novel architecture that can be used with both blind and spatial-based 
beamforming algorithms. The A3TB concept can be applied to a number of scenarios as the 
current version is independent of the signal properties. Simulation results using the A3TB 
with the APT channel from NOAA satellites show the performance of the concept and the 
feasibility of the proposed implementation. 

The scope of the system development was is to prove the concept of antenna arrays applied 
to ground stations instead of reflectors for different applications, such as telemetry data 
downloading or end-user in mobile applications as discussed in the introduction section. In 
contrast to reflector antennas, antenna arrays offer the possibility of electronic beam-steering 
avoiding the use of complex mechanical parts and therefore reducing the cost of the 
antenna. It is also a good chance for Universities and Research Centers aiming to have their 
own ground station sited in their installations. 


5.1 A3TB concept 
The A3TB can be defined as a software-defined radio beamformer applied to a ground station for 
tracking LEO satellites. The novelty relies on the use of an antenna array to smartly combine 
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FIGURE 4-7 A 24-year-old male status post motorcycle accident with right 
brachial plexus injury, right clavicle and right scapula fracture, right occluded 
axillary artery, right pneumothorax, right open comminuted patella fracture with 
avulsion of patellar bone and soft tissue with an anterior open knee joint. A: 
Open knee joint post status debridement of nonviable patella and soft tissue. B: 
Soft tissue deficit following ligament reconstruction and VAC placement. C: 
Integraw was placed over the open knee joint. D: Granulation bridging knee joint 
through Integra. E: A split-thickness skin graft was applied over the Integraw after 
the Integra showed signs of levascularization. F: Excellent range of motion 
achieved at 3 months with stable cover at 2.5 years. 


Gunshot Wounds 

Gunshot wounds are associated with blast effect which causes major damage to bone 
and surrounding soft tissue. Massive wound edema develops. Reconstruction can 
become exceedingly difficult. When applied immediately after proper debridement, 
VAC therapy can remove a large amount of edemic fluid from the wound. Multiple 
operative debridements may be required to ensure that all nonviable bone and muscle 
have been removed. As much as 2 L of edema fluid have been removed from wounds of 
the lower extremity over a 24 hour period (5). Application of VAC can also pull 
retracted wound edges together and promoted the remaining wound to fill with 
granulation tissue covering exposed bone, tendon, and hardware (Figs. 4-8 and 4-9). 


Vacuum-Assisted Closure Therapy for Posttraumatic 


Wound Complications 


Posttraumatic wounds are subject to higher hematoma and infection rates due to 
tissue devascularization and tissue contamination. If a wound dehisces, rapid edema 
may make wound reclosure impossible. Bone, tendon, and/or plates become exposed 
and their coverage is essential to a successful outcome. Vacuum-assisted closure 
therapy has been useful in regaining closure of posttraumatic open wound 
complications (Fig. 4-10). 





FIGURE 4-8 A 25-year-old with a self inflected gunshot wound to the left arm. A: 
Debridement and plate fixation of the humerus. B: Exposed plate status post 
debridement with decreased wound size and granulation tissue covering plate 





FIGURE 4-9 A: A 10-year-old boy with a gunshot wound to the right elbow, 
forearm, and hand extremity well vascularized. VAC placed on day 4 status post 
debridement of all nonviable tissue. Three operative debridements were 
required prior to VAC placement. B: Early post-operative course showing a 
small amount of exposed bone. The soft tissue defect was advanced to closure 
by VAC therapy. C: Split-thickness skin graft placed 10 days status post injury 
after granulation tissue covers all exposed bone. D: Wound stable 2 years. 
Excellent bone healing and range of motion. 
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FIGURE 4-10 A 32-year-old status post fractured calcaneus treated by open 
reduction and plate fixation. A: A post-operative hematoma resulted in wound 
dehiscence and exposed the plate. B: Four weeks of VAC therapy were used to 
obtain wound closure (3.5 weeks as an outpatient). No surgical procedure to 
achieve skin closure was required. Wounds stable for 3 years with normal foot 
wear. 


Postoperative Management 
We believe that the VAC sponge ideally should not be left longer than 2 days between 
changes to maintain proper seal and to avoid infection. Small, clean outpatient 


wounds may be changed three times a week (Monday, Wednesday, Friday schedule), 
by visiting home nurses with a 2a€"“3 day change interval. 


Oral or intravenous narcotics are usually sufficient for VAC changes in adults. Infusion 
of Xylocaine into the sponge discontinued from suction 15 minutes before VAC change 
has been beneficial for local analgesia prior to VAC change. Care must be taken to 
administer doses of Xylocaine usually well below safe standard dose guidelines. A dose 
of 10 to 20 cc of 1% Xylocaine with epinephrine for a small to medium size sponge 
would be sufficient. Much larger wounds may not benefit from Xylocaine infusion. 
Children granulate more quickly than adults and may require a smaller pore size 
sponge (white sponge) than the standard black sponge. Granulation tissue may grow 
into the black sponge and cause increased pain or bleeding with the VAC sponge 
change in children. Every-24-hour VAC changes may occasionally be required with a 
standard black sponge in children. However, with granulation tissue development, 
split-thickness skin grafting is possible even sooner in children, and the uncomfortable 
course of VAC sponge changes Is soon over. Children may require a brief general 
anesthetic or Ketamine for each VAC change in a dressing room setting staffed by an 
anesthesiologist. 


Complications 

Complications are experienced occasionally due to mechanical failure of the machine 
with loss of suction and unfortunate wound deterioration. The wound may become a 
sealed abscess cavity if suction is not properly maintained. All new machines have 
alarms that should signal loss of suction. Every-2-day VAC sponge changes ensures that 
proper machine function and seal are provided. Technical errors such as an improper 
seal have occurred with inexperienced personnel. In-service training is mandatory for 
all nursing and physician staff. Sponge overlap of the skin will cause skin maceration. 
Bleeding may occur with VAC change, especially in children. Bleeding can usually be 
controlled with pressure. Generalized bleeding from the wound usually means that 
sufficient granulation has occurred to allow skin grafting. 


Osteomyelitis has occurred infrequently if insufficient bone debridement was 
performed prior to VAC therapy. Granulation tissue unfortunately may quickly cover a 
bony sequestrum with VAC therapy. Significant drainage from such wounds soon occurs 
and points to the need for further debridement of the nonviable bony sequestrum. All 


questionable bone should be aggressively debrided prior to VAC placement so that all 
remaining bone bleeds well. 
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A small number of plates have become infected after VAC coverage with granulation 
tissue. Plate infection jeopardizes bony union and delays skin closure or skin grafting. 
Loose plates and screws or plates that do not conform tightly to underlying bone are 
likely to become infected. Relatively small plate exposures have been successfully 
treated with the VAC. Major plate exposure should not be treated with the VAC. 
Clinical judgment should dictate that a major plate exposure, especially with poor- 
quality surrounding tissue, must be treated with some form of flap. 


Results 

Vacuum-assisted closure has decreased the requirements for complex wound closure in 
the extremities. Fewer major pedicle flaps and fewer free tissue transfers are 
required. With vacuum-assisted closure of traumatic extremity wounds, the number of 
free tissue transfers now required at our institution is approximately 33% when 
compared to the number prior to VAC therapy. Long operative and anesthesia times 
are avoided, which is especially beneficial for critically severely injured patients. 
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Originally, peripheral nerve injuries were described by Sir Herbert Seddon in 1943 
as neurapraxia, axonotmesis, and neurotmesis (1 ). The classification was later 
expanded by Sunderland and further defined by Mackinnon to include six degrees of 
injuries (Table 5-2 ) (2 ). First degree (neurapraxia) and second degree 
(axonotmesis) injuries recover spontaneously, the latter at the classic rate of 1 
in/month or 1 to 1.5 mm/ day (3 ). Third degree injuries must regenerate through 
some amount of scar tissue, thus recovery is variable and less than normal 
depending on the amount of scar tissue around the nerve. In fourth degree injuries, 
also Known as a neuroma-in-continuity, regeneration is blocked by scar tissue 
within the fascicles and recovery is usually very poor or does 
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not occur. A fifth degree nerve injury (neurotmesis) is a transection of the nerve, 
which always will require surgical repair, while the sixth degree nerve injury 
encompasses a variety of nerve injuries within a single nerve. The difficulty with 
surgical correction of a sixth degree injury is limiting the repair to the fascicles 
affected by fourth and fifth degree damage and not damaging the fascicles with the 
potential for spontaneous recovery (Fig. 5-1). 


neurapraxia 
Degree | 


conduction block resolves 
fast/ excellent 


spontaneously 


axonotmesis 
Degree II 


axonal rupture without interruption of the basal lamina tubes 
slow/ excellent 


Degree III 


rupture of both axons and basal 
slow/ incomplete 


lamina tubes, some scar 


Degree IV 
(neuroma-in-continuity) 
complete scar block 
none 

neurotmesis 

Degree V 


complete transection 
none 


Degree VI 


combination of I-V + - normal 


fascicles 
mixed 


Seddon Sunderland Mackinnon Injury Recovery 





Table 5-2. Classification of nerve injury 
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the received signals from the satellite and its implementation based on SDR technology. The 
reason to use an antenna array instead of a single antenna is to electronically steer the beam 
in the direction of the satellite along its orbit without requiring a mechanical system for 
tracking. In addition to the advantages of the use of SDR technology and antenna array, it is 
the modularity and flexible architecture implemented in the A3TB. Fig. 25 shows the A3TB 
architecture where it is evident the feasibility to update or change during operation any of 
the main blocks. It is possible to change during operation the beamforming algorithm and to 
include new beamforming modules to the system. Furthermore, changes on the BENADC 
are possible to implement not during operation, but new receiver architecture at off-line 
such as those options discussed at follow. 

In (Salas et al., 2007), the block diagram represents the software system implementation of 
the first version of the test-bed prototype and most of it is based on VHDL. Depending on 
the firmware, three options could be installed into the FPGA Virtex4. The option A is 
implemented with the signal processing on the PC, so the SIMPLE beamforming is done in 
the module developed in C++. The option B is implemented completely on VHDL and this 
option need to export the beamforming weights just to draw the array pattern diagram. 
Finally, in contrast to the option B, the option C is implemented for the LMS beamforming 
algorithm. 

With the first version of the Test-Bed, the modularity on the selection of firmwares was 
proved switching between A, B or C receiver architectures, and an important result of the 
Test-Bed development is the hardware resources occupation presented in (Salas et al., 2007). 
The advantage of the SDR implementation is that A3TB architecture can be used to process 
any received signal from a LEO satellite in the appropriate band imposed by the RF stages. 
Moreover, most of the processing tasks are performed on software, using appropriate 
routines to process any receive signal. There are 2 main schemes to implement the 
beamforming stage: SC and FSC [41]. Both schemes are compared in Section 4.2. 

The current version of the A3TB in Fig. 25.a was updated to track NOAA satellites in the 
VHF band, in particular the APT channel. Previous versions of A3TB dealt with LRPT 
signals from MetOp-A, where a complete receiver with beamforming and synchronization 
stages has been implemented (Salas et al., 2007; Martines et al., 2007). 


5.2 Implementation of the A3TB 

The A3TB prototype consists of 4 main parts as shown in Fig. 25.a. The first part is the 
antenna array, which has 4 crossed-dipole antennas as depicted in Fig. 25.b. The second part 
consists of RF-IF circuits which amplify and down convert to IF incoming signals. 
Furthermore, an automatic gain control (AGC) was implemented using two steps of variable 
attenuators in the IF domain. 

The third part is the SDR platform which consists of the beamforming algorithms 
implemented on C++ and the FPGA firmware on VHDL, PC and BENADC blocks show in 
Fig. 25, respectively. The hardware resources occupation for this Test-Bed implementation is 
similar to one presented in (Martines et al., 2007). The last part is the software from weather 
satellite signal to image decoder (WXtoImg) on the PC using the sound card output/input 
in order to get the weather satellite image. 

Since the implemented architecture is FSC the demodulation is not required and the IF 
signal is digitized. For the signal processing hardware design the BenADC-v4 has been 
chosen. This solution includes a FPGA Xilinx Virtex4-SX55 with four 12-bit analog inputs at 
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FIGURE 5-1 Schematic depiction of nerve injuries from first through sixth degree. 
(By permission of Mayo Foundation for Medical Education and Research. All rights 
reserved. ) 
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Stretch and Nerve Avulsion Injuries 

Traction on a nerve can result in a mild stretch injury to the axon with preservation 
of the basal lamina. The Schwann cells around both myelinated and unmyelinated 
fibers may be locally injured and, until the cells are replaced from surrounding 
Schwann cells, will cause a conduction block. Such injuries are classified as first 
degree injuries and recover completely. As the pulling forces increase across the 
nerve, the basal lamina, the endoneurium, and perineurium become injured. As the 
nerve heals, internal scaring of the nerve may occur in some of the fascicles, 
leading to incomplete recovery. Grossly, the nerve will appear intact as the 
epineurium is usually not violated. Occasionally, neurolysis or even an internal 
neurolysis of the injured nerve may improve recovery as long as there is evidence 
that the nerve recovery is being hindered by scar surrounding the nerve, rather 
than internal scar to the fascicles. 


Nerves that are stretched beyond the breaking point will avulse, resulting in gross 
disruption of the epineurium, perineurium, and endoneurium. A neuroma will 
typically form at the proximal end, and these injuries are treated with excision of 
the neuroma and primary repair when possible. Often, if the time from injury is 
greater than 2 weeks, even excessive mobilization of the nerve ends will not be 
enough to overcome the resulting gap that occurs when the unhealthy neuroma 
tissue at both ends is resected. A nerve graft is then needed to repair the gap. 


In extreme cases, nerves can be avulsed from their insertion into the spinal cord. In 
the past, these injuries were treated conservatively. Once no further nerve 
recovery was noted, tendon transfers were used to restore the residual functional 
deficits (4). More recently, the introduction of nerve transfers allows for rewiring 
of nonfunctioning nerves by using local uninjured nerves to restore electrical 
continuity to the deinnervated muscles (5 ). Tendon transfers may be used to 
augment the nerve transfers once maximum recovery is achieved (6 ). 


Nerves avulsed at the neuromuscular junction present a different problem. Nerves 
that are injured just prior to entering the muscle, or shortly thereafter, may still 
be repaired or grafted in most cases as long as a large enough nerve stump is found. 
Motor nerves that are avulsed from the muscle bellies are treated by implanting 
proximal nerve, when available, directly into the muscle with the hope that some 
of the fibers will find a neuromuscular junction and reinnervate at least part of the 
muscle. Some studies (7 ) show as good as M4 motor recovery 1 to 2 years after 
direct nerve to muscle neurotization; however, experimental studies do not support 
these findings. Rather, recovery is much less than a nerve coaptation would 
produce (8 ). 


Crush Injuries 

Crush injuries comprise the most common peripheral nerve injury to the extremity. 
External compression may be complicated by increased internal pressure from 
hematomas, fractures, and local tissue edema. When minor, this may cause a 
temporary neurapraxia, but with greater compression the likelihood of permanent 
injury increases. The most severe consequence of a crush injury is the progression 
to compartment syndrome. Often an early sign of impending compartment 
syndrome is a decrease in vibration sensibility (9 ). Compartment syndrome of the 
upper extremity and lower extremity are surgical emergencies and are reviewed 
separately within this text. 


Nerve compression injuries may also develop distal to the actual soft tissue trauma. 
Local edema and inflammation after injury can exacerbate a preexisting condition, 
such as a mild carpal tunnel turning into an acute event after a distal radius 
fracture. Occasionally, on a case by case basis, surgical decompression is necessary, 
even though the majority will resolve spontaneously. Likewise, an anterior cruciate 
ligament tear of the knee requiring reconstruction or repair may precipitate an 
acute foot drop postoperatively despite the deep peroneal nerve being usually 
uninjured. Some surgeons postulated that intraoperative positioning of the limb 
may be a factor in the late development of palsy (10 ); however, we believe that 
local tissue inflammation probably exacerbates a preexisting condition that 
manifests itself as a postoperative foot drop. When conservative nonoperative 
measures do not lead to sufficient improvement in nerve function after 2 to 3 
months, decompression of the peroneal nerve should be considered (11 ). Figure 5- 


2 shows an algorithm for treatment of closed nerve injuries. 


Penetrating Injuries 
Blunt penetrating trauma is usually more locally destructive than a sharp injury. 
Often nearby structures such as blood vessels and tendons are injured in addition to 
the nerve. However, the size of a sharp laceration, such as with glass or a knife, 
can mislead the surgeon into underestimating the extent of injury. A seemingly 
small skin laceration may in fact extend under the surface and result in 
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a bigger injury than would be expected from the external size of the wound. 
Exploration is imperative if a nerve palsy is present, as the likelihood that the 
nerve is partially or completely transected is high. It is recommended to explore 
these injuries semi-electively within the first 2 weeks. The further from the time of 
injury, the more likely a nerve graft will be needed to overcome the resulting nerve 
gap. In the event of a penetrating trauma with an associated vascular injury, 
immediate exploration is warranted. Often the nerve injury is overlooked and not 
identified in the face of a more urgent vascular injury. In such cases the functional 
deficit may be first noticed postoperatively, when it is unclear if the nerve injury is 
from the inciting event, iatrogenic during the repair of the vascular injury, or 
secondary to edema or hematoma. While a CT scan or MRI may be helpful to 
evaluate for the latter, internal scarring of the nerve may not always be seen. 


Closed Injury - Stretch and Crush 
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FIGURE 5-2 Algorithm for closed peripheral nerve injuries such as stretch and crush 
injuries. 


Blunt penetrating injuries are initially treated conservatively, similar to closed 
crush and stretch injuries, because they are may recover spontaneously. The local 
tissue edema often causes a neurapraxia that resolves; however, those that do not 
recover after 3 months should be evaluated by electrodiagnostic studies and 
treated as a traction injury. Figure 5-3 shows an algorithm for managing nerve 
injuries and the timing of additional studies. 


Two specific blunt penetrating injuries deserve special mention: gun shot wounds 


and electrical injuries. Gun shot injuries present a unique problem since the 
trajectory of the bullet is unpredictable. The type, caliber, and velocity of the 
bullet each play a role in tissue destruction (12 ). The belief that the higher 
velocity bullet causes more tissue destruction can lead to early massive 
debridement; however, current recommendations are for judicious debridement 
and staged exploration, 


as in crush injuries (13 ). In fact, a low velocity bullet like a slug that fragments 
and stays in the soft tissue will more likely lead to infection and local tissue 
destruction than an Army issue missile that passes through the tissue with relative 
ease (14 ). 


P.66 


Penetrating Injuries 


Timeline ‘ Z 
. y / 





Vascular iy yes Immediate Nerve / Can ibe yes Repair 
9 2 Compromise? Ae ~ exploration =" wyury?/ ; repaired 4 > primarily 
‘\ 1 tees Fa primaniy? 4 
no 
¥ ” 
2-14 days Acute \ ys M Explore Nerve 
palsy? nerve gran 


no 
7 =a 
/eat other | 
Wail / associated 











’ injuries 
‘ 
/ Clinical | Follow clinical 
3 months recovery yes | recovery, 
evident’? repeal EMG in 6-8 weaks 
if needed 
no 2 — = - 
— di MRI Studies to ~ 
Plan for }_{ CT myelogram ordat if 
his aor | Ultrasound needed 
e . = — 
t “ = 
\ 
Neurorsa Can it be yes 
m excise? a 4 repaired » Primary repair 
‘ primanty? 
| mh 
\) 
Nerve grafl 


FIGURE 5-3 Algorithm for penetrating injuries. 


Electrical injuries that are not severe enough to cause death from heart arrhythmia 
and respiratory paralysis cause vigorous nerve stimulation which leads to paralysis 

and vasospasm. Massive muscle contractions due to nerve stimulation or the direct 
triggering of striated muscles can cause muscle rupture, ligamentous tears, 


fractures, and joint dislocations (15 ). In addition, electric current damages tissue 
from direct thermal heating; the coagulation necrosis is similar to a burn and is 
managed in the same manner (16 ). 
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One long term sequelae of gun shot wounds to the peripheral nervous system known 
as Causalgia (complex regional pain syndrome |) was first described during the Civil 
War by Silas Weir Mitchell. The patients present with burning pain, paresthesias, 
skin atrophy, and temperature changes typical of the syndrome. This condition is 
also seen in electrical injury patients who survive the electrical contact. Axonal 
injury is usually from the direct thermal injury. Myelin injury is from direct thermal 
contact as well as from the electrical destruction of the myofibrils in the muscle. 
Post-neurological symptoms to the peripheral nervous system can vary from 
neuropathy to reflex sympathetic dystrophy (complex regional pain syndrome II) (17 


hs 


Paresthesias are thought to be due from perineurial fibrosis resulting in symptoms 
of a compressive peripheral neuropathy (18 ); surgical decompression can 
sometimes ameliorate the symptoms. Sympathectomy has been used to provide 
relief in those patients that respond to sympathetic blocks (19 ). In general nerve 
injuries associated with gun shot and electrical injuries are treated as closed nerve 
injuries. 


Nerve Injury Associated with Soft Tissue Avulsion 
Injury 

Not to be confused with an avulsion of the nerve itself, a soft tissue avulsion or 
degloving injury presents a unique problem of coverage. Nerves that are exposed 
will need coverage to prevent desiccation. The type of soft tissue coverage will 
depend on the location of the injury and is addressed elsewhere in this book. The 
coverage can be as simple as replacing missing skin with a skin graft to something 
more extensive that requires fascia or muscle with skin graft, and ultimately a 
musculocutaneous or fasciocutaneous flap. If the soft tissue is missing directly over 
the nerve repair, a flap is needed to cover the nerve repair; this can be either local 
or a free tissue transfer. The use of vacuum assisted closure dressings has changed 
Our management of complex open fractures and may be used to cover a wound with 


exposed nerves as well. If the nerves are exposed but uninjured, a protective 
dressing that keeps the nerves from desiccation may be used, such as a layer of 
AlloDermw with or without a wound vacuum assisted closure dressing, or one of the 
various hydrogels on the market that provides enzymatic debridement at the same 
time as it absorbs excess fluid from the wound. If the nerves are injured and need 
to be repaired, primarily or with a nerve graft, the definitive repair should be 
Staged so that it is done at the time of the soft tissue. 


Nerve Injury Associated with Bony Injury 

Nerve injuries resulting from isolated closed fractures are most often due to 
compression from surrounding tissue edema or are due to, though less frequently, 
nerve laceration from the fracture ends. latrogenic nerve injury may also occur in 
the course of fracture fixation (20 ,21 ). 


The anatomic positions of the radial, median, and ulnar nerves and their major 
branches make them vulnerable at several sites as they course the upper extremity, 
which explains the typical relationship seen between particular nerve injuries and 
fracture patterns (22 ). The more common nerve injuries with associated fracture 
patterns are listed in Table 5-3 and include the distal humeral shaft fractures and 
radial nerve palsy (23 ), posterior interosseous nerve injury with Monteggia 
fracture-dislocations (24 ), and median nerve and/ or radial nerve injuries with 
supracondylar and medial epicondyle fractures in children (25 ). The time frame to 
intervention remains controversial; however, dysfunction lasting more than 3 to 4 
months necessitates investigation and possible surgical exploration with neurolysis, 
transposition, repair, and/or reconstruction with nerve grafts or nerve transfers. 


Fracture 
Humerus (mid/ distal) 
Radial n. 
Non-operative if suspect compression 


Exploration if suspect laceration 
Supracondylar 
PIN 


Neurolysis, possible grafting if no recovery after 3 months 
Med epicondylar 


Radius (prox) 

Median n 

Neurolysis, possible grafting if no 
Radial n. 

recovery after 3 months 


Radius (mid/ distal) 

Median n. 

Carpal tunnel release for neuropathy 
Tibia (prox) 

Peroneal n. 

Peroneal n. release at fibular head for foot drop 
Tibia (distal) 

Tibial n. 

Tarsal tunnel release for neuropathy 


Injury Pattern Nerve(s) Injured Treatment 





Table 5-3. Typical nerve injury associated with 
fractures 
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Shoulder 
Axillary 
Nerve reconstruction with grafts or 


Musculocutaneous 

nerve transfer of Ax or MC 
Elbow 

Ulnar n. 
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Fig. 25. a) Block diagram of the A3TB, and b) BenADC - Virtex 4-sx55. 


250 Msps (Martines et al., 2007). Digital samples are transferred to the PC where 
beamforming and subsequent APT demodulation of the array output are performed using 
C++ routines. This implementation design offers higher flexibility for testing different 
beamforming schemes. Finally, demodulated APR frames are sent to the WXtoImg software 
to show meteorological maps. 

The A3TB is controlled by the PC for simulations and field trials. The graphical user 
interface allows presented in (Salas et al., 2008) the user to choose the beamforming 
algorithm and set all the parameters of the LEO satellite for tracking such as the number of 
antennas of the array, distance between the elements, direction of arrival and IF frequency. 
The C++ routine calculates the beamforming weights and plots the synthesized array factor. 
Subsequently, the reception of meteorological images has real time system requirements. 
Thus, it is necessary a data transfer from the FPGA to the C++ module to process the 
samples continuously, and give APT frames to the audio output of the PC. Since, the 
meteorological satellites often have a low baud rate, in the case of study with NOAA 
satellites the data transfer is made using two buffers controlled by a thread. 

It is important to mention that the A3TB with SDR architecture can evaluate different 
beamforming algorithms and receiver schemes. The update of A3TB for larger arrays is 
immediate, as the basis for algorithms is independent of the number of elements in the 
array. The architecture of a new ground station concept to track LEO satellites based on 
software defined radio and antenna arraying as Test-Bed is a well proved choice to evaluate 
future antenna array architectures for satellite communication and benchmark features of 
the proposed system. As the A3TB VHF version is based on FSC scheme, the concept can be 
applied to a number of satellite tracing scenarios. 


6. Conclusions 


The performance analysis of different beamforming algorithms is an important issue in the 
new generation antenna array development and research. Thus, A3TB helps to analyze 
beamforming algorithms paving the way for testing and debugging for posteriori use in 
larger arrays, such as GEODA. Results obtained in real scenarios with A3TB state, for 
example, that spatial reference algorithms such as MPDR should be used in the absence of 
interferences, whereas blind algorithms are appropriate for low SNR conditions. Finally, the 
A3TB can also serve to validate the performance of calibration procedures. 
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Ulnar nerve transposition, neurolysis of AIN, 


AIN 

reconstruction with nerve grafts or transfers 
Hip 

Sciatic n. 

Neurolysis, possible graft repair, lower 


Tibial n. 
extremity nerve transfers 


Peroneal n. 


Knee 
Peroneal n. 
Peroneal n release at fibular head, tarsal tunnel 


Tibial n. 
release, possible graft repair or nerve transfer 


Joint affected Nerve(s) Injured Treatment if conservative treatment fails 





Table 5-4. Typical nerve injury associated with 
dislocations 


For patients with chronic nerve injuries extending beyond 2 years, options for 
primary repair can be limited. Muscle fibrosis and motor end plate degeneration 
make attempts at primary muscle reinnervation unsuccessful. Instead, in these 
situations, tendon transfers can provide improvement in function. In comparison, 
nerve grafting for sensory nerve recovery is not time dependant and can be 
performed at any time following trauma. 


Dislocations and their associated nerve injuries are listed in Table 5-4 . Ulnar nerve 
injury at the cubital tunnel and/or anterior interosseous nerve injuries are common 
in elbow dislocations (26 ,27 ). Shoulder dislocations have been implicated in upper 


plexus nerve injuries with the axillary nerve being the most vulnerable to injury (28 
). In our experience with brachial plexus injuries, a second separate injury at the 
level of the quadrangular space is also often noted; this a€cedouble crush 
phenomenona€e (two separate nerve injuries occurring along the length of a major 
peripheral nerve) may account for the poor recovery that is cited in the literature 
with regard to axillary nerve recovery in these injury patterns (29 ). The double 
crush syndrome was originally described in the upper extremity to explain nerve 
problems resulting from a combination of distal nerve compression at the wrist or 
elbow in conjunction with proximal cervical root or thoracic outlet pathology (30 ). 
Nerves that are traumatized proximally may also become more susceptible to 
compression at distal sites (31 ). 


In the lower extremity, between 10% and 25%of cases of acetabular fracture and 
traumatic posterior hip dislocation are associated with sciatic nerve injuries (32 ,33 
). Tethering of the sciatic nerve at the sciatic notch may exaggerate the traction 
effect on the nerve in the buttock, thus causing a stretch injury proximally and 
then a distal compression at the fibular head where the nerve is again tethered. 
The common peroneal portion of the sciatic nerve is more vulnerable because of its 
anatomical position and internal architecture (34 ). 


Nerves that are not tethered, but which reside in tight fibro-osseous tunnels (such 
as the ulnar nerve in the cubital tunnel, the median nerve in the carpal tunnel, and 
the posterior tibial nerve in the tarsal tunnel), may be affected by a more proximal 
injury due to tissue edema. For example, the incidence of acute transient median 
nerve compression syndrome after distal radius fracture is estimated between 12% 
and 17% and it occurs regardless of fracture type, the amount of initial 
displacement, the adequacy of reduction, or the method of operative treatment 
(35 ,36 ). In the majority of cases, the neuropathy resolve spontaneously; however, 
it certain cases, the symptoms persist after the fracture has healed. This leads to 
the recommendation of performing prophylactic carpal tunnel decompression 
whenever there is a distal radius fracture. More recently, the consensus has 
reversed as there is no advantage to the prophylaxis; in fact, evidence suggests 
there is increased morbidity to acutely decompress the carpal tunnel in the face of 
mild median nerve compression (37 ,38 ). In contrast, acute severe carpal tunnel 
with progressive symptoms despite preliminary fracture reduction is an indication 
for surgical release at time of distal radius fixation. Similar conditions are seen in 


the lower extremity, such as acute foot drop after knee reconstruction for ligament 
injury or tarsal tunnel with distal tibia or maleolar fractures (39 ). In general, if a 
patient has loss of median nerve sensation following forearm fracture or injury, a 
Carpal tunnel release is universally recommended. By contrast, a patient with foot 
drop following a knee injury is treated expectantly often for several months. We 
believe there should be no distinction between the upper and lower extremities 
and recommend peroneal nerve release at the fibular head in the case of acute 
foot drop, just as we would perform a carpal tunnel release for acute compression 
of the median nerve at the wrist. 
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Preoperative Assessment 


Emergency evaluation of a nerve injury should include a thorough motor and 
sensory exam. Grossly, the muscle function of the nerve in question needs to be 
evaluated. For the hand, two point static and moving discrimination can be 
performed to determine the decrease of sensation. Alternatively, the quick and 
easy a€ceten testa€* sensory exam uses the patient's own subjective perception to 
moving light touch in order to elicit differences in sensation (40 ). For example, to 
test for a median nerve injury, both the injured and uninjured index fingers of the 
patient are touched at the same time over corresponding areas of each finger and 
the patient is asked if the subjective sensation is the same or different. This 
technique is particularly useful in children, is extremely sensitive, and requires no 
instrumentation. 


In patients who present with acute motor deficits or palsy, determining if the nerve 
will recover spontaneously can often be confusing. The mechanism of the injury can 
often assist in the initial evaluation. Any sharp penetrating injury with no clinical 
evidence of recovery should be explored. Optimal timing is between 2 to 14 days, 
as long as the patient is surgically stable. Occasionally, an MRI or CT scan may be 
useful if there is evidence of a neuroma or neural disruption; however, any injury 
where there is a high index of suspicion of nerve transection should be explored 
and repaired. The advantage of repair within the first 2 weeks of injury is that the 
nerve ends have not retracted and primary repair is often possible. 


Closed traction injuries and closed fractures with palsy are the most difficult to 


assess. Waiting 3 to 4 months for evidence of spontaneous recovery is the gold 
standard. EMGs at 4 months are advised when no clinical recovery is evident. If 
there is no evidence of reinnervation occurring (MUPs), surgical exploration and 
reconstruction will be necessary. Figure 5-2 shows the algorithm for sequence of 
evaluation and repair. If an initial EMG shows some recovery, a follow up EMG is 
done 4 to 6 weeks later and correlated with clinical evidence of recovery. Once 
nerve recovery stops progressing as expected, surgical intervention can be planned 
based on the EMG results and the clinical exam without further delay. 


We always prefer to be involved with the care of the patient early and follow the 
clinical exam and any additional testing, such as electrodiagnostic testing, 
ultrasound, MRI, and CT scan in order to minimize delay in recognizing a nerve 
deficit that will not resolve spontaneously. It is important to be aware that the 
injury may not be limited to only the site of the trauma, but may affect distal 
functioning muscle groups and may be impinged at distal sites or proximal sites. 
The more complex injuries will usually require a team approach, both for the 
operative reconstruction and for the postoperative management. A pain specialist 
iS paramount to manage the associated chronic pain these patients often have for 
the more complex injuries. Physical therapy and occupational therapy during the 
rehabilitative period is essential to prevent joint contracture, to fabricate and 
adjust protective splints, and to assist in motor and sensory re-education as the 
recovery process is underway. 


Operative Management 

For acutely transected nerves primary repair remains the gold standard. Adequate 
resection of the nerve ends beyond the zone of nerve injury is essential to ensure 
healing with or without limited intraneural scaring. Large associated soft tissue 
wounds with varying levels of tissue destruction, like degloving injuries and crush 
injuries, with comminuted bony fractures will need serial debridement prior to 
ultimate reconstruction. In such cases primary nerve repair should be delayed until 
One can adequately assess the complete nerve defect. If the nerve cannot be 
approximated after debridement, a graft will be necessary. Nerve grafts may be 
used as long as the wound is clean. If the wound is significantly contaminated it is 
preferable to tag the ends of the nerves and return to graft when all devitalized 
tissue has been debrided. We do not recommend acutely repairing or grafting nerve 


injuries in contaminated wound beds or in crush injuries, where multiple 
debridements will be required, as postoperative infection, ongoing tissue necrosis, 
and progressive soft tissue ischemia will all contribute to poor return of function 
following nerve repair. 


Formal intraoperative nerve stimulation is helpful in complex closed traction 
injuries, especially of the brachial plexus. Proximal injuries of mixed nerves result 
in complete or partial deficits to several nerves, as opposed to the discrete single 
nerve injury pattern of distal peripheral nerve injuries. In most cases, an injury 
distal to the shoulder level will result in one or two discrete nerve injuries and 
intraoperative electrical stimulation is not necessary. In the case where several 
segments along the same nerve are injured, or the brachial plexus is injured, 
electrical stimulation is useful in guiding 


intra-operative decision making. Electrical stimulation allows the surgeon to 
determine which fascicles within the nerve are functional and which ones are not. 
We limit use of formal intraoperative electrical stimulation to three major 
situations: (a) in cases where the preoperative EMG results were equivocal; (b) in 
cases where additional recovery may have occurred between the time of the 
previous study and the operation; and (c) in situations where the intraoperative 
mapping of the nerve function can affect the surgical plan. An example of a 
situation where the intraoperative plan may change is in the case of an incomplete 
neuroma of the median nerve at the wrist. If the median motor fascicle is intact, 
the surgeon may try to preserve those fibers and graft the sensory fibers that are 
injured. Alternatively, if the neuroma Is nearly circumferential and the motor 
fibers poorly conduct to the thenar muscles, the surgeon may opt to completely 
resect the neuroma and primarily repair or graft the nerve defect. 


A handheld 2 mA nerve stimulator will not provide as much information about nerve 
function as a formal intraoperative electrical stimulation, but is useful in many 
situations. In the first 72 hours after an acute transaction, the distal half of a motor 
nerve will contract when stimulated, facilitating the matching of nerves when 
several are cut, or when the nerve is cut close to the muscle and has begun to 
branch. The small motor fibers would be otherwise difficult to identify because of 
their small diameter, which can sometimes be as small as 0.5 to 2 mm in diameter. 
We find the handheld device a useful aid when performing nerve transfers; it allows 


us to pick out grossly motor nerve fibers that were uninjured, which will be spliced 
into nonfunctioning motor nerves to restore animation. For a nerve injury that 
develops a partial neuroma (as in a 6th degree nerve injury), a nerve stimulator can 
help determine which nerve fascicles to preserve while resecting the damaged 
tissue, as long as the fascicles in question are mixed nerves. For injuries to purely 
or mostly sensory fibers, a handheld nerve stimulator is not useful and formal 
intraoperative nerve stimulation is the only means to evaluate sensory conduction. 


Common Clinical Examples 


Primary Repair for Nerve Transection 

A common soft tissue injury that orthopaedic surgeons may encounter and easily 
repair is the laceration of a major and minor peripheral nerve as a result of a sharp 
penetrating injury. In the mid to distal forearm and wrist, the median nerve is 
fairly superficial, and thus easily injured from a deep laceration with glass or 
metal. The median nerve can be found deep to the palmaris tendon in patients that 
have a palmaris longus tendon, and just ulnar to the flexor carpi radialis tendon. 
Knowledge of the anatomy as well as the topography of the nerve is important in 
order to align the motor branches when repairing the nerve. Primary repair is the 
procedure of choice whenever possible and usually can be performed within the 
first 2 weeks after injury. Repairs performed later than this often need a nerve 
graft as the nerve retracts with time. The repair should be performed with as little 
tension as possible at the repair site in order to minimize scarring that occurs 
within the nerve. A small amount of tension at the repair site is acceptable and has 
been shown in some animal studies to stimulate neurotropic growth factors and 
improve healing (41 ). A useful tool in determining excessive tension is to bring in 
proximity the two ends of a nerve with a single 8-0 nylon suture. If the freshened 
nerve ends reach without the suture pulling through the epineurium, the tension is 
not excessive. 


Mobilizing the nerve is crucial. Often sufficient mobilization of the nerve will 
eliminate the need for a graft. Because of the inherent springiness of nerve tissue, 
when a nerve is transected it will recoil, leaving a gap. A nerve can stretch 10%to 
15% without compromising its inherent blood supply (42 ). If, when bringing the 
nerve ends together, there is still a5 mm gap between the nerve ends, mobilizing 5 


cm of nerve (usually 2.5 cm on either side, but not always) will allow the ends to 
come together. If a 1 cm nerve gap is present when the two freshened ends of 
nerve are laid in proximity, 10 cm of total nerve needs to be mobilized in order to 
bring the two halves together with a€ceminimala€* tension. This does not mean 
that any gap should be closed primarily at all costs. If after reasonable mobilization 
there is a persistent gap, a nerve graft is preferable to forcing a primary repair. It 
is important to note that if a nerve graft is necessary, the nerve ends should be 
trimmed generously so that the repair will be outside the zone of injury. When a 
nerve graft is needed, there is no reason to limit the debridement of the remaining 
nerve. 


External markers such as the native vessel of the nerve on the surface is used along 
with the different fascicular size and grouping to align the nerve (Fig. 5-4 ). In the 
past, it was believed that a 


perineural repair of grouped fascicles was better than an epineural repair; 
however, recent studies show that either technique is equally effective (43 ). We 
prefer to use a circumferential epineural repair with 9-0 nylon interrupted sutures 
to minimize the fibrosis seen with perineural repairs (Fig. 5-4B ). Care is taken to 
prevent overlap (Fig. 5-5 ); we prefer to have the fascicle slightly retracted with 
respect to the epineurium, rather than bulging out the side or overlapping 
internally. At the conclusion of the repair, the area under question is put through 
the full range of movement to verify that the repair will hold up under gentile 
protected motion postoperatively. Any repair that withstands gentle range of 
motion is considered a a€cetension-freeda€* repair, although in fact it may be still 
under some mild yet acceptable tension. In larger nerves, such as the sciatic and 
femoral nerves, or in nerves with significant inflammation in the epineurium, we 
use 8-0 nylon sutures. In contrast, for cutaneous nerves and digital nerves, 10-0 
nylon works best. The least number of epineural sutures to approximate and keep 
the repair intact through a full range of motion is used. After neurorrhaphy, the 
area is immobilized for 1 to 2 weeks; however, protected active range of motion is 
allowed and should be initiated immediately. One exception is in flexor tendon 
lacerations with associated digital nerve injuries. Both are repaired and the patient 
begins early protected range of motion under the direction of an occupational 
therapist. While sensibility is somewhat decreased when compared to patients who 


are immobilized for 3 to 4 weeks, there is no statistical difference of sensibility at 
1 year, and the advantages of early range of motion for the rehabilitation of the 
tendon injury outweighs the negligible delay in sensory return (44 ). 





FIGURE 5-4 The two nerve ends are aligned using external markers such as the 
artery and the grouped fascicle pattern (A) , an epineural (B) or perineural (C) 
repair may be used, although we prefer the former. 


Repair of Nerve Gap with Nerve Graft 

While a primary repair is preferred, two neurorrhaphy sites under favorable 
conditions are better than a single neurorrhaphy under unfavorable conditions (45 
). In contaminated wounds, such as crush injuries from motor vehicle accidents, the 


wound bed needs to be cleaned before any reconstruction of the resulting 
deformities can be performed. If a large defect to both the nerve and the soft 
tissue is present, nerve repair with grafts in addition to soft tissue coverage will be 
needed. In 

PZ 
areas where local muscle is unavailable, a free tissue transfer may be necessary to 
cover both bone and nerve repair. 





FIGURE 5-5 When aligning the nerve, make sure to trim back the fascicles so that 
there is no overlap when the epineurium is sutured closed (B) . It is preferable to 
have a small gap internally than to have fibers overlap and potentially 
a€ceescapea€s from the edge or a€cefail to finda€s the distal half (A) . (By 
permission of Mayo Foundation for Medical Education and Research. All rights 
reserved. ) 


A common situation which may require a nerve graft can be seen in cases of severe 
knee dislocation with damage to the tibial-peroneal nerve trunk. The stretch 
injury, if severe enough, will cause internal damage of the nerve. While EMG 
studies may confirm the suspicion of a third or fourth degree injury, the history and 
clinical findings are usually enough to warrant surgical exploration with the plan to 


release the nerve at the very least from the surrounding scar tissue and 
compression points, and most likely excise the neuroma and graft the resulting 
nerve defect. If the neuroma is small, a primary repair may be possible; however, 
the resultant gap following neuroma excision is often not amenable to primary 
repair as mobilization of the sciatic nerve proximally and the tibial and peroneal 
nerves distally are limited by nerve branches to the underlying muscles. The 
resultant 2 to 3 cm gap will need to be repaired with a nerve graft. A sural nerve is 
the most often used donor nerve. In the case of a tibial-peroneal nerve injury 
described above, the nerve would be cut in half or thirds and cabled. Once again, 
9-0 nylon interrupted sutures are used to repair both sites. The native artery 
location on the external portion of the nerve as well as the relative size of the 
fascicles is used to help line up the fascicles. We still prefer to do an epineural 
repair of the nerve to nerve graft, rather than a perineural repair of the actual 
fascicles. 


Nerve grafts less than 10 cm long work well in vascularized wound beds. The longer 
the graft, the less optimal the recovery. Some people have suggested using 
vascularized nerve grafts when the distance is greater than 20 cm (46 ). However, 
in general, small caliber nerve grafts, such as sural and medial antibrachial 
cutaneous nerves, do not need to be vascularized. Large caliber nerves, such as 
ulnar, do need to be vascularized or the central portion will necrose and then scar, 
limiting its effectiveness as a graft. 


Obtaining a Nerve Graft 

The nerve graft serves as a guide for the proximal axon as it regrows toward the 
distal stump. The sural nerve is by far the most commonly used donor nerve, 
although other suitable donor nerves include the lateral and medial antibrachial 
cutaneous nerve (47 ,48 ) and the terminal portion of the anterior interosseous 
nerve (AIN) that innervates the pronator quadratus (49 ). The sural nerve is often 
chosen as a nerve donor because of its size, length, and relatively minimal donor 
site and minimal morbidity. Typically, harvest of the sural nerve will result in 
numbness over the posterior aspect of the leg and the lateral aspect of the foot 
and malleolus. 


With the patient either prone or supine with the leg frog-legged, the sural nerve is 
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In future work, the A3TB will deal with the system combining of full modularity with the 
capability of change firmwares based on the first version design of the Test-Bed, plus the 
flexible architecture of the current design of the Test-Bed based on VHDL, C++ and Antenna 
Arraying. Furthermore, the addition of more modules to increase the number of antenna 
array elements is evident in next generations. 
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identified lateral to the Achilles tendon. The easiest method for harvest of the 
sural nerve is to use a posterior midline incision. The closure is slightly lengthier 
and the resulting scar may be cosmetically undesirable. The alternative is to use a 
stepwise technique, which requires between 4 and 6 separate horizontal 


incisions along the back of the calf, each approximately 1 cm in length. The 
resulting scar is cosmetically more favorable and the technique adds little 
operative time. An endoscopic or a nerve harvester may be used to limit scars. The 
trick with using the nerve harvester is that contributions from the lateral and 
anterior sural nerves, which are cutaneous branches from the peroneal and tibial 
nerves, may be difficult to incorporate into the sural nerve proper and shorten the 
overall length that is harvested. Approximately 25 to 30 cm of graft may be 
harvested from a typical adult patient. The next most often used graft is the 
medial anti-brachial nerve. It is easily found coursing along side the bacillic vein in 
the upper arm. Up to 25 cm of nerve graft may be obtained. 


While nerve grafts are the gold standard for motor nerve gap repairs, the 
disadvantage is the limited number of donor nerves available. This has led to the 
development of new techniques for bridging nerve gaps. For nerve gaps less than or 
equal to 3 cm on small caliber sensory nerves (50 ), the nerve may be repaired with 
a conduit, which may be autologous, such as a vein, or synthetic, such as one of the 
commercially available nerve tubes (Fig. 5-6A ). The end of each nerve is trimmed 
until healthy fascicles are seen. The end of the nerve is inserted into the tube for 
approximately 2 to 4 mm and the epineurium is sutured to the end of the conduit 
with 9-0 nylon using a simple suture technique, a horizontal matrass suture 
technique, or a half buried matrass suture technique. Clinically, for nerve defects 
longer than 3 cm, in mixed nerves, and in pure motor nerves the recommendation 
is still a nerve graft. Alternatively, we have used nerve conduits as a covering over 
nerve repairs that required several cabled grafts into one larger nerve to serve asa 
temporary protective covering instead of wrapping a spatulated strip of vein (Fig. 
5-6Ba€"“D ). 


= f / j ——————— 
—————— Se ee 


A 


ee —e 


~x 


—*) Lee 





FIGURE 5-6 Neural tube may be used to bridge a gap or as a protective covering 
after nerve repair. When used to bridge a nerve gap (A) , the epineurium is sutured 
to the edge of the neural tube. Ba€“D: When used to cover a neurorrhaphy site, 
the tube may be cut longitudinally and wrapped around the neurorrhaphy site. A 
suture is placed around the outside of the conduit to help keep it in place. 





FIGURE 5-7 Three cabled sural nerves, each 2 mm in diameter, were used to bridge 


the defect in the radial nerve. The diameter of the radial nerve is approximately 6 
mm in this location. 


Neuroma of Radial Nerve with Humeral Fracture 


Considerable controversy remains as to the need for early exploration in closed 
fracture dislocation injuries with acute nerve palsy. In a recent meta-analysis 
review of the literature over the last 40 years regarding radial nerve palsy after 
fracture of the shaft of the humerus, the prevalence of fracture associated nerve 
palsy was about 12%(51 ). Over 70% of these compressions resolve spontaneously, 
therefore the current recommendation is for conservative therapy with closed 
fractures. If after 3 months there is no clinical recovery, using high-resolution 
ultrasound to evaluate the injured nerve is less invasive than electrodiagnostic 
testing and has been used in this specific situation for effectively detecting a 
neuroma in the presence of a fracture (26 ,52 ). However, at 3 to 4 months, if 
spontaneous recovery is to be anticipated, there should be clinical evidence of 
reinnervation or electrical evidence of regeneration (motor unit potentials). If 
radial nerve regeneration stops at the level of the Arcade of Frohse, then 
decompression of the posterior interosseous nerve is indicated. In addition, open 
fractures, oblique fractures, and fractures that can compress or transect the radial 
nerve between the fracture fragments should be explored early (53 ). 


If instead of recovery, all preoperative studies indicate a neuroma of the radial 
nerve in the distal arm, the nerve should be explored with the plan to resect and 
graft the defect. Rarely can the nerve be mobilized enough to be repaired 
primarily. Because the nerve and scar surrounding it are usually densely adherent 
and are similar in color, entering the scarred area directly is not advised. The 
uninjured proximal and distal ends of the nerve are exposed first. In the case of a 
partial palsy or radial nerve weakness, a sixth degree nerve injury is most likely. A 
handheld nerve stimulator can be used to stimulate fibers proximal to the injury. 
Those fascicles that result in movement of muscles distal to the injury are intact 
and these intact fibers are marked and protected from further dissection. The 
injured fibers are resected until normal fascicles are noted from each end. A nerve 
graft is used similar to before. If more than one third of the radial nerve has been 
resected, two or more cabled sural nerve grafts may be needed to bridge the gap 
(Fig. 5-7 ). The larger sized fascicles should be lined up and grafted directly 
whenever possible. 9-0 or 8-0 nylon interrupted sutures are used to repair both 
sites with an epineural or perineurial repair. 


Postoperative Management 

After any typical nerve repair, whether it is done primarily, with a nerve graft or a 
synthetic tube, or a primary neurorrhaphy using a nerve transfer, the affected area 
is splinted or placed in a sling for 2 weeks to minimize movement. The only 
exception is in digital nerve repairs in conjunction with a tendon repair as noted 
before. We begin early passive range of motion to prevent tendon adhesion and 
leave the patient in a dorsal blocking splint to prevent hyperextension and 
additional strain to the repair site. 


In both motor and sensory nerve repairs, an advancing Tinel sign or a€oetinglinga€s 
sign seen during the regeneration phase is followed until the patient has restoration 
of function or sensation. Even before there is clinical evidence of recovery, we 
begin desensitization of the affected area to assist in 
Pio 
sensory reeducation and to prevent hypersensitivity. Formal objective testing, such 
as Simien-Weinstein testing, and sensory grading is useful for objective data 
collection, but is not necessarily useful in clinical practice. Motor reeducation 
begins as soon as the patient has some clinical evidence of muscle contraction. 


Occasionally, EMGs are used postoperatively to follow functional recovery. This is 
useful in cases where a primary repair may not show clinical evidence of recovery 
and a second stage reconstruction may be planned. In those cases, EMGs are 
invaluable in answering the question of whether to wait longer in the case of 
recovery that may not manifest in actual clinical movement yet, versus proceeding 
with the next phase of reconstruction, if no evidence of recovery is present. 


Conclusion 

Nerve injuries alone are fairly complex and when the soft tissue and bony 
structures in the vicinity are injured as well, the complexity increases. Bony trauma 
with or without soft tissue injury indicates a greater force was expended to cause 
the injury, thus the associated nerve injuries can be severe and at multiple levels. 
Avulsion and stretch injuries, crush injuries, and penetrating injuries can occur in 
combination or alone. The mechanism of injury varies greatly, thus no single 
solution to all nerve injuries exists. The deficits are often not readily apparent 
because of concomitant injuries or because the patient can not reliably participate 
in the examination. The reconstruction of both the nerves and the soft tissue will 
ultimately be tailored to the specific situation. Any study that can aid in the 
decision process, such as radiology exams and electrical diagnostic testing, should 
be ordered in a timely fashion. Additional assistance from the following may be 
needed: (a) a plastic or orthopaedic surgeon knowledgeable about peripheral nerve 
surgery and soft tissue coverage if the defect is more complex than initially 
anticipated or if extensive wound coverage issues are beyond the scope of the 
treating physician; (b) a pain specialist for management of chronic narcotic and 
nonnarcotic pain medication and nonoperative therapies such as nerve blocks and 
nerve stimulators for chronic pain; (c) a psychiatrist or psychologist for depression 
if warranted in the complex peripheral nerve injuries; and (d) occupational and 
physical therapists for motor and sensory reeducation, splinting, and joint mobility 
maintenance. 
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Management of Vascular Injuries Following 
Soft Tissue and Bony Trauma 





Gustavo S. Oderich 
Timothy M. Sullivan 


Accidental injuries affect 2.6 million people in the United States each year. 
Mechanisms of injury include penetrating, blunt, and iatrogenic trauma. It is 
estimated that vascular trauma affects 0.2%to 4%of all injured patients. 
Therefore, approximately 20 to 100,000 patients will sustain a vascular injury. Over 
80% of these vascular injuries will be located in extremities. Ninety percent of all 
vascular injuries are associated with penetrating trauma, of which 70% are due to 
gunshot injuries, 20% are due to stab wounds, and 10%are due to blunt trauma. 
Combined vascular and orthopaedic trauma is relatively uncommon, accounting for 
less than 1%of all cases of traumatic injuries. Vascular injuries can occur because 
of the superficial location of vessels, their proximity to bones, and their relatively 
fixed position across joints. Patients sustaining combined injuries are exposed to 
substantially increased risk of amputation and limb dysfunction. This chapter 
focuses on the indications, contraindications, preoperative planning, operative 
approach, and results of repair of the most common combined vascular and 
orthopaedic injuries. 


Indications/Contraindications 


Primary repair of arterial and venous injuries is indicated to control bleeding 
and/or to relieve limb or organ ischemia. Life-threatening injuries should be 
recognized early during the resuscitation phase and prioritized before proceeding 
with vascular and orthopaedic repair. Arterial injuries affecting only one of the 
tibioperoneal or forearm arteries may be treated conservatively provided that 
there is no evidence of distal ischemia. Nonocclusive arterial injuries (e.g., small 
intimal flaps or dissections) incidentally found on imaging studies can be safely 
observed. The benign natural history of these injuries is well documented in several 
large series; operative repair is required in less than 1%of patients. 


Extremity trauma with complex soft tissue, vascular, and skeletal injuries poses one 
of the most difficult management problems. Patients should be evaluated by a 
multidisciplinary team. Coordinated interaction of various specialists including a 
vascular, orthopaedic, and plastic surgeon is of paramount importance to optimize 
outcome. Injuries of the head, chest, and abdomen may require additional 
neurosurgical and general trauma consultation. Every effort is made to balance the 
potential success of an arterial reconstruction and correction of the orthopaedic 
injury with the overall clinical status of the patient and the potential for complete 
functional recovery. In general, once life-threatening injuries are stabilized, 
treatment priorities are as follows: 


¢ Control of bleeding and restoration of arterial inflow. 
e Fracture reduction and stabilization. 


« Soft tissue coverage. 


Vascular repair should be prioritized over definitive orthopaedic repair. Any delay 
in vascular reconstruction is a gamble and may risk the only opportunity for limb 
salvage. Patients with stable fractures or dislocations in which minimal 
manipulation and length discrepancy is anticipated should be treated with 
immediate definitive arterial revascularization. However, patients with severely 
comminuted fractures and dislocations, segmental bone loss causing limb 
discrepancy, or severe soft tissue disruption and contamination should be treated 
initially with temporary intra-arterial shunts. In these cases, it is wise to delay the 


definitive vascular reconstruction until wide debridement and initial skeletal repair 
are accomplished. 


Contra-indications for vascular repair include presence of other life-threatening 
injuries requiring immediate attention or causing hemodynamic instability. Several 
predictive factors should be taken into consideration when deciding to perform 
revascularization versus primary amputation (Table 6-1). Overall, approximately 
10%to 20% of patients with complex extremity injuries have nonsalvageable limbs 
and require primary amputation. Assessment of these patients should be 
individualized. Several factors should be taken into consideration, including the 
overall clinical status, severity of the arterial, neurologic, and orthopaedic trauma, 
and expected functional recovery. A primary amputation is considered in cases of 
dysvascular extremity with complex fractures and extensive soft tissue and nerve 
damage. Patients with major nerve transections (e.g., tibial nerve transection) and 
open comminuted tibiofibular fractures with arterial injuries (Gustilo IIl-C) have 
very poor functional outcome and high amputation rates; these patients are 
generally treated with primary amputation. Major nerve transections should be 
confirmed by direct visualization. Other indication for amputation is prolonged 
ischemia time (>12 hours) with evidence of a cadaveric extremity (e.g., mottled 
with absence of motor function, arterial, or venous Doppler signals). 


Preoperative Planning 

Prolonged ischemia time is the most important factor associated with limb 
dysfunction or amputation. A high index of suspicion coupled with accurate 
neurovascular examination is necessary for prompt diagnosis of a vascular injury. 
Accurate diagnosis of vascular injuries is an essential aspect in the preoperative 
evaluation of patients with complex extremity trauma. Prompt restoration of 
arterial blood flow within 6 hours from the time of initial extremity injury is the 
most critical factor that determines limb salvage and function. 


Complete history including the mechanism of trauma, associated injuries, medical 
history, medications, and allergies should be recorded. Extremity vascular trauma 
is immediately apparent because of external bleeding, hematoma, or obvious limb 
ischemia. Physical examination includes inspection of the injured limb for open 
wounds, obvious deformities, and signs of ischemia. Distal ischemia is manifested 


by the five Ps: pallor, paresthesia, paralysis, pain, pulselessness, and 
poikilothermia. A thorough sensory and motor examination and pulse examination 
should be noted. The presence of hematoma, pulsatile or not, bruit, and thrill must 
be documented. If distal pulses are diminished or absent, the ankle-brachial index 
should be determined using a hand-held Doppler device. 


Signs of arterial injury have been traditionally classified into a€ceharda€* and 
a€oesofta€* signs (Table 6-2). These correlate with the presence of a 
hemodynamically significant arterial lesion. a€ceHarda€* signs include 


absence of distal pulses, pulsatile bleeding, expanding hematoma, palpable thrill, 
and audible bruit. a€ceSofta€* signs include proximity to the vessel, peripheral 
nerve deficit, history of moderate hemorrhage, and diminished distal pulses. 


Table 6-1. Factors Associated with Poor Functional 
Recovery or Need for Primary Amputation After 
Combined Vascular and Orthopaedic Extremity 

Trauma 


Transected sciatic or tibial nerve Multiple comminuted fractures 


Transection of two of the three upper Extensive soft tissue loss 
extremity nerves 


Gustillo IIl-C orthopaedic injury Crush injury 


Below-knee arterial injury with two Severe contamination 
of the three arteries injured 


Prolonged limb ischemia greater than Elderly patients or multiple 
12 hours medical comorbidities 


Cadaveric limb Shock or other life-threatening 
injuries 


Table 6-2. Clinical Signs of Vascular Injury 





Hard Signs Soft Signs 
Absent distal pulses Diminished distal pulses or ABI <0.90 
Active pulsatile Unexplained hypotension or large blood loss at 
bleeding the scene 
Expanding hematoma Small or moderate nonexpanding hematoma 
Bruit Injury in proximity to a major vessel 
Thrill Neurologic injury in proximity to vessel 





ABI, ankle-brachial index. 


The general recommendation is that patients with hard signs associated with 
uncomplicated penetrating trauma should undergo immediate operative 
exploration, without need for arteriography or duplex ultrasound. The indications 
for arteriography are summarized in Table 6-3. Patients with multiple penetrating 
injuries should be evaluated with arteriography to determine the exact location 
and extent of arterial lesions. Arteriography is also advised in patients with 
combined arterial and orthopaedic trauma, even in the presence of hard signs. 
While the presence of hard signs predicts major vascular injury in nearly 100% of 
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patients with uncomplicated penetrating trauma, less than 15%of patients with 
complex blunt injuries will require vascular repair. The inaccuracy of hard signs in 
this subgroup is explained by a combination of multiple other factors that 
ultimately lead to diminished pulses, including fractures, soft tissue disruption, 
compartment syndrome, and extrinsic arterial compression. Therefore, we 
generally recommend arteriography in all patients with complex skeletal trauma 
and hard signs of vascular injury. 


We generally prefer a one-shot intraoperative arteriography technique. This avoids 
the 1 to 3 hour time delay required to obtain a formal arteriography in the 
angiography suite. An antegrade or retrograde approach in the affected limb is 
used for most cases. The availability of a portable C-arm and fluoroscopy permits 
localization of bony landmarks, selective catheterization of arterial branches, and 
endovascular treatment of arterial lesions. However, because fluoroscopy is usually 
not readily available in the emergency setting, we usually use ultrasound guidance 
and a micro-puncture set for arterial access. The target artery (e.g., common 
femoral artery or brachial artery) is accessed with a micropuncture needle (18 
gauge) in an antegrade or retrograde fashion. A 0.018 inch guidewire is advanced to 
allow placement of a sheath. The sheath can be used for contrast injection. 
Alternatively, the 0.018 inch wire is exchanged into a 0.035 inch wire and a 4 
French sheath is advanced. The arterial inflow proximal to the access site should be 
manually compressed during contrast injection using digital pressure or a 
tourniquet. A single hand injection of 30 mL of diluted (50:50) iso-osmolar contrast 
allows adequate visualization of the area of concern and distal runoff vessels. 


Other noninvasive imaging modalities are duplex ultrasound, computed tomography 
angiography (CTA), and magnetic resonance angiography (MRA). Computed 
tomography angiography is now available in most centers, is quite expeditious, and 
permits excellent image of the arterial circulation, soft tissue, and bone. This is 
particularly useful for planning operative approach in patients with centrally 
located lesions (e.g, aorta, subclavian, or iliac arteries). However, limitations are 
the relatively large contrast load (150 mL) in a patient who may potentially require 
additional angiography. 


We recommend duplex arterial ultrasound in patients with a€cesofta€e signs of 
vascular injury, including those with an ankle-brachial index of less than 0.90. 


Arterial imaging is not required in patients 
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with normal pulses and no other sign of arterial injury. Physical examination 
excludes significant arterial injuries as reliably as arteriography or surgical 
exploration. This is also true for patients with posterior knee dislocations, in whom 
arteriography used to be obtained routinely in the 1980s. Results of contemporary 
series show that in the absence of hard signs, less than 5%of patients had 
abnormalities on the arteriography but none required operative treatment or had 
amputation. On the other hand, the incidence of significant vascular injuries is 70% 
in the presence of hard signs. In patients with normal pulse examination, 
nonocclusive lesions include small intimal flaps, dissections, contusions, or small 
pseudoaneurysms; these lesions should be treated with antiplatelet therapy only. 


Table 6-3. Indications for Preoperative or 
Intraoperative Diagnostic Arteriography in Patients 
with Combined Extremity Trauma 


Multiple penetrating injuries Trajectory parallel to artery 
Unclear location or extent of arterial Underlying peripheral 
injuries arterial disease 


Extensive soft tissue injury 
Fracture or dislocations with hard signs 
of vascular injury 


Surgery 


Patient Positioning and General Approach 
All vascular injuries can be accessed using the supine anatomic position (Fig. 6-1). 
Although prone position and a posterior approach may be used for isolated popliteal 


artery injuries which do not extend into the superficial femoral or tibioperoneal 
arteries, this approach limits access to the great saphenous vein if harvesting is 
necessary and may require excessive manipulation of the fractured limb. A 
generous sterile field should be prepared and draped to allow adequate exposure, 
proximal and distal control, and options of extra-anatomic reconstruction if 
indicated. The wise surgeon should always consider the a€oeworst case scenariod€ 
(e.g., axillofemoral graft). A noninjured lower extremity should be prepped 
circumferentially for possible vein harvesting. The ideal conduit is an autologous 
great or small saphenous vein. Preoperative intravenous antibiotics (e.g., a first- 
generation cephalosporin) should be administered. 


Technique 
Repair of vascular injuries can be one of the most challenging aspects of trauma 
management. Some basic principles of vascular repair are applicable to all vascular 
injuries (Table 6-4). The operative sequence consists of access, exposure, control, 
and repair. Initial control of external hemorrhage is usually obtained with simple 
digital or manual pressure. Use of surgical instruments such as hemostats is not only 
ineffective but risks iatrogenic injury of adjacent nerves or veins. Manual 
compression is maintained by a member of the surgical team until definitive 
proximal and distal control of the injured vessel is obtained. The hematoma should 
not be entered without first obtaining proximal 

P.81 
and distal control away from the site of injury. Access is gained using the standard 
exposure techniques described in the following discussion. Vascular clamps should 
not be applied forcefully and blindly; instead, the artery should be completely 
dissected, looped with a silastic vessel loop, and clamped under direct vision. One 
important adjunct is the use of balloon occlusion catheters. This facilitates control 
in areas of difficult access and avoids excessive dissection. In addition, pressure 
cuff tourniquets may be used in the extremities to achieve prompt vascular control. 
Once control is gained, the hematoma is explored with careful attention to avoid 
injury to adjacent structures. The extent of vascular injury is assessed and clamps 
are moved closer to the vascular wound. The injured vessel should be debrided and 
cleaned using tenotomy scissors. The extent of debridement should take into 
consideration the mechanism of injury, with more extensive debridements for high- 


velocity gunshot wounds, and blast or crush injuries. One should avoid excising the 
adventitia of the vessel while dissecting or debriding the artery. Distal and proximal 
thrombectomy using a Fogarty balloon thromboembolectomy catheter should be 
performed even in the presence of relatively good prograde or retrograde bleeding. 
The size of the catheter is generally a 4 or 5 for the iliacs, 4 for the superficial 
femoral, 3 or 4 for the deep femoral, 2 or 3 for the tibials, and 2 for the pedal and 
smaller arteries of the forearm. Passage of thromboembolectomy catheters into the 
deep femoral, tibials, and smaller arteries should be done gently because of risk of 
arterial rupture, dissection, or intimal injury due to excessive balloon inflation. At 
least two a€cacleana€* passes should be made before considering the artery free of 
thrombus. Preoperative and intraoperative systemic heparinization (80 mg/kg 
bolus) should be used unless there is a contraindication (e.g., head injury). An 
activated clotting time (ACT) above 250 seconds Is considered optimal. Liberal 
regional heparinization should be used with flushes of heparinized saline proximally 
and distally to prevent propagation of any thrombus. 





FIGURE 6-1 Patients should be positioned supine with one or both upper 
extremities abducted. At least one unaffected lower extremity should be 
circumferentially prepped for vein harvesting if indicated. 


Table 6-4. Basic Principles of Repair of Vascular 


Injuries 
Manual pressure for vascular control Instill regional heparin after two 
Access using standard vascular a€oecleana€* passes 
exposure Perform vascular anastomosis in 
Ensure proximal and distal control a tensionless fashion 
prior to entering a hematoma Allow prograde and retrograde 
Carefully enter the hematoma, bleeding prior to completing the 
avoiding injury to adjacent anastomosis 
structures Complete suture line, remove 
Assess the extent of injury and distal and proximal clamp 
presence of concomitant venous sequentially 
injury Assess distal circulation with 
Use systemic heparinization pulse examination and hand-held 
whenever possible Doppler 
Determine type of vascular repair Obtain completion arteriography 
Debridement of vessel edges Consider need for fasciotomy 
Proximal and distal Fogarty catheter Ensure adequate soft tissue 
thromboembolectomy coverage of vascular 


reconstruction 


Restoration of extremity perfusion does not always require definitive arterial 
reconstruction. Another important adjunct is a temporary arterial shunt placed in 
the proximal and distal arterial ends. This promptly controls hemorrhage and re- 
establishes inflow. Our preference is to use either a short or long Sundt 


intraluminal arterial shunt (Fig. 6-2). The shunt is secured to the artery using silk 
suture or a Rummel tourniquet. Although systemic heparinization is preferred, this 
is not an absolute requirement for shunt placement. The main advantage of 
temporary shunts is the avoidance of damage to a fresh arterial repair during 
subsequent orthopaedic manipulations in cases of comminuted, unstable skeletal 
injuries. 
The injured vessels are a€ceset upa€ for the reconstruction using stay sutures and 
clean white towels. The anastomosis should be performed without any tension using 
optic magnification and small monofilament suture (e.g., Prolene). In general, a 4 
or 5-0 monofilament suture is used for the femoral arteries, and 6 or 7-0 for the 
popliteal, tibials, and smaller arteries. The type of reconstruction varies and should 
be tailored to both the patient condition and extent of injury (Fig. 6-3). Simple 
repair entails a lateral arteriorrhaphy or venorrhaphy. One should avoid excessive 
narrowing of the lumen and use patch angioplasty if there is any question. A 
segment of saphenous vein or bovine pericardium can be used for vascular patches. 
Vessels with injuries involving less than 1.5 cm in length can usually be re- 
approximated using end-to-end anastomosis. Mobilization of the artery or vein may 
require ligation of multiple side branches to gain enough length to allow a 
tensionless anastomosis. The vessel ends should be spatulated to prevent 
anastomotic narrowing. A running anastomosis 
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is used most cases, but interrupted sutures may be required in smaller vessels or 
pediatric cases. Before completion of the anastomosis, the proximal and distal 
clamps are temporarily removed to ensure adequate prograde and retrograde 
bleeding. Absence of back bleeding indicates thrombus formation or a technical 
defect and warrants further catheter embolectomy or revision. Approximately 80% 
of all vascular extremity injuries that occur in association with orthopaedic trauma 
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can be repaired using one of these three techniques: simple closure, end-to-end 
anastomosis, or patch angioplasty. 











FIGURE 6-2 Intra-arterial Sundt shunt for temporary control and restoration of 
blood flow. 











FIGURE 6-3 Types of vascular injuries and repair: simple laceration treated 
with arteriorrhaphy (A); use of patch angioplasty for longer lesions (B); end-to- 
end anastomosis (C) and lateral arteriorrhaphy (D). 


Insertion of an interposition or bypass graft is required in approximately 20% of 
cases. Vessels with more extensive injuries of greater than 1.5 cm in length cannot 
be re-approximated without tension. The preferred conduit in these cases is the 
great saphenous vein harvested from the contralateral noninjured extremity. The 
ipsilateral saphenous vein should be avoided due to a high incidence of 
concomitant deep venous injuries (50% and postoperative deep venous thrombosis. 
The great saphenous vein is ideal for vessels 6 mm or smaller. Some size mismatch 
is acceptable. However, for injuries of larger vessels, a larger conduit should be 


selected. Spiral or panel vein grafts, or femoral vein grafts, are acceptable options. 
For arterial injuries of the aorta and major branches, polytetrafluoroethylene 
(PTFE) or dacron grafts have been used extensively with excellent results. 
Obviously, contamination of the surgical field represents a limiting factor in these 
cases. Every attempt should be made to repair both the arterial and venous injury. 
Although venous repair has limited patency, improved outflow decreases edema 
and may affect patency of the arterial repair. The traditional recommendation is 
that all venous injuries involving the popliteal, common femoral, axillary, and 
portal veins should be repaired because of poor collateral flow. This 
recommendation has now been extended to all major named veins. 


After the vascular reconstruction is complete, the surgeon should assess the 
adequacy of the repair for any residual stenosis or kinks. The limb should be 
examined and distal perfusion documented with pulse and hand-held Doppler 
examination. The goal in a patient without pre-existing vascular disease is to obtain 
normal distal pulses at the end of the operation. Completion arteriography is 
important to detect any technical abnormalities that may cause early thrombosis of 
the repair, as well as to assess the patency of the distal run-off vessels. Finally, the 
vascular reconstruction should be covered with viable soft tissue. Occasionally, 
flaps are required to bring vascularized tissue over the reconstruction. 


Specific Injuries: Anatomy and Surgical Exposure 
Penetrating injuries can affect any arterial segment. Specific patterns of blunt 
orthopaedic and arterial trauma are well recognized (Table 6-5). The surgical 
anatomy and exposure of the most common arterial injuries are outlined in the 
following paragraphs. 


Upper Extremity Injuries 


Subclavian Artery 


The right subclavian artery originates from the innominate artery, and the left 
subclavian from the aorta (Fig. 6-4). The subclavian artery is divided into three 
parts in relation to the anterior scalene muscle: proximal, middle, and distal. The 
proximal subclavian artery gives off the vertebral, internal thoracic, and 
thyrocervical trunk. The middle subclavian artery contains the costocervical trunk 


and the dorsal scapular artery. The distal subclavian artery has no branches. A 
supraclavicular incision one fingerbreadth above the clavicle allows excellent 
exposure of the middle and distal subclavian artery (Fig. 6-5). For exposure of the 
proximal subclavian artery, median sternotomy is required for right-sided injuries 
and left anterolateral thoracotomy for left-sided injuries. 


Subclavian artery injuries are uncommon and represent less than 5%of all vascular 
injuries. Blunt injuries may occur in association with clavicular or first rib fracture. 
Over 50% of patients present with massive bleeding. Subclavian artery occlusion is 
well tolerated in 85%of patients because of a rich collateral system. Amputation is 
rarely required. Arterial repair usually requires end-to-end 
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anastomosis or a small interposition graft using autologous vein. Overall, the 
mortality rate for subclavian artery injuries is 16% 


Table 6-5. Patterns of Combined Orthopaedic and 
Vascular Trauma 





Orthopaedic Injury Arterial Injury Location 
Supracondylar humeral Brachial artery 
fracture 
Clavicular fracture Subclavian and axillary artery 
Shoulder dislocation Axillary artery 


First rib fracture Subclavian artery and aorta 
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Femoral shaft fracture Superficial femoral artery and above-knee 
popliteal artery 


Posterior knee dislocation Popliteal artery 


Proximal tibiofibular Popliteal and tibioperoneal arteries 
fracture 
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FIGURE 6-4 Surgical anatomy of the subclavian and axillary arteries. 








FIGURE 6-5 Preferred surgical approaches for exposure of the subclavian 
(Supracalvicular) and axillary (infraclavicular) arteries. 











Axillary Artery 


The axillary artery extends from the lateral border of the first rib to the lateral 
border of the teres major muscle (see Fig. 6-4). The artery is divided into three 
parts in relation to the pectoralis minor muscle: proximal, middle (beneath), and 
distal. The first part gives of one branch (supreme thoracic), the second two 
branches (thoracoacromial and lateral thoracic), and the third three branches 
(subscapular, anterior and posterior humeral circumflex). The artery lies in close 
proximity to the axillary vein and to the brachial plexus. 


Axillary artery injuries represent 5%to 10%of all arterial injuries. The vast majority 
(95%) are due to penetrating trauma. Although blunt injuries are rare, these occur 
in 1%of the patients presenting with either a fracture of the proximal humerus or 
anterior dislocation of the shoulder. In addition, patients who chronically use 
crutches may develop stenosis or occlusion from repetitive trauma. Patients with 
axillary artery injuries often sustain associated nerve trauma. 


Exposure of the axillary artery is best achieved using an infraclavicular incision one 
fingerbreadth bellow the clavicle (see Fig. 6-5). Most injuries can be repaired with 
end-to-end anastomosis or a small interposition graft. The mortality and 
amputation rates are exceedingly low for axillary injuries. However, two-thirds of 
the patients have significant neurologic dysfunction or persistent neuralgia from 
associated trauma to the brachial plexus. 


Brachial Artery 

The brachial artery is a continuation of the axillary artery (Fig. 6-6). It starts at the 
lower edge of the teres major muscle and terminates approximately 2 cm below 
the antecubital crease, where it bifurcates into the radial and ulnar arteries. A high 
bifurcation of the brachial artery above the antecubital crease is found in 20% of 
the population. In the upper and mid-arm, the brachial artery is accompanied by 
the median nerve laterally and by the ulnar and radial nerves medially. The median 
nerve crosses anterior to the artery and is located medially at the level of the 
elbow joint. The brachial artery has three important branches: deep brachial 
artery, and superior and inferior ulnar collateral arteries. 
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FIGURE 6-6 Surgical anatomy of the brachial artery. 
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The brachial artery is the most commonly injured artery of the upper extremity, 
accounting for 15%to 30%of all peripheral vascular injuries. Patients typically 
present with hand ischemia. Patients with supracondylar humeral fractures or 
elbow dislocations and hard signs of vascular injury should be further evaluated 
with arteriography to rule out brachial artery injury. The brachial artery is best 
exposed using a longitudinal incision along the course of the artery medial to the 
biceps muscle or an S-shaped incision across the antecubital fossa (Fig. 6-7). Most 
injuries are repaired with either end-to-end anastomosis or interposition vein graft. 


Clinical outcome after repair is better than for injuries of the axillary or subclavian 
artery because the incidence of nerve injury is significantly less. Amputation or 
death is rare. 


Radial and Ulnar Arteries 


The ulnar artery is the larger branch of the brachial artery and gives off the ulnar 
recurrent arteries and the common interosseus artery (Fig. 6-8). The ulnar artery 
terminates in the superficial palmar arch. The radial artery gives off the radial 
recurrent artery, which anastomoses to the deep brachial artery. Distally, the 
brachial artery gives off a small branch to the superficial palmar arch and 
terminates in the deep palmar arch. 


Injuries to the radial and ulnar artery are also common, but most often result from 
penetrating trauma. Complete occlusion or transection of either the radial or ulnar 
artery will often have no adverse effect on the circulation of the hand because of 
rich collateral circulation. However, patients with marked hematoma in the 
forearm may develop compartment syndrome requiring fasciotomy. Distal 
thrombectomy catheters should be handled gently because these arteries are prone 
to rupture or intimal injury. Repair often requires simple closure, end-to-end 
anastomosis, or small interposition grafts. Amputation is rare. 


Lower Extremity Injuries 


Common, Profunda, and Superficial Femoral Arteries 


The common femoral artery originates at the level of the inguinal ligament asa 
continuation of the external iliac artery (Fig. 6-9). The common femoral artery is 
located adjacent to the femoral nerve (laterally) and common femoral vein 
(medially). The first branch of the common femoral artery is the superficial 
circumflex iliac artery, which marks the transition from external iliac to common 
femoral artery just below the inguinal ligament. The second branch is the 
superficial epigastric artery. Approximately 5 cm distal to the inguinal ligament the 
common femoral artery bifurcates into the superficial and deep femoral arteries. 
The deep (profunda) femoral artery is located in a posterolateral position. This 
artery gives off the medial and lateral femoral circumflex arteries and four to five 
perforator branches in the thigh. The superficial femoral artery follows its course 


underneath the sartorius muscle (Hunter 
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Canal) and terminates in the popliteal artery at the level of the adductor hiatus. 
The artery is adjacent to the saphenous nerve and femoral vein. 





FIGURE 6-7 Preferred surgical approaches for exposure of the distal brachial 
artery and forearm vessels. 
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FIGURE 6-8 Surgical anatomy of the forearm arteries. 


Injury to the femoral vessels accounts for one-third of all peripheral vascular 
injuries in civilian and military series. The most common mechanism of injury is 
penetrating trauma. Anterior dislocation of the femoral head is a rare cause of 
blunt injury. The superficial femoral artery is injured in 5%of the patients 
presenting with femoral shaft fracture. Bleeding is the most common presentation 
in cases of penetrating trauma, whereas distal limb ischemia predominates in 
patients with blunt injury. 


Exposure of the common femoral artery and femoral bifurcation is best obtained 


using a longitudinal incision two fingerbreadths lateral to the pubic tubercle (see 
Fig. 6-9). The incision extends from the level of the inguinal as far distally as 
necessary, depending on how extensive the injury is to the proximal deep and 
superficial femoral arteries. Rarely, a suprainguinal curvilinear incision is required 
for retroperitoneal exposure of the external iliac artery to achieve proximal 
control. Exposure of the superficial femoral artery can be achieved through a 
longitudinal incision along the course of the sartorius muscle. Patients with small, 
clean injuries of the femoral arteries may be treated with primary closure, end-to- 
end anastomosis, or patch angioplasty. Longer lesions require an interposition graft 
using autologous saphenous vein from the contralateral thigh. Long-term patency 
rates approach 100%for interposition grafts. Lower extremity function is 
predominantly determined by the extent of skeletal and neurologic injury. 


Popliteal and Tibioperoneal Arteries 
The popliteal artery is the continuation of the superficial femoral artery and 
Originates at the adductor magnus hiatus (Fig. 6-10). The popliteal artery gives off 
multiple genicular collateral branches at the above- and below-knee level. The 
artery bifurcates in 90% of individuals and gives off the anterior tibial artery and 
the tibioperoneal trunk. The tibioperoneal trunk gives off the posterior tibial artery 
and the peroneal artery. The anterior tibial artery follows an anterior and lateral 
course, perforates the interosseous membrane, and is located in the anterior 
compartment of the leg along with the deep peroneal nerve. The peroneal artery is 
the middle branch of the three, follows its course in the deep posterior 
compartment, and bifurcates into the perforating branch to the anterior artery and 
communicating artery to the posterior tibial artery. 
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The posterior tibial artery is the most medial branch of the three tibioperoneal 
arteries and terminates as the common plantar artery below the ankle joint. 





FIGURE 6-9 Surgical anatomy and preferred surgical approaches for exposure 
of the common, superficial, and deep femoral arteries. 


Popliteal artery injuries often result from blunt trauma. Fracture or posterior 
dislocation of the knee is a known mechanism of injury. Most patients with 
popliteal artery injury present with distal ischemia because the genicular 
collaterals are not effective in maintaining adequate distal perfusion. Occlusion of 
a single tibioperoneal artery is well tolerated and does not require repair. 
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FIGURE 6-10 Surgical anatomy of the popliteal artery. 


Most popliteal and tibioperoneal artery injuries can be exposed using a generous 
medial approach above and/ or below the knee level depending on the extent of 
injury (Fig. 6-11). The great saphenous vein should be identified and protected. 
Division of the semimembranous and semitendinous muscles is often required for 
adequate exposure. The posterior tibial and peroneal arteries are also exposed 
using a medial incision along the posterior margin of the tibia. The soleus muscle is 
incised longitudinally allowing exposure of the mid- and distal portions of the 
posterior tibial and peroneal arteries. Although the origin of the anterior tibial 
artery can be exposed through a medial incision, an incision in the anterior 
compartment two fingerbreadths lateral to the tibia is required for exposure of the 
anterior tibial artery. 


Injury to the popliteal and tibioperoneal arteries is associated with significant 
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morbidity. Clinical outcome is affected by the extent of skeletal and neurologic 
trauma, time of ischemia, and adequacy of runoff through the tibial and peroneal 
arteries. 


Venous Injuries 

The management of venous injuries is essentially identical to that for any arterial 
injury. Although venous repair does not yield the same satisfactory results of 
arterial repair and there is a higher incidence of early thrombosis, current 
recommendations are to attempt venous repair of any named major vein whenever 
possible. Large veins such as the inferior vena cava and iliac veins pose a problem 
in terms of conduit size mismatch. Options in these cases are use of spiral or 
paneled vein grafts or externally supported PTFE grafts. Injuries affecting minor 
veins or patients with other life-threatening injuries should be managed with 
primary ligation. Major veins can be exposed using the same incisions as for their 
arterial counterpart. Direct pressure using sponge sticks or pressure cuff 
tourniquets are excellent means of obtaining control in cases of bleeding. 
Techniques for repair should be the same as for arterial injuries with the caveat 
that catheter embolectomy often cannot be used because of competent valves. 


Mangled Extremity 


One should use clinical judgment in cases of severe trauma with complex soft 
tissue, skeletal, and vascular injuries. Although there are scoring systems to 
quantify the degree of injury, cases should be individualized. The mangled 
extremity severity score (MESS) grades skeletal/ soft tissue damage, limb ischemia, 
shock, and age. However, this scoring system is inaccurate in identifying the 
irretrievable limb requiring primary amputation. Factors associated with need for 
amputation after below-knee fractures are injury of greater than three muscle 
compartments, occlusion of greater than two tibial arteries, and presence of 
cadaveric changes at initial presentation. When more than two of these predictive 
factors are present, none of the extremities were salvageable. Primary amputation 
should be considered early in patients with a dysvascular extremity and extensive 
soft tissue loss, as the chance of functional recovery is minimal. 





FIGURE 6-11 Preferred medial knee approach for exposure of the below-knee 
popliteal artery and proximal tibioperoneal vessels. 
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Postoperative Management 

Patients should be continuously evaluated for bleeding, distal limb perfusion, and 
development of compartment syndrome. Following massive bleeding and 
coagulopathy, one should aggressively resuscitate the patient and monitor 
laboratory results every 4 hours (complete blood count, platelets, prothrombin and 
partial thromboplastin times, and fibrinogen levels). We recommend that 
laboratory levels are kept within normal limits during the first 48 hours. Parameters 
include hemoglobin above 10 g/dL, platelet count above 100,000, international 
normalized ratio of less than 1.2, and partial thromboplastin time of less than 40 
seconds. Mild abnormalities contribute to postoperative a€ceoozing, a€* large 
hematoma, and initiate a cascade of coagulopathy that ultimately may lead to 


bleeding requiring re-exploration. Assessment of vascular pulses should be done 
routinely with serial examination and hand-held Doppler interrogation. This is 
repeated every 2 hours for the first 24 hours and every 4 hours thereafter. 


The injured extremity should be checked for any signs of infection. Early wound 
infection, particularly if associated with soft tissue necrosis, is one of the most 
important determinants of delayed amputation. Aggressive perioperative antibiotic 
therapy is recommended. 


Compartment syndrome is a common occurrence in patients with combined 
vascular and orthopaedic trauma. Patients with ischemic limbs for more than 4 
hours can be expected to have some degree of compartment syndrome. 
Presentation can be delayed up to 12 to 24 hours after reperfusion of the ischemic 
limb. Early or prophylactic fasciotomy in this setting may be associated with 
improved outcome. If fasciotomy is deferred at the time of arterial reconstruction, 
physical examination and compartment pressure measurements should be repeated 
frequently. Compartment pressures of higher than 30 cm H20 strongly indicate 
fasciotomy. 


Complications 

The most common complications after vascular reconstructions are bleeding, 
infection, early thrombosis and development of compartment syndrome. Medical 
complications involving cardiac, pulmonary, renal, and neurologic systems are also 
common. Amputation can result because of early technical failure, venous outflow 
problems, infection, and fracture instability. Deep venous thrombosis is a common 
occurrence after combined vascular and orthopaedic trauma. Aggressive 
prophylaxis should be instituted in the early postoperative period. Postoperative 
duplex ultrasound is indicated for any sign of worsening limb edema or pain. 
Patients need to be followed regularly because of the potential for late 
complications. Arterial stenosis or thrombosis, aneurysmal degeneration of vein 
grafts, and chronic venous insufficiency after primary venous ligation or thrombosis 
of venous repair can be identified using duplex ultrasound surveillance. We 
generally re-evaluate patients with combined injuries 6 months after dismissal or 
earlier if the patient develops symptoms of chronic limb ischemia (e.g., 
claudication). 
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Chapter 7 


Management of the Soft Tissue with Shoulder 
Trauma 





Scott F. M. Duncan 
J ohn W. Sperling 


Indications/Contraindications 

Shoulder trauma can result in significant soft tissue loss over some of the bony 
prominences of the shoulder such as the acromion and clavicle. Areas of the scapula 
can be exposed as well from trauma about the shoulder. Fortunately, the 
glenohumeral joint itself is covered with a multilayer muscle configuration. If there 
are concomitant fractures, nerve injuries, or vessel injuries, one must keep in mind 
not only the pre-existing soft tissue trauma and how to protect the healing of that, 
but also how to obtain the best exposure to facilitate fixing the concomitant injuries. 
Open fractures and neurovascular injuries require emergent intervention, or otherwise 
the extremity may be compromised. In such circumstances, the rescue of the 
threatened limb takes priority. However, again, one must keep in mind the potential 
need for soft tissue coverage in these patients. Fortunately, numerous flap options 
exist about the shoulder for soft tissue coverage (see Chapter 8). 


The addition of locking plates, which are fixed angle devices for fixing proximal 
humerus fractures, has greatly augmented our armamentarium for treating these 
fractures. In significant injuries, it is not unreasonable to perform a delayed 


intervention once the soft tissues have been covered or stabilized. Concomitant 
injuries such as rotator cuff tears can be addressed months down the line, if needed, 
once the other injuries and soft tissue envelope have finished healing. When the 
wound bed is grossly purulent, coverage and otherwise operative repair should be 
delayed until a clean wound can be established. This being said, it is obviously 
preferable to have all structures fixed prior to any type of soft tissue coverage to 
minimize injury to the soft tissue flap upon re-operation or re-exploration of the 
wound. 


Preoperative Planning 

A thorough examination of the shoulder and the involved extremity as well as a 
radiographic study of the shoulder are mandatory to recognize soft tissue and bony 
injuries. Neurovascular injuries may be easily missed if the more distal aspects of the 
extremity are not examined. Furthermore, radiographic examination must include 
axillary lateral views to rule out a glenohumeral dislocation. Active flexion, abduction, 
internal and external rotation should be tested about the shoulder when possible. 
Active flexion and extension about the elbow, wrist, and fingers will also help 
delineate more proximal neurovascular compromise. Sensation and motor function of 
the extremity should be documented. Radial pulses as well as ulnar pulses need to be 
documented as well as the time for capillary refill. 


From a radiographic standpoint in the emergent setting, a computed tomography scan 
sometimes is required to further delineate the characteristics of bony trauma. 
Occasionally, an arteriogram may be needed to investigate vascular injuries. The most 
commonly injured nerve about the shoulder is the axillary nerve, and an examination 
of deltoid function and shoulder sensation should be performed. When planning the 
surgical exposure or exposures, one must appreciate what other injuries need to be 
addressed, if any, and how the incision and exposure will jeopardize any pre-existing 
skin or muscle trauma. Incisions should be selected that will not compromise the 
viability of the soft tissue 
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envelope and that once they have healed will not create a tethering-type scar, 
resulting in loss of shoulder range of motion. 


Surgery 


Patient Positioning 

We prefer to perform surgery about the shoulder with the patient in a beach-chair 
position. Depending on the injuries to be addressed, supine and lateral decubitus may 
be used as well. However, in our experience, the beach-chair position has the 
advantages of allowing manipulation of the arm as needed to facilitate reduction or 
retraction as well as providing access to both the anterior and posterior aspects of the 
shoulder. These surgeries are usually done under general anesthesia, but 
postoperative pain management can be enhanced by the administration of 
interscalene blocks by the anesthesiologist. The patient is brought into the regular 
operating room where preparation and draping are carried out in the usual sterile 
fashion and manner. As with any surgery, atraumatic technique should be adhered to 
in an effort to lessen skin, muscle, and other soft tissue necrosis. Poorly executed 
shoulder surgery can result in greater functional loss than would have otherwise 
occurred had no surgical intervention been attempted. However, as with any surgery, 
risks are involved and nerve and vessel injury can occur. Excessive scarring and 
postoperative joint contractures may result despite the best surgical techniques. 


The beach-chair position facilitates the use of fluoroscopy during the course of the 
procedure (Fig. 7-1). This flexibility is sometimes needed when attempting to image 
complex injuries. Sometimes it is necessary to extend the wound of the injury both 
proximally and distally to provide visibility to the area of trauma. However, most 
important is that an adequate view of the surgical field be created to avoid the need 
to perform surgical repairs in a challenged manner through a small wound. In general, 
we try to avoid a€ceTa€* extensions of transverse lacerations, but occasionally this 
may need to be done to gain access to neurovascular structures. Again, the type of 
shoulder injury will necessitate the surgical approach. 


Technique 


For proximal humerus fractures, there are two basic approaches. The first is a superior 
deltoid approach in which a skin incision is made in Langer's lines just lateral to the 
anterior lateral aspect of the acromion. This approach allows the deltoid to be split 
from the edge of the acromion distally for approximately 4 to 5 cm. Again, care must 
be taken to protect the axillary nerve. Of note is that the deltoid origin is not 
removed, but there is still exposure of the superior aspect of the proximal humerus. 


This type of exposure is quite useful for a fixation of greater tuberosity fractures as 
well as the insertion of intramedullary nailing. In the beach-chair position rotation, 
flexion, and extension 
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of the humerus can enhance the exposure of the underlying structures as well as 
reduction of the fragments. 





FIGURE 7-1 A,B: The beach-chair position helps facilitate use of intraoperative 
fluoroscopy. 


The second approach is a long deltopectoral approach in which both the deltoid origin 
and insertion are preserved (Fig. 7-2). The skin incision begins just inferior to the 
clavicle and extends across the coracoid process and down into the area of insertion of 
the deltoid on the humerus. The cephalic vein should be preserved and retracted 
either laterally or medially depending on which is easiest for the surgeon. The 
cephalic vein is less likely to be injured when taken medially, given that over-vigorous 
retraction on the cephalic vein and deltoids can result in vein injury. If the vein is 
accidentally transected or significantly injured, either from the trauma or the surgical 
approach, ligation can be considered. In the deltopectoral approach, if more exposure 
is needed to gain access to the proximal aspect of the humerus, the superior part of 
the pectoralis major tendon insertion can be divided. This may need to be done for 
multipart fractures. In significant trauma injuries, the pectoralis major tendon may be 


found to be disrupted and should be repaired when possible using nonabsorbable 
suture and/or suture anchors. 





FIGURE 7-2 A: The landmarks of the shoulder are outlined and the incision is 
marked. B: A triangle of fat is usually present at the proximal interval between 
the pectoralis and deltoid. C: Typically, the cephalic vein is left within its bed 


medially. D: One continues the deltopectoral interval distally. E: One places a 
retractor medially beneath the conjoint group and one laterally to retract the 
deltoid. 
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We do not advocate procedures that split or remove part of the acromion given the 
significant risk of complications. Methods of internal fixation of proximal humerus 
fractures go beyond the scope of what this chapter is intended to provide. However, a 
brief mention of various options will be discussed. As mentioned earlier in the 
chapter, there is an improved role for open reduction internal fixation of these 
fractures given the new fixed angled locking plates that have been developed. 
However, there still remains a role for intramedullary nailing, tension band 
techniques, and percutaneous pinning of proximal humerus fractures. Most important, 
though, is that a majority of proximal humerus fractures in our practices are still 
treated nonoperatively. Shoulder arthroplasty is still used in those cases where there 
is significant comminution and adequate fixation cannot be achieved by other means. 
Successful treatment of shoulder injuries requires understanding of their specific 
biologic and mechanical challenges. This should also encompass knowledge about the 
natural history and potential complications from the various treatment options. 


With the beach-chair position, we take care to secure the head with use of towels to 
the head supporting apparatus. This can be done with prefabricated devices such as 
the Skytron attachment. Care needs to be taken to make sure the neck angle is 
appropriate. Also, when securing the head, care needs to be taken that there are no 
pressure points on the eyes. With regard to the anterior approach, the exposure of the 
shoulder joint is useful for drainage of sepsis, open reduction internal fixation of 
fractures, hemiarthroplasty, and reconstruction of dislocation trauma. Landmarks for 
this approach are the coracoid process and the deltoid insertion. The incision starts at 
about the level of the clavicle and goes over the coracoid process through the area 
where the deltopectoral groove can be palpated down to the anterior aspect of the 
shoulder. An alternative to this incision is an axillary incision. The shoulder must be 
abducted and externally rotated to make this type of approach. The downside of this 
in the trauma setting is that the skin flaps must be undermined extensively to visualize 
the area of the deltopectoral groove. However, this approach does have a cosmetic 


advantage. This approach is also difficult in extremely muscular patients. 


The deep surgical dissection involves identifying the short head of the biceps and 
coracobrachialis; these are retracted medially. The overlying fascia must be carefully 
incised. The long head of the biceps can be used to identify the division between the 
lesser and greater tuberosities. This can also be a good marker for where to begin 
subscapularis dissection. The arm should be kept adducted at most times, because 
bringing the arm into abduction brings the neurovascular structures closer to the 
operative field. This is especially true if any work is being done around the coracoid. 
Care must be taken when retracting the coracoid and coracobrachialis, as over- 
vigorous retraction can cause musculocutaneous paralysis. Care should be taken with 
the axillary nerve as well. External rotation of the shoulder increases the distance 
between the subscapularis and the axillary nerve. A leash of vessels on the inferior 
border of the subscapularis frequently requires cauterization to maintain good 
visualization in the surgical field. 


The anterolateral approach in the trauma setting is most useful for repair stabilization 
of the long head of the biceps tendon as well as fixation of greater tuberosity 
fractures. A transverse or longitudinal incision can be used beginning at the 
anterolateral corner of the acromion and extending lateral to the coracoid process or 
going over the anterolateral aspect of the shoulder. The superficial dissection involves 
subcutaneous fat and deltoid fascia. This is incised in line with the skin incision. The 
split should not extend more than 5 cm down from the acromion as axillary nerve 
injury is possible. In the case of rotator cuff tears, one may consider taking the deltoid 
off the anterior aspect of the acromion, which also improves visualization (Fig. 7-3). 
Avoid inadvertent inferior retraction as well, which can also injure the axillary nerve. 
Bleeding will obstruct the view and is frequently encountered during this dissection. 
Try to obtain good hemostasis and cautery of the acromial branch of the 
coracoacromial artery; it usually must be electrocauterized. Also avoid excessive 
stripping and detachment of the deltoid. Deep dissection will reveal the rotator cuff 
under surface of the acromion and greater tuberosity. A stay suture in the fascia of 
the deltoid can be useful to prevent excessive splitting and injury to the axillary 
nerve. 


The lateral approach provides limited access in a similar fashion to the anterolateral 
approach. Again, it can be useful for open reduction internal fixation of greater 
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tuberosity fractures, as well as for open reduction internal fixation of neck fractures 
using a tension band technique. The rotator cuff is easily accessible through this 
approach. This is a common approach for insertion of intramedullary rods into the 
humerus. An incision approximately 5 cm long is made from just above the acromion 
down the lateral aspect of the arm. Deltoid muscle is split in line with its fibers down 
to a level no more than 5 cm. Most surgeons insert a suture at the inferior aspect of 
the split to help prevent it from extending any further and potentially injuring the 
axillary nerve. Deep surgical dissection is continued 
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through the deltoid. The rotator cuff and its bursa in the subacromial space are 
immediately encountered. Again, the humeral neck, greater tuberosity, rotator cuff, 
and even the long head of the biceps, to some degree, can be accessed from this 
approach. Care needs to be taken to avoid injuring the axillary nerve or detaching an 
excessive amount of deltoid. 




















FIGURE 7-3 A: An incision is marked out parallel to the lateral border of the 
acromion. B: The deltoid is taken off of the acromion as outlined. C: A stitch is 
placed in the corner of the deltoid to assist in later repair and ensure proper 
alignment deltoid repair. D: The rotator cuff tear is identified and retention 
stitches are placed. E,F: A rotator cuff repair is performed. 











The posterior approach offers access to the posterior and inferior aspects of the 
glenohumeral joint. In the trauma scenario, open reduction and internal fixation of 


the glenoid, scapular body, and sepsis drainage can be provided. Depending on the 
amount of exposure required, the deltoid can be split rather than detached. The 
interval between the deltoid muscle and the inner lying infraspinatus muscle is 
identified next. The internervous interval between the infraspinatus and the teres 
minor is next identified and is usually developed with blunt finger dissection. Some 
surgeons prefer to use the interval between the two heads of the infraspinatus. By 
retracting each of these muscles, the inferior and posterior aspects of the glenoid can 
be reached. 


If the joint needs to be explored, incise it longitudinally close to the scapular edge. 
Care needs to be taken to protect the axillary nerve as it runs in the quadrangular 
Space beneath the teres minor. The other nerve that can potentially be injured is the 
suprascapular nerve as it passes around the base of the spine of the scapula and runs 
from the supraspinatus fossa to the infraspinatus fossa. Damage to this can cause loss 
of innervation to the supraspinatus and infraspinatus muscles. Excessive retraction of 
the infraspinatus medially can result in neurapraxia. Finally, the posterior circumflex 
humeral artery runs with the axillary nerve in the quadrangular space beneath the 
inferior border of the teres minor; and again, if the dissection is performed too low, 
the structure can be injured. 


Postoperative Management 
The shoulder is a complex joint and will rapidly become stiff. Ideally, adequate motion 
is needed for optimum function of the extremity for the patient. Rehabilitation 
depends on type of injury, stability of repairs, and amount of soft tissue injury. In 
most cases, the three-phase system developed by Hughes and Neer will suffice. The 
first phase incorporates passive-assistive exercises. Active and early resistive exercises 
are started in the second phase. Finally, the third phase is a program dedicated to 
stretching and strengthening exercises. In general, these exercises are performed 
three to 
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four times per day for 20 to 30 minutes. In the first phase, it is not uncommon for pain 
medication to be used. Working with a skilled physical therapist can improve patient 
compliance and outcome. 


Phase one is started in the early posttraumatic period. If there is secure fixation of 


the underlying injuries, passive exercises may be begun 24 to 72 hours after the index 
procedure. The surgeon must be careful not to forget about the elbow, wrist, and 
fingers. If these are neglected, permanent stiffness can result in these joints, and the 
extremity is at risk for complex regional pain syndrome (hand-shoulder syndrome). The 
first exercise usually consists of the pendulum or Codman's type in which the arm is 
rotated both outwardly and inwardly in small circles. Next, the supine external 
rotation with a stick exercise is used. The elbow and distal humerus must be supported 
with either a towel or sheets. A 20-degree shoulder abduction can facilitate 
performing this exercise. Gentle pulley exercises can be added to the regimen as well 
as extension. In general, isometrics are not started until there is evidence of some 
fracture healing. 


Phase two exercises involve active, gentle resistive, and stretching programs. Supine 
active forward elevation is the first one because the effects of gravity are reduced by 
making the elevation easier. The patient then can be progressed to doing this exercise 
in a standing or sitting position. A stick in the unaffected arm can assist the involved 
arm with this maneuver. TheraBands can be used to strengthen the internal and 
external rotators as well as the anterior, middle, and posterior aspects of the deltoid. 
These are usually done in repetitions of 10 to 15 per session. Wall climbing exercises 
with stretching are also performed. Internal rotation can be one of the most difficult 
aspects of motion to regain in the shoulder, and the patient can work on assisting the 
affected extremity with the unaffected one by trying to have the hand crawl up the 
back of the patient. 


Phase three exercises are started after solid evidence of fracture healing. The rubber 
strips may be replaced by rubber tubing to increase resistance. Continued aggressive 
stretching is performed. Light weights are usually tolerated at this time. Weights start 
at 1 |b and are increased in 1-lb increments, usually stopping at 5 Ib. If there is 
significant pain with the weight, then these should be discontinued as strength can 
generally recover with functional activity. 


Complications 


Postoperative Complications 
Postoperative complications, as previously mentioned, include neurovascular injury 


and soft tissue loss. In the traumatized shoulder, the usual anatomic landmarks may be 
distorted or absent. This makes it imperative that surgeons take their time and 
appropriately identify neurovascular structures and internervous planes when possible. 
Other factors such as hardware loosening and infection can occur. In the event of 
excessive soft tissue loss, flap coverage may be required (see Chapter 8). Free flaps 
such as a latissimus or anterolateral thigh flap can be considered depending on the 
need for muscle versus subcutaneous and cutaneous layers. With pinning techniques, 
pin migration can be a problem and has been reported in the literature. 


In general, complications can be broken down into vascular injury, brachial plexus 
injury, chest injury, myositis ossificans, frozen shoulder, avascular necrosis, nonunion 
and malunion, and complex regional pain syndrome. Fortunately, vascular injuries are 
infrequent, but they can occur and can result in loss of the extremity. Injury of the 
axillary artery represents about 6%of all arterial traumas and usually occurs secondary 
to fractures of the proximal humerus. It can be seen in older individuals with 
significant atherosclerosis as the vessel may tear secondary to dislocation or blunt 
trauma. The most common site of injury to the axillary artery is proximal to the take- 
off of the anterior circumflex artery. It is important to check the radial pulse, but this 
is no guarantee that arterial injury has not occurred. Other signs to look for include an 
expanding hematoma, pallor, and paresthesias. Missed arterial injuries can result in 
gas gangrene, amputation, and compressive neuropathies at the brachial plexus 
leading to permanent nerve palsies. If three is any suspicion, angiography should be 
performed immediately. 


Brachial Plexus Injuries 
Brachial plexus injuries can occur after proximal humerus fractures. This has been 
reported to have an incidence of 6.1% Isolated injury to the axillary nerve is not 
uncommon and has been reported, but any or all components of the brachial plexus 
can be involved. It is, thus, extremely important to evaluate the patient initially and 
document any compromise in skin sensation and motor function. If a nerve injury is 
clinically suspected, it should be carefully followed, and electromyography and 
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nerve conduction velocity studies should be used to monitor for progression or failure 
of healing. Nerve injuries that fail to show improvement clinically and electrically may 
need to be explored. 


Chest Injury to the Thoracic Cavity 

Chest injury to the thoracic cavity can occur after fractures and trauma to the 
shoulder. There have been reports of intrathoracic dislocation of the head with 
surgical neck fractures of the humerus, as well as pneumothorax and hemathorax 
associated with the trauma that resulted in the proximal humerus fracture. 


Frozen Shoulder 

Frozen shoulder is extremely common after any type of injury or surgery to the 
shoulder. Even with implementation of well-organized and carefully monitored 
physical therapy, adhesive capsulitis can develop. Fortunately, most cases of adhesive 
Capsulitis respond to programs of exercise and stretching. In those that fail to improve 
after 4 to 6 months, manipulation and lysis of adhesions can be considered. There is a 
risk of refracture, however. Painful and impinging hardware can also result in shoulder 
motion limitations; if the patient desires, once fracture union is obtained, the 
hardware may be removed. 


Myositis Ossificans 

Myositis ossificans is known to occur after fracture dislocations. It can also occur in 
head-injured patients. It is more commonly seen when there is a chronic unreduced 
fracture dislocation. Avascular necrosis of the humeral head can occur with shoulder 
trauma. This is more common in three- and four-part fractures, but can occur with any 
type of injury about the shoulder, including soft tissue injuries. Excessive periosteal 
stripping and excessive soft tissue dissection may also result in this complication. 
Nonunions and malunions can occur with any type of fracture and these may result 
from fractures about the shoulder. Their treatment goes beyond the purpose of this 
chapter. 


Complex Regional Pain Syndrome 

This entity, formerly known as reflex sympathetic dystrophy and before that as hand- 
shoulder syndrome, is cited to affect from 10%to 30% of patients who have shoulder 
trauma that required surgery. Soft tissue and bony injury can result in this pathologic 
process marked chronic pain. The patients do not necessarily have to have any type of 
penetrating or open trauma. The treatment of complex regional pain syndrome Is early 


recognition of the problem, sympathetic blocks, Neurontin, and aggressive therapy. 
Complex regional pain syndrome can occur in any setting with light or aggressive 
therapy and minimal or extensive trauma. Once the condition is recognized, treatment 
should be initiated. If there is any question, quantitative sudomotor axon reflex 
testing may be helpful. 
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Chapter 8 
Rotational Flaps for Rotator Cuff Repair 





Emilie V. Cheung 
Scott P. Steinmann 


Indications/ Contraindications 

Massive soft tissue tears of the rotator cuff pose significant challenges to the shoulder 
surgeon. Although most tears can be successfully repaired in a primary fashion, some 
massive tears of the rotator cuff are termed irreparable, either due to their severely 
contracted state or simply because of their size. Cofield has defined the term massive 
rotator cuff tear as greater than 5 cm, whereas others have defined it as involvement 
of at least two tendons. 


Chronic tears, commonly seen in older patients, have evidence of attritional changes 
in both the tendon substance and the muscle fibers. This has been termed fatty 
degeneration by Gerber and can be best characterized and graded based on its 
appearance on Tl weighted magnetic resonance imaging (MRI) of the shoulder in the 
oblique sagittal plane. The presence of fatty degeneration of the musculotendinous 
unit may compromise the results of even a seemingly successful repair due to poor 
tissue quality and limited regenerative capacity. The limitations of successful tendon 
repair are thus a function of the length of time since injury, the degree of tissue 
contraction, and extent of fatty degeneration. 


Management of such tears often begins with conservative management. If this fails, 


surgical management may include debridement of the cuff tear, which may result in 
satisfactory pain relief, but will not restore strength or function. Partial repair may be 
possible in some instances, but this does not restore normal function. Other options 
include allograft or synthetic tendon augmentation, but these have met with varying 
success in the literature. 


Long-standing rotator cuff tears result in altered kinematics of the glenohumeral joint, 
and rotator cuff tear arthropathy may eventually develop as a painful end-stage 
condition. Hemiarthroplasty can be a reasonable option in patients who have an intact 
coracoacromial arch limiting anterior superior escape of the humeral head. The 
reverse shoulder prosthesis has recently been shown to be an effective treatment 
option for patients with irreparable rotator cuff tears and anterior superior instability 
of the humeral head. At mid-term follow-up, improvements in range of motion and 
pain relief have been reported in the majority of cases. However, this is generally 
reserved for select indications in an elderly patient. The long-term results of this 
prosthesis have yet to be determined. 


A patient who has had a previously failed massive rotator cuff repair may be 
challenging to treat. Tendon transfers are another option for salvaging massive rotator 
cuff defects. They have the distinct advantage in their ability to restore strength, in 
addition to providing pain relief. Local tendon transpositions historically have included 
superior subscapularis, teres minor, and teres major transfers. Deltoid flap 
reconstruction has also been reported. Our preferred method of tendon transfer for 
posterior superior rotator cuff tears is the latissimus dorsi transfer. 


Gerber et al described the procedure of latissimus dorsi transfer as an option for the 
treatment of massive posterior superior rotator cuff defects in 1988. This procedure 
has been shown to restore an active external rotation and forward flexion moment at 
the shoulder, which are the primary functional deficits for this type of massive rotator 
cuff tear. 
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Latissimus transfer in cases of a failed previous rotator cuff tear results in overall 
improvement in function and pain relief, but is generally inferior to that observed 
after a primary transfer. A comparative analysis on the results of latissimus dorsi 
transfer for primary irreparable rotator cuff tears, versus for salvage reconstruction 
for a failed previous rotator cuff repair was performed by Warner and Parsons. 


Patientsa€™ satisfaction and function were superior in primary latissimus dorsi transfer 
when compared with patients undergoing salvage reconstruction of failed previous 
rotator cuff repairs. 


Subscapularis tendon ruptures occur less frequently than supraspinatus and 
infraspinatus ruptures. However, they can occur in isolation, during anterior shoulder 
dislocation, or an as extension of a massive rotator cuff tear. Our preferred method of 
tendon transfer for irreparable subscapularis tendon tears is the pectoralis major 
transfer. Combined latissimus dorsi transfer with pectoralis major transfer may be 
indicated in massive rotator cuff deficiency involving both the posterior superior cuff 
and the subscapularis. 


The primary indication for latissimus dorsi transfer is the loss of active external 
rotation due to an irreparable tear of the posterior superior rotator cuff. The patient 
is dissatisfied with increased functional demands, which are beyond the limitations of 
conservative treatment. 


The primary indication for pectoralis major tendon transfer is irreparable rupture of 
the subscapularis, characterized by retraction of the musculotendinous unit to the 
glenoid, and fatty infiltration of the muscle. In a patient with posterosuperior rotator 
cuff tear with extension of the defect into the subscapularis, isolated latissimus 
transfer is contraindicated unless there is either concomitant repair of the 
subscapularis, or transfer of the pectoralis major, to compensate for subscapularis 
dysfunction. 


Preoperative Planning 

We begin with the history and physical examination, which are essential in diagnosis 
and assessment of the nature of the rotator cuff tear. Often, the patient complains of 
pain or dysfunction with an insidious onset. Other times, the patient complains of 
fatigue during forward elevation or external rotation of the shoulder. No history of 
trauma can be recalled and the symptoms have been chronic over months or years, 
which leads us to believe that the etiology is attritional. Thus, we suspect poor tendon 
quality and the possibility of an irreparable tear. 


The physical examination of the shoulder begins by inspection of both shoulders. 
Deformity associated with anterior superior escape of the humeral head indicates 
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Although the microstrip antenna has been extensively studied in the past few decades as one of the standard planar antennas, it still 
has a huge potential for further developments. The paper suggests three areas for further research based on our previous works 
on microstrip antenna elements and arrays. One is exploring the variety of microstrip antenna topologies to meet the desired 
requirement such as ultrawide band (UWB), high gain, miniaturization, circular polarization, multipolarized, and so on. Another 
is to apply microstrip antenna to form composite antenna which is more potent than the individual antenna. The last is growing 
towards highly integration of antenna/array and feeding network or operating at relatively high frequencies, like sub-millimeter 
wave or terahertz (THz) wave regime, by using the advanced machining techniques. To support our points of view, some examples 
of antennas developed in our group are presented and discussed. 


1. Introduction 


The concept of microstrip antenna was first introduced in the 
1950s [1]. However, this idea had to wait nearly 20 years to 
be realized after the development of the printed circuit board 
(PCB) technology in the 1970s [2, 3]. Since then, microstrip 
antennas are considered as the most common types of 
antennas due to their obvious advantages of light weight, 
low cost, low profile, planar configuration, easy of conformal, 
superior portability, suitable for arrays, easy for fabrication, 
and easy integration with microwave monolithic integrate 
circuits (MMICs) [4-7]. They have been widely employed 
for the civilian and military applications such as television, 
broadcast radio, mobile systems, global positioning system 
(GPS), radio-frequency identification (RFID), multiple- 
input multiple-output (MIMO) systems, vehicle collision 
avoidance system, satellite communications, surveillance sys- 
tems, direction founding, radar systems, remote sensing, bi- 
ological imaging, missile guidance, and so on [8]. 

Despite the many advantages of typical microstrip anten- 
nas, they also have three basic disadvantages: narrow band- 
width, low gain, and relatively large size. The narrow band- 
width is one of the main drawbacks of these types of 
antennas. A straightforward method of improving the band- 
width is increasing the substrate thickness. However, surface 


wave power increases and radiation power decreases with 
the increasing substrate thickness [7], which leads to poor 
radiation efficiency. Thus, various other techniques are pre- 
sented to provide wide-impedance bandwidths of microstrip 
antennas, including impedance matching networks using 
stub [9, 10] and negative capacitor/inductor [11], microstrip 
slot antennas using the U, L, T, and inverted T slots in the 
ground plane (sometimes termed defected ground structures 
(DGSs)) [12, 13], surface wave suppressing using magneto- 
dielectric substrate [14] and electromagnetic bandgap (EBG) 
structures [15], and composite-resonator microstrip anten- 
nas using metamaterial resonators [16, 17]. Another problem 
to be solved is the low gain for conventional microstrip 
antenna element. Cavity backing has been used to eliminate 
the bidirectional radiation, thereby providing higher gain 
compared with conventional microstrip antenna [18]. Lens 
covering is an alternative way to achieve gain enhancement. 
The lens with canonical profile, like elliptical, hemielliptical, 
hyper-hemispherical, extended hemispherical, used to focus 
the radiation beam from the radiator elements. The inte- 
grated lens microstrip antenna can be treated as composite 
antenna combined by microstrip radiator elements and 
dielectric lens, which is very useful for high frequencies (mm, 
sub-mm, terahertz (THz), and optical waves) applications 


anterosuperior rotator cuff tear, which is a contraindication for latissimus transfer. 
Spinati muscle atrophy is noted, and often indicates an irreparable rotator cuff tear is 
present. A defect of the deltoid is a relative contraindication for this procedure. 
Manual motor testing of shoulder forward elevation, abduction, external rotation, and 
internal rotation are recorded. 


The hornblower's sign, or external rotation lag sign (discrepancy between active and 
passive external rotation of greater than 30 degrees), is important to recognize. A 
positive sign is highly suggestive of a massive rotator cuff tear, amenable to latissimus 
dorsi transfer. 


Another physical examination finding that is important to recognize is the lift-off test 
(the inability to actively lift the dorsum of the hand off from a resting position on the 
lower back), or belly press test (the inability to actively maintain the elbow anterior 
to the midline of the trunk as viewed from the side). An inability to perform these 
maneuvers is highly suggestive of involvement of the subscapularis in the rotator cuff 
tear. If a subscapularis tear is present and determined irreparable, then a pectoralis 
major transfer should be performed in conjunction with the latissimus transfer. 


Active and passive range of motion in forward elevation, external rotation, and 
internal rotation are documented. Loss of passive external rotation and forward 
elevation is a contraindication to this procedure. Active range of motion is also 
measured. Patients need to be able to achieve active forward elevation to 90 degrees 
to be candidates for the procedure. If the patient has pseudoparalysis and minimal 
forward elevation, the procedure will fail. The main goal of the procedure is to 
promote active external rotation to eliminate the hornblower's sign and enable the 
patient to reach the top of the head. 


It should be noted that some patients with massive cuff tears are amenable to 
conservative treatment, and eventually may experience minimal pain and satisfactory 
function, especially in the elderly 
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population. Latissimus dorsi transfer is more commonly performed in those individuals 
with higher functional demands. 


Imaging studies are useful for assessing the patient who is suspected of having a 
painful, torn rotator cuff, unresponsive to conservative treatment. Our standard 


radiographic views include a true anteroposterior (AP) view of the shoulder and an 
axillary view. The true AP view best demonstrates superior migration of the humeral 
head in the context of massive rotator cuff tears. The acromiohumeral distance 
(ACHD) is measured on this view. A normal ACHD value is 10.5 mm. An ACHD value of 7 
mm or less suggests an irreparable tear of the infraspinatus and is a strong indicator to 
consider a latissimus dorsi transfer, in the context of the previously mentioned 
physical examination findings. The true AP and axillary views demonstrate 
degenerative changes of the glenohumeral joint, which would be a contraindication to 
tendon transfer. 


Magnetic resonance imaging is commonly performed at our institution in patients with 
suspected large rotator cuff tears in whom we are considering surgical treatment. It is 
useful for assessing not only the size of the tear, but the degree of muscle atrophy and 
the degree of fatty degeneration. Advanced fatty degeneration and a massive tear 
indicate a low likelihood of successful repair, but may be considered for latissimus 
dorsi transfer with or without pectoralis major transfer. In many patients with massive 
rotator cuff tears, we are able to repair the rotator cuff tear arthroscopically. 
Therefore, in almost all patients who are candidates for a latissimus dorsi transfer, we 
recommend an attempted arthroscopic repair as the initial surgical procedure. 


Latissimus Dorsi Transfer 


Surgery 

The patient is placed in the lateral decubitus positioning with all bony prominences 
well-padded. The superior approach for rotator cuff repair in Langer's lines is used. 
Skin flaps are raised. The deltoid is split in line with its fibers or as an alternative if 
greater exposure is desired; the deltoid can be reflected from the acromion with a 
bone chip using an osteotome (Fig. 8-1). A subacromial retractor is placed to visualize 
the rotator cuff defect. Excise the subacromial bursa for optimal visualization. If the 
tear is determined to be irreparable, proceed with latissimus dorsi tendon transfer. 


A second skin incision is placed along the posterior aspect of axilla, along the lateral 
border of the latissimus (Fig. 8-2). Skin flaps are created. The latissimus and teres 
major muscles are visualized (Fig. 8-3). Dissecting distally, identify the latissimus and 
teres major tendons, which are in intimate contact (Fig. 8-4). The latissimus tendon is 


very thin as you follow its insertion into the axilla (Fig. 8-5). The teres major tendon 

can be transferred with the latissimus tendon if the subscapularis is intact and if the 

patient has extreme weakness. However, the teres major is a bulky muscle with poor 
excursion. It is difficult to pass both muscles under the acromion, and often the teres 
major will not reach the superior aspect of the humeral head. 


The latissimus tendon should be released directly off of the bone to achieve greatest 
length. This is best done with electrocautery (Fig. 8-6). Palpation of the radial nerve is 
helpful at this stage to note its location and lessen the chance of nerve injury. Note 
that the latissimus tendon is tendinous, without muscular fibers at its humeral 
attachment site. In contrast, the teres major tendon is very short, and the 
musculotendinous unit is very muscular at its attachment on the humerus. Internal 
rotation of the arm helps to bring the insertion site into view and allows for easier 
dissection. However, when the arm is internally rotated, the axillary and radial nerves 
are brought closer to the latissimus dorsi insertion, and care must be taken with this 
exposure and arm positioning (Fig. 8-7). 


Locking nonabsorbable sutures are placed into the distal end of the latissimus tendon, 
with four tails left distally for tying at the end. This step may be repeated for the 
distal end of the teres major tendon. Ensure the muscles are gliding freely with 
adequate excursion. The neurovascular pedicle of the latissimus enters anteriorly, 
about 10 to 15 cm from its musculotendinous junction. 


Identify the teres minor, triceps, and deltoid. Pass a Kelly clamp from the superior 
incision, over teres minor, and underneath deltoid, to exit through the inferior 
incision, by blunt dissection. The sutures are placed into the clamp, and the latissimus 
tendon is pulled up into the superior wound, over the superior posterior aspect of the 
humeral head (Fig. 8-8). The teres major can be passed similarly. A rongeur is used to 
remove residual soft tissue from the posterior superior aspect of the greater 
tuberosity, which will receive the transferred tendon ends. Pass the sutures through 
bone with a free curved needle, and tie over a bony bridge or use suture anchors (Fig. 
8-9). A strong repair is required since there will be a lot of tension on the repair. It is 
often helpful to tie the sutures over a small metal 
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or absorbable washer. Suture the border of subscapularis and rotator interval to the 
transferred tendon. The goal is to have a strong mechanical repair, and not necessarily 
a watertight repair. 
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FIGURE 8-1 A: The patient is placed in the lateral decubitus position with all 
bony prominences well padded. B: The superior approach for rotator cuff repair 





in Langer's lines is used. C: The deltoid is split in line with its fibers, or as an 
alternative if greater exposure is desired, the deltoid can be reflected from the 
acromion with a bone chip using an osteotome. 











FIGURE 8-2 The second skin incision is placed along the posterior aspect of axilla, 
along the lateral border of the latissimus. 




















FIGURE 8-3 The latissimus and teres major muscles are visualized inferior to the 
deltoid muscle. 
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FIGURE 8-4 Dissecting distally, identify the latissimus and teres major tendons, 
which are in intimate contact. Note that the deltoid muscle has been removed for 
illustrative purposes. 














FIGURE 8-5 The latissimus tendon is very thin, as you follow its insertion site into 
the axilla. 

















[19]. It is also well known that antenna array is an effective 
means for improving the gain [20-25]. 

The last limitation of conventional microstrip antennas 
is the relatively large size, particularly at lower microwave 
frequencies, since their operation frequencies are related to 
the electrical size of antenna. In general, the size of the rec- 
tangular microstrip antenna should be of order of a half- 
guided wavelength. This limitation was mathematically stud- 
ied by Wheeler [26] and Chu [27]. There have been nu- 
merous efforts to minimize the antenna size and obtain 
the electrically small microstrip antenna with the raised de- 
mand towards smaller and smaller wireless devices. Inductive 
or capacitive loading are effective ways to reduce the size 
of microstrip antennas [28]. In the former work, we dem- 
onstrated that the size of microstrip antenna can be minia- 
turized using composite metamaterial resonators [16, 17]. 
Magneto-dielectric substrates have been widely used to 
miniaturize microstrip antennas due to magnetic substrates 
and could provide wider bandwidths than dielectric sub- 
strates [29-32]. Fractal geometries, which are composed by 
self-similar structures, have opened an alternative way for 
antenna miniaturization [33]. 

From the above discussions, we see that many methods 
and materials are used to improve the properties of mi- 
crostrip antennas. However, there should be a relationship 
among bandwidth, gain, and size of the microstrip antennas. 
Antenna engineers have recognized that the improvement in 
one antenna property is frequently accompanied by decline 
in its other performances. For example, the antenna size is 
reduced usually at the expense of its bandwidth and gain. 
Therefore, a more comprehensive consideration must be 
given on further developments of microstrip antennas. 

In this paper, we will suggest three areas for further 
research based on our previous works on microstrip antenna 
elements and arrays [16—25, 34-41]. We first note that novel 
microstrip antenna topologies are proposed to meet the 
desired requirement of variety of potential wireless appli- 
cations, such as ultrawide band (UWB), high gain, minia- 
turization, circular polarization, multipolarized, and so on. 
Next, we discuss the composite antennas based on microstrip 
antennas which have more potent than each individual 
antenna. Finally, with the development of micro-/nano- 
machining techniques, antennas/arrays with highly integra- 
tion and with highly operating frequencies are discussed. We 
present some examples of antennas developed in our group 
to support our points of view. 


2. Variety of Microstrip Antenna Topologies 


Microstrip antennas have extensively used in commercial and 
military applications due to their attractive advantages. How- 
ever, the traditional microstrip antennas have the impedance 
bandwidth of only a few percent and radiation pattern with 
omnidirection, which obviously does not meet the require- 
ments of various wireless applications. To this end, a wide 
variety of microstrip antenna topologies, including different 
microstrip antenna element structures and different micros- 
trip array arrangements, have been studied to meet the 
desired requirement such as ultrawide band (UWB), high 
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(a) The structure of the quasi-Yagi antenna 


(b) The photograph of the quasi-Yagi antenna 


FicureE 1: Compact broad-band quasi-Yagi antenna. 


gain, miniaturization, circular polarization, multipolarized, 
and so forth. 

As we know, microstrip antennas inherently have nar- 
rower bandwidth and lower gain compared to conventional 
bulky antennas. Some microstrip antennas with special 
topologies, like quasi-Yagi, planar reflector antenna, are 
proposed to replace the conventional bulky antennas. Here, 
we will take a quai-Yagi antenna as an example to show how 
to design a planar microstrip antenna with Yagi-Uda end-fire 
radiation pattern. In addition, a microstrip array with special 
array topology is designed to get dual-polarized property. 


2.1. Compact Broad-Band Quasi-Yagi Antenna. A novel S- 
band compact quasi-Yagi antenna has been designed, fabri- 
cated and measured by our group, as shown in Figure 1. This 
antenna is composed of a printed monopole-driven element, 
a printed reflector element, and six printed director elements. 

To explain the end-fire radiation behavior of the quasi- 
Yagi antenna, a comparison of radiation patterns, among 
(1) microstrip monopole only, (2) microstrip monopole and 
a reflector, (3) microstrip monopole and a director, (4) 
microstrip monopole and a reflector with one director, and 
(5) microstrip monopole and a reflector with six director, is 
shown in Figure 2. We can observe that both the reflector 
and the director can increase the end-fire radiation, and it 
could be substantially improved by increasing the number of 
directors. 

The measured VSWR results are shown in Table 1. A 
bandwidth of 14% for VSWR less than 1.5 is achieved. The 
gain of the antenna is above 7.5 dBi, as shown in Table 2. In 
this design, we see that the microstrip antenna with special 
topology could be conveniently used to replace the bulky 
Yagi-Uda antenna. 


FIGURE 8-6 A: The teres major tendon (TM), held with the forceps, can be 
transferred with the latissimus tendon if the subscapularis is intact and if the 
patient has extreme weakness. Note the radial nerve is identified in this 
photograph with the white vessel loop. B: The latissimus tendon should be 
released directly off of the bone to achieve greatest length. C: The latissimus 
tendon has been released. Note that the deltoid muscle has been removed for 
illustrative purposes. 

















FIGURE 8-7 The axillary and radial nerves have been identified for illustrative 
purposes. 


The deltoid with its bony attachment is repaired back to the acromion with 
nonabsorbable sutures. The wound is closed in layers over a drain. 


Postoperative Management 

The arm is placed into a pillow sling for 6 weeks to remove tension from the repair. 
During this period, passive flexion and external rotation are performed with the arm in 
the brace. Internal rotation is prohibited to prevent stress on the tendon repair. 
Specific training with a physical therapist is helpful to retrain the transferred 
musculotendinous unit to contract during active external rotation and forward flexion 
of the shoulder. The ability to gain voluntary control of the transferred latissimus is 
variable, and in many instances probably functions as an interposition. Many patients 
will be able to actively recruit the muscle during external rotation and forward flexion 
after 6 months. 


Complications 

Complications after latissimus dorsi transfer have been rare. Rupture of the 
transferred tendon has been reported. Ensuring that the tension of the repair is not 
due to under-excessive tension, protection of the repair with the splint, and avoiding 
active internal rotation for 6 weeks should prevent this complication. Refixation of the 
transferred tendon may be attempted. 


Temporary axillary and radial nerve palsy has also been reported and perhaps avoided 
by careful surgical dissection and avoiding exuberant retraction of the deltoid fibers 
during exposure. 
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FIGURE 8-8 Aa€“C: The latissimus tendon has been passed under the posterior 
deltoid, up into the superior wound, and over the superior posterior aspect of the 
humeral head (HH). The teres major can be passed similarly. Note that the 
deltoid muscle has been removed for illustrative purposes. 
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FIGURE 8-9 The tendon is tied over a bony bridge at the greater tuberosity. 


Pectoralis Major Tendon Transfer 


Surgery 

Standard beach-chair positioning is used for this surgery. A deltopectoral approach is 
made, and skin flaps are created (Fig. 8-10). The torn subscapularis musculotendinous 
unit is mobilized by releasing adhesions from the base of the coracoid, the brachial 
plexus, and the subscapularis fossa. A repair of the subscapularis is attempted by 
placement of modified Mason-Allen sutures in the remaining tendon and fascial tissue 
using nonabsorbable suture. The repair to the lesser tuberosity should be made with 
the arm in neutral rotation, if possible. 


If repair is not possible, a pectoralis transfer is performed. Through the deltopectoral 
approach, the conjoint tendon, the tendon of the pectoralis major, and the anterior 
surface of the humeral head are exposed (Fig. 8-11). The tendon of the pectoralis 
major is exposed over its full length at the humerus, and the superior one-half to two- 
thirds of the tendon (depending on the size of the defect) is detached from the 
humerus (Fig. 8-12). The clavicular portion of the pectoralis major is taken for the 
transfer, and is bluntly dissected over a length of about 10 cm from the sternal portion 
of the pectoralis major, which remains intact. Modified Mason-Allen sutures are placed 
in the tendon using nonabsorbable suture (see Fig. 8-12). 
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FIGURE 8-10 A deltopectoral incision is made. 








FIGURE 8-11 A,B: Through the deltopectoral approach, the conjoint tendon, the 
tendon of the pectoralis major, and the anterior surface of the humeral head are 
exposed. 
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FIGURE 8-12 A: The tendon of the pectoralis major is exposed over its full length 
at the humerus, and the superior one-half to two-thirds of the tendon (depending 
on the size of the defect) is detached from the humerus. B: Locking sutures have 
been placed into the pectoralis major tendon. 
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FIGURE 8-13 The musculocutaneous nerve has been identified with the blue 
vessel loop, between the conjoined tendon and the pectoralis major, about 5 cm 
distal to the coracoid. 











The musculocutaneous nerve is identified by palpation, in the interval between the 
conjoined tendon and the pectoralis minor (Fig. 8-13). A reinsertion site for the 
pectoralis major tendon at the medial aspect of the lesser tuberosity is prepared with 


a rongeur. Using curved forceps, the pectoralis major muscle is advanced behind the 
conjoined tendon in front of the musculocutaneous nerve, and the tendon is attached 
to the lesser tuberosity using transosseous repair, with the arm in neutral rotation 

(Fig. 8-14). The musculocutaneous nerve is palpated within the space between muscles 
to confirm that there is no tension on the nerve. If tension is found, the size of the 
muscle belly should be reduced. The supraspinatus is sutured to the proximal border of 
the pectoralis major tendon to close the rotator interval, if possible. In most patients, 
the tendon should be long enough to permit at least 30 degrees of external rotation of 
the arm after the tendon has been sutured to the lesser tuberosity. The conjoined 
tendon has been noted to arch forward slightly. 


A proximal biceps tenodesis or release may be performed, depending on the presence 
of tendinopathy. Acromioplasty is not performed if the patient has an isolated 
subscapularis tear, or if the patient has a high likelihood of postoperative 
anterosuperior subluxation. 


Postoperative Management 

A sling is worn for 6 weeks postoperatively, and passive range-of-motion exercises are 
performed within the safe range of motion found intraoperatively starting on 
postoperative day 1. External rotation to neutral is allowed. Active range-of-motion 
exercises in all directions, including external rotation, are begun at 6 weeks 
postoperatively. Full loading is allowed at 12 weeks postoperatively. 
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— Mono + reflector + 6 director 
--- Mono 


Mono + reflector 
---- Mono + director 
roe Mono + reflector + director 


Figure 2: Radiation patterns of microstrip monopole only, mi- 
crostrip monopole and a reflector, microstrip monopole and a 
director, microstrip monopole and a reflector with one director, and 
microstrip monopole and a reflector with six director. 


TaBLeE 1: The measured VSWR of the quasi- Yagi antenna. 








Bie: Frequency (GHz) 
3:25 3.5 3.75 Inband 
1.36 1.34 1.47 <1.9 
1.37 1.26 1.49 <1:5 
3 1.36 1.25 1.48 <1.5 





TaBLeE 2: The measured gain of the quasi-Yagi antenna (unit: dBi). 








No. Frequency (GHz) 
3.25 3.5 3.75 
7.57 8.73 8.35 
7.58 8.55 8.37 
7.56 8.77 8.51 





2.2. Dual-Polarized Microstrip Antenna Array. The dual- 
polarized antenna is highly required for the radar, electronic 
countermeasure, and aerospace systems. It is known that the 
microstrip antenna can easily be integrated with microwave 
circuits and feeding network. Here, a novel Ku-band dual- 
polarization microstrip antenna array with a mixed feeding 
network, that is, the slot coupled feeding (V-port) and the co- 
plane feeding (H-port), is designed by our group, as shown 
in Figure 3. It is a three layers structure: top microstrip patch 
layer, middle stripline feeding network layer, and bottom 
coplane microstrip feeding network layer. Through proper 
array arrangement, very good isolation can be obtained. 


Stripline feeding network 









Stripline-microstrip transition 


Microstrip feeding network 





H-shape coupled slot 


0 25 50 
(mm) 


(a) The structure of the dual-polarized microstrip antenna array 





(b) The photograph of the dual-polarized microstrip 
antenna array 


Ficure 3: Dual-polarized microstrip antenna array. 
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Figure 4: The VSWR of the dual-polarized microstrip antenna 
array. 


The VSWR, radiation patterns, and the isolation between 
two polarizations of the proposed dual-polarized microstrip 
antenna array are shown in Figures 4, 5, and 6, respectively. 
The results indicate that this microstrip antenna array has a 
good impedance matching, good radiation performance, as 
well as very high isolation (less than —25 dB), which can be 
an idea candidate for the dual-polarized wireless systems. 
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FIGURE 8-14 A: The pectoralis major muscle is advanced behind the conjoined 
tendon in front of the musculocutaneous nerve. For illustrative purposes, the 
inferior half of the pectoralis tendon is not shown. B: The tendon is attached to 
the lesser tuberosity using transosseous repair, with the arm in neutral rotation. 
For illustrative purposes, the inferior half of the pectoralis tendon is not shown. 











Complications 

Avulsion of the transferred pectoralis major tendon has been reported as a potential 
complication by J ost et al. This can be diagnosed clinically and by MRI, and has been 
treated with refixation of the transfer. Postoperative infection is another rare 
complication that should be treated with open irrigation, debridement, and a 6-week 
course of antibiotics. In very thin patients, a slightly more prominent anterior bulging 
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Surgical Exposure of the Elbow Following 
Bony and Soft Tissue Trauma 
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Indications/Contraindications 

The soft tissue surrounding the elbow is thin and pliable, yet durable enough to 
withstand constant flexion and extension. Optimal functional recovery in traumatic 
elbow injuries requires early and, in many cases, immediate motion. Skin slough, 
delayed healing, and dehiscence of skin flaps following treatment of elbow fractures 
can adversely affect elbow rehabilitation, delaying motion and increasing the risks of 
infection and nonunion. Properly planned incisions can allow for excellent exposure of 
the elbow while maximizing skin flap vascularity, minimizing the risks of postoperative 
wound complications. 


Surgical exposures of the elbow typically involve a a€” universala€™ posterior incision. 
This allows circumferential access by the creation of full-thickness skin flaps medially 
and laterally as needed. This allows for all intraoperative possibilities and avoids the 
creation of skin bridges if further surgery is needed in the future. Alternatively, 
separate medial and lateral skin incisions may be performed for isolated medial and 
lateral exposure. Prior surgical procedures should be carefully noted preoperatively. 


Previous incisions may need to be incorporated in order to avoid creating narrow skin 
bridges which are susceptible to skin necrosis and potential wound complications. 


Surgery 


Patient Positioning 

In our practice, the patient is routinely placed in the supine position with a small stack 
of towels placed underneath the ipsilateral scapula, and the arm draped across the 
chest after sterile preparation. The operating table should be slightly tilted away from 
the surgeon to help with visualization and exposure. This positioning is optimal for 
fixation of distal humeral fractures, radial head fractures, and medial or lateral 
ligament reconstruction. For medial ligament or coronoid fracture fixation, the supine 
position is used, but a sterile Mayo stand is utilized to position the arm more 
accurately for medial elbow exposure. Intraoperative fluoroscopy, if indicated, is 
placed on the ipsilateral side, and the elbow may be brought out laterally from the 
chest for the fluoroscope intermittently during the procedure. A sterile tourniquet is 
usually used in all elbow approaches. This allows for ease of removal if more proximal 
exposure of the humerus is needed. Hip rests or a bean bag may provide additional 
stability. 
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Posterior Approaches 
Indications 


e Triceps repair 
e Combined medial and lateral approach 
e Distal humerus ORIF 


¢ Total Elbow Arthroplasty 


Contraindications 
Prior medial or lateral incisions. 


Incision 


The bony landmarks, including the olecranon process and the subcutaneous border of 
the proximal ulna, are marked (Figs. 9-1,9-2,9-3,9-4,9-5, 9-6). The incision starts about 
5 centimeters proximal to the olecranon process centered on the triceps tendon. It is 
then taken distally to either the lateral or medial side of the olecrenon, according to 
surgeon preference, and finishes distally following the subcutaneous border of the 
ulna. Full-thickness skin flaps are then developed, kept as thick as possible with the 
deep plane being the triceps fascia and epitenon proximally, and the forearm fascia 
and ulnar periosteum distally. If most of the surgical procedure will be on the medial 
side of the elbow, then the posterior incision should be placed to that side. Likewise, 
if a radial head fracture is being exposed, then the posterior incision should be made 
on the lateral side of the olecranon. If one chooses to err on the medial side of the 
olecranon, the incision should not be placed directly over the cubital tunnel, to avoid 
injuring the ulnar nerve. 


Deep Dissection 
The ulnar nerve is most easily found proximally between the medial intermuscular 
septum and the medial head of the triceps muscle. If the nerve is going to be 
transposed, it should be freed from proximal to distal in order to minimize damage to 
the nerve branches. Articular branches usually need to be sacrificed, but the first 
motor branch should be identified, mobilized, 
Pe 
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and preserved. The leading edge, about 1 cm, of the distal medial intermuscular 
septum is removed to prevent tethering of the nerve after being anteriorly transposed. 
The nerve is then placed into a subcutaneous pocket anterior to the medial 
epicondyle. A suture is placed in the subcutaneous tissue and secured to the fascia to 
create a sling and prevent posterior subluxation of the nerve. If the nerve is not going 
to be transposed, care should be taken to avoid destabilizing the nerve in the cubital 
tunnel by leaving the soft tissue constraints of Osborne's fascia intact. 








FIGURE 9-1 The skin is incised posteriorly with full thickness flaps raised as 
needed. 














FIGURE 9-2 The ulnar nerve is carefully released from the cubital tunnel. 

















FIGURE 9-3 The medial and lateral sides of the triceps muscle are released in 
order to fully visualize the posterior fossa and the ulnohumeral articulation. 




















FIGURE 9-4 A,B: The olecranon osteotomy is best located at the small area of 
olecranon that is devoid of cartilage. A lap sponge may be threaded between the 
humerus and ulna to avoid inadvertent cartilage damage. The osteotomy is 
started with a reciprocating saw and then finished with an osteotome. Hardware 
may be predrilled to facilitate final osteotomy repair. 














FIGURE 9-5 The osteotomied olecranon is retracted with the triceps tendon 
demonstrating near full visualization of the articular spool. 

















FIGURE 9-6 A,B: The completed tension band repair. The bent K-wires will then 
be sunk beneath the triceps tendon and the tendon repaired over them to 
minimize pin backout. 











Olecranon Osteotomy 
An olecranon osteotomy may be performed to gain full visualization of the articular 
surface of the distal humerus. 


After identification and protection of the ulnar nerve, a capsulotomy is made at both 
the medial and lateral sides of the olecranon at the apex of the greater sigmoid notch 
to locate the olecranon a€cebare area.a€* This is the area of the olecranon where the 


articular cartilage narrows and is the optimal location for the osteotomy. A lap sponge 
may be threaded under the olecrenon to protect the distal humeral articular cartilage 
from inadvertent damage. The osteotomy is created in a Chevron configuration, with 
the apex usually pointed distally using an oscillating saw. The saw is used for one-third 
of the bone cut, the second third is made with an osteotome, and the last third is 
cracked or fractured open with an osteotome to create the completed osteotomy. 
Once the osteotomy has been made, the anconeus needs to be taken off the lateral 
side of the olecranon fragment. Transection of the anconeus will denervate it. To 
avoid this problem, one technique is an anconeus flap transolecranon approach (AFT) 
which involves detaching the anconeus as a flap distally to proximally until the 
osteotomy site is reached. The osteotomy is then performed and the olecranon 
fragment and the anconeus are retracted proximally together to expose the distal 
humerus. Alternatively, the anconeus may be elevated from the proximal fragment of 
the olecranon osteotomy and elbow region with its distal attachment on the ulnar 
Shaft left intact. The anconeus is then retracted laterally while the proximal fragment 
of the olecranon osteotomy is retracted proximally, which allows ample visualization 
of the distal humerus. The osteotomy site has been reported to heal reliably with few 
complications. 
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It is advantageous to place the hardware on the proposed olecranon fragment (if using 
a cannulated screw or Kirschner wires) prior to making the osteotomy so that the tract 
of the hardware is created anatomically, which will facilitate optimal alignment of the 
osteotomy site at the end of the procedure. We use either two Kirschner wires or a 6.5 
or 7.6 mm cannulated screw and washer, with an 18 gauge tension band wire. The drill 
hole for placement of the wire is placed at an equal distance from the olecranon 
osteotomy as the distance of the osteotomy site to the tip of the olecranon. The 
osteotomy should be repaired by advancing the K-wires into the anterior ulnar cortex 
distal to the coronoid. After the K-wires have reached the anterior cortex, they are 
backed out about 5 mm and bent 180 degrees and tapped back until buried under the 
triceps tendon. The triceps may then be sutured over the wires to discourage backing 
out. Alternatively, a precontoured olecranon plate may be utilized for fixation. 


Bryan-Morrey triceps reflecting approach 
After identification and protection of the ulnar nerve, a periosteal elevator is used to 
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Ficure 5: The radiation patterns of the dual-polarized microstrip antenna array at the center frequency. 
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Ficure 6: The isolation of the dual-polarized microstrip antenna 
array. 


3. Microstrip-Antenna-Based 
Composite Antenna 


As many antenna designers have found, it is not easy to 
design an antenna to meet the user-defined stringent per- 
formance requirements demanded by special wireless appli- 
cations like military radars, surveillances, and missile guid- 
ance, if only one type of antenna is considered. This dif- 
ficulty may require the use of two more different types or 
structures of antenna elements with different characteristics. 
Composite antenna formed by two more types or structures 
of antennas is particularly suitable for these applications due 
to more advantages offered by different types or structures of 
antennas. For example, it is a challenging task to use single 
type of antenna to design a dual-band dual-polarization 
antenna for satellite digital multimedia broadcast (S-DMB) 
application [36]. A composite antenna composed with a 
left-handed circularly polarized (LHCP) microstrip antenna 
and a linear polarized omnidirectional biconical antenna 






Dielectric 


Groove guide 


Figure 7: The structure of the DCWS. 


is proposed by our group to meet this requirement [36]. 
Another example of composite antenna is comprised of a 
dielectric lens and microstrip log-period antenna, which has 
been widely applied to THz systems (this type of antenna 
will be further discussed in Section 4.2). Here, we will give 
an example of composite antenna with “structure composite” 
method. 


3.1. Monopulse Circular-Polarized Dielectric Complex Waveg- 
uide Slot Antenna Array. Waveguide slot antenna array has 
been widely used for wireless system, due to its advantages 
of high radiation efficiency, high power capacity, and high 
reliability. However, it is hard to overcome the disadvantage 
of high cost of fabrication. 

One composite antenna with waveguide slot antenna 
array property, termed dielectric complex waveguide slot 
(DCWS), is composed with slot microstrip line and groove 
guide, as shown in Figure 7. The slot microstrip line is 
formed by a metal clad dielectric substrate and slots etched 
in the metal. This composite antenna not only maintains the 
advantages of the traditional waveguide slot antenna array 
but also has the characteristics of high consistence, easy for 
fabrication, and low cost. 


dissect the triceps muscle, including the medial and lateral margins of the triceps 
muscle, from the posterior humeral cortex. The triceps tendon is sharply dissected 
through Sharpey's fibers directly off of the olecranon starting medially and extending 
laterally. It is helpful to use a Beaver blade scalpel to sharply dissect the triceps 
tendon off of bone. The fascial overlying Kocher's interval is identified and 
longitudinally split. The triceps tendon and anconeus should be reflected medially to 
laterally, ending at Kocher's interval. The triceps may be removed with a thin wafer of 
bone as well, but this is not our standard practice. At the end of the procedure, the 
triceps tendon is repaired back to the olecranon using two transosseous drill holes 
placed in a cruciate configuration and one additional drill hole placed in a transverse 
orientation with nonabsorbable suture. The repair should be protected postoperatively 
by avoiding active elbow extension against resistance for a minimum of 6 weeks. 


Van Goerder approach 


After identification and protection of the ulnar nerve, the triceps tendon is identified 
several centimeters proximal to its insertion on the olecranon and a Chevron-shaped 
transection of the tendon is performed with the apex proximal. This is repaired at the 
end of the procedure with nonabsorbable suture. The repair should be protected 
postoperatively by avoiding active elbow extension against resistance, and avoiding 
passive stretching in positions of terminal elbow flexion for a minimum of 6 weeks. 


Trap approach 

The trans-anconeus pedicle flap (TRAP) approach requires a longer skin incision 
distally along the subcutaneous border of the ulna. The anconeus muscle is identified 
along the lateral aspect of the subcutaneous border of the ulna, and released by sub- 
periosteal dissection from its insertion on the ulna. The muscle is released in its 
entirety distally to proximally. It is reflected proximally to afford visualization of the 
distal humerus. 


Medial Approach 
Indications 


¢ Ulnar nerve pathology 


e Capsular release for stiffness 


« Need to preserve the lateral ulno-humeral ligamentous complex 


Contraindications 


« Need for access to radial head or lateral ligaments 


Incision 

The medial exposure can use either the posterior or medial-posterior skin incision 
(Figs. 9-7 and 9-8). Once again, the skin incision can be tailored to work with need for 
exposure of other structures or existent scars from prior exposures. 


Identification of the ulnar nerve is necessary for an adequate and safe medial 
exposure. The nerve should be identified proximally and subsequent dissection carried 
distally. In revision surgery and cases with a prior transposition, it is especially helpful 
to identify the nerve in a normal area prior to the dissection from scarred tissue. Once 
the nerve is safely identified, the medial supracondylar ridge is palpated along with 
the overlaying medial intermuscular septum. The medial antebrachial cutaneous nerve 
will be found on the fascia anterior to the septum. This should be protected to avoid 
postoperative neuroma formation. 
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FIGURE 9-7 A skin incision is made and the subcutaneous fat is elevated from the 
forearm fascia. Care is taken to protect the medial antebrachial cutaneous nerve 
that lies in the subcutaneous adipose tissue. 








The medial intermuscular septum is identified along with the medial supracondylar 
ridge. The brachial fascia is incised along the anterior aspect of the septum and the 
flexor-pronator group is released from the supracondylar ridge. Distally the flexor 
group is split leaving the posterior aspect of the flexor carpi ulnaris in place. The 
muscle group can be elevated off the anterior capsule and extend all the way across to 
the lateral aspect of the joint. A cuff of tissue may be left on the ridge, so that the 
muscle group can be repaired at the end of the procedure. The dissection is 
subperiosteal, deep to the brachialis so that the brachial artery and median nerve are 
protected. 











FIGURE 9-8 A,B: The median nerve is found lateral and deep to the flexor 
pronator group with the lateral antebrachial cutaneous nerve even more lateral. 











Medial Coronoid Approach 
Indications 


e Fixation of coronoid fractures 


Incision 
The medial coronoid can be easily exposed through the floor of the cubital tunnel 
(Figs. 9-9,9-10, 9-11, 9-12,9-13). The posterior or medial approach is used to expose the 
ulnar nerve. The nerve is gently dissected and may be anteriorly transposed as 
previously described. It may be secured to a fasciocutaneous sling during fracture 
fixation to avoid excessive manipulation and inadvertent traction during the 
procedure. The nerve may be left in place if there are no concerns for neuropathy and 
as long as it is not destabilized. The two heads of the flexor carpi ulnaris (FCU) are 
split. The anterior half is retracted anteriorly, and the posterior half is retracted 
posteriorly in order to expose the coronoid. 
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The anterior band of the medial collateral ligament (MCL) is usually attached to a 
large anteromedial coronoid fragment. Care should be taken not to detatch the 
ligament from this fragment. If the capsular attachments are intact, the surgeon can 
judge fracture reduction based on realignment of the metaphyseal fracture fragments. 
The dissection of the flexor carpi ulnaris muscle fibers from the medial collateral 
ligament should start distally and the muscle should be brought proximally to avoid 
damaging the ligament and potentially destabilizing the elbow. The insertion of the 
MCL on the sublime tubercle should be evident. The coronoid will be in the deep 
portion of the wound, anterior to the ligament. 














FIGURE 9-9 The ulnar nerve is released from the cubital tunnel in the standard 
fashion, taking care to split the FCU between the two heads. In this photograph, 
Osborne's ligament overlying the cubital tunnel has been released. 
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FIGURE 9-10 Aa€“C: The nerve is gently retracted posteriorly and the ulnar head 
of the FCU is carefully dissected off of the medial collateral ligament (MCL), 
exposing the coronoid. 














FIGURE 9-11 The medial collateral ligament is nearly fully visualized by peeling 
the humeral head of the FCU laterally and superiorly. 














FIGURE 9-12 Utilizing the full extent of this exposure affords access to the 
coronoid, the medial collateral ligament, and even limited access to the posterior 
fossa. 














FIGURE 9-13 Entire coronoid may be seen. A full view of the MCL can be achieved 
including the medial epicondyle as well as the sublime tubercle. 











Alternatively, if there is a large coronoid fragment, the FCU may be reflected 
anteriorly using subperiosteal dissection from the proximal ulna including the flexor- 
pronator mass proximally, as described by Taylor and Scham. Care must be taken to 
protect the ulnar nerve, which may need to be transposed when this approach Is used. 


Lateral Approaches 
Indications 


e Radial head ORIF, resection, or replacement 
« Lateral epicondylitis debridement 
¢ Repair of lateral ulnocollateral ligament 


e Release of contractures 


Contraindications 


e The need to approach medial pathology 
e Ulnar nerve involvement 


e Medial humeral condyle fractures 


Incision 

The lateral approach to the elbow has become a standard means to gain access to the 
elbow joint (Figs. 9-14,9-15, 9-16, 9-17, 9-18, 9-19, 9-20, 9-21,9-22). The deep lateral 
approach was initially described by Kocher in 1911 and has been subsequently modified 
by Cohen, Hastings, and Morrey in its extensile exposure to preserve the lateral 
collateral annular ligament complex. 


There are several different variations of the lateral exposure. The direct lateral, the 
LCL preserving, Kocher's approach, and the Mayo Modification have all been described. 
The general principle and anatomic intervals, however, are the same and are 
described here. 


This approach to the radial head splits the lateral annular ligament complex and stays 
anterior to the lateral ulnar collateral ligament. The skin incision is placed either as a 
posterior incision with a large full-thickness lateral flap, or the incision is placed along 
the lateral epicondyle over the radial head to the lateral aspect of the ulna. Skin flaps 
are created over the antebrachial fascia. 


Kocher's interval 

The interval between the extensor carpi ulnaris (ECU) and the anconeus is identified. 

The fascia is incised from the lateral epicondyle distally following the junction of the 

ECU and anconeus. Care is taken to elevate the ECU anteriorly and the anconeus 

posteriorly. The capsule is incised along the anterior border of the lateral 

ulnocollateral ligament, about 1 cm above 
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the crista supinatorius. Care should be taken during this dissection in order to preserve 
the lateral collateral ligamentous complex, and avoid destabilizing the elbow. 








FIGURE 9-14 A lateral or posterior skin incision may be used. The skin and 
subcutaneous tissues are carefully removed from the investing fascia. Special 
attention should be taken to avoid damage to the lateral antebrachial cutaneous 
nerve, which will travel within the fat at the distal aspect of this incision. 
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(a) The structure of the monopulse circular-polarized DCWS antenna 
array (separating view) 





(b) The photograph of the monopulse circular-polarized 
DCWS antenna array. 


Ficure 8: Ka-band monopulse circular-polarized dielectric com- 
plex waveguide slot (DCWS) antenna array. 


A Ka-band monopulse circular-polarized dielectric com- 
plex waveguide slot (DCWS) antenna array is designed, 
fabricated, and measured by our group, as shown in Figure 8. 
It consists of a circular polarization grid, a slot microstrip 
array, and a groove guide and feeding network. The slot 
microstrip array is fabricated on a Rogers 5880 film with 
dielectric constant of 2.2 and the thickness of 0.254 mm. The 
measured results of VSWR of sum and different port are 
shown in Figure 9. Figure 10 shows the measured radiation 
pattern at the center frequency. Some important array 
performance parameters such as gain, null depth and axial 
ratio (AR) are also given in Table 3. As shown in the 
measured results, very good performance can be obtained 
with the DCWS antenna array. The radiating efficiency of 
the DCWS antenna array is 80%, which is almost the same 
as the traditional waveguide slot antenna array. Moreover, 
the DCWS antenna array has 40% larger bandwidth than the 
traditional waveguide slot antenna array. 


4. Highly Integration and Highly Operating 
Frequency Antennas Based on Advanced 
Machining Techniques 


It is known that the microstrip antenna was first fabricated 
using PCB technology in 1970s, nearly 20 years after its 
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Figure 9: The VSWR of sum and difference port of the monopulse 
circular-polarized DCWS antenna array. 
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Figure 10: The radiation pattern of the monopulse circular- 
polarized DCWS antenna array at the center frequency. 


concept was first presented in 1950s [1-3]. Clearly, the 
development of microstrip antennas is closely related with 
the machining techniques. Recently, various machining tech- 
niques, including multilayer printed circuit board (MPCB), 
complementary metal oxide semiconductor (CMOS), low- 
temperature cofired ceramics (LTCC), and micro-electro- 
mechanical systems (MEMS), are highly developed, opening 
opportunities for innovative antennas, such as active anten- 
nas, reconfigurable antennas, metamaterial-based antennas, 
THz antennas, and so forth. With the availability of high- 
precision and high-speed advanced machining techniques, 
microstrip antennas are growing towards highly integration 
of antenna/array and feed network and operating at relatively 
high frequencies. Since they are all based on the advanced 





Incision in common 
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FIGURE 9-15 An alternative to the Kocher's approach is to split the common 
extensor group at the equator of the radiocapitellar joint. This decreases the 
likelihood of disrupting the lateral collateral complex. 
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FIGURE 9-16 A traditional Kocher incision is made between the anconeus and the 
extensor carpi ulnaris (ECU). Care is taken to develop this interval between the 
lateral collateral ligament complex (LCL) and the ECU. 














FIGURE 9-17 The extensor origin is dissected from the LCL. 




















FIGURE 9-18 A,B: The capsule is incised anterior to the equator of the radial 
head in order to preserve the LCL complex. 














FIGURE 9-19 Excellent exposure of the radial head and neck is achieved. When 
retracting the anterior structures, pronating the forearm will reduce tension on 
the posterior interosseous nerve. 























FIGURE 9-20 Aa€“D: The radial nerve can be found proximally as close as 4 
fingerbreadths (9 cm) proximally from the lateral epicondyle. The safe zone for 
the PIN is within 2 fingerbreadths (4 cm) distal of the radial head. 

















FIGURE 9-21 A,B: The lateral approach can be extended by continuing the 
dissection proximally on both the anterior and posterior side of the lateral 
humerus. Once again, one must be mindful of the LCL origin at all times. 














FIGURE 9-22 A,B: The brachioradialis is elevated anteriorly allowing for full 
visualization, even of the coronoid. 











This exposure can then be extended both proximally and distally as in the case of a 
lateral ulnar collateral ligament reconstruction. The proximal dissection is achieved by 
elevating the common extensor tendon off the supracondylar ridge. The radial nerve is 
usually found proximally as close as 4 finger breadths (8 cm) above the lateral 
epicondyle, or on average (10 cm) in men from the articular surface. Distally, the 
posterior interosseus nerve will be found in the area of the radial neck about 2 finger 
breadths (4 cm) distal to the radiocapitellar joint. 


Postoperative Management 
Elbow rehabilitation is determined by fracture stability and concomitant ligamentous 
injury. 


Complications 

Flap necrosis, dehiscence, and wound infection are complications of any surgical 
incision surrounding the elbow. If the skin has been significantly traumatized prior to 
elbow exposure, skin slough and partial flap loss should be suspected and early wound 
examination should be performed to prevent wound infection. Many times partial skin 
loss may be treated with local wound care and dressing changes; however, if 
underlying vital structures are exposed, alternative means of wound closure must be 
considered. For exposed hardware, prosthesis, or nerve we favor aggressive wound 
debridement and early coverage with either the anconeus, a pedicled radial forearm 
fasciocutaneous flap, or latissimus flap. 
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Chapter 10 
Radial Forearm Flap for Elbow Coverage 





Kodi K. Azari 
W. P. Andrew Lee 


Indications/Contraindications 

Soft tissue defects involving the posterior aspect of the elbow are not uncommon and 
can be challenging to manage. Tissue defects can be from trauma, burns, post- 
oncologic resection, pressure ulcers, extravasation injury, chronic bursitis, or chronic 
infection (4,7,15). In addition, elbow prosthetic devices can be exposed with 
devastating consequences. The goals of treating posterior elbow soft tissue defects is 
to provide wound closure, decrease the risk of infection, decrease edema, and allow 
the initiation of early rehabilitation (2,12). The soft tissue reconstruction must be 
aesthetically acceptable, durable, and elastic enough to allow for the constant 
unhindered movement of skin over the olecranon with elbow flexion and extension (7). 


Many soft tissue reconstructive options exist and must be tailored to the needs of the 
patient's wound characteristics. Superficial wounds can be addressed by primary 
wound closure. Wounds with exposed a€cewhite structuresa€* such as tendons, 
neurovascular structures, bone, and joint will necessitate flap coverage (9). Available 
flap options include regional muscle and musculocutaneous flaps, distant staged 
pedicle flaps, and microvascular free tissue transfer (8). Although these flaps are 
useful for elbow soft tissue coverage, they can carry significant morbidity. For 
example, regional muscle and musculocutaneous flaps necessitate the harvesting of a 


functional muscle; distant pedicle flaps (such as the groin or thoracoepigastric flap) 
require the binding of the extremity to the flank for several weeks with significant 
discomfort and ensuing stiffness; and free flaps introduce the added complexity of 
microsurgery and prolonged surgical time (4,8). Because of the liabilities of the 
previously mentioned flaps, local fasciocutaneous flaps have gained popularity (10), of 
which the proximally based radial forearm flap is the recognized workhorse for elbow 
soft tissue coverage (8). 


The radial forearm flap is composed of the skin, subcutaneous fat, and fascia that, if 
needed, can be elevated to include the entire volar surface of the forearm (13) (see 
Fig. 10-2). This is a reliable flap with a rich arterial supply from the septocutaneous 
perforator branches of the radial artery (see Fig. 10-3). The deep venous drainage for 
the flap is provided by the paired venae comitantes that run parallel with the radial 
artery and the superficial venous drainage is by branches of the cephalic vein. The 
radial forearm flap is versatile because it may be transposed either in the radial or 
ulnar direction and can be made sensate by encompassing the cutaneous nerves of the 
forearm. Furthermore, this flap can provide stable soft tissue coverage while still 
preserving elbow range of motion. 


Contraindications to the use of the radial forearm flap include any injury to the radial 
artery, severe forearm soft tissue injuries, and inadequate collateral flow to the hand 
and thumb. A possible relative contraindication is recent cannulation of the superficial 
venous system of the upper extremity, as this may result in venous thrombus formation 
in the flap and subsequent venous congestion (5). 
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Preoperative Planning 


Preparation of the Wound Bed 

In cases of complex elbow wounds, it is extremely important to gain control over the 
wound before definitive soft tissue reconstruction. Osseous injuries and dislocations 
need to be stabilized with appropriate internal or external fixation and ligament 
reconstruction. When soft tissue injuries are present, it is mandatory to perform serial 
debridement of devitalized tissues until only viable tissues remains. Infections require 
appropriate debridement and culture-specific antibiotic coverage. It should be noted 
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(a) Schematic side view of the structure of the high 
integrate broadband microstrip antenna array 





(b) The photograph of the high integrate broadband 
microstrip antenna array 


Figure 11: Ku-band high integrate broadband microstrip antenna 
array using MPCB technology. 
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Ficure 12: The VSWR of the high integrate broad-band microstrip 
antenna array using MPCB technology. 


machining techniques, we suggest that a third research area 
of microstrip antennas is constantly introducing novel ad- 
vanced machining techniques. In the following, two exam- 
ples will be presented to show how important the advanced 
machining technique is to fabricate microstrip antennas. One 
is the highly integrate broad-band microstrip antenna array 
fabricated using MPCB technology. Another is THz wave 
planar integrated active microstrip antenna using MEMS 
technology. 
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Figure 13: The gain of the high integrate broad-band microstrip 
antenna array using MPCB technology. 


TABLE 3: The measured data of the monopulse circular-polarized 
DCWS antenna array. 








Fre. (GHz) Gain (dBi) Null depth (dB) AR (dB) 
fo — 0.2 22.8 =37.3 3.8 
fo 21.9 —29.9 2.9 
fo+ 0.2 22.1 —26 Al 





4.1. High Integrate Broad-Band Microstrip Antenna Array 
Using Multilayer Printed Circuit Board (MPCB) Technology. 
Recently, with the development of the multilayer printed 
circuit board (MPCB) technology, the microstrip antennas 
can be designed and fabricated from one-dimensional (1D) 
to 2D and even 3D structures. 

Based on the MPCB technology, a high integrated broad- 
band Ku-band microstrip antenna array is designed, fabri- 
cated, and measured by our group, as shown in Figure 11. 
This antenna consists of a parasitic patch, a driven patch, 
a stripline feeding network, a broad-band coaxial line to 
stripline transition, some buried screw holes, and some via 
holes. The feeding network is integrated in the bottom of the 
substrate of the antenna. As all of the structures fabricated at 
once, the accuracy and the uniformity can be assured. Two 
antennas of this type are measured. The measured VSWR, 
gain, and radiation pattern at the center frequency are shown 
in Figures 12, 13, and 14, respectively. The measured results 
show that this antenna maintains good radiation and match- 
ing performances with relative bandwidth of 13%. They have 
also shown good uniformity by using MPCB technology. 


4.2. THz Wave Planar Integrated Active Microstrip Antenna 
Using Micro-Electromechanical Systems (MEMSs) Technology. 
THz waves typically include frequencies between 0.1 THz 
and 10 THz. THz technology is now becoming a promising 
technology which has potential applications in many fields, 
such as short-range communication, biosensor, imaging, 


that meeting the above requisites as quickly as possible will allow for earlier definitive 
vascularized wound coverage with radial forearm flap and thus afford a more 
successful functional outcome. 


Assessment of the Arterial Vascularity of the Hand 

It is imperative to assess the arterial vascularity of the hand by performing a modified 
Allen's test before performing the radial forearm flap. A modified Allen's test is 
performed by occluding the radial artery at the wrist crease and evaluating the 
perfusion of the digits using a hand-held pencil Doppler. In particular, one must ensure 
that there are Doppler signals to the thumb digital arteries once the radial artery is 
occluded. If the modified Allen's test shows evidence of vascular insufficiency, then 
one must be prepared to reconstruct the arterial tree using a saphenous vein graft or 
choose a soft tissue reconstruction technique other than the proximally based radial 
forearm flap. 


Surgery 


Patient Positioning 

For optimal position, patients are placed supine on the operating room table. The 
entire upper extremity from axilla to hand is prepped and draped in standard surgical 
fashion, and a sterile proximal arm tourniquet applied. 


Technique 

The course of the radial artery is marked by drawing a line from the center of the 
anticubital fossa to the radial border of the proximal wrist crease (where the radial 
artery pulse is palpable) (Fig. 10-1). A skin island that is the shape and slightly larger 
than the periolecranon defect is designed and centered along the central axis of the 
radial artery (Fig. 10-2). The limit of the flap width is the radial and ulnar borders of 
the volar forearm and can extend from the antibrachial fossa to a few centimeters 
proximal to the distal wrist crease. The exact position of the flap is determined by a 
using a nonstretchable template with the antibrachial fossa as the pivot point of the 
vascular leash (Fig. 10-3). 


Usually, the distal incision is made first and the radial artery and accompanying venae 





comitantes that reside between the flexor carpii radialis (FCR) and brachioradialis (BR) 
tendons are isolated and divided. The cephalic vein, which lies radial to the 
brachioradialis tendon, is also isolated and divided. 








FIGURE 10-1 The course of the radial artery and venae comitantes is marked by 
drawing a line from the center of the anticubital fossa to the radial border of the 
proximal wrist crease. 

















FIGURE 10-2 A skin island that is the shape and slightly larger than the 
periolecranon defect is designed and centered along the central axis of the radial 





artery. The medial cutaneous (MC) or lateral cutaneous (LC) nerves of the 
forearm can be included in the skin paddle to form an innervated neurosensory 
flap. 


The proximal incision of the flap is made and the radial artery is identified between 
the FCR and BR. Care should be taken not to injure the cephalic vein (or the medial or 
lateral cutaneous nerves if the radial forearm flap is designed as an innervated 
neurosensory flap) (see Fig. 10-2). Next, the ulnar incision is made and carried to the 
tissue plane deep to the deep forearm fascia. This subfascial plane is developed and 
the flap is raised from ulnar to radial off the underlying flexor carpii ulnaris, flexor 
digitorum sublimus, palmaris longus, and flexor carpli radialis muscles. It is imperative 
to preserve the paratenon of the tendons to allow skin graft coverage of the flap donor 
site. The dissection is carried ulnarly until the radial border of the FCR. At this 
important juncture the intermuscular septum carrying the septocutaneous branches of 
the radial artery is identified and carefully preserved (Fig. 10-4). 


The radial border incision is made and the subfascial dissection is carried ulnarly. The 
brachioradialis muscle is retracted laterally allowing for the identification of the radial 
artery, intermuscular septum, and superficial radial sensory nerve. In the upper border 
of the flap, the cephalic vein is located and integrated in the flap for added venous 
drainage. The flap is next elevated and the radial artery, venae comitantes, cephalic 
vein, and medial or lateral cutaneous nerves (for an innervated sensory flap) are 
dissected proximally to an appropriate pivot point that allows for a tension free flap 
transfer (Fig. 10-5). 


The tourniquet is released and the vascularity of flap is ascertained. In cases where 
large flaps are required, the perfusion of the peripheral flap skin can be evaluated by 
the administration of intravenous fluorescein. Initially a small test dose of 100 mg is 
given, and the patient's vital signs are closely monitored for 20 minutes. If there is no 
evidence of hemodynamic instability, then the full dose of 10 mg/kg is administered 
and the skin paddle evaluated 10 minutes later under ultraviolet light (Wood's lamp). 
The extreme areas of the flap that appear dark and do not fluoresce are sharply 
trimmed. 








FIGURE 10-3 A,B: The exact position of the skin paddle is established by a using a 
nonstretchable template with the antibrachial fossa as the pivot point of the 
vascular leash. 




















FIGURE 10-4 View from an ulnar to radial subfascual dissection demonstrating the 
radial artery (RA), intermuscular septum (IMS) through which septocutaneous 
perforator branches of the radial artery traverse, and flexor carpii radialis tendon 
(FCR). 

















FIGURE 10-5 This figure demonstrates a flap that has been dissected proximally 
to an appropriate pivot point that will allow a tension free flap transfer. Note the 
vascular pedicle containing the radial artery (RA) and venae comitantes (VC). The 
cephalic vein (CV) was included in this flap for venous drainage augmentation. 
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FIGURE 10-6 Once the vascular pedicle is dissected to an appropriate pivot point, 
the flap can be transposed to the posterior elbow region from either an ulnar (A) 
or radial (B) direction. 


When certain that the flap is well perfused, the flap is transferred from either an 
ulnar or radial direction through a subcutaneous tunnel to the elbow and inset with 
interrupted suture (Fig. 10-6). After obtaining meticulous hemostasis, we routinely 
attempt to cover the exposed tendons with local flexor tendon muscle bellies and soft 
tissues. This is followed by unmeshed split-thickness skin graft coverage of the entire 
donor site (Fig. 10-7). 


A case of a proximally based neurosensory radial forearm flap for soft tissue 
reconstruction of the periolecranon region is illustrated in Figure 10-8. 


Postoperative Management 

Immobilization and elevation are absolutely critical in the postoperative management 
of elbow reconstruction with the radial forearm flap. A nonconstricting and bulky 
above-elbow splint (including fingers) is applied with a window cut out for accessibility 
and inspection of the flap. The elbow is held at 90 degrees, and the digits are placed 
in the position of safety. The digits are immobilized to prevent shear forces on the 
forearm donor site skin graft by tendon excursion. To help decrease postoperative 
edema and the possibility of the patient exerting pressure on the flap while asleep, 
the arm can be hung from an intravenous fluid pole. For the first 3 postoperative days, 





the flap is evaluated on a frequent (every 4 to 8 hr) basis for capillary refill and the 
absence of venous congestion. The splint and the donor site bolster are removed on 
postoperative day 5 when capillary inosculation of the skin graft has occurred. 
Thereafter, a soft dressing is applied and the skin graft and flap 
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suture lines are kept moist with bacitracin ointment. Digital and elbow range of 
motion are gently begun and progressively increased. 








FIGURE 10-7 The forearm donor site is covered with an unmeshed split-thickness 
Skin graft. 











FIGURE 10-8 A 32 year old male with significant injury to the elbow from a 
shotgun assault. Following appropriate bone stabilization with external and 
internal fixation (A) he developed wound dehiscence and hardware exposure (B). 
An innervated neurosensory radial forearm flap was designed incorporating the 
medial cutaneous nerve of the forearm (C) and inset through a subcutaneous 
tunnel (D). 


Results 

Case reports of soft tissue reconstructions about the elbow region can be found in the 
medical literature. Hallock (6) described two cases of chemotherapy extravasation and 
exposure of hardware with successful healing following radial forearm flap. Thornton 
(13) reported a case of olecranon osteoradionecrosis treated with the radial forearm 
flap resulting in early elbow range of motion and complete healing. Small and Miller 
(11) present three cases in elderly patients to illustrate the utility of the radial 
forearm flap. One patient had an established infection with radial head and lateral 


epicondyle ischaemia. Despite aggressive treatment this patient died 32 days 
postoperatively from sepsis. Another patient with a crush injury developed an 
ankylosed elbow that was free of pain and infection. Meland (7) reported successful 
pedicled radial forearm flap coverage for three patients with recalcitrant about the 
elbow defects in whom one or more previous flaps had failed. Tizian (15) reported the 
use of proximally based radial forearm flap in 14 patients. All patients showed 
complete healing of the periolecranon region and forearm donor site with unrestricted 
elbow range of motion. In a recent comparative review by Chondry and colleagues, the 
radical forearm flap provided excellent coverage of moderate size defects of the 
elbow. The flap was associated with fewer complications when compared to the 
pedicled latissimus dorsi flap (1). 
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Complications 

A major, yet rarely encountered complication of the radial forearm flap is ischemia of 
the hand. A meticulous preoperative Doppler examination of the hand using the 
modified Allen's test should identify patients who are at risk. However, if arterial 
insufficiency of the hand is encountered once the flap is elevated, the radial artery 
needs to be reconstructed using an interposed vein graft. A great saphenous vein graft 
anastomosed end-to-side proximally and end-to-end distally is the authors preferred 
method. 


Other major complications include flap ischemia and congestion. In both of these 
instances careful evaluation of the flap is mandatory to ensure that the subcutaneous 
tunnel is adequate, the skin paddle is not under excessive tension or external 
pressure, and there is no undue stretching or twisting of the vascular pedicle. 


Donor site problems are one of the most common complications of the radial forearm 
flap. These complications can include hypertrophic scarring, poor skin graft take, and 
tendon loss (3,14). As mentioned previously, it is imperative to preserve the flexor 
tendon paratenon and attempt to cover exposed tendons such as the FCR with local 
muscle bellies and soft tissue advancement. If there is inadequate skin graft take and 
tendon exposure, local dressing changes with saline-dampened gauze are initiated to 
prevent tendon desiccation until the wound healing by secondary intention is 
complete. In rare cases, secondary flaps may be required to cover exposed tendons in 
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(b) H-plane 


Ficure 14: The radiation pattern of the high integrate broad-band microstrip antenna array using MPCB technology at the center 


frequency. 
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(a) The photograph of the THz monolithic antenna 





(b) The photograph of the THz monolithic antenna 
covered by a dielectric lens 


Figure 15: THz wave planar integrated active microstrip antenna 
using micro-electromechanical systems (MEMSs). 


national security, space exploration and communication, 
and so forth [39-46]. To realize THz transceiver system, 
antenna is an essential component. We often use horn anten- 
na, lens antenna, and dielectric parabolic antenna, for THz 
systems. However, they are not easy to integrate with mono- 
lithic integrate circuits. Although the microstrip antenna 
has the merits of small volume, light weight, and easy 


integration with circuit, it is difficult to be processed in 
such high-frequency regions. MEMS technology opens the 
way to design of THz antennas, circuits, and systems. THz 
monolithic antenna fabricated using MEMS technology and 
covered by a dielectric lens, which can be considered a 
composite antenna, are designed, fabricated, and measured 
by our group, as shown in Figure 15. 

Diodes have the functions of mixing and/or modulating 
the carrier-wave signal. It is an effective way to reduce the 
propagation path for detectors application by integrating 
the diode and microstrip antenna. The extended hyper- 
hemispherical dielectric lens is used to increase the gain 
of the microstrip antenna. An antenna-coupled detector 
integrated with a dielectric lens is designed and fabricated up 
to THz range by our group. The planar microstrip log-spiral 
antenna and log-period antenna have been fabricated using 
micro-electromechanical systems (MEMSs) technology. The 
photographs of the antennas are demonstrated in Figure 15. 
The measured responses of the antenna-coupled detector 
working at different frequency bands are shown in Figure 16, 
which can be considered to determine the effective operating 
frequencies [19, 40]. This detector gave a valid response 
from 12 GHz to 110 GHz frequencies. The results prove the 
validity and feasibility of the THz antenna designed using 
micro-electromechanical systems (MEMSs ) technology. 


5. Conclusion 


The advantages and disadvantages of microstrip antennas are 
discussed in this paper. In particular, three areas for further 
development of microstrip antennas are presented based 
on our previous works on microstrip antenna elements and 
arrays. Variety of microstrip antenna topologies and micros- 
trip-antenna-based composite antenna are discussed, and 


the forearm. Other reported donor site complications can include injury to the radial 
sensory nerve or hand swelling and stiffness (14). 


Conclusion 

Soft tissue defects of the posterior elbow are not uncommon and can often be difficult 
to reconstruct. Although a multitude of reconstruction options are available, each 
patient needs to be individualized. The advantages of the pedicled radial forearm 
fasciocutaneous flap for the management of elbow defects include ipsilateral donor 
site and scar, relatively simple dissection, long vascular pedicle that allows a wide arc 
of rotation, ability to make into a neurosensory flap by including forearm cutaneous 
nerves, no requirement for microsurgical expertise, ease of postoperative limb 
positioning, and highly reliable and vascularized tissue that is an excellent option even 
in the setting of osteomyelitis (7). 
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New York: Churchill Livingstone, 1997. 
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Pedicled and Free Latissimus Flap for Elbow 
and Forearm Coverage 
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Indications/Contraindications 

The latissimus dorsi (LD) has proven to be a reliable muscle in the coverage of soft 
tissue defects about the shoulder and elbow. Familiarity with this muscle and its 
application in cases of trauma is essential for all upper extremity surgeons. The 
major arterial inflow and venous outflow for the LD flap is based on the 
thoracodorsal artery and venae comitantes. The average diameter of the 
thoracodorsal artery is 2.5 mm, and that of venae comitantes is 3.0 mm. The 
average length of maximum vascular pedicle is 12 cm, which can be obtained by 
dissecting the thoracodorsal vessels toward the proximal axillary artery and vein. 


The indication for the use of the LD flap to the elbow and forearm is to cover a 
large skin and soft tissue defect that cannot be managed with local flaps. In cases 
in which vital muscle structures were damaged, the LD flap can provide coverage of 
soft tissue defects, as well as functional muscle transfer to restore of elbow, wrist, 
and finger motion. Unstable soft tissue coverage over elbow fracture or recalcitrant 
infection around the elbow may also be amenable to the LD flap because this flap 
provides well-vascularized tissue that can seal dead spaces and increase blood flow 


to the local environment. 


The pedicled LD flap can cover the forearm up to approximately 8 cm distal to the 
olecranon when transposed anteriorly, and about 6 cm distal to the olecranon when 
transposed posteriorly. Soft tissue defects over 8 cm distal from the olecranon are 
not suitable for the pedicled LD flap transfer, and if this muscle is to be used, the 
free LD flap transfer should be considered. 


Contraindications for flap use include previous injury to the muscle or pedicle, such 
as in cases of previous thoracotomy, axillary arterial injury, or in some cases, 
axillary lymphadenectomy. Breast cancer surgery may injure the nerve or arterial 
supply to the LD muscle, rendering it fibrotic and inadequate for transfer. In such 
patients, palpation of a contracting LD muscle usually verifies an uninjured nerve 
and vascular pedicle. 


The LD muscle functions as an expendable adductor, extender, and internal rotator 
of the arm. These functions are essential for activities of daily living for patients 
with contralateral shoulder girdle paralysis or extremity paralysis from spinal cord 
injury. One must be careful in evaluating the impact of removing the LD muscle in 
these situations. In general, one should not use the LD muscle for soft tissue 
coverage in these patients because of functional requirements. 
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Preoperative Planning 

The LD flap can be harvested as not only a muscle flap but also a musculocutaneous 
flap. Muscle flap covered with skin graft is less bulky and can seal deep defects, 
however, musculocutaneous flap gives better aesthetic reconstruction because the 
skin paddle can conform to the skin texture of the upper arm. When a LD 
musculocutaneous flap is applied, it is recommended that the skin paddle is 
designed several centimeters superior to the muscle origin at the iliac crest to 
avoid the risk of skin paddle necrosis because the blood supply of the subcutaneous 
tissue near the origin is inconsistent. When greater flap reach is required, a portion 
of the skin paddle may be designed over the inferior margin of the muscle. This 
technique can facilitate a greater distal coverage of the forearm when the pedicled 
LD musculocutaneous flap is rotated. The entire skin paddle can survive if enough 
musculocutaneous perforators are included in the proximal portion of the skin 


paddle design. 


The arc of transposition of the LD flap depends on the location of the wound. When 
defects are present in the posterior aspect of the elbow and forearm, posterior arc 
transposition of the pedicled LD flap is recommended. Similarly, when defects are 
present in the anterior aspect, anterior arc transposition is recommended. 


It is important to assess the strength of the LD muscle preoperatively when the LD 
flap is used for simultaneous soft tissue coverage and functional restoration. When 
a soft tissue defect is caused by a trauma, particularly associated with a 
motorcycle accident, the LD muscle may be paralyzed by brachial plexus injury. If 
the paralyzed LD muscle is planned to be used as a functional transfer, 
reinnervation of the LD muscle by another motor nerve, for example, intercostal 
nerve or accessory nerve, can be performed during operative procedures. LD 
muscle previously paralyzed by neurologic disorders can only be used for soft tissue 
coverage and should not be used for functional muscle transfer. 


Preoperative angiography of the injured upper extremity will help plan for free LD 
flap transfer. The free flap transfer may require a more proximal vessel dissection, 
vein grafting, and end-to-side anastomoses in cases with a potential disruption of 
the recipient vessels. 


For aesthetic consideration at the donor site, it is important to ask for the patient's 
clothing preference preoperatively for planning the skin incision. For example, a 
transverse incision along the bra line is recommended to conceal the donor site 
scar for a woman, but an oblique incision may be suitable for a patient who likes to 
wear backless dresses. Furthermore, the endoscopic harvesting technique may be 
preferred for children, those who are prone to hypertrophic scars, and for other 
aesthetic considerations. 


Surgery 

The patient, under general anesthesia, is placed in the lateral decubitus position. 
The injured upper limb and ipsilateral hemithorax caudal to the iliac crest are 
prepped and draped. The injured upper limb is supported on a sterile Mayo stand 
with a 90-degree abduction position of the shoulder (Fig. 11-1A). The lateral 
buttock and thigh are also prepared for skin grafting if necessary. A beanbag or 


axillary roll with padding is placed on the opposite axilla to protect the dependent 
shoulder in the decubitus position, and all other pressure points are also carefully 
padded. 


In cases of traumatic defects, the wounds are again thoroughly debrided before the 
flap procedure is performed. When a LD musculocutaneous flap is applied, the skin 
paddle that includes the perforators arising from the branch of the thoracodorsal 
artery is designed on the LD muscle. There is a longitudinal row of perforators 2 to 
5 centimeters from the lateral border of the LD muscle, which can be easily 
identified with a Doppler blood flowmeter. The largest skin paddle that can be 
moved safely is 20 A—15 cm, however, primary closure is only possible with skin 
paddles 8 cm in width. 


The procedure is performed with A—2.5 loupe magnification. The incision usually 
begins at the posterior aspect of the axilla angled along the anterolateral border of 
the latissimus dorsi muscle and extends inferiorly to the iliac crest. An aesthetic 
incision in a woman is designed in a transverse incision along the bra line. The LD 
muscle is dissected medially to the paraspinous muscle and caudally to the 
lumbosacral fascia. The origin of the muscle is detached from the thoracic and 
lumbar vertebra, posterior ribs, and lumbosacral fascia. The flap is elevated 
superiorly toward the axilla to separate the undersurface of the muscle from the 
chest wall. Perforators from the intercostal and lumbar arteries are clipped. The 
neurovascular pedicle, which includes the thoracodorsal artery, venae comitantes, 
and nerve, is identified more proximally on the undersurface of the muscle. The 
thoracodorsal 
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vessels are carefully dissected toward the proximal axillary artery. The circumflex 
scapular vessels and the serratus anterior and teres major branches are ligated to 
allow maximal pedicle length. Leaving the thoracodorsal nerve intact may be 
considered when the flap is transferred on the pedicle, even though the flap is not 
used as a functional transfer. Retaining innervation minimizes postoperative muscle 
atrophy and will maintain muscle thickness and durability. This consideration is 
particularly important for distal elbow coverage when the thin muscle near the 
origin of the LD muscle at the iliac crest maintains its bulk. 
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FIGURE 11-1 A: The patient was placed in the lateral decubitus position with 
the injured upper limb on a sterile Mayo stand with a 90-degree abduction 
position of the shoulder. B: A pedicled latissimus dorsi muscle flap was 
harvested and rotated posteriorly to the upper arm. A skin paddle was excised 
for contouring the flap on the arm. It is difficult to design a skin paddle to fit 
the wound geometry and it is simpler to just use the muscle only and cover 
with skin graft. C: Schematic drawing of a pedicled latissimus dorsi muscle 
transfer based on Figure 11-1B. D: Complete wound healing at 3 months 
postoperatively. 


After the dissection of the neurovascular pedicle has been completed, the insertion 
of the LD muscle at the humerus is divided. Additional distal coverage with the 
pedicled LD flap can be obtained 
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by releasing its insertion from the intertubercular grooves of the humerus. When 
the LD flap is transferred as a free flap, vascular pedicle is divided at the juncture 
with the axillary artery and vein to obtain the maximum pedicle length. The 
thoracodorsal nerve is also divided at its proximal point when the flap is used as a 
functional transfer. When the LD flap is transposed to the elbow and forearm 
defects, the muscle can be positioned along its path by incising intervening skin or 
Can pass under a subcutaneous tunnel (see Fig. 11-1B,C). The subcutaneous tunnel 
may be useful in situations when the defect size is relatively small and the 
transposed small muscle can be tailored to pass easily through the tunnel. But for 
large muscle, the subcutaneous tunnel may compress the vascular pedicle and the 
intervening skin should be incised to allow a tension-free passage. 


The muscle is sutured to the subcutaneous tissue in the proximal portion of the 
wound to prevent tension on the pedicle. For functional muscle transfer, muscle 
tension is critical. For elbow flexor 
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reconstruction, the length of the transferred muscle is adjusted so that the elbow 
remains at 100 degrees flexion and the forearm is held in complete supination after 
both ends are sutured. By extending the muscle with strips of fascia lata, finger 
flexion or extension can also be restored. 


Split-thickness skin graft is applied as needed for the transposed muscle or over the 
donor site (see Fig. 11-1D). Two silastic drains are placed at the donor site, and one 
is placed below the transposed muscle. Before closure of the donor site, fibrin 
sealant may be used to reduce seroma formation over the back. 


When a free LD flap transfer is used for coverage of a forearm defect (Fig. 11-2A), 
dissection of recipient vessels should be performed before harvesting the flap to 
confirm the necessary length of the pedicle. A large LD muscle flap is suitable to 
cover a forearm defect because the flat configuration of the LD muscle allows it to 
be wrapped around the forearm. The LD muscle is a versatile muscle for coverage 
of a complex wound whereby the geometry of the wound requires two separate 
flaps. Splitting of the LD muscle is helpful in this situation. The thoracodorsal 
vessels usually bifurcate into medial and lateral branches just after entering the LD 
muscle. The LD muscle can be split longitudinally into halves based on these two 
branches. Splitting the LD muscle provides two flaps to coverage different wounds 
on the forearm (see Figs. 11-2B,C). 











FIGURE 11-2 A: Crush injury of the forearm. B: The latissimus dorsi muscle 
was split longitudinally into halves by identifying the arterial pedicles. One 
half was used to cover the soft tissue defect over the posterior elbow, and the 
other half was used to cover the exposed bone at the wrist and exposed 
tendons. The thoracodorsal artery was anastomosed to the brachial artery 
using an end-to-side technique, and the thoracodorsal vein was anastomosed 
to the brachial concomitant vein with an end-to-end technique. C: Schematic 
drawing of a free latissimus dorsi muscle transfer based on Figure 11-2B. D: 
Complete wound healing at 4 months postoperatively. There are no limitations 
of finger motions. E: Donor site scar resulting from an aesthetic transverse 
incision along the bra line. 


Postoperative Management 

During the first 48 hours after the operation, flap circulation is closely monitored 
by direct observation of the flap, which includes color, temperature, capillary 
refilling time, and bleeding of the flap. A Doppler blood flowmeter is useful to 
examine the arterial flow into the flap. If there is concern about the arterial inflow 
or venous outflow, the pedicle should be reexamined and the wound reexplored. 
Kinking and tension on the pedicle must be relieved to prevent total necrosis of the 
muscle. Postoperative hematoma can also compromise venous outflow. 


The drain at the donor site must remain in place for 2 to 3 weeks to prevent seroma 
formation. Application of fibrin sealant in the donor site may reduce seroma 
formation, but the drains should remain in place until drainage is minimal, usually 
less than 25 mL/ day. Compression of the donor site by thoracic elastic bandages 
may be effective to enhance sealing of the wound. When a seroma is diagnosed, 
needle aspiration is performed. Small seromas (<100 mL) may resorb spontaneously, 
but a large seroma needs serial aspirations. 


The elbow is immobilized at 90 degrees of flexion, and the shoulder is adducted for 
3 weeks after the operation to avoid wound dehiscence and tension on the pedicle. 
During this period, finger and wrist exercises are actively practiced (see Fig. 11- 
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Ficure 16: Frequency responses test results of the THz wave planar integrated active microstrip antenna covered by a dielectric lens. 


the advanced machining techniques pushing the microstrip 
antennas towards the highly integration of antenna/array and 
feeding network and the highly operating frequencies are 
described. To demonstrate the distinctive features of novel 
microstrip antennas, various antenna elements and arrays for 
different applications are presented. This paper has shown 
that the microstrip antennas are still very promising para- 
digm for civilian and military wireless applications. 
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2D). After splint removal, elbow and shoulder range of motion exercises are 
started. The goal of physiotherapy is to recover the full range of motion of the 
elbow and shoulder. 


Complications 

Donor site seroma or hematoma is the most commonly encountered complication at 
the donor site following harvest of the LD flap. Seromas can be relieved with 
frequent needle aspirations, but hematomas must be drained immediately to avoid 
secondary donor site complications relating to wound dehiscence or skin necrosis. 


Scarring over the donor site is inevitable, but can be easily covered by clothing. 
Planning the skin incision and endoscopic harvesting technique can reduce back 
scar problems (see Fig. 11-2E). 


Total flap necrosis is a rare complication with the LD flap method. However, partial 
flap necrosis at the distal portion may occur because of inconsistent blood supply to 
the lower third of the LD muscle. Bleeding at the distal end of the LD flap should be 
checked when the flap is elevated. Kinking and tension on the pedicle can cause 
disturbance of flap circulation and must be recognized immediately. It is also 
important to note potential ischemia of the transferred muscle caused by 
subcutaneous tunnel compression. 


Power and endurance of shoulder extension and adduction may be weakened in the 
absence of the LD muscle. The weakness is not noticeable in most patients and will 
recover within a few months after removal of the LD muscle because the synergistic 
shoulder muscles such as teres major, pectoralis major, and subscapularis 
substitute the function of the LD muscle. 
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Hyperabduction of the arm during the operation may cause iatrogenic brachial 
plexus injury, which is reversible within several weeks. Care must be taken to avoid 
prolonged shoulder abduction during the operative procedure. 


Lumbar hernia after the latissimus dorsi flap is an extremely uncommon 
complication and it may be misdiagnosed as lumbar seromas. Lumbar hernia can be 
avoided by preserving of the fascia underlying the distal latissimus dorsi 
aponeurosis. 


Editors: Moran, Steven L.; Cooney, William P. 

Title: Master Techniques in Orthopaedic Surgery: Soft Tissue Surgery, 1st 
Edition 

Copyright A©2009 Lippincott Williams & Wilkins 


>Table of Contents >Part Il - Management of Soft Tissues Within the Upper Extremity > 
Chapter 12 - Fasciotomies for Forearm and Hand Compartment Syndrome 


Chapter 12 


Fasciotomies for Forearm and Hand 
Compartment Syndrome 
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Indications/Contraindications 


Indications 

The chief indication for forearm and/or hand fasciotomies is essentially any 
suspicion that the patient has a forearm or hand compartment syndrome. The 
diagnosis of upper extremity compartment syndrome is made with a combination of 
clinical examination and objective diagnostic measurements. The clinical 
examination findings for upper extremity compartment syndrome traditionally have 
been taught as the five a€oeP'sa€* which include pain in the forearm and hand, 
increased pain with passive extensive extension of the fingers, pallor, 

pulselessness, and paresthesias. However, one must note that not all of these 
criteria need be present to determine that a patient has compartment syndrome. In 
fact, pulselessness can be a very late or nonexistent finding in the patient who has 
a compartment syndrome. Therefore, reliance on these five P's should also be 
balanced with other clinical examination findings as well as objective diagnostic 
findings. In addition to the criteria mentioned, the forearm and hand suffering from 
compartment syndrome will typically be very tense and swollen and can often have 


signs of trauma from the inciting injury, if that is the cause of the compartment 
syndrome. Skin changes such as blistering and a a€ceshinea€* due to significant 
swelling are common findings as well (Fig. 12-1). 


Compartment syndrome can be caused by extrinsic pressure such as casts or splints, 
and this possibility should be factored into the diagnostic algorithm. The first step 
in evaluation with a patient who is in a cast or splint is removal or loosening of the 
immobilization device. Other scenarios in which the physician should suspect the 
development of compartment syndrome include crush injuries, supracondylar 
humerus fractures, two-bone forearm fractures, and any situation where there has 
been a period of ischemia followed by reperfusion, such as brachial arterial injury, 
upper arm replants, or a comatose patient who has been found with the arm in 
compression. 


Objective data are obtained to help corroborate the diagnosis of compartment 
syndrome, usually in the form of intracompartmental pressure measurements. 
These can be taken by a variety of techniques including saline infusion pressure 
transducers, slit or wick catheters, or even arterial pressure monitors. There are 
newer diagnostic tools to diagnose compartment syndrome including near-infrared 
spectroscopy, electromyography, myotonometry, and laser Doppler; however, these 
modalities are, at this point, experimental and can only be used as correlative 
measures at best. 


If compartment syndrome is suspected, it is essential that intervention be 
implemented quickly to lessen injury to the underlying muscles and nerves. 
Increased pressure on muscle can lead to irreversible ischemia and eventual 
necrosis. Late sequeli of untreated compartment syndrome of the forearm produces 
contractures of the volar forearm commonly known as Volkmann's ischemic 
contracture. 
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In general, prompt administration of surgical decompression of the forearm 
compartment will adequately treat the forearm compartment syndrome and leave 
a patient with minimal residual dysfunction. 








FIGURE 12-1 Patient with forearm compartment syndrome demonstrating 
typical cutaneous findings including tense swelling and blistering. 











Contraindications 

While one can argue that hemodynamic instability would be a relative 
contraindication to upper extremity fasciotomies, it is recommended that this not 
be viewed as an absolute contraindication, and that once the patient is stabilized, 
the surgical team proceeds with forearm and/ or hand fasciotomies at the earliest 
available time. In the worst-case scenario, fasciotomies can be performed at the 
bedside in the intensive care unit. In general, upper extremity compartment 
syndrome is an emergency and there should be no absolute contraindications to this 
procedure. 


Preoperative Planning 

When planning for surgical intervention for upper extremity compartment 
syndrome, the previously mentioned diagnostic modalities should be used to 
document increased forearm or hand pressures. In addition, if it is thought that the 


patient has developed a compartment syndrome in the setting of external 
compression including splints or casts, these devices should be loosened or removed 
immediately to help diagnose the cause of the patient's symptoms as well as 
provide some measure of relief from the compressive insult. Often, the removal or 
loosening of a cast can provide adequate treatment; but even if the patient does 
show resolution of symptoms, practitioners are encouraged to remain vigilant and 
continue to closely monitor the patient's extremity until there has been a total 
resolution in symptoms. Other planning should include early notification of 
anesthesia and operating room staff and the availability of blood for transfusion if 
it is indicated during the surgical procedure. 


In some cases coagulopathy can contribute to or be the sole cause of compartment 
syndrome. Excessive bleeding following fracture reduction or continued bleeding 
following surgery can lead to increased compartmental pressures. If a bleeding 
dyathesis is suspected, appropriate steps should be taken to correct the deficiency 
before operative intervention. 


Surgery 


Patient Positioning 
Once anesthetized, the patient should be positioned in a way that affords adequate 
access to the entire affected upper extremity for both surgeon and assistant. This 
includes turning the operating table at a right angle to the anesthesia provider and 
placing the affected upper extremity on an arm board that is attached to the 
operating room table. Good lighting is essential, especially because the viability 
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of the muscles in the forearm and hand needs to be assessed at the time of 
fasciotomy. While pneumatic tourniquets are frequently used for upper extremity 
surgery, they should not be used for a forearm fasciotomy because, as stated 
previously, the perfusion of the affected forearm musculature must be assessed at 
the time of fasciotomy. 


Technique for Fasciotomy of Forearm 


The classic teaching of forearm fasciotomies includes two incisions, one on the 
volar aspect and one on the dorsal aspect of the forearm. In general, both volar 


forearm compartments (superficial and deep) are decompressed via the volar 
incision while the dorsal compartment and the mobile wad can be adequately 
decompressed via the dorsal incision. A variety of incisions on the volar forearm has 
been proposed and has even been studied in cadavers. Ulnar sided incisions have 
been shown to be the safest approach to both superficial and deep volar forearm 
compartments, providing adequate visualization while avoiding injury to the radial 
artery and median nerve. Typically, the volar forearm incision extends from the 
antecubital fossa down to the wrist. The most common design is that of a sigmoid 
incision. The incision is marked beginning on the medial aspect of the elbow just 
anterior to the medial epicondyle, curving radially along the mid-forearm, curving 
back to the distal ulnar side of the forearm, and finally coming along the distal 
wrist crease to approximately the level of the carpal tunnel (Fig. 12-2). The 
purpose of this design is to, in theory, offer protection for the median nerve once 
decompression has been performed. The radially-based flap in the distal forearm 
will provide this median nerve protection even with marked edema and gaping of 
the wound. Once the skin incision is marked, it is incised with a scalpel. The 
dissection is further carried down through the subcutaneous tissues with either 
electrocautery or scissor dissection. Once the antebrachial fascia of the volar 
forearm is visualized, the fascia is incised with curved tenotomy-type scissors. The 
fascial division should be extended proximally and distally until the entire 
superficial volar forearm compartment is decompressed. Once the fascia is open, 
the viability of the musculature must to be assessed. If compartment syndrome is 
detected early and fasciotomy is employed in a rapid manner, there will typically 
not be any visible muscle necrosis. If, after observing the musculature for several 
minutes there is no reperfusion, or there is distinct necrosis of any of the forearm 
muscles, consideration should be given to muscle debridement at that time. 


At this point only the superficial volar forearm compartment has been 
decompressed and the operating surgeon must then decompress and observe the 
musculature of the deep volar compartment as this is the area most frequently 
affected during a forearm compartment syndrome (Fig. 12-3). The deep volar 
compartment is approached through the interval between the flexor digitorum 
superficialis (FDS) and the flexor carpi ulnaris (FCU). The FDS muscle belly is 
retracted radially and the FCU muscle belly is retracted ulnarly; this allows 
visualization of the deep compartment and protects the median nerve and ulnar 


neurovascular bundle. The deep volar fascia is opened along the entire length of 
the flexor digitorum profundus (FDP) and flexor pollicis longus (FPL) muscle bellies. 
Once the fascia is incised, the muscles will quite often appear edematous and will 
herniate from their respective compartments. The viability of these muscles must 
also be assessed at the time of the procedure. Consideration should be given to 
excision of any distinctly necrotic muscle at the time of fasciotomy, as this can 
become a nidus for infection if left in situ. 


Some authors believe that decompression of the volar forearm compartments will 
secondarily lead to adequate decompression of the dorsal forearm compartment as 
well as the mobile wad. However, if one is planning to take this approach it is 
strongly advised that compartmental pressure readings of the dorsal forearm 
compartment as well as the mobile wad be taken intraoperatively to confirm 
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that decompression of the volar side of the forearm has indeed led to adequate 
decompression of the dorsal forearm. 





FIGURE 12-2 Incision pattern for fasciotomies of the forearm and carpal 
tunnel. (Adapted from Gulgonen A. Compartment syndrome. In: Green, et al, 
eds. Green's operative hand surgery. 5th ed. Philadelphia: Elsevier; 2005. With 
permission. ) 
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FIGURE 12-3 Cross-sectional anatomy of the mid-forearm. Note the deep 
position of the flexor pollicis longus and flexor digitorum profundus adjacent 
to the radius, ulna, and interosseus membrane. This deep position against the 
rigid skeleton makes these muscles particularly vulnerable to damage due to 
compartment syndrome (used by permission of Mayo Foundation). 


After completing the volar forearm decompression, the dorsal side is now 
approached. The incision of the dorsal forearm is in linear fashion over the midline 
of the forearm dorsum. Again, this is incised with a scalpel and carried down 
through the subcutaneous tissue with either electrocautery or scissor dissection. 
The dorsal forearm fascia is incised typically with tenotomy scissors along the 
length of the extensor muscle bellies both proximally and distally. Once the 
musculature of the dorsal forearm compartment has been assessed, one must then 
dissect in the subcutaneous plane in the radial direction to access the mobile wad. 
It is here that the fascia over the brachioradialis and the radial wrist extensors 
(extensor carpi radialis brevis and longus) is incised with scissors and, again, the 
musculature is assessed. 


Technique for Fasciotomy of the Hand 


The hand has seven compartments: the thenar, hypothenar, carpal tunnel, and four 
interosseus compartments. Fortunately, all seven compartments can be 
decompressed with only four incisions. The carpal tunnel is opened in continuity 
with the forearm fasciotomy. The forearm incision is carried transversely within the 
wrist crease to the division of the thenar and hypothenar mounds. Here the incision 
iS carried distally to the distal point of the transverse carpal ligament (see Fig. 12- 
2). After dividing the skin and subcutaneous tissues, the transverse carpal ligament 
is divided with scissors or a scalpel, all while continually protecting the median 
nerve. 


The thenar and hypothenar compartments are decompressed next. These incisions 
are made at the border of the glabrous and hair-bearing skin of the thenar and 
hypothenar eminences, respectively, and are approximately 3 to 4 cm long. Once 
the skin and fat is opened, the fascias of these compartments are also opened with 
spreading scissor dissection. 


Finally, the four interosseus compartments can be opened with two incisions on the 
dorsum of the hand. These incisions are centered over the index and ring finger 
metacarpal bones, and are 3 to 4cm long. After making the index metacarpal 
incision, scissors are used to spread radially to open the first interosseus 
compartment and ulnarly to open the second interosseus space. Similarly, one 
enters the ring metacarpal incision to spread radially into the third interosseus 
compartment and ulnarly into the fourth interosseus compartment (Fig. 12-4). 


At this point all of the compartments of the forearm and hand have been 
adequately decompressed. Primary closure is usually not possible, and not advised. 
One should consider delayed primary closure of the forearm and hand wounds 
following resolution of the patient's compartment syndrome, stabilization of the 
patient, and assurance that there is no underlying muscle necrosis or signs of 
infection. Delayed primary closure can be undertaken from 1 to 7 days following a 
fasciotomy, depending on the health of the patient and status of the underlying 
tissue. Temporary retention sutures or running elastic sutures (the a€ce} acob's 
ladderd€* or a€ceRoman sandala€*) can be placed in the wound to provide some 
Skin approximation (Fig. 12-5), but it is not advised that full closure be 
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attempted at this time as this can essentially recreate a compartment syndrome 


due to a tight skin envelope. Another acceptable method of wound temporization is 
application of a negative pressure dressing, which has the dual benefit of wound 
fluid evacuation and prevention of further skin edge retraction. 








FIGURE 12-4 Two dorsal hand incisions placed over the index and ring 
metacarpals for decompression of the interosseus musculature of the hand. 
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FIGURE 12-5 Partial coaptation of forearm fasciotomy wound edges using the 
a€ceRoman sandala€* method. Vessel loops or rubber bands are weaved across 
the wound to bring the skin edges closer while allowing for some expansion 
due to postoperative edema. 


Following initial fascial release, repeat examination under anesthesia is 
recommended at 24 to 48 hours; this allows the surgeon to verify that all necrotic 
muscle has been removed. If extremity edema has subsided, the skin may be closed 
with delayed primary closure. If there is any concern that closure is a€catighta€e or 
that closure could recreate a compartment syndrome, a a€ce} acob's laddera€* or 
negative pressure dressing is reapplied to the wound and the patient is scheduled 
for surgical re-evaluation in 24 to 48 hours. Delayed primary closure of both palmar 
and dorsal wounds may be impractical in cases where the antecedent trauma has 
been significant. In such cases, skin grafting may be carried out over exposed 
muscle bellies to expedite wound coverage and patient rehabilitation (Fig. 12-6). 


Postoperative Management 
Postoperatively, the patient's forearm wounds should be dressed with nonadherent 
gauze. We most commonly use gauze impregnated with either petroleum or 
antibiotics to prevent wound desiccation. The patient should also be placed ina 
plaster or thermoplastic splint that covers the entire length of the forearm and 
places the hand in an intrinsic-plus position. One must take great care with the 
placement of this splint or cast as it can itself cause a compartment syndrome and 
lead to further muscle 
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damage despite adequate decompression of the forearm and hand compartments. 
In the several days between fasciotomy and wound closure, adequate wound care 
should be ensured. This is performed with frequent dressing changes and either 
whirlpool or pulse lavage type irrigation. At this time it is also wise to instruct the 
patient in hand motion exercises. The chief reason for these exercises is to ensure 
that the patient's range of motion remains relatively stable and that tendon gliding 
continues, especially with the flexor tendons at the wrist level. 





FIGURE 12-6 Forearm fasciotomy wound immediately following skin grafting. 


Complications 

As with any surgery, bleeding and hematoma are possible, especially in a forearm 
fasciotomy in which no tourniquet is used intraoperatively. Any open wound is 
prone to infection, and good wound care should be instituted to prevent this 
problem. Finally, the most dreaded complication of forearm fasciotomy is 
continued muscle necrosis and eventual fibrosis despite forearm fasciotomies. In 
general, this will likely not occur with adequate decompression. As stated 
previously, the most likely reason for continued muscle necrosis following this 
operation is inadequate decompression of the forearm and hand compartments. 


Results 

In general, adequate decompression of the compartments of the forearm and hand 
will allow resolution of the compartment syndrome and will lead to an outcome in 
which the patient has no or minimal residual dysfunction, although this general 
scenario is not without exceptions. Most frequently, the cause of muscle necrosis 
and subsequent fibrosis following forearm fasciotomy is due to incomplete 
fasciotomy. Therefore, care must be taken intraoperatively to fully extend the 
fasciotomy proximally and distally, thereby decompressing the full length of all the 
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Soft Tissue Interposition Flaps in the 
Management of Heterotopic Ossification and 
Proximal Radioulnar Synostosis 





Douglas P. Hanel 
Seth D. Dodds 


Indications/Contraindications 

Heterotopic ossification of the elbow with loss of motion can be severely debilitating. 
The functional arc of elbow motion spans from 30 to 130 degrees of flexion and from 
50 degrees of pronation to 50 degrees of supination. Limitations to this functional arc 
significantly impair the ability to perform activities of daily living. Cases of elbow 
ankylosis or radioulnar synostosis further minimize use of the affected extremity. Once 
heterotopic ossification has developed and constricts motion, it is nearly impossible to 
regain the lost motion with conservative measures, such as physical therapy, dynamic 
splinting, radiation therapy, or medication. 


Surgical resection of heterotopic bone about the elbow should be considered in 
patients who present with an unacceptable loss of flexion/ extension or 

pronation/ supination. Excision is also warranted in cases of neurovascular 
impingement caused by ectopic bone. In cases of proximal radioulnar synostosis or 
even radial head excision, interposition materials can be used to cover exposed bone 


surfaces. 


While options for soft tissue interposition include silicone sheeting, fat graft, and free 
adipofascial flaps, pedicled myofascial flaps and allograft fascia lata have become 
increasingly popular. The pedicled anconeus myofascial flap is an ideal choice in those 
cases approached posterolaterally, whereas the pedicled brachioradialis muscle flap 
passed through the interosseous membrane Is best suited for those cases approached 
from an anterior exposure. The soft tissue interposition acts as a barrier to the 
formation of recurrent heterotopic calcification and allegedly decreases pain with 
pronation and supination. It is suggested, though unproven, that pedicled graft tissue 
has greater potential 
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for sustained viability when judged against nonvascularized tissue transfers, such as 
subcutaneous fat or an adipose fascial graft. When properly fixed to the underlying 
bone, these pedicled flaps can sustain aggressive postoperative range-of-motion 
exercises that might dislodge less robust tissue such as fat alone or adipose-fascial 
grafts. We prefer the anconeus muscle pedicle flap when available and tensor fascia 
lata allograft when the anconeus is not available or not large enough. 


Historically, contraindications to excision of heterotopic bone with or without soft 
tissue interposition flaps included immature ossification and an unreliable soft tissue 
envelope. In the past decade there have been a number of reports documenting the 
efficacy of early excision of heterotopic bone. It is our experience that patients suffer 
less soft tissue contracture and have superior function with early release of a stiff 
elbow. The recurrence of heterotopic bone in the posttraumatic setting has not been 
shown to be predicated on the timing of the excision. Outcomes of surgical excision, 
however, will be threatened by a poor soft tissue envelope. Once the posttraumatic or 
post-burn wounds have healed, soft tissue swelling has abated, and nerve recovery has 
plateaued, patients may safely undergo elbow contracture release. 


Contraindications to pedicled soft tissue interposition flaps depend on the specific 
muscle selected. For an anconeus muscle interposition, previous traumatic or surgical 
disruption of its primary vascular supply (the medial collateral artery from the 
profunda brachii) jeopardizes the viability of the raised muscle flap. The 
brachioradialis a€cewrap arounda€s flap should not be raised if there isa 
nonfunctioning biceps brachii or brachialis, as the brachioradialis provides assistance 


with elbow flexion as well as supination when the forearm is fully pronated. Assuming 
that the arm and forearm musculature is intact, using the anconeus or brachioradialis 
as a pedicled interposition flap causes little functional loss. 


Preoperative Planning 

Before operative release and soft tissue interposition, patients must be carefully 
evaluated. The history should focus on the primary complaint. Patients must verbalize 
appropriate frustration with their disability from elbow stiffness to warrant release. It 
is also imperative that patients demonstrate the willingness and capacity for intensive 
rehabilitation. If the presenting complaint is predominantly pain, then contracture 
release will be futile. A focused surgical history needs to be elicited. Previous injuries 
and surgeries of the involved extremity offer critical information about the status of 
osseous and cartilaginous structures as well as the elbow's soft tissue envelope. 
Operative reports from previous surgeries help understand the integrity and location of 
possibly transposed neurovascular structures. 


Elbow range of motion, stability, pain, and functional ability are assessed. The Mayo 
Elbow Performance Score serves as a Summary of these findings. In addition, the 
examination includes assessment of forearm rotation and wrist and hand function. If 
there is physical evidence of nerve dysfunction, electrodiagnostic studies should be 
obtained to confirm the location of compression and to act as a baseline of nerve 
function. All of our patients have had previous surgeries, and as such, a careful 
assessment of incisions about the elbow with regard to the palpable and radiographic 
location of heterotopic ossification is essential. The integrity of the skin and 
subcutaneous tissues should be evaluated. Lingering soft tissue swelling, edema, or 
erythema may all point to additional diagnoses to be contended with before deciding 
on heterotopic bone excision. 


Standard radiographs of the elbow are obtained with oblique views to improve 
visualization of ectopic ossification. We routinely perform computed tomography (CT) 
on cases of elbow heterotopic ossification where the congruity of the articular surface 
iS in question and in all cases with proximal radioulnar synostosis. An axial CT scan 
with coronal and sagittal reformatted images is currently the most helpful method to 
visualize the location and extent of a bony bridge between the radius and ulna (Figs. 
13-1 and 13-2). Vascular study of the elbow and proximal forearm should be 


considered if there are concerns about the integrity of the regional blood supply, 
especially in cases of pedicled soft tissue interposition. Unless there are specific 
historical or physical findings suggesting potential or indolent infection, we limit blood 
studies to those required for a prolonged general anesthetic. 


The timing for intervention is somewhat nebulous and is certainly directed by 
physician bias. We do not believe there is sufficient scientific evidence to suggest that 
nuclear medicine scans or blood alkaline phosphatase levels are beneficial in the 
assessment or timing of surgical intervention. In reviewing the literature and 
comparing our experience, it would appear that waiting for fracture healing 
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and ectopic bone maturation, defined as well-delineated borders, is the most 
commonly used parameters. This would suggest that operative intervention be carried 
out 4 to 12 months after injury. 





FIGURE 13-1 The anteroposterior and lateral elbow radiographs of a 42-year-old 
power lifter 8 weeks after a single incision repair of distal biceps tendon rupture. 
The forearm is ankylosed in mid pronation-supination. 





FIGURE 13-2 Coronal CT image reveals the extent of heterotopic bone 
involvement in the region of the bicipital tuberosity. 


Excision of heterotopic ossification and soft tissue flap interposition does not require a 
great deal of special equipment. We have listed a few items that facilitate operative 
intervention and postoperative rehabilitation in Table 13-1. In addition to the tools 
listed in the table, we have the following items readily available: a hinged fixator, 
radial head prosthetics, allograft tendon for ligament reconstruction, allograft fascia 
lata if local interposition material is not available, and a total elbow arthroplasty set 
when all else fails and the patient is the appropriate age. 


Surgery 


Patient Positioning 
Operative approach and patient positioning are determined by previous incisions, 
location of heterotopic bone or synostosis, and shoulder mobility. While many surgeons 
prefer to operate on the elbow with the affected extremity positioned across the 
patient's supine chest, we prefer to position 
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the patient with the affected extremity abducted onto a radiolucent table. The 


extremity is draped free up to the clavicle. If the shoulder is mobile, external rotation 
will present the medial and anterior aspects of the elbow while internal rotation 
presents the lateral and posterior elbow. The flexibility to effortlessly alternate 
between lateral and medial approaches facilitates complete excision of heterotopic 
bone about the elbow. 


Table 13-1. Soft Tissue Interposition Flaps for Elbow 
Heterotopic Ossification: Operative Equipment 





Standard Equipment Optional Equipment 
Sterile tourniquet Fluoroscopy 
Retractors, thyroid type (long and Hardware removal instruments 
narrow) Total elbow arthroplasty 
Lamina spreader Lidocaine infusion pump 
Vessel loops Continuous passive motion 
Rongeurs (including Kerrison and machine 
pituitary) Postoperative radiation therapy 
Osteotomes and curettes Static progressive vs. dynamic 
Suture anchors splinting 


Hinged elbow distractor 
Tensor fascia lata allograft 
Closed suction drain 


Technique 


Exposure 

We do not use tourniquets for these cases. They are a detriment to tissue 
mobilization, mask small arterial bleeding, and lead to venous engorgement during 
prolonged cases. The initial increase in bleeding at the time of incision is mitigated by 
injecting the proposed incision with 0.25% bupivacaine and 1/ 200,000 dilute 


epinephrine solution. The incision is delayed 7 to 10 minutes to allow the epinephrine 
to affect local capillaries. 


It is our preference to use a posterior skin incision for elbow release surgery. This 
window allows a a€coeglobala€* approach to the elbow and can be used to access the 
medial, lateral, and anterior sides of the joint. The skin incision is typically straight, 
passing 2 cm medial or lateral to the tip of the olecranon, but may be curvilinear to 
incorporate previously placed posteromedial or posterolateral surgical scars. 
Depending on the required heterotopic bone excision or hardware removal, the 
incision may extend from the proximal arm to the distal forearm. This dissection 
avoids injury to both the medial and the lateral brachial cutaneous nerves, preserving 
sensibility to the proximal forearm. 


When employing this approach, it is critical to create thick soft tissue flaps. The skin 
incision is carried down to and includes the triceps fascia proximally and the extensor 
fascia of the forearm distally. This effectively creates robust fasciocutaneous flaps 
that can be elevated circumferentially about the elbow. The extent of elevation is 
dictated by the location of the joint involvement. If there is medial joint involvement, 
as determined by CT scan, or ulnar nerve symptoms, we address these first. If there is 
no involvement we go directly to the lateral elbow and proximal forearm. The 
dissection is carried to the medial intermuscular septum, and the ulnar nerve is 
identified as it passes from the anterior to the posterior compartment approximately 8 
to 10 cm proximal to the medial epicondyle. Even if the ulnar nerve has been 
a€cetransposed anteriorlya€* in previous procedures, we believe that it is critical to 
identify the entire medial intermuscular septum, and follow it to the humerus (Fig. 13- 
3). In cases in which the medial intermuscular septum has been excised in part or in 
whole, the dissection follows the medial border of the triceps until the humerus is 
encountered. When the ulnar nerve is found, it should be mobilized from the cubital 
tunnel, preferably with a small cuff of medial triceps to protect the nerve's vascular 
supply. The nerve is followed into the forearm until disappeared deeply between the 
heads of the flexor carpi ulnaris. Any tight scar or fascial bands crossing the nerve in 
this dissection are divided. The medial intermuscular septum is removed in its 
entirety. By following the ulnar nerve proximally in the arm, the median nerve and its 
accompanying brachial artery can be located along the anterior margin of the 
intermuscular septum. Alternatively, in arms that are not densely scarred the median 
nerve and brachial artery can be identified in the distal arm superior to the leading 


edge of the pronator teres origin as it runs medial to the substance of the biceps and 
brachialis muscles and just beneath the fibers of the bicipital aponeurosis. Excision of 
heterotopic bone involving the medial posterior and anterior elbow joint is conducted 
and described in greater detail in the next section. 


Next, the lateral side of the elbow and involvement of the proximal forearm are 
addressed. In cases of anterolateral heterotopic ossification, the radial nerve is 
identified at mid-arm and followed distally. This is done by elevating the lateral flap in 
the same tissue plane as the medial dissection, between the muscular investing fascia 
and the muscle belly of the triceps. When the lateral intermuscular septum is 
encountered, the radial nerve should be identified and protected. Identifying the 
radial nerve in a scarred bed can be daunting. We therefore use the following 
strategies. First, inspect the undersurface of the flap; frequently the posterior 
antebrachial cutaneous branches of the radial nerve to arm and forearm are visible. 
These branches can be followed proximally into the lateral intermuscular septum 
where they are found to take off from the radial nerve proper (Fig. 13-4). If this 
landmark is not readily available, our second approach is to dissect the distal portion 
of the flap toward the lateral epicondyle. On reaching the lateral intermuscular 
septum, the dissection is directed cephalad. The triceps muscle belly is freed from the 
posterior aspect of the intermuscular septum. Small vessels and nerves seen entering 
the triceps muscle should be followed proximally; they will lead to the radial nerve 
proper. If these markers fail to lead to the nerve, cautiously proceed along the 
posterior intermuscular septum. Somewhere between 6 and 10 cm proximal to the tip 
of 
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the lateral epicondyle, the nerve will be encountered passing along the spiral groove 
to pass through the lateral intermuscular septum to enter the anterior aspect of the 
arm. Once the radial nerve is identified, the lateral intermuscular septum is removed 
and the nerve followed distally. At the level of the elbow, the nerve is easily followed 
into the internervous plane between the proximal aspect of the brachioradialis and 
the distal aspect of the brachialis. Simple blunt dissection between these two muscles 
just superior to the joint line will reveal the radial nerve before it dives under the 
supinator more distally. 
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FIGURE 13-3 This previously a€cetransposed ulnar nerved€e sits directly on the 
medial epicondyle. It is essential to identify and protect the ulnar nerve before 
proceeding with capsular and heterotopic bone resection. 


Excision of Heterotopic Bone 
The excision of heterotopic bone and the scarred joint capsule follows. Anterior 
heterotopic bone frequently resides in the distal aspect of the brachialis muscle. It can 
extend medially and laterally encasing the collateral ligaments or even neighboring 
neurovascular structures. If a medial approach is chosen, entrance to the joint capsule 
and distal aspect of the brachialis can be achieved by exploiting the internervous 
plane between the ulnar innervated 
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flexor carpi ulnaris and the median innervated palmaris longus, flexor carpi radialis, 
and pronator teres. Alternatively, the flexor-pronator muscle mass can be sharply 
elevated off the medial epicondyle, carefully preserving the underlying anterior band 
of the medial collateral ligament. In severely contracted elbows, this exposure affords 


uncompromised visualization of the anterior capsule and crossing neurovascular 
bundle. This elevated myofascial flap can be reattached to the medial epicondyle with 
multiple suture anchors or sutured down to the epicondyle through bone tunnels. If 
the flexor-pronator mass is released, consideration can be given to submuscular 
transposition of the ulnar nerve. 


Radial nerve 
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FIGURE 13-4 The posterior antebrachial cutaneous nerve is identified distally and 
followed proximally into the lateral intermuscular septum. This cutaneous nerve 
leads to the radial nerve proper. The radial nerve proper can then be followed 
from into the anterior compartment of the arm. 


The anterolateral aspect of the elbow is approached next. If there is complete elbow 
flexion and extension, the dissection is directed toward the posterolateral forearm. In 
cases in which the anterior joint needs to be exposed, one of three intervals is used 
(Fig. 13-5). The first approach, and in our experience the most frequently used, 


elevates the proximal most portion of the muscle taking origin from the medial 
epicondyle, usually the brachioradialis and a portion of the extensor carpi radialis 
longus. The dissection is carried medially, sweeping the brachialis from the front of 
the humerus. The interval between this muscle and the anterior joint capsule is 
developed. Heterotopic bone, if encountered, is dissected with blunt-tipped elevators 
and left attached to the anterior joint structures. If the relationship between these 
structures and the radial nerve is doubtful, the nerve is again identified in the distal 
arm and followed into the area of joint dissection. Under direct visualization, a blunt 
right-angled retractor is placed in the interval between the anterior joint dissection 
and the more superficially located muscle and nerve. The dissection stops distally 
when the coronoid process is encountered or the heterotopic bone becomes confluent 
the forearm bones. The entire anterior joint capsule and the heterotopic bone are 
removed. The coronoid fossa is cleared of soft tissues. Two other approaches to the 
anterolateral elbow consist of developing the interval between the anconeus and 
extensor carpi ulnaris, or the interval between the extensor carpi radialis brevis origin 
and the extensor digitorum communis. Both dissections allow easy access to the joint 
capsule overlying the radial head and neck. The capsular, radial, and annular portion 
of the lateral collateral ligament complex can be reflected or excised to expose the 
joint. The ulnar portion of the lateral collateral ligament, if not encased in ectopic 
bone, should be preserved (Fig. 13-6). More often than not, elevation of the lateral 
elbow complex from the ulna it is necessary. The ligamentous attachments will be 
reconstructed after the ectopic bone has been excised. If visualization of the anterior 
joint capsule is insufficient with these intermuscular approaches, the origin of the 
brachioradialis and extensor carpi radialis longus is elevated as described previously. 


The posterior elbow joint is approached from the lateral side by elevating the triceps 
muscle from the lateral column of the distal humerus and developing the interval 
between triceps muscle and the posterior joint capsule. The triceps muscle insertion 
onto the olecranon is preserved. The posterior capsule, the contents of the olecranon 
fossa, and any bony impediments to elbow motion arising from theses posterior 
structures are debrided. 


Proximal Radioulnar Synostosis Takedown 


In cases in which pathology is limited to the proximal radioulnar joint in the vicinity of 
the bicipital tuberosity, the synostosis may be approached by sweeping the entire 


anconeus and ulnar origin of the extensor carpi ulnaris complex off of the 
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posterolateral edge of the proximal ulna (Fig. 13-7Aa€“C). The dissection along the 
proximal ulna is carried along the radial edge to the base of the synostosis and 
followed along the interosseous space until the radius is encountered. If the forearm 
can be pronated, there should be no danger to the posterior interosseous nerve. A 
pronated forearm allows the posterior interosseous nerve to lay anteriorly and 
medially protected in the substance of the supinator muscle. However, a supinated 
forearm does just the opposite. In cases where the forearm is ankylosed in supination, 
consideration should be given to locating the posterior interosseous nerve before the 
posterior dissection. This usually requires an anterior incision immediately adjacent to 
the ulnar border of the brachioradialis. The radial nerve is found in the interval 
between the brachioradialis and brachialis muscle and followed distally until it is seen 
to divide into the posterior interosseous nerve (PIN) and the superficial branch of the 
radial nerve. The PIN is followed distally into the supinator muscle. The arcade of 
Frohse is divided along with fibrosed muscle and scarred tissue that could lead to 
potential compression injury during the dissection. The posterior dissection is then 
resumed. 
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FIGURE 13-5 Three intervals used to approach the anterior lateral elbow. (1) 
Partial elevation of the muscles taking origin from the lateral epicondyle, the 


brachioradialis, and cephalad portion of the extensor carpi ulnaris. (2) Anconeus 
and extensor carpi ulnaris. (3) Extensor carpi radialis brevis and extensor 
digitorum communis. 
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FIGURE 13-6 A: Lateral collateral ligament complex of the elbow consisting of 
the capsular, radial, and annular portions (stippled) removed to expose the 
lateral elbow articulations. B: The stippled portion of Figure 13-6A has been 
removed, exposing the radial head and neck, and the distal humerus. Preserving 
the ulnar portion of lateral collateral ligament (shaded area), when possible, 


preserves elbow stability. 


Once the anconeus is elevated, tissue retraction is maintained by broad right-angled 
retractors or broad Homan retractors. Narrow lever arm type retractors are avoided. 
Although anecdotal, it is thought that narrow retractors place excessive pressure on 
adjacent neurovascular structures, especially the PIN. 


Synostosis resection proceeds using a combination of small rongeurs, osteotomes, and 
Kerrison rongeurs. Small lamina spreaders help retract the proximal radius and 
proximal ulna, opening up the space between. Once the synostosis has been released 
and there is freedom between the two bones, the lamina spreader offers greater 
direct visualization of remaining ectopic bone. The synostosis can now be excised 
down to the native cortices of the proximal radius and proximal ulna. It is imperative 
that the exposed bony surfaces be debrided to a smooth surface. Sharp edges 
combined with forearm rotation will penetrate and disrupt interposition flaps. 


Intraoperative radiography is used to demonstrate the thoroughness of the ectopic 
bone excision. On completion of the resection, the surgical field is irrigated with 3 L of 
normal saline. Bleeding 
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points in soft tissues are coagulated, and bleeding points in exposed bone are sealed 
with bone wax. If the medullary canal of either the radius or ulna is breached, the 
hole is packed with allograft bone graft soaked in thrombin. This stops the marrow 
content from flowing into the operative field (see Fig. 13-7D,E). 








FIGURE 13-7 A: This patient developed a radioulnar synostosis after treatment of 
a Monteggia fracture. B: The CT scans demonstrate the location of the synostosis 
adjacent to the bicipital tuberosity. C: The entire anconeus and extensor carpi 
ulnaris complex have been elevated from the ulna (dark arrow), exposing the 
bridge of heterotopic bone between the radius and ulna (light arrow). D: The 
synostosis encased the bicipital tuberosity and tendon. The ectopic bone was 
removed, and the tendon left attached to a block of heterotopic bone (dark 
arrow). The resection exposed the medullary canal of the radius. The fixation 
plate was removed. E: The medullary canal is packed with allograft bone chips to 
minimize extrusion of marrow content. The biceps tendon and attached bone 
block are pushed into the medullary canal and secured with a stout 
nonabsorbable suture (not shown). 


interposition Material 

Even with meticulous technique, the proximity of the proximal radius and ulna to each 
other makes these structures prone to recurrent synostosis. Some type of interposition 
material is a useful preventative adjunct. Three techniques are discussed in the 
following section. Each of these procedures is preceded with copious irrigation of the 
synostosis site and diligent hemostasis as described previously. 


Pedicled Anconeus Myofascial Flap Interposition 
The anconeus myofascial flap receives its blood supply from the collateral circulation 
about the elbow, predominantly the medial collateral artery (MCA) branch of the 
profunda brachii artery and venae commitantes (Fig. 13-8). The muscle is elevated 
from the posterior lateral border of the ulna, usually in a distal to proximal direction. 
The distal edge starts roughly at the junction of the proximal and mid one-third of the 
forearm. 
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A stout septum separates this muscle from the flexor carpi ulnaris. Identification of 
this septum and the anconeus itself may be difficult if previous surgery or initial 
trauma has injured the muscle. In these cases, an alternative material may be 





required. 
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FIGURE 13-8 The arterial anatomy of the distal arm. The medial collateral artery 
(MCA), a branch of the profunda brachii, is the primary blood supply to the 
anconeus. The radial recurrent artery (RRA), a branch of the radial artery, and 





small arterial branches within 3 cm of the RRA, provide the primary blood supply 
to the brachioradialis muscle. 
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FIGURE 13-9 In addition to the medial collateral artery (MCA), the anconeus 
receives blood supply distally from the recurrent posterior interosseous artery 
(RPIA). These vessels (the MCA and RPIA) frequently form an anastomosis on the 
deep surface of the anconeus. The RPIA is frequently sacrificed in the process of 
elevating this flap. (From Schmidt CC, Kohut GN, Greenberg J A, Kann SE, Idler RS, 
Kiefhaber TR. The anconeus muscle flap: its anatomy and clinical application. J 
Hand Surg Am. 1999;24(2):359-369. With permission. ) 
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Elevation of the flap is carried up to the lateral epicondyle until sufficient freedom 
exists to permit mobilization of the tissue’'s leading edge to the distal extent of the 
synostosis. By protecting the proximal origin and the lateral fascial attachments of the 
triceps, the medial collateral artery of the elbow can be preserved. The anconeus also 
receives blood supply distally from the recurrent posterior interosseous artery (RPIA). 
These vessels (the MCA and RPIA) frequently form an anatomosis on the deep surface 
of the anconeus (Fig. 13-9). The RPIA is usually sacrificed in the process of removing 
the synostosis or in elevating this flap. 


The distal end of the anconeus flap is attached to the ulnar edge of the biceps 
tuberosity while the forearm is placed in full pronation. Sutures alone or suture 
anchors placed into the proximal radius or biceps tendon secure the anconeus flap 
with mattress or Bunnel locking stitches. Now, as the forearm is supinated, the 
anconeus will be drawn into the proximal radioulnar space where the synostosis 
previously laya€” creating a thin, pedicled interposition flap of viable muscle and 
fascia (Fig. 13-10). 


The utility of the anconeus myofascial interposition flap has recently been expanded 
by Morrey and Schneeberger to include soft tissue interposition between the 
capitellum and the proximal radius in cases of radial head excision or failed radial 
head arthroplasty (Fig. 13-11). Three interposition options are described: type |, 
interposition at the radiocapitellar joint; type Il, the muscle is brought 
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posterior to the intact fibers of the ulnar portion of the lateral ulnar collateral 
ligament and interposed between radiocapitellar and proximal radioulnar joint; and 
type Ill, proximal radioulnar wrap. In each type of interposition, the muscle is secured 
with stout suture placed through drill holes. 





Biceps 
tuberosity 


FIGURE 13-10 With the forearm placed in full pronation, the distal end of the 
anconeus flap is attached to the ulnar edge of the biceps tuberosity (BT) with a 
suture anchor or direct stitch into the biceps tendon. As the forearm is supinated 
(arrow), the anconeus will be drawn into the proximal radioulnar space. 





FIGURE 13-11 Three interposition options for the anconeus flap after radial head 
resection: type I, radiocapitellar joint: type Il, radiocapitellar and proximal 
radioulnar joint; and type III, proximal radioulnar wrap. (From Morrey BF, 
Schneeberger AG. Anconeus arthroplasty: a new technique for reconstruction of 
the radiocapitellar and/or proximal radioulnar joint. J Bone J oint Surg Am. 

2002; 84-A(11):1960a€“ 1969. With permission. ) 


Distally based anconeus myofascial flaps composed of anconeus and some neighboring 
extensor carpi ulnaris have been described. This flap depends on an intact RPIA for its 


blood supply, a small vessel that is easily injured during the initial fracture fixation or 
during resection of a synostosis. Distally based anconeus flaps may have application in 
the management of soft tissue defects not associated with elbow fractures such as 
burns or skin avulsion but should be used with caution in the setting of synostosis 
resection. 


The proximally based anconeus pedicle flap can also be used to provide soft tissue 
coverage of small defects about the traumatized elbow. Three areas where this muscle 
will reach is the lateral epicondyle, the posterior surface of the olecranon, and the 
distal radial aspect of the triceps insertion into the olecranon. The muscle is elevated, 
rotated over the defect, and covered with split thickness skin grafts. 


Pedicled Brachioradialis Myofascial Flap Interposition 


The brachioradialis interposition flap is useful when resection of a radioulnar 
synostosis is performed through a combined anterior and posterior approach. The 
posterior incision and approach is the same as described previously: the anconeus- 
extensor carpi ulnaris interval is developed, the supinator sharply elevated from the 
ulna, and the synostosis excised. The anterior approach is conducted through a 
longitudinal incision made along the ulnar border of the brachioradialis, from the 
elbow flexion crease to the distal forearm. The superficial branch of the radial nerve 
is located in the distal forearm and carefully dissected from the undersurface of the 
brachioradialis. This nerve is followed proximally into the cephalad region of 
antecubital fossa where it is found to branch from the radial nerve. At this level the 
radial nerve branches to the brachioradialis, and extensor carpi radialis muscle may be 
encountered 
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and is protected. Most important, the posterior interosseous nerve branch is identified 
and followed into the substance of the supinator muscle. The stout fibers on the 
leading edge of the supinator, the arcade of Frohse, are a potential source for 
compression during the remainder of the procedure and are divided. Simultaneously 
with the dissection of the radial nerve, the radial artery and its branches to the lateral 
elbow are encountered and protected. The largest of these branches, the radial 
recurrent artery, is found crossing from ulnar to radial, just distal to the biceps tendon 
(see Fig. 13-8). Care is taken to preserve not only the radial recurrent artery, but also 
the branches of the radial artery just distal to the radial recurrent artery. While the 


proximal aspect of the brachioradialis muscle belly is vascularized by the radial 
recurrent artery, the distal aspect of the muscle receives its blood supply from the 
arborization of the radial artery approximately 3 cm distal to the radial recurrent 
artery. In this dissection the median nerve and the ulnar artery are shielded by the 
medially retracted flexor-pronator muscle mass on the ulnar aspect of the proximal 
forearm. 


Once these pertinent neurovascular structures are dissected free and protected, 
attention can be turned to the synostosis excision. Typically, the heterotrophic bone is 
found within or deep to the supinator muscle as it extends between the proximal 
radius and ulna. This anterior approach is helpful to visualize and debride the full 
extent of bridging bone in complex or revision cases of synostosis resection. After the 
synostosis has been taken down and the exposed bone edges covered with bone wax, 
the pedicled brachioradialis myofascial interposition flap is raised (see Fig. 13-12). 


The tendon of the brachioradialis is divided and the muscle raised from distal to 
proximal. The previously identified neurovascular structures are left intact. Although 
the muscle can be released proximally from its origin on the lateral epicondyle and 
lateral intermuscular septum, this is usually not necessary; the muscle typically 
provides enough length for interposition between the proximal radius and ulna. 


The muscle is interposed between the radius and ulna from anterior to posterior and 
secured in one of two ways. The first is to secure muscle to the posterior surface of 
the fully supinated radius using suture anchors or drill holes. When the forearm is 
pronated, the muscle is advanced into the interosseous space. The second method, 
introduced by Diego Fernandez, wraps the muscle around the proximal radius, deep to 
the superficial branch of the radial nerve, and is sutured to itself with locking sutures. 
Passing the stitches through the muscle fascia as well as through some of the 
tendonous fibers optimizes the fixation of this interposition flap to the bone. 


In addition to being used for an interposition material, the brachioradialis can be used 
as a myofasciocutaneous flap to provide coverage for medium-sized elbow defects. 
The skin over the brachioradialis, centered on the radial recurrent artery, may be 
harvested up to 2 to 3 cm in width and 6 to 10 cm in length from proximal to distal. A 
narrow skin paddle permits primary closure of the donor site. Alternatively, the muscle 
alone can be elevated, inset, and split thickness skin graft is applied over it. The 
brachioradialis flap can be safely rotated to reach soft tissue defects involving the 


antecubital fossa, the volar one-third of the forearm, and the posterolateral aspect of 
the elbow between the lateral epicondyle and the olecranon. 


Tensor Fascia Lata Interposition 


There are certainly cases of heterotopic ossification and radioulnar synostosis in which 
transposing a local muscle flap may be difficult or impossible. Most frequently these 
are cases in which the anconeus was injured during the initial traumatic event and 
where the extensive dissection of the brachioradialis muscle and additional scars are 
avoidable. In such circumstances, an alternative approach is to use tensor fascia lata 
(TFL) for interposition. Autograft TFL has the advantage of biocompatibility but the 
marked disadvantage of donor site morbidity including superficial nerve injury, 
additional site of scarring, and asymmetry of the thigh secondary to muscle herniation. 
Given the potential complications and the reality that the interposition graft (whether 
autograft or allograft) is not living tissue after harvest, we have abandoned the use of 
autograft TFL in favor of allograft. 


The technique is straightforward. Following synostosis exposure and resection, the 

tensor fascia lata allograft is shaped to cover the exposed bone. A graft 10 to 12 cm 

long and 4 to 5 cm wide is required in most cases. The tensor fascia lata graft is 

wrapped around the most accessible bone, usually the ulna, and sutured into place 

using absorbable sutures (see Fig. 13-13). With a complete wrap, the graft can simply 

be sutured to itself or neighboring soft tissues to maintain its position. Another 

technique is to suture the graft to the exposed surface of the ulna, interpose it 

between the radius and ulna, securing to the exposed surface of the fully pronated 

radius with suture anchors. As the forearm supinates, the graft follows the radius and 

provides an effective barrier to reformation of the synostosis. The TFL, once secured 

to the underlying bone, creates an intact, but not water tight, sleeve 
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around the proximal aspect of one of the forearm bones. The goals of this type of 

fascial interposition are twofold: to provide painless forearm rotation and to act asa 

barrier to future bridging heterotopic bone. 
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FIGURE 13-12 A: Posterior lateral approach (Kocher). Through a separate 
incision, the interval between the anconeus and extensor carpi ulnaris is 
developed. B: The supinator is sharply elevated off of the ulna exposing the 
radioulnar synostosis. C: The synostosis is removed and if necessary the 
interosseous ligament-membrane is excised. D: A separate anterior incision runs 
just ulnar to the brachioradialis muscle. The tendon is divided distally, the 
superficial branch of the radial nerve is separated from the under belly of the 





muscle, and the vascular bundles entering the muscle in the proximal forearm are 
preserved. The muscle is passed through the interosseous space created by the 
resection. E: The tail of the muscle is brought deep to the radial nerve and 
sutured to the proximal muscle belly. F: Cross-section of the forearm. Note the 
muscle passes radial to the radial artery in the mid forearm, distal to the biceps 
tendon and deep to the superficial branch of the radial nerve. (From Fernandez 
DL, J oneschild E. a€oeWrap arounda€e pedicled muscle flaps for the treatment of 
recurrent forearm synostosis. Tech Hand Up Extrem Surg. 2004; 8(2):102a€“ 109. 
With permission. ) 








FIGURE 13-13 A: This 4 A— 14 cm tensor fascia lata allograft will be used as an 
interposition material. B: This is the forearm of the patient shown in Figure 13-7. 
After synostosis resection, the rough surfaces of the radius and the ulna are prone 
to reformation of the synostosis. C: The tensor fascia lata allograft is wrapped 
around the ulna and secured with stout absorbable sutures. D: Radiographs of the 
elbow 6 months postoperatively. E: Range of motion 6 months postoperatively. 


Closure 

After heterotopic bone excision from an elbow, medial or lateral instability frequently 
arises. If the collateral ligaments have been excised, they should be reconstructed. 
Allograft tendon provides an alternative to harvesting autogenous palmaris longus or 
plantaris for these patients. Using either form of collagen, a tendon reconstruction can 


be performed with a combination of suture anchors and bone tunnels. Care should be 
given to reconstructing the anterior band of the medial collateral ligament and the 
ulnar band of the lateral collateral ligament, as these ligaments have been shown to 
be instrumental in the maintenance of elbow stability. If stability cannot be achieved 
with ligamentous reconstruction, a dynamic external fixator or dynamic traction 
fixator should be applied. 


Closed suction drains anterior and posterior to the elbow joint are an integral part of 
minimizing postoperative swelling and hematoma formation. It is not necessary to 
place a drain in the site of a synostosis takedown, but it should be placed deep to the 
fascial layer. Before closing the deep soft tissues, a lidocaine or bupivacaine 
continuous infusion pump may be placed to help maximize postoperative pain control 
(in cases in which axillary catheters are not used). The catheter for a bupivacaine 
infusion pump should be placed in a soft tissue layer or location separate from that of 
the closed suction drains. Divisions in the intermuscular septi do not need to be 
sutured, but muscle attachments to the distal humerus or proximal ulna should be 
repaired. For origins and insertions of 
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muscle about the medial and lateral elbow, suture anchors provide sufficient stability 
for the bony reattachment. If the medial, flexor-pronator muscle mass has been 
elevated, consideration can be made to submuscular transposition of the ulnar nerve. 
Otherwise, a simple subcutaneous transposition maintained with a small strip of 
flexor-pronator fascia frequently will suffice. The fascial layer may be repaired with 
absorbable suture in a running or interrupted fashion. Subcutaneous and skin closure 
follows. The skin closure should not be under tension, nor should it be so tight as to 
prevent egress of drainage when early motion is initiated. 


Postoperative Management 

Surgical outcomes of heterotopic bone excision and interposition soft tissue flaps 
weigh heavily on the patient's postoperative rehabilitation. The affected upper 
extremity is immobilized in a soft dressing to allow immediate motion. An axillary 
block catheter placed by the anesthesia team can provide substantial pain relief in the 
immediate postoperative setting. When such a catheter cannot be placed, we have 
used continuous bupivacaine infusion pumps to supplement intravenous narcotic pain 
control. 


TECHNICAL FEATURE 


A 2.4 GHz 





POLARIZATION-DIVERSITY 
PLANAR PRINTED DIPOLE 
ANTENNA FOR WLAN AND 
WIRELESS COMMUNICATION 


APPLICATIONS 


This article presents the design simulation, fabrication and measured 


performance of a 2.4 GHz polarization-diversity printed dipole antenna for 


wireless communication applications. Two orthogonal printed dipole antennas, 
each with a microstrip via-hole balun for vertical and horizontal polarization, are 


combined and fabricated on a PCB substrate. PIN diodes are used as switches to 
select the desired antenna polarization. The 3D finite-element-method (FEM) 
electromagnetic EM simulator, HFSS, is used in the design simulation of this 


planar antenna structure. Numerical and measured results of the antenna 


radiation characteristics, including input SWR, radiation pattern coverage and 
polarization-diversity, are presented and compared. 


wireless local area networks (WLAN), re- 

search and development efforts are aiming 
at smaller size and better performance. In ad- 
dition to the use of signal processing tech- 
niques to improve communication channel ca- 
pacity, the radiation characteristics of the 
portable antenna system is also very important 
for communication performance. 

In urban or indoor environments, the radio 
wave will propagate through complicated re- 
flection or scattering processes. The polariza- 
tion of the radio wave may change significant- 


| n wireless communication systems, such as 


ly. In order to effectively receive the commu- 
nications signal, a polarization-diversity anten- 
na for wireless communications may become 
an important requirement. A polarization-di- 
versity antenna may have a pair of linearly-po- 
larized antennas, and the radio signal received 
on both antenna is sampled and compared at 
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With adequate analgesia, continuous passive motion of the elbow can be performed in 
flexion and extension. It is our preference to use a bedside continuous passive motion 
(CPM) machine for the elbow rather than the more mobile units that provide motion 
during ambulation. The bedside units tend to maintain a constant position, capitalizing 
on leverage to impart motion at the patient's elbow. We have not identified a reliable 
method for continuous passive forearm motion and instead rely on intermittent 
sessions wherein the extremity is removed from the CPM machine, the elbow flexed 90 
degrees, and forearm motion addressed. Resting splints are worn while the patient 
sleeps at night. The position of the splint is dictated by the particular problems 
addressed with surgery. For patients with elbow flexion and extension problems, the 
limb is immobilized in maximum extension and supination. For those patients whose 
primary problem is forearm motion, the limb is immobilized with elbow flexed 90 
degrees and the forearm in maximum supination. Patients are usually discharged on 
the fourth day postoperatively, and an aggressive home and outpatient therapy 
program is instituted. 


Elbow and forearm specific exercises include active, active-assisted range of motion as 
well as gentle passive assisted range of motion. To minimize the da€cetrick 
maneuvera€e of radiocarpal and intercarpal rotation to augment apparent pronation 
and supination, the wrist is secured in an immobilizer and a solid object such as a 
common household tool, a hammer, is grasped tightly in the hand. Doing this directs 
all pronation and supination efforts to the forearm. When not exercising, the patient 
should use a static progressive splint, especially at night. The splint is applied an hour 
before sleep, and the pain associated with initial application should have dissipated 
enough that sleep will not be interrupted. Dynamic rubber band or spring driven 
splints are never used. Splinting and exercises are rarely carried out past 6 months 
postoperatively, as there is usually no change in the range of motion past this date. 
Anecdotally, however, patients frequently report that even though their range of 
motion does not change after 6 months, their strength and ease of motion improves up 
to 2 years postoperatively. 


Radiation treatment of the resected bed of heterotopic ossification or synostosis has 
been shown to be successful in preventing recurrence of ectopic bone. However, no 
prospective randomized trial has shown this modality to be better than resection 
alone. As this procedure comes with some inherent risk of wound breakdown, neuritis, 


and lymphedema, and a remote risk of sarcoma, it should be discussed with the 
patient preoperatively. We limit radiation therapy to a single dose of 700 cGy within 
36 hours of surgery and only in those patients in whom there was ankylosis of the 
proximal radioulnar joint. All patients are given ketorolac 30 mg IV daily for the 4 
days; beyond that, non-steroidal anti-inflammatory medicines are not used. 


Complications 
While the release of a stiff or ankylosed elbow can provide dramatic improvement ina 
patient's upper extremity function, the procedure is not without its complications. It is 
a high-risk operation which requires strong appreciation for the anatomy of the elbow 
and traversing neurovascular structures. Nerve injury from retraction or surgical 
dissection is possible and can be minimized with frequent assessment of nerve location 
as well as limiting the time and rigorousness of retraction ona 
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nerve. Loss of fixation of the interposition material can be avoided by careful suture 
fixation into muscle as well as fascia. 


Certainly, the most frequent complication of this procedure is recurrence of the 
heterotopic bone. In many cases new calcifications arise on postoperative radiographs 
well into the rehabilitation period. If the physical examination demonstrates no signs 
of motion loss, these ectopic calcifications are clinically insignificant and dona€™t 
require routine followup. Some motion loss from the gains made intraoperatively can 
be expected. But a majority of patients who actively participate in their daily motion 
exercises will maintain a functional arc of motion and achieve an optimal outcome. 
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Chapter 14 
Principles of Hand Incisions 
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William P. Cooney III 


Indications/Contraindications 

Because of the intricate balance of function in the hand and wrist, incisions in this 
area are unique. In an effort to ensure healing and maintain function, it is important 
to plan the incisions appropriately. The fingers have well-established approaches that 
allow for good visualization of deeper structures without compromising healing. 
Likewise, the hand and wrist are best approached while following basic principles. 
Poorly placed incisions result in restrictive scarring (Fig. 14-1), which may lead to 
diminished motion and function. In addition, the limited skin redundancy on the 
palmar surface of the hand may make delayed closure of edematous wounds difficult. 
Sound planning of incisions about the hand and wrist will help to avoid some of these 
difficulties. The purpose of this chapter is to review accepted incision designs for 
various aspects of the hand and wrist. 


Preoperative Planning 


Volar Approach to the Fingers 
There are several commonly used approaches to the volar aspect of the fingers and 
thumb. The traditional Bruner incision is the approach that is most common (1). It is a 


Zigzag incision that angles at the flexion creases of the metacarpophalangeal (MP), 
proximal interphalangeal (PIP), and distal interphalangeal (DIP) joints (Fig. 14-2). As 
the incision progresses proximally, the flexion creases of the palm are also points of 
direction changes. The principle is based on the fact that longitudinal incisions across 
these creases can generate excessive scarring and limit extension. For optimal healing 
of the flaps, it is best to keep the angles close to 90 degrees. Angles more acute than 
60 degrees carry a higher incidence of skin necrosis. 
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FIGURE 14-1 Example of restrictive scar resulting from straight line incision 
placed over the flexor surface of the finger. 























FIGURE 14-2 A: Bruner incision approach to the volar aspect of the fingers. The 
most commonly preferred method of crossing flexion creases is with these 
undulating angled incisions. B: Excellent exposure to the volar aspect of the 
finger can be achieved. C: These scars typically heal nicely. 
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An alternative to the Bruner incision in the finger is the mid-lateral approach (Figure 
3A). It has the advantage of being cosmetically more appealing. The incision is based 
about the lateral (or medial) side of the finger and the skin is elevated to provide 
exposure of the underlying tissues. A good way to ensure that the surgeon is not 
directly over the neurovascular bundles is to connect the incisions at the apex of the 
flexion creases (Fig. 14-3B). This is also a preferred approach in cases of replantation 
surgery. Although cosmetically appealing, the challenges of this technique include 
elevating the skin and ensuring its viability. 


In cases of flexion deformity of the fingers such as Dupuytren's contracture, a straight 
midline incision with z-plasties is an alternative approach to the traditional Bruner 
incision (Fig. 14-4). This will allow for the elongation of the incision as the flexion 
deformity is corrected. Angles of 60 degrees help preserve viability at the apex of the 
skin flap. 


Incisions over the distal pulp of the finger, such as is necessary in felons, are best 
made directly over the area of swelling and induration. These wounds can be loosely 
closed or allowed to heal via secondary intention. If it appears that the incision may 
need to be extended proximal to the distal interphalangeal joint, a Bruner incision 
may be preferred for better exposure. 


Dorsal Incisions About the Fingers 

The dorsal skin of the hand lacks glaborous connections and has more redundancy, due 
to the requirements of joint flexion. Because of this redundancy, longitudinal incisions 
are acceptable. A longitudinal incision allows (Fig. 14-5) for protection of the venous 
and lymphatic drainage, while giving good visualization of the extensor mechanism (2). 
Lazy S or curvilinear incisions may also be designed to avoid crossing extension creases 
(see Fig. 14-5). Incisions over the distal interphalangeal joint can be longitudinal as 
well, but dissection can be limited due to the nail bed and fold distally. An alternative 
is the a€ceTa€* or a€caHa€*-shaped incision that allows for visualization of the 
extensor mechanism and distal interphalangeal joint (Fig. 14-6). 
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FIGURE 14-3 A: The mid-axial or lateral approach to the fingers. This technique 
can be a more aesthetic alternative to the Bruner incision. B: Care must be taken 
to connect the incision at the apex of the flexion creases in order to avoid direct 
dissection over the underlying neurovascular structures and prevent excessive 
volar scarring. C: Although it requires more dissection, excellent exposure can be 
achieved. D: An example of a healed mid-lateral incision. 


Volar Incisions About the Hand 


Transverse incisions or incisions that parallel the flexion creases offer the best 

cosmetic results. However, these incisions are perpendicular to the underlying vessels, 

nerves, and tendons. Therefore, care must be taken when performing these 

approaches. Incisions for trigger finger releases are a good example (Fig. 14-7). In 

particular, transverse incisions, in line with the metacarpophalangeal joint flexion 

crease, at the base of the thumb for Al pulley release have been found to produce 

better aesthetic results and result in less restrictive scarring. Traditional longitudinal 

Bruner-type incisions are commonly used and are useful when more exposure is 

necessary. Again, you want to follow the basic premise of changing directions at the 

creases to minimize scarring. Wounds or scars — 
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in the web spaces are at risk of developing functionally limiting scars. Depending on 

the patient, these can sometimes necessitate revision z-plasties and web-space 

deepening. 

















FIGURE 14-4 A: A longitudinal z-plasty approach to the volar aspect of the finger 
can be useful in cases of pre-existing flexion contracture, such as in Dupuytren's 
contracture. B: Wound closure is easily achieved with little or no tension with the 
finger in full extension. 














FIGURE 14-5 Two common approaches to the dorsum of the fingers: a straight 
longitudinal and a more curved longitudinal, which avoids the extension creases. 














FIGURE 14-6 A: An a€ceHa€e-shaped incision over the dorsal aspect of the distal 
interphalangeal (DIP) joint allows for excellent exposure of the dorsal distal 
finger. B: The wounds typically heal very nicely. 


In exposing the carpal tunnel, a longitudinal incision, preferably in or in line with the 
palmar crease, is commonly used. If the incision needs to be extended proximally, 
Bruner-type zigzag incisions can be made between the distal and proximal wrist flexion 
creases (Fig. 14-8). These angled incisions are the most common and useful method of 
crossing flexion creases in the hand and wrist. Care should be taken to stay ulnar to 
the palmaris longus tendon to avoid injury to the palmar sensory branch of the median 
nerve. 


Dorsal Incisions About the Hand 

Longitudinal incision can be successfully used over the dorsum of the hand without the 
risk of restrictive scarring. Transverse and curvilinear incisions can also be used over 
the dorsum of the hand if desired. The skin over the dorsum of the hand is mobile and 
scarring is generally less of a functional problem as the flexor tendons are the 
dominant force and will minimize the cosmetic and/or functional deficit. Approaches 
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A Fig. 1 A 2.4 GHz polarization-diversity antenna. 


3.0 


2.5 














"2.2 2.3 2.4 2.5 


(e) FREQUENCY (GHz) 


2.6 











PRINTED 
DIPOLE STRIP 


GROUND METAL PLANE 


VIA-HOLE 


PRINTED 
DIPOLE STRIP 





mm MICROSTRIP LINE STRIP (TOP) 
[=] DIPOLE STRIP & MICROSTRIP 
GROUND METAL (BOTTOM) 


A Fig. 2 Printed dipole antenna 
with a microstrip balun. 





A Fig. 3 Simulated performance of a 2.4 GHz printed dipole antenna placed horizontally; (a) input SWR, (b) E-plane pattern 


and (c) H-plane pattern. 


certain time intervals. Then the an- 
tenna with the best signal quality is 
selected. 

A typical dipole antenna radiates a 
vertically polarized EM wave and has 
an omnidirectional antenna pattern. In 
order to have a preferred planar an- 
tenna structure for this 2.4 GHz polar- 
ization-diversity antenna, a printed di- 
pole antenna with a microstrip via- 
hole balun is designed. As shown in 
Figure 1, two orthogonal printed di- 
pole antennas, for vertical and hori- 
zontal polarization, respectively, are 
combined and fabricated on a PCB 
substrate. PIN diodes are used to 
switch and select the desired antenna 


polarization. 
In the antenna design, the high 
frequency structure simulator 


(HFSS), based on a 3D FEM, was 
employed for design simulation of the 
complete printed dipole structure. A 
printed dipole antenna and a polar- 
ization-diversity planar dipole anten- 
na board (with a polarization-selec- 
tion PIN diode circuit) have been 
fabricated on FR-4 PCB substrates. A 
complete 3D structure FEM simula- 
tion and the measured performance 


of the realized printed dipole-anten- 
na are compared. The measured radi- 
ation characteristics of the polariza- 
tion-diversity planar dipole antenna, 
including input SWR, radiation pat- 
tern coverage and polarization diver- 
sity, are presented. 


PRINTED DIPOLE ANTENNA 
WITH MICROSTRIP BALUN 

As shown in Figure 2, a printed 
dipole antenna has a printed mi- 
crostrip balun which acts as an unbal- 
anced-to-balanced transformer from 
the feed coaxial line to the two print- 
ed dipole strips. The length of the di- 
pole strip and the balun microstrip 
are both about 1/4 wavelength. The 
ground plane of the microstrip line 
and the dipole antenna strips are in 
the same plane. A via-hole permits 
the feed point 2 of a printed dipole 
strip to have the same phase as the 
feed point 1 of the other printed di- 
pole strip. Due to the 180° phase dif- 
ference between the top strip and the 
ground plane of the microstrip line, 
the feed point 2 of the printed dipole 
strip will have 180° phase difference 
with the other feed point 1. Accurate 


dimensions of the printed dipole strip 
and the microstrip balun structure 
are determined by numerical simula- 
tion, using HFSS. 

The simulation results for a 2.4 
GHz printed dipole antenna placed 
horizontally with a microstrip via-hole 
balun and fabricated on an FR-4 sub- 
strate are shown in Figure 3. The in- 
put SWR is less than 1.5 from 2.2 to 
2.6 GHz. The simulated E- and H- 
plane antenna patterns are very close 
to those of an ideal dipole antenna, 
where the H-plane pattern is omnidi- 
rectional. Figure 4 is a photograph of 
a realized antenna. The measured in- 
put SWR and antenna patterns (mea- 
sured with the dipole placed vertically) 
agree well with the simulation results, 
as shown in Figure 5. 


PLANAR 
POLARIZATION-DIVERSITY 
PRINTED DIPOLE ANTENNA 
Figure 6 shows photographs of a 
realized 2.4 GHz planar polarization- 
diversity antenna consisting of two 
orthogonal printed dipole antennas 
with a polarization-switched PIN 
diode circuit. Each printed dipole has 


to the carpometacarpal joint can be made longitudinally between the abductor pollicis 
longus and extensor pollicis brevis tendons, or they can be more radial (along the 
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plane of the intersection of the dorsal and volar skin) and extended proximally 
transversely along the wrist flexion crease, forming a a€cehockey sticka€* appearance. 





FIGURE 14-7 An incision for trigger finger approach using the palm flexion crease. 
These can result in cosmetically appealing scars with little or no residual deficit. 


In cases where greater exposure is necessary, a longitudinal Bruner-type incision 
is preferred. 








FIGURE 14-8 An extensile carpal tunnel incision. Angulation at the wrist flexion 
crease will minimize scarring of the wound. By keeping the incision ulnar to the 
palmaris longus tendon (dotted line), injury to the palmar sensory branch of the 
median nerve can be avoided. 











Incisions About the Wrist 

Dorsal approaches to the wrist can be longitudinal, transverse, or curvilinear. The 
tissues on the dorsal aspect of the wrist are redundant and dorsal scarring is not 
typically a problem. These can include incisions to expose the base of the thumb. 
Volar incisions to the wrist can be along flexion creases or longitudinal provided the 
incision changes direction at the flexion creases in a modified Bruner fashion. 


Incisions About the Forearm 

As we extend proximally, more traditional incisions can be used. If it is a fairly short 
incision, such as in open treatment of distal radius fractures, a longitudinal incision 
will suffice (Fig. 14-9). If the incision is extended distally, a Bruner angulation is made 


at the wrist flexion crease. In cases where extensive exposure is necessary, such as is 
required in compartment syndrome release, an undulating longitudinal incision works 
well. If the elbow must be crossed, this is usually done in a lazy S fashion passing to 
the medial aspect of the anticubital fossa. 





FIGURE 14-9 A longitudinal approach to the distal radius in a case of open 
reduction and internal fixation of a distal radius fracture. Angulation of the 
incision can be performed if the incision needs to be extended distally. 
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Healing by Secondary Intention 

In cases such as infection and Dupuytren's contracture, it may be advantageous to 
leave the wounds at least partially open. These wounds can heal nicely by secondary 
intention. Modalities such as whirlpool and wound vacuum assisted closure can be 
helpful in accelerating wound healing as well as minimizing risk of infection. 
Disadvantages include time to healing and the fact that some patients find the healing 
process cosmetically unappealing. Unfortunately, functional limitations such as joint 


contractures can result as rehabilitation is delayed during the wound healing process. 
However, with good postoperative wound care, this can be an effective way to manage 
some of the more difficult cases or cases where it is necessary to leave the wounds 
open (3). 


Surgery 


Patient Positioning 

Typically, the patient is in a supine position and a hand table is used. A tourniquet is 
placed in the proximal portion of the arm. We prefer the pressure to be inflated to 
approximately 250 mm Hg for adults and 200 to 225 mm Hg for children (generally 
70a€“ 100 mm Hg above the patient's systolic pressure). If the surgery is isolated to the 
distal aspect of the finger, a finger tourniquet can be placed. In these cases, we 
routinely also place the upper arm tourniquet which can be used if need be. The 
entire extremity is prepped. Perioperative antibiotics are administered when 
indicated. 


Technique 

Loupe magnification should be used to help avoid injury to important underlying 
structures. The incision is typically made with a 15-blade knife, taking care to stay 
perpendicular to the skin and not skiving. The knife can be used to cut the dermis and 
epidermis. Generally, dissection should proceed from known to unknown or normal to 
abnormal tissues. Electrocautery, with needle-point cautery, can be used for small 
veins or vessels. We prefer the use of bipolar cautery. Drains should be liberally used, 
especially in contaminated wounds or wounds with compromised hemostasis. Options 
include a small silastic, penrose, or hemovac drain. The drain can be placed without 
suture so that it can be easily removed postoperatively to not disturb the overlying 
dressing. Otherwise, drains can be sutured for added protection if the surgeon wants it 
kept it in for a longer period of time. It is our preference to deflate the tourniquet 
before wound closure to evaluate hand perfusion as well as hemostasis prior to wound 
closure. After ensuring adequate hemostasis and viability of the hand, the tourniquet 
may be reinflated during wound closure. The wounds can be closed in a single layer 
with a nonabsorbable interrupted 4-0 or 5-0 suture such as nylon or prolene. Either 
horizontal or vertical mattress sutures can be used. Vertical mattresses are better for 


everting the skin edges, whereas horizontal mattress sutures allow for less overall 
sutures. Increased ischemia of the soft tissues can occur with horizontal mattress 
closure. In young children, an absorbable suture such as catgut or chromic is 
preferred. 


Postoperative Management 

A thoughtfully applied hand dressing is imperative. Depending on the injury, some 
period of immobilization is generally recommended. Proper immobilization will allow 
for the skin and soft tissues to heal with minimal stretch and tension. However, this 
needs to be balanced with the risk of developing joint contractures. In cases of 
fracture care, immobilization time is prolonged compared with that for soft tissues. 
The dressing should be mildly compressive and supportive (Fig. 14-10). Surgeries 
involving the distal aspects of the digits may be adequately dressed with a tube gauze 
type of dressing. More proximal reconstructive surgeries will require varying periods of 
immobilization of the wrist and hand in the position of function. Specifically, with the 
wrist in mild extension, metacarpophalangeal joints flexed and interphalangeal joints 
extended. Elective soft tissue procedures such as carpal tunnel releases can be 
immobilized with the wrist in mild extension and the fingers free to move 
immediately. Although this is our preference, we acknowledge these can be 
successfully treated with simply a soft dressing. Drains are discontinued when the 
wound is dry. 
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FIGURE 14-10 An example of a compressive dressing in a patient with rheumatoid 
arthritis who underwent metacarpophalangeal joint arthroplasty. A: Following 
application of xeroform on the incision, fluffs are placed on the volar, dorsal, 
radial, and ulnar aspects of the wrist and hand. Gauze is lightly placed within the 


web spaces of the digits. B: Abundant cast padding is applied followed by (C) 
plaster. In the immediate postoperative period, we prefer a splint as it will allow 
for swelling and will compress as the swelling improves. D: A bias wrap completes 
the dressing. In this example, the MP joints need to be immobilized in extension 
and neutral deviation. If finger motion is not contraindicated, care should be 
taken not to have the dressing restrict finger motion. 
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Complications 

The most common adverse result of poorly planned incisions is scar contracture (see 
Fig. 14-1), which can lead to cosmetic and/ or functional deficits. More difficult are 
skin necrosis and subsequent wound healing problems. These can lead to problems 
such as infection, excessive scar formation, and diminished function. Other less 
common complications related to inadequate or suboptimal incisions include injury to 
nerves, arteries, or tendons. However, with good preoperative planning and 
technique, these complications are usually avoidable. 
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The first description of the lateral arm flap was by Song and coworkers. They used 
it primarily as a free microvascular flap for small and medium-sized defects in 
reconstructive procedures of the head and neck. A detailed study by Katsaros et al 
later popularized it as an extremely versatile, easy to harvest septocutaneous flap 
with relatively low donor site morbidity. The vascular anatomy is reliable, and the 
dissection is rather quick and can be performed under regional anesthesia for 
reconstruction of hand and wrist defects. To date, the flap is used for a wide 
spectrum of defects all over the body. 


The shortcomings of the original lateral arm flap were the flap's bulkiness and a 
pedicle of moderate length when skin flaps were centered over the middle aspect 
of the lateral arm. Recent anatomic studies have led to significant modifications in 
flap design; the skin paddle is now centered over the lower third of the upper arm 
extending to the lateral epicondyle (extended lateral arm flap). This produces a 
thin flap with a long pedicle length. The flap may also be used in a reversed fashion 
(reversed lateral arm flap) or as a pedicled antegrade V-Y flap (extreme lateral arm 
flap). A pure fascial flap has also been described. The flap may be designed to 
include vascularized nerve, tendon, and bone. This versatility has made the lateral 


arm flap a a€ceworkhorsea€e for elective, urgent, and emergency reconstructions 
of the hand and wrist. 


Indications/Contraindications 


Indications 

The lateral arm flap has a wide range of applications for closure of small and 
medium-sized defects in hand and wrist surgery. The classic fasciocutaneous or 
fascial flap serves well for reconstruction of the dorsal aspect of the hand or the 
thumb index web space. Patients with a thin subcutaneous fat layer are the best 
candidates for the flap because it is soft and easily pliable for complex three- 
dimensional defects. 


For cases of palmar reconstruction, we prefer to use a fascial flap, as the 
cutaneous lateral arm flap may be too thick. This flap is then covered with a full 
thickness graft and made sensate by anastomising the posterior cutaneous forearm 
nerve to the palmar branch of the median nerve. Defects with loss of extensor 
tendons or metacarpal bone can be closed using a composite lateral arm flap using 
a distal humeral cortical segment and/ or a vascularized triceps tendon graft. For 
all these indications, the flap has to be used as a free microvascular flap. The 
pedicle is long enough (see following) for flap positioning around the hand or wrist 
in many cases. The main alternatives to the lateral arm flap are the (osteo-) 
cutaneous scapular/ parascapular, radial forearm, enterolateral thigh flap, and 
dorsalis pedis flaps. The specific features of each are provided in Table 15-1. 


Contraindications 
The free lateral arm flap represents a microsurgical procedure of considerable 
length. Patients with poor general health who need an elective procedure should 
be optimized preoperatively; otherwise, 
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other treatment options should be considered. Previous trauma or surgical 
procedures in this area, such as plate osteosyntheses of the humerus, probably 
have destroyed the perforators and are a contraindication. Patients with 
considerable body fat provide a bulky lateral arm skin flap which is unsuitable for 
most hand and wrist reconstruction. Using the fasciocutaneous lateral arm flap 


together with a skin graft can be an option in these cases. The relatively 
conspicuous scar of the lateral arm flap poses a relative contraindication in female 
patients. Whenever the donor site cannot be closed primarily, other flap options 
should be thought of (see previously). Hair transfer may pose a problem in head and 
neck reconstructions. Likewise, male patients may prove a challenge with hair 
transfer in hand and wrist reconstructions. 


Max. skin island size (cm) 
8 A—25 

10 A— 20 

7 A—25 

15 A—28 

5A—8 

Max. pedicle length (cm) 
ilk 


Fascia only 

Yes 

Yes 

a€” 

a€” 

a€” 

Tendon component 
Lateral triceps tendon 
Palmaris longus, half of the radial carpal flexor 
Fascia lata 

a€” 

Short toe extensors 
Muscle component 
a€” 

a€” 

a€” 
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A Fig. 4 A 2.4 GHz printed dipole antenna 
with a microstrip via-hole balun; (a) top view 
and (b) bottom view. 


a microstrip via-hole balun. The ter- 
minals of the two baluns are connect- 
ed to a PIN diode selection circuit. 
Voltages from the transceiver circuit 
(+5.0V) are fed through a cable to the 
input of the PIN diode circuit sec- 
tion, to short or open-circuit the PIN 
diodes. Hence, either the vertical or 
horizontal printed dipole can be se- 
lected and connected to the trans- 
ceiver. 

Since the two dipoles are very 
close to each other and near the PIN 
diode circuit section, EM coupling 
will degrade the performance of each 
dipole. Figure 7 shows the input 
SWR simulation results with the ver- 
tical dipole antenna selected (+5V to 
PIN diode switching circuit). The in- 
put SWR is less than 2 from 2.25 to 
2.60 GHz. The simulated E- and H- 
plane antenna patterns are all very 
close to those of an ideal dipole an- 
tenna, of which the H-plane pattern 
is still omnidirectional, as shown in 
Figure 8. Note that the dominant 
polarization is the vertical (Eg) field, 
which agrees with the selection of the 
vertical dipole. The antenna pattern 
has some attenuation in the direction 
of the PIN diode circuit board. It can 
also be seen that a certain level of the 
input RF signal is induced to the hor- 
izontal antenna path by EM coupling, 
which generates some level of cross- 
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A Fig. 6 A 2.4 GHz planar polarization- 
diversity antenna with a polarization- 
switched PIN diode circuit; (a) top view 
and (b) bottom view. 
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A Fig. 7 Input SWR simulation of a 2.5 
GHz polarization-diversity dipole antenna 
with the vertical dipole selected. 


polarization field. Figure 9 shows the 
simulation results with the horizontal 
dipole antenna selected (—5V to PIN 
diode switching circuit). Results simi- 
lar to the ones obtained for the verti- 
cal dipole antenna can be observed, 
except that the dominant polarization 
is the horizontal (Eq) field, which 
agrees with the selection of the hori- 
zontal dipole. 

The measured antenna input SWR 
with vertical or horizontal dipole se- 
lection confirms the input SWR of 
each dipole antenna (through the 
PIN diode selection circuit) is less 
than 1.5 from 2.2 to 2.6 GHz, which 
agrees with the HFSS simulation re- 
sults. The measured antenna patterns 
with the selection of the vertical or 
horizontal dipole shows that for the 
selection of the vertical dipole, the 
H-plane pattern is still quite omnidi- 
rectional (as an ideal vertical dipole) 
with some attenuation in the direc- 


Latissimus dorsi, anterior serratus 
No 

Bone component 

Distal humerus 

Distal radius 

a€” 

Lateral scapular border 

2nd metatarsal 

Nerve component 

Posterior cutaneous forearm nerve 
Lateral antebrachial cutaneous nerve 
Lateral femoral cutaneous nerve 
a€” 

Superficial peroneal nerve 

Patient positioning 

Supine or lateral prone 

Supine or lateral prone 


Supine 
Lateral prone 
Supine 
Radial Scapular 
Lateral Forearm Anterolateral Parascapular Dorsalis 
Arm Flap Flap Thigh Flap Flap Pedis Flap 





Table 15-1. Comparison of the Lateral Arm Flap to 
Possible Alternatives for Simple or Composite 
Reconstructions at the Hand and Wrist 


Anatomy 

The skin on the upper lateral arm receives its perfusion by septocutaneous 
perforators in the lateral intermuscular septum inferior to the tip of the deltoid 
muscle. They originate from two main branches in the middle of the upper arm 
between the acromion and the lateral epicondyle originating from the profunda 


brachii artery. Those main branches are called the anterior and posterior radial 
collateral arteries (ARCA and PRCA), with the latter having a reliable longitudinal 
network along the septum to distal arteries. The PRCA Is the nourishing artery for 
the lateral arm flap as it runs close the humerus in the septum between triceps 
brachii and the brachial muscle. The ARCA branches off between the brachial and 
brachioradial muscles and is ligated during flap elevation. In rare cases (about 6%, 
the PRCA is found to be duplicated. On its way distally to the plexus around the 
elbow, the PRCA gives off three to five septocutaneous perforators serving as 
feeder vessels for the lateral arm fascia or fasciocutaneous flap. Those surfacing 
perforators are easily visible during flap dissection. After reaching the 
subcutaneous plexus, the branches run both anteriorly and posteriorly. In this 
region, the PRCA anastomoses with the interosseus recurrent artery (between the 
lateral epicondyle and the olecranon), the recurrent radial artery (anterior to the 
lateral epicondyle directly above the periosteum), and the inferior ulnar collateral 
artery to this plexus. These multiple arterial connections allow for distal extension 
of the skin paddle, which can be harvested up to 12 cm distal to the epicondyle. 
These anastomoses also allow for the use of the flap in a reverse fashion using one 
of the perforators from this periarticular plexus. 


The venous drainage of the lateral arm flap is by veins of the PRCA together with a 
rich network of subcutaneous veins including the cephalic vein, which may be 
included in the anterior part of 


larger flaps. The cephalic vein does not need to be included in smaller flaps 
necessarily, but can provide adequate additional venous drainage in larger or 
composite flaps. 


Depending on flap positioning, the overall pedicle length can reach up to 11 cm in 
the authorsa€™ experience, with the artery having a diameter of 2 to 2.5 mm at its 
proximal origin from the brachial artery. 


Bone, tendon, and nerve may be included within the lateral arm flap and used for 
reconstruction of composite defects. A strip of vascularized bone may be harvested 
from the distal, epicondylar section of the lateral humerus. Detailed studies have 
shown one to four nutrient vessels from the PRCA to the bone. These vessels enter 
the lateral humeral aspect 2 to 7 cm proximal to the lateral epicondyle. Fifty 
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percent of the triceps tendon may also be harvested with the flap, resulting in a 
maximum tendon graft of 10 A—2 cm. Gosain et al demonstrated by injection 
studies that the blood supply to this strip is not via the lateral intermuscular 
septum, but rather through the triceps muscle. Thus, a cuff of muscle must be 
included to have a vascularized tendon segment; alternatively, an avascular triceps 
tendon autograft may be dissected with the flap if one does not wish to violate the 
triceps muscle. Finally, the posterior cutaneous forearm nerve can be included 
within the flap allowing for the possibility of a sensate free flap. Harvest of this 
nerve will result in a strip of distal forearm numbness postoperatively. 


Preoperative Planning 

Doppler examination can be used for centering the skin paddle over the vascular 
pedicle. The flap can be harvested in regional anesthesia using a sterile tourniquet 
(250a€“ 300 mm Hg). For a transplantation to the contralateral arm, general 
anesthesia is adequate. Loupe magnification for flap dissection is strongly 
recommended (2a€“4.5 times). The standard lateral arm flap is centered over a 
virtual axis between the tip of the deltoid muscle and the easily palpable 
prominence of the lateral epicondyle of the humerus (Fig. 15-1 ). When marking 
this axis in patients who are obese or with very mobile skin, the surgeon has to 
support redundant tissue of the posterolateral upper arm, as gravity might pull the 
tissues posteriorly, endangering pedicle inclusion. When flap design is continued 
beyond the lateral epicondyle, the central axis of the flap is continued distally from 
the lateral epicondyle in the direction of the distal radioulnar joint on the wrist 
dorsum. Harvesting the flap from the distal humerus and dorsal forearm produces a 
thinner flap than flaps raised at the midhumeral level. The reversed or extreme 
lateral arm flaps have their major indications as a pedicled flap for defect closure 
around the elbow and proximal forearm. 


In planning a composite lateral arm flap, a precise idea about the future 
positioning of the several components at the recipient site is mandatory. If an 
osteocutaneous flap is dissected, it should be centered at the distal upper arm, as 
the receivable bone graft has a maximum length of about 10 cm from the lateral 
epicondyle proximally. It should not be wider than 25%of the humeral 
circumference, which is sufficient for most indications at the hand and wrist. 


The maximal cutaneous flap area supported by the PRCA on the upper arm varies in 
size from about 5 A—10 cm to 8 A—20 cm. Primary closure is ideal but this is 
dependent on skin laxity, patient habitus, and general tissue conditions. 
Preoperative expansion is described in the literature with the expander being 
placed subfascially and medially to the lateral brachial septum; but this is certainly 
reserved for rare indications. Flaps less than 6 cm in width can usually be closed 
primarily. 





FIGURE 15-1 Planning the axis of a standard lateral arm flap. 
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Surgery 


Patient Positioning 

The patient is placed in the supine or lateral supine position with the extremity on 
a hand table and the arm draped fully mobile. The tip of deltoid muscle, lateral 
epicondyle, and dorsal aspect of the radioulnar joint are marked and connected as 
the flap axis (see Preoperative Planning ). 


Technique 

Dissection is started under tourniquet control. Skin and deep fascia are dissected 
from the muscles together and the fascia is tacked to the skin by 4-0 resorbable 
sutures to prevent shear forces on the skin perforaters. In an extended or distal 
free lateral arm flap, it is likewise important to include the deep fascia together 
with a small strip of intermuscular fascia. Over the epicondylar prominence, the 
periosteum should be taken en bloc with the fascia to ensure including the 


connections to the recurrent radial artery. Retracting the lateral head of the 
triceps posteriorly, the septum, its attachments to the humerus, the PRCA, and the 
septocutaneous perforators are visible. Once the posterior exposure is complete, 
the anterior incision is made and the lateral intermuscular septum is exposed from 
the anterior. While doing this, the surgeon often encounters the smaller, more 
oblique oriented septum between the brachial and the brachioradial muscle, which 
contains the ARCA. The identification of the PRCA perforators is done by carefully 
flipping the flap over along the axis to look at the lateral septum from both sides, 
after which all smaller branches from the ARCA are ligated. If the cephalic vein 
runs through the skin island, it may be dissected out more proximally to have an 
a€ceemergency run-offa€* and included in the flap, or left in situ. However, it is 
not obligatory for a successful lateral arm flap. Now the flap is very mobile and 
only attached to the septum (Fig. 15-2 ). A self-retaining retractor now can be 
inserted. In a fasciocutaneous or purely fascial flap, the periosteum is sharply 
incised bilaterally to the PRCA and sharply taken off the humerus with a periosteal 
elevator, as the PRCA often runs very close to it. This implies ligating smaller 
nourishing branches to the bone in an area of 2 to 7 cm proximal to the lateral 
epicondyle. The vascular pedicle and the cutaneous nerve then are developed 
proximally under the deltoid to gain enough pedicle length, which should match 
with the recipient site situation at this time. Dissecting the cutaneous nerves from 
the radial nerve has to be done with utmost care to prevent uncontrolled bleeding 
and hematoma around the nerve. Finally, the tourniquet is released, precise 
bipolar coagulation is performed, and the flap perfusion is checked. The pedicle is 
ligated only after proper dissection of the recipient vessels and shortly before 
microsurgical anastomosis to save ischemia time. 


If an osteocutaneous composite lateral arm flap is dissected, the periosteum is not 
stripped off the bone, but only incised and an oscillating saw used for corticotomy 
(see Preoperative Planning ). The release of the bone segment is carefully finished 
with a sharp osteotome. 


The tendon harvest of a triceps tendon requires identification of the feeding 
branches from the PRCA into the lateral triceps head. A cuff of muscle is included 
with the tendon for proper perfusion (see Anatomy ). 





FIGURE 15-2 After the flap is isolated on the septum, the pedicle is followed 
proximally quite easily. 


If the recipient site is prepared properly, the pedicle can be ligated with vessel 
clips or suture ligation. A suction drain is placed before a double-layered skin 
closure. 


Donor Site Morbidity 


Preoperatively, the upper lateral arm can be pinched to check if primary wound 
closure is possible after removal of the planned skin island. In flaps wider than 8 to 
9 cm, primary wound closure is impossible; a skin graft must be applied, and a 
secondary scar correction or excision after 6 months might be necessary. In the 
literature, aesthetically unsatisfactory results are reported in about 27% of 
patients, as even the linear scar is quite visible or can show considerable 
hypertrophy or pigmentation changes or cause an hourglass-deformity of the upper 
arm. Early use of silicone sheeting, silicone gel appliance, or intralesional corticoid 
application should be considered. The sometimes unsightly scar is one of the 
reasons for restricting the use of the lateral arm flap in female patients. 


Postoperative Management 
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At the donor site, early motion of the limb is encouraged, whereas shear forces to 
the scar should be avoided. Early scar therapy such as with silicone gel, sheet 
application, or compressive garments has proved to be successful. If an 
osteocutaneous flap was harvested, the patient should refrain from heavy lifting 
until 3 months postoperatively. Protective splints might be considered in 
noncompliant patients. In the case of a triceps tendon segment removal, full 
weight bearing (e.g., pushups) should not be allowed before 12 weeks 
postoperatively. If flap healing at the hand and wrist is undisturbed, physiotherapy 
is begun on the second postoperative day with constant monitoring of flap 
perfusion. If tendons were reconstructed, special rehabilitation protocols may then 
be initiated. Compressive gloves are useful after removal of the suture material. 
Flap thinning or secondary procedures should not be performed until 6 months 
postoperatively. 


Complications 

Specific complications of the lateral arm flap are rare and primarily due to poor 
planning. As it is harvested most often as a fasciocutaneous flap, no attempt should 
be made to close the fascia postoperatively, as this might lead to a muscular 
compartment syndrome. Even adapting the fascial edges at the proximal and distal 
donor site should be avoided, as this might lead to herniation of the triceps through 
the gap, which is less of a case if only the skin is closed in a two-layered fashion. 
Hematoma formation can also lead to considerable tension in that area and has to 
be evacuated surgically. In case of a fracture of the humerus after harvesting a 
bone graft, open or closed reposition and osteosynthesis should be encouraged to 
prevent prolonged immobilization of the elbow joint. 


Complications with respect to microsurgical routines are no different than those of 
other free flaps. Extreme pin-cushioning and volume discrepancies due to 
secondary overall weight gain make flap debulking procedures necessary (e.g., 
aspiration lipectomy), whereas hair growth can be reduced with laser therapy. 


Disturbances in forearm sensitivity (58.7%, lateral epicondylar pain (19.4%, anda 
hypersensitive donor site (17% were quoted as long-term complications. To 
minimize this sensory forearm disturbance, the posterior cutaneous forearm nerve 
can be dissected carefully out of the flap. Impaired range of motion in the elbow is 


reported after dissecting a composite flap with a triceps tendon graft, but is a rare 
complication. Primary or secondary fracture of the humerus following elevation of 
an osteofasciocutaneous lateral arm flap can be avoided with careful technique 
(oscillating saw) and removal of only 25%of the lateral cortical circumference. If a 
neuroma of the posterior cutaneous forearm nerve develops despite division close 
to the main radial nerve, it should be reexplored, resected, or buried in muscle or 
bone. 


Illustrative Cases 


Case l 

An 18-year-old man injured his left wrist with a contaminated butcher knife. 
Tendons and neurovascular structures were found to be intact. Treatment is 
demonstrated in Figure 15-3 . 
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FIGURE 15-3 The wound was irrigated and sutured in a small regional hospital. B: 
Two days later the patient developed necrotizing fasciitis and was transferred to 
our hospital, where the patient underwent two serial debridements with the 
initiation of antibiotic therapy. The defect now had a size of 12 A—6 cm. The 
flexor tendons and median nerve were exposed. C: A distal, thin lateral arm flap 
was outlined from the same extremity. D: The flap was connected end-to-side to 
the radial artery and end-to-end to the cephalic vein and sutured into the defect. 
E: One year postoperative with full range of motion. F: Donor site 1 year 
postoperative. Note the slightly widened scar around the lateral epicondyle. 
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Case 2 


A 70-year-old woman mutilated her left wrist in a suicide attempt and was found 3 
days later in her apartment. At the time of presentation, the patient had a large 
soft-tissue defect in addition to desiccation of the palmar structures. Treatment is 
demonstrated in Figure 15-4 . 


Case 3 


A combine accident in a 21-year-old man resulted in a rupture of the second 
extensor digitorum communis, extensor indicis proprius, extensor carpi radialis 
longus and brevis and extensor pollicis longus tendons, three main branches of the 
superficial radial nerve, the radial artery and the dorsal wrist capsule, and 
ligaments and dorsal corticalis of the carpal bones. The whole wound was 
extremely contaminated with organic debris. Treatment is demonstrated in Figure 
15-5. 
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A Fig. 8 Simulation of a 2.5 GHz polarization-diversity dipole 

8 b y Guy 
antenna with the vertical dipole selected; (a) E,-field E-plane pattern, 
(b) E-field H-plane pattern, (c) E4-field (cross-polarization) E-plane 
pattern and (d) E,-field (cross-polarization) H-plane pattern. 


tion of the PIN diode circuit board. Figures 10 and 11 
show the mesured SWR and antenna patterns, respective- 
ly. A certain level of the induced cross-polarization pat- 
tern is observed as predicted by the HFSS simulation due 
to the proximity of the horizontal dipole strip and the PIN 
diode circuit board. As for the selection of the horizontal 
dipole, the E-plane pattern is also close to that of an ideal 
horizontal dipole. Also, the induced cross-polarization 
pattern is observed, which is the same situation as the se- 
lection of the vertical dipole. The measured data shows a 
good agreement with the HFSS simulation results and 
how the antenna polarization-diversity is working. 


CONCLUSION 

3D FEM design simulation, realization and measure- 
ments of a 2.4 GHz printed dipole antenna (with a mi- 
crostrip via-hole balun) and a planar polarization-diversity 
printed dipole antenna are presented. The planar polariza- 
tion-diversity antenna consists of two orthogonal printed di- 
pole antennas for vertical and horizontal polarization and is 
fabricated on a FR-4 PCB board. A PIN diode switching cir- 
cuit is used to select the desired antenna polarization. Satis- 
factory agreement between simulation and measurements is 
observed. The measured input SWR of the realized printed 
dipole antenna is less than 1.5 from 2.2 to 2.6 GHz. The 
measured input SWR of the vertical and horizontal dipole 
(through the PIN diode switching circuit) of the realized pla- 
nar polarization-diversity antenna is less than 1.5 from 2.3 to 
2.6 GHz. The measured E- and H-plane patterns of the po- 
larization-diversity antenna show that the selected vertical or 
horizontal dipole have a performance close to a single dipole 
antenna in a vertical or horizontal position. The designed 
planar polarization-diversity antenna can be used for wireless 
communication and WLAN applications. 
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A Fig. 9 Simulation of a 2.4 GHz polarization-diversity printed 
dipole antenna (with the horizontal dipole selected); (a) input SWR, 
(b) E-field E-plane pattern, (c) Ey-field H-plane pattern, (d) Eg-field 
(cross-polarization) E-plane pattern and (e) E,-field (cross- 
polarization) H-plane pattern. 
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A Fig. 10 Measured input SWR of a 2.4 GHz polarization-diversity 
printed dipole antenna; (a) vertical dipole selection 
and (b) horizontal dipole section. 





E 
FIGURE 15-4 A: Intraoperative exploration showed traumatic division of the ulnar 


artery, median nerve, all superficial and deep flexor tendons, flexor pollicis longus, 
and flexor carpi radialis and ulnaris tendons. B: After a detailed debridement, all 


functional structures were reconstructed except the superficial flexor tendons, 
which were resected. Three sural nerve grafts (each 4.5 cm) were interposed; the 
ulnar artery was reconstructed with a vein graft (6.5 cm). C: A fasciocutaneous, 
thin lateral arm flap was outlined on the ipsilateral distal upper arm. D: The 
harvested flap had a size of 8 A—4 cm and was anastomosed end-to-end to the 
radial artery and the cephalic vein. E: Result 10 days after the operation. The 
patient started physiotherapy already on the second postoperative day. 
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FIGURE 15-5 A: A thorough debridement and irrigation was performed as a first 
stage. B: After debridement, all tendons were sutured and the wound was closed 
with a free fasciocutaneous ipsilateral lateral arm flap. C: The pedicle is marked 
with thin white arrows; the radial nerve is indicated by thick white arrows. D: It 
was connected end to end to the radial artery and the cephalic vein, respectively. 
E: Unfortunately, a persisting wound infection in the carpus made additional 
debridements necessary. Antibiotic beads were set into the space and an external 
fixator was placed. F: Finally, the distal carpal row and the bases of the second and 
third metacarpal bones had to be removed. G: A non-vascularized iliac crest bone 
graft was fixed with K-wires for a carpometacarpal arthrodesis of the second to 
fifth ray (white arrows). H: Postoperative radiograph. I: Due to the infection- 
related elongated immobilization of the hand, the extensor tendons were severely 
impaired in their motion, even under the flap, and had to be partially resected and 
tenolysed. Silicon rods were placed under the flap for a secondary extensor tendon 
replacement. The flap remained viable and pliable throughout all procedures. 
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Chapter 16 


Posterior Interosseous Artery Island Flap for 
Dorsal Hand Coverage 





Eduardo A. Zancolli 


The posterior interosseous flap is an island pedicled fasciocutaneous flap from the 
dorsal aspect of the forearm supplied by the cutaneous branches of the posterior 
interosseous artery. The posterior interosseous artery is located in the septum 
between the extensor carpi ulnaris and the extensor indicis propius. This flap has 
proven to be an excellent coverage option for the dorsum of the hand and the first 
interdigital web. The dorsal cutaneous area of the forearm supplied by the 
posterior interosseous artery was initially described by Manchot in 1889 (8) and 
later by Salmon in 1936 (12). 


The vascular anatomy of the flap was described along with 20 initial cases (17 cases 
to cover the first web and three cases to cover the dorsum of the hand). The dorsal 
cutaneous area of the forearm irrigated by the posterior interosseous artery was 
initially described by Manchot in 1889 (8) and later by Salmon in 1936 (12). 


This island flap was presented for the first time by the author at the Vith European 
Hand Surgery Course in Acamea (Sweden) (13). In this opportunity the vascular 
anatomy of the flap and an experience on 20 initial cases were presented (17 cases 
to cover the first web and three cases to cover the dorsum of the hand). Hand outs 
distributed during the course were published by the author in 1993 (18). The 


procedure was also presented in the same year in the XI Congress of the Argentine 
Society for Surgery of the Hand (awarded with the d€oe] . Goyena Prizeda€s), in 
November 1985, Buenos Aires, Argentina (14). Other papers on the procedure were 
published by us in 1986 (15,16), 1988 (17) and 1993 (1,18). The vascular anatomy of 
the posterior interosseous island flap was presented by Penteado et al in 1986 (11), 
and other studies on the posterior interosseous flap have been published by 
Masquelet et al (9), Costa et al (3,4), Gilbert et al (7), Buchler et al (2), Dap et al 
(5), Mazzer et al (10), and Goubier et al (6). These studies have further supported 
the efficacy of the this flap. 


Indications/Contraindications 

The posterior interosseous artery island flap is capable of transporting the skin of 
the distal two-thirds of the forearm. The flap's pedicle length determines its 
coverage possibilities. 


It is particularly useful for covering extensive defects on the back of the hand as far 
distally as the dorsal aspect of the proximal phalanges of the fingers and for 
obtaining a complete coverage of the first web after the release of severe 
adduction contractures of the thumb. Buchler et al (2) noted that the flap could 
reach the dorsum of the proximal interphalangeal joints. It can be indicated in 
different 
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types of pathologies such as burn sequelae, wounds on the dorsum of the hand, 
tumors, and congenital deformities. 


Contraindications for flap use include any injury to the posterior interosseous 
artery or deep laceration or crush wounds to the posterior forearm in the area of 
the flap pedicle. The flap is not recommended in patients with diabetes, in whom 
small vessels may be diseased. The flap has been used successfully in smokers, but 
smoking certainly carries a higher risk of flap complications. 


Preoperative Planning 

Successful flap harvest is predicated on a thorough knowledge of the flap anatomy. 
Normally the anterior and posterior interosseous arteries in their course through 
the forearm are united through two main anastomoses, one proximal, at the level 


of the distal border of the supinator muscle, and one distal at the most distal part 
of the interosseous space (2 cm proximally of the distal radioulnar joint) (Fig. 16- 
1). The island posterior interosseous island flap is supplied by the reverse arterial 
blood flow through the distal anastomosis once the proximal anastomosis has been 
ligated. Venous drainage is produced by the venae comitantes of the posterior 
interosseous artery. 


The angiosomal territory of the posterior interosseous artery was studied in a series 
of 80 cadaveric forearms in 1993 (1). Ink injections performed through catheter 
placed in the distal part of the anterior interosseous artery stained the distal two- 
thirds of the posterior forearm skin through the reverse flow through the distal 
anastomosis. The proximal third of the forearm skin remained unstained even when 
larger amounts of ink were injected (see Fig. 16-5). Ink injections through the 
catheter placed in the proximal part of the posterior interosseous artery stained 
the proximal two-thirds of the posterior forearm through the direct flow through 
the proximal cutaneous branch (1). 


Other anatomic conclusions from this study can be summarized as follows: the 
posterior interosseous artery usually branches from the common interosseous artery 
in the proximal third of the forearm in 90%of cases, it can however be a direct 
branch of the ulnar artery in 10% of cases (1). It pierces the interosseous membrane 
about 6 cm distal to the lateral epicondyle of the humerus (14,15,16,17,18) 
forming its origin or proximal anastomosis between the anterior and posterior 
interosseous arteries. It enters into the posterior compartment of the forearm 
below the distal edge of the supinator muscle, located at the union of the proximal 
with the distal two-thirds of the dorsal aspect of the forearm (60 mm distal to the 
lateral epicondyle). At its entrance into the posterior compartment of the forearm, 
the posterior interosseous artery gives off branches to the recurrent interosseous 
artery that anastomoses at the elbow with a descending branch from the superior 
profunda, with the posterior ulnar recurrent and the anastomotica magna. In its 
ascending course the artery runs between the lateral condyle and the olecranon 
(Figs. 16-1 and 16-2). 





FIGURE 16-1 Anatomy of the posterior interosseous artery. (1) Proximal end of 
the posterior interosseous artery at the distal border of the supinator muscle. 
(2) The artery is emerging as a division of the common interosseous artery. (3) 
Recurrent interosseous artery. (4) Posterior interosseous artery following the 
longitudinal line X-Xa€™, between the lateral epycondile (11) and the distal 
radio-ulnar joint (12). (5) Distal anastomosis between both interosseous 
arteries (2 cm proximal to the distal radio-ulnar joint). Cutaneous branches 
from the posterior intererosseous artery that irrigte the two distal thirds of 
the posterior skin of the forearm. Proximal (9), middle (7), and distal (8) 
branches. (10) Middle of the forearm where the middle cutaneous branch is 
located 1a€“2 cm distal to this point. 
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FIGURE 16-2 Cadaver specimen dissected to show the proximal origin of the 
posterior interosseous artery. Volar view of the proximal part of the forearm 
and the elbow. (1) Brachial artery. (2) Radial artery. (3) Ulnar artery showing 
the separated origin of the posterior interosseous artery (4) and the anterior 
interosseous artery (5). (6) Ulna. (7) Radius. (8) Humerus. (9) Medial 
epicondyle muscles. 


From the proximal anastomosis, the posterior interosseous artery follows a line 
between the lateral epicondyle and the distal radio-ulnar joint. In its course it can 
be divided into three parts: proximal, middle, and distal (17). 


In the proximal part, the artery runs deep to the abductor pollicis longus muscle 
and is covered by the extensor digiti minimi and the extensor carpi ulnaris muscles 


and in close relation with the posterior interosseous nerve and a large venous 
plexus. In the middle part, it becomes superficial, just beneath the superficial 
antebrachial fascia in the middle third of the forearm, running between the 
extensor digiti minimi and the extensor carpi ulnaris muscles. In this part, the 
artery reduces its diameter in 90%of the cases and is usually found to be between 
0.3 and 0.6 mm in diameter (1) (see Fig. 16-4). 


In the distal part, the posterior interosseous artery joins with the distal end of the 
anterior interosseous artery, forming the distal anastomosis between the two 
vessels (13,15). This anastomosis is located 2 cm proximal to the distal radio-ulnar 
joint and very close to the periosteum of the ulnar metaphysis (Figs. 16-1 and 16- 
3). This anastomosis has been present in all our cadaver specimens and operative 
cases and represents the point of rotation of the vascular pedicle of the posterior 
interosseous flap. At the distal anastomosis the posterior interosseous artery 
enlarges between 0.9 and 1.1 mm (1). 


During its course, the posterior interosseous artery gives four to six cutaneous 
branches which run through the septum between the extensor digiti minimi and the 
extensor carpi ulnaris muscles to reach the dorsal skin of the forearm, of these the 
principal cutaneous branches are the proximal and middle branches. 


The proximal cutaneous branch emerges from the proximal part of the artery, 
forming a large branch that irrigates the skin over the upper third of the dorsal 
aspect of the forearm. It is consistently present but it has a variable origin. Of our 
80 specimens, it was found as a branch of the recurrent interosseous artery in 28, a 
branch of the common interosseous artery in 22, and as a branch of the posterior 
interosseous artery in 30. This variation indicates that the proximal cutaneous 
branch cannot be preserved to supply the flap in all cases. 
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FIGURE 16-3 A: Cadaver specimen injected with latex (right forearm). 
Dissection of both interosseous arteries. (1) Anterior interosseous artery. (2) 
Posterior interosseous artery piercing the interosseous membrane (3) and 
showing the emergence of the recurrent interosseous artery (4). The 
cutaneous branches have been eliminated. (7) Distal anastomosis between 
both interosseous arteries located very close to the periostum of the distal 
metaphysis of the ulna. (8) Extensor carpi ulnaris. (9) Extensor carpi radialis 
brevis muscle. (10) Extensor pollicis brevis and abductor pollicis longus 
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A Fig. 11 Measured co-and cross-polarized patterns of a 2.4 GHz polarization-diversity 
printed dipole antenna; (a) vertical dipole selected and (b) horizontal dipole selected. 
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muscles. (11) Large branch of the posterior interosseous artery to irrigate 
common extensor muscle. B: Posterior interosseous artery showing its 
proximal anastomosis (2) with the anterior interosseous artery (3). Right 
forearm. Several branches to the dorsal muscles of the forearm are seen. (4) 
Extensor carpi ulnaris tendon. (5) Extensor digiti quinti tendon. (6) Extensor 
communis digitorum tendons. (7) Extensor pollicis brevis and abductor pollicis 
longus muscles. (8) Distal head of the ulna. 


The middle cutaneous branch originates in the middle third of the forearm where 
the posterior interosseous artery becomes superficial. It represents a large branch 
located at 1 to 2 cm distal to the middle of the forearm. It was consistently present 
in our cadaveric investigations and clinical cases. 


No cutaneous branches were found between the described proximal and middle 
branches. In our cadaveric observations, one or two large interconnecting venous 
perforators were consistently found running together with the middle cutaneous 
arterial branch, uniting the superficial to the deep venous system (the venae 
comitants of the posterior interosseous artery) (1). 


At the distal third of the posterior forearm, the posterior interosseous artery may 
also contribute six to eight cutaneous branches to the skin of variable diameter (1). 


The posterior interosseous artery also gives several branches to the muscles of the 
posterior compartment of the forearm (see Fig. 16-10E) and contributes some blood 
supply to the periosteum of the radius and ulna. 


In only two cases the continuity of the posterior interosseous artery was absent at 
the level of the middle of the forearm: one in an anatomic specimen and one ina 
clinical case. This uncommon anatomic finding is in accordance with other reports 
in the medical literature. Thus, Penteado et al. (11) found absence of the posterior 
interosseous artery in the forearm in 4 of 70 specimens. In their same series, the 
distal anastomosis was absent in only one case. Buchler and Frey (2) found the 
posterior 
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interosseous artery missing at the middle of the forearm in 2 of 36 cases. Despite 
this, angiograms and Doppler examination are not part of our standard preoperative 


protocol. 


Surgery 

The surgical procedure is performed under general anesthesia. Pneumatic 
tourniquet is employed. Exsanguination is obtained by simple elevation of the 
upper limb for 30 seconds. Loop magnification (4A—3) permits a better 
identification of the vascular pedicles and their cutaneous branches. The patient is 
placed in the supine position with the forearm placed in pronation over the 
inferior-lateral thoracic wall with the elbow flexed in 90 degrees (Fig. 16-6). This 
position facilitates flap preparation and raising. The tourniquet is insufflated (250 
mmHg) after the flap has been designed. The operation consists into two main 
steps: flap design and flap elevation. 


Flap Design 
Flap design (Fig. 16-7A) is strictly related to the shape and size of the recipient 
area. A longitudinal line (X-Xa€™) is drawn from the lateral humeral epicondyle to 
the distal radioulnar joint. This line represents the course of the posterior 
interosseous artery in the posterior forearm. A point A is marked 1 cm distal to the 
middle of line. This point corresponds to the emergence of the middle cutaneous 
branch of the posterior interosseous artery and to the medial interconnecting 
venous perforator. The 
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flap is planned to be irrigated by this middle cutaneous pedicle, so the point A 
must be always included in the flap. A second point B is marked at the distal end of 
the line X-Xa€™, 2 cm proximal to the distal radio-ulnar joint. This point 
corresponds to the distal anastomosis between both interosseous arteries and is the 
point of rotation of the pedicle flap. 





FIGURE 16-4 Transverse section of the forearm at its middle third. (1) 
Posterior interosseous arterya€”in its proximal coursea€” running deep 
between the extensor digiti quinti (2) and the extensor carpi ulnaris (3) 
muscles. (4) Radius. (5) Ulna. Radial artery (6) and ulnar artery (7) both with 
their venae. Median nerve and median nerve artery (8). Anterior interosseous 
artery and its venae (9). Interosseous membrane (10). 





FIGURE 16-5 Fresh cadaver injected with 20 mL of black ink through a 
catheter placed in the distal anterior interosseous artery. The distal and 
middle thirds of the dorsal forearm are stained. 


The proximal limit of the flap can be safely placed to a point 6 cm distal to the 
lateral epicondyle (point C). The flap may be extended distally up to the wrist 
joint. In this case distal cutaneous branches can be included. It should be remarked 
that the medial vascular cutaneous pedicle is capable of irrigating a flap as large as 
the complete width of the posterior forearm. The center of the flap always 
corresponds to the line X-Xa€™. 


It was observed in our clinical cases that there is no venous insufficiency in the 
posterior interosseous reverse forearm flap if it is raised with the large middle 
venous interconnecting perforator. It ensures sufficient drainage of the 
subcutaneous tissue and skin into the venae comitants of the posterior interosseous 
artery (1). 


A flap of approximately 3 to 4 cm in width will allow for direct closure of the donor 
area of the forearm leaving an inconspicuous scar (14,15,16) (Figs. 16-8 and 16-10). 
Wider flaps will need free skin graft to cover the dorsum of the forearm and may 


lead to a poorer aesthetic result (Fig. 16-9). 








FIGURE 16-6 Position of the upper limb during surgery. In this patient a 
posterior interosseous artery island flap 4 cm wide has been designed to cover 
the first interdigital web. The flap is located at the level of the middle 
cutaneous branch of the posterior interosseous artery. Details on the flap 
design are completed in Figure 16-7. 
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FIGURE 16-7 A: Design of the flap. The location of the island flap is in the line 
X-Xa€™, between the lateral epicondyle (X) and the distal radio-ulnar joint 
(Xa€™). Three points are marked in the skin. Point A corresponds to the 
location of the middle cutaneous branch of the posterior interosseous artery. 
Point B is located 2 cm proximal to the distal radio-ulnar point and 
corresponds with the location of the distal anastomosis; and point C is located 
at the distal edge of the supinator muscle where the posterior interosseous 
artery pierces the interosseous membrane. This point is 60 mm distal to the 
lateral epicondyle. The width, length, and shape of the island flap is in 
accordance with the defect to be covered: 1 is representing the shape, size, 
and location of a flap to cover the first interdigital web, and 2 represents a 


flap to cover the dorsal aspect of the hand. B: Raising of the island flap. The 
flap has been raised with the posterior interosseous artery and its venae 
comitantes (1). In this case the middle and the proximal cutaneous branches 
are irrigating the flap. The intermuscular septum and a strip of fascia are 
raised with the posterior interosseous artery. (2) Common interosseous artery. 
(3) Recurrent interosseous artery. (4) The posterior interosseous artery has 
been ligated at its emergence (proximal anastomosis between both 
interosseous arteries). (5) Distal anastomosis is preserved (point of rotation of 
the flap). (6) Anterior interosseous artery. (7) In this case the flap is rotated to 
cover the dorsum of the hand. The donor area is covered with a free skin graft 
(see Figs. 16-8 and 16-9). 
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FIGURE 16-8 A: Sequela of an injury in a 16-year-old girl on the dorsum of the 
hand (1) with laceration of the long extensor tendons of the index and middle 
fingers and stiffness of their metacarpophalangeal joints. A posterior 
interosseous artery island flap was designed (2) with the shape of the area to 
be covered on the hand. Middle and proximal pedicles were preserved to 
irrigate the flap. Excision of the injured extensor tendons and 
metacarpophalangeal capsulectomies were indicated simultaneously with the 
island flap. The fingers were immobilized in flexion during the postoperative 
period. Location of the distal anastomosis (3). B: Finger extension obtained 
after a secondary surgical stage with Z plasties at the borders of the flap and 
tendon transfer from the flexor superficialis tendon of the ring finger, divided 


into two strips, to the base of the middle and index fingers proximal 
phalanges. The interdigital webs were reconstructed with the flap. C: Digital 
flexion obtained. D: The donor area of the forearm was initially closed. 
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Flap Elevation 

Flap elevation (see Fig. 16-7B) begins at its radial side. The dissection is carried out 
between the subcutaneous tissue and the superficial fascia. The incision is 
continued in the direction of the wrist, and the proximal and medial cutaneous 
branches are easily identified. The interconnecting venous perforator that 
accompanies the medial cutaneous branch is clearly visualized. The proximal 
cutaneous branch can be coagulated. Our clinical cases have shown that the flap 
can be safely raised with the middle cutaneous branch. The posterior interosseous 
artery is sectioned at its proximal origin proximal to the medial cutaneous branch. 
The posterior interosseous artery with its venae comitants are raised with the 
intermuscular septum located between the extensor carpi ulnaris and the extensor 
indicis propius and a very thin strip of fascia covering the muscles. Elevation is 
completed after sectioning the skin at the ulnar side of the flap. Finally, the flap is 
turned through 180 degrees to cover the recipient area: to the dorsum of the hand, 
or to a released first web space, or to both. Now the pneumatic tourniquet is 
released to observe flap circulation. 


At the end of the procedure, the hand is immobilized in a neutral position of the 
wrist or with some dorsiflexion. In the case of coverage of the back of the hand, 
where the extensor tendons have been 
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excised and a metacarpophalangeal capsulotomy has been performed, the fingers 
are immobilized in flexion to prevent the recurrence of metacarpophalangeal 
stiffness in extension. In these cases tendon grafts can be indicated during a second 
surgical stage (see Figs. 16-8 and 16-9). 
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FIGURE 16-9 A: An epitheloid sarcoma with invasion of skin on the dorsal 
aspect of the forearm in a 20-year-old man. B: An ample excision of the 
affected skin, including the extensor tendons of the two last fingers, was 
indicated. C: Piece of the lesion. D: Immediate postoperative period after a 
posterior interosseous artery island flap. In a secondary surgical stage, the 
extensor tendons were reconstructed. E: Result after 2 years following the 
initial operation showing the free skin graft in the donor area (1) and the 
posterior interosseous artery island flap in the recipient area (2). Complete 
function of the fingers was obtained. 


Postoperative Management 

The hand and wrist are immobilized in a long plaster splint for 2 weeks following 
the surgery. A large window is left in the dressing to monitor the flap for signs of 
ischemia or venous congestion. No blood thinning agents are used during the 
postoperative period. Following removal of the splint, the sutures are removed and 
the patient may begin postoperative therapy. 


Results 

Our series of 80 cases (47 males and 33 females) was published in 1993 (1). In this 
series, 22 flaps were indicated for the coverage of skin defects in the dorsum of the 
hand, 37 for the reconstruction of the first interdigital web, 5 to cover the dorsum 
of the hand and first web space, 15 for the volar wrist, and 4 for the palm of the 
hand. In three cases extensor tendon grafts to extend the fingers were indicated in 
a second surgical stage. Seventy-six flaps were successful and four were lost. Two 
of these were clearly due to twisting of the pedicle. The flap provides a large 





amount of skin for hand reconstruction without interfering with lymphatic 

drainage, venous drainage, or the integrity of the 
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principal vessels of the volar side of the forearm. It furnishes good-quality skin to 

permit secondary surgical reconstructions of tendons or the skeleton of the hand. 














FIGURE 16-10 A,B: Sequela of a trauma with amputation of the digits and 
adduction contracture of the first intermetacarpal space in a 18-year-old man. 
C: Design of the posterior interosseous artery island flap of 3 cm width. The 
middle cutaneous branch was preserved to nourish the island flap. D: The 
initial skin incision is shown. The radial side of the flap is initially elevated 
from its radial side. E: Anatomy of the dissected posterior interosseous artery 
(1) with its middle (2) and distal (3) cutaneous branches to the dorsal skin of 
the forearm (4). Several arterial branches to the dorsal muscles of the forearm 
(5) and the posterior interosseous nerve (6) are shown. The extensor carpi 
ulnaris muscle (7) and the extensor muscles to the fingers (8) are separated. 
The hand is at the right of the picture. F: A few days after the release of the 
first intermetacarpal space and the transport of the island flap. Two KW are 
maintaining the separation of the first two metacarpals. G: Direct closure of 
the donor area. H,I: Result obtained. 


Complications 

As mentioned previously, flap loss is the most serious complication; this is most 
commonly due to inadvertent twisting of the pedicle or injury to the veins during 
dissection resulting in flap congestion. Injury to the radial nerve has also been 
reported with temporary paralysis to the extensor carpi ulnaris and extensor digiti 
minimi muscles following flap harvest. Such occurrences are rare. 
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Chapter 17 
Fillet Flaps in Cases of Mutilating Trauma 





Bradley Medling 
Michael W. Neumeister 


Fillet flaps can be a very important reconstructive option in many cases of hand and 
lower limb trauma. Fillet flaps are, by definition, axial flaps that may provide skin, 
muscle, fascia, and bone. They can be harvested either as a pedicled flap or as a free 
flap. Careful a planning and execution of the flaps can allow for reconstruction of local 
defects with a flap of a similar tissue type. This technique takes advantage of spare 
parts that would otherwise be discarded, avoiding associated morbidity of a separate 
flap harvest. 


Fillet flaps are most commonly employed after mutilating trauma to the hand. The 
concept of spare parts surgery should be broadly applied to include any tissue that 
would otherwise be discarded; these flaps may include bone, nerve, tendon, joints, or 
the whole digit. Segments of the injured part can be harvested with their blood supply 
intact, and thereby be used as a vascularized tissue graft or flap. 


Frequently, a traumatized extremity is left without soft tissue coverage, leaving 
exposed vital structures such as bone, joint, tendon, or neurovascular bundles. 
Vascularized coverage can be salvaged from attached parts of the mangled hand that 
are otherwise rendered dysfunctional or from amputated parts where a flap is 
designed over a preserved vascular bundle. 


The key component to the safe harvest of a fillet flap is an understanding of the 
vascular supply to tissue. Since the entire upper extremity and lower extremity can be 
used in a fillet fashion, the blood supply to the arm and leg must be understood. In the 
upper extremity, the axillary artery terminates at the lateral border of the pectoralis 
minor muscle becoming a brachial artery to a point just distal to the antecubital fossa. 
The brachial artery runs in the medial upper arm in relative proximity to the ulnar and 
median nerve. At the level of the elbow, the brachial artery is lateral to the median 
nerve. The brachial artery bifurcates into the radial and ulnar arteries, respectively, 
under the superficial flexor muscles of the forearm. The radial artery travels under the 
flexor carpi radialis muscle exiting more superficial in the forearm just lateral to the 
tendon of the flexor carpi radialis. The ulnar artery travels with the ulnar nerve under 
the muscle belly of the flexor carpi ulnaris becoming more superficial in the distal 
forearm. The ulnar artery travels through Guyon's canal and bifurcates into a 
superficial and deep branch, each of which communicates with the radial artery 
component of the superficial and deep palmar arches. The radial artery bifurcates at 
the wrist into a superficial palmar and deep dorsal branch. The superficial palmar 
branch courses around the base of the thenar eminence, and the larger deep branch 
travels under the abductor pollicis longus, extensor pollicis brevis, and the extensor 
pollicis longus, through the anatomical snuffbox. It then courses between the first and 
second metacarpals, through the adductor space to form the radial component of the 
superficial and deep palmar arches. The common digital vessels arise from the 
superficial palmar arch and travel to the level of the metacarpophalangeal joint, 
where these vessels now bifurcate to become the digital vessels proper (Fig. 17-1). 


In the lower extremity, the superficial femoral and the profunda femoral vessels may 
be used as arterial inflow for fillet flaps of the thigh. The superficial femoral vessels 
continue distally to form the 
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popliteal artery, which bifurcates in the popliteal fossa to the anterior tibial and 
posterior tibial arteries. The posterior tibial artery subsequently bifurcates to become 
the posterior tibial artery and the peroneal artery. The anterior tibial artery travels in 
the anterior compartment above the interosseous membrane, becoming more 
superficial as it approaches the extensor retinaculum of the ankle. At this point, this 
vessel becomes the dorsalis pedis artery, which travels between the first and second 
metatarsal to the foot. The superficial arcuate branch provides arterial inflow to the 


dorsum of the foot, while the deep branch pierces between the first and second 
metatarsal to form the plantar vascular arch. The common digital vessels arise from 
this arch, and bifurcate at the metatarsal-phalangeal joints to become the digital 
vessels to the toes. The peroneal artery travels beside the medial aspect of the fibula 
and terminates as the lateral calcaneal artery behind the lateral malleolus. The poster 
tibial artery travels in the poster compartment of the lower leg and exits superficial 
behind the medial malleolus and subsequently bifurcates into the medial and lateral 
plantar vessels (Fig. 17-2). 






Superior Ulnar Collateral 


Inferior Ulnar Collateral 
Radicl Recurrent 


Deep Palmer Arch 
Superficial Palmer Arch 


Palmer Digital 


FIGURE 17-1 Upper extremity vascular anatomy. Axial pattern flaps can be 
designed from known vasculature and their smaller branches. 


Indications/Contraindications 
Before harvesting a fillet flap for soft tissue coverage, the surgeon should identify the 
ultimate goal of the immediate and delayed reconstructive procedures. Decisions may 
be less complex for some lower extremity trauma, where discarding the mutilating 
limb may be in the best interest of the patient from a functional point of view. 
Prostheses may be much more functional than attempts at salvage where stability and 
sensation are compromised. Conversely, mangled hands can have significant function if 
pinch and grasp can be restored. Reconstructive efforts may be turned toward 
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salvaging fingers or the thumb, rather than using their tissue as spare parts for soft 
tissue coverage for the remaining injured hand. The ability to restore some sensate 
function is a key component of the hand's role in activities of daily living. This 
separates the overall treatment protocols and goals of upper extremity reconstruction 
from that of lower extremity reconstruction (Fig. 17-3). The reconstruction process Is 
dictated by the complexity and level of injury. Nerve regeneration, tendon and bone 
reconstruction, and secondary toe to hand procedures are alternatives to amputation 
of digits or hands and permit acceptable restoration of function. In both upper and 
lower extremity, however, there are opportunities that arise to use tissue that would 
otherwise be discarded, for definitive soft tissue closure. 








Posterior Tibial 
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FIGURE 17-2 Lower extremity vascular anatomy. 


The availability of adequate tissue often depends on the mechanism of injury to a 
limb. Clean guillotine lacerations or amputations, with minimal tissue loss, offer the 
best results at restoration of function. Fortunately, most of these injuries do not 
mandate that need of spare parts or fillet flaps due to the lack of soft tissue deficits. 
More traumatic injuries, such as crush and avulsion injuries, or electrical burns, 
require greater debridement and have more tissue loss. Consequently, these injuries 


frequently take advantage of spare parts and fillet flap surgery for coverage. 


Pedicle or free tissue fillet flaps can be used for proximal amputations that require 
stable coverage to better preserve function, such as elbow flexion or knee mobility. 
This technique is usually indicated for amputations with significant proximal tissue loss 
and where there is a contraindication for replantation. The remaining distal tissue is 
filleted, based on one neurovascular bundle, and transferred to cover the proximal 
exposed structures as a free tissue transfer. If there is an intact neurovascular bundle, 
but with segmental intervening loss of tissue in the limb, the fillet flap can be 
harvested as a pedicle flap, leaving the vessels and nerves intact. Indications for fillet 
flaps are included in Table 17-1. 
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FIGURE 17-3 A: Mutilated hand from corn picker injury with complete loss of all 
fingers. B,C: Restoration of pinch from two toe-to-hand transfers. 


Table 17-1. Indications for Fillet Flap 


Nonreplantable extremity with Availability of tissue from discarded, 

adjacent tissue loss from trauma amputated, or nonfunctioning limb or 
digit 

Nonsalvageable digit with Segmental loss tumor extirpation or 

proximal or adjacent digit/ hand trauma 

defect 
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Preoperative Planning 

The preoperative planning should take into consideration patient stability, premorbid 
health, a history of smoking, limb function (i.e., preservation of elbow flexion), 
available local tissue, prostheses application, and patient occupation. Patient 
selection is very important when contemplating the use of fillet flaps for soft tissue 
coverage of limb or trunk defects. In acute, mutilating trauma, the patient must be 
stabilized initially as survival should be the first goal. Following the full advanced 
trauma life support (ATLS) workup, with primary and secondary surveys, limb salvage 
is planned to optimize function. 


The initial surgery should entail an aggressive debridement and irrigation to make sure 
all tissue is viable. Many times, a second and third surgery are required to allow tissue 
to demarcate and to avoid infection. Before using fillet tissues, the surgeon should 
plan to transfer based on the blood supply to the spare tissue. The fillet flaps can 
either be transferred as a free flap or a pedicle flap. Digital fillet flaps are 
neurovascular flaps usually based on the digital arterial and nerve supply to the finger 
(Fig. 17-4). The surgeon will plan to use the digit that has been, in part, rendered 
dysfunctional as a result of the proximal trauma but where viability is still present 
distally through an 
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intact neurovascular bundle. In the elective cases, angiography may help to identify 
intact vascular anatomy before transfer. Angiography is rarely indicated in the acute 
traumatic case as the surgeon can visualize the vessels and observe the vascularity 
(bleeding) of the distal tissues. 








FIGURE 17-4 Aa€“D: Tablesaw to the right hand with intrusion through the web 
space between the small and ring finger in an ulnar to radial direction. Complex 
repair of flexor/ extensor tendons, neurovascular repair of the arch and common 
digital vessels was undertaken. The ring finger is filleted based on its radial 
neurovascular bundle. Resection of the head of the fourth metacarpal was 
performed secondary to the level of comminution. Long-term follow-up reveals 
good prehension. Ea€“G: Tablesaw to the right hand with intrusion through the 
web space between the small and ring finger in an ulnar to radial direction. 
Complex repair of flexor/ extensor tendons, neurovascular repair of the arch and 
common digital vessels was undertaken. The ring finger is filleted based on its 
radial neurovascular bundle. Resection of the head of the fourth metacarpal was 
performed secondary to the level of comminution. Long-term follow-up reveals 
good prehension. 


Surgery 


Patient Positioning 
The patient should be positioned appropriately to allow dissection of any digit, arm, or 
leg based on the blood supply of that part. The patient is usually in the supine position 


for most upper extremity and lower extremity flaps. An exception to this is the use of 
a fillet flap for recurrent, recalcitrant pressure sores on the ischial and para-sacral 
areas, for which the patient should be placed in the prone position. 
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Technique 


The assessment of vascular integrity should be performed before inflation of the 
tourniquet. Although a pulse-lavage system can be employed, a simple spray bottle 
allows adequate force to propel smaller particulate debris from the wound (Fig. 17-5). 
Larger debris should be mechanically debrided with sharp dissection. The preservation 
of questionable tissue is acceptable if further assessment is planned in 24 to 48 hours 
for further debridements. Temporary coverage with dressings, xenograft, or allograft 
can be used in the interim to prevent desiccation in the interim (Fig. 17-6). 





FIGURE 17-5 A: Pulse lavage system. B: Simple spray bottle. 
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FIGURE 17-6 Aa€“C: Mutilating injury necessitating temporary coverage with 
allograft secondary to the size of the wound, and possible need for further 
debridement. Da€“E: Mutilating injury necessitating temporary coverage with 
allograft secondary to the size of the wound, and possible need for further 
debridement. 


P.2i5 


Digital Fillet Flaps of the Hand 


The hand provides an ideal setting for the use of fillet flaps for soft tissue coverage of 
mutilating injuries. A single finger can provide all the components required for 
composite reconstruction of the hand. Digital fillet flaps can be designed to cover both 
palmar and dorsal hand defects (Fig. 17-7). The use of adjacent digits that are 
rendered dysfunctional from the injury can provide coverage with glaborous skin and 
normal sensibility (Fig. 17-8). Similarly, microsurgical techniques can be used to move 
the filleted digit to an area of the hand not immediately adjacent to the flap. Idler 
describes the use of a filleted digit as a free flap to transfer to cover proximal hand 
wounds. An osteocutaneous fillet flap was described by Gainor in which the index 
finger with the bone intact was transferred to reconstruct the thumb. A composite, 
neurovascular island flap can be used in a similar fashion incorporating the distal 
phalanx, nail bed, and skin for sensate reconstruction of a hemi-thumb defect (Fig. 17- 
9). 


The vascularity of the digit to be a fillet is determined by gross inspection and the use 
of a hand-held Doppler. The arc of rotation depends on the fillet flap's vascular 
pedicle. The fillet flap must reach the primary defect based on the pivot point of a 
pedicle. Al-Qattan described lengthening a fillet finger flap by incising the skin at the 
finger. He then recommends basing the flap on either the radial or ulnar vessel, which 


will allow one to unfold of the flap and increase its functional pedicle length. 
Preoperative planning using a surgical sponge to measure the arc of rotation and the 
subsequent length of the flap required is a helpful tool in determining the utility of 
the proposed flap. Incomplete filling of the defect will result in the need for skin 
grafting some other form of soft tissue coverage. Split or full thickness skin grafts can 
be harvested from remaining spare parts. Excess tissue within the fillet flap can be 
used to fill in contour defects. In such cases, the distal portion of the fillet flap can be 
de-epithelialized and folded beneath the remaining flap to augment soft tissue bulk. 


Fillet Flaps of the Legs and Arms 


Fillet flaps of the legs and arms are used to cover proximal amputation stumps to 
prevent further shortening of the limb or to add length around the elbow or shoulder. 
In upper extremity trauma, these fillet flaps are based on the radial or ulnar arteries. 
The flap is usually a free tissue transfer because there is often an intervening defect in 
the vessels. The brachial artery and venae commitantes act as the recipient vessels 
around the elbow. In lower extremity trauma, the fillet flap can be based on either 
the anterior tibial or the posterior tibial vessels. Incisions in the distal amputated part 
are made on the opposite side of the limb from where the blood 
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supply is present. This keeps the blood supply to the skin, subcutaneous tissue, and 
muscles based axially with the medial and lateral tissue equal distances from the 
primary vessels. Care must be taken during the removal of the bony and muscular 
components of the flap not to injure the neurovascular bundles. The flap is trimmed 
appropriately to fit the recipient defect. The fillet flaps can be harvested as a pedicle 
flap or as a free tissue transfer (Fig. 17-10). 





FIGURE 17-7 Fourteen-year-old patient with hypothenar defect. Aa€“D: The 
small finger is filleted based on its radial neurovascular bundle for coverage. This 
technique provides stable, sensate closure of the defect. E,F: Three-month 
follow-up reveals stable coverage and good hand function. 
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FIGURE 17-8 Aa€“D: Punch press injury to ulnar aspect of left hand. Ring and 
small fingers filleted for coverage. A small skin graft is placed dorsally beyond the 
reach of the tip of the flap. Long-term postoperative follow-up reveals stable 
coverage. Ea€“G: Punch press injury to ulnar aspect of left hand. Ring and small 
fingers filleted for coverage. A small skin graft is placed dorsally beyond the 
reach of the tip of the flap. Long-term postoperative follow-up reveals stable 
coverage. 





FIGURE 17-9 A,B: Table saw injury to ulnar aspect of a thumb. Ca€“E: Additional 
injury to the middle and ring fingers. Neurovascular island flap harvested from 
the middle finger transferred for composite coverage of the thumb. 





FIGURE 17-10 Lower extremity reconstruction after amputation. The sole of the 
foot is filleted and transferred proximally to cover the proximal stump after 
amputation. 
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Postoperative Care 

Postoperative care depends on the area reconstructed. For upper extremity defects, 
bulky noncompressive dressings are used to protect lacerated or damaged digits. A 
window is left within the dressing to monitor the vascular status of the fillet flap. If 
the spare part has been transferred as a free flap, then flap monitoring is performed 
hourly for the first 24 to 48 hours to ensure there are no signs of arterial ischemia or 
venous congestion. Signs of either problem will necessitate anastomotic re-exploration 
to prevent flap failure. 


If extensive skin grafting has been performed, motion within the digit or extremity is 
usually delayed for 5 to 7 days to allow for skin graft take. If a bolster dressing has 
been placed or if skin grafts have been secured with the use of vacuum-assisted- 
closure (VAC), motion may be initiated sooner. 


Lower extremity wounds are also treated initially with bulky noncompressive dressings 
and immobilization with the application of a posterior splint. Leg elevation is essential 
to limit swelling and minimize the risk of venous congestion within the flap. At 1 week 
postoperatively, compressive wraps may be initiated to the flap and reconstructive 
area to help with the resolution of postoperative edema. Compressive wrapping may 
also aid in long-term flap contours. 


Results/Complications 

Flap loss is obviously the most devastating complication following fillet flap 
reconstruction. In such cases, alternative means of wound coverage will be necessary 
to cover resultant defects. Kuntscher et al. present their results from pedicle fillet 
flaps of fingers for dorsal, palmer, and adjacent digit defects secondary to trauma, 
burn wounds, Dupuytren's disease, malignant tumor resection, and diabetic gangrene. 
In their series of 30 patients, the fillet flap provided a stable coverage option with 
normal sensibility compared to the unaffected digits. The overall complication rate 
was 18% with a flap loss, revision surgery, and infection rate of 7.5% 
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The Use of Free Flaps in Upper Extremity 
Reconstruction/ Anterolateral Thigh Flap 
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Indications/Contraindications 

Soft tissue deficiencies within the upper extremity are common following trauma, 
burns, infection, and tumor extirpation. The coverage of such defects can usually be 
accomplished with the use of pedicled flaps or local rotational flaps. However, when 
defects are very large or encompass multiple structures including nerve, bone, or 
muscle, the use of composite free tissue transfer provides a reliable and single stage 
means of reconstructing complex defects. 


The benefits of free tissue transfer within the upper extremity include the transfer of 
additional vascularized tissue to the injured area, the ability to carry vascularized 
nerve, bone, skin, and muscle to the injured area in one procedure, and the avoidance 
of any additional functional deficits to the injured limb which may be incurred with 
the use of a local or pedicled flap. Free flaps are not tethered at one end, as is the 
cases for pedicled flaps, and this allows for more freedom in flap positioning and 
insetting. More recent fasciocutaneous and perforator flaps also allow for primary 


closure of donor sites with minimal sacrifice of donor site muscle. With current 
microsurgical techniques, free flap loss rates are between 1%and 4%for cases 
requiring elective free tissue reconstruction. Finally, the upper extremity is 
particularly suited for free tissue transfer as the majority of recipient blood vessels 
utilized for anastomosis are located close to the skin, and are of relatively large 
caliber. 


Major indications for free tissue transfer are: (a) primary coverage of large traumatic 
wounds with exposed bone, joint, and tendons or hardware, (b) coverage of complex 
composite defects requiring bone and soft tissue replacement, (c) coverage of soft 
tissue deficits resulting from release of contractures or scarring from previous trauma, 
and (d) significant burns. 


There are few absolute contraindications for free flap transfer and in many cases free 
tissue transfer may be the only option for upper limb salvage following significant soft 
tissue loss. Despite this, relative contraindications to free tissue transfer include a 
history of a hypercoagulable state, history of recent upper extremity DVT, and 
evidence of ongoing infection with the traumatic defect. Other contraindications 
would include inadequate recipient vessels for flap anastomosis. Disregarding 
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technical error, the status of the recipient vessel used for flap anastomosis may play 
the greatest role in flap failure; recipient vessels within the zone of injury are prone 
to postoperative and intraoperative thrombosis. Recipient vessels for microvascular 
transfer should ideally be located out of the zone of injury, radiation, or infection. In 
rare cases, arterial venous fistulas may be created proximally within the upper 
extremity or axilla using the cephalic or saphenous vein. These fistulas can be brought 
into the zone of injury and divided to provide adequate inflow and outflow for free 
tissue transfer. 


Specific Indication for the Anterolateral Thigh Flap 
There are many choices for free flap coverage of the upper extremity. The scapular, 
parascapular, latissimus dorsi myocutaneous, and lateral arm flap have long been 
favorites of surgeons for reconstruction of traumatic upper extremity injuries. Many of 
these flaps will be described in later chapters of this text. If joints are to be crossed, 
fasciocutaneous flaps are much preferred as muscle flaps can undergo atrophy and 


restrict flexion and extension across joints or fingers (Fig. 18-1). 


Classic cutaneous free flaps, such as the radial forearm flap, lateral arm flap, and 
scapular flap, have limitations in size, donor site morbidity, and overall thickness. 
Musculocutaneous flaps such as the latissimus dorsi and rectus abdominus flaps result 
in functional loss and donor site morbidity including, particularly in the abdomen, 
potential hernia formation. In addition, in coverage of joint surfaces, muscle flaps 
tend to undergo fibrosis and atrophy over time, which may limit muscle excursion, 
particularly when placed over the elbow or dorsum of the hand. Muscle is still 
indicated for those circumstances involving osteomyelitis or significant soft tissue 
contamination. More recently, chimeric flaps have been harvested to include both 
muscle and a large component of skin, providing the ideal coverage for many complex 
defects in the upper extremity. 








FIGURE 18-1 A: An extensive iv infiltrate to back of hand and forearm resulted in 











full thickness skin loss over the majority of the hand and forearm in this 56 year 
old woman. B: Soft tissue coverage was obtained with the use of a rectus 
abdominus free flap. C,D: Despite successful soft tissue coverage, atrophy and 
fibrosis within the muscle over time has lead to limitations in wrist motion 
resulting in decreased wrist flexion. 
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In recent years, the anterolateral thigh flap has become the major flap in 
reconstructive microsurgery, including head and neck defects and extremity wounds. It 
has replaced many other flaps. The skin overlying the anterior thigh region has 
relatively constant anatomy with the descending branch of the lateral femoral 
circumflex artery (LFCA), giving rise to either pure muscular (musculocutaneous) or 
subcutaneous (Sseptocutaneous) perforators that supply the area. Based on their 
experience with over 1,500 anterolateral thigh flaps for various anatomic defects 
including the upper extremity, Chen et al determined that 12% were based on direct 
septocutaneous perforators, and 88%were based on musculocutaneous perforators. 
Variations in perforator anatomy can exist, which include absence of skin perforator, 
perforators which are too small for elevation, a perforator artery which does not run 
with the vein, and perforator arteries that have no accompanying vein. These 
anatomical variations are rare, accounting for 2%of cases, however they need to be 
noted by the surgeon. As proposed by Chen, an algorithm for managing anatomical 
variations begins with attempting to identify a more proximal perforator in the upper 
thigh, usually arising from the transverse branch of the LFCA, and harvesting the flap 
based on this perforator. Alternatively, an anteromedial thigh flap may be raised or 
the vastus lateralis may be taken as a musculocutaneous flap. Finally, exploration can 
be performed on the contralateral side as the anatomy may be different. 


The anterolateral thigh flap serves as the ideal flap for upper extremity coverage due 
to its many considerable advantages. The flap provides a long pedicle (up to 16 cm) 
with suitable vessel diameters; the arterial pedicle can measure up to 2.5 mm and the 
two venae comitantes can measure up to 3 mm in diameter. It is also a versatile flap 
with the ability to incorporate different tissue components with large amounts of skin, 
as the flap can be harvested as a cutaneous, fasciocutaneous, or musculocutaneous 
flap with vastus lateralis. In addition, based on the supply of the LFCA system, a 


chimeric flap incorporating the rectus femoris or tensor fascia lata can be raised to 
cover extensive, complex defects. The flap may be harvested as a sensate flap by 
including the lateral femoral cutaneous nerve or as a flow-through flap in cases of 
significant arterial trauma. Inclusion of thigh fascia with the flap allows its use as an 
interposition graft for tendon reconstruction. The thickness of the flap may be 
debulked primarily, optimizing the match of donor tissue for the upper extremity. 
Ordinary skin flaps can sometimes produce bulkiness with poor aesthetics. Thick skin 
paddles, such as with parascapular flaps, may interfere with motor function and 
flexion of the metacarpal phalangeal joints or inter-phalangeal joints. Flaps as thin as 
3 mm to 5 mm have been harvested for tendon coverage. The donor site results in 
minimal morbidity with most sites able to be closed primarily, resulting in a linear scar 
and absence of any long term leg dysfunction. Lastly, its anatomic location allows for a 
two-team approach for flap elevation and recipient site preparation, saving 
considerable operative time. 


Anterolateral Thigh Flap for Upper Extremity 
Reconstruction 


Preoperative Planning 

Preoperative requirements for flap consideration begin with the preparation of a clean 
wound bed. Radical debridement of all necrotic tissue is the most important 
component of a successful reconstruction. Tissue considered to be of marginal viability 
should be debrided early rather than performing multiple dressing changes or utilizing 
vacuum-assisted therapy in the hopes of rescuing traumatized tissue; such measures 
can lead to delayed definitive surgical reconstruction, perpetuate the inflammatory 
component of wound healing, perpetuate distal edema, and result in hand and limb 
stiffness. If the surgeon can guarantee a clean wound bed, free of any necrotic 
material, immediate flap coverage may be attempted in cases of acute trauma. We 
have found that most high energy traumatic injuries and agricultural accidents require 
at least one to two surgical debridements prior to definitive wound closure. Wound 
debridements in these cases are performed in conjunction with wound cultures for 
bacteria and fungal species. The ideal timing for upper limb free tissue reconstruction 
has been debated within the literature but should be within 72 to 96 hours of injury. 


The upper extremity is evaluated for any evidence of concomitant bony or 
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neurovascular injury. A careful vascular evaluation is also performed and if there is 
any question as to the status of the inflow vessels, an angiogram or a CT angiogram 
may be obtained to verify inflow. Our preference is to perform the majority of arterial 
anastomosis in end-to-side fashion, while the veins are anastomosed in an end-to-end 
fashion. If consideration is being given to performing an arterial anastomosis in end-to- 
end fashion to either the radial or ulnar artery, the surgeon must verify a patent 
palmar 
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arch with an Allen's test or Doppler examination prior to surgery. The donor leg for the 
anterior lateral thigh flap should be free of concomitant soft tissue trauma. If the 
patient has a history of lower extremity arterial atherosclerotic disease or diabetes, 
examination of the lower extremity is warranted, to verify that there is an intact 
profundus femoral artery which gives rise to the lateral femoral circumflex system. 


Patient positioning 

The patient is positioned in the supine position for harvest of the anterior lateral thigh 
flap. The injured arm is positioned on a standard hand table. Recipient site 
preparation is aided with the use of an upper extremity tourniquet. 


Flap harvest is usually performed under general anesthesia, though spinal/ epidural 
block for flap elevation and axillary block of the affected extremity can be undertaken 
when general anesthesia is contraindicated. 


Flap Elevation Surgery 
General principles and steps in elevation for perforator flap include: 


« Doppler mapping of the perforator, 

e Design of the flap for operation, 

e Identification of the perforators leading to the main pedicle, 

e Intra-muscular dissection of the perforator with preservation of the nerves, 
e Elevation of the flap, 


e Thinning of the flap, and 


« Transfer of the flap to cover the defect. 


The anterolateral thigh flap is based on the lateral femoral circumflex vessel, 
particularly the descending branch, which courses inferiorly along the intermuscular 
septum giving rise to subcutaneous and/ or intramuscular perforators that penetrate 
the fascia to supply the skin and subcutaneous tissue overlying the anterolateral thigh. 
A preoperative Doppler examination of the lower leg is performed to identify these 
perforators. A line is drawn from the anterior superior iliac spine to the lateral margin 
of the patella. At the midpoint of this line is a reliable perforator identifiable in 
almost 90% of cases (Fig. 18-2). An additional perforator can be identified in 80% of 
cases within the upper third of the line, again using a hand held Doppler. The skin 
paddle, incorporating both perforators if possible, is designed in an elliptical fashion 
based on the dimensions of the defect in the upper extremity. 





FIGURE 18-2 Prior to flap elevation the arterial perforators to the ALT flap are 
identified on the leg. A line is drawn from the anterior superior iliac spine (ASIS) 
to the lateral margin of the patella. In 90% of cases a major perforator can be 
identified within 3 cm of the middle portion of this line. A second major 
perforator is usually identified at the upper third of this line. A: The sites for the 
perforators are confirmed with a handheld Doppler probe and marked with a skin 
scribe. B: The flap is then designed around the perforators in an elliptical 
fashion. 
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Dissection begins medially by dissecting down to the rectus femoris fascia. The fascia 
of the rectus femoris muscle is divided and dissection proceeds in a lateral direction 
until the intermuscular septum separating the rectus femoris and vastus lateralis 
muscles is encountered. Medial retraction of the rectus femoris muscle exposes the 
entire septum, allowing for visualization of the descending branch of the lateral 
femoral circumflex artery in addition to its branch going to the rectus femoris itself 
(Fig. 18-3). At this point there may be 1a€“3 major perforators exiting from the 
descending branch and passing through the muscle of the vastus lateralis as 
musculocutaneous perforators or passing directly through the septum as 
septocutaneous perforators to the skin. Usually, one large perforator is sufficient to 
supply a large skin island, and allows for easy thinning of the flap. However, more 
perforators may be included if the skin island is very large, and flaps as large as 15 A— 
35 cm 
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have been reported. If septocutaneous perforators are present, one may simply 
proceed to the posterior incision, including the portion of the tensor fascia lata, and 
elevate the flap. If intramuscular perforators are encountered then dissection must 
proceed as one would for a true perforator flap, in which case the artery needs to be 
carefully dissected free from the surrounding muscle. A cuff of muscle may be 
included in the flap should the upper extremity wound require additional bulk or if the 
wound contains exposed bone or significant dead space (see Figure 18-3D). 





FIGURE 18-3 A: After the flap has been marked the medial incision is made first 
and the rectus femoris muscle is identified. The rectus femoris (RF) muscle is 
retracted medially to reveal the descending branch of the lateral femoral 
circumflex vessels (DCLA). A branch of the lateral femoral cutaneous nerve (n) 
can usually be identified running superior to the vastus lateralis muscle B: Once 
the flap perforators are identified, dissection may begin at the lateral margin of 
the flap. C: In this photograph 2 perforators of the lateral femoral circumflex 
vessels are seen passing into the vastus lateralis. These vessels may be dissected 


through the muscle into the fascia of the overlying skin flap or a small cuff of 
muscle may be preserved around the vessels. D: The flap is now ready for transfer 
to the arm. The muscle cuff can be seen beneath the skin paddle. The pedicle 
length and large diameter allow for easy insetting and microvascular anastomosis. 
E: The donor site may be closed primarily over a closed suction drain. 


Dissection proceeds along the descending branch of the LFCA separating venae 
comitantes from the artery. The pedicle can be dissected back to the main trunk of 
the lateral femoral circumflex artery, or divided at the descending branch. If one 
traces the vessels back to the origin, the motor nerve to the vastus lateralis will need 
to be dissected free from the arterial pedicle. This may be a tedious dissection as the 
nerve may pass through and around the venous pedicle. Dissection of the vessels back 
to the origin results in very large caliber vessels of up to 3 mm in some cases. 


Preparation of the arterial recipient site is then performed. If the radial artery is going 
to be used, a Henry approach is usually carried out. For approach to the brachial 
artery a curved lazy-S incision is performed over the antecubital fossa and exposure of 
the brachial artery at the level of the medial forearm is performed. The flap is then 
transferred to the upper extremity. The tourniquet is then released in order to verify 
adequate arterial inflow. Once adequate arterial inflow has been verified, the 
anterolateral thigh flap may be divided from the lower extremity and transferred to 
the upper extremity. The anastomosis is then performed in end-to-side fashion using 8- 
0 nylon. Venous coupling may also be used to expedite the microsurgical procedure 
(Fig. 18-4). 


The donor site is approximated primarily over closed suction drainage when flap width 
is less than 8 cm, or a skin graft may be used for larger width flaps. For cases involving 
intramuscular perforator dissection, the muscle edges are reapproximated to preserve 
maximal quadriceps function. 


In certain cases, such as coverage of the hand, a thin flap may be required and 
primary defatting of the flap can be undertaken. The flap is usually thinned by 
excising the deep fat consisting of wide, flat fat lobules up to the junction of the 
superficial fat, made up of smaller, round lobules. Defatting before ligation of the 
pedicle allows for monitoring of flap perfusion during the thinning process. The flap 


may be thinned up to 3 mm without compromise to the blood supply. A more 
conservative approach towards primary flap thinning should be undertaken until 
adequate experience is gained as flap debulking can be performed safely and easily as 
a secondary procedure (Fig. 18-5). Innervated flaps can be achieved by including the 
lateral femoral cutaneous nerve in the proximal portion of the flap. The nerve arises 
from the deep fascia approximately 10 cm caudad to the anterior superior iliac spine 
and divides into two or three branches. As previously mentioned, when added bulk is 
required to cover a complex wound, the anterolateral thigh flap can be harvested as a 
chimeric flap along with the vastus lateralis or rectus femoris muscles, the tensor 
fascia lata, or other skin flaps in the thigh based on the supply of lateral femoral 
circumflex system. 


Postoperative Management 


Monitoring 

Flap monitoring is of paramount importance following microvascular surgery. 
Postoperative thrombosis of either the artery or vein can be salvaged in greater than 
50% of patients if detected early. Intraoperatively, a stitch is placed over the 
perforator on the skin paddle to facilitate postoperative monitoring with a Doppler 
probe. Alternatively, an implantable Doppler probe can be placed around the vein or 
artery intraoperatively to allow for continuous monitoring of the anastomosis. The 
Doppler signal over the marked skin paddle is checked hourly with the use of a hand 
held Doppler while the patient remains in the Intensive Care Unit. The highest 
incidence of postoperative arterial thrombosis is within the first 24 hours, with the 
incidence of venous thrombosis occurring most frequently within the first three days. 
Donor site drain output is recorded and drains are kept in place until daily output is 
less than 30 cc. The patient is allowed to ambulate on postoperative day 2. 
Postoperative complications include partial to total flap loss, temporary weakness in 
the lower extremity which usually resolves within the first two weeks, and sensory 
deficit at the donor site if there has been any stretching or injury to the lateral 
femoral cutaneous nerve. In cases of venous congestion, exploration of the 
anastomosis is necessary. If prolonged venous thrombosis is experienced, the use of 
either TPA or leeches can sometimes be used to salvage the flap. 


The use of postoperative anticoagulation is debated. Our patients are given one baby 


aspirin per day, and are continued on subcutaneous heparin while they are in the 
hospital. Formal anticoagulation with heparin is discouraged and has been linked to an 
increase risk of hematoma formation and 
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flap loss. For those situations where arterial inflow has been difficult to establish, 
dextran at 25 mL/ hour may be used in adults. 

















FIGURE 18-4 A: 34 year old male, status post liver transplantation, with a chronic 
left posterior elbow wound. The multiple posterior scares are evidence of 
previous attempts to close this defect. B: The skin incision for an ipsilateral ALT 
flap is marked on the thigh after identification of the underlying perforators. C: 
The flap is separated from surrounding tissue. D: The lateral femoral circumflex 
vessels can be seen above the surgeon's index finger entering the flap. E: In 
preparation for flap transfer the brachial artery is exposed at the level of the 
elbow. Fa€“H: The result at 3 months postop with well healed wound, with good 
contour and no signs of infection. 





























FIGURE 18-5 Aa€“D: This 49 year old man was involved in a farming accident 
which resulted in the amputation of the index thru small fingers at the level of 
the metacarpal bases. Soft tissue coverage was obtained with the use of a 
thinned ALT flap. Six months following reconstruction, the ALT flap has provided 
adequate contour and durability allowing patient to return to farming activities. 
The patient refused further surgery for finger reconstuction (C,D). 


Rehabilitation 


Underlying injuries usually dictate when motion may begin. We usually wait 5 days for 
the anastomosis to mature and for the postoperative swelling to subside. At this point 
if the underlying bone injury is stabilized, early mobilization is initiated. A light ace 
wrap is applied to the flap beginning on day five to help aid in resolution of post- 
operative swelling. Re-elevation of the flap for additional bone grafting or tendon 
grafting can be done as soon as 4 to 6 weeks. Defatting or thinning of the flap is 
usually delayed for 6 to 9 months after the original surgery. 


Pi2oz 


Complications 

The greatest complication of free flap surgery is flap loss due to arterial or venous 
thrombosis. The best means of preventing these problems is adequate preoperative 
planning. Repairs within the zone of injury, technical errors including inadequate 
visualization of vessels, and tension or kinking at the anastomosis site can all lead to 
flap failure. Ongoing infection can also result in partial flap loss. For the anterolateral 
thigh flap, twisting of the pedicle can occur easily due to the absence of muscle to 
keep its proper orientation. Marking the anterior wall of the pedicle and lifting of the 
flap in the air to allow the pedicle to lie in its natural orientation prior to final inset 
may prevent pedicle twisting. It is also important to avoid compression of the flap. 


Results 

Good success has been reported with the use of anterolateral thigh flaps in the upper 
extremity. Flap failure rates have been noted to be as low as 2% Additional thinning 
procedures may be required in patients with continued bulk. Microvascular surgery and 
free tissue transfer within the upper extremity is facilitated by large recipient vessels, 
and a relatively shallow operating field. 


Conclusion 

With proper planning, the anterolateral thigh flap is capable of managing many 
complex injuries within the upper extremity. It is now often our first choice for 
coverage of upper extremity defects. The advantages of the ALT flap are: relatively 
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consistent anatomy; ease in dissection; long pedicle length; ability to achieve a thin, 
pliable flap; ability to provide sensate coverage through the lateral femoral cutaneous 
nerve; no sacrifice of major artery of the lower limb; and versatility in flap construct 
which allows one to harvest not only muscle, but also functional muscle such as the 
rectus femoris. The donor site can be closed primarily. 
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Chapter 19 
Groin Flap Coverage of the Hand and Wrist 





) effrey B. Friedrich 
Nicholas B. Vedder 


Indications/Contraindications 

The pedicled groin flap is an extremely versatile and reliable flap that was initially 
described in 1972 by MacGregor and J ackson. It enjoys a revered place in the field of 
reconstructive surgery because it was one of the first axial-pattern flaps to be 
described and applied in humans. After several decades, many surgical techniques, 
including pedicled flaps, have been supplanted by new methods. However, despite the 
advent of microsurgery, the pedicled groin flap continues to be a venerable technique 
with a variety of applications. 


The groin flap has been used most commonly for upper extremity reconstruction, and 
is indicated for soft tissue defects in which there is destruction or devitalization of 
soft tissue on the hand, wrist, and distal forearm. The groin flap is not designed to 
supplant skin-grafting on wounds that will accept a graft; rather, it is to be used when 
the injury or resection leaves exposed structures that will not accept a skin graft, such 
as tendon or bone. It has been described for soft tissue reconstruction of a number of 
traumatic etiologies including crush injuries, avulsions, gunshots, blast wounds, and 
burns. Additionally, the flap is warranted for soft tissue defects following elective 
resection such as contractures, hypertrophic scarring, or tumor, and has even been 
described as soft tissue coverage following recurrent carpal tunnel syndrome. 


In the setting of trauma, the groin flap is most often used for delayed primary 
coverage of upper extremity wounds. Several groups have employed the flap for very 
early coverage (within 24a€“ 48 hours from injury); however, the complication rate has 
been found to be high. Therefore, unless a clean and healthy wound bed can be 
ensured initially, it is generally prudent to thoroughly debride the wound, observe it 
for a few days, and then apply the groin flap only after a clean, healthy wound surface 
iS ensured. 


As noted above, the groin flap will provide reliable soft tissue coverage to practically 
any portion of the hand as well as the distal forearm. It is particularly well-suited to 
the dorsal surface of the hand. The flap can certainly be used to provide coverage for 
the palmar surface of the hand; however, the flap can be bulky, and does not at all 
approximate the native, adherent, glabrous skin of the palm. This can leave the palm 
with a bulky flap that is prone to shearing motion when weight is borne on the palmar 
surface of the hand, such as seen with pushing, gripping, tool use, or twisting motions. 
For this reason, it is wise to consider other thinner flaps such as the reversed radial 
forearm flap or free fasciocutaneous flaps such as the anterolateral thigh flap for most 
palmar reconstructions. 


A brief mention must be made of the groin flap for use as a free tissue transfer. The 
free groin flap was the first free flap described and can be used for many of the same 
indications for which other free flaps are currently used. Its reliability is somewhat 
limited because of the variable arterial pedicle and the short length of the pedicle. 
Furthermore, even in experienced hands, the free groin flap failure rate is notably 
higher than it is for other free flaps, thus limiting its utility. 
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Another chief indication for use of the groin flap is in the setting of thumb 
reconstruction. Often with total or near-total thumb loss, it is necessary to use free 
digit transfers such as the great or second toe. Unfortunately, traumatic thumb 
amputations can leave the patient with insufficient soft tissue of the thenar region. In 
these cases, the groin flap is an excellent choice to provide a soft-tissue a€cebasea€ 
on to which the digit transfer can be placed at a later date. 


The contraindications for the use of the pedicled groin flap are few. In general, the 
flap should not be implemented in patients who are deemed to be uncooperative, or 
who would otherwise not be able to tolerate a 2- or 3-week interval in which their 


affected hand is immobilized and attached to the groin. In the past, it was felt that 
elderly patients were not good candidates for this flap because of the risk of shoulder 
and elbow stiffness. However, a recent study has shown that elderly patients are able 
to tolerate the procedure with no more complications (including upper extremity 
stiffness) than the average young patient. 


As with any flap, active tobacco use is a concern with the groin flap. Specifically, the 
flap can be subject to marginal necrosis in active smokers. The surgeon must balance 
the need for complex reconstruction with the potential morbidity that may be 
incurred by patients who smoke. 


Previous groin surgery may or may not be a contraindication to the use of this flap. In 
general, inguinal hernia repair does not preclude the use of the groin flap, nor do 
other scars in the general vicinity such as abdominoplasty or Pfannenstiel incisions. 
However, a previous inguinal lymph node dissection would render this flap tenuous, or 
outright unsafe. The potential disruption of superficial vessels in the groin is too high 
to risk use of a flap based on these vessels. Additionally, patients who have had groin 
lymph node dissections have quite often had external beam radiation to the same 
region, further rendering flap dissection in this area a dangerous proposition. 


Preoperative Planning 

When using the groin flap in the acute posttraumatic setting, wound preparation Is of 
paramount importance. The surgeon must perform any hand or forearm repairs that 
are necessary in the acute phase. This includes fracture reduction and fixation, as well 
as tendon, vessel, and nerve repair. Wound debridement must also be complete so as 
to minimize the infection risk once the site is covered with a flap. Wound debridement 
and cleansing may need to be done several times in the operating room prior to flap 
coverage, and several days of dressing changes may be necessary to ensure that the 
wound bed is as healthy as possible. This is especially true with crush and avulsion 
injuries. 

In the posttraumatic setting, timing of coverage with a groin flap has become an 
important issue. In general, most published reports advocate use of the flap ina 
delayed-primary fashion, specifically between 48 hours and 7 days following injury. 
Others have attempted to employ the flap in a more acute setting (24a€“48 hours 
following injury); however, the consensus seems to be that early timing leads to an 


unacceptably high rate of infection and dehiscence, and is thus not advocated. In the 
end, timing of flap implementation should be based on the surgeon's best clinical 
judgment about the mechanism of injury, and the status of the wound bed. 


In the elective setting, the preoperative preparation for a groin flap is somewhat less 
crucial. The patient must understand that the interval between flap elevation and flap 
division will entail a moderate amount of disability, and will require a significant 
amount of diligence in regard to their self-care. Additionally, it is a good idea for the 
patient to make prior arrangements to have a friend or family member at home who 
will be able to assist them with various activities of daily living. 


Surgery 

The groin flap coverage surgery must be done with a general anesthetic. Additionally, 
it is recommended that a bladder catheter be placed as the operation can be in excess 
of 3 hours. If the patient is not already being administered intravenous antibiotics for 
prophylaxis of a traumatic wound, one dose of antibiotics should be administered 30 
minutes before skin incision. 


Patient Positioning 
Once anesthetized, care should be taken with patient positioning. Although an 
ipsilateral groin flap is most commonly used, a contralateral flap is sometimes 
acceptable if the ipsilateral side is for some reason unavailable. Regardless of which 
side is chosen, a small towel roll or a€cebumpa€* should be placed under the hip of 
the side that will undergo groin flap dissection to allow extension of the flap 
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dissection back to the flank. The upper extremity to be reconstructed should be 
placed on a hand table for initial wound preparation. Additionally, one should leave 
enough room on the side of the operating table to be able to comfortably lay the 
upper extremity beside the torso during groin flap inset. The other necessary step 
before initiating the operation is placement of a pneumatic tourniquet on the upper 
extremity to be reconstructed. 


Technique 
The operation is begun by preparation of the recipient bed. If the flap is being 


employed for traumatic wound coverage, a final thorough debridement is done at this 
time. If it is being done for scarring or other elective soft tissue coverage, the creation 
of the recipient wound to be covered is done in its entirety before moving to the 
groin. 


In preparation for flap elevation, measurements are taken to determine the required 
dimensions of the groin flap. This can be done in several ways. One can simply use a 
ruler to determine the largest dimensions of the wound, or a template can be 
fashioned. The paper wrapper from surgical glove packaging makes a nice template 
material and is readily available. This can be pressed onto the wound so that the 
wound fluid makes an imprint in the paper. Then the template can be made simply by 
cutting around the outline of the defect. Alternatively, one can use a piece of the 
elastic wrap used to exsanguinate the hand (Fig. 19-1). The template is then 
transferred to the groin. In general, the more ulnar aspects of the wound will be 
covered by the distal end of the flap. 


When designing the flap, one must keep in mind the arterial anatomy of the flap. 
Specifically, the flap is supplied by the superficial circumflex iliac artery and vein (Fig. 
19-2). Numerous studies have shown the artery to consistently extend to the level of 
the anterior superior iliac spine (ASIS) before any significant caliber diminishment. In 
other words, the flap is an axial pattern flap medial to the ASIS, and a random-pattern 
flap lateral to this point. The area lateral to the ASIS can be used as part of the flap 
design; however, its effectiveness is limited by its random nature. Therefore, the 
operator should generally design a flap that, at the portion lateral to the ASIS, has a 
width:length ratio between 1:1 to 1:1.5 (although the medial portion needs only be 
wide enough to include the axial vessels). It is possible to design a flap whose distal 
extent is more posterior than this limit, but a delay procedure should then be 
employed for the flap. A delay procedure involves incision, but not elevation 
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of the desired flap. The incised flap is then left in situ for a week so that the 
circulation at the distal end of the flap can be augmented during that time. Following 
that interval, the flap can then be elevated and inset in the upper extremity wound. 





FIGURE 19-1 Use of a piece of the elastic exsanguination wrap to create a 
template of the defect to be covered with a groin flap. 
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FIGURE 19-2 Detail of groin flap anatomy (right-sided), showing the pedicle 
(superficial circumflex iliac artery), inclusion of the superficial sartorius fascia 
with the flap, and the location of the lateral femoral cutaneous nerve branches 
as they emerge from under the inguinal ligament. (Adapted from Brown EZ Jr, 
Pederson WC. Skin grafts and skin flaps. In: Green's operative hand surgery. 5th 
ed. Philadelphia: Elsevier/ Churchill Livingstone; 2005:1692-1702, with 
permission. ) 


When beginning the overall design of the flap, it is best to keep in mind the 
recommendations of Chuang, who published a set of groin flap design rules based on 
experience amassed via the use of over 200 groin flaps. The mainstay of these 
guidelines is the a€cetwo fingerbreadthsa€* rule (the two fingerbreadths being at the 
level of the index and long finger distal interphalangeal joint of the operator) (Fig. 19- 
3). The first step is to estimate the location of the superficial circumflex iliac artery, 
done by marking a point two fingerbreadths below the junction between the inguinal 


ligament (which runs along a line between the anterior superior iliac spine and the 
pubic tubercle) and the femoral artery. Once that artery location is estimated, its true 
path should be verified by Doppler ultrasound. The upper flap border is marked two 
fingerbreadths above the inguinal ligament (parallel to the artery), while the lower 
flap border is a line two fingerbreadths below and parallel to the artery. Also, as will 
be further discussed following, the superficial branch of the superficial circumflex iliac 
artery (SCIA) emerges from the deep fascia two fingerbreadths medial to the ASIS, 
then continues laterally in a subcutaneous plane. 


It should be noted that if using the two fingerbreadths rule for flap design, a relatively 
Slender flap will result medially. In reality, when the flap is centered over the SCIA, 
the cephalad-caudad width of the flap lateral to the ASIS can be quite substantial. 
However, most authors agree that flap widths up to 10 cm enable primary closure of 
the groin wound site, while those that are wider stand a good 
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chance of requiring closure with a split-thickness skin graft because of inability to 
achieve primary closure. It is usually possible to determine how wide a flap can safely 
be harvested and closed primarily by pinching the skin and subcutaneous tissue 
together. Flexing the operating table at the hip to relieve some of the tension can 
facilitate closure. 






Pubic 
tubercle 


Superticial 
circumflex 
iliac artery 

(SCIA) 


is : a 
% 
Femoral =a 
artery Ba OS 
Bs a. \ 


FIGURE 19-3 Drawing of the application of the two-fingerbreadth rule. The 31 on 
the left of the patient is the location of the inguinal ligament. The 31 
immediately below that is the location of the superficial circumflex iliac artery. 
Note that the upper border of the flap is two fingerbreadths above the inguinal 
ligament, and the lower border is two fingerbreadths below the vascular pedicle 
(SCIA). (Adapted from Chuang DC, Colony LH, Chen HC, Wei FC. Groin flap design 
and versatility. 31 1989; 84(1):100a€“107, with permission. ) 


Once the marks are drawn, the incisions of the flap are made. The incision is carried 
down to the level of the external oblique fascia on the abdomen, and the muscle 
fascia on the leg. Then the flap dissection is begun at the lateral end in the plane 
between the subcutaneous fat and the muscle fascia of the thigh (below the inguinal 
ligament); and between the subcutaneous fat and the external oblique muscle fascia 
(above the inguinal ligament). The flap is most easily and safely raised with curved 
Metzenbaum scissors, although low-powered electrocautery can be used as well. The 
dissection proceeds in this fashion until reaching the lateral border of the sartorius 
muscle. On reaching the sartorius, the fascia over this muscle is incised at its lateral 
border. The sartorius fascia is then elevated from the muscle. Above the inguinal 
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ligament, the dissection plane remains immediately superficial to the external oblique 
fascia. At the medial border of the sartorius muscle, the SCIA divides into a superficial 
and a deep branch. By elevating the sartorius fascia, the superficial branch (which 
supplies the lateral extent of the groin flap) is preserved with the flap. When the 
medial sartorius fascia is reached, and the deep branch of the SCIA encountered, it is 
divided and ligated with either vascular clips or sutures. This deep branch of the SCIA 
is not necessary for flap survival, and it will only serve to tether the flap if more flap 
length is desired (Fig. 19-4). 


During the flap dissection, one must remain cognizant of the lateral femoral cutaneous 
nerve and its course in the vicinity of the flap. The nerve emerges from under the 
inguinal ligament at the medial edge of the sartorius muscle (see Fig. 19-2). The nerve 
branches run deep to the SCIA; therefore, care should be taken to preserve the nerve 
branches in this area. If nerve branches are found in the sartorius muscle fascia, 
efforts must be made to dissect free and preserve them. Despite attempts to preserve 
the nerve branches, patients should be told before the procedure that nerve damage 
(both transient and permanent) is possible and can lead to numbness of the lateral 
thigh. 


The endpoint of flap dissection is generally determined by the acquisition of enough 
flap length to be easily inset in the defect of the hand or forearm. Some references 
caution against proceeding more medially than the lateral border of the sartorius 
muscle; however, we have found that a longer flap can be raised if proper precautions 
are taken. That said, the absolute anatomic endpoint of flap dissection is at the 
lateral border of the femoral artery. 


While this chapter chiefly concentrates on the use of the pedicled groin flap, a brief 
mention of the free groin flap will be made. The dissection of the flap proceeds in an 
identical manner to that described previously. However, one of the over-arching goals 
of free flap harvest is to obtain donor 
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vessels that are as long as safely possible. With the free groin flap, this involves 
dividing the SCIA very close to the femoral artery, and dividing the donor vein very 
close to the femoral vein. This must be done carefully as vascular clips or sutures 
placed too close to the femoral vessels can serve to narrow the lumen of the vessel. 
When harvesting the groin flap for free tissue transfer, one anatomic caveat must be 


kept in mind: in a minority of persons (estimated at 30%, the SCIA emerges from a 
common vessel that bifurcates into the SCIA and the superficial inferior epigastric 
artery (SEIA). When this is found to be the case, the common trunk is dissected back to 
the femoral artery and used as the arterial donor. Both the SCIA and SEIA will reliably 
supply the groin skin; so when they emerge separately, the larger of the two vessels is 
chosen as the arterial donor. Usually, the larger vessel is the SCIA. 





FIGURE 19-4 A: Schematic representation of vascular kinking that is possible if 
the sartorius fascia is not elevated with the groin flap. The illustration shows an 
axial view of the lower extremity. The 31 points to the superficial circumflex iliac 
artery (SCIA); the | points to the fascia of the sartorius muscle. B: Schematic 
representation of the relatively straight course of the superficial branch of the 
SCIA following elevation of the sartorius fascia with the groin flap. The 31 points 
to the now-released sartorius fascia. (Adapted from Brown EZ Jr, Pederson WC. 
Skin grafts and skin flaps. In: Green's operative hand surgery. 5th ed. 
Philadelphia: Elsevier/ Churchill Livingstone; 2005:1692a€" 1702, with permission. ) 


Several steps must be taken before inset of the flap into the upper extremity. First, 
one must close the donor defect, because closure will be much more difficult if it is 
done after flap inset. This closure should optimally be a three-layered one, with 0-0 or 
2-0 braided absorbable suture in the superficial fascia (Scarpa's fascia on the 
abdominal wall to superficial fascia on the lower extremity), 2-0 or 3-0 braided 


absorbable suture in the dermis, and 3-0 or 4-0 nonabsorbable monofilament or staples 
in the skin. This closure is done over a suction drain, usually brought out through a 
separate stab incision. The closure is facilitated by flexion of the operating table at 
the hip, and use of towel clips or staples to temporarily approximate the skin while 
the sutures are being placed (Fig. 19-5). It is also important for the patient's bed to 
remain flexed at the hip in the immediate postoperative period to minimize tension on 
the suture line. 


Next, the flap base should be a€cetubeda€* before inset. Tubing of the flap diminishes 
the amount of exposed flap undersurface, thereby helping with postoperative wound 
care. The tubing is done simply by suturing the upper and lower sides of the flap 
together such that it forms a cylinder (Fig. 19-6). The closure of the tube can be done 
with a single layer of nonabsorbable monofilament sutures. One must be cautious 
about tubing the flap, as this can cause vascular compromise. A simple way to deal 
with a congested flap is to release a few sutures at the base (since this is the thickest 
part of the flap). In a seminal article on groin flap design, Schlenker illustrates another 
method to increase the circumference of the tube while simultaneously positioning the 
flap for inset depending on whether the hand defect is dorsal or volar. This is done by 
incising either the cephalad or caudad side of the flap longer than the other, then 
performing either a clockwise or counterclockwise closure of the donor defect. This 
then positions the portion of the flap that will be inset into a more optimal orientation 
for coverage (Fig. 19-7). 
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FIGURE 19-5 Flexion of the hip to facilitate groin flap donor site closure. 











The other task to be done before flap inset is to thin the distal part of the flap that 
was originally lateral to the ASIS. This is most easily performed with curved Mayo or 
Metzenbaum scissors, trimming the fat down to the subdermal level. This will 
facilitate flap inset, and will reduce the amount of defatting that needs to be done in 
the secondary setting. 


Once elevated, the inset of the groin flap is relatively simple. The affected hand is 
moved into the groin, and the flap is then inset into the recipient site, usually over a 
closed-suction drain. This is typically performed with a two-layered closure, 


specifically 3-0 or 4-0 braided absorbable suture in the dermis, and 3-0 or 4-0 
nonabsorbable monofilament suture in the skin (Fig. 19-8). 





FIGURE 19-6 Groin flap following a€cetubinga€* of the proximal portion of the 
flap. 
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FIGURE 19-7 A: Schlenker's modification of the groin flap incisions. By making the 
top incision longer, and closing points B and C to point D, clockwise rotation is 
facilitated. Similarly, by making the lower incision longer, counterclockwise 
rotation is facilitated. B: By creating a flap that is rotated clockwise, and 
therefore facing downward, closure of a palmar defect is made easier. C: 
Similarly, counterclockwise rotation of the flap causes the raw surface to face 
upward, allowing easier closure of a dorsal hand defect. (Adapted from Schlenker 
J} D. Important considerations in the design and construction of groin flaps. 31 
1980; 5(5):353a€“ 357, with permission. ) 





FIGURE 19-8 Completion of groin flap inset on the hand. 
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Care must be taken with postoperative dressings and positioning. The wounds on the 
hand can simply be covered with antibiotic ointment. We find that it is best to cover 
the small exposed portions of the flap (at the base) with antibiotic (bismuth)- 
impregnated gauze. The closed groin wound can be dressed with a gauze dressing or 
covered with antibiotic ointment. Cast padding or soft towels should be placed in the 
affected axilla and under the hand as these areas will become moist with the arm at 
the side. A pillow should be placed underneath the elbow to give the arm support, and 
to ensure that the flap itself is just the slightest bit extended anterior and lateral to 
the body. It is important to avoid kinking of the flap since this will easily cause venous 
congestion. Finally, the donor-side leg should have a pillow placed under the knee to 
relieve tension on the groin flap closure. Once the patient is awake, it is important to 
educate them in positioning of the flap to avoid kinking. 


Flap Division and Final Inset 
In general, the pedicle of the groin flap is divided between 2 and 3 weeks after flap 


elevation. Wei's group and others have done numerous studies using ischemic 
preconditioning of the flap to allow flap division at an earlier time (7a€“10 days). 
However, we have found that, with proper patient selection, the groin flap will be 
tolerated for 3 weeks just as easily as it would be tolerated for 1 week. Furthermore, 
we have not found any complications associated with the longer attachment times. 


Flap division proceeds as follows: one should test the vascularity of the flap by firmly 
occluding the tubed pedicle with thumb and forefinger or by using a penrose drain 
clamped around the pedicle, then observing capillary refill of the flap. If there is any 
question about the perfusion of the flap, the flap division should be delayed. A hand 
table should be set up before the start of the case. An arm tourniquet is not necessary 
for this procedure, and in fact, it is discouraged because the vascularity of the flap 
needs to be assessed during this operation. The arm is prepared from at least the 
elbow down, and the entire groin area is prepared simultaneously. The flap is marked 
where it is thought that it will cover the remaining wound, taking care to make this 
marking generous. The flap is then incised with a scalpel and carried through with 
electrocautery. The arm is then placed on the hand table. Sometimes, there is a 
residual flap a€oastump, a€* which is excised to the point that the remaining groin 
wound can be easily closed without a large dog-ear deformity. If the stump of the SCIA 
is large, this should be ligated with a suture or vascular clips. The remaining groin 
wound is closed in a fashion similar to that of the original groin wound closure. 


Finally, the remainder of the groin flap is inset to the hand. Some very judicious 
defatting of the open end of the flap can be undertaken at this time. This can be done 
with scissors, but it should not be overly aggressive. Both the donor and recipient sites 
should be well debrided and cleansed before closure. The closure should be loose to 
allow drainage, as these will be contaminated wounds. The wound Is sutured with 4-0 
nylon in the skin (Fig. 19-9). A soft dressing should then be applied to the 
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hand, usually with moist gauze in the layer next to the skin as this will encourage 
drainage from these contaminated wounds. We find it helpful to take advantage of the 
general anesthesia by manipulating the patient's elbow and shoulder before his or her 
awakening. 





FIGURE 19-9 A: Photograph of same patient in Figure 19-6 after division of groin 
flap pedicle. The hand has a a€cemittena€* appearance after covering the finger 
stumps with the groin flap. B: Long-term results seen in patient from Figures 19-5 
and 19-8B. The groin flap has been divided into individual flaps for each finger, 
and they have each been further contoured. 


Postoperative Management 

After the first stage of the groin flap procedure, most patients will need a significant 
amount of assistance from physical and/ or occupational/ hand therapists. The 
involvement of the therapist is essential to help with the transition to home life for 
the interval in which the hand is attached to the groin. For the purposes of practicality 
and cost of care, it is beneficial to send the patient home a few days after the initial 
Stage of the procedure, rather than keeping the patient in an inpatient setting for 2 to 
3 weeks. The therapist will assist the patient with normal self-care activities such as 
dressing (including any modifications of clothing made necessary by the attachment of 
the hand to the groin), hygiene, and other daily activities. 


The chief purpose of the hand therapist is to ensure joint mobility to the degree that 
it is possible during the pedicled stage of the flap. This includes range of motion 
exercises with the involved shoulder and elbow, as well as the affected hand. In our 
experience, the groin flap is most often used to cover hand and wrist defects. 
Therefore, if the patientsa€™ other hand injuries permit, we encourage them to work 


on range of motion exercises with the hand, most commonly in the interphalangeal 
and metacarpophalangeal joints. 


Postoperative wound care is relatively simple after the first stage of the surgery. The 
chief aim is to keep any flap surfaces that are exposed (i.e., any raw surfaces that are 
not covered by tubing of the flap) moist and clean. The application of antibiotic 
(bismuth)-impregnated gauze or antibiotic ointment serves this purpose quite well. 
Patients are encouraged to wash the wounds daily with soap and water and even to 
shower. Suture removal depends on the surgeon's preference: they can be removed in 
10 to 14 days, or this can be done at the time of flap division 2 to 3 weeks after the 
initial procedure. 


After the conclusion of the flap division procedure 2 to 3 weeks after flap elevation, 
physiotherapy continues to be an important part of the patientsa€™ care. Range of 
motion exercises should be continued, especially in the affected elbow and shoulder. 
These joints can become quite stiff between the two procedures; however, this 
stiffness is most often transient if physical therapy is maintained. Finally, aggressive 
rehabilitation of the injured hand is a long-term endeavor. 


Much later during the patient's care, debulking, revision, and functional improvement 
of the reconstruction can be taken into consideration. In many patients, the groin flap 
can be relatively bulky, potentially giving the reconstructed hand a a€celoaf of 
breada€* appearance. Once the flap has completely healed, this problem is relatively 
easily treated by partial opening of the flap followed by direct lipectomy in the 
subcutaneous plane, or by using suction lipectomy with a small (3 mm) suction 
cannula. 


Complications 

In the intraoperative setting, a potential complication is construction of a flap that is 
too wide in the cephalocaudal dimension, thereby preventing primary closure of the 
donor site. This is not a grave complication, but it does require closure of the donor 
site with a split-thickness skin graft, which obviously creates another donor site. 
Additionally, the appearance of the groin wound covered by a skin graft is less 
desirable than that of a groin wound that has been closed primarily. 


The most dreaded complication of the use of the groin flap is flap loss, either partial 
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or total. Fortunately, the pedicled groin flap is quite hardy, making flap loss unusual if 
care is taken with flap design and tubing. Most series have found flap loss rates in 
pedicled groin flaps around 1% and these are most often partial, rather than total flap 
losses. Not surprisingly, the rate of flap loss when using the groin flap as a free tissue 
transfer is higher than that of pedicled groin flaps. This can be attributed to the 
relatively increased difficulty of free groin flap dissection, and to the nature of free 
flaps in general. Cooper analyzed a series of 130 patients who had undergone free 
groin flaps for a variety of indications. The series had seven partial and nine total flap 
losses, and a total flap failure rate of 8.5% This is slightly higher than most published 
series of free tissue transfers, where the general free flap failure rate is around 5% 
Cooper's series corroborates these numbers in that they experienced an overall free 
tissue transfer failure rate (using flaps other than the free groin flap) of 4.2% which is 
less than half of the failure rate of the free groin flap in their hands. 
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A complication that is of low morbidity, but can be somewhat distressing to the 
patient is lateral thigh numbness due to lateral femoral cutaneous nerve injury. Many 
of these injuries are transient, and sensation will return within several weeks. More 
distressing to the patient is permanent numbness of the lateral thigh. The true 
incidence of permanent nerve injury is difficult to gauge due to the variable amount 
reported in the literature (1%€“50%. This can be prevented by careful dissection 
around the area of the ASIS during flap elevation, taking care to identify and protect 
the adjacent cutaneous nerves. 


J oint stiffness of the elbow and shoulder, though usually transient, is almost a 
guarantee with the use of the pedicled groin flap. J oint stiffness was thought to be 
more pronounced and problematic in elderly (over 55 years) patients; however, 
Buchman published a small series of elderly patients who underwent groin flaps in 
which they contend that the severity of joint stiffness in this population is not any 
worse than that of a younger population. As mentioned in the previous section, 
aggressive physiotherapy is crucial to ensure that any joint stiffness is merely 
transient. 


As with any procedure that involves a period of immobilization, deep venous 
thrombosis is a concern when dealing with patients who have undergone a groin flap 
reconstruction. Because groin flap patients are at least initially confined to bed, it is 


recommended that these patients all be administered low-dose subcutaneous heparin 
or low-molecular-weight heparin as prophylaxis against deep venous thromboses. 


Finally, there are a number of complications that are possible with just about every 
flap surgery, including the groin flap. Some groups have reported significant seromas 
in the groin donor site, but these are usually adequately treated with needle 
aspiration or the opening of a small part of the donor incision. Infection is certainly a 
possibility, especially with raw wound surfaces for a number of days. However, these 
are surprisingly uncommon, and are usually sufficiently treated with intravenous or 
Oral antibiotics, along with limited wound opening. 
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Cross-Finger Flaps for Digital Soft Tissue 
Reconstruction 





Bassem T. Elhassan 
Alexander Y. Shin 


Injuries of the fingertips are very common occurrences secondary to both domestic 
and industrial accidents and are among the most common hand injuries encountered in 
the emergency room and the hand practice. To function properly, the fingertip 
requires adequate padding with durable, sensate skin coverage. As such, any 
reconstructive procedure of the fingertip must include the provision of durable skin 
coverage, preservation of adequate sensation, maintenance of finger length, 
prevention of proximal joint stiffness, and restoration of cosmesis when possible. 


Several techniques have been described to address tissue loss of the fingertips. These 
techniques include direct wound approximation, healing by secondary intention (i.e., 
allowing the wound to granulate), split and full thickness skin grafting, cross-finger 
and reverse cross (deepithelialized) finger flaps, adipofascial turnover flaps, revision 
amputation, volar V-Y advancement flap, Kutler's bilateral V-Y advancement, 
vascularized island flaps (homodigital flaps), and partial toe transfers (1,2,3,4,5, 6). 
Each technique has its own indications and contraindications depending on the size of 
soft tissue loss and the concomitant injuries (exposed bone, tendon, nerve, or vessels). 
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Cross-finger flaps are local flaps that can reliably provide padding and durable cover 
for fingertip injuries and have been in use for over 50 years (7,8). The anatomy, 
indications and contraindications, technique, and results of treatment of the cross- 
finger flap and the reverse (deepithelized) cross-finger flap for coverage of fingertip 
injuries will be described. 


Anatomy 


Cross-Finger Flap 

The cross-finger flap is a random local (regional) flap that is usually raised from the 
dorsum of the donor finger at the level of the proximal or middle phalanx. The blood 
supply of this flap is from the many small vessels of the subdermal and subcutaneous 
plexus. These plexi are fed by two major blood supplies. The first is the dorsal digital 
arteries that originate from the dorsal metacarpal arteries, which in turn originate 
from the dorsal carpal arterial arch. These branches mostly feed the plexus covering 
the skin and subcutaneous tissues of the dorsum of the proximal phalanx. The second 
blood supply is the proper digital arteries, which feed the plexus of vessels covering 
the skin and subcutaneous of the dorsum of the middle and distal phalanges. 


When used as an innervated flap, the cross-finger flap derives its innervation from the 
sensory innervation of the dorsum of the hand (9,10). The superficial branch of the 
radial nerve and the dorsal sensory branch of the ulnar nerve innervate the dorsum of 
the hand up to the level of the proximal one-third of the dorsal skin of the proximal 
phalanx. Distal to this point, most of the innervation comes from the proper digital 
nerves through dorsal and distal branches (Figs. 20-1 and 20-2). 


Reverse Cross-Finger Flap 
The flap used for reverse cross-finger flap consists of the same tissues used for the 
standard cross-finger flap but without the covering skin, and thus has also been called 
a deepithelialized cross-finger 
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flap. The subdermal plexus becomes the main blood supply to this flap, fed by 
branches of the dorsal digital arteries and the proper digital arteries as previously 
described. 
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FIGURE 20-1 Innervation to the dorsum of the middle and distal phalanges from 
the proper digital nerves through dorsal and distal branches. (Reproduced with 
permission of the Mayo Foundation, 2005.) 
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FIGURE 20-2 Innervation to the dorsum of the hand and dorsum of the proximal 
fingers from branches of the radial and ulnar nerves. (Reproduced with 
permission of the Mayo Foundation, 2005.) 


Indications/Contraindications 


Cross-Finger Flap 

A cross-finger flap can be used any age group. In the pediatric patient, its use is 
reported to be successful as early as the first year of life (11). Some authors have 
recommended alternative tissue coverage in patients older than 50 years because of 
the risk of development of persistent postoperative stiffness at the proximal 
interphalangeal (IP) joint (12,13). 


The main indication for this flap coverage is a volar fingertip wound with a major loss 


of skin and subcutaneous tissue with exposed bones and/ or tendons. It can also be 
used for volar defects of the middle phalanx. 


As a random flap, the base is longer than the limbs of the flap. Thus, the entire dorsal 
Skin of the finger can be raised and used. However, if the flap includes skin from the 
dorsal creases of the IP joints, the resultant dorsal scar may lead to stiffness and 
possible flexion contracture. It is recommended that the flap be raised between the IP 
creases. The flap's size therefore varies from patient to patient and depends on the 
size of the finger. 


Contraindications include (14,15, 16): 


e Multiple injuries to the hand involving the potential donor finger 
e Vasospastic conditions such as Raynaud disease and Berger disease 


e Preexisting disabling problem such as Dupuytren contracture 


Advanced age, diabetes mellitus, and rheumatoid arthritis are considered relative 
contraindications. 


Reverse Cross-Finger Flap 

A reverse cross-finger flap is indicated in adults with defects on the dorsum of the 
finger with major loss of skin and subcutaneous tissue and exposed bones and tendons 
or a nail bed defect that cannot be covered by other techniques (17). 


The best donor site is the dorsum of the middle and proximal phalanges. The skin over 
the distal interphalangeal (DIP) and proximal interphalangeal (PIP) joints should be 
avoided because the subcutaneous tissue over these areas is thin and there is higher 
risk of developing contractures. 


The size and contraindications of this flap are similar to those of the cross-finger flap. 


Surgery 


Cross-Finger Flap 
The donor finger is adjacent to the injured finger. Typically, the donor finger is chosen 


based on how the injured finger approximates to the middle phalanx of the donor 
finger. A majority of these flaps can be performed as outpatient surgery under 
regional anesthesia. Preoperative radiographs of the injured hand should be evaluated 
for concomitant injuries, which should be treated prior to commencement of the 
cross-finger flap procedure. Prophylactic antibiotic is given per the discretion of the 
surgeon. 


Under brachial or digital tourniquet control, the injured digit is debrided and irrigated 
and the skin edges freshened (Fig. 20-3). 


The donor and recipient fingers are placed in a position of comfort, before planning 
the location and the shape of the donor area. To ensure adequate soft tissue 
coverage, the size of the defect can be outlined on a piece of glove paper allowing 
20% excess for the flap pedicle (Fig. 20-4). The outlined site is drawn on the dorsum of 
the adjacent donor digit. The three sides of the flap are raised as a full thickness graft 
on the donor finger down to but not including the paratenon (Fig. 20-5A). It is 
essential that the paratenon layer not be violated, as the full thickness skin graft, 
which is placed over the donor area, may not adhere. Meticulous hemostasis is 
obtained. If mobility of the raised flap is limited, or if there is kinking of the flap when 
the recipient site is covered, further dissection of the flap is performed by incising 
carefully Cleland's ligament, while protecting the neurovascular bundle that lies volar. 
Once elevated, the tourniquet is deflated and the vascularity of the flap and the 
paratenon is evaluated. The donor defect is covered with a full thickness skin graft 
obtained form 

P.248 
the anticubital fossa, upper brachium, or groin (Fig. 20-5B). The flap is sutured in 
place on the finger defect with nonabsorbable 5-0 suture in adults or absorbable 
suture in children (Figs. 20-6 through 20-9). A compressive dressing of the surgeon's 
choice is applied over the skin graft, followed by a bulky hand dressing with 
appropriate splints. The wound is kept elevated, with encouragement of movement of 
the uninjured digits. The dressing can be lightened at 1 week postoperatively, whereas 
the sutures are removed between 10 and 14 days. Between 2 and 3 weeks 
postoperatively, the patient is returned to the operating room, where the flap is 
divided, contoured, and inset (Figs. 20-10 through 20-12). 





FIGURE 20-3 A-C: Front and side views of an oblique volar fingertip amputation. 


Reverse Cross-Finger Flap 

The reverse cross-finger flap is useful for dorsal tissue loss, unlike the standard cross- 
finger flap, which is indicated for volar wounds. The preparations for this flap are 
similar to those of the standard cross-finger flap. The differences include the hinge of 
the flap and the donor tissue. A thin full thickness skin flap is raised from the dorsum 
of the donor finger at the level of the middle phalanx, preserving the subcutaneous 
layer. 


The hinge of the skin flap is opposite to the primary defect. This is in contradistinction 
to the standard cross-finger flap, where the hinge is adjacent to the site of the defect 
(Figs. 20-13 and 20-14). Attention should be paid to keep the dissection at the level of 
the dermis, below the hair follicles, and above the layer of subcutaneous veins (Fig. 

20-15). The subcutaneous tissue is raised, keeping the paratenon intact, with the hinge 


of the subcutaneous tissue adjacent to the defect. The subcutaneous flap is inset into 
the defect and the skin is placed back over the donor site (Fig. 20-16). A thin full 
thickness skin graft is harvested and set on the flap (Fig. 20-17). Division of the flap 
occurs between 2 and 3 weeks postoperatively (Fig. 20-18). A clinical example of a 
reverse cross-finger flap is illustrated in Figure 20-19. 
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FIGURE 20-4 A-D: Intraoperative pictures showing the steps of preparation for 
cross-finger flap coverage of a ring fingertip defect. The injured finger is placed 
at the level of the planned flap from the dorsum of the middle finger at the level 
of the middle phalanx. The flap should be 20%larger than the actual defect to 
minimize tension at the time of closure. 
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FIGURE 20-5 A: Elevation of the cross-finger flap, keeping the paratenon intact. 
B: Drawing the site for the full-thickness skin graft harvesting from the forearm of 
the involved finger. (Reproduced with permission of the Mayo Foundation, 2005.) 
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FIGURE 20-6 Illustration demonstrating where the cross-finger flap from the 


dorsum of the middle finger is to be inset onto the amputated index tip. The full 
thickness graft is placed to cover the defect over the dorsum of the donor area. 
(Reproduced with permission of the Mayo Foundation, 2005.) 
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FIGURE 20-7 A: A clinical example of a cross-finger flap taken from the dorsum of | 


the middle finger to cover the ring finger. B: Illustration demonstrating insetting 
of the flap. (Reproduced with permission of the Mayo Foundation, 2005.) 
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FIGURE 20-8 Illustration demonstrating cross section through donor and recipient 
sites. (Reproduced with permission of the Mayo Foundation, 2005.) 














FIGURE 20-9 Illustration of the position of the finger after insetting of flap and 





skin grafting of donor defect. (Reproduced with permission of the Mayo 
Foundation, 2005.) 
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FIGURE 20-10 A full thickness graft from the forearm is used to cover the defect 
over the donor site. 




















FIGURE 20-11 A,B: Division of the flap at 3 weeks postoperatively, with 
contouring and insetting of the flap. 





FIGURE 20-12 A,B: The appearance of the finger 3 months after surgery. 
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FIGURE 20-13 A defect on the dorsum of middle finger at the level of the middle 
phalanx with exposure of the extensor tendon denuded of its paratenon Is an 
ideal indication for a reverse cross-finger flap. (Reproduced with permission of 
the Mayo Foundation, 2005. ) 








FIGURE 20-14 After the wound is debrided to fresh edges, the reverse cross- 
finger flap can be designed. (Reproduced with permission of the Mayo 
Foundation, 2005.) 

















FIGURE 20-15 A thin full thickness skin flap is raised from the dorsum of the 
donor finger at the level of the middle phalanx, keeping the subcutaneous fat 
flap intact. The 31 indicate the site of the planned reverse cross-finger flap, 
which is divided to the level of the paratenon. (Reproduced with permission of 
the Mayo Foundation, 2005.) 
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FIGURE 20-16 The hinge of the skin flap is opposite to the primary defect. The 


drawing shows how the reversed fat flap covers the dorsal finger skin defect (31). 


The raised thin thickness skin graft is re-placed again into its native site (31). 
Then, a thin thickness skin graft is placed over the reversed cross-finger flap. 
(Reproduced with permission of the Mayo Foundation, 2005.) 
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FIGURE 20-17 A drawing showing the appearance of the fingers after the after 
insetting of the reverse flap and placement of the skin graft. (Reproduced with 
permission of the Mayo Foundation 2005). 

















FIGURE 20-18 Division of the reverse cross-finger flap 2a€“3 weeks after the 
procedure. (Reproduced with permission of the Mayo Foundation 2005). 
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FIGURE 20-19 A-G: Clinical example of a reverse cross-finger flap, illustrating 
flap harvest and insetting. 31 
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Postoperative Management and Results 

After flap division, supervised finger range of motion commences, which includes 
combined active motion and passive stretching to eliminate stiffness and regain lost 
motion (see Fig. 20-9). 


Postoperative infection, wound problems, and loss of flap are unusual (15). 


The appearance of the skin graft and defect over the donor site are minimized or 
eliminated with the use of full thickness skin graft. Color mismatch between the 
dorsum and the pulp of the fingers is minimal, except in individuals with dark-colored 
Skin. 


The most common complications encountered with the reverse cross-finger flap 
include cold sensitivity and decreased sensation in the new transferred skin. In one 
report reviewing several follow-up studies of finger pulp loss coverage, 30%to 50% of 
patients developed cold sensitivity and 30% developed altered sensation regardless of 
the technique used (18). In another study of 54 patients followed over a 5-year period, 
92% of the patients were satisfied with the result. However, 53%suffered cold 
sensitivity. All fingers developed protective sensation, but none had normal sensation 
or normal sweating (19). The altered sensory recovery varies by age. More than 90% of 
patients younger than 12 years had 6 mm or less two-point discrimination, compared 
to 40%of patients older than 40 years (20). 


Atasoy (17) reported on four patients who had this reverse cross-finger flap done for 
nail bed defects (2 patients) with dorsal digital skin avulsions and/ or extensor tendon 
injuries (2 patients). All patients had satisfactory results at the time of final follow-up. 
The patients with nail bed injury had satisfactory nail growth, and all patients had 
satisfactory extensor tendon function and good coverage of the defect. A potential 
complication of the reverse cross-finger flap is creation of an epithelial cyst. Atasoy 
recommended not grafting the reverse flap in case of large nail bed defect with an 


intact germinal matrix, in order not to preclude the nail from growing. However, if the 
there is a complete avulsion of the germinal matrix, nail bed, and skin, with exposure 
of bone and tendon and little possibility for the nail to return, the reversed flap should 
be skin grafted. 


In another study, Al-Qattan compared the results of deepithelialized cross-finger flap 
reconstruction (31 patients) versus adipofascial turnover flaps (42 patients) for 
reconstruction of small complex 
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dorsal digital defects (21). All flaps survived with no infection or hematoma. Patients 
who underwent reverse cross-finger flap had the following complications: flap 
dehiscence in one patient, stiffness of the donor finger in five patients, inclusion cyst 
in one patient, and significant skin graft loss in two patients. 


Six patients who underwent adipofascial turnover flaps developed epidermolysis of the 
donor site, which resolved spontaneously. Al-Qattan recommended using the latter 
flap in children to avoid using of general anesthesia during flap division, and in older 
patients to avoid stiffness, and in multiple defects of adjacent border digits. 


Conclusions 

The cross-finger and reverse cross-finger flaps are reliable and dependable methods to 
cover volar and dorsal fingertip soft tissue defects. If carefully performed in properly 
selected patients, they are versatile flaps that provide a superior means of 
reconstruction for the injured finger with loss of significant tissue. The cross-finger 
flap has been used in a wide variety of patients of all ages with rewarding overall 
patient satisfaction. 
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Heterodigital Arterialized Flap 
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Indications/Contraindications 

Hand trauma that results in exposed bone, tendon, joint, or neurovascular 
structures requires some type of flap coverage. Defects located around joints and 
web spaces may also require flap coverage to avoid contractures that could occur 
following split thickness grafting. The location and size of these defects can often 
preclude the use of small rotation or advancement flaps. Free flap coverage is an 
option, but the presence of surrounding infection or a wide zone of trauma may 
make the recipient vesselsa€™ dissection difficult. In such situations, a 
heterodigital arterialized (HTA) flap may be the best option. 


The HTA flap is raised from the lateral side of a donor finger together with the 
digital artery and a dorsal digital vein. Unlike Littler's neurovascular island flap, or 
Hueston's extended neurovascular island flap, the heterodigital arterialized flap's 
main function is to provide non-sensory reconstruction of skin defects in the hand 
or fingers. Thus, this flap is never harvested with the finger pulp or the digital 
nerve of the donor finger. This is an important feature that serves to reduce 
morbidity to the donor finger. The inclusion of the digital dorsal vein into the flap 
improves venous drainage of the flap and reduces the incidence of venous 
congestion, which is a well-documented complication of the classic Littler flap. 


The heterodigital arterialized flap is a thin flap. In this aspect it is ideal for 
reconstruction in the hand and fingers as it provides near like-to-like 
reconstruction. The other advantages of this flap is that being regional, it obviates 
the need to prepare a separate surgical site and allows for almost immediate 
motion of the reconstructed finger. The reconstruction can be performed as a 
single-stage procedure (as compared to the cross-finger flap or groin flap). 


In our experience, the heterodigital arterialized flap has been used to reconstruct 
volar, lateral, or dorsal defects in the fingers proximal to the distal interphalangeal 
joint, web spaces, palm, dorsum of the hand, and the thumb. The average flap 
dimensions are 4.1 cm (range, 1.5 to 5.5 cm) in the longitudinal axis and 2.1 cm 
(range, 1.0 to 3.5 cm) in the transverse axis. The HTA flap is thus a useful option to 
consider when faced with the problem of a relatively large defect in the hand or 
finger that requires non-sensory flap reconstruction. The HTA flap has been used 
for reconstruction of defects following infection, trauma, post-replantation of 
digits, electrical burns, chemical burns, and high-pressure injection injuries. 


In terms of flap mobility, the reach of the heterodigital arterialized flap is limited 
to coverage of defects in the adjacent fingers or thumb or adjacent parts of the 
hand. This is principally due to the combined limitations in the reach of the dorsal 
vein and the digital artery of the flap. In situations where a greater reach is 
required, it is possible to divide the dorsal vein of the flap over the dorsum of the 
hand and reanastomose it in a region of healthy tissue after flap transfer. With this 
maneuver, the flap should have the ability to reach defects two to three fingers 
away, much like the traditional reach of Littler's neurovascular island flap, when 
pivoting at the common digital artery's offshoot at the superficial palmer arterial 
arch. 


The HTA flap is absolutely contraindicated if there is only one functioning digital 
artery in the donor finger and when the vascular viability of any other adjacent 
fingers is threatened by flap harvesting. 
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It is also relatively contraindicated if the functional prognosis of the finger to be 
reconstructed is judged to be so poor that it might be better to amputate it. 
However, we recognize that social or cultural practices may still dictate 
reconstruction for the purpose of cosmesis or the maintenance of the a€cewholeda€ 


self. Conversely, if there is a rare situation wherein a need to perform a digital 
amputation exists in a hand containing a defect requiring flap reconstruction, the 
HTA flap can be used as a fillet flap from the amputated finger for defect 
reconstruction. In such a situation, the HTA flap is very useful in spare parts surgery 
as there is no concern for donor finger morbidity. If the defect occurs beyond the 
reach of the flap or in the contralateral hand, a free fillet HTA flap can be created 
from the finger to be amputated provided the conditions at the recipient finger 
allows for a free flap. 


Preoperative Planning 

All practical options available for reconstruction should be considered by the 
surgeon before deciding on the HTA flap. Risks of heterodigital donor finger 
morbidity should be carefully weighed against benefits of reconstruction. Often, 
the location, size, and nature of the defect will preclude other reconstructive 
options, leaving the HTA flap as the most viable option with the highest flap 
survival rate. 


The choice of donor finger is often dictated by the location of the defect and is 
often an adjacent finger. The outside borders of the index and little fingers are not 
used as donor sites to preserve hand cosmesis and to maintain native skin for 
protection and sensation. This requirement is not absolute; however, we prefer the 
use of the middle finger, ring finger, and the ulnar border of the index finger. 
Theoretically, the radial border of the little finger can be used as a donor site but 
this is rare as the little finger is small, providing little skin, and the remaining ulnar 
digital artery is often absent or vestigial. 


A digital Allen's test must be performed on the intended donor finger to ensure that 
both digital arteries are sufficiently patent. In addition, the Allen's test should also 
be performed on the finger that is adjacent to the donor site as this would dictate 
if the digital artery mobilization can proceed proximal to the point of bifurcation of 
the common digital artery. More often than not, a longer reach is required and 
ligation and division of the neighboring branch of the digital artery to the adjacent 
finger would need to be performed to create an arterial pedicle of sufficient 
length. 


If the donor site is just next to the defect in the adjacent finger, also known as the 


contiguous or near side of the adjacent finger (e.g., defect on ulnar side of index 
finger with donor site on radial side of middle finger), the pivot point can be at the 
bifurcation of the common digital artery, as a short pedicle would be sufficient. 
This pivot point can be approximately landmarked in the intermetacarpal space at 
the level of the distal palmer crease. The distance from this pivot point to the 
proximal edge of the defect can then be measured to determine the reach needed 
by the flap and hence the location of the proximal margin of the flap. If the flap is 
not coming from the contiguous side of the adjacent finger, it is likely that a more 
proximal pivot point would be required to ensure sufficient reach of the flap. The 
most proximal point would be the superficial palmer arterial arch, which can be 
approximated to the level of the proximal palmar crease in the relevant 
intermetacarpal space. In such situations, as mentioned previously, it will be 
necessary to ligate and divide the neighboring digital artery of the common digital 
artery that supplies the adjacent finger to maximize the reach of the flap. 


Experience has shown that the reach of the flap increases by 10%once the digital 
artery is adequately mobilized. However, in the interests of safety and ensuring 
minimum tension in the pedicle, a 1:1 ratio should still be maintained for the 
length of the arterial pedicle during preoperative planning of flap surgery. 


The timing for reconstruction depends on the pathology. As far as possible, early 
reconstruction (within 1 week) is preferred as it minimizes overall hand stiffness 
from prolonged disuse. For traumatic conditions, the reconstruction is ideally 
performed within 1 week. For post-replantation surgery with residual skin defects, 
the resurfacing is performed within 10 to 15 days when re-endothelialization of the 
vascular anastomoses is completed. Infection cases are ideally resurfaced within 4 
to 7 days when the surrounding cellulitis and edema have subsided. In order to 
achieve this time line in infective cases, infection reversal should be achieved 
within one to two formal definitive excisional debridement surgeries in conjunction 
with appropriate intravenous antibiotics. 


The surgery can be performed under general or regional anesthesia with sedation. 
The patient's general condition and coagulation profile should be optimized as per 
any reconstructive surgery. The 
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patient should be consented and counseled as to the surgery, the postoperative 


course, and the duration of stay following surgery. 


Surgery 


Patient Positioning 

The patient should be in the supine position, and care should be taken to protect 
bony prominences with suitable pressure-relieving bolsters. The upper limb with 
the hand requiring reconstruction should be abducted to not more than 80 degrees 
at the shoulder to prevent excessive stretch to the nerves in the axilla. The elbow 
should be flexed slightly so that the forearm can be placed transversely on a stable 
hand table. A pneumatic tourniquet should be applied to the most proximal part of 
the upper arm, and the upper limb should be cleaned and draped as far proximal 
until the distal edge of the tourniquet. If the surgery is expected to last more than 
2 hours, urinary catheterization should be considered. 


Technique 

The surgery is performed under tourniquet control, which should be inflated with 
the upper limb elevated but not exsanguinated. This is to facilitate identification 
and mobilization of the digital artery and the digital dorsal vein. The defect should 
be thoroughly debrided and irrigated. A template of the defect is made. At this 
point, the digital Allen's test can be repeated to confirm the adequacy of both 
digital arteries in the donor finger, and also in the adjacent finger if the flap is not 
taken from the contiguous side of the finger adjacent to the defect. 


Using the template created, the appropriate dimension of the flap is then 
transferred onto the donor site. The flap should be centered on the lateral or 
dorsolateral side of the finger, depending on the width of flap required, to ensure 
the inclusion of the digital artery and a dominant digital dorsal vein. The maximum 
width of the flap should not exceed the mid-palmer line and the mid-dorsal line (a 
width of approximately 3 cm). The maximum length of the flap is from the base of 
the finger to the distal interphalangeal joint crease (usually 4 to 5 cm depending on 
the size of the finger). If necessary, the flap length may be extended 0.5 cm distal 
to the distal interphalangeal joint crease. Next, a palmar Z incision is drawn, 
biased to the respective side of the finger to access the proximal part of the digital 
artery. This incision is carried into the palm to the level of the common digital 


artery. The location of the dominant dorsal digital vein is then verified and marked 
to ensure that it will drain the flap. Once this is completed, the flap is ready to be 
harvested. 


Heterodigital arterialized flap harvesting is performed with the aid of loupe 
magnification. The flap is first raised from its palmar margin (Fig. 21-1). If the 
palmar margin of the flap crosses any digital palmer flexion creases, a mini-z cut 
can be made at these creases, to break up the resultant scar line. Superficial 
palmer veins can be carefully cauterized with bipolar electrocautery and divided. 
As one proceeds deeper, the dissection follows the digital artery from proximal to 
distal starting from the bifurcation of the common digital artery. The angle of 
dissection toward the neurovascular bundle is an oblique plane skiving dorsal to the 
digital nerve, which is more central and superficial compared to the digital artery. 
As far as possible, the nerve should be left undisturbed in its bed with a collar of 
fat kept around it. Besides ensuring that the nerve is not traumatized, the collar of 
fat also provides additional cushioning and enhances the take of the full-thickness 
skin graft at the donor site. Ideally, a collar of fat or soft tissue should also be kept 
around the digital artery to preserve the venae comitantes. Fortunately, in the HTA 
flap, this is not as critical, as the dorsal vein would provide the main conduit for 
venous drainage. 


At this point, an intraoperative occlusion test can be performed using non- 
traumatic microsurgical vascular clamps to determine the integrity of the 
contralateral digital artery in the donor finger. If mobilization of the digital artery 
to the level of the superficial palmer arch is necessary, a similar occlusion test 
should be performed on the bifurcated digital artery supplying the adjacent non- 
donor finger to ensure that it also has a healthy contralateral digital artery. 


As mobilization of the digital artery progresses, the transverse palmer arches of the 
digital artery will be encountered. These are rather large and short. Sufficient 
room is developed and the arches can be carefully cauterized with bipolar 
electrocautery before division. Care should be taken to ensure that the bipolar 
electrocautery is applied at least 2 mm from the parent artery to prevent 
compromising flow in the main digital artery. 
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FIGURE 21-1 Completed palmar dissection of the HTA flap with the digital 
nerve left undisturbed in its bed with a collar of fat around it. Proximal 
dissection of the arterial pedicle is facilitated by a palmar Z incision into the 
palm. 


Dorsal dissection is performed next with proximal to distal dissection and 
mobilization of the dominant dorsal digital vein to ensure inclusion of the vein in 
the flap. The flap is dissected free from the extensor tendons in the plane 
superficial to the paratenon. Care should be taken not to damage the dorsal skin 
branches of the digital artery supplying the flap. At the distal margin of the flap, 
the distal end of the dominant dorsal vein is ligated and divided, and the same is 
performed for the digital artery on the palmer side. 


At this stage, the flap should be detached from distal to proximal. The adherent 
fibrous septa and Cleland's ligaments are divided. At the base of the digit, some 
dissection may be necessary to complete the division of subcutaneous tissues 
attached to the flap. The natatory ligament at the web space may also be divided 
to prevent kinking of the dorsal vein and lengthen the reach of the flap. 


A generous subcutaneous tunnel is created between the donor and the recipient 
site. Tunneling is performed from the proximal edge of the recipient site into the 
palm to reach the pivot point of the flap. A hemostat forceps is used to gently 
enlarge the tunnel for easy flap delivery. The distal end of the flap is carefully 
grasped and gently maneuvered into the tunnel. A recommended method of flap 
delivery is to completely wrap the flap with tulle gras dressing and deliver the flap 
by grasping only 
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on the tulle gras. This serves to prevent direct grasping of the flap and also 
protects the flap and pedicles from being avulsed if the delivery in the tunnel is 
inadvertently rough or jerky. As the flap traverses the tunnel, care is taken to 
ensure that the digital artery and the dorsal vein do not become twisted or kinked. 
The flap should not be rotated more than a half turn. If there is any uncertainty, 
the flap should be re-delivered to ensure its correct orientation. 





Fig. 4 


Types of antennas a 2.45 GHz patch antenna with rectifier [38]. ©2010 IEEE. All rights reserved; b Planar dual- 
polarized antenna [24]. ©2015 IEEE. All rights reserved; e Microstrip antenna [37]. ©2012 IEEE. All rights 
reserved; d Array of stacked differential patch antenna [33]. ©2015 IEEE. All rights reserved 


The plate antennas are popular and have many applications [27, 34, 38]; on-chip antennas are preferred for small and compact 
applications. Recently, many publications addressed wide-band and multi-band antennas. It has been proven that narrow-band 
antennas offer high energy conversion efficiencies but can only retrieve a limited amount of energy. On the other hand, wide- 
band or multi-band frequency antennas can retrieve more RF energy in space. However, the tradeoffs are low overall efficiency 
and large aperture. In [32], antennas with a resonance frequency of 4.9 and 5.9 GHz were designed with PCEs of 65.2 and 
64.8%, respectively. Further work by Lu et al. [26] on polarization antennas supports the assertion that expanding the bandwidth 
of an antenna leads to increasing the amount of power harvested. In this work, the demonstration of broadband polarization 
antennas with three separate modes allows the antenna to operate in a wider range of frequencies. One common mechanism in 
the aforementioned works is the control of the antenna configuration by switching the diodes on and off, thus altering its 
resonant frequencies. However, since it uses separate modes for different frequencies, this antenna is not able to simultaneously 
resonate at two frequencies. On the other hand, the antenna presented in [39] is capable of operating at 2.45 and 5.8 GHz, 


simultaneously, providing 2.6 V output with a PCE of 65% and power density of 10 mW/cm”. 
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FIGURE 21-2 Completed dorsal and palmar dissection of the HTA flap with the 
flap completely islanded from the donor ring finger. The flap is now to be 
transferred. In this case, the defect requiring resurfacing is on the volar side 
of the index finger. The middle finger has a significant injury and is not 
suitable as a donor. The bi-pedicled nature of the flap will obstruct the 
transfer through the palmar subcutaneous tunnel. Thus, the venous pedicle of 
the flap has been divided over the dorsum of the hand to partially free the 
flap and convert it into a mono-pedicled flap. 


When a longer reach of the flap is required, and the bipedicled nature of the flap is 
restricting the transfer, the dominant dorsal vein may be divided before the 
transfer (Fig. 21-2) and anastomosed to the original vein or another vein over the 
dorsum of the hand in an area free of adversity, after the flap has been transferred 
(Fig. 21-3). When this procedure is performed, it is called the a€cepartially free 
HTA flap. a€ 


After flap transfer, the flap is provisionally held in place with a few fine sutures. 


The tourniquet is then deflated to check for flap perfusion and to secure 
hemostasis. If flap perfusion does not return after 5 minutes or if there is flap 
congestion, some sutures may have to be removed. If this fails to improve flap 
color, kinks in the vascular pedicle may have to be located and relieved. If the 
vascular pedicle suffered mild inadvertent trauma during surgery, appropriate flap 
resuscitation measures such as warming the patient, warm saline soaks to the 
artery, and immersion of the arterial pedicle in 2%lidocaine or papavrine may have 
to be performed before adequate flap perfusion is restored. 


Once adequate flap perfusion is restored, the flap is then fully inset with fine 
sutures, usually nonabsorbable monofilament 5-0 sutures, spaced not less than 3 to 
5 mm apart. Care should be taken during the insetting to ensure that both the 
dorsal vein and the digital artery are not compressed or traumatized. The donor 
defect is resurfaced with a full-thickness skin graft. This can be taken from the 
medial proximal forearm, the anterior elbow, or groin if necessary. As early 
postoperative active rehabilitation is required, it is highly recommended to secure 
the skin graft with a cotton wool bolster and a meticulous tie-over dressing to 
prevent skin graft loss during therapy. The rest of the surgical wounds are closed 
with fine sutures with or without non-suction drains. A bulky, non-constrictive 
dressing is applied with a window left open for flap monitoring. Healthy flap 
perfusion should be confirmed before leaving the operating room. 
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FIGURE 21-3 The partially free HTA flap after successful transfer to the defect 
site on the index finger. The venous pedicle of the flap has been tunnelled 
back for microsurgical repair to the original draining vein over the dorsum of 
the hand. 


Results 

A total of 40 HTA flaps were performed between 1991 and 2001. Thirteen of these 
flaps involved division and repair of the dominant dorsal digital vein to extend the 
reach of the flap. Total active range of motion of the donor finger was excellent in 
82.5% good in 15% and fair in 2.5%(1 patient) according to Strickland and 
Glogovac's criteria for flexor tendon surgery (see Figs. 21-4, 21-5, and 21-12). The 
fair result was due to the development of reflex sympathetic dystrophy and 
associated flexion contracture. Donor finger two-point discrimination was 3 to 5 
mm, except in one case (6 mm). None of the donor fingers had hypersensitivity, 
symptomatic neuromas, or suffered from cold intolerance. 


Flap survival was 100% with no cases of flap congestion or ischaemia documented. 
All flaps healed primarily and provided supple coverage of the defects. Full- 
thickness skin graft take was similarly successful at 100% in the donor fingers. 
Although a contour concavity is present at the time of removal of the cotton wool 
bolus on the fifth postoperative day, the concavity usually fills out within 
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3 months after surgery. None of the cases required any further surgery to the flap 
such as insetting or defatting. 





FIGURE 21-4 A sizeable defect (5 A—2 cm) over the volar-ulnar aspect of the 
right index finger exposing bare flexor tendons and the neurovascular bundles 
following trauma. The HTA flap would come from the radial side of the middle 
finger. Thus, it would be a contiguous transfer of the HTA flap. There is no 
need to divide the venous pedicle to partially free the HTA flap in such a 
situation. (From Teoh LC, Tay SC, Yong FC, Tan SH, Khoo DBA. Heterodigital 
arterialized flaps for large finger wounds: results and indications. 

312003; 111(6):1905a€“ 1913. With permission.) 








FIGURE 21-5 Cosmetic result in this dark-skinned individual at 3 months 
postoperatively. Patient has full extension of the donor middle finger and has 
excellent primary healing of the HTA flap on his index finger. (From Teoh LC, 
Tay SC, Yong FC, Tan SH, Khoo DBA. Heterodigital arterialized flaps for large 
finger wounds: results and indications. 312003; 111(6):1905a€“ 1913. With 
permission. ) 


We evaluated the total active motion in 22 fingers which had undergone 
reconstruction with the HTA flap. According to Strickland and Glogovac's criteria, 
45.4% achieved excellent and good results, with the remainder achieving fair to 
poor results. It should be noted that the poorer outcomes in the reconstructed 
fingers are due to severe insults resulting in multiple tissue involvement with 
concomitant damage to joints, tendons, and/or ligaments and not due to 
contractures of the HTA flap. 


Postoperative Management 
The first 24 hours are the most critical for the flap. The flap should be monitored 
frequently with the hand nursed in an elevated position during this time and the 


patient kept nil per oral (NPO). The ambient temperature can be raised to a level 
appropriate for the season at least for the first night depending on the surgeon's 
preference. Drains, if used, should be removed within the first 24 to 48 hours. 
Rehabilitation should commence on the second postoperative day but can be 
delayed if circumstances dictate. An early and active rehabilitation program is 
crucial in minimizing heterodigital donor finger morbidity. Active and passive range 
of motion exercises are instituted for both the recipient and donor digits. Regional 
anesthesia in the form of infusion blocks can be maintained during the 
postoperative period to assist with pain control during rehabilitation. The use of a 
cotton bolster ensures that the full-thickness skin graft is firmly secured so as to 
allow progressive hand therapy within the first week. Interval splinting of the donor 
digit between exercises may be necessary to prevent flexion contractures. 


Complications 

Heterodigital donor finger morbidity is the main concern. As mentioned previously, 
the preservation of the digital nerve and the finger pulp on the donor finger is 
critical toward preserving sensory function in the donor finger. In addition, the 
meticulous dissection of the digital artery away from the digital nerve is crucial in 
minimizing inadvertent trauma to the digital nerve, which can affect sensory 
function in the finger pulp and produce sensitive mini-neuromas along the digital 
nerve. Together with careful resurfacing of the donor site using full-thickness skin 
grafting and institution of early active finger mobilization, stiffness of the donor 
and reconstructed finger can be significantly reduced. 


Mild loss of total active motion can be expected in about 10%to 15%of cases. 
Reflex sympathetic dystrophy with flexion contracture is another serious 
complication that can occur. Flap failure, either partial or complete, is always a 
potential complication, but it has not occurred in our series. In the five cases of 
free HTA flap, we did not experience any vascular complications and all the free 
flaps survived completely. In dark-skinned races, the darker dorsal skin may be a 
poor cosmetic match for defects on the volar side of the hand (Fig. 21-5). 
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FIGURE 21-6 Excellent result and hand function with full finger flexion in both 
donor and reconstructed fingers. (From Teoh LC, Tay SC, Yong FC, Tan SH, 
Khoo DBA. Heterodigital arterialized flaps for large finger wounds: results and 
indications. 312003;111(6): 1905a€“ 1913. 











Variants of the Heterodigital Arterialized Flap 

Besides the free fillet flap, other variants of the HTA flap include the cross-finger 
HTA flap, which is particularly suited for coverage of dorsal defects distal to the 
proximal interphalangeal joint which cannot be reached by the reverse dorsal 
intermetacarpal flap or the Quaba flap. Another indication for the cross-finger HTA 
flap is in situations where proximal dissection of the digital artery in the hand is 
not advisable due to previous trauma or infection. The cross-finger HTA flap only 
requires dissection of the venous and arterial pedicle up to the level of the base of 
the finger and will allow transfer to any surface on the adjacent finger (Fig. 21-6). 
This is accessed via mid-lateral incisions raising small dorsal and volar soft tissue 
flaps proximal to the donor site. Care should be taken not to extend these incisions 
into the web space or the lateral walls of the web commissure. A similar mid- 


lateral incision is performed proximal to the defect on the injured finger. The flap 
is directly transferred across the interdigital space and onto the defect (Fig. 21-7). 
This avoids the need to tunnel the pedicles and flap through the distal part of the 
hand and also allows the flap to reach a defect on any surface of the finger distal 
to the proximal interphalangeal joint. The dorsal and volar soft tissue flaps of the 
mid-lateral incisions are then sutured together to create a soft tissue pouch that 
will protect the flap pedicle and prevent separation of the digits. Division of the 
cross-finger 
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version of the HTA flap is performed at 3 weeks. In the interim, active 
rehabilitation of the joined fingers should be started to prevent finger stiffness. 





Dorsal vein 
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FIGURE 21-7 Cross-finger HTA flap from the ulnar side of the ring finger for 
transfer to a defect on the ulnar side of the distal little finger. Note that 
minimal pedicle length is required for this direct cross-finger transfer and 


there is no need to perform any pedicle dissection in the palm. 
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FIGURE 21-8 Cross-finger HTA flap after transfer to the defect site. The flap 
has been tunnelled through volar tissue of the little finger. The vascular 
pedicles of the flap are now protected by a soft tissue skin bridge that has 
been created between the base of the ring and little finger. A full-thickness 
skin graft with a cotton wool bolus with tie over will be applied to the donor 
site. The soft tissue skin bridge, together with the HTA flap vascular pedicles, 
will be divided at 3 weeks postoperatively when the cross-finger HTA flap has 
established its own vascular supply in the reconstructed little finger. 








FIGURE 21-9 A patient referred from another hospital with a sizeable chronic 
non-healing defect on his left middle finger with concomitant injuries to all 
the other fingers. 














1/28/2018 RF power harvesting: a review on designing methodologies and applications | Micro and Nano Systems Letters | Full Text 


The main purpose of aligning antennas in arrays is to enhance the antenna gain and obtain high voltage/current. Array antennas 
are preferred over large aperture antennas because they do not require large breakdown voltage diodes to operate. Antenna 
arrays can be connected before or after rectification. The first configuration enhances the retrieved power at the main beam 
while the second configuration expands the ability to retrieve power from various angles away from the main beam [40]. In case 
the RF waves are combined before rectification, the rectifier requires a large breakdown diode. If RF waves are combined after 
rectification, combining DC current becomes problematic. Antenna arrays can be connected in series or parallel to obtain high 
voltage or large current. Nonetheless, expanding the arrays yields better output but this might cause a deduction in conversion 
efficiency [33]. 


For demonstrating antenna arrays, Sun et al. [35] invented a T-junction to connect four quasi- Yagi antennas together. The 
advancement in this work was that the T-junction was flexible in changing from 1 x 4 array to 2 x 2 array topologies. 


Consequently, the system was able to operate at an ambient power level as low as 455 uW/em while obtaining 40% PCE. 


Impedance matching network 


In low-power consumption electrical systems, power leakage during transmission may lead to energy insufficiency. In these 
circumstances, adding an impedance matching network (IMN) ensures that the maximum power transfers between the RF 
source and load. For WPH applications, the receiving antenna is considered as the source while the rectifier/voltage multiplier is 
considered as the load. It is acknowledged that in DC, power transfer is optimum when the resistances of the source and load are 
indistinguishable. In an RF circuit, the impedance is referred to instead of resistance. An impedance mismatch between the 
source and load creates reflected power flow in the circuit that lowers the efficiency of the system. As its name indicates, the 
IMN ensures that the impedance of the source and load are identical by adding reactive components in between. 


There are three basics matching configurations i.e. L, T and z matching networks (Fig. 5). The L matching is commonly used 


since it typically has two components, which simplifies the designing and controlling process. Additionally, the L matching 
networks do not alter the quality factor (Q) of the circuit. 


Zin Z; ie 





T network m™ network 


Fig. 5 


Configuration of common impedance matching networks 


The T and z matching configurations are more complex than the L network. Furthermore, organizing the T and z configurations 
into multiple stages will retain the final matching results but will change the Q factor. This strategy is useful in improving 
voltage boost. 


There are tradeoffs between the attributes of an IMN, which include frequency, bandwidth, adjustability, and complexity. For 
instant, in [41], the suboptimal impedance matching and multiport ladder matching methods were introduced to enhance the 
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FIGURE 21-10 After debridement, the true defect size is apparent (6.5 A—2.2 
cm) with exposed bare flexor tendons. The patient will be undergoing free 
HTA flap procedure with the flap being harvested from the ulnar side of the 
right middle finger. 





FIGURE 21-11 Two weeks post free HTA flap with 100%survival of the free 
HTA flap with excellent primary healing in the reconstructed left middle 
finger. The full-thickness skin graft is also healing well on the donor site (ulnar 
side of the right middle finger). 











The final variant is the free HTA flap. This free flap should only be used by hand 
microsurgeons already well experienced with the HTA flap. In occasional situations, 
a sizeable defect exists in a hand in which there is concomitant or prior injuries to 
the other fingers, rendering them unsuitable as donors of the HTA flap. In such 
situations, if the defect is amenable for a free flap procedure and other free flaps 
are not available, the HTA flap may be harvested as a completely free flap from 
the uninjured contralateral hand. In such situations, the free HTA flap is taken 
from the ulnar side of the middle finger. The indication for the free HTA flap is 
certainly unique and rare. First performed in 1991, we have since found cause to 
only have performed five such flaps. In one case, it was used to electively resurface 
a sizeable defect on the small finger following a successful four-finger replantation. 
In another case, it was used to resurface a non-healing chronic defect on the 
middle finger following an injury which also involved the other three fingers (Figs. 
21-8 and 21-9). In two cases, there were acute concomitant injuries to the other 
fingers. In the last case, the free HTA flap was used as a free flow-through arterial 


flap, not only to reconstruct the skin defect, but also to reconstruct a digital artery 
segment defect in a finger that had arterial insufficiency following an injury that 
also involved all the fingers. The excellent size matching of the digital arteries 
certainly contributed significantly to the success of the procedure. In all five cases, 
except for the mild cosmetic defect of the full thickness skin graft at the donor 
site, all the donor fingers retained full and complete range of active motion and 
preservation of normal pulp sensation (Figs. 21-10 and 21-11). An important reason 
why the free HTA flap might have such an excellent result in the donor fingers 
might be due to the fact that there were no other injuries in the donor hand, which 
greatly facilitated active rehabilitation. 








FIGURE 21-12 Full flexion of the right middle donor finger demonstrated. The 
stiffness that is apparent in the left hand is due to prolonged immobilization 
and disuse as a result of the chronic non-healing wound. With successful and 
robust coverage of the defect in the left hand with excellent primary healing, 
aggressive rehabilitation of the hand can be started to alleviate the stiffness. 
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Homodigital Island Flap 
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Single-stage reconstruction of the finger pulp has become possible with a better 
understanding of hand anatomy and the advent of new surgical techniques. Single- 
stage reconstruction eliminates the risk of a stiff finger resulting from immobilization 
and the necessity of a second operation that is required with traditional regional flap 
reconstruction. The options for one-stage reconstruction of pulp defects include 
heterodigital and homodigital neurovascular island flaps. The heterodigital 
neurovascular island flap has the disadvantage of late or no development of sensory 
reorientation and paresthesia in the donor finger. Harvesting the flap from the injured 
finger, as is the case in a homodigital island flap, avoids unnecessary surgery to an 
adjacent uninjured finger as well as potentially enhancing rehabilitation by minimizing 
additional hand trauma. Many homodigital neurovascular flaps based on one or two 
volar digital pedicles have been described which can provide the fingertip with sensate 
coverage. The palmar advancement flap based on bilateral neurovascular pedicles has 
been used for reconstruction of the thumb and fingers. The interphalangeal (IP) joint 
is usually needed to be kept in flexion to obtain adequate advancement of the flap, 
which increases the complication risk for flexion contracture of the distal joint with 
these advancement flaps. Also, the use of the advancement flap increases the risk for 
dorsal skin necrosis if the dorsal branches from the proper digital artery are severed 
for distal advancement of the flap. The volar V-Y flap is still a suitable flap for small 


fingertip defects less than 1 cm when there is sufficient skin distal to the distal 
interphalangeal (DIP) crease to base the flap. 


Indications/Contraindications 
The homodigital neurovascular flap has been described with elevation of the dorsal 
finger skin to repair pulp deficits which cannot be closed with the volar V-Y 
advancement flap. Anatomic studies have demonstrated that a dorsal arterial branch 
from the proper digital artery exists over the middle phalanx which runs obliquely, 
dorsally, and distally over the distal interphalangeal crease. The dorsal branch at the 
middle phalanx collateralizes with the dorsal blood supply of the finger from another 
dorsal branch from the proper digital artery at the level of the distal phalanx, forming 
a dorsal arterial arcade over the DIP joint. Also, a dorsal nerve branch can be found 
leaving the proper digital nerve to innervate the dorsal finger skin proximal to the nail 
fold. The dorsal homodigital neurovascular island flap can be based on one or both of 
these arteries and this dorsal nerve. When the flap is harvested on the distal-most 
branches, it can be called the distal dorsal homodigital artery (DDHDA) flap. This 
DDHDA flap can be used to close defects of 2 A—2.5 cm just proximal to the tip and 
hyponychium (Fig. 22-1). Larger defects in this region can be reconstructed by a flap 
based on the dorsal branch at the middle phalanx, called the middle dorsal 
homodigital neurovascular island flap, or MDHDA flap. This MDHDA flap can be used to 
close defect 2 A—4 cm in size (Fig. 22-2). Alternatively, when the loss is very distal 
and an antegrade homodigital neurovascular island flap will not reach the defect, a 
reverse homodigital island flap (RHDA flap) can be used. The RHDA flap is harvested 
from the lateral base of the finger and based on proximal dorsal branches of the 
proper digital artery (Fig. 22-3). Dorsal branches of the proper digital nerve can be 
used to innervate this skin paddle, coapting this nerve to the transected nerve at the 
tip. These homodigital flaps are contraindicated when there is significant injury 
involving the pedicle or the skin on which the flap is based over the dorsum of the 
finger. Moreover, these homodigital flaps should not be used when 

P.270 
a Skin bridge cannot be preserved for venous drainage to the distal finger. If the 
harvest of the flap would result in the exposure of already injured extensor tendon, 
devoid of paratenon, then the flap should be avoided. Crush and electrical injuries to 
the dorsal finger are also relative contraindications for the homodigital flap. 





Skin graft. 





FIGURE 22-1 A: The design of the incision and distal dorsal homodigital 
neurovascular island (DDHD) flap. The axis of the flap curves obliquely and 
dorsally toward the contralateral side. B: The flap is elevated with its 
neurovascular pedicle and transposed obliquely into the defect and the typical 
wound suitable for a DDHDA flap with an intact tip and hypochium. C: The flap 
inset and grafted donor defect. 


Preoperative Planning 
The reconstruction of fingertip defects with homodigital island flaps should be 
performed in the operating room. The flap should be harvested with the use of a 


tourniquet to facilitate identification of anatomic structures. A microscope should be 
available should the digital artery be injured and require repair, or if the nerve has to 
be coapted. Amputated remnants should be saved. These amputated parts can be used 
as a source for a skin graft for the tip defect if the flap cannot be used or even as the 
donor defect of the flap. The risks of the procedure should be explained to the patient 
and family. Patients need to understand that if the flap fails, they may require an 
amputation, as well as other risks such as loss of extension, cold intolerance, swelling, 
and loss of some sensation. 
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FIGURE 22-2 A,B: The rectangular flap design for the middle dorsal homodigital 
neurovascular island flap. C: The proximal pedicle dissection. D,E: The insetting 


of the flap and the grafted donor. 


Surgery 


Patient Positioning 


The homodigital flap reconstruction of a finger defect can be performed in the 


operating room with the patient in the supine position with the involved hand on an 


arm board and an upper arm tourniquet. The arm is prepared up to the tourniquet. 
The procedure can be performed with a regional block, such as a bier block or axillary 


block, or under general anesthesia. 
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FIGURE 22-3 The required size of RDHDA flap is marked on the dorsolateral 


aspect of the involved proximal phalanx. A: The flap is based on the digital artery 


which topographically courses under the dorsoventral skin junction line. B: The 
vascular pedicle is ligated at its proximal end. Both the dorsal branch from the 
proper digital nerve and the superficial sensory branch from the corresponding 
radial or ulnar nerve are sectioned proximally, leaving 1 cm nerve tails attached 
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to the flap. C:The flap is transposed to the recipient wound. The attached 
sensory nerves of the flap are microanastomosed with both ulnar and radial 
digital nerves at the recipient wound. D: The flap donor site is resurfaced with 
full thickness skin graft. The pivot area of the vascular pedicle is also covered 
with a piece of skin to eliminate the pressure completely. (From 311990; 46B: 484. 
With permission. ) 


Technique for Distal Dorsal Homodigital Artery 
(DDHDA) Flap 
A template of the defect is made and is used to design the skin paddle of the flap. The 
flap is outlined on either the ulnar-dorsal side or the radial-dorsal side of the involved 
digit, depending on the wound location. When either digital artery can be used, the 
non-opposition side of the digit is preferred. The flap design is based either over the 
distal phalanx and DIP joint (defect <2.5 cm) or the middle and distal phalanx, 
depending on the size of the defect. The distal margin of the flap should be 
maintained 4 mm proximal to the nail fold to avoid germinal matrix and resultant nail 
abnormality. Based on the width of the pulp defect, the DDHDA flap proximal incision 
line is marked obliquely from the volar edge of the pulp defect toward the DIP crease, 
reaching proximally to the dorsum of the middle phalanx of the finger. The flap may 
include a portion of volar tissue of the terminal phalanx if any residual pulp tissue 
remains intact. The extension for the distal and proximal incision lines on the dorsum 
of the digit is determined by the length of the designed flap. The length 
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of the flap should be longer than the defect to ensure adequate coverage of the flap 
pedicle (see Fig. 22-1). The neurovascular bundle is approached first via a zig-zag 
midlateral incision extending at least into the proximal interphalangeal crease. The 
digital pedicle is dissected proximal to distal with inclusion of surrounding fatty tissue 
to preserve the venae commitante with the proper digital artery to ensure venous 
drainage of the flap. This dissection should be performed with loupe magnification. In 
the proximal edge of the flap, particular attention is paid to include sufficient soft 
tissue between the pedicle and the flap to ensure adequate blood supply to the flap 
because the dorsal feeder arteries coming off the proper digital artery in the middle 
phalanx of the finger are usually divided during dissection. The flap is elevated in the 
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matching performance and harvested power of antennas, respectively. However, the tradeoff was that implementation of these 
configurations required more components than traditional matching networks, thus, escalating the circuit’s complexity. 


Etor et al. [42] designed an IMN for THz frequencies applications using transmission lines and self-designed metal—insulator- 
metal diodes instead of lumped components. Moreover, fixed IMN and tunable IMN [43, 44, 45] were introduced as a technique 
for better matching with wide-band and multi-band antennas. 


Rectifier/voltage multiplier 


RF energy extracted from free space usually possesses low power density since the electric field power density decreases at the 
rate of 1/d?, where d is the distance from the RF source [46]. Therefore, a power amplifier circuit is required that yields enough 
DC energy from the electromagnetic waves to drive the loads. This gives rise to two possibilities, if the power consumption of 

the load is lower than the average power harvesting, the electronic devices at the load may work continuously; otherwise, if the 
load consumes more energy than the power harvesting circuit can generate, the devices cannot work continuously [47]. 


Rectifying is the most popular application of diodes, which refers to the conversion of AC current to DC current. In terms of 
power harvesting application, the RF signal retrieved in the antenna has a sinusoidal waveform. The signal after transformation 
through IMN would be rectified and boosted to meet the power requirements of the application. 


The most fundamental topology of the rectifier is the half-wave rectifier that comprises of a single diode D1 (Fig. 6a). When AC 
voltage transfers through D1, only the positive cycle remains and the negative cycle is cutoff; thus, it diminishes half of the AC 
power. Moreover, the output V,,; is discontinuous since the negative cycle is cutoff. Despite its simplicity, a half-wave rectifier 


is usually inadequate for common applications. Hence, a full-wave rectifier is more preferable. The circuit design of the full- 
wave rectifier is shown in Fig. 6b. During the first negative cycle of AC input, diode D1 is conductive and capacitor C1 is 
charged to the corresponding energy level of Vpeax of the input. Then, at the next positive cycle, diode D1 is blocked, diode D2 


is conductive so that capacitor C2 is also charged. In consequence, the output Vo, would see two capacitors in series (each one 
is storing a voltage Of Vieax). Thus, Voyt is twice Vieax- Therefore, this topology is more stable and efficient than the half-wave 
rectifier. There is also a bridge rectifier that rectifies both positive and negative cycles of the AC input but retains V V 
by alternatively blocking pairs of diodes D1, D4 and D2, D3 (Fig. 6c). 


out Y peak 
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plane above the paratenon from the dorsum of the finger toward the pedicle, then to 
the volar edge (see Fig. 22-1). Once the flap elevation is complete, the flap is 
advanced obliquely to fill the pulp defect. The donor site on the dorsum of the finger 
is covered with a full thickness graft taken from the hypothenar eminence or upper 
forearm. 


Technique Middle Homodigital Neurovascular Island 
(MDHDA) Flap 

When a larger skin paddle (>2.5 cm and extending into the middle phalanx) is needed, 
the MDHDA flap is preferred. The MDHDA flap is designed as a rectangular island, with 
the axis of the flap parallel to the length of the volar skin defect. The rest of the 
procedure proceeds as described previously, except the proximal incision line is 
extended obliquely toward the proximal interphalangeal crease, and the dorsal digital 
branches at the middle phalanx are included (see Fig. 22-2). 


Technique for Reverse Digital Island Flap 
For very distal level injuries, when the arc of pedicle length might not reach for the 
DDHDA and MDHDA flaps, the reverse homodigital island flap can be used. The reverse 
digital island flap is designed on the dorsolateral side of the involved proximal phalanx 
according to the size and shape of the pulp defect (Fig. 22-3). The dissection begins 
proximally at the proximal digital neurovascular bundle at the base of the finger (Fig. 
22-4). The dorsal nerve and artery branches from the proper digital nerve and artery 
are identified while preserving a thick tuft of soft tissue from the proper digital artery 
to the skin paddle. The skin paddle is elevated in the dorsal to volar direction. The 
skin over the neurovascular bundle is incised in zig-zag fashion. The proper 
neurovascular bundle is dissected in the proximal to distal direction, preserving the 
soft tissue around the proper digital artery to include the venae comitante to avoid 
venous insufficiency of the flap. Ideally, the proper digital nerve to the finger is 
preserved. Collateral flow from the contralateral digital artery to the pedicle proper 
digital artery should be preserved. The flap is inset and the dorsal nerve branch is 
coapted to 
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the digital nerve in the defect. Alternatively, the proper digital nerve can be included 
with the pedicle and repaired to the contralateral digital nerve in the defect. 


However, this sacrifice of the proper digital nerve renders the finger insensate on the 
pedicle side, which can be avoided by using a dorsal nerve branch. The donor site at 
the base of the finger can usually be closed primarily, if a full thickness graft is not 
preferred. 





FIGURE 22-4 A: Distal tip amputation of the long finger with exposure of 
underlying bone. In such a case, further shortening of the finger to allow for 
primary coverage would lead to a loss of the profundus tendon insertion and 
decrease finger function. B: A reverse homodigital island flap is designed on the 
ulnar aspect of the long finger. C: The digital artery is then dissected just distal 
to the proximal interphalangeal crease. D: The flap is ready for transfer. 
Fibrofatty tissue has been preserved around the vascular pedicle to prevent injury 
to the venous comitantes. The forceps hold a dorsal sensory nerve branch which 
has been included in the flap. E: The flap is rotated 180 degrees allowing the 
dorsal sensory nerve to be coapted to the injured radial digital nerve. F: The 
early postoperative appearance with excellent contour and well-healed donor 
site. 


Results 
Several reports with these flaps have demonstrated that the flaps have reliable 
arterial and venous flow. Moreover, these studies have shown good return of sensation 
in the 5a€“9 mm range of 2-point 
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discrimination. Some of the reviews have demonstrated a mild loss of extension 
complicating the skin grafted donor site on the dorsum of the injured fingers. 


Postoperative Management 

After the homodigital island artery flap, splint immobilization is unnecessary. Early 
mobilization can be encouraged which will lower the risk for a stiff finger 
postoperatively. If the RDHDA flap is used, usually the donor can be closed primarily. If 
a skin graft is required at the base of the finger, a splint is used postoperatively for 1 
week. 


Complications 
Postoperative complications from the homodigital flap include loss of extension, loss 
of sensation, cold intolerance, and flap loss, most likely from venous compromise. The 


risk of loss of extension can be minimized with early motion. Fingers that have been 
reconstructed with innervated homodigital flaps can achieve 5 mm 2-point 
discrimination, but the grafted donor site can be less sensate. There is no increased 
risk for cold intolerance in patients reconstructed with homodigital flaps over other 
options. The risk for venous compromise can be lessened by harvesting the pedicle to 
include soft tissue and venae comitante with the digital artery. 
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Chapter 23 
First Dorsal Metacarpal Artery Island Flap 





GA‘“nter Germann 
Katrin Palm-BrAf king 


Soft tissue defects in the hand, and particularly in the thumb, frequently present 
difficult reconstructive problems because of the restricted availability of local tissue. 
Although local skin flaps have been employed and time-proven over decades, the 
philosophy of immediate wound closure of complex defects with exposure of tendon, 
bone, or joints has stimulated interest in anatomic research and the development of 
refined reconstructive techniques (10 ). 


Traditional flaps have many disadvantages such as two-stage operations (i.e., cross-finger 
flap [17 ,24 ]), tedious dissections with considerable donor-site morbidity and loss of 
discriminative power (i.e., Littler flap [27 ,28 ]), or limited arc of rotation and mobility 
(i.e., transposition flaps [7 ] and the Moberg flap [1 ,8 ]). On the other hand, more 
recent microsurgical reconstructions such as the free pulp flap (7 ) require a significant 
amount of time and a familiarity with microsurgical technique. The first dorsal 
metacarpal artery island flap overcomes the disadvantages of traditional hand flaps and 
can provide a moderate-sized skin paddle on a long consistent vascular leash, allowing 
one-stage reconstruction for thumb and dorsal hand wounds without the need for 
microsurgical anastomosis. 


The first dorsal metacarpal artery island flap was originally described by Hilgenfeldt in 
1950 (16 ) and subsequently refined by Paneva-Holevic in 1968 and finally described as a 


pure island flap (a€cekite flapa€*) by Foucher and Braun in 1979 (8 ). Many variations of 
the flap have since been described and established in daily clinical use based on the 
consistent anatomy of the dorsal metacarpal arterial arcade (3,4,5,6,7,9,10,11 ,12 
,19 ,20 ). The majority of the flaps in recently published reports are raised from the 
dorsal aspect of the hand with only a few being found on the palmar surface (2 ,13 ,14 ). 


The dorsum of the hand is supplied by the network of dorsal metacarpal arteries which 
are fed from the main forearm vessels: the radial, ulnar, and interosseus arteries. The 
first dorsal metacarpal artery (FDMA) consistently arises from the radial artery or the 
princeps pollicis artery and runs distally to the fascia of the interosseus muscle, 
frequently embedded in a fascial pocket. In most cases the first dorsal metacarpal artery 
divides in the middle of the second metacarpal into three terminal branches (18 ,22 ,24 
,30 ). The radial branch of the first dorsal metacarpal artery goes to the thumb, while 
the intermediate branch runs to the first web space. Distally the ulnar branch usually 
terminates at the level of the metacarpo-phalangeal joint and then arborizes into the 
dorsal skin of the index finger after giving off a perforating branch at the level of the 
metacarpal neck. 


The exact location of the artery with respect to the first dorsal interosseous muscle may 
vary. Kuhlmann and de Frenne found the artery to run superficial to the muscle in 75%of 
specimens, while the FDMA was found within the muscle in 15%of specimens; in 10%of 
specimens the artery ran within and on top of the muscle during its course. Dautel and 
Merle identified a superficial course of the FDMA in 36%of specimens, a supra-fascial 
course in 23%of specimens, and a deep, intramuscular course in 56% Despite its exact 
location all authors agree on the consistency of a FDMA (11 ,13 ,18 ,22 ,24 ,30 ) (Fig. 23- 
1}. 
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FIGURE 23-1 The three branches of the radial artery (31 ). The radial branch of the first 
dorsal metacarpal artery (31 ) goes to the thumb, the intermediate branch (31 ) to the 


first web space, and the ulnar branch (31 ) of the first dorsal metacarpal artery runs to 
the index finger. 


Overall, the flap provides excellent sensibility, pliability, and stability for a variety of 
hand defects. We feel the first dorsal metacarpal island flap is one of the workhorses for 
reconstructive hand surgery (22 ,24 ,25 ,26 ,27 ). 


Indications/Contraindications 


Indications 
Indications for the first dorsal metacarpal artery flap (a€cekite flapa€*) are based on the 
following criteria: 


Etiology, location, size, and condition of the defect 


Availability of the flap (i.e., previous injuries that may compromise the vascular 
pedicle) 


Suitability of the flap for the defect (e.g., size, arc of rotation) 


Inclusion of other tissue components (i.e., tendon, bony segment) 


Patient's wishes (donor site morbidity, aesthetic appearance) 


Surgeon's familiarity with the technique 


Based on these decision-making criteria, the flap is indicated for primary or secondary 
reconstructions of: 


e The dorsal aspect of the thumb 
¢ Restoration of sensibility with pulp reconstruction in the thumb 


e Skin defects at the dorsal aspect of the hand within the arc of rotation of the 
antegrade kite flap 


¢ Palmar defects of the index finger 
e Defects of the web space 
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Kite flap (1.DMCA) First DMCA free flap ulnar island flap Free thenar flaps 
Reversed latero- Mid Phalangeal flap (aicrownncetan) 
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(microvascular) 
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(less reliable) 


FIGURE 23-2 Decision-making algorithm for flap selection in treatment of thumb 
defects. 


e Defects around the wrist 


e Defects at the base of the thumb or the middle finger (a€ceretrograde kite 
flapa€s) 


e Complex flaps including various tissue components 


e Microvascular flap transfer based on the vascular pedicle in the snuff box 


The list of indications demonstrates the versatility of the flap: however, reconstruction 
of the thumb takes precedence as the main indication in most centers. 


Following the pioneer work of TrAxnkle et al, the flap has replaced other sensate 
neurovascular island flaps for restoration of sensibility in the thumb (10 ,13 ,26 ,29 ) due 
to the dissection technique, the discriminative power that can be achieved, and the 
acceptable donor site morbidity. Based on this study, the flap is now widely used for this 
indication (Fig. 23-2 ). 


Contraindications 

Contraindications for flap use include acute trauma or a history of significant trauma to 
the donor site (15 ). In addition, injury mechanisms such as crush avulsions, wringer 
injuries, high-energy trauma (e.g., blast injuries or gun shot wounds) may limit the 
reliability of this flap if they have disrupted the course of the FDMA (10 ,13 ). If the 
tissue viability of the donor site cannot be estimated properly in the first hours of the 
trauma, wound closure should be delayed or a different flap should be used for wound 
coverage. 


P.280 
Burn injuries of the dorsum of the hand do not present a contraindication for the use of a 
first dorsal metacarpal artery flap in all cases. The dorsal metacarpal artery system is not 
damaged by deep partial-thickness burns that are excised and grafted. In 80%of patients 
with full-thickness burns, the dorsal metacarpal artery system is still intact. The 
potential for elevating a first dorsal metacarpal artery flap is therefore preserved after 
burn excision and grafting (11 ). Nevertheless, preoperative Doppler ultrasound 
examination is recommended before flap elevation. 


Preoperative Planning 

As in any surgical procedure, careful preoperative assessment and planning are key 
factors to success and the avoidance of complications or failure. Decision making follows 
an algorithmic approach in which the defect must be assessed for: 


e Size 
« Etiology 


e Characteristics 
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Fig. 6 
Some common topologies of a rectifier 


Voltage multiplier is a special type of rectifier circuit that converts and boosts AC input to DC output. In some case where the 
rectified power is inadequate for the application, there is a need for boosting the output DC by stacking single rectifiers into 
series, forming the voltage multiplier [48]. Several configurations of the voltage multiplier are shown in Fig. 7. The most 
fundamental configuration is the Cockcroft—Walton voltage multiplier (Fig. 7a). This circuit’s operational principle is similar to 
the full-wave rectifier (Fig. 6b) but has more stages for higher voltage gain. The Dickson multiplier in Fig. 7b is a modification 
of Cockcroft—Walton’s configuration with stage capacitors being shunted to reduce parasitic effects. Thus, the Dickson 
multiplier is preferable for small voltage applications. However, it is challenging to obtain high PCE due to the high threshold 
voltage among diodes creating leakage current, thus reducing the overall efficiency. Additionally, for high resistance loads, 
output voltage drops drastically leading to low current supply to the load. A summary of recent works related to voltage 
multiplier is shown in Table 3. 
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The decision for flap selection is based on the criteria outlined previously (see 
indications ). The patient should be thoroughly informed about the therapeutic options, 
and his or her expectations and wishes should also be discussed. Special attention should 
be paid to donor site morbidity including numbness over the radial aspect of the dorsum 
of the hand and the implications of a full-thickness skin graft to the donor site. The 
postoperative management and potential complications such as flap failure or impaired 
mobility of the fingers, impaired sensibility, and other possible undesirable results should 
be discussed with the patient. Donor-site morbidity is an important issue that should also 
be discussed with the patient before surgery. The functional and aesthetic morbidity of 
the donor site is an issue often neglected in the choice of a flap, and it must be borne in 
mind that the donor area of a first dorsal metacarpal artery island flap is in a very 
exposed position. 


Clinical examination should exclude prior injuries in the area of the vascular pedicle. In 
most cases the artery is palpable, but Doppler ultrasound examination before flap 
elevation is mandatory (13 ) since the course of the artery is variable (see previous 
discussion). The course of the artery should be marked on the skin preoperatively after 
Doppler examination (13 ,19 ,26 ,27 ). 


Surgery 

The defect size is templated to the dorsum of the index finger. The course of the artery 
is marked on the dorsum of the hand with the aid of a hand-held Doppler ultrasound 
device. Surgery is performed using either an axillary bloc, or general or regional 
anesthesia. The use of a pneumatic tourniquet and loupe magnification are necessary for 
the dissection. The flap is harvested from the dorsum of the index finger and includes 
the first dorsal metacarpal artery, a branch of the superficial radial nerve, and at least 
one subcutaneous vein (Figure 23-3 ). 


Dissection is performed starting with the vascular pedicle including a large subcutaneous 
vein which has first to be identified and mobilized. Elevation of the flap starts radially by 
incising the interosseus fascia at the most radial edge of the muscle. The fascia is then 
peeled off the muscle towards the second metacarpal. Thereby, a wide pedicle including 
the subcutaneous vein, a branch of the superficial radial nerve, and the vascular pedicle 
is created (24 ). A vessel loop is used to mark this pedicle. The pedicle is traced back to 
its origin in the snuff-box. There is no need to Isolate the vascular pedicle from the 


interosseus fascia, since this may injure the delicate vessels. Transillumination will verify 
the inclusion of the artery and the small accompanying veins in the pedicle. 


Dissection now proceeds from the distal border of the flap. The flap is incised and 
dissected off of the paratenon of the extensor apparatus toward the proximal border of 
the flap. Care must be taken to preserve the paratenon in order to secure graft-take at 
the donor site. A critical point in the dissection is the radial aspect of the extensor hood 
of the metaphalangeal joint where the vessels enter the subcutaneous network of the 
flap. It is recommended to include a small strip of extensor hood to secure the vessel 
entrance. This area can be easily repaired without any functional deficit by a 4.0 
polydioxanone (PDS) suture. 


Once the flap is raised, the tourniquet is deflated to assess the blood supply of the flap. 
Occasionally, the flap may first appear pale but usually begins to turn pink within a few 
minutes (26 ,27 ). The flap may be passed through a subcutaneous tunnel into the defect 
(21 ,24 ,27 ). If the skin is too 

P.281 
tight, the tunnel is opened and the pedicle is skin grafted. As a sensory island flap, the 
first dorsal metacarpal artery island flap allows a wide arc of rotation due to its pedicle 
length of up to 7 cm (24 ). 





FIGURE 23-3 Schematic drawing of the dissected (A) first dorsal metacarpal artery flap 
and the first dorsal metacarpal artery flap with its pedicle passed distally under the skin 
tunnel (B) . (From Germann G, et al. 31 Berlin: Springer-Verlag; 2000. With permission.) 


The donor defect of the index finger is covered with a full-thickness skin graft (19 ). A 
split-thickness skin graft may also be used; however a full-thickness skin graft will 
provide a better color match (23 ). Full-thickness grafting will provide an aesthetically 
acceptable appearance at the donor site within a shorter period of time, although the 
long-term results using a splita€“ thickness graft are comparable (19 ) (Figs. 23-4 and 23-5 


hs 


Extensive experience with this flap has lead to some refinements. To avoid any tension 

on the pedicle, the subcutaneous tunnel has to be opened frequently. We now raise the 
flap constantly with a a€oecutaneous taila€* extending from the proximal border of the 

flap to the radial aspect of the second metacarpal. This extension allows opening of the 
tunnel and direct skin-skin closure after flap transfer. This technique does not only 


provide a more stable skin closure, but also a better aesthetic appearance (see Fig. 23- 
4C,F ). In addition, segments of the second metacarpal or the extensor indicis proprius 
tendon can be included in the flap for more complex reconstruction. 


The first dorsal metacarpal artery flap can also be raised as a microvascular free flap (10 
,12 ,13 ). The flap is harvested using the same technique as the pedicled first dorsal 
metacarpal artery flap described previously. Dissection of the FDMA back to its origin 
from the radial artery provides an artery of adequate diameter for microvascular 
anastomosis. A long pedicle length facilitates microvascular 
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reconstruction outside the area of trauma; inclusion of the cutaneous nerve permits 
reconstruction of sensibility. We believe that dissection of this flap is easier and faster 
than a toe and first web-space flap (19 ) (Fig. 23-6 ). 








4 


FIGURE 23-4 A: A 63-year-old man sustained a mutilating saw injury of the hand with 
avulsion of the palmar aspect of the distal phalanx of the left thumb (additional injuries 
in the middle and small fingers). Six days after the injury: complete necrosis of the pulp 
of the thumb. B: Intraoperative view after radical debridement. C: Flap design: the first 
dorsal metacarpal artery island flap is outlined over the dorsal aspect of the proximal 
phalanx of the index finger. D: The first dorsal metacarpal artery island flap is elevated. 
Note the a€oecutaneous taila€* of the flap that allows primary skin-skin closure. E,F: 
After tunneling the flap into the defect, primary skin-skin closure is achieved. E,F: After 
tunneling the flap into the defect, primary skin-skin closure is achieved. G: 
Reconstruction of the donor site with skin graft. Ha€“J: Aesthetic and functional 
outcome 2 years postoperatively. Full extension of thumb and index finger. The patient 
describes cold intolerance of the donor site. Two PD of the flap: 6.5 mm; 2 PD of the 
donor site: 6 mm. 


Postoperative Management 
The hand may be immobilized in a bulky dressing following surgery. A palmar plaster 


splint may be used to immobilize any concomitant fractures. A window is left in the 
dressing for evaluation of the flap. Care is taken not to apply the dressing too tight for 
fear of causing arterial or venous compromise. Forty-eight to 72 hours after surgery, the 
flap's vascularity is ensured, and (13 ) physical therapy may be initiated if underlying 
fracture fixation is stabile. The index finger metacarpalphalangeal joint is usually 
immobilized for 5 to 7 days to ensure take of the skin graft over the donor site, but the 
proximal and distal interphalangeal joints may be mobilized as soon as possible to avoid 
postoperative stiffness. Occupational therapy is also initiated for sensory re-education of 
the flap. Initially, sensation in the flap will be perceived as coming from the dorsum of 
the index finger, or a dual sensation phenomenon may result. Cortical reorientation of 
sensation is possible with a structured sensory re-education program. The first dorsal 
metacarpal artery island flap allows immediate restoration of sensibility even in older 
patients, among whom neuronal co-adaptation of a pedicled or a free flap yields poorer 
results than in younger people (26 ,27 ). 
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FIGURE 23-5 A: A 44-year-old man suffered a work-related accident with a chain saw, 
resulting in a skin defect including a defect of the extensor pollicis longus tendon at its 
insertion and exposure of the interphalangeal joint. B: Design of the first dorsal 
metacarpal artery island flap on the dorsal of the index finger. C: The first dorsal 
metacarpal artery island flap prior to insertion into the defect. D: Result after insetting 
of the first dorsal metacarpal island flap. The flap shows perfect capillary refill. The 
donor site has been diminished in size by mobilization of the surrounding skin. Aesthetic 


(E) and functional (F) outcome 2 years postoperatively. Excellent hand function and 
aesthetic appearance have been achieved. The patient returned to his previous 
employment without limitations. 
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FIGURE 23-6 A 22-year-old carpenter sustained an occupational high pressure-inj ection 
injury of the palmar aspect of the proximal interphalangeal joint of the index finger of 
the non-dominant right hand. A soft-tissue defect resulted, which included a large 
portion of the palmar aspect of the finger and exposure of both flexor tendons and 
neurovascular bundles. This was successfully reconstructed with a free kite flap (A) . The 
flap healed uneventfully with excellent aesthetic and functional result. Follow-up after 
40 months (B) demonstrated a static two-point discrimination of 15 mm. Grip strength 
values were excellent. Time off work was 11 weeks. 


Complications 

Although the first dorsal metacarpal artery island flap has proven to be very reliable, 
various complications can occur. These complications include planning errors, 
complications during the operation, and postoperative difficulties. To avoid an 
inadequate arc of rotation or an inadequate flap size, the surgeon can add 10%to 15% 
more length to the pedicle, and the flap can be planned and harvested 10%to 15%larger 
in size (10 ,13 ). 


Care should be taken to exert only gentle traction when passing the flap through the 


subcutaneous tunnel to close the thumb pulp defect. Excessive tension can cause a 
partial compression of the vessels, and marginal necrosis could result. Whereas vascular 
insufficiency on the arterial side is frequently the result of tunnelling, a short pedicle or 
tight wound closure can compromise the venous outflow. In case of postoperative 
vascular insufficiency, sutures can be released and leech therapy may be employed. 


Donor-site morbidity of dorsal metacarpal artery island flaps is low compared with axial 
homodigital island flaps. Neuromas are rare, and the patients report less hypersensitivity 
than in homodigital island flaps (13 ). However, one of the most important donor-site 
problems of the first dorsal metacarpal artery island flap is a diminished protective 
sensation over the transplanted skin graft, and patients may complain of cold 
intolerance. Hypertrophic scars present a minor donor-site problem. Functional 
limitation because of the donor site is negligible, and the range of motion of the donor 
finger reaches approximately 95%of the opposite index finger (26 ,27 ). 
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Chapter 24 
Thumb Coverage 





David Elliot 


The primary goals of thumb reconstruction are to restore length and sensation. A 
thumb should be of adequate length to allow for pinch to the index and middle 
fingertips and to participate in span grasp with all five digital tips. Adequate length is 
also essential for developing power grip. The surgeon aims to provide adequate 
coverage of the deeper, vital structures with soft tissue and skin of good quality. 
Sensibility of the tip is of particular importance, being crucial to fine pinch. A thumb 
a€ceposta€* with no or little movement distal to the basal joint, and/or poor tip shape 
and sensation, can still work to aid in hand function but will not allow for finesse of 
function. 


In attempting to obtain optimum reconstruction one should avoid shortening the 
thumb unless absolutely necessary. We encourage distal replantation or composite 
graft replacement, and also look to homodigital flap reconstruction whenever possible. 
Care should be spent in nail bed preservation and repair. Any nail greater in length 
than one third of its normal length should be retained, at least at primary surgery. 
Reconstruction of the thumb defects with the use of skin grafts from elsewhere on the 
body can create patches of dissimilar color, texture, and thickness and a noticeably 
poor cosmetic result. Finally, with respect to mobility and rehabilitation, the time- 
honored plastic surgical techniques of skin cross-finger, thenar, groin, and cross-arm 
flaps should be avoided, if possible, as they tether the injured thumb to another part 
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of the body, thus preventing adequate therapy, which may promote edema and 
stiffness. 


Homodigital Flap Reconstruction 

Homodigital flap reconstruction involves rearrangement of the soft tissues of the 
injured digit to achieve healing without seeking tissue for reconstruction from outside 
that digit. This concept of reconstruction has definite advantages for thumb 
reconstruction. In particular, it reconstructs a€oelike with likea€* and avoids the 
creation of further scarring and morbidity elsewhere on the hand or body. While 
homodigital reconstruction is advantageous in these respects, the availability of donor 
tissues within the thumb is obviously limited. 


Perhaps the single most important surgical pearl to remember when using homodigital 
reconstruction is that the thumb and fingers have an astonishing ability to close skin 
defects of considerable size by a combination of wound contraction and re- 
epithelialization (Fig. 24-1). Thus, if a portion of the wound can heal under moist 
antiseptic dressings through secondary intention, the surgeon may use the homodigital 
flaps to cover only those portions of the wound which contain exposed vital structures 
or to improve soft tissue coverage over bone. The flap does not have to cover the 
entire defect, only the essential components of the defect. 


Preoperative Planning 

Preoperative planning should include AP and lateral radiographs in addition to a 
thorough hand exam. Concomitant arterial and nerve injuries can often be identified 
prior to exploration within the operating room. Many thumb injuries will occur in 
conjunction with other hand injuries and revascularization of injured digits takes 
precedence over coverage issues. Wounds should be debrided of all necrotic tissue and 
free of infection before embarking on soft tissue coverage. 
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FIGURE 24-1 A: Industrial scalpel wound of the thumb tip. B: Same digital surface 
after healing by re-epithelialization under moist antiseptic dressings for 3 weeks. 
(Reproduced from Elliot D. Specific flaps for the thumb. Tech Hand Up Extrem 
Surg. 2004; 8(4):198a€“211, with permission. ) 


Patient Positioning 

Patients are positioned supine on the operating room table. General or regional 
anaesthesia may be used during the surgical procedures. In some cases, thumb or wrist 
blocks may be used when performing smaller flaps or for debridement procedures. An 
upper arm tourniquet is placed prior to prepping and draping the patient. Surgery is 
always performed under tourniquet control to aid in visualization of vital structures. 


The following sections present our preferred techniques for thumb reconstruction 
based on location of the original defect. 


Palmar Defects 
Neurovascular Tranquilli-Leali or Atasoy-Kleinert Flap 


Indications/Contraindications 
Historically, the original Tranquilli-Leali or Atasoy-Kleinert flap has been described to 
cover partial amputation defects of the distal phalanx; however, these flaps do not 


work well on the thumb because of the inflexibility of the subcutaneous soft tissues. 
Laterally based single pedicle flaps, vascularized in the same way by the small vessels 
beyond the trifurcations of the digital arteries, also move poorly. The neurovascular 
Tranquilli-Leali or Atasoy-Kleinert flap is designed to be much larger and is islanded on 
both neurovascular pedicles bilaterally (Fig. 24-2). The flap is designed to extend to, 
or across, the IP joint crease proximally. This flap works well for minor transverse or 
oblique injuries of the distal phalanx with exposure of bone. 


This flap can be used for stump reconstruction of any length of amputated thumb and 
is more useful than the original Tranquilli-Leali flap; however, it moves less freely 
than on a finger, partly because of the fibrous nature of the subcutaneous tissues of 
the thumb and partly because of what has been described as the a€cevertical 
dimensiona€* of the thumb, that is its palmar-dorsal width at the tip (1). On fingers, it 
can be used to reconstruct defects with a palmar slope of up to 30 degrees; on the 
thumb it can only reconstruct defects with bone exposure which are dorsally facing, 
transverse, or palmar facing with less than 10 degrees of slope (Fig. 24-3). 


Surgical Technique 
The incisions of the V cross the interphalangeal joint crease at an angle and thus do 
not cause contractures (see Figs. 24-2 and 24-3). When designing the flap, one takes 
the V incisions out almost to the lateral nail folds distally. Having made the flap wide, 
the leading edge of the flap after advancement is wider than the original thumb tip. 
Unless the lateral corners of the flap are excised, this results in a spatulate end to the 
digit. Cutting off the lateral corners and allowing the resulting raw edges and tip to 
epithelialize not only narrows the digital tip but also rounds it to achieve a good 
appearance. The flap is designed as a a€ceVa€e at its proximal extremity and was 
conceived to close proximally as a a€ceYa€e after the flap has moved distally. Mostly, 
the proximal donor defect is left open to close under dressings as primary closure of 
the vertical limb of the a€ceYa€* tightens 
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the thumb too much proximally over the vascular pedicles of the flaps and 
compromises vascular inflow into the flap. 
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FIGURE 24-2 A,B: Illustration of the neurovascular Tranquilli-Leali flap. The flap 
extends proximally beyond the IP crease and includes both the neurovascular 


bundles. 





FIGURE 24-3 A,B: Dorsal sloping crush amputation of the right thumb tip of a 70- 
year-old man. C:Simple folding back of the palmar tissues after excision of the 
nail germinal matrix to suture the skin to the proximal nail fold is not possible 
because of the bulk of the pulp tissue. D: A neurovascular Tranquilli-Leali flap 
designed to allow easier folding back of the palmar tissues and shaping of the 
thumb tip. The transverse skin split just beyond the a€ceVa€* was part of the 
injury, but only skin deep, so not affecting the vascularity of the tissues distal to 
it. E,F: The reconstructed shape after trimming the lateral points of the 
advanced flap to round the thumb tip. (Reproduced from Elliot D. Specific flaps 
for the thumb. Tech Hand Up Extrem Surg. 2004; 8(4):198a€“211, with 
permission. ) 


Moberg Flaps 


Indications/contraindications 

With greater losses of palmar thumb tissue, more sloping palmar oblique injuries, and 
when the whole distal pulp of the thumb has been avulsed, the neurovascular 
Tranquilli-Leali flap is too small and cannot advance sufficiently. For larger thumb 
defects confined to the distal phalanx we favor the use of a modified Moberg flap. The 
Moberg flap, as described by Moberg in 1964, is an advancement flap based on both 
neurovascular bundles of the thumb (2). The advantages of this flap are that it returns 
sensation and glabrous skin to the defect site. The downside to the original flap design 
was the IP joint flexion contracture necessary to achieve suture of the flap distally to 
the nail. Our preferred modification of the Moberg flap avoids the IP joint flexion 
necessary with the original to advance the flap to the tip of the digit. This is, 
essentially, Oa€™Brien's modification of the Moberg flap, but uses a a€ceVa€s tail 
proximally instead of a skin graft at the base of the thumb (Fig. 24-4) (3). This V-Y 
Moberg flap achieves the same excellent results as the original Moberg flap in terms of 
sensibility of the thumb tip, but without the restrictions of interphalangeal joint 
movement associated with the original flap or the need for skin graft of the Oa€ “Brien 
modification. 


There is no danger of dorsal skin loss in raising Moberg-type flaps on the thumb, as the 


dorsal skin of the thumb has a separate blood supply. Because of the safety of the V-Y 
Moberg flap, the speed and ease with which it can be dissected, and the excellent 
sensibility of the thumb tip which can be achieved with it, this technique remains our 
favorite thumb tip reconstruction if the defect is limited to the distal phalangeal 
segment of the thumb. 


Technique 

The flap is created laterally along the mid-lateral lines on each side of the thumb and 
with the tip of the proximal a€ceVa€* well back on the thenar eminence, at least as 
far proximally as a line drawn proximally from the ulnar border of the middle finger. 
This creates a large flap which incorporates the more lax subcutaneous tissues of the 
thenar eminence. Smaller flaps with the proximal a€ceVa€* at the base of the thumb 
move less easily and less far distally. The wider and longer flap avoids any need for 
addition of techniques to accommodate tightness at the base of the thumb. The use of 
this flap is considerably extended in reconstructing palmar oblique defects if the pulp 
distally which is denuded of skin cover remains as the leading edge of the flap, with 
suture of subcutaneous tissue, not skin, to the nail distally then epithelialization under 
dressings (Fig. 24-4). 


Other Flaps 


Other flaps have an infrequent use in reconstruction of the tip and palmar surface of 
the thumb but can be useful. 
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FIGURE 24-4 A,B: Preoperative views of the thumb of a 47-year-old man with a 
typical crush avulsion of the distal pulp. C,D: Markings of a V-Y modification of 
the Moberg flap shown preoperatively. E: Intra-operative view of the fully 
mobilized flap. F: Immediate postoperative view with the flap advanced to 
provide pulp cover of the distal bone. G: Final result after epithelialization of the 
tip under moist antiseptic dressings. (Reproduced from Elliot D, Yii NW. 


Homodigital reconstruction of the digitsa€” the perspective of one unit. Handchir 
Mikrochir Plast Chir. 2001; 33(1):7a€“19, with permission. ) 
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Lateral Pulp Flap 

We devised the Lateral Pulp Flap for losses of the radial border of the tip of the index 
finger with exposure of bone but it is also useful on either border of the thumb tip 
(Fig. 24-5). This flap exploits the excess of pulp in the digital tip. 





FIGURE 24-5 A: A slicing defect with loss of the radial lateral pulp, lateral nail 
fold, and lateral one-third of the nail of the thumb in a 50-year-old man. B: 
Lateral pulp transposed to cover the distal phalanx. C,D: Diagrams to show the 
Original injury and transposition of the pulp to cover the bone of the distal 
phalanx. E,F: Late views of the reconstruction, 1 year after the injury. (Parts C 
and D reproduced from Elliot D, J igjinni VS. The lateral pulp flap. J Hand Surg Br. 
1993; 18(4):423a€“ 426, with permission. ) 
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Prototyping Methods 
There’s more on this in Scherz, Practical Electronics for Inventors. 


Solderless Breadboard or Plugboard 


This is what we’ ve been using in 
lab. 


Advantages 


e Very fast to build and make 
changes. 


e Works well with DIP ICs 
Disadvantages 





o Limited reliability—lab 
testing only, for limited-size circuits. 
o High capacitance between adjacent rows (~ 10 pF). 


o Only for small-lead-size components (.032” or 0.82 mm max—a | A diode lead is just barely 
too big to meet the spec.) 


Springboard 
Used in ENGS 22 
Advantages Disadvantages 
e Fast to build and make changes. o Can’t accommodate small lead 
e Accomodates large wire sizes. spacings such as on ICs. 


o Although it is reliable enough for 
long-term use, it’s expensive for 
that purpose. 


e Secure, reliable connections. 
e Can handle higher current/power. 


Wirewrap 





Connections made by fine wire wrapped tightly around square pins of special IC sockets. This is a great 
way to make a permanent version of a digital circuit almost as quickly as using a solderless breadboard. 
Used in ENGS 31. 


Advantages Disadvantages 
e Fast to build and make o Low current—limited to under a few hundred mA. 
changes. o High inductance/resistance—on the order of 0.1 ohm, 
e Can make a complex 0.25 WH per foot. 
circuit compact. o Only makes reliable connections to square leads (as 
e Reliable. are on wire-wrap IC sockets). Discrete components 
é oa heise (e.g., resistors, capacitors, transistors) need to be 


soldered to a “header” that goes in an IC socket or to 


permanently. coe é 
individual wire-wrap pins. 


e Inexpensive. 





Prototyping Methods 
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The flap is raised by opening the tip of the digit with a fish mouth incision close to the 
distal nailbed and freeing the pulp attachments to the bone. The pulp then moves 
laterally and is lifted over the bone and sutured to the edge of the nail. The deep edge 
of the pulpa€” not the superficial edgea€” is brought up to the nailbed to cover the 
bone. The pulp is then epithelialized under moist antiseptic dressings. This 
reconstruction creates a digital tip which is sensate but has no lateral nail fold. This 
seems to cause no functional problems and is less obvious than most lateral nail fold 
reconstructions, as these are usually too bulky. 


Side-to-Side Homodigital Switch Flaps 

Side-to-side homodigital switch flaps, which reconstruct or re-innervate one side of a 
digital tip at the expense of the other side, can be useful to resurface areas of pulp 
sensibility in the hand which are critical for pinch activity after localized loss of tissue 
or irrevocable digital nerve injury. Replacement of the radial side of the index or 
middle fingertips by a vascularized composite transfer from the ulnar side of the same 
digit is well established, both as a simple transposition and as an island flap. Use of 
the radial pulp of the thumb tip to reconstruct and/or reinnervate the ulnar side is 
logical, as the ulnar portion of the thumb tip is most involved in majority of gross and 
fine pinch (Fig. 24-6). 


Littler Flaps 


Indications/Contraindications 

The classic Littler flap, as described by Littler in 1956, was designed for thumb tip and 
palmar thumb resurfacing. Unlike the flaps described above, the Littler flap isa 
heterodigital flap, which means a donor site defect will be created on the middle or 
ring finger. The flap utilizes tissue from either the ulnar border of the ring or middle 
finger; this tissue is transferred on its neurovascular bundle, thus allowing for the 
return of sensation to the thumb (Fig. 24-7). This differs from the heterodigital flaps 
described elsewhere in this text, which are designed to spare the digital nerves. This 
flap is easy to dissect and transfer. However, the flap can considerably downgrade the 
donor finger function and restoration of adequate two-point sensation after transfer 


has been a problem and suffers problems of achieving a€cathumb-tipa€* sensibility. To 
improve thumb- tip sensation, and avoid patient's perception of the thumb-tip as still 
coming from the donor finger, division of the donor finger nerves and reconnection of 
the nerves in the flap to those of the recipient thumb has been recommended. Nerve 
disconnection and reconnection extends its usefulness in younger patients but, like all 
neurorrhaphies, gives less satisfactory tip innervation in the middle-aged and elderly 
patients. 


Direct contraindications for this flap include injury to the neurovascular pedicle to the 
donor finger. Laceration of the superficial arterial arch or common vascular bundle to 
the donor finger could potentially lead to compromise of the flap or donor finger 
following transfer. Very distal tip injuries may also be difficult to cover with this flap. 


Complications 

Specific complications to be noted with the use of the Littler flap include the risk of 
venous congestion, specifically if the nerve is dissected or divided in preparation for 
neurorrhaphy at the level of the thumb. In such cases leech therapy may be required 
for resolution of venous congestion. Poor return of thumb sensation may also occur or 
the inability of the patient to recorticate, in which case the sensation within the flap 
is always perceived by the patient as coming from the donor finger donor site. Either 
sensory problem may necessitate a secondary nerve graft or nerve repair, but two- 
point discrimination may well remain <12 mm within the flap. 


Reconstruction of the Dorsal Surface of the Thumb 
The Hatchet Flaps 


Indications/Contraindications 

For the more common, smaller defects of the dorsum of the thumb, homodigital 
techniques are very useful. They are generally simpler and quicker to execute and 
avoid injury of adjacent fingers. For these small defects the Hatchet Flap provides an 
easy reconstructive option. Hatchet Flaps are also very useful in replantation, as they 
allow one to advance the dorsal veins of the proximal part of the thumb to the replant 
and achieve direct vein anastomoses under good skin cover without recourse to either 
vein grafts or a separate skin cover procedure. These flaps can be used as far distally 


as the proximal nail fold (Fig. 24-8). 


Surgical Technique 
The flap is designed as a random dorsal cutaneous flap (Fig. 24-8). A curvilinear 
incision is made over the radial (Fig. 24-9) or ulnar (Fig. 24-8) aspect of the thumb. A 
broad base is preserved on the opposite side of the digit. As on the palmar surface 
when utilizing a Moberg flap, a V-Y tail can be added to these flaps to avoid the need 
to skin graft the donor site proximally (Fig. 24-9) 
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(4). On this surface of the digits, it is necessary to close the proximal V as a Y to 
protect the extensor paratenon from desiccation. 





FIGURE 24-6 A: Thumb of a patient with irreparable damage to the ulnar digital 
nerve. A triangle of the denervated ulnar digital nerve territory is shaded, prior 
to excision down to bone. B: The same thumb showing the pre-operative marking 
of the radial switch flap. C: The thumb at surgery, after transposition of the flap 
and with the graft applied to the donor defect. D: Late view of the grafted donor 
site. E: Late view of the switch flap. (Reproduced from Elliot D, Southgate CM, 
Staiano JJ}. A homodigital switch flap to restore sensation to the ulnar border of 
the thumb tip. J Hand Surg Br. 2003; 28(5):409a€“ 413, with permission) 


Results 

In a review of 1,077 dorsal wounds of all digits, which we treated over a 6-year period, 
154 digits required flap reconstruction (5). The dorsal V-Y flap accounted for 42% of 
the flaps used and was the most common skin flap used on this surface of the digits, 
reflecting the relative incidence of defects of this size and shape. 


Brunelli Flap 


Surgical Technique 

This homodigital flap is a useful adjunct for reconstructing smaller defects of the 

dorsum of the thumb. In 1993, Brunelli and his colleagues in Paris described a very 

easily and quickly raised flap based on the dorsoulnar artery of the thumb which is 

useful for reconstruction of dorsal defects of the tip of the thumb involving all or parts 

of the nail complex (Fig. 24-10) (6). The artery may be verified preoperatively with a 

handheld Doppler probe, but is very consistent running on the ulnar aspect of the 

extensor tendons. The flap is raised with a skin tail to reduce the risk of compression 
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of the pedicle just proximal and lateral to the nail fold, which is the tightest part of 

its course. The flap may be safely elevated to the proximal margin of the 

interphalangeal joint skin crease. The donor site may be closed with a skin graft or 

advancement flap from the dorsum of the hand (Fig. 24-10). 





FIGURE 24-7 A: Intra-operative view showing dissection of damaged and 
denervated skin on the ulnar aspect of the thumb tip and the markings of a Littler 
flap on the ulnar side of the ring finger. B: Dissection of the pedicle of the flap. 
C: Demonstration of the transfer. D: Final view of the flap after tunnelling across 
the palm and insetting. 





FIGURE 24-8 A: Preoperative view of a typical a€cesmalla€* skin defect on the 
dorsum of the thumb. A simple dorsal hatchet flap is marked. B: Closure of the 
defect with this flap, with split skin graft reconstruction of the donor defect. 
(Reproduced from Elliot D. Specific flaps for the thumb. Tech Hand Up Extrem 
Surg. 2004; 8(4):198a€“211, with permission. ) 





FIGURE 24-9 A: Preoperative view of the thumb of a 73-year-old man with a 
squamous cell carcinoma of the radial lateral fold of the nail. The thumb is 
marked with a dorsal V-Y hatchet flap for reconstruction. B: Intra-operative view 
of the flap being advanced. C: Late postoperative view. (Reproduced from Elliot 
D. Specific flaps for the thumb. Tech Hand Up Extrem Surg. 2004; 8(4):198a€“ 211, 
with permission. ) 


This flap can be innervated for reconstruction of the thumb tip but, like the other 
flaps of dorsal origin, carries skin with poor innervation. It has more recently been 
redescribed carrying a segment of vascularized bone from the first metacarpal with it 
and may prove a very useful means of placing vascularized bone at the tip of the 
thumb without microsurgical transfer from the foot (7). 


Reconstruction of Large Dorsal Defects 
A very few techniques of reconstruction suffice to cover almost all full-thickness soft 
tissue losses on the dorsum of the thumb. Complete loss of the dorsal surface cover 


can be replaced using the first dorsal metacarpal artery or with a reverse posterior 
interosseous artery flap; both flaps are described in detail elsewhere in the text. The 
latter is particularly useful if the adjacent dorsal tissues of the hand have been injured 
and are not available as a donor site. It can also carry vascularized bone (and tendon) 
to the thumb. 


The posterior interosseous vessel is small and the dissection relatively difficult, 
requiring microsurgical instrumentation and expertise. However, this flap is mostly 
safe and does not involve sacrifice of a major blood vessel of the forearm. For this 
reason, it is preferred to the use of the radial forearm flap for larger defects of the 
dorsum of the thumb, although the latter is useful for complete wrap-around of the 
first ray. When used to reconstruct the dorsum of the thumb, the reverse posterior 
interosseous artery flap donor site can almost always be closed primarily and then 
heals with a fine, narrow scar which may be almost invisible in the hair of a male 
forearm. 


Postoperative Management 
We remove all dressings and splints from reconstructed hand injuries on the day after 
surgery to allow washing and dressing of the raw wounds and verification of flap 
viability. Although this sometimes 
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has to be done with care to avoid tension on flap pedicles, it allows the hand to be 
bathed in warm water. This both helps general cleaning and debridement of the 
wounds and is a comfortable environment in which to encourage very early hand 
mobilization. The wounds are dressed as lightly as possible while maintaining a moist 
antiseptic presence around any areas without skin which will heal through secondary 
intention. Suture lines that are not oozing are not covered. Sometimes homodigital 
and more distant reconstructions require that one or more joints be prevented from 
moving in a certain direction to take tension off the pedicle. For example, with all of 
the advancement flaps on the palmar surface, full extension will pull on the flap 
pedicles, so the thumb is splinted in slight flexion. Conversely, a slightly extended 
wrist position will ease tension on the pedicle of reverse posterior interosseous artery 
flaps. Protection of pedicles and flaps is continued during bathing and dressing 
changes by appropriate positioning and guarding with the other hand and between 
dressing changes by use of thermoplastic splints. Bathing and dressing changes are 


carried out twice a day with the patients learning to do this themselves as soon as 
possible. 





FIGURE 24-10 A: A thumb with a badly damaged nail before excision for biopsy. 
The Brunelli flap and its pedicle have been marked. B: The flap has been raised 
and shows the artery on which it is based on its undersurface. C: The flap inset 
after total excision of the nail complex. The flap has been taken with a 
a€cataila€* to ease pressure on the pedicle beyond its turning point. The donor 
site has been closed with a dorsal V-Y hatchet flap. (Reproduced with permission 
from Elliot D. Homodigital reconstruction of the digits: The perspective of one 
unit. Indian J Plast Surg. 2003; 36:106a€“ 119. ) 


Rehabilitation 


The use of homodigital flaps allows for early mobilization of the reconstructed thumb. 
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Perfboard and Solder. 


Using the same perfboard as used in wire-wrap work, it is possible to simply 
twist and solder leads, and run wires where needed. 


Advantages 


Reliable, if done well. 
Can be used permanently. 
Inexpensive. 


Can handle any size components 





Convenient for working with discrete components. 


Disadvantages 


o Slow, requires skill to do well. 
o Works for ICs, but not very easily. 


Variations: 


Perfboard with individual copper pads on each hole so that the solder will better hold things in 
place. (Photo below) 


Perfboard with a perforated ground plane. Provides the shielding and grounding benefits of a 
ground plane, and makes ground connections easy, but requires care to avoid shorts. Some have 
the ground plane etched from around the holes; others require you to cut the copper away from 
the holes with a special tool. This is also possible with wire-wrap, as in the photo in that 
section. 
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Prototyping Methods 


Motion will be restricted by concomitant tendon, nerve, and bony injuries; however 
with stabile skeletal fixation, most thumbs can be mobilized using limited motion and 
passive motion protocols under the supervision of a hand therapist within the first 72 
hours following surgery. Whenever possible, we avoid techniques of bandaging, 
splinting, and skeletal fixation which will completely immobilize the reconstructed 
thumb. Over and above the early mobilization under water during dressing changes, 
mobilization of as much of the thumb and the rest of the hand as possible is continued 
from this early stage by exercises three or four times daily with the splint in place, 
albeit sometimes with loosening of some straps if this is possible without loss of the 
protection of flap pedicles. The splint provides a solid resting position for the thumb 
at night and gives the patient confidence that their thumb will not suffer from jarring 
by unexpected contact with external forces. Splints are generally used for 1 to 2 
weeks. However, this period may lengthen to 4 or 5 weeks, if required to protect 
structures 
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repaired under the flap. Between activities, the hand is elevated. This regimen of 
elevation and enthusiastic exercising is intended to eliminate edema from the hand as 
quickly as possible to minimize fibrin restriction of joint and extensor tendon 
movements. 


Complications 

Major complications include flap loss, partial flap loss, infection, and iatrogenic injury 
to the digital arteries or nerves. Partial flap loss is often best managed by allowing the 
wound to heal through secondary intention. Total flap loss, while infrequent with 
these homodigital flaps, will necessitate the use of a heterodigital island flap such as 
the first dorsal metacarpal artery island flap, or a larger pedicled forearm flap, such 
as the posterior interosseous flap or radial forearm flap. Obviously such flaps will 
create further injury to the arm but are reliable means of providing soft tissue 
coverage. An additional downside to the use of heterodigital flaps is that they are 
often insensate or require a neurorrhaphy to re-establish sensation. Return of 
sensation in these situations may be dependent on the age of the patient. In addition, 
heterodigital flaps will create an injury to another digit, which may further 
compromise hand function. 


Results 


The techniques described here have proved adequate to reconstruct most of the 
thumb defects we have seen in our practice over the last 12 years. The principle used 
in the smaller cases, particularly in reconstructing the tip of the thumb, has been to 
Capitalize on the enormous healing capacity of digital skin and assist this, when 
necessary, by simple local flap reconstructions. These provide the best sensation 
possible and the best cosmetic profile to the thumb tip. For larger defects we prefer 
to use homodigital techniques whenever possible, although there are upper limits to 
the size of defects which can be reconstructed by these. For any defect, our choice of 
flaps is, in part, determined by the site, size, and shape of the defect and, in part, by 
flap reliability and ease of use. The homodigital flaps described above have proved 
particularly versatile and reliable in the hands of surgeons of varying levels of 
experience within our unit, although requiring some familiarity with microsurgical 
technique and instrumentation. They are quick to perform, which can be an advantage 
following lengthy bony or soft tissue reconstructions. They allow early and 
independent mobilization of the thumb and the use of local tissue respects the 
cosmetic principle of reconstruction of a€celike with like.a€* Donor site morbidity is 
also limited to the already injured part. When used for fingertip reconstruction, 
advancement homodigital flaps cannot achieve the sensibility of the original, but are 
durable and intrinsically more likely to restore good sensory function in the digital tips 
than most of the reconstructive alternatives. For larger defects, the Littler transfer, 
the dorsum of the index ray, and, more recently, the reverse posterior interosseous 
artery flap are our local work horses and are discussed in detail in subsequent 
chapters. 
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Chapter 25 


Soft Tissue Management Following 
Traumatic Injury to the Femur 





Thomas F. Higgins 


Open injuries of the femur and thigh are common. The need for major soft tissue 
coverage in this area in the setting of trauma is uncommon due to the generous 
surrounding muscular envelope. Soft tissue coverage of the femur can be a concern 
in certain situations such as power takeoff injuries or pedestrians struck by motor 
vehicles; however, the majority of these defects may be covered with skin grafts, 
and the need for vascularized free tissue transfer is unusual. Despite this, there are 
several components to soft tissue management in this area which may be used 
during exposure to the proximal and distal portions of the femur. Simple alterations 
in established techniques can lead to improved postoperative contour, improved 
soft tissue coverage of hardware, and decreased rates of postoperative infection 
and stiffness following elective and emergent surgical procedures. 
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This chapter covers four major areas of concern with regard to soft tissue 
management in the thigh: 


¢ The approach to the proximal femoral shaft and intertochanteric zone 


e The approach for the repair of supracondylar and intra-articular distal 


femur fractures 
¢ Exposure for the treatment of open femur fractures 


« The management of post-traumatic arthrofibrosis of the knee with the use 
of a J udet quadricepsplasty 


Approach to the Lateral Proximal Femur 


Indications/Contraindications 

Fractures of the proximal femur, whether femoral neck or intertrochanteric, 
constitute the majority of all femur fractures (9). The soft tissue management 
issues in this portion of the proximal femur are the relative dearth of coverage over 
the greater trochanter and the area of the femur just distal to the vastus lateralis. 
Frequently, plate and screw implants and laterally based orthopaedic constructs 
will be prominent and symptomatic, particularly in thin patients. An approach that 
maximizes soft tissue coverage over the lateral aspect of the proximal femur and 
restores the most normal anatomy will be described. Rather than a direct lateral 
approach cutting through the vastus lateralis, which has been frequently advocated 
for this operation, a simple modification provides a more anatomic dissection and a 
friendlier soft tissue reconstruction. 


Patient Positioning 
The patient is positioned as desired for ultimate reduction and fixation goals. 


Surgery 

A direct lateral approach begins 1 cm proximal to the vastus ridge and extends as 
far distally as necessary for osteosynthesis. On the coronal plane, the incision 
should be 1 cm posterior to the midcoronal point of the femur (Fig. 25-1). 
Dissection is taken down to the iliotibial band, and this is divided in line with its 
fibers (Figs. 25-2 and 25-3). 


A gentle sweeping motion with a sponge will clear trochanteric bursa or areolar soft 
tissue that lies in this layer. Particularly fibrotic bursal tissue may need to be 
excised with scissors (Fig. 25-4). This will reveal quite clearly the proximal extent 


of the vastus lateralis and its insertion at the vastus ridge and the confluence with 
the distal extent of the vastus medialis tendon. Rather than directly incising the 
vastus lateralis in the midcoronal point of the femur, a J -shaped incision is 
performed. Leaving several millimeters of the vastus lateralis tendon still attached 
to the vastus ridge, the tendon is incised from its anterior extent posteriorly until 
connecting with the lateral intermuscular septum (Figs. 25-5 and 25-6). The 
dissection is then taken through the most posterior fibers of the vastus lateralis 
extending from proximal to distal, just anterior to the lateral intermuscular 
septum. The 
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vastus tendon is tagged with a heavy braided nonabsorbable suture before being 
detached from the vastus ridge (see Fig. 25-5). As the dissection extends greater 
than 5 cm distal to the vastus ridge, the first perforating branch off the profunda 
femoris will be encountered penetrating the lateral intermuscular septum. These 
perforators should be ligated or cauterized. A gentle sweeping motion with an 
elevator from posterior to anterior along the proximal femur will allow reflection of 
the vastus lateralis in an anterior direction (Fig. 25-7). The periosteum and deepest 
soft tissues should not be stripped off the femur. For ideal visualization at this 
point, a Bennett retractor is placed anterior to the femur, and an assistant holds 
this forward (Fig. 25-8). Osteosynthesis proceeds as planned. 














FIGURE 25-1 Incision drawn over the greater trochanter. Dotted transverse 
line represents the vastus ridge. 














FIGURE 25-2 lliotibial band is incised in line with its fibers. 














FIGURE 25-3 lliotibial band is divided proximal to distal with curved Mayo 
SCISSOrS. 





FIGURE 25-4 Fibrotic trochanteric bursa may need to be excised. 


The Bennett retractors make for easy retraction and permit reduction and fixation. 
At the conclusion of the procedure, Bennett retractors are simply removed, and 
gravity allows the vastus to fall back into place, padding and directly covering the 
implant (Fig. 25-9). The most proximal origin of the vastus lateralis is then repaired 
back to its tendinous origin with a heavy braided nonabsorbable suture (Figs. 25-10 
and 25-11). The posterior aspect of the vastus lateralis does not need to be 
repaired. The iliotibial band is repaired with interrupted nonabsorable suture, and 
the skin may be closed according to surgeon preference (Figs. 25-12 and 25-13). 


This approach is most helpful for the placement of a dynamic hip screw, blade 
plate, or locking proximal femoral plate. It offers less scarring, as the muscle belly 
has not been interrupted. This should also be a more functional repair, as less 
damage presumably has been done to the vastus origin by dividing it and repairing 
it, rather than by directly insulting it with a midgastric approach. 
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FIGURE 25-5 Proximal tendon of vastus lateralis is to be incised in a 
posteriorly based d€ce] .d€e 





FIGURE 25-6 Vastus lateralis origin is elevated in along the a€ca] .a€« 
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FIGURE 25-8 Bennett retractor is used to reflect the vastus anteriorly. 
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A printed circuit board with a pattern of holes and connections similar to a solderless breadboard. 
Advantages 

e Easier than using plain perfboard, especially for ICs. 

e Reliable. 

e Can be used permanently. 

e =©Available with ground planes if needed. 
Disadvantages 

o Usually not as compact a final circuit as some alternatives, because you are constrained by 

layout. 

o Pads bigger than needed can add capacitance, but not much. 

o Can be expensive, especially the “vectorboard” brand. 

o Sometimes awkward for odd sized or large components. 
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Prototyping Methods 








FIGURE 25-9 Osteosynthesis hardware, after placement, is covered by vastus. 




















FIGURE 25-10 Vastus lateralis pulled back to its origin at the vastus ridge. 











FIGURE 25-11 Through the closing iliotibial band, repair of the vastus origin 
may be visualized. 

















FIGURE 25-12 lliotibial band is repaired with interrupted nonabsorbable 
suture. 
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FIGURE 25-13 Skin closure at completion of intertrochanteric fracture 
osteosynthesis. 


Postoperative Management 

In the elderly population with intertrochanteric hip fractures, patients are 
generally allowed to bear weight as tolerated to facilitate mobilization (8). The 
first 2 weeks postoperatively focus on range of motion of the hip and knee, and gait 
training with assistive devices as necessary. At 2 weeks postoperatively, 
strengthening of the abductors, hip flexors, and quadriceps is added to the 
regimen. 


In younger patients, or fractures with a subtrochanteric component, weight bearing 
may be protected initially, and advanced as desirable by the treating surgeon. 


Complications 

Complications of operations through this approach are generally related to the 
osteosynthesis, and these may be avoided somewhat with careful attention to 
achieving reduction and adherence to correct placement of implants. 


Approach to the Distal Femur and Knee 


Indications/Contraindications 

Multiple variations on parapatellar and lateral parapatellar approaches have been 
described. Similar to the muscle sparing approach described for the proximal 
femur, the a€ceswashbucklera€* approach described by Starr et al at Parkland 
Hospital (14) offers excellent visualization of the joint for anatomic fixation of 
interarticular fracture while preserving the vastus and quadriceps with no 
intramuscular dissection. 


This approach offers the advantage of not interfering with or dividing the extensor 
mechanism while gaining adequate visualization of the joint space. With proximal 
and distal retraction, the intervening metaphyseal soft tissues may be largely 
undisturbed to enhance healing of comminuted metaphyseal bone. 


Surgery 


Patient Positioning 
The patient is positioned supine. The lower extremity is prepared and draped free. 
A bump may be used under the knee to facilitate exposure and/ or reduction. 


Technique 

The skin incision starts at the insertion of the patellar ligament and extends 
directly cephalad to the apex of the patella. It then extends lateral and proximal 
toward the lateral intermuscular septum (Fig. 25-14). A full thickness skin flap is 
elevated off the extensor fascia. The lateral margin of the patella and patellar 
ligament are identified distally. Proximally, the lateral margin of the vastus 
lateralis is identified. 


The knee capsule is incised immediately along the lateral aspect of the patellar 
ligament (Fig. 25-15). Care must be taken not to cut the anterior horn of the 
lateral meniscus. Dissection is taken directly along the lateral margin of the 
patella, leaving a small cuff of tissue for eventual repair. At the superolateral 
shoulder of the patella, the deep dissection extends laterally toward the lateral 
intermuscular septum. The vastus lateralis is thus spared and is elevated anteriorly 
off the lateral intermuscular septum. As dissection nears the femur, perforating 
branches of the profunda femoris artery must be identified and ligated. These will 
be located every 3 to 4 cm approximately 1 cm lateral to the femoral cortex. 


Right angle retractors may be placed at the level of the quadriceps tendon for 
medial excursion of the quadriceps and patella (Fig. 25-16). Bennett retractors may 
be placed over the femoral diaphysis. These 
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retractors in combination will allow adequate visualization of the femur for 
reconstruction. If possible, no retractors at all should be placed medially at the 
level of the metaphysis, as most techniques demand preservation of the medial soft 
tissues so as to not interfere with healing of metaphyseal comminution. Adequate 
visualization may easily be achieved with retractors placed proximal and distal to 
this area. 





FIGURE 25-14 The skin incision for the a€ceswashbucklera€* approach to the 
distal femur. (Redrawn from Starr AJ, Jones AL, Reinert CM. The 
a€oceswashbucklera€*: a modified anterior approach for fractures of the distal 
femur. J Orthop Trauma. 1999; 13(2):138a€"140. With permission. ) 
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FIGURE 25-15 The lateral parapatellar arthrotomy extends to the lateral 
margin of the vastus lateralis. (Redrawn from Starr AJ, J ones AL, Reinert CM 
The a€ceswashbucklera€*: a modified anterior approach for fractures of the 
distal femur. J Orthop Trauma. 1999; 13(2):138a€“140. With permission. ) 


For full visualization of the femoral condyles, the patella may be everted. This may 


be facilitated by elevating a small proximal portion of the most lateral insertion of 
the patellar ligament off the tibia. Osteosynthesis is then performed. 


Closure is achieved with repair of the lateral parapatellar retinaculum and capsule 
lateral to the patellar ligament. A drain may be placed in the knee and run along 
the lateral intermuscular septum, exiting the skin proximally. Subcutaneous tissue 
and skin are repaired according to surgeon preference. 


Postoperative Management 

Assuming stable osteosynthesis has been achieved, immediate range of motion is 
initiated. A physical therapist may perform passive supervised range of motion, 0 to 
90 degrees, with no strengthening and no active quadriceps. Alternatively, a 
continuous passive motion machine may be used. Quadriceps strengthening begins 
at 6 weeks postoperatively, and weight bearing is advanced according to surgeon 
judgment. 
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FIGURE 25-16 With quad retracted and patella everted, visualization of the 
distal femur is excellent. Starr AJ, J ones AL, Reinert CM. The 
a€oeswashbucklera€*: a modified anterior approach for fractures of the distal 
femur. J Orthop Trauma. 1999; 13(2):138a€" 140. With permission. ) 


Complications 
Potential complications of complex distal femur fractures include infection, 


nonunion, and arthrofibrosis. J udet quadricepsplasty for loss of knee motion will be 
addressed later in this chapter. 


Surgical Exposure of Open Femoral Fractures 


Indications/Contraindications 

Given the wide girth of soft tissues around the femur, an open fracture by 
definition implies a high-energy injury. There are compelling data to support early 
irrigation and debridement of open fractures for the prevention of infection (3, 4). 
Small lacerations or puncture wounds are often the tell-tail signs of an open 
fracture and should not be overlooked; these relatively small surface injuries often 
disguise a significant deeper soft tissue insult (13). Open fractures of the distal 
femur in particular will present with a very small opening of the skin where the 
femoral shaft has pistoned distally to penetrate the vastus medialis obliquus or the 
vastus lateralis and the skin (Figs. 25-17 and 25-18). 


Frequently, the treatment of open intra-articular distal femur fractures will 
necessitate an aggressive irrigation and debridement at the time of presentation 
and transarticular spanning external fixation for definitive stabilization. Even in the 
hemodynamically unstable trauma patient, early stabilization of the femur is 
mandatory. Prolonged maintenance of a patient in Hare traction is not advisable 
given the attendant complications of skin breakdown and sciatic nerve palsy, and 
SO spanning external fixation is recommended over prolonged traction. 


The initial management of these fractures should not include the placement of a 
pulsatile irrigation catheter through the small traumatic wound. This may succeed 
only in further embedding debris 
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in an open fracture site and will certainly not provide an adequate debridement of 
the injured soft tissues that would ultimately be responsible for the development of 
a deep infection. Adequate debridement of an open femoral fracture demands 
wound extension (5). 
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“Dead Bug,” or “‘Ugly-board” 





Start with a plain copper-clad board. Glue ICs down with the leads sticking up in the air. Then solder 
to them 
Advantages Disadvantages 
e Provides an excellent ground plane. o Requires high soldering skill. 
Can be a high performance way to o Takes a long time to build. 
build sensitive and/or high- o Mechanical support for components is 
frequency analog circuits marginal; can add glue (“RTV”) after 
e Can make a complex circuit debugging. 
compact. o Only makes reliable connections to square leads 
e Reliable. (as are on wire-wrap IC sockets). Other 
* Can be used permanently. components (e.g., resistors, capacitors, 


transistors) need to be soldered to a “header” 
that goes in an IC socket or to individual wire- 
wrap pins. 


Ng OO ee 


e Inexpensive. 
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FIGURE 25-17 Skin staples demonstrate the length of the inadequate incision 
used to debride this open intracondylar distal femur fracture. 





FIGURE 25-18 This inadequate index debridement leads to a long and 
complicated course of treatment, including a deep infection and the 
placement of antibiotic beads. 


Preoperative Planning 

Initial debridement entails some insight by the initially treating surgeon into the 
definitive fixation plan. Frequently, the entire approach for the eventual repair of 
an open femur fracture may be performed at the time of debridement, particularly 
if this will include plating of a distal femur fracture. Open fractures of the femoral 
diaphysis may still be treated quite successfully with intramedullary nailing after 
wound extension and debridement (13). Regardless of eventual fixation plan, 
proximal and distal extension of soft tissue wounds is always necessary. 


Surgery 

Extension of the skin laceration is performed both proximally and distally down to 
the investing facsia of the thigh, which is always torn due to the pre-existing 
trauma. Fracture exposure will often require intramuscular dissection. Specific 
landmarks or structures to avoid will vary depending on location of the open 
wounds. Extensive dissection through muscle may be required, but most of this 
muscle has been traumatized and may not be viable. It is exactly this tissue that 
must be removed for the adequate debridement of the open femoral fracture and 
the prevention of a potential deep infection. 


If, following aggressive irrigation and debridement, it is determined that a 
transarticular spanning external fixation is going to be used for definitive or 
temporary stabilization, consideration must be given to the underlying soft tissues. 
In applying joint spanning external fixation, one should be careful to place the 
femoral pins proximal enough that the eventual internal fixation is not 
communicating with the pin sites if at all possible. Femoral pins may be introduced 
directly anterior through the quadriceps, anterolateral, or directly lateral. Tibial 
pins are generally introduced anteromedially. Spanning external fixation may be 
maintained for several weeks while waiting for physiologic or soft tissue 
stabilization. Nowotarski et al. demonstrated in non-spanning external fixation that 
patients 
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could safely undergo one-stage conversion to internal fixation without significant 
infectious problems (11). However, waiting much longer than 3 weeks may create 
problems in having to take down interval callus formation and makes the articular 
reconstruction more difficult. 


Postoperative Management 

In an effort to stabilize the soft tissue envelope, initiation of range of motion may 
be delayed after open fracture of the distal femur. If an open distal femur fracture 
has been spanned with an external fixator, subsequent debridements may be 
necessary, and the exact timing of definitive internal fixation is at the surgeon's 
discretion. 


If a thorough debridement and immediate intramedullary nailing of an open 


diaphyseal fracture has been completed, range of motion and weight bearing may 
be initiated right away. 


Complications 

The prompt and aggressive debridement of open fractures is an attempt to avoid 
the most obvious complication, osteomyelitis. Further complications from open 
fractures include knee stiffness and non-union. In cases with a segmental bone loss, 
or a high degree of metaphyseal comminution, patients may be informed at the 
time of definitive fixation that an elective bone grafting procedure will be 
performed 4 to 6 weeks later. The author prefers to use proximal tibial cancellous 
autograft, as it is biologically active, is a low morbidity harvest site when compared 
to iliac crest, and limits the affected area of the patient to a zone already involved 
in the injury. For large segmental defects, a cement spacer may be placed at the 
time of index fixation, with the plan to exploit the a€cebiologic membranea€* 
formed around this spacer to promote healing at the time of subsequent bone 
grafting (12). 


J udet Quadricepsplasty 


Indications/Contraindications 

Frequently, patients who have suffered comminuted intra-articular injuries of the 
distal femur or supracondylar femur will suffer from poor range of motion 
secondary to post-traumatic scarring and contracture. Various methods have been 
proposed for the treatment of this loss of flexion at the knee. Arthroscopic lysis, 
closed manipulation, and quadriceps tendon lengthening have all been advocated 
(15). For particularly stubborn cases of post-traumatic arthrofibrosis and 
quadriceps contracture leading to loss of knee flexion, the author finds the J udet 
quadricepsplasty to be the most effective way to regain functional motion of the 
knee (1,2,6,7,10,16). 


This approach recognizes that, in addition to the skeletal injury apparent on the 
radiographs, there was great soft tissue damage sustained at the time of distal 
femoral fracture. It is this damage to the rectus and vastus musculature that is at 
least in part responsible for the subsequent loss of range of motion. Arthrofibrosis 
and capsular contracture also contribute to post-traumatic stiffness and are 


addressed by this operation. 


J udet attributed the stiffness of the knee to four principle anatomic reasons. First 
was adhesion of the subquadricipital pouch with tethering of the patella. Second 
was retraction of the parapatellar fibrous elements and intra-articular adhesions. 
Third was adherence of the vastus intermedius muscle of the femur. Fourth was 
degenerative fibrosis of the quadriceps. The surgical procedure is based on a 
sequential release of these various parts of the contracture. Range of motion is to 
be assessed after each stage, and the operation proceeds until the desired results 
are achieved or maximum range of motion is achieved after completion of all steps. 


Preoperative Planning 

An epidural catheter is placed preoperatively. General and epidural anesthetic are 
used intraoperatively, but the regional anesthesia will help with patient compliance 
and tolerance with postoperative continuous passive motion. 


Surgery 

Range of motion is assessed on administration of the general anesthetic (Fig. 25- 
19). Two incisions are generally used (Fig. 25-20). The first is a medial parapatellar 
approach. This allows access to the medial aspect of the patellar tendon, the 
suprapatellar pouch medially, and the medial gutter. The medial retinaculum is 
released, and adhesions of the medial joint and suprapatellar pouch are excised. 


P2312 








FIGURE 25-19 Range of motion is assessed preoperatively. 
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FIGURE 25-20 Two incisions planned preoperatively for | udet 
quadricepsplasty. 











The second incision often follows the incision made from the operative repair of 
the fracture (Fig. 25-21). This will usually follow the lateral aspect of the patella 
ligament through the lateral patellar retinaculum and proximal up along the lateral 
intramuscular septum to the level of the greater trochanter. In the distal segment 
the parapatellar and lateral retinacular tissues are released and intra-articular 
adhesions are excised. The patella is freed until it may be easily lifted off the 
femoral condyles (Fig. 25-22). Scar tissue along the medial and lateral aspects of 
the patellar ligament, particularly distally, would likewise need to be excised. At 
this point, range of motion is checked, and the quadriceps may be manipulated at 
each subsequent step. The vastus lateralis is elevated from the linea aspera, and 
perforating vessels are ligated as they are encountered. The vastus intermedius is 
then lifted extraperiosteally from the front and side of the femur (Fig. 25-23). 
Much of the intermedius will be replaced by scar and fibrotic tissue, and much of 
this may be excised without significant functional impact (Fig. 25-24). Frequently, 
one will find heterotopic bone formation within the muscle bellies, and this may be 
excised along with fibrotic muscle tissue in an effort to regain length. Once again, 
the knee is manipulated and range assessed. 


Next, the vastus lateralis is released from its femoral origin superolaterally, and 
the rectus femoris may be released from its origin on the anterior capsule (Figs. 25- 
25 and 25-26). This allows distal excursion of much of the quadriceps mechanism in 
an effort to regain range of motion at the knee. The knee is manipulated for a final 
time and final range of motion is measured (Fig. 25-27). Only the skin is closed, and 
a drain is used (Fig. 25-28). Given the somewhat sanguinous nature of the 
dissection along the well-perfused margins of scar tissue, postoperative hematoma 
must be guarded against, and drain use is encouraged. 
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FIGURE 25-21 Lateral incision planned as extension (dotted line) off existing 
scar (solid line). 














FIGURE 25-22 Supracondylar zone shows dense fibrotic scar tissue. 

















FIGURE 25-23 Scar tissue release mobilizes the extensor mechanism off the 
anterior femur. 
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Variations: 


e Manually cut the board with a dremel tool to isolate sections for purposes other than ground 
plane (use the back for ground plane). See photo below. 


e Glue on little rectangles of cut-out board to add power busses, etc. 





This is what is used virtually universally in production of electronics. 


Advantages Disadvantages 
e Easy to build in production. o Laying out the board and getting it fabricated 
e Repeatable, controllable stray L, C. takes time, although you can pay for 


& :Camhandlevicnallyanycomponent fabrication in a few days if you can afford it. 


power level. 
e Highly reliable. 
e Can make very compact. 


o Expensive, on the order of hundreds of 
dollars for one, but with almost no increase 
in cost to make many. 

o Hard to make changes, but making changes 


e Design can be (somewhat) automated may be easier than building another type of 
from a schematic you have entered. prototype. 





Prototyping Methods 


FIGURE 25-24 Heterotopic bone may scar the quadriceps to the femur and 
must be excised. 














FIGURE 25-25 Disection may be extended up to the level of the vastus 
lateralis origin and the rectus origin anteriorly. 

















FIGURE 25-26 With release of the rectus proximally, ultimate excursion of the 
extensor mechanism may be achieved. 
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FIGURE 25-27 Ultimate range of motion should be assessed before and after 
closure. 














FIGURE 25-28 Final skin closure of the lateral incision. 











Postoperative Management 

The knee may be immobilized in a position of flexion so that, on awakening from 
anesthetic, the patient may have some idea of what the range of motion may be 
achieved (Fig. 25-29). Epidural anesthetic is generally used, and continuous passive 
motion is initiated after the recovery room. The drain is removed in approximately 
48 hours. Due to the bleeding which may be encountered in dissection of scar and 
muscle, we have found that blood transfusion may be necessary before discharge. 


No postoperative immobilization is typically used at the time of discharge, and 
patients may need crutches for ambulation, as they frequently will have a 
functional extensor lag postoperatively. This extensor lag resolves over time. 


Complications/Results 

The most common immediate complication following this procedure is hematoma 
formation. This complication can be minimized with intraoperative hemostasis and 
with the routine use of closed 


suction drains in all patients. Secondary complications include extensor lag, which 
will resolve in most cases with postoperative therapy. Recurrent stiffness and 
arthrofibrosis can also complicate postoperative results; however, the results of 
this operation in the literature have been encouraging (1,2,6,7,10,16), with total 
gains in range of motion between 55 to 69 degrees in the two largest series. 








FIGURE 25-29 Knee is immobilized in flexion postoperatively, and continuous 
passive motion is initiated after the recovery room. 











Summary 

The soft tissue around the femur and thigh segment is adequate enough to sustain 
extensive trauma without requiring free tissue transfer. Some of the techniques 
listed in this chapter may facilitate the correct handling of the soft tissues, help to 
prevent infection in the setting of open fracture, or help patients to regain motion 
after a comminuted supracondylar injury. 
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Chapter 26 


Management of Soft Tissue Defects 
Surrounding the Knee and Tibia: The 
Gastrocnemius Muscle Flap 





Steven Myerthall 
David J . J acofsky 
Steven L. Moran 


Defects surrounding the knee and patellar region are common and may result from 
trauma, tumor, or infection. One of the most important goals in the management of 
open wounds surrounding the knee is stable soft tissue coverage. Soft tissue coverage 
with muscle can seal the joint and bone from ongoing contamination and help to 
revascularize underlying structures, while preventing the development of late 
infection and nonunion. Options for soft tissue coverage are determined by the size of 
the wound, location, and surrounding zone of injury. The gastrocnemius muscle flap 
has historically been used to cover defects surrounding the knee, lower thigh, and 
patellar region. Its consistent vascular anatomy and superficial location have made it a 
workhorse for coverage of defects in this area. 


The gastrocnemius is the most superficial muscle of the posterior calf. The muscle has 
two heads arising from the medial and lateral condyles at the femur, and the adjacent 
capsule of the knee; these muscles then insert into the calcaneal tendon (Fig. 26-1). 


The two muscle heads, medial and lateral, unite at the level of the fibular head. 
Proceeding distally the muscles join with the tendon of the soleus at the mid-leg to 
form the Achilles tendon. The medial sural artery is the dominant vascular pedicle for 
the medial gastrocnemius muscle, whereas the lateral sural artery supplies the lateral 
head. The origin of the arteries is approximately 4 cm above the head of the fibula 
and both originate from the popliteal artery. Innervation to the muscles originates 
from the tibial nerve and lies posterior to the vascular pedicle as it enters the muscle. 
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FIGURE 26-1 The medial and lateral gastrocnemius muscles as seen from the 
posterior approach. 


Indications/Contraindications 

Both the medial and lateral gastrocnemius muscles may be used independently or in 
conjunction with each other. The medial gastrocnemius will cover the inferior thigh, 
knee, and proximal tibia. The medial head of the muscle is used most frequently as a 
proximally based flap due to its larger size in comparison to the lateral head of the 
muscle. The lateral head may also be used alone or in combination with the medial 
head for coverage of large tibial defects or for lateral distal thigh wounds. For defects 
at the level of the mid-portion of the tibia, the gastrocnemius muscle may not provide 
adequate coverage and the soleus muscle is preferred for coverage of middle third 
defects. For defects involving the distal third of the tibia and ankle, free tissue 
transfer is usually required. The tendinous inferior margin of the gastrocnemius muscle 
may be used to augment the repair of an injured suprapatellar tendon. 


Contraindications to the use of the gastrocnemius muscle flap include active infection 
and/or significant disruption of the soft tissue and/or vascular pedicle. Additional 
contraindications for flap use include any procedure or injury which may have 
traumatized or injured the sural artery, such as a previous repair of a popliteal arterial 
laceration or repair of popliteal aneurysm. Occasionally, severe compartment 
syndromes may render the muscle fibriotic and useable for transfer, but due to its 
superficial location and high take off of the sural artery, this is unusual. Direct trauma 
to the posterior calf may result in muscle destruction and should be ruled out prior to 
proceeding with flap elevation. Radiation to the knee following tumor extirpation may 
also compromise the vascular pedicle, 
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increasing the chance of total or partial muscle necrosis following transfer. The muscle 
should not be used if the soleus and contralateral gastrocnemius muscle are no longer 
functional, as this will create postoperative difficulty with plantar flexion. A history of 
a recent deep venous thrombosis within the involved extremity is a relative 
contraindication for the use of the flap, although we have used the flap successfully in 


such situations. 


Distally based gastrocnemius muscle flaps have been described for coverage of middle 
third and lower leg defects. Vascular supply to the muscle in these cases is supplied 
through crossing anastomotic arterial connections between the medial and lateral 
gastrocnemius muscle bellies extending across the midline raphe. Use of the flap in 
this manner is not common, as more reliable methods of middle third and lower leg 
coverage are available and include the soleus muscle flap, the sural artery flap, and 
free flap coverage. 


Preoperative Planning 

The preoperative management of severe open fractures involves stabilization of the 
patient, tetanus prophylaxis, and broad-spectrum antibiotics. Trauma often 
compromises the availability of the skin and soft tissue surrounding the knee. 
Nonviable tissue requires aggressive debridement. Serial debridements may be needed 
if tissue viability is uncertain. Once the wound bed is clean, flap coverage may 
proceed, ideally within 72 to 96 hours following initial injury. Preoperative physical 
examination should focus on determining the function of the remaining muscles of the 
lower leg to determine if sacrifice of the gastrocnemius could result in a significant 
loss of plantar flexor following muscle transfer. A vascular examination should also be 
performed to assess for the patency of the popliteal artery. In those patients with a 
history of peripheral vascular disease or a history of popliteal arterial trauma, an 
angiogram can confirm patency of the sural artery prior to surgery. 


Surgery 


Patient Positioning 

Operating room setup is standard for lower extremity coverage. A leg tourniquet may 
facilitate dissection, especially in cases of lateral gastrocnemius harvest where the 
perineal nerve must be identified and protected during flap elevation. 


The muscle may be harvested with the patient in prone or supine position. If the 
patient is prone, a stockinette or mid-posterior S-shaped incision is made and 
significantly facilitates exposure of the muscle's origin posteriorly over the femoral 
condyle. The posterior approach is made with an incision starting 5 cm above the 


popliteal crease and extending down to the distal end of the muscle belly. More 
commonly, however, for anterior traumatic defects surrounding the patellar and tibial 
region, the patient is positioned in the supine position with the leg internally or 
externally rotated to facilitate exposure of the medial or lateral heads, respectively. 
Lateral decubitus positioning is also an option for lateral gastrocnemius muscle 
elevation. 


The patient may receive either general or spinal anesthesia. In additional, depending 
on associated injuries, the ipsilateral or contralateral thigh should be prepared for a 
Skin graft donor site. After sterile preparation, the entire extremity is draped and fully 
exposed. Appropriate preoperative antibiotics should be given 30 to 60 minutes prior 
to incision. 


Technique 


Medial Gastrocnemius Muscle Flap 


A longitudinal incision is made where the separation of the bellies of the 
gastrocnemius and soleus muscle can be palpated. This should parallel the medial 
border of the tibia and can be curved proximally in a posterior direction to facilitate 
exposure and dissection of the proximal portion of the muscle. The incision should 
extend from the level of the tibial plateau to 10 cm above the medial malleolus. If the 
flap is to be tunneled into position on the anteromedial aspect of the leg, a skin bridge 
of at least 7 cm must be maintained to prevent skin necrosis. For more anterior 
defects, or preexisting peripatellar defects, a curved incision can be extended both 
proximally and distally from the defect site to a line 4 cm medial to the edge of the 
tibia (Fig. 26-2A,B). 


During initial subcutaneous dissection, the saphenous vein is identified and preserved 
(Fig. 26-2C). The underlying deep investing fascia of the leg is then opened to expose 
the plane between the 
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gastrocnemius and soleus muscles (Fig. 26-2D,E). In most patients, the plantaris 
tendon is located in this interval and should be left intact. This plane is easily opened 
with blunt finger dissection. The plane between the external fascia of the muscle and 
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Notes on surface-mount components 


Most modern production designs now use surface-mount components instead of “through hole” components. 
The circuits can be more compact, and the board layout is easier because different things can be done on each 
side (and in additional layers between sides) without through-holes interfering. But prototyping gets much more 


difficult! 
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Prototyping options for surface mount 

e Simulate, and then lay out a PCB. Don’t ever make a breadboard. 

e Order DIP ICs and leaded passives for the prototype, and then switch to surface mount for production. 

e Get adaptors that have pads to solder surface-mount ICs to, and then standard-spacing (0.1”’) pins in DIP 
or SIP layout. Digikey carries “surfboards” made by Capital Advanced Technologies, and adaptors 
made by Aries Electronics. In addition to DIP and SIP adaptors, there are boards with solder pads for 
connecting larger wires; these work well for prototypes built in “dead bug” style. 








Prototyping Methods 


the overlying skin should also be opened using blunt dissection. Large, perforating 

vessel can be identified running from the muscle to the overlying skin. These vessels 

serve as the main blood supply to the skin paddle of a gastrocnemius fasciocutaneous 

flap. These vessels should be ligated in the gastrocnemius muscle flap dissection. The 
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sural nerve and lesser saphenous vein can be identified running between the medial 

and lateral heads of the gastrocnemius muscle and should be preserved. 

















FIGURE 26-2 A: A 53-year-old patient with longstanding osteomyelitis of the tibia 
requiring debridement and soft tissue coverage. B: The skin surrounding the 
defect is excised. The bone is debrided and filled with antibiotic beads. The skin 
defect is incorporated into the skin incision for exposure of the gastrocnemius 
muscle. The skin incision is curved posterior approximately 4 cm beyond the 
medial border of the tibia. C: This incision gives excellent exposure of the 
posterior compartment. Note that the saphenous vein has been preserved at the 
inferior extent of the skin incision. D,E: The deep investing fascia of the leg is 
divided and the plane between the gastrocnemius and the soleus muscle may be 
identified using finger dissection. F,G: Once the muscle is mobilized, the anterior 
and posterior fascia may be transversely scored to allow for easier insetting. H,I: 
Once the muscle is inset, it is covered with a split thickness skin graft. The leg 
incision is closed over a suction drain. g, gastrocnemius; s, soleus. 
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Dissection is then continued medially between the plane of the gastrocnemius and the 
soleus until the midline raphe of the gastrocnemius muscle is identified. Often this 


raphe will be identified by decasations of the muscle fibers distally. More proximally, 
the two heads may be more easily separated and identified if the raphe is not clearly 
visualized distally. Once the limits of the medial muscle have been clearly identified, 
the inferior margin of the muscle is divided from the Achilles tendon with a 2-cm cuff 
of tendon, which facilitates insetting of the muscle. This cuff of tendon is also very 
valuable for reconstruction of the terminal extensor mechanism of the quadriceps 
muscle. 


The sural nerve will be identified within the gastrocnemius raphe and should be 
preserved. Using cautery, the raphe can be divided and the gastrocnemius can be 
separated from the Achilles tendon. At this point, the muscle may be pedicled and 
mobilized for coverage of the upper one-third of the lower leg. If the knee or distal 
thigh requires coverage, the origin of the muscle will require release. For release from 
the femoral condyle, posterior extension of the skin incision significantly facilitates 
visualization of the muscle's vascular pedicle. Skeletonization of the sural vessels from 
the deep surface of the muscle will also allow further mobilization of the muscle. The 
muscle can be transferred with either its deep or superficial surfaces exposed. Cross- 
hatching or removal of the fascia will allow for further mobility and advancement of 
the muscle without impairing blood supply (Fig. 26-2F,G). 


The fascia is then inset into the defect using horizontal mattress sutures, pulling the 
muscle beneath the overlying skin on the far side of the defect. If there is excessive 
tension, sutures may be mattressed through the skin and tied over bolster dressings. 
Prior to inset, a 10-mm flat or round drain can be placed under the flap; a second 
drain should be placed at the donor site prior to closure. 


A meshed skin graft should then be obtained and placed on the transposed muscle 
flap, followed by a bolster dressing. This dressing should include a nonadherent layer 
followed by a bolster with gentle compression maintained on the graft. A VAC sponge 
may also be applied to facilitate skin graft take to the underlying muscle (Fig. 26- 
2H,I). The remainder of the wound should be covered with sterile dressings and the leg 
placed in a knee immobilizer for support. The skin graft donor site may be dressed 
with a single-layer transparent dressing. 


Lateral Gastrocnemius Muscle 
The lateral gastrocnemius muscle will cover the inferior thigh, knee, and proximal 


tibia. For harvesting of the lateral gastrocnemius the skin incision is made at the 
posterior midline of the lower calf extending to the lateral popliteal fossa. The 
proximal mark is placed 2 or 3 cm posterior to the fibula. Once again, an adequate 
skin bridge must be maintained between the traumatic defect and the incision to 
avoid skin bridge necrosis. Alternatively, the existing skin defect may be extended 
proximally and distally over the posterior margin of the fibula to allow for exposure of 
the muscle (Fig. 26-3). 


Dissection begins 5 to 6 fingerbreadths below the fibular head so as not to encounter 
the peroneal nerve. Once the plane between the soleus and gastrocnemius Is clearly 
identified, superficial dissection can begin between the gastrocnemius and the 
investing fascia of the lower leg. The common peroneal nerve must be identified at 
the level of the neck of the fibula and protected throughout the rest of the dissection. 
Since the common peroneal nerve passes between the lateral head of the 
gastrocnemius and the tendon of the biceps femoris, particular attention should be 
paid to identify the nerve during this portion of the dissection. The muscle is then 
separated as described for the medial gastrocnemius muscle flap, and may then be 
pedicled into the overlying defect site (Fig. 26-4). 


The flap is inset, and the donor site closed as previously described for the medial 
gastrocnemius flap. 


Postoperative Management 

The patient should be maintained on bed rest for 5 to 7 days. The bolster dressing may 
be removed on postoperative day 5 to ensure adequate skin graft a€cetake. a€* 
Following skin graft take, Xeroform dressing changes are performed once to twice a 
day until the skin graft has matured, at which point the patient is encouraged to keep 
the skin graft lubricated with a petroleum-based lotion to prevent desiccation of the 
newly grafted skin. If immediate postoperative motion is essential, the origin of the 
gastrocnemius muscle should be divided to minimize forces across the flap in the early 
postoperative period. A VAC sponge may also aid in securing skin grafts if immediate 
motion is essential. 
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FIGURE 26-3 The incision for exposure of the lateral gastrocnemius muscle flap is 
made 2a€“3 cm posterior to the fibula. 











FIGURE 26-4 A: A traumatic lateral tibial and patellar defect in 28-year-old 
woman. The lateral gastrocnemius muscle has been harvested with a posterior 
and inferior incision extended from the original defect site. Note that the 
common perineal nerve has been identified and marked with blue vessel loop. 
The soleus muscle belly (s) can be seen below the gastrocnemius muscle (g). B: 
The common perineal nerve (seen here running above the scissors) must be 
identified prior to pedicling the flap into the defect site to ensure it is not 
inadvertently compressed or injured during flap insetting. C,D: Once the lateral 
gastrocnemius muscle is isolated from midline raphe, it can easily reach the 
lateral aspect of the peri-patellar region. 
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FIGURE 26-5 A 2-year follow-up of a 35-year-old man who underwent medial 
gastrocnemius muscle coverage for exposed tibia following a motor vehicle 
accident. Significant improvement in contour is obtained with long-term use of a 
compression wrap or compression stocking. 


The drains are removed once drainage is less than 30 mL/ day. Gentle range of motion 
should then begin at 10 to 14 days, increasing the motion by 5 or 10 degrees per day. 
Ambulation can begin on the postoperative day 10, with knee flexion limited with the 
use of a knee immobilizer. If the flap is inset under tension or if the healing 
environment is less than ideal, the knee immobilizer can be maintained for an 
additional week to prevent undo tension on the margins of the muscle flap. 


Postoperative swelling is minimized with the use of elastic wraps or supportive 
stockings. Compression stockings worn long-term can facilitate flap contouring. Muscle 


flaps undergo a process of atrophy over 6 to 12 months; patient concerns regarding 
scaring or flap contour should not be addressed surgically until 12 to 24 months 
following the initial reconstructive surgery (Fig. 26-5). 


Complications 

Complications following the use of the gastrocnemius muscle flap include bleeding, 
infection, nerve injury, and flap loss. Bleeding (hematoma) and infection are most 
common, though rare if meticulous hemostasis is achieved at closure and aggressive 
debridement of the wound is performed prior to muscle flap transfer. Suction drains 
placed within the donor site at the time of closure will significantly minimize the risk 
of postoperative hematoma formation. 


Partial flap necrosis or complete flap loss is usually associated with technical error, 
including injury to the vascular pedicle and/ or excessive tension with secondary flap 
ischemia. If flap ischemia is suspected intraoperatively, the vascular pedicle should be 
examined for signs of kinking or injury to the sural artery. Small areas of skin graft loss 
may be seen postoperatively, but can be conservatively managed with topical 
ointments and wound care without the need for further surgical intervention. 


Nerve injury is uncommon with meticulous dissection and nerve preservation. Injury to 
the sural nerve can occur during separation of the medial and lateral heads of the 
gastrocnemius muscle. Injury to the common perineal nerve may occur during 
elevation of the lateral gastrocnemius flap. Nerve injury is best avoided by clearly 
visualizing the nerve prior to flap transfer. The saphenous 
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nerve may be ligated inadvertently with the saphenous vein during exposure of the 
posterior compartment; attempts should be made at nerve identification and 
preservation during flap dissection. 


The gastrocnemius muscle provides plantar flexion of the foot and flexion of the knee 
joint. Removal of the muscle does not result in significant morbidity, although some 
loss of plantar flexion may lessen jumping and leaping ability. Either or both heads 
may be used with little functional deficit as long as the soleus muscle is preserved and 
uninjured. 
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Revision and Infected Total Knee 
Arthroplasty 
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Indications/Contraindications 

Soft tissue management in revision and infected total knee arthroplasty (TKA) is an 
extremely important factor in determining the success or failure of the procedure. 
Without optimal wound healing, complication rates increase and the ultimate 
benefit of the operation may be diminished. Despite the critical role played by the 
soft tissues surrounding the knee, very little scientific data exist to help guide the 
practicing orthopaedic surgeon in this area. Rather, most of the recommendations 
and guidelines are based on extrapolations from other surgical fields and anecdotal 
experience from experts in knee arthroplasty. In this chapter, important factors 
that should be considered in the preoperative, intraoperative, and postoperative 
settings are reviewed. In addition, surgical techniques that may minimize potential 
soft tissue problems and help manage complications when they do occur are also 
presented. The soft tissues about the knee include skin and subcutaneous coverage, 
as well as the extensor mechanism; therefore, in this chapter management of both 
of these important components is addressed. 


The very circumstances that necessitate revision TKA in the settings of either 
infection or aseptic failure require that every patient be considered at risk for soft 
tissue complications. Therefore, every patient in whom revision TKA is being 
considered should be thoroughly evaluated preoperatively. This allows all necessary 
plans to be addressed in order to meet individual needs. Indeed, absolute 
indications and contradictions are difficult to define: rather, all factors should be 
considered. While any patient who undergoes revision TKA should be considered at 
risk for soft tissue complications, some patients will have greater risks. A healthy 
patient with just one prior knee surgery, with aseptic loosening, is at less risk than 
a patient with diabetes and peripheral vascular disease who has a chronically 
infected total knee replacement. However, each patient should be carefully 
assessed. Certainly, once the risks have been evaluated, a decision to proceed with 
revision TKA surgery should be based on the individual circumstances. In each case, 
the current symptoms, including pain and disability, presence or absence of 
prosthetic infection, and age and activity demands of the patient, must be 
evaluated in the context of the potential risks. The potential increase in symptoms, 
time frame for deterioration, and additional surgical problems that may be 
encountered by delaying surgery should also be considered. Absolute 
contraindications for revision TKA include irreversible medical comorbidities that 
raise the risk of perioperative mortality to unacceptable levels, an avascular 
extremity where revascularization options have been exhausted, uncontrolled 
sepsis, and neurologic injuries with no motor function of the extremity. Relative 
contraindications include failed prior soft tissue flaps, massive bone loss, recurrent 
prosthetic infection, extensor mechanism disruption, and unstable medical 
comorbidities that require optimization. When the potential risks are too great, or 
when other rare circumstances are encountered, such as life-threatening sepsis or 
an avascular limb, alternative procedures including permanent resection 
arthroplasty, knee arthrodesis, or amputation may be required. 
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Preoperative Planning 

Preoperative planning is critical for minimizing soft tissue problems about the knee. 
Both systemic factors and the characteristics of the knee and leg should be 
considered before revision knee surgery. 
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Systemic Factors 

Patient-specific medical comorbidities should be assessed and treated before 
surgery (Table 27-1). While optimization of these conditions appears to reduce the 
risk of developing wound complications after revision TKA, the increased risk of 
wound problems in many cases is multi-factorial and does not return to baseline 
levels even when medical management is optimal. For example, the increased risks 
of delayed wound healing and infection noted in patients with diabetes appears to 
be caused by both the hyperglycemia, which has been shown to inhibit collagen 
synthesis, disrupt fibroblast proliferation, slow capillary in-growth, and deficiencies 
in polymorphonuclear neutrophil cell function. Furthermore, the increased risk of 
soft tissue complications in patients with rheumatoid arthritis is likely due to 
numerous factors including the long-term sequelae of corticosteroid use, which 
regulates macrophage function, reduces collagen synthesis, and delays vascular in- 
growth, as well as direct causes of the disease itself such as skin atrophy, 
decreased albumin, and vasculitis. 


Another important risk factor in the pre- and postoperative periods is the use of 
tobacco products. Nicotine and its metabolites cause vasoconstriction, which 
interferes with micro-circulation; however, the effects on wound healing are more 
profound than from vasoconstriction alone. Other constituents of tobacco smoke, 
such as carbon monoxide, reduce the oxygen carrying capabilities of hemoglobin, 
which reduces tissue oxygenation. Nicotine also appears to have a direct effect on 
fibroblast and immune function. The optimal time for smoking cessation appears to 
be 4 to 8 weeks preoperatively, but even a week of abstinence appears to reduce 
the risk of complications. Abstinence in the entire postoperative period is also 
critical. For elective procedures, all patients who smoke and have other risk factors 
for wound healing must stop smoking before the procedure. In some cases, 
professional services must be used to achieve this end. The use of nicotine delivery 
substitutes are controversial, as these do not eliminate the patient's use of nicotine 
but do eliminate multiple other toxic substances that are inhaled in tobacco smoke, 
such as carbon monoxide and hydrogen cyanide. Therefore, while not an optimal 
solution, in certain circumstances these substitutes may be preferable to reduce 
the overall risk. 


Table 27-1. Complicating Comorbidities 





Condition Evaluation Management 
Diabetes Blood glucose Optimize diet and 
medication. 
Malnutrition Total lymphocyte count < Nutritional supplements 


Inflammatory 
arthritis 


Tobacco 
smoking 


Anemia 


Hypoxia 


Peripheral 
vascular 
disease 


1,500 mm3 
Serum albumin <3.4 g/dL 


Review disease modifying 
medications 


Serum kotinine level if 
poor 
abstinence/ compliance 


Hgb/ Hct 


Sa02 


Peripheral pulses, Doppler 
ultrasound, arteriogram 


before surgery 


Hold medications, if 
possible, until wound 
healing has occurred. 


Avoid tobacco use 1 
month before surgery. 


Correct before surgery 
with erythropoietin 
injections. 


Optimize pulmonary 
function. 


Revascularization prior 
to revision TKA 


Obesity BMI Avoid significant weight 
loss in the immediate 
pre- or postoperative 
periods. 


Cancer History Avoid elective surgery, 
if possible, while on 
chemotherapeutic 


agents. 
Chronic History >2 years duration 
corticosteroid appears to increase 
use risks of wound 


complications 





BMI, body mass index; TKA, total knee arthroplasty. 
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The Knee 


The local vascular anatomy of the knee can be unforgiving; in comparison to the 
hip, where wound necrosis is rarely a problem. Most of the perfusion to the skin is 
derived from perforator vessels that originate below the level of the deep fascia. 
Little subcutaneous communication occurs; rather, the perforating vessels connect 
at the level of the sub dermal plexus. Thus, when raising skin flaps about the knee, 
the dissection should be below the level of the deep fascia, rather than in the sub 
dermal plane to avoid damaging this superficial plexus. While the peri-patellar 
plexus formed by the medial and lateral, superior and inferior genicular arteries 
has been well described, the majority of the inflow to the skin appears to be 
derived from the medial side of the knee in the distribution of the saphenous and 
descending genicular arteries. Therefore, laterally based flaps should be avoided 
and any prior laterally biased vertical incision should be carefully considered when 
selecting the optimal incision. On the lateral side, the perforators from the 


superior and inferior genicular arteries are relatively more important, and it has 
been reported that use of a lateral patellar release with disruption of the superior 
genicular artery is associated with decreased tissue oxygenation and increased 
lateral wound problems. Some general guidelines for selection and placement of 
Skin incisions follow. 


A single, longitudinal anterior midline incision provides the most extensile exposure 
and is preferred for all revision and infected total knee replacement cases. Prior 
incisions about the knee should be carefully evaluated. Factors that are believed to 
be important, although little scientific data exist to support these suppositions, 
include age, orientation, length, and placement in relation to other or intended 
incisions. A single, transverse incision can be crossed by a new perpendicular 
anterior incision with relatively little concern. When a single, prior longitudinal 
anterior incision exists, this incision should be used. If placement of this prior 
incision is not directly midline, the proximal and distal ends of the incision may be 
extended back toward the midline to reduce tension on the wound. In these cases, 
subcutaneous dissection should be minimized; it is critical to maintain full- 
thickness flaps if the subcutaneous tissues must be mobilized to allow adequate 
exposure of the extensor mechanism. To preserve the sub dermal plexus, these 
flaps should be raised at the level of the deep fascia. If the prior incision is located 
far from the midline, and would necessitate creation of a large laterally based 
subcutaneous flap, one may consider using a new incision. In these circumstances, 
skin bridges greater than 3 to 5 cm should be maintained between the new and old 
incisions. When multiple incisions, or a single anterior incision located well away 
from the midline, are encountered, selection of the optimal incision should be 
carefully considered. In some circumstances where numerous prior incisions exist, 
or where the skin and subcutaneous tissues have been severely damaged by prior 
trauma, radiation exposure, infection, or are atrophic, due to systemic conditions, 
preoperative soft tissue management techniques that are described in following 
sections, such as soft tissue expansion or soft tissue flaps, may be required. Again, 
little definitive data exist to guide the surgeon when these interventions are 
absolutely required; rather, much of this assessment is subjective. 


Surgery 


Soft Tissue Procedures 
Sham Incision 


Technique 

The sham incision or delay procedure is reviewed primarily for its historical 
significance as an early attempt to manage patients considered at risk for wound 
healing problems after TKA. Approximately 10 to 14 days before the planned knee 
procedure, the intended skin incision is made and extended to the level of the 
extensor mechanism. Next, the skin is undermined on both sides of the incision to 
expose the extensor mechanism, as required for the upcoming knee replacement, 
and then the incision is closed and observed. If the wound heals without 
complications, the intended knee procedure is subsequently performed. If skin 
necrosis occurs, a soft tissue flap is performed before knee replacement. The main 
advantage in these cases is that the knee joint has not been violated, and there is 
no prosthesis at risk for infection. Furthermore, increased collateral flow caused by 
the incision due to the delay phenomenon was felt to reduce the risk of subsequent 
wound 


healing problems. More contemporary soft tissue expansion techniques have, for 
the most part, eliminated the use of the sham incision. 


Results 

There is little except anecdotal evidence to support the use of this technique. 
Rothaus has detailed the outcomes in a small group of 12 patients, with multiple 
prior incisions, in whom this technique was used. In all 12 patients, the incisions 
healed and TKA was successfully performed without wound healing problems. 


Soft Tissue Expanders 


Technique 

The concept of tissue expansion is not new and has been successfully used in a 
variety of soft tissue reconstructive procedures throughout the body. Despite the 
challenges posed by the unforgiving nature of the vascular supply around the knee, 
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the use of tissue expanders is a relatively new concept with only a limited number 
of large patient series. 


Tissue expansion has three important benefits that aid wound healing in the 
overlying soft tissues. First, and probably most important, it stimulates neo- 
vascularization of the overlying soft tissue; this improves the capillary in-flow that 
directly promotes healing. Second, it physically expands the overlying skin and 
subcutaneous tissue allowing larger areas, due to correction of malalignment or 
limb lengthening, to be covered. This also reduces the tension on the wound. This 
expansion is not simply a stretching and thinning of the overlying soft tissue, which 
would leave the flap less resilient, but actually a hypertrophy of the dermis and 
epidermis due to fibroblast stimulation, leading to an increase in the quantity of 
tissue available. Third, a fibrous capsule develops around the expander, and this 
thick, robust, vascular tissue is very useful as a a€cepseudo-fasciala€* layer to close 
over the joint and is particularly helpful in the area of the proximal medial tibia 
where the periosteum and soft tissue layer can be thin. 


The technique for soft tissue expansion over the knee is begun approximately 6 to 8 
weeks prior to the intended TKA (Fig. 27-1). Typically two to four 200 to 300 mL 
expanders are placed in pockets deep to the subcutaneous layer, just above the 
fascia (see Fig. 27-1C). These pockets are strategically placed based on the 
placement of prior incisions and characteristics of the overlying subcutaneous 
tissue and skin. The first step involves infiltrating the deep subcutaneous layer with 
a dilute solution composed of 1000 mL Ringer's lactate, 50 mL 1%lidocaine, and 1 
mL 1:1000 epinephrine to create a pocket. Typically, injection of 250 to 300 mL of 
this solution is sufficient to produce the hydro-dissection that separates the skin 
and subcutaneous tissue from the underlying fascia to create a pocket. Also, use of 
the local anesthetic helps with postoperative pain relief. Next, through a short 
incision placed in one of the prior incisions, scissors are used to bluntly define and 
enlarge this plane within the deep subcutaneous tissue to create a pocket (see Fig. 
27-1B). The un-inflated expander is then inserted through the same incision (see 
Fig. 27-1D). The access port to the expander is then tunneled through the 
subcutaneous tissue to an easily accessible site. The port should be accessed prior 
to skin closure and saline injected to ensure that the port is functional and that the 
expander was not damaged during the insertion. After this initial expansion, the 
incision is closed and a sterile dressing applied. Patients are typically placed ina 


knee immobilizer for a week and allowed to weight bear as tolerated. Most patients 
are admitted for an overnight stay and treated with 24 hours of intravenous 
antibiotics. Subsequently each week, about 10%to 15%of the volume of the 
expander is infused with the patient as an outpatient, via the access port. If at any 
time the overlying skin blanches and doesna€™t recover after a few minutes of 
observation, or if the patient experiences significant pain, saline must be removed 
until the problem is alleviated. 


At the time of the intended TKA, the expanders are extracted through the incision 
used for the procedure (see Fig. 27-1F). The subcutaneous tissue and skin flaps 
should be protected during the TKA. At the end of the procedure, a superficial 
drain is placed in each individual expander pocket. These drains are removed 
individually once output is less than 10 mL per 8 hours or 30 mL per 24 hours. This 
protocol appears to reduce the risk of subcutaneous hematoma formation. Early in 
the experience of tissue expansion about the knee when subcutaneous drains were 
not routinely employed, hematomas occurred more frequently and occasionally had 
to be drained to reduce tension on the overlying tissue. During wound closure, the 
expansion process may have created excessive amounts of soft tissue that need to 
be excised. In these cases, the edge of the flap, especially focusing on old widened 
scars, can be trimmed or removed. However, the tension on the wound should not 
be increased by resecting too much surplus tissue. 
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FIGURE 27-1 A: Knee with multiple prior vertical and horizontal incisions at 
risk for poor postoperative wound healing after TKA.B: Creation of 
subcutaneous pocket for soft tissue expander.C: Saline expanders 
demonstrating access portals for infusing saline. D: Insertion of the deflated 
saline soft tissue expander. E: Knee after tissue expansion process is 





complete. F: Fibrous, vascular membrane that surrounds the expander cavity 
after removal of the expander at the time of TKA. 


Results 

Few large series of tissue expansion in association with TKA have been published, 
with most reports presenting only a handful of cases. The morbidity associated with 
the use of tissue expanders has been previously reported and includes infection, 
hematoma, expander rupture or deflation, and skin necrosis. Two significant papers 
have reported very favorable results. In an initial study, no significant 
complications occurred during the expansion process in a small group of 10 
patients. In a second larger group of 29 knees, six (21% minor wound complications 
occurred during expansion, including mild erythema or skin blistering. These 
complications were successfully managed by reducing the volume in the expander, 
and delaying further expansion until the problem resolved. In this same group, one 
major complication occurred after the insertion of the soft tissue expanders; this 
involved full-thickness skin necrosis in a patient with a history of radiation to the 
anterior knee. The knee replacement was subsequently not performed, as the 
patient declined to accept a prophylactic muscle flap, choosing to endure her 
arthritic symptoms. 


Following the knee replacement, 5 (18% of 29 patients experienced minor 
complications; three knees developed persistent drainage, and two knees 
developed subcutaneous hematomas. The persistent drainage resolved after wound 
compression and immobilization was initiated. The two subcutaneous hematomas 
required surgical evacuation, and it was these problems that prompted the use of 
subcutaneous drains in the expander pockets. 


Soft Tissue Flap Coverage Procedures 

Soft tissue flap procedures about the knee have been used both prophylactically 
and for salvage of wound complications about the knee. Although a large number of 
different techniques have been described, including simple skin grafts, random or 
axial pattern skin flaps, fasciocutaneous flaps, and rotational or free muscle flaps, 
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the most reliable and most frequently used tissues about the knee include medial 
gastrocnemius muscle flaps, and free latissimus dorsi or rectus abdominus flaps. In 
addition 
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to these techniques, the development of musculocutaneous perforator flaps during 
the past decade has provided another alternative for coverage about the knee. The 
principles involved in these three types of techniques are described following in 
ascending order of the extent of the area that can be adequately managed. 


Musculocutaneous Perforator Flaps 


The development of musculocutaneous perforator flaps in plastic surgery occurred 
during the 1990s as an extension of the generally very favorable experience with 
musculocutaneous flaps during the 1980s. Perforator flaps were based on the 
principle that neither the underlying fascial plexus, nor muscle, was required if the 
vessel that perforated through the muscle was carefully dissected. The major 
advantage of musculocutaneous perforator flaps versus musculocutaneous flaps is 
that the functional and cosmetic morbidity due to transfer of the underlying muscle 
could be avoided by transferring only the overlying skin. 


Although perforator flaps can provide additional vascularized tissue in an area that 
may be deficient or fibrotic, their use in the setting of infection is controversial; 
and in these cases, traditional muscle flaps are preferred. Their use is best 
reserved for aseptic cases with a deficient or scarred soft tissue envelope. 


Technique 


The wound is first debrided to remove all necrotic tissue (Fig. 27-2A,B). Next, 
elevation of the perforator flap requires careful microsurgical dissection of the 
musculocutaneous perforator vessels (Fig. 27-2C). Due to anatomical variability of 
these perforating vessels, Doppler ultrasound is used to locate the perforator 
before elevation of the flap. Once isolated, the perforator flap can be rotated 
about the vascular pedicle or transferred as a free flap (Fig. 27-2D). The donor site 
can be managed with either primary closure or split-thickness skin grafts depending 
on the specific perforator flap used (Fig. 27-2E). A number of perforator flaps have 
proven quite reliable for 
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managing soft tissue problems in the lower extremity; these include flaps based on 

the muscle perforators of the vastus lateralis, tensor fascia lata, sartorius, gracilis, 

and medial gastrocnemius. Unfortunately, due to the volume of tissue required in 

many cases associated with failed TKA, these muscle perforator flaps often would 

not provide enough soft tissue to cover the defect; in these circumstances, one of 

the alternative techniques must be considered. 

















FIGURE 27-2 A: Pre-patellar bursa with central necrosis and recurrent 
infection that failed numerous attempts at local wound care. B: A perforator 
flap has been harvested after identifying the vessel, and the pre-patellar area 
has been debrided. C: Perforator vessel to flap. D: The flap is rotated 180 
degrees on its pedicle and transferred to the area of the defect. E: Harvest 
site incisions have been closed primarily and the flap sutured in place. 











Medial Gastrocnemius Flap 


Technique 

Although both the lateral and medial heads of the gastrocnemius muscle can be 
used to provide soft tissue coverage about the knee, both the quantity of tissue 
provided by the lateral gastrocnemius, and its shorter vascular pedicle, restrict its 
use. The lateral head is generally 3 to 4 cm shorter than the medial head, and its 
transfer can place the common peroneal nerve at risk for injury as the muscle is 
passed across the proximal fibula. Therefore, the medial gastrocnemius rotational 
flap has been the preferred option for treating wound problems in association with 


total knee replacement (Figs. 27-3 and 27-4). First, the wound is debrided to 
healthy margins. Next, the medial 
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gastrocnemius muscle flap is developed through a posteromedial incision, 
separating the muscle belly away from the deep tissue superficially, and the 
underlying soleus muscle along its deep surface. The plantaris tendon provides an 
excellent landmark. The medial head is separated from the lateral head along its 
decussation, which does place the sural nerve at risk for injury. The vascular 
pedicle is based proximally on the sural artery, which is the first branch of the 
popliteal artery. The muscle is then divided distally at the musculotendinous 
junction and folded proximally. Next, the flap is tunneled under a medial skin 
bridge to cover the defect, where it is sutured in place (see Fig. 27-4). If added 
length is needed, radial scoring of the fascia along the undersurface of the muscle 
can be performed at 1-cm intervals to increase its arc of rotation. Once 
transferred, the muscle flap is covered with a split-thickness skin graft that can be 
performed either primarily, or at a later date; in most circumstances, the donor 
site can be closed primarily. Alternatively, the flap may be harvested as a 
musculocutaneous flap, where the entire soft tissue flap including the skin, 
subcutaneous tissue, fascia, and muscle is rotated about the vascular pedicle. In 
these cases the donor site must be skin-grafted (see Chapter 29). 








FIGURE 27-3 A: Debrided wound after full-thickness necrosis over proximal 
tibia after TKA. B: The medial gastrocnemius is harvested through a 
posteromedial incision of the calf and then tunneled under a skin bridge to the 
debrided area. C: The muscle flap is covered with a split-thickness skin graft. 
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FIGURE 27-4 A: The medial head of the gastrocnemius muscle is harvested 
through a medial calf incision. B: The muscle is then rotated and delivered a 


skin bridge into the defect. 


Results 

In association with infected or exposed total knee prostheses where wound 
breakdown has occurred, use of medial gastrocnemius flaps has been quite 
successful, considering the complexity of the problems. In one series, Gerwin et al 
reported their experience from the Hospital for Special Surgery; successful salvage 
of an infected, or exposed total knee prosthesis with a medial gastrocnemius flap 
was achieved in 10 of 12 patients. Similar results have been reported by McPherson 
et al, with successful reimplantation in 20 of 21 patients who had chronically 
infected total knee replacements and compromised soft tissues about the knee. 


Utilization of the gastrocnemius muscle for knee coverage results in little 
functional morbidity, with no significant deficits at walking speed, and only mild 
deficits as demand increases. 


Free Latissimus Dorsi and Rectus Abdominus Muscle Flaps 
In cases where the medial gastrocnemius flap has been previously used and failed, 
or when the extent of the soft tissue necrosis is large, alternative flaps must be 
considered. The free transfer of a latissimus dorsi or rectus 


abdominus muscle flap has been reliable in these difficult circumstances. The 
muscle is harvested with its vascular pedicle and the donor site primarily closed. 
The recipient site is debrided to healthy wound edges and then the free muscle is 
sutured into the defect after the vascular anastomosis is complete. The vascular 
anastomosis is typically performed to the popliteal vessels. 


Postoperative Management of Soft Tissue Flap Coverage 
Procedures 

Immobilization with elevation for 7 to 10 days to reduce venous congestion is 
common to all flap coverage procedures. Partial weight bearing and progressive 
range of motion are then begun on a case by case basis. Factors to be considered 
include any wound drainage, marginal necrosis, venous congestion, and success of 
the overlying skin graft. If the flap transfer is done prior to the TKA as a 
prophylactic measure, then the total joint replacement may be performed after 
the flap has matured, which is generally a minimum of 8 to 12 weeks. 


Complications of Soft Tissue Flap Coverage Procedures 
While successful retention or reimplantation of the knee prosthesis has been 
reported, the functional results associated with these so-called successful 
outcomes falls far short of knee replacement in association with uncomplicated 
wound healing. In addition to poor functional results, other complications 
associated with all types of flaps can include recurrent infection or recurrent 
wound problems, due to marginal necrosis or complete loss of the flap, as well as 
Skin graft problems at the donor or graft sites. Weakness caused by transfer of the 
donor muscle can also occur. Due to loss of the medial gastrocnemius, patients 
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have reduced plantar flexion strength of the involved ankle; however, given the 
extent of the associated knee problems, the functional limitations due to loss of 
the medial gastrocnemius may be relatively minor. Cosmesis can also be an issue as 
the flaps may be quite bulky; however, this concern must be considered relative to 
the presenting problem. Occasionally, debulking or thinning of a mature flap will be 
undertaken where atrophy of the muscle was less than anticipated. 


Surgical Exposure 

In addition to the specialized plastic surgery techniques that may be required in 
revision TKA, the orthopaedic surgeon must also be aware of the techniques that 
allow adequate surgical exposure to be obtained during the knee procedure in a 
manner that minimizes risks to the skin and extensor mechanism. If an 
intraoperative extensor mechanism disruption occurs during revision TKA, or if a 
preoperative extensor mechanism failure is known to exist, the surgeon must also 
be aware of the techniques used to address these problems. Simple repair, 
especially when associated with chronic extensor mechanism disruption, has a very 
poor track record, and the alternative reconstructive options are described 
following. 


General principles to optimize wound healing and avoid complications include 
meticulous soft tissue handling in every case. Prolonged local tension from self- 
retaining retractors or from vigorous stretching due to attempts to perform mini- 
incision surgery should be avoided; in addition, undermining along the margins of 
the incision should be minimized. Intraoperatively, the importance of optimizing 
component positioning to avoid the need for a lateral patellar release that is 
associated with increased wound problems is also important. The use of a 
tourniquet is controversial, but evidence suggests that postoperative tissue 
oxygenation is reduced in patients in whom a tourniquet is used. Certainly, in 
patients with significant peripheral vascular disease, especially those in whom 
either a bypass has already been performed, or the lateral radiograph shows 
extensive calcification of the popliteal vessels, consideration should be made to 
perform the knee replacement without a tourniquet. In addition to the previously 
noted principles, numerous techniques exist for facilitating surgical exposure and 
relieving tension on the extensor mechanism to reduce the risk of iatrogenic tendon 
rupture or patellar fracture. These techniques, along with the results and 


complications that are specific to each, are reviewed following. All of these 
procedures, except where noted, are performed during revision TKA with the 
patient positioned in the supine position. The specific techniques are described 
generally progressing from less extensile to more extensile. 


Medial Parapatellar Arthrotomy and Proximal Tibial Peel 


The medial parapatellar arthrotomy allows the optimal exposure in revision TKA 
and is versatile as it is compatible with each of the more extensile exposures 
detailed in subsequent sections. The arthrotomy is begun at the proximal end of 
the quadriceps tendon approximately 6 to 8 cm proximal to the superior pole of the 
patella (Fig. 27-5). The arthrotomy is extended distally approximately 3 to 5mm 
lateral to the medial border of tendon. At the superior pole of the patella, the 
arthrotomy is curved around the medial 

P. 338 
border of the patella and then continued distally along the medial edge of the 
patellar tendon. Next, the periosteum of the medial tibia is elevated sharply 
beginning at the medial border of the arthrotomy at the level of the joint. Working 
medially and distally, the entire medial periosteum is elevated approximately 5 to 
7 cm distally. A periosteal elevator can be used once the flap of periosteum has 
been raised. At this stage the knee is flexed and the tibia is gradually externally 
rotated while the sub-periosteal elevation is continued all the way to the 
posteromedial corner. In many cases where this tissue plane was not violated in the 
primary replacement, the semi-membraneosus Insertion on the posteromedial 
corner will be well defined, and this expansile insertion should be released in the 
sub-periosteal plane. As the dissection is continued to the posterolateral corner, 
and the tibia is externally rotated, the tibia will sublux from underneath the femur. 
In many cases, this will allow access to the modular tibial polyethylene. Once 
exposed, the tibial insert can be removed; this maneuver relaxes the flexion and 
extension gaps and usually improves the exposure. This exposure should be 
incorporated into every revision and provides the foundation for obtaining 
adequate visualization and access in order to safely remove the existing 
components and reconstruct the knee. 


—-—-— Medial parapatellar 
arthrotomy 


Insall modification of 
the V-Y quadriceps 
turndown 


Quadriceps snip 





FIGURE 27-5 The medial arthrotomy (dashed line) is the standard exposure for 
revision TKA. This can be extended with a quadriceps snip (solid line) if the 
extensor mechanism is tight. The Insall modification of the V-Y quadriceps 
turndown (dotted line) allows extensile exposure in the stiff knee but is 
associated with postoperative extensor lag. 


Quadriceps Snip 


Technique 
The quadriceps snip, originally promoted by Dr. J ohn Insall, facilitates the exposure 


of stiff knees in the primary and revision setting. This technique is a proximal 
extension of a medial parapatellar arthrotomy (see Fig. 27-5). Beginning at the 
proximal apex of the standard arthrotomy, the incision is extended proximally and 
laterally at a 45-degree angle into the fibers of the vastus lateralis. This extension 
not only relieves the tension on the extensor mechanism in a stiff knee that can aid 
in exposure of the joint, but also allows the patella to be everted more easily 
during patellar preparation if this is required. The arthrotomy and this proximal 
extension are closed in routine fashion once the arthroplasty has been performed. 
In distinction to many of the alternative techniques for optimizing exposure in 
difficult cases, there is no need to modify or restrict postoperative rehabilitation. 
Indeed, patients in whom the quadriceps snip has been used may participate in 
standard TKA 


rehabilitation protocols. While this technique allows adequate exposure in most 
circumstances, in particularly stiff or difficult cases, additional measures may be 
required. In these extreme cases, a tibial tubercle osteotomy can be used even 
after a quadriceps snip has already been performed. 


Results 


Insall's clinical experience in 16 patients who had bilateral TKA with a quadriceps 
snip on only on one side has been reported. In these patients, no differences in 
quadriceps strength were observed postoperatively between the two sides. Ina 
similar study, no difference was identified between patients who had undergone a 
quadriceps snip, versus those in whom a standard medial parapatellar arthrotomy 
had been performed. 


Tibial Tubercle Osteotomy 

This technique, popularized by Whiteside, facilitates exposure in even very stiff 
knees. In addition, the tibial tubercle osteotomy can allow access to the tibial 
canal that may be helpful in revision or infected TKA when well-fixed stemmed, 
tibial components must be removed. This technique involves first incising the 
medial periosteum along the medial border of the patella tendon for approximately 
6 to 7 cm distal to the joint line. The osteotomy is then performed with an 
oscillating saw from medial to lateral, creating a wedge of bone that is 
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approximately 2 cm wide and 6 to 8 cm long. The osteotomized wedge should taper 
from a thickness of about 1 cm proximally, to the level of the anterior cortex 
distally. This minimizes the stress riser in the anterior tibia, especially at the distal 
end. In addition, at the proximal end, a step cut should be created about 1 cm 
distal to the joint line. This step acts as a buttress that helps to resist proximal 
migration of the osteotomized wedge after it has been reattached at the end of the 
case. Proximal migration is also resisted by the lateral periosteum and musculature 
that should remain attached to the osteotomized piece. During the revision knee 
arthroplasty, the lateral soft tissues act as a hinge that allows the osteotomized 
segment to be everted and displaced laterally. At the time of closure, three to four 
18-gauge wires are used for fixation. The wires are passed through drill holes in the 
medial tibia and then brought up through the lateral aspect of the tubercle shingle. 
They are then brought distally and medially over the tibial crest and tightened on 
the medial side of the tibia. Tightening the wires pulls the osteotomy distally. The 
arthrotomy is then closed in a standard fashion. In most cases, we favor bypassing 
the tibial tubercle with a stemmed component. If a cemented stem is used, it is 
helpful to remember to pass the wires before insertion of cement. 


Results 

Advantages of the tibial tubercle osteotomy versus the V-Y quadriceps turndown 
include a lower incidence of extensor lag and quadriceps weakness. Whiteside 
reported his experience with this technique in 136 patients; only two patients 
experienced a residual extensor lag. Another advantage of this technique is that if 
rigid fixation is obtained, full weight bearing and unrestricted range of motion are 
allowed postoperatively. Reported complications of tibial tubercle osteotomy that 
are not noted with the quadriceps turndown include proximal migration of the 
osteotomized tubercle, patellar tendon disruption, and tibial shaft fractures. 
Despite these unique problems, we favor the use of tubercle osteotomy when 
adequate exposure cannot be obtained with a standard arthrotomy and quadriceps 
snip. 


V-Y Quadriceps Turndown 


Technique 


The V-Y quadriceps turndown was originally described by Coonse and Adams and 
subsequently modified by Insall. In both techniques an inverted V-shaped flap 
incorporating the quadriceps tendon is created. Insall's modification described 
creating a second incision beginning at the apex of a standard medial parapatellar 
arthrotomy that is extended distally and laterally at a 45-degree angle along the 
tendinous portion of the vastus lateralis (see Fig. 27-5). In addition to allowing 
excellent exposure, the inverted V of tissue may be lengthened at the time of 
closure, forming an inverted Y shape. 


Results 


Although this technique allows excellent exposure and releases excessive tension on 
the extensor mechanism during surgery, patients may develop an extension lag 
postoperatively. Trousdale et al reported the Mayo Clinic experience with this 
technique. Patients who had undergone bilateral TKA with a V-Y quadriceps 
turndown in one knee, and a standard medial parapatellar arthrotomy in the 
contralateral knee, underwent postoperative strength testing. In these patients, 
the results did not show any statistical differences between the strength of the two 
legs. However, 5 of 14 patients with the V-Y quadriceps turndown had a persistent 
extensor lag. Furthermore, use of the V-Y quadriceps turndown requires alterations 
in the postoperative rehabilitation protocol that includes 
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restricted range of motion, use of a brace, and partial weight bearing for about 6 
weeks. Due to the high rate of lag, and the increased recovery time associated with 
the use of the V-Y turndown, we favor the use of the tibial tubercle osteotomy 
when a quadriceps snip does not provide adequate exposure. 


Femoral Peel 


Technique 


Windsor and Insall described the femoral peel as a useful technique for exposing an 
ankylosed knee. Initially, the proximal medial tibia is exposed subperiosteally, 
preserving the origin of the medial collateral ligament on the femur. Then, the 
distal femur is skeletonized by subperiosteal dissection, and the soft tissue sleeve is 
preserved medially and laterally. 


Results 

Although the soft tissue sleeve, including the medial and lateral stabilizing 
structures, is preserved, joint stability may be compromised by the extensive 
dissection; in these cases, a constrained knee prosthesis implant may be required. 


Quadriceps Tendon Rupture 


Technique 


Fortunately, the incidence of quadriceps tendon rupture after TKA is very low with 
approximately 1 case per 1,000 reported, as this problem has proven to be difficult 
to manage. In distinction to the native knee, where primary repair of the tendon to 
its attachment on the superior pole of the patella with nonabsorbable sutures 
passed through vertical tunnels in the patella has proven quite successful, the same 
results have not been achieved in the setting of TKA. Therefore, the preferred 
technique includes a repair of the tendon with augmentation of the repair using 
autologous hamstring tissue or a synthetic mesh. First, the distal end of the tendon 
is resected back to healthy tissue. Then, two No. 5 nonabsorbable sutures are 
woven through the avulsed tendon in a Krackow-type technique and passed through 
vertical tunnels in the patella using a suture passer or straight needle. These 
sutures are then tied with the knee completely extended. An autologous 
semitendinosus or gracilis graft, or a synthetic surgical mesh, is then used to 
augment the repair. Postoperatively, the patient is immobilized in full extension 
for 6 to 8 weeks; motion is then increased by 30-degree increments at 2-week 
intervals, with the goal of 90 degrees by 3 months postoperatively. During this 
time, the leg is protected in a hinged brace. Patients with postoperative partial 
quadriceps tendon rupture after TKA can be adequately managed by the same 
nonoperative protocol as described for those patients with complete tears who 
have undergone surgical reconstruction. 


Results 

Patients with partial quadriceps tears after TKA treated nonoperatively, as 
described previously, have generally done well, with all seven patients in one 
recent large series achieving good results. In distinction, nonoperative treatment 


for patients with complete quadriceps tears has been poor, with patients generally 
requiring drop lock knee braces to ambulate. Furthermore, patients with complete 
tears treated with simple repair alone also had poor results. Six of 10 patients in 
this group had unsatisfactory outcomes, including four reruptures. Other 
complications included knee recurvatum and instability, and deep infection. These 
generally dismal results prompted the changes in surgical techniques noted 
previously. 


Patellar Tendon Disruption 


Technique 


In association with TKA, postoperative patellar tendon rupture is an uncommon but 
potentially catastrophic complication that presents a difficult reconstructive 
problem. Nonoperative management is associated with loss of extensor power in 
the involved extremity, usually requiring the use of a drop lock brace or walker. 
Surgical intervention has also been associated with poor results when simple repair 
has been attempted. More recently, successful salvage of a functional extremity 
has been made possible with allograft reconstruction using an entire extensor 
mechanism. The technique is performed through a midline incision when possible. A 
midline arthrotomy passing over the medial patella allows the native patella to be 
shelled out from the retinaculum. If the prior patella has fragmented and there are 
numerous thin fragments of bone embedded in the soft tissue sleeve, these may be 
left in situ to prevent causing extensive damage to the retinaculum. Distally, over 
the proximal tibia the native tendon remnants and retinacular tissue should be 
elevated sub-periosteally, both medially and laterally, for a distance of 7 to 10 cm 
from the joint line to expose the entire tubercle area. This exposure creates two 
sleeves of tissue that will be closed over the allograft at the end of the procedure. 
If revision TKA needs to be simultaneously performed, the procedure 
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is then performed at this stage. It is important to ensure that component 
positioning is optimal to minimize stress and shear forces on the graft. 


Preparation of the host site begins with creating a trough about 6 cm long and just 
under 2 cm wide and deep with a burr, saw, or osteotome close to the location of 
the native tubercle. If possible, a bridge about 1.5 to 2 cm high should be left 


between the tibial surface proximally and the proximal end of the trough, although 
in some revision TKA cases this may not be possible when the bone is deficient. The 
proximal end of the trough should have an oblique cut that creates a small 
overhang that will lock in the bone block of the graft and resist proximal migration 
due to the pull from the quadriceps. 


While the host site is being prepared, a second team prepares the allograft. The 
fresh frozen, extensor allograft must include a tibial bone block that is at least 6 to 
8cm long and 2 cm wide and deep, the entire patellar tendon, the patella, and at 
least 5 to 6 cm of the quadriceps tendon. Distally, a block about 6 cm long and 2 
cm wide and deep is prepared. The prepared block should be slightly larger than 
the trough in the host tibia to facilitate a solid press fit. The proximal end of the 
block should also have an oblique cut that is directed proximal and posteriorly that 
will help lock in the block, as previously noted (Fig. 27-6). In the proximal part of 
the allograft, two No. 5 nonabsorbable braided sutures are stitched through the 
medial and lateral portions of the quadriceps tendon using a Krackow technique. 
The free ends of the suture should exit from the proximal end of the quadriceps 
tendon. 


Insertion of the graft begins by weaving two additional No. 5 nonabsorbable sutures 
into the distal end of the native medial and lateral quadriceps tendon remnants 
using a Krackow technique. Next, the bone block is gently press fit and tamped into 
the trough. The proximal portion of the bone block should first be wedged under 
the oblique step in the native bone, and then the distal end gently impacted to 
ensure the best fit. If the bone block needs to be trimmed at this stage, either a 
burr or bone rongeur can be used. Once the block is tapped in place, the block is 
fixed with two bicortical screws that should be countersunk. Certainly, use of 
screws creates stress risers in the graft and theoretically increases risk of graft 
resorption or weakening; however, loss of fixation anecdotally appears to be 
reduced. Alternatively, two or three 18-gauge wires can be used, as is customary 
with a standard tibial tubercle osteotomy. However, in these allograft cases, the 
surgeon must ensure that the proximal lock between the block and trough that is 
produced by the oblique cuts is solid, or proximal migration may occur. Lack of the 
native lateral soft tissue attachments that help resist proximal migration of the 
block with a standard tubercle osteotomy, as well as longer time to union, are 
perhaps reasons why the risk of migration may be higher in these allograft cases. 


After the block is secure, the sutures that were previously woven through the 
allograft quadriceps tendon are pulled 
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proximally by an assistant. While under maximum tension, these sutures are passed 
under, and then up through the native quadriceps tendon remnants. The native 
tissues are simultaneously pulled distally using the other Krackow-type sutures that 
were previously woven through the medial and lateral sleeves (Fig. 27-7). While the 
knee is held in full extension and maximal proximal and distal forces are applied, 
the sutures that are attached to the allograft quadriceps tendon are tied. 
Additional No. 5 sutures are then placed into the native and allograft tendon to 
stitch the graft in place. The native medial and lateral tissue sleeves are then 
closed over the allograft in a a€cepants over vesta€* technique using a combination 
of 0 and No. 1 sutures. 





FIGURE 27-6 The trough in the host tibia should be made with a proximal 
overhang underneath which the oblique cut of the extensor allograft bone 
block can be wedged. 





FIGURE 27-7 The extensor allograft should be tensioned and sutures tied with 
maximal proximal and distal directed forces applied to the allograft and native 


quadriceps, respectively. 


Postoperatively, these patients are immobilized in full extension in a well-fitting 
brace or cylinder cast for 6 to 8 weeks. Factors including the patient compliance, 
shape of the leg, and wound care issues must be considered in selecting the 
optimal method of immobilization. Patients may ambulate with partial weight 
bearing during this period. After 6 to 8 weeks, flexion is advanced by 30 degrees 


every 2 weeks, with the goal of 0 to 90 by 3 months postoperatively. Typically, a 
hinged knee brace with flexion stops is used to protect the patient during this 
period and the brace is locked in full extension during ambulation. 


Results 
The results of simple repair of patellar tendon ruptures after TKA have been poor 
with high failure rates. Furthermore, early attempts at patellar tendon 
reconstruction after TKA, using extensor allografts with techniques that tensioned 
the graft in varying degrees of flexion, have also been associated with high rates of 
extensor lag. Other complications of all techniques include infection and wound- 
healing problems. However, knee stiffness has not been a significant concern, and 
changes in the intraoperative technique, described previously, that emphasize 
tensioning the graft in 
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maximal flexion, in conjunction with prolonged immobilization in extension 
postoperatively, have been associated with better results. Burnett et al reported 
Clinical failures, with an average lag of 59 degrees, in all seven patients in whom 
the graft was minimally tensioned. In the subsequent 13 patients in whom the graft 
was maximally tensioned, all were successes with a mean of only 4 degrees lag. 


Postoperative Management 

A number of factors have been reported to influence postoperative wound healing 
after TKA. Many of these factors include the same systemic conditions that need to 
be optimized preoperatively. Similarly, postoperatively, it is imperative that 
significant pulmonary disease and anemia, in addition to tobacco smoking, are 
aggressively managed to maintain optimal tissue oxygenation. Furthermore, 
nutritional requirements must be met, and management of diabetes should 
maintain blood glucose levels within tight control. When possible, immune- 
modifying medications should be held until primary wound healing has occurred. In 
addition to these factors, other factors specific to the postoperative period should 
be considered, especially in patients with other significant risks. Tight dressings 
should be avoided as these may compromise local capillary flow. Use of a 
continuous passive motion machine for extended periods should be avoided in any 
patient at risk for wound-healing problems, as flexion beyond 40 degrees is known 


to reduce the tissue oxygenation along the lateral wound, and greater than 60 
degrees also compromises medial tissue oxygenation. Indeed, immobilization should 
be instituted in patients that develop problem wounds. Development of a 
significant postoperative hematoma may also reduce tissue oxygenation; in cases 
where wound-healing problems occur in conjunction with a hematoma, surgical 
drainage should be carefully considered. 


When wound-healing problems occur, the problem should be carefully followed and 
aggressively managed to avoid secondary bacterial seeding of the joint. Small areas 
limited to 1 to 2 mm of marginal superficial skin necrosis that involves short 
segments of the wound (<1 to 2 cm) may be observed and treated with local wound 
care in the absence of infection. In these cases, immobilization should be used and 
activity minimized until the margins of the wound have declared themselves. 
Wound breakdown or full-thickness necrosis should be debrided early, and one of 
the previously described soft tissue coverage procedures should be used. 


Prolonged wound drainage, without wound breakdown, should also be aggressively 
managed. Significant serous drainage beyond 3 or 4 days should be managed with a 
compressive (but not tight) dressing, immobilization, and bed rest. Failure to 
respond within 48 hours should prompt surgical drainage if a seroma is suspected. 
In cases where there is significant bloody drainage, initial treatment is the same as 
for serous drainage. However, in this second group of patients, persistent bloody 
drainage after TKA is suggestive of capsular dehiscence. Failure to respond to non- 
surgical treatment should prompt a return to the operating room for an evacuation 
of the hematoma and closure of the arthrotomy. Certainly, substantial drainage 
beyond a week from surgery should cause concern and requires careful observation 
and early intervention if quick resolution doesna€™t occur. 


Summary 

In order for successful revision TKA to be accomplished, early wound healing is 
required. Numerous factors in the preoperative, intraoperative, and postoperative 
periods can influence this process. While many of these factors are beyond the 
control of the orthopaedic surgeon, many are not. Careful preoperative evaluation 
helps identify and manage potential problems to minimize the risks. Furthermore, 
the orthopaedic surgeon needs to be aware of the plastic and orthopaedic surgery 
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Chapter 28 


The Pedicled Soleus Muscle Flap for 
Coverage of the Middle and Distal Third of 
the Tibia 





Salvatore C. Lettieri 


Steven L. Moran 


Soft tissue defects involving the middle and lower third of the leg may occur 
following trauma, tumor extirpation, and osteomyelitis. Anteriorly the skin and 
subcutaneous tissue overriding the middle third and lower third of the tibia are thin 
and exposed bone and tendon may result from soft tissue injury or open fractures. 
Historically, middle third defects have been covered with the pedicled soleus 
muscle flap, while attempts have been made more recently to extend to soleus flap 
to cover defects of the lower third of the leg. 


The soleus muscle, according to the Mathes and Nahai schema, is a type II muscle, 
containing dominant pedicles from the popliteal, peroneal, and posterior tibial 
arteries and minor segmental pedicles from the posterior tibial artery. The muscle 
lies in the superficial posterior compartment extending the entire length of the 
lower leg. The soleus originates from the posterior surface of the tibia, the 
interosseous membrane, and the proximal third of the fibula. The muscle runs deep 
to the gastrocnemius muscle in the upper third of the leg (Fig. 28-1). In the middle 


third of the leg, the muscle joins with the gastrocnemius muscle and is adherent to 
the calcaneal tendon. The soleus is a bipennate muscle with the medial and lateral 
muscle bellies each receiving an independent neurovascular supply; this allows the 
lateral and medial portions to be mobilized independently while preserving some 
function within the remaining soleus muscle. The medial head originates from the 
tibia and receives the majority of its blood supply from the posterior tibial artery. 
The lateral head originates from the fibula and receives the majority of its blood 
supply from the perineal artery, although 16%of muscles may be nourished entirely 
by the posterior tibial artery. The lateral and medial heads are fused proximally 
while a septum divides the muscle distally. This septum is an extension of the 
calcaneal tendon and soleus tendon. Dividing the muscle longitudinally at the level 
of the septum allows for the elevation of the medial and lateral hemi soleus flaps. 


In the distal one third of the muscle, the soleus receives segmental arterial 
perforators from the posterior tibial artery (Fig. 28-2). These distal perforators may 
be absent in up to 26%of patients; in these cases distal perfusion to the muscle is 
provided by axial blood flow from more proximal perforators. The diameter and 
position of these distal perforators is variable but, if present and of large enough 
caliber, these perforators can allow for a portion of the muscle to be harvested ina 
reverse 


fashion. The muscle may then be rotated 90 to 180 degrees, based on its distal 
perforators, allowing coverage of the lower third of the tibia and ankle region. 
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FIGURE 28-1 Schematic anatomy of the posterior leg showing the soleus 
located deep to the gastrocnemius muscle bellies. The plantaris tendon helps 
define the plane between the soleus and the gastrocnemius muscle bellies. 
The blood supply to the soleus is from the popliteal, posterior tibial, and 
perineal arteries. 








FIGURE 28-2 The posterior tibial artery (PT) as it approaches the ankle gives 
off several arterial perforators (perfs) to the distal soles muscle. If these 
perforators are of adequate caliber the muscle can be dissected free and 
rotated as a distally based flap. 


The soleus functions to stabilize the ankle and assist in plantar flexion. The muscle 
works synergistically with the gastrocnemius and tibialis posterior muscle to provide 
plantar flexion, while the flexor hallucis longus, flexor digitorum longus, and 
tibialis posterior all help to provide ankle stability and resist dorsiflexion. 


Indications/ Contraindications 

The primary indication for the use of the soleus muscle flap is coverage of soft 
tissue defects in the middle third of the leg. Distal third defects have historically 
been covered with a free flap; however for small defects and in patients with 
significant comorbid disease, which would prohibit prolonged anesthesia times, a 
reverse soleus muscle flap may be considered as an alternative to free tissue 
transfer. 


There are several factors which may prohibit the successful transfer of the soleus 
muscle and these are: 


e Size of the defect 
e Status of the muscle 
e Status of surrounding tissue and bone 


e Size and location of existing perforators 


Size of the Defect 


The soleus muscle has a limited surface area and a limited arc of rotation (Fig. 28- 
3). Large defects occupying the majority of the middle third and lower third of the 
leg are best covered with free tissue transfer. In addition, the distal aspect of the 
muscle can be unreliable if it must be stretched or inset under significant tension. 
In such cases, alternative methods of closure should be considered or the soleus 
may be used in conjunction with another flap. 


The soleus can be used in conjunction with the medial or lateral gastrocnemius 
muscles for larger defects spanning the upper aspect of the lower leg, but this will 
compromise remaining plantar flexion (Fig. 28-4). When the defect is so large as to 
require more than just the soleus and medial gastrocnemius flaps, a free flap 
should strongly be considered as a means of soft tissue coverage and preservation 
of remaining posterior compartment function. Defects which are to be covered 
with a reversed soleus muscle flap should be less than 50 cm? while the standard 
soleus flap can cover most defects under 75 cm?. 


Status of the Muscle 

Because the soleus muscle is closely adherent to the deep posterior surface of the 
interosseous membrane, tibia, and fibula, it can often be significantly traumatized 
following comminuted fractures of the tibia and fibula. During initial wound 
evaluation and debridement the muscle can often be inspected through the soft 
tissue defect. If the muscle is significantly lacerated by fracture fragments or 
contains a significant amount of intramuscular hematoma, it is most prudent to use 


another flap for soft tissue coverage. In addition, any associated injury to the 
popliteal, peroneal, or posterior tibial arteries can adversely affect the survival of 
the soleus muscle. 


Status of Surrounding Tissue and Bone 

Preexisting damage to the surrounding skin and deeper tissue of the middle third of 
the leg are also a relative contraindication to soleus muscle flap use. A history of 
previous radiation therapy, previous surgery, or penetrating trauma to the area 
surrounding the middle third of the leg should alert the surgeon to potential 
problems with the use of this flap. The soleus muscle has been shown to provide a 
source of collateral arterial flow between the posterior tibial and perineal arterial 
systems. In patients with vascular occlusions of the perineal or posterior tibial 
arteries, use of the soleus muscle may further compromise limb vascularity. 


Size and Location of Existing Perforators 

Indications for use of the soleus for distal third defects are based on the work of Pu 

and include (a) defect size less than 50 cm, (b) defects located over the anterior or 

medial portion of the distal tibia, 
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(c) the presence of large perforators in distal 4 cm to 5 cm of muscle and (d) a 

soleus muscle which is nontraumatized on initial exploration (4,5,6). If these 

factors are met a reversed hemi soleus flap may be attempted for lower third 

defects, otherwise a free flap is chosen for distal third defects. In addition, 

patients who have a smoking history, peripheral vascular disease, and history of 

lower leg radiation therapy should be considered high risk for a reversed soleus 

muscle flap. 
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FIGURE 28-3 A-C: The soleus muscle (S) runs anterior to the gastrocnemius 
muscle (G) and to the area just proximal to the medial malleolus. The arc of 
rotation of the medially based soleus muscle is limited due to its deep origin 
and broad proximal attachments. This makes coverage of more laterally and 
inferiorly based middle third defects difficult. The solid red line shows the 
actual safe arc of rotation for the medially based soleus muscle flap, with the 
dashed line depicting the superior and inferior margins of the a€cemiddle 
thirda€ of the leg. 





FIGURE 28-4 A-C: This large defect is easily covered by elevating both the 
medial gastrocnemius muscle and the soleus muscle. 


Preoperative Planning 

Close inspection of the lower leg is necessary prior to surgery. Even though the 
soleus occupies the same compartment as the gastrocnemius, it can be more 
significantly damaged in open fractures due to its adherence to the tibia and 
interosseous membrane. If there is significant ecchymosis or swelling of the 
posterior compartment, in conjunction with significant displacement of the tibia 
and fibula on lateral radiographs, one must assume significant damage to the soleus 
muscle. In this case, free tissue transfer would provide a better alternative for 
coverage of the middle third of the tibia. If the patient has had previous surgeries, 
such as fasciotomies for trauma, this may also preclude reliable rotation of the 
flap, since the level of the fasciotomies and also the location of the injuries may 
have injured the underlying flap (Fig. 28-5). 


A noninvasive vascular exam should be performed on the lower leg, verifying 
patency of the posterior, peroneal, and anterior tibial arteries. If the patient has a 
history of significant peripheral vascular disease or long standing diabetes, a CT 
angiogram may verify patency of the posterior and perineal arteries prior to flap 
transfer. 


Surgery 


Patient Positioning and Surgical Preparation 
The patient is placed in the supine position for anterior defects, the lateral 
decubitus position for lateral defects, and prone for posterior defect coverage. As 
part of the surgical preparation, the entire 
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lower extremity is prepped and draped in the usual fashion. For anterior midtibial 
defects, a sterile a€cebumpa€e is placed beneath the distal thigh region to allow 
for slight external rotation of the leg and bending of the knee; this can facilitate 


identification of the muscle. The muscle may be harvested with the use of spinal or 
general anesthetic. A tourniquet on the upper leg allows for a relatively bloodless 
field during muscle dissection. 








FIGURE 28-5 This patient had lower leg fasciotomies performed at the time of 
the original tibial injury. The patient now presents with osteomyelitis and 
exposed hardware over the middle third of the tibia. The defect is located 
within the arc of coverage of the medial soleus muscle flap; however, there is 
significant scarring and injury to the superficial posterior compartment 
secondary to the fasciotomies and previous split thickness skin grafting. 
Because of concerns of the reliability of the soleus muscle in this situation, 
this patient underwent coverage of exposed hardware with a free tissue 
transfer. 











Technique 


Medial and proximally based soleus flap 
The soleus is harvested through an incision which runs from the upper third of the 
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leg to just above the medial malleolus. The incision is made 2 cm to 3 cm posterior 
to the medial palpable margin of the tibia. The defect site is incorporated into this 
incision (Fig. 28-6). Skin bridges are avoided. Dissection is carried down to the 
investing fascia of the superficial posterior compartment. The saphenous vein is 
identified and preserved during the dissection. The deep fascia is then opened 
longitudinally to expose the posterior compartment. 


The muscle itself is most easily identified proximally deep to the gastrocnemius 
muscle. The plane between the two muscles is relatively avascular with the 
exception of some small perforators which may be ligated. The plantaris runs in the 
plane between the two muscles and can be used as a landmark in cases of severe 
trauma where hematoma may obscure the tissue planes. 


The soleus fuses with the calcaneal tendon in the middle third of the leg. Here, 
Sharp dissection is required to separate the soleus from the common calcaneal 
tendon as it extends towards the heel. 


This dissection is aided by placing medial traction on the edge of the Achilles 
tendon with the use of several clamps (Fig. 28-7). In the distal aspect, the muscle 
readily separates from the calcaneal tendon. Dissection from the calcaneal tendon 
is carried to the midline raphe for hemisoleus elevation. The midline septum does 
not extend the entire length of the muscle but should be used as guide for 
hemisoleus elevation. Once the soleus is elevated from the calcaneal tendon, the 
space between the gastrocnemius muscle and the soleus muscle is easily entered 
and there is a transverse junction point which is easily cut with scissors or a knife. 
This will free the entire posterior aspect of the soleus muscle. 
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FIGURE 28-6 A: A middle third defect in the right leg of a 66 year old diabetic 
woman following a Gustilo type IIIB fracture of the tibia. The fracture has 
been stabilized with an intramedullary rod and the wound has been covered 
with an antibiotic beads pouch following initial debridement at the time of 
fracture fixation. B: An incision is made slightly posterior to the medial tibial 
margin and then carried inferiorly. The open wound is incorporated into the 
incision to avoid creating a skin bridge. C: The soleus muscle (S) has been 
dissected free of the calcaneal tendon (C) and separated from the 
gastrocnemius muscle (G) and flexor digitorum longus muscle (FDL). D: Large 
perforators from the posterior tibial artery can be seen entering the muscle. 
E: The muscle is now divided at its distal attachment and pedicled to cover 
the open defect. Because the soleus is elevated off the common calcaneal 
tendon the superficial surface of the muscle is devoid of fascia. The muscle is 
a€oefanned outa€* and inset with half buried absorbable sutures. F: The donor 
incision is closed up to the rotated muscle and the exposed muscle is covered 
with a split thickness skin graft. G,H: At 2 months the patient has a well 
healed wound with excellent contour. 











FIGURE 28-7 A: Picture of a middle to lower third Gustilo IIIB injury following 
a motor vehicle accident in a 58 year old man. The soleus has been separated 





from the flexor digitorum longus as well as the gastrocnemius muscle. The 
muscle has just been divided distally and a stay suture has been placed in the 
distal aspect of the muscle. B: A Carroll elevator is used to facilitate 
dissection of the soleus muscle off the common calcaneal tendon as medial 
traction is applied to the edge of the tendon with Alice clamps. C: The muscle 
is dissected proximally until enough length is available for defect coverage. 
Large arterial perforators from the posterior tibial artery are preserved to 
perfuse the flap (p). D,E: The flap is then pedicled into position and covered 
with a split thickness skin graft. 


The posterior tibial artery is identified in the plane between the soleus and flexor 
digitorum longus. Inferiorly a finger can be passed beneath the soleus muscle but 
superficial to the posterior tibial vessels. A cautery is then used to separate these 
medial attachments of the soleus to the tibia. Once the medial aspect of the 
muscle is mobilized, the space between the soleus and the deep posterior 
compartments is readily opened with blunt dissection and the lateral aspect of the 
muscle is identified. 
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Once the posterior tibial artery and nerve are identified and the superficial and 
deep attachments of the muscle have been mobilized, the muscle may be divided 
distally. Distal perforators from the posterior tibial artery and perineal vessels are 
then sequentially ligated to allow for mobilization of the muscle. There can be 
multiple small diameter perforators off the posterior tibial artery; these vessels 
should be clipped or ligated and not cauterized, as thermal injury may be 
propagated to the posterior tibial vessels. 


Once the muscle has been completely elevated, it is rotated into position to cover 
the defect. Generally, the fascia on the deep surface is left attached to the 
muscle, but there will be no fascia on the superficial surface. Multiple half buried 
absorbable sutures can be used to a€cefan outa€* the muscle and inset it into the 
defect site. The distal incision is closed over a drain up to the point of muscle 
rotation. The muscle should not be tunneled as this can contribute to distal venous 
congestion within the flap (Figs. 28-6 and 28-7). 


The muscle flap is then immediately covered with a meshed skin graft taken from 
the upper thigh. Vaseline impregnated gauze or a Xeroform dressing are used to 
cover the skin graft. The leg is then placed in a large Robert-] ones type dressing 
with the addition of a posterior splint. A window is left in the dressing overlying the 
muscle so flap checks may be performed while the patient is recovering on the 
ward. 


Lateral and proximally based soleus flap 

Though the arc of rotation for this muscle is limited, the lateral approach can be 
advantageous for some lateral middle third defects. The incision is made just 
inferior to the lateral border of the fibula. The deep fascia is incised just below the 
fibula and the plane between the gastrocnemius muscle and soleus are created 
with blunt dissection. Distally the soleus is again sharply dissected from the 
calcaneal tendon. Deep proximal dissection involves separating the soleus from its 
tough attachments to the fibula. During proximal dissection one must be cognizant 
of the common perineal nerve running close to the fibular head. Once elevated, 
the muscle is inset as previously described. 


Reverse soleus muscle flap 


The reverse soleus muscle flap modification (Fig. 28-8) is used to cover small distal 
defects over the medial anterior aspect of the tibia or medial superior aspect of 
the medial malleolus (Fig. 28-9). The success of this operation is predicated on the 
presence of adequate caliber distal perforators from the posterior tibial artery. If 
during the surgical procedure these perforators are injured or are of insufficient 
quality the procedure must be abandoned and the defect should be covered with a 
free tissue transfer. A preoperative angiogram has been recommended by some 
authors to verify the position of the distal perforator prior to surgery. 


Dissection is performed under tourniquet control. The same incision is made as for 
the proximally based soleus flap (Fig. 28-9). The incision is 2 cm medial to the 
medial border of the tibia. The existing wound is incorporated into the incision. 
The medial portion of the soleus is identified as described above and is separated 
from the gastrocnemius muscle, calcaneal tendon, and the flexor digitorum longus 
muscle. The posterior tibial artery is identified and the distal perforators are 


examined. As many distal perforators should be preserved as possible but the 
authors have had success with the preservation of one or two perforators alone if 
they are of adequate caliber (vein greater than 1.5 mm and artery of 1 mm or 
greater). Once the perforatus are determined to be of adequate size, the soleus is 
then split at the level of the central raphe and divided at the junction of the 
proximal and middle third. The muscle is then divided longitudinally using the 
cautery or scissors until the inferior perforator is reached. The muscle is then 
rotated 90 degrees to 180 degrees. Additional arterial pedicle dissection may be 
required to prevent vessel kinking. The flap is then inset into the defect with half 
buried mattress sutures and covered with a split thickness skin graft (Fig. 28-9). 


Postoperative Management 

The patient should be maintained on bed rest in a posterior splint or knee 
immobilizer for one week. The bolster dressing may be removed on postoperative 
day 5 to ensure adequate skin graft a€cetake.da€* Until this time the flap ay be 
monitored through a window in the postoperative dressing. If the skin graft is 
adherent to the underlying muscle, the patient may begin to mobilize and bear 
weight as tolerated, barring any underlying fractures. Gentle range of motion 
should then begin, increasing the motion by 5 or 10 degrees per day. Ambulation 
can begin on the 10th post-surgical day. If the 


flap is inset under tension or if the healing environment is less than ideal, the knee 
immobilizer can be maintained for an additional week to prevent undue tension on 
the margins of the muscle flap. The drains are removed once drainage is less than 
30 cc a day. 
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FIGURE 28-8 Schematic drawing of the distally based reverse soleus flap. The 





flap's arterial supply is from perforators found at the distal portion of the 
posterior tibial vessels. If present these vessels may be used to supply a strip 
of soleus muscle which is cut from the medial margin of the soleus muscle. 




















FIGURE 28-9 A: A 61 year old female with a distal defect overlying the 
superior medial margin of the malleolus. An incision was made at the medial 
posterior margin of the tibia. B: The gastrocnemius (G), soleus (S) flexor 
digitorum longus (FDL) and calcaneal tendon (C) are identified. C: Exploration 
of the posterior tibial vessels, in preparation for free tissue transfer, revealed 
that the patient had two (p1 and p2) large distal perforators to the soleus 
muscle. Because of this the patient was felt to be an excellent candidate for a 
distally based soleus muscle flap. D: A medial strip of soleus is then elevated 
from the common calcaneal tendon, gastrocnemius muscle and flexor 
digitorum longus muscle. The nerve hook points to the preserved distal 
perforator. E: The muscle is then rotated 180 degrees to cover the distal 
defect. Care is taken to dissect the proximal perforator back to its origin on 
the tibial artery to prevent kinking of the artery or vein. F,G: The muscle is 
covered with a split thickness skin graft and the remaining portion of the 
external fixator is attached to provide needed stabilization. 


Once the original dressing is removed from the skin graft, dressings may be changed 
daily. This should include the application of topical antibiotic ointment and 
nonadherent gauze followed by a lightly compressive wrap to minimize edema. 
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How to make a batteryless (crystal set) radio 


By Sagar Sapkota - July 21, 2012 


CRYSTAL SET 


The simplest radio receiver, known as a Crystal Set, consists of nothing more than a 
coil, tuning capacitor, diode detector, and a pair of earphones. A typical circuit 
diagram for a Crystal Set Radio is given below where inductor or coil L1 is tuned by 
variable capacitor VC] to the transmitter frequency. Diode D1 demodulates the signal, 


which is fed straight to the earphones. There is no amplification. 
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Dependent leg position is limited to 30 minutes an hour for the first 2 weeks to 
minimize edema. On the third postoperative week the patient is fitted for 
compressive stockings which help the patient continue to manage lower extremity 
edema and help in the flap contouring. 


Rehabilitation 


Knee and ankle motion may begin once the skin graft is adherent to the underlying 
muscle bed. Weight bearing status is determined by the stability of the underlying 
fractures. 


Results 

In a study by Hallock of 29 soleus flaps, 24 of 29 flaps were used for coverage of 
high energy impact defects. All soleus muscle flaps in this study were based on a 
proximal pedicle. Complication rates were low (13.8% and there were no cases of 
total flap loss (1,2). Similar results were reported by Pu, who found no cases of 
total flap loss when the flap was based on a proximal pedicle for coverage of 
middle third tibial defects (3,4, 7,8). 


Complications 

Major complications include total and partial flap necrosis. Total flap loss can occur 
from injury to the vessels at the time of dissection, use of a flap which has been 
significantly injured with the surrounding bony trauma, or use of the flap ina 
situation where the posterior tibial vessels and peroneal vessels were compromised 
or injured. In such cases a free tissue transfer is often needed for leg salvage. 


Partial necrosis most often occurs at the distal most margin of the flap. If the 
partial flap necrosis results in exposure of vital structures, another flap will be 
required for coverage; most commonly a free flap is used but local fasciocutaneous 
advancement flaps may be used to cover smaller defects. If the bone is completely 
covered and the defect is just along the periphery, the wound may be debrided and 
treated with dressing changes. The remaining wound can then heal through 
secondary intention. 


Skin graft loss may occur due to infection or sheering. Such cases are treated with 
dressing changes until the underlying muscle bed appears capable of accepting 


another skin graft. Other minor complications include hematoma in the donor bed 
and injury to the tibial nerve or the posterior tibial vessels during flap dissection. 
Both complications may be avoided with meticulous hemostasis and clear 
identification of the anatomical landmarks prior to muscle division. Limitations in 
plantar flexion are minimized if the muscle is taken in isolation. 


Recommended Reading 
Beck | B, Stile F, Lineaweaver W. Reconsidering the soleus muscle flap for coverage 
of wounds of the distal third of the leg. Ann Plast Surg. 2003;50;631a€“ 635. 


Kauffman CA, Lahoda LU, Cederna PS, et al. Use of the soleus muscle flaps for 
coverage of distal third tibial defects. J] Reconstr Micro. 2004; 20:593a€"597. 
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The Sural Artery Flap 
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Indications/Contraindications 

Soft tissue defects of the lower one-third of the leg and the calcaneal region remain 
crucial issues. This area is easily susceptible to trauma, and defects of this area are 
commonly experienced in orthopaedic and trauma surgery. 


This region is characterized by tightness and limited mobility of the skin and, 
frequently, by poor circulation. Thus, chronic and diabetic ulcers, pressure sores, 
unstable scars, or chronic infection following Achilles tendon rupture or trauma 
surgery often occur in the distal parts of the leg. Furthermore, exposure of viable 
structures such as neurovascular bundles, tendons, bone, or osteosynthesis material is 
a common clinical occurrence due to the superficial course of these structures in the 
lower one-third of the leg. 


In these patients, vascularized soft tissue reconstruction is necessary if further soft 
tissue damage, with subsequent infection and a potential risk of osteitis, isto be 
prevented. Relatively few procedures for cutaneous coverage have demonstrated real 
effectiveness and an acceptable morbidity. In recent years, free microvascular tissue 
transplantation has become a reliable option among patients suffering from acute or 
chronic defects in the lower one-third of the leg. Free flaps such as the gracilis flap or 


the latissimus dorsi flap, as well as fasciocutaneous flaps (e.g., anterolateral thigh 
flap, parascapular flap, lateral arm flap, and free groin flap) are frequently performed 
for limb salvage. Despite the fact that free microvascular transplantation possesses 
the disadvantages of extensive surgery, sophisticated equipment, general anesthesia, 
and high costs, this procedure often remains the only option for reconstruction of 
large defects in this region for limb salvage (Fig. 29-1). 


For the coverage of smaller defects, alternative options such as pedicled flaps (e.g., 
flexor digitorum communis flap, medial plantar flap, [hemi-] soleus muscle flap, 
abductor hallucis flap, peroneal brevis flap, and lateral supramalleolar flap) have been 
developed (Table 29-1). In 1992, Masquelet et al. published their experimental work 
involving skin island flaps supplied by the vascular axis of sensitive superficial nerves. 
The distally based sural artery flap, which is perfused by reverse flow through the 
anastomosis between the superficial sural artery and the lowermost perforator of the 
peroneal artery, forms part of this group. One of the advantages of this thin 
fasciocutaneous flap is that it permits skin coverage with ideal contouring. Other 
advantages are that it can be performed quickly, the soft tissue coverage is durable, 
postoperative discomfort and donor site morbidity are minimal, and it is unnecessary 
to sacrifice major vessels. This flap has been used for the successful coverage of 
defects of the posterior and inferior surface of the heel, the Achilles tendon, the 
middle and distal one-third of the leg, and the dorsum of the foot and the laterala€” as 
well as mediala€” malleolus (Tables 29-2 and 29-3; Figs. 29-2, 29-3, 29-4). 


The sural artery flap is insensate and is not an option in cases in which sensitivity is an 
issue. Furthermore, the sacrifice of the sural nerve results in hyposensitivity of the 
lateral border of the foot. 


Because perfusion of large sural artery flaps (>9A— 12 cm) is unreliable, it is not 
deemed suitable for coverage of extensive defects of the lower one-third of the leg. 
Moreover, higher complication rates have to be anticipated in patients with 
comorbidities such as peripheral artery disease, diabetes mellitus, and venous 
insufficiency. The sural artery flap is contraindicated in patients with destruction of 
the vascular pedicle or the lowermost perforator of the peroneal artery (see Table 29- 
2). 


P.362 


D of the lower one third of the log with expo 
sure of functional anatomic structures 
Superficial detect Supericial detect Deep defect Deep detect with 
6 x 10cm “6 * 100m “6 x 100m oss00us Golect 
Potency of the s 


Micidie third of the leg 
Distal third of the fag 
Dorsurn of the foot 

Lateral malicotus 

Medial maloolus 





FIGURE 29-1 Treatment algorithm. Small superficial defects of the lower one- 
third of the leg can be treated by a sural artery flap if the defect size is smaller 
than 6 A—10 cm. Larger superficial defects can be reconstructed by 
fasciocutaneous free flaps, whereas deep defects, especially in combination with 
osseous, defects should be reconstructed by muscle flaps. Defects in the weight 
bearing area of the heel should be reconstructed by fascial sural artery flaps to 
prevent pathologic movement of the subcutaneous layer. For alternative pedicled 
flaps to the lower limb, see Table 29-1. 
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Table 29-1. Flaps and Their Indications According to 





Location 

Flap Indications 
Soleus flap Middle third of the leg 
Flexor digitorum communis Distal third of the leg 
flap 
Flexor hallucis longus flap Distal third of the leg 
Peroneus flap Achilles tendon 
Lateral supramalleolar flap Dorsum of the foot/ heel (non-weight 

bearing) 

Dorsalis pedis flap Foot/ distal third of the leg 
Extensor digitorum brevis Premalleolar area/ dorsum of the foot and 
flap toes 


Medial plantar flap Heel (weight bearing) 


Table 29-2. Advantages and Disadvantages of the 
Sural Artery Flap 


Advantages 


Disadvantages 





Constant anatomy 


Thin flap with ideal 
contouring 


Quick procedure 


Durable soft tissue coverage 


Low donor site morbidity 


Acceptable donor site scar in 
small flaps (<4 cm) 


No sacrifice of major vessels 


Increased morbidity in patients with 
comorbidities 


Sacrifice of the sural nerve 


Susceptible to venous congestion 


Insensate flap 


Split thickness skin grafts for donor site 
closure in large flaps (>4 cm) 








Table 29-3. Indications for Sural Artery Flap 
Reconstruction 


Healthy patients with no comorbidities (diabetes mellitus, peripheral artery 
disease, venous insufficiency) 
Skin and soft tissue defects up to 9 A—12 cm: 

Chronic and diabetic ulcers 

Pressure sores 

Chronic infection 

Traumatic defects 

Unstable scars 

Exposure of viable structures (neurovascular bundles, tendons, bone, 
osteosynthesis material) 
One of the following locations: 

Middle and lower third of the leg 

Posterior surface of the heel 

Inferior surface of the heel 

Achilles tendon 

Dorsum of the foot 

Lateral malleolus 

Medial malleolus 
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FIGURE 29-2 Male patient suffering from a combined soft tissue and osseous 


defect in the heel (A). After debridement, soft tissue reconstruction was planned 
by a sural artery flap (B). Flap transposition was performed to the defect (C) 
after flap harvest (D). Split thickness skin grafting of the donor site was 
necessary. Postoperative course and wound healing were uneventful (E,F). 
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A long (at least 20 metres), high (17 metres or more) aerial and a good earth (a buried 
biscuit tin or a metre of copper pipe driven into damp ground) are required in order 
to ensure audible headphone reception. The earphones originally used with these 
receivers had an impedance of around 4000 ohms and were very sensitive (and heavy 
and uncomfortable). They are no longer available, but a crystal earpiece, which relies 


on the piezoelectric effect, will give acceptable results. 


Low impedance ”Walkman’” type earphones are NOT suitable. 


Component details: 


Resistor- RX-4.7k, 0.25 W- only required if set is connect to audio amplifier 


Capacitors- Cl- 1OnF disc ceramic VC1- 5p to 140p, polythene dielectric variable 


capacitor. 


Semiconductors: D1: OA47 or IN34- Germanium Diode 


Miscellaneous: L1- Ferrite Rod, 1]OOmm(4 inch)x9mm/1Omm dia., with coil. 


Crystal earpiece and jack socket to suit; plastic control Knob; plastic insulated flexible 
cable for aerial wire, downlead and earth connection, 30 meters minimum; buried 


biscuit tin or 1 meter of copper pipe for earth system; 50gm reel of 26SWG enamelled 


copper wire, for tuning coil; card and glue for coil former; multistrand connecting wire; 


crocodile clips or terminals for aerial and earth lead connection; solder, etc. 
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FIGURE 29-3 A 34-year-old man with a chronic ulcer of the dorsum of the foot. A 
sural artery flap was planned to reconstruct the defect with exposed tendons 
(A,B). After complete flap harvest, the skin island is transposed to the defect 
(C,D). The skin over the pedicle is incised and split thickness skin grafted to 
reduce pressure on the nutrient vessels (E,F). The functional and aesthetic 
results are excellent 2 weeks post surgery (G) The functional and aesthetic 
results are excellent 2 weeks post surgery (H,]I).. 
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FIGURE 29-4 A 36-year-old woman with osteitis (above left). After debridement 
and application of an antibiotic chain (above right). Defect reconstruction was 
planned by a sural artery flap (upper left). After complete flap harvest, the 
pedicle is visible through the cural fascia, which has to be included in the flap 
(upper right). After transposition to the defect, wound healing was uneventful 
(below). 
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Preoperative Planning 

A thorough clinical and radiologic examination of the donor and the recipient sites is 
mandatory, and it is first necessary to estimate the size of the recipient site defect. 
There are no studies regarding maximum flap dimensions with regard to safety, but 
small and moderate-sized defects can usually be covered satisfactorily. Defects up to 9 
A— 12 cm have been successfully reconstructed using sural artery flaps. Radical 
debridement may result in an enlargement of the defect, and this should be taken into 
account in the preoperative planning. 


An examination of the patient's peripheral function should be performed to determine 
the total extent of the injury. Depending on the size and location of the defect, 
various functional structures may be exposed or destroyed. Changes in the normal 
resting position of the foot and toes will help identify the loss of continuity of lower 
extremity tendons, and traditional functional tests will confirm the loss of active range 
of motion. A careful examination of sensitivity and muscle function helps to evaluate 
the extent of the defect in terms of destruction of sensor or motor nerve components. 
Additionally, peripheral perfusion should be ascertained by simple palpation of pulses 
or by Doppler probe. If in doubt, an angiogram should be performed. If any of these 
structures have been destroyed, additional reconstruction procedures must be 
planned. In patients suffering from chronic or infected wounds or diabetic gangrene, 
additional osteitis or osteomyelitis must be considered and conventional radiographs 
and/ or magnetic resonance imaging (MRI) scans can help to prove the existence or 
extent of altered osseous structures. 
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Table 29-4, Preoperative Planning for Sural Artery 
Flap Reconstruction 


Clinical examination 

Defect size (after debridement) 

Peripheral function (to determine destruction of functional structures 
[nerves, tendons, blood vessels]) 
MRI or conventional radiographs of the recipient site (fractures, extension of 
osseous or soft tissue defects, osteitis) 
Examination of patency of the lesser sapheneous vein and peroneal artery 

Doppler ultrasound probe in healthy patients 

Conventional angiogram or MRI-angiogramm in comorbid patients 
Detailed information of the patient 

Sacrifice of the sural nerve (hyposensitivity of the lateral border of the 
foot) 

Neuroma formation 

Split thickness skin grafting of the donor site 


The sural artery flap pedicle should be examined preoperatively. In all patients the 
patency of the peroneal artery and the lesser saphenous vein is examined by palpation 
of pulses and Doppler probe. Additionally, the lowermost perforators between the 
peroneal artery and the flap pedicle can be examined 4 to 7 cm proximal to the tip of 
the lateral malleolus. In patients with comorbid conditions such as diabetes mellitus 
and peripheral vessel disease, flap perfusion may be particularly unreliable. In these 
patients, a conventional angiogram or an MRI-angiogram can be helpful in preoperative 
planning procedures. 


Finally, the surgeon should provide the patient with a detailed account of the surgical 
procedure. Information regarding the postoperative function, the possibility of 
persisting complaints, and donor site morbidity should be given. In particular, the loss 
of sensitivity of the lateral border of the foot and the possibility of neuroma formation 
as well as the potential necessity of donor site closure by split thickness skin grafting 


should be discussed (Table 29-4). 


Surgery 


Anatomy 

The reverse flow sural artery flap is based on the vascular network along the sural 
nerve. The nutritient artery is the superficial sural artery (SSA), which arises from the 
popliteal artery proximal to the medial and lateral sural arteries in about 65%of cases, 
directly from the medial (20% or lateral (8% sural artery, or sometimes from the 
common stem of origin of the two. The artery courses posteriorly for 2 to 3 cm before 
joining the medial sural nerve descending between the two heads of the gastrocnemius 
muscle. The medial sural nerve anastomoses with the communicating branch of the 
lateral sural nerve to become the sural nerve. Both the medial sural nerve and the SSA 
pierce the crural fascia at the junction of the proximal and middle thirds of the leg to 
become subcutaneous. The SSA courses alongside the sural nerve to the lateral 
malleolus in 65%of all patients; in 35% of cases the artery fades into a vascular net at 
the distal one-third of the leg. Regardless of the termination, the SSA has a constant 
distal anastomosis from the lateral malleolar arteries, which in turn arises from the 
peroneal artery. The distally based sural artery flap is dependent on this anastomosis, 
and its perfusion is reverse flow through the SSA and its cutaneous branches at the 
distal two-thirds of the leg. 


The venous drainage of the sural artery flap is dependent on small commitant veins 
and mainly on the short saphenous vein which accompanies the sural nerve at the 
distal two-thirds of the leg. Theoretically, a reverse flow in this vein is impossible due 
to of the presence of valves; however, clinical findings disprove this theory. Duplex 
scans of the small saphenous vein generally show a continuous or phasic reverse flow 
postoperatively. Several theories exist regarding these findings. Some authors stress 
the existence of bridges between the short saphenous vein and the commitant veins, 
thus bypassing the valves. Moreover, denervation of the short saphenous vein due to 
the surgical procedure and increased venous pressure due to the altered flow are 
thought to be responsible for venous dilatation, which renders the valves insufficient. 


Overall, the sural artery flap exhibits a constant anatomy with reliable arterial 
perfusion and venous drainage. 
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Surgical Procedure 

Surgery is performed in general anesthesia; however, in elderly patients or because of 
comorbidities, epidural or spinal anesthesia is also possible. Depending on the defect 
location, the patient is placed in prone position or in a ventral or lateral decubitus 
position. 


The recipient site is first prepared. In patients with chronic wounds, infection, 
diabetic gangrene, or wound colonization, a radical debridement is mandatory. 
Analogous to the principles of oncologic resections, a complete resection of the entire 
infected or altered tissue must be performed. An insufficiently radical debridement 
renders the reconstructive attempts unsuccessful; therefore, compromises are 
unacceptable. If, after debridement, the recipient defect is too large for a sural artery 
flap reconstruction, a temporary wound closure (e.g., vacuum-assisted closure [VAC] 
therapy) should be performed and other therapeutic options such as free flaps should 
be planned. For this reason, it can be useful to include the possibility of free flap 
reconstruction in the initial preoperative patient briefing so that a one-step 
reconstruction can be carried out. 


The authors prefer to perform flap harvest under pneumatic tourniquet (500 mm Hg) 
to make visualization of the anatomy easier. In addition, the surgeon should use 2.5 to 
4 times magnification loupes. 


As mentioned previously, the short saphenous vein and the arterial perforators of the 
peroneal artery on the lateral aspect of the distal leg have to be located using a 
Doppler ultrasound probe. Following debridement, the defect size is measured and a 
Skin island with adequate dimensions is planned with its center along the line of the 
short saphenous vein. The proximal limit of the flap should not exceed a boundary of 
20 cm proximal to the lateral malleolus, due to the fact that the portion of the flap 
that exceeds the suprafascial (subcutaneous) portion of the nerve behaves like a 
random extension, and thus its reliability is unsure. The skin island is planned in the 
middle or distal third of the leg, according to the pedicle length required (Fig. 29-5). 
Because of its thicker subcutaneous tissue, the skin island should be designed to be 
Slightly larger than the recipient defect to facilitate skin-to-skin closure of the defect. 
The maximum size of the skin island should not exceed 9 A—12 cm. The pivot point is 


marked 5 cm above the tip of the lateral malleolus to include the branches that 
anastomose with the peroneal artery. The skin incision starts distally along the line of 
the pedicle to localize the vein. If the skin island is not centered over the short 
saphenous vein, correction of the flap position is still possible. When the pedicle has 
been located, the dissection proceeds in the proximal extreme of the flap; again, the 
short saphenous vein and the sural nerve are identified suprafascially. At this point, 
the short saphenous vein, the suralis nerve, and the SSA are ligated, divided, and 
included into the flap. The proximal stump of the nerve is coagulated and buried in 
the surrounding gastrocnemius musculature to avoid a troublesome neuroma over the 
donor area. Some authors report raising the flap and sparing the sural nerve to prevent 
neuroma formation and foot hyposensitivity. In our opinion this strategy is too risky for 
the vascular supply of the flap and is unnecessary because the morbidity of harvesting 
the flap with the sural nerve is minimal. In the literature, several series show no 
significant alteration in foot sensitivity, and in most cases, patients exhibit improved 
sensitivity over time. 


Dissection proceeds distally at the plane below the deep fascia, so that inclusion of 
the pedicle in the flap is easily accomplished and the nutrient anastomosis of the flap 
can be preserved. Two to three constant and direct perforators from the 
gastrocnemius muscle to the vascular axis of the sural nerve are identified and ligated 
with ligature clips, because electrocoagulation of these perforators increases the risk 
of pedicle destruction. The fascial and subcutaneous pedicle, which includes the SSA, 
the sural nerve, and the short saphenous vein, should be at least 3 cm in width. The 
paratenon of the sural triceps muscle should be carefully preserved, especially when 
split thickness skin grafting of the donor site defect is necessary. The flap procedure 
remains simple if care is taken to avoid dissection too close to the pedicle and if 
dissection is only extended to the demarcated limit of 5 cm above the tip of the 
lateral malleolus. During elevation of the flap, near this inferior limit of dissection, 
efforts should be made to preserve the large perforating septocutaneous vessels. 


When flap harvest is completed, transposition of the skin island to the recipient defect 
can be performed. Under normal conditions (e.g., a sufficient amount of elastic skin), 
the flap can be transposed through a subcutaneous tunnel. However, when there is any 
sign of tight skin or venous congestion, a decompression of the pedicle must be 
performed. The risk of pedicle compression increases with edema formation, 
surrounding scars, or skin induration and/or thick and inelastic skin. In patients with 


this risk profile, two approaches should be considered. First, skin extensions (the 
a€oecutaneous taila€*) overlying the pedicle can facilitate defect closure and 
reduction of pressure on 
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the pedicle after transposition. Second, the bridge over the subcutaneous tunnel can 
be incised and a split thickness skin graft can be used to cover the pedicle. In the 
literature, the possibility of using the a€oedistally based sural artery interpolation 
flapa€e is described. This involves transposition of the flap to the defect without 
tunneling, and the pedicle is exteriorized and skin grafted. In a second procedure, 
after randomization, the pedicle is removed. The authors have no experience using 
this approach, but there appears to be no distinct advantage of this approach over 
other options. Indeed, it has the disadvantage of a two-step procedure. 








FIGURE 29-5 The skin island has to be planned according to the size of the defect 
with its center along the line of the short saphenous vein. The pivotal point is 
three fingers breadth to the tip of the lateral malleolus (A). The skin incision 





starts distally along the line of the pedicle to localize the vein. The subcutaneous 
pedicle should be at least 3 cm wide (B; 1a€” sural vein and nerve; 2a€” subdermal 
dissection). Dissection proceeds along the plane below the deep fascia; thus, 
inclusion of the pedicle in the flap is easily possible and the nutrient anastomosis 
can be preserved (C: 3a€” deep fascia included). After complete flap elevation, 
the flap is transposed to the recipient site (D). 


If signs of insufficient perfusion or venous drainage occur after flap transposition and if 
decompression of the pedicle is unsuccessful in resolving this problem, a suralis flap 
delay procedure is possible. In this procedure, the flap is replaced into its donor site 
bed, a powder-free glove is placed between the elevated fascia and the gastrocnemius 
muscle, and transposition is performed 2 to 4 days later. 


In some cases, the reverse flow sural artery flap can be modified. Hence, muscle tissue 
can be included in the flap when the perforating vessels from the gastrocnemius 
muscle to the vascular axis 
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of the sural nerve (see previous discussion) are preserved. Flap harvest is similar to the 
procedure described previously. The only difference is that a fragment of the 
gastrocnemius muscle is taken from the lower part of the muscle without separating 
the fascia from the muscle fragment. Another option is to elevate the flap as a fascial 
flap without a skin island; this is the preferred approach of some authors in patients 
with heel defects. In these cases, the flap is covered by split thickness skin grafting. 
Furthermore, some authors describe the possibility of reconstructing defects distant 
from the sural artery flap donor site by performing a free microvascular sural artery 
flap. 


Donor site closure is possible primarily when a skin island of less than 4 cm in width is 
harvested. In these cases, the donor site is acceptable in terms of function as well as 
aesthetics. Larger donor site defects have to be closed by split thickness skin grafting. 
In these cases, the acceptability of the donor site scar is questionable, particularly 
among obese patients and females. 


Postoperative Management 
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DRAWBACKS 


Quite apart from the absence of amplification, two factors seriously limit the 
performance of crystal receivers. Germanium diodes become increasingly reluctant to 
conduct as the applied voltage falls below O.2V, and this makes the 

receiver insensitive to weak signals. Silicon diodes have a threshold of around 


O.6V, and are, therefore, unsuitable for circuits of this kind. 


* Silicon diodes like IN4007 are not suitable 


The earphone loading imposes heavy damping on the tuned circuit, hence, reduces 
its ability to separate signals. With such low selectivity insensitivity can be a blessing, 
and crystal sets are normally only capable of receiving a single, strong transmission on 
the long and medium wavebands. They will sometimes receive more than one if a 


shortwave coil is fitted. 


The aerial and diode can be connected to tappings on the tuning coil in order 
to reduce damping, but the improvement in selectivity is usually at the expense 


of audio output. When valves cost a week’s wages and had to be powered by large dry 





batteries and lead/acid accumulators, the!) construction of simple receivers of this 
kind could be justified. With high performance transistors now costing only a few 
pence or cents, crystal sets are now regarded as ‘nostalgic pieces”. Some readers may, 
however, wish to build one out of curiosity, or for the novelty of having a receiver that 


does not require a power supply. 


CIRCUIT DETAILS 


Ferrite loop aerial Ll and polythene dielectric variable capacitor VC] form the tuned 
circuit. Point contact germanium diode D1 (IN34 or OA47) demodulates the signal; 
capacitor Cl bypasses residual r.f. (radio frequency) to earth and also exhibits a 
reservoir action, enabling the a.f. (audio frequency) output to approach its peak value. 


The recovered audio signal is fed directly to a crystal earpiece. Signal voltages 
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The most important postoperative issue is prevention of compression of the vascular 
pedicle. This can be achieved either by an adequately elevated position of the leg 
and/or by the use of conventional splints with a gap over the flap; however, the 
authors prefer using an external fixation device. External fixation incorporates the 
treatment of concomitant fractures and prevention of an equinus, as well as elevated 
positioning of the leg. 


The administration of anticoagulants in the postoperative period after pedicled flap 
reconstruction remains controversial. To the authorsa€™ knowledge, there is no 
scientific evidence of beneficial effects of an anticoagulation therapy in terms of flap 
survival or thrombosis rates. Moreover, one could postulate that anticoagulants 
increase perioperative morbidity due to bleeding and hematoma. Nevertheless, in our 
center, as in many other centers, we usually use an postoperative regimen of 
hydroxyethyl starch (HAES 10% 500 mL in 24 hours for 5 days) and heparin or low- 
molecular-weight heparin (Clexane). Moreover, all patients are treated with 
antibiotics (cephalosporin) perioperatively. Antibiotic treatment is prolonged if the 
patient shows an increased risk of postoperative wound infection or persistent 
infection. 


Surveillance of flap perfusion in terms of arterial as well as venous flow must be 
performed regularly during the first postoperative days. In the authorsa€™ 
department, the capillary refill is tested every hour for the first 48 hours. Thereafter, 
the intervals between testing are increased. 


A revision procedure should be performed if any signs of poor arterial perfusion or 
venous congestion are identified. New positioning of the vascular pedicle or 
decompression of the nutrient vessels may facilitate flap salvage. Moreover, the flap 
may be laid back in the donor site bed if these options fail. 


The patient has complete bed rest for a minimum of 5 days. After this period 
compression bandages are applied to the treated leg and mobilization begins. The 
regimen begins with hanging down the leg for 5 minutes. The tolerance of the flap to 
this treatment (as well as accompanying injuries) determines the next stages of 
mobilization. If signs of venous congestion or poor perfusion are recognized, the 
mobilization regimen is prolonged. In most cases, the patient is completely mobilized 
after 10 days. The further use of a compression garment is obligatory for a period of at 
least 1 year after discharge to improve contouring of the flap and avoid hypertrophic 


scarring. Secondary corrections at the recipient as well as the donor site should not be 
performed until at least 6 months post surgery. 


Complications 

Partial or complete necrosis of the sural artery flap remains the most important issue 
concerning the success or failure of this reconstructive method. Necrosis rates 
between 5%and 36%have been described in the literature. A detailed analysis of the 
study cohorts helps to explain these different findings. When patients with 
comorbidities are excluded, the patient's age alone has been found to be a significant 
risk factor for flap necrosis. Furthermore, systemic diseases such as diabetes mellitus, 
peripheral arterial disease, and venous insufficiency are considered to be negative 
predictors for flap survival. Therefore, necrosis rates should always be interpreted in 
relation to the risk profile of the individual patient. 


However, comorbidity with any of the above-mentioned diseases does not present an 
absolute contraindication to this approach, especially in view of the limited 
alternatives. First, it should be 
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kept in mind that the flap does still have a chance of success; second, the sural artery 
flap often represents the last chance of limb salvage in multi-morbid patients who are 
not suitable candidates for a free flap transfer. Some authors suggest that in cases of 
partial and even complete necrosis, the sural artery flap can serve as a valuable 
biologic dressing, so that the reconstructive surgeon sometimes experiences a well- 
vascularized granulating wound after debridement of the necrotic flap that allows 
successful split thickness skin transplantation. It seems that vascularization improves 
under the flap, which facilitates a skin graft on a wound bed that initially would not 
have been possible. 


Several technical guidelines should be followed to prevent perioperative morbidity, 
particularly among patients with an increased risk of flap necrosis. The first of these 
guidelines is the use of the Doppler ultrasound in preoperative planning. Then, as 
described previously, the sural nerve should be included in the flap and the surgeon 
should pay attention to the subcutaneous layer. It can cause the flap to be bulky at 
the recipient site and, therefore, increases the risk of pedicle compression. The 
solution is to plan the flap slightly larger than the defect to facilitate skin-to-skin 


closure or to perform extensive mobilization of the surrounding skin, although this in 
turn can cause wound healing disturbances. We recommend the use of an external 
fixation device to prevent pedicle compression and to facilitate postoperative care, 
especially in less compliant patients. Tunneling of the vascular pedicle should only be 
performed if elastic skin surrounds the defect; otherwise, the pedicle should be 
grafted or the skin paddle should be planned in a teardrop shape to facilitate pedicle 
coverage (see previously). Furthermore, it should be taken into consideration that the 
more proximal the donor site is planned, the greater the risk of necrosis. 


Further complications described in the literature are not specific to sural artery flaps 
but relate to the underlying defect or the surgical procedure, respectively. Wound 
infection or persistent infection are common findings as well as hematoma, delayed 
healing, or persistent osteitis (which itself is usually due to incomplete debridement). 
As described previously, inelastic skin and induration are familiar findings especially in 
patients with comorbidities. Therefore, the skin surrounding the flap margins or the 
pedicle may require skin grafting for wound closure. Edema formation is common, 
especially in patients with venous insufficiency. In these cases, application of 
compression bandages may help improve local trophicity. 


Donor site morbidity is generally low. The most common findings are neuroma of the 
sural nerve and scarring. In these patients, secondary corrections should be 
performed. Neuromas have to be resected, and the nerve stump has to be buried in 
the surrounding musculature. 
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Indications/Contraindications 

Compartment syndrome is the most common indication for fasciotomy. Compartment 
syndrome is a clinical condition with elevated tissue pressure within a closed anatomic 
compartment. Muscles are contained within an osseofascial compartment that has a 
limited capacity to expand. The causes of compartment syndrome can be divided into 
two major categories: decreased compartment size and increased compartment 
volume. Decreases in compartment size can be due to extrinsic factors such as tight 
dressings or casts or due to intrinsic causes such as bleeding into a compartment after 
injury or a postoperative coagulopathy. Increased compartment volume can occur at 
the macroscopic or microscopic level. Bleeding or iatrogenic infiltration of intravenous 
fluid into a closed compartment are both common causes of compartment syndrome. 
At the microscopic level, compartment volume can be increased in proportion to 
either increased capillary permeability and/or capillary pressure. Conditions 
associated with tissue damage such as burns, ischemia/ reperfusion, and trauma can all 
lead to increased capillary permeability. Increased capillary pressure is the underlying 
cause of compartment syndrome due to venous obstruction or exercise. 


The underlying pathologic condition leading to compartment syndrome is an elevated 


tissue pressure which leads to decreased arteriolar perfusion. At this point shunting 
occurs, bypassing the capillary circulation which then worsens the tissue ischemia, and 
in turn, increases the capillary permeability and interstitial tissue pressure. This 
vicious cycle can quickly lead to permanent tissue damage if not treated expediently. 
The tissues most at risk in compartment syndrome are the nerves and muscles. If 
untreated, compartment syndrome can lead to Volkmann's contracture, a permanent 
paralysis of muscles in the compartment with scarring in a shortened position leading 
to the term a€cecontracture.a€* Assessment of an injured lower extremity must 
include a thorough evaluation of factors, which can contribute either directly or 
indirectly to compartment syndrome. A list of such factors is given in Table 30-1. The 
treatment of compartment syndrome is the correction of the underlying pathologic 
state and the performance of a fasciotomy. Fasciotomy is the incision of fascial 
compartments in order to expand the size of the compartment and to restore tissue 
perfusion to the contents of the compartment. 


Preoperative Planning 
Preoperative planning of a fasciotomy is based on an accurate and timely diagnosis of 
compartment syndrome. The most important data guiding this decision is the clinical 
examination. In the setting of an awake, unsedated patient, the diagnosis can 
commonly be made based on clinical grounds. The classical clinical signs of 
compartment syndrome are the six P's: pain, pressure, paresthesia, paralysis, pallor, 
and pulselessness. Note that significant muscle damage occurs prior to the onset of 
pallor, pulselessness, and paralysis, and that these are late findings of a missed 
compartment syndrome. The most sensitive clinical sign of compartment syndrome is 
pain. This is often described as being out of proportion to the injury. In the author's 
experience, the variability of pain threshold among 
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patients can make the assessment of a€ceexpected level of paind€* somewhat 
arbitrary. The presence of a greater than expected level of pain does not indicate 
definitive compartment syndrome and the absence of pain does not rule out the 
diagnosis, particularly in the setting of a possible neurologic injury. The use of 
sedatives and analgesics, a history of central nervous system trauma, and the 
possibility of peripheral nerve injury highlight the need for a high index of suspicion 
and the need for early intracompartmental pressure measurements. Passive stretching 


of muscles within the compartment leads to elevated pressures and increased pain, 
another valuable tool in establishing a clinical diagnosis. Other signs of compartment 
syndrome include paresthesias and paralysis. Paresthesias are due to ischemic damage 
to the peripheral nerves running in the compartment. Decreased 2-point 
discrimination is the most consistent early finding. Correlation has also been reported 
between diminished vibration sense (256 cycles per sec) and increasing compartment 
pressure. On deep palpation, a firm wooden feeling is a specific sign when present. 
Bullae may also be observed. In later stages, the paresthesias can progress to 
complete anesthesia in the distribution of the peripheral nerve. 


Table 30-1. Compartment Syndrome Risk Factors 


History Injury Treatment 





Crush injury Open and closed Fluid 


Entrapment 


Ischemia 


Shock/ hypotension 


Overdose/ unconsciousness 


Tight ski boots 


Coumadin 


fractures 


Arterial injury 


Venous injury 


Gunshot wounds to 
extremity 


Coagulopathy 


Shock 


Deep vein thrombosis 


administration 


Tourniquets 


Positioning 


MAST 


Arthroscopy pumps 


J et lavage 


Revascularization 


Weightlifting/ overuse Burns Vein ligation 


Knee arthroscopy Muscle tear Fracture tables 
Snake envenomation Tight wound 
closures 
Ruptured Baker's cyst Constrictive 
dressings 


Regional anesthesia 





MAST, Military anti-shock trousers 


Paralysis can be due to muscle ischemia, nerve ischemia, direct injury to these 
structures, or secondary to pain inhibition. Pulselessness is uncommon in an isolated 
compartment syndrome and heralds a probable vascular injury. Laboratory testing 
revealing a creatine kinase (CK) of 1,000 to 5,000 U/ mL or higher or the presence of 
myoglobinuria may alert the physician to the occurrence of compartment syndrome. 
When the clinical picture is borderline, compartment pressure measurements must be 
performed as soon as possible. 


A number of techniques have been employed to determine compartment pressures, 
including variations in size and needle design. At our institution all compartment 
measurements are performed with a side-port needle attached to a commercially 
available pressure monitor (Stryker, Kalamazoo, MI) or a standard arterial line 
pressure transduction line (Fig. 30-1). The Stryker pressure tonometer is widely used, 
and pressure measurements from the Stryker device are within 5 mm Hg of the slit 
catheter for 95%of all readings. Measurements with a standard 18-gauge needle are 
not accurate and are not recommended. Pressure measurements should be performed 
within all compartments and at multiple sites. 


The compartment pressure data can be viewed in isolation or in relation to the 
patient's diastolic blood pressure. Although there is no absolute minimum 
compartment pressure value, most current literature indicates that the iP value from 
measured compartment pressure to diastolic blood pressure is a more valuable guide 
in performance of a fasciotomy. Studies suggest that the ischemic threshold of muscle 
is a perfusion pressure of at least 20 mmHg between the compartment pressure and 
the diastolic pressure. The I”P is a direct measure of the pressure gradient between 
diastolic blood pressure and the tissue pressure within the compartment, indicating 
the presence of shunting. At our institution, a i”P of 30 mmHg combined with 
increased palpable pressure is a strong indication and a |”P of 20 mmHg an absolute 
indication for fasciotomy. 


Therapy is begun for the treatment of compartment syndrome while preparations are 
made for actual surgical decompression. The affected limb(s) are placed at the level 
of the heart. Elevation is 
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contraindicated because it decreases arterial inflow and narrows the arterial-venous 
pressure gradient and thus worsens the ischemia. If a cast is on the affected 
extremity, releasing one side of the plaster cast can reduce compartment pressure by 
30% bi-valving can produce an additional 35% reduction; and cutting the cast padding 
may further decrease compartmental pressure by 10%to 20% In cases of snake 
envenomation, administration of antivenom may reverse a developing compartment 
syndrome. Hypoperfusion may be corrected with crystalloid and blood products, and 
mannitol may reduce compartment pressures and lessen reperfusion injury. 








FIGURE 30-1 Stryker pressure monitor (Stryker, Kalamazoo, MI) with side-port 
needle. 











Hyperbaric oxygen (HBO) is a valuable adjunct in the treatment of compartment 
syndrome. It promotes hyperoxic vasoconstriction, which reduces swelling and edema 
and improves local blood flow and oxygenation. It also increases tissue oxygen tensions 
and improves the survival of marginally viable tissue. The best results are obtained 
when therapy is started early after fasciotomy. Twice-daily treatments at 2.0 
atmospheres absolute (ata) to 2.5 ata for 90 to 120 minutes for 5 to 7 days, with 
frequent examinations of the affected area, may be beneficial. This may be more 
practical in centers familiar with the use of hyperbaric oxygen therapy. 


Vacuum-assisted closure devices (VAC) have a number of advantages in the treatment 
of post-fasciotomy wounds. They reduce interstitial edema and provide a one-way 
flow of exudate from the wound. Additionally, this therapy increases granulation 
tissue formation and may lead to an earlier ability to close or skin graft the wound. 


Fasciotomy of the Thigh 

Thigh and gluteal compartment syndromes are uncommon and may often go 
unrecognized. The pathophysiology and the principles of diagnosis and treatment, 
however, are the same as those for other compartment syndromes. Gluteal 
compartment syndromes are often associated with substance abuse and a prolonged 
period of unconsciousness or recumbency and can occur in the absence of any obvious 


trauma. Asa result of the large muscle mass involved, systemic manifestations of a 
crush syndrome are usually present. Altered mental status and metabolic 
abnormalities may distract from the primary problem, resulting in delayed diagnosis 
and treatment. The proximity of the sciatic nerve can result in compression-induced 
neuropathy. 


Clinical Findings 

Thigh compartment syndrome is rare because of the large volume required to cause a 
pathologic increase in the interstitial pressure. It may occur in the setting of high- 
energy thigh trauma such as femur fractures with an associated crush component. 
These patients often have pain and swelling after fixation, which may confound the 
diagnosis. In addition, these trauma patients are often obtunded and require 
substantial fluid resuscitation, increasing the risk of compartment issues. The fascial 
compartments in the thigh blend anatomically with muscles of the hip, potentially 
allowing extravasation of blood outside these compartments. Anticoagulation can be a 
major risk factor leading to bleeding into the thigh compartments and the 
development of a compartment syndrome. 


Patient Positioning 

The approach to thigh compartments may be medial or lateral depending on the area 
of injury or suspected hematoma. The thigh should be prepared from the iliac crest to 
the knee joint with the patient in either the lateral decubitis position or supine. 
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introduced in the ferrite loop aerial by the radiated magnetic field are much too 
much to produce an output from the detector, and the component is used here 
simply as a tuning coil. The ferrite core does, however, reduce the number of turns 


required for the coil winding, thereby reducing its resistance and increasing its audio 


quality. 
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COIL DETAILS 


Full construction and winding details for the ferrite tuning/ aerial coil L1 are shown in 


figure. 


http://www. buildcircuit.com/how-to-make-a-batteryless-crystal-set-radio/ 4/5 








FIGURE 30-2 Skin markings for gluteal and thigh (anterior and posterior) 
compartment release. 








Technique 

For lateral and posterior compartment syndromes, the skin and subcutaneous tissues 
are incised beginning just distal to the intertrochanteric line and extending to the 
lateral epicondyle of the femur to expose the iliotibial band or fascia lata (Fig. 30-2). 
The iliotibial band is incised for the length of the incision. The vastus lateralis muscle 
is reflected superiorly and medially to expose the lateral intermuscular septum, which 
is incised for the length of the incision, thus freeing the posterior compartment. 
Caution is required to control the perforating branches of the descending branch of 
the lateral femoral circumflex artery traversing the lateral intermuscular septum 
(vessels which supply the anterolateral thigh skin), since these may retract and bleed 
during this portion of the decompression (Fig. 30-3). After the anterior and posterior 
compartments have been released, measure the pressure of the medial compartment. 
If elevated, then the compartment can be approached through a separate medial 
incision. The incision is carried along the course of the saphenous vein. Reflect the 





sartorius muscle superiorly, and incise the medial intermuscular septum. Intramuscular 
hematomas may require release through gentle muscle splitting. The wounds are 
packed open and a large bulky dressing applied or, alternatively, a vacuum-assisted 
closure device is applied. 


Vastus lateralis muscle 










liotibial band 





Anterior 
compartment 


Medial (adductor) 
compartment 


Posterior 
compartment 


Lateral intermuscular septum 





SJ Anterior thigh compartment 


QY Medial thigh compartment 
Posterior thigh compartment 


FIGURE 30-3 Schematic lateral view showing decompression of anterior 
compartment performed by incising the fascia latae longitudinally. The vastus 
lateralis is retracted medially to expose the lateral intermuscular septum, which 
is incised to decompress the posterior compartment. 
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Two to three days later, the patient is returned to the operating room for 
debridement of any nonviable tissue. If there is no evidence of necrotic tissue, the 


Skin is either loosely closed, packed once again for closure at a later date, or again 
covered with a vacuum-assisted closure device. Often a medial thigh fasciotomy is not 
needed once a lateral release is performed. 


Results 

Because this diagnosis is not always obvious, the surgeon must maintain a high index of 
suspicion. Early treatment by operative compartment release follows anatomic tracts 
and produces good results. 


Fasciotomy of the Leg 

The framework of the lower leg is composed of two long bones, the fibula and tibia, 
which are arranged in parallel and connected along their length by a fibrous 
membrane termed the interosseous membrane. These three structures together divide 
the leg into two anatomic sections, the anterior and posterior compartments. The 
anterior compartment is further divided into anterior and lateral by a thick anterior 
intermuscular septum. The lateral leg compartment is separated from the posterior 
compartment by the posterior intermuscular septum. 


The anterior compartment has four muscles, the (a) extensor digitorum longus, (b) 
extensor hallucis longus, (c) peroneus tertius, and (d) the tibialis anterior. These 
muscles are supplied by the anterior tibial vessels and are innervated by the deep 
peroneal nerve, all traveling deep to the muscles along the interosseous membrane. 
The posterior compartment is divided into superficial and deep compartments by a 
thin fascia termed the transverse intermuscular septum. Three muscles are located in 
the superficial compartment: the gastrocnemius, soleus, and plantaris. The 
gastrocnemius and soleus join together at midcalf to form the Achilles tendon, which 
inserts into the calcaneal bone. The plantaris is a thin, small muscle, the tendon of 
which medially follows the bigger Achilles tendon to insert into the calcaneal bone. All 
of these muscles flex the foot in a plantar direction (the gastrocnemius also flexes the 
knee) with slight inversion. The muscles are vascularized by branches from the 
popliteal and posterior tibial artery and innervated by branches of the tibialis nerve 
from the popliteal fossa. The deep posterior leg compartment contains four muscles: 
the popliteus, flexor digitorum longus, flexor hallucis longus, and tibialis posterior. 
The lateral compartment contains two muscles, the peroneus longus and brevis. Their 


action consists of extension and eversion of the foot. They are vascularized by vessels 
from the peroneal artery and innervated by the superficial peroneal nerve (Fig. 30-4). 


The posterior tibial artery, after branching from the popliteal artery, descends 
posterior to the tibia, within the deep posterior compartment. Distally in the lower 
third of the leg it is more superficial, covered only by the skin and superficial fascia 
and parallel to the medial border of the Achilles tendon. The peroneal artery 
Originates from the posterior tibial artery and runs laterally and downward along the 
posterior fibula providing four to six segmental, circular arterial branches around the 
fibula, nourishing the bone, periosteum, and surrounding muscles. The anterior tibial 
artery commences at the bifurcation of the popliteal artery passing forward between 
the tibialis posterior muscle and through the interosseous membrane to the deep 
aspect of the anterior leg compartment. After perforation of the interosseous 
membrane, the artery descends adjacent and along the membrane, gradually 
approaching the extensor retinaculum of the ankle. At the bend of the ankle joint, it 
becomes superficial and known as the dorsalis pedis artery. 


Patient Positioning 

In cases of isolated compartment syndrome of the leg, the patient is positioned in the 
Supine position on a standard operating table. A general anesthetic is employed in 
most cases. A tourniquet is applied to the thigh and isolated with broad tape or a 
plastic isolation dressing. The leg is prepared and draped in the standard fashion. A 
stockinette or isolation sheet is applied to the foot to maintain the sterile field. The 
tourniquet is not inflated unless active arterial bleeding is encountered. 


Technique 
The technique for fasciotomy of the leg can be performed using either a one incision 
or two incision technique (Table 30-2). The two incision technique is the gold 
standard. Regardless of the technique, 
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the skin incisions must be of adequate length to decompress all affected 
compartments. The performance of percutaneous fasciotomies is not recommended, 
particularly with compartments deformed by soft tissue edema, since this technique 
can be fraught with complications such as iatrogenic nerve injury. In addition, the skin 


itself has been shown to exert a constrictive effect on the muscle compartments in the 
leg. 
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FIGURE 30-4 Lateral leg. 








One Incision Fasciotomy 
The planned incision is marked in line with the fibula extending to 5 cm short of either 
end of the fibula along the anterolateral leg. The initial step is the identification of 
the lateral intermuscular septum separating the lateral and anterior compartments. 
Make a transverse incision to expose this septum and to identify the superficial 
peroneal nerve just deep to the septum. Separate fasciotomies of the compartments 
are performed with Metzenbaum scissors. The anterior compartment is released 
proximally by aiming for the patella and distally by aiming for the center of the ankle 
in line with the tibialis anterior. Then, perform a longitudinal fasciotomy of the lateral 
compartment in line with the fibular shaft (Fig. 30-5). Extreme care is taken in the 
distal aspect of the lateral compartment at the junction of the middle and distal 
thirds, where the superficial peroneal nerve emerges from the lateral compartment. 
Direct the scissors toward the posterior lateral malleolus to stay posterior to the 
superficial peroneal nerve. In the case of acute compartment syndrome, we avoid 
subcutaneous fasciotomies. The use of the a€cesliding scissora€* technique decreases 
the ability to perform a controlled fasciotomy and should be avoided. Once the 
anterior and lateral compartments have been decompressed, the fibula is identified 
after posterior undermining of the 
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skin for release of the deep posterior compartments. The lateral compartment 
musculature is elevated off the fibula, demonstrating the posterior intermuscular 
septum. A longitudinal incision of this septum exposes the superficial posterior 
compartment. Posterior retraction of the soleus and gastrocnemius muscles then 
exposes the deep posterior compartment for its decompression. We have found that 
surgical exposure of the posterior aspect of the fibula is critical in the avoidance of 
bleeding from the perforating branches of the peroneal artery. Release of all four 
compartments through one incision, however, is not commonly performed at our 
institutions, and we recommend a two incision fasciotomy. 


Table 30-2. Pearls for Fasciotomy of the Leg 


e Check intracompartmental pressures at multiple levels within each 


compartment. 

Threshold for fasciotomy is intracompartmental pressure within 20 
mm Hg of the diastolic blood pressure. 

Beware of compartment syndrome secondary to intraoperative 
positioning of uninjured extremities. 

Pulselessness is NOT a common finding in compartment syndrome 
unless a concurrent vascular injury exists. 

Fasciotomy should not be performed more than 12 hours after a 
compartment syndrome is established. 

Compartment syndrome can occur with a late onset 2 to 4 days after 
the underlying event. 

Compartment pressure measurements with a standard 18-gauge 
needle are consistently higher than those obtained with specialized 
needles with a side-port needle or slit catheter. 

Compartment pressures can vary among several different points in 
each compartment at risk. 

In any patient at risk, baseline compartment pressures are necessary 
in the case of a suspicion of compartment syndrome in the future. 


Two Incision Feg Fasciotomy (Gold Standard) 


Mark both incisions before making the first surgical incision. 
Beware of the superficial peroneal nerve as it emerges anteriorly 
within the lateral compartment at the junction of the middle and 
distal one-third of the fibula. 

Beware of the use of vessel loops or other elastic forms of skin 
tension applied at the time of fasciotomy, as these may lead to 
recurrence of the compartment syndrome if excessively tight. 
Close medial wound before the lateral wound to avoid need for soft 
tissue coverage. 


One Incision Leg Fasciotomy 


e Obtain complete visualization of the release of the deep posterior 
compartment, as extensive bleeding can occur secondary to 
perforating vessels on the posterior aspect of the fibula. 

e Extend incision to within 5 cm of either end of the fibula on the 
anterolateral leg. 

e Beware of the superficial peroneal nerve at the junction of the 
middle and distal one-third of the leg. 


Two Incision fasciotomy 


The two incision fasciotomy is the gold standard treatment for compartment syndrome 
of the leg, particularly in the hands of surgeons with limited previous experience and 
limited assistance in the operating room. The positioning and preparation are identical 
to that of the one incision fasciotomy. It is crucial to mark the medial and lateral skin 
incisions before making the incision to ensure an adequate skin bridge is maintained. 
After one single incision is made, the 
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skin envelope will retract in the opposite direction resulting in a narrow skin bridge 
anteriorly, and marking these incisions will avoid this complication. After performance 
of the anterior and lateral fasciotomies, a separate incision is made along the 
posteromedial leg, 1 to 2 cm posterior to the tibia, measuring at least 15 cm in length. 
The greater saphenous vein and saphenous nerve are identified and retracted 
anteriorly. The fasciotomy is extended as far as possible proximally and distally to the 
level of the medial malleolus. The soleus is then released from the posteromedial tibia 
with a concurrent release of the deep posterior compartment (Fig. 30-6). A common 
pitfall is to not adequately release the soleus muscle insertion thereby adequately 
releasing the deep posterior compartment. Care should be exercised when releasing 
the deep compartment ligating or cauterizing branches traversing the soleus muscle. 
The posterior tibial neurovascular bundle is just deep to this transverse intermuscular 
septum, which separates the deep from posterior compartments and is therefore in 
close proximity to the release. The skin incisions can also be slightly staggered, with 
the lateral more proximal (the anterior and lateral compartments are largely 
tendonous at their distal extent) and the medial incision made more distally. Finally, 
the fascia and skin are then re-evaluated for adequacy of release. 











FIGURE 30-5 Intraoperative view after anterior and lateral compartment 
decompression. Note the intermuscular septum separating the anterior and 
lateral compartments. 





FIGURE 30-6 Intraoperative view after release of superficial posterior 
compartment and before release of deep posterior compartment. 


After either type of fasciotomy, compartment pressures are again checked using a 
sterile side-port needle attached to the non-sterile pressure monitor held by an 
unscrubbed assistant or, alternatively, using an arterial pressure monitor setup. The 
wounds are then copiously irrigated with crystalloid. Devitalized tissue if present is 
debrided. Vessel loops can be applied to the skin edges to prevent marked skin 
retraction but must be used judiciously to avoid a recurrence of the compartment 
syndrome. At our institution, we routinely employ a vacuum-assisted closure device 
over all open fasciotomy wounds to maintain a one-way flow of extravasated fluid, to 
encourage the formation of granulation tissue, and potentially to minimize the area 
needed for later skin grafting. The patient is returned to the operating room at 2 to 3 
days for a repeat irrigation and debridement and partial closure. At or around 
postoperative day 7, the wound is again treated with irrigation and debridement. At 
that time, definitive closure is performed with additional skin coverage obtained with 
a split-thickness skin graft. We usually strive to close the medial wound first to provide 
bony coverage and avoid the need for soft tissue coverage, whereas the lateral wound 
may be easily skin grafted if appropriate. It is imperative to maintain the foot ina 
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neutral position to avoid equinus contracture either with external fixation or external 
splinting. 


Results 
The primary goal of fasciotomy is to prevent permanent nerve and muscle damage 
leading to Volkmann's contracture. The results of fasciotomy can be analyzed based on 
two endpoints: muscle and nerve function, and wound- or incision-related 
complications. A number of studies have demonstrated that the majority of patients 
have normal leg function if the fasciotomy is performed within 12 hours of the onset of 
compartment syndrome. In our experience, prompt recognition and early treatment of 
the compartment syndrome leads to minimal long-term complications. Despite early 
and aggressive fasciotomy, however, nearly 20%of patients may have persistent motor 
deficits at 1 year follow-up. Wound complications associated with fasciotomy include 
numbness and persistent ulceration at the fasciotomy site. The risk of sensory changes 
has been reported to be as high as 70%in some reports. The use of a VAC dressing may 
contribute to a lower risk of hematoma and 
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edema and an expeditious granulation of fasciotomy wounds that are not able to be 
closed. Little or no return of function can be expected when diagnosis and treatment 
are delayed. Tendon transfers and foot stabilization may be indicated as late 
treatment; but in most patients, enough scarring and contracture eventually develop 
in the anterior musculature to prevent foot drop. A foot drop brace (ankle foot 
orthosis) is indicated for the first few months until fibrosis occurs. Some patients 
experience persistent gastrocnemius and soleus muscle weakness thought to be due to 
the loss of the supporting compartment fascia. 


Fasciotomy of the Foot 

Anatomically, the foot consists of well-demarcated osseofascial spaces that subdivide 
the foot into discrete compartments. These compartments are filled with muscles, 
nerves, and tendons and are lined by a tight membrane (the fascia). There are four 
Clinically relevant compartments known as the medial, central, lateral, and 
interosseous (Fig. 30-7). Other anatomic compartments of the foot may be identified 
with dyes or injection studies but are not clinically relevant. Muscles within the medial 
compartment are the abductor hallucis and flexor hallucis brevis, and within the 


central (calcaneal) compartment lay the flexor digitorum brevis, quadratus plantae, 
and adductor hallucis muscle. There are four dorsal and plantar interosseous muscles 
between the first and fifth metatarsals, and these comprise the interosseus (intrinsic) 
compartment. The lateral compartment houses the abductor digiti minimi and flexor 
digiti minimi brevis muscle. 


Compartment syndrome in the foot is commonly due to severe local trauma after fairly 
significant industrial, agricultural, and motor vehicle accidents in which crushing of 
the foot occurs. The trauma leads to bleeding from injured bones or muscles and 
avulsed vasculature. When the bleeding and inflammation of the muscle becomes 
significant, it will exceed the capacity of blood flow in and out of the small 
compartments. 


Clinical Findings 

Tense tissue bulging may be the most reliable symptom in compartment syndrome of 
the foot, and in the presence of this massive swelling pulses are usually not palpable. 
Increased pain on passive dorsiflexion of metatarsophalangeal joints is another key 
finding that indicates myoneural ischemia in the foot intrinsic muscles. It is imperative 
to maintain a high clinical suspicion based on the severity of the traumatic incident. 
Compartment syndromes of the foot are often associated with compartment 
syndromes of the deep posterior compartment. 


Patient Positioning 

The patient position is supine to allow easy access to the dorsum and medial aspect of 
the foot. A tourniquet may be used, but is not insufflated unless there is active 
arterial bleeding. The knee should be included in the preparation to enable better 
mobility of the limb during the procedure. 


Medial 


Lateral 





Central 


FIGURE 30-7 Schematic coronal section of right foot through base of metatarsals. 
Medial, central, lateral, and interosseus compartments are shown. 
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Technique 


The same principles that apply to fasciotomy of the thigh and leg apply to the foot. 
Appropriate treatment for a suspected compartment of the foot is immediate 
fasciotomy. Debridement of marginal tissue at the time of initial fasciotomy is not 
advised because it is very difficult to determine muscle viability and contractility in 
the foot. Once the muscle is decompressed, much of it may recover after 
compartmental release. 


Medial Approach 


Effective decompression of all four compartments can be accomplished through a 
medial longitudinal (Henry) approach or through an additional two parallel dorsal 
incisions along the length of the second and fourth metatarsal bones (more common). 
The medial approach can be used to decompress the medial and central compartments 
as well as the remaining foot compartments (lateral and interosseous). The incision is 


made 3 cm from the sole of the foot and extends from a point below the medial 
malleolus to the proximal aspect of the first metatarsal (Fig. 30-8). The posterior 
tibial neurovascular bundle is identified and preserved. This may be very difficult in a 
massively swollen foot. The fascia overlying the abductor hallucis and flexor hallucis 
brevis is released. Dissection is continued adjacent and deep to the first metatarsal 
toward the medial intermuscular septum, separating the medial compartment from 
the central compartment, which is opened longitudinally. The lateral plantar 
neurovascular bundle is found between the flexor digitorum brevis and quadratus 
plantae muscles and preserved. Downward retraction of the flexor digitorum brevis 
along with lateral dissection will allow access to the lateral intermuscular septum 
separating the central compartment from the lateral compartment. This septum is 
divided to release the lateral compartment. Blunt dissection dorsally via the central 
compartment will release the interosseous compartment. Scissors or sharp instruments 
are not used during this portion of the dissection, since it is essentially blind to avoid 
injury to the neurovascular bundle. 


interosseous 
compartment 


compartment 


compartment 


compartment 





FIGURE 30-8 Medial approach for four-compartment release of foot compartment 
syndrome. 
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Dorsal Approach 

This approach is more commonly used when there are concomitant metatarsal or 
Lisfranc fractures. Two parallel dorsal incisions are centered just medial to the second 
metatarsal and lateral to the fourth metatarsal shafts, maximizing the intervening skin 
bridge. The dorsal veins and the subcutaneous tissues are elevated laterally and 
medially to expose the respective interosseous musculature. Injury to the sensory 
nerves and extensor tendons is avoided. Caution should be used when making the 


incision between first and second metatarsal to avoid iatrogenic injury to the dorsalis 
pedis artery. The superficial fascia is incised longitudinally, and the interosseous 
muscles are elevated off the metatarsals. The first dorsal and plantar interossei are 
stripped from the medial aspect of the second metatarsal shaft, which is then 
retracted medially, and the fascia of the central and medial compartment is released 
longitudinally deep within the inner space. The interosseous musculature is 
decompressed by releasing the fascia between the second and third metatarsals also 
through this medial incision. The lateral incision is used to decompress the 
interosseous muscles between the third and fourth, and fourth and fifth metatarsals, 
in addition to allowing access to release the central and lateral compartments (Fig. 
30-9). More commonly, a separate medial incision as described previously is used to 
release the medial (adductor) compartment, since the medial approach only to all four 
compartments carries an increased risk of damage to the neurovascular bundles in the 
plantar aspect of the foot. These fasciotomy incisions are sometimes used for fracture 
fixation. 


Results 

Controversy exists in what results with a missed compartment syndrome of the foot. 
Predominately patients end up with clawing of the toes that needs to be corrected at 
a later date. The argument against the release is that it complicates the soft tissue 
envelope, limits possible incisions for reconstruction, and carries the risk of iatrogenic 
neurovascular injury. 
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FIGURE 30-9 Dorsal approach for compartment release of foot compartment 
syndrome. 
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Treatment of a foot compartment syndrome with a€cebenign neglecta€e is not 
advised, and early decompression as in the thigh and leg is recommended. A delay in 
diagnosis is a potentially devastating occurrence. Early reduction of dislocations and 
some fractures facilitates reduction in edema in the foot and decreases tissue 
breakdown due to pressure necrosis. Desire to obtain an early reduction must be 


weighed heavily against whether the soft tissue envelope of the injured foot will 
tolerate additional incisions. The fasciotomy incisions may be used to facilitate 
reduction and fracture fixation, but caution is warranted to avoid excessive 
undermining of the soft tissues. Delayed fixation is feasible, but usually not before 7 
to14 days post injury, due to soft tissue edema. In addition, liberal use of external 
fixation, particularly in the setting of a mangled foot, is advised for stabilization and 
edema control. 


Postoperative Management 

Fasciotomy sites are dressed with a wound vacuum-assisted closure sponge, and wet to 
dry dressing changes with normal saline solution or silver sulfadiazine depending on 
the degree of contamination. The patient is returned to the operating room several 
days later to attempt closure. When muscle necrosis ensues, the patient is brought to 
surgery earlier for debridement. Wound closure should not be performed until all 
necrotic tissue is debrided. Direct closure can be attempted when the wound 
approximates without tension. When the wound edges will not oppose easily, either 
the wound is treated conservatively with dressing changes or a vacuum-assisted 
closure device. The patient is brought back to the operating room at a later date for 
definitive closure or skin grafting. Increased intramuscular pressure can occur with 
closure of fasciotomy wounds secondarily and, therefore, skin grafting of the wounds 
is often a safer option. Hypesthesia and painful dysesthesia resulting from 
compartment syndrome typically resolve slowly with time. This type of neuropathic 
pain can by treated with diphenylhydantoin (Dilantin), gabapentin (Neurontin), or 
carbamazepine (Tegretol). 


Complications 

Although a fasciotomy incision does result in patient morbidity, the incompletely 
released compartment, delayed diagnosis, or unrecognized compartment syndrome 
has substantially higher risks. Systemic complications including acute renal failure, 
sepsis, and acute respiratory distress syndrome (ARDS) have been reported in some 
cases. Most fatalities are due to prolonged intensive care admissions with sepsis and 
multisystem organ failure. If fasciotomy is done within 12 hours after the onset of 
compartment syndrome, the prognosis is typically good. Despite early intervention, 
approximately 1%to 10%of all cases of compartment syndrome develop Volkmann's 


contracture. Little or no return of function can be expected when the diagnosis and 
treatment are delayed. In no instance was benefit from fasciotomy reported after 2 or 
3 days. When the procedure is done late, severe infections have been shown to 
develop in the necrotic tissues of many patients, frequently leading to amputations. In 
these situations, clinically evident by complete absence of demonstrable muscle 
function in any segment of the involved limb, the extremity should be splinted to 
maintain a functional position as muscle fibrosis and contracture develop. 
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Indications/Contradictions 

Amputation is one of the oldest surgical procedures. Early amputations consisted of 
severing the extremity, and hemostasis was obtained by dipping the stump in hot oil. 
Techniques have dramatically improved and most of the advances have occurred 
during war time. Prosthetic technology now allows for amputees to run, jump, ski, 
swim, and be involved in competitive sports. 


The indications for above and below knee amputation include life-threatening 
infections, malignant tumors, burns, extensive frost bite, congenital anomalies, 
ischemic pain, osteomyelitis, extensive trauma (including a tibial nerve ilaceration or 
unreconstructable vascular injury) and chronic pain. The most common indications for 
a below knee or above knee amputation are complications of diabetes. Functionally, 
the patients with below knee amputation are able to walk with prosthesis, with most 
patients walking within 3 months after surgery. Amputation should not be viewed as a 
limb salvage failure, but as a reconstructive procedure to improve function. 


There are few contraindications to amputations; however, a contraindication to a 
below knee amputation is a non-ambulatory patient. A non-ambulating patient with a 
below knee amputation is at high risk for developing a flexion contracture, which can 
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result in increased pressure on the stump and cause ulceration. Therefore, when a 
patient is wheelchair bound and is not a candidate for prosthetic fitting, an above 
knee amputation should be considered. 


Preoperative Planning 

It is imperative that these patients be evaluated preoperatively to determine the 
vascular status of the limb. The majority of patients undergoing a below knee 
amputation or above the knee amputation have diabetes and have some component of 
peripheral vascular disease. Preoperative noninvasive vascular studies, including ankle 
brachial indexes, are important to determine the level of amputation. An ankle 
brachial index is determined by measuring the ankle systolic pressure and dividing it 
by the brachial systolic pressure using Doppler detection of the pulses. The severity of 
the arterial disease is related to decreased value of the ankle/ brachial index (ABI), 
and a value of less than .5 is considered abnormal in people with diabetes. Also, 
noninvasive vascular studies using transcutaneous oxygen tension measurement 
(TcPo2) are useful in assisting with amputation levels. Amputations are likely to heal if 
the TcPo2 measurements are greater then 40 mm Hg. Patients with TcPo2 values less 
than 20 mm Hg are at higher risk for not healing and should be evaluated with further 
vascular testing and possibly an angiogram before surgical intervention. A vascular 
surgery consult is almost always indicated before performing an amputation. With the 
advances in distal bypass surgery and invasive radiologic procedures, certain patients 
can be successfully treated with limb salvage after vascular reconstruction. 


Imaging studies are important in determining the underlying pathology. Imaging of the 
tibia or femur is important if there is a question regarding extension of tumor or 
infection into the tissues or 
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bone adjacent to the intended level of amputation or if there is a prosthetic device 
such as a total knee arthroplasty or internal fixation device in place, which may alter 
the surgical procedure. 


If amputation is contemplated, optimizing the patient's medical condition before 
surgery is recommended. Literature has shown that patients with a serum albumin less 
than 3.5 g/dL or true lymphocyte count less than 1,500 cells per mL are at high risk for 
wound-healing difficulties. 


Determination of the amputation level is important for both healing and function. The 
more distal the amputation level, the less energy required to ambulate. In elderly 
patients, a more proximal amputation may not allow for ambulation secondary to 
energy requirements. If a patient has good cognitive function, balance, and strength, 
then the most distal level with a realistic chance of healing should be attempted. 


Surgery 

In order for the below knee amputation to be performed correctly, proper attention to 
detail is important to improve the quality of the result. Gentle handling of the soft 
tissues, especially in diabetic patients, is important to minimize wound complications. 
The level of the amputation is determined by the extent of the infection, tumor, or 
the level that would provide optimal function with prosthesis. In general, the patient 
iS positioned in the supine position for above or below knee amputations. 


Full-thickness flaps should be used to minimize skin edge necrosis. Meticulous 
hemostasis and use of a drain is imperative to decrease the risk of a hematoma. The 
nerves should be divided sharply under tension to minimize the risk of a symptomatic 
neuroma. Also the bone ends are rasped until smooth to prevent bony prominences. 


An open amputation is performed in patients with grossly contaminated wounds or in 
patients with extensive infection. These patients will require further surgeries to 
optimize the soft tissues around the stump, and then a definitive closure can be 
performed once this is accomplished. 


Technique 


Below Knee Amputation 

Below knee amputation is the most commonly performed lower extremity amputation. 
A long posterior flap is used and brought anteriorly to cover the distal stump of the 
tibia, which should be 8.5 to 12.5 cm in length (Fig. 31-1). The flaps, if planned 
properly, will have minimal redundant skin in the corners, or a€cedog ears. a€* This 
will provide a good prosthetic fit. 


The patient is placed supine on the operating room table. A nonsterile tourniquet is 
used and the leg is prepared and draped in the usual fashion. A skin marker is used to 
plan the flaps (see Fig. 30-1), and the flaps are drawn so that the posterior flap begins 


two-thirds of the way posterior to the anterior aspect of the tibia and then extends 
distally and posteriorly so that the distance will be long enough to cover the tibia (Fig. 
31-2). A tourniquet can be used at the discretion of the surgeon. The incision is then 
made through the skin and subcutaneous tissues down to the fascia. The subcutaneous 
nerves including the saphenous and sural nerve can be identified and divided under 
tension. The fascia is then incised. The anterior compartment musculature is cut with 
a cautery (Fig. 31-3) down to the deep peroneal nerve, which is identified and cut 
under tension (Fig. 31-4), and the anterior tibial artery is identified and tied with silk 
suture (Fig. 31-5). The superficial peroneal nerve is identified and cut under tension. 
The periosteum is reflected off the tibia (Fig. 31-6), and the tibia is cut 1 cm proximal 
from the skin incision (Fig. 31-7). A segment of the fibula is then resected 1 cm 
proximal to the tibial bone cut (Figs. 31-8 through 31-10). Traction is applied, and an 
amputation knife is used to perform the remaining portion of the amputation (Fig. 31- 
11). Dissection is carried deep until blood from the posterior tibial artery and vein is 
identified, and then the cut is beveled distally until the fascia is cut (Fig. 31-12). The 
anterior aspect of the tibia is beveled (Fig. 31-13). The remaining edges are rasped 
until smooth. The tibial nerve is identified and transected under traction (Fig. 31-14). 
The tibial artery and vein are identified and tied with silk sutures (Fig. 31-15). The 
wound is then copiously irrigated. If a tourniquet is used, it is deflated at this time. 
Hemostasis is obtained. The wound is then closed in layers over a drain with sutures in 
the fascia (Fig. 31-16). The subcutaneous layer is closed with monofilament suture, 
and the skin is then closed with nylon sutures in a vertical mattress fashion (Fig. 31- 
17). A sterile dressing is applied, and then a compressive Robert J ones dressing is 
applied with plaster in full extension (Fig. 31-18). 


Above Knee Amputation 
Above knee amputation is the second most frequently performed lower extremity 
amputation. Stump length is important for the lever arm control of the prosthesis. 
P.391 
P.392 
P. 393 
P.394 
P.395 
Too long of a femoral stump, however, can lead to difficulty with fitting the prosthetic 


knee joint. Therefore, the bone cut should be 10 to 12 cm proximal to distal femoral 
articular surface. 
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FIGURE 31-1 Below knee amputation. A: Planning of short anterior and long 
posterior skin flaps. B: Amputation of distal leg. C: Tailoring of posterior muscle 
to form flaps. D: Closure of flap to deep fascia. E: Closure of skin flaps. (Redrawn 
after Burgess EM, Zett! J] H. Amputations below the knee. Artif Limbs. 1969;13:1. 
With permission. ) 
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FIGURE 31-2 A,B: The long posterior flap is planned. 





FIGURE 31-3 The anterior compartment muscle is dissected with cautery. 























FIGURE 31-5 The anterior tibial artery and vein are ligated. 





FIGURE 31-6 The periosteum is reflected off the tibia. 





FIGURE 31-7 The tibia is osteotomized 1 cm proximal to skin incision. 











FIGURE 31-8 The fibula is identified and osteotomized 1 cm proximal to tibia 
osteotomy. 





FIGURE 31-9 A second fibula osteotomy is performed 2 to 3 cm distal. 
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Fully printed flexible and disposable 
wireless cyclic voltammetry tag 


Younsu Jung!, Hyejin Park’, Jin-Ah Park', Jinsoo Noh', Yunchang Choi', Minhoon Jung?, 
Kyunghwan Jung?, Myungho Pyo', Kevin Chen’, Ali Javey? & Gyoujin Cho! 


'Department of Printed Electronics Engineering, Sunchon National University, Maegok, Sunchon, Jeonnam 540-742 Korea, 
?Research Institute of Printed Electronics, PARU Co. Seomyeon, Sunchon, Jeonnam 540-813 Korea, “Electrical Engineering and 
Computer Sciences, University of California, Berkeley, CA 94720. 


A disposable cyclic voltammetry (CV) tag is printed on a plastic film by integrating wireless power 
transmitter, polarized triangle wave generator, electrochemical cell and signage through a scalable gravure 
printing method. By proximity of 13.56 MHz RF reader, the printed CV tag generates 320 mHz of 
triangular sweep wave from +500 mV to —500 mV which enable to scan a printed electrochemical cell in 
the CV tag. By simply dropping any specimen solution on the electrochemical cell in the CV tag, the presence 
of solutes in the solution can be detected and shown on the signage of the CV tag in five sec. 10 mM of 
N,N,N’ ,N’-tetramethyl-p-phenylenediamine (TMPD) was used as a standard solute to prove the working 
concept of fully printed disposable wireless CV tag. Within five seconds, we can wirelessly diagnose the 
presence of TMPD in the solution using the CV tag in the proximity of the 13.56 MHz RF reader. This fully 
printed and wirelessly operated flexible CV tag is the first of its kind and marks the path for the utilization of 
inexpensive and disposable wireless electrochemical sensor systems for initial diagnose hazardous chemicals 
and biological molecules to improve public hygiene and health. 


between the electrodes and the solutions of all kind of solutes such as metals’, organic molecules’, 

proteins’, bacteria*, viruses’, and DNA®. Because of the high sensitivity of the electron transfer redox 
reactions, CV could become a very promising ubiquitous electrochemical sensor protocol if the cost and size of 
the CV system were significantly reduced to commercially viable single-use disposable units for checking traces of 
hazardous materials such as lead’, mercury’, arsenic’, e-coli’®, and pesticides" in water or to diagnose the level of 
glucose’’, cholesterol’* and specific enzymes” in blood. This single-use disposable CV would dramatically reduce 
the cost of maintaining the public health system’. Therefore, inexpensive and disposable CV measurement 
system that can be operated wirelessly using a smartphone or RF (radio frequency) reader without complicate 
operation processes is in high demand for the realization of an ubiquitous sensor network system (Figure 1a). 
They would mainly be used as ubiquitous diagnostic and testing tools for detecting and monitoring the level of 
target specimens. However, there is no technology that is advanced enough yet to build a wireless, inexpensive and 
disposable CV system. In this paper, as a form of RF-tag, an extremely inexpensive, disposable and fully printed 
CV system is demonstrated for the first time by mimicking and combining basic CV concepts and wireless power 
transmission technologies of RF devices. To realize the fully printed CV tag, a key issue of wirelessly generating 
triangular waveform (+500 mV) that can scan the electrochemical cell at a low frequency (<1 Hz) to set up a 
redox reaction needs to be addressed through a minimum number of printed thin film transistors (TFTs). Fully 
printed 13.56 MHz rectenna and a ring oscillator with large trap charges in the channels of printed TFT's were 
respectively utilized to wirelessly generate triangular waveform by using only 10 printed TFTs. 


C yclic voltammetry (CV) has been used as a powerful tool for the study of electrochemical redox reactions 


Results 
Based on two key units of the wireless power transmitter (Figure 1b-(1)) and the triangular wave generator 
(Figure 1b-@)), the circuit layout of the fully printed wireless CV tag was designed by using a minimum number 
of printed thin film transistors (TFTs) to alleviate the issue of Vj, shift and shown in Figure 1b as a platform of 
disposable CV system. The circuit of CV tag was fabricated using all scalable printing methods, a roll-to-roll 
gravure, a roll-to-plate gravure, a drop casting, and a screen printer (Figure S1 in Supplementary Information). 
To provide a polarized DC voltage from the coupled 13.56 MHz AC signal of the reader, we modified our 
previously reported R2R gravure printed rectenna'®’’, as shown in the layout in Figure 2a and the resulting 
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FIGURE 31-11 The amputation knife is used to sharply dissect the posterior 
compartment muscle. 














FIGURE 31-12 The posterior compartment muscle is beveled to minimize bulk. 




















FIGURE 31-13 The saw is used to bevel the anterior tibia. 














FIGURE 31-14 The tibial nerve is identified and sharply removed. 

















FIGURE 31-15 The tibial artery and vein are ligated. 











FIGURE 31-16 The fascia is closed with interrupted suture. 





FIGURE 31-17 The skin is closed with interrupted vertical mattress suture. 











FIGURE 31-18 A compressive bulky dressing with plaster is applied with the knee 
in full extension. 











For non-ambulatory patients with ischemic disease, above knee amputations are 
performed with equal anterior and posterior flaps, and myodesis is not performed to 
prevent further vascular compromise. For patients with adequate vascular supply and 
the potential to ambulate, a myodesis is performed. Above knee amputation Is 
performed with the patient in a supine position. Skin flaps are marked with a long 
medial flap and a shorter lateral flap (Fig. 31-19). A sterile tourniquet can be used at 
the discretion of the surgeon. Dissection is carried through the skin and subcutaneous 
tissues and down to the muscle. The muscles are then identified. The quadriceps is 
detached proximal to the patella, retaining some of its tendinous portion (Fig. 31-20). 
The vastus medialis is reflected off of the intermuscular septum, and the adductor 
magnus (Fig. 31-21) is detached from the adductor tubercle by sharp dissection and 


reflected medially, exposing the femoral shaft. The vessels are identified (Fig. 31-22) 
at the level of Hunter's canal, and the artery and vein are ligated. The femur is then 
exposed proximally 12 to 14 cm above the condylar level and is cut with an oscillating 
Saw approximately 10 to 12 cm above the joint line. The remaining edges are 
smoothed with a saw or rasp (Fig. 31-23). Small drill holes through the remaining distal 
femoral cortex are made with a 2.5-mm drill (Fig. 31-24). The adductor magnus 
tendon is then sutured with nonabsorbable suture to the lateral femur through the 
drill holes (Fig. 31-25). The femur is held in maximum adduction while this is being 
sutured to the bone as a myodesis (Fig. 31-26). The quadriceps is then brought over 
the bone and anchored to the posterior aspect of the femur through the drill holes 
(Fig. 31-27). The hip is in extension when this Is done to try to minimize hip flexion. 
The fascia lata is then sutured to the medial fascia. Subcutaneous tissue is closed with 
monofilament suture, and the skin is closed with nylon suture (Fig. 31-28). Sterile 
dressing is applied, as well as a compressive wrap to minimize swelling. 








[ - 





FIGURE 31-19 A,B: Skin flaps are marked with a long medial and shorter lateral 
flap. 
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FIGURE 31-20 The quadriceps muscle is detached proximally to the patella, 
preserving some of the tendinous insertion. 





FIGURE 31-21 The adductor magnus is identified and reflected off the femur. 














FIGURE 31-22 The femoral vessels at the level of Hunter's canal are identified 
and ligated. 











FIGURE 31-23 The femur is osteotomized and the end is rasped until smooth. 





FIGURE 31-24 A,B: Four drill holes are made in the femoral stump for the 
myodesis. 


Electrochemical Cell 
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@ Electrochemical Cell 


Figure 1| (a 
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) Informative illustration of typical CV system and disposable printed CV tag. (b) Schematic circuit diagram of the gravure printed wireless 


cyclic ie res (CV) tags. The circuit was designed to couple AC power from a 13.56 MHz reader and then convert the coupled AC to polarized 
DC +10 V ({1) in Figure 1b). Polarized DC will operate the printed ring oscillator to generate a triangular voltage waveform ((2) in Figure 1b). The 
generated waveform will pass through the buffer to meet the impedance difference from the electrochemical cell ((S}in Figure 1b). The electrochemical cell 
will run the redox reaction with a single drop of specimen solution ((4) in Figure 1b) by the voltage triangular waveform. The output current of the 
electrochemical redox reaction will be amplified via an amplifier circuit ((6) in Figure b) and the signal will pass through the buffer to meet the impedance 
difference from the printed signage ((G) in Figure b). The signage will indicate the concentration level of specimen in the solution ((#in Figure b). It will 
indicate whether the concentration is above or below a pre-determined value. 


printed diodes and capacitors are shown in Figure 2b. The printed 
diodes showed a rectifying ratio of 10°, and capacitances of two 
printed capacitors were all about 8 nF/cm’. The polarized DC voltages 
(Figure 2c) were measured by placing the printed rectenna on the RF 
(13.56 MHz) reader with a distance of 2 cm. We adapted a center tap 
transformer, consisted by divided antenna, 2 diodes and 2 capacitors, 
to provide the + and — DC voltage for printed triangle wave gen- 
erator. Using a load of 1 MQ, voltages of +9.4 V and —10.8 V DC 
were attained for the optimized printed antenna by monitoring the 
rectified polarized DC voltages and varying the values of the induct- 
ance of the antenna (Figure S2 in Supplementary Information). The 
polarized DC voltage was also decreased with decreasing load’s resist- 
ance (Figure 2d). 

To generate a cyclic waveform with a low frequency (<1 Hz) 
from the rectified polarized DC voltage, fully gravure printed p-type 
SWNT-based channel network thin film transistors (cnTFTs) were 


used to construct a five stage ring oscillator with p-type inverters. 
The cnTFTs can operate under less than 20 V and their mobility 
range (0.01 to 10 cm’/Vs) can be controlled through the loading 
concentration of SWNT in the ink'*?". To print the five stage ring 
oscillator, we used the same silver and BaTiO; inks as in the printing 
of the rectenna for reducing a number of printing steps while SWNT 
ink was used for printing the channel of the cnTFTs. To manufacture 
the ring oscillator, roll-to-plate (R2P) gravure was used to print 10 
cnTFTs with a gate width of 300 jum and channel length of 160 um 
for both the drive and load cnTFTs (Figure $3 in Supplementary 
Information). The optimized cell depth of gravure plate was 37- 
40 tm with the cell wall thickness of 50-55 jim for the printing 
active layers of drive and load TFTs using low viscosity of SWNT 
based ink (~30 cp) (Figure S4 in Supplementary Information). By 
repeating the printing of active layers on load TFTs, a higher SWNT 
network density can be achieved to generate higher current in the 
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FIGURE 31-25 Attachment of adductor magnus to lateral femur. (Redrawn from 
Gottschalk F. Transfemoral amputations. In: Bowker J] H, Michael J] W, eds. Atlas of 
limb prosthetics: surgical, prosthetic, and rehabilitation principles. 2nd ed. St 





Louis: Mosby; 1992.) 











FIGURE 31-26 The adductor magnus tendon is sutured to the femur through the 
drill holes. 

















FIGURE 31-27 The quadriceps tendon is brought over the femoral stump and 
sutured through the drill holes. 





FIGURE 31-28 The skin is closed with interrupted vertical mattress suture. 
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Postoperative Management 

For both a below knee and an above knee amputation, a compressive dressing is used 
to minimize swelling. The patient is kept in bed for 24 hours. The suction drain is kept 
in for at least 24 hours or until the drainage has decreased to minimal output. For a 
below knee amputation, a compressive Robert J ones dressing is removed 
approximately 48 hours after the surgery. If the swelling is well controlled and the 
wounds are in good condition, a pilon cast can be applied with a temporary prosthetic 
foot. The patient is restricted to minimal weight bearing but is allowed to be up and 
ambulating with gait aids. The pilon cast is removed at 2 weeks after surgery and 
another one can be placed. At 4 weeks after surgery, the pilon cast is removed 
completely. Sutures are removed at 2 to 4 weeks depending on the healing of the 
wound. A stump protector is used between 4 to 6 weeks. Shrinker socks are used to 
shrink the stump, and once the stump volumes have stabilized, a permanent prosthesis 
can be fitted. 


Above knee amputations are initially treated with a compressive dressing and a stump 
protector. At approximately 2 to 3 weeks after surgery, if the wounds are healed, the 
sutures are removed. These patients also use shrinker socks as well as a protector. 
Once their stump volume has stabilized, they can be fitted for their prosthesis. 


Complications/Results 

The most common complications of amputation surgery are soft tissue or wound 
healing problems. These can lead to superficial infections that can ultimately cause 
deep infection, and possibly progress to osteomyelitis. Such complications may result 
in more proximal amputations. 


The treatment of wound complication initially begins with dressing changes, and 
frequently these patients will heal with local wound care. Occasionally, a vacuum- 
assisted closure device can be helpful in increasing the granulation tissue to improve 
the healing in a more timely fashion. Long-term complications include difficulty with 
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Chapter 32 


Soft Tissue Management of Ankle Fractures 
and Use of the Gracilis Muscle Flap 


S. Andrew Sems 
Matthew DeOrio 


Steven L. Moran 


Soft tissue management of injuries around the distal tibia and ankle region will 
often dictate and drive the timing and methods of definitive fixation. Injuries in 
this region vary from low energy ankle fractures to high energy tibial pilon 
fractures. The soft tissue injuries often reflect the amount of energy that was 
involved in creating the bony injury. Regardless of the radiographic appearance of 
the fractures, certain initial treatment principles hold true for both low and high 
energy injuries. Early fracture reduction to restore limb alignment, rotation, 


and appropriate limb length combined with fracture immobilization will allow 
sooner resolution of soft tissue swelling and impairment that might otherwise 
prevent or delay early internal fixation. 


Ankle Fractures 


Indications/Contraindications 
Operative treatment is generally recommended for all unstable ankle fractures in 
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which the talus is unable to be maintained in a position beneath the tibial plafond 
by closed reduction. Nonoperative management is appropriate for stable ankle 
fractures in which there is no lateral subluxation of the talus within the ankle 
mortise. 


Comorbidities 

Open reduction and internal fixation can generally be safely performed on most 
patients regardless of associated comorbidities. In patients with severe peripheral 
vascular disease, preoperative transcutaneous pressure oximetry measurements 
should be obtained to assess the likelihood of the patient healing the surgical 
wounds. TcPO2s less than 30 mm Hg have a higher risk of wound failure and 
fracture nonunion. Involving Vascular Medicine to assist with maximizing lower 
extremity perfusion is reasonable if vascular disease is a concern. The implications 
of insulin dependent diabetes mellitus and peripheral neuropathy should also be 
considered when determining operative versus nonoperative treatment but are not 
contraindications to surgery. Postoperative soft tissue management should be 
modified in patients with high risks of developing wound complications. Longer 
periods of cast immobilization and protected weight bearing may be indicated for 
patients with these comorbidities. 


Nonoperative management of fractures in the nonambulatory patient is reasonable 
provided the fracture does not cause deformity which would result in subsequent 
skin breakdown. Modified techniques of internal fixation in patients who are 
nonambulatory may be utilized in order to maintain the anatomy around the ankle 
joint to prevent soft tissue compromise. 


Preoperative Planning 

Plain radiographs should be obtained in all patients with unstable ankle fractures 
prior to surgical intervention. Anteroposterior (AP), mortise, and lateral views are 
necessary to assess the fracture orientation. Ankle fractures tend to include the 
medial malleolus, lateral malleolus, and occasionally, the posterior malleolus. 
Recognition of the three-dimensional plane in which each fracture occurs is 
important so that surgical incisions are placed appropriately and the correct 
internal fixation is selected. While computed tomography is utilized more often for 


pilon type tibial fractures, it may be used if there is not a clear understanding of 
the fracture pattern. 


Surgical approach selection for treatment of ankle fractures depends on the 
location of the fractures and the quality of the surrounding tissues. Fractures of the 
medial malleolus are typically approached with an anteromedial incision overlying 
the medial malleolus. This incision can be adjusted anteriorly or posteriorly 
depending on the size and orientation of the medial malleolar fragment. Fractures 
which include both the anterior and posterior caliculus may require slight posterior 
adjustment of the incision while fractures that only involve the anterior caliculus 
may be approached through a more anteromedial incision. Fibular fractures are 
typically treated with a direct lateral approach, although a posterolateral approach 
is useful for fibula fractures which occur in the coronal plane or in cases of 
associated posterior malleolus fragments that may be addressed through this same 
incision. 

The timing of surgery is dictated by the state of the soft tissue envelope. For ankle 
fractures, immediate fixation within the first 24 to 48 hours is feasible so long as 
the swelling will not compromise wound healing. Patients who present to the clinic 
or emergency department with ankle fractures within 48 hours from injury can 
often be treated with immediate open reduction and internal fixation prior to the 
onset of the maximal amount of soft tissue swelling. Surgery should be delayed 
when soft issue is so edematous that the surgeon is unable to create skin wrinkles 
by gently pinching the skin over both the medial and lateral malleolus. Open 
fractures require immediate surgical intervention for debridement of all 
contaminated soft tissues. Antibiotic cement bead pouches or Vacuum Assisted 
Closure (VAC) devices may be used until definitive fixation or final wound closure. 
External fixation may be necessary to restore length, alignment, and rotation of 
both the soft tissues and the bone prior to definitive internal fixation. 


Ankle fractures should ideally be treated within 3 weeks of injury prior to early 
callus formation, which can create significant difficulty in fracture reduction. 
Patients who present in the first week following an ankle fracture and whose soft 
tissues are not amenable to immediate surgical fixation should be treated with a 
Robert | ones type compressive dressing with plaster immobilization. These patients 
should be encouraged to maintain strict elevation of their limb at all times. They 


are then seen back in 
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the clinic or preoperative area approximately 7 to 10 days after their injury for soft 
tissue evaluation prior to surgical intervention. This dressing should be taken down 
and the skin should be evaluated prior to any type of anesthetic administration. In 
patients who are admitted to the hospital, sequential compression boots can be 
applied to the foot prior to the application of the Robert | ones dressing. These 
pneumatic boots are usually well tolerated so long as they do not extend up past 
the ankle. 


Surgery 
Medial/Lateral Approaches 


Patient Positioning 

The patient is positioned supine on a radiolucent table with a thigh high pneumatic 
tourniquet and a small bump (towel) placed under the ipsilateral hip to prevent 
excessive external rotation of the limb. The bump placed underneath the hip area 
should be adjusted so that the foot points vertically when in its resting position. A 
foam block or bump of towels can be utilized underneath the leg and ankle area so 
as to elevate the operative limb from the nonoperative limb. This facilitates 
obtaining lateral radiographs without manipulation of the operative leg. The 
intraoperative fluoroscopy unit is brought in from the contralateral side, and it is 
positioned perpendicular to the long axis of the patient. 


Prophylactic antibiotics are utilized for internal fixation of ankle fractures. They 
should be administered prior to inflation of the tourniquet. Once the tourniquet is 
inflated, it should be maintained as long as necessary, but not for more than 2 
hours. If it is impossible to complete the procedure in the allotted 2 hours, the 
tourniquet should be deflated and hemostasis should be obtained, and the 
procedure should be completed without the aid of a tourniquet. If small vessel 
bleeding continues to be an issue, consider moving the operative bed into a 
Trendelenburg position and asking the anesthesiologist to decrease the systolic 
blood pressure within safe limits. 


Technique 


Anatomic Landmarksa€” Medial Approach 

Palpate the medial malleolus to define the location of the anterior aspect of the 
anterior caliculus, the posterior aspect of the posterior caliculus, as well as the 
fracture location. The leg should be palpated to determine the longitudinal axis of 
the tibia. 


Incision and Surgical Approach 
The incision is made along the midlateral axis of the distal tibia. Beyond the tip of 
the medial malleolus the incision may be slightly curved anteriorly (Fig. 32-1). Be 
aware that excessive curvature of the incision may create difficulties in placing 
internal fixation in the medial malleolar fragment. Dissection should be carried 
through the skin and subcutaneous and hemostasis obtained as this is performed 
(Fig. 32-2). Care should be taken to preserve and protect the saphenous vein and 
nerve throughout the case. In this location, the saphenous vein is often very 
subcutaneous and an aggressive skin incision may lacerate the vein. With the 
saphenous 
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vein and nerve protected, the medial malleolar fragment can be retracted distally 
with sharp bone hooks to allow inspection of the ankle joint (Fig. 32-3). A 15 blade, 
used to elevate the periosteum along the fracture edges, can be utilized to ensure 
that the fracture is reduced in an anatomic position. Preservation of the soft tissue 
and minimal periosteal stripping is recommended. Following internal fixation, the 
subcutaneous tissue can be closed using a 2-0 absorbable suture, and the skin 
closed with a nonabsorbable monofilament suture (Fig. 32-4). 








FIGURE 32-1 The incision is made along the mid-lateral axis of the distal tibia, 
curving anteriorly beyond the tip of the medial malleolus. 
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Figure 2| (a) Circuit layout of the printed rectenna to provide polarized DC power, (b) a real image of printed diodes and capacitors, (c) input-output 
electrical characteristics of the rectifier at 13.56 MHz AC input and (d) output + DC voltages under variations in load resistance. 


channels while thicknesses of all printed gate, dielectric and drain- 
source electrodes are kept same (Figure S5 in Supplementary 
Information). 

Their output and transfer characteristics are shown in Figure 3a 
and 3b respectively. Based on the attained transfer characteristics, the 
mobility (1), transconductance (g,,), on-off current ratios from Ips- 
Vps and threshold voltages (Vj) for both five drive cnTFTs and five 
load cnTFTs were extracted and shown in Table S1 (Supplementary 
Information). The shift range of V;, from the fully gravure printed 10 
cnTFTs were about +0.4 V for the drive cnTFTs and £0.6 V for load 
cnTFTs. Those shift ranges are narrow enough to run the printed ring 
oscillator for generating the triangular wave. Each inverter delivered 
a gain of 3 (Figure 3c), and the ring oscillator with five inverters 
generated a pseudo triangular waveform with a voltage amplitude 
of 7 V at 320 mHz (Figure 3d). In fact, the pseudo triangular wave 
can be only generated by the printed cnTFTs based ring oscillator 
because of the parasitic and trapped channel capacitances due to 
carbon nanotube network structures in cnTFTs. Although we only 
showed the frequency of 320 mHz at here, the frequency can be 
varied from 0.3 Hz to 2 Hz based on the printed network density 
of SWNT of printed cnTFTs. This is an advantage of our printed 
cnTFTs for scanning electrochemical cell in CV tag over other tech- 
nologies such as amorphous silicon TFTs where only a sine wave 
with a designed single frequency can be generated because of no 
trap capacitance in the channel (Figure S6 in Supplementary 
Information). The frequency of the triangular waveform can be 
fine-tuned in the range of 0.3 Hz to 2 Hz as shown in the Figure 
S7 (Supplementary Information) by simply changing loading con- 
centration of SWNTs. 

When the generated triangular waveform is supplied directly into 
the printed electro-chemical cell (Figure S8 in Supplementary 
Information), wherein printed silver and carbon electrodes were 
used with a poly(ethylene oxide) and LiCF3;SO; gel type electrolyte, 
the output voltage range is reduced to zero because of improper 
impedance matching between the electrochemical cell (10 KQ) and 
ring oscillator (1 MQ). Therefore, a buffer unit is needed to match 


the impedance levels between the ring oscillator and electrochemical 
cell. The printed buffer unit (Figure 1b-@}) with high on currents and 
low on-off current ratios (Figure 3e) is consists of 6 cnTFTs and a 
resistor (~7 KQ). In the printed CV tag, three resistors were printed 
by screen printer using a carbon paste (DC-20, purchased from 
Dozen Co. Korea) for the buffer units (Figure 1b-3) and (@) and 
the electrochemical cell (Figure 1b-(1}). Their electrical parameters 
are listed in Table S1 (Supplementary Information). The 6 cnTFTs of 
buffer unit were printed using R2P gravure with high SWNT con- 
centration in the semiconducting ink. Each cnTFTs exhibited on- 
currents in the range of 400 ~ 500 1A with a very low on-off ratio 
due to the enhanced metallic percolation in the dense SWNT net- 
works. The buffer units with low on-off ratio were employed to 
reduce the input voltage to +500 mV (Figure 3f) which is the appro- 
priate scanning range of the electrochemical cell. The printed elec- 
trochemical cell with two electrodes was proven to be well operated 
under commercial CV (Figure S9 in Supplementary Information). 
The resulting current after scanning printed electrochemical cell in 
the CV tag can be converted to voltage by connecting the printed 
resistor (Figure 1b-(}: ~5 X 10° ohm) which provides the output 
voltage for electrochromic indicator and re-plotted into the cyclic 
voltammogram. 

Because these output voltage (+70 mV) and current (~40 1A) 
were low after scanning the electrochemical cell, they need to be 
amplified to turn on the electrochromic indicator for showing pre- 
determined concentration (10 mM) level of N,N,N’,N’-tetramethyl- 
p-phenylenediamine (TMPD, purchased from Aldrich) as a standard 
reference in this work (Figure 3g). After running the redox reaction 
of TMPD (Figure 3h) in the printed cell, the output voltage and 
current needed to be amplified to reach 1.5 V and 500 |1A, respect- 
ively, to provide sufficient power to display the letters “PE” as an 
indicator of the presence of TMPD in the specimen. To construct the 
amplifier, cn TFTs based three inverters were printed with a gain of 
three to five (Figure $10 in Supplementary Information) to amplify 
the output signal as shown in Figure 3i. The electrical characteristics 
of the 6 cnTFTs in the inverters with extracted mobility, transcon- 
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FIGURE 32-2 Exposure of the medial malleolar fracture line prior to elevation 
of the periosteum along the fracture edges. 





FIGURE 32-3 Retraction of the medial malleolus allows exposure of the talus 
and ankle joint. 


Lateral Approacha€” Lateral Malleolar Fixation 

The direct lateral approach to the fibula allows placement of fixation along the 
lateral aspect of the fibula. This incision is positioned in line with the longitudinal 
axis of the fibula and may be curved anterior distally to allow access for reduction 
of a Chaput-Tillaux fragment (Fig. 32-5). If plate fixation along the posterior aspect 
of the fibula is desired, such as in a situation when an anti-glide plate is used, 
rather than committing excessive soft tissue stripping via a direct lateral approach, 
the incision can be adjusted posteriorly. The superficial peroneal nerve may cross 
the surgical approach in a subcutaneous location; therefore the skin incision should 
go no deeper than the skin (Fig. 32-6). Dissection through the subcutaneous tissues 
should be performed using combinations of sharp and blunt dissection with care to 


identify and protect the superficial peroneal nerve if encountered. Periosteal 
elevation at the fracture edges with a 15 blade is recommended to ensure an 
anatomic reduction of the fibular fracture. 


For long spiral oblique fractures in which lag screw only fixation of the fibula is to 
be used, this incision can be altered with an apex anterior curve along the 
midportion of the incision. This a€cewavea€e in the incision will allow anterior 
retraction of the soft tissues and appropriate directional placement of lag screws 
across the fracture site. The same concerns remain with regards to protection of 
the superficial peroneal nerve when this modification is performed. 


Following internal fixation, closure is performed with interrupted 2-0 absorbable 
sutures in the subcutaneous tissue followed by nonabsorbable monofilament sutures 
in the skin (Fig. 32-7). 








FIGURE 32-4 Skin closure is performed using a nonabsorbable monofilament 
suture. 
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FIGURE 32-5 The incision is positioned in line with the longitudinal axis of the 
fibula, curving anteriorly at the distal end to allow access for reduction of a 
Chaput-Tillaux fragment. 

















FIGURE 32-6 The superficial peroneal nerve may cross the incision, and care 
should be taken to identify and protect this structure. 














FIGURE 32-7 Skin closure is performed using a nonabsorbable monofilament 
suture. 














FIGURE 32-8 Intraoperative fluoroscopy can be utilized in either the lateral or 
prone position, and image quality should be confirmed prior to incision. 





Posterolateral Approacha€” Posterior Malleolus Fractures 


Patient Positioning 

Fractures which require fixation of the posterior malleolus can be approached 
through a posterolateral incision. Controversy exists regarding the size of the 
fragment, but internal fixation is typically recommended for fractures which 
include 20%to 30%of the articular surface. This approach requires the patient to 
be in either a lateral or prone position (Fig. 32-8). The prone position allows direct 
visualization and better stabilization of the limb during the approach and is 
therefore preferred. The patient should be placed on a well-padded radiolucent 
table with care to be taken to prevent hyperextension of the shoulders and neck. If 
the arms are placed in an abducted position, care should be taken to avoid direct 
compression of the ulnar nerve at the cubital tunnel. A thigh high tourniquet is 
utilized and can be placed prior to prone positioning. Once the patient is in the 
prone position, they are translated towards the foot of the bed so that the hindfoot 
is slightly hanging off the end of the bed to aid with reduction and fixation. The C- 





arm fluoroscopy unit is placed perpendicular to the longitudinal axis of the patient 
and intraoperative films can be used on the patient's uninjured side to guarantee 
symmetry following reduction. 


Technique 

Palpation of the fibula and Achilles tendon is possible due to the subcutaneous 
location of these structures. The incision is made midway between the posterior 
border of the lateral malleolus and the lateral border of the Achilles tendon and 
will need to extend to the tip of the fibula distally and as far proximally as 
necessary to obtain visualization of the fibular fracture and the posterior malleolar 
fracture (Fig. 32-9). The short saphenous vein and sural nerve are located 
immediately behind the lateral malleolus and the incision is placed posterior and 
medial to these structures. The deep fascia of the leg is split in line with the 
incision and the peroneal retinaculum is incised to release the peroneus longus and 
brevis (Fig. 32-10). The peroneal tendons and muscles are retracted laterally and 
the flexor hallucis longus is elevated from its origin on the fibula and retracted 
medially (Fig. 32-11). This allows access to the posterior aspect of the tibia for 
reduction and fixation (Fig. 32-12). The peroneal tendons are retracted medial or 
lateral depending on the location of the fracture. For fibular fractures which 
require a more proximal exposure, dissection to the lateral aspect of the peroneal 
tendons and muscles is necessary. 


Following internal fixation of the posterior malleolus fragment and/ or lateral 
malleolar fracture through the posterolateral approach, the peroneal retinaculum 
is repaired utilizing a 2-0 absorbable suture (Fig. 32-13). If possible, the deep fascia 
of the leg is also reapproximated using the same absorbable suture. Subcutaneous 
tissues are closed with a 2-0 absorbable suture and the skin is closed in interrupted 
fashion using a 3-0 or 4-0 nylon suture (Fig. 32-14). 


Postoperative Management 
Following internal fixation, the patient is placed in a well-padded Robert J ones 
splint to provide further postoperative immobilization (Fig. 32-15). The splint is 
applied with the knee flexed to allow dorsiflexion 
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of the ankle to a neutral position and avoidance of equinus positioning. This splint 
iS maintained for the first 10 days to allow for postoperative swelling. The patient 
is then converted to either a short-leg cast or a fracture boot following this initial 
Robert J ones dressing. The sutures are removed 2 to 3 weeks from the date of 
surgery, however they should remain in place if there is any concern of delayed 
wound healing. Weight bearing restrictions are tailored to the individual fracture 
pattern and in patients with excellent bony quality and excellent healing potential 
weight bearing may be started at 6 weeks. In patients with multiple comorbidities, 
poor bone quality, or concerns for delayed fracture healing, weight bearing may be 
limited for up to 3 months post-operatively. 








FIGURE 32-9 The incision is made midway between the posterior border of the 
lateral malleolus and the lateral border of the Achilles tendon. 

















FIGURE 32-10 The deep fascia of the leg is split in line with the incision and 
the peroneal retinaculum is incised to release the peroneus longus and brevis. 








Complications 


Postoperative wound dehiscence 
With appropriate soft tissue management and timing of internal fixation of ankle 
fractures, postoperative wound dehiscence should be a relatively infrequent 


complication. Due to the relatively subcutaneous location of the internal fixation, 
any wound complication involving full thickness skin dehiscence or necrosis should 
be considered to communicate with the hardware and appropriate aggressive 
surgical intervention involving debridement and dressing changes should be 
performed. 


Patients with partial skin necrosis or minor wound dehiscence that is located away 
from the hardware, particularly on the medial side, can be treated with local 
wound care including wet-to-dry dressing changes. If this is noted prior to suture 
removal, the sutures should be kept in place during these dressing changes, 
particularly near the portion of the wound adjacent to the dehiscence. Surrounding 
cellulitis should be treated with appropriate antibiotics. 
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Figure 3| (a and b) Output and transfer characteristics of the printed cnTFTs for 5 drive and 5 load TFTs respectively in the printed ring oscillator. 
(c) Electrical characteristics of inverters and (d) output characteristic of the ring oscillator. (e) Total output characteristics of the printed buffer unit 
consisting of 6 cnTFTs and a resistor (measured based on contacting gate and drain-source electrodes as shown in the inset circuit). (f) Modified 
triangular wave following the buffer unit. (g) Generated signals before scanning (black) and after scanning the electrochemical cells without (1, blue) and 
with TMPD (2, red) in a drop of solution. (h) TMPD structure for oxidation and reduction reaction. (i) The input and amplified output signals after 


passing through three amplifying inverters. 


ductance, on-off current ratios and threshold voltage are shown in 
Table S2 (Supplementary Information). As the impedance was 
matched between the ring oscillator and the electrochemical cell 
using the buffer unit, another buffer unit (Figure 1b-@) is also 
needed between the electrochromic signage (20 KQ) and the amp- 
lifier (1 MQ) for impedance matching. The electrical parameters of 
the buffer are listed in Table $2 (Supplementary Information). 

The amplified output signal was used to run the reduction and 
oxidation of the patterned conducting polymer in the electrochromic 
signage, and thus the blinking signage will be used to indicate the 
presence of chemicals in the specimens. The signage was fully printed 
and attached on printed CV tag. A clear concept of the printing 
sequence for the electrochromic signage was given in Figure $11 in 
Supplementary Information. 


Discussion 

The fully printed flexible CV tag was completed by assembling the 
printed circuits including ring oscillator, buffer, electrochemical cell, 
amplifier, and signage onto the previously R2R gravure printed rec- 
tenna. The resultant CV tag is shown in Figure 4a. The working 
concept of the wireless and flexible CV tag is demonstrated in the 
following sequences (watch the video file by clicking Figure $12 in 
Supplementary Information). After dropping 500 jl of TMPD solu- 


tion (10 mM) on the printed electrochemical cell, the CV tag was 
placed on the custom made RF (13.56 MHz) reader (Figure S13 
in Supplementary Information). The antenna was subsequently 
coupled to 13.56 MHz AC. The coupled AC was rectified into polar- 
ized DC (> + 10 V) through two diodes and two capacitors which 
caused the ring oscillator to generate a pseudo triangular waveform 
with output voltage of 7 V at 320 mHz. This was then passed 
through the buffer unit to scan the electrochemical cell. The output 
signal after scanning the electrochemical cell was amplified to turn 
on the signage according to the concentration level of TMPD in the 
solution. In this work, whenever the concentration of TMPD was 
higher than 10 mM, the signage “PE” blinked (Figure 4b) while it did 
not show anything (Figure 4c) when it was lower than 10 mM. 
Furthermore, clear cyclic voltammograms for scanning the electro- 
chemical cell with and without 10 mM of TMPD were obtained by 
re-plotting the output triangular voltage waveform (Figure 4d). The 
attained half potential (E,;2 ~ 0.05 V, oxidation potential is 0.22 V 
and reduction potential is —0.17 V) of TMPD from the CV tag was 
nearly identical to the value obtained from a commercial CV instru- 
ment, SP-240, Biologic, which uses the same frequency for the 
triangular voltage waveform and printed electrochemical cell 
(Figure 4e). However, when the generated triangle wave frequency 
is higher than 0.6 Hz in the CV tag, the clear redox peaks cannot be 
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FIGURE 32-11 The peroneal tendons and muscles are retracted laterally and 
the flexor hallucis longus is elevated from its origin on the fibula and retracted 
medially. 

















FIGURE 32-12 Following exposure, the reduction and fixation of the posterior 
malleolar fragment may be completed. 

















FIGURE 32-13 The peroneal retinaculum is repaired using an absorbable 
suture. 








~P.407 











FIGURE 32-14 The skin is closed using a nonabsorbable monofilament suture. 











FIGURE 32-15 A well-padded Robert J ones splint is placed to provide further 
postoperative immobilization. 


Tibial Pilon Fractures 


The a€cepersonalitya€* of tibial pilon fractures is much different from that of ankle 
fractures. Tibial pilon fractures usually represent a much higher energy injury with 
more involvement of the surrounding soft tissues. While immediate open reduction 
and internal fixation of some ankle fractures is feasible, the same is not true for 
pilon fractures. The skin around the distal tibia is not very tolerant of excessive 
swelling with early operative fixation and therefore allowing sufficient time for 
solution of swelling is necessary. Initial series of tibial pilon fractures treated with 
immediate open reduction and internal fixation had significantly higher rates of 
postoperative wound complications compared with later series in which a staged 
protocol was utilized. Initial management of pilon fractures is with limited internal 
fixation of the fibula and spanning external fixation to gain appropriate limb 
alignment and length. This will provide appropriate soft tissue stabilization to allow 
for resolution of the swelling that will inevitably occur following tibial pilon 


fractures. 


Preoperative Planning 

Initial evaluation of tibial pilon fractures consists of AP and lateral x-rays of the 
tibia as well as AP, lateral, and mortise radiographs of the ankle. When a pilon 
fracture has an associated fibula fracture, there is often shortening of the limb. 
After appropriate soft tissue evaluation, management consists of initial open 
reduction and internal fixation of the fibular fracture through a lateral or 
posterolateral approach in addition to application of an external fixator from the 
tibia to the calcaneus. This 


external fixator should be positioned so that the limb length is restored and the 
tibiotalar joint is reduced. Distraction of the joint may be necessary to prevent 
a€cecartilage necrosisa€¢ if the articular surface is comminuted and irregular. 
Preoperative planning is important because the incision for fibular fixation should 
be tailored to the anticipated approach for the tibial internal fixation. A 
posterolateral approach to the fibula may be utilized when a future anterolateral 
approach to the tibia is planned. When an anteromedial approach to the tibial pilon 
fracture is anticipated, a direct lateral approach to the fibula is appropriate. By 
utilizing a posterolateral approach to the fibula, an appropriate 5 or 6 mm skin 
bridge can be preserved between this approach and an anterolateral approach to 
the tibia. A direct lateral approach to the fibula should not be combined with an 
anterolateral approach to the tibia because the proximity of the incisions and 
resultant narrow skin bridge may result in skin necrosis between the incisions. 


Once careful preoperative planning has determined the initial approaches for 
fibular stabilization, the patient should be positioned on a radiolucent table. A 
thigh high pneumatic tourniquet may be utilized during the initial fibular reduction 
and stabilization. Fixation of the fibula is generally performed prior to application 
of the external fixator. In the acute setting, fibular reduction is usually easily 
obtainable as the soft tissues have not yet contracted. In situations when difficulty 
is encountered gaining fibular length, the external fixator may be applied before 
fibular reduction. Careful construction of the external fixator will allow access to 
the fibula during internal fixation. 
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If the initial stabilization is performed within 24 hours, there is frequently minimal 
to moderate soft tissue swelling and fibular fixation can be performed. In the 
polytrauma setting, when fibular fixation may not be performed within 48 hours, 
careful soft tissue evaluation should be made before planning internal fixation. If 
the skin does not wrinkle when performing the pinch test, then fibular fixation 
should be delayed; however, spanning external fixation from the tibial to the 
calcaneus should not be delayed and this should be performed at the first possible 
time following injury. The external fixator improves length, angulation, and 
rotation of the fracture, but more importantly, it restores the appropriate soft 
tissue tension and can prevent further soft tissue compromise and development of 
fracture blisters. Tibial pin placement should be proximal enough that anticipated 
tibial plate fixation will not be contaminated by the pin tracts. A calcaneal 
transfixion pin is frequently utilized, however pins may also be placed in the talar 
neck or metatarsals to provide further support to the foot to prevent equinus 
positioning of the foot. 


Following initial spanning external fixation, the patient's lower extremity should be 
elevated at all times to decrease soft tissue swelling. Deep venous thrombosis 
prophylaxis should be utilized for these now relatively immobile patients who have 
joint spanning external fixators in place. Repeat clinical evaluation should be 
performed on a weekly basis to monitor progression of a soft tissue injury. Once the 
swelling has subsided to the point that soft tissue wrinkles are attainable over the 
planned surgical incisions, internal fixation may be performed. There is frequently 
a 2 to 3 week interval between initial injury and resolution of soft tissue swelling. 
Once the soft tissues are amenable to surgical intervention, a duplex ultrasound 
screening examination should be performed on the injured extremity prior to 
removal of the external fixator and planned internal fixation. Avoidance of 
tourniquet should be considered in patients who have developed deep venous 
thrombosis in the injured extremity. 


Once the soft tissue swelling has subsided, careful preoperative planning is required 
to determine appropriate patient positioning, operative approach, and implant 
choice for internal fixation. Planning consists of reviewing imaging studies, which 
should include a post reduction CT scan once limb length has been restored with 
the use of the external fixator and/ or fibular fixation. Operative approaches should 
be selected which allow access to the fracture segment that requires anatomic 


reduction. Pilon fractures with an associated medial malleolar fracture or coronal 
split which extends to the fibula are often best approached through a medial or 
anteromedial approach. Pilon fractures with significant articular comminution, 
particularly in the anterolateral area, can be approached through an anterolateral 
approach. Fractures with significant posterior comminution are best approached 
through a posterolateral approach as previously described for ankle fracture 
fixation. Two incisions are often necessary and preoperative planning is required to 
ensure that there is a minimum 6 cm skin bridge between the incisions to prevent 
skin necrosis. 


Posterolateral Approach to the Distal Tibia and 
Fibula 
The patient is positioned in a prone position on a radiolucent operative table. The 
patient should be translated towards the foot of the bed so that the midfoot and 
toes are hanging off the bed so the foot 
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is free. A well-padded pneumatic tourniquet may be placed around the thigh and 
should be placed prior to placing the patient in a prone position. The landmarks of 
the lateral malleolus and Achilles tendon are identified by palpation. A longitudinal 
Skin incision is made half-way between the lateral border over the Achilles tendon 
and the posterior border of the lateral malleolus. The incision should extend 
distally until it reaches the level of the tip of the lateral malleolus. The deep fascia 
of the leg is incised in line with the incision, and the peroneal musculature and 
tendons are identified and retracted laterally. The peroneal retinaculum Is incised 
distally to allow lateral retraction of these tendons. The flexor hallucis longus is 
elevated from its origin on the fibula and retracted medially to gain access to the 
posterior aspect of the tibia. Once reduction and fixation have been completed, 
the peroneal retinaculum and deep fascia of the leg are closed utilizing an 
absorbable suture. The subcutaneous tissue is closed with a 2-0 resorbable suture 
and the skin is then closed utilizing either 3-0 or 4-0 nonabsorbable monofilament 
sutures such as nylon. 


Anterolateral Approach to the Distal Tibia 


Patient Positioning 

The patient is positioned supine on a radiolucent operating table and a well-padded 
pneumatic tourniquet is placed around the thigh. A bump is placed under the 
operative hip so that the foot rests vertically in the neutral position. The 
intraoperative C-arm is positioned on the uninjured side perpendicular to the long 
axis of the patient. A foam block or several folded towels can be utilized to elevate 
the operative limb higher than the nonoperative limb to provide a clear image with 
fluoroscopy. This also minimizes frequent manipulation of the leg that could 
potentially compromise the reduction. 


Surgical Technique 

For the anterolateral approach, a longitudinal skin incision is made in line with the 
fourth metatarsal. The incision is extended proximally as far as necessary to expose 
the tibia for application of a plate of the appropriate length and distally will end 
over the talus. The superficial peroneal nerve should be protected and retracted 
laterally in the wound. The subcutaneous nature of the superficial peroneal nerve 
requires careful skin dissection and blunt dissection once the skin has been incised. 
The fascia and extensor retinaculum are incised in line with the skin incisions with 
care taken to avoid undermining the skin flaps. The extensor digitorum longus is 
retracted medially and the peroneal muscles are retracted laterally. During medial 
dissection, avoid injury to the deep peroneal nerve and anterior tibial artery as 
they cross the ankle joint. 


Following reduction and fixation through the anterolateral approach, the superior 
and inferior extensor retinaculum is repaired utilizing absorbable suture. Once the 
retinaculum and fascia have been reapproximated, the wound is closed with 2-0 
absorbable subcutaneous sutures followed by interrupted vertical mattress nylon 
sutures in the skin. 


Anteromedial Approach to the Distal Tibia 


Preoperative Planning 
The patient is positioned supine on a radiolucent operating room table and a thigh 
high pneumatic tourniquet is used. A foam block or set of folded towels is put 


under the operative leg to elevate it higher than the nonoperative leg for lateral 
intraoperative fluoroscopic imaging. The foot should rest in a slightly externally 
rotated position; therefore; placement of bumps underneath the ipsilateral hip is 
unnecessary. Preoperative templating to select the appropriate implant and length 
prevents miscalculation and unnecessary delays in the operating room. 


Technique 

The skin incision parallels the tibialis anterior tendons and extends proximal enough 
to allow application of an appropriate length of plate. Distally, the incision curves 
slightly medially over the ankle joint towards the talonavicular joint. The extensor 
retinaculum over the tibialis anterior is incised in line with the incision, and the 
tibialis anterior is retracted laterally. Dissection should continue beneath the 
tibialis anterior on the anterior aspect of the tibia, elevating the hallucis longus 
and extensor digitorum tendons which are retracted laterally with the tibialis 
anterior. The dissection may also be carried medially towards the medial malleolus 
to expose fractures that extend into this region. Following open reduction and 
internal fixation, repair the extensor retinaculum over the tibialis anterior utilizing 
an absorbable size 0 suture. The subcutaneous tissue is closed using an 2-0 
resorbable suture, and the skin is then closed using an interrupted vertical mattress 
nylon suture. 
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Postoperative Management 

Following sterile dressing application, a bulky Robert J ones type dressing utilizing 
both a posterior splint, as well as a stirrup-type splint, provide added stability. The 
patient is hospitalized until adequate pain control has been achieved. Careful 
postoperative evaluation should be performed to monitor for development of 
possible compartment syndromes in the leg following internal fixation of pilon 
fractures. The patient is maintained in the initial postoperative dressing for the 
first 7 to 10 days, which can then be exchanged for a short leg cast for further 
protection of both the bony and soft tissue elements. Sutures may be removed 
approximately 2 to 3 weeks postoperatively once the wound has healed. Depending 
on the bone quality and the quality of fixation, the patient is transitioned into a 
fracture boot or cast when rigid fixation is a concern. Once the soft tissues have 








0.06 Oxidation 
0.04 TMPD 
= 0.02 
E 
= 0.00 
5 
5 02 BASE 
5 
-0.04 
{ Reduction 
-0.06 T - Tr T ee + 1 
04 0.2 00 O02 O04 O06 
Voltage (V) 








e 
0.04, TMPD 
Oxidation 
0.02 4 ‘ 
F 
& 0.00 | 
5 
= 
& -0.02; 
-0.044 ' Reduction 








0.6 -0.4 -0.2 0.0 02 04 06 
Voltage (V) 


Figure 4| (a) Optical image of fully printed wireless cyclic voltammetry tag. (b) Operation images of CV tag with and (c) without TMPD in the solution 
on 13.56 MHz reader. (d) Converted cyclic voltammogram from the printed wireless CV tag vs (e) a commercial CV instrument (please refer the 
interconnected video file for the demonstration of wireless CV tag operation in Figure $12 in Supplementary Information). 


observed as shown in Figure $14 (Supplementary Information). 
Furthermore, as a typical example of testing a specimen in aqueous 
solution, 10 mM of K3(FeCN), aqueous solution was checked using 
the CV tag, and results of converted cyclic voltammogram was 
shown in Figure $15 (Supplementary Information). Those results 
support that the CV tag can examine specimens not only in organic 
solution, but also in aqueous one. 

Up to present, there has been no commercial success in fully 
printed TFT-based electronic devices due to some kind of difficulties 
in integrating a number of printed TFT through a scalable printing 
method. As increasing a number of integrated TFTs, the range of 
threshold voltage shits of TFT's needs to be controlled as narrow as 
possible to properly operate designed function of printed devices. 
However, the scalable printing method is not fully understood to 
integrate a number of TFTs on plastic foils while keeping the con- 
stant range of threshold voltage shifts because of difficulty in con- 
trolling a constant charge transport through the printed channels. 
Therefore, the printed TFT-based devices should be constructed by 
using a minimum number of printed TFTs while a function of 
printed device needs to be competitive over Si based one. Since the 
fully printed CV tag required the integration of only 26 cnTFTs, the 
acceptable range of threshold voltage shits of cnTFTs is controllable 
and achievable by using a scalable printing method such as a roll-to- 
roll gravure. Furthermore, the unique function of printed CV tags 
cannot be simply reproduced using a Si technology with a compar- 
able cost to the R2R printing process. Therefore, the fully printed CV 
tag will be the first leading model to show a way of how printed TFT- 
based electronic devices should go for the successful launching in the 
IT markets. 

In the core of the printed CV tag, fully gravure-printed cnTFTs 
were employed for constructing a circuit consisting of a ring oscil- 
lator to generate triangular waveforms, buffer units for an impedance 


matching, and an amplifier for enhancing output signal to turn on 
the signage. Those simple units can be combined with a variety of 
printable sensors and RF devices to create novel devices with an 
extremely low cost. In other words, the printed rectenna, ring oscil- 
lator, buffer and amplifier units in the printed CV tag will be key 
elements for the construction of variety of printed RF-sensors, this 
CV tag will be used as a platform for the further construction of a 
variety of RF based electrochemical sensors. 

In conclusion, we have presented a fully printed flexible CV tag 
with the size of 9.5 X 5.5 cm? that can operate wirelessly using a 
13.56 MHz RF reader. However, for the practical purpose, the size of 
the CV tag can be reduced up to the half (4 X 2 cm”) of the current 
one by optimizing spaces between cnTFTs in the circuit of the CV tag 
and reducing the operation power to less than DC 5 V as the current 
size of 13.56 MHz antenna is designed to provide maximum coupled 
AC power using a sufficient length of printed antenna pattern 
(higher inductance). Furthermore, although we utilized R2P gravure, 
screen printer and drop casting method for the convenience of fab- 
ricating the CV tag in the Lab, the whole fabricating process can be 
repeated by R2R gravure because the rectenna, ring oscillator, buf- 
fers, electrochemical cell, amplifier and signage in the CV tag were all 
designed to compromise the limit (+20 pm) of a registration accu- 
racy of a current R2R gravure system. Therefore, this technology 
could be used as a platform for disposable wireless electrochemical 
sensors to a variety of specimens in aqueous and organic solutions to 
monitor or diagnose pathogens and hazardous materials by modi- 
fying the electrodes of the electrochemical cells. 


Methods 


Roll-to-roll (R2R) gravure printed antenna, bottom electrodes, gate electrodes 
and wires. Two color units of R2R gravure system (Taejin Co. Korea: Figure S1 in the 
Supplementary Information) was employed to print antenna, bottom electrodes and 
wires on a roll of poly(ethylene terephthalate) (PET) film (width of 200 mm and 
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healed, the patient should be encouraged to remove the walking boot multiple 
times per day to begin range of motion of the ankle. Weight bearing is not 
permitted until radiographic evidence of healing is seen, usually at 12 weeks from 
surgery. Initial weight bearing begins in a walking boot and once the patient is 
comfortable in the boot, they wean into a regular shoe over a several week period. 
After progression of weight bearing, radiographs should be obtained in 3 to 4 weeks 
to assure there is no displacement of the fractures. 


Complications 


Delayed Wound Healing/Wound Dehiscence 


Soft tissue complications can be minimized when an appropriate protocol of 
external fixation followed by delayed internal fixation is respected. In the event 
that delayed wound healing with dehiscence occurs, sutures should be left in place 
if it is a superficial skin dehiscence. Often, these can be treated often with 
dressing changes and occasionally oral antibiotics if there is surrounding cellulitis. 
In the event that there is deep or full thickness necrosis of either the posterolateral 
or anterolateral approaches, careful clinical inspection should be performed to 
determine whether the infection communicates with the deep hardware. Due to 
the relatively subcutaneous nature of the anteromedial approach, full thickness 
break-down should be treated as a deep infection with formal irrigation, 
debridement, and antibiotic treatment. Full thickness dehiscence of the 
anterolateral or posterolateral exposures should be inspected to determine if there 
is Communication with the deep hardware. In the event that the subcutaneous and 
retinacular layers appear intact, appropriate treatment methods include local 
debridement and dressing changes. Any infection that communicates deep with the 
hardware needs to be treated aggressively with formal surgical debridement and 
postoperative dressing changes to obtain closure. Alternatively, VAC devices may 
be used in open wounds to help gain granulation tissue prior to an impending soft 
tissue Coverage operation. With any type of wound dehiscence, range of motion 
exercises should be halted until resolution of the wound complication. While a cast 
boot is convenient for inspection of the wounds, a formal cast application with 
window cut-outs is more effective at immobilizing the limb and allows resolution of 
the soft tissue complications. In the event of early deep infections, repeat serial 


irrigation and debridements are necessary with intravenous antibiotic treatment to 
obtain suppression of the infection until union has occurred. If the infection 
persists following fracture union, then the hardware may be removed and further 
soft tissue coverage provided as necessary. 


Gracilis Free Muscle Flap for Extensive Tissue Loss 
Following Ankle Injuries 

Despite the best attempts at atraumatic tissue handling during the surgical 
exposure soft tissue defects surrounding the ankle may still occur. Whether due to 
initial soft tissue loss, or due to tissue devitalization following fixation, soft tissue 
deficits surrounding the ankle often require urgent coverage to avoid the 
complications of hardware infection, nonunion, and osteomyelitis. 


For soft tissue closure of ankle defects there are many options, including the 
reversed soleus flap, the sural artery flap, and free latissimus dorsi muscle flap. 
Our preference however, in these situations, is the use of the gracilis free muscle 
flap. This flap provides a great deal of versatility, contours well to the ankle, and 
produces minimal donor site morbidity. 


Indications/Contraindications 

Any defect surrounding the ankle can be considered for flap coverage. The flap is 
limited in terms of surface area, and is not well suited for circumferential coverage 
of the ankle and Achilles tendon 


region. Also the pedicle length can be limited if a wide zone of injury requires the 
use of recipient vessels higher than the midcalf. 


Patient factors which may increase the risk of flap failure include atherosclerosis, 
smoking status, and renal failure but these are not considered absolute 
contraindications to surgery. Absence of adequate recipient vessels is the only 
absolute contraindication for flap transfer. 


Preoperative Planning 
Often following significant lower extremity trauma a CT angio-gram is obtained to 
evaluate the arterial inflow to the ankle. In severe ankle trauma the posterior or 
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anterior tibial arteries may be occluded or transected, limiting recipient vessel 
options: either vessel may be used as a recipient vessel for successful flap transfer. 
If an angiogram is not to be performed prior to surgery a careful assessment of the 
posterior and anterior tibial vessels must be performed with the use of a hand held 
Doppler probe. 


Surgery 


Patient Positioning 

The patient is placed supine on the operating room table with the leg in mild 
abduction and the knee slightly bent. Depending on the extent of the concomitant 
trauma either the ipsilateral or contralateral gracilis may be used. If possible we 
prefer to harvest the gracilis from the same leg as the original ankle trauma. 


Technique 

The gracilis receives its blood supply from the medial femoral circumflex artery 
which originates from the profunda femoral artery. The major pedicle can be 
identified approximately 8 to 10 cm inferior to the pubic tubercle. The flap also has 
a minor arterial pedicle which enters the muscle at the level of the mid thigh. This 
artery originates from the superficial femoral artery. The muscle receives its 
nervous innervation from the anterior branch of the obturator nerve. This branch of 
the obturator nerve can be harvested with the muscle if there are requirements for 
functional muscle transfer (Fig. 32-16). 
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FIGURE 32-16 The gracilis muscle lies in the medial thigh. Its major pedicle is 
a branch of the medial femoral cutaneous artery which is a branch of the 
profunda femoris artery. The major pedicle can be identified entering the 
muscle 8 to 10 cm inferior to the pubic tubercle. 
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The muscle is exposed through a medial thigh incision. The incision is made 3 cm 
posterior to a line connecting the pubic tubercle and the medial condyle of the 
femur. A single long incision provides the most expedient means of identification of 
the gracilis muscles; however the resultant scar can be unsightly. Alternatively the 


muscle may be harvested through two separate smaller incisions; a 10 to 12 cm 
incision may be created over the area of the vascular pedicle and a second 5 cm 
incision can be created at the level of the medial femoral condyle which allows for 
division of the muscle insertion (Fig. 32-17). 


Proximally the gracilis muscle lies between the adductor longus medially and the 
semitendinous muscle inferiorly. It lies superficial to the adductor magnus. The 
pedicle lies deep to the adductor longus but runs along the superficial surface of 
the adductor magnus. 


Once the skin incision has been made the muscle is carefully identified inferiorly at 
the level of the knee. Inferiorly the muscle lies posterior to the sartorius muscle 
and anterior to the insertion of the semimembranous and semitendinous muscles 
(Fig. 32-18). The gracilis can be confused with the sartorius muscle. It may be 
differentiated from the sartorius and semimembranous tendon by looking for the 
musculotendinous portion of the gracilis. At the level of the medial femoral condyle 
the gracilis consists of both muscle and terminal tendon, the semimembranosus is 
entirely composed of tendon and the sartorius is entirely muscle. Once the gracilis 
is identified it may be rapidly separated from the surrounding tissue with blunt 
dissection to the level of the minor pedicle. The minor pedicle is not divided until 
the major pedicle is clearly visualized (Fig. 32-19). 





FIGURE 32-17 The muscle may be harvested through a long medial incision, or 
alternatively through two smaller incisions; a 10 to 12 cm incision may be 
created over the area of the vascular pedicle and a second 5 cm incision can 
be created at the level of the medial femoral condyle which allows for division 
of the muscle insertion. 
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FIGURE 32-18 Inferiorly the muscle lies posterior to the sartorius muscle and 
anterior to the insertion of the semimembranous and semitendinous muscles. 
The gracilis can be confused with the sartorius muscle. It may be 
differentiated from the sartorius and semimembranous tendon by looking for 
the musculotendinous portion of the gracilis. At the level of the medial 
femoral condyle the gracilis consists of both muscle and terminal tendon, the 
semimembranosus is entirely composed of tendon, and the sartorius is entirely 
muscle. 
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FIGURE 32-19 The muscle may be rapidly elevated back to the major pedicle. 
The pedicle can be seen inferior to the soft tissue retractor. The saphenous 
vein has been preserved as it crosses the incision midway down the thigh. 











The major pedicle is identified running at the proximal lateral margin of the muscle 
approximately 8 to 10 cm from the pubic tubercle. The adductor longus is retracted 
laterally to expose the major pedicle. The fascia of the adductor magnus must be 
divided to allow for mobilization of the pedicle significantly. The pedicle is traced 
back to its origin at the profunda femoris vessels. Multiple perforating branches to 
the adductor muscles must be divided to gain exposure to the profundus artery, 
thus maximizing pedicle length of up to 6 cm. Dissection and visualization is aided 
with the use of lighted retractors; alternatively the adductor longus may be 
mobilized and retracted medially allowing visualization of the pedicle origin deep 
to the muscle (Fig. 32-20). 


Once the major pedicle is identified and determined to be adequate for 
microvascular anastomosis the secondary pedicle is divided. The origin of the 
muscle and branch of the obturator nerve is now divided. The muscle is left to 
perfuse on its major pedicle until the recipient vessels have been prepared for 


microvascular anastomosis. 


Prior to muscle transfer a final definitive debridement of the defect site is 
performed. The recipient vessels are then exposed away from the original zone of 
injury (Fig. 32-21). Donor vessel preparation 
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is performed with the use of high powered operative loop magnification or the 
microscope to verify that the vessels are adequate for microvascular anastomosis. 
The anterior tibial artery is used as a recipient vessel for lateral malleolar defects 
while the posterior tibial artery is preferentially used for medial defects (Fig. 32- 
22). End to side anastomosis to the artery is preferred while an end to end 
anastomosis to the venous comitantes Is performed in most settings. If two veins 
are present within the arterial pedicle both of the venous comitantes to the gracilis 
muscle are anastomosed to minimize the chances of postoperative venous 
insufficiency. 





FIGURE 32-20 The pedicle (black arrow) is dissected back to its origin at the 
profunda femoris. This allows for a significant improvement in pedicle length. 
A branch of the obturator nerve can be seen running on top of pedicle and the 


adductor magnus muscle. 

















FIGURE 32-21 A: A lateral malleolar defect has developed in a 48-year-old 





thickness of 100 tm, purchased from SKC, Korea) with silver nanoparticle based 
conducting ink (PG-007 BB type, Paru Co. Korea) and the web transfer speed of 

8 m/min under roll pressure of 0.5 MPa and web tension of 60 N. The silver ink was 
further formulated to meet the viscosity of 500 cp and surface tension of 47 mN/m 
using respectively ethylene glycol (Aldrich) and Dipropylene glycol methyl ether 
(Aldrich). The curing time of printed silver layer was 10 sec by passing through a 
heating chamber of 150°C, installed in R2R gravure system. The resulting printed 
silver patterns on PET roll showed the thickness of 450 (+50) nm without any defects 
and were shown in Figure S16a (Supplementary Information). 


Roll-to-plate (R2P) gravure printed ring oscillator, buffer, and amplifier. Full R2P 
gravure system (Figure S1 in the Supplementary Information) was employed to print 
single walled carbon nanotube network based thin film transistors (cnTFTs), used as a 
building block to construct all the integrated circuit of printed cyclic voltammetry 
(CV) tag (Figure 1). 26 cnTFTs for the integration of circuit in printed CV tag were 
printed on the previously R2R gravure printed film (printed antenna, bottom 
electrodes and wires with thickness of 450 nm; Figure $16b in Supplementary 
Information) following printing sequences. First, BaTiO3 nanoparticle based 
dielectric ink (PD-100, Paru Co., Korea) was further formulated to meet viscosity 
(75 cP) and surface tension (31.8 mN/m) using the ethyl 2-cynoacrylate (Aldrich). 
As shown in R2P gravure printing scheme (Figure $17 in Supplementary 
Information), the homogeneous and defect free dielectric layers were first R2P 
gravure printed with a printing speed of 200 mm/s and roll pressure 7.5 kgy on 
previously printed gate electrodes and bottom electrodes (for capacitors) with a 
thickness of 2.3 (+0.1) tum and width of 940 (+2) jtm (Figure S5 in Supplementary 
Information). The printed dielectric layers were cured for 1 min 20 sec at 150°C. 
Second, single walled carbon nanotube (SWNT) based semiconducting ink (PR-040, 
Paru Co., Korea) was diluted by diethylene glycol monobutyl ether (Daejung Co., 
Korea) to 1: 1 volume ratio for printing active layers using R2P gravure on the printed 
dielectric layers with a printing speed of 350 mm/s and a roll pressure of 4 kgs. The 
viscosity and surface tension of diluted SWNT ink were respectively 30 cP and 

29 mN/m. The resulting SWNT printed films were dried 1 min at 150°C. For using 
cnTFTs in the buffer unit, we used the dilution volume ratio of 5:1 between SWNT 
ink (PR-040, Paru Co., Korea) and diethylene glycol monobutyl ether for printing 
only on the TFTs in the buffer unit to increase SWNT network density for providing 
the high current (Figure S5 in Supplementary Information). Finally, drain-source 
electrodes were R2P gravure printed using silver nanoparticle based ink (PG-007 AA 
type, Paru Co., Korea) on SWNT printed film with a viscosity of 800 cP and a surface 
tension of 42 mN/m. The R2P gravure printing was carried out under a printing 
speed of 200 mm/s and a role pressure of 5 kgy. 


Diode fabrication. Although Shottky diodes were able to print using R2R gravure 
based on our previous reported process’, the drop casting method was used for the 
convenience in this work. First, dropping ZnO based hybrid semiconducting ink (PD- 
070, Paru Co., Korea) on printed silver electrode and then, Al ink (PA-009, Paru Co., 
Korea) was dropped on the top of ZnO ink. The resulting diodes were further cured 
for 5 min at 120°C. 


Measurements. Formulated and diluted inks were characterized using DCAT21 
(Dataphysics Co., Germany) and SV-10 Vibro viscometer (AND Co., Japan) for 
respectively measure surface tension and viscosity. All measurements in this work 
were carried out under ambient condition if there are no other comments. Resistance 
of printed antenna, bottom electrodes, gate electrodes and wires were measured using 
two probe methods with HP3457A multimeter. Both surface morphology and 
thickness of printed layers was characterized using surface profiler (NV-2200, 
Nanosystem, Korea). LCR meter (E4980A, Agilent, USA), semiconductor parameter 
analyzer (4155C, Agilent, USA) and digital phosphor oscilloscope (DPO 4054, 
Tektronix, USA) were respectively used to characterize printed cnTFT based circuits. 
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gentleman following stabilization of a complex malleolar and calcaneal 
fracture. B: The anterior tibial vessels are exposed away from the zone of 
injury in preparation for free tissue transfer. C: The anterior vessels are 
identified just lateral and deep to the anterior tibialis muscle. The perineal 
nerve Is Surrounded with a vessel loop and gently freed from the underlying 
vessels. D: The flap at one week shows good take of the skin graft. E: Four 
month view shows excellent contouring of the flap with stable wound coverage 
allowing for normal shoe wear. 


Once the anastomosis is complete the muscle is allowed to reperfuse for 20 minutes 
as the donor site is closed. An implantable Doppler probe is placed 
circumferentially around one of the two veins to allow for evaluation of 
anastomotic patency postoperatively. Donor site closure is performed with deep 
dermal sutures and an absorbable subcutaneous monofilament suture. A closed 
suction drain is also used to prevent postoperative seroma or hematoma formation. 
Flap insetting is then performed. Muscle insetting is facilitated with the use of half 
buried absorbable sutures placed within the muscle and pulled beneath the native 
skin. The epimysium of the muscle is often excised to allow for expansion of the 
muscle's surface area. This allows for improved contouring over the malleolus. At 
the 
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completion of insetting the muscle is covered with a meshed split thickness skin 
graft. The flap is covered with a Xeroform and the patient's leg is then loosely 
wrapped in sterile cotton and placed into a posterior splint for postoperative 
comfort. A large window is created in the dressing for post-operative flap 
monitoring. A single suture is placed superficially within the muscle over the 
pedicle so that anastomotic patency can be evaluated postoperatively with the use 
of a hand held Doppler device. 





FIGURE 32-22 A: A 32-year-old gentleman presents with a defect of the lower 
margin of the tibia which developed following treatment of a malleolar 
fracture. B,C: In this case the gracilis muscle is anastomosed to the posterior 
tibial vessels and brought anteriorly to cover the bone and soft tissue defect. 
D: The muscle was harvested through two limited incisions over the medial 
thigh. The inferior incision is used for division of the muscle insertion while 
the superior incision is used for dissection of the vascular pedicle and division 
of the muscle origin. E,F: The wound is stable at 6 months with no further 
drainage or signs of ongoing infection. 


Postoperative Management 


Flap monitoring may be performed with either the use of an implantable Doppler 
probe, or with the use of a hand held Doppler probe at the bedside. Evaluation of 
perfusion is performed every hour for the first 24 hours by a skilled microsurgical 
nursing staff who are familiar knows the signs of arterial insufficiency and venous 
thrombosis. 


On postoperative day 4 or 5 the entire dressing is removed and skin graft survival is 
assessed. At this point the patient may be placed into a loose Robert-] ones dressing 
or a removal posterior splint. The donor site drain is removed once output is less 
than 30 cc a day. 


Complications/Results 

The most devastating complication following any free tissue transfer include partial 
flap loss and total flap loss. If arterial insufficiency or venous insufficiency occurs 
postoperatively, immediate re-exploration is recommended. At the time of surgical 
exploration thrombosis may be identified at the anastomotic site. In such cases 
early revision of the anastomosis will often allow for flap salvage. If the flap is 
unsalvageable and flap loss occurs, an additional flap will be required. In such cases 
a secondary free flap, pedicled flap, or cross-leg flap can be considered. In cases of 
partial flap loss, occasionally the flap may be advanced distally to cover critical 
structures. Alternatively small areas of distal necrosis may be managed with 
dressing changes, skin grafting, or pedicle flap coverage. 


In an examination of 50 acute traumatic and post-traumatic wounds, Redett and 
colleagues found the gracilis muscle effective for covering defects up to 165 cm? 
Successful free tissue transfer was performed in 93%of patients, and limb salvage 
was possible in 96% Studies by Hallock have shown that the vascular pedicle is of 
adequate length for reconstruction of defects extending over the calcaneus and 
lateral malleolus (Fig. 32-21). For defects which exceed the limits of a gracilis 
transfer a latissimus free muscle flap can be considered. We have found the gracilis 
to contour nicely over time allowing for normal shoe wear following reconstruction. 
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Fractures of the calcaneus and talus are among the most complex and challenging of 
fractures for the orthopaedic surgeon to effectively manage, in that both are three- 
dimensionally unique structures with highly specialized biomechanical function and a 
distinctly limited surrounding soft tissue envelope. Fractures of the calcaneus and 
talus are generally the result of high-energy trauma, such as a motor vehicle accident 
or a fall from a height, and as such, the severity of fracture displacement and the 
extent of soft tissue disruption are directly proportional to the amount of force and 
energy absorbed by the limb. 


Fractures of the Calcaneus 
Indications/Contraindications 


General Considerations 

Operative treatment is generally indicated for displaced intra-articular fractures 
involving the posterior facet as demonstrated on computed tomography (CT) scanning. 
Nonoperative treatment is best reserved for non- or minimally-displaced extra- 
articular calcaneal fractures, and truly non-displaced intra-articular fractures as 
determined on CT scan. 


Comorbidities 


While nicotine use/ dependence is not a contraindication to operative treatment, all 
patients who are smokers are counseled at length as to the associated risks and 
encouraged to discontinue tobacco use. We consider heavy smoking (a%é2 packs per 
day) as a relative contraindication to surgery. Specific contraindications for operative 
treatment include fractures in patients with insulin-dependent diabetes mellitus, 
severe peripheral vascular disease, or other major medical comorbidities precluding 
surgery, as well as fractures in elderly patients who are minimal (household) 
ambulators. Because many older patients are healthy and active well into their 70s, 
chronologic age itself is not necessarily a contraindication to surgical treatment. 


Delayed Treatment by Necessity 


Operative treatment may also be contraindicated if initial evaluation has been delayed 
beyond 3 or 4 weeks from the date of injury, or in certain situations in which injury 
severity prohibits early surgical intervention, including fractures associated with 
severe fracture blisters or prolonged edema; fractures with large open wounds; and 
fractures in patients with life-threatening injuries. Operative treatment following a 
prolonged delay (>4 weeks) from initial injury to definitive treatment is complicated 
by the fact that early consolidation of the fracture has occurred, making the fracture 
fragments increasingly difficult to separate to obtain an adequate reduction, and the 
articular cartilage may delaminate away from the underlying subchondral bone. In 
these instances, delayed treatment by necessity is used whereby the fracture is 
allowed to heal and is later managed as a calcaneal malunion following resolution of 
the prohibitive factors. 
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FIGURE 33-1 Preoperative a€cewrinklea€* test. Note presence of skin creases 
indicating that surgery may now be safely undertaken. 








Preoperative Planning 

In completing preparations for surgery, the surgeon should thoroughly review the plain 
radiographs and CT scans to gain a preliminary understanding as to the 
a€cepersonalitya€* of the fracture pattern, which then allows for planning of patient 
position and surgical approach, as well as anticipation of specific technical steps in 
obtaining fracture reduction, and the necessary implants for definitive stabilization. 
While multiple surgical approaches have historically been described, the general 
consensus currently favors the extensile lateral approach for most displaced intra- 
articular calcaneal fractures. Percutaneous reduction techniques, such as the Essex- 
Lopresti maneuver, are particularly ideal for certain tongue-type fracture (Sanders 
type IIl-C) patterns. 


Surgery is ideally completed within the first 3 weeks of injury before early fracture 


consolidation; however, surgery should not be attempted until the associated soft 
tissue swelling has sufficiently dissipated as demonstrated by a positive wrinkle test. 
The test involves assessment of the lateral calcaneal skin with passive dorsiflexion and 
eversion of the injured foot. A positive test is confirmed by the presence of skin 
wrinkling without residual pitting edema, such that surgical intervention may be safely 
undertaken (Fig. 33-1). A variety of modalities may used to decrease swelling in the 
affected extremity. We prefer initial elevation and immobilization in a bulky J ones 
dressing and supportive splint, with later conversion to an elastic compression stocking 
and fracture boot locked in neutral flexion as the acute swelling begins to dissipate in 
the ensuing few days. 


Extensile Lateral Approach 
Surgery 


Patient Positioning/General Considerations 

The procedure requires use of a radiolucent table and a standard C-arm. For isolated 
injuries, we prefer placing the patient in the lateral decubitus position on a beanbag. 
The lower extremities are positioned in a scissor configuration, whereby the operative 
(a€ceupa€s) limb is flexed at the knee and angles toward the posterior, distal corner 
of the operating table, and the nonoperative (a€cedowna€s) limb is extended at the 
knee and positioned away from the surgical field to facilitate intraoperative 
fluoroscopy. Protective padding is placed beneath the contralateral limb for 
protection of the peroneal nerve, and an operating a€ceplatforma€s is created with 
blankets and foam padding to elevate the operative limb (Fig. 33-2). The prone 
position may alternatively be used in the event of bilateral injuries. 


The patient is given prophylactic preoperative antibiotics, and a pneumatic thigh 
tourniquet is used. The procedure should be completed within 120 to 130 minutes of 
tourniquet time, so as to minimize wound complications. If the procedure extends 
beyond that time, the tourniquet should be released and the remainder of the 
procedure performed without it. In allocating tourniquet time, the surgical approach 
should be completed within 20 minutes, allowing up to 60 minutes for fracture 
reduction, 20 minutes for implant placement, and 20 minutes for wound closure. 
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FIGURE 33-2 Lateral decubitus position. Note scissor-like limb configuration to 
facilitate intraoperative fluoroscopy. 


Technique 


Anatomic Landmarks 


Wound complications following surgical management of calcaneal fractures remain a 
major source of morbidity with these injuries. The soft tissues overlying the lateral 
hindfoot receive blood supply from a confluence of three arterial branches: the lateral 
calcaneal artery, the lateral malleolar artery, and the lateral tarsal artery. Borrelli 
and Lashgari determined that the majority of the full-thickness flap with an extensile 
lateral approach is supplied by the lateral calcaneal artery, typically a branch of the 
peroneal artery. At the level of lateral malleolus, the artery courses parallel to the 
Achilles tendon and lies approximately 11 to 15 mm anterior to the terminal Achilles 
tendon and its insertion. Thus, strict attention to detail with respect to placement of 


the incision and gentle handling of the soft tissues is of paramount importance. 


Incision and Surgical Approach 


The extensile lateral incision is then outlined on the skin with a marking pencil (Fig. 
33-3). The incision begins approximately 2 cm proximal to the tip of the lateral 
malleolus, just lateral to the Achilles tendon extending toward the plantar foot. In this 
manner, the vertical limb of the incision will course posterior to the sural nerve and 
the lateral calcaneal 
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artery, thereby avoiding devascularization of the lateral calcaneal flap. The horizontal 
limb of the incision is drawn along the junction of the skin of the lateral foot and heel 
pad, the demarcation of which can be identified by compressing the heel. We prefer 
to substitute a gentle curve where these two lines intersect to form a right angle, 
primarily to avoid necrosis of the apical skin. The terminal portion of the horizontal 
limb includes a gentle curve anteriorly along the skin creases, extending over the 
calcaneocuboid articulation. 














FIGURE 33-3 Planned extensile lateral incision. 





FIGURE 33-4 Full-thickness subperiosteal flap. Note peroneal tendons contained 
within the flap. 


With a sterile bolster placed beneath the medial ankle, the incision begins at the 
proximal portion of the vertical limb, becoming full-thickness at the level of the 
calcaneal tuberosity; dissection is specifically taken from a€oeskin to bonea€e at this 
level while avoiding any beveling of the skin. Scalpel pressure is again lessened beyond 
the apical curve, roughly at the midpoint of the horizontal limb, at which point a 
layered incision is again developed. 


A full-thickness subperiosteal flap is then developed starting at the apex. Any use of 
retractors should be avoided until a sizeable flap has been raised, so as to avoid 
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separation of the skin from the subcutaneous tissues and periosteum. The 
calcaneofibular ligament and inferior peroneal retinaculum are released sharply, thus 
exposing the peroneal tendons. Both tendons are identified and released from the 
peroneal tubercle through the cartilaginous pulley, and further gently mobilized 
distally with a periosteal elevator, thereby exposing the anterolateral calcaneus and 
calcaneocuboid joint. In this manner, the peroneal tendons and sural nerve are 
contained entirely within the sub-periosteal flap (Fig. 33-4). 


Deep dissection continues anteriorly to the sinus tarsi and anterior process, and 
posteriorly to the superior-most portion of the calcaneal tuberosity for a€cewindow 
visualizationa€* of the posterior facet, so as to prevent rotational malalignment of the 
posterior facet articular surface in the sagittal plane. Three 1.6-mm Kirschner wires 
are then placed for retraction of the subperiosteal flap using the a€ceno toucha€» 
technique. In this technique, one wire is placed into the distal fibula as the peroneal 
tendons are slightly subluxed anteriorly; a second wire is placed in the talar neck; a 
third wire is placed in the cuboid as the peroneal tendons are levered away from the 
anterolateral surface of the calcaneus with a periosteal elevator. Thus, each Kirschner 
wire retracts its respective portion of the peroneal tendons and subperiosteal flap 
(Fig. 33-5). A small Bennett-type retractor may additionally be used at the distal 
margin of the sinus tarsi for further exposure of the anterolateral calcaneus. 


Assessment of the Peroneal Tendons 


Following fracture reduction, definitive stabilization, and final fluoroscopic images, 
the wound is copiously irrigated. As the previously placed Kirschner wires are manually 
removed, the peroneal tendons should easily reduce into the peroneal groove at the 
posterior border of the lateral malleolus. A Freer elevator is introduced into the 
tendon sheath, advanced proximally to the level of the lateral malleolus, and levered 
anteriorly to assess the stability of the peroneal tendon sheath and superior peroneal 
retinaculum. If the tendon sheath is detached from the lateral malleolus and therefore 
incompetent, the elevator will easily advance anterior to the lateral malleolus, 
indicating that a retinacular repair is required. A 3-cm incision is then made along the 
posterior margin of the lateral malleolus, exposing the tendon sheath and retinaculum. 
With the peroneal tendons held reduced in the peroneal groove, one to two suture 
anchors are 
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placed in the lateral malleolus to secure the detached tendon sheath and retinaculum. 
Tendon stability is then reassessed with a Freer elevator in the same manner. 





FIGURE 33-5 a€ceNo toucha€e technique: K-wire placement for retraction of the 
full-thickness flap. 








Closure Technique 

A deep drain is placed exiting proximally in line with the vertical limb of the incision. 
Deep No. 0 absorbable sutures are then passed in interrupted, inverted fashion 
starting with the apex of the incision. Sutures are placed thereafter at the proximal 
and distal ends of the incision, and progressing toward the apex of the incision, while 
attempting to advance the flap toward the apex. The suture ends are temporarily 
clamped until all sutures have been passed (Fig. 33-6). The sutures are then hand tied 
in sequential fashion, starting at the ends proximally and distally, progressing toward 





the apex of the incision to minimize tension at the apex. 


AllgA{wer-Donati Suture 


The skin layer is closed with 3-0 monofilament suture using the modified AllgAfer- 
Donati technique, again starting at the ends and working toward the apex (Fig. 33-7). 
The suture technique is a modified vertical mattress stitch, whereby the far end 
passes subcutaneous to the skin edge to minimize tension on the skin margin. 
Alternatively, the sutures may be passed in modified horizontal mattress fashion. In 
the context of an extensile lateral approach, eee 
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the knots are placed along the periphery of the incision, avoiding violation of the skin 
margin of the subperiosteal flap. 














FIGURE 33-6 Deep closure. Note placement of all sutures prior to sequential tying 
(different patient). 














FIGURE 33-7 Skin closure using modified AllgAfler-Donati technique. 











The suture is placed initially into the wound edge of the near end, and the needle is 
then reversed in the needle driver. The suture is introduced into the subcuticular edge 
of the far end and extended through the subcutaneous tissue of the near end, exiting 
approximately 1 cm from, and in line with, the initial entry point. A single reverse 
throw is passed to maintain the skin bridge between the entry and exit point, and the 
knot is slightly tensioned to approximate the skin edges. A second reverse knot is 


passed to allow the knot to slide and gently evert the wound edges, followed by a 
forward knot to lock the stitch in place (Fig. 33-8). Following completion of wound 
closure, the tourniquet is deflated and sterile dressings are applied, followed by a 
J ones-type bulky cotton dressing and Weber splint. 


Postoperative Management 

The patient remains in the hospital overnight for pain control, and is converted to a 
short-leg non-weight bearing cast prior to discharge. The patient is converted back 
into an elastic compression stocking and fracture boot at 2 to 3 weeks postoperatively, 
and subtalar range of motion exercises are initiated. The sutures are removed once 
the incision is fully sealed and completely dry, typically at 3 to 4 weeks; however, they 
should not be removed until the wound is fully healed. We prefer that the patient 
Sleep in the fracture boot at night until weight bearing is begun to prevent an equines 
contracture. Weight bearing is not permitted until 10 to 12 weeks postoperatively, at 
which point the fracture should be radiographically healed. The patient is then 
gradually transitioned to a regular shoe, and activities are advanced. In our 
experience, the patient should be able to return to a moderately active job at 
approximately 4 to 6 months postoperatively. 


Complications 


Delayed Wound Healing/Wound Dehiscence 

Delayed wound healing or wound dehiscence is the most common complication 
following surgical management of a calcaneal fracture, and may occur in up to 25%of 
cases. Risk factors for wound complications include smoking, diabetes mellitus, open 
fractures, high body mass index, and a single layered wound closure. While the 
extensile lateral incision approximates relatively easily at the time of initial closure, 
wound separation may later occura€” typically at the apex of the incision, and even up 
to 4 weeks postoperatively (Fig. 33-9). The vast majority of wounds, however, will 
ultimately heal; deep infection and osteomyelitis develop in only 1%to 4% of closed 
fractures. 


In the event of a wound dehiscence, all range of motion activities are discontinued to 
prevent further dehiscence of the wound. We prefer a fairly aggressive approach to 
the wound, with a management 
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regimen of daily whirlpool treatments, damp-to-dry dressing changes, and oral 
antibiotics. Other granulation-promoting wound agents may also be beneficial in this 
instance. Alternatively, the limb may be immobilized in a short leg cast, with a 
window overlying the wound for access for dressing changes. These treatment 
regimens will typically prove successful, so long as the wound necrosis is limited to 
partial thickness of the skin layer. Range of motion exercises are re-initiated once the 
wound seals and remains dry with the patient off antibiotics. 














FIGURE 33-8 AllgAwer-Donati technique. Note reverse throw (B) to maintain skin 
bridge between suture ends. 





FIGURE 33-9 Apical wound dehiscence at 4 weeks postoperatively. 


We prefer use of a negative-pressure device (Vacuum-Assisted ClosureA®, KCI, Inc., 
San Antonio, TX) to promote healing in the event of a recalcitrant wound; if all other 
treatment methods fail, a low-profile fasciocutaneous flap such as a lateral arm flap 
may be required for wound coverage. 


Peroneal Tendon Adhesions 


Peroneal tendon adhesions and scarring may develop in up to 18%of cases, either from 
the extensile lateral exposure itself or from prominent screwheads adjacent to the 
tendons, particularly surrounding the anterior process of the calcaneus. Nonoperative 
treatment includes tendon massage, stretching, strengthening, and other local 
modalities. Peroneal tenolysis or removal of the symptomatic hardware may be 
required in refractory cases. 


Cutaneous Nerve Injury 

The most common neurologic complication with surgical treatment of calcaneal 
fractures is iatrogenic injury to a sensory cutaneous nerve, particularly the sural 
nerve. Sural nerve injury occurs in up to 15%of cases and ranges from a stretch 
neuropraxia, which can be transient or permanent, to complete laceration of the 
nerve. Clinically, the patient may experience decreased or complete loss of sensation 
in the lateral hindfoot, or perhaps even a painful neuroma. Initial treatment includes 
gabapentin or amitriptyline, shoe modifications or soft accommodative inserts, and 
physical therapy modalities. In the event of a painful neuroma refractory to these 
measures, surgical neurolysis and resection may be considered, including burial of the 
proximal stump into deep tissues. 


Fractures of the Talar Neck 


Indications/Contraindications 

Operative treatment is generally indicated for all displaced fractures of the talar neck, 
and these fractures have traditionally been considered a surgical emergency, due to 
the high incidence of osteonecrosis associated with displaced fractures. More recent 
studies have indicated that a delay in surgical management beyond 6 to 8 hours from 
the time of injury does not necessarily increase the risk of osteonecrosis, such that 
definitive stabilization within the first 24 hours following injury is now gaining 
acceptance as standard of care. 


Severely displaced fractures or fracture-dislocations, however, may produce sufficient 
tension and pressure on the surrounding skin acutely to impair local circulation and 
result in skin necrosis and slough, potentially leading to a catastrophic deep infection 
and/or osteomyelitis. Thus, a timely attempt at closed reduction of the involved 
fracture fragment or dislocation is of paramount importance in minimizing soft tissue 


complications associated with these injuries, particularly if a delay in definitive 
stabilization is anticipated. 


Nonoperative management is reserved for truly non-displaced fractures as confirmed 
on CT scan. Because of the high-energy nature of these injuries, displaced talar neck 
fractures occur most commonly in young adults. Thus in the majority of cases, the 
primary contraindication to surgery is the presence of severe life-threatening injuries 
where the patient is too medically unstable to tolerate surgery. In this instance, 
however, an attempt at closed reduction or manipulation of any dislocated fragments 
should be made in the emergency room to minimize the risk of skin necrosis. 


Preoperative Planning 

The surgeon should thoroughly review the plain radiographs and CT scans to gain an 
initial understanding of the fracture pattern, which then allows for appropriate 
preoperative planning, including: the surgical approach, anticipation of specific 
technical steps in obtaining fracture reduction, and the necessary implants for 
definitive stabilization. While we commonly use up to eight different surgical 
approaches in the management of talar fractures in general, we prefer dual 
anteromedial and anterolateral approaches for talar neck fractures. 
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FIGURE 33-10 Planned anteromedial incision. 











Surgery 
Patient Positioning/General Considerations 


Dual Anteromedial and Anterolateral Approaches 

The procedure requires use of a radiolucent table and a standard C-arm. For isolated 
injuries, we prefer placing a non-sterile bolster beneath the ipsilateral hip and pelvis 
to allow sufficient limb exposure both medially and laterally. Protective padding Is 
placed beneath the contralateral limb for protection of the peroneal nerve, and the 
contralateral limb is secured to the operating table to allow for axial plane rotation as 
needed for surgical exposure. The patient is given prophylactic preoperative 
antibiotics, and a pneumatic thigh tourniquet is employed. The procedure should be 
completed within 120 to 130 minutes of tourniquet time to minimize wound 
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We present the design and experimental implementation of a power harvesting metamaterial. A 
maximum of 36.8% of the incident power from a 900 MHz signal is experimentally rectified by 
an array of metamaterial unit cells. We demonstrate that the maximum harvested power occurs 
for a resistive load close to 70Q in both simulation and experiment. The power harvesting 
metamaterial is an example of a functional metamaterial that may be suitable for a wide variety 
of applications that require power delivery to any active components integrated into the 
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Metamaterials are composed of sub-wavelength par- 
ticles that exhibit bulk properties that are different from their 
individual components. Electromagnetic metamaterials are 
engineered materials that can achieve parameters not possi- 
ble within naturally occurring materials, such as a negative 
index of refraction’ or a zero index of refraction.” Exotic 
properties like these allow for a variety of interesting appli- 
cations including a superlens device® and an invisibility 
cloak.’ Integrating active and nonlinear functionality into 
metamaterials has been demonstrated in the form of dynamic 
resonant frequency tuning, ”° phase conjugation,’ and wave 
mixing.* More specific functional behavior has also been 
demonstrated in metamaterials, including radio frequency 
(RF) limiting'® and harmonic generation.'' 

Metamaterials are also well-suited for other functional 
behaviors, including electromagnetic power harvesting, the 
focus of this work. Power harvesting devices convert one 
type of energy to another, typically converting to a direct 
current (DC) signal. Many types of energy can be harvested, 
from acoustic (using a piezoelectric harvester)!” to electro- 
magnetic (using a rectenna).'* Power harvesting devices 
require a method to couple to the energy that will be har- 
vested as well as a device to convert the energy from one 
form to another. By their very nature, metamaterials are 
designed to couple to various types of energy, e.g., from 
acoustic’ to optical,” and thus provide a natural platform 
for power harvesting. Electromagnetic metamaterials pro- 
vide flexibility in design due to their electrically small, low- 
profile nature.'° Since metamaterials are typically designed 
as infinite arrays, the resonant frequency and input imped- 
ance include coupling effects. Metamaterials can be adapted 
to various applications, such as flexible sheets to cover surfa- 
ces.'’ Moreover, many metamaterials that have been pre- 
sented in the literature require some form of external signal. 
This could be a DC bias voltage'® or a large external pump 
signal.’ In general, metamaterials could be modified to har- 
vest such an external signal that is already present for other 
purposes. With these design advantages, power harvesting 
metamaterials offer design flexibility for a large number of 
applications that general antenna-based microwave power 
harvesting devices may lack. 
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A recent simulation-based study'® investigated the con- 
version efficiency between incident RF power and induced 
power in a split-ring resonator (SRR). Our work is focused 
on the experimental measurement of RF to DC efficiency 
based on the conventional effective area of the SRR. We 
demonstrate that metamaterials can also include embedded 
devices to convert the incident RF energy to a DC voltage, 
providing a platform for power harvesting that utilizes the 
advantages of metamaterial design. 

An SRR is a canonical example of a resonant metamate- 
rial particle and is used as the basis for the unit cells of the 
metamaterial power harvester designed here. By tuning the 
SRR parameters, we design an SRR (Fig. 1) to resonate at 
900 MHz using an S-parameter simulation within Computer 
Simulation Technology (CST) Microwave Studio software. 
Using CST Microwave Studio, we can also simulate the 
effects of embedding devices within the SRR by retrieving its 
S-parameters using a lumped port. The retrieved S-parameters 
are loaded into Agilent Advanced Design System (ADS), 
allowing us to simulate both fullwave 3D effects and circuit- 
level nonlinear effects. 

An SRR couples strongly to an incident magnetic field 
and can be loaded with a wide variety of circuit elements. In 
this work, we embed a rectifying circuit within an SRR to 
convert the incident RF power to DC power. A number of 
rectifying circuits could be chosen depending on the particu- 
lar application for the power harvesting metamaterial. We 
choose to use a Greinacher~” circuit because the output volt- 
age is double the input voltage maximum, which allows for 






40 mm 


FIG. 1. (Left) Power harvesting SRR. (Right) Plain SRR with dimensions 
shown, | mm traces. Incident wave polarization is also shown. 
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complications. 


Technique 


Incision and Surgical Approach 

The dual anteromedial and anterolateral incisions are outlined on the skin with a 
marking pencil. Medially, the talar neck is isolated approximately a thumb-breadth 
distal to the anterior tip of the medial malleolus, or midway between the medial 
malleolus and navicular tubercle. Thus, the anteromedial incision extends from the tip 
of the medial malleolus in line with the medial column of the foot to a point 
approximately 1 cm beyond the navicular tubercle (Fig. 33-10). In this manner, the 
deep dissection will course through the a€cesoft spota€* between the anterior and 
posterior tibial tendons, and posterior to the saphenous nerve and vein. The approach 
is potentially extensile, as it can be extended proximally to allow for a medial 
malleolar osteotomy for talar neck fractures extending into the talar body or 
posteromedial process, as well as distally for access to the entire medial column of the 
foot as necessary (Fig. 33-11). 











FIGURE 33-11 Medial malleolar osteotomy: anteromedial approach extended 
proximally for exposure of talar body (different patient). 
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FIGURE 33-12 Planned anterolateral incision. 











Laterally, the talar neck is found immediately dorsal to the sinus tarsi in line with the 
extensor digitorum longus and peroneus tertius tendons. The anterolateral incision 
actually consists of the BA{hler approach, coursing from the anterolateral corner of 
the ankle joint in line with the extensor digitorum longus and peroneus tertius tendons 
toward the base of the fourth metatarsal (Fig. 33-12). This approach is also considered 
extensile, as it can be extended proximally to allow for exposure of the lateral talar 
dome, with or without a lateral malleolar osteotomy, and distally for exposure of the 
entire lateral column of the foot as necessary. 


We prefer completing the anterolateral approach first because the majority of the 
comminution is typically found medially; thus, the most accurate initial indication of 
the extent of fracture displacement or rotational malalignment is found laterally. With 
sterile bolsters placed beneath the knee and ankle, the anterolateral approach is 
initiated, and superficial dissection continues to the extensor retinaculum and tendon 
sheath of the extensor digitorum longus and peroneus tertius tendons. Care is taken to 
avoid violation of the superficial peroneal nerve proximally, although the proximal 
portion of the incision rarely extends proximal enough to visualize the nerve before it 
begins coursing medially toward the first dorsal web space. 


The tendon sheath is incised at the lateral margin of the tendons, and deep dissection 
is continued to the deep capsule of the ankle and subtalar joints proximally, and the 
extensor digitorum brevis muscle distally. The extensor brevis muscle is then traced to 
its origin beneath the tendons working dorsally, and subsequently reflected plantarly, 
thereby exposing the lateral capsule of the talonavicular joint and distal portion of the 
talar neck. The deep capsules of the ankle and subtalar joints are then released in line 
with and including the talonavicular joint capsule extending dorsally and plantarly, 
thereby completing a full-thickness flap (Fig. 33-13). In this manner, the foot may be 
adducted to expose the lateral portion of the talar head, thereby facilitating eventual 
placement of screws, 
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which may be countersunk within the talar head. We make a conscious effort to limit 
the extent of subperiosteal dissection into the sinus tarsi, exposing only what is 
necessary to obtain an anatomic reduction, to minimize further compromise of the 
already precarious blood supply to the talar body. 








FIGURE 33-13 Anterolateral approach. Note full-thickness flap with simultaneous 
exposure of ankle, subtalar, and talonavicular joints. 

















FIGURE 33-14 Anteromedial approach. Note full-thickness flap with simultaneous 
exposure of ankle, subtalar, and talonavicular joints. 











The anteromedial approach Is then initiated, and superficial dissection continues to 
the extensor retinaculum and deep capsules of the ankle and subtalar joints 
proximally, and dorsal margin of the posterior tibial tendon sheath distally. The 
extensor retinaculum and deep capsules are longitudinally incised, continuing along 
the dorsal edge of the posterior tibial tendon through the underlying talo-navicular 
joint capsule and spring ligament. Care is taken to avoid violation of the deltoid 
ligament fibers at the proximal margin of the incision. 


The talonavicular joint capsule is then elevated in subperiosteal fashion off of the 
navicular tubercle, extending roughly to the midpoint of the navicular dorsally. The 
dorsal-most portion of the posterior tibial tendon insertion may also be reflected 
plantarly to ease soft tissue tension as necessary (Fig. 33-14). In this manner, the foot 
may be abducted to expose the medial portion of the talar head, again facilitating 
eventual screw placement. We again limit the extent of subperiosteal dissection along 
the undersurface of the talar neck medially in an attempt to preserve the vascular 


anastamoses extending into the tarsal canal. At the completion of the anterolateral 
and anteromedial approaches, the fracture patterns traversing the dorsal portion of 
talar neck should be easily visualized. 


Closure Technique 


Following fracture reduction, definitive stabilization, and final fluoroscopic imaging, 
the wound is copiously irrigated. The deep capsular layers are closed medially and 
laterally with interrupted No. 0 absorbable sutures placed in figure-of-eight fashion. 
Laterally, the extensor digitorum brevis muscle is gently approximated distally with 
interrupted 2-0 absorbable sutures in similar fashion, as is the extensor retinaculum 
and extensor digitorum longus and peroneus tertius tendon sheath more proximally. 
Medially, the extensor retinaculum and posterior tibial tendon sheath are closed in 
identical fashion with interrupted 2-0 absorbable sutures. The subcutaneous and 
subcuticular layers are closed with inverted, interrupted 2-0 absorbable sutures. The 
tourniquet is then deflated, and the skin layers are approximated with interrupted 3-0 
monofilament suture, again using the modified AllgAwer-Donati technique. Sterile 
dressings are applied, followed by a] ones-type bulky cotton dressing and Weber splint 
with the ankle in neutral dorsiflexion-plantar flexion. 


Postoperative Management 

The patient remains in the hospital overnight for pain control, and is converted to a 
short-leg non-weight bearing cast before discharge. The patient is converted back into 
an elastic compression stocking and fracture boot at 2 to 3 weeks postoperatively, and 
ankle and subtalar range of motion exercises are initiated. The sutures are removed 
once the incision is fully sealed and completely dry, typically at 3 to 4 weeks; 
however, they should not be removed until the wound is fully healed. We prefer that 
the patient sleep in the fracture boot at night until weight bearing is begun to prevent 
an equines contracture. 


Weight bearing is not permitted until 10 to 12 weeks postoperatively, and the patient 
is gradually transitioned to a regular shoe, and activities are advanced. Postoperative 
radiographs are carefully 
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scrutinized beginning at 6 weeks following surgery for the presence of a Hawkins sign 


(Fig. 33-15), suggesting revascularization of the talar body. The absence of a Hawkins 
sign at that time, however, does not necessarily indicate osteonecrosis, as 
revascularization of the talar body may not occur for up to 2 years following surgery. 





FIGURE 33-15 Hawkins sign: anteroposterior radiograph of the ankle 
demonstrating subchondral atrophy (arrows) at 8 weeks postoperatively following 
open reduction and internal fixation of a displaced talar neck fracture. 











Complications 


Delayed Wound Healing/Wound Dehiscence/ Infection 


Delayed wound healing or wound dehiscence following open reduction and internal 
fixation occurs in a relatively small percentage of patients, ranging from O%to 4% In 
the event of a wound dehiscence, all range of motion activities are discontinued to 
prevent further dehiscence of the wound. We prefer a fairly aggressive approach to 
the wound, with management regimen of daily whirlpool treatments, damp-to-dry 
dressing changes, and oral antibiotics. Other granulation-promoting wound agents, or 
use of a negative-pressure device may also be beneficial in this instance. 
Alternatively, the limb may be immobilized in a short leg cast, with a window 
overlying the wound for access for dressing changes. These treatment regimens 
typically are successful, as long as the wound necrosis is limited to partial thickness of 
the skin layer. Range of motion exercises are re-initiated once the wound seals and 
remains dry with the patient off antibiotics. 


Deep infection and osteomyelitis rates are similarly low, occurring in up to 5%of 
closed fractures. Open injuries, however, are associated with markedly higher rates of 
deep infection and osteomyelitis, up to 38%in some series. Deep infection and 
osteomyelitis may also result from skin necrosis and slough from an unreduced closed 
fracture or fracture-dislocation due to excessive tension on the surrounding soft tissue 
envelope. Management of a deep infection includes serial surgical debridements, with 
local or flap coverage as needed, and long-term intravenous antibiotics. In the event 
of osteomyelitis, partial or complete talectomy with staged salvage arthrodesis is 
usually required. 


Osteonecrosis 


Osteonecrosis of the talar body is frequent complication following a displaced talar 
neck fracture, owing to the inherently tenuous blood supply. Historically, 
osteonecrosis rates 
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for displaced fractures (Hawkins type Il, Ill, and IV fractures) treated with closed 
reduction and casting or pinning have ranged from 70%to 100% Because of these 
factors, treatment of a displaced talar neck fracture has traditionally been considered 
a surgical emergency. Despite modern advances in internal fixation techniques and 
implants, osteonecrosis still develops in up to 30%to 50%of displaced fractures. It is 
well established in the literature that osteonecrosis is most related to the extent of 
initial fracture displacement; recent reports have suggested that the timing of 
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Chapter 34 
Flap Coverage for the Foot 
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Alessio Baccarani 


The goals of soft tissue reconstruction for the foot and ankle region are satisfactory 
wound coverage and restoration of function. Ancillary considerations include 
acceptable appearance and minimal donor site morbidity. For soft tissue coverage 
alone, muscle and axial fasciocutaneous flaps remain primary choices in the lower 
extremity. Random pattern cutaneous flaps and musculocutaneous flaps usually have 
more limited applications, but should be considered. Free flaps are generally the soft 
tissue coverage of choice for most extensive defects of the foot and of the lower third 
of the leg. Amputations and fillet flaps always represent a fourth possibile option when 
the limb cannot be preserved in its entirety. Finally, procedures such as osteotomies 
and/or ostectomies for the production of soft tissue a€cegaina€* and resultant 
coverage of the defect are becoming more common. 


Indications 

Each anatomic region of the foot has certain characteristics that will influence 
selection of the flap to be transferred for reconstruction. The foot has special 
requirements for shoeing and ambulation. The reconstructive ladder for injury to the 
foot is based on whether there is a fracture, what part of the foot is exposed, and 
whether the area is weight bearing or nona€“ weight bearing. The ankle and the 


dorsum of the foot require thin, pliable soft tissue coverage for exposed tendons, 
bones, or joints. The plantar skin is thick and heavily keratinized, designed to resist 
high stress, and anchored to underlying bones and ligaments by thick fibrous 
connective tissue. 


Topographically, the forefoot includes the dorsal areas of the metatarsals and toes. 
The plantar aspect includes the metatarsal heads and the instep. The hindfoot can be 
divided into the plantar aspect, instep, and lateral aspect of the calcaneus. The ankle 
can be divided into the area of the Achilles tendon and the anterior aspect of the 
tibiotalar joint. In the forefoot, the dorsum and the area over the toes are primarily 
skin and subcutaneous tissue, making the exposure of tendons and joints more 
probable with high-energy injury. The plantar forefoot is prone to avulsion because of 
the vertically oriented septa that bridge from the plantar fascia to the dermal 
elements of the skin. The heel pad is a very unique structure that contains cushion-like 
shock-absorbing chambers of fat that are not easily replaced if loss is due to such an 
avulsion injury. 


Achilles Tendon Area 

The Achilles tendon area is characterized by thin skin with little or no subcutaneous 
layer. Among local flaps, we consider the sural fasciocutaneous flap one of the best 
options for covering this area. Other flaps options include lateral supramalleolar and 
lateral calcaneal artery. 


Ankle and Foot Dorsum 


Most shallow wounds on the foot dorsum may be safely closed with a split-thickness 
skin graft. If necessary, exposed extensor tendons may be resected and the skin graft 
may be applied to the underlying periosteum, providing a simple and quick solution to 
the clinical problem. For management of larger wounds with bone or tendon exposure, 
flaps may be required. The most common local flaps used for coverage of this area are 
abductor hallucisa€“ abductor digiti minimi muscle flaps, extensor digitorum brevis 
muscle flap, lateral supramalleolar flap, and sural fasciocutaneous flap. 
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Plantar Forefoot 
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easier power transmission and measurement. A Greinacher 
circuit has a lower effective capacitance in comparison to 
other rectification circuits (such as a bridge rectifier), allow- 
ing faster switching and thus a higher frequency of operation. 
A Greinacher circuit also has a low threshold voltage, allow- 
ing operation at lower incident power levels. A Greinacher 
voltage doubler can be placed across a gap (Fig. 1) in the top 
side of the copper trace to rectify the induced current present 
in the SRR. Schottky diodes are used for the voltage doubler 
due to their typically low open junction capacitance and fast 
switching capabilities, which allow for rectification of a 
high-frequency RF signal, as well as their typically low 
threshold voltage. A resistive load placed across the output 
of the voltage doubler is a simple way to determine DC 
power out using P=V7/R. This DC power is maximized 
through ADS for matching capacitor and resistor values. The 
parameters of our selected Schottky diode (HSMS 2862) and 
the simulated S-parameters of the above SRR in a model of 
our actual parallel-plate waveguide are input into ADS for 
the simulation, shown in a schematic in Fig. 2. 

The simulated components lead to a maximum effi- 
ciency of 61% for an input power of 24.25 dBM, the maxi- 
mum available experimental power (at an incident power 
density of approximately 1.6 mW/cm7). One important figure 
of merit for a power harvester is its RF-to-DC power conver- 
sion efficiency: 


_ Poe 
Pree 


We determine Pr; by measuring the total incident 
power in our measurement apparatus. For a large metamate- 
rial sample, we assume that the total incident power to the 
measurement apparatus is incident on the metamaterial. For 
a single unit cell, it is necessary to use the effective area of 
the unit cell to determine the incident Pr-. The maximum 
effective area may be calculated by”! 

We 


Ae max = =—D , 
’ 4n° 


where Do = 1.5 since the SRR is effectively a small loop illu- 
minated by a transverse electromagnetic (TEM) wave. For 
an SRR resonant at 900 MHz, the effective area is thus 
Aemax = 5.3Aphysical. The full waveguide area _ is 





1. RF signal 4. Greinacher doubler 
2. SRR S-params 5. Smoothing cap 
3. Matching cap 6. Load 


FIG. 2. ADS simulation schematic of SRR power harvester. CST 
Microwave Studio was used to determine the SRR S-parameters. 
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FIG. 3. Placement of SRR within open waveguide. 


approximately 6.8Apjysicat Where Apnysicai 18 the physical area 
of a single SRR unit cell. As Ag max is 78% of the open wave 
guide area, 78% of the incident power density is used as 
input power for simulation of the single cell. 

The designed voltage doubler and resistive load are added 
to an SRR as shown in Fig. 1, resulting in the power harvesting 
metamaterial unit cell. To observe power harvesting capabil- 
ities, the cell is placed in an open, TEM waveguide (Fig. 3) 
where input power is produced by a signal generator and am- 
plifier, and output power is measured with an oscilloscope via 
leads placed across the resistive load (Fig. 4). The DC power 
harvested is determined by P = V7/R as previously mentioned, 
and input power is measured with a spectrum analyzer con- 
nected to the signal generator and amplifier via the open wave- 
guide. By increasing the incident power from 13 to 24 dBm 
and measuring the DC output from the SRR, the normalized 
harvested power, Ppc/Pre incident, AS a function of incident 
power Pre incidenr and resulting efficiency are determined at 
each point. The maximum efficiency of the single cell is 
14.2%, setting Pre incident AS 78% of the total input power from 
effective area calculations. 

Multiple power harvesting SRR cells are then tested 
simultaneously to create the power harvesting metamaterial, 
which is accomplished through a 5 x 1 array shown in Fig. 5. 
Through a parallel connection of the leads from each SRR’s 
resistive load, the total power harvested by the metamaterial is 
found in the same way as the single cell. The maximum effi- 
ciency for the 5 x | array is 36.8%, where P;,, is the entire 
input power because the array spans the entire length. 
Measured efficiencies of both the single and the array of power 
harvesting SRRs are shown in Fig. 6. Also shown in Fig. 6 is 
the open circuit voltage, Voc, a load-independent measure of 
the available voltage harvested by the array of SRRs. 

The power harvesting metamaterial array is more effi- 
cient than the single unit cell. This is partially due to the 
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FIG. 4. Experimental test setup schematic. 


Local flaps play a major role in the management of deep wounds of the distal third of 
the foot. Severe injury or infection to a single toe may be best managed by toe or ray 
amputation, and subsequent closure by means of a plantar or of a dorsal skin flap. If 
additional skin is required, an adjacent toe may be filleted and trasposed for closure. 
Ray amputation may be necessary if the metatarsal bone is infected, injured, or 
devascularized. Metatarsal head ulceration is the most frequent lesion occurring in this 
area, especially in patients presenting with peripheral neuropathy and associated 
arthropathy. Many local flaps have been described to treat plantar forefoot defects. 
The most commonly used are neurovascular island flap (Moberg's flap), toe fillet flap, 
V-Y plantar flap, and suprafascial flaps medially or laterally based. 


Transmetatarsal amputation provides a functional option when three or more rays 
have been seriously damaged, expecially in post-traumatic, ischemic, or neuropathic 
patients. No prosthetic or orthotic device would be necessary, and the patient may be 
able to wear normal shoes. Achilles tendon lenghtening should be performed in 
conjunction with transmetatarsal amputation to avoid equinus deformity and stump 
ulceration. 


Plantar Midfoot 


The midfoot is defined as the region between the midshaft of the metatarsals and the 
proximal tarsal row. It comprises the medial non-weight bearing arch as well as the 
more lateral weight bearing area. Small wounds in this region may be reconstructed 
with a variety of reconstructive options. Split-thickness skin grafts may provide 
adequate coverage if the transverse arch of the foot has been maintained, thus 
allowing the midfoot to remain a largely nona€“ weight-bearing region. Local flap 
options for reconstruction of defects in this area include neurovascular island flap, V-Y 
advancement flap, and medially or laterally based suprafascial flaps. 


Wounds larger than 4 to 6 cm generally require either free flap reconstruction or 
midfoot amputation to achieve a stable coverage. Clearly amputation would represent 
the second option if foot salvage is not indicated or possible with free tissue transfer. 
The two most common forms of midfoot amputation are the Lisfranc amputation and 
the Chopart amputation. The Lisfranc amputation is the amputation at the tarso- 
metatarsal joint and is associated with a high rate of equinovarus deformity. The 
Chopart procedure requires an intertarsal resection, just distal to the cuboid and 


navicular bone. Both types of midfoot amputations will affect the patient's ability to 
dorsiflect and evert the residual limb because of disruption of the insertions of the 
peroneal and tibialis anterior tendons. 


Plantar Hindfoot 


Hindfoot soft tissue repair is the most challenging to the reconstructive surgeon. 
Reconstruction should provide durable soft tissue for safe weight-bearing, while 
permitting a normal ankle motion. The dualism of form and function represents a 
mandatory principle to be considered in the management of wounds in this area. 
Damage to the neurovascular and tendinous structures beneath the flexor retinaculum 
is an event that may impair permanently the patient's gait, mandating a below-knee 
amputation. 


Many local flaps have been described to restore healing in the hindfoot area. The most 
common are intrinsic muscle flaps (abductor hallucis AH, flexor digitorum brevis FDB, 
abductor digiti minimi ADM); medial plantar artery flap; heel pad flaps; and sural 
fasciocutaneous flap. With the only exception being the sural artery fasciocutaneous 
flap, all the regional flaps listed require antegrade blood flow through the posterior 
tibial artery and its branches. Those procedures are therefore often not possible in 
patients affected by peripheral vascular disease. 


Large hindfoot defects greater than 5 to 6 cm in patients devoid of the posterior tibial 
vessels should be considered for microsurgical reconstruction. Many neurosensory flaps 
have been described for microvascular transplantation in an effort to provide 
sensation to the plantar reconstruction. Lateral arm and deltoid represent two useful 
donor sites because of their reliable neurovascular anatomy, the ability to recover 
protective sensation, and because of their thickness; however, a correlation between 
the presence of flap sensation and the success of hindfoot reconstruction has never 
been established. Microvascular transplantation of muscle with skin graft coverage can 
provide succesful outcomes if the surgeon remembers to remove the underlying bone 
prominences, educates the patient on proper shoe wear, and performs frequent 
follow-up. We believe the use of muscle to obliterate dead space and aid in delivering 
antibiotics to the region is important for successful 
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outcomes in cases of osteomyelitis. Because of its proximity to the wound margin, the 


posterior tibial artery is usually the preferred recipient vessel in hindfoot 
reconstruction. For hindfoot coverage, it is important to avoid scarring around the 
posterior tibial nerve and around the posterior tibial tendon, which may become 
exposed or trapped during the healing process. 


Table 34-1. Surgical Reconstructive Options 


Amputation and 





Ancillary 
Foot Region Locoregional Flaps Free Flaps Procedures 
Achilles Sural Fasciocutaneous Syme 
tendon fasciocutaneous Below knee 
region Lateral calcaneal 
artery 
Ankle and Intrinsic muscle Fasciocutaneous Syme 
dorsum flaps (AH, ADM, Myocutaneous Below knee 
EDB) 
Sural 
fasciocutaneous 
Lateral 
supramalleolar 
Plantar Toe fillet flap Fasciocutaneous Ray 
forefoot Neurovascular Myocutaneous Transmetatarsal 
island flap Muscle 
V-Y advancement 
Suprafascial flaps 
Plantar Neurovascular Fasciocutaneous Lisfranc 
midfoot island flap Myocutaneous Chopart 


V-Y advancement Muscle 
Suprafascial flaps 


Plantar Intrinsic muscle Fasciocutaneous Syme 
hindfoot flaps (AH, FDB, Myocutaneous Calcanectomy 
ADM) Muscle 
Medial plantar 
artery flap 
Sural 


fasciocutaneous 
Suprafascial flaps 
(heel pad flaps) 


Syme's amputation has a well-established role in the management of complex hindfoot 
deformities, especially in diabetic patients. The procedure involves the use of the heel 
pad as a soft tissue cover over the distal end of the residual tibia and fibula. Table 34- 
1 summarizes the main surgical reconstructive options for each region of the foot. 


Preoperative Planning 

Evaluation of the patient with soft tissue injury should include determination of the 
time of injury, mechanism, energy absorption, fracture configuration, systemic 
injuries, damage to the soft tissue envelope, vascularity of the extremity, sensibility, 
ultimate ability to salvage the foot (which is both functional and sensate), and 
underlying medical conditions of the patient. The principles of evaluation of 
orthopaedic trauma are the same for any basic medical evaluation. These principles 
apply whether in the outpatient clinic, emergency room, or trauma unit. An evaluation 
of the perfusion of the traumatized limb is of paramount importance, and if vascular 
(arterial) injury is suspected, a vascular surgery or microsurgery consultation should be 
obtained. Compartment syndrome should be considered and ruled out in any injured 
extremity, particularly after crush injuries. A general motor examination including the 
active and passive range of motion as well as a detailed sensory examination should be 
performed. A nerve deficit may be secondary to a spinal cord injury, nerve laceration, 
compartment syndrome, traction injury, or entrapment between bony fragments. The 


radiologic evaluation starts with standard plain radiographic examination. Computed 
tomography (CT) is indicated in complex foot injuries and may give valuable 
information regarding soft tissue damage as well. 


The wound should be inspected once, and the wound pattern and contamination 
noted. The next inspection of the wound should then be in the operating room under 
sterile conditions. Repetitive examination of open wounds in the emergency room has 
led to higher rates of wound infections and osteomyelitis and should be avoided. In 
cases of open fractures in polytrauma patients, workup of other injuries may take 
several hours, not to mention the need for emergent lifesaving visceral surgery that 
may precede definitive care for open fractures. Prophylactic antibiotics are 
administered and given on a regular basis until definitive wound debridement and 
fracture stabilization can be performed. 


In summary, with any lower extremity reconstruction, three basic principles are of 
great importance and should therefore be carefully optimized before undertaking any 
reconstructive effort: 
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e Evaluation of underlying skeletal architecture, stabilization, and management 
of associated orthopaedic injuries 


e Adequate wound preparation, which includes full debridement and control of 
any local infection prior to coverage 


¢ Overall assessment of the patient's suitability for reconstruction and 
rehabilitation, including the opportunity of restoring some degree of protective 
sensation to the limb 


Recipient Vessels 

If free tissue transfer is required for wound coverage, then the last point of 
consideration prior to surgery should be the selection of recipient vessels for 
microvascular transfer as this will influence patient positioning within the operating 
room. A general agreement on which vessels to use has not yet been reached. 
Conflicting data have been reported on the survival and outcome of the transferred 
flaps, depending on the vessel used or the location of anastomosis proximal or distal to 


the zone of injury. For example, the anterior tibial vessels may be preferred for their 
easy accessibility, whereas the posterior tibial vessels are strongly advocated by others 
due to their larger diameter. 


The most important factors influencing the site of recipient vessel are the site of the 
injury and the vascular status of the lower extremity; it is best to ensure adequate 
arterial inflow and adequate venous outflow before surgery. Intraoperatively, it is 
imparative that the anastomosis be performed outside the zone of injury. The type of 
flap used, method, and type of microvascular anastomosis represent less important 
factors in determining the recipient vessels. 


Surgery 


Locoregional Flaps 
As discussed in the Indications section, locoregional flaps play a very important role 
into the management of foot wound coverage. 


Toe Fillet Flap 


Anatomy 


The flap is based on the medial and lateral neurovascular bundles of the toe to be 
amputated. 


Flap Design 
The toe adjacent to the wound is outlined. This island flap is better disssected with 
the patient in supine position under tourniquet control. 


Technique 


The flap is elevated beginning distally, off the distal phalanges and flexor tendons. 
The medial and lateral bundles are identified in the associated web spaces. A 
connecting incision to the wound is made. The toe is thus disarticulated at the 
metatarsophalangeal joint, and the dorsal skin is used for donor site closure. The flap 
is then rotated to the defect, ensuring a safe placement of the neurovascular 
structures (Fig. 34-1). 


Neurovascular Island Flap 


Anatomy 
The flap is based on the great toe neurovascular bundle on the fibular side. 


Flap Design 

The flap is designed on the fibular side, centerd over the area of the neurovascular 
bundle. These flaps may cover wounds up to 2 to 3 cm in diameter. The use of a 
tourniquet facilitates a safe dissection. The donor site often requires a skin graft 
closure. 


Technique 


The flap is elevated on the lateral plantar aspect of the great toe at the level of the 
phalangeal periosteum. The vascular bundle can be proximally dissected in the web 
space to allow a longer arc of rotation. An incision is made to connect the web space 
to the wound, and the flap is thus transposed to the defect. 


V-Y Advancement Plantar Flaps 


Anatomy 


These flaps are based on vertical perforating vessels throughout the plantar aspect of 
the foot. 


Flap Design 
Many V-Y advancement flaps may be designed with different orientation on the plantar 
foot. The use of a tourniqut facilitates a safer dissection. 
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FIGURE 34-1 Dorsal forefoot diabetic ulcer covered with fifth toe fillet flap 
shown before (A) and after (B) surgery. 


Technique 

The skin ajacent to the defect is incised in a V fashion (Fig. 34-2). The plantar fascia 
about the circumference of the flap must be incised as well. Septal attachments to the 
underlying metatarsal may be divided to provide further advacement. Two V-Y 
opposing flaps may be combined in the management of a larger wound. 


Suprafascial Flaps 


Anatomy 


Medially or laterally based flaps of plantar skin and fat may be advanced, rotated, or 
transposed to cover plantar defects. Although popular in the 1970's as random flaps, 
they have been largely supplanted by the other techniques described. Their 
vascularization is based on cutaneous branches from the medial or lateral plantar 
arteries (Fig. 34-3). 





FIGURE 34-2 Plantar forefoot pressure sore in a myelodysplastic patient treated 
with a V-Y advancement flap shown before (A) and after (B) surgery. 


P.436 





FIGURE 34-3 Plantar midfoot diabetic ulcer covered with a suprafascial rotation 
flap medially based shown before (A) and after (B) surgery. 


Flap Design 


The design of a suprafascial flap varies largely according to location of the defect. The 
donor site often requires a skin graft for coverage. 


Technique 


Medially based flaps are raised by incising laterally and elevating the subcutaneous 
tissues off the abductor digiti minimi muscle and plantar fascia from lateral to medial. 
Branches from the medial plantar nerve and artery should be preserved as they 
emerge from the cleft between the plantar fascia and the abductor hallucis muscle. 


For the laterally based flap, the dissection is similar but requires the sacrifice of the 
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FIG. 5. 5 x | array of power-harvesting SRRs. 
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FIG. 6. RF to DC efficiency of power harvesters. The open-circuit voltage 
of the array is also shown. 


larger effective area of the array. While the effective area of 
the single cell is 78% the entire width of the waveguide, 
some of this power is not harvested by the single unit cell 
due to fringing effects on the sides of the waveguide. For 
this reason, placement of multiple cells that together span 
the entire waveguide width results in a higher efficiency as 
the array captures more of the electromagnetic energy that 
undergoes the fringing effect. 

Another important relationship is the efficiency of the 
power harvesting metamaterial as a function of load resist- 
ance. Simulated and experimental efficiencies for the 5 x 1 
array are shown in Fig. 7. Though the experimental efficien- 
cies do not match the values from simulation, the simulation 
does accurately predict the maximum harvested power as 
falling approximately within the range of 70-80Q, con- 
firmed by the experimental data. The experimental efficiency 
maximum occurs at 70Q, and the simulated maximum 
occurs at 82 Q, showing close correspondence. 

In summary, we have designed, simulated, and experi- 
mentally measured a functional metamaterial power har- 
vester capable of converting up to 36.8% of the incident RF 
power to DC power. Through a parallel connection of five 
SRRs, a Voc of 7.3V is achieved. Simulations match 
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FIG. 7. RF to DC efficiency of SRR array as a function of load resistance, 
for both simulation and experiment. Note that both show maximum effi- 
ciency for around 70-80 Q. 


experimental results showing an optimal resistive load for 
DC power transfer of 70-80 Q. The SRR power harvester is 
an example of functional metamaterial that may be suitable 
for a wide variety of RF applications that require power 
delivery to any active integrated components. 
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branches from the medial plantar artery, to allow rotation or transposition. 


If the flap is designed on the heel pad to cover a small wound over the weight-bearing 
and posterior heel, a calcanectomy may be associated to remove bone prominences 
and to simplify the closure. 


Intrinsic Muscle Flaps: Abductor Hallucis, Flexor Digitorum 
Brevis, Abductor Digiti Minimi, and Extensor Digitorum 
Brevis 


Anatomy 

The abductor hallucis muscle (AH) is vascularized proximally by branches off the 
medial plantar artery. The flexor hallucis brevis (FHB) is also vascularized by analogue 
branches. The flexor digitorum brevis (FDB) is the largest of the foot muscles, and is 
very useful for heel pad reconstructions. It is vascularized by branches off both the 
medial and lateral plantar arteries, the lateral usually being dominant. 


The abductor digiti minimi (ADM) is the smallest of the muscle flaps that can be 
harvested. It is innervated and vascularized by the lateral plantar neurovascular 
bundle through branches entering its proximal portion. 


The extensor digitorum brevis (EDB) is a dorsal muscle. It is vascularized by the lateral 
tarsal artery, which is a branch off the dorsalis pedis artery, at the level of the distal 
edge of the extensor retinaculum. 
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Flaps Design 

The AH muscle with or without the medial head of the FHB and the ADM can be used to 
close small proximal dorsal foot wounds, but it is better qualified in the management 
of plantar hindfoot defects. The use of an ADM flap alone is not recommended because 
of its small dimensions and its short arc of rotation. 


The FDB is especially qualified in heel pad reconstruction. 


The EDB muscle is usually transposed proximally to cover the ankle, the dorsal foot, 
and the malleoli provided that the anterior tibial artery has antegrade blood flow. 


Technique 

When harvesting the AH, a medial foot incision is placed on the nonda€“ weight-bearing 
surface. The tendon is devided distally, and the muscle is separated from the medial 
head of the FHB, if the latter component is not required to enhance the flap 
dimensions. If an increase in the arc of rotation is needed, the medial plantar artery is 
ligated and divided distal to the branches to the abductor, and a more proximal 
dissection of the medial plantar artery to its origin can be accomplished. 


When harvesting the FDB, a midline plantar foot incision is used to expose the muscle. 
The skin is elevated laterally and medially, and detached from the plantar fascia. The 
fascia is usually elevated with the muscle to add bulk. The four tendons are divided 
distally and the muscle is turned on itself, after detaching it from the quadratus 
plantae. The lateral plantar artery may be ligated after it passes beneath the muscle, 
if further mobilization is required to reach the defect. The division of the origin of the 
AH also increases the arc of rotation of this flap. 


When harvesting the ADM, a lateral foot incision is made onto the nona€“ weight- 
bearing skin. The muscle is detached from the fifth metatarsal and the tendinous 
insertion is divided, allowing posterior rotation of the flap. Further rotation is 
obtained ligating the lateral plantar artery distal to the branches to the muscle and 
dissecting the pedicle proximally after dividing the FDB and the AH. 


When harvesting the EDB, a curvilinear incision is made on the dorsum of the foot, in 
continuity to the defect to be repaired. The entire dorsalis pedis pedicle is divided 
distally to the origin of the lateral tarsal vessels to provide the needed arc of rotation 
for muscle transposition. The long extensors are then dissected off the underlying 
short extensors muscle slips. The dissection proceeds proximally ligating the medial 
tarsal branches. The lateral tarsal vessels are elevated with the muscle while the 
Origin and the tendinous extensions of the muscle are divided. The muscle may thus be 
rotated to the defect. 


Lateral Supramalleolar Flap 


Anatomy 
This flap is vascularized by a perforating branch off the peroneal artery as it pierces 
the interosseus membrane 5 cm proximal to the tip of the lateral malleolus. Cutanous 


vessels then course upward, anterior to the fibula, and anastomose with the vascular 
network that accompanies the superficial peroneal nerve. 


Flap Design 

The flap is qualified in the coverage of defects over the lateral malleolus and anterior 
ankle. The flap should be distally based, with the pedicle centered onto the perforator 
artery. Flap width includes the tissue between the fibula and tibia. The length should 
be 6to 8 cmor more according to the defect. Often the flap is harvested only in its 
fascial component; then turned over to the defect in a book page fashion; then skin 
grafted. If designed in this way, the donor site can be closed directly. 


Technique 


The skin incision is made so that skin flaps may be elvated off the underlying fascia. 
The fascia is then incised anteriorly and reflected until the perforating branch is 
visualized. Branches of the superficial peroneal nerve are divided to allow elevation. 
The posterior margin is eventually incised and released from the septum between the 
anterior and lateral compartment of the leg. 


Medial Plantar Artery Flap 


Anatomy 

This is a true neurosensory type A fasciocutaneous flap supplied by cutaneous fascicles 
from the medial and lateral plantar nerves. It is vascularized by the medial plantar 
artery and its vena comitans. The flap provides an invaluable amount of specialized 
skin that configures its chief value in heel reconstruction, because of its nonshearing, 
well-padded, adherent qualities. 


Flap Design 
Patency of anterior and posterior tibial arteries should be assessed prior to surgery. 
The presence of a Charcot deformity with midfoot collapse contraindicates the flap 
harvest. In this deformity, the instep area should remain covered by specialized 
plantar skin. For heel reconstruction, the flap is designed as an island centered on the 
medial plantar artery. It has to be outlined 2 to 
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3 cm proximal to the metatarsal heads, distal to the heel and medial to the lateral 
midsole weight bearing area. The donor site is usually closed with a split-thickness skin 
graft. 


Technique 


The flap is incised distally, exposing the medial plantar artery and nerves. After 
ligation of the artery, the dissection continues proximally beneath the plantar 
aponeurosis, including the medial plantar artery and the neurovascular bundles to the 
overlying fascia and skin. This requires an intraneural dissection of the midsole 
cutaneous branches from those fascicles supplying three and one-half digits. Often, 
the second common digital nerve is included with the branches to the flap because of 
difficulties encountered in separation. The flap is thus elevated in a distal to proximal 
direction in the plane between the plantar fascia and the first layer of muscles. Fascial 
comunications to the clefts between the underlying muscles (AH, FDB, and ADM) are 
cut. 


Fascicles from the lateral plantar nerve may also be included in the flap following an 
intraneural dissection. The medial plantar artery and the fascicles from the medial 
plantar nerve are traced proximally to the AH muscle, which may be cut if a longer 
pedicle is required. 


Sural Artery Fasciocutaneous Flap 


Anatomy 

This type A fasciocutaneous flap is innervated by the medial sural cutaneous nerve (S1- 
2). Its dominant vascular supply is a direct cutaneous sural artery branch that arises in 
the distal popliteal fossa between the two heads of the gastrocnemius muscle, and 
minor muscolocutaneous perforators from the gastrocnemius muscle. In most patients, 
the arterial supply will not be an identifiable vessel, but a a€cevascular networka€* 
that also anastomoses with the peroneal artery. The most relevant of these 
connections is located approximately 5 cm cephalad to the lateral malleolus. The 
lesser saphenous vein and its branches provide venous drainage. 


Flap Design 


The flap is centered between the popliteal fossa and the midposterior leg with a width 
up to 12 cm, but the length can be extended 20 cm to the Achilles tendon. The donor 
site is usually closed with a split-thickness skin graft. 


Technique 

The flap is raised from distal to proximal in the plane beneath the deep fascia and the 
above gastrocnemius muscle. The sural nerve and the lesser saphenous vein are 
divided distally and elevated with the flap. The pedicle is carefully dissected 
proximally, leaving abundant fascio-subcutaneous tissues around the neurovascular 
structures. It can be dissected up to 7 to 9 cm from the lateral malleolus, according to 
the location of the defect to be reached. After flap rotation to the defect, the skin 
over the pedicle is usually not sutured to avoid compression, and a skin graft is usually 
applied to provide coverage. Flap delay procedures and/ or venous supercharging 
should be evaluated to avoid congestion, which commonly complicates the 
postoperatory course (Fig. 34-4). 


Free Flaps 


Latissimus Dorsi 

This flap is based on the thoracodorsal artery as the major pedicle and on branches of 
the intercostals and lumbar arteries as secondary segmental branches. The pedicle 
length is 8 to 10 cm. The latissimus is innervated by the thoracodorsal nerve, which is 
a direct branch of the brachial plexus and enters the muscle 10 cm from the apex of 
the axilla. This flap's consistent anatomy and long vascular pedicle make it a common 
flap choice for larger defects of the foot and Achilles tendon region. For more details 
on flap dissection, see Chapter 11, Pedicled and Free Latissimus Flap for Eloow and 
Forearm Coverage. Some of the technical problems associated with this flap for lower 
extremity reconstruction include difficulty in positioning the patient to allow for flap 
elevation and simultaneous recipient site preparation. If the anterior tibial system is 
to be used as a recipient vessel, the ipsilateral latissimus is usually harvested; if the 
posterior tibial system is to be used, the contralateral latissimus should be harvested 
to allow for simultaneous flap elevation and recipient site exposure. In addition, in 
obese patients the musculocutaneous flap may be excessively thick for smooth contour 
over the foot (Fig. 34-5). 


Rectus Abdominis 


The rectus abdominis can be harvested with the patient in a supine position. This 
vertically oriented muscle extends between the costal margin and the pubic region 
and is enclosed by the anterior and posterior rectus sheats. It is a type 3 muscle (two 
dominant pedicles) based on the superior epigastric artery and vein and inferior 
epigastric artery and vein. The pedicle length is 5 to 7 cm superiorly and 8 to 10 cm 
inferiorly. 
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FIGURE 34-4 Wound dehiscence post triple ankle arthrodesis covered with a 
distally based sural flap. A: Preoperative view and flap design. B: The flap is 
transposed to the defect. C: The flap will be turbo-charged to improve the 
venous outflow (lesser saphenous vein to superficial dorsal vein). D: The pedicles 
are protected with split-thickness skin grafts. 




















FIGURE 34-5 Medial plantar midfoot traumatic defect in a pediatric patient 
(lawnmower injury). The defect is reconstructed with a free latissimus dorsi flap 
shown before (A) and after (B) surgery. Medial plantar midfoot traumatic defect 
in a pediatric patient (lawnmower injury). The defect is reconstructed with a free 
latissimus dorsi flapshown before (A) and after (B) surgery. C,D: Latissimus dorsi 
flap harvesting. E: The flap is revascularized and sutured to the defect. 
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Each of the dominant pedicles supplies just over one-half of the muscle. There is an 
anastomosis between these vessels that is usually sufficient to support the 


nondominant half if one of the two pedicles is ligated. Because of the larger size and 
easier dissection of the inferior epigastric vessel, it is usually used for free tissue 
transfer. 


The motor innervation is supplied by segmental motor nerves from the seventh through 
twelfth intercostal nerves that enter the deep surface of the muscle at its middle to 
lateral aspects. The lateral cutaneous nerves from the seventh through twelfth 
intercostal nerves provide sensation to the skin territory of the rectus abdominis 
muscle. The size of the muscle is up to 25 A—6 cm2. The skin territory that can be 
harvested is 21 A— 14 cm? and is based on musculocutaneous perforatore (Fig. 34-6). 


Gracilis 

The gracilis is a smaller transplant and is useful for defects requiring less bulk than the 
latissimus or rectus. The gracilis muscle is a type 2 muscle (with a dominant pedicle 
and several minor pedicles). It is a thin, flat muscle that lies between the adductor 
longus and sartorius muscle anteriorly and the semimembranosus posteriorly. The 
dominant pedicle is the ascending branch of medial circumflex femoral artery and 
venae comitantes. The length of the pedicle is 6 cm and the diameter of the artery is 
1.6 mm. The minor pedicles are one or two branches of the superficial femoral artery 
and venae comitantes. Their length is 2 cm and their diameter is 0.5 mm. 


Motor innervation is via the anterior branch of the obturator nerve, which is located 
between the abductor longus and magnus muscles, and it usually enters the muscle 
above the level of the dominant vascular pedicle. The anterior femoral cutaneous 
nerve (L2a€“3) provides sensory innervation to the majority of the anterior medial 
thigh. 


This muscle functions as a thigh adductor. The presence of the adductor longus and 
magnus makes it an expendable muscle. 


The size of the muscle is 6 A— 24 cm2. The skin territory is 16 A—18 cm2, but the skin 
over the distal half of the muscle is not reliable when the flap is based on its dominant 
vascular pedicle with division of the minor vascular pedicles. In obese patients, the 
musculocutaneous flap may be too bulky, necessitating use of a skin graft placed on 
the muscle (Fig. 34-7) (see Chapter 32). 
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FIGURE 34-6 Calcaneal osteomyelitis on a diabetic foot. The defect was 
reconstructed with a free rectus abdominis flap. A,B: Preoperative view. C: After 
debridement. D: The rectus muscle is harvested from the abdomen. E: The flap is 
tailored to the defect and revascularized. F: Late postoperative view showing 
calcaneal salvage. 
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Ambient RF Energy Harvesting in Urban 
and Semi-Urban Environments 
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Abstract—RF harvesting circuits have been demonstrated for 
more than 50 years, but only a few have been able to harvest 
energy from freely available ambient (i.e., non-dedicated) RF 
sources. In this paper, our objectives were to realize harvester 
operation at typical ambient RF power levels found within urban 
and semi-urban environments. To explore the potential for am- 
bient RF energy harvesting, a city-wide RF spectral survey was 
undertaken from outside all of the 270 London Underground 
stations at street level. Using the results from this survey, four 
harvesters (comprising antenna, impedance-matching network, 
rectifier, maximum power point tracking interface, and storage 
element) were designed to cover four frequency bands from the 
largest RF contributors (DTV, GSM900, GSM1800, and 3G) 
within the ultrahigh frequency (0.3—-3 GHz) part of the frequency 
spectrum. Prototypes were designed and fabricated for each band. 
The overall end-to-end efficiency of the prototypes using realistic 
input RF power sources is measured; with our first GSM900 
prototype giving an efficiency of 40%. Approximately half of the 
London Underground stations were found to be suitable locations 
for harvesting ambient RF energy using our four prototypes. 
Furthermore, multiband array architectures were designed and 
fabricated to provide a broader freedom of operation. Finally, an 
output dc power density comparison was made between all the 
ambient RF energy harvesters, as well as alternative energy har- 
vesting technologies, and for the first time, it is shown that ambient 
RF harvesting can be competitive with the other technologies. 


Index Terms—Ambient RF, energy harvesting, maximum power 
point tracking (MPPT), multiband, rectenna, RF survey, RF-dc. 


I. INTRODUCTION 


OR ALMOST 50 years, far-field RF technology has been 

used to remotely power systems from relatively large un- 
manned helicopters [1] to very small smart dust sensors [2] and 
contact lenses that measure eye pressure [3]. With all these sys- 
tems, a dedicated RF source is used, where the operator may 
have control over the effective isotropically radiated power (i.e., 
both transmit power and antenna characteristics), beam pointing 
and polarization of the RF source, ensuring optimal line-of-sight 
operation between the source transmitter (TX) and harvesting 
receiver (RX). It is important to highlight that this work will 
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focus only in radiative power transfer and not inductive or near- 
field power transfer, as demonstrated in [4]. A more convenient 
solution, however, is to power these devices from ambient RF 
energy sources, such as television and mobile phone signals, 
thus removing the need for a dedicated source. As ambient RF 
levels are lower than those that can be provided by a dedicated 
RF source, the efficiency of the harvesting system, and its min- 
imum startup power are of critical importance. 

In order to assess the feasibility of deploying ambient RF en- 
ergy harvesters, the available RF power needs to be measured 
in different locations. Such measurements, in conjunction with 
knowledge on harvester performance, can then be used to deter- 
mine the locations at which RF harvester powered devices can 
be successfully deployed. Several RF spectral surveys, which 
measure ambient RF power levels from sources such as televi- 
sion and mobile phone base stations, have been previously re- 
ported. Many have been undertaken using personal exposime- 
ters or spectrum analyzers, where the exact location of each 
measurement is unknown and with RF power levels only being 
reported under general scenarios (e.g., outdoor, indoor, street, 
bus, etc.) [5], [6]. While being of academic interest for health-re- 
lated research [7], the lack of power level and specific time/lo- 
cation information limits their usefulness for exploitation in am- 
bient RF energy harvesting applications. 

Most rectennas (normally comprising an antenna, impedance 
matching network, rectifier, storage element, and load) pre- 
sented in the open literature have been tested using dedicated 
sources rather than harvesting from ambient RF energy [8]. 
In recent years, efficiencies as high as 78% [9] and 90% [10] 
have been demonstrated with relatively high input RF power 
levels (i.c., > + 10dBm). Moderate efficiencies have also 
been achieved using dedicated TXs that provided relatively low 
input RF power levels; e.g., an efficiency of 60% was achieved 
with —22.6-dBm input power [11]. In one demonstrator [12], 
designed to operate over a broad range of input RF power 
levels, (—30 to +30 dBm), the efficiency increased from 5% at 
a low input RF power to a peak of 80% at +25 dBm. 

Despite advancements in end-to-end (i.e., input RF to output 
dc) power conversion efficiencies at low input RF power levels 
(similar to those measured in the spectral surveys), only a few at- 
tempts at true ambient RF energy harvesting have been reported. 
For example, one relatively efficient rectenna, utilizing a mod- 
ified omnidirectional patch antenna, has an efficiency of 18% 
with a single-tone input RF power of —20 dBm [13]. This ded- 
icated signal source was meant to emulate the input RF power 
levels measured from a nearby digital TV (DTV) TX in Tokyo, 
Japan, but did not take into account the more realistic effect of 
harvesting from a modulated broadband signal. Another attempt 


0018-9480/$31.00 © 2013 IEEE 





FIGURE 34-7 Gunshot wound to the distal leg-hindfoot. The defect is 
reconstructed with a free gracilis flap. A: Significant soft-tissue and bony defects 
are present. B: Debridement and external fixation. C: A myocutaneous free 
gracilis flap is planned. D: The free flap is harvested. E: The flap is inset to the 
defect and revascularized. 
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Radial Forearm Flap 

This is a thin, well-vascularized fasciocutaneous flap on the ventral aspect of the 
forearm that was widely used in China before it was popularized in the Western 
literature. The flap is based on the radial artery, which can achieve a 20-cm pedicle 
and has a diameter of 2.5 mm. This length of the pedicle facilitates the microsurgical 
anastomosis out of the zone of injury. The venous drainage is through the venae 
comitantes of the radial artery, but the flap can include the cephalic vein, the basilic 


vein, or both. The flap can contain the lateral antebrachial cutaneous nerve or the 
medial antebrachial cutaneous nerve and then serve as a neurosensory flap. The size 
of the flap can be 10 A— 40 cm. 


A portion of the radius can be included as a vascularized bone with this flap. The 
advantages of this flap are a long pedicle and potential sensory innervation. The 
quality of the bone from the radius is mainly cortical and not of any substantial 
volume. Including the bone in the radial forearm flap may lead to stress fracture of 
the donor radius. Preliminary tissue expansion will increase the flap dimensions, and 
more importantly, it will allow direct closure of the donor defect (Fig. 34-8). 


Scapular and Parascapular Flap 


The scapular flap remains the workhorse of skin flaps. It is a thin, usually hairless, skin 
flap from the posterior chest and can be de-epithelialized and used as subcutaneous 
fascial flap, pedicled or free. 


The flap is perfused by the cutaneous branches of the circumflex scapular artery (CSA) 
and drained by its venae comitantes. The CSA is the main branch of the subscapular 
artery and the main blood supply to the scapula, the muscles that attach to the 
scapula, and the overlying skin. The length of the pedicle is 5 cm and the diameter of 
the artery is 2.5 mm. The vascular pattern of this territory makes it possible to raise 
multiple skin flaps on a single vascular pedicle or to harvest the lateral border of the 
scapula as an osteocutaneous flap for a complex reconstruction. 


The cutaneous territory can be 20 A—7 cm? and can be divided in two 
componentsa€”a horizontal territory (horizontal scapular flap) and a vertical territory 
(parascapular flap)a€” based on the branches of the CSA after the vessel courses 
through the triangular space. Preliminary expansion of the territory of the scapular 
flap will increase the flap dimensions and permit direct donor-site closure. 
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This flap can be combined with other flaps based on subscapular blood supply and may 
greatly facilitate certain complex reconstructions. These include the latissimus dorsi 
and serratus anterior flaps, which can supply additional skin, muscle, and bone (rib) if 
necessary. The primary indication for the scapular flap is a defect requiring a 
relatively thin, large cutaneous flap. These kinds of defects are often found in the 
foot. The osteoseptocutaneous free scapular flap reconstruction has been described in 


the lower extremity (Fig. 34-9). 





FIGURE 34-8 Post-traumatic left great toe necrosis. After debridement the soft 
tissue defect is restored with a free radial forearm flap. A: Preoperative view. B: 
After debridement. C: Radial forearm flap is tailored to cover the exposed 
phalanx. D,E: Four weeks postoperative showing toe salvage and flap donor site. 


Postoperative Management 

The success of a reconstructive foot surgery importantly relies on well-planned 
multidisciplinary postoperative management and rehabilitation. A nona€“ weight- 
bearing regimen for at least 3 weeks is mandatory for every patient carrying plantar 
sutures. Elevation is required for 3 to 8 days after a local flap or a skin graft, and for 2 
to 3 weeks after a free flap. Heparin regimen is advisable while the patient is in the 
aforementioned bed rest phase. Elastic wraps may be useful in controling edema once 
the patient's limb is permitted in a dependent position. Clinical findings should dictate 
the use of antibiotics. 


The La€™Enard splint (Fig. 34-10) is a useful tool to provide immobilization of the foot 
and ankle, and in keeping the posterior heel off the bed. It is also useful when the 
patient begins nona€“ weight-bearing ambulation with crutches. Local care of all 
weight bearing surfaces is also recommended after suture removal, together with a 
frequent multidisciplinary follow-up that involves the plastic surgeon, the orthopaedic 
surgeon, the podiatrist and, if required, the prosthetist. 
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FIGURE 34-9 Dorsal foot avulsion injury in a pediatric patient (go-cart trauma). 
The dorsal aspect of the foot is reconstructed with a free scapular-parascapular 
flap. A: After debridement. B: Free scapular-parascapular flap is inset to the 
defect and revascularized. C: Two months postoperative view. 


Postoperative care of free tissue transfer patients requires the patients to be 
adequately hydrated. Maintenance of proper body temperature and hematocrit is also 
important. Routine heparinization and anticoagulation are not used. 


Flaps are usually monitored for a minimum of 5 days with a laser Doppler in addition to 
clinical observation. While the immediate postoperative period of 24 to 48 hours is 
critical, there have been occasional late failures; thus, laser Doppler monitoring 
should be continued for 4 or 5 days. 





FIGURE 34-10 La€™Enard splint. 
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Complications 

Any flap failure requires a new detailed evaluation of the patient's local and general 
conditions before undertaking a new reconstruction. If a locoregional flap fails, and no 
other local option is available, the next step on the reconstructive ladder would be a 
free flap. 


The success of free tissue transfer should be on the order of 95%to 99% Acute 
complications usually occur in the first 48 hours and include venous thrombosis, 
arterial thrombosis, hematoma, hemorrhage, and excessive flap edema. Arterial 
insufficiency can be recognized by decreased capillary refill, pallor, reduced 
temperature, and the absence of bleeding after pinprick. This complication can be 
caused by arterial spasm, vessel plaque, torsion of the pedicle, pressure on the flap, 
technical error with injury to the pedicle, a flap harvested that is too large for its 
blood supply, or small vessel disease (due to smoking or diabetes). Management of 
arterial compromise requires prompt surgical intervention to restore the blood flow. 
Pharmacologic intervention at the time of exploration includes use of vasodilators, 
calcium channel blockers, and systemic anticoagulants for flap salvage presenting with 


arterial insufficiency. Ultimately, if these pharmacologic agents do not relieve spasm 
at the level of the arterial inflow, the anastomosis should be redone to rule out intra- 
arterial thrombus. 


Venous outflow obstruction can be suspected when the flap has a violaceous color, 
brisk capillary refill, normal or elevated temperature, and production of dark blood 
after pinprick. Venous insufficiency can occur due to torsion of the pedicle, flap 
edema, hematoma, or tight closure of the tissue over the pedicle. The venous outflow 
obstruction can result in extravasation of red blood cells, endothelial breakdown, 
microvascular collapse, thrombosis in the microcirculation, and finally flap death. 
Given the irreversible nature of the microcirculatory changes in venous congestion 
that occur even after short periods of time, the surgeon must recognize venous 
compromise as early as possible. 


These complications can occur alone or in any combination. The clinical observation 
and the monitoring of the patient (such as with laser Doppler) should alert the surgeon 
who has to decide between conservative and operative intervention. Conservative 
treatment may include drainage of the hematoma at the bedside with release of a few 
sutures to decrease pressure. In cases of venous congestion, leeches may be helpful if 
insufficient venous outflow cannot be established despite a patent venous 
anastomosis. The leeches inject a salivary component (hirudin) that inhibits both 
platelet aggregation and the coagulation cascade. The flap is decongested initially as 
the leech extracts blood and is further decongested as the bite wound oozes after the 
leech detaches. 


The donor site should be given the same attention as the recipient site during the 
postoperative period. Complications of the donor site include hematoma, seroma, 
sensory nerve dysfunction, and scar formation. 


Occasionally free flaps, despite early return to the operating room for vascular 
compromise, do fail. Options for management include the performance of a second 
free tissue transfer, noting the technical or physiologic details that led to initial 
failure. Most of the time, free tissue transfers that fail are due to technical errors in 
judgment, whether they be flap harvest, compromise of the pedicle during the 
harvest, improper microvascular technique during anastomosis, improper insetting 
resulting in increased tissue tension and edema, or postoperative motion of the 
extremity resulting in pedicle avulsion. The next decision made by the operating 


surgeon as to the management of this patient is based on several factors. If a patient 
required a free flap in the first place, a second free flap should be considered. If a 
decision is made not to redo the flap, it could be left in place using the Crane 
principle to see if underlying granulation will be sufficient such that skin grafting can 
be performed once the necrotic flap is removed. 


The Crane principle can be applied to cases where a local flap or free tissue transfer 
that necrotizes in part or totally acts as a biologic dressing or eschar over a wound 
bed. If there is no infection, the eschar can be left on the wound bed to see if some 
healing in the form of granulation occurs underneath it. Ultimately, the eschar is 
removed and the granulation bed skin grafted, obviating another free tissue transfer. 
If wound observation shows that such a bed is not produced, then a second flap must 
be considered. 


It is usually our preference not to follow this course, as the flap can become a source 
of sepsis and further compromise local tissues. Necrotic nonviable flaps should be 
removed and a temporary wound dressing such as an antibiotic bead pouch or wound 
vacuum-assisted closure (VAC) should be used. Occasionally when flaps fail in a 
severely compromised extremity, consideration should be given to amputation. If a 
second free flap is considered, errors that lead to flap compromise need to 
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be recognized and avoided. It may be prudent to obtain an arteriogram, evaluate the 
coagulation profile, and research other issues that might have led to failure. 
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Extensive defects of the pelvis and sacrum can result from tumors, ablation, and 
severe trauma. Due to limited amounts and relative immobility of the pelvic soft 
tissue, these defects may pose a serious reconstructive challenge. Until the late 
1970s, the majority of large pelvic tumors were treated with external 
hemipelvectomy. Advances in imaging, chemotherapy, and radiation therapy, as 
well as improvements in resection and reconstructive techniques, have greatly 
reduced the need for radical lower extremity amputations, allowing limb 
preservation in a majority of cases. 
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Historically, buttock tumors were not amenable to a classic hemipelvectomy and 
just a few decades ago were considered unresectable. Likewise, extensive buttock 
defects inflicted by trauma, infection, or end-stage pressure ulcers in paraplegics 


could not be effectively reconstructed. Secondary intention healing frequently 
resulted in protracted hospital course, extensive scarring, contractures, and 
unstable soft tissue coverage. Many of these patients were bound to years of 
Ongoing wound care and immobility. 


External hemipelvectomy denotes removal of the hemipelvis with affected lower 
extremity by disarticulation of the pubic symphysis and the sacroiliac joint. 
Because external hemipelvectomy resulted in major functional impairment, limb- 
Sparing procedures removing part or all innominate bone with preservation of the 
extremity have been advocated. These pelvic resections are referred to as internal 
hemipelvectomies. 


Large, composite pelvic defects associated with internal hemipelvectomies are 
more challenging to reconstruct than the soft tissue defect typically created in 
external hemipelvectomy patients for two main reasons. First, following removal of 
bony hemipelvis in external hemipelvectomy, a large amount of soft tissue of the 
buttock or proximal thigh becomes available for reconstruction. Second, a decrease 
of the pelvic volume obliterates the dead space. 


Sacral resections are performed as a part of extended external hemipelvectomy for 
musculoskeletal sarcomas and, as such, reconstructed as a part of hemipelvectomy 
closure. Isolated sacral defects result from composite pelvic resections for locally 
advanced anal and rectal malignancies or tumors intrinsic to the sacrum such as 
sacral chordomas and sarcomas. 


Indications/Contraindications 
When embarking on treatment of pelvic sarcomas, three important questions should 
be borne in mind. 


e Is this patient operable, i.e., can the individual medically withstand a 
major oncologic resection? 


e Is this tumor resectable, i.e., can this patient be rendered disease-free 
surgically? 


« Can the residual defect or deformity from the proposed resection be 
reconstructed in a functionally satisfactorily manner with stable soft tissue 
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at harvesting ambient RF energy from a mobile phone base sta- 
tion at 845 MHz was reported in [14]. This prototype managed 
to power an LCD thermometer for 4 min, but only after har- 
vesting for 65 h. In that work, when the authors used a dedicated 
signal source with a single-tone input RF power of —15 dBm, 
an efficiency of 3% was recorded. A batteryless location sensor 
has also been demonstrated [15], powered by a rectenna with a 
printed antenna on a flexible substrate and a solar cell, although 
no details for the RF-dc efficiency were reported. Finally, suc- 
cessful prototypes capable of harvesting energy using TV an- 
tennas were presented, but again no details of their efficiency 
were given [16], [17]. 

In order to demonstrate the feasibility for implementing 
ambient RF energy harvesting, here we first present the re- 
sults of a citywide RF spectral survey, indicating suitable 
locations and associated RF bands with sufficient input RF 
power density levels for harvesting. Based on these results, 
rectennas were then fabricated and their efficiencies, under 
ambient RF energy harvesting operation, were calculated 
using in-situ field strength measurements. Furthermore, an 
investigation of multiband rectenna arrays is also presented, 
demonstrating the tradeoffs between series (voltage summing) 
and parallel (current summing) topologies with the aim of 
reducing the minimum input power required for harvester op- 
eration. Finally, a comparison between measured ambient RF 
energy harvesting and alternative forms of energy harvesting 
technologies is presented; highlighting, for the first time, the 
practical feasibility of exploiting existing freely available 
sources of RF energy. 


Il. LONDON RF SURVEY 


In order to quantify input RF power density levels present in a 
typical urban and semi-urban environment, a citywide RF spec- 
tral survey within the ultrahigh frequency (0.3—3 GHz) part of 
the frequency spectrum was conducted within Greater London. 
A number of citywide RF spectral surveys have previously been 
conducted, but in general, only a few samples were taken, giving 
little insight into (semi-)urban environments [14], [18], [19]. 
Other surveys [20], [21] compare their measurements relative 
to the distance from the nearest TX. In a (semi-)urban envi- 
ronment, this may not provide enough information about the 
RF spectrum since there is likely to be local geographical vari- 
ations in base-station density and propagation characteristics 
(e.g., multipath effects and diffraction around and attenuation 
through buildings). 

Each station on the London Underground network was used 
as a survey point to provide a robust dataset for representing 
Greater London in terms of geographical distribution and 
population density, having a combination of urban (in the 
center) and semi-urban (in surrounding areas) characteristics. 
Measurements were taken at each of the 270 stations (from a 
randomly chosen exit, at street level and a height of 1.6 m). 
To provide traceability and for use as a historical reference, 
time stamps and GPS locations were recorded. In addition, 
measurements were taken inside a building at Imperial College 
London (ICL), to represent a typical office block within an 
urban environment. 


IEEE TRANSACTIONS ON MICROWAVE THEORY AND TECHNIQUES, VOL. 61, NO. 7, JULY 2013 


A. Methodology 


Mobile phone usage varies during the daytime, and hence, 
ambient RF energy in their bands is expected to be time 
dependant, with more energy available during the daytime 
than at night time. Therefore, in order to be able to make fair 
comparisons between locations, measurements were taken 
between 10:00 am and 3:00 pm on weekdays over a period of 
one month (between March 5, and April 4, 2012). Electric field 
strength was measured between 0.3—2.5 GHz using an Agilent 
N9912A FieldFox RF analyzer [22] with a calibrated Aaronia 
BicoLOG 20300 omnidirectional antenna [23]. It is important 
to note that the spectral measurements were undertaken during 
the analog-to-digital switchover period in the U.K. and so the 
measurements for DTV may represent an underestimate of 
present RF power levels measured now that the switch over 
is complete [24]. It should also be noted that this survey was 
conducted prior to the 4G network being switched on within 
the U.K. 

A “panning method,” which complies with international 
regulations for measuring exposure limits, was used [25]-[27]. 
Here, the calibrated antenna is rotated to three orthogonal axes 
while the spectrum analyser is set to “max-hold,” ensuring 
that the maximum reading is recorded. For each measurement, 
more than 1 min was allocated to allow for more than three 
sweeps across the selected frequency range. Additionally, to 
maintain a comparable signal-to-noise (S/N) ratio, attenua- 
tion was introduced (with a minimum set at 5 dB) to avoid 
compression when high input RF power levels were detected. 
For all measurements, the resolution bandwidth (BW) was 
fixed at 100 kHz, the internal amplifier was turned on and the 
highest resolution of 1001 points was selected. These settings 
provide the ability to obtain a snapshot of the power density 
that can be expected in an urban or semi-urban environment 
from continuously variable sources. 


B. Results 


After inputting the manufacturers’ frequency-banded antenna 
factors into the spectrum analyzer, to ensure a fully calibrated 
system, the electric field strength measurements were taken. The 
input RF power density (S) is then calculated from the electric 
field strength measurement. Fig. 1 shows the input RF power 
density measured outside the Northfields London Underground 
station, where the spectral bands for DTV, GSM900, GSM1800, 
3G, and Wi-Fi can been clearly identified. 

A well-designed rectenna should ideally be capable of har- 
vesting energy across an entire band, and thus it is important to 
calculate the total band power. The banded input RF power den- 
sity Sg. (nW/cm?) is calculated by summing all the spectral 
peaks across the band (i.e., in a similar way, the spectrum an- 
alyzer calculates channel power). These levels provide a snap- 
shot of source availability at the time and location of the mea- 
surement. Moreover, they are used as a harvester design starting 
point since the power density at each band will define the input 
impedance of a rectenna. 

The exact frequencies for each band are set by the U.K.’s of- 
ficial frequency band allocation [28]; the GSM900, GSM1800 
and 3G base transmit (BTx) bands were separated from the as- 
sociated mobile transmit (MTx) bands. Table I shows average 


coverage? 


The answers to these questions have to be determined during preoperative 
evaluation by the surgical oncologist, reconstructive surgeon, and anesthesiologist. 
Resection of the tumor with negative margins is the only reliable means of 
obtaining a cure in cases if tumor. 


Internal hemipelvectomy is indicated in cases of localized tumor where margin 
negative resection of the tumor is possible with preservation of the lower 
extremity. If clean margins cannot be achieved, external hemipelvectomy should 
be performed. Main indications for external hemipelvectomy are: large tumors 
involving multiple compartments unresponsive to neoadjuvant therapies, 
contamination of compartments from pathologic fracture, or failed previous 
resection, a nonviable extremity. Nononcologic external hemipelvectomy may be 
performed in the cases of uncontrolled pelvic osteomyelitis, traumatic hemorrhage, 
and failed aorto-femoral revascularizations (Table 35-1). 


Wound complication rates following hemipelvectomy are notoriously high and have 
been reported to range from 20%to 80% Proper technical execution of the 
procedure and the use of well-designed skin and muscle flaps can minimize 
postoperative wound morbidity. 


Although infrequently, pelvic and sacral resections are performed en bloc with 
pelvic visceral structures for locally advanced rectal and gynecologic malignancies 
eroding or invading the skeletal pelvis. When such pelvic resection involves removal 
of a part of the pelvis or sacrum, it is referred to as composite resection. Any type 
of external hemipelvectomy performed in continuity with 
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visceral structures is known as compound hemipelvectomy. Due to the aggressive 
nature of these tumors, the disease has to be limited to the pelvis and extensive 
imaging is required to select the patients that can benefit from these extensive 
operations. 


Table 35-1. Basic Tumor Flap Principles 


Safe oncologic margins are the primary requirement 
Reconstruction does not take precedence over adequate, safe 
resection 

Adequate soft tissue coverage of bony reconstruction/ prosthesis 
and neurovascular structures 

Healed surgical wound 

Durable 

Minimal donor morbidity 

Appropriate function, contour 


Primary sacral tumors such as chordomas and sarcomas are relatively uncommon. 
The majority of these tumors are low-grade malignancies. They infrequently 
metastasize and therefore local control becomes important. Reconstruction of 
these defects with flaps facilitates optimal postoperative wound healing. 


Preoperative Planning 

Prior to surgical resection, patients should undergo local and systemic staging 
studies. Musculoskeletal malignancies have a propensity to pulmonary spread. 
Therefore, a chest CT is mandatory to screen for systemic disease. An MRI (and 
plain radiographs for primary bone tumors) is sufficient for gauging the local extent 
of disease and response to treatment. A CT of the pelvis is often useful to 
complement the MRI as this area is difficult to image. Surgical planning relies on 
MRI images taken before and after neoadjuvant therapies. Pretreatment MRI images 
may be helpful in distinguishing radiation-induced reactive changes from actual 
tumor tissue. 


Most patients with high grade bone malignancies will undergo some form of 
neoadjuvant treatment, including chemotherapy and/ or radiation therapy prior to 
tumor resection. Typically, primary bone sarcomas such as osteosarcoma are 
treated with several cycles of preoperative chemotherapy, surgery, and then 


several additional cycles of chemotherapy. Radiation therapy also has an 
established role in treatment of soft tissue sarcomas. 


The treatment team must choose between pre- and postoperative radiation 
therapy. Both approaches have advantages and shortcomings. Preoperative 
treatment requires a smaller area of treatment, creation of a fibrous rind around 
the tumor, and often causes tumor shrinkage, leading to an improved ability to 
obtain wide margins without sacrificing vital structures. Preoperative radiation's 
disadvantages include a higher rate of wound problems and less viable tumors 
available for pathologic examination. Postoperative radiation has the advantage of 
earlier surgery, viable tumors for pathologic study, and fewer wound complications. 
Treatment volumes however are increased and there is a delay in administering 
treatment to allow time for adequate healing of operative wounds. We prefer 
preoperative radiation for pelvic and retroperitoneal sarcomas. 


Brachytherapy requires proper reconstruction planning so that flaps do not 
interfere with catheter placement (Fig. 35-1). Afterloading catheters should be 
evenly spaced and sutured in place to the tumor bed with fast absorbable sutures 
to prevent their displacement during postoperative therapy. Alternatively, VAC 
dressing can be used as a temporary coverage of brachytherapy catheters, followed 
by delayed primary reconstruction of the defect after completion of brachytherapy. 
Intraoperative radiation therapy (IORT) is another means of augmenting a 
preoperative radiation therapy regimen, allowing for directed treatment at close 
intraoperative margins. 

















FIGURE 35-1 Placement of afterloading brachytherapy catheters under 
inferiorly based TRAM flap in treatment of recurrent sarcoma of the thigh. 


Table 35-2. Principles of Pelvic Reconstruction 


Routine use of preoperatively placed ureteral stents aids in the 
identification of ureters intraoperatively. 

Patients should receive both antibiotic and mechanical bowel 
prep. 

Standard hemipelvectomy flaps provide adequate soft tissue 
coverage, and there is no difference in postoperative wound 
complications related to flap design. 

Abdominal and pelvic wall reconstruction is not necessary if the 
muscle with its investing fascia is a component of an external 
hemipelvectomy flap, but the abdominal wall should be 
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reconstructed in cases of internal hemipelvectomy. 

Omentum should be interposed between the intestine and 
hemipelvectomy flap whenever possible to wall off intra- 
abdominal contents in the event of hemipelvectomy flap necrosis. 
Precise surgical technique, thorough hemostasis throughout the 
entire hemipelvectomy wound, wide drainage with multiple closed 
suction drains, dA@bridement of all nonviable tissue off 
hemipelvectomy flap, and meticulous layered closure of the 
operative wound are the key to successful postoperative healing. 
Hemipelvectomy wound complications are common and related to 
the extensive nature of the procedure and the level of vascular 
ligation. Infected wounds have to be aggressively dA©brided until 
control of the wound is achieved. 

Secondary intention healing with wet-to-moist dressing changes 
and VACA® therapy is the most common approach to complicated 
hemipelvectomy wounds. 

Tertiary closure is reserved for the patients with healthy 
granulating wounds and extensive defects who are otherwise good 
operative candidates. 

Local tissue rearrangement by advancement of the skin flaps is the 
most common form of tertiary intention closure. 

Contralateral inferiorly based rectus abdominis muscle or 
musculocutaneous flap is the flap of choice for tertiary closure of 
large hemipelvectomy wounds. To preserve contralateral rectus 
abdominis muscle, contralateral ostomies should be avoided by 
careful preoperative planning and communication between 
different surgical specialties involved in this procedures. 
Hemipelvectomy reconstruction with a microvascular fillet flap 
obtained by ex-vivo anatomic exploration of an amputated 
extremity is an underutilized reconstructive option and should be 
considered in the cases of paucity or poor quality of local tissues 
and vascular ligation above the bifurcation of common iliac vessels 
that is plagued with the high rate of flap necrosis rate. 


Preoperatively, the patients with large pelvic tumor undergo mechanical bowel 
preparation and intravenous antibiotic coverage. Ostomy sites must be 
preoperatively marked in accordance with anticipated flap use because 
inappropriate colostomy or ileostomy placement may burn an important 
reconstructive bridge and prevent rectus abdominis flap elevation. Involvement of 
several surgical services such as urological, colorectal, vascular, spine, and plastic 
surgery is common. The patient is positioned on a bean bag prior to induction of 
general anesthesia. Large bore intravenous access is established in an event of 
rapid blood loss. We liberally use ureteral stents that facilitate intraoperative 
identification of the ureters. After placement of the stents and Foley catheter, the 
patient is placed in the a€cesloppya€e lateral decubitus position and is secured with 
the bean bag. This position is preferred for internal or external hemipelvectomy 
because it permits a wide skin preparation and an easy access to the abdomen, 
buttock, and perineal regions. If additional procedures on spine, sacrum, or rectum 
need to be performed, intraoperative repositioning of the patient will be required 
(Table 35-2). 


Low sacral resection can also be performed in the a€cesloppya€e lateral decubitus 
position (abdominolateral sacral portion) or a full lateral position with the hip and 
knee joints in 90-degree flexion. When combined abdominal exploration may be 
required to deal with the intrapelvic anterior component of the tumor, we start the 
abdominal portion of the operation supine and later reposition the patient for the 
posterior, sacral stage of the procedure. Plastic surgeon performs an initial marking 
and flap dissection as dictated by an anticipated defect. 


Surgery 


External Hemipelvectomy Reconstruction 

Pelvic reconstruction following external hemipelvectomy is principally 
accomplished with three pedicled flap designs: posterior, long anterior, and total 
thigh fillet flaps. The vast majority of hemipelvectomy defects can be closed with 
these flaps which constitute the first choice for hemipelvectomy flap 
reconstructions. If these standard hemipelvectomy flaps are unusable due to very 
proximal vascular ligation, causing flap ischemia, division of the flap origin during 
tumor resection or previous procedure, or extensive radiation damage, then 


alternative flaps must be used for coverage. These second-line reconstructive 
options include contralateral inferiorly based vertical rectus musculocutaneous 
(VRAM) flaps, microvascular lower extremity fillet flaps, or standard free flaps 

depending on the defect 


configuration. Likewise, the second-line reconstructive options are useful for 
closure of hemipelvectomy wounds in the setting of postoperative wound 
complications (Table 35-3). 


Table 35-3. Purpose of Soft Tissue Flaps in Tumor 
Surgery 


e Covers exposed neurovascular structures 

e Coverage for endoprostheses or allografts 

e Addresses functional deficits (neurotized flaps) 
e Obliterates dead space 

e Enhances healing of irradiated wounds 


Posterior Hemipelvectomy Flap 

The classic hemipelvectomy technique relies on pelvic exploration, ligation of the 
common iliac vessels, division of the pelvic rim by disarticulation of the pubic 
symphysis and the sacroiliac joint, and creation of the posterior fasciocutaneous 
flap to achieve soft tissue closure. It was initially recommended that gluteal 
muscles be left with the specimen. This fasciocutaneous hemipelvectomy flap was 
based on relatively poor random blood supply due to ipsilateral ligation of the 
common iliac vessels and was further compromised by removal of the gluteal 
muscles that greatly increased wound complication rates. 


Three modifications of this classic technique aimed to decrease high wound 
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complication rates: 


¢ Incorporation of gluteal muscles in the hemipelvectomy flap 


e Whenever oncologically appropriate, ligation at the level of external iliac 
vessels with reservation of the internal iliac vessels to improve the flap 
blood supply 


« Limited resection of the bony pelvis that allows preservation of the sacral 
perforators 


With these modifications, the posterior hemipelvectomy flap is designed as a 
musculocutaneous flap based on the superior and inferior gluteal vessels (Fig. 35- 
2). Preservation of the gluteal muscle decreases posterior flap necrosis rates and 
makes the construction of along, viable posterior flap that would reach up to or 
above the level of umbilicus possible. Impact of the level of vascular ligation on 
hemipelvectomy wound outcomes has been a point of controversy. Several reports 
from Karakousis et al suggested that the level of vascular ligation does not affect 
the posterior hemipelvectomy flap viability and the rate of postoperative wound 
complications. These authors believed that there was an adequate blood supply of 
the gluteal muscle through small arterial branches along its sacral origin, which was 
sufficient to sustain the viability of the flap unless resection of the edge of the 
sacrum was oncologically necessary. In our experience, we found 2.7-fold higher 
rates of posterior hemipelvectomy flap necrosis in the patients that had ligation at 
the level of common iliac vessels. This finding was independent from sacral 
resection performed during extended hemipelvectomy in some of these patients 
ee 


Long Anterior and Total Thigh Fillet 
Hemipelvectomy Flaps 

One of the major limitations of the posterior flap external hemipelvectomy is its 
inability to deal with the advanced tumors of the buttock and posterior pelvis in an 
oncologically sound manner. In 1953, Bowden et al described utilization of the skin 
of the femoral triangle based on the preserved segment of the superficial femoral 
artery for closure of the hemipelvectomy performed for the sarcoma of the 


buttock. However, it was the critical need for soft tissue reconstruction of the 
advanced decubiti and the infection of bony pelvis in paraplegic patients that led 
to increased utilization of the soft tissue obtained from high amputations. The total 
thigh flap was proposed by Georgiade et al as a last-resort reconstructive option for 
such patients in the 1950s and subsequently gained wide-spread use. This principle 
was subsequently applied for coverage of the hemipelvectomy defects whereby a 
musculocutaneous flap of the anterior thigh compartment was elevated based on 
the superficial femoral artery. The technique was further refined by Sugarbaker et 
al, who also demonstrated that the anterior flap can be used as a sensate island 
flap based on the superficial femoral vessels and saphenous nerve. 


Standard long anterior flap hemipelvectomy includes the bulk of quadriceps femoris 
muscle (Fig. 35-3). A total thigh fillet flap utilizing the majority of the thigh 
musculature can also be designed as a variation of the anterior hemipelvectomy 
flap technique (Fig. 35-4). Anterior hemipelvectomy flap is an axial pattern 
musculocutaneous flap based on the branches of femoral vessels, including lateral 
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and medial circumflex arteries which arise from branches from the profundus 
femoris artery. The latter perforate the adductor magnus muscle to the posterior 
and lateral compartments of the thigh and play a role in supporting a total thigh 
fillet flap. 





Inferior gluteal a. 
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Fig. 1. Input RF power density measurements outside the Northfields London 


Underground station. 








TABLE I 
SUMMARY OF LONDON RF SURVEY MEASUREMENTS 
Band Frequencies Average Spy Maximum Sp4 
(MHz) (nW/cm?) (nW/cm’) 

DTV (during switch over) 470-610 0.89 460 
GSM900 (MTx) 880-915 0.45 39 
GSM900 (BTx) 925-960 36 1,930 
GSM1800 (MTx) 1710-1785 0.5 20 
GSM1800 (BTx) 1805-1880 84 6,390 
3G (MTx) 1920-1980 0.46 66 
3G (BTx) 2110-2170 12 240 
WiFi 2400-2500 0.18 6 











RF power levels across all London Underground stations for the 
banded input RF power density measurements. It can be seen 
that all base-station transmit levels are between one and three 
orders of magnitude greater than the associated MTx levels. For 
this reason, and the fact that the population of transmitting mo- 
bile phones in close proximity of the harvester is highly variable, 
only base-station TXs will be considered further. 

From our London RF survey, DTV, GSM900, GSM1800, 3G, 
and Wi-Fi were identified as potentially useful ambient RF en- 
ergy harvesting sources, although DTV appears to be heavily 
dependent on line-of-sight and sudden changes in atmospheric 
conditions (e.g., temperature inversion) and Wi-Fi is very de- 
pendent on user traffic. It should be noted that the mobile phone 
base-station TXs employ vertically polarized antennas, placing 
a constraint on harvester orientation in deployment. With DTV, 
within the U.K., the main TXs have horizontally polarized an- 
tennas, while repeater TXs have vertically polarized antennas. 

It is convenient to define the boundary between urban and 
semi-urban environments by the line that separates zones 3 and 
4 on the London Underground map [29]. As one would expect, 
the central zones 1-3 host the highest density of base stations. 
As shown in Table II, a banded input RF power density threshold 
was selected to filter the ten London Underground stations with 
the highest measurements for each band. With DTV, the highest 
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TABLE II 
INPUT RF POWER DENSITY THRESHOLD: LONDON UNDERGROUND STATIONS 
WITHIN CENTRAL ZONES |—3 (URBAN) AND OUTER ZONES 4—9 (SEMI-URBAN) 











Spa Threshold Number of Stations 
Band ; 
(nW/cm?) Urban Semi-urban 
DTV (during switch over) 40 10 0 
GSM900 230 8 2 
GSM1800 450 fj 3 
3G 62 6 4 
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Fig. 2. Banded input RF power density measurements for the four largest am- 
bient sources in Greater London. 


recorded measurements were all found within the urban envi- 
ronment. This is because Greater London’s main DTV TX (at 
Crystal Palace) is located on the southeastern boarder of zones 
3 and 4 and there are no London Underground stations further 
south. With mobile phones, more than 50% of the stations were 
inside the urban environment and those in a semi-urban environ- 
ment were all located in close proximity to a cluster of base-sta- 
tion TXs. 

Using the complete dataset from the London RF survey, Fig. 2 
shows the average and median of the banded input RF power 
density measurements for the four largest ambient RF sources 
in Greater London. It can be seen that more than half of the lo- 
cations have below average power levels. This is due to the fact 
that several stations had maximum levels that were considerably 
higher than the average because of their close proximity to TV 
TXs (e.g., Crystal Palace), extremes in base-station density and 
propagation characteristics. 

In addition to the London RF survey, measurements within 
the Department of Electrical and Electronic Engineering 
building at ICL were taken on the 11th floor of the south 
stairwell. These are shown in Table III. As can be seen, DTV 
and GSM900 have a higher than average power level, due to a 
near line of sight from the TV TX and a close proximity to the 
2G GSM900/1800 base stations. 

The dataset from the London RF survey, with all relevant 
information (e.g., locations, timestamps, and banded input RF 
power density measurements), can be found at our interactive 
website: www.londonrfsurvey.org [30]. These measurements 
were used to design efficient harvesters and compared to ICL 


FIGURE 35-2 A: Skin markings of external hemipelvectomy with utilization of 
the posterior flap. B: Musculocutaneous design of the posterior 
hemipelvectomy flap based on the superior and inferior gluteal vessels. 
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FIGURE 35-3 Long anterior hemipelvectomy flap based on the branches of 
profunda femoris and superficial femoris vessels. 


The skin of the anterior thigh down to the knee is innervated by the lateral and 


anterior femoral cutaneous nerves. These nerves can be preserved to provide 
sensory flap coverage of the hemipelvectomy defect. Both anterior flap and total 
thigh fillet flap hemipelvectomy provide well-vascularized and sensate immediate 
coverage of the hemipelvectomy defect. An effort should be made to preserve 
innervation of this flap by protecting sensory nerves during the dissection (Fig. 35- 
5). Both long anterior and total thigh fillet hemipelvectomy flaps are sufficient to 
cover even very extensive hemipelvectomy defects (as well as spinopelvic 
resections) with tissues that have rich axial-pattern blood supply. 


Second-Line Hemipelvectomy Reconstructions 
Standard hemipelvectomy flaps either posteriorly or anteriorly based provide 
reliable reconstruction in a vast majority of the cases because removal of the 
hemipelvis creates relative soft tissue excess for three reasons: 


e Reduction of pelvic volume decreases requirement for the size of soft tissue 


envelop. 
e Skeletal resection eliminates the issue of the dead space. 


« Tissues or the proximal part of the amputated lower extremity can be used 
for hemipelvectomy defect reconstruction. 
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FIGURE 35-4 Total thigh fillet flap utilizes the majority of the thigh 
musculature. 


For these reasons, external hemipelvectomy itself is the ultimate solution to soft 
tissue coverage problems. The difficulty arises when common iliac vessels have to 
be ligated for oncologic reasons, which precludes creation of the anterior 
hemipelvectomy flap, and, at the same time, tissues of the buttock are not suitable 
for posterior flap design due to tumor involvement or sequela of previous 
operations or radiation therapy. In the past, such patients were considered 
unresectable. With the advent of microvascular tissue transfer however, a suitable 
and tumor-free block of tissue can be recovered by ex-vivo anatomic exploration of 
an amputated extremity and transferred as a free flap to achieve coverage of the 
hemipelvectomy defect. 


Internal Hemipelvectomy Reconstruction 
Internal hemipelvectomy involves total or partial removal of the innominate bone 
with preservation of the lower extremity. This operation provides good local tumor 
control and acceptable functional outcome. Several types of internal 
hemipelvectomy as proposed by Enneking and Dunham exist based on the part of 
innominate bone resected: Type 1a€” ileum; Type 2a€” periacetabular region; Type 
3a€” pubic bone; and, described by some, Type 4a€” ileum and sacral ala (Fig. 35-6). 
This classification 
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provides the basis for the surgical oncologic approaches to malignant tumors of the 
nonvisceral pelvis. 





FIGURE 35-5 A: Total thigh fillet flap provides abundance of well vascularized 
soft tissue. B: The flap provides excellent contour and adequate posterior 
reach. C,D: Postoperative result following extended hemipelvectomy for the 
tumor of the buttock. 
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FIGURE 35-6 Schematic drawing of the pelvis showing osteotomy lines for 
standard modified and extended hemipelvectomies. 


Introduction of internal hemipelvectomies increases requirements for soft tissue 
reconstruction since the pelvic volume is not reduced and lower extremity cannot 
be filleted. Additionally, a large amount of the dead space is created and often 
requires obliteration with a flap, especially in the settings of preoperative 
radiation. Several regional pedicled flap options for filling these defects exist 
(Table 35-4). Muscle flaps and de-epithelialized musculocutaneous flaps can be 
used effectively for dead space obliteration. De-epithelialized flaps create more 
bulk and are used for filling larger defects. Because fat is a part of the skin paddle, 


the flap retains volume long term. In addition to dead space obliteration, these 
flaps bring blood supply into relatively ischemic radiated tissues of the operative 
site and thus enhance stable coverage and promote wound healing. Although flap 
demands for bony sarcomas without soft tissue extension are not high, however, in 
the cases of soft tissue sarcomas or soft tissue involvement from the bony 
sarcomas, flap reconstruction becomes critical for the coverage of exposed skeletal 
structures. Musculocutaneous, muscle pedicled, or free flaps can be used. When 
the skin is not part of such a flap, a split-thickness skin graft can be used for 
coverage of exposed muscle of the flap. 


Sacral Reconstruction 


Primary sacral tumors are often low-grade lesions such as chordoma. They do not 
metastasize, but have a tenacious local course. Chordomas and locally-advanced 
rectal cancers are the two most commonly encountered sacral tumors. Sacral 
surgery presents a major challenge due to regional anatomic complexity, technical 
difficulty in obtaining clear margins, functional impairment, and an often 
prolonged postoperative course due to poor wound healing. Sacrectomy is a 
procedure that is uncommon outside of specialized cancer centers. Although distal 
sacral resections are safely performed through the posterior approach, larger 
tumors, tumors of rectal origin, and resections proximal to $3 require an initial 
abdominal exploration to dissect visceral and neurovascular structures, perform 
formal visceral resection when required, assure hemostasis, and complete anterior 
sacrectomy dissection. Sacrectomy is completed through the posterior approach. 


Soft tissue reconstruction becomes important in preventing postoperative wound 
complication following sacrectomy. Two flaps are commonly utilized: pedicled 
omentum and rectus abdominis muscle/ musculocutaneous flaps. Omentum is 
preferred for smaller defects (the defects smaller than the surgeon's fist), and 
the rectus flap is used for larger ones. Inferiorly based vertical rectus abdominis 
musculocutaneous (VRAM) flap is the most commonly used reconstructive 
technique. 


The flap accomplishes two main objectives: it obliterates large dead space and 
provides tension-free closure of the sacrectomy wound. In the cases of 
preoperative radiation, well-vascularized tissue of the flap enhances local 


circulation and further promotes wound healing. Implementation of this practice in 
our institution led to a marked decrease in sacrectomy wound complication rates. 
Careful preoperative planning and communication between different services is 
critical in executing these operations. VRAM flap as a reconstructive option must 
always be borne in mind in the light of previous abdominal incisions as well as 
ostomies, drains, and feeding tube placements. The VRAM flap represents a very 
important surgical technique in oncologic pelvic reconstruction. 


If soft tissue defect is too large for sole VRAM coverage, fasciocutaneous V-to-Y 
advancement flap provides additional recruitment of the local tissues. If 
aforementioned techniques are not sufficient to achieve an immediate coverage of 
sacrectomy-buttockectomy defect, microvascular tissue 


transfer should be performed with a free flap of appropriate dimensions. Finally, 
anterior flap external hemipelvectomy is reserved as a last resort reconstructive 
operation. 


Table 35-4. Flap Options for Internal 
Hemipelvectomy Defect Reconstruction 


e Rectus abdominis muscle based are inferiorly based ipsilateral or 
contralateral: 


o Vertical rectus abdominis musculocutaneous (VRAM) flap 
o Transverse rectus abdominis musculocutaneous (TRAM) flap 
o Rectus abdominis muscle flap with or without skin graft 


e Rectus femoris muscle flap 

e Latissimus dorsi muscle or musculocutaneous flap 

« Vastus lateralis muscle flap 

¢ Tensor fascia lata muscle or musculocutaneous flap 
e Anterolateral thigh flap 
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Technical Elements of Pelvic Flap Surgery 


Omentum Pedicled Flap 


Omentum is readily available during laparotomy although it can also be harvested 
laparoscopically. Its blood supply is based on the right or left gastroepiploic artery. 
Significant mobilization and extent of reach can be gained by basing the flap on 
left gastroepiploic vessels, dividing the short gastric vessels along the greater 
curvature of the stomach, and further dividing middle omental artery to release a 
long vascular pedicle (Fig. 35-7). The latter maneuver releases omentum to its 
fullest length, which may be important for the reconstruction of the larger pelvic 
defects in the event that the VRAM flap is unavailable. 


Rectus Abdominus Muscle and Musculocutaneous Flaps 
The rectus abdominus muscle can be elevated alone or with a skin paddle. The skin 
paddle may be oriented transversely or vertically. 
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The transverse rectus abdominis musculocutaneous (TRAM) or vertical rectus 
abdominis musculocutaneous (VRAM) flaps can be utilized as either pedicled or 
microvascular free flaps. The rectus abdominus muscle has a dual blood supply from 
the superior and inferior epigastric vessels. For the purposes of pelvic soft tissue 
reconstruction, the rectus abdominus muscle flaps are based on the inferior 
epigastric vessels when pedicled to cover the pelvis or sacrum. 
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FIGURE 35-7 A: Omentum can be used for coverage in difficult situations 
following pelvic resection and soft tissue deficit. While the omentum lacks 
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TABLE III 
MEASURED BANDED INPUT RF POWER DENSITIES AT ICL 
DTV GSM900 GSM1800 3G 
(BTx) (BTx) (BTx) 
Spa [nW/em’] 18 48 50 3 





measurements to identify locations in Greater London where 
the designed harvesters could operate. The design procedures 
and prototype test measurements will be presented in the 
following sections. 


III. SINGLE-BAND AMBIENT RF ENERGY HARVESTERS 


In order to implement efficient ambient RF energy harvesters, 
designed for the banded input RF power density levels measured 
at ICL, a set of single-band prototypes were realized and charac- 
terized; these will be compared to multiband array architectures 
in Section V. 


A. Antenna Design and Measurements 


Since our harvesters are intended to operate within a general 
(semi-)urban environment, where the exact location of the 
TX source is unknown, the rectennas’ antennas need to be 
as close to omnidirectional as possible, avoiding the need for 
beam-pointing during deployment. This is at the obvious ex- 
pense of limited antenna gain, and therefore, the corresponding 
levels of Par that the rectifier can receive. Conversely, if the 
location of the TX is known, then it may be tempting to use 
a high gain antenna, but this would require an appropriate 
level of beam-pointing and polarization matching that can be 
established and maintained. 

Another requirement is that the antennas need to be easily 
scalable across all frequency bands since one important objec- 
tive for this work is to compare and contrast different banded 
harvesters. Finally, the antennas need to be easily fabricated. 
For all these reasons, a linear polarized folded dipole was se- 
lected, although a monopole would also be suitable [31]. 

To simplify impedance matching between the antenna and 
rectifier, a modified folded dipole was used to obtain the re- 
quired 50-Q reference input impedance. A balun does not need 
to be employed, as there is no significant degradation in perfor- 
mance for this particular application, even with the use of an un- 
balanced microstrip rectifying circuit [32]. Furthermore, the an- 
tenna was not integrated onto a substrate, to give the additional 
freedom to embed the harvester on windows or within walls, fur- 
nishings, fixtures, or fittings. To this end, two different antennas 
were fabricated for each band; one made using a 560-jzm diam- 
eter copper wire and the other with 75-jm-thick 25-mm-wide 
copper tape. The fabricated antennas are shown in Fig. 3. Since 
the copper tape was not rigid enough to retain its shape, it was 
placed on a Perspex substrate, to represent a flat panel. 

To design the antennas, full-wave 3-D electromagnetic sim- 
ulations were performed using CST Microwave Studio. As dis- 
cussed previously, the antennas were designed to be as omnidi- 
rectional as possible, while covering as much of the ambient RF 
source BW as possible. Fig. 4 shows the typical simulated gain 
profile for the DTV tape antenna, having a front-to-back ratio 
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Fig. 3. 50-Q folded-dipole antennas shown next to a British £1 coin. (a) DTV, 
GSM900 (BTx), GSM 1800 (BTx) and 3G (BTx) copper wire antennas. (b) 3G 
(BTx) copper tape antenna on Perspex. 
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Fig. 4. Simulated beam profile for the DTV tape antenna. 


of unity. Table IV shows the simulated gain and the 10-dB re- 
turn-loss fractional BW for the optimized copper wire and tape 
antennas. 

Fig. 5 shows excellent agreement between predicted and 
measured return-loss results, within a 10-dB return-loss 
bandwidth, for the eight fabricated single-band antennas. As 
one would expect with such a simple classical antenna, the 
out-of-band performances (not shown) were also in good 
agreement. It was found that better return-loss measurements 
are achieved with our single-band antennas when compared to 
other reported single-band omnidirectional [13] and multiband 
[33] designs. The latter may be important, as it may be tempting 
to implement a more compact multiband rectenna, but which 


significant structural strength it provides a well vascularized bed which can 
support skin grafting. The division of the left gastroepiploic arch allows the 
omentum to be mobilized off the greater curvature of the stomach. The right 
gastroepiploic vessels are preserved to supply the flap. B: The omentum may 
be lengthened by dividing the omental arcade along the lines within the 
illustration, creating a long vascularized pedicle. Ca€“E: Clinical example of a 
16-year-old woman with exposed spinal hardware (C) following sacrectomy. 
The omentum was harvested through a midline anterior incision (D), 
lengthened as shown in (B) and then passed through the back to provide 
coverage for the spinal hardware. 


Several key elements of preoperative planning are important in preparation for this 
procedure. A detailed history of previous intra-abdominal surgery needs to be 
obtained, because the inferior epigastric vessels may be divided during operations 
such as appendectomy, inguinal hernia repair, C-section, and colostomy creation 
(Fig. 35-8). The pedicle may also be damaged by radiation therapy. If there is any 
question about the integrity of the vascular pedicle, duplex evaluation should be 
performed. 


Flap elevation is performed prior to abdominal exploration. We open the rectus 

sheath close to midline and dissect it off the rectus abdominis muscle (Fig. 35- 

8Aa€“C). In this part of procedure, care should be taken to dissect inscriptions due 

to their proximity to the underlying vessels that run on the undersurface of the 

muscle. Once the flap has been dissected for coverage of the sacrum and posterior 

defects, the flap is placed in a plastic bag or wrapped with towels and placed over 

the anterior 
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portion of the lumbar spine and sacrum. The abdominal portion of the procedure is 

then completed and the abdomen is closed. If a large fascial defect remains 

following VRAM harvest, this is reconstructed with synthetic mesh or allograft 

fascia. Following abdominal closure, the patient is placed in the prone jackknife 

position for the sacral portion of the operation, and the flap is easily visualized 


after removal of the specimen (Fig. 35-8Da€“F). Inset should ideally be performed 
with no tension to prevent sacral closure breakdown when the patients starts to sit. 

















FIGURE 35-8 A: VRAM flap is planned for reconstruction of the defect from en 
bloc abdomino-perineal resection with sacrectomy. Skin paddle is designed to 
overlie rectus abdominus muscle. B: The rectus sheath is open and the rectus 
abdominis muscle is exposed. The anterior fascia is preserved with the skin 
paddle. C: The flap elevation is complete. The rectus abdominus muscle has 
been divided superiorly from its insertion into the ribs. The inferior epigastric 
vessels have been mobilized to prevent kinking as the flap is passed into the 
abdomen. D: The flap is placed into the abdomen and the anterior incision is 
then closed. The patient is then placed into the prone position and the 
sacrectomy is completed. At this point the VRAM flap is retrieved from the 
pelvis. E: Prior to its inset the muscle and vascular pedicle are examined to 
ensure there is no evidence of kinking or twisting. Note exposed dural sack. F: 
VRAM inset is complete with generous amount of skin remains to accommodate 
for sitting. 


Other Flap Options 

In many instances, the safest approach to patients with pelvic sarcomas is a 
laparotomy and, when it is performed, omentum becomes a valuable reconstructive 
material. Omentum, if present, should always be interposed between 
hemipelvectomy flap and intra-abdominal viscera. This provides an additional 


protective layer in the event of hemipelvectomy wound problems. Omental flaps 
can be effectively used for dead space obliteration. 


Although omentum and VRAM are truly the workhorses of pelvic reconstruction, 
several other flaps may become important as second line reconstructive options. 
Rectus femoris, tensor fascia lata, and anterolateral thigh flap can be used as 
pedicled flaps. Latissimus dorsi and anterolateral thigh flaps can be transferred as 
microvascular flaps depending on soft tissue requirements and availability of 
recipient vessels. 


V-to-Y Advancement Gluteal Flaps 


This versatile reconstructive technique can be performed in escalating complexity 
and is usually tried in the following sequence: 


e Unilateral fasciocutaneous 
e Bilateral fasciocutaneous 


e Unilateral musculocutaneous in conjunction with contralateral 
fasciocutaneous 


e Bilateral musculocutaneous 


e VRAM and bilateral fascio- or musculocutaneous advancement flaps (Fig. 35- 


9) 
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FIGURE 35-9 A,B: Combination of inferiorly based pedicled VRAM flap and 
bilateral fasciocutaneous V-to-Y advancement flaps for closure of a large 
sacral defect after wide local excision of the sacral sarcoma. Ca€“E: 





Inferiorly based VRAM is elevated with large skin island based over superior 
portion of rectus abdominus muscle. The abdomen is closed with the aid of 
extensive undermining. The umbilicus is repositioned beneath the skin flaps 
to lie in the midline. F: VRAM flap allows for soft tissue coverage over 
sacrectomy defect and allows for reconstruction of pelvic floor; however 
large soft tissue defect remains at margins of sacrectomy incision. G: 
Remaining portion of sacral wound is closed with use of bilateral 
fasciocutaneous flaps. Flaps are elevated with fascia only to avoid injury to 
gluteus muscles to maximize post-operative ambulatory ability. 
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The surgeon must be careful in utilizing this flap in an ambulatory patient as it may 
affect functional performance. It is safer to reserve musculocutaneous gluteal flaps 
for paraplegic individuals. For large buttock defects, lateral donor sites of the V-to- 
Y advancement flaps sometimes may need to be temporarily covered with Vacuum- 
Assisted Closure (VACA®) dressings to be closed later when the edema subsides, 
Skin is grafted, or allowed to heal by secondary intention. 


In the face of insufficient amounts of local tissues, the donor part of the V-to-Y 
advancement flap can be skin grafted or covered with a wound VAC to allow 
healing by secondary intention. 


Abdominal Wall Reconstruction in Pelvic Surgery 


Integrity of the abdominal wall has to be maintained to prevent postoperative 
hernias. For a standard external hemipelvectomy defect without extensive 
resection of the abdominal wall, in the patients with musculocutaneous design of 
hemipelvectomy flap, no specific reconstruction of the abdominal wall is necessary 
other than meticulous layered closure of the hemipelvectomy wound. We did not 
observe postoperative hemipelvectomy hernias under these circumstances because 
sturdy fascia of the anterior compartment of the thigh or gluteus muscle along with 
muscular bulk of the flap effectively withstands pressure of the intra-abdominal 
viscera. Conversely, abdominal wall reconstruction becomes important for internal 
hemipelvectomy defects because frequently in these patients there is a very clear 
area of weakness in the lower abdominal wall. This situation is also aggravated by 


higher functional level of the internal hemipelvectomy patients. 


Reconstructive efforts are guided by the extent of the abdominal wall deficit and 
degree of operative contamination. Time-tested surgery principles of ventral hernia 
repair apply. Hernia repair should be tension free with liberal use of prosthetic 
mesh materials. Well-incorporated prosthetic mesh is superior to nonneurotized 
autologous options because it secures the dimensions of the abdominal 
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wall and prevents postoperative bulge and recurrent hernia formation. The 
downside of prosthetic mesh reconstruction is its propensity to infection in the 
presence of intraoperative contamination. Although prosthetic mesh can be used in 
clean-contaminated cases, most surgeons are reluctant to use nonabsorbable mesh 
in this setting and prefer either absorbable mesh such as Vicryl or a biologic 
substitute such as AlloDermA®, processed cadaveric human acellular dermis (Life 
Cell Corporation, Branchburg, NJ, USA) or SurgisisA®, a product obtained by the 
processing of porcine small intestine sub-mucosa (Cook Surgical, Bloomington, IN, 
USA). Vicryl[A® mesh is a temporary abdominal reconstruction solution that permits 
a conversion of the contaminated situation into a clean one at the time of the 
second procedure. The latter aims for definitive reconstruction, but requires 
utilization of costly biologic materials and postoperative formation of abdominal 
wall hernia or bulge continues to be a problem. 


Postoperative Management 

Postoperatively, patients usually require an ICU admission after major pelvic 
resections or hemipelvectomies. They are commonly kept on mechanical 
ventilation overnight until intravascular volumes are stabilized and gas exchange is 
adequate. To optimize postoperative recovery as well as systemic and flap 
perfusion the patient needs to be kept well hydrated. Adequate urine output needs 
to be maintained. The patient with pelvic or sacral flap is usually kept on a 
Clinitron bedA® to avoid pressure injury to the flap. Recovery of bowel function, 
ostomy care, DVT prophylaxis, and wound care is similar to that for a general 
surgery patient undergoing abdominal procedures. 


Physical and occupational therapy services are involved early in the care of these 
patients. Even when the patients are on bed rest, range of motion exercises on 


nonoperated extremities and activities of daily living should be started. When it is 
safe, from a Surgical perspective, to resume ambulation, the patients are evaluated 
for short-term rehabilitation placement. 


Results 


Our experience shows that the outcome of external hemipelvectomy wounds was 
not dependent on hemipelvectomy flap selection. Reliability of its blood supply 
determines the success of the reconstruction. Historically, classic hemipelvectomy 
flaps that are based on the random circulation are exceedingly prone to necrosis. 
Preservation of the gluteal muscle as a part of the flap decreased, but did not 
solve, the problem of hemipelvectomy flap necrosis. We also observed that 
preservation of the branches of the internal iliac vessels providing direct blood 
supply to the gluteus maximus muscle further decreased hemipelvectomy flap 
necrosis rates. Hemipelvectomy wound outcomes therefore can be improved by 
increased utilization of microvascular fillet flap transfer that provides superb blood 
flow to the transferred tissue, not comparable with the periphery of a random 
hemipelvectomy following common iliac vessel ligation. 


Complications 

Wound complications such as surgical site infection and skin flap necrosis are the 
most common postoperative complications in musculoskeletal oncology. There are 
multiple reasons for the high rate of wound complications following major 
resections of musculoskeletal malignancies. Despite the fact that the vast majority 
of these procedures are clean cases with only occasional visceral resection that is 
applicable for pelvic tumors, wound complication rates are well beyond what one 
would expect. In modern musculoskeletal oncology practice, many sarcoma 
patients undergo neoadjuvant (preoperative) radiation and chemotherapy. Soft 
tissue complication rates approach 40%to 50 %in this group of patients. Moreover, 
even without neoadjuvant therapy, the duration and operative extent of the 
procedures significantly influence rates of postoperative wound complications. As 
noted earlier, wound complications that delay the administration of postoperative 
adjuvant therapies may have serious oncologic consequences. Rapid, 
uncomplicated wound healing is essential for patients who require postoperative 
adjuvant therapy, highlighting the need for early and close collaboration with 


plastic surgeons. 


A hematoma can occur after any oncologic surgery, ranging from incisional biopsy 
to extensive surgery. All tumor resections should utilize at least one suction drain, 
although larger resections may require several drains placed deep and in more 
superficial tissues. The pressure from the collection 
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of blood products in a wound can compromise soft tissue reconstructions and may 
become infected. Drain sites and tracks are contaminated and usually are resected 
at the time of definitive tumor removal. For this reason, drains should exit the skin 
in line with the longitudinal incision used for biopsy. It is important to remember 
that drain placement can be as important as where one makes an incision. Drains 
should come out in line and close to an incision. 


Hematomas are especially problematic following incisional biopsy, potentially 
compromising future resection and successful local control of a tumor. A hematoma 
can spread neoplastic cells beyond the immediate area and even into surrounding 
compartments if a transverse incision is used. Rigorous attention to hemostasis is 
therefore essential. Compressive dressings bolstered with plaster can also help 
minimize hematomas in the immediate postoperative period. 


Seromas can occur following tumor resections, again potentially compromising soft 
tissue reconstructions and wound closures. Most surgeons therefore take a 
conservative approach to removing drains, allowing output to decrease (to less than 
30 mL/ day) and remain low before removal. Drains usually remain in place for a 
minimum of several days, but often are left in for much longer in large or 
irradiated wound beds. As with other facets of patient care, good communication 
with plastic surgery is important regarding the timing of drain removal. It is 
recommended that patients going home with suction drains remain on oral 
antibiotics. 


Oncology patients often have a compromised nutritional status, making them prone 
to wound infections. Moreover, these patients are subject to the 
immunosuppressive actions of chemotherapy agents and the local wound effects 
from radiation. As many oncologic reconstructions rely on allografts, 
endoprostheses, or combinations of the two, surgeons should approach wound 
infections extremely aggressively. This approach entails a low threshold for surgical 


dA©bridement. As with all surgical procedures, orthopedic oncology patients should 
receive pre- and perioperative intravenous antibiotics as well as postoperative 
coverage when appropriate. 


Sacrectomy is prone to wound complications that are related to the extent of the 
procedure, intraoperative contamination, use of preoperative radiation therapy, 
local tissue ischemia, hematoma, positional pressure, dead space, and tight 
closure. In the setting of preoperative radiation, wound complication rates are as 
high as 50% These factors can be minimized by meticulous surgical technique, 
obliteration of the dead space with a flap, and postoperative use of a Clinitron 
bedA®. 


Over the past 20 years, 160 external hemipelvectomies were performed in our 
institution. External hemipelvectomy has been associated with high morbidity but 
low mortality (5%to 7%. Overall, 54%of patients had at least one complication. 
Hemipelvectomy wound morbidity was the most common postoperative 
complication. Thirty-nine percent of patients experienced wound infection and 26% 
had hemipelvectomy flap necrosis. Wound complications were managed with serial 
dA©bridement until control of the wound was achieved; however, this may result in 
a sizable defect. 


In a delayed reconstruction setting, the amputated extremity is no longer available 
for tissue procurement and the contralateral pedicled VRAM flap becomes critical 
in closure of such defects. This flap provides a superb reconstruction and in fact is 
the flap of choice for postoperative hemipelvectomy wounds. In a very rare 
circumstance, when VRAM is unavailable and the hemipelvectomy wound is so large 
it cannot be closed by local tissue rearrangement or a skin graft, a free flap such as 
a contralateral anterolateral thigh flap or latissimus dorsi may be required. One has 
to consider a paucity of recipient vessels and the need for vein grafts or saphenous 
arteriovenous loop that significantly increase the risk of flap failure. 


Oncologic outcomes of musculoskeletal tumors are largely dependent on tumor 
pathology. Limb salvage is possible in the vast majority of sarcoma patients. In 
those patients who still require proximal amputations such as external 
hemipelvectomy, stable soft tissue coverage is almost uniformly achieved. Despite 
postoperative wound complications related to the operative extent of the 
resection, intraoperative contamination, and preoperative radiation therapy, the 
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TABLE IV 
SIMULATED GAIN AND 10-dB RETURN Loss FRACTIONAL BW FOR 
FOLDED-DIPOLE SINGLE-BAND ANTENNAS 










































































Band Wire Tape 
BW Gain BW Gain BW 
(%) (dBi) (%) (dBi) (%) 
DTV 26 4.35 4 4.48 6 
GSM900 Re 4.42 4.3 4.73 4.3 
GSM1800 4.1 4.32 5.3 4.73 10.7 
3G 2.8 4.39 5.4 4.76 12 
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Fig. 5. Input return-loss predictions and measurements for all single-band 
folded-dipole antennas. (a) Wire. (b) Tape. 


may ultimately not give better ambient RF energy harvesting 
performance. 

Obtaining a minimum acceptable return loss over an antenna 
fractional bandwidth as large as that of the source is key to har- 
vest as much input RF energy as possible. As can be seen in 
Table IV, where the fractional bandwidth is defined for a 10-dB 
return loss, our antennas have a fractional bandwidth greater 
than those of the sources, with the exception of DTV, which 
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Fig. 6. Predicted input RF power levels for the four largest ambient sources at 
the ICL testing location. 


only covers approximately 35% of the target frequency range. 
In other work [13], 5-dB return-loss fractional bandwidth is 
adopted for RF energy harvesting applications. 

The fractional bandwidth of the antennas having a minimum 
return loss of 5 dB is too great to assume a constant antenna 
gain over the whole band. Therefore, an additional advantage 
of using 10-dB return-loss fraction bandwidths is that (1) can 
be used to calculate the input RF power with the assumption 
that the midband antenna gain is constant with frequency [34]. 
Therefore, the time-averaged input RF power Pry is given by 


d2 


Prr = Spa ° Areal and Ayeal ~ G(fo) 7 


(1) 
where A,<a) 1s the real aperture (or capture area) of the antenna, 
X» 1s the free-space wavelength at the midband frequency f,, 
and G(f,) is the rectenna’s antenna gain at fo. 

Substituting the measured banded input RF power densities 
recorded in Table III and the predicted midband antenna gains 
in Table IV into (1), realistic values for Pry can be calculated 
for all four bands, with the results shown in Fig. 6. It can be seen 
that with all antenna gains being in the region of ~ 4.5 dBi, the 
2G GSM900/1800 harvesters will generate the highest input RF 
power levels, due to the high-banded input RF power density 
levels measured in situ. At the other extreme, the 3G harvesters 
will be the worst performers. As only a small fraction of the 
required frequency range is covered by the DTV antennas, the 
predicted values for Prr represent an overestimation. 


B. Rectifier Design and Measurements 


Based on a previously reported analysis [35] and the pre- 
dicted input RF power levels presented in Fig. 6, the zero-bias 
SMS7630 diode (in a series configuration) was selected as the 
optimal solution for our ambient RF energy harvesters, as shown 
in Fig. 7. In a series configuration, the junction capacitance 
(C;(V)) of the diode dominates the detector’s impedance, as 
long as Cour > C;(V), and thus Couz has little or no effect 
on the matching circuit. This allows Co, to be large enough to 
provide a ripple-free output voltage. In contrast, Cou, must be 
less than 1 pF to achieve a good impedance match with a shunt 
configuration as Cout appears in parallel with C;(V) and the 
packaging parasitic capacitance. However, Cout is too small to 


vast majority of the patients heal the surgical wounds. Both successful wound 
healing and high rates of limb salvage became possible due to advances in 
reconstructive surgery over the past three decades. In our practice, we emphasize 
early involvement of a plastic and reconstructive surgeon in care of a sarcoma 
patient. 


Pearls and Pitfalls 


Plastic surgery consultation early 


Early, durable reconstructions are important for functional recovery and 
also prevent delays in administration of postoperative chemotherapy and 
radiation therapy 


All surgeons should be present in the operating room at the start of a 
combined case 
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Dona€™t use an Esmarcha€” exsanguinate, if necessary, by elevating 
extremity and digital arterial compression 


Use compressive Robert J ones dressings when feasible, even after soft 
tissue resections 
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Indications/Contraindications 

Replanting the upper limb above wrist level involves a large quantity of muscle 
and, consequently, is regarded as major replantation. Because muscle does not 
tolerate anoxia well, the success of arm replantation depends on the effects of 
ischemia, and warm ischemic time is much more detrimental than cold ischemic 
time. The tissue damage caused by 1 hour of warm ischemia is equal to that caused 
by 20 hours of cold ischemia. When warm ischemic time is more than 6 hours, the 
success rate is markedly decreased and the complication rate is significantly 
increased. When arm amputation is incomplete, there might be a venous blood 
regurgitation that causes capillary refill to be present. In this situation, health care 
personnel may be unaware that the injured limb is devascularized, and therefore 
fail to keep the injured limb in a cool environment. This oversight further lengthens 
warm ischemic time and jeopardizes the survival of the injured limb. Furthermore, 
one should remember that on-table time to revascularization is often warm 
ischemia time, as well. Daigle and Kleinert reported that the average warm total 
ischemia times were 4.8/ 14.8 hours in failed replantation, which Is significantly 
higher compared with the average of 1.1/7.5 hours in successful replantation. 


As arule, the more proximal the amputation, the poorer the prognosis. Although 
some debate its efficacy in cases of amputation proximal to the mid forearm, the 
upper limb should be replanted if at all possible, both for function and cosmesis. 
However, there are some conditions that contraindicate arm replantation, 
including: 


e Significant associated injury 
« Extensive injury to the affected limb or to the amputated part 


e Severe medical illness 
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Significant associated injury to major organs prolongs the patient's time in surgery 
and, therefore, increases blood loss and the need for transfusion. Limb replantation 
is clearly contraindicated if it may jeopardize the life of the patient. Injury factors 
that require significant consideration are: 


e Avulsion versus guillotine injury 

e Ischemia time elapsed 

e Quantity of tissue loss 

e Presence of multiple levels of injury 


e Degree of wound contamination 


Chronic illness also may complicate, and even contraindicate, limb replantation. 
For example, vessel anastomosis may be more difficult among patients with 
diabetes, who have a higher prevalence of arteriosclerosis. Diabetes, autoimmune 
disorders, and prolonged steroid use increase patientsa€™ susceptibility to 
infection. Serious illnesses, including organ failure, preclude replantation surgery. 


In addition to severity of injury to the limb and chronic medical illness, one also 
needs to take patient factors into consideration. Although there is no absolute cut- 
off age for replantation, the prognosis for a favorable functional outcome 
decreases with the increase of age. Children, as a rule, tend to be excellent 


candidates for major upper limb replantation. They have an advantage over adults 
in tissue regeneration generally, and especially in nerve regeneration. Patient 
factors in addition to age include the patient's occupation, hobbies, and wishes. 


Preoperative Planning 

Of course, always treat any life-threatening associated injury first. As soon as 
possible, control bleeding on the amputated stump with pressure dressings. Do not 
use any clamp instrument to try to stop bleeding because this increases the chance 
of damaging the vital structures (e.g., nerve) next to the bleeding vessels. The cut 
arterial end, however, can be tied to stop bleeding. Preserve the amputated part 
in a plastic bag, and cool it in ice slurry to just above freezing, usually 4A°C. Then 
arrange rapid transportation to the replantation center. 


In cases of incomplete amputation, wrap the limb snugly with gauze and elastic 
bandage so that bleeding stops, but not so tightly that blood flow is cut off to 
healthy tissue. Then, splint the injured area and place a regular ice pack on it. 
Special attention should be paid for any sign of hypovolemia. 


While the patient is prepared for surgery or during transportation, the amputated 
part can be perfused with organ preservation solution, for example, Tsai's solution 
or UW solution, as shown in Table 36-1. Perfusion may have several benefits over 
simple immersion for large tissue parts, including the physical benefits of more 
rapidly cooling deep tissues and flushing stagnant blood. If the ischemic time is 
more than 6 hours, and especially if the amputation is incomplete, the amputated 
part also can be perfused with 1 unit of heparinized arterial blood obtained from 
the patient (Fig. 36-1). When the amputated part is brought to the operating room 
for cleaning and initial debridement, continue to keep it in a cool condition at all 
times. 


Surgery 
The patient is taken to the operating room and placed on the operating table in the 
Supine position. Because arm replantation surgery may take as long as 16 to 18 
hours, general anesthesia is practically 
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always required. The patient is given a dose of intravenous antibiotics 30 minutes 


before surgery. The patient's injured limb is prepared and draped in standard 
sterile fashion. An upper-arm tourniquet is inflated to 100 mm Hg above the 
patient's systolic pressure to minimize bleeding. If necessary, the contralateral 
lower limb is also prepared and draped for possible skin, nerve, and/ or vein 
grafting; it may even be used to provide a free flap. 


Table 36-1. Solutions Used in Arm Replantation 





Solution Content Concentration Preparation 
Tsai's Injectable Lactated 
solution lactated Ringer's, Ringer's 150 mL 

heparin, +heparin 3,000 
preservative-free units +1% 
Lidocaine Lidocaine 30 mL 
Papaverine Papaverine 1.5 mg/mL Papaverine 1 mL 
(30 mg) + 
normal saline 19 
mL 
LMD/ heparin LMD, heparin 10 units/ mL LMD 500 mL + 


drip 


heparin 5,000 
units 





LMD, low-molecular-weight dextran. 





100cm H20 pressure 
(39") 





FIGURE 36-1 Perfusion of an amputated limb with heparinized blood. The 
blood bag is hung 100 cm above the amputated limb and the infusion flows by 
gravity. 


The order for arm replantation is quite different from finger replantation. Before 
proceeding with replantation, lactated Ringer's solution or plasma is used to flush 
organ preservation solution from the limb. The recommended order of surgical 
procedures is as follows: 


e Arterial shunt or perfusion to shorten anoxia time 
e Thorough debridement 
« Bone fixation 


e Artery and vein repair, with or without vein graft 


¢ Repair of nerves 
e Repair of muscle and tendon 
e Skin grafting or flap for coverage 


e If indicated, fasciotomy 


The artery from the amputated limb is cannulated with a standard vascular shunt 
to establish the connection between the proximal and distal artery and to 
intermittently perfuse the devascularized limb. A segment of regular intravenous 
infusion tube can also be used if no vascular shunt device is available. During 
perfusion, if the patient becomes hypotensive, temporarily clamp the perfusion. 
After 20 minutes, the venous shunt can be performed to minimize blood loss. 


Thorough debridement is essential for a successful replantation. The injury may 
occur In an environment such as a farm, an automobile accident, or water sport in 
which the wound would be severely contaminated. Any crushed, grossly 
contaminated tissue must be removed. Muscles distal to the amputation level that 
have lost their contractility must be debrided. Effective debridement converts a 
dirty, crushed wound to a clean and guillotine-like wound. Residual dead tissue 
provides a substrate for bacterial growth after major limb replantation. The 
resulting gas gangrene or septicemia from postoperative infection may be life 
threatening. In addition, bone infection may result in non-union, delayed functional 
recovery, and secondary amputation. 


Bone shortening is almost always the rule; usually a shortening of at least 2 to 3 cm 
is required. Bone shortening not only provides more healthy bony structure for an 
improved chance of bone 
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healing, but also helps to release tension on the soft tissue and eliminates the need 
for vein grafting, nerve grafting, or tendon grafting. 


Either internal or external bone fixation can be used, depending on the surgeon's 
preference. Internal fixation can be chosen for more definitive treatment, 
especially if there is minimal concern for infection. Plates and screws provide 
better stability and are most commonly used. Kirschner wires can be used when the 


amputation is around wrist level. Although intramedullary nailing is an option, it is 
rarely used. External fixation should be considered when there is a high risk of 
infection or when internal fixation is contraindicated. External fixation can be used 
for temporary fracture stabilization until soft tissue is healed. When the limb is 
viable, internal fixation can be implemented. Occasionally, however, external 
fixation can be a problem when free tissue transfer is required for soft tissue 
coverage. If this is the case, external fixation should be switched to internal 
fixation at the time of the free tissue transfer procedure or should be avoided from 
the beginning, if at all possible. 


One should repair as many arteries and veins as possible, although there is no magic 
number for optimal results. In general, at least one artery and two vein 
anastomoses are required. The two-to-one ratio also holds when greater numbers of 
anastomoses are performed: Repair two veins for each arterial repair. The stump of 
the vessel on each end is gently debrided to remove crushed or severely contused 
vessel. Special attention is paid in cases of avulsion to make sure there is no hidden 
intima injury that might cause delayed thrombosis and, eventually, failure of 
replantation. The adventitia at the stump is then carefully trimmed to provide 
better exposure for anastomosis. A syringe with a small angiocath filled with Tsai's 
solution (150 mL lactated Ringer's + 3,000 units heparin +30 mL 1%preservative- 
free Lidocaine) is used to flush the vessel lumen to remove any blood clot or debris 
(see Table 36-1). Vascular anastomosis is performed under a microscope with 8-0 or 
9-0 nonabsorbable suture in interrupted fashion. For a more proximal amputation, 
for example, at the upper arm, anastomosis can be achieved with 6-0 or 7-0 suture. 
Clamps are removed after each anastomosis is completed, and the replanted part is 
observed for return of circulation. In the past, we would give a bolus dose of 
heparin (3,000 units) followed by a low-molecular-weight dextran (LMD)/ heparin 
drip (500 mL LMD +5,000 units heparin at 20 mL/hr) for anticoagulation. Nowadays, 
after the bolus of heparin, we use a low fractionated heparin (e.g., enoxaparin 
sodium injection or Lovenox 30 mg given subcutaneously) due to its efficacy and 
simplicity. If there is any sign of vessel spasm, the replanted part should be kept 
warm with warm normal-salinea€“ moistened gauze or abdominal pads. 
Occasionally, papaverine (1.5 mg/mL) can be used to reverse vasospasm (see Table 
36-1). 


If the gap of the arterial defect is too big for primary anastomosis without 


increased tension, arterial reconstruction with a vein graft should be considered. 
The donor site of the graft can be a superficial vein from the contralateral arm ora 
saphenous vein from the lower extremity. The vein graft should be reversed 
routinely to prevent the valve effect. Venous anastomosis is performed in the same 
manner as arterial repair, but doesna€™t require reversal if a vein graft is used. As 
many veins as possible should be repaired. 


Careful monitoring is necessary to avoid a systemic effect from revascularization 
(i.e., hyperkalemia, increased creatinine, and myoglobinuria). In complete 
amputation, the first 100 to 200 mL of venous blood, carrying with it toxic 
metabolites, is allowed to bleed out without going back to systemic circulation. For 
incomplete amputation, especially when part of the venous system is intact, the 
repaired artery is intermittently clamped to allow adjustment of systemic 
circulation. 


All major nerves should be repaired, including the radial, median, and ulnar nerves 
and their branches. Epineurial repair with interrupted 8-0 or 9-0 nonabsorbable 
suture under a microscope is recommended. If a nerve graft is required, it can be 
obtained from the lateral or medial antebrachial cutaneous nerve or the sural 
nerve, depending on the length and size of the nerve graft desired. 


Different techniques of tendon suturing can be chosen, according to the surgeon's 
preference. Strong tendon repair with early protective range of motion provides 
the best chance of functional recovery. If muscle and tendon are severely 
damaged, a tendon transfer is performed. 


The authors recommend that fasciotomy be performed in anticipation of 
postischemic swelling. In the forearm, both the volar and dorsal compartments 
must be opened (Fig. 36-2). The incision on the volar distal forearm can be made 
along the ulnar side of the distal forearm to minimize tendon exposure. In the 
hand, all nine compartments (thenar, hypothenar, three volar, and four dorsal 
interosseous) are opened. This can be achieved with four incisions: one each on the 
side for the thenar and hypothenar eminences, and two dorsal incisions along 
second and fourth metacarpal bones in order to approach all interosseous 
compartments (Fig. 36-3). 


Soft tissue coverage for exposed vital structures becomes easier after bone 





shortening and, in some cases, no extra skin is required. In most cases, primary 
wound closure can be accomplished with skin 


grafting only. Occasionally, especially in complicated amputations, additional soft 
tissue coverage is required. This can be achieved by forming a pedicled or free 
vascular flap. It can be done either in an immediate, emergent setting or in a semi- 
emergent setting (i.e., a few days after initial surgery). 
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Fig. 7. Series detector configuration with L-matching network. 


provide a ripple-free dc voltage to the load. This can be over- 
come with a matching network that will allow a good impedance 
match with a large output capacitor, but at the expense of intro- 
ducing losses. Furthermore, as shown in [36], these issues start 
to become negligible with a shunt configuration as the shunt 
diode becomes more self-biased as the input power increases. 
Simulations were performed using Agilent Technologies’ ADS 
software. Its Momentum package not only takes into account 
the losses from the low-cost FR4 substrate, but also calculates 
fringing fields, effects from which are passed on to the har- 
monic-balance package for simulating the nonlinear behavior 
of the rectifier. 

A good impedance match was achieved by employing a 
simple matching network; a series lumped-element inductor 
was used to absorb part of the capacitive reactance from the 
series diode and an additional quarter-wavelength short-cir- 
cuit shunt stub was employed to achieve the desired 50-Q 
impedance [37]. Since the impedance of the diode varies with 
frequency and input RF power, impedance matching between 
the antenna and rectifier was first undertaken by finding the 
optimal output load resistance for an input RF power level 
of —20dBm with a single-tone source at the midband fre- 
quency. After the optimal load was found, further broadband 
optimization was performed to the matching network and the 
load to ensure good impedance matching throughout the target 
frequency range and the measured Prep for each band. 

As with the antenna analysis, and unlike conventional RF 
circuits that adopt the more traditional half-power bandwidth 
definition, the rectifier should adopt the 10-dB-input return-loss 
bandwidth. The reason for this is that, for ambient RF energy 
harvesting applications, the input RF power is at a premium and 
so what little energy is available should not be wasted by being 
reflected back from avoidable impedance mismatches at either 
the antenna or rectifier. 

Fig. 8 shows excellent agreement between predicted and 
measured input return loss results, within the —10-dB band- 
width, for the DTV and GSM900 rectifiers, having fractional 
bandwidths of 5.7% (below target) and 4.8%, respectively. 
With these lower frequency designs, the fundamental and 
higher order harmonics were below —55 dBm, ensuring a 
clean dc voltage at the load, without the need for any output 
filtering. Reasonable agreement was found with the GSM1800 
and 3G rectifiers, having fractional bandwidths of 1.6% (below 
target) and 7.4%, respectively. It was found that with these 
two higher frequency designs, the higher order harmonics were 
—40 dBm at the output. This reduced performance, as illus- 
trated in Fig. 8, is due to the higher series inductive reactance 
leads of the output shunt storage capacitor. For this reason, a 
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Fig. 8. Input return-loss predictions and measurements for all first prototype 
single-band rectifiers, with Pg» = —20 dBm at the input and optimal load 
resistances at the output. 


second prototype version (v2) was designed for the 3G rectifier, 
using distributed-element components for the input impedance 
matching stage and an additional output filter stage. With 
the lumped-element matching network, it was found that in 
order to achieve good input impedance matching to 50 Q), all 
the microstrip transmission lines had to have a characteristic 
impedance of 92 9. With the distributed-element matching 
network, a simple shunt quarter-wavelength open-circuit stub, 
designed for operation at the fundamental frequency, was 
employed. A microstrip line was added between the cathode 
of the diode and the stub to absorb the capacitive reactance of 
the diode. The stub effectively filters to < —50 dBm the higher 
order harmonics. The microstrip design can be seen in Fig. 13. 


C. PMM 


Since the input RF power from ambient sources can be rep- 
resented as a multi-tone source, with power levels fluctuating 
across the target frequency range, the output impedance of the 
rectifier is time varying. A power management module (PMM) 
capable of performing maximum power point tracking (MPPT) 
is required. 

For our work, a low-power integrated-circuit PMM from 
Texas Instruments Incorporated (BQ25504) was selected, due 
to its low quiescent current (< 330 nA) and low input voltage 
operation (~ 80 mV hot-start and 330-mV cold-start) [38]. It is 
worth noting that its startup voltage is lower than PMMs previ- 
ously reported and realized using hybrid circuits for RF energy 
harvesting [13]. The BQ25504 PMM includes a boost converter 
that steps up its input voltage (having a 350-mV average value 
during ambient operation) to useful levels between 2.4—5.3 V. 
The BQ25504 also has a built-in battery management module, 
which is used to control the duty cycle of the output power to 
the load. 

MPPT operation on the BQ25504 is achieved by periodi- 
cally sampling the open-circuit voltage (OCV) at the input of 
the converter, which then draws a current causing the converter 


FIGURE 36-2 Volar distal forearm incision along the dorsal side. 


Postoperative Management 
The patient is admitted and is given nothing by mouth for at least 12 hours in case 
it becomes necessary to return to the operating room. The replanted limb is 
elevated to heart level with an intravenous pole or pillows and is monitored at least 
every hour for color, temperature, blanching, and capillary refill. Among them, 
temperature is the most sensitive parameter. A temperature drop of 
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more than 2A°C represents an early sign of vascular compromise. It is also 
important to make sure that the capillary refill is the result of arterial flow, not 
venous congestion. The patient is instructed to refrain from smoking and caffeine 
products for 3 weeks after surgery because they may decrease circulation to 
revascularized tissue. Dressing change is avoided in the first 3 days to minimize the 
chance of vasospasm. 








FIGURE 36-3 A: Dorsal incisions along the 2nd and 4th metacarpal bones. B: 
Incisions on the thenar and hypothenar eminences. C: Interosseous 
compartments. 








By tradition, heparin and LMD are routinely given intraoperatively and 
postoperatively. However, a new trend is to give one dose of heparin when 
revascularization is completed or, sometimes, not giving any heparin at all. In these 
cases, patients are given only aspirin postoperatively. Heparin and LMD are given 
only when there is any doubt about the efficacy of circulation. Prostaglandin Ej is 
also reported to provide some benefit because of its effects of general 

vasodilation, leukocyte adhesion inhibition, and platelet aggregation inhibition. 


The dose given is 40 to 120 Aug per day for 3 to 10 days. 
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Hyperbaric oxygen (HBO) treatment is very useful when the replanted limb shows 
marginal circulation. According to Nylander et al, HBO treatment significantly 
reduces phosphorylase activity, a sensitive marker for muscle damage, in the post- 
ischemia phase. Hyperbaric oxygen treatment is given at 2.5 atm of absolute 
pressure for 45 minutes, and usually three treatments are necessary. 


In the weeks and months that follow replantation, additional surgeries may be 
required to improve the function of the replanted limb. These procedures may 
include debridement, tenolysis, and improvements in coverage. 


Complications 

Postoperative complications include persistent ischemia from the no-flow 
phenomenon, hyperkalemia/ metabolic acidosis, myoglobinuria/ renal failure, tissue 
necrosis, and wound infection. Any of these complications may either jeopardize 
the survivability of the replanted limb or endanger the life of the patient. The no- 
flow phenomenon Is mainly due to long ischemic time and is often irreversible. 
Although free-radical scavengers (e.g., allopurinol) can be used to treat this 
condition, the result is often unsatisfactory. 


During surgery, frequent test measurements should be used to monitor for the 
development of hyperkalemia and metabolic acidosis. High alertness and close 
monitoring of serum potassium during surgery, especially right after the vascular 
clamp is released, are key. The vessel should be intermittently clamped in the first 
couple of minutes of revascularization to allow time for adjustment. It's also 
important to maintain adequate hydration and avoid high potassium-content IV 
fluid. If it does develop, hyperkalemia/ metabolic acidosis can be treated with 
alkalization and IV insulin. According to Waikakul et al, serum potassium 
concentration in the amputated segment was the best objective predictor of 
replantation success. When it is higher than 6.5 mmol/! 30 minutes after 
reperfusion, replantation should be avoided. A high systemic venous serum 
potassium concentration was also found before clinical signs of the reperfusion 
syndrome were seen. 


Myoglobinuria and renal failure can be prevented with adequate hydration, 
alkalinization of urine, osmotic diuretics (mannitol), and free-radical scavengers. 
Frequent urine myoglobin monitoring is required until two consecutive results are 
within normal range. Tissue necrosis and infection are mainly due to inadequate 
debridement; therefore, adequate debridement is essential. 


During the last 10 years, cases of myoglobinuria or renal failure are rarely seen 
following tissue perfusion or shunt anoxia time. Compared with minor replantation, 
patients with major replantation require longer hospital stays, more surgical 
procedures, and the functional results are not always satisfactory. The process also 
has a high psychiatric impact to both patient and family members. 


Ultimately, the most important measure of outcome is the recovery of hand 
function. If there is no recovery of hand function, forearm amputation and a switch 
to below-elbow prosthesis can be considered. In one study from our institute, 8 of 
34 patients with apparently successful major replantation underwent secondary 
amputation. Among them, four amputations were done because of poor function, 
one because of dysfunctional pain, and one because of poor cosmesis. The other 
two were part of planned staged procedures to preserve the length of the stump or 
joint. In general, a replanted limb tends to have a better functional outcome 
compared with a prosthesis. A replanted limb typically has better performance in 
gross prehensile activities and allows pronation and supination that prostheses do 
not offer. 


In summary, arm replantation remains a major challenge to surgeons. The surgeon 
needs to consider the safety of the patient, to preserve limb viability, and to 
reconstruct the limb function. The final goal of a successful replantation is to 
achieve adequate function without pain. In addition, cosmesis must not be ignored, 
and secondary amputation sometimes is required. According to our experience, 
ideal conditions do not guarantee ideal results, although more distal amputation 
and shorter ischemic time predict a more favorable outcome. 


Case Studies 

A 45-year-old man sustained a blast injury resulting in total amputation at proximal 
upper arm level. Total ischemic time was 11 hours before revascularization was 
accomplished (Fig. 36-4). 


A 17-year-old boy was involved in a mining accident and sustained bilateral forearm 
amputations (Fig. 36-5). 
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FIGURE 36-4 A: Amputated part demonstrated gross deformity at forearm 
level. B: Radiographic examination revealed amputation at proximal humerus 
level with segmental forearm fractures. C: Proximal part showed soft tissue 
defect with large area of bony exposure. D: Amputated part was perfused with 
1 unit of heparinized arterial blood 2 hours before revascularization. E: While 
patient was getting ready for surgery, amputated limb was debrided and 
internal fixation partially readied for replantation. F: Completion of internal 
fixation, revascularization, and fasciotomy. G: Free tensor fascia lata flap for 
soft tissue coverage. H: Completion of initial surgery with free flap and skin 
grafting. I: Radiographic examination demonstrated healed humerus with plate 
in place. J: Final result after multiple surgical procedures including pectoralis 
major muscle transfer for elbow flexion. K: Final result of elbow extension. L: 
Final result of hand gripping. The patient has some hand gripping function but 
has very little intrinsic muscle function. Sensory recovery is protective only. 





FIGURE 36-5 A: Right forearm amputated at mid-forearm level and left 
forearm amputated at proximal forearm level. B: Radiograph of amputated 
parts. C: Finger extension at final follow-up. D: Finger flexion at final follow- 


up. 
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Indications/Contraindications 

Replantation is defined as reattachment and revascularization of a completely 
amputated part, whereas revascularization is defined as restoration of arterial inflow 
or venous outflow to or from a part that is incompletely amputated. In 
revascularization cases, it is of utmost importance that the true severity of the injury 
is not underestimated due to the grossly intact image of the injured finger. The 
introduction and improvements in microsurgical instrumentation and techniques have 
lead to successful revascularization and replantation of amputated parts as distal as 
the finger tip and pulp. Overall, the results of finger replantation are encouraging and 
have provided many amputation victims with extremely rewarding results. 


Amputations of upper extremity digits are devastating for the patient who is initially 
stunned by the events of the trauma. Therefore, care is taken to discuss the situation 
in a gentle and thoughtful manner, considering that the patient has just lost a part of 
the upper extremity, and that this loss might be permanent if the reconstructive effort 
is not indicated or is unsuccessful. Generally accepted indications for finger 
replantation include amputations of the thumb in almost every situation, a single digit 
with the level of injury distal to the superficialis insertion, multiple digits, and any 
amputation in children (Table 37-1). The patient's desires have a strong influence on 


the approach. 


Success in replantation is based on the functional outcomes as judged by objective 
parameters such as strength, range of motion, and sensory function, and not on the 
survival of the replanted or revascularized parts alone; therefore, the potential 
outcome must be considered for each individual patient. The potential for a long 
operative procedure, immediate or late failure, the potential requirement of regional 
or distant tissue flaps to complete the reconstruction, and the possible need for 
multiple procedures even after survival of the replants should be included in the 
formula for decision making and discussed with the patient and his or her family. The 
location, mechanism of injury, number digits involved, level of injury, condition of the 
amputated part, condition of the hand, length of ischemia time, the patient's general 
health, age, and associated injuries, and the patient's desires dictate the course of 
action. One advantage of replanting any digit is prevention of neuroma formation. A 
thorough knowledge of the anatomy and adequate exposure of structures aids in 
attaining optimal results (Figs. 37-1 and 37-2). 


The thumb is the most important single digit, and its replantation is the most 
rewarding since provision of a post for opposition, even with lack of motion at the 
metacarpophalangeal and interphalangeal joints, is significant. In avulsion cases, the 
defects of the vessels and nerves may be segmental and the use of vein grafts for the 
arteries and veins, and nerve grafts or vein grafts for the nerves, may be required. The 
long nerve stumps of the amputated thumb can be anastomosed to the dorsal sensory 
nerves in the first web space, to a transposed nerve from the index finger, or to the 
more proximally located nerve stumps using nerve grafts. Despite the fact that sensory 
return may only be protective in nature, the replantation of thumb avulsion injuries 
usually results in significant improvement in function. 


Patients presenting with multiple digit amputations are candidates for replantation, 
and efforts are made to replant all fingers with potential for good functional 
outcomes. The surgeon uses his or her judgment in deciding the location where an 
amputated part should be replanted. Replanting a digit onto the stump of the thumb is 
the first priority, and the other amputated digits should be replanted with the idea 
that a better grip is achieved when the long, ring, and small fingers are replanted 
without 
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gaps between the digits, and better fine pinch is achieved when the index and long 
finger are replanted. Efforts are made to replant each amputated digit to its natural 
position; however, less severely damaged amputated digits may be better placed onto 
a stump that is less damaged and is located in a more functionally significant position. 
For example, in a case of multiple digit amputations with involvement of both the 
thumb and index finger, in which the amputated thumb has sustained irreparable 
damage, the index finger is replanted to the stump of the thumb. After the thumb 
position has been filled, the replantation should begin with the one most appropriate 
for the patient's daily activities and functional needs at work. 


Table 37-1. Indications and Contraindications for 
Finger Replantation 


Indications Controversial Indications 





Amputations of the thumb _ ; 
Single-digit amputation at a level proximal to 


at any level 3 
y the insertion of the flexor digitorum 
Amputation of multiple i 
i superficialis tendon 
digits 


Ring avulsion injuries 


Any amputation in children c 
Severe contamination 


Single-digit injury in zone | 





Contraindications 


Amputated parts that are 
severely crushed or 
damaged 

Multiple-level amputations 
Significant associated 
trauma and/ or medical 
conditions 
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Fig. 9. System block diagram. 


input voltage to fall and be held at a pre-programmed fraction 
of the OCV (set by a potential divider). In a simple de circuit, 
with a resistive source impedance, the optimal ratio is 0.5. For 
the rectenna-based system, a ratio of 0.48—0.53 was found to 
maximize the power output of the system. The BQ25504 is de- 
signed to charge a storage element, and in this case, a capac- 
itor Cstorage WaS used. The programmed PMM continuously 
charges the storage capacitor, and the load (a low-power LED) 
was automatically connected to the storage capacitor when the 
capacitor voltage reaches an upper limit Vijgn = 2.84 V and au- 
tomatically disconnected when it reaches a lower limit Voy = 
2.40 V. The duty cycle of the LED can then be used to calculate 
the efficiency of the system, as will now be described. A dia- 
gram of the system is shown in Fig. 9. 


ITV. END-TO-END EFFICIENCY ANALYSIS 
The efficiency 7 of an RF energy harvesting system is 
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where Py. is the time-averaged output (i.e., equivalent dc) 
power into the storage element (e.g., battery or supercapacitor) 
and load and Prr is as previously defined. Measurements 
for this type of system are usually performed in a controlled 
environment (e.g., an anechoic chamber or TEM cell), using 
a dedicated constant or variable amplitude single-tone RF 
signal source [32], [39]. However, the former is not suitable 
for evaluating ambient RF energy harvesting operation, which 
has a much broader spectrum of nonconstant input frequencies 
and where the instantaneous input RF power is time variant. 
The use of a constant single-tone dedicated source provides a 
convenient stable reference power to the harvester; while the 
latter reflects a more realistic signal source having fluctuating 
power levels across a nonzero bandwidth, multipath, and reflec- 
tion effects which are very difficult to emulate in a controlled 
environment. 

Therefore, to determine the overall end-to-end efficiency 1.-. 
for a complete ambient RF energy harvester, the input RF energy 
Upp was calculated based on the harvester’s antenna character- 
istics and the actual banded input RF power density measure- 
ments taken at the time of harvester operation, using the Agi- 
lent Fieldfox and the calibrated antenna. It is important to note 
that since the impedance mismatch between the antenna and de- 
tector is not taken into account, Upp is higher than expected, 
providing an underestimate of end-to-end efficiency. The output 
dc energy Ug. was then calculated by measuring the charge—dis- 
charge cycle time, t-ycie of the storage capacitor between Vnien 
and Viow, as the LED is repeatedly connected and disconnected. 
The output dc energy equation is already taking into account 
the efficiency of the PMM given the fact that the measurements 
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Fig. 10. End-to-end efficiencies for ambient RF energy harvesting at ICL. 


are taken at its output voltage. The end-to-end efficiency of one 
charge—discharge cycle of Cytorage iS 


(3) 


where the input RF energy is given by integrating the time-av- 
eraged input RF power over a cycle time, as 


Upp = | Prrdt (4) 


and the output dc energy is given by the energy supplied to the 
load, as follows: 


2 2 
(Vhigh a Vy, 


Uae = Ustorage 2 ow) . (5) 


A. ICL Field Trials 


Four single-band ambient RF energy harvesters were assem- 
bled by connecting the rectifiers to the wire/tape antennas and 
PMMs programmed for the optimal load. A 100-jF shunt ca- 
pacitor was employed as the storage element, providing Ug. = 
115 pJ. Our system is capable of cold-starting the boost con- 
verter and MPPT since the rectenna is capable of providing 
the minimum starting voltage of 330 mV. When the minimum 
voltage is reached, the boost converter and MPPT start to op- 
erate and the charge—discharge cycle at the load begins, causing 
the LED to flash. During field trials, t.ycj. took up to 170 s for 
the harvester with lowest banded input RF power density, cor- 
responding to 3G with the wire antenna. Table V summarizes 
the results where ¢, and tg are the charge and discharge times, 
respectively, and /V and SJ are the multiband voltage and cur- 
rent summing array architectures, respectively. A detailed dis- 
cussion on the multiband rectenna arrays will be presented in 
the following section. The end-to-end efficiency was calculated 
using (3) with data from Fig. 6 and measuring the charge—dis- 
charge cycle time during harvesting operation. 

Fig. 10 shows the overall end-to-end efficiencies for all the 
harvester demonstrators, deployed and tested at ICL. As pre- 
dicted by simulations, the improved 3G v2 demonstrator with 











FIGURE 37-1 Lateral view of a finger demonstrating the location of arteries, 
veins, and nerves relevant to finger replantation. Also demonstrated are zones | 
and Il as well as the level at which incisions are made for exploration of the 
neurovascular bundle. 














FIGURE 37-2 Mid-axial incisions and exposure of structures in the amputated 
part. 











Single-digit amputations distal to the insertion of the flexor digitorum superficialis 

(FDS) tendon (zone |) yield good outcomes following replantation, with little need for 
secondary surgery, even if the distal interphalangeal (DIP) joint requires fusion. In 

some instances, venous outflow cannot be 
reconstituted and postoperative leech therapy or heparinization and purposeful 
exsanguination can achieve digit survival. Four millimeters of dorsal skin proximal to 

the nail fold must be present for adequate vein size to be repaired. Tsai, McCabe, and 


Maki described their technique of finger tip replantation, which used leech therapy 
and other methods of decongesting the finger when venous congestion developed 
postoperatively. These authors noted a 69%survival rate, a 75%rate of return of some 
form of two-point discrimination, and an average range of motion of the DIP joint of 
56 degrees. Replantation of a single-digit amputation at a level proximal to the 
insertion of the flexor superficialis tendon and distal to the first annular pulley (zone 
Il) often results in stiffness of the proximal and DIP joints and limited motion of the 
finger, with the replanted finger interfering with movement of the other fingers. 
Therefore, single-digit replantation may be only suitable for well-motivated individuals 
who are willing to undergo appropriate postoperative physical rehabilitation for a 
maximal functional recovery. Unless they are highly motivated, concerned about 
cosmetic outcome, or are children, patients are not usually replanted in this situation, 
as they often require secondary surgery and end up with disappointing outcomes. 


Ring avulsion amputations present with segmental injuries of structures such as 
arteries, veins, and nerves; therefore, vein and nerve grafts are often necessary to 
bridge the gaps after debridement of unhealthy appearing neurovascular tissue. 
Otherwise, transposition of the neurovascular bundle from an adjacent digit (Fig. 37-3) 
or the use of arteriovenous shunting for inflow to the replanted digit can also yield 
successful outcomes. Most surgeons consider ring avulsion amputation patients to be 
poor candidates for replantation; however, replantation of an avulsed digit still can be 
attempted if the patient insists on replantation and he or she understands the 
likeliness of a suboptimal outcome. 


The mechanism of injury plays an important role in decision making. Sharp, incisive 
injuries predict better functional outcomes than crush or avulsion injuries. 


In elderly patients and patients with compromised medical conditions, the decision is 
based on the balance between the risk of undergoing the surgery, the functional 
outcome anticipated, and the significance of the replantation to the patient. Life- 
threatening injuries and significant medical conditions that preclude long anesthesia 
times are contraindications to digit replantation. Microsurgical replantation in children 
or infants is indicated and can yield good functional outcomes. In elderly patients, the 
surgeon should take into consideration the potential systemic insult from the 
anesthesia and operation, the arteriosclerosis of vessels, and the poorer potential of 
functional recovery. 








FIGURE 37-3 Transposition of an artery from an adjacent finger. 











Warm ischemia times of less than 8 to 12 hours and cold ischemia times of less than 30 
hours, measured from the time of amputation to the time of restoration of blood flow, 
are tolerated in digit replantation. Survival of replanted digits has been reported after 
as long as 42 hours of warm ischemia and 94 hours of cold ischemia. Immediate and 
proper cooling of the amputated part lengthens tissue survival. 


A preoperative history of cigarette smoking does not seem to confer as negative an 
effect on the replantation as postoperative smoking. It has been shown to have 
significant negative effects on blood flow for up to 3 months. If the patient is unwilling 
to stop cigarette smoking, this could be considered a contraindication. 


Amputated digits that are not commonly replanted are ones that are severely crushed 
or damaged, severely contaminated, have undergone multiple-level amputations, or 
are those of patients with multiple associated traumas or severe medical problems. 


Preoperative Planning 

A team approach is essential to the success of replantation. The transport team and 
the emergency room physicians should place the amputated part in appropriate 
dressings and arrange efficient transport to a center that has a replantation team. This 
team includes microvascular surgeons, anesthesiologists, operating room personnel and 
facilities, a microscope, and postoperative monitoring capabilities. 


Minimal time should be wasted in obtaining unnecessary examinations. Many of the 
studies can be performed on the patient while the operating room is being prepared 
and, subsequently, the amputated finger is being prepared. If the operating room is 
ready and the patient is not, the finger can be taken to the operating room and 
prepared for replantation. 


Obtaining a history and physical examination is necessary to aid in determining 
indications for surgery and avoiding postoperative complications and disappointing 
outcomes. Current events related to the injury are detailed, including the time and 
mechanism of injury, the location and conditions where the trauma took place, and 
the way the amputated digits or stumps were handled prior to admission. Information 
regarding the patient's general condition, including other injuries that occurred in 
relation to the current trauma and the patient's medical and surgical history, are 
obtained. The general examination of the patient is performed to exclude other major 
injuries. The amputated digit and the stump are examined in the emergency room. 
This examination is performed without digital blocks, which may cause injury to 
structures essential for successful replantation. 


The amputated part is carefully preserved in a cool condition to minimize damage 
from ischemia. The amputated part is wrapped in gauze moistened with Ringer's 


lactate or saline solution, and placed in a plastic bag or specimen cup, which is then 
placed on ice. The amputated part is never placed directly on or immersed in ice or 
ice water, as this can cause freezing and permanent damage to the tissues. 


Radiographs of the amputated digit and hand are taken to evaluate the condition of 
the bones and the presence of foreign bodies. The patient is kept in a warm 
environment, provided with adequate hydration, tetanus prophylaxis, and broad- 
spectrum antibiotics that are appropriate for the mechanism of injury and condition of 
the wound. 


A discussion with the patient and the patient's family should include the risks of 
anesthesia, possibility of long operating times, potential need for blood transfusions, 
requirement for postoperative hospitalization, possibility of further surgery to salvage 
the finger in case of vascular compromise, the likely need for secondary procedures 
such as tenolysis, and the definite need for extensive physical rehabilitation 
postoperatively to achieve optimal outcomes. Patients are informed of the possibility 
that revision of the stump and closure of the wound might be performed; that vein 
grafts, nerve grafts, skin grafts, local flaps, regional flaps, or free flaps might be 
necessary to complete the reconstruction; and that bone shortening is often necessary 
in the primary reconstruction. The patient is made aware that there is a chance of 
immediate or late failure of the reconstructive effort and that other options for 
rehabilitation, such as prosthetic devices, might need to be resorted to in the future. 
Finally, if the patient is a smoker, he or she is told that smoking can affect the 
outcome and that postoperative smoking for up to 3 months can be detrimental to the 
final outcome of the surgery. The patient is given clear and realistic expectations 
regarding the expected outcomes. 


Appropriate consultations with medical specialists are obtained. If a psychiatric 
disorder is suspected, a psychiatric consultation is obtained which in some 
circumstances might affect the decision as to whether to proceed with the 
replantation. 
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If an operating room is available, the amputated part is taken there first, examined 
under magnification, and set up for replantation while the patient is being prepared 
and anesthetized. Replantation is performed as soon as possible to shorten the 
ischemic time. 


Surgery 


Patient Positioning 

The patient is placed in a supine position with the arm abducted and placed over an 
arm table. A tourniquet is placed high up on the arm and on one of the lower 
extremities (in case vein, nerve, or skin grafts are required). Appropriate warming 
devices are placed to maintain normal body temperatures throughout the procedure. 


General anesthesia is recommended, as replanting each digit requires between 2 to 4 
hours to complete, and this usually becomes uncomfortable for the patient when an 
axillary block is performed. A brachial plexus block can be used to decrease the 
requirement for pain medication and decrease the incidence of vascular spasm in the 
operating room and postoperatively. Some authors use a brachial plexus block in 
addition to sedation in adults and older children with single-digit amputations in one 
extremity who are thought to be non-anxious and may tolerate 2 to 5 hours of 
immobility. 


Preparation and cleansing of the stump and amputated part are performed using a 
povidone-iodine solution followed by copious irrigation with normal saline. A 
tourniquet is placed on the involved arm and one leg, and both are prepared and 
draped. 


Technique 

A two-team approach is used whenever possible, with one team working on the 
amputated part and the other working on the hand. The operative sequence for digit 
replantation varies slightly among surgeons and depends on the individual situation 
and ischemia time; however, our general routine is (1) identification of structures, (2) 
debridement, (3) bone shortening and fixation (Fig. 37-4), (4) repair of the extensor 
tendon, (5) repair of flexor tendons, (6) anastomosis of the artery, (7) coaptation of 
nerves, (8) anastomosis of veins, and (9) closure of the wounds. 


Identification of Structures 
During the dissection, the amputated part can be kept cool by placing it over a cooled 
apparatus. Bilateral mid-axial incisions are made, and the volar skin flap and dorsal 


skin flap are elevated, folded back, and sutured in position (see Fig. 37-2). If one team 
is performing the surgery, the exploration begins by identifying the neurovascular 
bundles and other structures in the amputated part using an operating microscope. 
High magnification minimizes inadvertent injury to important structures and decreases 
the chances of vasospasm. The digital arteries, one or two dorsal veins, and the digital 
nerves are identified and tagged with 6-0 sutures. The extensor and flexor tendons are 
located, trimmed, and tagged. If there is no artery available in the amputated part for 
anastomosis as is sometimes the case with ring avulsion amputations, the options for 
replantation become more limited. The use of an afferent arteriovenous shunt for the 
revascularization of unfavorable amputations of fingertips and distal phalanges may be 
an option (Fig. 37-5), or the replantation effort is halted and a revision and closure of 
the stump is performed (12, 28a€“ 30). 


Debridement 


All non-viable tissue is excised while being careful not to cause inadvertent injury to 
important structures including the pulleys, particularly the A2 and A4 pulleys. 


Bone Shortening and Fixation 


Without excessive periosteal stripping, the bone is trimmed to provide surfaces that 
allow for good bone contact during fixation. Bone shortening also allows for direct 
vessel or nerve repair without tension, minimizes the need for using vein grafts and 
nerve grafts, and permits a more relaxed skin closure as postoperative edema can 
create compression of the vessels. Preservation of 5 to 10 mm of bone near a joint 
helps increase the range of motion that can be achieved. In traction avulsion 
amputations, the bone may require further shortening (19,36). Amputations through a 
joint are commonly treated with arthrodesis at the time of replantation. If this is not 
performed in the initial setting, eventual use of a silastic arthroplasty can solve some 
problems related to joint stiffness but is insufficient when the collateral ligaments are 
not present or do not provide adequate stability. 
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FIGURE 37-4 Different methods used for bone fixation. (A) One longitudinal 
Kirschner pin, (B) Two parallel Kirschner pins, (C) one longitudinal and one 
oblique Kirschner pins, (D) two oblique Kirschner pins, (E) two parallel 
interosseous wires, (F) two perpendicular interosseous wires, (G) one interosseous 
wire and one Kirschner pin, (H) plate fixation, (I) a screw for oblique fractures. 








Bone fixation can be performed using crossed Kirschner wires (K-wires), two 
longitudinal K-wires, a single intramedullary K-wire, interosseous wiring, 
intramedullary screws, or external fixation devices (see Fig. 37-4). The type of fixation 
used depends on the stability of the fragments, the desire for early mobility, the 
compliance of the patient, and the preference of the surgeon. Plate fixation may be 
beneficial for fractures at the mid-shaft level as it allows for early mobility; however, 


plate fixation requires more extensive soft tissue dissection and periosteal stripping, 
and requires more time to perform. Longitudinally placed intramedullary or crossed K- 
wires that do not cross non-involved joints are the most commonly used methods. For 
replantations distal to the DIP, one K-wire may suffice. The authors prefer the use of 
interosseous wires when the replantation is performed at the level of the proximal 
part of the proximal or middle phalanx. Interosseous wiring provides adequate 
stabilization for early mobility and allows for adjustment of the alignment on an 
outpatient basis if malalignment is noted within the first week postoperatively. 


Repair of the Extensor Tendon 


The extensor tendon is repaired using 4-0 medium-lasting sutures placed as horizontal 
mattresses or in a figure-of-eight fashion. Excessive and unnecessary manipulation, 
pinching, and grasping of tendons are avoided. In amputations at the proximal 
phalangeal level, the disrupted lateral band is repaired to achieve optimal extension 
function of the interphalangeal joints. 


Repair of Flexor Tendons 

The flexor tendons are repaired by applying a modified Kessler technique using 4-0 
nonabsorbable sutures followed by a running circumferential suture using a 6-0 
monofilament nonabsorbable suture. Both the FDS and flexor digitorum profundus 
(FDP) are repaired meticulously. In zone II, only the FDP tendon is repaired to 
minimize subsequent tendon adhesion. 
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TABLE V 
HARVESTERS CHARGE AND DISCHARGE TIMES (t.., tg, RESPECTIVELY) FOR A SPECIFIED LOAD 
Wire Tape 
Band te(8) ta(S) forte) Plt!’ “Pacltges) | © os foe) Palts) Pict 
load load load (uW) (uW) load load load (uW) (uW) 
independent dependant dependant H H independent dependant dependant H H 
DTV 26 12 38 9.6 3 14 18 32 8.2 3.6 
GSM900 14 10 24 11.5 4.8 8 13 21 14.4 5.5 
GSM1800 43 15 58 7.7 2 22 27 49 5.2 2.4 
3G v2 167 3 170 38.4 0.7 96 5 101 1.2 1.1 
Multiband ZV 43 7 50 66 2.3 - - - - - 
Multiband =I 55 5 60 92.2 2 - - - - - 
tape antenna outperformed its original design by 11%; achieving TABLE VI 


an end-to-end efficiency of 40% with an input RF power of only 
—25.4 dBm. 

It is believed that a much greater efficiency can be achieved 
for the DTV harvester if the fractional bandwidths for the 
first prototype circuits (i.e., 4.4/4.5% for the antennas and 
5.8% for the rectifier) could be increased to match the much 
greater target value of 26%. Likewise, the reduced efficiency 
of the GSM1800 harvesters can be attributed to the detrimental 
effects of the narrowband input impedance matching of the 
rectifier (1.e., having a fractional bandwidth of only 1.6%, when 
compared to its target value of 4.1%). Finally, with all the 
harvesters, the end-to-end efficiencies can be enhanced through 
better antenna design and optimal polarization matching. 

Table VI, shows the number of locations from the London 
RF survey that would be able to support our harvesters. Unlike 
the single-band 3G harvester, which can operate at 45% of the 
locations, our DTV harvester can only be used at two locations 
(one in zone 2 and the other in zone 3). Therefore, for the gen- 
eral deployment of an ambient RF energy harvester within an 
(semi-)urban environment, at street level, the single-band DTV 
harvester may not be practical 


V. ARRAY ARCHITECTURES 


Since ambient input RF power levels can be low (1.e., below 
—25 dBm) and dependent on both time and spatial considera- 
tions, harvesters could be designed to extract energy with spa- 
tial-diversity within the same frequency band or using different 
frequency bands. For example, with the former, at a particular 
location there may be only one band that has significant levels of 
RF energy worth harvesting. In this case, spatial-diversity array 
architectures may provide more usable output power. Alterna- 
tively, with the latter, multiband array architectures may provide 
more robust operation. 

With both forms of parallel array architecture (i.e., spatial- 
diversity and multiband), a further classification can be seen 
through the use of either diversity/band switching or a summing 
node. With the former, physical switches automatically select 
whichever signal path delivers the highest input RF power level; 


NUMBER OF LOCATIONS FROM THE LONDON RF SURVEY CAPABLE OF 
SUPPORTING IDENTICAL HARVESTERS AT THE SAME EFFICIENCY LEVELS 
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28 68 
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with the latter, power from all signals is combined. Fig. 11 il- 
lustrates generic forms of parallel array architectures, showing 
that switching/summing can be performed electromagnetically 
at a single antenna or at the output from multiple antennas, rec- 
tifiers, or PMMs. 

Multiband array architectures, similar to those in Fig. 11(c) 
and (d), capable of RF harvesting from the four previously 
identified bands, were selected as possible optimal solutions, 
given no size/cost constraints. Our objectives were to reach the 
minimum cold-start voltage at the lowest possible input RF 
power levels and increase the harvesters’ operational capabili- 
ties within (semi-)urban environments. 

To this end, two different multiple rectenna architectures 
were investigated. The first with a single shared PMM and 
the second with multiple PMMs, as illustrated in Fig. 12. To 
simplify assembly, the wire antennas were selected since they 
did not require a substrate. Unwanted coupling between the 
single-band antennas was minimized by placing them a min- 
imum distance of 47/5 apart; where \;, is the wavelength of 
the lowest frequency band antenna [40]. For example, the DTV 
and the 3G antennas were kept at least 11 cm apart, as shown 
in Fig. 13. This allowed S;; measurements to be the same as in 
Fig. 5 once all antennas were assembled into the array. 


A. Multiple Rectennas With a Shared PMM 


In order to improve the cold-start performance of the system, 
the outputs of multiple rectennas can be connected in series, as 
shown in Fig. 12(a). This increases the probability of the voltage 
on the input of the PMM reaching the cold-start level (330 mV 
for the BQ25504) under any given scenario. While cold-starting 
the PMM, each rectenna harvests (albeit not optimally). Once 








FIGURE 37-5 A: A 28-year-old man suffered from an avulsion amputation of his 
right thumb. The thumb was disarticulated at the interphalangeal joint and the 
skin envelope was avulsed proximally near the level of the metacarpophalangeal 
joint. Both digital arteries were avulsed from the distal amputee around the 
interphalangeal joint. The digital nerves were avulsed proximally near the level 





of wrist. The flexor pollicis longus tendon was avulsed at the level of the 
tenomuscular junction. B: Illustration demonstrating intraoperative details. The 
recipient artery in the hand was anastomosed to one of the volar veins to create 
an arteriovenous fistula. One dorsal vein was used as the outflow of the finger (a 
vein graft was necessary to bridge the gap). The bone was fixed using one 
longitudinal Kirschner pin through the interphalangeal joint. Both nerves were 
coapted to the superficial branches of the superficial radial nerve at the level of 
the anatomic snuffbox. C: Six months after replantation of the thumb using the 
arteriovenous technique. 
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Anastomosis of the Artery 


The artery on both the amputated part and the proximal stump are examined under 
microscopic visualization and are cut at a level that causes no apparent damage to the 
vessel wall. The presence of bruising or thrombus, or the appearance of a coiled 
artery, indicates the need to trim the vessel further. The presence of thrombus within 
the lumen, or separation of the vessel wall layers, indicates damage and requires the 
vessel to be trimmed further. The outflow from the proximal stump of the artery is 
checked and should be spurting before it is considered adequate for revascularization. 
Hydration of the patient and maintenance of a systolic blood pressure over 100 mm Hg 
are important to achieving this purpose. Adventitia stripping often aids in relieving 
and preventing vessel spasm. Vein grafts from the volar aspect of the forearm or the 
dorsal foot are used as conduits whenever the gap is too large to complete the 
anastomoses without tension. 


Revascularization can be provided by mobilizing a healthy undamaged artery from the 
adjacent digit (see Fig. 37-3). This technique provides inflow from a vessel that is 
unaffected by trauma, and obviates the need for vein grafting with its inherent risks. 
This can be performed in conjunction with transfer of the digital nerve in cases of 
thumb replantation. Vein grafts, nevertheless, are reliable, readily available, and 
avoid the need for incisions and scars in adjacent non-injured fingers. 


When the digital artery is not available on the amputated part, afferent arteriovenous 
shunting can be used to perfuse the digit. Fukui and Yabe used this technique and 


found that a higher success rate was found when the inflow was from the artery of the 
stump to the volar veins rather than the dorsal veins. Anatomic studies by Moss and 
coworkers revealed that the direction of valves in the oblique communicating veins 
between the dorsal and volar veins favor flow from the volar veins to the dorsal veins. 
This technique can be successful in replantation of amputations as high as the 
interphalangeal joint (see Fig. 37-5). 


If after release of the clamps the replant does not pink up, a waiting period up to 30 
minutes is suggested. The vessels and the anastomosis are carefully inspected, 
adventitial stripping is performed, and the patency test is performed. Side branches, 
both proximal and distal to the anastomosis, can be tested to see if blood flow exists. 
Redo of the vascular anastomosis may become necessary because of either inadequate 
debridement of injured vessels or thrombosis at the anastomotic site due to 
inadequate microsurgical technique. Injection of high concentration heparin solution 
and/ or thrombolytic agents is performed if all other factors are optimized and 
reperfusion seems to be inadequate. 


Coaptation of Nerves 


The nerve repair is performed by approximating the epineurium of both ends of the 
digital nerves using 10-0 or 11-0 sutures. Nerve grafts are used liberally to avoid any 
tension on the repair. Depending on the severity of the injury and outlook for wound 
coverage, secondary nerve grafting may be a better option to avoid exposure of this 
nonvascularized graft which may act as a source of infection and may result in poor 
function. The medial antebrachial cutaneous nerve and the sural nerve provide good 
sources of nerve fascicles for grafting purposes. In multiple-digit amputations, nerve 
grafts can be harvested from parts that are not planned for replantation. In avulsion 
cases of the thumb, sensory nerves from the avulsed finger can be attached to the 
dorsal sensory nerves of the first web space to restore protective sensibility. 


Anastomosis of the Veins 


The veins of the amputated part are inspected carefully after releasing the arterial 
clamps, and the ones with the most bleeding are anastomosed to the recipient veins in 
the hand. Dorsal veins are preferred for anastomosis. After separating the dorsal veins 
from the skin for a short distance and ligating a few branches, the length is usually 


adequate to complete the anastomoses primarily. 


At least two veins are anastomosed whenever possible. Matsuda and coworkers 
evaluated the correlation between the number of anastomosed veins and survival rate 
in finger replantation. Their conclusions were that the essential amount of venous 
anastomoses Is one in zone II (lunula to distal interphalangeal joint), two in zone Ill, 
and one in zone IV (proximal phalangeal region). 


In situations where perfusion of the flap is good and there are no available dorsal veins 
for anastomosis, volar veins may be used. If there are no available veins or no outflow 
from any veins after a long waiting period, a last resort is to inspect the contralateral 
digital artery. If retrograde flow is present from the contralateral artery, that artery 
may be anastomosed to a recipient vein which can serve as an outflow vessel for the 
finger. 


When replanting finger tip amputations and no sizable vein is present, other options 
include removal of the nail to keep continuous bleeding from the raw nail bed, 
postoperative periodic digital massage, and/ or use of medical leeches. All these 
methods are performed with or without systemically heparinizing the patient. 
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Vein gaps can be bridged with vein grafts from the volar forearm or dorsal foot. If soft 
tissue is also lacking in the area where a vein graft is needed, a venous flap can be 
used which will provide a vein graft and a soft tissue cover. 


Skin Closure 


Meticulous hemostasis is obtained prior to closure of the wound. Under microscopic 
visualization, free ends of disrupted veins and arteries are carefully ligated. If only 
One artery is used for a finger, the contralateral digital artery is ligated to avoid 
postoperative bleeding. The skin is loosely approximated with a few interrupted 
sutures. The vessels are checked to make sure there is no compression or kinking with 
placement or manipulation of the hand and finger in different positions. Although a 
Skin graft can be placed directly over the pedicle, rotation of a local skin flap is 
preferred and the defect from the rotation is skin grafted. Antibiotic ointment, non- 
adherent dressings, and wet gauze are placed over the incisions. No significant 
dressings are placed between the fingers to avoid potential compression of the digital 


vessels. Loosely placed circumferential dressings cover the hand. 


Additional Procedures 


Carpal tunnel release is performed for patients who have undergone avulsion 
amputations. The transverse metacarpal ligament is released, and the carpal tunnel is 
explored. In cases of severe avulsion amputations of the digits, forearm fasciotomies 
may be necessary. 


Results 


Survival of replanted fingers ranges from 70%to 95% in both children and adults, with 
many patients achieving extremely satisfying results (Figs. 37-6 and 37-7). Survival 
rates are reported to be lower in avulsion and crush injury cases. Re-exploration due 
to vascular compromise is necessary in fewer than 20% of replantations and carries a 
salvage rate of approximately 70% 


Replantations of single or multiple digits when the amputation is distal to the sublimis 
insertion are highly satisfactory, both in terms of function and appearance, even 
without motion at the DIP. Secondary surgeries in these cases are rarely necessary. 


A replanted thumb results in satisfactory outcomes in most patients, regardless of the 
type of injury or level of amputation (see Fig. 37-6). Even if a replanted thumb has a 
limited range of motion, it still plays an important role as a post for opposition. 
Schlenker et al reviewed their experience with 64 thumb replantations and found that 
50% of the patients had two-point discrimination of less than 10 mm and an average 
active range of motion after replantation of 35%of normal for the interphalangeal 
joint and 29%of normal for the metacarpophalangeal joint. Most patients were able to 
return to work after approximately 7 months. 


Sensory reinnervation is extremely important for the fingers to achieve optimal 
function. Glickman and Mackinnon reviewed the recovery of sensibility in 367 fingers 
and 87 thumbs that were replanted successfully. Average static two-point 
discrimination (S2PD) was 9.3 mm in clean thumbs versus 12.1 mm in crush/ avulsion 
thumb replantations. Average S2PD was 8 mm in incisive injuries and 15 mm in 

crush/ avulsion finger replantations. Mean S2PD was 11 mm in thumb replantations and 
12 mm in finger replantations. Sixty-one percent of the thumbs and 54%of the fingers 
regained S2PD that was useful. They found that the factors that influenced sensibility 


were the age of the patient, the level and mechanism of injury, digital blood flow, 
cold intolerance, and postoperative sensory re-education. It was concluded that 
recovery of sensibility in the replanted digit is comparable to simple nerve repair and 
to nerve grafting techniques. 


Cold intolerance is a significant problem following replantation. The exact mechanism 
of cold intolerance following digital nerve injury is not clear but may have a 
neurogenic or vascular origin. The more recovery of sensibility, the less cold 
intolerance seems to occur. Cold intolerance usually improves after approximately 2 
years, but can persist for many more years. 


Postoperative Management 
The patient is transported to a unit equipped with a warming device and highly trained 
nursing staff capable of performing hourly checks and recognizing signs of vascular 
compromise (Table 37-2). Every check includes an inspection of finger color, capillary 
refill, skin Turgor, and temperature. Pinprick testing and evaluation of vascular flow 
by hand-held Doppler ultrasonography are performed when the finger displays clinical 
signs of circulatory compromise. Temperature monitoring 
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of replanted digits has proved a reliable indicator of vascular status, as replanted 
digits are located in a terminal site with a terminal vascular loop that will not be 
influenced to a significant degree by heat exchange from the underlying bed. In 
general, a drop in temperature greater than 2A°C from that of the control digit, or 
below 30A°C, indicates the possibility of circulatory compromise. 





FIGURE 37-6 A: A 57-year-old man sustained a crush injury of his right hand by a 
rolling machine. B: The thumb was completely amputated and the index and 
middle fingers were incompletely amputated at the level of the proximal phalanx 
and middle phalanx, respectively. C: The thumb was avulsed at the level of the 
proximal phalanx and the flexor pollicis longus tendon was torn from its 
tenomuscular junction. D: Nine months follow-up demonstrating adequate 
positioning of the replants and good strength. E: At 9 months follow-up the 
patient is able to grasp a pen. 





FIGURE 37-7 A: An 18 year-old man suffered from a sharp cutting injury by a 
machine saw. Volar view demonstrating the level of amputation of the three 
ulnar digits. B: This lateral view demonstrates the level of amputation of the 
long, ring, and little fingers. C: Dorsal view of the three amputated digits. D: At 9 
months follow-up the patient has a good cascade and is able to make a fist. E: At 
9 months follow-up, the patient is able to grip with good strength. 


Table 37-2. Signs of Arterial and Venous Compromise 
in Finger Replantation 


Arterial Compromise 


Venous Compromise 





Finger color 


Capillary 
refill 


Tissue turgor 


Temperature 


Pinprick test 


Doppler 
signals 


Mottled, bluish, or pale 


Sluggish (>2 sec) 


Flat, decreased turgor 


Cool (>2A° difference 
compared to control) 


Scant amount of dark 
blood or serum 


Absence of pulsatile 
arterial signals 


Bluish, cyanotic, or dusky 


Brisker than normal 


Tense, increased turgor 


Cool (>2A° difference 
compared to control) 


Rapid bleeding of dark blood 


Absence of continuous or 
venous augment signals 


A pulse oximeter placed distally on the replanted digit can be used to monitor changes 
in oxygenation. Laser Doppler flowmetry and photoplethysmography are used at some 
centers, but the cost of the instruments and the need for interpretation of the data 
have not proven its benefit over traditional methods such as clinical monitoring and 
temperature monitoring. 


Intensive monitoring of replanted digits is undertaken for 3 to 5 days post 
replantation. Although thrombosis of vessels can occur up to 2 weeks following the 


replantation procedure, it is rare; and when it does occur, the chance of salvage is 
lower. This may be partly due to the delay in diagnosis in late thrombosis cases. In 
Betancourt's series of 71 replanted digits, the highest risk of critical thrombosis after 
replantation occurred in the first 3 days after surgery. 


Patientsa€™ activities are monitored closely for the first 3 to 5 days to ensure that 
injury to the replanted part does not occur. The arm is elevated above heart level to 
decrease swelling, pain, and venous congestion. The level of arm elevation should not 
be excessive as to decrease arterial pressure in the hand and digits. Urine output and 
electrolytes are monitored to ensure adequate hydration to avoid vasoconstriction. 
Intraoperative placement of a continuous axillary brachial plexus block catheter can 
be a source of postoperative pain relief and can provide a chemical sympathectomy 
which may be applied for 3 to 5 days postoperatively. 


The use of anticoagulants is controversial; however, heparin is often used in 
replantation cases. The authors favor the use of low-molecular-weight dextran starting 
in the operating room at the time of completion of the first vascular anastomosis. 
Systemic heparinization is used in replantation of crushed or avulsed digits or in cases 
where intraoperative vascular thrombosis occurs and requires revision of an 
anastomosis. Some authors recommend the use of aspirin at 325 mg per day, with the 
first dose administered prior to the replantation. 


A warming lamp placed in the region of the replant and warming the patient's room 
may have some benefit. All patients are advised to avoid caffeine intake and cigarette 
smoking for at least 2 to 3 months following the surgery. 


Complications 

Immediate complications include partial or complete loss of the replanted digit due to 
circulatory compromise, infection, and bleeding. The presence of infection can lead to 
vascular thrombosis. This can be partially avoided by performing an adequate 
debridement and administering proper antibiotics based on the level and type of 
contamination. Skin necrosis can also be seen in the early phase due to inadequate 
debridement or compromise of blood supply to a part of the replanted digit. This 
scenario requires debridement and closure with local skin flaps, skin grafts, or transfer 
of more distant flaps. 
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Fig. 11. Parallel array architectures with switching/summing at the: (a) an- 
tenna, (b) output of multiple antennas, (c) output of multiple rectifiers, and 
(d) output of multiple PMMs. 


the PMM circuit starts, with the MPPT operating, the harvested 
power level increases. 

The behavior of the series rectenna topology with a shared 
PMM requires some discussion. As the output impedance and 
the OCV for each rectenna is different, since they operate at dif- 
ferent frequencies and input RF power levels, the rectennas are 
forced to share the same output current in a series configuration, 
which does not allow them all to operate at their individual max- 
imum power points. This causes the voltage on each rectenna 
output, except the one having the highest input RF power, to col- 
lapse. This operation is analogous to the partial shading problem 
with a series string of solar panels [41] sharing a common boost 
converter. With this photovoltaic system, bypass diodes placed 
around individual cells stop the poorly lit cells contributing a 
negative voltage (and power) to the string. In our case, the se- 
ries circuit formed by the loop antennas and rectifying diodes 
performs the same task. This means that while all rectennas con- 
tribute to system startup, only the rectenna with the highest input 
RF power contributes significant power for continuous opera- 
tion once the PMM starts. Fig. 10 shows the end-to-end effi- 
ciency for the voltage summing multiband harvester array when 
tested at ICL. An efficiency of only 15% was achieved with a 
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Fig. 12. Multiband array architectures (with N = 4 bands). (a) Voltage sum- 
ming at the outputs of the single-band rectennas. (b) Current summing at the 
outputs of the single-band harvesters. 








Fig. 13. Rectenna array architecture with individual PMMs for the four largest 
contributors with wire antennas. 


combined input RF power of —12 dBm. The lower efficiency, 
when compared to a single-band harvester, is due to the imbal- 
ance of rectifier outputs, as discussed above. Here, the charge 
time was 43 s, compared to 167 s with the lowest contributing 
single-band 3G harvester with wire antenna. 


B. Multiple Rectennas With Individual PMMs 


In order to overcome the balancing issues when multiple 
rectennas share a common PMM, as discussed previously, 
each rectenna can have its own PMM, whose outputs can 
be connected to a common storage element (in this case, a 
400-yF shunt capacitor, providing Ug. = 461 J), as illustrated 
in Fig. 12(b) and shown in Fig. 13. Although not achieving 
cold-start as quickly as the series topology, this parallel 
topology has the advantage of being able to run each rectenna 
at its maximum power point. In addition, once one rectenna is 
able to harvest enough energy for a cold-start, all PMMs will 
start because they share a common storage element, allowing 
the rectennas with low-input RF power levels to harvest at 
levels below which they could not do so independently. 

This parallel topology was tested and found to be capable of 
operating in many locations where the series array was unable to 
operate; e.g., if only one of the bands had P.,, > —25 dBm. As 
expected, the largest contributor hot-started the other PMMs, 
allowing them to harvest at an input RF power level down to 
—29 dBm. 

However, as with the previous results for voltage summing, 
having a combined input RF power of —12 dBm, the efficiency 
using multiple PMMs is slightly lower, at 13%, as shown in 
Fig. 10. This is because useful dc output power from the cold- 


Vascular Compromise Post Replantation 

Following the detection of a change in one of the parameters used to assess finger or 
thumb perfusion, the decision is made on whether to proceed with exploration. It is 
our practice to have an aggressive approach to re-exploration and attempts at salvage. 
If arterial occlusion is suspected, the patient is immediately taken back to the 
operating room for re-exploration. If venous compromise is suspected, several 
maneuvers may be attempted prior to re-exploration: the dressing and some of the 
sutures are removed, the limb is elevated, and the patient is placed on a systemic 
heparin drip. If the digit does not show signs of improvement within 20 to 30 minutes, 
it is highly likely that the veins draining the replanted finger have undergone 
thrombosis. In this situation, the decision is made by the surgeon whether to take the 
patient back to the operating room or pursue a nonsurgical approach. For venous 
outflow obstruction in distal replantation, management by using medical leech therapy 
or continuous bleeding can be performed with high success rates. The nail plate is 
removed, a stab incision in the paraungual area is made, and a heparinized saline drip 
is placed over the incision site to maintain external bleeding. The smaller the 
replanted digit, the higher the salvage rate using these methods. In Han's series of 144 
finger tip replantations with venous outflow through the use of this technique, the 
salvage rate was 70%(101 of 144 digits). The average period of the salvage procedure 
was 7.6 days. The duration of bleeding was different for different types of injuries: 
guillotine injuries required 5.9 days, crush injuries 8.2 days, and avulsion injuries 8.0 
days. 
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Medical leeches, Hirudo medicinalis, have been reported to be effective for the 
treatment of venous outflow obstruction. The leech secretes hirudin, a potent 
anticoagulant, which acts locally without significant systemic effects. The therapeutic 
period required is approximately 3 to 5 days. Significant blood loss and the risk of 
infection (7%a€“ 20% are the main disadvantages of this modality. The organism 
involved in infections from leeches is Aeromonas hydrophilia, and a third-generation 
cephalosporin is prescribed as a prophylactic method to prevent infections. 


On exploration, the artery and vein are inspected. Occasionally, a hematoma is the 
cause of problem; however, a venous or arterial occlusion is often found. The 
thrombus is evacuated and arterial inflow or venous outflow are re-established. Vein 


grafts are used to reach healthy vessels when necessary. The steps are similar to the 
previously described procedure, including the occasional need to infuse high- 
concentration heparin solution and/ or thrombolytic agents. 


Late Complications and Secondary Procedures 

The mechanism and level of injury, ischemia time, quality of the original repair, the 
postoperative rehabilitation program, and the effort put forth by the patient as well as 
the healing process all determine the final outcome. Depending on the combination of 
these factors, the resultant quality of finger function and the patient's lifestyle and 
motivation will determine whether the patient will seek secondary procedures to 
improve outcome. The majority of patients undergoing replantation (approximately 
30%to 40% of patients who underwent finger replantation and up to 90% of patients 
with injuries in zone II) will require one or more secondary procedures. The physical 
therapist and surgeon follow the patient closely after the replantation and provide an 
aggressive and thorough physical rehabilitation program. Once the improvement has 
plateaued, usually at 6 months post-replantation, an evaluation of finger function and 
overall hand function will determine the need for secondary procedures. The patient's 
desires and level of function are of utmost importance in determining the need for 
surgery. 


Frequent sequelae include tendon adhesions and joint stiffness. Avoiding transfixation 
of non-involved joints and performing a meticulous tendon repair decreases the 
incidence of these complications. Tenolysis as a secondary procedure is required in 
approximately 50% of finger replantations and up to 90% in patients with the level of 
amputation in zone II. Stiff proximal interphalangeal (PIP) and DIP joints are 
sometimes acceptable if the metacarpophalangeal (MCP) joint is mobile and allows for 
adequate grip. This is particularly true for the more ulnar digits. If the patient is able 
to use the thumb, index finger, and long finger to pinch objects adequately, he or she 
may be satisfied with the result and elect not to undergo further surgery. During the 
procedure of flexor tenolysis and/ or tendon grafting, care is taken not to injure the 
repaired neurovascular bundle during the dissection. A detailed knowledge of the 
previous operative procedure can aid in avoiding injury to repaired structures. Pulleys 
are preserved, particularly the A2 and A4 pulleys. The tendon is exposed and 
inspected. If tendon rupture has occurred, tendon grafts with or without tendon rods 
are necessary in some patients. Ruptured or atrophied tendons are debrided. If the 


tendon is of poor quality, particularly in zone II injuries, reconstruction of the pulleys 
and insertion of a tendon rod followed later by tendon reconstruction may be the 
procedure of choice. Tendon grafts can be used to reconstruct the tendons if the 
quality of tendon appears good and the pulleys are intact. Pulley reconstruction and 
tenolysis are usually not performed in the same procedure. Extensor tenolysis is 
performed through dorsal longitudinal incisions and usually yields good results. 
Intrinsic reconstruction and dorsal arthrolysis are worthwhile when active and passive 
flexion are present. Arthroplasty can yield excellent results and is indicated for some 
MP and PIP joints. Arthroplasty can be performed along with other procedures such as 
tenolysis, capsulotomies, and capsulorrhaphies. Arthroplasty is performed through the 
same volar incisions that are used for the flexor tenolysis, or dorsal incisions are made. 
Vascularized joint transfers are indicated for replacing an MP or PIP joint, a flaccid 
thumb, or a fused MP or PIP of the index or other digits when the global hand function 
is good. The second or third toe metatarsophalangeal, PIP, or DIP joints are used from 
the toes. 


Certain procedures are not performed simultaneously, such as tenolysis with 
procedures that require finger or hand immobilization (i.e., nerve repair, osteotomies, 
joint fusions, vessel repair and bone grafts). Some procedures can be performed 
together, such as tenolyses and arthroplasties. Malunion or nonunion can occur in up 
to 20%of replanted digits and seems to occur more commonly with replantations fixed 
with K-wires. Neurolysis, nerve repairs, and nerve grafts are indicated when the Tinel 
sign fails to cross the site of repair for 3 months. Early repair is advocated. Nerve 
grafts are used if the nerve injury is on the same side as the vascular repair to avoid 
injury to 
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the vascular structures. It is important to find a healthy proximal stump for 
anastomosis. If not found, nerves from the dorsal radial sensory branches or the same 
or adjacent digits may be transferred. 


Soft tissue coverage such as pulp transfers for thumb or opposable digits are 
sometimes necessary. Local flaps or free tissue transfer is sometimes necessary to 
cover open wounds or defects after contracture release of the flexor or dorsal side or 
the webspace. Perforator flaps and the lateral arm flap are good options for this. 


Cold intolerance can be found in the majority of patients and most often resolves with 


time. Delayed circulatory compromise may occur up to 2 to 3 weeks post replantation, 
and often is caused by cigarette smoking or infection. Severe infections after digit 
replantation are rare and are usually related to inadequate debridement during the 
initial surgery or poor perfusion to the digit. Severe complications are unusual in digit 
replantation. Compression syndromes at the forearm or wrist level can occur and are 
usually associated with severe avulsion injuries. Fasciotomy and carpal tunnel release 
may be required in those cases. Web space contracture can occur as a result of thenar 
muscle contracture and/or soft tissue contracture in the web space. If the initial 
replantation is successful, late problems are usually related to suboptimal function 
due to poor motion and can be corrected with secondary procedures. Other secondary 
procedures that may be required are re-amputation, rotational osteotomies, and bone 
grafts. 
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Jeffrey Kile, Katrina John, and Amish Aghera 


Arterial cannulation is frequently performed in the care of — Raynaud’s syndrome 

critically ill patients for purposes of both serial arterial blood — Thromboangiitis obliterans (Buerger’s disease) 

gas sampling and continuous intra-arterial blood pressure ¢ Relative 

monitoring. It also provides arterial access for less common — Recent surgery in the extremity 

procedures, including thrombolysis, embolization, angiogra- — Local skin infection 

phy, and infusion of vasoactive drugs. This chapter discusses — Abnormal coagulation 

cannulation of the radial and femoral arteries—the two most — Insufficient collateral circulation 

common sites for indwelling arterial catheter placement. — First- or second-degree burns of the extremity 
— Arteriosclerosis 


1.1 Indications 


* Continuous monitoring of blood pressure in acute illness 1.3 Materials and Medications 
or major surgery 


¢ Serial sampling of arterial blood during resuscitation ¢ Radial artery cannulation: standard over-the-needle cath- 
¢ Inability to use noninvasive blood pressure monitoring eter assembly (Fig. 1.1) 

(e.g., burns, morbid obesity) — Antimicrobial solution and swabs 
¢ Continuous infusion of vasoactive inotropes (e.g., phen- — Sterile gloves 

tolamine for reversal of local anesthesia) — Local anesthetic (1-2 %_ lidocaine’ without 
e Angiography epinephrine) 
¢ Embolization — Blunt needle 


— 25- or 27-gauge needle 
— Two 5 mL syringes 





1.2 Contraindications — 4"x4" gauze sponges 
— Standard over-the-needle catheter assembly 
¢ Absolute ¢ Additional materials required for radial artery cannula- 
— Circulatory compromise in the extremity tion: over-the-needle catheter assembly with integrated 
— Third-degree burns of the extremity guide wire 
— Over-the-needle catheter assembly with integrated 
guide wire 
J. Kile, MBBS, PhD, MPH (54) « K. John, MBBS ¢ Additional materials required for femoral artery cannula- 
Department of Emergency Medicine, Eisenhower Medical Center, tion: The Seldinger Technique 


Rancho Mirage, CA, USA 
e-mail: jeffrey.kile@ gmail.com; trenjohn@me.com 


— Introducer needle 


— Guide wire 
A. Aghera, MD 7 — Scalpel 
Department of Emergency Medicine, Maimonides Medical Center, ‘ 
New York, NY, USA = Dilator 
e-mail: aaghera@ maimonidesmed.org — Arterial catheter 
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Fig.1.1 Materials and medications 
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1.3.1 


Arterial Cannulation (Radial and Femoral) 


Procedure: Radial Artery 
Cannulation—Standard Over-the-Needle 
Catheter Assembly 


. Ensure adequate collateral flow in the selected extremity 


using the Allen test (see details below). 


. Immobilize the extremity by dorsiflexing the wrist to 


approximately 60° over a small towel roll and taping the 

base of the fingers to an arm board or other flat, fixed 

surface (Fig. 1.2). 

¢ Rotation of the wrist may shift the artery from its nor- 
mal anatomical position, complicating cannulation. 


. Locate vessel by palpation of arterial pulse using the 


second and third fingers of the gloved nondominant 
hand. 


. Sterilize overlying skin with antimicrobial solution. 
. Inject local anesthetic to raise a small (0.5 cm) wheal 


using 25- or 27-gauge needle, and direct needle through 

wheal to infiltrate skin superficial to the artery with 

additional local anesthetic. 

¢ Infiltration of the subcutaneous tissue with local 
anesthetic may also reduce vessel spasm during arte- 
rial puncture. 

¢ Injection of local anesthetic into the vessel may pre- 
cipitate arrhythmia, so draw back on the plunger 
prior to infiltration to ensure the tip of the needle is 
not inside the vessel. 

¢ Injection of excessive anesthetic when raising a 
wheal may obscure palpation of the pulse. 


. Ensure proper function of needle-cannula assembly by 


checking that cannula advances smoothly over needle. 


. Connect a5 mL syringe with the plunger removed to the 


over-the-needle catheter assembly. 
e« Attachment of syringe improves control during 
cannulation. 


. Hold syringe connected to needle-cannula assembly like 


a pen with needle bevel facing upward. 


. Directing the needle at a 30° angle to the skin, puncture 


the skin through the anesthetic wheal immediately over- 

lying the palpated artery, and advance needle slowly 

until tip enters arterial lumen, which is confirmed by vis- 

ible arterial blood flow (‘flashback’) into the needle hub 

and syringe. 

¢ Avoid self-puncture by maintaining adequate dis- 
tance between needle tip and index finger (Fig. 1.3). 


10. 


11. 


12. 


13. 


14. 


15. 


16. 


17. 


18. 
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Reduce the angle between needle and skin (by lowering 
the needle) and advance an additional 2 mm to ensure 
catheter tip (which sits approximately 2 mm behind the 
needle tip) has entered the lumen. 

e Advancing the needle too far (or failing to reduce 
angle between needle and skin) once initial flashback 
is visualized may result in piercing the back side (or 
“double puncture’) of the artery wall, in which case 
visible blood flow will cease; if this occurs, slowly 
withdraw needle several millimeters until pulsatile 
blood flow reappears. 

Stabilize position of introducer needle and advance 

catheter alone into artery over needle until hub of cath- 

eter is in contact with the skin; blood flow from catheter 
hub at this point indicates successful cannulation of the 
artery. 

¢ If difficulty is encountered at this step, catheter hub 
may be rotated slightly to facilitate advancement. 

Remove the needle without dislodging catheter from 

artery. 

Manually apply pressure to proximal aspect of artery to 

occlude blood flow from the catheter. 

Attach desired extension tubing, injection cap, and stop- 

cock to the catheter hub. 

Secure the catheter hub to the skin using silk (2.0) or 

nylon (4.0) sutures as follows. Take a 0.5 cm bite of skin 

under the catheter hub with the suture needle, tie several 

knots in the suture without pinching the skin, then tie a 

second set of knots around the hub of the catheter firmly. 

If the catheter assembly contains an integrated suture 

wing for fixation, take a 0.5 cm bite of skin under suture 

wing with the suture needle, thread suture through wing 
perforation, and secure wing against the skin with 
several knots. If suture wing has two perforations, repeat 

this process to secure other half of wing to skin (Fig. 1.4). 

Cover the catheter with an appropriate self-adhesive 

sterile dressing. 

¢« A small bead of antibiotic ointment applied to the 
puncture site prior to dressing reduces the likelihood 
of cutaneous wound infection. 

Secure the tubing connected to the catheter with gauze 

and adhesive tape or other sterile dressing. 

Ensure all connections extending from catheter are tight 

and well secured, as accidental disconnection may result 

in rapid exsanguination. 
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1.3.2. Procedure: Radial Artery 
Cannulation—Over-the-Needle 
Catheter Assembly with Integrated 
Guide Wire (Arrow and Other Brands) 


Perform steps 1-6 from the “Radial Artery Cannulation: 
Standard Over-the-Needle Catheter Assembly,” above, and 
then proceed with the steps below: 


1. Remove protective cap from needle-cannula assembly 
and ensure proper function by sliding actuation lever 
along extension tubing to advance and retract guide wire 
through needle. 

2. Retract guide wire as far back as possible using actuation 
lever to maximize visibility arterial blood flow (‘‘flash- 
back’) within introducer hub. 





Fig.1.2 Correct position of wrist prior to cannulation 


Perform steps 8—10 from the “Radial Artery Cannulation: 
Standard Over-the-Needle Catheter Assembly,” above, and 
then proceed with the steps below (Fig. 1.5): 


1. Hold needle stationery and slowly slide actuating lever 
forward to feed guide wire as far as possible into artery. 
¢ If resistance is met while feeding the guide wire, dis- 

continue sliding actuating lever and withdraw entire 
unit from artery to prevent damage to guide wire or 
vessel wall 

2. Advance entire assembly 1—2 mm further into vessel to 
ensure catheter tip (which sits approximately 2 mm 
behind the needle tip) has entered the lumen. 

3. Stabilize clear introducer hub in position and advance 
catheter forward into artery over guide wire until hub of 
catheter is in contact with the skin. 
¢ If difficulty is encountered at this step, catheter hub 

may be rotated slightly to facilitate advancement. 

Fig. 1.3 Puncture of radial artery with standard over-the-needle cath- 4. Stabilize catheter in position and withdraw introducer 

eter assembly needle, guide wire, and feed tube as a single unit; blood 

flow from catheter hub at this point indicates successful 
cannulation of the artery. 





Perform steps 13-18 from the “Radial Artery Cannulation: 
Standard Over-the-Needle Catheter Assembly,” above. 





Fig.1.4 Radial arterial catheter secured to wrist 
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1.3.3 Procedure: Radial Artery 
Cannulation—The Allen Test 


1. Occlude both radial and ulnar arteries of one extremity 
with digital pressure at wrist. 

2. Instruct patient to repeatedly clench the fist tightly to 
exsanguinate the hand while occlusion of the arteries is 
maintained. 

3. Without releasing digital pressure on arteries, instruct 
patient to extend fingers and observe palmar surface to 
confirm blanching of skin. 

4. Release pressure on ulnar artery only and observe palmar 
surface for reperfusion (Fig. 1.6). 
¢ If reperfusion of the hand does not occur within 5-10 s, 

ulnar arterial blood flow may be compromised and 
radial artery cannulation should not be attempted. If 





Fig. 1.5 Puncture of radial artery using over-the-needle catheter ae eae - 
assembly with integrated guide wire reperfusion is brisk, repeat the test releasing pressure on 


radial artery only and observing palmar surface for 
reperfusion. If the return of rubor takes longer than 
5-10 s, radial artery puncture should not be performed. 
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Fig. 14. Output dc power density for all harvesters at ICL. 


starting harvester is being supplied to the other harvesters for 
hot-starting, even though some of them may not actually be con- 
tributing any of their own harvested power. 


VI. OUTPUT DC POWER DENSITY COMPARISON 


The volumetric output de power density Syary (W/cm?) 
represents an important figure of merit for comparing alterna- 
tive energy harvesting technologies. For ambient RF energy har- 
vesting, the output de power is calculated by multiplying the 
effective input RF power by the overall end-to-end-efficiency. 
The total volume (including that of the antenna, rectifier, and 
PMM; not including energy storage, as this does not directly af- 
fect the dc power output) must be determined. It is important 
to note that the volume for the antenna could effectively dis- 
appear if it is assembled onto a window or within a wall, fur- 
nishing, fixture, or fitting. Moreover, the required PMM printed 
circuit board (PCB) size used throughout these calculations was 
assumed to be ten times the size of the BQ25504 chip, to account 
for any necessary additional components. 

Fig. 14 shows the output dc power density for all the har- 
vesters demonstrated here. It can be seen that the 2G GSM900/ 
1800 harvesters with tape antennas both have the highest value 
of Shary = 7.4 (wW/cm?), when tested at ICL, due to the 
high-banded input RF power density Sp. The value for the 
most efficient harvester (i.e., 3G v2 with tape antenna) was not 
the highest in terms of output RF power because Siz 4 in this 
band was more than an order of magnitude lower than with 
GSM900. 

Sharv allows a direct and meaningful comparison to be made 
with other alternative energy harvesting technologies. Our 
best performing ambient RF energy harvester (i.e., GSM900 
with tape antenna) was compared against alternative energy 
harvesting technologies, assuming they used the same PMM 
board size [42]-[44]. 

It can be seen in Fig. 15 that ambient RF energy harvesting 
has a low output dc power density when compared to alter- 
native energy harvesting technologies, but only when the total 
volume of the first prototype demonstrator is considered. How- 
ever, when the antenna is absorbed onto or into a background 
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Fig. 15. Output de power density comparison for alternative ambient har- 
vesting technologies [40]-[43] against the best current generation of RF 
harvesters at ICL. 


feature and when the PMM is fully integrated into the rectifier, 
it can outperform (as indicated by the dotted column) the alter- 
native energy harvesting technologies, while providing a com- 
plimentary means of extracting energy from the environment. 
The RF harvesters, however, have the additional advantage in 
that they do not require a thermal gradient, and unlike vibra- 
tion-driven devices, they have no moving parts. 


VII. CONCLUSIONS 


Our objectives were to reach the lowest possible ambient 
input RF power levels and extend the harvesters’ operational 
capabilities within (semi-)urban environments. To this end, a 
comprehensive citywide RF spectral survey was undertaken, in- 
dicating that more than 50% of the 270 London Underground 
stations are suitable locations for the deployment of our ambient 
RF energy harvesters. It has been demonstrated that single-band 
harvesters can operate with efficiencies of up to 40% in a (semi- 
Jurban environment, and can start to operate from power levels 
as low as —25 dBm. 

To increase the freedom of operation, multiband array archi- 
tectures were investigated. With the current summing harvester 
arrays, RF harvesting was achieved at an input RF power level 
as low as —29 dBm, without any external dc power supply to 
hot-start the PMM. Limitations on the multiband array archi- 
tectures were discussed, highlighting the need for further work 
in balancing rectennas with voltage summing rectenna arrays 
when operating at lower input RF power levels. 

Finally an output dc power density comparison against 
alternative energy harvesting technologies has shown that 
RF harvesting can represent a competitive solution within 
(semi-)urban environments, especially when the antenna can 
be absorbed into background features. 
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Fig.1.6 The Allen Test 


1 


Arterial Cannulation (Radial and Femoral) 


1.3.4 Procedure: Femoral Artery 


Cannulation—The Seldinger Technique 


. Place the patient in the supine position with the inguinal 


region adequately exposed. 


. Palpate the femoral pulse, located at midpoint between 


pubic symphysis and anterior superior iliac spine, using the 
second and third fingers of the gloved nondominant hand. 


Perform steps 4 and 5 from the “Radial Artery Cannulation: 


Standard Over-the-Needle Catheter Assembly,’ above, and 
then proceed with the steps below (Fig. 1.7): 


1. 


2: 


Attach 5 mL syringe to an introducing needle of bore suf- 
ficient to accommodate guide wire. 

Hold syringe connected to introducing needle like a pen 
with needle bevel facing upward. 


. Directing the needle at a 45° angle to the skin in a cephalic 


direction, puncture the skin through the anesthetic wheal 

immediately overlying the palpated artery just distal to 

the inguinal ligament and advance needle slowly toward 

palpated artery until tip enters arterial lumen, which is 

confirmed by visible arterial blood flow (‘‘flashback”’) into 

the needle hub and syringe. 

¢ Avoid self-puncture by maintaining adequate distance 
between needle tip and index finger. 

¢ Care must be taken to avoid trauma to the femoral 
nerve and vein bordering the femoral artery. 


. Hold needle stationery and remove syringe, taking care 


not to displace the intraluminal position of the needle tip. 

e Advancing the needle too far once initial flashback is 
visualized may result in piercing the back side (or 
“double puncture”) of the artery wall, in which case 
visible blood flow will cease; if this occurs, slowly 
withdraw needle several millimeters until pulsatile 
blood flow reappears. 


. Occlude needle hub temporarily with gloved finger to pre- 


vent unnecessary blood loss and air embolism. 


. Thread blunt end of flexible guide wire smoothly into 


needle and gently into artery until at least one-quarter of 

guide wire is intravascular (Fig. 1.8). 

¢ Ifresistance is met while threading guide wire, remove 
wire from needle, reattach syringe, and aspirate blood 
to confirm continued intraluminal needle tip place- 
ment; if resistance is met while removing guide wire 
from needle, remove guide wire and needle from artery 
as a single unit to prevent shearing the guide wire off 
inside the vessel. 


10. 


11. 


12. 
13. 


14. 


15. 


16. 
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. Holding the wire securely in place, remove the introduc- 


ing needle. 


. Using a scalpel, make a small incision (approximately 


the width of the catheter to be used) through the dermis 

at the insertion site of the guide wire. 

e Avoid severing the guide wire by facing the sharp 
edge of the scalpel away from the guide wire. 


. While stabilizing the guide wire at its insertion site, 


thread the dilator over the free end of the guide wire 

until it is approximately one inch from the skin. 

Grasp the free end of the guide wire protruding from the 

tail end of the dilator. 

¢ If it does not protrude from the tail end of the dilator, 
the guide wire must be removed sufficiently from the 
artery to be securely grasped; it must protrude visi- 
bly from the tail end of the dilator throughout the 
subsequent process of threading the dilator into the 
artery. 

Holding the dilator firmly near its tip, thread the dilator 

over the wire into the skin with a back-and-forth twist- 

ing motion until it reaches the artery. 

¢ Only the skin tract should be dilated; dilation of the 
artery may result in excessive arterial injury and/or 
hemorrhage. 

Holding the wire securely in place, remove the dilator. 

While stabilizing the guide wire at its insertion site, 

thread the catheter over the free end of the guide wire 

until it nears the skin. 

Grasping the guide wire where it protrudes from the tail 

end of the catheter, thread the catheter into the skin to its 

appropriate insertion length. 

While stabilizing the catheter at its insertion site, slowly 

remove the guide wire. 

e If resistance is met while removing guide wire, 
remove guide wire and catheter from artery as a sin- 
gle unit to prevent shearing the guide wire off inside 
the vessel. 

Secure the catheter to the skin using silk (2.0) or nylon 
(4.0) sutures. Take a 0.5 cm bite of skin with the suture 
needle. If the catheter assembly contains integrated 
“wings” for fixation, thread suture through the perfo- 
rated wings and secure catheter against the skin with 
several knots. If no fixation device is included, tie sev- 
eral knots in the suture without pinching the skin, leav- 
ing both ends of the suture long. Using the loose ends 
of the suture, tie a second set of knots around the hub 
of the catheter, firmly, but without constricting its 
lumen. 





Fig.1.7 Anesthetic injection over the femoral artery 





Fig.1.8 Insertion of guide wire into femoral artery 
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1.4 Complications 


¢ Hemorrhage 

¢ Hematoma (at puncture site) 

¢ Infection (at insertion site or systemic) 

¢ Thrombosis 

e Arteriovenous fistula 

¢ Pseudoaneurysm formation 

¢ Exsanguination (secondary to dislodgement of catheter) 
¢ Cerebrovascular accident (CVA; secondary to air embolism) 


1.5 Pearls and Pitfalls 


¢ The shorter and stiffer the plastic tubing connected to the 
arterial cannula for blood pressure monitoring, the higher 
its frequency response and the accuracy of measurements. 
¢ Use of an ultrasound probe can facilitate artery location 
and vessel cannulation. 
¢ Puncture of the femoral artery proximal to the inguinal 
ligament, or distal to its bifurcation into superficial femo- 
ral and deep femoral arteries, may cause massive hemor- 
rhage due to poor vessel compressibility in these regions; 
the artery should therefore be cannulated just distal to the 
inguinal ligament, where it is easily compressible against 
the femoral head if necessary. 
If difficulty is encountered when advancing an over-the- 
needle catheter into the artery, attach a 10 mL syringe 
containing 5 mL of sterile normal saline to the catheter 
hub, aspirate 1 or 2 mL of blood to confirm catheter tip 
placement within the vessel lumen, and then advance the 
catheter while gently injecting the saline-blood mixture; 
the jet of fluid momentarily dilates the lumen, aiding 
advancement of the catheter. 
¢ An alternative approach to the over-the-needle catheter 
that will not fully advance is the use of a guide wire. After 
intraluminal placement of the cannula tip is confirmed by 
blood return, a guide wire is gently inserted through the 
catheter into the artery. The cannula is then passed along 
the guide wire until fully advanced. The guide wire 
employed must have a blunt, flexible tip to minimize the 
possibility of vessel wall trauma. 
¢ Two potential consequences of arterial cannulation are 
vessel obstruction secondary to intravascular thrombosis 
and hemorrhage (the latter being the most common com- 
plication). Choice of puncture site is therefore essential. 
Due in part to their generous collateral blood flow, as well 
as ease of compressibility, the radial and femoral are the 
two most commonly cannulated arteries. 
¢ Repeated puncture following unsuccessful cannulation 
increases the risk of arterial obstruction secondary to ves- 
sel wall damage and thrombosis. 


1 Arterial Cannulation (Radial and Femoral) 


¢ Double puncture of the cannulated artery by inadvertent over- 
insertion of the needle has not been shown to increase com- 
plications despite the additional trauma to the vessel walls. 
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Ultrasound-Guided Peripheral 
Intravenous Access 


Coben Thorn and L. Connor Nickels 


2.1 Indications 2.3 Materials and Medications 


¢ Difficulty placing peripheral intravenous (PIV) using tra- ¢ Ultrasound machine 


ditional methods of direct visualization and palpation ¢ High-frequency (5-8 MHZ) linear probe (Fig. 2.1) 
¢ To reduce needle sticks in a hypercoagulable patient ¢ Ultrasound gel 
¢ Minimum 1.5-in. needle length 
—_. $s *:«d(@lV Setup 
2.2. Contraindications * Skilled operator 


¢ Patient needs emergent central venous access 
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2.4 Procedure 
1. Scan the selected area to identify a target vessel for PIV 


cannulation. 

¢ Basilic (runs on the medial side of upper arm) (Fig. 2.2) 
and cephalic (runs on the lateral side of the upper arm) 
veins are good superficial veins that are generally not 
seen without ultrasound. The deep brachial vein is also 
an option; however, this is a deep vein that runs with 
the brachial artery, and there is higher chance for com- 
plications (Fig. 2.3). 


. Now the site should be prepared for IV insertion. It should 


be cleaned. An appropriate gauge long needle should be 
selected, and IV setup should be conveniently located for 
when access is obtained. 


. The ultrasound probe should be placed in the transverse 


plane (Fig. 2.4) to best visualize surrounding structures and 


C. Thorn and L.C. Nickels 


vein. Alternatively, the probe can be placed longitudinally 
(Fig. 2.5) for better visualization of needle depth and slope. 
¢ Most practitioners seem to prefer the transverse approach. 


. The concept of the Pythagorean Theorem is used for accu- 


racy. The needle should be inserted at a 45° angle to the 
skin and at an equal distance back from the probe as the 
approximate depth of the vessel vertically. The depth is 
given on the screen, usually at the bottom in centimeters. 
As soon as the needle has penetrated the skin the needle tip 
should be located by fanning the probe toward the needle 
until it is identified. The needle should then be advanced 
slowly always keeping the needle tip in view. Once directly 
on top of the vein, it should tent with pressure and then the 
needle should be inserted into the vein. Follow the needle 
in the vein as far as possible while keeping the tip of the 
needle in the center of the vein to make sure the catheter is 
securely in the vein and does not infiltrate. 





Fig. 2.2 Basilic vein (BV) located medially when scanning proximally 
from the antecubital fossa 





Fig. 2.3 Brachial artery (BrA) and vein (BrV). The less round, slightly 
compressed, anechoic structure on the left is the vein. The very circular, 
not compressed, anechoic structure to the right is the artery 


Fig. 2.4 Needle tip in vein seen in a transverse orientation 





Fig. 2.5 Needle tip in vein seen in a longitudinal orientation 


2  Ultrasound-Guided Peripheral Intravenous Access 


2.5 Complications 
Inadvertent puncture of artery. Veins should be thin walled, 
compressible, and have no pulsations. 


2.6 Pearls and Pitfalls 

¢ Mistaking the midshaft of the needle for the needle tip. If 
this occurs, the needle tip is actually deeper than expected. 
The ultrasound machine will plot a hyperechoic “dot” on 
the screen for the needle tip, as long as it crosses the 
ultrasound beam at any point. This same “dot” will appear 
whether the tip is directly centered under the beam or any 
segment of the needle shaft is intersecting the beam. This 
can be visually deceiving and makes this procedure diffi- 
cult to grasp. 

¢« Very slow movements of the needle and the probe are 
important for keeping the needle tip in view. Once the 
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needle tip is identified, the probe should be fanned 
forward (away from operator) just slightly and then the 
needle advanced until the needle tip comes into view 
again. This is repeated until the needle is securely moved 
further into the vein. 
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Kevin D. Ergle, Zachary B. Kramer, Jason Jones, 


and Rohit Pravin Patel 


3.1 _— Indications 

¢ Volume replacement 

e Emergent venous access 

e Administration of caustic medications: vasopressors, cal- 
cium chloride, hypertonic saline, high dose of potassium 

¢ Dialysis catheter placement (hemodialysis) 

¢ Nutritional support (total parenteral nutrition) 

¢ Long-term antibiotics 

¢ Chemotherapy 

¢ Plasmapheresis 

¢ Frequent or persistent blood draws or intravenous therapy 
when unable to establish peripheral access due to edema 
or other causes 

¢ Jugular and subclavian: Central venous pressure monitor- 
ing, transvenous pacing wire introduction, pulmonary 
artery catheterization 


3.2. Contraindications 
¢ Absolute 
— Infection at site of insertion 
— Distorted anatomy/landmarks (prior surgery, radiation, 
or history of thrombus in the specified vein) 
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— Subclavian only: Trauma to the ipsilateral clavicle, 
anterior proximal rib, subclavian or superior vena cava 
vessels 

¢ Relative 

— Morbid obesity 

— COPD 

— Children less than 2 years (higher complication rates) 
* Coagulopathy (although ultrasound-guided internal 

jugular can be done in this situation) 
— Agitated or moving patient 
— Jugular only: Trauma to the ipsilateral clavicle, ante- 
rior proximal rib, subclavian or superior vena cava 
vessels 
— Jugular and subclavian: Inability to tolerate potential 
pneumothorax of the ipsilateral thoracic cage 
¢ Pneumothorax or hemothorax of the contralateral 
thorax 

¢ Patients receiving ventilatory support with high- 
end expiratory pressures (temporarily reduce the 
pressures) 

— Femoral only: Intra-abdominal (or retroperitoneal) 
hemorrhage 


3.3. Materials and Medications 

¢ Central venous catheter tray or bundle: single/double/tri- 
ple/quadruple lumen, dialysis catheter, large-bore intro- 
ducer (for transvenous pacing or pulmonary artery 
catheter kit) 

¢ Sterile gloves 

¢ Sterile drapes or towels 

¢ Sterile gown 

¢ Hat/hair cap and mask with eye protection 

¢ Antiseptic solution with skin swabs (e.g., chlorhexidine) 

¢ Sterile saline flushes (one 30 mL syringe or three 10 mL 
syringes) 

¢ Lidocaine 1 % 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_3 


3.4 


3.4.1 


Ow 


10. 


11. 


12. 


Sterile gauze 

No. 11 blade scalpel 

Dressing (sterile waterproof transparent dressing or ster- 
ile 4x4 gauze with tape) 

Sterile biopatch 

Suture material with needle driver if needed 

Transducing line (optional) 

Sterile probe cover (if using ultrasound guidance) 


Procedures 


Internal Jugular Vein Access Procedure 


. Obtain informed consent if not emergently indicated 


procedure. 


. Obtain supplies and prepare the room, ensuring that all 


supplies are within operator reach prior to placing gown 
and commencing the procedure. Include a sterile ultra- 
sound sheath on the sterile field if ultrasound is being 
used. 


. Raise bed to a comfortable height for the operator. 
. Place patient with head facing away from side of central 


line site (if using ultrasound, other positions may be pre- 
ferred). Place patient in 15—20° Trendelenburg position 
to help fill the upper central veins and reduce the risk of 
air embolism. 


. Identify the anatomy. Palpate triangle made by the clav- 


icle and sternal and clavicular heads of the sternocleido- 
mastoid (SCM) muscle to identify the location of the 
internal jugular vein (Fig. 3.1). If using ultrasound guid- 
ance, identify optimal anatomical arrangement. 


. Wash your hands and wear sterile attire using aseptic 


technique, including cap, mask, gown, and sterile gloves. 


. Prepare the site from the clavicle to the ear and across 


the trachea with antiseptic solution. Allow the antiseptic 
(chlorhexidine or iodine) to fully dry. 


. Drape the site and patient with sterile towels and drapes 


included in most CVL bundles. Make sure to cover the 
whole area and bed. 


. Cover the ultrasound probe with a sterile sheath. This 


can be done solo or by holding the sterile ultrasound 
sheath and having an unsterile assistant hold the probe 
so that the probe can be covered by the sheath. 

Prepare the kit by checking the guide wire and flushing 
the tubing and lines with saline included in the kit. 
With a 25-gauge needle, use 1 % lidocaine to anesthe- 
tize the skin at the apex of the triangle made by the 
SCM and clavicle. Aspirate to make sure the operator is 
not in a vessel and make a superficial wheel for the 
insertion site. 

Preferred method is with ultrasound guidance (see steps 
13-17 and Sect. 3.6 for description of ultrasound 


13. 


14. 


15. 


16. 


17. 


18. 
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guidance). If performing without ultrasound, palpate 
the carotid artery and insert needle lateral to the artery 
at the apex of the triangle formed by the SCM, aiming 
toward the ipsilateral nipple at an angle 30—45° above 
the horizontal plane (Fig. 3.1). Once blood returned, go 
to step 18. 
Place sterile ultrasound gel over the insertion site. Use 
the ultrasound to identify vessel anatomy including 
internal jugular vein and carotid artery. Use the ultra- 
sound probe to compress the vein, which is compress- 
ible as opposed to the carotid artery, which is not 
compressible (Fig. 3.2). 
Prepare the insertion needle and syringe (if long and 
short needles are available, a short needle may be used 
to reduce posterior vein perforation) and prime the 
syringe by pulling back on the plunger prior to making 
the puncture. 
Use the ultrasound probe to re-identify the patient’s 
anatomy. 
Ultrasound can be used in short axis or long axis 
(Fig. 3.3). Short axis is easier for novice operators due to 
increased ability to see the artery and vein but has a 
higher risk of posterior perforation if the needle tip is not 
visualized well. Once short axis of the vein is found, 
turning the probe 90° clockwise allows the operator to 
see the vein in long axis. The needle is better visualized 
in this view but technically more difficult and has less 
chance to penetrate the posterior wall. In patients with 
short necks, it may be difficult to obtain long-axis view 
and needle insertion in the limited space. 
Insert the needle using the ultrasound guidance with 
dynamic approach preferred (see Sect. 3.6 for specifics). 
Make sure to aspirate while inserting the needle to iden- 
tify when the venous access is obtained. The needle tip 
should be visualized through the whole process. 
¢ Ifusing the static approach (see Sect. 3.6), insert nee- 
dle lateral to carotid pulsation as this is where the 
vein anatomically is located. Standard method is to 
insert the needle as far back as the depth the vessel is 
visualized (e.g., if the vein is visualized 2 cm below 
skin surface, the needle should be inserted 2 cm 
behind the probe at a 45° angle). 
¢ Ifinserting the needle ~3 cm does not achieve access, 
gently withdraw the needle toward the surface of the 
skin while aspirating. Avoid withdrawing the needle 
completely from the skin. If needed, redirect the nee- 
dle and advance until blood is aspirated. Cannulation 
of the vein often takes place while withdrawing the 
needle. 
Hold the needle steady with your nondominant hand and 
remove the syringe, careful not to advance or withdraw 
the needle. You can place the base of your hand on the 
patient’s chest to make your hand more stable during 
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20. 


AI; 





this part of the procedure. Occlude the hub of the needle 

to prevent air embolus. 

You may verify that you are in the vein by transducing 

pressure with a fluid column. The fluid should flow eas- 

ily into the vein. 

¢ If the aspirated blood is pulsatile and moves up the 
column, withdraw the needle completely and apply 
pressure for 10-20 min while taking the patient out of 
Trendelenburg position (if nonemergent procedure). 

Once it is verified that you are in the vein, insert the J-tip 

of the guide wire into the needle hub and advance into the 

vein. The J-tip can be straightened with a pinching motion 

(Fig. 3.4). Always keep one hand on the guide wire until 

it is removed from the patient. Monitor for arrhythmias as 

the guide wire is advanced toward the right atrium. 

¢ Ifthe guide wire does not flow easily, remove the guide 
wire and reattach the syringe, checking for blood flow. 

¢ If arrhythmia occurs, slowly withdraw the guide wire 
until the patient’s native rhythm returns. 

¢ Alternatively, the catheter/syringe found in most kits 
can be used as a bridge to guide wire placement. For 
the author, this has improved success when there is 
difficulty in wire placement. Use the same steps 
above with the catheter (Fig. 3.5) and when you have 
return of blood, advance the angiocath into the vein 
followed by insertion of the guide wire through the 
angiocath. This is especially useful in moving/agi- 
tated patients, patients who have collapsible veins 
due to hypovolemia, and patients who have abnormal 
anatomy and may have veins that take an abnormal 
angle shortly past the needle tip. 

Remove the needle over the guide wire, making sure to 

always keep control of the guide wire. 


Fig. 3.1 Internal jugular blind approach; this would be the same loca- 
tion for probe placement if doing ultrasound guided 
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29. 
30. 


31. 


Make an incision contiguous with the guide wire using a 

straight (No. 11) blade with the scalpel blade facing 

upward (away from the wire). 

Advance the dilator over the guide wire in a twisting 

motion, keeping control of the guide wire. 

¢ The dilator only needs to go slightly beyond the 
anticipated depth of the patient’s jugular vein. Do not 
advance the entire length of the dilator. 

Withdraw the dilator and hold pressure over the wound 

Site. 

Advance the catheter over the guide wire while keeping 

control of the guide wire. 

With the catheter inserted 10-12 in. from the skin inser- 

tion site, retract the guide wire until it comes out of the 

distal port. Maintain control of the guide wire and 

advance the catheter to the appropriate length. Usually 

catheters are inserted 15-16 cm from the right side and 

18-20 cm from the left side (Fig. 3.6). 

Flush each port of the catheter and check aspiration. If 

difficulty with aspiration or flushing, concern is raised 

for catheter malposition. The operator can change the 

depth slightly or twist the catheter and recheck. 

At this time, an antibiotic ointment or biopatch may be 

applied to skin around the intersection with the lumen of 

the catheter. This step is based on local institutional 

guidelines. 

Suture the line in place. 

Enclose CVL site with sterile waterproof transparent 

dressing. 

Confirm placement using chest X-ray (CXR). The tip of 

the catheter should be in the lower third of the superior 

vena cava (SVC) at the insertion of the SVC into the 

right atrium. 
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Fig.3.3 Long- and short-axis views of the internal jugular vein 
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Fig.3.4 (a, b) J-tip straightening using pinch/stretch method Fig. 3.6 Length: marking seen on typical central venous catheters; 
number indicates distance in centimeters from distal tip 





Fig. 3.5 Angiocath that can be used in difficult to cannulate/wire 
patients 


22 


3.4.2 Subclavian Vein Access Procedure 


10. 


11. 


12. 


. Obtain informed consent if not emergently indicated. 
. Raise bed to comfortable height for the operator. 
. Place patient in supine position and position so patient’s 


head is at the top of the bed. 


. Place patient in 15—20° Trendelenburg position (if toler- 


ated) to reduce risk of air embolism. Studies show this 
will also increase the size of the subclavian vein. Do 
NOT place towel between shoulder blades (arch shoul- 
der back) as this has been shown to decrease vein diam- 
eter and affect reliability of accessibility. Keep shoulders 
at anatomical location (forward). 


. Prep area chosen from the anterior neck, clavicle, and 


upper chest (above nipple line) with chlorhexidine prep 
or iodine. 


. Open kit and place close to operator’s dominant hand to 


allow for easy access. Diameter of catheter/kit used 

based on clinical situation: 

¢ Introducer or large bore if requiring large volumes of 
resuscitation 

¢ Triple lumen catheters for vasopressors 

¢ Introducers if anticipating pulmonary artery catheter 
or venous pacer 


. Operator should prepare with all aseptic techniques 


(e.g., hand washing) and maximal barrier precautions 
(e.g., sterile gowns, sterile gloves, caps, masks covering 
both mouth and nose, eye protection, and full-body 
patient drapes). 


. Once sterile and able to touch the inside of the CVL kit, 


the operator may want to retract the curved J-tip wire 
into the plastic loop sheath for easy directing into the 
introducer needle. The operator should also uncap all 
distal lumens and flush all ports with 3-5 cc of the ster- 
ile NS syringes to ensure no defects in the lumen of the 
catheter. Close all ports except the distal tip port 
(usually marked with words “distal tip’) with the slide 
clamp. 


. Prep area chosen (right or left side) from the anterior 


neck, clavicle, and upper chest (above nipple line) with 

sterile chlorhexidine prep (this is the second cleaning). 

Place full-body drape over patient with opening over 

selected side where needle will be inserted. 

Needle insertion site options (Fig. 3.7): 

¢ One centimeter inferior to the junction of the middle 
and medial third of the clavicle 

e Just lateral to the midclavicular line, with the needle 
perpendicular along the inferior lateral clavicle 

¢ One fingerbreadth lateral to the angle of the clavicle 

Anesthetize needle insertion site with 5-10 mL of 1 % 

lidocaine superficially (make sure to pull back on needle 

syringe to ensure operator is not in the vein or artery). 

¢ Never place equipment on a patient. 


13. 


14. 


15. 


16. 


17. 


18. 


19. 


20. 


21. 
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23. 
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Prepare the needle and syringe by placing the long nee- 
dle on the syringe. Make sure to break seal of syringe by 
pulling back on the plunger of the syringe prior to mak- 
ing incision with needle. 
Turn patient’s head to opposite of CVL placement and 
retract ipsilateral shoulder down to improve clavicle- 
vein relationship. The retraction of the arm can be done 
a few steps earlier and can be held in position using a 
person or tape/restraints. 
Direct the insertion needle toward sternal notch in the 
coronal plane at an angle no greater than 10—15° while 
gently withdrawing the plunger of the syringe. Keep 
bevel of the needle facing up and in line with the num- 
bers on the syringe until operator enters skin, then face 
bevel caudally to facilitate smooth progression of the 
guide wire down the vein toward the right atrium. 
It helps to place nondominant hand (not holding the nee- 
dle) on the sternal notch so operator can feel where ster- 
nal notch is and direct needle in that direction (Fig. 3.7). 
NEVER increase the angle of the needle greater than 
15° as pneumothorax may ensue. 
Advance the needle under and along the inferior border 
of the clavicle, making sure the needle is virtually hori- 
zontal to the chest wall. Aim medially in the direction of 
the suprasternal notch, attempting to first aim for the 
clavicle then “walk” the needle below the clavicle. 
Once under the clavicle, continue to advance the needle 
in a plane almost parallel to the skin approximately 
2-3 cm until venous blood is freely aspirated into the 
syringe. 
When venous blood is freely aspirated, disconnect the 
syringe from the needle, and immediately occlude the 
lumen to prevent air embolism and insert the guide wire. 
If the vein is difficult to locate, remove the introducer 
needle, flush it clean of clots, and try again. Change 
insertion sites after three unsuccessful passes with the 
introducer needle. 
At this point, the hand holding the needle should be “set 
in stone.” Use the patient’s chest wall as a base to keep 
needle completely still as to not inadvertently advance 
or retract needle out of the vein. 
Insert the guide wire through the needle into the vein 
with the J-tip directed caudally to improve successful 
placement into the subclavian vein. 
¢ Beware a return of red pulsatile blood. If this occurs, 
the wire is in an artery. 
¢ Beware aspirating air bubbles through the probing 
introducer needle. This indicates a pneumothorax. 
Advance the wire until it is mostly in the vein or until 
arrythmia is seen on the cardiac monitor. Then, retract 
the wire 3-4 cm. 
If the wire does not pass easily, remove the wire, reat- 
tach the syringe, and confirm that the needle is still in the 
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25. 


26. 


27. 


28. 


lumen of the vein before reattempting. The J-tip can be 

straightened with a pinching motion (Fig. 3.4). 

e Alternatively, the catheter/syringe found in most kits 
can be used as a bridge to guide wire placement. For 
the author, this has improved success when there is 
difficulty in wire placement. Use the same steps 
above with the catheter (Fig. 3.5) and when you have 
return of blood, advance the angiocath into the vein 
followed by insertion of the guide wire through the 
angiocath. This is especially useful in moving/agi- 
tated patients, patients who have collapsible veins 
due to hypovolemia, and patients who have abnormal 
anatomy and may have veins that take an abnormal 
angle shortly past the needle tip. 

Use the tip of the scalpel to make a small incision just 

against the needle to enlarge the catheter entry site for 

the dilator and catheter. 

Holding the wire in place, withdraw the introducer nee- 

dle and place in needle holder. 

Thread the dilator over the wire and into the vein with a 

firm and gentle twisting motion while maintaining constant 

control of the wire. If a large-bore introducer is placed, the 
dilator/introducer goes in one step, after the introducer is 
inserted, hold the wire in place and remove the dilator. 

If operator is having difficulty threading the dilator, the 

skin incision with the scalpel may have been too super- 

ficial or small. It may help to enlarge this incision to 
avoid having the dilator get caught on superficial skin or 
connective tissue. 





Fig.3.7 Subclavian vein approach: wrong (a) and correct (b) angles to 
take when making skin puncture 
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34. 
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36. 


It is helpful to have sterile gauze handy to apply pressure 

with the hand not holding the wire as the vein will now 

bleed profusely from around the wire secondary to 

dilation. 

Thread the catheter until it is close to the skin insertion 

site. Then pull back on the guide wire until it shows out- 

side of the distal port. Grasp the wire outside of the distal 

port and thread the catheter while holding onto the guide 

wire. Usually catheters are inserted 15-16 cm from the 

right side and 18-20 cm from the left side (Fig. 3.6) 

Hold the catheter in place and remove the wire. After the 

wire is removed, occlude the open lumen. 

Attach sterile saline syringe to the hub and aspirate 

blood. Take needed samples and then flush the line with 

saline and recap. Repeat this step with all lumens. 

Place biopatch on skin around the intersection with the 

lumen of the catheter. 

Suture the line in place. 

Enclose CVL site with sterile waterproof transparent 

dressing. 

Confirm placement using CXR. Tip of catheter should 

be in the lower third of the SVC at the insertion of SVC 

into right atrium (tip at right bronchiotracheal angle or 

up to 2.5 cm below bronchiotracheal angle). 

¢ Alternatively, ultrasound can be used for subclavian 
line access but only a few limited studies have con- 
firmed this as to date so will not describe in detail 
(see below for typical ultrasound technique used). 
See references for more information. 
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3.4.2.1 Subclavian Vein Pearls and Pitfalls 


¢ Inadequate landmark identification: operator should 
always palpate for landmarks and check anatomy prior to 
starting the procedure. 

¢ Improper insertion position. 

¢ Insertion of needle through periosteum. 

— Operator should NOT increase angle of needle to avoid 
the clavicle bone (this can cause a pneumothorax). 

— Operator should press on needle with downward pres- 
sure on chest wall to allow needle to maneuver under 
the clavicle without changing the angle of insertions of 
the needle. 

¢ Taking too shallow a trajectory with needle. 

e Aiming the needle too cephalad (aim for sternoclavicular 
junction). 

¢ Failure to keep needle in place for wire passage: hand 
holding the needle should be planted on patient’s chest for 
stabilization. 


3.4.3 Femoral Vein Access Procedure 


1. Palpate the patient’s femoral artery below the inguinal 
ligament. This is usually found halfway between the 
anterior superior iliac spine (ASIS) and the midline of 
the symphysis pubis. 

2. Trim overlying hair as necessary. 

3. If ultrasound-guided approach is desired, use the linear 
probe (same as internal jugular) to detect the femoral 
vein at this location. The femoral vein will be easily 
compressible, while the femoral artery will be less com- 
pressible and pulsatile (Fig. 3.2). 

4. Wash hands and use sterile technique to apply iodine or 
chlorhexidine solution (various forms available). 

5. Open your femoral CVL kit and don cap, mask, sterile 
gown, and sterile gloves. Nonsterile assistants should 
wear a cap, mask, sterile gown, and sterile gloves. Flush 
all ports of your CVL kit with saline flushes and check 
for leaks or malfunction of catheter. 

6. Under sterile technique, apply the drape over the area of 
insertion, and have an assistant extend the drape the 
length of the bed. Reapply sterile iodine or chlorhexi- 
dine at the site. 

7. Anesthetize the skin overlying the femoral vein with 
lidocaine. 

8. If ultrasound-guided approach is desired, have an assis- 
tant hold up the vascular ultrasound probe. Place your 
gloved hand through a sterile ultrasound sleeve and 
grasp the top of the ultrasound probe. Without breaking 
sterile technique, pull and invert the sterile ultrasound 
sleeve over the probe and cable. See Sect. 3.6 for detailed 
ultrasound-guided cannulation technique. 


10. 


11. 


12. 


13. 


14. 


15. 


16. 


K.D. Ergle et al. 


. Insert the needle at a 45° angle, bevel down, directed 


superiorly, 1 cm medial to the palpable femoral artery 
pulse. Once the needle has broken the skin, aspirate by 
applying a small amount of continuous traction on the 
plunger of the attached syringe. 
Advance smoothly and slowly until blood appears in the 
syringe. Stop once blood is aspirated. If femoral vein is 
not cannulated, withdraw your needle until just beneath 
the skin and redirect. 
Hold the hub of the needle with thumb and forefinger to 
immobilize in place. Remove the syringe carefully. If 
blood appears arterial or pulsatile, remove the needle 
and hold pressure for 5—10 min. 
¢ Use the palm of your hand on the thigh to stabilize 
your hand. Not having your hand stable is a common 
mistake leading to needle movement out of the vein. 
If blood appears venous (dark color, emerges as a con- 
tinuous trickle, or transduced), cannulate the needle with 
the guide wire. Maintain a two-finger grip on the guide 
wire at all times. Advance the guide wire until approxi- 
mately 15 cm remains. 
¢ Must keep handle of guide wire at ALL times and can 
be done through proper technique. 
If guide wire does not advance easily, remove guide wire 
and reposition needle until blood aspirates easily. The 
J-tip can be straightened using a pinching motion if 
needed (Fig. 3.4) 
¢ Alternatively, the catheter/syringe found in most kits 
can be used as a bridge to guide wire placement. For 
the author, this has improved success when there is 
difficulty in wire placement. Use the same steps 
above with the catheter (Fig. 3.5) and when you have 
return of blood, advance the angiocath into the vein 
followed by insertion of the guide wire through the 
angiocath. This is especially useful in moving/agi- 
tated patients, patients who have collapsible veins 
due to hypovolemia, and patients who have abnormal 
anatomy and may have veins that take an abnormal 
angle shortly past the needle tip. 
Using your scalpel, make a single 1/2 cm stab incision at 
the site of needle insertion to assist with dilator 
placement. 
¢ You can do the stab incision with or without the nee- 
dle in place, but from experience, most novices have 
difficulty locating the correct stab location due to 
small amount of blood accumulation when the needle 
is taken out. 
Remove your needle, carefully leaving guide wire in 
place. Apply dilator over guide wire and advance into 
the body with gentle pressure and a twisting motion in 
the same plane that you used to direct the needle. 
Holding pressure at the insertion site with sterile gauze 
4x4 pads, remove the dilator from the guide wire, 
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17. 


18. 
19. 


20. 


leaving the guide wire in place. Insert the central venous 

catheter over the guide wire until it fits snugly against 

the skin. Use the markings on the catheter to determine 

proper length placed (usually with femoral site you can 

“hub” the catheter) (Fig. 3.6). 

Using a sterile saline flush, ensure that each lumen of the 

CVL draws blood easily and flushes easily. Carefully 

note any that do not and consider repositioning as 

needed. You can attempt moving catheter in or out a few 

centimeters or rotating the catheter and recheck. Apply 

caps to each open lumen of the CVL. 

¢ Remember to cover the introducer port if not using 
immediately. If you do not, it poses an infection and 
air embolism risk to the patient. 

Suture the line in place. 

Place an antibiotic biopatch or similar antimicrobial 

dressing. 

Enclose CVL site with sterile waterproof transparent 

dressing. 


3.4.3.1 Femoral Vein Pearls and Pitfalls 


3.5 


3.5.1 


Femoral central venous lines cannot accurately transduce 

central venous pressures. 

Asking the patient to perform a Valsalva maneuver has 

been shown to increase the width of the femoral vein 

by 1/3. 

The mnemonic NAVEL (Nerve Artery Vein Empty space 

Lymphatics) assists in remembering the order of femoral 

structures from lateral to medial. 

Traditionally, femoral venous lines were thought to have 

higher rates of infection than subclavian or internal jugu- 

lar lines, but more recent analyses are challenging this 

belief. 

— Obesity is a more important risk factor for infection in 
femoral sites. 


Complications 
Jugular and Subclavian Complications 


Pneumothroax/Hemothorax 

— Prevention: Remove patient from ventilator before 
advancing the needle, choose the right side rather than 
left, and avoid multiple attempts when possible. 

— Management: Check postprocedure x-ray; if pneumo- 
thorax, arrange for thoracostomy depending on the 
size of the hemo-/pneumothorax. 

Catheter embolization 

— Prevention: Never withdraw a catheter past a needle 
bevel as this might shear off the catheter. 

— Management: X-ray the patient and contact specialist 
who can remove the embolized catheter. 


Arterial puncture: Hold compression if this occurs. 
Hematoma: Usually requires monitoring only. 
Thrombosis: This complication may lead to pulmonary 
embolism. 

Local site or systemic infection: Using maximal sterile 

precautions has been shown to greatly decrease rate of 

infection. 

Air embolism 

— May be caused by negative intrathoracic pressure 
when inspiration by the patient drawing air into an 
open line hub 

— Prevention: Be sure the line hubs are always occluded; 
placing the patient in the Trendelenburg position low- 
ers the risk. 

— Management: The patient should be placed in 
Trendelenburg position with a left lateral decubitus tilt, 
which may prevent the movement of air into the right 
ventricle and onward into the left side of the heart. One 
hundred percent oxygen should be administered to 
speed the resorption of the air. If a catheter is located 
in the heart, aspiration of the air should be attempted. 

Dysrhythmias: Due to cardiac irritation by the wire or 

catheter tip. This can usually be terminated by simply 

withdrawing the line into the superior vena cava. One 
should always place a central venous catheter with car- 
diac monitoring. 

Lost guide wire: If the operator is not careful about main- 

taining control of the guide wire, it may be lost into the 

vein. This requires retrieval by interventional radiology or 
surgery and is an emergency. 

Catheter tip too deep: Check the postprocedure chest 

radiograph and pull the line back if the tip disappears into 

the cardiac silhouette. 

Catheter in the wrong vessel: Check the postprocedure 

chest radiograph for this complication; remove catheter 

and try again. 

Arterial puncture (subclavian only): The subclavian artery 

cannot be compressed; so, the subclavian approach should 

be avoided in anticoagulated patients. 


3.5.2 Femoral Complications 


Arterial puncture: The femoral artery site can be com- 

pressed, so if punctured hold pressure. 

Hematoma: Usually requires monitoring only. 

Thrombosis: This complication may lead to pulmonary 

embolism. 

Catheter embolization. 

— Prevention: Never withdraw a catheter past a needle 
bevel which might shear off the catheter. 

— Management: X-ray the patient and contact specialist 
who can remove the embolized catheter. 
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¢ Lost guide wire: If the operator is not careful about main- 
taining control of the guide wire, it may be lost into the 
vein. This requires retrieval by interventional radiology or 
surgery and is an emergency. 

¢ Local site or systemic infection: Using maximal sterile 
precautions has been shown to greatly decrease rate of 
infection. 


3.6 Ultrasound Guided Cannulation: Tips 


for Each Approach 


¢ Venous anatomy is best visualized using high-frequency 
(5-10 MHz) linear probe. Higher frequencies generate 
less penetration but better resolution. 

¢ You can use the ultrasound to identify the location of the 
vessel prior to the procedure and utilize external land- 
marks during the procedure itself (static technique), or 
you can use the ultrasound to visualize cannulation of the 
vessel during the procedure (dynamic technique). 

¢ Static view is advantageous in that the ultrasound trans- 
ducer is not needed during the sterile portion of the proce- 
dure, but it does not allow for direct visualization of 
cannulation and guidance during the procedure. 

¢« Dynamic view (preferred) allows for direct visualization 
during the procedure but requires more technique and 
requires use of transducer during the sterile portion of the 
procedure. 

¢ The dynamic technique can be used in either a short-axis 
view, where a cross-sectional view of the vessel and nee- 
dle is used, or a long-axis view, where a longitudinal view 

of vessel and needle is used (Fig. 3.3). 

¢ The long-axis view allows for full visualization of the 
needle throughout the procedure and allows for better 
visualization and adjustment of needle depth. It is more 
difficult for lateral changes in positioning and tends to be 
more difficult technically. 

— Key in this view is that once a good section of vein is 
obtained, do not move probe to visualize the needle; 
move the needle into the ultrasound view by slightly 
adjusting trajectory. 

¢ The short-axis view allows for lateral changes in position 
but is not as good at visualizing depth throughout the pro- 
cedure, as visualization of the needle is in cross-sectional 
imaging. Perforation of the posterior wall is more com- 
mon in this view. 

¢ When using the short-axis view, remember to position the 
ultrasound probe such that the field of the ultrasound 
intersects the vessel (internal jugular, subclavian, femo- 
ral) at the anticipated site of insertion of the needle into 
the vein. Remember that the needle is only visualized as it 
intersects the plane of the ultrasound. 
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¢ When using the long-axis view, make sure to visualize the 
vessel with the ultrasound such that you can see the great- 
est diameter of the vessel along the entire length of the 
ultrasound probe. Keep the ultrasound steady during the 
procedure, and insert the needle at an angle at the lateral 
edge of the ultrasound probe. Using this technique, one 
can visualize the entire length of the needle. 


3.7. Removing a Central Line 
1. Place patient in supine or Trendelenburg position (for 
femoral removal can help decrease bleeding). 
2. Remove suturing and dressing. 
3. Jugular and subclavian: Have patient exhale and pull the 
line during the exhalation. 
¢ Exhalation increases intrathoracic pressure as com- 
pared to atmospheric pressure, thereby reducing the 
risk of air thromboembolism. 
4. Hold pressure for approximately | min to stop bleeding. 
Dress with a sterile dressing. 
6. If central line-related infection is suspected, cut off the tip 
with sterile scissors and send for culture. 
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4.2 
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Indications 


Prevention or treatment of multiorgan failure in high-risk 
patients 

Preoperative and postoperative management in high-risk 
patients with cardiac, pulmonary, or renal dysfunction 
Patients with anticipated large fluid shifts (sepsis, bleed- 
ing, burns, cirrhosis) 

Oliguria or hypotension not relieved by fluids 

Suspected cardiac event leading to shock 

For continuous $VO2 (central venous oxygenation) mon- 
itoring in shock 

To differentiate shock states 

For monitoring cardiac output in patients requiring high- 
positive end-expiratory pressure (>14 cm H20) 
Monitoring and management of complicated myocardial 
dysfunction or cardiogenic shock 

Congestive heart failure with poor response to afterload 
reduction and diuretic therapy 

Suspected tamponade or contusion from blunt chest 
injury 

Pulmonary hypertension with myocardial dysfunction 
Diagnosis of primary pulmonary hypertension 
Aspiration of air emboli 

Direct pulmonary artery administration of thrombolytic 
therapy 


Contraindications 
Tricuspid or pulmonary valve mechanical prosthesis 


Right heart mass (thrombus or tumor) 
Tricuspid or pulmonary valve endocarditis 
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4.3 


4.3.1 


Recurrent sepsis (catheter could serve as nidus for infection) 
Hypercoagulopathy (catheter could serve as site for 
thrombus formation) 

Patient known sensitivity to heparin (catheters with hepa- 
rin coating) 

Electrocardiographic (ECG) monitoring encouraged in con- 
ditions of complete left bundle branch block (risk of complete 
heart block increased), Wolfe—Parkinson—White syndrome, 
and Ebstein’s malformation (risk of tachyarrhythmias) 


Materials 


Pulmonary artery or Swan—Ganz catheter 

Percutaneous sheath introducer and contamination shield 
Compatible cardiac output computer for measuring car- 
diac output by the bolus thermodilution method 

Injectate temperature sensing probe (bolus thermodilu- 
tion method) 

Connecting cables 

Sterile flush system and pressure transducers 

Bedside ECG and pressure monitor system 

Appropriate ECG “slave” cables 


Catheter Preparation 


Avoid forceful wiping or stretching of catheter to avoid 
injury to the thermistor wire circuitry; wiping the heparin 
coat may cause removal of the coating. 

In vivo calibration is required if in vitro calibration is not 
done; refer to the monitor operator’s manual for detailed 
calibration instructions. 

Connect catheter’s injectate and pressure-monitoring 
lumens to the flush system and pressure transducers; 
ensure all lines are free of air. 

Connect the thermistor to the monitor and confirm no 
fault messages appear. 
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4.4 


Fig.4.1 Balloon inflation prior 
to insertion for evaluation of 
patency or leaks 


Procedure 


. Maintain sterile precautions including sterile cap, mask, 


gown, gloves. 


. Place a central venous line introducer and verify place- 


ment of introducer with chest radiograph; it is also 
acceptable to obtain the chest radiograph after the inser- 
tion of the pulmonary artery catheter if no complication 
was suspected with the central venous line introducer. 


. Cleanse the skin and introducer thoroughly with 


chlorhexidine. 


. Have assistant open pulmonary artery catheter kit in 


sterile fashion. 


. Remove pulmonary artery catheter from kit and have 


assistant hook up all the ports to the transducers and 
make sure readings are accurate as the catheter is being 
manipulated. 


. Gently lift the distal portion of the catheter up from the 


silicone gripper; do not pull the balloon through the 
gripper to avoid damage. 


. Have assistant check the proximal and distal ports for 


patency by flushing with sterile saline. Also have the 
assistant check the patency of the balloon with the syringe 
provided in the kit (Fig. 4.1). Check for major asymmetry 
and for leaks (optional) by submerging in sterile saline or 
water. Deflate balloon prior to insertion. Carefully wave 
the distal catheter segment up and down to confirm elec- 
trical continuity by observing a pressure tracing on moni- 
tor. Ensure proper readings, no information is sometimes 
better than wrong information. Make sure each port trans- 
duces appropriately prior to insertion. 


. Familiarize yourself with the catheter line markings. 


Each thin line indicates 10 cm from the tip and thick line 
indicates 50 cm from the tip. These are used in combina- 
tion to indicate length from tip (Fig. 4.2). 


. Place the sterile plastic sleeve (lock side toward patient, 


Fig. 4.3) over the catheter after flushing all ports to fur- 
ther protect the catheter during manipulation. 


10. 


11. 


12. 


13. 


14. 


15. 
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The distal end of the catheter is inserted into the intro- 
ducer hub of the central venous line and threaded to the 
superior vena cava. The catheter must be placed at least 
30 cm into the introducer for the balloon to clear the 
distal end of the introducer prior to inflation. At no point 
should the catheter be withdrawn with the balloon 
inflated; ensure the assistant has deflated the balloon 
prior to withdrawal. The balloon assists in directing the 
catheter through the vascular system using the direc- 
tional blood flow. 

At 20 cm, the balloon should be inflated and catheter 
advanced through right atrium, past the tricuspid valve 
into the right ventricle, then past the pulmonary valve to 
the pulmonary artery. The waveform and pressure read- 
ings can guide you through the various locations 
(Fig. 4.4). 

Once in the pulmonary artery, the catheter should be 
carefully and slowly advanced to wedge position. The 
balloon can be deflated and pulmonary artery tracings 
should reappear. If a wedge is obtained with less than 
the maximum recommended volume, the catheter 
should be withdrawn to a position where full inflation 
volume produces a wedge tracing. Avoid prolonged 
times when obtaining wedge pressure (2 respiratory 
cycles or 10-15 s), especially in patients with pulmo- 
nary hypertension. 

General guidelines for distance necessary at various 
points include: right atrium 20-25 cm, right ventri- 
cle 30-35 cm, and pulmonary artery 40-45 cm; cath- 
eter usually wedges at 50-55 cm. These are 
dependent on the starting location you are using to 
advance the catheter (subclavian, internal jugular, 
femoral). 

Once the catheter is in correct position, it should be 
locked into place with the plastic sleeve tip onto the hub 
of the introducer. 

Correct placement is confirmed with chest radiograph 
(Fig. 4.5). 





2726 


Paul D. Mitcheson (SM’12) received the M.Eng. 
degree in electrical and electronic engineering and 
Ph.D. degree from Imperial College London, U.K., 
in 2001 and 2005, respectively. 

He is currently a Senior Lecturer with the Control 
and Power Research Group, Electrical and Elec- 
tronic Engineering Department, Imperial College 
London. His research interests are energy harvesting, 
power electronics, and wireless power transfer. He 
is involved with providing power to applications 
in circumstances where batteries and cables are not 
suitable. His work has been sponsored by the European Commission, EPSRC 
and several companies. 

Dr. Mitcheson is a fellow of the Higher Education Academy. 





af 





IEEE TRANSACTIONS ON MICROWAVE THEORY AND TECHNIQUES, VOL. 61, NO. 7, JULY 2013 


Stepan Lucyszyn (M’91-SM’04) received the 
Ph.D. degree in electronic engineering from King’s 
College London (University of London), London, 
U.K., in 1992, and the D.Sc. (higher doctorate) 
degree from Imperial College London, London, 
U.K, in 2010. 

He is currently a Reader (Associate Professor) 
of millimeter-wave electronics and Director of 
the Centre for Terahertz Science and Engineering, 
Imperial College London. After working in industry 
as a Satellite Systems Engineer for maritime and 
military communications, he spent the first 12 years researching microwave 
and millimeter-wave RF integrated circuits (RFICs)/monolithic microwave 
integrated circuits (MMICs), followed by RF microelectromechanical systems 
(MEMS) technologies. He has coauthored approximately 140 papers and 11 
book chapters in applied physics and electronic engineering. He has delivered 
many invited presentations at international conferences. 

Dr. Lucyszyn was an associate editor for the JOURNAL OF 
MICROELECTROMECHANICAL SYSTEMS (2005-2009). In 2011, he was 
the chairman of the 41st European Microwave Conference, Manchester, U.K. 
In 2005, he was elected Fellow of the Institution of Electrical Engineers (IEE), 
U.K., and Fellow of the Institute of Physics, U.K. In 2008, was invited as a 
Fellow of the Electromagnetics Academy, USA. In 2009, he became an IEEE 
Distinguished Microwave Lecturer (2010-2012). He is currently an Emeritus 
DML for 2013 and a newly appointed European Microwave Lecturer (EML) 
for the European Microwave Association. 


4 Pulmonary Artery Catheter 31 





pita 


He rhs 


Fig. 4.2 Thick and thin markings found on the catheter representing 
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Fig. 4.3 Lock position on catheter for stabilization of catheter 
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Fig. 4.5 Chest radiograph demonstrating correct (a) and incorrect (b) with permission from Wolters Kluwer: Jain SN. A pictorial essay: radi- 
positioning of pulmonary artery catheter (arrows) (a Reproduced with ology of lines and tubes in the intensive care unit. Indian J Radiol 
permission from McGraw-Hill: Stead LG, et al. First Aid for the Imaging. 2011;21(3):182—190) 

Radiology Clerkship. New York: McGraw-Hill; 2009; b Reproduced 
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4.5 Complications 

e Arrhythmias: most are premature ventricular contractions 
that are self-limiting and resolve with advancement into 
pulmonary artery or withdrawal into atrium. 

¢ Right bundle branch block: usually transient after posi- 
tioning catheter into the pulmonary artery; if has already 
left bundle branch block may lead to complete heart 
block; should have temporary pacing equipment on 
standby. 

¢ Knotting in the right ventricle (RV): risk increased 
in those with dilated cardiac chambers; a persistent 
RV tracing (15 cm beyond the point where initial 
RV tracing was observed) should alert you to this 
possibility. 

¢ Pulmonary artery rupture: age >60 year, anticoagulation 
therapy, and presence of pulmonary hypertension increase 
risk of rupture; hemoptysis shortly after placement is 
indicative and management includes lateral decubitus 
positioning (bleeding side down), intubation with double 
lumen tube, and increasing positive end-expiratory pres- 
sure (PEEP). 

¢ Infection. 

¢ Pulmonary infarction: due to unintentional migration of 
distal tip. 
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4.6 Pearls and Pitfalls 


¢ If the catheter requires stiffening during insertion, slowly 
perfuse the catheter with 5—10 mL of cold sterile solution 
as the catheter is advanced through a peripheral vessel. 

¢ The incidence of complications increases significantly 
with periods of use longer than 72 h, so assess the need 
for the catheter on daily basis. 

¢ Anticipate spontaneous catheter tip migration toward 
periphery of pulmonary bed; if a wedge tracing is 
observed when balloon is deflated, pull the catheter back. 


Selected Reading 
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ual. 2009. http://www.edwards.com/products/pacatheters/Pages/ 
ThermodilutionCatheter.aspx. 

3. Leatherman JW, Marini JJ. Clinical use of the pulmonary artery 
catheter. In: Hall JB, Schmidt GA, Wook LDH, editors. Principles 
of critical care. 3rd ed. New York: McGraw-Hill; 2005. p. 146-50. 

4. Moran SE, Pei KY, Yu M. Hemodynamic monitoring: arterial and 
pulmonary artery catheters. In: Gabrielli A, Layon AJ, Yu M, edi- 
tors. Civetta, Taylor, and Kirby’s critical care. 4th ed. Philadelphia: 
Lippincott Williams & Wilkins; 2009. 





Noninvasive Cardiac Monitoring: 
The Edwards Vigileo System 


Dawood G. Dalaly and Rohit Pravin Patel 


5.1 Indications 


Cardiac output monitoring is indicated when trying to deter- 
mine fluid responsiveness in patients. It assists in directing and 
assessing results of resuscitative efforts to ensure appropriate 
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tissue perfusion. Although most catheters are systemically 
invasive, tools like the Vigileo (Edwards Lifesciences; Irvine, 
CA) are excellent noninvasive devices for determining values 
such as the stroke volume, stroke volume variation, stroke vol- 
ume index, cardiac output, and cardiac index (Fig. 5.1). 
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Fig. 5.1 Typical monitoring devices and connecting devices from 
monitor to patient: (a) FloTrac monitor, (b) FloTrac red port connects 
to the heart monitor, (c) the FloTrac system connects to the arterial line 


on one end and the pressure bag/monitors on the other; monitor connec- 
tions are color coded, (d) the green port connects to the green port from 
the FloTrac 


5 Noninvasive Cardiac Monitoring: The Edwards Vigileo System 
5.2. Contraindications 


There are no contraindications to noninvasive monitoring of 
the heart, although most systems will need to be connected to 
an arterial line catheter, therefore contraindications to arte- 
rial line placement must be determined. Current literature 
supports the use of noninvasive monitoring to those who are 
100 % supported ventilation with tidal volumes >8 mL/kg. 
There is no support for use in those with spontaneous breaths 
or arrhythmia. Patients with significant variation in respira- 
tory pattern may have results that are unreliable. 
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5.3 Definitions and Values (Table 5.1) 


Table 5.1 Cardiac output monitoring definitions 


Term Reference range 
Cardiac output 4-8 L/min 
Cardiac index 2.5—4 L/min/m? 
Stroke volume 40-80 mL/beat 
Stroke volume 10-15 % 

variation 

Stroke volume 33-47 mL/m?/beat 
index 

Mixed venous 60-80 % 


saturation (SvO,) 


Central venous 10 % 
oxygen saturation 


(SevO,) 


Definition 


Volume of blood being 
pumped by the heart in 
1 min 

Compares the amount of 
fluid being pumped by 
the heart with an 
individual’s body 
surface area 

Volume of blood being 
pumped by the ventricle 
per beat 


Represents percentage 
of change between 
minimum and maximum 
stroke volumes and 
predictor of fluid 
responsiveness 


Quantity of blood 
ejected from the heart 
per beat 


Percentage of oxygen 
bound to hemoglobin in 
blood returning to the 
right side of the heart; 
represents oxygen 
delivery and 
consumption at the 
tissue level. Usually 
obtained from 
pulmonary artery 
catheter 


Surrogate marker for 
SvO,, usually obtained 
from internal jugular or 
subclavian catheters 
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5.4 Materials 

¢ FloTrac (Edwards Lifesciences, Irvine, CA, USA) 
¢ Vigileo monitor 

e Pressure bag 


5.5 Procedure 

1. Connect FloTrac to arterial line and distal FloTrac port to 
pressure bag. Inflate bag to 300 mmHg. 

2. Connect green FloTrac cord to green Vigileo cord and red 
FloTrac cord to arterial line port on heart monitor. 

3. Turn the port on the FloTrac off to the patient and zero on 
your heart monitor as you would with an arterial line. At 
the same time, you should have pressed the “Enter” knob 
on the Vigileo system, scrolled it to “zero arterial pres- 
sure,” and pressed the knob again for that function. 

4. You should now have an arterial waveform on your heart 
monitor and your cardiac values on the Vigileo system. 


5.6 Pearls and Pitfalls 

¢« Some components of the values obtained are not reliable 
on spontaneously breathing patients and it is critical to 
check the ventilator waveforms for these breaths. 
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¢ Patients without adequate tidal volumes (at least 8 mL/ 
kg) will also have unreliable values. 

¢ Stroke volume variation usually is more reliable when 
greater than 13 % and indicates fluid responsiveness 
rather than when it is less than 13 % (similar to a low 
central venous pressure (CVP) being more informative 
than normal or high CVP levels). 


Selected Reading 


1. Alarcon LH, Fink MP. Chapter 13. Physiologic monitoring of the 
surgical patient. In: Brunicardi FC, Andersen DK, Billiar TR, et al., 
editors. Schwartz’s principles of surgery. 9th ed. New York: 
McGraw-Hill; 2010. 

2. Holcroft JW, Anderson JT, Sena MJ. Chapter 12. Shock and acute 
pulmonary failure in surgical patients. In: Doherty GM, editor. 
CURRENT diagnosis & treatment: surgery. 13th ed. New York: 
McGraw-Hill; 2009. Available at http://www.accesssurgery.com/ 
content.aspx ?7aID=52 12482. Accessed 22 Aug 2012. 

3. Edwards Critical Care Education. Available at http://www.edwards. 
com/education/Pages/cceducationmap.aspx. Accessed 11 Dec 2012. 
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6.1 Indications 


¢ Distorted anatomy of peripheral venous access sites 

¢ Unavailability of cannulable veins (e.g., in hypovolemia, 
burn victim, traumatic anatomy, sclerosed veins, etc.) 

e Emergency venous access for infusion/transfusion 

e Unavailability of central venous access or less invasive 
means peripherally 


6.2 Contraindications 


e Absolute 
— Availability of less invasive or less time-consuming 
means of vascular access 
— Overlying infection, traumatic tissue, burn, etc., at cut- 
down site 
— Traumatic injury proximal to cutdown site 
¢ Relative 
— Coagulation disorders 
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6.3 Materials and Medications (Fig. 6.1) 


¢ Sterile gloves 

¢ Antimicrobial solution and swabs 

e 4”xA4"” gauze sponges 

¢ Local anesthetic (1 % lidocaine 5 mL) 
e 5-mL syringe 

¢ Blunt needle 

¢ 25- or 27-gauge needle 

¢ Scalpel 

¢ Vein dilator/lifter 

¢ Peripheral intravenous catheter 

¢ Curved hemostat 

¢ 0-0 silk sutures or 4.0 nylon sutures 
¢ Tris scissors 

¢ Intravenous infusion tubing 

¢ Adhesive tape 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_6 
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Fig.6.1 Materials and medications 


6 Peripheral Venous Cutdown 


6.4 Choice of Vessel for Cutdown 


¢ Greater saphenous vein: this vessel is the longest vein in 
the body, is predominantly subcutaneous, and is exposed 
with minimal blunt dissection just anterior to the medial 
malleolus at the ankle. 

¢ Basilic vein: this vessel is reliably located 1—2 cm lateral 
to the medial epicondyle on the anterior aspect of the 
humeral region, typically catheterized just superior to the 
antecubital fossa approximately, and its diameter permits 
its localization relatively easily even in the hypotensive 
patient. 

¢ Cephalic vein: this vessel runs anteromedially from the 
radial aspect of the wrist to the antecubital fossa, is super- 
ficial and large in diameter, and is most easily cannulated 
at the distal flexor crease in the antecubital fossa. 


6.5 Procedure 
6.5.1 Standard Venous Cutdown Technique 


1. Apply antimicrobial solution liberally to the skin sur- 
rounding the incisional area. 

2. Establish a sterile field by placing drapes around the 
incisional area. 

3. Apply a tourniquet proximal to the planned cutdown site 
to maximize visualization of vein to be cannulated. 

4. Inject local anesthetic to raise a small (0.5 cm) 
wheal using 25- or 27-gauge needle and then insert 
the tip of the needle through wheal to infiltrate skin 
superficial to the artery with approximately 4 mL of 
anesthetic. 
¢ Injection of local anesthetic into the vessel may pre- 

cipitate arrhythmia, so draw back on the plunger 
prior to infiltration to ensure the tip of the needle is 
not inside the vessel. 

5. Incise the skin with scalpel perpendicular to the course 
of the vein through all cutaneous layers until subcutane- 
ous fat is visualized (Fig. 6.2). 
¢ Some practitioners prefer using a longitudinal inci- 

sion to reduce the risk of transecting neurovascular 
structures, but this may not produce sufficient expo- 
sure of vein. 


10. 


11. 
12. 


13. 
14. 


15. 
16. 


17. 
18. 
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Using a curved hemostat or gloved finger, bluntly dis- 

sect the subcutaneous tissue to isolate and mobilize 

approximately 2—3 cm of the vein (Fig. 6.3). 

¢« A small self-retaining retractor or tissue spreader can 
be used in this step to improve visualization of vein if 
desired 

Pass suture under the vein distal to the planned venous 

puncture site using hemostat to stabilize the vein and tie 

the suture over the vein (Fig. 6.4). 

Pass a second suture under the vein proximal to the 

planned venous puncture site using hemostat (Fig. 6.5). 

¢ This step enables increased visualization, vessel con- 
trol, and hemostasis during incision. 

¢ Leave the ends of both sutures long to facilitate 
maneuvering the vein. 

Incise one-half to one-third of the diameter of the vein 

using a scalpel or iris scissors held at a 45° angle to the 

vessel (Fig. 6.6). 

Grasping the proximal edge of the incision with a 

hemostat to apply counter traction (in a distal direc- 

tion), insert the tip of the catheter into the venous inci- 

sion (Fig. 6.7). 

¢ Do not force the catheter if it does not easily advance. 

¢ Catheter can be introduced directly through the skin 
incision or via skin puncture adjacent to the skin 
incision. 

¢ If the catheter lacks a tapered tip, cut the distal end of 
the cannula at a 45° angle to fashion a beveled tip. 

Thread catheter into vein (Fig. 6.8). 

Aspirate any air which may have entered the cannula 

during insertion. 

Connect hub of catheter to intravenous tubing. 

Tie the proximal suture around the vein just proximal to 

the venous incision, encircling both the vein and the 

intraluminal cannula with the suture. 

Remove tourniquet. 

Secure the catheter hub to the skin using nylon (4.0) 

sutures as follows. Take a 0.5 cm bite of skin under the 

catheter hub with the suture needle, tie several knots in 

the suture without pinching the skin, then tie a second 

set of knots around the hub of the catheter firmly. 

Close the incision using nylon (4.0) sutures. 

Dress the wound with appropriate self-adhesive sterile 

dressing or sterile gauze pads and adhesive tape. 
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A dual-band RF energy harvesting circuit using 4th 
order dual-band matching network 


Sachin Agrawal**, Manoj S. Parihar? and P.N. Kondekar? 


Abstract: A novel compact rectifier for dual-band operation in the RF energy har- 
vesting is presented. The circuit comprises a 4th order dual-band impedance match- 
ing and a single-series circuit with one double diode, both are integrating into a 
compact shape to occupy a small area of 30 x 35 mm’. The merit of the proposed 
rectifier circuit is that it can be extended to n number of the frequency band by 
using only 2 x nmatching elements. To validate the design method experimentally, 
a prototype of a dual-band rectifier is fabricated for two public telecommunication 
bands of GSM-900 and 1800. In order to reduce the circuit complexity and sensitiv- 
ity arising due to lumped elements, the meander line and the open stub are used to 
realize the proposed circuit. A good agreement is obtained between the simulation 
and the measurement. The measured results show that the proposed rectifier circuit 
exhibits the conversion efficiency of 25.7 and 65% for an input power of —20 and 0 
dBm, respectively. In addition, diode nonlinearity which affects the performance of 





the rectifier in terms of impedance matching is also investigated. 


Subjects: Electromagnetics & Microwaves; Electronics; Circuits & Devices 


Keywords: RF energy harvesting; dual band impedance matching; rectifier; 
RF-to-dc-conversion efficiency; frequency transformation 
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PUBLIC INTEREST STATEMENT 


With rapid growth in wireless communication, 

a huge amount of radio frequency (RF) energy 
broadcasted through billions of microwave sources 
such as mobile phones, handheld radios, and radio 
broadcast stations. Therefore, it is meaningful to 
collect and supply it to many electrical devices 

like mobile headsets, wearable medical sensors 
through RF energy harvesting. Since the ambient 
RF energy is distributed in multiple frequency 
bands, therefore the amount of energy harvested 
could increase if the circuit is designed for multiple 
frequency bands. In this work, we present a 
compact dual-band energy harvesting circuit to 
harvest energy from two most useful frequency 
bands, GSM-900 and 1800. The merit of the 
proposed rectifier circuit is it can be extended ton 
number of the frequency band by using only 2 x n 
matching elements. A prototype is fabricated, and 
its performance is evaluated using Vector Network 
Analyzer (VNA). The total size of the rectifier is 
about 30 x 35 mm. 
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Fig.6.2 Incision of ski a: : : . . 
es poten Fig.6.5 Distal and proximal ligatures in place 





Fig.6.6 Incision of vein 


Fig.6.3 Mobilization of vein 





Fig.6.4 Distal ligature tied around vein Fig.6.7 Catheterization of vein 


6 Peripheral Venous Cutdown 





Fig.6.8 Catheter threaded into vein 
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6.5.2 “Mini-Cutdown” Technique 


(Perform steps 1-6 from the “Standard Venous Cutdown 
Technique,” above, and then proceed with the steps below.) 


1. 


Puncture the vein using a standard over-the-needle venous 

catheter. 

¢ Catheter can be introduced directly through the skin 
incision or via skin puncture adjacent to the skin 
incision. 


. Thread catheter into the vein over the needle. 
. Remove and discard the needle. 
. Aspirate any air which may have entered the catheter dur- 


ing insertion. 


. Connect catheter to intravenous tubing. 


(Continue with steps 15-18 from the “Standard Venous 


Cutdown Technique,” above.) 


6.5.3. Modified/Guide Wire Technique 


(Perform steps 1-6 from the “Standard Venous Cutdown 
Technique,” above, and then proceed with the steps below.) 


1. 


Insert the blunt end of the guide wire into the incised vein. 


2. While stabilizing the guide wire at its insertion site, 


thread the dilator and sheath assembly over the free end 
of the guide wire until it is approximately one inch from 
the skin. 


. Grasp the free end of the guide wire protruding from the 


tail end of the assembly. 

¢ If it does not protrude from the tail end of the assem- 
bly, the guide wire must be removed sufficiently from 
the artery to be securely grasped. It must protrude vis- 
ibly from the tail end of the dilator throughout the sub- 
sequent process of threading the dilator into the vein. 

¢ Never let go of the guide wire during this step, as 
insertion of the dilator and sheath assembly can oth- 
erwise push the guide wire completely into the vein. 


. Holding it firmly near its tip, thread the assembly over 


the wire into vessel with a gentle back-and-forth twist- 
ing motion. 


. Holding the sheath securely in the vein, remove and dis- 


card the dilator and guide wire. 


. Aspirate any air which may have entered the sheath dur- 


ing insertion. 


. Connect sheath to intravenous tubing. 

. Remove tourniquet. 

. Secure the sheath to the skin. 

. Close the incision using nylon (4.0) sutures. 

. Dress the wound with appropriate self-adhesive sterile 


dressing or sterile gauze pads and adhesive tape. 
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6.6 Complications catheter has been used and that the vessel lumen has been 
correctly identified and that no false passage has been cre- 
¢ Hematoma ated in the adventitia. 
¢ Infection ¢« As compared to the standard venous cutdown technique, 
e Sepsis the mini-cutdown technique is easier and also preserves 
¢ Phlebitis the vein, permitting repeated catheterization if necessary. 
¢ Embolization ¢ As compared to the standard venous cutdown technique, 
¢ Wound dehiscence the modified/guide wire technique reduces procedure 


time and increases the likelihood of vein salvage in the 
event of vessel transection. 


6.7 Pearls and Pitfalls 


e Fluids are infused most quickly via short, large-bore 


catheters. Selected Reading 
e If the line is inserted for slow infusion of intravenous 

drugs, catheter lumen size is relatively insignificant. 1. Chappell S, Vilke GM, Chan TC, et al. Peripheral venous cutdown. 
¢ In larger children and adults, intravenous plastic tubing, J Emerg Med. 2006;31:411-6. 

<riall-bore pedintne feeds tabss:<and Silaste- catheters 2. Klofas E. A quicker saphenous vein cutdown and a better way to 

P : : § a teach it. J Trauma. 1997;43:985-7. 

may be used as infusion catheters. 3. McIntosh BB, Dulchavsky SA. Peripheral vascular cutdown. Crit 

¢ Threading a 10-gauge intravenous catheter or intravenous Care Clin. 1992;8:807-18. 


tubing directly into the incised vein achieves excellent 4. Nocito A, Wildi S, Rufibach K, et al. Randomized clinical trial com- 
Alou des paring venous cutdown with the Seldinger technique for placement 


: ; : : of implantable venous access ports. Br J Surg. 2009;96: 1129-34. 
If difficulty is encountered while threading the catheter 5, Shockley LW, Butzier DJ. A modified wire-guided technique for 


into the incised vein, ensure an appropriately sized venous cutdown access. Ann Emerg Med. 1990;19:393-5. 
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Airway and Vascular Procedures 





Bag-Valve-Mask Ventilation 


Braden Hexom and Tatiana Havryliuk 


7.1 Indications 


¢ Hypoxia 
¢ Hypoventilation/apnea 
¢ Rescue maneuver if failed intubation 


7.2 Contraindications 


e Absolute 
— Inability to ventilate due to lack of seal (thick beard, 
deforming facial trauma) 
— Inability to ventilate secondary to complete upper air- 
way obstruction 
— Active, adequate spontaneous ventilation 
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¢ Relative 
— Full stomach (aspiration risk) 
— After induction and paralysis during rapid sequence 
intubation (aspiration risk) 


7.3. Materials (Fig. 7.1) 


¢ Bag valve mask (BVM) with reservoir 

¢ Oxygen connector tubing 

e Nasal pharyngeal airway/oral pharyngeal airway 
¢ Lubricant jelly 





Fig. 7.1 BVM supplies: bag, mask, oral airways, nasopharyngeal air- 
ways, lubricant 


47 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_7 


48 B. Hexom and T. Havryliuk 


7.4 Procedure 


1. Position patient in “sniffing” position. 
2. Open the airway with chin-lift/head-tilt or jaw thrust 
maneuvers. 
3. Place airway adjuncts to maintain airway patency. Use 
oral airway (Fig. 7.2) in unconscious patients. Use nasal 
airway (Fig. 7.3) in semiresponsive patients. 
4. Attach oxygen tubing to high-flow oxygen (15 L/min). 
5. Place appropriately sized mask on patient’s face covering 
the nose and mouth. 
¢ For one-handed technique (Fig. 7.4), use nondominant 
hand to make a “C” with index finger and thumb on 
top of the mask and form an “E” with the rest of the 
fingers using them to pull up on the mandible (E—C 
technique). Use the dominant hand to provide bag 
ventilations. 

¢ For two-handed (Fig. 7.5), two-person technique (pre- 
ferred), make two semicircles with index fingers and 
thumbs of both hands on top of the mask and use the 
rest of the fingers to pull up on the mandible. 

6. Consider the Sellick maneuver (cricoid pressure) to com- 
press the esophagus against the cervical vertebrae, pre- 
venting gastric insufflation. 

7. Ventilate patient providing reduced tidal volume breaths 
(500 mL) at a rate of 10-12 breaths per minute. 

8. Give each breath gently over 1—-1.5 s to avoid high peak 
pressures, avoiding gastric insufflation. 

9. Prepare for definitive airway as dictated by the clinical 
scenario. 





Fig.7.2 (a—c) Oral airway insertion 
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Fig.7.3 (a, b) Nasal airway insertion 





Fig.7.4 (a—c) One-handed seal technique 
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7.5 Complications 


¢ Stomach inflation may lead to vomiting and aspiration. 

¢ Increased positive thoracic pressure may cause decreased 
preload, worsening cardiac output, and/or hypotension. 

¢ Hypoventilation (inadequate O, tidal volume, airway 
patency, or mask seal). 


7.6 Pearls and Pitfalls 


¢ Pearls 

— Use jaw thrust to open mouth for patients with possible 
cervical spine injury. 

— Use airway adjuncts whenever available, especially if 
prolonged BVM ventilation is anticipated. 

— Use lubricant jelly to insert nasal airway; do not insert 
in patients with severe facial trauma. 

— Mask should be placed on patient’s face prior to attach- 
ing to bag. 

— Apply pressure to the bony part of the mandible only 
to avoid soft-tissue injury. 

— Provide just enough tidal volume to see a chest rise and 
deliver each breath gently over 1-1.5 s to prevent 
gastric insufflation. 

— Ensure good seal: 
¢ Select appropriate mask size. 
¢ Choose two-handed technique over one-handed, if 








possible. 
¢ Keep well-fitting dentures in place if present (and 
Fig. 7.5 Two-handed seal technique: (a) two semicircles, (b) alterna- remove before intubation). 
tive thumbs method ¢ Lift the mandible toward the mask (as opposed to 


pushing the mask onto the face). 
¢ Rock the mask on face until no leak is present. 
¢ Apply K-Y jelly to beard to improve the seal. 
¢ Pitfalls 

— Overcompression during the Sellick maneuver can 
compress the cricoid ring, preventing ventilation. 

— Cricoid pressure (Sellick maneuver) is not recom- 
mended during cardiac arrest resuscitation. 

— Difficult BVM ventilation: MOANS 
¢ Mask seal 
¢ Obesity/obstruction 
« Age 
¢ No teeth 
° Stiff 
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8.1 Indications 
¢ Urgent but not emergent endotracheal intubation is 
required in a patient who: 
— Is awake 
— Is currently protecting his airway 
— Is not a candidate for a supraglottic airway (LMA) 
— The patient 
¢ Is predicted to have a difficult airway 
¢ Has structural abnormalities of the airway 
e Will not tolerate a period of apnea 
¢ May lose his airway (anaphylaxis, angioedema, 
traumatic airway) 
¢ Patients requiring urgent but not emergent intubation in 
whom paralytics are contraindicated (i.e., allergies, myas- 
thenic crisis) 


8.2. Contraindications 
e Absolute 
— Surgical airway indicated 
— Emergent crash airway needed 
— Obtunded patient 
— Allergies to 
glycopyrrolate) 


medications needed (lidocaine, 
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¢ Relative 
— Inability to maintain airway or tolerate secretions 


8.3. Materials and Medications 

¢ Suctioning equipment 

¢ Intravenous access equipment, cardiac monitor, pulse 
oximetry, blood pressure cuff 

¢ 4% lidocaine solution 

¢ 2% viscous lidocaine jelly 

¢ Nebulizer 

¢« Mucosal atomization device 

« 4x4 gauze 

¢ Tongue depressor 

¢ Glycopyrrolate/atropine 

¢ Sedation: ketamine, propofol, Versed, and/or fentanyl 

¢ Intubation equipment 

¢ Backup emergency airway adjuncts 

¢ Bag valve mask 

¢ Laryngoscope, fiber optics, oral airway, etc. 


8.4 Procedure 

1. Preparation 
(a) Establish IV access. 

(b) Place the patient on a cardiac monitor with continu- 
ous pulse oximetry. 

(c) Keep backup RSI emergency airway medication and 
equipment at the bedside. 

2. Administer 0.2—0.4 mg of intravenous glycopyrrolate (or 
a small dose (0.5—1 mg) of atropine to decrease secre- 
tions) 15 min prior to procedure. 

3. Nebulize 2 mL of 4 % lidocaine with oxygen at 5 1 O2 per 
minute to anesthetize the pharynx (Fig. 8.1). 
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Figure 1. Typical block diagram 
of RF energy harvesting circuit. 


1. Introduction 

A revolutionary growth in wireless technology attracts huge attention from research community to 
make the self-sustainable device feasible through RF energy harvesting. It exploits ambient electro- 
magnetic energy transmitted from different RF systems to remotely feed the electronic devices 
(Nintanavongsa, Muncuk, Lewis, & Chowdhury, 2012). Compared to other harvesting techniques, RF 
energy harvesting provides relatively predictable energy supply owing to the features of easy avail- 
ability and less dependency on environmental variations. The typical block diagram of RF energy 
harvesting circuit is shown in Figure 1. It consists of three major blocks viz; antenna, matching net- 
work (MN), diode detector followed by an energy storage. The first element, antenna is employed to 
capture the RF signals of different frequencies and polarization, while second MN is for maximum 
power transfer, and the last rectifier is used to convert the RF energy to dc voltage. It means harvest- 
ing circuit performance can be evaluated in terms of accessible ambient RF energy and its conversion 
rate (Agrawal, Pandey, Singh,& Parihar, 2014). These parameters are heavily influenced by surround- 
ing terrain conditions as the multiple reflection and dissipation certainly deteriorate the level of 
available ambient RF energy. As a result, conversion efficiency and dc output voltage may degrade. 
Previously, the majority of available RF energy harvesting circuits focused on single frequency band 
hence offer low dc output voltage. As the multiple RF energy sources of different frequency bands are 
available, thus from an ambient RF harvesting perspective, the output dc voltage could be increased 
if the circuit is designed for multiple frequency bands rather than a single band. A wide-band energy 
harvester can also promise a high output voltage by accumulating the number of RF signals at a 
time. However, due to nonlinear behavior of the diode, harvesting circuit itself exhibits nonlinearity 
i.e. its input impedance varies with the received RF power. Thus, it is quite difficult to retain the im- 
pedance match and high conversion efficiency over a large frequency range (Song, Huang, Zhou, & 
Carter, 2014). The losses due to impedance mismatch over a large bandwidth can be illustrated in 
Collado and Georgiadis (2013), where only 8% conversion efficiency is achieved at —20 dBm. 


To address this, it is preferable to harvest energy from several narrow frequency bands rather than 
a single large one. In literature, numerous topologies have been proposed to accomplish the multi- 
band energy harvesting (Bergés, Fadel, Oyhenart, Vigneras, & Taris, 2015; Hamano et al., 2016; Ho 
et al., 2016; Keyrouz, Visser, & Tijhuis, 2013; Kuhn, Lahuec, Seguin, & Person, 2015; Liu, Zhong, & Guo, 
2015; Niotaki, Georgiadis, Collado, & Vardakas, 2014; Pinuela, Mitcheson, & Lucyszyn, 2013; Scheeler, 
Korhummel, & Popovic, 2014; Shariati, Rowe, Scott, & Ghorban, 2015; Sun, Guo, He, & Zhong, 2013). 
These topologies can be differentiated in terms of filter functionality i.e. how the antenna or source 
impedance is matched to the rectifier circuit. For instance, in Pinuela et al. (2013) and Keyrouz et al. 
(2013) several single-band rectennas (combination of antenna and rectifier circuit) were stacked to 
constitute a multi-band harvesting circuit. In this case, each rectenna was designed for a specific 
frequency band. Thus, for compact applications, this architecture is not suitable due to the number 
of antennas used. Moreover, in most of the reported works, the quality assessment of the output 
voltages combination was not taken into consideration. In Kuhn et al. (2015), the circuit complexity 
is reduced to a certain extent by replacing the multiple antennas with a single wide-band antenna. 
However, in this topology too, the number of rectifiers increases with the frequency bands, which 
leads to prolonging the circuit complexity. 
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. Use Yankauer suction (with the patient’s assistance) to 
dry out the mouth as much as possible. Dabbing the 
tongue with gauze can assist in this step. 

. Continue preoxygenation. 

. Immediately after the nebulized solution is applied, give 

the patient a “lidocaine lollipop” (Fig. 8.2). 

(a) A2 ml dollop of 2 % viscous lidocaine is to be placed 
on the end of a tongue depressor and is given to the 
patient to place in his mouth (like a lollipop). 

(b) Have the patient copiously gargle, then swallow the 
viscous lidocaine. 

. Using a mucosal atomizer, spray 2 ml of 4 % lidocaine in 

the posterior oropharynx and as far down toward the glot- 

tis as possible (Figs. 8.3, 8.4, and 8.5). 

. Sedation 

(a) It is feasible to proceed with the awake intubation in 
an un-sedated, wide awake but cooperative patient. 

(b) Sedation can be initiated using institutional prefer- 
ences, but some options include: 


Fig. 8.2 Lidocaine lollipop 


(i) Midazolam 2 mg IV 
(ii) Ketamine 1 mg/kg IV 
(iii) Propofol 1 mg/kg IV 
(iv) Ketofol (ketamine and propofol both at concen- 
trations of 10 mg/ml, 5 ml of each mixed in a 
10 cc syringe) titrated at 1-3 ml aliquots 
(c) More atomized lidocaine can be provided prior to 
endotracheal tube (ETT) passage, but one must be 
aware of the upper lidocaine dose for your patient. 
(d) Adequate anesthesia is confirmed by the absence of a 
gag reflex upon direct palpation (Fig. 8.6). 


9. Intubation, induction, and gentle direct laryngoscopy can 


be performed at this point to place the ETT (Fig. 8.7). 

(a) Induction (if no prior sedation) and paralytic agents 
should be available to immediately administer after 
ETT placement. 

(b) Thorough discussions on intubation techniques can 
be found in other chapters in the atlas. 





Fig. 8.4 Pushing syringe plunger atomizes lidocaine 
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Fig. 8.5 Atomized lidocaine being administered to the posterior 
pharynx 


Fig.8.7 (a) Final lidocaine atomization of deep structures and trachea, 
(b) intubation using a lighted stylet 






Fig. 8.6 (a, b) Adequately anesthetized awake patient with laryngo- 
scopic view of epiglottis 
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8.5 


Pearls and Pitfalls 


e Pearls 


Steps 3-7 should be done successively and as quickly 
as possible, to capitalize on the short half-life of 
lidocaine. 

Simultaneous preoxygenation and anesthetization can 
be achieved by nebulizing the 4 % lidocaine through a 
face mask. 

If the patient has been sedated, soft restraints may help 
prevent the patient from inadvertently grabbing the 
tube or your intubating equipment. 

A nasotracheal intubation can be performed by simply 
anesthetizing the nares through which the ETT will be 
placed using lidocaine jelly and/or atomized lidocaine. 


e Pitfalls 


Failure to prepare all equipment beforehand may 
extend the procedure beyond the lidocaine half-life. 


B.M. Mahon et al. 


— The toxic dose of lidocaine is 300 mg or 3-5 mg/kg. 
The dosages listed are intended for a 70 kg patient and 
yields a total dose of 280 mg (4 mg/kg). This dose may 
need to be decreased in smaller individuals. 


Selected Reading 
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1215-92. 
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ed. Philadelphia: Lippincott Williams and Wilkins, a Wolters 
Kluwer Business; 2008. Chap 11. 


Ram A. Parekh 


9.1 Indications 


¢ Failure to oxygenate 

¢ Failure to ventilate 

¢ Unable to protect airway patency or reflexes 
¢ Projected clinical course deterioration 


9.2 Contraindications 


¢ Absolute 
— Complete upper airway obstruction 
— Significant facial and airway trauma with loss of land- 
marks for orotracheal intubation 
¢ Relative 
— Anticipated difficult intubation 
¢ Not an absolute contraindication. 
e Patient scenario requires a careful preintubation 
assessment and plan. 
¢ Consider an “awake” intubation. 
¢ Consider alternative airway adjuncts (e.g., extra- 
glottic devices, video laryngoscopy, laryngeal mask 
airway [LMA)]). 
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— Induction or paralytic agent-specific contraindications 
given clinical circumstances 
* Caution: induction agents that lower blood pressure 
in hypotensive patients 
* Caution: succinylcholine in potentially hyperkale- 
mic patients 
— Crash airway 
e Apneic, arrest, and periarrest situation 


9.3 Materials and Medications 


Laryngoscope with appropriate blade (choice based on 
proceduralist’s preference and patient anatomy) (Fig. 9.1) 
Intubating stylet 

Endotracheal tubes (ETTs) 

Syringe, 10 mL (to inflate ETT cuff) 

Surgilube 

Suction catheter 

Oral and nasal airways (Fig. 9.2) 

Ambu bag and mask attached to oxygen source 
Induction, pretreatment, and paralytic agents 

ETT confirmation device—EZ capnometry, quantitative 
end-tidal carbon dioxide concentration (EtCO,) detection 
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Laryngoscope handle 





Fig.9.1 Laryngoscope and blades 
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intubating stylet 


Nasopharyngeal airway 


Endotracheal tu 
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Fig.9.2 Oral and nasal airways 
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9.4 Procedure 
1. Preparation 


¢ Thoroughly assess patient for difficulty of intubation 
(Fig. 9.3). 

¢ Develop fallback plans for failed intubation attempt. 

¢ Establish at least one, but preferably two, secure intra- 
venous (IV) lines. 

e Place on cardiac monitor with pulse oximetry, blood 
pressure monitoring, and continuous capnography. 

e Yankauer suction device attached to suction, suction on. 

¢ Pharmacological agents, drawn and labeled. 

¢ Laryngoscope and blades tested to ensure proper func- 
tioning of light source. 

¢ Desired ETT size, prepared for intubation: 
— Intubating stylet in position (tip at eye of ETT) 
— 10-mL syringe attached to ETT 
— ETT configured per proceduralist’s preference 

(e.g., hockey stick, curved) 

— Cuff tested for air leak 


. Preoxygenation 


e Administer high-flow oxygen for 3-5 min (Fig. 9.4). 

— Nitrogen is exchanged for O, in the functional 
residual capacity of the lungs. 

— Establishes oxygen reservoir within lungs (primarily), 
blood, and body tissue. 

— Also known as nitrogen “washout.” 

¢ This can be done using: 

— Non-rebreather masks—delivers 65-70 % 
¢ Difficult intubation not anticipated 

— Well-fitting bag-valve-masks (without positive- 
pressure ventilation)—delivers greater than 90 % 
oxygen (Fig. 9.5) 

— Noninvasive positive-pressure 
(NIPPV)—delivers 100 % oxygen 
¢ Consider NIPPV in high-risk patients with mod- 

erate to severe shunt physiology. 


ventilation 
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. Pretreatment 


¢ Administer pharmacological agents to mitigate 
adverse physiological effects of intubation, induction, 
and paralysis, which may be undesirable in certain 
clinical circumstances (Table 9.1). 


. Induction and paralysis 


¢ Administer a rapidly acting induction agent to produce 
rapid loss of consciousness via IV push (Table 9.2). 

¢ Immediately follow induction agent with a 
neuromuscular-blocking agent via IV push (Table 9.3). 


. Positioning 


¢ If no cervical spine injury suspected, place the patient 
in the “sniff” position (Fig. 9.6): 
— Flex neck 
— Extend head 

¢ Ideally, the patient’s pinna will be at the level of the 
sternum. 


. Direct laryngoscopy (see Chap. 10) 
. Proof of placement 


¢ Visualize ETT passing vocal cords 
¢ Confirm tube placement via EtCQ): 
— Qualitative detection device—EZ Cap 
— Quantitative continuous EtCO, waveform on moni- 
tor (preferred) (Fig. 9.7) 
¢ Auscultation of breath sounds: 
— Lung fields bilaterally 
— Epigastric region (ensuring no breath sounds in the 
stomach) 


. Postintubation management 


¢ Secure ETT (Fig. 9.8) 

¢ Initiate mechanical ventilation. 

¢ Postintubation sedation and analgesia. 
¢ Postintubation chest x-ray. 
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Difficulty of intubation based on mallampati classification 
Class | Class II Class III Class IV 


Fig.9.3 Assess patient for difficulty of intubation 
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Mean time to recovery 
of twitch height from 
1 mg/kg succinylcholine i.v. 





0 1 2 3 4 5 6 6.87 8 85 9 10 10.2 
Time of Ve = 0, minutes 


Fig.9.4 FaO2 fractional concen- 
tration of alveolar oxygen, SaO2 
arterial oxygen saturation, Ve === Normal 10 kg child === Normal 70 kg adult 
expired volume per minute 


=== Obese 127 kg adult Moderately ill 70 kg adult 
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Fig.9.5 Preoxygenation materials 


Table 9.1 Pretreatment: pharmacological agents used to mitigate Table 9.3 Paralysis: neuromuscular-blocking agents administered 























adverse physiological effects of intubation, induction, and paralysis immediately after induction agent 
Agent Dose (IV) Indication Agent Dose (IV) Onset (sec) | Duration (min) 
Lidocaine 1.5 mg/kg Use in tight brain to attenuate ICP Succinylcholine | 1.5 mg/kg 45 6-10 
Rapid push _| increase from laryngoscopy/ Rocuronium 1.0 mg/kg 60-75 40-60 
eta Patt sen Bele Vecuronium 0.01 to prime, | 75-90 60-75 
blunt bronchospastic response 
then 0.15 mg/kg 
Fentanyl 1-3 meg/kg Use in tight brain, tight heart, and 
Slow push tight vessels to blunt reflex 
sympathetic response to 
laryngoscopy 











ICP intracranial pressure 


Table 9.2 Induction: rapidly acting induction agents used to produce 
rapid loss of consciousness 





Agent Dose (IV) (mg/kg) | Onset (sec) | Duration (min) 














Midazolam 0.2-0.3 60-90 15-30 
Etomidate 0.3 15-45 3-12 
Thiopental 3 <30 5-10 
Ketamine 1.5-2.0 45-60 10-20 











Propofol 1.5 15-45 5-10 
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Fig.9.6 Patient in the “sniff” 
position. OA oral axis, LA 
laryngeal axis, PA pharyngeal 
axis 


Atlanto-occipital 
extension 





Neck flexion 





Chin lift and 
jaw thrust 
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Besides, a multi-band harvesting circuit can also be formed by simply embedding a multi-band 
matching network between the multi-band antenna and the rectifying circuit (Bergés et al., 2015; 
Hamano et al., 2016; Ho et al., 2016; Liu et al., 2015; Niotaki et al., 2014; Scheeler et al., 2014; Shariati 
et al., 2015; Sun et al., 2013). The multi-band matching network can be designed either by distrib- 
uted or by lumped element. In general, the multi-band rectifier circuit experiences two types of 
losses: first due to shift in resonance frequency from the optimum frequency point, and second due 
to the filter complexity. Because of the diode nonlinearity, the input impedance of the circuit varies 
as a function of power and frequency which causes a shift in resonance frequency. The difficulty due 
to diode nonlinearity can be observed in Sun et al. (2013) where the dual-band rectifier circuit exhib- 
its impedance matching for a small range of input power. The losses induced because of filter com- 
plexity can be observed in the recently reported works on dual band harvesting circuit (Niotaki et al., 
2014; Scheeler et al., 2014; Shariati et al., 2015). In Niotaki et al. (2014), for P;, = —15 dBm, author 
achieved the conversion efficiency of 23% at the expense of increased filter complexity consisting 
two series and two shunt pairs of reactive elements. Thus, for more than dual band applications, the 
proposed circuit topology is not suitable due to excessive filtering components used. To obtain good 
conversion efficiency a dual-band rectenna reported in Scheeler et al. (2014). However, the rectenna 
was large in size and requiring a complex impedance tuning circuit. In Shariati et al. (2015) also, a 
dual-band matching network consisting nine reactive elements was employed to achieve the dual- 
band characteristics. 


In order to reduce the filter complexity, this work proposed a compact dual-band harvesting cir- 
cuit for GSM-900 and 1800. It consists of a 4th order dual-band matching network based on1 —n 
frequency transformation, which is optimized for the energy harvesting circuit to reduce the com- 
plexity up to 2 x n reactive elements (n is the number of frequency bands). Similar to frequency 
transformation method, the proposed dual-band rectifier circuit can be extended to n number of 
frequency bands by using the 2 x n number of reactive elements. The detailed analysis and design 
guidelines of dual band rectifier circuit are discussed in Section 2. 


2. Dual band rectifier design and analysis 

This section presents the design and analysis of a dual-band harvesting circuit in terms of imped- 
ance matching, DC output voltage and RF-to-dc conversion efficiency. The topology of the proposed 
dual-band RF energy harvesting circuit is shown in Figure 2(a). As seen, the low-cost Schottky diode 
is used to transform the input RF power to DC voltage. The impedance matching at two frequency is 
achieved using a series and parallel combination of the LC pair. The main idea underlying the sug- 
gested multi-band matching network is 1 — n frequency transformation (one to many mapping of 
frequency), which transforms a single-band matching network to multi-band matching network 
(Nallam & Chatterjee, 2013). As the name (1 — n) suggests that for designing a multi-band matching 
network, primarily a single-band matching network is required whose resonant frequency is depend- 
ent on the frequencies for which multi-band matching network proposed to designed. 


Moreover, this frequency transformation method depends on the type of load impedance, wheth- 
er it is series or parallel combination of RC or RL. Since the selected diode (HSMS-2852) has capacitive 
behavior throughout the frequency, it can be represented in a series or parallel combination of R and 
C. In the case of parallel RC load, the following equations are used to transform the single-band 
matching network into multi-band matching network. 
pe tt amor” + Ginga Oe On bee a 


n-1 n-(m+1) n-(m+3) 
@, + O51; +O 43% ree 


where, n is the number of bands and m varies from 2 to n. After substituting the value of n, Equation 
(1) can be expanded in partial fraction form using the causal foster analysis as: 


1 
oO, 1 


a,—-a, _ (2) 


o=a,+ 
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Fig.9.7 EtCO,, end-tidal 
carbon dioxide concentration: 
a Qualitative detection 
device—EZ Cap, b 
quantitative continuous EtCO, 
waveform on monitor 


Fig.9.8 Equipment used to 
secure ETT 
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9.5 Complications 


Esophageal intubation 

Right mainstem intubation 

Pneumothorax from laryngeal trauma 

Aspiration 

Dental trauma 

Vocal cord injury 

Hypotension 

— Induction agent 

— Decreased venous return from positive pressure 
— Pneumothorax 

Hyperkalemia (succinylcholine used in mildly hyperkale- 
mic patient) 

Iatrogenically obstructed airway 

Failure to intubate 


9.6 Pearls and Pitfalls 


Utilization of oral and nasal airways will greatly increase 
the ease of preoxygenation and reoxygenation. 
Inadequate preoxygenation will cause premature desatu- 
ration, decreasing time for intubation. 

Suboptimal patient positioning can prevent vocal cord 
visualization during direct laryngoscopy. 

Consider alternative airway devices before intubation to 
have a plan in place if a difficult airway is encountered. 
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Underdosing induction or paralytic agent will prevent 

adequate time to perform procedure or create patient 

discomfort. 

Inappropriately sized McIntosh laryngoscopic blades. 

— Too small—more difficulty in moving tongue and epi- 
glottis out of way for vocal cord visualization 

— Too large—easier to overshoot and go past vocal cords 
into the esophagus 

Excessive cricoid pressure (Sellick maneuver) may lead 

to disrupted laryngoscopic view and difficulty passing the 

ETT. 

— Disrupted view: readjust larynx using dominant hand 
to allow cord visualization. 

— Difficulty passing ETT: ask for release of some cricoid 
pressure to allow for ETT passage. 

Inadequate postintubation sedation and analgesia, espe- 

cially when long-acting paralytics are used. 

Acidic gastric contents can cause CO, qualitative cap- 

nometry to change to yellow, falsely indicating tracheal 

placement of the ETT. 


Selected Reading 
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10.1 Indications — Presumed difficult airway 
¢ Anatomical limitations 
¢ Orotracheal intubation — Small oral opening (less than three of the 
— Maintenance of oxygenation/ventilation patient’s fingers) 
— Airway protection — Small mandible (hyomental distance less than 
e Visualization of laryngeal anatomy three fingers) 
¢ Foreign body retrieval — Hyoid-thyroid distance (less than two fingers) 


¢ Clinical limitations 
— Patient with unstable cervical spine 


10.2 Contraindications — Patient with multiple facial or neck trauma 
— Patient with history of tracheal stenosis, irradia- 
¢ Absolute tion, or history of tracheal mass or surgery 
— None 
¢ Relative 
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10.3. Materials and Medications (Fig. 10.1) 


¢ Laryngoscope handle 

¢ Laryngoscope blade with light 
— Macintosh blade (““Mac” or “curved blade”’) 
— Miller blade (“straight blade”) 

¢ Bag valve mask attached to 100 % O, source 


B. Chakravarthy and W. Seipp 


Endotracheal tube (ETT) 

10-mL syringe 

Yankauer suction 

End-tidal CO, (EtCO,) monitor (colorimetric or 
quantitative) 

McGill forceps (for foreign body retrieval) 
Postintubation chest radiograph 





Fig. 10.1 Basic laryngoscopy supplies. Clockwise from top left: Yankauer suction, Miller Blades, endotracheal tube, 10-mL syringe, laryngoscope 
handle, Macintosh blades, and McGill forceps 
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10.4 Procedure 


isolating the tongue, and thus the Macintosh may be 


. Check the laryngoscope handle and blades to ensure that 

the light is functioning. 

. Choose the appropriate blade based on patient size. 

(a) The Macintosh or Miller 3 size is appropriate for the 
majority of adults, and a 4 can be used for a larger 
body habitus. 

(b) The Macintosh blade is generally preferred in adults 
owing to increased space for ETT passage [1]. 

(c) The Miller blade may be preferable in cases in which 
the patient has limited mouth opening (owing to its 


base. The Miller blade does not have a flange for 


preferable in patients with large tongues. 

(b) Advance the blade along the right side of the tongue 
until the epiglottis and posterior arytenoids are visible. 

(c) In contrast to the Macintosh blade, the Miller blade 
is used to directly isolate the epiglottis and expose 
the vocal cords. Using the tip of the Miller, move the 
epiglottis anteriorly to expose the vocal cords. 

(d) As with the Macintosh, exert force outward at a 45° 
angle to the patient to increase the view of vocal 
cords. Do not “rock” the laryngoscope because this 
may cause injury to the teeth. 


smaller vertical height), or in which the airway is par-_ 8. Assessing the glottic view (Fig. 10.5). 
ticularly floppy (such as in infants and children) [1]. (a) With the epiglottis either directly or indirectly lifted 
. Position the patient (Fig. 10.2). from the glottic opening, assess the Cormack- 

(a) Raise the bed so that the patient’s oral opening is Lehane laryngeal view grade. 
at the level of the xiphoid process of the (i) Grade I—view of entire laryngeal opening, 
laryngoscopist. including cords 

(b) The optimal laryngeal view is obtained in the neck (ii) Grade II—view of posterior laryngeal cartilages 
flexion/head extension or “sniffing” position. To (iii) Grade If]—visualization of epiglottis only 
achieve this, place towels under the patient’s occiput (iv) Grade IV—no structures visualized 
to raise it approximately 6-9 cm [2]. (b) A lower grade (higher quality, better) view is predic- 

(c) If patient is in cervical spine precautions, then an tive of intubation success [3]. 
assistant must hold the cervical spine in midline (c) In the event of a higher grade view, the operator may 
immobilization throughout the laryngoscopy; eleva- request airway adjuncts, such as a bougie. 
tion of the occiput is therefore contraindicated. 9. Improving the glottic view [4]. 

. Provide 100 % O, via face mask to preoxygenate the (a) With the laryngoscope in the desired position, it is 
patient before laryngoscopy. possible to improve the glottic view by exerting 
. After ensuring adequate anesthesia and neuromuscular backward pressure on the thyroid cartilage either 
blockade (if performing laryngoscopy for intubation), with the operator’s right hand (bimanual laryngos- 
perform the scissor technique to open the patient’s mouth copy) or with an assistant applying BURP 
and to lift the tongue base from the glottic opening. (backward-upward-rightward pressure) (Fig. 10.5a). 
. Macintosh blade insertion (Fig. 10.3). (b) Backward pressure increases the vertical distance 

(a) Insert the laryngoscope into the patient’s mouth, starting between the epiglottis and the posterior cartilages, 
from the right side, and slowly advance into the oro- thereby increasing the likelihood of vocal cord 
pharynx, using the blade’s vertical flange to “sweep” the visualization. 
tongue to the left and away from the glottic opening. 10. Passing the ETT (Fig. 10.6). 

(b) Advance the blade along the tongue toward the (a) With the optimal view of the cords obtained, pass 
tongue base, until the epiglottis and posterior aryte- the ETT from the right corner of the mouth through 
noids are viewed. the vocal cords, to a depth of 21 cm at the incisors in 

(c) In order to expose the cords, insert the Macintosh females and 23 cm in males. 
blade into the vallecula, which is the potential space (b) Inflate the ETT cuff with approximately 5 cc of air 
anterior to the epiglottis and posterior to the tongue until the pilot balloon is firm to touch. 
base. This will act as a fulcrum and raise the epiglot- 11. After completing intubation or after completion of 
tis, exposing the vocal cords. laryngoscopy, slowly remove the blade from the mouth, 

(d) To further expose the cords and/or expose the val- taking care to avoid dental or lip trauma. 
lecula, exert force outward at a 45° angle to the 12. Attach the capnography device to the ETT tube to ensure 
patient. Do not “rock” the laryngoscope because EtCO, return. 
this may cause injury to the teeth. (a) Colorimetric devices will turn from purple to yellow 

. Miller blade insertion (Fig. 10.4). in the presence of EtCQ). 

(a) Insert the blade into the right side of the mouth and (b) Quantitative devices will return a CO, waveform. 

slowly advance along tongue toward the tongue 13. Attach the ETT to ventilator or bag-valve-mask con- 


nected to an oxygen source. 
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14. Auscultate breath sounds in both lung fields and ensure 15. Obtain a postintubation chest x-ray to ensure no right 
absence of breath sounds over the epigastrium (which mainstem intubation or pneumothorax. 
could signify esophageal intubation). 


Fig. 10.2 Visualization axis 
and sniffing position: (a) The 
patient’s occiput is not 
elevated and the neck is not in 
flexion, thereby creating a 
steep visual axis, (b) the 
occiput is correctly elevated 
6-9 cm, placing the patient in 
sniffing position and allowing 
the visual axis to align with 
the airway axis 






Trachea 








Incorrect 


b 


Tongue — 


Laryngoscope 










Epiglottis 
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Fig. 10.3 Macintosh blade 
insertion. The blade is inserted 
into the vallecula, which raises 
the epiglottis and exposes the 
glottic opening 














Straight blade 
placement 


Epiglottis 





Fig. 10.4 Miller blade 
insertion. The blade is used to 
elevate the epiglottis directly, 
exposing the glottic opening 
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Fig. 10.5 (a) Bimanual laryn- 
goscopy. The force on the neck is 
opposite the direction of lift by 
the laryngoscope, (b) laryngos- 
copy view, (ce) Cormack and 
Lehane 


B. Chakravarthy and W. Seipp 





Glossoepiglottic 
folds (median 
and lateral) 


Epiglottis 


Vocal chords 
(true chords) 


Ventricular fold 
(false chords) 


Aryepiglottic fold 


Piriform fossa 


Posterior cartilages 


Interarytenoid 





Esophagus notch 
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Fig. 10.5 (continued) 
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Laryngoscopy view: cormack and lehane 
Grade | Grade II 
Grade III Grade IV 
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10.5 Complications [3,5] 


¢ Common (1-4 %) 
Esophageal intubation—can be fatal if unrecognized 
Mainstem bronchus intubation 
— Tachycardia 
— Aspiration 
— Hypotension 
¢ Uncommon (<1 %) 
— Dental/oral trauma 
— Oropharyngeal edema or bleeding 
— Laryngospasm 
— Dysrhythmia 
— Pneumothorax 
— Cardiac arrest 


10.6 Pearls and Pitfalls 


¢ Pearls 

— Positioning is of key importance—all patients with a 
stable cervical spine should be placed in the “sniffing” 
position to maximize view. 

— Consider the “ramping” position in obese patients with 
stable cervical spines—elevation of the head and 
shoulders allows redundant tissue to fall and gives an 
improved glottic view. 

— Always have suction readily available to remove blood, 
vomitus, or edema. 

— If structures are not readily visible, withdraw the blade 
gradually because it is common to insert the blade too 
deep. 

¢ Pitfalls 

— “Rocking” the laryngoscope instead of lifting outward 

— Failure to recognize esophageal intubation 

— Failure to evaluate postintubation chest x-ray 
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Figure 2. (a) Circuit diagram 
of the proposed dual-band 
rectifier circuit and (b) 
optimized dual-band rectifier 
circuit. 
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Equation (6) is similar to that presented in Nallam and Chatterjee (2013), except the term (—1)""™, 
which is included here to realize the multi-band matching network for more than three frequency 
bands i.e. forn > 3. 


With this transformation, the capacitor of the matching network is transformed to the combina- 
tion of prototype capacitor parallel with inductor whereas, an inductor is transformed into a combi- 
nation of the same inductor with a series capacitor. Figure 3 shows the circuit schematic of 
transformation of a single-band matching network to the dual-band matching network. It can be 
seen that C, is transformed to C, ||L, and L, transformed to L, series with C,. After successful usage 
of (1)-(7), the resultant multi-band matching network requires 3n — Land 4n — 1 reactive elements 
for L and II-type topology, respectively. 
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Laryngeal Mask Airway 
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11.1 Indications 11.2 Contraindications 
e Rescue device in a failed intubation ¢ Absolute 
¢ Initial device in a predictably difficult airway — Inadequate mouth opening 
e Temporizing airway prior to definitive endotracheal ¢ Relative 
intubation or surgical airway — Neck trauma/injury/radiation 
— High risk of aspiration 
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11.3. Types (Fig. 11.1) 





Fig.11.1 Types of laryngeal mask airway: (a) LMA Unique, (b) LMA Classic Excel, (c) LMA Fastrach 
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Laryngeal Mask Airway 


11.4 Materials and Medications 


Appropriately sized laryngeal mask airway (LMA; LMA 
Unique/LMA Classic Excel/LMA Fastrach) and corre- 
sponding syringe (Table 11.1) 

Surgilube 

Bag valve mask 

Continuous end-tidal CO, (EtCO;) or colorimetric EtCO, 
detector 

8-mm or smaller endotracheal tube (ETT) (for Fastrach 
intubating LMA only) 


Table 11.1 Laryngeal mask airway sizing 


Maximum cuff 





Patient inflation 

Size weight (kg) | volume (mL) | LMA product availability 

1 <5 4 Unique 

1% 5-10 7 Unique 

2 10-20 10 Unique 

22 20-30 14 Unique 

3 30-50 20 Unique, Classic Excel, 
Fastrach 

4 50-70 30 Unique, Classic Excel, 
Fastrach 

5 70-100 40 Unique, Classic Excel, 
Fastrach 

6 >100 50 Unique 


LMA laryngeal mask airway 
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11.5 Procedure 


11.5.1 LMA Unique or Classic Excel 


1. 


10. 


11. 


12. 


If using a reusable LMA Classic Excel, ensure that it is 
sterile and inspect it for any damage or wear. 


. Tightly deflate the cuff using a syringe such that it forms 


a spoon shape (Fig. 11.2). 


. Lubricate the posterior surface of the LMA with sterile 


lubricating jelly. 


. Stand behind the patient at the head of the bed as in 


direct laryngoscopy. 


. Place the patient’s head in the sniffing position and 


ensure proper induction and paralysis. 


. Hold the LMA with the index finger of the dominant 


hand positioned at the juncture of the tube and cuff 
(Fig. 11.3). 


. Widely open the mouth with the nondominant hand and 


insert the LMA with the flattened tip flush with the 

palate. 

¢ Ensure that the tip of the device does not fold over 
during insertion. 


. Using the index finger, push the LMA along the curva- 


ture of the hard and soft palate (Fig. 11.4). 


. Continue to insert the LMA into the hypopharynx until 


resistance is felt. (At this point the tip of the LMA is in 

the esophagus.) 

Stabilize the tube with the nondominant hand and remove 

index finger of the dominant hand from the LMA. 

Inflate the cuff of the LMA to at least half of the maxi- 

mum value using a syringe. 

¢ The LMA might move slightly outward during cuff 
inflation as the LMA positions itself in the 
hypopharynx. 

Confirm placement and adequate gas exchange with 

continuous EtCO, capnography or colorimetry. 
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Fig.11.2 Deflate the laryngeal 
mask airway (LMA) cuff using a 
syringe 







Fig. 11.3 Hold the LMA with the index finger positioned at the junc- Fig. 11.4 Use the index finger to guide the LMA along the hard and 
ture of the tube and the cuff soft palate 
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11.5.2 LMA Fastrach 
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e Ensure that the tip of the device does not fold over 
during insertion. 


1. If using a reusable LMA Fastrach, ensure that it is sterile . Using the handle, gently advance the LMA Fastrach 
and inspect it for any damage or wear. directly into the oropharynx until the curved portion of 

2. Tightly deflate the cuff using a syringe such that it forms tube comes into the contact with the patient’s chin 
a spoon shape. (Fig. 11.5). 

3. Lubricate the posterior surface of the LMA with sterile . At this point use the handle to rotationally advance the 
lubricating jelly. device further into the oropharynx following the natu- 

4. The LMA Fastrach may be inserted from any position ral curvature of the palate and posterior pharynx 
with respect to the patient’s head. (Fig. 11.6). 

5. Position the patient’s head in the neutral position. Do not ¢ Do not initiate any rotation until the tube is in contact 
extend the head. with the patient’s chin. 

6. Widely open the mouth with the nondominant hand. . Once resistance is felt, inflate the cuff of the device to at 

7. Holding the handle of the LMA Fastrach, insert the least half of the maximum value using a syringe. 


device into the mouth, placing the deflated cuff flush 

with the superior palate. 

¢ Distribute the lubricant over the superior palate using 
a side-to-side motion to allow for easier insertion. 





¢ Note that the tube is directed slightly caudally when 
properly inserted. 

¢ Confirm placement and adequate gas exchange with 
EtCO, capnography or colorimetry. 





Fig.11.5 Using the handle, insert the LMA Fastrach such that the pos- 
terior surface is in contact with the superior palate Fig. 11.6 Once the tube is in contact with the chin, use the handle to 


rotationally advance the device further into the oropharynx 
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11.5.3 Endotracheal Intubation 4. Using the handle of the LMA Fastrach, draw the device 
through the LMA Fastrach outward in order to displace the larynx slightly to accom- 
modate insertion of the ETT (Fig. 11.8). 
1. Ensure that the ETT will pass freely in the LMA. ¢ Use a lifting rather than a levering motion. 
2. Lubricate the cuff of the ETT. 5. Carefully advance the ETT slightly further. If no resis- 


3. Firmly hold the handle of the LMA Fastrach with the tance is felt, continue with insertion of the ETT 
nondominant hand and insert the ETT to a depth of 15 cm (Fig. 11.9). 
(Fig. 11.7), which places the ETT tip at the point of emer- 6. Confirm placement and adequate gas exchange with 


gency from LMA Fastrach. EtCO, capnography or colorimetry. 
e Ensure that the tube does not pass beyond 15 cmatthis 7. Once successful confirmation of intubation is established, 
point. deflate the cuff pressure on the LMA Fastrach. 





Fig.11.8 Lift the handle outward to open the glottis for the ETT 


Fig. 11.7 While holding the handle of the LMA, insert the endotra- 
cheal tube (ETT) to the 15-cm mark 
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Fig.11.9 Ifno resistance is felt during further insertion of the ETT, the 
ETT may be fully advanced 
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11.5.4 Removing the LMA Fastrach 
after Successful Intubation 


1. The LMA Fastrach need not be removed immediately, but 
if this is desired, first adequately oxygenate the patient 
and then disconnect the patient from the circuit. 

2. Remove the airway connector from the proximal end of 
the ETT. 

3. Ensure that the cuff of the LMA Fastrach is entirely 
deflated. 

4. Stabilize the ETT with the nondominant hand, and using 
the dominant hand, gently ease the LMA Fastrach out by 
rotating the handle caudally (Fig. 11.10). 

5. Once the tube of the LMA Fastrach reaches the proximal 
end of the ETT, use the stabilizer rod to maintain the posi- 
tion of the ETT while continuing to remove the LMA 
Fastrach using the handle (Fig. 11.11). 

6. After the cuff of the LMA Fastrach has been fully removed 
from the oral cavity, release the stabilizer rod and ensure 
stability of the ETT by grasping it distally at the mouth 
with the nondominant hand (Fig. 11.12). 

7. Continue to ease the LMA Fastrach out from around the 
ETT, ensuring that the pilot balloon and inflation line of 
the ETT cuff pass through the device (Fig. 11.13). 
¢ Take care not to rupture the pilot balloon or tear the 

inflation line of the ETT. 

8. Replace the airway connector on the proximal end of the 
ETT and reconnect the patient to the circuit. 





Fig.11.10 Rotate the handle caudally to gently ease the LMA Fastrach 
out of the pharynx 


82 S. Parekh 





Fig. 11.11 Use the stabilizer rod to allow for further removal of the 


LMA Fastrach Fig. 11.13 Carefully pass the pilot balloon and inflation line of the 


ETT cuff through the tube of LMA Fastrach as it is removed 





Fig. 11.12 Once the cuff of the LMA Fastrach is out of the mouth, 
grasp the ETT distally and remove the LMA entirely 


11 Laryngeal Mask Airway 
11.6 Complications 


e Aspiration with resulting pneumonitis 
¢ Ineffective seal resulting in insufficient ventilation 
¢ Coughing, bucking, or breath holding 

— Ensure that the patient is adequately sedated. 


11.7. Pearls and Pitfalls 


¢ Cricoid pressure can push the tip of the LMA out of the 
esophagus and prevent optimal placement. 
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12.1. Indications 12.3. Materials 


¢ Need for ventilation and oxygenation in an unconscious, * Combitube sized based upon height (Fig. 12.1) 
unresponsive, or paralyzed patient — >5 ft—size 41 French (cuff inflation 15 and 100 mL) 
e Rescue airway needed after failed intubation — >4 ft to<5.5 ft—size 37 French (cuff inflation 12 and 
85 mL) 


12.2 Contraindications 


¢ Absolute 

— Awake, responsive patient wy 
Intact gag reflex 
— Known esophageal disease 
Ingestion of caustic substances oa D 
— Child (no Combitubes are made for children) OU a % 
¢ Relative 


— D50 or naloxone about to be given ee . coal 
— Facial trauma 


I 


Y 


uN 
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Fig. 12.1 (a, b) Combitube equipment 
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Figure 3. Conversion of a 
single-band matching network 
to dual-band matching 
network using 1 — n frequency 
transformation. 


|-- 


L, 


Cy —> 


Single-band 
matching network 






Dual-band 
matching network 


As the aim is to design a dual-band harvesting circuit, therefore, we require here only 5 or 7 reac- 
tive elements with L and II-type topologies, respectively. From Figure 2(a), it can be seen that the 
resultant matching network consists of five elements, where the inductor L, and capacitor C, results 
after the transformation of capacitor C, and inductor L,, respectively. Besides, the inductor L, occurrs 
due to the diode reactive element, which is generally a capacitor. 


In this work, two frequencies 0.9 and 1.8 GHz that correspond to the maximum signal strength are 
chosen for dual-band harvesting circuit. According to this method, it is necessary to assign the fre- 
quencies in descending order e.g.@, = 1.8,@, = 0.9. Therefore, from (3) single-band matching net- 
work frequency is equal tow, — w, = 22(1.8 — 0.9) x 10° = 0.9 x 2 x 10°. In order to match the 
source impedance with the rectifier at the calculated frequency 0.9 GHz, the chosen matching topol- 
ogy is L-type as shown by the encircled portion in Figure 2(a). The corresponding element values can 
be approximated using the various methods some of which are described in Pozar (2010). 
Subsequently, this single-band matching network is transformed to dual-band matching network 
using (1)-(7). The detailed design steps of the dual-band rectifier circuit are summarized as follows: 


(1) As we are interested in matching the diode to 50 Q at two frequencies (0.9 and 1.8 GHz) so, the 
order of transformation is equal to 2 orn = 2. 


(2) In the first step, single-band matching network is designed at the frequency f calculated as: 
f =f, -f, = 1.8 — 0.9 = 0.9GHz. In this case, any matching topology that matches the diode 
to 50 Q, at 0.9 GHz for an input power P,, = —20 dBm, and load resistance 4.7 kQ can be used. 
The chosen single-band matching network is shown by the encircled portion in Figure 2(a). 


(3) Afterwards, this single-band matching network is transformed into dual-band using the 
(1)-(7) as shown below: 


Since n = 2 therefore, from (2) 


PaO t a, (8) 


a, 


From (4) a, can be calculated as: 
a, = (-1)? YE) o,0, = 0,0, (9) 


a, = 1.62 x 4° x 10° = 0.64 x 10°° (10) 


Thus, inductor L, (=66 nH) is transformed to impedance as: 


: ; 1 
66 x 10° = j66 x 10°, + ———___— 
d : * j0.23 x 10a, a 
Similarly, capacitors (=0.5 pF) are transformed to the admittance as: 
; = P = 1 
j5x10 Bo =j5x10 ne 
1" j32 x10, 2) 
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12.4 Procedure 


. Test both balloons and cuffs for leaks as one would an 


endotracheal tube (ETT). 


. Open up the airway. 


(a) Use a laryngoscope to move the tongue and open the 
oropharynx. 
OR 
(b) Use the left hand to elevate the chin, elevating the 
tongue and pharyngeal tissue. 


. Insert Combitube blindly into the oropharynx until the 


teeth lie between the two black bands on the proximal 
Combitube (Fig. 12.2). 


. Inflate the proximal blue cuff until air pressure is produced 


or the manufacturer-recommended pressure is reached. 
(a) 85 mL for 37 French Combitube 
(b) 100 mL for 41 French Combitube 


. Identify placement and attach to oxygen. 


(a) Ventilate through tube #1 (blue). 
(b) Auscultate the stomach and lungs. 
(i) If breath sounds are heard, the Combitube is in 
its more common esophageal location. 
(ii) Attach tube #1 to bag valve mask and Os. 


6. 


C. Masterson 


(c) ONLY IF gurgling is present over the stomach when 
tube #1 is ventilated: 
(i) Ventilate through tube #2. 
(ii) If breath sounds are heard, the Combitube is in 
the less common tracheal location. 
(iii) Attach tube #2 to bag valve mask and Os. 

If no breath sounds are heard in either location: 

(a) Consider obstruction—Combitube may be obstruct- 
ing the glottis or collapsing the trachea owing to deep 
proximal cuff inflation. 

(i) Deflate the cuffs. 
(ii) Withdraw 3 cm. 
(iii) Reinflate and start from step 4. 

(b) Consider equipment failure. 

(i) Check that balloons are maintaining pressure 


and intact. 
(c) Consider reinsertion. 
. Confirm placement with capnogram and _ pulse 
oximetry. 


. Secure the Combitube in position (Fig. 12.3). 





Fig. 12.2 (a) Insertion of Combitube. (b) Teeth should lie between the two black bands on the proximal Combitube 


12 Combitube 





Fig. 12.3 Secure the Combitube in position 
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12.5 Pearls and Pitfalls 


e Pearls 


In an esophageal intubation situation, a suction tube 
may be threaded down using tube #2 to decompress 
the stomach. 

The Combitube comes with an L-shaped piece that 
may also be attached to the end of tube #2 to deflect 
gastric contents away from practitioners. 


¢ Pitfalls 


After Combitube placement, a definitive airway should 

be placed when possible. 

¢ Gastric contents may aspirate despite placement of 
the Combitube. 

* Combitube should be considered a bridging airway 
device. 

Combitubes are associated with a more pronounced 

hemodynamic stress response than ETTs or laryngeal 

mask airways (LMAs). 

Balloon overinflation can lead to esophageal rupture 

(albeit rare). 

Combitubes are associated with an increased incidence 

of sore throat, dysphagia, and upper airway hemato- 

mas than ETTs and LMAs. 

Piriform sinus perforation. 
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13.1 Indications 

¢ Should be performed on all patients that require airway 
management, conditions permitting 

¢ Respiratory distress 

e Airway protection 


13.2 Materials and Medications 


¢ None required 


13.3 Procedure 


1. Anticipating a difficult airway in emergency department 
patients is the first step to avoiding an unexpected surgical 
airway. 

2. Two mnemonics can be applied quickly and easily to aid 
in an airway assessment: MOANS and LEMON. 


13.3.1 Predicting Bag-Valve-Mask Difficulty 


1. Use the mnemonic MOANS to assess for possible bag- 
valve-mask (BVM) difficulty. 
M—nmask seal. Will you be able to get a good seal on the 
face? Predictors of difficulty include facial hair such as 
a beard, elderly, or emaciated owing to loss of muscle 
tone in the face. 
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O—obesity. Body mass index (BMI) >30. 

A—age (>55 years). Loss of facial muscle tone can make 
bagging difficult. 

N—no teeth. Although being edentulous makes for an 
easier intubation, it makes bagging more difficult. 

S—stiff lungs. Acute or chronic lung disease can make a 
person difficult to bag. In the setting of Trauma, pul- 
monary contusion(s) and/or other direct lung injuries 
may increase BVM difficulty. 


13.3.2 Predicting Difficult Laryngoscopy 


1. Attempts should be made, if at all possible, to assess for a 
potentially difficult airway. This does not mean you can- 
not perform direct laryngoscopy if you are anticipating a 
difficult airway. It does, however, force you to consider 
all options and to have a solid backup plan in place with 
backup equipment readily available in the room. 


2. Use the mnemonic LEMON to predict difficult direct 


laryngoscopy. 
L—look. A quick look at the patient will tell you a lot. 
Are there facial injuries; facial anomalies; obesity; 
short, thick neck; and small mouth or mandible? 
E—evaluate. Use the 3-3-2 rule to quickly assess for the 
strongest predictors of difficult laryngoscopy. 
¢ 3: Open the patient’s mouth and three vertically 
aligned fingers should fit between the incisors. 

¢ 3; Three finger widths should fit along the length of 
the mandible from the mentum to the hyoid bone. 
Shorter or longer distances may make for a difficult 
intubation. 

¢ 2: Thyromental distance should ideally be two fin- 
gers. Measure this from the hyoid to the thyroid. 
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M—Mallampati classification (Fig. 13.1). If patient’s 
condition and situation allow, have the patient open the 
mouth wide, stick out the tongue, and say “Ahh.” 
Evaluate for visible structures. 
¢ Class I: Tonsillar pillars and the entire uvula are 
visible. 

¢ Class I: More than the base of the uvula is visible 
but no pillars are visible. 

¢ Class III: Only the base of the uvula is visible. 

¢ Class IV: No uvula or soft palate is visible. Only the 
hard palate is visible. 

¢ These classifications correlate with the Cormack- 
Lehane grading system for laryngoscopic views. A 
Mallampati class I will correlate with a grade | 
view about 99 % of the time, whereas a Mallampati 
IV will be a grade 3 or 4 view all of the time and a 
rescue plan with backup equipment immediately 
available should always be in place [1, 2]. 

O—obstruction. Observe for anything that can get in the 
way (e.g., the tongue, dentures, blood, vomit, foreign 
body, edema, redundant tissue). 

N—neck mobility. If patient’s condition and situation allow, 
have the patient flex and extend the neck to evaluate 
mobility. Many patients in the emergency department 
have limited neck mobility. Examples include the trauma 
patient who arrives in cervical collar immobilization or a 
patient with degenerative or rheumatoid arthritis. 
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3. The “6-D” method is another assessment tool that can be 


used to predict difficult laryngoscopy and intubation. 

This method can be remembered by the fact that the word 

“difficult” begins with the letter “D”: 

Disproportion 

¢ Increased tongue size in relation to pharyngeal size 

¢ Airway swelling or trauma 

Distortion 

¢ Neck mass, hematoma, abscess, previous surgical air- 
way, arthritic neck changes 

Decreased thyromental distance 

¢ Anterior larynx and decreased mandibular space. 

¢ Look for a receding chin or greater than three finger- 
breadths from the mentum to the hyoid bone. 

Decreased inter-incisor gap 

¢ Reduced mouth opening. 

¢ Look for less than two to three fingerbreadths placed 
vertically in the patient’s open mouth. 

Decreased range of motion in any joints of the airway 

¢ Limited head extension 

¢ Previous neck radiation and/or surgery 

¢ Neck contractures 

Dental overbite 

* Oversized, angled teeth disrupt the alignment of air- 
way axes. 

* Can decrease the interincisor gap. 
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Grade 1 Grade 2 Grade 3 Grade 4 





Fig. 13.1 Mallampati classification 
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13.3.3 Optimizing Laryngoscopy 


in the Obese Patient 


¢ It is essential that emergency medicine physicians are 
able to successfully intubate the obese patient. 

¢ Proper assessment and positioning will increase the suc- 
cess rate: 

— The goal is to ensure alignment of the oropharyngeal- 
pharyngeal-laryngeal (OA-PA-LA) airways by placing 
the patient in the head-elevated laryngoscopy position 
(Fig. 13.2a). 

— Align the external auditory meatus with the sternal 
notch along a horizontal line by positioning the patient 
on a “ramp.” 

— The ramp can be created by stacking blankets/towels 
under the lower back ramping up to the neck and head 
(Fig. 13.2b). 

¢ While the patient is in position on the ramp, the support is 
adjusted to minimize head flexion and allow for position- 
ing in the sniffing position. 

— Because of the increased height, a step stool may be 
required to adequately visualize the airway from the 
head of the bed. 





Fig. 13.2 (a, b) Ramping the obese patient will align the axes of the 
airway and allow easier direct laryngoscopy when viewed from the 
head of bed. (LA laryngeal airway, OA oropharyngeal airway, PA pha- 
ryngeal airway) 
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13.4 Pearls and Pitfalls 


* Owing to time-sensitive patient care situations, emer- 
gency physicians are often not able to perform a thorough 
airway evaluation on every patient. 

¢ With every airway that you manage and before pushing 
any drugs, always ask yourself: 

Will I be able to ventilate this patient? 

Will I be able to intubate this patient? 

What is my difficult airway plan if I encounter trouble? 

Will I be able to perform a surgical airway, if necessary? 

¢ Be sure you have a solid backup plan A, B, and C before 
pushing any drugs. 
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14.1 Indications 14.3. Materials and Medications 
¢ Initial device in a predictably difficult airway * GlideScope video monitor with video cable (GlideScope 
¢ Rescue device in a failed intubation Video Laryngoscope [GVL] system) (Fig. 14.1) or 


appropriate-size video baton (Cobalt System) (Fig. 14.2) 
¢ Appropriate-size reusable video laryngoscope (GVL) or 


14.2 Contraindications single-use laryngoscope blade (GVL Stat) (Table 14.1). 
¢ Endotracheal tube (ETT) 
e Absolute ¢ Malleable stylet or GlideRite rigid stylet 
— Inadequate mouth opening ¢ 10 mL syringe 
¢ Relative ¢ End-tidal CO, (EtCO,) capnography or colorimetry 


— Blood, vomit, or other secretions that can coat and 
obstruct the camera lens 





S. Parekh, MD 

Department of Emergency Medicine, 

University of Texas at Austin Dell Medical School, 
Austin, TX, USA 


Department of Emergency Medicine, 
University Medical Center Brackenridge, 
Austin, TX, USA 

e-mail: sohan.parekh @ gmail.com 


© Springer Science+Business Media New York 2016 93 
L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_14 


94 S. Parekh 





Fig. 14.1 GlideScope GVL system (With kind permission from 
Springer Science+Business Media: Noppens RR, Werner C, Piepho 
T. Indirekte Laryngoskopie. Der Anaesthesist. 2010;59(2):149-61) 


Fig. 14.2 GlideScope Cobalt system (With kind permission from 
Springer Science + Business Media: Jones PM, Turkstra TP, Armstrong 
KP, et al. Comparison of a single-use GlideScope® Cobalt videolaryn- 
goscope with a conventional GlideScope® for orotracheal intubation. 
Can J Anesthe/Journal canadien d’anesthésie. 2010;57(1)) 


Table 14.1 GlideScope sizing 





Video Baton 1-2 Video Baton 3-4 
Stat 3 Stat 4 


10 kg—adult | 40 kg—morbidly 
obese 










GVL 1 GVL4 


40 kg—morbidly 
obese 
















10 kg—adult | 40 kg—morbidly 


obese 
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14.4 Procedure 


1. Insert the video cable (GVL system) or the video baton 
(Cobalt system) into the GlideScope video monitor 
(Fig. 14.3). 

2. If using the GVL system, insert the distal end of the 
video cable into the port on the handle of the reusable 
video laryngoscope (GVL) (Fig. 14.4). 

3. If using the Cobalt system, insert the video baton into 
the GVL Stat (Fig. 14.5). 

(a) Align the logo on the side of the video baton with 
the logo on the side of the single-use laryngoscope 
blade (GVL stat). 





Fig. 14.3 Cable insertion into the video monitor 





Fig. 14.4 Connect the distal end of the video cable the port on the 
handle of the GVL (GVL System) 
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(b) The video baton should slide smoothly and click 
into the place. 

4. Turn on the GlideScope at for at least 30-120 s before 
use to fully activate the antifog mechanism. 

5. Insert a stylet into the ETT. If using a malleable stylet, 
shape the curvature of the distal end of the tube to con- 
form to the 60° curvature of the laryngoscope blade. 

6. Firmly hold the laryngoscope handle in the left hand and 
ensure that an image can be clearly seen on the video 
monitor. 

7. After ensuring adequate sedation and paralysis, open the 
mouth wide and insert the laryngoscope blade in the 
midline underneath the tongue (Fig. 14.6). 









Stat Video Baton 








Fig. 14.6 Insert the laryngoscope blade in the midline beneath the 
tongue (with kind permission from Springer Science + Business Media: 
Osborn IP, Kleinberger AJ, Gurudutt VV. Chapter 8: Airway emergen- 
cies and the difficult airway. In: Levine AI, Govindaraj S, DeMaria S, 
editors. Anesthesiology and otolaryngology. 2013) 
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8. Looking at the video monitor, advance the laryngoscope 
blade further into the oropharynx in order to obtain a 
view of the epiglottis. 

(a) Do not look directly into the oropharynx. 
(b) Movements and adjustments should be guided by 
the image on the video monitor. 

9. Place the laryngoscope blade in the vallecula (analogous 
to a Macintosh blade) and apply a gentle backward tilt to 
expose the glottis. 

10. In the event that a satisfactory glottic view cannot be 
obtained, the laryngoscope blade may be advanced and 
used like a Miller blade to lift the epiglottis out of the way. 

11. Directing attention back toward the patient, insert the 
ETT into the mouth adjacent to the laryngoscope blade. 

12. Guide the ETT toward the tip of the laryngoscope such 
that the end of the ETT emerges on the video monitor. 

13. Looking at the video monitor, advance the ETT toward 
the glottis, and maneuver the tip of the tube between the 
vocal cords by rotating and altering the angle of the ETT. 
(a) If the ETT tip is posterior to the arytenoids: 

(i) Pull the ETT superiorly, rotate it over the left 
arytenoid, and gently twist the tube over the 
epiglottic aperture. 

(ii) Apply external laryngeal manipulation. 

(iii) Withdraw the blade to reduce tilting of the 
laryngeal axis and lessen the angle of 
introduction. 

(b) If the ETT abuts the false vocal cords, turn the ETT 
in the clockwise direction while withdrawing the 

stylet (Fig. 14.7). 

14. Using the thumb, partially withdraw the stylet a few cen- 
timeters from the ETT. 

(a) The distal end of the tube should be free of the stylet. 
(b) An assistant can perform this task to allow for 
greater control and stability of the ETT. 

15. Insert the ETT to the desired depth. 

16. Fully remove the stylet, inflate the cuff of the ETT using 
a syringe, and confirm placement with EtCO,, capnogra- 
phy, or colorimetry. 


14.5 Complications 


¢ Dental injury 
e Airway trauma 











14.6 Pearls and Pitfalls 


¢ Unlike conventional laryngoscopy, there is no need to dis- 
place the tongue. 

e The greatest challenge when intubating with the 
GlideScope is maneuvering the ETT into the glottis aper- 
ture. Alternatives to the conventional technique are: 
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Fig. 14.7 Partially withdraw the stylet from the ETT to allow for pas- 
sage through the vocal cords 


— Make a 90° bend in the ETT just proximal to the cuff 
and insert it in the horizontal direction with the tip 
toward the right cheek. Once the tube is advanced past 
the flange of the laryngoscope, rotate it counterclock- 
wise, at which point it should be pointed at the glottis. 
The tube can then be gently rotated into the glottis. 

— Consider inserting the laryngoscope slightly to the left 
of the midline upon initial insertion to allow greater 
space for advancement and maneuvering of the ETT. 

Do not overly lever the laryngoscope or use excessive lift- 

ing force after insertion into the vallecula. An adequate 

view of the glottis is generally easily obtained with mini- 
mal effort. 

Display settings can be adjusted using the menu button on 

the video monitor. 
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Figure 4. Simulated |S, , | 
vs. frequency for different 
combination of circuit 
elements. 


Figure 5. Layout of the 
proposed dual-band RF energy 
harvesting circuit. 


The circuit schematic of the dual-band harvesting circuit is shown in Figure 2(a). It can be seen 
that resultant matching network consists of five reactive elements according to 3n — 1. In order to 
reduce the circuit complexity and sensitivity due to reactive elements, a parametric study has been 
carried out to eliminate the elements showing minimum influence on the circuit performance. 


Figure 4 shows the simulated |S,,| for the different combination of matching elements. The simu- 
lated results demonstrate that |S,, | experiences maximum change when inductor L, and capacitor 
C, are removed from the circuit, whereas it remains almost unaffected when L, is not present in the 
circuit. Therefore, inductor L, can be extruded from the circuit and the resultant matching circuit 
requires only 2n and 3n reactive elements in place of 3n — 1 and 4n — 1 elements. In this way, for 
each topology, the proposed circuit reduces n — 1 elements compared to the conventional method. 
Figure 2(b) demonstrates the optimized circuit diagram of the dual-band rectifier. It can be observed 
that circuit requires large inductors value of 32 and 66 nH. Thus, it is quite difficult to realize the 
practical rectifier circuit whose response is similar to the response of simulated result. In order to 
avoid any impedance mismatch due to the small difference in elements value, the meander line in- 
ductor and open stub are used to realize the inductors and capacitors, respectively. In this case, not 
only fabrication and optimization process become so easy but the cost will also reduced. 


Figure 5, shows the layout of the dual-band rectifier circuit. In Nintanavongsa et al. (2012) and 
Agrawal et al. (2014), it has been demonstrated that the number of rectifying diodes or equivalently 
voltage multiplier stages are very much sensitive to the RF-to-dc conversion efficiency. In low-power 
region (< —20 dBm), efficiency decreases if voltage multiplier stages increase, whereas in higher 
power region (> —20 dBm), an opposite effect occurs. As the demand is to harvest energy in low- 
power region, single-series circuit with a double diode is used to convert received RF energy into dc 
voltage. From the left side of the circuit, the first meander line corresponds to the inductor L,, while 
the second meander line represents the inductor L,, of the Figure 2(b). The shunt stub is accounted 
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Endotracheal Tube Introducer (Bougie) 


Joseph Rabinovich 


15.1 Indications 

¢ During orotracheal intubation, when only epiglottic visu- 
alization or partial glottic view is obtained during 
laryngoscopy. 

e Particularly useful when neck mobility is limited, leading 
to inadequate visualization of the glottis (as in the case 
with cervical spine immobilization). 

¢« When the glottic opening is narrowed either from patho- 
logical causes (burns, trauma, tumor, or other anatomical 
variation). 

¢ When the direct view of the airway is very narrow, as with 
limited mouth opening or large tongue. In these scenarios, 
the endotracheal tube (ETT) can obstruct one’s view of 
the cords during placement. 


15.2  Contraindications 
¢ When a failed airway occurs (three unsuccessful attempts 


at endotracheal intubation and inability to adequately 
oxygenate) 
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¢ When surgical airway is indicated (i.e., upper airway 
obstruction that prevents passage of the ETT via the 
orotracheal route) 


15.3. Materials and Medications 


¢ ETT introducer (bougie) (Fig. 15.1) 

¢ Water-based lubricant 

¢ Lubricated ETT 6 mm or larger without stylet (pediatric 
bougies are available that accommodate smaller ETTs) 

e Standard orotracheal direct laryngoscopy (Miller or 
Macintosh blade) or video laryngoscopy setup 

¢ Assistant 





Fig. 15.1 Endotracheal tube introducer (bougie) 
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15.4 Procedure 


1. 


The operator first optimizes airway visualization 
(Fig. 15.2). (Bougie use should not be a substitute for 
poor technique.) 


. Without losing sight of the airway, the operator asks the 


assistant to hand him or her the bougie with the coudé 
tip facing up. 


. The operator directs the bougie tip underneath the epi- 


glottis (Fig. 15.3). 


. Confirmation of placement can be done visually or by 


tactile sensation: 

(a) A ratchet-like sensation may be felt as the bougie tip 
is advanced into the airway and slides over the tra- 
cheal rings. 

(b) As the bougie is further advanced, the operator may 
feel the bougie rotate as it enters the bronchus and/or 
will get a “hold up,” the most reliable sign that the bou- 
gie is in the trachea [1]. (The “hold-up” sign occurs 
when the Bougie encounters a terminal bronchus [typi- 
cally at around 35 cm] and stops advancing.) [2] 





Fig. 15.2 (a) Assistant hands operator bougie with coudé tip directed 
upward, while operator maintains his focus on the target. (b) Bougie 
being placed, parallel with line of sight, underneath epiglottis 


10. 


11. 
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. Once placement is confirmed, the bougie needs to be 


partially withdrawn to about 25 cm at the lip line. 

(a) Some brands will have a thick black indicator line. 

(b) A sufficient amount of the bougie needs to extend 
out beyond the proximal end of the ETT. 


. While the operator holds the bougie in place, the assis- 


tant threads the ETT over the bougie (Fig. 15.4). 


. The operator now grasps the ETT in her or his right hand 


and advances it over the bougie. 


. Simultaneously, the assistant holds and stabilizes the 


proximal end of the bougie. 


. The ETT should be advanced to approximately 23 cm 


in males and 21 cm in females. The assistant removes 
the bougie as the operator holds the ETT in place 
(Fig. 15.5). 

As the operator holds the ETT firmly in position, the 
assistant inflates the ETT balloon and withdraws the 
bougie. 

Confirmation of proper ETT placement is achieved 
through traditional means (end-tidal CO, detection, aus- 
cultation of breath sounds). 





Fig. 15.3 Bougie can be placed into the glottis using direct laryngos- 
copy or video assistance 


15 Endotracheal Tube Introducer (Bougie) 











Fig. 15.4 (a) Assistant places ETT over bougie and operator with- 
draws bougie until it protrudes out the top of the ETT, (b) while assis- 
tant stabilizes the protruding portion of the bougie, the operator 
railroads the ETT into the airway. The operator continues to support the 
soft tissues with the laryngoscope blade to facilitate placement 





Fig. 15.5 The assistant removes the bougie while the operator stabi- 
lizes the endotracheal tube 
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15.5 Complications 
¢ Trauma to the esophagus, larynx, trachea, or bronchus, 


including perforation [3, 4]. 
¢ In general, complications are rare. 











15.6 Pearls and Pitfalls 


¢ The line of sight should be as parallel as possible to the 
axis of the bougie as it is being passed, allowing better 
eye-hand coordination. This augments more accurate 
placement of the bougie tip. 

e Maintain the view of the airway as the assistant hands the 
operator the bougie. 

¢ Keep the laryngoscope in place to support the soft tissues, 
as the endotracheal tube is slid over the bougie, to facili- 
tate placement. 

¢ If resistance is met during passage, withdraw the ETT 
slightly (~2 cm) and rotate the ETT counterclockwise 
one-quarter turn (90°) and reattempt passage. 

— This changes the position of the leading edge of the 
ETT, which may catch on the posterior laryngeal 
inlet [2]. 

— By rotating the ETT, the leading edge now is anterior 
facing and is less likely to catch on the arytenoid carti- 
lage along with other laryngeal inlet structures. 

¢ If encountering resistance to ETT placement, consider 
releasing cricoid pressure (if used). 

¢ Measurement markings on the bougie are aligned with the 
coudé tip. If not sure of orientation and the loose site of 
the tip, use the markings to properly orient the tip. 
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Benjamin M. Mahon and Lars K. Beattie 


When lighted stylet intubation is done correctly, the proce- 
dure can be very safe, with very little difference in outcome 
from that of primary laryngoscopy. (Note: several lighted 
stylet devices, such as the TrachlightT™M and Light WandTM, 
are no longer being manufactured, but these devices are still 
in use.) 


16.1. Indications 


¢ Difficult/impossible direct laryngoscopy [1, 2] 
— Congenital abnormalities of airway 
— High Mallampati grade [3] 
— Dental appliances 

¢ Failed direct laryngoscopy 


16.2 Contraindications 


¢ Absolute 
— Morbid obesity 
— Airway foreign body 
— Expanding neck mass 
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¢ Relative 


Abnormal airway anatomy 

Airway lesions (e.g., abscess, mass, epiglottitis) that 
change oropharyngeal anatomy 

Acute care where concomitant resuscitation requires a 
well-lit room 

Lack of familiarity or experience with procedure 
“Can’t oxygenate, can’t ventilate” situation 


16.3. Materials and Medications 


¢ Intravenous (IV) access, Oj, and monitor 

¢ Ambu bag with supplemental oxygen 

¢ Suction (Yankauer and tubing) 

¢ Lighted stylet (LS) 

¢ Endotracheal tube (ETT) 2.5-mm larger than LS with 
10-cc syringe 

¢ Surgilube 

¢ Intubation medications (this procedure may be performed 
as an awake or a rapid-sequence intubation) 
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16.4 Procedure 


Nn 





. Preoxygenate. 
. Positioning. 


(a) Sniffing position, pinna at the level of the sternal 
notch (Fig. 16.1). 

(b) Skip sniffing position if cervical spine injury is 
suspected. 


. LS-ETT unit preparation. 


(a) Insert the wire stylet into the device. 

(b) Check the LS light. 

(c) Lubricate the LS with K-Y Jelly. 

(d) Position the LS just distal to the Murphy eye. 

(e) Curve the LS to user preference at the line labeled 
“Bend Here.” 


. Administer intubation medications. 
. Have an assistant to apply cricoid pressure. 
. Grasp and elevate the patient’s jaw near the corner of the 


mouth with the operator’s thumb, index, and middle fin- 
gers, elevating the tongue and epiglottis along with it. 


. Using the free hand, insert the LS-ETT unit into the 


oropharynx and advance (Fig. 16.2). 


Fig. 16.1 Sniffing position, pinna at the level of the sternal notch 


10. 


11. 


12. 


13. 


14. 
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. Use the midline glow in the neck to guide insertion of 


the LS-ETT (Fig. 16.3). 


. Bright light below the thyroid prominence indicates cor- 


rect placement of the ETT tip. 

Dim or blurred light or light at the thyroid prominence 

suggests incorrect positioning (Fig. 16.4). 

If the transilluminated light is dim, off center, or not 

seen, esophageal positioning must be considered. 

(a) Withdraw the LS-ETT unit approximately 
2-5 cm. 

(b) Reposition the patient’s head and neck. 

(c) Reattempt according to steps 5-8. 

Placement of the ETT (Fig. 16.5). 

(a) Hold the LS-ETT unit steady with one hand. 

(b) Check the depth of the ETT and adjust accordingly. 

(c) Release the LS latch that holds the ETT to the LS. 

(d) While holding the ETT in position, gently slide the 
LS out from the ETT. 

(e) Inflate the ETT balloon. 

Confirm ETT placement (continuous end-tidal CO, 

[EtCO,], colorimetric capnometry). 

Secure the ETT. 





Fig. 16.2 Grasp and elevate the patient’s jaw near the corner of the 
mouth with the operator’s thumb, index, and middle fingers, elevating 
the tongue and epiglottis along with it. Using the free hand, insert the 
LS-ETT unit into the oropharynx and advance 
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Fig. 16.3 (a—c) Use the midline glow in the neck to guide insertion of the LS-ETT. (d) Bright light be/ow the thyroid prominence indicates correct 
placement of the ETT tip 





(im 


Fig. 16.4 Dim or blurred light or light at the thyroid prominence sug- 
gests incorrect positioning 
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Fig.16.5 (a) Hold the LS-ETT unit steady with one hand. (b) Check the depth of the ETT and adjust accordingly. (c) Release the LS latch that 
holds the ETT to the LS. (d) While holding the ETT in position, gently slide the LS out from the ETT 


16 Lighted Stylet Intubation 


16.5 Pearls and Pitfalls 


Pearls 
— LS-ETT complex—Typically the classic “hockey- 
stick” shape with the 90° curve just proximal to the 
cuff is recommended [2]. 
— Dimming the room _ lights’ will enhance 
transillumination. 
— Pulling the wire stylet out from the LS-ETT unit will 
make it more pliable and may facilitate its placement 
in the trachea and removal of the LS. 
— Some LS devices start to blink after 30 s to prevent 
bulb overheating. 
— The LS may be used with nasotracheal intubation, 
intubation through a laryngeal mask airway 
(LMA), or conventional laryngoscopy to enhance 
success. 
Pitfalls 
— LS intubation should not be used as an emergency air- 
way alternative by a proceduralist unfamiliar with the 
technique: 
¢ It is technically complicated and more challenging 
than many other airway adjuncts in the standard dif- 
ficult airway algorithm. 

¢ One study compared the use of four rescue airway 
devices in the difficult airway algorithm. A success 
rate of only 20 % was achieved with the Trachlight™ 
on the first attempt when in the hands of the novice 
physician when used as a rescue device in their dif- 
ficult airway algorithm [4]. 
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— In very thin patients, transillumination may be visual- 
ized quite well even when the LS-ETT unit is in the 
esophagus: 
¢ When the unit is in the esophagus, typically the 

light it will be more diffuse. 
¢ When the unit is in the trachea, the transilluminated 
area will be well circumscribed. 

— In obese patients or patients with significant neck tis- 
sue, the transilluminated light from the LS-ETT unit 
may be dim despite correct positioning in the trachea. 
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17.1. Indications 


For use in routine and predicted difficult oral 

intubations. 

Similar to a flexible fiber-optic scope with the specific 

advantages of: 

— Less setup time 

— Less time to perform the procedure 

— Appropriate for routine intubations (and easier to 
accumulate experience) 

— Rigid enough to lift up the epiglottis 

— Easier to navigate through tissue 

— Less susceptible to being obscured by blood and 
secretions 

— More durable, more portable, easier to clean, and less 
expensive 

Particularly useful when neck mobility or mouth opening 

is restricted. 

Advantageous in awake intubations because it can mini- 

mize tissue contact, resulting in less stimulation to the 

patient’s airway and better tolerance. 

Certain stylets can be used to intubate through supra- 

glottic airways such as laryngeal mask airways 

(LMAs). 





17.2 Contraindications 


¢ Complete upper airway obstruction where surgical airway 
is indicated 

¢ Oral pharyngeal swelling requiring a nasotracheal or sur- 
gical approach 

¢ Failed airway and unable to adequately maintain oxygenation 


17.3 Relative Contraindications 


¢ Large amounts of blood and secretions may obscure visu- 
alization of the airway and cords. 

e Very distorted airways. Compared with flexible endos- 
copy, this device is less maneuverable. 


17.4 Materials and Medications 


¢ Endotracheal tube (ETT) 5.5 mm or greater (Fig. 17.1) 
(Pediatric stylets are also available.) 

¢ Water-soluble lubricant 

¢ Defogging agent 

¢ Optional: Swivel adaptor and meconium aspirator 
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Figure 6. Photograph of the 
fabricated dual-band RF energy 
harvesting circuit. 


for the shunt capacitor C, of Figure 2(b). The dimensions of each element are calculated according 
to their respective reactive element value and the substrate on which circuit has to be fabricated. In 
Assimonis, Daskalakis, and Bletsas (2016), it has been demonstrated that traces (microstrips) con- 
nected to the rectifier terminals (e.g. distance between the diode and via and diode and load) are 
highly sensitive for RF-to-dc efficiency. Therefore, traces d,, d, between diode and capacitor C, and 
C,, d, between diode and load and d, between diode and ground are adjusted to optimize the im- 
pedance matching as well as the conversion efficiency of the rectifier. Due to nonlinear behavior of 
the diode, harvesting circuit itself exhibits nonlinearity i.e. its input impedance varies with received 
RF power, therefore harmonic-balance (HB) and large signal analysis (LSSP) were employed to take 
into consideration the nonlinear behavior of the rectifier. 


The photograph of the fabricated dual-band rectifier is shown in Figure 6. It is fabricated on a 1.54 
mm thick FR-4 substrate with a dielectric constant (e,) of 4.3 using chemical etching method. The 
rectifier performance is evaluated in terms of |S,,| and output voltage using the Agilent vector net- 
work analyzer (VNA). The simulated and measured Sil is illustrated in Figure 7(a). The measured 
result shows reasonable agreement with the simulated one; the slight difference can be accounted 
for the fabrication imperfections. It is well known that impedance matching is a function of fre- 
quency and input power, due to the nonlinearity of the diode. Such a characteristic is examined in 
Figure 7(b), where the measured |S,,| is demonstrated as a function of input power level for three 
different load impedance values. From results, it is clear that impedance matching of the harvesting 
circuit is greatly affected by the input power and the load impedance. Figure 7(b) demonstrates that 
as power increases, the impedance matching at 0.9 GHz degraded drastically, while at 1.8 GHz, it 
improves. Moreover, it is noticed that the impedance matching at higher power level is more sensi- 
tive to the variation of load impedance (RL). 


The measured RF-to-dc conversion efficiency and output voltage vs. input power for both frequen- 
cies are demonstrated in Figure 8(a). For 0.9 GHz, efficiency is equal to 25.7 and 65.1% for an input 
power of —20 and 0 dBm, respectively. However, at 1.8 GHz the efficiency is relatively small that 
might be due to the increased parasitic losses in the rectifier diode. Figure 8(b) shows the relation 
between the output voltage and frequency for various input power levels at fixed load resistance 
value of 4.7 kQ. It can be seen that maximum output voltage is achieved in the frequency range of 
860-900 and 1770-1800 MHz, showing the rectifier’s capability to harvest RF energy in the GSM-900 
and 1800 bands. 


Figure 9, depicts the measured conversion for various values of load resistance. It can be noticed 
that the circuit yields maximum efficiency when the load impedance is 4.7 kQ. It starts decreasing 
as the load impedance varies from 4.7 kQ. Table 1 shows the comparison of the conversion efficiency 
and the size of the proposed rectifier with the similar works reported previously. Only measured re- 
sults are compared in Table 1. It can be seen that in low-power condition maximum efficiency is 
achieved in Sun et al. (2013), but the expense of bulky circuit size. However, the proposed rectifier 
offers an optimal conversion efficiency with compact circuit size. 


Base 
| 
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Fig.17.1 (a) Bonfils rigid fiber-optic stylet, Karl Storz endoscopy, (b) 
Levitan FPS malleable fiber-optic stylet 
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17.5 Procedure 


1. Use standard preparation for rapid sequence intubation 
(RSI) or for awake intubation. 
2. Place the ETT over the stylet. 
(a) The ETT should extend slightly beyond the stylet tip. 
(b) If using the malleable stylet: 
(i) Without a laryngoscope: Bend tip to about 70° [1]. 
(ii) With a laryngoscope: Bend tip to 35° [1]. 
(c) Lubricate the tip of the ETT. 
3. Depending on specific scope capability, connect oxygen 
tubing to the port on the scope. 
(a) This keeps secretions away from the tip while provid- 
ing an oxygen source. 
(b) Keep flow less than 6 L/min [2]. 
4. Lens fogging prevention. 
(a) Warm the tip of the scope with the hand or immerse 
the tip in warm saline. 
(b) Apply the defogging agent. 
(c) Alternatively, chlorhexidine is an effective defogger. 
5. Scope insertion. 
(a) Use the nondominant hand to pull the jaw forward 
while holding the tongue. 

(i) In an awake patient, have the patient protrude the 
tongue and the operator grasps it with 4x4 
gauze. (Alternatively, a Macintosh laryngoscope 
blade can be used.) 

(11) The goal is to move the base of the tongue off the 
posterior pharyngeal wall. 

(b) Initially position the scope horizontally and to the 
right of the patient’s mouth. 

(c) Once the tip is in the oropharynx, reposition the scope 
vertically (Fig. 17.2a). 

(d) The scope tip should be in the midline or in the retro- 
molar position (per scope design). 

(e) Position the scope and the tip of the ETT in front of 
the uvula. 

(f) Refer to the eyepiece or video screen to see if there is 
a clear image of the uvula (Fig. 17.2b). 

(g) Advance the scope very slowly to maintain a view of 
landmarks, avoiding tissue contact (Fig. 17.3). 

6. Once the epiglottis is visualized: 

(a) Continue to advance slowly. 

(b) To get underneath the epiglottis, the tip of the scope 
may need to be moved posteriorly (by tilting the 
operator’s hand slightly forward) (Fig. 17.4). 


17 Fiber-Optic Stylet Intubation (Rigid and Semirigid) 





Ts 








Once underneath the epiglottis, tilt the scope back, to 

advance into the more anterior directed airway. 

(a) Make sure the glottic opening is well centered on the 
screen to facilitate placement (Fig. 17.5). 

(b) If resistance is felt, operator may need to rotate the scope 
clockwise, or tip scope slightly forward, to prevent the 
ETT from abutting the anterior aspect of the trachea. 


111 


(c) The ETT may need to be advanced off the rigid stylet 
to allow further advancement. 


. To remove scope: 


(a) Twist the proximal end of the ETT clockwise. 

(b) Stabilize the tube with the nondominant hand. 

(c) Use the dominant hand to pull the scope forward, fol- 
lowing the curvature of the stylet (Fig. 17.6). 

(d) An assistant may be of use during this step. 





Fig. 17.2 (a) Initial placement of scope, under direct visualization; 
(b) tip is positioned in from the uvula 


Fig. 17.3. (a) Using the video monitor, or through an eyepiece, the 
operator advances to the next landmark, (b) the epiglottis 


J. Rabinovich 


Fig. 17.5 (a) Operator is advancing the scope, (b) through the glottic 
opening keeping the image centered 


Fig. 17.4 (a) Operator tips scope forward to get underneath the epi- 
glottis while advancing; (b) once under the epiglottis, the scope may 
need to be tipped back to advance to the glottic opening; (c) operator 
should try to keep the glottic opening in the center of the screen 


Fig. 17.6 To remove scope, operator must pull it forward while stabi- 
lizing the endotracheal tube 





17 Fiber-Optic Stylet Intubation (Rigid and Semirigid) 


17.6 Pearls and Pitfalls 


¢ Pearls 
— When the operator loses perspective or a clear view, 
withdraw the scope back to the point where identifi- 
able structures are visualized and proceed. 
— The operator can suction through the scope by attach- 
ing a swivel adaptor and a meconium aspirator 
(Fig. 17.7) [3]. 
¢ Pitfalls 
— Ifthe scope is advanced too quickly, orientation can be 
lost. 
— Structures that are too close to the scope will become 
blurred and unidentifiable. 
— If the scope tip abuts pharyngeal tissue, visualization 
can become blurred. 
— Flow greater than 6 L/min connected to the oxygen 
port may result in subcutaneous emphysema (single 
case report) [2]. 





Fig. 17.7 By placing the stylet through the rubber valve of a swivel 
adaptor, which is then connected to suction via a neonatal meconium 
aspirator, the operator can now suction through the endotracheal tube 
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18.1. Indications 18.2 Contraindications 


¢ Orotracheal intubation for both routine and predicted dif- * Absolute 


ficult airways. — When orotracheal intubation is contraindicated, e.g., for 

¢ Teaching traditional direct laryngoscopy to novice massive facial trauma, complete upper airway obstruc- 
intubators. tion precluding orotracheal access to the airway 

¢ Ideal for unanticipated difficult airway with the option of — In a failed airway (three unsuccessful attempts with 
intubating indirectly if an adequate direct view is inability to maintain adequate oxygenation) 
unobtainable. ¢ Relative 

e Anexcellent tool when cervical spine precautions need to — Blood or copious secretions may prevent indirect 
be taken: Because the video view of the airway is gener- viewing of the airway but does not always preclude the 
ated by a camera at the tip of laryngoscope blade, less use of this device. 


manipulation is required for optimal glottic views. 
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18.3. Materials and Medications (Fig. 18.1) 18.4 Procedure 
e Standard materials and medications for endotracheal intu- 1. Standard preparation for orotracheal intubation. If there 


bation. Operator should have a backup laryngoscope in 
case of equipment failure. 


¢ Endotracheal tube (ETT) with or without stylet. 2: 


¢ Water-based lubricant. 
¢ Antifogging agent (not required for C-Mac). 





Fig. 18.1 (a) Storz video laryngoscope (older version), (b) Storz 
C-Mac (newer version) 


10. 


are no cervical spine precautions, then align the external 
auditory meatus with the sternal notch [1]. 

Apply antifogging drops to lens at tip of the blade, and/ 
or hold the hand over the blade tip to warm it up to body 
temperature (older V-Mac model) (Fig. 18.2a). 


. Because blade geometry is the same as in standard 


laryngoscopes, the insertion technique is identical to 
that of standard laryngoscopy with a Macintosh blade 
(Fig. 18.2b). 


. Obtain the best direct view possible. 
. Consider the addition of the backward-upward-rightward 


pressure (BURP) maneuver [2]. 


. Airway maneuvers may be performed by the operator or 


by the assistant using the video screen as a guide along 
with operator feedback (Fig. 18.3). 


. The operator has the option of intubating directly with 


adequate view or indirectly if visualization is improved. 


. Consider using an ETT introducer (bougie—see Chap. 


15) if the view is inadequate. 


. Place the ETT, with or without a stylet, into the airway 


under direct or indirect visualization. If using a stylet, 
bend the distal end of the tube to approximately 35° as 
for a standard intubation (Fig. 18.4) [3]. 

Remove the stylet, inflate the cuff of the ETT using a 
syringe, and confirm placement with end-tidal CO), cap- 
nography, or colorimetry. 


18 Storz Video Laryngoscope 
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Fig. 18.2 (a) Operator warming the blade to prevent fogging, (b) 
laryngoscope blade insertion using the standard direct technique. 
Operator visually places the blade and optimizes the glottic view 





Fig. 18.3 Operator has the choice of using direct visualization (pre- 
ferred when a novice intubator is learning laryngoscopy) or the indirect 
video view of the glottis 


Fig. 18.4 (a) Operator initially places the endotracheal tube (ETT) 
into the oropharynx using direct visualization to avoid injury; (b) the tip 
of the ETT passing through the cords can be confirmed by direct visu- 
alization or by watching the video image 
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18.5 Complications (As with any Direct 
Laryngoscopy) 


¢ Dental trauma 
¢ Oropharyngeal trauma 
¢ Vocal cord injury 


18.6 Pearls and Pitfalls 


¢ The initial placement of the laryngoscope blade and ETT 
should be done under direct visualization to avoid trauma 
to the oropharyngeal structures. 

e« As with direct laryngoscopy, the ETT should not be 
placed blindly, and the ETT must be seen to pass through 
the vocal cords to avoid placement in the esophagus. 

¢ View can be obscured by secretions or fogging. If this 
occurs, the operator may need to remove the blade, wipe 
it down, and reinsert. The newer model, the C-Mac, is less 
likely to fog owing to design improvements. 

¢ Observing the ETT pass through the vocal cords can 
sometimes be easier using the video image because the 
camera is angled to provide the most optimal view. 

¢ Placement of the blade into the oropharynx can be awk- 
ward because the handle of laryngoscope is bulkier than a 
standard laryngoscope. Its handle is larger and has cables 
attached to its base. In patients with large anteroposterior 
diameter chests, the operator may need to rotate the laryn- 
goscope handle toward the right corner of the mouth in 
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order to introduce the blade into the oral cavity and then 
rotate it back to the proper position. 

¢ These devices are ideal for teaching laryngoscopy. With 
same blade geometry, the technique is the same as with 
standard laryngoscopy. As the operator attempts intuba- 
tion directly, the instructor can observe on the video screen 
and guide the student. The instructor will also be able to 
visually confirm that the ETT is entering the trachea. 
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Up to seven intubation attempts in 1000 end up in a “can’t 
intubate/can’t ventilate” situation in the emergency depart- 
ment. These are considered failed airways that may require a 
surgical airway to maintain ventilation and oxygenation. 


19.1. Indications 


¢ Endotracheal tube (ETT) placement attempts unsuccessful 

¢ Failed bag valve mask, laryngeal mask airway, or 
Combitube ventilation 

e Severe facial trauma affecting the upper airway 

¢ Severe oropharyngeal hemorrhage or profound emesis 

¢ Obstruction (foreign body, mass, mass effect) 


19.2 Contraindications 


e Airway protection achievable using a less invasive 
strategy 
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¢ Tracheal transaction 
¢ Pediatric patients younger than 8 years 


19.3 Techniques 


¢ Scalpel-bougie — minimalist 
¢ Scalpel-Trousseau — standard 


19.3.1 Scalpel-Bougie 
19.3.1.1 Materials and Medications (Fig. 19.1) 


¢ Betadine or chlorhexidine 
¢ Scalpel #11 blade 

¢ ETT (26cm) 

¢ Bougie 

¢ Surgilube 

¢ Bag valve mask 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_19 
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Fig.19.1 Right to left, top to bottom: ETT (>6 cm); bag valve mask; trauma shears; scalpel #11 blade; bougie 


Agrawal et al., Cogent Engineering (2017), 4: 1332705 
https://doi.org/10.1080/23311916.2017.1332705 


“Kk: cogent engineering 





Figure 7. (a) Simulated and 
measured |S,,| vs. frequency 
and (b) measured |S,,| for 
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Table 1. Performance comparison of the proposed dual rectifier with recently published works 
































Ref. Measured rectifier efficiency (%) | Input power (dBm) Rectifier size 
Ho et al. (2016) 15.8 @ 0.89 GHz —20 100 x 65 mm? 
11.2 @ 1.76 GHz 
Hamano et al. (2016) 10 @ 2.15 GHz —10 37x71 mm 
15 @ 5.84 GHz 
Bergés et al. (2015) 27 @0.91/2.4 GHz —16 78 x 88 mm?2 
Sun et al. (2013) 30 @ 2.14 GHz —20 145 mm 
35 @ 1.84 GHz 
Liu et al. (15) 20 @ (0.91+1.8) GHz -20 23x37 mm 
This work 27.5 @ 0.9 GHz —20 30x 35 mm 
20 @ 1.8 GHz 
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19 Cricothyroidotomy 


19.3.1.2 Procedure 


1. 
2: 


Apply topical antiseptic. 
Remove the 15-mm ETT ventilator connector from the 
ETT end. 


. Place copious Surgilube on the bougie and railroad over 


the end of the bougie. 


. Palpate the thyroid notch, cricothyroid membrane, and 


hyoid bone for orientation (Fig. 19.2a). 


. Stabilize the thyroid cartilage between the thumb and 


the middle finger of the nondominant hand. 


. Make a vertical skin incision (2—3 cm) over the cricothy- 


roid membrane (Fig. 19.2b). 


. Use the index finger to palpate the cricothyroid 


membrane. 
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. Turn the scalpel 90° and make a 1.5-cm horizontal inci- 


sion through the lower half of the cricothyroid mem- 
brane (Fig. 19.3a). 


. With the scalpel still in the incision, turn it 90°, and 


insert the bougie into the incision, using the blade as a 
guide (Fig. 19.3b). 


. Advance the bougie caudally 5—6 cm. Stop if resistance 


is encountered. 


. Slide the ETT over the bougie into the incision 


(Fig. 19.4a). 


. Inflate the ETT cuff and ventilate the patient (Fig. 19.4b). 
. Verify the position of the ETT via auscultation, end-tidal 


CO, (EtCO,), and chest radiograph. 


. Secure the ETT. 





Fig. 19.2 (a) Palpate and stabilize the thyroid cartilage, (b) make a vertical 2-3 cm incision over the cricothyroid membrane 
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Fig.19.3 (a) Make a 
horizontal incision into the 
cricothyroid membrane, 

(b) insert the bougie into the 
incision made in the 
cricothyroid membrane 


Fig. 19.4 (a) Slide the endotracheal tube (ETT) over the bougie into the trachea, (b) ventilate the patient 





19 Cricothyroidotomy 


19.3.2 Scalpel-Trousseau * Trousseau dilator 
¢ Cuffed tracheostomy tube (TT) (6.5 or 7.0) or ETT 
19.3.2.1 Materials and Medications (Fig. 19.5) (5.0, 5.5, or 6.0) 
¢ Scalpel with #11 blade ¢ Antiseptic preparation 
¢ Tracheal hook 


Fig.19.5 Top to bottom, right to left: Scalpel with #11 blade; tracheal hook; Trousseau dilator; cuffed tracheostomy tube (TT) (6.5 or 7.0) or ETT 
(5.0, 5.5, or 6.0); antiseptic preparation 
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19.3.2.2. Procedure 


1. 
2, 


Apply topical antiseptic. 
Palpate the thyroid notch, cricothyroid membrane, and 
hyoid bone for orientation. 


. Stabilize the thyroid between the thumb and the middle 


finger of the nondominant hand (Fig. 19.6a). 


. Make a vertical skin incision (2—3 cm) over the cricothy- 


roid membrane (Fig. 19.6b). 


. Palpate with the index finger to verify the cricothyroid 


membrane location. 


. Use stabilization of the thyroid and palpation to main- 


tain orientation of the anatomy. 


. Make a 1.5-cm horizontal incision through the lower 


half of the membrane (Fig. 19.7a). 


. Insert a tracheal hook into the incision, then rotate such 


that hook faces superiorly (Fig. 19.7b). 


10. 


12. 
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. Withdraw at a 45° angle in a cephalad direction, apply- 


ing gentle traction to the thyroid cartilage. 
Place the Trousseau dilator into the incision transversely 
and open the membrane incision vertically (Fig. 19.8a). 


. Insert a cuffed ETT (5.0-6.0) or TT (6.5—7.0) into the 


incision between the prongs of the dilator in the horizon- 
tal access (Fig. 19.8b). 

Rotate both the dilator and the ETT toward the head of 
the patient and then direct the tube downward into the 
trachea while removing the dilator. 


. Inflate the ETT cuff and ventilate the patient. 
. Verify the position of the ETT via auscultation, EtCO,, 


and chest x-ray. 


. Once placement of the tube has been verified, the tra- 


cheal hook can be removed. 


. Secure the ETT. 





Fig. 19.6 (a) Stabilize the thyroid cartilage between the thumb and the middle finger of the nondominant hand; (b) make a vertical incision over 
the cricothyroid membrane 





Fig. 19.7 (a) Make a horizontal incision in the lower half of the cricothyroid membrane. (b) Insert a tracheal hook and apply gentle traction 
superiorly at a 45° angle 
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Fig. 19.8 (a) Insert the Trousseau dilator into the incision, and open the path for placement of the tracheostomy tube (TT) or the ETT. (b) Insert 
the TT or the ETT into the expanded incision between the Trousseau dilator prongs 
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19.4 Complications 


¢ Bleeding 

¢ ETT misplacement (false passage, through the thyrohyoid 
membrane, unintentional tracheostomy) 

¢ Hoarseness, dysphonia, or vocal cord paralysis 

¢ Subglottic or laryngeal stenosis 

¢ Damage to thyroid cartilage, cricoid cartilage, or tracheal 
rings 

¢ Perforated esophagus 

e Infection 

¢ Aspiration 


19.5 Pearls 


¢ Predictors of difficult cricothyrotomy: “SHORT” [1] 
— Prior Surgery or Scar tissue 
— Hematoma 
— Obese 
Prior Radiation 
Tumor/abscess 
¢ The incision should cut through the skin and subcutaneous 
tissue down to the cricothyroid membrane and cartilages. 
¢ Vertical incisions allow for extension in either direction if 
the cricothyroid membrane is above or below initial 
incision. 


| 


| 


¢ Blood in the field may hinder visualization of the mem- 
brane, but the airway should be established before 
attempts to control any bleeding. 

¢ Cricothyroid arteries are located cephalad to the cricothy- 
roid membrane. 
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¢ Either a TT or an ETT can be used for the procedure. 
— ETTs are more ubiquitous. 
— TTs are easier to secure. 

¢ If an ETT is used, a stylet can help direct placement. 

¢ Cricothyroidotomy is preferred in the emergency setting 
over tracheostomy owing to the increased risks of bleed- 
ing, the mobility of the trachea, and the risk of lacerating 
the underlying thyroid gland [2]. 

¢ Ultrasound can be used to visualize landmarks in patients 
in whom landmarks are difficult to identify. 
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Tracheostomy tube (TT) malfunction is the source of airway 
compromise in patients requiring these airway devices. TT 
malfunction may create an airway emergency, and the timely 
replacement of TTs is a challenging procedure in the most 
experienced hands. 


20.1 Indications 
¢ Cuff rupture 
— Can lead to dislodgment 
¢ Dislodgment 
— Most common 
complication 
— Can lead to air passage obstruction 
¢ Obstruction 
— Caused by blood or thick, dry secretions (formed in the 
absence of nasopharyngeal air humidification). 
— Dried secretions or blood can act as a one-way valve, 
allowing air in but restricting outward flow. 


emergency department TT 


20.2. Materials and Medications 


e Airway suction catheter 
¢ Oxygen humidifier 
¢ Bougie/nasogastric (NG) tube (12 French) 
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¢ Saline 
¢ N-Acetyl-cysteine (NAC) 
¢ Appropriately sized endotracheal tube (ETT) or TT 


20.3 Procedure 


1. Supply high-flow humidified oxygen through a bag valve 
mask (BVM), or a non-rebreather face mask. 
2. Assess clinical indicators to determine TT problem. 

(a) Indicators of cuff rupture: Air leak with BVM and 
loose TT. 

(b) Indicators of dislodged TT (if TT is still in the stomal 
opening): Subcutaneous emphysema, crepitus, and 
diminished or absent breath sounds. 

(c) Indicators of an obstructed TT: +stridor and dimin- 
ished or absent breath sounds. 

(d) If time allows, chest radiograph, continuous capnog- 
raphy, and oxygen saturation can be helpful. 

3. Obstruction 

(a) Remove the inner cannula and inspect for obstruc- 
tion—clean if necessary. 

(b) If this fails, 5-10 mL of saline or NAC can be squirted 
directly down the TT to loosen secretions. 

(c) Suction thoroughly with a suction catheter (Fig. 20.1). 

(d) In refractory cases, the TT will need replacement. 

4. Replacement 

(a) Ideally, the replacement tube should be of the same 
type and size as the original TT. 

(b) A smaller size TT or ETT can be helpful in settings of 
airway compromise. 

(c) A 6-7.5-cm ETT tube may be used if a TT is 
unavailable. 

(d) Remove the existing TT. 

(e) Hyperextend the patient’s head and neck to maximize 
visualization of the stoma. 
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(f) Note: Careful inspection of the area is paramount 
because the thyroid isthmus may obscure visualiza- 
tion of the tracheal stoma. 

(g) Techniques 

(i) Direct insertion 


1. 


2. 


As soon as possible, insert the new TT or 
ETT into the stoma to prevent stomal nar- 
rowing (Fig. 20.2). 

Inflate the new TT/ETT cuff. 


(ii) Bougie or NG tube 


1. 
2. 


Lubricate the TT or ETT tube. 
Lubricate a bougie or 12-French NG 
tube. 


. Insert the lubricated bougie or NG tube into 


the TT or ETT. 


. Insert the bougie or NG tube into stoma and 


advance into the trachea (Fig. 20.3a). 


. Direct the NG tube or bougie caudad toward 


the lower tracheobronchial tree. 


. Do not advance more than 7 cm. 
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. If resistance is noted: 


(a) Either the operator has reached a termi- 
nal bronchiole or is in a false passage. 

(b) Do not force bougie/NG tube farther at 
this point. 

(c) Use clinical judgment (bougie/ETT depth, 
palpation) to determine likely placement. 


. Advance TT or NG tube over bougie or NG 


tube is in trachea (Fig. 20.3b). 


. After the TT is in place, remove the bougie/ 


NG tube. 


(iii) The fingertip technique 
1. Insert a gloved forefinger into tracheal stoma 


(Fig. 20.4a). 


2. Formulate a mental plan as to the direction 


and path of the stoma. 


3. Then place a TT or an ETT into the stoma as 


the finger is withdrawn (Fig. 20.4b). 


5. If placement of a TT or ETT is not possible through the 
stoma, consider endotracheal intubation. 





Fig. 20.1 (a) Insert the suction catheter to the appropriate depth, keeping the suction port open. (b) Slowly withdraw the catheter in a circular 
motion, keeping the suction port closed 
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Fig. 20.2 Insertion of the endotracheal tube (ETT) directly into the 
stoma 





Fig. 20.3 (al, a2) Insert the tracheostomy tube (TT) over the nasogastric (NG) tube or bougie, which is first inserted into the trachea. (b1, b2) 
Advance the TT over the NG tube or bougie, which serves as a guidewire 
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Fig. 20.4 (a) Insert a gloved finger into the stoma. (b) Insert the TT along the path while withdrawing the gloved finger. (c) TT in place 
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3. Conclusion 


Anew compact 4th order dual-band rectifier has been designed to harvest the RF power of GSM-900 
and 1800 bands. In order to reduce the circuit complexity and sensitivity due to reactive elements, 
the meander line and the open stub are used to fabricate the matching network. For P;,, = —20 dBm, 
the measured RF-to-dc conversion efficiency of 27.5 and 20% is achieved at 0.9 and 1.8 GHz, respec- 
tively. Further, more than 45 and 34% conversion efficiency is maintained from —10 to 10 dBm for 


0.9 and 1.8 GHz, respectively. 
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20 Tracheostomy Tube Malfunction 


20.4 Pearls and Pitfalls 


e Stomal closing 

— Stomal constriction begins as soon as the TT is 
removed or displaced. 

— Forceful attempts to replace a large TT may result in 
false passages and trauma. 

¢ Tracheal stenosis 

— Constant TT cuff pressure may cause necrosis, ulcer- 
ation, and granulation tissue formation, leading to tra- 
cheal narrowing. 

— Complicates TT replacement in the setting of dislodg- 
ment or obstruction. 

— Bougie use can be helpful to place a small(er) ETT 
until surgical dilation and/or resection can be 
achieved. 

¢ Creation of a false lumen during recannulation 

— Subcutaneous emphysema will be an early indicator of 
this. 

— Early confirmation of correct placement of TT by 
confirming: 
¢ Continuous end-tidal CO, monitoring 
e Equal chest rise 
e Bilateral breath sounds 


Left common 
carotid artery 


Right common 
carotid artery 


Right subclavian 


artery 


Innominate 
artery 





Aortic arch 





131 


Unrecognized trachea—innominate artery fistula (Fig. 20.5) 

Usually occurs within 3-4 weeks of placement 

Presentation: Bleeding around the tracheostomy tube 

(>10 mL) or massive hemoptysis 

Requires 

¢ ETT cuff overinflation to compress the fistula. 

¢ Digital pressure on stoma may be helpful to tam- 
ponade the bleeding. 

¢ Place stomal ETT deep to bleeding fistula to protect 
airway. 

¢ Definitive surgical intervention in operating room. 

— Associated with high mortality 

Unrecognized tracheoesophageal fistula 

— Usually iatrogenic injury from TT placement or NG 
tube erosion 

— Presentation: Dyspnea, copious TT secretions, recur- 
rent food aspiration, and gastric distention 

— Requires 
¢ Bronchoscopy or swallowing studies to confirm 

diagnosis 

¢ Surgical repair or stenting 


Left subclavian 
artery 


Innominate 
artery 


Aortic arch 


Fig. 20.5 Anatomical relationship between the trachea and the innominate artery. TIF trachea—innominate artery fistula 
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21.1 Indications 


¢ Failure to control the airway by other means 


¢ As a temporary measure while preparing for definitive 


airway control 


e Securing the airway in crash airways in infants and small 


children 


21.2 Contraindications 


e Absolute 


— Transection of the trachea below the cricothyroid 


membrane 
¢ Relative 
— Inability to identify the cricothyroid landmarks 
— Anatomical distortion to the cricothyroid membrane 
— Supraglottic obstruction (preventing gas exhalation) 
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21.3. Materials and Medications (Fig. 21.1) 


Betadine, chlorhexidine, or similar skin sterilization 

solution 

12- to 16-gauge angiocatheter or transtracheal jet ventila- 

tion (TTJV) purpose-specific catheter 

10-mL syringe filled with 4 mL of normal saline, 2 % 

lidocaine, or viscous lidocaine 

Hand-operated regulator valve 

Attach oxygen supply. 

— Connect kit tubing to wall oxygen OR. 

— Connect 7-0 endotracheal connector to bag valve 
mask (BVM) attached to oxygen. 
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Fig.21.1 (a) Tubing and regulator valve, (b) commercially available catheter, (c) 3-mL or 10-mL syringe 
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Percutaneous Transtracheal Jet Ventilation 


21.4 Procedure 


. Attach the tubing and the hand-operated regulator valve 


to wall oxygen (Fig. 21.2a), and place the distal end of 
the tubing near the patient in preparation for 
ventilation. 


. Adjust regulator to maximum pressure, 50 psi if possible 


(Fig. 21.2b). 


. Palpate the cricothyroid membrane just distal to the thy- 


roid prominence (Fig. 21.3). 

(a) Sterilize the area with a suitable cleansing agent. 

(b) Use the thumb and index finger of the nondomi- 
nant hand to stabilize the trachea for the 
procedure. 


. Attach the TTJV catheter (or angiocatheter) to the 


syringe (Fig. 21.4). 


. Advance the catheter through the cricothyroid mem- 


brane at a 30-45° caudal direction while aspirating with 
the syringe (Fig. 21.5). 


10. 


11. 


12. 


13. 
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. Return of air confirms entry into the trachea. 
. If lidocaine is utilized, it can then be injected to prevent 


spasm during the procedure. 


. Fully advance the angiocatheter and secure it while the 


needle and syringe are withdrawn. 


. Remove the needle, secure it to the skin, and connect it 


to the regulator hose. 

Secure the distal end of the oxygen tubing (distal to the 

hand-operated valve) to the catheter (Fig. 21.6). 

If a BVM is used as the oxygen source: 

(a) Attach a 3-mL syringe to the angiocatheter. 

(b) Attach the BVM with the 7—0 endotracheal tube 
(ETT) connector to the end of the plungerless 3-mL 
syringe (Fig. 21.7). 

Operate the valve 12—20 times a minute with long 

periods to allow gas exhalation and exchange 

(Fig. 21.8). 

Preparations should be made for a definitive airway as 

soon as possible—preferably within 15 min. 





Fig. 21.2 (a) Attach tubing and the hand-operated regulator valve to wall oxygen, and (b) adjust regulator to maximum pressure (50 psi if 
possible) 
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Fig.21.3 Airway anatomy 
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Fig.21.4 Attach the TTJV catheter to the syringe 


Fig.21.6 Secure the distal end of the oxygen tubing to the catheter 





Fig.21.5 (a) Advance the catheter through the cricothyroid membrane 
at a 30-45° caudal direction (b) while aspirating with the syringe 
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Fig.21.7 Attach the BVM with the 7-0 endotracheal tube (ETT) con- 
nector to the end of the plungerless 3-mL syringe 
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Fig.21.8 Operate the valve 12-20 times a minute with long periods to 
allow gas exhalation and exchange 
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Percutaneous Transtracheal Jet Ventilation 


21.5 Complications 


Pneumothorax 

Pneumomediastinum 

Subcutaneous emphysema 

Catheter kink or misplacement 

Hypercarbia and respiratory acidosis 

— Use of TTJV for prolonged periods of time without 
adequate ventilation will elevate CO). 

Barotrauma 

Coughing in conscious patients 

Aspiration 

Persistent stoma 


21.6 Pearls and Pitfalls 


If the wall connector does not have a pressure regulator, it 
can still be used although the risk of barotrauma is greater. 
Use the endpoint of chest rise to determine the end of 
each ventilation burst in this case. 
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Higher pressures and lack of supraglottic air exchange are 
risk factors for pneumothorax. If the supraglottic area is 
obstructed, a Y catheter can be attached to allow gas to 
escape before the next insufflation. 

TTJV may or may not allow sufficient gas exchange to 
prevent hypercarbia. Preparations should be made to 
obtain a definitive airway as soon as possible. 
Endotracheal intubation may be facilitated by the high pres- 
sures insufflated in the trachea, and a repeat attempt may be 
performed after the transtracheal ventilation is achieved. 
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Lucas McArthur and Christian Fromm 


22.1 Indications 

Needle decompression thoracostomy is a procedure used in 
the emergent treatment of a tension pneumothorax. Tension 
pneumothorax is a clinical diagnosis. Decompression treat- 
ment should not be delayed in order to obtain radiographic 
confirmation. The following scenarios illustrate some of the 
clinical signs that may be present in such patients: 


e Awake patient with suspected or confirmed tension 
pneumothorax 
— Chest pain 
— Respiratory distress 
— Decreased breath sounds with hyperresonance and/or 
subcutaneous emphysema 
— Trachea deviated away from the 
pneumothorax 
— Tachycardia 
— Falling pulse oximetry (SpO,) 
— Shock 
¢ Ventilated patient with suspected or confirmed pneumo- 
thorax (often insidious) 
— Increased resistance to ventilation 
— Hypotension 
— Elevated central venous pressure 
— Tachycardia 


side of the 
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— Decreased breath sounds with hyperresonance and/or 
subcutaneous emphysema 

— Trachea deviated away from the 
pneumothorax 

— Falling SpO, 

— Shock 

¢ Injured patient (especially with penetrating chest trauma) 

with suspected or confirmed tension pneumothorax 

— In arrest 

— Unexplained hypotension 

— Apnea 

— Decreased breath sounds with hyperresonance and/or 
subcutaneous emphysema 


side of the 


22.1.1 Absolute Indications 


¢ Patient in acute respiratory distress with rapid decompen- 
sation secondary to suspected or confirmed tension 
pneumothorax 

¢ Injured patient in extremis with apnea, unexplained hypo- 
tension, or arrest 


22.2 Contraindications 


¢ No absolute contraindications. 


22.3 Materials 


¢ Large-bore needle/angiocatheter (minimum of 16 gauge) 
¢ 10-mL syringe (optional) 

* One-way valve (optional) 

¢ Betadine (povidone-iodine) swab/chlorhexidine scrub 

¢ Tape 
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22.4 Procedure 


1. Expose the anterior chest at the level of the second intercos- 


tal space on the affected side (Fig. 22.1). Alternatively, 
expose the chest wall at the level of the anterior axillary line 
in the fourth or fifth intercostal space on the affected side. 


2. Cleanse the area with a Betadine swab or chlorhexidine 


scrub (Fig. 22.2). 


3. Using a gloved hand, locate the second intercostal space 


at the midclavicular line. 

(a) The first rib is normally not felt. 

(b) The second rib is felt just below the clavicle. 

(c) The second intercostal space is the area between the 
second and the third ribs. 

Note: Alternatively, this procedure may also be performed 

on the midaxillary line in the fourth intercostal space of 

the affected side. The same general steps listed later are 

employed in this approach and care is taken to avoid the 

neurovascular bundles inferior to the fourth rib. 

. Insert the needle/angiocatheter perpendicular to the chest 

wall into the second intercostal space just above the supe- 

rior edge of the third rib to avoid the intercostal neurovas- 

cular bundle (Fig. 22.3). 

(a) This step may be done with or without a syringe attached. 

(b) Local anesthesia is usually unnecessary but may be 
used if the patient is not in extremis. 


Fig. 22.1 The preferred site for needle thoracostomy is the second 
intercostal space in the midclavicular line 
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Carefully walk the needle over the third rib and advance 

until the pleural space is entered. 

(a) Entry into the pleural space is accompanied by a 
“popping” sound or a sensation of “giving way.” 

If you are able to withdraw air with the syringe or hear a 

“hiss” of air escaping through the angiocatheter during 

expiration and inspiration, then placement is considered 

successful. 

After removing the needle, secure the angiocatheter in 

place with tape (Fig. 22.4). 

Caution: Do not reinsert needle into the angiocatheter 

owing to the danger of sheering the angiocatheter. 

Assess the patient and evaluate the effectiveness of the 

procedure. 

(a) The patient should exhibit immediate and obvious 

improvement in respiratory status including 

improved lung sounds and vital signs. 

The procedure may be repeated if the patient is not 

improving. 

Excess pleural air may be aspirated through the 

angiocatheter with a syringe. 

Obtain a chest radiograph to confirm success. 

(a) Repeat in 6 h. 

Because needle decompression is only a temporizing 

measure, tube thoracostomy (see Chap. 23) must be per- 

formed for definitive management of the pneumothorax. 


(b) 


(c) 





Fig.22.2 Prepare the skin with povidone-iodine or chlorhexidine 
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Fig.22.3 (a) Insert the needle into the second intercostal space just above the superior edge of the third rib and (b) avoid the neurovascular bundle 
by approaching the skin with the needle perpendicular to the chest wall just above the superior edge of the third rib 
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Fig.22.4 After removing the needle, secure the angiocatheter in place 
with tape 
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22.5 Complications 


¢ Failure to resolve the tension pneumothorax. 

— Obese or muscular patients may require a longer nee- 
dle and catheter to reach the pleural space or, alterna- 
tively, may require proceeding immediately to tube 
thoracostomy. 

¢ Jatrogenic pneumothorax. 

¢ Laceration of intercostal artery or nerve. 

¢ Rapid re-expansion may result in the development of pul- 
monary edema. 

¢ Infection. 


22.6 Pearls and Pitfalls 


¢ Use the sternum as a landmark to more easily locate the 
second and third ribs. 

¢ The same procedure may also be done on the midaxillary 
line in the fourth intercostal space, which is usually land- 
marked with the nipple. 
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¢ Primary pneumothorax is unusual in those older than 
40 years. Consider the presence of underlying disease in 
this population. 
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23.1 ‘Indications 


¢ Spontaneous pneumothorax (large and/or symptomatic) 
¢ Tension pneumothorax (or suspected) 

e Jatrogenic pneumothorax 

¢ Penetrating chest injuries 

¢ Hemopneumothorax in acute trauma 

¢ Patient in extremis with evidence of thoracic trauma 

¢ Complicated parapneumonic effusions (empyema) 

¢ Chylothorax/hemothorax 

¢ Post-thoracic surgery 

¢ Bronchopleural fistula 


23.2 Contraindications 


¢ Absolute 
— Emergent thoracotomy 
¢ Relative 
— Coagulopathy 
Pulmonary bullae 
— Pulmonary, pleural, or thoracic adhesions 
Loculated pleural effusion or empyema 
Skin infection over the chest tube insertion site 
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23.3. Materials and Medications 


Tube thoracostomy tray 

— #10 scalpel; 18-, 22-, and 25-gauge needles; 10-mL 
syringes; forceps; clamps; scissors; drape; abdominal 
pads; 0 or 1-0 silk suture; needle driver; curved clamp 
(Fig. 23.1a) 

Betadine (povidone-iodine) or other skin antiseptic prep- 

aration solution 

Lidocaine (1 % or 2 % with epinephrine) 

Appropriate chest tube size (approximate) 

— Adult male: 28-36 French 

— Adult female: 28 French 

Child: 12-24 French 

Infant: 12-16 French 

— Neonate: 10-12 French 


| 


Vaseline gauze 
Chest drainage system (Fig. 23.1b) 
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Fig. 23.1 (a) Tube thoracostomy tray, (b) chest drainage system 
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Chest Tube Thoracostomy 


23.4 Procedure (Fig. 23.2) 


1. 


Sterile skin preparation with sterile drape. 


2. Anesthetize the appropriate area subcutaneously up to 


and including the rib periosteum with 5 mL of | % lido- 
caine with epinephrine (Fig. 23.2a). 


. Using a #10 or #11 blade, make an approximately 4-cm 


skin incision over the desired intercostal level of entry 
(most often the fourth or fifth intercostal space in the 
midaxillary line) (Fig. 23.2b, c). 

If the incision is placed below the fifth intercostal 
space, the risk of subdiaphragmatic placement into the 
abdominal space is increased. 


. Bluntly dissect with a hemostat or Kelly clamp through 


the subcutaneous tissue to the level of the intercostal 
muscles with intermittent opening of the dissection 
instrument during advancement (Fig. 23.2d, e). 


. Digitally palpate the selected intercostal space and the 


superior margin of the inferior rib (pay careful attention 

to avoid the neurovascular bundle lying inferiorly) 

(Fig. 23.2f). 

¢ If time permits, additional analgesia is recommended 
at this point of the procedure. 


. Guiding the closed Kelly clamp over the upper margin 


of the rib, enter the chest wall into the pleural cavity. 
(This will require some controlled force and a twisting 
motion.) Once the pleural space is entered, a rush of air 
or fluid should occur (Fig. 23.2g). 

Uncontrolled force and a lunging motion can result in 
penetration to the lung, heart, liver, or spleen. 


. Open the Kelly clamp while still inside the pleural space 


and then withdraw while the clamp is still open to 


10. 


11. 


12. 


13. 


14. 


15. 
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enlarge the dissected tract of entry and allow easier pas- 
sage of the thoracostomy tube (TT). 


. Explore the dissected tract with a sterile finger to appre- 


ciate lung tissue and possible adhesions. 


. To estimate the length the TT is to be inserted, measure 


the distance between the skin incision and the apex of 
the lung. If preferred, place a clamp over the tube at the 
estimated length (Fig. 23.2h). 

Grasp the proximal end of the TT with the large Kelly 
clamp and pass the tube through the thoracic cavity 
along the previously dissected tract. 

Release the Kelly clamp and continue to advance the 
tube posteriorly and superiorly. 

Make sure all of the fenestrated holes of the TT are 
within the thoracic cavity to prevent unnecessary manip- 
ulation and/or replacement of the TT. 

Once the TT is in the desired position, connect the tube 
to the drainage device (Fig. 42.1b). Once connected, 
release the cross clamp on the distal end of the TT. 
Secure the TT to the skin with 0 or 1-0 silk or nylon 
suture. A simple, interrupted suture above and below the 
TT with each stitch wrapped tightly around the TT is 
recommended. 

Incomplete security of the TT leads to dislodging of 
the tube with routine patient movements. 

Apply petrolatum gauze over the skin closure surround- 
ing the TT and then apply a support dressing with 4x4 
gauze and adhesive tape (4 in.). 

Obtain a chest radiograph to confirm placement of the 
TT. 
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Fig.23.2 Chest tube thoracostomy procedure 
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23.5 Complications 


¢ Improper placement for pneumothorax 
— Reposition if: 
¢ Horizontal (over diaphragm) 
¢ Subcutaneous 
¢ Placed too far into the chest (against apical pleura) 
— Remove if: 
¢ Placed into the abdominal space 
¢ Bleeding (local vs. hemothorax) 
¢ Hemoperitoneum (liver or spleen injury) 
¢ Tube dislodgment 
¢ Empyema (TT introduces bacteria into the pleural space) 
¢ Retained pneumothorax (may require second TT) 
e Re-expansion pulmonary edema 
e Subcutaneous emphysema 


23.6 Pearls and Pitfalls 


e Water seal acts as a one-way valve; if the system bubbles, 
there is an air leak. 

¢ In the Pleur-evac® systems, there is an orange floater 
which, when static, means the desired suction pressure 
(usually 20 cmH,O) has been reached. 
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¢ The negative pressure in the chest cavity equals the 
amount of water in water seal plus amount of suction. 

¢ A chest tube can be removed when there is no air loss or 
blood for 24 h. 

¢ When removing the tube, have the patient exhale and 
remove as quickly as possible. 

¢ Leave petrolatum gauze in place for 48 h before changing 
it (allows wound to heal better). 
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ABSTRACT 


This paper presents an optimization of the voltage doubler stages in an energy conversion module for Radio Frequency 
(RF) energy harvesting system at 900 MHz band. The function of the energy conversion module is to convert the (RF) 
signals into direct-current (DC) voltage at the given frequency band to power the low power devices/circuits. The de- 
sign is based on the Villard voltage doubler circuit. A 7 stage Schottky diode voltage doubler circuit is designed, mod- 
eled, simulated, fabricated and tested in this work. Multisim was used for the modeling and simulation work. Simulation 
and measurement were carried out for various input power levels at the specified frequency band. For an equivalent 
incident signal of -40 dBm, the circuit can produce 3 mV across a 100 kQ load. The results also show that there is a 
multiplication factor of 22 at 0 dBm and produces DC output voltage of 5.0 V in measurement. This voltage can be used 


to power low power sensors in sensor networks ultimately in place of batteries. 


Keywords: Energy Conversion; RF; Schottky Diode; Villard; Energy Harvesting 


1. Introduction 


RF energy harvesting is one type of energy harvesting 
that can be potentially harvested such as solar, vibration 
and wind. The RF energy harvesting uses the idea of 
capturing transmitted RF energy at ambient and either 
using it directly to power a low power circuit or storing it 
for later use. The concept needs an efficient antenna 
along with a circuit capable of converting RF signals to 
DC voltage. The efficiency of an antenna mainly depends 
on its impedance and the impedance of the energy con- 
verting circuit. If the two impedances aren’t matched 
then it will be unable to receive all the available power 
from the free space at the desired frequency band. Match- 
ing of the impedances means that the impedance of the 
antenna is the complex conjugate of the impedance of the 
circuit (voltage doubler circuit). 

The concept of energy harvesting system is shown in 
Figure 1, which consists of matching network, RF-DC 
conversion and load circuits. The authors in [1], used a 
2.4 GHz operating frequency with an integrated zero bias 
detector circuit using BiCMOS technology which pro- 
duced an output voltage of 1 V into a 1 MQ load at an 
input power level of 0 dBm. H. Yan and co-authors re- 
vealed that a DC voltage of 0.8 volts can be achieved 
from a —20 dBm RF input signal at 868.3 MHz through 
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simulation results [2]. In [3], work was carried out on a 
firm frequency of 900 MHz by matching to a 50 Q im- 
pedance and resonance circuit transformation in front of 
the Schottky diode which yields an output voltage of over 
300 mV at an input power level of 2.5 np. W. J. Wang, L. 
Dong and Y. Fu [4] used a Cockcroft-Walton multiplier 
circuit that produced a voltage level of 1.0 V into a 200 
MQ load for an input power level of less than —30 dBm 
at a fixed frequency of 2.4 GHz. 

The energy conversion module designed in this paper 
is based on a voltage doubler circuit which can be able to 
output a DC voltage typically larger than a simple diode 
rectifier circuit as in [5], in which switched capacitor 
charge pump circuits are used to design two phase volt- 
age doubler and a multiphase voltage doubler. The mod- 
ule presented in this can function as an AC to DC con- 
verter that not only rectifies the input AC signal but also 
elevates the DC voltage level. The output voltage of the 
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Figure 1. Schematic view of a RF energy harvesting system. 
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Lee Richard Donner and Michael Anana 


24.1 Indications 

¢ Therapeutic thoracentesis is performed to relieve dys- 
pnea, hypoxia, or otherwise compromised respiratory 
function due to a large pleural effusion. 

¢ Diagnostic thoracentesis is performed to aid in the diag- 
nosis and workup of: 
— Pleural effusions of unknown cause 
— Unilateral pleural effusions 
— Pleural effusions originally determined to be due to 

heart failure but persisting after 3 days of diuresis 


24.2 Contraindications 


e Absolute 
— None 
¢ Relative: 
— Coagulopathy, thrombocytopenia. 
— Small or loculated pleural effusion. These will increase 
the risk of missing the effusion and causing lung injury. 
— Positive-pressure ventilation. 
— Skin infection over the needle insertion site. 
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24.3 Materials and Medications 


¢ Thoracentesis tray (commercially available kits generally 
include the items in the following list) (Fig. 24.1) 


(1) Fenestrated drape 

(1) 25-gauge x |-in. needle 

(1) 21-gauge x 1.5-in. needle 

(1) 8-French catheter over 18-gauge needle 

(1) Small plastic syringe, 5 mL 

(1) Small plastic syringe, 10 mL 

(1) Large plastic syringe, 50-60 mL 

(1) Three-way stopcock 

Specimen vials and caps 

(1) Collection bag, 1500 mL, or vacuum container 
(1) Tubing set 

(1) Hemostat 

Betadine (povidone-iodine) or other skin antiseptic 
preparing solution 

10-mL lidocaine 1 % without epinephrine 





Fig.24.1 Typical commercial thoracentesis tray 
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24.4 Procedure 


1. 


2. 


Place patient in seated position with arms at rest on a 
bedside table (Fig. 24.2). 

The location and height of the pleural effusion are con- 
firmed by physical examination. Auscultation of 
decreased or absent breath sounds, dullness to percussion, 
and decreased tactile fremitus are physical findings to 
confirm the location and height of the effusion (Fig. 24.3). 


. Determine and mark the site of needle insertion. This will 


be at the midscapular line one or two intercostal spaces 

below the maximum height of the effusion as determined 

by a combination of imaging and physical examination 

(Fig. 24.4). 

¢ Do not attempt thoracentesis inferior to the eighth 
intercostal space because respiratory cycle and ana- 
tomical variation place the diaphragm and _intra- 
abdominal organs at risk. 


. Prepare the skin with the sterile skin preparation and 


sterile drape. 


. Anesthetize the appropriate area subcutaneously using a 


25-gauge needle on a 10-mL syringe. Create a wheal in 

the skin and then infiltrate up to and including the peri- 

osteum of the rib inferior to the landmarked space with 

5 mL of 1 % lidocaine. 

¢ Remember that the neurovascular bundle is found at 
the inferior border of each rib. Keep this in mind as 
you approach the rib and throughout the rest of the 
procedure to avoid injury to these structures (Fig. 24.5). 


. Using a 22-gauge needle, slowly walk the needle up and 


over the superior border of the rib. Continue to advance 
the needle along the superior border of the rib with the 
syringe withdrawn and infiltrating lidocaine intermit- 
tently along the way. 


. Pleural fluid will be aspirated once the pleural space is 


reached. Do not advance the needle further. Deposit 
1-2 mL more lidocaine. A hemostat can be placed on 
the needle at the level of the skin to mark the depth of the 
pleural space and the needle can be removed. 


8. 


10. 


11. 


L.R. Donner and M. Anana 


Some commercial kits may come with an adjustable 
depth guard to be positioned at the determined depth. On 
an 18-gauge catheter-over-needle device, position the 
depth guard to the appropriate depth determined from 
the prior step. If a depth guard is not available, use the 
index finger and thumb on the catheter at the appropriate 
depth. With the 5-mL syringe attached, advance the 
device over the superior border of the rib while aspirat- 
ing, expecting pleural fluid to return again at the deter- 
mined depth (Fig. 24.6). 


. When the pleural space is reached, do not advance the 


needle further. Advance the catheter over the needle 
until the hub reaches the skin. Remove the needle during 
expiration and immediately cover the open hub with a 
gloved finger to prevent development of pneumothorax. 
Some kits provide catheters with one-way valves to pre- 
vent air entry. 
Attach the 50-60-mL syringe to the catheter via the three- 
way stopcock. Pleural fluid can be drained and transferred 
to appropriate collection vials for diagnostic thoracentesis. 
A collection bag may be attached with tubing to the third 
port of a three-way stopcock for larger volume evacuation 
in the case of a therapeutic thoracentesis. Employ a syringe 
pump method to drain 50-60 mL of fluid at a time to the 
collection bag. Fill the syringe by withdrawing the plunger 
while the stopcock is closed to the bag. Then, close the 
stopcock to the patient and pump the contents of the 
syringe to the bag. Next, close the syringe closed to the 
bag, and repeat the cycle until the desired volume is 
drained. A vacuum container is an alternative that simply 
attaches via tubing to the stopcock (Fig. 24.7). 
¢ If using a three-way stopcock and a device that does 
not have a one-way valve on the catheter, be sure to 
always keep the stopcock closed to the patient unless 
withdrawing fluid in order to decrease the risk of 
pneumothorax. 
When the desired amount of pleural fluid is obtained, 
remove the catheter during expiration and apply an 
occlusive dressing. 





Fig. 24.2 Patient in upright, seated position 


Fig. 24.3 Determining the location and height of the pleural effusion 
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Fig. 24.7 Pleural fluid collection via syringe pump method 


Fig.24.5 The intercostal neurovascular bundle 
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Fig. 24.6 Needle and catheter insertion, thumb and index finger at 
desired depth 
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24.5 Complications 


¢ Pneumothorax 

¢ Re-expansion pulmonary edema 
¢ Hemothorax, hematoma 

¢ Intra-abdominal organ injury 

¢ Air embolism 

« Empyema 


24.6 Considerations 


¢ If available, the use of bedside ultrasound is highly rec- 
ommended because ultrasound guidance has been shown 
to substantially reduce the risk of pneumothorax. Before 
the procedure, the height, width, and depth of the effusion 
can be appreciated by scanning the chest and viewing the 
effusion through the intercostal spaces. The use of ultra- 
sound aids in selecting the needle insertion site by: 

— Visualizing the distance the needle must pass to reach 
the parietal pleura 

— Confirming the thickness of the effusion in the site 
selected is at least a minimum of 1.5 cm 

— Providing the clinician with a view of the effusion and 
surrounding structures through the complete respira- 
tory cycle 

With these items in mind, the needle insertion site can be 

selected with confidence and marked before beginning 

the procedure. 

¢ In addition, the use of bedside ultrasound in real time will 
allow the clinician to visualize the needle as it passes 
toward and enters the pleural space. This use requires 
sterile probe covers. 

¢ Re-expansion pulmonary edema is a rare but feared com- 
plication of thoracentesis. The cause is not fully under- 
stood. Historically it was thought that re-expansion 

pulmonary edema was caused by removing too large a 

volume of fluid from the pleural space (>1-1.5 L). 

Another theory is that re-expansion pulmonary edema is 

caused when great negative intrapleural pressures 

(<20 cmH,O) are generated during the procedure. The 

low incidence of this complication has yielded inconclu- 

sive evidence. 

— In light of this, it is prudent to continue to limit the 
volume of pleural fluid removed to no more than 
1-1.5 L. Pleural manometry is not widely available for 
use in the emergency department, but should also be 
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considered if available to maintain intrapleural pres- 
sures from reaching more negative values. 


24.7 Pearls and Pitfalls 


¢ Bedside ultrasound reduces the risk of complications. 

¢ Never attempt thoracentesis below the eighth intercostal 
space. 

¢ Thoracentesis should not be performed on pleural effu- 
sions demonstrated to be less than 1-1.5 cm thick by 
ultrasound or on a lateral decubitus film. 

¢ Positive-pressure ventilation mandates extreme care 
while performing thoracentesis because the lungs can be 
punctured during inflation. In addition, ventilated patients 
will not be able to sit upright and will need to have the 
procedure performed in lateral decubitus position with 
the effusion side down and the posterior axillary line as 
the needle insertion site. Alternatively, the patient can be 
placed supine with the head of the bed elevated to 45° and 
the midaxillary line as the needle insertion site. 

— Routine post-procedure radiographs are not necessary 
to exclude pneumothorax. Indications for post- 
procedure imaging include onset of chest pain during 
the procedure, persisting cough or chest discomfort 
after the procedure, air aspiration along any step of the 
procedure, or positive-pressure ventilation. 

— Pneumothorax rates are higher for inexperienced pro- 
viders. Although an effusion compromising respira- 
tory function is considered a clear indication for 
therapeutic thoracentesis, the performance of nonur- 
gent diagnostic thoracentesis might best be delayed for 
those more practiced in the procedure. 
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25.1 Background 

Thoracic injuries are commonly associated with penetrating 
and blunt abdominal trauma and are implicated in 50-70 % 
of trauma deaths [1]. Cardiac tamponade, tension pneumo- 
thorax, massive hemothorax, airway obstruction, flail chest, 
and open pneumothorax represent the six immediately life- 
threatening injuries attributed to chest trauma [2]. 
Accordingly, they must be accurately identified and dealt 
with urgently. 

Open pneumothorax (“sucking” chest wound) is seen in 
penetrating chest injuries. If the associated chest wound is 
greater than 2/3 the diameter of the trachea (generally any- 
thing greater than 1.5—2 cm), air can preferentially enter the 
intrapleural space, via the trachea, with each inspiration [3] 
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(Fig. 25.1). This allows equilibration of pressure between the 
pleural space and the atmosphere, causing the lung to col- 
lapse and leading to profound hypoventilation and hypoxia. 
Flail chest results from high-energy blunt, crushing chest 
trauma causing two or more fractures in two or more con- 
tiguous ribs. Classically, the fractures are lateral or sternal. 
Posterior rib fractures rarely cause flail physiology 
(Fig. 25.2). Flail chest has been reported to have mortality as 
high as 16 % [4]. This injury pattern is associated with a high 
incidence of underlying pneumothorax, hemothorax, pulmo- 
nary contusion, and chest wall instability. Mortality from 
flail chest is thought to be correlated with the degree of 
underlying pulmonary contusion and attendant hypoxia [2]. 
Both open pneumothorax and flail chest are immediately 
life threatening and require early appropriate management. 
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Wound Wound 





Fig. 25.1 Air preferentially will enter the chest via the wound, collapsing the lung on the affected side 


Lateral flail 


Sterna flail 


Fig. 25.2 Flail chest: two or more rib fractures in two or more 
segments. Lateral flail (most common) and sternal flail segments 
represented below 
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25.2 Initial Evaluation of Thoracic Trauma 


To the best extent possible, obtain good patient handover 

from the prehospital caregivers. 

Initial physical evaluation. 

— Appropriate attention should be given to the ABCs 
(airway, breathing, circulation) of ATLS (Advanced 
Trauma Life Support) management. 

— Evaluation and resuscitation are to be concurrent with 
diagnostic procedures and immediate interventions. 

— Maintain a high degree of suspicion for open chest 
wound in impalement injury and destructive penetrat- 
ing trauma (blast injury or shotgun). 

— Maintain a high degree of suspicion for flail chest in 
high-energy direct impact trauma (motor vehicle crash, 
fall, crush injury). 

Administer high-flow O, with a non-rebreather mask. 

— If patient is in respiratory distress, is unstable, or has 
an obvious chest wall defect, consider early intubation 
to secure the airway. 

— Inspect the chest wall for occlusive dressings. 

Decompress the chest if tension physiology is present or 

suspected. 

— Immediate decompression of a suspected tension 
pneumothorax can be readily accomplished by remov- 
ing any existing occlusive dressings or 

— Place a large-bore cannula over the rib, second inter- 
costal space, or midclavicular line. 

Specific immediate management appropriate to open 

chest wound and flail chest (see later). 

Monitor continuous pulse oximetry and electrocardiogram. 

Initiate crystalloid resuscitation via large-bore intrave- 

nous (IV) access. 

— Early mobilization of blood products if ongoing hem- 
orrhage or expectation of excessive blood loss. 

— Placement of resuscitative lines concurrent with man- 
agement of respiratory parameters. 

Early surgical consultation for management of intratho- 

racic injuries and management of chest wall defect. 


25.3. Open Pneumothorax (“Sucking Chest 


Wound”) 


Immediate management requires attention to airway and 

respirations. 

— Ifin respiratory distress, intubate. 

Close the chest wall defect with an occlusive three-sided 

dressing. 

— This includes a valve mechanism that allows trapped 
air to escape, preventing tension (Fig. 25.3). 

— An IV bag cut to fit the wound and then taped on three 
sides can be useful in an emergent situation. 

— Commercial products are available and appropriate for 
smaller wounds, including the Asherman Chest Seal 
and HyFin Vent. 

A completely occlusive dressing may quickly convert an 

open chest wound into a tension pneumothorax [2, 3, 5] 

and therefore should never be done. 

— The patient and dressing must be serially checked to 
ensure that trapped air is allowed to escape. 

— If there is any doubt, immediately remove the dressing 
and replace it with an appropriate dressing. 

These maneuvers are a bridge to definitive care. 

When the timing is appropriate (i.e., time and resources 

are available), perform a formal tube thoracostomy and 

convert to a completely occlusive dressing over the 
wound. 

— Avoid placing the tube through the open wound. 

Once tube thoracostomy, placement of occlusive dress- 

ing, and the airway are secured, the pathophysiology of 

the open pneumothorax becomes inconsequential. 

Immediate consultation with surgery for definitive care of 

associated intrathoracic injuries is required. 

— The patient may need urgent thoracotomy to treat asso- 
ciated injuries. 

— Irrigation and debridement should take place in the 
operating room. 

— Depending on injury severity, the patient may need 
chest wall reconstruction. 





Collapsed lung 


Fig. 25.3 Three-sided dressing, allowing a valve to decompress tension in the chest 
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25.4 Flail Chest 


Diagnosis is made from mechanism and examination, not 

radiographically. 

— With inspiration, the affected chest will move inward 
with negative pressure. 

— With expiration, the affected chest will move 
outward. 

— Patients who are intubated on positive pressure (and 
not spontaneously breathing) will often not show this 
paradoxical chest movement. 

Attention must be paid to presumed underlying blunt lung 

injury and contusion. 

— The degree of underlying contusion (not the flail seg- 
ment itself) is directly related to the degree of hypoxia 
and associated morbidity and mortality [2, 3]. 

— There should be a low threshold for intubation to man- 
age respiratory distress, hypoxemia, or hemodynamic 
instability. 

— The patient is at high risk for hemothorax and pneumo- 
thorax requiring tube thoracostomy. 

Abdominal injuries may be present in up to 15 % of 

patients [2]. 

After initial stabilization, treatment is supportive. 

— Intensive care unit admission for management of 
underlying pulmonary contusion. 
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— Pain control in the form of epidural or regional block 
for excellent pain control. 

— Close attention to pulmonary toilet and lung 
re-expansion. 

— Patients require observation and treatment in a moni- 
tored setting until ensured that respiratory parameters 
and oxygenation are improving. 

e Surgical stabilization of the chest wall is rarely 
performed. 

— Early surgical consultation for chest wall fixation in 
questionable cases is warranted. 
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26.1 Indications 

¢ Penetrating chest trauma with recent or immanent loss of 
vital signs 

¢ Consider in blunt trauma with pericardial tamponade or 
exsanguination where aortic occlusion may provide prox- 
imal control 


26.2 Contraindications 


Absolute 
¢ Prolonged cessation of vital signs 
¢ Injury profile obviously incompatible with life 
e Absence of surgical services to whom care can be 
transferred 
Relative 
e« None 
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26.3 Materials and Medications (Fig. 26.1) 


¢ Betadine (povidone-iodine) for rapid skin preparation 
¢ #10 Scalpel 

¢ Mayo or long Metzenbaum scissors 

¢ Finochietto retractor (rib spreader) 

¢ Long DeBakey or other tissue forceps (2) 

¢ Satinsky vascular clamp and/or straight vascular clamp 
¢ Long needle holders (2) 

¢ Lebsche knife or sternal osteotome with hammer 

¢ Lap sponges or gauze pads 
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Fig. 26.1 Basic components of an emergency thoracotomy tray: vascular clamps (a Satinsky clamp and a DeBakey aortic occlusion 
Lebsche knife and mallet for crossing sternum (bone-cutting forceps or clamp), long-handled needle driver, tissue forceps, and Metzenbaum 
sternal osteotome would also suffice), Finochietto retractor, atraumatic scissors. Not illustrated Scalpel with #10 or #20 blade, Mayo scissors 
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energy conversion module can be used to energize the 
low power devices for example sensors for a sensor net- 
work in application to agriculture. 

Section 2 of this paper discusses on the theoretical 
background of the voltage doubler circuit. Section 3 pre- 
sents the simulation study and implementation of the 


circuit design. Section 4 provides the results and analysis. 


Section 5 concludes with a discussion on the findings 
from the simulated and measured results. 


2. Voltage Multiplier 


There are various voltage multiplier circuit topologies. 
The design used in this module is derived from the func- 
tion of peak detector or a half wave peak rectifier. The 
Villard voltage multiplier circuit was chosen in the cir- 
cuit design of this paper because it produces two times of 
the input signal voltage towards ground at a single output 
and can be cascaded to form a voltage multiplier with an 
arbitrary output voltage and its design simplicity. 


2.1. Diode Modeling 


The voltage multiplier circuit in this design uses zero 
bias Schottky diode HSMS-2850 from Agilent. The at- 
tractive feature of these Schottky diodes are low sub- 
strate losses and very fast switching but leads to a fabri- 
cation overhead. This diode has been modeled for the 
energy harvesting circuit which comes in a one-diode 
configuration. The modeling parameters for these diodes 
are given by Agilent in their data sheets. These parame- 
ters are used in Multisim for its own modeling purposes. 
The modeling is done by transforming the diode into an 
equivalent circuit using passive components which are 
described by the SPICE parameters in Table 1 [6]. 

The diode used in this design is shown in Figure 2 and 
its equivalent model is shown in Figure 3. The special 
features of HSMS-2850 diode is that it provides a low 
forward voltage, low substrate leakage and uses the non 


Table 1. SPICE parameters. 








Parameters Units HSMS 2850 
By Vv 3.8 
Cio pF 0.18 
Ec Ev 0.69 
Igy A 3E-4 
Is A 3E-6 
N No unite 1.06 
Rs Q 25 

Pz (Vy) Vv 0.35 
Pr (XTID) No units 2 
M No units 0.5 
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Figure 2. Schottky diode. 





Figure 3. Linear circuit model of the Schottky diode [6]. 


symmetric properties of a diode that allows unidirec- 
tional flow of current under ideal condition. 

The diodes are fixed and are not subject of optimiza- 
tion or tuning. This is described using the following deri- 
vations. By neglecting the effect of diode substrate, an 
equivalent linear model that can be used for the diode as 
shown in Figure 3. When C; is the junction capacitance 
and R; is the junction resistance, the admittance Y, of the 
linear model is given by 


Y, =X, +Y¥, (1) 


Equation (1) related to the frequency of operation is 
given by 


: 1 
Y, = (2) 
jwC,R, +1 
= Sd (3) 
R. 


J 


The impedance Z of the linear model is given by 





R. 
z= (4) 
1+ jwR,C, 
The total impedance Z; is given by 
Z,=R = (5) 
=R,+ 
nS 1+ jwR,C, 


where Rg is the series resistance of the circuit and R; is 
given by 





Rp = 8:33x10° x NxT 
: I, +1, 
where: 
I, = bias current in A; 
I, = saturation current in 1A; 
T = temperature (K); 
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26.4 Procedure 


26.4.1 Resuscitative Thoracotomy and Open 


Cardiac Massage 


1. Rapidly prepare the entire anterior and bilateral chest 


with Betadine. 


2. Using a scalpel, incise the skin and subcutaneous tissue 


from just right of the sternum to the anterior margin of the 

left latissimus dorsi, following the curvature of the infra- 

mammary crease or the fourth or fifth intercostal space 

(Fig. 26.2). 

¢ This incision is often made too low on the patient’s 
chest. It should extend across the sternum, not at the 
level of the xiphoid. Upward retraction of the breast 
may help provide access to the fourth or fifth intercos- 
tal space, where the incision should be located. 

. Bluntly enter the right pleural space through the fourth or 

fifth intercostal space. 

. Using scissors, cut the intercostal muscles, dividing 

between the fourth and the fifth ribs from the sternum to 

the posterior axillary line. 

. If better exposure to the heart is desired, some practitio- 

ners advocate extending the incision across the sternum 

using a Lebsche knife, sternal osteotome, or bone-cutting 

forceps at this time (Fig. 26.3). 

e If the thoracotomy incision extends to or through the 
sternum, tie off the internal mammary arteries before 
closing the chest should the patient be successfully 
resuscitated, because these will have been divided 
with the incision. 

. Insert a Finochietto retractor and retract the ribs in order 

to gain access to the left chest and expose the pericardium 

(Figs. 26.4 and 26.5). 

e Insert a Finochietto retractor with the rack and pinion 
bar down and lateral, as in Fig. 26.4, so as not to inter- 
fere with extension of the thoracotomy across the ster- 
num into a clamshell maneuver if needed. 
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If massive left pleural hemorrhage is encountered, inves- 
tigate and control the source at this time. 

Using tissue forceps, raise a portion of the pericardium 
anterior to the phrenic nerve, and enter the pericardium 
using scissors (Fig. 26.6). 

Widely open the pericardium with scissors, cutting in a 
cranial-caudal direction anterior to the phrenic nerve 
and deliver the heart (Fig. 26.7). 

If hemopericardium is encountered, investigate for and 
initiate appropriate repair of identified cardiac injuries. 
Initiate open cardiac massage by cupping the heart 
between the flattened palmar aspect of the fingers of 
both hands and rhythmically compressing the heart from 
apex to base, relaxing completely between compres- 
sions to allow filling (Fig. 26.8). 


26.4.2 Aortic Occlusion 


ie 


Expose the posterior aspect of the left mediastinum by 

having an assistant retract the left lung superomedially, 

dividing the inferior pulmonary ligament if necessary 

(Fig. 26.9). 

Bluntly dissect the pleura separating the pleural and 

mediastinal space just anterior to the vertebral bodies, 

exposing the aorta (Fig. 26.9). 

Completely encircle the aorta with the finger of the non- 

dominant hand (Fig. 26.10). 

¢ Differentiating the aorta from the esophagus when the 
patient is in a state of profound shock is very difficult. 
Having an assistant pass an orogastric tube may help 
distinguish the two. The aorta should be the most pos- 
terior structure, lying immediately on the anterior 
aspect of the vertebral bodies. 

With the aorta completely encircled, place a vascular 

clamp across the aorta and verify by sight and feel that 

the complete vessel is occluded within the clamp 

(Fig. 26.11). 
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Fig. 26.2 Raise the left arm above the head. Make an incision along 
the left fourth intercostal space, just below the nipple in a male or at the 
inframamillary crease in a female 





Fig. 26.4 Finochietto retractor placed through the fourth intercostal 
anterolateral incision. Note the rack and pinion bar placed posterolater- 
ally, where it will not impede access to the midline 





Fig. 26.3 Use a Lebsche knife to extend the incision across the ster- 
num to improve exposure to the heart 





Fig. 26.5 Finochietto retractor extended, exposing the left pleural 
space and the pericardium. In this case the sternum has been divided as 
above, and the resultant window into the right pleural space is seen 
anterior to the pericardium. The lung is deflated in this postmortem 
picture but would be far more an obstacle in the actively ventilated 
patient. The clamp seen in the upper portion of the picture is reapproxi- 
mating the pericardium, which has previously been divided, for the sake 
of illustration 
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Fig. 26.6 The pericardium is lifted with tissue forceps and opened 
with a nick using scissors. The phrenic nerve is easily visualized run- 
ning cranial-caudal just below the scissors in this picture 








Fig. 26.7 Open the pericardium widely in the cephalad-caudad plane / : : ; , 

anterior to the phrenic nerve, taking care not to damage the phrenic Fig.26.8 (a) Deliver the heart from the pericardium, rapidly assess for 

nerve cardiac injury requiring damage-control repair; (b) initiate open cardiac 
massage 
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Fig. 26.9 The heart and lung are retracted superomedially, allowing 
visualization of the left posterior mediastinal pleura; the aorta lies just 
anterior to the vertebral bodies and has been previously isolated through 
the pleural interruptions seen here. The heart and lung are assertively 
retracted here for the benefit of illustration of the posterior mediasti- 
num. Such retraction would completely occlude venous return 





Fig. 26.11 (a) A vascular clamp (a Satinsky clamp is used here, 
although any large atraumatic vascular clamp can be used) is applied 
across the descending aorta, (b) followed by visual and tactile confir- 
mation that the aorta is completely occluded 





Fig. 26.10 After bluntly dissecting the mediastinal pleura, the aorta is 
looped using a finger of the nondominant hand 
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26.5 Complications 


¢ Injury to care providers, by means of scalpel, needlestick, 
or sharp foreign body, is the principal concern. 

¢ Post-emergency department thoracotomy infections are 
rare, even given the less than optimal sterile conditions. 

¢« Damage to lung parenchyma during the initial incision is 
common and often leads to air leak in survivors. 

¢ Neglect of the mammary arteries, often divided during 
emergent thoracotomy and not briskly bleeding in the shock 
state, will result in intrathoracic hemorrhage if not tied off. 
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27.1 Indications 

¢ Evaluation of respiratory failure and insufficiency due to 
pneumothorax, pleural effusion, pulmonary edema, acute 
respiratory distress syndrome (ARDS), and alveolar con- 
solidation (atelectasis, pneumonia, aspiration) 

¢ Monitoring progress of diseases such as pulmonary 
edema and pneumothorax 

¢ Procedural guidance during pleural fluid removal or pneu- 
mothorax treatment 

¢ Procedural guidance for chest tube placement for com- 
plex pleural effusions, hemothorax, pneumothorax, and 
other pleural diseases 


27.2 Contraindications 


e None 


27.3 Materials 


¢ Ultrasound equipment/machine, ultrasonography gel 

¢ Microconvex or phased-array cardiac probe for sufficient 
evaluation of lung artifact (use abdominal preset). Linear- 
array probes, or vascular probes, can be used for more 
detailed evaluation of the pleura, although this is insuffi- 
cient for penetration to deeper structures. 

¢ Sterile materials and equipment where appropriate 
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27.4 Preparations 


¢ Clean ultrasound equipment and use sterile operating 
procedures and ultrasound conductive gel whenever 
adequate. 

¢ Ultrasound positioning. Place ultrasound device where it 
is easily accessible and in adequate view. 

¢ Proper environment. Minimize light interference. Close 
shades and lights where appropriate. 

¢ Position the patient. This helps optimize and expedite the 
examination. Supine position should be adequate for criti- 
cally ill patients. Upright positioning is best for all others, 
with arms abducted above the head or spaced away from 
the chest to allow space for the probe. Patients should be 
moved to the edge of the bed. Uncover appropriate areas, 
including anterior and lateral chest walls. 

¢ Equipment use. Turn on equipment, enter patient data, 
and select proper probe (cardiac probe or abdominal 
probe with abdomen presets). Depth and gain should be 
adjusted accordingly, where depths in the range of 
4-10 cm give proper evaluation of more superficial and 
deeper structures, respectively. 
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27.5 Procedure 


1. 


Probe position (Fig. 27.1). Start examination at the mid- 
clavicular level at the space between the second and the 
third ribs. Probe positioning should be perpendicular to 
the ribs (longitudinal positioning) with the ultrasound 
marker pointed cephalad. This should place the most 
superficial structures at the top, with deeper structures at 
the bottom of the monitor. Upon completion, probe posi- 
tioning can be mapped to evaluate three or four addi- 
tional areas, typically between the anterior and the 
posterior axillary lines. Lateral views with the probe 
should be most posterior, typically along the posterior 
axillary line, tracking caudad toward the diaphragm. 
PLAPS (posterolateral alveolar and/or pleural syn- 
drome) pointed posteriorly should also be evaluated, 
specifically in supine patients. PLAPS is lateral to the 
scapula and typically requires that the patient be lifted 
off the bed from one side. 


. Identify the “bat sign” (Fig. 27.2). The initial view 


observed should be a window of lung flanked by two rib 
shadows. This view, termed the “bat sign,” should now 
allow evaluation of the parietal and visceral pleura, seen 
most superficial as echogenic line (approximately 
0.5 cm below start of rib shadows), subsequent lung 
sliding, and other findings such as “A” and “B” lines, as 
well as abnormal lung tissue. 


. Identify “A lines” (Fig. 27.3). A lines indicate air. These 


are multiple echogenic lines appearing horizontally in 
sequence deep to the pleural line. This artifact repre- 
sents reverberations of the pleura and can be found in 
aerated lungs, which can be normal or abnormal (e.g., 
pulmonary embolism, chronic obstructive pulmonary 
disease [COPD]). The first true A line, denoted “A1,” is 
found equidistant from the chest wall to the pleural line. 
Many other A lines might be seen and are denoted “A’” 
lines. Subsequent equidistant A lines are “A2,” “A3,” 
and so on. 


. Identify “B lines” (Fig. 27.4). These artifacts appear in 


well-aerated lung and are vertical echogenic lines (ray, 
flashlight, lung rockets) transmitted from the pleura to 
the deeper parts of the lung on the ultrasound monitor 
field. They are due to thickened interlobular septa and 
represent alveolar fluid surrounded by air. True B lines 
arise from the pleural line and shoot all the way down to 
the far lung fields, whereas “comet tails” are seen only 
close to the pleural and are sometimes referred to as 
“shimmering” or “glimmering” during movement of the 
pleural line. When multiple B lines are seen in a patient, 
it is sometimes referred to as “lung rockets” or “flash- 
lights” because many rays are shooting from the pleura. 
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Even though most of the time B lines represent pulmo- 
nary edema, they can be seen in other conditions such as 
aspiration, pulmonary fibrosis, acute respiratory distress 
syndrome (ARDS), and pneumonia. 


. Identify lung sliding (Fig. 27.5). Lung sliding identifies 


movement of a normal parietal-visceral interface. Patient 
breathing causes a rhythmic movement of parietal against 
the visceral pleura appearing as movement of the hyper- 
echoic line. M-mode can be used to show a timed clip of 
this through a still image and should only be used as a 
method of reporting or saving for documentation pur- 
poses. A “lung point” is an area adjacent to lung sliding 
(parietal pleura) that is devoid of movement. This is 
highly specific for pneumothorax. If one suspects a pneu- 
mothorax, quantification of the size can be made by eval- 
uation at the anterior lung points and movement toward 
the lateral wall of the chest. The more rib spaces found to 
have absent lung sliding, the larger the pneumothorax. 
Lung sliding (Fig. 27.5) can be evaluated with M-mode, 
which can help identify a normal parietal-visceral inter- 
face at that level. Obtain an adequate two-dimensional 
view (“bat sign”) and press the “M-mode” option on the 
equipment. A normal interface appears as multiple hyper- 
echoic lines, the pleura (termed “seashore”; Fig. 27.5a), 
followed by a sandlike pattern, the lung tissue. This pat- 
tern together is termed a “seashore sign.” Air that disrupts 
the parietal-visceral interface, as found within a pneumo- 
thorax, is identified as horizontal repeating echogenic 
lines, similar to a barcode (Fig. 27.5b), and is termed 
“stratosphere sign.’ M-mode can be discontinued. 
¢ Lung sliding can be absent in conditions other than 
pneumothorax: apnea, right or left bronchial intuba- 
tion, lung collapse (blebs), pneumonia, and pulmo- 
nary fibrosis. 


. Identify lung pulse. This appears as a shimmering of the 


pleural line due to cardiac activity. This is most apparent 
on the left side of the chest, closest to the heart. This 
helps to exclude pneumothorax as well. 


. Move posteriorly. Move the ultrasound probe laterally 


and posteriorly to the PLAPS point. The transducer can 
be directed toward the center of the patient’s body in 
supine patients. Pleural effusions and consolidations are 
found in the dependent areas of the lung. 


. Move caudally. With the marker still pointing cephalad, 


move along the posterior axillary line in two or three 
additional rib spaces. Identification of pleural disease 
and other pathology requires multiple views and will aid 
in evaluating the extent of the disease. This will also 
allow for identification of boundaries of the lung, such 
as the diaphragm. Identification of the diaphragm is 
most critical to determine location of fluid. 


9. Identify the 
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diaphragm and liver and/or spleen 
(Fig. 27.6). Along the posterior axillary line, or the pos- 
terior chest wall, move the probe caudad to identify the 
diaphragm. This appears as an echogenic curvilinear 
structure, with the liver or spleen being subdiaphrag- 
matic and typically of different echogenicity than the 
lung. Many times the diaphragm is very high in the 
supine critically ill patient. Massive edema and obesity 
may also degrade image quality in this location. 
¢ Always identify the diaphragm. Hypoechoic fluid sur- 
rounding the liver or spleen can appear as a pleural 
effusion and must not be mistaken as such. In addi- 
tion, lung tissue may mimic hepatic tissue in certain 
diseases such as dense consolidations termed “hepati- 
zation” of the lung. Proper probe positioning, clear 
identification of the diaphragm, subdiaphragmatic 
structures, and lung are crucial. This is a common 
error in novice operators owing to the confusion of the 
hepatorenal or splenorenal recess for the diaphragm. 
¢ Identifying the diaphragm can be technically difficult 
depending on patient position, size, and clinical con- 
dition. It maybe useful to start below the diaphragm, 
first identifying the hepatorenal recess (liver and kid- 
ney view interface) and then moving cephalad until 
the lung and diaphragm are visualized. In addition as 
ribs change their orientation anatomically, the probe 
may need to be adjusted while still in the longitudinal 
axis. Moving the probe clockwise and counterclock- 
wise may be of benefit to bring into view the lung, the 
diaphragm, and the subdiaphragmatic structures. 


10. Identify pleural effusions (Fig. 27.6). Confirming the 


presence of pleural effusions requires identifying 
anechoic material between the pleura and the lung. This 
can be seen as lung movement in an undulating pattern, 
which typically is facilitated by cardiac activity and res- 
pirations. This is termed “jellyfish sign,’ where the lung 
flaps as it freely floats in the effusion. Floating debris 
can also confirm effusion, termed “plankton sign.’ It is 
also important to identify the depth of the chest wall to 
the pleural fluid in order to determine the best location/ 
depth of needle insertion when attempting thoracentesis 
or chest tube insertion. The challenge is to find a safe 
path for needle insertion. The key when using ultrasound 
as guidance is that the angle of the needle/syringe 
assembly must duplicate the angle of the probe. The 
time between scan and needle insertion must also be 
minimized. Real-time guidance is not required. In 
patients who are obese or edematous, skin indentation 
during probe placement can result in underestimation of 
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depth of needle insertion required and must be taken into 

account. Safety margin of thoracentesis is thought to be 

10 mm of visceral-parietal distance. Dry taps may be 

due to loculations the blocking needle, needle plugs, 

patient movement from scan to tap, and poor angle 
selection. 

e Exudates, empyemas, and hemothoraces may appear 
more echogenic, unlike, for example, a transudative 
effusion that could be anechoic. Complex effusions 
can also appear as heterogeneous and echogenic. The 
consistency of the effusion can make identification 
technically difficult because this can limit lung 
motion. Sometimes the operator may think there is no 
effusion when there is an echo-dense effusion. 

Identify consolidations (Fig. 27.7). Compressed lung 

appears with alveolar consolidation pattern (tissue-like 

sign). Alveolar consolidations are devoid typically of air 
and appear as tissue density; these can be atelectasis, 
pneumonia, aspiration, or other diseased lung. 

“Hepatization” of the lung is typical, where the images 

mimic liver tissue. Images may also have hyperechoic 

foci representing air bronchograms, which would indi- 
cate pneumonia. Probe location should be correlated 
with an anatomical lobular or segmental area. 

¢ Lung may slide into the effusion during the respira- 
tory cycle and can be problematic during needle 
insertion, causing pneumothorax or abnormal wire 
placement during the performance of pigtail chest 
tube catheters. This is called a “curtain sign.” 

Sinusoid sign (Fig. 27.8). M-mode is placed in the cen- 

ter of the visible lung when a large amount of pleural 

fluid is seen. A sinusoid sign strengthens the operator’s 
determination that pleural fluid is present and that the 
pleural fluid is not necessarily compromising lung 
dynamics. If the sinusoid sign is absent, it may indicate 

a “trapped” lung dynamic. 

Assessment and clinical decision making. Upon com- 

pletion of ultrasonography of bilateral lung fields, 

clinical decision-making tools may be of benefit, espe- 
cially in undifferentiated respiratory failure. A proto- 

col has been developed to organize the exam of a 

respiratory failure patient (on noninvasive or invasive 

ventilation only). The BLUE protocol assesses patients 
based on findings (e.g., A lines, B lines, lung sliding) 
of both lungs and incorporates them into an algorithm. 

With acceptable sensitivities and specificities, practi- 

tioners can diagnose pulmonary edema, pneumonia, 

pneumothorax, and COPD/asthma with the BLUE 
protocol. 
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Fig.27.1 Black circles indicate possible ultrasound view points. These 
are just guides, and one may view a few interspaces left/right and ceph- 
alad/caudad from each point to obtain better views 





Fig.27.2 Typical bat sign with rib shadows (arrowhead) that surround 
the pleura (black arrow) and lung tissue. Incidentally, A lines (white 
arrow) are seen 





Fig. 27.3 Rib shadows can be seen, with multiple A lines (arrows) 
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Fig. 27.5 (a) M-mode identifies the seashore sign, with the pleura 
(arrows) and the lung parenchyma (arrowhead) together producing an 
image similar to a seashore. (b) M-mode shows the stratosphere or bar- 
code sign. White arrows indicate the pleura, and the large triangle 
shows an area of artifact from movement. Artifact from movement can 
be distinguished by a similar pattern change above and below the pleu- 
ral line. On either side of the bracket is a continued horizontal line pat- 
tern typical of absent lung sliding 
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Fig. 27.6 Diaphragm (white arrow), liver (white arrowhead), lung Fig, 27.8 In M-mode, identification of pleural effusion becomes evi- 


(black arrow), and anechoic fluid, likely an effusion (open arrowhead). — dent with the sinusoidal sign (arrowhead) and identification of pleural 
Incidentally, hyperechoic foci in the lung tissue, likely representing air gyjq (arrow) 


bronchograms, can be seen 





Fig. 27.7 Lung here appears as tissue density, likely representing the 
alveolar consolidation pattern seen in pneumonia, and is termed “hepa- 
tization” and “‘tissue-like sign” 
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N = ideality factor. 

In Equation (5), R; and C; are constants and the fre- 
quency of operation (w) is the only variable parameter. 
As the frequency increases, the value of Z is almost neg- 
ligible compared to the series resistance Rs of the diode. 
From this it is concluded that the function of the diode is 
independent of the frequency of operation. 


2.2. Single Stage Voltage Multiplier 


Figure 4 represents a single stage voltage multiplier cir- 
cuit. The circuit is also called as a voltage doubler be- 
cause in theory, the voltage that is arrived on the output 
is approximately twice that at the input. The circuit con- 
sists of two sections; each comprises a diode and a ca- 
pacitor for rectification. The RF input signal is rectified 
in the positive half of the input cycle, followed by the 
negative half of the input cycle. But, the voltage stored 
on the input capacitor during one half cycle is transferred 
to the output capacitor during the next half cycle of the 
input signal. Thus, the voltage on output capacitor is 
roughly two times the peak voltage of the RF source mi- 
nus the turn-on voltage of the diode. 

The most interesting feature of this circuit is that when 
these stages are connected in series. This method behaves 
akin to the principle of stacking batteries in series to get 
more voltage at the output. The output of the first stage is 
not exactly pure DC voltage and it is basically an AC 
signal with a DC offset voltage. This is equivalent to a 
DC signal superimposed by ripple content. Due to this 
distinctive feature, succeeding stages in the circuit can 
get more voltage than the preceding stages. If a second 
stage is added on top of the first multiplier circuit, the 
only waveform that the second stage receives is the noise 
of the first stage. This noise is then doubled and added to 
the DC voltage of the first stage. Therefore, the more 
stages that are added, theoretically, more voltage will 
come from the system regardless of the input. Each in- 
dependent stage with its dedicated voltage doubler circuit 
can be seen as a single battery with open circuit output 
voltage Vo, internal resistance Rp with load resistance R;, 
the output voltage, Vout is expressed as in Equation (7). 





RF 


Source I DC 
O 





Figure 4. Single stage voltage multiplier circuit [7]. 
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Mie = vo 

Ro +R, 

When n number of these circuits are put in series and 

connected to a load of R; in Equation (6) the output volt- 

age Vout obtained is given by this change in RC value will 

make the time constant longer which in turn retains the 

multiplication effect of two in this design of seven stage 
voltage doubler. 





R, (6) 


nv. 1 
Vout = : 7 4 
mR, +R,  R 1 


+ 
R, on 





(7) 


The number of stages in the system has the greatest 
effect on the DC output voltage, as shown from Equa- 
tions (6) and (7). 

It is inferred that the output voltage Vou is determined 
by the addition of R,/R, and 1/n, if Vo is fixed. From 
this analysis it is observed that Vo, Ro and R; are all con- 
stants. Assume that V)=1V, R,/R, =0.25,n=2, 3, 4, 
5, 6 and 7, the output voltage Vou = 1.33 V, 1.72 V, 2.0 V, 
2.22 V, 2.43 V and 2.56 V respectively when substituted 
analytically in the Equation (7). This analysis can be 
compared with the results obtained in the circuit design 
of this module. In simulation at n = 4, Voy = 1.42 V, n= 
5, Vout = 1.67 V; n= 6, Vour = 1.92; n= 7, Vour = 2.15 V3 0 
= 8, Vou = 1.92 V3; n=9, Vour = 1.81 V. Also in measure- 
ment, for n = 4, Vou = 2.1 V3 n = 5, Vou =2.9 V3 n = 6, 
Vout = 3.72 V; and n = 7, Vow = 5 V. As n increases, the 
increase in output voltage will be almost double the input 
voltage up to some number of stages. But at some point, 
i.e. beyond seven stages, in this circuit the output voltage 
gained (8 and 9 stages) will be negligible as shown in 
Figure 5. 

The capacitors are charged to the peak value of the 
input RF signal and discharge to the series resistance (R,) 
of the diode. Thus the output voltage across the capacitor 
of the first stage is approximately twice that of the input 
signal. As the signal swings from one stage to other, 
there is an additive resistance in the discharge path of the 















































Normalized output of 7 Stage Doubler 








Stage Number (77) 


Figure 5. Normalized output voltage multiplier versus num- 
ber of stages. 


cs 


176 
Selected Reading 


Levitov A, Mayo PH, Slonim AD. Ultrasound evaluation of the lung. 
In: Critical care ultrasonography. New York: McGraw-Hill; 2009. 

Lichtenstein DA, Menu Y. A bedside ultrasound sign ruling out pneu- 
mothorax in the critically ill. Lung sliding. Chest. 1995;108: 
1345-8. 

Lichtenstein DA, Meziere GA. A lung ultrasound sign allowing bedside 
distinction between pulmonary edema and COPD: the comet-tail 
artifact. Intensive Care Med. 1998;24:1331-4. 


A.H. Dabaja et al. 


Lichtenstein DA, Meziere GA. Relevance of the lung ultrasound in the 
diagnosis of acute respiratory failure: the BLUE protocol. Chest. 
2008;134:117-25. 

Mayo PH, Doelken P. Pleural ultrasonography. Clin Chest Med. 
2006;27:215-27. 

Mayo PH, Goltz HR, Tafreshi M, Doelken P. Safety of ultrasound- 
guided thoracentesis in patients receiving mechanical ventilation. 
Chest. 2004; 125:1059-62. 


Part IV 


Cardiac Procedures 


Ronald Tesoriero 


Whether performed by an emergency physician or a surgeon, 
the majority of cardiac repairs performed at emergency 
department thoracotomy will be temporary in nature and 
require further revision in the operating room. This chapter’s 
main focus is the temporary control of cardiac injuries. 


28.1 Indications 


¢« Wounds to the heart in patients presenting with pulseless 
electrical activity (PEA) or asystole with evidence of car- 
diac tamponade 
— Penetrating wounds: <15 min of prehospital cardiopul- 
monary resuscitation (CPR) 
— Blunt wounds: <10 min of prehospital cardiopulmo- 
nary resuscitation (CPR) 


28.2 Contraindications 


¢ Absolute 
— Presenting rhythm of asystole and no evidence of peri- 
cardial tamponade on Focused Assessment with 
Sonography for Trauma (FAST) 
¢ Relative 
— None 
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28.3. Materials and Medications 


¢ Diagnostic ultrasound 
¢ Emergency department thoracotomy tray (Fig. 28.1) 

— Sterile drapes, #10 scalpel, curved Mayo scissors, 
Finochietto retractor, Lebsche sternal knife and mallet, 
forceps, curved Metzenbaum scissors, surgical skin 
stapler, Foley catheter, clamps, needle driver, 2-0 and 
3-0 polypropylene suture on MH or SH (noncutting) 
needle, Satinsky vascular clamps 

¢ Betadine (povidone-iodine) or other skin antiseptic pre- 
paring solution 

¢ Defibrillator and internal cardiac panels 

¢ Epinephrine 
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Fig. 28.1 Emergency 
department thoracotomy tray. 
Left to right: Scalpel, curved 
Mayo scissors, Finochietto rib 
spreader, DeBakey forceps, 
Metzenbaum scissors, needle 
driver, Lebsche knife and mallet, 
Satinsky vascular clamp, aortic 
clamp, bone cutter 





28 Repair of Cardiac Injuries 


28.4 Procedure 


. Identify the pericardium anterior to the phrenic nerve, 
pinch it between the fingers, and enter it by making a nick 
with the Metzenbaum scissors. Then open the pericar- 
dium longitudinally anterior to the phrenic nerve. 
. If the heart is not contracting effectively (PEA, asystole, 
fibrillation), immediately begin internal cardiac massage. 
¢ Unless the injury is so large that it cannot be con- 
trolled, taking time out at this point to repair the injury 
may lead to significant acidosis and inability to rees- 
tablish a perfusing rhythm. 
. While continuing internal cardiac massage, identify the 
area of injury and attempt to control it with manual pres- 
sure; if a larger wound, use a Foley catheter to prevent 
continued bleeding. 
. If necessary owing to the location of injury, extend the inci- 
sion to a bilateral anterolateral thoracotomy and transect the 
sternum with a Lebsche knife and mallet or heavy shears. 
. If, after several minutes of internal massage and appropri- 
ate red blood cell and plasma transfusion, the patient 
remains in PEA or asystole, irrigate the heart with warmed 
saline and administer intravenous (IV) or intracardiac 
epinephrine. 
. If the heart enters ventricular fibrillation or ventricular 
tachycardia, cardiovert with internal paddles applied 
directly to the heart with an energy between 10 and 30 J. 
. Once a perfusing rhythm is reestablished, or if on initial 
evaluation the wound is so large that it cannot be con- 
trolled and will require immediate repair before internal 
massage can be effective, proceed to cardiac repair. 
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8. Choose the simplest method that will allow control of the 


injury until definitive repair can be performed in the oper- 

ating room. 

(a) Injuries to the atrium: The pliable nature of the atria 
will often allow placement of a Satinsky clamp for 
control followed by repair with a running 3-0 poly- 
propylene suture (Fig. 28.2). 

(b) Small injuries to the ventricles: Control the injury 
with direct manual pressure and close with either 
interrupted 3-0 polypropylene suture or a surgical 
skin stapler (Figs. 28.3 and 28.4). 

(c) Medium to large injuries to the ventricle: Attempt to 
control the wound by placing a Foley catheter through 
it, then blow up the balloon and apply gentle traction. 
Either staple or suture the wound closed before deflat- 
ing the balloon and removing the catheter (Fig. 28.5). 
¢ Place an occluding clamp on the open end of the cath- 

eter or blood loss will continue through the catheter 
¢ Avoid excessive traction on the Foley because it will 
pull through the ventricle and make the hole larger 

(d) Extensive or inaccessible injury: Perform temporary 
inflow occlusion to the heart by manually compress- 
ing the right atrium against the heart so that it cannot 
fill. The heart will likely immediately enter PEA, 
fibrillation, or asystole giving the physician a couple 
of minutes to gain control of the injury before the 
patient becomes unrecoverable. 

(e) Injuries in proximity to coronary vessels: To avoid 
compression of the vessel, perform a horizontal mat- 
tress suture that passes beneath the artery. Teflon 
pledgets may assist in the repair (Fig. 28.6). 





Fig.28.2 Position the Finochietto retractor with the closed end toward 
the axilla. A Foley catheter may be used for initial control of large car- 
diac lacerations 


Fig. 28.3 Atrial injuries may be quickly controlled with a Satinsky 
clamp followed by repair with a 3-0 polypropylene suture 
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Fig. 28.4 Injuries may be controlled with direct manual pressure and Fig, 28.6 Lacerations in close proximity to coronary vessels can be 
closed with interrupted 3—0 polypropylene suture controlled with horizontal mattress sutures passed beneath the artery to 
avoid coronary arterial compression 





Fig. 28.5 A surgical skin stapler is a quick way to gain initial control 
of simple cardiac lacerations with minimal risk to the provider 
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28.5 Complications 


¢ Cardiac and/or pulmonary laceration during entry into the 
chest 

¢ Bleeding 

¢ Delayed hemorrhage (failure to control internal mam- 
mary artery, disruption of sutures or staples) 

¢ Infections: empyema and sternal infection 

¢ Missed intracardiac valvular or septal injury (echocar- 
diography should be performed after repair is complete) 

e Air embolus 


28.6 Pearls and Pitfalls 


¢ Pearls 
— There may be more than one wound to the heart (espe- 
cially with gunshot wounds). Look for them. However, 
if the wound is posterior and not bleeding with the 
heart in its natural position, it will be more prudent to 
leave the injury alone until the patient can be trans- 
ported to the operating room. Elevating the heart can 
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cause both inflow and outflow obstruction, leading to 
dysrhythmia that may be difficult to recover from. 

— To avoid sutures pulling through in patients with thin, 
edematous, or friable myocardium, consider horizon- 
tal mattress rather than simple sutures. These may be 
buttressed with Teflon pledgets for added security. 

¢ Pitfalls 

— The myocardium tears easily. When tying sutures, take 

care to not tighten them too forcefully. 
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Tachycardia is defined as >100 beats per minute 


29.1 Indications 

¢ Non-sinus-rhythm tachycardias with a pulse including: 

Atrial fibrillation 

Atrial flutter 

Monomorphic ventricular tachycardia (VT) 

Refractory or unstable supraventricular tachycardia 

(SVT) 

e Unstable signs and symptoms including acute coronary 
syndrome, decreased level of consciousness, chest pain, 
dyspnea, pulmonary edema, and hypotension 


| 


| 


| 


| 


29.2 Contraindications 


¢ Absolute 
— Ventricular fibrillation and pulseless or polymorphic 
(irregular) VT require unsynchronized electrical car- 
dioversion (defibrillation), not synchronized 
cardioversion. 
— Known atrial thrombus. 
— Sinus tachycardia. 
¢ Relative 
— Digitalis toxicity-related tachycardia 
— Atrial fibrillation of greater than 48 h duration without 
anticoagulation 
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— Multifocal atrial tachycardia 

— Electrolyte abnormalities 

— Left atrial diameter greater than 4.5 cm 

— Patients with low probability of maintaining sinus 
rhythm and readily return to atrial fibrillation 

Patients with sick sinus syndrome or sinoatrial block- 
age who will require a pacemaker for maintenance of 
stable rhythm 


| 


29.3 Materials and Medications 


« Airway management equipment (laryngoscopes, endotra- 
cheal tubes) 

¢ Cardiac monitoring, pulse oximetry, end-tidal CO, 
monitoring 

¢ Cardioverter/defibrillator 

¢ Sedation and analgesic medications 


29.4 Procedure 


1. Obtain a 12-lead electrocardiogram (ECG) and intrave- 
nous (IV) access. 

2. If possible, correct underlying electrolyte abnormali- 
ties that may cause or contribute to the patient’s 
arrhythmia. 

3. Discuss risks, benefits, and alternatives (including phar- 
macological cardioversion) with the patient and obtain 
consent. 

4. Prepare airway equipment and Advanced Cardiac Life 
Support (ACLS) code drugs. 

5. Consider IV sedation (e.g., propofol, midazolam). 

Provide IV analgesia (e.g., fentanyl, morphine). 

7. Place defibrillator adhesive pads (8- to 12-cm diameter 
in adults) or paddles on the patient. Pediatric-sized 
pads/paddles should be used if the patient is less than 
10 kg. 


on 
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8. 


10. 


The first paddle/pad is placed to the right of the sternum 

at the second/third intercostal space. The second paddle/ 

pad can be placed in one of two equally efficacious 

positions: 

(a) Anterolateral position—left fourth/fifth intercostal 
space in the midaxillary line (Fig. 29.1) 

(b) Anteroposterior position—between the spine and 
the edge of the left scapula (Fig. 29.2) 


. Turn the defibrillator/cardioverter into synchronized 


mode—marker above R-waves will be present 
(Fig. 29.3). 

Select the energy level to be delivered based on the 
underlying rhythm 


(a) Regular VT (with pulses)—Adults: 100 J 


(monophasic or biphasic), 200 J for subsequent 
shocks 


11. 


12. 


13. 
14. 
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(b) Atrial fibrillation—120-200 J (biphasic), 200 J 
(monophasic), 360 J for subsequent shocks 

(c) Atrial flutter and paroxysmal SVT—S50-100 J 
(biphasic), 100 J for subsequent shocks 

(d) Pediatric dosage (regular and pulsed VT or SVT)— 
0.5-1 J/kg, up to 2 J/kg for subsequent shocks 
(Fig. 29.4) 

Announce that you are going to deliver the shock on the 

count of three, and ensure that everyone is clear of the 

patient. 

Deliver the shock by pressing button marked “SHOCK.” 

¢ If using paddles, apply firm pressure and keep pad- 

dles in place until shock is delivered. 

Reassess the patient’s pulse and cardiac rhythm. 

Repeat with escalating energy in a stepwise fashion if 

cardioversion is unsuccessful. 





Fig.29.1 Anterolateral pad placement 


Fig.29.2 Anteroposterior pad placement 
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Fig. 29.3 Synchronized cardioversion—mark on R wave 





Fig. 29.4 Pediatric pad placement 
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diode and increase of capacitance due to the stage ca- 
pacitors. 


2.3. Seven Stage Voltage Multiplier 


The seven stage voltage multiplier circuit design imple- 
mented in this paper is shown in Figure 6. Starting on 
the left side, there is a RF signal source for the circuit 
followed by the first stage of the voltage multiplier cir- 
cuit. Each stage is stacked onto the previous stage as 
shown in the Figure 6. Stacking was done from left to 
right for simplicity instead of conventional stacking from 
bottom to top. 

The circuit uses eight zero bias Schottky surface-mount 
Agilent HSMS-285X series, HSMS-2850 diodes. The 
special features of these diode is that, it provides a low 
forward voltage, low substrate leakage and uses the non- 
symmetric properties of a diode that allows unidirec- 
tional flow of current under ideal conditions. The diodes 
are fixed and are not subject of optimization or tuning. 
This type of multiplier produces a DC voltage which 
depends on the incident RF voltage. Input to the circuit is 
a predefined RF source. The voltage conversion can be 
effective only if the input voltage is higher than the 
Schottky forward voltage. 

The other components associated with the circuit are 
the stage capacitors. The chosen capacitors for this cir- 
cuit are of through-hole type, which make it easier to 
modify for optimization, where in [8] the optimization 
was accomplished at the input impedance of the CMOS 
chip for a three stage voltage multiplier. The circuit de- 
sign in this paper uses a capacitor across the load to store 
and provide DC leveling of the output voltage and its 
value only affects the speed of the transient response. 
Without a capacitor across the load, the output is not a 
good DC signal, but more of an offset AC signal. 

In addition to the above, an equivalent load resistor is 
connected at the final node. The output voltage across the 
load decreases during the negative half cycle of the AC 
input signal. The voltage decreases is inversely propor- 
tional to the product of resistance and capacitance across 


C, C; Cs 


D, D; 
RF ca fe 
Source D; D, 
C, C, 


the load. Without the load resistor on the circuit, the 
voltage would be hold indefinitely on the capacitor and 
look like a DC signal, assuming ideal components. In the 
design, the individual components of the stages need not 
to be rated to withstand the entire output voltage. Each 
component only needs to be concerned with the relative 
voltage differences directly across its own terminals and 
of the components immediately adjacent to it. In this type 
of circuitry, the circuit does not change the output volt- 
age but increases the possible output current by a factor 
of two. The number of stages in the system is directly 
proportional to the amount of voltage obtained and has 
the greatest effect on the output voltage as explained in 
the Equation (7) and shown in Figure 5. 


3. Simulation and Implementation 


Multisim software was chosen for modeling and simula- 
tion which is a circuit simulation tool by Texas Instru- 
ments. The simulation and practical implementation were 
carried out with fixed RF at 945 MHz + 100 MHz, which 
are close to the down link center radio frequency (947.5 
MHz) of the GSM-900 transmitter. The voltages ob- 
tained at the final node Vpc of the multiplier circuit were 
recorded for various input power levels from —40 dBm - 
+5 dBm with power level interval (spacing) of 5 dBm. 

The simulations were also carried out using same stage 
capacitance value (3.3 nF) and then with a varied capaci- 
tance value for all stages from 4 stages through 9 stages 
[9]. The capacitance value was varied in such a way that, 
from one stage to the next, it was halved. For example, if 
the first stage was 3.3 nF, the second stage was 1.65 nF, 
third stage was 825 pF, fourth stage was 415 pF and so 
on. But keeping in view of testing, the capacitance values 
were chosen to have a close match with the standard 
available values in the market. 

Simulation was carried out through 4 to 9 voltage 
doubler stages. Based on results obtained a 7 stage doub- 
ler is best to implemented for this application. 

The design of the printed circuit board (PCB) was car- 
ried out using DipTrace software. The material used to 








Figure 6. Schematic of 7 stage voltage multiplier. 
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29.5 Complications 


¢ Superficial burns if there is inadequate gel. 
¢ Induced arrhythmias (bradycardia in patients with previ- 
ous inferior myocardial infarction, atrioventricular block, 
VT, ventricular fibrillation, asystole). 
¢ Improperly synched cardioversion may rarely induce ven- 
tricular fibrillation. 
— Ectopy of the atria or ventricle in first 30 min after 
cardioversion 
— Atrial clot embolization in patients without adequate 
anticoagulation 
e Apnea, hypoxia, hypercarbia, or hypotension may occur 
from sedation/analgesia. 
¢ Medical professionals who incidentally touch the patient 
during shock delivery may be shocked or burned. 
¢ Rarely, fire has occurred as a consequence of poor pad 
placement and a hyperoxygenated environment. 


29.6 Pearls and Pitfalls 


¢ Hirsute males should be shaved at the pad/paddle place- 
ment sites. 

e Placing the cardioverter in “synchronized” mode avoids 
delivering a shock during the relative refractory segment, 
which could induce ventricular fibrillation. 
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¢ Cardioversion of pregnant patients is performed as in the 
general adult population. 

¢ Keep pacemakers and implantable cardioverter- 
defibrillators at least 10 cm away from contact with 
paddles. 

¢ If patient has implanted pacemaker, position pads so that 
they are not directly over the device. 
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Unsynchronized cardioversion or defibrillation is the delivery 
of a high-energy shock as soon as the button is pushed on 
defibrillator. This means it can be delivered anywhere in the 
cardiac cycle. By contrast, synchronized cardioversion 
(see Chap. 29) delivers a low-energy shock at the peak of the 
R wave in the cardiac (QRS) cycle. 


30.1 Indications 

¢ Ventricular fibrillation (VF) 

e Pulseless ventricular tachycardia (VT) 

¢ Cardiac arrest due to or resulting from VF 


30.2 Contraindications 


¢ Absolute 

— Conscious patient 

— Presence of a pulse 

— Pulseless electrical activity (PEA) 

— Asystole 

— Multifocal atrial tachycardia 

— Defibrillation without knowing the rhythm 

— Asecond defibrillation before 2 min (or five cycles) of CPR 

— Advanced Directive, Physician Order for Life-Sustaining 
Treatment (POLST) indicating no cardiopulmonary 
resuscitation (CPR) or do not resuscitate (DNR) 
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¢ Relative 

— Potential electrical catastrophe (explosive environ- 
ment [i.e., operating rooms]) 

— Dysrhythmias due to enhanced automaticity such as in 
digitalis toxicity and catecholamine-induced arrhyth- 
mia (because mechanism of tachycardia remains after 
the shock) 

¢ Factors that are not contraindications 

— Pregnancy. 

— Chest trauma. 

— Automatic implantable cardiac defibrillators (AICDs). 

— The patient is on a wet or moist surface. 

Piercings on the chest. 
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30.3 Materials and Medications 


¢ Electrocardiogram (ECG) monitor/defibrillator. 

¢ Self-adhesive defibrillation pads or defibrillation paddles 
(paddles may be more successful than self-adhesive pads, 
but they have more complications and pose more danger 
to operators). 

¢ Conductive gel for defibrillation paddles (not ultra 
sound gel). 

¢ ECG electrodes. 

¢ Supplemental oxygen. 

¢ Intubation equipment as needed. 
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30.4 Procedure 


Defibrillation is an emergent maneuver and, when necessary, 
should be promptly performed in conjunction with or before 
administration of induction or sedative agents to facilitate 
intubation. 


1. Assess the ABCs (airway, breathing, circulation). 

¢ Open the airway with a head tilt/chin lift (or jaw 
thrust in a suspected traumatic patient). If the patient 
is apneic, provide breaths with a bag-valve-mask 
(BVM) and observe chest rise. 

¢ Check for pulses. If absent, start CPR. 

¢ CPR should be initiated before any shock while get- 
ting all equipment ready for at least 2 min to provide 
adequate circulation to the brain and heart. 

2. Wipe off the patient’s chest if moist or wet. 

3. Remove transdermal patches, jewelry, and piercings if 
possible. 

4. Attach ECG electrodes to the patient. 
¢ The self-adhesive defibrillation pads or defibrillation 

paddles can be used as ECG electrodes to access the 
rhythm. 
5. Paddles: With conductive gel applied to the metal 
surface, place one paddle on the patient’s right 
chest, just below the clavicle, near the sternal bor- 
der. The other should be on the left chest, midaxil- 
lary line above the fifth or sixth intercostal space 
(Fig. 30.1). 
¢ The long axis of the paddles should be perpendicular 
to the ribs to allow for better transduction of current 
through the chest. 

e Pads: Same placement as paddles except that pads 
can be placed in any orientation as long as they are in 
full contact with the chest. 


10. 


11. 


12. 


13. 
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¢ Ifa lot of breast tissue is present, push the tissue to 
one side or lift it away and place the paddles or pads 
underneath. 

e An error in pad or paddle placement can distort the 
rhythm into looking like a rhythm that does not 
require defibrillation. 


. Place the ECG monitor/defibrillator into a mode to 


acquire a rhythm from the pads or paddles. 
¢ Steps 1-3 can be done simultaneously. 


. Stop CPR and assess the rhythm and pulse for no longer 


than 10s. 


. If VF or pulseless VT is observed, then switch the defi- 


brillator to charge mode. 


. Charge to 200 J. 


¢ Continue CPR while the defibrillator is being charged. 

When the defibrillator indicates that it is charged, clearly 

order that everyone stop touching the patient and observe 

that there is no physical contact before defibrillating the 

patient. 

¢ If using the paddles, apply extra force to the chest 
through the paddles to deflate the lungs to allow for 
better defibrillation. 

¢ The operator should observe a muscle twitch during 
defibrillation. 

Restart CPR for 2 min or five cycles. 

¢ Another operator may charge (but not fire) the defi- 
brillator while CPR is being performed to expedite 
the time between pulse/rhythm check and the initia- 
tion of a shock. 

After 2 min or five cycles of CPR, assess the rhythm and 

pulse and repeat steps 6-8 and give appropriate 

Advanced Cardiac Life Support (ACLS) medications. 

If successful return of spontaneous circulation (ROSC) 

occurs, initiate the hypothermia protocol per hospital 

guidelines. 
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Fig.30.1 Proper placement 
of defibrillation paddles 
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30.5 Complications 


e Skin burns (most common and likely due to improper 
technique). 

¢ Injury to cardiac tissue (myocardial necrosis secondary to 
burn). 
— ST segment elevation that lasts longer than 2 min usu- 

ally indicates myocardial injury unrelated to the shock. 

e Abnormal heart rhythms (usually benign like atrial, ven- 

tricular, and junctional premature beats). 


30.6 Pearls and Pitfalls 


¢ Pearls 
— Post-defibrillation cardiac dysrhythmias are more com- 
mon following prolonged VF and higher-energy-level 
countershocks. Early defibrillation at the recommended 
energy levels minimizes this complication. Follow 
ACLS protocols to manage the resulting dysrhythmias. 
— The presence of liquid (body fluids, medications, or intra- 
venous fluids) may cause electrical arcing thermal burns 
to the skin and soft tissue and produce ineffective defibril- 
lation by allowing the current to pass across the trunk 
rather than transthoracically. To minimize this potential 
complication, ensure that any body fluids or liquids are 
wiped away from the skin before defibrillation attempts. 
¢ Pitfalls 
— Myocardial and epicardial injury (not direct thermal 
injury) may result from the electrical current applied in 
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defibrillation. Use the minimal recommended energy 
levels to minimize injury. 

— Electrical injuries to health-care providers can result if 
participants remain in contact with the patient during 
delivery of a countershock because they can serve as a 
ground for the current discharged. 
¢ This can be minimized by wearing gloves and using 

biphasic machines and electrode pads. 

— Fires that can result from sparks in the presence of 
nitroglycerin patches or ointment, flammable gases, or 
an oxygen-rich environment can also be a source of 
injury to the patient or health-care providers. Ensure 
“all clear” from the patient before delivery of shock to 
avoid these complications. 
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31.1. Indications 


¢ Hemodynamically unstable (i.e., hypotension, pulmonary 
edema, chest pain, shortness of breath, or evidence of 
decreased cerebral perfusion) bradyarrhythmias refrac- 
tory to medical therapies 

¢ Asa bridge to a transvenous or permanent pacemaker 

¢ Asan overdrive pacer in tachyarrhythmias 

¢ Controversially, within the first 10 min of a witnessed 
asystolic cardiac arrest 

¢ Inchildren only with bradycardia associated with a known 
congenital cardiac defect or after cardiac surgery 


31.2 Contraindications 


e Absolute 
— None 
¢ Relative 
— Bradyarrhythmia associated with hypothermia 
(ventricles are more prone to defibrillation-resistant 
fibrillation) 
— Prolonged cardiac arrest (>20 min) 
— Bradyarrhythmia in children (usually secondary to 
hypoxia or a respiratory issue) 
— Patient is unable to tolerate the procedure despite seda- 
tion and analgesia 
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31.3. Materials and Medications 


Pacemaker device (modern units offer combined pacer 

and defibrillator functions) (Fig. 31.1) 

One set of standard electrocardiogram (ECG) electrodes 

One set of pacer pads 

Code cart and airway equipment (prophylactically) 

Sedation and analgesia (typically a short-acting benzodi- 

azepine and an opioid) 

— Midazolam: 0.2-0.10 mg/kg intravenous (IV) push 
and may repeat with 25 % of initial dose after 3-5 min. 
Do not exceed 2.5 mg/dose or a cumulative dose of 
5 mg. 

— Fentanyl: 1-2 mcg/kg IV slow push over 1-2 min, 
may repeat dose in 30 min. (Fentanyl is the opioid of 
choice because it is less likely to exacerbate any 
hypotension.) 





Fig.31.1 Pacemaker device 
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31.4 Procedure 


. Time permitting, clean and dry the skin, and shave any 


excess hair off the chest. 


. Administer any appropriate sedation and analgesia. 
. Attach the ECG electrodes to both the input port of the 


pacemaker unit and the patient. On the patient, the white 
lead is placed just above the right clavicle, the black lead 
is just above the left clavicle, and the red lead is around 
the left midaxillary line. 


. Attach the pacer pads either in the anteroposterior or 


anterolateral positions as pictured (avoid placement over 
an implanted pacemaker or defibrillator; Fig. 31.2). 


. Turn the machine on and switch it to synchronous (or 


on-demand) mode. 

¢ Asynchronous (or fixed) mode fires impulses with no 
regard to the intrinsic cardiac cycle, increasing the 
likelihood of an R on T phenomenon, which could 
result in ventricular tachycardia or fibrillation. 

e Synchronous (or on-demand) mode will not fire an 
electrical impulse when a QRS complex is sensed; 
this is the preferred mode for transcutaneous pacing. 


. Set the desired heart rate: typically 60-80 beats/min to 


achieve adequate perfusion. 


. Select a lead on the pacemaker unit and then press Start. 


8. 


10. 
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Slowly increase the output current until electrical cap- 

ture is denoted by a visible pacemaker spike, which will 

precede every QRS complex on the ECG monitor 

(Fig. 31.3). 

¢ Electrical capture is usually achieved between 50 and 
100 mA. 

¢ If a patient is unconscious or truly deteriorating 
quickly or in cardiac arrest, it may be prudent to 
set the initial currents at maximum to ensure rapid 
capture and then decrease the current to just above 
that at which electrical capture was achieved. 


. After electrical capture is appreciated on the monitor, 


assess for mechanical capture by palpation of a pulse at 
a rate that corresponds to that which the machine is set 
at. An improved blood pressure or resolution of chest 
pain, shortness of breath, or altered mental status also 
suggests that the heart rate has improved and perfusion 
has been restored. 
When pacing in overdrive for tachyarrhythmias, the 
pacer rate is set 20-60 beats/min faster than the detected 
tachycardic rate. 
¢ Bear in mind that rhythm acceleration or the induc- 
tion of ventricular fibrillation is a possibility with 
pacing, hence the recommendation of having a code 
cart and airway equipment in the room at all times. 





Fig.31.2 Pacer pads attached in the anterolateral (a) or anteroposterior positions (b) 


31. Transcutaneous Pacing 


Fig.31.3 A visible pacemaker spike will precede every QRS 
complex on the ECG monitor 
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Lead | Heart Rate 41 
















































































































































































Bradycardia prepacing attempt 


Lead | Heart Rate 43 35 mA 










































































































































































Pacing attempted, note pacing stimulus indicator 
(arrow) which is below threshold, no capture 


Lead | Heart Rate 71 60 mA 







































































































































































Pacing above threshold (60mA), with capture (QRS 
complex broad and ventricular, T wave opposite QRS) 
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31.5 Pearls and Pitfalls 


e Pearls 


Pacer pads can be prophylactically placed on brady- 
cardic but stable patients in preparation for potential 
decompensation. 

It may be prudent to discuss with a stable but brady- 
cardic patient the option of trying the pacemaker not 
only to ensure that the machine and pads are working 
but also to gauge an idea of the output current that will 
be needed to electrically capture for quicker, more effi- 
cient, and potentially lifesaving pacing that may prove 
necessary. 

When palpating for mechanical capture, the femoral 
pulse may be easier because carotid palpation may 
prove difficult with muscular contractions induced by 
the pacer impulses. 

If impulses are not capturing, try slightly readjusting 
the pacer pads, making sure the leads are still on, the 
settings were not changed, the machine’s battery did 
not die, or that the machine is plugged in. 

If electrical capture is achieved but mechanical is not, 
increase the rate until adequate pulses are palpated. 
Be careful to not miss an underlying ventricular fibril- 
lation if the monitor is not blanked or dampened by an 
ECG screen. 

Cardiopulmonary resuscitation (CPR) can be contin- 
ued even while transcutaneous pacing is taking place 
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because the pacer pads are insulated and the power 
delivered in each impulse is minimal, making the risk 
of injury to health-care workers very low. 
¢ Pitfalls 

— Certain factors including a large body habitus, the 
presence of large pericardial effusions, scarring sec- 
ondary to intrathoracic surgeries, or large amounts of 
intrathoracic air associated with obstructive pulmo- 
nary diseases may not only increase the threshold for 
capture but also may even cause a failure to capture, in 
which case transvenous pacing should immediately be 
considered. 

— Be aware that long-term pacing and pacing in children 
increases the likelihood for cutaneous and soft tissue 
damage. 
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32.1 Indications 


Hemodynamic compromise in the presence of: 


e Sinus node dysfunction 

¢ Second- and third-degree heart block 

¢ Atrial fibrillation with slow ventricular response 
¢ New left bundle branch block (LBBB) 

¢ Right bundle branch block (RBBB) 

¢ Bifascicular block 

e Alternating bundle branch block (BBB) 

¢ Implanted pacemaker malfunction 
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32.2 Contraindications 


¢ Absolute 
— Prosthetic tricuspid valve 
¢ Relative 
— Bradycardia in the presence of severe hypothermia 
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manufacture the printed circuit board (PCB) is the stan- 
dard Fiberglass Reinforced Epoxy (FR4), with the thick- 
ness of 1.6 mm and dielectric constant of 3.9. The topol- 
ogy is constructed on the PCB with the dimensions of 98 
mm x 34 mm (W x H). The Sub Miniature version A 
(SMA) connectors are used at the input and output of 
PCB to carry out the measurements. The circuit compo- 
nents consist of active and passive components. The 
component used in circuit is shown in Table 2. 

Special handling precautions have been taken to avoid 
Electro Static Discharge (ESD), while assembling of the 
surface-mount zero bias Schottky diodes. Also special 
attention has been given to mount other components and 
the SMA connectors on to the PCB. The Photograph of 
Assembled circuit board I shown in Figure 7. 


4. Results and Analysis 


The simulated and measured results at the output voltage 
of voltage multiplier circuit are shown graphically in 
Figure 8. From the graph analysis, the simulated and the 
measured results agree considerably with each other. The 
measured results are shown to be better than the simula- 
tion results. The reason behind this may be due to the 
uncertainty in series resistance value of the diode ob- 
tained from SPICE parameters in modeling as explained 
in Equation (5). This resistance vale of diodes in practi- 
cal circuit may be lower than in the model, which pro- 
vides fast discharge path, in turn rise in voltage as passes 
through the stages and reaches to final output. In this 
work, the DC output voltages obtained through simula- 
tion and measurement at 0 dBm re 2.12 V and 5.0 V re- 
spectively. These results are comparatively much better 
than in ref. [9], where in at 0 dBm, 900 MHz they achieved 
0.5 V and 0.8 V through simulation and measurement 


Input SMA Connector 


Schottky Diodes 


respectively. 

Figures 9 and 10 show the result of a 4 stage voltage 
doubler circuit with equal and varied capacitance values 
between the stages as described in Section 3. 

From the analysis of these two simulations, it can be 
observed that the resulting output voltages are equal. The 
only difference between these two graphs is the rise time 
of the circuit with varied capacitance value is a little bit 
slower. But, overall result on the performance of rise 
time is still under 20 ps to 24 pus and the difference is 
negligible. From these results, the use of equal stage ca- 
pacitance of each being 3.3 nF was hence considered for 
the design of the multiplier. 

The results from Figure 11, shows that the output 
voltage reaches to 1.0 V within 20 uS and then uniformly 
increasing to 1.4 V, 1.67 V, 1.87 V and 2.12 V for 4, 5, 6 
and 7 stages respectively compared to 2 mS as shown in 
[10]. Figure 12 shows that the conversion ratio of 22 is 
achieved at 0 dBm input power and drops to 2.5 at —40 
dBm. The highest value at 0 dBm is due to the innate 
characteristics of the zero bias Schottky diodes which 
conduct fairly well at higher input voltages. 


5. Conclusion 


From the experimental results, it is found that the pro- 


Table 2. Component used in 7 stage voltage multiplier. 











Name of component Label Value 
Stage capacitors C,- Cys 3.3 nF 
Stage diodes D, - Dis HSMS 2850 
Filter capacitor Cc, 100 nF 
Load resister R, 100 kQ 
Stage Capacitors Output SMA Connector 





Filter Circuit 


Figure 7. Photograph of assembled circuit board. 


Copyright © 2012 SciRes. 
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32.3 Materials and Medications (Fig. 32.1) 


e Sterile gloves 

¢ Sterile gown and drapes 

¢ Face mask and surgical cap 

¢ Two 10-mL syringes 

¢ One 3-mL syringe 

¢ Local anesthetic (1 or 2 % lidocaine without epinephrine) 
¢ 22-gauge needle 

¢ Povidone-iodine or chlorhexidine/isopropyl alcohol 
e Several 4x4-in. gauze sponges 

e Sterile dressing pack 

¢ 4-0 nylon or silk sutures 


Fig. 32.1 Materials and 
medications 
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Scalpel (#11 blade) 

Needle holder 

Scissors 

Introducer needle 

Guidewire 

Dilator 

Introducer sheath 

Collapsed sterile extension sheath 
Balloon-tipped pacing catheter 

Pacing generator with working battery 
Insulated cable with alligator clamps or other suitable 
connectors 

Electrocardiogram (ECG)/cardiac monitor 
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32.4 Procedure 


1. 


Ww 


10. 


11. 


12. 


13. 


14. 


15. 


Select appropriate catheterization site. 

¢ Four sites provide superior access to right atrium: 
brachial, femoral, internal jugular, and subclavian 
veins. The right internal jugular and left subclavian 
veins, respectively, are the most direct routes and, 
thus, the most commonly used in the emergency 
department setting. 


. If clinical situation permits, explain the procedure fully 


to the patient and obtain consent. 


. Sterilize the skin and apply sterile drapes. 
. Anesthetize the intended insertion site with lidocaine. 
. Prepare the pacing wire by inflating and deflating the 


balloon with 1-1.5 mL of air using a 3-mL syringe, and 
confirm that locking lever functions correctly to main- 
tain balloon inflation (Fig. 32.2). 


. Using ultrasound guidance by means of a probe covered in 


a sterile sheath, insert the introducer needle into the vein 
while applying negative pressure to the attached 10-mL 
syringe (as with standard central line placement) (Fig. 32.3). 


. When flashback of blood is visualized in the syringe, 


remove the syringe, stabilizing the introducer needle 
firmly in place. 


. Pass the guidewire through the needle to a depth of 


10-15 cm. 


. Holding the guidewire securely in place, remove the 


introducing needle. 

Using a scalpel, make a small incision (approximately 

the width of the catheter to be used) through the dermis 

at the insertion site of the guidewire. 

e Avoid severing the guidewire by facing the sharp 
edge of the scalpel away from the guidewire. 

Pass a dilator over the guidewire to make a tract in the 

skin and then remove the dilator. 

Pass the introducer catheter over the guidewire until the 

hub is in contact with the skin and then remove the 

guidewire (Fig. 32.4). 

Attach the collapsible sterile sheath to the hub of the 

introducer catheter. 

Attach the positive and negative connectors of the pac- 

ing wire to their respective terminals on the cable(s) 

connected to the generator. 

Set generator rate at 80 beats/min, output to 5 mA, and 

sensitivity to 3 mV. 


16. 


17. 


18. 


19. 
20. 
21. 


22. 
23. 


24. 
25. 


26. 


21. 
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Insert the free end of the pacing wire into introducer 
catheter with the balloon deflated and slowly advance 
the wire. 

When the tip of the wire is within the superior vena cava, 

inflate the balloon, lock the valve to ensure that the balloon 

remains inflated, and continue to advance the pacing wire. 

Closely watch the cardiac monitor for signs of capture 

(1.e., a wide QRS preceded by a pacing spike). 

e Markings on the pacing wire indicate its depth of 
insertion. At 20 cm, the wire should be in the right 
ventricle. If there is no capture observed by 25 cm, 
then the wire should be slowly withdrawn and 
advanced again. 

Once capture is achieved, deflate the balloon. 

Advance the wire a further 1-2 cm. 

Coil the wire that remains outside the extended sterile 

sheath and suture it loosely but securely to the skin. 

Suture the introducer hub to the skin. 

Reduce generator output to zero and then increase it 

slowly to determine the minimum pacing threshold (i.e., 

the minimum voltage at which capture is achieved) and 

then set the output to twice this value. 

Set the generator rate. 

Stabilize the generator near the catheterization site. 

¢ For example, the generator can be attached to an 
intravenous (IV) fluid stand to the right of the 
patient’s head if the pacing wire has been placed via 
the patient’s right internal jugular vein. 

Obtain a chest x-ray to confirm pacing wire position and 

absence of potential complications (e.g., pneumothorax) 

(Fig. 32.5). 

Obtain a 12-lead ECG (Fig. 32.6). 





Fig. 32.2 Pacing wire balloon locking lever 
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Fig. 32.3 Insertion of intro- 
ducer needle into internal jugular 
vein with ultrasound guidance 





Fig. 32.4 Placement of 
introducer catheter over 
guidewire 
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32.5 Complications 


e Arterial puncture 

¢ Venous thrombosis 

¢ Thrombophlebitis 

¢ Pulmonary embolus 

¢ Pneumothorax 

¢ Fracture of guidewire with embolization 

¢ Hemothorax 

¢ Thoracic duct laceration 

¢ Indwelling line infection (local or systemic) 

¢ Dysrhythmias/premature ventricular contractions (PVCs) 

¢ Insertion of pacing wire into coronary sinus/pulmonary artery 

¢ Left (rather than right) ventricular pacing through atrial 
septal defect/ventricular septal defect (ASD/VSD) 

¢ Septal perforation 

¢ Ventricular perforation 

¢ Entrapment/twisting of preexisting permanent pacing 
wires by the temporary pacing wire 

¢ Balloon rupture 

¢ Chordae tendineae rupture 

¢ Pacing wire fractures 

¢ Loss of capture owing to wire displacement or fracture 

¢ Generator failure 


32.6 Pearls and Pitfalls 


¢ Confirm all necessary equipment is present and functional 
before beginning the procedure. If a dedicated transvenous 
pacing set is unavailable, individual components required 
(e.g., pacing catheter, connector cables, introducer catheter, 
guidewire) may need to be “cannibalized” from several dif- 
ferent procedure kits in an emergency department. 

¢ Become familiar with the locking valve for the pacing 
wire balloon before beginning the procedure. This small 
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part is essential for inflating and deflating the balloon but 
is frequently difficult to adjust owing to stiffness (and all 
the more so if covered in blood). 

¢ The ideal position for the pacing wire tip is against the 
diaphragmatic aspect of the right ventricle between its 
midpoint and its apex. This position is confirmed by 
development of an LBBB pattern with left axis deviation 
on the cardiac monitor. If difficulty is encountered achiev- 
ing this position, the tip of the pacing wire can be moved 
to the right ventricular outflow tract, where the wire is less 
stable, but adequate pacing can still be achieved. In this 
latter position, the threshold will need to be kept relatively 
high and the monitor should display an LBBB pattern 
with an inferior axis. 

¢ The use of balloon-tipped catheters enables the catheter 
tip to be directed with blood flow and its position (and 
successful capture) to be confirmed with a cardiac moni- 
tor. Nonballoon-tipped catheters, however, have typically 
required insertion with guidance of either constant ECG 
monitoring or fluoroscopy. 
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33.1 Indications 


¢ Treatment of hemodynamic compromise from cardiac 


tamponade 


¢ To diagnose the cause or presence of a pericardial 


effusion 


33.2 Contraindications 


e Absolute 

— Aortic dissection 

— Need for immediate surgery for trauma patients 
¢ Relative 

— Coagulopathy 

— Anticoagulant therapy 

— Thrombocytopenia 


33.3 Materials and Medications 


¢ Antiseptic (e.g., Chloraprep) 

¢ 1% lidocaine 

e 25-gauge needle, 5/8-in. long 

¢ 18-gauge catheter-type needle, 1/%2-nch long 
¢ Syringes (10, 20, and 60 mL) 


e Ultrasound (US) machine and cardiac/phased array probe 


¢ Sterile US probe cover 
¢ Cardiac monitor 
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33.4 Procedure 


iB 


6. 


Identify the point of maximal effusion with US. Evaluate 
for hypoechoic or anechoic (dark) effusion around the 
heart, between the pericardial sac and the myocardium. A 
patient with hemodynamic compromise from a pericar- 
dial effusion or tamponade will have right ventricular col- 
lapse, septal bulging, and dilation of the inferior vena 
cava. Diastolic collapse of the right ventricular free wall 
can be absent in elevated right ventricular pressure and 
right ventricular hypertrophy or in right ventricular 
infarction. 

Measure the distance from the skin surface to the effusion 
border to assess the expected needle depth. 

Choose the needle trajectory based on the point of maxi- 
mal effusion in the path with the fewest intervening struc- 
tures. The most commonly used approaches are left 
parasternal, apical, and subxiphoid. For complex locu- 
lated posterior pericardial effusions, optional techniques 
such as transatrial and transbronchial may be performed 
by specialists. These types of loculated effusions can 
occur in autoimmune diseases, infective pericarditis, after 
cardiac surgery, and after radiotherapy. 

Sterile preparation: prepare the skin of the entire lower 
xiphoid and epigastric area with antiseptic. Prepare the 
US transducer with a sterile sleeve. 

Local anesthetic: if the patient is awake, anesthetize the 
skin and planned route of the needle. 

Pericardial needle insertion: depends on approach used. 
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33.4.1 Subxiphoid Approach (Fig. 33.1) 33.4.2 Apical Approach (Fig. 33.2) 
¢ The US transducer is placed just inferior to the xiphoid ¢ The US transducer is placed at the patient’s point of maxi- 
process and left costal margin. mal impulse and aimed at the patient’s right shoulder for 
¢ Insert the needle between the xiphoid process and the left a four-chamber view of the heart. 
costal margin at a 30-45° angle to the skin. ¢ Insert the needle in the fifth intercostal space | cm lateral 
e Aim for the left shoulder. to and below the apical beat, within the area of cardiac 
dullness. 


¢ Aim for the right shoulder. 

e« A Mayo Clinic review showed, in 80 % of total effusions, 
that the distance to the effusion was least and the size was 
maximal in the apical approach [1]. 





ecLigmcemilel (el 


Path to fluid 





Fig.33.1 Subcostal approach (a) and corresponding ultrasound image 
(b). Red line through liver to obtain fluid (no fluid present on ultrasound 
image) 





Fig. 33.2 Apical approach (a) and corresponding ultrasound image 
(b). Red line with minimal distance to fluid if present (no fluid present 
on ultrasound image) 


33 Pericardiocentesis (Optional: Ultrasound Guidance) 


33.4.3 Parasternal Long-Axis Approach 


The US transducer is placed obliquely on the left sternal 
border between the fourth and fifth ribs with the trans- 
ducer indicator aimed at the right shoulder. 

Insert the needle perpendicular to the skin in the fifth 

intercostal space medial to the border of cardiac 

dullness. 

— Visualize and feel a giving way as the needle pene- 
trates the pericardium. Removal of fluid confirms suc- 
cessful entry. Remove fluid with the goal of restoring 
hemodynamic stability. Aspiration of fluid should 
result in improvement in blood pressure and cardiac 
output. 

— Remove the catheter and apply a dressing. Optional: 
Place a pigtail catheter using the Seldinger technique 
for continued drainage. 


33.5 Complications 


Blind techniques are associated with 20 % morbidity and 
6 % mortality. The complication rate with US-guided 
approaches is less than 5 % [2]. 

Any vital structure within reach of the pericardial nee- 
dle has the potential for injury: pneumothorax; hemo- 
thorax; coronary vessel laceration; hemopericardium; 
heart chamber lacerations; intercostal vessel injury; 
dysrhythmias; ventricular tachycardia; puncture of the 
liver, diaphragm, or gastrointestinal tract; bacteremia; 
purulent pericarditis; air embolisms; and pleuroperi- 
cardial fistulas. 


33.6 Pearls and Pitfalls 


Pearls 

— A scoring index is available that can be obtained at 
initial presentation in patients without hemodynamic 
compromise that identifies those who require pericar- 
dial effusion drainage later in the course of treatment. 
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The scoring index uses echocardiographic findings, 
etiological information, and the size of the effusion at 
end-diastole [3]. 

— Take care to avoid the left internal mammary artery, 
which travels in a cephalad-to-caudad direction 3-5 cm 
lateral to the left sternal border [4]. 

Pitfalls 

— Tamponade should always be considered in the differ- 
ential diagnosis of shock or cardiac arrest owing to 
pulseless electrical activity (PEA). Complications of 
acute coronary syndrome, aortic dissection, and 
decompensations in chronic advanced constriction 
may also need treatment [5]. 

— When cardiac compensation mechanisms are 
exhausted, small increases in pericardial volume can 
lead to an increase in ventricular diastolic pressure, 
systemic and pulmonary congestion, and decrease pre- 
load and cardiac output. 

— Use US-guidance rather than a blind or an electrocar- 
diogram (ECG)-alone-guided approach for pericardio- 
centesis to significantly decrease the risk of injury to 
vital structures [4]. 

— Do not delay patient transport to the operating room to 
perform pericardiocentesis on a traumatically induced 
effusion unless the patient is hemodynamically unsta- 
ble and on the verge of cardiac arrest. 
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34.1 Indications 


¢ Undifferentiated respiratory distress 
¢ Unexplained hypotension 
e Evaluation for cardiac tamponade, pericardial effusion 


34.2 Contraindications 


¢ Relative 

Morbidly obese patients 

Patients with chest wall deformities 
Patient with subcutaneous 
pneumopericardium 

Combative or altered patients 


| 


| 


| 


emphysema, 


34.3 Materials and Medications 


¢ Portable ultrasound machine with appropriate probes 
(phased array) 

¢ Ultrasonic gel for the probe 

¢ Drapes for the patient (if the condition allows) 


34.4 Procedure 


1. Begin with the parasternal long-axis view. If possible 
have the patient turn to the left decubitus side (that helps 
“move” the heart closer the chest wall). 
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. Find the phased array probe, select the “cardiac examina- 


tion” on the machine, and make sure the orientation 
marker is pointed toward the right shoulder of the patient. 


. Place the probe along the left side of the sternum over 


the fourth to sixth intercostal space. This should produce 
the image shown in Fig. 34.1. 


. Measure the diameter of the ventricle during the end of 


diastole (normal values, 21 mm+1 mm; any measure- 
ment >25-—30 mm is abnormal). 


. Using the aorta as a landmark, evaluate the structures 


starting with the pericardium (bright white line around 
the heart), making sure there is no fluid around it. (Fluid 
above the aorta indicates a pericardial effusion. Fluid 
below the aorta indicates a pleural effusion.) If a 
hypoechoic or anechoic stripe appears in the anterior 
side of the heart, it is most likely a fat pad. Fluid seen 
“all around” categorizes it as an effusion. 


. While keeping the probe in the same place, rotate the 


probe marker 90° clockwise toward the left shoulder to 
obtain the parasternal short-axis view (Fig. 34.2). 





Fig. 34.1 Parasternal long-axis view (PSLA). / right ventricle, 2 left 
ventricle, 3 left atrium, 4 aortic outflow track; circle descending aorta 
(right atrium is not visualized in the PSLA) 
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Fig. 34.2 Parasternal short-axis view (PSSA). / right ventricle, 2 left 
ventricle 





Fig. 34.3 Four-chamber view (4C). / left ventricle, 2 left atrium, 
3 right ventricle, 4 right atrium 
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The parasternal short-axis view will give information on 
the contractility of the heart. The right ventricle should 
be anterior and to the left and the left ventricle to the 
right. The normal position of the septum bows slightly 
toward the right ventricle. 

Obtain a four-chamber view. Place the orientation 
marker to the patient’s left. 

Palpate for the point of maximum impulse (PMI) and 
place the transducer. All four chambers should appear in 
one view (Fig. ). 

Compare the sizes of the ventricles and note any differ- 
ence. Notice also the interventricular septum. The nor- 
mal right-to-left ventricular ratio is less than 0.5. (In an 
unstable patient, this is probably the most useful because 
both ventricles can be quickly visualized and the ratio 
compared.) 

A subxiphoid approach is also possible. Make sure the 
orientation marker is toward the right side of the patient 


(Fig. 34.4). 


Fig. 
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34.4 Subcostal/subxiphoid view. RV right ventricle, RA right 


atrium, LV left ventricle, LA left atrium 


Fig. 


12. 


13. 





34.5 Inferior vena cava. L liver, 2 inferior vena cava, H heart 


Use the liver for orientation. The right side of the heart 
will be nearest to the liver (think that the liver is on the 
right of the body); again note for any differences in the 
size ratio. 

Next take a look at the inferior vena cava (IVC) by plac- 
ing the curved array transducer just inferior to the xiphoid 
in a longitudinal fashion. (Switch from the subxiphoid 
view to the IVC by rotating the probe counterclockwise 
until the IVC is seen.) Evaluate the IVC. During normal 
physiological inspiration, the drop in intrathoracic pres- 
sure “pulls” blood into the heart, thus decreasing the rela- 
tive IVC size. If something is preventing venous return, 
such as a massive PE, collapse will not be as evident and 
the suspicion for PE increases (fluid overload and 
increased central venous pressure [CVP] will also account 
for this finding). Normal IVC diameter is 1.2—2.3 cm, and 
total collapse and greater than 50 % collapse are normally 
visualized. An increase in IVC size and less than 50 % or 
no change has been correlated with increased right atrial 
pressures (11 to >20 cm Hg) (Fig. ). 
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Figure 8. Simulated and test DC output voltage of multi- 
plier as a function of input power. 
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Figure 9. DC output voltage verses rise time of 4 stage volt- 
age doubler circuit with equal stage capacitance [8]. 
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Figure 10. DC output voltage verses rise time of 4 stage 
voltage doubler with varied stage capacitance [8]. 


posed voltage multiplier circuit operates at the frequency 
of 945 MHz with the specified input power levels. The 
results have shown that there is multiplication of the in- 
put voltage. From Figure 12, it is shown that at 0 dBm 
input power, the multiplication factor is 22. This is sig- 
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Figure 11. DC output voltage verses rise time of voltage 
doubler circuit through 4 - 7 stages with equal stage ca- 
pacitance. 


Conversion Ratio 





40 -45 -50 


20 -25 -30 -35 


0 5 -10 -15 





Input Power (dBm) 


Figure 12. Conversion ratio as a function of input power. 


nificant, as the work shows that RF energy in the GSM- 
900 band can be harvested from the ambient RF source 
using the Villard circuit topology. The power density 
levels from a GSM base station is expected from 0.1 
mW/m? to 1 mW/m’ for a distance ranging from 25 m - 
100 m. These power levels may be elevated by a factor 
between one and three for the GSM-900 downlink fre- 
quency bands depending on the traffic density [10]. The 
next phase of the research work is to interface the voltage 
multiplier circuit through a matching network to the an- 
tenna at the input side and a low power device to power 
from the system at the output side to complete the RF 
energy harvesting system. 
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34 Ultrasound Evaluation of Pulmonary Embolism and Heart Strain 


34.5 Findings 


A right heart that is “strained” or pumping against a higher 
resistance owing to a PE will show some or all of these 
changes: 


1. Right ventricular dilation (Fig. 34.6). 

2. Right ventricular hypokinesis (especially of the middle 
segment), McConnell’s sign but normal motion of the apex. 

3. Tricuspid regurgitation. 

4. Abnormal septal motion: deviated toward the left ventri- 
cle (normally it relaxes during diastole toward the right 
ventricle); as pressure increases, the right ventricle will 
not empty properly and septal flattening can be seen. 

5. Dilated IVC with little or complete loss of changes in 
diameter with respiration (variability); the IVC collapses 
less than 50 % during inspiration. 





Fig. 34.6 Four-chamber view that shows right ventricular dilatation 
due to pulmonary embolism. Normally, the LV is greater than the RV 
during diastole, but in the case of increased pressure, the RV will be 
enlarged. RV right ventricle, LV left ventricle 
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34.6 Complications 


¢ Ultrasound per se has been shown to cause no direct com- 
plications with proper use unless it is interfering with 
advanced airway or life-saving procedures. 


34.7. Pearls and Pitfalls 


¢ Pearls 

— Proper interpretation of the images is necessary 
because some normal anatomy could be confused with 
a positive finding. Make sure to properly identify the 
structures because a common mistake is to identify the 
aorta thinking it is the IVC. 

— Depth: increase to be sure to visualize all structures. 

¢ Pitfalls 

— Ultrasound is user dependent, and the acquisition of 
images will vary with each user, creating the possibil- 
ity of false-negatives if images not properly acquired. 

— Reversal of the orientation owing to transducer 
misplacement could “reverse” the anatomy and allow 
mistakenly identification of structures. 

— An enlarged right ventricular wall (>5 mm) is consid- 
ered hypertrophied and would indicate a more chronic 
etiology of a right ventricular dilation. 

— Gain problems: adjust so the heart chambers are 
anechoic and the walls are echogenic. 
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35.1 Pacemaker Function 

There are approximately 500,000 implanted cardiac pace- 
makers in the USA and another 100,000 are implanted each 
year [1]. In the emergency department, a physician may be 
faced with a pacemaker that is not functioning appropriately. 
To understand the ways in which a pacemaker can malfunc- 
tion or lead to medical complications, first it is important 
to understand how pacemakers work when they do so 
appropriately. 

A common pacemaker system is composed of a pulse 
generator and insulated wire leads that originate in the pulse 
generator and end within the myocardium. The pulse genera- 
tor is implanted in the pectoral region. It contains circuitry 
and the battery and creates the electrical impulses that depo- 
larize the myocardium. The leads leave the pulse generator 
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and are directed to the heart by following the venous system. 
Leads may terminate in the right atrium, the interventricular 
septum of the right ventricle, or biventricular pacing; a third 
lead navigates the coronary sinus to the left ventricular wall 
(Figs. 35.1 and 35.2). 

Early pacemakers produced impulses only at a set rate. 
Today, however, virtually all pacemakers have sensing leads 
that detect intrinsic activity and react with electrical 
impulses when the intrinsic intervals fall outside of a set 
time threshold. Some pacemakers are programmed to allow 
for rate changes based on physical activity. To simplify the 
classification of different pacemaker types, the North 
American Society of Pacing and Electrophysiology and 
British Pacing and Electrophysiology Group (NASPE/ 
BPEG) developed a five-letter code to describe each 
pacemaker (Table 35.1) [2]. 


211 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_35 


212 J.D. Romano and C. Coletti 






Right atrial lead 





Right ventricular lead 


Fig.35.1 Common pacemaker lead insertion sites Fig. 35.2 Common generator location and path of pacemaker leads 


Table 35.1 NASPE/BPEG five-letter pacemaker code 














Paced chamber Sensed chamber Response to sensing Rate modulation Multisite pacing 
A=atrium A=atrium T=triggered R=rate modulation A=atrium 

V =ventricle V=ventricle I=inhibited O=none V=ventricle 
D=dual D=dual D=dual D=dual 
O=none O=none O=none O=none 

















Reproduced with permission from Bernstein et al. [2] 


35 Pacemaker Evaluation in the Emergency Department 


35.2 Common Pacemaker Codes [3] 


e VVI: ventricular paced and sensed, inhibited by normal 
intrinsic pacing; used for patients with a need for pacing 
if bradycardia occurs 

e VVIR: ventricular paced and sensed, inhibited by normal 
intrinsic pacing; adaptive to changes in intrinsic rate for 
physically active patients 

e DDD: dual-chamber paced and sensed, inhibited by nor- 
mal intrinsic atrial and ventricular electrical activity; used 
in third-degree atrioventricular (AV) block to allow for 
more physiological conduction 

¢ DDDR: dual-chamber paced and sensed, inhibited by 
normal intrinsic atrial and ventricular electrical activity; 
adaptive to changes in intrinsic rate; used primarily in 
sinoatrial (SA) node dysfunction to closely mimic nor- 
mal, adaptable heart conduction 


35.3 Pacemaker Malfunction 


Malfunctioning pacemakers can have complicated program- 
ming that is best altered after thorough “interrogation” by a 
trained electrophysiologist. This type of evaluation is beyond 
the scope of this chapter and, in many clinical settings, sub- 
specialty support is not readily available. In the emergency 
department, it is vital to stabilize the patient and identify 
common pacemaker system issues. Pacemaker system mal- 
functions can be identified as a failure to sense, failure to 
pace, failure to capture, or pacing at an inappropriate rate [4]. 
Another common abnormality associated with pacing is the 
“pacemaker syndrome” [3]. 


¢ Failure to sense: 

— Oversensing: The sensor interprets external stimuli 
as a normal ventricular rate leading to inappropriate 
inhibition. This may be due to lead fracture, fibrosis 
of the lead tip, or lead dislodgment. Cross talk is 
present when the atrial stimulus is sensed on 
the ventricular lead causing inappropriate inhibi- 
tion. Oversensing is rarely due to failure of the 
generator. 

— Undersensing: Present when there is constant pacing 
despite cardiac activity that has not exceeded thresh- 
old. This can be due to low-amplitude intrinsic cardiac 
activity, lead dislodgment, battery depletion, or meta- 
bolic abnormalities. 
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Failure to pace: 

— Lack of pacing despite appropriate sensing of the 
intrinsic electrical activity or activity below the thresh- 
old rate. 

— Typically caused by lead fracture, battery depletion, or 
fibrosis of the lead tip. 

— Itis rare for any specific part of the device to fail, but 
suspicion should be high if the patient had recent radi- 
ation therapy, electrocautery, defibrillation, electro- 
shock therapy, magnetic resonance imaging (MRI), 
lithotripsy, or transcutaneous electrical nerve stimula- 
tion (TENS) treatments. 

— Rarely due to battery depletion. 

Failure to capture: 

— A lack of cardiac response despite appropriate sensing 
and subsequent pacer stimuli. 

— Commonly due to lead dislodgement, but can be due to 
myocardial perforation, lead fracture, fibrosis of the 
lead tip, poor lead placement, battery depletion, and 
antiarrhythmic medications. 

— Functional failure to capture occurs when pacer stimuli fall 
within the refractory period of previous depolarization. 

Pacing at an inappropriate rate: 

— Likely due to an endless-loop reentry tachycardia 
known as pacemaker-mediated tachycardia. 
¢ More common in DDD pacemakers. 
¢ Initiated by a premature ventricular stimulus, which 

is carried retrograde through the intrinsic conduc- 
tion system to the atrioventricular node (AVN) and 
then the atria. This conduction is sensed by the 
atrial lead and causes triggering of pacing back in 
the ventricle. The ventricular depolarization is then 
sensed again in the atria, forming a loop. The intrin- 
sic conduction system acts as a retrograde limb and 
the pacer circuit acts as the anterograde limb of a 
reentry tachycardia. 

The “pacemaker syndrome”: 

— Constellation of symptoms found in 20 % of patients 
with pacemakers. 

— Symptoms include syncope, near-syncope, dizziness, 
fatigue, weakness, pain, shortness of breath, and 
cough. 

— Ventricular rates are poorly timed with atrial activity 
such that atrial contraction occurs against closed mitral 
and tricuspid valves. 

— Wentricles lose the benefit of the atrial kick, the atria 
enlarge, and signs and symptoms similar to congestive 
heart failure ensue. 


35.4 
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Initial Evaluation of the Patient 
with a Pacemaker [4] 


History: 

— Symptoms of syncope, near-syncope, chest pain, pal- 
pitations, and irritation at the generator pocket 

— Brand and NASPE/BPEG code 

— Date of implantation 

— Location of generator pocket and any previous 
locations 

— Most recent electrophysiological interrogation 

— Medications that interfere with function, such as fle- 
cainide or lidocaine 

— Recent procedures, such as MRI, lithotripsy, or 
defibrillation 

Physical examination: 

— Check vital signs, listen for heart sounds (paradoxi- 
cally split S2 is normal). 

— Inspect generator pocket; turning of the leads is associ- 
ated with Twiddler’s syndrome, in which a patient 
compulsively touches the skin around the device. 

— Look for jugular venous distension. 

Laboratory studies and electrocardiogram (ECG): 

— Obtain a chest x-ray to determine effusions, infil- 
trates, generator placement, and lead placement or 
fracture. 

— Electrolyte 
corrected. 

— ECG: The following are examples of appropriate ECG 
patterns in patients based on type of pacing [3]: 
¢« VOO (asynchronous pacing): Regular pacer spikes 

lead to immediate QRS waveforms. Left bundle 
branch block (LBBB) is a normal finding in a right 
ventricular lead location. 

e VVI: Pacer spikes and an LBBB waveform should 
be seen if the intrinsic rate is below the threshold 
rate. 

¢ DDD: Various patterns are possible. If the intrinsic 
rhythm and intervals are normal, then no pacer 
spikes will be seen. If the atrial rate is slow and AV 
delay is normal, then an atrial spike will cause a P 
wave and a normal QRS. If AV delay is prolonged, 
then two spikes may be observed: a P wave and a 
QRS with an LBBB waveform. 

If malfunction is suspected: 

— Obtain intravenous (IV) access, place the patient on a 
heart monitor, and, if possible, consult cardiology for 
interrogation and reprogramming. 

— Obtain a ring magnet: 
¢ Positioning over the generator causes the pacing 

stimuli to revert to an asynchronous ventricular 
pacing mode at a set rate [5]. 


imbalances must be detected and 
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Interpreting the Type of Malfunction 
Based on ECG 


The first step in evaluating the ECG of a malfunctioning 
pacemaker is to determine the presence of pacing spikes [6]: 


If pacing spikes are noted on the ECG, determine whether 

capture is present by ensuring that an appropriate wave- 

form follows each pacer spike and that there is an associ- 
ated pulse. 

— If capture is present, check the rate: 
¢ If the rate is appropriate, the pacer is functioning 

normally. 

— If the rate is slow, suspect oversensing. 

— If the rate is rapid, suspect undersensing or 
pacemaker-mediated tachycardia. 

— If capture is not present, consider metabolic effects or 
component failure. 

If pacing spikes are not noted on the ECG, determine 

whether the patient is in an intrinsic rhythm: 

— If the patient is in an intrinsic rhythm and the rate is 
appropriate, application of a ring magnet will cause 
pacer spikes to show up at a set rate. This is normal 
functioning. 
¢ If application of the magnet does not cause pacing, 

suspect mechanical failure. 

— Ifthe patient is not in an intrinsic rhythm, place a mag- 
net over the generator. 
¢ If magnet application causes pacing, consider 

oversensing. 
e If it does not, consider mechanical failure. 

If a patient is hemodynamically unstable and application of 

a magnet leads to stability, keep the magnet in place until 

the patient is able to have the pacemaker interrogated. 


35.6 Management of Pacemaker-Mediated 


Tachycardia 


After ensuring adequate IV access, placing a heart moni- 
tor, and interpreting a baseline ECG, put a ring magnet 
over the generator [5]. 
— Ifanormal rhythm results, keep the magnet on the chest. 
— If it does not change the rate, attempt isometric pecto- 
ral exercises by having the patient press the left hand 
against the right shoulder. 
¢ This is an attempt to overstimulate the pacemaker 
sensor and precipitate inhibition of pacer output. 
e If this is unsuccessful, consider transcutaneous 
pacing. 
¢ If transcutaneous pacing is unsuccessful, then the 
leads may require surgical adjustment or removal. 


35 Pacemaker Evaluation in the Emergency Department 
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Part V 


Spine Evaluation 


Justin Bennett and Lars K. Beattie 


The cervical spine (C-spine) accounts for the majority of all 
spinal injuries. In the US prehospital setting, patients are 
often transported using cervical collars (C-collars) and rigid 
backboards in trauma and when spinal cord injuries are sus- 
pected. After airway, breathing, and circulation, every effort 
must be made to secure the C-spine. 

There are two main subcategories of C-collars: the one- 
piece and the two-piece. One-piece C-collars include the 
Stifneck and the Ambu Perfit. Two-piece C-collars have pos- 
terior and anterior pieces, with the anterior piece usually the 
larger of the two. Examples of two-piece collars include the 
Aspen collar, the Philadelphia collar, and the Miami J collar. 
The basic features of a C-collar include: 


e Adjustable circumference with fasteners (usually Velcro 
straps) 

e Adjustable height with a locking device of different sizes 

¢ Hooks for a nasal cannula 

¢ Exposure of the anterior neck for pulse checks and 
advanced airway procedures 

¢ Posterior access for cervical palpation 

¢ Padding to protect the soft tissues of the neck 
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36.1 Indications 
¢ Prehospital suspicion for spine trauma: 

— Emergency department patients or trauma patients 
who fail clinical rule-out criteria such as NEXUS 
(National Emergency X-Radiography Utilization 
Study) and Canadian C-spine rules (see Chap. 37) 


36.2 Contraindications 


¢ Absolute: 
— Cervical dislocation with fixed angulation 
— Impaled foreign object in the neck 
— Massive soft tissue swelling in the neck 
¢ Relative: 
— Unsecured airway 
— Surgical airway 
— Vomiting 
— Mandible or soft tissue injuries with potential for 
airway compromise 
— Preexisting anatomical abnormalities 


36.3 Materials and Medications 


¢ Properly fitting C-collar 
* Consider: 
— Head blocks, if needed for lateral stabilization 
— Towels or backboard pads for custom support 
¢ Under shoulders — pediatric patients 
¢ Under occiput — adults with poor C-spine mobility 
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36.4 Procedure (Aspen Collar) (g) Once the Velcro fasteners are in place, ensure that the 
height is properly adjusted on the C-collar to mini- 
1. Address airway, breathing, and circulation while main- mize C-spine mobility. 
taining in-line immobilization, before placing a C-collar. (i) Most C-collars have height adjustments that uti- 
2. Gather personnel: lize a locking device that requires releasing a 
(a) One person is needed to apply the collar to an awake locking mechanism by pulling out. 
patient. 


(b) Two or more people may be required when a patient 

has an altered level of consciousness: 
(i) One to maintain in-line immobilization in the 
neutral position 
(ii) One to place the C-collar 
3. While the C-spine is being held in neutral position, assess 
the airway before placing the C-collar: 

(a) Anticipate and prepare for airway compromise early 
to avoid a crash intubation. 

(b) Place airway if necessary. 

4. Palpate and inspect the C-spine, head, and shoulders for 
evidence of trauma before placing the C-collar. 

5. While maintaining the neutral position of the C-spine, 
place the C-collar: 

(ay Bomove lone clothing, Jew ele), and ‘earnings: (hat Fig. 36.2 Slide occipital section of collar behind occiput flat against 
may cause soft tissue pressure wounds. stretcher 

(b) Begin with the piece of C-collar that fits under the 
occiput (Fig. 36.1). 

(c) Fold the Velcro straps behind the C-collar. 

(d) Gently hold back the hair (Fig. 36.2). 

(e) Slide the occipital section or piece of the C-collar 
behind the occiput (Fig. 36.3). (Use in-line C-spine 
stabilization in patients with an altered level of 
consciousness.) 

(f) Wrap (one-piece) or place (two-piece) the anterior 
section of the C-collar around the circumference of 
the patient’s neck and snugly under the chin 
(Fig. 36.4). 











Fig. 36.3 (a) Use of hand to guide C-collar behind occiput; (b) unfold 
Fig. 36.1 Fold Velcro strap of C-collar posteriorly Velcro strap and position collar behind cervical spine 


36 Cervical Collar Placement 





Fig. 36.4 (a) Correct orientation of anterior portion of C-collar; 
(b) incorrect orientation of anterior portion of C-collar may cause injury 


(ii) The Aspen collar is adjusted with a combination 
of pulling out while twisting a round knob at the 
sternal notch (Fig. 36.5). 

(111) Pull out (away from patient) and twist for height 
adjustment of the Aspen two-piece collar. 

(iv) Adjust the height of the Ambu Perfit one-piece 
collar by simultaneously pulling (away from the 
patient) the two locking pins out and adjusting 
the height of the collar before pushing the pins 
back in (toward the patient) to lock the collar at 
the desired height (Fig. 36.6). 

6. Special cases: 

(a) Depending on the age of the patient, it may be neces- 
sary to place towels under the shoulder blades to keep 
the neck in a neutral position. 

(b) Children: 

(i) Head-to-body ratios are relatively larger than 
that of adults. 

(ii) Placement on a backboard may cause significant 
neck flexion because the occiput rests on a flat 
board. 

(iii) Towels can be placed under a child’s shoulders 
to minimize flexion. 





Fig. 36.5 Aspen collar is adjusted with a combination of (a) pulling 
out while (b) twisting a round knob at the sternal notch 





Fig. 36.6 Adjustment the height of the Ambu Perfit one-piece collar 
by simultaneously pulling (away from the patient) the two locking pins 
out and adjusting the height of the collar before pushing the pins back 
in (toward the patient) to lock the collar at the desired height 
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(c) Adults with excess soft tissue or degenerative changes 
that prevent C-spine straightening: 
(i) A towel or pad is placed behind the occiput to 
prevent hyperextension. 


36.5 Pearls and Pitfalls 


¢ Pearls 

— Airway, breathing, and circulation should be assessed 
before placement of the C-collar. 

— A high index of suspicion of C-spine injury is 
needed in intoxicated or comatose patients and the 
elderly. 

— Always remember to adjust the height and circumfer- 
ence of a C-collar for a snug fit. 

¢ Pitfalls 

— Spinal immobilization increases the risk of aspiration 
in vomiting patients. 

— Failure to palpate and inspect the C-spine, head, and 
shoulders before C-collar placement may delay rec- 
ognition of an impending airway emergency and 
conceal signs of critical injury needing rapid assess- 
ment and care. 


J. Bennett and L.K. Beattie 


— Lateral C-spine motion is unsecured unless tape, rub- 
ber blocks, or towels are used for support. 

— Overlooking C-spine stabilization during C-collar 
placement leaves the C-spine at risk of further injury in 
patients with an altered level of consciousness. 

— C-collars that are too tight may decrease venous return 
from the head and may increase intracranial pressure. 
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37.1 Indications 


¢ Assessment of the need for radiological imaging in trauma 


37.2 Contraindications 


¢ Known unstable cervical spine (C-spine) fracture 
¢ Known unstable ligamentous injury 

¢ Intoxication/altered mental status 

e Presence of distracting injury 


37.3 National Emergency X-Radiography 
Utilization Study (NEXUS) 
and Canadian C-Spine Rules (CCR) 
to Assess the Need for Imaging 


¢ The NEXUS clinical criteria 

Tenderness at the posterior midline of the C-spine 
Focal neurological deficit 

Decreased level of alertness 

Evidence of intoxication 

Clinically apparent pain that might distract the patient 
from the pain of a C-spine injury 


bhi ai a a 
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¢ The presence of any one of the above findings is consid- 
ered to be clinical evidence that a patient is at increased 
risk for C-spine injury and requires radiographic 
evaluation. 
* CCR 
For alert (Glasgow Coma Scale [GCS] 15) and stable 
trauma patients 
1. Any high-risk factor that mandates radiography? 
YES > Radiography 
¢ Age older than 65 years 
¢ Dangerous mechanism (Table 37.1) 
¢ Paresthesias in extremities 
1 NO 
2. Any low-risk factor that allows safe assessment of 
range of motion? NO > Radiography 
¢ Simple rear-end motor vehicle crash (MVC) 
¢ Sitting position in emergency department 
¢ Ambulatory at any time 
¢ Delayed onset of neck pain 
¢ Absence of midline C-spine tenderness 
LYES 
3. Able to actively rotate neck? NO > Radiography 
e 45° left and right 
{ABLE 
No radiography 
« CCR found to have higher sensitivity (99.4 % vs. 
90.7 %) and specificity (45.1 % vs. 36.8 %) and a lower 
rate of imaging (55.9 % vs. 66.6 %) than NEXUS crite- 
ria for C-spine clearance of low-risk alert trauma 
patients. 


Table 37.1 Dangerous Mechanism 


Fall from elevation >3 ft/5 stairs 

Axial load to head (e.g., diving) 

Motor vehicle crash at high speed (>100 km/h), rollover, ejection 
Motorized recreational vehicles 


Bicycle crash 


223 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_37 


224 B. Hexom and T. Havryliuk 








37.4 Type of Imaging 37.5 Materials 
¢ Bones * Cervical collar (C-collar) (Fig. ) 
— C-spine computed tomography (CT)—the new gold 
standard. 


— Plain X-rays—less sensitive than CT; in one study 
X-rays missed 45 % of injuries that were picked up by 
CT [1]. 

e Ligaments 

— C-spine magnetic resonance imaging (MRI)—consider 
for possible ligamentous injuries and for further evalu- 
ation of obtunded patients. 

— Flexion-extension X-rays—less sensitive than MRI for 
detection of ligamentous injuries in the acute phase. 
Delayed flexion-extension films are more sensitive for 
ligamentous injury than those done the day of injury, 
but less sensitive than MRI. 





Fig. 37.1 Assembly of C-collar: Select appropriate size (a). Invert 
chinstrap and snap into place (b). Assembled C-collar (¢) 


37 Cervical Spine Clearance 225 
37.6 Procedure (Fig. 37.2) 


1. Apply C-collar to stabilize spine. Select appropriate size. 

2. Perform a brief neurological examination and assess the 
patient’s mental status; proceed only if both are normal. 

3. Loosen the collar to palpate the midline while the patient 
holds his or her head still. If spinal tenderness exists 
replace the C-collar and proceed to imaging (Fig. 37.3). 

4. Instruct the patient to rotate the neck 45° to each side and 
flex the neck. If the patient is pain free and with no neuro- 
logical comprise, the C-collar may be removed and no 
imaging of the C-spine is required (Fig. 37.4). 





Fig.37.2 Proper placement of C-collar: Slide C-collar under the neck 
while keeping neck immobilized (a). Secure the collar (b). Correct 
C-collar placement (c) 
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Fig. 37.3. Assessment of C spine tenderness: Loosen C-collar while 
keeping neck immobilized (a). Palpate midline of C spine (b) 
Fig. 37.4 C-spine clearance: Instruct patient to rotate neck 45° each 
way (a). Instruct patient to flex neck (b) 
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37.7. Complications 


¢ Missing clinically important C-spine injury 
¢ Pressure ulcer from prolonged use of C-collar 


37.8 Pearls and Pitfalls 


¢ Pearls 
— Select appropriate size of C-collar. 
— Ensure adequate mental status because further imag- 
ing might be required in obtunded/intoxicated patients. 
¢ Pitfalls 
— Avoid prolonged use of C-collar because this can lead 
to a pressure ulcer. 
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Justin Bennett and Lars K. Beattie 


Indications 


Any patient arriving on a rigid backboard in the emer- 
gency department 

Assessment of posterior traumatic injuries 

Performed as early as possible after arrival to prevent skin 
breakdown from pressure ulcers 


38.2 Contraindications 


Improperly fitted cervical collar (C-collar) or unsecured 
cervical spine (C-spine) before log roll 

Unsecured endotracheal tube before log-rolling intubated 
patients 


38.3 Materials and Medications 


Personnel: three or four people 

— One to stabilize the C-spine 

— One or two to roll the patient 

— One to palpate the length of the spine 
Properly fitting hard C-collar 

Trauma shears for removing transport straps 
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38.4 Procedure 


. Ensure that the airway, breathing, and circulation 


(ABCs) are established before attempting to remove the 
patient from the backboard. 


. Gather personnel, at least three, but preferably four peo- 


ple. Larger patients will often require additional 
assistance. 


. For intubated patients an additional person will be 


needed to secure the endotracheal tube during the log 
roll. 


. Ensure the height is properly adjusted on the C-collar to 


minimize C-spine mobility (Fig. 38.1). 


. Position the stretcher at an ergonomic lifting position for 


the person responsible for stabilizing the C-spine. 


. Clothing and transport straps should be removed before 


the log roll to improve visualization of injuries. 


. The patient is asked to cross his or her hands over the 


chest. 


. C-spine stabilization (at head of bed) 


¢ Grasp the patient’s trapezoids at the midclavicular 
line. 

e Secure the sides of the patient’s head between the 
operator’s forearms. 

¢ Stabilize the patient’s head in neutral anatomical 
position relative to the body using the operator’s fore- 
arms (Fig. 38.2). 
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9. Thoracic and lumbar spine stabilization 
¢ One or two (preferably two) people should stand next to 
the patient on the side to which the patient will be rolled. 
— One person: Place hands over the patient’s shoul- 
der and hip. 
— Two people 
e First person places hands on the patient’s 
shoulder and hip. 
e Second person places hands on the patient’s 
hip and knees. 
¢ The decision to roll to the left or right side is deter- 
mined by injury sites, to minimize injury exacerba- 
tion and pain, and to minimize risk of endotracheal 
tube dislodgment. 


Fig.38.1 (a) The height of the Ambu Perfit one-piece collar is adjusted 
by simultaneously pulling the two locking pins out (away from the 
patient) and adjusting the height of the collar, (b) then pushing the pins 


back in (toward the patient) to lock the collar at the desired height 
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Fig. 38.2 (a) Incorrect: Single-point stabilization does not keep head 
and C-spine in line with torso (b, ¢). Correct: The two-point stabiliza- 
tion technique keeps the head and C-spine in line with the torso during 
the log roll 
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10. The person at the head of the bed signals the initiation of 
a synchronized log roll when everyone is in position. 

11. Attention should be directed at maintaining a neutral 
axis along the anatomical line of symmetry during the 
roll (Fig. 38.3). 

12. While the patient is on her or his side, the rigid back- 
board should be removed and secured to prevent injury 
of caretakers. 

13. The patient’s entire posterior should be exposed and 
examined, taking care to note lacerations and obvious 
deformities. 

14. The entire length of the spine is examined by inspection 
and then by palpation to assessed for tenderness, step- 
offs, and deformities (Fig. 38.4). 

15. Before returning the patient back onto the stretcher, 
ensure that any debris, glass, lumps of clothing, or blan- 
kets are removed. 





Fig.38.4 (a—c) After backboard has been removed, the entire length of 
the of the spine can be appropriately palpated and assessed for injury to 
the thoracic and lumbar spine 





Fig. 38.3 (a) The interlocking hands of operators performing lateral 
log roll help maintain spine immobilization and minimize twisting. (b) 
Two-point cervical spine stabilization is maintained in neutral axis rela- 
tive to the anatomical line of symmetry during the roll. Appropriate bed 
height adjustment will increase the ease of the procedure 
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38.5 Pearls and Pitfalls 


e Pearls 


The log roll should be performed in unison to avoid 
segmental rotation. 

The ABCs should be established before initiating the 
log roll, which is part of the secondary survey in the 
trauma evaluation. 

A proper log roll begins with stabilization of the 
C-spine because it is the most freely mobile part of the 
spine and, therefore, most frequently injured. 

Take the patient off the backboard as soon as possible 
to prevent formation of pressure sores. 


e Pitfalls 


Failure to establish a two-point stabilization between 
the patient’s body and the head leaves the C-spine at 
risk of further injury during the log roll. 

Patients should not be left on the backboard for spinal 
precautions. 

Failure to ensure that the ABCs are established before 
attempting a log roll. 
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RF Current Meter 


Stop Guessing and Built This Simple Meter Making Measurements Easy to Take 


Why a Hand Held RF Current Meter 


There are two things that | wanted to do which would be 
made easy with a current meter... Both are related to the 
unusual nature of the antenna here at ACOC. 


1. Checking common mode surface current on coax and 
control cables up in the attic antennas. 


ih 
Ly 4 
ys ® 


With the high cost of ferrites, placing them with the aid of % tially, 
oy 


a current meter is very helpful in that you can compare 
the before (no ferrite) and after (with ferrites attached) - 
and know that you have addressed the current problem 
on a given bit of line. 


uA 


Otherwise, it seemed to me, that ferrite placement was 
more of a guess than a science. 


2. Measuring relative antenna currents along an element 





With the W8WWYV RVM system, | can measure element 
currents where ever a current sensor is placed. This is typically at the center of a dipole element. 


However, the center may or may not be the actual high-current point for the element depending on the frequency. My 
EZNEC models can indicate where the current peaks are - and by looking along these lines manually - comparing them 
with readings taken from the driven element, | can make current checks even in non-standard location of the array. 


The meter described below accomplishes these two tasks very nicely. 


Design Idea 


The design follows an old RSGB design that | found on G3SEK's excellent web site: 


http://www. ifwtech.co.uk/g3sek/clamp-on/clamp-on.htm 


Cable under test CASGB 





| followed this design pretty close except for the R3/R4 which | used variable trim pots. Due to the voltage-doubler nature 
of the circuit, it's capable of exceptional sensitivity. 


The meter was calibrated for full-scale @ 1A on the higher scale, but | have left the lower scale set on a very high 
sensitivity setting which | find very handy for the common mode checking. Here, a sensitive meter providing a relative 
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Part VI 


Neurologic and Neurosurgical Procedures 


Latha Ganti 


39.1 Indications 


Extradural hematoma (EDH) or subdural hematoma 
(SDH) with Glasgow Coma Scale (GCS) <8 and unavail- 
ability of timely neurosurgical intervention in the face of 


increased intracranial pressure 
¢ Signs of increased intracranial pressure [1] 
— Deteriorating level of consciousness 
— Slowing of the pulse 
— Dilating pupils 
— Focal seizures 
— Hemiparesis 
— Extensor posturing of the limbs 


39.2 Contraindications 


e Absolute 

— GCS >8 

— Immediate availability of neurosurgeon 
¢ Relative 


— Lack of imaging (in this case, decision is guided by 
neurologic findings and signs of increased intracranial 


pressure or impending herniation) 
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39.3. Materials and Medications 


Razor to shave area 

2 % lidocaine with epinephrine to numb scalp 

10 % povidone-iodine or chlorhexidine prep 

Light, suction, cautery, dressing tray 

Gelfoam 

Penrose drain 

3-0 silk 

#10 scalpel blade and #3 handle 

Small self-retractors or rakes 

Drill and drill bits: can be manual (Fig. 39.1) or automatic 
stopping variety (Fig. 39.2) 

Bone wax or electric cautery apparatus 

Suction apparatus 

Saline irrigation (IV tubing connected to a saline bag with 
clamp set so flow is low, or a saline syringe flush) 








Fig. 39.1 Hudson brace, burr, and perforator 
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Fig.39.2 Automatic stopping craniotomy drill set 


10. 


11. 


12. 


13. 


14. 


1. 
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39.4 Procedure 


Preparation 


Patient should be supine, intubated, with appropriate 

C-spine precautions 

¢ Hypertonic saline and/or mannitol can be considered 
for medical management of increased ICP if/as 
directed by neurosurgery 


. Determine location and depth for burr hole placement 


(Figs. 39.3 and 39.4): 
¢ Have CT images immediately available for viewing 
¢ Most common location for EDH or SDH is temporal 
— Temporal burr hole placement: 2 fingerbreadths 
above the ear, 2 fingerbreadths forward (Fig. 39.5) 
— Parietal burr hole placement: 2 fingerbreadths above 
the ear, 3 fingerbreadths backward (behind the ear) 
— Frontal burr hole placement: 3 fingerbreadths 
from midline, 3 fingerbreadths above hairline 
¢ Estimate depth of hematoma by counting the number 
of slices the hematoma is as seen on CT scan and 
multiplying by the slice thickness [2] 


. Shave hair around area of hematoma. 
. Prep skin with betadine and chlorhexidine. 
. Anesthetize scalp skin with lidocaine and epinephrine. 


Accessing hematoma 


. Make a vertical incision approximately 4 cm long down 


to bone.s 


. Use periosteal elevator or end of scalpel blade to scrape 


muscle and periosteum away from bone. 


. Place self-retaining retractors (or rakes) to keep field 


open (Fig. 39.6). 


. Using a drill with a clutch mechanism [2], drill through 


outer table (resistance), diploic space (no resistance), 
then inner table. 
¢ Burr hole needs to be placed over the center of the 
hematoma (Fig. 39.7). 
Control bone bleeding with bone wax; control bleeding 
from veins and/or muscle with gelfoam sponge or cau- 
tery (diathermy). 
¢ Wound edges may also be cauterized or tamponaded 
with manual pressure +/— epinephrine gauze. 
Once in the inner table, separate dura from bone 
Enlarge opening by switching to a conical or cylindrical 
burr or use a rongeur 
Evacuating hematoma 
EDH blood will be visible at this point and should be 
gently suctioned out. 
SDH blood will be seen as a tenting of the dura and may 
be clotted: lift the dura with a hook or make an incision 
with a fresh scalpel through it to expose the clot and drain. 
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15. Irrigate with saline (this can be via a hand syringe or via 18. Place Penrose drain (Fig. 39.8) and close the dura first 


IV tubing connected to a saline bag at low sped flow). with a 3-0 absorbable suture, ensuring there is no dural 
16. Repeat gentle suction. leak (will lead to infection if present). 
Closure ¢ A watertight seal of the duraplasty is essential to min- 
17. For temporal burr holes, ligate middle meningeal artery imize cerebrospinal fluid leakage. 
Gif visible) or cauterize. 19. Loosely suture scalp using 3-0 silk. 


Fig. 39.3 Positions of burr hole 
placement 


Frontal burr hole 
Parietal burr 


hole 


Temporal burr hole 


Middle meningeal 
artery 
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Site of burr 
hole 





Tragus of ear 


Anterior branch 
of middle 
meningeal artery 


Blood clot lying 
between endosteal 
layer and meningeal 
layer of dura 


Zygomatic arch 





Fig.39.4 (a, b) Anatomy for temporal burr hole placement (most common location) 
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Fig. 39.7 Use penetrator drill to get through outer table. Follow up 
with a burr to get through the rest of the layers. Can also use an auto- 
matic stop craniotomy drill 





Fig.39.5 Landmark for temporal burr hole above zygoma, make 5 cm 
incision over site 





Fig. 39.6 After incision is made, use retractors (preferably self- 
retaining) to visualize field Fig.39.8 Suture in Penrose drain and close the wound 
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39.5 Complications ° Pitfalls 
— Bone in temporal area is quite thin; if not using an 

¢ Brain laceration/perforation automatic stop drill, be very careful not to go too far 
* Temporal artery laceration and perforate the brain. 
¢ Wrong location (minimized when viewing images during 

procedure) 
¢ Facial artery laceration References 
¢ Meningitis 
¢ Brain abscess 1. Wilkinson DA, Skinner MF. The primary trauma care manual for 


trauma management in district and remote locations. World Health 
Organization (WHO). http://www.steinergraphics.com/surgical/ 
006_17.6.html. Accessed 22 May 2014. 
2. Wilson MH, Wise D, Davies G, Lockey D. Emergency burr holes: 
39.6 Pearls and Pitfalls “how to do it.”. Scand J Trauma Resusc Emerg Med. 2012;20:24. 
doi:10.1186/1757-724 1-20-24. 
¢ Pearls 
— If brain herniates through the burr hole, there is likely 
a hematoma at another location. Selected Reading 
— Remember this is only a lifesaving procedure that is 
to be done when timely neurosurgical intervention is _ http://www.viewmedica.com/vm/pages/library/L_df8516c9#vm_A_ 
not possible. Do not delay transfer of the patient ac54d3al. Accessed 29 June 2014. 
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An external ventricular drain (EVD; also known as a ven- 
triculostomy tube) is placed via a burr hole in one of the 
ventricles of the brain (Fig. 40.1) to drain excess cerebrospi- 
nal fluid (CSF) that causes elevated intracranial pressure. 


40.1 Indications 


¢ Emergent need for intracranial pressure (ICP) monitoring 
and or management 

¢ Enlarged ventricles on neuroimaging with Glasgow coma 
scale <12 

e Subarachnoid hemorrhage with Hunt-Hess grade >3 
(Table 40.1) 

« Coma 

¢ Obstructive hydrocephalus 

¢ Intraventricular hemorrhage 

e Signs of increased intracranial pressure 


40.2 Contraindications 


e Absolute 
— Immediate availability of a neurosurgeon who can do 
the procedure 
¢ Relative 
— Coagulopathy 
— Scalp infection 
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40.3 Materials and Medications 


¢ Intubation equipment and medications for sedation as 
needed 

¢ Sterile gloves, gown, mask 

¢ Ruler 

¢ Surgical marking pen 

¢ 1-2 % lidocaine with epinephrine to numb scalp 

* 5cc syringe and needles to give anesthetic 

¢ 10% povidone-iodine solution and swabs 

¢ Razor to shave area 

¢ Fenestrated clear drape 

¢ Scalpel #11 blade (for scalp) and #15 blade (for perios- 
teum) with #3 handle (Fig. 40.2a) 

¢ 4x4 sterile gauze 

¢ Adson forceps 

¢ Mosquito forceps 

¢ Self-retaining eyebrow retractor (Fig. 40.2b) 

¢ 3-0 nylon suture and needle holder and/or skin stapler 

¢ Scissors 

e¢ A hand drill with variable chuck 

¢ One or more drill bits with depth guards in 5/32” 
(3.97 mm), 13/64” (5.31 mm), and 1/4” (6.35 mm) sizes 

¢ A hex wrench for depth guard adjustment 

¢ Ventricular catheter 

¢ Primed ventricular drainage collection system 


40.4 Procedure 
Patient preparation 


1. Patient is intubated and placed supine in neutral position 
with head of the bed elevated 30-45°. 

2. Administer one dose of intravenous antibiotics that cov- 
ers skin flora. 

3. Make precise measurement of where the hole and inci- 
sion will be made. Most commonly, EVDs are placed in 
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Fig.40.1 Ventricles of the brain that contain CSF 


Table 40.1 Hunt and Hess scale for subarachnoid hemorrhage [1] 

















Grade Signs and symptoms 

1 Alert and oriented, mild headache, slight or no nuchal rigidity 

2 Alert and oriented, moderate to severe headache, nuchal rigidity, no neurologic deficit 
3 Drowsiness, confusion, mild focal neurologic deficit 

4 Stupor, moderate-severe hemiparesis 

5 Coma, decerebrate posturing 








the right frontal scalp, as this is the nondominant hemi- 14. Put on a new pair of sterile gloves (prior to handling 


sphere in >95 % of the population. ventriculostomy catheter). 

4. Using a sterile skin/surgical marker, draw a line 11 cm 15. Remove ventricular tubing from sterile package. It has 
back from nasion and then a point 3 cm to the right of markings on it that are 1 cm apart. 
that, which corresponds to the mid-pupillary line. Thisis 16. Insert ventriculostomy catheter perpendicular to the 
called Kocher’s point (Fig. 40.3). skull at the point of insertion. Catheter is aimed at the 

5. Once Kocher’s point is marked, shave skin and remove ipsilateral medial canthus of the eye (anteroposterior 
loose hairs so field is wide enough for subcutaneous plane) and tragus of ear (lateral plane). 
catheter placement and tunneling. 17. Advance ventriculostomy tube 5—6 cm with stylet from 

6. Prep area with povidone-iodine. outer skull table so it sits in the anterior horn of the 

7. Place sterile clear drape over field. lateral ventricle (Fig. 40.7). 

8. Prep area of incision once more. 18. Ensure ventriculostomy catheter is draining CSF. 

9. Infiltrate scalp with 1-2 % lidocaine with epinephrine 19. Attach metal trocar to tip of ventriculostomy catheter 
(the epinephrine acts as a hemostatic agent, keeping sur- and tunnel the trocar and catheter under the galea 
gical field clean) (Fig. 40.4). approximately 3-5 cm to the right of the original 

10. Make a 2 cm linear stab incision and extend incision to incision. Bring trocar out through separate stab incision 
skull (Fig. 40.5). in scalp. 

11. Use eyebrow self-retaining retractors to hold skin edges 20. Remove trocar, make sure ventriculostomy catheter is 
back. still draining CSF. 

12. Drill burr hole with hand drill (Fig. 40.6). 21. Place temporary cap on ventriculostomy catheter to pre- 


13. Irrigate burr hole with sterile saline. vent overdrainage of CSF. 
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22: 


23. 


#11 scalpel blade: elongated 
triangular blade, sharpened 
along the hypotenuse edge, 
with a strong pointed tip 
making it ideal for stab incisions 


#15 scalpel blade: small curved 
cutting edge with flat back, used 
for making short and precise 
incisions 


External Ventricular Drain Placement 


Close the original incision with either sutures or 
staples. 
Secure catheter to the scalp using staples. 







a 


Fig. 40.2 (a) Surgical scalpel blades. (b) Self-retaining eyebrow 
retractors 


Fig.40.3 Kocher’s point for 
frontal EVD placement 





(Adults) 11-12 cm 
behind nasion 


3 cm off midline 
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25. 


26. 


27. 


28. 


29. 
30. 


32. 
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Cover incision with sterile transparent dressing. 
Suture stopcock to ventricular catheter to ensure it does 
not come off (take care not to make suture too tight or it 
will occlude ventriculostomy catheter). 
Remove blind end of stopcock, attach ventricular cathe- 
ter to ventricular drain system once it is primed. 

Priming, setup, and maintenance of ventricular 
drainage system 
Prepare drainage system by priming system with sterile, 
preservative-free saline. 
Place zero point of drainage system at midbrain (level of 
patient’s ear tragus) or above midbrain at 15-20 cm of 
H,0 (target ICP set by neurointensivist and will change 
depending on patient’s situation) (Fig. 40.8). 

Attach drainage tubing. 

Patients who require an EVD should be closely moni- 
tored by nurses trained and competent in assessment and 
management of the drain and in recognizing signs of 
increased ICP in the patient. 


. Assessment of the drainage system should be done a 


minimum of every 4 h, which includes inspecting the 
EVD from the insertion site along the entire drainage 
system, checking for cracks in the system or fluid 
leaking from the insertion site [2]. 

Post-procedure 
Obtain CT scan of brain to verify placement (Fig. 40.9). 


Mid-pupillary line 


~ Aim catheter 

toward ipsilateral 
medial canthus 

and ipsilateral tragus 


1 cm anterior 
to coronal suture 


10/31/2017 RF Current Meter 


current indication is needed. 


Construction Details 


Once parts were in hand, construction was very easy and 
took perhaps an hour. 


No attempt was made to beautify the work - it's 100% 
orientated toward functionality and utility. 


| had a 100 uA meter in the junk box along with the other 
parts needed and orienting them on the back-side of the 
meter was really the most time consuming aspect. 


The switch is held in position with hot-glue. And a bit of hot 
glue is applied to the meter terminations as a safety 
precaution - just in case | were to brush the meter up 
against something carrying high levels of current. 


Wraps around the toroid were made with wire-wrap type 
wire, 30 Gage. 





Selection of the toroid used was based on what would 
physically fit around the RG-213 sized cable and could be 
easily opened and closed. 


The rubber band shown in the picture makes for a very 
convenient closing mechanism - and in a lot of 
applications, | simply hold the toroid closed with my finger 
pressure which makes moving the meter along a wire - 
and moving from cable to cable - very quick and easy. 





For more ideas, check out Frank N4SPP's very nice RF current meter found HERE. 
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Fig.40.6 Make burr hole 
Fig.40.4 Anesthetize skin 





Fig.40.5 Make stab incision Fig.40.7 Advance ventriculostomy catheter with stylet 

40.5 Complications 40.6 Pearls and Pitfalls 

¢ Hemorrhage ¢ Pearls 

¢ Infection: meningitis, ventriculitis — EVD needs to be re-leveled every time the patient 
¢ Tract hematoma moves. Family and all visitors must be informed that 


¢ Migration/dislodgement any patient movement or change in elevation of head 


40 External Ventricular Drain Placement 245 




































Fig.40.8 Zero point of drainage 
system placed at midbrain (level Collection system 
of patient’s ear tragus) 


Zero-line is 
placed at 
the level 
of the ear 


Black arrow on chamber 
indicates pressure level 
set by surgeon 





; Collection 
Ventricles of Drain bag 
the brain 


of bed will require re-leveling of EVD in order to 
ensure it is a the appropriate level for CSF drainage. 

— CSF collection chamber should remain upright to pre- 
vent reflux/leakage. 

— EVD placement in the parieto-occipital scalp or fron- 
totemporal or trans-sylvian locations is generally not 
done at the bedside due to higher rate of complica- 
tions. This is performed in the operating room. 

¢ Pitfalls 

— If the drain is leveled too low: CSF will drain too eas- 
ily, which can lead to re-rupture of an unrepaired rup- 
tured cerebral aneurysm or cause a subdural hematoma 
due to shearing of bridging veins. 

— If the drain is leveled too high, CSF will not drain or 
will not drain at desired rate, leading to hydrocephalus. 
The ICP will need to be higher in order for the CSF to 
drain. 
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41.1 Indications 
e Diagnostic 
— Evaluation for the possibility of a central nervous sys- 
tem (CNS) infection: viral, bacterial, and fungal men- 
ingitis and encephalitis 
— Evaluation for inflammatory processes: multiple scle- 
rosis, Guillain-Barré syndrome 
— Evaluation for spontaneous subarachnoid hemorrhage 
(SAH) 
— Suspicion of CNS diseases: oncological and metabolic 
processes 
¢ Therapeutic 
— Therapeutic reduction of cerebrospinal fluid (CSF) 


pressure 

— Procedures requiring lower body analgesia or 
anesthesia 

— Intrathecal antibiotic administration for some types of 
meningitis 


— Chemotherapy and methotrexate for some forms of 
leukemia and lymphomas 


41.2 Contraindications 


¢ Presence of infection in tissues at or around puncture site. 
e Increased intracranial pressure (ICP) from a space- 
occupying lesion; patients with signs of cerebral hernia- 
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tion or with potential of increased ICP and focal 
neurological signs. 

¢ Bleeding diathesis (thrombocytopenia, anticoagulant 
therapy, hemophilia); may increase risk of spinal hema- 
toma, but level of coagulopathy that increases risk is 
unclear. 

¢ Patients with cardiorespiratory compromise may worsen 
owing to position. 


Patients with prior history of lumbar surgery, osteoarthri- 
tis, ankylosing spondylitis, kyphoscoliosis, or degenerative 
disk disease might have more success if lumbar puncture is 
performed by an interventional radiologist using imaging 
techniques and should be considered. 


41.3 Materials and Medications 
(See Fig. 123.1) 


¢ Spinal needle(s) with stylet 

— Adults: 3.5-in. 20-gauge needle; obese may require 
5.0-in. 22- to 24-gauge needle 

— Children: 2.5-in. 22-gauge needle 
— Infants: 1.5-in. 22-gauge needle 

¢ Three-way stopcock (optional: drainage catheter) 

¢ Manometer (optional: extension tube for higher opening 
pressures) 

¢ Specimen tubes (# may vary, but in general labeled 1-4, 
important to obtain from 1, 2, 3, 4 owing to cell count 
obtained from tubes 1 and 3) 

¢ Local anesthetic (lidocaine | or 2 %), 5- to 10-mL syringe 
and needle (25-gauge) for local anesthesia 

¢ Sterile drapes and gauze 

¢ Mask, sterile gown, sterile gloves 

¢ Antiseptic solution for skin preparation (Chloroprep or 
iodine) 
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41.4 Procedure 


1. Positioning 


Determined by practitioner preference or patient 
capability. 

Options: lateral recumbent position, upright sitting 
position (Fig. 41.1). 

Lateral recumbent position is preferred to obtain accu- 
rate opening pressure and to reduce the risk of post- 
puncture headache. 

Both positions require the patient to arch the lower 
back toward the practitioner in order to open up the 
intervertebral spaces (obtain the “fetal position” or 
arch “like a cat’’). 

Shoulders and hips should remain aligned during 
process. 


2. Landmarks 


Determined by palpation. 

Draw a visual line between the superior aspects of the 
iliac crests that intersects the midline at the L4 inter- 
space. The L3-4 and L4—5 spaces are preferred 
because these points are below the termination of the 
spinal cord. 

Palpate the posterosuperior iliac crests with the mid- 
point of a visual line that connects the two crests rep- 
resenting the L4 spinous process. 

Palpate the space between the L3—4 or the L4—5 spi- 
nous processes and mark where the needle will be 
placed. 


3. Ultrasound guidance (optional) 


Helpful in obese patients, patients with previous surgi- 
cal scarring, or anyone in whom palpation of the spi- 
nous processes is not easily done. 

Sonographic measurement of the dura mater 
strongly correlates with needle depth needed to 
obtain CSF. 

Identify the spinal process in the short and long axis to 
determine the midline and the interspinous space. 
Identify the interspinous ligament for estimation of the 
depth of needle insertion. 

Commonly only the spinous processes are well 
visualized, and the interspinous ligament, ligamentum 
flavum, and subarachnoid space are less clearly seen. 
High-frequency (5—10 MHz) linear probe to best eval- 
uate anatomy. 

A marking pen can be used to create a cross-hair-type 
figure (Fig. 41.1). 

After placing the patient as described, locate the mid- 
line at the lumbar spine in transverse and longitudinal 
orientations. 

Bright echogenic structures with shadowing posteri- 
orly identify the spinous processes. 
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Transverse probe positioning to identify midline 
(Fig. 41.2), and then longitudinal probe positioning to 
identify interspinous space (Fig. 41.3). 


. Sterile preparation 


After positioning and palpating the appropriate land- 
marks, the practitioner should then dress in the appro- 
priate protective gear: mask, gown, and sterile gloves. 
After dressing, the practitioner can then sterilely pre- 
pare the patient. 
Make sure the patient’s back is completely exposed. 
Clean the patient’s back with an antiseptic solution 
(Chloroprep should be scrubbed in an up/down and 
side/side fashion; iodine in a circular motion starting 
from the center of the anticipated insertion point). 
Apply sterile drapes with the puncture site exposed. 
This is an optimal time to make sure all equipment in 
a standard lumbar puncture tray connects properly and 
that the stopcock for opening pressure measurement is 
assembled. Make sure the stopcock is closed away from 
the patient so that CSF can flow from the patient to the 
manometer. If the assembly is done, it will decrease the 
amount of CSF lost after the puncture. 


Local anesthesia 


| 


| 


1 % Lidocaine or anesthetic cream topically before 
preparing skin 

For injection, form a skin wheal over the insertion site. 
Inject into the deep tissues below the wheal in all 
directions while only breaking the skin once. 
Systemic sedatives and analgesics may also be used. 


. Needle insertion 


Needle should be inserted in the midline between the 
L3-4 or the L4—5 spinous process, and the stylet 
should be firmly in place. 

Initially parallel to the bed, but once into the subcuta- 
neous tissue, the needle should be angled toward the 
umbilicus (slightly cephalad, 15°) with the bevel fac- 
ing upward (Fig. 41.4). This sagittal plane orientation 
spreads rather than cuts the fibers of the dural sac, 
which run parallel to the spinal axis. 

If properly positioned, the needle passes through the skin; 
subcutaneous tissue; supraspinous ligament; interspinous 
ligament between the spinous processes; ligamentum fla- 
vum; epidural space including the internal vertebral 
venous plexus, dura, and arachnoid; into the subarachnoid 
space and between the nerve roots of the cauda equina. 
In most cases, a “pop” will be felt when the needle pen- 
etrates the ligamentum flavum, entering into the sub- 
arachnoid space; then intermittent withdrawal should 
be done in 2-mm intervals to assess for CSF flow. 

If bone is encountered during insertion, the needle 
should be withdrawn partially without exiting the skin 
and readjusted to a different angle more cephalad. 
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Fig. 41.2 Transverse view, white arrow indicates spinous process. 
Place in middle of ultrasound view to locate appropriate midline access 


point Fig.41.3 Longitudinal view of lumbar spine. Thick white arrows indi- 
cate vertebral shadows; thin white arrow indicates supraspinous liga- 


‘ : ; ment. Red arrow indicates trajectory of needle 
¢ If the tap is traumatic, CSF may be blood tinged but eee 


should clear as more is collected. If it does not clear, it 


may indicate intracranial hemorrhage or subarachnoid spinous process of the superior or inferior vertebra. If 
blood. Also in traumatic patients, clotting will be seen the needle is too lateral, an inferior or superior articu- 
in the tubes; clotting does not occur in SAH owing to lar process may be hit. 
defibrinated blood being present in the CSF. Blood- If flow slows down, rotate the needle 90° because a 
tinged CSF can also be seen in herpes simplex virus nerve root may be obstructing the opening. 
(HSV) encephalitis. 6. Opening pressure measurement 

e A dry tap is usually due to incorrect positioning and ¢ Must be performed in the lateral recumbent position. 
misdirection of needle, often due to a superior direc- Although there are some conversion formulas from 


tion of the needle with obstruction by the lamina or the sitting position, these are not standard of care. 
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Fig.41.4 Angle of insertion of needle, cephalad with bevel up 


¢ Once the needle is in the subarachnoid space and CSF 
is flowing from the needle, the three-way stopcock 
should be attached to the needle and the manometer 
should be attached to the stopcock to take a measure- 
ment. Use the flexible tube to connect the manometer 
to the hub of the needle. 

¢ Note the height of fluid in the manometer after it stops 
rising (normal opening pressure, <20 cm Hg); it may 
be possible to see pulsations from cardiac or respira- 
tory motion. 

— Elevated CSF pressure is seen with meningeal 
inflammation, hydrocephalus, pseudotumor cere- 
bri, SAH, and CHF. 

— Decreased CSF pressure is seen in leakage of CSF 
and severe dehydration. 

7. Collecting CSF fluid 

¢ Collect at least 1-2 mL of CSF fluid in each tube, 
going from | to 4 and never aspirate because this can 
cause hemorrhage. 

¢ After collecting the fluid, replace the stylet and remove 
the needle, clean the skin, and place a bandage over the 
puncture site. 

¢ General recommendations 

— Tube 1: glucose, protein, protein electrophoresis 

— Tube 2: Gram stain, bacterial and viral cultures 

— Tube 3: cell count and differential 

¢ When ruling out SAH, cell count should be performed 
in tubes 1 and 3 or 1 and 4 to differentiate between 

SAH and traumatic tap. 

— Tube 4: Any special tests: myelin basic proteins, 
lactate, pyruvate, and smear on cell concentrates all 
depend on suspicion. 
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41.5 Complications 


¢ Implantation of epidermoid tumors: from introducing 
skin plug into the subarachnoid space and can be avoided 
by using stylet when advancing. 

¢ Postlumbar puncture headache: most common, occurring 
in 36.5 % of patients within 48 h 

¢ CSF leak: causes headache when CSF leak through punc- 
ture site exceeds rate of production 

¢ Bleeding: most common in patients with bleeding diathe- 
sis; may result in spinal cord compression 

¢ Epidural hematoma 

¢ Infection: local cellulitis, abscess (local or epidural), or 
meningitis 

¢ Herniation syndromes: high risk can be identified by 
computed tomography but may not completely identify 
all patients with increased ICP 

¢ Backache: local or referred pain 

¢ Cardiorespiratory compromise 


41.6 Pearls and Pitfalls 


¢ Pearls 

— Positioning the patient is key to a successful procedure. 

— In adults the spinal cord may terminate higher than 
previously thought and it may be okay to go one inter- 
space higher than recommended; but in infants owing 
to the differential in longitudinal growth of the spinal 
canal and cord, the spinal cord usually ends in L3. So 
in children the tap must go L4—5 or L5-S1. 

— Always keep the stylet in place until after the skin bar- 
rier is penetrated because this will avoid introduction 
of epidermoid tissue. 

¢ Pitfalls 
— Postspinal headaches can be avoided with smaller nee- 
dles and intravenous (IV) fluids. 
¢ Having the patient lie on the back for 1 h after the 
procedure has no change in incidence of headache. 

¢ Treatment consists of IV fluids initially, then caf- 
feine, and, ultimately, if the headache persists, a 
blood patch. 
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42.1 Doll’s Eyes (Oculocephalic 


Reflex Testing) 
42.1.1 Indications: Doll’s Eyes 


¢ To assess brain stem function of a comatose patient 
¢ To assess cerebral function in a comatose patient if brain- 
stem function is intact 


42.1.2 Contraindications: Doll's Eyes 


¢ Absolute 
— Occult cervical spine injury; rule out radiographically 
and clinically 
— Basilar skull fracture 
¢ Relative 
— Rheumatoid arthritis; increased risk of atlantoaxial 
subluxation resulting in spinal cord compression 
— Osteoporosis; increased risk of cervical spine injury 
— Cervical spine ankylosis; increased risk of cervical 
spine injury 


42.1.3 Procedure: Doll’s Eyes (Fig. 42.1) 


1. Stand at the head of bed and grasp the patient’s head with 
both hands. 
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2. Use the thumbs of both of hands to open the patient’s 

eyelids. 

Rapidly move the patient’s head to one side and hold. 

4. Simultaneously observe for the presence or absence of 
horizontal movements. 

(a) Head movement to one side should result in conju- 
gate eye movement to the opposite side and then in 
spontaneous return of the eyes to the midline (normal 
test). 

(b) Normal oculocephalic reflex is the observation of 
conjugate eye movements to the opposite side of head 
turning. This indicates a functionally intact brainstem 
in a comatose patient. 

(c) Abnormal oculocephalic reflex: incomplete or absent 
horizontal eye movements. The eyes remain in the 
midline. This indicates impairment of the brainstem; 
caloric testing should be done if not contraindicated. 

(d) A partially abnormal oculocephalic reflex: conjugate 
eye movement opposite to head turning but does not 
return to the midline means the brainstem is intact but 
cerebrum function is not. 

5. Repeat by rotating the head to the opposite side. 

6. Vertical oculocephalic response can be tested by moving 
the patient’s head up and down. A compensatory vertical 
eye movement should be observed. 

(a) This test is useful only if the horizontal oculocephalic 
reflex is negative. An intact vertical oculocephalic 
reflex with a negative horizontal oculocephalic reflex 
suggests a pontine lesion. 

7. Document the observations. 


ad 


42.1.4 Pearls and Pitfalls: Doll’s Eyes 


¢ Oculocephalic reflex may not be present in the first 10 
days of life and is unreliable until 2 years of age. 

¢ Do not attempt the doll’s eye maneuver in patients with 
cervical spinal injuries. 
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Fig. 42.1 The oculocephalic (doll’s eyes) reflex in a patient with an 
intact brainstem. (a) Start with the head facing upright and grasp as 
depicted using both thumbs to keep the eyes open. (b) Rotate the head 
90° to the right and the eyes deviate to the left (opposite side). (c) The 
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eyes will spontaneously return to the midline. (d) Then rotate the head 
180° to the left and the eyes should deviate to the right (opposite side). 
(e) The eyes will spontaneously return to the midline 


42 Reflex Eye Movements (Doll’s Eyes and Caloric Testing) 


The doll’s eye reflex can be absent or partial in patients 
with ocular muscle nerve palsy (e.g., cranial nerve [CN] 6). 
Make sure the patient does not have a neuromuscular 
blockade agent or other toxins present. 

A conscious person can suppress the doll’s eye or oculo- 
cephalic reflex. 


42.2 Caloric Reflex Testing 


(Vestibuloocular Reflex) 


42.2.1 Indications: Caloric Reflex Testing 


In any comatose patient with abnormal doll’s eye or if it 
cannot be performed 

To assess brainstem function of a comatose patient 

To assess asymmetrical function in the peripheral vestibu- 
lar system 


42.2.2 Contraindications: Caloric Reflex 


Testing 


Absolute 

— Perforated tympanic membrane 

— Presence of tympanostomy tubes 

— Basilar skull fracture, petrous bone fracture 

— Suspicion of cerebrospinal fluid (CSF) otorrhea 


42.2.3 Materials and Medications: Caloric 


Reflex Testing 


Otoscope 

60-mL syringe 

16- to 18-gauge angiocatheter 
Thermometer 

Ice-cold water (30-33 °C) 
Warm water (44 °C) 

Emesis basin (to collect water) 
Towels or Chux 


42.2.4 Procedure: Caloric Reflex Testing 


(Fig. 42.2) 


1. Place the patient supine and elevate the head to 30° to 


bring the lateral semicircular canal into the upright 

position. 

(a) Careful otoscopic examination should be done before 
caloric testing to make sure there are no 
contraindications. 
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(b) Remove any cerumen from the external auditory 
canal (EAC); the irrigation fluid should be able to 
reach the tympanic membrane. 


. Get a 60-mL syringe with an 18-gauge angiocatheter. 


Remove the plastic angiocatheter from the needle and dis- 
card the needle. 


. Place the angiocatheter on the 60-mL syringe and fill it 


with ice water (30 °C). 


. Place the angiocatheter in the EAC and squirt the water in 


over a period of 30-40 s. The water should freely enter 

and exit the auditory canal. 

(a) The stimulus depends upon the temperature of the 
water and not on water pressure. 

(b) Reflex horizontal movements may be delayed for up 
to | min after irrigation of the EAC. 


. Observe: Have an assistant hold the eyelids open with the 


head still and facing forward. 

(a) Normal test: Cold water induces slight deviation of 
the eyes to the side being irrigated followed by a 
latent period of approximately 20 s and then nystag- 
mus to the opposite side (direction of the fast phase). 

(b) Abnormal test: Eyes do not deviate; this implies 
brainstem problems. 

(c) The quick phase may return in patients in a persistent 
vegetative state. Search for the slow, full eye devia- 
tion in response to caloric stimulation and not nystag- 
mus when assessing a comatose patient. 


. Pause at least 5 min so the auditory canal can warm up. 


(a) The same EAC can be irrigated with warm water if 
the contralateral side cannot be tested for any reason. 


. Repeat steps 3-5 in the opposite ear. 


(a) Warm water testing can be used if there is no response 
to cold water testing. Use warm water (44 °C) and 
repeat testing, starting with one ear and then, after 
5 min, with the other ear. 

(b) Warm water induces nystagmus to the same side 
(direction of the fast phase). 

(c) COWS: Cold opposite, warm same (referring to the 
compensatory fast phase of eye movement, the 
nystagmus). 


. Dry the patient off and reexamine the tympanic mem- 


branes to assess for testing-related injury. 


42.2.5 Complications: Caloric Reflex Testing 


¢ If contraindications are excluded, no significant compli- 


cations are expected. 


¢« Tympanic membrane injury or EAC injury can occur 


from the angiocatheter, forceful irrigation, or injury dur- 
ing cerumen removal. 


¢ Potential complications from caloric testing include men- 


ingitis, otitis media, and vomiting. 
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Fig.42.2 Depiction of the 
vestibuloocular reflexes with 
unilateral cold-water irrigation 


Caloric response 


Normal, awake patient 
(Fast phase nystagmus 


(Slow phase nystagmus 


————>~ 


Conjugate deviation 


Disconjugate deviation 


Unresponsive 


T.T. Nguyen et al. 


Unilateral cold water irrigation 


Right ear 





Left ear 











1/28/2018 chrome-extension://nlipoenfbbikpbjkfpfillcgkoblgpmj/edit.html 


EEE EEE EEE EERE 


Bread board Arrangement: 








chrome-extension://nlipoenfbbikpbjkfpfillcgkoblgpmj/edit.html 


1/1 


42 Reflex Eye Movements (Doll’s Eyes and Caloric Testing) 


42.2.6 Pearls and Pitfalls: Caloric Reflex 
Testing 


e A positive response to caloric testing indicates intact 
brainstem function. 

¢ In an awake patient, excessive reflex vagal activity may 
occur (i.e., nausea, vomiting, dizziness). 

e Absence of horizontal eye movement means comatose 
brainstem injury. 

¢ Disconjugate or impaired reflex horizontal eye move- 
ments indicate impaired brainstem function at or below 
the level of the oculomotor nucleus. 

¢« A comatose patient with intact full-reflex horizontal eye 
movements indicates that the lesion causing coma is in 
the cerebral hemisphere. 
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The Dix-Hallpike maneuver, also termed the “head-hanging 


positioning maneuver,” is helpful in confirming the clinical 
suspicion of benign paroxysmal positional vertigo (BPPV). 
This maneuver provokes abnormal nystagmus, which is a 
characteristic feature of BPPV. 


43.1 


Indications 


BPPV is one of the most common types of vertigo. 

— The pathophysiology of BPPV, in brief, is believed to 
be due to free-moving densities (canaliths/otoliths) in 
the posterior semicircular canal; with head movement, 
the particles would alter the flow of the endolymph and 
cause the stimulation of the ampulla. The particles in 
the canal cause slow or even reversal of the movement 
of the cupula and create signals that do not correlate 
with the actual head movements, therefore causing the 
sensation of nystagmus. 

— This maneuver locates the cause of vertigo as either 
the inner ear or the brain; if the problem is in the ear, 
this maneuver helps localize which ear is affected. 

This maneuver is indicated for patients presenting with 

vertigo, which is evoked by a change in position and has 

no symptoms at rest. 

This maneuver is inexpensive, easily done, and part of the 

physical examination when a patient presents with the 

complaint of dizziness or vertigo. 
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43.2 Contraindications 


Severe cervical spine disease. 

Unstable spinal injury. 

High-grade carotid stenosis. 

Unstable heart disease. 

Elderly patients may not tolerate this maneuver. 

There is no need to perform this test in the presence of 
nystagmus at rest. 


43.3 Materials 


Examination table 

Flat cushion 

Frenzel goggles: These high-powered (+20 diopters) 
magnifying glasses can be placed on a patient during the 
performance of the maneuver and have shown to increase 
the sensitivity of the Dix-Hallpike maneuver by prevent- 
ing the patient from visually fixating on an object, thereby 
preventing suppression of nystagmus. They are not 
required to perform the maneuver; they usually are used 
by specialists. 


43.4 Procedure (Fig. 43.1) 


1. Have the patient sit at the edge of a bed. The patient is 


instructed to maintain eye contact with the physician 
throughout the maneuver. 


. With the patient seated, the examiner will extend the 


neck, approximately 20°, and turn the head to one side, 
approximately 30-45°. 


. The examiner then assists the patient by lowering the 


patient quickly into a supine position, so that the head 
hangs over the edge of the bed or table, with the neck ina 
hyperextended position. A flat cushion can be placed 
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Fig. 43.1 (a) With the patient seated, the doctor will extend the neck, 
approximately 20°, and turn the head to one side, approximately 
30-45°. (b) The physician then assists the patient by lowering the 
patient quickly into a supine position, so that the head hangs over the 
edge of the bed or table, with the neck in a hyperextended position 


beneath the person’s back in the shoulder blade area to 
assist with obtaining head extension. 
4. This position is held, and the examiner observes for nys- 

tagmus for up to 60 s. 

(a) Nystagmus is a rapid, rhythmic movement of the eyes 
and usually appears after a brief period and lasts less 
than 30 s. 

(b) The direction of the nystagmus is usually up and 
twisted; therefore, the eyes will beat toward the 
ground. 
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(c) If the patient becomes dizzy or the doctor sees nys- 
tagmus, the test is positive for the ear that is pointed 
to the floor. 

5. The patient is then returned to the upright position and is 

again observed for nystagmus for 30 s. 

6. If nystagmus is not provoked, the maneuver is repeated 
with the head turned to the opposite direction. 

7. If nystagmus is provoked, the patient should have the 
maneuver repeated to the same side. 

(a) With each repetition, the intensity and duration of 
nystagmus should decrease. 


43.5 Complications 


¢ Vertigo 
e Nausea 





43.6 Pearls and Pitfalls 


e The maneuver can be uncomfortable to the patient 
because it can cause vertigo and nausea. 
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During the Dix-Hallpike test (see Chap. 43), the particles 
move in the canal and trigger a burst of upbeat-torsional nys- 
tagmus. The Epley maneuver causes resolution of positional 
nystagmus. This maneuver is effective in about 80 % of 
patients with benign paroxysmal positional vertigo (BPPV). 


44.1 Indications 
¢ Performed to alleviate the symptoms of posterior canal 
BPPV 


44.2 Contraindications 


¢ Back or spine injuries or other problems 
¢ Presence of detached retina 


44.3 Materials 


¢ Pillow or pad 
e Padded table or bed 


44.4 Procedure (Fig. 44.1) 


1. The patient is positioned on the bed with the head slightly 
extended and turned 45° to the affected side; hold this 
position for 60 s. 
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¢ The patient may hold the physician’s arm for support. 


. The patient is then assisted by the physician to a supine 


position, with the head in extension, with a pillow or pad 
placed at the shoulder level allowing for extension; this 
position is held for a 60 s. This position will likely pro- 
voke transient dizziness and vertigo. 


. The head is then turned 90° to the opposite side; this posi- 


tion is held for 60 s. This position will likely provoke 
transient dizziness and vertigo. 


. The head is then turned through a further 90° while the 


patient rolls onto the unaffected side; this position is held 
for 60 s. 


. The patient then sits up slowly, by rolling up from lying 


on the unaffected side; this position is held for 60 s. 


. The patient should wait for 10-15 min before discharge. 
. Discharge instructions are then provided. Home 


instructions: 

¢ Instruct the patient to sleep in a semi-recumbent posi- 
tion for the next two nights; the patient should sleep 
at a 45° angle, which is most easily done by sleeping 
in a recliner or with several pillows arranged on a 
couch. 

¢ Sleep on the nonaffected side. 

¢ During the day, try to keep the head in a vertical posi- 
tion; no sudden head movements to the right, left, up, 
or down. 

¢ When men shave under their chins, they should bend 
their bodies forward in order to keep their heads 
vertical. 

¢ Do not go to the hairdresser or dentist because these 
require head movements. 

¢« Care should be taken when putting in eye drops 
because it requires head extension. 

¢ No vacuuming or mopping the floor. 

¢ Try not to wear clothing that needs to be pulled over 
the head. Try to avoid bending down to tie shoes. 
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Fig.44.1 (a) Patient seated on the table. (b) Patient in supine position, 
with the head turned 45° to the affected side. (c) Head then turned to the 
unaffected side (45°). (d) Head turned additional 90° on the unaffected 
side. D direction of view of labyrinth 


R. Domingues and M. Waseem 


44.5 Complications 


When performing the previous maneuver, caution is advised 
should neurological symptoms occur. Occasionally such 
symptoms are caused by compression of the vertebral arter- 
ies; if it persists for a long period of time, a stroke can 
occur. 


44.6 Pearls and Pitfalls 


¢ Pearls 
— This maneuver should initially be performed by a 
trained therapist or medical physician. 
— Itis best to perform the Epley maneuver before going 
to bed at night. 
¢ Pitfalls 
— The patient should not drive herself or himself home 
after the procedure. 
— Avoid rapid changes in head position that might pro- 
voke BPPV. 
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45.1 ___ Indications 


¢ Deep coma without any identifiable reversible causes 


¢ Suspected brain death in a mechanically ventilated patient 


45.2 Contraindications 


¢ Metabolic derangements 

¢ Acid-base disorders 

¢ Electrolyte abnormalities sufficient to cause the coma 
¢ Profound hypotension 

¢ Hypothermia (core body temperature <36°C) 

¢ Drug overdose or toxic exposure 

¢ Locked-in syndrome 
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45.3 Materials and Medications 


A bright light 

Intravenous (IV) catheter 
30-mL syringe 

50-mL of ice water 
Endotracheal suction catheter 
Long swab or tongue depressor 
Gauze 4x4 or saline eye drops 


45.4 Procedure 


1. Evaluate the motor response to pain. 


¢ Apply pressure to the supraorbital nerve and nail beds. 
No motor response is consistent with brain death 
(Figs. 45.1 and 45.2). 


2. Test for the absence of brainstem function. 


¢ Check pupillary response to bright light. 

¢ Check the oculocephalic reflex. With the eyelids held 
open, quickly turn the head to the side. The normal 
response is for the eyes to move in the opposite direc- 
tion, maintaining the focus forward. Failure of the eyes 
to deviate during head rotation is consistent with brain 
death (Fig. 45.3). 

¢ Check the oculovestibular reflex with cold caloric test- 
ing. Elevate the head of the bed to 30°. Attach an IV 
catheter to the tip of a 30-mL syringe. Inject 50 mL of 
cold water into the external ear canal. Observe the 
pupils for 1 min for deviation toward the ear with the 
cold stimulus. Wait 5 min before testing the other side. 
No deviation of the pupils is consistent with brain 
death (Figs. 45.4 and 45.5). 

¢ Check for bulbar paralysis. 
— Check for a cough response to bronchial suctioning. 
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— Stimulate the posterior pharynx with a long swab or 


tongue depressor and observe for a gag. 


— Check the corneal reflex by lightly touching the 


cornea with a cotton swab, corner of gauze, or drops 
of sterile saline and observe for blinking of the eye- 
lids (Fig. 45.6). 


3. Check for respiratory effort by performing an apnea test. 
Before starting the apnea test, the following conditions 
must be met: 

(a) The patient must not be hypothermic. The core tem- 
perature must be greater than 36°C. 

(b) The patient must be hemodynamically stable with a 
systolic blood pressure greater than 90 mmHg. 

(c) The arterial blood gas (ABG) must demonstrate a 
normal arterial partial pressure of carbon dioxide 
(PaCO,). The arterial partial pressure of oxygen 
(PaO,) may be elevated with preoxygenation to mini- 
mize the risk of hypoxemia prematurely ending the 
examination. 


Monitor the patient with a pulse oximeter. 
Disconnect the ventilator and deliver oxygen at 
6 L/min by cannula into the endotracheal tube. 
Alternately the patient can remain connected to 
the ventilator with no applied support, which 
allows for an in-line negative pressure monitor to 
be attached to the circuit. Note: Most ventilators 
are too sensitive to be used as the sole method of 
sensing respiratory effort as they can produce 
false-negative results. 

Watch the chest and abdomen for respiratory 
motion, or monitor for negative inspiratory force 
on the pressure gauge. Check an ABG every 
10 min and when the test ends. 

If the PaCO, increases by 20 mmHg or the PaCO, 
is greater than 60 mmHg and there was no respira- 
tory effort, the test is consistent with brain death. 
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¢ The test must be aborted and the patient recon- 
nected to mechanical ventilation if the patient 
becomes hypotensive, desaturates, or develops 
cardiac arrhythmias. 

e If there is respiratory effort, the patient must be 
reconnected to mechanical ventilation (Figs. 45.7 
and 45.8). 


Supraorbital ridge 


Normal position of 
ears against head 


Temporomandibular 
joint 


Fig. 45.1 Motor response to pain 1. Temporomandibular joint and 
supraorbital ridge test supraorbital nerve function 
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Fig. 45.2 Motor response to 
pain 2: Firm pressure can be 

applied to the nail beds with a 
penlight or similar instrument 
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a Normal reaction: Eyes move side to side when head is turned 





b Abnormal reaction: Eyes remain in fixed position in skull when head is turned 





Fig. 45.3 (a, b) Oculocephalic reflex or “Doll’s eyes.” Movement of the eyes away from the direction of head turning (i.e., to keep the gaze for- 
ward) indicates intact functioning 
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Fig. 45.4 Preparation of cold saline for testing of the oculovestibular 
reflex or “cold calorics” 


a Normal caloric: Eyes b Abnormal caloric: 
deviate to side of ice eyes do not deviate 
water application 





Fig. 45.5 (a, b) Oculovestibular reflex. Intact functioning is demonstrated by deviation of the gaze toward the side being tested 
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Fig. 45.6 Use of a cotton ball or unwound tip of a cotton swab for test- Fig. 45.8 Ventilator waveform in a patient without spontaneous respi- 
ing of the corneal reflex. A piece of sterile gauze (“4x4”) is also com- _ rations during the apnea test 
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Fig. 45.7 Ventilator waveform before apnea test 
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45.5 Pearls and Pitfalls 


Pearls 
— The clinical examination should be performed by 


someone with experience or training in brain death 
examinations. Local regulations as well as hospital 
policies should be reviewed in order to determine the 
requirements for brain death. Some locales require a 
repeat examination by a different practitioner. 

A patient with a cervical spine injury causing quadri- 
plegia may not feel nail bed pressure and may be unable 
to respond to pain with more than facial movements. 


Pitfalls 
— Pupillary constriction less than 3 mm is not consistent 


with brain death. 

Do not test oculocephalic reflex (doll’s eyes) on 
patients who may have a cervical spinal cord injury 
from trauma. 

Do not test the oculovestibular reflex with cold caloric 
testing in patients with a ruptured tympanic membrane. 
A large number of patients may demonstrate spinal 
reflex movements during brain death. These reflexes 
may be triggered by touch, noxious stimuli, or removal 
of the ventilator. These movements can include plantar 
flexion, upper extremity posturing, eye opening, and 
the “Lazarus sign” (the arms raise off the bed and 
cross). Although these movements can be disconcert- 
ing to the health care team and family, they do not pre- 
clude a diagnosis of brain death. 


45.6 Controversies 


Repeat examinations 
— The American Academy of Neurology guidelines rec- 


ommend repeating the brain death examination at 6 h. 
The guidelines acknowledge that this is an arbitrary 
interval. Recent evidence suggests that the second 
examination may be unnecessary. 
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Confirmatory Testing 
— Confirmatory testing is an option if specific elements 


of the clinical examination cannot be performed. For 
example, a trauma patient with suspected cervical spi- 
nal cord injuries precluding the oculocephalic reflex 
test would be a candidate for confirmatory testing. 
Conventional cerebral angiography will demonstrate 
no filling beyond the carotid bifurcation or within the 
circle of Willis. Electroencephalography demonstrates 
no electrical activity. Transcranial Doppler ultrasonog- 
raphy will demonstrate vascular resistance associated 
with elevated intracranial pressure. Technetium-99m 
hexamethylpropylene-amine oxime brain scans dem- 
onstrate the “hollow skull” sign or no uptake of isotope 
in the brain (Fig. 45.9). 

Newer modalities of confirmatory testing include com- 
puted tomography (CT) angiography and magnetic reso- 
nance imaging/magnetic resonance angiography (MRI/ 
MRA). These tests are being used in some hospitals; 
however, the recent review by the American Academy of 
Neurology finds evidence insufficient to recommend 
using these newer modalities to confirm brain death. 





Fig.45.9 “Empty skull sign” on nuclear medicine flow study confirms 
brain death 
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Part VIl 


Ophthalmic Procedures 





Slit Lamp Examination 


Bobby K. Desai 


46.1 Indications 


¢ A slit lamp magnifies structures of the eye (Fig. 46.1). 

¢ Gives the operator a three-dimensional view of the area 
visualized. 

¢ Used to delineate abnormalities that cannot be visualized 
by other means. 

¢ Helpful in foreign body removal. 
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Fig. 46.1 A basic slit lamp 





B.K. Desai 


46.2 Contraindications 


¢ Not to be used in patients who cannot tolerate an upright 
posture (e.g., trauma patients). 
— In these cases if a slit lamp examination is required, a 
portable slit lamp may be beneficial (Fig. 46.2). 


Fig. 46.2 A portable slit lamp 
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46.3 Materials 


¢ The slit lamp is an eye-specific binocular stereoscope spe- 
cifically designed to examine the eye and its structures 
and gives the practitioner a three-dimensional assessment 
of the eye. 

e The operator has full movement of the microscope in all 
directions and the apparatus can be locked in place if 
required. 

¢ Its light source can be manipulated to change the charac- 
teristics of the beam from its intensity to the angle at 
which it projects (Fig. 46.3). 

— A low-power setting is typically used for normal 
examination. 
— A higher-intensity beam is used when evaluating the 





Fig. 46.4 Example of a corneal abrasion seen with a cobalt blue filter 
: : : (With kind permission from Springer Science + Business Media: Das S, 

anterior chamber with a narrow slit beam. Chohan A, Snibson GR, Taylor HR. Capsicum spray injury of the eye. 
e It has colored filters typically built within the slit lamp. International Ophthalmology. 2005;26(4—5):171—3) 


— Cobalt blue: Used with fluorescein dye to evaluate for 
corneal abrasions (Fig. 46.4) and avulsions; the dye 
will collect where the corneal epithelium is absent. It 
results in a yellow glow or hue visible through the 
microscope. 

— Green filter: Used to increase contrast of blood vessels. 
They appear black and the filter is useful for the assess- 
ment of hemorrhage. 

¢ The operator is able to adjust the magnification of the 
microscopic typically through dial controls. 

— Low magnifications are most helpful for general 
examination. 

— Higher magnifications are used for examination of a 
particular area in fine detail. 





Fig. 46.3 The slit lamp beam and the reflection of the beam 
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46.4 Procedure 


1. As part of a complete eye examination, informed con- 
sent is not generally required. 

2. An explanation of the procedure and reassurance are 
helpful. 

3. Lock the slit lamp before positioning the patient because 
unintended movement may inadvertently damage the 
equipment or cause injury to the operator or patient. 

4. The apparatus has a chin and a head rest. Ask the patient 
to place the chin and forehead in the respective areas 
(Fig. 46.5). 

5. Adjust the height of the apparatus and the patient’s chair 
for optimum comfort (Figs. 46.6 and 46.7). It may be nec- 
essary for children to stand during the examination. 

6. The patient may place his or her hands on the sides of 
the table that the lamp is mounted on; this ensures stabil- 
ity of both the lamp and the patient. 


Fig. 46.5 Appropriate 
positioning for a slit lamp 
examination 


“i 


10. 


11. 
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. Adjust the eyepieces of the microscope to fit the 


operator. 


. Turn on the slit lamp at its lowest setting to avoid a sud- 


den power surge that could potentially damage the bulb. 


. Move the stage forward and narrow the beam and angle 


it at 45° to the patient. Aim the beam laterally so as not 

to cause the patient discomfort. 

Focus the beam by manipulating the joystick to move 

the apparatus forward and backward so that the beam is 

clearly visible and its lines are sharp. 

For each area of the eye to be examined, inspect the area 

thoroughly using the joystick to slowly manipulate the 

slit lamp across the eye in all directions, using the height 
adjustment of the joystick to slightly raise and lower the 
slit lamp as needed. 

e The operator may find that the slit lamp may move 
too freely; in that case she or he may find slightly 
tightening the locking nut of the C-arm may provide 
better and more precise control. 
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Fig. 46.6 The slit lamp is too 
high 





Fig. 46.7 The slit lamp is too 
low 
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46.5 Complications 


There are no complications following routine slit lamp 
examination. 


46.6 Pitfalls 


¢ Ensure a working bulb. 

¢ Appropriately set the microscope’s oculars for the opera- 
tor’s pupillary distance. 

e Ensure all dials and knobs are firmly set. 

e Inadequate focusing 

¢ Patient noncompliance 





46.7 Fluorescein Testing 
46.7.1 Indications and Uses 


e Examination of the cornea under a cobalt blue filter on a 
slit lamp or Wood’s lamp: The chemical fluoresces under 
blue light and appears green under these circumstances. 

¢ Useful for detecting corneal abrasions, corneal foreign 
bodies, and infections of the eye. 


46.7.2 Procedure 


e Fluorescein is typically used after installation of a topical 
anesthetic, which provides patient comfort especially for 
those with significant pathology. 

¢ The fluorescein strip comes packaged in single-use wrap- 
pers (Fig. 46.8). 

¢ Hold the strip by the white end and wet the orange end 
lightly because heavily moistening the strip may cause a 
significant amount of dye to be present, obscuring the 
examination. 

— Ary strip may be used, but it may irritate the patient’s 
eye especially if already sensitive. 

¢ If this occurs, the clinician may use tissue paper to gently 
blot the excess solution away. 

— The exception to this is the performance of the Seidel 
test, which is used to assess the eye for potential perfo- 
ration (Fig. 46.9). 

— The clinician will instill a large amount of dye into the 
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— This stream will fluoresce green or blue in distinction 
to the rest of the globe, which appears orange. 

The choice of solution to wet fluorescein strip is up to the 

clinician because saline, tap water, or the recently used 

anesthetic solution may be used safely. 

Place the now-wet orange end on the lower lid of the 

patient’s eye. 

Ask the patient to blink several times to allow the solution 

to spread evenly. 

The clinician may use a Wood’s lamp, penlight, or the 

cobalt blue filter on the slit lamp to examine the now- 

stained eye. 

— The slit lamp is preferable owing to the potential for 
missing small abrasions. 





Fig. 46.8 A typical fluorescein strip package 





eye by wetting the orange strip copiously. 
— The clinician will next examine the eye for a stream of 
fluid leaking from the ruptured globe. 


Fig. 46.9 A positive Seidel test (Reproduced with permission from: 
Lingam V, Panday M, George R, Shantha B. Management of complica- 
tions in glaucoma surgery. Indian J Ophthalmol. 2011;59(Suppl1): 
$131-40) 
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46 Slit Lamp Examination 
46.7.3 Complications 


¢ There is a theoretical risk of the development of superfi- 
cial punctate keratitis from instillation of topical anesthetic 
before fluorescein testing. 

¢ Discoloration of soft contact lenses. 

¢ Potential for infection using premixed fluorescein 
solution. 


46.7.4 Pitfalls 


¢ Contact lens wearers should remove their lenses because 
the fluorescein will permanently stain the lens. 
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— The wearer should not put the contacts back in for sev- 
eral hours. 


Selected Reading 


DuBois L. The slit lamp examination. In: DuBois L, Ledford JK, 
Daniels K, Campbell R, editors. Clinical skills for the ophthalmic 
examination: basic procedures. 2nd ed. Thorofare: Slack; 2006. 
p. 61-70. 

Galor A, Jeng BH. Red eye for the internist: when to treat, when to 
refer. Cleve Clin J Med. 2008;75:137-44. 

Lang GK. Ophthalmology: a short textbook. Stuttgart: Thieme; 2000. 

Ledford JK, Sanders VN. The slit lamp primer. 2nd ed. Thorofare: 
Slack; 2006. 
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47.1 Indications 47.3 Materials and Medications 
¢ Chemical burns to the eye ¢ TIrrigating device—the Morgan lens (Fig. 47.1) 
¢ Removal of superficial foreign bodies ¢ Saline solution or lactated Ringer’s (preferably warmed) 


¢ Topical anesthetic drops (Fig. 47.2) 
¢ Basin to secure the extruded solution 
47.2. Contraindications ¢ Intravenous (IV) tubing to attach the IV bag to the Morgan 
lens 
¢ For suspected globe perforation, extreme care must be °¢ pH paper (Fig. 47.3) 
taken to not exacerbate the injury. 
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Fig.47.2 Examples of topical anesthetics 





Fig.47.1 The Morgan lens and packaging 





Fig.47.3 (a, b) Examples of pH paper 


47 Eye Irrigation 


47.4 Procedure 


. Informed consent is generally not required, although a 

thorough explanation to the patient is warranted. 

. Obtain pH of the eye before instilling anesthetic drops. 

. Anesthetize the eye(s) with topical anesthetic of choice 

by instilling drops within the lower lid and then asking 

the patient to blink several times in order to evenly dis- 

tribute the solution. 

. Ensure there are no foreign bodies on the inside of the 

upper lids by inverting the upper lid. 

¢ Particulate foreign bodies may be removed with moist- 
ened cotton tip applicators. 

. After adequate anesthesia is ensured, place one end of the 

Morgan lens within the fornix of the upper lid (Fig. 47.4). 
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. Next, gently retracting the lower lid will ensure smooth 


placement of the remaining portion of the Morgan lens 
(Fig. 47.5). 


. Using the end of the Morgan lens, screw in the prepared 


IV tubing (Fig. 47.6). 


. Attach the end of the IV tubing to the saline bag and place 


at height to allow for gravity to ensure a smooth flow of 

solution. 

¢ Continue to irrigate the eye until desired pH is 
obtained. 


. To remove the Morgan lens, use the opposite technique 


for insertion. 





Fig.47.4 Inserting the Morgan lens under the upper lid 


Fig.47.6 The Morgan lens in place, ready to be attached to IV tubing 
for saline irrigation 





Fig.47.5 Inserting the Morgan lens under lower lid 
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47.5 Complications 


¢ Corneal abrasions may be caused by the Morgan lens and 
are treated in the usual fashion. 

¢ Deep corneal injury may occur with inadequate 
irrigation. 


47.6 Pearls and Pitfalls 


¢ Note that alkali burns will require significant irrigation 
and more topical anesthesia may be required. 
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¢ Ophthalmological consultation may be required, espe- 
cially for alkaline and hydrofluoric acid burns. 


Selected Reading 


Lang GK. Ophthalmology: a short textbook. Stuttgart: Thieme; 2000. 

Rhee DJ, Pyfer MF, Rhee DM, editors. The Wills Eye manual: office 
and emergency room diagnosis and treatment of eye disease. 3rd ed. 
Philadelphia: Lippincott Williams & Wilkins; 1999. 





Corneal Foreign Body Removal 48 


Bobby K. Desai 


48.1 Indications 48.2 Contraindications 


¢ Presence of a corneal foreign body (Fig. 48.1) ¢ An uncooperative patient may require ophthalmological 
consultation as well as sedation. 

¢ Suspected foreign bodies from high-velocity injuries 
must be referred to an ophthalmologist subsequent to ini- 
tial evaluation. 

¢ Any signs of globe penetration (e.g., hyphema) require 
emergent ophthalmological consultation. 

¢ Overt globe rupture. 

e Evidence of an inflammatory process such as iritis 
requires emergent ophthalmological consultation. 

¢ Foreign bodies associated with corneal burns secondary 
to chemical exposure such as alkaline corneal burns will 
require emergent ophthalmological consultation. 





Fig. 48.1 Corneal foreign body (With kind permission from Springer 
Science+Business Media: Zuberbuhler B, Tuft S, Gartry D, Spokes 
D. Ocular Surface and Reconstructive Surgery. In: Corneal Surgery. 
2013. 29-48) 
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48.3 Materials and Medications 


e Eye chart for visual assessment 

¢ Cotton tip applicator 

e Slit lamp or other source of magnification 

¢ 27-Gauge needle or ophthalmic foreign body needle 
(Fig. 48.2) 

¢ Topical ophthalmic anesthetic 

¢ Ophthalmic burr (Fig. 48.3) 


Fig.48.3 Ophthalmic burr drill 


Fig.48.2 Foreign body needle 


48 


Corneal Foreign Body Removal 


48.4 Procedure 


10. 


Informed consent may be required. 


. Visual acuity and a formal assessment of the eye should 


be done and documented. 


. Consider intraocular foreign body. 


¢ Computed tomography (CT) scan may be used to 
assess for the presence of an intraocular foreign 
body. 
Eversion of the upper lid should be performed to evalu- 
ate for retained foreign body under the lid. 
¢ These usually can be removed by: 
— A moistened cotton tip applicator 
— Irrigation 


. Magnification is preferable, but some foreign bodies 


may be large enough to see with the naked eye. 

Anesthetize the eye with topical anesthetic. 

For multiple loose foreign bodies, removal may be 

attempted with irrigation after appropriate anesthesia. 

Removal of the foreign body may be attempted with a 

moistened cotton swab. 

¢ Metallic foreign bodies recently embedded within the 
cornea may be difficult to remove in this fashion. 

¢ However, during the healing process, some metallic 
foreign bodies may be pushed closer to the surface 
during reepithelialization of the cornea. These poten- 
tially can be removed with this technique. 

— Care must be taken to avoid leaving a rust ring that 
could permanently stain the cornea. 

A 27-gauge needle bent at a 90° angle may be used to 

remove foreign bodies by gently prying it out. 

e An advantage of using a needle is that any rust ring as 
well as any metallic foreign body can potentially be 
removed. 

Technique: A slit lamp may be used to magnify the area. 

¢ See slit lamp chapter (Chap. 46) for details. 

¢ The patient should be informed about the procedure; 
formal informed consent may not be required. 
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¢ Proper positioning is critical for success. 

¢ The patient’s head should be fully forward and firmly 
placed against the head rest. 

¢ The patient’s hands may be placed on the sides of the 
slit lamp stage for stabilization. 

¢ Apply topical anesthesia to the cornea. 

11. Using the patient’s cheek as a bolster potentially avoids 
significant movement of the needle if the patient unex- 
pectedly moves. 
¢ Other modalities for stabilization include supporting 

the elbow by placing on a box or using towels. 

12. Have the patient gaze at one point in the far distance. 
¢ Using the needle or burr as a scoop, gently manipu- 

late the foreign body out. 
— Using a burr can allow for the total removal of any 
rust ring. 

13. Once the foreign body is removed, patching is not required. 

14. Consider application of topical antibiotics. 

15. Tetanus prophylaxis should be given as for open other 
wounds. 

16. Arrange follow-up with a primary care physician or 
preferably an ophthalmologist. 


48.5 Complications 


¢ Forceful attempts to dislodge a foreign body may result in 
corneal perforation. 
¢ Incomplete removal of a foreign body. 


Selected Reading 


Lang GK. Ophthalmology: a short textbook. Stuttgart: Thieme; 2000. 

Rhee DJ, Pyfer MF, Rhee DM, editors. The Wills eye manual: office 
and emergency room diagnosis and treatment of eye disease. 3rd ed. 
Philadelphia: Lippincott Williams & Wilkins; 1999. 

Thomas SH, White BA. Foreign bodies. In: Marx J, Hockberger R, 
Walls R, editors. Rosen’s emergency medicine: concepts and clini- 
cal practice. 7th ed. Philadelphia: Mosby; 2010. p. 715-32. 
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49.1 ___ Indications 


¢ To aid in the evaluation of vision loss or change in vision 


49.2 Contraindications 


¢ Relative: Suspicion of increased intraocular pressure 
¢ Relative: Suspicion of globe rupture (see Chap. 50) 


49.3 Materials and Medications 


¢ Bedside ultrasound machine with high-frequency (7.5- to 
10-MHz) linear transducer 

¢ Transparent adhesive such as Tegaderm (optional) 

¢ Sterile ultrasound gel 

¢ Sterile gauze 


49.4 Procedure 


1. Position the patient supine with his or her eyes closed. 
The eyelid may be taped closed with a transparent adhe- 
sive if desired (Fig. 49.1). 

2. Place a liberal amount of ultrasound gel over the eyelid. 
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10. 


11. 


12. 


Place the ultrasound probe over the eye in a transverse 
position. 

Adjust the depth of the ultrasound so that the whole eye 
fills the screen. 

Scan through the eye fully in the transverse and sagittal 
planes. 

When viewing the ultrasound image, the normal eye is a 
circular hypoechoic structure (Fig. 49.2). The structures 
should be evaluated from anterior to posterior. 

Identify the cornea. This is the first thin hypoechoic line 
in the anterior eye. 

Continuing posteriorly, identify the anterior chamber, 
which is an anechoic area bordered by the cornea, iris, 
and lens. The iris is an echogenic linear structure, and 
the normal lens is anechoic. 

Identify the vitreous chamber, the large anechoic region 
posterior to the lens. 

Carefully evaluate the posterior globe. The normal ret- 
ina cannot be distinguished from the other choroidal lay- 
ers on ultrasound. 

A detached retina will appear as a hyperechoic linear float- 
ing membrane in the posterior vitreous chamber (Fig. 49.3). 
In the retrobulbar region, the optic nerve can be identi- 
fied as a hypoechoic linear structure perpendicular to the 
globe (Fig. 49.3). 
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Fig. 49.1 Probe positioning with Tegaderm 
applied to orbit: (a) sagittal view, (b) axial 
view 








— Fig.49.3 Retinal detachment appears as a hyperechoic linear structure 
Cornea <=> (white arrow). White bracket shows the optic nerve sheath shadow (see 
Anterior Chap. 50 for more information) 
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Fig. 49.2 Ocular ultrasound with normal anatomy findings ((a) with- 
out labels, (b) with anatomy labeled) 
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49 Ultrasound Evaluation of Retinal Detachment 


49.5 Complications 


¢ Conjunctival infection 
¢ Increased intraocular pressure (if too much pressure is 
applied) 


49.6 Pearls and Pitfalls 


¢ Pearls 
— Use a transparent adhesive such as Tegaderm to 
decrease the risk of conjunctival infection. 
— Use a liberal amount of gel to obtain the best images. 
— Use minimal pressure to obtain the best images. 
— False positives on ocular ultrasound may occur with 
disk edema or vitreous hemorrhage. 
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¢ Pitfalls 
— Subacute retinal detachments may be missed on ocular 
ultrasound. 


Selected Reading 


Blaivas M. Bedside emergency department ultrasonography in the eval- 
uation of ocular pathology. Acad Emerg Med. 2000;7:947-50. 

Blaivas M, Theodoro D, Sierzenski PR. Elevated intracranial pressure 
detected by bedside emergency ultrasonography of the optic nerve 
sheath. Acad Emerg Med. 2003;4:376-81. 

Shinar Z, Chan L, Orlinksy M. Use of ocular ultrasound for the evalua- 
tion of retinal detachment. J Emerg Med. 2011;4:53-7. 

Whitcomb MB. How to diagnose ocular abnormalities with ultrasound. 
AAEP Proc. 2002;48:272-5. 
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L. Connor Nickels, and Rohit Pravin Patel 


50.1 Indications 

e Eye trauma 

¢ Loss of vision or decreased vision 
¢ Head injury 

¢ Ocular pain 

e Suspected foreign body 


50.2 Contraindications 


e None 


50.3 Materials 


e Linear probe (7.5—10 MHz) 
¢ Tegaderm or other protective eye covering 
¢ Copious amounts of water-soluble transmission gel 


50.4 Procedure 


1. Begin by asking the patient to close her or his eye, and 
then apply the Tegaderm or other suitable eye cover over 
both eyes. 

2. Apply a copious amount of transmission jelly over both 
eyes. 

3. Gently apply the ultrasound probe to the outer eyelid. If 
the operator has used a sufficient enough amount of jelly, 
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the probe itself should not need to be in actual contact 
with the eyelid. This becomes of critical importance in 
suspected globe trauma or intraocular foreign body, when 
excess manipulation of the intraocular contents could pre- 
cipitate further damage or worsening of present damage. 
Ensure the pressure is gentle enough to prevent this, but 
sufficient to obtain good imaging (see Chap. 49). 

4. Image the normal eye first, to become familiar with the 
patient’s anatomy (see Chap. 49), before proceeding to 
the suspected abnormal eye. 

5. Start with low gain. 

6. Ask the patient to move the eye slowly from the left to the 
right. This is called kinetic echography and will provide 
information elaborated upon later. Have the patient keep 
her or his eye straight ahead, as the operator phases up 
and down and side to side, between the transverse and the 
sagittal planes. 

7. Increase gain slowly while the patient is moving the eye. 
Shifting from low gain to higher gain during the examina- 
tion will help to prevent overlooking certain disease pro- 
cesses. As a fluid-filled structure, the eye provides its own 
acoustic window, and imaging is generally easy. 


50.5 Complications 


¢ Through excessive pressure applied to the eye, as 
described previously, further disruption of the intraocular 
contents and worsening of preexisting injury can occur. 


50.6 Pearls and Pitfalls 


¢ Pitfalls 
— Applying too much pressure to the globe and disrupt- 
ing already damaged intraocular contents 
— Failing to image with full spectrum of gain 
— Using an insufficient amount of gel 
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50.7 Specific Disease Processes/ 


Pathology [1] 


50.7.1 Vitreous Hemorrhage (Fig. 50.1) 


Best seen in high gain. 

Clinical: Very common pathology. Seen as “floaters” on 
the visual field. Can cause blindness if large. 

Ultrasound: Appearance may vary. Early on in the evolu- 
tion of a hemorrhage, these can be seen as small dots or 
mobile linear opacities that float freely in the back of the 
posterior chamber with eye movement. Has been 
described as a “snow-storm appearance.” As hemorrhage 
ages, the blood organizes and membranes form, some- 
times layering inferiorly owing to gravity. 


Vitreous hemorrhage: 
iaale)e)i(=¥m eere) ahve (-vilal=1e 
increased echogenicity 





Fig. 50.1 Vitreous hemorrhage 
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50.7.2 Vitreous Detachment 


¢ Best seen with higher gain. 

¢ Clinical: Common in older patients. Presents as “flash- 
ers.” Vitreous gel loses its attachment from the internal 
membrane lining. 

¢ Ultrasound: Seen as “swaying seaweed.” There are layer- 
ing opacifications. Also seen as “snow-globe appear- 
ance.” Concurrent vitreous hemorrhage is also common. 

¢ Note: A small percentage of patients also have a retinal 
tear, so ophthalmology follow-up is necessary. 


50.7.3 Retinal Detachment (Figs. 50.2 and 50.3) 


¢ Best seen with lower gain. 

¢ Clinical: Acute loss of vision, usually painless, often pre- 
ceded by “flashers” and/or “floaters” as the neurosensory 
component of the retina pulls away from the retinal pig- 
ment epithelium. An ophthalmological emergency. Can 
be caused by ocular trauma or no known precipitant at all. 

¢ Ultrasound: Seen as a taut, hyperechoic, linear opacity 
that moves with the eye, attached to the optic disc, in the 
posterior region of the globe. 





Fig.50.2 Retinal detachment ultrasound image 


50 Ultrasonography in the Evaluation of Intraocular Pathology 
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Fig. 50.3 Retinal detachment graphical representation 
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50.7.4 Intraocular Foreign Body (Fig. 50.4) 


Clinical: Usually a preceding episode of trauma, often 
from metalworking or landscaping. 

Ultrasound: Foreign bodies are seen as hyperechoic sub- 
stances in the eye often with distal shadowing. Certain 
shadow patterns distal to the foreign body, as well as 
comet tails, can help to differentiate the type of foreign 
body material. 


Foreign-bodies show 
reverberation artifacts 
FValom=jar-\e(e\uuiale] 


Fig. 50.4 Foreign bodies 
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50.7.5 Globe Rupture (Fig. 50.5) 





Clinical: Usually the result of trauma. Frequently, the 
mechanism causing the injury has subsequently made the 
eye examination itself impossible, if edema, blepharo- 
spasm, hyphema, or distorted anatomy makes visualiza- 
tion of the posterior chamber too difficult. In these 
circumstances ultrasound can be immeasurably helpful. 
Ultrasound: Findings include decreased size of the ante- 
rior chamber, posterior chamber, or both, often with buck- 
led sclera. Globe rupture should be suspected when the 
injury mechanism is present and any major distortion of 
the ocular anatomy is appreciated. 


Increased intraocular 
pressure leads to 
(ol-s(e)gaat=\e mel ie) 6\=) 


Fig. 50.5 Globe rupture 
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50.7.6 Increased ICP 


¢ Clinical: Increased ICP is encountered in a number of 
pathological processes, such as closed head injury from 
trauma, altered mental status, pseudotumor cerebri, 
space-occupying lesion, or any other process causing 
intracranial injury. Physical examination may be sugges- 
tive of an intracranial process, but often key examination 
findings such as papilledema are not appreciated, owing 
to both limitations from the patient and their mental sta- 
tus, as well as limitations in the skill of the ED doctor, or 
the ability to dilate the eyes sufficiently, to appreciate the 
finding. 

¢ Ultrasound: The size of the optic nerve sheath diameter is 
an indirect measurement of ICP. It is visualized as a 
hypoechoic linear strip radiating posteriorly from the 
edge of the back of the globe. A normal diameter is 
5.0 mm or less. This measurement is taken at 3 mm back 
from the posterior edge of the globe (Fig. 50.6). Take 
measurements bilaterally to compare. Two or more mea- 
surements should be taken and then averaged on each 
side. 

e A diameter greater than 5.0 mm, at 3.0 mm distal from the 
posterior globe border, is strongly suggestive of increased 
ICP and warrants further evaluation and imaging [2]. 


Optic nerve 
sheath diameter (increased 
intraocular pressure: > 5:mm) 


Fig. 50.6 Optic nerve sheath measurement 





295 
References 


1. Blaivas M, Theodoro D, Sierzenski P. A study of bedside ocular 
ultrasonography in the emergency department. Acad Emerg Med. 
2002;9:791-9. 

2. Blaivas M, Theodoro D, Sierzenski P. Elevated intracranial pressure 


detected by bedside emergency ultrasonography of the optic nerve 
sheath. Acad Emerg Med. 2003;10:376-81. 


Selected Reading 


Mustafa M, Montgomery J, Atta H. A novel educational tool for teach- 
ing ocular ultrasound. Clin Ophthalmol. 2011;5:857—60. 

Qureshi MA, Laghari K. Role of B-scan ultrasonography in pre- 
operative cataract patients. Int J Health Sci (Qassim). 2010;4:31-7. 

Shinar Z, Chan IL, Orlinsky M. Use of ocular ultrasound for the evalu- 
ation of retinal detachment. J Emerg Med. 2011;40:53-7. 

Vodapalli H, Murthy SI, Jalali S, Ali MJ, Rani PK. Comparison of 
immersion ultrasonography, ultrasound biomicroscopy and anterior 
segment optical coherence tomography in the evaluation of trau- 
matic phacoceles. Indian J Ophthalmol. 2012;60:63-5. 

Whitcomb MB. How to diagnose ocular abnormalities with ultrasound. 
AAEP Proc. 2002;48:272-5. 

Yoonessi R, Hussain A, Jang TB. Bedside ocular ultrasound for the 
detection of retinal detachment in the emergency department. Acad 
Emerg Med. 2010;17:913-7. 


Bobby K. Desai 


51.1 Indications 


¢ To measure intraocular pressure (IOP) 


51.2 Contraindications 


e A relative contraindication is the presence of an active or 
indolent infection about the cornea or conjunctiva, unless 


a one-time-use device is used (e.g., a Tono-Pen XL). 
¢ Recent trauma to the eye. 


¢ Uncooperative patients because improper technique may 


cause damage to the eye. 


51.3. Overview 


¢ Tonometry is the measurement of IOP obtained by evalu- 
ating the resistance of the eye to indentation by a force 


applied to it. 
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Can be obtained by several methods. 
Two methods are routinely used in an emergency depart- 
ment setting: 
— Impression tonometry: measures the indentation made 
by a plunger carrying a known amount of weight. 
— More weight can be added to the apparatus. 
— The more weight needed to indent the cornea results in 
a higher IOP reading. 
¢ The Schigtz tonometer is the most commonly used 
apparatus to utilize this method (Fig. 51.1). 
Electronic indentation tonometry: does not exert pressure 
on the eye (Fig. 51.2). 
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Jewel mounted 
plunger 
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(5.5 g) 


Cylinder collar 
Cylinder 


Foot plate 





Plunger 


Fig.51.1 Schigtz tonometer 





Fig.51.2 Tono-Pen 
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51.4 Schigtz Tonometry 


51.4.1 Procedure: Schigtz Tonometry (Fig. 51.3) 


1. 


Carefully clean the apparatus between each patient. 
¢ Rubbing alcohol may be used. 
¢ Because it is metal, it can be autoclaved. 


. Calibrate the Schigtz tonometer with the metal test block 


provided. 
¢ Test by placing the apparatus directly on the metal 
block. 
¢ The needle should be at “0” at the far end of the scale. 
—If not, loosen the screw at the base of the needle to 
rezero it. 
—Ensure that the needle is completely straight 
because any bend will produce an erroneous 
reading. 


. An explanation of the procedure is helpful because 


patient cooperation is critical for accurate results. 


. Anesthetize the eye with topical ophthalmic anesthetic 


of choice. 


. The patient should be in a recumbent position. 


¢ Have the patient focus on an area of the ceiling. 


. Hold the instrument with the aid of the curved arms at 


the side of the tonometer. 
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¢ The operator can rest her or his hand on the patient’s 
cheek or forehead to maintain stability. 

7. Gently rest the tonometer on the patient’s eye such that 
the instrument is centered on the eye and the instrument 
is completely vertical; no pressure should be exerted on 
the eye. 

8. Note the scale reading. 

9. Lift the Schigtz directly off the cornea to avoid injury. 

10. Using the table provided with the Schigtz, the operator 
may convert the scale reading into the IOP. 
e The scale is inversely proportional to the actual 
IOP. 
¢ If the scale is low (i.e., high IOP), the additional 
weights provided with the instrument may be used 
and the patient retested. 


51.4.2 Pitfalls 


e Ensure the plunger is clean because it can transmit 
infection. 

¢ False readings may be obtained without proper 
calibration. 

e Placing pressure on the instrument will cause false 
readings. 





Fig.51.3 Correct use of Schigtz tonometer 
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51.5 Tono-Pen Tonometry * Press the black button twice. 


— The letters “CAL” will appear in the display. 
51.5.1 Overview ¢ Press the black button again. 
— After a few seconds the word “UP” will appear. 
¢ Rotate the instrument so that the tip points upward. 
— If “GOOD” appears, the Tono-Pen is ready for use. 
— If “BAD” appears, repeat the process until “GOOD” 
appears. 


¢ If “GOOD” does not appear, the device cannot be 
used. 


¢ Electronically measures IOP 
— Combines applanation and indentation tonometry 
Uses pressure-sensitive electronics to average four suc- 


cessive readings and displays the reading and a reliability 
factor digitally 


51.5.2 Calibration of the Tono-Pen 


¢ Should be performed once daily 
¢ Hold the instrument with the tip down (Fig. 51.4). 
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Fig.51.4 Tono-Pen calibration position 
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51.5.3 Procedure: Tono-Pen Tonometry 


1. 


Ww 


An explanation of the procedure is helpful because 
patient cooperation is critical for accurate results. 


. Anesthetize the eye with the topical ophthalmic anes- 


thetic of choice. 


. Place a probe cover on the unit. 
. The patient should be in a comfortable position because 


the unit can be used in any position. 
¢ Have the patient focus on a specific area. 


. The best way to hold the instrument is similar to that of 


a pen. 
¢ Ensure that the digital readout is visible. 


. The operator can rest his or her hand on the patient’s 


cheek or forehead to maintain stability. 


. Hold the unit perpendicular to the patient’s cornea. 
. Press the black button only once. 


¢ If“ICALI” is seen, followed immediately by a single 
row of dashes [— — — —], it indicates that the Tono-Pen 
requires calibration before it will measure. 

e If“====” is seen and a “beep” is heard, the unit is ready. 

¢ Proceed with measurement. 
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9. Gently touch the Tono-Pen to the cornea and withdraw 
(Fig. 51.5). Repeat several times. 
¢ Indentation is not required. 

10. The unit will “chirp” and a digital reading will be dis- 
played if a valid reading is obtained. 

11. After four valid readings are obtained, the average of 
these measurements as well as a single bar that signifies 
statistical reliability will appear on the readout. 
¢ After the final beep if the liquid crystal display (LCD) 

readout shows “‘----,“ not enough valid readings were 
obtained. 
e In this case, the measurement must be repeated. 


51.5.4 Pitfalls 


¢ Unsuccessful calibration mandates a repeat attempt at 
calibration. 

¢ Loosen the Ocu-Film tip cover and repeat for multiple 
failed attempts. 

¢ Press the reset button and reattempt calibration. 

¢ Replace the battery if necessary. 

e Tf all else fails, use another device or Schigtz tonometer. 
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Fig.51.5 Proper use of 
Tono-Pen 





Correct 





Incorrect 
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51.6 Complications Selected Reading 
* Unusual if proper technique is used. Lang GK. Ophthalmology: a short textbook. Stuttgart: Thieme; 
; : : 2000. 
If too much force is applied, a corneal abrasion may Rhee DJ, Pyfer MF, Rhee DM, editors. The Wills eye manual: office 
result. and emergency room diagnosis and treatment of eye disease. 3rd ed. 
¢ Infection when using an improperly sterilized Schigtz Philadelphia: Lippincott Williams & Wilkins; 1999. 


tonometer. 
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52.1 Indications 


¢ Absolute indications: In the presence of presumed or con- 
firmed retrobulbar hemorrhage 
— Acute visual loss 
— Intraocular pressure (IOP) greater than 40 mmHg (nor- 
mal IOP is 10-20 mmHg) 
— Proptosis not amenable to retropulsion 
¢ Relative indications: In the context of presumed or con- 
firmed retrobulbar hemorrhage (Fig. 52.1) 
Ophthalmoplegia 
Cherry red macula 
Profound eye pain 
Afferent pupillary defect (Marcus Gunn pupil) 
¢ This defect is seen with the swinging flashlight test. 





Fig. 52.1 Retrobulbar hemorrhage 
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— Shine a light into both eyes; a normal response is 


equal constriction of both pupils. 

In those patients with an afferent papillary 
defect, when light is swung from an unaffected 
pupil to an affected pupil, the pupil will seem to 
paradoxically dilate, rather than constrict. The 
pupil on the nonaffected side will similarly dilate 
as light is shown into the affected eye. This 
results from injury to the afferent fibers of cra- 
nial nerve (CN) II on the affected side, while the 
efferent fibers, innervated by CN III, remain 
intact. 


— This procedure is most effective if performed as soon 
as possible because irreversible vision loss can occur 
secondary to ischemia in as little as 90 min. 
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52.2 Contraindications 


¢ Absolute 
— Globe rupture 
¢ Relative 
— Suspected globe rupture: Heralded by a number of 
signs including hyphema, irregularly shaped pupil, 
exposed uveal tissue, or profound restriction of extra- 
ocular movement 


52.3 Materials and Medications 


¢ Straight hemostat 

e Suture or iris scissors 

¢ Forceps 

e 1-2 % lidocaine with epinephrine 

¢ Sterile gloves 

¢ Sterile towels/drapes 

e 4x4 gauze 

¢ Face shield/mask 

¢ Large-bore needle to withdraw anesthetic, 25-gauge nee- 
dle to infiltrate 

e 10-cc syringe 

¢ Normal saline 
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52.4 Procedure 


1. Position the patient 


¢ While waiting for the procedure to begin, the patient 
should initially be upright to produce any decrease in 
IOP that can be provided. 

¢ At the start of the procedure, lay the patient supine. 

¢ A cooperative patient is absolutely necessary because 
even slight movements can cause devastating iatro- 
genic injury. 

¢ If the patient is anxious or conscious, sedation may be 
required. 

¢ In extreme cases of altered mental status or combative 
trauma patients, endotracheal intubation and mechani- 
cal ventilation may be required. 


. Gently irrigate the affected eye to remove any debris. 
. Inject approximately 1-2 mL of 1-2 % lidocaine with 


epinephrine into the lateral canthus of the affected eye 
(Fig. 52.2). 


. Using a curved hemostat, gently crimp the skin over the 


lateral corner of the patient’s eye down to the orbital rim 

for 3 min to establish hemostasis and set the boundaries 

for the incision. 

¢ Using forceps, use the hemostats to pick up the skin 
just crushed. 

¢ Raise the skin with forceps and then use scissors to 
make a 1- to 2-cm incision from the lateral corner of 

the eye extending laterally outward (Fig. 52.3). 

— This incision can often sufficiently decrease IOP. 

— Itis feasible to remeasure the IOP at this point, and 
if it is still greater than 40 mmHg, proceed to the 
next step. 

¢ Visualize the lateral canthal tendon by retracting the 
inferior orbital lid inferiorly. 

¢ Direct the scissors along the lateral side of the orbital 
rim away from the globe, and cut the lateral canthal 

tendon inferiorly (Fig. 52.4). 

e At this point, again measure IOP, and if greater than 

40 mmHg, proceed to the next step. 

¢ Direct the scissors along the lateral side of the orbital 
rim away from the globe, this time directed superi- 
orly, and cut the superior crux of the lateral canthal 
tendon. 
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Lateral canthal tendon 


Orbicularis oculi muscle 





ar al Fig. 52.4 Further cut to reduce intraocular pressure 





Fig. 52.3 Initial cut 
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52.5 Complications 


¢ If one is making a superior incision, caution must be taken 
during this procedure to avoid injury to the lacrimal gland 
or artery. 

e An additional complication of the procedure is ptosis due 
to iatrogenic injury to the levator aponeurosis, either par- 
tially or completely. 

¢ The most obvious complication involves direct injury to 
the globe itself due to either operator error or poor patient 
control and immobility. 

¢ Hemorrhage from inadequate hemostasis. 

¢ Infection. 


52.6 Pearls and Pitfalls 


e Abrupt decrease in pain, decrease in IOP, and resolution 
of afferent pupillary defect will herald a successful proce- 
dure, assuming it was performed within an early enough 
time frame. 

¢ Having an assistant present is beneficial. 

— In this case, the role of the assistant is to provide lateral 
retraction of the tissues to decrease likelihood of globe 
rupture. 
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¢ After cantholysis of the inferior component of the lateral 
canthal tendon, the lower lid will become lax as its attach- 
ment to the lateral wall is separated. This signifies a suc- 
cessful incision. 

¢ Incisions made during this procedure generally heal with- 
out the need for suturing. 

¢ Emergent ophthalmological consultation should ideally 
be sought before beginning this procedure. 

¢ Emergent ophthalmological consultation is mandatory 
subsequent to the procedure. 
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Part VIII 


Otorhinolaryngologic Procedures 
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53.1 Etiology 


e Anterior source: approximately 90 % of nosebleeds, usu- 
ally Kiesselbach’s plexus (Fig. 53.1) 
— Nose picking (“epistaxis digitorum’) 
— Trauma 
— Infection 
— Nasal foreign body 
— Dry air 
— Atmospheric pressure alterations (e.g., increased alti- 
tude, lower arterial partial pressure of oxygen [PaO,]) 
— Allergies 
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— Blood dyscrasias 

— Malignancy (e.g., leukemia, lymphoma) 

Posterior source: approximately 10 % of nosebleeds, usu- 

ally sphenopalatine artery (Fig. 53.2) 
— Jatrogenic coagulopathy (e.g., warfarin, heparin, high- 
dose aspirin) 

— Blood dyscrasia 

— Liver failure 

— Renal failure 

— Malignancy 

— Older age 


311 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_53 


312 B.M. Mahon and B.K. Desai 


Anterior ethmoid 
artery 





Posterior ethmoid 
artery 


Sphenopalatine 
artery 


Kiesselbach’s 
plexus 


Superior labial 
artery 


Greater palatine 
Fig.53.1 Vascular supply to the artery 
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Fig.53.2 Vascular supply of the 
lateral wall of the nose 
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53.2 


53 Epistaxis Control 


Indications 


Acute/recurrent epistaxis 


53.3 Contraindications 


Resolution of epistaxis episode before arrival 
Massive facial trauma 


53.4 Materials and Medications 


Headlight with focused beam 

Gown 

Gloves 

Mask with visor 

Full-body drape or sterile towels 

Nasal packing material (any or all of the following, as 
needed [see later]): several cotton pledgets, 3-5 feet of 
¥2-inch ribbon gauze (preferably enriched with petroleum 
jelly and bacitracin), anterior epistaxis balloon nasal pack 
Topical vasoconstrictor (e.g., | % pseudoephedrine or 
1:1000 epinephrine) 

Topical anesthetic (e.g., 4 % lidocaine solution or 2 % 
tetracaine) 

Nasal speculum 

Bayonet forceps 

Anterior epistaxis balloon (e.g., Rhino Rocket) 

Any of the following commercial products, as needed 
(see later): Gelfoam, Surgicel, Crosseal, and FloSeal 
Foley catheter 


53.5 Procedure: Anterior Epistaxis 


Initial preparation 
1. Assemble necessary equipment at the bedside. 
2. Have the patient seated upright, with head and neck in 
the sniffing position. 
3. Universal precautions are mandatory: gown, glove, 
and mask. 
4. Drape the patient with towels or a large body drape. 
5. If initial evaluation using the headlamp and nasal spec- 
ulum with gentle spreading in a vertical fashion or a 
simple visual examination reveals the source (anterior 
vs posterior), proceed with the appropriate manage- 
ment pathway as determined later. 
— If clot obstructs visualization, it is recommended 
for the patient to gently blow her or his nose once 
to remove any easily friable clots, and then proceed 
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with immediate inspection. If anterior nose bleeds, 
go to the next step. 


¢ Management of anterior epistaxis: 


1. 


Initial step in the management of anterior nosebleeds 

involves pinching the patient’s nostrils firmly for at 

least 10-15 min. 

— This can be done by the patient. 

— Simple pressure is very often enough to provide 
appropriate hemostasis in anterior nosebleeds. If it 
fails, proceed to the next step. 


. A topical vasoconstrictor of choice (e.g., cocaine, oxy- 


metazoline, 1 % pseudoephedrine) can be applied to 
the septum and lateral walls of the nose either topically 
with cotton-tipped applicators or by using soaked 
pledgets. 


. Continue to apply firm pressure to the nares for 


10-15 min, and recheck the nose for evidence of 
bleeding. 


. If the bleeding site can be easily visualized, chemical 


cautery may be attempted with silver nitrate (Fig. 53.3). 

— This can be accomplished with the help of a nasal 
speculum and a headlight. 

— It is advised to cauterize both the site itself and 
0.5 cm around the site, by holding the silver nitrate 
stick to the site for at least 20 s until the bleeding 
stops. 

— Ifbleeding then stops, cover the site with an absorb- 
able gelatin foam or an oxidized cellulose such as 
Gelfoam or Surgicel or simply apply topical antibi- 
otic to the site. 


. If there is continued bleeding, the clinician may apply 


either two elongated cotton pledgets or a commercially 
available substitute (e.g., a Rhino Rocket or similar 
device [Fig. 53.4]) presoaked in a few milliliters or a 1:1 
mixture of a topical vasoconstrictor and an anesthetic. 
Combinations can include the previously cited two 
agents, plus 2 % tetracaine or 4 % lidocaine. 


. Universal instructions for the insertion of a commer- 


cially available anterior nasal pack include (Fig. 53.5): 

¢ Soak the fabric via the manufacturer’s recom- 
mended solution if required. 

¢ Insert antibiotic ointment in the nares to facilitate 
insertion. 

e Insert the entire length of the balloon along the 
inferior surface of the nasal cavity. 

¢ The fluid within the nasal cavity should cause it to 
expand spontaneously while in the nares, after 
which the remaining exposed string can be taped to 
the cheek. 

¢ For those devices that require air instillation, read 
the manufacturer’s instructions on how much air to 
instill within the device. 
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10. 


11. 
12. 
13. 


14. 


15. 


16. 


17. 


. Another option is to provide an anterior nasal pack- 


ing using a few feet of %-inch ribbon gauze 
(Fig. 53.6). 


. It is preferable if this gauze is impregnated with 


petroleum jelly and is enriched with bacitracin 

ointment. 

— If it is not, bacitracin can be applied to the strip 
before its insertion into the nasal cavity. 


. To facilitate the insertion, bayonet forceps can be 


used to gently lay each successive strip on top of the 
one before it. 
Begin inferiorly, laying each strip on top of the other, 
about three or four layers at a time, with the end 
points protruding from the opening of the nasal 
cavity. 
Pack the strands firmly. 
It may take several feet to pack the entire nasal 
cavity. 
This may be both uncomfortable for the patient and 
time consuming for the provider, so ensure adequate 
time and copious topical anesthetic. 
Parenteral analgesic or anxiolytics may be required 
for any of these techniques. 
If none of these resources is available, another tech- 
nique requires the use of two cotton pledgets gently 
inserted into the nostrils after vasoconstrictor/anes- 
thetic topical solution has been sprayed into the nose 
either manually or with the addition of bayonet for- 
ceps, where they will remain for 20 min, supple- 
mented by firm pressure to the nares as described 
previously. 

— If the bleeding has then stopped, they can be 
removed at this time. If it does not, it is advised to 
repeat the previous step a second time, this time 
with a longer period of pressure, before proceed- 
ing to the next step. 

If all of these techniques fail to control bleeding, the 

clinician may apply a sealant spray or foam enriched 

with thrombin to enhance clotting. 

— Commercially available options include Crosseal 
or FloSeal. 

Finally, if none of these techniques manage to halt 

what one is sure is only an anterior, albeit persistent, 

nosebleed, consult the otolaryngologist for further 
guidance. 

— Another consideration at this point may be that 
the uncontrollable anterior nosebleed is really 
a posterior nosebleed from an undetermined 
location. 

— It may be prudent to proceed to the algorithm for 
treatment of posterior epistaxis, even if a posterior 
bleed is not specifically confirmed. 


53.5. 
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1 Complications 


¢ Using an inadequate amount of packing when inserting 
the ribbon gauze, the entire product may serve as a plug 
with potential aspiration risk, rather than as a tool for 
hemostasis. 

¢ Otitis, sinusitis, and toxic shock syndrome. 


53.5. 


2 Pearls and Pitfalls 


¢ Pearls 


° Pit 


Be sure to perform a reevaluation of both the posterior 
oropharynx and the posterior nasopharynx after inser- 
tion of any of the previously discussed devices, and 
inspect for continued bleeding/oozing to ensure hemo- 
stasis has been accomplished. 
For those patients with nasal packs in place, consider 
the use of oral antibiotics to avoid subsequent sinusitis, 
otitis, or toxic shock syndrome. 
¢ Appropriate antibiotic choices include cephalexin, 
clindamycin, or amoxicillin—clavulanic acid. 
¢ The use of antibiotics for short-term packing has 
not been proven. 
Consider admission for elderly patients or for those 
patients with potential airway complications such as 
those patients with chronic obstructive pulmonary dis- 
ease (COPD) and for those at risk for aspiration. 
Have the patient follow up with otolaryngology within 
2-3 days for reevaluation and packing removal. 
Provide adequate discharge instructions warning the 
patient against nose blowing, sneezing with the mouth 
closed, or any movements or actions that cause a 
Valsalva maneuver. 
The patient should try to keep his or her head elevated 
for the next 24-48 h even while sleeping to prevent 
potential aspiration. 


falls 


Discharging a patient without an adequate period of 
observation. 

Failing to ensure appropriate follow-up. 

Providing inadequate discharge instructions. 
Mistaking an anterior nosebleed for a posterior 
nosebleed. 

Leaving silver nitrite on exposed nasal mucosa can 
lead to iatrogenic nasal septal perforation. 

Not informing the patient that minimal oozing of blood 
from the nose can be expected. 
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Fig.53.3 Example of silver nitrate stick and packaging 





Fig.53.5 Proper taping of a commercial anterior nasal pack 


Fig.53.4 Example of commercial nasal pack 
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Fig.53.6 Gauze method 
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53.6 Procedure: Posterior Epistaxis 


Preliminary Steps 

1. Owing to the possibility of extreme exsanguination 
from a posterior source of epistaxis or airway obstruc- 
tion from a large clot dislodgment or large volume of 
blood aspiration, the stability of the patient’s airway, 
breathing, and circulation must be ensured first. 

— Appropriate interventions entirely depend on the 
presentation of the patient and therefore are not 
described in this chapter. 

— Patients with posterior epistaxis can lose a large 
volume of blood quickly, so this needs to be an ini- 
tial consideration. 

2. Consider establishing intravenous access and placing 
the patient on a cardiac monitor. 

3. Because patients with posterior epistaxis tend to be 
either older, on various blood thinners, or to potentially 
have some type of coagulopathy, consider obtaining a 
complete blood count, prothrombin time, and partial 
thromboplastin time as part of the preliminary workup. 

4. Consider a blood type and screen. 

Management of posterior epistaxis: 

1. Inspect the nares as described in the previous section 
on anterior nosebleeds. 

2. Several of the techniques discussed may be attempted 
but may not be successful. 

3. Assemble necessary equipment at the bedside. 

4. Have the patient seated upright, with the head and 
neck in the sniffing position. 

5. Universal precautions including a gown, glove, and 
mask should be employed. 

6. Drape the patient with towels or a large body drape. 

7. Apply a combination of a topical vasoconstrictor and 
anesthetic to the nose. 

— An appropriate choice (e.g., | % pseudoephedrine 
or 1:1000 epinephrine in a 1:1 ratio with 4 % lido- 
caine or 2 % tetracaine) 

— Be aware, however, that there are situations in 
which the bleeding may be too brisk, and this step 
may need to be avoided owing to time constraints 
and the volume of bleeding. So it is not unheard of 
to be required to intervene in posterior epistaxis 
without this initial step. 

8. Otolaryngology should be consulted as early as possi- 
ble in the workup of this condition, both for admission 
and in case the following techniques fail. 

9. An advised initial step for the treatment of posterior 
epistaxis is to proceed directly to insertion of a unilat- 
eral or, preferably, bilateral posterior nasal pack or 
balloon. 
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— An example of these is the elongated version of 
the Rhino Rocket as described previously. 

— Insertion and securing of the product proceed 
essentially the same way, except that it is inserted 
deeper into the posterior oropharynx. 

10. Consider the use of a dedicated posterior balloon, 

such as a Nasostat or Epistat (Fig. 53.7). 

— These devices are double-balloon systems that are 
lubricated preferably with bacitracin (sterile jelly 
is also appropriate) and inserted into the posterior 
nasopharynx. 

— The posterior balloon is then inflated with the 
product-specific quantity of air. 

— The product is then withdrawn slightly to ensure 
that the posterior balloon is situated firmly in its 
desired location of the posterior nasal cavity. 

— The anterior balloon is then inflated with the 
device-specific quantity of normal saline, and the 
device is secured. 

¢ If the previously discussed resources are not available, a 
clinician can insert an adult-caliber Foley catheter into the 
posterior nasopharynx, with inflation of the balloon, and 
gentle traction anteriorly to ensure the bulb is situated 
similarly to the Nasostat or Epistat, firmly in the posterior 
nasal cavity to tamponade off the bleeding (Fig. 53.8). 

¢ If all of these techniques still fail to control bleeding, an 
otolaryngologist will likely need to intervene, performing 
techniques outside the scope of practice of the emergency 
physician, including electrocautery, submucosal lido- 
caine/epinephrine injections, or other surgical 
interventions. 

¢ The final step in the management of this patient includes 
admission to a monitored bed. 


53.6.1 Pearls and Pitfalls 


¢ Pearls 

— Consult otolaryngology early in the workup as soon as 
a posterior bleed is identified. 

— Patients receiving packing will still need to be placed 
on antibiotics, such as a first-generation cephalospo- 
rin, clindamycin, or amoxicillin—clavulanic acid. 

— Perform a good physical examination concomitantly 
with the management of the bleed specifically geared 
toward assessing the patient’s volume status (ortho- 
statics, capillary refill, heart rate), because the patient 
may have significant volume loss depending on the 
duration and quantity of the bleed. 

— Take a good history including prior bleed, prior admis- 
sion requirements owing to epistaxis, any anticoagu- 
lant use, blood dyscrasias, and so on. 
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¢ Pitfalls 

— Misidentifying a posterior bleed as an anterior bleed. 
This can be catastrophic if the patient is discharged. 
Reference the “Etiology” section earlier. 

— Discharging the patient. 

— Consulting otolaryngology too late. 

— Underestimating the volume of blood loss. It may be 
helpful to think of these patients as trauma patients in 
their initial management and to proceed down the stan- 
dard primary survey/intervention/secondary survey/ 


intervention approach, ensuring that the volume needs 
are identified early. 

Infection. 

Pressure necrosis of the septum. 

Hypoxia. 

Aspiration. 

Arrhythmias. 

Dysphagia. 

Dislodgment of the pack. 





Fig.53.7 Example of posterior balloon 


Fig.53.8 Foley catheter in the posterior nasopharynx 
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Treatment of Septal Hematoma 54 
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54.1 Indications 


¢ Septal hematomas occur after force applied to the nasal 
cartilage results in leakage of blood from the perichon- 
drium (Figs. 54.1 and 54.2). They may be unilateral or 
bilateral. 

— Untreated, this hematoma can expand and mechanically 
obstruct the blood vessels that supply the nasal cartilage. 





Fig. 54.1 Example of a septal hematoma 


Fracture of the Septal hematoma 


nasal septum 


Nasal septum 





Fig. 54.2 Diagram of a septal hematoma 
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54.2 Contraindications 


In the setting of massive facial trauma, airway protection 
and consultation with otolaryngology or oral surgery may 
be required. 


54.3 Materials and Medications 


5-cc syringe 

20-gauge needle (may use larger-gauge needle, but 
smaller ones may not allow for adequate suctioning). 
Topical antiseptic 

Sterile drapes, gown, eye protection, and gloves 

Light source—preferably a head lamp 

If using procedural sedation, specific medications of 
choice are needed as well as monitoring and resuscitation 
equipment 

Nasal speculum 

4 % liquid cocaine or 4 % liquid lidocaine for anesthesia 
Topical vasoconstrictor of choice (oxymetazoline or 
phenylephrine) 

Scalpel (#15 blade) 

Suction setup 

Saline for irrigation 

Sterile gauze 

Iodoform packing or sterile rubber band 

Anterior nasal pack (Rhino Rocket) 

Intravenous antibiotics to cover Staphylococcus aureus, 
group A B-hemolytic streptococci, Streptococcus pneu- 
monia, and Haemophilus influenzae 


54.4 Procedure 


Preprocedure 

— Explain the procedure to the patient. 
— Informed consent may be required. 
Procedure—unilateral (Fig. 54.3): 


1. Place the patient in a seated position if the procedure is to 


be done without procedural sedation. 
¢ If performing the procedure under procedural seda- 
tion, the patient may be placed in the supine position 
with appropriate monitoring and resuscitation equip- 
ment on standby. 


10. 


1. 


2. 
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Provide local anesthesia by applying the topical 
anesthetic of choice to cotton pledgets, wringing out the 
excess before insertion. 
¢ Remove after 10 min. 
¢ If using lidocaine, a topical vasoconstrictor may be 
required that may be mixed with the lidocaine or 
applied directly on the nasal mucosa before the 
procedure. 
Using a nasal speculum, open the affected nares verti- 
cally as wide as possible. Horizontal use may obscure 
the hematoma. 
Using a #15 blade, make a vertical incision at the hema- 
toma extending the incision posteriorly at its base. 
¢ Take care not to make too deep an incision because 
septal perforation may occur. 
Suction and gauze should be at the ready to remove as 
much blood as possible. 
Pack the incision site with iodoform gauze or a sterile 
rubber band in order to keep the incision open to prevent 
accumulation of blood. 
This packing can be held in place with an anterior nasal 
pack. 
e The pack should be placed in both nares to prevent 
deformity of the nasal septum. 
Consider administration of a dose of intravenous 
antibiotics. 
Send the patient home with a prescription for oral 
antibiotics. 
Arrange follow-up for 24 h. 
Procedure—bilateral (Fig. 54.4): 
If bilateral hematomas are present, otolaryngology con- 
sultation should be sought. 
One method involves the incision of one side only through 
the nasal septum so that both may drain through one side. 
¢ Care must be taken NOT to penetrate the overlying 
mucosa of the other side. 
The second option is to repeat the unilateral drainage pro- 
cedure on the contralateral side. 
Care must be taken to not have the incision exactly in the 
same location as the contralateral side owing to the risk of 
permanent septal perforation. 
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Fig. 54.3 (a—d) Technique for drainage of a unilateral septal hematoma 





Fig.54.4 Technique for drainage of a bilateral septal hematoma 


A concurrent 915 MHz / 2440 MHz 
RF Energy Harvester 
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This paper presents the development of two dual-band RF harvesters optimized to convert 
far-field RF energy to DC voltage at very low received power. The first one is based on a 
patch antenna and the second on a dipole antenna. They are both implemented on a standard 
FR4 substrate with commercially off-the-shelf (COTS) devices. The two RF harvesters 
provide a rectified voltage of 1V for a combined power respectively of -19.5 dBm at 915 MHz 
and -25 dBm at 2.44 GHz and of -20 dBm at 915 MHz and -15 dBm at 2.44 GHz. The remote 
powering of a clock consuming 1V/SuA is demonstrated, and the rectenna yields a power 
efficiency of 12 %. 
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I. INTRODUCTION 


Today’s the society is evolving toward creating smart environments where a multitude 
of sensors and devices are interacting to deliver an abundance of useful information. Essential 
to the implementation of this Internet Of Things (IOT) is the design of energy efficient 
solutions aiming toward a low-carbon-emission, namely green, society. Within this context, 
the energy harvesting appears as an alternative to provide systems with self-sustained 
operation. Many electronic devices operate in conditions where it is costly, inconvenient, or 
impossible to replace the battery. Examples include sensors for health monitoring of patients 
[1],[2], aircraft or building structural monitoring [3],[4], sensors in natural, industrial or 
hazardous environments, etc. The scavenging of natural ambient energy requires some 
specific conditions such as: daylight for solar energy [5], breeze for wind energy or motion 
for kinetic energy [6] to name a few. As consequences the exploitation of natural source does 
not fit with many cases of applications. On the other hand the electromagnetic (EM) [7], or 
Radio-Frequency (RF), energy is a human made source that is not dependent of weather 
conditions nor the daytime. It is so very attractive for wireless powering of remote devices. 
Furthermore the ever growing of commercial and personal wireless installations opens up to a 
24 hour a day available energy in the vicinity of any human activity areas. The schematic of a 
general Wireless RF Power Transmission (WPT) system is shown in Fig.l. We talk here 
about far-field RF energy transmission [8], which is different from near-field RF energy 
transmission [9]. This later including inductive, capacitive or resonant coupling is a close 
contact transmission and is not relevant for remote devices. In Fig. 1, the receiver antenna 
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54.5 Pitfalls and Complications 


¢ Bleeding 

¢ Infection: toxic shock syndrome 
¢ Deformity of the nose 

¢ Permanent septal perforation 

¢ Inadequate drainage 

¢ Reaccumulation of blood 

¢ Development of septal abscess 


B.K. Desai 
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Indications 


Visualized foreign body (FB) on inspection 
Continued unilateral nasal discharge of unknown etiology 
Recurrent epistaxis 


55.2 Contraindications: Need Urgent 


Referral 


Those cases in which the emergency physician is not con- 
fident of success. 
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Combative patients who are not candidates for conscious 
sedation. 

Embedded FBs. 

Penetrating injuries with an FB. 

Button batteries that cannot be removed. 

Patients with bleeding diathesis. 

Respiratory distress. 

FBs superior and medial to the middle turbinate owing to 
risk of puncture to the cribriform plate. 

Chronic FBs may be difficult to visualize and these should 
be referred. 
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55.3 Materials and Medications 


¢ 1% lidocaine without epinephrine (solution) for anesthesia 
e 2% lidocaine jelly 

¢ 0.5 % phenylephrine to vasoconstrict vessels 

¢ Nasal speculum (Fig. 55.1) 

¢ Headlamp or other direct lighting instrument 


Fig.55.1 (a—c) Example of 
nasal speculum 
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Ambu bag (Fig. 55.2) 

Alligator forceps (Fig. 55.3) 

Curved hook (Fig. 55.4) 

Foley catheter 

Suction: schuknecht catheter (Fig. 55.5) 

Eye and biohazard protection for the clinician 
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Fig.55.4 Example of a curved hook 
Fig.55.2 Example of Ambu bags 


| / y Fig.55.5 Example of a schuknecht suction tube 


Fig.55.3 Example of alligator forceps 
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55.4 Procedures (Based on the Method 
Chosen) 


55.4.1 Alligator Forceps 


¢ Perhaps the easiest method to use for easily visualized FBs. 

¢ Care must be taken for those FBs that are easily broken apart 
(e.g., peas) to ensure that all of the matter has been removed. 

e Using a nasal speculum, spread the nares as much as pos- 
sible to maximize visualization. 

e Stabilize the head with the nondominant hand, or for chil- 
dren, consider a papoose board to secure the patient. 

e Attempt to grasp the FB with the forceps. 

e After removal, ensure the complete removal of the object 
and ensure that no other FBs are present. 

55.4.1.1 Pitfalls and Complications 

¢ Pushing the object deeper into the nares. 

¢ Inability to totally remove the FB. 

e Attempted removal of an embedded FB may cause 
significant bleeding. 


55.4.2 Curved Hook 


¢ Used for nongraspable objects especially in the anterior nares. 

e Using a nasal speculum, spread the nares as much as pos- 
sible to maximize visualization. 

e Stabilize the head with the nondominant hand, or for chil- 
dren, consider a papoose board to secure the patient. 

¢ Pass the hook behind the object, or if the object has holes, 
the hook may be placed inside the hole to facilitate removal. 

¢ Slowly withdraw the hook, thereby removing the FB. 

e After removal, ensure the complete removal of the object 
and ensure that no other FBs are present. 

55.4.2.1 Pitfalls and Complications 

¢ This technique cannot be used if the object cannot be 
directly visualized because significant trauma may arise 
owing to the misplacement of the hook. 

e Attempted removal of an embedded FB may cause sig- 
nificant bleeding. 
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55.4.3 Foley Catheter Removal 


¢ Use a5 or 6 French catheter. 

e Anesthetize the nares with lidocaine with or without epi- 
nephrine and vasoconstrict the nasal vessels with 
phenylephrine. 

e Ensure that the Foley balloon has no leaks. 

e Place the patient in a supine position. 

— Consider procedural sedation for children and/or a 
papoose board. 

e Lubricate the Foley tip and balloon with lidocaine jelly. 

e Advance the tip past the object. 

¢ Blow up the balloon with 2—3 mL of air and gently with- 
draw the catheter. 

— The amount of air may need to be adjusted depending 
on the size of the object to be withdrawn. 

— Pulling too quickly may cause a soft FB to break 
apart. 


55.4.3.1_ Pitfalls and Complications 

e This technique may be used if the FB is not visible. 

¢ In order for this technique to work, the catheter must be 
able to slide posterior to the object in order for the balloon 
to pull out the object. 


55.4.4 Suction 


e A small metal suction catheter—the schuknecht cathe- 
ter—may be used. 

e The suction is placed against the FB and slowly 
withdrawn. 

e This technique works best for round smooth objects visu- 
alized in the anterior nares. 


55.4.4.1_ Pitfalls and Complications 

e May not work for posteriorly displaced FBs. 

e May not work for objects too tightly entrenched in the 
nares. 


55 Nasal Foreign Body Removal 
55.4.5 Nasal Positive Pressure 


¢ This technique works best for round FBs occluding the nares. 

e Place the patient in a supine position. 
— Consider a papoose board to secure the patient. 

¢ Apply pressure to the contralateral nares to occlude it. 

¢ Connect an Ambu bag to high-flow oxygen. 
— Use a facemask that covers only the mouth. 

e Place the mask on the patient’s mouth and allow it to 
expand by covering the thumbhole. 

e If this pressure is insufficient to expel the object, the Ambu 
bag may be compressed to add pressure to the attempt. 

e This may allow the object to be seen and grasped in the 
anterior nares. 
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55.4.5.1_ Pitfalls and Complications 


¢ Too much pressure could theoretically rupture the tym- 
panic membranes. 
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56.1 Indications 


¢ Hearing loss 
¢ Profound dizziness 
e Pain 


56.2 Contraindications 
¢ Uncooperative patient 
¢ Potential for foreign bodies 


e Prior surgery to ear or mastoid 
¢ History of middle or outer ear disease 


56.3 Materials and Medications 


e Ear speculum (Fig. 56.1). 
¢ Eye and biohazard protection for the clinician 
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Headlamp or other direct lighting instrument 
Cerumen-softening solutions 


Carbamide peroxide 

Mineral oil or other oil-based agents including almond 
or Olive oil 

Liquid docusate sodium 

Acetic acid 

Sodium bicarbonate 


Alligator forceps (Fig. 56.2) 

Curved hook or cerumen spoon (Figs. 56.3 and 56.4) 
Suction—Schuknecht catheter 

Irrigation setup 


Ear syringe (Figs. 56.5 and 56.6) 


20- to 60-mL syringe with an 18-gauge angiocath 
attached 


Commercial ear irrigation setup 
Water (tap water may be used) 
Basin or other collection device 
Towels 
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Fig. 56.1 Example of an ear speculum 
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Fig. 56.3 Examples of cerumen spoons 





Fig. 56.2 Example of alligator forceps 
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Tri-Stream tip 







Flared design 


Exit portals 





Fig. 56.4 Examples of ear curettes WX 





Fig. 56.6 Example of a specialized ear syringe 





Fig. 56.5 Example of a typical bulb syringe used in irrigation 
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56.4 Procedure 


10. 


. Explain the procedure to the patient to facilitate 


cooperation. 

¢ Some discomfort may be involved, including a sen- 
sation of pressure and the cold, wet feeling from the 
water used. 

¢ Nausea, vomiting, or a sensation of vertigo may also 
be experienced. 
— Consider pretreatment of vertigo with agent of 

choice. 


. The patient may be seated or supine with the head 


slightly turned to the affected side to facilitate the col- 
lection of fluid. 

Stabilize the head with the nondominant hand, or for 
children, consider a papoose board to secure the patient. 
Pull the ear up and out to straighten the ear canal. 
Before irrigation, if the cerumen is hard, alligator for- 
ceps or a cerumen spoon may be used under direct visu- 
alization to remove as much cerumen as possible. 


. Use acerumen-softening agent before irrigation by instill- 


ing and leaving in for 30 min to maximize softening. 


. Place a collection device next to the patient’s ear, or 


alternatively, have the patient hold a basin near the ear to 
collect any liquid. 


. Attach an angiocath to a 20- or 60-mL syringe, place the 


tip of the catheter within the ear canal, and aim toward 
the tympanic membrane. 


. Slowly inject the solution into the ear canal. 


¢ Care must be taken to limit the force used owing to 
the potential for tympanic membrane rupture. 

¢ The fluid can be injected in short bursts or all at once. 

Direct the stream as much as possible toward the rear of 

the cerumen to be removed. 


11. 


12. 


13. 
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Continually reassess the ear canal to ensure that all ceru- 

men has been removed. 

e If one large piece remains, use a cerumen hook to 
facilitate removal. 

If the patient complains of severe sharp pain, stop the 

procedure and assess the tympanic membrane for 

rupture. 

¢ Consider referral or otolaryngological consultation at 
this point. 

After successful removal, dry the ear canal with cotton- 

tipped applicators to prevent otitis externa. 


56.5 Pitfalls and Complications 


Owing to instillation of room temperature water, a caloric 
response may occur including vertigo, nausea, and 
vomiting. 

Rupture of the tympanic membrane. 

Unsuccessful irrigation secondary to inadequate time 
given to softening agents before attempting removal. 
Bleeding of the external auditory canal. 

Otitis externa. 

Hearing loss. 
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collects the EM energy radiated by a RF source, and converts it into a RF signal. This RF 
signal is transferred to the rectifier by an impedance matching network, to be converted into 
DC power, which is further accumulated in a storage element. The main purpose in the 
deployment of WPT systems is the development of compact and efficient solutions. Most of 
the challenge concerns the implementation of harvesting modules, especially the antenna as 
its design defines the scavenging capability and the size of the RF harvester. At low frequency 
the transfer of energy is efficient, but the antenna footprint is large. To address the trade off 
between the efficiency of the WPT and the size of the modules, the frequency band located in 
the 433 MHz to 6 GHz frequency spectrums are preferred. 


Ha HO 


RF Matching Tx Rx Matching Rectifier Storage Load 
Generator Network Antenna Antenna Network Element 


Channel 
Propagation 


Fig. 1: Schematic of a Wireless RF Power Transmission (WPT) system 


Over the last decade the research effort has focused on the development of WPT 
systems according two scenarios: the RF energy scavenging [10] and the RF energy transfer 
[11]. The two RF energy scavenging is an opportunistic collection of the RF ambient energy 
from the surrounding communication traffic. To improve the harvesting capability the 
scavenging RF harvesters are of wide-band type [12] and cover popular standards such as: 
DTV (470-610 MHz), GSM900, GSM1800, 3G (2.1GHz) and WiFi (2.4 GHz). Unfortunately 
these standards dedicated to convey wireless communications do not radiate a large RF 
power. As consequences the collected energy is weak, unpredictable and out of control. The 
RF energy scavenging remains a promising solution in the future as the increase of 
communication traffic could make it more reliable, and consistent with IOT applications. The 
second concept, namely RF energy transfer, assumes an identified source that is dedicated to 
perform the WPT. The amount of transmitted power is controlled by the source and the 
collected energy is larger than in scavenging approach. The licence-free Industry-Science- 
Medical (ISM) frequency bands located at 0.9, 2.4 and 5.8 GHz are usually exploited to 
support such a WPT scenario. Today the RF energy transfer in ISM Bands is not only 
promising, it becomes a reality as some pioneer companies propose some full kits: Powercast 
Corporation, AnSem and MicroChip to name a few. However there is still a lot of work to 
make the RF energy transfer an appropriate, low cost and easy-to-use solution for remote 
powering. One of the most critical point concerns the harvesting capability of the RF 
modules. So far the commercial kits referenced above only explore the 900 MHz ISM 
allocations to perform the WPT. This work proposes to demonstrate the interest of a 
concurrent harvesting at 915 MHz and 2.44 GHz. The design and implementation of a 
modified 4-stage doubler RF to DC converter, including a concurrent matching network, is 
first presented. The section III details the design of two types of multi-band antenna. The 
comparison between a single frequency and a multi-band WPT is exposed and the 
demonstration of the remote powering of a clock is reported as a case of application. To 
conclude a comparison of our results with the state of the art is exposed. 
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57.1 Indications 


e Visualized foreign body (FB) on inspection. 

¢ Continued unilateral otorrhea of unknown etiology man- 
dates a search. 

¢ Recurrent bleeding. 

¢ History of FB placement by patient. 


57.2 Contraindications: Need Urgent 
Referral 


¢ Those cases in which the emergency physician is not con- 
fident of success. 

¢« Combative patients are not candidates for conscious 
sedation. 

¢ Embedded FBs. 

¢ Penetrating injuries with an FB. 

¢ Bs close to the tympanic membrane. 

¢ Consider referral of spherical FBs because these may be 
difficult to grasp. 
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Chronic FBs may be difficult to visualize; these should be 
referred. 

Consider referral for those patients who have attempts 
made at other institutions. 


57.3. Materials and Medications 


Ear speculum (Fig. 56.1) 
Eye and biohazard protection for the clinician 
Headlamp or other direct lighting instrument 
Alligator forceps (Fig. 56.2) 
Curved hook (Fig. 57.1) or cerumen spoon (Fig. 56.3) 
Suction—Schuknecht catheter (Fig. 57.2) 
Irrigation setup 
— Ear syringe (Fig. 57.3) 
20- to 60-mL syringe with an 18-gauge angiocath 
attached 
— Water (tap water may be used) 
— Basin or other collection device 
Towels 
ances (Fig. 57.4) 
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Fig.57.1 Example of a curved hook 





Fig.57.3 Example of a typical syringe used in irrigation 





Fig.57.4 Example of cyanoacrylate 








Fig. 57.2 (a) Example of a Schuknecht suction tube, (b) example of 
ear irrigation setup using a Waterpik system 
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57.4 Procedures (Based on the Method 
Chosen) 


57.4.1 Alligator Forceps 


¢ Ideal for easily visualized FBs, especially graspable FBs 
in the lateral third of the ear canal. 

— May have limited success with rounded objects. 

¢ Care must be taken for those FBs that are easily broken 
apart (e.g., peas) to ensure that all of the matter has been 
removed. 

— May need irrigation subsequent to the attempt. 

e Explain the procedure to the patient to facilitate 
cooperation. 

¢ Pull the ear up and out to straighten the ear canal. 

¢ Consider using a specialized otoscope with magnification 
(an operating otoscope) to maximize visualization. 

¢ The patient may be seated or supine with the unaffected 
side turned to the gurney or examining chair. 

e Stabilize the head with the nondominant hand, or for chil- 
dren, consider a papoose board to secure the patient. 

e Attempt to grasp the FB with the forceps. 

— Ifusing an ear speculum, attempt to bring the object as 
close as possible to the speculum in order to stabilize it 
and slowly remove both. 

e After removal, ensure the complete removal of the object 
and ensure that no other FBs are present. 


57.4.1.1 Pitfalls and Complications 


¢ Pushing the object deeper into the auditory canal. 

¢ Inability to totally remove the FB. 

e Attempted removal of an embedded FB may cause sig- 
nificant bleeding. 


57.4.2 Curved Hook 


¢ Ideal for spherical objects in the lateral third of the audi- 
tory canal. 

¢ Can be used for non-graspable objects especially in the 
lateral third of the auditory canal. 

¢ Direct visualization is necessary to avoid trauma to the 
ear canal. 

¢ Consider using a specialized otoscope with magnification 
(an operating otoscope) to maximize visualization. 

e Explain the procedure to the patient to facilitate 
cooperation. 

¢ The patient may be seated or supine with the unaffected 
side turned to the gurney or examining chair. 
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Stabilize the head with the nondominant hand, or for 
children, consider a papoose board to secure the 
patient. 

Pull the ear up and out to straighten the ear canal. 

Pass the hook behind the object, or if the object has holes, 

place the hook inside the hole to facilitate removal. 

— In order for this technique to succeed, there must be 
sufficient area near the object to facilitate the hook 
going behind it. 

Slowly withdraw the hook, thereby removing the FB. 

After removal, ensure the complete removal of the object 

and ensure that no other FBs are present. 


57.4.2.1 Pitfalls and Complications 


Pushing the object deeper into the auditory canal. 

This technique cannot be used if the object cannot be 
directly visualized because significant trauma may arise 
owing to the misplacement of the hook. 

Attempted removal of an embedded FB may cause sig- 
nificant bleeding. 

Do not use this technique if the object is close to the tym- 
panic membrane owing to risk of rupture. 


57.4.3 Suction 


A small metal suction catheter—the Schuknecht cathe- 

ter—may be used. 

Ideal for hard rounded objects in the lateral third of the 

ear canal. 

— Does not work as well for those objects closer to the 
tympanic membrane owing to lack of suction and the 
narrow ear canal 

Direct visualization of the object is mandatory. 

— The catheter must be placed directly on the object for 
this technique to succeed. 

Explain the procedure to the patient to facilitate 

cooperation. 

The patient may be seated or supine with the unaffected 

side turned to the gurney or examining chair. 

Stabilize the head with the nondominant hand, or for chil- 

dren, consider a papoose board to secure the patient. 

Pull the ear up and out to straighten the ear canal. 

Place the suction against the FB and slowly withdraw. 


57.4.3.1 Pitfalls and Complications 
¢ Pushing the object deeper into the auditory canal 
¢ May not work for objects too tightly entrenched in the ear 


canal 
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57.4.4 Irrigation 


¢ Useful for small particulate matter unable to be grasped 
by forceps or too small for a hook to pull out. 

— Cannot be used for button batteries or vegetable 
matter. 
¢ Irrigation may cause an alkaline necrosis with the 

button battery. 
e Vegetable matter may expand, increasing the diffi- 
culty of removal. 

e Explain the procedure to the patient to facilitate 
cooperation. 

— Some discomfort may be involved, including a sensa- 
tion of pressure and a feeling cold wetness from the 
water used. 

¢ The patient may be seated or supine with the head slightly 
turned to the affected side to facilitate collection of fluid. 

e Stabilize the head with the nondominant hand, or for chil- 
dren, consider a papoose board to secure the patient. 

¢ Pull the ear up and out to straighten the ear canal. 

¢ Place a collection device next to the patient’s ear, or alter- 
natively, have the patient hold a basin. 

e Attach an angiocath to a 20- or 60-mL syringe and place 
the tip of the catheter within the ear canal, or use a 
Waterpik system. 

¢ Slowly inject the solution into the ear canal. 

— Care must be taken to limit the force used owing to the 
potential for tympanic membrane rupture. 

¢ Direct the stream as much as possible toward the rear of 
the object(s) to be removed. 

¢ Continually assess the ear canal to ensure that all foreign 
matter has been removed. 

e Ifthe patient complains of severe sharp pain, stop the pro- 
cedure and assess the tympanic membrane for rupture. 

— Consider referral or otolaryngological consultation at 
this point. 


57.4.4.1 Pitfalls and Complications 

¢ Owing to instillation of room temperature water, a caloric 
response may occur including vertigo, nausea, and 
vomiting. 

¢ Rupture of the tympanic membrane. 
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57.4.5 Cyanoacrylate 


¢ Useful for objects that can be directly visualized. 

¢ Ideal for hard rounded objects in the lateral third of the 
ear canal. 
— Does not work as well for those objects closer to the 

tympanic membrane owing to lack of visualization 

¢ Direct visualization of the object is mandatory. 

— The stick with the cyanoacrylate must be placed 
directly on the object for this technique to succeed. 

¢ Consider using a specialized otoscope with magnification 
(an operating otoscope) to maximize visualization. 

¢ Explain the procedure to the patient to facilitate 
cooperation. 

¢ The patient may be seated or supine with the unaffected 
side turned to the gurney or examining chair. 

e Stabilize the head with the nondominant hand, or for chil- 
dren, consider a papoose board to secure the patient. 

¢ Pull the ear up and out to straighten the ear canal. 

¢ Place a small amount of cyanoacrylate on the end of a 
cerumen spoon or wooden end of a cotton-tipped 
swab. 

¢ Using direct visualization, place the stick in the ear canal 
and touch the FB. 

¢ Leave the stick on the object for approximately 30-60 s to 
facilitate drying of the glue. 

¢ Remove the stick and the FB. 


57.4.5.1 Pitfalls and Complications 

¢ This technique cannot be used if the object cannot be 
seen. 

¢ The object must be relatively smooth to facilitate place- 
ment of the glue. 


Selected Reading 


Hanson RM, Stephens M. Cyanoacrylate-assisted foreign body removal 
from the ear and nose in children. J Paediatr Child Health. 
1994;30:77-8. 

Kadish H. Ear and nose foreign bodies: it is all about the tools. Clin 
Pediatr. 2005;44:665—70. 





Treatment of Auricular Hematoma 
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58.1 Indications 


¢ Presence of auricular hematoma 
— These occur after significant force is applied to the ear. 
— This type of hematoma will separate the perichon- 
drium from the cartilage. 
¢ Untreated, this hematoma prevents the develop- 
ment of new cartilage, subsequently deforming the 
auricle, causing cauliflower ear (Figs. 58.1 and 
58.2). 


Fig.58.1 Example of a cauliflower ear 
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Fig.58.2 Schematic of auricular hematoma 


Perichondrium 
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58.2 Contraindications 


Uncooperative patient. 

Evidence of infection mandates plastic surgery or otolar- 
yngology consultation. 

Significant trauma to area around the ear. 


58.3 Materials and Medications 


5-cc syringe 

20-gauge needle (may use larger-gauge needle, but 
smaller ones may not allow for adequate suctioning) 
Topical antiseptic 

Sterile drapes, gown, eye protection, and gloves 

1 % lidocaine for anesthesia 

Scalpel (#11 or #15 blade) 

Suction setup 

Saline for irrigation 

Hemostat and forceps 

Penrose drain or plain gauze packing 

Xeroform gauze 

Laceration tray setup 

— Needle driver 

— 4-0 Nonabsorbable suture 

Antibiotic ointment 

Gauze bandages 


58.4 Procedure (Needle Aspiration) 


1. 
. Informed consent may be required. 
. The patient may be seated or supine with the unaffected 


11. 


Explain the procedure to the patient. 


side turned to the gurney or examining chair. 


. Stabilize the head with the nondominant hand, or for 


children, consider a papoose board to secure the patient. 
¢ Consider procedural sedation for children. 


. Carefully clean the area with an antiseptic solution of 


choice (povidone-iodine [Betadine] or chlorhexidine 
solution) and allow to dry. 


. Anesthetize the area where the hematoma is of greatest 


diameter with 1 % lidocaine. 


. Inject the hematoma itself to promote increased 


anesthesia. 


. The clinician should prepare for the procedure by prac- 


ticing universal precautions. 


. Drape the patient’s ear. 
10. 


Attach a 20-gauge needle to a syringe. 

e A 5-cc syringe should be sufficient. 

Attempt to aspirate the hematoma contents with the pre- 
pared syringe (Fig. 58.3). 
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12. 


13. 
14. 
15. 


Treatment of Auricular Hematoma 


“Milking” the hematoma may be required to fully 

remove the clot. 

¢ If the hematoma has been present for sufficient time 
for the blood to completely clot, needle aspiration will 
fail, and an alternative technique, described later, may 
be necessary to completely evacuate the hematoma. 

Place antibiotic ointment around the injection site. 

Loosely dress the area. 

Refer to an otolaryngologist or a plastic surgeon for fol- 

low-up care. 


If needle aspiration fails, a larger incision may be required 


using the following procedure: 


. Perform the previously discussed steps. 
. Consider a local field block of the greater auricular nerve. 
. Make an incision over the hematoma, following the 


anatomy of the helix (Fig. 58.4). 

¢ The incision should be 5—6 mm in length and curvi- 
linear, following the concavity of the helix. 

¢ More than one incision may be required. 


. Remove the hematoma with hemostats or forceps. 


e Suctioning may be used as well. 


. Copiously irrigate the cavity with saline to make certain 


of complete removal of the hematoma. 


. Insert the Penrose drain or plain packing into the incision. 





Fig.58.3 Aspiration of a hematoma 


oo 


10. 
11. 
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. Antibiotic ointment may be applied to the incision site. 
. Place the Xeroform gauze over the incision site. 
. Apply a compression dressing to the ear (Fig. 58.5). 


e Place dry cotton into the ear canal to protect from 
possible drainage and _ subsequent infection 
(Fig. 58.6). 

¢ Mold Xeroform gauze in and around the contours of 
the helix (Fig. 58.7). 

e With the aid of an assistant, place gauze behind the 
pinna and over the Xeroform gauze already molded 
to the anterior portion of the ear (Fig. 58.8). 

¢ Place more fluffed gauze over the ear (Fig. 58.9). 

e While the assistant holds the anterior and posterior 
gauze in place, use a web roll (Kerlix) around the 
head to keep the gauze in place. Then wrap the head 
with an ACE wrap or stretchy bandage (Figs. 58.10 
and 58.11). 

¢ These steps are critical to maintain equal compres- 
sion of the ear, which will help prevent future 
deformity. 

¢ Alternatively, dental rolls can be secured with suture 
to the anterior and posterior site of the drained hema- 
toma (Fig. 58.12). 

Place the patient on prophylactic antibiotics. 

Refer to an otolaryngologist or a plastic surgeon for fol- 

low-up care. 
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Fig.58.4 Incision of an auricular hematoma. (a) Incision; (b) removal of clot with forceps; (c) aspiration of blood with syringe 
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Fig.58.5 Materials needed for 
compression dressing 








Fig.58.7 (a, b) Mold Xeroform gauze around ear helix 
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Fig.58.8 (a, b) Mold sterile gauze on top of Xeroform gauze around 
ear helix 


Fig.58.10 (a—c) Wrap head with Kerlix (sterile gauze roll) 





Fig.58.9 Pad outside of ear with 4x4 gauze pads 


Il. CONCURRENT RF TO DC CONVERTER 


The Radio-Frequency IDentification (RFID) applications are the most popular systems 
exploiting the principle of RF energy transport. In passive RFID applications the reader 
transmits the RF power to the tag, and also sets up the communication. The RF to DC 
converter is designed to yield a maximum of power efficiency to the tag. Most of the time the 
reader and the tag are in line of sight and close to each other, these conditions improve the 
transmission of RF energy, the amount of power available at the tag antenna is large, typically 
between -15 dBm and -20 dBm. In RF energy harvesting the scenario is different. The 
distance between the RF source and the RF harvester ranges from 0.5 meter to 10 meters. The 
amount of collectable power is low, from -10 dBm to -25 dBm, and the remote powering is 
difficult. The RF harvesters are supposed to collect and to store the energy during a long 
period of time. Once the level of stored energy is large enough, it can be released to the 
application. For these reasons a rectifier dedicated to RF energy harvesting is first designed to 
yield a maximum of sensitive to increase its scavenging time and capability. 


A) Rectifier Architecture 


The rectifier architecture is based on voltage multipliers to provide an adequate output 
DC voltage. The architecture of the RF to DC converter, reported in Fig.2, includes a 
matching network based on a L-section, and a N-stage voltage multiplier based on Schottky 
diodes from Avago (HSMS285). The choice of the Schottky diode is very important in the 
design of the rectifier. A key parameter is its threshold voltage Vry. When only low power 
levels are available in the environment, the amplitude of the incident signal may be close to or 
even below this voltage. Below this voltage value, the diode will no longer conduct and the 
losses become predominant. For COTS devices the two Schottky diodes performing the best 
conversion efficiency in a 2.4 GHz range are HSMS-2850 from Avago and SMS-7630 from 
Skyworks [13]. 
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Fig. 2: Architecture of the RF to DC converter 
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Fig.58.11 (a—d) Wrap head with elastic bandage 
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Fig.58.12 Dental rolls secured to the ear 
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58.5 Pitfalls and Complications 


¢ Bleeding 

¢ Infection—perichondritis 

¢ Deformity of the auricle 

¢ Inadequate clot removal 

¢ Hematomas present for several days warrant a plastic sur- 
gery or an otolaryngology consultation 


Acknowledgement The authors would like to thank Thor Shiva Stead 
for serving as the subject in many of the photographs in this chapter. 
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59.1 ___ Indications 


e Peritonsillar abscess 


59.2 Contraindications 


e¢ Absolute 

— Malignancy 

— Vascular malformations 
¢ Relative 

— Pediatric patient 

— Severe trismus 

— Uncooperative patient 


59.3. Materials and Medications 


¢ #11 or #15 scalpel 

e 27-gauge 1.5-inch needle, 18- to 20-gauge 1.5-inch or 
longer needle 

e 5-mL syringe, 10- to 20-mL syringe 

¢ Tape 

¢ Trauma shears 

¢ Viscous lidocaine 

¢ Lidocaine 1 % with epinephrine 

e Laryngoscope with MAC 3 or 4 or tongue blade(s) and 
headlamp or other light source 

¢ Suction setup with Frazier or tonsil suction tip 
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59.4 Procedure: Aspiration 


1. Informed consent may be required. 
2. Raise head of bed to at least 60° and place a pillow or 
other support behind the patient’s head. 
3. Prepare an 18- to 20-gauge 1.5-inch needle on a 10- to 
20-mL syringe with a needle guard. 
¢ This can be accomplished by using trauma shears to 
cut 1-1.5 cm off the distal plastic needle cover and 
replacing the cover over the needle. 

¢ This now creates a guard to prevent deep penetration 
into vascular structures (Fig. 59.1). 

4. Topically anesthetize area with viscous lidocaine (alterna- 
tively, can use Cetacaine [benzocaine, tetracaine hydro- 
chloride, and butamben] spray) 

5. Using lidocaine 1 % with epinephrine and a 27-gauge 
1.5-inch needle on a 5-mL syringe, infiltrate 1-2 mL 
into the area. Blanching should be apparent. 

6. Palpate the oropharynx with the gloved finger to evalu- 
ate for fluctuance. 

7. Assemble a MAC 3 or 4 intubation blade on a laryngo- 
scope handle and open into the light-on position. Insert 
the blade into the patient’s mouth, and advance the blade 
as far posteriorly as possible without inducing gagging. 
Have the patient hold the laryngoscope handle. 
Alternatively, use a tongue blade and head lamp or other 
light source, but the laryngoscope technique allows for 
an unobstructed view of the area and the weight of the 
handle helps hold the patient’s mouth open. 

8. Using the previously prepared needle guard on the long 
18- to 20-gauge needle on a 12-mL syringe, insert the 
needle into the most fluctuant area (as determined from 
the previous examination), aspirating as the needle 
advances (Fig. 59.2). The most fluctuant area will usu- 
ally be located in the superior pole of the tonsil. 

¢ Jtis very important to be careful not to angle the needle 
laterally toward the carotid artery. Also remember, this is 
a peritonsillar abscess so do not aspirate the tonsil itself. 
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9. 


10. 


After aspiration, if there is a pus return, remove as much 
purulent drainage as possible. Typical drainage is 
between 2 and 6 mL. If a large amount of pus is obtained 
(>6 mL), incision and drainage (I&D) may be indicated. 
(See later for details on I&D.) 

If the aspirate did not return pus, attempt aspiration 
again by moving the insertion site 1 cm inferiorly to the 
middle pole of the peritonsillar space. If there is still no 





Fig. 59.1 Guard to prevent deep penetration of vascular structures 
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pus aspirated, make a final attempt by moving again 
1 cm inferiorly to the lower pole of the peritonsillar 
space. 

Suction should be set up, readily available, and turned 
on. Use suction to prevent the patient from aspirating or 
swallowing any purulent drainage. 

Expect a small amount of bleeding when the procedure 
is complete and the needle is removed. 


Needle 
guard 


Fig. 59.2 Aspiration of a peritonsillar abscess: (a) Aspirate superior pole first. If no pus aspirated, move 1 cm inferior to the middle pole. If still 
no pus, make final attempt by moving | more cm inferiorly to the inferior pole. (b) Demonstrates use of needle guard 


59 


Incision and Drainage of Peritonsillar Abscess 


59.5 Procedure: Incision and Drainage 


. Raise the head of the bed and anesthetize the area as 


described previously. 


. Have suction set up with a Fraser or tonsil tip, available, 


and turned on. 


. Have the patient hold the laryngoscope handle after the 


blade has been inserted orally as described previously. 


. Fashion a blade guard on a #11 or #15 blade scalpel by 


taping over the blade with only 0.5 cm of the blade 
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exposed at the tip. Incise the area that was previously 
aspirated with a small stab incision. Suction the area. 


. Insert a curved Kelly clamp into the incision and open 


gently to enter the abscess cavity and break up loculations 
(Fig. 59.3). Suction as necessary. 


. Have the patient gargle with a saline solution and 


expectorate. 


. Do not pack the abscess cavity. 
. Observe for 2-4 h for bleeding. 








c 


Fig. 59.3 Incision and drainage of peritonsillar abscess: (a) Gain access 
with appropriate lighting. (b) Fashion a blade guard on a #11 or #15 blade 
scalpel by taping over the blade with only 0.5 cm of the blade exposed at 


the tip. Incise the area that was previously aspirated with a small stab 
incision. (c) Insert a curved Kelly clamp into the incision and open gently 
to enter the abscess cavity and break up loculations. Do not pack! 


350 
59.6 Complications 


e Aspiration or incision of the carotid artery 
¢ Excessive bleeding 

e Aspiration of purulent material 

e Pain 


59.7. Pearls and Pitfalls 


¢ Pearls 

— Airway protection should always be considered. 
Intubation may be necessary for very large abscesses 
with airway compromise. 

— Bedsides ultrasound is a valuable tool in confirming 
the diagnosis of peritonsillar abscess. Perform using 
the intracavitary probe covered with a sterile glove or 
other appropriate probe cover and insert into the oro- 
pharynx. The abscess will appear as any other abscess: 
an encapsulated, hypoechoic structure. Doppler flow 
can also be used to locate the carotid artery relative to 
the abscess. 

— Empirical oral antibiotics after aspiration or I&D are 
considered usual care and should cover for group A 
streptococcus and oral anaerobes. 
¢ Amoxicillin/clavulanate or clindamycin is the most 

commonly used. 

— A single dose of high-dose steroids may be helpful in 
relieving symptoms. 
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— Patients who cannot tolerate oral fluids, cannot take 
oral antibiotics, or who appear to have a toxic response 
should be admitted. Others may be discharged with 
24-h follow-up. 

¢ Pitfalls 

— The carotid artery is located approximately 2.5 cm 
posterolaterally to the tonsils. Take care that the needle 
is not inserted too far laterally or the risk of aspirating 
the carotid artery is increased. 

— Incision into the tonsil itself may cause excessive 
bleeding. Aspiration or incision into the tonsil will 
likely miss the abscess altogether and may result in 
misdiagnosis. 

— There is a 1-15 % failure and recurrence rate. 
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Incision and Drainage 
of Sublingual Abscess 
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60.1 Indications 


¢ Sublingual abscess (Fig. 60.1) 


Sublingual 
abscess 


Mylohyoid 
muscle 





Fig.60.1 Sublingual abscess 
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60.2 Contraindications 


¢ Relative 
— Pediatric patient 


— Severe trismus—may need sedation or drainage in the 


operating room 


— Uncooperative patient—may need sedation or drain- 


age in the operating room 
— Coagulopathy, patients taking anticoagulants, 
patients with a known bleeding disorder 


Fig.60.2 Materials needed: #11 
scalpel, hemostats, Penrose drain, 
4-0 silk suture, 25—27-gauge 
1.5-inch needle for injecting 
anesthetic, 18- to 20-gauge 
needle for drawing up anesthetic, 
5- to 10-mL syringe or control 
syringe, viscous lidocaine (or 
other topical anesthetic), 
lidocaine 1 % with epinephrine, 
light source, suction setup with 
tonsil suction tip, culture swab 
(optional) 
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60.3 Materials and Medications (Fig. 60.2) 


#11 scalpel 

Hemostats 

Penrose drain 

4-0 silk suture 

25- to 27-gauge 1.5-inch needle for injecting anesthetic 
18- to 20-gauge needle for drawing up anesthetic 
5- to 10-mL syringe or control syringe 

Viscous lidocaine (or other topical anesthetic) 
Lidocaine | % with epinephrine 

Light source 

Suction setup with tonsil suction tip 

Culture swab 
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Incision and Drainage of Sublingual Abscess 


60.4 Procedure: Incision and Drainage 


. After explaining the procedure, risks, and benefits to the 


patient, put the head of the bed in the most comfortable 
working position for the clinician and the patient. 
Alternatively, the clinician may also elect to position the 
patient in an upright procedure chair that has multiple 
positions. 


. Apply viscous lidocaine topically with a cotton-tipped 


swab to the area to be injected with anesthetic. Leave in 
place for a minute or 2. Alternatively, spray the area with 
a topical anesthetic spray. 


. Have suction set up with a tonsil tip, available, and 


turned on. 


. Draw up the appropriate amount of lidocaine with epineph- 


rine into a S-mL syringe (control syringe if available). 


. Direct light source to area to be worked on. Adequate 


lighting is essential. Options include a headlamp or an 
overhead adjustable light. 


. Change needle to the 27-gauge needle and inject 1-2 mL 


of lidocaine with epinephrine using an inferior alveolar 
block. Alternatively, anesthetize the floor of the mouth 
around the most fluctuant area. Avoid injecting through 
infected tissue to avoid possible spread into deeper 
spaces. 


. Using the scalpel, make an intraoral stab incision super- 


ficially at the lowest point of the pus accumulation 
(Fig. 60.3). This will facilitate evacuation of pus under 
gravity. Have the suction catheter in the mouth and allow 
the purulent material to drain into the suction. 


. Obtain a specimen of the purulent fluid for culture and 


sensitivity. 


10. 


11. 


12. 
13. 
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Insert a hemostat into the incision to facilitate drainage, 
but do not open it up to avoid injury to neurovascular 
structures. Gently massage the soft tissue surrounding 
the abscess to assist drainage. Suction as necessary to 
avoid swallowing or aspirating the pus. 

Once adequate drainage has been achieved, place a 
small Penrose drain (or other rubber-type drain) into the 
cavity, and stabilize on one side with a silk suture that 
goes through the drain and the mucosa (Fig. 60.4). 
Have the patient rinse and spit with a half-strength per- 
oxide solution followed by either water or saline. 
Watch for signs of bleeding or upper airway symptoms. 
Ensure that the patient can tolerate oral fluids before 
discharge. 





Fig.60.3 Incise lowest portion of abscess 





a 


b 


Fig.60.4 (a) Using hemostats, place small Penrose drain into the abscess cavity. (b) Suture Penrose in place with a silk suture that goes through 
the drain and the mucosa 
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60.5 Complications (Generally Minimal) 


¢ Excessive bleeding (apply pressure—to avoid potential 
nerve injury, do not cauterize or ligate unless absolutely 
necessary) 

e Aspiration of purulent material (have the patient sit 
upright and use suction as the abscess is incised) 

e Pain 


60.6 Pearls and Pitfalls 


¢ Pearls 
— Airway protection is paramount. Infections in this 


space can quickly spread to the submandibular region 

and can compromise the airway owing to swelling 

(Ludwig’s angina). 

¢ Assess for elevation of the floor of the mouth and 
tongue, ability to lie supine, drooling, stridor, and 
restlessness. 

e If these signs are present, emergent surgical airway 
will be necessary before incision and drainage 
(I&D). 


— The sublingual space is bounded superiorly by the oral 


mucosa and inferiorly by the mylohyoid muscle. 
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— Infected premolars and first molars drain into this 
space because the apices of their roots are located 
superior to the mylohyoid muscle. 

— The source molar should be extracted as soon as pos- 
sible after I&D. 

— Empirical oral antibiotics after I&D should cover for 
group A streptococcus and oral anaerobes. Penicillin 
remains the drug of choice, but clindamycin or amoxi- 
cillin—clavulanic acid can be substituted. 

¢ Pitfalls 

— The lingual artery, vein, and nerve are contained in the 
posterolateral area of the floor of the mouth, and the 
hypoglossal nerve is nearby. These must be avoided 
when performing I&D for sublingual abscesses. 


Selected Reading 


Flynn TR, Shanti RM, Levi MH, Adamo AK, Kraut RA, Trieger N. 
Severe odontogenic infections, part 1: prospective report. J Oral 
Maxillofac Surg. 2006;64: 1093-103. 

Reichman E, Simon R, editors. Emergency medicine procedures. 
New York: McGraw-Hill Education; 2003. p. 1342-5. 

Roberts J, Hedges J, editors. Clinical procedures in emergency medi- 
cine. 5th ed. Philadelphia: Saunders; 2009. p. 1184-9. 

Vieira F, Allen SM, Stocks RM, Thompson JW. Deep neck infection. 
Otolaryngol Clin North Am. 2008;41:459-83. 


Focusing on the sensitivity, the RF to DC converter is designed to maximize the 
rectified voltage for an input power close to -20 dBm. The optimum number of stage is fixed 
to four according [14]. The footprint of each voltage doubler imposes the micro-strip line 
network. The micro-strip lines namely “junction” is set to minimum length, the micro-strip 
lines “access” are used as an additional degree to tune the input-matching network. Indeed, 
the L section in combination with the micro-strip distributed network is equivalent to a T 
section (Fig.3). Many combinations of Z;, Z2, Z3 can achieve input matching at 900 MHz or 
2.4 GHz. Some of them are very close for each frequency, so we choose one that allows a 
return loss (< - 10 dB at least) both at 900 MHz and 2.4 GHz. 











4-stage 
Rectifier 


L-matching ustrip line Network 


Fig. 3: Topology of the input-matching network 


The equivalent narrow band model of the matching network is proposed for each 
frequency (Fig.4). At 915 MHz, the voltage multiplier, including the rectification stages and 
the micro-strip line network, is modelled with a shunt capacitor (SpF) and a shunt resistor of 
270 Q (Fig.4a). The stub, (Fig.3) is equivalent to an inductor (Fig.4a), which compensates the 
shunt capacitor. The input micro-strip line, (Fig.3), is a quarter wave impedance transformer, 
(Fig.4a) it converts the 270 Q into 50 Q. At 2.44 GHz the micro-strip line network 
distributing the RF signal to the voltage doublers (Fig.3), becomes inductive (Fig.4b). The 
stub is equivalent to a shunt capacitor of 120fF, its effect is negligible. The impedance 
transformation is actually performed by the input micro-strip line, which is modelled by a 
shunt capacitor (0,6 pF) and a series inductor of 5.6 nH. 
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Fig. 4: Equivalent model of the input matching network at 915 MHz (a) at 2,44 GHz (b) 
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61.1 Indications 


e Parotid duct abscess 


61.2 Contraindications 


¢ Absolute 
— None 
¢ Relative 
— Pediatric patient 


— Severe trismus—may need sedation or drainage in the 


operating room 


— Uncooperative patient—may need sedation or drain- 


age in the operating room 
— Coagulopathy, patients taking anticoagulants, 
patients with a known bleeding disorder 





M.W. Fernandez, MD 

Department of Emergency Medicine, 

University of Florida Health, Gainesville, FL, USA 
e-mail: mindyfernandez @ufl.edu 


B.K. Desai, MD (4) 
Department of Emergency Medicine, University of Florida Health 
Shands Hospital, Gainesville, FL, USA 

e-mail: bdesai @ufl.edu 














© Springer Science+Business Media New York 2016 


61.3 Materials and Medications (Fig. 61.1) 


¢ #11 scalpel 

« 4x4 gauze 

¢ Hemostat 

¢ Penrose drain or 4-inch packing gauze 

¢ Light source (headlamp or overhead light) 

¢ Culture swab 

¢ 4-0 silk suture 

¢ 25- to 27-gauge needle, 1.5—2 inches long 

¢ 18-gauge needle to withdraw anesthetic from vial 
¢ 5-mL syringe 

¢ Viscous lidocaine or other topical anesthetic 

¢ Lidocaine with epinephrine 

¢ Suction setup with Frazier or tonsil suction tip 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_61 
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Fig.61.1 Materials needed: #11 scalpel, hemostats, Penrose drain, 4-0 or control syringe, viscous lidocaine (or other topical anesthetic), lido- 
silk suture, 25- to 27-gauge 1.5-inch needle for injecting anesthetic, caine 1 % with epinephrine, light source, suction setup with tonsil suc- 
18- to 20-gauge needle for drawing up anesthetic, 5- to 10-mL syringe __ tion tip, culture swab (optional) 
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Incision and Drainage of Parotid Duct Abscess 


61.4 Procedure (Figs. 61.2 and 61.3) 


. After explaining the procedure, risks, and benefits to the 


patient, put the head of the bed in the most comfortable 
working position for the operator and the patient. 
Alternatively, position the patient in an upright proce- 
dure chair that has multiple positions. 


. Find the most fluctuant area. Apply viscous lidocaine 


topically with a cotton-tipped swab to the area to be 
injected with anesthetic. Leave in place for a minute 
or 2. Alternatively, spray the area with a topical 
anesthetic spray. 


. Have suction setup with a tonsil tip, available, and turned 


on. 


. Draw up the appropriate amount of lidocaine with epi- 


nephrine into a 5-mL syringe (control syringe if 
available). 


. Direct light source to area to be worked on. Adequate 


lighting is essential. Options include a headlamp or an 
overhead adjustable light. 


. Change needle to a 25- or 27-gauge needle. Inject 


1-2 mL of lidocaine with epinephrine just beneath the 
mucosal surface. Avoid injecting through infected tissue 
to avoid possible spread into deeper spaces. 


Parotid gland 


Submandibular 
duct 


Fig.61.2 Anatomy of the salivary glands 


10. 


11. 


12. 


13. 
14. 
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Using the scalpel, make an intraoral stab incision 
superficially into the area of greatest fluctuance 
(Fig. 61.4). Have the suction catheter in the patient’s 
mouth and allow the purulent material to drain into the 
suction. 

Obtain a specimen of the purulent fluid for culture and 
sensitivity. 

Insert a hemostat into the incision to facilitate drainage, 
but do not open it up in order to avoid injury to neuro- 
vascular structures. Gently massage the soft tissue sur- 
rounding the abscess to assist drainage. Suction as 
necessary to avoid swallowing or aspirating the pus. 
Have the patient rinse and spit with a half-strength per- 
oxide solution. 

Place a small Penrose drain (or other rubber-type drain) 
into the cavity, and stabilize on one side with a silk 
suture that goes through the drain and the mucosa. 
Alternatively, cut a strip of '4- inch packing gauze and 
insert into the abscess cavity. 

Have the patient rinse and spit with a half-strength per- 
oxide solution followed by either water or saline. 
Watch for signs of bleeding or upper airway symptoms. 
Ensure that the patient can tolerate oral fluids before 
discharge. 


Duct of 
parotid gland 


Ducts of 
sublingual gland 


Sublingual 
gland 


Submandibular 
gland 
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Parotid papilla 
with opening 
of parotid duct 





Fig. 61.3 Parotid papilla: opening of the parotid gland located adja- 
cent to third upper molar 





Fig.61.4 Parotid abscess; make a superficial stab into most fluctuant 
area 
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61.5 Complications 


¢ Complications are generally minimal but may include: 

— Excessive bleeding (apply pressure; to avoid potential 
nerve injury, do not cauterize or ligate unless abso- 
lutely necessary) 

— Aspiration of purulent material (have the patient sit 
upright and use suction as the abscess is incised) 

— Pain 


61.6 Pearls and Pitfalls 


e Airway protection should always be considered. 

¢ Empirical oral antibiotics after incision and drainage are 
considered usual care and should cover for group A strep- 
tococcal and oral anaerobes. Penicillin remains the drug 
of choice, but clindamycin or amoxicillin-clavulanic acid 
can be substituted. 

¢ Patients who cannot tolerate oral medications, cannot take 
oral antibiotics, or who appear to have a toxic response 
should be admitted. Pediatric patients should be admitted. 
Others may be discharged with 24-h follow-up. 


Selected Reading 
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Dental Procedures 
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62.1 ‘Inferior Alveolar Nerve Block 


62.1.1 Nerves Anesthetized 


¢ Inferior alveolar, branch of the posterior division of the 


mandibular nerve (V3, branch of the trigeminal nerve) 
¢ Incisive 
¢ Mental 
e Lingual (usually) 
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62.1.2 Areas Anesthetized (Fig. 62.1) 


Mandibular teeth to midline 

Body of the mandible 

Buccal mucoperiosteum, mucous membrane anterior to 
the mandibular first molar 

Anterior two thirds of the tongue and floor of the mouth 
(via the lingual nerve) 

Lingual soft tissues and periosteum (via the lingual nerve) 
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Fig. 62.1 Areas anesthetized 
with inferior mandibular nerve 
block 


Lingual soft tissue 
and bone 


Alveolar mucous 
membrane 


Extraoral soft tissue 
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Tongue 





62.1.3 Indications 


¢ When buccal soft tissue anesthesia is necessary 

¢ When lingual soft tissue anesthesia is needed 

¢ When performing procedures on multiple mandibular 
teeth in one quadrant 


62.1.4 Contraindications 


¢ Infection or acute inflammation in the area of injection 

¢ Patients who might bite their lip or tongue (e.g., very young 
child or physically or mentally handicapped adult or child) 

¢ In relation to local anesthetic use 


Absolute 
¢ Local anesthetic allergy 
— Avoid all local anesthetics in the same chemical class 
(e.g., esters). 





Bisulfite allergy 
— Avoid vasoconstrictor-containing local anesthetics. 


Relative 


Atypical plasma cholinesterase 

Methemoglobinemia (idiopathic or congenital) 

Significant liver dysfunction (American Society of 

Anesthesiologists [ASA] III-IV) 

Significant kidney dysfunction (ASA III-IV) 

Significant cardiovascular disease (ASA III-IV) 

— Avoid high concentrations of vasoconstrictors. 

— Use local anesthetics with epinephrine concentrations 
of 1:200,000 or 1:100,000 or 3 % mepivacaine or 4 % 
prilocaine. 

Clinical hyperthyroidism (ASA III-IV) 

— Avoid high concentrations of vasoconstrictors. 

— Use local anesthetics with epinephrine concentrations 
of 1:200,000 or 1:100,000 or 3 % mepivacaine or 4 % 
prilocaine. 
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62.1.5 Materials and Medications * Needle (Fig. 62.4) 
— Gauge refers to the lumen of the needle: The smaller 
¢ Local anesthetic carpule (1.7—1.8 mL) the number, the greater the diameter of the lumen. 
— Mepivacaine 3 % (+epinephrine 1:100,000) — Needles are color coded by gauge: red=25 gauge, yel- 
— Articaine HCI 4 % (+epinephrine 1:100,000 or low=27 gauge, and blue=30 gauge. 
1:200,000) — Recommendations: For inferior alveolar nerve (IAN) 
— Lidocaine HCI 2 % (+ epinephrine 1:50,000 or block, it is best to use a 25-gauge long needle. 
1:100,000) (Fig. 62.2) ¢ Mouth props 
— Bupivacaine HCI 0.5 %+epinephrine 1:200,000 ¢ Retractors 


¢ Aspirating syringe (Fig. 62.3) 


Plunger indented Drug-identifying 
from rim of glass color-coded band Aluminum cap 





Silicon rubber Neck Rubber 
plunger diaphragm 


Fig. 62.2 Local anesthetic carpule (1.7—1.8 mL) 





: Cartridge- 
Syringe d 
Fig. 62.3 Aspirating syringe Bava ian Bub pee ; penetration 
end 








Fig.62.4 Needle 
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62.1.6 Procedure 


. Target area: IAN as it passes downward toward the man- 

dibular foramen. 

. Landmarks. 

(a) Coronoid notch 

(b) Pterygomandibular raphe 

(c) Occlusal plane of mandibular posterior teeth 

. Procedure. 

(a) Correct position for operator. 

(i) For a right IAN block, a right-handed adminis- 
trator should sit at the 8 o’clock position facing 
the patient. 

(ii) For a left [AN block, a right-handed administra- 
tor should sit at the 10 o’clock position facing in 
the same direction as the patient. 

(b) Recommended to position the patient supine and with 

the mouth wide open. 

(c) Place thumb on the coronoid notch and index finger 

extraorally on the posterior border of the ramus in 

order to estimate the distance between these two 

points (Fig. 62.5). 

(i) The needle insertion should be three fourths of 
the anteroposterior distance from the coronoid 
notch to the deepest part of the pterygomandibu- 
lar raphe. 

Place the barrel of the syringe in the corner of the 

mouth on the contralateral side, usually correspond- 

ing to the premolars. 

Slowly advance the needle until bony resistance is 

met. 

(i) For anxious or sensitive patients, a small volume 
of anesthetic may be deposited as the soft tissue 
is penetrated. 

(ii) Average depth of penetration to bony contact 
will be 20-25 mm, approximately two thirds to 
three fourths the length of a long needle. 

(iii) If the bone is contacted too soon (less than half 
the length of a long needle), the needle tip is 
usually located too far anteriorly (laterally) on 
the ramus. To correct: 


(d 


wa 


= 
oO 
Naw 


S. Perry et al. 


¢ Withdraw it slightly from the tissues and 
bring the syringe barrel anteriorly toward the 
lateral incisor or canine; reinsert to the proper 
depth. 

(iv) If the bone is not contacted, the needle tip is usu- 
ally located too far posterior (medial). To correct: 
¢ Withdraw it slightly in tissue (leaving 

approximately one fourth its length in tissue), 
and reposition the syringe barrel more poste- 
riorly (over the mandibular molars). 
¢ Continue the insertion until contact with the 
bone is made at an appropriate depth 
(20-25 mm). 
(f) Aspirate. If negative, slowly deposit 1.5 mL of anes- 

thesia over 60 s. 

(g) Wait 3-5 min before commencing the dental 
procedure. 


. Precaution: Do not deposit anesthesia if the bone is not 


contacted. The needle tip may be resting within the 
parotid gland near the facial nerve (cranial nerve VID, 
and a transient paralysis of the facial never may occur if 
solution is deposited. 





Fig.62.5 Needle orientation for inferior alveolar nerve block 
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62.2 Buccal Nerve Block 62.2.2 Area Anesthetized (Fig. 62.6) 
62.2.1 Nerve Anesthetized ¢ Soft tissues and periosteum buccal to the mandibular 
molars 


¢ Buccal nerve, a branch of the anterior division of the man- 
dibular nerve 


Lingual soft tissue 
and bone 


Tongue 


Alveolar mucous 


Mental foramen membrane 


Extraoral soft tissue 





Fig.62.6 Areas anesthetized with buccal nerve block 


To study the impact of the power on the diode, and input matching, behaviour the 
return loss of the 4-stage rectifier has been measured and plotted (Fig.5) for various input 
power P;- at 9000MHz. 
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Fig. 5: Measured S;; of a 4-stage voltage multiplier with a L section at 900 MHz for various 
input power P,-r 


As illustrated in the figure 5, the input return loss is not strongly affected by the input 
power if P,-< -15 dBm. The RF harvesters developed in this work are dedicated to collect 
power from — 15 to — 25 dBm. Over this range the diode model can be considered as stable, 
and the slight frequency shift is still covered by the antenna bandwidth. 


B) Rectifier Characterization 


The power efficiency and the power sensitivity are two conversion characteristics of 
importance in RF harvesters. However, the RF harvester operating at low power level 
accumulates the energy in a storage element, to further release it to the application. In such 
accumulation mode the power sensitivity becomes more important than the power efficiency. 

For the characterization the rectifier is not connected to a load. The load represents the 
equivalent impedance of the application (clock, sensor) to power. The effectiveness of RF- 
DC conversion of the rectenna and its DC ouput voltage varies depending on the load value. 
The rectifier is first characterized in a single tone mode, 915 MHz and 2.44 GHz 
respectively, and then in a dual-band mode. Measurements of the unloaded rectified voltage 
versus various input power P,¢ are reported in Figure 6. 
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62.2.3 Procedure 62.3. Mental Nerve Block 


1. A 25-gauge long needle is recommended. 62.3.1 Nerve Anesthetized 
2. Landmarks: mandibular molars and mucobuccal fold. 
3. Orient the bevel of the needle toward the bone during ¢ Mental nerve, a terminal branch of the inferior alveolar 
injection. nerve 
4. Correct positioning. 
(a) For a right buccal nerve block, a right-handed admin- 
istrator should sit at the 8 o’clock position directly 
facing the patient. 
(b) For a left buccal nerve block, a right-handed adminis- 
trator should sit at the 10 o’clock facing in the same 
direction as the patient. 
5. Procedure. 
(a) With the index finger, pull the buccal soft tissues in 
the area of injection laterally to allow for better 
visualization. 
(b) Align the syringe parallel to the occlusal plane of the 
teeth. 
(c) Penetrate the mucous membrane at the injection site, 
distal and buccal to the last molar (Fig. 62.7). 
6. If tissue at the injection site becomes swollen, stop depos- 
iting solution. 





Fig.62.7 Needle orientation for buccal nerve block 
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62.3.2 Area Anesthetized (Fig. 62.8) 
¢ Buccal mucous membranes anterior to the foramen 


(around the second premolar) to the midline and skin of 
the lower lip 


Lingual soft tissue 
and bone 


Tongue 


Alveolar mucous 


Mental foramen membrane 


Extraoral soft tissue 





Fig.62.8 Areas anesthetized with mental nerve block 
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62.3.3 Indications 


For buccal soft tissue anesthesia in procedures such as: 
— Soft tissue biopsies 
— Suturing of soft tissues 


62.3.4 Procedure 


. Area of insertion: mucobuccal fold at or just anterior to 

the mental foramen. 

. Orientation of bevel should be toward the bone during 

injection. 

. Operator should sit in front of the patient so that the 

syringe is below the patient’s line of sight. 

. Locate the mental foramen. 

(a) Place the index finger in the mucobuccal fold and 
press against the body of the mandible in the area of 
the first molar. 

(b) Move the finger anteriorly until the bone beneath the 
finger feels somewhat concave. 
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(c) Mental foramen is usually found around the apex of 
the second premolar. 

(d) Orient the needle with the bevel directed toward the 
bone. 

(e) Penetrate the mucous membrane and advance needle 
slowly; penetration depth is usually 5-6 mm. 

(f) If aspiration is negative, deposit approximately one 
third of the cartridge over 20 s. 
(i) If the site balloons, stop the deposition of anes- 

thetic and remove the syringe. 
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63.1 Indications 


¢ Open lock: associated with yawning, vomiting, or open- 


ing the mouth wide 
¢ Open lock: associated with a dental procedure 
* Open lock: associated with endoscopy 
¢ Open lock: associated with oral intubation 
¢ Time duration: acute to 3 weeks or less duration 


63.2 Contraindications for Closed 
Reduction 


e Absolute 


— Head trauma with fracture of the skull, maxilla, 


mandible, or mandibular 
Condyles 
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Relative 

— Dislocation of 30 days or longer (will likely be unable 
to accomplish reduction without general anesthesia 
and/or open surgical approach) 


63.3 Materials and Medications 


Local anesthetic syringe. 

Lidocaine 2 % 1-2 mL. 

25- to 27-gauge needle (long or approximately 2 inches 
long). 

Betadine (povidone-iodine) or other skin antiseptic 
preparation. 

Gauze padding for thumbs. 

Consider a muscle relaxant. 

Consider conscious sedation. 
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2. Place the thumbs on the mandibular molars with wrap- 
63.4 Procedure ping around the thumbs to protect from possible biting 
force once the mandible reduces. 


63.4.1 Manual Closed Reduction without Local 3. Apply bilateral firm force in an inferior direction. 
Anesthesia (Figs. 63.1) 4, The mandible will move rapidly in an inferior and then a 
posterior direction as the condyles slide back over the 
1. Position the patient in an upright posture with the mandi- height of their respective articular eminences. 


ble at the physician’s flexed elbow height (physician’s 
comfortable position). 





Fig. 63.1 Reduction in progress: (a) In a mandibular dislocation, the _ reposition themselves into the glenoid fossa so that the TM joint can be 
condyle will be anterior and superior to the articular eminence. reduced. (c) Lateral view of the distraction force with direction in an 
(b) Position the thumbs on mandibular molars, and apply firm pressure _ inferior direction to distract the condyle of the TM joint 

in an inferior direction to distract the TM joint condyles so that they can 
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63.4.2 Manual Closed Reduction with Local 
Anesthesia 


¢ Ifthe mandible will not respond to closed reduction with 
just thumb pressure, likely the masticatory muscles are 
contracting with sufficient force to prohibit the condyles 
from being sufficiently distracted owing to pain. 
1. Reduction of pain in the temporomandibular joint 

(TMJ) with local anesthesia. 

2. Auriculotemporal block of V3: 

¢ The auriculotemporal nerve that innervates the 
TMJ may be anesthetized inferior to the TMJ cap- 
sule. It can be accessed through the skin just ante- 
rior to the tragus. 

e With the patient’s mouth wide open (it already is 
in this case), a triangular-shaped hollow will be 
evident inferior and posterior to the mandibular 
condyle. Insert the needle at a 20-degree anterior 
inclination, in the horizontal plane, at the level of 
the inferior border of the tragus of the ear 
(Fig. 63.2). The bevel of the needle should be 
anterior. 

¢ The needle should be inserted behind the (poste- 
rior) ramus and approximately 2 cm deep (aiming 
for the medial aspect of the posterior border of the Fig. 63.2 Infiltration of cranial nerve V, the auriculotemporal branch 
ramus). If the posterior border of the ramus is con- (V3) 
tacted, the needle will need to be directed in a more 
posterior direction. Then deposit 1-2 mL of lido- 
caine 2 %. 

3. Then, as before, place the thumbs in a bilateral posi- 

tion on the patient’s mandibular molars, and depress 

the mandible to distract the condyles in an inferior 

direction. 

4. Conscious sedation may be utilized if the reduction pro- 
cedure has been arduous and stressful for the patient. 
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63.5 Complications 


¢ Inability to reduce the condyles manually which may lead 
to more invasive procedures. 

e If the condition is acute (<24 h) and not associated with 
trauma, there are few if any significant complications or 
risks for this procedure. 


63.6 Pearls 


¢ The manual pressure required on the mandibular molars 
needs to be sustained and very firm. 

¢ If both condyles are dislocated, it is likely beneficial to 
attempt one side at a time. 

¢ The clinician needs to protect the thumbs from the impact 
of the patient’s molars during the sudden successful 
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reduction because the biting forces are significant in the 
molar region. 
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Dry Socket (Alveolar Osteitis, 6 4 
Fibrinolytic Osteitis) 


Michael A. Abraham, Amir Azari, Jennifer Westcott, 
and Franci Stavropoulos 


64.1 Indications (Fig. 64.1) 


¢ Definition: severe pain occurring 2-3 days after tooth 
extraction 

¢ Recent tooth extraction, especially of a mandibular tooth 
or an impacted third molar 

¢ Partially or completely visible bone socket 

¢ Intense radiating pain (often to the ear) 

¢ Fetid odor without suppuration 

¢ Absence of swelling, lymphadenitis, or bacteremia 

¢ Foreign bodies present in the extraction socket 





Fig.64.1 Clinical photograph suggestive of a dry socket. Clinical cor- 
relation is necessary 
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64.2 Contraindications 


Absolute 

— Osteomyelitis 
— Jaw fracture 
Relative 

— Retained roots 
— Infection 


64.3 Materials and Medications 


Warm saline or 0.12 % aqueous chlorhexidine solution 

12-mL syringe with curved tip (Monoject® syringe) 

25-gauge needle, syringe 

Local anesthetic, 2 % lidocaine 1:100,000 epinephrine 

Suction with small tip or gauze 

Socket dressing 

— Gelfoam or small gauze strips 

Socket medicament 

— Sultan dry socket paste® (guaiacol, balsam of Peru, 
eugenol, 1.6 % chlorobutanol), iodoform, or eugenol® 
(zinc oxide eugenol dental cement) 

Curved forceps 


64.4 Procedure 


. Administer local anesthesia as necessary. 


2. Remove any sutures closing the extraction site. 


. Irrigate the wound gently with warm saline or 0.12 % 
aqueous chlorhexidine. 

. Carefully suction or gently dry any excess saline; the 
socket area should be isolated from saliva by using gauze 
or cotton rolls. 

. Gently place iodoform-soaked gauze, Gelfoam soaked in 
eugenol, or Sultan dry socket paste in the extraction 
socket with forceps/Monoject syringe. 

. Rinse with saline and replace the dressing as needed for 
the first 2-3 days and every 2-3 days thereafter. 

. Remove the dressing, if it does not dissolve, without 
replacement once the pain has resolved. 


M.A. Abraham et al. 


8. Pain medication (nonsteroidal anti-inflammatory drugs 
[NSAIDS] or narcotics) should be prescribed if necessary. 
9. Follow-up with dentist. 


64.5 Complications 


¢ Delayed healing 
¢ Wound dehiscence 


64.6 Pearls and Pitfalls 


¢ Pearls 

— Wound irrigation may be so painful at the first visit that 
administration of a local anesthetic without a vasocon- 
strictor should be considered. 

— The patient should experience profound pain relief within 
minutes of placement of the soaked medicated dressing. 

— If a medicated dressing is necessary for more than 2 
weeks, reevaluate for development of osteomyelitis. 

— “Dry socket” is not a progressive disease but may per- 
sist for 10-14 days whether treated or not; therapy is 
palliative. 

— Instruct the patient to avoid the following, which can 
cause changes of pressure in the mouth: 
¢ Smoking 
e Using a straw 
¢ Spitting 
¢ Drinking carbonated beverages (e.g., soda, seltzer 

water, beer) 
¢ Pitfalls 

— Avoid over manipulating the socket because this will 
increase the amount of exposed bone and pain. 


Selected Reading 


Bloomquist D, Hooley J, Whitacre R. A self-instructional guide: surgi- 
cal complications. 3rd ed. Seattle: Stroma; 1983. 

Matocha DL. Postsurgical complications. Emerg Med Clin North Am. 
2000; 18:549-64. 

Roberts G, Scully C, Shotts R. Dental emergencies. West J Med. 
2001;175:51. 


Michael A. Abraham, Amir Azari, Jennifer Westcott, 
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65.1 Indications 

¢ Recent tooth extraction site, presenting with more than a 
slight oozing of blood 

¢ Full evaluation indicating amount of blood loss, present 
physical condition, and reason for hemorrhage including 
coagulopathy or medication use 


65.2 Contraindications 


e¢ Absolute 
— None 
¢ Relative 
— None 


65.3 Materials and Medications 


e 2x2 gauze pad 

e Saline 

e 25-gauge needle, syringe 

¢ Local anesthetic without vasoconstrictor—2 % lidocaine 
plain 
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* Gelfoam® (absorbable gelatin-compressed sponge) or 
oxidized cellulose 

¢ Topical thrombin 

¢ Suture kit with 3-0 chromic gut suture or 3-0 Vicryl® 
suture (synthetic absorbable sterile surgical suture com- 
posed of a copolymer made from 90 % glycolide and 
10 %1-lactide) 

¢ Hemostat 


65.4 Procedure 


1. Use suction and saline irrigation to gently rinse the 
affected area. If a “liver” clot is present, irrigate and 
remove it with suction. 

2. Determine the source of hemorrhage without local anes- 
thesia, if possible, because the use of local anesthetic 
with an added vasoconstrictor may obscure bleeding 
sites. 

3. Moisten a folded 2 x2 gauze pad with saline and place it 
directly onto the extraction site. 

4. Instruct the patient to apply firm biting pressure, and 
observe for 1 h, changing gauze as necessary. 

5. If bleeding persists, an intraoral nerve block should be 
performed. 
¢ Blocks are preferred to infiltrations; anesthetic with 

epinephrine infiltrated near the bleeding site will pro- 
duce only temporary local hemostasis from 
vasoconstriction. 

6. Gently curette the tooth extraction socket and remove 
areas of old blood clot or granulation tissue. 

7. Check soft tissue for associated arterial bleeding. 
¢ If hemorrhage is localized to soft tissue, use pressure 

or tie off vessels. 

8. Fold Gelfoam® into a small cylinder to fit into the extrac- 
tion socket. 

9. Place Gelfoam® with topical thrombin or Surgicel® 
(absorbable hemostat) into the socket and hold in 
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Fig. 6: Unloaded rectified voltage for various input power 


To compare the results of the two considered tones, the target is fixed to a value of 1V. 
In a single tone mode, the required P,- to rectify 1V is close to -18 dBm at 915 MHz, and 
would be larger than -15 dBm at 2.44 GHz. In a dual-band mode the circuit only needs a 
power P,- of -20 dBm at each frequency. The dual-band rectification significantly improves 
the power sensitivity. The reverse breakdown voltage of the HSMS285 Schottky diode limits 
the input power to - 9 dBm, for which Vyec is 4,56 V. 


Hil. ANTENNA DESIGN 


To meet the low-cost constraints, the RF energy harvester will be implemented on a 
single low cost substrate, an FR4 PCB. For the antenna, there are more efficient substrates 
with a higher permittivity to reduce the size of the antenna or a lower losses but their cost is 
much higher than the improved performance. These powerful substrates fail to build low cost 
energy harvesters. This section exposes the design of two dual-band antennas implemented on 
a 1.6 mm FR4 printed circuit board. The fabrication uses a mechanical etching process with a 
200um resolution. We have chosen two complementary antenna topologies with a directional 
and omnidirectional radiation pattern. 


A) Dual - band patch antenna 


Emitting and receiving antennas do not usually meet the same constraints. Mobile 
devices such as smartphones and tablets use compact antennas (ifa, pifa...) to address the 
trade off between performance and size. Base stations can afford large efficient radiating 
elements (omnidirectional or directional antennas depending on the application). For energy 
harvesting purpose, micro-strip patch antennas are commonly used [15-17]. A rectangular 
micro-strip patch antenna (RMPA) is first developed to suit with both low cost technology of 
implementation and co-integration with the rectifier. Based on the cavity-model 
approximation, the resonant frequencies of the RMPA for the TMmn mode is described in (1). 


fn == J(2) + (2) 0) 


W, L are the patch dimensions, c = 3.10°m/s 
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position with a figure-of-eight stitch using 3-0 chromic 65.5 Complications 
gut suture or 3-0 Vicryl suture (Figs. 65.1 and 65.2). 
10. Fold 2x2 gauze, moisten it with saline, and place itover ¢ Continued bleeding due to lack of patient compliance. 


the suture. ¢ Continued bleeding due to coagulopathy or medication 
11. Instruct the patient to bite down with firm pressure for use. 

30 min; repeat as necessary. ¢ If bleeding persists and coagulopathy is identified, the 
12. Follow-up with dentist. administration of intravenous blood replacement products 


may be necessary. 


65.6 Pearls and Pitfalls 


¢ Pearls 

— Minor bleeding concerns may be addressed at home 
by instructing the patient to bite on the affected area 
with a tea bag for 30 min (tannic acid in tea is a 
vasoconstrictor). 

— It is normal for an extraction socket to ooze slight 
amounts of blood for 12—24 h; it is normal for patients 
to see some blood on their pillow after waking. 

— The patient should be instructed to avoid the follow- 
ing, which can cause changes of pressure in the mouth: 
¢ Smoking 
¢ Using a straw 
¢ Spitting 

Fig.65.1 A resorbable figure-of-eight suture placed over an extraction ¢ Drinking carbonated beverages (e.g., soda, seltzer 
ee water, beer) 
¢ Pitfalls 

— Small amounts of blood mixed with saliva may decep- 

tively appear as large amounts of blood. 






LO 
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Fig. 65.2 Gelfoam® (absorbable gelatin-compressed sponge) being 
placed into the extraction socket (Photograph courtesy of Dr. Michael 
Abraham) 





Fractured Tooth 66 


Geraldine Weinstein 


66.1 Indications (Fig. 66.1) 66.2 Methods of Sustaining Dental 
Fracture 
¢ Temporary repair of an acute dental fracture until follow- 
up by a dentist can be secured. ¢ Traumatic injury to the head/facial area 
¢ Falling down 
¢ Extensive tooth decay that has undermined the integrity 
of the tooth structure 
¢ Biting down on something hard 





Fig. 66.1 Examples of fractured teeth 
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66.3 Four Types of Fractured Tooth 


(Fig. 66.2) 


Type 1: contained to the enamel of the tooth, asymptom- 
atic, and can be treated easily with a composite filling by 
a dentist. 

Type 2: involves a fracture through the dentin layer of the 
tooth. The patient may experience some sensitivity to 








temperature changes and chewing. Depending on the 
severity, treatment may include a root canal and a restora- 
tion by a dentist. 

Type 3: involves the pulp of the tooth and will require 
endodontic treatment by a dentist. 

Type 4: a root fracture in the tooth that makes it nonrestor- 
able and requiring extraction. It is diagnosed by means of 
a periapical radiograph taken in a dental office. 











Enamel 

Crown 4 
Pulp (contains nerves 
and blood vessels) 
Gums 

Neck + 

Dentin 

Roots 4 Cementum 
Periodontal ligaments 

Jawbone 


Fig. 66.2 Anatomy of a tooth 








o4. s 
RS ee rr Dy bel 


66 Fractured Tooth 


66.4 Contraindications 


¢ Relative 
— Patients at high risk of aspiration owing to intoxication 
and altered mental status 


66.5 Materials and Medications 


¢ Warm saline or 0.12 % aqueous chlorhexidine solution 
for irrigation of tissues and tooth 

¢ Irrigating syringe 

e Suction with a small tip 

¢ Gauze to control hemorrhage 

¢ Resorbable sutures and local anesthetic as needed for soft 
tissue lacerations 

¢ Temporary tooth restoration material like intermediate 
restorative material (IRM) and glass ionomer (like 
Fuji) 
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66.6 Procedure 


1. Have the patient rinse the mouth out with warm water to 


clean out any debris. Apply an ice pack to the affected 
cheek to reduce swelling. 


. Anesthetize the area, either locally at the tooth apex or 


with a nerve block (mental or inferior alveolar). 


. Irrigate the area; assess the fracture intraorally and check 


for soft tissue lacerations. Use the gauze with finger pres- 
sure to control bleeding in the soft tissue or the tooth. 


. Check if the tooth or bony segment is mobile. If so, a 


referral to a dentist or oral surgeon is necessary as soon as 
possible for proper assessment. 


. Type II fractures (fracture limited to dentin layer): cover 


the exposed surface with a temporary dental cement. In a 
pinch, 2-octyl cyanoacrylate (Dermabond) is an accept- 
able secondary alternative (Fig. 66.3). 


. Type III (pulp involved) 


¢ Provide immediate dental follow-up and analgesics. 
¢ Initiate antibiotic coverage with penicillin or 
clindamycin. 


(a2: 


Repair IOS v0 
Lost Fillings & Loose Caps 





Recommended | 
Instant Pain Relief |) 


Easy To Apply | 


Dentist ] 
] 
} 


Fig.66.3 Example of temporary dental cement (Reproduced with per- 
mission from DenTek Oral Care, Inc.) 
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66.7 Complications 


¢ Loss of a tooth 

¢ Infection or abscess 

¢ Aspiration of a segment or a whole tooth 
¢ Cosmetic deformity 


66.8 Pearls 


¢ Be certain to perform a thorough intraoral examination, 
looking for tooth fragments or lacerations that may be 
hiding fragments. 

¢ Dental blocks are very useful for pain control. 

¢ Ifa tooth is not mobile and the pulp is exposed, immedi- 
ate referral (within a few hours) to a dentist is necessary 


G. Weinstein 


for extraction or endodontic (root canal) treatment of 
the tooth. Placement of a temporary-type restoration on 
this tooth is not recommended at this time because it 
may exacerbate symptoms. Prescribe pain medication 
and possibly antibiotics when the tooth’s pulp is 
exposed and the patient is unable to see the dentist 
within 24 h. 

If the tooth is not mobile and the pulp is not exposed, a 
temporary restoration can be placed on the tooth and the 
patient referred to a dentist for treatment. The fractured 
part of the tooth should be saved in the event that it can be 
used. If temporary tooth restoration is unavailable in the 
emergency department, advise the patient that it is readily 
available at local pharmacies. 

ALL DENTAL FRACTURES, EXCEPT TYPE I, 
REQUIRE DENTAL FOLLOW-UP WITHIN 24 h. 





Dental Avulsion Management 67 


Laura Tucker and Abimbola O. Adewumi 


67.1 Indications 


¢ The tooth is completely displaced out of its socket, lead- 
ing to severance of the neurovascular pulp supply and 
separation of the periodontal ligament (Fig. 67.1). 
e Diagnosis 
— Clinically, the socket is found empty or filled with 
coagulum. 
— Imaging (occlusal, periapical, and lateral views of the 
affected tooth and surrounding area) (Fig. 67.2): 
¢ Confirm vacuous socket. 
¢ Ensure that the missing tooth is not intruded. 
e Diagnose root fracture or alveolar fracture. 








Fig. 67.1 (a, b) Empty socket following traumatic dental avulsion 
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67.2 Contraindications 


¢ Absolute 
— Avulsed tooth is a primary tooth. 
* DONOTREPLANT OR REPOSITION AVULSED 
PRIMARY TEETH. 
¢ Replantation of primary teeth increases the poten- 
tial for damage to the developing permanent tooth 
owing to the increased frequency of pulpal 
necrosis. 
¢ Relative 
— Fractured root (further intervention required before 
replantation) 
— Alveolar fracture (further intervention required before 
replantation) 
— Prolonged extraoral dry time and out of compatible 





Fig.67.2 Lower occlusal radiograph shows a complete avulsion of the ; 
mandibular right and left central incisors solution (>1 h) 


— Immunocompromised host or congenital heart disease 

— Severe seizure disorder that may put tooth at risk for 
coming out while the airway is compromised 

— Patient with potential to lose airway reflexes 


67.3 Materials and Medications 


¢ Hank’s Balanced Salt (Save-A-Tooth) solution or milk in 
which to preserve tooth until it can be replanted 
— Normal saline if neither of those is available 
¢ Normal saline rinse 
e 20- or 18-gauge cannula for gentle irrigation of the socket 
¢ Absorbable suture for gingival lacerations, if present 
¢ Flexible splint materials 
— Round dental wire 
— A flat pliable metal long enough to cover the affected 
tooth and the two teeth on other side (e.g., the metal 
nasal bridge from a respirator mask) 
¢ Fixative 
— Dental adhesive 
— Dermabond or some other brand of cyanoacrylate for 
adhesive skin closures 
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67.4 Procedure 


1. Be certain the tooth is a permanent one and not a primary 
tooth. 

2. If not done by the patient, gently wash the tooth under 
water for approximately 10 s. 
¢ Be certain to hold the tooth by the crown, not the root 

(Fig. 67.3) 

3. If the tooth cannot be replanted immediately, place the 
tooth in Hank’s solution or milk. 

4. If no such media is available, instruct the patient to hold 
the tooth inside his or her mouth between the cheek and 
the gums. 

5. Gently replant the tooth, using digital pressure only into 
as anatomical a position as possible (Fig. 67.4). 
¢ Assess clinically for alignment. 
¢ Radiograph for confirmation. 

6. Suture any gingival lacerations if present. 





Fig. 67.3 Proper way to hold an avulsed tooth 





Fig.67.4 Gentle replantation using digital pressure 
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7. Apply a flexible splint, securing the affected tooth to the 
teeth on either side. 
¢ Consider using skin adhesive both to secure the tooth 
to its neighbors and, perhaps, to apply a makeshift 
splint until the patient can be seen by her or his 
dentist. 

— Towel dry the teeth as best as possible. 

— Apply skin adhesive (using the standard applicator) 
to the lateral edges of the avulsed tooth where it will 
make contact with its adjacent teeth. 

— If dental wire is available, apply adhesive to the 
buccal surfaces of the three teeth (the avulsed tooth 
central to the other two) and apply length of metal 
to the Fixodent (Fig. 67.5). 

8. Systemic antibiotics with anaerobic 
empirical. 

9. Ascertain tetanus status for the patient; update if 
uncertain. 


coverage is 








Fig. 67.5 (a, b) Splint stabilization 
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67.5 Complications 


Primary teeth 

— Dilaceration (bend) in the permanent tooth crown 

— Enamel defect of the lower permanent incisors as a 
result of avulsion of the preceding primary tooth 

Permanent teeth 

— Discoloration as a result of loss of vitality of the 
avulsed tooth. 

— Ankylosis of the alveolar ridge, leading to functional 
and aesthetic changes. 

— Replacement resorption occurs when the replanted 
tooth is slowly replaced with bone. 

— External inflammatory resorption is a progressive loss 
of tooth associated with destruction of adjacent alveo- 
lar bone. 

— Infection 

— Aspiration of an inadequately secured replanted 
tooth. 


wd 
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67.6 Pearls and Pitfalls 


Pearls 
— At the initial examination, make sure that all avulsed 
teeth are accounted for. 
¢ If not, a radiographic examination is necessary to 
ensure that the missing tooth is not completely 
intruded (pushed into the gum) or has sustained a 
root fracture with loss of the coronal fragment. 
— In children, always consider the likelihood of nonac- 
cidental trauma (abuse). 
— Short-term and long-term dental follow-up cannot be 
emphasized enough. 
Pitfalls 
— If the avulsed tooth cannot be accounted for, aspiration 
is a possibility. 
Prognosis 
— Depends on extraoral dry time (length of time the tooth 
has been out of the mouth and not stored in an appro- 
priate medium): 
¢ Ideally, tooth should be implanted within 5 min. 
¢ Extraoral dry time greater than 60 min has a poor 
prognosis for periodontal healing. 
— Depends on stage of root development of the avulsed 
tooth (Fig. 67.6) 
The more advanced the root development, the lower the 
probability of pulp healing and survival. 





Fig.67.6 The various stages of root development, from the less advanced (open apex, left) to the more advanced (closed apex, right) 
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The antenna dimensions, 68 cm? (8.8 x 7.8 cm), described Fig.7a are dependent to the 
frequency bands and the feed location is selected to only excite the fundamental modes TMo 
and TMjo. Those modes permit to obtain a large aspect ratio (W/L = 2,7) but reduce the 
performance of the RMPA. On the other hand, TMo; and TM39 modes require an aspect ratio 
close to one but offer beneficial radiation patterns for our application. The RMPA is fed by a 
probe whose position (x,y) adjusts the matching both at 915 MHz and 2.44 GHz. This two 
operating bands of the proposed antenna are on cross polarization planes. The geometric 
parameters of RMPA have been optimized with an approximate model, the TL model [18], 
and with a full wave method. Details of the two approaches have been studied in [19]. The 
return loss of the RMPA is better at 915 MHz than 2.44 GHz because the maximum 
impedance of TM30 mode is 31 Q [19]. The TM30 mode does not achieve 50 Q because it is 
not a fundamental mode. This antenna has a maximum gain of 1.3 dB at 915 MHz (Fig.7b) 
and 2.5 dB at 2.44 GHz (Fig.7c). This two operating bands of the proposed antenna are on 
cross polarization planes. 

The realized gains of the dual band patch antenna are lower than the classical patch 
antenna because the radiating efficiency is low, 60% for the TMo; mode and 30% for the 
TM39 mode. The FR4 substrate has a loss tangent of 0.02. The radiation efficiency of the dual 
band patch antenna is highly dependent of the substrate losses. 


Ground dimension 








L=88 mm 





(a) (b) (c) 
Fig. 7. Layout of the RMPA antenna (a) - Radiation pattern at 915MHz (b) and 2.44 GHz (c) 
Solid and dashed lines correspond to E-plane and H-plane respectively 


B)  Miulti-band arm dipole antenna 


The second antenna is a multi-band dipole type composed of three arms. Its dimension 
is about 23 cm? (11.1x2.1 cm), Fig.8a. Each arm is designed to work at one band of 
frequency. The longer one is for the 915 MHz, the middle one, not useful in our case, is for 
the 1.4 GHz and the last one, the smaller, is dedicated to 2.4 GHz [20]. 

All the geometric parameters have been optimized with a full-wave method in order to 
be matched both at 915/ 2440MHz. On Fig.6b and 6c, the radiation pattern is plotted for the 
elevation plane (orthogonal to substrate) of the simulated antenna. The maximum gain is 
0.5 dB at 915 MHz and 3.4 dB at 2.44 GHz at 90°, on the substrate plane. The radiation 
efficiency is 99% at 915 MHz and 95% at 2.44 GHz. 


Part X 


Gastrointestinal Procedures 





Excision of Thrombosed External 


Hemorrhoid 


Latha Ganti 


68.1 Indications 


¢ Acute pain within 72 h of thrombosis onset 
¢ The thrombosis will be visible as a bluish-purplish pain- 
ful mass in perianal area (Fig. 68.1). 





Fig.68.1 Bluish-purplish appearance of an external thrombosed hem- 
orrhoid. The ellipse denotes the area of the elliptical incision to be made 
(Reproduced with permission from: Fargo and Latimer [3]) 
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68.2 Contraindications 


Absolute 

— Severe coagulopathy 

— Hemodynamic instability 

— Concurrent internal hemorrhoid with rectal prolapse 

— Painless rectal mass (external hemorrhoids are almost 
always painful, so a painless mass is not a thrombosed 
external hemorrhoid; also, the whole point of doing 
this procedure is to provide pain relief). 

Relative 

— Allergy to local anesthetics 

— Perianal infection 

— Inflammatory bowel disease 

— Serious systemic illness or comorbidity that could 
increase risk of procedure 


68.3 Materials and Medications 


Sterile gloves and drape 

Alcohol swabs or pads 

10 % povidone-iodine or chlorhexidine prep 
2 % lidocaine with epinephrine 

5 ml syringe with 25 or 27 gauge and 18 gauge needles 
#11 or #15 scalpel blade and handle 

Direct light source 

Forceps 

Iris scissors 

4x4 gauze pads 

Adhesive tape 

3-0 absorbable suture 

1/4 inch iodoform packing 

Silver nitrate sticks 

Sterile dressing 
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68.4 Procedure 


NAN 


10. 


. Patient should be in either prone, left lateral decubitus, 


or jackknife position (Fig. 68.2). 


. Place 2 vertically oriented pieces of tape down each but- 


tock from lower back to upper thigh. Next, place a per- 
pendicular (horizontal) strip spreading buttocks to either 
side, securing gurney (Fig. 68.3). 


. Place sterile drape over field and center direct lighting 


over field (Fig. 68.4). 


. Wipe area with alcohol. 

. Inject 1-2 cc of anesthetic into base of hemorrhoid. 

. Clean area with povidone-iodine or chlorhexidine prep. 
. Make an elliptical incision in the roof of the hemorrhoid, 


being careful to avoid anal sphincter muscle. 


. Remove blood clot(s); multiple clots are often present. 
. If profuse bleeding is a problem, consider cauterization 


with silver nitrate sticks. 
Wound can be closed with figure-of-8 absorbable suture 
OR can be loosely packed with1/4 inch iodoform gauze 


11. 


if not suturing (do not suture wound closed with packing 
inside). 

Cover wound with 4x4 gauze folded in half and taped 
into place (Fig. 68.5). 


Discharge medicines: 

— Antibiotics generally not necessary. 

— Prescribe ibuprofen and/or acetaminophen for analge- 
sia. Avoid opiates, which are constipating. 

— Prescribe stool softeners, to be taken two to three times 
daily. 

Discharge instructions to patient: 

— Sitz baths 3-4 times daily, for 20 min, warm not hot 
water. 

— Packing should fall out spontaneously in 2 days. 

— Keep well hydrated. 

— Use gauze to protect underclothing from soilage/blood 
stains. 

— Return to ED if pain persists beyond 48 h. 





Fig.68.2 Jackknife position 
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Fig.68.5 Dress wound with sterile gauze 


Fig. 68.3 Taping of buttocks to maximize visualization of 
hemorrhoid 





Fig.68.4 Direct lighting over field 
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68.5 Complications 


« Common 
— Bleeding: usually self-limited. Can apply cautery or 
figure-of-8 suture if not previously done 


— Pain: usually controlled with ibuprofen or 
acetaminophen 
— Perianal skin tag: benign 
e Rare 


— Infection rate is 5 % [1]. 

— Recurrence rate is 5-19 %, vs. 30 % for simple 
lancing [2]. 

— Stricture and/or incontinence: prevented by avoiding 
underlying external anal sphincter muscle 


68.6 Pearls and Pitfalls 


¢ Pearls 
— Elliptical excision of the hemorrhoid results in much 
lower recurrence rate than simple lancing. 
— Risk factors for thrombosed external hemorrhoids 
include constipation, 2nd or 3rd trimester pregnancy, 
and traumatic vaginal delivery. 
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¢ Pitfalls 
— Excision of multiple hemorrhoids in circumferential 
fashion on all sides of the anal canal can cause anal 
stenosis. 
— Excision of a painless mass: if it is painless, it is not a 
thrombosed external hemorrhoid. 


References 


1. Lorber BW. Thrombosed external hemorrhoid excision. Medscape. 
com. www.emedicine.medscape.com/article/81039. Accessed 27 
July 2014. 

2. Rivadeneira DE. Outpatient and surgical procedures for hemorrhoids. 
UpToDate.com. _ http://www.uptodate.com/contents/outpatient-and- 
surgical-procedures-for-hemorrhoids. Accessed 27 July 2014. 

3. Fargo MV, Latimer KM. Evaluation and management of common 
anorectal conditions. Am Fam Physician. 2012;85(6):624—30. 


Selected Reading 


Fargo MV, Latimer KM. Evaluation and management of common ano- 
rectal conditions. Am Fam Physician. 2012;85(6):624—30. 

Jongen J, Bach S, Stiibinger SH, Bock JU. Excision of thrombosed 
external hemorrhoid under local anesthesia: a retrospective evalua- 
tion of 340 patients. Dis Colon Rectum. 2003;46(9): 1226-31. 





69.1 


Diagnostic Peritoneal Lavage 


Latha Ganti 


Indications (Table 69.1) 


e Inability to perform FAST exam due to lack of equipment 


or operator 


¢ Hemodynamically unstable patient in whom FAST exam 
is negative or equivocal 


Table 69.1 Comparison parameters for DPL, FAST, and CT [1] 
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DPL FAST CT 

Speed 10-15 min Fastest: <5 min Variable 

Repeatable Yes, but rarely done Yes, and frequently done Yes, but not done often 

Cost $ $$ $$$ 

Invasive Yes No No 

Mobile Yes Yes No 

Advantages Most sensitive for mesenteric and | Highest specificity Highly accurate but can be hampered 
hollow viscus injuries by patient movement 

Disadvantages Misses retroperitoneal and Hampered by subcutaneous or Misses diaphragm, small bowel, and 





diaphragm injuries 





intra-abdominal air, obesity, and pelvic 
fractures 
Significant false-negative rate 





pancreatic injuries 

Small but significant risk of radiation- 
associated malignancy 

Cannot be done at bedside 
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69.2 Contraindications 69.4 Procedure 

* Absolute 69.4.1 Patient Preparation 
— Indication for laparotomy already exists. 

¢ Relative ¢ Place patient in supine position. 
— 2nd or 3rd trimester pregnancy ¢ Ensure nasogastric and urethral catheter (Foley) are in 
— Previous lower abdominal surgery place. 
— Inexperienced operator ¢ Prep and drape the area from the umbilicus to the sym- 
— Abdominal wall infection physis pubis. 
— Coagulopathy ¢ Anesthetize the skin using | % lidocaine with epinephrine 
— Cirrhosis in the midline where incision will be made (Fig. 69.1). 
— Morbid obesity 


69.3 Materials and Medications 


¢ 10% povidone iodine prep 

¢ 1 % lidocaine with epinephrine 

¢ Fenestrated drape 

¢ #10 scalpel blade and scalpel holder 

e Skin retractors 

¢ Hemostats 

e Diagnostic peritoneal lavage (DPL) catheter (standard 
peritoneal dialysis catheter) 

¢ 10cc syringe 

¢« Warmed lactated Ringer’s or normal saline solution 

e Skin stapler 

¢ Simple suture tray with suture material 





Fig.69.1 Anesthetize skin where incision will be made (supraumbili- 
cal incision shown here, can also make infraumbilical incision) 
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69.4.2 Three DPL Techniques 


¢ Semiopen (Seldinger) technique 


1. 


11. 


12. 





Using a #10 scalpel blade, make a 2 cm incision 
either superior or inferior to the umbilicus. 


. Dissect subcutaneous fat until linea alba is exposed. 
. Hold incision open with skin retractors (Fig. 69.2). 
. Grasp fascia with hemostats on either side of 


midline. 


. Insert 18 gauge needle at 45° angle toward pelvis 


(Fig. 69.3). 


. First “pop” will be heard once fascia is penetrated. 
. Second “pop” will be heard once peritoneum is 


traversed. 


. Pass guidewire through needle into pelvis (should 


pass easily without resistance). 


. Remove needle while keeping wire stable. 
. Pass dilator over the wire through fascia, and remove 


(Fig. 69.4). 

Slip DPL catheter over guidewire aiming toward 
pelvis. 

Aspirate peritoneal contents with syringe; aspiration 
of blood is a positive DPL and means immediate lap- 
arotomy (can stop DPL procedure here). 


Linea alba 


Fig.69.2 Hold incision open with skin retractors 
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13. If no blood is immediately obvious, then connect the 
DPL catheter to a liter of warmed lactated Ringer’s 
(LR) or normal saline (NS) solution for lavage 
(ensure setup has no one-way valves as solution and 
peritoneal fluid need to be able to freely mix). 

14. Place LR or NS bag on floor once it is almost empty 
(minimum 300-350 ml for adults or 10-15 ml/kg for 
children) and allow intra-abdominal fluid to return 
(Fig. 69.5). 

15. Send fluid for analysis (Table 69.2). 

16. Irrigate wound, and close skin only with staples or 
sutures. 

Open technique 

1. Make a 5 cm incision inferior to the umbilicus over 

linea alba and directly visualize peritoneal cavity. 

2. Both fascia (absorbable suture) and skin (nonabsorb- 

able suture) need to be closed. 

Closed technique 

1. Access peritoneal cavity via percutaneous needle 

access. 

2. No surgical closure required. 





4 


Pelvis 


Fig.69.3 Insert 18 gauge needle at 45° angle toward the pelvis 
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Dilator placed 
over wire 


Fig.69.4 Pass dilator over the wire through fascia and remove 





Fig.69.5 Lavage 
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Table 69.2 Diagnostic peritoneal lavage red blood cell criteria 


(per mm*) [2] 





























Positive Indeterminate 
Immediate gross return Any amount 
of blood via catheter 
Immediate return of food Any amount 
particles/intestinal contents 
Aspiration of blood 10 cc 
RBC in blunt trauma 100,000 20,000-100,000 
RBC in penetrating trauma 10,000 5000—10,000 
RBC in gunshot wound 5000 1000-5000 
Amylase level (IU/L) >175 
Alkaline phosphatase level >3 
(IU/L) 
WBCs (per mm+) >500 250-500 
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69.5 Complications 


¢ Wound infection or dehiscence 
¢ Intraperitoneal injury to organs or vessels (iatrogenic 
hemoperitoneum) 
¢ Unnecessary laparotomy due to false-positive result from 
bleeding within rectus sheath or from site of incision 
¢ Potential failure to recover lavage fluid due to: 
— Inadvertent placement of the catheter into the preperi- 
toneal space 
— Compartmentalization of fluid by adhesions 
— Obstruction of fluid outflow (e.g., by omentum) 
— Fluid pooling in the intrathoracic cavity due to dia- 
phragmatic injury 
¢ Incisional hernia 


69.6 Pearls and Pitfalls 


¢ Pearls 
— When properly done, complication rate for DPL is low. 
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— Prophylactic antibiotics are generally not indicated. 
¢ Pitfalls 
— Inadequate decompression of stomach and urinary 
bladder increases the chance of injury to these organs; 
thus, nasogastric and Foley decompression is an 
important step in patient preparation. 
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(a) 
Fig. 8. Layout of the multi-band arms dipole antenna (a) - Radiation pattern at 915 MHz (b) 
and 2.44 GHz (c). Solid and dashed lines correspond to E-plane and H-plane respectively 


It is interesting to compare the characteristics and performances of the two types of 
antennas. Although the radiation efficiency of the dipole antenna is better than the patch 
antenna, the antenna gains are similar because the high directivity of the RMPA antenna 
compensates the low values of radiation efficiency. When there are no cost constraints, it is 
interesting to use high performance substrates for the design of RMPA antennas because they 
improve the radiation efficiency and consequently antenna gain. 

Moreover, the integration of the antenna with the rectifier will not be made in the same 
way. Considering the patch antenna, the rectifier can be integrated on the ground plane 
allowing a more compact solution. The dipole antenna, which is ground plane free, is less 
sensitive to the surrounding environment in our case. The performance of the dipole antenna 
and especially the radiation efficiency are very weakly dependent of the substrate 
characteristics. The design of a dipole antenna can be easily reuse with other material such as 
Kapton®, paper, Plexiglas to name a few. 


IV. WIRELESS POWER TRANSMISSION 


This part presents the measurement results of the assembled RF harvesters in the 
context of Wireless Power transfer. The two dual-band harvesters are realized with COTS 
devices such as HSMS diodes and capacitors. Those elements are reported by heat-treating. 
The RF to DC converter board, including the matching network and the rectifier, is reported 
on the backside and connected to the radiation part, on the front side, through a via (Fig.9a). 
The dipole antenna is connected to the rectifier circuit using SMA connector (Fig.9b). 


Radiation 
ne Plane 
Ground —— 
Plane val 
Devices ms to Antenna 


78 mm 


(a) (b) 


Fig. 9. Dual-band RF harvesters based on patch antenna (a) — arms dipole antenna (b) 
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Manual Reduction of Abdominal Hernia 


Latha Ganti 


An abdominal wall hernia is a protrusion of the intestine 
through an opening or area of weakness in the abdominal 
wall. See Table 70.1 for types of abdominal hernias and 
Fig. 70.1 for locations along the abdominal anatomy. 


Table 70.1 Types of abdominal hernias 
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Type Defect Most commonly seen in Notes 

Inguinal Intestine or bladder protrudes through Men because of a natural weakness in | 96 % of all groin hernias are 
abdominal wall or into inguinal canal in the this area inguinal; 4 % are femoral 
groin 

Femoral Intestine enters canal carrying femoral Women, especially those who are 
artery into the upper thigh pregnant or obese 

Incisional Intestine pushes through abdominal wall at Elderly or overweight people who are 
the site of previous abdominal surgery inactive after abdominal surgery 

Umbilical Part of the small intestine passes through Newborns and obese women or those __| In children, not repaired until 
abdominal wall near the navel who have had many children age five because often resolve 

on their own 
Hiatal Upper stomach squeezes through hiatus, an 





opening in the diaphragm through which the 
esophagus passes 
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Fig.70.1 Types of abdominal 
wall hernias 


Ventral _| 
hernias 





Groin | 
hernias 





Hiatal 


Umbilical 


Spigelian 


Obturator 


Femoral 


Inguinal 
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Incisional 


70 Manual Reduction of Abdominal Hernia 


70.1 ‘Indications 


¢ Incarcerated hernia 


70.2 Contraindications 


¢ Absolute 
— Strangulated hernia (could result in placing dead bowel 
into abdominal cavity) 
¢ Relative 
— Inability to get patient relaxed enough 
— Previous unsuccessful attempts 


70.3. Materials and Medications 


¢ Ice or cold compress 

¢ Stretcher or gurney that can tilt to provide Trendelenburg 
position 

¢ Moderate sedation drugs if providing moderate sedation 

¢ Truss for post-procedure 


70.4 Procedure 


1. Patient positioning: 
¢ For abdominal hernia: place patient supine. 





Fig. 70.2 Frog leg position in child 
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¢ For groin hernia in adult: place in 20 ° of Trendelenburg. 
¢ For groin hernias in children: place in unilateral frog 
leg position (Fig. 70.2). 


. Apply ice or cold compress directly over hernia site to 


reduce swelling. 


. Administer opiate analgesia or moderate/procedural 


sedation. 


. Wait up to 30 min as hernia may reduce spontaneously 


after swelling has gone down and patient is relaxed. 


. Gently apply steady pressure distally on the tissue at the 


neck of the hernia with one hand and with other hand, 
guide hernia proximally through fascial defect. Too much 
pressure distally can cause hernia to balloon further, mak- 
ing manual reduction difficult. Takes up to 15—20 min. Do 
not rush procedure. 


. Once hernia is reduced, pain will improve. 
. An external support garment or truss (Fig. 70.3) can be 


helpful to hold reduced hernia in place and serve as a tem- 
porizing measure until surgical repair can be done. 


. Advise patient to schedule elective surgical repair. 
. If unable to reduce the hernia, obtain surgical consulta- 


tion. Do not force repeated attempts. 





Fig.70.3 An example of a truss, or external support, that can be useful 
as a temporizing measure until definitive hernia repair can be done 
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70.5 Complications 


¢ Pain. 

¢ Inability to achieve manual reduction, leading to strangu- 
lation of the hernia. 

¢ Strangulation can result in peritonitis and sepsis. 

e Recurrence. 

¢ Hydrocele. 


70.6 Pearls and Pitfalls 


¢ Pearls 
— Definitive treatment for a hernia is surgery (hernior- 
rhaphy). Without surgery, hernias grow larger over 
time; they do not disappear. Small hernias are easier to 
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— Note that if a truss is worn, it should be in place after 


reduction of the hernia. Also, it can be impractical in 
hot climates. 


Pitfalls 
— When the constricting neck and the protrusion are both 


reduced into the abdomen together (known as a reduc- 
tion en masse), without actually reducing the hernia 
itself, strangulation ensues even though it appears one 
has reduced the hernia. 

If there is still considerable pain after the reduction, it 
is likely the reduction was not successful or that dead 
bowel has been reduced into the abdominal cavity. 
Not recognizing strangulation leads to gangrenous 
bowel, peritonitis, and sepsis. 


fix and result in fewer complications. 

The only hernia that can resolve on its own is an 
umbilical hernia in a child. 

Trusses, bandages, and tape may provide some com- 
fort but do not reduce risk of incarceration or 
strangulation. 


Selected Reading 


Campanelli G, Canziani M, Frattini F, et al. Inguinal hernia: state of the 
art. Int J Surg. 2008;6 Suppl 1:S26-8. 

Jenkins JT, O'Dwyer PJ. Inguinal hernias. BMJ. 2008;336(7638):269-72. 

Moses S. Hernia reduction. 2014. http://www.fpnotebook.com/mobile/ 
Surgery/GI/HrnRdctn.htm. Accessed Sept 15, 2014. 


71.1 


Extended Focused Assessment 
with Sonography for Trauma 
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Coben Thorn and L. Connor Nickels 


Indications 


Blunt abdominal or chest trauma 

Penetrating abdominal or chest trauma 

Undifferentiated hypotension 

The “E” in EFAST refers to the “extended” ability to 
detect lung pathology such as a pneumothorax or hemo- 
thorax during the otherwise standard trauma FAST exam 
using the same equipment with or without an additional 
transducer probe. 

Specific findings that can be detected on extended focused 


assessment with sonography for trauma (EFAST): 


— Pericardial fluid 
— Pleural fluid 


— Free intraperitoneal fluid 


— Pneumothorax 
¢ Free fluid appears as 


anechoic or black. 


71.2 Contraindications 


¢ Need for immediate 


operative intervention 





C. Thorn, MD 


Department of Emergency Medicine, Bon Secours St. Francis 
Health System, Greenville, SC, USA 
e-mail: cobenthorn @ gmail.com 


L.C. Nickels, MD, RDMS ( 





bx) 


Department of Emergency Medicine, 


University of Florida Health 
e-mail: cnickels @ufl.edu 


Shands Hospital, Gainesville, FL, USA 


© Springer Science+Business Media New York 2016 
L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_71 


71.3 Materials and Medications 


Ultrasound machine 

Probe(s): phased array probe (5 to 1 MHz) or curved array 

probe (5 to 2 MHz) 

— Phased array has a smaller footprint, allowing easier 
access between intercostal spaces (Fig. 71.1); how- 
ever, curved array provides better resolution of images 





Fig.71.1 Phased array transducer (P17) with a small footprint that is 
helpful to fit between the ribs and can be used for focused assessment 
with sonography for trauma (FAST) examination 
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(Fig. 71.2). The linear array transducer (L38, 71.4 Procedure 
10—5 MHz) is good for lung images. 


* Gel 1. Ultrasound machine in the abdominal preset. 
¢ Skilled ultrasound operator 2. Patient in the supine position. 
¢ + Laboratory work, cardiac monitor, and two large-bore 3. Phased array or curved array probe for focused assess- 
intravenous (IV) needles ment with sonography for trauma (FAST) and linear array 
— All trauma alerts and unstable patients must have all of for lung. 
these. 4. Begin scanning the patient in a systematic fashion. 


¢ All the views should be scanned by thoroughly sweep- 
ing through the area in question in order to maximize 
the information obtained. 

¢ All views should be obtained in the same order every 
time. 

¢ Obtain all four views, five views if pneumothorax is 
included. 





Fig. 71.2 Curved array transducer (C60) with a larger footprint and 
better resolution for deeper imaging that can be used for FAST exami- 
nation as well as lung examination 
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71.4.1 Subxiphoid Four-Chamber View 
(Fig. 71.3) 


1. Examine for free pericardial fluid. 
e Anechoic (black) stripe seen between the myocardium 
and the pericardium 
Probe is placed in the subxiphoid area. 
Indicator is to the patient’s right. 
Probe is directed toward the patient’s left shoulder. 
Use a shallow angle in the head to feet direction. 
. Should adequately visualize the following: 
e Liver edge superficially 
¢ Right ventricle 
¢ Left ventricle 
¢ Right atrium 
¢ Left atrium 
7. If unable to obtain this view, proceed to parasternal long- 


ANARWN 


axis view: 

¢ Probe is placed perpendicular at the left parasternal 
border. 

¢ Third to fourth intercostal space. 

¢ Indicator is to the patient’s right shoulder. 

¢ Coronal section through the heart’s long axis should 
adequately visualize the following: 
— Right ventricle most superficially 
— Left ventricle 
— Mitral valve 
— Left atrium 





— Aortic valve 


: Fig.71.3 (a) Image shows how to obtain the subxiphoid four-chamber 
— Aortic outflow tract view of the heart using the curved array transducer (C60) (Photograph 
courtesy of F. Eike Flach, MD).(b) Ultrasound image of four-chamber 
view of the heart (Used with permission from First aid for the emer- 
gency medicine clerkship 3rd Ed, McGraw Hill, 2011.) RV right ven- 
tricle, LV left ventricle, RA right atrium, LA left atrium 
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71.4.2 Right Upper Quadrant View (Fig. 71.4) 


ww 


. Examine for free fluid in all of the following areas: 


¢ Right intrathoracic space 
— Anechoic area above the diaphragm 
¢ Morison’s pouch: hepatorenal space 
— Anechoic stripe between the liver and the kidney 
¢ Right paracolic gutter 
— Anechoic collection surrounding the inferior tip of 
the kidney 


. Probe is placed in the midaxillary line on the right. 
. Indicator is directed toward the patient’s head. 
. Probe is in the coronal plane, angle can be aimed obliquely 


while scanning anterior to posterior. 
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Fig. 71.4 (a) Image shows how to obtain the right upper quadrant 
view of the FAST exam using the curved array transducer (C60). The 
probe is aimed slightly obliquely in the coronal plane to get a better 
view between the ribs (Photograph courtesy of F. Eike Flach, MD). (b) 
Ultrasonographic view of the liver. (c) Ultrasonographic view of the 
liver—kidney interface (Morrison’s pouch). L liver, K kidney 


Extended Focused Assessment with Sonography for Trauma 
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71.4.3 Left Upper Quadrant View (Fig. 71.5) 


. Examine for free fluid in all of the following areas: 
¢ Left intrathoracic space 
— Anechoic area above the diaphragm 
e Subphrenic space 
— Anechoic stripe below the diaphragm and above the 
spleen 
¢ Splenorenal space 
— Anechoic stripe between the spleen and kidney 
¢ Left paracolic gutter 
— Anechoic collection surrounding the inferior tip of 
the kidney 
. Probe is placed in the midaxillary line on the left. 
. Indicator is directed toward the patient’s head. 
. Probe in the coronal plane, angle can be aimed obliquely 
while scanning anterior to posterior. 





71.4.4 Pelvic View (Figs. 71.6 and 71.7) 


1. Examine for intraperitoneal free fluid in the pelvis: 
¢ Anterior pelvis, above the bladder 
— Anechoic fluid above the bladder 
¢ Posterior cul-de-sac (pouch of Douglas) 
— Anechoic fluid posterior to the bladder or uterus 
2. Probe is placed above the pubic symphysis over the 
bladder. 
3. Scan through in both planes: 
¢ Transverse plane (Fig. 71.6) 
— Indicator is to the patient’s right. 
— Scan through the bladder in the head to feet direction. 
¢ Sagittal plane (Fig. 71.7) 
— Indicator is aimed to the patient’s head. 
— Scan through the bladder in a right to left 
direction. 





Fig. 71.6 Transverse pelvic view of the FAST examination using the 
phased array transducer (P17). With gentle force, the probe is pressed 
downward in order to look back behind the pubic symphysis and view 
the bladder (Photograph courtesy of F. Eike Flach, MD) 


Fig.71.5 (a) Image shows how to obtain the left upper quadrant view 
of the FAST examination using the curved array transducer (C60). 
Again, the probe is aimed slightly obliquely and is placed more superi- 
orly in the midaxillary line (Photograph courtesy of F. Eike Flach, MD). 
(b) Ultrasonographic view of spleen—kidney interface. S spleen, K 
kidney 








Fig. 71.7 (a) Sagittal pelvic view of the FAST exam using the curved 
array transducer (C60). With gentle force, the probe is pressed down- 
ward in order to look back behind the pubic symphysis and view the 


bladder (Photograph courtesy of F. Eike 
Ultrasonographic view of the bladder. B bladder 


Flach, MD). (b) 
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71.4.5 EFAST with Lung Views 
(Figs. 71.8 and 71.9) 


1. Examine for pneumothorax: 
¢ Lung sliding 
— Absence: pneumothorax 
— Presence: normal lung 
¢ M mode tracing 
— Stratosphere sign: pneumothorax 
— Seashore sign: normal lung 
2. Probe is placed on the anterior chest in the midaxillary 
line. 
Level of the second to fourth intercostal spaces. 
Sagittal position. 
5. Center the probe over the pleural line between the ribs. 
¢ Find the rib and then slide the probe toward the head or 
feet to center the pleural line. 
6. Observe for lung sliding. 
7. Press M mode and move the line over the pleural line and 
press M mode again to get the tracing. 
8. Examine multiple other areas anteriorly, moving distally, 
and in midaxillary line laterally, moving from superior to 
inferior. 


aad 





Fig. 71.8 Right lung view of the extended focused assessment with 
sonography for trauma (EFAST) examination using the linear array 
transducer (L38). The probe is placed in the sagittal plane on the ante- 
rior chest in the midaxillary line approximately at the second intercostal 
space and centered over the pleural line (Photograph courtesy of F. Eike 
Flach, MD) 


For the dual-band RF harvester based on patch antenna, the return loss, Si, is 
measured for an input power of -20 dBm with a HP8720 network analyser. The patch antenna, 
the rectifier and the dipole antenna are centered at 915 MHz and 2.44 GHz with a low return 
loss (Si:< —15 dB), Fig.10. The return loss of the RMPA antenna is better at 915 MHz than 
2.44 GHz because the maximum impedance of TM30 mode is 31 (Fig. 6 and Fig. 7 of 
[16]). The TM30 mode does not achieve 50 © because it is not a fundamental mode. 
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Fig. 10. Measured return loss S;; of the dual-band rectfier, patch and arms dipole antenna 


A) Remote Powering and Power Efficiency 


The rectenna is connected to a clock, which mimics a low power application. The 
remote powering of this clock is performed in a furnished room of the lab according the 
schematic of Fig.11. The distance between the source and the antenna is fixed to 2 m. The 
clock is turned on for different scenarios of transmitted power. For each combination of 
power proposed in Fig.12, the RF power is first measured with a calibrated antenna and a 
power meter. Then, the rectenna is measured and Per is the ration between the power 
delivered to the load (here the clock) and the power available at the antenna. 


RF Source EM mer) 1V/SpA 
(()  ciock | 
network Storage 
900MHz/2.4GHz Antenna 





Fig. 11. Schematic and picture of the scene of remote powering of a clock 
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71.5 Complications 


¢ Overreliance on ultrasound to rule out abdominal injury: 
— FAST examinations do not detect retroperitoneal 
bleeding, solid organ injury, contained subcapsular 
hematomas, and bowel injuries. 
¢ Not scanning through the object in question could lead to 
false-negative results. 


71.6 Pearls and Pitfalls 


¢ Always follow the ABCs (airway, breathing, circulation) 
first in any unstable patient. 

¢ Always make sure the depth is set adequately. 
— Recommend starting deeper to make sure positive 





Fig. 71.9 Left lung view of the EFAST examination using the linear : ; i 
array transducer (L38) (Photograph courtesy of F. Eike Flach, MD) findings are not missed and then adjustments can be 
made from there. 


¢ The curved array probe may be used throughout the entire 
EFAST for convenience if necessary. 


71.6.1 Subxiphoid Four-Chamber View 


¢ For larger body habitus, need to parallel the probe with 
the body in the subxiphoid area and use firm pressure to 
press the entire probe downward so as to look up under 
the xiphoid process at the heart. 
¢ Moving the entire probe more to the patient’s right in the 
subxiphoid area while still looking toward the left shoul- 
der may improve visualization by using the liver as a 
window. 
¢ Fat pad: 
— May be mistaken for pericardial fluid 
— Contains echoes and, therefore, is hypoechoic rather 
than anechoic 
— Should only be present anteriorly 
¢ Fluid should be gravity dependent, completely 
encircling the heart, and seen in multiple views. 


71.6.2 Right Upper Quadrant View 


¢ Normal artifacts of mirroring and loss of the spine are 
obscured when pleural fluid is present and, instead, the 
anechoic fluid is seen and there is loss of mirroring and 
continuation of the spine. 
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71.6.3 Left Upper Quadrant View 


e Same as right upper quadrant view 
¢« May be more difficult view to find than in right upper 
quadrant view for all of the following: 
— Spleen and kidney are more posterior and superior 
than in right upper quadrant view. 
— Spleen is smaller and less of a window for viewing. 


71.6.4 Pelvic View 


¢ Bowel can be mistaOken for free fluid or vice versa, but 
holding the probe still and observing can sometimes help 
distinguish the two. 
— Peristalsis will occur with bowel. 
— Internal echoes may be present in bowel. 


71.6.5 Lung Views 


¢ Ultrasound is more sensitive than a supine portable chest 
x-ray. 
— Apex anteriorly in midaxillary line. 
e Rib 
— Hyperechoic horizontal line with a dense shadow 
posteriorly 
— Evenly spaced along the chest 
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¢ Pleural line 

— First hyperechoic line deep to the rib. 

— Actually includes the visceral and parietal pleura, but 
appears as one line. 

— Lung sliding is present in normal lung. 

— Comet tail artifact. 

— M mode tracing will be the same in normal lung and 
pneumothorax above the pleural line and different 
below the pleural line. 
¢ Seashore sign (Fig. 27.5a): 

— Appears as waves washing up on the shore. 

— Granular appearance represents movement. 
¢ Stratosphere sign (Fig. 27.5b): 

— Appears as straight lines 

— Bar code appearance 


Selected Reading 


Brunett P, Cameron P. Trauma in adults. In: Tintinalli J, Stapczynski J, 
Ma OJ, Cline D, Cydulka R, Meckler G, editors. Emergency medi- 
cine: a comprehensive study guide. 7th ed. New York: McGraw 
Hill; 2012. p. 1671-5. 

Ma JO, Mateer JR, Blaivas M. Trauma. In: Emergency ultrasound. 
Course Materials; New York, NY: McGraw Hill; 2008. pp. 7-109. 

Saul T, Rivera M, Lewiss R. Ultrasound image quality. ACEP News. 
2011;4:24—5. 


72.1 


David P. Nguyen, L. Connor Nickels, 


and Giuliano De Portu 


Indications 


Evaluation of upper gastrointestinal (GI) bleeding (his- 
tory of melena, bright red blood per rectum, or coffee- 
ground emesis) 

— Only in the cases in which frank blood is obtained, the 
sensitivity/specificity in detecting upper GI bleeding is 
poor. 

— It should not be used for diagnostic purposes. It is used 
to remove blood that is irritating the stomach and to 
determine whether bleeding is still occurring (lavage 
does not clear). 

Commonly used in decompression of the GI tract (partial/ 

complete small bowel obstruction) 

Prevents aspiration and gastric dilation in intubated 

patients 

Used during gastric lavage and/or removal of toxins (acti- 

vated charcoal) for acute overdose or poisonings 


72.2 Contraindications 


¢ Absolute 
— Facial trauma with possible cribriform plate fracture 
¢ Relative 
— Severe coagulopathy 
placement) 
— Esophageal strictures and alkali ingestions (possible 
esophageal perforation) 
— Esophageal varices (studies show that it is actually 
safe) 


(consider orogastric tube 


72.3 Materials and Medications 


¢ For awake patients, consider pretreatment: lidocaine gel 
(2 % viscous)/nebulized lidocaine (4 or 10 %), vasocon- 
strictors (e.g., phenylephrine 0.5 %), and antiemetic (e.g., 
ondansetron 4 mg). 

¢ 16- or 18-French sump tube lubricating jelly 

e 50- or 60-mL syringe stethoscope 
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72.4 Procedure 


¢ Preparation 


1. 


5. 


Awake patients, should receive antiemetics 15 min 
before procedure. 


. Anesthetize both nares at least 5 min before placement. 


— Spray vasoconstrictor into both nares. 

— Inject about 5 mL of lidocaine gel along the floor of 
the nose. 

— Nebulized lidocaine via facemask also reduces both 
nasal and pharyngeal discomfort. 


. Elevate the head of the bed to an upright position 


(when possible). 


. Estimate tube insertion distance by measuring the tube 


from the xiphoid to the earlobe and then to the tip of 
the nose. Add 6 in. to this estimate and note the total 
distance. This helps with placement in the stomach and 
prevents esophageal placement or coiling in stomach. 
Mark the tube with markers or tape at the desired length. 
Lubricate the nasogastric (NG) tube. 


¢ Insertion (Fig. 72.1) 


1. 


Always insert the tube gently into the nares along the 
floor of the nose under direct visualization. Always 
point inferiorly (do not point upward). 


. If resistance is encountered, try to apply a small 


amount of pressure. STOP if unable to advance. Try 
the other side. It is necessary to prevent bleeding or 
dissecting the tissues. 


. Have the patient flex his or her head forward when the 


tube is in the nasopharynx. This helps direct the tube 


Pharynx 


Earlobe to 
xyphoid 


Pyloric 
sphincter 


Fig. 72.1 NG tube placement 
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toward the correct placement in the esophagus and not 
the trachea. Have the awake and cooperative patient 
sip water from a straw and swallow as the tube enters 
the oropharynx. 


. Making the tube more rigid by placing it in cold water 


will help advance it because the “warmer” tube will 
tend to coil. 


. Once the tube is in the esophagus, rapidly advance the 


tube into the stomach, taking into consideration the 
previously marked depth. 


¢ Confirmation of tube placement 
1. Insufflate air into the end of the NG tube, via a 50- or 


60-mL syringe, while auscultating for a rush of air 
(borborygmi) over the stomach. 


. Aspiration of gastric contents (pH <4, there is >90 % 


gastric placement). 


. The awake and cooperative patient should be able to 


talk, and if coughing or severe discomfort occurs, con- 
sider that esophageal or bronchial placement might 
have occurred. 


. Radiographic evaluation: 


— “Gold standard” is to evaluate simple radiograph 
for position. 
— Consider in comatose patients. 


Secure the tube 
1. Tape the NG tube in place by taping both the tube and 


the nose. A butterfly bandage is typically used. Some 
companies produce a specific fixation for the tube. 


2. Secure the tube to where it does not press on the medial 


or lateral nostril (can lead to bleeding/necrosis). 
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72.5 Complications — If leaving the tube for a prolonged period of time, 

make sure that the suction is set “intermittent” or “off” 
e Inability to pass the tube to prevent irritation to the gastric mucosa owing to 
¢ Bleeding direct pressure. 


¢ Curling of the NG tube in the patient’s mouth 
¢ Pulmonary placement 
¢ Nasal necrosis Selected Reading 


Chun DH, Kim NY, Shin YS, Kim SH. A randomized, clinical trial of 
frozen versus standard nasogastric tube placement. World J Surg. 
72.6 Pearls 2009;33:1789-92. 
Goff JS. Gastroesophageal varices: pathogenesis and therapy of acute 
¢ Pearls bleeding. Gastroenterol Clin North Am. 1993;22:779. 


— NG tube placement was ranked #1 as the most painful Henneman PL. Gastrointestinal bleeding. In: Marx J, Hockberger R, 
Walls R, editors. Rosen’s emergency medicine: concepts and clini- 


: nee nee . : cal practice. 7th ed. Philadelphia: Mosby; 2010. 
tive to maintain patient’s comfort by using anesthetics Tho PC, Mordiffi S, Ang E, Chen H. Implementation of the evidence 
and even maybe intravenous anxiolytics. review on best practice for confirming correct placement of naso- 
— Estimate the proper length of the tube before passage gastric tube in patients in an acute care hospital. Int J Evid Based 
to avoid placing the tip of the tube in the esophagus or Healer ZOU ley: 


excessively coiling it in the stomach. 


procedure in the emergency department so it is impera- 


David P. Nguyen, L. Connor Nickels, 


and Rohit Pravin Patel 


73.1 Indications 

¢ Patient presenting with any one or combination of the 
following: 
— Foreign body sensation in throat, neck, substernal 

chest, or epigastric area 

— Clear history of ingestion 
— Dysphagia 
— Airway compromise 
— Drooling 
— Inability to tolerate fluids 
— Inability to tolerate solids 
— Evidence of perforation 
— Active bleeding 

e All unstable patients should have immediate airway man- 
agement and urgent endoscopy. 

¢ Bs lodged superior to the epiglottis may be retrieved by 
emergency physicians in an emergent situation, but gen- 
erally, a consultant should be present, whether ear, nose, 
and throat, gastroenterology, or general surgery. 


73.2 Contraindications 


e Absolute 
— None 
¢ Relative 
— Performing rapid sequence intubation (RSI) in a 
patient with an FB that could compromise the airway. 
— Generally, if the patient is breathing on their own, col- 
laborate with a consultant on the best method to secure 
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the airway (emergency department, intensive care unit, 
operating room). 

— Treating with glucagon repeatedly if it is inducing 
vomiting and/or not working. 

— Conservatively managing a patient who should other- 
wise undergo a procedure for removal. 


73.3. Materials 


¢ Esophagoscopy/endoscopy is the definitive diagnostic 
and therapeutic procedure for impacted esophageal FBs. 

— Generally, should not be performed by an emergency 
physician. 

— Devices used include forceps, baskets, polypectomy 
snares, and nets. 

— Endoscopic techniques include push into stomach, 
push plus fragmentation, pull with retrieval forceps, 
and pull with various items (basket, snare, nets). 

¢ Foley catheter removal 

— Widely used technique for recently ingested single, 
smooth, blunt, and radiopaque objects 

— #12 to #16 French Foley catheter 

— Forceps (bayonet and Magill) of various sizes 

— Often done under fluoroscopic guidance 

¢ Bougienage 

— A single, smooth object, such as a coin, lodged less 
than 24 h in a patient with no respiratory distress or 
esophageal disease can be advanced successfully into 
the stomach by using bougienage. 

— Dilator size is selected based on age: 
¢ 1-2 years: 28 French 
¢ 2-3 years: 32 French 
¢ 3-4 years: 36 French 
¢ 4-5 years: 38 French 
¢ Longer than 5 years: 40 French 

¢ Relaxation of the lower esophageal sphincter (LES) 

— Some FBs lodged at the LES can be medically man- 

aged by relaxation of the LES. 
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— Most ingested FBs and impacted food boluses eventu- 
ally pass spontaneously. 
e 1-2 mg of glucagon intravenously 
¢ 0.4-0.8 mg of nitroglycerin sublingually 
¢ 5-10 mg of nifedipine sublingually 
¢ Carbonated beverage 


73.4 Procedure 


Push technique and push with fragmentation technique 

(generally performed by specialists) 

1. First accepted endoscopic method. 

2. Gentle pressure is applied with the tip of the endoscope 
on the esophageal food bolus after air insufflation. 

3. If pressure does not disimpact the bolus, fragmenta- 
tion can be attempted but is generally avoided owing 
to unknown pathology behind the food bolus. 

Foley catheter removal 

1. Moderate sedation and nasopharyngeal topical anes- 
thesia may be used. 

2. Place the patient in a head-down Trendelenburg 
position. 

3. Check for symmetrical balloon inflation of the Foley 
catheter. 

4. Under fluoroscopy, visually pass the catheter distal to 
the FB. 

5. Fill the balloon slowly with 3-5 mL of saline or con- 
trast agent. 

6. Using steady, gentle traction, withdraw the catheter 
with the balloon inflated distal to the FB. 

7. Grasp the object with fingers, forceps, or clamp once it 
is visualized in the oropharynx. 

Bougienage 

1. Topical anesthesia is recommended. 

2. Blind esophageal bougienage resembles placement of 
an orogastric tube. 

3. Place the patient in a sitting position. 

4. Pass a well-lubricated, appropriately sized bougie poste- 
riorly along the roof of the mouth, following the natural 
curve of the soft palate caudally to the hypopharynx. 

5. Encourage the patient to swallow (to help pass the 
dilator through the cricopharyngeus muscle). 

6. Ask the patient to phonate to help exclude accidental 
laryngeal intubation. 

7. Once past the cricopharyngeus muscle, extend the head 
to aid the bougie in passing distally to the stomach. 

8. Post-procedure radiograph is used to confirm passage 
into the stomach. 

Relaxation of the LES 

1. Premedicate with an antiemetic, such as ondansetron. 
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2. Administer 1-2 mg of glucagon intravenously (0.02- 
0.03 mg/kg in children, not to exceed 0.5 mg) with the 
patient in a sitting position over 1—2 min. 

3. Carbonated beverages given after glucagon ingestion 
have shown to have higher success rates. 

4. An alternative is to use either sublingual nitroglycerin 
(1-2 0.4 mg tabs) or 5-10 mg of nifedipine to relieve 
LES tone. 

5. This procedure does not work in patients with struc- 
tural abnormalities. 


73.5 Complications 


Esophageal FBs may cause esophageal pressure leading 
to edema, necrosis, infection, laceration, and/or 
perforation. 

Be cognizant of time (risk of complications is higher the 
longer the FB is left in place) and treatment side effects 
(i.e., do not continue to give patient water or glucagon if 
these induce vomiting). 

Aspiration and perforation during procedures listed 
previously. 

Late complications: esophageal stricture, abscess, medi- 
astinitis, tracheoesophageal fistula, vascular injuries, 
pneumothorax, pericarditis, aspiration pneumonia, and 
vocal cord paralysis. 


73.6 Pearls 


Esophageal foreign bodies can be lodged in the upper 

(proximal), middle, or lower (distal) one third: 

— Proximal: cervical web, Zenker’s diverticulum 

— Middle: eosinophilic esophagitis, cancer, radiation 
structure, spastic dysmotility 

— Distal: peptic stricture, eosinophilic esophagitis, can- 
cer, achalasia, esophageal diverticula, spastic 
dysmotility 

Because food bolus impactions are generally associated 

with pathology, follow-up evaluation for these abnormali- 

ties should be considered. 

Esophagus foreign bodies should not be allowed to remain 

in the esophagus beyond 24 h from presentation. 

Button/disc batteries in esophagus (emergent removal) 

— Considered an emergency, because liquefaction necro- 
sis and perforation can occur rapidly. 

— Most common ingestions are hearing aid batteries. 

— If in stomach, and patient is a symptomatic, can wait 
up to 24 h. 

Sharp objects (emergent removal) 


73 Esophageal Foreign Body Removal 





Fig. 73.1 (a) Anteroposterior (AP) and (b) lateral views demonstrat- 
ing a coin in the esophagus. A coin in the trachea would present in the 
opposite manner—the coin would be seen on edge in the AP view and 


— Cause the majority of complications (~35 %) with 
esophageal FBs. 

— Direct visualization with endoscopy is the only appro- 
priate removal technique. 

¢ Magnets (urgent removal) 

— Can cause necrosis and fistula formation due to the 

way they adhere to the mucosa 
¢ Esophageal coins (remove within 24 h) (Fig. ) 

— Up to 80 % of coins at the LES will pass spontane- 
ously within 24 h without interventions. The watchful 
waiting approach is used only in patients with single 
coins and who are asymptomatic. 

— Common complications of these procedures include 
mild bleeding, lip laceration, bradycardia with Foley 
catheter insertion, and teeth injuries. 

— Some protocols include RSI as part of the management 
process and should be considered if lifesaving. 
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flat on the lateral view (Reproduced with permission from McGraw- 
Hill: Stead LG, et al. First Aid for the Pediatrics Clerkship. New York: 
McGraw-Hill, 2010) 
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74.1 


Activated Charcoal 


74 


Deylin I. Negron Smida and Judith K. Lucas 


Indications 


¢ Single-dose activated charcoal (AC) (Fig. 74.1) 


Does not meet criteria for gastric emptying. 

Gastric emptying may be too harmful. 

Ingestion of toxic xenobiotic is known to be adsorbed 
by AC. 

Ingestion occurred with a time frame amenable to 
adsorption by AC, or clinical factors are present that 
suggest that not all of the xenobiotic had already been 
systemically absorbed. 

Ingestion of extended- or 
formulations. 


sustained-release 


¢ Multiple-dose activated charcoal therapy (MDAC) 


Life-threatening ingestion of: 
¢ Carbamazepine 

¢ Phenobarbital 

* Quinine 

¢ Theophylline 

¢ Dapsone 
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Life-threatening ingestion of another xenobiotic that 
undergoes enterohepatic recirculation and is adsorbed 
to AC 

Ingestion of a significant amount of a slowly released 
xenobiotic 

Ingestion of a xenobiotic known to form concretions or 
bezoars, such as aspirin 


= Actidose-Aqua™ 


Laporatorien, inc. 





Fig.74.1 Activated charcoal (AC) 
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74.2. Contraindications 


¢ Absolute 


Gastric perforation 

Gastrointestinal ileus, obstruction, or diminished 
peristalsis 

Nonintubated patients with the potential of losing pro- 
tective airway reflexes 

Intestinal obstruction 

Ingestion of: 

¢ Corrosives 

¢ Petroleum distillates 


¢ Relative 


Altered or decreased level of consciousness unless 
intubated. 

Vomiting. 

Xenobiotic has limited toxicity at almost any dose. 
Dose ingested is less than the dose expected to produce 
significant illness. 

Presentation many hours after ingestion. 

Minimal signs or symptoms of poisoning. 

Ingested xenobiotic has a highly efficient antidote. 
Administration of charcoal may increase the risk of 
aspiration (i.e., hydrocarbons). 
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74.3 Materials and Medications 


¢ Nasogastric (NG) tube/orogastric (OG) tube (Fig. 74.2) 

¢ Baby bottle with split nipple (designed for drinking of 
slurry solutions, such as thickened formulas) or sippy cup 
without the valve 

¢ Absorbent pad 

¢ Basin 

¢ Water-soluble lubricant 

¢ Tubing connected to suction device 

¢ Flavored syrup 










Fig.74.2 Drinking AC (by cup, sippy cup, or bottle) is effective, but it 
may also be infused via nasogastric or orogastric tube 





The power efficiency of the patch and the dipole rectenna is worked out from these 
experiments and reported in Fig.12. The power efficiency 7 is defined as the ratio between the 
DC power delivered to the clock and the RF power collected by the antenna. 
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Fig. 12. Power efficiency of the dual-band RF harvester based on the patch (a) and the arms 
dipole (b) antenna 


The minimum power required to turn on the clock with the patch-based harvester, Fig. 
10.a, is a two tone signal featuring: -19.5 dBm at 915 MHz and -20 dBm at 2.44 GHz. At this 
point, the power efficiency is 12.5 %, which corresponds to a DC output power of 2.7 tp W/1V. 

A maximum efficiency of 24 % occurs for a combined power of -16.5 dBm at 
915 MHz and -14 dBm at 2.44 GHz. The harvester is able to deliver a DC ouput power of 
15 pW. The harvester based on the arm dipole antenna needs a minimum power of -19.9 dBm 
at 915 MHz and -15 dBm at 2.44 GHz at the antenna to turn on the clock. For these conditions 
of remote powering, the efficiency of the harvester is 11 %. It delivers a DC power of 
3.8 uW/1.15 V. The maximum power efficiency, 15.5 %, yields for an input power of 
-14.4 dBm at 915 MHz and -9.7 dBm at 2.44 GHz, the DC output power is 21 wW. 

This scenario of remote powering figures out that the harvester based on the patch 
antenna exhibits a better power efficiency than the harvester combined with the dipole 
element. This difference is due to the antenna gains. Referring to Fig. 7 and Fig. 8, the gain of 
the patch antenna is larger (+0.8dB) at 915 MHz and lower (-0.9 dB) at 2.44 GHz than the 
dipole element. However the rectifier, referenced in [16], achieves a power efficiency of 17% 
at 915 MHz and only 5% at 2.44 GHz for an input signal of -15 dBm. As consequences the 
patch-based harvester is able to extract more power from a 915 MHz signal than the dipole- 
based harvester can do at 2.44 GHz. For this reason the overall efficiency of the patch 
harvester is better. 


B) Power Sensitivity 


The power sensitivity is measured with the same scenario of Fig.11 but the clock is 
disconnected. The output voltage is reported for different combination of collectable power at 
the antenna in a dual-band configuration. 
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74.4 Procedure 


¢ Single-dose administration 


Adult 

¢ Can be taken via a cup and straw (drunk) if the 
patient is cooperative. 

¢ The optimal dose of AC is unknown. 

¢ 50-100 g/dose (1 g/kg), administered at a rate no 
less than 12.5 g/h or its equivalent. 

¢ If vomiting is anticipated, an intravenous antiemetic 
is recommended. 

Children 

¢ 1 g/kg or 10:1 ratio of AC to drug ingested. 

e After massive ingestion, give 2 g/kg. 

¢ Many children will drink the suspension from a 
bottle or sippy cup, especially if it is mixed with 


juice or flavored syrup (e.g., chocolate or 
strawberry). 
« MDAC 


Adults: 0.5-1 g/kg every 2-4 h for 24-48 h 
Children (<12 y old): 0.25-0.5 g/kg every 2-4 h or rate 
of 0.2 g/kg/h for 24-48 h 


e Mixtures 


Ready to drink 

Powder form 

e Add eight parts water to the selected powdered 
form. 

¢ Gatorade or juices can also be used to help hide the 
flavor and texture. 

e¢ In children, the AC can be mixed with cold choco- 
late or some other flavored syrup, which also hides 
the flavor. 

Shake liquid suspension well for | min. 

If the patient vomits, the dose should be repeated. 

Smaller, more frequent, dosing may be better toler- 

ated, and an antiemetic may be needed. 


74.5 Complications 


e Aspiration pneumonitis 

¢ Transient constipation 

¢ Intestinal bezoars 

¢ Bowel obstruction 

e Diarrhea, dehydration, hypermagnesemia, and hyperna- 
tremia with coadministered cathartics or MDAC 

¢« Vomiting 

¢ Corneal abrasion if spilled in the eyes 
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74.6 Pearls and Pitfalls 


e Pearls 


If an OG or NG tube is used, time should be allowed 
for the last dose to pass through the stomach before the 
tube is removed. Suctioning the tube before removal 
may prevent subsequent AC aspiration. 

With children, the colder and sweeter the solution and 
if the color is camouflaged (cup with a lid or a sippy 
cup), there will be increased success at oral adminis- 
tration (vs NG/OG). 


¢ Pitfalls 


No evidence-based literature supports the assertion 

that AC changes clinical outcome. 

Xenobiotics and AC adsorption (Table 74.1). 

Incorrect application (e.g., into the lungs) results in 

pulmonary aspiration, which can be fatal if 

unrecognized. 

¢ Incorrect placement of NG/OG tube into trachea. 

¢ Administration of AC to a patient with an ileus 
(e.g., in anticholinergic overdoses). 

No specific contraindication for AC in pregnant 

women; however, diarrhea or hypernatremia in the 

mother may adversely affect the fetus. 


Table 74.1 Absorption of xenobiotics by AC 


Good absorption Poor absorption 
Acetaminophen Alkali 
Bupropion Chlorpropamide 
Caffeine Doxepin 
Carbamazepine Ethanol or other alcohols 
Chlordecone Ethylene glycol 
Dapsone Fluoride 
Digitoxin Heavy metals 
Nadolol Imipramine 
Phenobarbital Inorganic salts 
Phenylbutazone Iron 
Phenytoin Lithium 
Salicylate Methotrexate 
Theophylline Mineral acids 
Potassium 
Tobramycin 


Valproate sodium 
Vancomycin 
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75.1 Indications 


Recent ingestion (<30-60 min). 

Life-threatening exposure where there is a high suspicion 
that a xenobiotic is still present in the stomach and evacu- 
ation is expected to contribute to an improved outcome 
(e.g., iron, tricyclic antidepressants). 

Ingested agent is not absorbed with activated charcoal (e.g., pes- 
ticides, hydrocarbons, iron, alcohols, lithium, and solvents). 
Activated charcoal is unavailable. 

Ingestion exceeds adsorptive capacity of initial activated 
charcoal dosing (e.g., >100 mg/kg of pills). 

Ingestion of an agent likely to form a durable mass or 


75.3. Materials and Medications 


Orogastric tube (Ewald tube or the Tum-E- Vac) (Fig. 75.1) 
— Adults and adolescents: 36—40 French 

— Children: 22—28 French 

Pen or tape to mark the length of the tube 

Water-soluble lubricant 

Suction 

Emesis basin 

Absorbent pad 

Catheter-tip syringe with 2 mL water/saline to check 
position of the tube 

Room temperature irrigation fluid 


bezoars after overdose. ¢ Bite block or oral airway to prevent patients from biting 
down on the tube 


75.2 Contraindications 


¢ Vomiting 

¢ Unintubated patients with potential to lose airway protec- 
tive reflexes 

¢ Ingestion of a xenobiotic with aspiration potential (e.g., 
hydrocarbon) without intubation 

¢ Ingestion of caustic substances (alkali or acidic) 

¢ Ingestion of sharp metals 

¢ Ingestion of a foreign body (e.g., drug packet) 

¢ Risk for hemorrhagic gastrointestinal perforation 

¢ Ingestion of xenobiotic in a form known to be too large to 
fit into the lumen of the orogastric tube 

e Nontoxic ingestions 


(FCC(LCTL (ECT ( PT 
8 rr Si “_° 
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Fig. 75.1 Materials needed for gastric lavage include a large-bore 
nasogastric tube, a 60-cc non-Luer-Lok syringe, and a solution, typi- 
cally normal saline, for lavage 
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75.4 Procedure 


. If there is potential airway compromise, endotracheal or 
nasotracheal intubation should precede orogastric 
lavage. 

. Place an oral airway or a bite block to prevent biting of 
the endotracheal tube if the patient recovers conscious- 
ness or has convulsions during the procedure. 

. Ensure suction apparatus is available and functioning. 

. Place the patient in an upright-seated position if awake 
and alert. 

. Place patient in the left lateral decubitus position if 
obtunded. 

. Before insertion, the proper length of tubing to be passed 
should be measured from the mouth, back to the ear, and 
down anterior to the chest and abdomen, beyond the 
point where any side ports on the tube would be beyond 
the level of the estimated lower esophageal sphincter 
(Figs. 75.2 and 75.3). 


7. If the patient is still awake, insert the gastric tube to the 


level of the glottis, and encourage the patient to swallow. 
8. Pass the tube to the stomach. 

(a) Coughing, airflow, or fog from the tube raises the 

concern for inadvertent tracheal positioning. 

9. After the tube is inserted, it is essential to confirm that 
the distal end of the tube is in the stomach, by “popping” 
5-10 mL of air into the tube while someone is listening 
with a stethoscope over the stomach. 


Pharynx 
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Fig. 75.3 Measuring correct placement of the tube. Place the distal tip 
over the stomach and wrap the tube up behind the ear (usually the right 
ear because the tubes generally pass easier through the right nares) and 
around the nares. The black line or centimeter mark at the level of the 
nares is the point of insertion when passage stops 
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Fig. 75.2 Diagram illustrates 
appropriate placement of the lavage 
tube 





75 Gastric Lavage 425 


10. In adults, 250-mL aliquots of a room temperature saline 75.5 Complications 


lavage solution are instilled via a funnel or lavage 
syringe. In children, aliquots should be 10-15 mL/kg to 
a maximum of 250 mL and suctioned back out of the 
tube attached to low to moderate continuous wall suc- 
tion. Instillation of lavage solution and suction is 


Vomiting 

Esophageal tears or perforation after orogastric tube insertion 
Inadvertent tracheal intubation and/or airway trauma 
Aspiration pneumonitis 


repeated (Fig. 75.4). 

11. Orogastric lavage should continue for at least several 
liters in an adult and/or at least 0.5—1 L in a child if the 
return is free of debris or until no particulate matter 
returns and the effluent lavage solution is clear. ¢ Pearls 

12. Those caring for the patient must remain protected at all — You must use a large-bore orogastric tube for maximal 
times, using goggles, mask, gown, and gloves. If the efficacy. 
ingested poison is toxic via pulmonary or skin absorp- — The left lateral decubitus position is recommended 
tion, isolate the ingestant immediately in a self-contained because the pylorus points upward in this orientation. 
wall suction unit. This position theoretically helps prevent the xenobiotic 

13. Any material still in the stomach should be withdrawn, from passing through the pylorus during the procedure. 


75.6 Pearls and Pitfalls 


and immediate instillation of the activated charcoal «¢ Pitfalls 

— Large drug packets, adherent masses of pills, and plant 
and mushroom fragments will not pass through a 
40-French lavage tube. 


should be considered for large ingestions of xenobiotics 
known to be adsorbed by activated charcoal. 





Fig. 75.4 Lavage in progress 
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76.1 Indications 


¢ Whole-bowel irrigation (WBI) should not be used rou- 
tinely in the management of the poisoned patient (because 
there is no clinical proof it will change clinical outcome). 
¢ Ingestion of significant amount of medications. 
— Not adsorbed by activated charcoal 
e Lead, lithium, arsenic, and zinc 
¢ Substantial amounts of iron (high morbidity and no 
other effective method to gastrointestinal 
decontamination) 
— Sustained-release medications or enteric-coated drugs 
— Disk batteries distal to the pylorus 
— Whole transdermal patches (fentanyl, clonidine, 
nicotine) 
— Drug concretions 
— Ingested packets of illicit drugs 


76.2 Contraindications 


e Absolute 
— Bowel obstruction 
— Bowel perforation 
— Tleus 
— Hemodynamic instability 
— Compromised or unprotected airway 
— Intractable vomiting 
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¢ Relative 
— Concurrent or recent administration of activated charcoal 
(may decrease the effectiveness of activated charcoal) 


76.3 Materials and Medications 


¢ Topical anesthesia, although not mandatory, will reduce 
the pain of nasogastric (NG) tube placement. 
— 10 % lidocaine spray 
— Lidocaine gel 
¢ Small-bore (12-French) NG tube (Fig. 76.1). 
¢ Tape for securing the NG tube. 
¢ Reservoir or feeding bag used for NG tube feedings 
(Fig. 76.2). 
¢ Intravenous pole. 
¢ Bedside commode or toilet (Fig. 76.3). 
¢ Polyethylene  glycol-electrolyte solution (PEG-ES) 
(Fig. 76.4). 
e Antiemetic. 
— No absolute indication for prophylactic use 
— May be helpful if vomiting ensues during infusion 
¢ Metoclopramide 
— Antiemetic 
— Increases gastric motility 
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Fig. 76.1 Nasogastric (NG) tube. Typically, the infusion of the lavage 
solution is too rapid to be taken orally, so an NG tube can be placed. 
Since the irrigation solution is of low viscosity, a small-bore NG tube Fig. 76.2 Bag from which the lavage solution will drain; it is similar to 
should be used for comfort the bags used for gastrostomy tube feeding 


i 


Fig. 76.3 Almost always, the patient will need to be seated on or very 
near a portable commode, as once the irrigation solution starts to move 
through the bowels, defecation will occur rapidly 
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76.4 Procedure 


1. An NG tube is required because most patients will not 
drink the PEG-ES at the necessary rate. 

2. Place a small-bore (12-French) NG tube to a sufficient 
distance that the tip lies in the central portion of the 
stomach. 

3. Confirm NG placement with a radiograph. 

4. Attach the tube to the reservoir bag of PEG-ES and hang 
from an elevated site (an extended intravenous pole). 

5. The patient should be seated in an upright position. 
¢ Promotes settling of the intoxicant in the distal portion 

of the stomach 
¢ Decreases the likelihood of vomiting 

6. Dosing: 
¢ Children 9 months to 6 years: 500 mL/h 
¢ Children 6-12 years: 1,000 mL/h 
¢ Adolescents/adults: 1,500—2,000 mL/h 

7. Collect effluent. 

8. Continue infusion. 
¢ Until the rectal effluent is the same color as the influ- 

ent (i.e., clear), usually between 4 and 6 h. 
¢ You may continue beyond clear effluent if clinical evi- 
dence indicates ongoing effectiveness: 
— Continued pill fragments or drug packets are pres- 
ent in the effluent. 
— Radiographic evidence that pills, pharmacobezoars, 
or packets are still present. 





Fig. 76.4 Example brands of intestinal irrigation electrolyte solutions 


76.5 Complications 


¢ Nausea, vomiting, and bloating 

¢ Misplacement of the NG tube 

¢ Esophageal perforation owing to NG tube placement 
¢ Aspiration pneumonitis in the unprotected airway 


76.6 Pearls 


¢ Overall, WBI is probably more effective than gastric 
lavage, but probably less effective than activated charcoal 
in preventing poison absorption (when the intoxicant can 
be adsorbed to charcoal). 
¢ Vomiting. 
— Usually secondary to the ingestant (i.e., emetogenic 
toxins, such as iron) 
— May be due to rate of infusion 
¢ Slow rate by 50 % for 30-60 min. 
¢ Then return to original rate. 
¢ If resistance is encountered during NG tube placement, 
do not force passage. Remove and redirect. 
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(a) (b) 
Fig. 13. Rectified voltage of the RF harvester based on patch (a) and arm dipole (b) antenna 


To rectify a 1V DC voltage, the patch-based harvester, Fig.13a, requires a two dual- 
band configuration: -19.5 dBm at 915 MHz and -25 dBm at 2.44 GHz, which is equivalent to 
an input power of -18.4 dBm (or 14 uW). For the same purpose the dipole-based harvester, 
Fig.13b, needs a dual-tone of -22.1 dBm at 915 MHz and -17.8 dBm at 2.44 GHz. The 
equivalent input power of this 2-tone signal is -16.5 dBm (or 22 pW). The patch-based 
harvester exhibits a better sensitivity than the dipole harvester for the same reason exposed in 
the part A of this section. In Fig.6, which reports the power sensitivity of the rectifier part 
only, the overall sensitivity is almost the same for the dipole harvester. It is improved by 
1.8 dB for the patch harvester due to the additional gain of the antenna at 915 MHz. 


C) Discussion and Comparison with the state of the art 


An important characteristic of a remote powered device is its size. Indeed it is expected 
to be as small as possible to make it unobtrusive to our closest environment. In a scenario of 
RF harvesting the antenna footprint determines the compactness of a harvester operating Ultra 
High Frequency (UHF) bands. To complete the comparison between the two harvesting 
modules developed in this work, two figures of merit, FOMsens and FOMers, including the size 
of the antenna, are proposed in (2) and (3). 


Vrec@Psens (V) 
Psens(HW) Aant(cm*) (2) 
100uW * 100cm2 


FOMsens = 


With: Pyens the input RF power required to provide Vrrc@psens the unloaded rectified output 
DC voltage, and Aan the area of the antenna. 


n(%) 
Perp (UW) Aane(cm?) (3) 
100uW * 100cm2 


FOMe sf = 


With: Per the input RF power required to achieve 7 the overall power efficiency. 


FOMsens and FOMere do not represent the same scenario of application. The FOMsens 
illustrates the capability of the rectenna to start collecting energy and store it in an element 
such as a capacitor or a battery to further release it. FOMerr demonstrates the capability of the 
RF harvester to yield “on time powering”: the rectenna is connected to an application and 


Thomas T. Nguyen, Etan Eitches, 
and Stephanie Wetmore-Nguyen 


77.1 Indications 

¢ Life-threatening esophageal variceal bleed refractory to 
endoscopy and medical therapy 

¢ Life-threatening esophageal variceal bleed refractory to 
medical therapy in the absence of possible endoscopy 


77.2 Contraindications 


¢ Absolute 
— Known esophageal rupture 
— Unable to intubate or maintain airway 

¢ Relative 
— History of prior esophageal trauma or strictures 
— Recent surgery of the gastroesophageal junction 
— Resolved or resolving variceal bleeding 
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77.3 Materials and Medications 


¢ Sengstaken-Blakemore (SB) tube (Fig. 77.1) 

¢ 60-mL syringe with catheter tip (Fig. 77.2) 

¢« Sphygmomanometer (Fig. 77.3) or cuffalator (Fig. 77.4) 

e Y-Tube connector (Fig. 77.5) or 3-way stop-valve con- 
nector (Fig. 77.6) 

¢ Vacuum suction device and tubing (Fig. 77.7) 

¢ Tube clamps (4) (Fig. 77.8) 

e Lubricant (water soluble) 

¢ Lidocaine (Xylocaine) spray or gel 

¢ Anchoring device such as a football helmet or catcher’s 
mask (Fig. 77.9) 

¢ Cup of water and straw if the patient is awake 

¢ Scissors (Fig. 77.10) 

¢ Intubation equipment 

¢ Sterile water 
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Fig. 77.1 Sengstaken-Blakemore (SB) tube 





Fig. 77.3. Sphygmomanometer 
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Fig. 77.2 Syringe 





Fig. 77.4 Cuffalator 
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Fig. 77.5 Y-Tube connector 


9 Fig. 77.7 Suction device and tubing 


Fig. 77.6 3-way stop-valve tube connector 








Fig. 77.8 Tube clamps 
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77.4 Procedure 


1. Sedate and/or intubate the patient for adequate control 
of the patient during the procedure. 

2. Ensure that the SB tube balloons are functional by inflat- 
ing and deflating the balloons to ensure the absence of 
leaks. 

3. Perform gastric lavage and irrigate the stomach with 
copious amount of sterile water. 

4. Coat the distal and proximal portions of the SB tube 
with a thin layer of lubricating jelly or lidocaine gel. 
Spray the nasal passage with lidocaine spray. 

5. Pass the SB tube via the nasogastric (NG) or the orogas- 
tric route (in intubated patients) to the 50-cm line. You 
may confirm placement with x-ray. 

6. Inflate the gastric balloon to 200 mL of air and clamp the 
tube. 

7. Apply gentle traction of 1—2 Ib (0.42 kg) of force until 
it is felt that the gastric balloon has lodged at the gastro- 
esophageal junction (Fig. 77.11). 

8. Secure the tube to an anchor (e.g., football helmet or 
catcher’s mask) placed on the patient’s head. 

9. Aspirate and lavage the gastric aspiration port. If it is 
clear of blood, do not inflate the esophageal balloon. 

10. If it is not clear of blood, connect the esophageal tube of 
the SB tube to the sphygmomanometer/cuffalator using 
the 3-way stop-valve device (Fig. 77.12). You may use 
the Y-Tube connector instead. 

11. Inflate the esophageal balloon to the lowest pressure 
determined to stop bleeding, typically 20-45 mmHg. 
Clamp the balloon. 

12. Place an NG tube until it is felt overlying the top of the 

_———— © esophageal balloon of the SB tube. Check for further 
: 7 ee = proximal esophageal bleed through aspiration and gen- 

} tle lavage. Attach this NG tube to intermittent section to 
aid in the clearance of secretions. 
S 13. Obtain a portable radiograph to confirm the position of 
the SB tube. 
. The esophageal tube should be at the lowest pressure 
that prevents bleeding and kept inflated for 24 h or until 
other definitive treatment is obtained. 





Fig. 77.9 Helmet traction setup 





Fig. 77.10 Scissors 14 
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Fig. 77.11 Proper placement 
of the balloons 
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Fig. 77.12 Connection 
of the | sphygmomanometer 
to the esophagus balloon port 
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77.5 Complications 


¢ Esophageal rupture occurs owing to esophageal erosion 
and necrosis owing to a balloon tamponade effect on tis- 
sue perfusion or overzealous balloon inflation. 

¢ Airway obstruction owing to gastric tube deflation or fail- 
ure, allowing esophageal tube to move up and occlude 
airway. Keep scissors near the patient to cut the SB tube 
lumens and remove the tube as necessary. 

¢ Regurgitation and aspiration pneumonia from failure to 
adequately suction oropharyngeal secretions. 


77.6 Pearls and Pitfalls 


¢ Pearls 

— The esophageal balloon should not be inflated if the 
gastric balloon alone stops the bleeding. 

— Never inflate the esophageal balloon without the inflat- 
ing the gastric balloon first. This will prevent it from 
slipping proximally into the oropharynx and obstruct- 
ing the airway. 

— Nausea, vomiting, or aspiration is highly likely to 
occur. Use antiemetics and lavage the stomach before 
the procedure. 
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— Intubate if there is airway compromise or risk of aspi- 
ration into the lungs. 

— Inflate the esophageal balloon only to the minimum 
pressure necessary to stop the variceal bleeding. 

— Using a catcher’s mask may be more practical and 
comfortable for the recumbent patient. 

¢ Pitfalls 
— The SB tube may induce hiccups. 
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There are several types of gastrostomy tubes and related 


procedure variations: 


¢ Procedure variations: 
— Open gastrostomy tube (G tube) 
— Percutaneous endoscopic gastrostomy (PEG) tube 
— Laparoscopic G tube 
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Tube types: 


PEG tube (Fig. 78.1) 

Malecot tube (Fig. 78.2) 

Balloon G tube (Fig. 78.3) 

Low-profile G tube (nonobturated, button) (Fig. 
78.4) 

Low-profile G tube (obturated, button) (Fig. 78.5) 
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Fig. 78.1 Percutaneous Internal retention 
endoscopic gastrostomy (PEG) disc 
tube 
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Fig. 78.2 Malecot tube 
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Fig.78.3 Balloon gastrostomy - 
tube \ ————— Retention balloon 
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supply it on time. Both are reported in the Table I, which also includes some references of the 
state of the art. The ability of the proposed rectenna to simultaneously operate in two 
frequency bands, significantly improves the power sensitivity. 


Table I. Comparison with the state of the art 


Freq Efficiency Sensitivity | Number Schottky Size FOM FOM 





Ref (GHz) (%@P,) (Ve@Prf) ofstage diodes (cm?) Sens Eff 
15% @ 0.75V @ 
(21] 0.9 -10dBm -10dBm 1 SMS-7630 15x15 1.9 6.6 
9% @ 0.9V @ 
[21] 2.4 -13dBm -13dBm 1 SMS-7630 15x15 1.25 8 
10.5% @ 0.075V @ 
[22] 2.45 -20dBm -20dBm 1 SMS-7630 3.43.4 6.5 905 
0.915/ 14%@ 0,36V@ 1 
ee re Kn SMS-7630 6x6 0.5185 
1.8/2.2 55%@ 300mV@ 
ee 2S) -10dBm -32dBm 3tones ! BSE a AL Me 
This 
0.915/ 11% @ 1V@ HSMS- 
Ne 2.44 -20/-15dBm -22/-18dBm : 2850 aa me 136 
ipole 
This 0.915/ 12.5% @ 1V@ HSMS 
work 2.44 - 19.5 dBm/ -19.5dBm/ 4 2850 ¥ 7.8x8.8 10.5 100 
Patch -20dBm -25dBm 


According the Table I, the patch-based harvester exhibits the highest sensitivity to 
rectify 1V with a dual-tone featuring: -19.5 dBm at 915 MHz and only -25 dBm at 2440 MHz. 
The FOMsens represents the trade-off between the sensitivity performances of a rectenna and 
the antenna area. The FOMer; rates the efficiency performances to the antenna area. For these 
two figures of merit, the rectenna based on the multi-arm dipole element yields the best trade- 
off, both for FOMgens and FOMerr, compared to the patch-based solution. This dual tone and 
multi-arm dipole harvester is close to the work proposed in [24] which exhibits the highest 
FOM¢ens reported so far in the literature to our knowledge. 


Vv. CONCLUSION 


The range of power collectable in a scenario of RF harvesting varies from -15dBm to 
-25dBm. To address this purpose the rectenna proposed in this work are optimized to operate 
at a RF input power close to -20 dBm (or 10 uW). To further improve the ability to collect the 
RF energy, these rectenna, developed with Schottky diodes HSMS285 from Avago, perform a 
concurrent harvesting in the 915 MHz and 2.44 GHz ISM bands. The harvester including a 
patch antenna implemented on a 1.6mm FR4 PCB achieves the highest sensitivity. It provides 
a 1V-rectified voltage for a dual-tone excitation of -19.5 dBm at 915 MHz and -25 dBm at 
2.44 GHz. For these conditions of operation the rectenna yields a power efficiency of 12.5%. 
To take into account the dimensions of the haverster, two figures of merit, FOMsens and 
FOMerr including the size of the antenna, respectively related to the power sensitivity and the 
power efficiency are proposed. The rectenna developed with the arm dipole element exhibits 
the highest figures of merit. A case of application is proposed with the remote powering of a 
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78 Gastrostomy Tube Placement 


78.1 Indications 


¢ Inability to swallow 
— Neurological deficit 
— Head trauma 
— Facial burns 
— Decreased mental status 
¢ Need for gastric decompression 
— Gastric outflow obstruction 
— Small bowel obstruction (SBO), ileus, or volvulus 
— Intra-abdominal malignancy 


78.2 Contraindications 


e Absolute 
— Peritonitis 
— Ascites 
¢ Relative 
— Hemodynamic instability 
— Coagulopathy 
— Abdominal wall infection at surgical site 
— History of gastric resection 
— Portal hypertension 
— Gastric varices 
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78.3 Materials and Medications 


¢ Materials 
— Gloves 
— Lubricant 
— Gtube (commercial kit) or Foley catheter 
— Sterile saline 
— External bolster 
— Multiple syringes 
— Suture material 
— Needle driver 
— Scissors 
— Stethoscope 
¢ Medications 
— PEG tube placement 
¢ Moderate sedation (e.g., propofol, midazolam, 
fentanyl) 
¢ Local anesthesia (e.g., lidocaine, bupivacaine) 
— Open or laparoscopic G tube placement (not an emer- 
gency department procedure) 
¢ General anesthesia 
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78.4 Procedure (PEG Tube Replacement) 


1. 





If the G tube is only partially removed upon patient pre- 
sentation, the tube must first be removed. 


. Remove the G tube by deflating the balloon and pull 


gently on the tube while applying pressure to the abdom- 
inal wall at the surgical site. 


. The G tube should slide out easily with gentle traction, 


and the procedure should be discontinued if it does 
not. 


. Initially, it is important to assess the tract to determine 


the size and potential need for dilation. 


. If necessary for tube passage, the tract can be dilated 


with a cotton-tipped applicator or hemostat; however, be 
sure to dilate gently because it is possible to create a 
false tract. 


. Once the tract has been assessed, obtain the appropriate 


tube for replacement. 


. Initially, attempt replacement of the patient’s G tube 


with an identical tube. 


WW 
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Fig.78.6 Placement of low-profile gastrostomy tube 


10. 


11. 


12. 


13. 


14. 
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. If an identical tube is not available, attempt placing a 


small Foley catheter in the tract to ensure that it stays 
open. 


. To initiate placement, place lubricant on the tube and 


carefully advance the tube into the tract. 

Once the tube is in place, secure an air-filled syringe to 
the tip of the tube and insufflate a small amount of air 
into the stomach while auscultating to confirm passage 
of air into the stomach. 

Secondary procedural confirmation can be performed by 
aspirating gastric contents from the tube. 

Once placement is verified, do not forget to inflate the 
balloon with saline and then pull the tube backward until 
it abuts the inside of the stomach wall (Fig. 78.6). 
Finally, it is very important to secure the external portion 
of the tube to prevent the tube from being lost into the 
stomach. 

Commercial G tubes are accompanied by a bolster made 
specifically for the specific type of G tube in order to 
provide security of tube placement. 
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15. 


16. 


Gastrostomy Tube Placement 


If a Foley catheter is used to maintain tract patency, an 
external bolster must be created using the following 
steps: 


Trim a 2- to 3-in. portion from the tip of the 
catheter. 

Cut two small holes just above each other on the 2- to 
3-in. trimmed catheter portion. 

Slide the external portion of the Foley catheter 
through both holes of the bolster. 

Slide the bolster down the Foley catheter to the 
abdominal wall. 

Secure the two ends of the bolster to the skin in order 
to maintain patency of the Foley catheter. 

An interventional radiologist may also be contacted 
to advance the tube over a wire under fluoroscopic 
guidance. 


Radiographic confirmation. 


Typically, G tube placement is confirmed by injecting 
approximately 20 mL of Gastrografin® (diatrizoate 
meglumine, diatrizoate sodium) water-soluble con- 
trast into the G tube, followed shortly by an abdomi- 
nal x-ray. 

Proper placement will result in an abdominal radio- 
graph showing contrast outlining the stomach 
(Fig. 78.7). 
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_Gastrostomy tube 
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Fig. 78.7. An anteroposterior abdominal radiograph after PEG tube 
placement and injection of 25 mL of gastrografin. The tube can be seen 
projecting up the left side of the abdomen, and contrast medium appears 
to enter the stomach lumen. The balloon is not visualized in the stom- 
ach (Reproduced with permission from: Burke DT, El Shami A, Heinle 
E, and Pina BD. Comparison of gastrostomy tube replacement verifica- 
tion using air insufflation versus gastrografin. Archives of physical 
medicine and rehabilitation. 2006;87(11): 1530-3.) 
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78.5 Pearls and Pitfalls 


¢ Pearls 
— Even if a patient’s G tube is only partially removed 
upon presentation to the emergency department, the 
tube likely needs complete removal and replacement. 
— Most G tubes are easily removed at the bedside; how- 
ever, some are not able to be safely removed in the 
emergency department setting. Thus, if the tube does 
not withdraw easily, attempt to contact the procedural- 
ist who placed the tube in order to inquire about the 
best method for removal. 
¢ Pitfalls 
— Never use barium contrast when confirming G tube 
placement radiographically because barium can cause 
significant intra-abdominal damage if accidentally 
injected in the intraperitoneal cavity. 


78.6 Complications 


e Aspiration 

¢ Surgical site infection 

¢ Bleeding 

¢ Pneumoperitoneum 

¢ Accidental perforation of the colon or small bowel 
¢ Tube dislodgment 

¢ Peritonitis 
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79.1 Indications 


¢ Diagnosis of infection in ascites 

¢ Diagnosis of malignant ascites 

¢ Diagnosis of hemoperitoneum in traumas 

¢ Relief of abdominal pressure/pain or respiratory compro- 
mise secondary to ascites 


79.2 Contraindications 


e Severe coagulopathy 
— Prothrombin time (PT)>21 s 
— International normalized ratio (INR)>1.6 
— Platelets <50,000/mm? 
e Skin infection over the needle insertion site 
¢ Acute abdomen that requires surgery 
e Pregnancy 
¢ Distended bowel 
¢ Intra-abdominal adhesions 


79.3 Materials and Medications 


e 18- to 22-gauge 1.5- to 3.5-in. needle or angiocatheter, 
25-gauge needle 

¢ Lidocaine 1 or 2 % (10 mL) 

e Syringes 
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— 10 mL (1), 50 mL (2) 

1-L vacuum bottle (4) (if therapeutic tap) 
Thoracentesis kit tubing or any high-pressure connection 
tubing (if therapeutic tap) 

Sterile gloves 

Surgical pen (recommended) 

Povidone-iodine (Betadine) or other skin antiseptic 
Sterile drape 

Sterile gauze (4x4) 

Band-Aid 

Bedside ultrasound (recommended) 


79.4 Procedure (Fig. 79.1) 


Kw 


. Position the patient supine. If possible, adjust the head of 


the bed to make a 45° angle to help the fluid accumulate in 
the pocket. Sometimes, it may also be beneficial to have 
the patient lie recumbent toward the site of drainage. 


. Scan the abdomen with an ultrasound to determine 


whether there is a pocket of fluid that can be drained. This 
also allows the physician to see how far the needle needs 
to be inserted and how deep it can be placed without risk- 
ing injury to the bowel (Fig. 79.2). 


. Mark the optimal needle insertion site with a surgical pen. 
. Prepare the skin and drape in a sterile fashion. 
. Using lidocaine, anesthetize the appropriate area subcuta- 


neously and then continue to insert the needle, and inject 
anesthetic through the deeper tissues until ascitic fluid can 
be drawn back. 


. Withdraw the needle. 
. When ready for the paracentesis, stretch the skin caudad 


and insert the needle or angiocatheter (connected to a 
syringe) while aspirating. Then, release the skin and con- 
tinue to insert the needle or angiocatheter through the 
peritoneal wall until fluid is retrieved. This will create a 
“Z-track” that will decrease leakage of peritoneal fluid 
through the skin. 
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Fig.79.1 Paracentesis procedure 


8. Once fluid is retrieved, push in the catheter and remove 
the needle portion (if used) or hold the needle steady. 
9. Aspirate from the catheter to ensure that it is in the 
appropriate location. 
10. If fluid easily is aspirated, unscrew the syringe and con- 
nect a 50-mL syringe to the needle or catheter and fill it 
with fluid. This may be done twice. Alternatively, if the 


11. 
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Withdraw ascitic fluid for analysis. 
Cranial 


Needle tract 
Ascitic fluid 


Remove needle and allow 
cutaneous tissue to retract to 
original position. 


Rectus abdominis 
muscle 


Insert needle 


Stretch skin 
1-2 cm caudad 
to insertion site 


procedure is done for therapeutic purposes, attach the 
tubing that is already connected to the vacuum bottle to 
the catheter and allow the vacuum to withdraw fluid into 
the collection bottles. 

If fluid cannot be aspirated easily, the catheter can be 
repositioned further in the pocket or turned by 45° 
sequentially as needed. 


79  Paracentesis 





Fig. 79.2 Ultrasound to determine whether there is a pocket of fluid 
that can be drained 


12. Once the fluid is aspirated, pull out the needle or angio- 
catheter and hold pressure with gauze. Bleeding should 
be minimal. 

13. Place a Band-Aid or other dressing over the site. 

14. Send the fluid to the laboratory. Generally, laboratory 
analyses include protein, albumin, specific gravity, glu- 
cose, bilirubin, amylase, lipase, triglyceride, lactate 
dehydrogenase (LDH), cell count and differential, cul- 
ture and sensitivity (C&S), Gram stain, acid-fast bacil- 
lus (AFB), fungal culture, cytology, and pH. 


79.5 Complications 


¢ Persistent leakage from the needle insertion site 
¢ Abdominal wall hematoma 

¢ Bowel perforation 

¢ Introduction of infection 

¢ Hypotension (after a large-volume paracentesis) 
e Dilutional hyponatremia 

¢ Hepatorenal syndrome 
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¢ Bleeding 
¢ Postparacentesis circulatory dysfunction 


79.6 Pearls and Pitfalls 


¢ Pearls 

— The preferred site of entry is in the midline of the 
abdomen, below the umbilicus. 

— The serum-ascites albumin gradient (SAAG) can be 
used to identify the cause of the ascites. It is calculated 
by subtracting the albumin concentration in the ascites 
from the albumin concentration in the serum. A high 
gradient (>1.1 g/dL) suggests portal hypertension, 
whereas a low gradient (<1.1 g/dL) suggests other 
causes. 

— Postparacentesis circulatory dysfunction (PPCD) 
occurs secondary to hypovolemia after large-volume 
paracentesis (>4 L) in cirrhotic patients. It is associ- 
ated with worsening hyponatremia, renal dysfunction, 
shorter time to ascites recurrence, and increased mor- 
tality. Prevention of PPCD has been demonstrated with 
the administration of 6-8 g of albumin per liter of asci- 
tes removed. 

¢ Pitfalls 

— Polymorphonuclear lymphocyte (PMN) count greater 
than 250/mm is diagnostic of spontaneous bacterial 
peritonitis. 
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80.1 Indications 


e An anal fissure is a small ulcer of the mucosa at the anal 


verge (Fig. 80.1). 


e It is the most common cause of intense sudden rectal 


bleeding. 


¢ Posterior midline anal fissures are the most common type 


(90 %). 


— Mostly found in young adults (30-50 y) but can occur 


at any age. 
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— Usually associated with constipation (firm, large- 
caliber, painful bowel movements) or chronic 
diarrhea. 

— Most uncomplicated fissures resolve in 3-4 weeks. 

Can be extremely painful, during and after defecation. 

Classified as acute or chronic. 

Now believed to be caused by reduced anal blood flow in 

the posterior midline, anal sphincter hypertonia, and thus 

mucosal ischemia. 
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Anal fissure Anal fissure 


Fig.80.1 (a, b) Anal fissures 


digital clock consuming 1V/5yA. The patch based harvester turns on the device with a dual 
tone excitation at the antenna of -19.5 dBm at 915 MHz and -20 dBm at 2.44 GHz. For the 
same scenario the harvester connected to the multi-arm dipole element needs a power of 
-22.1 dBm at 915 MHz and -17.8 dBm at 2.44 GHz. 
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80 Anal Fissure Management 


80.2. Contraindications 


¢ Digital rectal examination should be avoided unless the 
diagnosis is in doubt. 

¢ Surgical procedures are generally reserved for when medi- 
cal management has failed after 1-3 months of treatment. 


80.3 Materials and Medications 


e Standard precautions barrier protection for the provider. 
¢ Good light source. 
¢ Optional emergency department treatments: 
— Topical anesthetic/preparation (Anusol [pramoxine 
hydrochloride; zinc oxide] with cortisone). 
— Nitroglycerin (0.2 %) or nifedipine gel (2 %) is second- 
line therapy (relaxes muscles and promotes blood flow). 


80.4 Procedure 


1. Ina private, calm environment, gently spread the buttocks 
for complete visual inspection. 

e This may cause an increase in the patient’s pain and 
spasming. 
¢ Ifa fissure is clearly identified, stop here. 

2. Apply topical anesthetic/preparation for symptomatic 
relief (optional, as the physician may want to just start 
with the treatments that follow). 

3. Discharge the patient with 
management. 

4. In acute anal fissures (onset of 3-6 weeks), medical man- 
agement is indicated along with dietary modifications 
(WASH regimen [warm baths, analgesia, stool softeners, 
high-fiber diet]): 

e Warm sitz baths. 
— Usually 20 min soaking each time 
— Recommended after every bowel movement 
— At least twice per day if not having regular bowel 
movements 
¢ High-fiber diet with fiber supplements. 
¢ Increase fluid intake. 
¢ May add stool softeners, if needed. 
¢ Ifchronic or the previous regimen has been exhausted, 
one of the following may be considered: 
— 0.2-0.4 % nitroglycerin cream applied to anal area 
e May cause headache 
¢ Recommend wearing a glove to prevent absorp- 
tion through digital skin 


conservative therapy 
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— Calcium channel blockers: 
¢ Topical nifedipine 
¢ 2% diltiazem cream 

— Botulinum toxin A injection: 
¢ Controversial; may have poorer success rates 

than surgery 
5. Provide surgical referral for nonhealing wounds. 
¢ Lateral internal sphincterotomy is the surgical proce- 
dure of choice. 


80.5 Complications 


¢ Infection 

e Abscess 

¢ Bleeding 

¢ Chronic fissure formation 

¢ Postsurgical fecal incontinence 


80.6 Pearls and Pitfalls 


¢ Pearls 
— Multiple or recurrent fissures are associated with 
Crohn’s disease, tuberculosis, syphilis, human immu- 
nodeficiency virus (HIV), and malignancy. 
¢ Pitfalls 
— Suspect child abuse if an anal fissure is found in a 
child. 
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Part XI 


Genitourinary Procedures 


Maritza A. Plaza-Verduin and Judith K. Lucas 


81.1 Indications 

¢ Obtaining a sterile urine specimen 

e Preventing or relieving urinary retention 

¢ Close monitoring of urine output for fluid balance with an 
indwelling urinary catheter 

¢ Urgent cystourethrography 

¢ Child with contusion or burns to the perineum and at risk 
for meatal swelling and obstruction to urine outflow 

¢ Temporary measure to relieve lower urinary tract 
obstruction 

¢ Neurogenic bladder 

e Anesthesia-induced and/or surgery-induced urinary reten- 
tion has occurred. 


81.2 Contraindications 


e Absolute 
— Potential urethral injury from trauma 
¢ Pelvic fractures 
¢ Known trauma to the urethra 
¢ Blood at the meatus 





M.A. Plaza-Verduin, MD 

Pediatric Division, Department of Emergency Medicine, Arnold 
Palmer Hospital for Children, Orlando, FL, USA 

e-mail: mari.plazav @ gmail.com 


J.K. Lucas, MD (1) 
Department of Emergency Medicine, 
University of Florida Health Shands Hospital, 
Gainesville, FL, USA 

e-mail: judithklucas @ufl.edu 














© Springer Science+Business Media New York 2016 


¢ Relative 
— Recent genitourinary surgery (consult with a urologist 
before placing a catheter) 


81.3 Materials and Medications 


¢ Bladder catheterization kit: 
— Sterile gloves 
— Sterile drapes 
— Povidone-iodine (Betadine) solution 
— Cotton sponges or applicators for sterilizing solution 
— Lubricant 
— Specimen collection cup 
— Catheter 
e 5-French feeding tube for neonates 
¢ §8-French catheters for Infants 
¢ 10- to 12-French catheters in older children 
¢ Local anesthetic (if desired—2 % lidocaine hydrochlo- 
ride jelly) 
¢ Absorbent pad 
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81.4 Procedure 


1. Inspect the urinary catheterization tray for all the appro- 
priate materials. 
2. Place the patient supine with an absorbent pad under the 
buttocks. 
(a) Girls should be placed in the frog-leg position 
(Fig. 81.1). 
. Before sterilizing the field, locate the urethral opening. 
4. Remove any powder, ointments, or medicated creams the 
child might have on the perineum. 
5. If needed, apply anesthetic to the area. 

(a) Soak a cotton ball with anesthetic (2 % lidocaine 
hydrochloride jelly) and hold over the urethra open- 
ing for 2 min. 

(b) 0.5-2.0 mL of anesthetic can also be injected into the 
urethra. 

6. Sterilize the area and place drapes appropriately, expos- 
ing the genitalia. 
7. Catheterization of males 

(a) If uncircumcised, gently retract foreskin, if possible, 
for cleaning and visualization of the meatus. 

(b) Hold the penis using the nondominant hand at a 90° 
angle from the body (Fig. 81.2). 

(c) Lubricate the catheter tip. 

(d) Insert the lubricated catheter into the meatal opening 
and advance it while applying gentle traction to the 
penis from the base of the penis. 

(e) If resistance is met, maintain gentle pressure with the 
catheter. 
¢ Do not attempt to force the catheter that could 

create a false tract or traumatic fistula. 

(f) Advance the catheter until urine is obtained, approxi- 
mately inserting the catheter to just beyond the penile 
length. 

(g) Once completed, gently withdraw the catheter. 

(h) Clean the area, wiping away the Betadine solution. 

(i) If uncircumcised, pull the foreskin over the glans to 
avoid paraphimosis. 

8. Catheterization of females 

(a) Sterilization of the area should occur from anterior to 
posterior. 

(b) Have an assistant hold the labia majora apart. 

(i) If no assistant is available, use the nondominant 
hand to hold the labia apart. 
¢ Holding the labia majora with a gentle out- 
ward, lateral, and upward traction will help 
visualize the meatus (Fig. 81.3). 


w 





Fig. 81.1 Infant held in the frog-leg position for catheterization 
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Fig. 81.2 Bladder 
catheterization of a male; penis 
should be held perpendicular to 
the body 





Gentle lateral and 
outward traction 
of labia majora 





Fig. 81.3 Positioning of labia for better visualization of the meatus 
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¢ Downward displacement of the cephalad (d) Insert the lubricated catheter into the meatal 
aspect of the vaginal introital fold with a cot- opening. Advance slowly until urine is obtained 
ton-tipped applicator can help visualize the (Fig. 81.5). 
urethral meatus (Fig. 81.4). (e) Once completed, gently withdraw the catheter. 
(c) Lubricate the catheter tip. (f) Clean area, wiping away the Betadine solution. 


Fig. 81.4 Better visualization of the 
meatus is achieved with downward 
displacement of the introital mucosa 





Urethral meatus 





Introital mucosa 
retracted downward 








Fig. 81.5 Bladder catheterization of a female 


81 Bladder Catheterization 
81.5 Complications 


¢ Urethral or bladder injury 

¢ Infection if sterile field not maintained 

¢ Paraphimosis owing to failure to restore a retracted fore- 
skin to its normal position 


81.6 Pearls and Pitfalls 


¢ Pearls 

— Itis not necessary to fully retract a foreskin. This only 
causes trauma and increases the likelihood of paraphi- 
mosis. As the infant/boy ages, the foreskin will loosen 
and the naturally occurring adhesions will spontane- 
ously release. 

— The urethral meatus in an infant female is usually 
tucked just above the redundant hymen (as opposed to 
the more anteriorly located meatus in the adult woman) 
and often looks like a dimple or small blind pouch. 

— Using viscous lidocaine in lieu of, or blended with, 
lubricant anesthetizes the meatus and urethra as the 
catheter passes. 

— Have the specimen cup at the ready because, at times, 
once the (usually cold) Betadine or antiseptic solution 
is applied, the infant often releases the urine and it can 
be caught, literally, midstream. 

— In the uncircumcised male, be certain to return the 
foreskin over the glans to avoid paraphimoses. 

¢ Pitfalls 

— If catheterizing a child in search of infection, send a 
urine culture regardless of the urinalysis results 
because the younger infants can have false-negative 
urinalysis and still have positive cultures. 
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82.1 Indications 


¢ Lower abdominal or pelvic pain 

¢ Vaginal bleeding or discharge 

¢ Cancer screening 

e Pregnancy 

e Exposure to sexually transmitted disease 
¢ Sexual assault 


82.2 Contraindications 


¢ Physical or mental disability 
¢ Recent gynecological surgery 
¢ Third-trimester pregnancy with bleeding 


82.3 Materials and Medications 


Examination table with stirrups (Fig. 82.1) 

Reliable light source 

Appropriately sized speculum (Fig. 82.2) 

Endocervical brush or spatula 

Culture swab for gonorrhea and chlamydia 

Large cotton swabs for vaginal discharge or bleeding 
(Fig. 82.2) 

pH paper 

Saline and potassium hydroxide dropper bottles for wet 
preparations 

Lubricating gel 

Disposable gloves (Fig. 82.2) 

Small stool or chair for examiner 


¢ Premenstrual females (may not be indicated in adoles- 


cents, who are not sexually active, unless there is dis- 
charge, bleeding, suspicion for abuse, or a foreign body) 
If a speculum examination is necessary, examination 


82.4 Procedure 


under general anesthesia should be considered. 
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. Obtain permission from patient before beginning 


examination. 


. Chaperone should be present (medical staff member). 
. Make sure the examination table is clean and appropri- 


ately draped. 


. Have the patient in a loose-fitting gown. 
. Place the patient on the examination table in the lithot- 


omy position with both feet in the stirrups and have the 
patient’s pelvis as close to the edge of the table as 
possible. 


. Turn on the light source and adjust for optimum illumi- 


nation. Put on the disposable gloves. 


. Communicate the procedure well to the patient. 
. Begin the examination with inspection and palpation of 


the abdomen. 


. Examine the external genitalia. Evaluate the skin, labia 


minora and majora, clitoris, urethral meatus, vaginal 
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Fig.82.1 Examination table 
with stirrups 


Fig.82.2 Gloves, speculum, and 
swabs 


10. 


canal, and Bartholin glands (Fig. 82.3). Look for skin 
abnormalities, lesions, masses, rashes, excoriation, 
abscesses, discharge, bleeding, or trauma. Palpate for 
tenderness. 

Lubricate the appropriate-size speculum (mostly 
medium size). Insert the speculum through the vaginal 
opening with gentle downward pressure. The speculum 
should advance without any resistance until the cervical 
os is visualized. 





11. 


12. 
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Inspect the vaginal walls for any lesions or masses 
(Fig. 82.4). The cervical os is inspected to see if it is open 
or closed. Cervical cultures for gonorrhea and chlamydia 
are obtained with a cotton swab and sent for microbiology. 
A sample of the discharge or bleeding is taken with a 
large cotton swab. The color, odor, and amount should 
be noted. The pH of the vaginal discharge can be 
evaluated. Normal pH is less than 4.5. An elevated pH 
indicates an infection (Table 82.1). 


82. Pelvic Examination and Wet Preparation 


Fig.82.3 Female external genitalia 


Clitoris 


External urethral 
orifice 


Vaginal vestibule 
Fossa navicularis 


Perineum 


Peritoneum 
Oviduct —— 


Ovary 

















Fig.82.4 Female internal 
genitalia 


Table 82.1 Wet preparation interpretation 
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Mons veneris 
Labium mojus 
Labium minue 
Vaginal introitus 


Hymen 


Posterior 
commissure 





Broad ligament 


Obturator internus 
muscle 





Cardinal ligament 


Levator ani muscle 


Ischiorectal fossa 





vagina 


























Appearance of 
Organism Preparation pH Microscope Cervix discharge 
Bacterial vaginosis Saline >4.5 Clue cells Redness Thin, milky, fishy 
odor 
Trichomoniasis Saline >4.5 Motile flagella Strawberry red Yellow-green, 
foamy 
Yeast Potassium 3.8-4.5 Budding yeast Normal White, cottage 
hydroxide pseudohyphae cheese 





13. Next, a bimanual examination should be performed 14. The cervix is palpated to elicit any cervical motion ten- 


(Fig. 82.5). Lubricating gel is applied to the nondomi- 
nant gloved hand and the index and middle finger are 
inserted into the vagina until the cervix is felt. The other 
hand is placed on the abdomen to palpate the uterus and 
ovaries. Pressure is applied to the abdomen while the 
vaginal hand is elevated upward. 


15. 


derness. The uterus is palpated and the size, position, 
and mobility are noted. The adnexa are examined for 
masses and tenderness. If a mass is palpated, the size, 
mobility, consistency, and tenderness are noted. 

The final part of the pelvic examination is the rectovagi- 
nal examination. Lubricate the index and middle fingers 
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16. 


Uterus 


of the left hand. Place the index finger in the vagina and 
the middle finger in the rectum. Palpate for any fistulas 
or masses. With the finger, also palpate the uterosacral 
ligaments, the broad ligaments, and the pelvic side 
walls. The finger is then gently removed and any feces 
are inspected for mucous or occult blood. 

A wet preparation is made by obtaining a sample of the 
vaginal discharge and placing it in a vial mixed with 
saline solution. A drop of the solution is placed on a 


Bladder 


Rectum 





Cervix 


Fig.82.5 Bimanual pelvic examination 


Fig.82.6 Photomicrograph of a 
vaginal smear specimen 
depicting two epithelial cells, a 
normal cell, and an epithelial cell 
with its exterior covered by 
bacteria giving the cell a 
roughened, stippled appearance 
known as a “clue cell” (From the 
CDC Public Health Image 


library) 
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microscopic slide and examined under high magnifica- 
tion for the presence of clue cells (Fig. 82.6) diagnostic 
for bacterial vaginosis and trichomonads (Fig. 82.7) 
diagnostic for trichomoniasis. For yeast, two drops of 
the solution is mixed with two drops of potassium 
hydroxide. Presence of hyphae is diagnostic of candida 
(yeast) species (Fig. 82.8) 


82.5 Complications 


Urinary tract infection 
Vaginal bleeding 
Cramping 


82.6 Pearls and Pitfalls 


Pearls 

— Good communication is essential to ensure the patient 
is comfortable and not anxious. 

— The chaperone should be a medical staff member. 

— Do not skip the pelvic examination if the patient is 
menstruating. 

Pitfalls 

— Do not forget to perform a complete abdominal exam 
along with the pelvic exam to rule out any GI 
etiology. 

— In older females (>50), perform the DRE for a stool 
occult sample as a possible source of bleeding. 





82 Pelvic Examination and Wet Preparation 


Fig.82.7 Photomicrograph of 
trichomonads in wet mount 
prepared witvh physiological 
saline (From the CDC Public 


Health Image library) 
Fig.82.8 Candida albicans | TY o 
from vaginal wet prep (From the = [| 
CDC Public Health Image ar 
library) ~ 
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83.1 Indications 


¢ Bartholin gland cysts larger than 1 cm or painful 
¢ Bartholin gland abscess 


83.2 Contraindications 
e Absolute 


— None 
¢ Relative 


— Recurrent/complex abscess requiring general anesthe- 


sia in operating room 
— Coagulopathy 
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83.3. Procedure Types 


¢ Incision and drainage (I&D) 

¢ Jodoform packing 

¢ Word catheter 

¢ Jacobi ring catheter 

¢ Silver nitrate stick ablation (after [&D) 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_83 
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83.4 Materials 83.5 Procedures 
* Sterile gloves 83.5.1 Incision and Drainage 
¢ Sterile skin preparatory solution/swabs and drapes 
¢ Lidocaine 1 % (local anesthesia); may give oral or intra- 1. Obtain informed consent from the patient. 
venous sedatives or analgesics 2. Place the patient in the lithotomy position. 
¢ Needles 25 or 27 gauge with 3-mL syringe for lidocaine 3. Prepare the cyst/abscess and the surrounding area 
injection with sterilizing fluid/swabs and drape the area, leaving 
¢ Scalpel #11 for incision the cyst/abscess accessible for the procedure (Fig. 83.3) 
¢ Culture swab 4. May need to hold traction to the labia to fully expose the 
¢ Hemostat or suture kit cyst/abscess (Fig. 83.4). 
¢ Word catheter (if choosing that method) (Fig. 83.1) 5. Inject 1-4 mL of lidocaine at the planned site of incision 
¢ Jacobi ring catheter (if choosing that method) (Fig. 83.2) (Fig. 83.5). 
e 3-mL syringe with saline for inflation of Word catheter 6. Hold one side of the cyst/abscess with a forceps or 
balloon hemostat to maintain traction while incising. 
e Silver nitrate stick (if choosing that method) 7. With a #11 scalpel, make an incision approximately 
¢ Gauze pads for bleeding and effluents 0.5—-1 cm and 1.5 cm deep in the introitus or behind the 
¢ Jodoform packing hymnal ring to prevent vulvar scarring. The incision 


should be made through the fluctuant area of the abscess 
on the mucosal surface. The incision should be linear 
and large enough to fit the Word catheter (if using that 
method). 

8. Drain the cyst/abscess completely, using the hemostat to 
break up the loculations. 

9. Culture the abscess with a swab and send to 
microbiology. 

10. All previous steps should be done regardless of the pro- 

cedure type to follow. 





Fig. 83.1 Word catheter (inflated/deflated) 


Fig. 83.2 Jacobi ring catheter 





Fig. 83.3 Cyst/abscess accessible for the procedure 
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Fig. 83.4 May need to hold Oval incision in 
traction to the labia to fully expose vulvar mucosa 
the cyst/abscess 


Oval incision in 
cyst wall 








Fig. 83.5 Inject 1-4 mL of lidocaine at the planned site of incision 
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83.6 lodoform Packing 


1. Pack with iodoform packing, grasping the end of the 
packing material with a hemostat and inserting deeply 
within the cavity. 

2. The cavity should be filled with the packing material and 
a small piece left exposed (for ease of retrieval during 
follow-up). 

3. Clean the site and cover with gauze. 





83.6.1 Word Catheter 





¢ After culturing the abscess 
1. Place the Word catheter into the incision site as deep as 
possible (if the incision is too large, the catheter will 


aal| f 
2. Inflate the balloon of the Word catheter with 2-3 mL ‘ 


slip out) (Fig. 83.6). 


of saline or water injected into the hub with a needle 
and syringe (Fig. 83.7). 

3. Tuck the end of the Word catheter into the vagina for 
comfort purposes. 

4. The catheter should remain in place for 4 weeks to 
allow for epithelialization of the tract. 


Fig. 83.6 Place the Word catheter into the incision site as deep as 
possible 





Fig. 83.7 Inflate the balloon of the Word catheter with 2-3 mL of 
saline or water injected into the hub with a needle and syringe 
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83.6.2 Jacobi Ring Catheter 


1. Grasp one end of the Jacobi ring with a hemostat and pass 
it through the initial incision site. 

2. At this time, use a hemostat to break loculations and cul- 
ture the material for microbiology. 

3. Pull the Jacobi ring through the abscess cavity (be careful 
not to pull the suture out of the catheter) and make a sec- 
ond incision to pull the catheter out through it. 

4. The two ends of the catheter are then tied, forming a ring. 


83.6.3 Nitrate Stick 


e After sending the culture 

1. Take the silver nitrate stick and place it deep within the 
cyst/abscess cavity (Fig. 83.8). 

2. The patient is instructed to return in 48 h for removal 
of the remaining nitrate material and necrotic tissue 
and wound cleaning. 

3. The patient should be warned of side effects including 
pain, chemical burns of nearby tissue, edema, dis- 
charge, and scarring. 





Fig. 83.8 Silver nitrate sticks 
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83.7. Aftercare 


¢ Follow-up care is 
procedures. 

e A high-risk patient (e.g., diabetic) may need to be covered 
with broad-spectrum antibiotics. 

¢ Pregnant women are also considered high risk and should 
be given antibiotics and followed closely. 

¢ The patient should be instructed to remain on pelvic rest 
(nothing in vagina) while the catheter is in place, wear a 
pad owing to discharge, use sitz baths and analgesics for 
pain control, and follow up 1—2 days after the procedure. 


required after each of these 


Although a few other methods are available for draining 
Bartholin cyst/abscess including marsupialization, carbon 
dioxide laser vaporization, and excision, these methods are 
typically done by gynecologists and rarely, if ever, performed 
by an emergency department physician. 


H.H. Charleton et al. 
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88.3 Materials and Medications (Fig. 88.1) * 18-, 25-, or 27-gauge needles, syringes up to 10 mL 
¢ Sterile and nonsterile gloves, face shield 
¢ 1 % Xylocaine with or without 1:200,000 epinephrine, * Alcohol pads and povidone-iodine swabs 
0.25 % bupivacaine solution. 8.4 % (1 mL/mL) sodium 
bicarbonate (optional) 


Fig.88.1 Local anesthesia 
materials 
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89.1 ___ Indications 


¢ Repair of wounds where preserving anatomical land- 
marks or having precise anatomical alignment is impor- 
tant (e.g., vermillion border of lip) 

¢ Pain control in dislocation or fracture reductions 

¢ Incision and drainage of abscesses 

¢ Burn and wound care 

e Extensive or multiple lacerations (reduces total amount of 
local anesthetic needed) 

¢ Foreign body removal 
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89.2 Contraindications 


¢ Allergic to local anesthetic (see Chap. 88) 
¢ History of coagulopathy or bleeding disorder 
¢ Injection through infected tissue 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_89 
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89.3. Materials and Medications (Fig. 89.1) * 18-gauge, 20- to 30-gauge needles 2 in. in length 
¢ 22-to 24-gauge spinal needles 
¢ Povidone-iodine, alcohol swabs ¢ Syringes up to 60 mL 


¢ Sterile gloves and drapes 
¢ Local anesthetic solution (e.g., lidocaine, Marcaine with 
or without epinephrine) 





Fig. 89.1 Materials 


89 Regional Anesthesia (Nerve Blocks) 


89.4 Procedure: General Block 


1. Obtain consent after explaining the risks of procedure 
including temporary paresthesias and expected duration 
of block. Perform neurological examination before proce- 
dure, documenting any preexisting deficits. 

2. Position the patient comfortably, preferably supine, antic- 
ipating vasovagal response. 

3. Identify landmarks for the block. Clean area, prepare with 
povidone-iodine, and surround with sterile drapes. 

4. A small skin wheal of local anesthetic may be placed at 
the site of needle entry before block. 

5. Insert the needle into the site while aspirating to ensure it 
is not in a vessel. 

6. If paresthesia is elicited, withdraw the needle slightly 
allowing paresthesia to improve and inject. 

7. Wait 5-15 min for the block to reach full effect. 

8. Test for sharp sensation in the anesthetized area and 
document. 


89.5 Complications 


¢ Infection 

¢ Hemorrhage 

¢ Hematoma 

e Allergic reaction 

¢ Systemic toxicity (exceeded maximum dose or inadver- 
tent injection into vasculature) 

¢ Paresthesias, pain 
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Intraneural injection causing ischemia 
Intra-arterial injection of epinephrine causing vasospasm 
and tissue ischemia 


89.6 Pearls and Pitfalls 


Pearls 

— It is important to aspirate before injecting anesthesia 
when performing regional anesthesia because, unlike 
local techniques, the needle is deeper and in proximity 
to larger vessels. 

— Shooting pain and/or paresthesias occurs when the 
needle contacts the nerve. When this happens, with- 
draw the needle 1 mm and wait for the paresthesia to 
resolve before injecting. 

— Injury can occur to a limb or digit if the patient manip- 
ulates it before the anesthesia wears off. The patient 
should be cautioned not to use the affected area until 
motor and sensation return. If an extensive block was 
done, monitor the patient in the emergency department 
until return of baseline neurological function. 

Pitfalls 

— Itis traditionally taught to avoid epinephrine-containing 
solutions in blocks in end-artery blocks (e.g., digital 
blocks). However, evidence for any vascular insuffi- 
ciency and necrosis as a result is lacking in standard 
commercially available lidocaine with epinephrine 
preparations. They should, however, be avoided in 
patients with peripheral artery disease [1, 2]. 
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89.7 Selected Specific Blocks 


¢ Contraindications and materials are the same as general 


block. 


89.7.1 Facial Blocks: Trigeminal Nerve 


(Fig. 89.2) [2, 3] 


Fig. 89.2 Vertical plane through the 
midposition of the pupil shows the 
position of the supraorbital foramen, 
infraorbital foremen, and mental 
foramen 
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nerve 
Opthalmic 
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89.7.1.1 Supraorbital (Fig. 89.3) 89.7.1.2 Infraorbital Nerve Block 
and Supratrochlear Nerve Block 
¢ Indications ¢ Indications 
— To anesthetize the forehead from the orbital ridge to — To anesthetize the medial cheek, upper lip, philtrum, 
the vertex of the scalp. The supraorbital nerve emerges skin between the lips and the nose, and nasal ala. The 
from the supraorbital foramen/notch and is a branch of infraorbital nerve emerges from the infraorbital fora- 
the ophthalmic division of the trigeminal nerve. The men and is a branch of the maxillary division of the 
supratrochlear nerve also is a branch of the ophthalmic trigeminal nerve. Anesthesia to the infraorbital nerve 
division of the trigeminal nerve and exits through the will also provide anesthesia to its terminus, the supe- 
superior medial aspect of the orbit. rior alveolar nerves. 
¢ Procedure ¢ Procedure: Extraoral Approach (Fig. 89.4) 
1. Inject local anesthetic solution over the midline of the 1. Palpate the inferior orbital foramen in its midline posi- 
forehead at eyebrow level. tion. The infraorbital nerve is often tender on palpation 
2. Inject a 25- or 27-gauge needle through skin wheal as it exits the foramen. 
aimed laterally while injecting 3-5 mL local anesthetic 2. Inject a 25- or 27-gauge needle just above the infraor- 
subcutaneously. Stop infiltrating when the needle bital foramen injecting 1-2 mL of local anesthetic. 
reaches the midline of the orbit. 3. Take care not to inject into the foramen because there 


is an increased risk of intraneural injection. 

4. Hold a finger on the inferior orbital rim to avoid 
ballooning of the lower eyelid with injection. 

5. Intraoral approach is possible and preferred because it 
is less painful. 





Fig. 89.3 Supraorbital nerve block 





Fig. 89.4 Extraoral approach to the infraorbital nerve block 
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Procedure: Intraoral Approach (Fig. 89.5) [3] 


1. 


Apply topical benzocaine or lidocaine gel to the point 
of insertion, which is the height of the mucobuccal fold 
over the first premolar, which is the site of insertion. 
Wipe off after 1-3 min. 


. Palpate with the finger of the noninjecting hand over 


the inferior border of the inferior orbital rim. Retract 
the lip with the noninjecting hand. 


. Using a long 25- to 27-gauge needle, with the bevel 


toward the bone, advance the needle at the insertion 
site toward the infraorbital foramen. Once the target 
is reached, aspirate and inject 1 mL of local 
anesthetic. 


. Exert pressure on the foramen for 1 min after injection 


to force the anesthetic through the infraorbital foramen. 


. If the needle is difficult to advance and the patient 


experiences pain on insertion, redirect the needle later- 
ally and advance. 


. If analgesia is attained for the lip but not the eyelid, the 


analgesia was placed inferior to foramen, and if anal- 
gesia is attained for the eyelid but not the lip, place- 
ment was superior to the foramen. 
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Fig. 89.5 Intraoral approach to the infraorbital nerve block 
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89.7.1.3 Mental Nerve Block 


¢ Indications 


To anesthetize the lower lip and chin and is especially 
useful in laceration repair at those sites. The mental 
nerve emerges from the mental foramen and is a branch 
of the mandibular division of the trigeminal nerve. 
Mental foramen lies in the vertical plane with the mid- 
point of the pupil and sits in the middle of the body of the 
mandible. 


¢ Procedure: Extraoral Approach (Fig. 89.6) 


1 


. Inject local anesthetic solution over the identified 


location of the mental foramen, creating a skin 
wheal. 


. Advance a 25- or 27-gauge needle through the skin 


wheel until the mandible is contacted, injecting 
1-2 mL of local anesthetic. 


. Intraoral approach is possible and preferred because it 


is less painful. 


¢ Procedure: Intraoral Approach (Fig. 89.7) [3] 


1. 


Apply topical benzocaine or lidocaine gel to the point 
of insertion, which is the mucobuccal fold between the 
apices of the first and the second premolars. Wipe off 
after 1-3 min. 


. Insert a 25- to 27-gauge needle, with the bevel toward 


the mandible, aimed toward the mental foramen. 


. After advancing one-third the depth of the mandible and 


contacting the mandible, inject 1-2 mL of local 
anesthetic. 


. By pressing firmly on the mental foramen for 2-3 min 


after the mental foramen has been blocked, an incisive 
nerve block is also created. This is useful if anesthesia 
to the lower anterior teeth is also desired. 





Fig. 89.6 Extraoral approach to the mental nerve block 





Fig. 89.7 Intraoral approach to the mental nerve block 
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89.7.2 External Ear Block (Fig. 89.8) [4] 


¢ Indications 


To anesthetize the entire external ear, excluding the 
external auditory canal and the concha 

Especially useful in large lacerations of the ear and 
surrounding skin, hematoma evacuations, or incision 
and drainage of abscess. 


¢ Procedure: Auricular Ring Block (Fig. 89.9) [4] 


1. 


Using a 25- to 27-gauge needle, insert the needle just 
inferior to the earlobe directing it toward the tragus. 


. Aspirate and advance the needle superiorly subcutane- 


ously injecting 3-4 mL of local anesthetic (Fig. 89.9, #1). 


. Withdraw the needle without fully removing it and 


redirect it posterosuperiorly along the inferior poste- 
rior auricular sulcus, aspirating and injecting as before 
(Fig. 89.9, #2). 


. Remove the needle and insert it just superior to the 


point of helix insertion into the scalp. 


. Advance the needle and aspirate and inject in the direc- 


tion of the tragus. Inject into the subcutaneous tissue 
while avoiding the ear cartilage (Fig. 89.9, #3). 


. Withdraw and redirect the needle posteriorly and infe- 


riorly toward the skin behind the ear, injecting as 
before (Fig. 89.9,#4). 


. Beware of inadvertent cannulation of the superficial 


temporal artery, which crosses the zygomatic arch 
and crosses medial to the ear. If the artery is vio- 
lated, it requires 20-30 min application of firm 
pressure. 
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Fig. 89.8 Auricular block anesthetizes four nerves that innervate the 
auricle. / Great auricular nerve, 2 lesser occipital nerve, 3 auricular 
branch of vagus nerve, 4 auriculotemporal nerve 





Fig. 89.9 Auricular ring block technique 
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89.7.3 Wrist Block (Fig. 89.10) [3, 5, 6] 


¢ Indications 
— To anesthetize the hand in preparation for laceration 
repair, fracture or dislocation reduction, or pain 
relief 





Fig. 89.10 Nerve distribution in the hand 
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89.7.3.1 Wrist Block: Median Nerve (Fig. 89.11) 
¢ Procedure ° 
1. Position the patient supine with the palmar surface of 

the hand face up. 

2. Have the patient make a fist and slightly flex the wrist 
so that the palmaris longus and flexor carpi radialis 
tendons become prominent. 

3. Create a skin wheal of local anesthetic between the 
two tendons between the proximal skin crease and the 
distal skin crease at the wrist. Alternatively, anesthetic 
can be injected in line with the ulnar styloid process at 
the proximal skin crease. 

4. The palmaris longus tendon is absent normally in 
10-20 % of the population. In this case, inject over the 
midpoint of the proximal skin crease at the level of the 
styloid process. 
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89.7.3.2. Wrist Block: Radial Nerve (Figs. 89.12 


and 89.13) [3, 7] 


Procedure 
1. To block the radial nerve, block multiple peripheral 


branches on the dorsal and the radial aspects of the 
lateral wrist. 


. A field block in and around the anatomical snuffbox 


may be performed, requiring roughly 5-6 mL of local 
anesthetic. This anesthetizes the terminal branches of 
the radius arising from the forearm. 


. Position the patient’s palm face up and inject a skin 


wheal to the area | mm lateral to the radial pulse and 
in line with the proximal wrist crease. Inject 2 mL of 
local anesthesia with a 25- to 27-gauge needle. This 
anesthetizes the terminal trunk of the radial nerve. 





Fig. 89.12 Radial nerve block at the wrist: / radial artery, 2 anatomi- 


cal snuffbox 


Fig. 89.11 Median nerve block at the wrist: 7 proximal and distal 
wrist creases radial artery, 2 flexor carpi radialis tendon, 3 palmaris 
longus tendon, 4 ulnar artery, 5 styloid process 





Fig. 89.13 Radial nerve block at the wrist: / radial artery, 2 flexor 
carpi radialis tendon, 3 palmaris longus tendon, 4 ulnar artery, 5 proxi- 
mal and distal wrist creases 
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89.7.3.3. Wrist Block: Ulnar Nerve (Fig. 89.14) 89.7.4 Digital Nerve Blocks: Ring, 
* Procedure Web Space, and Tendon Sheath 
1. Position the patient with the hand face up. (Fig. 89.15) [3, 8, 9] 
2. Palpate the styloid process of the ulna and pisiform 
and find the ulnar artery pulse. ¢ Indications 
3. Create a skin wheal of local anesthetic between lateral — To anesthetize the digits in preparation for laceration 
to the ulnar artery and medial to the flexor carpi ulnaris repair, nail bed repair, joint reduction, or pain relief 


tendon just proximal to the styloid process. This is at 
the level of the proximal wrist crease. 





Fig. 89.14 Ulnar nerve block at the wrist: / proximal and distal wrist 
creases, 2 flexor carpi radialis tendon, 3 palmaris longus tendon, 4 ulnar 
artery, 5 styloid process, 6 flexor carpi ulnaris 
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Fig. 89.15 Cross section of Superficialis Profundus 
finger tendon Palmar surface tendon 
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89.7.4.1 


Ring Block (Fig. 89.16) [3] 


e¢ Procedure 


1. 


Insert a 25-gauge needle on the dorsal surface of the 
proximal phalanx of the digit to be anesthetized. Inject 
1 mL along the dorsal surface and withdraw the 
needle. 

Reinsert the needle again perpendicular to the last 
injection and running on the lateral surface of the pha- 
lanx. Inject 1-1.5 mL of local anesthetic to just past 
the phalanx base. 


. Repeat the injection in the same fashion on the medial 


aspect of the phalanx. 
Do not inject more than 5 mL into a digit. 


. Toe blocks are similar to finger ring blocks, except that 


the great toe requires plantar surface injection as well, 


owing to its unique nerve supply. 








Fig. 89.16 Dorsal surface injection of digital nerve ring block. Digital 
nerve block is performed by injecting onto the (a) dorsal, (b) lateral, 
and (c) medial surfaces of the proximal phalanx 
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89.7.4.2 Web Space Digital Block (Fig. 89.17) [9] 
Procedure 

1. Have the patient abduct the fingers. 

2. Palpate the metacarpophalangeal joint and then insert 


a 25- to 27-gauge needle into the lateral web space 
subcutaneously, directing it dorsally. Aspirate then 
inject | mL of local anesthetic. 


. Withdraw the needle but before the exiting skin, redi- 


rect toward the palmar aspect until the tip is next to the 
metacarpophalangeal joint, and inject 1 mL of local 
anesthetic. 


. Repeat the procedure on the medial web space of the 


digit. Each digit blocked requires injection on both the 
lateral and the medial web spaces. 





Fig. 89.17 Web space approach to the digital block, requiring injec- 
tion on the medial and lateral web spaces for a blocked digit 
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89.7.4.3 


Intrathecal Digital Block: Flexor 
Tendon Sheath (Fig. 89.18) [8] 


e¢ Procedure 


1. 





Inject anesthetic directly into the flexor tendon sheath. 
Palpate on the palmar surface over and proximal to the 
metacarpophalangeal joint. Gentle flexion of digit may 
better reveal the sheath. Have the patient abduct the 
fingers. 


. Insert a 25-gauge needle at a 45° angle to the skin and 


along the long axis of the digit directly into the flexor 
tendon sheath at the level of the distal skin crease. 


. Inject 2 mL of local anesthetic. The anesthetic should 


flow freely if it is in the sheath. If it does not, it is likely 
in the tendon and should be withdrawn slightly. 


. Contraindications to intrathecal block are local infec- 


tion and preexisting flexor tendon injury. 


. Risk of tenosynovitis; sterilize the skin before intro- 


ducing the needle. 
If laceration has involved the tendon, anesthetic may 
leak from the wound. 


Fig. 89.18 Intrathecal/tendon sheath approach to the digital block 
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90.1 Indications for Primary Wound Repair 


Wounds that have been sustained less than 8 h before pre- 
sentation may be closed primarily. 

If there is suspicion of broken glass or the presence of a 
foreign body, the patient should receive an x-ray before 
primary wound repair. Of note, x-ray has poor sensitivity 
for radiolucent foreign bodies such as wood and plastic. 
Wounds that are free of foreign bodies or show no gross 
evidence of infection or dead tissue may be closed 
primarily. 


90.2 Contraindications for Primary Wound 


Repair 


History must address the factors that predispose a wound 
to greater risks of infection and not implement primary 
wound closure in such wounds that have had a duration 
greater than 8—12 h or contamination with saliva, stool, or 
foreign matter and a wound that has been sustained by 
blunt or crush mechanism. 

When wounds are highly contaminated with debris or if 
devitalized tissue is present, the wound should be left 
open for 3-4 days and then reevaluated. 

After a proper physical examination has been performed 
that assesses distal pulse and sensory and motor function of 
the surrounding region and distal extremity, if any of these 
are compromised, appropriate orthopedic and/or vascular 
consultation should be sought before wound closure, espe- 
cially in the setting of a suspicion for open fracture. 
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Consider delayed closure in wounds over joints. 


¢ Wounds that have a significant loss of skin should be left 


to heal by secondary intention. 


90.3 Procedure for Wound Closure 


and Hemostasis 


. Wound should be thoroughly prepared with Betadine 


(10 % povidone with | % iodine), which has a rapid 
onset with greatest antimicrobial effect. 


. Skin surrounding the wound should be covered with 


sterile drapes (Fig. 90.1) so as to reduce additional con- 
tamination within the open wound. 


. The most important determinant for preventing wound 


infection is adequate high-pressure irrigation. 


. Normal saline is the best solution for irrigation. Use 


pressures above 7 psi and an 18-gauge needle with a 
syringe of 30 mL or more; this gauge needle will achieve 
pressure greater than 7 psi. 


. It has been suggested that tap water irrigation may be 


just as effective. Because this approach will reduce 
costs, it can be considered. 


. Sharp debridement should be performed when foreign 


matter is found in an open wound that does not easily 
rinse out with saline. In this circumstance, consider 
wound closure by secondary intention or delayed 
primary closure. 


. At this point, wounds that do not meet criteria for pri- 


mary closure must be left open, covered with a sterile 
dressing, and reevaluated in 3-4 days for consideration 
of delayed primary closure versus healing by secondary 
intention. 


. Wounds that do meet criteria as previously discussed for 


primary closure should be closed with either sutures or 
staples. 


. Staples are the preferred method of closure of scalp 


wounds and can be used under low wound tension. 
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10. 


11. 


12. 


13. 


14. 


15. 


The angle of the stapler is critical and must be positioned 
perpendicular to the intended area of delivery. A two- 
person approach can be utilized for optimal placement 
of the staple, using forceps to approximate the edges of 
the tissue. 

Synthetic or monofilament sutures have a lower rate of 
infection than braided sutures (for closure techniques 
with sutures, see Chap. 92). 

Dermabond should be utilized only for the most superfi- 
cial linear lacerations and confers the benefit of efficiency 
of time and less discomfort to the patient. However, it 
should be mentioned that Dermabond does not offer any 
statistically significant difference in cosmesis when com- 
pared with suturing or other adhesives (see Chap. 93). 
When a wound presents with deep underlying tissue 
involvement and direct bleeding is evident, direct pres- 
sure may be used to achieve hemostasis within a wound. 
Surgicel may also be applied with pressure to achieve 
control of small capillary and venous oozing (Fig. 90.2). 
When a persistent bleed is visible within a wound that 
does not respond to direct pressure, a figure-of-eight 
suture (Fig. 90.3) may be used. 

If a bleeding vessel is visible within a wound, an alter- 
nate method of hemostasis may be achieved by utilizing 
a hemostat to clamp the vessel and then tying an absorb- 
able suture (Fig. 90.4). 
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Fig.90.1 (a) High-pressure irrigation using an 18-gauge needle (b) 





Fig. 90.2 Direct pressure with or without Surgicel may be used to 
achieve hemostasis within a wound and also to achieve control of small 
capillary and venous oozing 
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Fig. 90.3 (a) The location of the bleeding vessel in the subcutaneous _Fig.90.4 (a) The culprit vessel is identified and clamped with a hemo- 
tissue is identified and an absorbable suture is threaded through the _ stat. (b) An absorbable suture is wrapped around the vessel inferior to 
region. (b) In a diagonal direction, a second suture is placed, which — the hemostat. (c) Once the first tie is placed being driven down with 
when tied will form the shape of an eight. (c) Once tied, the suture index finger, the hemostat may be removed and the knot can be com- 
forms a figure eight in the tissue and hemostasis is achieved pleted for a total of three or four passes 
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90.4 Complications 


e Hematoma formation 
e Infection 
e Scar formation 


90.5 Pearls and Pitfalls 


e Pearls 


Antibiotic coverage should be employed judiciously 
depending on the wound and location. 

Wounds to the face that are not heavily contaminated 
generally do not require antibiotics because the face 
and scalp have a significant vascular supply. 

Patients with diabetes have higher incidences of wound 
infection, and the physician should consider prophy- 
lactic antibiotics in such individuals. 

Wounds that are clean-contaminated and sutured in the 
emergency department should have a nonadherent dress- 
ing applied for 48 h until epithelialization has occurred. 
After that, the dressing may be removed, and soap and 
water gentle washing should commence to keep area 
clean. Only small amounts of bacitracin should be applied 
to wound in the interim period before sutures are removed. 


e Pitfalls 


Wounds located on the extremities have greater inci- 
dences of infection than those on the trunk or head/ 
face. 
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Burns result from exposure to heat, caustic chemicals, elec- 
tricity, or radiation. Damage to the natural barrier provided 
by skin results in rapid fluid losses and risk of infection. 
Permanent scarring is a common long-term complication. 
They may also be complicated by sensory deficits due to loss 
of nerve connections and limb loss due to circulatory 
compromise. 
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91.1. Burn Description (Fig. 91.1) 

¢ First degree or superficial: burn that remains confined to 
the epidermis (e.g., sunburn) 

¢ Second degree or partial thickness: burn that extends into 
the dermis (e.g., blistering scald burns) 

¢ Third degree or full thickness: burn involving the entire 
depth of the dermis and epidermal appendages 





Fig. 91.1 Tea scald over the chest and shoulder of a child showing 
heterogeneity of burn depth. D deep (second or third degree), / interme- 
diate (second degree), S superficial (first degree) (Reproduced from: 
Enoch S, Roshan A, Shah M. Emergency and early management of 
burns and scalds. BMJ. 2009;338:b1037, with permission from BMJ 
Publishing Group Ltd.) 
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91.2 Indications 
¢ Superficial, deep second degree, and third degree. 
e First-degree burns generally need only supportive care. 


91.3. Materials and Medications 


e Appropriate analgesia 

e Antibiotic ointment 

e Silver sulfadiazine (avoid on face) 

¢ Sulfamylon for ears 

e Alternative agents include bacitracin or polymyxin B 
ointments 

¢ Cleansing solution such as chlorhexidine prep and water 

e Basin 

¢ Petroleum gauze 

e Several 4x4 gauze pads 

¢ Rolled gauze 

¢ Tape 

¢ Gloves 


Airway, breathing, and circulation and cervical spine 
should be immediately assessed before any burn wound 
management. It is important to remember that any patient 
suspected of an inhalation injury or carbon monoxide poi- 
soning should receive 100 % humidified oxygen until car- 
boxyhemoglobin returns to normal. Inhalation injuries may 
not present themselves until after fluid resuscitation has 
already been started, so early intubation is recommended in 
these cases. 


T. Parry and J. Pepin 
91.4 Sizing 


Total body surface area (TBSA) of body parts is estimated by 
multiples of 9 (Rule of Nines) 


e¢ Adults 
— Head and neck: 9 
— Arms: 9 each 
— Legs: 18 each 
— Trunk: 18 front and 18 back 
— Perineum and palms: 1 
¢ Infants/children 
— Head and neck: 18 
— Arms: 9 each 
— Legs: 14 each 
— Trunk: 18 front and 18 back 


A second way to estimate TBSA in smaller burns is by 
using the palm surface area: using the patient’s palm as a 
guide, each palmar surface equals | %. 

A third way to estimate TBSA is via the use of the Lund 
and Browder chart (Fig. 91.2). 
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Fig.91.2 Lund Browder chart for estimating total body surface area of useful tool for burn injury assessment. Burns. 2007;33(2)195-9, with 
burns, with suggested fluid resuscitation guidelines (Reprinted from _ permission from Elsevier) 
Malic CC, Karoo RO, Austin O, Phipps A. Resuscitation burn card—a 
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91.5 Fluid Resuscitation 


Because fluid resuscitation is absolutely essential in the early 
aspects of burn care, the Parkland formula has been used to 
estimate fluid requirements in burn patients. The patient’s 
weight in kilograms is multiplied by the percent body sur- 
face area (BSA) involved; this number is multiplied by 4 mL 
of lactated Ringer’s solution. Half of this amount is given 
during the first 8 h and the remaining amount is given over 
the next 16 h of resuscitation. The goal is to keep urine out- 
put approximately 0.5—1.0 mL/kg/h. 

In pediatric cases, the Galveston formula may be used 
instead: 5000 mL/m? BSA burned plus 2000 mL/m?. TBSA 
of 5 % dextrose in lactated Ringer’s solution intravenously 
over the first 24 h, half in the first 8 h, and the other half over 
the next 16h. 


91.6 Procedure 


1. Provide appropriate analgesia. 

2. Clean the wound with antiseptic solution and water (if it 
is a dry chemical burn, make sure to brush off as much 
chemical before using copious amounts of water to clean 
the wound). 

3. Debride any loose skin or foreign debris using a dry 4x4 
or rolled gauze. 

4. Apply antibiotic ointment or cream to the burn. 

5. Apply petroleum gauze in a single layer just over the 
affected skin. 

6. Use loose 4x4 gauzes and “fluff’ them to make a thick 
layer of padding to place over the petroleum gauze. 

7. Either wrap the entire area with a rolled gauze or tape a small 
layer of 4x4 gauze over the “fluffed” layer of 4x4 gauze. 


91.7. Complications 


¢ Wound infection 

¢ Nonhealing wound requiring skin graft (deep second- 
degree and third-degree burns) 

¢ Compartment syndrome (circumferential burns may 
require escharotomy) 

¢ Rhabdomyolysis 


91.8 Pearls and Pitfalls 


¢ Pearls 
— Determination of the depth of burns on initial presenta- 
tion is difficult (especially when covered with petroleum). 


T. Parry and J. Pepin 


A good rule of thumb is if it blanches and/or hurts, it is a 
partial thickness burn. 

— First-degree burns are not included in burn size estima- 
tions for fluid resuscitation calculation. 

— Burn size determines fluid requirements and transfer 
decision. 

— Burn of greater than 20 % TBSA should receive intra- 
venous fluids. 

— Patients who have inhalation injury, greater than 10 % 
TBSA, high-voltage electrical injury, or chemical 
burns should be referred to burn unit. 

— Fluid resuscitation should be adjusted according to 
physiological response such as urine output (30- 
50 mL/h in adults and 1 mL/kg/h in children). 

— Assure tetanus is up to date. 

¢ Pitfalls 

— Keep the patient warm in the first few hours. There is 
no need to apply ice. 

— All jewelry and rings should be removed. 

— Prophylactic antibiotics are not recommended. 

— Silver sulfadiazine should be avoided in facial burns 
because of the risk of staining of the skin. 


Blister care is a very controversial topic. Current research 
suggests that it may be beneficial to keep the blister intact 
unless it appears to be tense or over a joint. Most blisters will 
rupture in 2-4 days. Ruptured blisters should be debrided 
with all the extra skin removed. Most burn units will scrub 
everything off once they receive a patient. 

Wounds should be kept clean to prevent an environment 
that will increase the chances of infection. Wrap in saline- 
soaked sterile gauze prior to transfer. 

Dressing changes should be done daily with all previ- 
ously applied antibiotic ointment removed before a reappli- 
cation of new ointment. It is important to provide analgesic 
30 min before a dressing change. 


91.9 Admission Criteria 


¢ Partial-thickness burns of noncritical areas not including 
the eyes, ears, face, hands, feet, or perineum that total a 
BSA of 10-20 % in adults 

¢ Partial-thickness burns of noncritical areas involving 
5-10 % of BSA in children younger than 10 years 

¢ Suspicious of non-accidental trauma 

¢ Patients unable to care for wounds in outpatient settings 

¢ Prompt referral to a burn specialist is required in the fol- 
lowing cases: 

— Partial-thickness and full-thickness burns greater than 
10 % of the TBSA in patients younger than 10 years or 
older than 50 years of age. 

— Partial-thickness and full-thickness burns greater than 
20 % of the TBSA in other age groups. 
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Welcome to Fun with Less Kilowatts! We believe that science experiments at home can be a creative way to engage kids in learning 
while having fun. They can be educational AND great activities to keep your kids busy and away from the television. Each month, we'll 


feature a new science experiment that can be a great resource for parents and teachers. 
The Lectenna 


Did you know you that the energy from radio waves can be converted back into electric energy? It's true and you can make a simple 
two-component circuit that you and your kids can use to find 2.45 Ghz radio waves around your home. These are the same radio waves 
used by microwaves, WiFi network routers, bluetooth devices, smart phones, cordless phones, smart meters, and smart home systems 


that use Zigbee. 


YouTuber pjaffeva posted this brilliant project showing how. Plus, there’s also a link to a PDF set of instructions on Google Drive that you 


can download. 
The Materials 
e One HLMP-D150 Avago low current LED. Costs about 50¢/each. Available from: Amazon, Digikey, Mouser 


e One Hitachi 1SS106 low capacitance Schottky diode. Pjaffeva recommends this Hitachi-made diode as being the only one in this 
shape that will work. But they're also hard to find. Currently, you can get them from LittleDiode’s ebay store in the UK. Costs $6.38 but 
the bulk of that price is shipping from the UK. 





You'll also need: 


e An operating WiFi router 
e A bamboo kabob skewer 


e Two pieces of tape 
The Directions 


1) Look on the base of the LED and find the side with the flat edge. This marks the negative or cathode side. Carefully splay the two wire 
leads away from each other as far as they will go. Make sure the one adjacent to the negative side gets bent over the flat edge so 


identify it. You can also mark it with a little spot of colored nail polish. 
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Burn Care 


Partial-thickness and full-thickness burns involving 
the face, eyes, ears, hands, feet, genitalia, or perineum 
or the skin overlying major joints. 

Full-thickness burns greater than 5 % TBSA in any age 
group. 

Electrical burns, including lightning injury: significant 
volumes of tissue beneath the surface may be injured and 
result in acute renal failure and other complications. 
Significant chemical burns. 

Inhalation injury. 

Burn injury in patients with preexisting illness that 
could complicate management, prolong recovery, or 
affect mortality. 

Any burn patient in whom concomitant trauma poses 
an increased risk of morbidity or mortality may be 
treated initially in a trauma center until stable before 
transfer to a burn center. 
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— Children with burns seen in hospitals without qualified 
personnel or equipment for their care should be trans- 
ferred to a burn center with these capabilities. 

— Burn injury in patients who will require special social 
and emotional or long-term rehabilitative support, 
including cases involving suspected child abuse and 
neglect. 


Selected Reading 


Bezuhly M, Fish JS. Acute burn care. Plast Reconstr Surg. 
2012;130(2):349e-58. 

Rex S. Burn injuries. Curr Opin Crit Care. 2012;18(6):671-6. 

Wasiak J, Cleland H, Campbell F, Spinks A. Dressings for superficial 
and partial thickness burns. Cochrane Database Syst Rev. 
2013;(3):CD002106. 
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92.1 Indications 


¢ Open wound of skin or mucosal tissues 
¢ Purpose 
— Preserve function 
Control bleeding 
— Promote healing 
— Cosmesis 


92.2 Contraindications 


¢ Wounds caused by animal or human bites 
¢ Contaminated, infected, or puncture wounds 
¢ Complex wounds (may require operating room) 


92.3 Methods 


¢ Suture placement 
¢ Tissue adhesives 
e Adhesive tapes 

¢ Staples 
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92.4 Preparation 


Obtain a complete history of injury 

— Mechanism 

— Time since injury 

Tetanus status 

— Comorbidities 

Examine the extent of the wound, remove any contami- 
nants, debride devitalized tissue, inspect for foreign bod- 
ies. Obtain a radiograph if foreign body is suspected. 
Copious irrigation with normal saline. 

Clean around the wound with a_ povidone-iodine 
solution. 

Drape the area in sterile manner. 

Inject the anesthetic agent into the wound edges using a 
25- or 27-gauge needle. The most common agent is lido- 
caine 2 % with or without epinephrine | % (maximum 
dose is 3 mg/kg without epinephrine and 5 mg/kg with 
epinephrine). 

Close the wound using the appropriate technique (see 
later). 

Dress the wound. 

Update tetanus and diphtheria vaccination if needed. 
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92.5 Suture Repair 

92.5.1 Materials and Medications 

¢ Commercial kits commonly contain all the following 
except the suture material (Fig. 92.1) 


— Povidone-iodine solution 
— Normal saline for irrigation 


O.M. Berrett et al. 


— 5-to 12-mL syringe with a 25-gauge needle 
— Anesthetic agent 

— Needle holder 

— Pickups 

— Suture scissors 

— Suturing material 

— Sterile drape or sheet, gloves, gauze 





Fig. 92.1 Suture kit 
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92.5.2 General Guidelines ¢ Absorbable 
— Undergo rapid degradation in tissues, losing their ten- 

¢ Local anesthetic lidocaine | % or lidocaine 1 % with sile strength within 60 days 

epinephrine. — Indication: buried suture to reduce wound edge 
¢ Minimize direct use of instruments on the tissues. tension 
¢« Wound edges should be everted to maximize healing and — Vicryl: subcutaneous placement, mucous membranes 

cosmetic effect. This is achieved by inserting the needle at — Chromic: use for intraoral lacerations 

90° to the skin. — Removal not required 


e Sutures should be evenly spaced, placed 1-3 mm apart 
and 2 mm from the wound edge. 
¢ Optimal tension is achieved by tying the sutures so the 
edges lightly approximate. 92.5.4 Suture Size 


¢ 0.0-2.0: thick material for large wounds, trunk 
e 0.3-0.4: used on medium-sized wounds, extremities, 
92.5.3 Suture Material scalp 
e 0.5-0.6: fine sutures, used on facial wounds 
¢ Nonabsorbable 
— Silk: for specialty use, reactive and weak 
— Nylon (Ethilon), polypropylene (Prolene): good 
strength, good overall material for cutaneous wounds 
— Polypropylene: good strength, difficult to use 
— Require removal at a specified time 
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92.5.5 Suture Techniques 


¢ Simple interrupted sutures (Fig. 92.2) 

— Most common method 

— Position needle 2 mm from the wound edge at a 90° angle. 
Enter the needle into the skin and arc through the wound 
edge and into the opposing edge at the same level, exiting 
the skin on the opposing side 2 mm from wound edge, tie. 

¢ Deep dermal suture (Fig. 92.3) 

— Also known as buried sutures, used to minimize ten- 
sion in a wound. 

— Use absorbable suture material. 

— The needle is placed at the base of the wound wall and 
arched upward, exiting the ipsilateral wall more superfi- 
cially. The needle is then directed across to the opposing 
wound wall at the same level and directed downward, exit- 
ing deep, tie. Note: The knot will be deep in the wound. 

¢ Simple running suture (Fig. 92.4) 

— This method provides rapid closure of long and rela- 
tively linear lacerations. 

— Place the initial suture in the same manner as a simple 
suture, tie, cut the free strand, and leave the needle 
attached. Reintroduce the needle into the skin on the 
opposite side so the suture crosses the wound superfi- 
cially at a 65° angle. The needle is then inserted perpen- 
dicular to the skin, emerging on the opposite side about 
3 mm from the wound edge. Repeat without tying until 
closure is complete, maintaining appropriate tension. 
When the last stitch is placed, leave a loose loop of 
suture on one side so that both ends can be tied together. 

¢ Vertical mattress suture (Fig. 92.5) 

— Provides the benefits of both simple and deep tech- 
niques. For use on deeper, gaping wounds and wounds 
over high-tension areas such as joints. 

— Position the needle 1 cm from skin edge, at a 90° angle, 
drive a deep arc perpendicular through the wound, 
exiting the skin on the opposing side the same distance 
from the wound edge. Next, reinsert the needle on the 
ipsilateral side 2 mm from the edge, emerging on the 
opposing side and approximate, tie. 

¢ Horizontal mattress suture (Fig. 92.6) 

— For large wounds with tension. 

— Place the initial suture in the same manner as a simple 
suture, only do not tie. Reposition the needle on the 
ipsilateral side, horizontally 5 mm to the side of the 
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exit at the same distance from the wound edge and 
drive through to the other side, tie. Note: The tie lies 
parallel to the wound. 

¢ Half-buried horizontal mattress suture (Fig. 92.7) 

— Used on wounds with skin flap. 

— On one side, drive the needle percutaneously, and then 
pass horizontally through the dermal tissue of the tip of 
flap, finally passing into the dermis of the opposing 
edge and exiting the skin, tie. 


92.5.6 Recommendations 


¢ Face 
— 5.0-6.0 nylon. 
— Remove after 3-5 days. 
¢ Scalp 
— 2.0-3.0 nylon or staple. 
— Remove at 8-10 days. 





Fig.92.2 Simple suture 
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e¢ Hand 
— 4.0-5.0 nylon, consider vertical or horizontal 
mattress. 
— 5.0-6.0 Monocryl for nail bed. 
— Remove at 10-14 days, use for a longer time if directly 
over the joint. 
e Extremity 
— Nonmobile skin: 3.0-4.0 nylon, remove at 8—10 days 
— Over joint: 3.0-4.0 nylon, remove at 10-14 days 
¢ Trunk 
— Anterior trunk: 3.0-4.0 nylon, remove at 8-10 days. 
— Posterior trunk: 2.0—3.0 nylon, remove at 10-14 days. 
— Consider staples. 
¢ Oral mucosa 
— Thin mucosa: 4.0 Vicryl will absorb; duration, 
5-7 days 
— Tongue: 3.0 Vicryl will absorb; duration, 5—7 days 











Fig.92.4 Running suture 





Fig. 92.3 Deep suture 
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Fig. 92.5 Vertical mattress suture Fig. 92.6 Horizontal mattress suture 
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Fig. 92.7 








Half-buried horizontal mattress suture 
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92.6 Alternative Methods of Wound 
Closure 


92.6.1 Cyanoacrylate Tissue Adhesives 


See Chap. 93. 


92.6.2 Adhesive Tape 


¢ Advantages 
— Rapid and painless application 
— Inexpensive 
— Good cosmetic result 
¢ Disadvantages 
— Minimal strength 
¢ Contraindications 
— Allergy to product 
¢ Precautions 
— For use with wounds under little tension 
¢ Procedure 
— Thoroughly clean the wound as described previously. 
— Approximate the wound edges. 
— Apply adhesive tape directly over the wound with 
2-3 mm of space between strips. 
— An adjunct adhesive, such as benzoin, may be used to 
improve durability. 
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92.6.3 Staple Closure (Fig. 92.8) 


— Advantages 
— Rapid 
— Inexpensive 
— Disadvantages 
— Minimal strength 
— Contraindications 
— Wounds on face, hands, or feet 
— Procedure 
Thoroughly clean the wound as described previously. 
Anesthetize the wound edges. 
Approximate the wound edges (may require an addi- 
tional set of hands). 
Apply staples. 





Fig. 92.8 Staple 
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92.7. Pearls and Pitfalls 


¢ Pearls 
— Sutures should not remain in place longer than the rec- 
ommended period. If the wound is not completely 
healed, sutures should be removed and an adhesive 
tape may be used for edge approximation. 
— Remember to verify tetanus status. 
— Antibiotics should be used judiciously. 
¢ Pitfalls 
— Wound infection. 
— Incomplete healing may lead to wound separation. 
Tissue reaction to suture or adhesive materials. 
Allergy to anesthetic agent. 


Selected Reading 


http://apps.med.buffalo.edu/procedures/repairoflacerations.asp?p=17. 
Accessed 19 May 2014. 

Singer AJ, Hollander JE. Methods for wound closure. In: Ma OJ, Cline 
DH, Tintinalli JE, Kelen GD, Stapczynski JS, editors. Emergency 
medicine manual. 6th ed. New York: McGraw Hill; 2003: Chap. 13, 
Fig. 13-14. 

Singer AJ, Hollander JE, editors. Laceration and acute wounds: an 
evidence-based guide. Philadelphia: FA Davis; 2003. p. 122. 

University of Connecticut Health Center, suturing 101. fitsweb.uchc. 
edu/suturing101. Accessed 19 May 2014. 

Zuber TJ. The mattress sutures: vertical, horizontal and corner stitch. 
Am Fam Physician. 2002;66:223 1-6. 
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93.1. ‘Indications 


e Small superficial skin incisions or laceration repairs 


which require 5.0 or smaller-diameter sutures. 


93.2 Contraindications 


e¢ Absolute 
— Large irregular/stellate lacerations 
— Infected/contaminated wounds 
— Animal/human bites 
— Puncture wounds 
— Crush wounds 
— Skin ulcers 


— Mucous membranes and mucocutaneous junctions 


— Axillae and perineum (owing to high moisture) 
¢ Relative 

— Wounds on extremities (unless kept dry) 

— Joints (unless kept immobilized with a splint) 
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93.3 Materials and Medications 


Dermabond (2-octyl cyanoacrylate) 
Betadine (povidone-iodine) solution 
0.9 % normal saline solution 
20-mL sterile syringe 

Sterile gloves 

Dry 4x4 gauze 


93.4 Optional Materials 


Topical anesthesia 

1:1000 epinephrine solution 

Forceps 

Bacitracin ointment or sterile petroleum jelly ointment 
Gown and protective eyeglasses 

Splint 
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2) Next, find the band that runs around the Schottky diode. This identifies the negative end of this diode. The other end is the positive or 


anode end. 
Using your fingers: 
3) Twist the end of the negative or cathode wire from the LED onto to the positive or anode end of the Schottky diode. 


4) Then twist the end of the negative or cathode end of the Schottky diode onto to the positive or anode end of the LED. 





You have just made a “rectenna’” and you'll need to keep the assembly and the wires straight as possible. The length of the wires should 


be about 6 cm long (a hair short of 2 3/8 inches). 

5) Tape the two diodes to one end of the bamboo skewer. 

6) With a WiFi router on and running, hold the diode near an antenna on the WiFi router. 
The Result 


The LED should light up as it draws closer to the antenna (signal). The further away it is, the weaker the signal and the less it can grab 
to light up. 





The Science 


The WiFi routers uses radio waves to transmit data to and from computers and other devices in your home. Radio waves behave like 
water in a glass, they ripple or oscillate at a certain number of times or frequency per second. A radio wave’s wavelength is the distance 


covered by one complete cycle of a radio wave — from peak to valley. 


Radio waves used by WiFi routers, bluetooth devices, microwaves, etc., broadcast signals in the 2.45 gigaherz (Ghz) range or 2.45 


billion oscillations per second. That means the signal wavelength is about 12 cm. To pick up signal, however, you only need an antenna 
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93.5 Procedure 


1S) 


. Have the patient rest comfortably on a chair or bed. 
. Use universal precaution measures: sterile gloves (gown 


and eye-screen, if necessary for wound irrigation). 


. Wash the wound with 0.9 % normal saline irrigation. 
. Use a topical anesthetic such as LET (lidocaine, epi- 


nephrine, tetracaine) or EMLA (eutectic mixture of 
local anesthetics) cream (lidocaine and prilocaine), or a 
1:1000 epinephrine solution soaked into gauze can be 
used to achieve hemostasis in a bleeding wound. 


. Approximate the edges of the wound with fingers. 


Toothed forceps or other skin approximation devices 
may be used as an adjunct. Apply bacitracin ointment or 
Vaseline to the tips of the forceps and wipe off the excess 
to prevent sticking of Dermabond glue to the forceps. 


. Crush Dermabond vial between the thumb and the finger 


while in the inverted position until the adhesive is seen 
at the applicator tip (Fig. 93.1). 


15. 


PS. Patel and L. Ganti 


. Squeeze gently until a drop of adhesive forms at the 


applicator tip. 


. Gently brush the adhesive at the applicator tip over the 


approximated wound edges (Fig. 93.2). (Do not force or 
press the applicator tip over the wound.) 


. Cover the entire wound with single coat of adhesive. 
. Hold the wound edges for 30 s to 1 min until it dries. 
. Apply two or three more coats of adhesive over and 


around the wound in a circular or oval movement to pro- 
vide extra strength. 


. Wipe off extra adhesive in the surrounding skin with 


gauze if needed. 


. Apply a splint (optional) to provide wound stability over 


the joints. 


. Recommend the patient to keep the wound dry for 


4—5 days. Patients may shower but should be instructed 
to pat dry instead of rubbing a towel over the skin. 

No topical antibiotic ointment is required before or after 
application of Dermabond. 





Fig.93.1 (a) Before the tip has been crushed. (b) The purple Dermabond is in the tip 
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93.6 Complications 


¢ Wound dehiscence 
¢ Wound infection 


93.7. Pearls and Pitfalls 


¢ Pearls 
— Advantages of tissue adhesives for wound repair com- 
pared with sutures include faster repair time, better 
acceptance by patients (especially children), water- 
resistant covering, and no need for a second visit to 
remove sutures (sloughs off in 5—10 days). 
¢ Pitfalls 
— Dermabond is a super adhesive. Take care not to 
have the glove, finger, drape, gauze, or instrument 
inadvertently stuck to the wound or the patient by 
having a bacitracin or petroleum jelly coating around 
the wound, on gloved fingers, and on forceps as 
needed. 


Selected Reading 





Bruns TB, Worthington JM. Using tissue adhesive for wound repair: a 
practical guide to Dermabond. Am _ Fam _ Physician. 
2000;61:1383-8. 

Farion K, Osmond MH, Hartling L, et al. Tissue adhesives for traumatic 
lacerations in children and adults. Cochrane Database Syst Rev. 
2002;(3):CD003326. 


Fig. 93.2 Closing the wound: use tip of Dermabond pen to “paint” 
over the laceration 
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94.1 Indications 94.2 Contraindications 


¢ Removal of a fishhook from nonvital structures (Fig.94.1) * Removal of hooks located near/in eyes or eyelids, embed- 
ded near or within neurovascular structures, or embedded 
within vital structures such as peritoneum, testicle, or 
urethra. 

— Fishhooks in these areas require specialist 


Eye consultation. 


94.3 Materials and Medications 
GaP Antiseptic cleansing solutions 
— Betadine (povidone-iodine) 
— Chloraprep 
Shank ——) | , Point + Local anesthetic 
— 1% lidocaine, with or without epinephrine 
¢ Needle drivers or pliers 
¢ 18- or 20-gauge needle 
Barb. 3-0 silk suture or umbilical tape 
¢ Wire cutters 
¢ Protective eyewear 














Bend 


Fig. 94.1 Anatomy of a fishhook 
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94.4 Procedures 


Retrograde technique (Fig. 94.2): simplest, least trau- 

matic, but least successful; good for small to medium 

hooks, superficially embedded hooks, and hooks with no 
barbs or a single barb. 

1. Detach extra hooks, line, or foreign materials (e.g., 
worms, fish, debris). 

2. Cleanse the puncture site and surrounding tissue with 
antiseptic solution. 

3. Infiltrate the entry site and surrounding area with local 
anesthetic. 

4. Apply downward pressure on the shank or shaft of the 
hook, near the eye, thus disengaging the barb from the 
tissue. 

5. Back the hook out of the skin along the path of entry. 

String and yank technique (Fig. 94.3): Good for small to 

medium hooks. Often requires no anesthesia. Good for 

areas of deep soft tissue penetration. Cannot be used on 
parts of the body that are not fixed, such as earlobes. 

1. Detach extra hooks, line, or foreign materials (e.g., 
worms, fish, debris). 

2. Cleanse the penetration site and surrounding area with 

antiseptic wash. 

Consider infiltrating the entry site with local anesthetic. 

4. Wrap 3-0 silk suture, fishing line, or umbilical tape 
several times around the bend of the hook (at the point 
of greatest curvature). 

5. The loose ends of the string need be held tightly. 
Sometimes the loose ends can be more firmly held if 
wrapped around a pencil or tongue depressor. 

6. The skin around the entry site should be well stabi- 
lized, while simultaneously depressing the shank, 
close to the eye of the hook. 

7. While stabilizing the skin and applying downward 
pressure on the shaft, quickly and firmly yank the 
string, in a parallel line to the shaft. Be certain down- 
ward pressure is applied along the shank. 

8. The hook will “fly” out quickly. Be certain to wear eye 
protection. 

Needle cover technique (Fig. 94.4): good method to 

remove large hooks with a single barb, especially if super- 

ficially embedded 
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1. Detach extra hooks, line, or foreign materials (e.g., 
worms, fish, debris). 

2. Cleanse the penetration site and surrounding area with 
antiseptic wash. 

3. Infiltrate the entry site and surrounding area with local 
anesthetic. 

4. Advance an 18-gauge needle along the entrance 
wound of the hook. Pass the needle parallel to the 
shank. The bevel should be pointed downward, toward 
the barb and point. 

5. The needle is advanced until it disengages the barb, 
entrapping it within the needle lumen. 

6. The hook and needle are advanced just enough to dis- 
engage the barb. 

7. The hook and needle are withdrawn along the track of 
the wound. 

Advance and cut technique (Fig. 94.5). Almost always 

successful but does cause additional tissue trauma. 
1. Detach extra hooks, line, or foreign materials (e.g., 
worms, fish, debris). 
2. Cleanse the penetration site and surrounding area with 
antiseptic wash. 
3. Infiltrate the entry site and surrounding area with local 
anesthetic. 
4. If the hook has a single barb: 
¢ Grip the hook on the shank, near the bend, with 
either a needle driver or pliers. 

¢ Push the hook through along its natural trajectory, 
until the point and barb pass completely through 
the skin. 

¢ Clip the point proximal to the barb. Be certain to 
wear eye protection because the point can fly off in 
an unpredictable direction. 

¢ Withdraw the hook out back along its entry path. 

5. Ifthe hook has multiple barbs (Fig. 94.6): 

¢ Grip the hook on the shank, near the hook’s bend 
with either a needle driver or pliers. 

¢ Push the hook through along its natural trajectory, 
until the point and barb pass completely through 
the skin. 

¢ Clip the eye of the hook with wire cutters. 

¢ Grasp the point and withdraw the hook through the 
skin forward along its natural course. 
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Eye and shank 
pressed firmly 
downward 













3-0 Silk tie wrapped 
several times around 
bend of hook 





Fig. 94.3 String and yank technique 


Fig. 94.2 Retrograde technique. 7 Push down along whole shank and 
slightly forward to release the barb. 2 Pull back and out along hook’s 
entry path, applying steady downward pressure 






Pass 18-G needle through 
hook’s entry. 


Follow hook’s bend, 
keeping needle’s 
bevel downward 
along line of bend. 


Capture barb in bevel, 
then gently pull needle/hook 
unit out of skin along path. 


Fig. 94.4 Needle technique 
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Single barb 
Multi-barb 


M 






Clip here Clip here 


Fig.94.5 Advance and cut technique Fig.94.6 Advance and cut a hook with multiple barbs present 
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94.5 Postremoval Wound Care 


¢ Immune competent, without peripheral vascular disease: 
1. Explore the wound for possible foreign bodies. 
2. Irrigate or scrub the wound copiously with soapy 
solution. 
3. Apply antibiotic ointment and sterile dressing. 
4. Tdap (or Dtap) should be given to anyone in whom the 
last tetanus booster has been longer than 5 years. 
5. Wound check in 24-48 h with care provider. 
¢ Immunocompromised or a patient with peripheral vascu- 
lar disease: 
1. As previously. 
2. Give strong consideration to treating prophylactically 
with antibiotics, choosing a fluoroquinolone, third- 
generation cephalosporin, or aminoglycoside. 


94.6 Complications 


¢ Infection 

¢ Retained foreign body 

¢ Injury to neurovascular structures, if method of removal is 
not carefully selected 

¢ Injury to provider if adequate (eye) protection not used 


94.7 Pearls and Pitfalls 


¢ Pearls 
— Begin with either the retrograde method or the string- 
yank method, because these result in less tissue damage 
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and are the easiest to perform, although they have the 
lowest rate of success. 

— Eye protection is imperative, especially if utilizing the 
string-yank method or clipping any portion of the hook 
(eye or point) because the retraction of the hook, or its 
parts, is generally at a high velocity and travels an 
unpredictable path. 

— When trying the advance and cut technique, stop 
immediately if, when advancing the hook, impasse, or 
resistance is met because this may indicate bone or 
neurovascular structures are blocking the natural path 
of the hook. 

— Fishhooks that embed into or near the eye or lids 
should be covered with a metal patch or cup and the 
patient should be sent (immediately) for ophthalmo- 
logic consultation. 

— Close follow-up is imperative to watch for signs of 
infection. 

¢ Pitfalls 

— When utilizing the advance and cut technique, do not 
cut anything until certain there is another portion of the 
hook on which to grasp. 


Selected Reading 
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2001;63:223 1-7. 
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Texas Fish and Game, LLC. July 2003. Accessed 23 June 2014. 





Tick Removal 95 


David N. Smith and Judith K. Lucas 


95.1 ___ Indications 


¢ Tick attachment to the skin 


95.2 Contraindications 


¢ None 


95.3 Materials and Medications 





¢ Gloves 

¢ Skin disinfectant (commercially available product, 
such as Chloraprep, isopropyl alcohol, or Betadine Fig.95.1 Place the forceps as close to the mouth of the tick as possi- 
[povidone-iodine]) ble, hold firmly, and pull straight up with steady gentle traction 


¢ Fine-toothed forceps 


95.4 Procedure t 


1. Comfortably position the patient with the tick site 
exposed. 

2. Grasp the tick as close to the skin surface as possible 
(e.g., grasp the mouth parts). 

3. Gently pull upward with steady, nontwisting, even trac- 
tion (Figs. 95.1 and 95.2). 

4. After removal, clean the bite area and apply antibiotic 
ointment. 
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95.5 Complications 95.6 Pearls and Pitfalls 

¢ Multiple diseases including: ¢ Pearls 
— Lyme disease — Do not twist or jerk the tick out (may cause breakage 
— Human granulocytic and monocytic ehrlichiosis of mouth parts; they may remain in the skin). 
— Babesiosis — Do not squeeze the body of the tick. 
— Relapsing fever — Do not use a hot match, gasoline, or other noxious 
— Rocky Mountain spotted fever stimulus for removal (causes irritation of tick and 
— Colorado tick fever release of internal contents). 
— Tularemia — Lyme disease transmission increases significantly after 
— Q fever 24—48 h of attachment, so early removal is the key. 

— Tick paralysis — Patients should be monitored for up to 30 days for signs 
¢ Secondary infection (methicillin-resistant Staphylococcus of tick-borne diseases, including erythema migrans 
aureus [MRSA] and group A streptococcus). (bull’s-eye rash) indicating Lyme disease (Fig. 95.3). 
¢ Scratching can lead to lichenification. — Prophylactic antibiotic treatment, a single dose of doxy- 
¢ Rare cases of alopecia when tick located in the scalp. cycline, is used only in patients with an identified Ixodes 


scapularis tick that has been attached for longer than 36 h 

and if treatment can start within 72 h of tick removal. 

— Serological testing for Lyme disease is not indicated 
for a reported tick bite. 

¢ Pitfalls 

— Use of lidocaine subcutaneously can irritate the tick 
and cause it to regurgitate its stomach contents, 
increasing the risk of disease transfer. 





Fig. 95.3 Erythema migrans (the bull’s-eye rash), the rash typically 
associated with Lyme disease. Often the rash is so pale as to go 
unnoticed 
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The “Rectenna”: Because the radio waves cause voltage to 7 ow one direction and then the opposite direction, the current is called an 
alternating current (AC). By connecting a diode to both poles of the antenna it converts the AC current to flow only in one direction, 


called direct current (DC). The antenna becomes a “rectenna”. 


How the diodes work: The diodes work as one-way valves for electricity, allowing voltage to flow forward but not back. In the case of 
the rectenna, AC current caused by the radio wave sends a positive charge down one of the antenna poles and then the other. By 
putting the Hitachi 1SS106 diode across both poles, the diode only lets the positive charge coming down one of the antenna poles 
through. The LED is actually a Light Emitting Diode and works the same way as a regular diode except that when it’s on, it lights up. 
Meanwhile, Schottky diodes turn on at a lower voltage than other diodesand because the rectenna can only catch a fraction of the WiFi's 
broadcast power, the Schottky diode can rectify that little bit of AC to DC. 


Anode 
(+) 


Cathode 
(-) 







Cathode 
(-) 


When we connected our diodes together, their polarity formed a loop that only allowed voltage to flow one way and thus light the LED. 


Brilliant job, pjaffeva! 


Do you have any fun and kid-friendly science experiments you'd like to see us try for Fun with Less Kilowatts? Share with us in the 


comments! 
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Pratik S. Patel and Latha Ganti 


96.1 Causes 


¢ Crushing injury to the finger or toe 
¢ Ill-fitted shoes/inadequate space for toes 


96.2 Indications 


¢ Pain that is not tolerable with nail edges intact 


96.3 Contraindications 


¢ Relative 

— Disrupted nail edges 

— Tolerable pain that can be managed conservatively 
Skin infections around toe/finger 
Bleeding disorder 
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96.4 Materials and Medications 


¢ 18-gauge needle 

¢ Betadine (povidone-iodine) solution 
¢ Gloves 

¢ Topical antibiotic 


96.4.1 Optional materials 


¢ Electrocautery tool 

¢ Paper clip or sewing needle and sterilizing flame 
¢ Finger splint 

¢ Lidocaine (1 or 2 % with epinephrine) 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_96 


557 


558 


96.5 Procedure 





. Have the patient rest the affected finger comfortably on 


a flat surface. 


. Use universal precaution measures: gloves, gown, and 


eye screen. 


. Sterile skin preparation with Betadine. 
. Optional (for complicated subungal hematoma): use | or 


2 % lidocaine with epinephrine for providing local digi- 
tal block. 


. Using the thumb and index finger gently twist the 


18-gauge needle with light pressure over the base of 
the nailbed or in the center of the hematoma until no 
resistance is felt. Do not apply any further pressure in 
order to avoid nailbed damage. Nail penetration is 


Fig.96.1  Subungal hematoma of right index finger 


P.S. Patel and L. Ganti 


confirmed by return of dark blood from the hole. This 
procedure is known as trephination (Figs. 96.1 and 
96.2). 


. Apply light pressure around the tip of the finger and 


hematoma to facilitate drainage. In case of continuous 
bleeding elevate the digit and apply firm and continuous 
pressure over the nail with a gauze piece. 


. Apply topical antibiotic ointment (e.g., bacitracin) over 


the puncture hole. 


. Apply a gauze dressing or a bandage over the wound 


site/fingernail. 


. Apply a finger splint (optional) to provide additional 


comfort. 


. Recommend the patient to keep the finger or toe dry 


(avoid soaking) and elevated for 1-2 days. 





Fig. 96.2 Positioning of needle to perform subungal hematoma 
drainage 


96 Subungal Hematoma Drainage 
96.6 Complications (Rare) 


¢ Infection 

e Injury to nail bed or underlying bone if too much pressure 
is applied with puncture 

¢ Onycholysis when there is incomplete drainage in rare 
cases 


96.7. Pearls and Pitfalls 


° Pearls 

— Multiple holes may be necessary for appropriate drain- 
age of the hematoma. 

— When using electrocautery for hole puncture, execute 
high caution with acrylic nails because they are 
flammable. 

— When using a paper clip or regular needle, make sure 
to sterilize the tip over a flame. 
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Take a radiograph of the finger whenever necessary to 
rule out phalangeal fracture. 

Check for avulsion of the extensor tendon. 

Inform the patient that the existing nail may fall off 
and will regenerate in few months if the nailbed is 
intact. 

Systemic or oral antibiotics are not recommended. 


¢ Pitfalls 


Development of a dark color change over the nailbed 
without any history of trauma should raise suspicion of 
a tumor and should be evaluated accordingly. 

Do not remove the nail to evaluate injury to nailbed. 


Selected Reading 


Brown RE. Acute nail bed injuries. Hand Clin. 2002;18:561-75. 

Dean B, Becker G, Little C. The management of the acute traumatic 
subungual haematoma: a systematic review. Hand Surg. 
2012;17:151-4. 


Nicholas D. Caputo, Karlene Hosford, 


and Muhammad Waseem 


97.1 Indications 


e Abscess greater than 5 mm in diameter and in accessible 


areas (e.g., axilla, extremities, trunk) 


97.2 Contraindications 


e¢ Absolute 
— Absence of fluctuation 
— Large, deep, and 
abscesses 
— Location 
¢ Perianal 
¢ Mastoid 
¢ Relative 
— Location 
¢ Face (e.g., nose, nasolabial fold) 
¢ Palms 
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complicated (multiloculated) 


Coagulopathy 

Recurrent pilonidal cysts (may mandate operative 
excision) 

Area of cosmetic importance where aspiration may be 
preferred 


97.3 Materials and Medications 


¢ Incision and drainage tray (Fig. 97.1) 


Drape 

Betadine (povidone-iodine) swabs 

1 % lidocaine 

18- and 27-gauge needles 

12-mL syringes, gauze pads 

#11 scalpel, mosquito clamps (hemostat) 
Iodoform packing of appropriate size 


¢ Ultrasound machine (Fig. 97.2) 
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Fig. 97.1 Supplies necessary for 
incision and drainage 








Fig.97.2 Bedside SonoSite ultrasound 
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Incision and Drainage of Abscess 





97.4 Procedure 


1. Ultrasound (optional) may be helpful when abscess is 


suspected in the absence of fluctuation. Using the vascu- 
lar probe (7 mHz), confirm the clinical suspicion of 
abscess and check the depth and width of the abscess 
(Fig. 97.3). 


. Sterile skin preparation with Betadine swab and sterile 


drape. 


. Anesthetize the appropriate area subcutaneously with 


5 mL of 1 % lidocaine by inserting the 27-gauge needle at 
an acute angle into the intradermal space (Fig. 97.4a, b). 


. Using a #11 blade, make an approximately 1- to 2-cm 


skin incision over the desired area parallel to the Langer 

lines. The incision must approach into the abscess cavity 

(Fig. 97.4c). 

¢ Some physicians still advocate the technique of mak- 
ing a cruciate incision. This may leave a larger scar 
and should be discussed with patient before doing so 
because of cosmetic consequences. 
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. Allow for spontaneous drainage. After resolution of 


drainage, you may express more pus with gentle down- 
ward pressure. 


. Using the hemostat, enter the incision to break any sus- 


pected loculations. This should be done with the clamps 
closed and curved part down. The clamps should then be 
opened and removed slowly (Fig. 97.4d). 


. After clearing the remaining loculations, the wound 


should be packed. 

e Evidence suggests that packing the abscesses 
does not prevent recurrence; however, this is still 
practiced. If packing the wound, follow the next 
step. 


. Take the iodoform packing with the hemostat, and place 


the packing into the incision site until no further packing 
will fit. 


. Cut the packing leaving a tail out of the incision site 


(Fig. 97.4e). 


. Apply dressing with 4x4 gauze and adhesive tape 


(2 in.). 





Fig. 97.3 


(a) Example of an abscess as viewed on bedside ultrasound. (b) A multiloculated abscess 
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Fig.97.4 (a) Abscess with overlying erythema. (b) Lidocaine injection in the superficial layer. (c) Linear incision with #11 blade. (d) Expression 
of purulent material and breaking of loculations with clamps. (e) Optional placement of packing 


97 Incision and Drainage of Abscess 
97.5 Complications 


¢ Recurrence of abscess 
¢ Progression of cellulitis 
¢ Neurovascular injury to adjacent structures 


97.6 Pearls 


Antibiotic coverage is a controversial topic. Methicillin- 
resistant Staphylococcus aureus (MRSA) is a concern not 
only in the immunocompromised and diabetic patients. S. 
aureus has been detected in up to 51 % of patients with 
abscesses. Of these isolates, approximately 75 % were 
MRSA. Bactrim (trimethoprim/sulfamethoxazole) should be 
utilized for all prophylactic measures. 
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Part XIll 


Orthopedic Procedures 


Christopher H. Stahmer and Muhammad Waseem 


98.1 Indications 


¢ Need for immobilization for fracture, dislocation, or soft 
tissue injury 

¢ Suspicion for occult injury of an extremity 

¢ Immobilization for pain management 


98.2 Contraindications 


¢ Absolute 

— Open fracture (requires operative intervention) 
¢ Relative 

— Infection 

— Compartment syndrome 


98.3 Materials and Medications (Fig. 98.1) 


¢ Plaster of Paris 
¢ Fast drying: 5-8 min to set 
e Extra fast drying: 2-4 min to set 
— Variety of widths depending upon splint of choice: 
— Splints may take up to 2 days to dry and achieve maxi- 
mum strength. 
¢ Prefabricated splinting materials 
— Plaster OCL® (Orthopedic Casting Laboratories) 
¢ 10~20 sheets of plaster with padding and cover 
¢ Faster setup time but less customizable 
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— Fiberglass splints 
¢ Cure rapidly 
¢ Less messy 
¢ Less moldable 
¢ Stronger and lighter 
Stockinette. 
— Protects the skin. 
— Variety of sizes available. 
Soft wrap (Webril™). 
— Provides padding. 
— Five to six layers depending on anticipated swelling. 
¢ Too much padding reduces the stability of the 
splint. 
Use extra padding over bony prominences. 
Pad between digits for splinting of digits. 
— Avoid wrinkles, which generate pressure points. 
— Do not wrap circumferentially. 
¢ Increased risk of ischemia. 
Ace wraps. 
— Variety of sizes depending. 
¢ Larger widths over legs. 
¢ Narrow widths around fingers and joints. 
— Avoid bunching by using narrow widths at joints. 
Water 
— Warm water and splint sets more quickly but increases 
the risk of burns. 
¢ Splint drying is an exothermic or heat-releasing 
reaction. 
— Hot water leaves less time to mold the splint. 


| 
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Fig. 98.1 Posterior splint materials: plaster of Paris, Ace wraps, soft 
roll. Note there are two layers of soft wrap: the inner layer to face the 
patient (eight layers) and the outer layer to pad the exterior (two 
layers) 
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98.4 Procedure 


fon 


. Completely expose and examine the afflicted body part 


for tissue, vascular, or neurological injury. 
¢ Address respective injuries before proceeding. 


. Lay out all splinting materials before initiating procedure. 


¢ Layer plaster of Paris. 
— Upper extremity: 8-10 layers. 
— Lower extremity: 12-15 layers. 
— Up to 20 for a large person. 
— More layers of plaster of Paris increase the risk of 
burn and the weight of the splint. 


. Administer appropriate anesthesia. 


¢ Conscious sedation 

¢ Hematoma block 

¢ Intra-articular injection 

¢ Intravenous pain medication 
¢ Oral pain medication 


. Hang fractures as indicated for improved success of 


reduction to relax muscles before reduction attempt. 


. Reduce afflicted extremity. 
. While maintaining reduction, apply respective splint. 
. Apply in the following order for plaster of Paris splint. 


¢ Stockinette (not necessary). 
¢ Soft wrap. 
¢ Select appropriate layers of plaster of Paris. 
¢ Prepare plaster of Paris to create splint: 
— Layer plaster with no overlap. 
— Submerge completely into water. 
— Crumple into ball without letting go of the ends of 
the splint. 
— Release the lower end of the splint while holding 
the top tightly together. 
— Run fingers in a “squeegee” manner from top to 
bottom to smooth the splint (Fig. 98.2). 
¢ This also removes excess water. 
¢ Repeat until the splint is smooth and free of drip- 
ping water. 
— Apply soft wrap layers to the splint. 
¢ Apply thicker layer to the patient’s body. 
¢ Apply two or three layers of soft wrap to the exte- 
rior of plaster of Paris for padding and to facilitate 
drying. 
— Apply Ace wrap to hold the splint and assist in con- 
touring the splint to the patient’s extremity 
(Fig. 98.3). 
¢ Applying the Ace wrap too tightly may cause 
ischemia. Observe the patient after splinting for 
30 min for tingling, burning, pain, or 
discomfort. 
— Mold the splint without making indentations with 
the fingertips (Fig. 98.4). 
¢« An indentation may cause a pressure point, 
which may result in an ulcer. 
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Fig. 98.2 Hold the top of the saturated plaster securely with one hand Fig. 98.3 Apply Ace wrap to hold the splint and assist in contouring 
while removing excess water with the other hand the splint to the patient’s extremity 


Fig. 98.4 Hold the splint in a 
neutral anatomical position while 
taking care not to make 
indentations with the fingertips 
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— Allow the splint to cure while the practitioner main- 
tains the appropriate position. This will take approxi- 
mately 5 min depending upon water temperature and 
splint thickness. 


98.5 Complications 


¢ Ischemia may result in compartment syndrome. 
— Advise the patient to unwrap the splint for the follow- 
ing indications. 
¢ Increasing pain. 
¢ Discoloration of fingers, toes, or the splinted 
extremity. 
¢ Loss of sensation of splinted extremity. 
¢ Burns 
— Plaster drying releases heat. 
— Increased risk with limited layers of padding. 
— If pain is troubling the patient, remove the splint and 
add more padding. 
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e Pressure sores 

— Apply ample padding. 

— Smooth all wrinkles. 

— Instruct the patient to return for increased discomfort. 
¢ Infection 

— Clean and débride all devitalized tissue before 

application. 
— Requires close follow-up to reevaluate wounds. 
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99.1 __ Indications 


¢ Fractures and soft tissue injuries of the ring or little 


finger 


¢ Fractures of the neck, shaft, or base of the fourth or fifth 


metacarpal 


99.2. Contraindications 


¢ Relative 


— Evidence of compartment syndrome or any neurovas- 


cular compromise 
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99.3. Materials (Fig. 99.1) 


Splint roll (plaster of Paris, prefabricated foamcore, or 
fiberglass) 

Stockinette 

Cotton padding, such as simple cotton sheet wadding or a 
newer alternative such as Webril (Curity), Specialist 
(Johnson & Johnson), and so on 

Elastic bandages, such as Ace (3M) or similar 

Shears 

Adhesive tape 

Gloves 
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Fig. 99.1 Materials and medications 
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99.4 Procedure 8. Apply the dry splinting material to the ulnar aspect of 


. Select the appropriate diameter stockinette according to 

the size of the forearm. 

¢ Generally, 3-in. diameter stockinette is used for the 
ulnar gutter splint. 

. Cut the stockinette to a length approximately 20 cm lon- 

ger than the total length of the desired splint. 

. Apply the stockinette to the injured limb so that the 

stockinette extends approximately 10 cm beyond the 

region to be splinted proximally and distally. 

. Cut the distal aspect of the stockinette to free the thumb 

and also the index and middle finger (Fig. 99.2). 

. Insert cotton padding cut to the appropriate size between 

the ring and the little fingers to prevent skin degradation 

(Fig. 99.3). 

. Wrap cotton padding circumferentially around the entire 

region to be splinted, with each turn overlapping the pre- 

vious turn by approximately 25 % of its width. 

¢ Generally, 3-in.-wide padding is used for the ulnar 
gutter splint. 

¢ Apply padding to an approximate thickness of | cm, 
with extra padding placed over the bony prominences 
of the wrist and carpometacarpal joints. 

e Extend the padding at least an inch beyond the desired 
splint length so that it may later be folded back over 
the jagged ends of the plaster or fiberglass splint roll 
(Fig. 99.4). 

. Unwrap and prepare an appropriate length splint. 

¢ The width of splinting material used should be 
approximately one-half the circumference of the 
extremity measured at the wrist, such that it is wide 
enough to extend approximately halfway around the 
distal forearm once applied. 

¢ Layer the splint eight sheets thick if using plaster roll 
and six sheets thick if using fiberglass roll. 

¢ It is best to begin with a generous length of splinting 
material because both plaster and fiberglass splint 
rolls shrink slightly once moistened. If the wet splint 
turns out too long, the ends can be either folded back 
or cut with shears before hardening. 
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18. 
19. 


the extremity from the midforearm to just beyond the 
distal interphalangeal joint of the little finger and cut the 
splint to approximately 20 cm longer than the desired 
length. 


. Submerge the dry splint in water until bubbling stops. 
. Remove the splint from water, place on a hard flat sur- 


face, and smooth out the excess water to ensure no wrin- 
kKles are present. 


. Apply to the splint to the limb over the cotton padding. 


¢ If the splint is too long at this stage, the ends may be 

folded back or cut with shears to the proper length. 
Once positioned properly, fold the side of the splint up 
around the ulnar aspect of the forearm and hand to form 
a gutter (Fig. 99.5). 


. Fold the underlying cotton padding and stockinette back 


over the ends of the splint, which both protects the skin 
and holds the splint in place. 


. Secure the loose end(s) of the elastic bandage with adhe- 


sive tape. 

¢ Avoid using the metal clips often packaged with elas- 
tic bandages because these can become displaced and 
embed in the skin. 


. Manipulate the forearm and hand into the “neutral” 


position: (1) the wrist in slight extension (10—20°), (2) 

the metacarpophalangeal joints in 50° of flexion, and 

(3) the proximal and distal interphalangeal joints of the 

ring and little finger in slight flexion (10-15°) 

(Fig. 99.6). 

¢ When splinting a boxer’s (i.e., metacarpal neck) frac- 
ture, the metacarpophalangeal joint should be flexed 
to 90°. 


. Mold the splint to the contour of the extremity (Fig. 99.7). 


e« Use only the palms of the hands when molding 
because the fingertips may cause indentations, result- 
ing in excessive skin pressure. 


. Wrap the extremity with an elastic bandage in a distal-to- 


proximal direction to secure the splint in place (Fig. 99.8). 
Ensure the extremity is neurovascularly intact. 

Instruct the patient to loosen the elastic bandage if it feels 
too tight. 
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Fig. 99.2 Stockinette applied 
to the forearm and hand 





Fig. 99.3 Cotton padding 
applied to the ring and little 
fingers 
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Fig. 99.4 Cotton padding 
applied to the forearm and hand 





Fig. 99.5 Splint folded around 
the ulnar aspect of the forearm 
and hand 





Fig. 99.6 Forearm and hand 
in the neutral position 
(without splint) 
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Fig. 99.7 Splint molded 
to maintain the forearm 
and hand in the neutral 
position 


Fig. 99.8 Splint secured in 
place with an elastic bandage 





99 Ulnar Gutter Splint 


99.5 Complications 


¢ Neurovascular or other soft tissue compromise (if the 
splint/bandage is too tight) 

¢ Soft tissue degradation (if the splint is left in place too 
long) 


99.6 Pearls and Pitfalls 


¢ Pearls 

— Simple plaster of Paris splints are inexpensive and 
allow a thoroughly customizable fit but can be dam- 
aged by water and require more time to set and more 
clean up than prefabricated foamcore or fiberglass 
splint rolls. 

— Simple fiberglass splints set quickly, are not damaged 
by water, are stronger and lighter than simple plaster 
and prefabricated splints, and offer a fully customized 
fit, but are not applied as quickly as prefabricated 
splints. 

— Prefabricated fiberglass splints are quickly applied, 
require virtually no clean up, and are not damaged by 
water, but are relatively expensive and provide a some- 
what less customizable fit than simple splint rolls. 

— Stockinette protects the skin and, when folded back 
over the ends of the plaster or fiberglass splint roll, 
holds the wet splint in place before the elastic bandage 
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is placed, and provides a padded rim with a profes- 
sional appearance. 
¢ Pitfalls 

— Avoid wrinkling the cotton padding applied between 
the stockinette and the splinting material because, 
once under the pressure of the elastic bandage, wrin- 
kles can cause unnecessary skin pressure. 

— Avoid using more or fewer layers of splinting material 
than recommended. Additional layers can result in 
excessive heat during the setting process and a splint 
that is too heavy, whereas insufficient layers can result 
in a splint that is too weak. 
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An electromagnetic field uses the photon as an elementary particle to transmit force. It combines: 


- Amagnetic field force resulting from the movement of loads pT. 
- An electric field force created by the attraction of repulsion loads, measured in volts per meter - V/m. 


With an energy determined according to the speed of light, the RF are by far the best medium to transmit any 
kind of information. 


The multiplication of wireless communications systems in our environment ensures sufficient microwave 
leakages to harvest from the ambiant and enough energy to convert into DC electricity. Electromagnetic fields are 
everywhere and since they carry energy, they became the best candidate to deliver an endless source of 
renewable energy. 


B is the magnetic induction expressed in T refered to Nikola Tesla, "Father of Free Energy", which is at the 
origin of the electromagnetism. 


Using meta-materials combined with nanotechnology has deeply increased the performance and 
miniaturization of rectennas embedded in K3OPS system. Our products operate autonomously, offering 
an endless supply of green energy in a respectful and environment-friendly approach. 
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100.1 


Katrina Skoog Nguyen, L. Connor Nickels, 


and Rohit Pravin Patel 


Indications 


Subjective history of new-onset dislocation or recurrent 
dislocations combined with clinical assessment consistent 
with shoulder dislocation 

— Anterior dislocations (96 %) 

e Typical mechanism of injury being indirect, with 
combination of abduction, extension, and external 
rotation. Rarely, the etiology is a direct blow to the 
posterior shoulder. 

¢ Prominent acromion with a palpable drop off below 
the acromion and subclavicular region fullness is 


consistent with anterior shoulder dislocation. 
— Posterior dislocations (4 %) 


¢ Mechanism of injury is indirect with a combination of 
internal rotation, adduction, and flexion. Precipitating 


events include seizure, electrical shock, and falls. 
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¢ More subtle presentation. Patient will maintain arm 
locked in internal rotation and adduction; he or she 
cannot externally rotate. Shoulder is flattened ante- 
riorly and rounded posteriorly. 
¢ Ultrasound can be used to prevent missed or delayed 
diagnosis (Figs. 100.1 and 100.2 show probe position- 
ing and a diagram of abnormal ultrasound anatomy). 
— Inferior dislocations (luxation erecta) 
¢ Arm will be held fixed in overhead position. 
Radiographs reveal shoulder dislocation. 
Ultrasound can be used to identify the nature of the dislo- 
cation (anterior or posterior) and can be determined by 
the position of the humeral head relative to the transducer 
and glenoid. Although at this point, it should not replace 
radiographs owing to missed fractures. Advantages may 
include less radiation (decreased need for postreducation 
X-rays) and re-sedation if reduction is not complete. 
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Fig. 100.1 (a, b) Ultrasound image of normal shoulder anatomy. “Dot the side the marker is on the screen. This ensures when doing proce- 
fits the Dot” means when looking at the ultrasound machine from the _ dures, the direction of needle correction is the same as the orientation of 
sonographer’s standpoint, the side of the probe marker corresponds to _ the probe (Images courtesy of Dr. Rohit Patel) 


Posterior 
rol fs}erer=hicey al 


Anterior 
dislocation 





Fig. 100.2 Anterior (a) and posterior (b) dislocations (Images courtesy of Dr. Rohit Patel) 


100 Shoulder Dislocation Reduction Techniques 
100.2 Contraindications 


¢ Associated fracture 
— This warrants orthopedic evaluation. 
¢ Associated neurovascular deficit 
— May attempt reduction once but avoid multiple 
attempts. 


100.3 Materials and Medications 


¢ 1 % lidocaine, with syringe and needle and povidone- 
iodine prep if administering local anesthesia 

¢ Moderate sedation medications if administering moderate 
sedation 

¢ Bed sheet for traction-countertraction method 

¢ Dangling weight for Stimson maneuver 


100.4 Procedure 


e Physical examination 

— Compare affected with unaffected shoulder. 

— Perform a complete neurovascular examination: test 
axillary, radial, ulnar, and median nerves for sensory 
deficit and motor function. 

¢ Radiographs 

— Always obtain before attempting reduction for assess- 
ment of possible fracture and type and position of 
dislocation. 

— Obtain three views: anteroposterior, scapular Y, and 
axillary lateral views. 

— Anterior dislocations: humeral head appears anterior 
to the glenoid fossa on lateral or Y views. 


Fig. 100.3 Stimson maneuver 
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— Posterior dislocations: on anteroposterior view 
(vacant glenoid sign, 6-mm sign, lightbulb sign; on 
lateral or Y view: humeral head appears posterior to 
glenoid fossa). 

e Pain management and sedation 

— Decide whether to use intra-articular lidocaine versus 
procedural sedation and analgesia. 

— For intra-articular lidocaine 
¢ Use 10-20 mL of 1 % lidocaine. 

e Attach a 1.5-in., 20-gauge needle. 
e Prepare the shoulder with povidone-iodine. 
¢ Insert the needle lateral to the acromion process and 
2 cm inferiorly into the sulcus. 
¢ After withdrawing to ensure that the needle is not in 
a vessel, inject 10-20 mL lidocaine into the joint. 
¢ Reduction techniques: it is important for the emergency 
department physician to be familiar with several different 
techniques. The following techniques are presented: 


100.4.1 Stimson Maneuver (Fig. 100.3) 

1. Patient is placed prone with 2.5—-5 kg of weight hanging 
from the wrist. 

2. Reduction may be facilitated by traction and external 
rotation of the arm. 

3. A success rate of 96 % has been reported using the com- 
bined prone position, hanging weights, intravenous drug 
therapy, and scapular manipulation. 


¢ Advantage: can be performed by one person only. 

¢ Disadvantages: requires time to gather materials; the dan- 
ger involved in the patient falling off the stretcher, requir- 
ing staff to monitor the patient. 
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100.4.2 Scapular Manipulation Technique spine and use the other hand push the superior scapula 


(Fig. 100.4) laterally. 
1. Place the patient in the prone position with the affected * Advantages: high success rate, greater than 90 %; very 
arm hanging downward. safe to perform. 
2. Apply traction down on the arm. ¢ Disadvantages: it requires the patient to assume the 
3. Locate the inferior tip of the scapula. Simultaneously prone position; may require another person to perform 
push the inferior tip of the scapula medially toward the traction. 





Fig. 100.4 Scapular manipulation method 
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100.4.3 External Rotation Method 3. The operator uses the other hand to hold the patient’s 


(Fig. 100.5) 


. Place the patient in the supine position with the affected 
arm adducted directly next to the patient’s side with the 
elbow flexed to 90°. 

. The operator uses one hand to direct downward traction 
on the affected arm while maintaining it next to the 
patient’s side. 


Fig. 100.5 (a—d) Kocher technique: external rotation method 


wrist and guide the arm into slow external rotation. 


. Reduction usually takes place between 70° and 110° of 


external rotation. 


Advantages: requires no strength by operator; well toler- 
ated by patients. 

Disadvantage: patient may have persistent dislocation dur- 
ing procedure, requiring operator to make adjustments. 
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100.4.4 Milch Technique (Fig. 100.6) 100.4.5 Spaso Technique (Fig. 100.7) 


1. Technique looks as though one is reaching up to grab an 
apple from a tree. 


1. Place the patient in the supine position. 
2. Operator grasps the affected arm at the wrist and lifts the 


. Abduct the injured arm up to the overhead position. 
. Once in the overhead position, apply gentle vertical 


traction with external rotation. 


. An adjustment may need to be made if the reduction does 


not occur easily; push the humeral head upward into the 
glenoid fossa. 


Advantages: lack of complications; patient tolerance 
Disadvantage: variable success rate reported: 70-90 % 


straight arm directly upward while applying longitudinal 
traction. 


. Apply external rotation. 


Advantages: single operator, high level of success 
Disadvantage: may require more time to allow the shoul- 
der muscles to relax 





Fig. 100.6 (a, b) Milch technique 





Fig. 100.7 (a—c) Spaso technique (Photographs courtesy of Dr. Pratik 
S. Patel) 


100 Shoulder Dislocation Reduction Techniques 


100.4.6 Traction-Countertraction Technique 
(Fig. 100.8) 


1. With the patient is sitting up, have an assistant wrap a 
sheet around the upper chest and under the axilla of the 
affected shoulder. Have the assistant wrap the sheet 
behind her or his back. Now have the patient lay supine. 

2. Wrap another sheet around the flexed elbow of the 
affected arm and behind the operator’s back. 

3. Both the operator and the assistant lean back, applying 
gentle traction. 


e Advantage: many older physicians are familiar with this 
method and, therefore, have a high degree of success. 

¢ Disadvantages: requires two people; may cause skin tears 
on elderly patients. 








Fig. 100.8 (a, b) Hippocrates method/traction-countertraction method 
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100.4.7. Posterior Shoulder Dislocation 
Reduction 


1. Give adequate premedication. 

2. Place the patient supine and apply lateral traction on the 
proximal humerus. 

3. Have an assistant apply anterior pressure to the posteri- 
orly located humeral head. 


e Advantage: logical methods for reduction 

¢ Disadvantages: require sufficient premedication because 
often posterior dislocations present late; may require open 
reduction 


100.4.8 Postreduction 


¢ Obtain postreduction x-rays. There is some literature on 
using ultrasound to confirm adequate reduction, which 
allows repetitive assessments throughout procedure, as 
well as reduce radiation (see Fig. 100.2 for ultrasound of 
anterior and posterior dislocations). 

¢ Do a postreduction neurovascular examination. 

e Sling and swath or shoulder immobilizer for 2—3 weeks. 

¢ Orthopedic follow-up in | week. 
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100.5 Complications 


¢ Fractures 

e Adhesive capsulitis, or frozen shoulder; especially a con- 
cern in the elderly with prolonged immobilization in sling 

¢ Brachial plexus injury, especially of the axillary nerve 

e Vascular laceration, most commonly of the axillary artery 

¢ Rotator cuff tears 


100.6 Pearls 


¢ Jt is imperative to document the pre- and postreduction 
neurovascular status in the medical record. 

¢ Jf unsure whether the reduction was successful, attempt to 
place the palm of the injured extremity on the contralateral 
shoulder. This is a good sign the reduction was successful. 


Acknowledgment The authors would like to thank Karthik Stead for 
serving as the subject in many of the photographs in this chapter. 
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Elbow Dislocation Reduction 


Katrina John, Jeffrey Kile, and Amish Aghera 


101.1 Indications 


101.2 Contraindications 


¢ Any dislocation of the elbow joint. Direction of the dislo- 
cation (i.e., anterior, posterior, lateral and divergent 
radius, and ulnar dislocations) is determined by the posi- 
tion of the ulna relative to the joint space (Fig. 101.1). 


Fig.101.1 Anatomical 
depiction 





Posterior dislocation 
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Relative 
— Compound fracture dislocation 


Anterior dislocation 
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101.3 Materials and Medications 


Parenteral sedation and analgesia medications 

Local anesthetic for local and intra-articular anesthesia 
Splinting material 

Stockinette 

Padding 

Elastic bandage 

Tape 

Sling 


101.4 Procedure for Posterior Dislocations 


1. 


Obtain a true lateral and anteroposterior radiographs of 
the affected elbow. 

Ensure adequate sedation and analgesia. 

Consider intra-articular analgesia. 

Check the neurovascular status of affected extremity. 
Follow a selected method for reduction as detailed later. 
Following successful reduction gently flex the elbow to 
ensure full range of motion. 

Place a long-arm posterior splint with the elbow in at least 
90° flexion and secure the arm in a regular sling. 

Check neurovascular status. 

Obtain a postreduction radiograph of the elbow. 


101.4.1 


K. John et al. 


Method A (Fig. 101.2) 


. Position the patient on a stretcher in the supine position. 
. Apply steady traction at the supinated distal forearm keep- 


ing the elbow slightly flexed, while an assistant applies 
countertraction to the midhumerus with both hands. 


101.4.2 Method B (Fig. 101.3) 


1 


. Position the patient on a stretcher in the supine position. 


2. Extend the affected extremity over the edge of the stretcher. 


. Apply traction to the supinated forearm slightly flexed at 


the elbow, while an assistant holds the distal humerus 
with both hands and uses thumbs to apply pressure to the 
olecranon as if pushing it away from the humerus. 


101.4.3. Method C (Fig. 101.4) 


1. 


Position the patient on a stretcher in the prone position. 


2. Hang the affected extremity over the side of the stretcher 
toward the floor. 

3. Apply downward traction to the pronated distal forearm 
and with the other hand just above the patient’s antecubi- 
tal fossa lift the humerus toward you. 





Fig. 101.2 Posterior method A 
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chasing the stars. 
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impossible for a safer world. So, over the past 3 years, our real challenge to overcome for all RF Energy Harvesting 
technics was to optimize electricity conversion. The massive proliferation of wireless telecommunication systems since the 
past two decades brought a saturation of the electromagnetic fields with a constant growth of 15% every year in our 
environments. As a result, this situation reversed the base problem that makes today Harvesting RF Energy a game 
changer. The key was the Power Management System. 


We are far beyond the conversion constraint and performance by controlling "RF-interferences", by harvesting different 
frequencies , by using Metamaterials combined with nanotechnologies. We dramatically have improved 
power conversion efficiency and reduced the size of our Energy Harvesting systems embedded in all K3OPS' products. 


Thanks to Nikola Tesla, my inspiring mentor, K3OPS' products have reached by far their objectives in terms of converting 


and performance, offering an endless efficient source of green energy, reliable in an environmentally friendly approach. 


Xin WEI Co-Founder of K3OPS technology with Alexandre Despallieres 











http://www.k3ops.com/en/teambiography.html 2/3 


101 Elbow Dislocation Reduction 591 


Fig.101.3 Posterior method B 








Fig. 101.4 Posterior method C 
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101.5 Procedure for Anterior Dislocations 3. With one hand, apply traction to the supinated distal fore- 
(Fig. 101.5) arm with the elbow extended, while an assistant applies 
countertraction with both hands around the distal humerus. 
1. Follow pre- and postprocedure steps as documented for 4. With the other hand apply downward and backward pres- 
the posterior dislocation. sure over the proximal forearm just below the antecubital 

2. Position the patient on a stretcher in the supine position. fossa. 





Fig.101.5 Anterior elbow 
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101.6 Procedure for Radial Head 


Fig 


Fig. 
hyperpronated and flexed 


.101.6 Subluxation 
hyperpronated 


Subluxations (See Also Chap. 127) 


. This procedure can normally be performed without any 


sedation or parenteral analgesia. 


. Position the patient, most commonly a child aged 


1-3 years, facing forward on the caretaker’s lap. 


. Hold the flexed elbow of the affected extremity placing 


your thumb firmly over the radial head. 


. With the other hand, take the child’s hand and wrist, and 


in one continuous movement, hyperpronate and flex the 
forearm (Figs. 101.6 and 101.7). 


101.7 Subluxation 


5. 


6. 





Another method is to supinate and flex the forearm instead 
of hyperpronating it (Fig. 101.8). 

Leave the room, encourage the caretaker to engage the 
child with distracting activities and reexamine the child 
in 10-20 min, at which stage, if reduction was success- 
ful, the child should be using the extremity normally 
again. 


. No postreduction radiograph or immobilization is 


required. 


594 K. John et al. 


Fig.101.8 Subluxation 
supinated 





101 Elbow Dislocation Reduction 
101.7 Complications 


¢ Concomitant fractures 

¢ Vascular injury, most commonly to the brachial artery 
¢ Median nerve injury/entrapment 

¢ Recurrent dislocation—rare 


101.8 Pearls and Pitfalls 


¢ Pearls 

— A true lateral radiograph is necessary to accurately 
detect and identify elbow fractures, dislocations, and 
soft tissue abnormalities (i.e., the fat pad sign). It is 
obtained with the patient’s elbow in 90° flexion, in neu- 
tral rotation with the thumb pointing up and the arm and 
forearm resting on the radiograph cassette and the beam 
nearly perpendicular to the cassette. On a true lateral, 
the “hourglass” or “figure-of-eight” formation at the 
distal humerus should be clearly visible, and the rings of 
the capitellum and trochlea should be concentric. 

— During nursemaid elbow reduction, provide age appro- 
priate distractions to divert the child’s attention and 
minimize resistance. 

¢ Pitfalls 

— On the pre- and postreduction radiographs, search for 
commonly associated fractures of the distal humerus, 
radial head, and coronoid process. 
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— Inability to range the elbow after apparent reduction 
indicates possible trapped fracture fragments and the 
need for operative intervention. 

— Vascular or open injuries are common with anterior dis- 
locations, and early orthopedic consultation is advised. 

— Ninety percent of simple elbow dislocations are poste- 
rior, and this injury is rarely associated with vascular 
injury. However, it does occur, and vascular evaluation 
after every reduction is good clinical practice. 
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Distal Interphalangeal Joint Reduction 
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Justin Chen and Muhammad Waseem 


Distal interphalangeal (DIP) joint dislocation is rare. It occurs 
when an axial force is applied to the distal phalanx (Fig. 102.1). 


Fig. 102.1 Distal interphalangeal joint dislocation 
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102.1 Indications 


¢ DIP joint reduction is performed to alleviate functional 
and anatomical derangements resulting from DIP joint 
dislocation, commonly dorsal, from axial compression. 


102.2 Contraindications 


¢ Absolute 
— Absence of radiographic confirmation (anteroposte- 
rior, true lateral, and oblique) of simple DIP joint dis- 
location, especially in pediatric cases 
¢ Relative 
— Open joint dislocation, 
entrapped volar plate 
— Digital neurovascular compromise 


associated fracture, or 


102.3 Materials and Medications 


¢ Latex-free gloves 

¢ Local anesthetic: 2 % lidocaine without epinephrine, 
1.5 % mepivacaine, 0.5 % ropivacaine, or 0.5 % 
bupivacaine 

e 25-gaugex1.5-in. needle (can substitute with 27 or 30 
gauge) 

¢ Small plastic syringe, 10 mL 

¢ Padded, malleable, aluminum digital splint 
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102.4 Procedure 


1. Place the patient in the seated position with the arms at 
rest on a bedside table or supported by an assistant. 

2. Pronate the patient’s hand, remove rings if present, and 
rest on a flat surface. 

3. Insert a 25-gauge needle at the dorsolateral aspect of the 
base of the finger to form a wheal to reduce patient 
discomfort. 

4. Advance the needle and direct anteriorly toward the pha- 
langeal base. 

5. Inject 0.5—1 mL of local anesthetic as the needle is with- 
drawn 1—2 mm from the point of bone contact. 


6. Inject an additional 1 mL of local anesthetic continu- 
ously as the needle is withdrawn. Fig. 102.2 Padded aluminum splint applied to block the DIP joint in 
flexion but allow further flexion, which encourages active flexion of that 
: ; joint when the PIP joint flexes (Reproduced with permission from: 
circumferential. HandLab Clinical Pearls Feb 2011, No 12. www.handlab.com) 
8. Hyperextend the DIP joint while applying longitudinal 


traction, followed by immediate joint flexion at the base 
of the distal phalanx. 
9. Place finger(s) in an aluminum digital dorsal splint in 
slight flexion for 2 weeks (Fig. 102.2). 
10. Postreduction radiograph is recommended for 
confirmation. 





7. The injection should never render the tissue tense nor be 


102 Distal Interphalangeal Joint Reduction 
102.5 Complications 


¢ Irreducible dislocations 

¢ Stiffness 

¢ Recurrent dislocation 

e Extensor lag in joints with residual subluxation 

e Associated with dorsal joint prominences, swan-neck/ 
boutonniére deformity, and degenerative arthritis 


102.6 Pearls and Pitfalls 


¢ Pearls 
— Lidocaine without epinephrine is preferred owing to 
the risk of vasoconstriction of the digital vessels with 
epinephrine. 
— Regardless of the mechanism of trauma, all joints 
(DIP, proximal interphalangeal, metacarpophalangeal) 
should be assessed for instability. 
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— Joint dislocations involving volar plate entrapment 
may require surgical repair (open reduction internal 
fixation) for successful reduction. 

¢ Pitfalls 

— Irreducible DIP joint dislocations may be due to 
entrapment of an avulsion fracture, the profundus ten- 
don, or the volar plate. 
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103.1 Indications 

Displacement of the femoral head in relation to the acetabu- 
lum without concomitant femoral neck, head, or acetabulum 
fractures: 


¢ Posterior hip dislocations make up 80-90 % of cases. 

e Anterior hip dislocations make up 10-15 % of cases. 
These are classified into obturator, pubic, iliac, central, or 
inferior types. Central dislocations are associated with 
comminuted acetabulum fractures, and inferior disloca- 
tions are a rare occurrence normally occurring in children 
younger than 7 years of age. 

¢ Prosthetic hip dislocations 


103.2 Contraindications 


¢ Absolute 
— Femoral neck fracture: attempted reduction may 
increase the displacement of the fracture and increase 
the probability of avascular necrosis. 
¢ Relative 
— Fractures in other parts of the affected lower extrem- 
ity: these may limit the pressure that can be applied 
necessary for traction during reduction. 
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103.3 Materials and Medications 


¢ Parenteral sedation and analgesia medications 
¢ Sheet or belt to fix the pelvis to the stretcher 

¢ Knee immobilizer 

¢ Abduction pillow 


103.4 Procedure 


1. Check the neurovascular status of the affected extremity. 

2. Obtain anteroposterior (AP) views of the pelvis and lat- 
eral views of the hip. 

3. Ensure adequate parenteral sedation and analgesia. 

4. Decide upon a technique, as detailed later, and position 
the patient accordingly. 

5. Once the hip has been successfully reduced, test the joint 
for stability by moving it gently thought its range of 
motion. 

6. Place a knee immobilizer and an abduction pillow 
between the knees. 

7. Check the neurovascular status. 

8. Obtain repeat AP films of the pelvis. 
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103.4.1 Stimson Maneuver 


1. Place the patient prone on the stretcher with the affected 4. 
extremity hanging over the edge and the hip flexed to 90°. 

2. Flex the knee and the foot to 90°. 

3. Apply downward pressure to the area just distal to the 
popliteal fossa with a hand (Fig. 103.1) or knee 
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(Fig. 103.2) while using the opposite hand to internally 
and externally rotate the hip at the ankle. 

Have an assistant simultaneously manipulate the dis- 
placed femoral head into position with both hands, apply- 
ing downward pressure over the affected buttock 
(Fig. 103.3). 





Fig. 103.1 Stimson maneuver with hand Fig. 103.2 Stimson maneuver with knee 
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103.4.2 Allis Maneuver 


1. Position the patient supine on the stretcher. 

2. The operator should stand on the stretcher to achieve 
maximum leverage or have the patient on a backboard on 
the ground. 

3. Have an assistant apply downward pressure to both iliac 
crests. 

4. Apply constant, gentle upward traction in line with 
the deformity while maneuvering the hip to 90° flex- 
ion and through internal and external rotation 
(Fig. 103.4). 

5. Have a second assistant provide lateral traction to the 
midthigh. 

6. Once the femoral head has cleared the outer lip of the 
acetabulum, continue traction while keeping the hip in 
external rotation and gently abducting and extending the 
hip (Fig. 103.5). 





Fig. 103.3 Manipulation of the femoral head 





Fig.103.4 Allis flexion 
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Fig. 103.5 Allis extension 
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103.4.3 Whistler Technique 


1. 





Position the patient supine on the stretcher with the knee 
and hip flexed to 45°. 


. Have an assistant stabilize the pelvis with downward 


pressure on both iliac crests. 


. Stand on the side of the affected extremity and place one 


arm under the knee, resting the hand on the flexed knee of 
the unaffected extremity. 


. Secure the ankle of the affected extremity with the other 


hand and elevate the shoulder of the opposite arm, provid- 
ing upward traction at the distal thigh and a strong ful- 
crum to reduce the dislocation (Fig. 103.6). 


. Internal and external rotation can be achieved with the 


opposite hand at the ipsilateral ankle. 


Fig. 103.6 Whistler technique 
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103.4.4 Captain Morgan Technique 


1. Position the patient supine on the stretcher with the knee 


and hip flexed to 90°. 


2. Stabilize and fix the pelvis with a sheet tied securely over 


the pelvis and under the stretcher. 


3. Standing on the side of the affected extremity, the opera- 


tor’s foot should be resting perpendicular on the stretcher 
with the knee placed under the patient’s knee. 


4. With the opposite hand, apply downward pressure to the 


ankle and provide a sustained upward force to the patient’s 
thigh by elevation of the knee through plantar flexion of 
the toes and upward pressure of the other hand placed 
behind the patient’s knee. 


5. Internal and external rotation can be applied simultane- 


ously if necessary by gently twisting the ankle (Fig. 103.7). 





Fig. 103.7 Captain Morgan technique 
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103.5 Complications 


¢ Sciatic nerve injury 

e Avascular necrosis of the femoral head due to delay in 
adequate reduction 

¢ Inability to perform reduction due to occult fractures and 
fracture fragments, incarceration of the joint capsule, or 
associated tendons 

¢ Unstable or irreducible dislocations 

e Traumatic arthritis and joint instability 


103.6 Pearls and Pitfalls 


¢ Pearls 

— On AP radiograph, posterior dislocations can be more 
easily detected by the presence of a smaller femoral 
head compared with the unaffected side and poor visu- 
alization of the lesser trochanter. 

— On AP radiographs, anterior dislocations can be 
detected by a larger femoral head and a clear lesser 
trochanter seen in profile alongside the femoral shaft. 

— Pay close attention to the femoral vessels and the sciatic 
nerve. Injury to the sciatic nerve most commonly affects 
the common peroneal branch, therefore causing weak- 
ness in great toe extension and foot dorsiflexion. Sensation 
may also be reduced over the dorsum of the foot. 

— Check the femoral head is intact and clearly in the acetab- 
ulum and for intact Shenton lines, symmetrical intra-artic- 
ular spaces, and clear outlines of the lesser trochanters. 

— For any of the techniques requiring stabilization of the 
pelvis, an alternative is to fix it to the stretcher using a 
sheet or belt. 

— To overcome the powerful muscles that oppose suc- 
cessful reduction, it is important to provide adequate 
muscle relaxation and steady, prolonged traction. 

— An assistant should stand on the floor behind to sup- 
port the operator if standing on a stretcher. 
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¢ Pitfalls 

— Owing to the force necessary to dislocate a native hip, 
this injury should serve as a red flag to the physician to 
consider other potentially life- or limb-threatening 
occult injuries. 

— Hip dislocation is a true orthopedic emergency and 
must be treated without delay. Delay in reduction, 
especially greater than 6 h, results in increased inci- 
dence of avascular necrosis of the femoral head and 
sciatic nerve injury. 

— Review imaging carefully because associated fractures 
of the femoral head, neck, and acetabulum are often 
present. 

— Itis recommended that anterior dislocations be reduced 
by orthopedic surgeons under general anesthetic in the 
operating room. These are often more complicated and 
difficult to reduce, and failure at closed reduction in 
the operating room can be followed by an open 
procedure. 

— Multiple attempts at reduction should not be per- 
formed in the emergency department because these 
are unlikely to be successful and will only delay defin- 
itive management and lead to an increased risk of 
complications. 
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104.1 Indications 


¢ Dislocation of the knee/fibular head/patella 


104.2 Contraindications 


¢ Absolute 
— None 
¢ Relative 
— Immediate availability of orthopedic consultation 


104.3 Materials and Medications 


¢ Parenteral sedation and analgesia medications 
¢ Knee immobilizer or splinting materials 


104.4 Procedure 


104.4.1 Knee (Femur/Tibia) Dislocation 
Reduction 


1. Assess neurovascular function. 

2. Pretreat the patient with sedation or analgesia as appropriate. 

3. Position the patient supine with the affected leg fully 
extended. 

4. Instruct an assistant to stand near the patient’s hip and, 
facing the patient’s affected knee, grasp the distal femur 
firmly with both hands to fix it in place. 
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5. 


8. 


Stand near the patient’s foot and, facing the patient’s 

affected knee, grasp the distal tibia and apply straight 

traction in a distal direction. 

¢ Longitudinal traction-countertraction alone, as 
described previously, will usually reduce the disloca- 
tion. If reduction does not occur, proceed with the 
following steps. 


. While applying straight traction in a distal direction to 


the tibia with the dominant hand, with the nondominant 

hand: 

(a) Anterior dislocation: push the proximal tibia in a pos- 

terior direction (Fig. 104.1) 

Posterior dislocation: lift the proximal tibia in an 

anterior direction (Fig. 104.2) 

Lateral dislocation: push the proximal tibia in a 

medial direction (Fig. 104.3) 

Medial dislocation: push the proximal tibia in a lat- 

eral direction (Fig. 104.4) 

Rotary dislocation: rotate the proximal tibia into 

proper linear alignment with the femoral condyles 

(Fig. 104.5) 

¢ Reduction may be facilitated by the use of two 
assistants rather than just one. The second assis- 
tant grasps the distal tibia and applies straight trac- 
tion in a distal direction, freeing the operator to 
manipulate the proximal tibia as described previ- 
ously using both hands. 


(b) 
(c) 
(d) 


(e) 


. After reduction, reassess neurovascular function and, if 


available, obtain angiography. 
Immobilize the knee in 15° of flexion in a knee immobi- 
lizer or long-leg posterior splint. 


607 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_104 


608 


Fig.104.1 Anterior dislocation 
of the knee: the proximal tibia is 
pushed in a posterior direction. 
The arrows indicate the direction 
in which force should be applied 
by the operator during reduction 
of dislocation 


Fig. 104.2 Posterior dislocation 
of the knee: the proximal tibia is 
pushed in an anterior direction. 
The arrows indicate the direction 
in which force should be applied 
by the operator during reduction 
of dislocation 


Fig. 104.3 Lateral dislocation 
of the knee: the proximal tibia is 
pushed in a medial direction. The 
arrows indicate the direction in 
which force should be applied by 
the operator during reduction of 
dislocation 
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Fig. 104.4 Medial dislocation 
of the knee: the proximal tibia is 
pushed in a lateral direction. The 
arrows indicate the direction in 
which force should be applied by 
the operator during reduvction of 
dislocation 


Fig. 104.5 Rotary dislocation of 
the knee: the proximal tibia is 
rotated into proper alignment 
with the femoral condyles. The 
arrows indicate the direction in 
which force should be applied by 
the operator during reduction of 
dislocation 
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104.4.2 Fibular Head Dislocation Reduction 


1. Assess neurovascular function. 

2. Pretreat the patient with sedation or analgesia as 
appropriate. 

3. Position the patient supine. 

Flex the knee to 90° to relax the biceps femoris tendon. 

5. Instruct an assistant to stand near the patient’s hip and, 
facing the patient’s affected knee, grasp the distal femur 
firmly with both hands to fix it in place. 

6. Stand near the patient’s foot and, facing the patient’s 
affected knee, grasp the distal tibia and apply straight 
traction in a distal direction with the dominant hand and 
with the nondominant hand. 

(a) Anterior dislocation: push the fibular head in a poste- 
rior direction (Fig. 104.6) 
(b) Posterior dislocation: push the fibular head in an 
anterior direction (Fig. 104.7) 
e Reduction may be facilitated by the use of two 
assistants rather than just one. If a second assistant 
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Fig.104.6 Anterior dislocation 
of the fibular head: the fibular 
head is pushed in a posterior 
direction. The arrow indicate the 
direction in which force should 
be applied by the operator during 
reduction of dislocation 


Fig.104.7 Posterior dislocation 
of the fibular head: the fibular 
head is pushed in an anterior 
direction. The arrow indicate the 
direction in which force should 
be applied by the operator during 
reduction of dislocation 
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is available, instruct the second assistant to stand 
near the patient’s foot and, facing the patient’s 
affected knee, grasp the distal tibia and apply 
straight traction in a distal direction. This enables 
the operator to grasp and move the proximal fibula 
as described previously using both hands. 

e Reduction is often signified by a palpable and 
audible click as the fibula snaps back into 
position. 

7. After reduction, reassess neurovascular function and, if 

available, obtain angiography. 

¢ After reduction, patients should receive orthopedic 
referral, avoid weight-bearing for the first 2 weeks, 
and then gradually increase weight-bearing over the 
next 6 weeks. 

¢ Typically, immobilization is not required following 
reduction of an i.solated fibular head dislocation. 
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104.4.3 Lateral Patellar Dislocation Reduction * The lateral edge of the patella may be lifted slightly to 
facilitate its travel over the femoral condyle during 
1. Pretreat the patient with sedation or analgesia as reduction (Fig. 104.8). 
appropriate. e After reduction, the knee should be immobilized in full 
2. Stand at the side of the affected knee and, facing the knee, extension in a knee immobilizer or long-leg posterior 
grasp the distal tibia and slowly extend the knee with one splint, and the patient should receive orthopedic referral, 
hand, and with the other hand simultaneously apply gen- avoid weight-bearing for the first 2 weeks, and then grad- 
tle pressure to the patella in a medial direction. ually increase weight-bearing over the next 6 weeks. 


Fig. 104.8 Lateral dislocation 
of the patella: the patella is 
pushed in a medial direction. The 
arrow indicate the direction in 
which force should be applied by 
the operator during reduction of 
dislocation 





612 


104.5 Complications 


104.5.1 Knee (Femur/Tibia) Dislocations 


¢ Distal ischemia (even requiring amputation) 
¢ Degenerative arthritis 
¢ Joint instability due to ligamentous injury 


104.5.2 Fibular Head Dislocations 


¢ Peroneal nerve injury 
¢ Fibular head instability/subluxation 
¢ Degenerative arthritis 


104.5.3 Patellar Dislocations 


e Failure of reduction 
¢ Degenerative arthritis 
¢ Recurrent dislocation/subluxation 


104.6 Pearls and Pitfalls 


104.6.1 Knee (Femur/Tibia) Dislocations 


e Pearls 


Dislocations of the knee are described in terms of the 
tibia’s position in relation to the femur. 

All knee dislocations require orthopedic evaluation at 
the earliest possible opportunity. 

Owing to the frequency of associated popliteal artery 
and peroneal nerve injury, a neurovascular examina- 
tion should be performed before and after any attempts 
at reduction or manipulation of the knee. 

Dislocations of the knee should be reduced as soon as 
possible, particularly if distal neurovascular compro- 
mise exists. 

Operative ligamentous repair is often required approx- 
imately 2 weeks postreduction (once acute swelling 
has resolved) to achieve the maximum functional 
recovery. 


e Pitfalls 


If the knee hyperextends more than 30° when the 
horizontal leg is lifted by the foot, the knee is consid- 
ered severely unstable. This is likely due to a previ- 
ous dislocation, and thus, the knee should be 
evaluated for the neurovascular complications of 
dislocation. 
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Because the joint capsule is commonly disrupted dur- 
ing knee dislocation, synovial fluid may diffuse into 
the surrounding tissue, such that an effusion is not 
always present. 

A posterolateral dislocation may be irreducible 
because the medial femoral condyle traps the medial 
capsule within the joint. 


104.6.2 Fibular Head Dislocations 


Pearls 


Fibular head dislocations are usually anterolateral, 
but these do not result in neurovascular compromise. 
A knee joint effusion is usually not seen in a fibular 
head dislocation because the tibiofibular ligaments are 
contained within a separate synovium. 

Anterior dislocations typically result from a fall on the 
flexed, adducted leg, often combined with ankle 
inversion. 

Flexion of the knee relaxes the fibular collateral 
ligament, reducing the stability of the tibiofibular 
joint. 

Superior dislocation is accompanied by interosseus 
membrane damage and proximal displacement of the 
lateral malleolus. 


Pitfalls 


Posterior fibular head dislocations usually result from 
direct trauma to the flexed knee and may be accompa- 
nied by peroneal nerve injury. 


104.6.3 Patellar Dislocations 


Pearls 


Patellar dislocation occurs most frequently among 
adolescents. 

Patellar dislocation typically occurs in the setting of 
external rotation combined with a strong valgus force 
and quadriceps contraction. 

Patellar dislocations are described in terms of the 
patellar relationship to the normal knee joint. 

The most common patellar dislocations are lateral. 

If a spontaneous reduction has occurred, a knee effu- 
sion and tenderness along the medial aspect of the 
patella are likely to be present on examination, and the 
patellar apprehension test will be positive. 

To perform the patellar apprehension test, flex the knee to 
30° and push the patella laterally. If the patient senses an 
impending redislocation, the test is considered positive. 
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Wireless Implantable Bio-Telemetry System and Miniature Antenna Design 

The two major challenges associated with the conversion of a wireless system operating in air to an implantable version, antenna detuning and biocompatibility, are a 
in a coherent way. An RFID-based biomedical telemetry system designed for free-space operation was chosen as the starting reference. A new, pin-compatible, spa 
antenna with a ground plane was designed, fabricated and tested, to replace the original “free-space” antenna in the active RFID tag without making any other chang 
tag circuit, such that the tag would function well when it is placed under rat skin and fat. Biocompatibility and potential antenna detuning due to rat tissue variati 
addressed in the design process, without significantly increasing the tag physical height, by applying a thin coating of biocompatible material directly over the ante 
operation of the medical telemetry system was successfully demonstrated, with the tag placed under rat skin and fat, and its range of 60-72 cm was found to be sul 
support medical research experiments conducted with rats in cages. Due to the biocompatible coating over the antenna, antenna matching is very insensitive to ct 
tissue dielectric constants and thickness. The footprint of the new antenna is 33% less than that of the original antenna, its measured 10 dB return-loss bandwidth is 1( 
11%, and overall efficiency is 0.82% at 920 MHz. 





Wireless Freedom for Lab Rats 


We are developing a fully implantable wireless telemetry system. This is a joint research project with BCS Innovations and the Australian School of Advanced Medicine | 
will be first used in the research conducted in ASAM, with rats, on hypertension. To date the major method of controlling hypertension is through the use o 
pharmaceuticals. The pathway to approval for most drugs for human use involves pre-clinical (animal) trials. Lab rats are considered biologically similar to humans, pa 
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104 Knee Dislocation Reduction 


— Isolated lateral patellar dislocations do not usually 
require hospitalization, but orthopedic follow-up is 
recommended owing to the likelihood of persistent 
instability. 

— Intracondylar and superior dislocations require surgi- 
cal reduction. 

— Patients with an isolated patellar dislocation typically 
present with the knee in 20-30° of flexion and the 
patella displaced laterally. 

¢ Pitfalls 

— Dislocations tend to be recurrent, particularly in 

patients with patellofemoral anatomical abnormalities. 
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Katrina John, Jeffrey Kile, and Amish Aghera 


105.1 Indications 


¢ Dislocation of the ankle joint. This is defined by the artic- 
ulation of the talus with the mortise that is formed by the 
distal tibia and fibula. Dislocations can be posterior, ante- 


rior, superior, or lateral and are classified by the position 


of the talus in relation to the tibial mortise. 


105.2 Contraindications 


¢ Relative 


— Open dislocations where there is no evidence of acute 


neurovascular compromise are better managed defini- 


tively in the operating room to avoid further 


contamination. 


105.3 Materials and Medications 


¢ Parenteral sedation and analgesia medications 
¢ Local anesthetic for local and intra-articular anesthesia 
¢ Splinting material 
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Stockinette 
Padding 

Elastic bandage 
Tape 

Sheet 


105.4 Procedure 


. Check the neurovascular status of the affected foot and 


ankle. 


. If there is no evidence of critical neurovascular compromise, 


obtain a lateral and an anteroposterior radiograph of the 
affected ankle. 


. Ensure adequate parenteral sedation and analgesia to 


maximize success and limit pain and suffering. 


. Position the patient on a stretcher with the knee flexed at 


90° over a folded pillow or rolled-up sheet or with the 
lower leg and knee hanging over the edge of the stretcher. 
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105.4.1 Posterior Dislocations 4. Dorsiflex the foot while another assistant applies down- 
ward pressure to the distal anterior leg (Fig. 105.2). 
. Hold the heel in one hand and pull with longitudinal 5. Examine foot for restoration of normal anatomy and for 
traction. any new lacerations or defects to the skin. 
. With the other hand, hold the top of the foot and gently 6. Recheck neurovascular integrity. 
plantarflex it downward, while an assistant provides 7. Place the leg in a sugar-tong splint with the foot at 90°. 
countertraction at the back of the midcalf (Fig. 105.1). 8. Recheck neurovascular integrity. 


3. Continue longitudinal traction at the heel and countertraction 
at the calf. 


Fig.105.1 Plantarflexion with 
longitudinal heel traction 





Fig.105.2 Dorsiflexion with 
longitudinal heel traction 





105 Ankle Dislocation Reduction 
105.4.2 Anterior Dislocations 


1. Hold the heel in one hand and pull with longitudinal 
traction. 

2. With the other hand, hold the top of the foot and dorsiflex, 
while an assistant provides countertraction at the back of 
the midcalf (Fig. 105.3). 

3. Continue longitudinal traction at the heel and countertrac- 
tion at the calf. 


Fig.105.3 Dorsiflexion with 
longitudinal heel traction 


Fig.105.4 Downward 
movement of foot (toward the 
floor) with longitudinal heel 
traction 


— 
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. Keeping the foot at 90° to the leg, hold the foot firmly and 


push the foot downward toward the floor while another 
assistant applies upward pressure to the distal posterior 
leg (Fig. 105.4). 


. Examine the foot for restoration of normal anatomy and 


for any new lacerations or defects to the skin. 


. Recheck neurovascular integrity. 
. Place the leg in a sugar-tong splint with the foot at 90°. 
. Recheck neurovascular integrity. 
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105.5 Complications 


¢ Compound fractures 

¢ Neurovascular injury 

e Skin and soft tissue damage 
¢« Compartment syndrome 


105.6 Pearls and Pitfalls 


¢ Pearls 
— The ankle rarely dislocates without associated 
fractures. 
¢ Pitfalls 


— Ankle dislocation is an orthopedic emergency, and 
reduction should not be delayed by imaging if there is 
evidence of neurovascular impairment. Complications 
that are exacerbated by delay in management include 
concomitant fractures, gross deformity of the ankle, 


K. John et al. 


severe stretching and tenting of the skin with resultant 
skin blisters, skin necrosis, and possible conversion to 
a compound fracture. 

— Be sure to check the radiograph carefully for com- 
monly associated fractures notably of the malleoli. 
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Shalu S. Patel and Bobby K. Desai 


106.1 Indications 


¢ Diagnosis of septic joint 

¢ Diagnosis of traumatic effusion 

¢ Diagnosis of inflammatory effusion 

¢ Diagnosis of crystal-induced arthritis 

¢ Therapeutic relief of pain from effusion 


106.2 Contraindications 


e Severe coagulopathy 

e Skin infection over the needle insertion site 

¢ Joint prosthesis 

¢ Patients with bacteremia or sepsis (except to diagnose a 


septic joint) 


106.3 Materials and Medications 


¢ Betadine (povidone-iodine) or other skin antiseptic 


¢ Sterile gloves 
¢ Sterile towels 


¢ Lidocaine | % or 2 % (5 mL) or other anesthetic of choice 
e 18- to 22-gauge needle, 25-gauge needle 

e Syringes (5 mL, 5-50 mL) 

e Sterile gauze (4x4) 


e Band-aid 
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106.4 Procedure 


. Informed consent may be required. 
2. Position the patient appropriately. The joint should be 


placed in slight flexion. 


. Palpate the joint and identify anatomical landmarks. 


(a) For knee arthrocentesis, the needle should be 
inserted at the midpoint of either the medial or the 
lateral side of the patella (Fig. 106.1). 

(b) For acromioclavicular (AC) joint arthrocentesis, the 
needle should be inserted at the superior surface of 
the AC joint (Fig. 106.2). 

(c) For glenohumeral joint arthrocentesis, there are two 
approaches. 

(i) In the anterior approach, the needle is inserted 
into the groove lateral to the coracoid process 
(Fig. 106.3). 

(ii) In the posterior approach (preferred), the needle 
is inserted below the posterior border of the 
acromion process and lateral to the border of 
the scapula (Fig. 106.4). 


. Prepare the skin and drape in a sterile fashion. 
. Using lidocaine (drawn up in 5-mL syringe), anesthetize 


the skin with the 25-gauge needle. 


. Secure the 18- to 22-gauge needle on the 5- to 50-mL 


syringe (depending on the size of the joint) and insert it 
into the skin. 


. Advance the needle slowly into the joint space while 


aspirating until joint fluid can easily be withdrawn. 
While inserting the needle into the joint space, avoid 
scraping the needle against the bone. 
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8. If fluid cannot be aspirated easily, the catheter can be 10. Place a band-aid or other dressing over the site. 
repositioned further in the joint space or turned by 45° 11. Send the synovial fluid to the laboratory. Generally, lab- 


sequentially as needed. oratory analyses may include crystals, protein, glucose, 
9. Once the joint fluid is aspirated, pull out the needle and cell count and differential, culture and sensitivity, and 
hold pressure with gauze. Bleeding should be minimal. Gram stain. 


Clavicle 


Acromioclavicular 
joint 


Scapula 


Humerus 





Patella 


Fig. 106.2 Acromioclavicular joint arthrocentesis 





Fig. 106.1 Knee arthrocentesis 





Fig. 106.3 Glenohumeral joint arthrocentesis: anterior approach 


106 Arthrocentesis 





Fig. 106.4 Glenohumeral joint arthrocentesis: posterior approach 
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106.5 Complications 


¢ Introduction of infection 
¢ Bleeding 


106.6 Pearls and Pitfalls 


¢ The preferred site of entry is over the extensor surface of 
the joint. This will reduce the risk of damage to tendons, 
ligaments, and blood vessels. 

¢ When assessing synovial fluid, the Rule of Twos may be 
used to differentiate among normal, inflammatory, and 
septic fluid. Normal synovial fluid has less than 200 white 
blood cells (WBCs)/mm?. Noninflammatory synovial 
fluid has 200-2000 WBCs/mm+. Inflammatory synovial 
fluid has greater than 2000 WBCs/mm? (but <50,000 
WBCs/mm?). Septic synovial fluid has greater than 
75,000 WBCs/mm’. 

¢ Only septic synovial fluid will have a positive Gram stain 
and culture. 
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Bharat Kothakota and Muhammad Waseem 


107.1 Indications 


¢ Aspiration of fluid (arthrocentesis) 
— For diagnosis: to rule out infection 
— To relieve pressure from large, painful joint effusion 
¢ Injection of joints with inflammatory arthritis 
— Tendinitis 
— Bursitis 
— Rheumatoid arthritis (RA) 
¢ Injection of joints with osteoarthritis (OA) 
— Injection of large weight-bearing joints 
— Injection of small joints of hands 
¢ Intra-articular anesthetic 
— Shoulder reduction 
— Ankle impingement syndrome 


107.2 Contraindications 
¢ Cellulitis 


e Bacteremia 
e Fracture 
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107.3 Materials and Medications 


Glucocorticoid 

— Duration of effect inversely proportional to solubility 
¢ Less soluble > longer acting 

— Choice of steroid is the personal preference of the 
physician 

— Methylprednisone (Depo-Medrol) and triamcinolone 
acetonide (Kenalog) 
¢ Less likely to induce postinjection flare 

— Kenalog and triamcinolone hexacetonide (Aristospan) 
¢ Longest-acting agents 

Local anesthetic 

— 1% Lidocaine 

Needle 

— 18- to 22-gauge used for knee, ankle, hip, elbow, and 
shoulder 

— 25-gauge or smaller used for smaller joints 
(interphalangeal) 

Syringe 
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107.4 Procedure 4. Local anesthesia. 
¢ 1% Lidocaine injected into the skin and subcutaneous 
1. Selecting an injection approach. tissue 
¢ Knee ¢ Short burst of ethyl chloride spray before iodine 
— Lateral approach: | cm inferior to the patella later- preparation 
ally (Fig. 107.1) ¢ Mixing lidocaine with glucocorticoid preparation 
— Medial approach: | cm inferior to the patella medi- 5. Always aspirate joint fluid before injecting the 
ally (Fig. 107.2) corticosteroids. 
e Ankle ¢ Use a 1.5-inch 18-gauge needle for aspiration. 
— Lateral approach: just inferior to the lateral malleo- ¢ Confirm that the needle is in the joint space. 
lus (Fig. 107.3) ¢ Reduced effusion size before injection can improve 
— Medial approach outcomes. 
e Plantar flex the foot. ¢ Compress the opposite side of the joint to aid in aspira- 
e Angle the needle cephalad to pass between the tion (Fig. 107.6). 
medial malleolus and the tibialis anterior tendon 6. After aspirating, change the syringe. 
(Fig. 107.4). ¢ Use a sterile hemostat or hand to stabilize the needle 
e Shoulder within the joint space (Fig. 107.7). 
— Posterior approach ¢ Avoid injecting corticosteroids if the aspirate appears 
¢ Insert the needle 1 cm inferior and 1 cm medial purulent. 
to the posterolateral corner of the acromion. 7. Injection of medication. 
¢ Direct the needle anterior and medial toward the ¢ Can use the same needle used for aspiration. 
coracoid process (Fig. 107.5). ¢ Insert needle 0.75—1.25 inch in depth for injection. 
2. Skin preparation. 8. Remove the needle, wipe the iodine solution clean, and 
¢ Make three separate concentric outward spirals with apply the bandage. 
iodine disinfectant 9. Postinjection care. 
¢ Scrub with cyclohexidine preparation ¢ First 48 h: bedrest versus minimize walking 
3. Mark the injection site by impressing the skin with a hard ¢ Next 2-3 weeks: crutches or cane 
object. 


¢ Sterile end of needle sheath 
¢ Ball point pen with tip retracted 
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in terms of their social behaviour. Therefore, it is very important to not compromise the pharmaceutical trials by unnecessarily stressing the rats by harnessing the 
monitoring equipment. One of the technical challenges of developing an implantable system that monitors the various signals, is the relatively small size requ 
implantable telemetry system is a miniature transceiver implanted in an animal that senses, processes and transmits data via a wireless link to monitor vital signals of c: 
freely moving laboratory animals. This is crucial in giving researchers flexibility and reliability, especially in studies with special experimental settings using mazes 
wheels and treadmills. We have plans to develop a fully implantable telemetry system for subcutaneous or intraperitoneal placement in rats that monitors th 
parameters as well as blood pH and chemistry, nerve activity and circadian respiratory rate rhythms. The aim of this project is to eventually develop a system with ¢ 
capabilities that costs less than what is currently available, to provide more universities and researchers with the opportunity to use this technology. 


In this sequel, initially, when a module of our original system was placed under the skin of a rat, the wireless link failed completely. It could not send a temperature reac 
a centimetre! The point of failure was the commercial antenna in the module that had been designed to work outside the body, in air. Such antennas do not work unde 
because the electrical characteristics of skin (rat or human) are significantly different from that of air. Hence the main challenge was to design an antenna that works v 
placed under the skin. In addition, it was necessary to cover the module and the antenna by biocompatible material, which also affects antenna performance. Possible \ 
of skin characteristics from one rat to another or one person to another were considered. Unlike the commercial antenna, we wanted our antenna to radiate less into th 
the rat/person and more away from the body because that not only increases the quality of the wireless link, maximum range (distance between implanted mo 
monitoring station) and battery life but also reduces the exposure of the body to radio-frequency waves. Indeed we had to consider the electromagnetic effects of fat 
material around the antenna. We were able to meet all these requirements with a novel compact antenna design that is approx. one third the size of the original co 
antenna. We successfully demonstrated wireless telemetry transmission of temperature with the new module placed under rat skin and the monitoring station pli 
distance of up to 80 cm! This range is sufficient for our immediate target application supporting new medical research by Professor Paul Pilowsky’s team. If necessary, 
further extended by increasing the power level at the monitoring station. 


Coax cable 10mm 


Coated antenna 





- - 


Flexible and Wearable Antennas for Bio-Medical and Healthcare Applications 

Body Centric Wireless Communication is a rapidly growing research area targeted for medical, healthcare, public safety and defense applications. The need to address 
transceiver specifications and real-time scenarios in close proximity to human body is continuously evolving antenna system research. Several novel miniature antennas havi 
dual- and wide-band operations have been designed and tested for Wireless Body Area Network (WBAN). They have significant advantages of small size, wide radiation pat 
the human body for maximum coverage and are less sensitive to the gap variation between human body and antenna. 





A compact ultra wideband antenna is shown below with strong notch-band rejections up to VSWR = 26, that is tunable over a wide frequency range from 3.55GHz to 6.! 
been designed. To estimate the stub length to notch frequency for a given interfering application, analytical expressions for the normalized stub length which is indep 
substrate dielectric constant is also presented. This helps to avoid hit-an-trail method and gives a good estimate of initial design parameters for notch. Proposed antenna 
radiation patterns and yields a measured 10dB return-loss bandwidth from 3GHz to 10.5GHz. 





Antenna 





shin 


Fat 


la 








Characterizing Properties of Carbon Nano Tubes at Microwave Frequencies 

Carbon Nanotube (CNT) yarns are novel CNT-based materials that extend the advantages of CNT from the nano-scale to macro-scale applications. We have modelled CN1 
potential data transmission lines. Test structures have been designed to measure electrical properties of CNT yarns, which are attached to these test structures using gold | 
testing and microwave S-parameter measurements have been conducted for characterisation. The observed frequency independent resistive behaviour of the CNT yarn 
promising indicator that this material, with its added values of mechanical resilience and thermal conductivity, could be invaluable for a range of applications such as B 
Networks (BAN). A model is developed for CNT yarn, which fits the measured data collected and agrees in general with similar data for non-yarn CNTs. 
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107 Intra-articular Injection 625 


Fig. 107.1 Knee arthrocentesis, 
lateral approach 


Patella 


Relaxed 
quadriceps 
tendon 
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malleolus 


Sinus 
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Fig.107.3 Ankle arthrocentesis, lateral approach 


Thumb 
stabilizing 
patella 


Fig. 107.2 Knee arthrocentesis, medial approach 
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Tibialis anterior 


tendon 


Talus 





Fig.107.4 Ankle arthrocentesis, medial approach 





Acromion 





Head of 
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Fig.107.5 Shoulder arthrocentesis, posterior approach 


Fig.107.6 Compress opposite side of joint to aid in aspiration 
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Fig. 107.7 Use hemostat or hand to stabilize needle within joint space 
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107.5 Complications 


¢ Local postinjection flare 
— Irritation of the synovium by steroid microcrystals 
— Can be confused for infection 
— Occurs and resolves within 48 h after injection 
Treat with ice and appropriate analgesics. 
¢ Jatrogenic joint infection 
— Suspect if it begins later than, or lasts longer than, flare 
— Increasing pattern of pain 
— Fever, malaise, redness, or drainage around injection 
site 
— Staphylococcus aureus most common 
¢ Subcutaneous atrophy and depigmentation 
— Leakage of corticosteroids into soft tissues 
¢ Aspiration of blood 
— Indicative of trauma or bleeding disorder 
(hemophilia) 
e Systemic absorption 
Water-soluble preparations 
Dose dependent 
Injection into multiple joints 
Transient hyperglycemia in diabetic patients 
Avascular necrosis of the femoral head 


107.6 Pearls 


¢ Mixing lidocaine with glucocorticoids 
— Reduces pain caused by injection of steroids into joint 
space 
— Less likely to cause soft tissue atrophy and tendon 
rupture 
— Immediate relief from anesthetic indicates proper 
injection 
¢ Limiting intra-articular glucocorticoid injections per joint 
- OA 
¢ Four injections per lifetime of the joint 
¢ Injections reduce the rate of accelerated degenera- 
tion in joints 
— RA 
¢ Limit of one injection per month 
¢ No evidence of glucocorticoid-induced cartilage 
loss 
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Katrina John, Jeffrey Kile, and Amish Aghera 


108.1 Indications 


Fractures to the wrist or forearm 
To prevent motion at the wrist and elbow 
To prevent supination and pronation 


108.2 Contraindications 


Relative 
— Evidence of compartment syndrome or any neurovas- 
cular compromise 
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108.3 Materials (Fig. 108.1) 


¢ Stockinette 

¢ Padding 

e Splint material: fiberglass/plaster of Paris or prefabricated 
splint rolls, 2, 3, 4 inches depending on age and body 
habitus 

¢ Trauma shears/scissors 

¢ Elastic bandage 

¢ Tape 

¢ Container with water 

¢ Gloves, eyemask, sheet 

¢ Sling 
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Fig. 108.1 Equipment 


108 Sugar-Tong Splint 633 


108.4 Procedure 7. Place the stockinette on the arm (Fig. 108.3). 


. Ensure the skin of the affected extremity is clean, dry, 
and intact. 

. Cover the patient with a sheet or gown to protect the 
patient’s clothing and the surrounding area. 

. Position the patient’s arm abducted at 90° at the shoul- 
der and internally rotated with the elbow flexed at 90° 
(Fig. 108.2). 

. Measure the splinting material by running a single layer 
from the metacarpal heads of the dorsum of the hand 
along the extensor surface of the forearm over the elbow 
and humeral condyles and back down the flexor surface 
of the forearm to the palmar aspect of the hand to the 
metacarpal heads. 

. If using non-prefabricated splint rolls, lay the measured 
piece of splinting material out on a flat surface and mul- 
tiply the layers to the same length, 6—8 layers for fiber- 
glass and 10-12 layers for plaster. 

. Measure the stockinette from the finger tips to the mid- 
humerus and cut a hole for the thumb. 





Fig. 108.2 Arm positioning 


. Use a 3- to 4-inch padding roll to apply several layers of 


circumferential padding extending from the metacarpal 
heads to the midhumerus below the level of the stocki- 
nette (Fig. 108.4). 


. Wet the already prepared and measured splinting material 


and remove the excess water. 


10. Ensure the forearm is in the aforementioned position, 


11. 


12. 
13. 


14. 


and apply the splinting material from the metacarpal 
heads of the dorsum of the hand along the extensor sur- 
face of the forearm over the elbow and humeral condyles 
and back down the flexor surface of the forearm to the 
palmar aspect of the hand to the metacarpal heads 
(Fig. 108.5). 

Fold each end of the stockinette down over the padding 
and splinting material. 

An extra layer of padding can be added at this stage. 
Secure the entire splint with two elastic bandages/ace 
wrap and apply tape to ensure the bandages stay in place 
(Fig. 108.6). 

Place the arm in a sling. 





Fig. 108.3 Fiberglass being measured and stockinette on patient 
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Fig. 108.5 (a) Application of splinting material over padding (anteromedial view), (b) Application of splinting material over padding (anterolat- 
eral view) 


108 Sugar-Tong Splint 
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Fig. 108.6 Application of elastic bandage over splinting material 
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108.5 Complications 


*« Compartment syndrome 


108.6 Pearls and Pitfalls 


¢ Pearls 

— This procedure is best done with an assistant to hold 
the extremity in the desired position and to prevent the 
splint slipping as it is secured. 

— Having the patient in the illustrated position enables 
the practitioner to use gravity to hold the splint in the 
correct position while securing it; especially helpful if 
an assistant is not available. 

¢ Pitfalls 

— Ifthe splint is too short, it fails to immobilize the wrist. 

— If the splint is too long, it will cause reduced motion 
and stiffness at the metacarpophalangeal joints and 
swelling of the fingers due to immobility. 
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Electromagnetic Band Gap (EBG) Resonator Antennas (ERA) 


We have designed, fabricated, and measured antennas based on 3D, planar and 1D EBG structures (i.e. photonic crystals). These flat microwave antennas, known as EBG 
antennas or Fabry-Perot cavity antennas, can give gains of about 20dB and very good efficiencies. 


Enhancing Radiation Characteristics of ERAs by Improving Aperture Phase Distribution 

This work focuses on achieving superior radiation characteristics of ERAs by improving their aperture phase distributions. A unique method, utilizing full-wave simula 
analytical analysis, has been developed to design Phase Correcting Structures (PCS) for ERAs. This method uses actual phase distribution on the physical aperture of ERAs 
relying on geometric optics. Several Phase Correcting Structures (PCSs) have been designed, which were later validated with the measurements of their fabricated p: 
Tremendous improvement in the radiation performance is witnessed in both simulated and measured results. These exciting initial results validate our proposed methodc 
indicate an existence of a great potential to be explored. The figure below shows the field propagation above an ERA: (a) without PCS, and (b) with PCS. It is clear that the 
the PCS is much more uniform and the energy is focussed towards broadside direction, thus, resulting in increased directivity. 


a. without PCS b. with PCS 





Extremely Wideband High-Gain ERAs (Gain~15-20dBi, Bandwidths >50%) 

In 2014-15, we invented an innovative class of electromagnetic band-gap (EBG) resonator antennas which provide high gain and wide bandwidth with an extremely r 
footprint. One of the prototype developed has only 8% of the area as compared to conventional EBG resonator antennas but its performance (gain bandwidth) is a record hi 
for this class of antennas, while providing gain in the range of 15-20 dBi. This represents an improvement of nearly two orders of magnitude in the bandwidth compared tc 
EBG resonator antennas. Thanks to its practical advantages of flat shape and low-cost manufacturability, it can be easily attached to a wall of a building, for example, to cc 
building wirelessly to the National Broadband Network. 


Our most recent results on such wideband high gain antennas can be found in: “Achieving high gain-bandwidth through flat GRIN superstrates in Fabry-Perot cavity antenn 
2014 IEEE International Symposium on Antennas and Propagation (AP-S/USNC-URSD), pp. 1748 — 1749, Memphis, Tennessee, USA, July 6-11, 2014. 





Detailed antenna design along with experimental data of another of our wideband EBG resonator antenna having composite multi-layer superstrate, is published in the pa 
"Wideband high-gain EBG resonator antenna with a small footprint and all-dielectric superstructures" in IEEE Transactions on Antennas and Propagation, vol. 62, no. 6, 201. 
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Part XIV 


Obstetric Procedures 


Nathaniel Lisenbee and Joseph A. Tyndall 


109.1 Indications 
¢ Fetal heart rate (FHR) monitoring is important because it 
provides basic patterns that can be correlated to the acid— 
base status, circulatory volume, and oxygenation status of 
the fetus through brainstem detection and subsequent car- 
diac response. It has numerous indications during the 
antepartum and intrapartum stages [1]. 
e Antepartum indications include: 
— Nonstress test (consists of monitoring FHR in con- 
junction with fetal movements) 
— Contraction stress test (consists of monitoring FHR dur- 
ing contractions, which are induced pharmacologically) 
— Biophysical profile (BPP; consists of a nonstress test 
with an additional ultrasound) 
¢ Intrapartum indications include monitoring FHR during: 
— Uterine contractions 
— Pain medications/anesthetic administration to the 
mother during labor 
— Procedures performed during labor 
— Second stage of labor 
— High-risk pregnancies, which can be defined by a 
number of conditions including [2, 3]: 
¢ Maternal diabetes, asthma, preeclampsia/eclampsia 
¢ Multiple gestations 
¢ Intrauterine growth restriction 
¢ Premature rupture of membranes 
¢ Lack of prenatal care 
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109.2 Contraindications 


¢ Contraindications for internal FHR monitoring 
— Presence of placenta previa 
— Lack of ability to identify the portion of the fetal body 
where device application is being considered 
— Active herpes, active hepatitis, or human immunodefi- 
ciency virus (HIV) in the mother 
¢ Contraindications for external FHR monitoring 
— None 


109.3 Methods 


¢ Two methods for FHR monitoring: 
— Auscultation monitoring 
¢ Defined as auscultating FHR every 15 min in the 
first stage of labor and auscultating every 5 min in 
the second stage 
¢ Does not provide strips with information on FHR 
variability or the shape of FHR accelerations and 
decelerations 
¢ Electronic FHR monitoring 
— Allows for real-time continuous monitoring of FHR 
activity 
— Provides strips with information on FHR variability or 
the shape of FHR accelerations and decelerations 
— Can be performed by Doppler ultrasound or internal 
fetal electrocardiography (ECG) 


When comparing the two methods for electronic FHR 
monitoring, both are equally as reliable in most settings. 
Thus, external monitoring is the preferred method because it 
is noninvasive. However, in instances in which external mon- 
itoring becomes difficult owing to poor quality or technical 
difficulties, invasive monitoring is indicated. 
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109.4 Equipment and Procedures 109.4.1 Doppler Ultrasound is a Noninvasive 
Method to Monitor FHR (Fig. 109.1) 
Multiple methods exist for electronic FHR monitoring [4]. 
The most commonly used are external monitoring by * Equipment 
Doppler ultrasound and internal monitoring by fetal ECG. — Electronic FHR monitor 
— Contraction monitor sensor with belt 
— FHR sensor with belt (consists of ultrasound trans- 
ducer and ultrasound sensor) 
— Ultrasound coupling gel 
¢ Procedure 
1. Place the patient in a supine position. 
2. Palpate the fetal anatomy through the maternal abdo- 
men to find the approximate location of the fetal heart. 
3. Place ultrasound coupling gel on the maternal abdo- 
men at the sight of suspected fetal cardiac activity. 
4. Place the transducer probe on gel and locate the fetal 
heart tones. 
5. Once the fetal heart tones are located, secure the FHR 
sensor to the maternal abdomen with the attached belt. 
6. Place the contraction monitor sensor near the fundus 
in order to monitor uterine contractions. 
7. Attach the FHR sensor and contraction monitor to the 
electronic FHR monitor to obtain printouts of FHR 
and uterine contractions. 






Contraction 
monitor sensor 


Fetal heart 
rate sensor 


Fig. 109.1 External fetal heart rate monitoring 


109 Fetal Heart Rate Monitoring 


109.4.2 Internal Fetal ECG is an Invasive 


Fig. 109.3 Internal fetal heart 


Method to Monitor FHR and is Used 
Only in the Intrapartum Period 
(Fig. 109.2) 


Equipment 
Fetal scalp monitoring electrode 
Leg plate electrode 
Sterile vaginal lubricant 
Electronic FHR monitor 
Procedure (Fig. 109.3) 
1. 
2: 
3. 


Place the patient in a dorsal lithotomy position. 
Sterilize the perineal area. 

Perform a bimanual vaginal examination to identify 
the presenting fetal head. (Note: rupture of mem- 
branes must occur before scalp electrode placement.) 
Place the spiral electrode guide tube on the fetal scalp 
and advance the electrode until it contacts the scalp. 
Rotate the drive tube clockwise approximately one 
rotation while maintaining pressure on the guide 
tube and drive tube. 

Release the electrode locking device by pressing 
together the arms on the drive tube grip. 

Carefully slide the drive and guide tubes off the elec- 
trode wires while holding the locking device open. 
Attach the leg plate to the inner thigh of the mother 
as a means to eliminate electrical interference. 
Attach the spiral electrode wires to the color-coded 
leg plate, which is then connected to the electronic 
fetal monitor. 


rate monitoring 
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10. Do not forget to sterilize the area of electrode place- 


ment after delivery is completed and the scalp elec- 
trode is removed. 


When comparing the two methods, both are equally reliable 
in most settings. Thus, external monitoring is the preferred 
method because it is noninvasive. However, in instances in which 
external monitoring becomes difficult owing to poor quality or 
technical difficulties, invasive monitoring is indicated. 






Scalp electrode 


~ 


Intrauterine 
catheter 


Fig. 109.2 Internal fetal heart rate monitoring 
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109.5 Complications 


¢ Complications of external FHR monitoring 
— Confusing maternal aortic pulsations with FHR 
— Inability to locate FHR 
¢ Complications of internal FHR monitoring 
— Fetal or maternal hemorrhage, fetal infection (usually 
scalp abscess at the site of insertion) 
— Uterine perforation 
— Subsequent fetal infection due to the invasive nature of 
the procedure 
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L. Connor Nickels 


An ectopic pregnancy is a pregnancy occurring outside of the 
uterine cavity (fundus) (Fig. 110.1). 


Interstitial Tubal (isthmus) Tubal (ampullar) 


Infundibular 
(ostial) 





Cervical 
Abdominal 





Fig.110.1 Ectopic pregnancy 
diagram: pregnancy occurring 
outside of the uterine cavity 
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110.1 Indications 


Patient in the first trimester of pregnancy with any combi- 
nation of the following: 
— Vaginal bleeding. 
— Acute pelvic pain. 
— Hypotension or shock. 
— Dizziness or syncope. 
— Positive pregnancy test. 
— Adnexal mass. 
— Cervical tenderness. 
— Abnormal rise in the serum human chorionic gonado- 
tropin (hCG). 
— No specific sign or symptom is absolute; therefore, the 
index of suspicion must be high. 
Risk factors for ectopic pregnancy 
— Pelvic inflammatory disease (PID) 
— Previous or current intrauterine device 
— Infertility treatment 
— Previous tubal surgery 
— Tubal ligation 
— Advanced maternal age 
— Previous ectopic pregnancy 
Usually a sonographic diagnosis 
Sonographic signs of an ectopic can include any of the 
following: 
— Gestational sac seen in one of the following: 
e Adnexa with any of the following: 
— Yolk sac (Figs. 110.2 and 110.3) 
— Fetal pole with or without cardiac activity 
— Both of these 
¢ Low position in the cervix (cervical ectopic) 
¢ Seemingly in the uterus, but off to one side and with 
minimal surrounding myometrium (interstitial 
ectopic) 
e Within the peritoneal cavity, outside of the tubes 
(abdominal ectopic) 
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— Pseudogestational sac seen in the uterus 
¢ Uterine enlargement or decidual reaction (single 
outline only) in the endometrium without a gesta- 
tional sac 
— Other unidentifiable adnexa mass 
— Free fluid in the pelvis or other gravity-dependent area 
(i.e., Morison’s pouch in the right upper quadrant in a 
supine or reverse Trendelenburg patient) (Fig. 110.4) 
¢ Small free fluid: tracks less than one third of the 
posterior cul-de-sac 
¢ Moderate free fluid: tracks less than two third of the 
posterior cul-de-sac 
¢ Large free fluid: tracks greater than two third of the 
posterior cul-de-sac 
¢ Right upper quadrant free fluid: 100 % predictabil- 
ity for ectopic 
— Empty uterus with serum hCG >1000 mIU/mL 


¢ Patient in the first trimester of pregnancy with a serum 


hCG at or above the discriminatory zone (i.e., 1000 mIU/ 

mL) without a sonographically normal gestational sac 

visualized within the uterus has an ectopic pregnancy 

until proven otherwise and should have an obstetrics con- 
sult in the emergency department. 

— Discriminatory zone may differ depending on the ref- 
erence, but typically serum hCG between 1000 and 
2000 mIU/mL. 

— For this chapter, we have used serum hCG greater than 
1000 mIU/mL [1]. 

Yolk sac should be first sign of definitive intrauterine 

pregnancy for emergency physicians because the decidual 

reaction and gestational sac are not 100 % accurate. 

May be treated surgically or medically depending on 

findings. 

— Decision to be made by obstetrics consultant 
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Fig. 110.2 Transabdominal transverse image of the uterus shows an 

ectopic pregnancy in the left adnexa (red circle) with the yolk sac pres- Fig. 110.4 Transvaginal sagittal image of an empty uterus and large 

ent (Photo courtesy of L. Connor Nickels, MD, RDMS) free fluid in the posterior cul-de-sac in a patient with a presumed ecto- 
pic pregnancy (Photo courtesy of L. Connor Nickels, MD, RDMS) 


Uterus 





Fig. 110.3 Transvaginal sagittal image of an empty uterus with an 
ectopic pregnancy (in red circle) noted just posterior in the adnexa, 
adjacent to the ovary. The gestational sac contains a yolk sac and there 
is free fluid surrounding the ectopic, concerning for rupture (Photo 
courtesy of L. Connor Nickels, MD, RDMS). YS—yolk sac 
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110.2 Contraindications 


¢ Treating ectopic pregnancy medically when there is a 
fetal pole with fetal cardiac activity present 

¢ Failing to consult obstetrics/gynecology when the patient 
has a serum hCG above the discriminatory zone and no 
sonographic findings to diagnose intrauterine pregnancy 


110.3 Materials and Medications 


¢ Ultrasound machine 

¢ Probes: transabdominal and transvaginal 

° Gel 

e Skilled ultrasound operator 

¢ Endocavitary probe covers 

¢ Pelvic setup (speculum and cultures) 

¢ Cardiac monitor, two large-bore intravenous needles 

¢ Laboratory work: serum quantitative hCG, hemoglobin, 
group and Rh, type and screen 
— May add additional laboratory tests depending on the 

stability and symptoms of the patient 


110.4 Procedure 


¢ Ultrasound machine in obstetrics preset 
¢ Transabdominal 

1. Place the patient in the supine position. 

2. Ideally, the bladder will be full for a good acoustic 
window. 

3. Using a curvilinear probe, 3.5-5.0 MHz. 

4. Begin scanning the patient in a sagittal position to 
identify the uterus as it lies in position with the blad- 
der. Scan through the uterus completely in this plane, 
looking for signs of intrauterine pregnancy. 

5. Imaging in the transverse plane should be done in the 
same fashion. 

6. Any signs of an intrauterine pregnancy should be 
clearly identified and measured. 
¢ Gestational sac diameter 
¢ Yolk sac diameter 
¢ Fetal pole with crown rump diameter 

— If present, fetal cardiac activity should be 
recorded by using M mode to obtain a tracing 
and measure the fetal heart rate. 

7. Although sometimes limited transabdominally, an 
attempt to identify the adnexa should be performed in 
both planes bilaterally. 

8. Any abnormalities identified should be noted. 
¢ Free fluid surrounding the uterus (anterior or poste- 

rior cul-de-sac) or ovaries 
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* On pelvic imaging or FAST examination 

¢ Intrauterine contents not consistent with an intra- 
uterine pregnancy and/or not clearly, centrally visu- 
alized within the fundus of the uterus 

¢ Masses or contained fluid collections outside the 
uterus 

¢ Yolk sac or fetal pole with or without fetal cardiac 
activity seen outside the uterus 

9. Transvaginal scanning should be performed if a defini- 
tive intrauterine pregnancy is not identified on transab- 
dominal imaging. 


¢ Transvaginal 


1. Place the patient in the lithotomy position. 

2. Bladder is preferably empty. 

3. Use a transvaginal probe, 5—7.5 MHz. 

4. Repeat same steps as transabdominal imaging 
previously. 


¢ The procedure is the same for all pelvic ultrasounds 


including transabdominal and transvaginal imaging 
because this should be performed in a systematic fash- 
ion so as to not miss pertinent findings. Therefore, the 
findings may change, but the examination remains 
the same. 

Yolk sac should be first sign of definitive intrauterine 
pregnancy for emergency physicians because the decidual 
reaction and gestational sac are not 100 % accurate. 


110.5 Complications 


Bleeding: internal and/or external 


¢ Maternal death if ectopic ruptures 


— Nine percent of pregnancy-related deaths 
— Leading cause of maternal death in the first trimester 
Sterility if tube(s) are damaged or surgically removed 


110.6 Pearls and Pitfalls 


Pearls 

— Following the algorithm despite the patient being 
asymptomatic can help avoid missed _ ectopic 
pregnancies. 

— Cervical ectopic pregnancy can be difficult to distin- 
guish from a spontaneous abortion. If the patient is 
aborting, the ultrasound findings should change 
quickly and the patient should have vaginal bleeding. 

— Double decidual reaction versus pseudogestational sac 
can be a very subtle distinction and should not be made 
by emergency physicians; hence, the statement made 
earlier, requiring a yolk sac as the earliest definitive 
sign of an intrauterine pregnancy. 
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— Fibroids, bicornuate uterus, and eccentrically located 
normal pregnancy can all appear similar to a cornual 
pregnancy. 

— The majority of times when the patient is pregnant, has 
an empty uterus on sonographic imaging, and has vag- 
inal bleeding, the final diagnosis is still unknown 
because it could still be an early normal pregnancy or 
an ectopic pregnancy. 

¢ Pitfalls 

— Failing to obtain a pregnancy test in all reproductive- 
age women who have not undergone a hysterectomy 

— Failing to identify subtle signs of ectopic pregnancies 
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Frequency response of one of our Wideband ERA Prototypes 





Simple Dual-Band ERAs 

We developed a new method to obtain dual-band operation from a simple electromagnetic band gap resonator antenna. The antenna is based on a one-dimensional EBG 
made out of two low-cost unprinted dielectric slabs. The EBG structure is implemented as the antenna superstrate, which has been designed to provide a locally-inverted 
reflection phase gradient with high reflectivity, in two pre-determined frequency bands. The linearly polarised antenna design and experimental results are described in 
entitled: "A simple dual-band electromagnetic band gap resonator antenna based on inverted reflection phase gradient" published in IEEE Transactions on Antennas and Pre 
vol. 60, no. 10, pp. 4522-4529, 2012. 





We have extended this concept for dual-band, dual-polarised and circularly-polarised antennas. We also designed a tri-band antenna following this concept. It needs only t 
cost unprinted dielectric slabs. 
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Low-Profile Wideband ERAs 

We have designed and successfully tested wideband low-profile (thin) EBG resonator antennas. The breakthrough that contributed to this success is our design of a partially 
surface (PRS) with a positive reflection phase gradient. Thin single-dielectric-slab PRSs with printed patterns on both sides were investigated to minimise the PRS thickn« 
simplify fabrication. Three such surfaces, each with printed dipoles on both sides, have been designed to obtain different positive reflection phase gradients and reflection r 
levels in the operating frequency bands. These surfaces, and the EBG resonator antennas formed from them, were analysed theoretically and experimentally to highlight t 
compromises involved and to reveal the relationships between the antenna peak gain, gain bandwidth, the reflection profile (i.e. positive phase gradient and magnitude) of tl 
and the relative dimensions of dipoles. A small feed antenna, designed to operate in the cavity field environment, provides good impedance matching (|S11|< -10 dB) < 
operating frequency bands of all three EBG resonator antennas. Experimental results confirmed the wideband performance of a simple, low-profile EBG resonator antenn< 
thickness is only 1.6mm, effective bandwidth is 12.6%, measured peak gain is 16.2 dBi at 11.5 GHz and 3dB gain bandwidth is 15.7%. Please find details in a paper entitled 
of Simple Thin Partially Reflective Surfaces with Positive Reflection Phase Gradients to Design Wideband, Low-Profile EBG Resonator Antennas,” published in IEEE Tra 
on Antennas and Propagation in 2012. 





Low-Profile Dual-Band ERAs 
We have achieved dual-band operation in a low-profile EBGRA using a single dielectric superstate with a printed pattern only on one side. This also made use of our r 
inverting the gradient of the PRS reflection coefficient. 





Woodpile EBG Material and Antennas 
In 2003, we designed and built a woodpile 3D photonic crystal, also known as a EBG crystal, operating in microwave frequencies, and demonstrated experimentally the ex 
the electromagnetic band gap. The crystal is made out of cermain material. 


Then we designed a planar EBG resonator antenna. Shown below, it has a resonant cavity between a ground place and a 3D woodpile photonic crystal. We employed both 1 
and slots to feed the cavity, and investigated both linearly and circularly polarised antennas. The linearly polarised antenna design and experimental results are described in 
entitled “A planar resonator antenna based on a woodpile EBG material,” published in IEEE Transactions on Antennas and Propagation,vol. 53, no. 1, pp. 216-223, January 2 
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Definition: molar pregnancy =hydatidiform mole=anoma- 
lous growth of trophoblastic tissue 
¢ Complete: 46,XX or 46,XY 
— Completely paternal in origin 
— Contains no fetal tissue 
— Most recognizable by clinical symptoms 
¢ Incomplete (partial mole): 69,XXX or 69,XXY 
— Maternal and paternal in origin 
— Contains fetal tissue 
— More subtle clinical presentation 


111.1 Indications 
* Clinical 
following: 
Vaginal bleeding 
— With or without vomiting, persistent hyperemesis 
gravidarum 
High blood pressure 
— Uterine size large for dates 
¢ Serum human chorionic gonadotropin (hCG) very ele- 
vated (more than would be consistent for dates) 
— Usually greater than 100,000 mIU/mL 


presentation of any combination of the 


111.2 Contraindications 


¢ Conservative management 
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111.3 Materials and Medications 


e¢ Ultrasound machine 


¢ Probes: curvilinear (abdominal) and _ endocavitary 
(transvaginal) 
* Gel 


¢ Skilled ultrasound operator 
¢ Endocavitary probe covers 
¢ Pelvic setup (speculum and cultures) 
¢ Lab work: serum quantitative hCG, hemoglobin, group 
and Rh 
— May add additional laboratory tests depending on the 
stability and symptoms of the patient 


111.4 Procedure 


¢ Ultrasound machine in obstetrics preset 
¢ Transabdominal imaging 

1. Place the patient in the supine position. 

2. Ideally the bladder will be full for a good acoustic 
window. 

3. Using a curvilinear probe, 3.5—5.0 MHz, begin scan- 
ning the patient in a sagittal position to identify the 
uterus as it lies in position with the bladder. Scan 
through the uterus completely in this plane, looking 
for signs of intrauterine pregnancy. 

4. Rotate the probe to a transverse position (counterclock- 
wise), with the probe indicator toward the patient’s 
right. Scan through the uterus completely in this plane, 
looking for signs of intrauterine pregnancy. 

5. Any signs of an intrauterine pregnancy should be 
clearly identified and measured. 

6. Sonographic findings of a molar pregnancy include: 
¢ Uterus filled with heterogeneous material. 

— Echogenic material interspersed with anechoic 
areas known as the “snowstorm” is the most 
common appearance of a mole (Fig. 111.1). 
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— Can be confused with missed abortion or fibroid, 
underscoring the importance of the serum hCG 
because this will be markedly elevated, which 
would make the alternative diagnoses less likely. 

e Theca lutein cysts are present in the adnexa. 

— Multiple cysts that occur with trophoblastic dis- 
ease, multiple pregnancies (e.g., twins, triplets, 
quadruplets), and induced ovulation. 


. Although sometimes limited transabdominally, an 


attempt to identify the adnexa should be performed in 
both planes bilaterally. 

Any abnormalities should be noted. 

Transvaginal scanning should be performed if a defini- 
tive intrauterine pregnancy is not identified on transab- 
dominal imaging. 


¢ Transvaginal imaging 


1. 


Place the patient in the lithotomy position. 


2. Bladder is preferably empty. 
3. 
4. Repeat the same steps as for transabdominal imaging 


Use an endocavitary probe, 5—7.5 MHz. 


previously discussed (#2). 

After scanning through the uterus in sagittal and trans- 

verse planes, the adnexa should be scanned in the same 

format bilaterally, looking for any abnormalities, as 

mentioned previously. 

Again, any abnormalities should be noted: 

¢ Free fluid surrounding the uterus (anterior or poste- 
rior cul-de-sac) and/or ovaries 

¢ Masses or contained fluid collections outside the 
uterus 

¢ Yolk sac or fetal pole with or without fetal cardiac 
activity seen outside the uterus 
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¢ The procedure is the same for all pelvic ultrasounds, 
transabdominal and transvaginal imaging, because this 
should be performed in a systematic fashion so as to not 
miss pertinent findings. Therefore, the findings may 
change, but the examination remains the same. 

¢ Yolk sac should be the first sign of definitive intrauterine 
pregnancy for emergency physicians because the decidual 
reaction and gestational sac are not 100 % accurate. 





Fig. 111.1 Uterus with “cluster of grapes” represents a molar preg- 
nancy (With kind permission from Springer Science + Business Media: 
Swisher E, Greer B, Montz FJ, Stenchever M. Chapter 14. In: Atlas of 
Clinical Gynecology. Vol. 4. 2002) 
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111.5 Complications 


¢ Multiple complications can occur and include the 
following: 

— Invasive mole: when a hydatidiform mole recurs after 
a dilation and curettage and, subsequently, invades the 
muscle of the uterus. 
¢ Molar tissue is extremely vascular and necessitates 

an ultrasound with color flow to visualize any resid- 
ual invasive tissue. 

— Choriocarcinoma: molar tissue develops into an 
aggressive malignancy, metastasizing early throughout 
the body. 

— In this scenario, the tumor takes on a very cystic 
appearance with an echogenic rim. When this is 
seen, one should attempt to view the liver as well 
for heterogeneous appearance consistent with 
metastasis or consider other imaging tests (more 
comprehensive ultrasound, computed tomography, 
or magnetic resonance imaging) as indicated to fur- 
ther assess concerns for malignancy. 

— Extremely sensitive to chemotherapy, but most 
favorable results are seen when diagnosed and 
treated early. 


111.6 Pearls and Pitfalls 


¢ Pearls 
— An obstetrics consult must be obtained in the emer- 
gency department when this diagnosis is made. 
e Patient must have a dilation and curettage to evacu- 
ate the mole. 
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¢« Serum hCG must be followed to less than detect- 
able levels because they have a high rate of recur- 
rence (invasive mole) and potential for malignancy 
(choriocarcinoma). 
— May occur with intrauterine or ectopic pregnancies or 
after spontaneous abortions or full-term pregnancies 
— Qualitative and quantitative B-hCG results may be 
falsely negative in the setting of a molar pregnancy 
secondary to the “high-dose hook effect” found in 
sandwich immunoassays in which there is an over- 
abundance of antigen. This error can be corrected by 
diluting the urine or serum sample and repeating the 
test. 
¢ Pitfalls 
— Many pitfalls with potentially life-threatening conse- 
quences surround this diagnosis. Meticulous observa- 
tion of the entire picture, including clinical presentation, 
laboratory results, and ultrasound findings, will help to 
avoid these outcomes. 
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112.1 Indications * References differ in their measurements depending on the 
approach, transabdominal versus transvaginal, and the 
¢ A blighted ovum or anembryonic gestation is a pregnancy frequency of the probe (e.g., 5 MHz vs. 6.5 MHz or 
in which the embryo never develops in the gestational sac greater). 
(Fig. 112.1). 


¢ Presents as first-trimester vaginal bleeding and/or pelvic 
pain or cramping 
¢ Criteria for defining an anembryonic pregnancy: 

— Based, in part, on mean gestational diameter (MGD), 
which is an average of three orthogonal measurements 
of the gestational sac 
¢ MGD greater than or equal to 25mm with no 

embryo 
¢ 5 MHz or less 
— MGD greater than or equal to 20 mm without a 
yolk sac 
— May have abnormally low sac position 


GS 2.70cm 7wéd 





Fig. 112.1 Low-lying empty gestational sac consistent with blighted 
ovum (Photo courtesy of L. Connor Nickels, MD, RDMS) 
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112.2 Contraindications 


¢ Misinterpreting images as blighted ovum when any of the 
following could potentially be present: 
— Early intrauterine pregnancy 
— Pseudogestational sac 
— Molar pregnancy 

¢ Discussions with the patient should always involve an 
obstetrics consult or referral for definitive decisions and 
treatment. 


112.3 Materials and Medications 


¢ Ultrasound machine 

¢ Probes: transabdominal and transvaginal 

¢ Ultrasound gel 

¢ Endocavitary probe covers 

¢ Skilled ultrasound operator 

¢ Laboratory tests: serum quantitative human chorionic 
gonadotropin (hCG), hemoglobin, group, and Rh 
— May add additional laboratory tests depending on the 

stability and symptoms of the patient 


112.4 Procedure 


¢ Ultrasound machine in obstetrics preset 

¢ Transabdominal 
1. Place the patient in the supine position. 

2. Ideally the bladder will be full for a good acoustic 
window. 

Use a curvilinear probe, 3.5—5.0 MHz. 

4. Begin scanning the patient in a sagittal position to 
identify the uterus as it lies in position with the blad- 
der. Scan through the uterus completely in this plane, 
looking for signs of intrauterine pregnancy. 

5. Imaging in the transverse plane should be done in the 
same fashion. 

6. Any signs of an intrauterine pregnancy should be 
clearly identified and measured. 
¢ In this case, gestational sac and any other intrauter- 

ine contents 
7. Although sometimes limited transabdominally, an 
attempt to identify the adnexa should be performed in 
both planes bilaterally. 
8. Any abnormalities should be noted. 
¢ Free fluid surrounding the uterus (anterior or poste- 
rior cul-de-sac) or ovaries 

¢ Masses or contained fluid collections outside the 
uterus 

¢ Yolk sac or fetal pole with or without fetal cardiac 
activity seen outside the uterus 
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9. Transvaginal scanning should be performed if a defini- 
tive intrauterine pregnancy is not identified on transab- 
dominal imaging. 

¢ Transvaginal 

1. Place the patient in the lithotomy position. 

2. Bladder is preferably empty. 

3. Use a transvaginal probe, 5—7.5 MHz. 

4. Repeat the same steps as for transabdominal imaging 
previously discussed (#2). 

¢ The procedure is the same for all pelvic ultrasounds 
including transabdominal and transvaginal imaging 
because this should be performed in a systematic fashion 
so as to not miss pertinent findings. Therefore, the find- 
ings may change, but the examination remains the same. 

¢ Yolk sac should be first sign of definitive intrauterine 
pregnancy for emergency physicians because the decidual 
reaction and gestational sac are not 100 % accurate. 


112.5 Complications 


¢ Bleeding 
¢ Retained products of conception 


112.6 Pearls and Pitfalls 


¢ Pearls 
— See “Contraindications.” If following an algorithm, a 
blighted ovum would fall into indeterminate category 
and obstetrics consult is recommended in the emer- 
gency department. 
¢ Pitfalls 
— It is imperative to inform all pregnant patients that 
obstetrical ultrasonography performed by emergency 
physicians is limited and not used to detect fetal health 
and/or anatomy. 


Selected Reading 


Cosby K, Kendall J, editors. Practical guide to emergency ultrasound. 
Philadelphia: Lippincott Williams & Wilkins; 2006. 

Doubilet PM, Benson CB, Bourne T, Blaivas M. Diagnostic criteria for 
nonviable pregnancy early in the first trimester. N Engl J Med. 
2013;369(15):1443-S1. 

Ma OJ, Mateer JR, Blaivas M, editors. Emergency ultrasound. 2nd ed. 
New York: McGraw Hill Professional; 2007. 

Morin L, Van den Hof MC. Ultrasound evaluation of first trimester 
pregnancy complications. J Obstet Gynaecol Can. 
2005;161:581-5. 

Sanders RC, Winter T, editors. Clinical sonography: a practical guide. 
4th ed. Philadelphia: Lippincott Williams & Wilkins; 2007. 

Shah K, Mason C, editors. Essential emergency procedures. 
Philadelphia: Lippincott Williams & Wilkins; 2008. 


L. Connor Nickels and Giuliano De Portu 


Key Points 

Threatened abortion: closed os, no passage of products of 
conception (POC). 

Inevitable abortion: open os, no POC. 

Incomplete abortion: open os, passage of POC. 

Complete abortion: closed os, empty uterus (all POC passed). 

Missed abortion: fetus has died and the uterus has failed to 
enlarge any further. 


113.1 Indications 
¢ Vaginal bleeding in the setting of early intrauterine 
pregnancy 


113.2 Contraindications 


¢ There are no contraindications to ultrasonography. 


113.3 Materials and Medications 


¢ Ultrasound machine 

¢ Probes: curvilinear (transabdominal) and endocavitary 
(transvaginal) 

* Gel 

¢ Endocavitary probe covers 

¢ Towels 

e Skilled ultrasound operator 

¢ Pelvic setup (speculum and cultures) 

¢ Cardiac monitor and intravenous access if bleeding is 
significant 

¢ Laboratory tests: serum human chorionic gonadotropin 
(hCG), hemoglobin, group and Rh, type, and screen 
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113.4 Procedure 


The procedure is the same for all pelvic ultrasounds includ- 
ing transabdominal and transvaginal imaging because this 
should be performed in a systematic fashion so as to not miss 
pertinent findings. Therefore, the findings may change, but 
the examination remains the same. 


1. Place the patient in the supine position. 

2. Ultrasound machine in obstetrics preset with abdominal 
probe and gel. 

3. Begin scanning the patient in a transabdominal sagittal 
plane to identify the uterus as it lies in position with the 
bladder. Scan through the uterus completely in this plane 
looking for signs of intrauterine pregnancy (gestational 
sac, yolk sac, fetal pole, fetal cardiac activity). 
¢ For our purposes as emergency physicians, a yolk sac 

(at the least) must be seen within the uterus to defini- 
tively report an intrauterine pregnancy (Fig. 113.1). 
The decidual reaction and/or presence of gestational 
sac is not 100 % accurate. 

4. Transabdominal imaging in the transverse plane should 
be done in the same fashion. 

5. If an intrauterine pregnancy is clearly identified on 
transabdominal scanning, appropriate measurements 
can be taken to estimate dates: 
¢ Gestational sac diameter. 
¢ Yolk sac diameter or crown rump length (CRL). 
¢ If present, fetal cardiac activity should be recorded 

by using M mode to obtain a tracing and measure the 
fetal heart rate (Fig. 113.2). 

6. For a complete examination, the adnexa should be 
scanned in an attempt to identify the ovaries bilaterally. 

7. Any abnormalities identified should be noted: 
¢ Free fluid surrounding the uterus (anterior or poste- 

rior cul-de-sac) or ovaries 
— On pelvic imaging or focused assessment with 
sonography in trauma (FAST) examination 
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¢ Intrauterine contents not consistent with an intrauter- 10. Measurements should be taken of any intrauterine 


ine pregnancy and/or not clearly, centrally visualized findings. 
within the fundus of the uterus e Same as #5. 
e Any masses or contained fluid collections noted out- ¢ CRL>7 mm on transvaginal ultrasound should have 
side the uterus fetal cardiac activity. 
e Yolk sac or fetal pole with or without fetal cardiac 11. Each adnexa should be scanned in the sagittal and trans- 
activity seen outside the uterus verse planes. 
8. Transvaginal scanning with the endocavitary probe 12. Any abnormalities identified should be noted. 
should be performed if a definitive intrauterine preg- e Same as #7. 
nancy is not identified on transabdominal imaging. 13. The uterus will be empty in the case of a complete abor- 
9. Transvaginal imaging is performed in the sagittal and tion (Figs. and ). 


transverse planes to identify an intrauterine pregnancy, 
with bladder preferably empty. 





Fig. 113.1 Yolk sac present within the gestational sac with double Fig. 113.3 Transvaginal sagittal image of an empty uterus (Photo 
decidual reaction (With kind permission from Springer courtesy of L. Connor Nickels, MD, RDMS) 

Science+Business Media: Buja LM, Chandrasekhar C. Chapter 7: 

pathology of the breast and female genital tract. In: Krueger GRF, Buja 

LM, eds. Atlas of Anatomic Pathology with Imaging. 2013) 





Fig. 113.2 Fetal cardiac activity recorded using M mode to obtain a 
tracing and measure the fetal heart rate (With kind permission from 
Springer Science+Business Media: Hanprasertpong T, Phupong 
V. First trimester embryonic/fetal heart rate in normal pregnant women, Ourtesy of L. Connor Nickels, MD, RDMS) 
Archives of Gynecology and Obstetrics. 2006;274(5)) 


Fig. 113.4 Transvaginal transverse image of an empty uterus (Photo 


113 Ultrasonography for Threatened, Incomplete, or Compete Abortion 


113.5 Complications 


e Vaginal bleeding 
¢ Miscarriage 
¢ Rh isoimmunization 


113.6 Pearls and Pitfalls 


¢ Pearls 
— Threatened abortion: 
¢ Threatened abortion is not visible sonographically. 
It is the presumed diagnosis when a patient presents 
with vaginal bleeding in the first 20 weeks of preg- 
nancy, an intrauterine pregnancy is found with dates 
corresponding to the patient’s dates, and the cervix 
is closed. 
¢ Fetal cardiac activity suggests a better prognosis 
than those without. 
¢ Fetal heart rate less than 120 bpm suggests impend- 
ing fetal death (only 6 % survival). 
— Completed abortion: 
¢ There are only three scenarios in which this diagno- 
sis can confidently be made in the emergency 
department: 
1. Intact gestation is passed and identified in the 
emergency room. 
2. Ultrasound shows an empty uterus in the setting 
of a prior known intrauterine pregnancy. 
¢ Small internal echoes within the uterus may 
represent blood rather than retained products 
of conception, but this determination should 
be made in consultation with obstetrics. 
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3. Negative pregnancy test result in the setting of a 
prior known intrauterine pregnancy. 

¢ In all other cases, the quantitative B-hCG must be 
followed until it is less than 2 mIU/mL. 

¢ Pitfalls 
— Treating threatened abortion as fetal demise or abor- 

tion — many of these pregnancies actually go on to 
completion with a normal fetus. 

— If there is any concern for alternative diagnoses in any 
of the abortion types (i.e., ectopic gestation), obstetrics 
consult should be obtained. 

Failing to order a quantitative serum hCG to rule out 

other possibilities (e.g., molar pregnancy) and to 

ensure that it is trending downward (if others to 
compare). 

— Failing to establish follow-up for an incomplete abor- 
tion to ensure appropriate management. The patient 
may eventually require a dilation and curettage if prod- 
ucts do not pass naturally. 
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Ultrasonography for Placenta Previa 1 1 4 
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Placenta previa is a condition in which the placenta covers ¢ Marginal : Lower margin of placenta reaches the internal 


the internal cervical os. It is the leading cause of antepartum os but does not cover it (within 3 cm). 

hemorrhage. There are four grades of the condition: ¢ Low lying: Lower margin of placenta is located in the 
*« Complete: Placenta completely covers the internal os. lower uterine segment but does not reach the internal os 
¢ Partial: Placenta partially covers the internal os. (Fig. 114.1). 





Total 40% Partial 30% Marginal Low lying 


30% 


Fig.114.1 Varying degrees of placenta previa 
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114.1 Indications 

¢ A patient in the second half of pregnancy who presents to 
the emergency room with bright red, painless vaginal 
bleeding OR premature labor should be evaluated for this 
condition. 


114.2 Contraindications 


e¢ Absolute: 
— There are no absolute contraindications to transab- 
dominal ultrasonography. 
¢ Relative: 
— Transvaginal ultrasound should be carried out with 
caution, so as to avoid hemorrhage. 


114.3 Materials and Medications 


¢ Ultrasound machine 

¢ Probes: curvilinear or phased array, endocavitary 

¢ Sterile gel 

¢ Endocavitary probe covers 

¢ Towels 

¢ Sterile speculum (see previously) 

¢ Cardiac monitor, two large-bore intravenous needles, lab- 
oratory tests 
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114.4 Procedure 


10. 


11. 


12. 


. Place the patient in the supine position. 
. Ultrasound machine with abdominal probe and gel. 
. Begin scanning the patient in a transabdominal sagittal 


position (Fig. 114.2) to determine the placental position 
and whether it is lying in the lower uterine segment. 


. The patient should then be scanned in a transverse fash- 


ion to further evaluate the exact position of the 
placenta. 


. If the placenta appears to lie in the lower uterine segment, 


the patient should be scanned in the oblique plane as well. 


. The bladder should initially be full for best visualiza- 


tion. However, if the placenta appears to reside low or lie 

over the internal os, the scanning should be repeated 

after the patient has voided. 

e An overdistended bladder may create the appearance 
of a placenta previa. The anterior wall of the uterus is 
compressed against the posterior wall by the dis- 
tended bladder, shortening the distance between the 
placenta and the internal os (Fig. 114.3). 


. The following ultrasonographic findings exclude pla- 


centa previa [1]: 

¢ Direct apposition of the presenting part of the fetus 
and the cervix without space for interposed tissue 

¢ Presence of amniotic fluid between the presenting 
part of the fetus and the cervix, without the presence 
of placental tissue 

e Distance of greater than 2 cm between the inferior 
aspect of the placenta 

¢ Indirect visualization of the internal cervical os 


. If placenta previa cannot be ruled out with transabdomi- 


nal ultrasound, the patient should then be scanned trans- 
vaginally with the endocavitary probe because this is 
more sensitive for diagnosing placenta previa. 


. A sterile speculum examination should be performed 


before transvaginal scanning to assess the cervix and 
ensure there are no presenting parts or bulging mem- 
branes. Transvaginal imaging is contraindicated if the 
patient has ruptured or bulging membranes. 

The probes should be swapped out and a sterile cover 
placed on the endocavitary probe with gel inside the 
cover and sterile gel on the outside of the cover. 

The endocavitary probe should be inserted into the vaginal 
canal, ensuring that caution is taken to stay off the cervix 
and distal to it, keeping the cervix in view on the screen. 
The patient should be scanned in both the sagittal and 
the transverse planes to assess the inferior margin of the 
placenta. 
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Leaky-Wave Antennas for Advanced Wireless Systems 

Antenna beam steering can bring significant benefits to advanced wireless systems. Microstrip leaky-wave antennas (MLWAs) are of particular practical interest becaus 
planar low-profile configuration, ease of fabrication, and beam-scanning capabilities. In this research several planar MLWAs and arrays are developed to radiate at bores 
conical beam around the boresight, with simultaneous dual-side-beam scanning, dual-band forward and backward beam-scanning, and continuous beam scanning from the 
to the forward direction. Moreover, methods and antenna designs are proposed to steer the beam at a fixed frequency, shifting beam-steering range, and fixed-frequency bean 
in forward and backward directions. 


TABLE I SWITCH CONFIGURATIONS AND CORRESPONDING MAIN 
BEAM DIRECTIONS AT 6.5 GHZ 
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Multi-band Dual-Polarized Shared Aperture Array 

Multi-band dual-polarized shared-aperture (MBDP-SA) arrays are antenna arrays that operate in two (or more) frequency bands with dual-polarization in each band, a 
elements are integrated together into a common physical space by sharing the single aperture. The MBDP-SA array is of great interest in space-borne SAR system, be: 
technique can effectively reduce the payload and size of the antenna sub-system. In this research project, main efforts are focussed on three aspects: 1) improve the specifi: 
current Dual-Band Dual-Polarized Shared-Aperture (DBDP-SA) array; 2) construct Tri-Band Dual-Polarized Shared-Aperture (TBDP-SA) array; and 3) explore some new 
for DBDP-SA antenna. 
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114 Ultrasonography for Placenta Previa 








Fig.114.2 Transabdominal ultrasound of placenta previa. Note loss of 
the decidual interface between the placenta and the myometrium on the 
lower part of the uterus and multiple intraplacental lacunae (arrows) 
(Reproduced with permission from J Korean Med Sci. 2010; 
25(4):651—5) 


Fig.114.3 (a) Overdistended Bladder 
bladder creating the appearance SS 

of placenta previa, (b) empty 
bladder showing the more 
accurate position of the placenta 


Placenta 
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13. If the inferior margin appears to be located near the 
internal os, then the distance should be measured. 


Steps 8 through 13 should only be performed by the 
emergency physician if he or she feels confident in 
this ultrasound skill and there is no obstetrics avail- 
able. If obstetrics is available, these steps should be 
performed in conjunction with them or by them to 
ensure the best outcome for the patient. 





Placenta 
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114.5 Complications 


¢ Bleeding: 
— May range from self-limited to life-threatening 
hemorrhage 
¢ Maternal and/or fetal distress or death 


114.6 Pearls and Pitfalls 


¢ Pearls 

— Risk factors include: 
¢ Multiparity 
¢ Multiple pregnancy 
e Advanced maternal age 
e Previous placenta previa 
¢ Cigarette smoking 
* Cocaine abuse 
¢ Hypertension 
¢ Previous cesarean delivery/uterine surgeries 

— Myometrium contraction: can mimic placenta previa 
by temporarily displacing the placenta in the lower 
uterine segment. 

— If ultrasound capabilities are not available, but the 
patient is in the second half of pregnancy and having 
vaginal bleeding, do not perform a digital cervical 
examination. 

¢ Pitfalls 

— Digital examination should be avoided because this 
may precipitate life-threatening hemorrhage and/or 
death. 
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— Always consult obstetrics as soon as possible if this is 
suspected or known and the patient is symptomatic. 
Not consulting obstetrics could be detrimental to the 
mother and fetus. 

— Gentle sterile speculum examination should be done 
only if an obstetrician is not available. This is to ensure 
the bleeding is coming from the cervix. If placenta pre- 
via is suspected or known and obstetrics are available, 
then abdominal ultrasound evaluation alone should be 
sufficient for the examination of the patient. 
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115.1 Indications 


¢ Inevitable delivery of the fetus (cervix fully dilated at 
10 cm and fully effaced 1 mm with crowning of the head) 


115.2 Contraindications 


e Absolute: 


| 


| 


| 


Indications for emergent cesarean section (C-section) 
Prolapsed cord 

Prior C-section with classic vertical incision 
Placenta previa — complete/partial 

Breech presentation — footling 


¢ Relative: 


Placenta previa — marginal/low lying 
Breech presentation — complete/incomplete/frank 
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115.3 Materials and Medications (Fig. 115.1) 


¢ 4 Crile clamps or Kelly clamps 

¢ 1 Mayo scissor curved and 1 Mayo scissor straight 
¢ 2 sponge forceps 

¢ 2 towel clamps 

¢ | Mayo-Hegar needle holder 

¢ 1 mouse-tooth forceps 

¢ Suction bulb 

¢ Betadine (povidone-iodine) 

¢ Umbilical cord clamp (Fig. 115.2) 
¢ Incubator warmer (Fig. 115.3) 

¢ Most importantly, help. 
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Fig.115.1 Equipment: delivery 
set 





Fig.115.2 Equipment: 
umbilical clamp 





115 Vaginal Delivery 





Fig. 115.3 Equipment: incubator warmer 
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115.4 Procedure 


OANADN HW PW 
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14. 
15. 


16. 


17. 
18. 
19. 


20. 


21. 


22. 


. Determine the fetal presentation (breech or cephalic) 


with Leopold’s maneuvers or bedside ultrasound. 


. If breech, follow the breech pathway. 

. Perform a vaginal examination. 

. Check for cord prolapse. 

. Check effacement. 

. Check dilation. 

. Prepare the site. 

. Position the mother in the extreme lithotomy position. 

. Deliver the head in a controlled manner. 

. Check to see if the cord is wrapped around the neck. If 


present, follow cord presentation pathway. 


. Deliver the anterior shoulder with downward traction of 


the head. 

Check for shoulder dystocia. If present, follow the 

McRobert-Rubin maneuvers (see Chap. 116). 

Deliver the posterior shoulder by gently pulling the 

trunk upward. 

Suction the airway. 

Clamp the cord 5 cm from the umbilicus in two places 

and cut. 

Obtain Apgar score of the baby. Initiate resuscitation if 

required. 

Keep the baby warm in the incubator. 

Clamp the cord again closer to the vaginal opening. 

Use this clamp to help deliver the placenta. Use gentle 

controlled traction on the clamp with one hand while 

placing the other hand suprapubically to push the uterus 

upward. 

If the placenta does not deliver easily, stop and wait a 

few minutes to allow it to come away from the uterine 

wall naturally and then try again. 

Placenta must be fully intact. If not, check for retained 

intrauterine placental products, and manually remove 

them; retained placenta may cause postpartum 

hemorrhage. 

e Massage the fundus externally to prevent uterine 
atony, but only after all products have been removed. 

Repair any vaginal or cervical lacerations. 
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115.5 Complications 


¢ Postpartum hemorrhage due to uterine atony or retained 
products 

¢ Uterine inversion 

¢ Rectal or urethral injuries 

e Shoulder dystocia 

¢ Meconium aspiration 


115.6 Pearls and Pitfalls 


¢ Pearls 

— Postpartum hemorrhage has a high incidence during 
the first hour postpartum. 

— Be aware of possible second delivery. 

— Oxytocin or Methergine (methylergonovine maleate) 
may be used after delivery of the placenta; both help 
increase uterine contractions and decrease postpartum 
hemorrhage. 
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¢ Pitfalls 

— Rushing delivery of the head/shoulders can lead to 
trauma to the mother/baby. 

— Rushing delivery of the placenta, when the placenta is 
not ready to detach, may cause placental or cord tear- 
ing or uterine inversion. Remember: it may take up to 
20 min for the placenta to detach from the uterus. 
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116.1 Indications 


¢ Retracting fetal head (“turtle sign”) 


e Failure of anterior shoulder delivery following gentle 


downward traction 
¢ Difficult face-chin delivery 
e Failure of shoulders to descend 


116.2 Contraindications 
¢ Mother with diabetes and fetus larger than 4500 g 


¢ Mother without diabetes and fetus larger than 5000 g 
¢ History of shoulder dystocia with prior birth 
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Factors that signal the need for cesarean section: 


Complete/partial placenta previa 

Cord prolapse 

Brow/face presentation 

Non-reassuring fetal heart rate 

Extensive uterine surgery and previous classic uterine 
incision 


116.3 Materials and Medications 


¢ No specialized materials/equipment required. 
¢ Team coordination is of utmost importance. 
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116.4 Procedure 


1. Accurate documentation: Designate a team member to 


document the progress of labor, the position and rotation 
of the infant’s head, the time of delivery for the head and 
body, the presence of episiotomy, anesthesia require- 
ments, the duration of shoulder dystocia, whether the 
shoulder is anterior or posterior at the time of delivery, 
the onset/duration/results of maneuver(s) performed, 
and Apgar scores. 
The HELPERR mnemonic is commonly employed: 


. Help recruitment: Involve anesthesiology, pediatric 


resuscitation, and _ obstetric/gynecology colleagues 


|.F. Brennan and J.A. Tyndall 


either as part of advance preparations or via activation of 
protocol during labor. 


. Episiotomy consideration: Not required but might be of 


benefit if more space is needed for rotation maneuvers. 
¢ Episiotomy alone will not release the impacted 
shoulder. 


. Legs positioned for the McRoberts maneuver: Position 


the woman’s thighs onto her abdomen by abducting 
and flexing her hips. Have two assistants help her, one 
on either side. This increases the functional size of 
the bony pelvis by rotating the pubic symphysis 
toward the mother’s head, hence aiding delivery 
(Fig. 116.1). 
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116 Shoulder Dystocia Management 


Fig. 116.1 McRoberts 
maneuver: hyperflexion of the 
maternal thighs against the 
abdomen 














670 


5. Pressure suprapubically (Rubin I maneuver): While 
continuing downward traction, have a colleague place 
his or her hand suprapubically on the fetal anterior 
shoulder and apply pressure down and laterally on its 
posterior aspect in 30-second increments. This allows 
the fetal shoulders to enter the pelvis in an oblique fash- 
ion (pelvic inlet is widest in the transverse plane) 
(Fig. 116.2). 


6. Enter maneuver (internal rotation): Rotate the anterior 


shoulder into the oblique plane and under the maternal 
symphysis. 
¢ It may be necessary to push the fetus slightly up into 
the pelvis in order to successfully perform this 
maneuver. 

(a) Rubin IT maneuver: Insert one hand vaginally 

behind the fetal anterior shoulder and rotate the 
shoulder toward the chest. This will reduce the 
diameter of the fetal shoulder girdle and facilitate 
delivery (Fig. 116.3). 
The Woods corkscrew maneuver: Place one hand 
at the front of posterior shoulder and push upward 
gently. This can be combined with the Rubin II 
maneuver (Fig. 116.4). 


(b 


wm 





Fig. 116.2 Ruben I maneuver: suprapubic pressure is directed at the 
anterior shoulder 
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(c) The reverse Woods corkscrew maneuver: Place 
one hand behind the fetal posterior shoulder and 
rotate in the direction opposite to that of the 
Woods corkscrew maneuver to adduct the 
shoulder. 


7. Remove the posterior arm: Flex the fetal elbow and 


deliver the forearm in a sweeping motion over the fetal 

anterior chest wall. This allows the fetus to drop into the 

sacral hollow, freeing the anterior shoulder impaction. 

e Avoid grasping and pulling on the fetal arm directly 
because it may fracture the fetal humerus. 


8. Roll the patient (Gaskin maneuver): Position the patient 


on all fours (this acts as an upside-down McRoberts 
maneuver). Continue gentle traction. The turning itself, 
as well as gravity, will often dislodge the impacted 
shoulder. 

Last-resort maneuvers: 


9. Deliberate fracture of the fetal clavicle: Apply direct 


pressure upward in the middle of the clavicle to reduce 
the shoulder-to-shoulder distance. 





Fig. 116.3 Ruben II maneuver: pressure is applied to the most acces- 
sible part of the fetal shoulder and rotated toward the chest 
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Fig.3 Novel structure DBDP-SA array 





Compact Dielectric Resonator Antennas with Ultra-Wide 60%-110% Bandwidths 

We have recently made a significant achievement in the emerging ultra wide-band (UWB) wireless communication systems, which require antennas with bandwidths gr 
106%. In the past, the only way antenna engineers knew how to get such a bandwidth from a thin antenna was by removing the metal sheet underneath the antenna (known a 
plane’’). This is not an acceptable solution for practical systems because the lack of it allows the antenna to radiate both upwards and (unnecessarily) downwards (i.e. 
electronic device on which the antenna is installed), wasting about half of its power. Saving power is crucial in UWB systems due to the severe power limits imposed by regi 
2011, we made a breakthrough in dielectric-resonator (DR) antenna research, by inventing a novel DR antenna with a full ground plane and a 110% bandwidth. This disp 
myth that such bandwidths cannot be achieved with full ground planes. This antenna, published in the prestigious IEEE Transactions on Antennas and Propagation in Decem 
is 29% smaller but has a 30% greater bandwidth than the next-best DR antenna, which does not even have a full ground plane. Hence it is ideal for next-generation ultra-fas 
and sensor applications. 


We theoretically and experimentally demonstrated that, by introducing a lower-permittivity full-length insert between the ground plane and a higher-permittivity dielectric 
dielectric resonator antennas (DRA) with ultra-wide bandwidths, in the range of 60%-110%, can be designed. Furthermore, the volume of such DRAs is reduced by appr 
50% using a finite planar conducting wall. Unlike vertical monopole-type hybrid UWB DRAs, these antennas radiate sufficiently in the upward direction. Unlike in printed 1 
UWB antennas, the power radiated into the lower hemisphere is significantly less. An example prototype antenna, designed to operate in the FCC UWB band, has a dielectr: 
of 12 x 8 x 15.2 mm3 (or 0.124 x 0.083 x 0.157 lambda3 at 3.1 GHz), and an average measured gain of 5 dBi from 3.1 to 10.6 GHz. These antennas exploit multiple low: 
with overlapping bandwidths to form an ultra-wide contiguous bandwidth. With the proposed dielectric arrangement, it is possible to efficiently couple a sufficient numb« 
overlapping modes to a 50 ohm feedline using a single, simple feed. 





The antenna has a remarkably small footprint of 12x8 mm2 at 3.1 GHz - the lowest frequency of the FCC UWB band. Its dielectric volume is 1459 mm3, or 1.7x10-3 lamb 
lowest operating frequency of 3.1 GHz, and overall height is 15.2 mm or 0.157 lambda0. To place these results in perspective, it is worth comparing the new designs with 
wideband DR designs available in the literature. To the best of our knowledge, prior to this, the widest bandwidth ever obtained from a pure DRA design is 84% . The volu 
DR in that design is 0.225 x 0.172 x 0.062 lambda3 (= 2.4x10-3 lambda3) at its lowest operating frequency of 3.69 GHz. In that DRA, the DR is positioned in a non-traditi 
close to the edge of an orthogonal, “vertical” ground plane, which does not block radiation towards the lower hemisphere. The widest bandwidth demonstrated by a pure DI 
traditional “horizontal” ground plane, (which can be employed to shield the rest from the antenna, as discussed previously) is 78%. The dielectric volume of that design is 0. 
x 0.21 lambda3 (= 5.8x10-3 lambda3) at its lowest operating frequency of 6.7 GHz. 





Super Wide-band Antennas 


We have demonstrated that extremely wide bandwidths (ratio-bandwidths up to 1:25) can be obtained from a specially designed printed antenna with a tapered semi-ring 
design is described in “A Printed Elliptical Monopole Antenna with Modified feeding Structure for Bandwidth Enhancement,” in IEEE Transactions on Antennas and Pre 
vol. 59, no. 2, pp. 667-670, Feb. 2011. 
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116 Shoulder Dystocia Management 


Fig. 116.4 The Woods 
corkscrew maneuver: pressure is 
applied to the clavicle of the 
posterior arm, enabling rotation 
and dislodgement of the anterior 
shoulder 
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10. 


11. 


Zavanelli maneuver: Rotate the fetal head into the direct 

occiput anterior position, flex, and push back into the 

birth canal. Continue holding upward pressure until 

cesarean delivery. Ensure the operating and anesthesiol- 

ogy teams are present (Fig. 116.5). 

¢ Do not perform this maneuver if the nuchal cord has 
been clamped or cut. 

Symphysiotomy: Place the patient in the exaggerated 

lithotomy position, insert a transurethral catheter, displace 

the urethra laterally, and separate the cephalad portion of 

fibrous cartilage of the symphysis pubis under local anes- 

thesia with either a scalpel blade or Kelly clamp. 

¢ This technique is associated with significant maternal 
morbidity, including bladder neck injury and infec- 
tion. It is truly the last resort and should be used only 
when all other methods have failed and cesarean 
delivery is unavailable. 


|.F. Brennan and J.A. Tyndall 








Fig. 116.5 Zavanelli maneuver: the fetal head is rotated into the direct 
occiput anterior position, flexed, and pushed back into the birth canal. (a) 
Rotation of the head to the occiput anterior position. (b) Replace head 
with constant firm pressure on occiput with palm of hand flexing head 
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116.5 Complications 


¢ Maternal: 

— Postpartum hemorrhage 

— Fourth-degree laceration/soft tissue damage to cervix 
and vagina 

— Uterine rupture 

— Bladder atony 

— Symphyseal separation with or without femoral neu- 
ropathy (transient) 

— Sacroiliac dislocation 

¢ Fetal: 

— Brachial plexus palsies (Erb, Klumpke): most resolve 
within 6-12 months; permanent injury occurs in less 
than 10 % of patients 

— Clavicular and/or humeral fractures 

— Ischemia/hypoxia/asphyxia due to umbilical cord 
compression with or without neurological damage 

— Significant fetal acidosis, with pH drop of 0.04 U/min 
between delivery of the head and trunk 

— Death 


116.6 Pearls and Pitfalls 


¢ Pearls 

— Many cases of shoulder dystocia and birth trauma are 
encountered in the absence of risk factors and in non- 
macrosomic infants. Shoulder dystocia is largely nei- 
ther predictable nor preventable. 

— Presence of risk factors for shoulder dystocia should 
prompt advance preparation in anticipation of a diffi- 
cult delivery. Risk factors include maternal diabetes, 
obesity, multiparity, advanced maternal age, prolonged 
pregnancy, macrosomia (fetal weight >4,500-—5,000 g), 
male fetal gender, and prior birth complicated by 
shoulder dystocia. 
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¢ Pitfalls 

— Do not cut and clamp the nuchal cord if at all possible 
in order to avoid fetal hypoxia and hypotension should 
shoulder dystocia arise. 

— Labor induction or prophylactic cesarean delivery of 
macrosomic fetuses has not decreased rates of shoul- 
der dystocia. 

— Avoid fundal pressure in shoulder dystocia because it 
has been shown to increase the risk of permanent neu- 
rological damage and uterine rupture. 
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Breech Delivery in the Emergency 
Department T T 7 


Kristin Stegeman, Sapnalaxmi Amin, Anton A. Wray, 
and Joseph A. Tyndall 


Breech presentation: the buttocks enter the pelvis before the * Incomplete/complete (flexed): 





head (Fig. 117.1) — One or both hips and knees flexed, buttocks presenting 
¢ Footling: 
e Frank (extended): — One or both hips and knees extended, foot presenting 
— Hips flexed and knees extended, buttocks presenting The emergent delivery of a breech baby is one of the most 
— Most common challenging situations for an emergency physician. 
Complete Incomplete Frank 
breech breech breech 


Fig.117.1 Variations of the breech presentation 
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117.1 Indications 


¢ Inevitable delivery of fetus with complete or frank breech 
presentation 
e Absence of vertex presentation 


117.2 Contraindications 


¢ Footling presentation (increased risk of cord prolapse and 
entrapment of the after-coming head). 

¢ There is adequate time to transfer the mother safely to 
labor and delivery in the knee/chest position (administer 
subcutaneous terbutaline before transfer). 


117.3 Materials and Medications 


¢ Supplemental oxygen for mother 

¢ Ultrasound machine 

¢ Piper forceps 

¢ Sterile towels/gloves 

¢ Betadine (povidone-iodine) or another antiseptic prepar- 
ing solution 

¢ Sterile lubricant (Surgilube) 

¢ Instruments to cut the umbilical cord/perform episiotomy/ 
resuscitate baby (Kelly clamps/scissors/#10 scalpel/bulb 
suction) 

e Available emergency department staff 

¢ Pediatric, obstetrics, and anesthesia practitioners 
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117.4 Procedure 


15. 


16. 


17. 


18. 


19. 


. Assess the health of the mother and the baby (vitals/ 


physical examination/history). 


. Listen to the fetal heart with stethoscope or Doppler 


ultrasound. 
e Should be 120-160 beats/min. 


. Identify the type of presentation by bedside ultrasound 


or by digital exam. 


. Perform a sterile digital examination to confirm the 


position of the baby and the stage of labor. 

¢ Membranes should not be artificially ruptured. The 
amniotic sac will help to dilate the cervix, lubricate 
the canal, and protect the umbilical cord from 
compression. 


. If footling presentation: await OB/general surgery for 


emergency C-section. 


. If frank/complete/incomplete: instruct the patient to 


push when the cervix is completely dilated. 


. When the breech has descended to the perineum, con- 


sider performing an episiotomy if more space is needed. 
Cleanse the perineum with antiseptic and sterile lubri- 
cant beforehand. 


. Allow the baby to extrude to the umbilicus with mater- 


nal efforts alone. Do not exert traction before this time. 


. If frank: deliver the posterior leg by gently guiding the 


sacrum anteriorly, grasping the thigh and flexing the leg 
at the knee. 


. Deliver the anterior leg in a similar manner while guid- 


ing the sacrum posteriorly. 


. If incomplete: deliver the extended leg as #8 or #9 as 


appropriate. 


. Delivery continues as it would for a complete 


presentation. 


. Wrap the legs/buttocks in a clean towel to decrease 


trauma (create grip). 


. Grasp the upper legs with the index fingers holding the 


anterior iliac crests. Place the thumbs on the sacrum 
(Fig. 117.2). 

Apply gentle traction as the mother pushes until the 
scapulae and axillae are visible. 

If there is difficulty delivering the shoulders, deliver the 
posterior shoulder by rotating the trunk 90° and apply- 
ing gentle downward traction to rotate the shoulder 
anteriorly. 

Rotate the baby 180° so as to deliver the anterior arm in 
a similar manner. 

If the arms do not spontaneously deliver, a finger can be 
hooked over the shoulders to bring the arm down while 
rotating the trunk as above (Fig. 117.3). 

Use the McRoberts position to increase the diameter of 
the pelvis (Fig. 117.4). 
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Fig.117.3 Rotation toward maternal symphysis pubis to avoid nuchal 
arm 


Fig.117.2 Correct placement of hands on sacrum 





Pelvic 
outlet 


Pelvic 


outlet 





Fig.117.4 The McRoberts maneuver in vertex (head-first) presentation 
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20. Maintain the baby in the same plane as the vagina (sup- the abdomen and the baby’s feet are brought upward 
port the body with the forearm) and place the second and (Fig. 117.6). 
fourth fingers over the maxilla of the baby. Place the ¢ Ifthe baby’s neck remains extended: Leave the baby 
middle finger in the mouth or on the chin and the other hanging (weight=traction). When the hairline 
hand on the upper back/occiput (Fig. 117.5). appears under the symphysis, grab the baby by the 
¢ Avoid extreme elevation of the fetus to prevent hyper- feet and elevate upward (Fig. 117.7). 
extension and cervical spine injury. Piper forceps 22. Clamp and cut the umbilical cord (collect arterial and 
may also be used to promote flexion. venous samples for pH). 
21. Deliver the head in the flexed position. 23. Suction the baby’s mouth and nose, and resuscitate as 
e If the baby descends with the neck and abdomen fac- indicated. 


ing anteriorly: Grasp the shoulders posteriorly with 24. Deliver the maternal placenta. 
two fingers of one hand while the other hand flexes 25. Repair tears or episiotomy made during delivery. 





Fig.117.5 Delivery of head in flexed position 





Fig.117.6 Correct hand placement if abdomen facing anterior 
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Fig.117.7 The Burns-Marshall maneuver. (a) Allow baby to hang until you can see the hair at the nape of his neck; (b) swing the baby’s head 
clear of the birth canal; (c) left hand guards and slips the perineum over fetal mouth; suction baby’s air passage to clear mucus; (d) hold baby’s feet 
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117.5 Complications 


¢ Umbilical cord prolapse 

¢ Brachial plexus injury (from the nuchal arm) 

¢ Fetal head entrapment 

¢ Cervical spine injury (from hyperextension of the neck) 
¢ Birth asphyxia 


117.6 Pearls and Pitfalls 


¢ Pearls 
— Allow the uterine contractions to help deliver the baby. 
¢ Pitfalls 
— Do not rush the delivery or use too much force. This 
can increase the risk of trauma to the baby and mother. 
— Beware of nuchal arm. To avoid brachial plexus injury: 
Rotate the face of baby toward the maternal symphysis 
pubis. This will reduce the tension keeping the arm 
around the back of the fetal head (Fig. 117.3). 
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Postpartum hemorrhage (PPH) is defined as >500 ml blood 
loss within 24 h of vaginal delivery or 1000 ml loss within 
24 h of cesarean section. It is the leading cause of maternal 
mortality worldwide. 


118.1 Indications 
e Excessive vaginal bleeding with or without pain and/or 
hemodynamic instability within 24 h of delivery 


118.2 Contraindications 


¢ There are no absolute contraindications to the manage- 
ment of PPH. 


118.3 Materials and Medications 


¢ Sterile technique 
¢ Good lighting 

¢ Sponge forceps 
* Gauze 

¢ Towels 
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¢ IV fluids 

¢ Type and screen/crossmatch of blood 
¢ Absorbable suture with curved needle 
¢ Needle holder 

¢ Tooth forceps 


118.4 Procedure 


e Standard resuscitation measures: Place IV, O,, monitor. 

¢ Assessment and treatment should occur simultaneously. 

e All techniques should be performed under strict sterile 
conditions. 


118.4.1 Uterine Exam 


1. Assess by placing the hand on the uterine fundus and 
checking its size and firmness. 

2. High, soft, or boggy uterus implicates retained placenta 
or uterine atony. Start external fundal massage. 

3. Non-palpable uterus implicates uterine inversion. 


118.4.2 Vaginal Exam 


1. Keeping one hand on the abdomen, gently examine the 
vaginal canal using the other sterilely gloved hand. 

2. Gently scoop out any clots/retained placenta that are eas- 
ily removable. 

3. Look for traumatic sources of bleeding from the perineum, 
vaginal walls, and cervical lacerations. 

4. Gauze-wrapped ring forceps can be used to assist direct 
visualization and clearing of clots. 
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Focal Plane Arrays for Radio Astronomy 
Dense focal plane arrays (FPAs) are a key technology for a new generation of Radio-telescopes. Their primary benefit is the rapid survey speed facilitated by the wide fiel 
provided by multiple beams. Recent advances have brought dense FPAs within reach of radio astronomy applications. A number of institutions have significant research pri 
this field. This technology is being considered for the Square Kilometre Array (SKA) (www.skatelescope.org). The PhD project of Douglas Hayman, conducted with Cs 
Centre and Division of Astronomy and Space Science, investigated beamforming aspects of FPAs and evaluated their performance in Radio Astronomy. A prototype interf 
radiotelescope, built at CSIRO's Radiophysics Laboratory in Sydney, is used to demonstrate a suite of techniques forFPA beamforming and evaluation for this thesis. Beai 
solutions were experimentally demonstrated in our paper in IEEE Transactions on Antennas and Propagation, entitled “Experimental Demonstration of Beamforming Sol 
Focal Plane Arrays”.The THEA tile, shown below, is designed by ASTRON and used for the experimental component of this research. 
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Negative Permeability of Spiral Metamaterials 


Archimedean spirals and complementary Archimedean spirals are super-compact metamaterial particles. Thanks to their convoluted geometry, unit cells can be made electri 
small. We theoretically analysed monofilar, bifilar, trifilar and quadrifilar Archimedean spiral metamaterial particles using point group theory and crystallography. From the : 
properties electromagnetic response was determined. Magnetic, electric and magnetoelectric modes of the particles were identified along with their isotropy characteristics. 
shown that all the particles, except monofilar spiral, are nonbianisotropic. Further, effective medium theory was applied to extract the effective permeability of the spiral mec 
results indicated negative values for permeability in certain frequency ranges. Detailed theory and numerical simulation results are available in the paper entitled “Analysi: 
metamaterials by use of group theory,” published in the Metamaterials Journal, vol. 3, no. 1, pp. 33-43, March 2009. 





Archimedean Spiral Metamaterials and Backward Waves 
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118.4.3 If Uterine Atony Suspected 


1. 


Continue external fundal massage with the abdominal 
hand. Make a fist with the vaginal hand and start biman- 
ual massage. Raise the uterus from the pelvis and pivot it 
anteriorly, compressing it between the external hand and 
the internal fist. This maneuver will result in expression 
of any clots present and decrease uterine bleeding via 
direct compression (Fig. 118.1). 


. Administer oxytocin (20-40 units in 1 L of normal saline 


or lactated Ringer’s solution intravenously [IV]; alterna- 
tively give 10 units intramyometrially with a spinal 
needle). 


. Methylergonovine may also be used at this time if oxyto- 


cin fails to reduce uterine bleeding (100 or 125 mcg IV or 
intramyometrially; alternatively 200 or 250 mcg may be 
given intramuscularly). 


. Continue massage until bleeding slows and the uterus 


becomes more firm. This can take 15—30 mins. 





Fig. 118.1 Intrauterine massage for uterine atony 
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118.4.4 If Retained Placenta Suspected 


iL 


Manual removal of the placenta or any of its retained tis- 
sue should be facilitated with sedation or additional 
analgesia. 


. Keeping the thumb and fingers together in a teardrop 


shape and using sterile technique as described previously, 
insert the hand through the vaginal canal and the cervix 
into the lower uterine segment. 


. Keep the other hand on the lower abdomen to continue 


gentle yet firm upward pressure and massage. 


. Find the placental edge within the uterus, grasp it gently, 


detach it from the uterine wall, and withdraw the hand 
from the patient. 


. Repeat the maneuver as necessary; remove any additional 


clots from the uterus and continue bimanual massage 
until it becomes firm and bleeding decreases. 


. If the entire placenta has been removed this way, an assis- 


tant should be available to inspect it for completeness and 
any torn vessels. 


. If the bleeding is particularly severe and placenta accreta 


is strongly suspected, pack the uterus with gauze and pre- 
pare the patient for urgent surgical intervention. 


118.4.5 If Uterine Inversion Suspected 


L. 


Using sterile technique, insert a fist through the vaginal 
canal and push the inverted fundus back through the cer- 
vical canal with pressure directed toward the umbilicus. 


. If the uterus has contracted, tocolytics such as IV magne- 


sium sulfate or terbutaline can be used to aid myometrial 
relaxation. Alternatively, provided the patient is not 
overly hypotensive, nitroglycerin 50-100 mcg IV may be 
administered to relax the myometrium and _ facilitate 
return to normal uterine position. 


. If manual replacement is ineffective, hydrostatic reduc- 


tion may be attempted. Warm fluids are run into the upper 
vagina under high pressure while occluding the introitus. 
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118.4.6 Trauma: Genital and Perineal 
Lacerations 


1. For significant cervical lacerations: use absorbable 
sutures with a continuous interlocking stitch technique to 
close (Fig. 118.2). 

2. For vaginal wound repair: place the initial and final stitch 
above the apices of the lacerations and grab a good 
amount of tissue with the needle. Small bites can lead to 
ongoing bleeding and hematoma formation. 

3. Observe the repaired lacerations for any additional bleed- 
ing after the torn edges have been sutured. 
¢ Apply additional pressure to any site that continues to 

ooze blood; gauze-wrapped ring forceps may be used 
for this purpose if necessary. 


If none of the above causes are apparent, consider under- 
lying coagulopathies and treat appropriately. This may 
require administration of fresh-frozen plasma, platelets, or 
clotting factors as indicated. 





Fig. 118.2 Continuous interlocking stitch: perineal lacerations repair 
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118.5 Complications 


¢ Uterine perforation and scarring 

¢ Urinary and genital tract trauma and injury 

¢ Genitourinary and genitointestinal fistula 

¢ Pelvic hematoma 

¢ Genital vascular injury 

¢ Infection and sepsis 

¢ Disseminated intravascular coagulation (DIC) 
¢ Maternal death 





118.6 Pearls and Pitfalls 


¢ Pearls 
— Causes of PPH can be divided into the “5 Ts”: 


Tone: uterine atony, occurring within the first 4 h 
after delivery. 

Tissue: retention of the placenta, especially pla- 
centa accreta and its fragments, more common at 
extreme preterm deliveries. 

Trauma: injury to the uterus, cervix, and perineal 
structures after delivery of a large fetus, use of for- 
ceps and/or vacuum, frequent vaginal manipulation 
during delivery, and episiotomy procedures. 
Thrombosis: intrinsic or acquired coagulation dis- 
orders, including idiopathic thrombocytic purpura 
(ITP); hemolysis, elevated liver enzymes, and low 
platelets (HELLP) syndrome; and disseminated 
intravascular coagulation (DIC), as well as preex- 
isting conditions such as von Willebrand disease. 
Traction: inversion of the uterus during placental 
delivery secondary to excessive traction on the 
umbilical cord. The uterine fundus can be within 
the endometrial cavity, in the cervical canal, or out- 
side the external os and within the vaginal canal. 


— The administration of broad-spectrum antibiotics 
should be strongly considered following any manual 
removal, exploration, or instrumentation of the uterus 
and the genital tract. 

— Bedside ultrasonography can be very helpful for iden- 
tifying uterine abnormalities, retained placental tissue, 
free fluid in the pelvis, and/or intrauterine hematoma. 

— Risk factors for PPH include prolonged active phase of 
labor, previous PPH, multiple pregnancy, and history 
of a bleeding disorder. 

¢ Pitfalls 

— Failure to recognize and treat PPH early increases 
morbidity and mortality. 

— Underestimating the potential blood loss of PPH. The 
gravid uterus at term has a blood flow of 600 ml/min 
(non-gravid: 60 ml/h). 
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119.1 Indications 


¢ Maternal arrest with a viable fetus (gestation >24 weeks) 


119.2 Contraindications 


¢ Stable mother 

¢ Fetus less than 24 weeks’ gestation 

e Extreme fetal prematurity 

¢ Maternal hypoxia longer than 15 min 


119.3 Materials and Medications 


¢ Cesarean section instrument tray if available 
— #10 or #11 scalpel blade, scissors, bladder retractor, 2 
large retractors, gauze sponges, hemostats, suction, 
forceps, and straight and curved clamps 
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e Skin antiseptic preparing solution, such as Betadine 
(povidone-iodine) 

¢ Silk suture with needle driver or skin stapler 

¢ Sterile drapes 

¢ Sterile gloves 

* Obstetrical pack (See Chap. 115) 
— Bulb syringe and umbilical cord clamp 

¢ Clean blanket or towels for delivery 

¢ Neonatal resuscitation equipment 


Owing to the rarity of this procedure in the emergency 
department, it is unlikely to have a prepared cesarean section 
tray available. In this case, a thorocotomy or thorocostomy 
tray combined with an obstetrical pack would contain all the 
supplies needed. At a minimum, a scalpel and an obstetrical 
pack are necessary. 
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119.4 Procedure 


10. 


11. 


12. 


13. 


14. 


15. 


16. 


. Prepare skin with antiseptic solution and a sterile drape. 
. Insert a Foley catheter to empty the bladder. 

. Continue cardiopulmonary resuscitation until delivery. 

. Obtain emergent obstetrician and neonatologist consult 


if available, but do not delay procedure. 


. Using a #10 or #11 blade, make a vertical midline inci- 


sion beginning 4-5 cm below the xiphoid process and 
extend the incision to the pubic symphysis (Fig. 119.1). 


. Incise through the subcutaneous fat no further than the 


rectus sheath. 


. Lift the rectus sheath with a toothed forceps and make 


an incision with scissors to expose the uterus (Fig. 119.2). 


. With forceps and scissors, lift and incise the peritoneal 


membrane in the midline. 


. Identify and lift the bowel and cover it with saline- 


soaked gauze. 

Retract the rectus sheath and bladder with a bladder 
retractor or, if not available, use saline-soaked gauze or 
a towel. 

Create a 2- to 4-cm midline vertical opening in the 
uterus. 

Place a finger in the opening directed caudally to protect 
the fetus while making a superior incision through the 
uterine wall. Once complete, repeat this step in the infe- 
rior direction. 

Use a clamp to rupture the amniotic membranes. 
Immediately deliver the fetus and clamp the umbilical 
cord. 

Expulse the head by placing a hand between the pubic 
symphysis landmark and the fetal occiput. Then, gently 
flex the fetus while simultaneously moving the head 
superiorly and anteriorly until delivery (Fig. 119.3). 
Suction the mouth and nose with a bulb syringe 
immediately. 

Deliver the shoulders, followed by the torso and extrem- 
ities. Secure the umbilical cord with a hemostat or 
umbilical cord clamp 10 cm distal to the fetus and a sec- 
ond clamp 2 cm distal to this clamp. With scissors, incise 
the umbilical cord between the two clamps. 


17. 
18. 


19. 


J.J. Haber et al. 


Immediately begin resuscitation of the infant (Fig. 119.4). 
If the patient is still alive or regains vital signs, prepare 
to deliver the placenta. Begin with an oxytocin infusion 
at 20 Uin 1 Lat 10 mL/h. Apply cautious traction to the 
umbilical cord until the placenta separates from the 
uterus (Fig. 119.5). 

Following delivery, the uterus should be closed using 
two layers with either 2-0 or 1-0 suture. In the case of 
maternal death, skin staples or a running stitch is an 
acceptable method of skin closure. 





Fig. 119.1 Vertical incision 


119 Perimortem Cesarean Section 


Fig. 119.2 Exposing rectus sheath 


Rectus 
abdominis 





687 


Parietal 
peritoneum 


Cut edge of 
rectus fascia 





Fig. 119.3 Delivery of the fetus 


Fig. 119.4 Suctioning newborn as part of resuscitation 
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Fig. 119.5 Delivery of the placenta 
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119.5 Complications 


¢ Maternal sepsis 

¢ Maternal visceral injury 

¢ Maternal hemorrhage 

¢ Maternal death 

¢ Fetal injuries and laceration 
¢ Fetal sepsis 


119.6 Pearls and Pitfalls 


¢ Pearls 

— Perimortem cesarean section, although rarely per- 
formed, should be considered in any maternal arrest 
when the fetus is greater than 24 weeks’ gestation. 

— In addition to saving the life of the fetus, this proce- 
dure may aid in resuscitation of the mother. Emptying 
of the uterus may improve thoracic compliance and, 
therefore, improve maternal ventilation. 

¢ Pitfalls 

— The decision to perform an emergency cesarean sec- 
tion must be made early. There is a higher chance of 
survival if performed no more than 5 min after the 
onset of maternal cardiac arrest. 
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Part XV 


Common Pediatric Procedures 


David N. Smith and Judith K. Lucas 


120.1 Indications (See Also Chap. 2) 


Fluid resuscitation 
Medication administration 
Blood draws 


120.2 Contraindications 


Relative 

— Avoid catheterizing areas of trauma in which extrava- 
sation of fluid is possible (e.g., burns, open wounds, or 
severe edema in tissue). 

— Avoid catheterizing in an area of local infection for 
risk of inoculating the circulation with bacteria (e.g., 
cellulitis). 

Absolute 

— None 
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120.3 Materials and Medications 


* Gloves 

¢ Skin disinfectant (isopropyl alcohol, chlorhexidine, or 
Betadine [povidone-iodine]) 

¢ Appropriate-sized catheter (18- to 24-gauge [IV]) 
(Fig. 120.1) 
— Large child: 18 to 20 gauge 
— Infant or small child: 22 to 24 gauge 

¢ Tourniquet 

¢ Sterile 2x2 gauze 

¢ Appropriate-sized Tegaderm transparent dressing 

¢ Adhesive tape 

¢ IV bag with solution set (tubing flushed and ready) or 
saline lock 

¢ Sharps container 
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Fig. 120.1 24-Gauge angiocatheter (yellow), 18-gauge angiocatheter 
(red), 20-gauge angiocatheter (blue) 
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120.4 Procedure 


10. 


11. 


12. 


13. 


14. 
15. 
16. 


17. 


. Comfortably position the patient with the site exposed. 
. Assemble the equipment and don a pair of (nonlatex) 


examination gloves. 


. Apply the tourniquet to the extremity above the site to be 


catheterized (Fig. 120.2). 


. Visualize and palpate the vein. 
. Cleanse the site with a disinfectant swab using an 


expanding circular motion. 


. Prepare and inspect the catheter and flush the tubing; be 


certain that the stylet and catheter separate easily, then 
fit again into the notch, aligning the bevel with the hub. 


. Stabilize the vein and apply countertension to the skin, 


being careful not to touch the cleansed area. 


. Insert the stylet through the skin and then reduce the 


angle while advancing through the vein (Fig. 120.3). 


. Observe for “flashback” as blood slowly fills the flash- 


back chamber. 

Advance the needle approximately 1-2 mm further into 
the vein, depending on the gauge and age of the patient, 
to ensure that the catheter is within the vein. 

Slowly advance the catheter into the vein while keeping 
tension on the vein and skin (Fig. 120.4). 

While advancing the catheter, be certain to hold the sty- 
let portion with the thumb and forefinger, so as to avoid 
advancing the needle portion into and through the oppo- 
site side of the vessel, thus “blowing” the vein. 

When the catheter is advanced about halfway, slowly 
withdraw and remove the stylet while simultaneously 
continuing to advance the catheter to its hub. 

Attach a 3-mL non-Luer-Lok syringe to the hub. 
Remove the tourniquet. 

Gently attempt to aspirate blood. The blood should be 
free flowing. 

Secure the catheter by either placing a transparent occlu- 
sive dressing (e.g., Tegaderm) over the lower half of the 
catheter hub or taping over the catheter hub in a cruciate 
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120 Peripheral Venous Catheterization 


fashion, taking care not to cover the IV tubing connec- 
tion (Fig. 120.5). 

18. Remove the cover from the end of the IV tubing and 
insert the IV tubing into the hub of the catheter (the tub- 
ing must have been flushed with IV solution before con- 
necting with the catheter hub: the unit from the solution 
bag/bottle through the catheter must be air free). 

19. Open up the IV roller clamp and observe for drips form- 
ing in the drip chamber. 









Cephalic vein a ; 
. Basilic vein 


Accessory cephalic 


vein : ; 
fo Median cubital 


vein 


Cephalic vein 


Median antebrachial 
vein 


Fig. 120.2 Anatomy of the volar surface antecubital fossa and 
forearm 


20. 


Zl 


22. 


23. 


Place a piece of tape over the catheter hub then make a 
small (kink-free) loop in the IV tubing and place a sec- 
ond piece of tape over the first piece to secure the loop 
(Fig. 120.6). 

Place a third piece of tape over the IV tubing above the 
site. 

Ensure that the IV is properly secured and infusing 
properly. 

Ensure that all “sharps” are placed in the sharps container. 
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Fig. 120.3 (a—d) After applying the tourniquet, palpate a vein, as straight as possible, and ideally without many “knots” (i.e., valves) 
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Fig. 120.4 With the tourniquet “up,” and the vein distended, apply 
traction to the skin, pierce the skin, and pass the catheter tip (into the 
vein) until blood return is noted in the catheter hub 
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Fig. 120.5 (a—d) Securing the intravenous line utilizing the cruciate taping style 


120 Peripheral Venous Catheterization 697 


YS 120.5 Pearls and Pitfalls 





¢ Pearls 

Lb — Start catheter attempts distal in the extremities and 
- \ move proximally with each subsequent attempt. 
Le. — The use of ultrasound or a light source in infants can 


aid in location of the vessel and placement of the line. 
— In an emergent situation, in which fluids or medica- 
tions are needed quickly, intraosseous access (see 
Chap. 122) can be obtained if venous catheterization 
fails. 
¢ Pitfalls 
— The use of lidocaine subcutaneously can improve 
patient comfort, but it does disrupt anatomical 
landmarks. 
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Fig. 120.6 Commercially available hub stabilizer, minimizing the 
need for excessive tape 
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121.1 Indications 


¢ Temporary vascular access for infants up to roughly 10 
days of life (between 7 and 14 days) with shock or cardio- 
pulmonary failure 

e Emergency vascular access in this age group, when 
peripheral intravenous (IV) access cannot be rapidly 
obtained 

¢ Preferred vascular access in infants less than 1000 g 


121.2 Contraindications 


¢ Omphalitis 

¢ Omphalocele 

¢ Necrotizing enterocolitis 
¢ Peritonitis 
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121.3 Materials and Medications 


Anesthetic: not necessary; procedure is painless 

Soft ties to restrain infant’s extremities 

Sterile gloves/gowns 

Antiseptic solution 

Sterile towels/drapes 

3.5- (infants <1500 g) or 5-French (+1500 g) umbilical 
venous catheter 

5-French feeding tube 

Three-way stopcock 

10-mL syringe with heparinized saline flush (1 U/mL) 
Umbilical tape or 3-0 silk on a cutting needle 
Non-toothed forceps 

Small hemostats (2) 

#11 scalpel and blade 

Scissors 

Graph depicting length of catheter insertion, if placing 
umbilical venous catheter (UVC) above the diaphragm in 
either very small infants or infants for whom measure- 
ment of central venous pressure (CVP) is indicated 
(Fig. 121.1) 
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Fig.121.1 (a) Instrumentation 
suggested for umbilical venous 
catheter placement. 

(b) Umbilical venous catheters 
(in an emergency, 5 F feeding 
tube is an acceptable 
alternative) 
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Umbilical Venous Catheters (Insertion and Removal) 
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121.4 Procedure (Insertion) 8. Place the stopcock on the receiving end of the umbilical 
catheter or the 5-French feeding tube and flush with 

1. Place the infant under a radiant warmer. heparinized saline solution, and then close the 

2. Using soft ties, restrain the infant’s extremities. stopcock. 

3. Scrub the umbilicus and surrounding abdomen with ¢ It is imperative that there is no air in the catheter. 
antiseptic solution. 9. Introduce a closed smooth-surfaced forceps into the 

4. Drape the umbilicus and area in sterile manner (leave lumen of the umbilical vein and allow the forceps to 
the infant’s head exposed). separate, allowing the vein to dilate (Fig. 121.3). 

5. Tie a loose loop with the umbilical tape around the base 10. Insert the catheter (or feeding tube) into the lumen and 
of the cord OR run the 3-0 silk through the skin of the gently advance, directing the catheter toward the right 
cord in a purse-string fashion. shoulder (Fig. 121.4). 
¢ This will be used later to anchor the line after place- 11. Advance the catheter only until good blood flow is noted 

ment and to provide hemostasis should the line acci- and then another 1 to 2 cm (this should be a total of only 
dentally be pulled out and bleeding ensue. 4—5 cm in a term infant). 

6. Using the scalpel blade, cut the umbilical cord horizon- ¢ Do not force the advancement. 
tally approximately 2 cm above the junction between the ¢ Atthis level the tip of the catheter should still be infe- 
cord and the skin. rior to the liver (Fig. 121.5). 

7. Identify the umbilical vessels 12. Tighten the umbilical tie or the purse-string suture. 
¢ The vein is thinner walled, larger in diameter, and 13. Secure the catheter with a tape bridge (Figs. 121.6, 

somewhat floppy appearing, relative to the umbilical 121.7, and 121.8). 
arteries, and typically located at the 12 o’clock 14. Although if placed only up to point of blood return, the 


position. 

¢ The arteries are smaller, thick walled, and paired 
(a single umbilical artery often signifies the presence 
of a congenital malformation/syndrome) and located 
at the 4 and 8 o’clock positions (Fig. 121.2). 


Umbilical veins 
¢ 12 o'clock 
e Thin-walled 
¢ Large lumen 


catheter tip should be below the liver; it is best to get an 
abdominal x-ray to confirm; many solutions are caustic 
to the liver and can result in complications. 


Umbilical stump 





Fig. 121.2 Anatomy of the 
umbilical cord when cut 
transversely approximately 2 cm 
from abdominal wall 


Umbilical arteries 
¢ Usually paired 
e Thick-walled 
¢ Small lumen 
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Fig. 121.3 Sterilely draped umbilicus, with umbilical tape loosely tied Fig. 121.5 Once there is easy blood return, pass the catheter an addi- 
at base of umbilical cord. This tie will be cinched and secured once the _ tional 1-2 cm. The catheter should still be inferior to the liver at this 
catheter is placed, but meanwhile, can assist with homeostasis should point 

the catheter be inadvertently dislodged during placement. Gently dilate 

the umbilical vein with a smooth toothed forceps. Insert the distal most 

couple of mm of a closed forceps into umbilical vein and relax, so the 

forceps tips smoothly separate 


é 





Fig. 121.4 Gently pass the umbilical venous catheter (or 5 F feeding Fig.121.6 Creating an umbilical catheter tape bridge: the uprights 
tube) until there is easy blood return 


121. Umbilical Venous Catheters (Insertion and Removal) 





Fig. 121.7 Umbilical tape catheter bridge: the “cross bar” secures the 
catheter without applying tape to the umbilical stump 





Fig. 121.8 Fold the catheter over to create a “U.” Be careful not to 
kink the catheter, and secure with a second taped cross bar to lend addi- 
tional security to the catheter and prevent displacement 


703 


121.5 Procedure (Removal) 


. The UVC should be removed as soon as adequate periph- 


eral venous access is obtained (unless in an infant esti- 
mated to weigh <1000 g). 


. Turn infusions off. 
. Be certain the stopcock is closed to the infant. 
. It is imperative that there be no air in the catheter before 


withdrawal (if air is present and infant takes inspiration, 
the negative pressure generated can pull significant 
amount of air into the central vasculature). 


. Remove the securing tape from the infant. 
. Withdraw the catheter gradually as a single maneuver. 


121.6 Complications 


Infection 

Bleeding due to disconnection of tubing (always use 
Luer-Lok connections) or perforation of vessels 

Arterial injury by accidental perforation 

Hepatic injury and necrosis if the catheter sits within a 
portal vein 

Thrombosis 

Air embolus 

Dysrhythmia or pericardial tamponade or perforation if 
catheter is advanced too far 
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Absorb/Transit FSS 


We designed and tested a novel absorb/transmit frequency selective surface (FSS) for 5-GHz wireless local area network (WLAN) applications. The novelty of the design i, 
capable of absorbing, as opposed to rejecting, WLAN signals while passing mobile signals. The absorption of the WLAN signal is important to reduce additional multipa 
spread and resultant fading caused by typical reflect/transmit FSSs. Our FSS consists of two layers, one with conventional conducting cross dipoles and the other with resis 
dipoles. The FSS has good transmission characteristics for 900/ 1800/1900-MHz mobile bands and performs well for both horizontal and vertical polarizations. 


Later we modified the FSS to obtain even better performance, for example, for both horizontal and vertical polarizations at oblique angles of incidence. The distance betwee 
layers has been successfully reduced to one eighth of free-space wavelength. This small distance makes it more compact as compared to the conventional Salisbury screen» 
achieving an acceptable absorption in the stopband. 


The details of our designs and test results can be found at “Oblique Incidence Performance of a Novel Frequency Selective Surface Absorber,” in IEEE Transactions on Ant 
Propagation, Vol. 55, no. 10, pp. 2931 — 2934, Oct. 2007, and “A Novel Absorb/Transmit FSS for Secure Indoor Wireless Networks with Reduced Multi-path Fadin 
Microwave and Wireless Component Letters, Vol. 16 (6), pp. 378 - 380, June 2006. 





Dual-Band Artificial Magnetic Conductor (AMC) Surfaces 
AMC surfaces have many advantages and interesting properties due to their unique reflection characteristics, with near zero reflection phase. We have designed and pro 
novel dual-band AMC surface, which has a very wide upper AMC band and a narrow lower AMC band, and therefore suitable for multi-band wireless/mobile applications. 





Fully Printed Quad-band Antennas for Wi-Fi IEEE802.11 and other WLAN Applications 

Our fully-printed antennas can be fabricated and integrated to WLAN systems at almost zero cost by printing them on the same circuit board (e.g. FR4) with the radio circuit 
same standard fabrication methods. They are extremely compact: an antenna with a radiating element of 1cmxlcm covers all four IEEE standards (802.11a, 802.11b, 80: 
802.11n) as well as HiperLAN2 with a VSWR less than 2. We have also developed a packaging solution where the rest of the circuit can be shielded to satisfy EMC regulati 
leaving the antenna (on the same board) open for radiation. The advantages of the antennas based on this technology are: Lightweight; Radiates almost every direction in 

shadow region); Microstrip and co-planar waveguide (CPW) designs available; Compatible with all printed microwave circuits, including stripline circuits; Excellent 

because no cables, connectors, soldering or any mechanical attachments are required to connect the antenna to the radio; No protruding parts that are likely to break; Covers 
WLAN bands with one antenna (e.g. Wi-Fi IEEE 802.11 a, b, g, n, HiperLAN2 etc.); Excellent matching, i.e. input reflection < -10 dB (VSWR < 2) in all WLAN bands (e. 
GHz, 4.9-5.1 GHz, 5.15-5.35 GHz, 5.725 — 5.825 GHz); High efficiency (~60-70% on FR4; can be increased to over 90% on Duroid.); Ideal for internal mounting in a c 
device, to achieve very wide beam coverage; diversity reception or MIMO arrangements available; can be dsigned to cover other multiple bands (e.g. multiple mobile/c 
bands) and other applications. 


http://web.science.mq.edu.au/~esselle/Research.html 9/13 
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121.7 Pearls and Pitfalls 


UVC insertion distance (cms) 


Pearls 


The umbilical vein is 2-3 cm long before it widens 
into the umbilical recess, just before intersecting with 
the left portal vein and the ductus venosus. 

Be certain to include the length of the umbilical stump 
in any calculations for placement. 

If using the calculating graph, measure from the right 
shoulder to the umbilicus (Fig. 121.9). 


If choosing the above-diaphragm site for placement, cork- 
screwing the catheter clockwise while passing the cathe- 
ter will encourage it to pass through the ductus venosus. 


A kidney, ureter, and bladder study is mandatory in 
high UVC placement. 


Pitfalls 
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Shoulder to umbilicus (cms) 


Fig. 121.9 Graph for estimation of insertion distance of the catheter; 
be certain to add the length (cm) of the umbilical stump to the insertion 
distance 
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— When preparing with Betadine (povidone-iodine), be 
certain to wipe away and remove any pooled Betadine 
along the infant’s side because this will cool the infant 
initially; as the Betadine is warmed, it becomes highly 
irritating to newborn skin. 


Selected Reading 


Sudbury, Jones, Bartlett. Emergency vascular access. In: APLS: the 
pediatric emergency medicine resource. 5th ed., p. 741. 

Magnan JP. Umbilical Vein Catheterization. http://emedicine. 
medscape.com/article/80469-overview. 

Schlesinger AE, Braverman RM, DiPietre MA. Neonates and umbilical 
venous catheters: normal appearance, anomalous positions, compli- 
cations, and potential aid to diagnosis. Presented at the 2001 annual 
meeting of the American Roentgen Ray Society, Seattle, Apr 2001. 





Intraosseous Access 
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122.1 Indications 122.3 Materials and Medications 


¢ During cardiac arrest: Failure to attain vascular access ¢ Preparation materials, such as an antiseptic solution and 


after three peripheral intravenous attempts or 90 s, which- 
ever comes first 

Inability to gain vascular access in pediatric patients pre- 
senting in shock due to hemorrhage (trauma), sepsis, pro- 
found dehydration, or cardiac failure 


sterile drapes, IF the patient’s stability offers the time. 

Lidocaine without epinephrine: If it becomes necessary to 
place an IO in a conscious patient, use lidocaine to anes- 
thetize the skin to the bony cortex; then once accessed, 
infiltrate 2-3 mL into the marrow to alleviate some of the 


pain of medications infusing through the marrow. 
¢ IO needle (a few examples shown) (Figs. 122.1, 122.2, 

122.2 Contraindications and 122.3). 
¢ Absolute 

— Fracture of the long bone considered for intraosseous 

(IO) access 

¢ Relative 
Previous IO access attempt in the same long bone 
Cellulitis over the insertion site 
Inferior vena cava injury (circulatory access proximal 
to the injury site is preferred). 
Osteogenesis imperfecta 





Fig. 122.1 Jamshidi disposable sternal/iliac aspiration needle 
(Jamshidi, Cardinal Health Dublin, OH) 





J.K. Lucas, MD 

Department of Emergency Medicine, 
University of Florida Health Shands Hospital, 
Gainesville, FL, USA 

e-mail: judithklucas @ufl.edu 


© Springer Science+Business Media New York 2016 705 
L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_122 


706 





Fig. 122.2 Cook intraosseous needle (Cook Critical Care, 6 
Bloomington, IN) 





Fig. 122.3 EZ-IO (Vida-Care, San Antonio, TX) 


10. 
11. 
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122.4 Procedure 


¢« Most common site: proximal tibia 
1. 


Patient should be supine, with the intended leg 
slightly externally rotated and flexed at the hip. Flex 
the knee about 90°. 


. Place a towel underneath the knee and the proximal 


lower leg. 


. Palpate the tibial tuberosity. Then move fingers 2 cm 


distal to the tuberosity (1-2 fingerbreadths) and 2 cm 
medial. This area is consistently flat and is distal to 
the growth plate (Figs. 122.4 and 122.5). 


. If the patient is stable, create a sterile field focused on 


the insertion site. 


. Insertion site should be cleaned with an antiseptic 


solution. 


. Pass the needle through the skin and subcutaneous 


tissue to the cortex. 


. Once bone is reached, stabilize the IO with the thumb 


and first fingers adjacent to where the needle pene- 
trates the skin. 


. Apply steady and firm pressure downward and with a 


twisting motion (back and forth) with the palm on the 
end of the device. Although inserting the needle per- 
pendicularly to the bone is totally acceptable, ideally 
angling the needle caudally slightly (~15°) will avoid 
the growth plate (Fig. 122.6). 


. As the cortex is fully penetrated indicating entrance 


into the marrow space, one may feel an ease in resis- 
tance. Do not advance the needle further. The needle 
should be able to stand up without support. 

Remove the inner trocar (Fig. 122.7). 

Attempt to aspirate marrow/blood. Not being able to 
do so DOES NOT mean inadequate or inaccurate 
placement. Instead, if marrow cannot be aspirated, 
affix a 10-mL syringe with normal saline and attempt 
to infiltrate. Resistance to flow should be minimal, 
and one should not appreciate either extravasation 
around the insertion site, coolness, or tissue expan- 
sion posterior to the site (indicating the fluid is pass- 
ing through the IO). 


122 Intraosseous Access 


12. Once placement is confirmed, connect an intravenous 


line, using a three-way stop-cock. 


13. Secure the needle with tape and gauze (Fig. 122.8). 
¢ Alternative sites 
— Distal tibia 


The landmarks are the medial aspect of the tibia 
(the flat portion), 2 fingerbreadths proximal to the 
medial malleolus. 

Again, externally rotate and abduct the hips, with 
the knee flexed about 60° (as with the proximal 
tibia). 

Angle the needle toward the knee (cephalad) about 
10—15° to avoid the distal tibia growth plate. 

The remainder of the IO insertion is identical to the 
procedure for proximal tibia placement. 


— Distal femur 


Slightly flex and externally rotate the hip. 

Flex the knee enough that the quadriceps muscle 
group is relaxed. 

The landmarks for the distal femur are the anterior 
thigh, midline, about 3 fingerbreadths proximal to 
the medial and lateral condyles. 

The IO is inserted perpendicular to the bone 
(because there is no growth plate in the distal femur 
other than the condyles). 

The remainder of the procedure is identical to the 
procedure for placement in the proximal tibia. 
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— Proximal humerus (Fig. 122.9) 


The patient should be supine, with the shoulder, 
upper arm, and elbow as close to the body as pos- 
sible, yet still on the bed. The elbow should be 
flexed at 90°, with the forearm and palm resting on 
the patient’s abdomen. 

The provider slides his or her thumb up the anterior 
shaft of the humerus toward the shoulder until the 
greater humerus tubercle is palpated, which identi- 
fies the surgical neck of the humerus. 

The insertion site is perpendicular to the humerus, 
approximately 1-2 fingerbreadths proximal to the 
tubercle. 

The remainder of the insertion is identical to that 
for the proximal tibia. 


— Sternum (not usually recommended for small children). 


Requires a special IO needle and system. 

Method of placement is specific to the insertion sys- 
tem chosen. 

Manubrium is the desired site (as opposed to the 
body of the sternum, which would interfere with 
cardiopulmonary resuscitation). 

Risks specific to sternal placement include pneu- 
mothorax, mediastinitis, and great vessel injury. 





Fig. 122.4 Step 1. Identify the tibial tuberosity 


Fig. 122.5 Step 2. One to 2 fingerbreadths below the tuberosity and 
medially, to the flat aspect of the proximal tibia 
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Fig. 122.6 Step 3. Angle the device slightly caudal to avoid growth Fig. 122.8 Step 5. Stabilize the intraosseous cannula 
plate 





Fig. 122.7 Step 4. Uncap the top of the device and remove the trocar 
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Fig. 122.9 IO insertion into proximal humerus site 
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122.5 Complications 


e Extravasation of fluid. 

— Occurs as a result of a misplaced IO, either not com- 
pletely in the marrow space anteriorly or through the 
cortex posteriorly. 

— Tissue necrosis. 

¢« Compartment 
recognized. 

¢ Fracture and growth plate injury. 

¢ Infection and osteomyelitis are rare complications if ster- 
ile technique is used. 

¢ Fat embolism, considered rare and only in adult patients. 


syndrome if extravasation is not 


122.6 Pearls and Pitfalls 


¢ Be certain to avoid placing a hand beneath the IO site dur- 
ing placement in order to prevent possible IO penetration 
into the provider’s tissue. 

¢ Do not rely on the sensation of a “pop” to determine 
appropriate penetration into the cortex, especially in 
infants. 


J.K. Lucas 


¢ Likewise, one may not be able to aspirate bone marrow or 
blood, even with an appropriately placed IO. DO NOT 
pull out the IO if marrow cannot be aspirated. Rather, 
gently but firmly infiltrate 10 mL normal saline. 

¢ Blood gases, body chemistries, and blood typing can be 
obtained from IO samples, but the sample CANNOT be 
used for hematocrit determination. 


Selected Reading 
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Deitch K. Intraosseous infusion. In: Roberts JR, Hedges JR, editors. 
Clinical procedures in emergency medicine. 5th ed. Philadelphia: 

Saunders; 2009. Chap. 25. 

EMS World. Intraosseous infusion: not just for kids anymore. Posted 
Jan. 12, 2011. Updated from Mar 2005. EMSWorld.com. Cygnus 
Business Media Site. 

Halm B, Yamamoto LG. Comparing ease of intraosseous needle place- 
ment: Jamshidi versus Cook. Am J Emerg Med. 1998;16:420. 
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123.1 Indications 

¢ Evaluation of cerebrospinal fluid (CSF) for infection or 
malignancy 

¢ Measurement of opening pressure 

¢ Treatment of pseudotumor cerebri 

¢ Diagnosis of central nervous system (CNS) metastases 

¢ Instillation of intrathecal chemotherapy 

e Injection of radiopaque dye for spinal cord imaging 


123.2 Contraindications 


¢ Increased intracranial pressure 

¢ Bleeding diathesis (platelet count <50,000) 

¢ Overlying skin infection near the area of puncture site 

¢ Spinal cord trauma or spinal cord compression 

¢ Signs of progressive cerebral herniation 

¢ Condition of the patient (e.g., unstable airway, potentially 
dangerous breathing problem, severe circulatory instabil- 
ity) that could cause an abrupt decompensation 

¢ Known spinal cord deformity 
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123.3 Materials and Medications 


Lumbar puncture (LP) tray (Fig. 123.1) 
— Sterile drapes 
— Betadine (povidone-iodine) swabs or tray to pour 
Betadine 
— Sterile sponges for preparing the puncture site 
— Sterile 3-mL syringe with needle for lidocaine injection 
— Sterile collecting tubes (4) 
— Sterile spinal needle with stylet (size depending on age 
of patient) 
¢ Premature infant: 22 gauge or smaller, 1.5 inch 
¢ Neonate to 2 years: 22 gauge, 1.5 inch 
¢ 2-12 years: 22 gauge, 2.5 inch 
¢ Older than 12 years: 20 or 22 gauge, 3.5 inch 
— Pressure manometer column with a three-way stopcock 
Betadine solution 
Sterile gloves 
Mask 
Lidocaine (1-2 % without epinephrine) 
4 % Lidocaine cream (LMX-A4) or lidocaine and prilocaine 
mixture (EMLA [eutectic mixture of local anesthetics]) 
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Fig. 123.1 Lumbar puncture 
(LP) tray 





123. Lumbar Puncture in Pediatrics 


123.4 Procedure 


1. 


Ow 


10. 


Position the child (Figs. 123.2 and 123.3). 

(a) Can be positioned in either the sitting or the lateral 
recumbent position with the hips, knees, and neck 
flexed. 

(b) For small infants or any patient with any degree of 
cardiorespiratory compromise, keep close monitor- 
ing of heart rate, respirations, and oxygen saturation 
while in the flexed position. 


. Palpate the top of the iliac crest and draw an imaginary 


line connecting the two across the back, which should 
cross the midline just above the fourth lumbar spine 
(Fig. 123.4). 


. Palpate L3-4 or L4—5 space along this line. 
. Place EMLA or LMX-4 on the area at this time and 


allow some time for anesthesia to occur (can take up to 
30 min to be effective). 


. Prepare the skin in sterile fashion with Betadine solution 


using enlarging circles that begin at the puncture site. 


. Drape the patient with sterile towels, exposing the punc- 


ture site. 
(a) If an infant, do so conservatively to be able to moni- 
tor the infant during the procedure. 


. Locate the intervertebral space (L3-4 or L4—5) once 


again. 

(a) Make a small mark on the chosen intervertebral 
space with a fingernail depression or the plastic cap 
of the spinal needle. 


. If desired, or if anesthetic cream was not previously used 


or more is needed, apply a small wheal of lidocaine at 
the desired puncture site using a 25-gauge needle. 


. Insert the spinal needle in the intervertebral space. 


(a) Puncture the skin in the midline just caudal to the 
palpated spinous process. 

(b) Bevel should be positioned so that the dura mater is 
pierced parallel to its fibers (which will reduce the 
likelihood of CSF leakage). 

(i) Ifin the lateral recumbent position, the bevel of 
the needle should be positioned horizontally. 

(ii) Ifin the sitting position, the bevel of the needle 
should be positioned vertically. 

(iii) Angle the needle slightly cephalad toward the 
umbilicus and parallel to the bed if the patient 
is in the lateral recumbent position or slightly 
caudal (perpendicular to the skin) if the patient 
is in the sitting position. 

Advance the needle several millimeters at a time and 

withdraw the stylet frequently to check for CSF flow. 

(a) Advance the needle until a loss of resistance is felt 
or approximately 1-2 cm. 

(i) In the infants, whose dura are not so thick and a 

“pop” or give may be unnoticeable, after passing 


11. 


12. 


13. 
14. 


15. 
16. 


17. 
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between the spiny processes and approximately 

2 cm through the skin, remove the stylet fre- 

quently to check for CSF return. This will allow 

you to avoid passing through the subarachnoid 
space. 

After the change in resistance occurs, if resis- 

tance is met again, pull back gently on the nee- 

dle to reposition in the subarachnoid space and 
remove the stylet to check for CSF fluid. 

Once CSF is free flowing, attach a pressure manometer 

to the needle hub via the three-way stopcock (Fig. 123.5). 

(a) Make sure to hold the spinal needle with one hand in 
place while attaching the manometer to prevent 
movement of the needle. 

(b) Measure the CSF pressure once the CSF reaches the 
highest level in the manometer column. 

(c) CSF pressures will be best obtained in the lateral 
recumbent position with the neck and legs extended. 

(d) Normal CSF pressure is 5—20-cm H,O with the neck 
and legs extended, 10—28-cm H,O with the neck and 
legs flexed. 

(e) Have an assistant hold the top of the pressure 
manometer while the spinal needle is supported at 
the connection of the manometer and stopcock. 

Remove the manometer and collect the CSF into sterile 

tubes. 

(a) Make sure to keep the needle in place when remov- 
ing the manometer. 

(b) Continue to drain fluid into the collecting tubes, 
approximately 1 mL per tube. 

(c) The tubes should be labeled for specific studies, 
depending on the order of collection. 

(i) First tube for gram stain and culture. 

(ii) Second tube for quantitative glucose and protein. 

(ii) Third or fourth tube for cell count and 
differential. 

(iv) Leftover tube for any additional studies that 
may be needed. 

(v) When the LP is to assess for possible subarach- 
noid blood, the first and fourth tubes are sent 
for cell count. 

Replace the stylet and remove the spinal needle. 

Cleanse the puncture area to avoid staining with the 

Betadine solution. 

Apply a sterile dressing to the puncture site. 

Patients 4 years and older should remain in the supine 

position, with the head elevated no more than the height 

of a pillow (for comfort), for at least an hour to avoid 
spinal tap headaches. 

Likewise, after the LP, giving a fluid bolus of normal 

saline (10-20 mL/kg in children; 1 L in non-volume- 

sensitive adults) will also assist with avoidance of spinal 
tap headaches. 


(ii) 
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How can | optimise a UWB System to operate well over a range of directions? 


Emerging ultra-wideband (UWB) communication devices will need to operate well, not just in one direction but over a range of directions. However previous UWB system optimisation techni 
been limited to one direction only. A system optimised in one direction may not work well in other directions due to pattern instability, or direction-dependent transfer function, of the an 
developed the concept of frequency-domain correlation patterns and proposed a figure of merit, the pattern stability factor (PSF), which can be determined from simulation of experimen 
With these new concepts, we have demonstrated the optimisation of UWB systems to operate well over a range of directions. The concepts and their applications are available in the PhD 
papers by Tharaka Dissanayake. 





Antenna Techniques and Technologies for Ultrawideband (UWB) Systems 


We developed antenna solutions for emerging UWB systems with very high data rates. Our research includes investigation of band-notching techniques to reduce UWB inference wi 
wireless systems and studies of antenna dispersion and pattern stability in the time domain. 


High Gain Antennas with Planar Surface-Mounted Short Horns 


In collaboration with University of Delhi, we have developed compact rectangular dielectric resonator antennas with surface mounted planar horns for gain enhancement. One configuration 


an aperture-fed rectangular dielectric resonator antenna and a planar surface mounted horn. We have achieved 10 dBi gain and a good efficiency from this configuration. The surface mot 
increases the gain of the standard dielectric resonator antenna by 4.9 dB. Total height of the prototype antenna shown in the figure is only 0.172 lambda and the aperture size is 0.96 lamk 
antennas can be easily adapted to low-profile, high-gain and array applications. 


JFR4 substrate 











am substrate 
ground plane ground plane 
back 
W=70, L=42, L2=40, L1=20, h=0.36, W1=2.78, W2=10, D=1.575 and =10 
(all dimensions are in mm) 





Photonic Crystal/EBG Based Horn Antennas 


Waveguides and antennas made out of dielectric, as opposed to metal, are expected to perform better at Terahertz frequencies, as they do not suffer from the skin-effect loss of metal 
investigated horn antennas, horn arrays, waveguides, bends and junctions made out of 3D woodpile photonic crystals, which can be implemented at THz frequencies in high-resistivity < 
other materials. Our concepts have been tested by fabricating and measuring scaled-up prototypes operating in microwave frequencies. We have also designed a special broadband couple 
a photonic crystal waveguide to a rectangular waveguide or a coaxial cable, for example for testing using a vector network analyser. We demonstrated > 6% bandwidth both theore 
experimentally. 


http://web.science.mq.edu.au/~esselle/Research.html 10/13 
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Fig. 123.2 Curling up for an LP 





Fig. 123.3 Having the LP 


123. Lumbar Puncture in Pediatrics 


Level of posterior 
superior iliac 
crests 


Puncture site 
(L4—5 interspace) 





L5 L4 L3 


Fig. 123.4 Anatomy of the lumbar spine showing the sites for dural 
puncture 


NS 





Fig. 123.5 Pressure manometer attached to the needle hub via the 
three-way stopcock 


715 


123.5 Complications 


Minor 


Localized back pain 
Transient paresthesia during procedure 
Post-LP headache 


Major 


Severe back pain associated with neurological signs 
(may be subdural or epidural spinal hematoma) 
LP-induced meningitis 

Cerebral herniation 

Acquired epidermoid tumor 

Damage to adjacent structures (disk herniation, retro- 
peritoneal abscess, spinal cord hematoma) 


123.6 Pearls and Pitfalls 


Pearls 


Success of the LP depends on the positioning of the 

patient. 

¢ Goal of positioning is to stretch the ligamentum fla- 
vum and increase the interlaminar spaces. 

¢ In the recumbent position, the shoulder and hips 
should be perpendicular to the bed, keeping the spi- 
nal cord straight, with no rotation. 

e Sitting position is useful with older, cooperative 
patients or with very young infants who are unlikely 
to struggle and may have increased respiratory dis- 
tress in the lateral recumbent position. 

Administration of an anxiolytic (e.g., midazolam) can 

be used to facilitate the procedure in an older child. In 

some cases, procedural sedation may be required. 

Placing the tip of the thumb on the spinous process just 

above the space being entered can ensure good align- 

ment of the needle. 

In older patients a “pop” may often be felt as a change 

in resistance occurs once the dura is penetrated; how- 

ever, in infants and neonates, that “pop” may be 
exceedingly subtle or not palpable. 

If no CSF returns, attempt the following options: 

¢ Ensure the needle is in the appropriate position, 
withdrawing the needle slowly if necessary. 

¢ Rotate the needle 90°. 

¢ If an infant, have the assistant massage the anterior 
fontanel to help facilitate CSF flow. 

¢ If the procedure continues without CSF, withdraw 
the needle to just under the skin and redirect it. 

¢ If the procedure continues without CSF, withdraw 
the needle and insert a new needle with stylet at an 
alternate site. 
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¢ If these steps do not yield CSF, the infant may be 
dehydrated, not allowing for adequate CSF flow. 
— Give the patient a bolus and reattempt later. 
— Attempt putting the infant in a sitting position to 
increase flow. 
¢ Pitfalls 
— Traumatic LP 
¢ Bloody CSF fluid, which usually clears as the CSF 
drains if the needle is in the correct space. 
¢ Occurs with improper technique (inserting the nee- 
dle too far to one side into an epidural venous 
plexus or through the subarachnoid space into or 
adjacent to the vertebral body). 
¢ Can occur with proper technique as well. 
e If fluid does not clear and clots form in the tubes, 
LP should be reattempted at a different site. 
— Failed LP attempts despite proper procedure and 
positioning 
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e¢ Ultrasound can be used to visualize the area and 
determine the reason for failure or the likelihood of 
success with future attempts. 
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126.1 Indications 126.3 Materials 


¢ To determine the equipment size and the medication ¢ Broselow Pediatric Emergency Tape (Armstrong Medical 
doses during a pediatric resuscitation, without having to Industries, Wilshire, IL) (Figs. 126.1 and 126.2) 
take the time to perform calculations 


126.2 Contraindications 


¢ Premature infant or newborn whose heel, while the infant 
is fully extended, does not fall at least into the white area 
(corresponding to 3, 4, and 5 kg). 

¢ The length of the child exceeds the distal end of the green 
area (36 kg). 





ips Ae ; 
x= WEA 


J) 
Fig. 126.1 Broselow tape, proximal end (at patient’s head) 





J.K. Lucas, MD 
Department of Emergency Medicine, 
University of Florida Health Shands Hospital, 





Gainesville, FL, USA Fig. 126.2 Broselow tape, distal end (the tape will accommodate a 
e-mail: judithklucas @ufl.edu 36-kg child, at most) 
© Springer Science+Business Media New York 2016 727 


L. Ganti (ed.), Atlas of Emergency Medicine Procedures, DOI 10.1007/978-1-4939-2507-0_126 


728 J.K. Lucas 


126.4 Procedure (Figs. 126.3, 126.4, 
and 126.5) 


¢ The color on the tape corresponds to the patient’s weight. 
¢ The side of the tape with weights noted along the bottom 


¢ Place the infant or child on the bed in the supine 


position. 

Extend the Broselow Pediatric Emergency Tape next to 
the patient, placing the red line at the top of the patient’s 
head. 

With the patient fully extended, especially through the 
hips and knees, align the bottom of the heel, while the 


has medication doses for resuscitation, rapid-sequence 
intubation (RSI), and paralytics (Fig. 126.6). 

The top half of the other side of the tape has the appropri- 
ate dosing for managing seizures, overdoses, elevating 
intracranial pressure, and fluids. The bottom half of this 
side has the appropriate equipment sizes, such as endotra- 
cheal tubes, nasogastric tubes, chest tubes, and other 
equipment, that correspond to the patient’s weight 
(Fig. 126.7). 


ankle is flexed and toes upward, with the color on the tape 
adjacent to the heel. 





Fig. 126.3 Placement of the child on the tape Fig. 126.5 Placement of the child on the tape 





Fig. 126.4 Placement of the child on the tape 
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Fig. 126.6 Front of tape. Weight groupings are noted at the bottom. 
This is the side with resuscitation and RSI medications 





Fig. 126.7 Reverse side of tape. This side has medications for critical 
interventions aside from the primary survey, as well as equipment sizes 
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126.5 Pearls and Pitfalls 


¢ Pearls 

— Be certain that the top of the head is at the red line and 
that the patient’s body is fully extended. Infants tend to 
lay flexed at the hips and knees. 

— Determining the appropriate color code depends on 
noting the bottom of the heel while the ankle is flexed 
and the toes are pointing upward. 

¢ Pitfalls 

— Beware of the child who is unusually heavy compared 

with other children of the same height. 


Selected Reading 


Luten R. Error and time delay in pediatric trauma resuscitation: address- 
ing the problem with color-coded resuscitation aids. Surg Clin 
North Am. 2002;82:303-14, vi. 

Luten R, Broselow J. Standardization of product concentration in emer- 
gency dosing: a response to Fineberg and Arendt. Ann Emerg Med. 
2008;52:477-8. 

Rosenberg M, Greenberger S, Rawal A, Latimer-Pierson J, Thundiyil 
J. Comparison of Broselow tape measurements versus estimations 
of pediatric weights. Am J Emerg Med. 2011;29:482-8. 
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Judith K. Lucas 


127.1 Definition 


e An injury commonly seen in children between 6 months 
and late preteens, although generally seen between | and 
3 years 

e A subluxation of the radial head, usually resulting from 
sudden, longitudinal traction on an extended arm with the 
wrist pronated 

¢ Often occurs when a parent/caregiver is holding the child 
by the hand while walking and suddenly pulls the child 
away from a dangerous situation (Fig. 127.1) 





Fig. 127.1 Note that the toddler prefers to hold her right arm pronated 
and somewhat flexed at the elbow. When asked where it hurts, she may 
as often point to her wrist as to her elbow. There will be no soft tissue 
swelling anywhere along the upper extremity 
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127.2 Clinical Diagnosis 


¢ History of pulling-type injury. 

¢ Child presents with arm held slightly flexed at elbow and 
pronated. 

e Patient may point to elbow or wrist as source of pain, but 
both areas are without any swelling and are nontender on 
palpation. 

¢ Elbow can be flexed and extended, but the forearm cannot 
be supinated. 

¢ Radiography is not helpful. 


127.3 Indications 


¢ Clinical presence of subluxed radial head 


127.4 Contraindications 


e Absolute 
— Radiographic evidence of elbow or forearm fracture 
— Swelling or pain about the elbow, forearm, or wrist 

¢ Relative 
— Unknown history or witnessing of pulling-type injury 


127.5 Materials and Medications 


e None 


J.K. Lucas 
127.6 Procedure 


127.6.1 Method A: Superpronation (preferred 
method) (Fig. 127.2) 


1. Explain to the caretaker that the reduction will cause the 
child very brief discomfort. 

2. Seat the child on the lap of a parent/caregiver or an assis- 
tant, facing the operator and holding the child in such a 
way as to hold the child’s humerus against her or his side. 

3. The person performing the procedure holds the elbow at 
approximately 90° and grasps the elbow, with the physi- 
cian’s thumb over the region of the radial head (this is 
done in order to be able to palpate the reduction “‘clunk” 
or “click’’). 

4. The physician then holds the patient’s wrist firmly and 
rapidly hyperpronates the forearm. A palpable or audible 
“click” signifies successful reduction but may not be 
appreciable. 

5. The child may cry for a few minutes after reduction; how- 
ever, the provider should leave the bedside for 5—10 min 
and instruct the parents to allow the child to simply play, 
without focusing on the affected arm. 

6. After approximately 10 min, return to the bedside and 
reevaluate the child, who should have full use of her or his 
arm by then. 
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Fig. 127.2 Pronation: (a) The examiner’s left hand holds the patient’s _hyperpronates the patient’s forearm from the level of the wrist. Within 
radial head and medial condyle to better appreciate palpable reduction — this maneuver, the examiner should feel or sense a “pop” 
of the subluxation, (b) The examiner’s right hand gently, but firmly, 
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127.6.2 Method B: Supination followed by flexing the elbow, bringing the patient’s wrist 
(Fig. 127.3) up to the shoulder. 
3. Return to the fifth and sixth steps in Method A. 
1. Follow the first three steps in Method A. 
2. While holding the patient’s wrist firmly, the operator 
steadily supinates the patient’s forearm completely, 





Fig. 127.3 Supination: (a) With the examiner’s left hand in the same position as for the pronation technique, (b) the examiner supinates the fore- 
arm, from the level of the wrist, and fully flexes at the elbow. In either of these two maneuvers, the examiner should feel or sense a “pop” 
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Broadband Microstrip Patch Antennas for Wireless Computer Networks 


We have designed and tested broadband, compact E-shaped patch antennas for wireless communication networks, operating in frequencies from 4.9 GHz to 6.0 GHz. We made two 
achievements. First, we designed an E-shaped antenna, which is intrinsically compatible with a printed microstrip circuit. It can be made out of a single sheet of metal and can be mot 
microstrip circuit without expensive coaxial connector. Second, we designed a unique E-shaped antenna with corrugation to reduce the width of antenna. We successfully miniaturised the i 
fit it inside a thin (4mm) PC (or PCMCIA) card extension. In fact, we were able to squeeze in two of these antennas into a single PC card of standard width (54mm), for diversity communic 
achieve excellent isolation (>20 dB) and matching (<-10 dB) over the whole WLAN frequency band. 


Theoretical Analysis of Photonic Crystal Structures 


We have developed and successfully implemented, in both personal computers and supercomputers, efficient theoretical methods to analyse and design complex electromagnetic (micr« 
optical) circuits based on photonic crystals (PC). Among our novel techniques is a PC-based Perfectly Matched Layer (PML) absorbing boundary for use with the finite difference time domé 
method in the analysis of waveguides in 3D photonic crystals. 


We have applied these techniques to model wave propagation in various guiding structures such as bends, junctions and tapers in 2D and 3D crystals. From this analysis, we can 
transmission and reflection coefficients, propagation characteristics, phase and delay response, etc., of a component or a system. 


New Closed-form Green's Functions for Microstrip Circuits and other Layered Structures 


When combined with the spatial-domain Method of Moments (MoM), our new closed-form functions now enable efficient and accurate analysis of microstrip circuits and antennas witt 
approximations. The key feature in this new MoM is that the four-dimensional integrations in MoM matrix elements can be solved analytically, completely eliminating the need for expensive 
integrations. Our new closed-form functions are simpler and more flexible than previous such functions, and (unlike previous ones) they do not require additional (Taylor series 
approximations. The computer time required for the analysis of an example microstrip line using the new MoM was three times less than the next best method, which required some 
integrations. 


Integrated-design of Hybrid-resonator Antennas for Broadband Wireless and other Communication Systems 


Shown below is the first baby of our recent project on broadband hybrid-resonator antennas. This first prototype of a Dielectric Resonator on Patch (DRoP) antenna demonstrated a ba 
24%. This design also proved, both theoretically and experimentally, that the electromagnetic fields in a dielectric resonator can be efficiently coupled to the fields in a patch resona 
perturbing the radiation characteristics of each resonator. 


Singularity-enhanced Finite-different Time-domain (FDTD) Method for Diagonal Metal Edges, Strips and Films 


We developed the world's first and still the only singularity-enhanced FDTD method for metal edges not parallel to the grid. The edges were assumed to be diagonal to cell faces. Compare 
conventional spit-cell model, the computer memory required for an FDTD analysis of a structure could be reduced by up to 27 times and the computing time could be reduced by up to 
without sacrificing the accuracy of results. On the other hand, when the same grid was used, the accuracy of results improved by a factor of more than 3 compared to the split-cell model, ai 
of more than 7 compared to the staircase model. The new equations were stable in all tests, and even in most demanding tests when the computational speed was further maximised by 


the time step (Dt) to the maximum allowed by the FDTD method! (i.e. stability factor of 1! ) 


The key to this success was the derivation of enhanced FDTD equations for nodes near the edges by considering rigorously the singular nature of the electromagnetic fields. The table here 
improvement of accuracy achieved by using the enhanced FDTD equations. The new equations are simple to implement in a standard FDTD code. They are ideal for the analysis and 


microstrip components and high-speed digital circuits where thin metal films or strips with diagonal edges are encountered. 


Low-profile Dielectric-resonator (DR) Antennas 


We designed and tested the world's first low-profile, circularly polarised, rectangular dielectric-resonator antenna (DRA) in 1995. The radiating element of this antenna is shown in the photo 
have also designed many other dielectric-resonator antennas, including a low-profile linearly polarised DRA, for various applications (see publications). We pioneered the FDTD anal) 


antennas and published the first radiation patterns of a DR antenna obtained using the FDTD method in 1995. 
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PREFACE 


In 1863, a small group of Swiss citizens founded the International 
Committee of Geneva for the Relief of Wounded Soldiers. A year later, 
an international diplomatic conference negotiated the first Geneva 
Convention for the Amelioration of the Condition of Wounded Soldiers 
in the Field, which to this day is one of the cornerstones of international 
humanitarian law, and gave the International Committee of the Red Cross 
its definitive name. 


International humanitarian law - the law of war — has developed since, 
and the mandate, role and activities of the ICRC have expanded to include 
both protection and assistance for all the victims of armed conflict and 
other situations of violence. Assistance and relief programmes are now 
run according to a public health approach and aim to be holistic regarding 
human needs while respecting the dignity of each and every one. 


War surgery — the care of the wounded in armed conflict and other 
situations of violence — remains a pillar of the ICRC’s identity. Over the 
years, ICRC hospital teams have unfortunately been witness to a great 
deal of physical and mental suffering in this world. Through caring for 
the sick and wounded in so many different conflict zones, the ICRC and 
its partners in the International Red Cross and Red Crescent Movement 
have developed an expertise they are keen to share, and created a pool 
of human resources ever willing and prepared to help alleviate some 
of the suffering. 


This new manual presents some of this expertise, gained at great human 
cost, in the hope that one day it will no longer be required. 


IuK MW, > 


Fe ccs tnerest 
Jakob Kellenberger 


President 
International Committee of the Red Cross 
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spherical near-field measurement capability for small antennas operating in the frequency range of 1-20 GHz, primarily for research purposes. 


Research 


(d) 


Australian Antenna Measurement Facility (AusAMF) 


AusAMF is operated by a consortium of Australian Universities, Industry and CSIRO. The facility provides access to a shielded anechoic chamber offeri 





The facility was established under an ARC LIEF (Australian Research Council Linkage-Infrastructure Equipment and Facilities) grant and is hosted by C 


ICT Centre located in the Sydney suburb of Marsfield. 


The facility currently consists of a spherical near-field turn-key NSI-700S-50 system within a 6m x 3.3m x 3.3m anechoic chamber. It has been designed to operate up to fre: 


of 20 GHz, and uses an Agilent PNA (E8362B) as a receiver. The measurement system is capable of supporting a ~40kg antenna under test (AUT) up to a diameter of approximately 1.2m. | 


the standard gain horns and the probes available at AUSAMF are as follows: 
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Waveguide Frequency Probe Standard 
Band (GHz) Gain Horn 
WR975 0.75 - 1.12 x x 
WR650 1.12 - 1.70 x x 
WR430 1.70 - 2.60 x x 
WR340 2.20 - 3.30 x x 
WR229 3.30 - 4.90 x x 
WR1i59 4.90 - 7.05 x x 
WR112 7.05 - 10.00 x x 
WR90 8.20 - 12.40 x 
WR75 10.00 - 15.00 x x 
WR51 15.00 - 22.00 x x 
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Facing the challenges 


One night while on duty Dr X, an experienced surgeon working in an ICRC field 
hospital in the midst of a civil war, performed a craniotomy on one patient injured 
by a bomb, an amputation following an anti-personnel landmine injury on another, 
and a laparotomy after a gunshot wound on the third; not to mention the emergency 
Caesarean section that arrived, as always, at the most inopportune time, after 
midnight. She was the only surgeon available that night. This was common practice at 
the time, and not very much has changed in the last thirty-odd years. 


Standard peacetime health services are already limited or lacking in many low-income 
countries, and faced with the added burden of weapon-wounded they are quickly 
overwhelmed. A precarious healthcare system is one of the first victims of armed 
conflict: the disruption of supply lines, the destruction of premises and the flight of 
medical personnel are all too common. 


The lack of adequate resources is not limited to diagnostic and therapeutic 
technologies. Above all there is a dearth of human resources. Surgeons trained 
to practise in multidisciplinary teams find themselves alone to face the entire 
surgical workload and deal with subspecialties with which they have, at best, only a 
passing acquaintance. Reverting to the philosophy, so common 50 years ago, of the 
multidisciplinary single surgeon who has to “do it all” is not an easy task. 


ICRC teams usually include only one or two surgeons. They are generalists, able to 
treat all kinds of injuries from simple soft-tissue wounds to penetrating abdominal 
and head injuries and complicated fractures. They must also provide emergency non- 
trauma surgical and obstetric care for the civilian population in the area. Ideally, they 
should be very general surgeons with a broad approach and wide experience. 
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This commonly held view remains true to this day. Whether performed by military or 
by civilian surgeons, war surgery has its particular characteristics that are due to the 
special nature of the context of armed conflict, its limitations and dangers, and the 
particular physio-pathology of high-energy, penetrating missile and blast wounds. 
The care of weapon-wounded patients follows accepted surgical standards, but is 
performed under extreme conditions, which is why the management of a gunshot 
wound due to criminal violence in a civilian context cannot be easily extrapolated to 
surgery in a situation of armed conflict. 





Working with limited resources means that the limits of surgery that can be performed 
are not the expertise of the surgeon, but rather the level of anaesthesia and post- 
operative nursing care, and the availability of diagnostic and therapeutic equipment. 


Limited resources, even in peacetime, may lead to the death of patients who would 
have survived had more sophisticated means been available. This is often the case in 
remote, and not so remote, hospitals in low-income countries; a situation exacerbated 
during armed conflict. 


Indeed, these characteristics mean that war surgery is very different from that 
practised in peacetime, when most operations are elective and most trauma is blunt, 
and the surgeon concentrates on doing everything he possibly can — using the full 
range of resources necessary — for each and every patient. 


Furthermore, the work of medical staff in a situation of armed conflict is governed by a 
special set of rules, in addition to standard medical ethics: international humanitarian 
law, or the law of war. This is yet another specificity of this type of surgical care and is 
important for the security of patients and medical personnel alike living and working 
under dangerous circumstances. 





The ICRC’s experience 


The ICRC has been providing medical care for the war-wounded ever since its 
inception, for example during the Franco-Prussian War (1870). The 1970s and 80s, 
however, saw a tremendous increase in the already considerable humanitarian 
activities for the victims of war, armed conflict, and other situations of violence. These 
included relief efforts for refugees, internally displaced persons, and the affected 
resident population, and medical care for the sick and wounded. In addition, many 
new organizations were founded and, together with United Nations agencies, they 
deployed renewed efforts to respond to these humanitarian challenges. 


The ICRC embarked on large-scale programmes to provide surgical care for the victims 
of war. Several independently-run ICRC hospitals were established and surgical staff 
recruited from various national Red Cross/Red Crescent Societies and Switzerland. 
A large number of enthusiastic and idealistic surgical staff set off on humanitarian 
missions. The surgeons were well-trained and experienced, but their training and 
experience were largely confined to sophisticated hospital facilities in industrialized 
countries. They faced a steep learning curve. 





INTRODUCTION 





The ICRC also faced a steep learning curve and has acquired considerable expertise 
in caring for the victims of conflict in settings where the healthcare system is severely 
disrupted. This know-how derives from three different, but related programmes in 
various countries afflicted by armed conflict and other situations of violence around 
the world. 


1. Independent ICRC-run hospitals. 


2. Support to local hospitals through the short-term presence of expatriate surgical 
teams, with a strong focus on training and capacity building; the provision of 
supplies and equipment; the renovation of infrastructure and water and sanitation 
facilities; and financial incentives and salaries for local staff when necessary. 


3. Organization of war surgery seminars, which provide opportunities for colleagues 
to exchange experiences and expertise. 


This three-pronged approach has enabled the ICRC to develop basic clinical protocols 
and procedures for surgical techniques appropriate to the management of weapon- 
wounded patients in situations of limited resources and precarious circumstances. 
In addition, over the last thirty years, the ICRC has trained and maintained a pool of 
experienced hospital personnel who do not have to re-invent everything with each 
new conflict. 


However, thanks to more widespread educational opportunities in recent years, there 
has been a sharp increase in the number of surgeons in conflict-afflicted countries. This 
has allowed the ICRC to switch the emphasis of its programmes from one of substitution 
- i.e. independent ICRC hospitals — for a poorly-functioning or non-existent hospital 
system to one that focuses on support and training of medical personnel in the niceties 
of the management of patients wounded by the weapons of war. 


As part of its training programmes, the ICRC has co-organized more than 120 war 
surgery seminars — over a dozen a year — in the last decade. On these occasions much 
expertise and many ideas have been exchanged between surgeons from a number of 
countries — with a varying degree of experience in war trauma — and ICRC surgeons. 
We have all learned from these discussions, and some of the lessons are reflected in 
the contents of this new book. 


However, in several contexts the ICRC has continued to provide direct surgical services 
in aneutral and impartial manner. This form of substitution contributes a fundamental 
element to the protection of the victims and the medical mission in situations where 
these humanitarian principles have been sorely tried. 


While a number of manuals on war surgery have been published, they are mostly 
produced by and for the armies of industrialized countries. Their operational norms 
usually require large investments in means and personnel: helicopter evacuation of 
patients; well-trained field medics and stretcher-bearers; sophisticated technology; 
multidisciplinary teams of specialist surgeons, anaesthetists, and nurses. ICRC surgical 
staff refer to these manuals as references but the conditions and means described 
therein are seldom met in present-day theatres of armed conflict. Many of their 
“lessons” are inadequate — or even irrelevant - to humanitarian war surgery or the 
functioning of public hospitals in many countries working with limited resources. 


ICRC surgical care aims to be economical, non-specialized, based on solid scientific 
principles, and offer good returns given the constraints. The clinical protocols and 
surgical techniques described in this manual are the standard procedures used 
among the ICRC's pool of experienced surgeons. 


Putting pen to paper 


To meet the challenge posed by these conditions, our predecessors in the surgical 
department of the Medical Division of the ICRC edited a basic reference manual for 
surgeons embarking on their first humanitarian mission: Surgery for Victims of War. 
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The first three editions of this book have been extensively distributed and received 
wide acclaim the world over from surgeons who faced the challenge of treating war- 
wounded patients for the first time. The general surgeon in an isolated rural hospital 
has perhaps drawn the greatest benefit from it. 


Originally intended as a fourth edition of Surgery for Victims of War to address the 
particular needs and specific requests many of our colleagues raised during ICRC- 
led seminars, as well as to reflect the developments in ICRC surgical practice, it 
soon became clear that a new book would better serve this purpose. This book now 
comprises a significant amount of new material to be presented in two volumes, while 
maintaining the basic reasoning of the original manual. 


This first volume is devoted to broad topics, with a number of entirely new chapters of 
a more general character whose contents are relevant not only to surgeons but also 
to those responsible for the organization and coordination of surgical programmes in 
times of armed conflict and other situations of violence. It presents the characteristics 
of surgical care for the victims of war, in particular the epidemiological, organizational 
and logistic aspects, drawing on the experience of ICRC medical staff and other 
colleagues. The second volume will deal with weapon-related trauma to specific 
body systems. 


The surgical techniques presented herein share many fundamental ideas with more 
sophisticated medical services. However, they also derive from tried-and-tested 
improvisation and the use of very simple methods of treatment aiming to use 
technological means as appropriate as possible to the prevailing conditions of limited 
infrastructure, equipment, and human resources. 


The explanations of techniques are geared to the level of knowledge and practice of 
general surgeons ina rural hospital. These surgeons are often the first to see patients 
wounded in conflict and they know that, under the circumstances, referral to more 
sophisticated facilities - far away in an inaccessible capital city — is impractical or 
impossible. This book attempts to provide surgeons who do not have specialized 
training with basic advice about the treatment of various weapon wounds, 
describing the types of operations that have proved successful in ICRC and other 
comparable practice. 


The manual and other basic ICRC surgical publications and documents of general 
interest are included in the DVD attached to this volume. The disk also contains 
several downloadable files — forms and checklists for example — that can be used in 
everyday practice and adapted by the reader. 


Unless stated otherwise masculine nouns and pronouns do not refer exclusively 
to men, for the manual is gender neutral. Any use of trade or brand names is for 
illustrative purposes only and does not imply any endorsement by the ICRC. 


We hope that civilian and military surgeons, as well as Red Cross/Red Crescent 
surgeons, facing the challenge of treating the victims of armed conflict and other 
situations of violence for the first time under precarious and, at times dangerous, 
circumstances will find this book useful. 


Aik i 


Philippa Parker Christos Giannou Marco Baldan 





Head of Health Unit Former ICRC Head Surgeon ICRC Head Surgeon 
ICRC Assistance Division 





INTRODUCTION 





Acknowledgements 


This manual is based on Surgery for Victims of War, first published by the ICRC in 1988 
and edited by Daniel Dufour, Michael Owen-Smith, and G. Frank Stening. The authors 
included: 

Bernard Betrancourt, Switzerland 

Daniel Dufour, Switzerland 

Ora Friberg, Finland 

Soeren Kromann Jensen, Denmark 

Antero Lounavaara, Finland 

Michael Owen-Smith, United Kingdom 

Jorma Salmela, Finland 

Erkki Silvonen, Finland 

G. Frank Stening, Australia 

Bjorn Zetterstr6m, Sweden 

and was illustrated by Penelope L. Zylstra (Australia). Many of her line drawings have 
been included in the present book. 


The second edition (1990) was revised by Robin Gray (United Kingdom) and the third 
(1998) by Asa Molde (Sweden). 


We owe a debt of gratitude to their pioneering work, and their clear and simple 
approach which has served as a model. 


The present publication has benefited from the input of many colleagues with much 
experience within the ICRC and outside it. Critical comments and valuable advice 
throughout were provided by: 

Ken Barrand, United Kingdom 

Franco De Simone, Italy 

Herman Du Plessis, South Africa 

Jacques Goosen, South Africa 

Asa Molde, Sweden 

Valery Sasin, Byelorussia 

Harald Veen, Netherlands 

Gunter Wimhoefer, Germany 


Beat Kneubuehl (Switzerland) acted as the scientific adviser on ballistics and 
Sylvain Vité (Switzerland), an ICRC jurist, provided technical expertise on international 
humanitarian law and revised the appropriate sections. Massey Beveridge (Canada) 
served as technical adviser on burns and skin grafting and made significant 
contributions to the relevant chapters. 


The chapter on the Red Cross Wound Score is largely based on the revised edition of 
the ICRC brochure by Robin Coupland (United Kingdom), who also provided essential 
comments and advice on ballistics and epidemiology, and has moreover played 
an important role through his many other pertinent publications. Holger Schmidt 
(Germany) and Eric Bernes (France) gave advice on first aid and emergency room 
trauma care. Haide Beckmann (Germany) and Thomas Walker (Switzerland) made 
contributions to the chapter on anaesthesia and Dieter Jacobi (Germany) provided 
comments for the chapter on chronic infections. 


13 





WAR SURGERY 





14 


The ICRC Master Surgeons Workshop, held in Geneva in March 2002, revised the 
Red Cross Wound Score, ICRC triage categories, and established the ICRC antibiotic 
protocol. Participants included: 

Marco Baldan, Italy 

Massey Beveridge, Canada 

Christos Giannou, Greece-Canada 

Francois Irmay, Switzerland 

Dieter Jacobi, Germany 

Ben Mak, Netherlands 

Valery Sasin, Belarus 

Jukka Siegberg, Finland 

Harald Veen, Netherlands 

Gunter Wimhoefer, Germany 


In addition, the ICRC Senior Anaesthetists Workshop, held in Geneva in November 
2002, was the basis for the chapter on anaesthesia and established the ICRC pain 
management protocol. Its participants included: 

Sunao Asai, Japan 

Haide Beckmann, Germany 

Lisa Bennett, Australia 

Jeanne Frossard, United Kingdom 

Christiane Gerber, Switzerland 

Christos Giannou, Greece-Canada 

Tuula Kangas-Saarela, Finland 

Svante Linden, Sweden 

Peter Mahoney, United Kingdom 

Barthélémy Merzouga, Switzerland 

Pascal Ollé, France 

Erkki Saarela, Finland 

Bernadette Sterckx, France 

Vladislav Virago, Belarus 

Eric Vreede, Netherlands 

Jolanda Walker, Switzerland 


Both workshops also helped define the ICRC criteria for the adoption of new 
technologies, the level of laboratory expertise required, and general strategies for 
ICRC surgical programmes. 


Christiane de Charmant handled the editing of the final text and was responsible for 
the production while Pierre Gudel provided the graphic design. Their contribution is 
greatly appreciated. 


The authors are ICRC staff members and no outside financial or material support has 
been received for the publication of this book. 


15 


Chapter 1 

SPECIAL 
CHARACTERISTICS 

OF SURGERY IN TIMES 
OF CONFLICT 





12/11/2017 Research 


COPYRIGHT (C) 2013 KARU ESSELLE ALL RIGHTS RESERVED 


http://web.science.mq.edu.au/~esselle/Research.html 13/13 





WAR SURGERY 





18 


13 


1.4 

1.4.1 
1.4.2 
1.4.3 
1.4.4 
1.4.5 
1.4.6 
1.4.7 
1.4.8 


SPECIAL CHARACTERISTICS OF SURGERY IN TIMES OF CONFLICT 
Differences between surgery in times of conflict and civilian practice 


How war surgery differs 

IHL: protection of non-combatants and those “hors de combat” and the rights and obligations 
of medical personnel 

Specific epidemiology of war wounds 

Predominance of emergency surgery 

Surgery in a limited technical environment 

Surgery ina hostile, violent environment 

Mass casualties involving the principles of triage 

Triage and surgery in successive echelons 

Outcome of hospital patient care depends on the efficiency of pre-hospital echelons 
Specific wound pathology: bullets, bombs, blast weapons and non-conventional weapons 
Specific techniques appropriate to the context and pathology 

Increased prevalence of endemic disease 


“Surgeries” for victims of war 


Differences between military and non-military war surgery: the ICRC approach 
Military-civilian cooperation 

Constraints: security 

Constraints: logistics 

Constraints: hospital equipment 

Constraints: blood transfusion 

Constraints: geography and climate 

Constraints: culture shock 

Constraints: the human factor 


ANNEX 1.A ICRC criteria for introducing a new technology 


12) 


20 


20 
21 
21 
21 
21 
22 
22 
23 
24 
24 
25 


25 


27 
27 
27 
28 
28 
29 
29 
29 
30 


31 





SPECIAL CHARACTERISTICS OF SURGERY IN TIMES OF CONFLICT 





1.1. Differences between surgery in times of conflict 
and civilian practice 


The differences between civilian and war trauma are manifold - as are the 
differences between the experience of the ICRC and those of conventional military 
medical services. 


Most surgeons today, the world over, derive their trauma training from road-traffic 
accidents and much that applies to the management of casualties in civilian settings 
will also apply to the situation of armed conflict: war surgery follows classical surgical 
standards. However, the generation of surgeons who mostly had to deal with 
accidents among agricultural or industrial workers were well aware of the dangers 
of gas gangrene and tetanus and the necessity of good wound excision and delayed 
primary closure. It was relatively easy for the surgeon to shift from this “septic” civilian 
surgery to war wounds. This is no longer the case for many surgeons trained today; 
laparoscopy, radioscopic embolization, and unreamed intramedullary nails will not 
get you very far when facing a landmine injury of the abdomen or a machine-gun 
wound to the thigh. Early specialist training of surgeons and sophisticated modern 
technology benefit many patients in a peacetime environment, but can be an obstacle 
to the practice of surgery during armed conflict. 





War wounds are different. The extent of tissue destruction and contamination seen 
in war injuries is nothing like what is seen in everyday trauma practice. Working 
conditions during war are radically different from those prevailing in peacetime. 
Resources are limited and surgeons are often obliged to improvise or make 
compromises in their management decisions. Their aim should be to bring the best 
care possible to their patients under the circumstances, not the best care as described 
in the academic literature. 


War surgery is a surgery of mass casualties. The logic of war triage has little to do with 
the routine emergency department triage of a major civilian trauma centre: war triage 
has a“leave to die in dignity” category unheard of in everyday civilian practice. 


War surgery involves the staged surgical management of the wounded, often at 
different echelons of care and provided by different surgeons, especially in a military 
context. Even in a humanitarian context, such as ICRC surgical programmes, several 
surgeons deployed on short missions may participate in the treatment of a single 
patient. In everyday civilian practice on the other hand, the same surgeon assumes 
responsibility for the entire surgical management of his or her patient. While modern 
civilian practice often involves a “multidisciplinary approach’, war surgery often 
demands a“multi-surgeon” approach. 





These and other challenges mean that practitioners facing surgery for the victims 
of war for the first time will have to change their mindset, i.e. their “professional 
mental software”. 





1 DeBakey ME. Military surgery in World War Il - a backward glance and a forward look. NEJM 1947; 236: 341 - 350. 
Michael E. DeBakey (1908 - 2008), an American surgeon of Lebanese origin, was a pioneer of modern cardio- 
vascular surgery. His treatise on the management of vascular trauma constitutes a basic reference. He invented 
the concept of Mobile Army Surgical Hospitals (MASH) for the US armed forces in Korea. 
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Figure 1.1 
Soldiers “hors de combat” : POWs. 


Japanese Red Cross Society 


Figure 1.2 
Soldiers “hors de combat” : the wounded. 


ICRC 


Figure 1.3 


Those who care for the sick and wounded. 
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1.2 Howwar surgery differs 





A number of special features characterize the practice of surgery in time of war? 


1. Special rules: international humanitarian law (IHL), ie. the protection of the sick 
and wounded, and the rights and obligations of medical personnel. 


2. Specific epidemiology of war wounds. 

3. Predominance of emergency surgery. 

4. Surgery ina limited technical environment. 

5. Surgery ina hostile, violent environment: constraints of the tactical situation. 
6. Mass casualties involving the principles of triage. 

7. Triage and surgery in successive echelons of casualty care. 


8. Outcome of hospital patient care is a function of the efficiency of pre-hospital 
echelons. 


9. Specific wound pathology: bullets, bombs, blast, non-conventional weapons. 
10. Specific techniques appropriate to the context and pathology. 


11. Increased prevalence of endemic disease. 


1.2.1. IHL: protection of non-combatants and those “hors de combat” 
and the rights and obligations of medical personnel 


The Geneva Conventions of 1949 and their Additional Protocols of 1977 define 
categories of individuals who, by virtue of these treaties, are protected during armed 
conflict. These include non-combatants, combatants who no longer participate 
in hostilities - “hors de combat” - either through sickness, injury, shipwreck, or by 
becoming prisoners of war; and those who care for the sick and injured, namely 
medical and religious personnel. The latter two use the protective emblem of the red 
cross, red crescent or red crystal to mark the means and facilities that take care of the 
sick and wounded. According to the law, all these categories of protected individuals 
are immune from attack, as long as they do not take an active part in hostilities. 
International humanitarian law — the law of war — offers particular rights to medical 
personnel, but also ascribes obligations to them. 


All health professionals are bound by medical ethics, in times of peace and of war. These 
are not replaced but are complemented by international humanitarian law. Compliance 
with these laws may create particular ethical dilemmas and security problems, and the 
military hierarchy does not always understand the demands of medical ethics. Civilian 
health staff may face particularly problematic and dangerous situations during a civil 
war where their own community is involved in the conflict. Chapter 2, Applicable 
international humanitarian law, explains the main principles and rules governing the 
rights and obligations of medical staff in times of armed conflict. 





2 Nikolai lvanovich Pirogov (1810 - 81): Russian anatomist and surgeon, professor at the Academy of Military 
Medicine, St Petersburg. Founded modern field surgery during the Crimean War (1854); devised the plaster cast 
and the mass use of anaesthesia on the battlefield and wrote a reference field surgery manual. Representative of 
the Russian Red Cross sent to inspect the hospitals on both sides during the Franco-Prussian War in 1870. 


3 List modified and adapted from bibliographic sources. 


V. Louis / ICRC 





SPECIAL CHARACTERISTICS OF SURGERY IN TIMES OF CONFLICT 





1.2.2 Specific epidemiology of war wounds 


The nature of warfare — on land, at sea or in the air — will create a particular 
epidemiology of the wounded. The nature of weapons, protective body armour, 
and any delay in transport will affect the anatomic distribution of injuries and their 
severity. The understanding of these epidemiological factors will have important 
consequences in terms of preparation and allocation of resources: i.e. standardized 
supplies and specialized personnel (see Chapter 5). 


1.2.3. Predominance of emergency surgery 


War surgery primarily consists of emergency surgery, especially during early tactical 
field care. Sophisticated techniques or reconstructive procedures have no place here, 
except well after combat and in a distant referral hospital (see Chapters 6 and 8). 


1.2.4 Surgery ina limited technical environment 


The environment in times of war is bleak and harsh. The limits of surgical work are 
largely determined by the logistic difficulties attending the supply of remote and 
dangerous areas and the lack of maintenance, repair and spare parts. There is seldom 
enough technical support staff to ensure that infrastructure functions correctly. 


Figure 1.4 


Surgery in a limited technical environment. 


Despite lavish outlays for field hospitals by the armies of modern industrialized 
countries, equipment limitations in tactical situations are well recognized. The lack of 
sophisticated diagnostic equipment rather than the surgeon's technical capabilities 
and expertise is often what determines what can be done. What is essential must be 
differentiated from what is “nice to have”. 


1.2.5 Surgery ina hostile, violent environment 


The adverse conditions of a tactical situation may put the safety of patients and 
medical personnel at risk, and thereby create less than optimal working conditions. 
Dangerous evacuation routes may compromise transport and result in delays. 
Security must be ensured for patients and staff, by selecting suitable sites for first-aid 
posts and hospitals. Health facilities and ambulances should be clearly marked with 
the protective emblem of the red cross, red crescent or red crystal, according to the 
dictates of international humanitarian law. 


Not all combatants are disciplined and well trained. For anyone caught up in armed 
conflict, there is an all too familiar syndrome seen amongst young fighting men who 
are under the influence of a “toxic cocktail”: testosterone, adrenaline, alcohol and 
cannabis (and, at times, “other substances” as well). 





Figure 1.5 


Working in a hostile environment. 
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Mass casualties: the principles of triage. 


Figure 1.6 
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The setting of surgical work can change rapidly, and surgeons must be prepared to 
adapt to various difficult and austere environments. With few doctors and limited staff 
available, and wounded people pouring in, hospital facilities are easily overwhelmed. 
Doctors and nurses also get tired and sick, and are sometimes frightened. The 
physical and mental strain of working in new and strange circumstances and at times 
dangerous conditions means that they may not perform as well as usual. 


1.2.6 Mass casualties involving the principles of triage 


Much has been written about the carnage of the major wars of the twentieth century, 
and the role of triage in the management of thousands of casualties resulting from 
a single battle. These lessons are still relevant in contemporary conflicts. The logic 
followed must be to “do the best for the most” and not “everything for everyone” This 
involves the most important change in the professional mindset of the surgeon. 


Triage decisions are amongst the most difficult in all medical practice, possibly 
creating ethical dilemmas. There may also be, at times, a conflict between medical 
criteria and tactical ones of military necessity that require some form of compromise. 
Persons performing triage must be prepared to accept these necessary compromises 
while maintaining their personal medical integrity (see Chapter 9). 


1.2.7. Triage and surgery in successive echelons 


The sick and wounded are evacuated and transferred along a chain of casualty care. 
The principles of triage are applied at every stage in this chain. The initial surgery 
must not compromise the performance of later, definitive surgery. The prognosis will 
be much better if the wounded are evacuated rapidly to a higher echelon hospital 
structure. A surgeon in the field must understand the system and know what will 
happen to the patient at the next echelon of care and what is required of him at his 
echelon (see Chapter 6). 


War surgery requires a logic of phased wound management. Treatment takes place 
in five phases often, although not necessarily, in five different places. This is the 
classical set-up in military planning. It involves high costs, including the means of 
transportation and the discipline required of such organization. Modern concepts can 
be integrated into this approach, such as forward surgical teams performing damage- 
control surgery. The five phases are as follows. 


1. First aid at the point of wounding: self- or “buddy” treatment, or that provided by 
a field medical officer or first aider. 


2. First medical treatment: vital emergency measures including the beginning of resus- 
citation, generally at the first-aid or dressing post, clearing station or collection point. 


3. First surgical treatment: debridement/wound excision, without primary closure, 
at the first echelon hospital. 


4. Definitive treatment: delayed primary closure of wounds and surgical treatment 
according to traditional principles in a referral hospital. Physiotherapy and 
convalescence. 


5. Reconstructive surgery and rehabilitation: specialized surgery with multiple 
reconstructive procedures and the fitting of prostheses when required. 


The rapid turnover of medical personnel treating numerous patients at different points 
in a chain of casualty care creates a necessity for standard protocols, which cannot 
be left to the discretion or whim of the individual surgeon. One cannot individualize 
treatment for each single patient in a tactical situation; different surgeons will operate 
on the same patient at the different echelons. In civilian practice, by contrast, the same 
surgeon manages the surgical care of the individual patient throughout that patient's 
course of treatment; even in a multidisciplinary approach, the same team is involved. 


T.A.Voeten / ICRC 
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These five echelons for the management of the war-wounded do not always exist in 
a civilian or humanitarian context, where all five phases may well occur in the same 
medical facility - as is in fact common practice for ICRC hospital teams. However, in 
the humanitarian context, there is also a rapid turnover of personnel. Standardized 
protocols are the only means to ensure continuity of treatment and to organize 
surgical and nursing care on a sound footing; the protocols cannot be changed with 
every change of team surgeon. 





1.2.8 Outcome of hospital patient care depends on the efficiency 
of pre-hospital echelons 


First aid provided at the point of wounding - or at the safest place near the 
battlefield - and rapid evacuation are of vital importance; mortality and morbidity 
increase with delay. If first aid is inadequate or unavailable and the evacuation chain 
is long, then the outcome will be decided by nature. However, hospital mortality 
decreases as evacuation time increases; with very long delays, the severely injured die 
long before reaching hospital and surgeons spend most of their time dealing with the 
septic complications of the survivors (see Chapters 5 and 7). 





Figure 1.7 


Inadequate pre-hospital care. 
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1.2.9 Specific wound pathology: bullets, bombs, blast, 
and non-conventional weapons 


War wounds are qualitatively different from trauma seen in civilian practice: all are 
dirty and contaminated. Projectiles may cause massive destruction of soft tissues, 
bones, and important organs. Infection is the great danger and the rules of septic 
surgery apply (see Chapters 3 and 13). 





Nothing in routine civilian practice is similar to the polytrauma of multiple shell 
fragments, traumatic amputation due to an anti-personnel landmine, or the 
devastating effects of a high-kinetic energy transfer from a military rifle bullet. Again, a 
change in the professional mindset appropriate to a modern trauma centre is required 
in order to adjust to the management of wounds in times of armed conflict. Surgeons 
practising in a low-income country, dealing with much septic pathology, will find this 
change much easier to handle than those whose usual work involves sophisticated 
technology with abundant good nursing care in an aseptic environment. 


1.2.10 Specific techniques appropriate to the context and pathology 


The care of numerous patients, treated in many locations by different surgeons, in 
austere conditions demands simplicity, security, and speed of surgical procedures. 
The need for speed in dealing with mass casualties with inadequate numbers of staff 
should not lead to confusion and disorder. Phased wound care imposes standards 
and a systematic approach: doing the least amount of surgical work for the greatest 
results, saving “life and limb’, and then sending the patient on to the next stage in the 
chain of casualty care. The follow-up of surgical procedures by the individual surgeon 
in the field is difficult if not impossible, and precludes personal and individualistic 
techniques. Standard protocols, as mentioned, are necessary. 


The majority of wounds will be to the extremities, and the objective is to treat them 
so that they heal as quickly as possible without becoming infected. Sepsis, potentially 
fatal (tetanus, gas gangrene, haemolytic septicaemia), is the greatest danger for 
survivors. As aforesaid: the rules of septic surgery apply. 


The basic principles of management of war wounds comprise the following steps. 
1. Early and thorough wound excision and irrigation. 

2. Nounnecessary dressing changes. 

3. Delayed primary closure. 

4. Antibiotics as an adjuvant. 

5. Anti-tetanus vaccine and immunoglobulin if necessary. 

6. No internal bone fixation.’ 


7. Early physiotherapy. 





4 Nointernal bone fixation is the rule, at least in the “acute phase”. Recent experience has shown the possibility of 
using internal fixation once the soft tissues have healed in the absence of any infection, but only in skilled hands 
and with excellent conditions of hygiene and nursing care. This is not, however, standard policy in ICRC practice 
where no internal fixation whatsoever is used. The risk, and probability, of abuse of internal fixation precludes 
its availability. 
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Correct surgery gives the patient the best chance of survival with a good quality 
of life, and shortens the stay in hospital. High-quality physiotherapy is required to 
ensure early mobilization after surgery and a good functional result. Treatment is 
not complete, however, until the patient is rehabilitated; prosthetic workshops are 
needed to fit amputees and provide other suitable devices, such as orthoses, crutches 
or wheelchairs. 


1.2.11 Increased prevalence of endemic disease 


Until World War |, more soldiers died of disease than of their wounds. Battle-injury 
attrition was usually around 20%, and disease four times more common among 
soldiers. Non-battle injury attrition rates remain very high even today; infectious 
and communicable diseases differ according to the geography and climate, but 
psychological disorders and vehicle accidents are universal. 





The destruction, disruption and disorganization that accompany armed conflict 
often cause the public health system to be among the very first to suffer. The 
humanitarian consequences translate into reduced availability of basic public 
health requirements such as water, food, shelter, etc., for the civilian population 
and often overwhelm the capacities of the public health system. This compounds 
the challenge of caring for the civilian population in a conflict zone: i.e. residents, 
internally displaced persons, and refugees fleeing to or from neighbouring countries 
(see Chapter 5). 


1.3. “Surgeries” for victims of war 


There is more than one type of war surgery. While the needs of the wounded 
are the same, the means and resources available to meet those needs vary 
widely from country to country and situation to situation, giving rise to different 
approaches to war surgery. The management of the war-wounded as performed 
by the military medical services of an industrialized country is not the same as 
that of a public rural hospital in a low-income country. Although the principles 
of wound management are the same in both cases, the diagnostic and 
therapeutic possibilities are very different. The latter should be appropriate to the 
technological, financial, and human resources at hand. Obviously many of these 
same constraints apply to the practice of civilian, everyday trauma and elective 
surgery around the world. 


At least four major scenarios for the surgical management of victims of war in 
contemporary armed conflicts can be described. 


1. Conventional army of an industrialized society, with a high level of public 
financing and where the military attempt to provide the same level of surgical 
care that is practised in civilian life. Rapid evacuation and transfer of patients to 
specialized facilities is routine. Safe access to adequate medical care for the sick 
and wounded is perceived as a right; and the duty to provide it incumbent on the 
armed forces. 


2. Developing country with an emergent economy where, at least in the capital 
and other major cities, a high-level of specialized surgical care including enough 
trained personnel is available, even if this is not the case in rural areas. Evacuation 
and transfer of patients to specialized facilities is possible, if sometimes difficult. 
Safe access to adequate medical care is a goal to be achieved. 
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3. Poor country, with limited financial and human resources. A few major surgical 
centres may exist in the capital city but provincial and rural hospitals are largely 
staffed by young general surgeons or general practitioners with some surgical 
experience. Supplies, budgets, and human resources are chronically inadequate 
or even absent. Evacuation and transfer of patients are difficult or impossible. Safe 
access to adequate medical care is rarely guaranteed. 


4. Non-State actors, guerrilla groups, populations without safe access to public 
structures. Field surgery is practised by a few trained doctors and nurses, because 
there is no alternative. Safe access to the victims by health professionals, and the 
victims’ access to medical care, is impossible or rare, problematic, and always 
a challenge. 





H. Du Plessis / South African Military Health Service, U. Pretoria 


Figure 1.8 
Surgery for victims of armed conflict in a modern hospital. 
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Figure 1.9 
Another type of surgery for victims of armed conflict. 
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1.4 Differences between military and non-military 
war surgery: the ICRC approach 


Non-military war surgery is practised by civilian medical structures (health ministry, 
missionary and private hospitals) and those of the ICRC or other humanitarian 
agencies. This section details the ICRC’s experience and explains its approach. 


The aims of war surgery for the ICRC are to protect the sick and wounded and help 
maintain their dignity by ensuring access to adequate care; save “life and limb’; 
minimize residual disability and assist amputees. Besides the direct victims, the ICRC 
also attempts to support the health system by assisting local medical colleagues to 
maintain the infrastructure and human resources necessary to resume functioning 
after the end of the conflict, thus providing the civilian population with at least the 
basics of healthcare. ICRC assistance to local structures may involve construction 
and renovation of health facilities, water and sanitation work, food supplements for 
patients and staff, equipment, supplies and basic salaries. Training programmes for 
doctors and nurses may be included. In addition, the ICRC may at times set up its own 
independent hospitals with expatriate staff supplemented by local personnel (see 
Chapter 6). 





1.4.1. Military-civilian cooperation 


Armed forces deployed in the field have a specific military mission. Their medical 
component aims primarily to give support to their soldiers in this mission, i.e. to 
achieve their tactical and strategic plans. The military may have many of the same 
“assistance and reconstruction” aims as civilian organizations, but medical criteria in 
a military context often must take second place to the tactical and strategic demands 
of military and political necessity. 


The ICRC is a neutral, impartial and independent, totally humanitarian, institution. It 
promotes adherence to international humanitarian law and aims to protect and assist 
the victims of conflict - all the victims on all sides. Any cooperation with armies in 
the field of battle that compromises the perception of that neutrality, impartiality or 
independence can only compromise the humanitarian work of the ICRC, as well as 
that of other organizations and agencies. 


The ICRC insists on maintaining its independence, and the independence of a 
“humanitarian space” separate from the “assistance and reconstruction” work of armies 
in the field. Many humanitarian organizations share the same opinion and approach. 


1.4.2. Constraints: security 


The ICRC often has little or no control over casualty evacuation because of security 
constraints. In many countries the wounded are transported by private means: taxis, 
donkeys, oxcarts or on foot. In some contexts, the ICRC has been able to set up first- 
aid posts, or assist a National Red Cross or Red Crescent Society in doing so. One 
extraordinary example was a 16-year medical evacuation system by fixed-wing aircraft 
run by the ICRC and United Nations’ Operation Lifeline Sudan to assist victims of the 
conflict in southern Sudan: it transported over 30,000 sick and wounded patients 
to an ICRC hospital in northern Kenya. Even with aircraft available, the logistics and 
distances involved regularly resulted in a one- to three-week delay in evacuation. 


While the armed forces deploy the necessary means to protect their health facilities 
from the “lethal chaos of the battlefield”,> the ICRC depends on the red cross emblem 
and negotiations with all belligerent forces for its physical protection. The ICRC has no 
guns to protect itself and is just as dependent on local authorities and leaders as public 
hospitals are. The ICRC relies on the limits imposed by international humanitarian 
law and the discipline of combatants, and its diplomatic negotiating ability. Other 
humanitarian organizations who work in war zones face similar constraints. 





5 Butler F. Tactical Combat Casualty Care: combining good medicine with good tactics. J Trauma 2003; 54 (Suppl.): S 2 - 3. 
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1.4.3 Constraints: logistics 


A hostile environment presents more than security risks. Remote areas with dangerous 
routes and extreme climates pose numerous logistic problems for the delivery of 
supplies and the maintenance of basic infrastructure, for both hospital and living 
quarters. The military often have lift, delivery and transport capacities that civilian 
institutions lack. Although the armed forces also have their logistic limits, they are 
of a different order of magnitude to those of the health ministry, non-governmental 
organizations, or the ICRC. 





Figure 1.10 


Challenging environment. 


1.4.4 Constraints: hospital equipment 


These limitations also affect hospital equipment. The military have lift constraints 
because they must also transport arms and munitions. For the ICRC, equipment 
limitations mean resorting to appropriate technology and mastering the tasks of 
maintenance, repair and availability of spare parts. This is particularly important 
when working in remote areas in a poor country with training programmes for 
local colleagues. The aim is to avoid creating a technological dependency that the 
permanent local staff will not be able to cope with when the conflict is over, and the 
ICRC leaves the hospital and the country. To this end, the ICRC has developed criteria 
for the introduction of any new technology into its standard list of medicines and 
equipment for hospital programmes (see Annexe 1. A: ICRC criteria for introducing a 
new technology). 





Figure 1.11 


Limited surgical equipment. 
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A standard list is a basic, limited set of essential supplies, both medical and non- 
medical, which corresponds to an appropriate standard of care. All items on a standard 
list should always be available from a central store or reliable supplier. Standardization 
provides a simple framework, within which resources can be used to maximum effect, 
promotes continuity in patient care, helps to simplify staff training, and makes it 
easier to introduce new and inexperienced staff into the system. The ICRC and the 
International Federation of Red Cross and Red Crescent Societies have established an 
Emergency Items Catalogue® with predetermined sets and kits that run the gamut of 
assistance programmes. 


ICRC experience shows that it is possible to perform good quality surgery with 
basic technology such as simple X-ray, and electronic monitoring in the theatre 
and post-operative ward limited to a pulse oxymeter. An ICRC laboratory set-up 
is also basic; there is no capacity for bacteriological culture and sensitivity and no 
blood components. 





1.4.5 Constraints: blood transfusion 


Blood for transfusion is often difficult to obtain in some countries because of cultural 
and religious restrictions and beliefs. With the steady increase in HIV infection around 
the world, testing must be adequate and indications for transfusion strictly limited. 
In some areas of the world, giving blood should probably be totally avoided. The use 
of blood should be restricted to vital needs and to patients with a good chance of Figure 1.12 
survival, following the principles of triage. As in many, if not most, provincial and rural _ Basic supplies. 
hospitals around the world, ICRC practice uses whole blood for transfusion, as fresh as 

possible, and usually donated by a relative. 





K. Barrand / ICRC 


1.4.6 Constraints: geography and climate 


The geographic context may be important in terms of disease and the added burden 
it represents. The wounded may suffer from other illnesses, such as tuberculosis, 
malaria, typhoid and intestinal worms, as well as from malnutrition. In countries 
with chronic malaria infestation, there is often a peak of fever post-operatively. The 
surgeon must therefore try to acquire some basic knowledge of the diseases specific 
to the area and their treatment. Local healthcare workers are usually familiar with 
these conditions and more expert in their treatment than expatriate staff. These 
pathologies may also affect and represent a danger for expatriate staff. 


1.4.7. Constraints: culture shock 


Cultural constraints are another challenge that may add to the frustrations of medical 
work in a combat zone. In some societies, amputations and laparotomies can only 
be performed with the consent of the family of the patient. After a discussion in 
which the clear advantages are explained, the final decision must be left to the 
family. This procedure, which respects local cultural and social behaviour and norms, 
has to be followed and accepted even though it may be considered as a limitation 
and constraint by surgical and nursing staff. It is particularly difficult for committed 
medical personnel to see young people die because permission for necessary surgery 
has been denied. 


In many societies, itis common for a relative to stay with a hospitalized patient, helping 
with nursing duties related to hygiene and feeding, and providing psychological 
support. This tradition must be accepted. 








6 See Selected bibliography. 
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1.4.8 Constraints: the human factor 





This classic quotation from the Swiss army’s war surgery manual describes the 
situation for the new military surgeon and, as is more and more often the case in 
contemporary conflicts, for civilian surgeons faced with the victims of armed conflict 
for the first time. New ICRC surgeons coming from the National Red Cross or Red 
Crescent Society of a rich industrialized country face the same challenges: a constantly 
changing field of battle with new limits and constraints that come as a surprise. One 
must plan for alternatives and always keep an open mind to new options. 


If military war surgery is the management of an “epidemic of trauma” in a series of 
echelons, this is not always the prevailing situation in non-military circumstances. 
Unlike a military field hospital, an ICRC hospital is responsible for all levels of medical 
care. It often acts as a first-aid post, field hospital, base hospital, and referral centre all 
in one. The “multi-surgeon’” military approach to treatment in echelons gives way to a 
more traditional one of attending to the entire surgical history of a patient. However, 
since deployment of ICRC surgeons is usually for a short period of time (three months 
on average), a number of surgeons may be involved in caring for a single patient. 
Continuity of care is essential. 


The modern military may “project forward” technical skills by deploying field surgical 
teams close to the battlefield. The aim is to perform critical surgery, often damage 
control surgery, as soon as possible after injury in an attempt to save lives, thereby 
reducing the number killed in action. The ICRC has also deployed field surgical teams 
— Somalia in 1992, southern Sudan in 2000, and Darfur in 2005 — but with a different 
aim: the protection of non-combatants and wounded fighters who no longer 
participate in hostilities and who would otherwise have no access to surgical care. The 
performance of this medical act and the protection of access to surgical care are based 
on the essential principles of the ICRC as a neutral and impartial humanitarian actor. 


The surgeon must be able to adapt to the conditions of field surgery where “somewhat 
clean with soap and water” replaces a “sterile” environment and “favourite” surgical 
instruments are not available on the standard list. Furthermore, living conditions may 
resemble camping out in the bush and everyone in the team (4 members: surgeon, 
anaesthetist, theatre nurse and post-operative nurse) participates in the preparation 
of food and accommodation. 


The following qualities are particularly needed by personnel working in ICRC hospitals 
or field surgical teams: 

+ professionalism; 

* sound judgement and common sense; 

+ adaptability. 


Local skills and material improvisation in some countries may bring to the attention of 
the surgeon efficient, cheap, and useful ways of treatment: mashed papaya for burns 
or autoclaved banana leaves as a non-adherent dressing, for instance. Expatriate 
personnel must show themselves capable of learning “new old tricks” and adapting to 
the circumstances. War surgery is a challenge and the work trying. Medical staff must 
be prepared — physically and mentally — for frustrations, fatigue and long hours, and 
being a witness to the results of “man’s inhumanity to man”. 


7 War Surgery Commission of the Federal Military Department. Chirurgie de guerre (Aide-mémoire 59.24 f) 
[War Surgery (a primer)]. Bern: Swiss Army, 1970 and 1986. 
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ANNEX1.A — ICRC criteria for introducing 
a new technology 


1. Needs assessment 
What is the added value of this new technology? Are requested instruments “essential”, 
“important” or “nice to have’, or even “superfluous” and a luxury? 


2. Maintenance requirements 
What are the extra burdens for the daily maintenance of such equipment? 


3. Ease of repair 
Are specialized technicians necessary, and available? 


4. Availability of spare parts 
Is there a reliable local supplier? 


5. Cost 
Expense alone is not a criterion if the equipment is necessary. However, it is taken into 
account along with the other factors in a total cost/benefit analysis. 





6. Competency required to use the technology in question 
Is the expertise widely mastered and available or does it correspond to the particular 
practice of an individual doctor or nurse? 


7. Continuity of the competency required 
Can successive surgical teams use the equipment or does it depend on the expertise 
of a limited number of people? 


8. Presence of the technology in the country 
To all intents and purposes, the ICRC shall not be the first to introduce a new 
technology to a country; some local practice or competency must already exist. 


9. Professionalism and ethical concerns 

The supply of equipment and instruments must at all times meet demanding 
standards of professionalism in surgical care and address possible ethical concerns. 
(e.g. in Europe, following the outbreak of bovine spongio-encephalopathy — so-called 
“mad-cow disease” - catgut suture material has been banned by the European 
Union and Switzerland. It would not be ethical for the ICRC to continue to provide 
such sutures in its assistance programmes in other parts of the world, thereby 
creating a lower safety standard than in Europe.) Quality control of medicines and 
equipment is becoming a major worldwide problem as identified by the World 
Health Organization. 


10. Sustainability 
Only if the technologies can be sustained after ICRC withdrawal is it worth considering 
their utilization. 
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APPLICABLE INTERNATIONAL HUMANITARIAN LAW. 





2.1 Historical introduction 





One of the specificities of the war-wounded and those who care for them is their 
relationship to international humanitarian law, mainly the Geneva Conventions and 
their Additional Protocols. 


In 19th century Europe, large-scale battles caused real carnage on the battlefields. 
Soldiers were regarded as cannon fodder and almost no medical services were 
available. Solferino, a town in northern Italy, was the site of one of these awful battles 
in 1859: in 16 hours 40,000 people were killed or wounded. Many wounded soldiers 
were left to die on the battlefield, although many of them could have been saved had 
relief been available. The medical services of the armies were too limited to respond 
to such a number of casualties - there were more veterinarians for the horses than 
doctors for the soldiers! Wounded soldiers lay agonizing for days without help. 


Henry Dunant, a Swiss businessman travelling in the area, was struck by this drama. 
Out of compassion, he spontaneously organized help with the women from the 
neighbouring villages. Relief was given to all wounded soldiers without discrimination, 
regardless of their nationality. Others had performed humanitarian deeds on 
battlefields before; Dunant’s genius lies in having taken things a lot further. Back 
in his hometown, Geneva, still traumatized, he wrote a book, A Memory of Solferino, 
published in 1862, in which he not only related the horrible battle and the suffering of 
the soldiers, but also launched an appeal around a vision and two key ideas. 


The vision was to provide neutral medical care for wounded soldiers in the field, and 
the ideas to accomplish this vision were the following. 


+ On the one hand, to create a relief society in every country which, already in 
peacetime, would train volunteers who could assist the armed forces’ medical 
services, doctors and nurses ready to care for wounded soldiers in the event of war 
- this later gave birth to National Red Cross and Red Crescent Societies. 


+ On the other hand, to negotiate an international agreement that would grant 
protection and assistance to the sick and wounded and the medical services which 
cared for them, thus guaranteeing access to the wounded. This idea became the 
first Geneva Convention, the basis for modern international humanitarian law 
(IHL). Every human society throughout history has had rules about the conduct of 
warfare: this was the first concerted attempt to standardize and institutionalize, on 
an international basis, the law of war. IHL is also referred to as the “law of war” or the 
“law of armed conflict”. 


Five citizens of Geneva, including Dunant, members of a charitable association, 
created the “International Committee for the Relief of Wounded Soldiers” in 1863 in 
response to Dunant’s book. This Geneva Committee persuaded the Swiss government 
to convene a diplomatic conference in 1864, in order to formalize the protection of 
medical services on the battlefield through an internationally recognized treaty: 
twelve governments participated. The result was the Geneva Convention of 22 August, 
1864, for the Amelioration of the Condition of the Wounded in Armies in the Field. 
The Geneva Committee became the International Committee of the Red Cross, and 
the emblem of the red cross was adopted as a symbol of protection of the medical 
services that cared for the sick and wounded - the symbols of the red crescent, the 
red sun and lion, and red crystal were introduced later. Not only was this first Geneva 
Convention a decisive step towards formalizing the laws of armed conflict, but it also 
made it the duty of signatory States to create military medical services to care for their 
own wounded. Soldiers were no longer to be simply regarded as cannon fodder. 


Figure 2.1 
The battle of Solferino, 1859. 
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Figure 2.2 
|. Amelioration of the condition of the 


wounded and sick in armed forces in the field. 


ICRC 


Figure 2.3 


Il. Amelioration of the condition of wounded, 
sick and shipwrecked members of armed 
forces at sea. 
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Figure 2.4 


lll. Treatment of prisoners of war. 





Figure 2.5 


IV. Protection of civilian persons in time of war. 


36 











2.2. International humanitarian law: basic principles 


Throughout history, humanity has known war. All human societies have developed 
customary rules that regulate how wars are fought. Over 500 cartels, codes of conduct, 
covenants and other texts designed to regulate hostilities had been recorded before 
the advent of contemporary humanitarian law. The first laws of war were proclaimed 
by major civilizations several millennia before our era: “| establish these laws to 
prevent the strong from oppressing the weak” declared Hammurabi, King of Babylon. 


Just as there is no society of any sort that does not have its own set of rules, so there 
has never been a war that did not have some vague or precise rules covering the 
outbreak and end of hostilities, as well as how they were to be conducted. 


The Geneva Conventions (GCs) as they stand today are the result of a long process. 
Over the years, the First Geneva Convention has been extended to meet the changing 
needs of modern warfare. Three other Conventions were adopted, one after the 
other, covering victims other than wounded soldiers: shipwrecked sailors, prisoners 
of war, and civilian populations. The four Geneva Conventions of 1949 and their 
two Additional Protocols of 1977, in particular, as well as other written treaties and 
customary law, constitute international humanitarian law (IHL): i.e. what is and what 
is not permitted during international and non-international conflicts. All States in the 
world have now ratified the Geneva Conventions, which means that they are bound 
by these legal instruments. 


The four Geneva Conventions are mainly designed to regulate the behaviour of 
combatants and to protect persons who are not (or are no longer) taking part in 
hostilities in armed conflicts between States (international conflicts). 


|. Convention for the amelioration of the condition of the wounded and sick in 
armed forces in the field (GC |: Revision of the 1864 Convention). 


Il. Convention for the amelioration of the condition of wounded, sick and shipwrecked 
members of armed forces at sea (GC Il: revision of the 1899 Convention). 


Ill. Convention relative to the treatment of prisoners of war (GC Ill: revision of the 
1929 Convention). 


IV. Convention relative to the protection of civilian persons in time of war (GC IV: new 
Convention adopted in 1949). 


Article 3 common to the four Geneva Conventions of 1949 also provides basic rules 
applicable in armed conflicts “not of an international character occurring in the 
territory of one of the High Contracting Parties” 


In response to new needs in contemporary armed conflicts, the Conventions were 
developed and supplemented in 1977 by two further agreements: the Additional 
Protocols | and Il relating to the protection, respectively, of victims of international 
and internal armed conflicts. A third Additional Protocol was adopted in 2005 to 
introduce a new protective emblem called the red crystal in addition to the red cross 
and red crescent emblems. 


IHL regulates humanitarian issues in times of war; it aims to define the rights and 
obligations of the parties to a conflict in the conduct of warfare and to protect persons 
who are not (or are no longer) taking part in hostilities (civilians, wounded or sick 
soldiers, prisoners of war). These persons must be respected, protected and treated 
humanely by all parties. All the wounded and sick must also receive the medical care 
required by their condition. Those who provide such care must be respected and 
protected, as long as they are involved in their humanitarian tasks. 


The various treaties defining IHL have become intricate, but the underlying message 
is simple. The human dignity of all individuals must be respected at all times without 
any kind of discrimination. Everything that can be done should be done to alleviate 
the suffering of those “hors de combat": persons who take no direct part in the conflict 
or who have been put out of action by sickness, injury, or captivity. 
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2.2.1 Principles underlying IHL: the “law of war” 
+ The human dignity of all individuals must be respected at all times. 


+ Persons no longer involved in the fighting (sick, wounded and shipwrecked combatants, 
and prisoners of war) and those who do not take a direct part in hostilities (civilians) 
are entitled to respect for their lives and physical and moral integrity. They shall in all 
circumstances be protected and treated humanely without any adverse distinction. 


+ The wounded and sick shall be collected and cared for. 


+ Captured combatants and civilians under the authority of an adverse party are 
entitled to respect for their lives, dignity, personal rights and convictions. It is 
forbidden to kill or injure an enemy who surrenders. 


+ Everyone shall be entitled to benefit from fundamental judicial guarantees. 
No one shall be held responsible for an act he has not committed. No one shall 
be subjected to physical or mental torture, corporal punishment or cruel and 
degrading treatment. Hostage taking is prohibited. 


+ The choice of methods and means of warfare is not unlimited, and must be proportional 
to the military goals sought. It is prohibited to use weapons and methods of warfare 
that cause unnecessary losses, superfluous injury or unnecessary suffering. 


+ Attacks shall distinguish between the civilian population and combatants and 
between civilian objects and military objectives. Accordingly, operations shall be 
directed only against military objectives. 


+ Medical personnel have rights and obligations in times of armed conflict. 





Figure 2.6 


Soldiers blinded by chemical weapons during World War |: an example of means of warfare that cause 
superfluous injury and unnecessary suffering. 
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electronics (LAE). This class is represented by ‘“‘smart surfaces.” 
The paper, after an introductory overview about how smart 
surfaces are collocated in the loT and LAE scenario, first deals 
with technologies and architectures involved, namely, materi- 
als, antennas, RFID systems, and chipless structures; then, 
some exemplifying solutions are illustrated to show the 
present development of these concurrent technologies in this 
area and to stimulate further solutions. Conclusions and future 
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I. INTRODUCTION 


Looking at the telecommunication (TLC) market develop- 
ment worldwide in the last five years, we see an average 
decrease of about 5% per year, in both gross domestic 
product (GDP) contribution and employment [1]. Against 
this trend, the global information and communication 
technology (ICT) market has remained grossly constant. 
Some compartments, in fact, are experiencing an opposite 
trend. Beside some sectors related to new consumer pro- 
ducts, such as tablets and smartphones, new Internet of 
Things (IoT) related products are growing at two digits 
per year and some estimations from big players report a 
market value in the order of trillions of dollars in the next 
decade [2], [3]. 

The vision behind IoT is in fact to connect objects 
directly to the Internet so as to allow them to provide 
information directly to the web without any human inter- 
mediation [4]. This vision will have a great impact on sev- 
eral electrical and electronic technologies, ranging from 
the basic physical layers (technology platforms) to the 
highest ones: communication protocols, software, human 
interface, and information management. 
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Figure 2.7 


Armed forces’ medical services. 


38 


2.2.2. IHL and human rights law 


IHL applies in situations of armed conflict, whereas human rights, or at least some of 
them, protect the individual at all times, in war and peace alike. Some human rights 
treaties permit governments to derogate from certain rights in situations of public 
emergency and if strict conditions are fulfilled. However, certain fundamental human 
rights must be respected in all circumstances and may never be waived, regardless of 
the emergency: in particular the right to life, the prohibition of torture and inhuman 
punishment or treatment, slavery and servitude, and the principle of legality and 
non-retroactivity of the law. No derogations are permitted under IHL because it was 
conceived for emergency situations, namely armed conflict. 


IHL mainly aims to protect people who do not or are no longer taking part in 
hostilities. The rules embodied in IHL impose duties on all parties to a conflict, 
including non-governmental groups. Human rights, being tailored primarily for 
peacetime, apply to everyone. Their principal goal is to protect individuals from 
arbitrary behaviour by their own governments. Human rights law does not deal 
with the conduct of hostilities. 


2.3. Thedistinctive emblems 


The distinctive emblems of the red cross, red crescent, and red crystal are meant 
to mark certain medical and religious personnel and equipment which must be 
respected and protected during armed conflict (protective use). They also serve 
to show that persons or objects are linked to the International Red Cross and Red 
Crescent Movement including in situations other than armed conflict (indicative use). 
Their use is strictly defined (see Annex 2. A: The distinctive emblems). 


Use of the emblems is restricted to the following entities. 


1. Medical staff and services of the armed forces are the very first persons 
authorized to use the distinctive emblem, as a sign of protection. 


2. Volunteers of a National Red Cross or Red Crescent Society, when duly authorized 
by the competent State Authority. 


3. Staff of the International Committee of the Red Cross and the International 
Federation of Red Cross and Red Crescent Societies. 


Persons and objects displaying the emblems must not be attacked, but on the 
contrary must be respected, protected, and encouraged in their work. 





B. Fjortoft / ICRC 
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National Society volunteers. ICRC, International Federation and National 
Society staff. 
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2.4 Thelnternational Red Cross and Red Crescent 
Movement and its Fundamental Principles 


The International Committee of the Red Cross and the International Federation of 
Red Cross and Red Crescent Societies, together with the National Red Cross and Red 
Crescent Societies, form the International Red Cross and Red Crescent Movement. 





In peacetime, as in time of conflict, it is the duty of the armed forces and the National 
Society of every country to disseminate the rights and duties enshrined in IHL. This 
is necessary not only for these rules to become known, understood, accepted and 
respected by combatants, but also so that the whole population understands and 
supports its Red Cross or Red Crescent Society for it to become more efficient, for 
the benefit of all, in times of conflict and in times of peace. Part of this dissemination 
includes the respect due to the red cross, red crescent and red crystal emblems as a 
sign of protection. 


2.5 Rights and duties of medical personnel 
according to IHL 


IHL provides medical personnel with rights in times of armed conflict, but also assigns 
duties to them. The duties incumbent on them are directly linked to the rights of the 
protected persons placed in their care. These provisions are a case-specific refinement 
of the basic rights and duties defined by medical ethics and the Hippocratic oath. 
Medical personnel are bound by medical ethics and IHL to treat patients solely on 
the basis of need and without regard for their nationality, race and class, religious 
or political beliefs. These rights and duties have been defined to enable medical 
personnel to perform the humanitarian task entrusted to them, born of the desire to 
alleviate human suffering by helping and tending the wounded and the sick, which is 
the very purpose of the medical mission. 


The Geneva Conventions define medical personnel as: 

* persons assigned by a party to the conflict, whether on a permanent or temporary 
basis, exclusively to medical purposes (search, collection, transportation, diagnosis 
and treatment of the wounded and sick, and for the prevention of disease) - this 
includes doctors, nurses, orderlies, first aiders, and stretcher-bearers; 

* persons assigned by a party to the conflict, whether on a permanent or temporary 
basis, exclusively to the administration or operation of medical units or medical 
transport - this includes administrators, drivers, cooks, mechanics, etc. 


The term “medical personnel” is thus not confined to the narrow meaning of the word. 
All personnel required to ensure the adequate treatment of the wounded and sick are 
covered by the protection granted to them, as long as they form an integral part of 
the medical service. 





1 See Annex 2. B: The Fundamental Principles of the International Red Cross and Red Crescent Movement. 





WAR SURGERY 





40 


Medical units, whether military or civilian, include what is set up for medical purposes: 

+ all buildings or installations (hospitals, clinics, first-aid posts, field hospitals, tents, etc.), 
+ blood transfusion and preventive medicine centres, 

+ medical and pharmaceutical depots and stores. 


They may be fixed or mobile, permanent or temporary. 


Medical equipment includes: 

* stretchers, 

+ medical and surgical appliances and instruments, 
+ medical supplies, dressings, etc. 


Medical transport can be organized by land, water, and air: 
* ambulances, lorries or trucks, 

- hospital ships, rescue craft, 

* medical aircraft, etc. 


Medical personnel must not be the object of attack, and must be allowed to care for 
the sick and wounded unhindered. They should wear the distinctive emblem of the red 
cross, red crescent or red crystal on a white ground and carry an identity card. Military 
medics may bear arms only for their own defence and to defend the wounded and sick 
from pillage. However, they must not use arms to prevent capture of their patients, units 
or themselves by the enemy; by doing so they lose their protected status. 


If medical personnel fall under the control of enemy troops, they shall be allowed to 
continue their duties towards the wounded and sick. They shall not be compelled to 
perform acts contrary to medical ethics, or refrain from performing acts required by 
medical ethics. A patient remains a patient, and medical personnel have a responsibility 
to provide care according to their training and the means available. If captured medical 
personnel are not indispensable to the care of other prisoners, they should be repatriated. 
Those retained shall not be considered prisoners of war and their work shall be facilitated. 


In occupied territory, civilian medical personnel should be allowed to continue providing 
adequate medical services for the civilian population. 


The civilian population shall respect the wounded and sick, even if they belong to the 
enemy, and shall commit no act of violence against them. Civilians are permitted to 
collect and care for the wounded and sick of whatever nationality, and shall not be 
penalized for doing so. On the contrary, they must be aided in this work. 


Medical units enjoy protected status so long as they are not used to commit acts 
harmful to the enemy, such as sheltering able-bodied combatants, storing arms or 
ammunition, or being used as military observation posts. Otherwise, their protection 
ceases and they become legitimate military targets. This is why strict controls must be 
established to safeguard the protected status of medical units and transport. 


To enhance the protection of medical units and medical transport, they should be 
clearly marked with the red cross, red crescent or red crystal emblem, of the largest 
size possible. The emblem is the visible sign of protection conferred by the Geneva 
Conventions and their Additional Protocols. 


ICRC 
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2.6 Responsibility of States 


As with any international agreement, the governments of States have a distinct 
responsibility whenever they become party to a treaty. 


+ The Geneva Conventions and their Additional Protocols are both contracts with 
other States and commitments towards humanity by which governments have 
agreed to certain rules that regulate the conduct of armed hostilities and the 
protection of persons who are not (or are no longer) taking part in hostilities, what 
is known as “law in war’, or jus in bello. Its provisions apply to the warring parties 
regardless of the reasons for the conflict and whether or not the cause upheld by 
either party is just. 


On becoming party to the four Geneva Conventions of 1949, States agree to respect 
and ensure respect for their obligations in all circumstances (common Art. 1). 


Reciprocity is not supposed to be a prerequisite to a country adhering to and 
applying these rules, but it exists in reality and practice. It is in everyone's interest 
that everyone apply the law of his or her own accord. 


States are responsible for protecting those who do not participate or are no longer 
participating in hostilities. 


During peacetime, States are to promote IHL and train the members of their armed 
forces to respect IHL. 


At all times, States must take all measures necessary for the prevention and 
repression of any misuse or abuse of the distinctive emblems. 


On becoming party to the Geneva Conventions, States undertake to enact any 
legislation necessary to punish persons guilty of grave breaches of them, and are 
also bound to prosecute in their own courts any person suspected of having done 
so, or to hand over that person to another State for judgment. In other words, 
perpetrators of grave breaches, i.e. war criminals, must be prosecuted at all times 
and in all places, and States are responsible for ensuring that this is done. 


A number of independent mechanisms have been set up, each within its mandate 
and competency, to promote better compliance with IHL, including the ICRC, the 
International Fact-finding Commission, regional and United Nations bodies, and the 
International Criminal Court (Rome Statute of 1998). Their adequacy and sufficiency 
in meeting the task remains a challenge to humanity. 


+ Generally speaking, a State’s criminal laws apply only to crimes committed on its 
territory or by its own nationals. International humanitarian law goes further in 





Figure 2.10 


All too often the red cross emblem is used to indicate any health service without regard to its 
privileged legal status, which confers protection. 
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that it requires States to seek out and punish any person who has committed a 
grave breach, irrespective of his nationality or the place where the offence was 
committed. This principle of universal jurisdiction is essential to guarantee that 
grave breaches are effectively repressed. Such prosecutions may be brought either 
by the national courts of the various States or by an international authority. In this 
connection, the International Criminal Tribunals for the former Yugoslavia and 
Rwanda were set up by the United Nations Security Council in 1993 and 1994, 
respectively, to try those accused of war crimes committed during the conflicts in 
those countries. 


Lastly, the international community has created a permanent International Criminal 
Court (Rome Statute of 1998), which is competent to try war crimes, crimes against 
humanity, and genocide. 


The United Nations Security Council is the main UN body responsible for the 
maintenance of international peace and security. To this end, it may decide on 
measures, including coercive ones, against any State threatening or breaching 
international peace (Chapters VI and VII of the United Nations Charter). The rules 
that outlaw war, with some exceptions, are know as “the law on the use of force” 
or the jus ad bellum. This is different from the jus in bello, or IHL, which is the law 
applicable in times of armed conflict. 


“New” or “anarchic” conflicts lead to the partial, and sometimes total, weakening 
or breakdown of State structures. In such situations, armed groups take advantage 
of the political vacuum in an attempt to grab power. It is not because a State's 
structures have been weakened or are non-existent that there is a legal vacuum 
with regard to international law. The law, and its obligations, remain. 


Admittedly, humanitarian rules are harder to apply in these types of conflict. The lack 
of discipline among belligerents, the arming of the civilian population as weapons 
flood the territory, and the increasingly blurred distinction between fighters and 
civilians often cause confrontations to take an extremely brutal turn — in which there 
is little room for respect for IHL. 


As a result, this is the type of situation in which particular efforts are needed to make 
people aware of humanitarian law. Better knowledge of the rules of law will not 
solve the underlying problem which led to the conflict, but it is likely to attenuate its 
deadlier consequences. 


Insofar as a “right — or even a duty — to intervene” is tantamount to justifying armed 
intervention undertaken for humanitarian reasons, this is a matter not for humanitarian 
law but for the rules on the legality of the use of armed force in international relations, 
i.e. of jus ad bellum, according to the Charter of the United Nations. 





Figure 2.11 


This ICRC car was targeted by “uncontrolled elements”. 
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2.7. _ Reality check: some people do not follow the rules 


Given what the law dictates, what is the reality on the battlefield? Whether in conflict 
situations or in peacetime, and whether national or international law is applicable, 
laws are violated and crimes committed. There are many examples of violations of 
IHL: surrounding a military objective with medical units so that it will not be targeted; 
hiding weapons in a hospital; transporting able-bodied combatants in an ambulance; 
using an aircraft displaying the emblem for reconnaissance missions; not respecting 
the non-combatant status of sick and wounded soldiers — on the contrary, all too 
often their survival is seen as an invitation by some to “finish the job’, and atrocities 
are the result. All too often hospitals and medical personnel are the target of attack, 
or are prevented from doing their duty of caring for the sick and wounded, which is 
perceived by some as giving “succour and aid to the enemy”. All these violations have 
three things in common: they seriously weaken the system of protection embodied in 
IHL, they divert people and objects displaying the red cross, red crescent or red crystal 
from their humanitarian purpose, and they put lives in danger by fostering mistrust. 





Figure 2.12 
Unfortunately, hospitals are not immune to attack: this photo shows a blatant contravention of IHL. 


Red Cross and Red Crescent personnel are not immune to this lack of respect for IHL. 
Mussolini's air force bombed a Swedish Red Cross ambulance during the invasion of 
Abyssinia on 30 December 1935, and 28 people were killed and 50 wounded. More 
recently, masked gunmen entered the residence of the ICRC hospital in the village 
of Novye Atagi, Chechnya (southern Russia), in December 1996 and assassinated five 
nurses and the construction engineer in cold blood. The authors of this text have 
all too often been threatened, prevented from reaching and treating the victims, or 
seen their hospital attacked or bombed. The world over, colleagues, both civilian and 
military, are time and again made to suffer “simply” because they want to fulfil their 
humanitarian, ethical, and legal duty to care for their patients. 


Humanitarian action is based on a fundamentally “optimistic philosophy’, wrote 
Jean Pictet.? But this optimism in no way detracts from the “philosophy's” realism. It 
is aware that humanitarian work is difficult. Its greatest enemies may well be neither 
weapons nor disaster, but selfishness, indifference and discouragement. One should 
not despair, however. Rather one should see this as an incentive to redouble efforts 
to educate those involved in armed conflict. Medical ethics go hand in hand with IHL 
and the Fundamental Principle of impartiality: the sick and wounded are entitled to 


treatment, whatever their origin or political persuasion. 





2 Jean Pictet (1914 - 2002) was Director-General and Honorary Vice-President of the ICRC. He was responsible 
for the preparatory works that led to the 1949 revision of the Geneva Conventions and the Additional 
Protocols of 1977, and his writings formed the basis of the Fundamental Charter of the International Red Cross 
and Red Crescent Movement, adopted in 1965. 
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Medical practitioners have a particularly important part to play: they have 
responsibilities with regard to individual patients but also towards society at large. 
They must convince combatants of the need to respect IHL, to refrain from attacking 
the medical facilities and personnel of the enemy and allow them to perform their 
humanitarian task. While the underlying philosophy of the Movement is not rooted 
in the principle of reciprocity, in practice medical professionals can only expect 
to benefit from the “protection” offered by the Geneva Conventions - in a general 
atmosphere of respect for the Fundamental Principles — if their colleagues practising 
on the “other” side also benefit from the same protection. They must inform those 
who bear weapons of their obligations and trust that colleagues in contact with the 
opposing side are doing the same. This has proved true in the past, and soldiers have 
often respected the principle of protection afforded to the sick and wounded and 
medical and religious personnel. 


2.8 Theneutrality of a National Red Cross/ 
Red Crescent Society 


Another major problem faced during armed conflicts of a non-international character, 
that is to say internal conflicts, is the question of neutrality, especially of a National 
Red Cross or Red Crescent Society. The requirement of non-discrimination is of 
particular concern to Red Cross/Red Crescent Societies, it is in fact a condition for their 
recognition. They must be open to all those who wish to become members and must 
permit all social, political and religious groups to be represented; this representativity 
is the guarantee of the Societies’ ability to engage in exclusively humanitarian 
activities and to resist all partisan considerations. 


It is admittedly not always an easy task to apply the principle of neutrality, not least 
because everyone has personal convictions. When tension mounts and passions are 
aroused, every member of the Red Cross or Red Crescent must exercise great self- 
control and refrain from expressing his/her opinions in the discharge of his duties. 
Volunteers are not asked to be neutral — everyone is entitled to an opinion — but to act 
neutrally. That is an important distinction. The next difficulty is the fact that the parties 
to the conflict often take a dim view of neutral behaviour. In countries where an 
internal conflict is taking place, the armed forces fail to understand why the National 
Society does not condemn the activities of those they regard as “bandits”, much less 
why it wants to provide assistance to any of their number no longer able to fight. As 
for the opposition, they are critical of the Society’s connections with the authorities. 


Anyone trying to work on both sides to help non-combatants is considered at best 
naive, at worst a traitor. The extremely polarized nature of many struggles is such that 
not taking a stand is a hostile act in itself. This is why the Red Cross and Red Crescent’s 
neutrality and impartiality must be explained. As one National Society first aider put 
it: “The best argument | have is to tell one of the parties to the conflict that if | take its 
side and ignore the victims on the other side, | will never again be able to bring help 
to its own wounded members”. 


It would appear, indeed, that the principles of neutrality and impartiality are ideals 
to be attained, inner qualities that are rarely inborn but that most often require one 
to overcome one’s instincts. They demand from members of the Red Cross and Red 
Crescent Societies arduous and sustained efforts to overcome their own prejudices 
and preferences in order to be able to perform the purest act of impartiality, which is 
to give more help to the adversary who is the victim of great misfortune than to the 
friend whose suffering is less severe, or to care for the more severely wounded, even if 
guilty, before assisting the innocent whose injuries are slighter. 
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2.9 Therole and mandate of the ICRC in situations 
of armed conflict 


Established in 1863, the International Committee of the Red Cross (ICRC) is an 
impartial, neutral, and independent organization whose exclusively humanitarian 
mission is to protect the lives and dignity of the victims of war and internal violence 
and to provide them with assistance. The ICRC endeavours to prevent suffering 
by promoting and strengthening international humanitarian law and universal 
humanitarian principles. 





The ICRC has been named the “guardian and promoter” of IHL by the States party to the 
Geneva Conventions. It works during armed conflict to protect and assist the victims: the 
wounded and sick, prisoners of war and other detainees, and the civilian population. 


The ICRC does not take sides or determine right or wrong in a conflict. The neutrality of 
the ICRC, however, is not a widely appreciated principle. There are many who express 
indignation at its neutrality in the mistaken belief that neutrality betokens lack of 
commitment and courage. The ICRC, for its part, has great difficulty in getting the 
parties to a conflict to understand that the only thing it must grant equally to each is its 
willingness to serve, and that in other respects its activities are proportional to the needs, 
and consequently unequal when distress is greater on one side than on the other. 


At the beginning of hostilities, the ICRC: 

+ reminds the belligerents of their obligations according to IHL; 

+ offers its services as a neutral intermediary for the accomplishment of humanitarian 
activities; 

+ makes an assessment of the needs; 

+ acts in favour of victims according to the needs. 


The protection role the ICRC plays consists in acting in defence of people who are not, 
or no longer, taking part in combat: the wounded or sick, detainees or prisoners of 
war, and civilians, including the inhabitants of territories administered or occupied by 
a hostile power. The ICRC approaches the competent authorities to ensure that these 
victims receive humane treatment. The ICRC has the right to have access to prisoners 
of war (Third Geneva Convention), and detained persons covered by the Fourth 
Geneva Convention, including the right to visit detention camps. 


The ICRC has an official policy of discretion. Only when it observes grave and 
repeated breaches of IHL and when its confidential representations have been 
in vain and it considers that the only means of helping the victims is to ask for the 
support of the international community, does it make public representations. This 
sometimes takes the form of an appeal to the States party to the Geneva Conventions, 
whose responsibility it is to respect and ensure respect for IHL. Such initiatives are 
nevertheless the exception rather than the rule. 
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The assistance pyramid: public health analysis of 
population needs. 
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ICRC delegates must be willing to talk to all those who are responsible for violations of 
IHL and human rights. They cannot pass judgment on them publicly, but must speak to 
them on behalf of those to whom speech is denied, and who have no one else to turn to. 
They often do so at considerable risk to their own personal safety and their words may fall 
on deaf ears, but if this policy of refraining from public denunciation makes it possible to 
alleviate the suffering of just one man, woman or child, that is ample recompense. 


As a neutral and independent institution, the ICRC is authorized by the Geneva 
Conventions and their Additional Protocols to administer first aid and other care in the 
field to victims of armed conflict. Military authorities are required to permit the ICRC 
to collect and care for the wounded or sick of whatever nationality, even in invaded or 
occupied territories. The ICRC can offer its services to the parties, in particular in the 
medical realm to establish neutral or hospital zones, set up hospitals for the sick and 
wounded, assist existing hospitals, and provide rehabilitation for amputees, especially 
victims of anti-personnel landmines. 


The ICRC helps to organize, or provide directly, relief to victims of armed conflict. 
These relief supplies cover the most essential needs, such as food, clean drinking 
water, shelter, clothing, and medical care. 


2.9.1. Health services: assistance to the war-wounded and sick 


Although proper medical care of sick and wounded soldiers and civilians in times 
of armed conflict is taken for granted by many governments today, poverty may 
compromise a government's efforts to provide such care. The ICRC maintains a capacity 
to aid States whose authorities show a willingness to assume their responsibilities 
towards their own soldiers and the civilian population. 


The ICRC has deployed many assistance and training programmes to this effect. One 
example of an offer of services by the ICRC to two countries involved in a conflict was 
the case of the 1998 — 2000 war between Ethiopia and Eritrea. The ICRC provided 
assistance to help both governments to develop the programmes described below. 





APPLICABLE INTERNATIONAL HUMANITARIAN LAW 





ICRC EXPERIENCE 

The ICRC carried out the following programmes in Eritrea and Ethiopia from 1998 
to 2001. 

Ethiopia 

+ Training in advanced first aid, triage and evacuation for the war-wounded. 

- War surgery seminars. 


+ Specialist surgical training for the war-wounded: 
thoracovascular, orthopaedic and neurosurgery. 


+ Maxillo-facial reconstructive surgery training programme. 

+ Short-term ICRC surgical team presence in an emergency situation. 

- Support to the Ethiopian Red Cross Society ambulance service. 

+ Surgical material and equipment. 

+ Visits to thousands of POWs and their repatriation after cessation of hostilities. 


+ Repatriation of thousands of interned enemy aliens. 


Eritrea 

+ Training in advanced trauma nursing care for ambulance staff. 

+ Emergency Room Trauma Course for the war-wounded. 

- War surgery seminar. 

- Short-term ICRC surgical team presence in an emergency situation. 
+ Intensive care nursing training for the war-wounded. 


- Development of a physiotherapy training curriculum at the Institute of 
Nursing Care. 


+ Support to the Red Cross Society of Eritrea ambulance service. 

- Surgical material and equipment. 

- Visits to thousands of POWs and their repatriation after cessation of hostilities. 
+ Repatriation of thousands of interned enemy aliens. 

+ Assistance to thousands of internally displaced persons (food, shelter, water, 


sanitation, medical care). 


While the ICRC is authorized to care for the wounded and sick during armed conflict, 
it is also involved in post-conflict reconstruction, indeed in development assistance, 
and, sometimes, the ICRC achieves the right balance. 


ICRC EXPERIENCE 


“We want to thank the doctors and nurses of the ICRC. Thank you for coming. 
And, thank you for leaving.” 


Rui Paolo ? 





3 Rui Paolo, Director of Hospital Services, Ministry of Public Health, Dili, Timor Leste, June 2001, on the occasion of 
the handover of the administration of the Dili General Hospital from the ICRC to the Ministry of Public Health. 
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In terms of physical layer, IoT actually inherits the 
technologies developed for wireless sensor networks 
(WSNs), bringing the distributed nature of that to the 
extreme. WSN, in fact, can be synthetically seen as a mesh 
of sensor nodes purposely conceived to build and com- 
municate a sensed image of a monitored area. Within IoT, 
the sensing nodes are not purposely deployed to monitor 
something specific; instead, they are simply hosted by 
“objects” in order to provide the information they are able 
to collect and make it available on the web. Conceptually 
speaking, there is not a big difference, but in terms of 
related technological challenges, there is. Nodes must be 
hostable by objects; objects are of many types, and the 
better the nodes fit themselves transparently to the hosting 
objects, the denser and more reliable the information they 
are able to provide. 

Several challenges can be envisioned in this evolution: 
first, electronic systems must be mechanically flexible, 
thin, and miniaturized in order to conform to the shape of 
as many objects as possible; second, the adopted materials 
have to be as recyclable as the hosting objects in order to 
avoid pollution from guest apparatuses; last but not least, 
hosted nodes must be autonomous, because they cannot be 
either connected to the grid or powered by life batteries. 

A great technological paradigm shift is going to be pulled 
by the development of IoT; green materials, autonomous 
systems, ultralow-power circuits, energy saving protocols, 
and energy harvesting (EH) are concurrently mandatory. 

Conversely, this technological evolution is pushing 
new solutions and architectures, so far constrained by the 
limits of conventional technologies. The development of 
inkjet printing techniques, the introduction of very cheap 
and eco-friendly materials compatible with roll-to-roll 
(R2R) circuit realization techniques [5] and so forth, open 
new horizons also to large area electronics (LAE). 

LAE, first applied to printed photovoltaic and organic 
screens [6], is actually at the onset of its development. The 
development of R2R techniques and related materials, in 
fact, is allowing for tremendously increasing the dimen- 
sions of LAE circuits and systems, from the present tens of 
centimeters to meters and beyond. Along this evolutionary 
scenario, new configurations and architectures, based on 
massive integration of large circuits over conformable sur- 
faces, can be envisioned, opening the way to what can be 
called the smart surfaces (SSs) approach. 

SS, in turn, can be seen as a branch of IoT evolution. 
Large 2-D arrays of autonomous sensor nodes, for instance, 
make possible granular tracking of whatever parameter, 
ultimately providing augmented imaging of the environ- 
ment; large 2-D arrays of tags can provide a very low-cost 
platform for precise localization and location-based ser- 
vices (LBS), thus enabling the realization, for instance, of 
smart floors [7] and smart wallpapers [8]; inheriting quasi- 
optical approach [9] contact-less electromagnetic (EM) 
wave processing (filtering, frequency conversion, selective 
shielding, etc.) can be conceived even at low frequencies. 


On the one hand, SS is thus an approach stimulated by 
technologies pulled by IoT; on the other hand, it contri- 
butes to a class of architectures, within LAE, that can even 
widen the huge horizons of IoT applications in a sort of 
virtuous circle. 

According to this wide vision, the paper is organized as 
follows. A review of the technologies suitable for distri- 
buted systems implementation to a large extent is given in 
Section II; then, the explanation about how radio- 
frequency identification (RFID) can be considered one of 
the most suitable technologies for the implementation of 
IoT architecture, and how it can be naturally integrated 
with SSs, is provided (Section III). In order to deal with 
the implications of the development of RFID systems 
compatible with SS and LAE evolution of IoT, two specific 
sessions have been provided: the first relates to antenna 
implications (Section IV), and the second relates to 
electronic architectures for RFID tags (mainly chipless 
ones; Section V). In order to smoothly bring the reader 
from relevant technologies to applications, quasi-optics, as 
an example of general approach concurrently exploiting 
the mentioned technologies to provide a platform suitable 
for LAE, is described in Section VI. After this, some appli- 
cation examples of how SS concept can be articulated, 
according to the IoT paradigm, are described; specifically, 
smart floor (Section VII), smart shoes as useful subsystems 
for the implementation of smart floors (Section VIII), and 
energy skin (Section IX). In order to have a vision of the 
logical links behind the many topics dealt with in this 
paper, a synoptic picture can be found in Fig. 1. 


Il. TECHNOLOGY FOR LAE 
DISTRIBUTED SYSTEMS 


Given the described scenarios of SS, it is clear that the 
technologies involved have to be compatible with LAE 





Challenges: 


- wireless 


- autonomous 
sa-leemasiiiley-laleli-y 





Fig. 1. Synoptic view of the paper structure reflecting the loT vision 
described in the Introduction. 
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ANNEX 2.A The distinctive emblems 


The distinctive emblems of the red cross, red crescent and red crystal on a white 
ground are the symbols of impartial humanitarian work and do not represent any 
particular religious belief. They provide protection for military medical services and 
relief workers in armed conflicts. Moreover, they are also used for identification 
purposes by National Societies of the Red Cross and Red Crescent Movement in 
each country. 


In the event of armed conflict, the distinctive emblems are a visible sign of the 
protection conferred by international humanitarian law upon medical personnel and 
equipment. The persons and objects displaying them must not be attacked, but on 
the contrary must be respected and protected. 


Their use as a protective sign during armed conflict is authorized exclusively for: 

+ medical units, transport and personnel, as well as religious personnel, of the armed 
forces; 

+ civilian medical units, transport, and personnel, as well as civilian religious 
personnel, that have received special permission by the competent authorities to 
use the emblem; 

+ medical units, transport and personnel that a Red Cross or Red Crescent National 
Society has put at the disposal of the medical services of the armed forces. 


Persons and buildings/structures/objects displaying the emblem must not be attacked, 
damaged or prevented from operating, but, on the contrary, must be respected and 
protected, even if, for the moment, they are not caring for or housing either wounded 
or sick people. The perfidious use of the emblems is explicitly prohibited. 


In order to ensure effective protection during wartime, the indicative use of the emblem 

must be strictly controlled and only used for: 

- Red Cross or Red Crescent National Societies, in order to indicate that persons or goods 
have a connection with the Society in question (it must be small in size to avoid any 
confusion with the emblem used as a protective symbol); 

+ exceptionally, ambulances and first-aid stations exclusively assigned to the purpose 
of giving free treatment to the wounded and sick, with the authorization of a 
National Society. 


The International Committee of the Red Cross and the International Federation of 
Red Cross and Red Crescent Societies are authorized to use the emblem for all their 
activities and at all times. 


! 


Misuse of the emblem is a serious problem. In peacetime, hospitals, clinics, doctors 
offices, pharmacies, non-governmental organizations and commercial companies 
tend to use the emblem in order to benefit from its reputation, although they are 
not entitled to do so. This abuse clearly weakens the protective value of the emblem 
in wartime. 


Any case of misuse of the emblem should be reported to the relevant Red Cross or 
Red Crescent National Society, the ICRC, or the International Federation of Red Cross 
and Red Crescent Societies. 


Parties to the Geneva Conventions shall take the precautions necessary for the 
prevention or repression of any abuse of the distinctive emblems. 


During peacetime staff and volunteers of the International Red Cross and Red 
Crescent Movement, through their behaviour, activities and awareness-raising efforts, 
seek to ensure that the protective value of the distinctive emblems is well known to 
the military and the general public. 


J. Perez / International Federation 
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Please note: 


On 8 December 2005, a Diplomatic Conference adopted Protocol Ill additional to 
the Geneva Conventions, which recognizes an additional distinctive emblem. The 
“Third Protocol emblem’, also known as the red crystal, is composed of a red frame 
in the shape of a square on edge on a white background. According to Protocol Ill, all 
distinctive emblems enjoy equal status.* The conditions for use of and respect for the 
Third Protocol emblem are identical to those for the distinctive emblems established 
by the Geneva Conventions and, where applicable, the 1977 Additional Protocols. 


—— 
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4 While no longer in use, the red lion and sun on a white background is still recognized by the Geneva 
Conventions. 
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Annex 2. B The International Red Cross 
and Red Crescent Movement 


The International Committee of the Red Cross and the International Federation of 
Red Cross and Red Crescent Societies, together with the National Red Cross and Red 
Crescent Societies, form the International Red Cross and Red Crescent Movement. 


Born of the compassion felt by a Swiss citizen, Henry Dunant, at the sight of the dead 
and wounded abandoned on the battlefield of Solferino, the International Red Cross 
and Red Crescent Movement believes that its first duty is to render wars that cannot 
be avoided less inhuman, and to alleviate the suffering that they cause. Its aim has 
been to bring a little bit of humanity into the horrors of war. The Movement was 
founded as a result of a conflict and for conflicts, with the aim of helping people in 
distress on the battlefield. 


The International Red Cross and Red Crescent Movement endeavours, in its 
international and national capacity, to prevent and alleviate human suffering 
wherever it may be found. Its purpose is to protect life and health and to ensure 
respect for human beings. It promotes mutual understanding, friendship, cooperation 
and lasting peace amongst all peoples. 


The humanitarian ideas of the Movement are reflected in the seven Fundamental 
Principles that guide the activities of all its components at all times: humanity, 
impartiality, neutrality, independence, voluntary service, unity and universality. 


Components of the International Red Cross 
and Red Crescent Movement 


The International Committee of the Red Cross (ICRC) 

The International Committee of the Red Cross, created in Geneva, Switzerland in 1863, 
is the founding body of the Red Cross/Red Crescent Movement. It is an independent 
humanitarian organization. As a neutral intermediary and on the basis of the Geneva 
Conventions or the customary law of nations, which grant it the right of initiative, it 
endeavours to protect and assist the military and civilian victims of international and 
non-international armed conflict and internal disturbances and tension. 


The countries of the world have entrusted to the ICRC the roles of promoter and 
custodian of international humanitarian law, and the task of working for their 
development and worldwide dissemination. 


The functions of the ICRC are defined in its own statutes, in those of the Red Cross/ 
Red Crescent Movement, and also in the international treaties known as the Geneva 
Conventions of 1949 and their Additional Protocols of 1977. 


The International Federation of Red Cross and Red Crescent Societies 

The International Federation is the permanent liaison body between National Red 
Cross and Red Crescent Societies. It attempts to prevent and alleviate human suffering 
through the promotion of activities by National Societies and so contribute to peace. 
The International Federation encourages the creation and assists the development of 
National Societies in providing services to the community. 


The International Federation organizes and coordinates international relief efforts 
for victims of natural disasters and promotes the adoption of national disaster- 
preparedness plans. First aid is an important part of both everyday community service 
and disaster preparedness. 


The National Red Cross/Red Crescent Society 

There are 186 National Red Cross/Red Crescent Societies around the world, with more 
currently being created. From the outset, the goal of the Red Cross/Red Crescent 
Movement has been to create relief societies which, in their capacity of auxiliaries to 
their countries’ armed forces’ medical services, would be called upon to tend wounded 
or sick soldiers. The establishment of such Societies was consistent with the aims of 
the original Geneva Convention of 1864. 
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The National Societies’ activities have developed steadily and diversified over the 
years. The Societies’ concern, at first directed only at members of the armed forces, 
now extends to protection and assistance of all those, whether military or civilian, 
who are the victims of conflicts, in close cooperation with the ICRC, and of natural 
catastrophes, in close cooperation with the International Federation of Red Cross 
and Red Crescent Societies. National Societies have also developed many activities in 
peacetime as auxiliaries to the public authorities to alleviate suffering, improve health, 
and prevent disease. 


National Society membership is open to everyone and services are provided on the 
sole criterion of need. National Societies must fulfil stringent conditions to achieve 
recognition by the ICRC and obtain International Federation membership. Among 
these conditions: respect for the Fundamental Principles, and recognition by their 
home government as a voluntary aid society, auxiliary to the public authorities. 


Each National Red Cross/Red Crescent Society has its own particular characteristics, 
and its activities cover a wide range depending on the needs of the country and on 
the Society’s operational capabilities. The one activity that all National Societies share 
is the provision and teaching of first aid. 


The Fundamental Principles of the International Red Cross 
and Red Crescent Movement 


Humanity 

The International Red Cross and Red Crescent Movement, born of a desire to bring 
assistance without discrimination to the wounded on the battlefield, endeavours 
- in its international and national capacity - to prevent and alleviate human 
suffering wherever it may be found. Its purpose is to protect life and health and to 
ensure respect for the human being. It promotes mutual understanding, friendship, 
cooperation and lasting peace amongst all peoples. 


Impartiality 

It makes no discrimination as to nationality, race, religious beliefs, class or political 
opinions. It endeavours to relieve the suffering of individuals, being guided solely by 
their needs, and to give priority to the most urgent cases of distress. 


Neutrality 

In order to continue to enjoy the confidence of all, the Movement may not take sides 
in hostilities or engage at any time in controversies of a political, racial, religious or 
ideological nature. 


Independence 

The Movement is independent. The National Societies, while auxiliaries in the 
humanitarian services of their governments and subject to the laws of their respective 
countries, must always maintain their autonomy so that they may be able at all times 
to act in accordance with the principles of the Movement. 


Voluntary service 
It is a voluntary relief movement, not prompted in any manner by the desire for gain. 


Unity 
There can be only one Red Cross or one Red Crescent Society in any one country. It 


must be open to all. It must carry out its humanitarian work throughout its territory. 


Universality 
The International Red Cross and Red Crescent Movement, in which all Societies have 
equal status and share equal responsibilities and duties in helping each other, 
is worldwide. 


Humanity and Impartiality express the objectives of the Movement. 
Neutrality and Independence ensure access to those in need of help. 


Voluntary service, Unity and Universality enable the International Red Cross and Red 
Crescent Movement to work effectively all over the world. 
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Chapter 3 


MECHANISMS 
OF INJURY DURING 
ARMED CONFLICT’ 





1 


Acknowledgement: the ballistics portion of this chapter is largely based on the work of Doctor of Forensic 
Science Beat Kneubuehl, Institute of Forensic Medicine, University of Bern, in collaboration with Armasuisse, 
Centre for Military and Civilian Systems, Science and Technology, Ballistics Laboratory, Thun, Switzerland. His 
cooperation and collaboration with ICRC surgeons over the years have permitted a whole generation of war 
surgeons to gain an important insight into the wounding potential of weapons. We hope that this knowledge 
has permitted better surgical management of the victims of armed conflict and other situations of violence 
where the weapons of war are used. 
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3.1. The various mechanisms of injury 


The surgeon caring for the war-wounded will face a wide variety of injuries. During 
armed conflict, all the usual trauma of peacetime continues unabated and natural 
catastrophes occur as well. Armed conflict itself provokes blunt injuries and burns, 
and trauma that are specific to weapons and the circumstances of warfare. More 
specifically, combat involves penetrating and blast injuries; these will be the major 
focus of this book. 





3.1.1 Blunt injury in war 


Blunt trauma is common in war. Severe injury due to blunt trauma may be more 
difficult to detect than in cases of penetrating trauma, and X-ray diagnosis and other 
more sophisticated technologies are more valuable for patient assessment. 


Road traffic crashes 

Military vehicles often drive at high speed over difficult terrain where safe roads do 
not exist. In addition, the environment of any accident may be hostile (presence of 
enemy forces, minefields, etc.). 


Collapsed buildings and falls 
The collapse of bombed buildings will cause blunt and crush injuries to anyone inside. 
People may fall from destroyed buildings or a balcony. 


Explosions and anti-tank mines 

A bomb or shell explosion can throw people against objects. A car, bus or lorry 
carrying passengers may drive over an anti-tank mine. The explosion of the mine 
overturns or destroys the vehicle and people are thrown out and onto the ground, 
thus suffering blunt injuries. 


Beatings 
Mistreatment of prisoners, officials, “suspected sympathizers” or other civilians is, alas, 
all too common. 


3.1.2 Penetrating wounds caused by weapons of war 


A moving projectile has kinetic energy. When the projectile enters the human body, it 
releases energy to the tissues thus causing a wound. There are two types of wounding 
projectiles: bullets and metallic fragments (or splinters, shards, and shrapnel)’. 


Fragment wounds 

Exploding bombs, shells, rockets and grenades, submunitions (cluster bomblets) 
and some landmines, produce metal fragments from the weapon casing (primary 
projectiles). In the past these fragments were usually irregular in size and shape. 
In many modern weapons, however, the inner lining of the casing is scored, 
creating weak points that break off easily on explosion. This generates a controlled 
fragmentation of large numbers of pre-formed fragments that are regular in size 
and shape, and usually less than 1 g in weight. In other, usually improvised bombs 
and explosive devices, nails, bolts, steel pellets or other metallic debris surround the 
explosive material. 





2 The word “shrapnel” is derived from the name of Major-General Henry Shrapnel (1761-1842), an English officer, 
who designed a new type of artillery shell. The term originally referred only to the metal balls dispersed when a 
shrapnel shell bursts, but is often used to describe metal fragments intentionally included in explosive devices. 
For shells, bombs or other munitions, the technical term for these particles is fragments, splinters or shards, 
fragments being the preferred name in scientific documents and the term that is used in this manual. 
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Figure 3.1 


Different types of shells and explosives. 
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Fragments are shot off at a very high speed, which decreases rapidly with the distance 
travelled because of their non-aerodynamic character. The farther the victim is from 
the explosion, the more superficial the wounds. At very close range, multiple high- 
energy fragments combined with the blast effect create mutilating injuries and are 
often fatal. 


Explosions may cause stones or bricks to break up, shatter glass panes, or the force 
of the blast wind may transport other debris, also producing penetrating fragments 
(secondary projectiles), as described in Section 3.1.4. 


Fragment wounds are usually multiple and the wound tract is always widest at the 
entry. There may or may not be an exit wound. 


Bullet wounds 

Handguns and military assault rifles shoot bullets at high speed. Bullet wounds seen in 
the injured are usually single with a small entry; multiple bullet injuries are more likely 
to kill. There may be no exit wound but, if there is, the size is variable. The amount of 
tissue damage depends on a number of factors. 


According to international humanitarian law — the Third Hague Convention of 1899 -— all 
bullets used during armed conflict are supposed to remain intact. They are designed to 
wound, not kill. They have a full metal jacket (usually copper or plated steel) and should be 
so manufactured as to prevent any fragmenting when they hit the human body. Because 
of various ballistic effects, some bullets do break up into fragments in the body. 
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Figure 3.2.1 Figure 3.2.2 

Examples of pistol ammunition: Examples of military rifle ammunition: 
a.5.45x 19mm a. 5.45 x 39 mm Kalashnikov 

b. 6.35 mm Browning b. 7.62 x 39 mm Kalashnikov 

c. 7.63 mm Mauser c. 7.62 x 54R Dragunov 


d. 9mm Luger 
e. 45 mm automatic 


f.50 mm AE (Action Express) semi-jacketed bullet 
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Figure 3.2.3 Figure 3.2.4 
Semi-automatic pistol 9 mm Luger (SIG-Sauer P 228). 7.62 x 39 mm AK-47 Kalashnikov military assault rifle. 
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Cut wounds, “arme blanche” 

Apart from the modern soldier’s bayonet, knives, machetes or pangas? may be used 
by combatants in “traditional” warfare in some societies. These produce incised or 
puncture wounds. 


3.1.3. Anti-personnel landmine wounds 


Anti-personnel landmines (APM) come in two basic types: blast mines with a pressure 
plate that explode when someone steps on them, and fragmentation mines which 
explode when a tripwire is touched. Unexploded ordnance is often left on the battlefield 
and has similar injuring effects as fragmentation mines (the lethal remnants of war 
consisting of cluster bomblets, bombs and shells that did not explode when fired). 
These weapons continue to kill and injure large numbers of civilians long after the end 
of hostilities and have widespread humanitarian and economic repercussions. 





ICRC 
ICRC 


Figure 3.3.1 Figure 3.3.2 Figure 3.3.3 
Blast mine. Fragmentation mine. PMF “Butterfly mine”. 
Patterns of injury 


Anti-personnel mines cause three distinct patterns of injury according to the blast 
effect or the production of fragments. 


Pattern 1 

A person steps on the pressure plate of a blast mine. The explosion and local primary 
blast effect cause a traumatic amputation or severe injury of the contact foot and 
leg. There may be wounds to the other leg, genitals, abdomen or pelvis, and the 


contralateral arm. The severity of the wound depends on the amount of explosive in ‘ay q 
the mine compared to the body mass (Figure 3.4). \ i \ } 
Pattern 2 u_X a 


A person touches the tripwire attached to a fragmentation mine, which provokes its 
detonation. Fragmentation mines cause the same injuries as other fragmentation yar 


devices, such as bombs or grenades, and the severity of the injury depends on the 
distance of the victim from the explosion. 


Pattern 3 
A person handles a mine: setting a mine; trying to clear a mine; a child playing with a 
mine. The explosion causes severe injury to the hand and arm, and frequent injuries 


Figure 3.4 


“Umbrella” effect of blast mine: superficial tissues 
suffer less damage than deep-tissue planes. The 


to the face and eyes or chest. wounds are all severely contaminated by mud, 
grass, and pieces of the shoe driven deep into the 
For further information on anti-personnel landmine injuries, see Volume 2. tissues at the moment of explosion. 





3 Insome countries where a “traditional” form of warfare is still practised, a large, heavy knife - the machete or 
panga - is often used as a weapon. The overhead motion strikes the victim on the head, neck or shoulder. 
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Roselli et a/.: Smart Surfaces: Large Area Electronics Systems for Internet of Things Enabled by Energy Harvesting 


Jetting nozzle Jetting nozzle 


; Conductive Ink _ Dielectric Ink 


1. Printing metal 2. Printing dielectric 


jetting Homie after metal curing 


+ Conductive Ink 


3. Printing metal after 4. Printed circuit after 
dielectric curing final curing 


Fig. 2. Inkjet printing technique, synoptic description. The ink is 
deposited on the substrate with the desired pattern and after a curing 
procedure the next layer can be printed. The thickness of each film 
depends on the number of passes. 





approach, as described in the Introduction; according to 
[6], for example, the eco-compatibility of the materials, the 
mechanical flexibility of the substrates to make the device 
conformable to the hosting surface, and the life cycle (ope- 
rability and biodegradability) have to be accounted for. 

The new techniques proposed from different research 
groups [10]-[12] focus mostly on the printing techniques 
that can be industrialized easily with R2R methods, already 
investigated for the traditional printing on paper. Within the 
printing methods, one of the most attractive and investigated 
in the last decade is the inkjet printing of conductive and 
dielectric layers (Fig. 2). This technique allows circuits to be 
printed on almost any kind of substrate: from the photo- 
graphic paper to liquid crystalline polymers (LCP) or Kapton, 
that are flexible, thin, and eco-compatible; to glass or poly 
methyl meta acrylate (PMMA, commonly referred to as 
Plexiglas) that are usually thicker but not flexible. 

A first proof of concept for the inkjet printing tech- 
nique at radio frequency (RF) and microwaves has been 
obtained on photographic paper by printing simple struc- 
tures, such as antennas and other planar circuits and de- 
vices [10], [13]-[22], with a technology stack simply 
composed by the substrate and the conductive layer 
(usually realized by means of nanoparticle silver ink). 

Recently, this method has been improved thanks to the 
development of new inks, usually composed by a polymer 
and a solvent (i.e., SU-8, PVP, PMMA, PEDOT, etc.); more 
complex fabrication procedures of multilayer structures 
are now possible, as shown in [23] and [24]. Another no- 
ticeable feature of this technology is represented by the 
resolution: conductive tracks of 50 4m of width and space 
gaps of 50 yum can be printed, allowing the design of 


millimeter-wave (mm-wave) frequency devices [25]. The 
combination of the quite high resolution (considering the 
simplicity of the technology) with the multilayer featuring 
also gives the opportunity to manufacture very easily ma- 
trix of passive and active devices that can be used in the SS 
development. It is worth noting that the process can be 
developed in a few steps based on the design and mostly on 
the number of layers needed. For example, a metal— 
insulator—-metal (MIM) device can be realized by printing 
silver on the substrate [26], curing it in the oven in order 
to create a surface that, with the proper treatment (for 
instance, UV-—Ozone exposure or preheating), is ready for 
the insulator printing. Then, the dielectric is cured as well 
and the last metal layer can be printed on top of it. The 
entire structure can be then cured at temperatures ranging 
between 130 °C and 200 °C. 

In a perspective of industrialization of the inkjet print- 
ing technology, the hypothesis of R2R manufacturing of 
circuits is being investigated and some examples are al- 
ready reported in literature for solar cells and other de- 
vices [27], [28]. 

Today, many pros have been mentioned for the inkjet 
printing method, and others can be found in the non-use of 
wasted chemicals (as is for the traditional lithographic 
technologies), in the no-need of clean-room environment 
for the fabrications, in the low-cost and rapidity of manu- 
facture, and in a R2R perspective compatibility. However, 
the necessity of a curing procedure after the printing of a 
layer still represents the biggest inkjet limit for two main 
reasons: first, the time and type of curing are dependent on 
the inkjeted materials and on the material stack-up; sec- 
ond, especially on a laboratory level, the curing can cause 
misalignment issues, given the fact that the sample is re- 
moved and then replaced in the printer after the last layer 
curing. 

Currently, the platform mostly used worldwide by 
researchers is the Dimatix 2800 DMP. In terms of inks, it 
is possible either to buy printable solutions or mix solu- 
tions in labs; for example, the combination of polymers 
and solvents allows layers to be printed with different 
electrical properties and thicknesses. 

Besides the inkjet printing method, in [11], a new 
technique, suitable for LAE, has been proposed. It uses a 
metal (copper in that case) adhesive laminate technology 
based on the application of the standard etching process to 
an adhesive copper laminate material. This technique was 
already adopted to produce mm-wave circuits and to char- 
acterize the resulting compound substrates, as reported in 
[29]-[31]. A brief illustration of the metal laminate tech- 
nique is here reported referring to Fig. 3. 

The production process can be divided in five steps. 
The first step consists of the deposition of a (positive) 
photoresist film on the copper surface; then, the circuit 
layout is transferred to the photoresist by means of a pho- 
tomask and ultraviolet exposure. After that, the unim- 
pressed film of photoresist is removed using a NaOH 
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Figure 3.5 


Blast wave overpressure followed by negative 
pressure trough. 
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3.1.4 Explosive blast injuries 


The detonation of high-energy explosives creates a travelling pressure blast wave 
in the air, (or in water for underwater explosions). The wave causes rapid and large 
changes in the outside atmospheric pressure: the positive pressure shock wave is 
followed by a negative pressure phase (Figure 3.5). Immediately behind the pressure 
wave is amass movement of air: the blast wind. 


As the blast wave passes any unprotected person it affects all parts of the body, 
especially those normally containing air. A victim of blast may not have any external 
injury. A single, large explosion may injure many people at the same time. Explosions 
in a closed space (building, bus, etc.) are more fatal than those out in the open. 


Categorization of blast injuries 
Blast injuries are commonly categorized into four types. 


Primary 

These are direct pressure effects. Rupture of the tympanic membrane is the most 
common injury. Rupture of the lung alveoli and their capillaries (“blast lung”) is the 
most lethal injury amongst survivors. 


Secondary 

These injuries include missile wounds. Fragments may arise from the bomb casing 
or contents (primary missiles). Home-made bombs (improvised explosive devices, 
known as IED) may be packed with nuts and bolts, screws and ball bearings. In 
addition, the blast wind may mobilize various objects (secondary missiles) that then 
cause penetrating wounds. 


Tertiary 

These effects are directly due to the blast wind. It can cause total body disintegration 
in the immediate vicinity of the explosion; traumatic amputations and evisceration 
further away. The wind can make buildings collapse or throw people against objects. 
Trauma may be blunt, crush or penetrating. 


Quaternary 
Miscellaneous types of harm due to burns, asphyxia from carbon monoxide or toxic 
gases, or the inhalation of dust, smoke or contaminants. 


The various injuries caused by major blasts cover a whole spectrum of trauma and 
many patients suffer several injuries from a variety of effects: i.e. multiple injuries from 
one single weapon system. 


Other situations of blast injuries 

The blast wave travels more rapidly and much further in water than in air. Blast injuries 
in water occur at greater distances and can be more severe. Moreover, underwater 
explosions tend to cause pure primary blast injury. A “fuel air explosive” — the liquid 
explosive material is dispersed in the air like an aerosol and then ignited — also tends to 
bring about pure primary blast injury and quaternary effects due to the consumption 
of all oxygen in the nearby air. 


The blast effect of a marine mine exploding below an icy surface, or the “deck slap” of 
a ship hit by a torpedo, produces a shock wave that can severely fracture the bones of 
anyone on deck or inside the ship. Similarly, some anti-tank mines send a blast wave 
through the floor of the vehicle causing closed fractures of the foot and leg. The foot 
appears like a “bag of bones” inside intact skin, which was described in World War | 
as “pied de mine”: a mine foot. Anti-personnel blast mines have a local blast effect, 
vaporizing the tissues of the contact foot, as described previously. 


For further information on blast injuries, see Volume 2. 
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3.1.5 Burns 


A large explosion may cause flash burns or the carbonization of tissues. Bombing 
may start secondary fires in buildings and an anti-tank mine may ignite the petrol 
tank of a vehicle. Burns are common amongst the crews of tanks, ships and aircraft 
hit by missiles. Some types of anti-personnel blast mines provoke burning as well as 
traumatic amputation of the limb. 


Certain weapons cause specific burns: napalm and phosphorus bombs, magnesium flares. 


3.1.6 Non-conventional weapons 


International humanitarian law prohibits the use of chemical and biological weapons. 
Nonetheless, many countries have stocks of them. If not used during actual combat, 
they may nevertheless be released when storage warehouses are bombed. 


Radioactive agents have come into greater use recently, such as depleted uranium in 
anti-tank shells. Residual radioactive shells and debris constitute a long-term hazard. A 
bomb surrounded by radioactive material — the so-called “dirty bomb’ - is not a nuclear 
bomb. The explosion is caused by conventional means but radioactive material is spread 
out over a wide area. The bombing of nuclear medicine and other laboratory facilities, 
or nuclear power plants, may also release radioactive material into the atmosphere. 


The reader should refer to standard military texts and those of the Organization for 
the Prohibition of Chemical Weapons (OPCW), and relevant documents of the World 
Health Organization for further details. Nuclear weapons shall not be discussed here. 


3.2 Ballistics 


3.2.1. Introduction 


Blast and penetrating missile wounds occur in times of armed conflict and whenever 
the weapons of war are used in peacetime. Weapons cause specific but variable 
patterns of injury. While standard surgical techniques will suffice to treat simple 
wounds, the management of war wounds produced by high-energy weapons is 
based on an understanding of the mechanisms by which projectiles cause injury: 
wound ballistics. Only by understanding certain physical phenomena can the surgeon 
appreciate the different varieties of wounds seen in armed conflict and the difference 
between these wounds and the trauma that is seen in everyday civilian practice. 


Although the study of ballistics may be “interesting” in its own right, the clinician 
does not always know what weapon inflicted the injury; and never knows the energy 
available at point of impact. One can only estimate the transfer of energy in the tissues 
from the extent of tissue damage. 


The study of ballistics gives us an understanding of the basic mechanisms at work 
during wounding. The importance of this knowledge lies in the fact that projectile 
injuries should be neither under- nor over-treated. The clinical assessment of the 
actual wound is the most important factor determining management, and an 
understanding of ballistics allows the surgeon to better understand the pathology 
and assess the injuries that he sees, rather than explain every wound and determine 
specific treatment. “Treat the wound, not the weapon” is not a vain concept. 


Basic definitions 
Ballistics is the part of the science of mechanics that studies the motion and behaviour 
of a projectile, and its effects on a target. 


Internal ballistics 

Internal ballistics deals with the processes that occur inside a gun barrel when a shot 
is fired: gas pressures on combustion of the propellant powder, the energy and heat 
released, and the course of the projectile in the barrel, are just some of its concerns. 





4 Lindsey D. The idolatry of velocity, or lies, damn lies, and ballistics. J Trauma. 1980; 20: 1068 -1069. 
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Main parts of a bullet cartridge. 


60 


B. Kneubuehl 


External ballistics 

External ballistics describes the projectile trajectory once it has left the barrel. The 
influences affecting the flight include gravity, air resistance and crosswind deflection, 
stability of the projectile (spin and yaw), as well as any contact prior to the projectile 
reaching the target, known as ricochet. 


Terminal ballistics 

Terminal ballistics describes what happens when the projectile hits the target, as 
well as any counter-effects produced by the target on the projectile. If the target is 
biological tissues, terminal ballistics is called wound ballistics and describes the effects 
on the tissues. 


3.2.2. Internal ballistics 


Bullets: fundamental concepts 

Figure 3.6 shows the main components of a bullet cartridge. The primer is struck by 
a mechanism in the gun to produce a small detonation and flame that sets off the 
powder in the case. This causes a very rapid burn with the production of a large 
volume of rapidly expanding gas, which pushes the bullet out of the barrel of the gun. 
The velocity with which the bullet leaves the barrel is called the muzzle velocity. 


Bullet construction 
Bullets are classified according to a number of parameters; one is their manufactured 
composition (Figure 3.7). They vary according to their calibre and mass. 








Millitary bullets Hunting bullets 
a b c d e f 








Figure 3.7 


Bullets according to construction. d. Tracer bullet: contains a pyrotechnical 


a. 303 British Mark Il produced in Dum Dum, substance at the tail-end that burns up in 
India, 1896 (see footnote number 6). flight and illuminates the trajectory. Used to 

identify and pinpoint the target. 

b. Full metal jacket (FMJ): military-issue bullets a — 
have a soft core (lead) with a full metal jacket - Semi-jacketed bullet GJ): part of the Pome e 
of copper. This standard has been established not jacketed, thus exposing the lead inside. 
by various conventions and treaties of IHL, This is supposed to be used only for hunting; 
especially the Third Hague Convention of its use by combatants during armed conflict 


1899. is illegal. 

c. Hard core bullet: the lead has been replaced f. Semi-jacketed hollow-point (SJ-HP): also a 
by steel or tungsten for better penetrating hunting bullet with a hollow nose tip; also 
power. illegal during armed conflict. 
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Apart from the hunting bullets mentioned in Figure 3.7, special rifles and their 
ammunition exist for hunting: shotguns whose shells give off multiple lead or steel 
shots (pellets) available in diameters from 2 to 9 mm (Figure 3.8). 


Hunting bullets are not supposed to be used by combatants in armed conflict. These 
bullets are constructed in such a way as to kill rather than wound. The idea is to be more 
“humane” when hunting wild animals and to have a “rapid and clean kill”. Nonetheless, the 
surgeon will be faced with wounds caused by such weapons either because of accidents, 
criminal activity, or because combatants have illegally used them during combat. 


The international legal limits placed on bullets used by the military do not apply to 
domestic use during peacetime, and the civilian surgeon may at times face more 
devastating gunshot wounds than the military surgeon on the battlefield. 


Muzzle velocities 

Firearms are classically divided into two categories: high-velocity (rifles) and low- 
velocity (handguns).The latter fire relatively heavy bullets at low muzzle velocities of 
150 - 200 m/s. A typical military assault rifle fires a smaller bullet at 700 - 950 m/s. This, 
however, says nothing about the actual velocity when the bullet reaches the target. 





350 m/s 
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Figure 3.8 
Shotgun shell and load of shot. 





900 m/s 
420 m/s 














Table 3.1 Some examples of muzzle velocity from different firearms. 


The gun barrel 

A bullet is a long projectile that only flies with stability if a high spin around its 
longitudinal axis is attained, thus giving it a gyroscopic effect. To achieve this spin, 
gun barrels are constructed with interior spiral grooves (twists). This is a “rifled” barrel, 
used in all handguns and high-velocity rifles (Figure 3.9). 


The barrels of shotguns are smooth on the inside; they are not “rifled” This limits their 
accuracy and distance of fire (Figure 3.10). 


Design of firing 

Another classification of firearms is according to their design of firing. A weapon operated 
with a single hand is a “handgun”. If the barrel and cartridge chamber are in one piece, 
this is a“pistol” If several chambers rotate behind the barrel, it is called a “revolver” If both 
hands are required to operate the weapon, it is referred to as a “rifle” or “shotgun”. 


Firing capacity defines how individual shots are fired. For a single-shot weapon, every 
shot is loaded individually. A repeating weapon includes a magazine that holds a 
series of cartridges which load manually one after the other. If the loading movement 
is repeated automatically after every shot, but every shot is fired individually, this is a 
semi-automatic weapon. If the automatic loading of cartridges allows several shots to 
be fired with one pull of the trigger, it is known as an automatic weapon. 


In modern military usage, most weapons are automatic rifles and sub-machine guns 
or semi-automatic pistols. 














Figure 3.9 


Cross section of a rifled gun barrel: 

5.56 x 45 mm M-16 A4 military assault rifle. 
The grooves and lands (the elevated sections 
between the grooves) are shown. 

















Figure 3.10 
Typical hunting shotgun with smooth barrel. 
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Figure 3.11 

Angle of incidence and angle of impact: 
a. longitudinal axis of bullet 

b. direction of flight 


WY. angle of incidence 
6. angle of impact 





Nutation 


After collision 





Before collision 














Figure 3.12 


Ricochet: effect on a bullet after collision with 
an obstacle. 
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3.2.3. External ballistics 


Flight in air 

Once shot off, several variables affecting the projectile in flight tend to influence its 
stability, accuracy of targeting, or velocity. The most important variables include 
the following. 


+ Spin around its own longitudinal axis, giving it gyroscopic stability. 


- Distance travelled and the effect of gravity, including the shooting angle - is the 
bullet shot upwards or is the trajectory flat? 


- Air drag: friction is responsible for 10 % of total area drag, while 90 % is due to 
pressure effects; faster bullets are retarded proportionately more - rifle bullets are 
aerodynamically shaped to decrease air drag; this is not the case with shotgun 
cartridges or metal fragments. 


+ Crosswind deflection. 
+ Raindrops hitting the bullet. 
+ Bullet hitting an obstacle before hitting the target. 


Yaw 

A rifle bullet in flight does not travel in a simple straightforward motion. Because it 
is a spinning gyroscope, the bullet “wobbles” and undergoes some very complicated 
movements (nutation, precession), the most important being yaw: the nose of the 
bullet moves up and down, away from the line of flight, and describes an angle with 
the target surface at impact (Figure 3.11). This influences the wounding potential of 
the bullet, as an important degree of yaw will destabilize the motion of the bullet 
inside the target. 


Ricochet 

A bullet may hit an obstacle during its flight. This may be a branch of a tree, a belt buckle, 
a concrete wall or the ground, or a soldier's helmet or flak jacket. This causes a ricochet; 
the bullet is given a small “push” that destabilizes it (Figure 3.12). There is an increase 
in the deviation of the nose of the bullet (yaw); the bullet may even tumble, rotating 
around itself. Such a large yaw angle at point of impact, as mentioned above, will have 
important consequences for the wounding potential of the bullet in the target. 


In addition, if the “push” is great enough, the bullet can be deformed or even broken 
up into fragments before hitting the target. 


3.2.4 Summary 


There are, therefore, quite a number of variables involved in determining the 
characteristics of a projectile before it hits the target and these will influence its 
behaviour in the target and the efficiency in creating wounds. They include: 

- velocity at moment of impact and any residual velocity if there is an exit; 

+ mass, form and shape of the projectile, bullet construction; 

+ type of weapon, handgun or rifle; 

+ stability of the projectile in flight; 

* any yaw at moment of impact. 
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3.3. Terminal ballistics 


3.3.1 Role of kinetic energy 


Any moving object has kinetic energy, whether it is a hand-wielded knife or club, a 
bullet fired from a gun, or a fragment given off by the explosion of a shell. This energy 
is described by the well-known formula: 


E.=’mv? 


This defines the total kinetic energy that the object possesses, but does not define the 
kinetic energy expended when the projectile passes into and through a target. For a 
bullet or fragment that does not change its mass, this is calculated from the difference 
in velocity between entry and exit. 


m (v,? - v,’) 
E 


KEXP — 

2 
If there is no exit, then v, = 0, and all the kinetic energy has been transferred. If 
the bullet breaks up into fragments, then the mass (m) also changes, and E 
is modified. 


K EXP 


Total kinetic energy is the potential for causing damage; transferred kinetic energy 
is the capacity to cause damage. Actual tissue damage, however, depends on the 
efficiency of this energy transfer, which is determined by many other variables, as will 
be shown. 


Weapons according to E, 
Yet another classification of weapons is based on the amount of kinetic energy 
available for transfer. 


+ Low energy: knife or hand-energized missiles. 
+ Medium energy: handguns. 
+ High energy: military or hunting rifles, with a muzzle velocity above 600 m/s. 


For metal fragments given off by an explosion the initial velocity is very high; this 
decreases rapidly with distance. The wounding potential depends on the mass of the 
fragment and the distance of the victim from the weapon. 


3.3.2 Laboratory experiments 


Many researchers have performed different experiments to describe the effect of 
projectiles on tissues. Targets have included human cadavers, various animals (pigs, 
dogs, goats) and tissue simulants. 


Tissue simulants are specially-prepared blocks of gelatine or glycerine soap, which 
have a density and/or viscosity close to that of muscle tissue. Soap is plastic and any 
deformation remains unchanged, representing the maximum effects. Gelatine is 
elastic and deformations disappear almost entirely; they are studied with high-speed 
cameras. If the stress on gelatine exceeds the limit of its elasticity then it will crack and 
tear, showing fracture lines. 


Compared to human cadavers and animals, tissue simulants have the advantage of 
allowing repetitions of the experiment, changing only one variable at a time. These 
laboratory experiments are all approximations, however, of what happens in a live 
human being. 


Surgeons working for the ICRC have collaborated over many years with the ballistics 
laboratory of the Swiss Federal Department of Defence.* This laboratory uses gelatine 
and glycerine soap for its ballistics experiments. Its results have been confirmed 
by comparison with clinical cases treated by ICRC surgeons in various war zones 
throughout the world. 





5 See footnote 1. 
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Figure 3.13 
Non-deforming rifle bullet (FMJ) in soap. 


Figure 3.14 


The bullet tumbles in the gelatine or soap: 

it rotates 270° around a transverse axis that 

is perpendicular to the long axis. (Graphic 
demonstration of bullet superimposed on 
soap blocks. The proportions between bullet 
and trajectory are exaggerated for the sake of 
clarity.) 
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Following these laboratory studies, five categories describe the behaviour of 
projectiles: non-deforming and deforming bullets, be they from rifles or handguns, 
and fragments. 


3.3.3 Non-deforming rifle bullet: 
full metal jacket (FMJ) military bullet 


When a standard military bullet hits a soft object while in stable flight, it produces 
a “shooting channel” that presents three distinctive phases: narrow channel; primary 
temporary cavity; and terminal narrow channel (Figure 3.13). 


Phase 3: 
(Tare KelaY-Vavatel| 


Phase 1: 
narrow channel 


Phase 2: 
temporary cavity 





Phase 1 

Straight narrow channel with a diameter about 1.5 times the calibre of the bullet. The 
greater the velocity, the wider the channel. Different types of bullets have a different 
length of narrow channel, typically 15 - 25 cm. 


Phase 2 
The channel opens into the “primary temporary cavity”. The reported diameter of this 
cavity is anywhere between 10 and 15 times the calibre of the bullet. 


Figure 3.14 shows the motion of the bullet in gelatine. It starts to yaw, and tumbles, 
turning a full 270°, and then advances with its tail end forward. The whole lateral 
surface of the bullet comes into contact with the medium, which greatly decelerates 
the bullet and subjects it to an important stress. 


Temporary cavity 


INEVaxoyaelat-lala=l| 


FanteKe: EVavaal 





The slowing of the bullet involves a release of kinetic energy, which, in turn, causes 
the rapid and massive displacement of gelatine radially outwards, producing a cavity 
behind the projectile; there is a slight delay in the production of the cavity because 
of the inertia of the gelatine mass. There is an almost complete vacuum in this cavity 
that quickly sucks in air from the entry hole, and from the exit hole if there is one. The 
cavity collapses after a few milliseconds, only to reform again, with a smaller volume. 
The cavitation continues until all the transferred energy is used up: the cavity pulsates! 
In water or gelatine, there are up to 7 - 8 pulsations, in biological tissues usually 3 - 4. 


The diameter of this cavity depends upon the elastic properties of the medium, as 
well as the amount of kinetic energy transferred. Fissures radiating from the shooting 
channel indicate that the shearing effect of the cavity has exceeded the elasticity of 
the gelatine. 
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Phase 3 

The tumbling slows down and the bullet continues in a sideways position at a 
considerably reduced speed. In some cases, a narrow straight channel is observed; in 
others, the tumbling seems to continue but backwards, the bullet again assuming a 
lateral position, and a second cavity occurs. This does not reach the size of the primary 
temporary cavity. The bullet then creeps forward and finally stops, always with the tail 
end facing forwards. 


In an elastic medium such as glycerine, what remains in the shooting channel at the 
end of the process, and all temporary effects, is called the “permanent channel”. 


References to these basic definitions of phases of the shooting channel will be made 
throughout this chapter. 


Please note: 


These three phases are found with all FMJ rifle bullets, yet each bullet has a specific 
shooting channel. The narrow channel of the 7.62 mm AK-47 is long (15 — 20 cm), 
while the 5.45 mm AK-74 produces a narrow channel of less than 5 cm before 
cavitation begins. 


Tumbling - yaw - in the target medium 

Given a long enough shooting channel, all FMJ rifle bullets tumble. How early the 
tumbling motion begins determines the length of the narrow channel, and the onset 
of cavitation. This depends on the stability of the bullet - yaw — at the point of impact. 
The less stable the bullet in flight, the greater the yaw, which rapidly brings a larger 
bullet surface into contact with the medium, leading to early tumbling and a short 
narrow channel. How early FMJ bullets tumble is also a function of their manufacture: 
mass, centre of gravity and shooting distance, etc. 


Fragmentation of FMJ bullets 

It is during phase 2 - the temporary cavity — that certain bullets deform or even break 
apart because of the enormous stress exerted on them. This occurs when the bullet- 
medium interface is at its maximum, the cavity is widest, and the transfer of kinetic 
energy is highest (Figures 3.15 and 3.16). If the projectile acts on the target medium, 
this is a good example of the medium acting on the projectile. This fragmentation 
occurs only at short shooting distances, up to 30 - 100 m, depending on the bullet’s 
construction and stability. 
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Flake of ejected lead Main body of bullet“ Rear part of bullet 





The bullet flattens on its sides, bends in the middle and, finally, the jacket splits and the 
lead inside spills out (Figure 3.17). This gives the “shower of lead” picture often seen on 
X-rays (Figures 3.35, 4.5 and 10.5). If the bullet breaks, the smaller fragment typically 
deviates downwards. The fragmentation depends on the construction of the bullet and 
the velocity; with impact velocities below 600 m/s, no FMJ deforms or breaks apart. 


If the bullet does fragment then the primary temporary cavity is larger than is the case 
with an intact bullet. This represents a much larger transfer of kinetic energy and has 
important clinical repercussions. 





Energy 








Distance 











Figure 3.15 


The sketch shows the position of the bullet and 


the extent of the shooting channel at different 
phases. The graph represents the transfer of 
kinetic energy along the bullet track: bullet 
fragmentation occurs at the peak of energy 
transfer. 


Figure 3.16 


Fragmentation of FMJ bullet during phase 2, 
ie. temporary cavitation. 






Figure 3.17 
Jacket split apart, exposing the lead within. 
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Figure 3.18 


Deforming semi-jacketed rifle bullet (SJ) in soap. 
The bullet “mushrooms” just after impact, then 

continues in a linear trajectory. (Graphic demon- 
stration of bullet superimposed on soap blocks.) 


Figure 3.19 


Soap blocks showing comparison between 
ballistic profiles of FMJ and SJ bullets - the 
transfer of kinetic energy occurs far sooner with 
the SJ bullet. 
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3.3.4 Deforming and fragmenting rifle bullets: dum-dum® 


Some bullets (e.g. hunting bullets) are constructed to always deform or break up into 
fragments: hollow-nosed, semi-jacketed (SJ), soft-pointed, etc. (Figure 3.7 e and f). 
These are usually grouped under the term “dum-dum” bullets and are illegal for 
military use according to international law. 


Deforming bullets are made to change their shape readily (“mushrooming”), thus 
increasing their cross section area, but without losing mass. The spent bullet weighs 
as much as the original. They are used mainly in handguns with a muzzle velocity 
below 450 m/s, and are available for domestic use (special police forces and criminals). 
Fragmenting bullets, on the other hand, break up and lose mass, and create a “wall” 
of particles, thus increasing the total effective area of cross section. They are used 
for hunting. 


Figure 3.18 demonstrates a semi-jacketed rifle bullet mushrooming immediately 
on impact with a soft medium. The increased cross section causes a greater bullet- 
medium interaction; the bullet slows down quickly, releasing kinetic energy very early. 
The narrow channel almost completely disappears and the temporary cavity occurs 
right after impact. At first, the cavity is almost cylindrical; it then decreases conically. 











The principal difference between a full metal jacket and semi-jacketed bullet is at what 
depth of penetration the maximum energy transfer occurs in the shooting channel. 
The volume of the cavities is the same in both examples in Figure 3.19 indicating 
equal transfer of kinetic energy. 
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Energy transfer 


Energy transfer 
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6 The Indian Ordnance Department of the British Army developed a bullet for its colonial troops in 1897 at an 
ammunition factory in the town of Dum Dum, north-east of Calcutta (Kolkata) because the previous one 
was judged to be ineffectual and caused insignificant injuries. The bullet had a round nose with a full metal 
jacket of copper-nickel covering a lead core, with the exception of 1 mm at its tip where the lead was bare. 
The bullet was used against the Afridi Afghans in 1897 - 98, and again against the Mahdi Army at Omdurman, 
Sudan, in 1898 with devastating effect. The bullet was judged to be “inhumane” according to the Declaration 
of St Petersburg of 1868 and was banned by the Hague Convention of 1899. Projectiles causing unnecessary 
injuries (“maux superflus") were not allowed. As an example, the Conventions mentioned projectiles whose 
metal jacket did not fully cover the lead core. Since then, all projectiles possessing the same qualities 
(deformation by expanding or flattening easily, fragmentation) have received the collective name of dum-dum. 
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The same effect can be demonstrated when using a synthetic bone simulant encased 
in gelatine (Figure 3.20). 








FMJ SJ FMJ SJ 











Ricochet effect 

When a FMJ bullet strikes an obstacle before hitting the target it is destabilized. After 
impact, there is almost no narrow channel and the shooting channel resembles what 
occurs with a deforming or dum-dum bullet (Figure 3.21). This phenomenon has 
important clinical consequences. 

















Please note: 


Jacket construction is not the only decisive factor in bullet behaviour be it full 
or semi-jacketed. It is quite possible to manufacture a bullet that will fragment 
at high velocities, deform at medium velocities, and retain a stable shape at 
low velocities. 


Figure 3.20 


Comparison of FMJ bullet versus SJ bullet: 
synthetic bone at a shallow depth of gelatine. 
The FMJ bullet breaks the bone simulant during 
the narrow channel phase; the shooting channel 
is practically the same with or without the bone 
simulant. At the same depth, the SJ bullet shat- 
ters the bone simulant completely. 


Figure 3.21 


FMjJ rifle bullet after ricochet effect in soap. 
The large impact angle after ricochet 
destabilizes the bullet, which tumbles easily 
and early in the shooting channel. Note that 
the cavitation occurs almost immediately on 
impact, similar to an SJ bullet. 
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Fig. 3. Process steps for the circuit fabrication using the adhesive metal laminate. M: metal, A: adhesive, P: protection, R: photoresist, 
S: sacrificial layer, SUB: hosting substrate. After the standard lithographic procedure, the copper pattern can be transferred on top of any 
substrate by means of a sacrificial layer and exploiting the adhesive face of the copper tape. 





developer solution [Fig. 3(a)]. In the second step, the 
copper tape is wet etched. As can be seen in Fig. 3(b), in 
this way, the adhesive layer is exposed where the copper 
was removed, while it remains everywhere else covered by 
the original copper tape that serves as protection for the 
adhesive underneath. 

The first two steps are, in this example, similar to those 
adopted in standard photolithographic technology. More- 
over, different ways to remove the not needed metal can be 
used, as, for example, by means of numerical control 
pattern cutting plotters. 

In the third step, depicted in Fig. 3(c), a sacrificial layer 
is stuck on the top copper side and, finally, the protection 
layer on the bottom is removed. The sacrificial layer is very 
important because it keeps the relative distances among 
the layout features constant even when these are not phy- 
sically connected. 

The fourth step is characterized by the transfer of the 
etched metal to the hosting paper substrate and, finally, 
the sacrificial layer can be removed [see Fig. 3(d) and (e)]. 
The last step is also useful to remove most of the exposed 
adhesive material. 

With this method, quasi-fully-organic circuits and de- 
vices can be realized. The performance in terms of tracks 
width and pitch are, at present, a bit lower than what can be 
obtained with the inkjet printing, with the advantages of no 
curing processes, the possibility to fix devices on the circuit 
using standard soldering techniques, and a better conduc- 
tivity (the conductivity of copper laminate, in fact, is one 
order of magnitude higher than that of the cured nano- 
particle silver ink: 5.8 x 10” S/m versus about 6 x 10°—1 x 
10’S/m obtained with at least five layers of silver). 


To verify the validity of the metal laminate technology 
at microwave frequencies, a 50-22 microstrip line was 
manufactured exploiting the Mitsubishi photografic paper 
as the substrate (thickness 250 jum, relative permittivity 
€, = 3.2, and loss tangent tan é = 0.08). The line is 30 
mm long, and the measured scattering parameters are 
shown in Fig. 4. The same graph also compares the 
performance of a similar transmission line manufactured 
with an inkjet printing process. The performance of the 
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Fig. 4. Measured scattering parameters versus frequency for a 

50-2 microstrip line on paper substrate. The line, shown in the inset, 
is 30 mm long; the ruler division corresponds to 17.2 .m. The graph 
also reports a comparison with a microstrip line of equal dimensions 
made with an inkjet printing process (Ag ink, 3-,,.m thickness, 

Cink = 1.1 x 107 S/m after curing). After [11]. 
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Figure 3.22 


Standard military pistol bullet, full metal jacket 
in soap, no tumbling of the bullet. (Graphic 
demonstration of bullet superimposed on 
soap blocks.) 


Figure 3.23 


Deforming handgun bullet in soap: 
mushrooming effect. (Graphic demonstration of 
bullet superimposed on soap blocks.) 
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3.3.5 Handgun bullets 
Handgun bullets may be much heavier than rifle bullets. 


Non-deforming bullet 

The shooting channel of a non-deforming bullet shows little yaw and no tumbling; 
the bullet remains with the tip pointing forward with deep penetration (Figure 3.22). 
Temporary cavitation is long and narrow. 
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Deforming bullet 

A soft point, deforming pistol bullet — as used by special police forces - mushrooms at 
entry (Figure 3.23). The large cross section area causes an abrupt reduction in velocity 
and transfer of kinetic energy with an immediate, and large, temporary cavity. 
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3.3.6 Fragment projectiles 


Fragments given off from the explosion of a bomb, rocket or grenade are not 
aerodynamic; they have an irregular shape. Their velocity decreases rapidly with 
distance owing to air drag. They have an unstable flight path with an irregular rotation 
around an indefinite axis. On impact, the biggest cross section comes into contact 
with the target surface, immediately transferring a maximum of kinetic energy. No 
yaw or tumbling occurs in the target. 

















The shooting channel always has the largest cavity diameter at the entry, and is larger 
than the diameter of the fragment. The cavity then decreases constantly in a cone-like 
fashion (Figure 3.24). 


The depth of penetration of the fragment will depend on its kinetic energy, but with a 
particular relationship between velocity and mass. Figure 3.25 shows two fragments 
with the same kinetic energy; the volumes of the cones are equal. 


Thus, a light but rapid fragment tends to transfer most of its energy shortly after 
impact on the target; a heavy and slow fragment penetrates further and dissipates its 
energy along the longer shooting channel. 
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Figure 3.24 


Fragment profile in soap: the widest point is at 


entry, the cavity is cone shaped. 


Figure 3.25 


Two fragments with the same kinetic 

energy — note the difference in energy 
deposition along the track, demonstrated by 
the difference in the cavities: 


a. lightweight and fast fragment; 
b. heavy and slow fragment. 
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3.4 Wound ballistics 


Moving projectiles cause wounds by a transfer of kinetic energy to the body that 
destroys, disrupts, and deforms tissue. One studies wound ballistics in order to 
understand the mechanisms that produce this injury. 


3.4.1 Laboratory studies versus human body 


The experiments using tissue simulants as described above help one to understand 
the processes at work. Laboratory models are, nonetheless, only an approximation and 
show only the physical part of the process. The tissue structure of the human body is 
far too complex for a laboratory model to duplicate injuries. Tissue simulants have the 
disadvantage of being homogeneous media; living tissue is not, as described later. The 
laboratory results must be compared to clinical cases for confirmation and this has been 
the ICRC procedure in conjunction with the Armasuisse laboratory in Thun, Switzerland. 


In the real world of clinical practice there are so many variables involved that one cannot be 
predictive; the surgeon cannot say with certainty that such and such a bullet will always result 
in a specific wound. One can however be descriptive and, after a good clinical examination, 
the surgeon can better understand the pathology that he sees, how it was created, and what 
sort of surgical management is required. The type of wound, its anatomic location, and the 
amount of actual tissue disruption are the determinant clinical factors. 


3.4.2 Projectile-tissue interaction 


When a bullet strikes a human body there is a projectile—tissue interaction that 
results in tissue damage, with a reciprocal influence of the tissues on the bullet. This 
interaction depends on a number of factors, which all result in the transfer of kinetic 
energy from the projectile to the tissues. 


This transfer of kinetic energy either compresses, cuts or shears tissues, causing crush, 
laceration or stretch. The local energy transfer, at every point along the bullet track, is more 
important than the total quantity of energy transferred in producing tissue damage. 


A bullet striking a human body demonstrates the same three phases as in the 
laboratory simulants — if the bullet track is long enough. In the laboratory experiments 
with glycerine, the “permanent channel” was defined as what remains of the shooting 
channel at the end of the process and all temporary effects. In biological tissues, the 
“permanent wound cavity” of the shooting channel is the definitive tissue damage 
after all temporary effects have been taken into account. This is the wound channel 
that the surgeon sees and is the final result of the crush and stretch of the tissues.” 


Crush and laceration injury 

A projectile causes physical compression and forcing apart of tissues along the 
shooting channel - crushing and laceration. This is the immediate physical effect of a 
penetrating foreign body; the bullet damages tissues with which it comes into direct 
contact, cutting through tissues as would a knife. This tissue damage is permanent 
and found in the final wound. This is the principal effect caused by low- and medium- 
energy weapons, such as handgun bullets. 





7 Much confusion has been created in surgical literature by authors calling the immediate crush damage of the 
phase 1 narrow shooting channel the “permanent cavity”, as distinct from the “temporary cavity” where stretch 
damage occurs. In this manual, in accordance with the Armasuisse laboratory, the permanent wound cavity is 
the channel that remains at the end of the wounding process and constitutes the sum of crush and stretch injury. 
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At higher energies, when a bullet tumbles or deforms, a larger area of tissue is exposed 
to its effective cross section and suffers crush. The track left behind by crush is not 
equal along its length, but increases with bullet yaw in the tissues. 


Stretch injury 

Tissues have an elastic tensile strength that resists stretching. When a certain limit is 
reached, capillaries are ruptured and contusion of the tissues occurs. Beyond a critical 
limit, the tissues themselves are torn, just as laboratory gelatine shows fracture lines. 
The tissue damage from stretch may be permanent or only temporary. 


Tissue stretch occurs during cavitation, which takes place in all projectile wounds, 
whatever the energy, type or motion of the projectile, and at all points along the 
entire shooting channel. There is even a minor cavitation effect during the phase 1 
narrow channel. 


The volume of the cavity is determined by the amount of energy dissipated and the 
tissue elasticity-resistance. This cavitation stretch performs work on tissues that have 
already been injured by crush, thus adding to the local immediate damage. In low- or 
medium-energy projectiles wounds, it is minimal. 


When a bullet tumbles (or deforms or fragments), the release of kinetic energy is much 
greater and is superimposed on bigger tissue crush; the large phase 2 temporary 
cavity is the result: a momentary massive displacement of tissue in all directions away 
from the track of the bullet. 


As in gelatine, the cavity pulsates: an elastic acceleration followed by a deceleration 
of the surrounding tissues: a shearing action. The near vacuum in the cavity sucks in 
air, contaminants and foreign bodies (textile strands from the clothing, dust, etc.), and 
bacteria, through the entry and any exit wound. 


In high-energy wounds the volume of the temporary cavity can be up to 25 times 
that of the permanent cavity left behind, and anywhere between 10 and 15 times 
the diameter of the bullet. Although this volume is proportional to the kinetic energy 
dissipated, and will affect the amount of tissue damage, other factors related to the 
tissues can be even more important in determining the actual extent of injury. 


3.4.3 Tissue factors 


Resistance to crush, laceration and stretch differs widely among different types of 
tissues and according to anatomic structures. Tissue elasticity and heterogeneity are 
important factors in determining much of the bullet-tissue interaction. 


Tissue elasticity 

Elastic tissues tolerate stretch well, but may still suffer severe crush. The lung and 
skin have excellent tolerance, and leave relatively little residual damage after stretch. 
Skeletal muscle and the empty bowel wall have good tolerance. The brain, liver, spleen, 
and kidney are non-elastic, and shatter when stretched. Fluid-filled organs (heart, full 
bladder, full stomach and intestines) react badly owing to the incompressibility of the 
fluid contents; they may even “explode”. 


Nerves and tendons are mobile and blood vessels elastic; they are usually pushed out 
of the way by the cavitation. 


Cortical bone is dense and rigid and resists stretch. However, if the cavitation 
accelerates a large enough muscle mass with sufficient energy the bone is bent 
beyond its tensile strength and breaks; it may even be shattered violently, especially 
the diaphysis of a long bone. This phenomenon is an example of a fracture without a 
direct hit by a bullet. The same mechanism takes place during fracture from a blunt 
injury, except that the energy transfer bending the bone occurs from the outside. 


Tissue heterogeneity 

Apart from these considerations of tissue elasticity, there is the particular local 
anatomy to consider. A block of gelatine approximates skeletal muscle in its elasticity 
and density, but it is homogeneous. A human limb or the face are a mixture of rigid 
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Figures 3.26.1 and 3.26.2 


Demonstration of boundary effect on the 
temporary cavitation due to a high-energy rifle 
bullet: the apple literally explodes after the 
passage of the bullet. 


72 





and elastic tissues comprising fascial compartments enclosing muscles, tendons and 
ligaments, large blood vessels and nerves, and bones. Not only does each anatomic 
element have a different elastic tensile strength, but the mixture of elements has its 
own interactive properties. The various interactions of projectile, soft-tissue organs 
and bony fragments can become very complicated. 


Bound together and boundaries 

How tightly tissues are bound together, and to nearby structures such as fascia of 
varying thickness, also affects the amount of permanent damage a cavity stretch can 
leave behind. If one side of a structure is fixed and the other side has free movement, a 
shearing force develops. Fascial planes may also serve as channels for the dissipation 
of energy — path of least resistance - to more remote tissues. 


Boundaries limiting the pulsation of a temporary cavity can be very significant. 
They include not only fascia and aponeuroses, but also hollow, fluid-filled organs: 
the brain in the rigid cranium, the heart, the full urinary bladder. An empty stomach 
will be simply transfixed by a stable bullet. The same bullet will cause a full stomach 
to “explode”. 


A graphic laboratory example of boundary effect is found in Figures 3.26.1 and 3.26.2. 
The two pictures show the results with a high-energy bullet cavity. The apple literally 
explodes after passage of the bullet. Note that the cavitation effect always follows the 
passage of the bullet; it is not simultaneous. 


Harold & Esther Edgerton Foundation, courtesy of Palm Press, Inc. 


Clinically, these effects can create apparent paradoxes. For example, a heavy and 
slow bullet can cause a more severe wound in highly elastic tissue, such as lung, 
than a lighter, faster bullet with more kinetic energy. The heavier, slower bullet 
produces more crush. The faster, lighter one uses up more energy in creating the 
temporary cavity, which leaves little residual damage. However, the faster and 
lighter bullet will create more damage in less elastic tissue (liver, brain), which 
cannot accommodate stretch as well. 





3.4.4 Pathological description of the permanent wound cavity 


The permanent cavity of the final wound that the surgeon sees is the result of a 
mixture of crushing, laceration and stretching of the tissues. Most of the damage in 
the majority of ballistic wounds is due to direct crush and laceration. 


A number of macroscopic and microscopic changes occur. Severe vasoconstriction 
blanches the skin around the entry wound for 3 - 4 hours owing to the stretch. This is 
followed by a hyperaemic reaction that lasts up to 72 hours.® 





8 Fackler ML, Breteau DVM et al. Open wound drainage versus wound excision in treating the modern assault rifle 
wound. Surgery 1989; 105: 576 - 584. 





Harold & Esther Edgerton Foundation, courtesy of Palm Press, Inc. 
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In the wound of skeletal muscle itself, three histological zones have been described 
(Figure 3.27).? 


1. Crush zone of the wound channel filled with torn and necrotic tissues: 2 — 4 times 
the diameter of the bullet. 


2. Contusion zone of muscle adjacent to the missile tract: the thickness of this zone 
is variable and averages about 0.5 cm; tissue damage is irregular and uneven. 


3. Concussion zone of variable distance with congestion and extravasation of 
blood: the stretch is not great enough to tear tissues, but sufficient to injure 
capillaries. The demarcation between the contusion and concussion zones is 
not always well defined. 























B. Kneubuehl 
B. Kneubuehl 


Figure 3.27.1 


Figure 3.27.2 Figure 3.27.3 




















These histological changes are more severe with high kinetic-energy transfer — tumbling 
or deformation of the bullet - and do not change notably over 72 hours. The 
tissue damage is irregular along the wound track and how much of the damage is 
irreversible is not immediately apparent. This has obvious consequences for wound 
management and the extent of surgery necessary (see Chapter 10). 


Bacteria are also seen within the permanent cavity. The sucking action of cavitation 
aspirates bacterial flora from outside, and projectiles are not sterile; the heat of firing 
is not high enough for long enough to sterilize the bullet. 


3.4.5 Clinical applications 


The length of the shooting channel in the body, the existence of an exit wound, and 
the characteristics of the particular structures traversed, will all greatly affect the final 
wound caused by a high-energy bullet that the surgeon sees. 


The position of the phase 2 temporary cavity along the wound track is clinically very 
relevant. Figure 3.28 demonstrates the trajectory of an FMJ rifle bullet in a laboratory 
soap block with a simple entry wound and three possible exit wounds. 





Large exit wound 





Small entry wound Small exit wounds 














9 Wang Z, Feng JX, Liu YQ. Pathomorphological observation of gunshot wounds. Acta Chir Scan 1982; 
508: 185 - 189. 


Figure 3.27 


Schematic drawing of histopathological 
changes in the shooting channel: 


3.27.1 geometric shooting channel 
3.27.2 phase of maximum temporary cavitation 
3.27.3 final wound channel 


a: zone of crushed tissues 
b: contusion zone 

c: concussion zone 

d: unaffected tissues 


Figure 3.28 


Exit wounds may occur before, during or after 
cavitation, depending on the length of the 
shooting channel in the body. 


73 





WAR SURGERY 





R. Coupland / ICRC 


The injured body part may not be long enough for temporary cavitation to occur. 
Figures 3.29.1 and 3.29.2 show small entry and exit wounds along the narrow channel 
of phase 1, with little intervening tissue damage. 





R. Coupland / ICRC 


Figure 3.29.1 


Small entry and exit wounds, through-and- 


through injury. 





R. Coupland / ICRC 


Figure 3.29.2 


The radiograph shows a small drill-hole fracture 


of the acromion: phase 1 narrow-channel injury 
only. 


The wound is large when the exit takes place during cavitation (Figures 3.30.1 — 3.30.3). 





Figure 3.30.1 
Gunshot wound to the thigh; the small entry is 
medial and the large exit on the lateral aspect. 


R. Coupland / ICRC 


Figure 3.30.2 

There is a severe 
comminuted fracture 
of the femur and 
fragmentation of the 
bullet. 
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Figure 3.30.3 

The exit occurred during cavitation. The 
fragmentation of the bullet is a tell-tale sign of 
severe tissue damage. Wound Score: Grade 3, 
Type F (see Chapter 4). 


When the small exit wound occurs after cavitation, the intervening damage can be 
severe (Figures 3.31.1 and 3.31.2). 
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Figure 3.31.1 





Small entry and exit wounds with severe 


damage in between. 
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Figure 3.31.2 


The same wound after excision and partial 
healing. 
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With a handgun bullet, the cavitation effects are minimal and the final wound 
channel is almost entirely due to crush whatever the length of the shooting channel 
(Figure 3.32.1 and 3.32.2). 





[| (C/T) a 
Small entry hole 








B. Kneubuehl 


Small exit hole 











Figure 3.32.1 Figure 3.32.2 


Small entry and exit wounds from an FMJ hand- Handgun bullet wound to the thigh. 
gun bullet: demonstration in a soap block. 


The case of bone 

The direct impact of a bullet on bone is different according to where this occurs in the 
shooting channel. Three clinical situations arise, corresponding to the phases of the 
shooting channel. In the first case, the stable bullet of phase 1 causes a small “drill- 
hole” fracture. A small cavitation occurs, and the bone then collapses on itself. The 
final hole is smaller than the calibre of the bullet (Figure 3.29.2). 


In the second case, the bone is broken into multiple fragments owing to a higher 
release of kinetic energy from the larger cross section of the tumbling bullet during 
phase 2 (Figure 3.33). Each bone fragment creates its own local crush damage; the 
muscle is cut up in between the fragments. Afterwards, the temporary cavitation acts 
on this shredded muscle with lowered tensile strength; the cavity is greater and the 
final remaining wound channel is larger. The bone fragments always remain within 
the temporary cavity; they do not produce a new second wound outside the cavity. 
Detached pieces of muscle and the bone fragments are found inside the final wound, 
which is usually very severe. This is of obvious clinical relevance to the management 
of these wounds. 


The damage that occurs to bone during the phase 3 shooting channel depends on 
how much kinetic energy remains in the bullet. If it is a very small amount, the bone 
will stop the bullet without fracturing. 


Ricochet 

As seen in the tissue simulants, a ricochet FMJ bullet creates a wound that resembles 
that of a soft-nosed, dum-dum bullet: early dissipation of energy through crush and 
stretch (Figure 3.34). This phenomenon can be significant for a soldier wearing body 
armour. If the armour is pierced by a bullet, the wound may be more severe than if he 
had not been wearing the protective device. 


Please note: 


People are not injured in the anatomic position. The situation of a muscle group may 
alter with the patient's position so that a track is obscured, lengthened or shortened. 








ICRC 


Figure 3.33 
Severely comminuted fracture of the tibia. 


Impact 
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Figure 3.34 


The wound of a ricochet FMJ bullet resembles 
that of adum-dum bullet. The head of the 
humerus has literally exploded. 
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Figure 3.35 


Bullet fragmentation: a “shower of lead”. 
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Disruption of the bullet and secondary fragments 

At impact velocities above 700 m/s, standard FMJ bullets tend to fragment in tissues 
at short shooting distances (< 30 - 100 m). Some of these fragmented pieces make 
their own track of crushed tissue. Tissue disruption from bullet fragmentation is 
then synergistic: the tissues are multiply perforated by the metallic fragments, thus 
weakening the tissue’s cohesiveness, before being subjected to cavitation stretch. 
The injury is severe. The same phenomenon occurs with shotgun pellets; each pellet 
creates its own crush track. 


Clinically, an X-ray showing a “shower of lead” from a fragmented bullet should alert 
the surgeon to the likelihood of a large transfer of kinetic energy to the tissues and 
consequent severe damage (Figures 3.35, 4.5 and 10.5). 





Other secondary missiles are objects to which the bullet imparts sufficient motion 
through the transfer of kinetic energy. These may include foreign bodies such as a belt 
buckle, a small stone, the metallic contents of a pocket, or the contents of flak jackets 
— or autologous bodies including the teeth, dental fillings or dentures, and bone 
fragments (once an ICRC surgeon found a piece of a shattered mandible embedded 
in a patient’s neck). 


3.4.6 Sonic shock wave in tissues 


A projectile in flight is accompanied by a series of waves propagated at the speed of 
sound (330 m/s in air). When the projectile strikes a person, this sonic wave is propagated 
throughout the body at the speed of sound in tissue (4 times the speed of sound in air). 


This sonic shock wave may have high amplitude but is of very short duration, not 
enough to move or injure tissue. However, researchers have noted microscopic cell 
changes as well as stimulation of peripheral nerves, if the pressure generated reaches 
a certain threshold. The nerve stimulation occurs immediately, while the cell damage 
is apparent only after 6 hours. Occasional, short-lived neurapraxia appears to be the 
only clinically relevant damage. 


3.4.7. Pressure wave in tissues and blood vessels 


This pressure wave is part of the phenomenon of the temporary cavitation and 
should not be confused with the sonic shock wave. The outer boundary of the cavity 
consists of a “front” of compressed tissues, which creates a pressure wave at the 
limit of tissue compression. The wave develops fully only after the cavitation and 
decreases with distance. It is measured in milliseconds (1,000 times longer than 
the shock wave). The pressure wave can thus disrupt capillaries or provoke their 
thrombosis, rupture a full bowel or the liver, and cause retinal detachment and 
fractures, at a distance from the cavity. 


ICRC 
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Additionally, blood vessels contained in tissues are squeezed and emptied 
suddenly with tissue compression. This creates a pressure wave in the column of 
blood that is propagated away from the site of cavitation. The clinical result of this 
pressure wave along the course of a blood vessel can be thrombosis or dissection 
of the intima or muscularis. 


3.4.8 Fragment wounds 


Their non-aerodynamic shape means that fragments rapidly lose speed in air. If 
initial velocities are reported to be up to 2,000 m/s, the impact velocity in survivors 
is usually much lower. If the person is very close to the exploding device, the 
penetration is deep. If very far away, the casualty is only “peppered” superficially 
with multiple fragments. 


Fragments do not tumble in the tissues, as was demonstrated in the tissue 
simulants. Thus, most tissue damage is due to crush. At the end of the trajectory, 
the sharp edges of an irregular fragment will cut tissues. By contrast, a bullet 
tends to push aside tissues at the end of its track. The wound profile resembles a 
cone of tissue destruction, with the largest diameter at the entry since most energy 
is dissipated at the surface. The diameter of the entry wound can be anywhere 
between 2 and 10 times the calibre of the fragment, depending on the impact 
velocity, mass and shape (Figures 3.36.1 - 3.36.3). 


Large, slow fragments penetrate and crush tissues more; small, fast ones result in 
more stretch. This means that a large and slow fragment tends to cause the same 
type of wound whatever the tissues, while the wounds of small and fast fragments 
vary according to tissue elasticity. Nonetheless, in all fragment wounds the extent 
of tissue damage is always larger than the fragment. 











Figure 3.36.1 
Soap block demonstration of fragment injury. 


Wound channel: pathological description 

The sharp and irregular surfaces of fragments carry pieces of skin and clothing 
material into the wounds. As with gunshot wounds, fragment wounds show 
different zones of tissue injury. The cavity contains necrotic tissues surrounded 
by a zone of muscle fibre fragmentation with haemorrhage both within and 
between fibres, further surrounded by a region of acute inflammatory changes 
and oedema. 


The uneven distribution of tissue damage in the concussion and contusion zones 
has been described as “jumping” or a “mosaic”.’° This is probably because energy 
has been transferred both along (crush effect) and across (shear and stretch 
effect) muscle fibres. 





10 Wang ZG, Tang GG, Chen XY, Shi TZ. Early pathomorphologic characteristics of the wound track caused by 
fragments. J Trauma 1988; 28 (1Suppl.): S89 - S95. 
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Figures 3.36.2 and 3.36.3 
Fragment wound with entry larger than exit. 
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Roselli et a/.: Smart Surfaces: Large Area Electronics Systems for Internet of Things Enabled by Energy Harvesting 


Squeegee 


Screen 


2) 
Printed pattern 


Substrate 





Fig. 5. Screen printing technique. The squeegee is used to press the screen with impressed pattern and transfer it on top of the substrate. 





metal laminate structure is superior compared to that of 
the inkjet printed line. At 10 GHz, the measured specific 
losses for the metal laminate microstrip are about 0.6 dB/ 
cm [11]. Results at higher frequencies are also reported in 
[31]; in particular, an insertion loss of about 1.8 dBm/cm at 
30 GHz is demonstrated. 

The tradeoff is the adoption of a photolithographic 
step; it is worth mentioning, however, that the process is 
still compatible with R2R implementation. 

Other possibilities for LAE are the screen printing [12] 
and the gravure printing [12], both of them adaptable to 
R2R industrialization techniques. 

Screen printing consists of dragging a layer of ink 
across the surface of a screen and squeezing it through the 
open pores of the patterned mesh onto the substrate 
(Fig. 5). In general, the thickness of the printed layer and 
the achievable resolution depend on the density of the 
mesh and on the ink properties. Usually, the ink viscosity 
is in a range of 1-50 Pa x s, and this allows for printing 
with a resolution of about 100 jum and a thickness up to 
100 ym. Until now screen printing has been adopted to 
realize low-resistance structures, solar cells, and field 
effect transistors (FETs), exploiting the possibility of 
printing very thick layers. 

Gravure printing, also known as rotogravure, is consid- 
ered a very high volume printing (Fig. 6) process, and it is 
being adopted to produce very conductive structures as, for 
example, capacitors, antennas, and organic devices such as 
pentacene-based diodes, organic light-emitting diodes 
(OLEDs), organic field effect transistors (OFETs), and 
organic thin film transistors (OTFTs). 

The resolution can be of about 20 zm. The method is 
implemented by engraving the patterns into a metallic 
cylinder by a laser, by chemical etching, or electrome- 
chanically (as separate cells or intaglio trenches). Typi- 
cally, the print pressure is high (1-5 MPa) in order to 
achieve a good ink transfer and to reduce the percentage of 
unprinted dots caused by the surface roughness of the 
flexible substrate. However, this high pressure of printing 
makes this technique suitable only for robust substrates 
with no soft, previously printed, layers that could be 
damaged. 


Vol. 102, No. 11, November 2014 | PROCEEDINGS OF THE IEEE 


To summarize, the technologies described in this sec- 
tion are characterized by some common features, such as: 
flexibility and conformability, compatibility with large 
area realization of circuits and interconnections, use of 
additive or mixed (subtractive/additive) deposition tech- 
niques, easy use of eco-friendly materials and, in some 
cases, compatibility with classical bond wiring as well as 
soldering techniques for electronic device placement. 

Table 1 summarizes the main features of the described 
technologies. 


III. RFID: A MIX OF 
CONCURRENT TECHNOLOGIES 
FOR SS IMPLEMENTATION 


As mentioned in the outline paragraph at the end of the 
Introduction, after describing the technologies enabling SS 
development (Section II), here we illustrate RFID as a 
suitable means to transfer information through EM trans- 
mission between tags and readers to the Internet. 

An RFID tag has a unique identification code and a 
memory used to store information, while the reader can 









Printing Cylinder 


Substrate 


Pattern Cylinder 


Fig. 6. Gravure printing process. Note that these machines 
can be from 20 cm to 3 m wide with a diameter ranging from 
5cmto5m. 
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3.5 Wound dynamics and the patient 


The wound has a life history, from injury to complete healing. As we have seen, 
tissue damage depends on a number of physical factors. However, the physical 
effects of energy transfer do not tell us all the pathological and physiological 
consequences of the act of wounding. 


The tissues in and around the wound undergo reversible and irreversible 
pathological changes, as well as inflammatory reactions. It can be extremely 
difficult to diagnose injured tissue that will heal from that which is nonviable and 
will not heal (see Chapter 10). 





The most valuable information gained from this discussion is that small missiles 
may cause small and minor wounds, or large and serious wounds; and a small 
entry wound can be associated with large internal damage. Nothing can replace 
a good clinical examination of the patient and the wound. The extent of the 
crush and stretch is well represented by the grades of the Red Cross Wound Score 
(see Chapter 4). 


The injurious effects on the patient, however, involve even more than the 
local pathology. As with all trauma and many diseases, the physiological and 
psychological state of the victim must be taken into consideration as well. Fit young 
military personnel, well-trained for their role in warfare and mentally prepared for 
being wounded, and wounding and killing others, are not the same as civilians. 
Psychological status cannot be calculated by ballistics. Only these factors can explain 
the many anecdotes of a person being shot — even several times — and yet continuing 
to advance or fight in combat. 
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4.1 Applications of the RCWS and classification system 


Surgeons from civilian practice usually have no previous experience of managing 
war wounds. Even experienced surgeons often do not find it possible to tell the true 
extent of tissue damage. As noted in Chapter 3, ballistics studies show that there is 
not a uniform pattern or degree of wounding. Preparation for war surgery involves an 
understanding of the translation of the kinetic energy of a wounding projectile into 
tissue damage, i.e. the actual wounds that the surgeon must deal with. 


The severity of such wounds depends on the degree of tissue damage and the 
structure(s) that may have been injured: thus, the clinical significance of a wound 
depends on its size and site. The Red Cross Wound Score (RCWS) and classification 
system! is based on the features of the wound itself, and not on the weaponry or the 
presumed velocity or kinetic energy of the missile. 


Any wound classification system will aid the surgeon if it helps to assess the severity 
of the injury, influences surgical management, predicts outcome, and provides for an 
accurate database that can be used in comparative studies. The RCWS goes a fair way 
to fulfilling these criteria. 


4.1.1 Assessment of and communication about war wounds 
in a standardized scheme 


The Wound Score is a useful clinical tool to communicate the severity of the wound to 
staff and colleagues without having to remove the dressings. It is also an element to 
take into consideration for the purposes of triage. 


4.1.2 Establishing a scientific approach to war surgery 


The RCWS permits comparison of treatments and prognoses of similar wounds. An 
analogy can be made with the TNM (tumour, node, metastasis) staging of different 
cancers, allowing comparison of treatment regimes for a similar pathology. In the 
case of a gunshot wound to the thigh, treatment and prognosis will differ according 
to the amount of tissue damage, degree of bone comminution and whether there is 
injury to the femoral vessels. Other wound scoring systems are primarily devised for 
blunt trauma. The presence of a penetrating wound in these systems often indicates a 
“serious” wound, with little further nuance. 


4.1.3. Surgical and hospital audit 


Wound Scores can be used to evaluate quality of care when combined with information 
on length of hospital stay, number of operations performed per patient or units of 
blood used, morbidity and mortality. An example relating to the adequacy of primary 
wound surgery is the number and cause of deaths associated with non-vital wounds, 
or the number of operations performed per patient for each Wound Grade. 


4.1.4 Wound information from the field 


ICRC surgical teams treat thousands of war-wounded every year. Analysis of a 
larger number of scored wounds will eventually clarify the relationship between 
experimental laboratory wound ballistics and the clinical management of war 
wounds. Worthy of note is the fact that information gained in the field served as a 
scientific basis for the campaign to ban anti-personnel landmines, thus promoting 
new standards in international humanitarian law. 





1 This chapter is largely based on the brochure The Red Cross Wound Classification, Revised Edition, by 
Dr R. M. Coupland. The ICRC Master Surgeons Workshop held in Geneva in 2002 revised the original Wound 
Score (see Introduction). 
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Figure 4.1 


The width of two fingers is approximately the 
length of a military rifle bullet. 


Figure 4.2.1 
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Gunshot wound: F1 fracture of the ulna. 
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Figure 4.2.2 
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Gunshot wound: F2 fracture of the femur. 
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Figure 4.2.3 
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Gunshot wound: F 1 fracture (clinically 
insignificant comminution) of the fibula. 


4.2 


Principles of the Red Cross Wound Score 


Wounds are given a six-figure Score according to several parameters. The Scores can 
then be translated into a classification system: 

+ grading of the wound according to the severity of tissue injury and 
+ typing of the wound according to the tissue structures injured. 


The RCWS is intended for quick and easy use in the field, its simplicity especially 
useful under conditions of stress. It is a simple clinical system that requires no extra 
equipment or sophisticated procedures. The time required for scoring wounds can be 
measured in seconds. 





E 


entry wound in centimetres 








exit wound in centimetres 
(X =0 if no exit wound) 








cavity 


Can the cavity of the wound take two fingers before surgical excision? 





C0=no 





C1=yes 








fracture 


Are any bones fractured? 





FO=No fracture 





F 1 = Simple fracture, hole or insignificant comminution 





F 2 =Ciinically significant comminution 








vital structure 


Are dura, pleura, peritoneum, or major peripheral vessels injured? 





V0 =no vital structure injured 





V N= (neurological) penetration of the dura of the brain or spinal cord 





VT = (thorax or trachea) penetration of the pleura or of the larynx/ 
trachea in the neck 





V A= (abdomen) penetration of the peritoneum 





YH = (haemorrhage) injury to a major peripheral blood vessel down to 
brachial or popliteal arteries, or carotid artery in the neck 








metallic body 


Are bullets or fragments visible on X-ray? 





M0=no 





M1=yes, one metallic body 














M2=yes, multiple metallic bodies 





Table 4.1 Parameters of Wound Score. 


























E (entry) centimetres 

X (exit) centimetres 

C (cavity) €0,C1 

F (fracture) FO,F1,F2 

V (vital structure) V0, VN, VT, VA, VH 
M (metallic bodies) MO,M1,M2 





Table 4.2 Total scheme of Wound Score. 











RED CROSS WOUND SCORE 





Wounds are scored on the patient’s admission form after operation or after initial 
examination if there is no surgery. 
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Figure 4.3 


Example of Wound Scores. 

a. Simple bullet track. 

b. Track produced by bullet with temporary 
cavitation at exit. 

c. Simple track with involvement of a vital 
structure (artery). 

d. Low-energy transfer wound with simple 
fracture. 

e. High-energy transfer wound by fragment 
with comminuted fracture. 


Figure 4.4 


Further example of Wound Scores. 

a. Through-and-through bullet wound of soft 
tissue with central cavitation. 

b. Through-and-through bullet wound with 


central cavitation and comminuted fracture. 


c. High-energy transfer bullet wound with 
cavitation and comminuted fracture. 
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4.2.1 Examples 


The following two sketches (Figures 4.3 and 4.4) present various wounds due to 
weapons, and their assessment according to the ICRC’s wound scoring system. 














ICRC 


























RED CROSS WOUND SCORE 





4.2.2 Notes on wound scoring 


1. 


10. 


11 


When it is impossible to differentiate between the entry and the exit 
wounds, put a (?) between the E and X Scores. 


. With multiple wounds, only the two most serious are scored. 


If a wound cannot be scored (unclassifiable), U/C is written on the Score. 
This applies to a minority of wounds. 


When one missile causes two separate wounds (e.g. through the arm and 
into the chest), the 2 separate Scores are joined by a bracket. 


Include penetrating wounds only, not superficial tangential skin wounds; 
e.g. skin wound 20 cm long and 1 cm wide but without penetration deep to 
the fascia. 


Estimation of the cavity: the width of two fingers is approximately the length 
of a bullet from a military assault rifle (Figure 4.1). If the permanent cavity of 
a wound admits two fingers before surgical excision, then something other 
than crush by a bullet travelling sidelong must have taken place, i.e. stretch 
and laceration by cavitation. A C1 wound is likely to present significant tissue 
damage whatever the cause. 


Fracture severity: it is inevitable that some wounds fall between F1 and F2, 
but for simplicity this is not accurately defined here. A further refinement is 
given in Volume 2. An example of a clinically insignificant comminution (F1) 
is a wound with a comminuted fibula but with an intact tibia (Figure 4.2.3). 


A vital injury implies a more dangerous wound involving a surgical task in 
addition to simple wound management (e.g. craniotomy, pleural drainage 
or thoracotomy, laparotomy). VH includes the popliteal and brachial vessels 
but not those more distal. The outcome of injuries to the head, thorax 

or abdomen, or causing massive peripheral haemorrhage, is only partly 
determined by the clinical size of the wounds as determined by the RCWS 
(see below). 


Metallic fragments: note the difference between an intact bullet (M1) and 

a fragmented bullet (M2), as shown in Figure 4.5. If the full metal jacket of a 
bullet has been disrupted and the lead interior has leaked out as fragments, 
this indicates a severe stress on the bullet and a large transfer of kinetic 
energy to the tissues (Figures 3.35 and 10.5). 


Note also the difference between multiple metallic fragments from a 
grenade or shell (Figure 4.6) - which are common and do not necessarily 
represent a large transfer of kinetic energy — and a disrupted and 
fragmented bullet, which does. If there are numerous metallic fragments, 
do not count them; only mark M = 2. 


If X-rays are not available the RCWS is still valid. The F Score is judged 
clinically and the M parameter omitted, or included if fragments are found 
during surgical excision. X-rays should not be performed just to fill in the M 
and F Scores. 


. Traumatic amputation of limb (Figure 4.7): this injury is often seen with 


anti-personnel blast mines. The open end of the amputated limb equals 

a combined entry-exit, whose diameter represents the sum of E+X. It is 
equivalent to a cavity (C = 1), while the vaporized missing part of the limb 
qualifies as a severe fracture (F = 2). The level of traumatic amputation 
(above or below the knee or elbow) will determine if the Vital structure 
Score is 0 or H. 











ICRC 


Figure 4.5 
Disrupted and fragmented bullet: M2. 


ICRC 


Figure 4.6 
Multiple shell fragments: M2. 


K. Barrand / ICRC 


Figure 4.7 


Traumatic amputation of the forearm. 
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Table 1 Technologies Comparison 





Technology | Resolution 
Inkjet 50 zm Low 
W 


100 um 





write or read data on and from the tag through RF trans- 
missions. The tag is usually attached to an object that 
needs to be identified and monitored, or contains infor- 
mation to be read. In typical RFID applications [32], the 
main goal is to provide mapping of physical objects that are 
equipped with an RFID tag attached or embedded. In this 
way, RFID technology inherently leads to identifying, 
tracking, and localizing, but it can also enable the storage 
and transmission of information regarding object status 
and surrounding environments by embedding sensing 
capabilities. 

As mentioned previously, IoT is most commonly de- 
scribed as a structured system of technologies concurrently 
working to capture meaningful data from objects and com- 
municate them through networks to a decision-taking level. 
Useful keywords, whenever a definition of IoT is given, 
include: smart objects, autonomous logistics, machine-to- 
machine communication, RF technologies, centralized in- 
formation, and so on. 

In order to implement these functionalities, an IoT 
platform, an SS for instance, has to provide at least unique 
object identification together with wireless communica- 
tion for data management. 

The IoT physical layer can thus be naturally thought of 
as meshes of RFID and sensor nodes. The RFID tag that 
embeds a sensor can use the same working principles and 
protocols of the conventional RFID tags; a differentiation 
can be made, considering the way sensor tags are powered 
up, in active, semipassive, and passive tags; actually, the 
difference consists of the way they are powered. 

Active tag sensors may use customarily conceived com- 
munication protocols or rely on RFID standards enabling 
the tag to be easily integrated into the existing wireless 
infrastructures so that they will not require expensive 
readers. In [33], a system architecture was developed to 
integrate WSNs and the RFID systems. Bluetooth and 
ZigBee technologies are adopted as the communication 
protocol of WSNs to meet the requirements of a large 
number of sensor nodes, large areas, and low cost. 

Active tags with integrated sensors are used in several 
applications, including temperature and position monitor- 
ing, vibration detection, blood pressure, heart beat moni- 
toring, and more. This type of sensor tags, besides having 
larger amount of energy provided by batteries, affords both 
a large range and multiple functionalities; some of them 
have also external buses that enable the use of connected 
external sensors [34]. 


Passive tags with an integrated sensor operate without 
battery, collecting the needed operational energy from ex- 
ternal environment sources. The main requirements of 
this class are high energy conversion efficiency, large stor- 
age capability, and overall low-power consumption. Pas- 
sive systems have usually low operating range and limited 
processing capability. 

In this field, research activities are directed toward 
ultralow-power design of integrated sensor tags [35], an- 
tenna design for improving reading range [36], sensor 
overall performance optimization [37], and development 
of optimum protocols allowing for additional power saving 
[38], [39]. 

Typical applications are, for instance, temperature 
monitoring [40], photodetection [41], motion detections 
[42], etc. 

Semipassive tags use both batteries and energy sources 
coming from the environment; they can integrate more 
operational capabilities than the passive ones, since they 
can exploit a higher amount of energy. For the same reason, 
semipassive RFID tags are more suitable to integrate a 
sensor; the operational methodology is similar to the pas- 
sive one, using the reader signal to interrogate and cause a 
response from the tag. The primary difference is that the 
semipassive tag does have a battery used not to generate a 
response, but only to power electronics, like sensors in- 
corporated in the tag, while exploiting RF circulation to 
reply to the reader interrogation. Just like passive tags, 
semipassive ones are limited in terms of slow reading 
speeds and short reading distances. In [43], the design, 
realization, and experimental validation of a battery- 
assisted RFID tag with sensing and computing capabilities, 
conceived to explore heterogeneous RFID-based sensor 
network applications, was presented. 

Dealing with battery-less devices that are, by far, the 
most interesting ones for IoT, LAE, and SS applications, we 
can now focus on the typical energy sources adopted. No 
battery devices can exploit solar scavenging [44], [45], 
vibrational [46], [47], or RF radiations [48]-[52]. 

In many cases, wirelessly powered systems can harvest 
energy from the incident RF waves, thus generating the 
required direct current (dc) voltage to power the system. 
The EM energy present in the environment may be signi- 
ficant in some regions (some urban areas or indoor sites); 
here the use of proper conversion devices may allow 
enough energy to be scavenged. RF power harvesters 
usually consist of an antenna, an impedance transformation 
network, a rectifier, and a storage element. In [53], a design 
example of integrated rectifier antennas (rectennas) for 
wireless powering at low incident power densities, from 
25 to 200 pWicm?, is given. 

Regarding mechanical energy scavengers, they may be 
categorized upon the kind of energy source exploited; 
there are scavengers providing energy from a constant 
motion over extended periods of time (e.g., turbine air 
flow) or others based on intermittent motion (e.g., human 
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4.3. Grading and typing of wounds 


Once scored, the wound can be graded according to severity (E, X, C and F), and typed 
according to tissue type (F and V). 


4.3.1 Wound Grade according to amount of tissue damage 
The wound should be graded according to severity. 


Grade 1 
E+ X is less than 10 cm with Scores CO and F OorF 1. 
(Low energy transfer.) 


Grade 2 
E+ X is less than 10 cm with Scores C 1 or F 2. 
(High energy transfer.) 


Grade 3 


E+Xis 10cm or more, with C 1 or F 2. 
(Massive energy transfer.) 


These Grades represent the outcome of a simple clinical assessment that corresponds 
to the effective transfer of kinetic energy of projectiles to body tissues. Large wounds 
are more serious and require greater resources; this is particularly true of wounds to 
the limbs. 


4.3.2. Typing wounds according to the injured tissues 


Once scored, the wound can be typed according to tissue structures. 


Type ST 
Soft-tissue wounds: F 0 and V 0. 


Type F 
Wounds with fractures: F1 or F 2, and V 0. 


TypeV 
Vital wounds putting the patient's life at risk: FO and V=N,T, AorH. 


Type VF 
Wounds with fractures and involving vital structures putting life or limb at risk: F 1 or 
F2andV=N,T,AorH. 


4.4 Wound classification 


Combining Grades and Types gives rise to a classification system divided into 
12 categories. 





Table 4.3 Grade and tissue Type categories. 





RED CROSS WOUND SCORE 





These categories help determine surgical management for a number of wounds, 
though by no means all (see Chapters 10 and 12). 


Further refinement of the fracture type is possible, especially for assessing the extent 
of bone defect. This can be useful in a specialized study of war wounds with fractures 
(see Volume 2). 


4.5 Clinical examples 


Epidemiological studies from the ICRC surgical database of over 32,000 patients have 
shown that the Red Cross Wound Score gives excellent prognostic results for surgical 
workload and morbidity due to war wounds. As demonstrated in the statistical 
analysis in Chapter 5, the Wound Grade is highly relevant to the number of operations 
per patient. This is particularly the case for wounds to the extremities. Vital Wound 
Scores to the extremities (V = H) also give good measures for mortality and the 
amputation rate. 


One of the avowed weaknesses of the Classification concerns the prognostic mortality 
of vital central wounds. It is in the anatomic nature of the brain, heart and great vessels 
that even a very small wound from a projectile with low kinetic energy can be lethal if 
a vital centre is injured. The RCWS does classify such wounds as “potentially” lethal; that 
is why, by definition, they are categorized as “vital” injuries. However, a Grade 1 wound 
can be just as lethal as a Grade 3 wound depending on what particular structure is hit: 
medulla oblongata or temporal cortex; lung parenchyma or ascending aorta. 


What is certain is that for most Grade 3 wounds to the head, thorax and abdomen, pre- 
hospital mortality is bound to be high. Without autopsies of those killed in action (KIA), 
analysis can only be made of the relatively few “survivors” who reach hospital; for them, 
wound Grade is not significant with respect to mortality (Tables 4.4 — 4.6). 


Thus, the outcome of injuries to the head, thorax and abdomen are not only, nor 
even mainly, determined by the clinical size of the wound as defined by the RCWS. 
The various factors affecting the mortality from vital wounds; e.g. for the abdomen, 
number of organs injured, degree of faecal contamination, intraoperative blood loss, 
delay in operative treatment, etc., will be discussed in Volume 2. 



























































Table 4.6 Mortality from abdominal injuries (VA) : N = 195. (ICRC Kabul, 1990-92) 


Nonetheless, as explained in Chapter 5, a distinction should be made in patient databases 
between superficial and penetrating wounds to the head, thorax and abdomen to allow 
for a better analysis of results of treatment. Using the RCWS enables this. 
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Figure 4.8.1 Figure 4.8.2 


Two fragment wounds to the thigh. The surgeon Both wounds are Type ST. The smaller wound is 


is assessing the larger wound cavity. Grade 1, and the larger Grade 2. 





R. Coupland / ICRC 
R. Coupland / ICRC 


# 


Figure 4.9.1 Figure 4.9.2 


Through-and-through gunshot wound to the 


There is a small fracture above the lateral condyle. 
knee. 





R. Coupland / ICRC 





Figure 4.9.3 


The popliteal artery has been injured. 


R. Coupland / ICRC 
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Figure 4.9.4 





The wound is Type V(H)F, Grade 1. 
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Figure 4.10.1 Figure 4.10.2 Figure 4.10.3 


Gunshot wound to the abdomen. The bullet is lodged in the scrotum. There is a 


This is a Grade 2 wound, Type V(A)F. 
small fracture of the right pubic bone. 
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Figure 4.11.2 


This is a Grade 2, Type ST wound. 





R. Coupland / ICRC 


Figure 4.11.1 


A bullet has grazed the left buttock and then 
entered the right buttock at the anal cleft. The 
exit is located laterally. 
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R. Coupland / ICRC 





Figure 4.12.1 Figure 4.12.2 
Fragment wound to the head with entry right The cone of tissue destruction extends to the 
parietal. Note the severe linear fractures. occipital lobe. Grade 2, Type V(N)F. 


4.6 Conclusions 


The Red Cross Wound Score enables medical staff to translate war wounds into surgical 
lesions rather than weaponry phenomena. It refines the heterogeneity of wounds and 
helps define them according to their clinical significance, and it is a good indicator of 
tissue damage due to the transfer of kinetic energy in penetrating wounds. 


The limitations of the scoring system are recognized; complete accuracy cannot 
be obtained. It should be emphasized that the RCWS is for rapid use under 
adverse conditions, including extreme stress, and uses no additional equipment or 
sophisticated technology. The simplicity and advantages of the RCWS outweigh 
any disadvantages that may occasionally be introduced by observer error. As with 
any classification system, the more experience gained in using the RCWS, the more 
accurate the results and the fewer the observer errors. 


Chapter 5 

THE EPIDEMIOLOGY 
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THE EPIDEMIOLOGY OF THE VICTIMS OF WAR 


Introduction: purpose and objectives 
The reader and this manual 


Public health effects of armed conflict 
Historical perspective 

The public heath effects of social disruption 
The burden of war-wounded civilians 
Methodology 


Epidemiology for the war surgeon 
Preparation of the surgeon 

Preparation of the institution 

Surgical audit: monitoring 

The surgeon and IHL 

The surgeon and the specialized literature 


General questions of methodology 

Large and small numbers 

Problems of data collection 

Important first questions: who is counting whom? 
Some definitions: the wounded and the dead 
Clinical and operational consequences and IHL 


Aetiology of injury 

Warfare scenarios 

Definitions of weapon-systems: methodology 
ICRC statistics 


Anatomic distribution of wounds 
Body exposure 

Definitions and methodology 
Historical results 

ICRC results 

Primary tissue injury 


Fatal injuries 

Site 

Trimodal distribution of trauma mortality 
Ratio of dead to survivors 

Lethality of weapons 

Conclusions of clinical relevance 


The lethality of context: delay to treatment 

Historical developments 

Forward projection of resources 

Urban warfare: hospitals on front lines 

The paradox of early treatment: changing mortality ratios and rates 


Hospital mortality 

Historical considerations 

Hospital mortality versus post-operative mortality 
ICRC hospital mortality 


ICRC statistical analysis of hospital workload 

Surgical audit: methodology 

Number of operations per patient: all patients 

Number of operations according to delay in evacuation 
Number of operations according to Wound Grade 


Number of operations according to Wound Grade and delay in evacuation 


Number of operations according to weapon 


Conclusions: lessons to be gained from a study of epidemiology 


Setting up a surgical database for the war-wounded 


ANNEX 5.A ICRC surgical database 


ANNEX 5.B_ Setting up a surgical database for the war-wounded 
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EPIDEMIOLOGY 





5.1 _ Introduction: purpose and objectives 


Epidemiological studies are standard practice in medicine. Doctors need to 
understand the characteristics of their patient population and the relationships 
between particular circumstances and the outcome of treatment. These elements 
help to establish the high risk factors. 


As regards the victims of war, the total effects of conflict must be analysed, the impact 
on civilian populations as well as the military, the direct effects of war trauma and 
the indirect public health consequences. These help the ICRC and other organizations 
determine their response in terms of assistance (see Chapter 2). 


5.1.1. Thereader and this manual 


Most readers of this manual will be civilian surgeons who are unacquainted with 
the practice of war surgery and its literature. Even among military surgeons many 
may have only a superficial acquaintance with these topics. This chapter on the 
epidemiology of victims of war presents a certain approach to the understanding of 
the many factors involved in patient care and outcome. 


First the public health repercussions of armed conflict will be dealt with briefly, 
then the purely surgical aspects will be addressed in more detail. Questions 
of general methodology and definitions will begin the surgical study, and will 
be followed by a presentation of historical and ICRC experience and results. 
Relevant clinical conclusions will be emphasized throughout, as will recurring 
problems of methodology. 


For the purpose of this discussion the authors refer directly only to the ICRC’s 
experience in armed conflict and the importance of epidemiological studies in 
determining ICRC surgical activities. In addition, reference is made to the statistics 
in standard and well-accepted scholarly books and journal articles for historical 
results that have come to influence clinical practice (see Selected bibliography). 


5.2 Public health effects of armed conflict 


5.2.1 Historical perspective 


It is commonly said that contemporary warfare causes more civilian victims than 
military, and that the public health effects are greater than those caused by trauma. 
In all major conflicts over the last one hundred years, with few exceptions (World 
War |), civilians have become a direct target and accounted for one-half to two- 
thirds of the casualties. 





The heavy civilian toll in contemporary conflicts is therefore not new. Nevertheless, 
in certain recent conflicts - whether revolutionary wars of national liberation, civil 
wars, territorial and border disputes, or peasant uprisings — the destabilization of 
political, social, and economic infrastructures, the destruction of cultural symbols 
and institutions, and the psychological terrorizing of civilians have become explicit 
political and military goals. A number of reports have indicated that the indirect 
effects of social disruption have caused two to fifteen times more civilian deaths 





1 Odling-Smee GW. Ibo civilian casualties in the Nigerian civil war. BMJ 1970; 2: 592 - 596. 
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needs, e.g. treatment facilities 
of war wounds 
Figure 5.1 


Victims’ needs and available services during 
armed conflict. 
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than war wounds have, and, in some cases, civilians may account for up to 90% of 
the victims. 





5.2.2. The public heath effects of social disruption 


Social disruption includes population displacement — either internal or refugee - 
pauperization, the breakdown of nutrition and sanitary conditions, the lack of safe 
drinking water, and the disorganization of medical systems (Table 5.1). 


Death Economic pressures and disruption 

Reduced food production and distribution 

Family disruption (orphans, abandoned children) 
Refugees 

Psychological stress 

Disruption of health programmes _| Effects on housing, water supply, and sewage disposal 
Psychological stress Economic pressures on those caring for the war-disabled 
IlIness Environmental (landmines, deforestation) 





Disability 





Destruction of health services 























Table 5.1 Effects of political violence on health and health systems.” 


Pathologies and the pathology of the health system 

Complex emergencies during armed conflict in poor countries tend to cause death 
by endemic communicable disease and malnutrition. In more developed countries, 
increased mortality rates due to trauma and chronic disease dominate. The lack of 
access to care, either because of poverty, the disorganization of the medical system, 
or for reasons of security, aggravates the problems. 


To pre-conflict poverty and fragile health services are added the problems of the 
collapse of medical supply and distribution, the targeting of hospitals and clinics in 
violation of medical neutrality, and the neglect or abandonment of preventive health 
programmes. In addition, health professionals are often amongst the first people to 
flee a conflict zone. Having to provide for war trauma also means a greater investment 
in curative services to the disadvantage of the preventive. The entire health system 
becomes organized around the conflict and there is an imbalance between the needs 
of victims and the available public health services (Figure 5.1). 


Moreover, all too often, increased military spending in a country at war is to the 
detriment of social and health investments. Another recent development is the 
creation of a war economy controlled by criminalized military networks. The 
extraction of diamonds and other precious stones, oil, timber, and various minerals, 
the trafficking of narcotics, and sheer banditry, take a further and severe social toll. 


A public health approach shows the full range of the humanitarian consequences 
of the use of anti-personnel landmines, especially during the post-conflict period. In 
addition to death and disability, there are the long-term socio-economic effects of 
disrupted economic activity through the loss of farmland, livestock, water resources, 
and industrial capacity because of the presence of landmines. 





2  ZwiA, Ugalde A. Towards an epidemiology of political violence in the third world. Soc Sci Med 1989: 28: 633 - 
642. Cited in Lautze S, et al., 2004. 


3 From Perrin P. War and Public Health: A Handbook. Geneva: ICRC; 1996. 
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Landmines and other UXO (unexploded ordnance) are not the only weapons left over 
after war. Demobilized combatants with guns are not often successfully reintegrated 
into social and economic life: criminal violence replaces political violence; peace 
combined with high criminality offers little respite from war. And the social and 
economic costs continue to cast a shadow over everyday life. 


In addition, one must count the social costs of deliberate physical, psychological, 
and sexual abuse as methods of warfare. Torture and rape have profound and 
long-term consequences. 


Public health effects on the military 

Even among classical armies of industrialized countries, disease caused more deaths 
than combat until World War Il. Mortality does not tell the whole story, however. 
Serious disease continues to affect modern armies, still accounting for high rates of 
non-availability of personnel for military duty. Of course, certain natural environments 
(jungle, high mountains) increase the incidence of non-battle pathology. 


5.2.3. The burden of war-wounded civilians 


Although trauma may account for only a small number of all war-related deaths in a 
given civilian population, the relative proportions of mortality and morbidity due to 
disease and trauma vary over time and between different war zones; refugee camps 
are different again. 


In some conflicts, the burden of war trauma is greater than the public health 
consequences. This was the case in the wars in the former Yugoslavia (1991 — 99) in 
Lebanon (1975 - 90), and Rwanda (1994), among others. One must also take into 
consideration the relatively small population of certain countries; a limited number of 
deaths may represent a proportionately high death toll. 





The type of combat may place civilians at greater risk and war casualties may 
overwhelm civilian medical services, even in situations where the public health 
effects are greater than the direct effects of trauma (Biafra 1967 - 70, Uganda 1987, 
Democratic Republic of the Congo since 1997 to the time of writing). 


Mortality data, however, do not reflect the extent and severity of war injuries. 
Morbidity and disability rates due to injuries are testimony to the long-term socio- 
economic burdens. 


Demographics of the victims 

Historical military casualty statistics concern young, fit and healthy men. In the past, 
women were not close to combat in most classical armies; more recently, however, 
various revolutionary guerrilla groups have had female combatants. 


When a civilian population finds itself in the midst of war, the demographic profile of 
casualties is closer to its population pyramid. This has clinical consequences for the 
treatment of endemic diseases and chronic pathologies among the wounded. 
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Figure 5.2 


The number of wounded and dead by direct 
trauma may at times far exceed the effects on 
public health. 
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step). Particular attention is given to vibrational energy 
sources; in this case, the amount of energy that can be 
harvested depends mainly on the vibration amplitude and 
frequency and on the vibrating mass (mass of the harvest- 
ing device) [54]-[56]. 

In order to power the systems by using energy sources 
available in the working environment, proper energy 
transducers thus have to be chosen. Focusing on distrib- 
uted systems (IoT, LAE, and SS), it is worth referring to 
typical parameters for optimum transducer design since, in 
these applications, the different kinds of energy available 
in the various scenarios may lead to the need of integrating 
more than one energy conversion system into the same 
device, in order to take advantage of all the accessible 
energies. The main design parameters are the available 
power output, the electrical impedance, and the operating 
voltage. Table 2 summarizes them for the most common 
energy transductions [57], [58]. 

To conclude this section, the mentioned reasons why 
RFID can be considered a useful technology for the imple- 
mentation and development of LAE and, more specifically 
for SSs, are summarized. RFID systems, especially in the 
passive version of tags, are communication systems charac- 
terized by the following characteristics: compatibility with 
very low-power communication protocols, compatibility 
with the constrains posed by the hosting objects, especially 
when they are implemented by adopting the technologies 
described in Section II, inherent capability to gather infor- 
mation from the environment (sensor tags) and from the 
hosting objects, a low number of electronic devices (inher- 
ent circuital simplicity) and, finally, proven compatibility 
with printing technologies. 

For all these reasons, RFID technology has to be con- 
sidered the leading one to pursue the development of LAE 
and SSs as a communication platform for the evolution 
of IoT. 


IV. ANTENNA DESIGN FOR NODES 


Distributed systems for ubiquitous electronics (UE) and 
WSNs [59], [60] are, today, increasingly employed for mo- 
nitoring and sensing applications. These systems can be 
seen as networks of nodes, massively distributed in the 
environment and communicating wirelessly with a base 
station. This massive deployment can be designed and 
structured to monitor a set of specified parameters by 
means of purposely conceived sensor nodes, as in the 
classical WSNs, or it can be obtained by integrating nodes 
into existing objects, which is the vision of IoT evolution. In 
general, the nodes can have different functionalities, how- 
ever they have to provide information collected by em- 
bedded sensors (such as, for instance, identification codes, 
position and monitored environment parameters as well as 
object status) whenever it is required. 

In this scenario, the RFID technology, summarized in 
Section III, is attractive. When RFID technology meets 
sensor nodes, information goes from the node to the 
Internet via a question-and-reply protocol between nodes, 
hosted by tagged objects, and readers. 

Thinking about distributed systems and specifically SS, 
it is natural to think about radiative coupling in the avail- 
able industrial-scientific-medical (ISM) frequency bands, 
including mainly the ultrahigh frequency (UHF) and mi- 
crowave frequencies (around 0.9, 2.4, 5.8 GHz, and 
higher), exploiting the communication standard such as 
the WiFi [61]. Recently, also the ultrawideband (UWB) has 
been considered in order to minimize the limitations of 
narrowband systems (mainly localization accuracy and 
sensitivity to interference) [62]. 

Multistandard systems are often adopted for large 
compatibility and higher use flexibility. An example of this 
recent approach is given in [61] where near-field UHF 
nodes are combined with far-field transceivers. This allows 
application fields with compromised radiation capability, 


Table 2 Transducer Characteristics for Several Forms of Ambient EH [57], [58] 
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5.2.4 Methodology 


Public health monitoring and data collection are notoriously difficult during the 
chaotic and overwhelming conditions of complex emergencies. Missing and 
displaced persons, constraints of time, lack of access to populations, and dangerous 
security situations, all create formidable problems for a limited number of qualified 
personnel to conduct proper studies. Furthermore, the distinction between civilian 
and military during a civil war is not always obvious. 


The ratio of military to civilian wounded and sick may be very sensitive political 
and military information, easily exploited for propaganda purposes by the various 
antagonists. In an attempt to prevent this, should ICRC delegates determine that 
civilians are being expressly targeted by combatants, the organization undertakes 
specific démarches regarding the conduct of hostilities with the authorities concerned 
through its traditional confidential procedures. 


Many authors have recently written about the public health effects of armed conflict 
and complex emergencies. The ICRC first published its standard War and Public Health 
in 1996 and, together with the World Health Organization and a number of universities 
around the world, it organizes a dozen H.E.L.P.* courses on the management of 
humanitarian aid every year. 


5.3 Epidemiology for the war surgeon 


What should one look for in a study of epidemiology? What information will help 
the individual surgeon managing war wounds for the first time? What needs to 
be taken into consideration to set up an efficient system for the care of the war- 
wounded? Is it possible to determine the “normal” levels of morbidity and mortality 
during armed conflict? 


To respond adequately to the challenge requires preparation, on the part of the 
individual surgeon as well as the institution's, and a system for monitoring the results 
of patient management. 


5.3.1 Preparation of the surgeon 


The surgeon facing war-wounded casualties for the first time will ask a number of 
questions: “What wounds should | expect? Which injuries kill? What will the surgical 
workload be like?” 


In many conflicts, civilian surgeons, albeit without previous military experience, become 
heavily involved in the management of the war-wounded. Yet, epidemiological 
studies clearly show that combat injuries differ from those in civilian practice: different 
aetiology and pathology; multiple-cause injuries; delayed access to care and austere 
working conditions requiring different philosophies of treatment. 





Various indices have been devised to define injury patterns, which differ according 
to the type of conflict and the nature of the weapons used: the lethality of wounding 
agents; the anatomic distribution of wounds; delay to treatment; and pre-hospital 
and post-operative mortality are among the most important. Knowledge of these 
helps determine the high-risk factors affecting the outcome of surgical treatment and 
what set of specialist skills are needed: orthopaedic surgery, vascular, visceral, etc. 





4 H.E.L.P.: Health Emergencies in Large Populations. The reader is directed to the publications in the Selected 
bibliography for further study. 
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These patterns also have an impact on hospital activities and surgical workload and 
influence the standardization of protocols for patient management. 


5.3.2. Preparation of the institution 


The institution involved — military sanitary services, public health ministry, ICRC or any 
other humanitarian agency — must also be prepared. 


The standardization of protocols and knowledge of the workload permits the 
establishment of ready-made kits of equipment, medicines and supplies that are 
easily deployed in an emergency situation as a rapid response to well-known needs. 
This facilitates the setting up of a surgical hospital to treat the victims of war.° 


Preparation also implies choosing the correct profile of surgeon required, and training 
him or her to understand the context, the pathology, and the functioning of the 
institution in which they will be working, as well as the prevailing clinical protocols. 





5.3.3 Surgical audit: monitoring 


Monitoring of the outcome of patient management in a context of of armed conflict 
involves a surgical audit using an epidemiological approach: demographics, types of 
wounds, anatomic distribution, mechanism of injury, time since injury, post-operative 
mortality, number of operations and blood transfusions per patient, and morbidity, 
etc. There are several reasons for this. 


+ The adequacy of surgical expertise is important: the “fog of war” and the confusion 
and stress of a situation of armed conflict are not an excuse for bad surgery. 
Professional standards must be maintained, even when resources are limited. 


+ The adequacy of the clinical protocols in use must be put to the test: changes must 
be made in response to poor or unexpected outcomes. Many surgeons will be 
seeing war pathology for the first time, under conditions that do not resemble their 
routine work circumstances. At times, a strict and rigid application of protocols is 
required; on other occasions, there will be a need for improvisation and adaptation. 


+ The adequacy of the chain of casualty care must also be put to the test: hospital 
as well as pre-hospital data helps to assess the efficiency of first-aid measures in 
the field and that of the evacuation system. Surgeons, civilian or military, may be 
involved in training or helping set up pre-hospital programmes so that the injured 
reach them in better condition and in a timely fashion, which makes their surgery 
easier and ensures a better outcome for the patient. 


+ The role of surgeons in the development and application of international 
humanitarian law. 





5 The Emergency Items Catalogue of the International Movement of the Red Cross and Red Crescent has a listing 
of such kits for the establishment of a surgical field hospital and for the treatment of 100 war-wounded 
hospitalized and operated on. 
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5.3.4 Thesurgeon and IHL 


Surgeons working for the ICRC believe that health professionals have a duty to gather 
data “to prevent and not just to treat” with regard to the law and norms of behaviour 
in the conduct of hostilities. They are not alone in this belief. 


Health professionals were instrumental in gathering the epidemiological data from 
clinical studies to make the humanitarian argument for the banning of blinding laser 
weapons and anti-personnel landmines.® 


In the field, ICRC delegations in areas of armed conflict monitor the compliance 
of belligerents with IHL. This is an essential element of the mandate of the ICRC to 
protect and assist the victims of armed conflict and promote respect for the law of 
war. Epidemiological studies, in both hospital and pre-hospital settings, can help in 
determining certain abuses of IHL. For example, mortality statistics can help elucidate 
the occurrence of executions of prisoners of war being passed off as killed in combat. 
The ICRC then undertakes a series of confidential démarches with the offending party 
in order to promote observance of humanitarian norms. 


Other actors may do likewise, in compliance with their humanitarian responsibilities.’ 
The ICRC warns, nonetheless, against the possibility of exploitation and manipulation 
of statistical epidemiological studies for political purposes. 


5.3.5 The surgeon and the specialized literature 


“Statistics can be made to say whatever you want them to say” is a well-worn cliché. 
It is therefore important for the surgeon reading the vast literature on war surgery 
to understand what is being said, what the shortcomings are, and what some of the 
traps and pitfalls are. 


Most of the war surgery literature consists of large retrospective studies written by 
military surgeons of industrialized countries; some of the exceptions are included 
in the Selected bibliography at the end of this volume. Most surgeons are not well 
trained in epidemiology or statistical methods, and civilian surgeons are usually 
not knowledgeable about military terminology. Thus, the surgeon facing the new 
experience of dealing with the war-wounded who wishes to read up on the topic will 
often find a bewildering vocabulary and methodology. 


Differences 

Added to the differences between war and civilian trauma are the disparities between 
the experience of ICRC interventions (and other humanitarian agencies) and ministry 
of public health structures on the one hand, and classical military medical services on 
the other. The rest of this chapter deals with some of these differences and disparities. 





6 Respectively, Protocol on Blinding Laser Weapons 1995 (Protocol IV to the Convention on Prohibitions or 
Restrictions on the Use of Certain Conventional Weapons Which May be Deemed to be Excessively Injurious or 
to Have Indiscriminate Effects, 1980), and the Convention on the Prohibition of the Use, Stockpiling, Production 
and Transfer of Anti-Personnel Mines and on their Destruction, 1997, known as the Ottawa Convention. 


7 Burnham G, Lafta R, Doocy S, Roberts L. Mortality after the 2003 invasion of Iraq: a cross-sectional cluster sample 
survey. Lancet 2006; 368: 1421 - 1429.; Dudley HAF, Knight RJ, McNeur JC, Rosengarten DS. Civilian battle 
casualties in South Vietnam. BrJ Surg 1968; 55: 332 - 340. 
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5.4 General questions of methodology 


There are a number of problems and difficulties relating to how epidemiological 
studies have been conducted. The surgeon reading the literature should be aware 
of them. 


5.4.1 Large and small numbers 


First it must be clear which phenomenon is being studied. Comparisons of data 
between a single battle and longer wars may not be valid; a small cohort may not be 
representative. Most clinical protocols take as a basis large numbers in big wars. On 
the other hard, the individual surgeon will face individual casualties from particular 
battles. Thus, the experience with small cohorts may help prepare the surgeon to face 
a novel situation or specific injuries. 


5.4.2 Problems of data collection 


Trauma registries are notoriously difficult to maintain during war. Fatigue and lack 
of time, a shortage of trained staff, and the personal danger that medical staff must 
often confront complicate the keeping of statistics. The administrative personnel 
and time and effort required to keep up full documentation and archives can appear 
to be a luxury when faced with the stress of caring for battle casualties. In an article 
on American casualties during the war in Viet Nam, based on data obtained from 
a statistical record filled out by physicians in Viet Nam at the time of discharge or 
transfer, the author made the following telling comment. 





Besides the problems of data collection mentioned with respect to public health 
statistics and the displacement of populations, other discrepancies and difficulties 
appear when dealing with a retrospective analysis of hospital-based data. 


+ The quantity and quality of data from different hospitals are irregular. 


+ Initial admission data, operating theatre observations, and ward medical records for 
individual patients do not always match. 


+ Hospital records are often incomplete, or contain clerical errors. 


+ The management of casualties at different points in a military chain of evacuation 
compounds reporting problems, particularly with respect to patient outcome. 


+ Access to medical care for the wounded - especially civilians or combatants in a 
civil war or during irregular guerrilla warfare — is not always available or must be 
done “in secret”. 


+ Patients may disappear from the hospital before completing their treatment 
because of personal security concerns. 


+ Families do not always bring their dead for registration. 


As mentioned before, one must also always consider the political and military sensitivity 
of trauma information; ICRC health personnel have on occasion been accused of being 
“spies” because they were asking a hospital director for admission statistics. 





8 Hardaway RM III. Viet Nam Wound Analysis. J Trauma 1978; 18: 635 - 643. 
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5.4.3. Important first questions: who is counting whom? 


Foremost is the very important problem of different definitions of epidemiological 
categories. Some military definitions have changed over the last century or been 
replaced by other terms. Articles written by civilian authors have often invented their 
own epidemiological categories and definitions. Who exactly composes the target 
population under study is different from one article to the next, although all deal with 
the “wounded” and during the same war. Large retrospective studies are fraught with 
such traps. 


There are important first questions the reader must ask of all war surgery studies: who 
is counting whom and where? When is a wounded person counted as a wounded 
person? Which patients are included in the nominator and denominator in any 
formula or equation? 





Who is counting? 

Different hospitals — military, public, and other (mission hospitals, non-governmental 
organizations, ICRC) — all have their own objectives, mandates and routines. They all 
collect statistics; but often for very different reasons, and very different statistics (see 
Annex 5. A: ICRC Surgical Database). 


A well-organized classical army can tell you how many of their soldiers were killed 
or disabled; pensions and allowances must be paid and the necessary administrative 
structures to do so exist. Guerrilla forces and civilian medical facilities are incapable of 
fully recording such statistics, with rare exceptions. 


Who is being counted and where? 

Are casualties calculated at the point of wounding, at first-aid posts, first echelon or 
referral hospitals? The total number of wounded will depend on which level of the 
evacuation chain is counting, and what happens to them after injury. 


The wounded that arrive at hospitals - where most studies are made - are only a 
sample of the casualties; they do not represent the total reality of war. 


When is a wounded person a wounded person? 

Many studies in the military literature, even when dealing with the same war, define 
the wounded differently. One example: for World War Il, the United States Surgeon 
General's Statistical Health Report indicated 724,000 wounded and 228,000 battle- 
related deaths among American troops; a fatality rate of 23.9%. The Adjutant General's 
Report gave the figure of 593,000 battle injuries and 235,000 deaths; a rate of 28.4%. 
The latter report excluded the lightly wounded.’ Retrospective analyses do not always 
indicate which figure is being used. 


Studies do not always make clear if all superficial and light injuries are excluded or 
not from the calculations. To state the obvious: a scalp laceration is not the same as an 
open wound to the brain. The reader should note that non-penetrating head, chest, 
and abdominal injuries are not always clearly differentiated from penetrating ones. 
The use of the Red Cross Wound Score permits this distinction (see Chapter 4). 


Similarly, studies of the anatomic distribution of wounds, the wounding agent, and 
delay in evacuation do not always state specifically whether the authors are dealing 
with the survivors only, or with total combat casualties comprising the dead as well as 
the wounded survivors. 





9 Carey ME. Learning from traditional combat mortality and morbidity data used in the evaluation of combat 
medical care. Mil Med 1987; 152: 6-12. 
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5.44 Some definitions: the wounded and the dead 


Table 5.2 includes some basic epidemiological definitions intended to standardize 
reporting by the armed forces of the United States of America. 

















Killed in action (KIA) Those dying from battle injuries before reaching a medical facility. 
Comparable to civilian dead on arrival (DOA). 

Wounded in action (WIA) Those wounded who survive to reach a medical facility staffed by a 
physician capable of trauma life support, whether pre-hospital or hospital. 

Died of wounds (DOW) WIA but dying from wounds later on. 

Returned to duty (RTD) or Carded for | Wounded but not hospitalized and returned to active duty within 72 

Record Only (CRO) hours. May include patients who are registered in a pre-hospital setting: 
carded for record only but not evacuated. 

Hospital mortality Died post-operatively in a surgical facility. 














Table 5.2 Standardized epidemiological definitions as used by USA armed forces."° 


ICRC EXPERIENCE 


In Kisangani, a city of 600,000 inhabitants in the remote east of the Democratic 
Republic of the Congo, major fighting broke out in June 2000. Hostilities lasted 
seven days. One week later, visiting ICRC delegates recorded that 4 hospitals and 
62 clinics had registered 1,691 wounded; 369 were still hospitalized (over 90 % 
civilians, most military casualties had been evacuated). The remaining casualties 
were under ambulatory care. It was impossible to determine the number killed. 
Almost a month later, a total of 2,393 casualties had been registered and 248 
were still hospitalized. The vast majority of these patients were so superficially 
wounded that, had they been living in a rural environment far from a health 
facility, they would never have presented. These are the civilian equivalent of 
RTD and CRO. 


In nine and half months in Beirut, in 1976, an ICRC field hospital treated 1,289 
war-wounded on an outpatient basis and another 696 in hospital. Similarly, three 
months of urban warfare in Monrovia, Liberia in 2003 saw 2,588 patients triaged 
by an ICRC surgical team, but only 1,015 were admitted to hospital. 


These examples tell us a great deal about the sociology of medical care during 
armed conflict and the effects on statistical results. In urban warfare, all civilian city- 
dwellers who are injured, even with very minor wounds, will seek medical treatment 
and be registered as war-wounded. Everybody goes to the hospital! Their reasons for 
presenting at a hospital or clinic are many: the medical sophistication of an urban 
population used to seeking curative care; the need for reassurance and being in a 
“safe” haven; hopes of financial compensation for all those injured; and the search for 
simple psychological support for a traumatized civilian population. 


Although the presence in hospitals and clinics of so many superficially wounded 
patients may not represent the true extent of the surgical workload, the burden on 
the emergency department (triage and first aid), nursing care (wound dressings), 
and non-clinical work (administration, registration, laundry and kitchen) can 
be overwhelming. Statistical analysis is both difficult and tedious under such 
circumstances (e.g. Monrovia) or almost impossible (e.g. Kisangani). 





10 Holcomb JB, Stansbury LG, Champion HR, Wade C, Bellamy RF. Understanding combat casualty care statistics. 
J Trauma 2006; 60: 397 - 401. 
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5.4.5 Clinical and operational consequences and IHL 
A number of clinical and operational elements are significant as regards IHL. 


1. For armies, the total number of casualties — soldiers removed from active 
participation in combat or support - and the overall lethality of the battlefield 
as represented by the case fatality rate (CFR) are important in terms of medical 
planning and allocation of fighting resources. 


For civilian health structures, the total number of casualties is only one measure 
of the social and economic burden of war and the humanitarian consequences of 
the disorganization of society. 


2. Killed in action (KIA) helps to determine the lethality of weapons and the type 
of combat. IHL concerns itself with the lethality of weapons systems and the 
conduct of hostilities. 


3. The KIA and died of wounds (DOW) help determine the efficiency of the 
evacuation chain, which is dependent on access to the wounded, appropriate 
pre-hospital care (field triage and initial treatment), and transport logistics 
(evacuation time and access to a hospital for the wounded). Access of health 
personnel to the wounded and access of the latter to medical facilities are 
supposed to be guaranteed, in accordance with the protection conferred upon 
these persons by IHL. 


4. The adequacy of medical treatment depends on the efficiency of the evacuation 
system, the wounding mechanism and pathology (burns, blast, penetrating 
wounds, anti-personnel mines, etc.), and hospital competency. DOW and 
hospital mortality are the main indicators. Again, IHL is interested in the medical 
consequences of weapons systems. 


5. These various indices of mortality are important. However, they say nothing 
about the severity of injury in survivors — morbidity and disability — or surgical 
workload that may have a greater long-term effect on civilian populations 
and health structures. The number of operations per patient, infection rates, 
amputation rates, and length of hospitalization better define the severity of injury 
and hospital burden of war-wounded. The humanitarian consequences of such 
effects are of direct concern to IHL. 


5.5 Aetiology of injury 


5.5.1 Warfare scenarios 


The type of warfare greatly influences the kinds of wounds the surgeon sees and 
the anatomic distribution of injuries, which obviously affects hospital workload. The 
widespread use of anti-personnel blast mines in guerrilla and counter-insurgency 
warfare results in many traumatic amputations of the legs. Close combat with assault 
rifles causes many gunshot wounds with severe single injuries; shelling and bombing 
from a distance produce multiple fragment wounds, many of which are superficial. 
Major contemporary wars have seen a shift from gunshot wounds to fragment injuries 
in the majority of casualties. 


In intercommunal strife, combatants in some societies engage in “traditional” 
warfare using machetes and pangas; slash wounds to the head, neck and shoulders 
predominate and, secondarily, injuries to the forearms when the victim attempts 
to protect him or herself. Elsewhere, the ready availability of small arms means that 
“traditional” combat and cattle raiding are now undertaken with the use of AK-47 
Kalashnikov rifles. 


Weapons systems available to belligerents vary. Classical armies of industrialized 
countries use air bombardment as well as artillery and armour, and their infantry is 
often fitted out with personal protective equipment. Classical armies of low-income 
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countries tend to rely on infantry and artillery. Rural guerrilla formations depend on 
ambush with personal firearms and landmines; urban guerrilla warfare is largely street 
fighting with rifles, rocket-propelled grenades and, sometimes, short-range mortars. 
The weapons systems available to combatants can also change during the course of 
a war. 


The intensity of fighting, being on the offensive or defensive, losing or winning a 
given battle, the size of the unit actually engaged, and the percentage of soldiers 
really exposed to combat, all affect various combat casualty statistics. 


Relevant clinical consequences 

The numbers and relative proportion of civilian and military wounded and dead 
depend to a large extent on combat strategy and operational tactics, geographical 
site of fighting, access to medical care, and who is winning or losing. 


5.5.2 Definitions of weapon-systems: methodology 


Some confusion arises in surgical literature because of differing categories and definitions 
for wounding agents and mechanism of injury: there is no universally accepted standard. 


“Landmines” include both anti-tank (ATM) and anti-personnel (APM); the two are 
usually not differentiated. ATM may be the agent of wounding, but the mechanism 
of injury can be blast, blunt, burn, or penetrating fragment. APM may be either a 
blast or a fragmentation device. The severity of the injury differs with the mechanism 
and aetiology, but this cannot always be determined from the categories in a study. 


The category of “fragment wounds” often groups together injuries from shells, 
bombs, and grenades, together with APM. The differences are important in terms of 
surgical management, however. Small, superficial wounds from preformed grenade 
fragments often do not require surgery; this is never the case for APM fragments (see 
Chapter 10). Table 5.3 gives an indication of the distribution of wounds according to 
projectile, from a number of conflicts. 








personnel landmines included in some. The country name in brackets indicates the source of 
information, see Selected bibliography. 
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Figure 5.3 


Different combat tactics produce very 
different distributions of wounding agents. 


5.5.3. ICRC statistics 


ICRC surgical teams have worked in many different wars and combat scenarios. 
Table 5.4 shows the mechanism of injury in different types of warfare. 





Table 5.4 Aetiology of war-wounded in a number of ICRC hospitals. 


Extremes of the distribution of wounding mechanisms are to be found in these very 
different conflicts, and reflected in the statistics held in the various hospitals (Figure 
5.3). Southern Sudan was the scene of a rural guerrilla war in semi-desert, sahelian 
landscapes, and reed swamps (Lokichokio hospital in northern Kenya) where most 
injuries were gunshot wounds (GSW). Fighting in Monrovia, Liberia, was irregular 
urban warfare (JFK Memorial Hospital). Patients coming to Kao-i-Dang hospital 
(Thailand) had been injured in rural guerrilla warfare waged in the forests and 
jungles of Cambodia with widespread use of anti-personnel landmines. Needless to 
say, the types of pathology encountered in these three hospitals differed widely. 





100% _ 


80% _| 


60% + 


40% _ 


20% _] 








0% 





Lokichokio, Kenya JFK Memorial, Kao-i-Dang, Thailand 
Monrovia, Liberia 


M©icsw) Fragments _ fl) Mines + others 











5.6 Anatomic distribution of wounds 


The aetiology of wounds and their anatomic distribution change constantly depending on 
the development of new weapons systems, personal protective material (body armour), 
and the nature of combat. One constant, however, is the preponderance of wounds to the 
limbs amongst survivors. This distribution is important in determining surgical workload. 


5.6.1 Body exposure 


Body exposure to injury differs according to the type of weapon: 

* anti-personnel blast mines strike the legs (Pattern 1 APM injury); 

+ manipulation of mines injures the upper limbs, face and chest (Pattern 3 APM injury) 
as described in Chapter 3; 

+ fragmentation devices spray the whole body with multiple hits in a random fashion; 
and, secondarily, according to the type of combat and military activity: 
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+ aimed sniper fire targets the head or chest; 

+ trench warfare particularly exposes the head, resulting in the many mutilating facial 
wounds of World War |, known as “gueule cassée”; 

+ purposeful observation and lookout activities of the soldier also increase the risk to 
the head and neck. 


On the other hand, improved helmets and body armour, covering the chest and upper 
abdomen, effectively modify the relative exposure of anatomic regions. 


Apart from aimed sniper fire, projectiles cause injuries in a random manner. 
Traditionally, combat exposure to injury has been estimated using as a basis the 
percentages of body surface area applied to assess burns, but taking into account 
operational necessities for soldiers (Table 5.5). It should be noted that combat 
exposure of the head and limbs is over-represented when compared to burns. 


Body exposure in combat % 12 16 11 61 
Surface area (burns) % 9 1 18 18 54 





























Table 5.5 Percentage body surface area versus surface area exposed in combat." 


5.6.2 Definitions and methodology 


The anatomic distribution of wounds has been remarkably consistent over the 
last century. Reporting, however, has been remarkably inconsistent. Some studies 
cite only the primary site of injury if there is more than one; others include the 
category “multiple”. Some count the “wounds” and not the “wounded”, so that 
sites of injury exceed the number of patients. Many studies do not clearly define 
the counting method; in some reports only survivors are counted, while for others 
total combat casualties — KIA and WIA - are included. Again, the methodology is 
not always specified. 


Anatomic regions are not standardized either. Different studies use different 
definitions for anatomic regions; there is again no universal standard. Some report 
only the “torso”; “pelvis and buttocks” are under a separate category from “abdomen” 
in some, and included in others. To be truly accurate, head, face, and neck categories 
should be clearly separated, which they rarely are. These latter wounds represent very 
different clinical problems — traumatic brain injury, asphyxia, haemorrhage - and 


degrees of lethality. 


Anatomic distribution furthermore only indicates a potential threat; crude statistics 
often include superficial wounds, which is not a true indication of hospital workload 
and threat to life and limb. As has been mentioned above, it would be preferable to 
separate out penetrating from non-penetrating wounds of vital regions: head, thorax, 
and abdomen. The Red Cross Wound Score and Classification System attempts to 
address some of these problems in a simplified manner. 





11. Carey ME, 1987. 
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such as in proximity of metal and liquids at short ranges, to 
be improved. 

It is clear that antenna systems are key elements in 
these apparatuses. The foundation of antenna design rules 
can be found in [63]. The antenna design specific for dis- 
tributed systems, in turn, has to take into account several 
instances. Beyond the typical design criteria, other aspects 
are: the communication standard, the form and the size in 
agreement with the application, the communication range 
as a function of the equivalent isotropic radiated power 
(EIRP) limits, of the environment and of the orientation, 
the reliability under several conditions and processes, and 
the material cost considering massive production [64]- 
[67]. Among them, the operating environment is the most 
critical aspect that influences the node behavior [68]. 

As a consequence, antenna topology and materials for 
SS and IoT systems, in general, have to be chosen in order 
to make the antennas capable of operating in variable 
environmental conditions and to be integrated into ob- 
jects. As an example, let us think about wearable antennas 
for body area networks (BANs): they must be washable, 
flexible, and able to shield the body from radiation [69]. 

In general, antennas for SS should be flexible, planar, 
and low profile; moreover, by adopting low-cost materials 
and technologies (see Section II), cost per unit surface is 
low, thus large arrays and big elements can be adopted 
more easily, ultimately allowing for easy developments of 
LAE distributed systems and SS, even at low frequency. 

Materials compliant with SS implementations must be, 
in turn, mechanically robust, flexible, and very low cost, 
while exhibiting acceptable EM performance. These mate- 
rials must also exhibit high tolerance levels in terms of 
bending repeatability. Flexible materials, often used, are 
polymers and polymer-ceramics composites such as the 
poly-di-methyl-siloxane (PDMS) and the titanate-based 
ceramic [68], which provide flexibility, robustness, and 
resistance to harsh environments in order to protect an- 
tenna and circuit. Moreover, when eco-compatibility has 
to be guaranteed, recyclable materials and related technol- 
ogies have to be adopted; among them, cellulose substrates 
in combination with inkjet printing of conductive inks 
[18], [70] or with conductive adhesive laminate technology 
[11] are increasingly frequently adopted. The aforemen- 
tioned techniques, compatible with the well-known indus- 
trial printing and the R2R processes [5], are in agreement 
with the low-cost fabrication and are expected to facilitate 
widespread and very low-cost electronics for distributed 
systems. These fabrication technologies can also be 
adopted for electronic devices on flexible polymeric sub- 
strates. An example of cellulose-based antenna for smart 
floor applications, such as indoor localization, is docu- 
mented in [71]: a low-profile planar loop antenna is real- 
ized on cellulose substrate exploiting adhesive copper tape. 

Although beyond the scope of this paper, which focuses 
on SS, it is worth mentioning here that this evolution 
toward the development of more and more sophisticated 


“unconventional” materials for electronics has a great 
impact on other IoT related developments such as, for 
instance, implantable systems. 

When applications require devices with soft visual im- 
pact (think about SS, such as smart windows, glass integ- 
rated inside and outside buildings and glass for automotive 
applications, or smart skins [72]), transparent and conduc- 
tive materials, such as transparent conducting oxides 
(TCOs), and in particular indium-tin-oxide (ITO) and 
ITO-based multilayers, have been proposed [73]. These 
materials afford a good compromise between minimum 
electrical resistivity and high optical transmittivity in the 
visible light spectrum when patterned on see-through 
materials such as glass or transparent polymers. A tech- 
nique to improve the efficiency of the transparent anten- 
nas, without affecting their transparency, is the application 
of a layer of highly conductive coating or metallization 
strips on the antenna edges where the current density is 
high [72]. 

Among SSs, or in general distributed systems within 
the IoT vision, a fast growing field of research is repre- 
sented by wearable electronics for BANs [74]. In this case, 
the integration of electronic devices in the garments re- 
quires the development of wearable and washable anten- 
nas and antenna arrays on fabrics. Washable antennas can 
be realized by covering textile antennas by a breathable 
thermoplastic polyurethane coating in order to protect the 
device against water absorption and corrosion [69]. 

Although dimension constraints are not very critical for 
distributed systems on cheap materials, they cannot be 
neglected thoroughly. At RF, for example, high permittiv- 
ity materials [68] and magnetic composite substrates [75] 
can be adopted. Artificial magnetic conductors (AMC) can 
be employed alternatively to the magnetic composites with 
similar results [76]. These approaches are simply demon- 
strated from the wavelength equation: wavelength is a 
function of the relative permittivity and permeability and 
adopting suitable materials to increase these values, the 
effective wavelength, and therefore the antenna size, de- 
creases. Anyway, the use of these materials introduces a 
tradeoff between dimensions and performance: generally 
the substrate losses decrease the antenna radiation efficien- 
cy, thus affecting the communication range of the overall 
wireless system, as documented in [68], [75], and [76]. 

In terms of design methodology, the introduction of 
unconventional materials as well as the environmental 
constraints posed by distributed systems and systems for 
IoT influence and drive the design strategies. Some solu- 
tions are proposed in the literature to cope simultaneously 
with these constraints; in [68], shielded configurations 
have been analyzed to mitigate environmental sensitivity. 
In [69], an example of robust patch antenna for BAN ap- 
plication that reduces the effect of the body on the perfor- 
mance is illustrated; in [77], the use of broadband antennas, 
such as the Chebyshev monopoles with a fractional band- 
width of about 40%, is proposed to reduce the frequency 
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5.6.3 Historical results 


The reader going through the literature will find very different figures for the same 
war, depending on the source and the methodology. This can make for frustrating 
reading. Nonetheless, some historical approximations are presented in Table 5.6. 
Wounds to the limbs predominate, from 50% to 79%. 






















































































Conflict Head & Thorax | Abdomen Limbs Other & 

Neck % % % % multiple % 
World War | (Western Allies) 17 4 2 70 HH 
World War II (Western Allies) 4 8 4 79 9 
World War Il (USSR) 19 9 5 67 - 
Korea (USA) 17 7 7 67 ?) 
Viet Nam (USA) 14 7 5 74 - 
Borneo (UK) 12 12 20 56 - 
Northern Ireland 20 15 15 50 - 
Arab-Israeli war 1973 (Israel) 13 5 7 40 31 
Thailand 1981 10 12 4 66 8 
Falkland Islands / Malvinas (UK) 16 15 10 59 - 
Lebanon 1982 (Israel) 14 5 5 4] 34 
nae Bourj el-Barajneh refugee camp n 16 18 54 = 
Gulf War 1991 (UK) 6 12 11 71 (32)* 
Gulf War 1991 (USA) 11 8 I} 56 (18)** 
Afghanistan (USSR) 16 12 11 61 - 
Chechnya 1995 (Russia) 24 9 4 63 - 
Somalia: Mogadishu 1992 (USA) 20 8 5 65 (2) 
Croatia 1991 — 93 (Croatia) 15 11 4 69 1 
Yugoslavia 1991 — 92 (Yugoslavia) 21 9 8 62 (23)** 
Croatia 1991 (Yugoslavia) 12 15 8 65 - 
Bosnia-Herzegovina 1992 (Yugoslavia) 14 15 9 62 - 
Bosnia-Herzegovina 1993 (BH) 19 16 11 53 - 
encee ass Sarajevo 1992 — 96 " " 14 61 3 
sero eal Sarajevo market B B n 62 z 
Eritrea 1988 — 91 20 9 6 63 2 
ICRC surgical database 12.5 7.2 7.8 65.5 7 
Overall average ~15 ~10 ~7 ~65 


























* Buttock and back wounds — all multiple fragment injuries — as a separate figure. 
** Multiple wounds. 


Table 5.6 Anatomic distribution of major wounds; some statistics include both dead and survivors, others 
include minor injuries. The country name in brackets indicates the source of information, see 
Selected bibliography. 


5.6.4 ICRC results 


The experience of ICRC surgical teams in various conflicts closely mirrors that of 
surgeons in other wars, particularly in relation to the type of conflict (Table 5.7). 
Many patients have multiple wounds; the distribution is given for injuries and not for 
patients, hence more wounds than patients. Only one wound is counted per anatomic 
region, however. 


Pelvis and buttocks, back and soft tissue are given separately. Head, face and neck are 
not differentiated further. 
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Hospital Number Head & Neck% | Thorax % Abdomen % Loe aa Upper limb % | Lower limb % eae % 
Kabul 8,804 15 9 10 4 3 24 35 59 
Kao-i-Dang 1,660 15 8 7 4 3 24 39 63 
Peshawar 6,840 18 8 6 5) 3 25 BD 60 
Kandahar 1,396 11 9 11 3 2 24 40 64 
Quetta 9373 15 9 8 b) 5 24 36 60 
Butare 45 16 7 2 - 2 31 4) 73 
Novye Atagi 210 10 3 7 2 3 26 50 76 
Lokichokio 14,203 7 8 3 7 3 29 44 713 
Monrovia 904 14 13 4 4 - 21 43 64 






































Table 5.7 Anatomic distribution of wounds in various ICRC hospitals serving victims of differing types of combat. 


5.6.5 Primary tissue injury 


The anatomic distribution of wounds and the analysis of primary tissue injury permit 
the assessment of the surgical workload. In both, wounds to the limbs predominate; 
soft-tissue wounds and fractures of long bones constitute the majority of the injuries in 
all published series. The WDMET" statistics from Viet Nam are eloquent (Table 5.8); as are 
the figures from a French military field hospital in Sarajevo, 1992 — 1996, (Table 5.9). These 
analyses take into account non-penetrating wounds to vital regions. 












































Soft tissue (especially of limbs) 47% Soft tissue (especially of limbs) 56% 
Extremities (long bone fractures) 26% Extremities (long bone fractures) 22% 
Abdomen 8% Abdomen 14.5% 
Chest 4% Chest 11% 
Neck 2% Face & Neck 6% 
Face 6% Head 6% 
Head 2% Peripheral vessels 6% 
Multiple 5% Multiple 6% 





Table 5.9 Distribution of wounds according to 
primary tissue injury (French military 
field hospital in Sarajevo)."* 


Table 5.8 Distribution of wounds according to 
primary tissue injury (USA)." 


ICRC results 

In the hospitals included in the ICRC database, where evacuation was difficult for 
numerous patients and many with minor soft-tissue wounds did not bother to come 
to hospital, soft-tissue injuries still represented 36% of wounds; fractures of the 
extremities 46 %; and vital central wounds 20 %. 


Various other ICRC reports confirm these findings (Tables 5.10 and 5.11). 






































Soft tissue 33% Urogenital 5% 
Bones and joints 33% Chest 9% 
Vascular 11% Brain and spinal cord 3% 
Peripheral nerves 11% Maxillo-facial 3% 
Abdomen hollow organs 17% Eye, internal ear 2% 
Abdomen solid organs 9% Other 1% 





Table 5.10 Distribution of wounds according to tissue injury, hospitalized patients in the ICRC field hospital, 
Beirut 1976 (N = 696)." 





12 Inthe military literature, the Wound Data and Munitions Effectiveness Team (WDMET) of the United States set 
a gold standard for data collection. A large number of administrative staff meticulously collected information 
on 7,989 patients during the war in Viet Nam from 1967 to 1969 in a systematic way. The analysis was published 
by: Bellamy RF. Combat trauma overview. In: Sajtchuk R, Grande CM, eds. Textbook of Military Medicine, 
Anesthesia and Perioperative Care of the Combat Casualty. Falls Church, VA: Office of the Surgeon General, 

United States Army; 1995: 1 - 42. This report is often cited in review articles. 

13 Champion HR, Bellamy RF, Roberts P, and Leppaniemi A. A profile of combat injury. J Trauma 2003; 54 (Suppl.): 
$13 -$19. 

14 Versier G, Le Marec C, Rouffi J. Quatre ans de chirurgie de guerre au GMC de Sarajevo (juillet 1992 a aout 1996) 
Médecine et armées 1998; 26: 213 - 218. 


15 Translated from: Kjaergaard J. Les blessés de guerre de I'hépital de campagne du CICR a Beyrouth en 1976. 
Schweiz Z Milit Med 1978; 55: 1 - 23. 
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Table 5.11 Tissue injuries according to wounding weapon, Kao-i-Dang ICRC hospital 1984 — 85. 


The clinically important point for the surgeon is the very large hospital workload 
represented by soft-tissue and orthopaedic injuries. 


5.7. _‘ Fatal injuries 


5.7.1 Site 


It is not a simple matter to determine cause of death and site of lethal injury. Multiple 
injuries tend to have a synergetic effect and it can be impossible to define which of 
several wounds was the direct cause of death. Furthermore, many fatal war injuries 
involve total body disruption or severe mutilation. 


A formal complete autopsy for every combat death is onerous even for the armed 
forces of a wealthy industrialized country, and this has rarely been common practice. 
Three examples of the anatomic distribution of fatal wounds are given in Table 5.12. 





Table 5.12 Anatomic distribution of fatal wounds. 


Central wounds predominate, as would be expected; particularly to the head, face, 
neck and thorax. 





16 Trouwborst A, Weber BK, Dufour D. Medical statistics of battlefield casualties. Injury 1987; 18: 96 - 99. 
17 Garfield RM, Neugut Al. Epidemiologic analysis of warfare. JAMA 1991; 266: 688 - 692. 
18 Champion HR, et al., 2003. 


19 Gofrit ON, Kovalski N, Leibovici D, Snemer J, O’'Hana A, Shapira SC. Accurate anatomical location of war injuries: 
analysis of the Lebanon war fatal casualties and the proposition of new principles for the design of military 
personal armour system. Injury 1996; 27: 577 - 581. 





EPIDEMIOLOGY 





5.7.2 Trimodal distribution of trauma mortality 


Mortality in civilian trauma was classically described by D. Trunkey in 1983” to fall into 
three categories: immediate death (50%), early death (30%), and late death (20%), 
see Figure 5.4. 











Number 
of deaths 
Immediate deaths 
_— Early deaths Late deaths 
Pa 
_= Ef i =_— i i 
HourO 0.5 1 15 2 25 3 3.5 4 Week 1 2 3 4 
Time after injury 











Peak 1: immediate deaths 
Most deaths occur at the moment of injury or within minutes. These are due to 
overwhelming trauma incompatible with life (severe brain injury, massive haemorrhage). 


In war, in addition to severe injuries to the head and torso (heart, liver, and major blood 
vessels), some casualties suffer total body disruption or incineration through burns. It 
is estimated that 70% of deaths occur within five minutes, and little to nothing can be 
done for these patients, which represent about 17 - 20% of the severely wounded. 


Peak 2: early deaths 

These occur after the first minutes until the first few hours after injury. This peak gave 
rise to the idea of the “golden hour”; if certain measures were implemented rapidly, 
the patient could be saved. 


In war trauma, there are three major causes of early death: 

* continuing exsanguinating haemorrhage; 

+ inadequate/impaired airway due to survivable penetrating head injury; 
* compromised breathing due to tension pneumothorax. 


Many of these early deaths are avoidable within this “golden hour" if adequate first- 
aid measures in the field are implemented in time. 


Peak 3: late deaths 

These occur a few days to weeks after injury and are the result of subsequent 
complications of infection, multiple organ failure and coagulopathy, and uncontrollable 
increased intra-cranial pressure due to post-injury cerebral oedema (closed injury). 


Good and early first-aid measures can decrease infectious and other complications in 
the setting of armed conflict where wounds are dirty and contaminated from the very 
beginning. Inadequate early care affects morbidity (sepsis, disability) as well as mortality. 


The understanding of this trimodal distribution of deaths stimulated an improvement 
in emergency medical services and patient transport in civilian settings. Rapid 
evacuation times and early advanced life support in many industrialized countries, in 
a bid to reach the injured during the “golden hour’, have reduced these three peaks to 
a bimodal profile: immediate deaths and late. 





20 Trunkey DD. Trauma. Sci Am 1983; 249: 220 - 227. 


Figure 5.4 


Trimodal distribution of trauma deaths. 
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Figure 5.5 


Trimodal distribution of deaths after shelling of 
Sarajevo's Markale market. 
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Applicability to the military war-wounded 

The military have found that the trimodal distribution is relevant to armed conflict. 
They have tended to underline three categories of patients corresponding to what 
can be done under various operational scenarios in the field. This has an important 
influence on field triage categories. 


1. Unsalvageable injuries: i.e. KIA for whom nothing can be done (17 — 20%). 
2. Severe but potentially survivable injury (10 — 15%). 


3. Moderate to minor injuries (65 — 70%). 


One result of improved pre-hospital care and evacuation is that some casualties become 
DOW (early deaths) instead of being KIA (immediate deaths) while a few others are saved. 
The most important field measures undertaken include stopping haemorrhage from 
controllable bleeding and maintaining a patent airway and breathing by simple procedures. 





Applicability to civilian war-wounded 

At the shelling of the Markale market place in Sarajevo, August 28, 1995, only minutes 
away from two referral hospitals, 104 persons were injured of whom 42 ultimately 
died; a fatality rate of 40.8 %.?" 


Twenty-three died instantly and another ten were dead on arrival at hospital (79 % of 
deaths were first peak). Five patients succumbed during surgery (second peak 12%) 
and another four a week later (third peak 10%) as shown in Figure 5.5. The trimodal 
distribution of deaths appears to have been preserved. 














Deaths 
60% @ 
50% + 
40% 
30% + 
20% + @ 
10% 4 @ 
0% 
0 1 hour 2hrs 2-6hrs week 7 days 8 days 9 days 
Time after injury 








Furthermore, in remote rural areas with difficult evacuation routes, both armies and 
civilian populations will probably experience the trimodal distribution of deaths, as 
originally described. Trauma survival under such circumstances is geography specific. 





21. Suljevic |, Surkovic |. Medical aspects of the mass-scale civilian casualties at Sarajevo Markale Market on 
August 28, 1995: triage, resuscitation, and treatment. Croat Med J 2002; 43: 209 - 212. 
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5.7.3. Ratio of dead to survivors 


Many authors have noted that the ratio of dead to survivors in modern conflicts tends 
to be about 1:4 over the long term. This corresponds to our threshold fatality rate of 
about 20 - 25%. 


Dead = KIA plus DOW 
=1:4 





Survivors = WIA minus DOW 


Many factors can distort the specific results under given circumstances, including: 

+ the inclusion of minor wounds in the calculations — the famous methodological 
problem; 

+ the tactical situation (note the 40% fatality rate of the Markale market place 
bombing mentioned above; burn injuries in tank crews or on ships; a successful 
surprise ambush, etc.); 

+ the lethality of particular weapons systems (anti-personnel landmines, napalm, etc.); 

+ any delay in medical evacuation; and 

+ the execution of wounded prisoners in contravention of the laws of war. 


Improvement in personal protective equipment (body armour), better pre-hospital 
care, and the early availability of more aggressive surgery and enhanced intensive 
care facilities has changed the ratio in recent conflicts. For US armed forces in lraq and 
Afghanistan, the dead to survivor ratio has become 1:8.” Effective body armour has 
decreased fatal wounds to the chest and abdomen, but increased wounds to the head 
and neck in survivors. No other armed forces use such improved body armour as 
extensively and the US experience is not easily translated to others, but it sets a 
standard nonetheless. 


5.7.4 Lethality of weapons 


If the KIA equals approximately 20% and the DOW 5%, this represents the total 
lethality of weapons during combat on land. Sea and air warfare are different. 


It has long been recognized that different weapons systems have different lethality. In 
general, and over a large number of casualties the following percentages appear. 


+ Military rifle bullets: 30 - 40 % lethality; or one death in every 3 - 4 wounded. 
+ Randomly-formed fragments: 20 % for shells and 10 % for grenades. 

« Preformed fragments: 15 % for shells and 5 % for grenades. 

+ Blast injury has a fatality of about 22 %. 


Tactical considerations for distinct individual battles can change these figures. 
A well-laid ambush with small arms can easily result in more than 40% of a small 
patrol being killed. 


The particular case of anti-personnel landmines 

All studies indicate the heavy surgical and nursing burden of injuries due to anti- 
personnel landmines, especially blast mines. Specific types of APM - bounding mines 
that jump up one metre in the air before exploding — invariably kill their victim: 
lethality lies close to 100%. 


Public health studies and ICRC surveys in poor countries where APM have been widely 
used in rural areas with little or no organized evacuation system and limited surgical 
facilities (Mozambique, Somalia, Cambodia, Afghanistan and Angola) indicate a case 
fatality rate of well over 50 % for traumatic amputations due to APM. 


It is difficult to exclude the non-weapon factors in these studies and mortality 
statistics. Suffice it to say that the lethality of weapons includes their actual use in field 
conditions, and their total socio-economic and humanitarian effects. This is important 
in terms of IHL and was one of the significant factors in determining countries to 
negotiate the 1997 Ottawa Convention on the Prohibition of the Use, Stockpiling, 
Production and Transfer of Anti-personnel Mines and on their Destruction. 





22 Holcomb JB, et al., 2006. 
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5.7.5 Conclusions of clinical relevance 
From this analysis and further extrapolations a number of conclusions can be drawn. 


1. Wounds to the head and torso are the most lethal; they represent most of the 
mortality. The great majority of survivors have injuries to the limbs; they represent 
the majority of surgical workload and morbidity. 


2. Despite the fact that the head represents only 9 % of exposed body surface area, 
it accounts for a disproportionate number (25 %) of all battle casualties. The 
lethality of penetrating head wounds is approximately 75 % and they account for 
slightly less than 50 % of combat deaths (KIA + DOW), and about 8 % of survivors. 


3. Head wounds kill either through devastating brain injury or through asphyxiation 
of the comatose patient who would otherwise survive the injury. 


4. Death through closed head injury is relatively greater in the civilian setting than 
during armed conflict. 


5. Uncontrolled exsanguinating haemorrhage accounts for another 50% or so 
of deaths. Most of these (80 %) present central injuries to the thorax and/or 
abdomen, which require surgical facilities for control. The lethality of chest 
wounds is about 70%. 


6. The other 20% of haemorrhage deaths are due to bleeding from peripheral, 
compressible blood vessels (half in the neck and half in the limbs). Thus, about 
10% of all deaths are due to haemorrhage from the limbs. 


7. Death rates through haemorrhagic shock are higher in armed conflict than in the 
civilian trauma setting. 


8. Little can be done medically for most immediate deaths and there is a 
threshold percentage of killed-in-action no matter how sophisticated the 
medical services are. 


Conclusions for improvement of patient outcome 
1. Some immediate and early deaths can be prevented by personal protective 
armour covering the torso. 


2. Many early deaths can be prevented by simple measures to: 
+ control limb haemorrhage; 
+ relieve airway obstruction, especially in comatose patients after head injury; 
+ relieve tension pneumothorax. 


3. Some early deaths due to haemorrhage, particularly of the abdomen, can be 
prevented by rapid evacuation to a surgical facility. 


5.8  Thelethality of context: delay to treatment 


5.8.1 Historical developments 


Possibly one of the most important developments in combat casualty care over the 
last half-century has been improved pre-hospital care and the timely evacuation 
of the wounded to a surgical facility. Lasting days during much of World War |, 
evacuations took an average of 10.5 hours during World War Il; the use of helicopters 
by American troops in Korea lowered this to 6.3 hours, and an average of 2.8 hours in 
Viet Nam. Transfer of Israeli wounded during the 1982 war in Lebanon took an average 
of 2.3 hours. The use of helicopters has radically changed evacuation and pre-hospital 
care for the armies of industrialized countries, but requires air superiority to be truly 
effective. It has also revolutionized equivalent civilian trauma systems. This resource is 
seldom available in a low-income country. 
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5.8.2 Forward projection of resources 


Delayed evacuation may still result from operational contingencies, tactical 
situations, and difficult geography. Consequently, many armies have projected 
forward their surgical capacities close to zones of actual combat in an attempt to 
reach wounded soldiers earlier and avoid the mortality and morbidity related to 
any delay. The aim is primarily to reduce the number of “early” deaths. 


Soviet deployment of “Special Surgical Teams” in forward locations in Afghanistan 
shortened time to reach surgery: 31% of wounded were in surgery within 
1 hour and another 39 % within 2 hours. Cumulatively, 92 % were in surgery within 
6 hours with this system. This compares with an overall average during the war 
of 88% operated within 12 hours, before and after the establishment, of the 
forward teams. 


During fighting in Croatia in 1991, a Yugoslav mobile field hospital was located 
5 -10km from the front: 61 % of wounded were evacuated within 30 minutes and 
another 22 % between 30 and 60 minutes of being injured. 


US troops in Afghanistan and Iraq have also seconded “Forward Surgical Teams” 
and “Forward Resuscitative Surgery Suites” to the field; surgical care routinely 
begins within 1 - 4 hours following injury. Preliminary reports give a mean time of 
one and a half hours for evacuation of USA military wounded in Iraq to a forward 
surgical facility. 


5.8.3. Urban warfare: hospitals on front lines 


During urban warfare, fighting can take place literally in front of surgical facilities; 
more than once has a patient been wounded at the front door of a hospital. This 
was the case during much of the fighting in Beirut in the Lebanese civil war, often 
with evacuation times of only minutes. A French medical team in Sarajevo in 
1992 - 96 (UNPROFOR - IFOR), serving military and civilian casualties, had evacuation 
times of 15 - 45 minutes. 


Comparable times were encountered by ICRC hospital teams in Kabul in 1992 and 
Monrovia, Liberia, in 2003. ICRC and Somali Red Crescent surgical teams working in 
the Keysaney Hospital in North Mogadishu have witnessed similar short evacuation 
times from 1992 up until the present time of writing. 


Although the vast majority of wounded patients arrive at the hospital within minutes 
under these circumstances, a few suffer considerable delay. Without an organized 
pre-hospital system and given an absolute absence of ambulances, civilians are often 
cut off from care facilities during street fighting and have to wait hours or even days 
for evacuation. 


5.8.4 The paradox of early treatment: changing mortality ratios 
and rates 


There is an apparent paradox of early evacuation and treatment: an increase in the 
absolute numbers who survive, but also an increase in the DOW and hospital mortality 
rates. Medics reach a number of former KIA in time; more severely injured casualties 
enter the evacuation chain earlier, but since natural automatic triage that weeds out 
the more severely injured does not come into play, a higher percentage of injured 
now die of their wounds after they have received care. 


For US armed forces who died in World War Il and Viet Nam, 88% were KIA and 12% 
DOW. In the conflicts in Iraq and in Afghanistan, the figures are 77 % and 23 %. 





23 Holcomb JB, et al., 2006. 
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This effect has also been observed in hospital mortality rates at ICRC facilities 
(Tables 5.13 and 5.14). 





Table 5.13 Mortality according to evacuation time to ICRC hospitals: period from January 1991 to July 1993. 


Longer evacuation times allow for “natural triage” to come into play. The more 
seriously wounded die before they reach hospital when evacuation is delayed. 





Table 5.14 Mortality according to evacuation time: patients transferred from ICRC first-aid posts to 
Peshawar ICRC hospital 1990 — 91. 


A new ratio: critical area to extremity wounds 

A statistical method has been used to try to overcome this “bias” of logistical progress 
in order to better evaluate the effect of “natural triage” due to a lack of appropriate 
surgical care and evacuation facilities in low-income countries. In such conditions 
pre-hospital mortality cannot be properly determined either. The ratio of wounds in 
critical areas (trunk, head and neck) to wounds of the extremities is calculated among 
survivors: CA : Ext. 


Critical areas (head, face, neck, thorax, abdomen, pelvis) 
=CA:EXT 





Non-critical areas (limbs, back, soft tissue injuries of trunk) 


CA = critical area, EXT = extremities and other non-critical areas. 


Obviously, the wearing of body armour and the inclusion in statistics of minor or 
superficial, non-penetrating wounds to the head or trunk will distort the anatomic 
distribution of wounds, and the ratio. 


In most wars, with evacuation counted in hours, the ratio is approximately 0.5. In urban 
areas and other situations of rapid evacuation, it tends towards 1. With increasing 
delay of evacuation to over 24 hours, and even days and weeks, the ratio falls. 


Thus, studies of guerrilla and counter-insurgency warfare in difficult geographical 
terrain give much lower ratios indicating that the most seriously injured patients 
(critical area wounds) died before treatment (Table 5.15). 





Table 5.15 Ratio of critical area to limb wounds in various insurgency conflicts.” 





24 Korver AJH. Outcome of war-injured patients treated at first aid posts of the International Committee of the 
Red Cross. Injury 1994; 25: 25 - 30. 


25 Adapted from Bhatnagar MK, Smith GS. Trauma in the Afghan guerrilla war: effects of lack of access to care. 
Surgery 1989; 105: 699 - 705. 
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5.9 Hospital mortality 


5.9.1. Historical considerations 


As mentioned, rates of killed in action for armies have remained relatively stable 
over the last half-century at about 20 — 25 %. Hospital mortality, however, has dimini- 
shed greatly with medical progress (safe anaesthesia, blood transfusion, better 
understanding of the physiology of shock, antibiotics, and more aggressive surgical 
techniques) as shown in Table 5.16. 


























Table 5.16 Hospital mortality: examples from the past. 


Hospital mortality has come to be an indicator of the efficiency of the management 
system, bearing in mind what has already been said about the paradox of early 
evacuation of the very severely injured. In calculating these figures, however, one 
must take into account the percentage of truly “vital” injuries and exclude or specify 
the superficial ones. 


5.9.2 Hospital mortality versus post-operative mortality 


A number of considerations must be taken into account if one wishes to use hospital 
mortality as an indication of the efficiency of patient management systems. In armed 
conflict, surgeons often face mass casualties. Some patients will be triaged into 
the “expectant” category, and given supportive treatment only, to die without pain 
and with dignity (see Chapter 9). These patients are recorded as DOW and are often 
included in hospital mortality figures. 


Other patients die shortly after arrival, or “on-table’, in an extreme attempt to save life. 
With a slightly longer evacuation time, many such patients would be KIA, dying before 
reaching hospital, as mentioned previously. Nonetheless, they are registered as DOW 
and are again included in hospital mortality figures. 


Then there are the truly post-operative deaths; some from irreversible shock, others 
from irretrievable brain injury and, others still, from surgical complications, mostly 
sepsis, and additional medical pathologies. 


Gross statistics of hospital mortality do not always take into consideration these very 
different categories of patients. 


5.9.3. ICRC hospital mortality 


Austere working conditions, often a limited number of professional staff and at 
times a perilous security situation, all make work in ICRC hospitals resemble that 
commonly seen in public hospitals in a poor country. Military medical services from 
industrialized countries may also face these constraints, but they tend to be of a 
different order of magnitude. 


Post-operative mortality in ICRC hospitals varies from 2.2% in Quetta and 3.1% in 
Peshawar to 4.2% in Kao-i-Dang, 4.8% in Kabul, and 6.1% in the Monrovia battle, 
where evacuation times were extremely short. 
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shift introduced by the background materials or by the 
bending effects. 

In SSs, and in general in IoT applications, antennas are 
used both to transmit and receive information and to har- 
vest the necessary energy from the surrounding environ- 
ment. Regardless of the fact that the available energy is 
randomly released in the environment by existing services 
(GSM, WiFi, and so on, in urban and semi-urban environ- 
ments [78], [79]) or purposely delivered to empower a 
distributed population of nodes [80], antennas have to be 
able to harvest EM energy. This kind of “double effect” 
antenna is widely referred to in the literature as 
“rectenna”: it combines rectifying circuitry with EM to 
electrical energy transduction. 

The fundamental codesign techniques of antennas and 
rectifiers, focusing on the improvement of the conversion 
efficiency exploiting matching circuits, are described in 
[53]. Harmonic-balance and load-pull simulations are 
often used in order to find the optimal impedances that 
allow best efficiency to be obtained as a function of the EM 
incident power. 

Multiband, broadband, and circularly polarized anten- 
nas are often adopted in EH applications to reduce the 
overall sensitivity to the environment. An example of pla- 
nar antenna array for EH applications, in agreement with 
the SS principle, is documented in [81]: spiral antennas are 
proposed in order to provide a wide operating frequency 
band, and the rectification circuitry is optimized and char- 
acterized for low incident power levels. Similar antenna 
array for UWB EH is shown in Fig. 7. 

A rectenna can be used in addition to the communi- 
cation antenna or, alternatively, the same antenna can be 
used for both EH and data transmission. The use of dif- 
ferent antennas is generally adopted if harvesting and 
communication are carried out at different frequencies 





Large surface 
rectenna array 


RF signals 


DC current 
output 





Fig. 7. Scheme of the rectenna array able to collect RF energy evenina 
broadband (depending of the kind of receiving antenna element), 
according to the solution adopted in [81]. 





Fig. 8. Hybrid rectenna for solar and EM-EH. The hybrid rectenna 
consists of a broadband antenna and a solar cell combined in the same 
structure. After [82]. 





and, mainly, in order to enhance harvesting efficiency 
without decreasing communication performance. In any 
case, this requires a codesign and can affect the node di- 
mension and complexity. Alternatively, a single antenna 
can be a feasible compromise if communication and har- 
vesting share the same frequency band and if the antenna 
harvesting efficiency is not the main issue; examples are 
the passive RFID tags empowered by the reader with a 
standard RFID antenna able to provide both EH and com- 
munication capability, as documented in [64] and [65]. 

However, the EM-EH is not the only solution to ener- 
gize nodes and SS elements: hybrid EH, in fact, can be 
performed by exploiting different energy sources; that is, 
combining the rectennas with other sources of energy. 

Recently, a low-cost and conformal structure for hybrid 
EH, based on low-cost and flexible poly-ethylene tere- 
phthalate (PET) substrate and an amorphous silicon solar 
cell, has been proposed in [82]; other examples are dis- 
cussed in [20] and [83]. The use of low-cost, printable 
photovoltaics deposited on flexible substrates to form part 
of the antenna radiating structure is documented in [84]. 
In all these contributions, the main challenge appears to be 
the codesign of the antenna and solar cell in order to avoid 
reciprocal detrimental effects. The antenna is designed 
with a solar cell integrated on top of the radiating surface 
to obtain good radiation characteristics and to incorporate 
connections for the extraction of the dc provided by the 
solar cell. In [82], it was demonstrated that, by adopting 
thin film solar cells and paying attention to not exceeding 
the perimeter of the RF antenna, the solar cell can be 
integrated so as not to significantly affect the performance 
of the antenna. The hybrid rectenna for solar and EM—EH 
documented in [82] is shown in Fig. 8. 


Vol. 102, No. 11, November 2014 | PROCEEDINGS OF THEIEEE 1731 





WAR SURGERY 








3 ops 
(14%) 














Figure 5.6 


Number of operations per patient, 
simplified (N = 16,172). 
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5.10 ICRC statistical analysis of hospital workload 


5.10.1 Surgical audit: methodology 


Without control over the pre-hospital phase and the known inadequacies of data 
collection, the mortality rate is not a credible statistic in ICRC surgical programmes 
and hospitals. The same is true of most public civilian structures. Far more substantial 
is the workload and morbidity as represented by the number of operations and blood 
transfusions per patient and the duration of hospitalization. 


For statistical purposes, most patients, if well managed, undergo two operations: 
wound excision and delayed primary closure. There are a number of factors that 
explain this: 

+ the ICRC does not have a series of operative echelons of treatment as do the 
military; all operations are performed in the same hospital (see Chapters 1 and 6); 
rarely do ICRC surgeons perform planned serial debridements of war wounds, 
requiring more operations (see Chapter 10); 

some patients require a third operation for skin grafting to close the wound, or even 
more if a burn complicates a penetrating wound (see Chapter 11); 

others call for a single operation: (craniotomy, chest tube drainage, or laparotomy); 
some patients call for no operation, if they have been admitted solely for 
observation — expectant triage category, paraplegic, etc. (see Chapter 9); 

small superficial wounds are often treated conservatively with dressings and 
antibiotics, with the exception of those caused by anti-personnel landmines. 


These “normal” single and multiple operations tend to balance each other out. (Pure 
burn injuries are not included in this discussion.) 





Performing more than two operations per patient usually denotes a complication, 
typically sepsis, and is a good indication of morbidity. Thus, as an appropriate 
approximation of workload and correct surgical management, the ICRC uses the 
average of two operations per patient in large studies. These premises form the basis 
for the following discussion. 


5.10.2 Number of operations per patient: all patients 


The number of operations per patient for all patients with the relevant information in 
the ICRC database is given in Table 5.17. 




















None 9% 
1 operation 16% 
2 operations 41% 
<2 operations 66 









Table 5.17 Number of operations per patient (N = 16,172). 


To simplify, the number of operations are described as two or less; three; or four 
and more (Figure 5.6). 


Fully two-thirds of all patients in the database had two operations or less, indicating a 
minimum of morbidity and good surgical management. There are a number of factors 
that influence this surgical workload: delay in evacuation, severity of the wound, type 
of wound, and wounding mechanism. A brief analysis of some of these factors is given 
in the following sections. 
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5.10.3 Number of operations according to delay in evacuation 


Table 5.18 shows the results for the number of operations per patient according to 
evacuation time to the ICRC hospital in Kabul during a period of major urban combat. 














Evacuation time | N=6,140 None lop 2 ops 
< 6hrs 3,214 7% 30% 47% 
6 -24hrs 1,606 7% 23% 51% 
24-72 hrs 605 6% 24% 50% 
>72 hrs 715 9% 26% 42% 




















Table 5.18 Number of operations per patient according to time of evacuation to ICRC Kabul hospital 1990 — 92. 


These figures are confirmed if one examines the entire database (Table 5.19). 





Evacuation time 
<6 hrs 
6-24hrs 
24-72 hrs 

> 72 hrs 7,251 


L 




















Table 5.19 Number of operations per patient according to time of evacuation to ICRC hospitals 1990 — 99. 





While hospital mortality is influenced by delay in evacuation, morbidity as determined 
by number of operations per patient apparently is not. The critical limit would appear 
to be 6 hours delay - the category “6 — 12 hours since injury” does not exist in the 
ICRC database, and this is a field for future study. However, before rushing to such a 
conclusion, another factor must be analysed: wound severity. 


5.10.4 Number of operations according to Wound Grade 


War wounds are categorized into one of three Grades of increasing severity according 
to the Red Cross Wound Score and classification system (see Chapter 4). The 
distribution in the ICRC surgical database is as follows. 


* Grade 1:42%. 
« Grade 2:37%. 
+ Grade 3:21%. 


If one looks at the number of operations according to Wound Grade, an important 
difference appears (Table 5.20 and Figures 5.7.1 - 5.7.3). 























Severity of wound Number of operations per patient 
Patients None 1op 2 ops 
(N=16,172)| % % % 
Grade 1 n=6,729 16 23 45 
Grade 2 n=5,974 4 12 44 
Grade 3 n= 3,469 3 7 30 























Table 5.20 Number of operations per patient according to Red Cross Wound Grade. 


The Grade of the RCWS shows a distinct difference in the number of operations 
required. Surgical workload is definitely influenced by the severity of injury, as would 
be expected, and the RCWS is capable of determining this. 





24ops 





<2 ops 








(84%) 





Figure 5.7.1 


Number of operations per patient for Grade 1 
wounds (N = 6,729). 





24ops 
(23%) 


3 ops 
(16%) 





<2 ops 
(61%) 











Figure 5.7.2 


Number of operations per patient for Grade 2 
wounds (N = 5,974). 








<2 ops 
24ops (40%) 


(41%) 


3 ops 
(19%) 











Figure 5.7.3 


Number of operations per patient for Grade 3 
wounds (N = 3,469). 
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5.10.5 Number of operations according to Wound Grade and delay 
in evacuation 


If one now analyses the number of operations by combining the RCWS Wound Grade 
and the delay in evacuation the results are telling (Table 5.21). 




























































































































































































Grade and evacuation time | Number of patients | <2 operations | 
Grade 1 N=6729 | =~) 
<6 his 1,124 BM 
6—24hrs 1,694 84% 
24-72 hrs 1,182 82% 

>72 hrs 2,729 82% 

Grade 2 N=5,974 

<6 hrs 788 a 
6—24hrs 118 | 62% 
24—72hrs 1,110 58% 
>72hts 2,890 56% 

Grade 3 N=3,469 

<6 hrs 497 ATH 
6—24hrs 847 | 37% 
24—72hrs 493 39% 

> 72 hrs 1,632 40% 




















Table 5.21 Number of operations per patient according to Red Cross Wound Grade and time since injury. 


It would thus appear that the Red Cross Wound Score better represents morbidity 
and surgical workload than the delay in evacuation to hospital alone, but a 
combination of the two is more noteworthy. Grade 3 wounds tend to be very severe 
and delay does not appear to make a difference. Many such patients will simply not 
survive to reach hospital. 


5.10.6 Number of operations according to weapon 


The results of an analysis of the ICRC hospitals treating a variety of weapons-induced 
injury (Kabul, Kandahar, Kao-i-Dang, Novye Atagi, Peshawar, and Quetta), are 
presented in Table 5.22. 


No distinction is made in the ICRC database between anti-personnel and anti-tank 
mines, or unexploded ordnance. Furthermore, some wounds classified as being 
caused by fragments may well have been from fragmentation anti-personnel mines. 
Hospital staff have only the account of the patient to go by and, naturally, many 
patients are ignorant of weapons systems; they only know of “bombs” or “guns”. 























Weapon None 1op 2 ops <2 ops 
oer 9% 15% 38% 62% 
oo 9% 22% 44% | ae 
aie 11% 24% 4% | 80% 




















Table 5.22 Number of operations per patient according to weapon. 
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It is obvious that mines imply a much greater workload and morbidity than gunshot 
(GSW) or fragment wounds (Table 5.22 and Figure 5.8). 





80% _ 
70% _| 
60% _| 
50% _| 
40% _| 
30% _| 
20% _| 


10% _| 





0% _| 
Mines GSW Fragments 
- <2ops © 30ps |) =4o0ps 











Although the lethality of weapons is important, the total effects of surgical workload, 
morbidity and suffering, and the socio-economic consequences must also be taken 
into account. It is not for nothing that poison gas, bacteriological weapons, blinding 
laser weapons, anti-personnel mines and cluster submunitions have been proscribed 
and banned by international treaty. 


5.11 Conclusions: lessons to be gained from a study 
of epidemiology 


From this brief overview of the epidemiology of the victims of war, a few conclusions 
affecting clinical work and humanitarian action may be drawn. 


1. Fora civilian population in a poor country, the public health effects of war are 
usually greater than the effects of direct trauma. In some conflicts, war injuries 
carry a greater burden and post-traumatic morbidity may have more profound 
long-term effects than mortality. This is especially the case in a post-conflict 
situation with widespread contamination by anti-personnel mines whose socio- 
economic repercussions are long-lasting. 


2. The outcome of war surgery in a civilian context is influenced by: 

* the type of injury according to wounding agent; 

+ the severity of the injury; 

+ the general condition of the patient (malnutrition, chronic disease, concomitant 
endemic disease such as malaria, etc.); 

+ early and appropriate first aid; 

+ the time needed for transport to the hospital; 

* the quality of hospital treatment (resuscitation, surgery, post-operative care, 
physiotherapy and rehabilitation); 

+ possibility of evacuation to a better-equipped hospital with more experienced staff. 


3. Inacivilian context, and especially in a poor country, pre-hospital care is the 
phase most open to improvement. Much can be done to prevent death and 
morbidity with early and efficient first aid and life support. 


An efficient first-aid and evacuation system can prevent deaths from controllable 
haemorrhage and compromised airway. As pre-hospital care improves, the 
“killed in action” or “dead on arrival” may diminish slightly, only to see the “dead 
of wounds” and hospital mortality rise; more casualties are saved, but the rates 
become distorted. This bias should be taken into account when judging the 
adequacy of care. 


Long and difficult evacuation of the wounded results in an automatic “natural 
triage” of the most severely injured. Hospital mortality rates decrease as a result. 


Figure 5.8 


Number of operations per patient according to 


weapon, simplified. 
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4. Upto 40-50% of the civilians wounded during urban fighting do not need 
hospitalization. First-aid measures — plus a simple oral antibiotic and analgesic - 
are all that are required. Their presence constitutes a supplementary burden 
on hospital management. However, discharging them from hospital can prove 
problematic because of security concerns, socio-economic factors and 
patients’ fears. 


5. Wounds to the head and torso are the most lethal. Injuries to the soft tissues 
and the limbs constitute the majority of surgical workload. 


6. Gunshot wounds carry a heavier burden than injuries due to fragments; but burns 
and anti-personnel landmine injuries represent the heaviest hospital workload 
and morbidity. 


7. The Red Cross Wound Score allows a good appreciation of the severity of war 
wounds, and the surgical workload that they represent. 


5.11.1 Setting up a surgical database for the war-wounded 


Various military medical services have their own categories and charts for data 
collection. The ICRC offers civilian health facilities an example of categories that could 
be placed in a simple spreadsheet (Excel ©) to allow for a collection of relevant data for 
further study (see Annex 5. B: Setting up a surgical database for the war-wounded). 


In addition, a downloadable file form of Annex 5. B (Setting up a surgical database 
for the war-wounded) is available on the accompanying DVD (Annex 5. C). It can be 
modified by the user. 
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ANNEX5.A ~~ ICRCsurgical database 


The ICRC set up a centralized wound database and trauma registry in 1990, 
originally designed to give the organization an indication of the surgical workload 
of its independent hospitals (i.e. hospitals that were established and run under ICRC 
administration). All war-wounded patients admitted to ICRC hospitals have routinely 
had a data form filled out on their death or discharge. Patients are not asked whether 
they are combatants or civilians. 


Age and sex, the cause and anatomic site of injury, and the time lapsed between 
injury and admission are recorded for each patient. Projectile injuries are scored 
according to the Red Cross Wound Classification System described in Chapter 4. 
The emphasis is on surgical workload as described by severity of injuries, number 
of operations per patient, number of blood transfusions required, and length of 
hospitalization. 


These independent ICRC hospitals have served the victims of a number of 
armed conflicts of very different types of combat. As at 31 December 2007, the 
database contained the records of 32,285 war-wounded patients. Not all are 
complete, however. 























Kao-i-Dang Hospital, Thailand 1979 — 92 eal Uae 
‘ : Mountain guerrilla warfare in 
Peshawar Hospital, Pakistan 1981-93 Afghanistan 
: : Mountain guerrilla warfare in 
Quetta Hospital, Pakistan 1983 — 96 Afghanistan 
Karteh-Seh Hospital, Kabul, z 
Afghanistan 1988 — 92 Irregular warfare, mostly urban 
Mirweis Hospital, Kandahar, 
Afghanistan 1996 — 2001 Irregular warfare, mostly urban 
Butare Hospital, Rwanda 1995 ate guerrilla warfare, mostly 
Novye Atagi Hospital, Chechnya, 1996 Irregular guerrilla warfare, rural 
Russian Federation and urban 
ee , ipere Rural guerrilla war in semi- 
ae Hospital, Lokichokio, 1987 — 2006 desert, sahel and reed swamps of 
y southern Sudan 

















The above-mentioned conflicts were different in nature. Time to treatment often 
included extremes - minutes to weeks. Logistic difficulties over great distances 
meant that the ICRC could rarely organize efficient and timely evacuation of the 
victims. Notable exceptions were the first-aid posts set up near the Afghan border 
with Pakistan and close to Kabul. The air medical evacuation programme for southern 
Sudan, coordinated with the United Nations Operation Lifeline Sudan, saw over 
20,000 patients transferred to the ICRC hospital in Lokichokio, northern Kenya, but 
the distances and delays in notification of patients nevertheless seldom allowed 
timely evacuation. 
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The ICRC has also set up other hospitals, and its surgical teams have worked in local 
public hospitals, but their patients are not included in the database. In addition to 
the surgical database, other major sources of data include the Somali Red Crescent- 
run Keysaney Hospital in Mogadishu (1992 — present), and the JFK Memorial Hospital, 
Monrovia, Liberia (2001 - 2004), operated jointly by the ICRC and the hospital's Board 
of Governors. 


When compiling ICRC statistics from the database, the limits of a retrospective analysis 
of prospectively collected data taken exclusively from hospital admissions must be 
recognized. The usual problems have been observed: 

- clerical errors, 

+ missing patient files, 

+ incomplete patient files (not all categories were filled in for all patients), 

« confusion as to the definition of classification categories, 

- lack of continuity due to the constant turnover of hospital personnel, 

- lack of properly trained administrative support staff to maintain a database. 


Nonetheless, ICRC statistics are offered throughout this manual as an example of non- 
military experience in different combat zones as an approximation of the reality of 
the battlefield, especially for non-combatant populations. 
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ANNEX5.B Setting up a surgical database 
for the war-wounded 


The following categories can be recorded in an electronic database (Approach ®) or 
listed in the columns of a simple spreadsheet (e.g. Excel ®) and patients registered in 
the rows. Lessons have been learnt from shortcomings in the ICRC surgical database: 
this version has been modified accordingly. 

Administrative data: 

+ hospital (if the database contains patients from more than one hospital) 

* patient hospital number 

+ database number 

+ date of admission 

+ date of discharge 

+ number of days hospitalized 

+ re-admission of patient for the same injury? 

* age 


* SEX 


Time since injury: 
- hours (or < 6; 6-12; 12-24) 
+ days (or 24 - 72 hrs; >72 hrs) 


* weeks 


Weapon causing injury: 

+ rifle, gun 

+ bomb, shell, mortar, grenade 

* anti-personnel mine (APM) 

* anti-tank mine (ATM) 

+ unexploded ordnance (UXO), including cluster bombs 


+ “arme blanche”: bayonet, machete, panga 


Mechanism of injury: 
+ gunshot (GSW) 

+ fragment 

+ blast 

* blunt 


« burn 


Please note: 


A bomb, artillery shell or anti-tank mine may give off penetrating fragments, cause 
blast or burn injury and, by destroying a vehicle or building, also cause blunt injury. 
One weapon is registered; several mechanisms of injury are recorded. The same can 
be said of anti-personnel mines. 
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Clinical data: 

- blood pressure on admission 

+ number of operations 

+ number of anaesthesias 

+ number of units of blood transfused 


+ outcome: healed, complications, death (including cause) 


Anatomic data: 


Site of injury: if more than one, each injury is given a number and the appropriate 
number put in the column for the anatomic region. Only one injury per anatomic 
region is noted. 


+ head 

+ face 

+ neck 

+ thorax 

+ abdomen 

+ pelvis, buttocks 

« back and soft tissue of torso 

+ upper limb left (to determine bilateral limb injuries) 
+ upper limb right 

+ lower limb left 


+ lower limb right 


Red Cross Wound Score: 


This should be entered for the two most important wounds, more if so desired. The 
number 1 wound should correspond to the number 1 anatomic region; wound 2 for 
number 2 anatomic region. 


+ Wound 1: Entry 

+ Wound 1: Exit 

+ Wound 1: Cavity 

- Wound 1: Fracture 

+ Wound 1: Vital injury 

« Wound 1: Metallic fragment 
- Wound 1: Grade 

+ Wound 1: Type 

+ Wound 2: Entry 

+ Wound 2: Exit 

+ Wound 2: Cavity 

+ Wound 2: Fracture 

+ Wound 2: Vital injury 

+ Wound 2: Metallic fragment 
+ Wound 2: Grade 


+ Wound 2: Type 
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Major operation: 

* craniotomy 

+ thoracotomy 

- chest tube 

+ laparotomy 

+ peripheral vascular repair 

* amputation above-elbow left 

* amputation above-elbow right 
* amputation below-elbow left 

* amputation below-elbow right 
* amputation above-knee left 

* amputation above-knee right 

* amputation below-knee left 


* amputation below-knee right 


Comments: 


Please note: 


This sample database is available as a downloadable spreadsheet file (Excel ®) on the 
accompanying DVD. 
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In terms of industrial assembly, the use of new mate- 
rials and the need for low-cost and large-scale fabrication 
techniques would be fostered by architectures more insen- 
sitive against geometrical errors and placement misalign- 
ments. Following this direction, EM coupling can be 
exploited instead of ohmic contact to connect antennas on 
a flexible substrate to Si chips or, more generally, to the 
active circuitry [85]. This technique exploits a planar 
heterogeneous transformer, with the primary and second- 
ary windings implemented on the antenna substrate and 
the Si chip, respectively. In this way, the galvanic contacts 
and the soldering process are avoided, and the final struc- 
tures have been proven much more robust to alignment 
errors than traditional ohmic techniques without any 
significant performance degradation. By artificially apply- 
ing a misalignment of 150 jum, which is the common di- 
mension of a soldering pad, the technology proposed in 
[85] causes a loss increment of only 0.1 dB, due to the 
applied misalignment, while the same misalignment, when 
adopting ball grid arrays, would have implied missing the 
contact. This approach is quite attractive especially in 
combination with nonrigid materials where mechanical 
stress can result in significant substrate deformations. Re- 
cent contributions show the application of the aforemen- 
tioned approach to inkjet printed antenna on PET 
substrate coupled to the chip for wireless nodes [86] and 
a textile patch antenna, magnetically coupled to the active 
circuitry, suitable for garment integration (see Fig. 9) [87], 
the reflection coefficient of which is shown in Fig. 10. 

In order to testify the robustness of the proposed solu- 
tion against uncertainties inherent to textile and garment 
electronics assembly, the radiation efficiency of the an- 
tenna, as a function of horizontal and vertical misalignment 
of the two transformer windings, used to perform the 
magnetic coupling, is plotted in Fig. 11(a) and (b), respec- 
tively. This technique can be extended also to interlayer 
communications of multilayer devices, and an example is 
documented in [88], where the circuitry fabricated on 
different garments communicates by means of overlapped 
coils. 


V. CHIPLESS APPROACH 


It has already been discussed that SS represents a possible 
technology for the development of killer applications with- 
in the IoT paradigm. Thanks to the convergence of several 
technologies, ranging from EH and sensing to RFID and 
LAE, SS can afford complex functions. For example, SSs 
can be used in intelligent buildings for structural moni- 
toring and alarms (fire, for instance). To achieve these 
goals, SS must be equipped with a huge number of tags, 
each one monitoring a small portion of the surface itself. 
The passive RFID systems can be divided into two 
families, namely, chip-based and chipless tags. The first 
family usually exploits a low-power complementary metal— 
oxide-semiconductor (CMOS) chip to implement the 





Fig. 9. Example of textile patch antennas operating at 2.4 GHz. 

The antenna and the ground plane are made of Flectron, a conductive 
textile, and the substrate is black foam. These materials are flexible 
and integrable in the garments. Magnetic coupling is exploited to 
connect the antenna and the active circuitry on flexible substrate. 
After [87]. 





main tag functions [RF carrier rectification, dc voltage 
regulation, amplitude shift-keying (ASK) demodulation, 
IDentification code (ID) decoding, load modulation, 
etc.] and thus can be adapted to sensor applications by 
a few additional circuit blocks [signal conditioning, 





Measured reflection coefficient S; (dB) 


WLLL 


20 21 22 23 24 #25 26 27 28 29 3. 
Frequency (GHz) 


Fig. 10. Measured reflection coefficient of the previous textile 
antenna in the frequency band 2.4-2.48 GHz. After [87]. 
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THE CHAIN OF CASUALTY CARE 
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6.1. The links: what kind of care, and where? 


Modern armed conflict embraces classical war between conventional armies, urban 
combat between militias, and isolated and sporadic but fierce guerrilla attacks in 
remote rural areas. It may involve mass conflict or chronic irregular, low-intensity 
combat, or individual terrorist attacks. Civilians often represent the majority of 
victims (see Chapter 5). Field situations vary considerably, but basic medical 
problems for the wounded are universal. A system must be developed and adapted 
to deliver the best possible care in a timely manner, under all circumstances. 





The system of evacuation and treatment of the sick and wounded - the chain of 
casualty care — like any chain, is as strong as its weakest link. It is measured not in 
kilometres but in hours and days. The setting up of such a system requires planning 
ahead of time: an assessment of the tactical circumstances must be made; an 
analysis of the physical limitations and human resources carried out; and the 
resulting plan implemented. 


Wounded patients are transferred along a chain of medical care, beginning with 
simple “life- and limb-saving” procedures and continuing to ever-greater levels 
of sophistication. The principle of echelons of care in a military system has been 
described in Chapter 1. In civilian practice patients also tend to follow a chain of 
evacuation and treatment although, in many countries, this is not very efficient. 


6.1.1. Protection: IHL 


Protection and prevention from further injury come first and foremost in patient care. 





The wounded and sick have the right to be cared for and to have access to 
appropriate medical care. The red cross, red crescent and red crystal emblems 
symbolize the legal protection afforded the casualty and the medical personnel, 
who have the right and the obligation to care for the wounded and sick. The 
protective quality of these emblems is a function of the training and degree of 
discipline of the combatant forces, and their adherence to internationally accepted 
norms of behaviour on the battlefield: the Geneva Conventions and their Additional 
Protocols. This protection begins with the first aider in the field and continues 
through all the levels of treatment. 


Special measures must be taken to prevent further injury to any casualties and to 
protect them from the elements (see Chapter 7). 
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Figure 6.1 
National Society first aiders in the field. 
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6.1.2 Levels and locations of medical care 


The following list defines the generic places where the wounded receive different 
levels of medical care in the multiple-phase treatment of war wounds. 


1. On the spot: first aid. 

2. Collection point: first aid with/without resuscitation. 

3. Intermediate stage: resuscitation with/without emergency surgery. 
4. Surgical hospital: primary surgical treatment. 


5. Specialized centre: definitive surgical treatment including reconstructive 
procedures; physiotherapy and rehabilitation, both physical and psychological. 


6. Transport system for transfer from one echelon to another. 


Treatment on the spot may be self- or “buddy’-treatment, or practised by a military 
medic or first aider. First aid starts at the point of wounding, but can be given 
anywhere and everywhere along the evacuation line to the place of definitive 
treatment. First aid is the only possible treatment on the battlefield. 


The setting up of a collection point or clearing station may be a spontaneous 
response; alternatively, an established first-aid post (FAP), dispensary, or primary 
health centre might serve this purpose. Some FAP will be staffed by military stretcher- 
bearers and medics, others by Red Cross/Red Crescent volunteers, or other civilian 
personnel. The closer to the battlefield, the more prominent will be the role of military 
medical services. In purely civilian rural settings, village health workers, nurses or 
medical assistants are often the only health professionals available. Collecting the 
wounded at one specific location allows for the proper organization of field triage and 
their efficient evacuation. Besides basic first aid and trauma life support, resuscitative 
measures may be begun here. 


A health centre or rural hospital might represent the intermediate stage, where more 
sophisticated resuscitation and emergency surgery are available. The military might 
establish a forward surgical unit. 





J-J. Kurz / ICRC 


Figure 6.2 Figure 6.3 


First-aid post on the Afghan-Pakistani border. Transfer of patients to the ICRC hospital in 
Peshawar, Pakistan. 
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6.2 Surgical hospital treating the war-wounded 


The level of sophistication of hospital care will depend on the degree of socio- 
economic development within the country before conflict breaks out. War will then 
usually degrade the functioning of any pre-existing hospital. Efficient evacuation of 
the wounded to deficient surgical facilities is not an effective chain of casualty care. 


Levels of hospital competency differ from country to country and between geographic 
regions. Three basic levels can be described. 


6.2.1 Hospital A: rural hospital = basic trauma services 


A district hospital (Africa) or primary health centre (South Asia) without full-time 
specialist doctors, especially without a fully-trained general surgeon, is a typical 
example. These hospitals are usually staffed by general practitioners or medical 
assistants with some surgical training and equipped with a minimum of proper 
surgical facilities. Front-line hospitals with “field surgeons” exist in some military 
medical services and are the equivalent. Basic resuscitation and some simple but 
critical operations are usually performed here. 


6.2.2 Hospital B: provincial hospital = advanced trauma services 


A regional hospital (Africa), district hospital (South Asia), or general hospital (Latin 
America) have a full-time general surgeon and proper operating theatre and 
sterilization facilities. Most life-threatening conditions can be dealt with adequately. 
The military equivalent is usually a forward field hospital specializing in damage 
control and resuscitative surgery. 


6.2.3. Hospital C: major city hospital = comprehensive trauma 
services 


This is a referral structure offering a broad range of specialties and sub-specialties and 
usually represents the highest level of care in the country or administrative region. It 
is often a teaching or university hospital. In military terms, this is a referral structure 
far from the front lines. 


6.2.4 Hospital assessment 


ICRC programmes aim to maintain, and upgrade if possible, the competencies of 
these different levels of hospital care when necessary. The ICRC has developed an 
analytical tool for assessing the quality of hospital management and surgical work 
prior to providing assistance. This tool comprises a number of factors to be considered. 
There are factors external to the hospital, involving an analysis of the national and 
provincial health systems, and internal factors: hospital infrastructure, administration 
and functional organization, departments, available resources, medical personnel 
(number and expertise), non-medical support services, finances (see Annex 6. A: Initial 
assessment of a surgical hospital treating the war-wounded). 


Figure 6.4 
ICRC field hospital, Lokichokio, Kenya. 
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Figure 6.6 


Assessment of a surgical hospital caring for the war-wounded. Assessment results of a typical hospital in a low-income country 


Figure 6.7.1 


National Society volunteers transporting 
patients by boat. 





Figure 6.7.2 


Airplane medical evacuation from southern 


Sudan to ICRC Lokichokio hospital. 





Figure 6.7.3 


National Society “Zero Mobile” horse-drawn 
carriage ambulance. 
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disorganized by war. 


The pie-charts above show the various factors that affect the functioning of a hospital 
dealing with the added burden of war-wounded patients compounded by the 
constraints of a weakened health system, and help identify dysfunctional areas. An 
additional factor is the emotionally stressful presence of casualties who are related to, 
or friends of, the medical staff. 


6.3. Transport 


Transport of some sort provides the connection between the different echelons of 
the chain of casualty care. Moving a patient has a price: transportation is a trauma 
in itself. It uses up additional resources and involves security risks (“mortality of the 
ambulance ride”), and perhaps even exposure to military activity. These extra costs 
must be weighed up against the likely benefits of moving the wounded. In many 
contexts, the availability of transport for the sick and wounded is almost a “luxury”. 





6.3.1 Command, control and communications: coordination 


A chain of command is necessary to make the various echelons function correctly. 
A central command or dispatch centre will assume overall coordination (e.g. decisions 
about transfer/evacuation destinations, engagement of resources, etc.), and be 
responsible for contacts with related command levels of various authorities (e.g. 
armed forces, police, headquarters of the National Red Cross/Red Crescent Society, 
civil defence and national rescue service, etc.). 


Circulation of information between the different levels is assured by some means of 
telecommunication — radio and mobile phones - if possible, or by other means (e.g. foot 
messengers) if not. Mobile telephone systems have a tendency to stop functioning — 
be turned off — during crises and armed conflict. The efficiency of the command and 
communication systems depends on strict observance of established procedures. 
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6.4 Forward projection of resources 


Bringing more than basic first aid closer to the collection point is called “forward 
projection of resources” The availability of advanced procedures closer to the 
battlefield has many advantages. It allows quicker access to “life- and limb-saving” 
emergency measures, thus decreasing both mortality and morbidity. The need for 
potentially dangerous transport is reduced. The projection of resources applies 
particularly to treatment at the intermediate stage, but can be applied to any echelon 
in the chain. 





A number of factors limit the possibility to project resources. 
1. Security (essential). 

2. Human resources and expertise (essential). 

3. Equipment (appropriate technology). 

4. Supplies (appropriate). 

5. Infrastructure (minimum requirements). 


6. Possibility of onward evacuation. 


When a front-line hospital is coming under bombardment, putting both patients and 
personnel at risk, there is little point in attempting more than first aid if evacuation to 
another facility is possible. On the other hand, a forward collection point may provide 
advanced treatment. Only a minimum of equipment is necessary for well-trained 
medics to perform endotracheal intubation or place a chest tube, and then quickly 
evacuate the patient. A secure building with adequate resources may be used as an 
intermediate stage where a forward surgical team may perform damage control and 
resuscitative surgical procedures. 


All of these possibilities will depend on meeting the criteria defined above; but 
especially on security and human expertise. Infrastructure, equipment and supplies 
must all meet minimum requirements, and be appropriate to the task under the 
prevailing conditions. 





The appropriate choice of procedures to undertake for the injured outside a formal 
hospital setting will depend on the factors mentioned above, and will vary from 
country to country, and even from region to region within the same country. 


The organization of any chain of casualty care for the war-wounded - military or 
civilian - should rely on a large dose of common sense to determine what is practical 
and what can realistically be accomplished to assure the best results for the greatest 
number, while at the same time guaranteeing the safety of the injured and the health 
workers. What exactly can be done for the injured outside a formal hospital setting 
will depend on the particular circumstances and means available. There is no dogma 
to be followed blindly; situations are different and improvisation and adaptation the 
key to success. 
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Table 6.1 What can be done at which level? 


6.5 Thereality: common war scenarios 


As mentioned in Chapter 1, there is more than one “surgery” for the care of the war- 
wounded. The exact number of levels of care and the path followed by casualties 
are determined on a case-by-case basis according to the sophistication of care and 
logistics available. In some armies or countries, the organization may be so efficient 
that a wounded soldier may expect to receive treatment virtually as sophisticated as 
the care available to him in peacetime. 


In developing countries, however, the healthcare system might already be weak 
before the conflict and may almost cease to function because of it. Water and 
electricity supplies can be unreliable, trained staff often flee the area, drugs and 
disposable equipment cannot be replaced, budgets and salaries are not paid, and 
buildings are destroyed. The quality of hospital care is badly affected. 


Every combination of levels of care is possible: 

+ the wounded from a modern industrialized army are transferred by helicopter from 
the scene of injury directly to a surgical hospital; 

+ patients in low-income countries reach health facilities on foot or by oxcart, donkey, 
private motor vehicle, taxi or lorry; 

+« during urban warfare, family and neighbours transport a casualty directly to the 
emergency room of a surgical hospital, which then serves as a collection point; 

+ in the rural areas of a low-income country, the hospital is the only health structure 
functioning and serves as all levels in one —- forward referral of patients to a more 
sophisticated level of care is not available; 

+ rural health centres may flourish while surgical hospitals may exist only in large cities; 

+ acollection point or intermediate stage in a secure building is upgraded with the 
necessary equipment and personnel to serve as a forward surgical hospital, with or 
without possibility of forward referral. 


In some contexts, the ICRC has resorted to deploying a Field Surgical Team that is 
not hospital based. This mobile team “goes to the wounded” rather than having the 
wounded come to a hospital; the chain of casualty care is turned upside-down. This 





1 Inarmed conflicts, under international humanitarian law, civilians are permitted to collect and care for the 
wounded and sick of whatever nationality, and shall not be penalized for doing so. On the contrary, they must 
be aided in this work. Furthermore, IHL prescribes that the civilian population shall respect the wounded and 
sick, even if they belong to the enemy, and shall commit no act of violence against them. 
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has been necessary where casualties have not had access to medical care for reasons 
of personal security (Figures 1.4 and 6.8). 


Techniques will also differ according to context. For the military, there is a balance between 
the needs of the wounded soldier and the necessities of combat. Some armed forces may 
teach the use of the self-applied tourniquet, which purportedly allows a wounded soldier to 
continue shooting. This logic does not apply to civilian institutions, and the ICRC’s first-aid 
manual? proscribes the use of a tourniquet in the field except in very rare circumstances. 


6.6 Conflict preparedness and implementation 


Every country should have a disaster plan. Part of emergency preparedness is the 
capacity to respond to a situation of armed conflict or internal troubles, as well as 
natural disasters. This is normal procedure for most armed forces. Ministries of public 
health and National Red Cross/Red Crescent Societies usually also have a disaster plan, 
which should be integrated into the national emergency preparedness programme. 





Those who have to face the challenges of armed conflict should understand how 
to proceed in setting up a chain of casualty care. The best possible outcome for 
wounded people can only be achieved with proper planning and training. Plans must 
be realistic, flexible and reviewed regularly. Should a country be caught unawares 
at the outbreak of hostilities without having a pre-prepared plan, then the planning 
process must be accelerated and the necessary analysis take place immediately. 


All plans begin with a strategic assessment of the possible conflict scenarios. What may 
happen and where? What needs are foreseen? What resources exist? (see Annex 6. B: 
Strategic assessment of a conflict scenario). 


An analysis of the assessment will then answer the questions of what should be done, 
where, and by whom to improve the care for the wounded. 


The reality check asks a few basic questions. Are the recommendations compatible 
with the context? Are they relevant? Practical? Reality checks are important; they 
influence planning, care, and training, and make certain that academic theory does 
not override simple pragmatism. 


The organization of a chain of casualty care and in particular the assignment of 

resources (physical and human) to the different echelons must take into consideration 

a number of factors: 

+ the nature of the conflict, the tactical and geographic circumstances, and security 
concerns; 

+ the size of the casualty load; 

+ the quality of the casualty load, i.e. the types of injuries; 

+ the relative and proportionate number of human resources (surgical capacity 
depends on the number of teams working and the rate of arrival of casualties); 

+ the quality of human resources, i.e. expertise; 

+ logistics and supplies; 

+ the infrastructure. 





2  Giannou C, Bernes E. First Aid in Armed Conflicts and Other Situations of Violence. ICRC: Geneva; 2006. 


Figure 6.8 
The ICRC Field Surgical Team in Darfur. 
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Roselli et a/.: Smart Surfaces: Large Area Electronics Systems for Internet of Things Enabled by Energy Harvesting 
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performances against mounting uncertainties inherent to textile 
electronics to be evaluated at glance. After [87]. 





analog-to-digital converter (ADC), etc.]. The main advan- 
tage of such an approach is the digital modulation of the 
transmitted signal, and thus the flexibility of the related 
data treatment, as shown in [89] and [90]. The production 
costs of chip-based tags are mostly associated with the 
heterogeneous integration of the silicon chip with the 
antenna [85], [91], the latter being manufactured typically 
on a flexible substrate or a textile substrate [92]-[97]. 

In order to reduce the aforementioned costs and to save 
as much energy as possible, solutions requiring minimum 
amount of electronics must be pursued. For this purpose, 
the chipless tag family was introduced and applied to 
wireless sensing in the recent years [98]-[103]. It is worth 
recalling here that the introduced buzzword “chipless” 
stands for a family of tags that are actually able to imple- 
ment their functionalities by using only a few lumped 
components and passive distributed elements, without re- 
quiring any electronic integrated circuit (IC), the chip 
indeed, to be mounted. 


The standard chipless tags (i.e., only coding and no 
sensing) exploit, basically, two mechanisms, namely, time- 
domain and frequency-domain scattering [64]. In the first 
case, the elapsed time between multiple reflections is used 
for coding. These reflections are obtained, at tag level, by 
connecting the antenna to a transmission line structure 
with several discontinuities. In the second case, instead, 
the tag has a specific frequency signature that is decoded at 
the reader level; to implement such a behavior, a coded 
series of resonators is realized on the tag antenna in order 
to reflect or not the corresponding frequency. Both ap- 
proaches (time and frequency domain) lead to tag circuits 
that are not necessarily easy to miniaturize; nevertheless, 
it is worth noting that they are compliant with the LAE 
paradigm. 

When dynamic sensor information has to be added to 
the static identification, we talk about chipless RFID sen- 
sor tags; these exploit an antenna, the electrical properties 
of which are controlled by the change of the physical 
parameter to be detected. There are, mostly, two proposed 
approaches for this. The first one is to induce a permanent 
change in the antenna property when a certain critical 
threshold (acceleration, temperature, fluid level, etc.) is 
exceeded [104]; this is useful for alarm type operations. 
The second one exploits a sensing load, i.e., a load the 
impedance of which is controlled by the sensed variable, 
connected to an antenna [105]. In both cases, the whole 
wireless sensor system (tag and reader) needs to have 
absolute accuracy, thus limiting the system performance 
with respect to both distance and fabrication tolerances. 

A different method has been recently introduced in 
[106]. In this paper, a novel sensing principle is associated 
to the generation of an intermodulation signal from a tag, 
the latter being illuminated by two waves at different 
frequencies. The advantage of this idea is that the tag 
response is generated at a known frequency, thus the pre- 
sence or the absence of such a signal can hardly be 
misinterpreted. Similar techniques have been used in har- 
monic radar systems [107] and in one-bit frequency doub- 
ling tags [108]. 

In line with the above ideas, a novel and completely 
original approach was proposed in [20] and [109] to solve 
the issue of absolute accuracy of the most of the passive 
chipless RFID sensors. The chipless tag described in [109] 
is based on the harmonic radar concept [110], [111], i.e., on 
a tag that, being illuminated by a carrier at frequency fo, is 
capable of generating the second harmonic 2fp. 

A simplified block diagram of the tag is illustrated in 
Fig. 12. For this purpose, the sensor information is en- 
coded as the phase difference between two signals, one 
acting as the reference signal for the other one. First, the 
tag receives a carrier at frequency fo. Then, two equal 
signals at frequency 2fo are generated by means of a diode- 
based frequency doubler and a power divider. At this point, 
one of the two signals is phase-shifted using a passive 
sensing element. Finally, the 2fo signals are reirradiated by 
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Figure 6.9 
The ICRC surgical pyramid. 
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Some typical situations of armed conflict and internal violence can be described. 
Model scenarios are then based on a consideration of the above-mentioned factors 
and the analytical tool of strategic assessment (see Annex 6. C: Humanitarian 
intervention for the wounded and sick: typical settings). 


6.7. The pyramid of ICRC surgical programmes 


ICRC delegates are often called upon to help organize a chain of casualty care. At times 
this will be in support of existing governmental or non-governmental structures. On 
occasion, the ICRC is required or asked to establish its own independently-run hospitals. 
The main reasons for doing so are either a question of protection — of the patients or the 
medical mission — or because of a dire shortage of local human resources. 


Unlike a military field hospital, an independent ICRC hospital is often responsible 
for all levels of medical care. It acts as a first-aid post, field hospital, base hospital, 
and referral centre. In this, an ICRC hospital resembles many provincial hospitals in 
non-industrialized countries ravaged by war. The level of care is a combination of 
advanced and comprehensive trauma services. Only general surgeons are present, 
and no further referral of patients to a specialized centre is possible. 





In both instances — support to national structures or establishment of an ICRC 
hospital - a number of factors are taken into consideration to ensure the neutrality 
and independence of ICRC activities on the one hand, and the quality and 
professionalism of care on the other. The same logic applies to other humanitarian 
agencies. These factors are summarized in the following pyramid and checklist 
(Figure 6.9 and Section 6.7.1). 
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6.7.1. Checklist 


Political and operational considerations 
+ Perception of neutrality and impartiality, ie. ICRC image. 


+ Acceptability of ICRC by political factions, the military, and the population. 


+ Possibility for negotiations: availability and access to interlocutors (health, defence, 
foreign affairs, and interior ministries, faction chiefs); contacts with owners of 
facilities to be rented. 


+ Role of the hospital in the protection of hospitalized patients. 


+ Role of the hospital in protecting the medical mission by providing access to neutral 
medical care, across enemy lines if necessary. 


- Any possible competition with other health structures, private or public, 
i.e.“medical market”. 


Security 
+ Hospital and staff security concerns owing to the conflict or possible developments 
in the fighting: 
- location and environment, i.e. distance from hostilities or military targets; 
- type of building, i.e. number of storeys, ground floor, underground cellar or bomb 
shelter, tents. 


+ Incidence of banditry, hostage-taking, etc. 
+ Patients’ safety, inside the hospital and upon discharge. 


Access 
« Distance and evacuation time. 


+ Availability of means of transportation: roads, vehicles, air evacuation. 

+ Safety of roads and checkpoints: military activity, political affiliation, banditry. 
+ Possibility of setting up a system of first-aid posts. 

+ Logistics: medical supply, fuel, food (local, regional, from ICRC headquarters). 


Infrastructure 
+ Pre-existing hospital structure. 


+ Building capable of being transformed into a hospital (school, factory); structural 
integrity, possibility of expansion. 


- Use of tents, prefabricated and/or temporary structures. 
+ Water and sanitation, electricity. 

+ Facilities: kitchen, laundry, residence for personnel. 

+ Warehouse. 


Local and expatriate personnel 
+ Availability and number of local and expatriate Red Cross/Red Crescent medical 
personnel. 


« Recruitment of new national staff and the question of neutrality. 
+ Professional competence and level of education. 
+ Language problems: need for translators. 


+ Availability of support personnel: ICRC delegates, medical and general 
administration, water and sanitation engineer, builder, mechanic, electrician, etc. 
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ANNEX6.A Initial assessment of a surgical hospital 
treating the war-wounded 


This form should be regarded as a guide, a kind of checklist, to help the health 
professional responsible for the assessment of the hospital remember certain 
key points. 


Its purpose is to have a quick overview and understanding of the functioning of the 
hospital; to identify its capacity, limits and insufficiencies. It should allow for rapid and 
adequate decisions about the kind of support the hospital might need. 


The form can be used in toto or in part according to the objectives of the assessment. 
It consists of questions deliberately left open to allow the health professional in 
charge to decide to enquire further or not according to the results expected. It is more 
important to try to get a correct understanding of how the hospital is working rather 
than to have exact figures. 


The assessment is divided into six sections 

General 

Management and administration (including non-medical support services) 
Medical support services 

Clinical services (only the surgical component is dealt with in this annex) 
Further comments 


Conclusion 


General 


Name of the hospital: Town: Country: 
Assessment done by: 

Date: 

Interlocutors: 

1. Type (MoPH, private, military, missionary, NGO, others): 

2. Catchment population: 

3. Assistance from others than the authority in charge: 

4. Level of reference (rural, district, regional): 


5. If rural or district hospital, number of primary facilities served (first-aid posts, 
dispensaries, health centres): 


6. Possibilities for further referral: 

7. Transport system for patients (in and out): 

8. Reputation of the hospital (indicate source of information): 

9. Bed capacity, effective number of beds (breakdown by department): 
10. Present bed occupancy: 


11. Activities including specialities (surgery, medicine, paediatric, obstetric, 
specialized services, etc.): 


12. Security (Is the area safe? Is the hospital secured? i.e. clearly marked, fenced, 
watchmen present, absence of arms inside the hospital compound)?): 


13. Endemic diseases and epidemic risk in the region: 
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Management & administration 


Vi 


General management 
Set-up (management team/board): 


How are decisions taken and implemented? 


Human resources management 
Who is in charge? 
Does the staff receive salary/incentives? 


Total number of personnel/breakdown by function (MD, medical assistants, 
nurses, students, etc.): 


Is there a roster system in place in the hospital? 


Financial management 

Management of finance (Is there a budget? How is the hospital financed?): 
Is there any cost participation, “cost-recovery system”? Do the destitute have 
access to care? 

Statistics 

Management of statistics and reporting: 

Are statistics available? 

Is there an annual report? 


Are there people specifically in charge of collecting data? 


Infrastructure & utilities (general condition of): 

Wall and roof: 

Water (running water, wells, safety of water supply, etc.): 

Sanitation (type of toilets, etc.): 

Electricity and/or generator (number of hours per day, fuel supply, etc.): 
Heating/fans/air-conditioning: 

Maintenance team (number, composition, etc.). Is there a maintenance schedule? 


Is there a functioning workshop? 


Waste disposal 


Waste management systems (including toxics such as X-ray developer/fixator, 
etc.): 


Incinerator (type, condition, etc.): 


VII Non-medical support services 


1. 


Kitchen (staff, nutritionist, origin of food, number of meals served per day, special 
diets, etc.): 


Laundry (staff, washing by hand, machine, supplies, etc.): 
Tailor (staff, supplies, etc.): 
Cleaning and hygiene (system, staff, supplies, etc.): 


Morgue (infrastructure, management, etc.): 
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Medical support services 


Pharmacy 

Pharmacy staff and management: 

Is there a standard list of medicines? 
Are stock cards used? 


Where do the drugs and medical equipment come from (regular supplier, local 
market, donations, etc.)? 


Is there a reliable system of communication between the pharmacy and the 
wards (request forms, delivery forms, etc.)? 


Did the pharmacy run out of basic drugs last month (penicillin, anti-malaria, 
paracetamol, ORS)? 


What are the storage conditions (air-conditioning, refrigerator, etc.)? 


Is medical equipment regularly maintained and serviced? 


Laboratory 
Laboratory staff and management: 


Tests available (haematology, chemistry, parasitology, bacteriology, 
serology, etc.): 


Source of supplies: 


Is there a reliable system of communication between the laboratory and the 
wards (request and results forms)? 


Quality of the working relationship between the clinical and laboratory staff: 


Blood transfusion 

Staff and management: 

Policy of blood sampling and transfusion: HIV/AIDS policy? 

Indications for blood transfusion/average number of requests: 

How are the blood units kept? Is there a functioning refrigerator to store the blood? 


Testing process and quality control: 


Imaging (X-ray & ultrasound) 

Staff and management: 

Average number of X-rays per day: 

Type and quality of machine: 

Are there guidelines for the prescription of X-rays? 


Is more sophisticated imaging equipment available? 


Other diagnostic services 


EGG, EEG, etc.: 
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Clinical services 


| Outpatient department (OPD) 


1. 


2. 


Role of the OPD (consultation, follow-up of patients, admission, emergency): 
Are there specialized OPDs? 

Are there criteria to admit the patient to the OPD? 

Is there a register with data about all patients seen every day? 

Average number of cases seen every day (medicine, paediatric, surgery, obstetric, etc.): 
Personnel in charge (MD, medical assistants, nurses): 

Is there a clear roster? 

Opening days and hours: 


Main pathologies: 


. Access to laboratory and imaging: 


Admission/emergency department 

Number of beds: 

Is there a team on duty 24 hours a day; composition of the team? 

Is there an on-call system in place? 

Is there an admission book or regular procedure for admitting and registering patients? 
Is there a regular procedure to send patients to the appropriate wards or to the OT? 
Number and type of emergencies per day: 


Are basic supplies and equipment available? 


Operating theatre (OT) and anaesthesia 

Staff and roster: 

Hygiene of the OT: 

Is there an accurate operation book? If yes, number of surgical operations in the last month: 
What kind of surgery is performed? 


What kind of instruments and sets are available (laparotomy, caesarean section, 
debridement, skeletal traction sets, etc.)? 


Number of operating rooms, tables: 
Surgical linen (availability and source of provision): 
Functioning surgical equipment (lamps, suction, diathermy, oxygen, etc.): 


Source of materials and consumables: 


Sterilization 
Staff and roster: 
Equipment (autoclaves, dry ovens): 


Protocols in place? 


Anaesthesia 
Staff and roster (MD and/or anaesthetist nurses): 


Is a laparotomy performed safely with full muscle relaxation (including 
endotracheal intubation) by a trained anaesthetist? 
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Common anaesthesia (gas, ketamine, spinal, local): 
Type of anaesthesia machines: 


Availability of other equipment (pulse oxymeters, oxygen supply, etc.): 


Nursing care 

Is there 24-hour nursing supervision in the wards? 
Are the patient records complete? 

Is the nursing handover book used properly? 

Are drugs administered on time? 


Is a laparotomy performed safely with the patient supervised (vital signs) for 
24 hours post-operatively in a room with light, and where he or she receives 
intravenous fluids and antibiotics? 


What do dressings look like (clean, smelly, etc.)? 
Are bedsores a problem? 


Are relatives involved in patient care? 


VII Frequently asked questions 


1. 


2. 


Availability of mosquito nets for all beds: 


Is there an admission book or regular procedure for admitting and registering 
patients in the ward? If yes, number of admissions to the ward in the last month? 


Is there a person in charge of the admissions who controls a system whereby the 
patients are assessed and then go to the OT or receive treatment? 


Are new admissions systematically seen by a senior surgeon/MD and within what 
timeframe? 


Are there regular rounds in the wards and/or regular meetings to discuss the cases? 


Are the diagnosis and treatment clearly formulated in the patients’ files and the 
treatment copied onto the patients’ charts? 


VIII Surgical care 


1. 


2s 


Main pathologies present in the wards (fractures, burns, chest, abdomen, etc.): 
Management of the ward/hygiene: 

Human resources (number, composition, roster): 

Infrastructure and beds: 


Is a laparotomy performed safely — patients seen a few days after operation with 
healing wound and eating normally? 


Can five or more laparotomies be performed in 24 hours under good conditions 
including anaesthesia? If not, why? 


What type of orthopaedic treatment is present in the surgical wards (POP, skeletal 
traction, external or internal fixation)? 


What do the wounds present in the ward look like (clean, dirty, smelly, pus)? 


Physiotherapy unit 
Are patients walking on crutches in the wards? If not, why? 
Management of physiotherapy department: 


Human resources: 
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Further comments 


1. Particularities of the context: 


2. Do you have any requests for the ICRC (logic and rationality of the request)? 


Conclusion 

1. First general impression (cleanliness and hygiene, staff present, presence of 
patients): 

2. Main positive findings: 

3. Main negative findings: 

4. Capacity to cope with mass influx of wounded: 

5. Emergency/contingency plan: 

6. Proposals: 


7. Next step: 


Please note: 


This sample form may be photocopied and is also available as a downloadable 
document on the accompanying DVD. 
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ANNEX6.B Strategic assessment of a conflict scenario 


The main appraisals in a strategic assessment of a conflict situation in order to 
determine some of the factors influencing the chain of casualty care are the 
following: 
1. Geography: 

a. topography of the conflict area 

b. routes of communication and transportation 


c. distribution of medical facilities available and their safety 
2. Where is the fighting taking place? Safe areas, dangerous areas? 
3. Where do patients come from? 
4. How many wounded are there? 


5. Who are the wounded? 
a. trained soldiers in a regular army 
b. guerrilla fighters, militiamen 


c. civilians 


6. Who performs first aid, if anyone? 
a. National Red Cross/Red Crescent Society volunteers 
b. military services 
c. trained civilians (RC/RC community-based first aid, MoPH) 
d. untrained civilians 


e. non-governmental organizations 
7. Assessment of efficiency of first-aid system 


8. How are the wounded transported from point of wounding to hospital? 
a. private means 
b. public transportation 
c. ambulance service 


d. military services: air, land, etc. 
9. Assessment of efficiency of evacuation system 
10. Which hospitals receive the wounded ? 
11. Assessment of work performed in hospitals and their capacity to receive and 


treat patients (see Annex 6. A: Initial assessment of a surgical hospital treating 
the war-wounded). 
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12. Which other actors are present in the area? 
a. National Red Cross/Red Crescent Society 
b. ministry of public health 
c. military medical services 
d. national non-governmental organizations 
e. missionary clinics or hospitals 
f. foreign non-governmental organizations 
On the basis of the above assessment, the military or civilian health services or 


National Red Cross/Red Crescent Society should take action to fill in any gaps by 
creating the following facilities. 


1. System of first-aid posts. 
2. Transport system. 


3. Reliable surgical units: central, regional, zonal, local; alternative sites for hospitals; 
convalescence houses. 


The above-mentioned institutions have several means of intervention to face the 
challenge of establishing an efficient chain of casualty care. 


1. Negotiation with the various belligerents to make sure international 
humanitarian law is respected in order to ensure that: 
a. medical personnel has access to the wounded and sick; 
b. the wounded and sick can reach medical care; 
c. first-aid and health personnel and structures are safe. 
2. Support to existing health structures, which may take the form of infrastructure 


renovation, equipment, medical supplies, or re-enforcement with human 
resources. 


3. Mobilization of local infrastructure and human resources to improve the chain of 
casualty care or project forward medical care for the wounded. 


4. Mobilization of international agencies to supplement national efforts. 


Please note: 


Points 1 — 12 of this sample form are available as a downloadable document on the 
accompanying DVD. 
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Fig. 12. Simplified block diagram of a harmonic chipless tag with 
sensing capabilities. After [109]. 
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exploiting two orthogonally polarized antennas. With this 
approach, the sensor information can be extracted by a 
suitable reader equipped with two complex (I/Q) receivers. 
It must be observed that chipless tags, due to their in- 
herent simplicity and extremely low number of lumped 
components, are easily realizable on flexible substrates by 
means of metal laminate [29], [30] and inkjet printing 
technologies. In particular, antennas [112], diodes [113], 
and passive sensing elements [114]-[117], i-e., all the main 
tag components, have already been experimented in 
cellulose-based materials. This will soon make SSs, equipped 
with sensing chipless tags, feasible at affordable prices. 


VI. QUASI-OPTICS 


“Quasi-optics concerns the propagation of EM radiation 
when the size of the wavelength is comparable to the size of 
the optical components (e.g., lenses, mirrors, and apertures) 
and hence diffraction effects become significant” [118]. 

In optics, operations are usually performed by using 
lenses. At EM frequencies, by following the quasi-optics 
analogy, lenses become large arrays, several wavelengths 
in size, of unconnected elements, each of them being able 
to get part of the signal incident on the array (usually 
focused by using a Gaussian beam), to carry out an ope- 
ration and to irradiate the modified signal. The sum of the 
radiated signals modified by the array elements ends up in 
a radiated beacon elaborated with respect to the incident 
one [118]-[120]. From a historical point of view, quasi- 
optics was first introduced experimentally by Heinrich 
Hertz in the late 1880s [120] when he demonstrated the 
possibility of collimating EM signals on a multiwavelength 
surface by using cylindrical reflectors and studying effects 
that, until that time, were observed only at infrared and 
visible EM spectrum. 


After more than 70 years, owing to the increasing 
demand for bandwidth and to the development of optical 
wavelength systems, quasi-optics experienced its palin- 
genesis at the millimeter and submillimeter wavelengths. 

We can classify the quasi-optical components into three 
main categories: frequency independent, frequency selec- 
tive, and active devices. Frequency-independent surfaces 
include: delay lines, polarizing grids, hybrid junctions 
[121], attenuators [122], power dividers [123] and combi- 
ners [124], nonreciprocal devices [125], [126], absorbers, 
and calibration loads. Frequency-selective surfaces [127]- 
[129] include: inductive grids, capacitive grids, resonant 
grids, thick structures (perforated plates), and interferom- 
eters. Active devices include: oscillators [129], [130], am- 
plifiers [131], [132], mixers [133], [134], phase shifters 
[135], [136], multipliers [108], [137]-[139], and switches 
[140]. This approach has been used so far mainly at milli- 
meter and submillimeter frequencies because, being the 
size of the apparatuses proportional to the wavelength of 
the radiated wave, lower frequencies would have been 
prohibitive due to the very large size required. With the 
present development of technologies for LAE, however, 
quasi-optics has become a feasible approach even at RF and 
microwave bands, where large arrays of operational ele- 
ments can be conceived. 

Inheriting the quasi-optical approach, contact-less EM 
wave processing (filtering, frequency conversion, selective 
shielding, etc.) can be implemented even at low frequen- 
cies (in the order of megahertz). Two pioneer examples are 
switches [140] and the cross-dipole frequency doubler, 
proposed in [108], and implemented in [141], where, 
among various operating principles, the generation of 
harmonics is chosen to demonstrate the feasibility of such 
a component at microwave frequencies. 

The layout of the proposed quasi-optical frequency 
doubler is shown in Fig. 13. The structure is inkjet printed 
on a cellulose-based substrate (a piece of photografic paper 
from Kodak). It consists of two crossed \/2 dipoles. The 
longest dipole receives the incoming power at the 
fundamental frequency fo = 3.5 GHz, while the shortest 
one transmits the generated power at the doubled 
frequency 2fo in an orthogonally polarized orientation. 
The length of the dipole operating at fo is 32 mm, while the 
2fo dipole is 16 mm long. The width of the tracks used to 
implement the dipoles is about 2 mm. The multiplication 
is provided by four diodes in a bridge configuration, thus 
forming a fully balanced multiplier unit. 

Due to the omnidirectional nature of the dipole an- 
tenna, the harmonic signal is irradiated with the same 
intensity in the azimuthal plane (small differences are due 
to both the dielectric substrate and the planar nature of the 
dipole conductors). This means that the harmonic signal is 
reflected toward the reader and the transmitter toward 
other directions at the same time. A measurement of the 
received power at 2fp = 7 GHz is reported in Fig. 13(b). 
Here the interrogation distance is 10 cm and the 
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ANNEX 6. C Humanitarian intervention for the 


wounded and sick: typical settings 


Many factors affect the deployment of humanitarian medical teams: this Annex helps 
to analyse a number of them. The terminology used is an operational description and 
has no legal significance. 


Possible scenarios 


Military activity, natural disaster or major accident? (Is health infrastructure 
intact?) 


Military context: classical front lines, guerrilla war, internal troubles, post-conflict 
(particularly the presence of landmines, cluster bombs and other unexploded 
ordnance) 


Urban or rural setting? 
Industrially-developed or low-income country: funds available? 


Human resources: trained doctors, nurses, and first aiders in sufficient, limited 
numbers, or very few? 


Three typical general settings for a humanitarian intervention exist. 


1. 





Optimal situation: 
adequate access to medical care in spite of the violence and conflict. 


Austere situation: 
poverty before the conflict has already jeopardized access to care. 


Dire situation: 
very poor access to care because of the violence and conflict, sometimes 
compounded with pre-existing poverty. 








Urban in a developed Poor rural area Developing country 

country Major destruction 

Single, isolated event (e.g. | Ongoing low-intensity Continuous heavy fighting 

act of terrorism) fighting (e.g. guerrilla and/or bombardment 
warfare) 

Small irregular numbers —_| Discontinuous/ Continuous but 

(compared to the intermittent flow, unpredictable flow, 


population of the city) 


including massive influx 


including massive influx 





Intact and functioning 


Poor or irregular (e.g. few 
good roads, hospitals 
lacking supplies) 


Severely damaged or 
dysfunctional (roads 
damaged, debris in streets, 
hospitals looted, etc.) 














Good Poor to moderate None or poor 

Irregular 
Adequate (in number and | Variable Minimum available or 
skills) complete lack 
Adequate (in quantity and | Irregularand inadequate | Irregular supply or non- 
quality) existent 
Good (daytime, good Harsh Bleak (night, cold, heat, 
weather) etc.) 





Safe and short 


Predictable but long and 
arduous 


Uncertain or unknown 





Known and available 





Known but variable 





Unknown or absent 
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Types of situations of armed conflict and violence and their effects 
on humanitarian medical work? 



































A straightforward Intense fighting | Unpredictable; hit and May coincide 
war between country | within one country | run skirmishes, often with | with any of the 
X, and its allies, and a vested interest in the other situations 
country Y, and its allies continuation of anarchy 
Easily visible, and Not all wear Armed individuals, gangs, | Purely self- 
wearing distinctive | uniforms bandits, and militia interested 
uniforms Government forces | groups individuals or 
opposing well- groups 
organized military 
groups 
Well known May notexist, or | Linked to constantly At the fringes 
may change very _| shifting alliances among _| of the conflict, 
quickly or between forces combatants 
ready to take 
advantage of 
circumstances 
Structured and with | Tenuous points Not clear, and variable Traditional and 
available points of ofcontactonthe | from one faction to local leader, 
contact opposing sides. another (often based personalized 
onanindividualleader —_| (e.g. street gangs) 
surrounded by a small 
group and supported by 
part of the population) 
Parties aware of their | Acertain degree of | Very little, witha IHL unknown or 
obligations and try to | respect complete breakdown of | no regard for, or 
meet them law and order both 
Classic Classic Extremely difficult ? 
Low Growing andless | Very high, perhaps Very real and 
predictable bordering on the very dangerous 
unacceptable threat 
Few, ifany More restrictions, | Severely restricted ability | Numerous: 
negotiations, tointervene—vehicles, | greatest caution 
controls and radios, goods, etc. are required 
delays, etc. extremely attractive to 
the warring parties 





Model scenarios 


In contemporary armed conflict, health staff and structures are called upon to 
function in various scenarios: typical ones include the following. 


1. Safe urban setting 
+ Urban, developed environment 


+ Single, isolated event 


+ Casualty numbers relatively small compared to population of city 


+ Infrastructure intact: roads, emergency vehicles 


+ Health infrastructure intact, sophisticated hospitals 


« Short evacuation time: route is secure 


*« Good communications 


+ Personnel: adequate number and quality of trained health staff 


+ Materials adequate 


+ Environment good: weather, daytime 





3 The terminology used is an operational description, not a legal one. 
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+ Final destination of the wounded is known 


2. Unsafe urban setting 

+ Low-income country: under-developed or destroyed urban setting 
+ Continuing danger: street fighting and bombardment in city 

+ Continuing and unpredictable casualty flow including massive influx of wounded 
+ Poor infrastructure: potholed roads, debris in streets 

+ Disrupted health infrastructure: hospitals damaged or looted 

+ Availability and length of evacuation uncertain or unknown 

+ No or poor communications 

+ Minimum health personnel available 

+ Material re-supply uncertain, irregular, or non-existent 

+ Environment poor: cold, wet, dark 


+ Final destination of the wounded not always obvious 


3. Unsafe rural setting 

+ Low-income country: under-developed rural area neglected in peacetime 
+ Constant danger: ongoing combat, landmines 

* Continuing and unpredictable casualty flow 

+ Poor infrastructure: badly maintained or no roads 

* Poor health infrastructure: few health posts, even fewer district hospitals 
+ Availability and length of evacuation uncertain, long and arduous 

- No or poor communications 

+ Minimum health personnel available 

- Material re-supply uncertain, irregular, or non-existent 

+ Environment poor: extreme cold or heat, rainy season and dry season 


- Final destination of the wounded not always obvious 


4. Safe but austere setting 

+ Low-income country 

+ Continuing danger: ongoing low-intensity warfare 

- Discontinuous casualty flow; includes irregular mass evacuations 
+ Poor infrastructure: few good roads and few vehicles 


¢ Minimum of health infrastructure: some rural clinics or health centres, fewer district 
hospitals 


+ Evacuation predictable but long and arduous 

- Poor to moderate communications 

+ Minimum to moderate number of health personnel available 
+ Minimum material re-supply 

+ Environment harsh 


- Final destination of the wounded: distant, but known 
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7.1 ‘First aid: its crucial importance 


Optimal management of the injured involves a continuum of care from the point 
of wounding to the surgical hospital: the chain of casualty care. The surgeon 
wishes to receive patients who arrive in good condition and well-stabilized, in a 
timely manner, and according to priority for treatment. To understand how this is 
achieved, or not, there are a number of things that need to be known about first 
aid. In addition, the surgeon working in a conflict area may well be called upon 
to participate in the training of first aiders to achieve a more efficient chain of 
casualty care. 


First aid is the initial assistance given to an injured or sick person until the condition 
of the person is stabilized or remedied, or professional medical help is made available. 
How first aid is applied varies according to the security environment, the number and 
condition of the wounded in a particular location, the resources that can be mobilized 
for care, transport, and access to surgical hospitals and the latter's capacity to receive 
and treat patients. 


Since its foundation, the International Red Cross and Red Crescent Movement has 
been, and continues to be, predominantly associated with the provision of first aid. It 
pioneered the concept of immediate response by first aiders and local communities 
to the consequences of war, disasters and epidemics. 


The goals of a first aider in action are: 

+ to preserve life through the support of vital functions; 

+ to intervene securely and safely; 

+ to limit the effect of injury and to prevent further injury; 

+ to prevent complications and disability; 

+ to alleviate suffering and to provide psychological/moral support; 

+ to promote recovery; 

+ to ensure proper handover of the injured and sick to healthcare professionals 
when needed. 


First aiders can also help mobilize their community to prepare for and respond to 
emergencies that happen in everyday life and during crises such as armed conflict. 


Experience has shown that one of the most important factors determining the 
outcome of the management of the war-wounded is the pre-hospital phase. 
First aid saves lives and decreases morbidity. It also results in easier surgery, thus 
decreasing the hospital surgical burden. Furthermore, up to 40 - 60 % of the civilians 
and soldiers wounded during armed conflict do not require hospitalization. First aid 
measures — plus a simple oral antibiotic and analgesic — constitute all the treatment 
they need. Military terminology calls them “returned to duty” (see Chapter 5). 





The provision of first aid is one of the fundamental responsibilities of military 
medical services, National Red Cross and Red Crescent Societies and, increasingly 
in contemporary armed conflict, of medical staff in both urban and rural public 
hospitals. The essential role of local communities in providing assistance on the 
spot should not be forgotten, as Henry Dunant, founder of the Red Cross and 
inspiration behind the Geneva Conventions, witnessed after the battle of Solferino 
on 24 June 1859." 





1 See Henry Dunant. A Memory of Solferino. ICRC: Geneva; 1986. 
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Consequently, basic first aid, initial and refresher training, should be supported among: 
+ the general population; 

« soldiers and members of security forces; 

* community healthcare workers; 

+ military and other medical staff (nurses, doctors and surgeons). 


Commanders do not appreciate seeing their troop levels decrease when healthy 
uninjured soldiers are involved in transferring their own wounded because first-aid 
services are inadequate in the field. The fighting capacity is then doubly reduced. 


Advanced competencies can be added to the training curriculum of those specially 
dedicated to providing first-aid services in the field, such as military medics and the 
first-aid teams of the National Red Cross and Red Crescent Societies, as a forward 
projection of resources. 


7.2 First aid in the chain of casualty care 


First aid starts at the point of wounding, but can be given anywhere and everywhere 
along the chain of casualty care to the place of definitive treatment. 


Point of wounding 
On-the-spot first aid, performed in the field and often on the actual battlefield: this 
may be self- or “buddy-” first aid if combatants have received the proper training prior 
to deployment. Otherwise, it is practised by a military medic, civilian or Red Cross/Red 
Crescent first aider. 


Collection point 

It is common practice and convenient to bring all the wounded to one spot, 
depending on the tactical situation, to evaluate their condition, start first aid if it 
has not yet been given, and stabilize those for whom lifesaving measures have 
already been undertaken; and then to decide who needs to be evacuated for further 
treatment according to triage priorities. This is best served by a first-aid post (FAP). 


Evacuation 

The decision to transport a casualty should be assessed carefully considering the 
dangers and difficulties inherent in situations of armed conflict. Whatever method 
of transport is used along the chain of casualty care, first-aid measures should be 
maintained throughout. 


Hospital emergency room 

In the rural areas of a poor country and during urban warfare, the first site where 
any care is available is often the emergency reception of an established hospital. Even 
if there is an efficient emergency transport service, family and neighbours often do 
not wait for it and prefer to transport the wounded directly to the hospital, whose 
emergency room (ER) then serves as a first-aid post. 


The degree of development and sophistication of the emergency transport and 
emergency medical services in a given country will determine what level of first aid 
and triage are performed “in the field” and what occurs only in a healthcare facility. 


Even in armed conflicts, ordinary life goes on. There is no let-up in road traffic crashes, 
accidents, or diseases among the local population, as well as combatants. The efficient 
work of first aiders is as necessary as usual. 
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7.3. First aiders: an important human resource 


Usually first aiders are organized in teams with proper supervision and equipment, 
such as those of the Red Cross or Red Crescent or of the military. Civilian and Red Cross/ 
Red Crescent first aiders are an essential part of the healthcare team given that they 
are members of the local community, reflect its characteristics, and are well accepted 
by society. They take on many roles from the front lines to the healthcare facility; their 
availability and versatility are respected. 


Therefore, it is important to respect their knowledge, and appreciate their courage 
and dedication. They have important rights and duties according to international 
humanitarian law, and should be trained accordingly. They should also be trained in 
the methods and practice of triage. Not only is it important to welcome them when 
they bring in a casualty but also to give them feedback on the measures they have 
taken and on the evolution of the casualties they have already brought in, to ensure a 
proper handover of the patient and prepare for future work. The surgeon plays a vital 
role in this communication with first aiders. 





The presence of first aiders before, during and after emergencies helps rekindle the 
humanitarian spirit of individuals and communities, inspiring tolerance and ultimately 
building healthier and safer living environments. 


7.4 Essential elements of the first-aid approach 
and techniques 


7.4.1 Security first and always 


One of the specific characteristics of armed conflict, as mentioned, is the particularly 
hazardous situations encountered, more dangerous than during natural catastrophes 
or industrial accidents. The situation is made even worse because of the will of 
combatants to continue fighting and inflict harm after the initial damage has been 
done, and the increasing unwillingness of many combatants to recognize and obey 
the rules of armed conflict. 


First aiders are exposed and at great risk, or are at times even targeted in an ambush or 
a gun battle. All too often, when a bomb explodes or is dropped there is a rush of first- 
aid rescuers to the site; a second bomb goes off a short time later causing far more 
casualties than the first. Furthermore, the work space may be limited by an excited 
and angry crowd of bystanders and the casualties’ friends, relatives and comrades, 
who may threaten first aiders. 


This entails practical consequences for the first aider and imposes necessary constraints 
for the safety of patient and first aider alike. A wounded first aider needs help and 
cannot help others. The question of first-aid care under fire — for military personnel - 
will depend on the doctrine and training of each army. 


As previously stated, the sick and wounded benefit from protection and the first 
aider has rights and responsibilities according to international humanitarian law. 
An opportunity to provide care more safely may be created by negotiations or a 
ceasefire. The military may choose to remove the threat or provide security by 
armed force. This does not mean first aiders need not take security measures prior 
to engagement in the field. Circumstances determine how and when care can be 
provided with acceptable risk. 
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Fig. 13. Cellulose-based prototype of the (a) crossed-dipole frequency 
doubling tag and (b) measured second-harmonic response. The 
measurements have been carried out interrogating the tag at 

fo = 3.5 GHz and receiving the 2f9 = 7 GHz frequency component. 

The interrogation distance is 10 cm, and the transmitted power is 
equal to 20 dBm. The transmitter is equipped with a two-element 
Yagi antenna at fo, while the receiver uses a helix antenna at 2f9. 

The fundamental frequency dipole is 32 mm long. After [141]. 





transmitted power is equal to 20 dBm. The transmitter 
(reader side) is equipped with a two-element Yagi antenna 
at fo, while the receiver (reader side) uses a helix an- 
tenna at 2fo. In these conditions, the power received from 
the cellulose-based (paper) tag prototype at 2f) is about 
—80 dBm. The same structure implemented on a plastic 
substrate produces more power, mainly because of a better 
frequency tuning. An improved efficiency could be 
achieved by: 1) adopting a frequency multiplier with better 
harmonic terminations; and 2) using directive antennas in 
order to address the power only toward the reader. 

In the frame of the IoT, the crossed-dipole tag is a very 
simple one-bit tag that can alarm a system when it is placed 
within the range of the reader. However, with very simple 
modifications, this idea can be used to implement a variety 
of on/off sensors (the paper substrate can be easily torn 
when a certain mechanical strain is exceeded). 

The crossed-dipole structure can also be used as a 
building block to form arrays, an example being shown in 
Fig. 14. These arrays are mainly intended for LAE applica- 





Fig. 14. Example of quasi-optical frequency doubler based on anarray 
of crossed dipoles. This structure is implemented on a Rogers 
substrate, but this can be substituted with a cellulose-based material 
to reduce costs and obtain mechanical flexibility. 





tions where a complete surface can be interrogated and 
answered by generating a harmonic signal. The fabricated 
prototype uses a Rogers substrate, thus it is not flexible. 
However, adopting a cellulose-based substrate, a flexible 
structure can be built. The bending capability of cellulose- 
based circuits is quite good and only limited by the discrete 
components mounted on them. 

The second example consists of a paper-based contact- 
less frequency doubler for harmonic RFID applications 
[142]. The doubler, realized on paper substrate, generates 
the harmonic signal by means of a single Schottky diode. 
The system operates at 7.5 and 15 MHz, and these fre- 
quencies are chosen, without lack of generality, to accom- 
plish the realization of a fully organic frequency doubler 
exploiting paper printed coils and organic diode 
(pentacene-based), the present frequency limit of which 
is around 15 MHz [143]. Fig. 15 shows a picture of the 
organic tag, while Fig. 16 shows the doubling efficiency of 
the organic tag versus transmitting/receiving (TX/RX) 
distance, assuming TX power as a parameter (for the sake of 
completeness, it is worth noting that TX and RX antennas 
of the reader are equal to the RX and TX antennas of the 
tag, respectively). 

As a final remark, it is worth noting that, to the authors’ 
knowledge, only planar developments of quasi-optical arrays 
have been proposed so far; reasonably, combining quasi- 
optics with LAE related technologies can lead, in the near 
future, to new SS solutions only in a limited planar extent. 


VII. SMART FLOOR 


The new concept of smart cities is generating a group of 
new scenarios that will impose a new way people interact 
with the environment. This immersion brings the IoT to a 
new level of relationship with people and environment, 
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An absence or limitation of transportation and the impossibility of deploying 
personnel in the field to perform first aid because of political or security constraints 
— all too often the case in the circumstances where the ICRC works — will cause some 
patients who might otherwise have survived to die, and surviving patients to have 
established infections and other complications which lower their subsequent chances 
of quality survival. The challenge is how to deploy and organize the necessary first-aid 
personnel, material, and equipment in the field. For the military, this is also a challenge 
but has a different connotation. Tactical considerations may mean that soldiers must 
“win” the firefight before treating or evacuating the wounded. 


7.4.2. Basic actions 


The basics of a routine first-aid deployment apply, while at the same time safety and 
security must be ensured. 


Preventing further injury: removing casualties from danger 

A wounded person is more likely to be injured again or even killed, especially if 
the person cannot take measures of self-protection, such as seeking cover from 
shooting or bombing. The prevention of further injury thus involves removing 
casualties from the point of wounding, and putting patients and medical 
personnel in as safe a place as circumstances allow. Furthermore, conscious and 
walking wounded must be separated from the others as a matter of scene security 
management, as well as triage. 


Preventing aggravation of the injury: sheltering the casualties 

Shelter offers some protection from further injury in a combat environment, and 
also provides a shield from the elements. Exposure to the sun and heat, or cold 
and rain, are deleterious to the wellbeing and stabilization of the injured. It is 
also easier and more efficient to deliver medical care when working under more 
comfortable physical conditions. 


Performing the standard sequence of basic life support 
1. ABCDE sequence leading to immediate life-saving measures. 


2. Complete examination leading to stabilization measures. 


3. Additional measures: 
— keeping the casualty warm; 
- ensuring proper rehydration; 
- providing psychological support. 


4. Monitoring of the casualty’s condition and the efficiency of the measures taken. 





The analysis of the trimodal distribution of deaths in Chapter 5 demonstrated that 
first-aid measures in the first instance should specifically target those injuries that 
are severe but potentially survivable. Thus, the primary objectives of immediate life- 
saving measures are the following. 


1. Establish and maintain an adequate open airway. 
2. Maintain breathing. 


3. Maintain circulation by controlling peripheral haemorrhage and reducing or 
preventing shock. 
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In the second instance, first-aid measures target the great majority of casualties: those 
who suffer fractures and soft-tissue injuries, which may cause disability. 


The patient must be exposed in order to perform a correct and complete examination. 
Cultural and religious constraints, as well as the tactical situation, may impose limits 
as to how much a casualty may be undressed in the field. 


All injured persons who have bled lose body heat, even in the tropics. It is important to 
avoid hypothermia, which can have disastrous results later in terms of coagulopathy 
(see Chapter 18). Casualties should be covered with a simple sheet or blanket, 
depending on the prevailing climate, without forgetting to put something under the 
patient since much body heat is dissipated into the ground. 


National and institutional guidelines will establish the protocols for the level of 
treatment (i.v. fluids, antibiotics, analgesia, endotracheal intubation, etc.) that are 
implemented in any first-aid programme. 





7.5 Setting up a first-aid post 


The establishment and organization of a first-aid post should rely on a large dose 
of common sense to determine what is practical and realistic in a given situation, 
and will depend on how long it will operate (from a few minutes to a few days 
or weeks). 


7.5.1 Location 


Choosing a site for an FAP should follow certain rules. It should be placed in a secure 
position, far enough from the fighting not to be in danger, yet near enough to enable 
the rapid transfer of casualties to the post. For operational and security reasons, its 
location should be indicated as soon as possible to the dispatch or command centre of 
the chain of casualty care. Its presence should be made known to the local population 
and combatants, who are the potential beneficiaries of its services. A prominently 
displayed distinctive emblem (a red cross, red crescent or red crystal) large enough 
to be seen from all directions and from as far as possible helps to identify the FAP and 
provide protection under IHL. 


7.5.2 Infrastructure 


An FAP is a functional unit: it can therefore be set up in a makeshift fashion under 
a tent, in a school, or any available building; or in an already existing dispensary 
or primary healthcare centre. Certain minimum requirements should be fulfilled: 
appropriate shelter against the elements; adequate size to accommodate casualties 
on stretchers; easy access for the “walking wounded” (e.g. avoid long stairways); and 
adequate in-and-out access for ambulances, and ample parking space. 
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Figure 7.1.1 


First-aid post: formal. 
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T. Gassmann / ICRC 


Figure 7.1.2 
First-aid post: ad hoc. 


7.5.3 Staffing, equipment and supplies 


The level of technical expertise of the personnel in an FAP will depend on the 
circumstances and standards of the country. Anyone from a first aider to a nurse, 
general practitioner or even a surgeon may be found working in an FAP. This allows for 
the “forward projection” of care for casualties (see Chapter 6). Equipment and supplies 
must meet minimum standards and be adequate for basic trauma care, and adapted 
to the personnel’s skills and local standards. Telecommunication equipment, if any, 
should be properly installed and placed in a reserved area. 


Please note: 


The Emergency Items Catalogue of the International Red Cross and Red 
Crescent Movement contains the description of a standard first-aid and triage 
post, equipped for experienced nursing staff and/or a general practitioner 
(see Selected bibliography). 


7.5.4 Organization 


The premises of the FAP should be organized and the staff prepared for dealing 
with a mass influx of casualties. The principles and practice of triage should be well 
understood by all present through simulation exercises (see Chapter 9). 


If the FAP stays open for a certain length of time, and the facilities allow for it, the 
following areas should be pre-arranged: 

+ admission area at the entrance to register and triage casualties; 

- holding area to care for and monitor casualties awaiting evacuation; 

+ waiting area for relatives, friends and comrades; 

* temporary mortuary; 

+ storage area for equipment and supplies; 

+ storage area for weapons removed from the wounded; 

+ rest area for personnel, and personal hygiene facilities. 
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7.6 ICRCinvolvement in first-aid programmes 


The ICRC supports first-aid programmes and activities in contexts of armed conflict 

and other situations of violence. These programmes include: 

+ deployment of medical staff to operate first-aid posts; 

+ training where no other organization has access (e.g. for irregular guerrilla groups); 

+ helping to adapt routine first-aid programmes of National Red Cross and 
Red Crescent Societies and other organizations to the context of conflict 
preparedness and response; 

+ development of strategic, management and planning capacities of national and 
local institutions and team leaders; 

+ provision of materials and equipment; 

+ assistance in the organization of an emergency care system; 

* production of standards and reference documents (see Selected bibliography). 


7.7. Debates, controversies and misunderstandings 


Detailed first-aid techniques are described in the manuals listed in the Selected 
bibliography. The rest of this chapter deals only with a few topics that may give rise to 
controversy or misunderstanding or are specific to the scenario of armed conflict. 


7.7.1 “Scoop-and-run” versus “stay-and-treat” 


Like the rest of the chain of casualty care, the organization of first aid requires 
planning and training. A strategy for the efficient care and evacuation of the 
wounded must be established. Two well-known strategies are described by the 
expressions “scoop-and-run” and “stay-and-treat” These derive largely from 
the civilian practice of emergency medical services and may not be particularly 
relevant in a context of armed conflict. 


In a peacetime environment, there is no impediment to patient transfer other 
than infrastructure and geography. The efficiency of evacuation is determined 
by the availability and coordination of transport, either by air (fixed wing with 
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airports or helicopters and helipads), or by land (proper roads, necessary vehicles, 
etc.); and the distances involved. The context of armed conflict is not as simple. 


Scoop-and-run implies basic first-aid measures, then taking the patient immediately 
to a surgical hospital. This is appropriate if the distances are short, reliable transport 
is available, and the nearby hospital is adequately supplied and staffed. Keeping 
patients on the spot until patient stabilization prior to evacuation — stay and treat — is 
correct if distances are great, infrastructure and transport are less than adequate, and 
proper surgical facilities are more difficult to access. 


In a military context, the factors of ongoing combat and enemy activity must be 
added to those present during peacetime. Here, scoop-and-run implies air superiority 
if helicopters are used, safe and controlled roads for transport over land, and, in both 
situations, surgical facilities at a reasonable distance. These conditions are fulfilled for 
only a few armies in the world, and even then only under certain tactical situations. 
More common is the establishment of a collection point or clearing station: that is to 
say “stay-and-treat”. How much “treatment” occurs depends on the forward projection 
of resources. The performance of more advanced techniques in the field has been 
discussed in Chapter 6. 


7.7.2. Mechanism of injury and the problem of the cervical spine 


The first aider, or other medical personnel, must immediately determine whether 
the casualty has suffered blunt or penetrating trauma. Blunt trauma above the 
level of the clavicles or causing unconsciousness requires immediate observation 
and immobilization of the cervical spine, while still giving priority to the airway. 
A penetrating wound to the brain causing unconsciousness requires no special care 
of the cervical spine. 


In the case of a penetrating missile wound to the neck hitting the cervical vertebrae, 
any damage to the spinal cord has already been done. Unstable cervical spine injury 
from a projectile results in permanent cord injury. The reported mortality is over 95 %. 
The first aider should be careful while handling the casualty, but cannot prevent 
damage that is already irreversible. A combination of blunt and penetrating neck 
injuries should be managed in the same way as blunt ones. 





M. Dalla Torre / ICRC 


Figure 7.2 


Gunshot wound to the mandible: no danger to 
the cervical spine. 
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7.7.3. ABCDE or C-ABCDE? 


In statistical terms, severe peripheral haemorrhage is the main lethal yet salvageable 
injury in a context of armed conflict (see Chapter 5). Various studies show that far 
more soldiers die from catastrophic peripheral haemorrhage than from airway 
obstruction or respiratory inadequacy. Thus, the “C” which stands for Catastrophic 
bleeding, may be put first, simply because it is more common. 


Once catastrophic external haemorrhage, which is quite obvious, has been excluded 
— the great majority of cases — the first aider should resort immediately to the standard 
routine of ABCDE. 


7.7.4 The tourniquet: when and how? 


The tourniquet is said to save lives, but endanger limbs. It is difficult to apply correctly 
and to maintain and supervise, and open to many complications if widely used when 
not necessary. Furthermore, the prolonged application of an improvised tourniquet is 
usually not effective and causes tissue damage by itself (Figures 7.3.1 and 7.3.2). There 
is little or no use for a tourniquet in civilian practice for the war-wounded. It may be 
applied as a last resort, when all else has failed, to temporarily control bleeding while 
packing the wound and applying a compressive bandage. It should then be removed. 





1) 
e 
Y 
— 
Bo] 
S 
sli} 
[a 
2 
i} 
0 
oe 


E. Winiger / ICRC 


Figure 7.3.1 Figure 7.3.2 


Improvised tourniquet: how effective? Improvised tourniquet: how harmful? Here a tourniquet was applied for 
more than six hours, resulting in a very high above the knee amputation. 


By far the most common and most effective technique for a first aider to control 
peripheral haemorrhage is direct pressure over the wound completed by a 
compressive bandage; or, if insufficient, pressure over the proximal artery in the axilla 
or groin, tamponade of the wound with dressings, and then a compressive bandage. 


The military might continue to use a tourniquet under certain tactical circumstances: 
to free the hands of the single medic when dealing with mass casualties; while 
performing first aid under direct fire, and especially at night. Some armies equip their 
soldiers with a pre-manufactured self-applicable tourniquet applied with one hand 
to allow a wounded soldier to continue participating in combat. The ICRC declines to 
pronounce on these tactical considerations, but warns against an all too easy abuse 
of the tourniquet as has been seen in many wars in the past. 


The use of a tourniquet for crush injuries (people trapped under the rubble of a 
collapsed building whether due to an earthquake or bombardment) is justifiable, and 
due precautions should be taken to ensure rehydration/resuscitation and thereby 
avoid the complications of the otherwise inevitable myoglobinaemia. 


For further information on crush injury, see Volume 2. 


New locally-active haemostatic powders and sponges to promote clotting in 
traumatic wounds are being tested by some armies; however direct pressure must 
still be applied. The ICRC has no experience with these and, like most others, eagerly 
awaits the published results of these field trials. Cost and availability will be factors to 
be taken into consideration for their use worldwide. 
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Figures 7.4.1 and 7.4.2 


7.7.5 Resuscitation or rehydration? 


The first aider can only implement simple procedures in the field. The administration 
of intravenous fluids requires a certain degree of medical knowledge and specific 
equipment that are beyond the normal scope and competencies of a first aider. He 
can be involved in the monitoring of a perfusion, however. 


The subject of pre-hospital i.v. fluids has given rise to considerable controversy. 
Maintaining adequate tissue perfusion and oxygenation is balanced off against 
the dilution of clotting factors and the dislodging of existing clots when the blood 
pressure goes up (“popping the clot”). The currently recommended “hypotensive 
resuscitation” involves giving fluids to a just palpable radial pulse - equivalent to a 
systolic blood pressure of 90 mm Hg - and no more (see Chapter 8). 


A great deal of this controversy concerns efficient civilian trauma systems where 
evacuation times are short, less than 2 hours. It is probable that only the war-wounded 
showing obvious clinical signs of shock require pre-hospital i.v. fluids. In addition, 
in many contemporary conflicts transfer to a hospital takes much longer - days or 
even weeks — where “popping the clot” is not really relevant. Rehydration — as part of 
resuscitation —- may be a more appropriate term under these circumstances. 


If the wounded patient is conscious and not suffering from head trauma, the first aider 
can rehydrate with oral fluids (e.g. oral rehydration salts), especially if evacuation is 
delayed and transport long. This procedure is probably not employed nearly enough. 
Oral rehydration can probably be given with no detriment to the patient even in cases 
of abdominal trauma, and especially for severe burns. 


7.7.6 Supplemental oxygen in the field? 


Warning! 


Oxygen cylinders are the equivalent of a bomb if hit by a bullet or piece of shrapnel. In 
addition to the danger they represent, the cylinders are heavy and must be replaced, 
lasting only a short time at high flows. Furthermore, their replenishment is complex 
and requires special factory capacity. 


Oxygen cylinders must be ruled out in the event of any deployment to a dangerous 
area. This is now standard ICRC policy. 








Palestine Red Crescent Society 


Ambulance destroyed by the detonation of an oxygen cylinder which has gone through the roof like a rocket. The photos show the ambulance and the 


cylinder on the ground. 
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Depending on security conditions, the collection point or intermediate station may 
have oxygen available. An oxygen concentrator (requiring an electrical supply) is 
preferable to compressed cylinders. 


L. Berlemont / ICRC 
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7.7.7 Disability: the AVPU system 


Disability refers to the neurological status of the casualty: the state of consciousness 
and any paralysis due to injury to the spinal cord. 


The Glasgow Coma Scale is the hospital standard. However, a simpler determination 
of consciousness is the AVPU system and it may be easier for first aiders to use in 
the field. It easily translates into the Glasgow system when the patient arrives at 
the hospital and gives the surgeon a good appreciation of the evolution of the 
patient’s condition. 
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The casualty does not respond to any stimuli. 





Other conditions may influence the level of consciousness: hypoxia, shock, 
medication, and narcotics and alcohol (the latter all too often consumed to excess 
during times of armed conflict). 


In the field, securing the airway is the first step to take when facing a casualty whose 
consciousness is compromised. 


Examination of the spinal cord and vertebral column 

This involves two phases: determining the movement of the limbs —- comparing the 
two sides - and palpation of the bony prominences of the spine. Palpation of every 
vertebra — like “fingers playing on piano keys” — aims to identify any induration 
or deformity. If there is any danger to the spinal cord, then the four-person log-roll 
technique should be used to move the patient onto a stretcher. The cervical spine 
can be immobilized initially by manually controlling the head before a neck collar/ 
Minerva splint is placed. Immobilization of the cervical spine must not increase the 
risk of airway obstruction, however. 


The importance of the mechanism of injury, blunt or penetrating, has already been 
mentioned. In all cases of suspected injury to the vertebral column, proper handling 
of the patient and immobilization techniques are of the utmost importance; the injury 
may already be there, but the first aider should act in such a way that he does not 
worsen the condition. 


7.7.8 Evacuation: a risk to take 


Transportation of the wounded is always difficult, always takes longer than expected, 
adds to the trauma, and can be dangerous to the patient and those transporting the 
casualty: the famous “mortality of the ambulance ride” In situations of armed conflict, 
the danger of the ambulance ride is complicated by the risks of ongoing combat. 





Y. Muller / ICRC 


Figures 7.5.1 and 7.5.2 


Different means of patient evacuation: modern 
and traditional. 
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Speed is less important than safety of transport: ambulance crashes are notorious. 
All these parameters, aggravation of the patient's condition, use of resources and 
security, must be weighed against the likely benefits of moving the wounded. 


In an urban environment, it is normal for a first aider to bypass the neighbourhood 
clinic if the injury is serious, and to evacuate to a clinic for a minor wound in order not 
to overburden the hospitals. Unfortunately, city-dwellers often spontaneously rush 
patients to hospital no matter how slight the injury. Evacuation and transport may 
be difficult and dangerous during urban fighting even if distances are very short and 
transfer may be delayed while waiting for a calm period or ceasefire. 


There is also the confusion that reigns during street fighting and the highly-charged 
emotional atmosphere to contend with. Lack of discipline to perform good pre- 
hospital triage — and the “pressure” of bystanders — can result in chaos in the receiving 
hospital. The first wave of ambulances transports the dead and badly mutilated. 
The second wave of ambulances carries people who are shouting, hysterical, and 
frightened: the lucid and superficially injured. The third wave evacuates the seriously 
wounded who truly require emergency treatment; these patients lie still - they are 
usually haemorrhaging — without shouting to bring attention to themselves. 


In remote rural areas, if transportation takes many hours or even days, it is logical to 
project forward competencies by training local providers in more advanced skills. 
The principles of triage apply to the choice of which patients to evacuate first (see 
Chapter 9). Note that there is an important difference in the priority to treat and the 
priority to evacuate, especially if evacuation is prolonged. The recognition of injuries 
that are not survivable helps to spare the victim and would-be rescuers the agony 
and frustration of unsuccessful efforts to reach a higher level of care, and to provide 
better care for those who can survive. 


Delay in evacuation will contribute to an increase in pre-hospital mortality; the more 
severely injured suffer “nature's triage”. As was seen in Chapter 5, longer and more 
difficult evacuation sorts out central injuries, with a consequent decline in hospital 
mortality: only those patients with a good chance of survival reach the hospital. This 
remains a major problem in the care of the war-wounded. 
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Fig. 15. Fully organic tag prototype of the frequency doubling tag 
operating at 7.5-15 MHz. After [142]. 





where the scenario around is aware of people’s needs and 
can interact with their way of living. 

This new concept brings IoT to areas that cover broad 
topics, including transportation, energy distribution, data 
communications, and all technologies in a sense that they 
will become transparent to the normal users and citizens. 

The growth of smart cities will significantly increase 
the quality of life, the reduction of energy waste, and the 
availability of information by using ICT. All these devel- 
opments have, as a motivation, the overall inclusion of 
people into the city in a way that ICT should become 
completely embedded into our surroundings. 

These new concepts are viable only if the smart envi- 
ronments are enabled by IoT. IoT is actually taking shape 
and is growing everyday through the number of devices 
that get connected to each other. 

Nevertheless, most of these devices that team up with 
each other to build up the IoT world are powered by some 
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Fig. 16. Conversion (doubling) loss of the reader tag harmonic RFID 
system as a function of the reader tag distance, assuming the output 
reader power as a parameter. After [142]. 


kind of power sources. This is actually the main limitation 
of present IoT solutions. In order to be able to create real 
IoT environments, RFID, wireless power transfer (WPT), 
and EH devices appear as a major enabling technology for 
the IoT, due to their inherent simplicity and ability to 
provide sensing to remote objects without the need for 
constant powering. 

In this scenario, the concept of a smart floor becomes 
real. Smart floors should be capable of interacting with the 
environment seamlessly and be aware of persons and 
objects on top of them. 

The focus of this section is going to be smart floors as 
an information system, where RFID capabilities are used to 
provide an identification and information source embed- 
ded into the floor. This massive RFID immersion will allow 
to create low-power high accuracy location, navigation, 
and, generally speaking, an information system that can 
team up with passers in a noninvasive way. 

In this approach, the system uses passive RFID tags that 
are spread beneath a flooring in order to create a map that 
can be read with a mobile unit that might be self-powered 
through energy harvested from the movements of the sub- 
ject to be located [144], [145]. 

This new location system based on smart floors can 
actually be extremely competitive when compared with 
existing solutions; among them, we can take into consid- 
eration those based on image processing [146]; they pro- 
vide a high level of information at the price of high cost, 
power consumption, and intrusiveness. Another approach 
is based on pressure sensors [146], [147], providing actually 
a different type of smart floors; pressure sensors are nonin- 
trusive and can be less expensive in terms of equipment 
when compared to the imaging systems; however, they can 
still be quite expensive to install into the floors; moreover, 
they do not allow for seamless identification of an individ- 
ual in a given space. Eventually, ultrasounds [148] and RF 
localization system detection [149] have to be listed; al- 
though very flexible, they require dedicated communica- 
tion infrastructures, additional complexity and costs, and 
they are mostly sensitive to environmental changes, both in 
terms of accuracy and functionalities. 

The just mentioned smart-floor-based system tackles 
most of these challenges as it is very low cost, able to have 
a good, and precisely predictable, accuracy, and able to 
detect different users in a given space. 


A. RFID-Based Smart Floor Including 
Material Aspects 

Smart environments and floors should be completely 
seamless to the users. This entails the need to embed 
electronic devices into the environment in a noninvasive 
way. Nevertheless, this embedding of electronic devices, 
mainly wireless transceivers into the floor, is not a simple 
matter. Floors, in fact, have been made by almost the 
same kind of materials for centuries; tile industries are 
weakly available to introduce new materials to match 
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8.1 ABCDE priorities 


The framework for casualty management in a hospital emergency room (ER) is a 
continuation of the basic life support procedures of first aid. The logic is the same; the 
diagnostic and treatment means available are simply more advanced. 


Whether or not the casualty arriving at a hospital has received first aid in the field, he/ 
she should undergo the full ABCDE examination. The patient’s condition may have 
changed during transport; important wounds may have been missed because of the 
confusion in the field; first-aid competence may have been limited or entirely absent. 
Efforts should again first concentrate on lifesaving treatment for asphyxia and shock, 
the most common remediable causes of death. The “golden hour” begins at the site of 
trauma, not on arrival at the emergency room. 


1. Assess: 
Initial examination: Airway, Breathing, Circulation, Disability, Environment and 
Exposure. Triage in a mass casualty situation: see Chapter 9. 


2. Act: 
Emergency resuscitation: act on life-threatening conditions. 


3. Assess: 
Complete examination: head-to-toe palpation, front and back and sides. 


4. Act: 
Definitive treatment, surgical or not: stabilization. 


5. Assess and Act: 
Treatment or evacuation of the casualty, according to triage priority, to a higher 
echelon hospital for specialized care if necessary. 


Please note: 


In certain countries a very definite separation must be made for emergency examination 
and treatment of male and female patients. This can be problematic in a mass casualty 
situation; nonetheless, the emergency department must be organized accordingly. 


8.2 Initial examination 

The initial examination and emergency resuscitation are carried out simultaneously. 
The receiving ER doctor must automatically ask a series of questions. 

1. Is the patient dead or alive? 

2. Is the casualty conscious or not? 

3. What is the mechanism of injury: penetrating or blunt? 

4. What are the life-threatening conditions, if any, according to the ABCDE scheme? 


The natural reflex when faced with a wounded person is to look at the bleeding first. 
It must be understood that the greatest threat to life is an inadequate intake of air. 
Airway takes precedence over breathing and over circulation. With practice, the airway 
and breathing can be secured quickly enough to then allow the doctor to deal with any 
visible haemorrhage. (The situation in a hospital emergency room is different from one 
of “catastrophic haemorrhage’ in the field, as discussed in Chapter 7 on first aid.) 


The ER doctor must learn to use the ABCDE scheme of thinking in a circular 
fashion. Determining if the patient is dead or alive already involves a rapid ABCDE 
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examination. The dead have no air intake (A), no ventilation of the lungs (B), and no 
pulse (C); the pupils are dilated and do not react to light and there is no reaction to 
painful stimulus (D); there is no movement of the limbs and the body feels cold (E). 


When mastered, the ABCDE scheme of thinking allows the doctor to answer all the 
above questions in one integrated process. 


Most casualties are conscious, anxious or frightened, and in pain, and will tell you 
what happened and where “it hurts”: they are alive, conscious, and the act of speaking 
shows that the airway is free. These signs of life may seem obvious. Nonetheless, one 
should make a mental checklist and practice the routine of asking the series of initial 
questions in order to establish an organized and coherent method of examination. 


As mentioned in the previous chapter on first aid, blunt trauma above the level of 
the clavicles requires adequate care of the cervical spine, but not at the expense of a 
life-threatening airway problem. Simple measures include: manual stabilization in a 
neutral position with the head maintained in the axial line; semi-rigid collar; sandbags; 
taping; specialized backboard. 


The initial examination should include the diagnosis of any life-threatening A, B, or C 
problems and the number, location and extent of obvious wounds. These two elements 
together are important for establishing triage priorities (see Chapter 9). A more complete 
examination to locate all wounds should follow the initial ABCDE examination. 


It is important to determine the time since injury, estimate blood loss since injury, 
and the presence or absence of any allergies. In civilian casualties, past or pre-existing 
diseases and medications for chronic conditions should be taken into account. Young 
healthy combatants usually do not present such medical problems. 


In a hospital environment the casualty should be completely undressed to allow for 
a correct examination — again, certain cultural or religious constraints may apply. Vital 
signs should be taken, i.v. lines placed and blood samples withdrawn simultaneously for 
blood grouping and cross-matching, and a haematocrit or haemoglobin estimation to 
determine a baseline for future comparison. Other tests, such as electrolytes, blood gases, 
glucose, etc. may be performed depending on local standards and laboratory capacity. 


8.3 Airway 


Airway obstruction is an emergency that requires an immediate response. Some injuries 
cause an immediate problem; others may result in delayed impairment of the airway. 


The following list presents the common conditions that cause airway problems. 


Head injury with decreased consciousness: 

Apart from the danger of aspiration of vomitus, blood, broken teeth, bone or foreign 
bodies, the tongue and epiglottis may fall back and block the airway. Furthermore, 
the initially conscious casualty may slowly lose consciousness after some time. 


Maxillo-facial injuries: 
Even if the patient can breathe adequately in the beginning, the development of oedema 
of the tongue, floor of the mouth and pharynx will obstruct air intake after several hours. 


Penetrating wounds to the larynx or upper trachea: 
If large enough, they will create a “traumatic tracheotomy”. 


Blunt injury to the larynx (by a rifle butt): 
This may crush the cartilage resulting in collapse of the airway. 


Compressive haematoma in the neck: 
This may accumulate slowly compressing the hypopharynx or larynx from the outside. 


Burns to the face and neck or inhalation burns of the larynx and trachea: 
Whether due to ordinary fire and smoke or specific irritating chemical agents, these 
require close observation for delayed obstruction or respiratory failure due to oedema. 
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Please note: 


Inhalation of chemical agents requires special precautions for decontamination 
of the patient and of any equipment coming into contact with him. Not only is this 
an essential part of the treatment, but it is also necessary for the protection of the 
hospital staff and other patients. 


The conditions causing delayed airway obstruction may develop slowly and there is 
a danger that they will not be recognized in time, especially during triage of mass 


casualties with inadequate supervision. 


8.3.1 Opening the airway 


As in first aid, the standard treatment for an actual or potential obstruction applies. 





To open and clean the mouth the standard manoeuvres are jaw thrust or chin lift: displace 
the tongue forward, and then finger-sweep the mouth while protecting the finger, aided 
by mechanical suction if available. These techniques will cause some movement in the 
cervical spine. Manual in-line axial stabilization of the head during the manoeuvres will 
reduce such movement. Patency of the airway, nonetheless, takes precedence. 


To maintain the airway patent a number of devices can be used: 

+ oropharyngeal airway (Guedel tube); 

+ nasopharyngeal airway; 

+ laryngeal mask airway; 

+ combitube (double lumen tube inserted blindly into the trachea and oesophagus). 


All of these methods keep the airway open but cannot ensure protection against 
vomiting and aspiration of gastric contents. 


During the reception of mass casualties, the overwhelmed ER personnel may have to revert 
to a simpler method as a temporary procedure. Under these conditions , the lateral recovery 
position (lateral security, post-tonsillectomy or semi-prone position) will be the position of 
choice for most patients with an airway at risk until more secure procedures can be achieved. 
The lateral recovery position affords relative protection against vomiting and aspiration. 


8.3.2 Definitive patent airway 


The following conditions require a definitively secured airway: 

* apnoea or cardiac arrest, whatever the cause (with assisted ventilation); 

+ Glasgow Coma Scale score of less than or equal to 8, which is equal to being 
unresponsive to pain; 

+ continued seizures and convulsions (with assisted ventilation); 

+ unstable fractures of maxilla or mandible (usually bilateral fractures of the mandible, 
or instability of the whole mid-face at the level of the glabella and zygomata); 

+ large flail chest segment (with assisted ventilation); 

+ respiratory failure (with assisted ventilation); 

* moderate to severe facial or oropharyngeal burn. 


8.3.3. Definitive patent airway: endotracheal intubation 


The best and simplest technique to maintain a patent airway with protection from 
aspiration is endotracheal intubation, through either a nasal or oral approach. Deeply 
unconscious patients can usually be intubated easily. Others may be restless, irritable, 
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Figures 8.1.1 - 8.1.4 
Cricothyroidotomy. 
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uncooperative and hypoxic. Intubation under these circumstances usually requires 
sedation. Various agents given intravenously will allow rapid intubation without 
struggling and without compromising the patient's hypoxic condition (diazepam, 
pentothal, propofol, ketamine). Cardiac arrest, whatever the cause, and severe 
haemorrhagic shock (Class IV, see below),require emergency endotracheal intubation. 
The alternative to endotracheal intubation is a surgical airway. 


8.3.4 Definitive patent airway: surgical airway 


The need for a surgical airway should be identified early and performed quickly. This 
may be the primary airway (maxillo-facial injuries, wounds to the neck involving 
the larynx or pharynx or haematoma accumulation, etc.) or following failure of 
endotracheal intubation. A surgical airway is also beneficial where there are no 
facilities for mechanical ventilation. 





Cricothyroidotomy 


This is a quick, safe, and relatively bloodless procedure (Figures 8.1.1 — 8.1.4). 
A horizontal incision is made in the skin and extended through the cricothyroid 
membrane. The handle of the scalpel is inserted and turned 90° to hold the membrane 
open until a small tracheostomy tube can be inserted. 
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Figure 8.1.1 


Surgical landmarks: the patient's neck should be 
placed in extension with a pad beneath the shoulders. 
The thyroid and cricoid cartilages are identified 

by finger palpation, the cricothyroid membrane is 
then identified as the depression in between them. 


Figure 8.1.2 


A horizontal skin incision is made over the 
cricothyroid membrane. The wound is spread 
apart using the thumb and index finger. 
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Figure 8.1.3 


The incision is carried down through the 
membrane and widened by insertion of the 
scalpel handle, which is then rotated through 90°. 


Tracheostomy 


Figure 8.1.4 


A tracheostomy tube is placed through the 
opening and secured. The entire procedure 
should take no more than 30 seconds. 


Tracheostomy should be an elective procedure. The only specific indication for an 
emergency tracheostomy in missile wounds is direct laryngeal injury, thus transforming 
a traumatic tracheostomy into a surgical one. The urgency of the problem will determine 
which technique is the safest and most appropriate for ensuring a secure airway. 


H. Nasreddine / ICRC 
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8.4 Breathing and ventilation 


The cause of respiratory distress must be found and treated. Patients with head 
injuries often require intubation and ventilation to support respiration, as is the case 
for quadriplegia, blast lung, chemical injuries and inhalation of smoke fumes. Previous 
disease may also impair ventilation in an injured patient. 


Clinical examination may reveal a chest injury that decreases respiration including: 
+ flail segment of the chest; 

* Open pneumothorax or sucking wound to the chest; 

+ tension pneumothorax and haemopneumothorax. 


Flail segment of the chest 

This condition should be treated initially by bandaging or adhesive plaster strapping, 
good analgesia and positioning of the patient. More severe and complicated cases 
may require a chest tube and intubation with mechanical ventilation. It is usually the 
underlying lung trauma that causes the greatest difficulty in treatment. 


For further details on flail segment of the chest, see Volume 2. 


Sucking wound 

A sucking wound requires a three-sided occlusive dressing in the ER. The patient 
then goes to theatre for debridement and closure of the wound of the chest wall and 
placement of an intercostal drain. 


Please note: 


There is a risk of transforming an open wound into a closed tension pneumothorax if 
all four sides of a dressing are firmly closed. 


Tension pneumothorax 

The diagnosis of a tension pneumothorax can be difficult on purely clinical grounds, 
except in the case of obvious respiratory distress; in this case no time should be 
wasted taking an X-ray (Figure 8.2). The condition requires an immediate wide-bore i.v. 
cannula to be inserted into the second or third intercostal space in the midclavicular 
line (needle thoracocentesis) attached to an improvised Heimlich one-way flutter 
valve as a temporary measure (Figure 8.3). A positive finding is indicated by the 
sudden rush of air as the needle enters the pleural cavity. The cannula should be long 
enough (8 cm) to fully penetrate the muscles of the chest wall (average thickness 
4 - 6 cm). An intercostal chest tube (midclavicular or 5th intercostal space at the 
midaxillary line) should replace the needle thoracocentesis as soon as possible. 


Figure 8.2 


Tension pneumo- 
thorax with respiratory 
distress: the only 
thing wrong with the 
X-ray film is that it was 
taken. The diagnosis 
should have been a 
clinical one. 





Needle thoracocentesis may fail, however, even in the presence of a tension 
pneumothorax. A negative trial should not necessarily rule out its existence. A simple 
finger thoracostomy in the 5th intercostal space at the midaxillary line is a good 
alternative. A positive result, again, is indicated by the hiss of air rushing out; a chest 
tube is placed immediately. 

















Figure 8.3 
Improvised Heimlich flutter valve: a wide bore 
cannula is inserted at the upper edge of a rib. 


A finger from a surgical glove, with a 1 cm-long 
incision in the end, is tied around the cannula. 
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Figure 8.4.1 


Simple, but massive, pneumothorax. Patient 
lying comfortably and breathing without effort. 
X-ray films are justified. 


“= 


Figure 8.4.2 


Antero-posterior radiograph showing large right- 
sided pneumothorax. The arrow marks the bullet. 


\ 


Figure 8.4.3 


Lateral film. 





Figure 8.5 


Intercostal tube. 
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Other, less extreme presentations of tension pneumothorax are more common than is 
realized. Table 8.1 shows the important signs and symptoms for making the diagnosis. 
These pertain to the awake casualty and differ from those in the sedated and 
ventilated patient. It is acceptable to perform an X-ray in patients whose presentation 
may be suspicious but who are not in respiratory distress to confirm the diagnosis. 
The patient should be accompanied, however, by someone capable of performing an 
emergency thoracocentesis in case of rapid decompensation in his condition. 





























Pleuritic chest pain | Hyper-expansion of | Increased mobility of | Decreasing Tracheal deviation to 
(universal) the chest the chest respiratory rate contralateral side 
Air hunger Decreased mobility Hypotension Distended neck veins 
(universal) of the chest 
Respiratory distress | Hyper-resonance on Much decreased Surgical emphysema 
(universal) percussion Sp0, of chest wall 
Tachypnoea Decreased Decreasing level of 

breath sounds on consciousness 

auscultation 
Tachycardia Added breathing 

sounds — crackles, 

wheezes 
Decreasing Sp0, 
Agitation 




















Table 8.1 Diagnosis of tension pneumothorax in awake patients.’ 


Haemothorax 

A haemothorax should be drained using a wide bore chest tube. This procedure can 
be lifesaving. When clinical signs of haemothorax exist, an intercostal tube should be 
inserted before X-rays are taken. Chest tubes are usually placed under local anaesthesia. 
If there is a wound to excise, ketamine anaesthesia would be more appropriate. 


For information on insertion of chest tube — thoracostomy — see Volume 2. 


8.4.1. Assisted ventilation 


After intubation, assistance with respiration may be required. Common pathologies 
requiring such assistance include: 

+ head injury; 

- large flail segment; 

+ blast injury of lungs; 

+ inhalation of toxic gases or smoke or flash burn to the bronchial tree; 

+ aspiration pneumonitis; and 

+ other medical causes of respiratory insufficiency. 


Assisted ventilation may be manual: 

* mouth-to-mouth or -nose for infants (use a compress barrier); 
* mouth-to-mask; 

+ bag-valve-mask; 

+ bag-valve-endotracheal tube or surgical airway; 


or mechanical, provided by a ventilator. 


In hospital surroundings it is possible to administer supplemental oxygen, either by a 
central oxygen supply, compressed cylinders, or an oxygen extractor/concentrator. 


The ICRC usually operates in situations of limited resources, and mechanical ventilators 
are not standard equipment. Few patients can be maintained for any length of time 
using manual ventilation by nurses and doctors. Furthermore, in a mass casualty 
situation the principles of triage will apply and most patients requiring assisted 
ventilation will be Category IV; therefore, it will not be performed (see Chapter 9). 





1 Adapted from: Leigh-Smith S, Harris T. Tension pneumothorax - time for a re-think? Emerg Med J 2005; 22: 8 - 16. 
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8.5 Circulation 


The main circulatory problem encountered in the war-wounded is hypovolaemic 
shock, and is usually due to haemorrhage or burns. In addition to any blood loss, 
big soft-tissue wounds sequestrate a great deal of tissue oedema with further loss 
of plasma and circulating volume. Dehydration complicates any previous fluid loss if 
evacuation is long and delayed. 


Neurogenic, anaphylactic, and cardiogenic shock may also occur; septic shock is a 
late complication. Injury to the spinal cord causing quadri- or paraplegia will result in 
neurogenic shock due to a disproportion between blood volume and dilated vascular 
bed. Allergy to antibiotics must always be kept in mind. Traumatic cardiogenic shock 
is due to direct injury to the heart that is not immediately lethal (e.g. small shrapnel 
wound causing traumatic myocardial infarction and/or pericardial tamponade). 


8.5.1 Pericardial tamponade and pericardiocentesis 


In the rare instance of constrictive haemopericardium with cardiac tamponade due 
to a penetrating missile wound to the heart, pericardiocentesis may be required 
if there is acute decompensation, to gain time until emergency thoracotomy can 
be performed. 


The procedure for pericardiocentesis is as follows. 


1. A20 ml syringe is attached to a long over-the-needle cannula (or alternatively a 
spinal anaesthesia needle). 


2. The skin is punctured 1 — 2 cm to the left of the xiphisternal junction, 
at a 45° angle, and the needle advanced through fascia and muscle. 


3. (The inner trocar is now removed if using a spinal needle — but not if using the 
needle of the cannula). 


4. The needle is gently advanced while aiming at the tip of the left scapula and 
applying continuous suction on the syringe. 


5. When the needle tip enters the pericardial sac, blood will immediately appear in 
the syringe. The needle is withdrawn if using a cannula, which is then advanced 
into the sac. 


6. As much blood as possible is aspirated. If the tamponade has been relieved, the 
patient’s condition improves immediately; if the right ventricle has been entered, 
there is no change. 


7. Atthe end of aspiration, the synthetic over-the-needle cannula can be left in 
place with a 3-way stopcock valve. (The spinal needle is gently withdrawn, 
millimetre-by-millimetre, if this technique is being used). 


8. Should the tamponade return quickly, the stopcock can be re-opened and 
aspiration repeated (or the spinal needle tap is repeated). 


9. The patient should immediately be taken to theatre! 


An emergency room thoracotomy should not be performed when the operating 
theatre is just down the corridor: it is as pointless as it is dangerous in most hospitals 
around the world. 
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Fig. 17. Readable distance test scheme (a) without and (b) with tile. After [144]. 





requirements posed by embedded electronics. Similar 
considerations can be made about the consolidated tech- 
niques to build apartments and houses: they are quite 
mature and whatever adaptation of them to embedded 
electronic systems is unrealistic. The consequence of this 
is that constitutive elements of SSs embedded into the 
floors must be suitable to materials and technologies al- 
ready present: materials available are those adopted for 
tiles and SSs must be adapted to building constraints. 

In this section, we focus on the most important ap- 
proaches for the characterization of the EM properties of 
the materials, commonly adopted in floors, and their in- 
teractions with our electronic radio systems. As an exam- 
ple, ceramic tiles are going to be selected as the floor 
element where electronic tags have to be embedded. 

Ceramic tiles have been used for ages to pave floors. 
These make up a great deal of most floor types in public 
buildings, from airports to banks, therefore, they are the 
most interesting flooring elements to investigate. 

As the first approach, the study of the influence of 
some materials for floor surfaces, such as ceramic, cork 
laminates, and wood, in the communication between the 
transmitter and receiver devices has to be made; in this 


Table 3 Results From Average Readable Distance Test 


case, low-frequency (13 MHz) inductors are going to be 
used as the wireless interface. 

In order to do the measurements, traditional RFIDs are 
used, which simplify the measurement approach signifi- 
cantly. A test setup is shown in Fig. 17, and experimental 
results are summarized in Table 3. What can be seen from 
the results presented in the table is that none of the tested 
materials affect the electrical characteristics of the RFID 
propagation significantly. 

Another approach to the measurement is to evaluate 
the impact of the presence of metal inclusions beneath the 
ground; these can appear from pipes or from buildings 
supporting structures. In order to test this scenario, the 
presence of a metal sheet close to the coil was tested to 
verify its impact on the RFID reading distance. The test 
setup is presented in Fig. 18. In this case, when the reader 
is aligned (1) with the center of the coil beneath the tile, a 
minimum distance of 10 mm between the metallic sheet 
and the tag must be guaranteed in order to allow for the 
proper reading of the tag. In the other approach, the edge 
aligned scenario (2), the minimum distance between the 
metallic sheet and the tag increases to 30 mm to allow for 
communication. 


Withouttie——~«( abem ‘| 
Ceramic tile 4mm thick | 4.5cm | 


Ceramic tile 6 mm thick 4.5¢em 


Ceramic tile 7 mm thick 





Cork laminate 5 mm thick 
Wooden floor 8 mm thick 
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8.5.2 Haemorrhagic shock 


Types of haemorrhage 

Haemorrhage may be arterial, venous or capillary and blood loss may be: 

+ peripheral and obvious (blood clot the size of a fist or an open wound the size 
of a hand represents 500 ml); 

+ peripheral and hidden: 

- closed fractures of long bones (tibia = 500 ml, femur = 1.5 litres); 
— open wound with small entry that is blocked by a piece of torn muscle; 

+ central (chest, abdomen, pelvis and retroperitoneum) - significant bleeding into 
the chest should have been diagnosed during the breathing phase of the initial 
examination; a massive haemothorax can represent 2 — 3 litres of blood, a severe 
fracture of the pelvis 3 litres. 


Penetrating trauma causing central bleeding into a body cavity requires surgery of 
some sort, and severe internal haemorrhage may require urgent operation as part of 
the resuscitation process. Such patients have a high priority for surgery. 


Direct pressure and elevation of the limb will stop most cases of peripheral venous 
and capillary haemorrhage. Fractures should be splinted. 


If a bleeding blood vessel can be seen in the depths of a wound, and only if it is clearly 
visible, direct control may be obtained with haemostatic artery forceps. 


Otherwise, severe peripheral bleeding can usually be stopped by packing the wound. 
Digital pressure is applied to the artery proximal to the wound (pressure point), 
while the wound is carefully packed with small quantities of gauze compress at first, 
followed by a more bulky dressing, and finally a firm compressive elastic bandage in 
order to apply even pressure to achieve haemostasis. Alternatively, and if available, a 
pneumatic tourniquet can be used to temporarily control severe arterial haemorrhage 
while bringing the patient to the operating theatre. 


Once a wound has been packed and bleeding has been arrested, the dressing (or 
tourniquet) should not be removed until the patient has been resuscitated and is in 
the operating theatre, with blood ready for transfusion if available. The surgical team 
should be ready to arrest bleeding by rapid intervention to obtain access to and 
control of the major blood vessels. 


In the same manner of thinking, implanted bullets and fragments, or other foreign 
bodies in the wound, should only be removed as part of the operative procedure. 


The body’s response and classes of shock 

Immediately after haemorrhage, the body initiates a number of homeostatic 
circulatory changes that aim to stop the bleeding as well as compensate and preserve 
perfusion of the vital organs. The circulating blood volume represents 7 — 8% of body 
weight in the adult (5 — 5.6 litres in the 70-kg male or 70 ml/kg body weight) and 9% 
in children (80 ml/kg body weight). 


Haemorrhage and the shock response are traditionally graded into 4 classes according 
to the volume of acute blood loss. 


Class |: 

Up to 15 % blood volume lost (750 ml or less). Mild tachycardia is the only clinical sign 
since the body's normal homeostatic mechanisms are capable of fully compensating 
the loss. 
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Class Il: 

15 - 30% blood volume lost (750 - 1,500 ml). Definite tachycardia; slight decrease 
in systolic blood pressure with rise of diastolic pressure (decreased pulse pressure); 
refilling of blanched capillary bed of fingers delayed; restlessness or anxiety. 


Class Ill: 

30-40% blood volume lost (1,500 — 2,000 ml). Marked tachycardia; tachypnoea; hypo- 
tension; small urine volume; classical picture of shock. Compensatory mechanisms 
start to fail. 


Class IV: 

> 40% blood volume lost (> 2,000 ml). Full classic symptoms of shock are present: 
cold, clammy and pale skin; irritability, aggressiveness and confusion leading to loss 
of consciousness with loss of more than 50% circulating volume. 





Table 8.2 Signs and symptoms of haemorrhagic shock according to Class. 


8.5.3 Fluid replacement 


The important point is to maintain adequate tissue perfusion until the haemorrhage 
is brought under control. Sufficient blood pressure to maintain this tissue perfusion is 
judged to be a systolic pressure of 90 mm Hg, equivalent to a palpable radial pulse. 


The great majority of war-wounded patients are relatively healthy young adults who 
suffer injuries to the extremities, and in whom the amount of blood loss is not lethal. 
They are haemodynamically stable (Class | blood loss) and the usefulness of oral fluids 
for their resuscitation — in the field and in hospital — is probably underestimated. Head, 
thoracic and abdominal injuries, however, even with Class | blood loss, should always 
have an intravenous line placed. 


In massive injury, with obviously gross blood loss, several wide-bore intravenous 
lines should be established. A venous cut-down may be required if shock is profound. 
Available sites include: median basilic or cephalic in the arm, greater saphenous in the 
groin, and the distal saphenous vein at the medial malleolus. A venous cut-down should 
be used for less than 24 hours, or until the patient is filled up with fluids and another 
iv. line can be put in. The site of the wounds will influence where i.v. lines are placed. 


Modern practice has been to give a fluid challenge and monitor the response. The 
challenge has usually been with 2 | of isotonic crystalloid solution? in 30 minutes, or 
3 ml for every 1 ml of estimated blood lost as a general rule of thumb. (Except for 
very large estimates: 3,000 ml blood loss would require 9,000 ml Ringers lactate!). The 
fluid challenge for a child is calculated as 20 ml/kg body weight for the initial bolus of 
Ringers lactate. 





2 Ringers lactate is the preferred resuscitation fluid in ICRC practice. 
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Monitoring of clinical response 

The estimation of blood loss is a very approximative measure, however. Rather 
than relying on this to guide resuscitation efforts, medics should observe the signs 
and symptoms of the clinical response to determine continuing fluid requirements. 
These include: 

+ pulse, 

+ systolic blood pressure, 

+ pulse pressure difference between systolic and diastolic, 

+ capillary refill, 

+ urine output, and 

+ mental status. 


The most important simple parameter for the adequacy of fluid replacement is urine 
output: a urine flow of 0.5 —- 1 ml/kg body weight/hour, and even greater in case of 
crush syndrome, should be aimed for. 


The clinical response to a fluid challenge can be summarized as follows. 


Rapid and stable response: 

The pulse falls below 100, the systolic blood pressure rises above 100, and the pulse 
pressure widens. Urine output is good. These measurements remain stable. No further 
fluid resuscitation is required; the i.v. line is maintained open, however. This is the 
usual result with Class Il and some Class III blood loss. 


Transient unstable response: 

An initial positive response of the pulse, blood pressure, and pulse pressure is followed 
by a return to subnormal values. Urine output remains low. A further challenge with 
Ringers lactate or a plasma expander (dextran 70, colloid, etc.) is called for. A return 
to normal values indicates compensated Class III blood loss, but early surgery is still 
required. Continuing subnormal shock values indicate continuing blood loss; the 
patient should be prepared for emergency surgery. 


Please note: 


Not more than two units of colloid or dextran should be given in any 24-hour period; 
besides being more expensive, colloids are less effective than Ringers lactate in 
diffusing into the interstitial soace and can help provoke coagulation defects and 
interfere with cross-matching. 


No response: 

The patient remains in shock, indicating Class IV blood loss of more than 40% blood 
volume, and requires emergency surgery — surgery as part of resuscitation — or is 
triaged to Category IV in a mass casualty situation (see Chapter 9); 


or 


other, less common pathologies that become manifest with time have been 
overlooked. The airway and breathing should be re-assessed to diagnose a possible 
cardiac tamponade, tension pneumothorax, or myocardial injury. Neurogenic shock 
and acute gastric dilatation should not be overlooked. 


Time since injury should also be taken into account to evaluate the evolution of 
the shock state. If grade IV shock is present less than 1 hour after injury, emergency 
operation is needed for resuscitation. If grade IV shock has developed in 4 hours, 
resuscitation is required before operation. 


Warning! 


Beware of resuscitation injury: “shock lung” or acute respiratory distress syndrome 
in patients who receive massive crystalloid infusions that overburden the heart 
and lungs. 
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8.5.4 Hypotensive resuscitation 


Giving all shocked patients a standard fluid challenge of 2 litres or more has been 
called into question. A rapid return to normal blood pressure before bleeding is 
controlled can be associated with hydraulic disruption of an effective blood clot 
(“popping the clot”), a dilution of clotting factors, and a lowering of blood viscosity 
that causes a decrease in resistance to flow around an incomplete clot. All of these 
factors may cause bleeding that has temporarily stopped to start again, especially if 
it is a non-compressible central haemorrhage. Thus, moderate resuscitation may be 
better than aggressive resuscitation; raising the systolic blood pressure to only 90 mm 
Hg rather to over 100. This is known as “hypotensive resuscitation” and should be 
considered in Class III and IV blood loss. It should not be used in head trauma where 
any hypotension is deleterious, or in the very young or old. 


Therefore, in cases of massive haemorrhage, one must strive for a balance between 
death from shock after primary exsanguination or an increase in bleeding by 
prevention of clot formation or dislodging of formed and effective blood clot with 
secondary haemorrhage. In these extreme cases, surgery to stop haemorrhage is part 
of resuscitation: this should never be forgotten. Hypotensive resuscitation is widely 
used by ICRC surgeons today for patients who arrive quickly at a hospital. 


However, if evacuation is delayed (more than 6 —- 12 hours), rebleeding is less likely. In 
addition, delayed evacuation will result in more profound shock because of plasma 
loss due to post-traumatic tissue oedema and general dehydration rather than pure 
blood loss. Excessive sweating, vomiting or diarrhoea, rough handling of the casualty 
during transport, and a lack of splinting of fractured limbs will aggravate the total 
fluid and electrolyte loss. More aggressive resuscitation is permissible under these 
circumstances and the patient should be fully hydrated prior to surgery. 


8.5.5 Adjuvant therapy 


No effort should be spared to prevent hypothermia in the shocked patient. 
Intravenous fluids should be warmed (see Section 8.8.1 and Chapter 18). 


Oxygen and small doses of i.v. analgesia are equally important. The best is 
morphine (5 mg i.v., repeated every 10 minutes as necessary). Morphine should 
not be given if there is any question of head injury or respiratory depression. 
A good alternative in this case would be tramadol. Analgesia in shock should be given 
intravenously only. 


A naso-gastric tube to prevent gastric dilatation should not be overlooked. 


Steroids or a “vitamin C cocktail” should not be administered in cases of 
haemorrhagic shock. 


Some clinical experiments have taken place using hypertonic saline for resuscitation. 
ICRC surgical teams have no experience in this and cannot comment. 


8.6 Blood transfusion where supplies are limited 


Where blood supplies are scarce, what should the role of blood transfusion be? This 
scenario is a far cry from optimal conditions in which there are relatively few limits to 
blood or component administration, yet it is common. 


The aim of blood transfusion is to save life or to prevent significant morbidity, and 
not to restore a normal haemoglobin level. Blood is a rare and expensive commodity 
with serious risks attached to its administration and it should therefore be used with 
caution. The decision to give blood to a particular patient should be based primarily 
on the clinical state correlated with the laboratory findings, balanced against the 
risks and the shortage of supply. A better understanding of the physiology of oxygen 
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transport, the shortage of donors and the increased risk of viral infections has led 
to a policy of accepting lower levels of haemoglobin than before, without overly 
detrimental effects to the patient. One should avoid a transfusion for reasons such 
as “accelerating the patient’s recovery”, increasing patient comfort, or providing a 
supplement to correct anaemia. (Certain medical conditions, such as small children 
with severe malaria are an exception to this last rule.) 


ICRC policy is to screen donated blood for hepatitis A, B and C, HIV, syphilis, and - in non- 
endemic areas — malaria. In countries where malaria is endemic, it is not uncommon for 
trauma patients to have a malarial attack 2 to 3 days post-operatively even without a 
blood transfusion; this is treated when it occurs. Where donors are scare, they are not 
excluded because of malaria. A blood transfusion can never be 100% safe. 


The ICRC seeks blood donors in the community. Family, friends and clan members are 
usually the source. In certain countries, the National Red Cross/Red Crescent Society 
plays an important role in the collection of blood. 


Culture and tradition in some societies may render blood collection extremely 
difficult; consequently, blood for transfusion is often in very short supply. Accordingly, 
and in keeping with the principles of triage, a maximum number of units of blood per 
intervention is set in ICRC practice. Today, this is usually about 4 units, and this figure 
should only be exceeded in cases of anti-personnel landmine injury with traumatic 
amputation and severe burn patients undergoing skin grafting. (Early tangential 
debridement with immediate skin grafting is not practised by ICRC teams, partly 
because of the risk of major blood loss.) 


ICRC practice has been to transfuse whole blood, as fresh as possible. Otherwise, whole 
blood is stored with CPD-A anticoagulant (citrate - phosphate — dextrose — adenine). 
Blood components are not available in ICRC surgical programmes as is the case in many 
rural public hospitals. In practice, this has not been considered a handicap. 


8.6.1 Clinical use of blood in ICRC practice 
+ Blood should not be given during resuscitation until bleeding has been controlled. 


+ Crystalloids and/or colloids are administered first: if the patient remains 
haemodynamically unstable and the haemoglobin is less than 6 g/dl, blood is 
administered. Haemoglobin less than 6 but in a stable patient is not an indication for 
transfusion. (However, there is a threshold haematocrit value of 5 — 10%, below which 
continued crystalloids or colloids can provoke cardiac arrest by “washout anaemia’?) 


+ In the non-resuscitation scenario (preparing the patient for a second operation), 
pre-operative transfusions are not administered where blood supplies are low, 
unless the patient is anaemic and symptomatic. 


+ The blood supply and stocks determine whether a particular patient will receive 
blood: the principles of triage apply. 


* Consider autotransfusion where appropriate (see Section 8.6.4). 


If massive transfusion of stored blood is necessary, every second unit should be 
supplemented with one ampoule of sodium bicarbonate (44.3 mEq) and one ampoule 
of calcium chloride (10 g) by a separate iv. line. As with crystalloid fluids, blood should 
be warmed to body temperature to avoid increasing hypothermia. This can be achieved 
through the use of locally-made water baths or the body heat of staff members. 


8.6.2. Twounitrule 


It has been traditional practice to administer not less than 2 units of blood to any patient 
who requires transfusion. In the ICRC context, this rule is not always appropriate since 
extreme shortage of blood is so common. It is sometimes more apt to prescribe just one 





3 Takaori M, Safar P. Treatment of massive hemorrhage with colloid and crystalloid solutions. JAMA 1967; 199: 
297 - 302. Cited in Barkana Y, Stein M, et al. Prehospital blood transfusion in prolonged evacuation. J Trauma 
1999; 46: 176 - 180 and Shoemaker WC, Peitzman AB, Bellamy R, et al. Resuscitation for severe hemorrhage. Crit 
Care Med 1996; 24(2Suppl.): S12 - $23. 
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unit to certain symptomatic patients as this may improve their condition sufficiently, 
thus allowing supplies of this scarce resource to be kept for other patients in need. This is 
particularly true for patients in danger of “washout anaemia”. World Health Organization 
(WHO) guidelines also accept one unit of blood in case of symptomatic anaemia. 


8.6.3. Fresh whole blood 


This is best when screened and given within one hour of collection. Fresh whole blood 
is especially reserved for: 
* massive haemorrhage; 
+ coagulopathy; 
+ septic shock; 
* non-trauma pathologies: 
— snake bite with haemolysis 
— amniotic fluid embolism. 


8.6.4 Autotransfusion 


When faced with patients suffering massive haemorrhage and inadequate blood 
supplies, ICRC surgical teams have practised recuperation of shed blood and 
autotransfusion. Haemothorax and haemoperitoneum from the spleen, liver or 
ruptured ectopic pregnancy are the most common indications. 


For further information on autotransfusion in acute haemorrhage, see Volume 2. 


8.6.5 Total blood requirements: the ICRC’s experience’ 


ICRC colleagues studied total blood requirements for 4,770 patients in two hospitals 
treating the wounded from the war in Afghanistan during a six-month period in 
1990 - 91. No differentiation was made for blood transfusion given pre-operatively, 
peri-operatively, or immediately post-operatively: all were considered part of patient 
resuscitation given the difficulties and delay in obtaining blood. Guidelines at the time 
allocated a maximum of 6 units per patient (although this was exceeded in some cases) 
and a limiting haemoglobin level of 8 g/dl. Autotransfusion was not used in this series. 


A comparison was made of the number of units transfused according to time since 
injury for all wounded patients and separately for those with central injuries (head, 
neck, chest, and abdomen), and according to the cause of injury. 


Need for transfusion was greatest for patients arriving less than six hours after injury, 
steadily decreasing to those arriving after 72 hours. This was true for all patients. 
Surprisingly, patients with central injuries required less blood, on average, than those 
with peripheral wounds. 


The most remarkable results were associated with the cause of injury. Blood requirement 
for anti-personnel landmine injuries far exceeded that for bullets or fragments, (Table 8.3) 
and was the main reason for the high blood use in peripheral injuries. 











4] 








103.2 34.1 40.5 73.8 


Table 8.3 Blood given to patients related to cause of injury: 279 patients were categorized under “other” injuries. 




















4  Eshaya-Chauvin B, Coupland RM. Transfusion requirements for the management of war injured: the experience 
of the International Committee of the Red Cross. BrJ Anaesth 1992; 68: 221 — 223. 
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Consequently, ICRC recommendations for a hospital undertaking total surgical care of 

the wounded from conventional warfare were amended as follows: 

+ for every 100 war-wounded patients, the blood bank should expect to provide 45 units 
as a baseline; 

- baseline should be increased to 60 units, if the majority of patients are admitted 
within 6 hours of injury; 

+ baseline should be increased to 100 units, if anti-personnel landmines are widely 
used in combat; 

+ burn patients require greater transfusion capacities, even in the absence of early 
tangential excision with immediate grafting (not practised in ICRC hospitals); 

+ long evacuation lines with much delay and no use of anti-personnel landmines in 
combat may negate the need for a blood bank, and blood for transfusion should be 
collected on an individual patient basis. 


These recommendations may have little relevance to a modern industrialized army 
with very early evacuation and resuscitation but may be quite relevant in conditions 
of limited resources. 


Please note: 


ICRC guidelines have become even more stringent since: 4 unit limit and 6 g/dl 
haemoglobin level with unstable haemodynamics. 


8.7. _ Disability 


Any neurological deficit must be determined, whether central or peripheral. As 
mentioned previously, if the mechanism of injury is blunt trauma above the level of 
the clavicles then the cervical spine must be cared for in the classical manner. 


According to the nursing expertise available, the AVPU system may be used or one may 
proceed immediately to the Glasgow Coma Scale (GCS) for the determination of the level 
of consciousness and any traumatic brain injury (Table 8.4). Although the GCS was originally 
intended for closed trauma to the head, and there are certain shortcomings when dealing 
with penetrating head trauma, nonetheless, it has been ICRC practice to use it. 





Table 8.4 Glasgow Coma Scale: the best response for each variable is scored. Maximum score is 15, minimumis 3. 


A GCS < 8 indicates severe head injury and airway protection is mandatory, by 
intubation or cricothyroidotomy/tracheostomy. 


Disability examination includes the entire vertebral column/spinal cord: presence 
of paraplegia, level, etc. Palpation of the vertebrae, one by one, for tenderness, 
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induration and crepitus is more important than deformity, which may be masked 
by haematoma. A rectal examination to determine sphincter tonus is important 
for prognosis! 


Proper stabilization measures should be undertaken and a urinary catheter placed. 
Neurogenic shock is common in paraplegic patients: fluid resuscitation and an iv. 
vasopressor are often required. 


For the management of paraplegic patients, see Volume 2. 


8.8 Environment/exposure 


Hypothermia must be avoided at all costs - rapid, yet thorough examination of the 
patient — and treated aggressively. With a core body temperature of 37° C, an ambient 
temperature of 32 - 34° Cis considered neutral. Less than this and the body loses heat 
to the environment. After examination, the patient should be kept covered, even in a 
tropical climate. 


8.8.1 “Fatal triad” of coagulopathy, acidosis, and hypothermia 


Recently, the importance of the potentially “fatal triad” of hypothermia, acidosis, 
and coagulopathy in trauma patients has become recognized. Hypothermia (core 
temperature less than 35° C) is probably the most potent factor in causing the vicious 
cycle of this syndrome. 


Every effort should be made to preserve heat in an injured patient, since rewarming 
consumes far more energy than maintaining normothermia. Warm inhaled O,, warm 
iv. fluids, and external rewarming to a maximum of 40 - 42° C should be the first step. 
More aggressive measures of “central reheating” such as rectal enema and gastric, 
bladder and peritoneal lavage (at 37° C) can be used. 


Post-traumatic coagulopathy is a well-recognized danger in patients suffering severe 
shock and submitted to aggressive resuscitation, especially if they have received 
massive amounts of i.v. fluids and blood transfusions with stored blood. It results from 
a combination of factors. Fresh whole blood transfusion is very useful in the absence 
of blood components, and probably in their presence as well (see Chapter 18). 


8.9 Complete examination 


At this stage it is even more important than in the pre-hospital setting to undress the 
patient and perform a thorough examination, from head to toe, front and back and 
sides. In some societies, this may contravene certain cultural and religious traditions 
(male doctor examining a female patient). Compromises must be found. 


In the more accommodating atmosphere of a hospital emergency room, a systematic 
approach should be used to thoroughly examine the scalp and head (mouth, nose, 
and ears), neck, thorax, abdomen, perineum (scrotum and urethra, rectum, and 
vagina), the back of the trunk and buttocks, and the extremities. The peripheral 
pulses, temperature and capillary refill are compared on both sides. Motor function of 
the main peripheral nerves is tested. The aim is to have a complete assessment of all 
injuries and a more accurate assessment of the organ-specific damage. 


The complete examination is best described as a thorough palpation. The entry 
wound may be exceedingly small and not seen. This is especially the case with 
fragment wounds to the head or perineum where body hair matted with blood can 
easily hide the wound (Figure 8.6). The entry wound must be identified by close 
palpation. Remember also that contusion/erythema can be better felt rather than 
seen in dark-skinned people. 
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Figure 8.7.1 


Bullet wound to the pelvis: the entry is located 
on the right side. A defunctioning colostomy has 
been performed. 
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Figure 8.6 


Small temporo- 
zygomatic entry 
wound hidden by 
hair. 





One should attempt to identify the likely path through the body of the projectile. 
This may involve any structure between the entry and exit wounds, or the position 
of the projectile on X-ray if no exit exists. Remember that wounds to the chest, 
buttock, thigh or perineum may involve the abdominal cavity (Figures 8.7.1 - 8.7.3). 


Exit wound 
+, 7 





H. Nasreddine / ICRC 


Figure 8.7.2 Figure 8.7.3 


Exit wound in the left buttock. Any structure between entry and exit should be 
identified: here blood is seen in the rectum. 


A simple outline drawing of the body on the admission chart (homunculus), front and 
back, is useful for recording all injuries. 


Dressings on the limbs should not be removed if the casualty is haemodynamically 
unstable. Only once resuscitation has begun and the patient's condition is under 
control is it safe to examine wounds to the extremities, preferably in the operating 
theatre. Fractures should nonetheless be immobilized if this has not already been 
done in the field. 


The ABCDE paradigm should be monitored for any change in condition of the patient. 
Resuscitation and stabilization are continued, while complementary examinations 
are performed. The extent of the latter will depend on the level of sophistication and 
competency of the particular hospital. 


A basic complement is a plain X-ray, one body cavity above and below any entry or 
exit wound. If no exit wound exists and no projectile is evident, further radiographs 
should be taken to locate its position. It may be difficult to differentiate a radio- 
opaque bullet from a normal anatomic radio-opacity such as the heart shadow (see 
Chapter 10 and Figures 8.4.2 and 14.9.1). 


The complete and definitive examination will involve each specialized body system. 
The signs, symptoms, and treatment will be described in the relevant chapters of 
Volume 2. 
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8.9.1 Complementary diagnostic examinations and monitoring 


Electrocardiogram (ECG) monitoring is not routinely available in ICRC surgical 
hospitals, neither are computerized tomography (CT) scans, angiography, 
sonography, Doppler blood flow, or arterial blood gases. The use of central venous 
pressure lines in most circumstances where the ICRC works carries too high a 
risk of septicaemia. Diagnostic peritoneal lavage for abdominal injury is also not 
practised routinely. 


The minimal ICRC standards for emergency war surgery under precarious circumstances 
in hospital settings with limited resources include: 

+ plain X-ray; 

+ pulse oxymeter; 

+ haemoglobin; 

- haematocrit; 

¢ total and differential white blood cell count; 

+ platelet count; 

* coagulation time; 

+ bleeding time; 

+ fasting blood sugar; 

+ blood smear for malaria (other blood parasites where applicable); 
+ sickle-cell test (where applicable); 

+ urine analysis: dipsticks, pregnancy tests; 

* blood grouping, testing and cross-matching. 


If more general surgery, as well as internal medicine and paediatrics, is widely 
practised in the ICRC hospital, then more elaborate laboratory analyses are added. In 
more precarious situations, as experienced by field surgical teams, none of the above 
is usually available. 
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Fig. 18. Readable distance test scheme with metallic sheet presence. 
After [144]. 





This test allows us to conclude that, in a real scenario, 
when considering the typical distance from the antenna to 
the floor, where the reader is usually embedded into a 
mobile device, a minimum distance from the tile to any 
metal inclusions in the ground has to be guaranteed. As 
seen, this safe distance should be at least 30 mm. 


B. Navigation Approach Based on Smart Floors 

A meaningful example of the applications of the smart 
floor concept is the demonstrator developed at the Univer- 
sity of Aveiro, Aveiro, Portugal. It allows a nomadic RFID 
reader on top of it to be identified and localized by means 
of a smart floor. 

The prototype in the present state is composed of four 
main components: a set of tagged tiles forming the smart 
floor, the nomadic reader, a wireless communication de- 
vice to connect the reader to the information system, anda 
computer on which the location and navigation software is 
installed. A potential scenario of application for the moni- 
toring of elderly housing is shown in Fig. 19. In the de- 
monstrator presented, the RFID reader is connected to the 
radio unit and inserted into the user’s shoes in order to 
read the passive tags as the user walks around a given area. 
The tile IDs are detected by the reader and sent to a 








Fig. 19. Example of smart floor application scenario. 


centralized information system using, without lack of 
generality, a nonstandard wireless communication system, 
purposely developed in the laboratory. 

The software in the computer then decodes the ID of 
the smart tile, and correlates it with a preloaded refer- 
enced map, thus being able to provide the precise position 
of the walker in the environment. 

The location can be subsequently translated to a navi- 
gation system, and combined with artificial intelligence to 
allow navigation, situation awareness, etc. 

Plenty of applications and related solutions can be en- 
visioned on the basis of this smart floor approach: robot 
control, automatic pallet managements, prevention in 
harsh environments, and so forth. 


VIII. SMART SHOES AND BAN 


The aforementioned smart floor (Section VII), initially pro- 
posed to localize moving subjects in a given area, actually 
allows for the implementation of a very low-cost, accurate, 
and reliable system able to provide each kind of detectable 
information from an equipped area to the Internet. 

To exploit the potentiality of a smart floor, it is obvious 
that developing purposely conceived communication units 
acting, on the one hand, as readers for tag tiles and, on the 
other hand, as communication systems with the web is 
needed. 

One of the investigated systems for this is the so-called 
smart shoe [21]. Smart shoes are intended as shoes incor- 
porating a reader able to illuminate the tag embedded into 
the tile and a wireless interface to communicate data to the 
web. To this extent, smart shoes can be seen as hubs of 
BANs able, on the one hand, to get information from the 
surrounding environment (body included) and, on the 
other hand, to communicate the collected information to 
the Internet. According to common buzzwords, they can 
be seen as the second technological layer, just above the 
first physical one consisting of tagged objects, in a hierar- 
chical picture of IoT. Alternatively, they provide the cloud 
of nomadic readers with networking capabilities required 
for the implementation of the so-called networked RFID 
(N-RFID) [150] strategies. In the referred structure [21], 
the necessary antenna system is inkjet printed on paper, 
thus exploiting the process described in Section II, and it is 
a trademark-logo-shaped dual-band antenna working at 
900 MHz and 2.4 GHz. A block diagram and its equivalent 
realization are shown in Fig. 20: it is worth noting that the 
reader itself works at 13.5 MHz exploiting the near-field 
communication (NFC) concept, according to what is stated 
in the smart floor section; as a consequence, there are no 
issues about the interference between the dual-band an- 
tenna and the NFC reader. Moreover, an approach similar 
to [145] is proposed to power the reader: the idea here is as 
well to harvest the energy produced by the human walking 
by means of piezoelectric materials embedded into the sole 
of the shoe. 
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9.1 Introduction 


9.1.1. The logic of triage 


In daily, routine practice surgeons face patients one by one. They use all of the means, 
equipment, and supplies at hand to do the most they can for every patient; they try 
to do everything they possibly can for every single individual. The priority is high- 
intensity care for the sickest. 


In a single mass-casualty incident means may be stretched to the limit, but one can 
still manage to do the best possible for all patients. With a massive influx of wounded, 
however, the hospital is overwhelmed; resources cannot meet the needs of all the 
casualties. This is when the logic of mass casualty triage comes into play. It is no 
longer possible to do everything for everyone. Medics must try to do what they can: 
the greatest good — but not necessarily everything — for the greatest number. This is 
another example of the change in professional “software” — the mindset - that is called 
for in surgery for the victims of war. 


The French term triage, which means to sort into groups according to quality, has been 
applied to the sorting of battle casualties since the time of Napoleon's surgeon of the Imperial 
Guard, Baron Dominique-Jean Larrey (circa 1812), who recognized the need to categorize 
wounded soldiers during an actual battle according to their priority for treatment. 


The experience of two world wars during the twentieth century, when tens of 
thousands were wounded during a single battle, demonstrated the importance 
of sorting casualties and determining priorities for evacuation and treatment. This 
concept of triage has now been extended to natural disasters and single mass- 
casualty incidents (terrorist bombings, industrial accidents, fires in social institutions, 
etc.) with considerable benefit, and its use is now generally accepted worldwide. 


Natural disaster triage, however, is not the same as war triage. An important natural 
disaster is a single mass-casualty event that overwhelms hospital services; the 
wounded suffer injuries at one time, but there is then a respite. The same can be 
said for other mass-casualty incidents. Armed conflict on the other hand can involve 
a continuing mass arrival of freshly wounded victims that may go on for weeks or 
months on end; there may be no respite until the end of hostilities. Nonetheless, many 
of the fundamental concepts underlying war triage apply to the disaster scenario. 


Establishing priorities for treatment amongst many casualties is the most difficult 
decision to be taken in all of medical practice. Patients with very severe wounds whose 
management consumes many resources and much time, and who have little chance of 
survival despite treatment, may have to wait or may only receive minimal care in the 
interest of being able to intervene effectively for the others. One must often choose to 
treat first the patients for whom the smallest surgery gives the biggest results; i.e. the 
wounded who, though seriously injured, stand a fair chance of “good survival”. 


Some armies have practised “inverted” or “reverse” triage: the least injured were treated 
first so as to make them able to return more quickly to the battlefield! It should be noted 
that this practice contradicts the principles of international humanitarian law. 


The practice of triage is not dogmatic. It is not a series of rules, but a logical approach 
and philosophy that must be adapted to each and every particular situation. 
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9.1.2. Where to perform triage 


As mentioned in Chapter 1, one of the special characteristics of surgery in times of 
war is the staged management of patients in a chain of casualty care. The principles of 
triage are applied at every stage. 


The organization of a casualty collection point and effective triage permits the orderly 
evacuation of the wounded, the most efficient use of stretchers, ambulances or other 
transport, and the optimal use of medical and surgical personnel available. With 
the necessary training, rapid assessment of casualties can be carried out not only 
by doctors, but also by nurses, paramedical staff and first-aid workers. It should be 
possible to implement triage at any point along the chain of casualty care, in order 
to set priorities for first aid and evacuation of the wounded to the next echelon 
of treatment. 


More efficient lines of evacuation and shorter duration of transport, coupled with 
better pre-hospital care, ensure that a greater number of the severely injured will 
survive to reach a surgical hospital. The number of KIA decreases; however, the DOW 
rate often increases (see Chapter 5). 


In many low-income countries, however, civilian casualties often arrive at the hospital 
without having received first aid and without the help of an ambulance service. In this 
case the less seriously injured usually arrive first. The hospital then becomes the first 
triage station. 


Whatever the prior treatment or sorting, however, triage must be carried out again 
when casualties reach the hospital; the condition of patients changes and the 
priorities in the hospital may be different from those in the field. All patients arriving 
at the hospital during an influx of casualties go through the triage process." 


9.1.3 Adelicate balance 


To set priorities for patient management a number of factors must be taken into 
consideration to define the needs on the one hand, and the resources available on 
the other. The practice of triage is a fine balance between these two. 





Needs 
+ How many patients are arriving? 10, 50 or 100? 


+ Are they all suffering from penetrating injuries? Or are there many burn cases 
amongst them? 


The number of wounded and the different pathologies should be taken into account 
in the total workload. Penetrating wounds will require a great deal of surgery. Burn 
patients require relatively little immediate surgery, but a great deal of nursing care. 





1 For field triage, see Giannou C, Bernes E. First Aid in Armed Conflicts and Other Situations of Violence. Geneva: ICRC; 
2006. 
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Resources 
+ How many surgeons and anaesthetists? 


+ How many operating tables? 
+ How many instrument boxes, and what is the efficiency of the sterilization system? 
+ How many beds? etc. 


A hospital may have three fully-equipped operating theatres, but if there is only one 
surgeon then only one patient can be operated at a time. If there are three surgeons 
and three anaesthetists, but only one theatre, then the team must improvise extra 
operating facilities, if there are sufficient boxes of surgical instruments. 


ICRC EXPERIENCE 


During fighting in Kabul in 1992 with an influx of mass casualties, four 

surgical teams worked in the ICRC hospital, supplemented by Afghan general 
practitioners with some surgical experience. There were two operating theatres 
in different buildings with 4 tables that could function at the same time. One 
team operated in one building and one in the other; the third team performed 
triage; and the fourth was resting! 


All these factors - needs and resources — must be balanced out. No two triage 
situations are the same. It is this constantly changing equilibrium between needs and 
resources that will determine the priority for treatment among all the patients who 
reach the hospital. One cannot be dogmatic about which patient to operate first, since 
no two situations are the same. Only a full understanding of the logic and philosophy 
of triage will help to establish efficient priorities that will result in the best treatment 
possible for the greatest number of victims. 


9.2 Setting priorities: the ICRC triage system 


There are a number of triage category systems used throughout the world today. 
Some are more sophisticated than others and depend on injury severity scores and 
physiological parameters. There are two important factors to keep in mind when 
deciding upon a system to use in a hospital. 


1. It should be kept as simple as possible — a mass influx of wounded always creates 
confusion, tension and anxiety. 


2. All members of the hospital team should understand the system being used. 


The ICRC uses a triage category system based upon several factors. 


+ Physiological appreciation of life-threatening conditions according to the ABCDE 
protocol - in practice, severe haemorrhage will constitute the great majority of life- 
threatening injuries during armed conflict (see Chapters 5 and 8). 


+ Anatomic factors, including the Red Cross Wound Score for penetrating injuries — in 
general, vital injuries (head, neck, thorax, abdomen and major peripheral vessels) 
will have priority, but the grade of injury must also be taken into consideration 
(see Chapter 4). 


+ Mechanism of injury — especially anti-personnel landmine injuries and burns 
(see Chapter 3). 


+ Time since injury — important for determining degree of shock and response to 
resuscitation as well as limb ischaemia (see Chapter 5). 


+ Epidemiology of the war-wounded - knowledge of the relative numbers of severe 
and superficial wounds (see Chapter 5). 
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9.2.1 TheICRC triage categories’ 


Category I: Serious wounds - resuscitation and immediate surgery 





Patients who need lifesaving surgery and have a good chance of recovery. Some 
examples include: 


+ airway — injuries or burns to the face and neck requiring tracheostomy; 
+ breathing — tension pneumothorax, major haemothorax; 


+ circulation — internal haemorrhage, wounds to major peripheral blood vessels, 
traumatic amputation. 


Patients who require surgery but not on an urgent basis. In practice this applies to 
many casualties, including: 


* penetrating abdominal injury in haemodynamically stable patient, most probably 
injury to hollow organs only; 


* penetrating head injuries with GCS > 8, providing definitive airway control can be 
maintained - if a surgical airway is necessary, then Category | for tracheostomy 
only;? 


* most compound fractures: in practice, a large number of the wounded; 


+ major soft-tissue wounds: in practice, a large number of the wounded. 


Category Ill: Superficial wounds - ambulatory management 


Patients who do not require hospitalization and/or surgery because their wounds are 
so minor that they can be managed on an ambulatory basis. 


They are often called the “walking-wounded”. In practice, this is a very large group 
including those presenting superficial wounds managed under local anaesthesia in 
the emergency room or with simple first-aid measures. 


Category IV: Severe wounds - supportive treatment 


Patients with injuries so severe that they are unlikely to survive or would have a very 
poor quality of survival. These include the moribund, or patients with multiple major 
injuries whose management could be considered wasteful of scarce resources in a 
mass casualty situation in terms of operative time and blood. Examples include: 


* penetrating head wound with GCS < 8; 
+ quadriplegia; 
« burns > 50% body surface area; 


+ major blood loss and no blood available. 





2 The system of triage categories employed by the ICRC was revised by the Master Surgeons Workshop held in 
Geneva in 2002 (see Introduction). 


3 Please note: ICRC hospitals are not equipped with ventilators and close monitoring of intubated patients is not 
always possible. A surgical airway avoids many problems, and should replace an endotracheal tube if the patient 
remains intubated for several days in any case. 
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9.2.2 Notes on triage categories 


The number of casualties who require urgent treatment may exceed the surgical 
capacity available. A second triage within Category | is then necessary (see 
Section 9.3.2). On the other hand, when evacuation time to the hospital is longer than 
12 hours, few patients may fall into Category I. 


Many surgeons believe that all penetrating brain wounds are a Category | emergency; 
others believe that all penetrating brain wounds are hopeless Category IV. The use 
of the GCS helps to differentiate those patients who will probably survive, even with 
some delay in operation (Category Il in the experience of ICRC surgical teams) from 
those whose condition is definitely a Category IV. This, evidently, provided the airway 
is patent. 


The Category III superficially wounded may be so numerous, frightened, in pain and 
excited, that their uncontrolled presence in the emergency room/triage area creates 
great confusion. In urban contexts, they tend to be the very first evacuated to hospital, 
to the detriment of the more seriously wounded. 


The categories are not rigid; patients waiting for surgery may change category and 
a single patient may fall into two categories, such as one with severe maxillo-facial 
injury who requires an immediate tracheostomy and basic haemostasis (Category 1), 
while the debridement and primary reconstruction of the patient's face, which may 
take many hours, can wait (Category Il). 


Please note: 


There is one exception to these categories: when an excited, and often drunk, 
combatant holds a gun to your head and demands that you treat his wounded 
comrade first. This patient immediately becomes top priority. 





The equilibrium - between needs and resources - is a dynamic one; change is 
constant, no two triage situations are the same. 
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9.3. Howtoperform triage 





Patients may change triage category: their condition may deteriorate, or improve over 
time and with pre-operative resuscitation. As a result, a continuous reassessment of 
patients is absolutely necessary. 


Triage is a multiple-step process: “sift and sort’, then re-examine, re-examine, re-examine. 
“Sift” involves placing the patient in a general Category; “sort” then decides priority within 
that Category. 


9.3.1 “Sift” 


On reception of the casualties in the hospital, the triage officer must perform a rapid 
examination of each patient - a maximum of 30 seconds - checking the whole body, 
including the back. Field dressings should be changed by the nursing team as part of 
the examination; except for obviously large and severe wounds whose dressings are 
removed only in theatre. Severity of injury and probability of survival are the keys to 
decision-making. Clinical experience with the war-wounded - not training or reading 
books - is the most important preparation for this task. 


To sift, the triage officer first looks for life-threatening conditions based on: 

+ airway, breathing, circulation; 

+ important physiological clues (mental status, character and rate of pulse, ease of 
respiration); 

* anatomic site of wounds (head, chest, abdomen); 

+ severity of obvious wounds according to the RCWS (amputation of limb, etc.). 


Based on clinical judgement alone, a first decision is made, to “sift” the casualty 
into a Category. The Category does not depend on how many patients arrive with 
serious wounds. 


The idea is to quickly recognize the two extremes of injury, which, together, comprise 
a very large number of casualties: the very minor (Category Ill) and the very serious 
(Category IV); and to identify and separate out the dead. As little time as possible is 
spent on these Category Ill and IV patients and they must quickly be removed from 
the triage area to specially designated areas. 


The triage officer concentrates on the critically and seriously injured (Categories | and Il): 

* patients who require resuscitation and immediate surgery as part of the 
resuscitation process; 

+ those who need continuing resuscitation; and 

+ patients who will tolerate some delay before receiving surgical attention. 


The triage officer should not perform treatment, with one exception: if the patient is 
‘ not breathing, the mouth should be opened and cleaned and the person put in the 
< . lateral recovery position, before the next patient is dealt with. 





Figure 9.1 it P ii a . 
7 An “administrative team” consisting of a nurse and a clerk supports the triage officer 


for purposes of documentation, including all personal details of each patient, the 
securing of their identity papers and valuables, and the signing of any necessary 
consent forms. Other supporting personnel present at the entrance or in the triage 
area include those responsible for hospital security and crowd control. 


Triage officer assisted by an administrative clerk. 


Initial treatment is started by a dedicated team, and patients should be transferred as 
quickly as possible out of the triage area to theatre or the ward designated for their 
triage Category in order to make room for new arrivals. Resuscitation, as necessary, is 
continued in these assigned areas. 
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The use of X-rays should be limited; it is seldom essential under these circumstances 
and the triage officer should not wait for an X-ray to decide on the triage Category. 


An identifying tabard or armband stating “triage officer” is useful; if, inevitably, the 
triage officer must move away from the triage area this can be handed over to the 
deputy/replacement. 


9.3.2 “Sort” 


After “sifting” casualties into the general Categories, a second examination is 
performed: “sorting”. No two triage situations are equal and, therefore, according 
to the number of competent personnel available, the triage officer or a second 
physician-in-charge continues the reassessment of patients within the Category | 
cohort. “Sorting” decides which of the Category | patients to send to theatre 
first: priority amongst the priorities. The others, while waiting, remain under close 
observation and continued resuscitation. 


This re-examination may reveal patients with an “emergent” condition who should 
receive priority over the stable: e.g. one of two Category | patients with penetrating 
abdominal wounds becomes haemodynamically unstable because of continuing 
internal haemorrhage, while the other has a stable pulse and blood pressure because 
bleeding has stopped. 


The surgical teams should begin operating on Category | patients immediately. Since 
the number of casualties cannot be foreseen, it is not possible to wait for all patients 
to arrive and be triaged before deciding which should be taken to the operating 
theatre first. 


The triage officer must keep in close contact with the operating theatre, to reassess 
continuously the priorities of the operating list. 


The time that patients are waiting for surgery can be profitably used for completing 
X-rays and laboratory analyses, if necessary, but should not interfere with 
resuscitation efforts. 


The same logic applies to the patients in the other Categories. Either the triage officer 
or the person in charge of the department re-examines the patients in Category Il. 
Priorities are set for the operating list among the Category II patients. 


Reassessments may result in changing a patient's Category. The condition of a patient 
originally triaged into Category Ill because he had no obviously serious wound may 
suddenly deteriorate and become Category | or Il. If a second-in-charge is continuing 
the reassessments, a system must be available to transfer patients from one Category 
area to another. Referring back to the triage officer for every decision will only result 
in overburdening him. 


Usually the hardest part of triage is having to accept that some patients may only 
receive analgesics and be removed to a quiet place where they can die in comfort 
and with dignity. After treatment of priority patients has been completed, a repeat 
examination of Category IV patients, if still alive, may allow the triage officer to 
contemplate surgery for them at this stage. 


9.3.3. Avoid undertriage and overtriage 


In undertriage the assessment underestimates the severity of injury and the patient 
is not given sufficient priority. Overtriage overestimates the injury, and a patient is 
assigned to a higher Category than necessary. This will divert resources from the truly 
seriously injured and overburden the critical care services. Repeated re-examinations 
will correct these errors. 
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Fig. 20. (a) Block diagram, (b) photo, and (c) dual-band antenna results 
of the smart shoe that works as an energy autonomous reader for 
smart floors able to collect the localization data from the smart tiles 
and send them to a centralized system. After [21]. 





Fig. 21(a) shows the shoe with the mounted electronics 
consisting of a trademark-logo antenna inkjet printed on a 
flexible paper substrate together with the circuits in which 
the components [Fig. 21(b)] are fixed by conductive epoxy 
glue. A piezoelectric push button was embedded in the shoe 
to scavenge energy from human walking strike. This energy 
is then collected by a simple electronic circuit based on off- 
the-shelf components and used to supply the RFID trans- 
mitter. As reported in [145], the system is composed by the 
power-generator/energy-conversion device, the energy 
storage device, the power regulator circuit, and the RF 
transmitter that can broadcast the tag ID and the stored 
information. 

When the push button is pressed, an inner spring is 
compressed and when the pressure exceeds a fixed thresh- 
old, the spring-loaded hammer will be released to deliver 
the dynamic mechanical force to the piezoelectric compo- 


sapoug/sanjunsued, 


Fig. 21. (a) Mounted electronics on shoe with piezoelectric energy 
harvester and block diagram of the transmitting tag, driven by the 
EH unit. (b) Photograph of the assembled prototype showing the 
key components packaged on an organic flexible substrate. 

After [145]. 





nent; once the hammer strikes the piezoelectric element, a 
pressure wave is generated and reflected a few times be- 
tween the hammer and the element, creating a mechanical 
resonance [151]. As a result, the generated output voltage 
follows closely an alternating current (ac) signal course. 
The signal out of the piezoelectric element is characterized 
by high voltage and low current; therefore, since this RF 
circuitry requires lower voltages at higher currents, a step- 
down transformer is used for better impedance matching 
to the following circuitry. 

An energy storage device is adopted to collect the 
electrical energy and to provide it to the transmitter even 
when the external power source is temporarily unavail- 
able; in fact, the RF transmitter takes tens of milliseconds 
to transmit one complete word, while the piezoelectric 
push button harvests energy in a transient time. To store 
the collected energy, a 4.7-uF tank capacitor was chosen. 
An ac—dc full wave diode bridge rectifier is used to convert 
the ac voltage from a piezoelectric element into a dc source 
and a dc linear regulator is added to adapt the dc voltage 
across the capacitor to 3-V transmitter operating voltage. 
For this purpose, a MAX666 low-dropout linear regulator, 
providing a stable 3-V supply until the tank capacitor 
charge is drained below the reference level of the dc linear 
regulator itself, is chosen. The transmitter used, the LINX 
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It may be necessary to transfer minimal care patients to other sites for convalescence, 
even outside the surgical hospital. If this is done, care should be taken to identify 
patients for follow-up treatment and administration of medication, and to exercise 
some control over their whereabouts. Documentation is important: patients can 
easily get lost. 


9.3.4 Avoid confusion and disagreements within the team 


There is no time or place for disagreements during a triage of mass casualties. The 
decisions of the triage officer must be “dictatorial” The post-triage evaluation session 
is the place for “democratic” discussion and constructive criticism. 


In spite of training, practising and planning, the unexpected will happen. The hospital 
team - led by the team leader, triage officer, head nurse - will at times have to 
improvise and invent new protocols and procedures to meet new circumstances. One 
should not be dogmatic, but rather understand the philosophy and logic of the triage 
process, and adapt to new situations in accordance with that logic. 


9.4 Triage documentation 


Good records are essential and no effort should be spared to record important aspects 
of the wounds, treatment, and the patient's triage category. 


Each casualty should be appropriately identified, numbered, and assigned a medical 
chart. Large plastic bags, labelled with the patient's number, are used for clothing; 
smaller labelled plastic bags are used to collect patients’ valuables. They are stored 
separately and the valuables put in a safe place. 


Some system must be devised for indicating the patient's triage Category. This could be 
colour-coded tags tied around a hand or foot, or hung around the neck. These are easily 
removed and changed should the patient's triage Category change. Writing an “indelible” 
number on the forehead or chest only creates confusion with a change in Category. 


The patient's medical chart should include basic information and be in telegraphic 
style: clear, concise, yet complete. It should include at least the following information: 
* name, age, sex, time of injury, cause of injury, any first aid given; 

+ time of admission to hospital; 

+ vital signs: BP, pulse, respiration rate, neurological status; 

+ diagnosis: using a diagram (homunculus) is very useful; 

+ triage Category; 

+ complete pre-operative orders. 


See Annex 9. A: Sample triage card. 


This basic information is particularly important if patients are being transferred to 
another facility. A list of admitted or treated patients is necessary so that people who 
come looking for their relatives or friends may be informed. The local authorities may 
require information about the number of admissions and deaths. The media must be 
dealt with. These issues are addressed by the triage team leader, or replacement. 
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9.5 Emergency plan for mass casualties: 
disaster triage plan 


Any hospital treating the war-wounded must be prepared to receive large numbers of 
casualties. Preparation means planning and training. 


9.5.1. Planning 


The triage tent in Figure 9.3 shows a number of key points: 

+ there is enough space to move around; 

+ the small lightweight beds/stretchers that are easily moved and inexpensive; 

* small carts for emergency medical supplies; 

+ iv. fluids hanging ona rope strung across the room, for flexibility of patient 
placement; 

+ a patient carried on a stretcher by dedicated bearers; = : 

+ relatively few staff members present, getting on with their allotted tasks in what Zi : 
appears to be a calm atmosphere. Figure 9.3 





ICRC 


F F ar P P ‘ Inside a triage tent. 
This scene illustrates proper organization, which requires planning of the space, 


infrastructure, equipment, supplies and personnel. 


Figure 9.4 shows the premises surrounding a triage tent: 

+ the site is temporary; 

+ space is available to receive ambulances or to expand the facilities; 
+ the structure is lightweight and easy to set up or take down; 

+ the structure is inexpensive; 

+ there is a water tower nearby; 

+ there is a rubbish bin outside. 





ICRC 


This scene illustrates proper organization, which involves planning of the space and 
infrastructure. 


Figure 9.4 


Outside a triage tent. 





The hospital team must be prepared for any kind of crisis: every hospital should have 
a disaster/triage plan (see Annex 9. B: Hospital emergency plan for mass influx of 
wounded). The aim of the plan is to organize: 

* personnel; 

* space; 

* equipment; 

+ supplies (medical and non-medical); 

+ infrastructure (water, fuel for electricity generators, etc.); 
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+ services (laundry, kitchen and cafeteria, etc.); 
+ training of the hospital team; 

* communications; 

* security. 


9.5.2 Theteam 


The hospital team should hold a series of meetings, to discuss the organization of the 
disaster/triage plan. Everyone working in the hospital should be aware of the plan 
and their respective role during a crisis. The plan should be posted so that everyone is 
well acquainted with it. 


The plan should be put into operation as soon as notice is given of the expected 
arrival of mass casualties. It should include the mechanism for deciding who declares 
the emergency and under what conditions to implement the plan. The ordinary 
operating list and other routine activities should be suspended until the situation is 
resolved. This kind of organization does not require money or special technology; only 
time, effort, discipline and motivation. Any disaster plan should be an extension of the 
normal hospital routines, and the roles allocated to individual staff remain as close as 
possible to their familiar daily work. The plan should not be a complete change in the 
system. Introducing many new procedures will only add to the confusion. 


9.6 Personnel 


There are three key leadership functions in a disaster triage scenario: triage team 
leader, triage officer, head nurse. 


9.6.1 Triage team leader 


The triage team leader is the coordinator. He is usually designated to announce the 
onset of the hospital triage plan; he then coordinates the work of the different units 
and services, and makes sure that all departments are informed. The triage team 
leader maintains an overview of the situation, including a constant reassessment to 
determine the need for additional staff, supplies, and ward areas. In addition, he must 
be aware of events outside the hospital, maintaining contact with relevant authorities 
in order to anticipate any new arrival of casualties due to continuing combat. 


9.6.2 Triage officer 


The triage officer performs the actual clinical triage, assigning a category to each and 
every patient on entry. There has been much discussion about who should perform 
triage: surgeon or anaesthetist? Again, there is no strict rule. Each hospital team must 
decide according to its circumstances. 


The logic of triage demands that the most experienced and respected person willing 
and able to take on the responsibility should do so. This person must know how to 
organize the emergency room/triage area and have a good understanding of the 
functioning and capacity of the hospital. 


Even more importantly, the hospital team must be able to live with the decisions 
taken by the triage officer. Staff members, relatives, and military commanders might 
try to influence the triage decisions; nevertheless, these should be made on purely 
medical grounds. This can be especially difficult in a public hospital where friends 
and family members of the hospital staff may be among the victims. Deciding priority 
of treatment solely on the basis of medical need and resources available when the 
injured include close relatives of the personnel may be a heart-wrenching decision. 
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The hospital staff must be able to continue their work and live with the triage decisions 
for the rest of their lives. As a consequence, the experience of the triage officer and the 
respect with which the personnel hold the triage officer must be beyond reproach. 





9.6.3 Head nurse 


The head nurse organizes the nursing and paramedical personnel (laboratory, pharmacy, 
etc.) and non-medical support staff (trolley orderlies/stretcher-bearers, kitchen, laundry, 
cleaning, etc.). This is largely a coordination function. Any clinical role or supervision by 
the head nurse will depend on the particular circumstances of the hospital involved. 


9.6.4 Theteam 


Whether one person fills more than one leadership function will depend on the 
availability of competent personnel. The triage team leader may be the same as the 
triage officer in a small hospital; in a larger facility, this coordination function is probably 
best assigned to someone else, for instance an administrative officer or the head nurse. 
In a very large hospital, three different people should assume the three functions. 


ICRC EXPERIENCE 
What is the reality in the field? 


In many small rural hospitals, the only surgeon is also the director. This one 
person often becomes the triage team leader and triage officer. After performing 
triage, the surgeon and the only anaesthesia nurse go to the operating theatre. 

A new influx of casualties arrives. Who then performs triage? Who continues the 
necessary coordination tasks? Either a general practitioner or the head nurse. This 
should be decided upon beforehand and be part of the hospital’s disaster plan. 


The ICRC supports the Somali Red Crescent Society in running the Keysaney 
Hospital in north Mogadishu, where triage has been routinely practised from 
1992 until the time of writing. The triage officer in the emergency room is an 
“experienced female nurse, because she is the only one who can organize things”. 


9.6.5 Triage groups/nursing teams 


Such teams should be formed for the triage area, with responsibility for the 
following tasks. 


1. Setting up intravenous lines and taking blood for grouping and cross-matching. 


2. Administration of tetanus prophylaxis, antibiotics, analgesics and other 
medication as prescribed. 


3. Dressing wounds and splinting fractures. 
4. Bladder catheterization, if indicated. 


5. Arranging for an orderly flow of categorized casualties to the operating theatre or 
to designated areas for continuing resuscitation, delayed, or minimal treatment. 


The disaster plan may be nominative, designating by name the triage officer and triage 
groups: who is in charge of setting up i.v. lines, dressing wounds, giving analgesics and 
antibiotics, etc.; or it may designate the function (ER doctor 1, ER nurse 3) regardless 
of who is on the roster that day (Figure 9.5). This depends on the staffing system, and 
availability of personnel, of the particular hospital. 
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Figure 9.5 


Example of a nominative disaster/triage plan in 
a small rural hospital. 
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Figure 9.6.1 
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9.6.6 Surgeons and theatre personnel 


These members of staff should have prepared the operating theatre and be ready and 
waiting for the casualties. The surgeon in theatre will see patients he or she has not 
previously examined and who may not have a name or signed consent form. Outside 
the mass casualty situation this would be regarded as negligent practice, and so 
another “mental adjustment” is required. 


9.6.7 Rest and relief 


Early consideration should be given to the rest and relief of staff. Triage is not an everyday 
routine activity. The shift system may need to be changed in order to deal with the 
increased workload: 2 twelve-hour shifts instead of 3 eight-hour ones, for example. 


During a crisis the hospital team will be under severe emotional and physical stress. 
All staff members will need to pace themselves in order to perform efficiently and 
maintain a professional attitude. As mentioned before, during armed conflict there 
may be a mass arrival of new casualties every day for weeks on end. It is not possible 
to foresee how long the influx will last. 





A triage situation is tiring for everyone. Some, out of a misplaced sense of professional 
duty, find it difficult to accept that they need to rest; rest must be insisted upon. 
Working for extended periods without sleep only results in hospital staff no longer 
being able to adequately treat the new patients who continue to arrive. 


9.7 Space 


During an influx of mass casualties the various hospital departments must be 
re-arranged according to the pre-decided plan. Besides the original hospital site, any 
alternative sites (building, underground shelter, etc.) must be included in the plan, 
should the hospital require evacuation for reasons of security. The equivalent in cases 
of natural disaster is the destruction of the hospital premises and/or its access routes 
(earthquake, landslide, tsunami, etc.). 





R. Aburabi / ICRC 


Figure 9.6.2 
Alternative triage department in an unused building: empty. The same premises: full. 


The usual emergency reception/admissions room may not be large enough to 
accommodate a large influx of wounded. A large and extendable area capable of serving 
as a triage department should be pre-selected. The area should be cleared of all inpatients, 
and be large enough to permit easy movement of casualties and medical personnel. 
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In certain contexts, for religious and cultural reasons, it may be necessary to have 
separate male and female areas for incoming mass casualties. This must be taken into 
account during planning. 


Once triaged, patients should be transferred out of the triage department to the 
operating theatre or designated wards. 


Different units or wards should be identified for the different triage categories. Category | 
patients, requiring resuscitation and immediate surgery, might be put in a pre-operative 
intensive care unit near the operating theatre while waiting for an operating table to 
free up. Resuscitation with i.v. fluids can continue here under close supervision. The 
Category II cohort of patients who require surgery but not on an urgent basis can be 
grouped in a special ward where they can receive treatment (antibiotics, analgesics, i.v. 
fluids, dressings) under observation while awaiting surgery. 


Category Ill patients suffering superficial wounds could be sent to the outpatient 
department or an area for convalescence outside the surgical hospital. This group is 
composed of many patients who are lucid, frightened (because of the shooting and 
shelling), panicky, and often in pain. Organization and basic staffing of this space are 
important in order to identify and isolate such patients, give them rapid treatment, 
and then discharge them. 


Finally, a quiet, secluded room should be made available for Category IV patients 
with very severe wounds who should be left to die peacefully with dignity. An i.v. line 
should be put up and analgesics given if appropriate. 


Some provisions should be made for the well-regulated visit of friends and relatives 
to all seriously-injured patients. This comes under the necessary security measures to 
be implemented (see Section 9.13). 


9.8 Equipment and supplies 


A large number of stretchers or trolleys are needed at the hospital entrance during 
triage, to accommodate the casualties left by incoming ambulances. Blankets 
and sheets are required in the triage area, as are lines on which to hang infusions. 
Complete sets of supplies for triage should be prepared and stored in boxes or trunks 
which can easily be carried to the triage area from an accessible storage space. 


Triage boxes should include: 

+ disposable latex or plastic gloves; 

* venepuncture equipment; 

¢ iv. fluids; 

+ dressings, bandages, scissors; 

+ catheters, naso-gastric tubes; 

+ drugs which are likely to be needed. 


Needless to say, these triage boxes should be inspected regularly for the expiration 
date of their components. The drugs will probably need to be stored separately. 
Stocks should include the appropriate antibiotics and analgesics, as well as tetanus 
toxoid and anti-tetanus serum. 


A reasonable stock of items that will be required for the management of extra cases 
in the wards should be maintained. There should be adequate numbers of bed blocks 
for elevation of the foot of the bed, supplies of i.v. bottle holders, and supplies of 
dressings, plaster of Paris, splints and traction apparatus. 


Again, depending on the particular circumstances of the hospital, the pharmacy may 
hold designated emergency triage stocks or not. The re-supply of the hospital may be 
disrupted because combat has interrupted the ordinary lines of supply. 


Standard documentation charts and patient folders, each with a unique number, 
should be prepared and maintained in readiness. Each folder should include a triage/ 
admission form, a fluid balance chart, and laboratory and X-ray request forms. 
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9.9 Infrastructure 


Plans must be made to ensure adequate supplies of water, sufficient electricity, 
proper sanitation, and the disposal of waste. This may include special reserves of fuel 
for electric generators. Spare parts are also important to keep in stock; things tend to 
break down in the middle of an emergency situation. 


The designation of roles, responsibilities and tasks is not limited to the medical 
personnel. Technicians and maintenance workers to run the generators and ensure the 
water supply must be put on a special shift system so as to be available at all times. 


9.10 Services 


Hospital personnel, patients and their relatives, and volunteers must all eat. Hospital 
linen must be washed and theatre linen re-sterilized. The kitchen, cafeteria and 
laundry staff and facilities must all be included in the disaster plan. Relatives are a 
great nuisance in the triage area but their energies can be harnessed for the general 
good. They may be directed to give blood and engaged as volunteer stretcher- 
bearers, carriers of water, cleaners and kitchen staff, etc. 


9.11 Training 


The hospital team should regularly practise different triage scenarios, on its own and 
as part of any national disaster or conflict-preparedness plan. Volunteers from the 
National Red Cross or Red Crescent Society, and their first aiders, may be mobilized to 
work in the hospital and/or play the role of the injured. 


Clinical protocols and guidelines for triage and patient management must be 
standardized and understood by all doctors and nurses. This helps to avoid confusion 
and disagreements under tense and tiring circumstances. 


After every triage incident and when feasible, a general meeting of the staff should 
be held to discuss what went well and what went wrong. This evaluation permits the 
fine-tuning of the triage plan, to improve it for the next mass influx. 


Some individuals or even the whole team may have found the experience very 
stressful. An open, frank discussion about what happened and why certain decisions 
were made can be very beneficial, and even therapeutic. 


9.12 Communication 


If the hospital is part of an integrated health system, then a means of coordination 
and communication with other health facilities may make it possible to transfer 
the wounded from the overwhelmed hospital to another which has received 
comparatively few patients. Alternatively, other health facilities may be able to 
provide help in the form of additional personnel. 


The plan should include the means to contact staff who are off duty, bearing in mind 
that if combat is occurring in the area, hospital personnel may have difficulty in 
getting to work. Mobile telephone systems tend to stop functioning (or are stopped 
by certain authorities) during urban fighting or troubles. 


In an age of immediate mass communication contact with the media is inevitable, 
and what is happening in the hospital can be easily exploited for political purposes. 
The patients, hospital and staff are all protected under IHL. Obviously, military and 
governmental civilian hospitals are not “politically” neutral and cannot be expected to 
be. However, hospital personnel must act and speak publicly in accordance with their 
“medical” neutrality and impartiality. An “official spokesperson” for the hospital should 
be duly selected. 
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9.13 Security 


Last, but certainly not least, is the safety and security of the hospital premises, 
patients and staff. When armed conflict results in mass casualties every wounded 
person transported to the hospital is accompanied, as a general rule, by two to 
four friends, relatives, comrades-in-arms, or bystanders who have helped in the 
evacuation or transport. Curious onlookers may try to enter the hospital as well. The 
civilian population may be in a state of panic and consider the hospital a safe place. 
This well-known phenomenon is called the “convergence reaction”. People’s fear and 
excitement add to the confusion and danger, especially if many in the crowd happen 
to be armed. Limiting the number of people entering the hospital reduces the 
confusion considerably. 


One major factor which creates the convergence reaction and confusion is the lack 
of proper pre-hospital triage, as is often seen in an urban context. As mentioned in 
Chapter 7, the waves of ambulances transporting casualties evacuate the dead and 
badly mutilated first, the superficially injured, who are shouting to call attention to 
themselves, second, and the seriously wounded who require emergency surgery last. 


Security must be ensured by having guards posted at the gate of the hospital. Only 
wounded persons, possibly accompanied by a close relative according to local cultural 
traditions, should be allowed to enter. All weapons must be left outside the gate. 


Access to the triage area should be blocked off, and a guard posted here as well to 
keep other patients and onlookers from mingling with new casualties. 


The large numbers of relatives and friends who inevitably rush to the hospital must be 
prevented from crowding the premises and impeding the work of the medical staff. 
A system for well-regulated visits by patients’ friends and relatives must be set up to 
reduce the possibility of “friction” occurring. Under certain circumstances, board and 
lodging close to the hospital compound must also be organized and provided. 


Whether the guards are armed or not will depend on the circumstances of the country 
concerned. IHL does not prohibit armed guards if their purpose is to maintain order 
and protect patients and personnel. 


In extreme circumstances, the hospital can organize a “security lock”* at the hospital 
or triage area entrance. This forced channel allows for better crowd control, especially 
of armed men. 


ICRC EXPERIENCE 


The ICRC hospital in Kabul, Afghanistan, used commercial, steel containers with 
doors cut into the ends at the hospital entrance in 1992 to create a “tunnel” that 
allowed the filtering of all who entered. The width of the door was calculated to 
allow for the passage of a carried stretcher only. 


The ICRC — Somali Red Crescent Hospital in Mogadishu, Somalia, in 1992 was 
located in a converted prison. A first set of guarded gates led to a triage area with 
a large tent. A second set of gates separated the triage tent from the hospital 
compound itself, permitting controlled entry to the hospital. 


The ICRC hospital team working in the JFK Memorial Hospital in Monrovia, Liberia, 
in 2003 set up a so-called “triage tent” just outside the fence and gate entrance 

to the hospital. No medical triage was actually performed there, it was more of 
a‘disarmament tent” The tent provided a space for disarming any combatants, 
stripping the wounded of their soiled clothing, weapons and ammunition, 

and performing basic first aid. The wounded were then carried into the triage 
department — unarmed - on stretchers where the clinical triage was performed. 





4 Alockisa short section of a canal with gates at each end which can be opened or closed to change the water 
level, used for raising and lowering boats going through the canal. This permits control of the movement 
between areas at different water levels. By analogy, a security lock permits the control of people’s movements 
between different hospital areas. 





Figure 9.7.1 


Monrovia “triage tent” in front of the hospital. 





Figure 9.7.2 


“Triage tent” seen from the outside. 





Figure 9.7.3 


Volunteers inside “triage tent” before the action. 





Figure 9.7.4 


Volunteers after the action. 
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9.14 Summary of triage theory and philosophy: 
sorting by priority 





9.14.1 Triage system: a simple emergency plan organizing the 
personnel, space, infrastructure, equipment, and supplies 


The sudden arrival of large numbers of casualties may occur at any time. Prior planning 
and training prevents poor performance. Unless a plan exists for the reception and 
triage of mass casualties, chaos will result. Hospital staff should be prepared, however, 
to improvise when faced with a new evolving situation. 


Evaluation of hospital capacity is essential in emergency planning. 


An emergency plan does not cost money; organization does not cost money. They 
cost time, effort, discipline and motivation. 


9.14.2 Emergency hospital disaster triage plans differ and no two 
triage scenarios are the same 


Hospital teams must regularly practise receiving a mass influx of wounded, resulting 
from armed conflict or natural disaster. Simulation exercises should be organized 
covering a variety of scenarios, and adapted to the particular circumstances of the 
hospital involved. 


9.14.3 “Best for most” policy 


Priority patients are those with a fair chance of “good survival” with the least amount 
of surgical work. 


However good the disaster plan and extensive the training, a mass influx of casualties 
is always stressful and attended by confusion. Flexibility and adaptability of the 
hospital team are important. Triage is not a series of rules. It has a logic and philosophy 
that must be adapted to each particular situation. Triage is not a simple science; it is 
an art. 


Please note: 


Further practical information on the organization of hospital management in a triage 
situation is available in the ICRC manual Hospitals for War-Wounded: A Practical Guide 
for Setting up and Running a Surgical Hospital in an Area of Armed Conflict (see Selected 
bibliography). 


Ina military context, all standard war surgery manuals written by and for armed forces 
deal with the organization and implementation of triage under military constraints. 


ANNEX9.A 


Name: 


Sample triage card 





Coming from: 





Date: 











GSW: Mine: 

















Fragment: 





Time since injury: 














Blast: 

















General condition: 


Pulse: 


BP: 





Wound assessment: 


Triage Category: 
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Triage Card No: 
Male / Female / Age 
Time: 
Burn: Other: 
Resp. rate: Consciousness: 
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Roselli et a/.: Smart Surfaces: Large Area Electronics Systems for Internet of Things Enabled by Energy Harvesting 


Table 4 Shoe Energy Performance Summary 


Energy provided by the stored in the capacitor 848.4 pJ 
pushbutton 


below 2.7 V capacitor 
voltage, the active RFID 
tag stops transmitting 


Utilized energy 


Available energy 848.4 J — 17.1 J 831.3 wd 


Energy required by the 
circuit for a one-word 
transmission 


TXE-433-KH2 [152], is able to combine a highly optimized 
RF transmitter with an onboard encoder. 

The maximum voltage across the capacitor is 19 V; 
therefore, the energy stored in the capacitor can be calcu- 
lated to be close to 850 j:J. After the strike, the regulator 
becomes active, providing power to the tag circuitry; its 3-V 
output remains constant before it starts to drop to zero 
according to the capacitor discharge rate. When the voltage 
across the capacitor drops below 2.7 V, the active tag stops 
transmitting. The resulting energy left in the capacitor and 
not used is about 17 pJ. The required time for successful 
completion has been measured to be close to 50 ms; the 
total circuit energy consumption for a 50-ms transmission 
is then approximately 9 mW (Section IV). Consequently, 
the energy required for a one word transmission is ap- 
proximately 450 jJ, much less than the power collected by 
the energy conversion and regulation unit. The energy 
performance of the smart shoe is summarized in Table 4. 

“Smart” solutions like smart shoes are suitable for smart 
floor interaction and for collecting information (position 
included) from them. The smart shoe has actually a double 
functionality: on the one hand, it is a means to collect 
information from the environment (smart floor included) 
and from the on-body sensors and apparatuses; on the other 
hand, it transfers data to the Internet, via WiFi, for in- 
stance, while likely receiving control and feedback signals. 
To this extent, it contributes to the development of wear- 
able electronics for body-centric communication systems, 
according to the scheme of Fig. 22. This class of devices is 
based on the BAN concept (see Fig. 22): a network of 
wearable computational units, sensors, energy harvesters, 
and transceivers networked and implemented around the 
human body. The information is acquired by means of sev- 
eral sensors and, after processing and digital modulation, is 
transmitted by means of off-body transceivers. The most 
attractive application of BANs and wearable systems, so far, 
is probably health monitoring [88], but the number of 
foreseeable applications is constantly increasing (personal 
fitness monitoring, personal audio system, personal alarm 
set, and so on). Today, a big contribution to the BANs is 
being given by the interaction with portable devices such as 
smartphones which can be exploited as gateways. 

Low-power ICs, sensors, and wireless communications 
are key elements of the BANs, and the use of EH techniques 


Power Needed for 50 ms 
operation: 9 mW 








and mixed technologies such as RFID, as in the above de- 
scribed smart shoe, can contribute to the development of 
autonomous BANs. According to the notation adopted in 
[74] and [153], BANs can exploit wireless communication 
not only for off-body communications with other systems, 
but also for on-body and in-body communications to inter- 
connect networked devices [wireless body area networks 
(WBANs)]. Generally, the proposed WBAN solutions are 
based on existing communication standards; but, recently, 
the IEEE 802.15.6 working group has provided a standard 
for short-range, wireless communications in the vicinity of, 
or inside, a human body based on ISM bands for BANs 
[154]. In this rapidly evolving scenario, smart shoes can be 
seen, in turn, as a promising mean to interface information 
coming from smart floors to the BANs and ultimately to the 
Internet, directly or via portable devices. 


IX. ENERGY SKIN 


Within SSs, another area is emerging, which requires dc 
energy. The availability of devices that can actually increase 
the battery life of our electronic gadgets [155] is the holy 
grail of IoT; the idea is actually to convert energy from 
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Fig. 22. BAN integrated with loT: the data sensed on the human body 
and collected by smart devices are sent to the Internet through the 
standard protocols like third generation/fourth generation (3G/4G) 
and WiFi. 
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ANNEX 9. B 


Hospital emergency plan for a mass influx 
of wounded 
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ER: emergency reception room 


HN: Head Nurse 


OPD: outpatient department 


OT: operating theatre + sterilization 


TO: Triage officer 


TTL: Triage Team Leader 
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SURGICAL MANAGEMENT OF WAR WOUNDS 
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Complete examination 

Preparation of the patient 

Examination of the wound 


Surgical treatment 

Technique of wound debridement 
Skin 

Subcutaneous fat 

Fascia and aponeurosis 
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Haematoma 

Bone and periosteum 

Arteries, nerves and tendons 
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Final look and haemostasis 


Wound excision: the exceptions 
Management of minor Grade 1 wounds 
Serial debridement 
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Head, neck, scalp and genitals 

Soft tissues of the chest (sucking chest wound) 
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Dressings 
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Anti-tetanus, antibiotics, and analgesia 


Post-operative care 
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10.1 Introduction 


There are many factors that determine the final outcome of the management of war- 

wounded patients: 

+ the actual injury — the clinical significance of the wound is a function of the severity 
of tissue damage and the anatomic structures involved i.e. size and site; 

+ the general condition of the patient — nutritional status, dehydration, concomitant 
diseases, host resistance, etc. ; 

+ pre-hospital care: protection, shelter, first aid, triage, evacuation time; 

+ resuscitation, especially in the presence of haemorrhagic shock; 

+ hospital triage; 

+ surgery; 

* post-operative nursing care; 

+ physiotherapy and rehabilitation. 


However, the single most important act that the surgeon performs for the great 
majority of casualties is wound excision or debridement.’ 


The basic principles of trauma wound management have been known for a 
considerable period of time. Ibn Sinna commented on this (Figure 10.1), as did 
Alexander Fleming one thousand years later. 





Often, ICRC health personnel have witnessed inexperienced medical staff in a low- 
income country dealing with severely war-wounded patients for the first time. 
Their initial reaction is to try to stop the bleeding by “closing the holes”. If suture 
material is available, they stitch the wounds shut without excising dead tissue; 
if not, they plug the wounds with gauze compresses. Soon, infection develops. 
This is treated by a frequent change of dressing and antibiotic anarchy, wasting 
already insufficient hospital supplies. The end of the story may be a slow recovery 
with a major disability, or, more frequently, major complications often leading to 
the death of the patient accompanied by a deep sense of frustration among the 
medical staff. 


The basic management of war wounds is an art based on sound scientific principles. 
A good knowledge of wound ballistics helps the surgeon assess more accurately the 
extent of tissue damage and of the necessary surgery; it will not explain every wound 
or prescribe specific treatment for every patient. In only a few cases will knowledge of 
the specific causative weapon be of any clinical use. 


Wound ballistics teaches us that the cavitation effect of projectiles conveys 
pathogenic organisms, pieces of dirty skin and clothing and dust into the depths of 
the wound. Anti-personnel blast mines drive pieces of the shoe or bones of the foot, 





1 “Débridement" is a French term originally used to mean the removal of a constriction, or to unbridle, and thus 
to promote drainage and relieve tension by incision. The English word “excision” means to cut away or cut out. 
A confusion of terminology occurred at the Inter-Allied Surgical Conference for the Study of War Wounds 
held in Paris in 1917, and the historic French expression came to mean a wound excision - the removal of dead 
tissue — for English-speaking surgeons. 
A further misunderstanding may be caused by the fact that excision, when used with reference to cancer 
surgery, tends to mean “excision en bloc” with a wide margin of healthy, surrounding tissue. In this book, the 
expressions “excision” and “debridement” are used interchangeably and are understood to mean the cutting 
away of dead or devitalized tissue. 


2 Ibn Sinna - Avicenna (980 - 1036 CE), Persian physician and philosopher, author of Qanun fial-Tib (The Laws of 
Medicine). 

3 Alexander Fleming (1881 - 1955), British physician, discoverer of penicillin. 
Fleming A. On the bacteriology of septic wounds. Lancet 1915; 186: 638 - 643. 
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Figure 10.1 


“Damaged tissues must be removed in time.” 
Ibn Sinna, Qanun fi al-Tib2 


K. Barrand / ICRC 


Figure 10.2.1 


Wound sutured primarily to “close the hole’, 
without debridement. 


K. Barrand / ICRC 


Figure 10.2.2 


Sutures removed: pus pours out. 
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Figure 10.3 


Anti-personnel landmine injury: war wounds are 


dirty and contaminated. 





Figure 10.4 


Entry and exit thoraco-abdominal wounds: 
think anatomy! 
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gravel, soil, leaves and grass, and pieces of the weapon into the proximal tissues. 
Although the wounds are contaminated, infection does not set in for the first 6 - 8 
hours. Ideally, therefore, war wounds should be debrided within six hours; this is 
not often the case. 





Whatever the weapon, a thorough examination of the patient and the wound(s) is essential. 


Examine the patient: 
+ initial examination and resuscitation; 
+ complete examination to identify all open wounds and any closed injuries. 


Examine the wounds and damaged organs: 

+ to operate or not to operate; 

+ to establish priorities if more than one surgical procedure is required; 
+ to plan the operation. 


Please note: 


The treatment of mismanaged and neglected wounds is dealt with in Chapter 12. 


10.2 Complete examination 


All wounds involve soft tissues, and many of them will be complicated by damage 
to other structures. War wounds are often multiple and the pathology often multiple: 
a bomb explosion can simultaneously cause primary blast injury, penetrating 
metallic fragments, blunt trauma and burns. Close and complete examination of 
the patient is important to determine the site and size of a// wounds present, in 
order to determine which wounds require surgery and to best plan the sequence 
of operations. 


As mentioned in Chapter 8 the surgeon should try to identify the path of any 
projectile. The wound may perforate the body part through-and-through, or the 
projectile may be retained without an exit. Entry and exit wounds may be at the same 
or different levels. The surgeon should visualize the anatomic structures that lie along 
the probable projectile trajectory, which may include a vital cavity: brain, thorax, or 
abdomen. The surgeon must think “anatomy”. 


The examination may reveal a tense, tender swelling in a through-and-through wound 
to the calf, which indicates haematoma and severe muscle damage; by contrast, the 
same exit and entry wounds with soft and relaxed tissues signify minimum injury. The 
surgeon must think “pathology”. 


Fractures and peripheral vascular and nerve damage should be identified. If there has 
been delay in evacuation, a bruit or vascular murmur may be heard and a “thrill” felt, 
signifying a pseudoaneurysm or arteriovenous fistula. Peripheral motor function and 
sensation are tested. Neurapraxia is more common than a severed nerve. 


Most wounds involving vital organs should already have been identified during 
the initial examination for airway, breathing and circulation. Nonetheless, the full- 
body palpation of a complete examination may reveal the small entry wound of 
a tiny fragment that has penetrated the meninges, pleura or peritoneum without 
immediately affecting the vital functions. 


A full assessment may require X-rays as well — with the exception of through-and- 
through soft-tissue wounds, which do not require them. One body region above and 
below any entry or exit wound should be filmed. Deformation or fragmentation of a 
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bullet, showing the characteristic “shower of lead particles”, is a good indication of 
severe tissue damage. (Figures 10.5, 3.35 and 4.5). Many foreign materials, it should 
be noted, are not radio-opaque: pieces of shoe or clothing, mud, leaves and grass, 
plastic fragments from some landmines, for instance. On the other hand, it may be 
difficult to differenciate a projectile from the normal radio-opacity of some anatomic 
features (Figures 8.4.2 and 14.9.1). Major bone comminution also implies severe 
soft-tissue damage. Having radiography helps, but is not an absolute necessity for 
diagnosing fractures.* 


Note that the presence of air in tissues on X-ray does not necessarily mean the gas of 
clostridial myositis. The temporary cavity associated with high velocity missiles often 
leaves behind palpable and radiographic intrafascial and intramuscular air in healthy 
tissue some distance from the wound. This usually indicates severe tissue damage. The 
diagnosis of gas gangrene is a clinical one and the radiograph is not pathognomonic: 
vide Figures 10.6 and 13.2. 


More sophisticated diagnostic means can be used, of course, depending on the 
equipment and professional expertise of the hospital in question. 


10.3 Preparation of the patient 


Not only are war wounds dirty and contaminated but battlefields are dirty places as 
well. The wounded do not have access to basic sanitary facilities and every precaution 
should be taken to meet fundamental hygiene standards. The majority of casualties 
have wounds to the limbs and are haemodynamically stable. All stable patients should 
be put through a warm shower upon admission; dressings are changed as necessary 
for examination and triage. Only critical cases go straight to the operating theatre. 


In the operating theatre, the surgeon should prepare the patient’s position — in 
coordination with the anaesthetist and nursing staff - for the sequence of the 
operation before starting. A pneumatic tourniquet is very useful for limb wounds, 
especially before removal of a field dressing on an obviously serious injury. 


In the case of multiple soft-tissue wounds, those on the posterior aspect of the trunk 
and limbs should be dealt with before those on the anterior aspect, unless there is 
clinical evidence of a vascular injury. Many wounds to the back have been “forgotten” 
after much work on anteriorly situated wounds, and it is easier for the anaesthetist to 


finish off the operation with the patient supine. 


Under anaesthesia, dressings and splints are carefully removed. The skin over a large 
surrounding area, including the whole circumference of the limb or torso, is cleansed 
with soap and water and a brush, shaved, dried, and then painted with povidone 
iodine. The wound is irrigated copiously. 


Sterile sheets are put in place. Drapes with holes should only be used for the smallest 
and most superficial wounds. Most wounds will have to be extended and the 
operative field enlarged as a result. 


The wound is then thoroughly irrigated again to remove surface dirt and debris. Under 
optimal conditions, sterile normal saline should be used. Under conditions of limited 
resources, potable water from the tap can be resorted to: “If you can drink it, you can 
put it into a dirty wound”. Groundwater may be treated with sodium hypochlorite to 
reach a concentration of 0.025 % (5 ml of bleach in one litre water) if necessary. 


Only in extreme cases of impending asphyxia or exsanguinating haemorrhage should 
the basic rules of hygiene and sterile technique be broken. 





4 Many ICRC surgical teams have had to operate in emergency situations with no X-ray equipment. 





Figure 10.5 


Massive comminution of humerus showing 





characteristic “shower of lead particles” after 


bullet fragmentation. 


fd 
Figure 10.6 


X-ray showing air in tissues in a patient not 
suffering from gas gangrene. 


Figure 10.7 


Washing an anti-personnel landmine injury 
prior to surgery. 


‘ 
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Figure 10.8 


Finger exploration of the wound. 
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10.4 Examination of the wound 


Following the initial careful examination of the patient, full assessment of the 
wound(s) may require finger exploration in theatre under anaesthesia. In this era of 
HIV and Hepatitis B and C, the surgeon should take great care not to suffer injury from 
sharp bony edges. 





The surgical work required to treat a wound depends on its site and size: i.e. the 
location and amount of tissue damage. Knowledge of ballistics allows only for an 
understanding of wounding possibilities, but knowing that certain weapons have 
greater wounding potential does not help the surgeon in this assessment. With the 
exception of anti-personnel blast mines, even knowing which weapon was used is 
often of no practical use. Many wounds are the result of full metal jacket bullets that 
ricochet, creating large injuries similar to a dum-dum bullet (see Chapter 3). 


The most significant component of tissue damage is the permanent wound cavity, 
yet energy loss by the projectile and tissue disruption along the track is not uniform, 
resulting in a“mosaic of tissue damage”. Injury can also occur well beyond this, owing 
to stretch and shear during temporary cavitation: late ischaemic necrosis in the wall 
of hollow organs; or intimal detachment and vascular thrombosis of vessels that still 
look intact from the outside. The time between injury and treatment and the possible 
beginning of sepsis, must also be taken into account. 


There is an art to the assessment of tissue damage that is learnt largely through 
experience. It is important neither to under-treat — causing sepsis and even death - 
nor to over-treat — resulting in excess loss of normal tissue and increased disability. 


This art does have a scientific basis, nonetheless. We have seen that the Red Cross 
Wound Score classifies penetrating weapon wounds into different categories 
according to the degree of tissue damage (Grade) and the structures injured (Type). 
This Score helps determine the extent of surgery necessary. Careful examination is 
important because not all wounds require surgical excision. 


10.5 Surgical treatment 





The surgical treatment of most war wounds is a staged process involving two main 
procedures, the first being wound debridement or excision. The resulting wound is 
left unsutured. The open wound then undergoes delayed primary closure (DPC) 
after 4 - 7 days, once the exudative phase of trauma inflammation has subsided and 
the proliferative phase begun. In practice, DPC is usually performed after 4 — 5 days. 
Closure may be by simple direct suture or require sophisticated techniques of grafting 
and reconstruction (see Chapter 11). 
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10.5.1 Technique of wound debridement 





Control of haemorrhage is the first priority. In a large wound with heavy bleeding, 
blind clamping in the depths of a blood-filled cavity is mentioned only to be 
condemned. Direct local pressure should be exerted while proximal and distal control 
of the vessels by standard surgical exposure is performed. 


For management of vascular injuries, see Volume 2. 


After haemorrhage, the greatest danger to the patient is sepsis. Surgical infection 
requires a culture medium, which in the case of weapon wounds is a mixture of 
dead muscle, haematoma, bone fragments, dirty skin, foreign material (pieces of 
cloth or shoe, mud, gravel, leaves, dust, the missile, etc.), and, at times, extrinsic 
bone (bone fragments which come from the wound in another part of the body or 
another person and whose penetration, as secondary missiles, then creates a new 
wound). Injury caused by extrinsic bone fragments is seen with bomb explosions 
and APM. 


Wound debridement is the process whereby this dead and damaged tissue, grossly 
contaminated with bacteria and debris, is completely cut away. This leaves an area of 
healthy tissue with a good blood supply and capable of combating residual surface 
contamination, provided the wound is not closed. Excess excision of healthy tissue, 
however, will increase the potential for deformity and disability. 


Good vascularisation and oxygenation of the wound requires relief of tension within 
the wound and good drainage of the inflammatory exudate. This is provided by 
adequate incision of the skin and fascia, and leaving the wound unsutured. 


A basic instrument set is all that is needed in the vast majority of cases: scalpel, 
Metzenbaum (tissue) and Mayo (suture) scissors, toothed dissection forceps, bone 
curette, six haemostats, and retractors. Diathermy is not necessary; absorbable 
ligature material is preferable. 


For the young surgeon, or one without experience of war wounds, it is best to 
excise the wound layer-by-anatomic-layer, proceeding from superficial tissues to 
deeper ones in order to best visualize the anatomy and pathology. At all times 
the surgeon should anticipate the anatomic structures present. Tissue damage, 
haematoma, and oedema can easily alter the visible anatomy, and camouflage 
important structures. 
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Fig. 23. EM source, likely supplied by solar energy in order to 

keep eco-friendliness, is used to broadcast energy to the urban 
neighborhood where houses are equipped with local RF-dc converters 
able to power supply local devices (external lamps in the example). 





different sources, as solar to dc [156], EM radio signals to 
dc, thermal to dc [156], vibration to dc [157], etc. [158]. 
Portable converters from solar to dc are today com- 
monly available on the market at very low prize. Similar 
portable scavengers can be easily envisioned even for other 
energy converters. On this basis, plenty of sophisticated 
and more complex solutions are being proposed. Just as an 
example, we report the solution in Fig. 23, where the solar 
energy is used to supply an EM source that broadcasts RF 
energy in the surrounding urban environment; this energy 
is converted to dc energy at building level and, in turn, 
exploited to supply external local lamps. This approach was 
conceived for space applications [159], [160], but could be 
used in certain conditions in earth stations as well. The 
concept can actually move forward and be integrated into a 
smart skin, in the sense that all devices could be powered 
up by the skin energy conversion that a person can carry 
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Figure 10.9.1 


Patient X: entry wound on anterior aspect of thigh. 





Figure 10.9.2 


Patient X: longitudinal extension of the skin incision. 





Figure 10.9.3 


Patient X: opening of the fascia throughout the 
length of the skin incision. Note the contused and 
necrotic muscles. 
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10.5.2 Skin 


Skin is elastic, with a good blood supply, very resistant to damage and remarkably 
viable. It should be treated conservatively. Only skin that is grossly pulped should be 
cut away. Usually no more than 2 - 3 mm of the skin edge need be removed at both 
entry and exit sites. 


This is followed by as generous an incision as necessary of healthy skin in order to 
gain access to the depths of the wound (Figure 10.9.2). Small entry and exit wounds 
may hide considerable internal injury. The most common error is to attempt to make 
a wound excision through a small entry or exit wound. In limbs, the incision should be 
made in the longitudinal axis, but not over subcutaneous bone, and at flexion creases 
it should curve in the usual way. 





This extension of the skin wound not only permits better visualization, but also allows 
for the proper decompression of deeper tissues and their subsequent drainage. 


10.5.3 Subcutaneous fat 


Subcutaneous fat has a poor blood supply and is sticky, easily holding heavy 
contamination. This layer should be excised generously, 2 — 3 cm all the way around 
the original traumatic wound. 


10.5.4 Fascia and aponeurosis 


Shredded fascia should also be trimmed. Large amounts of damaged muscle may lie 
underneath a small hole in the fascia; therefore, the muscular compartment should 
be opened up by a large incision of the deep fascia parallel to the muscle fibres along 
the entire length of the skin incision (Figure 10.9.3). This essential step allows wide 
and deep retraction to expose the depths of the wound. It may be necessary to add 
transverse cuts to the deep fascia to improve access. 


Post-traumatic oedema of the wound can easily cause compartment syndrome, 
compromising the local circulation with resultant necrosis of the muscles. The fascial 
incision is left open to allow oedematous and congested muscle to swell without 
tension, so as to avoid interference with the blood supply and to promote drainage of 
the inflammatory exudate and haematoma. 





Deep to the fascia, the gloved finger is the best and gentlest probe to follow the track 
and estimate the extent of damage. Again, particular attention should be paid to the 
sharp edges of any fractured bone. 


Fasciotomy 

Compartment syndrome can occur in any fascial space, but is seen most commonly in 
the lower leg. Great care should be taken when dealing with any penetrating wound 
below the knee, with or without tibial fracture. 





For information on the technique of fasciotomy of the lower leg, see Volume 2. 
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10.5.5 Muscle 


Dead muscle is the ideal medium for the development of clostridial infection leading 
to gas gangrene or tetanus as well as for the growth of many other bacteria. The track 
of the missile through the muscles must be opened up, layer by layer, to be properly 
visualized. It is vital that all grossly contaminated, obviously necrotic and detached 
muscle lining the track be excised. 





Warning! 


Muscles that are completely transected contract away from the wound cavity. 
The retracted muscle bellies must be found for inspection and excision. During 
wound exploration, division of uninjured muscle in a transverse direction should 
be avoided. 


However, not all injured muscle will undergo necrosis. How to differentiate between 
muscle that is injured but will heal from that which is not viable? Classically, reference 
is made to the four Cs of muscle viability: 

« colour, 

* consistency, 

+ contractility, and 

+ capillary bleeding. 


However, confusion may arise because of certain pathological changes described below. 


+ As mentioned in Chapter 3, wound ballistics studies have shown that there is 
an intense but transient vasoconstriction lasting several hours, followed by the 
reactive local hyperaemia of the inflammatory response. Consequently, it is not 
always necessary to “cut until it bleeds” The surgeon must therefore take into 
account the time since wounding. 


However, minimal excision is often followed by necrosis of the muscle when 
the wound is looked at several days later. What is irreversible is not always 
immediately apparent. The wound evolves and these changes demonstrate 
the different stages in the “life-history” of the wound? and should be well 
understood by the surgeon. 


The surgeon should also understand that shock or the use of a tourniquet can 
change the colour or the capacity of muscle to bleed and that contractility is 
affected by hypothermia and paralysing anaesthetic agents. 


The criteria of the 4 Cs are very subjective and a function of the surgeon's experience, 
but are nonetheless the best clinical measure available. The colour and consistency 
— texture — of the muscle should be noted. To test for contractility, 2 cm? lumps of 
muscle should be picked up and pinched with a forceps and, if they do not contract, 
excised using scissors or knife. Note if the cut edge of the muscle lump bleeds. Cutting 
away lumps larger than 2 cm? may result in the inadvertent removal of healthy tissue. 
Meticulous technique is the key. 


Intermuscular fascia should be excised if blood-stained and contaminated. 





5 Pearson W. Important principles in the drainage and treatment of wounds. Lancet 1917; 189: 445 - 450. 


Figure 10.9.4 


Patient X: wound cavity completely opened 
and excised. 
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Figure 10.10.1 


Patient Y: gunshot wound to arm and chest. 
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10.5.6 Haematoma 


The presence of a large haematoma generally implies that a major vessel has been 
damaged. Dislodging the haematoma can result in sudden heavy blood loss. It is 
wise to be prepared for vascular control before a haematoma is evacuated. If working 
under a pneumatic tourniquet, the anatomical structures must be clearly identified. 


10.5.7 Bone and periosteum 


The Haversian vascular system of bone is a fragile one. Fragments of bone with no 
attachment to periosteum or muscle are already sequestrated and should be discarded, 
but any bone still attached should be retained. Exposed medullary bone should be 
curetted back to firm marrow. Any bone left in situ must be cleaned of dead muscle and 
foreign material, dirty bone ends are trimmed by a bone-nibbling forceps (rongeur). 
Bone defect is not important at this stage, the wound is of paramount importance, and 
every attempt should be made to avoid infection, whose development will only lead 
to greater bone loss. The danger of non-union from the removal of multiple bone 
fragments is overrated. 





H. Nasreddine / ICRC 


Figure 10.10.2 Figure 10.10.3 


Patient Y: wound track opened up. Patient Y: detached bone fragments removed. 


Periosteum, on the other hand, is resilient and has a rich blood supply: it plays the 
predominant role in new bone formation. Its debridement should be conservative 
and restricted to obviously dirtied and contaminated edges. 


ICRC practice is to use the simplest form of bone immobilization at the first 
debridement; this is usually a plaster of Paris (POP) posterior slab or some form of 
skeletal traction. Seldom is external fixation required at this stage and internal fixation 
is proscribed in ICRC practice. More definitive bone immobilization is decided during 
delayed primary closure of the wound. 


For information on indications for different techniques of fracture immobilization and 
repair of bone defect, see Volume 2. 


10.5.8 Arteries, nerves and tendons 


As aforesaid, bleeding should be controlled if a major artery to the limb is damaged and 
either immediately repaired or replaced by a saphenous vein graft or temporary stent 
if a limb is to survive. The surgeon should pay particular attention to the possibility of a 
vascular injury near severely comminuted fractures with multiple fragments. 


All nerves must be preserved as far as possible. Large nerves are resistant to section, 
although they may suffer neurapraxia. They are often the only structure left traversing 
a wound cavity. If they are found to be damaged, the site and degree of damage 
should be recorded. A non-absorbable suture may be placed in the proximal and 
distal ends and pulled together to facilitate their identification at a future operation. 
Exploration of the implicated nerve should be attempted during wound debridement 
only if it does not involve opening up healthy tissue planes. 


Tendons should be trimmed and only grossly destroyed fibres removed. Severed 
tendons, if important and requiring later repair, should be marked with a non- 
absorbable suture as with nerves. 
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No attempt should be made at primary tendon or nerve repair, as success 
is unlikely in these grossly contaminated wounds. The failure of immediate 
repair will only make subsequent efforts that much more difficult. Also, repairs 
take time and energy at the “wrong time of the day”; they are best dealt with 
as planned elective procedures. Nerves and tendons should nonetheless be 
protected from extended exposure, by covering them with muscle or skin flaps 
or wet dressings. 


For techniques on artery, nerve, and tendon repair, see Volume 2. 


10.6 Retained bullets and fragments 


Obviously, if the surgeon comes across a projectile during wound debridement 
then it should be removed, but healthy tissue should not be dissected in an 
attempt to find one. Otherwise, there are two conditions that require immediate 
removal of bullets and fragments, and these are related to specific proven risks 
and complications. 


1. Projectile situated in a synovial joint —- the piece of metal will cause pain, disability 
and progressive destruction of the joint cartilage though a mechanical action, 
and possible toxicity if made of lead: it should be removed as part of the wound 
debridement of the acute injury (Figures 10.11.1 and 10.11.2). 


2. Risk that the projectile may cause erosion of an important structure (usually a 
major blood vessel) with the possibility of major haemorrhage or embolization 
(Figures 10.12.1 and 10.12.2). Should the surgeon suspect a pseudoaneurysm or 
an arterio-venous fistula then an operation to treat these pathologies involves the 
removal of the foreign body. 


Whether this removal is performed as an acute or planned elective procedure 

will depend on the exact anatomic location and endangered structure, the 
haemodynamic stability of the patient, the availability of diagnostic and operative 
equipment, and especially the expertise of the surgeon. The risks of a major 
procedure (removal of a bullet in the mediastinum, brain, etc.) whose morbidity 
may be quite high (especially in inexperienced hands) must be weighed against 
the benefits where the overall incidence of complications is low: for further 
indications and details, see Chapter 14. 
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Figures 10.12.1 and 10.12.2 


Retained bullet in the upper mediastinum. 


Figures 10.11.1 and 10.11.2 
Retained bullet in the hip joint. 
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Figure 10.13 


Patient X: final appearance of the wound cavity. 





Figure 10.14 


Patient X: wound is left open. 
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10.7 Final look and haemostasis 


The edges of the wound should be retracted and blood clot, dirt and missile 
fragments removed from the sides and depths. Gentle and copious irrigation 
under low pressure, preferably with normal saline at this point, will wash out 
any residual debris and clot and dilute any bacterial load. A plastic bottle with 
holes cut into the top squeezed manually with both hands provides sufficient 
pressure; depending on the size of the wound cavity, one to three litres of saline 
is used. Very large and complicated fractures may require more until the wound 
“looks” clean. 


All the structures in the wound cavity should now be visualized and identified 
(Figure 10.13). The surgeon should carefully explore the wound with the finger 
to identify any foreign bodies or unexpected extensions of the wound. 





After removal of the pneumatic tourniquet, bleeding should be controlled 
by pressure with gauze and by fine absorbable ligatures. Electric cautery 
(diathermy) is best avoided as it leaves dead burnt tissue behind, which is more 
harmful than the foreign body of an absorbable knot. 


The wound should be left wide open (Figure 10.14). There is no use in “putting 
in a few sutures” to partially close the wound, “just to bring the edges together a 
bit”. This will defeat the purpose of allowing for extensive wound decompression 
and drainage and, after the development of reactive oedema, a loose stitch 
becomes tight. In addition, although the wound may look clean, it is not sterile. 
Bacteria and microscopic debris still exist in the wound and will only be expelled 
with the post-traumatic inflammatory exudate if drainage is adequate. 


Should a drain be put in place? If the wound is relatively shallow and left wide 
open, there is no need for a drain. If there are deep pockets in the wound, 
which cannot be fully opened up because of anatomical constraints, then a soft 
penrose or corrugated rubber drain may be required. Counter-drainage through 
a stab wound in a dependent part might be more useful. 


These procedures are not new. They are the rules of all septic surgery to be found 
in all standard surgical reference texts. “Never close infected wounds. Do not close 
contaminated wounds or clean wounds that are more than 6 hours old. Systematically 
perform wound toilet and debridement and saline irrigation until the wound is 
completely clean. Perform delayed primary closure as a second procedure.” 
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10.8 Wound excision: the exceptions 


10.8.1 Management of minor Grade 1 wounds 


Many Grade 1 soft-tissue wounds, according to the Red Cross Wound Score, can be 
treated conservatively. Examples include: 


+ perforating bullet wound with small entry and exit (narrow channel wound) 
without swelling of intervening tissues (haematoma/oedema) or other signs of 
injury to important structures (Figure 3.29.1); 


+ multiple superficial wounds due to “peppering’” with tiny fragments of obviously 
low velocity and low kinetic energy (e.g. hand grenade) as shown in Figure 10.15.1. 


Some superficial Grade 1 soft-tissue wounds will require only simple local wound 
toilet. This will suffice with many low-energy small fragment wounds where the 
potential culture medium is so small that the body's normal defence mechanisms can 
deal with it. They can be cleansed with soap, water, and a disinfectant and a simple 
dry dressing applied; the small wound is left open to heal by secondary intention. This 
is especially the case if antibiotics can be administered early (see Chapter 13). This 
ICRC experience has been confirmed by others.® 


Excision of entry and exit wounds under local anaesthesia may be necessary 
to promote free drainage in other superficial Grade 1 wounds. This may be 
accompanied by syringe injection of normal saline for irrigation of the wound 
track with/without a drain. Some such wounds, however, will require a full surgical 
exploration and excision, particularly in the one well-known instance where the 
type of weapon is of utmost importance: anti-personnel blast mines. Even small 
puncture wounds from landmines can be loaded with mud and grass or the mine 
casing, all of which must be removed (Figure 10.16). 





10.8.2 Serial debridement 


For some large wounds the line of demarcation between dead tissue and damaged, 
but viable, tissue is not clear. The life-history of a wound is such that apparently clean 
and living tissue may become necrotic after a few days, especially if there has been a 
delay between injury and debridement; and if the surgeon is not experienced in this 
type of surgery. The idea here is to debride obviously dead tissue; otherwise excise 
conservatively, and then re-examine the wound in theatre after 48 hours. 


This method is called a“serial debridement’, i.e. a wound excision over several sessions, 
and it should be planned as such. The surgeon should make a conscious decision that, 
“in this patient, because | am not certain of the viability of the remaining tissues and 
excessive excision of normal tissue would cause deformity or compromise function, 
| shall perform a second debridement later” (Figure 10.17). 


In armies with very efficient means of evacuation and sufficient human resources, 
serial debridement may be the preferred method of treatment and takes place at 
different hospitals with different operating surgeons along the chain of casualty care. 


Serial debridement cannot be considered a standard method of treatment in a 
situation of mass casualties and poor or no evacuation capacity. It requires sufficient 
personnel and resources to handle the number of wounded and to allow for a second 
look and follow-up. More often, the surgical workload is so great, or the tactical 
situation such, that serial debridement is not possible. The surgeon must treat each 
wound excision as a definitive one. In this instance, if in doubt about tissue viability, it 
is wiser to excise. 





6 Bowyer GW, Cooper GJ, Rice P. Small fragment wounds: biophysics and pathophysiology. J Trauma 1996; 
40 (Suppl.): $159 - S164. 


Figure 10.15.1 





Superficial “peppering” by grenade fragments. 


Figure 10.15.2 





There is no penetration of the joint and no vascular 
injury - the wounds require simple wound toilet. 


Figure 10.16 


All APM fragment wounds - large and small - 
require debridement. 
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Figure 10.17 


Serial debridement of a large wound: the line of 
demarcation of necrotic tissue has now become 
apparent. 





Figure 10.18 


Panga wound to the head. 
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The practice of serial debridement should not be confused with an incomplete or 
failed wound excision. In the latter case, the patient returns to theatre for delayed 
primary closure after five days and the wound is found to be infected with remaining 
necrotic tissue. It is not ready for suture and requires re-debridement. 


10.9 Leaving the wound open: the exceptions 


As is usually the case in surgery, there are exceptions where wounds may, or even 
should, be closed. 


10.9.1 Head, neck, scalp and genitals 


The excellent blood supply and minimal soft tissue of these structures usually allows 
for immediate primary closure after wound excision. Only in the presence of severe 
contamination, or if in doubt, might it be wiser to leave these wounds open. 


In maxillo-facial wounds, the oral mucosa is an exception in all respects and every 
attempt should be made to close it primarily. 


Machete or panga wounds, especially to the face or scalp, are not incised wounds, but 
rather a mixture of crush and laceration. Dirty connecting tissue is found to underlie 
an overhanging edge of skin and galea aponeurotica. If less than 6 hours since 
wounding, immediate primary closure, after full debridement, with a subcutaneous 
drain is permissible. If more than 6 hours old, it is better to leave the wound open for 
delayed primary closure after 2 — 4 days. 


In penetrating brain injury, it is best to close the dura. This can rarely be sutured 
directly, but the problem can easily be overcome with a patch of pericranium or 
aponeurosis. After debridement of the scalp wound, the skin should be closed either 
directly or with a rotation flap. 


10.9.2 Soft tissues of the chest (sucking chest wound) 


These wounds must be debrided, but healthy muscle and pleura should be closed to 
preserve a functional serous cavity. The skin and subcutaneous tissue should be left 
open and a chest tube inserted. 


10.9.3 Soft tissues of the abdominal wall 


As with the chest, the wound should be excised and every effort made to secure 
peritoneal closure. Furthermore, if the development of abdominal compartment 
syndrome is suspected, temporary abdominal closure is preferable (Bogota bag, etc). 


For further details on abdominal compartment syndrome see Volume 2. 


10.9.4 Hand 


Excision should be very conservative and all viable tissue preserved to simplify 
reconstruction and improve the functional result. These wounds should be left open 
for DPC after 2 - 4 days; however, tendons and nerves should be covered by healthy 
tissue, through rotation flaps if necessary. Small wounds may be closed primarily. 


10.9.5 Joints 


Synovial membranes should be closed; if this is not possible the capsule alone should 
be sutured. Little harm seems to be done if the synovium cannot be closed securely. 
The skin and muscle should be left open. 


10.9.6 Blood vessels 


Blood vessels that have been repaired primarily or by vein graft should be covered by 
viable muscle if possible. The skin should be left open. 


For specifics of each anatomic region, see Volume 2. 
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10.10 Dressings 


Once the wound has been adequately excised, it should be covered with a bulky 
absorbent dressing made of dry fluffed-up gauze re-enforced with a layer of absorbent 
cotton wool. This is held in place with a loose crepe bandage or non circumferential 
adhesive tape. A tight bandage wrapped around the limb and soaked with exudate 
that dries will have a tourniquet effect. The gauze compresses should not be packed 
tightly in the wound; this will only impede drainage. The aim is to draw inflammatory 
exudate out of the wound and into the dressing. Exposed tendons and joint capsules 
may be covered with saline-soaked compresses. 


Figures 10.19.1 - 10.19.4 


Big bulky dressing of fluffed gauze covered by 
an elastic bandage. 
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The dressing should not be removed until taken down in the operating theatre under 
anaesthesia at the time of delayed primary closure. Ward dressings are an invitation to 
nosocomial infection. The surgeon should resist the temptation to change the wound 
dressing to “have a look at how it is doing”. Each dressing change constitutes trauma 
to the healing granulation tissue and exposes it to cross-infection. A good look at 
the patient instead will suffice: the wound is doing quite well if the patient is smiling, 
eating, and sitting comfortably in bed. 


If the dressing and bandage have become soaked with exudate, either over-dress with 
absorbent cotton, or take down the bandage and wet cotton and replace without 
disturbing the gauze compress that is in direct contact with the wound. The state of 
the dressing is not an indication of the state of the wound. 


10.10.1 The exceptions 


+ Continuing haemorrhage requires immediate re-exploration; as do vascular changes 
indicating ischaemia. 


* Obvious signs and symptoms of infection: fever, toxicity, excessive pain and 
tenderness, warmth, redness or shiny surface in dark-skinned people, oedema and 
induration, or a moist wound dressing with an offensive smell. These indicate the 
need for further surgical excision, which should be attended to in the operating 
theatre, not by changing the dressing in the ward. 


All wounds awaiting DPC develop a “sour” odour after several days: the “good-bad 
smell” of ammoniacal products from the breakdown of serum proteins. The infected 
wound has a characteristic offensive odour: the “bad-bad smell” 


10.11 Anti-tetanus, antibiotics, and analgesia 


All patients should receive prophylaxis against tetanus. Penicillin, 5 mega-units 
6-hourly i.v. should also be given from the time of admission. This should be followed 
by oral penicillin, 500 mg 6-hourly for a total of 5 days (see Chapter 13). 


For proper rest of the injured part, and to make the patient ready for physiotherapy, 
good analgesia should be given (see Annex 17. A: ICRC pain management protocols). 


10.12 Post-operative care 


It goes without saying that proper post-operative nursing is crucial. ICRC experience 
has shown that the most important factor limiting the sophistication of surgical 
procedures performed in an ICRC hospital is not the technical expertise of the surgeon, 
but rather the level of post-operative nursing care. This should not be underestimated 
in the context of a poor, war-ravaged country. 


In all cases where there is an extensive soft-tissue wound, even in the absence of a 
fracture, the entire limb should be immobilized to provide rest. This can be achieved 
by a plaster of Paris (POP) back slab. 


The normal catabolic response to trauma must be overcome and patients offered a 
good nutritious diet. In a poor country, many wounded patients will arrive at hospital 
suffering from malnutrition. This will only compromise the body's ability to heal and 
resist infection. 


The functional result of ultimate wound healing depends to a great extent on proper 
physiotherapy to retain muscle mass and joint mobility, and should be instituted early 
as part of the healing process. 
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11.1 Delayed primary closure 


Delayed primary closure (DPC) is wound closure performed four to seven days after 
injury, which corresponds to the fibroblastic phase of wound healing. In the practice 
of ICRC surgical teams, the standard has been 4 - 5 days. The timing of wound closure 
is important; this is still defined as healing by primary intention. 


Attempts to close wounds before they are clean must be avoided; but DPC is seldom 
possible later than 8 days after wound excision because of fibrosis. At this stage, 
healing by secondary intention will set in. 


No wound should be closed if there is persistent 
contamination or infection. 


For DPC, the patient is taken to theatre and the wound opened and inspected under 
anaesthesia. The dressing over a clean wound is dry and greenish-black in colour, 
and has the ammoniacal odour (“good-bad smell”) of degraded serum proteins. 
The muscle is adherent to the gauze and, as the dressing is gently peeled away, the 
muscle contracts and bleeds slightly. The surface is a bright red and oozes blood. This 
wound is ready for DPC. Figures 11.1.1 — 11.1.5 show an example of the full sequence 
of wound managment with closure by skin graft. 
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Figure 11.1.1 Figure 11.1.2 
Very dirty wound. After debridement. 








Figure 11.1.3 Figure 11.1.4 Figure 11.1.5 
Five days later, removal of dressing - note the Clean wound ready for DPC; in this case by split- Wound covered by early split-skin graft. 
dried haemoserous discharge. As the dressing skin grafting owing to the large area of skin loss. 


comes off, the muscle contracts and bleeds. ~— 
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Figure 11.2 


Direct suture as DPC. 
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If the wound is infected, the dressing slides off with no resistance whatsoever because 
there is a film of pus between it and the wound surface, which may contain areas of 
necrotic tissue as well as pus. The surface is a dull- or greyish-red and does not bleed. 
The dressing gives off the “bad-bad smell” of wound sepsis. 


Such an infected wound, or one containing residual contamination or devitalized 
tissue, requires further surgical excision — redebridement - and is then left open 
again. Closure is postponed. This failed attempt at DPC is not to be confused with 
“serial debridement” (see Chapter 10). 


11.1.1 Methods of delayed primary closure 


This is usually accomplished by direct suture: simple approximation of the deep 
structures and skin with minimal mobilization of the skin edges, and without tension 
(Figure 11.2). If there is tension in the suture line, the skin edges will become necrotic 
and the wound will break down. Small wounds may be closed using adhesive tape to 
approximate the edges. 


Significant tissue loss prevents approximation of the deep structures and skin. 
Rotation skin flaps might be useful in some anatomic locations. If bone is exposed, 
a musculocutaneous flap may be necessary. Larger areas require skin grafting 
(Figure 11.1.5). 


11.1.2 Dead space 


As with all wounds, the obliteration of dead space is an accepted principle of DPC 
management. This may be technically difficult when there has been extensive loss of 
deep tissue. Absorbable sutures are used to approximate deep structures, but, here 
again, undue tension should be avoided as it will only result in local tissue ischaemia 
that decreases local resistance to the development of infection and impedes healing. 
It is not necessary to suture fascia or subcutaneous tissues. 


Drains should be avoided whenever possible in DPC. Drains may act as retrograde 
conduits for skin bacterial flora and contaminants to gain entrance into the wound, 
and they impair the resistance of tissue to infection; a drain constitutes an additional 
foreign body in the wound. 


Drains should never be placed in wounds without dead space; they should only be 
used for those with significant dead space and where there is associated oozing 
of blood. Within 24 hours, the oozing has usually stopped and the drain should be 
removed. If used, a drain should be placed dependently and, if possible, be of the 
suction catheter variety. Otherwise, a simple soft penrose drain will suffice. 


11.1.3 Wound care 


After DPC, the wound should be covered with some layers of dry gauze which can 
be left until the time of suture removal. If signs of infection develop after closure, the 
patient is taken back to theatre where the wound is inspected, sutures removed, and 
the wound re-opened for drainage and redebridement if necessary. Avoid performing 
this procedure in the ward, where proper inspection and drainage are difficult, as it 
only favours the development of cross-infection. 
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11.2 Skin grafting 


If the wound cannot be closed by direct suture or rotational flaps because of skin loss, 
askin graft can be applied, sometimes combined with partial direct suture. 


11.2.1 Types of autologous skin grafts 


Free skin grafts may be partial-thickness (epidermis and part of the dermis) or full- 
thickness (including all the dermis). Partial-thickness grafts, also called split-skin grafts 
(SSG), vary in thickness depending upon how much of the dermis is incorporated. The 
thicker the graft, the less it will contract and the more it will resemble normal skin in 
colour and texture; but the risk of the graft failing is greater. Conversely, thinner grafts 
are hardy and take more readily, but contract and distort more than thick ones and 
have a poorer functional and aesthetic result. 


Thin partial-thickness grafts 
These are used for large areas and when the development of a contracture or quality 
of skin cover is not important. 


Thick partial-thickness grafts 

These are used when skin quality is important, such as over flexion creases where 
contractures should be avoided. However, the recipient area must be very healthy 
with good vascularity. 


Full-thickness grafts 
These are best for a good cosmetic result in the face, or to cover a sensitive functional 
area on the hands or fingers. 


11.2.2 Requisites for skin grafting 


Skin grafts can cover any wound with enough vascularity to produce granulation 
tissue. This does not imply that fully mature granulation tissue must be present prior 
to skin grafting, and early grafting for DPC, when the wound is first opened on the 
fifth day post-debridement, is often used (Figure 11.1.5). Early SSG has advantages 
and disadvantages: the wound is closed preventing any infection from developing, 
which is particularly important in large wounds; but the quality of resultant skin is less 
and there is greater tissue fibrosis and contraction. Most full-thickness grafts are also 
performed early. 


On the other hand, a deep wound, or one over a flexion crease, may be dressed 
while waiting for more granulation-tissue to grow in, and then grafted at a later 
date. However, excessive granulation tissue should be scraped clear prior to 
graft application. A limb with a wound over a flexion crease should be splinted 
in the extension position with a plaster back slab to avoid contracture while 
waiting for closure. 


Tissues which cannot take skin grafts include avascular areas, such as hyaline 
cartilage, exposed tendon without paratenon, and exposed bone cortex without 
periosteum. These cases will require some form of skin or musculocutaneous flap 
for closure. In the case of exposed bone cortex, an alternative may be the drilling of 
multiple small holes in the cortex to let granulation tissue grow through from the 
inner cancellous bone. 


11.2.3 Partial thickness grafts 


Split-skin grafts (thin and thick) are taken from an area which can produce a broad 
area of skin. The common donor sites are the thighs, back, and arms and forearms 
(Figure 11.3). 

















Figure 11.3 


Donor sites for partial-thickness grafts. 
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Figure 11.4 


A dermatome: various models, with disposable 
blades, are available - the thickness of the split 
skin graft harvested is controlled by the screw 
at the right end of the instrument; the setting is 
then locked using the screw at the left end. 

















Figure 11.5.1 


Harvesting a split skin graft from the medial 
side of the thigh — note the assistant’s left hand 
flattening the donor site by exerting upward 
pressure on the undersurface of the thigh. 
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Split-skin grafts should be taken using a dermatome, such as a Humby knife 
(Figure 11.4). A free hand knife, such as a De Silva knife which incorporates a razor 
blade, or scalpel, can be used if a dermatome is not available or if the area to be 
harvested is small. 


The principles for the use of all hand knives are the same. The blades are disposable 
and are fitted into the knife. A calibration control is adjusted to set the depth of split 
skin required. Once this has been adjusted, a locking nut is tightened at the opposite 
end of the knife. It is important to check the gap between the blade and the knife 
before use, by holding the instrument to the light and visually checking the gap. The 
gap should be even throughout its length. Electric and pneumatic knives are also 
available but are not standard in ICRC practice. 


Harvesting the SSG 

The area of skin to be removed is washed with soap and water and shaved if necessary; 
povidone iodine is applied. Intradermal saline or, better still, dilute adrenaline solution 
(1:500,000), is injected into the donor area prior to cutting, to facilitate harvesting and 
diminish local blood loss. The donor site, the cutting edge of the knife, and the edge 
of a skin board are greased with vaseline-gauze. 


An assistant applies an ungreased skin board to the distal end of the donor site and 
pulls in such a fashion as to tense the skin tight. The assistant’s other hand grasps the 
underside of the donor site (thigh or arm) to flatten the area from which the graft is 
being taken (Figure 11.5.1). 





Figure 11.5.2 


Surgeon's wooden board applying counter-traction. 


The surgeon places the greased board about 4 - 5 cm in front of the ungreased board, 
and exerts counter traction to increase the skin tension (Figure 11.5.2). The knife goes 
into the gap between the two boards at an angle of 30° and even, gentle, side-to-side 
cutting movements of about 2 cm are made. Continuous movement of the knife is 
essential. The surgeon advances the greased board proximally while exerting minimal 
effort to advance the knife. The tendency is to cut too quickly, or exert too much 
pressure at too high an angle; the blade will not shave the skin off but cut deeply 
into the subcutaneous tissue. When the desired amount of skin has been raised, the 
wrist is supinated and the knife cuts through. The harvested skin is now placed on 
a saline-soaked gauze swab, undersurface upwards, and stored until applied to the 
recipient area. 
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11.2.4 Reverdin pinch grafts 


These can be used to cover large areas of defect and where the recipient area is 
unfavourable, such as muscles moving in different planes. A full take is not expected 
and the gaps between the grafts will fill in as the skin spreads outwards and coalesces. 
The cosmetic result is poor. 


As with SSG, an intradermal infiltration of local anaesthetic with adrenaline is injected 
into the donor area. This helps to avoid cutting the grafts too deeply and is often all 
the anaesthesia required. The grafts are cut using a scalpel blade and can vary in size 
up to about 2 cm? (Figure 11.6). The harvested skin is handled as described previously 
until it is applied to the recipient area. 


11.2.5 Application of grafts and graft meshing 


The recipient bed is prepared by washing with saline and scraping clean any 
exuberant granulation tissue. 








a 
Figure 11.7 


Recipient site prepared to receive SSG. 


The harvested partial-thickness skin is laid across the recipient bed and cut so that it 
is slightly larger than the site. This allows for the cut undersurface to be in complete 
contact with the recipient bed and for later graft contraction. Often a graft is placed 
on a wound that is deeper than the thickness of the graft. In these cases the edge 
of the graft at the base of the wound must be carefully approximated to include the 
entire height of the defect. 


The graft should be meshed to allow for drainage of serum and blood; this is important 
to avoid the graft “floating” and provide for close contact between it and the recipient 
bed. Meshing is accomplished by placing the harvested skin on a surface, preferably 
the wooden board, undersurface facing upwards, and making numerous parallel 
incisions through the graft with a No. 15 scalpel blade. Optimally, the ratio of gaps to 
skin should be 3:1 thus allowing the SSG to cover an area three times its original size 
(Figure 11.8). Over a period of 10 - 14 days, the skin grows across the interstices and 
complete healing is obtained. 


Graft meshing is particularly useful in cases where there is insufficient autograft to 
completely cover raw areas, such as large wounds or burns (see Figure 11.1 for a 
clinical example). Mechanical meshing machines are available —- and expensive — but 
are not standard ICRC equipment except in hospitals with a large number of patients 
suffering from burns. A good improvisation is a sharp circular pizza cutter, modified 
with notches ground into its circumference, and used to mesh skin against the 
wooden board. 
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Figure 11.6 
Reverdin pinch grafts: 
a. The skin is picked up with a needle and round 


patches of thick SSG, 1 - 2 cm in diameter, are 
cut with a scalpel. 


b. If the patches are taken in a line, the area can 
be excised and the wound closed by primary 
suture. 


c. The patches are spread over the receptor site with 
gaps of a few millimetres between each piece. 
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Figure 11.8 
Meshing of a skin graft. 
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Figure 11.9 
SSG sutured in place. 
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Grafts can often be kept in place by a suitable dressing and elastic bandaging. If graft 
stability cannot be ensured by the covering dressing, it should be sutured in place 
(Figure 11.9). One technique is a continuous 3/0 non-absorbable suture run around 
the edge of the graft to provide adequate contact. Another is to use several anchor 
sutures about the circumference, left long and used as tie-overs across the dressing; 
especially useful for small grafts on hollow areas (Figure 11.11). The excess skin of the 
graft can either be trimmed once the graft has been sutured in place, or cut 10 - 14 
days later. 


Once the graft has been sutured or placed on the recipient bed, it should be covered 
with a sheet of vaseline-gauze followed by a gauze compress or cotton-wool pledgets 
soaked with saline. These dressings should be pressed into the concavities of the 
defect to ensure that there is complete apposition between the graft and the bed. 
The dressing should then be covered with a thick layer of cotton wool held in place by 
a crepe bandage. 


In case of consistent oozing from the recipient bed, consider delaying the 
application of the graft for 24 - 48 hours. The harvested skin can be stored for up 
to three weeks in an ordinary domestic refrigerator at 4° C without compromising 
the success rate. It is placed on a moist piece of gauze with the undersurface facing 
upwards and then put in a sterile jar containing normal saline. Jars should be stored 
with an airtight lid and carefully labelled with the patient's identification and the 
date of harvesting. 


11.2.6 Graft take 


Grafts adhere initially by a thin layer of fibrin and are fed by “plasmatic imbibition” 
from the recipient bed granulation tissue until in-growth of capillaries occurs by 
about the fourth post-operative day. The new capillaries link with the graft and the 
fibrin clot is transformed into fibrous tissue. For these reasons, there are three major 
factors determining the success rate of split-skin grafts. 


1. Avascular recipient bed which is free of pathogenic bacteria. Normal bacterial 
flora will not necessarily interfere with graft survival. The most common pathogen 
causing graft failure is beta-haemolytic Streptococcus pyogenes, probably through 
its fibrinolytic enzymes. ICRC protocol suggests prophylaxis with penicillin for five 
days, to which this bacterium remains sensitive. 
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2. The vascularity of the graft itself. Thin split-skin grafts have a higher concentration 
of capillaries on their undersurface than thick grafts. For this reason, a thin split- 
graft has a higher chance of survival than a thick one. 


3. The maintenance of close contact between the graft and the recipient bed. If the 
graft is under tension, if blood or serum collects between the surfaces, or if there 
is movement of the graft on its bed, satisfactory contact cannot be maintained. 
Thus, meshing of the graft and tight contact between the graft and recipient site 
are important; grafts soanning joints should be splinted to prevent graft loss from 
shearing forces. 





11.2.7 Graft care 


Grafts must be cared for by experienced personnel. A graft may be saved if a collection 
of serum or haematoma is evacuated early. Great care must be taken not to lose a 
good graft through clumsy or careless removal of the dressing. 


In ICRC practice, the graft is first inspected after 48 — 72 hours; the dressing is carefully 
removed using two pairs of tissue forceps: one holding the graft and keeping it applied 
to its bed, the other removing the dressing. Care must be taken not to tear away the 
graft. If the graft is healthy and adherent to the recipient base, another vaseline-gauze 
and compress are bandaged in place and no further dressing is necessary for another 
10 days, until the time of stitch removal. 


If ahaematoma or seroma is found, the fluid should be expressed through the meshed 
gaps using gentle pressure applied through the forceps and a pledget of soaked 
cotton-wool. Another firm dressing of vaseline-gauze is applied. These grafts are then 
inspected on a daily basis until firmly adherent to the recipient base. 


Any small pus collections should be debrided with scissors to prevent spread of 
infection. Intra-epidermolysis is a phenomenon where the outer layer of the graft is 
lost while viable epithelial cells remain at the base. Dark blisters can be seen and may 
be debrided but great care should be taken not to disturb underlying graft that may 
still be viable. 





On the other hand, any graft which is dead or floating on a “sea of pus” should be 
removed and the wound cleaned with normal saline. (If Pseudomonas is the culprit 
— presence of bluish-green pus — a dilute vinegar solution is useful.) If the raw area of 
the wound is more than 2 x 2 square cm, it should be re-grafted when clean. If smaller, 
it can be left to heal by secondary intention. 


At ten days, a healthy graft should be firmly adherent and can be left exposed and 
submitted to a simple daily inspection. 


11.2.8 Dressing of donor sites 


Split-thickness donor sites can bleed briskly, and in children can result in significant 
blood loss. As mentioned above, the donor site should be infiltrated intradermally 
with a 1:500,000 solution of adrenaline or a local anaesthetic with adrenaline to 
decrease bleeding. They can also be extremely painful, especially when dressings 
become firmly adherent. 
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Want to detect the presence of RFID readers? Want to control when a RFID tag is 
active or readable? We describe how to do both using bits of copper and card, and 
some readily available electronics hardware. 


Longer preamble 

Radio frequency identification ( RFID (http://en.wikipedia.org/wiki/RFID)) is rapidly 
growing in popularity. RFID tags are found everywhere. They're attached to 
container freight, in those funny-looking white labels you find in newly purchased 
books, embedded in many corporate ID cards and passports, etc. The tags have a 
few common properties: they transmit a unique ID number, are optimized to be 
'read' from predefined distances, and are usually small so they can remain 
unobtrusive or hidden. 


RFID readers are used to track nearby tags by wirelessly reading a tag's unique ID 
(see Figure 4); a tag simply has to be brought into physical proximity with a reader 
to be read. Readers are mostly used for industrial or commercial purposes, e.g. 
asset tracking or electronic payment. Wal-mart use RFID tags and readers in their 
supply chain. The technology is also used in mass transit systems in cities like 
London (http://en.wikipedia.org/wiki/Oyster_card) and Hong Kong 
(http://en.wikipedia.org/wiki/Octopus_card). In Japan, many mobile phones 


incorporate readers to enable e-money payments in shops and vending machines. 


For those of us who want to experiment with RFID, the problem is that the 


technology is almost always Liblack boxed (http://en.wikipedia.org/wiki/Black_box). 
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Figure 11.10 


Donor sites for full-thickness skin grafts. 
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The following regimen minimizes discomfort and complications. 


1. After harvesting the SSG, a dry dressing should be applied immediately, kept in 
place if necessary with an elastic bandage, and left alone while the graft is being 
applied; by which time haemostasis has usually been achieved. 


2. The dressing should then be removed. If there is persistent bleeding, a compress 
wetted with the dilute adrenalin solution should be applied and direct pressure 
exerted for a few minutes. 


3. Next, the donor site should be covered with a firm pressure dressing of vaseline- 
gauze, dry compresses and elastic bandage; it should be kept from falling down 
the limb by adhesive strapping. The dressings should be left in situ for 
10 -14 days, unless there are signs of underlying infection. 


4. Amembrane dressing, such as Opsite ®, can be used if available. If fluid 
accumulates beneath the membrane, it can be evacuated by pricking with a 
needle and pressing. The perforation site should be covered with a smaller piece 
of membrane. If the dressing falls off it can be reapplied. Generally, this stays in 
place for the desired period of about ten days. 


11.3 Full-thickness grafts 


Full-thickness skin grafts consist of the epidermis and entire dermis. These grafts are 
used principally for the head and neck and hands and feet to provide thicker, better- 
quality cover. 


Full-thickness grafts have a number of advantages apart from better texture and 
colour. They allow for the transfer of hair-bearing skin, as all the dermal adnexal 
structures are intact, and they contract less than split-skin grafts. The main 
disadvantages are a lower survival rate and their limited size. 


The recipient bed must be in optimal condition to take a full-thickness graft; 
haemostasis, in particular, must be perfect. There should be meticulous suturing and 
approximation between the graft and the recipient edge. Generally, a full-thickness 
graft is small because the plasma exudate of the recipient bed is barely sufficient to 
feed and oxygenate the graft, and capillaries from the recipient bed and edge and 
graft undersurface must grow in quickly to assure survival. 


11.3.1 Donor sites 


The best and most readily available donor sites are the supraclavicular fossa, in front 
of and behind the ear, and the flexor surface of the forearm or the groin creases. In 
older persons, the cheek or the neck in the line of a skin crease may also be used. The 
donor site is sutured primarily following harvesting of the graft. 
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11.3.2 Technique 


The graft can be taken under local anaesthesia. The donor and recipient areas 
are cleansed in a sterile fashion and a template of cut gauze compress made to fit 
the defect exactly. The template is placed on the donor site and an outline drawn 
around its circumference. The donor area should be injected with local anaesthetic 
with adrenaline and the edge of the recipient area with local anaesthetic without 
adrenaline; both are left for five minutes before incision. The full-thickness skin should 
then be excised exactly. 


The graft must be thoroughly defatted before application. This is best achieved by 
placing the moist graft, epidermis-side down, on the finger tip and scrupulously 
excising the fat using fine scissors. The graft is left unmeshed. 


The graft is then sutured in place immediately and meticulously. Several interrupted 
nylon sutures are inserted close to the edge and left long for tie-overs (Figure 11.11). 
Small interrupted or continuous fine nylon sutures (5/0 if available) are placed around 
the circumference. 








wound wound covered with graft being 
sutured from within outwards 







trim away 


excess graft 
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one end of the sutures left long 
all round the wound 











Face grafts may be left open and covered with antibiotic ointment. They may be 
gently rolled with gauze or poked with a needle in the first 48 hours to express small 
serum collections. 


On the hands or over a flexion crease, once the graft has been sutured in position a 
bolus of dressing is fashioned with vaseline-gauze and moist cotton-wool pledgets 
to hold the graft closely in contact with the recipient bed. The tie-over sutures are 
brought together over the dressing, which should be snug, but not so tight as to 
strangle the graft. 


The dressing should be left in place for 7 - 10 days and then removed. At this point, 
in both light- or dark-skinned people, the graft may be any colour from pinkish or 
pinkish-white to bronze to black. Even a graft that has a blackish appearance on 
inspection can survive. No judgement on graft survival should be passed until a 
month from the time of application. 


Figure 11.11 


Tie-over method of securing skin grafts. 
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11.4 Healing by secondary intention 


Some small wounds are difficult to suture without tension, or without very wide 
mobilization of skin flaps, because their surrounding edges are fibrotic. There is little 
benefit in another surgical operation, even skin-grafting. These wounds are best left 
to granulate and heal by secondary intention (Figure 12.10). 


A change of dressing and gentle washing with normal saline every 4 - 5 days is 
usually sufficient: every dressing is a trauma to a healing wound. Daily dressings are 
not necessary if the wound is dry. Some traditional local dressings (sugar, honey, etc.) 
have an antibacterial effect and promote the formation of granulation tissue and are 
useful if the wound is deep. They have been used successfully by ICRC surgical teams. 
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NEGLECTED OR MISMANAGED WOUNDS 





12.1 General considerations 


As described in Chapter 10, in many war zones today, characterized by irregular 
bush warfare, rebellions and insurrections, neglected and mismanaged wounds are 
amongst the commonest injuries that the surgeon sees. First aid is not available, 
doctors and nurses are scarce, and health services have been disrupted by poverty and 
conflict. Distances are long and the terrain difficult with little in the way of organized 
transport. Many patients reaching hospital have wounds which were inflicted more 
than 24 hours earlier, and some have wounds that are many days, or even weeks, old. 
Even if injured patients reach hospital fairly quickly, the sheer number of casualties 
often exceeds the surgical capacity or expertise available. The result is an inordinate 
delay in their treatment or frank mismanagement. 


ICRC EXPERIENCE 


In the ICRC hospital of Lokichokio in northern Kenya serving the victims of 

the conflict in southern Sudan, 12,264 war-wounded patients were registered 
between 1991 and 2006 in the ICRC surgical database. Evacuation was by ICRC 
and United Nations airplanes and few, if any, received pre-hospital treatment of 
any sort. Of these patients, 84 % reached the hospital more than 72 hours after 
injury. ICRC staff have seen similar conditions of delay in evacuation to a surgical 
facility in Somalia, the Democratic Republic of the Congo, Nepal and elsewhere, 
and have seen the same phenomenon with crush wounds after earthquakes in 
low-income countries. 


Before reaching a proper surgical hospital, some patients receive no treatment 
at all; others a cursory dressing, while yet others have undergone an inadequate 
wound excision. Some wounds will have been sutured, generally without any form 
of excision. 


All sutured wounds, no matter how clean they appear, must have their sutures 
removed and opened up for drainage. As mentioned previously, the simple rules of 
septic surgery apply. Never close infected or contaminated wounds primarily. 


Remove all sutures from previously sutured wounds. 





Figure 12.1.1 


Patient A: The gunshot wound to the left iliac 
region was sutured 5 days previously. The 


After delay, some Grade 1 minor soft-tissue wounds are found to be healing 
spontaneously. Most wounds, however, will be inflamed or frankly infected with 


a degree of chronic sepsis, and some will be grossly putrefying. This is often wound to the right thigh underwent insufficient 
seen in mismanaged wounds. Tetanus, gas gangrene, and invasive haemolytic | Wound debridement. 

streptococcal infection are ever present dangers (see Chapter 13). These wounds 

require aggressive excision. 
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Figure 12.1.2 Figure 12.1.3 
The sutured wound is infected; a pearl of pus is Sutures have been removed revealing 
evident at the lateral edge. abundant pus. 
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Figure 12.2.1 


Patient B: primary suture was performed - 
note the tension in the wound due to tissue 
oedema and infection. Some sutures have 
been removed. 








Figure 12.2.3 


After redebridement - the wound is now 
larger than the original injury. 
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Figure 12.3 


ICRC 





>= 
Figure 12.2.2 


All stitches have been removed - the skin 
edges are ischaemic and necrotic and the 
subcutaneous tissues oedematous. 





Neglected gunshot wound to the knee with frank sepsis. 
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Figures 12.4.1 and 12.4.2 
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Neglected wound to the scrotum with gangrenous tissue. 
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Please note: 


D. Rowley / U. of Dundee 


Many neglected wounds are infested with maggots. There is a long historical literature 
about “maggot debridement therapy”, especially for chronic wounds, and a number 
of surgeons around the world practise it today. Suffice it to say that, for cultural and 
psychological reasons, most patients do not accept such a method. ICRC experience 
in this domain, although often positive, can only be described as anecdotal. 


Please note: 


There is much clinical and experimental evidence to back the claim that the early 
administration of antibiotics, penicillin in particular, can delay the advent of serious 
infection in war wounds. It is ICRC practice in first-aid posts to begin penicillin as soon 
as possible. However, adequate first-aid measures, as described in Chapter 7, are 
seldom available in many contemporary theatres of war and it is to this context that 
the present chapter is devoted. 


12.2 Chronic sepsis: the role of biofilm 


The chronic pyogenic sepsis of a neglected wound has its own particular pathology 
and bacteriology, and life history. Bacteria exist in discrete colonies only ina laboratory. 
The natural state of bacteria through natural selection is to become attached to 
surfaces, especially to inorganic or dead matter, such as sequestrated bone and 
cartilage. In chronic infection, bacteria secrete a glycopolysaccharide biofilm; this 
is the “slime” one feels on the rocks in a river. This biofilm protects the bacteria and 
prevents not only antibiotics, but macrophages, leukocytes and antibodies from 
attacking them. It must be actively broken up in order to eradicate the infection. 





Dead material is Bacteria reach 
present stationary phase 
F oe d Bacteria rapidly 
eae progress through 
i log phase of growth 
quantities Dead material gp 9g 


results from 
infective process 
itself 


Biofilm often forms 





Surgical 
Chronic sepsis is the intervention Residual bacteria go 
—— —— 
result removes biofilm back to log phase 


and dead material 











The biofilm is secreted during the stationary phase of bacterial life. Physical disruption 
of this biofilm and surgical removal of the dead tissues are required to push the 
bacteria back into the rapid multiplication of the log phase when they are most 
susceptible to antibiotics and the body’s natural defence mechanisms. 





1 Rowley D.I., University of Dundee, Course on chronic bone infection, Seminar on the Management of War 
Wounds; ICRC: March 18, 2005; Geneva. 





Figure 12.5 


Maggot infestation of a wound. (The colouring 


is due to gentian violet.) 


Figure 12.6 
Schema of the chronic infective process." 
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That is, the inner workings of a tag and its interaction with a reader is hidden from 
view, and thus difficult to have much control over. 


In the two exercises that follow (building a RFID reader detector 


(https://www.instructables.com/id/SX28QZ1FN4H8QCG/) and a tilt-sensitive RFID 
tag (https://www.instructables.com/id/SGW3JOSFN49WUIF/)), we offer an example 


of how you can start revealing some of the workings of RFID and thus gain some 
control over the technology. The two exercises also hopefully show that the 
technology is relatively simple and how it can be extended to support some 
interesting interactions. We offer some other possibilities that build on our examples 


at the end (https://www.instructables.com/id/SQKIRD4FN49ZUS1/). 


Add Tip Ask Question 


Step 1: Material and Tools 
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Figure 12.7.1 


Neglected infected wound showing a layer of biofilm pus. 
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Figure 12.7.3 


Neglected wound to the arm with necrotic 
tissue, but dry. 
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Figure 12.7.2 


Neglected wound of an amputation stump, 
without biofilm layer. 


12.3 Surgical excision 


Surgical excision is a more difficult procedure in these neglected and mismanaged 
wounds. The line of demarcation between viable and non-viable tissue, especially 
in oedematous muscle and fascia, is less obvious, and the zone of post-traumatic 
inflammatory hyperaemia is compounded by that of infective inflammation and the 
presence of the biofilm. The extent of adequate excision is more difficult to assess 
since there is not only a“mosaic” of ballistic tissue destruction in the permanent cavity 
itself but also that due to the septic process. Festering wounds that are days old have 
regions of infection mixed with regions of fibrous tissue healing. 


The wound often resembles a cavity filled with detached soft tissue, bone fragments 
or the ends of fractured long bones, foreign debris, and fibrous tissue, covered with 
a coat of pus (Figures 12.7.1 and 12.8.2). Access may be difficult because of areas of 
wound contracture due to the tough fibrous tissue. 


The principles of surgery remain the same, however. The skin and deep fascia must 
be widely re-incised and the wound cavity laid open for proper visualization and 
drainage (drainage following the same principle as for a simple abscess). The excision 
is directed towards the removal of all non-viable and heavily contaminated tissue and 
foreign debris, and the physical disruption of the biofilm. 
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Because surgical excision is more difficult in these wounds, there is a higher incidence 
of persistent infection. In such circumstances, several redebridements may become 
necessary. Depending on the experience of the surgeon, these are the patients who 
might most benefit from staged serial debridements. 


12.3.1 Soft tissues 


If present, all sutures must be removed and debridement performed as if no previous 
wound toilet had been done. 


All macroscopic contamination should be excised. Skin and subcutaneous fat must 
be cut back until they ooze blood. Grossly infected fascia is usually shredded and dull 
grey, while healthy fascia is a glistening white. The muscle compartments are in even 
greater need of decompression than those of a fresh wound. 


Contractility is the best indication of muscle viability. On the other hand, the surgeon 
must learn to distinguish between bleeding from small vessels in partially necrotic 
tissue, and capillary oozing from healthy but inflamed tissue. Experience brings an 
increase in the amount of tissue excised. Vessels and nerves should be left intact on 
the other hand, because they rarely turn septic. 


Operative blood loss is usually considerable because of the inflammatory oedema 
and hyperaemia. 


It is even more important not to open up healthy tissue planes in an attempt to 
remove any projectile. This will only help to spread the infection. 


12.3.2 Bone 


If there is an underlying fracture in these septic wounds, it usually contains detached 
and necrotic bone fragments that provide the perfect “surface” for bacterial adhesion. It 
is vital that these be found and removed. A plain X-ray will assist in their identification 
(Figure 12.9.2). 
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Figure 12.8.1 Figure 12.8.2 Figure 12.8.3 
Gunshot wound 7 days after inadequate Obvious sequestra presenting at the wound Wound 7 weeks after debridement. 
debridement. surface - note the presence of a pus-filled 


biofilm covering bone and soft tissue. 


Totally detached bone fragments are often trapped inside fibrous tissue and their 
localization and identification can be extremely difficult and frustrating. 


+ A dead bone fragment is pearly white; living bone is dull greyish-white with red 
capillary specks. 


+ If scratched with a bone curette, dead bone will give off a high and hollow 
resonance; living bone sounds low and dull. 


« Another telltale sign can be observed when the bone fragment is grasped 
with forceps and a motion of pronation and supination imparted. If muscle or 
periosteum is holding the fragment in place, these structures will move with the 
pronation and supination. If the fragment is detached and held by fibrous tissue 
only, the movement will break the fibrous adhesion and the bone fragment will 
come free. 
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Figures 12.9.1 and 12.9.2 


All loose bone fragments must be removed. 





Figure 12.9.3 


Bone fragments on the right, excised fibrous 
tissue on the left. 
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Once all loose bone fragments have been removed, the wound cavity is then curetted 
and a careful finger exploration performed to confirm a smooth surface: sharp 
bone edges may injure the exploring finger! All detached and dead bone fragments 
must be removed; they are already sequestra. Sometimes, several attempts may be 
necessary to eliminate them all, i.e. several redebridements. 


12.3.3 Irrigation 


The wound is now copiously irrigated and dressed as for routine surgical excision. The 
ICRC has tested irrigation with a high-pressure pulsatile lavage and daily showering 
of the open cavity in these neglected septic wounds. Although both techniques 
appeared to clear up the biofilm and afford a better assessment of tissue viability, the 
results were inconclusive. Both involve a great deal of time, effort, and nursing care, 
and are difficult to maintain if a large number of patients are under treatment with no 
possibility of transfer to other less overstretched facilities. 


12.4 Antibiotics 


Penicillin and metronidazole are given, according to the antibiotic protocol 
(see Chapter 13); and gentamycin is added if there are signs of active spreading 
inflammation. No topical antibiotics or antiseptics are used in ICRC practice. 


Bacterial culture should be done, if available. Good bacterial culture and sensitivity 
in a forward hospital is far more diffucult to accomplish than is usually realized. Note 
that clinical response does not always follow laboratory sensitivities, or lack thereof. 
Not only do “wild” bacteria not live in colonies, but in vitro sensitivity does not always 
reflect in vivo response, and the surface or discharge flora does not always represent 
the bacteria present inside the tissues. 


Nonetheless, the basic rules of septic surgery still apply. Infection requires good 
drainage — as with an abscess - and the elimination of the bacterial culture medium, 
i.e. the dead tissue. Antibiotics will only be effective once the biofilm has been 
disrupted and the bacteria made susceptible to their action. 
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12.5 Toclose or not to close? 


The primary phase of wound healing begins at the moment of wounding. It is well 
established by the time of presentation if the wound is a few days old. Thus, several 
days after surgical excision, many wounds are past the time of healing by primary 
intention. There is already much fibrous tissue present (Figure 12.9.3) and even more 
by the time the wound is clean and ready for closure. If secondary suture is attempted 
there is usually considerable tension on the wound edges with a high incidence of 
necrosis and breakdown. 


The majority of these wounds are unsuitable for delayed suture and require skin 
grafting or rotation skin flaps for closure; or, if small, should be left to granulate and 
heal by secondary intention (Figure 12.10). 





It is in healing by secondary intention that several traditional local wound treatments 
may be of value, as mentioned in Chapter 11. ICRC surgeons and nursing staff have 
used dressings of honey or sugar, or hypertonic saline (add salt to normal saline 
until it no longer dissolves), which promote granulation tissue formation and have 
antibacterial properties. It must be emphasized that these topical treatments are an 
adjunct to, and not a replacement for, adequate surgery. 





Figure 12.10 


Healing by secondary intention. 


Many patients with severe wound infection or frank putrefaction are malnourished, 
anaemic and dehydrated. As a result wound healing is poor and special measures 
should be taken to address these concerns. 


For a discussion of post-traumatic osteomyelitis, see Volume 2. 
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INFECTIONS IN WAR WOUNDS 





13.1 Contamination and infection 


All war wounds are grossly contaminated by bacteria. Bullets and fragments are not 
sterilized on discharge and, at the entry site, bacteria are carried into the tract by the 
contaminated projectile itself. Furthermore, the negative pressure of the temporary 
cavity at both entrance and exit wounds also sucks in bacteria. 


Other contaminants found in war wounds include clothing fragments, dust, miscellaneous 
organic matter (mud, grass, leaves, etc.), and wood and glass splinters from bombed 
buildings. Studies in Korea and Viet Nam showed that different varieties of soil are associated 
with different organisms — which also vary according to weather and season - with varying 
likelihood of producing severe infection (mud and agricultural soil contaminated 
with animal or human excrement are apparently the worst). In addition, the chemical 
composition of some soils can inactivate antibodies and impair leukocyte phagocytosis. 
Various home-made landmines have contained animal manure contaminant. 


It is important, however, to distinguish between: 
+ simple contamination of a wound; 

+ local sepsis; and 

+ invasive infection. 


In a contaminated wound, bacteria proliferate in dead tissues but no invasion 
of viable tissue takes place until the number of bacteria reaches a threshold of 
10°/gram of tissue. The presence of crushed tissues, dirt, and other foreign materials 
lowers the threshold of infection and invasion, by providing an environment where 
bacteria can grow and replicate without the patient's immune system being able to 
eliminate them. There are a number of microbe-related risk factors involved: virulence, 
production of enzymes and toxins, etc. 


The body attempts to wall off the mass of necrotic muscle and bacteria with a fibrin 
barrier. Without adequate drainage, this will form an abscess; with proper drainage the 
necrotic mass will be expelled after 10 days.' In both cases, the body’s natural defence 
mechanisms come into play to isolate the contaminants and the dead tissues. 


When the local defence mechanisms can no longer cope, invasive deep tissue and 
systemic infection occurs. Patient immunity and resistance can also be weakened by 
malnutrition and chronic disease, especially HIV/AIDS. The local defence mechanisms 
and general resistance constitute the host-related risk factors. 


Six hours appears to be the critical period after contamination. The efficacy of surgery 
and antibiotics to prevent infection decreases with time from injury, while the bacterial 
load increases exponentially. As with the differential grading of wounds according 
to the Red Cross Wound Score described in Chapter 4, a good understanding of the 
pathology involved is important in determining the proper and adequate procedure 
to follow, and the usefulness of antibiotics to supplement excision, drainage, and the 
body's natural resistance to infection. Uncomplicated soft-tissue Grade 1 wounds, as 
we have seen, can be treated with simple wound toilet; an antibiotic treatment helps 
if begun within 6 hours. Early administration of antibiotics in more severe wounds 
seems to inhibit bacterial growth and limit local invasion, at least temporarily. Any 
delay beyond six hours, however, greatly increases the risk of infection. 





1 Fackler ML, Breteau JPL, Courbil LJ, Taxit R, Glas J, Fievet JP, Open wound drainage versus wound excision in 
treating the modern assault rifle wound. Surgery 1989; 105: 576 - 584. 
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13.2 Major bacterial contaminants in war wounds 


The relative preponderance of various bacterial species differs according to 
geography, topology of the terrain, and climate: agricultural land, urban environment, 
jungle, or desert; summer or winter. The presence of community-acquired resistance 
in “normal” body flora also differs from region to region, and with the passing of time. 


Nonetheless, certain constants remain, and the following list gives a general indication 
of the common pathogens involved in infections of war wounds. 


Gram-positive pyogenic cocci: 

Staphylococcus aureus and B-haemolytic streptococcus. These are a normal part of the 
skin flora. In recent years, community-acquired methicillin-resistant Staphylococcus 
aureus (MRSA) has become more of a problem in certain countries. 


Gram-negative bacilli: 

Escherichia, Proteus, Klebsiella, Pseudomonas, and Bacterioides are found in the 
gastro-intestinal tract. Acinetobacter baumannii is to be found in the soil and on the 
skin and has recently become important in causing nosocomial infections. 


Gram-positive bacilli: 

The Clostridia species are spore-bearing obligatory anaerobes. They are widely 
distributed in the environment, especially in agriculturally fertile soils, and are carried 
in the faeces. They are the cause of gas gangrene and tetanus. 


Wounds to the upper thigh and perineum are particularly at risk from contamination 
by faecal organisms (Clostridia and Gram-negative bacilli), even without bowel 
perforation. Bowel injury demonstrably increases the risk of sepsis. 





The important point to note about this varied bacterial flora is that wound 
contamination is not static. That war wounds have an evolving “bacteriological life 
history” from the time of injury has been known since World War | and the studies 
made by Alexander Fleming.* 


Many studies since have demonstrated that wound contamination - and any resulting 
infection - evolves with time. At the instant of wounding, there is polymicrobial 
contamination with particular risk from Clostridia and B-haemolytic streptococcus. 
Afterwards, self-contamination from skin and gastro-intestinal flora occurs; finally, 
hospital-acquired nosocomial bacteria may step in. 


This concept is essential to understanding the roles of hygiene and environmental 
control measures, adequate surgery, and the use of antibiotics: ie. the operation- 
related risk factors.2 The widespread availability of antibiotics - and their abuse — 
during the last fifty years has further complicated the bacteriology of wounds because 
of the hospital selection of resistant strains. Whether infection follows contamination, 
and what type of infection develops, depends on a number of factors. 








2 Fleming A. On the bacteriology of septic wounds. Lancet 1915; 186: 638 - 643. 


3 Rubin RH. Surgical wound infection: Epidemiology, pathogenesis, diagnosis and management. BMC Infect Dis 2006; 
6: 171. Available at: http://www.biomedcentral.com/1471 - 2334/6/171. 
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13.3 Major clinical infections of war wounds 


The polymicrobial nature of wound contamination can result in a variety of infections. 
Several specific lethal infections are notorious in war wounds, especially in neglected 
or mismanaged wounds, and particularly if they have been stitched closed without 
proper excision. Common pyogenic wound infection runs through a spectrum of 
disease from the minor (superficial surgical site infection) to the severe (organ or 
space surgical site infection) and systemic (septicaemia). 


13.3.1 Definitions 


Simple contamination 
The surgical literature classifies wounds as clean, clean-contaminated, contaminated, 
and infected or dirty. War wounds are considered contaminated and dirty. 


Cellulitis/local abscess formation 

Bacteria begin to spread to tissues that are contiguous to the wound, in the zone of 
contusion (see Chapter 3). Little systemic toxicity exists. Superficial erythema and 
seropurulent discharge occur; some necrotic tissue is evident, but this is related to 
the original injury and not to the infection. Eventually a mass of necrotic tissue and 
bacteria forms; if drainage is inadequate (small skin wounds), an abscess develops. In 
a large wound, the mass will be walled off and then expelled. 


Myositis/deep tissue infection 

Bacteria spread into muscles and tissues further than the permanent cavity and the 
zone of contusion and invade the zone of concussion and beyond. Systemic symptoms 
become more pronounced and, with certain infections, come to dominate the clinical 
picture. Overwhelming infections usually present with the classical signs of sepsis 
(fever, tachycardia, etc.); but they may also present without these signs, particularly in 
immune-compromised patients (HIV/AIDS, chronic disease, malnutrition). 


In the past, deep-tissue infections were usually caused by Clostridia and invasive 
B-haemolytic streptococcus and accounted for the greatest amount of tissue damage, 
and the most severe systemic signs and symptoms. The availability of penicillin has 
radically changed this clinical picture.* 


Different types of invasive tissue infection have been described: 
* pyogenic deep tissue infection — this is usually a mixed infection, Gram-positive and 
-negative organisms, often including non-clostridial anaerobes; 
* gas gangrene: this infection is still seen in neglected and mismanaged wounds; 
+ tetanus: poverty and the disorganizing effects of war disrupt immunization 
programmes in many countries — this infection is still, all too often, a major killer; 
+ invasive streptococcal infection — also still seen in neglected and 
mismanaged wounds; 
* bone infection: when deep-tissue infection extends to sequestrated 
bone fragments chronic sepsis tends to develop with the production of 
a“biofilm” - this is often seen in neglected and mismanaged wounds 
(see Chapter 12); 
+ necrotizing fasciitis, synergistic gangrene and anaerobic cellulitis. 





4 Polhemus ME, Kester KE. Infections. In: Tsokos GC, Atkins JL, eds. Combat Medicine: Basic and Clinical Research in 
Military, Trauma, and Emergency Medicine. Totowa, New Jersey: Humana Press; 2003: 149 - 173. 
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13.3.2 Gas gangrene 


Gas gangrene as a peculiar complication of wounds has been known since the 
time of Hippocrates. Its occurrence in war wounds throughout history as well 
as in other trauma has been widely described mainly because of its dramatic 
manifestations and very high associated mortality. Delay to surgery, as may occur 
during war or in a civilian disaster with mass casualties, greatly increases the risk 
of gas gangrene. 


Gas gangrene is a rapidly-spreading oedematous myonecrosis occurring character- 
istically in severe wounds in muscles contaminated with pathogenic obligatory 
anaerobes, particularly Clostridium perfringens. Almost every case presents a 
mixed bacterial flora; aerobes use up available oxygen and promote the anaerobic 
environment required by Clostridia. 


In large muscle wounds there will always be areas of ischaemia and the potential for 
gas gangrene. But gas gangrene can also develop even when the trauma is not very 
severe. If the wound is deep, contains necrotic tissue, and is isolated from the surface, 
an anaerobic environment is formed and it is possible for a clostridial infection 
to become established. This deep anaerobic environment is seen particularly in 
wounds sutured closed without debridement. The presence of foreign material 
in wounds, especially soil, will increase the risk of developing gas gangrene. The 
prolonged application of tourniquets or tight plasters and fascial compartment 
syndrome also present high risks. The infection is more common in wounds to the 
lower limb and perineum than to the upper limb. 


The features of the disease result, first, from the local action of the organisms on 
muscle glucose, producing acid and gas, and on muscle protein, causing digestion. 
Second, the organisms produce soluble, very potent toxins, which diffuse into 
the tissues causing further tissue destruction and profound toxaemia. The 
muscle breakdown products are very toxic in their own right. The combination 
of breakdown products and specific toxins causes the relentless and profound 
toxaemia which, if untreated, will inevitably lead to death. 


The incubation period of gas gangrene is usually short, almost always less than three 
days, and in the majority of cases less than 24 hours long; it may even be as short 
as 6 hours. Incubation periods of up to six weeks have occasionally occurred. 


Typically, gas gangrene manifests itself with the sudden appearance of 
increasing pain in the region of the wound. The sudden onset of pain, sometimes 
so sudden as to suggest a vascular catastrophe, always suggests the possibility 
of gas gangrene in a wounded person. Soon afterwards the limb becomes 
oedematous and is associated with drainage of thin serous or serosanguinous 
exudate, which may become gelatinous. The pulse rate rises markedly but the 
patient’s temperature is rarely higher than 38° C. As classically described, clinical 
deterioration takes place quickly and within several hours the patient becomes 
anxious and frightened, or may even be euphoric, and exhibits all the signs of 
severe sepsis. 


The skin is tense, pale, often marbled with blue, and rather colder than normal. In 
untreated cases, local bronzing of the skin becomes more diffuse, greenish yellow 
areas appear in which blebs may form and become filled with dark red fluid, and 
patches of cutaneous gangrene may occur. The skin may, however, appear normal, 
even when lying over massive gangrene. 


R. Coupland / ICRC 
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Figure 13.1.1 Figure 13.1.2 


Gas gangrene of the leg following the 
application of a tourniquet. 


Gas gangrene of the arm. 


Rapidly, swelling oedema and toxaemia increase, the serous discharge becomes 
more profuse and a peculiar sweetish smell may be present. The smell is variable 
and not pathognomonic. 


Gas is usually produced at this stage and is partly responsible for the swelling of the 
affected part (Figure 13.2). It is produced in and between the muscle fibres, follows 
the fascial planes, and eventually escapes into the subcutaneous tissues under 
pressure through holes in the fascia, spreading rapidly beyond the confines of the 
infected area. Crepitus may be felt under the skin if the part is palpated. The extent of 
the spread of gas is not equivalent to the extent of muscle necrosis. 


Infection spreads up and down the muscle from the site of the wound but has little 
tendency to spread to other healthy muscles; the bacteria is a strict anaerobe. Even in 
well-established gas gangrene, the bloodstream is rarely invaded by Clostridia until 
immediately before death. 


The muscle changes are usually only seen at operation. In the early stages, they 
consist of little more than swelling and pallor. Later, the colour alters to a lustreless 
pinkish-grey, then to brick red, and finally to a dark green-purple colour. 


Management 

All patients with missile wounds should receive prophylactic antibiotics that are 
effective against Clostridia, such as penicillin, metronidazole, or erythromycin. 
But the antibiotics can only reach tissues with a blood supply and good tissue 
perfusion. Antibiotic concentrations in the dead muscle in the depths of an anaerobic 
environment are ineffective. Surgery as early as possible is the goal to be attained. 


The basis of management of established gas gangrene is thorough excision of dead 
tissue, which might necessitate urgent amputation. The limit of excision is necrotic 
muscle, not the extent of tissues containing gas. Tissues must be cut away until 
healthy red, bleeding, and contracting aerobic muscle is reached. 





It is often too late for surgery when a patient presents with full-blown gas gangrene 
because of the severe toxaemia. Nonetheless, supportive measures including 
oxygen, fluids, and fresh whole blood should be instituted. Appropriate antibiotics 
should be continued. 


J. Goosen / South African Military Health Service, 


U. Witwatersrand 


Figure 13.2 


X-ray showing gas collections between muscle 
groups. 
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Figure 13.4 


Risus sardonicus in a patient suffering from 
tetanus. 
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13.3.3 Tetanus 


Tetanus is always a risk with any penetrating wound. The risk is greater for severely 
contaminated wounds, especially in small, deep, punctuate-type ones. Pyogenic 
infection in the depth of a narrow track can create the necessary anaerobic 
environment. The incubation period is 3 to 21 days, but can be as short as 1 day to as 
long as several months. 





Figure 13.3 


Badly infected wound giving rise to tetanus. 


Virtually total protection can be obtained by active immunization with a full course of 
tetanus toxoid injections. 


Clostridium tetani is a strict anaerobe. The organism produces an extremely potent toxin 
called tetanospasmin that spreads along peripheral nerves to the spinal cord and 
brainstem. The toxin affects the motor end-plate by inhibiting cholinesterase, resulting 
in a build-up of acetylcholine and tonic muscle spam. There is, in addition, 
hyperexcitability of lower motor-neurones causing muscular rigidity and dysfunction 
of activity in antagonistic muscles that cause unopposed reflex activity, giving rise to 
the typical spastic phenomena of tetanus. Early signs are neck rigidity and trismus 
(stiffness of the jaw) with difficulty in swallowing, followed by risus sardonicus (grimacing 
smile). Profound autonomic nervous system dysfunction is also present in severe cases 
with unstable pulse rate, blood pressure, and temperature, which are difficult to treat. 
Once the toxin is fixed to the nerves, antitoxin can not longer neutralize it. 


The infection may affect a single muscle group or be more generalized. Three clinical 
degrees are described: 

+ mild = no generalized spasms; 

* moderate = generalized spasms on provocation; 

* severe = spontaneous generalized spasms with opisthotonus. 


The muscular spasms are quite painful, and can last a short time or go on for several 
weeks. The greatest danger is asphyxiation due to laryngeal spasm or aspiration. 
Frequently, there is a high temperature with profuse sweating that requires careful 
fluid replacement. The patient remains conscious throughout. 


Prophylaxis 

The best precaution against tetanus is active immunization. However, many patients in 
developing countries where conflict has further disrupted public health programmes 
are not immunized and therefore the risk of tetanus in war wounds is great. In some 
countries, ICRC practice is to proceed with active and passive immunization for 
all patients. 
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Early and adequate excision of dead tissue, and leaving wounds open, is vital to 
prevent its development. This is particularly important in small, deep, punctuate-like 
wounds. Penicillin and metronidazole are the drugs of choice. 





Please note: 


Vaccine and immunoglobulin should be administered through separate syringes and 
at separate sites. 


Treatment of established tetanus 
Treatment of established tetanus should follow the steps listed below. 


1. Extensive debridement of the wound. Ketamine anaesthesia should be avoided 
if possible as patients waking from this form of anaesthesia are often restless 
and have hallucinations and this may stimulate spasms. Spinal anaesthesia or a 
regional nerve block are excellent methods. 


2. Antibiotics: crystalline penicillin G (5 MIU. i.v. QID) and/or metronidazole (500 mg 
iv. TID). Erythromycin, tetracycline and chloramphenicol are also active against 
Clostridia, in case of allergy to penicillin. 


3. Anti-tetanus human immunoglobulin (3,000 — 10,000 IU): a single large dose 
is given intravenously and as soon as possible. The actual dose ordered is 
dependent on the severity of the disease and the age of the patient. It is diluted 
in 20ml of normal saline and given slowly over a period of 15 minutes. This can be 
given intramuscularly (undiluted) in the proximal part of the wounded limb if the 
type of immunoglobulin is not recommended for intravenous use. An intrathecal 
injection of 250 IU can be given e.g. with spinal anaesthesia for debridement of 
the lower part of the body. 


In some regions, human immunoglobulin is in short supply or not available at all. 
In these circumstances, one must rely on equine anti-tetanus serum. A test dose 
must be administered before giving the full dose (20 000 IU). 


4. Control of the spasms: the patient should be nursed in an environment as devoid 
of stimulation as possible in a dark, quiet room. For severe cases, and in the best 
of circumstances, the patient should be in an intensive care unit, anaesthetized 
and paralysed, with mechanical ventilation. Many hospitals lack these facilities; 
control is based on sedation. 
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Figure 13.5 


Invasive B-haemolytic streptococcus infection of 
the abdominal wall. 
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Intravenous diazepam, either intermittently or continuously, is used with doses 
up to 20 mg or more per hour depending on the duration and intensity of the 
spasms. If diazepam alone does not control the spasms, chlorpromazine may be 
added, or thiopental (pentothal) may be required. This latter is given preferably by 
continuous infusion, which has been found to control the spasms more effectively 
with lower total dosages than if given intermittently. 


Warning! 
Oversedation can be as fatal as the disease. 


Recently, ICRC teams have used magnesium sulphate in high doses (40 mg/kg over 
30 minutes, followed by i.v. infusion of 1 - 3 g/hour) with encouraging results. This 
regime allows lower doses of diazepam and thiopental to be used, thus avoiding 
oversedation: this line of treatment is still under investigation.> 


5. Airway management is of the utmost importance to prevent aspiration. 
If laryngospasms persist tracheostomy may be needed, and the decision 
to perform one should be taken early. Care of the tracheostomy tube is 
instituted with particular attention to how much this stimulates spasms, and 
adapting the sedation accordingly. Chest physiotherapy is required to prevent 
respiratory complications. 


6. Fluid replacement: there may be excessive fluid loss due to sweating — this needs 
to be carefully monitored along with urinary output. A Foley urinary catheter 
should be placed. 


7. Nutrition: if the spasms continue for some days, a feeding gastrostomy or 
jejunostomy may be required as a nasogastric tube may provoke spasms and 
become obstructed. Again, it is important to decide to perform this procedure 
early. These patients require a high calorie diet. 


8. Excellent nursing care is fundamental. The patient's position must be changed 
four-hourly. Extra sedation may be required prior to this, as movement can 
provoke spasms. Patient hygiene - skin, oral and bowels — is essential. 


Please note: 


Clinical tetanus does not confer normal immunity. The patient therefore needs to 
complete immunization after recovering from the disease. 


13.3.4 Invasive streptococcal infection 


Beta-haemolytic streptococcus produces powerful toxins that trigger off a rapid 
progression of disease from local to systemic infection. It begins with a local cellulitis 
with severe pain out of proportion with physical findings, and advances rapidly to 
fever, tachycardia, disorientation and delirium. The wound is malodorous with large 
quantities of thin, blood-stained seropurulent discharge. The muscles suffer from a 
moist oedema, and turn from pale, to bright red, then dark purple-brown. Progression 
can occur in a matter of hours. It is still seen in mismanaged wounds, and especially if 
there is a delay in treatment. 


Wound debridement, drainage, and massive doses of penicillin are the basis of 
management, along with supportive measures. Blood transfusion is usually necessary. 





5 Thwaites CL, Yen LM, Loan HT, Thuy TTD, Thwaites GE, Stepniewska K, Soni N, White NJ, Farrar JJ. Magnesium 
sulphate for treatment of severe tetanus: a randomised controlled trial. Lancet 2006; 368: 1436 - 1443. 
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13.3.5 Necrotizing soft-tissue infections 


Various non-clostridial spreading gangrenous infections have been described 
in the surgical literature: necrotizing fasciitis, synergistic gangrene, anaerobic 
cellulitis, etc. There is necrosis of the skin, subcutaneous tissues and fascia, but 
not of the muscles. It can rapidly progress to systemic toxicity and even death. 
Spreading gangrene can follow trauma or thoracic and abdominal surgery 
(postoperative synergistic gangrene), and affect persons suffering from a general 
disease, such as diabetes, or malnutrition; alcoholics are particularly at risk. 
Infection usually affects the torso, perineum or extremities. The bacterial flora 
is mixed causing synergy amongst various organisms, anaerobic and aerobic, 
particularly microaerophilic nonhaemolytic streptococci in association with 
haemolytic staphylococci. 


In no case are healthy muscles involved, and the clinical picture is less dramatic than 
in gas gangrene. Nonetheless, the systemic toxicity is life-threatening. There is severe 
pain disproportionate to local findings, crepitus can often be felt and soft-tissue air is 
present on plain X-rays. The skin is discoloured (blue, purple or black) with blistering 
leading to haemorrhagic bullae and induration. The necrosis can spread widely 
causing a large soft tissue defect. The diagnosis is primarily a clinical one, and the 
earlier treatment is instituted the better the result. 


Management includes: 

* aggressive excision of necrotic tissue and the relief of tension, which may require 
serial debridements — amputation may be necessary in cases of necrotizing 
infections of the limbs — and defunctioning colostomy in cases of infection of the 
perineum with faecal contamination; 

+ leaving the wound open for drainage; 

+ triple intravenous antibiotics: penicillin, gentamycin and metronidazole; 

+ fluid resuscitation, blood transfusion and other supportive treatment. 


Reconstructive surgery to cover the defect should only be considered once the 
patient’s condition has stabilized and the infection is fully eradicated. 


13.4 Antibiotics 


It is important to distinguish between the prophylactic use of antibiotics and their 
role in the therapy of established sepsis. The surgeon must also remember the life 
history of wounds and their changing bacterial flora. 


Prophylaxis is aimed at preventing a specific infection. It is impossible to find 
any reasonable cocktail of antibiotics that would be effective against the entire 
“polymicrobial cesspool” that can contaminate a war wound. Nor is it desirable to do 
so. Such a practice would constitute a simple abuse of antibiotics and contribute to 
the development of bacterial resistance. 





The surgeon must realize that trust in the efficiency of antibiotics will never replace 
good surgery. Good surgery involves good diagnosis, good clinical decision-making, 
and good holistic management of the patient. Sometimes “good surgery” means 
knowing when not to operate. As we have seen, uncomplicated Grade 1 wounds and 
many civilian gunshot wounds can be treated conservatively and expectantly. 


Figure 13.6.1 and 13.6.2 


Necrotizing fasciitis with large skin loss and 
tissue defect. 
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War wounds, however, are usually understood to be different from civilian weapon 
trauma; not always because of the weapon, but because of the environment. The 
battlefield is a dirty and contaminated place and the danger of invasive infection is 
always present, even in minor wounds; mass casualties cannot always be followed up 
correctly; there is often a long delay between injury and treatment; proper hygiene and 
nutrition cannot always be maintained; and immunization is not always universal. 


Under such circumstances, the basis of prevention of primary infection remains 
complete wound excision and good drainage, respect in the handling of the tissues, 
and leaving the wound open for delayed primary closure. Antibiotics are only an 
adjunct to good surgical practice, and cannot replace poor surgery. 


A case can be made for prophylaxis against the second series of infections, those 
acquired from the flora of the patient (skin, respiratory and gastrointestinal tracts) 
if the occurrence of such infections becomes an important clinical problem in the 
functioning of a given hospital, and is proven by proper bacteriological studies. 
Infections caused by bacteria with multiple antibiotic resistance and by opportunistic 
organisms, such as Pseudomonas aeruginosa, have become more prevalent with 
the uncontrolled use of wide-spectrum antibiotics. Again, good surgery and proper 
hygiene measures and environmental control cannot be replaced by antibiotics, and 
their use should be regarded as an adjunct only. 


The prevention of nosocomial infection is another story. Proper clinical procedures 
and hygiene are the correct means of prevention: frequent hand washing; no 
unnecessary change of dressings on the ward; isolation of infected patients; adequate 
sterilization; proper cleaning of the hospital premises, etc. These alone can and will 
stop nosocomial infection. The use of antibiotics to supplement such measures will 
depend on the virulence of the particular bacteria involved. 


A well-functioning bacteriology laboratory is important if antibiotic use is to be 
anything more than a “shotgun” approach or an “educated guess”. Wound cultures 
are notorious for not predicting subsequent infections or infecting pathogens. In 
the absence of correct collection of specimens, aerobic and anaerobic, and proper 
bacterial culture and sensitivity techniques, an educated guess is the best that can 
be hoped for in most cases. Accurate bacteriological capability is a far more difficult 
endeavour in a forward hospital than most people realize. 


13.4.1 Antibiotic prophylaxis in the primary treatment 
of war wounds 


Antibiotics do not reach the source of infection in a missile wound - i.e. the culture 
medium of dead tissue, debris and foreign material - they only affect the contusion 
and concussion zones around the wound. However, early administration of antibiotics 
seems to inhibit bacterial growth and delay invasive infection. Antibiotics especially 
help prevent spread to the blood stream. The benefit of antibiotics to prevent invasive 
infections in wounds that received no other treatment for hours to days after injury has 
been demonstrated,® and ICRC clinical experience confirms this. The ICRC recommends 
that penicillin treatment be begun in the pre-hospital setting if at all possible. 


As mentioned, historically, the biggest killers of surviving war-wounded casualties have 
been primary infection by B-haemolytic streptococcus and Clostridia. This is a relatively 
narrow spectrum of bacteria, for which penicillin remains the best antibiotic. 








6 Mellor SG, Cooper GJ, Bowyer GW. Efficacy of delayed administration of benzylpenicillin in the control of 
infection in penetrating soft-tissue injuries in war. J Trauma 1996; 40 (3 Suppl.): $128 - $134. 
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Single-dose or the administration of prophylactic antibiotics limited to 24 hours are 
indicated under optimal conditions of rapid evacuation, early pre-hospital first aid, 
and adequate infrastructural hygiene. In the ICRC context of limited resources, often 
less than ideal environmental control, and delayed evacuation, antibiotics are usually 
given for 5 days, until delayed primary closure. This period of 5 days may be regarded 
as an exaggeration by some colleagues, but is considered a reasonable combination 
of a prophylactic and therapeutic regime by ICRC practitioners and has proved its 
worth in clinical experience (see Annex 13. A: ICRC antibiotic protocol). 


Topical antibiotics and the washing of wounds with antibiotic solutions are 
not recommended. 


13.4.2. Cephalosporins and others 


The ICRC does not routinely use cephalosporins or other sophisticated antibiotics in 
a surgical setting. In many areas where the ICRC works, typhoid fever and shigellosis, 
amongst other infections, are endemic diseases. Resistance to first-line antibiotics 
for these fatal diseases is becoming more and more of a problem in clinical practice. 
Often, cephalosporins are the only recourse left available. The judicious use of 
antibiotics is an important element to keep in mind when dealing with the surgery of 
the victims of war, where proper surgical, nursing, and hygiene measures should be 
the basis of prevention and treatment of infection. 


13.5 Neglected or mismanaged wounds 


The particular, although commonly encountered, condition of neglected or mismanaged 
wounds has been dealt with in Chapter 12. As mentioned above, these wounds are 
particularly at risk of developing gas gangrene, tetanus, and deeply invasive sepsis. 
According to the ICRC antibiotic protocol, penicillin and metronidazole should be 
administered; if there are systemic signs of pyogenic infection, gentamycin is added. 


Antibiotics are important in the treatment of these diseases, but do not replace the 
essentials of septic surgery: wide excision, good drainage, copious lavage, and leaving 
the wound wide open. 
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ANNEX 13.A 


ICRC Antibiotic protocol 





Injury 


Antibiotic 


Remarks 





Minor soft-tissue wounds, uncomplicated Grade 1 


Penicillin-V tablets 500 mg QID for five days 


Anti-tetanus measures for all weapon - injured 
patients 





Compound fractures 
Traumatic amputations 
Major soft-tissue wounds (Grades 2 and 3) 


Penicillin-G 5 MIU i.v. QID for 48 hours 
Follow with penicillin-V tablets 500 mg QID until DPC 





Compound fractures or major soft-tissue wounds with 
delay of more than 72 hours 

Anti-personnel landmine injuries to limbs whatever 
the delay 


Penicillin-G 5 MIU iv. QID and metronidazole 500 mg 
iv. TID for 48 hours 

Follow with penicillin-V tablets 500 mg QID and 
metronidazole tablets 500 mg TID until DPC 


Continue penicillin-V for five days if closure is 
performed with a split skin graft 


If redebridement is performed instead of DPC: stop 
antibiotic unless there are signs of systemic infection 
or active local inflammation — in latter case, add 
(metronidazole 500 mg i.v. TID) and gentamycin 

80 mgi.v. TID 





Haemothorax 


Ampicillin 1 gmi.v. QID for 48 hours, followed by 
amoxycillin tablets 500 mg QID 


Continue until two days after removal of the chest tube 





Penetrating cranio-cerebral wounds 


Penicillin-G 5 MIU iv. QID and chloramphenicol 1 gm 
i.v. TID for at least 72 hours 


Continue i.v. or orally according to patient's condition 
for a total of 10 days 





Brain abscess 


Same regime as for penetrating cranio-cerebral 
wounds plus metronidazole 500 mg iv. TID 


Continue i.v. or orally according to patient's condition 
for total of 10 days 





Penetrating eye injuries 


Penicillin-G 5 MIU i.v. QID and chloramphenicol 1 gm 
iv. TID for 48 hours 


Continue i.v. or orally according to patient's condition 
for total of 10 days 


Local instillation of antibiotic eye-drops 





Maxillo-facial wounds 


Ampicillin 1 gmi.v. QID and metronidazole 500 mg iv. 
TID for 48 hours 


Continue i.v. or orally according to patient’s condition 
for total of 5 days 





Abdominal wounds: 


1. solid organs only: liver, spleen, kidney; or isolated 
bladder injury 


2. stomach, small intestines 


3. colon, rectum, anus 





Penicillin-G 5 MIU i.v. QID 


Ampicillin 1 gmi.v. QID and metronidazole 500 mg 
iv. TID 


Ampicillin 1 gmi.v. QID and metronidazole 500 mg 
i.v. TID and gentamycin 80 mgi.v. TID 





Continue for 3 days depending on drainage 
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MIU = million international units. 
QID = quater in die (4 x day). 


TID = ter in die (3 x day). 


Please note: 


This protocol was established by the ICRC Master Surgeons Workshop held in Geneva 


in 2002 (see Introduction). 
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This section provides an overview of the necessary materials and tools. 


Materials (see Figure 1): 

We need the following material to built the basic RFID reader detector. 

- Cardboard (around 100x70 mm) 

- Conductive copper tape (e.g., order number 1218478 at www.farnell.com) 

- Capacitor 82 pF (picofarad) (e.g., order number 1138852 at www.farnell.com) 
- Low current LED (light-emitting diode) (e.g., order number 1003207at 
www.farnell.com) 


Tools (see Figure 2 and 3): 

- Craft knife and scissors 

- Insulating tape (e.g., order number 1373979 at www.farnell.com) 
- Soldering iron and solder 


RFID reader for testing (see Figure 4): 

To test our RFID tags we need an RFID reader that can operate at a frequency of 

13.56 MHz. 

There many readers for this widely used RFID standard, for instance the Sonmicro 
MIFARE USB reader (http://www.sonmicro.com/). 

Note: The Phidget RFID reader does not work with the tags created in this project, 
as it uses a different frequency for communication with the tags (125 kHz). 


Chapter 14 
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The surgeon and the foreign body 
Early indications for removal 

Late indications 


Technique for the removal of a projectile 
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14.1 The surgeon and the foreign body 


There are hundreds of thousands of perfectly healthy people walking around the 
present and past war zones of the world who have retained projectiles in their body. 
These metallic foreign bodies often catch the attention of patients and relatives, 
who impute to them any pains and disabilities they suffer from and insist upon their 
removal, even after the wound has completely healed. 


It can be very difficult, and frustrating, for the surgeon to point out to an insistent 
patient that a projectile is dangerous when moving but is no longer so when 
it has come to a stop. The incidence of late infection is low (2 - 3%)' and vascular 
embolization rare and more common with fragments than bullets. The risk of 
embolization - “migrating bullet” -— is more common in published clinical cases in the 
specialized surgical literature than it is in real life. One American study from Viet Nam 
reported a rate of 0.3 % in 7,500 cases with arterial injuries; and rarer still in the overall 
wound population.” 


The frustration is directly related to the number of patients presenting with such 
requests, who can at times be counted literally in the hundreds. The problem tends 
to be psychological and cultural rather than surgical. How can one convince a young 
combatant that the operation to remove a bullet may cause more damage than 
the bullet has accomplished? Such a foreign body in the midst of a muscle mass, 
where there are no pain receptors, is not painful and the surgeon must find a way to 
overcome the patient's subjective fixation; perhaps by making the bullet's presence a 
matter of “pride”. 


The experience of the ICRC shows that many of these operations to remove a projectile 
are risky, useless, consume time and materials, and result in new surgical trauma with 
its possible complications, often without identification and removal of the foreign 
body. There are few surgical endeavours more frustrating for an unprepared young 
surgeon than to spend two hours searching ever more frantically for an “easy” 
fragment or bullet, and finally not finding it. 


14.2 Early indications for removal 


However, as stated previously, there are indications for removal of bullets and 
fragments, which may be divided into early and late. The most important early 
indications have been dealt with in Chapter 10: as an integral part of the primary 
operation or to address the possibility of erosion of an important structure 
(Figures 10.11, 10.12 and 14.1). 


As mentioned in the latter case, whether the removal is an immediate or planned 
procedure will depend on a number of factors, especially the experience of the 
surgeon and the possible morbidity and lethality of the operation itself compared 
to the relatively low incidence of serious complications. The decision is not always 
a simple one and the reader may consider what should be done in the following 
examples (Figures 14.2 - 14.8). 





1 Rhee JM, Marin R. The management of retained bullets in the limbs. Injury 1997; 28: 23 - 38. 
2 Rich NM, Collins GJ, Andersen CA, McDonald PT, Kozloff L, Ricotta JJ. Missile emboli. J Trauma 1978: 18: 236 — 239. 


Figures 14.1.1 and 14.1.2 
Bullet lodged in full-term pregnant uterus. 
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Figures 14.2.1 and 14.2.2 


A fragment entered the forehead and is retained in the occipital region. 
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Figures 14.3.1 - 14.3.3 
A fragment has entered the parieto-occipital area. 
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Figures 14.3.4 


The fragment is evident under the bone. 
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Figure 14.4.1 Figure 14.4.2 
Nurse pointing out site of fragment entry. Radiograph showing a fragment retained 
in the neck. 
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Figure 14.5 Figure 14.6 
Bullet in the axilla: the vessels and nerves Fractured humerus with bullet retained 
are intact. in the subscapular muscles. 
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Figures 14.7.1 and 14.7.2 
Extra-synovial bullet near the hip. 
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Figure 14.8 





Fragmented bullet in extraperitoneal 
muscle mass. 
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Figures 14.9.1 and 14.9.2 


Bullet retained in vertebral column, the patient 
is paraplegic. 





Figure 14.10 


Metallic fragment located in a pressure point: 
sole of the foot. 
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The following scenarios should be added to the early indications already mentioned. 


« A small fragment in a heart chamber - the concomitant pericardial 
tamponade is an urgent condition, the removal of a retained fragment is 
not - or a fragment obviously within the lumen of an important vessel. 
The possibility, and danger, of embolization is high in these particular 
instances. Operation should only be undertaken, however, if the surgeon and 
anaesthetist are experienced and the necessary diagnostic and operative 
equipment are available. 


A projectile located in the spinal cord: emergency laminectomy and removal 
should be considered only if there is clear progressive neurological deficit 

and radiological evidence of spinal cord compression by the foreign body and 
the surgeon is experienced in this field. A definitive diagnosis of paraplegia, 
indicating that the spinal cord is irrecoverably sectioned, means that it is 
already too late. 


Small metallic fragment penetrating the eye: removal is indicated if located 
in the anterior chamber, again, only if the surgeon is experienced, and 
magnification, proper instruments and suture material are available. 


14.3 Late indications 


Late indications are largely the result of the complications listed below. 


Sepsis 

If the projectile, along with surrounding contaminants, is acting as a nidus for 
infection: an abscess or sinus. The removal is performed as a planned operation after 
the necessary diagnostic procedures (X-ray, sinugram, etc.). 


Pain 

If located superficially, especially if over a pressure point (palm of hands, sole of foot, 
elbow, etc.), the projectile will cause true pain. The removal may be performed as an 
elective procedure after healing from the acute trauma. 


Pain 
If the foreign body is impinging on a nerve and causing radicular pain or 
paraesthesia. As above, the removal is performed as a planned operation. 
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Figure 14.11.1 Figure 14.11.2 


Bullet in antero-lateral compartment of the leg Bullet not pressing on a nerve. 
pressing on common peroneal nerve. 
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Lead toxicity 

This is extremely rare, usually involves a synovial joint or intervertebral disc, and 
surgery should be contemplated only if there is documented elevation of serum 
lead level (above 10 micrograms/dl in children and 40 micrograms/dl in adults). 
The response to an EDTA (ethylene diamine tetra-acetic acid) challenge is a 

useful diagnostic test. Standard chelation therapy is instituted (EDTA, dimecaprol, 
d-penicillamine, succimer) and the surgical removal of the metal should not 

be performed before serum lead levels have been reduced to avoid acute lead 
poisoning.’ This complication does not arise with an intact, full metal jacket bullet 
where no lead filling has spilled out. 


We shall not deal with wounds not related to armed conflict where the bullet may 
be required as part of a legal and forensic investigation. National law of the country 
concerned determines what exactly can be done while not subjecting the patient to 
unnecessary harm and suffering. 


14.4 Technique for the removal of a projectile 


For those patients requiring removal of a deeply-seated metallic fragment or bullet, 
proper localization prior to surgery is of the utmost importance. Most rural or 
provincial hospitals do not have fluoroscopy or an image-intensifier in the operating 
theatre enabling the surgeon to operate under direct vision. 


A simple stereotactic technique to assist localization involves taping a series of radio- 
opaque objects (paper clips, injection needles, Kirschner wires) to the body part, both 
anterior and lateral surfaces, to act as guides. Plain X-rays with antero-posterior and 
lateral views are taken. The radio-opaque object is then removed and its position on 
the skin marked with a felt pen. 


By looking at the two X-ray views, the surgeon can estimate the relative distance of 
the bullet from the radio-opaque objects in the axes both across and in the depth of 
the body part — e.g. half-way between the second and third paper clips in the A-P 
view and one-third of the way between the first and second paper clips in the lateral 
view. The idea is to use two-dimensional X-rays to extrapolate into three dimensions. 
The films should be taken on the morning of the operation and the patient should be 
undressed (combatants often carry bullets in their pockets). 


bullet - 
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Figure 14.12.1 and 14.12.2 


Stereotactic localization of metallic foreign body. Safety-pin is anterior and paper clip lateral. 


In due course, the body will form tough avascular scar tissue around the metallic 
fragment: a foreign body granuloma. This includes other foreign matter and dirt, and 
should be excised together with the projectile. 





3 Linden MA, Manton WI, Stewart RM, Thal ER, Feit H. Lead poisoning from retained bullets: Pathogenesis, 
diagnosis, and management. Ann Surgery 1982; 195: 305 - 313. 
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Advanced material (see Figure 5): 

The following material is necessary to build the second part of the project: the tilt- 
sensitive RFID tag. 

- Micro tilt switches (e.g., www.digikey.com) 

- RFID ICs (e.g., MIFARE Standard 1k, part no. 568-2219-1-ND at 


www.digikey.com) 


Add Tip Ask Question 


Step 2: Building the RFID Antenna 
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ANNEX 15. A Nutrition in major burns: calculating nutritional requirements 
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BURN INJURIES 





15.1 Introduction 


Burns are a common event in a war environment. Flame weapons, explosive blast 
and ignition of combustible materials all create burn hazards. The causal agent 
may be thermal, chemical, electrical, or linked to radiation. Each cause has specific 
consequences that may require specific assistance. 


A serious burn injury is a painful and life-threatening event requiring an inordinate 
amount of hospital resources and nursing care. The most immediate threat to life is 
an impaired airway due to inhalation of hot air and smoke with consequent oedema; 
the most important subsequent threats to life are from hypovolaemic shock and 
infection, followed by the complex pathophysiological effects which continue after 
injury. It is associated with many complications, prolonged morbidity, multiple 
operations, and great demands on equipment, materials, medical and nursing time. 
The long-term sequelae, physical, cosmetic and psychological, deeply affect the 
morale of both patients and staff. Modern burn centres have made great progress 
in the successful treatment of major burns, but such facilities are never available in 
situations of limited resources. 


Nevertheless, the principles of treatment are the same, and the aim is to do the best 
one possibly can under the austere circumstances, where stark reality imposes its 
frustrating limitations. Surgery will have the greatest impact on young people with 
small but potentially crippling injuries such as bilateral hand burns. Patients with burns 
covering 40 - 50% of the total body surface will rarely survive under field conditions 
and are best treated by giving sufficient fluids to relieve thirst, and generous amounts 
of analgesia. In a triage situation of mass casualties they are considered Category IV: 
i.e. given supportive treatment only. 


15.2 Pathology 


15.2.1 Burn depth 


Burns involve varying amounts of injury to the skin, partial or full thickness, and classically 
correspond to three degrees of burn depth of increasing severity (Figure 15.1). 


First degree burns: 
First degree burns, or superficial burns, are painful, red, and have no blisters. They will 
heal on their own. 


Second degree burns: 

These may be superficial or deep partial-thickness burns. They are invariably blistered 
and the blister floor is usually pink or mottled red in appearance and the surface is 
moist. The less they blanch with pressure, the deeper they are. They are painful and 
have some sensation to pinprick. Hairs will be difficult to pluck out if the base of the 
follicle is alive. Most will eventually heal by a combination of re-epithelialization and 
wound contraction, but often with a seriously disabling scar contracture. Some will 
benefit from appropriate skin grafting. 


Third degree burns: 

These refer to full-thickness burns. Destruction of the full thickness of the skin gives 
a charred, leathery or waxy appearance. Any surviving hairs pull out easily. The burns 
are usually dry and have no sensation. Injury may extend to the muscles and deeper 
tissues. They are normally caused by flames, immersion in very hot liquids, electric 
current or chemicals. Smaller full-thickness burns will eventually heal by contraction 
but this inevitably causes severe deformity and loss of function. They are best treated 
by skin grafting. 
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Figure 15.2 


Different regions of a burn wound have different 
depths of damage: central eschar of full- 
thickness burn surrounded by areas of partial- 
thickness burn. 
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First degree burn: superficial epidermis. 


Second degree burn: superficial partial 
thickness. 


Second degree burn: deep partial thickness. 





Third degree burn: full thickness and may 
extend beyond the dermis. 











Figure 15.1 
Histology of the skin and degree of burn depth. 


Different regions of a burn wound have different depths of damage. A burn is basically 

an ischaemic three dimensional wound with: 

+ azone of coagulation — a central area of irreversible skin death that creates the 
eschar; 

+ azone of stasis — a middle layer of damaged but viable tissue with a significant 
inflammatory reaction, but an early stasis of local blood flow; 

+ azone of hyperaemia — a deep and peripheral area that looks like cellulitis, but is 
only hyperaemic. 


Appropriate fluid resuscitation preserves cells in the zone of stasis, but subsequent 
infection or drying of the wound can rapidly enlarge the injury, both peripherally and 
in depth. 





15.2.2 Pathophysiological changes 


The most important pathophysiological change from thermal injury is increase in 
capillary permeability, which, if resuscitation is successful, returns to normal within 
24 - 48 hours. Plasma water and proteins up to a molecular weight of 350,000 
are freely exchanged between the intra- and extravascular compartments of the 
extracellular space. A strongly negative interstitial fluid pressure develops that 
creates a strong “suction” in the burnt tissue. If the affected area is very large, these 
changes become widespread with the loss of important amounts of fluid from the 
vascular compartment. 


This loss is most marked in the region of the burn wound and accounts for the local 
oedema, which peaks at 6 — 12 hours post-burn. However, with aggressive crystalloid 
resuscitation in large wounds (>25 — 30% of the total body surface area or TBSA), 
the hypoproteinaemia causes a systemic disorder resulting in generalized oedema of 
non-injured skin and internal tissues, above all swelling of the larynx, and resultant 
obstruction to the airway, and abdominal compartment syndrome. 


For further details on abdominal compartment syndrome, see Volume 2. 
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There is an associated rapid rise in the haematocrit which, together with 
polymerization of some plasma proteins, causes a marked increase in blood viscosity. 
The immediate danger linked to the sequestration of fluids in the extravascular space 
is hypovolaemic shock and, with haemoconcentration, acute tubular necrosis and 
renal failure. The loss of skin cover, and its function as a regulator of temperature, 
means that hypothermia, with its complication of coagulopathy, is an ever-present 
danger (see Chapter 18). 


15.2.3 Types of burns 


Flame and scald burns are by far the most common. Flame burns are usually 
deep and appear so at presentation, whereas scald burns may appear much less 
severe at first; experienced burn surgeons usually withhold prognostication 
until they have inspected them on the third day. Contact flame burns are 
typically very deep at the centre, which should be taken into consideration if 
they are to be operated on. 


Electrical burns fall into two distinct categories. Flash burns occur when a 
person causes a short circuit and resulting electrical flash, but no current travels 
through the body. These may be treated as regular thermal injuries. High voltage 
(>1,000 volts) electrical conduction injuries — the current travels through the 
body and is characterized by the “can’t let go” phenomenon - are “iceberg 
injuries” as they usually present with small cutaneous wounds and severe deep- 
tissue damage. 


Chemical burns are caused by particular agents: acids, alkalis, and specific compounds 
(napalm, phosphorus, vesicants, etc.), with their individual characteristics. 


15.2.4 Extent of burns 


The sequestration of large amounts of fluid and plasma proteins in the extravascular 
space is a function primarily of the extent of burnt tissues. It is thus important to 
estimate the total body surface area that has been burnt. The depth of the burn must 
also be taken into account; only second and third degree burns are included in the 
estimation of TBSA. 


The simplest calculation is best done using the “Rule of Nines” (Figure 15.3). The size 
of the patient’s hand (including palm and fingers) is about 1% of TBSA. 


The head and neck of a child under one year of age represent about 18% and the 
lower extremity 14% of TBSA (Figure 15.4). With age these figures gradually change to 
adult proportions. 


Although it is difficult to grade the severity of burn wounds, the following provides a 
rule of thumb. 


Minor: 
* second degree less than 15 % TBSA; 
+ third degree less than 3% TBSA. 


Moderate: 
+ second degree 15 —- 25% TBSA; 
+ third degree less than 10% TBSA. 


Major: 
* second degree more than 25 % TBSA; 
+ third degree more than 10% TBSA. 

















Figure 15.3 


“Homunculus” diagram showing the “Rule of 
Nines” to assess burnt surface area in an adult. 

















Figure 15.4 


Assessment of burnt surface area in a child 
“homunculus”. 
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15.3 Burn management 


The management of burns follows a series of standard measures as with any wound 
or trauma. 


1. First aid. 


2. Resuscitation: 
— airway; 
— breathing; 
- circulation / fluid replacement therapy. 


3. Analgesia. 

4. Prophylactic antibiotics. 
5. Tetanus prophylaxis. 
6. Nutrition. 

7. Hypothermia. 


8. Wound management. 


15.3.1 First aid 


Rescuers should first ensure that the scene is safe and take suitable precautions 
if un-ignited fuel, explosives, electricity, or chemical agents are present. The 
patient should be removed to safety and clean fresh air, and the vital signs 
assessed. If available, oxygen should be provided if there is any indication of 
smoke inhalation. 


The burn should then be cooled with water or wet towels (for 20 minutes), and covered 
to reduce pain. The patient should not, however, be left wrapped in cold wet material so 
long as to provoke hypothermia. After cooling the burn, keep the patient warm. 


If evacuation to the hospital is delayed and the airway is not at risk, the patient should 
be encouraged to drink plenty of small quantities of fluids often and regularly, and 
the colour and volume of the urine monitored. 


15.3.2 Resuscitation 


The following elements should be determined: 

+ nature of the causal agent - flame, scald, contact, electrical conduction, electrical 
flash, chemical; 

+ possible aggravating factors — additional trauma, smoke inhalation (fire in an 
enclosed space equals smoke inhalation); 

+ time since injury — fluid resuscitation is calculated from the time of burn, not the time 
the patient arrives at hospital. 


As with all injured persons, examination begins with the ABCDE sequence. Deep 
burns to the face, neck or anterior chest cause laryngeal oedema, which increases 
dramatically with fluid resuscitation. Inhalation of smoke, hot gases or chemical 
products contributes to this swelling. However, critical laryngeal oedema can occur in 
any deep burn to this important area. The patient should be checked for burnt hair in 
the nostrils or soot in the nose, mouth or sputum. 


The airway must be secured and kept open, preferably by tracheostomy. This should 
be performed before the airway is compromised since it will be very difficult once 
oedema has closed the airway and cutting through oedematous tissues can be bloody 
and complicated. 
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Please note: 


Because of this oedema even the tracheostomy hole will disappear in the depths of 
the tissues. Rather than an ordinary tracheostomy tube, an endotracheal tube should 
be inserted in the tracheal opening. 


True smoke inhalation induces carbon monoxide poisoning and a chemical 
pneumonitis related to the inhalation of hot toxic gasses. Carbon monoxide poisoning 
should be assumed in any person found unconscious at the scene of a fire, and is 
treated by administering as high a concentration of oxygen as possible for 6 hours. 


Increased fluid requirements early in resuscitation suggest severe inhalation injury, 
which may not appear on a chest X-ray until the second or third day. Inhalation 
injuries increase the 24-hour fluid requirements by 1 — 2 ml per kg of body weight per 
percentage of TBSA (1 — 2ml/kg/%), about 50% increase. Hypoxia and hypercapnoea 
despite maximal oxygen supplementation or ventilation are ominous signs. Serious 
cases of smoke inhalation will not usually survive without mechanical ventilation. This 
can be difficult to organize in a setting offering limited resources. 


The sequestration of large amounts of fluid and plasma proteins in the extravascular 
space produces hypovolaemic shock. 


Please note: 


Only second and third degree burns should be included in the estimation of the 
percentage of TBSA. Therefore, the patient must be completely exposed and the 
extent and depth of the burn carefully estimated using the “Rule of Nines” The patient 
should be weighed and the“homunculus” diagram used to assess and mark the extent 
of the injury. Particular attention should be paid to circumferential burns which may 
require escharotomy. 


The natural tendency is to overestimate the extent of the burn. In controlled series this 
has been shown to be up to 25%. A good idea is to first calculate the burnt area and 
then the area which is not burnt; the total should add up to 100%. Another natural 
tendency is to underestimate the depth of the burn; periodic re-examination will help 
to determine this better. 


Patients with burns of moderate and major severity should get a Foley catheter placed 
in the bladder to monitor the hourly urine volume, which is the most important 
single measurement for adequacy of resuscitation. A nasogastric tube should also be 
passed and, if there is no acute gastric dilatation, enteral feeds can be started within 
the first 24 hours. Early feeding through the nasogastric tube and appropriate acid 
suppression (antacids, H2 blockers) prevent acute haemorrhagic gastritis, which 
is usually fatal. Where maintaining an iv. line is difficult, fluid resuscitation may be 
administered via the nasogastric tube or even orally in smaller burns. This may be 
particularly useful in small children. 


Adequate analgesia (intravenous narcotic) is necessary at all stages of burn 
management. ICRC practice is to give penicillin for the first five days to prevent 
invasive haemolytic streptococcal infection; any other infection is treated ad hoc. 
Tetanus prophylaxis must be instituted as required. Other associated injuries 
(penetrating wounds, fractures, etc.) must be diagnosed and treated in parallel with 
the burn wound. 
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15.3.3 Initial fluid replacement therapy 


Given adequate initial resuscitation with crystalloids, the capillary integrity is mostly 
restored within 18 - 24 hours following the burn. At this point, colloid can be given 
and will stay within the vascular compartment, increasing the plasma volume. Cardiac 
output will respond to fluid replacement long before blood and plasma volumes 
return to normal and a first, mild diuresis begins at about 12 hours after fluid therapy. 
Red cell life is reduced and although replacement of red cell mass is not necessary for 
the first 48 hours, for major burns blood transfusion will probably be necessary after 
this time. 


Most minor burns presenting less than 15% TBSA second degree damage do not 
require formal fluid resuscitation and can be treated with oral fluids, and patients can 
be managed on an outpatient basis. (Some surgeons prefer to hospitalize even a 3 % 
full-thickness burn, especially to the face, hands or feet.) Moderate and major burns 
require hospitalization and intravenous fluids. The ICRC uses the modified Brooke/ 
Parkland formula' for fluid resuscitation. 


There are three phases in resuscitation therapy. 


1. First 24 hours following the infliction of the burn wound (not from the start of 
treatment). 


2. Second 24 hours. 
3. After 48 hours. 
The first 24 hours 


Ringer's lactate is the fluid of choice. Administration should be divided into three 
8-hour periods. 





Fluid administration should start at the low end of the formula (2 ml/kg/%; for 
children start at 3 ml) and the hourly urine output monitored. There is a non-linear 
relationship in burn patients between the infusion rate and the urine flow. Normal 
urine flow is described as 0.5 - 1.5 ml/kg/hour. The lower limit should be aimed for, 
and any increase above this should call for a lowering of the infusion rate to avoid 
over-resuscitation. 


Apparently, there is a natural “oedema-limiting mechanism” related to the amount 
of fluid that is easily mobilized from plasma into the burnt areas. Giving more fluid 
to maintain tissue perfusion and urine flow above this level may close down this 
mechanism and lead to more tissue fluid sequestration (tissue is a “fluid addict”); 
giving even more intravenous fluid does not lead to improvement. 


If the urinary output is low and does not respond to increased infusion in the second 
eight-hour period, the third eight-hour period Ringer’s lactate should be replaced 
with colloid, plasma or 5% albumin if available. If the vascular compartment is well- 
filled, however, but the patient is not making urine, the kidneys are likely to be failing 
and may respond to furosemide or mannitol. 





1 Brooke formula: 2 ml/kg/% TBSA for first 24 hours; Parkland formula: 4 ml/kg/% TBSA for first 24 hours. 


2 Sjéberg F. (Department of Anaesthesia and Intensive Care, University Hospital, Link6ping, Sweden.) Monitoring 
of Resuscitation Adequacy. Proceedings of the International Society for Burn Injuries, 42nd World Congress of 
the International Society of Surgery; 2007 Aug 26 - 30; Montreal. 
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Other clinical vital signs must be closely watched, particularly the peripheral 
circulation, the patient's general condition, such as consciousness, restlessness, 
nausea or vomiting, and the haematocrit. 


Constant monitoring is required and, after 12 hours, the patient's condition and fluid 
requirements should be reviewed and recalculated. 


Please note: 


Not only is there a natural tendency to overestimate the TBSA but, in much 
contemporary clinical practice, it has been discovered that over-resuscitation has 
become more common and more of a problem than under-resuscitation. The 
traditional fear of renal failure has led many clinicians to administer an excess of 
fluids. This has been called “fluid creep”? or “resuscitation morbidity” and manifests 
itself most commonly as pulmonary oedema and, later, abdominal compartment 
syndrome, delayed wound healing, increased susceptibility to infection, and multiple 
organ failure. It should be remembered that the fluid resuscitation formula is only a 
guideline, and actual amounts of i.v. fluids should be adapted accordingly. 


The second 24 hours 





If plasma is safe and available, theoretically it is best given at this stage. Albumin 5% 
run at 50 ml/hour for 2 — 3 days is an expensive alternative, but the evidence to support 
either strategy is very slim. Otherwise, and in ICRC practice, Ringer’s lactate should 
continue to be given at the rate of one-quarter of the first day’s volume; intravenous 
fluid should be adjusted to urine output and enteral feeding increased as tolerated. 
This will provide not only essential nutrition but free water to cover evaporative losses 
from the burn wound. 


15.3.4 Monitoring resuscitation 


Clinical evaluation is particularly important in the absence of sophisticated means and 
laboratory measures. A clear sensorium, good tissue perfusion, good pulse, and an 
adequate urinary output are all signs of good progress. Less and less fluid is needed 
at the end of resuscitation in order to maintain urine volume. A flow sheet should 
be used to monitor vital signs and fluid input/output. The patient should be serially 
weighed if possible. 


15.3.5 After 48 hours 


Mobilization of burn wound oedema causes an expansion of the blood volume and 
results in massive diuresis, high cardiac output, tachycardia and anaemia. The better 
the fluid management in the first period - avoiding over-resuscitation — the less 
pronounced these clinical signs and the more stable the patient will be. 


If available, plasma or albumin should be given to maintain serum albumin of 20 g/l 
and blood to maintain haemoglobin greater than 70 g/l. Deep burns cause greater 
anaemia. Fresh whole blood is best. Potassium, calcium, magnesium and phosphate 
are generally excreted in large amounts at this time, and should be supplemented 
where possible. 





3 Pruit BA Jr. Fluid and electrolyte replacement in the burned patient. Surg Clin NAm 1978; 48: 1291 - 1312. 
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Figure 15.5 
Old flame burn to the leg. 
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15.4 Burns presenting late 


Often, patients with severe burns present late. Those presenting after a delay, but 
within the first 24 hours, should receive fluid resuscitation and an attempt should 
be made to infuse most of the calculated volume by the end of 24 hours from the 
time of burning. 


Patients presenting after 24 hours will probably need some fluid but the amount 
should be guided primarily by clinical assessment of hydration and renal function. 
Patients who have survived the first 72 hours without renal failure have compensated 
the losses themselves (usually with oral fluids); they may require some rehydration 
but infection of the burn wound is the main concern. For those presenting weeks 
after the burn, infection is compounded by poor nutritional status, anaemia, and 
hypoproteinaemia. In these cases steps should be taken to control infection (debride 
grossly infected necrotic tissue) and to improve nutrition before any definitive surgery 
is undertaken. Early creation of a feeding gastrostomy should be considered. 


15.5 Nutrition 


Catabolism is particularly elevated in burn patients, especially those losing large 
amounts of protein through open wounds, and healing will require an important 
increase in caloric and protein intake for a lengthy period. Early enteral feeding is 
very important in maintaining gut function (reducing gastroparesis), and preventing 
complications. Major burn patients may require more than twice their normal protein 
and calorie intake until their wounds have closed. Nutritional requirements may be 
easily calculated for the individual patient (see Annex 15. A: Nutrition in major burns). 


Blenderized enteral feeding solutions can readily be made from commonly available 
local foods and can be delivered by naso-gastric tube, gastrostomy or jejeunostomy. 
Especially when dealing with burn wounds that are weeks to months old, the patient's 
nutritional status should be evaluated and improved before any attempt is made at 
skin grafting or both the graft and the donor site risk delayed or failed healing. 


15.6 Care of the burn wound 


After successful resuscitation of the patient has been achieved, the next greatest 
threats to life that must be addressed are the burn wound itself and the complications 
of sepsis. 


The aim of treatment is to achieve healing of the burn by the following measures. 

1. Control of bacterial colonization by removal of all dead tissue. 

2. Prevention of accumulation of purulent fluid and debris. 

3. Prevention of secondary bacterial contamination. 

4. Maintenance of an environment which promotes wound healing. 

5. Avoidance of techniques or treatment which will damage the healing burn wound. 


Most of the morbidity and mortality associated with major burns are the result of 
infection. All the methods for cleaning the wound, excising dead tissue and treating 
the burn are directed towards the control of “burn wound sepsis”. 


Untreated, eschar desiccates and sloughs off by means of bacterial enzymatic invasion 
of the plane between viable and non-viable tissue. Full-thickness burns will require 
skin grafting to heal properly; otherwise, healing will be by fibrous tissue contraction 
alone with chronic open wounds and disabling scar contracture. 
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In partial-thickness burns, viable areas of dermis underlie the necrotic tissue and 
if sufficient epidermal cells remain at the base of skin appendages, such as sweat 
glands and hair follicles, re-epithelialization will gradually take place if given the 
right conditions. 


Infection will transform a partial-thickness burn into a complete-thickness one. 
Because of the complete or partial ischaemia associated with burn wounds, systemic 
antibiotics may not reach the site of bacterial colonization. Local treatment, both 
mechanical and antimicrobial, are the basic elements of wound care. 


15.6.1 Initial wound management 


Initial wound toilet should be undertaken after resuscitation has begun and proceed 
in parallel. Once the patient’s condition has stabilized, attention can be turned to 
more definitive measures. 


Any constricting agents (rings, wrist-watch, jewellery, etc.) should have been removed 
on admission. The patient should be sedated and the burn wound gently washed with 
soap and water. Freely running, clean water, without excess pressure but a regular 
flow and at a temperature comfortable for the patient, is best. This will cool the burn, 
decrease pain, and remove superficial debris and adherent clothing. 


Small intact blisters may be left undisturbed but large, bloody, or pus-filled blisters, and 
those which interfere with joint movement, should be unroofed and debrided. Large 
burn wounds may be more easily cleaned by placing the patient in a shower. Baths 
should be avoided because of the attending logistical difficulties and the danger of 
cross-infection under field conditions. The routine daily immersion of burn patients in 
filthy tubs of cold water is to be condemned. 


Particular attention should be paid to circumferential deep burns. During the 
first 48 hours the increasing oedema of the tissues and the thick unyielding burn 
eschar may result in a tourniquet effect. Circumferential burns of the chest will restrict 
breathing and those of the limbs will cause peripheral ischaemia which can lead to 
amputation. This disaster is easily averted. 





Escharotomy should be performed with a sharp knife or electric diathermy through 
the burnt skin into the subcutaneous fat. 


Escharotomy incisions are placed in the mid-lateral and mid-medial lines of the 
affected extremity and should extend up to, but never include, unburnt skin. A“T-cut” 
at each end of the escharotomy allows tissue to expand without causing an acute 
constriction at the end of the incision. On the hands, the mid-lateral incisions coming 
down each side of the forearm should be swung onto the dorsum, and branched to 
make a single escharotomy incision down the mid-lateral line of each finger on its 
less-used side. (i.e. ulnar side of thumb, index and ring finger; radial side of middle 
and little finger). 


A thoracic escharotomy begins at the midclavicular lines, continues along the 
anterior axillary folds down to the costal margin, and across the epigastrium to the 
xyphoid process. 


Please note: 


Few patients who truly need a thoracic escharotomy will survive without 
mechanical ventilation. 
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Figure 15.6 


Burn to the face with intact blisters. 
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Figure 15.7.1 


Sites for escharotomy incisions. 
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Figure 15.7.2 


Placing for escharotomy incisions on the hand. 
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Figure 15.7.3 


Escharotomy incision of the arm. 
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This step describes how to build the antenna for the RFID tag. 


Building the RFID tag antenna 

To build the tag's antenna follow these three steps. 

1. Cut the conductive copper tape into thin stripes of around 2mm (see Figure 1). 
2. Tape these stripes (See Figure 2) in loops around one half of the cardboard (see 
Figure 3 for the layout of the antenna). The tag should have between 3-4 loops for 
the antenna. 

3. Solder all the connections between the copper tape. Sometimes, this isn't 
necessary as the tape's adhesive backing is conductive, but solder the connections 
if you want to be on the safe side. 


Now we have created our RFID tag antenna, and we will add the "RFID reader 
detection" functionality in the following step. 


A little background 

RFID readers transmit an electromagnetic (EM) field with their reader antenna. This 
EM field induces a current in the antenna for all RFID tags within reading distance. 
This induced current activates the RFID chip that is connected to the tag's antenna. 
This chip then modulates a response (usually the unique ID number) that is 
transmitted back to the reader. The antenna of an RFID tag is usually a thin copper 
wire that is arranged in loops. The loops allow the emitted EM field of the RFID 
reader to induce current to the antenna of the tag. 


Add Tip Ask Question 
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Figure 15.8 


Paraffin gauze and occlusive dressings. 


Figure 15.9 


Plastic bag modification of occlusive dressing. 
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Though full-thickness burns are usually anaesthetic, the escharotomy should be done 
with some form of anaesthesia as the edges can be very painful and the cut goes into 
the subcutaneous fat. Ketamine is ideal. 


Particular attention should be paid to burns with underlying fractures or burns extending 
deep into the fascia; these can create a compartment syndrome. Formal fasciotomy, 
with excision of the aponeurosis, may be necessary in addition to escharotomy. 


Severe perineal burns may necessitate faecal diversion. 


15.6.2 Local care 


Care of burn wounds involves an extraordinary amount of nursing care. The method 
used depends on the depth, extent, and location of the burn. ICRC surgical teams use 
occlusive dressings — and its plastic bag modification — and open therapy; both with a 
topical antibacterial agent. 


Many antibacterial compounds can be used. Silver sulphadiazine (Flamazine®) and 
silver nitrate solution are unique in that they can penetrate the wound surface and 
reach the bacteria beneath it; therefore, they are best for infected full-thickness burns. 
Antibiotic ointment (polymyxin/bacitracin or similar) and paraffin gauze is another 
excellent dressing, particularly for partial-thickness burns with no eschar. Honey and 
ghee dressings can be used where expensive compounds such as silver sulfadiazine 
are scarce. Equal parts of honey and either ghee (clarified butter), or oil, are mixed 
together and poured over open sheets of gauze in a pan. The honey provides a 
hyperosmotic environment that discourages bacterial growth and the ghee or oil 
keeps the gauze from adhering. Silver nitrate solution (0.5%) is effective but oxidizes 
easily, staining everything it contacts black. Other agents used around the world 
include gentian violet, which desiccates the burn, tea which tans the burn like leather, 
papaya and banana leaf, boiled potato skins, fermented fish sauce, and Amazonian 
frog skin. In some instances local methods may be preferable to imported products. 


Occlusive dressings 

Bulky sterile dressings relieve pain and are comfortable for the patient, and protect 
the burn wound from infection. They absorb serum and exudate and foster a moist 
healing environment by keeping the injured part immobile and warm; they contain 
antibiotics able to penetrate the dead eschar (i.e. silver sulfadiazine ointment). 


The dressings have three components: an inner layer of a liberal application of silver 
sulphadiazine covered by fine-mesh gauze or paraffin gauze; a middle layer of large 
gauze-wrapped absorbent cotton pads, which absorb the exudate and protect the 
wound; and an outer layer of bandages that secures the dressing. 


If the dressing becomes soaked through, the outer layers should be changed or 
bacterial contamination will occur by capillarity. Dressings should be changed every 
day or two under adequate analgesia, and the old silver sulphadiazine washed off in 
the shower. The wounds should be inspected and gently cleaned at dressing time, 
and morsels of dead eschar removed with scissors and forceps. 


Occlusive dressings are best for small burn areas, especially on the limbs, or when 
hygienic conditions are less than optimal. 


The plastic bag or surgical glove method 

This method is used for burns to the hands and feet. After cleaning the burn and 
applying silver sulphadiazine directly to the wound with a spatula or the gloved hand, 
a plastic bag is used as a glove or a sock, tied around the wrist or ankle. It must not 
be too tight. The limb should be kept elevated to reduce swelling. The burnt area will 
be kept moist and movement of the joints, both passive and active, is encouraged. 
A surgical glove may also be used instead of a plastic bag; it allows for more mobility 
during physiotherapy. 
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Open therapy 

Where resources are inadequate to allow for occlusive dressings, this is the method of 
choice — as well as being the standard method for burns of the face and perineum - 
but requires clean and isolated surroundings, and the ambient temperature must be 
warm; hypothermia is to be avoided at all costs. 


The patient is placed on clean sheets and the burnt area left completely exposed. Silver 
sulphadiazine ointment is applied to the burn wound liberally with a sterile gloved 
hand and repeated twice daily or as required. If the room is cold, the patient may be 
covered with a clean sheet and blanket draped over a frame to prevent contact with 
the wound. The entire bed should be kept under overhanging mosquito netting. 


The advantages of this method of treatment include simplicity of examination 
of the burn wound and ease of nursing care. It also allows early mobilization 
by physiotherapy. 


The disadvantages are pain, odour, and desiccation of the wound, delayed eschar 
separation and hypothermia. Frequent showering is required to wash away exudate 
and fragments of softened eschar. The bed linen must be changed regularly; it is 
readily dirtied by the burn exudate. Local customs and religious practice may limit the 
use of this “open” method. 


Facial burns are best treated open with frequent gentle cleansing and application 
of moist warm saline gauze soaks, interspersed with application of topical antibiotic 
ointment (e.g. polymyxin/bacitracin). Beards and facial hair growing through the 
burn should be shaved at least every two days to prevent accumulation of exudate 
which may harbour infection. Antibiotic eye ointment should be applied frequently 
to the conjunctiva if the lids are burnt and retracted, to prevent keratitis and corneal 
ulceration. The lids should only very rarely be sutured together (blepharoplasty) as the 
sutures almost inevitably pull out causing yet more damage to both lid and globe. 


15.7. Closure of the burn wound 


The preparation of the burn wound and its subsequent closure are the two main steps 
in the surgical management of burns. The type of surgery required depends upon the 
skill and training of the surgeon, the specific burn injury, and the facilities available 
to support the treatment, especially the availability of blood for transfusion. Like all 
other injuries treated under difficult circumstances, great judgement is required to 
select the technical procedure that is appropriate. 


Partial-thickness burns will generate new epithelium on their own if infection is 
prevented. The wounds should be inspected carefully as they progress. In superficial 
partial-thickness burns (and donor skin graft sites) epithelial cells grow out from 
around tiny skin appendages giving a typical “leopard spot” appearance in those with 
pigmented skin and, on close inspection, a slightly dull, silvery coat of epithelial cells 
may be seen growing atop the dermis (Figure 15.12.1). Tiny white pearls of epidermis 
herald re-growth and healing; areas of raspberry-red granulating dermis or fat do not 
have sufficient epidermal cells to heal (Figure 15.12.2). A “nicely granulating” burn 
wound is not a good thing unless there is a plan to graft the wound. 








ICRC 


Figure 15.10 
Open burn therapy with frame. 
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Figure 15.11 
Healing burn to the face. 
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Figure 15.12.1 Figure 15.12.2 
Partial-thickness burn well on the way Granulating burn: no healing. The pale colour of the 
to healing. granulations indicates that the patient is anaemic. 


For full-thickness burns, the eschar may be removed completely in a single procedure 
or in a number of stages. The aim of treatment is to prepare the wound for eventual 
closure and to prevent colonization by bacteria and fungi. 


15.7.1 Mechanical cleansing and debridement 


Thorough cleaning and removal of debris and fragments of eschar are performed at 
each dressing session. Gentle washing and sharp debridement of dead skin fragments 
should be combined with thorough irrigation with water. The surface can then be 
cleansed with a mild disinfectant (dilute hypochlorite solution, detergent soap) 
and thoroughly washed again with water. Silver sulphadiazine is reapplied. Where 
resources are scarce, the cycle of dressing and plucking can be continued until the 
wound is completely free of eschar. This gives partial thickness burns the optimum 
chance to re-epithelialize and minimizes the area that will require grafting. Such 
patients need large amounts of nursing time, dressing material, and will probably 
require blood transfusion even without surgery. 


15.7.2 Surgery 


The most difficult decisions in burn care involve the timing and extent of surgery. 
Judicious staging of burn surgery is highly important and, where possible, should 
take into account the patient's livelihood. Donor and graft areas should be matched 
in advance and the process broken down into manageable parts. Attention should be 
paid to how the body parts will be positioned for the operation: if the plan is to graft 
the arm, it should be seen to before the hand as the latter will be needed to hold up 
the arm for surgery. 


The hands, feet, and joint surfaces are considered priority areas in order to re-establish 
function; early grafting of these parts must be balanced against the metabolic 
advantages of closing larger areas on the limbs and torso. At least two weeks should 
pass before grafting of facial burns is considered, as even quite deep burns may go on 
to heal on their own. Eyelids are the first priority here. 


Tangential excision 

The removal of the full thickness of the burn wound is performed in a single session. 
Early tangential excision and immediate grafting of burns reduces mortality, 
morbidity, suffering and hospital stay while improving functional and cosmetic 
results, but it requires considerable resources and is impracticable for areas larger than 
10% TBSA outside specialized burns centres. It is bloody surgery. 
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Most field surgeons should be conservative with regard to this technique. It is, 
however, recommended in ICRC practice for small burnt areas, especially on the face, 
hands and feet, and over joint surfaces. 


In tangential excision of the eschar, the superficial layers of the burnt tissue are 
progressively shaved away by knife, dermatome or cutting diathermy until viable 
tissue is reached. Traditionally, this is determined by the appearance of copious 
punctuate bleeding. It is accompanied by significant blood loss and is the most 
important limiting factor of this technique. 


Blood loss can be reduced by Esmarch bandage exsanguination of the limb and a 
tourniquet, and subcutaneous infiltration of a dilute adrenaline solution (1:500,000); 
in the face, lidocaine with adrenaline can be used. The subcutaneous infiltration of 
some type of fluid (saline, dilute adrenaline solution, or local anaesthetic), causes a 
local tumescence that facilitates the excision. With adrenaline solution, as dead burn 
eschar is sliced away, the surgeon should look for a level with visible pearly white 
dermis, or glistening yellow fat, and no capillary thrombosis. After excision, larger 
bleeders should be cauterized and the wound wrapped for ten minutes with gauze 
soaked in adrenaline solution. The wrapping should be removed, and the process 
repeated until there is no active bleeding, before the skin graft is applied. 


When tangential excision is successful, only dead tissue is removed. It can be difficult 
to judge how much to take away in order to leave a viable layer that will take an 
immediate skin graft. 


Face 

The skin of the face, particularly the beard areas on males, is very thick and well 
populated with deep epidermal cells that will provide for re-epithelialization if given 
time. If there is any doubt about the depth of burn on the face it is best to wait two 
weeks before tangential excision. 


As mentioned, face burns are treated by the open technique with warm wet gauze 
soaks, gentle cleaning and shaving every second day, and the application of a local 
antibiotic ointment. Severe face burns will require scraping and cleaning under 
general anaesthesia to properly evaluate which areas are healing and which will 
eventually need grafting. Gauze soaked in an adrenaline-saline solution (1:33,000) 
should be used and pressure applied to control bleeding. When clean, a thin coat of 
antibiotic ointment should be applied and the previous dressing routine resumed 
while waiting to decide whether to excise and graft. 


Excision of a small deep burn to the face can be performed under local lidocaine with 
adrenaline anaesthesia; larger areas require general anaesthesia, but simultaneous 
subcutaneous infiltration with a dilute adrenaline solution will render the excision 
easier and less bloody. 


Hands, feet, and joint surfaces 
Tangential excision of the hands, feet and joint surfaces can be performed at three 
days onwards, once the patient is well resuscitated. 


Many severe hand burns will benefit from early escharotomy since deep partial- 
thickness or full-thickness burns heal with extremely disabling contractures; operating 
these early should be considered and good, thick skin for the grafts saved. Typically 
people clench their fists when they sustain a burn so the palmar skin extending up 
to the mid-lateral lines of the fingers is usually preserved, or burnt much less deeply 
than the dorsum, and rarely needs grafting. Therefore most burnt hands and fingers 
will only require grafting of the dorsum. If the escharotomy was performed accurately 
along the edges of the full-thickness burns along the mid-lateral lines of the fingers, 
this will mark the extent of excision necessary. 
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Figure 15.13 


The “safe position” for splinting a hand. 
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Figure 15.14.1 


Meshed skin graft: recipient site. 
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Figure 15.14.2 
SSG after grafting. 








Proper preparation is the key to good excision. The areas to be excised should 
be carefully marked with ink or gentian violet. The hand and forearm should be 
exsanguinated by five-minute elevation and application of a rubber Esmarch bandage, 
beginning with the hand and progressing proximally; a pneumatic tourniquet is then 
applied. (Correct use of a tourniquet is painful; the operation should be performed 
under general anaesthesia.) Normal saline or a weak adrenaline solution should be 
infiltrated subcutaneously over the dorsum of the hand. The edges of the areas to be 
excised should be scored with a #15 blade. 


Tangential excision should be performed using a small dermatome or scalpel, 
preserving viable dermis where possible and being very careful not to damage 
tendon sheaths. The hand should be wrapped in adrenaline-soaked gauze and the 
tourniquet briefly released. The tourniquet should then be re-inflated for ten minutes 
to allow natural haemostasis, then removed. The hand should be unwrapped and 
diathermy used to cauterize remaining bleeders. Wrapping in adrenaline gauze and 
cauterizing of bleeders may need to be repeated several times to ensure perfect 
haemostasis prior to application of the skin grafts. Sheets of relatively thick split- 
thickness skin should be used. Grafts should be carefully tailored over the dorsum of 
the hand and fingers, and sutured in place. Each finger should be covered in paraffin 
gauze dressing, then wrapped independently in gauze, taking care to leave the tips of 
the fingers exposed in order to assess perfusion. 


Finally, the hand should be splinted in the “safe position” (Figure 15.13) with the wrist 
dorsiflexed 30°, the metacarpal-phalangeal joint flexed as close to 90° as possible, 
the fingers splayed apart and the inter-phalangeal joints straight. The initial dressing 
should be left for 5 - 7 days and then unwrapped carefully. The burn should then be 
re-dressed daily with paraffin gauze and re-splinted. Physiotherapy and mobilization 
should begin as soon as the grafts are solid. A hand should never be immobilized 
longer than ten days. K-wires placed through the fingers may help in bad cases. The 
same general principles apply to the feet and over joint surfaces. 


Early tangential excision gives the speediest recovery and best functional and 
cosmetic results when it is practicable, but should never be undertaken for large areas 
unless the resulting blood loss can be properly managed. 


Skin grafting 

The hands, feet, and joint surfaces are priority areas for skin grafting, with or without 
tangential excision. The anterior chest and neck take priority over the belly and 
buttocks. The back has very thick skin, and so burns to it may be observed for some 
time while waiting to see if they will heal on their own. 


Allowing burns to granulate and demarcate under dressings (2 - 6 weeks) is prudent 
practice where resources are scarce. This means accepting inevitable protein loss from 
open wounds, possible infection, delayed healing, and chronic anaemia; supplementary 
measures must therefore be taken to reduce these effects. 


To prepare for grafting, the jelly-like granulation tissue must be scraped away with the back 
of a scalpel handle before the skin graft is carefully secured and dressed. The advantage of 
delayed grafting is that often a much smaller area need eventually be grafted. 


Grafting on burns is time-consuming and adequate time should be allocated for these 
operations. The staging of the surgery should be carefully planned and just one limb 
or body area operated at a time. In general, the thinner the graft, the better its chances 
of “take”, and the thicker the graft, the better the functional and cosmetic result (see 
Chapter 11 for details on skin grafting). A limb or digit that has to be amputated 
should be regarded as a prime source of donor skin. Harvesting of grafts in children 
whose skin may be extremely thin should be performed with great care. If there is no 
solid layer of dermis left behind, the donor site will not heal. Except on the face, hands 
and feet, skin grafts should be meshed to allow serum to drain through rather than lift 
the graft off the bed of the recipient site. 
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Old wounds or sites where previous grafts have failed are notorious for difficulty in 
achieving an adequate graft take. Good nutrition and meticulous preparation of the 
surface are the keys to success. Early excision of grossly dead and infected tissue, topical 
and systemic antimicrobial therapy, and aggressive nutritional supplementation should 
precede any attempt at skin grafting. The best course may be to graft critical areas while 
leaving some of the larger, less functional areas to granulate. 


The surface of the debrided burn wound often has a superficial slime of exudate and 
bacterial contamination. Dressings with a supersaturated saline solution (add salt to 
normal saline until it no longer dissolves), changed frequently for a couple of days, 
will produce a clean, bright red granulating surface ready for grafting. 


The occlusive dressing which is applied after skin grafting plays a great part in the 
survival of the graft. It must be put on with great care. The dressing must hold the 
graft closely applied to the recipient site for the first few days for capillaries to grow in. 
Any blood or serum that floats the graft away from its bed will cause it to fail. 





15.8 Scarmanagement 


Burns always result in scars and the burn graft itself is best thought of as a scar. 
One of the most disastrous consequences of burns is the severe scar contracture 
that may render life horrendous for the victim afterwards. Management of the 
burn scar begins before grafting, during local care of the burn wound. Rigorous 
splinting - using plaster of Paris slabs - and stretching routines should be 
implemented to prevent contracture of major joints: the limb should be splinted 
against the force of contracture. If a joint is equally burnt on both sides, it should 
be splinted in extension. Airplane-strut type splints should be used for burns 
to the axilla. Patients must be given adequate analgesia for the daily passive 
stretching exercises. 


Much, if not most of the functional benefit of burn grafting depends on assiduous 
splinting and stretching of the tissues afterwards to manage the process of burn scar 
contraction. This can be particularly active in children - a perfect operation may result 
in recurrence of a dreadful scar if the tissues are not managed properly over the next 
6 - 12 months. 


All burn grafts crossing joints should be splinted at operation with plaster slabs. 
Later, when the grafts have taken, a plaster slab covered in tube bandage and 
fitted correctly makes an excellent, reusable splint that can be worn at night and 
removed for therapy during the day. Dedicated staff and adequate analgesia are 
essential to active and passive stretching of burn scars; if this hurts too much 
the patient will simply not comply. Burns crossing joints should be splinted and 
stretched even if they have not been grafted, as this will reduce the degree of 
contraction as the scar heals. 


Pressure garments are important to optimum scar management and their use 
results in much softer and more pliable scars. Where they are not available, elastic 
bandages and a variety of tight-fitting stretchy commercial clothing may help. 
Water-based skin cream will help with itching as will antihistamines. Burn scar 
massage is also helpful where traditional practitioners are present. 








Figures 15.15.1 and 15.15.2 


Post-burn scar contractures. 
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15.9 Electrical burns 


As mentioned, there are two distinct categories. With flash burns, the patient typically 
presents with fairly deep burns to the face and one or both hands and forearms. 
Treatment is as with regular thermal injuries. 


High voltage (>1,000 volts) electrical conduction injuries have small cutaneous 
entry and exit wounds, which extend deep into the muscles causing myonecrosis. 
The rhabdomyolysis has a systemic effect, with myoglobinaemia and myoglobinuria 
leading to acute tubular necrosis; and a /ocal effect, i.e. compartment syndrome. 


The patient should receive Ringers’ lactate, with 50 mEq sodium bicarbonate per 
litre, in sufficient volume to maintain urine output at 0.5 ml/kg. If the urine is dark or 
bloody, or urine output ceases, the vascular space should be well filled and a bolus of 
20% mannitol given (1g/kg); furosemide may be added as well. 


Any suspicious compartments should be released promptly by generous full-length 
fasciotomy, including carpal tunnel release in the forearm. Dead muscle should be 
debrided conservatively, and numerous returns to the operating theatre may be 
needed (serial debridement). 


Numerous complications attend electrical conduction injury including arrhythmias 
(ECG monitoring is strongly recommended), cervical fractures associated with the jolt 
of electricity, intestinal perforation and a variety of unusual neurological sequelae. 


15.10 Chemical burns 


A number of chemical substances cause specific burns. The presence of any of them 
on an injured person poses a danger to first aiders, hospital staff, and other patients. 
Careful removal of contaminated clothing and proper decontamination measures 
must be undertaken - of the patient and of any equipment used - and specific 
protocols followed to protect the medical personnel treating the patient. 





15.10.1 Acid and alkali burns 


In general, acids cause coagulative necrosis of the skin, and strong alkalis 
liquefactive necrosis and burrowing of the chemical deep into the tissues. “Acid 
violence” involving the throwing of concentrated sulphuric acid into the face is an 
increasingly common phenomenon and the chemical is readily available wherever 
there is a motor vehicle garage. The acid burn should be washed with very large 
volumes of water and the eyes thoroughly irrigated. Strong alkalis may come in 
dry form (NaOH crystals); any remaining material must be brushed off the patient 
before washing with water. 


After this decontamination, the treatment of chemical burns follows the same 
sequence as the treatment of thermal burns. Acid attacks usually involve the face and 
typically cause extremely disfiguring injuries which are very difficult to reconstruct. 


15.10.2 Phosphorus burns 


Some modern anti-personnel weapons contain white phosphorus. This element 
ignites on contact with air, and fragments of phosphorus will be scattered 
throughout any wounds; it is lipid soluble and sticks to the subcutaneous fat. 
The burn is deep and painful and the phosphorus continues to burn as long 
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as it is in contact with oxygen or until all the phosphorus is consumed, all the 
way down to the bone. Local treatment is more urgent than with conventional 
burns because of the aggressive nature of phosphorus. Much of the injury in an 
individual patient, however, results from the ignition of clothing, which causes a 
conventional burn. 


Contaminated clothing must be removed immediately, care being taken not to 
contaminate the staff attending to the casualty. Visible, smoking particles can be 
removed with a spatula or knife, and should be placed in a basin of water to exclude 
them from the air. Phosphorus burn wounds must then be isolated from oxygen by 
being kept wet through liberal soaking with water, by covering with wet dressings, 
or by placing the injured part in a basin of water. On no account must they be 
allowed to dry out. 


When surgical treatment is available, the idea is to identify and remove 
the remaining phosphorus particles. The wet wound can be irrigated with 
a neutralizing agent. A freshly prepared solution of 1% copper sulphate 
combines with the phosphorus to form black copper sulphide, which impedes 
violent oxidation and identifies the particles. The black particles can then be 
removed with forceps and placed in a basin of water. The solution must be 
very dilute, the palest blue colour, since its absorption can cause haemolysis 
and acute renal failure. If used, the copper sulphate solution must be washed 
away immediately. Or, if copper sulphate solution is not available, the 
operating theatre lights may be put out; any remaining particles will glow with 
phosphorescence in the dark and can be carefully picked out with forceps and 
placed in a basin of water. 


Care must be taken not to allow the wound and the phosphorus to dry out and 
re-ignite in theatre; appropriate, non-flammable anaesthetic agents should be used. 
In all cases, the wound should then be excised and dressed as usual. 


Phosphorus may provoke hypocalcaemia and hyperphosphataemia; intravenous 
calcium should be given. Absorbed phosphorus can be toxic to many organs: 

+ central nervous system — delirium, psychosis, convulsions, coma; 

* gastro-intestinal tract - abdominal colics, melaena; 

+ liver - hepatomegaly, jaundice; 

+ kidneys - proteinuria, acute tubular necrosis; 

+ blood - thrombocytopenia, hypoprothrombinaemia; 

+ myocardium — ventricular arrhythmia, myocarditis. 


15.10.3 Napalm injuries 


Napalm is jellied petrol, an intensely flammable agent that clings to the clothing and 
skin while still burning and causes serious, deep and extensive burns. Its incomplete 
combustion of the oxygen in the air around the victim provokes an acute rise in 
carbon monoxide that can lead to a loss of consciousness and even death. The intense 
heat and benzene fumes easily cause inhalation burns. 


Napalm burns are invariably full thickness, with coagulation of muscles and other 
deep tissues. Nephrotoxicity is a serious complication of the rhabdomyolysis, and 
the mortality may be high in proportion to total body surface area involved. A full- 
thickness burn of only 10% of the body surface area may result in renal failure. The 
patient should be kept well hydrated and in alkalosis; mannitol may be necessary to 
protect renal function. 


First-aid treatment includes extinguishing the burning napalm by smothering 
it, i.e. excluding the oxygen. Unlike phosphorus, napalm does not then reignite in 
contact with the air. Surgical treatment involves removal of the napalm with a stick, 
spatula or knife. The wound is then excised deep to any remaining contaminant, care 
being taken to avoid contact (“no-touch” technique), and dressed as usual. 
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15.10.4 Magnesium 


Flares released from aircraft to avoid heat-seeking missiles use magnesium, which 
gives off great heat when lighted. These may reach the ground and cause fires and 
injuries. The intense heat causes a full-thickness burn. The wound should be excised 
deep to the contaminant using the “no-touch” technique. Some reports from ICRC 
surgical teams (Kabul, Afghanistan) have made mention of toxic side effects due to 
absorption of magnesium, similar to phosphorus; this has not been confirmed. 


15.10.5 Vesicant chemical weapons 


Unlike other agents causing specific burns, chemical weapons have been banned 
by international treaties.* However, some States retain stockpiles, which may either 
be used militarily or released into the air if the storage facilities are bombed. Certain 
chemicals have a potential dual function: they can be used in weapons and are 
widely employed for civilian purposes (the disinfection of public water supplies in 
the case of chlorine). 


Traditional chemical weapons are either neurotoxic or vesicant (blistering); the latter 
cause burns to the skin and inhalation injury. Vesicant agents (mustard gas, lewisite, 
phosgene) cause skin burns similar to flame burns. 


The patient's clothing must be removed and properly destroyed. The patient is 
then decontaminated with abundant soap and water. Care must be taken not to 
contaminate hospital personnel, equipment, and other patients with the chemical 
agent. Correct decontamination protocols include the use of protective clothing and 
equipment (mask, gloves, boots, etc.) by first aiders or hospital staff. 


Once decontamination has been performed, the wounds are dealt with in the 
traditional manner; however, a “no-touch” technique should be used during wound 
debridement and removed tissues disposed of with care. The patient’s respiratory 
function must be closely monitored. Inhalation of chemical fumes will burn the 
respiratory mucosa with the development of acute respiratory distress syndrome 
(ARDS). Assisted ventilation may be required. 





4 1925 Geneva Protocol for the prohibition of the use in war of asphyxiating, poisonous or other gases and 
of bacteriological methods of warfare and the 1993 Convention on the Prohibition of the Development, 
Production, Stockpiling and Use of Chemical Weapons and on Their Destruction. 
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ANNEX 15.A_ Nutrition in major burns: 
calculating nutritional requirements 


Calorie requirements = Basal energy expenditure x stress factor x activity factor 
The basal energy expenditure is calculated as follows: 


[66 + (14 x weight in kg) + (5 x height in cm) - (6.8 x age in years)] 


The stress factor for minor procedures is 1.3; for skeletal trauma, 1.35; 
for major sepsis 1.6; and for major burns 2.1. 


The activity factor is 1.2 for those in bed and 1.3 for those who are mobilizing. Women 
require about 4% less than men for equal body size and age. 


Example 
For a 25-year-old male weighing 60 kg and 170 cm tall, in bed with a major burn, the 
calorie requirements = 


[66 + (14 x 60) + (5 x 170) - (6.8 x 25)] x 2.1 x 1.2 = 3,997 kcal/day 


Protein, glucose and fat requirements 
Daily protein requirement for acute burns is 2 g/kg in adults and 3 g/kg in children. 
Protein provides about 4 kcal/g (120 g and 480 kcal in the example given above). 


Daily glucose requirement is about 6 g/kg/day in burns. 
Glucose provides 4 kcal/g (360 g and 1,440 kcal in the example). 


The difference between the calculated energy requirement (3,997 kcal) and that 
provided by protein and glucose should be made up with fat. 


Daily fat requirement = 3,997 kcal - 480 - 1,440 = 2,077 Kcal 
Each gram of fat provides 9 kcal, therefore, 2,077 + 9 = 231 g of fat 


The larger the volume and the higher the fat concentration the more likely the 
patient is to develop diarrhoea. In an adult with a major burn, 3 litres of feeds per day 
is a reasonable target; therefore for the patient in the example, a “cocktail” containing 
40 g of protein, 120 g of glucose and 80 g of fat per litre should be prepared. 


Making a high-energy enteral feeding solution for burn patients 


























Skimmed milk powder 110 g (244 ml) 44q 40g 385 
Edible oil 80 g (80 ml) 80g 720 
Sugar 50 g (50 ml) 50g 200 
1 Banana (15 mEq potassium) 25g 110 
Add: 

Salt 3g 


Calcium containing antacid 3 tablets 

Multivitamin tablet 1 daily 

Ferrous sulphate + folic acid tablets 

Codeine 30 — 60 mg per litre provides analgesia and reduces diarrhoea 
Eggs contain 15 g of protein each: beware of salmonellosis from raw eggs 
Supplement tube feeds with cooked eggs fed by mouth when possible 








Boiled and filtered water to make 1,000 ml of solution Total 1,415 kcal per litre 











Make a paste of milk powder with a little water; add sugar, salt, crushed tablets and oil. 
Slowly add more water while mixing well; add mashed banana and mix thoroughly (using 
a blender if possible). Filter the mix through a gauze compress and refrigerate. Irrigate the 
feeding tube regularly with water to keep it from blocking. Use within 24 hours. 
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LOCAL COLD INJURIES 





16.1 Physiology of thermal regulation 


The significance of prevention and treatment of local cold injuries during armed 
conflict cannot be overemphasized. Although most commonly seen in arctic and 
subarctic climates, cold injuries can occur whenever the combination of cold, wet, 
and immobility exists. High altitudes, even in tropical or temperate regions, can 
experience cold weather. Wind is an aggravating factor in all circumstances. 


Normal body temperature is maintained through a balance between heat production 
and heat loss, and is regulated by a hypothalamic “thermostat” At least 95 % of the heat 
produced by the metabolism of viscera and muscles is normally lost to the environment 
by conduction, convection, radiation, and evaporation, largely through the skin and 
lungs; the head and neck account for 20 - 30%. The skin primarily dissipates heat by 
regulating its blood flow, which may vary from 50 ml/min to 7,000 ml/min. 


In a cold environment, the core temperature (that is, the temperature of the vitally 
important visceral organs) is conserved by decreasing heat loss through peripheral 
vasoconstriction, and by increasing the production of heat by involuntary muscle 
contractions (shivering). If the heat loss exceeds the heat-producing resources of the 
body, the core temperature begins to fall and hypothermia develops. Wetness and 
wind increase the effect of cold in inducing loss of body heat. 


In peripheral tissues subjected to low temperatures, wetness, wind, and contact with 
a cold surface (metal), local cold injury may result from vasomotor and/or cellular 
effects, including intracellular ice crystal formation. 


16.2 Types of local cold injuries 


Local cold injuries can occur at temperatures above or below freezing point and are 
classified as non-freezing or freezing injuries. 


16.2.1 Non-freezing injury 


This is also known as“immersion foot” or “trench foot’, and is seen in prolonged exposure 
to cold ambient temperatures above freezing, with high humidity and immobilization, 
as often witnessed during the trench warfare of World War I, hence the name. Prolonged 
wetness and cooling of the feet, as can occur in a jungle or rice paddy, can also provoke 
an “immersion foot” injury. Such injuries are diagnosed and treated like other cold 
injuries, except that the feet should not be immersed in warm or hot water. 


16.2.2 Freezing injury 


This type of injury, also known as “frostbite”, may be superficial, in which only skin and 
subcutaneous fat are involved, or deep, reaching structures such as muscle. 


Frostbite occurs in the extremities and exposed body parts: nose, ears, etc. In the early 
stages of injury, it is not easy to differentiate between superficial and deep wounds. 


16.2.3 Local signs and symptoms 


These include: 

+ paraesthesia; 

+ numbness and insensitivity to pin prick; 

+ pallor (wax-white or mottled blue discoloration); 

+ impaired movement leading to paralysis; 

+ firmness of the body part; 

+ oedematous swelling (particularly in non-freezing injuries) followed by blister 
formation after 24 - 36 hours. 


Figure 16.1 


Patient with “trench foot” affecting both feet. 





301 


O. Litvin / ICRC 





WAR SURGERY 





302 


16.3 Management 


16.3.1 First aid and transport 


When a body part is frozen solid for hours it runs a lesser risk of tissue loss than when 
it is exposed to a cycle of thawing, refreezing, and thawing. A person can continue to 
walk on a frozen foot while it remains frozen; but will be unable to walk after thawing 
because of the pain and swelling. This should be kept in mind before pre-hospital 
treatment is attempted; it might be preferable to transfer the patient to adequate 
shelter and facilities rather than begin treatment with inadequate means. 


The patient should be moved to a sheltered place as soon as possible. Boots and socks 
should be removed, avoiding trauma to the skin. As with burns, constricting agents 
such as rings should also be removed. 


As some degree of central hypothermia generally coexists with local cold injury, the 
general body temperature should be raised by hot drinks, blankets, or skin-to-skin 
contact. The frozen extremity should be prevented from thawing before normal core 
temperature is reached. 


Once hypothermia has been corrected, any available form of heat transfer (skin-to- 
skin contact, foot-in-axilla, hand-to-nose) should be utilized to warm the body part. 
Rapid rewarming in warm water (40 — 42°C, or just tolerable to elbow immersion) 
should only be used when it is certain that refreezing can be avoided. 


Analgesia is essential, as thawing of frostbite is extremely painful. 





16.3.2 Hospital treatment 


Central hypothermia should be dealt with first through external rewarming by 
blankets and warm water bath. In severe cases (core body temperature below 
30° C) combined or not with frostbite, central warming has a priority over peripheral 
warming because of the risk of “after-drop”. This represents a situation where the core 
temperature tends to decrease during peripheral heating of the body. Rewarming of 
the limbs causes a local vasodilatation with shunting of cold stagnated blood towards 
the central part of the body; arrhythmias and cardiac arrest may result. Central core 
warming measures include warm i.v. fluids, rectal enema, and bladder, gastric and 
peritoneal lavage at 37° C. A low-reading thermometer is necessary to satisfactorily 
monitor core temperature (see Chapter 18). 





Once hypothermia has been sufficiently corrected, attention may be given to the 
local cold injury. Superficial injuries may be rewarmed rapidly in 40 — 42° C water. For 
deep injuries, if the limbs are still frozen or cold and vasoconstricted, they should be 
rewarmed with dry heat at 37 - 39° C. Even if only one limb is affected, both should be 
rewarmed together until the nail beds become pink. The patient should receive 100% 
oxygen, warmed and humidified, during the warming process. 





LOCAL COLD INJURIES 





If the patient is comatose, it should be borne in mind that the patient is not dead until 
he is warm (33° C core temperature) and dead! 


Aspirin still appears to be a most useful drug for pain relief and possibly for preventing 
tissue loss. Pethidine may be added as necessary. Amitriptyline is the preferred 
analgesic for immersion injury. Tetanus prophylaxis and penicillin should be given. 
Smoking is contraindicated. 


Heparin, anticoagulants, corticosteroids, antihistamines and intravenous dextran have all 
been shown to be of little benefit. Disagreement exists on the effect of sympathectomy. 


16.3.3 After care 


Once rewarming is complete, little more can be done to alter the course of events. 


Good nursing care and physiotherapy is the essence of conservative treatment. The 
extremities should be kept on sterile sheets under cradles. Sterile cotton pledgets 
are placed between toes or fingers. Warm povidone iodine soaks twice daily help 
prevent superficial infection. As blebs appear, precautions are taken to avoid their 
rupture: they should not be allowed to dry up. The limb should be placed so as to 
avoid pressure on the injured part as much as possible. A good functional result will 
be helped by maintaining active exercises and elevating the affected limb. 


It is difficult to predict the extent of eventual tissue loss from frostbite during the 
first weeks after injury. Tissue loss, however, is generally smaller than expected. 
It is therefore important to wait until the damaged tissue becomes necrotic and 
mummified, with a clear line of demarcation and spontaneous amputation of fingers 
or toes. As with burns, escharotomy of circumferential injuries, and even fasciotomy, 
might be necessary. 





The surgical treatment of local cold injury is to avoid excision of tissues unless 
secondary infection intervenes. The natural process is allowed to happen: “frozen in 
January, amputation in July”. 
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1 Much of this chapter is based on the report of the Senior Anaesthetists Workshop held in Geneva, November, 
2002 (see Introduction). 
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17.1. Introduction 


Standard anaesthetic practices, as utilized in trauma care, should be followed. 
However, providing safe and effective anaesthesia under circumstances of 
limited resources is probably the most challenging task of hospital work. Many 
limitations must be accepted owing to security concerns, lack of infrastructure, 
and difficult logistics. 


This chapter is not intended for anaesthetists, but rather presents what surgeons 
should know about anaesthesia when working under precarious circumstances. There 
are several reasons for this. 


1. Surgeons perform “big” operations and “small” operations. There is no such 
thing as a“small” anaesthesia. Every anaesthesia is potentially fatal. The limits 
of operational activity in the theatre are not those of the surgeon's expertise. 
They are determined far more by the level of competency and sophistication 
of the anaesthesia department. The anaesthetist will tell the surgeon what 
can be done; not the other way around. The surgeon must understand, and 
accept, this limit. There is only one other limiting factor that is as important 
as anaesthesia, if not more so, in determining the level of sophistication of 
surgery to be performed: postoperative nursing care. 


2. In wartime, a surgeon may sometimes find himself without an anaesthetist. 
In this case, the war surgeon must know how to administer safe and 
adequate anaesthesia in order to perform the most important and basic of 
lifesaving procedures. There is much that a surgeon alone can do in terms 
of anaesthesia. Good knowledge of local anaesthesia techniques — practical, 
cheap and safe - can be very helpful when resources are limited. 


3. Moreover, in many countries practising surgeons far outnumber the 
anaesthetists, and this is likely to remain the case in the foreseeable future. 
Anaesthesia under these circumstances is usually administered by a nurse or 
technician under the “guidance”, and medical responsibility, of the surgeon, 
who must understand the important indications and contraindications 
of the various anaesthetic techniques. Needless to say, the surgeon must 
know about the possible complications of the anaesthesia used and how to 
counter them. 


It would be presumptuous to try to explain the safe administration of anaesthesia 
in a half-dozen pages. This account comprises the basic precepts that a surgeon 
should be familiar with. For a full description of appropriate anaesthetic 
techniques under circumstances of limited resources, practicable by a surgeon 
or other medical officer, the reader is referred to the excellent texts listed in the 
Selected bibliography. 
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This step describes how to add a simple mechanism to the RFID tag antenna that 
allows us detect nearby RFID readers. 


Antenna connection 

First, we add a small piece of insulation tape for the connection of the inner end of 
the antenna loop (as illustrated in Figure 1). This is to insulate the outer loops. 
Then we add another copper tape strip to the inner end of the antenna as shown in 
Figure 2. Here again we solder the two ends of the conductive copper tape 
together. 


Capacitor and LED 

Next, we add the capacitor (82 pF) and the low current LED to the tag as shown in 
Figure 3. They are connected in parallel. We also solder these two components to 
the copper tape (see Figure 4). 


Testing 

With these simple steps, our RFID reader detector is finished! By bringing our DIY 

RFID detector close to an RFID reader (as shown in Figure 5), the connected LED 
lights up. With the Sonmicro reader hardware the distance to the reader has to be 

below 8-10 cm; however, there are RFID readers available with a stronger EM field 
and therefore a higher maximum reading distance. 
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Figures 17.1.1 - 17.1.4 


Standard ICRC equipment for anaesthesia. 





Figure 17.1.1 
Typical operating theatre. Note the inhalation 
anaesthesia machine and oxygen concentrator. 


( | 


Figure 17.1.2 
Pulse oxymeter for monitoring; laryngoscope and 
endotracheal tube, bag for manual ventilation. 





Figure 17.1.3 
Foot-driven suction pump. 





Figure 17.1.4 
Electric suction pump. 
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ICRC EXPERIENCE 


The points listed below have been found to be particularly important by ICRC 
anaesthetists and may be useful to other humanitarian organizations or foreign 
staff operating in a war environment in a new and strange context. 


+ The presence of a good interpreter, preferably with a medical background, is 
essential for communication with patients. 


+ Unfamiliarity with anaesthetic equipment and local conditions increases the 
likelihood of complications. The presence of an assistant knowledgeable about 
local standards is essential. 


+ The assistance of a second person — doctor, nurse — preferably with experience 
in anaesthesia, is mandatory for all anaesthetic procedures. 


- Assessing the time the patient last ate is difficult, especially with breastfed babies. 


+ Many of the wounded, especially in hot climates, are severely dehydrated. It is 
important to correct any hypovolaemia before surgery. 


- Routine premedication is not necessary. 


- Arrangements for blood transfusion may be complicated (negotiating with 
family or clan members) and require local blood-collecting procedures to be 
activated. Likely blood requirements should be ordered early. 


17.2. Anaesthesia methods 


Local and regional anaesthesia techniques are excellent and can be used in many 
patients, although they tend to be underestimated and, therefore, underused: 
a below-knee amputation or Caesarean section can be performed under local 
anaesthesia, for example. They are safe in avoiding vomiting and aspiration, 
especially when the time of the last meal cannot be determined accurately. 


Oxygen, nitrous oxide and other volatile anaesthetics may be in short supply. 
In the context of actual combat, oxygen cylinders are to be banned. Not only 
are the logistics for refilling cylinders and transporting them difficult and 
dangerous, but the presence of an oxygen cylinder is the equivalent of a bomb. 
Oxygen concentrators - with a pulse oxymeter for control - are standard ICRC 
equipment for these circumstances; however, they require an electrical supply. 


Ketamine is the anaesthetic of choice in ICRC practice for major surgery. 
Equipment for the use of ketamine is minimal - not even an oxygen concentrator 
is necessary — and muscle relaxants can be added to provide full general 
anaesthesia. The further the hospital from the actual conflict zone, the more 
sophisticated the equipment and supplies that may be provided, and therefore 
the techniques employed. 


The following anaesthetic agents and their characteristics should be well known 
to surgeons. 
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17.3 Local and regional anaesthesia 


The clinically significant point in all forms of local and regional anaesthesia is to allow 
sufficient time for the anaesthetic to work. The most common mistake is to make a 
local anaesthetic infiltration, and then incise immediately. 


If not available, 2% 


















































Ophthalmic ee or 4% lidocaine 
oxybuprocaine ; 
(xylocaine) drops 
2% lidocaine gel 
Mucosa oe 
5 % lidocaine 
nebuliser spray 
Ifa volume 
greater than 40 ml 
Eanes ae: : : i 
In general 1% lidocaine with 40 ml is required, dilute 
adrenaline with an equal 
volume of isotonic 
saline 
Fingers, toes, ears 1 % lidocaine 20 ml Danger ee 
or penis without adrenaline v eeu 
adrenaline is used 
5s 2% lidocaine 2-4ml 
Meal lk without adrenaline | per digit 
2% lidocaine with Where early 
‘ ; adrenaline movement is desired 
Axilla: brachial ie 30—40 ml 
plexus block 
0.5 % bupivacaine Provides prolonged 
with adrenaline sensory analgesia 
Intercostal block 0.5% bupivacaine | 2ml Prolonged 
(flail chest) with adrenaline for each nerve analgesia required 
0.5 % lidocaine 
without adrenaline 40 ml 
: 0.5 % bupivacaine Hyperbaric, single 
2 Uitte Ie in 5 % dextrose dose ampoule 
Requires 
appropriate 
p : nae a 30 ml conditions of 
Epidural 0.5 % bupivacaine according to level of hygiene 
anaesthesia 
Not to be used 
routinely 











Table 17.1 Anaesthetic agents of choice for local and regional anaesthesia. 


Doses above are for adults. As a“rule of thumb’, the maximum dose of lidocaine without 
adrenaline is 3 mg/kg (200 mg for an adult); and double with adrenaline: 6 mg/kg. 
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Figure 17.2 
Drugs for general ketamine anaesthesia. 
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17.4 Dissociative anaesthesia with ketamine 


The main components of safe and adequate general anaesthesia are: 
* unconsciousness (hypnosis), 

+ analgesia, 

* amnesia, 

+ immobility/muscle relaxation. 


17.4.1 General considerations 


Ketamine is very safe, and can be given intramuscularly, or as an intravenous bolus 
or perfusion. 


It causes amnesia, analgesia, and a state of dissociation. The patient feels detached 
from the environment, but his reflexes are intact, particularly the laryngo- 
pharyngeal reflexes that protect the airway. Opening of the eyes, shouting, and limb 
movements are frequent and normal; the patient is nevertheless anaesthetized. 
It may cause hallucinations and should be combined with a sedative such as a 
benzodiazepine (diazepam is inexpensive but burns on injection; midazolam is not 
irritant but is costly). 


Ketamine increases the cardiac output and the arterial blood pressure and, therefore, 
is particularly useful in patients with haemorrhagic shock. Ketamine dilates the 
bronchi, but also increases bronchial secretions and saliva. Atropine should be 
administered first to control saliva and bronchial secretions. There are important 
contraindications to the use of atropine: marked tachycardia, hypertension, valvular 
stenosis, hyperthyroidism, or fever. Ketamine also increases the muscular tone, which 
is why it makes a laparotomy, and especially the closure of the abdomen, more 
difficult if used without myorelaxants. 


There is no absolute contraindication for ketamine anaesthesia. Relative 

contraindications include: 

+ psychiatric disease, 

+ mitral and aortic stenosis, 

+ untreated hyperthyroidism, 

+ eclampsia, 

+ epilepsy, 

* operation on the eye - this is due to nystagmus, which causes the globe to move 
and makes operating difficult. 


The question of the use of ketamine in patients with a head injury or increased 
intracranial pressure has been controversial, although based on very few and 
very early reports in the 1970s. There is no longer any contraindication for 
its use in these patients consistent with evidence-based medicine, and ICRC 
standard practice includes craniotomy performed under ketamine anaesthesia 
(see Selected bibliography). 


The advantages of ketamine are the following: 

+ easy and rapid to administer with quick onset of action; 

+ safe; 

+ provides anaesthesia, amnesia, and analgesia; 

+ circulation is stimulated; 

+ respiration remains normal (very slow intravenous injection); 

+ protective airway reflexes remain intact in the majority of patients - vomiting 
may however occur: staff should be ready to suck clean the mouth and secure 
the airway; 

* maintains cerebral blood flow; 

+ particularly suitable for infants. 


17.4.2 Ketamine i.m. and i.v. bolus 


A simple form of ketamine administration is represented by both the intramuscular 
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and the bolus intravenous routes. Table 17.2 compares the two. 


Short duration operation (10 — 20 minutes) 


Anaesthesia in children (injected while the 
mother is holding the infant) 


Repeated injections for change of dressings 
in burn patients with poor iv. access 


Short duration operation (10 — 20 minutes) 


Induction of anaesthesia 





Preferable if time allows 


In children diazepam may be given orally 
or rectally 


Preferable if time allows 





Ketamine and atropine can be mixed in the 
same syringe 


Diazepam should be given in a separate 
syringe 


Place an intravenous line and inject atropine 


Inject diluted diazepam solution very slowly 
over 3 minutes, until the patient becomes 
drowsy 


Inject ketamine very slowly over one minute 
(rapid injection can provoke respiratory arrest) 





5-10 minutes 


Painful stimuli (skin incision) can be tolerated 
after one minute 





Second injection can be given if necessary 
before the effect of the first wears off 


After 10 — 15 minutes, the patient begins to 
feel pain and reacts to stimuli with movements 


and speech — not to be confused with normal 
movements under ketamine 


Administer another i.v. bolus: one-third to one- 
half the initial dose 














Table 17.2. Comparison of ketamine anaesthesia administered intramuscularly versus intravenous bolus. 


In special circumstances (repeated ketamine anaesthesias with “ketamine-resistance” 
and/or disturbing limb movements), one or more of the following may be added 
according to the reaction of the individual patient: 

+ 50-100 mg tramadol or 5 -10 mg morphine, 

* 10-25 mg promethazine, 

+ 50 - 100 mg thiopental. 


17.4.3 Ketamine infusion anaesthesia 


This is the preferred technique in ICRC practice. It is not only more economical of 
ketamine, but allows for a longer operation without re-injections. It can be used either 
after i.v. bolus induction of anaesthesia or as an induction method on its own. 


A solution is made of ketamine in normal saline and placed in a different vein from 
that used for fluid replacement. The rate of infusion is titrated against the patient's 
response, both for induction and as maintenance of anaesthesia. 


Ketamine infusion anaesthesia can be combined with muscle relaxants and 
endotracheal intubation. This is standard ICRC procedure where muscle 
relaxation is necessary (abdominal or thoracic surgery). As mentioned previously, 
the absence of mechanical ventilators means that the paralysed patient must be 
bagged manually. 


Figure 17.3 
Ketamine infusion. 
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Hallucinatory side effects do occur with ketamine, and once encountered are 
likely to be repeated on other occasions in the same patient. The frequency of 
hallucinations tends to differ with different population groups, and bizarre 
reactions may occur in heavy users of alcohol or other drugs. In addition, 
such patients do not reach the required state of general anaesthesia unless a 
neuroleptic and opioid are added. 


The incidence and severity of hallucinations can be lessened by using diazepam 
10 mg iv. at least 5 minutes before induction and another 10 mg i.m. at the end of 
the procedure. After the operation, patients often sleep for hours. They should be in 
a calm and quiet place. On awakening, they respond to orders “show your tongue” 
or “raise your head”. Sometimes these patients are very loud, they shout or sing, and 
move a great deal. This is normal and not dangerous for them. 


17.4.4 Ketamine analgesia 


The analgesic effect of ketamine can be profitably used for a number of conditions. 
One noteworthy example is for repeated change of dressings in burn patients. For 
analgesia, a lower dose than that given for intramuscular anaesthesia is administered 
to those whose venous access is compromised, as is often the case with major burns 
(see Annex 17. A: ICRC pain management protocols). 


17.5 Post-operative pain management 


Good post-traumatic or post-operative pain relief not only helps to alleviate suffering, 
but also allows for rapid mobilization of the patient and early physiotherapy which 
help attain as good a functional result as possible. 


17.5.1 General guidelines 
1. Analgesia should be given before the pain starts. 


2. Combination therapy is recommended. Analgesic drugs have a better effect in 
combination than alone; e.g. paracetamol and a NSAID have additive actions 
because of their different sites of action. 


3. Local anaesthetic infiltration or blocks are used whenever appropriate in 
conjunction with other forms of analgesia. 


4. Injectable analgesics act more quickly and are more effective if administered as an 
iv. bolus, titrated until the desired effect has been achieved. This is especially true in 
case of hypovolaemia and shock where the peripheral circulation is decreased and, 
therefore, the intramuscular or subcutaneous routes are unreliable. 


5. The choice of drugs is made with the staff and facilities in mind; e.g. opioids may 
be undesirable if proper monitoring is unavailable. 


6. It is advisable to institute a system of pain scoring, especially for post-operative 
pain relief. 
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17.5.2 Pain scoring systems 


Pain intensity can be measured in various ways and the use of a system of 
measurement is recommended. The choice of scoring system depends on a number 
of factors, including cultural issues and the level of literacy and numeracy of patients 
and the nursing staff. In all of them it is the patient who assesses the intensity of pain. 


Common scoring systems include the following. 


Verbal score 

The pain intensity is measured using words: 
* none 

+ mild 

* moderate 

* severe 

+ extreme 


Number scale 
Numbers from 0 to 10 should be used: 
* O means no pain and 10 the worst pain imaginable. 


Visual analogue score 

This is analogous to the number scale. The pain intensity is measured on a 10 cm 
line. The left end indicates “no pain” and the right-hand side means “the worst pain 
imaginable”. The distance in cm from the left edge to the point the patient indicates 
is the pain score. 


The availability of particular drugs for pain relief in a given country is often subject 
to importation and distribution restrictions. The widespread abuse of opioids in 
particular has created many problems in the proper management of patients. 
Annex 17. A includes various alternatives that may be used according to the availability 
of various medications. These must of course be adapted to specific situations. 
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ANNEX 17.A_ ICRC pain management protocols 


Analgesic drugs 


Modern analgesics can be very sophisticated, and expensive. The ICRC has the 
following simple analgesic drugs available for each of the three WHO levels: 


Level 1: 
Paracetamol tablets/syrup, aspirin tablets/injection, the non-steroidal anti-inflammatories 
(NSAID) diclofenac injection and ibuprofen tablets; 


Level 2: 
Tramadol injection/tablets; 


Level 3: 
Morphine injection, pethidine injection, pentazocine injection/tablets. 


Opioids 


1. When level 3 opioids are used in a hospital, naloxone must also be 
immediately available. 


2. Morphine remains the gold standard for pain relief, intra-operatively as well as 
pre- and post-operatively. 


3. The use of opioids - morphine and pethidine, but not tramadol - may be severely 
restricted because of the risk of respiratory depression. ICRC surgical teams 
use opioids only if nursing staff are sufficient in numbers and trained in patient 
monitoring, as well as in recognition and treatment of respiratory depression. 
In practice this will usually mean that post-operative opioids are only used in the 
recovery ward or intensive care unit (ICU). 


4. Donot mix opioids (e.g. tramadol and morphine) until an appropriate time has lapsed. 


5. Inthe emergency room, operating theatre and recovery area/ICU, the preferred 
route for opioid administration is intravenous. If they are used in the ward, the 
oral or subcutaneous routes are preferred. 


6. The fear of addiction when using opioids for pain relief, although a generally 
held belief, is exaggerated; if a patient is in pain and needs an opioid, the 
development of addiction is extremely rare. The fear of addiction must not stop 
good pain control. 


7. Sedation score: when using level 3 opioids the level of sedation should be monitored. 
0 =none: patient awake and alert 
1 = mild: occasionally drowsy, but easy to rouse 
2 = moderate: frequently drowsy, but easy to rouse 
3 = severe: drowsy and difficult to rouse 
S = sleep: normal sleep and easy to rouse 


Monitoring, diagnosis, and treatment of respiratory depression 
When using level 3 opioids the patient must be monitored regularly for: 
+ blood pressure 

+ pulse 

+ temperature 

+ respiratory rate 

+ sedation score 

* pain score 


All findings must be documented. 
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Respiratory depression 
1. Diagnosis 
Respiratory depression is diagnosed by: 
- sedation score of 3: this is the earliest and most reliable sign; 
— respiratory rate 8 or less: this comes later than sedation; 
— decreasing pO,, as shown by pulse oximetry: this is a late sign especially if the 
patient is also being given oxygen. 


2. Treatment: 
— oxygen; 
— respiratory assistance with bag and mask if necessary; 
— naloxone i.v. in 50 mcg increments until clinical signs improve. 


Remember that the duration of action of naloxone is shorter than morphine and therefore 
it may need to be repeated; alternatively, use a continuous infusion of 1 — 5 mcg/kg/hr. 


Never must a patient be discharged to the ward with a sedation level of 3 or more, or 
a respiratory rate of 8 or less, or if respiratory depression has occurred. 


Ketamine 


A low dose of ketamine is a good alternative analgesic where opioids are not available 
or for high-risk patients. Give repeated doses 0.1 — 0.3 mg/kg i.v., titrated until the 
desired analgesia is achieved; or an i.m. bolus of 2 - 3 mg/kg. Ketamine in a low dose 
does not require routine atropine and diazepam as adjuvant therapy. 


Pre-hospital care 


For pre-hospital first aid, often through National Red Cross/Red Crescent Societies, 
ICRC distributes only: 

* paracetamol tablets/syrup; 

+ tramadol injection (does not provoke respiratory depression). 


Emergency room 


The following are available in the emergency room: 
* paracetamol 

+ diclofenac injection 

+ tramadol injection 


In a hospital with adequate nursing care, the following are also provided: 
* morphine injection 

— adult: 1-3 mgi.v. titrated 

- child: 0.05 mg/kg i.v. titrated 
- low-dose ketamine (see above). 


Operating theatre 


All analgesic drugs are available and their intra-operative use is greatly encouraged. The 
choice of drug depends to a large extent on the quality of post-operative monitoring. 


1. Opioids: 
note the level of post-operative monitoring. 


2. NSAID: 
it is advisable to administer an NSAID before the end of surgery. 


3. Ketamine: 
0.1 — 0.3 mg/kg boluses as analgesia can be used if opioids are unavailable. 


4. Local and regional anaesthesia: 
The use of local anaesthetic infiltration or local and regional blocks is greatly 
encouraged. 
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Post-operative pain control 


The level of pain control needed depends on the psychology of the patient, the type 
of surgery, and the time since surgery. The basic principles of post-operative analgesia 
are the following. 


1. 


N 


a 


CH 


Give analgesia regularly and not on an as necessary basis (PRN). 


Do not wait for the pain to be felt, but start immediately once the patient has 
regained consciousness. This also means that analgesia should be started before 
spinal anaesthesia has worn off. 


Start with combination treatment and decrease doses in subsequent days. 


Review post-operative analgesia regularly. 


Use local anaesthetic infiltration or blocks as much as possible. 





Analgesic doses 
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oral ee 
Max. 4 g/day 
400 mg ID/Q1D Caution in cases of asthma and renal 
oral impairment 
ay Max. 72 hours 
Caution in cases of asthma and renal 
iv./im. Pomgeie impairment 
Max. 150 mg/day Max TanOUIE 
: 50 — 100 mg 4 hourly 
Win. 
val Max. 600 mg/day 
im. 50 — 150 mg 3 hourly 
iv. 10 mg increments Titrate to effect 
subcutaneous /i.m. | 5-15 mg 4 hourly 
iv. 2 mg increments Titrate to effect 
iv. 50 mcg increments Repeat until clinical signs improve 
Loading dose: 15 mg/kg 
Maintenance: 
10-15 mg/kg QID 
Max. dose: 60 mg/kg/day 
Loading dose: 
20 - 30 mg/kg 
Maintenance: 
20 mg /kg QID 
Max dose: 90 mg/kg/day 
Not under 6 month 
20 mg/kg/day in ee ee : 
3-4 divided doses (immature kidneys) 
oral Max. single dose: 200 mg Caution in cases of asthma and renal 
Max. daily dose: 800 mg al 
: : Max. 72 hours 
Not under 6 months 
1 mg/kg TID (immature kidneys) 
im. Max. single dose: 50mg | Caution in cases of asthma and renal 





Max. daily dose: 150 mg 





impairment 
Max. 72 hours 





Not recommended, but commonly used in some European countries for children under 1 year 

















im. 1 mg/kg 4 hourly 

iv. eae Titrate to effect 

subcutaneous /i.m. | 0.05—0.1 mg/kg 4 hourly 

iv. 0.05 mg/kg increments | Titrate to effect 

iv. 4 mcg/kg Repeat until clinical signs improve 














BID: bis in die (twice a day) 
QID: quater in die (four times a day) 
TID: triin die (three times a day) 
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In the next step of the instructable we will show how to extend a basic RFID tag 
and make it tilt-sensitive. 


Add Tip Ask Question 


Step 4: Tilt-Sensitive RFID Tag 
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18.1 Resuscitative surgery and damage control surgery 


Resuscitative surgery has long been practised, and re-invented by many surgeons 
beginning with Pringle in 1908 and Halstead in 1913. Today, this is especially the case 
in critical situations where blood for transfusion is in short supply. The surgeon controls 
massive haemorrhage with temporary measures and then stops the operation. The 
patient is taken to the ward to continue resuscitation and, 24 — 48 hours later when 
haemodynamically stable, is re-operated for the definitive procedure. 


ICRC EXPERIENCE 


Afghan colleagues working with ICRC surgical teams in the Jalalabad Teaching 
Hospital in 1993 developed a simple protocol for dealing with patients severely 
injured by anti-personnel landmines. Many patients had suffered a traumatic 
amputation of one leg and severe injuries to the other and succumbed, 
exsanguinated, by the time the debridement of the second leg had been performed. 


Our Afghan colleagues then decided to divide the surgical procedure into 

two parts: the first operation was on the traumatic amputation, the other leg 

was simply washed and dressed, and the operation ended. Fresh whole blood 

was sought from family members and the patient fully resuscitated and given 
penicillin. Forty-eight hours later, another operation to debride the second leg was 
performed. This was Afghan “damage control surgery’, locally invented, to face the 
situation of a lack of blood for transfusion. 


Shortly after a war surgery seminar in Kinshasa, two young Congolese general 
practitioners belonging to the military medical services, with limited surgical 
expertise, told the ICRC surgeon of one of their experiences and asked a simple 
question. While working in a field hospital in the bush, they received a comrade with 
a bullet injury to the abdomen. Evacuation to another hospital was impossible. They 
operated and found a severe wound to the liver, and had no blood for transfusion. 


“We couldn't stop the bleeding, and not knowing what to do, we packed the liver 
and stopped the operation’, they recounted. They then managed to persuade some 
other soldiers to donate several units of blood, and re-operated the patient after 

48 hours; the patient survived. “Did we do the right thing?” they asked. The ICRC 
surgeon replied that they had discovered on their own what was now standard 
practice in many parts of the world when faced with exsanguinating haemorrhage. 


18.1.1 Damage control: three-stage protocol 


Recently, it has become clear that fixing the tissues and organs during a long 
operation is not sufficient if certain physiological limits are thereby exceeded. 


In response, a three-stage protocol for “damage control surgery”' has been defined to 
preclude the risk of pushing the patient beyond those limits into the “lethal triad” of 
hypothermia, metabolic acidosis, and coagulopathy that follows much major trauma. 


First stage: 
Operation, as short as possible, to control haemorrhage and contamination: do the 
least to overcome life-threatening conditions. 


Second stage: 
Resuscitation, to stabilize the patient by correction of shock, hypothermia, acidosis, 
and coagulopathy. 


Third stage: 
Operation, for definitive repair. 





1 “Damage control” is originally a United States Navy term denoting “the capacity of a ship to absorb damage and 
maintain mission integrity”. In surgery, we mean the procedures necessary to maintain the physiological capacity 
to maintain life’s vital functions. 
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The success of this formalized protocol depends almost entirely on the early 
recognition that the injury is so severe as to require a curtailment of the initial 
operation; and, especially, the second-stage capacity to correct certain physiological 
parameters in the intensive care unit (ICU). 


Damage control surgery is obviously restricted to the very severely injured, a small 
minority. It is a much individualized form of management requiring many resources, 
and may not be compatible with a situation of triage of mass casualties. The patient 
who qualifies for damage control in a civilian context, or in a military one with a small 
number of casualties, will in many cases be triaged into the expectant Category IV in 
a war scenario. 


In much of the world, sophisticated ICUs and blood components are simply not 
available and a full-scale damage-control approach is not compatible with limited 
resources. However, basic principles apply and simple measures can and must be 
adapted to try to prevent and correct the syndrome of the lethal triad. 


In the two examples cited above, the time between operations — used to obtain fresh 
whole blood from family and friends and “stabilize” the patient - helped to fight 
hypothermia, acidosis, and coagulopathy without knowing it. Attention was paid 
only to the haemodynamics and the comfort of the patient (keeping him warm), but 
this was sufficient to overcome the triad. What started as a “resuscitative surgery” 
approach became a “damage control” one unknowingly. 





R. Gray / ICRC 


ICRC 


Figure 18.1 Figure 18.2 Figure 18.3 
Typical patient who would benefit from a Another candidate for damage control Patient with APM blast mine injury: traumatic 
damage control approach: eventration and a surgery: APM injury with penetrating wounds amputation of the left foot, penetrating injuries 
shattered liver. to the abdomen, thorax, left thigh and hand, and burns to both legs, the perineum and 

and the face. genitalia, with penetration of the abdomen. 


18.2 Hypothermia, acidosis, and coagulopathy 


The effects of hypothermia in trauma patients have long been underestimated. It 
afflicts the injured even in tropical climates. While metabolic acidosis due to shock 
— the anaerobic metabolism resulting from reduced tissue perfusion and hypoxia — 
and coagulopathy are better known, the combined triad is far more prevalent than 
is often realized and its effects easily fatal. These three elements compound and 
reinforce each other, leading to a self-sustaining vicious circle. Haemorrhagic shock 
may not be corrected until hypothermia is reversed, and hypothermia can provoke 
the other two elements of the triad and is probably the most important factor 
initiating the vicious circle. 


Early diagnosis is essential but simple preventive measures, that should be initiated 
during first aid and evacuation and continued in the hospital, are often not taken. 
Even if the context does not allow for staged damage control surgery, a great deal 
can be done with adequate but appropriate means to prevent or fight off the effects 
of the triad. 
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18.2.1 Hypothermia 


Physiology 

The body’s temperature is kept in a homeostatic balance between heat production 
and heat loss. There are many non-traumatic causes and factors that can lead 
to hypothermia; cold injuries were discussed in Chapter 16. In trauma patients, 
haemorrhagic shock decreases tissue perfusion and metabolism and thus heat 
production. This is often compounded by exposure of the casualty to the elements, 
particularly in a context of armed conflict. 


Hypothermia is determined by central body - core - temperature, taken per rectum. 
A normal medical thermometer is useless; a special low-reading one beginning at 
30° C is necessary. Classically, a core temperature below 35° C denotes hypothermia 
and medical classifications reach profound states of 25° C or less (immersion in a cold 
lake, hypothalamic disorders, drug abuse, etc.). Some patients suffering from severe 
hypothermia do survive. There are also reported beneficial effects of controlled 
therapeutic hypothermia in certain critical pathologies, but this topic shall not be 
considered here. 


Pathology 
It is very rare for patients suffering trauma and uncontrolled hypothermia lower than 
32° C to survive. This observation is not new, although the threshold has changed. 





In modern practice, the temperature of 32° C is recognized as the crucial cut-off point. 
All enzyme systems in the body are temperature dependent and, therefore, all organ 
systems will tend to fail at this low core temperature, especially if stress is accentuated 
by trauma and shock. 


Thus, medical classification systems of hypothermia with wide ranges of temperature 
are not suitable for the trauma patient. A more appropriate classification system has 
been proposed (Table 18.1), and takes into account the profound effects of trauma 
and haemorrhage with concomitant acidosis and coagulopathy. In the trauma 
patient, any temperature below 36° C should be considered hypothermic and it is 
particularly important to distinguish between Stage | and Stage Il. A damage-control 
approach, with abbreviated first operation as mentioned above, is indicated at 34° C, 
now considered the critical clinical temperature. 














; | 36°- 35°C 
Mild 35°— 32°C 
Il 34° — 32°C 
Moderate 32° - 28°C Ill 32° — 28°C 
Severe 28°— 20°C IV < 28°C 
Profound < 20°C 




















Table 18.1 Classification systems of hypothermia.’ 





2 Delorme E. War Surgery. [Translated by Méric H.] London: H.K. Lewis; 1915. [WWW Virtual Library, The Medical 
Front WWI website] Available at: http://www.vlib.us/medical/delorme/delorme.htm. 


3 Adapted from Kirkpatrick AW, Chun R, Brown R, Simons RK. Hypothermia and the trauma patient. Can J Surg 
1999; 42: 333 - 343. 
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The clinical effects of hypothermia are multiple and mimic intense sympathetic stimulation: 

- shivering — the patient attempts to produce body heat by these muscular 
contractions but this leads to increased oxygen consumption and tissue hypoxia; 

- hypoventilation - leads to postoperative hypoxaemia, with further tissue hypoxia; 

+ peripheral vasoconstriction — to shunt blood to the central organs, with tissue hypoxia; 

+ decreased oxygen liberation in the tissues (O, dissociation curve shifted to the left); 

+ decreased metabolism. 


Furthermore, the tissue hypoperfusion and hypoxia of shock in the trauma patient 
also increase anaerobic metabolism. All of which result in a mixed metabolic and 
respiratory acidosis. 


Enzyme failure results in compromised platelet function; platelet-fibrin clots are not 
sustained; and fibrinolytic activity is increased. There is dramatic prolongation of 
prothrombin time (PT) and partial thromboplastin time (PTT). 


Please note: 


Prolonged PT and PTT may be overlooked because the testing is performed at 37° C 
rather than at the patient’s actual temperature. 


There is in addition a rapid drop in the number of platelets and increased blood 
viscosity following shock. The end result is a disseminated intravascular coagulopathy 
with a marked bleeding tendency. 


Other physiological effects include: 

+ decreased immune response; 

« hyporeflexia and prolonged action of neuro-muscular blockers; 

+ reduced cardiac output, depressed contractility and bradycardia; 

+ arrhythmias, including atrial and ventricular fibrillation, which begin at 30° C; 
+ impaired hepatic and renal function; 

+ impaired cerebral blood flow with decreasing consciousness. 


Clinical picture 

Early signs include shivering and tremors; the patient first complains of cold then 
becomes confused. There is cyanosis and the axilla and groin (normally warm 
spots) feel cold to the touch because of intense vasoconstriction. Tachycardia and 
tachypnoea (with hypoventilation) occur. All are signs of sympathetic stimulation. 
Making the diagnosis of hypothermia is a challenge because most of the early signs 
are the normal physiological response to the stress of trauma and haemorrhage; the 
surgeon should be particularly attentive to the presence of shivering and tremors. It 
is also difficult to judge clinically when the patient passes from Stage | to II without 
close monitoring of the rectal temperature. 


As the patient goes into Stage Ill, there is a general slowing down of all the vital functions: 
+ loss of shivering and hyporeflexia; 

+ respiratory and circulatory depression; 

+ decreased urine output; 

+ increasing acidosis; 

+ prolonged clotting time; 

+ stupor; and, 

+ with myocardial ischaemia, the onset of attacks of atrial fibrillation. 


With even greater hypothermia the patient becomes unconscious; bradycardia and 
bradypnoea are pronounced; urine output fails; and ventricular fibrillation resistant 
to defibrillation occurs. The patient may appear dead: no palpable pulse or heart beat 
and dilated pupils. Re-warming should continue until a core temperature of at least 
33° C before pronouncing death. 
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High risk cases 

At high risk of developing post-traumatic hypothermia are patients who have: 

« been severely injured and are submitted to a long delay in evacuation to hospital; 

* remained trapped under rubble (earthquake, collapsed buildings due to bombing, 
etc.), and thus been exposed to the environment without being able to take 
protective measures for a considerable period of time; 

* sustained major burns; 

+ suffered haemorrhagic shock treated with large quantities of room temperature 
intravenous perfusions or cold transfusions — banked blood is stored at 4° C and its 
administration acts as a heat sink that withdraws large amounts of body heat; 

+ been subjected to long, extensive laparotomy or thoracotomy in air-conditioned 
operating theatres — the surgeon and anaesthetist are comfortable, but the patient 
is dying; 

+ suffer from chronic illnesses involving metabolism, alcoholism, and drug abuse; and 

+ the very young and very old, in general. 


Please note: 


These high risk factors are partly intrinsic to the patient and partly iatrogenic. 


Management 

Treatment begins with active measures of prevention during first aid and evacuation: the 
casualty must be kept warm! The patient must be sheltered from cold and wind, relieved 
of wet clothing, and covered with a dry blanket or sheet, even in a tropical climate. 


In hospital, active preventive measures must continue: the emergency room should 
be kept thermo-neutral (28° C for an adult) and, after the patient has been undressed, 
examined, and resuscitative measures begun, covered with a blanket. For the severely 
injured, further environmental measures should continue. In the operating theatre, 
air-conditioning should be turned off (the OT should be heated if necessary), and 
prolonged contact with wet drapes avoided. The impact of the latter should not be 
underestimated: the patient starts off dry and warm and ends up wet and hypothermic. 


Under muscle relaxant anaesthesia, a patient can no longer shiver and is particularly 
at risk. Since 20 - 30% of body heat is lost through the head and neck, keeping these 
body parts warm is a priority (e.g. wrapping the head in a towel and plastic bag 
intra-operatively). The rest of the body, apart from the operative site, can equally be 
wrapped in dry towels and secured with plastic bags to preserve heat. Warm saline 
should be used for peritoneal or pleural lavage. Operating time should be kept as 
short as possible; an open abdomen or thorax inevitably entails loss of body heat 
which is just as critical at this stage as blood loss. 


Administered oxygen should be humidified - a heat and moisture exchange filter 
(HME) should be used, if available — and intravenous fluids and blood transfusions 
warmed. Fluids and blood can be heated by being placed in a tub of hot water, 
comfortable to an elbow touch. 





Not only will these simple measures prevent hypothermia, but their early implementation 
will help treat the condition. 
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If a damage-control approach is being used, or even if a major trauma case presents 
signs of hypothermia postoperatively, resuscitation should include active internal 
“central heating” of the patient by: 

+ gastric, colonic and bladder lavage with warm water (37 — 39° C); and 

+ continued perfusion of similarly warm iv. fluids. 


More sophisticated technologies exist — including extracorporeal circulation, pleural 
and peritoneal lavage in the ICU - but the vast majority of patients will be well served 
by these simple and inexpensive preventive and active measures. 


A patient in Stage | hypothermia may have definitive surgery completed. A Stage Il 
patient should have damage control surgery only. If Stages Ill or IV have been reached, 
damage control surgery may be slightly postponed in order to warm the patient 
somewhat before opening the peritoneum or pleura, but this will depend on the 
particular circumstance and haemodynamic stability of the individual patient. Again: 
rare is the haemorrhaging trauma patient with a core temperature below 32° C who 
survives, however good the surgery. 





Table 18.2 Summary of management of hypothermia in the trauma patient. 


18.2.2 Acidosis 


As mentioned, shock will lead to tissue hypoperfusion and hypoxia with a subsequent 
rise in anaerobic metabolism. This acidosis is compounded by the effects of 
hypothermia. Full resuscitation and haemodynamic stability in a warm patient, 
assuring good tissue perfusion, is the best antidote. Intravenous sodium bicarbonate 
is risky and requires sophisticated monitoring. 


18.2.3 Acute coagulopathy associated with trauma 


Post-traumatic coagulopathy is also more common than realized and results from a 
combination of intrinsic and extrinsic factors. Amongst the intrinsic ones, the most 
important include: 

+ extensive tissue injury, which releases tissue factors resulting in consumption 
coagulopathy (with reduced platelet count), excessive fibrinolysis, and activation of 
inflammatory cascade; 

+ activation of the C-reactive protein inflammatory cascade independently of 
the release of tissue factors and entirely due to the shocked state and tissue 
hypoperfusion; 

+ haemodilution resulting from the mobilization of extravascular fluids as a 
homeostatic response to shock; 

+ decrease in the total and ionized calcium concentrations; and 

+ the effects of progressive hypothermia and acidosis. 


The severity of the coagulopathy seems to parallel the severity of injury and shock. 
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There are also a number of extrinsic factors. Coagulopathy itself is often exacerbated 
by clinical practice in a “bloody vicious cycle”.* Haemorrhagic shock is aggressively 
treated with large volumes of intravenous fluids (not warmed), leading to further 
haemodilution, and massive transfusion of stored blood or packed RBCs (not warmed) 
in the attempt to maintain blood pressure (see Chapter 8); all of which adversely affect 
the coagulation cascade and only produce more bleeding. Bleeding and coagulation 
times remain prolonged despite adequate replacement of blood, plasma and platelets 
if the patient remains hypothermic. 


It must also be remembered that the anticoagulant preservative solution and 
refrigeration of stored blood or its components has profound effects on the physiological 
properties of transfused blood with time, the most important being greatly reduced 
oxygen availability to the tissues through decreased 2,3-diphosphoglycerate (2,3-DPG) 
and loss of red cell viability because of decreased adenosine triphosphate (ATP). 
These effects do not help overcome early tissue hypoxia in spite of the increase in 
haemoglobin. In addition, the glucose in stored blood is slowly metabolized with 
production of lactate and fall in the pH, exacerbating the acidosis. 


Warm whole blood, as fresh as possible, is probably the best treatment; and, as often 
repeated in this manual, in conditions of limited resources is often all that is available. 
With numerous potential donors (family and friends), it may be possible to build up a 
small reserve. 


Whole blood is screened and best given within 1 hour of collection. In ICRC practice, 
this freshest of blood is reserved for: 

+ massive haemorrhage, with incipient coagulopathy and hypothermia; 

* septic shock; 

+ snake bites with haemolysis; 

+ amniotic fluid embolism. 


Intravenous calcium should be administered, separately and at least one ampoule 
added per two units of blood transfused. 


Coagulopathy also attends many patients with severe head injury, and a damage 
control approach is applicable to injuries to most body systems. Volume 2 will include 
relevant observations in the discussion of war injuries to the different anatomic regions. 





4  Kashuk J, Moore EE, Milikan JS, Moore JB. Major abdominal vascular trauma — a unified approach. J Trauma 1982; 
22: 672 - 679. 
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ACRONYMS 


GSW 





ACRONYMS 





Airway, Breathing, Circulation, Disability, Environment/Exposure 
Anti-personnel mine 

Acute respiratory distress syndrome 

Anti-tank mine 

Adenosine triphosphate 

Alert, Voice responsive, Pain responsive, Unresponsive 
Bid in die (twice a day) 

Case fatality rate 

Citrate - phosphate — dextrose — adenine 

Carded for record only 

Computerized tomography 

Dead on arrival 

Died of wounds 

Delayed primary closure 

2,3-diphosphoglycerate 

Kinetic energy 

Kinetic energy actually expended, transferred or dissipated 
Electrocardiogram 

Ethylene diamine tetra-acetic acid 
Electroencephalogram 

Emergency (reception) room 

First-aid post 

Full metal jacket 

Field surgical team 

Geneva Convention 

Glasgow coma scale 


Gunshot wound 
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H.E.L.P. Health emergencies in large populations 

HIV/AIDS Human immunodeficiency virus / Acquired immunodeficiency 
syndrome 

HME Heat and moisture exchange (filter) 

HN Head nurse 

ICRC International Committee of the Red Cross 

ICU Intensive care unit 

IED Improvised explosive device 

IHL International humanitarian law 

im. Intramuscular 

iv. Intravenous 

IU International unit 

KIA Killed in action 

LF Low frequency 

mEq Milliequivalents 

MIU Million international units 

MoPH Ministry of Public Health 

MRSA Methicillin-resistant Staphylococcus aureus 

MSF Médecins sans frontiéres (Doctors Without Borders) 

NATO North Atlantic Treaty Organization 

NGO Non-governmental organization 

NSAID Non-steroidal anti-inflammatory drug 

OPCW Organization for the Prohibition of Chemical Weapons 

OPD Outpatient department 

ORS Oral rehydration salts 

OT Operating theatre 

POP Plaster of Paris 

POW Prisoner of war 

PRN Pro re nata (whenever necessary) 

PT Prothrombin time 

PTT Partial thromboplastin time 

QID Quater in die (4 times per day) 

RBC Red blood cell 

RC/RC Red Cross/ Red Crescent 

RCWS Red Cross Wound Score 

RTD Returned to duty 

SJ Semi-jacketed 

SSG Split-skin grafts 

TBSA Total body surface area 
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TID 

TNM 

TO 

TTL 

UN 

UNPROFOR - IFOR 
UXO 

WDMET 

WHO 

WIA 





ACRONYMS 





Ter in die (3 times per day) 

Tumour, node, metastasis 

Triage officer 

Triage team leader 

United Nations 

United Nations Protection Force - (NATO) Implementation Force 
Unexploded ordnance 

Wound Data and Munitions Effectiveness Team 

World Health Organization 


Wounded in action 
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We now describe the process of how to build a tilt-sensitive RFID tag. This extends 
the previous exercise. 


Antenna 
The antenna for this second RFID tag is similar to the first antenna we built. We 
thus need another piece of cardboard and to repeat the steps described earlier in 


STEP 2 (https://www.instructables.com/id/S2YO8NWFEN4H8Q8A/) of this 


instructable. 


Tilt-sensitive tag 

Next, we add additional copper tape connections to the tag, as shown in Figure 1. 
These connections allow us to connect three tilt switches, a capacitor, and the LED 
to the antenna. Again, all the connections of the copper tape are soldered together. 
We add the three tilt switches to the tag as shown in Figure 3. The tilt switches are 
soldered to the copper tape, and it is important to connect them in a slight angle 
(around 5-10 degrees) as shown in Figure 4. This makes sure that the silt switches 
are in a closed state while the RFID tag is in a horizontal position, and in a open 
state while the tag is in a vertical position. 

Again, we also add an LED and a capacitor to the antenna as shown in Figure 3 
(we use a different form factor of the capacitor here just to illustrate the alternative 
options). 


Testing the tilt-sensitive tag 

We can now use our Sonmicro RFID reader again to test our new tilt-sensitive 
RFID tag. The tag is activate while in a horizontal position as in Figure 5, and is 
inactive when in a vertical position as in Figure 6. 


Using RFID chips 
We can now replace the connected capacitor and LED from our tag with an RFID 
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The International Committee of the Red Cross (ICRC) is an impartial, neutral and 
independent organization whose exclusively humanitarian mission is to protect the lives 
and dignity of victims of armed conflict and other situations of violence and to provide 
them with assistance. 


The ICRC also endeavours to prevent suffering by promoting and strengthening 
humanitarian law and universal humanitarian principles. 


Established in 1863, the ICRC is at the origin of the Geneva Conventions and the 
International Red Cross and Red Crescent Movement. It directs and coordinates the 
international activities conducted by the Movement in armed conflicts and other 
situations of violence. 
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TRANSMISSION LINES 


TELEGRAPHER'S EQUATIONS 


OV al al OV 

(d) —=-L— =) —=-C 
dz ot dz ot 

By taking the partial derivative with respect to z of equation 

1 and partial with respect to tof equation 2, we can get: 

se, SO a ae, GE a1 

(i) We LC ow (ii) = — 


a2 or? i 


oO 


SOLVING THE EQUATIONS 


To solve the equations (i) and (ii) above, we guess that 
F (u) =F (z+vt) is a solution to the equations. It is found 


that the unknown constant v is the wave propagation 
velocity. 





Vorat =V,(Z—vt)+V_(v+vt)] where: 


toi 











zis the position along the transmission line, where the load 
is at z=0 and the source is at z=-/, with / the length of the 
line. 

v is the velocity of propagation 1/./LC or qw/B, the speed 
at which the waveform moves down the line; see p 2 

tis time 


THE COMPLEX WAVE EQUATION 


The general solutions of equations (i) and (ii) above 
yield the complex wave equations for voltage and 
current. These are applicable when the excitation is 
sinusoidal and the circuit is under steady state 
conditions. 


Viz)=Vie  4V et 


I(z)=Te® +e ® 























Vie +y er 
I(z)= where: 
Z, 














e = and e*/®* represent wave propagation in the +z 
and —z directions respectively, 

8 =wV/LC =/v is the phase constant, 

Zy) = VL/C_ is the characteristic impedance of the line. 


These equations represent the voltage and current 
phasors. 
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+/- WATCHING SIGNS 


By convention z is the variable used to describe 
position along a transmission line with the origin z=0 
set at the load so that all other points along the line 
are described by negative position values. 











l 





Ohm's law for right- and left-traveling disturbances: 
V=E4 V.=-1Z, 


v, VELOCITY OF PROPAGATION [cm/s] 


The velocity of propagation is the speed at which a 
wave moves down a transmission line. The velocity 
approaches the speed of light but may not exceed the 
speed of light since this is the maximum speed at 
which information can be transmitted. But v, may 
exceed the speed of light mathematically in some 
calculations. 





ee eee 
? Jic Jew B 


L = inductance per unit length [H/cm] 
C = capacitance per unit length [F/cm] 
€ = permittivity of the material [F/cm] 
lt = permeability of the material [H/cm] 
@ = frequency [radians/second] 

B = phase constant 














Phase Velocity The velocity of propagation of a TEM 
wave may also be referred to as the phase velocity. 
The phase velocity of a TEM wave in conducting 
material may be described by: 
ve = wd = o = 

k 

















5 = skin depth [m] 
c = speed of light 2.998 x 10° m/s 
Ao = wavelength in the material [m] 
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Preface 


Many textbooks are available dealing with the details of emergency surgical conditions. Not many are available 
dealing exclusively with the emergency conditions, especially those related to surgery. Not that every patient 
coming to the casualty at odd hours with an acute symptom has a life-threatening emergency, but it becomes 
necessary to comfort the patient at the first instant, followed by a quick diagnosis of the clinical condition. It 
is also imperative that the impending emergency should be identified by the clinician, so that a catastrophe 
is avoided. The classical example of such confusing situation is the acute pancreatitis. This can present with 
a variety of symptoms which will not give a lead towards diagnosis, but the whole clinical picture establishes 
after some time, and takes the patient through a very tough morbid situation, and may also end in death. 

This concise book has been designed in such a way that the common emergency conditions are detailed 
to the extent so that surgical students or the casualty doctors or young surgeons may not miss the diagnosis. 
It cannot replace the many well-established textbooks, but it gives sufficient information for a clinician to 
manage the emergency. 

Color photographs are useful add-ons to these chapters, which will make the reader remember the 
information for a long time. 

Every new doctor who is resident in the casualty and the intensive care unit will face with a variety of 
clinical problems, and I hope the handbook will come handy. 

I also hope that I have hit the required details at the right level for the young surgeons. 
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Zo CHARACTERISTIC IMPEDANCE [Q] 


The characteristic impedance is the resistance 
initially seen when a signal is applied to the line. It is 
a physical characteristic resulting from the materials 
and geometry of the line. 





Lossless line: 


R+joL 
Lossy line: |Z, = =a =l7 ler 
J 


L = inductance per unit length [H/cm] 

C = capacitance per unit length [F/cm] 

V, = the forward-traveling (left to right) voltage [V] 
1, = the forward-traveling (left to right) current [I] 
V. = the reverse-traveling (right to left) voltage [V] 
I, = the reverse-traveling (right to left) current [I] 
R = the line resistance per unit length [Q/cm] 

G = the conductance per unit length [Q”'/cm] 


& = phase angle of the complex impedance [radians] 























yo CHARACTERISTIC ADMITTANCE [7] 


The characteristic admittance is the reciprocal of 
the characteristic impedance. 


2 Ae 
Yo = L 


p REFLECTION COEFFICIENT 


The reflection coefficient is the ratio of reflected 
voltage to the forward-traveling voltage, a value 
ranging from —1 to +1 which, when multiplied by the 
wave voltage, determines the amount of voltage 
reflected at one end of the transmission line. 





























A reflection coefficient is present at each end of the 
transmission line: 








0 _ Rs —% On = R, — % 
source —_ load ~~ 
Rs + 2 R, + 2 




















Tom Penick tom@tomzap.com www.teicontrols.com/notes 


t TRANSMISSION COEFFICIENT 


The transmission coefficient is the ratio of total 
voltage to the forward-traveling voltage, a value 
ranging from 0 to 2. 





=1+ 9 











TOF TIME OF FLIGHT [s] 


The time of flight is how long it takes a signal to 
travel the length of the transmission line 


l 
TOF =~| =INLC = JLyo7Cror 


v 














1 = length of the transmission line [cm] 

v = the velocity of propagation 1/./LC , the speed at which 
the waveform moves down the line 

L = inductance per unit length [H/cm] 

C = capacitance per unit length [F/cm] 

Lror = total inductance [H] 

Cror = total capacitance [F] 


DERIVED EQUATIONS 
V, > Zyl, = (Vise +Tnopen 12 
ViSeat = (Vig ies, 2 
1, = yV. = (ror + Vror Yo) /2 
T_=—yV_ = (Lror —Vror Yo)! 2 


C, FOURIER SERIES 


The function x(¢) must be periodic in order to employ 
the Fourier series. The following is the exponential 
Fourier series, which involves simpler calculations 
than other forms but is not as easy to visualize as the 
trigonometric forms. 








cea 








C,, = amplitude 
T = period [s] 
t = time [s] 


n = the harmonic (an integer) 
po = frequency 27/T [radians] 


The function x(t) may be delayed in time. All this does ina 
Fourier series is to shift the phase. If you know the C, s for 
x(t), then the C,s for x(t-@) are just C,e”"°"". (Here, C,s is 
just the plural of C,,.) 
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C CAPACITANCE [F| 
1 fe, 
v= [iat v(0) I 


dV, 
= C2 
cap dt 


v(t)h=v, +(v,-v, Jew" i(t) =i, +i, -i, be 

P@)=i, Re" 

v(t) = voltage across the capacitor, at time ¢[V] 

vy = final voltage across the capacitor, steady-state voltage 
[V] 

Vo = initial voltage across the capacitor [V] 

t = time [s] 

t = the time constant, RC [seconds] 

C = capacitance [F] 

Natural log: Inx=b@e’?=x 














C PARALLEL PLATE CAPACITANCE 


Cc = “ Ce unit length > - = = ae 
€ = permittivity of the material [F/cm] 

A = area of one of the capacitor plates [cm’] 

h = plate separation [cm] 

w = plate width [cm] 

1 = plate length [cm] 

C = capacitance [F] 


CAPACITOR-TERMINATED LINE 
Rs 


se 


Where the incident voltage is V, = V, (i-e"”™ js 








Die bs 
V_» =V,+V.=V,| 2+—~e vm 

cap + 

THY 

Vo = final voltage across the capacitor [V] 
t = time [s] 
T; = time constant of the incident wave, RC [s] 
t, = time constant effect due to the load, ZC; [s] 
C = capacitance [F] 


Tom Penick tom@tomzap.com www.teicontrols.com/notes 


SMITH CHART 


First normalize the load impedance by dividing by the 
characteristic impedance, and find this point on the chart. 


When working in terms of reactance X, an inductive load 
will be located on the top half of the chart, a capacitive load 
on the bottom half. It's the other way around when working 
in terms of susceptance B [Siemens]. 


Draw a straight line from the center of the chart through the 
normalized load impedance point to the edge of the chart. 


Anchor a compass at the center of the chart and draw a 
circle through the normalized load impedance point. Points 
along this circle represent the normalized impedance at 
various points along the transmission line. Clockwise 
movement along the circle represents movement from the 
load toward the source with one full revolution representing 
1/2 wavelength as marked on the outer circle. The two 
points where the circle intersects the horizontal axis are the 
voltage maxima (right) and the voltage minima (left). 


The point opposite the impedance (180° around the circle) is 
the admittance Y [Siemens]. The reason admittance (or 
susceptibility) is useful is because admittances in parallel 
are simply added. (Admittance is the reciprocal of 
impedance; susceptance is the reciprocal of reactance.) 





z = distance from load 
[m] 

j=vel 

P = magnitude of the 
reflection coefficient 

B = phase constant 

T = reflection coefficient 

Z = normalized 
impedance [Q] 
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Introduction 


1. Introduction 





Introduction 


Emergencies are defined as the clinical situations which require urgent care. Not necessarily they should have 
a life-threatening pathology, but even a simple innocuous pathology can create an emergency situation, such 
as a passing calculus in the ureter can cause such a pain which will upset the patient, the relatives and friends, 
and warrant emergency care and also confuse the attending doctor till he makes a final diagnosis. 

Clinical diagnosis of such emergencies may be difficult in some patients forcing the clinician to run 
through all the investigations to make the final diagnosis. A well informed medical student or a young surgeon 
will take it right, will not upset himself, comfort the patient and go through the clinical examination and 
administer the right treatment. 

In some emergencies like hemorrhagic conditions, history taking cannot be done in detail due to paucity 
of time, and the treatment should get initiated at the earliest, probably in the intensive care unit. Failure 
to recognize and manage such critical illnesses, may lead to pathophysiological changes leading to multiple 
organ dysfunction. In such a situation, intensive care plays a very important role. The role of intensive care 
includes: 
® Resuscitation and stabilization 
Optimization to prevent organ failure 
Decision regarding complex surgery 
Support of failing organs 
Recognition of futility. 

In well developed hospitals, the critical care is managed at two levels, namely, intensive care units (ICU) 
and high dependency units (HDU), only the availability of ventilators in the ICU differentiating the both. In 
the ICU, some patients may require one patient — one nurse combination. 









2 
2) 
— 
S) 
= 
a 
fe) 
na 
Ke 
= 
Sd 
Zz 
iS) 
— 
Oo 
Lu 
75) 


Critically ill patients can be classified according to the level of medical and nursing care needed. 

Level 0: Patients who can be managed by ward based care 

m= Level 1: Patients who can be managed by ward based care with advise or support from the critical care 
team 

m Level 2: Patients requiring more advanced levels of monitoring or intervention, such as management of 
single failing organ system 

Level 3: Patients requiring advanced respiratory support and management of multiple organ failure. 
For a good outcome, the first step is to make a proper diagnosis, followed by the necessary investigations 

and sensible management. 





Assessment 


2. Assessment of Surgical Emergencies 


Assessment of 
Surgical Emergencies 


As soon as the patient is wheeled into the hospital or the casualty, it is required to determine whether the 
patient’s condition warrants emergency care or not. Though there are parameters which help to determine 
this, many times, experience matters. For example, a patient with acute pancreatitis may not look very sick 
after an episode of acute abdominal pain. The following measures will help determine the seriousness of the 
patient. 

1. Make the patient lie down comfortably. 

2. Elicit a quick history. 

Make a thorough clinical examination. 

Come to a quick working clinical diagnosis. 

Ask for essential meaningful investigations. 

Admit the patient where thought to be required. 

Put the patient in intensive care whenever required. 

Collect investigation reports at the earliest. 

Start emergency treatment. 

10. Ask for expert opinions. 


SOO ON ON 


MAKE THE PATIENT LIE DOWN COMFORTABLY 


It is necessary to make the patient lie down, as a walk in patient may collapse suddenly (e.g. septic shock, 
hemorrhagic shock). 








ELICIT A QUICK HISTORY 


A good history will establish the diagnosis in majority of cases. 


However, when the patient is too sick, a quick questioning is only possible. They are: 
A -—allergies 

M - medications 

P — previous medical history, pregnancy 

L-— Last meal 

E - Events leading to admission. 

If possible, and if there is enough time, full history should be elicited in the following: 
Chief complaint 

History of present illness 

Previous history of present complaint 

Past medical history 

History of drug intake and allergies 

Social and personal history 

Family history 

History of immunization. 


Make a Thorough Clinical Examination 


General Examination 


Skin 

*  Pallor (e.g. anemia) 

¢ Yellow discoloration (e.g. jaundice) 

¢ Bluish discoloration (e.g. cyanosis) 

* Pigmentation (e.g. von Recklinghausen’s disease) 

¢ Eruptions (e.g. macule, papule, vesicle, bulla, etc.) 

* Nodules (e.g. Heberden’s nodes of osteoarthrosis) 

* Visible veins (e.g. visible neck veins of cardiac overload, caput medusae of portal hypertension). 

Eyes 

* Orbital region 
* Prominence of eyeballs (e.g. exophthalmos of thyrotoxicosis) 
* Sunken eyeballs (e.g. dehydration) 


SINGLE-STUB TUNING 


The basic idea is to connect a line stub in parallel 
(shunt) or series a distance d from the load so that the 


imaginary part of the load impedance will be canceled. 








Shunt-stub: Select d 
so that the admittance 
Y looking toward the 
load from a distance d 
is of the form Y, + jB. 
Then the stub 
susceptance is chosen 
as —jB, resulting ina 
matched condition. 














Series-stub: Select d 
so that the admittance 
Z looking toward the 
load from a distance d 
is of the form Zo + jx. 
Then the stub 
susceptance is chosen 
as -jX, resulting ina / Bost 
matched condition. WA 7 shor 
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FINDING A STUB LENGTH 


Example: Find the lengths of open and shorted shunt stubs 
to match an admittance of 1-j0.5. The admittance of an 
open shunt (zero length) is Y=0; this point is located at the 
left end of the Smith Chart x-axis. We proceed clockwise 
around the Smith chart, i.e. away from the end of the stub, 
to the +j0.5 arc (the value needed to match -j0.5). The 
difference in the starting point and the end point on the 
wavelength scale is the length of the stub in wavelengths. 
The length of a shorted-type stub is found in the same 
manner but with the starting point at Y=co. 


Open stub of j5 


length .074 2 


matches an __- Yoward generator —_ 


42.13 he 
Ne ee ee 
486 


a 


length .324 2» 

matches an 

admittance 

of 1-j.5 

In this example, all values were in units of admittance. If we 
were interested in finding a stub length for a series stub 
problem, the units would be in impedance. The problem 
would be worked in exactly the same way. Of course in 
impedance, an open shunt (zero length) would have the 
value Z=co, representing a point at the right end of the x-axis. 
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* Eyelids 
+ Puffiness (e.g. trauma, renal pathology) 
Color (e.g. black eye of head injuries) 
“ Conjunctivae 
Color (e.g. pale in anemics) 
* Sclera 
Color (e.g. yellow in jaundiced patients) 
* Cornea and iris 
Opacities and ulcers (e.g. trauma, infections) 
+ Pupils 
Size, shape, symmetry and reaction to light (e.g. changes in cranial nerve lesions) 
Oral cavity 
« Lips 
Color and texture (e.g. cracked lips of exposure to extreme cold) 
+ Pigmentation (e.g. telangiectasia) 
* Gums 
* Color (e.g. blue line of lead poisoning) 
* Texture (e.g. inflammation due to gingivitis) 
+ Pigmentation (e.g. hemorrhages due to leukemia) 
* Teeth 
* Color and pigmentation (e.g. mottled yellow color of fluorosis) 
* Number and health status of the teeth (e.g. Hutchinson’s teeth of congenital syphilis) 
« Tongue 
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* Color (e.g. blue color of central cyanosis) 
Texture (e.g. smooth tongue of vitamin B,, deficiency) 
Ulcer (e.g. aphthous ulcers) 
Altered movements (e.g. hypoglossal nerve palsy) 

* Hard palate and soft palate 

Color (e.g. anemia) 

* Cleft (e.g. cleft palate) 

* Ulcer (e.g. malignancy). 


Halitosis (Bad breath) may be due to poor oral hygiene or even oral pathologies, e.g. oral cancers or 
bronchopulmonary pathologies like lung abscesses. 
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Hands and feet 
« Hands of the patient should be examined carefully, like 
* Shape of the hands (e.g. characteristic shape of Dupuytren’s contracture, tetany) 
* State of the joints (e.g. deformed joints of rheumatoid arthritis) 
* Shape and color and deformity fingers (e.g. clubbing or nicotine staining of chronic smokers) 
* Nails (e.g. koilonychia of iron-deficiency anemia) 
* Abnormal movements of fingers (e.g. tremors of thyrotoxicosis) 
« Feet of the patient are generally tucked under the bedclothes and their examination should not be 
forgotten. Examination may reveal 
+ Edema, unilateral (e.g. filarial leg) and bilateral (e.g. hypoproteinemia) 
+ Skin changes (e.g. pigmentation or ulcers due to ischemia) 
* Ulcers (e.g. trophic ulcers) 
Look for (jaundice, anemia, cyanosis, clubbing, oedema, lymphadenopathy — JACCOL) 
Vitals (pulse, respiration, blood pressure) 
Peripheral examination (warm/cool, capillary refill) 
Jugular venous pressure 
Mental test score or GCS (Glasgow Coma Scale), if the patient appears confused or impaired consciousness). 


Systemic Examination 


Site of interest 
Other systems. 


Come to a Quick Working Clinical Diagnosis 


A quick working clinical diagnosis should come to the mind of the clinical examiner 
He should also keep the various differential diagnosis in mind, so that diagnosis can be revised at anytime, 
without bias. 


Ask for Essential Meaningful Investigations 


It is essential to ask only for meaningful investigations 

If investigation packages are available in the hospital, it is worthwhile to ask for it which may include the 
required investigations also 

If asking for this package will delay the results, it is appropriate to ask for the relevant ones first, followed 
by the rest. 


The blood tests in general should include: 
Complete blood count (CBC) 

Urea, creatinine and electrolytes 
Blood sugar (random) 

Serum amylase, lipase 

Liver function tests 

Coagulation profile 

Blood grouping and Rh typing 
Arterial blood gas analysis (ABG). 


The radiological tests should include: 

™ Chest X-ray (erect) 

m Abdominal X-ray (supine and erect) 
m@ Ultrasound scan 

mw CT. 


Admit the Patient where Thought to be Required 


No time should be wasted in deciding where to admit the patient. The best bed available is the best choice. 


Put the Patient in Intensive Care Whenever Required 


When in doubt about the seriousness, admit the patient in the intensive care. 


Collect Investigation Reports at the Earliest 


In the commotion during the emergency, it is not unusual to forget to collect the reports. The clinician should 
stay composed, and should remember to collect all the reports, which will help in the management. 


Start Emergency Treatment 


lm It is always wise to start an intravenous line for control of lifeline. The choice of fluid depends on the 
situation (e.g. normal saline in diabetics, glucose solutions in hypertensives, plasma expanders in shocked 
patients) 

m= Antibiotics may be needed if infective pathology is suspected 

Oxygen by nasal mask is a safe additive 

® Urethral catheterization and hourly output determination is necessary. 
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e Start emergency treatment if required even in the casualty, and history taking can be followed later 
e¢ While examining a patient in emergency, site of interest should be examined first to save time so that appropriate 
treatment is started. 


Ask for Expert Opinions 


® It is always necessary to obtain expert opinions to manage the situation 

= Multiple opinions may be necessary, but it should not hurt the sentiments of the experts involved 

m Intravenous fluids (rate and nature) and antibiotics will vary according to the laboratory reports and 
revised diagnosis 

™ Colloids may be necessary and should be adequately given at appropriate times 

m The average daily water requirements for adult are 30 to 35 ml/kg + 500 ml/day/degree of pyrexia (above 
37°C) 

= Normal adult requirements for electrolytes are 1 mmol/kg each of Na, K, Cl 

= Normal fluid requirements for children depend on weight 
« <10kg: 100 ml/kg/day 
* 10 to 20 kg: 1 liter + 50 ml/kg/day 
* >20kg: 1.5 liters + 25 ml/kg/day. 





Critical Care 


3. Critically Ill Patient and Critical Care 
4. Shock 
5. Acute Respiratory Distress Syndrome 


Critically Ill Patient 
and Critical Care 


A critically ill patient requires high level monitoring, especially when circulatory/respiratory support is 
required, or if more than one organ is failing. The intensive care is started early enough to be able to reverse 
the condition. 


CARDIAC SUPPORT 


It depends on the Hb, perfusion pressure, ventilation and gas exchange. For this to be achieved, the following 

are required: 

m Arterial lines (beat to beat BP indication, easy access for arterial blood sampling) 

™ Central venous pressure monitoring (measures intravascular volume, and the right heart preload) 

m Pulmonary artery catheterization (measures cardiac output, ensures optimal fluid resuscitation and helps 
in the use of vasoactive drugs). 


CVP monitoring indicates only the right heart filling or preload, is not a reliable measure of left ventricular 
preload. Pulmonary artery catheterization is useful for monitoring the left ventricular filling. 


RESPIRATORY SUPPORT 


Respiratory support is needed when respiratory failure occurs, due to inadequate exchange of oxygen or CO, 
to meet metabolic needs, which is determined by the lack of improvement with oxygen therapy or the patient 
is tiring with an increasing pCO,. The methods by which respiratory support can be given are: 
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Continuous positive airways pressure (CPAP) in a spontaneously breathing patient. This is indicated 
when: 

* The patient is tiring with rising pCO, 

* The patient is unable to maintain their own airway 

« Noninvasive ventilation is contraindicated 


te 


** Need for endotracheal suction 
Noninvasive positive pressure ventilation (NIPPV) is an alternative via a face mask. 


INOTROPIC SUPPORT 


This is needed when the patient is not able to maintain the blood pressure and urine output, by normal 
crystalloid support. Different inotropic agents are used in various circumstances: 


Noradrenaline: Dose 0.01 to 0.4 mcg/kg/min IV infusion — acts on o,-receptor causing vasoconstriction, 

in sepsis increases the renal blood flow and enhance urine production 

Adrenaline: Dose 0.01 to 0.30 mcg/kg/min IV infusion 

« In low doses: Acts on B-receptors (causes increase in heart rate and contraction) 

« In high doses: Acts on a-receptors (causes increased peripheral resistance) 

Dobutamine: Dose 1 to 25 mcg/kg/min via central vein—predominantly acts on B, (increases the heart 

rate and force of contraction) and also on B,- and a,-receptors (decreases peripheral and pulmonary 

vascular resistance) 

Dopamine: Acts directly on a, B and dopaminergic receptors and indirectly by releasing noradrenaline 

* Low dose: 0.5 to 2.5 mcg/kg/min (renal dose—increases renal and mesenteric blood flow. T renal flow 
results in GFR and 7 renal sodium excretion) 

* Moderate dose: 2.5 to 10 mcg/kg/min (cardiac dose—stimulates B ,-receptors causing T myocardial 
contractility, stroke volume and cardiac output) 

* High dose: >10 mcg/kg/min (cardiac plus—stimulates a-receptors causing T SVR, ¥ renal blood flow 
and ¢ potential for arrhythmias 

Dopexamine: Dose 0.25 to 0.5 mcg/kg/min—a synthetic analog of dopamine with B, activity with no 

o activity. 





Shock is defined as inadequate organ perfusion and tissue oxygenation. 
It is classified as: 

Hypovolemic shock 

Septic shock 

Anaphylactic shock 

Cardiogenic shock 

Neurogenic shock. 


HYPOVOLEMIC SHOCK 


This occurs due to loss of intravascular volume (blood or fluid), which results in activation of sympathetic 
nervous system, which causes tachycardia and vasoconstriction of skin, muscle and GI system, so that blood 
is directed to vital organs, e.g. brain, heart, etc. 

The vasoconstriction of renal and splanchnic circulation causes renal failure, GI sloughing and 
hemorrhage. When shock persists, the perfusion of brain suffers causing confusion and aggression. The 
hyperventilation causes respiratory alkalosis, which is overtaken by metabolic acidosis due to poor tissue 
perfusion and anaerobic metabolism. The hypovolemic shock is classified depending on various factors 
(Table 4.1). 


SECTION III @ CRITICAL CARE 





Table 4.1: Classification of hypovolemic shock 


Class Blood loss Pulse rate Blood pressure Urine output Resp rate Consciousness Treatment 
(per min) (ml/hr) (per min) — level 

I <15% (upto 750ml) 60-100 Nochange >30 <20 No change Crystalloid/colloid 
II 15-30% (750-1500  >100 Pulse pressure 20-30 20-30 Anxious Crystalloid/colloid 

ml) reduced 
I 30-40% (1500-2000 >120 BP fall 5-15 30-40 Confused Blood 

ml) 
IV >40% (>2000 ml) >140 BP significant Anuria >40 Lethargic Blood 

fall 


Treatment of Hypovolemic Shock 


= Control of hemorrhage 
= Restoration of fluid volume. 


e A fluid challenge of 1 to 2 liters should be given for adults and 20 ml/kg for children 
e Rapid restoration of pulse and BP indicates a loss of <20 percent 
e If the response is transient in spite of resuscitation, it is beter to intervene surgically. 


SEPTIC SHOCK 


Shock occurring due to severe sepsis called systemic inflammatory response syndrome (SIRS). 


Symptoms and Signs 


= Heart rate (>90/min) 
m= ‘Temperature (>38 or 36) 
m= Repiratory rate (>20/min) 
@ Leukocyte count (>12000/cmm) 
Note: In the absence of infection, SIRS can be said to exist when two of the above criteria. 


Pathogenesis 


This results due to severe infection and inflammation, mediated by acute phace cytokines, which have a 
generalized effect distant to the site of original insult. Leukocytes adhere to endothelial cells via adhesion 
molecules leading to changes in vascular permeability and edema. 


LINE IMPEDANCE [9] 


The impedance seen at the source end of a lossless 
transmission line: 


Z. =7 I+p_, Z, + jZ, tan(B/) 
nm" 1-p —° Z, + jZ, tan(B) 








For a lossy transmission line: 
Z,+Z, tanh(y!) 
" “" Z,+Z, tanh (y) 
Line impedance is periodic with spatial period A/2. 


Zo = VL/C , the characteristic impedance of the line. [Q] 


p =the reflection coefficient 

Z, = the load impedance [Q] 

B = 2n/X, phase constant 

Y = a4tj6, complex propagation constant 


2} WAVELENGTH [cm] 


The physical distance that a traveling wave moves 
during one period of its periodic cycle. 





only 2h Vig 

B ok f 
B = wVLC = 2n/A, phase constant 
k= @,/ue = 2n/A, wave number 














v, = velocity of propagation [m/s] see p 2. 
f = frequency [Hz] 


1/4 QUARTER-WAVE SECTION 


A quarter-wave section of transmission line has the 
effect of inverting the normalized impedance of the 
load. 


4 


Zo SR, = 














To find Z;,, we can normalize the load (by dividing by the 
characteristic impedance), invert the result, and 
"unnormalize" this value by multiplying by the characteristic 
impedance. 


1 


Z 
In this case, the normalized load is aT =— 
eS, 


-l 
1 
so the normalized input impedance is a 


and the actual input impedance is Z, = 2Z, 


y COMPLEX PROPAGATION CONSTANT 


The propagation constant for lossy lines, taking into 
account the resistance along the line as well as the 
resistive path between the conductors. 


y=at jB=VZY =,|(R+ joL)(G+ joC) 
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oa = /RG attenuation constant, the real part of the 
complex propagation constant, describes the loss 

B = 2z/X, phase constant, the complex part of the complex 
propagation constant 

Z = series impedance (complex, inductive) per unit length 
[Q/cm] 

Y = shunt admittance (complex, capacitive) per unit length 
[Q"/em] 

R = the resistance per unit length along the transmission 
line [Q/cm] 

G = the conductance between conductors per unit length 
[Q"/cm] 

L = inductance per unit length [H/cm] 

C = capacitance per unit length [F/cm] 
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Treatment 


®@ Resuscitation 
m= Identification of the source of sepsis 
m= Treatment of focus of sepsis (antibiotics/drainage of pus) 
= Critical care management 
* Fluids 
¢ Oxygen administration 
“> Vasopressors 
* Steroids 
* Activated protein C 
¢« Hemofiltration. 


ANAPHYLACTIC SHOCK 


Incidence and Etiology 


This is a hypersensitivity reaction. 
The usual causes are: 

m Drugs 

= Blood transfusion 

= Radiological contrast. 


Pathogenesis 


It is mediated by immunoglobulin E (IgE). 


Symptoms and Signs 


Urticarial rash 

Wheeze due to bronchospasm 
Tachycardia 

Fainting 

Rhonchi 

Hypotension. 





Treatment 


Stop the cause if found 

Airway management and oxygen 
IV access and fluids 

Adrenaline (1 ml in 1:1000 IM) 
Antihistamine (IV) 
Bronchodilators. 


CARDIOGENIC SHOCK 


Occurs due to pump failure, commonly after myocardial infarction. 


NEUROGENIC SHOCK 


Occurs after spinal cord injury. 


Pathogenesis 


Occurs due to disruption of autonomic nervous system control over vasoconstriction, which results in a 
decrease in peripheral vascular resistance and blood pressure, with resultant bradycardia. Temperature control 
may also be lost. 


Treatment 


= Ventilation 
m Fluid management 
= Inotrope support. 








Incidence and Etiology 


m Acute respiratory distress syndrome (ARDS) indicates the acute diffuse pulmonary inflammatory response 
to either direct or indirect insults from extrapulmonary pathology 
« Direct—via airway or injury to chest (e.g. aspiration, toxic gases, pneumonia) 
¢ Indirect—blood-borne insults (e.g. sepsis, polytrauma, severe burns, drugs) 

m= Frequently associated with multiple organ (kidney, liver, intestines) dysfunction. 


Pathogenesis 


m™ Pathogenesis is complex 

m There is transudation of fluid in the lungs, thickening of alveolar capillaries resulting in ventilation/ 
perfusion mismatch. The pulmonary artery wedge pressure remains normal, distinguishing it from 
pulmonary edema. 


Clinical Presentation 


They are not specific, but share many things with other pulmonary pathologies. 


Relevant Investigations 


m Blood gas analysis (PaO, / FiO, of less than 200 mm Hg) 
m Chest X-ray shows bilateral diffuse infiltrates 
m Pulmonary artery wedge pressure (less than 15 mm Hg). 


Treatment 


Current treatment is supportive and no specific therapy exists to modulate the sequence of events of ARDS: 
= Monitoring 


« Monitoring of all vitals 
= Ventilatory management 

¢ Mechanical ventilation to permit adequate oxygen uptake 
= Nonventilatory management 

* Treatment of underlying risk factors 

* Enteral feeding 

* Maintenance of hemodynamic stability and cardiac output. 





Spine and Spinal Cord Injuries 
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. Thoracic Injuries 
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Trauma 


Abdominal Injuries 
Urological Injuries 
Male Genital Injuries 
Female Genital Injuries 
Hand Injuries 


Polytrauma 


INTRODUCTION 


Management of a patient with polytrauma depends on proper and systematic clinical evaluation, which 
identifies immediate and potentially life-threatening conditions before the limb threatening ones, but does 
not omit the latter. This usually starts with a call from ambulance control. 

The first couple of hours following injury are critical, as the patient is very vulnerable. This critical time 
period is called ‘golden hour’, which is usually spent in the place of accident or in the emergency department, 
making this period extremely crucial. 

The trauma life support program consists of: 
Preparation 

Primary survey and resuscitation 

Secondary survey 

Continuous monitoring and evaluation. 


PREPARATION 


Prehospital Communication 


A warning from the ambulance control ideally from the scene of accident provides essential information so 
that receiving personnel are ready to receive the patient of trauma, which provides assessment and treatment 
without delay. The essential prehospital information are: 

m Nature of injury 

m Mechanism of injury 








SECTION IV @ TRAUMA 


Number, age and sex of the casualties 

Consciousness level of the casualties 

Airway, breathing and circulatory status of casualties 
Treatment provided 

Estimated time of arrival 

Treatment options required. 


TRAUMA RECEPTION TEAM 


The make-up of this team varies between hospitals depending upon the resources and the time of the day. The 
trauma team should consist of: 

® Trained medical personnel 

= Supportive trained paramedical personnel 

m A team leader who should assign specific tasks to each person. 


The trauma reception team undertakes the following tasks: 


Team Leader 


Coordinates the tasks assigned to the team members 
Questions ambulance personnel 

Assimilates clinical findings 

Determines investigations in order of priority 

Liaises with relatives and provide information to trauma team 
Liaises with specialists who are called. 


Team Members 


Manage the airway 

Clear the secretions and intubate if necessary 
Manage circulation 

Establish infusion line quickly 

Takes blood for investigations 

Supportive measures 

Connect to monitors 

Urinary catheterization 

Jugular vein catheterization where necessary. 


Receiving the Patient 


Receiving and transferring the patient (Fig. 6.1) is very crucial and requires five people to do the job, which 
should be a well practiced procedure in order to protect the spinal cord if it is intact, and to prevent further 
injury if it is already compromised. During the transfer, the patient’s head and neck are stabilized by one 
member of the team, three others lift from the side and the fifth member replaces the ambulance trolley with 
the resuscitation trolley. 


Primary Survey and Resuscitation 


The activities listed below are carried out simultaneously if there are enough personnel, if not should be done 
in alphabetical order (ABCDE). 

m Airway and cervical spine control 

Breathing 

Circulation and hemorrhage control 

Disability 

Exposure. 


Airway and Cervical Spine Control 


A cervical spine injury should be assumed if the patient has been the victim of significant blunt trauma or if 
the mechanism of injury indicates that the cervical region may have been damaged. One member of the team 
needs manually to immobilize the cervical spine while talking to the patient which also assesses the airway. 





FIG. 6.1: Patient with polytrauma 
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If the patient is able to give a logical answer in a normal voice, the airway is assumed to be patent and the 
brain adequately perfused. 


m Ifthe patient gives an impaired or fails to reply, the airway could be obstructed, and immediate measures 
should be taken: 


2 
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o 
Do 


o, 
DG 


o 
Do 


o 
Do 


A simple chin lift will help in relieving the obstructing soft tissue usually the tongue 

Saliva, blood, vomitus, tooth or other foreign bodies should be removed 

Suction through rigid suction tube is necessary to remove secretions 

In patients who vomit and regurgitate, head end of the bed should be dropped 20 degrees, allowing 
the secretions to drip down and facilitate removal by suction 

A nasogastric tube may be inserted to aspirate the stomach contents and prevent further vomiting. 


When it is established that the airway is clear and patent, 100 percent oxygen is provided via mask or 
by endotracheal intubation. Pulse oxymeter is connected to maintain good SaO,, if needed with ventilatory 
support. 

The neck should be examined for the following five signs which could indicate the presence of immediately 
life-threatening thoracic conditions (Table 6.1). 

When below given signs in Table 6.1 are checked, the neck may be immobilized with appropriate collar if 
the patient is not restless, in a restless patient, semi-rigid collar is accepted. 


All the multiple injured patients, particularly those who have injuries above the clavicle or a change in level of 
consciousness, should be treated as though they have a cervical spine injury, until it is ruled out. 


Breathing 


The clinical examination of chest consists of: 
= Inspection 


o 
OG 


o 
Do 


o, 
Do 


o 
OG 


Marks and wounds 
Respiratory rate 

Inspiratory effort 

Symmetry of chest movements 


Table 6.1: Signs of life-threatening thoracic conditions 





Signs Conditions 
il, Swellings and wounds Vascular and airway injury 
oe Distended neck veins Cardiac tamponade, tension pneumothorax 
35 Tracheal deviation Tension pneumothorax 
4, Subcutaneous emphysema Pneumomediastinum 
5, Laryngeal crepitus Fracture of laryngeal cartilage 


MODULATED WAVE 


Suppose we have a disturbance composed of two 


frequencies: 
sin [ (a, —6)t—(B, - 58) z| 
and sin[ (@, +8)1—(B, +88) < | 


where Wp is the average frequency and By is the average 
phase. 


Using the identity reo AaB }(S* sin A+sin B 
2 2 
The combination (sum) of these two waves is 


2 cos (dt — 5Bz) sin (@t — Boz) 


envelope carrier 

















The envelope moves at the group velocity, see p 7. 


5 = "the difference in"... 

@p = carrier frequency [radians/second] 

@ = modulating frequency [radians/second] 
Bo = carrier frequency phase constant 

B = phase constant 





So the sum of two waves 
will be a modulated wave 
having a carrier frequency 
equal to the average 
frequency of the two waves, 
and an envelope with a 
frequency equal to half the 
difference between the two 
original wave frequencies. 


ve GROUP VELOCITY [cm/s] 


The velocity at which the envelope of a modulated 
wave moves. 


» -d0_ 1 fe 
g 5B ILC, wo 


L = inductance per unit length [H/cm] 

Cp = capacitance per unit length [F/cm] 

€ = permittivity of the material [F/cm] 

lL. = permeability of the material, dielectric constant [H/cm] 
@, = carrier frequency [radians/second] 

@ = modulating frequency [radians/second] 

B = phase constant 


Also, since B may be given as a function of , remember 
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OMEGA - BETA GRAPH 


This representation is commonly used for modulated 
waves. 


ta _ d@ : 
slope is “ap group velocity 


7 ~~ slope is phase velocity 
for a particular o, B. 


5 SKIN DEPTH [cm] 


The depth into a material at which a wave is 
attenuated by 1/e (about 36.8%) of its original 
intensity. This isn't the same 6 that appears in the 
loss tangent, tan 6. 





1 
6=—= where: 
oO 











a = /RG attenuation constant, the real part of the 
complex propagation constant, describes loss 

l. = permeability of the material, dielectric constant [H/cm] 

@ = frequency [radians/second] 

© = (sigma) conductivity [Siemens/meter] see p12. 





Skin Depths of Selected Materials 





60 Hz 1 MHz 1 GHz 





silver 8.27 mm 0.064 mm 0.0020 mm 
copper 8.53 mm 0.066 mm 0.0021 mm 
gold 10.14 mm 0.079 mm 0.0025 mm 
aluminum 10.92 mm 0.084 mm 0.0027 mm 
iron 0.65 mm 0.005 mm 0.00016 mm 
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™ Percussion 

«Assess ventilation at the periphery 
= Auscultation 

¢ Assess defects in air movement. 


The respiratory rate and effort are sensitive indicators of underlying lung pathology, and requires to be monitored 
and recorded at frequent intervals. 


Circulation and Hemorrhage Control 


Bleeding can result due to: 
® Fractures of long bones 
m™ Vascular injuries 
= Soft tissue injuries 

Application of pressure is the best way of management of hemorrhage, as tourniquets increase intraluminal 
pressure of the vessels, distal ischemia and tissue necrosis. Application of tourniquet is undertaken in select 
situations, and when used the time of application of tourniquet has to be noted so that neighboring soft tissue 
is not jeopardized. 


Recognition and Assessment of Hypovolemia 


The assessment of hypovolemia has to be done in a systematic manner: 
m@ Skin - color, clamminess and capillary refilling 

m Vital signs — heart rate, blood pressure and pulse volume 

= Consciousness level 


Isolated determinations of above parameters is unreliable as various organs try compensate at early stages, 
especially at extremes of age. 


Common sites of occult bleeding are: 

m Chest 

Abdomen and retroperitoneum 

Pelvis 

Long bone fractures 

External bleed into splints and dressings. 
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Fluid Resuscitation 


Once any overt bleeding is controlled, it is necessary to maintain the circulatory volume. This is done by 
administering a warm crystalloid followed by blood transfusions, maintaining the radial pulse and blood 
pressure. This administration of fluids is done by peripheral venous cannulation, and when not possible done 
through central venous catheterization. 
e Vital signs return to normal after less than 2 liters of fluid are administered, when the lost blood is less than 20 
percent of the blood volume 
e Transient responders who are actively bleeding or recommence bleeding during the resuscitation, and the 
improved vital signs deteriorate indicating loss of over 30 percent of the blood volume 
e Little or no response indicates that the loss is more than 40 percent or no hypovolemia. 
Disability 


Disabilities when occur in a patient with trauma shows seriousness. It can occur in: 
m= Hypoxia 

m= Hypovolemia 

= Hypoglycemia 

® Increased intracranial pressure. 


Exposure 


The patient’s clothes have to be removed by cutting through the seams so that there is minimal patient 
movement. All clothes are removed only after adequate intravenous access is established, as a rapid removal 
of tight trousers can precipitate sudden hypotension due to the loss of the tamponade effect in a hypovolemic 
patient. 

Once stripped, trauma victims should be kept warm with blankets when not being examined. Now the 
patient is rolled on and the spine examined from base of skull to the coccyx, with a rectal examination. 
What to look for during rectal examination in a trauma victim: 

Is the sphincter tone present? 

Is the rectal wall breached? 

Is the prostate in a normal position? 

Is there blood on the examiner’s finger? 


SECONDARY SURVEY 


Once the immediately life-threatening conditions are recognized and treated, the whole of the patient 
is assessed. This requires head to toe, front to back assessment along with detailed medical history and 
appropriate investigations. 


If the patient deteriorates at any stage, the airway, breathing and circulation must be immediately re-assessed as 
described in the primary survey. 


CLINICAL EVALUATION 
Eliciting History 


The history is elicited quickly and in concise manner, concentrating on: 
® Nature of injury 

m Mechanism of injury 

m Treatment provided 

™ Medical history. 


Physical Examination 


The physical examination should be done in a systematic manner. 


Scalp 


The scalp is examined for: 
m= Lacerations 
= Swellings 
m= Depressions 
The examination is carried out by inspection and palpation (by running the fingers on the scalp). 


e It should be remembered to examine the occipital region, which is usually missed out 

¢ Blind probing should be avoided as it may further damage the underlying structures 

e In children, bleeding from scalp lacerations can cause hypotension and efforts to stop bleeding (application of 
pressure, applying self-retaining retractors) have to be taken immediately. 


Neurological State 


The neurological state of the patient by the Glasgow Coma Score, the papillary responses and the presence of 
lateralizing signs should be assessed. This examination should be done frequently so that any deterioration is 
detected early. 


Base of Skull 


Since the skull base lies along a diagonal line running from the mastoid to the eye, the signs of a fracture in 
this region are also found along this line. 
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Signs of a base of skull fracture 


Bruising over the mastoid (Battle’s sign) 
Panda’s eyes 

Blood and CSF rhinorrhea 

Blood and CSF otorrhea 

Hemotympanum 

Scleral hemorrhage with no posterior margin 
Subhyoid hemorrhage. 


¢ Battle’s sign and Panda’s eyes appear after about 12 to 36 hours, and is not a reliable sign in a resuscitation room. 
¢ CSF rhinorrhea may be missed as it is invariably mixed with blood. 


Neck 


If any deformity is found, it is necessary to splint the neck preferably with a collar. 


Eyes 


Hemorrhage 

Foreign bodies (including contact lenses) 

Papillary response and corneal reflexes (in unconscious patient) 
Visual acuity (in conscious patient). 


Face 


The face is examined by systematic inspection and palpation, and look for: 


® Soft tissue injuries 

=| Fractures of midface 

m Fractures of mandible 

= Missing or lost teeth. 
e Midface fractures may be associated with fractures of base of skull 
e Mandibular fractures can cause airway obstruction due to loss of stability of tongue. 

Thorax 

The thorax is examined for 

= Soft tissue injuries 

m= Fractures of clavicles and ribs 

=| Crepitus (e.g. surgical emphysema) 

= Movements of chest (e.g. flail chest). 


Abdomen 


The abdomen is examined in a very systematic manner, without forgetting to examine the pelvis and 
perineum. Percussion is an ideal way to determine the injuries of liver and spleen. In penetrating injuries, if 
bowel is exposed, it should be covered immediately with sterile cloth. 

Urine output measurement is a good indicator in a shocked patient, and this requires catheterization for 
accurate measurement. Transurethral catheterization without any difficulty may indicate that is no severe 
urethral disruption. If the patient is not able to urinate, and catheterization is not possible, severe urethral 
injury should be suspected, and suprapubic catheterization should be done. The signs of urethral injury in a 
male are: 
® Bruising around the scrotum 
m= Blood at the urethral meatus 
m= High-riding prostate. 


Extremities 


The limbs are examined in the traditional manner of inspection, palpation and active and passive movement. 
m The fractures should be assessed and the blood loss estimated 
m Distal loss of arterial pulsation may be due to profound shock or arterial injury. 


DEFINITIVE CARE 


Once the patient is adequately assessed and successfully resuscitated, he is moved to the next stage for definitive 
care, but they are vulnerable during transfers as monitoring becomes difficult during this time. 


Before transfer, it is necessary to: 

m= Close an open wound with sterile pads 

™ Correct the deformity and splint the limb. 

Note: 

™ Intra-abdominal bleed should be suspected if the patient is hemodynamically unstable, especially if the 
lower six ribs are fractured or there are marks on the abdominal surface 

| In unexplained hypotension, pelvic bone injuries should be suspected. Compression or distraction test is 
useful 

= Clinical examination may not be reliable in neurologically unstable patients, and investigations like 
ultrasound and CT or MRI may be needed. Diagnostic peritoneal lavage may be relied upon in certain 
situations like massive hemoperitoneum. 
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Head Injuries 


Head injuries are classified into: 
Brain injury 

Fractures of skull 

CSF fistula 

Injuries of cranial nerves 
Vascular injuries (rare) 
Scalp injuries. 


BRAIN INJURY 


For the purpose of understanding the pathophysiology, brain injury is subdivided into: 
| Primary brain injury and 
= Secondary brain injury 


Primary brain injury is further classified into: 
= Concussion brain 

= Diffuse axonal injury 

@ Primary brainstem injury 

® Contusions and lacerations of brain 


These injuries occur depending on the: 
m™ Severity of impact 
= Direction of impact force 


Movement of head: 

* Type of injury: closed or penetrating injury. Mild force causes concussion of brain characterized by 
transient loss of consciousness, Post traumatic amnesia, confused state and patient recovers completely 

* Severe force causes Diffuse Axonal Injury characterized by prolonged unconsciousness and neurologic 
deficits 

« More severe force causes Primary Brain stem Injury. With extremely severe impact force, fatal injury 
occurs with death at the accident spot itself 

* To-and-fro movement of head shakes various parts of the brain within the skull causing different 
injuries: gray matter moves over white matter; subcortical white matter moves over basal ganglia; 
brain surface hits against the rough floor of cranial fossa floor and sharp edges of falx and tentorium 
leading to contusions of brain. When the pia-arachnoid is torn it is termed laceration. 

With impact force/acceleration-deceleration force, brain moves within the cranial cavity—cerebrum 

moves over brainstem leading to deformation of neuronal-synaptic membranes at central reticular core. 


Secondary Brain Injury 


Hypoxic-Ischemic injury to brain because of impaired breathing, aspiration, airway obstruction, chest 
injury, cervical spine injury, hypotension, etc. 

Intracranial hematomas (viz., acute extradural hematoma, acute subdural hematoma, acute intracerebral 
hematoma) or expanding contusions and brain edema can cause brain shifts and increased intracranial 
pressure 

Metabolic abnormalities of glucose, sodium, acid-base, etc. 


Acute extradural hematoma Vs Acute subdural hematoma: 


Acute extradural hematoma occurs at the site of impact and hence the scalp injury or fracture skull will 
give clue to the location of extradural hematoma 

Bleeding is usually from the middle meningeal branches or from fracture edges 

Acute subdural hematoma is 6 to 8 times more common than extradural hematoma and is often due to 
acceleration and deceleration injury 

Subdural hematoma can be contracoup, Le. its location can be diagonally opposite to the site of scalp 
injury. The bleeding is from the cortical veins 

Due to associated severe primary brain injury, prognosis is in general poor compared to isolated extradural 
hematoma. 
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FRACTURES OF SKULL 


Skull fractures are classified into: 
« Fractures of skull vault which can be: 
* Linear fracture (Fissured fracture) 
* Depressed fracture 
« Fractures of skull base which can involve: 
+ Anterior cranial fossa 
* Middle cranial fossa 
* Posterior cranial fossa 
They can be also be classified into: 
¢ Simple (or closed) fractures 
¢ Compound (or open) fractures 
(depending on the absence or presence of communication to atmospheric air through breach of skin 
or air containing cavities in the skull) 
Fractures of skull vault will indicate the location of underlying extradural hematoma when present 
Compound depressed fractures are potential source for spread of infection leading to brain abscess, 
meningitis, epidural /subdural abscess 
Depressed fractures of vault can lead to direct brain contusions and hematomas. 


Skull fracture indicates that the force of injury was severe but does not indicate the severity of brain injury. 


Symptoms and Signs 


Fractures of anterior cranial fossa (Fig. 7.1) can cause: 

« Ecchymosis of the upper eyelids appearing after about 24 hours 

* Subconjuctival hemorrhage in the upper eyelid in anterior skull base fractures is pointed towards the 
cornea and posterior limit will not be seen 

« In contrast in “Black Eye” where the injury is directly over orbit, the ecchymoses occur in both upper 
and lower eyelids and appear within minutes of injury 

« The subconjuctival hemorrhages are actually conjuctival in plane and will move with conjunctiva 

Cranial nerve palsies occur in fractures of the base of skull across or near the cranial nerve exit foraminae: 


oi 


* Fracture of temporal bone can explain 7th and 8th nerve palsies 


o 


«Fracture of superior orbital fissure can explain spread of injuring force close to 3rd, 4th and 6th nerves 


« Fractures near jugular foramen can cause lower cranial nerve palsies 
CSF rhinorrhea occurs in fractures involving cribriform plate or paranasal sinuses 





FIG. 7.1: Fracture of anterior cranial fossa 


m= CSF otorrhea occurs in fractures of temporal bone Eustachian tube CSF rhinorrhea. CSF leaks have the 
risk of meningitis 

= Pulsatile proptosis in head injury can be due to carotico-cavernous fistula or more commonly comminuted 
fracture of orbital roof with normal pulsation of brain being transmitted to orbit. In carotico-cavernous 
fistula bruit may be present over orbit. 


Note: Cranial nerve palsies can occur without skull fracture, e.g. olfactory nerve injury or optic nerve injury. 


Relevant Investigations 


X-rays (AP, lateral and oblique views) and CT of skull (Figs 7.2A to D) are diagnostic. 


Treatment 


m= Closed depressed fractures over forehead may need elevation for cosmetic purposes 
m Compound fractures will need debridement to prevent brain abscess. 
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SECTION IV @ TRAUMA 





FIG. 7.2A: CT—Fracture of frontal bone 


FIG. 7.2C: CT—Fracture of frontal sinus 





FIG. 7.2B: CT—Fracture 





FIG. 7.2D: CT—Subdural hematoma 


MAXWELL'S EQUATIONS 


Maxwell's equations govern the principles of 
guiding and propagation of electromagnetic 
energy and provide the foundations of all 
electromagnetic phenomena and their 
applications. The time-harmonic expressions can 
be used only when the wave is sinusoidal. 





STANDARD FORM TIME-HARMONIC 
(Time Domain) (Frequency Domain) 





Faraday's es: 
oa VXE=-joB 





sala =9 Vx A = joD+J 





Gauss' 
Law 





=P, 


V. 
no name iQ V-B 


law 











& = electric field [V/m] 

ZB = magnetic flux density [W/m’ or T] F = Uo¥ 
t = time [s] 

QZ = electric flux density [C/m7] F = eo¥ 

p = volume charge density [C/m’] 

# = magnetic field intensity [A/m] 

J = Current density [A/m’] 


*Maxwell added the 927 term to Ampere's Law. 
ot 





ELECTROMAGNETIC WAVES 


MODELING MAXWELL'S EQUATIONS 
This is a model of a wave, analogous to a 
transmission line model. 

L=u [H/m] 


2 G=0 | C=e 
[Q"/m] “T [F/m] 








° 
L = inductance per unit length [H/cm] 
Lt = permeability of the material, dielectric constant [H/cm] 
G = the conductance per unit length [Q”'/cm] 
© = (sigma) conductivity [Siemens/meter] 
C = capacitance per unit length [F/cm] 
€ = permittivity of the material [F/cm] 











propagation constant: Y= v( jo) ( JO@E+ 0) 


LOW FREQUENCY 


At low frequencies, more materials behave as 
conductors. A wave is considered low frequency 
when 











(0) 
o< E — is the dielectric relaxation frequency 
E 








1 : 
N= cS (1+ j) intrinsic wave impedance, see p 12. 
0 


What happens to the complex propagation constant at low 
frequency? From the wave model above, gamma is 


y= (Fou) (Jae+o) = Jans i+ 2° 


Since both w and ¢/o are small 
; lee ; 
y=,/ joLo fis 305° J jOuG (1) 


Since Vir Griz 


So that, with y=a+ jB 


we get a= Je p= ous or y=5(I+J) 


a = attenuation constant, the real part of the complex 
propagation constant, describes the loss 

B = phase constant, the complex part of the complex 
propagation constant 

© = (sigma) conductivity [Siemens/cm] 

5 = skin depth [cm] 

So the wave is attenuating at the same rate that it is 

propagating. 
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CSF FISTULAE 


Incidence and Etiology 


Leak of CSF is caused by: 


* Fractures involving cribriform plate or paranasal sinuses can lead to CSF rhinorrhea 
* Fractures of temporal bone can lead to CSF otorrhea and through Eustachian tube CSF rhinorrhea. 


Complications: Meningitis 


Symptoms and Signs 


Watery discharge is pathognomonic of CSF leak. 


Relevant Investigations 


CT of paranasal sinuses after intrathecal contrast is useful. 


Treatment 


Lumbar pucture and CSF drainage intermittently for 10 — 20 days 
Surgical repair is necessary if leak persists. 


SCALP INJURIES 


Scalp injuries indicate the sites of impact force. 


They are of three types: 
1. Contusions 
2. Lacerations 
3. Hematomas 


* Subpericranial—Confined to an area of one cranial bone and fixed 

* Subaponeurotic or subgaleal—More diffuse and extend beyond the margins of bones 

* Subcutaneous—Superficial and moves with the scalp. 

Fractures beneath scalp injury in unconscious patients suggest the possibility of underlying extradural 
hematoma 

Scalp injury over occipital region may give clue to posterior fossa hemorrhage 

The center of scalp hematomas may liquefy in the center after a few days and often give a false impression 
of depressed fracture to the palpating finger. 
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Symptoms and Signs 

® Bleeding from an open wound 

® Swelling in the head with or without external injury to the scalp. 
Treatment 


Immediate suturing of the wound, as the vessels are prevented from normal contraction by fixation of their 
walls to fibrous stroma of scalp. 


Note: When there is scalp laceration, before wound closure, depressed fracture has to be excluded clinically 
under aseptic precautions. 





Facial Injuries 


FRACTURES OF MIDFACIAL SKELETON 


m The fracture of facial skeleton is usually due to direct injury 
m Types of fractures of midface are: 

¢ Floor of the orbit (Blowout fracture) 

“ Zygomatic 

* Nasal 

« Maxillary [LeFort classification (Fig. 8.1) ] 


* LeFort I (low level fracture): This is horizontal fracture above the level of the nasal floor (Guerin’s 
fracture, floating fracture) 





LeFort classification 
of maxillary fractures 


| - Low level 


Il - Pyramidal (or) 
subzygomatic 


Ill - High transverse (or) 
suprazygomatic 














FIG. 8.1: Fractures of maxilla 





<x 
= 
= 
= 
or 
Ee 
¢ 
= 
= 
2) 
— 
Oo 
to 
a 


1. 
2. 
Sh 
4. 
5. 
6. 
rE 
8. 


* LeFort II (pyramidal or subzygomatic fracture): The fracture runs from the thin middle area of the 
nasal bones down either side crossing the maxillary processes into the medial wall of each orbit 

* LeFort III (high transverse or suprazygomatic fracture): The fracture runs from near the frontonasal 
suture transversely backwards, parallel with the base of the skull and involves the full depth of the 
ethmoid, including the cribriform plate. 


FRACTURES OF MANDIBLE 


Fractures of the mandible (Fig. 8.2) can be divided according to the anatomical location into 8 types: 
Dentoalveolar 

Condylar 

Coronoid 

Ramus 

Angle 

Body 

Parasymphysis 

Symphysis 


Mandibular fractures 


1. Dentoalveolar 5. Angle 

2. Condylar 6. Body 

3. Coronoid 7. Parasymphysis 
4. Ramus 8. Symphysis 





FIG. 8.2: Fractures of mandible 


The mandibular fractures can be: 
™ Unilateral 

m= Bilateral 

m= Multiple 

m= Comminuted. 





Clinical Presentation 


History 


| History of injury and hearing or feeling of a bone crack 
m= The nature of impact (direct violence, indirect violence or excessive muscular contraction) should be 
determined. 
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Symptoms 


= Pain and loss of function 
® Diplopia and enophthalmos are present in LeFort III type 
m= But loss of function may not be a feature of impacted fracture. 





FIG. 8.3A: Ecchymosis and nasal bleed in injury FIG. 8.3B: Subconjunctival hemorrhage 
of midface 





Signs 


Tenderness of the bone on applying pressure 

Swelling and ecchymosis (Fig. 8.3A) 

Nasal bleed (Fig. 8.3A) and CSF rhinorrhea are common in associated base of skull fractures 
Subconjuctival hemorrhage occurs in orbital bone fractures (Fig. 8.3B) 

Blebs on the skin overlying the fractured site 

Deformity: This is elicited by inspection, palpation and measurement. This is the most important sign of 
a fracture. The deformity in case of a flat bone is either depression or elevation and in case of long bone 
this is angular, lateral, longitudinal or rotatory. Hard palate is deformed in Le Fort I fracture (Fig. 8.4) 

m Dental alignment is lost in displaced fractures (Fig. 8.5). 
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FIG. 8.4: LeFort | fracture 


FIG. 8.6A: X-ray—Fracture of ramus of mandible FIG. 8.6B: X-ray—Fracture of condyle of mandible 





FIG. 8.6C: X-ray—Zygomatic fracture FIG. 8.7: CT—Fracture of orbital bones 


m Abnormal mobility: This is present in case of impacted fractures 

™ Crepitus: Also present in case of impacted fractures and should be elicited gently 

= Loss of function: For example, if the maxilla or the mandible is fractured, the patient may not be able to 
masticate properly. 


Relevant Investigations 


X-rays (Figs 8.6A to C) and CT (Fig. 8.7) are diagnostic. 


Treatment 


m= Undisplaced fractures need conservative management 
™ Displaced fractures require surgical treatment, fixation with plates and screws (craniomaxillofascial 
plating) and interdental wiring, with the aim to restore precise anatomical alignment. 
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Spine and Spinal 
Cord Injuries 





INJURIES TO BONY AND LIGAMENTOUS SPINE 


Incidence and Etiology 


When an overwhelming force strikes and compresses the spine, the bone crumbles resulting in fracture of 
spine 

The type of the vertebral fracture depends on the direction of injuring force and the curvature of spine at 
the time of injury 

With increasing force of injury, two or three columns of spine get injured leading to instability and 
dislocation 

Generally compression forces cause fracture while distraction forces cause ligament injury 

The injuring forces can cause injury to spinal cord/root. 


Symptoms 


When the spinal cord is not affected, pain on movement, stiffness and tenderness are the symptoms 
When the spinal cord is affected, neurological deficit occurs, depending on the level and completeness of 
damage to the cord 

« Limb paralysis like paraplegia or quadriplegia may be the presenting symptoms 

«Respiratory, circulatory and urinary bladder dysfunctions may be superadded. 


Signs 





Clinical examination is to determine the level and type of injury 

m™ External injuries give clue to the mechanism of injury (e.g. chin injury may indicate hyperextension 
injury, occipital injury may indicate flexion-distraction injury, vertex injuries may indicate vertebral 
compression). 


Relevant Investigations 


X-rays (Figs 9.1A and B), CT (Fig. 9.2) and MRI are essential to assess the extent of injury. 
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fracture vertebra 





10.670: va FIG. 9.2: CT cervical spine—Fracture body of C3 vertebra 
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Treatment 


Rest to the injured area may be sufficient with analgesic support. Many of them recover completely 
Surgical decompression and stabilization are mandatory for incomplete cord injuries. Though, the 
procedures are useful for bony stability in complete cord injuries, the neurologic recovery is poor. 


INJURIES OF THE SPINAL CORD 


Incidence and Etiology 


During the injuries of the spinal cord, the neurons suffer primary damage on impact and are prone to 

secondary injuries from hypoxia, hypotension, hematoma and swelling 

When the damage is severe, spinal cord function at and below the level of the lesion is abolished 

Spinal cord injuries are usually associated with injuries of vertebral column, usually fracture or fracture- 

dislocation 

The mechanisms of injury to the spinal cord /root are by: 

“ Primary injuries: The primary injuring force itself can cause violent movement and stretching or 
disruption of cord with or without abnormal bony displacements 

* Secondary injuries: The fractured segments of vertebrae, extruded disk, infolded ligaments and 
intraspinal hematomas can cause secondary compression of cord or roots causing neurologic deficit. 


Symptoms and Signs 


Paralysis occurs below the level of the lesion, e.g. thoracic cord injury leads to paraplegia and cervical cord 
injury leads to quadriplegia 

Flaccid paralysis with no sensation indicates complete lesion with a poor prognosis 

Signs suggestive of spinal cord injury are given in Table 9.1 

In an unconscious patient, some symptoms suggest spinal cord injury (Box 9.1). 





Table 9.1: Spinal cord injuries and their signs 


Complete cord injur Total paralysis with loss of sensation below level of injury 
yLiny ry 


Cord hemisection (Brown-Sequard syndrome) Ipsilateral paralysis with contralateral loss of sensation below level of 


lesion 


Central cord syndrome Greater motor loss in the upper limbs than the lower limbs 


Variable sensory loss below level of lesion 


Anterior cord syndrome Paralysis, loss of pain/temperature sensation below level of lesion 


Proprioception and vibration preserved 


HIGH FREQUENCY 
At high frequencies, more materials behave as 
dielectrics, i.e. copper is a dielectric in the gamma 
ray range. A wave is considered high frequency when 
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What happens to the complex propagation constant at high 
frequency? 
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tan 6 LOSS TANGENT 


The loss tangent, a value between 0 and 1, is the loss 
coefficient of a wave after it has traveled one 
wavelength. This is the way data is usually presented 
in texts. This is not the same 6 that is used for skin 
depth. 





re) 
tan 6 = — 











Graphical representation of 
loss tangent: 


For a dielectric, 
tand<1. 


a= (tan8)B= "and 


@e_ is proportional to the amount of current going through 
the capacitance C. 

o is proportional to the amount current going through the 
conductance G. 
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TEM WAVES 
Transverse Electromagnetic Waves 


Electromagnetic waves that have single, orthogonal 
vector electric and magnetic field components (e.g., 2, 
and %,), both varying with a single coordinate of space 
(e.g., z), are known as uniform plane waves or 
transverse electromagnetic (TEM) waves. TEM 
calculations may be made using formulas from 
electrostatics; this is referred to as quasi-static 
solution. 


Characteristics of TEM Waves 
e The velocity of propagation (always in the z direction) is 
v= 1/.{ue , which is the speed of light in the material 
e There is no electric or magnetic field in the direction of 
propagation. Since this means there is no voltage drop in 


the direction of propagation, it suggests that no current 
flows in that direction. 


e The electric field is normal to the magnetic field 


e The value of the electric field is n times that of the 
magnetic field at any instant. 


e The direction of propagation is given by the direction of 
EXxH. 


e The energy stored in the electric field per unit volume at 
any instant and any point is equal to the energy stored in 
the magnetic field. 


TEM ASSUMPTIONS 
Some assumptions are made for TEM waves. 


Z=0 #,=0 


o=0 time dependence ei™ 
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Box 9.1: Signs suggestive of spinal cord injury in an unconscious patient 





+ Diaphragmatic pattern of breathing 
+ Unexplained hypotension 

+  Flaccid paralysis 

+ Reduced anal tone 


+ Urinary retention/Priapism 


Relevant Investigations 


X-rays and CT are useful in diagnosis. 


Treatment 


m The treatment should focus on maintaining stability of the vertebral column either by external or internal 
fixation 
m Recovery is variable and rehabilitation should start early for better results 
« Establish IV access and give good volume load to support blood pressure 
* Vasopressors may be needed to maintain circulation 
« Tracheal intubation and assisted ventilation may be needed to support ventilation 
* Nasogastric intubation may be needed for gastric decompression 
« Urethral catheterization is needed. 
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Thoracic Injuries 


RIB FRACTURES 


Incidence and Etiology 


= This constitutes the most common chest injury 

= Minor fractures are those confined to one or two ribs 

= Mechanism of injury 
« Upper rib injuries involve major energy transfer and are often associated with injuries to major vessels, 
brachial plexus and tracheobronchial tree 

«Fractures of lower ribs are frequently associated with liver and splenic injuries 


¢ Rib fractures in the elderly can occur after relatively low energy transfers as the bones are of low 
density and chest wall compliance is poor. 


Fractures of brittle ribs of elderly patients cause very little underlying injuries, whereas, flexible rib injuries of 
younger individuals cause severe injury without obvious fractures. 


Symptoms 


Severe pain on deep inspiration and coughing, poor inspiratory effort, and progressive atelectasis and 
pneumonia due to underlying lung contusion. 


Signs 





m= Crepitus, and bony tenderness 

Skin bruises should give the suspicion 

m= The hallmarks of rib fractures are intense pain, poor inspiratory effort, and progressive atelectasis and 
pneumonia due to underlying lung contusion. 


e Apical rib fractures are associated with injury to great vessels 
e Mid zone rib fractures are associated with pulmonary contusion 
e Basal rib fractures are associated with abdominal visceral injuries (liver, spleen). 


Relevant Investigations 

™ Chest X-ray shows the site and number of fractures (Figs 10.1A and B), underlying pleural and lung 
injuries 

™ Chest CT (Figs 10.2A and B) gives clearer view of fractures. 
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Treatment 


Centers around pain management: 

= Oral and parenteral analgesics 

= Intercostal nerve blocks 

= Epidural analgesia especially in elderly or patients undergoing abdominal surgeries. 





FIG. 10.1A: X-ray—Fracture rib FIG. 10.1B: X-ray—Fractures of lower ribs 
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Air in chest wall 





FIG. 10.2B: CT—Laceration of liver and perisplenic collection 


FLAIL CHEST 





Incidence and Etiology 


m When three or more ribs are fractured, each in more than one place, producing a free floating section of 
the chest wall with or without separation of the costochondral junction it is called a flail chest (Fig. 10.3) 

m The flail segment interferes with the ventilatory function by ineffective chest wall motion (paradoxical 
movement) i.e. movement inward with inspiration and outward with expiration, producing pain and 
splinting and thereby a fall in tidal volume, hypoxia and hypercarbia. 
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FIG. 10.3: Flail chest 
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™ Other causes for flail chest are: 
1. Traumatic disruption of ligaments and cartilages of ribs—not seen on X-ray. 
2. Destruction of ribs from malignant disease, e.g. multiple myeloma. 
3. Metabolic disease—osteitis fibrosa cystica. 
4. Nonclosure of median sternotomy wound. 


Symptom 

Dyspnea. 

Sign 

Paradoxical respiration and hypoxia. 


Relevant Investigations 


m= Chest X-ray—to assess fracture, lung injury, hemopneumothorax 
m Arterial blood gas analysis—to aid treatment of respiratory insufficiency (ventilation perfusion mismatch). 


Treatment 


Treatment of flail chest is shown in Table 10.1. 


Table 10.1: Treatment of flail chest 






Small No Good Pain relief and observation 


Moderate Severe Moderate Mechanical ventilation and analgesics 
Large Severe Bad Chest wall reconstruction and mechanical stabilization 


STERNAL FRACTURE 


Incidence and Etiology 


= Occurs mostly at the manubriosternal junction and is associated with very high velocity trauma 
® Injury to aorta, esophagus, bronchi, myocardium and spine need to be kept in mind. 


Symptom 


Severe pain over the anterior chest wall. 


Sign 
Crepitus over the fracture site is characteristic. 


Relevant Investigations 


Chest X-ray lateral view and CT (Fig. 10.4) demonstrate the fracture. 





FIG. 10.4: CT—Fracture sternum 


Treatment 


™ Sternal fractures can be managed conservatively with pain relief 
m Rarely, in case of persistent chest wall instability, fixation may be necessary. 


PNEUMOTHORAX 


Incidence and Etiology 


™ Defined as air in the pleural cavity 
m™ The types (Fig. 10.5) are: 
* Closed pneumothorax: Air in the pleural cavity and has no external communication (e.g. rupture of 
emphysematous bulla) or from outside 
“ Open pneumothorax: Air in the pleural cavity has external communication (e.g. penetrating chest wall 
injury or rib fracture) 
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Closed pneumothorax Open pneumothorax 





FIG. 10.5: Types of pneumothorax 


* Tension pneumothorax: Continued entry of air into the pleural cavity, increasing the intrapleural 
pressure above the atmospheric pressure, which results in the shift of the mediastinum away from the 
side of injury. 


Symptoms 


Chest pain, dyspnea and tachycardia. 


Signs 


™ On examination the neck veins are distended, the trachea and apex beat are shifted away from the side of 
tension, breath sounds become distant or absent on the side of tension, due to the presence of air between 
the chest wall and the lung substance 

m= The chest on the affected side is more resonant (DD—hemothorax, hydrothorax) on percussion. 


Relevant Investigations 


m= Chest X-ray (Figs 10.6A to C) is conclusive, with shift of mediastinal structures away from the side of the 
pathology, with air shadow lateral to the lung parenchyma on the side of the pathology 
™ CT (Figs 10.7A and B) is diagnostic. 





FIG. 10.6A: Chest X-ray—Right pneumothorax FIG. 10.6B: Chest X-ray—Right pneumothorax 
in patient on ventilator 





FIG. 10.6C: Chest X-ray—Tension pneumothorax 
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SECTION IV @ TRAUMA 
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FIG. 10.7A: CT—Left pneumothorax with fractures of ribs FIG. 10.7B: CT—Right tension pneumothroax 


Treatment 


m= Open pneumothorax: The external wound is closed with a tape to convert it into a closed variety, supported 
by intercostal drainage 

m= Closed and tension pneumothorax: Simple aspiration of air from the pleural space followed by tube 
thoracostomy. 


e Large chest wall wounds more than 75 percent the diameter of trachea allow preferential air entry through the 
chest wall. Any attempt to ventilate leads to movement of air in and out of the defect. No ventilation is achieved, 
and severe respiratory compromise occurs 


e All traumatic pneumothoraces should be drained 
e Massive air leaks may require bronchoscopy to exclude bronchial rupture 


e Bronchial rupture should be suspected in the presence of deceleration injury, mediastinal widening, hemoptysis, 
first rib and clavicular fractures. 


SURGICAL EMPHYSEMA 


Incidence and Etiology 


Defined as air in the subcutaneous tissues due to the air entry from the injured lung or external injuries like 
fractured rib. 


WAVE ANALOGIES 


Plane waves have many characteristics analogous to 
transmission line problems. 





Transmission Lines Plane Waves 





Phase constant Wave number 
@ 20 


B=ovVL ieee k =@,/pe = — 
vy, A v, A 
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Complex propagation const. 
y= at jp 
= |(R+ jaL)(G+ joc) 


Complex propagation 
constant 








y= J(jou) (joe+s) 





Velocity of propagation Phase velocity 
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Characteristic impedance Intrinsic impedance 


LV, u_E 
Zo= fost me 
: E f ul i i. 


k WAVE NUMBER é[rad./cm] 


The phase constant for the uniform plane wave; the 
change in phase per unit length. It can be considered 
a constant for the medium at a particular frequency. 


k=" ohe = 


Vv 














k appears in the phasor forms of the uniform plane wave 
E,(z)=E,e™ + £,e™, ete. 


k has also been used as in the "k of a dielectric" meaning €,. 


7 (eta) INTRINSIC WAVE IMPEDANCE [Q] 


The ratio of electric to magnetic field components. 
Can be considered a constant of the medium. For 
free space, n = 376.73Q. The units of n are in ohms. 








Voltage Electric Field 
V(z)=Vie"%+Ve™ | E(z)=Ee "+E e* 





Current Magnetic Field 


H,(z)= alee -Ee*| 


at low frequencies 
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Line input impedance Wave input impedance 
Z,+ jZ, tan (Bl 
Zi, =Zo : d : (BI) Nin 
Z, + jZ, tan(B/) 


Sas tan (Kl 
* Ho + Jn, tan (Ki 








Z,+Z, tanh (y) 
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Reflection coefficient Reflection coefficient 


_2Z,-LZy op = deo No 


p i = 
Z, + Z) Ne + No 
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When an electromagnetic 
wave encounters a sheet of 
conductive material it sees an 
impedance. K is the direction 
of the wave, H is the magnetic 
component and E is the 
electrical field. E x H gives the 
direction of propagation K. 
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Pathogenesis 


The entrapped air gradually spreads along the fascial planes into the neck, mediastinum but, rarely down into 
the scrotum producing, a pneumoscrotum. 


Symptoms and Signs 


Subcutaneous tissues appear swollen and crepitus is a classical finding. 


Relevant Investigations 


™ X-ray is diagnostic and reveals the air shadow in the subcutaneous plane, and also the underlying cause 
(e.g. rib fracture) 
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FIG. 10.8: CT—Right sided surgical emphysema 
with rib fracture 





Treatment 


m Small emphysema resolves spontaneously 
= Hemodynamic instability warrants surgical intervention 
m™ Treating the underlying cause. 


HEMOTHORAX 
Incidence and Etiology 


Defined as blood in the pleural space, which is usually due to external (blunt or penetrating) trauma. 





Symptoms 


= Chest pain, dyspnea and tachycardia. 
I .. 
Ey Signs 
on Tachycardia 
= m Neck veins are distended 
2 m Trachea and apex beat are shifted away from the side of tension 
Q | The chest on the affected side is less resonant or dull (DD—pneumothorax) on percussion 
® ww Breath sounds become distant or absent on the side of lesion, due to the presence of blood between the 
chest wall and the lung substance 
m= Hypotension and shock may be evident depending on the amount of blood loss (bleeding from lung 


parenchyma is usually small but those from the intercostals and internal mammary arteries may be large). 


Relevant Investigations 


Chest X-ray (Fig. 10.9A) is conclusive, with shift of mediastinal structures away from the side of the 
pathology, with haziness with obliteration of costophrenic angle 
CT (Fig. 10.9B) is diagnostic. 





FIG. 10.9A: Chest X-ray—Left hemothorax FIG. 10.9B: CT chest—Bilateral hemothorax (Red arrows) with 
left 10th rib fracture (Blue arrow) 


Treatment 


Small collections of blood may be aspirated under aseptic conditions 

Large collections need intercostal drainage 

Thoracotomy is needed for massive bleeds (initial bleed of more than 1 — 1.5 liters), or continued bleeds 
of more than 200-300 ml/hr, to control the source of bleeding. 


e Early drainage is the key to success in the management of hemothorax 

¢ Once clot gets established, thoracotomy is needed 

e While draining hemothorax, it is advisable to use large drains (28 — 32 F) 

e Initial drainage of >600 ml or continued drainage of > 150 mi/hr will need thoracic surgical referral. 


PULMONARY CONTUSION/LACERATION 


Incidence and Etiology 


While contusions of the lungs are produced by blunt chest injury with hemorrhage and edema in the lung 
parenchyma, lung lacerations are due to penetrating injuries 

There may be associated injury to larger airways: 

* Blunt injury usually produces injuries within 2.5 cm of the carina 

* Penetrating injuries may be at any level. 

Alveolar microhemorrhages are responsible for the poor ventilatory status 

Tracheobronchial injuries may coexist. 


Complications: Mediastinal emphysema in case of major airway injury and hemopneumothorax in case of 
peripheral bronchial injuries. 


Symptoms and Signs 


Dyspnea, tachycardia and chest pain 
Small lacerations produce no symptoms. 


Relevant Investigations 


Chest X-ray is diagnostic, which shows vague opacification in the injured area (usually within 1-2 hours 
of injury) 

CT (Fig. 10.10) and MRI are conclusive 

Bronchoscopy is needed to evaluate tracheobronchial injuries. 
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FIG. 10.10: CT chest—Bilateral pulmonary contusion 


Treatment 


Most lacerations of the lung resolve spontaneously and need no treatment 

Large lacerations may require resuscitation and tube thoracostomy 

Bronchial injuries involving more than 1/3rd circumference of the bronchus require surgery 
Mechanical ventilation is warranted when there is profound V/Q mismatch. 


INJURIES OF THORACIC AORTA 


Incidence and Etiology 


Thoracic aorta is vulnerable for injuries at its three fixed sites: 

¢« Annulus 

« Ligamentum arteriosum—isthmus 

« Aortic hiatus 

The most common sites being: 

« The ascending aorta proximal to innominate artery 

* The descending aorta at the point beyond the origin of left subclavian artery (ligamentum arteriosum) 

Mechanism of injury: 

«Penetrating: More common and may involve other great vessels 

« Blunt: Rapid deceleration produces shear at the fixed portions of the aorta, or by anteroposterior 
compression. 


Almost 80 percent die on the way to the hospital. 


Symptom 





Severe respiratory distress. 


Signs 


m™ Features of massive hemothorax 
m Signs of shock may be evident 
= Neurological signs of cord compression may be present. 


Injuries distal to innominate artery may show pseudocoarctation syndrome (upper extremity hypertension and 
hypotension and low pulse in lower limbs). 
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Relevant Investigations 


m™ Chest X-ray and CT (Fig. 10.11) are diagnostic with the following findings: 

* Widening of superior mediastinum 

* Depression of left main stem bronchus 

* Loss of aortic knob 

* Massive hemopnuemothorax 

* Look for associated 1st rib fracture, flail chest, sternal fracture and fracture of thoracic spine. 
m Arteriography is useful for definitive diagnosis of location and extent of injury. 





FIG. 10.11: CT chest—Aortic rupture with upper rib fractures 
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Treatment 


Resuscitation is the primary and emergent treatment 
Resection of damaged segment of aorta and repair/interposition grafts is curative. 


INJURIES OF MYOCARDIUM 


Incidence and Etiology 


Myocardial injuries are caused by: 
« Penetrating injuries (e.g. gunshot or stab injuries) where the outcome of injury depends on size of 
pericardial defect 
¢ Blunt injuries 
+ Rupture into the pericardium producing pericardial tamponade 
* Myocardial contusion 
+ Arrhythmias. 
Commotio cordis is the condition of sudden cardiac death or near sudden cardiac death after blunt, low- 
impact chest wall trauma in the absence of structural cardiac abnormality. Ventricular fibrillation is the 
most commonly reported induced arrhythmia in commotio cordis. 
Blunt impact injury to the chest with a baseball is the most common mechanism and does not result solely 
from the force of a blow as it is not seen in association with any rib or sternal fracture. It is largely the result 
of the exquisite timing of the blow during a narrow window within the repolarization phase of the cardiac 
cycle, 15 to 30 msec prior to the peak of the T wave. Survival rates for commotio cordis are low, even with 
prompt CPR and defibrillation. 


Symptoms 


Dyspnea and cyanosis. 


Signs 


Examination reveals, distension of jugular veins, hypotension and narrowing pulse pressure and distant 
heart sounds (Beck’s triad) 

The jugular venous distension raises paradoxically on deep inspiration (Kussmaul’s sign), because the 
increased venous return cannot be accommodated within the constricted heart 

Signs of shock may be evident 

Pulsus paradoxus isa cardinal sign (drop in systolic BP >10 mm during inspiration due to CO, absorption). 


Relevant Investigations 


Chest X-ray is contributory with cardiomegaly 

ECG may remain normal for over 36 hours but exhibit features of ischemia, dysrhythmia later 
ECHO is done to assess regional wall motion abnormalities 

CPK-MB values show elevation (check values at admission, 24—48 hours). 


Treatment 


Cardiac monitoring and resuscitation are important 
Cardiac tamponade warrants pericardiocentesis/subxiphoid pericardial window 
Thoracotomy is done to create an opening of pericardial sac. 


ESOPHAGEAL INJURIES 


Incidence and Etiology 


Esophageal injuries are caused by: 

* Penetrating injury may occur at any level and are should be suspected when the injury crosses the 
midline (e.g. in sword swallowers as circus act), during esophagoscopy 

* Blunt injury: Usually following severe blow to the sternum or epigastrium. The common site of injury 
is at the lower 1/3rd esophagus. 


Symptoms 


Fever, dyspnea (due to mediastinitis or mediastinal emphysema) or tachypnea. 


Signs 


Features of surgical emphysema (spread of mediastinal emphysema to neck, face and chest wall) may 
supervene, with signs of hypoxia about 3—4 days later. 


Relevant Investigations 


Chest X-ray may reveal 

* Pneumomediastinum 

« Air in the prevertebral space 

* Left pleural effusion 

* Hemo or pneumothorax in the absence of rib fracture. 
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FIG. 10.12: Gastrograffin swallow—Leaking dye in esophageal perforation (penetrating injury) 


™ Gastrograffin swallow may show the leak (Fig. 10.12) 
m= Esophagoscopy may show the injury 
m Intercostal drainage shows particulate food matter, and show air leak during both phases of respiration. 


Treatment 


m Intercostal drainage is mandatory 
m Early operative repair of the esophageal tear is necessary. 


DIAPHRAGMATIC INJURIES 


Incidence and Etiology 


= Injuries of diaphragm are caused by: 
Blunt injuries produce large radial tears and herniation of abdominal viscera into the chest 


o 
Oo 
o 
Oo 


Penetrating injuries are small initially and enlarge over a period of time. 


Symptoms and Signs 

Diagnosis is difficult unless the tears are large and allows herniation of abdominal contents into the chest 
cavity—dyspnea and tachycardia. 

Relevant Investigations 


m Chest X-ray is contributory and may show: 

* Bowel loops in the chest (in herniation of small bowel) 

* Double shadow overlying the diaphragm 

* Nasogastric tube in the chest—in patients with gastrothorax. 
m= Contrast studies and CT of chest are conclusive. 


Treatment 


Surgical repair with or without mesh is mandatory. 
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Abdominal Injuries 


Abdominal injuries can be of two varieties. They are: 


1. 
2: 


Closed injuries (caused by blunt injuries) 
Open injuries (caused by penetrating or stab injuries). 


CLOSED INJURIES 


Caused by a blunt force exerted suddenly on the abdomen, such as: 

¢ Fall from a height 

¢ Blow with a fist 

«Injuries inflicted by heavy weapons like crowbars, poles, sticks 

¢ Run over injuries in road traffic accidents 

* Hitting against the steering wheel during sudden deceleration or braking of a speeding vehicle (in the 
absence of seat belt). 

They may lead to compression of intra-abdominal organs against the vertebral column causing rupture of: 

* Solid organs 

* Hollow organs 

«+ Mesentery 

« Detachment of gut from the mesentery 

¢ Contusion of abdominal wall. 


SHEET RESISTANCE [9] 


Consider a block of material with conductivity o. 





i 
It's resistanceis R=— Q. 
wto 


If the length is equal to the width, this reduces to 


And this is sheet resistance. 


HIGH FREQUENCY RESISTANCE [Q] 


When a conductor carries current at high frequency, 
the electric field penetrates the outer surface only 
about 1 skin depth so that current travels near the 
surface of the conductor. Since the entire cross- 
section is not utilized, this affects the resistance of the 
conductor. 





Cross-section 

of a conductor 
showing current 

flow near the surface: 


R a I = OL 1 
o8(perimeter) \Y 20 2w+2r 


6 = (sigma) conductivity (5.8x10° S/em for copper) 
[Siemens/meter] 

@ = frequency [radians/second] 

5 = skin depth [cm] 

Llo = permeability of free space [lo = 42x 10° [H/cm] 

w = width of the conductor [cm] 

t = thickness of the conductor [cm] 
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Tin WAVE INPUT IMPEDANCE [Q] 


The impedance seen by a wave in a medium. 
For example, the impedance of a metal sheet in a vacuum: 


metal vacuum 
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Note that a transmission line model is used here because it 
is analogous to a wave traveling ina medium. The "load" is 
the element most remote in the direction of propagation. 


1, +1, tanh(y/) 
: No tN tanh(y/) 





The input impedance is 1), = 
In this example, / is the thickness of a metal sheet. If the 
metal thickness is much greater than the skin depth, then 

1 : Z 
tanh(A/)= tanh] (+ iN = tanh [(big number )(1+ a) =] 
If Zis much less than the skin depth 6, then 


tanh(A/) = tant + (1+ sj) = tanh [(small number )(1+ a) 


= (same small number \(1 + j) = AU +j) 


tt MAGNETIC PERMEABILITY [H/m] 


The relative increase or decrease in the resultant 
magnetic field inside a material compared with the 
magnetizing field in which the given material is 
located. The product of the permeability constant and 
the relative permeability of the material. 


H= Holt, where py = 4ax107 H/m 


Relative Permeabilities of Selected Materials 





Air 1.00000037 Mercury 0.999968 
Aluminum 1.000021 Nickel 

Copper 0.9999833 Oxygen 

Gold 0.99996 Platinum 

Tron (99.96% pure) 280,000 Silver 0.9999736 
Tron (motor grade) 5000 Titanium 1.00018 
Lead 0.9999831 Tungsten 1.00008 
Manganese 1.001 Water 0.9999912 
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OPEN INJURIES 


™ Caused by any sharp instrument like knife, flying objects like bullets, missiles, pieces of wood or glass. 

m The incriminating agents enter the abdominal cavity taking with them some infection resulting in 
peritonitis. 

= The points of entry and exit of the agent will indicate the direction and the possible organs injured. 

+ Hollow organs may perforate and infect the peritoneal cavity (due to contamination by the contents 
of the organ—feces, urine, intestinal or gastric contents), or bleed (either into the organ or outside or 
both). 

* Solid organs cause hemorrhage (inside the organ or outside or both), and large bleeds cause shock and 
sometimes death. 


Symptoms and Signs 
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m General features: 
* Symptoms: Weakness, clouding of thoughts and speech, air hunger, restlessness, decreased or absent 
urine output 
* Signs: Pallor, tachycardia, hypotension, subnormal temperature. 
= Local features: Depend on the organ involved and the severity of damage. 


INJURIES OF LIVER 


Incidence and Etiology 


The liver ranks high on the list of intra-abdominal organs involved by injury: 

m= Blunt injuries are more common than the penetrating injuries, due to increase in motor traffic moving 
at high speeds, and are associated with fracture of lower ribs on the right side. The dome of the liver is 
involved with anterior-posterior tears, more on the right lobe (7:1). 

Spontaneous rupture of liver is seen in: 


* Primary carcinoma in adults 
¢ ‘Trauma during birth in children (postmature babies) being delivered per vaginum. 


Liver injuries (Fig. 11.1) are classified into: 

™ Transcapsular (blood and bile will seep into the peritoneal cavity) 

m Subcapsular (collection of blood between the capsule and the liver parenchyma mostly on the superior 
surface of liver) 

Central (interruption of liver parenchyma leading to intrahepatic hematoma, abscess and hematobilia). 
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1. Transcapsular 
2. Subcapsular 
3. Central 





FIG. 11.1: Types of liver injuries FIG. 11.2: X-ray showing lower rib fracture 


Symptoms and Signs 


 Transcapsular: Symptoms and signs of shock and peritoneal irritation (pain right upper abdomen with 
reference to the right shoulder, guarding and rigidity of the right hypochondrium, absent bowel sounds, 
shifting dullness) 

= Subcapsular: Local tenderness and increase in area of liver dullness 

= Central: Signs of shock may be present with hemobilia and hematemesis. 


Relevant Investigations 


m Plain chest X-ray (Fig. 11.2) will demonstrate fracture of lower ribs on the right side 

m= Plain X-ray abdomen may show haziness in the area of the liver with elevation of right dome of diaphragm 

m CT (Figs 11.3A and B) and MRI are useful in localizing the damaged areas of liver and collections of blood 
or bile 

™ Peritoneal tap may be useful in identifying bile leaks 

® Colloidal gold Au!” or Technitium-sulfur colloid Tc??™ scans are useful during active bleeding. 


Treatment 


= Correction of shock 
= No surgical intervention is needed for small injuries 








FIG. 11.3B: CT—Liver injury with hemoperitoneum 
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= Early surgical intervention, sometimes amounting to hepatectomy, is needed for large injuries associated 
with vascular or biliary tract injuries. 





® Post-traumatic liver hemorrhage is amenable to radiological intervention (embolization). 


INJURIES OF SPLEEN 


Incidence and Etiology 


m Spleen is the intra-abdominal organ most frequently injured by blunt trauma, usually by thoraco 
abdominal injuries associated with fractures of left lower ribs. 

m The causes of splenic injuries are: 
¢ Blunt injuries of lower chest and abdomen (e.g. automobile accidents—may be associated with rib 
fractures, lung injuries, fracture of spine, intra-abdominal organs) 

« Transabdominal and transthoracic penetrating injuries (e.g. gunshot or knife injuries—may be 
associated with injuries to left kidney, colon, pancreas, vascular structures of mesentery) 


o 


“ Operative injuries (e.g. during operations on adjacent viscera—gastrectomy) 

« Spontaneous rupture or minor trauma (e.g. enlarged spleen of malaria). 

m Splenic injuries may be: 

«Linear or stellate lacerations (due to excessive traction on the capsule during operations) 
¢ Capsular tears (due to excessive traction on the capsule during operations) 

¢ Subcapsular hematoma (due to excessive traction on the capsule during operations) 

¢ Puncture wounds (caused by penetrating injuries) 

* Intrasplenic hematomas (caused by penetrating injuries) 


« Rupture of parenchyma (due to extreme friability and vascularity of the organ). 


Symptoms 


Symptoms and signs of shock and peritoneal irritation. 


Signs 


m Pain left upper abdomen with reference to the left shoulder (Kher’s sign) 
™ Guarding and rigidity of the left hypochondrium 

m Absent bowel sounds 

m Shifting dullness 


m A mass of percussible area of fixed dullness in the left hypochondrium (Ballance’s sign) 
m= Lacerations may be seen on the left lower chest. 





e The clinical presentation of splenic injury is of three types: 
1. Acute: Immediate presentation of symptoms 
2. Delayed: A quiescent period of 7 days to less than 2 weeks, between the injury and intraperitoneal bleeding 
(Latent period of Baudet), probably related to a temporary tamponade of a minor laceration or the presence 
of a slowly enlarging subcapsular hematoma which eventually ruptures 
3. Occult: Mild symptoms caused by rupture of organized intrasplenic or parasplenic hematoma. 


Relevant Investigations 


m™ Plain chest X-ray chest will demonstrate fracture of ribs on the left side 
m Plain X-ray abdomen may show: 
¢ Haziness in the area of the spleen 
* Elevated immobile left dome of diaphragm 
* Medial displacement of gastric shadow with indentation 
* Obliteration of psoas shadow 
* Widening of space between splenic flexure and the preperitoneal pad of fat. 
| CT (Figs 11.4A to C) and MRI are useful in localizing the damaged areas of spleen and collections of 
blood 
™ Peritoneal tap may be useful in identifying blood in the peritoneal cavity. 
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FIG. 11.4A: CT—Splenic injury with lower rib fracture FIG. 11.4B: CT—Laceration of liver 
and perisplenic collection 
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FIG. 11.4C: CT—Combined renal and splenic injuries of automobile accident 


Treatment 


m Once the diagnosis is made the operation should not be delayed 
m= Splenectomy is the recommended treatment, regardless of the type and the extent of the injury. 





= Following splenectomy, to prevent the life-threatening infections (pneumococci), long-term prophylaxis 
with penicillin (minimum of 2 years), with immunization against Pneumococcus, Meningococcus and 
Hemophilus influenzae is required. 


INJURIES OF MESENTERY 


Incidence and Etiology 


m Mesentery consists of its arteries and veins and they may be injured by either penetrating or non- 
penetrating abdominal trauma 

m= In most cases, associated organ injuries are found 

m Isolated injury to mesenteric vessels is rare. 


Symptoms 


Depending on the size of the vessel lacerated, the rapidity of bleeding and associated organ injury, the patient 
will present with signs of shock, abdominal pain and distension. 


Sign 





On examination, tenderness is marked. 


When the bleeding occurs within the layers of mesentery, the clinical signs evolve slowly and the viability of the 
bowel is threatened. 


Relevant Investigations 

™ Plain X-rays may show air under the diaphragm when the bowel is perforated by the injury 
™ Peritoneal tap may be useful in establishing the bleeding. 

Treatment 


= Repair of the torn mesentery is required 
™ Resection and anastomosis is required for nonviable intestine. 


Q 
= 
> 
U 
— 
Mm 
2) 
— 

¢ 
> 
Ww 
s] 
fe) 
= 
2 
> 
lin 
Z 
qc 
S& 
za 
m™m 
wm 


INJURIES OF DUODENUM 


Incidence and Etiology 


m= Duodenum can be injured both by penetrating and nonpenetrating abdominal trauma 
= The duodenum can rupture: 
¢ Intraperitoneally and cause immediate chemical irritation of the peritoneum due to the highly alkaline 
duodenal content 
* Retroperitoneally (more common with blunt trauma such as steering wheel injuries). 


Symptoms and Signs 


m Intraperitoneal rupture: 

* Abdominal pain, fever and distension with vomiting 

* Examination shows marked tenderness in the upper abdomen and later signs of generalized peritonitis. 
® Retroperitoneal rupture: 

* Pain in the epigastrium and back, with pronounced vomiting 

* Testicular pain is a common feature of retroperitoneal rupture of duodenum. 


Relevant Investigations 


™ Plain X-ray of abdomen may show air under the domes of diaphragm (intraperitoneal rupture) or large 
accumulation of air above the right kidney (retroperitoneal rupture). Diagnostic accuracy can be increased 
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by injecting air in the Levine’s tube to increase the air collections. Water soluble dye injections in the tube 
can make the diagnosis more precise 

CT with contrast is conclusive 

Paracentesis may show bile-stained fluid, if the rupture is intraperitoneal. 


Treatment 


Simple suturing may be adequate in many cases 

Supplementary gastroenterostomy is required for large tears 

Rarely, even a pancreatoduodenectomy may be necessary for extensive trauma involving the periampullary 
region. 


INJURIES OF SMALL INTESTINE 


Incidence and Etiology 


Injuries to the small intestine are more common than injuries to the duodenum and large intestine, 
the usual mechanism being the blunt trauma crushing the bowel against the vertebral column, more 
commonly the duodenojejunal flexure and the ileocecal junction, the fixed parts 

Blunt injuries cause slow necrosis of bowel and leak occurs late 

Signs and symptoms develop late—2 to 3 days later, depending on the size of the damage and leak of 
contents 

Penetrating injuries can also cause small bowel trauma, but less commonly, probably due to its sliding 
away from a knife because of its great mobility 

Associated mesenteric tears are common. 


Clinical Presentation 


Abdominal pain, distension and vomiting 
Tenderness and guarding are pronounced around the damaged bowel and the patient may point it 
(Pointing sign). 


Relevant Investigations 


Plain X-rays may show air under the domes of the diaphragm 
Paracentesis will show bile-stained fluid. 


Treatment 


Simple suturing is done for simple tears 
Resections are required for large tears with nonviable bowel 
Peritoneal toileting is mandatory under cover of antibiotics. 


INJURIES OF LARGE INTESTINE 


Incidence and Etiology 


Large bowel injuries can be caused by penetrating and nonpenetrating injuries 
Ruptures may be: 

* Extraperitoneal for ascending and descending colon injuries, whereas 

* Intraperitoneal, when the injuries are of transverse and sigmoid colons 

Patient develops septic complications quickly as the large fluid leak is fecal and infected 
Delayed presentation is not uncommon as in small bowel injuries 


Symptoms 


m= Abdominal pain, vomiting and distension 


High grade fever occurs due to fecal contamination. 


Signs 


Signs of peritonitis. 


Relevant Investigations 


Plain X-rays may show air under the domes of the diaphragm (intraperitoneal ruptures) 
Paracentesis will show feculent fluid. 


Treatment 


Early laparotomy is required 
Closure of tears with proximal diversion is necessary 
Peritoneal toileting is mandatory under cover of broad-spectrum antibiotics. 
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Pathogenesis 


ABDOMINAL COMPARTMENT SYNDROME 


Incidence and Etiology 


Occurs when the intra-abdominal pressure rises above the venous pressure. 
This can be caused by: 

Blood 

Free gas 

Free fluid 

Tissue or splanchnic edema 

Organomegaly. 


Occurs due to underperfusion of intra-abdominal organs (e.g. gut, kidneys and liver). 


Symptom 

Falling urinary output. 

Signs 

Tense and quiet abdomen. 

Relevant Investigations 

Measurement of intra-abdominal pressure by connecting the urinary catheter to a pressure transducer 
(>20 mm Hg suggests abdominal compartment syndrome). 


Treatment 


Surgical exploration 





™ Patients may bleed torrentially when the abdomen is opened followed by hemodynamic instability, 
following visceral reperfusion 
= Assisted ventilation may be required for many days. 


€ ELECTRIC PERMITTIVITY [F/m] 


The property of a dielectric material that determines 
how much electrostatic energy can be stored per unit 
of volume when unit voltage is applied, also called the 
dielectric constant. The product of the constant of 
permittivity and the relative permittivity of a material. 


E=EE 


of, Where & = 8.85x10°4 F/em 


€- COMPLEX PERMITTIVITY 


” 


E 
where — = tand. 
E 


€, =e — je” 


In general, both ¢’ and e” depend on frequency in 
complicated ways. e¢’ will typically have a constant 
maximum value at low frequencies, tapering off at higher 
frequencies with several peaks along the way. ¢” will 
typically have a peak at the frequency at which e’ begins to 
decline in magnitude as well as at frequencies where e’ has 
peaks, and will be zero at low frequencies and between 
peaks. 


€, RELATIVE PERMITTIVITY 
The permittivity of a material is the relative permittivity 
multiplied by the permittivity of free space 
E=E, XE, 


In old terminology, €; is called the "k of a dielectric". Glass 
(SiOz) at €, = 4.5 is considered the division between low k 
and high k dielectrics. 


o CONDUCTIVITY [S/m] or [1/(Q-m)] 


A measure of the ability of a material to conduct 
electricity, the higher the value the better the material 
conducts. The reciprocal is resistivity. Values for 
common materials vary over about 24 orders of 
magnitude. Conductivity may often be determined 
from skin depth or the loss tangent. 


o= 


Nd 


l 
——*— S/m_ where 
MV, 


n, = density of conduction electrons (for copper this is 
8.45x10") [m™] 
qe = electron charge? 1.602x10*° [C] 


1 =v,t, the product of the thermal speed and the mean 
free time between collisions of electrons, the average 
distance an electron travels between collisions [m] 

m, = the effective electron mass? [kg] 

Vi, = thermal speed, usually much larger than the drift 


velocity vg. [m/s] 





Conductivities of Selected Materials [1/(Q-m)] 








Relative Permittivities of Selected Materials 





Air (sea level) 
Ammonia 
Bakelite 
Glass 

Ice 

Mica 

most metals 
Plexiglass 
Porcelain 
Paper 

Oil 


1.0006 
22, 

5 
4.5-10 
Sho 
5.4-6 
~1 

3.4 
i, 
2-4 
2.1-2.3 





Polystyrene 
Polyethylene 
Rubber 

Silicon 

Soil, dry 
Styrofoam 
Teflon 
Vacuum 
Water, distilled 


Water, seawater 


2.6 
DieDs) 
2.2-4.1 
11.9 
2.5-3.5 
1.03 
2.1 

1 

81 
72-80 





NOTE: Relative permittivity data is given for materials at 
low or static frequency conditions. The permittivity for 


most materials varies with frequency. The relative 


permittivities of most materials lie in the range of 1-25. At 
high frequencies, the permittivity of a material can be quite 
different (usually less), but will have resonant peaks. 


Tom Penick 


tom@tomzap.com www.teicontrols.com/notes 


Aluminum 
Carbon 


Copper (annealed) 
Copper (in class) 


Fresh water 
Germanium 
Glass 

Gold 

Iron 

Lead 


Power is the time rate of change of energy. 


3.82x10! 
7.14x104 
5.80x107 
6.80x107 
~107 
DIB 
22 
4.10x10’ 
1.03x10’ 
4.57x10 





Mercury 
Nicrome 
Nickel 
Seawater 
Silicon 
Silver 
Sodium 
Stainless steel 
Tin 
Titanium 
Zinc 


P POWER [Ww] 


1.04x10° 
1.00x10° 
1.45x10/ 
4 
~4.35x107 
6.17x10" 
2.17x10' 
1.11x10° 
8.77x10° 
2.09x10° 
1.67x10 


2 
Power reflected at a discontinuity: % power = lol x100 


Power transmitted at a discontinuity: % power = ( a lp|” x 100 
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Urological Injuries 


RENAL INJURIES 


Incidence and Etiology 


m= Kidneys are the most common organs to get injured in the urological system 

m Injuries to the kidneys may be caused by: 
* Closed blunt abdominal trauma such as road traffic accidents, during active sports and may be 
associated with lower rib fractures 

* Penetrating injuries by bullets, knives are also causes of renal trauma 

= Renal trauma is of three types: 


o 


* Minor trauma (e.g. renal contusion, subcapsular hematoma) 


o 


« Major trauma (e.g. deep cortical lacerations, extravasation of urine) 
* Renal vascular trauma (e.g. avulsion of renal pedicle). 
Symptom 


Hematuria is the most common symptom. 


Signs 


m Bruising over the ribs posteriorly or evidence of penetrating injury 
m Tenderness and guarding in the loin and expanding mass 
® Signs of shock may be seen in major trauma. 
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Relevant Investigations 


Plain X-rays may show fractures of lower ribs 

CT is the investigation of choice and accurate assessment is possible (Figs 12.1 and 12.2) 

Renal arteriography may be needed in cases where CT is not contributory, especially with renal vessel 
injuries. 





FIG. 12.1: CT—Injury of right kidney FIG. 12.2: Contrast enhanced CT—Left renal injury 


Treatment 


m= Any patient with renal injury should rest in bed and all urine samples should be examined for blood 

m= Surgical exploration is warranted in closed injuries, when there is retroperitoneal bleeding, expanding 
loin mass, urinary extravasation, evidence of nonviable renal parenchyma and renal pedicle injuries 

m= Exploration of abdomen is required for penetrating injuries for assessment of other injuries and kidney 
should only be explored when the condition warrants. 


URETERIC INJURIES 


Incidence and Etiology 


m= Most common cause of ureteric injuries is during abdominal and pelvic operations 
m= Urinary leak occurs around the 5th postoperative day 
m The operations associated with ureteric injuries are given in Table 12.1. 





Table 12.1: Causes of ureteric injuries 





Hysterectomy (abdominal or vaginal) — Sigmoid colectomy Excision of bladder diverticula 


open or laparoscopic 
Ovarian cystectomy Abdominoperineal resection Ureterolithotomy 
Anterior colporrhaphy Surgery for aortic aneurysm Ureteroscopy 


Nature of Injuries 


= Complete ligation of one or both ureters, leads to increase in intraureteric pressure, kidneys stop secreting 
urine, with resultant dilatation of pelvis and atrophy of kidney 

m Whenthe obstruction is incomplete (inclusion ina stitch), secretion continues to be normal, hydronephrosis 
and infection occur 

m When the ureter is divided or suffers crushing injury, urine leaks into the retroperitoneum or peritoneal 
cavity which may result in a urinary fistula 

The injury may be recognized at the time of surgery 

= If bilateral ligation is not recognized during surgery, it manifests as uremia. 
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Symptom and Sign 


The clinical presentation varies according to the nature of injury (Table 12.2). 





Table 12.2: Ureteric injuries and their clinical presentations 


Nature of injury Clinical presentation 

Symptoms Bilateral ligation Anuria in the immediate postoperative period 
Unilateral ligation No symptoms/loin pain/fever 

Signs Division Urine leak through the drain/wound/vagina 


Retroperitoneal urine leak Abdominal distension and paralytic ileus 


Intraperitoneal urine leak Abdominal distension and paralytic ileus with peritonitis and sepsis 
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FIG. 12.3: 'VU—Leakage of contrast from damaged ureter 


Relevant Investigation 


IVU (Fig. 12.3) or contrast enhanced CT will demonstrate the nature of obstruction and urinary leak. 


Treatment 


= If injury is recognized during surgery, it should be rectified immediately: 


o 


* Spatulation and end-to-end anastomosis is done, when the length is not lost 

* Incomplete damages to the ureter may be treated by stenting and spontaneous healing may be 
expected. 

* Surgical corrections (ureteroureterostomy, ureteroneocystostomy) are necessary to restore the 


anatomy, before renal function is compromised. 


URINARY BLADDER INJURIES 


Incidence and Etiology 


| Urinary bladder is partially extraperitoneal and is also closely covered by the parietal peritoneum, and 
because of this anatomy, it can rupture: 
« Extraperitoneally (80%) 
¢ Intraperitoneally (20%) 





Hand Injuries 


Incidence and Etiology 


Hand injuries form nearly one-third of all injuries to human body 

They can be: 

“* Open 

* Closed 

Acute injuries can be classified depending on the nature of force and on contamination as tidy, untidy and 

indeterminable injuries: 

* Tidy injuries: Clean cuts and incised wounds, usually resulting from sharp force 

“ Untidy injuries: Ragged skin wounds, may be with associated fractures, usually resulting from crush or 
avulsion force 

« Indeterminable injuries: Injuries where it is difficult to determine the extent of injury and the viability 
of tissues, usually caused by very severe force 

Injuries to the vessels, nerves, bones and joints may be present in any of the above injuries. 


Complications: Post-traumatic deformities like contractures, neurovascular deficit. 


Clinical Presentation 


The patient presents to the surgeon either in the acute stage or late. 


In acute injuries (Figs 15.1A to C), the pain is excruciating, and assessment is difficult, unless pain is 
alleviated by analgesics. When patients arrive late, infection gets superadded, and result in post-traumatic 
sequelae. 
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FIG. 15.1A: Traumatic amputation of FIG. 15.1B: Traumatic amputation of entire 
tip of middle finger index finger 





FIG. 15.1C: Penetrating injury of three fingers 


Nail injury: Avulsion of nail (complete or partial) (Fig. 15.2A) 

Skin damage: Loss of skin, especially degloving 

Nerve damage: Sensory or motor loss depending on the nerve affected 

Damage to arteries: Suspected by profuse hemorrhage (incomplete tears), gangrene (complete injuries) 
(Figs 15.2B to D) 

Damage to tendon sheaths and tendons: Lack in active movement 

Damage to bones and joints: Pain, deformity, tenderness and loss of movement. 
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FIG. 15.2A: Avulsion of nails by crush injury 





FIG. 15.2C: Gangrene of fingertip following 


FIG. 15.2D: Traumatic gangrene of little finger 
crush injury 


In acute injuries, for assessment of damage, surgical exploration may be necessary when in doubt and it should be 
done meticulously. The structures should be considered divided until otherwise proved. 


In late post-traumatic cases detailed examination of movements and sensation can be done with ease, and 

damage assessed completely. 

* Skin injuries: Necrosis of skin, may manifest as raw area, when very late, can present with contracture 
due to secondary healing. 

«Vascular injuries: Necrosed skin and deeper tissues 
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FIG. 15.3A: Boutonniére deformity of little finger FIG. 15.3B: Mallet finger 





FIG. 15.3C: Swan-neck deformity 


* Extensor tendon injuries: Dropped finger (if injury is at dorsum or proximal level), Boutonniére 
deformity (when injury is at proximal finger level) (Fig. 15.3A) and Mallet finger (when injury is 
at distal finger level) (Fig. 15.3B). Neglected or untreated Mallet fingers may progress to Swan-neck 
deformity (Fig. 15.3C). 
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« Flexor tendon injuries: Lack of movement of PIP joint suggest flexor digitorum sperficialis injury and 
DIP joint suggests flexor digitorum profundus injury 

« Nerve damage: Wasting of muscle groups, lack of sweating and trophic changes 

* Bone or joint injuries: Fractures with or without dislocations of joints. 


Relevant Investigations 


X-rays (in various views) are necessary to assess bone injuries 
Doppler studies are required to assess vascular damage. 


Treatment 


Bleeding can be controlled by elevating the limb or by applying pressure directly over the site with pads 

In acute injuries: 

« Skin injuries: Primary repair wherever possible 

«Vascular injuries: Primary microvascular repair 

« Boneand joint injuries: Proper debridement and splinting, reduction of dislocations and immobilization 

« Nerve injuries: Primary repair under magnification where possible 

“ Tendon injuries: Primary repair in clean wounds. 

In late post-traumatic cases: 

* Skin injuries: Wounds healing by secondary intention cause severe fibrosis and contractures, and may 
need release and repair and skin grafting in some cases 

* Vascular injuries: Grafts wherever required 

« Bone and joint injuries: Malunion or nonunion should be treated accordingly 

« Nerve injuries: Nerve grafts 

« Tendon injuries: Tendon transfers or grafts. 


Note: Dirty wounds should be debrided well and converted into a clean wound and further treatment is carried out. 


16. 


Wt 


18. 


Organs and Systems 


Oral Cavity 


Acute Odontogenic 
Infections 


Head and Neck 


Acute Suppurative 
Sialadenitis 
Ludwig’s Angina 


Thorax 


Acute Mediastinitis 
Acute Pleuritis 
Pleural Effusion 
Acute Empyema 
Thoracis 
Spontaneous 
Pneumothorax 
Foreign Bodies in the 
Respiratory Tract 
Suppurative or 
Aspiration Pneumonia 
Hospital Acquired 
Pneumonia 


19). 


20. 


Alli 


e Acute Lung Abscess 


e Pulmonary Embolism 


Breast 
e Breast Hematoma 


e Acute Breast Abscess 


Spine 

e Degenerative 
Diseases of Disk and 
Facet Joints 

¢ Spondylolisthesis 


Gastroenterology 
e Acute Abdomen 
— Acute upper 
abdominal pain 
— Acute lower 
abdominal pain 
e Acute Liver Abscess 
e Acute Cholecystitis 
e Acute Cholangitis 
e Primary Sclerosing 
Cholangitis 


Splenic Abscess 
Acute Hemorrhagic 
Pancreatitis 

Acute Appendicitis 


e Acute Mesenteric 


Lymphadenitis 
Acute Colonic 
Diverticulitis 

Acute Meckel’s 
Diverticulitis 

Acute Solitary Cecal 
Diverticulitis 

Acute Ulcerative 
Colitis 

Acute Intestinal 
Obstruction 
Gallstone Ileus 
Acute Intussusception 
Swallowed Foreign 
Bodies 

Perforated Bowel 
Pathologies 





MICROSTRIP CONDUCTORS 


How fast does a wave travel in a microstrip? The 
question is complicated by the fact that the dielectric 
on one side of the strip may be different from the 
dielectric on the other side and a wave may travel at 
different speeds in different dielectrics. The solution is 
to find an effective relative permittivity ¢€. .;; for the 
combination. 
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It's difficult to get more than 200Q for Zp in a microstrip. 








Microstrip Approximations 
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STRIPLINE CONDUCTOR 


Also called shielded microstrip. The effective relative 
permittivity is used in calculations. 


assuming w210h, = where 


€,, = the relative permittivity of the dielectric of thickness /y. 
€,. = the relative permittivity of the dielectric of thickness h. 


COPPER CLADDING 


The thickness of copper on a circuit board is 
measured in ounces. 1-ounce cladding means that 1 
square foot of the copper weighs 1 ounce. 1-ounce 
copper is 0.0014" or 35.6 um thick. 


Oy DIELECTRIC LOSS FACTOR [dB/cm] 


QL, 3,63 Potrat “sang 


2J€ er (€, -1) 


a, CONDUCTOR LOSS FACTOR [dB/cm] 
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22. 


23. 


e Intestinal Strictures 
e Bands and Adhesions 
e Enteroliths/Food 
Bolus 
e Volvulus 
— Sigmoid volvulus 
— Cecal volvulus 
— Midgut volvulus 
— Gastric volvulus 
e Intestinal Obstruction 
due to Herniae 
(Internal and External) 
e Paralytic Ileus 
¢ Torsion of Mesenteric 
Cyst 
e Torsion of Omentum 
¢ Colics 
e Gastrointestinal 
Hemorrhage 


Anorectum 

e Acute Anal Fissure 
e Anorectal Abscess 
¢ Hemorrhoids 

e Perianal Hematoma 
e Prolapse of Rectum 


Vascular System 

e Acute Limb Ischemia 

e Acute Intestinal 
Ischemia 

e Leaking or Dissecting 
Aortic Aneurysm 


24. 


25. 


26. 


Urology 


e Acute Retention of 
Urine 


e Hematuria 

e Renal Colic 

e Ureteric Colic 
e Acute Urethritis 
e Acute Prostatitis 


e Acute Prostatic 
Abscess 


Male Genitalia 

e Acute Scrotal Pain 

e Torsion of Testis 

e Torsion of 
Appendages of Testis 

e Acute Epididymo- 
orchitis 

e Traumatic Orchitis 

e Hematocele 

e Pyocele 


e Idiopathic Scrotal 
Edema 


e Acute Scrotal Abscess 
e Fournier's Gangrene 
e Acute Filarial Scrotum 
e Fracture Penis 

e Paraphimosis 

e Priapism 


Hernias 
¢ Complicated Hernias 


He 


28. 


20: 


30. 


Gynecology 


Acute Torsion of 
Ovarian Cyst 

Acute Salpingitis 
Rupture of Lutein Cyst 


Pediatrics 


Acute Intussusception 
Congenital Pyloric 
Stenosis 

Necrotizing 
Enterocolitis 
Tracheoesophageal 
Fistula 


Lymphatic System 


Acute Lymphangitis 
Acute Viral 

and Bacterial 
Lymphadenitis 
Acute Filarial 
Lymphangitis and 
Lymphadenitis 


Skin and Subcutaneous 


Tissues 

Hematoma 
Erysipelas 

Furuncle 

Cellulitis 

Acute Pyogenic 
Abscess 

Carbuncle 

Burns 

Necrotizing Fasciitis 


Oral Cavity 


ACUTE ODONTOGENIC INFECTIONS 


Incidence and Etiology 


Acute odontogenic infections present in three ways: 

i. Abscess 

ii. Cellulitis 

iii. Fulminating infections. 

The odontogenic abscesses present in many ways: 

= Acute periapical abscess (cause — Infective necrosis of pulp) 
= Acute dentoalveolar abscess 

m= Acute periodontal abscess 

m= Acute pericoronal abscess. 


Causative organisms 
= Staphylococci 

® Streptococci 

= Bacteroides. 


Pathogenesis 


The infection follows the path of least resistance, the deciding factor being the fascial planes: 
m Mandibular 2nd and 3rd molar infections perforate the lingual cortex and spread to submandibular space, 
as the roots of these teeth lie below the mylohyoid line 
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Mandibular premolars and first molars, involve the sublingual space, as the roots of these teeth lie above 
the mylohyoid line. 


Spread of Infection 


Acute periapical abscess (cause—Infective necrosis of pulp): Organisms from infected pulp invade periapical 
tissue through apical foramina 

Acute dentoalveolar abscess: Continuation of periapical abscess 

Acute periodontal abscess: Arises in the periodontal membrane adjacent to a periodontal pocket 

Acute pericoronal abscess: Arises around the crown of impacted or erupting teeth. 


Symptoms and Signs 


Acute periapical abscess: Severe throbbing pain in the affected tooth which may be carious 

Acute dentoalveolar abscess: Severe pain, submucosal and or extraoral swelling 

Acute periodontal abscess: Dull pain, rarely severe, pus discharge via gingival pocket 

Acute pericoronal abscess: Dull continuous pain, swelling of gingiva around the crown with or without pus 
discharge. 


Relevant Investigations 


Diagnosis is more clinical. X-rays are not diagnostic. 


Treatment 


Medical: Hydration, soft diet, analgesics, mouthwashes, broad-spectrum antibiotics 
Surgery: Extraction of affected tooth or incision and drainage of abscess when possible 
Conservative: Root canal treatment for acute periapical abscess. 


Head and Neck 


ACUTE SUPPURATIVE SIALADENITIS 


Incidence and Etiology 


Occurs generally in: 

* People with poor oral hygiene 

* Postoperative patients 

* Dehydration and reduced or obstructed salivary flow 

« By ascending infection from oral flora, usually Streptococcus viridans or pneumococci 
Parotid gland is usually involved 

Submandibular gland may also be involved. 


Clinical Presentation 


Acute parotitis: 


o 


« Painful unilateral parotid swelling with trismus, fever and tachycardia 

“On examination, the parotid is diffusely enlarged as a brawny swelling (Fig. 17.1) and extremely tender 
with purulent discharge through the Stenson’s duct. 

Acute submandibular sialadenitis: 

« Painful swelling of the submandibular gland 

“ On examination, the gland is enlarged and tender (Fig. 17.2) purulent discharge through the Wharton’s 
duct 


« Obstructing calculus may be seen or felt in the floor of the mouth (Fig. 17.3). 





SECTION V @ ORGANS AND SYSTEMS 








FIG. 17.2: Submandibular salivary gland abscess 





FIG. 17.3: Calculus in the Wharton’s duct (Courtesy: Dr Jacinth Cornelius) 





Relevant Investigation 


No special investigation is required. 


Treatment 


m= Broad-spectrum antibiotics are necessary 
m If abscess is formed, external drainage is necessary without waiting for fluctuation to establish. 


LUDWIG’S ANGINA 
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Incidence and Etiology 


= Usually due to dental infections 
m The infection is a mixture of aerobic and anaerobic organisms. 


Pathogenesis 
It is cellulitis involving the sublingual and submandibular spaces beneath the deep cervical fascia. 


Complication: Edema of glottis. 


Symptoms 


m™ Severe pain and swelling of neck (Fig. 17.4) 
m May cause respiratory embarrassment. 


Signs 


= Severely swollen neck 
m Marked tenderness. 


Relevant Investigation 


Culture of pus and identifying the organism. 


Oral cavity examination is mandatory. 
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FIG. 17.4: Ludwig’s angina 


Treatment 


 Broad-spectrum antibiotics 
™ Incision and drainage, if abscesses are found in the dental planes, with or without dental extractions. 


Thorax 


ACUTE MEDIASTINITIS 


Incidence and Etiology 


Acute suppurative mediastinitis occurs due to varied causes. They are: 
® Injury to cervical or thoracic esophagus 

Extension of cervical infections 

Secondary to osteomyelitis of ribs and sternum 

Extension of retroperitoneal infections 

Suppuration of mediastinal lymph nodes. 


Clinical Presentation 

m= Chest pain, fever and chills are commonly present 

m= Symptoms related to primary cause are usually present. 
Relevant Investigations 


™ X-ray chest (Fig. 18.1) shows mediastinal widening 
m= CT chest is diagnostic, especially of the primary cause. 
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FIG. 18.1: X-ray—Superior mediastinitis 


Treatment 


m Broad-spectrum antibiotics are necessary 
= Immediate surgery with adequate mediastinal drainage for esophageal injuries. 


ACUTE PLEURITIS 


Incidence and Etiology 

m= A simple term denoting the pleural involvement of any disease giving rise to pleuritic pain or evidence of 
pleural friction 

= Common feature of pleural invasion by pulmonary tuberculosis or bronchogenic carcinoma. 

Symptom 

Pain characteristically inspirational. 

Sign 


Chest movement may be restricted locally with an audible pleural rub. 





Relevant Investigations 


X-ray chest is useful in identifying the underlying cause. 


Treatment 


Analgesics are required to treat pleuritic pain with treatment focused towards the primary cause. 


PLEURAL EFFUSION 
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Incidence and Etiology 


Denotes accumulation of serous fluid in the pleural space, which results due to: 
m Increased hydrostatic pressure or decreased osmotic pressure (transudative effusion). The causes are: 
“Cardiac failure 
« Hepatic failure 
¢ Renal failure 
m= Increased microvascular permeability due to disease of pleura or adjacent lung (exudative effusion). The 
causes are: 
* Infections (e.g. bacterial, tuberculous, fungal, parasitic, viral) 
* Collagen vascular disease (e.g. rheumatoid, lupus) 
* Malignancy (e.g. mesothelioma, lung cancer, metastases) 
¢ Pulmonary embolism 
¢ Abdominal disease (e.g. pancreatitis, subphrenic abscess) 
m The effusion can be: 
¢ Unilateral (e.g. tuberculosis, malignancy) 
¢ Bilateral (e.g. cardiac failure, hypoproteinemia). 
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Symptom 


Breathlessness is the most common symptom. 


Signs 


m™ Reduced chest wall movement on the affected side, dullness on percussion and reduced or absent breath 
sounds and vocal resonance 
m= Large effusions shift the trachea to the opposite side. 


WHEELER'S EQUATION 


Another approximation for microstrip calculations is 
Wheeler's equation. 
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NETWORK THEORY 


S;, SCATTERING PARAMETER 


ij 
observation port sue aces excitation port 


A scattering parameter, represented by Sj, is a 
dimensionless value representing the fraction of wave 
amplitude transmitted from port j into port i, provided 
that all other ports are terminated with matched loads 
and only port j is receiving a signal. Under these 
same conditions, 5S; is the reflection coefficient at port 
1. 


To experimentally determine the scattering 
parameters, attach an impedance-matched generator 
to one of the ports (excitation port), attach 
impedance-matched loads to the remaining ports, and 
observe the signal received at each of the ports 
(observation ports). The fractional amounts of signal 
amplitude received at each port i will make up one 
column j of the scattering matrix. Repeating the 
process for each column would require n” 
measurements to determine the scattering matrix for 
an n-port network. 


Si, SCATTERING MATRIX 
Sy Sp ott Si 
Sx, Sy Soy 


Svi Swot Sy 


The scattering matrix is an nxn matrix composed of 
scattering parameters that describes an n-port 
network. 


The elements of the diagonal of the scattering matrix 
are reflection coefficients of each port. The elements 
of the off-diagonal are transmission coefficients, under 
the conditions outlined in "SCATTERING 
PARAMETER". 


If the network is internally matched or self-matched, then 
S,, =S5) =+++=Sy, =0, that is, the diagonal is all zeros. 


The sum of the squares of each column of a scattering 
matrix is equal to one, provided the network is lossless. 
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FIG. 18.2A: X-ray chest—Left pleural effusion FIG. 18.2B: X-ray chest—Maassive pleural effusion left side 


Relevant Investigations 


m= Chest X-ray shows a dense uniform opacity in the lower and lateral parts of hemithorax, shading off above 
and medially into translucent lung (more than 400 ml is required to blunt the costodiaphragmatic angle) 
(Figs 18.2A and B) 
™ US is very useful in differentiating the effusion and tumor 
CT (Fig. 18.3) is diagnostic 
m Aspiration of pleural fluid is necessary for: 
* Nature (blood — malignancy, embolus; milky — chyle; pus — empyema; straw color — tuberculosis and 
transudates) 
** Microbiology — culture sensitivity 
* Cytology 
* Biochemistry (Total proteins >3 g% - exudate, pleural LDH/serum LDH ratio >0.6 — exudates, high 
levels of triglycerides >110 mg% - chylothorax, amylase — pancreatitis, malignant effusions) 
m= Bronchoscopy biopsy, thoracoscopy and biopsy of enlarged lymph nodes may be needed to identify the 
primary cause 
m Pleural biopsy yields good results. 





FIG. 18.3: CT—Right sided pleural effusion 


Treatment 


Aspiration of pleural fluid may be necessary to relieve breathlessness, but treatment of underlying cause is 
necessary. 


ACUTE EMPYEMA THORACIS 


Incidence and Etiology 


m Empyema indicates pus in the pleural space, which may involve a part (loculated) or the whole of it 

m Always secondary to infection in a neighboring structure, usually the lung (bacterial pneumonia and 
tuberculosis) 

m Other causes being, infection of hemothorax or rupture of subphrenic abscess or liver abscess. 


Complications: Bronchopleural fistula, empyema necessitans, (empyema burrowing through the chest wall to 
present as an abscess externally), pleurocutaneous fistula, pericarditis, mediastinal abscess. 
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Symptom 


High intermittent pyrexia, with rigors, sweating, malaise and weight loss. 


Signs 


Pleural pain, breathlessness and cough with purulent sputum 
Clinical signs are those of pleural effusion. 


Relevant Investigations 


Chest X-ray is diagnostic 

US and CT give invaluable information 

Aspiration of pus is confirmatory 

Isolation of organism from sputum or pleural aspirate is useful in treatment. 


Treatment 


General: Supportive respiratory care, physiotherapy 

Drainage of pleural space (thoracentesis or close drainage) and irrigation with normal saline is necessary 
to clear the pleural space of the pus, under cover of appropriate antibiotics 

Underlying cause like pneumonia and tuberculosis need active treatment. 


SPONTANEOUS PNEUMOTHORAX 


Incidence and Etiology 


Pneumothorax is presence of air in the pleural cavity 

This is a sudden event 

Spontaneous pneumothorax can be: 

¢ Primary—withoutany obvious evidence of pulmonary pathology (e.g. rupture of small emphysematous 
bulla) 

* Secondary—due to underlying pulmonary pathology (e.g. COPD, tuberculosis). 


Symptom 


Sudden unilateral chest pain or breathlessness. 





FIG. 18.4: Chest X-ray—Right pneumothorax 


Sign 


Small pneumothorax shows no clinical signs, whereas, large ones show decreased movement of chest wall, 
hyper-resonant percussion note and decreased or absent breath sounds. 


Relevant Investigations 


m Chest X-ray (Fig. 18.4) shows sharply defined edge of the deflated lung with complete translucency 
between the line and the chest wall with no lung markings 
= CTis useful in defining the underlying pathology. 


Treatment 


m™ Percutaneous needle aspiration of air is necessary for full lung expansion 

m Intercostal tube drainage with underwater seal may be needed [See Chapter 31 (Insertion of Chest 
Drains) | 

m= Smoking should be completely avoided and the underlying pathology treated. 
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FOREIGN BODIES IN THE RESPIRATORY TRACT 


Incidence and Etiology 


Foreign bodies get lodged in the trachea and bronchi accidentally, and are more common in: 

* Children than in adults 

* The bronchus than the trachea 

* The right bronchus than the left, as the right bronchus is a direct continuation of trachea and is wider 
than the left bronchus. 

In children the objects are in the form of seeds, buttons, cells, etc. and in adults, they are dentures, loose 

teeth, etc. 

In adults, accidental lodging when they are under the influence of alcohol. 


Pathogenesis 


Foreign bodies act like a valve and cause symptoms (Table 18.1). 


Symptoms 


Dyspnea, cough, stridor, cyanosis and fever. 


Signs 


Rhonchi 
Reduced breath sounds. 


Relevant Investigations 


™ X-rays reveal the radio-opaque foreign bodies, and collapsed lungs 


Bronchoscopy is diagnostic (Figs 18.5 and 18.6). 


Table 18.1: Pathogenesis of foreign body obstruction in lower respiratory tract 





Stop valve Foreign body causes total obstruction and does not allow air entry (ingress) or allow air and secretions to 


escape (egress). The lobe of lung may collapse and consolidate 


Bypass valve | When the foreign body is small or has a hole, it allows ingress and egress of air 


Ball valve During inspiration, the bronchi dilate allowing air to enter (ingress), but does not allow air to escape (egress) 


as the bronchi constrict during expiration. The trapped air caused pneumothorax or emphysema 
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FIG. 18.5: Bronchoscopy—tTooth in the bronchus FIG. 18.6: Bronchoscopy—tTablet in the bronchus 
(Courtesy: Dr R Narasimhan and Dr Gayathri) (Courtesy: Dr R Narasimhan and Dr Gayathri) 
Treatment 


Bronchoscopic removal (using a rigid bronchoscope) is curative. 


SUPPURATIVE OR ASPIRATION PNEUMONIA 


Incidence and Etiology 


Suppurative pneumonia or pneumonic consolidation denotes destruction of lung parenchyma by 
inflammatory process with microabscess formation on histology 

Staphylococcus aureus and Klebsiella pneumoniae infections cause suppuration 

Suppuration has an insidious onset whereas aspiration is acute. 


Pathogenesis 


Inhalation of septic material during endotracheal anesthesia or by aspiration of gastric contents 
Aspiration may lead to severe acute respiratory distress syndome (ARDS). 
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FIG. 18.7: X-ray—Aspiration pneumonia right lung 


Symptoms 

® Productive cough (fetid or blood stained) 

m Pleural pain may be present 

m= High remittent pyrexia is common. 

Sign 

Sign of consolidation, with pleural rub. 

Relevant Investigation 

Chest X-ray (Fig. 18.7) shows homogeneous lobar or segmental opacity. A cavity with fluid level may indicate 
an abscess. 

Treatment 


= Broad-spectrum antibiotics form the mainstay of treatment 
m Surgical intervention may be required for abscess, which does not respond to medical therapy. 





HOSPITAL ACQUIRED PNEUMONIA 


Incidence and Etiology 


m Refers to a new episode of pneumonia 2 to 3 days after admission to hospital. 
m The predisposing factors for the development of pneumonia are: 

« Immunocompromised state (e.g. corticosteroid treatment, malignancy, AIDS) 
Reduced cough reflex (e.g. postoperative) 
Aspiration of gastric contents (e.g. vomiting, severe reflux, nasogastric intubation) 
Endotracheal intubation (e.g. mechanical ventilation) 
Bacteremia (e.g. sepsis). 
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Symptoms 

= Cough with purulent expectoration is the predominant symptom 
= Breathlessness will appear soon. 

Signs 

= Cyanosis 

™ Crepitations are heard on auscultation. 


Relevant Investigations 
m Leukocytosis is present 
m= Chest X-ray will show mottled opacities in both lung fields. 


Treatment 
= Broad-spectrum intravenous antibiotics are necessary 
® Physiotherapy is mandatory in immobile patients. 


ACUTE LUNG ABSCESS 


Incidence and Etiology 


m= A suppurative focus within the lung associated with necrosis 

The bacteria responsible for a lung abscess may reach the lung through various routes. They are: 
Aspiration down the tracheobronchial tree (e.g. bronchiectasis) 

By blood (e.g. septicemia) 

Trauma (e.g. penetrating trauma) 

Extension of adjacent suppurative focus (e.g. liver abscess). 
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m Other causes are: 
* Tumors of bronchus (e.g. bronchogenic carcinoma) 
* Suppuration of hematoma (e.g. penetrating trauma). 

Symptoms 

m= Appear acutely ill 

m= Cough with foul smelling purulent expectoration 

= Hemoptysis may occur 

m Fever 

= Breathlessless 

m= Chest pain. 

Sign 

Crepitations may be heard. 


Relevant Investigations 


X-ray and CT are diagnostic. 


Treatment 


m= Antimicrobial therapy resolves most abscesses 
= Surgical intervention (lobectomy or segmentectomy), is reserved for those which do not respond. 


PULMONARY EMBOLISM 


Incidence and Etiology 

Majority of pulmonary emboli result from deep venous thrombosis of lower limbs, and they can be acute 
(minor and massive) or chronic. 

Symptoms and Signs 


The symptoms and signs are tabulated in Table 18.2. 


Table 18.2: Symptoms and signs of pulmonary embolism 





Relevant Investigations 


Chest radiographs, ECG, arterial blood gases, ventilation-perfusion lung scanning and pulmonary angiography 
are useful investigations. 


Treatment 


| General: Opiates to relieve pain and distress, resuscitation by external cardiac massage, with oxygen 
support 

® Anticoagulation is necessary atleast for 5 days 

= Thrombolytic therapy is used in acute massive types. 





a,b, \NCIDENT/REFLECTED WAVE LOSSLESS NETWORK 
AMPLITUDES 
A network is lossless when 


The parameters a, and b, describe the incident and § S'=/ 
reflected waves respectively at each port n. These ee 
parameters are used for power and scattering matrix 
calculations. 


+ means to take the complex conjugate and transpose the 
matrix. If the network is reciprocal, then the transpose 
is the same as the original matrix. 

The amplitude of the wave incident to / = aunitary matrix. A unitary matrix has the properties: 

port is equal to the amplitude of the 


N N 
incident voltage at the port divided by SS. =1 S.S. =0 
the square root of the port impedance. = Kae 2 SN 








Amplitude of the wave reflected at port In other words, a column of a unitary matrix multiplied by its 
nis equal to the amplitude of the b complex conjugate equals one, and a column of a unitary 
reflected voltage at the port divided by matrix multiplied by the complex conjugate of a different 
the square root of the port impedance. column equals zero. 





The scattering parameter is equal to the wave 

amplitude output at port i divided by the wave ; 

amplitude input at port j provided the only ij RAT RACE OR HYBRID RING NETWORK 
source is a matched source at port j and all j : 

other ports are connected to matched loads. The rat race or hybrid 


3h 
4 
=a ring network is lossless, 
The relationship between the S-parameters reciprocal, and ®@ 
a i @ 





and the a- and b-parameters can be written in internally matched. 
matrix form where §S is the scattering matrix a 
and a and b are column vectors. 





Power flow into any port is shown as 1 2 2 
a function of a- and b-parameters. P= (|a = [>| 
2 The signal splits upon entering the network and half travels 

The ratio of the input power at port around each side. A signal entering at port 1 and exiting at 

j to the output power at port | can inj port 4 travels % of a wavelength along each side, so the 

be written as a function of a- and ame i ae 2 signals are in phase and additive. From port 1 to port 3 the 

b-parameters or the S-parameter. Pei 2) iy signal travels one wavelength along one side and 
wavelength along the other, arriving a port 3 out of phase 
and thus canceling. From port 1 to port 2 the paths are 4 
and 5/4 wavelengths respectively, thus they are in phase 


RECIPROCITY and additive. 


A network is reciprocal when Sj = 5; in the scattering 
matrix, i.e. the matrix is symmetric across the 
diagonal. Also, Z = Z;, and Yj = Yj. Networks 
constructed of “normal materials” exhibit reciprocity. 





Reciprocity Theorem: 
bE, x H,, -ds =f £,xH, -ds 





E,, and H, are fields from two different sources. 
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Breast 


BREAST HEMATOMA 


Incidence and Etiology 

Associated with history of trauma such as seatbelt injury during a road traffic accident, or following a violent 
contraction of pectoralis muscles responding to a blow. 

Symptoms 

m Pain in the breast 

= History of trauma. 

Sign 

Presence of bruise over the breast may be the contributory finding for diagnosis. 

Relevant Investigations 


Fine needle aspiration cytology (FNAC) and mammography are needed to rule out malignancy. 


Treatment 


Exploration and histopathological confirmation. 





FIG. 19.1: Acute breast abscess 


ACUTE BREAST ABSCESS 


Incidence and Etiology 


Collection of pus resulting from mastitis. 


Symptoms 

™ Starts with dull ache, which proceeds on to throbbing pain 

m= Systemic manifestations like fever and malaise may develop. 

Signs 

®™ Superficial abscesses may show as fluctuant tender lumps 

m Deep abscesses may show as severe cellulitis with edema of breast (Fig. 19.1) without fluctuation. 
Relevant Investigations 

m= Polymorphonuclear leukocytosis is generally present 

m Diagnostic aspiration may confirm the presence of pus. 

Treatment 


m Surgical drainage gives full relief 
m= Spontaneous or inadequate drainage may result in the formation of antibioma, chronic abscess, mammary 
fistula with purulent or sero sanguinous discharge. 
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Spine 


DEGENERATIVE DISEASES OF DISK AND FACET JOINTS 


Incidence and Etiology 


Degenerative diseases of the spine are very common. They affect the lumbar, cervical and thoracic regions in 
decreasing order of frequency. 
m Lumbar degenerative disease: 
* Prolapse of intervertebral disk: Disks between L5/S1 and L4/L5 are most often affected. Part of the 
gelatinous nucleus pulposus protrudes through the rent in the annulus fibrosus at its weakest part, 
which is posterolateral and compress the nerve roots (compressive radiculopathy) (Figs 20.1A to D). 
Occasionally, a large central disk prolapse at L5/S1 compresses the cauda equina (Cauda equina 
syndrome). 
* Facet joint disease: Degenerative changes cause root compression. 
¢ Lumbar canal stenosis: Increasing wear and tear, bony overgrowth and ligamentous hypertrophy can 
cause narrowing of the spinal canal. 
™ Cervical degenerative disease: Pathogenesis is the same as in lumbar disease. 


Cauda equina syndrome consists of back pain, bilateral sciatica and urinary retention. 


Symptoms and Signs 


m Lumbar degenerative disease: Back pain is the constant feature, but varies according to the compression 
of the root: 


FIGS 20.1A to D: Stages of prolapse of 
intervertebral disk: (A) Torn annulus fibrosus with 


disk bulge; (B) Extrusion of nucleus pulposus 
protrusion not pressing the nerve; (C) Extrusion 








of nucleus pulposus protrusion pressing the FIG. 20.2: MRI—Prolapse of L4-L5 


nerve; (D) Sequestration of disk intervertebral disk 


+ Prolapse of intervertebral disk: Back pain, radiating to 
+ Inner thigh (L4 root compression—L3/L4 prolapse) 
* Outer aspect of the leg to the big toe (L5 root compression—L4/L5 prolapse) 
+ The sole of foot (S1 root—L5/S1 prolapse), is the presenting symptom. 
Acute radiating pain and inability to move, aggravated by coughing and sneezing is the symptom of acute 
disk prolapse. Straight leg raising test is positive on the affected side. 
* Facet joint disease presents with pain similar to the synovial joint pain (more after a period of rest like 
early mornings and becomes less after movement) 
* Lumbar canal stenosis causes numbness and weakness of lower limbs on walking. 
Cervical degenerative disease: The presenting symptom is neck pain related to movements with 
radiculopathy. 


Relevant Investigations 
CT and MRI (Fig. 20.2) are diagnostic. 


Treatment 


m® Acute attacks require rest and analgesics, followed by physiotherapy 
= Chronic, persistent or progressive symptoms require surgery to remove the prolapsed disk or decompressive 


laminectomy. 
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SPONDYLOLISTHESIS 


Incidence and Etiology 


m This term signifies slipping of one vertebra over the lower, which is usually forwards, but may be 
backwards. In the normal spine, forward displacement of a vertebral body is prevented by engagement 
of the articular processes with those of the segment next below it, and this check mechanism is weak 
in spondylolisthesis 

m The displacement is most common in the 5th lumbar vertebra, and the displacement may increase slowly 
over years, and reach a severe degree of spondyloptosis. 

= The predisposing factors are: 

* Spondylolysis (a defect in the pars interarticularis of the neural arch) 

* Osteoarthritis of the posterior (facet) joints (degenerative) 

* Congenital malformation of the articular processes (rare). 
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Symptom 


Chronic backache with or without sciatica. 


Signs 


m Astep above the sacral crest 
m= Lumbar vertebral bodies may be felt per abdomen due to its forward displacement 
™ Straight leg raising (SLR) test may be positive. 





FIG. 20.3: X-rays—Spondylolisthesis 
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FIG. 20.5: MRI spine—C4-C5 spondylolisthesis 


Relevant Investigations 

™ X-rays (Fig. 20.3) and CT (Fig. 20.4) are diagnostic 
m MRI (Fig. 20.5) is used to assess root compression. 
Treatment 


m Asymptomatic patients require no treatment 
m Mild cases require surgical corset 
m Surgery is justified only when the disability is severe. 









Gastroenterology 


ACUTE ABDOMEN 


Introduction 


Acute pain often denotes the presence of a disease process or injury, which needs to be treated with elimination 
of cause. It is a signal of ongoing or impending tissue damage. Acute abdominal pain denotes similar intra- 
abdominal organ disease or pathology, which warrants emergent care. 

The main visceral pain receptors in the abdomen respond to mechanical and chemical stimuli. 

= Mechanical stimuli: Stretch, distension, contraction, compression and torsion 

= Chemical stimuli: Bradykinin, substance P, serotonin and prostaglandins. These receptors are located on 
the serosal surfaces, within the mesentery and within the walls of hollow viscera 

= Gut related visceral pain is usually perceived in the midline because it is a midline structure in an embryo 
and has bilateral symmetric innervations, except for pains originating from the gallbladder and the 
ascending and descending colon. Pain from other intra-abdominal organs tends to be unilateral. 

« Pain at epigastrium: Diseases of the foregut (abdominal esophagus, stomach and proximal half of 
second part of duodenum and their offshoots like liver, gallbladder, pancreas and spleen) (e.g. gastric 
and duodenal ulcers) 

«Pain at the umbilical region: Diseases of midgut (distal half of second part of duodenum, small bowel, 
colon up to the proximal 2/3 of transverse colon) (e.g. intestinal tuberculosis) 

« Pain at the hypogastrium: Diseases of hindgut (distal 1/3 of transverse colon to the anorectal junction) 
(e.g. colorectal and urinary bladder pathologies) 


The abdomen is divided into 10 arbitrary regions for convenience of understanding and localizing. 


The two lateral vertical planes pass from the costal margin close to the tip of the ninth cartilage above to 
the femoral artery below. The horizontal plane (the subcostal plane) connects the lowest points on the 
costal margins and the interiliac plane connects the tubercles of the iliac crests (Fig. 21.1). These divisions will 
help in localizing the diseases. 


Pain 


Nature of Pain 


Sudden onset pain: Pain is sudden in otherwise healthy and asymptomatic persons. It increases in a very 
short time (e.g. pain due to perforations of duodenal ulcer and appendicitis) 

Sudden onset with pain-free intervals: The pain of quick onset can reach a peak making the patient writhe 
in pain and buckle up, and also quickly recede to absolutely pain-free period, only to recur again (e.g. 
colics) 

Dull continuous pain increasing in severity: A persistent pain may increase in severity over a period of time 
(e.g. a dull pain of subacute appendicitis in the right iliac fossa may become severe when the appendicitis 
becomes severe and acute due to superadded infection and inflammation) 

Burning pain: The pain may be of burning nature occurring suddenly (e.g. pain in acid peptic disease) 
Constant or continuous pain: Persistent pain without variation in intensity (e.g. peritonitis) 

Agonizing pain: Very severe pain which upsets the morale of the patient (e.g. pancreatitis, torsion of 
pedicled organ) 





Regions of Abdomen 


. Right hypochondrium 
. Epigastrium 

_ Left hypochondrium 

. Right lumbar 
Umbilical 

Left lumbar 

. Right iliac fossa 

. Hypogastrium 

. Left iliac fossa 

. External genitalia 
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FIG. 21.1: Regions of abdomen 
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= Throbbing pain: Continuous pain throbbing in nature (e.g. acute cholecystitis—due to inflammation 
being inside closed confines of a structure). 





Shift, Migration and Referred Pain 


= Shifting pain: Shifting pain is defined as the pain, which originates in one region and shifts totally to 
another region, without any pain at the point of origin (e.g. pain in acute appendicitis originates at the 
umbilical region and shifts to right iliac fossa later) 

mu Migrating pain: Migrating pain is that pain which originates at one region and shifts to another region, 
but does continue to stay at a lesser degree at the point of origin (e.g. pain in perforated duodenal ulcer is 
right hypochondrial to start with, and spreads to the right iliac fossa due to the flow of the gastric contents 
down the right paracolic gutter) 

= Referred pain: The pathology and the area of the pain are different, since the organ of pathology and the 
area of pain share the same nerve supply. The examples are given in Figure 21.2 
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Y 
|| Pathology [Pain | 
1 Tongue Ear 
2 Diaphragm | Shoulder 
3 Stomach Chest 
4 Heart Epigastrium 
5 Pleura Hypochondrium 
6 | Appendix | Umbilicus 
7 Bladder Penis 
8 Ureter Testis 
9 Hip Knee 








FIG. 21.2: Referred pain 





m= The perception of visceral pain corresponds to the spinal segments where the visceral afferent nerve fibers 
enter the spinal cord. Table 21.1 shows some common spinal segments where visceral pain is perceived. 
Effects of Movements, Food or Habits 


The abdominal pain may be aggravated by certain factors like movements, food or habits. Some examples are 
given in Table 21.2. 
The pain may get relieved by certain factors. Some examples are given in Table 21.3. 


Table 21.1: Visceral pain and dermatomal perceptions 
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Organ of pathology Site of pain Dermatome 

Stomach Epigastrium T5-T10 

Small bowel Umbilicus T9-T10 

Large bowel up to splenic flexure Umbilicus T11-L1 

Large bowel from splenic flexure Hypogastrium L1-L2 

Gallbladder Epigastrium, scapular region T7-T9 

Pancreas Epigastrium T6-T10 

Ureter Loin to groin Genitofemoral nerve (L1-L2) 
Testis and ovary Umbilicus T10-T11 


Note: Segmental nerve supply mentioned here is sympathetic supply of the viscus. Parasympathetic supply is 
from the vagus nerve, excepting for the hindgut and the urinary bladder, which is from the sacral segments. 


Table 21.2: Aggravating factors of abdominal pain 





Aggravating factor Pathology 

Physical movements like jolting Appendicitis, peritonitis 
Deep inspiration Pleurisy 

Intake of fatty food Cholecystitis 

Intake of spicy food, alcohol Acid peptic disease 
Lying supine Pancreatitis 


Drugs—Analgesics, NSAIDs Acid peptic disease 


DIRECTIONAL COUPLER 
The directional coupler is a 4- ® @ 
port network similar to the rat SZ 

race. It can be used to 

measure reflected and 

transmitted power to an @ @ 
antenna. 

An input at one port is divided between two of the remaining 
ports. The coupling factor, measured in dB, describes the 
division of signal strength at the two ports. For example if 
the coupler has a coupling factor of —10 dB, then a signal 
input at port 1 would appear at port 4 attenuated by 10 dB 
with the majority of the signal passing to port 2. In other 
words, 90% of the signal would appear at port 2 and 10% at 
port 4. (-10 dB means "10 dB down" or 0.1 power, -6 dB 
means 0.25 power, and —3 dB means 0.5 power.) A 
reflection from port 2 would appear at port 3 attenuated by 
the same amount. Meters attached to ports 3 and 4 could 
be used to measure reflected and transmitted power for a 
system with a transmitter connected to port 1 and an 
antenna at port 2. The directivity of a coupler is a 
measurement of how well the coupler transfers the signal to 
the appropriate output without reflection due to the coupler 
itself; the directivity approaches infinity for a perfect coupler. 
directivity =10log (p,/ p,), where the source is at port 1 
and the load is at port 2. 


The directional coupler is lossless 
and reciprocal. The scattering 
matrix looks like this. In a real 
coupler, the off-diagonal zeros 
would be near zero due to leakage. 


CIRCULATOR 


The circulator is a 3-port 
network that can be 
used to prevent 
reflection at the antenna 
from returning to the 
source. 


Port 3 is terminated internally by a matched load. With a 
source at 1 and a load at 2, any power reflected at the load 
is absorbed by the load resistance at port 3. A 3-port 
network cannot be both lossless and reciprocal, so the 
circulator is not reciprocal. 


Schematically, the The circulator is lossless 
circulator may be depicted but is not reciprocal. The 
like this: scattering matrix looks like 


a ae this: 
O 


MAXWELL'S EQUATIONS, TIME 
HARMONIC FORM 


Vx =-jOWH — "curlon kB" 

Vx% =-jOvE "curl on H" 
€ =(E, (x, y)&+ E, (x y)¥ +E, (x, y)a Jer 
# =[H,(xy)&+H,(my)9 +H. (x y)2 Je 


From the curl equations we can derive: 


(1) OF, 4H, =—jouH, (4) OT 1H, = joe, 
yore y . 


(2) 


From the above equations we can obtain: 


(1) & (8) H | jocte 





WP 4 ore dy 


1 . OE. 
H,= vt a ue [joe 7 


1 
Y + @ UE 


jee ze. [ ret eu 











Y + @Ee dy ox 
This makes it look like if E, and H, are zero, then H,, H,, E,, 
and £, are all zero. But since «x0 #0, we could have 
non-zero result for the TEM wave if 
Y =-@ ue = Y= joe. This should look familiar. 
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Table 21.3: Relieving factors of abdominal pain 





Vomiting Peptic ulcer pain 


Intake of bland food Peptic ulcer pain 
Local pressure Colicky pain 
Leaning forward Pancreatitis 
Drugs—antacids, H, blockers Acid peptic disease 


Vomiting 


Vomiting is a very common feature associated with pain in acute abdominal emergencies. The patient should 
be asked about the following details, as each has its own significance. They are: 
= Character of vomiting 
* Projectile: Involuntary projectile ejection of large quantities of vomitus (e.g. high intestinal obstruction) 
« Regurgitative: Effortless involuntary regurgitation of intestinal contents (e.g. peritonitis due to 
perforation) 
™ Frequency of vomiting 
“ Constant: Persistent vomiting even in the absence of food intake (e.g. acute intestinal obstruction, 
acute pancreatitis) 
« Periodical: Vomiting with some periodicity or following food intake indicates bowel obstruction (e.g. 
acute peptic ulcer, gastric outlet obstruction) 
= Nature of vomitus 
* Coffee ground vomitus (Brown to dark brown colour)—gastric contents with altered blood (e.g., 
bleeding duodenal ulcer) 
* Bloody (red in colour) (e.g. bleeding oesophageal varices) 
« Faeculent (yellowish green and foul smelling) (e.g. gastric contents followed by duodenal and intestinal 
contents in intestinal obstruction) 
= Quantity of vomitus 
« Large quantities indicate distal bowel obstruction 
« Small quantities indicate gastric outlet obstruction 
= Relationship with pain: The pain may precede, accompany or follow abdominal pain. The examples are 
given in Table 21.4. 


4: Relationship of vomiting with abdominal pain 





Pain preceding vomiting Acute appendicitis, acute peptic ulcer, biliary and renal colic 
Pain and vomiting occurring together High intestinal obstruction 

Vomiting occurs much later than the pain Low intestinal obstruction 

Vomiting as a late feature or absent Large intestinal obstruction 


e Abdominal pain due to acute peptic ulcer may get relieved by vomiting, but gives temporary relief in colics 


e Vomiting is not a constant feature in acute appendicitis as the stomach gets empty after one bout, but nausea 
persists 


e In peritonitis, vomiting is absent but appears at a later stage. 
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Alteration in Bowel Habits 


 Obstipation: Inability to pass feces and flatus (absolute constipation) (e.g. acute intestinal obstruction) 

Constipation: Inability to pass stools but able to pass flatus (due to solidified fecal mass impacted at the 
anal verge) (e.g. acute fissure in ano) 

m Tenesmus: A desire to evacuate but results in passage of flatus only (e.g. acute appendicitis) 

m= Passage of blood stained stools: Red currant jelly stools in acute intussusception, mesenteric vascular 
obstruction, mesenteric thrombosis, malignancy 

m= Diarrhea: Passage of loose stools—rarely seen in illnesses requiring emergency surgery (e.g. ulcerative 
colitis, Crohn’s disease, acute enteritis). 


Urinary Symptoms 


Patients presenting with abdominal pain may have associated urinary symptoms: 

Frequency in micturition: Patients presenting with renal or ureteric colic, may have associated urinary 
infections along with urolithiasis. Frequency is one of the common symptoms 

 Strangury: Frequent passing of urine with excruciating pain. (e.g. impacted stones in the urinary tract, 
pelvic or retrocecal appendicitis). Patient succeeds in passing a small quantity of blood stained urine 

= Hematuria: Passing blood in the urine (e.g. stones in the urinary tract, rarely retrocecal or pelvic appendix 
lying close to the ureter). 
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ACUTE UPPER ABDOMINAL PAIN 
Causes 


Right Hypochondrium 


Acute cholecystitis 

Acute cholangitis 

Acute hepatitis 

Acute hyperacidity 
Perforated duodenal ulcer 


Epigastrium 

m= Acute hyperacidity 

m Acute pancreatitis 

® Perforated duodenal ulcer 
m Acute hepatitis (left lobe) 


Left Hypochondrium 

m Acute pancreatitis 
m Acute hyperacidity 
m= Splenic infarct 


Eliciting History 


1. Nature of pain 
¢ Continuous (e.g. acute pancreatitis) 
* Episodic (e.g. acute hyperacidity) 
* Colicky (e.g. biliary colic). 
2. Location of pain 
*  Epigastric pain (e.g. acute hyperacidity, acute pancreatitis, acute colitis) 
« Left hypochondrial pain (e.g. acute hyperacidity, left renal colic) 
¢ Right hypochondrial pain (e.g. acute cholecystitis, acute hepatitis, right renal colic). 


Renal colics can present as upper abdominal pain in their respective sides. 


3. Association of vomiting: Presence of vomiting is nota very reliable symptom to narrow down the diagnosis, 
as it can be present with any severe painful pathology in the upper abdomen. 

4. Association of fever: Fever indicates infective pathology (e.g. acute cholecystitis, acute pancreatitis, acute 
colitis, perforated duodenal ulcer). 


5. Association of jaundice: Jaundice may be present with acute cholangitis, acute hepatitis or acute cholecystitis. 

6. Association of loose stools: Association of loose stools may indicate colitis or rarely acute pancreatitis. 

7. Radiation: Radiation to right scapula or shoulder is common with acute cholecystitis, perforated duodenal 
ulcer due to irritation of diaphragm. 

8. Aggravating factors 

* Food—in acute hyperacidity 


6 
6 
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«Lying supine—in acute pancreatitis 
+ Deep breathing—in acute cholecystitis. 

9. Relieving factors: Leaning forward while sitting—acute pancreatitis. 

10. Referred pain: In some pathologies, the pathology and the area of the pain are different, since both of them 
share the same nerve supply. 


Past History 
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® History of pain (e.g. acute on chronic cholecystitis) 
® Previous surgery (e.g. cholecystectomy will rule out cholecystitis from consideration). 


Family History 


Gallstones 


Clinical Examination 


General 

m= Breath for fetor (e.g. alcoholic hepatitis, acute pancreatitis) 

Conjunctiva for anemia, jaundice 

Tongue for anemia 

Neck for lymphadenopathy 

Hands for signs of liver failure (e.g. clubbing, palmar erythema, liver flap, etc). 


Abdomen 


Inspection 

Distension: 

™ Generalized (e.g. perforated duodenal ulcer or gallbladder with peritonitis) 
Right upper abdominal (e.g. hepatomegaly) 

Epigastric (e.g. left lobar hepatomegaly, carcinoma stomach) 

Left upper abdominal (e.g. splenomegaly) 

Scars, swellings and sinuses. 
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Palpation 

Tenderness: 

All quadrants—generalized peritonitis 

Right upper quadrant (e.g. acute hepatitis, acute cholecystitis, acute hyperacidity) 
Epigastric (e.g. acute gastritis, acute hepatitis) 

Left upper quadrant (e.g. acute gastritis, acute pancreatitis). 


Lump: 


m= Right upper quadrant (e.g. hepatomegaly, distended gallbladder) 
m Epigastric (e.g. carcinoma stomach, left lobar hepatomegaly) 


= Left upper quadrant (e.g. carcinoma stomach, splenomegaly). 


Percussion 

Percuss the liver for: 

m Its enlargement (e.g. acute hepatitis) 

® Obliteration of liver dullness (e.g. perforated duodenal ulcer). 


Auscultation 


m= Absence of bowel sounds indicates paralytic ileus (e.g. perforated peritonitis) 
m Exaggerated bowel sounds may indicate obstruction of small bowel (e.g. intestinal colic) 
= Normal bowel sounds indicate that there is no gross infection of the peritoneum. 


Examination of 


= Groins (e.g. obstructed hernia) 
® Genitalia (e.g. obstructed hernia) 


Differential Diagnosis by Clinical History and Examination 


Right hypochondrial pain 
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Without fever and but local tenderness (e.g. acute cholecystitis, acute hepatitis, acute hyperacidity) 
With fever and local tenderness 

+ + Distension (e.g. acute cholecystitis) 

* Obliteration of liver dullness (e.g. perforated duodenal ulcer) 

+ + Hepatomegaly (e.g. acute liver abscess) 

With vomiting 

* Local tenderness (e.g. acute cholecystitis, acute hyperacidity) 

* Local tenderness with obliteration of liver dullness (e.g. perforated duodenal ulcer) 

With diarrhea and local tenderness (e.g. acute colitis) 


¢ With jaundice 
* Local tenderness + hepatomegaly (e.g. acute hepatitis, acute cholecystitis, choledocholithiasis, 





cholangitis, acute liver abscess) 
* Local tenderness, fever, +/— abdominal lump (e.g. mucocele gallbladder, choledochal cyst) 
* Colicky in nature +/— local tenderness (e.g. biliary colic, right renal colic) 
m= Epigastric pain 
* Without fever but with local tenderness (e.g. acute hyperacidity, acute pancreatitis, acute hepatitis— 
left lobe) 
¢ With fever and local tenderness + distension (e.g. acute pancreatitis, perforated duodenal or gastric 
ulcer) 
¢ With vomiting and 
* Local tenderness (e.g. acute hyperacidity, acute pancreatitis) 
* Local tenderness and obliteration of liver dullness (e.g. perforated ulcer) 
* With diarrhea and local tenderness (e.g. acute colitis) 
* With jaundice and local tenderness 
*% + tender hepatomegaly (e.g. left lobar hepatitis, left lobar liver abscess 
* Nontender hepatomegaly (e.g. metastatic liver) 
= Left hypochondrial pain 
« Without fever but with local tenderness (e.g. acute gastritis, acute pancreatitis) 
* With fever and local tenderness + /— splenomegaly (e.g. acute pancreatitis, splenic infarct) 
¢ With diarrhea and local tenderness (e.g. acute colitis) 
* Colicky in nature + local tenderness (e.g. left renal colic). 
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e Perforated bowel can give rise to generalized abdominal distension due to generalized peritonitis 
e Obstructed groin hernia is one of the common causes of intestinal obstruction causing generalized distension. 


Relevant Investigations 
Hematology 


m= Leukocytosis in infective pathologies (e.g. acute cholecystitis, perforated dudodenal ulcer, perforated 
cholecystitis, acute pancreatitis) 
m™ Raised ESR in all infective pathologies. 


Radiology 


= Plain X-ray abdomen: Gas under the diaphragm (e.g. perforated hollow viscus) 
= Ultrasonography: Radiopaque shadows in right upper abdomen (e.g. gallstones, renal stones) 
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Treatment Plan 


= Nonperforated pathologies: Medical management 
= Perforated pathologies: Early surgical management 
m= Diagnosis not clear and not responding to medical management—exploratory laparotomy. 


ACUTE LOWER ABDOMINAL PAIN 
Causes 


Right Iliac Fossa 

Acute appendicitis 
Perforated appendicitis 
Acute mesenteric adenitis 
Ureteric colic 

Acute Meckel’s diverticulitis 
Acute cecal diverticulitis 
Torsion of cyst of right ovary 
Pelvic inflammatory disease 
Incarcerated right inguinal hernia 
Ruptured ectopic gestation 
Right ureteric colic. 


Hypogastrium 

m Acute cystitis 

m Acute congestive dysmenorrhea 
m Uterine fibroid. 


Left Iliac Fossa 


Acute diverticulitis 

Ureteric colic 

Torsion of cyst of left ovary 
Pelvic inflammatory disease 
Incarcerated left inguinal hernia 
Ruptured ectopic gestation 

Left ureteric colic. 


Diabetic ketoacidosis is one of the important metabolic causes of acute lower abdominal pain. 


Eliciting History 





Nature of pain 


® Continuous (e.g. acute appendicitis) 
m Episodic (e.g. acute cystitis, ruptured ectopic gestation) 
™@ Colicky (e.g. appendicular colic, ureteric colic, dysmenorrhea). 


Association of nausea and vomiting 


Presence of vomiting is not a very reliable symptom to narrow down the diagnosis, as it can be present with 
any severe painful pathology in the lower abdomen. Nausea is a predominant symptom of acute appendicitis, 
whereas vomiting is a common symptom of ureteric colic. 


Association of fever 


Fever indicates infective pathology (e.g. acute appendicitis, acute cystitis, acute colitis, perforated appendicitis). 
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Association of loose stools 


Association of loose stools may indicate colitis, acute diverticulitis. 


Radiation 


Radiation to pain to external genitalia occurs with ureteric colic. 


Past History 

= History of pain (e.g. acute on chronic appendicitis, ureteric colic) 

m™ Previous surgery (e.g. appendicectomy will rule out appendicitis from consideration). 
Personal History 


Menstrual irregularities 
* Dysmenorrhea (e.g. congestive dysmenorrhea) 
+ Irregularities (e.g. pelvic inflammatory diseases) 
« Amenorrhea (e.g. ruptured ectopic gestation). 


Family History 


= Diverticulosis 
m= Colonic malignancy. 
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Clinical Examination 


General 


Conjunctiva for anemia (e.g. ruptured ectopic gestation) 
Tongue for anemia (e.g. ruptured ectopic gestation) 
Neck for lymphadenopathy (e.g. mesenteric adenitis as a part of tuberculosis). 


Abdomen 


Inspection 

Distension: 

* Generalized (e.g. perforated appendicitis with generalized peritonitis) 

¢ Right lower abdominal (e.g. ruptured appendicitis, torsion of right ovary or its cyst) 
« Hypogastric (e.g., distended urinary bladder in cystitis, enlarged uterus) 

«Left lower abdominal (e.g. torsion of left ovary or its cyst) 

Scars, swellings and sinuses 

Palpation 

Tenderness: 

¢ All quadrants — generalized peritonitis 

* Right lower quadrant (e.g. acute appendicitis, acute mesenteric adenitis) 

« Hypogastric (e.g. acute cystitis) 

« Left lower quadrant (e.g. acute colitis, acute diverticulitis) 

Lump: 

« Right lower quadrant (e.g. appendicular abscess, mesenteric adenitis, right ovarian cyst) 
« Hypogastric (e.g. distended urinary bladder, uterine fibroids) 

¢ Left lower quadrant (e.g. carcinoma colon, left ovarian cyst) 

Percussion 

Percuss the liver for: 

« Its enlargement (e.g. associated metastases liver) 

¢  Obliteration of liver dullness (e.g. perforated appendicitis and diverticulitis) 
Auscultation 

« Absence of bowel sounds indicates paralytic ileus (e.g. perforation and peritonitis) 

* Exaggerated bowel sounds may indicate obstruction of small bowel (e.g. intestinal colic) 


o 


* Normal bowel sounds indicate that there is no gross infection of the peritoneum 


, 


, 


Differential Diagnosis by Clinical History and Examination 


Pain in the right iliac fossa with 
« Nausea/vomiting and fever and local tenderness (e.g. acute catarrhal/perforated appendicitis, acute 
typhlitis, acute Meckel’s diverticulitis, acute mesenteric adenitis) 
* Vomiting and 
+ +/- Local tenderness (colicy pain—e.g. right ureteric colic, appendicular colic, radiating pain— 
right ureteric colic) 
* Menstrual irregularities and palpable lump (e.g. right ovarian cyst torsion) 
+ Amenorrhea with local tenderness and anemia (e.g. ruptured ectopic gestation) 
* Abdominal lump (e.g. ileocecal tuberculosis, Crohn’s disease, cecal malignancy, right ovarian 
malignancy, right ovarian cyst) 
* Diarrhea or dysentery and local tenderness (e.g. acute amebic typhlitis, cecal diverticulitis) 
Pain in the left iliac fossa with 
* Vomiting 
* +/— Local tenderness (e.g. left ureteric colic) 
+ Menstrual irregularities and palpable lump (e.g. left ovarian cyst torsion) 
* Amenorrhea with local and cervical tenderness and anemia (e.g. ruptured ectopic gestation) 
+ Abdominal lump (e.g., colonic malignancy, left ovarian malignancy, left ovarian cyst) 
* Diarrhea or dysentery with or without local tenderness (e.g. acute colitis, acute diverticulitis) 
Hypogastric pain with 
* Urinary symptoms with 
* Local tenderness (e.g. acute cystitis) 
* Distended urinary bladder (e.g. acute distension of bladder—bladder outlet obstruction) 
* Menstrual irregularities 
+ +/— With or without local tenderness (e.g. congestive dysmenorrhea, pelvic inflammation) 
+ Enlarged uterus (e.g. uterine fibroids, endometrial malignancy) 
Acute lower abdominal pain (any or all quadrants of lower abdomen) with 
* Menstrual irregularities and local tenderness (e.g. pelvic inflammatory disease) 
* Vague symptoms and signs (e.g. metabolic causes—diabetes mellitus). 


, 
cS 


Relevant Investigations 


Hematology 

m Reduced hematocrit (e.g. ruptured ectopic gestation, colonic malignancy) 

m= Leukocytosis in infective pathologies (e.g. acute appendicitis, perforated appendicitis, and diverticulitis, 
dudodenal ulcer) 

m™ Raised ESR in all infective pathologies. 
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WAVE EQUATIONS 


From Maxwell's equations and a vector identity on 
curl, we can get the following wave equations: 


VE = -O Wek "del squared on E" 
VH = oO UeY "del squared on H" 
The z part or "del squared on E." is: 


2 2 2 
E. E E 
VE = t= 24 ¥ 3 ral 2 =a Uek, 
“ax oy dz | 
Using the separation of variables, we can let: 
E,=X(x)-¥(y)-Z(z) 
We substitute this into the previous equation and divide by 
X-Y-Z to get: 
lax ii@y.igzZ 4 
ee as 7 = WUE 
X ax” Ydy 2dr —— 
ae ee a constant 
NE -k,~ Bul: 


y 





Since X, Y, and Z are independent variables, the only way 
the sum of these 3 expressions can equal a constant is if all 
3 expressions are constants. 


d°Z 
So we are letting — aaa 
Z dz : 


A solution couldbe Z=e “ 


so that ye * = -k,e™ and -k,” =—— 


Solutions for X and Y are found 
box 
x dx* 
1a’y | 
Y dy’ 7 


=-k,” > X = Asin(k,x)+Bcos(k,x) 
-k,” =Y= Csin(k,y) + Dcos(k,y) 


giving us the general solution k, + i - = @ Le 


For a particular solution we need to specify initial conditions 
and boundary conditions. For some reason, initial 
conditions are not an issue. The unknowns are k,, k,, A, B, 
C, D. The boundary conditions are 


OH 
Exq, =0 m= 0 
on 


Ewan = the electric field tangential to a conducting surface 
Aan = the magnetic field tangential to a conducting surface 
n =| don't know 


TM, TE WAVES IN PARALLEL PLATES 


TM, or transverse magnetic, 
means that magnetic waves 
are confined to the transverse 
plane. Similarly, TE 
(transverse electric) means 
that electrical waves are 
confined to the transverse 
plane. 


Transverse plane means the plane that is transverse to 
(perpendicular to) the direction of propagation. The 
direction of propagation is taken to be in the z direction, so 
the transverse plane is the x-y plane. So for a TM wave, 
there is no H, component (magnetic component in the z 
direction) but there is an E, component. 


(z direction is into page) 





E, = Asin(k,x)e* 











A = amplitude [V] 


mum 
— The magnetic field must be zero at the plate 


boundaries. This value provides that characteristic. 
[cm’'] 
x = position; perpendicular distance from one plate. [cm] 
d = plate separation [cm] 
‘Y = propagation constant 
Z = position along the direction of propagation [cm] 
m = mode number; an integer greater than or equal to 1 





y=,|-w’uet (kx) 











Notice than when (kx)” >q@ pe the quantity under the 


square root sign will be positive and y will be purely real. In 
this circumstance, the wave is said to be evanescent. The 
wavelength goes to infinity; there is no oscillation or 


propagation. On the other hand, when (kx) <a@ue, vis 
purely imaginary. 


The magnitude of E, is related 
to its position between the 
plates and the mode number 
m. Note that for m = 2 that 
d=. 
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Radiology 

m Plain X-ray abdomen 

«Gas under the diaphragm (e.g. perforated appendicitis and diverticulitis) 
“ Opaque abdomen (e.g. peritonitis) 

« Radiopaque shadows (e.g. ureteric stone) 

m= Ultrasonography 

“Cystic swelling (e.g. ovarian cyst torsion) 

Collection of pus (e.g. appendicular abscess, paracolic abscess) 

“ Radiopaque shadows in the lines of ureters (e.g. ureteric calculus) and bladder region (e.g. vesical 
calculus) 

«Dilated pelvicalyceal system or ureters (e.g. obstructed ureteric stone). 





Treatment Plan 


SECTION V @ ORGANS AND SYSTEMS 


= Nonperforated pathologies—medical management (except acute appendicitis) 

m Perforated pathologies—early surgical management 

m= Diagnosis not clear and not responding to medical management—exploratory laparotomy or diagnostic 
laparoscopy. 


ACUTE LIVER ABSCESS 


Incidence and Etiology 


m Amebic liver abscess: Amebic infections causing hepatitis and dysentery may resolve into a liver abscess 
(usually in alcoholics) 
m Pyogenic liver abscess: Septicemic patients may present with pyemic abscesses in the liver. 


Pathogenesis 


m Amebic liver abscess: Amebic infections originating in the colon as amebic colitis, travel through the portal 
blood to reach the liver, forming an abscess more commonly in the right lobe of the liver 

m Pyogenic liver abscess: Septicemic patients’ infected blood reach the liver through the systemic and portal 
circulation, forming multiple abscesses in both lobes of the liver. 


Symptoms 


= Constitutional symptoms with high-grade fever, tachycardia and sometime shock. 
m= Patients with amebic etiology may give history of preceding diarrhea or dysentery. 


Signs 


® Intercostal tenderness is pathognomonic of a right lobar liver abscess. 


Differential Diagnosis 


m= Lower thoracic lesions (basal pleurisy, pneumonia, and lung abscess), which irritate the diaphragm 
m= Acute cholecystitis 
m Acute hepatitis. 


Relevant Investigations 


m Plain X-ray of abdomen or chest X-ray will reveal elevation of the right dome of diaphragm (Fig. 21.3). 
Right pleural effusion is common 

m= Fluoroscopy will show reduced mobility of the right dome 

m USand CT (Fig. 21.4) are diagnostic 

m Aspiration is confirmatory 

= Stool examination is routine 

= Isolation of organism in culture is required 

= Serologic test (for amebiasis) is positive in majority of cases. 





FIG. 21.3: Elevated right dome of 
diaphragm in amebic liver abscess subphrenic collection 


FIG. 21.4: CT—Amebic liver abscess right lobe with 
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Treatment 


m= Antiamebic treatment is administered for small abscess and hepatitis of amebic etiology 

m™ Drainage under US guidance with broad-spectrum antibiotics and antiamebic drugs is required for large 
abscess 

= Growth of pyogenic organisms in culture of pus requires appropriate treatment. 


ACUTE CHOLECYSTITIS 


Incidence and Etiology 


= Common in fat, flatulent, fertile, female of fifty (Five Fs) 
m™ Ninety-five percent people with acute cholecystitis have gallstones. 


Pathogenesis 


Inflammation of gallbladder occurs due to detergent action of bile (chemical cholecystitis), and infection 
by bacteria supervenes (commonly enteric organisms) 
® Obstruction caused by a calculus in the cystic duct. 


Complications 


m Acute obstruction of the cystic duct causes distension and the bile can be replaced by mucus (mucocele) 
or pus (empyema) 
™ Ongoing inflammation causes gangrene and perforation of gallbladder (common in diabetics). 


Symptoms 


m™ Severe colicky pain (biliary colic) in the right hypochondrium, radiating to the inferior angle of the right 
scapula and the right shoulder 

m Pain may be associated with vomiting. 

™ Fever and jaundice* are associated when there is associated cholangitis 

= Symptom complex of pain, jaundice and fever with chills is called “Charcot’s triad”. 


*Jaundice may occur due to the obstruction of the common bile duct caused by an impacted stone in the cystic duct 
(Mirizzi’s syndrome type 1) 


Signs 


Tenderness at the tip of the right ninth costal cartilage (Murphy’s sign) 
Hyperesthesia between the right 9th and 11th ribs posteriorly (Boas’s sign) 
There may be associated guarding and rigidity in the right hypochondrium 
Palpable mass in the RUQ (inflamed and distended gallbladder). 


Differential Diagnosis 


Acute appendicitis 

Acute right pyelonephritis 
Duodenal ulcer perforation 
Right basal pleurisy 
Myocardial infarction. 


Relevant Investigations 





Elevated leukocyte count 

Deranged LFT (due to inflammation and edema of biliary tract) 
Plain X-ray abdomen (About 10% of gallstones are visible) 

US (Figs 21.5A and B) is diagnostic 

Rarely CT scan (Figs 21.6A to C) may be required 

Isotope scans are contributory. 


FIG. 21.5A: US—Stone in the cystic duct of gallbladder 
(Courtesy: Dr V Ganesan) 





i 


FIG. 21.5B: US—Acute 
edematous cholecystitis 
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SECTION V @ ORGANS AND SYSTEMS 





FIG. 21.6A: CT—Stone in the gallbladder FIG. 21.6B: CT—Edematous gallbladder of acute 
cholecystitis 





FIG. 21.6C: CT—Ruptured empyema of gallbladder 





Acute cholecystitis is treated conservatively with antibiotics followed by elective cholecystectomy 
(Laparoscopic or open) ** 

Common duct stones need to be removed by ERCP, sphincterotomy and basketing/stenting or by open 
choledochotomy, to relieve cholangitis and jaundice followed by cholecystectomy later. 


*“ Laparoscopic cholecystectomy can be performed within 72 hours of onset of symptoms, with no higher conversion 
or complication rate, than a delayed operation. 





ACUTE CHOLANGITIS 


Incidence and Etiology 


m= Approximately 10 percent of patients with gallstones have associated common bile duct stones 
(choledocholithiasis) 

= Obstructive lesions in the common bile duct can cause cholangitis (Fig. 21.7). They are: 
¢ Stricture 
¢ Tumor 

* Foreign body (e.g. stent) 

¢ Acute pancreatitis 

* ERCP 


Pathogenesis 
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Obstructing lesion causes bile stasis, and this obstructed flow of bile encourages multiplication of bacteria, 
which have entered the biliary tract from the intestines through the sphincter of Oddi, causing ascending 
cholangitis. 


Symptoms 


RUQ pain, fever with rigors and jaundice (Charcot’s triad). 


Extraluminal causes Intramural causes 












Malignancies 


of liver Congenital atresia 


Metastatic Sclerosing cholangitis 
lymph nodes F . 
Benign strictures 
Tumors of bile ducts 
Pancreatitis Duosequm 


Foreign bodies 
Parasites 


Gallstones 


Malignancy of 
head of 
pancreas 


Peri-ampullary 
carcinoma 


FIG. 21.7: Causes of mechanical obstruction of biliary system 
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Signs 


Pyrexia, tachycardia, tachypnea 
Hypotension in shocked in individuals 
Jaundice 

Tenderness and guarding in RUQ. 


Relevant Investigations 


Elevated leukocyte count 
Conjugated bilirubinemia 


Deranged LFT (due to inflammation and edema of biliary tract) 


Plain X-ray abdomen (About 10% of gallstones are visible) 
US and CT may reveal the dilated intra-hepatic radicals 


ERCP (Fig. 21.8) and MRCP (Fig. 21.9) will reveal the level and severity of stricture 


PTC (Fig. 21.10) is useful in impassable strictures 


MDCT with MPR technique (Fig. 21.11) has sensitivity of about 90 to 95 percent in localizing the causes 


of biliary obstruction. 


FIG. 21.8: ERCP—Benign stricture of CBD 





FIG. 21.9: MRCP—Benign stricture of CBD 


FIG. 21.10: PTC—Grossly dilated intrahepatic 
bile ducts due to CBD obstruction 


F 
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as" 
IG. 21.11: MDCT—Cholangiocarcinoma 
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Treatment 


Inpatient care/Intensive care 

Analgesics 

Broad spectrum antibiotics 

Fluid resuscitation 

Emergency ERCP, sphincterotomy and basketing/stenting (Fig. 21.12) to relieve cholangitis and jaundice 
followed by cholecystectomy. 

Surgical treatment is required for impassable strictures 

* Resectable strictures can be resected with primary anastomosis 

* Strictures of the retropancreatic region require, choledocho-duodenostomy 
* Strictures of the common hepatic duct, require hepatico-jejunostomy. 


o 


Acute suppurative cholangitis is uncommon, but serious enough and if left untreated, has 100 percent mortality. 


PRIMARY SCLEROSING CHOLANGITIS 


Incidence and Etiology 


Rare condition of autoimmune origin 

Results in progressive fibrosis of the biliary system 

Causes luminal narrowing and progressive obstructive jaundice and secondary cirrhosis 

Strongly associated with inflammatory bowel disease, ulcerative colitis (75% of patients with PSC have 
inflammatory bowel disease and 7.5% with ulcerative colitis have PSC) 

Risk of malignant transformation (cholangiocarcinoma) is 15 percent. 


Clinical Presentation 


Progressive obstructive jaundice 
Low-grade fever with chills, sweats. 


Relevant Investigations 


CT (Fig. 21.13) and ERCP (Fig. 21.14) are diagnostic, classically shows diffuse stricturing and beading 
involving both intra and extrahepatic bile ducts, but indistinguishable from cholangiocarcinoma 

Liver biopsy may show the characteristic lesion of concentric fibrosis around small bile ducts, termed 
‘onion skin’ fibrosis 

Peripheral antineutrophil cytoplasmic antibody (pANCA) is detected. 





FIG. 21.14: ERCP—Sclerosing cholangitis 





FIG. 21.15: Biliary stenting with endoprosthesis for cholangiocarcinoma 


Treatment 


m May settle spontaneously 

May respond to antibiotics, and UDCA 

Stenting of the biliary tree (Fig. 21.15) is very useful 
Liver transplantation is used widely for advanced disease. 
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GENERAL MATHEMATICAL 


COMPLEX TO POLAR NOTATION 


j in polar notation: 


So we can find the square root of /: 


i= ean =Gtig unit wide 
dBm DECIBELS RELATIVE TO 1 mW 


The decibel expression for power. The logarithmic 
nature of decibel units translates the multiplication and 
division associated with gains and losses into addition 
and subtraction. 


0 dBm = 1 mW 
20 dBm = 100 mW 
-20 dBm = 0.01 mW 


P(dBm) =10log [ P (mW) | 
P (mW) = ig en 


PHASOR NOTATION 


To express a derivative in phasor notation, replace 


Py with j@. For example, the 
t 


) al 
Telegrapher's equation : =—-L— 
dz ot 


) 
becomes ey =—-Ljol . 
dz 


V NABLA, DEL OR GRAD OPERATOR 


Compare the V operation to taking the time derivative. 
Where d/dot means to take the derivative with respect 
to time and introduces a s' component to the units of 
the result, the V operation means to take the 
derivative with respect to distance (in 3 dimensions) 
and introduces a m'' component to the units of the 
result. V terms may be called space derivatives and 
an equation which contains the V operator may be 
called a vector differential equation. In other words 
VA is how fast A changes as you move through 
space. 


in rectangular VA= 0A 0A, 0A 

; x ty + Z 
coordinates: ox ~ oy a 
in cylindrical ~10A 
coordinates: als 





in spherical 
coordinates: 


V GRADIENT 


"The gradient of the vector ®" or 
"del 6" is equal to the negative of 
the electric field vector. 





Vb=-E 











V@ is a vector giving the direction and magnitude of the 
maximum spatial variation of the scalar function ® at a point 
in space. 


V- DIVERGENCE 


V- is also a vector operator, combining the "del" or 
"grad" operator with the dot product operator and is 
read as "the divergence of". In this form of Gauss’ 
law, where D is a density per unit area, with the 
operators applied, V-D becomes a density per unit 
volume. 





dD, 9D, aD. 
soe Sr eet 
dx ody az 


D = electric flux density vector D = eK [C/m’] 
p = source charge density [C/m*] 


divD=V-D= 
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SPLENIC ABSCESS 


Incidence and Etiology 


= Cyst of the spleen is a rare condition 
m They can be: 
* Congenital 
* Parasitic (hydatid). 
Pathogenesis 
Severe systemic infections cause splenic abscesses which are usually multiple. 


Symptoms 
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Constitutional symptoms (e.g. high-grade fever) 
™ Previous history of severe intra-abdominal sepsis may be present. 


Sign 
Tender splenomegaly may be present. 


Relevant Investigation 


US and CT (Fig. 21.16) are diagnostic. 





FIG. 21.16: CT abdomen—Splenic abscesses 


Treatment 


Broad spectrum antibiotics 
Splenectomy is done for large spleen with abscesses. 


ACUTE HEMORRHAGIC PANCREATITIS 


Incidence and Etiology 


Common in the third decade 

Classification: 

« Mild type: Pancreatitis with minimal or no organ dysfunction and has a self-limiting course with 
uneventful recovery 

“ Severe type: Pancreatitis with multiorgan failure and/or local complications like pseudocyst, necrosis 
or abscess 

Common causes are (nemonic: I get smashed) 

* I - Idiopathic 

« G- Gallstone (in the ampulla of Vater) 

¢« E- Ethanol 

¢ T- Trauma 

*« S - Steroids 

« M - Mumps (paramyxovirus, Epstein-Barr virus, cytomegalovirus) 

¢« A - Autoimmune (Polyarteritis nodosa, Systemic lupus erythematosus) 

« S- Scorpion sting (Tityus Trinitatis), Snake bite 

* H - (Hypercalcemia, hyperlipidemia hypertriglyceridemia and hypothermia) 

* E - (Endoscopic Retrograde Cholangiopancreatography—ERCP) 

* D - Drugs (Steroids and Sulfonamides, Azathioprine, NSAIDs, Diuretics—SAND) 

Less common causes are: 

¢ Pancreas divisum 

* Long common duct 

*» Carcinoma of the head of pancreas, and other cancer 

«Ascaris blocking pancreatic outflow 

¢ Chinese liver fluke 

« Ischemia from bypass surgery 

* Fatty necrosis 

“ Pregnancy 
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* Infections other than mumps, including varicella zoster 
* Repeated marathon running 
* Cystic fibrosis. 
m= Most common causes of pancreatitis, by demography are as follows: 
* Western countries: Chronic alcoholism and gallstones 
* Eastern countries: Gallstones. 


Pathogenesis 


m In acute pancreatitis, there is edema, hemorrhage and necrosis of the organ partly due to autodigestion. 
The inflamed pancreas may return to normal, but may recur, and likely to occur under two circumstances: 
* The initiating cause has not been removed (gallstones, alcohol consumption) 
* Major pancreatic necrosis, resulting in chronic pancreatitis or stricture of main pancreatic duct. 


Complications 


m™ Systemic complications: 
* Respiratory failure 
* Renal failure 
* Metabolic abnormalities 
* Coagulation disorders 
* Multiple organ failure. 
= Local complications: 
«+ Pancreatic necrosis 
* Infection of pancreatic necrosis 
* Fungal infections 
* Hemorrhage 
* Pancreatic pseudocyst, pancreatic fistula, pancreatic abscess. 


Symptoms 


m™ Very severe, unbearable constant epigastric pain radiating to the back, relieved by sitting and bending 
forwards 
m= Nausea and vomiting are marked, frequent and persistent. 


Signs 


™ Shock and cyanosis are marked 
m™ Elevated temperature, tachycardia, tachypnea 


m Epigastric tenderness but guarding and rigidity are not marked 
m Retroperitoneal hemorrhage may lead to characteristic discoloration: 
¢ Around the umbilicus (Cullen’s sign) (Fig. 21.17) 
¢ Of the flanks (Grey Turner’s sign) (Fig. 21.18) 
(These signs are not pathognomonic of pancreatitis, as they can be seen with ruptured ectopic pregnancy 
as well). 





Differential Diagnosis 


m= Perforated peptic ulcer 
Leaking aortic aneurysm 
Myocardial infarction 
Acute cholecystitis 
Acute hyperacidity 
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Relevant Investigations 


m= Elevation of serum amylase over 400 Somogyi units is indicative and more than 1000 Somogyi units is 
diagnostic (It usually rises 2 to 12 hours from the onset of symptoms, and normalizes within 48 to 72 
hours) 

m Serum lipase levels are elevated (It rises 4 to 8 hours from the onset of symptoms and normalizes within 
7 to 14 days). 





FIG. 21.17: Cullen’s sign FIG. 21.18: Grey Turner's sign 


Serum amylase may be normal (in 10% of cases) for cases of acute on chronic pancreatitis (depleted 
acinar cell mass) and hypertriglyceridemia. Reasons for false positive elevated serum amylase include 
salivary gland disease (elevated salivary amylase) and macroamylasemia. If the lipase level is about 
2.5 to 3 times that of Amylase, it is an indication of pancreatitis due to alcohol 





™ Plain X-rays of abdomen show characteristic features: 
* ‘Sentinel loop sign — duodenum — which represents a focal dilated jejunal loop in the left upper 
quadrant 
* ‘Cut off sign’ — Transverse colon (Fig. 21.19) - Inflammatory exudate of acute pancreatitis extends 
into the phrenicocolic ligament directly spreading through the lateral attachment of the transverse 
mesocolon causing functional spasm and/or mechanical narrowing of the splenic flexure at the level 
where the colon returns to the retroperitoneum. 
(Absence of gas under the diaphragm eliminates the diagnosis of perforated duodenal ulcer) 
US may not be very useful at all times (Fig. 21.20) 
Contrast enhanced computed tomography (CECT) is very useful in assessing the size of the pancreas (Fig. 
21.21), and also in determining the causes like the biliary or pancreatic duct calculi (Fig. 21.22). 
Predicting the severity of an attack of acute pancreatitis is made on Glasgow or Imrie criteria (simplified 
Ranson criteria) Box 21.1. 
Presence of three or more criteria reached before or at 48 hours of an attack predicts a severe attack and 
two or less predicts a mild attack. 
APACHE II score (Acute Physiology and Chronic Health Evaluation) can be applied at anytime but it is 
cumbersome as it requires 15 different or biochemical criteria. 
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Trans Scan 


Head Region 


Pancreas 





FIG. 21.19: X-ray—Colon cut-off sign FIG. 21.20: US—Acute pancreatitis 





FIG. 21.21: CT—Enlarged and edematous FIG. 21.22: CT—Pancreatic calculi 
pancreas - Acute pancreas 


Box 21.1: Criteria to assess the severity of acute pancreatitis 


Arterial PaO, <9 kpa 

Albumin <32 g/L 

Urea Nitrogen >10 mmol/L 

Calcium <2 mmol/L 

Raised white cell count >16 mmol/L 

Enzyme — lactate dehydrogenase >600 mmol/L 
Age >55 years 


@ kts tl wp OC w & & 


Sugar glucose >10 mmol/L 


Treatment 


= Initial management is conservative in intensive care unit: 
¢ Continuous arterial and CVP monitoring 
* Assisted ventilation if required 


¢ Inotropic support 
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* Enteral feeding 

* Parenteral feeding if required 

* Hemodialysis of renal failure if warranted 

Endoscopic treatment: 

« ERCP sphincterotomy and extraction of stones followed by laparoscopic cholecystectomy 
Pancreatic necrosectomy is the treatment of choice with questionable outcome in a grave situation. 


ACUTE APPENDICITIS 


Incidence and Etiology 


Most common acute abdominal condition, occurring at any age 
Uncommon only below the age of two 

Most commonly seen between the age of 18 and 35. 

The two varieties of appendicitis are: 

1. Catarrhal appendicitis 

2. Obstructive appendicitis. 


Pathogenesis 


® Catarrhal appendicitis: Occurs due to acute inflammation of the appendix, which produces edema and 
even gangrene due to vascular involvement in inflammatory process 

™ Obstructive appendicitis: Caused by obstruction of its lumen by worms, fecoliths (Fig. 21.23) or 
hypertrophied lymphoid follicles. The appendix itself may be filled with pus (Fig. 21.24). 

Complications 

m When the adjacent tissues and omentum wall off the appendix or its perforation, it forms a mass called 
‘Appendicular mass’. 

m When there is suppuration, it forms an abscess named ‘Appendicular abscess, which may burst into 
peritoneal cavity to produce severe peritonitis and even death. 

Symptoms 

m= Pain: A dull continuous ache starting at the umbilical region (visceral pain) and then localizing at the 
right iliac fossa (parietal pain) - catarrhal variety. Obstructive appendicitis presents with colicky pain 
(appendicular colic) in the right lower abdomen 

m Nausea, vomiting and anorexia are usually present and are diagnostic 





FIG. 21.23: Appendix with fecoliths FIG. 21.24: Acute suppurative appendicitis 
(note the pus in the cup) 


m Fever is the last to develop 
(Pain, vomiting and fever in appendicitis is called Murphy’s syndrome). 


Signs 


Hyperesthesia over Sherren’s triangle 

Tenderness over McBurney’s point 

Guarding and rigidity in the right iliac fossa 

Rovsing’s sign (pain in the right iliac fossa on application of pressure in the left iliac fossa) may be elicited 
Tender mass may be felt (appendicular mass/abscess) 

Dullness on percussion (if mass already formed). 

The signs and symptoms of appendicitis vary according to the position of the appendix (Fig. 21.25). They 
are given in Table 21.5. 


Special Situations 


@ Inchildren: 
¢ Constitutional symptoms like fever and tachycardia are more predominant 
« Use the child’s hand itself for palpation, and if there is tenderness in the McBurney’s point, the child 
will withdraw its hand 
« Appendicular mass is rare as the omentum is small in size and does not reach the appendix. 
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Retrocecal 75% 
Preileal 0.5% 
Postileal 0.5% 


Pelvic 20% 


Subcecal 2% 
Paracecal 2% 


FIG. 21.25: Various positions of appendix 


wn 
= 
Lu 
fe 
wn 
S 
(ep) 
(2) 
z= 
<= 
op) 
ce 
<= 
S 
o 
(e) 
¢ 
> 
re 
2 
fe 
© 
Lu 
wn 


Table 21.5: Signs and symptoms of acute appendicitis related to the position of the appendix 





Pain Right flank and back lateral to Right iliac fossa Right iliac fossa 


sacrospinalis muscle 
Diarrhea Absent Absent May be present 
Tenderness and guarding Not marked Absent Present 
Positive test Cope’s psoas test Obturator test Nil specific 
Baldwing’s test 
Tenderness in rectal Absent Present May be present 


examination 


m In the elderly: 
* Guarding and rigidity are not pronounced as the abdominal musculature is weak 
* Incidence of gangrene is more as there is associated atherosclerosis 
* Peritonitis supervenes early. 
m In pregnant women: 
* The point of tenderness is shifted up, as the appendix itself is pushed up by the enlarged gravid uterus 
* Pyelitis and cystitis of pregnancy adds to the difficulties in diagnosis of appendicitis 
* Accidental hemorrhage mimics acute appendicitis. 





Cardinal signs and symptoms of acute appendicitis are: 

® Periumbilical pain shifting to the right iliac fossa (very important) 
Association of nausea 

History of similar episodes in the past 

Tenderness at McBurney’s point 

Guarding and rigidity in the right iliac fossa. 


Differential diagnosis 


Right ureteric colic (most common) 

m= Right ovarian pathology 

m Acute mesenteric adenitis 

m= Acute cholecystitis. 

The differentiating features of acute appendicitis and right ureteric colic are given in Table 21.6. 
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Relevant Investigations 


m US (Figs 21.26A and B) may be contributory. The immobile swollen appendix with free fluid in the right 
iliac fossa may be imaged. Mildly swollen appendix is generally not seen in an ultrasound scan. The scan 
helps to eliminate other lesions like the ureteric calculus, ovarian pathology, which can be imaged by US 

= CTisuseful in identifying inflamed appendix and (Fig. 21.27) appendicular mass. The signs of appendicitis 
are tabulated in Table 21.7. 


Table 21.6: Differentiating features of acute appendicitis and right ureteric colic 





Pattern of pain Periumbilical pain shifting to right iliac fossa Loin to groin radiation on the right side 


Nature of pain Dull and continuous Very severe and colicky with painfree intervals 
Onset of pain Slow and continuous Sudden onset 

Relationship to body Aggravated Not related to movement 

movements 

Urinary symptoms Absent May be present 

Rebound tenderness May be present Absent 


Plain X-ray of abdomen —_— Nonspecific Ureteric calculus 


V* THE LAPLACIAN 


V’ is a combination of the divergence and del 
operations, i.e. div(grad 6) = V-V B=V’ ®. Itis read 
as "the LaPlacian of" or "del squared”. 
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® = electric potential [V] 


VF 














GRAPHING TERMINOLOGY 

With x being the horizontal axis and y the vertical, we have 
a graph of y versus x or y as a function of x. The x-axis 
represents the independent variable and the y-axis 
represents the dependent variable, so that when a graph 
is used to illustrate data, the data of regular interval (often 
this is time) is plotted on the x-axis and the corresponding 
data is dependent on those values and is plotted on the y- 
axis. 


HYPERBOLIC FUNCTIONS 
jsin @ = sinh ( j@) 
jcos 9 = cosh ( j8) 
j tan 8 = tanh ( j8) 


TAYLOR SERIES 
Vl+x =14+5x, x<l 


welt x? txt tno He--, |x| <1 


1-x? 


1 
—=l7x, x«l 
1t+x 
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SECTION V @ ORGANS AND SYSTEMS 
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Appendiceal signs 

Appendix >6 mm in anteroposterior diameter 

Failure of appendix to fill with oral contrast or gas to 
its tip 

Enhancement of appendix with IV contrast 


Appendicolith 
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FIG. 21.26B: US—Appendicolith 
(Courtesy. Dr V Ganesan) 


FIG. 21.27: CT—Appendicular mass 


Periappendiceal signs 
Increased fat attenuation (stranding) in the right lower quadrant 


Cecal wall thickening 


Phlegmon in the right lower quadrant 
Abscess or extraluminal gas 


Fluid in the right lower quadrant or pelvis 


Treatment 


m Emergency appendicectomy (Laparoscopic or open) is the treatment of choice 

= Conservative management is adopted for appendicular mass, subacute or chronic appendicitis (Oschner 
Scherren regime), followed by appendicectomy at a later date (interval appendicectomy) 

m= Appendicular abscess requires drainage, followed by interval appendicectomy. 


ACUTE MESENTERIC LYMPHADENITIS 


Incidence and Etiology 


m= Seen commonly in the pediatric age group 
m Acute infection and inflammation of the mesenteric lymph nodes mostly of the ileocolic group 
(Fig. 21.28). 


Pathogenesis 


Commonly caused by viral infections. 


Symptoms 


m= Periumbilical pain associated with high grade fever 
m Vomiting is rare. 


Signs 

m The point of tenderness is usually in the right iliac fossa in the supine position, and shifts to the left side, 
if the patient is made to lie on the left side and vice versa (“Klein’s sign”) 

™ Guarding is not predominantly present 

® In thin children, enlarged lymph nodes may be felt. 


Differential Diagnosis 

m= Tubercular infection 

m Acute appendicitis. 
Relevant Investigations 


® Clinical suspicion is important 
m US (Fig. 21.29) and CT may show large lymph node swellings. 
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SUPERIOR MESENTERIC GROUP 





FIG. 21.28: Mesenteric lymphadenitis FIG. 21.29: US—Mesenteric lymphadenitis 
(Courtesy: Dr V Ganesan) 


Treatment 


Medical management with antibiotics and supportive measures. 


ACUTE COLONIC DIVERTICULITIS 


Incidence and Etiology 


= Common in the West 
m Disease of the elderly 
® Sigmoid colon is most commonly affected. 


Pathogenesis 


= Acute inflammation of the diverticulum of large bowel (colonic diverticulitis) 
m™ They are thought to arise from increased pressure in the colonic lumen, occurs at weak areas between the 
taeniae where vessels perforate through the submucosal layer. 


Complications 


m Bleeding 

m Perforation 
= Peritonitis 
m Abscess. 


FIG. 21.30: Barium enema— Diverticulitis 





FIG. 21.31: Colonoscopy—Acute diverticulitis 
of colon (Courtesy: Dr Mani Veeraraghavan) 


The severity of diverticulitis is classified by Modified Hinchey classification 


Stage 1 — pericolic abscess 

Stage 2a — distant abscess amenable to percutaneous drainage 
Stage 2b — complex abscess associated with/without fistula 
Stage 3 — generalized purulent peritonitis 

Stage 4 — fecal peritonitis 


Symptoms 


= Colonic diverticulitis presents with colicky pain in the left flank 


m When perforated, it may form an abscess in the paracolic region and present with high grade fever and a 


palpable tender lump. 


Signs 


= Left iliac fossa tenderness 
m Tender mass (abscess) may be palpable. 


Relevant Investigations 


= Double contrast barium enema (Fig. 21.30) is informative 
m= Colonoscopy (Fig. 21.31) is diagnostic 
m USand CT (Fig. 21.32) are useful in diagnosing abscesses. 
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FIG. 21.32: CT—Diverticulitis of sigmoid colon 


Treatment 


m Uncomplicated diverticulitis needs to be treated with antibiotics 
™ Perforated diverticulitis with or without abscess formation needs surgical intervention. 


ACUTE MECKEL’S DIVERTICULITIS 


Incidence and Etiology 


m Meckel’s diverticulum* - An embryological remnant (Fig. 21.33) present as a free diverticulum with a 
wide mouth, about 25 to 30 cm from the ileocecal junction; may contain ectopic gastric mucosa (reason 
not known) 

® Occurrence follows rough rule of 2s: 

* 2 percent of the population 

* 2 feet from the ileo-cecal junction 

* 2 inches in length 


o, 


“+ 2 times more common in males than in females. 


« 
« 


Complications: Perforation and peritonitis. 





* Meckel’s diverticulum is often found incidentally during laparotomy and remains asymptomatic in majority of individuals. 
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FIG. 21.33: Meckel’s diverticulum 


Symptom 

Right iliac fossa pain. 

Sign 

Tenderness right iliac fossa (McBurney’s point). 


Meckel’s diverticulitis may present with peptic ulceration, lower GI hemorrhage, perforation, intussusception and 
intestinal obstruction. 


Differential Diagnosis 


m Acute appendicitis 
m Right ureteric colic 
® Right ovarian pathology in women. 


Relevant Investigations 


No investigation is useful. 
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Treatment 


m= Acute diverticulitis warrants diverticulectomy 
m Perforation and peritonitis need appropriate management. 


ACUTE SOLITARY CECAL DIVERTICULITIS 


Incidence and Etiology 

® Solitary diverticulum is common in the cecum 

m= Inflammation of the diverticulum presents like acute appendicitis and mislead the examiner. 
Symptom 

Pain in the right iliac fossa (similar to acute appendicitis). 

Sign 

A lump may be felt in the right iliac fossa. 


Clinically it mimics acute appendicitis, and many times, cecal diverticulitis is identified in second surgery, after 
appendicectomy. 


Relevant Investigations 


US and CT may be useful. 


Treatment 


Diverticulectomy or right hemicolectomy is the treatment of choice. 


ACUTE ULCERATIVE COLITIS 


Incidence and Etiology 


= Achronic inflammatory bowel disease with relapses and remissions 
m= Acute inflammation is one of its clinical presentations. 


Complications: Perforation and peritonitis. 





FIG. 21.34: X-ray—Toxic megacolon 


Symptoms 


= Incessant diarrhea, mixed with blood, mucus and pus with constitutional symptoms 
m They present an emaciated appearance. 


Signs 


Deep ulcers involving the entire colon is called Toxic megacolon, presenting as grossly distended abdomen. 


Relevant Investigations 

m™ Plain X-ray abdomen (Fig. 21.34) is diagnostic 
= Colonoscopy is essential for diagnosis. 
Treatment 


m= Uncomplicated cases are treated medically 
m Perforation and peritonitis need appropriate treatment. 
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ACUTE INTESTINAL OBSTRUCTION 


Intestinal obstructions may be dynamic or adynamic. 

« Dynamic obstruction is a physical or mechanical obstruction of the intestinal lumen due to various 
causes. They are: 

+ Intramural causes (e.g. fecal impaction, worms) 
+ Mural causes (e.g. strictures or stenosis due to tuberculosis, malignancies) 
+ Extramural causes (e.g. adhesions, obstructed hernia) 

« Adynamic obstruction of the bowel is due to its neural (autonomic) paralysis, commonly seen after 
abdominal surgery in the immediate postoperative period, peritonitis or any other cause like fractures, 
tight bandages, etc. 

Intestinal obstruction may be at different levels. They are: 

* Small intestinal (high or low) 


* Large intestinal (colonic or sigmoid) 
Causes of intestinal obstruction are different for different age groups (Table 21.8). 


Symptoms 


1. 


2. 
3. 
4 


Sudden episodic colicky abdominal pain 

Vomiting 

Constipation 

Abdominal distension 

(The symptoms vary according to the level of obstruction) 

Abdominal pain: It is sudden and squeezing, and the patient doubles up. It is felt in the umbilical region, 
sometimes accompanied by the appearance of a contracting loop. There may be pain free intervals. 
Colonic pain presents in the hypogastrium 





Table 21.8: Causes of intestinal obstruction in different age groups 


Newborn Infants Adolescents Adults Elderly Rare causes 

Duodenal atresia Helminths Bands Postoperative adhesions Growth Enteroliths 

Pyloric stenosis Intussusception Intussusception Intussusception Intussusception Foreign bodies 

Meconium ileus Meckel’s Volvulus Obstructed or Gallstones 
diverticulum strangulated hernia 

Hirschsprung’s Obstructed or Obstructed or Trichobezoar 

disease strangulated hernia  strangulated hernia 


Growth Phytobezoar 


= Vomiting: Vomiting is predominant in high obstructions. The vomitus consists of gastric contents, followed 
by the duodenal and lastly the intestinal, depending on the level of obstruction. In the late stages, the 
vomitus becomes feculent — ominous sign. Vomiting by itself is a late sign of chronic intestinal obstruction 
= Constipation: The patient evacuates his bowel (contents distal to obstruction) once or twice, and 
constipation becomes a noticeable feature after 24 hours 
Diarrhea can be a feature in certain situations like intussusception (red currant jelly stools), Richter’s hernia, 
adynamic obstruction caused by mesenteric vascular occlusion, pelvic abscess, etc. 
m= Abdominal distension: Common feature of intestinal obstruction. Distension is 
«centrally located in small bowel obstruction (ladder pattern), 
“more on the flanks when distal colon is obstructed (asymmetrical) 
¢ more on the left flank in sigmoid volvulus 
= Dehydration: When vomiting is pronounced as in high level obstructions, dehydration is a presenting 
feature. 
Early dehydration and less abdominal distension suggests duodenal or jejunal obstruction whereas, late dehydration 


and more abdominal distension suggests distal ileal obstruction. Vomiting and dehydration are usually not present 
in isolated acute colonic obstruction. 


Signs 

= General: Pulse rate and blood pressure are maintained at normal levels in the initial stages. As dehydration 
becomes prominent, tachycardia and hypotension result 

m Abdomen: Bowel sounds are not heard as obstruction worsens. 
The summary of signs and symptoms related to intestinal obstruction are given in Table 21.9. 


Relevant Investigations 


m Plain X-rays of abdomen in the erect posture will reveal multiple air fluid levels (Fig. 21.35) and colonic 
obstruction may show distended colon also (Fig. 21.36). 


Table 21.9: Signs and symptoms related to intestinal obstruction 





High Short Short More Minimal Not constant Severe 
Low Long Long Less More Late feature Mild-to-moderate 


(Findings of clinical examination and treatment of individual diseases are discussed at appropriate headings in the following 
pages) 
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ELECTROMAGNETIC SPECTRUM 













































































FREQUENCY WAVELENGTH DESIGNATION APPLICATIONS 
(free space) 
<3 Hz > 100 Mm Geophysical prospecting 
3-30 Hz 10-100 Mm ELF Detection of buried metals 
30-300 Hz 1-10 Mm SLF Power transmission, submarine communications 
0.3-3 kHz 0.1-1 Mm ULF Telephone, audio 
3-30 kHz 10-100 km VLF Navigation, positioning, naval communications 
30-300 kHz 1-10 km LF Navigation, radio beacons 
0.3-3 MHz 0.1-1 km MF AM broadcasting 
3-30 MHz 10-100 m HF Short wave, citizens’ band 
30-300 MHz 1-10 m VHF TV, FM, police 
54-72 TV channels 2-4 
76-88 TV channels 5-6 
88-108 FM radio 
174-216 TV channels 7-13 
0.3-3 GHz 10-100 cm UHF Radar, TV, GPS, cellular phone 
470-890 MHz TV channels 14-83 
915 MHz Microwave ovens (Europe) 
800-2500 MHz "money band" PCS cellular phones, analog at 900 MHz, GSM/CDMA at 1900 
1-2 L-band, GPS system 
2.45 Microwave ovens (U.S.) 
2-4 S-band 
3-30 GHz 1-10 cm SHF Radar, satellite communications 
4-8 C-band 
8-12 X-band (Police radar at 11 GHz) 
12-18 K,-band (dBS Primestar at 14 GHz) 
18-27 K-band (Police radar at 22 GHz) 
30-300 GHz 0.1-1 cm EHF Radar, remote sensing 
27-40 K,-band (Police radar at 35 GHz) 
40-60 U-band 
60-80 V-band 
80-100 W-band 
0.3-1 THz 0.3-1 mm Millimeter Astromony, meteorology 
10'7-10'* Hz 3-300 um Infrared Heating, night vision, optical communications 
3.95x10"*- 390-760 nm Visible light Vision, astronomy, optical communications 
7.7x10"* Hz 625-760 Red 
600-625 Orange 
577-600 Yellow 
492-577 Green 
455-492 Blue 
390-455 Violet 
10'°-10'* Hz 0.3-300 nm Ultraviolet Sterilization 
10'°-107' Hz X-rays Medical diagnosis 
10'*-10” Hz y-rays Cancer therapy, astrophysics 
2 ; 
> 10° Hz Cosmic rays Astrophysics 
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FIG. 21.35: X-ray—Multiple air fluid FIG. 21.36: X-ray—Distention 
levels of small bowel obstruction of large bowel 


Treatment 


Inpatient/intensive care 

Nil by mouth 

Intravenous fluids 

Correction of electrolytes 

Nasogastric decompression 

Urinary catheterization of better monitoring 
Identifying and treating the cause.* 





* If adhesions are the likely cause, a trial of conservative management is justified. 


GALLSTONE ILEUS 


Incidence and Etiology 


Pathogenesis 


™ Gallstone enters the bowel through a perforated gallbladder (postcholecystitis) adherent to the small 
bowel (cholecysto-enteric fistula) 
m When the stone is big and reaches the ileocecal junction, it causes small bowel obstruction. 





Symptoms 
Previous history of vague attacks of right upper quadrant pain, suggesting frequent cholecystitis. 
Signs 


Features of intestinal obstruction. 


Relevant Investigations 


m Plain X-ray abdomen (Fig. 21.37) almost always shows air in the biliary tree as bowel gas passes through 
the cholecystoenteric fistula. A gallstone may also be seen in the right lower quadrant, if it is radiopaque 

m CT (Fig. 21.38) is more informative. Rarely, a gallstone may also be seen in the small bowel, and also in the 
gallbladder if there are many. 
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Treatment 


m During laparotomy: 
¢ Simple crushing of stone with finger from outside the bowel may be enough if it is soft 
¢ Simple surgical removal through an enterotomy is required if the stone is hard and big 


* Cholecystectomy must be performed with closure of fistula. 


Gallstone 





FIG. 21.37: X-ray—Gallstone ileus FIG. 21.38: Air in the biliary system 





ACUTE INTUSSUSCEPTION 


Incidence and Etiology 


Intussusception is the invagination of a segment of bowel into the distal adjacent loop (proximal into the 
distal) (Fig. 21.39). 


In Children 


™ Two per thousand infants are affected with male preponderance, commonly affecting the age group of 
3 months to 1 year 
= Commonly, it is secondary to an enlarged Peyer’s patch due to viral or bacterial infections 
m The other less common causes are: 
* Meckel’s diverticulum 
* Duplication cyst in the bowel wall 
+ Polyp. 
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In Adults 


m Intussusception of small bowel is always secondary to a polypoid lesion, a lipoma (Figs 21.40A and B) 
m= In large bowel, it is due to a malignant polypoid lesion (Figs 21.41A and B). 





FIG. 21.39: lleoileal intussusception 





FIG. 21.40A: Ileoileal intussusception FIG. 21.40B: Lipoma the cause of ileoileal 
intussusception 





FIG. 21.41A: Colocolic intussusception FIG. 21.41B: Malignant growth of colon cause for 
intussusception 


Complications: When the mesentery is drawn between the loops, it may result in vascular compromise, which 
may lead to strangulation, gangrene and perforation. 
Symptoms 


In children, there may a history of preceding gastroenteritis following a change in diet (weaning from milk 
to solid food) 
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m™ Severe acute colicky pain, with abdominal distension 
m Passing of frequent semisolid stools with bright red blood may be predominant (red currant jelly). 





Signs 


m= During the attacks of pain, a sausage-shaped mass may be felt, which appears during the time of colic and 
disappears after the colic disappears. The right iliac fossa is empty — Sign de Dance 

m= Rectal examination may reveal bloodstain on the examining finger (red-currant jelly) 

® Colo-rectal intussusception may be felt by the examining finger on rectal examination, or it may even 
present through anus, resembling a rectal prolapse. 


Relevant Investigations 


m™ Plain X-ray abdomen -— soft tissue shadow in the region of transverse colon with empty distal colon. 
Multiple air fluid levels may be seen when obstruction predominates 

m= Barium enema may show a filling defect called pincer-shaped filling defect (caused by the intussusceptum 
with the intussuscipiens) 

m= Colonoscopy can identify, colonic intussusceptions (Fig. 21.42A) 

m USand CT (Figs 21.42B and C) will reveal the intussuscepting mass (pseudokidney appearance). 
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Verminel Deum 


Intussusception 





FIG. 21.42A: Intussusception of small bowel FIGS 21.42B and C: CT—Intussusception 
(Courtesy: Dr Mani Veeraraghavan) 


Treatment 


m= Barium enema and colonoscopy, by themselves may reduce the colonic intussusception 
Laparotomy is required to reduce the small bowel intussusception, and treat the cause appropriately 
Bowel resections may be needed if the bowel segment is strangulated, and nonviable 

Perforation and peritonitis need appropriate treatment. 


SWALLOWED FOREIGN BODIES 


Incidence and Etiology 


= Common in children and psychotic individuals 
= Most foreign bodies pass through GIT without any difficulty. 


Symptoms 
m Abdominal pain may be present 
= Vomiting may supervene. 


Signs 
m Signs of intestinal obstruction may appear 
m Chest signs may appear. 


Examine the oral cavity, oropharynx or nasopharynx for impacted foreign body, before asking for radiographs. 


Relevant Investigations 


® Plain X-ray of throat (Fig. 21.43), chest and abdomen may identify the foreign body 
m= Bronchoscopy/Gastroscopy may be required. 


e By the time the patient is seen by the clinician, the foreign body might be expelled through feces, if it is small 
and blunt 


e — Since button cells have the tendency to erode through the bowel wall, it is better to monitor its position by serial 
radiography, and removed if stuck in a place. 


Treatment 


m= Blunt objects reaching the stomach will pass without difficulty 
m Sharp foreign bodies impacted in the GIT should be removed (endoscopically or by open surgery) 
™ Catastrophic bleed, obstruction and perforation peritonitis need laparotomy. 
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FIG. 21.43: Foreign body larynx (Courtesy: Bharat scans) 


PERFORATED BOWEL PATHOLOGIES 


There are a variety of intra-abdominal pathologies, which are serious emergencies, and also threaten life, if 

not recognized early and treated. Such conditions are called “acute abdominal catastrophes”. Most of these 

conditions are a result of infection of peritoneum called ‘peritonitis, caused by the leak of infected intestinal 
contents into the peritoneal cavity. Since the peritoneum is a semi-permeable membrane, it allows the spread 
of infection systemically into the blood to result in septicemia, a fatal condition. 

Peritonitis consists of three stages. They are: 

1. Stage of peritonism: Occurs due to the chemical irritation of the peritoneum caused by the leaked contents 
of the bowel, and the patient feels sudden excruciating pain. Constitutional symptoms are not prominent, 
though tenderness and guarding can be elicited 

2. Stage of reaction: The contents of the bowel are neutralized by the peritoneal exudates, and pain becomes 
less. Muscle guarding may be present, and shifting dullness may be elicited indicating the presence of free 
fluid in the abdomen 

3. Stage of spreading peritonitis: This is an ominous stage, as there are signs of severe infection. They 
exhibit classic facies, called “Facies Hippocratica” — sunken eyes, hollow cheeks and anxious face. Severe 
tachycardia (fast thready pulse) is present. Abdomen shows board like rigidity, indicating generalized 
peritonitis. Death becomes imminent if not attended to, surgically. 

The signs and symptoms of perforations caused by various parts of the bowel have certain indicative 

findings. They are given in the Table 21.10. 


Table 21.10: Signs and symptoms of perforations caused by various diseases of the bowel 


Signs and 
symptoms 
gastric ulcer 
(benign/ 
malignant)* 
Previous Frequent 
history use of 
antacids 
History of | NSAIDs 
drug intake 
Area of Upper 
abdominal abdominal 
pain 
Gastro- Upper 
intestinal 
bleeds 
Treatment 


Duodenal or Appendicitis** 


Nil or pain in 
the right iliac 
fossa in the 
past (treated 
or untreated) 


Nil 


Umbilical to 
start and then 
in the right 
iliac fossa 


Nil 


Cholecystitis 


Gallstones 
or chronic 
cholecystitis 


Nil 


Right hypo- 
chondrial 


Nil 


Perforation of 

Typhoid/ Ulcerative 

Tubercular colitis 

ulcer 

Prolonged Repeated 

fever (high attacks of 

grade in diarrhea and 

typhoid and abdominal 

low gradein pain 

tuberculosis) 

Treatment Medical 

for typhoid management 

fever 

Umbilical Flanks and 

or lower hypogastric 

abdominal 

Lower Lower 
Surgical 


Diverticular 
disease 


Repeated 
attacks of 
constipation 
and abdominal 
pain 


Medical 
management 


Umbilical or 
flanks 


Lower 


Colonic 
malignancy 


Constipation 


Laxatives 


Flank on the 
side of lesion 


Lower 





* 


4 


Leaks of gastric contents due to perforated gastric ulcer (posteriorly placed), into the lesser sac may mask abdominal symptoms 
Clinical presentation of perforated Meckel’s diverticulitis is the same as that of perforated acute appendicitis. 


Differential Diagnosis 


Myocardial infarction 
Diaphragmatic irritation caused by lower lobar lung lesions 


Acute pancreatitis 


Ruptured or dissecting aortic aneurysm. 


Relevant Investigations 


m Plain X-rays of abdomen in the erect posture is confirmatory (gas under the diaphragm) in most cases 
(Figs 21.44 and 21.45) and peritonitis gives the classic ‘ground glass appearance’ (Fig. 21.46) 


m= CT (Fig. 21.47) is useful. 
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FIG. 21.44: X-ray—Air under the right dome FIG. 21.45: Minimal air under right dome of diaphragm - 
of diaphragm-duodenal ulcer perforation appendicular perforation 





FIG. 21.46: X-ray abdomen - Ground FIG. 21.47: CT—Pneumoperitoneum 
glass appearance of peritonitis 


Treatment 





Treatment is always surgical: 

* Closure of bowel perforation if it is simple and of benign cause 

* Cholecystectomy (gallbladder perforations)/ appendicectomy (appendicular perforations)/appro- 
priate bowel resections (benign or malignant bowel perforations) 

¢ Peritoneal toileting is mandatory and should be complete. 


INTESTINAL STRICTURES 


Incidence and Etiology 


m= Obstructions can be caused by strictures due to: 
¢ Tuberculosis (healing lesions) 
« Malignant lesions 

™ Postoperative strictures are not uncommon. 
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Symptoms 

m= Symptoms of subacute or acute intestinal obstruction 

= History of weight loss, low-grade pyrexia, anemia and vague abdominal pain may be present. 

Signs 

® Clinical examination may show a mass in the right iliac fossa (differential diagnosis—Crohn’s disease) 
m= Ascites may be present. 

Relevant Investigations 

m Plain X-ray abdomen (erect) shows air fluid levels 

™ X-ray chest may reveal a primary tubercular lesion. 

Treatment 


= Laparotomy is needed for acute obstructions 
™ Stricturoplasty or bypass procedures or resections are done for tubercular strictures 
m™ Radical resections or bypass procedures are done for malignant strictures. 


GLOSSARY 


anisotropic materials materials in which the electric 
polarization vector is not in the same direction as the electric 
field. The values of €, u, and o are dependent on the field 
direction. Examples are crystal structures and ionized 
gases. 


complex permittivity « The imaginary part accounts for heat 
loss in the medium due to damping of the vibrating dipole 
moments. 

dielectric An insulator. When the presence of an applied field 
displaces electrons within a molecule away from their 
average positions, the material is said to be polarized. 
When we consider the polarizations of insulators, we refer to 
them as dielectrics. 

empirical A result based on observation or experience rather 
than theory, e.g. empirical data, empirical formulas. Capable 
of being verified or disproved by observation or experiment, 
e.g. empirical laws. 


evanescent wave A wave for which B=0. « will be negative. 
That is, yis purely real. The wave has infinite wavelength— 
there is no oscillation. 

isotropic materials materials in which the electric polarization 
vector is in the same direction as the electric field. The 
material responds in the same way for all directions of an 
electric field vector, i.e. the values of €, u, and o are constant 
regardless of the field direction. 

linear materials materials which respond proportionally to 
increased field levels. The value of u is not related to H and 
the value of ¢ is not related to E. Glass is linear, iron is non- 
linear. 

overdamped system in the case of a transmission line, this 
means that when the source voltage is applied the line 
voltage rises to the final voltage without exceeding it. 

time variable materials materials whose response to an 
electric field changes over time, e.g. when a sound wave 
passes through them. 

transverse plane perpendicular, e.g. the x-y plane is 
transverse to z. 

underdamped system in the case of a transmission line, this 
means that after the source voltage is applied the line 
voltage periodically exceeds the final voltage. 

wave number k The phase constant for the uniform plane 
wave. k may be considered a constant of the medium at a 
particular frequency. 


Tom Penick tom@tomzap.com www.teicontrols.com/notes MicrowaveEngineering.pdf 
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BANDS AND ADHESIONS 


Incidence and Etiology 


m Bands may be congenital, but adhesions are post surgical 
m™ The adhesions may be like a small band or generalized, flimsy or dense, single (Figs 21.48 and 21.49) or 
multiple. 


Symptoms and Signs 


Features of subacute or acute intestinal obstruction, months or years after surgery. 


Relevant Investigations 


™ Plain radiographs of abdomen are useful in diagnosis 
m= Diagnostic laparoscopy is conclusive. 
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Treatment 


m™ Release of adhesions by laparoscopy or by open surgery 

m™ Open surgery and release of adherent bowel loops for dense adhesions obstructing the bowel 

m It is better to manage the acute obstructions by trial medical management with gastric suction and 
intravenous fluids 
Note: Surgery has the disadvantage of recurrence, especially in generalized adhesions. 





I ai 
FIG. 21.48: Band in the pelvis causing internal rotation FIG. 21.49: Adhesions of small bowel 
of small bowel to previous surgery scar 


ENTEROLITHS/FOOD BOLUS 


Incidence and Etiology 

Obstructions may be caused by enteroliths or food bolus, resulting from poor chewing in an edentulous 
patient, high consumption of high fiber (e.g. orange pith), usually at a pre-existing narrowing due to 
tuberculosis, Crohn’s disease and surgery. 

Symptoms and Signs 


Symptoms of subacute or acute intestinal obstruction. 


Relevant Investigations 


Plain X-ray abdomen (erect) shows air fluid levels. Diagnosis is more clinical and is difficult. 


Treatment 


Surgery is indicated for acute obstructions, and the bolus or enterolith can be milked into the large intestine 
and rarely it is necessary to open the bowel to remove it. 


VOLVULUS 


m= Volvulus is defined as a twist of the bowel around its mesenteric axis 
m= Itis more common in the large bowel (commonly the sigmoid colon) than in the small bowel 
m= Rotation of more than 180 degrees may result in strangulation. 


SIGMOID VOLVULUS 


Incidence and Etiology 
Disease of the middle aged and elderly. 


Pathogenesis 


Rotation of the sigmoid around its axis occurs when its mesentery is unusually long. 


Symptoms 
m Sudden severe pain, frequently when straining to pass stool. The patient retches and develops hiccoughs 


m= The patient may give history of attacks of abdominal pain with constipation, relieved by passing watery 
stools and large volumes of flatus. 
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FIG. 21.50: X-ray — Sigmoid volvulus 


Signs 

m Abdomen rapidly distends, disproportionate to the duration of pain, and the distension is confined more 
to the left flank 

=m Rectum is empty on examination. 

Relevant Investigations 

Plain radiograph of the abdomen will reveal a distended sigmoid, coffee bean appearance — Freeman Dahl 

sign (Fig. 21.50) (Convergence of three white lines towards the base of the pedicle). 

Treatment 

™ Untwisting of the volvulus, and fixing the colon to parietal peritoneum to prevent recurrence 


m= Sigmoidectomy is the treatment of choice in long redundant sigmoid colon. 


CECAL VOLVULUS 


Incidence and Etiology 


m This occurs in those whose entire right colon has a mesentery continuous with that of the small bowel, 
and the cecum does not lie in the right iliac fossa 
m More common in women and during pregnancy. 


Clinical Presentation 





m= A distended, tense palpable resonant mass in the umbilical region, with an empty right iliac fossa 
m= Features of distal small bowel obstruction. 


Relevant Investigations 


Plain radiograph of the abdomen is diagnostic (Cecal bubble is seen). 


Treatment 


Untwisting of the volvulus with or without resection of the segment of the bowel and cecopexy is required. 


MIDGUT VOLVULUS 
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Incidence and Etiology 


= Inchildren, this occurs due to malrotation and failure of fixation of midgut, usually before one year, rarely 
in neonates 

= In adults, a loop of bowel rotates around a point of adhesion (to the abdominal wall or to an adjacent 
viscera). 


Symptom 

Severe abdominal pain. 

Signs 

Signs of intestinal obstruction. 


Relevant Investigation 


Contrast study shows “Cork-screw effect’. 


Treatment 


Emergency laparotomy and correction of the defect with fixing of the bowel. 





FIG. 21.53: Step-ladder pattern of paralytic ileus 


Treatment 


®™ Correction of electrolyte imbalances 
m Treatment of retroperitoneal or intraperitoneal causes like hemorrhage and sepsis. 


TORSION OF MESENTERIC CYST 


Incidence and Etiology 


m™ Cystic lesions of mesentery are more common than solid tumors (2:1) 
m= Cystic tumors of mesentery are: 
« Chylous cyst, serous cyst (developmental) — more common 
« Lymphangioma (lymphatic tissue) — more common 
¢ Traumatic cyst (trauma) 
«Enteric cyst, dermoid (embryonic rests) 
™ Majority of cysts are benign (except lymphangiosarcoma, malignant teratoma). 
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Pathogenesis 


Torsion occurs more by its weight, and mobile nature of mesentery encourages this torsion. 


Symptom 


Sudden acute abdominal pain. 


Signs 

Central abdominal tenderness with guarding and rigidity 
m= Acystic lump may be felt in the central abdomen. 
Relevant Investigation 


US and CT of abdomen are diagnostic. 


Treatment 


Emergency laparotomy is needed. The cyst should be removed. 


TORSION OF OMENTUM 


Incidence and Etiology 


= More common in 4th to 5th decades 
m Equal sex incidence 
™ Causes of omental torsion are: 
* Primary: Always unipolar, cause is unknown 


* Secondary: Usually bipolar, associated with adhesions (intra-abdominal inflammation—tuberculosis, 


postsurgical adhesions, internal and external herniae). 


Pathogenesis 


m The omentum twists on its long axis to an extent causing vascular obstruction 


m Mayvary from mild vascular obstruction producing edema to complete strangulation leading to infarction 


and gangrene 
The situations to cause torsion are: 
* Redundant and mobile segment 
* Fixed point around which the segment can twist 


m The precipitating factors for torsion are: 
¢ Anatomic variations (bifid omentum, accessory omentum, large and bulky omentum) 
Venous redundancy 


More common in right side (due to increased bulk and mobility). 





2 
te 
2 
te 


Symptoms 


m= Acute abdominal pain usually is localized to right lower quadrant 
m Movement increases the pain 
m Nausea and vomiting are common. 


Signs 


m ‘Tenderness, rigidity and guarding of abdomen 
m A vague tender mass may be felt in the upper abdomen. 
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Differential Diagnosis 


m Acute cholecystitis 
m Acute appendicitis 
= Torsion of right ovary. 


Relevant Investigation 


US and CT of abdomen are diagnostic. 


Treatment 


m Emergency laparotomy is needed. 
Twisted omentum needs to be excised with release of adhesions 
Associated hernia needs repair. 
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COLICS 


Incidence and Etiology 

Colic is defined as a sudden squeezing or griping pain lasting for about 3 to 5 minutes with pain free intervals. 
m= Nausea, vomiting and retching are common accompaniments 

m The cause of a colic is partial obstruction of a tubular structure due to varied causes. 


88 
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Clinical Features (Table 21.12) 


Table 21.12: Clinical features of various colics 
Colics 

Ureteric colic 

Younger age 


Clinical 

feature Biliary colic 

Incidence _ Fat, fertile, flatulent, 
female of fifty 

Etiology Gallstones 

Nature of Right hypochondrial 

pain pain, referred to right 


scapula or shoulder 


Associated Dyspepsia 
symptom 


Symptoms 


Renal colic 
Young age 


Renal calculus 


Severe pain in the 
lumbar region 
radiating towards 
umbilicus 


Urinary 
symptoms 


m™ Severe griping pain with pain free intervals 
m= Location of pain is definite (Table 21.13) 
™ Radiation (Fig. 21.54) may be present: 
* Radiation to right scapula or shoulder is common with biliary colic 
* Radiation to external genitalia and groins (e.g. ureteric colic) 


= Vomiting is usually present 


Ureteric calculus, 
papilloma, clot, 
stricture 


Severe colicky 
pain radiating 
from loin to 
groin, testis or 
thigh 

Urinary 
symptoms 


Intestinal colic 
Any age 


Parasitic infestations 
(younger age), strictures 
(middle age), malignancy 
(old age) 

Colicky pain in the 
umbilical region 


Constipation or diarrhea 





Appendicular colic 
Any age 


Fecoliths, Worms 


Colicky pain in 
the right iliac 
fossa 


Repeated attacks 
of dull pain in 
right iliac fossa 


Table 21.13: Location of pain related to regions of abdomen 


Right hypochondrium 
Biliary colic 

Right renal colic 
Right lumbar region 
Right renal colic 
Right iliac fossa 
Appendicular colic 
Right ureteric colic 


Umbilical region 
Intestinal colic 


Hypogastrium 


Uterine colic 
Urethral colic 


Left hypochondrium 
Left renal colic 


Left lumbar region 
Left renal colic 
Left iliac fossa 
Left ureteric colic 





FIG. 21.54: Ureteric colic: (A) Base of penis; (B) Genitalia; (C) Thigh 


Fever may be present if infection is associated 

Jaundice may be present if cholangitis is associated 

Loose stools may be present if colitis is associated 

History of similar episodes in the past 

Family history may present regarding biliary and urinary calculi. 


Signs 


m Tenderness in the region of pathology 
m= Mass may be felt proximal to the level obstruction: 


2 


¢ Right upper quadrant (e.g. distended gallbladder) 


me 


* Right lumbar (e.g. obstructed and enlarged kidney as in PUJ obstruction) 
* Umbilical (e.g. distended bowel) 
« Hypogastric (e.g. distended uterus in dysmenorrhea). 
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Differential Diagnosis by Clinical History and Examination 


Biliary colic, jaundice, palpable gallbladder (e.g. cholangitis with mucocele, gallbladder choledochal cyst) 
Renal colic, urinary symptoms, palpable kidney (e.g. obstruction at PUJ) 

Ureteric colic, urinary symptoms, tenderness in iliac fossa (e.g. obstruction of ureter) 

Intestinal colic, exaggerated bowel sounds (e.g. obstruction of small bowel) 

Appendicular colic, tenderness right iliac fossa (e.g. obstructive appendicitis) 

Uterine colic, dysmenorrhea, palpable uterus (e.g. congestive dysmenorrhea). 


Relevant Investigations 


Hematology 


m= Leukocytosis in infective pathologies (e.g. acute cholecystitis) 
m™ Raised ESR in all infective pathologies. 


Radiology 

m Plain X-ray abdomen: Gas filled loops of bowel (e.g. acute intussusceptions, acute intestinal obstruction) 
= Ultrasonography: Radiopaque shadows in the abdomen (e.g. renal stones, ureteric stones). 

Treatment Plan 


= Medical management will suffice in most instances 
Obstructive pathologies may require surgery or removal to relieve the cause of obstruction 
m Repeated attacks of colic will require evaluation and management. 


GASTROINTESTINAL HEMORRHAGE 


Definitions 


Hematemesis—vomiting blood, which may be fresh or partly altered. 
Melena—passing altered blood (meaning digested blood) per rectum. 
Hematochezia—passing blood per rectum bright in color 

Occult bleeding—bleeding not visible to naked eye, but microscopic. 








Abbreviations and Acronyms 


The following abbreviations are used in this paper. Abbreviations are defined on first use. 
1G - First Generation 

1xEV-DO - One Carrier Evolution, Data Optimized 
1xEV-DV - One Carrier Evolution, Data Voice 

1XRTT - One Carrier Radio Transmission Technology 

2G - Second Generation 

3G - Third Generation (meeting requirements set forth by the ITU IMT project) 
3GPP - Third Generation Partnership Project 

3GPP2 - Third Generation Partnership Project 2 

4G - Fourth Generation (meeting requirements set forth by the ITU IMT-Advanced project) 
5GC - 5G Core 

8-PSK - Octagonal Phase Shift Keying 

AAS - Adaptive Antenna Systems 

ABR - Allocation Retention Priority 

AGW - Access Gateway 

AMF - Access and Mobility Management Function 

AMR - Adaptive Multi Rate 

AMR-WB - Adaptive Multi-Rate Wideband 

ANDSF - Access Network Discovery and Selection Function. 
ANSI - American National Standards Institute 

APCO - Association of Public Safety Officials 

API - Application Programming Interface 

APN - Access Point Name 

ARP - Allocation Retention Priority 

ARPU - Average Revenue per User 

ARQ - Automatic Repeat Request 

ATM - Asynchronous Transfer Mode 

AWGN - Additive White Gaussian Noise Channel 

AWS - Advanced Wireless Services 

BCCH - Broadcast Control Channel 

bps - bits per second 

BRS - Broadband Radio Service 

BSC - Base Station Controller 

BTS - Base Transceiver Station 

C/I - Carrier to Intermodulation Ratio 

CAPEX- Capital Expenditure 

CBF - Coordinated Beam Forming 

CBRS - Citizens Broadband Radio Service 
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Types of Gastrointestinal Hemorrhages 


The blood loss due to gastrointestinal hemorrhage is divided into three types: 
1. Mild—less than 500 ml. 

2. Moderate—500 to 1500 ml. 

3. Severe—more than 1500 ml. 


¢ Gastrointestinal hemorrhages, when they are in large quantities, called major hemorrhages present either as 


vomiting of blood or passage of blood per rectum, but usually they coexist 


e Many times, melena is the sole clinical presentation of upper gastrointestinal bleed. 


While evaluating a GI hemorrhage, the following pathologies are to be kept in mind (Fig. 21.55) 





UNCOMMON CAUSES COMMON CAUSES 
Esophageal 
Mallory—Weiss tear varices** 
Gastric ulcer* 
Gastric polyps/ 
Erosions malignancy 


* 
Telangiectasia Duodenal ulcer 


Acute ulcerative 
colitis 

Crohn's disease / TB 
Small bowel tumors 
Large bowel 
angiodysplasia 
Small bowel 
angiodysplasia 


Colonic polyps/ 
malignancy** 


Ischemic colitis*** 


Diverticulitis** 
Hemorrhoids** 


Common causes 





* Very common 
** Common 
**“* Fairly common 


FIG. 21.55: Causes of gastrointestinal bleeding 
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Hematemesis and Melena 


Esophagus 


m™ Reflux esophagitis 

m Esophageal varices 

m= Mallory—Weiss tears 
™ Corrosive poisoning. 


Stomach and Duodenum 


Acid peptic disease 
Gastric polyps 
Gastric lymphoma 
Carcinoma stomach 
Corrosive poisoning. 


Melena 


Small Bowel 


Angiodysplasia 

Diverticulitis 

Radiation enteritis 

Infections and inflammations 
Ischemic disease 
Intussusception 

Richter’s hernia 

Benign tumors 

Malignant tumors. 


Hematochezia 


Large Bowel 


m Angiodysplasia 

m Diverticulitis 

® Radiation colitis 

® Infections and inflammations 


Ischemic disease 
Inflammatory bowel disease 
Benign polyps 

Malignant tumors. 


Rectum and Anus 


Polyps 
Malignant tumors 
Hemorrhoids, fissures. 


Lower gastrointestinal hemorrhages do not present with hematemesis. 


Eliciting History 


Hematemesis 


1. 


Nature of bleed 


2 


¢ Frank blood (e.g. esophageal varices) 
¢ Altered blood (e.g. peptic ulcer, gastric malignancy). 
Duration of hematemesis 


2 


¢ Short duration (e.g. acute hyperacidity) 

¢ Recurrent attacks (e.g. chronic duodenal ulcer, gastric malignancy). 
Association of rectal bleed 

¢ Melena (e.g. upper GI bleed) 

¢ Hematochezia (e.g. lower GI bleed). 

Association of abdominal pain 


2 


¢ Absence of abdominal pain (e.g. esophageal varices) 


« Presence of abdominal pain (e.g. chronic duodenal ulcer, gastric malignancy). 
Association of fever: Fever — usually low grade (e.g. GI malignancy). 


. Association of jaundice: Jaundice may be present (e.g. periampullary carcinoma, hepatic failure). 


Hematochezia 


1. 


Duration of bleed 
¢ Short duration (e.g. hemorrhoids, inflammatory bowel disease, colonic malignancy) 
¢ Recurrent attacks and long duration (e.g. hemorrhoids, inflammatory bowel disease). 
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Association of abdominal pain 

* Absence of abdominal pain (e.g. hemorrhoids, malignancy) 

* Presence of abdominal pain (e.g. inflammatory bowel disease). 

Association of fever: Fever (e.g. inflammatory bowel disease) 

Association of jaundice 

Jaundice may be present (e.g. portal hypertension, metastatic colonic malignancy) 
Association of bowel disturbances 

* Constipation (e.g. colorectal malignancies) 

* Diarrhea (e.g. inflammatory bowel disease). 


Past History 


History of pain (e.g. chronic duodenal ulcer, diverticulitis) 
History of bleeds (e.g. chronic duodenal ulcer, diverticulitis, hemorrhoids) 
Previous surgery (e.g. recurrent malignancy of GIT). 


Family History 


Familial polyposis 
Colonic malignancy. 


Clinical Examination 


General 


Vital signs (e.g. shock) 

Breath for fetor (e.g. hepatic failure) 

Conjunctiva for anemia (e.g. GI malignancy), jaundice (e.g. hepatic failure) 
Tongue for anemia (e.g. GI malignancy) 

Neck for lymphadenopathy (e.g. GI malignancy) 

Hands for clubbing, palmar erythema, liver flap, etc. (e.g. liver failure). 


e Mild hemorrhages are rarely associated with systemic signs. When the blood loss approaches about 40 percent 
of the blood volume, shock ensues 


e The volume of blood loss either by vomiting or through rectum, is not a very reliable measure, as large amounts 
stay in the bowel. 


Abdomen 


Inspection 

Distension 

* Generalized (e.g. ascites of liver failure, malignant ascites) 

> Right upper abdominal (e.g. hepatomegaly) 

* Epigastric (e.g. left lobar hepatomegaly, carcinoma stomach) 


2 


* Left upper abdominal (e.g. splenomegaly). 


2 
"e 


2 


2 


Scars, swellings and sinuses 


Palpation 

Tenderness 

« Right upper quadrant (e.g. hepatic failure) 

* Epigastric (e.g. chronic duodenal ulcer) 

« Left upper quadrant (e.g. chronic duodenal ulcer). 


Lump 

« Right upper quadrant (e.g. hepatomegaly, distended gallbladder) 
* Epigastric (e.g. carcinoma stomach, left lobar hepatomegaly) 

« Left upper quadrant (e.g. carcinoma stomach, splenomegaly). 
Percussion 

Percuss the liver for 

* Its enlargement (e.g. chronic hepatitis, metastatic liver). 
Auscultation 

¢ Bowel sounds are usually normal 


« Exaggerated bowel sounds may indicate obstruction of small bowel (e.g. intestinal colic). 


Differential Diagnosis by Clinical History and Examination 


Hematemesis and melena (e.g. pathologies of upper GI tract proximal to ligament of Treitz) 
« With upper abdominal pain, epigastric tenderness (e.g. bleeding gastric/duodenal ulcer) 
¢ Without abdominal pain and 
* No clinical findings (e.g. esophageal varices, vascular malformations, upper GI malignancy) 
+ Abdominal lump (e.g. upper GI malignancy). 
¢ Without abdominal pain and 
+ Increasing jaundice, abdominal lump, + / — hepatomegaly (e.g. upper GI malignancy + / — liver 
metastases) 
+ Fluctuating jaundice, palpable GB, + / — hepatomegaly (e.g. periampullary carcinoma + / — liver 
metastases). 
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Melena (e.g. pathologies of lower GI tract distal to ligament of Treitz) 
« With abdominal pain 
+ Epigastric tenderness (e.g. bleeding duodenal/gastric ulcer) 
* Umbilical tenderness (e.g. inflammatory bowel disease) 
+ Flank tenderness (e.g. ulcerative colitis) 
+ Palpable lump (e.g. proximal colonic malignancy). 
* Without abdominal pain 
* No clinical findings (e.g. esophageal varices, vascular malformations) 
+ Abdominal lump (e.g. upper GI malignancy). 
m Hematochezia (e.g. pathologies of lower GI tract in the colorectum) 
* With pain during defecation, positive inspection findings (e.g. acute fissure in ano) 
* Without perianal pain 
* Positive proctoscopy findings (e.g. hemorrhoids, rectal pathologies) 
+ Negative proctoscopy findings (e.g. colonic pathologies) 
* With abdominal pain + / — fever, local tenderness (e.g. inflammatory bowel disease, diverticulitis) 
¢ With colicky pain, abdominal lump (e.g. obstructing colonic malignancy) 
¢ With jaundice + /—abdominal pain, + /— abdominal lump, + /— hepatomegaly (e.g. colonic malignancy 
with liver metastases). 
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Whatever be the external visible loss, signs of hypovolemia should be watched for. 


Relevant Investigations 


Hematology 


™ Hemoglobin and PCV for anemia 

Total and differential leukocyte count (e.g. tuberculosis, ulcerative colitis) 
Thrombocytopenia (e.g. hypersplenism) 

ESR may be raised in infections and malignancies 

Coagulation profile (e.g. bleeding disorders). 


Coagulation profile should be assessed in all cases of Gl bleed, as bleed by itself the sole presentation of 
coagulation disorders. 


Liver Function Tests 


m= Serum bilirubin (e.g. raised levels indicate jaundice) 
m Serum transaminases (e.g. raised levels indicate liver cell disease) 
= Serum alkaline phosphatase (e.g. raised levels may indicate biliary obstruction due to hepatic metastases). 


m Serum proteins (e.g. reduced levels indicate undernutrition) 





m= Prothrombin time is prolonged in liver diseases and needs to be corrected by administration of vitamin K, 
in the management of gastrointestinal bleeds. 


Stool Examination 


Examination of stool for occult blood is required in cases of occult bleeding from GIT. 


Occult bleeding from GIT is common, but the bleed should be atleast 10 ml to identify by examination. 


Radiology 


m Chest X-ray (e.g. aspiration pneumonitis, mediastinal widening and hilar lymphadenopathy of esophageal 
malignancy) 

m= Contrast studies of bowel 

* Barium swallow (e.g. esophageal malignancy) 

¢ Barium meal (e.g. gastric malignancy, periampullary carcinoma) 

¢ Barium enema (e.g. colonic malignancy) 

m CT/MRI scan 
« Chest (e.g. esophageal malignancy, and paraesophageal pathology like lymph nodes, pulmonary 
secondaries) 

« Abdomen (e.g. cirrhosis of liver, malignant deposits of liver, lymph node metastases of GI malignancies, 
intestinal tuberculosis) 

= Ultrasonography of abdomen (e.g. malignant deposits, dilated portal vein and biliary radicals) 

m Magnetic resonance cholangiopancreatography (MRCP) (e.g. periampullary carcinoma). 


¢ 


Q 
Be 
> 
ae 
— 
m 
Bs 
NM 
¢ 
@ 
> 
n 
| 
Be 
©) 
m 
Zz 
a] 
m 
y 
(e) 
fe) 
©) 
@ 
< 


Endoscopy 


m= Upper gastrointestinal endoscopy (e.g. gastroesophageal reflux disease, esophageal tears, gastric 
malignancies, periampullary carcinoma) 
= Lower gastrointestinal endoscopy (e.g. polyps, tumors of rectum and colon) 


e¢ Endoscopy has the advantage of obtaining tissue for histopathology 


e Endoscopy may be used as a therapeutic tool at the same sitting (e.g. sclerotherapy in bleeding esophageal 
varices and endoclipping of bleeding vessel) 


e Endoscopy should be performed at the earliest opportunity and after adequate resuscitation. 
Radioisotope Studies 


Radioisotope scanning using the patient’s own labeled red blood cells can be useful in small bowel bleeds, 
especially those from angiodysplasia. 
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Selective Arteriography 


Selective arteriography (superior mesenteric arteriography) may be useful in determining the small bowel 
bleeds, particularly those from angiodysplasia. 


Capsule Endoscopy 


Swallowing a small capsule with a video camera, and recording the images of the lumen of small bowel 
gives tremendous information of bleeding from small bowel. Histopathology cannot be obtained by capsule 
endoscopy. 


Histopathology 


Biopsy through endoscopy (upper and lower) is confirmative. 


Treatment 


Medical Management 


m™ Large bore vascular access and correction of hypovolemia and hematocrit 
® Correction of coagulopathy 
m Emergency endoscopy 
* For nonvariceal bleeding 
IV PPI (80 mg 6 hrly) 
+ Nasogastric suction and gastric lavage 
* For variceal bleeding 
* Insertion of Sengstaken-Blakemore tube for compression of varices 
+ Administration of vasopressin (upto 20 units SC or slow IV). 
* Variceal injection or banding 
+ Transhepatic intravenous portosystemic shunt (TIPSS) for uncontrolled bleeding. 


Surgery is needed for persistent uncontrollable GI bleeding. 

Patient requiring more than six units of blood for resuscitation for acute bleed, will require surgical 
management. 

Surgical Treatment 


Surgery is indicated in recurrent esophageal variceal bleeding, complicated inflammatory bowel disease, 
polyps, benign and malignant tumors of GIT and hemorrhoids. 
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Signs 


m= Rapid changes occur in the tissues distal to the occlusion and the limb survival depends on the presence 
of collaterals 
m Skeletal muscle and nerve tissue are the most sensitive to hypoxia and suffer damage early. 


Complications: Compartment syndrome, acute renal failure (acidosis), muscle contracture (Volkmann’s 
ischemic contracture). 


Symptoms 


= Acute ischemia produces classical symptoms (6 Ps) 


Pain: Usually excruciating, sudden in onset and continuous 

Pallor: Affected limb appears pale due to lack of blood 

Pulselessness: Pulses distal to the block are absent 

Paresthesia: Due to nerve damage 

Paralysis: Sensory motor deficit due to ischemic nerve damage secondary to severe ischemia (a late 
sign) 

Poikilothermia: The affected limb appears cold. 


m= Affected muscle gets swollen, tense and is very tender, due to persistent ischemia 

= On palpation, muscle gives a characteristic rubbery feel (can be mistaken for DVT) 

= Later skin changes like mottling (Fig. 23.1) and blisters start and ultimately the limb becomes gangrenous 
(Fig. 23.2). 








FIG. 23.1: Mottling of ischemic FIG. 23.2: Gangrene of acute ischemia 
limb (Courtesy: Dr N Sekar) of left lower limb (Courtesy: Dr N Sekar) 


Relevant Investigations 


All investigations should be done without delay: 

m= Duplex scan is done to confirm diagnosis in early cases 
= Angiogram for treatment planning 

= Tests for thrombophilia 

m Hyperkalemia when renal shut down ensues. 


Treatment 


m Acute arterial occlusion is a surgical emergency. Usually irreversible damage occurs by 4 to 6 hours. Hence, 
revascularization should be done within 6 to 8 hours for limb salvage (Golden hour). 


o 
Se 


o 
So 


Intravenous heparin should be administered as soon as the diagnosis of acute ischemia of the limb is 
made. Best results are seen in those who undergo revascularization within 6 to 8 hours after the onset 
of ischemia 

Embolism is best managed by embolectomy done through the brachial artery at the elbow or the 
femoral artery at the groin 

Acute arterial thrombosis can be managed by surgical bypass or by catheter directed thrombolytic 
therapy. Frequently both modalities may be required to achieve revascularization 

Fasciotomy will be required to avoid muscle damage in compartment syndrome caused by delayed 
revascularization 

Early amputation for limbs with irreversible ischemia. 


Note: Those who present late should be taken up for surgery without imaging and intraoperative angiogram 
should be done to reduce time delay. 


ACUTE INTESTINAL ISCHEMIA 


Incidence and Etiology 


Intestinal ischemia occurs usually due to occlusion of mesenteric artery caused by: 
= Thrombosis on an atheromatous plaque (e.g. origin of superior mesenteric artery) 
m= Embolus following atrial fibrillation/myocardial infarction/detached atheromatous plaque. 


Clinical Presentation 


m Severe acute abdominal pain with copious vomiting 
m™ Very fast deterioration of health 
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CBS - Coordinated Beam Switching 

CSS3 - Cascading Style Sheets 3 (CSS3) 

CDD - Cyclic Delay Diversity 

CDF - Cumulative Distribution Function 

CDMA - Code Division Multiple Access 

CL - Closed Loop 

CL-SM - Closed Loop Spatial Multiplexing 
CMAS - Commercial Mobile Alert System 
CMOS - Complementary Metal Oxide Semiconductor 
CoMP - Coordinated Multi Point 

cMTC - Critical Machine Type Communications 
CP - Cyclic Prefix 

CPC - Continuous Packet Connectivity 

CPRI - Common Public Radio Interface 

CQI - Channel Quality Indicators 

C-RAN - Cloud Radio Access Network 

CRM - Customer Relationship Management 
CRS - Cell-specific Reference Signal 

CS - Convergence Sublayer 

CSFB - Circuit-Switched Fallback 

CTIA - Cellular Telephone Industries Association 
C-V2X - Cellular Vehicle-to-X 

D-AMPS - Digital Advanced Mobile Phone Service 
DAS - Distributed Antenna System 

DAS - Downlink EGPRS2-A Level Scheme 

dB - Decibel 

DBS - Downlink EGPRS2-B Level Scheme 
DC-HSPA - Dual Carrier HSPA 

DFT - Discrete Fourier Transform 

DL - Downlink 

DNS - Domain Name Service 

DPCCH - Dedicated Physical Control Channel 
DPS - Dynamic Point Selection 

DSL - Digital Subscriber Line 

DSMIPvé6 - Dual Stack Mobile | Pv6 

DTM - Dual Transfer Mode 

DRX - Discontinuous Reception 

D-TxAA - Double Transmit Adaptive Array 
DVB-H - Digital Video Broadcasting Handheld 
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m Hematemesis and melena also occur in some cases 
m The clinical signs are disproportionate to the symptoms, and rarely an area of tenderness may be felt near 
the infarcted bowel. 


Relevant Investigations 


m ECG, plain X-ray and US abdomen are useful 
m Selective angiography is informative. 


e — Systemic inflammatory response, oliguria, persistent acidosis, raised serum amylase and bloody diarrhea may 
all occur but none is specific. 


Treatment 


= Conservative management to stabilize the patient 
m= Laparotomy and resection of nonviable bowel will be necessary, if the patient is stable 
m= Balloon angioplasty or bypass grafts may be feasible in select cases. 


Note: Outcome is guarded in most cases. 


™ Intestinal ischemia should be considered as a possible cause of deterioration, particularly in the elderly 
with pre-existing vascular disease or vasculitis. 


LEAKING OR DISSECTING AORTIC ANEURYSM 


Incidence and Etiology 


m Aneurysm of aorta (> 4 cm diameter — normal 1.5 to 2.5 cm) is the disease of elderly, and rupture is the 
deadly complication, with a mortality of more than 80 percent 
m= The rupture can occur into the retroperitoneum or into the peritoneal cavity. 


Clinical Presentation 


Acute severe upper abdominal pain or in the lower chest 
Radiation to the back mimics acute pancreatitis 

Aneurysm may be felt per abdomen with guarding and rigidity 
Lower limb pulses are feeble or absent 


Dissecting aneurysms present with retrosternal pain, as the pathology starts at the aortic arch. 
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FIG. 23.3: CT chest—Dissecting aneurysm of thoracic aorta 


Relevant Investigation 


US and CT of the abdomen are conclusive (Fig. 23.3). 


Treatment 
Emergency surgical intervention is necessary, along with correction of shock. 


= Only a third with rupture of aneurysm live to reach the hospital. 


Urology 





ACUTE RETENTION OF URINE 


Definition 


Defined as inability to micturate even when the bladder is full. 


Incidence and Etiology 


This occurs when the sphincter is unable to relax or with proximal urethral obstruction like in prostatic 
enlargement 

= Acute retention is of short duration and the bladder distension is painful 
The causes of acute retention of urine are given in Table 24.1. 


Symptoms 


m= Severe lower abdominal pain 
® Inability to void urine 
= Symptoms relating to underlying cause (e.g. LUTS). 


Signs 


= Palpable distended tender urinary bladder 
= Rectal examination: Anal sphincter spasm, enlarged prostate. 
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Prostatic enlargement Multiple sclerosis Clot retention : 
Urethral stricture Urethral stenosis Calculus at bladder neck or urethra at 
Tight Phimosis / Meatal stenosis Retroverted gravid uterus Rupture of urethra S 
Acute urethritis Cervical fibroid Spinal anesthesia ys 
Postoperative Bladder neck hypertrophy Neurogenic S 
Fecal impaction s 

Anal pain (post hemorrhoidectomy) 9 

=< 


Drugs (antihistamines, antihypertensives, 
anticholinergics, antidepressants) 


Relevant Investigations 


= Hemogram 

= Urea/creatinine 

m PSA levels may be high 

m= US may confirm the cause of obstruction. 


Treatment 


= Immediate urethral catheterization 
™ Urine examination for sugar and infective organisms 
m= Treatment of the cause. 


HEMATURIA 
Definition 
Passing of blood in the urine is called hematuria. 


m Frank hematuria: Presence of frank blood or blood clots in the urine 
m= Microscopic hematuria: Presence of blood discovered by microscopy or dipstick. 


Incidence and Etiology 


m Whatever the cause, hematuria is usually episodic: 
¢ Hematuria (painless) (e.g. tumors of urological system) 


, 


« Hematuria with dysuria (e.g. urological infections) 


o, 


« The causes of hematuria are given in Table 24.2. 





SECTION V @ ORGANS AND SYSTEMS 





Table 24.2: Causes of hematuria 


Etiology Diseases 

Kidneys Ureters Bladder Prostate Urethra 
Congenital Polycystic kidney 

AV malformation 
Traumatic Trauma Trauma Trauma 
Inflammatory Glomerulonephritis Cystitis Prostatitis Acute urethritis 

Tuberculosis Schistosomiasis 
Neoplastic Malignancy Urothelial tumors Malignancy Malignancy Malignancy 
Others Calculi Calculi Calculi Benign enlargement —Calculi 
Nonurological Coagulation and 

hematological 

disorders 


Note: Microscopic hematuria may represent a significant lesion in the urinary tract and should be taken seriously, though in 
about 5 percent of the cases, no cause can be found. 


Symptoms 


m™ Passing dark colored/blood stained urine 
™ Pain may or may not be present. 


Signs 
™ Clinical signs may vary (palpable kidney in large tumors, palpable bladder in bladder obstruction) 


m Anemia (in chronic hematuria or large hematuria) 
m= Enlarged prostate. 


Relevant Investigations 


Hematocrit may be low 

Renal function may be impaired 

Coagulation profile may be altered 

Urine examination for infection (routine and C/S) 
Ultrasonography 

Intravenous urography (IVU) 

Cystoscopy 

CT/MRI may be needed while evaluating malignancies. 


Treatment 





Primary treatment requires immediate urethral catheterization 
m= When catheterization is not possible, suprapubic cystostomy is needed 
m= Definitive treatment depends on the underlying cause. 


RENAL COLIC 


Caused by distension of renal capsule and pelvis or stretch of the peritoneum by large renal swellings: 

m Nature of pain 
¢ Pain localized to renal angle (posterior space between the 12th rib and the sacrospinalis muscle) 
(Fig. 24.1) (e.g. acute pyelonephritis, renal tuberculosis) —described by putting the hand on the waist 
with his fingers on the renal angle and thumb pointing the umbilicus (Fig. 24.2) 

¢ Pain radiating to umbilicus (e.g. renal tuberculosis) 

® Intensity of pain 


2 


* Severe (e.g. acute pyelonephritis renal stones) 


2 


¢ Dull and persistent (e.g. polycystic disease and malignancy) 


2 


¢ Acute obstruction of the upper ureter can give a severe colicky pain in the loin called “Renal colic”. 


ADOIOUN @ 72 HALdVHO 





K 


FIG. 24.1: Renal angle FIG. 24.2: Description of renal pain 
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Relevant Investigations 


Hematocrit may be low 

Renal function may be impaired 

Urine examination for infection (routine and C/S) 

Ultrasonography will show stones or proximal dilatation 

IVU will show stones, or filling defects (stones, tumors) or proximal dilatations 
Cystoscopy is routine 

CT/MRI may be needed while evaluating malignancies. 


Treatment 


m Emergency treatment requires antispasmodics to relieve pain, antiemetics for vomiting 
m Definitive treatment depends on the underlying cause. 


URETERIC COLIC 


Caused by obstruction of the ureter commonly by a stone or a clot, and may correspond to the level of 
obstruction: 
m Nature of pain 
“ When the stone is lodged in the upper ureter, the pain radiates to the testicle (T11-12) 
« When the stone is lodged in the mid ureter, the pain may be in the McBurney’s point on the right side 
and simulate diverticulitis on the left side (T12-L1) 
« When the stone is lodged in the distal ureter, the pain resembles vesicular pain or may radiate to the 
genitalia or inner side of thigh (L1-L2) 
m= Intensity of pain 
* Dull pain in the side of abdomen (e.g. chronic obstruction of ureter with calculi) 
* Severe colicky pain—(loin pain radiating to the groin, genitalia or inner thigh—genitofemoral nerve) 
in acute obstructions of ureter called “Ureteric colic” (Fig. 24.3). 


Symptom 


Severe pain as described above. 


Relevant Investigations 


m Hematocrit may be low 
m Renal function may be impaired 


Gynecology 


ACUTE TORSION OF OVARIAN CYST 


Incidence and Etiology 


It can occur at any age, may follow major physical exertion, which can initiate the torsion. 


Pathogenesis 


Due to the large size and vulnerability to rotate over a narrow pedicle, torsion occurs. 


Symptom 


Severe pain in the lower abdomen, with signs of shock. 


Signs 

m= Guarding and rigidity may be present. 

m A tender lump may be palpable, whose lower border cannot be made out. 
Relevant Investigations 


Ultrasonography (US) and Computed tomography (CT) or Magnetic resonance imaging (MRI) of abdomen 
(Fig. 27.1) are diagnostic. 
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FIG. 27.1: MRI—Torsion of ovarian cyst FIG. 27.2: Torsion of ovarian cyst 


Treatment 


Emergency laparotomy (Fig. 27.2) is needed. The cyst should be removed. 


ACUTE SALPINGITIS 


Incidence and Etiology 


m A disease of the sexually active female, sometimes after sexually transmitted diseases, can confuse with 
acute appendicitis 

m™ Usually associated with menstrual period, abortion or puerperium 

= Common infective agents are N. gonorrhoeae, coliforms and chlamydiae. 


Pathogenesis 


Infective organism gains entry through the vagina to infect the salpinx. 


Symptoms 


Suprapubic pain, with or without white discharge per vagina (leukorrhea). 


Signs 





= Localized hypogastric tenderness 
m Vaginal examination may reveal tender cervix and a bulky uterus. 


Differential Diagnosis 


Acute appendicitis is to be thought of in right sided salpingitis. 


Relevant Investigations 


Ultrasonography (US) is useful in diagnosing mass of the right ovary and the bulky uterus. 
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Treatment 


Treatment with antibiotics. 


RUPTURE OF LUTEIN CYST 


Incidence and Etiology 


A common condition in young females. 


Clinical Presentation 


m Acute abdominal pain associated with vomiting (right sided pathology may be confused with acute 
appendicitis) 

™ On examination: 
«A firm mass may be felt adjacent to the midline or in one of the iliac fossae 
* Guarding and rigidity may be present 

m Vaginal examination may reveal a tender mass. 


Relevant Investigations 


Ultrasonography (US) of the abdomen is diagnostic. 


Treatment 


Emergency surgical intervention is mandatory. 
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Pediatrics 


ACUTE INTUSSUSCEPTION 


Incidence and Etiology 


Two per 1000 infants are affected with male preponderance, commonly affecting the age group of 2 
months to 2 years 

Commonly, it is secondary to an enlarged Peyer’s patch due to viral or bacterial infections (Fig. 21.39) 
The other less common causes are: 

¢ Meckel’s diverticulum 

« Duplication cyst in the bowel wall 

« Polyp. 


Pathogenesis 


Intussusception is the invagination of a segment of bowel into the distal adjacent loop (proximal into the 
distal) 

When the mesentery is drawn between the loops, it may result in vascular compromise, which may lead to 
strangulation, gangrene and perforation. 


Symptoms 


In children, there may a history of preceding gastroenteritis following a change in diet (weaning from milk 
to solid food) 


m™ Severe acute colicky pain, with abdominal distension 
® Passing of frequent semisolid stools with bright red blood may be predominant (red recurrant jelly). 


Signs 


m= During the attacks of pain, a sausage shaped mass may be felt, which appears during the time of colic and 
disappears after the colic disappears. The right iliac fossa is empty—Sign de Dance 

= Rectal examination may reveal bloodstain on the examining finger (red-currant jelly) 

= Colorectal intussusception may be felt by the examining finger on rectal examination, or it may even 
present through anus, resembling a rectal prolapse. 


Relevant Investigations 


m™ Plain X-ray abdomen: Soft tissue shadow in the region of transverse colon with empty distal colon. 
Multiple air fluid levels may be seen when obstruction predominates 

m= Barium enema may show a filling defect called pincer shaped filling defect (caused by the intussusceptum 
with the intussuscipient) 

= Colonoscopy can identify, colonic intussusceptions 

m USand CT (Fig. 28.1) will reveal the intussuscepting mass (pseudokidney appearance). 


Treatment 


m@ Resuscitation 
m Hydrostatic or pneumatic radiological reduction 





FIG. 28.1: CT—Intussusception 
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Barium enema and colonoscopy, by themselves may reduce the colonic intussusception 
Laparotomy is required to reduce the small bowel intussusception, and treat the cause appropriately 
Bowel resections may be needed if the bowel segment is strangulated, and nonviable 

Perforation and peritonitis need appropriate treatment. 





CONGENITAL PYLORIC STENOSIS 


Incidence and Etiology 


Four in 4000, with male predominance, most common in first born child. 


Pathogenesis 


Congenital inherited condition resulting in hypertrophy of the circular muscle fibers of pylorus. 
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Symptoms 
® Nonbilious projectile vomiting 
m Failure to thrive despite hunger. 


Signs 
m Visible gastric peristalsis 
m Palpable mass in abdomen deep to right rectus in the transpyloric plane. 


Relevant Investigations 


m Serum electrolytes to be checked 
m US is diagnostic. 


Treatment 


®@ Resuscitation 
= Pyloromyotomy when the child is stable. 


NECROTIZING ENTEROCOLITIS 


Incidence and Etiology 


Common in newborns. 


Pathogenesis 





Thought to be due to ischemia of large bowel wall with translocation of luminal bacteria resulting in systemic 
sepsis. 


Symptoms 


Fever 

Bilious vomiting 
Bloody diarrhea 
Abdominal distension. 
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Signs 

m= Abdominal distension 

m= Absence of bowel sounds (may indicate perforation and peritonitis). 

Relevant Investigations 

m Leukocytosis 

m Abdominal X-ray may show thickened dilated bowel wall containing intramural gas. 
Treatment 


m Fluid resuscitation 
m Broad spectrum antibiotics 
= Surgical resection of necrotic bowel may be needed. 


TRACHEOESOPHAGEAL FISTULA 


Incidence and Etiology 


This fistulous communication can occur in newborn infants. 


Pathogenesis 


It is a developmental abnormality. 
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FIG. 28.2: Barium swallow—Tracheoesophageal fistula 


Symptoms 

Cough and fever - due to the entry of swallowed food into the respiratory tract. 
Signs 

Rales and rhonchi. 


Relevant Investigations 


Barium swallow (Fig. 28.2) allows the contrast to enter the trachea and bronchi, and is diagnostic. 


Treatment 


= Surgical closure of a congenital fistula is usually successful 
m™ Malignant fistulae are difficult to handle and death becomes inevitable due to pulmonary infection. 





Lymphatic System 


ACUTE LYMPHANGITIS 


Incidence and Etiology 


In the tropics, the main causes are: 
m  Filariasis 
m= Tuberculosis. 


Clinical Presentation 


= Swelling of the limbs and genitalia associated with fever and rigor 
m On examination, the limbs are swollen and erythematous with weeping eruptions (Fig. 29.1) 
m= Secondary infections can lead to localized patchy gangrene (Fig. 29.2). 





FIG. 29.1: Acute lymphangitis FIG. 29.2: Gangrenous patches in acute lymphangitis 
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Relevant Investigations 


Peripheral smear for microfilaria. 


Treatment 


Antifilarial treatment and compression bandages. 


ACUTE VIRAL AND BACTERIAL LYMPHADENITIS 


Incidence and Etiology 


Caused by viruses (commonly rhinovirus), bacteria 
Bacterial infections are secondary to oral cavity infections 
Infections may result into abscesses 

Common in the neck. 


Symptoms 


Painful swelling (commonly in the neck, rarely in the axilla and inguinal region) 
Fever may be present. 


Signs 





Single or multiple tender soft to firm swellings with signs of inflammation on the skin (Figs 29.3 and 29.4) 
Examination of the drainage area is essential to assess the primary cause e.g. acute pharyngitis or dental 
infections causing secondary enlargements of neck glands. 





FIG. 29.4: Acute bacterial lymphadenitis of neck 


Relevant Investigations 





= No specific investigation is required in short lived cases 
m Biopsy may be needed to differentiate persistent swellings from other causes 
m Diagnostic aspiration is useful in abscesses. 


Treatment 


= No treatment is required for short lived cases (viral) as they resolve spontaneously 
m Bacterial lymphadenitis requires broad spectrum antibiotics 
m= Incision and drainage for abscesses. 


ACUTE FILARIAL LYMPHANGITIS 
AND LYMPHADENITIS 


@ 
= 
> 
U 
— 
Mm 
=o) 
DO 
co 
. 4 
zB 
= 
U 
S 
= 
QD 
wm 
< 
[dp) 
—] 
Mm 
= 


Incidence and Etiology 


m= Caused by thread like, parasitic filarial worms Wuchereria bancrofti or Brugia malayi 

m= Worms lodge inthe lymphatic system, and live for 4 to 6 years producing millions of immature microfilariae 
that circulate in the blood 

m= Transmitted by mosquitoes Culex fatigans (develop and reach the infective stage in 7 to 21 days and 
migrate to biting mouth parts) 

™ Causes severe inflammation of the lymphatics and they settle down in the lymph nodes, commonly in the 
inguinal group. 


Symptoms 

m™ High-grade fever with rigor 

m Swelling of the lower limbs and groin swellings. 

Signs 

m= Inguinal lymphadenopathy (Fig. 29.5) 

= Presentation with swelling of scrotum (hydrocele) (Fig. 29.6) is common. 
Relevant Investigation 


Demonstration of microfilaria in the peripheral blood smear (Fig. 29.7) is diagnostic. 





FIG. 30.2: Erysipelas 
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Investigations 


Isolation of the organism in culture. 


Treatment 


Appropriate antibiotics cure the lesion. 


FURUNCLE 


Incidence and Etiology 


m= Infection of the hair follicle by Staphylococcus aureus 

m Furuncle may bea source of systemic sepsis, in diabetics 

m= Cavernous sinus thrombosis is rare but a serious complication of furuncle on the face above the line 
drawn from the angle of the mouth to the tragus of the ear. 


Symptom 
A painful swelling at the hair root (Fig. 30.3). 





FIG. 30.3: Furuncle 


Signs 


m= Indurated swelling containing pus in due course 
m Draining lymph nodes may be involved 
® Cellulitis is seen in immunocompromised individuals and diabetics. 
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Relevant Investigations 


Culture of the pus and identifying the incriminating organism is necessary. 


Treatment 


m™ The abscess may burst spontaneously 
m Some may need surgical drainage. 


CELLULITIS 


Incidence and Etiology 


m Spreading inflammation of the subcutaneous and fascial tissues 
= Commonly due to Streptococcus pyogenes 
m Diabetics are mostly affected. 


Pathogenesis 


Organism gains entry through the broken skin due to trauma, and infection spreads along the subcutaneous 
tissue planes. 
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FIG. 30.4: Cellulitis foot 





Symptoms 


m Affected part appears grossly swollen, painful and red (Fig. 30.4) 
= Constitutional symptoms like fever and toxemia are common. 


Signs 

m Itis very tender 

m= The lymphatics may appear inflamed and appear as red streaks and lymph nodes may be enlarged and 
tender 

m Abscesses may form in the subcutaneous plane and skin may undergo avascular necrosis and become 
gangrenous. 


Relevant Investigations 


Organisms should be isolated for culture from discharge if any. 


Treatment 


Appropriate antibiotics are necessary to control infection. 


ACUTE PYOGENIC ABSCESS 


Incidence and Etiology 


m Abscess is defined as collection of pus 
m= Incomplete resolution of cellulitis and lymphadenitis are the causes 
m When this occurs as a part of pyemia, they are multiple in number. 
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FIG. 30.5: Acute abscess leg 


Symptoms 


m A painful swelling (Fig. 30.5) 
Constitutional symptoms like fever, rigor and toxemia will be predominant. 


Sign 
Tender swelling, may show fluctuation, if the pus is liquid. 


Relevant Investigations 


= No special investigation is required, if it is solitary 
= Isolation of organism in blood by culture if suspected to be part of pyemia 
m™ Diagnostic aspiration may be helpful in localizing deep seated abscess. 


Treatment 


Incision and drainage of pus will be curative under cover of appropriate antibiotics. 


CARBUNCLE 


Incidence and Etiology 


m= An infective gangrene of subcutaneous tissue 
m= Caused by Staphylococcus aureus 
= Commonly seen in diabetics. 
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Pathogenesis 


m Thermal burns: Heat denatures cellular proteins by coagulation necrosis. The damage is directly related to 
the intensity of heat and the duration of contact of the incriminating agent. Usually the damage is partial 


thickness or full thickness 


m Electrical burns: Electricity (high and low voltage) causes deep tissue destruction both at the point of 
entry and at the point of exit. Muscle tissue destruction is an integral part but it cannot be assessed 


accurately in the initial stages 


m Radiation burns: Radiation causes full thickness dermal injury due to the deep penetration of ionizing 


radiation 


m Chemical burns: Chemicals cause cell necrosis and the damage depends on the concentration of the 
chemical and the duration of contact with the skin. The damage ceases only when the agent is chemically 


expended, and majority of the times the damage is full thickness. 


Clinical Features 


The burn wounds are classified into four degrees based on the clinical features (Table 30.2). The clinical 


photographs are shown in Figures 30.7 to 30.17. 
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First degree Epidermis Severe Erythema — Absent 
(superficial) 
Second degree Superficial (superficial Severe Erythema/ Present 
(partial thickness) dermis) pallor 
Deep (deep reticular | Moderate _—Pallor Usually 
dermis) absent 
Third degree burn Epidermis and dermis Absent Pallor Absent 
(full thickness) 
Fourth degree Skin and subcutaneous Absent Pallor Absent 
burns structures 


Note: In any patient of burn injury, a combination of degrees occurs. This is important while treating a patient of burns, and 


repeated assessment and scrutiny of the wounds is necessary. 
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FIG. 30.7: Superficial burns 


FIG. 30.9: Superficial partial thickness burns 





L See 


FIG. 30.11: Mixed second and third degree burns 





FIG. 30.8: Superficial partial thickness burns 





FIG. 30.10: Second degree burns with blister formation 





FIG. 30.12: Deep partial thickness burns (third degree) 
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SECTION V @ ORGANS AND SYSTEMS 
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IG. 30.13: Deep burns of the forearm 


burns— 





30. 


a) 
w 
=| 
ae 
wn 
QO 
= 
oO 
3 
(e) 
2 | 
= 
= 
» 
a 


Thermal contact 








o 


O 





30.14: Acid burns of the face 











FIG. 30.16: Electrical burns 


).17: Thermal burns caused by hyperthermic 
reaction of plaster of Paris 


The depth of burns varies depending on the incriminating agent and its duration of contact with the skin 
(Table 30.3). 


Table 30.3: Burns based on its etiology 





Agent Exposure time Depth of burns Appearance Pain 
Hot liquids Short exposure Superficial dermal Wet, pink, blisters Severe 
Long exposure Deep dermal Wet, red, dark Minimal 
Flame Flash exposure Partial thickness Wet pink blisters Severe 
Direct contact Full thickness Dry, white, waxy or brown, black leathery Minimal 
Chemicals Direct contact Full thickness Light brown to light gray Severe 


Metabolic Effects of Burns 


Burn injuries cause severe damage to the body structures and its metabolism. They are shown in Tables 30.4 
and 30.5. 


Table 30.4: Metabolic disturbances associated with burns (general effects) 





Q 
ac 
> 
az) 
— 
Mm 
=) 
(oe) 
oO 
o 
x 
= 
> 
= 
ro) 
o 
e 
w 
Oo 
S 
> 
2 
m 
fe) 
Ee 
a 
= 
n 
oD) 
e 
m™m 
o 








Category Period Clinical condition Reason Clinical presentation 
Hypovolemic shock Extracellular accumulation of Tachycardia, tachypnea, 
water and excessive evaporation hypotension, prerenal uremia, 
from burnt area oliguria 
Hemoconcentration Loss of water and plasma from 
burnt area 
Dehydration Excessive evaporation of water Tachycardia, tachypnea, 
from burnt area hypotension, prerenal uremia 
oliguria 





Electrolyte imbalance | Retention of sodium and excessive | Altered sensorium, uremia, oliguria 














£ ; : 
3 excretion of potassium 
e Asphyxia and cyanosis | Due to burn of respiratory Difficulty in breathing 
E passages 
Septicemia Systemic spread of infection High grade fever, tachycardia, 
(multiorgan failure) tachypnea, hypotension oliguria, 
n 
2 death 
ee 
a Acute renal failure Fluid loss and electrolyte Altered sensorium, uremia, oliguria 
is] 
2 3 imbalance or anuria 
oO it 
1) 4 Stress ulcers Reason not known Hematemesis and melena 
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Category 








Local effects 


Period 


Immediate 


Table 30.5: Metabolic disturbances associated with burns (late effects) 


Clinical condition 


Tissue damage 


Reason 


Direct injury of cells 





Clinical presentation 


Extensive wounds 





Edema 


Excessive accumulation of fluid in 
the extracellular spaces 


Swollen areas surrounding or below 
the burnt areas 





Water and electrolyte 
loss 


Excessive loss from the burnt area 
from large wounds 


Large dry wounds 





Local sepsis 


Bacterial growth on the burnt 


area 


Purulent discharge or slough 
formation, fever with rigors 





Late 


Delayed healing 


Inadequate and improper 
treatment, diabetes mellitus 


Chronic wound with unhealthy 
granulation (Fig. 30.18A) 





Keloid formation 


Severe scarring 


Elevated thick irregular skin lesion 
(Fig. 30.18B) 





Marjolin’s ulcer 


Low grade epidermoid carcinoma 
arising from the epithelium 
covering the scar tissue after 
burns 





A very slow growing painless ulcer, 
on the scar without lymphatic 
spread, resembling squamous cell 
carcinoma, but the edge is not 
raised and floor does not contain 
florid granulation tissue 

(Fig. 30.19) 





Contractures Fibrosis of burnt areas around Contracted areas with restricted 
neck, joints mobility (Fig. 30.20) 
Disability Pain and restricted mobility due | Extensive fibrotic tissues resulting 


to contractures 


in debility (Figs 30.21A to D) 





Strictures of tubular 





organs 





Annular healing by fibrosis of 
tubular structures 


Dysphagia, if esophagus is involved 





and dyspnea, if trachea is involved 





PHYSICAL EXAMINATION 


Clinical examination of a patient of burns should be done quickly but in detail. 


Preliminaries Before Examination 


The patient should be weighed using a trolley weighing machine (determination of weight is necessary to 
calculate the fluid requirement) 

The patient should be sedated well after ensuring the airway patency, and if required intubated 

=m The patient should be completely undressed. 

Two intravenous portals should be established for fluid resuscitation and medication. 





FIG. 30.18B: Keloid formation after burns 
(Courtesy: Dr K Sridhar) 
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FIG. 30.19: Marjolin’s ulcer chest wall FIG. 30.20: Postburn contracture of neck 
(Courtesy. Dr R Rajaraman) (Courtesy: Dr K Sridhar) 
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FIG. 30.21B: Postburn scarring resulting in 
(Courtesy. Dr K Sridhar) syndactyly (Courtesy: Dr K Sridhar) 





FIG. 30.21C: Postburns scarring resulting FIG. 30.21D: Postburns contracture of 
in disability (Courtesy: Dr K Sridhar) axillary fold (Courtesy: Dr K Sridhar) 





Circumferential burn injuries (around the chest and limbs) especially for the third degree burns, escharotomy 
will have to be performed or otherwise, respiratory embarrassment and ischemic necrosis of limbs may occur. 


INSPECTION 


The patient should be examined head to foot, with special attention to the areas like the axillae, groins and the 
perineum. The extent of damage both by area and depth should be assessed quickly and precisely, as this helps 
in the determination of fluid replacement. 
I. Extent of area of burns: This is calculated in two ways: 
i. For small, multiple and scattered areas: ‘Rule of hand’ is used; determination of surface area of burns, 
using the patient’s own hand (with adducted fingers), which is equal to 1 percent 
ii. For large areas: “Wallace’s rule of nine is used (Fig. 30.22A). For children, the rule is modified 
(Fig. 30.22B), as the surface of area of the head is bigger relative to the other parts of the body. 
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Front 2 x 9% 
Back 2 x 9% 





FIG. 30.22B: Modified rule of nine for children 


FIG. 30.22A: Wallace’s rule 
of nine for adults 
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Il. Depth of tissue damage: This can be done by inspecting the burnt area, and reasonable conclusions may be 


reached. 

It should be remembered that various degrees of tissue damage coexist in the same patient. 
Cutaneous sensation is tested by pricking the burnt area (sterile needle test) with a sterile needle. Presence 
of sensation is diagnostic of partial thickness burns, but it is not pathognomonic. 

Plucking the hair from the burnt area can show the depth. In full thickness burns, the hair can be plucked 


easily, whereas in partial thickness burns it is not. 


General Examination 


Examination of sensorium: Usually the sensorium remains normal and not willing to answer may 

indicate a psychiatric problem (e.g. depression or withdrawal). Inability to answer may indicate state of 

unconsciousness or altered sensorium (e.g. shock, hyponatremia, uremia) 

Examination of face: 

* Eyes: Sunken eyes indicate dehydration and undernutrition. Examination of conjunctivae will reveal 
anemia. 

* Hairy areas: Surging of hair in eyebrow, moustache or over forehead will indicate respiratory burns 

Examination of skin: The skin should be examined for dehydration and undernutrition. Generalized 

edema may be seen in severely burnt patients. 

Examination of tongue: Dry tongue indicates dehydration 

Recording of vital signs: Tachycardia may indicate infection or hypovolemia. Elevated temperature may 

indicate associated infections and toxemia (usually seen in the second week). Hyperventilation may 

indicate hydration, hypovolemia and is predominant in respiratory burns. Hypotension may indicate 

hypovolemia. 


Systemic Examination 


Examination of oral cavity: A systematic examination of oral cavity is essential (e.g. chemical burns, burns 
due to inhalation of gases) 

Examination of chest: Auscultation—Adventitious sounds may indicate aspiration pneumonitis or 
respiratory infections. 


Relevant Investigations 


Hematology 
* Hemoglobin for anemia 
* Total and differential leukocyte count, e.g. infections 


« ESR may be raised in infections and malignancies 
Note: Hemoglobin levels initially remain normal due to hemoconcentration and serial determinations 





are necessary on subsequent days. 
m= Biochemistry 
« Blood sugar: Required especially in diabetics. Repeated determination is required in patients on 
hyperalimentation 
« Liver function tests: Reduced levels of serum proteins indicate loss of proteins through burn wound 
and will help in the replacement with blood or plasma 
« Renal function tests: Uremia and creatininemia indicate deranged renal status due to dehydration and 
hypovolemia 
“ Serum electrolytes: Determination of serum levels of electrolytes is important in the management of 
burns, as electrolyte disturbances are commonly found in burns, due to evaporation during injury and 
later through wound. 
= Blood grouping and crossmatching: It is important as the requirement of blood may be immediate. 
m Radiology 
« Chest X-ray is useful (e.g. aspiration pneumonitis, inhalation injuries of lungs) 
* Contrast studies 
* Barium swallow may be required at later stages to rule out esophageal strictures 
* Bronchogram also may be required to rule out strictures of tracheobronchial tree. 
m= Endoscopy 
« Esophagoscopy and bronchoscopy may be required in some cases to assess the esophageal and 
bronchial injuries respectively, especially when injuries occur due to inhalation of toxic fumes 
* Gastroscopy may be needed to diagnose stress ulcers of stomach. 
m= Electrocardiogram (ECG): To rule out disturbances of heart especially in electrical burns, and may have to 
be repeated frequently. 
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Treatment 


Resuscitation 


m Basic principles of the burns victim are the same as for any other patient. 
m Problems are specifically related to thermal injuries to airways, large fluid losses and potential for infection: 
«Cover burn areas with sterile drapes or plastic film to reduce infection and fluid loss 
* Give humidified oxygen by mask 
« Endotracheal intubation is required for airway injuries 
¢ Monitor hematocrit and electrolytes 
¢ Blood may be required to maintain hematocrit 
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¢ Good IV access is needed for fluid administration 
+ JV analgesia 
* IV fluids 


Examples of fluid regimens for resuscitation of burn victims 





4.5% albumin Ringer lactate 
Volume (ml) = 0.5 x wt (kg) x % burn Volume (ml) = 4 x wt (kg) x % burn 
Over six consecutive periods of 4, 4, 4, 6, 6, and 12 hours each Given over 24 hours 


NECROTIZING FASCIITIS 


Incidence and Etiology 


m= A rapidly spreading soft tissue infection, which can affect any part of the body 

m It follows, usually a minor trauma but the exact etiology is not fully understood 

m Causative organisms—Mixture of gram-negative and anaerobic organisms (bacteroides and Clostridium 
sp. anaerobic streptococci) and/or group A streptococcus. 


Pathogenesis 

The infection spreads along the fascial planes causing necrosis of skin and subcutaneous tissues. Muscle layers 
are usually spared. The infection may spread rapidly and can be fatal in few hours. 

Symptom 

Painful discolored area. 

Sign 

The affected area is discolored and indurated. 

Relevant Investigations 

m= Isolation of organism in pus by culture 

m Determination of blood sugar levels is mandatory. 


Treatment 


m= Control of diabetes is necessary 
m Emergency excision of slough and necrotic tissue under cover of appropriate antibiotics is curative. 


31. 


Emergency Surgical Procedures 





Special Procedures and 
Situations 


Pericardial Aspiration 
Intubation of Trachea 
Percutaneous Tracheostomy 


Cricothyroidotomy/ 
Minitracheostomy 


Insertion of Chest Drains 


32. 


33. 


34. 


e Passing a Nasogastric Tube 
e Peritoneal Tap 


Preparing the Patient for 
Emergency Surgery 


Antibiotics 
e Antibiotics and Emergency Surgery 
Death 






Emergency Surgical Procedures 


PERICARDIAL ASPIRATION 


Pericardial aspiration (Pericardiocentesis) is indicated in: 


Cardiac tamponade 
Large pericardial effusion 
For diagnostic pericardial fluid. 


Materials Required 


Sterile gowns and gloves 
10 ml syringe with needle 
Pericardial aspiration kit 
Sutures 

Securing tapes. 


Procedure 


Position: Supine with 20 degrees head-up 

Establish IV access 

Adequate sedation 

With full aseptic technique, infiltrate the point of needle entry (just below and left of xiphisternum, 
between the xiphisternum and left costal margin) 

Introduce the needle directed to the left shoulder, and keep aspirating (Fig. 31.1) 
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FIG. 31.1: Pericardial aspiration 


Once a straw colored fluid is drawn, keep the needle in that position, pass the guidewire and withdraw the 
needle 

Pass the catheter over the guidewire into the pericardial space and attach a 3-way tap 

Using a 50 ml syringe, aspirate the effusion or attach to a closed drainage system 

Suture the drain in place and strap. 


Complications 


Pneumothorax 

Ventricular tachycardia 
Myocardial puncture 
Damage to coronary arteries. 


e¢ Small pericardial effusions not causing hemodynamic instability do not require pericardiocentesis 


e Repeat chest X-ray and ECG 


INTUBATION OF TRACHEA 


Though this procedure is performed by the anesthetists it is better for the surgeons and surgical students to 
know, as this pertains to life-saving situation. They fall into three groups for which it is required. 


Relieving airway obstruction (e.g. tumors, head and neck trauma, surgery, airway edema) 

Protection of airway from aspiration (e.g. obtunded conscious level, impaired cough impulses) 
Facilitation of ventilation of airways (e.g. anesthesia and surgery, multiple organ failure, major trauma 
and brain injury). 


Materials Required 


Self-inflating bags (Ambu bag) 

Face mask 

Oral/nasal airways 

Suction apparatus and suction catheters 
Laryngoscopes 

Endotracheal tubes (or various sizes) 
Sterile lubricant 

Syringe 

Anesthetic drugs/muscle relaxants 
Emergency drugs (atropine, adrenaline). 


Procedure 


Oxygenate the patient well with 100 percent oxygen for about 3 to 4 minutes, which will wash out the 
nitrogen and fill the functional residual capacity with oxygen, thereby increasing the safety margin 

Keep the head in position (neck flexed, atlantoaxial joint extended on a firm pillow — ‘sniffing the morning 
air’ position) 

Give sedative/muscle relaxant as appropriate 

Hold the laryngoscope in the left hand and insert the blade into the right of the mouth sweeping the 
tongue under it. As the blade reaches the base of the tongue, the epiglottis is seen. Apply traction to gently 
draw the epiglottis forward exposing the V-shaped glottis behind 

Pass the endotracheal tube between the vocal cords so that cuff is distal to them 

Withdraw the laryngoscope gently 

Inflate the cuff of the endotracheal tube with air so that the tube snugly fits into the trachea 

Check the position of tube by auscultation and by observing the chest movements. 
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Complication of Endotracheal Intubation 


Immediate 


Hypoxia (due to repeated attempts) 
Misplacement of tube 

Obstruction of airway 

Trauma to airway, teeth. 


Late 


Accidental displacement of tube 
Ventilator associated pneumonia 
Injury to vocal cords 

Tracheal stenosis. 


Tracheal intubation is to done only if the student is familiar with this and has done with a senior in the past. 


PERCUTANEOUS TRACHEOSTOMY 


Conventional tracheostomy was performed only after patients had been intubated for about 10 — 14 days for 
fear of laryngeal and subglottic injury. Percutaneous tracheostomy has come into practice as the benefits are 
many. 


Advantages of Tracheostomy 


More comfortable than the oro/nasotracheal tubes 

Need for muscle relaxants is less 

Switching from IPPV to T piece is easy without extubation 
Effective endotracheal suction can be done 

Speech is possible with cuff deflation or speaking tube. 


Indications 


Actual or impending airway obstruction 
Difficult intubation 
Need for prolonged ventilator support. 


Contraindications 


® Distorted/abnormal anatomy 
= Significant hemodynamic instability. 


Materials Needed for Percutaneous Tracheostomy 


Skin disinfectant 

Local anesthetic 

Syringe 

10 ml normal saline 

Basic surgical instruments 

Suture 

Securing tapes 

Emergency drugs 

Percutaneous tracheostomy kit (Fig. 31.2). 


Procedure 


= Position: supine with neck extended over a pillow 
m Palpate the cricothyroid membrane and sternal notch 





FIG. 31.2: Percutaneous tracheostomy kit 











MBMS - Multimedia Broadcast/ Multicast Service 
Mbps - Megabits Per Second 

MBR - Maximum Bit Rate 

MBSFN - Multicast/broadcast, Single Frequency 
MCPA - Mobile Consumer Application Platform 
Mcps - Megachips Per Second 

MCPTT - Mission-Critical Push-to-Talk 

MCS - Modulation and Coding Scheme 

MCW - Multiple Codeword 

MDT - Minimization of Drive Tests 

MEAP - Mobile Enterprise Application Platforms 
MEC - Multi-access Edge Computing 

MediaFLO - Media Forward Link Only 


METIS - Mobile and wireless communications Enablers for the Twenty-twenty Information 
Society 


MHz - Megahertz 

MID - Mobile Internet Devices 

MIMO - Multiple Input Multiple Output 

MMSE - Minimum Mean Square Error 

mITF - Japan Mobile IT Forum 

MMDS - Multichannel Multipoint Distribution Service 
MME - Mobile Management Entity 

mMTC - Massive Machine Type Communications 

MOS - Mean Opinion Score 

MP-QUIC - Multipath Quick UDP Internet Connections 
MP-TCP - Multipath TCP 

MRxD - Mobile Receive Diversity 

ms - millisecond 

MS - Mobile Station 

MSA - Mobile Service Architecture 

MSC - Mobile Switching Center 

MTC - Machine Type Communications 

MTC-IWF - Machine-Type Communications Interworking Function (MTC-IWF) 
msec - millisecond 

MU-MIMO - Multi-User MIMO 

MUST - Downlink Multiuser Superposition Transmission 
NAICS - Network-Assisted Interference Cancellation and Suppression 
NB-loT - Narrowband Internet of Things 

NENA - National Emergency Number Association 

NGMC - Next Generation Mobile Committee 





Mobile Broadband Transformation, Rysavy Research/5G Americas, August 2017 Page 209 











72) 
Pe 
o 
& 
= 
= 
7) 
Q 
a 
= 
7p) 
Lu 
cc 
> 
f= 
Lu 
(e) 
[e} 
aa 
(Sh, 
— 
<= 
Se) 
Lu 
oO 
oO 
Sd 
= 
Paz 
o 
loa 
S) 
Lu 
7) 


Infiltrate with local anesthetic 

Make a 2 cm transverse incision over the membrane at the midline 

Puncture the trachea (between the first and third tracheal rings) with the introducer needle 
Confirm its position with a syringe aspiration (air/mucus) 

Pass the guidewire through the needle and remove the needle 

Dilate the trachea 

Insert the endotracheal tube 

Remove the guidewire 

Suck out all the secretions and blood clots in the trachea 

Inflate the cuff 

Place two stay sutures through the wings of tracheostomy tube, to prevent slippage, and secure with tapes 
Check the position of the tracheostomy tube (symmetrical chest expansion, X-ray). 


Complications 


Early 


m Bleeding 
m Tube misplacement 
m Mucus plugging 


Late 


m™ Tracheal stenosis 
m™  Tracheoesophageal fistula. 


CRICOTHYROIDOTOMY/MINITRACHEOSTOMY 


Cricothyroidotomy is an emergency procedure to access the airway, when measures like intubation have failed. 
It involves the insertion of a small tube through the cricothyroid membrane for attaching to the ventilator. 

Minitracheostomy involved the use of a small bored and noncuffed bore, with an internal diameter of 
4 mm. Kits are available for both procedures. 


Indications 


® Cannot intubate 
® Cannot ventilate 
m Severe midfacial trauma 


™ Cervical spine injuries 
= Chemical inhalation injuries. 





Contraindications 


® Inability to identify landmarks (cricothyroid membrane) 
Underlying anatomical abnormality (tumor) 

Acute laryngeal disease 

Tracheal transection 

Small children. 


Materials Required 


Skin disinfectant 

Sterile drape 

Syringe with local anesthetic 

Cricothyroidotomy (Fig. 31.3)/Minitracheostomy kit 
Suture 

Securing tapes. 


i?) 
ae 
> 
U 
| 
m 
Be) 
2 
ad 
m 
= 
m 
Be) 
@) 
m 
S 
=e 
op) 
= 
au) 
@ 
Oo 
> 
i 
vu 
Be) 
fe) 
QO 
m 
jw) 
= 
22) 
m 
wn 





Scalpel Syringe Introducer needle 
18 gauge appropriate length 


AMPLATZ EXTRA STIFF WIRE GUIDE 
.038 inch diameter stainless steel, appropriate length with flexible tip 










CURVED DILATOR 
Radiopaque appropriate size and length 





DEFLATED INFLATED 
AIRWAY CATHETER AIRWAY CATHETER 


polyvinylcholride ON END VIEW 


FIG. 31.3: Cricothyroidotomy kit 
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Procedure 


Palpate the cricothyroid membrane 

Clean the skin 

Infiltrate over the cricothyroid membrane 

Make a skin incision 

Introduce needle into trachea and aspirate air 

Pass guidewire and remove needle 

Pass the introducer over the guidewire and slide the cricothyroidotomy/minitracheostomy tube off the 
introducer 

Remove the introducer and guidewire together, leaving the tube in situ 

Suck any blood or mucus 

Place two stay sutures through the wings of tracheostomy tube, to prevent slippage, and secure with tapes 
Check the position of the tracheostomy tube (symmetrical chest expansion, X-ray). 


Complications 


Early 


= Bleeding 
m Tube misplacement 
m Mucus plugging 


Late 


m™ Tracheal stenosis 
m™ Tracheoesophageal fistula. 


INSERTION OF CHEST DRAINS 


Insertion of a chest drain is required as an emergency treatment of life-threatening tension pneumothorax. 
A large bore tube preferably a 14-gauge cannula is used for this purpose. 


Indications 
Draining of: 

= Pneumothorax 
= Hemothorax 

m Pleural effusion 


m Empyema 
= Chylothorax. 





Type of Drain 


Chest drains are of two types: 
1. Large bore tubes 
2. Seldinger drains. 


Site of Drain 


This is partly decided by the position of the collection clinically and radiographically. 

® For draining the pneumothorax, the tube is placed in the 2nd intercostal space in the midclavicular line 
(Fig. 31.4). 

= For draining the fluid collections, the tube is placed in the 5th intercostals space just anterior to the 
midaxillary line (Fig. 31.4). 


Tube placement = 
to drain air “ 
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Tube placement 
to drain fluid 


CHEST TUBE INSERTION PROCEDURE 


A patient may have one or more chest tubes inserted, depending 
on the kind of drainage. Generally, chest tubes to drain air are 
placed high and anterior whereas chest tubes to drain fluid are 
placed low and directed posteriorly. This is because air has a 
tendency to rise to the apical region of the pleural space while 
fluid gravitates to the basal region of the pleural space. 





FIG. 31.4: Placing the chest drains 
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Materials Required 


Skin disinfectant 
Skin drapes 
Syringe 

Local anesthetic 
Basic instruments 
Chest drain 

Silk sutures 
Adhesive tapes 
Underwater seal. 


Procedures 


Through Thoracostomy (Figs 31.5A to F) 


Position: supine with arm lifted, with a pillow behind the back 

Clean the field with sterile preparation 

Infiltrate the local anesthetic at the chosen site 

Make a small skin incision 

The intercostal muscles and the pleura are dissected out and plunged with artery forceps 
The chest drain is inserted into the pleural cavity 

The drain is connected to the underwater drain (Fig. 31.6) 

The drain is secured with sutures to the skin 

Adhesive strapping is done 

Order for a X-ray and the position checked. 


Seldinger Technique 


Position: supine with arm lifted, with a pillow behind the back 
Clean the field with sterile preparation 

Infiltrate the local anesthetic at the chosen site 

Use the chest drain kit (Fig. 31.7) 

Advance the needle through chest until blood/fluid/air is aspirated 
Pass chest tube/pigtail catheter over guidewire 

Attach to the underwater seal 

Secure well and dress. 


CHEST TUBE INSERTION PROCEDURE 


The distal end of the chest tube is clamped and, using the clamp as a guide, inserted into 
the incisional site (E above). At this time, the patient should be encouraged to take a deep 
elgcr= lta Mm dai icm Uli melicjelr-leromea>molt-]e)ele-lelgnmeley vali cleo mm atiialianirdialemeal- Mat) qe) mcm lel |01 ava Malomelsigale) 
is removed and the tube is then advanced into the pleural space and directed anteriorly or 
posteriorly depending on the material being drained (F above). 


FIGS 31.5A to F: Method of placing the chest drain 


e Never clamp the chest drain, as clamping may produce a tension pneumothorax 
e While shifting the patient, the underwater drain should be kept below the level of chest 


PASSING A NASOGASTRIC TUBE 


Nasogastric tube is generally used to decompress the stomach and also for feeding. 


Indications 


m To deflate the stomach 
™ To aspirate gastric contents 
= To provide enteral nutrition. 
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SECTION VI @ SPECIAL PROCEDURES AND SITUATIONS 





From 
patient 


Suction control Water seal Drainage collection 


THREE-BOTTLE SYSTEM 


When suction is turned on, air and fluid are pulled out of the 
pleural space and into the drainage collection bottle. Suction is 
applied through the entire system until it reaches the pressure 
that will draw atmospheric air in through the open tube of the 
suction control bottle. When the incoming atmospheric air 
reaches the lower end of the tube, it bubbles into the bottle. 
At the point, the desired suction level will be maintained as any 
increase in suction will just draw in more atmospheric air. 


FIG. 31.6: Three chamber underwater drain 





FIG. 31.7: Seldinger chest drain kit 


Contraindications 





Severe coagulopathy. 


Materials Required 


m= Gloves and mask 
m= Nasogastric tube 
= Lubricating jelly 
m Laryngoscope (needed for unconscious patients). 


Procedure (Fig. 31.8) 


Position: supine and head neutral or semirecumbent 

Lubricate the nasogastric (NG) tube well 

Keeping in alignment with the long axis of the patient, introduce the tube into the nostril 
If the patient is cooperative, ask him to swallow 

The tube generally flows down along with the swallowing movement 

Confirm the tip of NG tube in the stomach by auscultation or aspiration of contents 
Secure NG tube in position with adhesive tape. 
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PERITONEAL TAP 


Peritoneal tap is required to obtain samples for diagnostic purposes and also relieve the tension of a tense 
ascites. 


Materials Required 


Skin disinfectant 

Sterile drapes 

10 ml syringe with local anesthetic 
Pig tail drain 

Sutures 

Adhesive strapping 

Ultrasound. 
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FIG. 31.9: Peritoneal tap 


Procedure 


Clean the skin with disinfectant 

Confirm the presence of fluid by percussion or by ultrasound 

At the chosen site, inject the local anesthetic 

Introduce the syringe and aspirate fluid to confirm its presence (Fig. 31.9) 
Introduce pig tail drain using Seldinger technique 

Connect the drain to collecting bottle 

Strap the drain. 
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NGMN - Next Generation Mobile Networks Alliance 
NG-RAN - New Generation Radio Access Network 
NOMA - Non-Orthogonal Multiple Access 

NR - New Radio 


NTIA - National Telecommunications and Information Administration 


OFDM - Orthogonal Frequency Division Multiplexing 
OFDMA - Orthogonal Frequency Division Multiple Access 
OL-SM - Open Loop Spatial Multiplexing 

OMA - Open Mobile Alliance 

ORI - Open Radio Equipment Interface 

PA - Priority Access 

PAL - Priority Access License 

PAR - Peak to Average Ratio 

PBCCH - Packet Broadcast Control Channel 

PCH - Paging Channel 

PCRF - Policy Control and Charging Rules Function 
PCS - Personal Communications Service 

PDCP - Packet Data Convergence Protocol 

PDN - Packet Data Network 

PGW - Packet Gateway 

PHY - Physical Layer 

PMI - Precoding Matrix Indication 

PMIPv6 - Proxy Mobile | Pv6 

PNF - Physical Network Function 

PoC - Push-to-Talk Over Cellular 

PSH - Packet Switched Handover 

PSK - Phase- Shift Keying 

QAM - Quadrature Amplitude Modulation 

QCI - Quality of Service Class Identifier 

QLIC - Quasi-Linear Interference Cancellation 
QoS - Quality of Service 

QPSK - Quadrature Phase Shift Keying 

QUIC - Quick UDP Internet Connections. 

RAB - Radio Access Bearer 

RAN - Radio Access Network 

RCAF - RAN Congestion Awareness Function 
RCLWI - RAN Controlled LTE WLAN Interworking 
RCS - Rich Communications Suite 

REST - Representational State Transfer 
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Preparing the Patient 
for Emergency Surgery 





Any patient for surgery needs optimization, especially so the patients for emergency surgery, as the parameters 
are never normal. This optimization becomes necessary to reduce the perioperative complications. The 
optimization requires: 

m Fluid and electrolyte corrections 

= Correction of hematological and metabolic disturbances. 


General Measures 


Nil by mouth 

Good intravenous access 

Appropriate intravenous fluid replacement 

Appropriate antibiotics 

Adequate analgesia 

Measures for DVT prophylaxis 

NG tube insertion where stomach needs to be decompressed 
Urinary catheterization 

Central venous line access 

Informed consent. 


Investigations Support 


= Complete blood count (CBC) 
™ Urea and electrolytes 
m Electrocardiogram (ECG) and Chest X-ray (CXR). 


Situations which Need Special Attention 


Uncontrolled glycemic status 

Ketoacidosis 

Cardiovascular complications 

Altered conscious level 

Jaundiced patient with coagulation abnormalities 
Patient on steroids 

Patient on anticoagulants. 
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Antibiotics 


ANTIBIOTICS AND EMERGENCY SURGERY 


Antibiotics become necessary to prevent an infection or control an infection. Prevention becomes necessary 
so that sepsis related complications, which carry high morbidity and mortality are averted. 

Prophylactic antibiotics are administered within 1 hour before the start of the surgical procedure. Second 
dose becomes necessary only when contamination is encountered or the blood loss exceeds 1 liter, since it is 
shown that antibiotic clearance is slower in patients undergoing surgery. Postoperative administration is only 
required when there is heavy contamination. 


Which Emergency Surgical Procedure should have Antibiotic Prophylaxis ? 


Antibiotic prophylaxis is recommended for the following emergency surgical procedures 
= Colorectal surgery 
Appendicectomy 
Hernia surgery (use of mesh) 
Open biliary surgery 
Lower limb revascularization surgery. 
The surgeries are classified based on the contamination at the time of surgery, and the infection rates vary 
differently (Table 33.1). 
Surgical site infections (SSIs) are defined as infective complication occurring within 30 days of surgical 
procedure. The infection is caused by various organisms and some antibiotics are effective against these 
organisms (Table 33.2). 





Table 33.1: Classification of surgeries related to contamination 









= 
Clean Surgery in noninflamed tissue, and bowel not opened <2% = 
Clean contaminated Surgery of hollow visus other than colon, with minimal contamination 10% mm 
3) 
Contaminated Surgery through a hollow viscus with gross spillage 20% “2 
Dirty Fecal peritonitis, traumatic wound contaminated for >4 hrs, frank pus 40% r 
> 
= 
=H 
ee 
Table 33.2: Relationship of surgical procedures with potential organisms and sensitive antibiotics go 
>) 
f w 
General surgical procedures Staphylococcus aureus Flucloxacillin, ciprofloxacin, clindamycin 
Beta — hemolytic streptococci Ciprofloxacin, clindamycin 
Upper GIT Enteric Gram-negative bacilli Cefuroxime, co-amoxyclav, gentamycin 
Lower GIT Enteric Gram-negative bacilli Cefuroxime, co-amoxyclav, gentamycin 
Anaerobes Metronidazole 
Procedures using prosthesis Coagulase + staphylococci Vancomycin + removal of prosthesis 


Table 33.3: Antibiotics related to Gram staining 





Gram-negative rods Cefuroxime + / — gentamycin +/— metronidazole 
Gram-positive cocci (Streptococci) Amoxicillin 

Gram-positive cocci (Staphylococci) Flucloxacillin (Vancomycin / Teicoplain) 
Gram-negative cocci Ceftriaxone 


Prior to full culture reports becoming available, a Gram stain may provide information to the likely 
organism. Empiric antibiotics can be used on Gram stain with fair accuracy (Table 33.3). 
® Infection prevention and control measures must be adhered to 
= Sepsis is usually bacterial in origin, though fungi and viruses should be considered 
= Obtaining appropriate microbiology samples will help to use the right antibiotic 
= Choice of antibiotic should be carefully considered. 





Death 


A death is certified only when the following are documented: 
m Absent respiratory rate for 3 minutes 

m Absent pulse and heart sounds for 1 minute 

m Fixed dilated pupils. 


Breaking the News 


Breaking a bad news especially of the impending death or after death is very tricky. This will upset the family 
which inherently is stressed. Well informed family will accept but ill informed or less informed will not take it 
very easy. To overcome this situation, the clinician should appear: 
= Competent 
= Honest 
m Clear. 
It is better to choose a suitable environment for discussion with the close relatives. Crowding of all family 
members and relatives should be politely discouraged. While discussing this it is better to: 
m™ Review the case record in full 
Prepare the anticipated questions with your colleagues 
Keep a colleague or nurse alongwith 
Understand the current level of understanding 
Explain in detail 
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Chapter 2 
Wood as a Building Material 


Wood is the most versatile, most useful building material, and a 
general knowledge of the physical characteristics of various woods 
used in building is important for carpenters and builders. 


Growth and Structure of Wood 

Wood, like all plant material, is made up of cells (or fibers) that, 
when magnified, have an appearance similar to (though less regular 
than) that of the common honeycomb. The walls of the honeycomb 
correspond to the walls of the fibers, and the cavities in the honey- 
comb correspond to the hollow or open spaces of the fibers. 


Softwoods and Hardwoods 


All lumber is divided as a matter of convenience into two great 
groups: softwoods and hardwoods. The softwoods in general are 
the coniferous or cone-bearing trees (such as the various pines, 
spruces, hemlocks, firs, and cedar). The hardwoods are the non- 
cone-bearing trees (such as the maple, oak, and poplar). These 
terms are used as a matter of custom, for not all so-called soft- 
woods are soft, nor are all so-called hardwoods necessarily hard. In 
fact, such softwoods as long-leaf southern pine and Douglas fir are 
much harder than poplar, basswood, and so on, which are called 
hardwoods. 

Other (and perhaps more accurate) terms often used for these 
two groups are the needle-bearing trees (softwoods) and the broad- 
leaved trees (hardwoods). In general, the softwoods are more com- 
monly used for structural purposes such as for joists, studs, girders, 
and posts, whereas the hardwoods are more likely to be used for 
interior finish, flooring, and furniture. The softwoods are also used 
for interior finish and, in many cases, for floors, but are not often 
used for furniture. 

A tree consists of the following: 


° Outer bark—The bark is living and growing only at the cam- 
bium layer. In most trees, the bark continually sloughs away. 

° Inner bark—In some trees (notably hickories and basswood) 
there are long tough fibers (called bast fibers) in the inner bark. 
In other trees (such as the beech), these bast fibers are absent. 

© Cambium layer—This can be only one cell thick. Only these 
cells are living and growing. 
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° Medullary rays or wood fibers—These run radially from the 
center to the bark. 


e Annual rings—These are layers of wood. 
° Pith—This is at the very center. 


Around the pith, the wood substance is arranged in approxi- 
mately concentric rings (see Figure 2-1). The part nearest the pith 
is usually darker than the parts nearest the bark and is called the 
heartwood. The cells in the heartwood are dead. Nearer the bark 
is the sapwood, where the cells carry or store nutrients but are not 
living (see Figure 2-2). 


MEDULLARY RAYS 





INNER BARK 


Figure 2-| Cross-section of an oak nine years old, shows pith, 
concentric rings comprising the woody part, the cambium 
layer, and the bark. The tree grows in concentric rings (or lay- 
ers) with one layer added each year. The rings are also called 
annual rings. 


As winter approaches, all growth ceases. Each annual ring is sep- 
arate and, in most cases, distinct. The leaves of deciduous trees (or 
trees that shed their leaves) and the leaves of some of the conifers 
(such as cypress and larch) fall, and the sap in the tree may freeze 
hard. The tree is dormant but not dead. With the warm days of the 
next spring, growth starts again strongly, and the cycle is repeated. 
The width of the annual rings varies greatly, from 30 to 40 or more 
per inch in some slow-growing species, to as few as 3 or 4 per inch 
in some of the quick-growing softwoods. 
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Figure 2-2 A piece of wood magnified to show its structure. 
The wood is made up of long, slender cells called fibers, which 
usually lie parallel to the pith. The length of these cells is often 
100 times their diameter. Transversely, bands of other cells, 
elongated but much shorter, serve to carry sap and nutrients 
across the trunk radially. In addition, in the hardwoods, long 
vessels or tubes (often several feet long) carry liquids up the 
tree. There are no sap-carrying vessels in the softwoods, but 
spaces between the cells may be filled with resins. 


Lumber Conversion 


When logs are taken to the mill, they may be cut in a variety of 
ways. One way of cutting is guartersawing (see Figure 2-3). Here, 
each log is ripped into quarters, as shown in the figure. Quarter- 
sawing is rarely done this way, though, because only a few wide 
boards are yielded. There is too much waste. More often, wood 
is rift-sawed. The log is started as shown in Figure 2-4 and is 
plain-sawed until a good figure (pattern) shows, then turned over 
and rift-sawed. This way, there is less waste, and the boards are 
wide. 

The result is vertical-grain, or rift-grain lumber. Vertical-grain 
lumber shrinks less in width. It is often used in door stiles and rails 
because it is less likely to warp. 

The plain sawed stock is simply flat-sawn out of the log (see 
Figure 2-5). This results in flat-grain or side-grain lumber that is 
used where shrinkage and warping are less critical. 
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Figure 2-3 Methods of quartersawing. These are rarely used 
because waste is extensive. 





Figure 2-4 Plain or bastard sawing, sometimes called flat or 
slash sawing. The log is first squared by removing boards M, S, 
L, and F, giving the rectangular section ABCD. This is necessary 
to obtain a flat surface on the log. 


Seasoning of Wood 


Well-developed techniques have been established for removing the 
large amounts of moisture normally present in green wood. Season- 
ing is essentially a drying process, but for uses that require them, sea- 
soning includes equalizing and conditioning treatments to improve 
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Figure 2-5 (A) Quartersawed and (B) plain-sawed boards cut 
froma log. (Courtesy Forest Product Lab) 


moisture uniformity and relieve residual stresses and sets. Care- 
ful techniques are necessary, especially during the drying phase, to 
protect the wood from stain and decay and from excessive drying 
stresses that cause defects and degrade. The established seasoning 
methods are air-drying and kiln drying. 

Drying has the following effects: 


° Reduces the weight of wood, with a resulting decrease in ship- 
ping costs 

e Reduces or eliminates shrinkage, checking, and warping in 
service 


° Increases strength and nail holding power; decreases suscepti- 
bility to infection by blue stain and other fungi 
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e Reduces chance of attack by insects 


e Improves the capacity of wood to take preservative and fire- 
retardant treatment and to hold paint 


It is common practice at most softwood sawmills to kiln-dry 
all upper-grade lumber intended for finish, flooring, and cut stock. 
Lower-grade boards are often air-dried. Dimension lumber is air- 
dried or kiln-dried, although some mills ship certain species without 
seasoning. Timbers are generally not held long enough to be consid- 
ered seasoned, but some drying may take place between sawing and 
shipment, or while they are held at a wholesale or distributing yard. 
Sawmills cutting hardwoods commonly classify the lumber for size 
and grade at the time of sawing. Some mills send all freshly sawed 
stock to the air-drying yard or an accelerated air-drying operation. 
Others kiln-dry directly from the green condition. Air-dried stock 
is kiln-dried at the sawmill, at a custom drying operation during 
transit, or at the remanufacturing plant before being made up into 
such finished products as furniture, cabinet work, interior finish, 
and flooring. 

Air-drying is not a complete drying process, except as preparation 
for uses for which the recommended moisture content is not more 
than 5 percent below that of the air-dry stock. Even when air-drying 
conditions are mild, air-dry stock used without kiln-drying may have 
some residual stress and set that can cause distortions after nonuni- 
form surfacing or machining. On the other hand, rapid air-drying 
accomplished by low relative humidities produces a large amount of 
set that will assist in reducing warp during final kiln drying. Rapid 
surface drying also greatly decreases the incidence of chemical and 
sticker stain, blue stain, and decay. 

Air-drying is an economical seasoning method when carried out 
in a well-designed yard or shed, with proper piling practices (see 
Figure 2-6) and in favorable drying weather. In cold or humid 
weather, air-drying is slow and cannot readily reduce wood moisture 
to levels suitable for rapid kiln-drying or for use. 

In kiln drying, higher temperatures and fast air circulation are 
used to increase the drying rate considerably. Average moisture con- 
tent can be reduced to any desired value. Specific schedules are 
used to control the temperature and humidity in accordance with 
the moisture and stress situation within the wood, thus minimizing 
shrinkage-caused defects. For some purposes, equalizing and condi- 
tioning treatments are used to improve moisture content uniformity 
and relieve stresses and set at the end of drying, so the material will 
not warp when resawed or machined to smaller sizes or irregular 


Wood as a Building Material 47 


CARELESS SPACERS 
AIR PASSAGES SPACING PROPERLY ALIGNED 








KINK GROUND SUPPORTS 


Figure 2-6 Horizontal stack of lumber for air-drying. One end 
of the pile should be a little higher. This is so that rainwater that 
falls on top or drives into the pile will drain. Each layer should 
be separated by three or four spacers so that the air will have 
free access to both sides of each board. The lowest layer should 
be well elevated above the ground to protect it from dampness. 
It takes from one to three years to thoroughly season lumber, 
depending upon the character of the wood, climatic conditions, 
and so on. When the spacers are carelessly placed so that they 
do not lie over each other, the weight must be supported by the 
board, which especially in the case of a high pile, is considerable, 
and will in time cause the board to sag, resulting in a permanent 
kink. 


shapes. Further advantages of kiln drying are the setting of pitch in 
resinous woods, the killing of staining or decay fungi or insects in 
the wood, and reductions in weight greater than those achieved by 
air-drying. At the end of kiln-drying, moisture-monitoring equip- 
ment is sometimes used to sort out moist stock for redrying and to 
ensure that the material ready for shipment meets moisture content 
specifications. 

Temperatures of ordinary kiln drying generally are between 
110°F and 180°F Elevated-temperature (180°F to 212°F) and 
high-temperature (above 212°F) kilns are becoming increasingly 
common, although some strength loss is possible with higher temp- 
eratures. 


Moisture Content 

While the tree is living, both the cells and cell walls are filled with 
water to an extent. As soon as the tree is cut, the water within the 
cells (or free water as it is called) begins to evaporate. This process 
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continues until practically all of the free water has left the wood. 
When this stage is reached, the wood is said to be at the fiber- 
saturation point (that is, what water is contained is mainly in the 
cell or fiber walls). 

Except in a few species, there is no change in size during this 
preliminary drying process, and, therefore, no shrinkage during the 
evaporation of the free water. Shrinkage begins only when water 
begins to leave the cell walls themselves. What causes shrinkage and 
other changes in wood is not fully understood. However, it is thought 
that as water leaves the cell walls, they contract, becoming harder 
and denser, thereby causing a general reduction in size of the piece 
of wood. If the specimen is placed in an oven that is maintained at 
212°F (the temperature of boiling water), the water will evaporate 
and the specimen will continue to lose weight for a time. Finally, a 
point is reached at which the weight remains substantially constant. 
This is another way of saying that all of the water in the cells and 
cell walls has been driven off. The piece is then said to be oven dry. 

If it is now taken out of the oven and allowed to remain in the 
open air, it will gradually take on weight, because of the absorption 
of moisture from the air. As when placed in the oven, a point is 
reached at which the weight of the wood in contact with the air 
remains more or less constant. Careful tests, however, show that it 
does not remain exactly constant—it will take on and give off water 
as the moisture in the atmosphere increases or decreases. Thus, a 
piece of wood will contain more water during the humid, moist 
summer months than in the colder, drier winter months. When the 
piece is in this condition, it is in equilibrium with the air and is said 
to be air dry. 

The amount of water contained by wood in the green condition 
varies greatly, not only with the species but also in the same species 
and even in the same tree, according to the position in the tree. 
However, as a general average, at the fiber-saturation point, most 
woods contain from 23 to 30 percent water as compared with the 
oven-dry weight of the wood. When air dry, most woods contain 
from 12 to 15 percent moisture. 

As the wood dries from the green state (which is that of the freshly 
cut tree) to the fiber-saturation point, except in a few species, there 
is no change other than that of weight. It has already been pointed 
out that as the moisture dries out of the cell walls, in addition to 
the decrease in weight, shrinkage results in a definite decrease in size 
(see Figure 2-7). It has been found, however, that there is little or 
no decrease along the length of the grain, and that the decrease is at 
right angles to the grain. 
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Figure 2-7 Greatest shrinkage is in the direction of the annual 
rings (A). Characteristic shrinkage and distortion of flat boards, 
squares, and rounds as affected by the direction of the annual 
rings. Tangential shrinkage (A) is about twice as great as radial 
(B). There is little or no longitudinal (C) shrinkage. (Courtesy Forest 
Product Lab) 


This is an important consideration to be remembered when fram- 
ing a building. For example, a stud in a wall will not shrink appre- 
ciably in length, whereas it will shrink somewhat in both the 2-inch 
and the 4-inch way. In like manner, a joist, if it is green when put in 
place, will change in depth as it seasons in the building. These prin- 
ciples of shrinkage also explain why an edge-grain or quarter-sawed 
floor is less likely to open up than a flat-grain floor. 


Density 

The tree undergoes a considerable impetus early every spring and 
grows very rapidly for a short time. Large amounts of water are 
carried through the cells to the rapidly growing branches and leaves 
at the top of the tree. This water passes upward mainly in the outer 
layers of the tree. The result is that the cells next to the bark (which 
are formed during the period of rapid growth) have thin walls and 
large passages. Later on, during the summer, the rate of growth slows 
and the demand for water is less. The cells that are formed during 
the summer have much thicker walls and much smaller pores. Thus, 
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a year’s growth forms two types of wood: the springwood (char- 
acterized by softness and openness of grain) and the summerwood 
(characterized by hardness and closeness, or density, of grain). The 
springwood and summer wood growth for one year is called an 
annual ring. 


Density and Strength 

There is one ring for each year of growth. This development of 
springwood and summerwood is a marked characteristic of prac- 
tically all woods that grow in a temperate climate. It is evident in 
such trees as the yellow pines and firs and less so in the white pines, 
maple, and the like. Careful examination will reveal this annual 
ring, however, in practically all species. It follows, therefore, that 
a tree in which the dense summerwood predominates is stronger 
than one in which the soft spring wood predominates. This is a 
point that should be kept in mind when selecting material for im- 
portant members such as girders and posts carrying heavy loads. 
The strength of wood of the same species varies markedly with 
the density. For example, Douglas fir or southern pine, carefully 
selected for density, is one-sixth stronger than lumber of the same 
species and knot limitations in which the springwood predominates. 
Trees having approximately one-third or more of cross-sectional 
area in summerwood fulfill one of the requirements for structural 
timbers. 


Estimating Density 

It must be remembered that the small cells or fibers that make up 
the wood structure are hollow. Wood substance itself has a specific 
gravity of about 1.5. That means it will sink in water. It is stated 
that wood substance of all species is practically of the same den- 
sity. Strength of wood depends upon its density and varies with its 
density. The actual dry weight of lumber is a good criterion of its 
strength, although weight cannot always be relied upon as a basis 
for determining strength, because other important factors frequently 
must be considered in a specific piece of wood. 

The hardness of wood is also another factor that assists in estimat- 
ing the strength of wood. A test sometimes used is cutting across the 
grain. This test cannot be utilized in the commercial grading of lum- 
ber because moisture content will affect the hardness and because 
hardness, thus measured, cannot be adequately defined. The annual 
rings found in practically all species are an important consideration 
in estimating density, although the annual rings indicate different 
conditions in different species. In ring-porous hardwoods and in the 
conifers, where the contrast between springwood and summerwood 
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is definite, the proportion of hard summerwood is an indication of 
the strength of the individual piece of wood. The amount of sum- 
merwood, however, cannot always be relied upon as an indication 
of strength because summerwood itself varies in density. When cut 
across the grain with a knife, the density of summerwood may be 
estimated based on hardness, color, and luster. 

In conifers, annual rings of average width indicate denser material 
or a larger proportion of summerwood than in wood with either 
wide or narrow rings. In some old conifers of virgin growth in which 
the more recent annual rings are narrow, the wood is less dense 
than where there has been normal growth. On the other hand, in 
young trees where the growth has not been impeded by other trees, 
the rings are wider and in consequence the wood less dense. These 
facts may account for the belief that all second-growth timber and 
all sapwood are weak. In analyzing wood for density, the contrast 
between summerwood and springwood should be pronounced. 

Oak, ash, hickory, and other ring-porous hardwoods in general 
rank high in strength when the annual rings are wide. In this respect, 
they contrast with conifers. These species have more summerwood 
than springwood as the rings become wider. For this reason, oak, 
hickory, ash, and elm of second growth are considered superior be- 
cause of fast growth and increase in proportion of summerwood. 
These conditions do not always exist, however, because exceptions 
occur, especially in ash and oak, where, although the summerwood 
is about normal, it may not be dense or strong. Very narrow rings in 
ring-porous hardwoods are likely to indicate weak and brash mate- 
rial composed largely of spring wood with big pores. Maple, birch, 
beech, and other diffuse-porous hardwoods in general show no defi- 
nite relationship between the width of rings and density, except that 
usually narrow rings indicate brash wood. 


Strength 
Wood, when used in ordinary structures, is called upon to have three 
types of strength: tension, compression, and shear. 


Tension 

Tension is the technical term for a pulling stress. For example, if two 
people are having a tug of war with a rope, the rope is in tension. 
The tensile strength of wood, especially of the structural grades, is 
very high. 


Compression 

If, however, the people at opposite ends of a 2 x 4 are trying to 
push each other over, the timber is in compression. Tension and 
compression represent, therefore, exactly opposite forces. 
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Shear 

If two or three planks are placed one upon the other between two 
blocks, and a person were to stand in the middle, the planks would 
bend (see Figure 2-8). It will be noted that at the outer ends the 
boards tend to slip past each other. 





Figure 2-8 Illustrating shear in lumber. 


If the planks were securely spiked through from top to bottom, 
the slipping would be in a great measure prevented and the boards 
would act more as one piece of wood. In very solid timber, there 
is the same tendency for the various parts of the piece to slip past 
each other. This tendency is called horizontal shear. A defect (such 
as a check, which runs horizontally through a piece of a timber and 
tends to separate the upper from the lower part) is a weakness in 
shear. 

Suppose that the planks were spiked through at the center of span 
only (that is, halfway between the blocks). Such spikes would not 
increase the stiffness of the planks. It is clear, therefore, that there is 
no horizontal shear near the center of the span (see Figure 2-9), and 
that the shear increases as one approaches either end of the beam. 
This will explain why, as most carpenters have doubtlessly observed, 
steel stirrups are used in concrete beams (weak in shear), why there 
is usually none near the center, and why they are put closer and 
closer together near the ends of the beams. 
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Figure 2-9 Illustrating the different proportions of tension, 
compression, and shear. 


For all practical purposes, the compressive strength of wood may 
be considered to equal its tensile strength. It has been extremely dif- 
ficult to make any direct measurements of the tensile strength of 
wood. In an experiment designed to ascertain the tensile strength of 
a specimen of wood, a 4-inch x 4-inch piece was selected. A por- 
tion about a foot in length near the center was carefully cut down on 
all four sides until it was exactly °/4-inch square. The test specimen 
was placed in a machine that gripped the 4-inch x 4-inch ends se- 
curely and a pull was exerted. The specimen did not pull apart. The 
3/4-inch-square section held and actually pulled out of the end of the 
4-inch x 4-inch, leaving a 7/4-inch square hole. This is an excellent 
illustration of how a piece may fail from shear rather than tension, 
the shear in this case being insufficient to prevent the 3/4-inch-square 
piece from pulling out. 


Deadwood 
Because in some instances persons are prejudiced against the use of 
timber cut from dead trees, it is customary for individuals to specify 
that only timber cut from live trees will be accepted. It is true, how- 
ever, that when sound trees that are dead are sawed into lumber and 
the weathered or charred outside is cut away, the resulting lumber 
cannot be distinguished from that coming from live trees except in- 
sofar as the lumber from dead trees may be somewhat seasoned at 
the time it is sawed. It must be remembered that the heartwood of 
a living tree is fully matured and that in the sapwood only a small 
portion of the cells are in a living condition. Consequently, most of 
the wood cut from trees is already dead, even when the tree itself is 
considered alive. 

For structural purposes, it may be said that lumber cut from fire- 
or insect-killed trees is just as good as any other lumber, unless the 
wood has been subjected to further decay or insect attack. 
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Virgin and Second Growth 

Occasionally an order calls for lumber of either virgin growth or 
second growth. The terms, however, are without significance, as an 
individual cannot tell one type from the other when it is delivered. 

The virgin growth (which is also called old growth or first growth) 
refers to timber that grows in the forest along with many other trees, 
and, therefore, has suffered the consequence of the fight for sunlight 
and moisture. 

The second growth is considered as that timber that grows up 
with less of the competition for sunlight and moisture that charac- 
terizes first-growth timber. 

Because of environment, the virgin growth is usually thought 
of as wood of slow-growing type, whereas the second growth is 
considered as of relatively rapid growth, evidenced by wider annual 
rings. In such hardwoods as ash, hickory, elm, and oak, the wider 
annual rings are supposed to indicate stronger and tougher wood, 
whereas in the conifers such as pine and fir, this condition is supposed 
to result in a weaker and brasher wood. For this reason, where the 
strength and toughness are desired, the second growth is preferred 
among hardwoods, and virgin growth is desired in conifers. This is 
because of the following: 


e The variety of conditions under which both virgin and second 
growth timbers grow 


e Virgin growth may have the characteristics of second growth 
e Second growth may have the characteristics of virgin timber 


It is advisable in judging the strength of wood to rely upon its density 
and rate of growth, rather than upon its being either virgin or second 
growth. 


Time of Cutting Timber 

The time when timber is cut has very little to do with its durability or 
other desirable properties if, after it is cut, it is cared for properly. 
Timber cut in the late spring, however, or early summer is more 
likely to be attacked by insects and fungi. In addition, seasoning 
will proceed much more rapidly during the summer months and, 
therefore, will result in checking, unless the lumber is shaded from 
the intense sunlight. There is practically no difference in the moisture 
content in green lumber cut during the summer or winter. 


Air-Dried and Kiln-Dried Wood 

There is a prevailing misapprehension that air-dried lumber is 
stronger or better than kiln-dried lumber. Exhaustive tests have 
conclusively shown that good kiln-drying and good air-drying have 
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exactly the same results on the strength of the wood. Wood increases 
in strength with the elimination of moisture content. This may ac- 
count for the claim that kiln-dried lumber is stronger than air-dried 
lumber. This has little significance because, in use, wood will come to 
practically the same moisture content whether it has been kiln-dried 
or air-dried. 

The same kiln-drying process cannot be applied to all species 
of wood. Consequently, it must be remembered that lack of certain 
strength properties in wood may be because of improper kiln-drying. 
Similar damage also may result from air seasoning under unsuitable 
conditions. 


Sapwood Versus Heartwood 

The belief is common that in some species the heartwood is stronger 
than the sapwood, and that the reverse is the case in such species 
as hickory and ash. Tests have shown conclusively that neither is 
the case, sapwood is not necessarily stronger than heartwood or 
heartwood stronger than sapwood, but that density (rather than 
other factors) makes the difference in strength. In trees that are ma- 
ture, the sapwood is frequently weaker, whereas in young trees the 
sapwood may be stronger. Density, proportion of springwood and 
summerwood, then must be the basis of consideration of strength 
rather than whether the wood is sapwood or heartwood. Under un- 
favorable conditions, the sapwood of most species is more subject 
to decay than the heartwood. 

The cells in the heartwood of some species are filled with vari- 
ous oils, tannins, and other substances (called extratives) that make 
these timbers rot-resistant. There is practically no difference in the 
strength of heartwood and sapwood if they weigh the same. In most 
species, only the sapwood can be readily impregnated with preser- 
vatives, a procedure used when the wood will be in contact with the 
ground. 


Defects and Deterioration 


The defects found in manufactured lumber have several causes. 
Those defects found in the natural log include the following: 


e Shakes 
¢ Knots 
e Pitchpockets 


Those caused by deterioration include the following: 


e Rot 
e Dote 








VNF- Virtual Network Function 

VPN - Virtual Private Network 

WAP - Wireless Application Protocol 

WBA - Wireless Broadband Alliance 

WCDMA - Wideband Code Division Multiple Access 
WCS - Wireless Communication Service 

WebRTC - Web Real-Time Communication 

Wi-Fi - Wireless Fidelity 

WiMAX - Worldwide Interoperability for Microwave Access 
WLAN - Wireless Local Area Network 

WMAN - Wireless Metropolitan Area Network 
WMM - Wi-Fi Multimedia 

WRC - World Radiocommunication Conference 
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Those caused by imperfect manufacture include the following: 


e Imperfect machining 

e Wane 

e Machine burn 

e Checks and splits from imperfect drying 

Heart shakes (see Figure 2-10) are radial cracks that are wider 
at the pith of the tree than at the outer end. This defect is more 
commonly found in old trees rather than in young vigorous saplings. 
It occurs frequently in hemlock. 


STAR SHAKE 






HEART SHAKE 
WIND OR CUP 


SHAKE 


ANNUAL LAYERS 
BULGING OUTWARD 
TO COVER BREAK 


BROKEN BRANCH 


Figure 2-10 The causes of some lumber defects are found in 
the natural log. 


A wind shake or cup shake is a crack following the line of the 
porous part of the annual rings and is curved by a separation of 
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the annual rings (see Figure 2-10). A wind shake may extend for 
a considerable distance up the trunk. Other explanations for wind 
shakes are expansion of the sapwood and wrenching from high wind 
(hence the name). Brown ash is especially susceptible to wind shake. 
Wind shakes cause cup checks in lumber (see Figure 2-11A). A star 
shake resembles a wind shake but differs from it in that the crack 
extends across the center of the trunk without any appearance of 
decay at that point; it is larger at the outside of the tree. Heart and 
star shakes cause splits in lumber (see Figure 2-11B). 


(A) CUP CHECKS 





(B) END SPLIT 


Figure 2-11 Lumber defects caused by defects in the log. (A) 
Cup checks are caused by wind shakes. (B) End splits are caused 
by star and heart shakes. (Courtesy Practical Restoration Reports) 


Figure 2-12 shows some common causes of black or loose 
knots. Figures 2-13 and 2-14 show some results of improper drying 
practices. 


Decay of Wood 

Decay of lumber is the result of one cause and one cause only: the 
work of certain low-order plants called fungi. All of these organisms 
require water, air, and temperatures well above freezing to live, grow, 
and multiply. Consequently, wood that is kept dry, or that is dried 
quickly after wetting, will not decay. 
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(A) LOOSE KNOT 





(B) SOUND KNOT 


Figure 2-12 Black or loose knots (A) are caused by broken 
branches in the log. Bulging layers of growth cause a large swirl 
of cross grain at the surface of the board surrounding the knot. 
Tight red knots (B) are caused by a live branch in the log. The 
knot will not fall out and grain is relatively straight around the 
knot. (Courtesy Practical Restoration Reports) 


SPLITS 





MEDULLARY RAYS 


Figure 2-13 A board with splits along the medullary rays. This 
condition is caused by too-rapid kiln-drying. 
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(A) CUP 


(B) BOW 





Figure 2-14 Warping is frequently caused by improper drying 
practices. Here the flatness of boards is distorted by irregular 
shrinkage. (Courtesy Practical Restoration Reports) 


Further, if it is kept continuously submerged in water even for 
long periods, it is not decayed significantly by the common decay 
fungi regardless of the wood species or the presence of sapwood. 
Bacteria and certain soft-rot fungi can attack submerged wood, but 
the resulting deterioration is very slow. A large proportion of wood 
in use is kept so dry at all times that it lasts indefinitely. Moisture 
and temperature (which vary greatly with local conditions) are the 
principal factors affecting rate of decay. When exposed to conditions 
that favor decay, wood deteriorates more rapidly in warm, humid 
areas than in cool or dry areas. High altitudes, as a rule, are less 
favorable to decay than low altitudes because the average tempera- 
tures are lower and the growing seasons for fungi that cause decay 
are shorter. 
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The heartwoods of some common native species of wood have 
varying degrees of natural decay resistance. Untreated sapwood of 
substantially all species has low resistance to decay and usually has 
a short service life under decay-producing conditions. The decay re- 
sistance of heartwood is greatly affected by differences in the preser- 
vative qualities of the wood extractives, the attacking fungus, and 
the conditions of exposure. Considerable difference in service life 
may be obtained from pieces of wood cut from the same species, 
or even from the same tree, and used under apparently similar con- 
ditions. There are further complications because, in a few species, 
such as the spruces and the true firs (not Douglas fir), heartwood 
and sapwood are so similar in color that they cannot be easily dis- 
tinguished. Marketable sizes of some species, such as southern pine 
and baldcypress, are becoming largely second growth. They contain 
a high percentage of sapwood. 

Precise ratings of the decay resistance of heartwood of different 
species are not possible because of differences within species and 
the variety of service conditions to which wood is exposed. How- 
ever, broad groupings of many of the native species, based on ser- 
vice records, laboratory tests, and general experience, are helpful 
in choosing heartwood for use under conditions favorable to decay 
(see Table 2-1). The extent of variations in decay resistance of indi- 
vidual trees or wood samples of a species is much greater for most 
of the more resistant species than for the slightly or nonresistant 
species. 

Where decay hazards exist, heartwood of species in the resistant 
or very resistant category generally gives satisfactory service. How- 
ever, heartwood of species in the other two categories will usually 
require some form of preservative treatment. For mild decay con- 
ditions, a simple preservative treatment (such as a short soak in 
preservative after all cutting and boring operations are complete) 
will be adequate for wood low in decay resistance. For more severe 
decay hazards, pressure treatments are often required. Even the very 
decay-resistant species may require preservative treatment for im- 
portant structural or other uses where failure would endanger life 
or require expensive repairs. 

Wood products sometimes are treated with preservative or fire- 
retarding salts (usually in water solution) to impart resistance to 
decay or fire. Such products generally are kiln-dried after treat- 
ment. Mechanical properties are essentially unchanged by preser- 
vative treatment. 

Properties are affected to some extent by the combined effects 
of fire-retardant chemicals, treatment methods, and kiln-drying. A 
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Table 2-1 Grouping of Some Domestic Woods According 


to Heartwood Decay 








Resistant or Moderately Slightly or 
Very Resistant Resistant Nonresistant 
Baldcypress (old Baldcypress (young Alder 
growth)* growth)* 
Catalpa Douglas fir Ashes 
Cedars Honey locust Aspens 
Cherry, black Larch, western Basswood 
Chestnut Oak, swamp Beech 
chestnut 
Cypress, Arizona Pine, eastern white* Birches 
Junipers Southern pine: Buckeye 
Locust, black Longleaf* Butternut 
Mesquite Slash* Cottonwood 
Mulberry, red! Tamarack Elms 
Oak: Hackberry 
Bur Hemlocks 
Chestnut Hickories 
Gambel Magnolia 
Oregon white Maples 
Post Oak (red and black 
species) 


White 


Pines (other than 
long-leaf, slash, and 
eastern white) 


Osage orange! Poplars 
Redwood Spruces 
Sassafras Sweetgum 


Walnut, black 


Yew, Pacifict 


True firs (western and 
eastern) 


Willows 
Yellow poplar 





*The southern and eastern pines and baldcypress are now largely second growth 
with a large proportion of sapwood. Consequently, substantial quantities of 
heartwood lumber of these species are not available. 

{These woods have exceptionally high decay resistance. 
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variety of fire-retardant treatments have been studied. Collectively 
the studies indicate modulus of rupture, work to maximum load, and 
toughness are reduced by varying amounts depending on species and 
type of fire retardant. Work to maximum load and toughness are 
most affected, with reductions of as much as 45 percent. A reduction 
in modulus of rupture of as much as 20 percent has been observed. 
A design reduction of 10 percent is frequently used. Stiffness is not 
appreciably affected by fire-retardant treatments. 

Wood is also sometimes impregnated with monomers (such as 
methyl methacrylate) that are subsequently polymerized. Many of 
the properties of the resulting composite are better. Generally, this 
is a result of filling the void spaces in the wood structure with 
plastic. The polymerization process and both the chemical nature 
and quantity of monomers are variables that influence composite 
properties. 


Molding and Staining Fungi 

Molding and staining fungi do not seriously affect most mechani- 
cal properties of wood because they feed upon substance within the 
structural cell wall rather than on the structural wall itself. Specific 
gravity may be reduced by from 1 to 2 percent, whereas most of 
the strength properties are reduced by a comparable or only slightly 
greater extent. Toughness or shock resistance, however, may be re- 
duced by up to 30 percent. The duration of infection and the species 
of fungi involved are important factors in determining the extent of 
weakening. 

Although molds and stains themselves often do not have a major 
effect on the strength of wood products, conditions that favor the 
development of these organisms are likewise ideal for the growth of 
wood-destroying (decay) fungi, which can greatly reduce mechanical 
properties. 


Fungal Decay 

Unlike the molding and staining fungi, the wood-destroying (de- 
cay) fungi seriously reduce strength. Even what appears to be sound 
wood adjacent to obviously decayed parts may contain hard-to- 
detect, early (incipient) decay that is decidedly weakening, especially 
in shock resistance. 

Not all wood-destroying fungi affect wood in the same way. The 
fungi that cause an easily recognized pitting of the wood, for exam- 
ple, may be less injurious to strength than those that, in the early 
stages, give a slight discoloration of the wood as the only visible 
effect. 
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No method is known for estimating the amount of reduction in 
strength from the appearance of decayed wood. Therefore, when 
strength is an important consideration, the safe procedure is to 
discard every piece that contains even a small amount of decay. 
An exception may be pieces in which decay occurs in a knot but 
does not extend into the surrounding wood. 


Blue Stain 

In the sapwood of many species of both softwoods and hardwoods, 
there often develops a bluish-black discoloration known as blue 
stain. It does not indicate an early stage of decay, nor does it have any 
practicable effect on the strength of the wood. Blue stain is caused 
by a fungus growth in unseasoned lumber. Although objectionable 
where appearance is of importance, as in unpainted trim, blue stain 
need cause no concern for framing lumber. Precautions should be 
taken, however, to make sure that no decay fungus is present with 
the blue stain. 


Nuclear Radiation 

Very large doses of gamma rays or neutrons can cause substan- 
tial degradation of wood. In general, irradiation with gamma rays 
in doses up to about 1 megarad has little effect on the strength 
properties of wood. As dosage increases above 1 megarad, tensile 
strength parallel to grain and toughness decrease. At a dosage of 300 
megarads, tensile strength is reduced about 90 percent. Gamma rays 
also affect compressive strength parallel to grain above 1 megarad, 
but strength losses with further dosage are less than for tensile 
strength. Only about one-third of the compressive strength is lost 
when the total dose is 300 megarads. Effects of gamma rays on 
bending and shear strength are intermediate between the effects on 
tensile and compressive strength. 


Weathering 
Without protective treatment, freshly cut wood exposed to the 
weather changes materially in color. Other changes due to weather- 
ing include warping, loss of some surface fibers, and surface rough- 
ening and checking. The effects of weathering on wood may be 
desirable or undesirable, depending on the requirements for the par- 
ticular wood product. The time required to reach the fully weathered 
appearance depends on the severity of the exposure to sun and rain. 
Once weathered, wood remains nearly unaltered in appearance. 
The color of wood is affected very soon on exposure to weather. 
With continued exposure, all woods turn gray. However, only the 
wood at or near the exposed surfaces is noticeably affected. This very 
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thin gray layer is composed chiefly of partially degraded cellulose 
fibers and microorganisms. Further weathering causes fibers to be 
lost from the surface, but the process is so slow that only about 
1/4 inch is lost in a century. 

In the weathering process, chemical degradation is influenced 
greatly by the wavelength of light. The most severe effects are pro- 
duced by exposure to ultraviolet light. As cycles of wetting and 
drying take place, most woods develop physical changes, such as 
checks or cracks that are easily visible. Moderate to low-density 
woods acquire fewer checks than do high-density woods. Vertical- 
grain boards check less than flat-grain boards. 

Because of weathering, boards tend to warp (particularly cup) 
and pull out their fastenings. The cupping tendency varies with the 
density, width, and thickness of a board. The greater the density and 
the greater the width in proportion to the thickness, the greater is 
the tendency to cup. Warping also is more pronounced in flat-grain 
boards than in vertical-grain boards (see Figure 2-15). For best cup 
resistance, the width of a board should not exceed eight times its 
thickness. 





(B) CROOK 


Figure 2-15 Warping can also affect straightness of a board. 
(Courtesy Practical Restoration Reports) 
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Biological attack of a wood surface by microorganisms is rec- 
ognized as a contributing factor to color changes. When weathered 
wood has an unsightly dark gray and blotchy appearance, it is caused 
by dark-colored fungal spores and mycelium on the wood surface. 
The formation of a clean, light gray, silvery sheen on weathered 
wood occurs most frequently where microorganism growth is in- 
hibited by a hot, arid climate or where there is a salt atmosphere, 
such as in coastal regions. 

The contact of fasteners and other metallic products with the 
weathering wood surface is a source of color, often undesirable if a 
natural color is desired. 


Insect Damage 

Insect damage may occur in standing trees, logs, and unseasoned or 
seasoned lumber. Damage in the standing tree is difficult to control, 
but otherwise insect damage can be largely eliminated by proper 
control methods. 

Insect holes are generally classified as pinholes, grub holes, and 
powder postholes. The powder post larvae, by their irregular bur- 
rows, may destroy most of the interior of a piece, although the 
surface shows only small holes, and the strength of the piece may 
be reduced virtually to zero. 

No method is known for estimating the amount of reduction in 
strength from the appearance of insect-damaged wood, and, when 
strength is an important consideration, the safe procedure is to elim- 
inate pieces containing insect holes. 


Summary 


Wood is the most versatile building material. Softwoods and hard- 
woods grow as trees with a fibrous cellular structure. Logs are con- 
verted into lumber and seasoned by drying. The physical charac- 
teristics of wood affect its performance and specific uses. Defects 
in lumber relate to defects in the logs it was cut from and how 
the lumber was handled during drying and storage. After wood is 
installed in a building, it can deteriorate by weathering, decay, or 
insects unless protected. 


Review Questions 


1. Describe the physical structure of wood with a drawing. Label 
the parts. 


2. What are the characteristics of softwoods and hardwoods? 
How is each type of wood used in building? 








Additional Information 
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. What is the difference between vertical-grain wood and flat- 


grain wood? How is each produced? 


. Why does wood have to be seasoned? How does the moisture 


content and size of wood change during seasoning? 


. How does shear affect the strength of wood? 
. What substances make some woods decay-resistant? 
. How do defects in logs relate to defects in lumber? Give some 


examples. 


. What causes decay in wood? How can you stop decay? 
. How does weathering affect the color of wood? 
. How long would it take for a 1-inch thick board to weather 


away by fiber loss? 


. Would vertical-grain or flat-grain boards hold up better on an 


outdoor deck? Why? 


Chapter 3 


Lumber, Plywood, and Other 
Wood Products 


The basic construction material in carpentry is lumber. There are 
many kinds of lumber varying greatly in structural characteristics. 
Here, we deal with the lumber common to construction carpentry 
(see Figure 3-1). 





AY tht? : s " ice 
Figure 3-1 Construction lumber. Note the classification kiln- 
dried on one member. This stock will be used inside a structure. 


(Courtesy of Vaughn & Bushnell) 


Standard Sizes of Lumber 

Lumber is usually sawed into standard lengths, widths, and thick- 
nesses. This permits uniformity in planning structures and in or- 
dering material (see Table 3-1). Standards have been established for 
dimension differences between nominal size and the standard size. It 
is important that these dimension differences be taken into consider- 
ation when planning a structure. A good example of the dimension 
difference may be illustrated by the common 2 x 4. As may be seen 
in the table, the familiar quoted size (2 x 4) refers to a rough or nom- 
inal dimension, but the actual standard size to which the lumber is 
dressed is 1'/2 inches x 31/2 inches. 
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Table 3-1 Your Guide to New Sizes of Lumber 





Nominal (What You Get) 














Standard 

(What You Order) Dry or Seasoned* Green or Unseasoned' 
1x4 3/4 x 31/9 5/39 x 3°/16 
1x 6 3/4 x S'/y 25/39 x 59/3 
1x 8 3/4. x 7/4 3/39 x 7M 
1 x 10 3/4x O'4 5/39 x 91/5 
x 12 3/4. x 11/4 25/39 x 11'/2 
2x4 1/2 x 3°/2 1/16 x 3/16 
2x6 V/2 x S*/2 Vig x 5°/s 
2x 8 1/2 x 7*/4 17/16 x 7/2 
2x 10 1/2 x 91/4 1/16 x 9/2 
2x 12 V/s x 11"/4 V/i6 x 11/2 
4x4 3'/2 x 3°/2 Sis x 37/16 
4x6 34/y x 5*7/ 3716 x 55/8 
4x8 31/2 x 71/4 3/16 x TY 
4x 10 34/2 x 9/4 37/16 x 9/2 
4x 12 3%/o x 11'/4 37/16 x 11'/o 





*19 percent moisture content or under. 
"More than 19 percent moisture content. 


Softwood Lumber Grades for Construction 

The grading requirements of construction lumber are related specif- 
ically to the major construction uses intended, and little or no 
further grading occurs once the piece leaves the sawmill. Con- 
struction lumber can be placed in three general categories—stress- 
graded, nonstress-graded, and appearance lumber. Stress-graded 
and nonstress-graded lumber are employed where the structural in- 
tegrity of the piece is the primary requirement. Appearance lumber 
encompasses those lumber products in which appearance is of pri- 
mary importance (structural integrity, although sometimes impor- 
tant, is a secondary feature). 


Stress-Graded Lumber 

Almost all softwood lumber nominally 2 to 4 inches thick is stress- 
graded. Lumber of any species and size, as it is sawed from the log, 
is quite variable in its mechanical properties. Pieces may differ in 
strength by several hundred percent. For simplicity and economy in 
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use, pieces of lumber of similar mechanical properties can be placed 
in a single class called a stress-grade. 

Visual grading is the oldest stress-grading method. It is based 
on the premise that mechanical properties of lumber differ from 
mechanical properties of clear wood because of characteristics that 
can be seen and judged by eye. These visual characteristics are used 
to sort the lumber into stress grades (see Table 3-2). The following 
are major visual sorting criteria: 


e Density 

e Decay 

e Heartwood and sapwood 
° Slope of grain 

e Knots 

e Shake 

¢ Checks and splits 

e Wane 

¢ Pitch pockets 


Nonstress-Graded Lumber 

Traditionally, much of the lumber intended for general building pur- 
poses with little or no remanufacture has not been assigned allow- 
able properties (stress-graded). This category of lumber has been 
referred to as yard lumber. However, the assignment of allowable 


Table 3-2 Visual Grades Described in the National 
Grading Rule* 





Lumber Classification Grade Name 





Light framing (2 to 4 inches thick, 4 inches wide)’ | Construction 


Standard Utility 
Structural light framing (2 to 4 inches thick, 2 to _—_ Select structural, 1, 
4 inches wide) 2.3 
Studs (2 to 4 inches thick, 2 to 4 inches wide) Stud 
Structural joists and planks (2 to 4 inches thick, Select structural, 1, 
6 inches and wide) 2,3 
Appearance framing (2 to 4 inches thick, 2 to Appearance 


4 inches wide) 





*Sizes shown are nominal. 
} Widths narrower than 4 inches may have different strength ratio. 
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properties to an increasing number of former yard items has diluted 
the meaning of the term yard lumber. 

In nonstress-graded structural lumber, the section properties 
(shape, size) of the pieces combine with the visual grade require- 
ments to provide the degree of structural integrity intended. Typi- 
cal nonstress-graded items include boards, lath, battens, crossarms, 
planks, and foundation stock. 

Boards (sometimes referred to as commons) are one of the more 
important nonstress-graded products. Common grades of boards 
are suitable for construction and general utility purposes. They are 
separated into three to five different grades depending upon the 
species and lumber manufacturing association involved. Grades may 
be described by number (No. 1, No. 2) or by descriptive terms (Con- 
struction, Standard). 

Since there are differences in the inherent properties of the var- 
ious species and in corresponding names, the grades for different 
species are not always interchangeable in use. First-grade boards 
are usually graded primarily for serviceability, but appearance is 
also considered. This grade is used for such purposes as siding, 
cornice, shelving, and paneling. Features such as knots and knot- 
holes are permitted to be larger and more frequent as the grade 
level becomes lower. Second- and third-grade boards are often used 
together for such purposes as subfloors, roof and wall sheath- 
ing, and rough concrete work. Fourth-grade boards are not se- 
lected for appearance but for adequate strength. They are used 
for roof and wall sheathing, subfloor, and rough concrete form- 
work. 

Grading provisions for other nonstress-graded products vary by 
species, product, and grading association. Lath, for example, is 
available generally in two grades, No. 1 and No. 2. One grade of 
batten is listed in one grade rule and six in another. 


Appearance Lumber 

Appearance lumber often is nonstress-graded. However, it forms 
a separate category because of the distinct importance of appear- 
ance in the grading process. This category of construction lumber 
includes most lumber worked to a pattern. Secondary manufacture 
on these items is usually restricted to onsite fitting, such as cutting to 
length and mitering. There is an increasing trend toward prefinish- 
ing many items. The appearance category of lumber includes trim, 
siding, flooring, ceiling, paneling, casing, base, stepping, and finish 
boards. Finish boards are commonly used for shelving and built-in 
cabinetwork. 
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Most appearance lumber grades are described by letters and com- 
binations of letters (B& BTR, C& BTR, D), as shown in Table 3-3. 
Appearance grades are also often known as Select grades. Descrip- 
tive terms such as prime and clear are applied to a limited number 
of species. The specification FG (flat grain), VG (vertical grain), or 
MG (mixed grain) is offered as a purchase option for some ap- 
pearance lumber products. In cedar and redwood (where there is a 
pronounced difference in color between heartwood and sapwood, 
and where heartwood has high natural resistance to decay), grades 
of heartwood are denoted as heart. In some species and products, 
two (or, at most, three) grades are available. A typical example is 
casing and base in the grades of C& BTR and D in some species and 
in B&BTR, C, C&BTR, and D in other species. Although several 
grades may be described in grade rules, often fewer are offered on 
the retail market. 


Table 3-3 Standard Lumber Abbreviations 








Abbreviation Meaning 

AD Air-dried 

ALS American Lumber Standard 

AST Antistain treated. At ship tackle 
(western softwoods) 

AV or avg Average 

AW&L All widths and lengths 

B1S See EB1S, CB1S, and E&CB1S 

B2S See EB2S, CB2S, and E&CB2S 

B&B, BRBTR B and Better 

B&S Beams and stringers 

BD Board 

BD FT Board feet 

BDL Bundle 

BEV Bevel or beveled 

BH Boxed heart 

BM Board measure 

BSND Bright sapwood no defect 

BIR Better 

c Allowable stress in compression in pounds per 
square inch 

CB Center beaded 





(continued) 


72. Chapter 3 


Table 3-3 (continued) 








Abbreviation Meaning 

CB1S Center bead on one side 

CB2S Center bead on two sides 

cft or cu. ft. Cubic foot or feet 

CG2E Center groove on two edges 
CLG Ceiling 

CLR Clear 

CM Center matched 

Com Common 

CSG Casing 

CV Center V 

CV1S Center V on one side 

CV2S Center V on two sides 

DBClg Double beaded ceiling (E&CB1S) 
DB Part Double beaded partition (E&CB2S) 
DET Double end trimmed 

DF Douglas-fir 

DIM Dimension 

DKG Decking 

D/S,DS, D/Sdg Drop siding 

D1S,D2S See S1S and S28 

D&M Dressed and matched 

D&CM Dressed and center matched 
D&SM Dressed and standard matched 
D2S&CM Dressed two sides and center matched 
D2S&SM Dressed two sides and standard matched 
E Edge 

EB1S Edge bead one side 

EB2S, SB2S Edge bead on two sides 

EE Eased edges 

EG Edge (vertical or rift) grain 

EM End matched 

EV1S, SV1S Edge V one side 

EV2S, SV2S. Edge V two sides 

E&CB1S Edge and center bead one side 
E&CB2S, DB2S, Edge and center bead two sides 
BC&2S 





(continued) 
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Table 3-3 (continued) 








Abbreviation Meaning 

E&CV1S, DV1S, Edge and center V one side 

V&CVIS 

E&CV2S, DV2S, Edge and center V two sides 

V&CV2S 

f Allowable stress in bending in pounds per square 
inch 

FA Facial area 

FAS Firsts and Seconds 

FBM, Ft. BM Feet board measure 

FG Flat or slash grain 

FJ Finger joint. End-jointed lumber using a finger joint 
configuration 

FLG, Fig Flooring 

FOHC Free of heart center 

FOK Free of knots 

FT, ft Foot or feet 

FT.SM Feet surface measure 

G Girth 

GM Grade marked 

G/R Grooved roofing 

HB,H.B. Hollow back 

HEM Hemlock 

Hrt Heart 

H&M Hit and miss 

HorM Hit or miss 

IN, in. Inch or inches 

J&P Joists and planks 

JID Jointed 

KD Kiln-dried 

LBR, Lbr Lumber 

LGR Longer 

LGTH Length 

Ltt, Lt Lineal foot or feet 

UN, Un Lineal 

LL Longleaf 

LNG, Lng Lining 

M Thousand 





(continued) 
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Table 3-3 (continued) 








Abbreviation Meaning 

MBM, MBF, Thousand (feet) board measure 

M.BM 

MC, M.C. Moisture content 

MG Medium grain or mixed grain 

MLDG, Mldg Molding 

Mft Thousand feet 

MSR Machine stress rated 

N Nosed 

NBM Net board measure 

No. Number 

NIE or N2E Nosed one or two edges 

Ord Order 

PAD Partially air dry 

PART, Part Partition 

PAT, Pat Pattern 

Pes. Pieces 

PE Plain end 

PET Precision end trimmed 

P&T Posts and timbers 

P1S,P2S See S1S and S28 

RDM Random 

REG, Reg Regular 

Rfg. Roofing 

RGH, Rgh Rough 

RIL, RL Random lengths 

R/W,RW Random widths 

RES Resawn 

SB1S Single bead one side 

SDG, Sdg Siding 

S-DRY Surfaced dry. Lumber 19 percent moisture content 
or less per American Lumber Standard for 
softwood 

SE Square edge 

SEL, Sel Select or select grade 

SE&S Square edge and sound 

SG Slash or flat grain 





(continued) 
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Table 3-3 (continued) 








Abbreviation Meaning 

S-GRN Surfaced green. Lumber unseasoned, in excess of 19 
percent moisture content per American Lumber 
Standard for softwood 

SGSSND Sapwood, gum spots and streaks, no defect 

SIT. SPR Sitka spruce 

S/L,SL, S/Lap Shiplap 

STD.M Standard matched 

SM Surface measure 

Specs Specifications 

SO Square 

SORS Squares 

SR Stress-rated 

STD, Std Standard 

Std. Igths. Standard lengths 

SSND Sap stain no defect (stained) 

STK Stock 

STPG Stepping 

STR, STRUCT Structural 

SYP Southern yellow pine 

S&E Side and edge (surfaced on) 

S1E Surfaced one edge 

S2E Surfaced two edges 

S1S Surfaced one side 

S2S Surfaced two sides 

S48 Surfaced four sides 

S1S&CM Surfaced one side and center matched 

S2S&CM Surfaced two sides and center matched 

S4S&CS Surfaced four sides and calking seam 

S1S1E Surfaced one side, one edge 

S1S2E Surfaced one side, two edges 

S2S1E Surfaced two sides, one edge 

S2S&SL Surfaced two sides and shiplapped 

S2S&SM Surfaced two sides and standard matched 

t Allowable stress in tension in pounds per square inch 

TBR Timber 

T&G Tongued and grooved 
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Secrets of Cyber and Cybernetic Warfare Revealed 


ROBERT DUNCAN 


and The Mind Hacking Strategy Group 


ate 
Volume 2 details the CIA's practices of interrogation and cybernetic mind control in their pursuit to weaponize neuropsychology. It covers the art of bio- 
communication war. Human beings are complex machines but their inner workings have been deciphered. Mind control and brainwashing have been 


perfected in the last 60 years. Hacking computers and hacking into individual minds are similar. The 21st century will be known as the age of spiritual 
machines and soulless men. 


Check out Dr. Robert Duncan's other book, 
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76 Chapter 3 


Table 3-3 (continued) 





Abbreviation 


Meaning 





VG Vertical (edge) grain 

vis See EV1S, CV1S, and E&CV1S 
v2s See EV2S, CV25S, and E&CV25S 
WCH West Coast hemlock 

WDR, wdr Wider 

WHAD Worm holes a defect 

WHND Worm holes no defect 

WT Weight 

WTH Width 

WRD Western redcedar 

yp Yellow pine 





Courtesy Forest Products Laboratory 


Grade B&BTR allows a few small imperfections, mainly in the 
form of minor skips in manufacture, small checks or stains caused 
by seasoning, and (depending on the species) small pitch areas, pin 
knots, or the like. Since appearance grades emphasize the quality of 
one face, the reverse side may be lower in quality. In construction, 
grade C&BTR is the grade combination most commonly available. 
It is used for high-quality interior and exterior trim, paneling, and 
cabinetwork, especially where these are to receive a natural finish. It 
is the principal grade used for flooring in homes, offices, and public 
buildings. In industrial uses, it meets the special requirements for 
large-sized, practically clear stock. 

The number and size of imperfections permitted increase as the 
grades drop from B&BTR to D and E. Appearance grades are not 
uniform across species and products, however, and official grade 
rules must be used for detailed reference. Grade C is used for many 
of the same purposes as B&BTR, often where the best paint finish 
is desired. Grade D allows larger and more numerous surface im- 
perfections that do not detract from the appearance of the finish 
when painted. Grade D is used in finish construction for many of 
the same uses as Grade C. It is also adaptable to industrial uses 
requiring short-length clear lumber. 


Select Lumber 
Select lumber is of good appearance and finished or dressed. See 
Table 3-4 for grade names, descriptions, and uses. 
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Table 3-4 Lumber Grades 








Grade Description Use 
Select: 
A High quality, practically Suitable for natural finishes. 
clear. 
B High quality, generally Suitable for natural finishes. 
clear with a few minor 
defects. 
C Several minor defects. Adapted to high-quality 
paint finish. 
D A few major defects. Suitable for paint finishes. 
Common 
No. 1 Sound and tight-knotted. Use without waste. 
No. 2 Less restricted in quality Framing, sheathing, 
than No. 1. structural forms where 
strain or stress not 
excessive. 
No. 3 Permits some waste with Footings, guardrails, rough 
defects larger than in No. 2 _ subflooring. 
No. 4 Permits waste, low quality, Sheathing, subfloors, roof 


with decay and holes. boards in the cheaper types 


of construction. 





Common Lumber 
Common lumber is suitable for general construction and utility pur- 
poses and is identified by the grade names shown in Table 3-4. 


Plywood 


Plywood is a glued wood panel made up of relatively thin layers, 
or plies, with the grain of adjacent layers at an angle, usually 90° 
(see Figure 3-2). The usual constructions have an odd number of 
plies. The outside plies are called faces (or face and back plies), the 
inner plies are called cores (or centers), and the plies immediately 
below the face and back are called crossbands. The core may be 
veneer, lumber, or particleboard. The plies may vary as to number, 
thickness, species, and grade of wood. 

As compared with solid wood, the chief advantages of plywood 
are its having properties along the length nearly equal to properties 
along the width of the panel, its greater resistance to splitting, and 
its form, which permits many useful applications where large sheets 
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Figure 3-2 The multilayer construction of plywood gives large 
thin panels greater strength and stability than solid wood. (courtesy 
of the American Plywood Assn.) 


are desirable. Use of plywood may result in improved utilization 
of wood, because it covers large areas with a minimum amount of 
wood fiber. This is because it is permissible to use plywood thinner 
than sawn lumber in some applications. 

The properties of plywood depend on the quality of the different 
layers of veneer, the order of layer placement in the panel, the glue 
used, and the control of gluing conditions in the gluing process. The 
grade of the panel depends on the quality of the veneers used, par- 
ticularly of the face and back. The type of the panel depends on the 
glue joint, particularly its water resistance. Generally, face veneers 
with figured grain that are used in panels where appearance is im- 
portant have numerous short, or otherwise deformed, wood fibers. 
These may significantly reduce strength and stiffness of the panels. 
On the other hand, face veneers and other plies may contain cer- 
tain sizes and distributions of knots, splits, or growth characteristics 
that have no undesirable effects on strength properties for specific 
uses. Such uses include structural applications, such as sheathing for 
walls, roofs, or floors. 
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Types of Plywood 

Broadly speaking, two classes of plywood are available: hardwood 
and softwood. In general, softwood plywood is intended for con- 
struction use and hardwood plywood for uses where appearance is 
important. 

Originally, most softwood plywood was made of Douglas fir, 
but western hemlock, larch, white fir, ponderosa pine, redwood, 
southern pine, and other species are now used. 

Most softwood plywood used in the United States is produced do- 
mestically, and U.S. manufacturers export some material. The bulk 
of softwood plywood is used where strength, stiffness, and con- 
struction convenience are more important than appearance. Some 
grades of softwood plywood are made with faces selected primar- 
ily for appearance and are used either with clear natural finishes or 
with pigmented finishes. 

Hardwood plywood is made of many different species, both in 
the United States and overseas. More than half of all hardwood 
panels used in the United States are imported. Hardwood plywood 
is normally used where appearance is more important than strength. 
Most of the production is intended for interior or protected uses, 
although a very small proportion is made with glues suitable for 
exterior service. A significant portion of all hardwood plywood is 
available completely finished. 

Plywood of thin, crossbanded veneers is very resistant to splitting 
and, therefore, nails and screws can be placed close together and 
close to the edges of panels. 


Grades of Plywood 
Plywood is graded according to defects on each surface and the type 
of glue used. Exterior or Interior plywood refers to the type of glue 
used to bond plies. Each face of the plywood has a letter grade—A, 
B, C, or D. Grade A means the face has no defects—it’s perfect. 
Grade B means there are some defects (perhaps an area has a small 
patch). Grade C allows checks (splits) and small knotholes. Grade 
D allows large knotholes. 

The commonly available grades are AC Interior, AD Interior, AC 
Exterior, and CDX, which is used for sheathing. 


Particle Board 


The group of materials generally classified as wood-base fiber and 
particle panel materials includes such familiar products as insulation 
boards, hardboards, particleboards, and laminated paperboards. 
In some instances, they are known by such proprietary names as 
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Masonite, Celotex, Insulite, and Beaver board or, in the instance 
of particleboards, by the kind of particle used, such as flakeboard, 
chipboard, or oriented strand board (OSB). 

These panel materials are all reconstituted wood (or some other 
lignocellulose like bagasse) in that the wood is first reduced to small 
fractions and then put back together by special forms of manufacture 
into panels of relatively large size and moderate thickness. These 
board or panel materials in final form retain some of the properties 
of the original wood, but, because of the manufacturing methods, 
gain new and different properties from those of the wood. Because 
they are manufactured, they can be and are tailored to satisfy a use, 
need, or group of needs. 

Speaking in general terms, the wood-base panel materials are 
manufactured by the following methods: 


e Changing wood substance, essentially to fibers and then inter- 
felting them together again into the panel material classed as 


building fiberboard. 


° Strictly mechanical means of cutting or breaking wood into 
small discrete particles and then, with a synthetic resin adhe- 
sive or other suitable binder, bonding them together again in 
the presence of heat and pressure. These latter products are 
appropriately called particleboards. 


Building fiberboards, then, are made essentially of fiberlike com- 
ponents of wood that are interfelted together in the reconstitution 
and are characterized by a bond produced by that interfelting. They 
are frequently classified as fibrous-felted board products. At certain 
densities under controlled conditions of hot pressing, rebonding of 
the lignin effects a further bond in the panel product produced. Bind- 
ing agents and other materials may be added during manufacture to 
increase strength, increase resistance to fire, moisture, or decay, or to 
improve some other property. Among the materials added are rosin, 
alum, asphalt, paraffin, synthetic and natural resins, preservative 
and fire-resistant chemicals, and drying oils. 

Particleboards are manufactured from small components of 
wood that are glued together with a thermosetting synthetic resin 
or equivalent binder. Wax sizing is added to all commercially pro- 
duced particleboard to improve water resistance. Other additives 
may be introduced during manufacture to improve some property 
or provide added resistance to fire, insects such as termites, or decay. 
Particleboard is among the newest of the wood-base panel materials. 
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It has become a successful and economical panel product because 
of the availability and economy of thermosetting synthetic resins, 
which permit blends of wood particles and the synthetic resin to be 
consolidated and the resin set (cured) in a press that is heated. 

Thermosetting resins used are primarily urea-formaldehyde and 
phenol-formaldehyde. Urea-formaldehyde is lowest in cost and is the 
binder used in greatest quantity for particleboard intended for inte- 
rior or other nonsevere exposures. Where moderate water or heat 
resistance is required, melamine-urea-formaldehyde resin blends are 
being used. For severe exposures, such as exteriors or where some 
heat resistance is required, phenolics are generally used. 

The kinds of wood particles used in the manufacture of parti- 
cleboard range from specially cut flakes an inch or more in length 
(parallel to the grain of the wood) and only a few hundredths of 
an inch thick to fine particles approaching fibers or flour in size. 
The synthetic resin solids are usually between 5 and 10 percent by 
weight of the dry wood furnish. These resins are set by heat as the 
wood particle-resin blend is compressed in flat-platen presses. 

As floor underlayment, particleboard provides (1) the leveling, (2) 
the thickness of construction required to bring the final floor to ele- 
vation, and (3) the indentation-resistant smooth surface necessary as 
the base for resilient finish floors of linoleum, rubber, vinyl tile, and 
sheet material. Particleboard for this use is produced in 4- by 8-foot 
panels commonly !/4, 3/g, or °/s inch thick. Separate use specifica- 
tions cover particleboard floor underlayment. In addition, all man- 
ufacturers of particleboard floor underlayment provide individual 
application instructions and guarantees because of the importance 
of proper application and the interaction effects of joists, subfloor, 
underlayment, adhesives, and finish flooring. Particleboard under- 
layment is sold under a certified quality program where established 
grade marks clearly identify the use, quality, grade, and originating 
mill. 

Other uses for particleboard have special requirements, as for 
phenol-formaldehyde, a more durable adhesive, in the board. Par- 
ticleboard for siding, combined siding sheathing, and use as sof- 
fit linings and ceilings for carports, porches, and the like requires 
this more durable adhesive. For these uses, type 2 medium-density 
board is required. In addition, such agencies as the Federal Housing 
Administration have established requirements for particleboard for 
such use. The satisfactory performance of particleboard in exterior 
exposure depends not only on the manufacture and kind of adhesive 
used but also on the protection afforded by the finish. Manufacturers 
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recognize the importance by providing both paint-primed panels 
and those completely finished with liquid paint systems or factory- 
applied plastic films. 


Lumber Distribution 


Large primary manufacturers and wholesale organizations set up 
distribution yards in lumber-consuming areas to more effectively 
distribute both hardwood and softwood products. Retail yards draw 
inventory from distribution yards and, in wood-producing areas, 
from local lumber producers. 


Retail Yard Inventory 

The small retail yards throughout the United States carry softwoods 
required for ordinary construction purposes and small stocks of 
one or two hardwoods in the grades suitable for finishing or cabi- 
network. Special orders must be made for other hardwoods. Trim 
items such as moulding in either softwood or hardwood are available 
cut to size and standard pattern. Cabinets are usually made by mill- 
work plants ready for installation. Many common styles and sizes 
are carried or cataloged by the modern retail yard. Hardwood floor- 
ing is available to the buyer only in standard patterns. Some retail 
yards may carry specialty stress grades of lumber such as structural 
light framing for truss rafter fabrication. 

Some lumber grades and sizes serve a variety of construction 
needs. Some species or species groups are available at the retail level 
only in grade groups. Typical are house-framing grades, such as joist 
and plank, which is often sold as No. 2 and Better (28&BTR). The 
percentage of each grade in a grouping is part of the purchase agree- 
ment between the primary lumber manufacturer and the wholesaler. 
However, this ratio may be altered at the retail level by sorting. 
Where grade grouping is the practice, a requirement for a specific 
grade, such as No. 1, at the retail level will require sorting or spe- 
cial purchase. Grade grouping occurs for reasons of tradition and 
of efficiency in distribution. 

Another important factor in retail yard inventory is that not all 
grades, sizes, and species described by the grade rules are produced, 
and not all those produced are distributed uniformly to all market- 
ing areas. Regional consumer interest, building code requirements, 
and transportation costs influence distribution patterns. Often small 
retail yards will stock only a limited number of species and grades. 
Large yards, on the other hand, may cater to particular construction 
industry needs and carry drier dimension grades along with clears, 
finish, and decking. The effect of these variable retail practices is 
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that the grades, sizes, and species outlined in the grade rules must 
be examined to determine what actually is available. A brief de- 
scription of lumber products commonly carried by retail yards fol- 
lows. 


Stress-Graded Lumber for Construction 

Dimension is the principal stress-graded lumber item available in 
a retail yard. It is primarily framing lumber for joists, rafters, and 
studs. Strength, stiffness, and uniformity of size are essential require- 
ments. Dimension is stocked in all yards, frequently in only one or 
two of the general-purpose construction woods (such as pine, fir, 
hemlock, or spruce): 


e The 2 x 6,2 x 8, and 2 x 10 dimensions are found in grades 
of Select Structural, No. 1, No. 2, and No. 3. They may also 
be found in combinations of No. 2 & BTR or possibly No. 3 
& BIR. 


e The 2 x 4 grades available would normally be Construc- 
tion and Standard. They are sold as Standard and Better 
(STD&BTR), Utility and Better (UTIL&BTR), or Stud, in 
lengths of 10 feet and shorter. 


Dimensional lumber is often found in nominal 2-, 4-, 6-, 8-, 10-, 
or 12-inch widths and 8- to 18-foot lengths in multiples of 2 feet. 
Dimensional lumber that is formed by structural end-jointing pro- 
cedures may be found. Dimensional lumber thicker than 2 inches 
and longer than 18 feet is not available in large quantity. 

Other stress-graded products generally present are posts and tim- 
bers, with some beams and stringers also possibly in stock. Typi- 
cal stress grades in these products are Select Structural and No. 1 
Structural in Douglas fir and No. 1SR and No. 2SR in southern 
pine. 


Nonstress-Graded Lumber for Construction 

Boards are the most common nonstress-graded general-purpose con- 
struction lumber in the retail yard. Boards are stocked in one or 
more species, usually in nominal 1-inch thickness. Standard nom- 
inal widths are 2, 3, 4, 6, 8, 10, and 12 inches. Grades most gen- 
erally available in retail yards are No. 1, No. 2, and No. 3 (or 
Construction, Standard, and Utility). These will often be combined 
in grade groups. Boards are sold square-ended, dressed and matched 
(tongued and grooved), or with a ship-lapped joint. Boards formed 
by end jointing of shorter sections may form an appreciable portion 
of the inventory. 
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Appearance Lumber 

Completion of a construction project usually depends on a variety 
of lumber items available in finished or semifinished form. The fol- 
lowing items often may be stocked in only a few species, in only a 
few finishes, or in limited sizes depending on the yards: 


e 


e 


e 


Finish—Finish boards usually are available in a local yard in 
one or two species, principally in grade C& BTR. Redwood 
and cedar have different grade designations. Grades such as 
Clear Heart, A, or B are used in cedar; Clear All Heart, Clear, 
and Select are typical redwood grades. Finish boards are usu- 
ally a nominal 1-inch thick, dressed two sides to 3/4 inch. The 
widths usually stocked are nominal 2 to 12 inches in even- 
numbered inches. 


Siding—Siding, as the name implies, is intended specifically to 
cover exterior walls. Beveled siding is ordinarily stocked only 
in white pine, ponderosa pine, western red cedar, cypress, or 
redwood. Drop siding (also known as rustic siding or barn 
siding) is usually stocked in the same species as beveled sid- 
ing. Siding may be stocked as BK BTR or C&BTR, except in 
cedar (where Clear, A, and B may be available) and redwood 
(where Clear All Heart and Clear will be found). Vertical grain 
(VG) is sometimes a part of the grade designation. Drop siding 
sometimes is stocked also in sound knotted C and D grades of 
southern pine, Douglas fir, and hemlock. Drop siding may be 
dressed, matched, or ship lapped. 


Flooring—Flooring is made chiefly from hardwoods such 
as oak and maple, and the harder softwood species, such 
as Douglas fir, western larch, and southern pine. Often, at 
least one softwood and one hardwood are stocked. Floor- 
ing is usually nominal 1-inch thick dressed to 75/32 inch, and 
3- and 4-inch nominal width. Thicker flooring is available 
for heavy-duty floors in hardwoods and softwoods. Thinner 
flooring is available in hardwoods, especially for recovering 
old floors. Vertical and flat grain (also called quartersawed 
and plain-sawed) flooring is manufactured from both soft- 
woods and hardwoods. Vertical-grained flooring shrinks and 
swells less than flat-grained flooring, is more uniform in tex- 
ture, wears more uniformly, and the joints do not open as 
much. 

Softwood flooring is usually available in B and Better grade, 
C Select, or D Select. The chief grades in maple are Clear 


e 
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No. 1 and No. 2. The grades in quartersawed oak are Clear and 
Select, and in plain-sawed, Clear, Select, and No. 1 Common. 
Quartersawed hardwood flooring has the same advantages as 
vertical-grained softwood flooring. In addition, the silver or 
flaked grain of quartersawed flooring is frequently preferred 
to the figure of plain-sawed flooring. Beech, birch, and walnut 
and mahogany (for fancy parquet flooring) are also occasion- 
ally used. 


Casing and Base—Casing and base are standard items in the 
more important softwoods and are stocked by most yards in 
at least one species. The chief grade, B and Better, is designed 
to meet the requirements of interior trim for dwellings. Many 
casing and base patterns are dressed to !"/1¢ x 21/4. Other sizes 
used include ?/16 x 3, 3!/4, and 3!/2. Hardwoods for the same 
purposes (such as oak and birch) may be carried in stock in 
the retail yard or may be obtained on special order. 


Shingles and Shakes—Shingles usually available are sawn from 
western red cedar, northern white cedar, and redwood. The 
shingle grades are: Western red cedar, No. 1, No. 2, No. 3; 
northern white cedar, Extra, Clear, 2nd Clear, Clear Wall, Util- 
ity; redwood, No. 1, No. 2 VG, and No. 2 MG. 

Shingles that are all heartwood give greater resistance to 
decay than do shingles that contain sapwood. Edge-grained 
shingles are less likely to warp than flat-grained shingles; thick- 
butted shingles less likely than thin shingles; and narrow shin- 
gles less likely than wide shingles. The standard thicknesses 
of shingles are described as 4/2, °/2, '/4, and °/2 (four shingles 
to 2 inches of butt thickness, five shingles to 2!/4 inches of 
butt thickness, and five shingles to 2 inches of butt thickness). 
Lengths may be 16, 18, or 24 inches. Random widths and 
specified widths (dimension shingles) are available in western 
red cedar, redwood, and cypress. 


Shingles are usually packed four bundles to the square. A 
square of shingles will cover 100 square feet of roof area when 
the shingles are applied at standard weather exposures. 


Shakes are handsplit, or handsplit and resawn from western 
red cedar. Shakes are of a single grade and must be 100 per- 
cent clear, graded from the split face in the case of handsplit 
and resawn material. Handsplit shakes are graded from the 
best face. Shakes must be 100 percent heartwood free of bark 
and sapwood. The standard thickness of shakes ranges from 
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"True nobility is exempt from fear". 
— King Henry the Sixth, Part II (Act IV, Scene I). 


Call me The Saint. I am the all American - prep school, Harvard College graduating with honors in computer science and a minor in 
premedical studies, and advanced degrees from Harvard and Dartmouth in business and science. My famous ancestors are President Lincoln, 
King Duncan of Scotland, and Governor William Bradford, the first governor of Massachusetts. 


My research interests have been neural networks, virtual reality, and EEG controlled robotics. Before graduate school I worked for the 
Department of Defense, Navy, NATO, and various intelligence agencies computer science projects. I have done business consulting and 
computer consulting for the largest companies in the world. I have been a professor, inventor, artist, and writer. I am one of the last 
Renaissance men. 


My projects have included algorithms for Echelon and CIA natural language parsing and classification of document content, IRS formula for 
red flagging audits, writing the artificial intelligence code to automate tracking of the Soviet Nuclear Submarine Fleet and all water vessels, 
work integrating HAARP with SIGINT SIGCOM and SPAWAR. I have worked on projects for the Justice Department connecting local, state, 
and federal databases for the tracking of terrorists. I developed a system for the FBI to track license plates past toll booths and other locations. I 
worked on the soldier 2000 program to create body networks for reading vital signs and other information. A system I worked on called Snyper 
is operational in Iraq which triangulates on intercity conflict gun shots. I have been to a couple secret bases in the so called free world. I have 
developed telemedicine robotic surgery and virtual reality applications for the Army. For DARPA, I have worked on satellite computer vision 
target tracking applications and tank simulation as well as integration of the land, sea, and air surveillance systems like SOSSUS, towed arrays, 
and others. 


Projects that I have worked on outside of government contracts include my thesis on computer generated holography, a project making 
paralyzed people walk again using choreographed stimulated muscles movements, face recognition, voice identification and recognition, finger 
print recognition, and neural network robotic controller. My research interests moved to enhanced reality heads up displays and wearable 
computing systems. My current research involves finding a cure for the mind control directed energy weapons fiasco. The integrated global 
surveillance grid is actually part of the holy grail of weapons and human control systems. 


My apologies to the human race for my contribution to tyranny. I was tricked into thinking it would not be misused by corrupt government 
especially in my beloved country. I was wrong. The Joint Non-Lethal Weapons Directorate has Skip Green on the governing board. One of my 
old colleagues at a technology think tank in Cambridge partly in charge of the radio frequency weapons testing for neurological disruption now 
torturing and killing people worldwide. Several other US Navy and UK Navy scientists have been knocked-off and that is why I have come 
forward. I know my time maybe near. I am currently a professor in computer science and business, helping to educate the public on 
government corruption, greed, and stupidity. Like my ancestor Lincoln, I am fighting against mental slavery in a new Civil War engineered by 
the same useless elements in over 80 government agencies who have tested radiological, drug, and viral weapons on unsuspecting Americans 
for over 45 years. 


I have great pride in the fundamental and constitutional values of America and mean no disrespect by my blasting the incompetence, apathy, 
and stupidity of those involved in the conspiracy of involuntary biological, chemical, and psychotronic human effects testing. There are so 
many brave men and women serving in the armed forces who fight and protect us for the American values they believe in. But because of the 
silos of information called compartmentalization in the security agencies and the lack of accountability and oversight of black operations and 
some top secret projects, diabolical elements become rogue or worse destroying the very country they are tasked with protecting turning it into 
a hypocracy rather than a democracy. 


My goal is to awaken Americans to the continued horrific acts of military and CIA weapons testers in this country and the other branches of 
government’s inability to stop them and hold them accountable. 


All I ask from the reader is to listen to testimony and validate facts presented here and come to their own conclusion. Then fight to win back 
America from this silent overthrow. This has been my project for about two years, investigating government corruption, incompetence, and 
cover-up upon which I accidentally stumbled one day while looking at a reverse MRI scheme to inject electromagnetic signals into the brain 
for virtual reality applications. I have interviewed over two hundred people and worked on the highest level of military projects for the U.S., 
NATO, and U.K. and have given videotaped testimony to senators and representatives on this topic resulting in lip service since they have no 
real power to enforce. Two high level FBI agents and a couple CIA agents have come forward to validate the existence of a MKULTRA like 
project that continues to grab random people for mind control experimentation. Two of these have since become part of the program and 
endure daily psychotronic tortures. All the torture can be done using directed energy psychotronic weapons with the so called continental 
ballistic missile surveillance defense grids. 


I apologize to the human race for any contribution to these 4th generation weapons that I may have worked on that are more horrific than the 
nuclear bomb and whose cover-up is more pervasive than the Manhattan Project. And because of the horrific acts of violence being committed 
on as many as two thousand Americans as far as my research has uncovered and many others in other countries, I understand the extreme risk 
to my own welfare that publishing this material will have. But freedom is so important to me that I know full heartedly that the human race 


https:/Awww.projectsoulcatcher.com/ 





86 Chapter 3 


3/3 to 11/4 inches. Lengths are 18 and 24 inches, and a 15-inch 
Starter-Finish Course length. 


Important Purchase Considerations 
The following are some of the points to consider when ordering 
lumber or timbers: 


e 


e 


Quantity—Feet, board measure, number of pieces of definite 
size and length. Consider that the board measure depends on 
the thickness and width nomenclature used and that the inter- 
pretation of this must be clearly delineated. In other words, 
nominal or actual, pattern size, and so forth must be consid- 
ered. 


Size—Thickness in inches—nominal and actual if surfaced on 
faces. Width in inches—nominal and actual if surfaced on 
edges. Length in feet—may be nominal average length, limiting 
length, or a single uniform length. Often a trade designation, 
random length, is used to denote a nonspecified assortment 
of lengths. Note that such an assortment should contain crit- 
ical lengths as well as a range. The limits allowed in mak- 
ing the assortment random can be established at the time of 
purchase. 


Grade—As indicated in grading rules of lumber manufactur- 
ing associations, some grade combinations (B&BTR) are of- 
ficial grades; other (STD&BTR light framing, for example) 
are grade combinations and subject to purchase agreement. 
A typical assortment is 75 percent Construction and 25 per- 
cent Standard, sold under the label STD& BTR. In softwood, 
each piece of such lumber typically is stamped with its grade, a 
name or number identifying the producing mill, the dryness at 
the time of surfacing, and a symbol identifying the inspection 
agency supervising the grading inspection. The grade designa- 
tion stamped on a piece indicates the quality at the time the 
piece was graded. Subsequent exposure to unfavorable storage 
conditions, improper drying, or careless handling may cause 
the material to fall below its original grade. 

Note that working or rerunning a graded product to a pat- 
tern may result in changing or invalidating the original grade. 
The purchase specification should be clear regarding regrading 
or acceptance of worked lumber. In softwood lumber, grades 
for dry lumber generally are determined after kiln drying and 
surfacing. This practice is not general for hardwood factory 
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lumber, however, where the grade is generally based on grade 
and size prior to kiln drying. 


Species or groupings of wood—Douglas fir, cypress, hemlock, 
fir. Some species have been grouped for marketing conve- 
nience. Others are traded under a variety of names. Be sure 
the species or species group is correct and clearly depicted on 
the purchase specification. 


e 


Product—Flooring, siding, timbers, boards, and so forth. 
Nomenclature varies by species, region, and grading associa- 
tion. To be certain the nomenclature is correct for the product, 
refer to the grading rule by number and paragraph. 


e 


Condition of seasoning—Air dry, kiln dry, and so on. Softwood 
lumber dried to 19 percent moisture content or less (S-DRY) 
is defined as dry by the American Lumber Standard. Other de- 
grees of dryness are partially air-dried (PAD), green (S-GRN), 
and 15 percent maximum (KD in southern pine). There are 
several specified levels of moisture content for redwood. If the 
moisture requirement is critical, the levels and determination 
of moisture content must be specified. 


e 


Surfacing and working—Rough (unplaned), dressed (surfa- 
ced), or patterned stock. Specify condition. If surfaced, indi- 
cate $48, S1S1E, and so on. If patterned, list pattern number 
with reference to the appropriate grade rules. 


e 


Grading Rules—Official grading agency name, product iden- 
tification, paragraph number or page number or both, date of 
rules or official rule volume (rule No. 16, for example). 


e 


Manufacturer—Most lumber products are sold without refer- 
ence to a specific manufacturer. If proprietary names or quality 
features of a manufacturer are required, this must be stipulated 
clearly on the purchase agreement. 


Engineered Lumber 


Some lumber has been engineered to produce a variety of improve- 
ments for use in construction of homes and office and industrial 
buildings. There is glued laminated lumber that is called glulam. 
This engineered lumber is composed of wood laminations (lams). 
They are bonded together with adhesives. The grain of the lams 
runs parallel to the length of the glulam member. Lams are 1%/g 
inches thick for southern pine species and 11/2 inches for western 
wood species. Laminated boards up to 2 inches thick may also be 
used to form glulam timbers. Glulam widths are standardized at 
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3'/g inches, 31/2 inches, 5!/g inches, 51/2 inches, and 63/4 inches. 
However, almost any width can be custom made. 

Glulam dates back to the early 1900s when the first patents for 
glulam were obtained in Switzerland and Germany. One of the first 
glulam structures in the United States was built for the USDA Forest 
Products Laboratories in 1934. Glulam manufacture has evolved to 
make glulam one of the most widely used engineered lumber prod- 
ucts in the construction industry. In the past, glulam was mainly 
associated with heavy timber construction, such as industrial roof- 
ing systems, bridges, and marine piers. Glulam timbers are used in 
residential construction as well as in commercial industrial construc- 
tion. 


Summary 


Lumber is the basic construction material used in construction. 
Wood is a highly variable product so lumber is standardized by sizes 
and grades. The three classes of grading are stress-graded, nonstress- 
graded, and appearance. Plywood is made up of layers of wood 
veneer in wide long panels that have several advantages over solid 
wood lumber. Particleboard is made of small chunks of wood com- 
pressed into a large panel. Understanding lumber and wood product 
distribution and inventories leads to more successful and economic 
construction projects. 


Review Questions 
1. Why is lumber standardized by size and grade? 
2. What grades are used for structural light framing? 


3. What grade of lumber would you use for kitchen cabinet con- 
struction? 


4. What are the advantages of plywood over solid lumber? 


5. What grades and species of select softwood lumber are avail- 
able at your local retail lumberyard? 


Chapter 4 
Strength of Timbers 


The various mechanical properties of woods have been investigated 
by exhaustive testing in many laboratories, most notably the Forest 
Products Laboratory of the U.S. Department of Agriculture in Madi- 
son, Wisconsin. In addition, much research has been done in civil 
and agricultural engineering laboratories at many state universities. 


Tension 


A tension test is made as indicated in Figure 4-1. Although mod- 
ern testing machines are by no means as simple as the apparatus 
shown, it serves well to show how such tests are made. The speci- 
men is placed in the machine, gripped at each end, and the load is 
progressively increased until the material reaches its failure point. 
Usually, the elongation is not of any significance unless it is desired 
to determine the modulus of elasticity. The allowable fiber stresses 
indicated by modern stress grading (such as 1200f or 1450f) apply 
equally to extreme fiber stress in bending and to tensile stresses. 


_——-—- ——> 
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Figure 4-1 The tension test. The specimen R is eee in the 
wedge grips a, b, c, and d, thus applying tension between the 
fixed end and the movable head of the machine. The movable 
head is connected to the scale lever G on which the weight 
W slides. This arrangement is similar to an ordinary weighing 
scale. Two center marks (L and F) are punched on the specimen 
at a standard distance (A) apart. When testing, the pull on the 
specimen is gradually increased by moving W to the left. Di- 
mensions A and B are then measured after each load increase. 





FIXED END 
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Example A truss member is subjected to a tensile force of 50,000 
pounds. What size timber of No. 1 dense yellow pine (1600f grade) 
will be required? 

This is the calculation: 


5000 
1600 
Therefore, either a standard-dressed 4 inches x 10 inches (31/2 


inches x 91/4 inches) or a 6 inches x 6 inches (5!/2 inches x 
51/2 inches) should be adequate. 


= 31.25 square inches cross section 


Compression 


A column supporting a load that tends to crush it is said to be in 
compression. Allowable compression parallel to the grain in stress- 
graded lumber is usually slightly less than the allowable bending 
and tensile stresses. For No. 1 dense timbers, 1600f grade, the com- 
pression stress is 1500 pounds per square inch, and for No. 2 dense, 
1200f grade, it is 900 pounds per square inch. The builder need 
have no other concern than to see that the specified stresses are 
not exceeded. For loads applied across the grain, these stresses are 
much less. For the two grades mentioned, the cross-grain stress is 
455 pounds per square inch for both grades. 

When making a compression test (see Figure 4-2), a prepared 
specimen is placed between two plates, and a measured load is 





Figure 4-2 The compression test. The specimen R is placed 
between two plates (M and S), and a compression stress of 
any desired intensity is applied by moving the weight W on 
the lever G. As the load is gradually increased, the changes in 
dimensions A and B are noted, and a final result can be obtained 
that will indicate the amount of compression that the specimen 
can withstand. 
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applied. The load is increased progressively until the failure point is 
reached. Actually, modern wood-compression testing is not quite so 
simple. An instrument called a compressometer is pinned to the side 
of the specimen with sharp-pointed screws at points corresponding 
to points L and F in Figure 4-2. It is fitted with a series of levers that 
are connected to a dial gauge, usually reading to .0001 inch. The 
stem of the dial gauge is depressed until it shows a positive reading 
and compression in the specimen releases a part of the gauge. In this 
way, a sudden failure will release the gauge entirely, and jamming 
and ruining of the instrument is avoided. Usually, at least one of the 
plates through which pressure is applied is a cast iron hemisphere, 
thereby ensuring an evenly distributed pressure over the entire cross- 
section of the specimen. 


Working Stresses for Columns 


The amount of allowable loads on wood columns has been (and 
continues to be) a subject that is open to some discussion. The matter 
is complicated by the fact that columns of different lengths and 
diameters do not behave in the same manner under loadings. For 
the rather short column, failure will be caused by the actual crushing 
of the fibers of the wood, and the full compressive strength of the 
wood may thus be utilized. For a slightly longer column, failure 
may be caused by a sort of diagonal shearing action. For a long 
column, it will probably fail by bending sidewise and breaking. No 
one method can be adapted exactly for calculating allowable loads 
on columns of all lengths and slenderness ratios. 

Column formulas are numerous. Some are based on empirical 
data or the results of actual testing. Only one, the Euler (pronounced 
oiler) formula seems to be based on purely mathematical calcula- 
tions. It is of German origin, and, in its original form, it is so cum- 
bersome that few designers in the U.S. care to use it. It assumes that 
a column will fail by bending and breaking. This is ensured only if 
the column is long and comparatively slender. However, a modified 
Euler formula is greatly favored by present-day timber designers. It 
is written as follows: 


SE 
(I/d)? 


Allowable load per square inch of cross section = 





where the following is true: 
E = modulus of elasticity of the timber used 
! = unsupported length of the column (in inches) 
d = least side, or diameter of a round column 


92 Chapter 4 


This formula is applicable only when the results of its use do not 
indicate a higher stress than the maximum allowable unit stresses (as 
defined by the stress grade of the timber used). The ratio //d in this 
equation is sometimes called the slenderness ratio. As an example 
of the use of this formula, consider the following problem. 

How much of a load may safely be imposed on a 6-inch x 6-inch 
dressed yellow pine column that is 12 feet long? 

The slenderness ratio, or I/d, of 6-inch x 6-inch columns 12 feet 
long is 144/6 = 24, and the modulus of elasticity of almost all good 
yellow pine is 1,760,000 pounds per square inch. This is the calcu- 
lation: 


0.3 x 1,760,000 
24 x 24 


The cross-sectional area of standard 6-inch x 6-inch timbers is 
30.25 square inches. Therefore, the total load allowable on the col- 
umn will then be: 


= 917 pounds per square inch 


917 x 30.25 = 27,739 pounds 


An important point with respect to timber in compression is that 
the ends should be cut exactly square so that there will be a full 
bearing surface. Otherwise the timber will be subjected at the ends 
to more than the working stress (see Figure 4-3). 


Shearing Stresses 


Shearing stresses in wood are dangerous only in the direction parallel 
to the grain. It is almost impossible to shear the material across the 
grain until the specimen has been crushed. The crushing strength, 
then, and not the shearing resistance of the wood, will govern the 
maximum stress that can be applied to the wood. 

The standard shearing test for woods with the grain was devel- 
oped by the American Society for Testing Materials (ASTM), and 
the procedure is standardized. The specimens are standard dimen- 
sions, shaped as shown in Figure 4-4 in pairs, one with the notch 
at right angles to that in the other. The results of the tests on the 
two specimens are averaged, but usually they vary only slightly. The 
blocks are tested in a special shear tool that is loaded in a universal 
testing machine, with the load applied at a rate of .024 inch per 
minute. 

The results of testing different types of woods vary widely. To pro- 
vide for this lack of uniformity, the shear allowances in stress-rated 
timbers may contain a reduction factor (safety factor) of as much as 
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Figure 4-3 (A) Good and (B) poor column bearing surfaces 
illustrate the importance of squaring columns accurately when 
cutting them. The entire top of the column must be in contact 
with the load member so that the pressure per square inch of 
cross section on the column will correspond to the allowable 
working pressure for which the column was designed. If the 
portion MS of the bearing surface in contact is only half the 
entire surface, then the stress applied on the top of the column 
will be twice that of full contact, as shown by (A). 
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Figure 4-4 The ASTM standard wood-shear test specimens. 
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10, or it may be as little as 2 or 3. This is necessary because a piece 
that is below average in shearing resistance may appear anywhere. 

The distinctions across the grain and with the grain should be 
carefully noted. Wet or green wood, in general, shears approxi- 
mately one-fifth to one-half as easily as dry wood. A surface parallel 
to the rings (tangent) shears more easily than one parallel to the 
medullary rays. The lighter conifers and hardwoods offer less resis- 
tance than the heavier kinds, but the best pine shears one-third to 
one-half more readily than oak or hickory, thereby indicating that 
great shearing strength is characteristic of tough woods. 


Horizontal Shears 


The types of shears discussed in the preceding section are called ex- 
ternal shears because they are caused by forces that originate outside 
the body of the material, and for the most part, they are evident and 
readily provided for (see Figure 4-5). In addition, in every loaded 
beam, a system of internal stresses is set up. This may be explained 
by observing that every shearing force results from two forces that 
are unbalanced. They do not meet at the same point, and a stress 
couple is set up that can be met and held motionless only by another 
couple that acts in opposition to it. 

This is illustrated in Figure 4-6. It represents a particle of indefi- 
nite size, but possibly infinitely small, that has been extracted from 
the body of a beam that has been stressed by bending. In Figure 
4-6A, the particle has been subjected to a vertical shearing force, 
or pair of forces, since there can be no action without an opposing 
and equal reaction. The particle is unstable. Since the two forces 
do not meet at a common point, the particle tends to revolve in a 
counterclockwise direction. 

In Figure 4-6B, a pair of horizontal forces is supplied. These forces 
represent another stress couple that balances or neutralizes the verti- 
cal shearing forces. They are knownas the internal horizontal shears. 
A reasonable deduction, therefore, is that at any point on the beam, 
there exist internal horizontal shears equal in intensity to the ex- 
ternal vertical shears. The horizontal shears are dangerous in wood 
beams. That is because timbers have a low resistance to shearing 
with the grain. 

Figure 4-6C shows how the four forces may be resolved into a 
single pair of concurrent forces that do meet at a common point. 
These are not shearing forces. They are, however, the result of 
shearing forces. When the material has approximately the same 
resistance to shears in all directions (such as concrete or steel), 
this is what occurs. Each particle tends to elongate in one diagonal 
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FORCE NAILS IN SINGLE SHEAR 





THROUGH BOLTS 
IN DOUBLE SHEAR 





Figure 4-5 Examples of single and double shear. (A) The nails 
are in single shear. This is the assumption made as a rule when 
calculating the strength of nailed joints. However, nails may be 
placed in double shear, similar to the bolts in (B), if they are 
long enough to almost penetrate all three members. The nails 
in double shear will safely carry twice the load that could safely 
be placed on nails in single shear. However, most nailed joints 
are designed as if the nails were in single shear, though they may 
actually be in double shear. In (B), the bolts are truly in double 
shear, but the joint is not twice as strong as a plain lapped joint 
if the center member is not at least as thick as the combined 
thicknesses of the outer members. The outer members are 
usually both the same thickness. 


and forms the diagonal tension that is so dangerous in reinforced 
concrete beams. In fact, it is the most dangerous stress in such 
beams, and to resist it, elaborate web reinforcing and bent-up bars 
are provided at points where this stress is highest (usually near the 
ends of the beams). In I-beams, diagonal tension results in buckling 
or wrinkling of the relatively thin webs. In wood beams, the forces 
are not resolved in this way, since wood is strong enough to resist 
the vertical components, but the horizontal components tend to 
split the beam (usually at or near the ends near the center of the 
height). Wood beams that are season-checked at the ends (as many 
are) are low in resistance to such stresses. 


1/30/2018 Robert P. Duncan A.B., S.M., M.B.A., Ph.D.: Project Soul Catcher Vol. 2: Secrets of Cyber and Cybernetic Warfare Revealed 


must have an open discussion on these weapons to decide their own fate before the point of decision is gone, that I am willing to risk divulging 
so called national secrets. All I offer you is the truth. 


All information presented in this book was received through legitimate channels such as the Freedom of Information Act, military documents, 
victim testimony, and turned agents. I still hold valid the oath I took to keep secret the details of the projects that I worked on under DoD 
budgets. The majority of the proceeds of this book will go towards helping the psychotronic experiment survivors and surviving families of 
those that have perished. When the government fails, business and the citizens must look out for each other. 


Dr. Robert Duncan in Energy Weapons & Testing, Coast to Coast AM broadcast December 5th 2006 ( , Syndicated in most 
cities and areas of the United States, and other places around the world.).. 


synopsis: 


Independent investigator Robert Duncan discussed directed energy and neurological weapons and his contention that they've been tested on the 
public at large. While directed energy is used in microwaves, to remove kidney stones, and in non-invasive surgery, it's also been developed 
extensively for military purposes, he reported. 


The civilian population was targeted for experiments, in programs such as MK-ULTRA, starting after WW II, when Nazi scientists were 
imported to the US, some working on scalar or gravity weapons, said Duncan. The town of Taos, NM, where a hum was heard by many 
citizens, was the subject of a directed energy experiment by the U.S. Navy, he claimed. And most recently the Active Denial System (see 
article below) was tested on human subjects. 


Duncan said he interviewed over 600 mind control victims (Dec 5th 2006 report), and found some validity to their allegations. There are 
weapons that can project voices into people's heads such as one system known as "The Voice of God," he detailed. Blocking techniques include 
jamming the signals with electronic scramblers, and using shields with metal alloys or mylar. He recommended the following websites for 
further information/assistance: 2 . 


The Goodbye Weapon 


A new non-lethal weapon, the Air Force's Active Denial System, or ADS, has been certified for use in Iraq, after extensive testing. The ADS 
shoots a beam of waves that causes extreme (but temporary) pain and induces what experimenters call the "Goodbye effect," or "prompt and 
highly motivated escape behavior." Wired News obtained documents about the weapon and has published two reports 

(article(1)/documentation(2)). Additionally, the report's author David Hambling has posted a commentary(3) on the subject at Defense Tech. 


1 


3. 


Dr. Robert Duncan holds multiple degrees from Harvard University and Dartmouth College amongst others. He has had the most expensive 
American education money can buy. He is an investigator, author, and soon be movie producer on the topics of directed energy, neurological 
weapons, psychological, and information warfare. His movie is called "The Enemy Within - Psychic Warfare". A book he is co-authoring will 
be out in a few months called "Hacking the Human Mind". 


Dr. Duncan has worked as a business and information technology consultant to the Fortune 500. He has worked for companies like Oracle 
Corporation, BEA systems, HP, BBN, and as a professor at a college. For the department of defense he has written the artificial intelligence 
code to track the Soviet nuclear submarine fleet with passive and active acoustical arrays and has been to a couple secret NATA Navy 
underground bases in Europe. 


oa KeleCe @sbaronl 
Target since birth as I was born into American enslavement, surveillance, and control, under attack with directed energy since 2008 
503-967-5202 
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a ° 
Figure 4-6 The actions of vertical and horizontal shears. 


If the depth of a wood beam is greater than one-tenth to one- 
twelfth of its span, horizontal shears (and not bending strength) of- 
ten govern its ability to carry loads. Shears are usually not dangerous 
in wood beams unless they are relatively deep and heavily loaded. 


Transverse or Bending Stress 

This is the kind of stress present on numerous building timbers (such 
as girders, joists, or rafters) that causes a deflection or bending be- 
tween the points of support. What takes place when these or similar 
members are subjected to bending stress is discussed in the section 
titled Beams later in this chapter. 


Stiffness 


By definition, stiffness is that quality possessed by a beam or 
other timber to resist the action of a bending force. The action 
of the bending force tends to change a beam from a straight to 
a curved form (that is, a deflection takes place). When a load is ap- 
plied, the beam (originally assumed straight and horizontal) sags or 
bends downward between the supports. The amount of downward 
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movement measured at a point midway between the supports is 
the amount of deflection. The action of beams subjected to bending 
forces is described as follows. 

If a load of 100 pounds placed in the middle of a stick that is 
2 inches x 2 inches and 4 feet long, supported at both ends, bends 
or deflects this stick one-eighth of an inch (in the middle), then 
200 pounds will bend it about '/4 inch, 300 pounds, 3/s inch, and so 
on, the deflection varying directly as the load. This is in accordance 
with Hooke’s Law that states that stress is proportional to strain. 
Soon, however, a point is reached where an additional 100 pounds 
adds more than !/g inch to the deflection—the limit of elasticity has 
been exceeded. 

Taking another piece from the straight-grained and perfectly clear 
plank of the same depth and width but 8 feet long, the load of 
100 pounds will deflect it by approximately 1 inch. Doubling the 
length reduces the stiffness eightfold. Stiffness, then, decreases as 
the cube of the length. 

If AB in Figure 4-7 is a piece of wood, and D is the deflection 
produced by a weight or load, then 





Figure 4-7 A simple beam, loaded at the middle and sup- 
ported at both ends, is used to illustrate the term deflection. 


__ 
~ 48EI 
where the following is true: 


deflection (D) 


P = the load, concentrated at the center of the span (in pounds) 
! =the length of the span (in feet) 

E =the modulus of elasticity of the material 

I =the moment of inertia (for rectangular beams = 


bd? 
12 


where b = width and d = height). 
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SUPPORT SUPPORT 


FREE TO TURN 





Figure 4-8 A beam supported at the ends. The ends of the 
beam are free to follow any deflection, thus offering no resis- 
tance and rendering the beam less stiff than when the ends are 
fixed. 


The following rules (in conjunction with Figure 4-8, Figure 4-9, 
and Figure 4-10) define the stiffness and strength of practically all 
types of wood beams: 


¢ For beams with a rectangular cross-section, equal depths, and 
equal spans, their load-carrying capacity varies directly as their 
widths. 


e For beams with equal widths and equal spans, their strength 
varies directly as the square of their depth. 


























Figure 4-9 A beam supported at the ends. The ends are 
gripped or embedded in some unyielding substance so that 
they cannot turn or follow the deflection of the beam under 
an applied load. The beam then deflects in a compound curve, 
thus adding extensively to its stiffness. Therefore, a beam with 
fixed ends will deflect less than one with supported ends. 
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DOWNWARD THRUST 
OF FIXED SUPPORT 


DEFLECTION FIXED ENDS 


TANGENT 


STIFFENING 
COUPLE 





UPWARD THRUST ; 
OF FIXED SUPPORT ~~ ee 


DEFLECTION 

SUPPORTED ENDS 
Figure 4-10 One end of a beam illustrating the stiffening ef- 
fect of fixed ends as compared with supported ends. When the 
ends are fixed, the deflection of the beam will be resisted by 
an upward thrust, indicated by F, and a downward thrust, L. 
These thrusts form a resisting or stiffening couple that holds 
the portion of the beam embedded in the bearing in a horizon- 
tal position, thereby causing the beam to deflect in a compound 
curve, which increases its stiffness. The dotted lines show the 
excess deflection for the same load if the beam were simply 
supported at the ends. 


e If depths and widths are the same, strengths vary inversely as 
the lengths of the spans. 


e Their stiffness, or resistance to deflection, will vary inversely 
as the cubes of their spans, other factors being equal. 


e Their stiffness will vary directly as the cubes of their depths, 
other factors being equal. 


e Other factors being equal, stiffness will vary directly as their 
widths. 


e Ifa beam is split horizontally, and the two halves are laid side 
by side, they will carry only one-half as much loading as the 
original beam. 


These relations are not strictly true for I-beams because of their 
irregular shapes, but they are approximately true for all types of 
beams. It is usually most economical with materials to use as deep a 
beam as can conveniently be employed. Note that double 2-inch x 
4-inch trimmers over window or door heads, if set edge up, are 
8 times as strong and 32 times as stiff as when placed flatwise. 
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Both strength and stiffness are greater in dry timber than in green 
or wet wood of the same species. A piece of long-leaf yellow pine 
is 30 percent to 50 percent stronger, and 30 percent stiffer, when 
in an air-dry condition than when green. In general, both strength 
and stiffness are proportional to densities, or dry weights, although 
this is not always true. Edge-grain pieces are usually stronger and 
stiffer because the tangent to the rings runs horizontally, but not 
appreciably so. There is little or no difference in the sapwood and 
heartwood of the same species if the densities are the same. The tool 
handle of red heartwood is as serviceable as the handle of white 
sapwood, although white sapwood handles are still called premium 
grade. 


Modulus of Elasticity 

Since it is desirable (and, for many purposes, essential) to know be- 
forehand that a given piece with a given load will bend only by a 
given amount, the stiffness of wood is usually stated in a uniform 
manner under the term modulus (measure) of elasticity. For good 
grades of Douglas fir and yellow pine that are stress-rated, the mod- 
ulus of elasticity is 1,760,000 pounds per square inch. 


Beams 


A beam is a single structural member (usually horizontal or nearly 
so) that carries a load or loads over a given space. At their supports, 
beams may be: 


e Freely supported—This merely means the beams are resting 
on their bearings. 


° Restrained, or partially fixed at their bearings—Although 
some designers choose to consider such restraint in their de- 
signs, the actual degree of restraint can never be accurately 
determined, so restrained beams are more often considered as 
being freely supported. 


e Fixed at their supports—In wood beams, this condition is 
rarely found. In steel frames, it is not unknown. In reinforced 
concrete frames, it is quite common. Attempts to fix the ends 
of wood beams are rarely permanent. Building the ends of a 
beam, any beam, into a wall or casting it into concrete for a 
short distance does not fix the beams at their supports. 


Allowable Loads on Wood Beams 
The allowable loads on freely supported wood beams of any species 
are readily calculated if the timbers are stress-rated and the allowable 
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fiber-stress is known. For a beam with a loading that is evenly dis- 
tributed along its span, this is the equation to use: 


waofxex@ 
~ 9x Lb 


where the following is true: 


W = allowable evenly distributed loading, in pounds 
f = allowable fiber stress in pounds per square inch 
b = width of the beam, in inches 
d = depth of the beam, in inches 
L = length of the span, in feet 


Figure 4-11 defines the dimensions of a beam—b, width; d, depth; 
and L, length. 


LENGTH 


i 





Figure 4-11 A beam resting on knife-edge supports illustrates 
the terms length, width, and depth. 


Example What will be the maximum allowable load on a beam 
whose nominal size is 6 inches x 12 inches and whose actual size is 
51/2 inches x 111/2 inches, with an 18-foot span? The timber is to 
be 1500f stress-rated. This is the calculation: 


1500 x 5.5 x 11.5 x 11.5 


= 673 
ox 18 6735 pounds 





If the loading is to be concentrated at the center of the span, use 
one-half the load as calculated by the formula given. Therefore, for 
the same timber as calculated, with the same span, the allowable 
concentrated load will be 


6735 
—— = 3367 pounds 
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Breaking Loads on Wood Beams 
Breaking loads are of no interest to the builder because the term 
is meaningless unless some explanation is made, since wood is ex- 
tremely sensitive to the duration of loads. The load that would break 
a beam over a long period of time, for example, 10 years, will be only 
approximately 9/16 of the load that would break it in a few minutes. 
The stresses specified in stress-rating lumber and timbers recognize 
this phenomenon. It is presumed that the full design loading will not 
be applied for more than 10 years during the life of the structure, 
and the time may be either cumulatively intermittent or continuous. 
It is also presumed that 90 percent of the full design loading may 
safely be applied for the full life of the structure. These presumptions 
make the use of stress-rated lumber quite conservative. 
Example What is the safe working load, concentrated at the center 
of the span, for a full-size 6-inch x 10-inch white oak timber with a 
12-foot span, stress-rated 1900f, if it is laid flatwise (see Figure 
4-12A)? If it is set edge up (see Figure 4-12B)? 

This is the calculation for the timber laid flatwise: 


1900 x 10x6x6 











9x12 = 6333 
6333 
5 2 = ie7 pounds 
For the timber set edge up: 
1900 x 6 x 10 x 10 
7x12 = 10,555 


10,555 
—— = 5278 pounds 


Distributed Load 

Instead of placing the load in the middle of a beam, as in the example 
just given, the load may be regarded as being distributed (that is, 
the beam is uniformly loaded, as shown in Figure 4-13). Although 
this type of loading is actually a series of concentrated loads, it is 
often found in actual practice, and it is usually considered as being 
uniformly distributed. 


Cantilever Beams 

A cantilever beam (see Figure 4-14 and Figure 4-15) is firmly fixed 
at one end, or it is freely supported but with the end running 
some distance to a support above it. The loading may be either 
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DEPTH = wipTH 








Figure 4-12 The terms width and depth of a beam depend on 
the position of the beam. In (A) the broad side is the width of 
the beam, whereas in (B), which is the same beam turned over 
90°, the narrow side is the width. 


DISTRIBUTED LOAD 














Figure 4-13 A distributed load is indicated by the iron balls 
equally spaced along the beam between the supports. 


distributed or concentrated at any point on the span. All beams that 
project beyond a support and that carry a load at the free end are 
classed as cantilevers. Stresses set up in the beam external to the 
outside support are the same as when the beam is rigidly fixed at the 
support. 

Figure 4-16 illustrates the comparison between the working loads 
of variously supported beams, contrasting middle and distributed 
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FREE END 





=—__ CANTILEVER __ 





LOADED 





Figure 4-14 A simple cantilever beam that is fixed at one end 
and free at the other; this beam is supporting a concentrated 
load at its free end. 





Figure 4-15 A cantilever beam with an equally distributed 
load. 


loads of beams supported at both ends with equal loads on cantilever 
beams. In Figure 4-16, P= the concentrated loads, W= the evenly 
distributed load, f= the fiber stress, b= the width of the beam, d= 
the depth of the beam, and L= the length of the span. 


Wind Loads on Roofs 

Snow on roofs (if the roofs are of a slope that is low enough to 
permit the snow to lie in place) will weigh approximately 8 pounds 
per square foot per foot of depth when freshly fallen. When wet, its 
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Figure 4-16 The working loads for beams with different types 


of loads and different modes of support. 


weight will vary with the water content. A commonly used figure is 
10 pounds per cubic foot. In calculating snow load, use the depth 
of the heaviest snow on record multiplied by 10, but never less than 
20 pounds per square foot anywhere. If a roof is designed for much 
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"The Use of Psychotronic Weapons" 
"What everyone should know" 


(courtesy : http://www.mindjustice.org/cherkova.htm) 


Definition: 
Definition of psychotronic (psycho-physical) weapons. 


Psychotronic Weapons (PF- weapons) this is the totality of all possible methods and means (techno- 
genic, suggestive, pharmacological, paranormal, complexes, and others) of hidden, forced 
influences on the psyche of a person for the purpose of modifying his consciousness, behavior and 
health for what is desired in the way of influencing aspects of control..." 


Second definition of psychotronic weapons (as an epigraph): "Applications in military and for 
antisocial purposes are possibilities also for knowledge of psychotronics, its means, methods, 
systems, 'generators', and there is the path for the transformation of the humanitarian, essential 
attributes of life and society in the weapons. These are also psychotronic weapons. This is not only 
dangerous, this is deadly!" 


Types of Weapons: 


Electromagnetic Weapons 
Microwave Weapons 
~ Non-Lethal Weapons 
ELF (Extremely Low Frequency) Weapons 
Directed Energy Weapons 
Acoustic Weapons 
Psychotronic Weapons 
RF (Radio Frequency) Weapons 
Soft Kill Weapons 
Less-Than-Lethal Weapons 


How it affects (Physical & psycho-physical damages): 
Physical damage, visible results achieved at the moment of influence. 


* burns, pricks, cuts, wounds (ray weapons, laser) 

* bleeding into the brain (laser ray with energy pulses of 40 joules) and on the skin energy in pulses: 
3 - 100 joules) 

* Blindness in the eyes, loping of eyelashes (laser ray) 

* loss of memory (influence of frequency of up to 100Hz. and a reduction to 5 Hz.) 

* destruction of the vestibulary [inner ear] apparatus, spatial orientation 

* symptoms of [***] [with a large exposure and strength, paralysis (UBCh) in the area of the 
beginning of the spinal column 

* irregular sleeping, heart-beating 

* numbness of the hands; at night, cramping of the legs 

* sharp decrease in hemoglobin, micro-burns to the skin, ionization of the blood and body fluids, an 
increase in the deterioration rate of clothing material, photographic material [illuminating], 
(thermal-electronic emissions from lamps in the room with the feeding units of electrical networks 
and fittings of the wall, [...] 

* vibrations (separate organs can vibrate: the heart, kidneys, etc.), [...] (from 


http://www.angelfire.com/pro2/dchakrab/cherkova_sum.htm 
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less than 20 pounds per square foot of live load, it will not safely 
support workers. 

In the past, there was considerable confusion regarding wind 
loads against sloping roofs, and some rather weird formulas were 
evolved to calculate their imaginary intensities (although no one had 
ever seen a roof blow in, and many persons have seen roofs blow 
off). In other words, wind loads are negative (that is, they create 
suction). This is now well recognized, and insurance companies are 
well informed on the subject. 

In regions where hurricanes are not common, the insurance com- 
panies recommend that an uplift allowance of 30 pounds per square 
foot be provided for, acting at right angles to the slope of the roof. 
This will include the slight positive pressure commonly found inside 
buildings during windstorms. If eaves are wide and overhanging, it 
is recommended that a gross lifting force of 45 pounds per square 
foot be provided for. If the weight of the roof itself is appreciable, it 
may be deducted from the gross uplift allowance. 

It should be recognized that a maximum snow load plus a maxi- 
mum wind load could hardly occur at the same time. Thus, it cannot 
be considered compensating. 


Definitions 


In the shop and in the field, the fitness of any species of wood for 
a given purpose depends on various properties. When treating the 
strength, stiffness, hardness, and other properties of wood, many 
technical terms are used. For an understanding of these terms, the 
following definitions are worth noting: 


° Bending forces—Forces that act on some members of a struc- 
tural frame. They tend to deform them by flexure. 


° Brittleness—Breaking easily and suddenly, usually with a 
comparatively smooth fracture. The opposite of toughness 
(sometimes incorrectly called brashness) that refers more to 
brittleness. Old and extremely dry wood is inclined to brash- 
ness. Green or wet wood is tougher, though not as strong in 
most cases. 


° Compression—The effect of forces that tend to reduce or 
shorten the dimensions of a member. 

° Deformation—A change of shape or dimension. Disfigure- 
ment, such as the elongation of a structural member under 
tension. 
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Ductile—A term not applicable to wood. It is the property of a 
metal that allows it to be hammered thin or drawn into wires. 


Elastic limit—The greatest stress that a substance can with- 
stand and still recover completely when the force or strain is 
removed. 


Factor of safety—The ratio between the stress at failure and 
allowable design stress. If the stress at failure in a bending 
beam is 4350 pounds per square inch (psi), and the timber is 
stress-graded at 1450f (allowable fiber stress in psi) the safety 
factor is 4359/1450, or 3. 


Force—In common parlance, a pull or a push that would 
change the state of a body at rest, or would change the course 
of a body in motion (Newton’s Law). 


Load—Pressure acting on a surface, usually caused by the ac- 
tion of gravity. 

Member—A part of a structure (such as a column, beam, or 
brace) that usually is subjected to compression, tension, shear, 
or bending. 


Modulus, or coefficient, of elasticity—Stress, tension, or com- 
pression, divided by the elongation or contraction per unit of 
length. Inside the elastic limit, the modulus of elasticity is ap- 
proximately constant for most materials. In wood, it varies 
greatly with different species, with moisture content, and even 
in pieces sawed from the same log. In other words, it is subject 
to considerable natural variation. 


Modulus of rupture—The calculated fixed stress in a beam 
at the point of rupture. Since the elastic limit will have been 
passed at this point, it is not a true fiber stress, but it is a 
definite quantity, and the personal factor is not involved when 
obtaining it. 

Permanent set—When a member (either metal or wood) is 
stressed beyond its elastic limit, or subjected to stresses that 
may be far below its elastic limit for extremely long periods, it 
may take on permanent deformation. Permanent set in timbers 
does not mean or imply that the timbers have been weakened. 


Resilience—Synonym for elasticity. The property that enables 
a substance to spring back when a deforming force is removed. 


Shear—tThe effect of forces (external or internal) that causes 
bodies or parts of bodies to slide past each other. 
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e Strain—Alterations in the form of a member caused by forces 
acting on the member. 


e Strength—The power to resist forces (which may be tensile, 
compressive, or shearing) without breaking or yielding. 


° Stress—Distributed forces, such as pounds per square inch 
or tons per square foot. Within the elastic limit of materials, 
stress is approximately proportional to strain. This statement 
is called Hooke’s Law. 


° Tenacity—Synonym for tensile strength. The power to resist 
tearing apart. 


° Tension—A force that tends to tear a body apart or elongate 
it. 


° Toughness—Strong but flexible. Not brittle. Nearly the same 
as tenacity. 


° Ultimate strength—The stress developed just before failure is 
evident. 


° Yield point—This property is not evident in timbers. In steels, 
it occurs after the elastic limit has been passed. In materials that 
show no defined yield point, it may be arbitrarily assumed or 
defined as the stress where a permanent set occurs. 


As an example of the uses for these terms, the tie rod in a truss 
resists being pulled apart because of its tensile strength. The stress 
thus applied strains the rod, deforming or elongating it. It is stretched 
and a contraction of the area of its cross-section results. If the load is 
not sufficient to stress the material past its elastic limit, the rod will 
return to its original length when the load is removed, depending on 
the duration of the load. If the load is heavy enough to stretch the 
rod past its elastic limit, it will not return to its original length when 
the load is removed, but it will remain permanently set if it is not 
pulled in two. The elastic limit is reached when elongation becomes 
proportionally greater than the /oading. If the load is increased to 
the point where the rod breaks, or where its tenacity is overcome, it 
is ruptured. The rod itself is called a member of the truss. 


Summary 


In most shop work and in the field, the fitness of any species of wood 
for a given purpose depends on various properties. When treating 
the strength, stiffness, hardness, and other properties of wood, many 
factors must be considered. Stiffness is that quality possessed by a 
beam or other timber to resist the action of a bending force. 
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A beam is a single structural member (usually horizontal) that 
carries a load over a given space. The allowable loads on freely 
supported wood beams of any size can be calculated if the timber 
is stress-rated and the allowable fiber-stress is known. In many de- 
signs, the load is distributed uniformly over the length of the beam. 
Although this type of loading is actually a series of concentrated 
loads, it is often found in actual practice and is usually considered 
as being uniformly distributed. 


Review Questions 


. What is meant by brittleness, bending forces, compression, 


and elastic limit? 


2. What is meant by working stresses? 


a Ww 
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. Explain shearing stresses. 
. Why is it important in some cases to distribute the load on a 


beam between the supports? 


. What is a cantilever beam? Explain its purpose. 

. What is a truss? 

. Where is compression experienced in construction? 

. When are shearing stresses in wood dangerous? 

. What are external shears? 

. What type of tension is so dangerous in reinforced concrete 


beams? 
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Mathematics for Carpenters 
and Builders 


An elementary knowledge of mathematics is essential to the car- 
penter to solve successfully the numerous problems encountered in 
almost any branch of carpentry. The branches of mathematics of 
which the carpenter should possess at least an elementary knowl- 
edge are the following: 

e Arithmetic 

° Geometry 

e Trigonometry 


Such knowledge will be found very useful, especially in making 
up estimates, solving steel square problems, and so forth. 


Arithmetic 


By definition arithmetic is the science of numbers and the art of 
reaching results by their use (see Figure 5-1). 


Arithmetic Alphabet 
In arithmetic figures are used to represent quantities or magnitudes, 
as follows: 





Cipher one two three’ four five’ six seven’ eight nine 


0 1 2 3 4 5 6 7 8 9 





A number is one or a collection of these figures to represent a 
definite quantity or magnitude as 1, 21, 517, 43,988, and so forth. 

There are various kinds of numbers: simple, compound, integer, 
abstract, concrete, odd, even, prime, composite, and so forth. 


Notation and Numeration 
By definition, notation in arithmetic is the writing down of figures 
to express a number, and numeration is the reading of the number 
or collection of figures already written. By means of the ten figures 
given above any number can be expressed. 

Figures have two values: simple and local. The simple value of a 
figure is its value when standing in units’ place. The local value of a 
figure is the value that arises from its location. 
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Notation 
Basis—1—unit 
Arithmetic Alphabet 
0123456789 





Increased Diminished 
By tens By tens 
1, 10, 100, 1000, etc. 1,.1, .01, .001, etc. 
By varying scales By varying scales 
oz IIb 1cwt Vi; 5, 1/3 02 1/53 etc. 
1pt 1qt 1 gal Yglb 9/, Oz 3/, cwt 
lin. 1ft lyd etc. 





According to the Four Ground Rules 





Addition Multiplication 
Subtraction Division 
By involution (powers) By evolution (roots) 








Relations Expressed by 





Ratios2:3 5:6 8:9etc. 
Proportion (equality of ratios) 2:3::4:6 etc. 





Practical Applications 


Percentage, interest, profit and loss, reduction of weights and 
measures, measuring, etc. 











Figure 5-1 Scheme of arithmetic. 


When one of the figures stands by itself, it is called a unit. If two 
of them stand together, the right-hand one is still called a unit, and 
the left-hand one is called tens. Thus, 79 is a collection of 9 units 
and 7 sets of ten units each, or of 9 units and 70 units, or of 79 units 
and is read as “seventy-nine.” 

If three of them stand together, then the left-hand one is called 
hundreds. Thus 279 is read “two hundred seventy-nine.” 

To express larger numbers other orders of units are formed. The 
figure in the fourth place denotes thousands, and in the fifth place 
denotes ten thousands. These are called units of the fifth order. The 
sixth place denotes hundred thousands, the seventh place denotes 
millions, and so forth. 
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The French method (which is the same as that used in the United 
States) of writing and reading large numbers is shown in Figure 5-2. 
This system is called Arabic notation and is the system in ordinary 
everyday use. 








Names of 
periods | Billions Millions Thousands Units Thousandths 
n 
= 
nw na 
= 5 Bo 
2 = so i a 
Order of =. Za 2c = oe 
‘Ss °o 
Units iS Es Fag o a £5 
is GE=n oac so = oc 
2o=n OF E oon o x anes 
sS56cuFs st sey £ gs 8 
Es= 55= S552 552 8 #58 
= = = 
zea rks ze&F £25 6 Pre 
876, 5 43, 201, 282, ° 489 











Figure 5-2. Numeration. 


Roman Notation 
This system is occasionally used for chapter headings, corner stones, 
and so forth. The method of expressing numbers is by letters, as 
shown in Table 5-1. 

In the Roman notation, when any character is placed at the right- 
hand side of a larger numeral, its value is added to that of such 
numeral: VI is V + I; XV is X + V; MD, is M + D; and so on. I, 
X, and rarely C are also placed at the left-hand side of other and 
larger numerals, and when so situated, their value is subtracted from 
such numerals: IV is V — I; XC is C — X; and so on. Formerly, the 
smaller figure was sometimes repeated in such a position twice, with 
its value being in such cases subtracted from the larger: I[X is X — II; 
XXC is C — XX; and so on. The custom of using the Roman nota- 
tion for chapter numbers, year of copyright, sections, and so forth 
continues! 


Definitions 
Following are some important definitions worth noting: 


¢ Arithmetic—The art of calculating by using numbers. 


° Number—A total, amount, or aggregate of units. By counting 
the units, we arrive at a certain number (such as two horses or 
five dozen). 


° Unit—May mean a single article, but often it means a definite 
group adopted as a standard of measurement (such as dozen, 
ton, foot, bushel, or mile). Most commonly used units are 
standardized and are defined and fixed by law. 
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Table 5-1 Roman Numeral Values 





Roman Numeral Value 

I 1 
II 2 
Ill 3 
IV 4 
V 5 
VI 6 
VI 7 
VU 8 
IX 9 
xX 10 
XI ill 
XI 12 
XUI 13 
XIV 14 
XV 15 
XVI 16 
XVII 17 
XVUI 18 
XIX 19 
XX 20 
XXX 30 
XL 40 
L 50 
LX 60 
LXX 70 
LXXX 80 
XC 90 
C 100 
D 500 
M 1000 
x 10,000 
M 1 million 
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Concrete number—A number applied to some particular unit 
(such as ten nails, two dozen eggs, six miles). 


Abstract number—One that is not applied to any object or 
group (such as simply two, four, ten). 


Notation—The art of expressing numbers by figures or letters. 
Our system of notation is the Arabic notation. The Roman 
notation uses letters (such as V for 5, X for 10). 


e 


Cardinal numbers—Numbers used in simple counting or in 
reply to the question “How many?” Any number may be a 
cardinal number. 


Ordinal numbers—Indicate succession or order of arrange- 
ment (such as first, second, tenth). 


Integer, or integral number—A whole number, not a fraction 
or part. 


Even number—Any number that can be exactly divided by 2 
(such as 4, 16, 96, 102). 


Odd number—Any number that is not exactly divisible by 2 
(such as 3, 15, 49, 103). 


Factor of a number—A whole number that may be exactly 
divided into the number. For example, 3 is a factor of 27, 13 
is a factor of 91. 


e 


e 


Prime number—A number that has no factors other than itself 
and 1. Thus, 3, 5, 7, and 23 are prime numbers. 


Composite number—A number that has factors other than 
itself and 1 (such as 8, 49, and 100). 

Multiple of a number—A number that is exactly divisible by 
a given number. For example, 91 is a multiple of 7, 12 is a 
multiple of 3. 


Digit—Any number from 1 to 9, and usually 0. 


Signs of Operation 
Following are some important signs of operation worth noting: 


¢ The sign of addition is +, and it is read “plus” or “add.” Thus, 
7 + 3 is read “seven plus three.” The numbers may be taken 
in any order when adding (7 + 3 is the same as 3 + 7). 


e The sign of subtraction is —, and it is read “minus.” A series 
of subtractions must be taken in the order written (11 —7 is 
not the same as 7 — 11). 


1/30/2018 Psychotronic Experiment 


* vibrational technologies) 

* pressure, coolness of the skin 

* feelings of non-specific fear and panic (from the weapons) [...] tremors, tapping, destruction of 
fragile objects from the waves, from the impulses and from other manifestations of technological 
poltergeist 


Psycho-physical damage depending on intensity and duration of effects. Damage in the 
physical sphere (up to programmed premature death). 


Stage I. 


* changes in the blood (early signs) 

* overheating substances especially and increase in crystallization, leading to cataracts (early sign) 
* il reactions along the path of the bio-energetic potential from the effects [... ] 

* prickly sensations, tremors to the muscles of the feet 

* ageravation of chronic illnesses 

* internal bleeding (nose, stomach, gynecological) 

* auditory tones of various frequencies 

* sharp pain in the internal ear 

* dull pains in the area behind the ears 

* internal trembling, vibrations 

* head pain in the temple and a warmness in that area, pain in the eye-sockets 

* likelihood of miscarriage, an increase of 80% for chances of premature births, anomalous 
* development of the fetus, often with defective brains 


Stage IT. 


* "radio-sound" effect (before this is long-conducted the resonance-loosening of spinal and brain 
fluids at the frequency of 2-10 Hz. for maintaining the fluids of theskull and brain in stimulation 
* steady reactions to all aspects of coding 

* lowering of energy (observed with irradiation at the frequency carrying frequencies of ~780 
Hz.and amplitude modulation ~71 Hz.) 

* ageravation of dermatosis 

* eye pains (cataracts, asymmetry in lenses of the eyes, puffiness [?] of the retinas ) 

* ageravation of the course of chronic illnesses 

* destruction of the functions of the kidneys, liver, organs of digestion, circulatory system, bleeding 
in gingivae, gums, peridontal and others 

* sauntness 

* "sand" in the eyes, burning sensation, loss of hair, brittleness of nails 

* compression pain in the heart fits of coughing 

* changes of the color of the face (bronze shading of the skin) 

* asymmetrical puffiness of the face 

* disfiguration of the face, the intentional emaciation of separate muscles, cartilage 

* syndromes of destruction to the external nerves of the thighs 

* impotence 


Stage ITI. 


* destruction of the brain, irreversible changes to the structure of the brain (academician V.P. 
Vekhtereva) 


http://www.angelfire.com/pro2/dchakrab/cherkova_sum.htm 2/5 
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e The sign of multiplication is x, and it is read “times” or “mul- 
tiplied by.” The numbers may be taken in any order when 
multiplying (4 x 7 is the same as 7 x 4). 


The sign of division is +, and it is read “divided by.” A series 
of divisions must be taken in the order written (100 + 2) + 
10=5. 

The sign of equality is =, and it is read “equals” or “is equal 
to.” The expressions on each side of an equality sign must be 
numerically the same. The complete expression is called an 
equation. 


e 


Use of the Signs of Operation 

Following are some examples of the use of mathematical signs of 
operation. 

Example Use of the sign of addition. A builder when building a 
house buys 1762 board feet of lumber from one yard, 2176 board 
feet from another, and 276 board feet from another. How many 


board feet did he buy? 
The problem: 
1762 +2176+276=? 
The solution: 


1762 
2176 
+276 


4214 board feet 


Note how the numbers are aligned to permit addition. The units are 
all aligned on the right, then the tens, then the hundreds, then the 
thousands, each in the proper column. 

Example Use of the sign of subtraction. A carpenter bought 300 
pounds of nails for a job, and he had 28 pounds left when he finished. 
How many pounds of nails did he use to complete the job? 


The problem: 
300 —28=? 
The solution: 


300 
— 28 
272 pounds 


Note that the numbers must be aligned as they were for addition. 
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Example Use of the sign of division. A carpenter’s pickup truck gets 
an average of 17 miles per gallon of gasoline. How many gallons 
of gasoline would be required for him to travel 2040 miles in his 
truck? 


The problem: 
2040 +17 =? 
The solution: 
120 
17 | 2040 
17 
34 
34 


Example Use of the sign of equality. A road contractor finds that he 
can lay the same amount of paving in 12 days using a 6-man crew 
that he can lay in 8 days using a 9-man crew. Express this statement 
as an equation. 


12x6=9x8o0r72=72 


Fractions 

A fraction indicates that a number or a unit has been divided into 
a certain number of equal parts, and shows how many of these 
parts are to be considered. Two forms of fractions are in common 
usage: the decimal (which is expressed in the tenths system) and 
the common fraction. The common fraction is written by using two 
numbers, one written over or alongside the other with a line between 
them. The lower (or second) number, called the denominator, indi- 
cates the number of parts into which the unit has been divided, and 
the upper (or first) number, called the numerator, indicates the num- 
ber of parts to be considered. In the fraction 7/3, the denominator 
shows that the unit is divided into 3 parts, whereas the numerator 
indicates that 2 parts are being considered (see Figure 5-3). 

If the quantity indicated by the fraction is less than 1 (such as !/2, 
3/4, or 5/6), it is called a proper fraction. If the quantity indicated 
by the fraction is equal to or greater than 1 (such as 3/3, 5/4, or 
7/6), it is called an improper fraction. When a whole number and a 
proper fraction are combined (such as 21/4, 61/2), it is called a mixed 
number. 


Addition of Fractions 
Fractions cannot be added without first reducing them to a common 
denominator. 
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A HALVES B 
ONE-HALF GU ge’ : y 


ONE-THIRD 


D 





Figure 5-3 Graphic representations of fractional parts. The 
figures show a rectangle ABCD, representing a unit divided 
into two equal parts or halves and into three equal parts or 
thirds. The shaded section M (or one half) is larger than the 
shaded section S (or one third). 


Example Add 3/4 + 7/9 + 7/3 + 7/12 

To find the common denominator, place the denominators in a 
row, separated by dashes. Divide them by a prime number that will 
divide into at least two of them without leaving a remainder, and 
bring down the denominators with the dividends that did not con- 
tain the divisor without a remainder. Repeat this process as often 
as possible until there are no two numbers remaining that can be 
divided by the same number. Then, multiply the divisors and the 
remainders together, and the result will be the smallest common 
denominator. 


The solution: 


2, j4 9 312 
3 33-9236 
o 132120 

1=92121 


The common denominator will then be 2 x 3 x 2 x 3 = 36. 
The fractions are then reduced to the common denominator of 36 
by multiplying the numerator and the denominator by the same 
number that will produce 36 in the denominator, as follows: 
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44 = 3/4 x Me = 27136 
2/9 = 2/9 x 4/4 = 8/36 
2/3 = 2/3 x 12/42 = 24/36 


"a= 19. 2/4. 38 


The sum of the fractions is as follows: 


27+8+24+421 


36 = 80/36 or 29/9 





Multiplication of Common Fractions 
A fraction may be multiplied by a whole number by multiplying the 
numerator of the fraction by that number. 


Example If 3/4 of a keg of nails is used for siding a garage, how many 
kegs of nails will be used when siding eight similar garages? 
The solution: 


8 x 3/4 = 24/4 


A fraction may be simplified by dividing both the numerator and 
the denominator by the same number, and its value will not be 
affected. 


Example Divide both the numerator and the denominator of the 
improper fraction 74/4 by 4. 

The result will be °/1 or 6. Therefore, six kegs of nails will be 
required to put the siding on the eight garages. 

Fractions may be multiplied by fractions by multiplying their 
numerators together and their denominators together. 


Example Multiply 
2x1x5 10 1 


5x4x12 240 24 


Multiplication of Fractions by Cancellation 

This may readily be done because any factor below the line may be 
divided by any factor above the line, and any factor above the line 
may be divided by any factor below the line, without altering the 
overall value of the expression. 

Example The problem: 





2/5 x Ya x S12 = 


12739 x M756 x oq 
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Now write it in this form: 


1xixi 
12 x 14 x 10 
2O x 3G x 74 
3x4x2 


The 30 below the line may be divided by the 10 above the line 
with the result of 3. The 56 below the line may be divided by the 
14 above the line with the result of 4. The 24 below the line may be 
divided by the 12 above the line with the result of 2. The result of 
the cancellation, then, is as follows: 


1 1 
3x4x2 24 


Division of Fractions 

Fractions may be divided by whole numbers by dividing the nu- 
merator by that number or by multiplying the denominator by that 
number. 


Example 
L 1 
-t7=- 
8 8 
re ae 
8° 56 8 
Fractions may be divided by fractions by inverting the divisor and 
multiplying. 
Example 
7 2 7 7 49 





8°7 8 2 16 
which is the mixed number 31/16. 
Subtraction of Fractions 
Fractions cannot be subtracted from fractions without first reduc- 
ing them to a common denominator, as is done for the addition of 


fractions. 
Example The problem: 


ele 
Finding the least common denominator, 


216-6 


323 2x8x3=48 
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13.13. 3 39 
1616.3 48 
5 5 8 40 
6 6 8 4B 
40-39 1 
48 48 


To subtract a mixed number from another mixed number, it is 
usually most convenient to reduce both numbers to improper frac- 
tions and then proceed as shown in the last example. 

To subtract a mixed number from a whole number, borrow 1 from 
the minuend (or upper number), and reduce the 1 to an improper 
denominator of the fraction in the subtrahend (or lower number), 
thereby reducing the whole number by 1. Then make the subtraction 
in the normal manner. 


Example The problem: 
14 — 67/3 
The solution: 
14 — 67/s = 138/3 — 67/3 = 71/8 


Applications of Cancellation 

There are countless applications where this method will save appre- 
ciable time and work, but care and thought must be given to the 
proper arrangement of the fractional expression if there are many 
factors. Also, it must be remembered that if addition or subtraction 
signs appear, cancellation may not be used. 

Example A circular saw has 75 teeth with a 1-inch spacing between 
each tooth. To do satisfactory work, the rim of the saw should 
travel at approximately 9000 feet per minute. How many revolu- 
tions should this saw make per minute? (Hint: 75 inches = 7°/12 feet.) 
The solution: 


120 


9900 x 12 
73 


Example If you go to a bank and borrow $1000 to purchase a truck, 
how much will the interest be, at 6 percent per annum (a theoretical 
example only), on the money you borrow for 1 year and 3 months? 
(Hint: 1 year 3 months = 15 months.) 


= 120 x 12 = 1440 rpm 
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The solution: 
5 
19 
6 x 1990 x 15 
eS 1 = 
199 x 12 5 x 15 = $75 
Example If eight men in fifteen 8-hour days can throw 1000 cubic 
yards of gravel into wheelbarrows, how many men will be required 
to throw 2000 cubic yards of gravel into wheelbarrows in 20 days 
of 6 hours each? 
The solution: 


2 4 2 

13 x $x 8 x 2000 
70 x 6 x 1990 
4 2 





=2x4x2=16 men 


Example A building that is 30 feet x 30 feet with a 10-foot ceiling 
contains approximately 700 pounds of air. What will be the weight 
of the air in a room 120 feet long, 90 feet wide, and 16 feet high? 
The solution: 


4 3 70 


120 x 9) x 16 x 709 
BO x BO x ID 

Decimals 
Decimal means numbering that proceeds by tens, and decimal frac- 
tions (usually simply called decimals) are formed when a unit is 
divided into ten parts. When decimals are written, the point where 
the numbers start is called the decimal point. To the left of the dec- 
imal point, the numbers read in the regular manner—units, tens, 
hundreds, thousands, ten thousands, hundred thousands, millions, 
and so forth. To the right of the decimal point, the figures are frac- 
tional, reading, from the point, tenths, hundredths, thousandths, 
ten thousandths, hundred thousandths, millionths, and so forth. 
(see Figure 5-4). 

The common fraction °/19 can be expressed decimally as .6, and 
the fraction !95/1999 can be written as .105. The mixed number 
106 °/100 may be expressed decimally as 106.06. The decimal .6 is 
read “six-tenths,” the same as the common fraction §/19, and the 
decimal 106.06 is read “one hundred six and six-hundredths,” the 
same as the mixed number. 





=4x3x 16 x 70 = 13,440 pounds 
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FIRST ORDER OR "TENTHS"(.1) 


‘aii rm THIRD ORDER OR 
tera “THOUSANDTHS" 


[oT et 
8] (.001) 


910 


f r 
(B) (C) 

Figure 5-4 Graphic representation of decimal fractions. (A) A 
unit divided into ten parts—Ist order or tens. (B) One of the 
tens as LARF, divided into ten parts—2nd order or hundredths. 
(C) One of the hundredths as larf, divided into ten parts—3rd 
order or thousandths. Similarly the process of division may be 
continued indefinitely. 





It is not necessary to place a zero before the decimal point, as 
0.06, but it is sometimes convenient when it is necessary to align a 
column of decimals for addition. The decimal points must always 
be aligned for addition, as shown in the following example: 


0.6 
6.29 
+10.72 
17.61 


The position of the decimal point in the sum is established directly 
under the column of decimal points above the line. 


Note 
The number 327 is not read “three hundred and twenty-seven,” but 
“three hundred twenty-seven.” However, the decimal 300.27 is read 
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“three hundred and twenty-seven hundredths.” The decimal .327 is 
read “three hundred twenty-seven thousandths,” whereas the decimal 
300.027 is read “three hundred and twenty-seven thousandths.” 


Reduction of Common Fractions to Decimals 

Divide the numerator by the denominator, adding zeros and carrying 
the division to as many decimal places as are necessary or desirable 
(see Figure 5-5). 

Example Reduce the common fraction *!/32 to a decimal. 


0.65625 
32 [21.00000 
192 
180 
160 
200 
192 
80 
64 
160 
160 
00 


Count off as many decimal places in the quotient as those in the 
dividend exceed those in the divisor. The quotient is .65625. 


Subtraction of Decimals 

Align the decimal points in the minuend and the subtrahend as 
shown for addition, and proceed as explained in subtraction of 
whole numbers. The decimal point in the remainder is placed in 
exact alignment with those decimal points above the line. 


Example The problem: 
167.02 — 27.267 


The solution: 
167.020 
— 27.267 
139.753 


Note that it is necessary to add a zero to the decimal 167.02 in 
order to make the subtraction, but this does not change its value 
(29/1000 is the same value as 2/100). 
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Figure 5-5 Fractions of an inch and decimal equivalents. 


1/30/2018 Psychotronic Experiment 


* irreversible processes in the muscle material, in the bones of the skull, and in the structures of 
neurons "..minimalization of life" --external reaction to EMP appears as an illness, up to heavy, 
sharp, chronic, organic pathological processes (academician V.P. Kaznacheev) 

*" the entire speeding up of the aging process, sclerosis, oncogenesis (academician V.P. 
Kaznacheev) 

* destruction of bio-chemical processes in the cells with distrophic changes in the organs 
(academician V.P. Kaznacheev) 

* destruction of the cell membranes, chemical connections in the cells -leading to leukemia, cancer 
of the brain and prostate gland, breast cancer, (even with weak EMP, but of long duration "...the 
genetic apparatus is altered..." (academician V.P. Kaznacheev) 

* the reflex activities are destroyed 

* the functioning of the hormonal system is destroyed 

* [....] Parkinson's disease (trembling of the hands) and Alzheimer's disease (from changes in the 
production of the hormone melanin ([...] gland) that causes degenerative changes in substances at 
the molecular level disfunctions of the sino-atrial node of the heart (even with a low frequency) 

* infarction, cerebral thrombosis, osteo-[*** ], peridontal, sugar diabetes 

* allergies 

* epilepsy (especially caused by the multiple-rapid stimulation by a weak, low frequency waves) 
* hypertension, hypotension 

* programmed or instantaneous (with the subjection to extreme effects -up to the border of deadly 
conditions) premature death --it is well known by the experimentors that cases of death do occur 
(academician V.P. Kaznacheev) 

* a decrease and dying off of the population, humanity, mankind 


Damage in the mental sphere (up to the point of insanity). 
Stage I. 


* manifestations of depression 
* lowering in the interest in perceived information 
* shortness of temper (irritability) 


Stage II. 


* steady depression 

* lowering of abilities for analytical thinking, some worsening of the memory 
* symptoms of chronic fatigue 

* superficial nature of sleep 

* higher incidents of conflicts 


Stage ITI. 


* confusion in the accounting of events in real life 

* loss of ability for analytical thinking 

* lowering and a loss of memory 

* feelings of the lack of sleep 

* indifference to personal external appearance [...] 

* lowering of self-control from the deficit of the hormone seratonin due to SVCh irradiation 

* suicide (as the experimentors "practice" provocation techniques) 

*" invisible weak fields ...their ignoring that they are carrying with them a deadly danger"... 
"...people simply start going crazy and nobody understands why..." (academician V.P. Kaznacheev) 


http://www.angelfire.com/pro2/dchakrab/cherkova_sum.htm 
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Multiplication of Decimals 

Proceed as in multiplication of whole numbers, and count off as 
many decimal places in the product as there are in both the multiplier 
and multiplicand. 


Example The problem: 
1.76 x 0.06 


The solution: 


1.76 
x 0.06 


0.1056 





Compound Numbers 

A compound number expresses units of two or more denominations 
of the same kind, suchas 5 yards, 1 foot, and 4 inches. The process of 
changing the denomination in which a quantity is expressed without 
changing its value is called reduction. Thus, 1 yard and 2 inches = 
38 inches, 25 inches = 2 feet and 1 inch, and so forth, are examples 
of reduction. Reduction problems occur and are explained with the 
various measures and weights. 


Reduction Descending 
To reduce a compound number to a lower denomination, multiply 
the largest units in the given number by the number of units in the 
next lower denomination, and add to the product the units of that 
denomination in the given number. Continue this process until the 
original number is reduced as far as desired. For an explanation of 
this rule, see the following example. 
Example The problem: Reduce the quantity 6 yards, 2 feet, 7 inches 
to inches. 

The solution: 


6 yards 
Multiply......... x3 
18 feet 
Addisccssevvesneds +2 
20 feet 
Multiply....... 12 
240 inches 
Add...ccssesaeeee +7 


Total.......ssccceseeeee 247 inches 
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Reduction Ascending 

To reduce a number of small units to units of larger denominations, 
divide the number by the number of units in a unit of the next higher 
denomination. The quotient is in the higher denomination and the 
remainder, if any, is in the lower. Continue this process until the 
number is reduced as far as is desired. 

Example The problem: Reduce 378 inches to a quantity of yards, 
feet, and inches. 


The solution: 


12) 378 
3)31 feet, 6 inches remainder 


10 yards, 1 foot remainder 
Therefore, 378 inches = 10 yards, 1 foot, 6 inches. 


Ratios 

By definition, a ratio is the relation of one number to another as 
obtained by dividing the first number by the second. Thus, the ratio 
of 2 to 4 is expressed as 2 : 4. The symbol: is read “to” in the case of 
a ratio and “is to” in the case of a proportion. It is equivalent to 
“divided by.” Hence: 


2:4='/, 
The first term of a ratio is the antecedent, and the second term is 
the consequent, thus: 
antecedent consequent 
2 : 4 


Since a ratio is essentially a fraction, it follows that if both terms 
are multiplied or divided by the same number, the value of the ratio 
is not altered. Thus: 


2:4=2x2:4x2=2+2:4+2 


Two quantities of different kinds cannot form the terms of a ratio. 
Thus, no ratio can exist between $5 and 1 day, but a ratio can exist 
between $5 and $2 or between 1 day and 10 days. 


Proportion 
When two ratios are equal, the four terms form a proportion. A 
proportion is, therefore, expressed by using the sign = or: : between 
two ratios. Thus: 

(expressed) 4:8 ::2:4 


(read) 4 is to 8 as 2 is to 4 
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The same proportion is also expressed as follows: 
Yessy 
The first and last terms of a proportion are called the extremes, 
and the middle terms are called the means. Thus: 
4:8:2:4 
The product of the extremes equals the product of the means. 
Thus, in proportion 
4:8=2:4 
4x4=8x2 
Since the equation is not altered by dividing both sides by the 
same number, the value of any term can be obtained as follows: 
4x4 8x2 
4 4 
4=2x2=4 
Rule of Three 
When three terms of a proportion are given, the method of finding 
the fourth term is called the rule of three. 
Example The problem: If 5 bundles of shingles cost $100, what will 
25 bundles cost? 
The solution: Let X represent the unknown term in the propor- 


tion, and, remembering that each ratio must be made up of like 
quantities: 


5 bundles : 25 bundles = 100 ($) : X ($) 
Multiply the extremes by the means: 


5x X=25 x 100 


25 x1 
x= CUED = $500 








Percentage 

By definition, percentage means the rate per 100, or the proportion 
in 100 parts. Therefore '/100 of a number is called 1 percent, 7/100 is 
2 percent, and so forth. The symbol % is read as “percent.” Thus 
1%, 2%, and so forth. Carefully note the following explanation with 
respect to the symbol %. The notation 5% means °/100, which, when 
reduced to a decimal (as is necessary when making a calculation), 
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becomes .05, but .05% means -°5/1090, which, when reduced to a 
decimal, becomes .0005 (that is, 5/100 of 1%). 

If the decimal has more than two places, the figures that follow 
the hundredths place signify parts of 1%. 
Example The problem: If the list price of shingles is $90 per 1000, 
what is the net cost for 1000 shingles with a 5 percent discount for 
cash? 

The solution: Reduce % rate to a decimal. 


5% = */100 = .05 
Multiply decimal by list price. 
$90 x .05 = $4.50 


Subtract product obtained from list price. 
$90 — $4.50 = $85.50 


Powers of Numbers (Involution) 

The word involution means the multiplication of a quantity by itself 
any number of times, and a power is the product arising from this 
multiplication. Involution, then, is the process of raising a number 
to a given power. The square of a number is its second power, the 
cube is its third power, and so forth. Thus: 


square of2=2x2=4 
cube of 2=2x2x2=8 


The power to which a number is raised is indicated by a small 
superior figure called an exponent. Thus, in Figure 5-6, the expo- 
nent indicates the number of times the number, or root, has been 
multiplied by itself. 


ROOT EXPONENT ROOT TAKEN POWER 


ea 


Figure 5-6 The root, exponent, and power of a number. 


Roots of Numbers (Evolution) 

The word evolution means the operation of extracting a root. The 
root is a factor that is repeated to produce a power. Thus, in the 
equation 2 x 2 x 2 = 8, 2 is the root from which the power 8 
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is produced. This number is indicated by the symbol v, called the 
radical sign, which, when placed over a number, means that the root 
of that number is to be extracted. Thus: 


4 means that the square root of 4 is to be extracted 


The index of the root is a small figure that is placed over the 
radical sign that denotes what root is to be taken. Thus, 9 indicates 
the cube root of 9 and 16 indicates the extraction of the fourth 
root of 16. When there is no index given, the radical sign alone 
always means the square root is to be extracted from the number 
under the radical sign. 

Sometimes the number under the radical sign is to be raised to a 
power before extracting the root, as follows: 


VB = V4x4x4= 764 
Example The problem: Extract the square root of 186,624. 





The solution: 


/18'66'24 432 
16 
83 /266 
249 


862 1724 
1724 


From the decimal point, count off the given number into periods 
of two places each. Begin with the last period counted off (18). The 
largest square that can be divided into 18 is 4. Put this down in 
the quotient, and put the square (16) under the 18. Write down 
the remainder (2), and bring down the next period (66). Multiply 
4 (in the quotient) by 2 for the first number of the next divisor; 
8 goes into 26 three times. Place 3 after 4 in the quotient and also 
after 8 in the divisor. Multiply the 83 by 3, placing the product 249 
under 266, and subtract, obtaining the remainder 17. Bring down 
the last period (24), and proceed as before, obtaining 432 as the 
square root of 186,624. 

Extracting the cube root of a number is a more compli- 
cated (though similar) process, as indicated by the following 
procedure: 


1. Separate the number into groups of three figures each, begin- 
ning at the decimal point. 
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2. Find the greatest cube that can be divided into the left-hand 
group, and write its root for the first figure of the required 
root. 


3. Cube this root, subtract the result from the left-hand group, 
and annex the next group to the remainder for a dividend. 


4. For a partial divisor, take three times the square of the root 
already found, considered as hundreds, and divide the dividend 
by it. The quotient (or the quotient diminished) will be (or be 
close to) the second figure of the root. 

5. To this partial divisor, add three times the product of the first 
figure of the root, considered as tens, by the second figure, and 
to this add the square of the second figure. This sum will be 
the complete divisor. 

6. Multiply the complete divisor by the second figure of the root, 
subtract the product from the dividend, and annex the next 
group to the remainder for a new dividend. 

7. Proceed in this manner until all the groups have been annexed. 
The result will be the cube root required, as shown in the 
following example. 


Example The problem: Extract the cube root of the number 50,653. 


The solution: 


/50'653. (37 
a7 
2700 23 653 
630 23 653 
_ 
3379 


Therefore, the cube root of 50,653 is 37. 


Measures 


To measure is the act or process of determining the extent, quantity, 
degree, capacity, dimension, volume, and so forth, of a substance 
by comparing it with some fixed standard, which is usually fixed 
by law. A measure may relate to any of these standards. There are 
many kinds of measures, and practically all of them are standard, 
but standards vary in different countries. The measures mentioned 
in this text are all U.S. standards unless designated otherwise. The 
study of measurements is sometimes called mensuration. 
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Among the many kinds of measures are the following: 


e Linear—Measures of length 

e Square—Used to measure areas 

¢ Cubic—Used to measure volume, or volumetric contents 
e Weight—Many systems of weights are standard 

° Time—Almost standardized all over the world 

© Circular or angular—The same all over the world 


Linear Measure 
Table 5-2 shows linear measurement (long) equivalents. 


Table 5-2 Long Measure 








Measure Equivalent Equivalent 
12 inches 1 foot 

3 feet 1 yard 36 inches 
51/2 yards 1 rod 16!/> feet 
40 rods 1 furlong 660 feet 

8 furlongs 1 mile 5280 feet 
3 miles 1 league (land) 


The furlong is practically never used, except at racetracks and in 
some athletic events. 
Table 5-3 shows land survey measurement equivalents. 


Table 5-3 Land Surveyor’s Measure 








Measure Equivalent Equivalent 
7.92 inches 1 link 

100 links 1 chain 66 feet 

10 chains 1 furlong 660 feet 
80 chains 1 mile 5280 feet 


The use of the surveyor’s chain, or Gunter’s chain, was abandoned 
in the late 1800s and was superseded by the steel tape, which is much 
more accurate. The chain (meaning 66 feet) is still used by the U.S. 
General Land Office, however, when surveying very old deeds. The 
standard surveyor’s tape is often called, from habit, a chain. It is 
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100 feet long and is graduated in feet except for the last foot, which 
is divided into tenths and hundredths of a foot. 
Table 5-4 shows nautical measurement equivalents. 


Table 5-4 Nautical Measure (U.S. Navy) 





Measure Equivalent 

6 feet 1 fathom 

120 fathoms 1 cable length 
The International Nautical Mile* 6076.1033 feet 
3 nautical miles 1 marine league 





*Adopted in 1954. 


The knot is a measure of speed, not of length, and is equivalent to 
1 nautical mile per hour. A speed of 16 knots is equal to 16 nautical 
miles per hour. 


Square Measure 

Square measure is used to measure areas. In most (but not all) cases, 
linear units are used to measure the two dimensions, length and 
width, and their product is the area in square units. Expressed as an 
equation: 


length x width = area 


The two dimensions, length and width, must be measured in the 
same units, but any unit of linear measurement may be used. If 
inches are multiplied by inches, the result will be in square inches; 
if feet are multiplied by feet, the result will be in square feet, and so 
forth (see Figure 5-7). 

For the small areas commonly found in everyday life (such as 
tabletops or shelves), the unit most commonly used is the square 
inch. Plywood and lumber are commonly sold by the square foot. 
Carpets and other floor coverings and materials and ceilings are 
measured in square yards. The carpenter measures roofing by the 
square of 10 x 10 feet, or 100 square feet. Tracts of land are usually 
measured in acres or, for large areas, in square miles. 

Table 5-5 shows square measure equivalents. 


Cubic Measure 

Cubic measure is used to determine or appraise volumes. Three di- 
mensions are involved (length, width, and height) and their product 
is volume. Expressed as an equation: 


length x width x height = volume 
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BREADTH 2 IN. 








LENGTH 3 IN. ——— 
Figure 5-7 Square measure. If the rectangle ABCD measures 
2 inches on one side and 3 inches on the other, and lines are 
drawn at each inch division, then each of the small squares will 
have an area of | square inch and the area of the rectangle 
will be area ABCD = breadth x length = 2 x 3 = 6 square 
inches. 


Table 5-5 Square Measure 








Measure Equivalent Equivalent 

144 square inches 1 square foot 

9 square feet 1 square yard 

30/4 square yards 1 square rod 272.25 square feet 

160 square rods 1 acre 4840 square yards or 
43,560 square feet 

640 acres 1 square mile 3,097,600 square yards 

36 square miles 1 township 





As with square measure, the usual linear units (inches, feet, 
and yards) are ordinarily used to measure these three dimensions. 
Most small measurements of capacity (such as small shipping cases 
or small cabinets) are measured in cubic inches. The contents of 
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buildings, their cubage, are ordinarily expressed in cubic feet. Earth- 
work (either excavated and loose, or in place) is expressed in cubic 
yards (see Figure 5-8). 


be LENGTH 3 FT 


THICKNESS 3 FT 








Figure 5-8 Cubic measure. If each side of the cube measures 
3 feet and it is cut as indicated by the lines, each little cube as 
M, will have each of its sides | foot long and will contain | x | 
x | = I cubic foot. Accordingly, the large cube will contain 3 
x 3 X 3 = 27 cubic feet or | cubic yard. 


Table 5-6 shows cubic measure of volume equivalents. 


Table 5-6 Cubic Measures of Volume 








Measure Equivalent 
1728 cubic inches 1 cubic foot 
27 cubic feet 1 cubic yard 





Dry Measure 
Quantities of loose, granular materials (such as grains, some fruits, 
and certain vegetables) are measured in arbitrary units that, in turn, 


1/30/2018 Psychotronic Experiment 


"Consequences of effects of micro-leptonic generators are described by the leading developer in this 
area [from the] V. Lab. of Micro-leptonic Technologies D. Okhatryym: in 1982 there began 
extremely unpleasant things with the health our co-workers. At first, there arose their feeling 
unwell, then the loss of logic, then after this, the loss of spatial orientation. Finally, a breakdown of 
diseased [affected] organs. The coming out of this condition -and this includes myself -was 
achieved with great difficulty." 


(in the book by Ju. Vorob'evskii" Knock at the Golden Gate, Moscow, 1999. 


Manipulation with the memory. 


* Erasure 

* Blockage 

* Recording of information needed by the experimentor 

* training -"prompting" (after erasure) 

* comparison, 

* reproduction of picture a from a prior testing as though bifurcated [?] 

* a shifting of the effective frequency up to 100 Hz. or a lowering to 5 Hz., with memory loss 


Control of Stimulation in the brain. 


* by states of consciousness (up to the loss of these) 

* in sleep 

* emotions 

* intellectual capabilities 

* attention 

* speech 

* activeness 

* muscle tone 

* stimulation of one and the same zone with stimulations of: 
o 30 -40 mV- activization of attention, memory, movement; 
o 60-70 mV- "emotiono-genic" effects 


Different methods: 
Types of Psychotronic, psychotropic and other Psy-Influences. 


* radio-waves 

* laser-irradiation 

* infra-red irradiation 

* ultra-violet irradiation UF 

* x-ray irradiation 

* sravitational fields 

* torsional fields (hypothetical) 
* leptonic and other fields 


Acoustic Waves. 


* infra-sonic (IZ) from 0 Hz. to 15-20 KHz. 
* ultra-sonic(UZ) from 15-20 KHz. to 10**9 Hz. (ranges for IZ and UZ) 


see more similar information in -Table 3 


http://www.angelfire.com/pro2/dchakrab/cherkova_sum.htm 4/5 
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are defined by means of cubic measures of volume, usually in cubic 
inches. Their value is sometimes fixed by law. 

Table 5-7 shows units of dry measure equivalents for the United 
States and Table 5-8 shows units of dry measure equivalents for 
Great Britain and Canada. 


Table 5-7 Dry Measure (United States) 








Measure Equivalent Equivalent 

2 pints 1 quart 67.2 cubic inches 

8 quarts 1 peck 537.61 cubic inches 
4 pecks 1 bushel 2150.42 cubic inches 


Table 5-8 Dry Measure (British and Canadian) 








Measure Equivalent Equivalent 
1 gallon .5 peck 277.42 cubic inches 
4 pecks 1 bushel 2219.23 cubic inches 





The British dry quart is not often used. It is equal to 69.35 cubic 
inches, or 1.032 U.S. dry quarts. 

The weight, rather than the volume, of grains is the standard 
fixed by the U.S. government (Table 5-9). 


Table 5-9 Grain Measure (U.S.) 








Measure Equivalent 
1 bushel of wheat 60 pounds 
1 bushel of barley 48 pounds 
1 bushel of oats 32 pounds 
1 bushel of rye 56 pounds 
1 bushel of corn (shelled) 56 pounds 


Board or Lumber Measure 

Timbers and logs are measured in board or lumber measure. The 
board foot is 1 foot wide, 1 foot long, and 1 inch thick, thereby 
containing 144 cubic inches. In the retail market, all lumber that is 
less than 1 inch thick is called one inch. At the sawmills, the full 
sizes govern the thickness of the saw kerfs; usually about !/4 inch is 
allowed for and accounted as sawing loss. Actual finished (dressed) 
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sizes of common lumber and the dimension and timbers for pine are 
as follows: 


e The standard dressed thickness of 1-inch boards is 3/4 inch. 


e The standard thickness of 2-inch dimension boards is 
11/2 inches. 


The standard dressed widths of lumber 2 inches thick and less 
are !/2 inch less for widths under 8 inches and 3/4 inch less for 
8-inch widths and wider. 


The standard dressed widths and thicknesses for lumber and 
timbers are !/2 inch less both ways under 8 inches wide 
and?/4 inch for 8-inch widths and over. So, a 2-inch x 8-inch 
board would be 11/2 inches x 71/4 inches. A 2-inch x 10-inch 
board would be 1!/2 inches x 91/4 inches. 


e 


e 


Liquid Measure 

Liquid measure is used to measure various liquids such as oils, 
liquors, molasses, and water. Table 5-10 shows liquid measure 
equivalents. 


Table 5-10 Liquid Measure 








Measure Equivalent Equivalent 

4 gills 1 pint 28.875 cubic inches 
2 pints 1 quart 57.75 cubic inches 
4 quarts 1 gallon 231 cubic inches 





There is no legal standard barrel in the United States. By custom, 
a barrel of water is understood to be 31'/2 gallons. The British barrel 
is generally 36 Imperial gallons. Crude oil is often disposed of at the 
wells in barrels of 50 gallons, whereas refined oils are marketed in 
barrels of 48 gallons. Owing to this lack of uniformity, it is safest to 
specify “barrels of 50 gallons,” or something of that nature, to avoid 
misunderstanding. The barrel is sometimes used as a dry measure 
unit of varying value. For Portland cement, 4 bags = 1 barrel = 
4 cubic feet = 376 pounds. 


Measures of Weight 

The simplest definition of weight is the force with which a body is 
attracted toward the earth. It is a quantity of heaviness. The three 
systems (or standards) of weights used in the United States are: 


e Avoirdupois—Used for almost all ordinary purposes (see Ta- 
ble 5-11) 
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Table 5-11 Avoirdupois Weights 





Measure Equivalent 
US. 16 drams 1 ounce 
16 ounces 1 pound 
100 pounds 1 hundredweight 
20 hundredweights 1 ton 
Measure Equivalent 
England 14 pounds 1 stone 
112 pounds 1 hundredweight 
20 hundredweight 1 ton 


2240 pounds 


Note: The 2240-pound ton is sometimes used in the United States for weighing coal 
at the mines and at Customs houses for evaluating shipments from England. 





° Troy—Used in weighing precious metals and jewels (see Ta- 
ble 5-12) 


e Apothecaries—Used by pharmacists when compounding 
drugs (see Table 5-13) 


Table 5-12 Troy Weights 








Measure Equivalent 
3.086 grains 1 carat 

24 grains 1 pennyweight 
20 pennyweights 1 ounce 

12 ounces 1 pound 





Table 5-13 Apothecaries Weights 


Measure Equivalent 





20 grains 1 scruple 
3 scruples 1 dram 
8 drams 1 ounce 
12 ounces 1 pound 





This standard of weights is fast becoming obsolete, although 
pharmacists must be familiar with it. Manufacturing pharmacists 
and chemists are rapidly changing to the metric weights, using the 
metric gram as a basis instead of the apothecaries’ scruple (1 scruple 
= 1.296 grams). 


Mathematics for Carpenters and Builders 139 


Time Measure 

Time is defined as measurable duration (see Table 5-14). It is the 
period during which an action or process continues. The basis (or 
standard) used in our ordinary determination of time is the mean 
solar day, beginning and ending at mean midnight. The word mean 
as used here simply means average. The direct ray of the sun does 
not move in an exact and uniform path around the equator. 


Table 5-14 Time Measure 








Measure Equivalent 
60 seconds 1 minute 

60 minutes 1 hour 

24 hours 1 day 

7 days 1 week 

30 days (commonly) 1 month 

365 days 1 year 

10 years 1 decade 
100 years 1 century 
1000 years 1 millennium 


The length of an astronomical year is 365 days, 5 hours, 48 min- 
utes, and 45.51 seconds, or approximately 365 !/4 days. This makes 


it necessary to add 1 day every 4 years, thus making the leap year 
366 days. 


Circular Measure 

This measure is used in astronomy, land surveying, navigation, and 
in measuring angles of all kinds. Circles of all sizes are divisible into 
degrees, minutes, and seconds (see Table 5-15). Note that a degree 
is not a measurement of length. It is '/360 of the circumference of 
a circle with any radius. With widespread use of calculators and 
the need for accuracy in missiles, the degree has now been divided 


Table 5-15 Circular Measure 





Measure Equivalent 
60 seconds 1 minute 
60 minutes 1 degree 


360 degrees 1 circle 
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in decimal form rather than minutes and seconds. Most calculators 
can carry the degree out to 6 places after the decimal point 


The Metric System 

The base, or fundamental, unit in the metric system is the meter. 
The meter is defined as the distance between two scribed marks on 
a standard bar made of platinum-iridium kept in the vaults of the 
International Bureau of Weights and Measures, near Paris, France. 
Of course, many other standard meter bars have been made from 
the measurement on this bar. It is permissible and official to use this 
measurement in the United States, and, in fact, the yard, the basis 
for the English system of measurement, has been defined as exactly 
3600/3537 meter, or 1 meter = 39.37 inches. 

The advantage (and immeasurably greater convenience) of the 
metric system over the English system of units lies in the fact that 
it is expressed in tenths, thereby readily allowing the use of deci- 
mals. However, the American public is accustomed to the English 
units, and as recent experience indicates, the system should continue 
for a long time. The metric system is, of course, in common use all 
over the world with the exception of some English-speaking coun- 
tries. The meter is used like the yard to measure cloth and short 
distances. 

Units of other denominations are named by prefixing to the word 
meter the Latin numerals for the lower denominations and the 
Greek numerals for the higher denominations, as shown in Table 
5-16. 


Table 5-16 Denominations 














Lower Denomination Higher Denomination 
Greek Equivalent Greek Equivalent 
Deci "10 Deka 10 
Centi 1/100 Hecto 100 
Milli '/1000 Kilo 1000 
Micro 1/1 000.000 Myria 10,000 

Mega 1,000,000 





Therefore, 1 decimeter = !/10 of a meter, 1 millimeter = !/1000 
of a meter, 1 kilometer = 1000 meters, and so forth. From this 
explanation of the metric prefixes, the linear equivalents shown in 
Table 5-17 can easily be understood. 
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Table 5-17 Metric Table of Linear Measure 





Metric 
Denomination Meter U.S. Value 

1 millimeter 001 .0394 inches 
10 millimeters 1 centimeter 01 .3937 inches 
10 centimeters 1 decimeter mt 3.937 inches 
10 decimeters 1 meter Te 39.3707 inches 

3.28 feet 

10 meters 1 dekameter 10. 32.809 feet 
10 dekameters 1 hectometer 100. 328.09 feet 
10 hectometers 1 kilometer 1000. .62138 miles 
10 kilometers 1 myriameter 10,000. 6.2138 miles 


The kilometer is commonly used for measuring long distances. 
The square meter (see Table 5-18) is the unit used for measuring 
ordinary surfaces, such as flooring or ceilings. 


Table 5-18 Metric Table of Square Measure 





Measure Equivalent Equivalent 

100 square millimeters 1 square centimeter 0.15 + square 
(mm?) inch 

100 square centimeters 1 square decimeter 15.5 + square 
(cm) inches 

100 square decimeters 1 square meter (m7) 1.196 + square 
(dm?) yards 





The acre is the unit of land measure and is defined as a square 


whose side is 10 meters, equal to a square dekameter, or 119.6 square 
yards (see Table 5-19). 


Table 5-19 Metric Table of Land Measure 





Measure Equivalent Equivalent 
1 centiare (ca) 1 square meter 1.196 square yards 
100 centiares (ca) 1 acre 119.6 square yards 


100 ares (A) 1 hectare 2.471 acres 
100 hectares (ha) 1 square kilometer 0.3861 square miles 
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The cubic meter is the unit used for measuring ordinary solids, 
such as excavations or embankments (see Table 5-20). 


Table 5-20 Metric Table of Cubic Measure 








Measure Equivalent Equivalent 
1000 cubic millimeters 1 cubic centimeter 0.061 + cubic 
(mm?) inches 

1000 cubic centimeters 1 cubic decimeter 61.026 + cubic 
(cm?) inches 

1000 cubic decimeters 1 cubic meter 35.316 + cubic 
(dm?) feet 





The liter is the unit of capacity, both of liquid and of dry measures, 
and is equivalent to a vessel whose volume is equal to a cube whose 
edge is '/19 of a meter, equal to 1.0567 quarts liquid measure, and 
0.9081 quart dry measure (see Table 5-21). 

The hectoliter is the unit used for measuring liquids, grain, fruit, 
and roots in large quantities. The gram is the unit of weight equal 
to the weight of a cube of distilled water, the edge of which is !/100 
of a meter, and is equal to 15.432 troy grains (see Table 5-22). 


Geometry 


By definition, geometry is that branch of mathematics that deals 
with space and figures in space. In other words, it is the science 
of the mutual relations of points, lines, angles, surfaces, and solids 
that are considered as having no properties except those arising from 
extension and difference of situation. 


Lines 

The two kinds of lines are straight and curved. A straight line is 
the shortest distance between two points. A curved line is one that 
changes its direction at every point. Two lines are said to be parallel 
when they have the same direction. A horizontal line is one paral- 
lel to the horizon or surface of the Earth. A line is perpendicular 
with another line when they are at right angles to each other. These 
definitions are illustrated in Figure 5-9. 


Angles 

An angle is the difference in direction between two lines proceed- 
ing from the same point (called the vertex). Angles are said to be 
right (90 degrees) when formed by two perpendicular lines (see 
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Table 5-21 


10 milliliters (ml.) 
10 centiliters (cl.) 
10 deciliters (dl.) 
10 liters (1.) 

10 dekaliters (dl.) 
10 hectoliters (hl.) 
10 kiloliters (kl.) 
1 myrialiter 


= 1 centiliter 
= 1 deciliter 
= 1 liter 
= 1 dekaliter 
= 1 hectoliter 
= 1 kiloliter 
= 1 mpyrialiter (ml.) 
= 10 cubic meters 
= 283.72 + bushels 
= 1 cubic meter 
= 28.372 + bushels 
= '/19 cubic meter 
= 2.8372 + bushels 
= 10 cubic decimeters 
= 9.08 quarts 


1 kiloliter 
1 hectoliter 
1 decaliter 


= 1 cubic decimeter 
= .908 quart 


1 liter 


Metric Table of Capacity 


= .0338 fluid ounce 
= .1025 cubic inch 
1.0567 liquid quart 
= 2.64 gallons 

= 26.418 gallons 

= 264.18 gallons 


= 2641.7 + gallons 
= 264.17 gallons 
= 26.417 gallons 
= 2.6417 gallons 


= 1.0567 quart 


liquid 
1 deciliter = '/19 cubic decimeter 
= 6.1022 cubic inches = .845 gallons 


1 milliliter = 10 cubic centimeters 


= .6102 cubicinches = .338 fluid ounces 
1 centiliter = 1 cubic centimeter 
= .061 cubic inches = .27 fluid dram 


Figure 5-10A), acute (less than 90 degrees) when less than a right 
angle (see Figure 5-10B), and obtuse (more than 90 degrees) when 
greater than a right angle (see Figure 5-10C). All angles except right 
(or 90-degree) angles are called oblique angles. 

Angles are usually measured in degrees (circular measure) (see 
Figure 5-10D). The complement of an angle is the difference be- 
tween 90 degrees and the angle. The supplement of the angle is the 
difference between the angle and 180 degrees. 


Plane Figures 

The term plane figures means a plane surface bounded by straight 
or curved lines, and a plane (or plane surface) is one in which 
any straight line joining any two points lies wholly in the surface. 
Figure 5-11 defines a plane surface. There is a great variety of plane 
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Table 5-22 Metric Table of Weight Measure 








Measure Equivalent Equivalent 

10 milligrams (mg) 1 centigram 0.15432 + grains troy 

10 centigrams (cg) 1 decigram 1.54324 + grains troy 

10 decigrams (dg) 1 gram 15.43248 + grains troy 

10 grams (g) 1 dekagram 0.35273 + ounce avoirdupois 

10 dekagrams (Dg) 1 hectogram 3.52739 + ounces avoirdupois 

10 hectograms (hg) 1 kilogram 2.20462 + pounds 
avoirdupois 

10 kilograms (kg) 1myriagram 22.04621 + pounds 
avoirdupois 

10 myriagrams (Mg) 1 quintal 220.46212 + pounds 
avoirdupois 

10 quintals 1 ton 2204.62125 + pounds 
avoirdupois 

(A) M SHORTEST DISTANCE BETWEEN M AND S s 






DIRECTION CHANGES 
AT EVERY POINT 


(B) 


(C) 


Be 


(D) 


Figure 5-9 Various lines: (A) straight, (B) curved, (C) parallel, 
and (D) perpendicular. 
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RIGHTJANGLES 








ACUTE ANGLE 






PERPENDICULARJLINES 





(A) (B) 


COMPLEMENT OF ANGLE 6 


i OBTUSE ANGLE SUPPLEMENT 
: OF ANGLE @ 












(D) 


Figure 5-10 Various angles: (A) right, (B) acute, (C) obtuse, 
and (D) complement and supplement of an angle. 


PLANE SURFACE 


EVERY POINT ON 
LINE LIES IN 
THE SURFACE 


Figure 5-I1 A plane surface means that every point on a 
straight line joining any two points in the surface lies in the 
surface. 


1/30/2018 Psychotronic Experiment 


Formation of fields: 


* electro-magnetic charge 

* sravitational-mass 

* torsional (surrounding spin fields) -spin, with any rotating body 

* micro-leptonic energy (in free aspect) -[over-abundance of stable particles]? 


Operator is secretly brought in, or in a secret installation nearby 


BG: Biogenerator (could be tomography) 

A: Antenna (irradiation and reception) 

D: operator for the gathering of information, transmission and control 

ZU: reminding sytem on a magnetic strip, holographic 

BIP: bio-informational [...] 

KC: channel connections (IK, radio, telephone, telegraph) 

E: screen display 

O: operator 

SP: light pen with which the operator indicates on the screen, the point of influence 


Stress systems and methods of harassment. 


* slander 

* gestures, hand movements, expressions, tests, practical "jokes" 

* taking off what is needed for the eyes (vision) [?] 

* psychological pressure through family, neighbors or surrounding people, vehicle drivers 
* discrediting: along 5 directions (often with the involvement of the police) 
o irresponsibility 

O Spy 

o drug dealer 

o vagrant 

o accomplice in a crime (in an alleged crime) 

* torture, assault 

* blackmail, threats 

* attempts on their lives with PTOs 

* death to someone close or in immediate surrounding life 

* murder 


Stages of Zombification (Substitution of consciousness with external control). 





* programming, modeling of a cybernetic double 

* conducting of programs according to non-differentiation of a proper and artificial "I"-"Not-I" 

* extreme influencing, stress, harassment, irradiation, special-preparations [substances], chemicals 
* taking to the limits of mental and physical capacities (survivability) 

* loss of will, memory 

* shutting off of his own consciousness 

* replacement of consciousness with the control from his cybernetic twin 


http://www.angelfire.com/pro2/dchakrab/cherkova_sum.htm 


5/5 
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figures, which are known as polygons when their sides are straight 
lines. The sum of the sides is called the perimeter. A regular polygon 
has all its sides and angles equal. Plane figures of three sides are 
known as triangles (see Figure 5-12), and plane figures of four sides 
are quadrilaterals. Figure 5-13 shows examples of these. Various 
plane figures are formed by curved sides and are known as circles, 
ellipses, and so forth, as shown in Figure 5-14. Figure 5-15 details 
the structure of the quadrilateral. 


EQUILATERAL 


UNEQUAL SIDES TWO SIDES EQUAL SIDES 
EQUAL 


OBTUSE ANGLE 





Figure 5-12 Various triangles. A triangle is a polygon having 
three sides and three angles. 


Solids 

Solids have three dimensions—length, width, and thickness. The 
bounding planes are called the faces, and the intersections are called 
the edges. A prism (see Figure 5-16) is a solid whose ends consist 
of equal and parallel polygons, and whose sides are parallelograms. 
The altitude of a prism is the perpendicular distance of its opposite 
sides or bases. A parallelopipedon is a prism that is bounded by six 
parallelograms; the opposite parallelograms are parallel and equal. 
A cube is a parallelopipedon whose faces are equal. One impor- 
tant solid is the cylinder, which is a body bounded by a uniformly 
curved surface and having its ends equal and forming parallel circles 
(see Figure 5-17). There are numerous other solids having curved 
surfaces (such as cones and spheres). 


Geometrical Problems 
The following problems illustrate the method in which various ge- 
ometrical figures are constructed, and they should be solved by the 
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SQUARE RECTANGLE 


RHOMBUS RHOMBOID 


Figure 5-13 Various quadrilaterals. All opposite sides of a 
quadrilateral are equal. 


AXIS 


CENTER 


MAJOR 





F 


Figure 5-14 Curved figures. A circle is a plane figure bounded 
by a uniformly curved line, every point of which is equidistant 
from the center point O. OR is a radius, and AB is a diameter. 
An ellipse is a curved figure enclosed by a curved line that is 
such that the sum of the distances between any point on the 
circumference and the two foci is invariable. ML is the major 
axis, and SF is the minor axis. 
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DIAGONAL 





ALTITUDE 


Figure 5-15 The parallel sides of a quadrilateral (four-sided 
polygon) are the bases. The distance between the bases is the 
altitude, and a line joining two opposite vertices is a diagonal. 





Figure 5-16 Various prisms: (A) cube, or equilateral paral- 
lelopipedon; (B) parallelopipedon; and (C) oblique parallelop- 
ipedon. 





Figure 5-17 Various solids: (A) pentagonal prism, (B) triangu- 
lar prism, and (C) cylinder. 
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use of pencil, dividers, compass, and scale. Many of these problems 
are commonly encountered in carpentry with layout work. There- 
fore, experience in working them out will be of value to carpenters 
and woodworkers. 


Problem | 
To bisect (or divide into two equal parts) a straight line or arc of a 
circle. 

In Figure 5-18, from the ends A and B, as centers, describe arcs 
cutting each other at C and D, and draw line CD, which cuts the 
line at E, or the arc at F. 


Figure 5-18 To bisect a 
. straight line or arc of a circle. 
x 


Problem 2 

To draw a perpendicular to a straight line, or a radial line to an arc. 
The line CD is perpendicular to AB; also, the line CD is radial to 

the arc AB (see Figure 5-18). 


Problem 3 
To erect a perpendicular to a straight line from a given point in that 
line. 

In Figure 5-19, with any radius from any given point A, in the 
line BC describe arcs cutting the line at B and C. Next, with a longer 
radius describe arcs with B and C as centers, intersecting at D, and 
draw the perpendicular DA. 


Second Method 

In Figure 5-20, from any point F above BC, describe a circle passing 
through the given point A and cutting the given line at D. Draw DF, 
and extend it to cut the circle at E. Draw the perpendicular AE. 
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| I 
BY A }c 


Figure 5-19 To erect a perpendicular to a straight line from a 
given point on that line. 





Figure 5-20 To erect a perpendicular to a straight line from a 
given point on that line, second method. 


Third Method (Boat Builders’ Layout Method) 

In Figure 5-21, let MS be the given line and A be the given point. 
From A, measure off a distance AB (4 feet). With centers A and B 
and radii of 3 and 5 feet, respectively, describe arcs L and F in- 
tersecting at C. Draw a line through A and C, which will be the 
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Figure 5-21 To erect a perpendicular to a straight line from a 
given point on that line, third method. 


perpendicular required. This method is used extensively by carpen- 
ters when squaring the corners of buildings, but they ordinarily use 
multiples of 3, 4, and 5 (such as 6, 8, and 10, or 12, 16, and 20). 


Fourth Method 
In Figure 5-22, from A, describe an arc EC, and from E with the 
same radius describe the arc AC, cutting the other at C. Through C, 


Figure 5-22 Toerecta 
perpendicular to a straight 
line from a given point on 
that line, fourth method. 
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draw a line ECD. Lay off CD equal to CE, and through D, draw 
the perpendicular AD. The triangle produced is exactly 60 degrees 
at E, 30 degrees at D, and 90 degrees at A. The hypotenuse ED is 
exactly twice the length of the base EA. 


Problem 4 
To erect a perpendicular to a straight line from any point outside 
the line. 

In Figure 5-23, from the point A, with a sufficient radius cut the 
given line at F and G, and from these points describe arcs cutting 
at E. Draw the perpendicular AE. 


Figure 5-23 To erecta 
perpendicular to a straight 
line from any point outside 
the line. 





Second Method 


In Figure 5-24, from any two points B and C at some distance apart 
in the given line and with the radii BA and CA, respectively, describe 
arcs cutting at A and D. Draw the perpendicular AD. 


Problem 5 
To draw a line parallel to a given line through a given point. 

In Figure 5-25, with C as the center, describe an arc tangent to 
the given line AB. The radius will then equal the distance from the 
given point to the given line. Take a point B on the given line remote 
from C, and describe an arc. Draw a line through C, tangent to this 
arc at D, and it will be parallel to the given line AB. 


Second Method 
In Figure 5-26, from A, the given point, describe the arc FD, cutting 
the given line at F; from F, with the same radius, describe the arc 
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NA 


oj .~* 
” fi 





ma 
Figure 5-24 To erect a perpendicular to a straight line from 
any point outside the line, second method. 


Figure 5-25 To draw a line parallel to a given line through a 
given point. 


Af ip Figure 5-26 To draw a line 
ay a so parallel to a given line through 
/ i a given point, second method. 
i 


EA, and lay off FD equal to EA. Draw the parallel line through the 
points AD. 


Problem 6 
To divide a line into a number of equal parts. 


154 Chapter 5 


In Figure 5-27, assuming line AB is to be divided into five equal 
parts, draw a diagonal line AC of five units in length. Join BC at 5 
and through the points 1, 2, 3, and 4. Draw lines 1L, 2a, and so 
forth, parallel to BC. AC will then be divided into five equal parts, 
AL, La, ar, rf, and fB. 





5 C 


Figure 5-27 To divide a line into a number of equal parts. 


Problem 7 
To draw an angle equal to a given angle on a straight line. 

In Figure 5-28, let A be the given angle, and FG the line. With any 
radius from the points A and F, describe arcs DE and IH cutting 
the sides of angle A and line FG. Lay off arc IH equal to arc DE, 
and draw line FH. Angle F is then equal to A, as required 


A F G 





Figure 5-28 To draw an angle equal to a given angle on a 
straight line. 


Problem 8 
To bisect an angle 

In Figure 5-29, let ACB be the angle. With the center of the angle 
at C, describe an arc cutting the sides at A and B. Using A and B 
as centers, describe arcs that intersect at D. A line through C and 
D will divide the angle into two equal parts. 


Problem 9 
To find the center of a circle. 
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In Figure 5-30, draw any chord MS. 
With M and S as centers, and with 
any radius, describe arcs LF and LF’, 
and draw a line through their inter- 
section, giving a diameter AB. Apply- 
ing the same construction with centers 
A and B, describe arcs ef and e’f’. A 
line drawn through the intersections of 
these arcs will cut line AB at O, the 
center of the circle. 


Problem 10 

To describe an arc of a circle with a 

given radius through two given points. Figure 5-29 To bisect 
In Figure 5-31, take the given points an angle. 

A and B as centers, and, with the given radius, describe arcs that 

intersect at C. From C, with the same radius, describe an arc AB, 

as required. 











Figure 5-30 Find the center of a circle. 


Second Method 

In Figure 5-32, for a circle or an arc, select three points ABC in 
the circumference that are well apart. With the same given radius, 
describe arcs from these three points that intersect each other, and 
draw two lines, DE and FG, through their intersections. The point 
where these lines intersect is the center of the circle or arc. 


Problem II 
To describe a circle passing through three given points. 
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ACQUISITION, AIR, INTEL & CYBER 


Pentagon Studies Weapons That Can Read Users’ Mind 


By SYDNEY J. FREEDBERG JR. 
on July 14, 2017 at 3:15 PM 
15 Comments 





NEWSEUM: The troops of tomorrow may be able to pull the trigger using only their minds. As artificially intelligent drones, 





hacking, jamming, and missiles accelerate the pace of combat, some of the military’s leading scientists are studying how 
mere humans can keep up with the incredible speed of cyber warfare, missiles and other threats. 


One option: Bypass crude physical controls — triggers, throttles, keyboards — and plug the computer directly into the 
human brain. In one DARPA experiment, a quadriplegic first controlled an artificial limb and then flew a flight simulator. 
Future systems might monitor the users’ nervous system and compensate for stress, fatigue, or injury. Is this the path to 





what the Pentagon calls human-machine teaming? 


This is an unnerving scenario for those humans, like Stephen Hawking, who mistrust artificial intelligence. If your 





nightmare scenario is robots getting out of control, “let’s teach them to read our minds!” is probably not your preferred 
solution. It sounds more like the beginning of a movie where cyborg Arnold Schwarzenegger goes back in time to kill 


someone. 
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c Figure 5-31 To describe an arc 
of a circle with a given radius 
through two given points. 


Figure 5-32 To describe 
an arc of a circle with a 
given radius through two 
given points, second 
method. 





In Figure 5-32, let A, B, and C be the given points, and proceed 
as in Problem 10 to find the center O from which the circle may 
be described. This problem is useful in such work as laying out an 
object of large diameter (such as an arch) when the span and rise 
are given. 


Problem 12 

To draw a tangent to a circle from a given point in the circumference. 
In Figure 5-33, from A, lay off equal segments AB and AD. Join 

line BD, and draw line AE parallel to BD for the tangent. 


Problem 13 
To draw tangents to a circle from points outside the circle. 

In Figure 5-34, from A, and with the radius AC, describe an arc 
BCD. From C, with a radius equal to the diameter of the circle, 
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Figure 5-33 To draw a tangent to a circle from a given point 
in the circumference. 





Figure 5-34 To draw tangents to a circle from points outside 
the circle. 


intersect the arc at BD. Join BC and CD, which intersect the circle 
at E and F, and draw the tangents AE and AF. 


Problem 14 
To describe a series of circles tangent to two inclined lines and tan- 
gent to each other. 
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In Figure 5-35, bisect the inclination of the given lines AB and CD 
by the line NO. From a point P in this line, draw the perpendicular 
PB to the line AB, and on P, describe the circle BD, touching the 
lines and the centerline at E. From E, draw EF perpendicular to the 
center line intersecting AB at F, and from F, describe an arc EG 
intersecting AB at G. Draw GH parallel to BP, thus producing H, 
the center of the next circle, to be described with the radius HE, and 
so on for the next circle IN. 


ZED 
CARES 


Figure 5-35 To describe a series of circles tangent to two in- 
clined lines and tangent to each other. 


Problem 15 
To construct an equilateral triangle on a given base. 

In Figure 5-36, with A and B as centers and a radius equal to 
AB, describe arcs / and f. At their intersection C, draw lines CA 
and CB, which are the sides of the required triangle. If the sides are 
to be unequal, the process is the same, taking as the radii the lengths 
of the two sides to be drawn. 


Figure 5-36 To construct an 
equilateral triangle on a given 
base. 
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Problem 16 
To construct a square on a given base. 

In Figure 5-37, with end points A and B of the base as centers 
and a radius equal to AB, describe arcs that intersect at C; on C, 
describe arcs that intersect the others at D and E, and on D and 
E, intersect these arcs F and G. Draw AE and BG, and join the 
intersections HI to form the square AHIB. 


Figure 5-37 To construct a 
square or a rectangle ona 
given base. 





Problem I7 
To construct a rectangle on a given base. 

In Figure 5-37, let AB be the given base. Erect a perpendicular 
at A and at B that is equal to the altitude of the rectangle, and join 
their ends F and G by line FG. AFGB is the rectangle required. 


Problem 18 
To construct a parallelogram given the sides and an angle. 

In Figure 5-38, draw side DE equal to the given length A, and 
lay off the other side DF, equal to the other length B, thus forming 
the given angle C. From E, with DF as the radius, describe an arc, 
and from F, with the radius DE, intersect the arc at G. Draw FG 
and EG. The remaining sides may also be drawn as parallels to 
DE and DF. 


Problem 19 
To draw a circle around a triangle. 

In Figure 5-39, bisect two sides AB and AC of the triangle at E 
and F, and from these points draw perpendiculars intersecting at 
K. From K, with radius KA or KC, describe the circle ABC. 


Problem 20 
To circumscribe and inscribe a circle about a square. 
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Figure 5-38 To construct a parallelogram given the sides and 
an angle. 


In Figure 5-40, draw the diagonals 


c 
AB and CD intersecting at E. With a 
radius EA, circumscribe the circle. To 
inscribe a circle, draw a perpendicular 
from the center (as just found) to one 
side of the square, as line OM. With 
<7 


radius OM, inscribe the circle. 


Problem 21 


Figure 5-39 To draw a 7) circumscribe a square around a cir- 
circle around a triangle. -j, 





A M C 
D B 
(A) CIRCUMSCRIBED (B) INSCRIBED 
CIRCLE CIRCLE 


Figure 5-40 (A) To circumscribe a circle around a square. 
(B) To inscribe a circle inside a square. 
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In Figure 5-41, draw diameters MS and LF at right angles to each 
other. At points M, L, S, and F, where these diameters intersect the 
circle, draw tangents (that is, lines perpendicular to the diameters), 
obtaining the sides of the circumscribed square ABCD. 


L 


A = B 
M S 
D C 


F 
Figure 5-41 To circumscribe a square about a circle. 


Problem 22 
To inscribe a circle in a triangle. 

In Figure 5-42, bisect two angles A and C of the triangle with 
lines that intersect at D. From D, draw a perpendicular DE to any 
side. With DE as the radius, describe a circle. 


Problem 23 
To inscribe a pentagon in a circle. 

In Figure 5-43, draw two diameters AC and BD at right angles 
intersecting at O. Bisect AO at E, and from E, with radius EB, AC 
at F; from B, with radius BF. Intersect the circumference at G and 
H, and with the same radius, step round the circle to I and K; join 
the points thus found to form the pentagon BGIKH. 


Problem 24 
To inscribe a five-pointed star in a circle. 
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B 


a 
Zxz 


Figure 5-42 To inscribe a circle in a triangle. 








Figure 5-43 To inscribe a pentagon in a circle. 


In Figure 5-44, proceed as explained for the inscribed pentagon 
in Problem 23. Then, connect point B with points K and I, point 
H with points G and I, and so forth. The star is mathematically 
correct. 


Problem 25 
To construct a hexagon from a given straight line 
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Figure 5-44 To inscribe a five-pointed star in a circle. 


In Figure 5-45, from A and B, the ends of the given line, describe 
arcs intersecting at g. From g, with the radius gA, describe a circle. 
With the same radius, lay off arcs AG, GF, BD, and DE. Join the 
points thus found to form the hexagon. 





Figure 5-45 To construct a hexagon from a given straight line. 
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Problem 26 
To inscribe a hexagon in a circle. 

In Figure 5-46, draw a diameter ACB. From A and B, as cen- 
ters with the radius of the circle AC, intersect the circumference at 
D, E, F, and G, and draw lines AD, DE, and so forth, to form 
the hexagon. The points D, E, and so forth, may also be found 
by stepping off the radius (with the dividers) six times around the 
circle. 





Figure 5-46 To inscribe a hexagon in a circle. 


Problem 27 
To describe an octagon on a given straight line. 

In Figure 5-47, extend the given line AB both ways. Now, draw 
perpendiculars AE and BF. Bisect the external angles A and B by 
using lines AH and BC. These are made equal to line AB. Draw CD 
and HG parallel to AE and equal to line AB. Draw CD and HG 
parallel to AE and equal to line AB. With G and D as centers, and 
with the radius equal to AB, intersect the perpendiculars at E and 
F, and draw line EF to complete the hexagon. 


Problem 28 
To inscribe an octagon in a square. 

In Figure 5-48, draw the diagonals of the square intersecting at 
e. From the corners A, B, C, and D, with Ae as the radius, describe 
arcs intersecting the sides of the square at g, 4, and so forth, and 
join the points found to complete the octagon. 
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Figure 5-47 To describe an octagon on a given straight line. 


Figure 5-48 To inscribe an octagon in a square. 


Problem 29 
To inscribe an octagon in a circle. 

In Figure 5-49, draw two diameters AC and BD at right angles. 
Bisect the arcs AB, BC, and so forth, at e, f, and so forth, to form 
the octagon. 


But the Pentagon officials who talked up this research yesterday at Defense 


QOne’s annual tech conference emphasized the objective was to improve 





human control over artificial intelligence. Teaching Al to monitor its user’s 


level of stress, exhaustion, distraction, and so on helps the machine adapt 





itself to better serve the human — instead of the other way around. Teaching 
Al to instantly detect its user’s intention to give a command, instead of 
Navy X-47B drone. requiring a relatively laborious push of a button, helps the human keep control 
— instead of having to let the Al off the leash because no human can keep up 
with it. 


Official Defense Department policy, as then-Secretary Ash Carter put it, is that the US will “never” allow an artificial 
intelligence to decide for itself whether or not to kill a human being. However, no less a figure than the Carter’s 
undersecretary of acquisition and technology, Frank Kendall, fretted publicly that making our robots wait for human 
permission would slow them down so much that enemy Al without such constraints would beat us. Vice-Chairman of the 
Joint Chiefs, Gen. Paul Selva, calls this the “Terminator Conundrum.” Neuroscience suggests a way out of this dilemma: 





Instead of slowing the Als down, make the humans’ orders come faster. 
Accelerate Humanity 


“We will continue to have humans 
on the loop, we will have human 
input in decisions, but the way we 
go about that is going to have to 
shift, just to cope with the speed 
and the capabilities that 
autonomous systems bring,” said 
Dr. James Christensen, portfolio 
manager at the Air Force Research 
Laboratory‘s 711th Human 
Performance Wing. “The decision 





DARPA’s Revolutionizing Prosthetics program is devising new kinds of artificial limbs — and new ways to control them. cycle with these systems is going 

to be so fast that they have to be 
sensitive to and responsive to the state of the individual (operator’s) intent, as much as overt actions and control inputs 
that human’s providing.” 


In other words, instead of the weapon system responding to the human operator physically touching a control, have it 
respond to the human’s brain cells forming the intention to use a control. “When you start to have a direct neural 
interface of this type, you don’t necessarily need to command and control the aircraft using the stick,” said Justin 
Sanchez, director of DARPA‘s Biological Technologies Office. “You could potentially re-map your neural signatures onto 





the different control surfaces” — the tail, the flaps — “or maybe any other part of the aircraft” — say landing gear or 
weapons. “That part hasn’t really been explored in a huge amount of depth yet.” 


Reading minds, even in this limited fashion, will require deep understanding and close monitoring of the brain, where 
thoughts take measurable form as electrical impulses running from neuron to neuron. “Can we develop precise 
neurotechnologies that can go to those circuits in the brain or the peripheral nervous system in real time?” Sanchez 
asked aloud. “Do we have computational systems that allow us to understand what the changes in those signals (mean)? 
And can we give meaningful feedback, either to the person or to the machine to help them to do their job better?” 
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D 


Figure 5-49 To inscribe an octagon in a circle. 


Problem 30 
To circumscribe an octagon about a circle. 

In Figure 5-50, describe a square about the given circle AB. Draw 
perpendiculars ),k, and so forth, to the diagonals, touching the 
circle, to form the octagon. The points 4, k, and so forth, may be 
found by cutting the sides from the corners. 


Problem 31 
To describe an ellipse when the two axes are given. 

In Figure 5-51, draw the major and minor axes AB and CD, 
respectively, at right angles intersecting at E. On C, with AE as 
the radius, intersect the axis AB at F and G, the foci. Insert pins 
through the axis at F and G, and loop a thread or cord on them 
equal in length to the axis AB, so that when stretched, it reaches 
extremity C of the conjugate axis, as shown in dotted lines. Place 
a pencil inside the cord, as at H, and, by guiding the pencil in this 
manner, describe the ellipse. 


Second Method 

Along the edge of a piece of paper, mark off a distance ac equal to 
AC, one-half the major axis, and from the same point a distance 
ab equal to CD, one-half the minor axis, as shown in Figure 5-52. 
Place the paper to bring point b on the line AB, or major axis, and 
point c on the line DE, or minor axis. Lay off the position of point a. 
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Figure 5-51 To describe 
an ellipse when the two 
axes are given. 





By shifting the paper so that point b travels on the major axis and 
point c travels on the minor axis, any number of points in the curve 
may be found through which the curve may be traced. 


Mensuration 

As mentioned earlier, mensuration is the act, art, or process of 
measuring. It is the branch of mathematics that deals with finding 
the length of lines, the area of surfaces, and the volume of solids. 
Therefore, the problems that follow will be divided into three groups 
as follows: 
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Figure 5-52 To describe an ellipse given the two axes, second 
method. 


e Measurement of lines, one dimension (length) 

e Measurement of surfaces (areas), two dimensions (length and 
width) 

e Measurement of solids (volumes), three dimensions (length, 
width, and thickness) 


Measurement of Lines—Length 


Problem | 
To find the length of any side of a right triangle given the other two 
sides. 

Rule: The length of the hypotenuse equals the square root of the 

sum of the squares of the two legs. The length of either leg equals 
the square root of the difference of the square of the hypotenuse and 
the square of the other leg. 
Example The two legs of a right triangle measure 3 feet and 4 feet. 
Find the length of the hypotenuse. If the lengths of the hypotenuse 
and one leg are 5 feet and 4 feet, respectively, what is the length of 
the other leg? 
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In Figure 5-53A, 


AB=V32+4=V25=5S feet 
In Figure 5-53B, 


BC =4/ 52 — 32 =./25 —9 45/16 = 4 feet 


B B 

/ vA 

A c A c 
(A) (B) 


Figure 5-53 To find the length of any side of a right triangle 
given the other two sides. 





Problem 2 
To find the length of the circumference of a circle. 
Rule: Multiply the diameter by 3.1416. 
Example What length of molding strip is required for a circular win- 
dow that is 5 feet in diameter? 


5 x 3.1416 = 15.7 feet 


Since the carpenter does not ordinarily measure feet in tenths, .7 
should be reduced to inches. It corresponds to 81/2 inches from 
Table 5-23. That is, the length of molding required is 15 feet 
8/2 inches. 


Problem 3 
To find the length of the arc of a circle. 
Rule: Arc = .017453 x radius x central angle. 
Example If the radius of a circle is 2 feet, what is the length of a 
60° arc? 
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Solution: 
2 x .017453 x 60 = 2.094, 
or approximately 2 feet 1!/s inches 
Problem 4 


To find the rise of an arc. 
Rule: Rise of an arc = 





V4 x radius”) — length 


Example If the radius of a circle is 2 feet, what is the rise at the center 
of a 2-foot chord? 
Solution: 
'o/(4 x 22) —2 = "2/14 = 1.87 feet 
= 1 feet 10!/2 inches 





Measurement of Surfaces—Area 


Problem 5 
To find the area of a square. 
Rule: Multiply the base by the height. 
Example What is the area of a square whose side is 5 feet (see Fig- 
ure 5-54)? 


5 x 5 =25 square feet 


Problem 6 
To find the area of a rectangle. 

Rule: Multiply the base by the height (that is, width by length). 
Example What is the floor area of a porch 5 feet wide and 12 feet 
long (see Figure 5-55)? 


5 x 12 = 60 square feet 


Problem 7 
To find the area of a parallelogram. 
Rule: Multiply the base by the perpendicular height. 
Example What is the area of a 5-foot x 12-foot parallelogram (see 
Figure 5-56)? 


5 x 12 = 60 square feet 


Problem 8 
To find the area of a triangle (see Figure 5-57) 
Rule: Multiply the base by one-half the altitude. 
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AREA = 25 SO. FT te 





Figure 5-54 To find the area of a square. 


= 
uw 
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AREA = 60 SQ FT 


LENGTH 





Figure 5-55 To find the area of a rectangle. 
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AREA = 60 SO. FT 







PERPENDICULAR HEIGHT 


BASE 


a 5FT 





Figure 5-56 To find the area of a parallelogram. 
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AREA OF ONE 
SIDE = 180 SQ FT 


A B 


(A) (B) 


Figure 5-57 To find the area of a triangle (equal to '/, area of 
parallelogram ABDC). 


Example How many square feet of sheathing are required to cover 
a church steeple having four triangular sides? 


Problem 9 
To find the area of a trapezoid. 
Rule: Multiply one-half the sum of the two parallel sides by the 
perpendicular distance between them. 
Example What is the area of the trapezoid shown in Figure 5-58? 
LA and FR are the parallel sides, and MS is the perpendicular 
distance between them. Therefore, 


area = !/2 (LA+ FR) x MS 
area = !/2 (8 +12) x 6 = 60 square feet 


Problem 10 
To find the area of a trapezium. 

Rule: Draw a diagonal, dividing the figure into triangles. Measure 
the diagonal and the altitudes, and find the area of the triangles. The 
sum of these areas is then the area of the trapezium. 

Example What is the area of the trapezium shown in Figure 5-59? 
(Draw diagonal LR and altitudes AM and FS.) 


area of triangle ALR = 1/2 (12 x 9) = 54 square feet 

area of triangle LRF = '/2 (12 x 6) = 36 square feet 

area of trapezium LARF = ALR+ LRF = 36+ 54 
= 90 square feet 


Poe 
L Meet A 






AREA = 60 SO FT 


F R 


Figure 5-58 To find the area of a trapezoid. 


LR =12FT 
AM =6 FT 
FS =9FT 


F 


Figure 5-59 To find the area of a trapezium. 
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Problem I1 
To find the area of any irregular polygon. 

Rule: Draw diagonals, dividing the figure into triangles, and find 
the sum of the areas of these triangles. 


Problem 12 
To find the area of any regular polygon, such as shown in Fig- 
ure 5-60, when the length of only one side is given 

Rule: Multiply the square of the sides by the figure for “area when 
side = 1” opposite the particular polygon in Table 5-24. 
Example What is the area of an octagon (8-sided polygon) whose 
sides are 4 feet in length? 

In Table 5-24 under 8 find 4.828. Multiply this by the square of 
one side. 


4.828 x 4° = 77.25 square feet 


Problem 13 
To find the area of a circle (see Figure 5-61). 
Rule: Multiply the square of the diameter by 0.7854. 
Example How many square feet of floor surface are there in a 10-foot 
circular floor? 


107 x 0.7854 = 78.54 square feet 


Problem 14 
To find the area of a sector of a circle. 

Rule: Multiply the arc of the sector by one-half the radius. 
Example How much tin is required to cover a 60° section of a 10- 
foot circular deck? 


length of 60° arc = 9/39 of 3.1416 x 10 = 5.24 feet 


tin required for 60° sector = 5.24 x '/2 x 5 
= 13.1 square feet 


Problem 15 
To find the area of a segment of a circle. 

Rule: Find the area of the sector that has the same arc, and also 
find the area of the triangle formed by the radii and chord. Take 
the sum of these areas if the segment is greater than 180°. Take the 
difference if the segment is less than 180°. 


Problem 16 
To find the area of a ring. 
Rule: Take the difference between the areas of the two circles. 


DARPA’s Revolutionizing Prosthetics program hooked up the brain of a quadriplegic — someone who could move neither 
arms nor legs — to a prosthetic arm, allowing the patient to control it directly with their thoughts. Then, “they said, ‘I’d like 
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to try to fly an airplane,"” Sanchez recounted. “So we created a virtual flight simulator for this person, allowed this neural 


interface to interface with the virtual aircraft, and that person flew.” 
“That was a real wake-up call for everybody involved,” Sanchez said. “We didn’t initially think you could do that.” 
Adapting To The Human 


Applying direct neural 
control to real aircraft — 
or tanks, or ships, or 
network cybersecurity 
systems — will require a 
fundamental change in 
design philosophy. 
Today, said Christensen, 
we give the pilots 


tremendous information 





on the aircraft, then 


" : ene es ; expect them to adapt to 
Tony Stark (Robert Downey Jr.) relies on the JARVIS artificial intelligence — exquisitely adapted to his personal strengths and weaknesses — to help 
pilot his Iron Man suit. (Marvel Comics/Paramount Pictures) it. In the future, we could 
. , 


give the aircraft 
tremendous information on its pilots, then have it use artificial intelligence to adapt itself to them. The Al could customize 





the displays, the controls, even the mix of tasks it took on versus those it left up to the humans — all exquisitely tailored 
not just to the preferences of the individual operator but to his or her current mental and physical state. 


When we build planes today, “they’re incredible sensor platforms that collect data on the world around them and on the 





aircraft systems themselves, (but) at this point, very little data is being collected on the pilot,” Christensen said. “The 
opportunity there with the technology we're trying to build now is to provide a continuous monitoring and assessment 
capability so that the aircraft knows the state of that individual. Are they awake, alert, conscious, fully capable of 
performing their role as part of this man-machine system? Are there things that the aircraft then can do? Can it unload 
gees (i.e. reduce g-forces)? Can it reduce the strain on the pilot?” 


“This kind of ability to sense and understand to the state and the capabilities 
of the human is absolutely critical to the successful employment of highly 
automated systems,” Christensen said. “The way all of our systems are 
architected right now, they’re fixed, they’re predictable, they’re deterministic” 
— that is, any given input always produces the exact same output. 





Predictability has its advantages: “We can train to that, they behave in very 





Air Force MQ-9 Reaper operators in training. Today’s drones 


consistent ways, it’s easier to test and evaluate,” Christensen said. “What we fequire extensive humanioversight and.are Nardly-user triendly. 


lose in that, though is the real power of highly automated systems, 
autonomous systems, as /earning systems, of being able to adapt themselves. ” 


“That adaptation, though, it creates unpredictability,” he continued. “So the human has to adapt alongside the system, 
and in order to do that, there has to be some mutual awareness, right, so the human has to understand what is the 


system doing, what is it trying to do, why is that happening; and vice versa, the system has to has some understanding of 





‘suosdjod uejnsay = =99-g aunsi4 


“(Sapis g) uofie}9Q (4) 
24 VLE = ‘(sapts g) uofequag (9) 
24 808°C = 
2S 828'7 = VAUV z4 SE9'E = 
47801 40 ‘S LOS =¥ 24 BLE = (9) 
7S CLL = VAeV 
OE oZZ }@ SIBUIOD Ja}W 0} JNd aienbs jaa}g 19€7'1 40 ‘5 [Gg =y 
o9E Je SAPls JayW 0}4Nd aienbs jaajg 
‘(sapls £) uofieyday (3) 
4 LLB = ‘(apis p) arenbs (g) 
24 9ELT = 
2S vege = VIYV b= 
ALVL40°S 7G LY 24 = (a) 
7S =VdA"V 
(£0 oGZ }€ S19WIOD Ja}IW 0} Nd alenbs jaa}s 4 plvL 40'S LOL =4¥ 
oGp Je Sapis Ja}1W 0} IND aienbs jaa}g 
‘(sapis 9) uofiexay (q) 
2 pore = ‘(sapts ¢) ajGuer) jesayejinb3 (y) 
2Y 866° = 2 
2S 869° = VAYV S U+a)= 
4GGL'1 10'S =y zw 961°G = 
24 662'L = 
OE J SAPs JALIW 0} 3ND aJenbs jaalg z$ eh =Vvauv (Vv) 


S LLG 10472 =y 
OE Je SApls JayW 0}4Nd aienbs jaa}s 





176 


Mathematics for Carpenters and Builders 177 


Table 5-24 Regular Polygons 


Number 
ofsides 3 4 5 6 7 8 9 10 Il 12 


Area 0.433 1.0 1.721 2.598 3.634 4.828 6.181 7.694 9.366 11.196 
when 
side = 1 





Ht athe 
10, 000 SQUARES = 7854 SQUARES 





Figure 5-61 The decimal 0.7854 is used to find the area of 
a circle. If a square is divided into 10,000 equal parts (small 
squares), then a circle with a diameter D equal to one side 
of the large square will contain 7854 small squares. Therefore, 
if the area of the large square is | square inch, then the area of 
the circle will be 7854/19 999, or 0.7854 square inch. 


Problem I7 
To find the area of an ellipse. 

Rule: Multiply the product of the two diameters by 0.7854. 
Example What is the area of an ellipse whose two diameters are 
10 inches and 6 inches? 


10 x 6 x 0.7854 = 47.12 square inches 


Problem 18 
To find the circular area of a cylinder. 

Rule: Multiple 3.1416 by the diameter and by the height. 
Example How many square feet of lumber are required for the sides 
of a cylindrical tank (see Figure 5-62) that is 8 feet in diameter and 
12 feet high? How many 4-inch x 12-feet pieces will be required? 
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Figure 5-62 To find the area of a cylinder. 


cylindrical surface = 3.1416 x 8 x 12 = 302 square feet 
circumference of tank = 3.1416 x 8 = 25.1 feet 


25.1 x 12 
number of 4” x 12’ pieces = a =25.1x3=75.3 


Problem 19 
To find the area of a cone (see Figure 5-63). 

Rule: Multiply 3.1416 by the diameter of the base and by one-half 
the slant height. 
Example A conical spire with a base 10 feet in diameter and an 
altitude of 20 feet is to be covered. Find the area of the surface to 
be covered. 
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Figure 5-63 To find the surface area of a cone. 





slant height = 52 + 202 = /425 = 20.62 feet 
circumference of base = 3.1416 x 10 = 31.416 feet 


area of conical surface = 31.416 x '/2 x 20.62 
= 324 square feet 


Problem 20 
To find the area of the frustum of a cone (see Figure 5-64) 

Rule: Multiply one-half the slant height by the sum of the cir- 
cumference. 
Example A tank is 12 feet in diameter at the base, 10 feet at the top, 
and 8 feet high. What is the area of the slant surface? 


circumference of 10-foot diameter = 3.1416 x 10 
= 31.416 feet 
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Figure 5-64 To find the area of the frustum of a cone. 


circumference of 12-foot diameter = 3.1416 x 12 
= 37.7 feet 


sum of circumferences = 69.1 feet 


slant height = /12 + 82 = V65 = 8.12 


slant surface = sum of circumferences x !/2 slant height 
slant surface = 69.1 x !/2 x 8.12 = 280 square feet 


Measurement of Solids—Volume 


Problem 21 
To find the volume of a rectangular solid. 

Rule: Multiply the length, width, and thickness together. 
Example What is the volume of a 4-inch x 8-inch x 12-foot timber? 
(Before applying the rule, reduce all dimensions to feet.) 


4 inches = !/3 foot 
8 inches = 2/3 foot 


volume of timber = !/3 x 2/3 x 12 = 2.67 cubic feet 
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If the timber were a piece of oak weighing 48 pounds per cubic 
foot, the total weight would be calculated as follows: 


48 x 2.67 = 128 pounds 


Problem 22 
To find the volume of a rectangular wedge. 

Rule: Find the area of one of the triangular ends, and multiply 
the area by the distance between the ends. 
Example An attic has the shape of a rectangular wedge. What vol- 
ume storage capacity would there be for the proportions shown 
in Figure 5-65? In the illustration, the boundary of the attic is 
LARFMS. 


Area of triangular end MLA = 20 x !°/2 = 100 square feet 
Volume of attic = 100 x 40 = 4000 cubic feet. 





Figure 5-65 To find the volume of a rectangular wedge. 


182 Chapter 5 


Trigonometry 


Trigonometry is that branch of mathematics that deals with the 
relations that exist between the sides and angles of triangles, and 
more especially with those methods of calculating the required parts 
of triangles from given parts. The only branch of trigonometry 
useful to the carpenter and builder is plane trigonometry, where the 
lines in the triangles are straight and where they all lie in the same 
plane. 

The six elements (or parts) in every triangle are three sides and 
three angles. The sum of the three angles, no matter what the lengths 
of the sides, will always be equal to 180 degrees. 

When any three of the six parts are given, provided one or more 
of them are sides, the other three are calculable. The angles are 
measured in circular measure: in degrees (°), minutes (’), and seconds 
(”). The term degree has no numerical value. In trigonometry it 
simply means !/360 of a circle, nothing more. 

To the student of trigonometry, any two radii that divide a circle 
into anything more than 0° or less than 360° form an angle. 

The first 90° division is called the first quadrant. Angles in this 
quadrant are the acute angles (see Figure 5-66A) mentioned earlier 
in this chapter. Angles from 90° to 180° are in the second quadrant. 
These are the obtuse angles (see Figure 5-66B) mentioned. Angles 
from 180° to 270° lie in the third quadrant, and angles from 270° 
to 360° lie in the fourth quadrant. Figure 5-67 shows these four 
quadrants. Only angles in the first and second quadrants, from 0° 
to 180°, will be discussed in this section. Note that a straight line 
may be considered as an angle of 180°. Trigonometry is actually 
based on geometry, but it makes use of many algebraic operations 
that can be used by carpenters and builders. 


1350 
30° 
(A) An angle in the first quadrant is (B) An angle in the second quadrant is 
an acute angle. an obtuse angle. 


Figure 5-66 Acute and obtuse angles. 


Trigonometric Functions 
In mathematics, a function means a quantity that necessarily changes 
because of a change in another number with which it is connected 
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90° 


SECOND QUADRANT FIRST QUADRANT 






180° 0° OR 360° 


THIRD QUADRANT FOURTH QUADRANT 








270° 
Figure 5-67 The four quadrants of a circle. 


in some way. In trigonometry, it is probably less confusing to call 
the trigonometric functions simply ratios, which they truly are. 

Refer to Figure 5-68 for an explanation of the following. There 
are six trigonometric ratios commonly used: 


ite sid BC 
Sine of angleA = alae 
hypotenuse AB 


djacent sid AC 
Cosine of angle A = sy aa aR 
hypotenuse AB 








opposite side BC 
T. t of angleA = 
Eee ree adjacent side OF Ae 


djacent sid AC 
Cotangent of angle A = : = * or 
opposite side BC 








hypotenuse AB 
Secant of angleA = 
nena ee adjacent side or AC 


hypot AB 
Cosecant of angle A = sl aaaaeunhaner 
opposite side BC 
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OPPOSITE SIDE 


A Cc 
ADJACENT SIDE 


Figure 5-68 A right triangle illustrates the application of 
trigonometric ratios that are commonly used. 


Note that these last three functions are only reciprocals of the 
sine, cosine, and tangent, respectively, or 





cosecant = —— 
sine 
secant = - 
cosine 
cotangent = ———— 
tangent 


If a proposition calls for multiplication by the sine of an angle, 
the same result will be obtained by dividing by the cosecant. It is 
convenient to do this in many calculations. 

It is impossible in a discussion of this type to give a comprehensive 
table of the trigonometric ratios, although an adequate (but limited) 
number of trigonometric functions is presented in Table 5-25. Those 
who would like to follow up the information given here are advised 
to obtain a book of five- or six-place tables. 

As an example of how trigonometric ratios are used to solve one 
of the carpenter’s most common problems (determining the length 
of rafters given the rise and run), refer to Figure 5-69. The slope 
of the roof, in degrees, may be determined by dividing the opposite 
side, 12 feet, by the adjacent side, 18 feet. This is the tangent of the 


Mathematics for Carpenters and Builders 185 


Table 5-25 Natural Trigonometric Functions 





Degree Sine Cosine Tangent Secant 
0 0.00000 1.0000 0.00000 1.0999 
1 0.01745 0.9998 0.01745 1.0001 
2 0.03490 0.9994 0.03492 1.0006 
3 0.05234 0.9986 0.05241 1.0014 
4 0.06976 0.9976 0.06993 1.0024 
5 0.08716 0.9962 0.08749 1.0038 
6 0.10453 0.9945 0.10510 1.0055 
yp 0.12187 0.9925 0.12278 1.0075 
8 0.1392 0.9903 0.1405 1.0098 
9 0.1564 0.9877 0.1584 1.0125 

10 0.1736 0.9848 0.1763 1.0154 

11 0.1908 0.9816 0.1944 1.0187 

12 0.2079 0.9781 0.2126 1.0223 

13 0.2250 0.9744 0.2309 1.0263 

14 0.2419 0.9703 0.2493 1.0306 

15 0.2588 0.9659 0.2679 1.0353 

16 0.2756 0.9613 0.2867 1.0403 

17 0.2924 0.9563 0.3057 1.0457 

18 0.3090 0.9511 0.3249 10515: 

19 0.3256 0.9455 0.3443 1.0576 

20 0.3420 0.9397 0.3640 1.0642 

21 0.3584 0.9336 0.3839 1.0711 

22 0.3746 0.9272 0.4040 1.0785 

23 0.3907 0.9205 0.4245 1.0864 

24 0.4067 0.9135 0.4452 1.0946 

25 0.4226 0.9063 0.4663 1.1034 

26 0.4384 0.8988 0.4877 1.1126 

27 0.4540 0.8910 0.5095 1.1223 

28 0.4695 0.8829 0.5317 1.1326 

29 0.4848 0.8746 0.5543 1.1433 

30 0.5000 0.8660 0.5774 1.1547 

31 0.5150 0.8572 0.6009 1.1663 

32 0.5299 0.8480 0.6249 1.1792 

33 0.5446 0.8387 0.6494 1.1924 

34 0.5592 0.8290 0.6745 1.2062 

35 0.5736 0.8192 0.7002 1.2208 

36 0.5878 0.8090 0.7265 1.2361 


(continued) 


the human’s intent and also their state and capabilities.” 


This kind of synergy between human and artificial intelligence is what some theorists refer to as the “centaur,” after the 
mythical creature that combined human and horse — with the human part firmly in control, but benefiting from the beast’s 
strength and speed. The centaur concept, in turn, lies at the heart of the Pentagon’s ideas of human-machine teaming 
and what’s known as the Third Offset, which seeks to counter (offset) adversaries’ advancing technology with 
revolutionary uses of Al. 





The neuroscience here is in its infancy. But it holds the promise of a happy medium between hamstringing our robots 
with too-close control or letting them run rampant. 
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Table 5-25 (continued) 





Degree Sine Cosine Tangent Secant 
37 0.6018 0.7986 0.7536 1.2521 
38 0.6157 0.7880 0.7813 1.2690 
39 0.6293 0.7771 0.8098 1.2867 
40 0.6428 0.7660 0.8391 1.3054 
41 0.6561 0.7547 0.8693 1.3250 
42 0.6691 0.7431 0.9004 1.3456 
43 0.6820 0.7314 0.9325 1.3673 
44 0.6947 0.7193 0.9657 1.3902 
45 0.7071 0.7071 1.0000 1.4142 
46 0.7193 0.6947 1.0355 1.4395 
47 0.7314 0.6820 1.0724 1.4663 
48 0.7431 0.6691 1.1106 1.4945 
49 0.7547 0.6561 1.1504 1.5242 
50 0.7660 0.6428 1.1918 1.5557 
51 0.7771 0.6293 1.2349 1.5890 
52 0.7880 0.6157 1.2799 1.6243 
53 0.7986 0.6018 1.3270 1.6616 
54 0.8090 0.5878 1.3764 1.7013 
55 0.8192 0.5736 1.4281 1.7434 
56 0.8290 0.5592 1.4826 1.7883 
57 0.8387 0.5446 1.5399 1.8361 
58 0.8480 0.5299 1.6003 1.8871 
59 0.8572 0.5150 1.6643 1.9416 
60 0.8660 0.5000 1.7321 2.0000 
61 0.8746 0.4848 1.8040 2.0627 
62 0.8829 0.4695 1.8807 2.1300 
63 0.8910 0.4540 1.9626 2.2027 
64 0.8988 0.4384 2.0503 2.2812 
65 0.9063 0.4226 2.1445 2.3662 
66 0.9135 0.4067 2.2460 2.4586 
67 0.9205 0.3907 2.3559 2.5598 
68 0.9272 0.3746 2.4751 2.6695 
69 0.9336 0.3584 2.6051 2.7904 
70 0.9397 0.3420 2.7475 2.9238 
71 0.9455 0.3256 2.9042 3.0715 
72 0.9511 0.3090 3.0777 3.2361 





(continued) 
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Table 5-25 (continued) 





Degree Sine Cosine Tangent Secant 
73 0.9563 0.2924 3.2709 3.4203 
74 0.9613 0.2756 3.4874 3.6279 
75 0.9659 0.2588 3.7321 3.8637 
76 0.9703 0.2419 4.0108 4.1336 
77 0.9744 0.2250 4.3315 4.4454 
78 0.9781 0.2079 4.7046 4.8097 
79 0.9816 0.1908 5.1446 5.2408 
80 0.9848 0.1736 5.6713 5.7588 
81 0.9877 0.1564 6.3138 6.3924 
82 0.9903 0.1392 7.1154 7.1853 
83 0.9925 0.12187 8.1443 8.2055 
84 0.9945 0.10453 9.5144 9.5668 
85 0.9962 0.08716 11.4301 11.474 
86 0.9976 0.06976 14.3007 14.335 
87 0.9986 0.05234 19.0811 19.107 
88 0.9994 0.03490 28.6363 28.654 
89 0.9998 0.01745 57.2900 57.299 
90 1.0000 Inf. Inf. Inf. 





angle A and is equal to !7/1s or .6667. From Table 5-25, angle A is 
determined to be 33° 42’. The length of the rafter may be determined 
by the ratio: 

hypotenuse 


secant = ———____ 
adjacent side 


or the hypotenuse (the length of the rafter) is equal to the following: 
Secant 33°42’ x adjacent side 


The secant of 33°42’ is equal to 1.2020. Therefore, the calculation 
for the length of the rafter is the following: 


1.2020 x 18 = 21.64 feet = 21 feet 77/16 inches 


Since the opposite side is known to be 12 feet, the calculation could 
just as easily be made by using the cosecant function. 

Table 5-26 shows the slopes (in degrees) for all regular roof 
pitches. These pitches range from 12 x 1 to 12 x 12, and the three 
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RAFTER RUN 18 FT 


RAFTER RISE 12 FT 


Figure 5-69 Trigonometric ratios may be used to determine 
the lengths of rafters for a roof. 


Table 5-26 Roof Pitches in Degrees and Minutes 
(Measured from the Horizontal) 








Pitch Sine Cosine Tangent 

12 x 1= 4° 46’ 0.083098 0.996541 0.083386 
12x 2= 9° 28’ 0.164474 0.986381 0.166745 
12x 3=14°2' 0.242486 0.970155 0.249946 
12 x 4= 18° 26’ 0.316201 0.948692 0.333302 
12 x 5=22° 37 0.384564 0.923098 0.416601 
12 x 6 = 26° 34’ 0.444635 0.895712 0.496404 
12 x 7 = 30° 15’ 0.503774 0.863836 0.583183 
12 x 8 = 33° 41’ 0.554602 0.832115 0.666497 
12 x 9 = 36° $3’ 0.600188 0.799859 0.750366 
12 x 10 = 39° 46’ 0.639663 0.768656 0.832183 
12 x 11 = 42° 31’ 0.675805 0.737081 0.916866 
12 x 12 = 45° 00’ 0.707107 0.707107 1.000000 





main trigonometric ratios (sine, cosine, and tangent) are provided 


for each pitch. 


Other typical examples of how trigonometric ratios can aid car- 
penters are shown in the following problems. 
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Problem | 

A grillwork consisting of radial and vertical members is to be 
built in a semicircular opening with a radius of 6 feet, as shown 
in Figure 5-70. Find the lengths of the vertical pieces MS and LF. 





F Ss 


Figure 5-70 The method of finding the length of vertical pieces 
in grillwork with the aid of trigonometric relations. 


For triangle OMS, the hypotenuse is known to be 6 feet, and 
angle O is 30°. Line MS is the opposite side of the triangle, and 
opposite side = 30°, or 


opposite side 
oppose Sit = sine 30° x hypotenuse 
hypotenuse 


sine 30° = 0.500 
This is the calculation: 
opposite side = 0.500 x 6 = 3 feet 


For triangle OLF, the hypotenuse is 6 feet, and angle O is 60°. 
Line LF is the opposite side, and 
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opposite side _ 0° 
hypotenuse 


| 


or opposite side = 60° x hypotenuse. 
sine 60° = 0.866 
This is the calculation: 


opposite side = 0.866 x 6 = 5.196 feet = 5 feet 23/g inches 


Problem 2 

When laying out the grillwork in Figure 5-70, how far must the 

members LF and MS be spaced from the center O to be vertical? 
The hypotenuse is known to be 6 feet and the length of adjacent 

side OF is to be found. 


adjacent side 
sd cee cos 60°, or 
hypotenuse 


adjacent side = cos 60° x hypotenuse. 


cos 60° = 0.500 
This is the calculation: 
adjacent side OF = .500 x 6 = 3 feet 
For the length of the adjacent side OS 


adjacent side 
SES cos 30°, or 
hypotenuse 


adjacent side = cos 30° x hypotenuse. 
cos 30° = 0.866 


This is the calculation: 


Adjacent side OS = .866 x 6 = 5.196 feet 
= 5 feet 23/g inches 


Problem 3 

A bridge is to be constructed from the top of a building to an opening 
in the roof of an adjacent building, as in Figure 5-71. If the rise OF 
to the point of entry L is 15 feet and the pitch of the roof is '/2, what 
length beams FL are required? 
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Figure 5-71 The method of finding the distance from one side 
of a building to a given point on an adjacent roof by employing 
trigonometric relations. 


From Table 5-26, !/2 pitch, or 12 inches x 12 inches, is 45°. The 
adjacent side OF is known to be 15 feet. The required length of the 
opposite side = adjacent side x tan 45°. This is the calculation: 


opposite side FL = 15 x 1.00 = 15 feet 


Problem 4 
When estimating the amount of roofing material necessary to cover 
the side of the roof from O to L in Figure 5-71, what is the distance 
from O to L? 
It is required to find the hypotenuse with the adjacent side and 
included angle being given. 
hypotenuse 


—#§_—— = secant angle 0, or 
adjacent side i 


hypotenuse = 1.4142 x 15 = 21.213 feet 


= 21 feet 27/16 inches. 
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Functions of Numbers 
Table 5-27 shows the functions of numbers. 


Summary 


All the sciences are based on arithmetic and the ability to use it. 
Arithmetic is the art of calculating by using numbers. A number is 
a total amount (or aggregate) of units. By computing the units, we 
arrive at a certain number or total. Similarly, a unit means a single 
article, often a definite group adopted as a standard of measurement 
(such as dozen, ton, foot, bushel, or mile). 

Fractions indicate that a number or unit has been divided into 
a certain number of equal parts, and shows how many of these 
parts are to be considered. Two forms of fractions are in common 
usage: the decimal and the common fraction. The common fraction 
is written by using two numbers, one written over or alongside the 
other with a line between them, the lower (or second) number being 
called the denominator, and the upper (or first) number being called 
the numerator. 

Geometry is a branch of mathematics that deals with space and 
figures in space. It is the science of the mutual relations of points, 
lines, angles, surfaces, and solids, which are considered as having 
no properties except those arising from extension and difference 
of situation. There are two kinds of lines—straight and curved. A 
straight line is the shortest distance between two points. A curved 
line is one that changes its direction at every point. 

Trigonometry is the branch of mathematics that deals with the 
relations that exist between the sides and angles of triangles, espe- 
cially the methods of calculating the required parts of triangles from 
given parts. There are six elements, or parts, in every triangle: three 
sides and three angles. The sum of the three angles, no matter what 
the lengths of the sides, will always be equal to 180 degrees. 


Review Questions 
1. What is the definition of arithmetic? 
2. What are even numbers? 
3. What are odd numbers? 
4. What are fractions? How are they used? 
5. What is trigonometry and how is it used in carpentry? 
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Surveying 


By definition, surveying means the art or science of determining the 
area and configuration of portions of the surface of the Earth. The 
two general divisions of surveying may be classified with respect to 
the nature of the measurements taken: 


° Leveling 
e Measurement of angles (transit work) 


In surveying, leveling is the operation of determining the com- 
parative levels of different points of land for the purpose of laying 
out a grade or building site, and so on, by sighting through a lev- 
eling instrument at one point to a leveling staff at another point 
(see Figure 6-1). 


The Level 


This instrument (see Figure 6-2) is employed to determine the differ- 
ence in elevation between points. A common form is known as the 
wye level, so-called because its shape resembles the letter Y. It con- 
sists of a telescope mounted on two supports that from their shape 
are called Ys. The crossbar supporting the telescope is attached to 
a vertical spindle that allows it to be turned in a horizontal plane. 
Directly beneath the telescope and attached parallel to it is a spirit 
level by means of which the line of collimation of the telescope may 
be rendered horizontal. The line of collimation is the line that would 
connect the intersection of the crosshairs with the optical center of 
the objective. 


Construction of the Wye Level 

In construction, a circular plate is screwed to a tripod, and to this is 
attached a similar plate parallel to the first and connected with it by 
a ball-and socket joint. Four screws (sometimes only three), called 
foot or plate screws, hold these plates apart by resting on the lower 
one and passing through the other. A vertical spindle in the center of 
the plates supports a rod, bar, or beam, and is used to revolve the in- 
strument. The beam is horizontal and carries at its ends two vertical 
standards or supports of equal size terminated by two forks of the 
general form of the letter Y. The inside of the Ys is Y-shaped, with 
an open bottom to prevent an accumulation of dirt. The top of the 
Ys may be closed by semicircular straps or bridles (called clips) that 
are hinged on one side and pinned on the other. The pins are tapered 
to permit fastening of the telescope. It is mever clamped tightly. 
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Figure 6-| The terms backsight and foresight do not neces- 
sarily mean backward and forward. Readings taken on a point 
of known elevation (such as a benchmark or a turning point) 
are called backsights, whereas readings taken on a point of un- 
known elevation are termed foresights. In the illustration, the 
backsight (to the benchmark) is + 6 feet 0 inches, and the fore- 
sight to station A is —5 feet 0 inches. The difference in the two 
elevations is 6 feet —5 feet = I foot. If the reading at station A 
had been greater than the 6-foot HI (height of instrument), the 
calculation would have shown a negative result, thereby indicat- 
ing that station A was lower than the benchmark. The elevation 
at station B is calculated in the same manner: 6 — 3 = 3 feet. 
Therefore, the elevations from any number of points can be 
obtained in the same way, if they can be seen from the same po- 
sition of the instrument. If they cannot, a new HI must be used. 





Figure 6-2 A typical builder’s level. (Courtesy David White Instruments, Division 
of Realist, Inc.) 


Surveying 201 


The tops of the Ys and the corresponding clips are called the rings 
or collars, and should be of equal diameter. A telescope is placed on 
the rings that support a spirit level. A clamping screw just above the 
upper plate serves to secure the instrument in any position desired. 
A tangent screw (also above the upper plate) provides slow motion 
(or vernier) adjustment to the instrument. 


The Telescope 

The objective, or object glass (so-called because it faces the object 
looked at) is a compound lens that is made to correct spherical and 
chromatic aberrations of single lenses. It gathers light and forms an 
image at a point in the tube where crosshairs are placed. The ocular 
(or eye) piece is also a compound lens through which the operator 
looks to see a magnified view of the image. In the best precision in- 
struments (often foreign-made), the image is often inverted. A good 
instrument worker quickly becomes accustomed to the inverted im- 
age, but most American-made instruments have an erecting image 
that shows the object right side up. Tangent screws may be used to 
give motion to the tubes carrying the objective and ocular. 


The Crosshairs 

These are made of platinum-drawn wires or spider’s threads 
attached to a ring within the telescope at the spot where the image 
is formed. The ring is secured by four capstan-headed screws that 
pass through the telescope tube. There are commonly two hairs, one 
horizontal and the other vertical, with their intersection in the axis 
of the telescope. 


Bubble Level 

The spirit level attached to the telescope can be raised vertically 
by means of altitude screws at the rear end, and it may be moved 
laterally to a limited extent by means of azimuth screws at the 
forward end. 


The Supports 

These form the Ys and are supported by the bar to that they are 
fastened by two nuts, one above and one below. These nuts may be 
moved to provide an adjustment (to move the scope in a horizontal 
direction). 


Lines of the Level 
The three principal lines of a level are as follows: 
° Vertical axis—This passes through the center of the spindle. 


e Bubble line—The metallic supports of the spirit level are 
equal, and the tangent at their top or bottom is horizontal 
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when the bubble is centered. This tangent is the bubble 
line. 


¢ Line of collimation—The line that would connect the intersec- 
tion of the crosshairs with the optical center of the objective 
is the line of collimation. 


The following relations must be obtained: 


e The bubble line and the line of collimation must be parallel. 


e The plane described by the bubble line should be horizontal, 
that is, perpendicular to the vertical axis. 


These conditions are generally satisfied in a new level, but expo- 
sure and use may alter these relations. Therefore, occasional adjust- 
ment of the instrument may be necessary. 


Adjustments of the Wye Level 

Levels and transits are expensive, precision instruments and should 
be treated as such. Although a passable job of leveling may be done 
by a relatively inexperienced worker, it is questionable if a major 
job of adjusting should be attempted by a novice. A perfect job of 
adjustment is difficult, even for an experienced adjuster, and there 
are few instruments in perfect adjustment. For precision work, the 
adjustment should be checked constantly. The first relation given 
earlier cannot be established directly. However, it does require sev- 
eral adjustments. 


First Adjustment 

Collimating the instrument means making the line of collimation 
parallel to the bottom element of the collars 

. Clamp the instrument, and unclip the collars. 

. Sight at some distant point, a point that is distinct. 

. Bring the horizontal crosshair on that point. 


hWN = 


. Carefully turn the telescope in the collars by one-half a revolu- 
tion around its axis, and sight again. If the horizontal crosshair 
is still on the sighted point, the telescope is collimated with re- 
gard to that crosshair. If it is off the point, bring it halfway 
back by means of the capstan-headed screws and the rest of 
the way by the plate screws. 


5. Repeat the operation over another point. 
6. Collimate it with regard to the other crosshair. 
7. Leave the screws at a snug bearing. 
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Second Adjustment 
This is where you set the bubble line in a plane with the bottom 
element of the collars. 


2. 
3. 


Unclip the telescope, and clamp the instrument over a pair of 
plate screws. 

Center the bubble by means of the plate screws. 

Carefully (and very slowly) turn the telescope in the collars in 
a small arc to the right, then to the left. If the bubble moves 
from center, bring it back by means of the azimuth or side 
screws. 


Third Adjustment 
Setting the bubble line parallel to the bottom element of the collars. 


Unclip the telescope, and clamp the instrument over a pair of 
plate screws. 


2. Center the bubble by means of the plate screws. 


4. 


. Carefully take the telescope up, replacing it carefully in the Ys 


in the opposite direction (that is, the objective sighting in the 
direction where the eyepiece originally was). If the bubble has 
moved, bring it back halfway by means of the altitude or foot 
screws of the spirit level and the rest of the way by the plate 
screws. 


Repeat in another direction until the adjustment is satisfactory. 


The second relation is established by making the bubble line stay 
in the center of the graduation during a complete revolution of the 
instrument around its spindle. 


Fourth Adjustment 
Now, make the axis of the instrument (not of the telescope) vertical. 


I. 
2. 
3. 
4. 


Pin the clips. 
Clamp and center the bubble over a pair of plate screws. 
Reverse the telescope over the same pair of plate screws. 


Bring the bubble halfway back (if it has moved) by means of 
the plate screws. 


Fifth Adjustment 
Again, make the bubble remain centered during a full revolution of 
the instrument. 


Center the bubble. 
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2. Revolve the instrument horizontally by a one-half revolution. 


3. If the bubble moves, correct it halfway by means of the support 
screws (at the foot of the Ys). If the rings become worn and 
unequal, use the two-peg method of the dumpy level. 


Dumpy Level Adjustment 

Figure 6-3 shows the dumpy level (so-called because of its com- 
pactness). It is used mostly in England, although it is used to 
some extent in the United States because of the better stability 
of its adjustments over the wye level. The dumpy level differs 
from the wye level mainly in that the telescope of the dumpy 
level is permanently attached to the supports or uprights, but 
these uprights are adjustable. The two-peg adjustment method is as 
follows: 


|. Drive two stakes (pegs) several hundred feet apart. 


2. Set the instrument approximately halfway between them. 


3. Level up and sight the rod that is held in succession on each 
stake. The difference in the readings is the true difference of the 





Figure 6-3 A dumpy level. 
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elevation of the stakes, even if the instrument is not in proper 
adjustment. 


4. Test the instrument. 


5. Set it near one of the stakes (the highest one, for instance). 
Level up and sight the rod held on the other stake. 


6. Subtract the height of the instrument from the reading. The 
difference should be equal to the difference of elevation of the 
stakes as previously found. If these differences are not equal, 
set the target halfway between these readings, sight on it, and 
center the bubble by means of the altitude screws. 


7. Repeat the operation until satisfaction is obtained. 


Centering the Objective and Ocular 

These adjustments are made permanently by the manufacturer. Usu- 
ally, four screws hold the tubes carrying the glasses. Their heads pass 
through the outside tube where, after permanent adjustment, they 
are covered by a metallic ring. 


Parallax 

This is the apparent motion of the crosshairs on the object sighted 
when the eye is moved slightly. It shows the imperfect focusing of the 
ocular over the crosshairs. To correct this condition, hold a white 
surface (such as that of a piece of paper) slightly in front of the 
objective, and move the ocular tube in and out until the crosshairs 
are perfectly defined. 


Leveling Rod 

This instrument, used in leveling, is usually 6/2 feet high, graduated 
to hundredths of a foot and provided with a sliding target. The rod 
is made in two parts, arranged so that its length can be extended 
to 12 feet. Precision rods are of one-piece construction and have no 
target. Builders’ rods may be graduated in feet, inches, and eighths 
of an inch, with a vernier reading in 64ths of an inch. A sliding disc 
(called a target) is provided with a vernier for extremely accurate 
work, reading to thousandths of a foot. 

In use, the rod is held in a vertical position with its lower end 
resting on the desired point of elevation. The target is then moved 
up and down until its center coincides with the crosshairs in the 
telescope of the level. The reading of the elevation is made from 
the rod on a line corresponding with the centerline of the target. 
There are various kinds of rods. Some are designed to be read by the 
rodman, while others can be read through the telescope of the level. 


ResearchGate 


See discussions, stats, and author profiles for this publication at: https://www.researchgate.net/publication/313112342 


Internet of Things (IoT) in 5G Wireless 
Communications 


Article jn IEEE Access - January 2016 


DOI: 10.1109/ACCESS.2016.2646120 


CITATIONS READS 
2 680 


7 authors, including: 


Waleed Ejaz Muhammad Ali Imran 
> 
¥ Ryerson University University of Glasgow 
69 PUBLICATIONS 397 CITATIONS 402 PUBLICATIONS 4,102 CITATIONS 


SEE PROFILE SEE PROFILE 


4 Minho Jo 
"» Korea University 


98 PUBLICATIONS 1,145 CITATIONS 





SEE PROFILE 


Some of the authors of this publication are also working on these related projects: 


| Project | IU-ATC View project 


| Project | Visible Light Communication View project 


All content following this page was uploaded by Minho Jo on 27 March 2017. 


The user has requested enhancement of the downloaded file. 


206 Chapter 6 


Methods of Leveling 

The simplest type of leveling is to find the difference in level between 
two points that are visible from a third point, the difference in level 
being less than the length of the leveling rod (see Figure 6-4). 








Figure 6-4 Leveling between two points whose difference in 
level is less than the length of the rod. 


I. Set up and level the instrument at some point approximately 
halfway between the two points. 


2. Have a worker hold the rod vertically on one of the points, 
and move the target up and down until its center coincides 
with the crosshairs of the level. 


3. Take a reading. This is the HI, or height of the instrument 
above the benchmark A. 


4. Turn the telescope on its spindle, have the rod held on the other 
point, and take a similar reading at B. The difference in level 
is equal to the difference in the readings. 


5. If the difference in level is greater than the length of the rod, use 
the method shown in Figure 6-5. Divide the distance between 
the two points into sections of such length that the difference in 
level between the dividing points A, B, and C (called stations) 
are less than the length of the rod. Set up and level between 
points A and B. 


6. Measure the distance Aa that is called backsight. Then, reverse 
the telescope, and take reading Bb that is called foresight. 
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Figure 6-5 Leveling between points whose difference in level 
is greater than the length of the rod. 


7. Next, set up and level between B and C, and take readings 
Bb‘ and Cc. 


8. Repeat the operation between C and D, taking readings Cc’ 
and Dd. The difference in level between stations A and D is 
equal to the sum of the differences between the intermediate 
stations. That is, this difference equals (Aa — Bb) + (Bb! — 
Cc) — (Cc’ — Dd), or (Aa + Bb’ + Cc’) — (Bb + Ce + Dd). 


Usually, you'll have to find the relative elevations of several 
points, as in grading work, in which case it is necessary to keep more 
elaborate notes and to measure distances between the stations. The 
method employed for this type of leveling is shown in Figure 6-6, 
and the field notes are recorded as shown in Table 6-1. 





Figure 6-6 Finding the relative elevations of several points in 
rough terrain. 
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Table 6-1 Field Notes (Corresponding to the Operations 


Illustrated in Figure 6-6) 








A 


Height of 
Station Distance Backsight Instrument Foresight Elevation Remarks 

0 4.2 104.22 100.0 Bench mark, 
top of hyd- 
rant. Turning 
point 

FOO, eecis, as 10.1 94.1 

CO sues iss es) 96.9 

SO essa, ine 5.8 98.4 

ee 4.1 99.1 9:2, 95.1 

70 6:8) izes) Sats 92.3 

WO; ein stv 9.5 89.6 

SO sees tess 11.5 87.6 


QMmHOOe 





. Assume a datum or reference line below the elevation of the 


lowest station, and refer all elevations to this line. Start at some 
permanently fixed point (such as a mark on a building or the 
top of a hydrant). This is called a benchmark. 


. Let A in Figure 6-6 be the benchmark, and assume a datum 


line 100 feet below the level of A. 


. Start with the instrument between A and B, and take a back- 


sight on A. The distance Aa is found to be 4.2 feet, which, 
when added to 100 feet, gives the height of the instrument. 


. Next, take foresights on B, C, and D, and record these read- 


ings in the proper column. Readings Bb, Cc, and so on, sub- 
tracted from the height of the instrument, will give the ele- 
vations at B, C, and so on. This is done, and the results are 
recorded in the proper column of field notes. 


. The ground falls away so rapidly beyond D that it is necessary 


to set up the level farther along and, therefore, establish a 
new height of instrument. This is done by holding the rod 
at some convenient point (such as at T) called the turning 
point, and taking a foresight, which measures the distance Tt 
(9.2 feet). 


. The level is then set up in its second position between E and 


F, and a backsight is taken on the rod in the same position, 
which gives the distance Tt’ (4.1 feet). 


. The distance t’'t then equals 9.2 — 4.1 = 5.1 feet, and this is 


subtracted from the previous height of instrument, thus giving 
the new HI, that is 104.2 — 5.1 = 99.1 feet. 


8. 


9. 


10. 
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A backsight is now taken on E, and foresights are taken on 
F and G. These are recorded in the proper columns, and the 
elevations are found by subtracting these distances from the 
new HI. 


The horizontal distances between the stations are measured 
with a tape and recorded in the second column. 


When plotting a cross-section from notes kept in this manner, 
the datum line is drawn first, and perpendiculars are erected at 
points corresponding to the different stations. The proper ele- 
vations are then indicated on these vertical lines, and a contour 
line is drawn through the points so marked. 


Directions for Using Level 
Note carefully the following mode of procedure in leveling: 


Center the bubble over one pair of plate screws, then over 
the other pair. Plate screws should have a snug bearing. When 
looking at the bubble or at the crosshairs, the eyes should 
look naturally (that is, without strain). Try to observe with 
both eyes open. 


2. Adjust the eyepiece to the crosshairs for parallax. 


. Turn the instrument toward the target. It is better to level up 


facing the target. 


. Look again at the bubble. 
. Sight the target, and have it set right by motions according to 


a prearranged code with the worker holding the rod. 


. Look again at the bubble. 
. Read the rod or direct the target from the intersection of the 


crosshairs only. 


. Approve the target when sure. 
. Have the height of the target called out by the worker holding 


the rod. 


. Enter this height in the field book. 
- Quickly, make needed calculations. 
- Motion the worker holding the rod to a new station or to 


stay for a turning point and backsight, and move yourself to 
another position. 


The following additional hints will also be useful: 


° Guarding against the sun—Draw the telescope shade, or use 


an umbrella or a hat. 
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Length of sights—Avoid sights too short and too long (250 to 
350 feet should be the limit of the sights). 


Equal sights—The length of the backsight should practically 
be the same as the length of the foresight. This may be approx- 
imated by pacing, or by sighting with the stadia crosshairs in 
the telescope. 


Long sights—When sights longer than the maximum allow- 
able in one direction only are unavoidable, correction should 
be made for curvature. 


Leveling up or down a steep slope—The leveler, after some 
practice, will place the instrument to take a reading near the 
top or the bottom of the rod (as the case may be), thus gaining 
vertical distance, but this produces unequal sights. The leveler 
may also follow a zig-zag course. 


Leveling across a large body of water 


° A running stream—Drive a stake to the water surface on 
each side of the stream and in a direction normal to the flow, 
although the line may not run so. Take a foresight reading 
on the first, a backsight reading on the second, and continue 
to and along the line. The elevations of the two stakes may 
be assumed equal. 


e 


Across a pond—If a pond or lake is too wide to ensure a 
good sighting across, use essentially the same method as for 
a stream. Drive stakes on each side and to the water surface. 
Take a foresight reading on the first and a backsight reading 
on the second. 


Across a wall—Take a foresight reading on the rod set on a 
stake, driven to the natural surface on the first side of the wall. 
Measure the height of the wall above the stake, and enter it as 
a backsight reading. Drive a stake to the natural surface on the 
second side of the wall. Measure the height of the wall on that 
side above the stake. Enter it as a foresight reading. Set the 
rod on the stake. Take a sight on it (which will be a backsight 
reading). Continue using this method until the leveling has 
been completed. 

In underbrush—If it cannot be cut down on the line of sight, 
find a high place or provide one by piling logs, rocks, and so 
on, to set the instrument on. 

Through swamp—Push the legs of the tripod down as far as 
possible. The leveler lies on his or her side. Two workers may 
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be necessary at the level. If the ground is still unsafe, drive 
stakes or piles to support the instrument. 


e Elevations taken at road crossings—Take elevations both ways 
for some distance. 


e Elevations taken at river crossings—Take elevations of high- 
water marks and flood marks, with the dates of it. Question 
the local residents for these dates. Also, ask for dates and data 
of extreme low water. 


¢ Proper length of sights—This will depend on the distance at 
which the rod appears distinct and on the precision required. 
Under ordinary conditions, sights should not exceed 300 feet 
where elevations are required to the nearest .01 foot, and even 
at a much shorter distance, the boiling of the air may prevent 
a precision reading of this degree. 


© Correction for refraction and earth curvature—A level line 
is a curved line at which every point is perpendicular to the 
direction of gravity, and the line of sight of a leveling instru- 
ment is tangent to this curve. This makes it necessary to con- 
sider this curve in some leveling operations. If reasonable care 
is used to make the lengths of backsights and foresights ap- 
proximately equal, this aberration is self-correcting. However, 
in extremely long lines, it is approximately 2 inches in one- 
half mile, or about 2/3d7, in feet, where d is equal to the dis- 
tance, in miles. This correction is usually combined with that 
for refraction. The combined correction is 547d’, and it is 
negative. 


Trigonometric Leveling 

Finding the difference in elevation of two points by means of the 
horizontal distance between them and the vertical angle is called 
trigonometric leveling. It is used chiefly in determining the eleva- 
tion of triangulation stations and in obtaining the elevation of a 
plane-table station from any visible triangulation point of known 
elevation. 

In triangulation work, the vertical angles are usually measured at 
the same time the horizontal angles are measured to obtain the ele- 
vations of triangulation points as well as their horizontal positions. 
The vertical angle is measured to some definite point on the signal 
whose height above the center mark of the station was determined 
when the signal was erected. The height of the instrument above its 
station should be measured and recorded. 
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In the most exact work, the angles are measured with a spe- 
cial vertical circle instrument. In less precise work, an ordinary 
Theodolite, whose vertical arc reads by verniers to 30 seconds or 
to 20 seconds, may be used, but with such instruments, only sin- 
gle readings can be made. The best results with such an instrument 
are obtained by taking the average of several independent readings, 
one-half of which are taken with the telescope direct and the other 
half with the telescope inverted. In every case, the index correction 
(or reading of the vertical arc when the telescope is level) must be 
recorded. 


The Transit 


This instrument is designed and used for measuring both horizontal 
and vertical angles. It consists of a telescope mounted in standards 
that are attached to a horizontal plate (called the limb). Inside the 
limb, and concentric with it, is another plate (called the vernier 
plate). The lower plate or limb turns on a vertical spindle or axis 
that fits into a socket in the tripod head. By means of a clamp and a 
tangent screw, it may be fastened in any position and made to move 
slowly through a small arc. 

The circumference of this plate is usually graduated in divi- 
sions of either one-half or one-third of one degree, and in the 
common form of transit, these divisions are numbered from one 
point on the limb in both directions around to the opposite point, 
which is 180 degrees. The graduation is generally concealed be- 
neath the plate above it, except at the verniers. This upper plate 
is the vernier plate that turns on a spindle fitted into a socket 
in the lower plate. It is also provided with a clamp by means of 
which it can be held in any position and with a tangent screw by 
which it can be turned through a small arc. A vernier is a device 
for reading smaller divisions on the scales than could otherwise be 
read. 

The transit is generally provided with a compass so that the bear- 
ing of any given line with the magnetic meridian may be determined 
if desired. It also has a spirit level attached to the telescope, so that 
it may be brought to a horizontal position and made to serve as a 
level. Figure 6-7 shows a typical transit. 


Construction of the Transit 
Figure 6-8 shows the general features of the transit construction. 
The following sections describe these features. 
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Figure 6-7 Typical transit. 


Parallel Plates 

There are two plates, one upper and one lower. The lower plate 
A is generally formed with two parts. The outside part is a flat 
ring and is screwed to the tripod head. The inside part is another 
flat ring of a diameter larger than the opening in the outside part 
and has a central dome, C, that is perforated on the top. The in- 
side part is movable and rests on the under side of the outside 
part. The upper plate B is generally made in the form of a cen- 
tral nut, with four arms at right angles (or three at 120°). The 
upper plate carries an inverted conical shell, the lower portion of 
which passes through the perforation in the dome of the inside part 
of the lower plate, where it expands into a spherical shape and 
thus forms a ball joint with the lower plate. This spherical mem- 
ber is perforated in the center to allow the passage of a plumb-bob 
string. 


Foot Screws 

The two plates are connected by four-foot (sometimes only three) 
screws F in order to clamp the lower and upper plates (making 
them fast with each other and with the inverted shell) and to serve 
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Figure 6-8 The transit. In the illustration, A represents the 
lower plate; B, the upper plate; C, the central dome; D, the 
divided limb; E, the spindle; F, the foot screws; G, foot-screw 
cups; H, the vernier plate; J, the compass circle; K, the clamp- 
screw vernier plate to divided limb; L, the tangent screw; M 
and N, spirit levels; O, standards or supports; P, the horizon- 
tal shaft; Q, the vertical arc; R, the objective; S, the ocu- 
lar; T, the telescope; U, racks and pinions; V, the adjustable 
cross-hair ring; v, the divided-limb vernier; v’, the vertical-arc 
vernier; X, the spirit level; Y, the gradienter; and Z, the scaled 
index. 


in leveling the instrument. The screws pass through the ends of the 
arms of the upper plate. They are surmounted by dust caps. There 
the feet fit into small cups, G, that rest on the top surface of the 
lower plate to avoid wear. 


Shifting Center 
Since these cups, as well as the central part of the lower plate, may 
be moved (after slightly loosening the foot screws), a slight motion 
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may be given to the instrument to better set it over a given point of 
the ground. This arrangement is called a shifting center. 


Outer Spindle 

A second conical shell fits and may revolve in the conical shell at- 
tached to the upper plate. It is the outer spindle, and it carries pro- 
jections to form attachments with the other parts of the transit. 


Divided Limb 

The upper portion of the outer spindle terminates in a horizontal disc 
of plate D, the limb of which is divided into 360°, subdivided into 
one-half, one-third, or one-quarter of one degree. Every ten degrees 
are numbered, either from 0° to 360° or from 0° to 180°, either 
way. The degree marks are a little longer than the subdivisions, and 
every fifth degree has a mark slightly longer yet. 


Lower Motion 
The outer spindle and the divided limb are also called the lower 
motion. 


Inner Spindle 

A solid inverted cone fits into the outer spindle and may revolve in 
it. It is the inner spindle, and, like the outer one, it is provided with 
some projections for similar purposes. 


Vernier Plate 

The upper portion of the inner spindle projects farther than the 
divided limb and also carries a horizontal disc, H, that moves in 
a plane parallel to the divided limb (that it covers), except for 
two rectangular openings in opposite directions through which the 
divisions of the limb may be seen. These openings each carry a 
vernier v by means of which the subdivisions of degrees are again 
divided. Some verniers read to 1 minute, others to 0.5 minute, and 
some to 10 seconds. To facilitate the reading of the vernier, the 
openings are sometimes fitted with a reflector and a magnifying 
glass. 


Upper Motion 
The inner spindle and vernier plate H are also called the upper 
motion. The vernier plate carries a compass circle, shown at J. 


Compass Circle 

This consists of a circular box, the bottom of which carries at its 
center a sharp pivot of hard metal (hard steel or iridium) on which a 
magnetic needle approximately 5 inches long is balanced by an agate 
cup fixed in the middle of its length (see Figure 6-9). The needle 
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Internet of Things (loT) in 5G Wireless 


Communications 


During the past decade, the Internet of Things (IoT) has 
revolutionized the ubiquitous computing with multitude of 
applications built around various types of sensors. A vast 
amount of activity is seen in IoT based product-lines and this 
activity is expected to grow in years to come with projections 
as high as billions of devices with on average 6-7 devices per 
person by year 2020. With most of the issues at device and 
protocol levels solved during the past decade, there is now 
a growing trend in integration of sensors and sensor based 
systems with cyber physical systems and device-to-device 
(D2D) communications. 5 generation wireless systems (5G) 
are on the horizon and IoT is taking the center stage as devices 
are expected to form a major portion of this 5G network 
paradigm. IoT technologies such as machine to machine 
communication complemented with intelligent data analytics 
are expected to drastically change landscape of various indus- 
tries. The emergence of cloud computing and its extension to 
fog paradigm with proliferation of intelligent ‘smart’ devices 
is expected to lead further innovation in IoT. These devel- 
opments excite us and form a motivation to survey existing 
work, design new techniques, and identify new applications 
of IoT. Researchers, scientists, and engineers face emerging 
challenges in designing IoT based systems that can efficiently 
be integrated with the 5G wireless communications. 

We received enthusiastic response to our special issue call 
for papers. A total of nine high quality papers were received 
out of which only seven were selected after a thorough review 
process. Invited articles were sought from two highly cited 
and accomplished researchers. Dr. Mischa Dohler (Fellow 
TEEE, Kings College London, UK) and Dr. Mung Chiang 
(Fellow IEEE, Princeton University, USA). 

The first article “MIMO-NOMA design for small packet 
transmission in the Internet of Things”’, written by a collabo- 
rative team of researchers Ding et al.,, opportunistic serving 
mechanism is designed as part of the effort in the novel 
paradigm of Multiple Input Multiple Output Non-Orthogonal 
Multiple Access transmission scheme. Under the proposed 
method, one user is completely served with their quality 
of service requirements completely taken care of whereas 
second user is served opportunistically under the NOMA 
paradigm. The main contribution of this article is a design 
with two sets of system parameters, precoding and power 
allocation coefficients, in order to ensure that the potential 
of NOMA can be realized even if the users’ channel con- 
ditions are similar. Two types of power allocation policies 
are developed in this paper. One is to meet first user’s QoS 


requirements in the long term. For example, in order to 
satisfy its targeted outage probability. The other is in which 
to realize second user’s QoS requirements instantaneously, 
e.g., the power allocation coefficients are designed to realize 
its targeted data rate for each channel realization. 

Machine to machine communication has a significant role 
to play in emerging internet of things paradigm in years 
and decades to come. The emerging IoT-5G scenario extends 
sensor based IoT capabilities to robots, actuators and drones 
for distributed coordination and low-latency reliable execu- 
tion of tasks at hand. In the invited work titled ‘Enabling 
the IoT machine age with 5G: Machine-type multicast ser- 
vices for innovative real-time applications” by Condoluci 
et al., core attention is focused on the end-to-end reliability, 
latency, and energy consumption comprising both up and 
downlinks for 5G-IoT communication. The authors propose 
the definition, design, and analysis of machine-type multicast 
service (MTMS). They recommend different procedures that 
need to be redesigned for MTMS and derive the most appro- 
priate design drivers by analyzing different performance indi- 
cators, such as scalability, reliability, latency, and energy 
consumption. Overall, a very interesting read complemented 
by open problems and future research directions to pursue. 

Security is one of the biggest challenges faced by Internet 
of Things. With devices becoming ubiquitous and pervasive 
in day to day lives necessitate reliable and secure algorithms. 
The third article, “Security enhancement for IoT communi- 
cations exposed to eavesdroppers with uncertain locations” 
by Xu et al., develops a secure framework for eavesdroppers 
with Uncertain Locations in IoT. With the assumption that the 
locations of eavesdroppers change independently from hop to 
hop, authors derive an expression for the secrecy outage prob- 
ability of the two-hop transmission, which is shown to be the 
upper bound of the outage probability when the locations of 
eavesdroppers remain unchanged. Following this expression, 
the end users formulate a secrecy rate maximization problem 
with the secrecy-outage probability constraint. The optimal 
rate design for codebooks and power allocation between the 
source and relay are derived. By studying the performance of 
the optimal scheme in some special cases, we obtain several 
insights concerning the setting of system parameters. 

In the article, “Enabling massive IoT in 5G and beyond 
systems: PHY radio frame design considerations” by 
Ayesha Ijaz et al., the authors propose a flexible frame struc- 
ture and design for massive Internet of Things (IoT) devices 
working in 5G wireless network. The authors also discussed 
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Figure 6-9 Two typical compass boxes. The compass circles 
are graduated to one-half degrees and numbered in quadrants. 
The variation plate is provided so that the magnetic declina- 
tion may be set accurately. The cardinal points shift with the 
graduated circle. (Courtesy C. L. Berger & Sons, Inc.) 


is strongly magnetized. Its north end is distinguished by color or 
ornamentation, and its balance is regulated by a small coil of fine 
wire wound around one arm that can be shifted. The limb that is 
formed by the edge of the sides of the box is divided into 360° with 
half degrees shown. They are numbered from two zeros marked 
at the ends of a diameter to 90° right and left. The bottom of the 
box is marked with two rectangular diameters corresponding to the 
graduations 0° and 90° of the vernier and two other diameters at 
45° to the first. 

The forward end of the diameter marked 0° is designated by 
the letter N, and the rear end is designated by the letter S, cor- 
responding to north and south. The ends of the transverse di- 
ameter marked 90° are designated by the letters E on the left 
and W on the right, corresponding to east and west. Note that 
this designation is the reverse of the standard mariner’s compass. 
Since the telescope is fixed to sight from south to north, the com- 
pass indicates the direction of the sighting. When set to an ordi- 
nary surveyor’s compass, the forward end of the frame carries a 
vernier and a tangent screw to read fractions smaller than one-half 
degree. 
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Controlling Clamps 

A screw K permits clamping of the vernier plate H to the divided 
limb D. Another screw attached to the upper plate permits clamping 
of the divided limb to the upper plate. 


Tangent Screws 

One tangent (or slow motion) screw L accompanies each clamp 
screw. It is used to complete the clamping at the exact spot where 
the clamp is to be made. 


Spirit Levels 

The spirit levels are attached to the vernier plate—one level M in 
front (north point of the box), the other N on the side—thus forming 
an angle of 90°. 


Standards 

The vernier plate carries two vertical standards or supports O, 
which are shaped like an inverted V and placed one on each side. 
The center of their legs is just opposite the 90° graduation of the 
compass box. They are made equal. 


Horizontal Axis 
The standards carry between and on the top of them a movable 
horizontal axis P. 


Vertical Code 

To the horizontal axis is attached, by means of a clamp screw, a 
vertical circle or arc, O, that is divided like the horizontal circle in 
its vertical motion just touches a circular vernier v’ carried by the 
left standard together with a slow-motion screw. 


Telescope 

In the middle of the horizontal axis and perpendicular to it is at- 
tached a telescope T of a description similar to that of the engineer’s 
level, with an objective R and an ocular S, racks and pinions U for 
their motions, and an adjustable crosshairs ring V, with ordinary 
and stadia hairs. 


Telescope Level 

An adjustable spirit level X is also attached to the under part of the 
telescope, as in the engineer’s level. This permits the transit to also 
be used as a leveling instrument, if necessary. 


Motions of the Telescope 
The telescope can function over the full range of the horizon and can 
measure any horizontal angle. In addition, since the telescope is ona 
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horizontal axis endowed with free motion, it may move in a vertical 
plane carrying with it the vertical arc, and it can, therefore, measure 
vertical angles. In the horizontal motion, the vertical crosshair of the 
telescope is brought exactly on the point sighted by means of the 
slow-motion screw L, carried by the vernier plate H. In the vertical 
motion, the horizontal crosshair of the telescope is brought exactly 
on the point sighted by means of the slow-motion screw carried on 
the inside of the left-hand support and by moving the vertical circle. 


Lines of a Transit 
The following are the principal lines of a transit: 
° Vertical axis 
e Horizontal axis 
e Plate level line 
e Attached level line 
¢ Line of collimation 


Vertical Axis 
This vertical line passes through the center of the spindle E (see 
Figure 6-8). 


Horizontal Axis 
The axis P (see Figure 6-8) of the shaft by which the telescope rests 
on the supports; it must be made horizontal. 


Plate Level Line 
The top or bottom lines of the plate level case N (see Figure 6-8). 
These are level when the bubble is centered. 


Attached Level Line 

The level line of the bubble level X (see Figure 6-8) attached to the 
telescope. It is employed only when the instrument is used as an 
engineer’s level. 


Line of Collimation 
The line determined by the optical center of the objective and the 
intersection of the crosshairs. 


Relations Between the Lines of a Transit 
The following relations must be obtained: 
e The plate levels must be perpendicular to the vertical axis. 


¢ The line of collimation must be perpendicular to the horizontal 
axis. 
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e The horizontal axis must be perpendicular to the vertical axis. 


e The attached level line and the line of collimation must be 


parallel. 


e The zero of the vertical circle must correspond to the zero of 


the vernier when the telescope is horizontal. 


Adjustments of the Transit 
The following sections describe the necessary adjustments of the 
transit. 


First Adjustment 
Make the axis of the spindle vertical and the planes of the plates 
perpendicular to it. 


2. 
3. 


Set one level over a pair of plate screws. The other level will 
thus be set over the other pair. 


Level up both levels by means of the plate screws. 


Turn the vernier plate around by a one-half revolution. If the 
bubbles remain centered during the motion, the vernier plate 
is in adjustment. If they have moved, bring them halfway back 
by means of the adjusting screws and the rest of the way by 
means of the foot screws. 


. Repeat the operation, and determine if the bubbles remain 


centered when revolving the divided circle. If they do not, the 
plates are not parallel, and the transit must be sent to the 
manufacturer for repairs. 


Second Adjustment 
Collimate the telescope. 


uh WN 


Set up the transit in the center of open and practically level 
ground. Carefully level the instrument. 


. Drive a stake or pin approximately 200 or 300 feet away. 

. Measure the distance. 

. Take a sight on that point, and clamp the plates. 

. Revolve the telescope vertically (in altitude) by one-half a rev- 


olution, thus reversing the line of sight. 


. Measure in the new direction the same distance as first mea- 


sured, and drive a pin. 


. Unclamp and revolve the vernier plate by one-half a horizontal 


revolution. 
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. Sight again at the first point and clamp. 
. Again, revolve the telescope vertically by one-half a revolution. 


If the line of sight falls on the pin, the telescope is collimated. 
If not, drive a new pin on the last sight at the same distance 
as before, and drive another pin at one-fourth the distance 
between the first pin and the second. 


- Move the vertical crosshair by means of the capstan-headed 


screw and an adjusting pin, until the intersection of the 
crosshairs covers the last pin set. 


Repeat the operation to be certain of collimation. 


Third Adjustment 
Adjust the horizontal axis so that the line of collimation will move 
in a vertical plane. 


6. 


. Level up carefully and sight on a high, well-defined point (such 


as a corner of a chimney) and clamp. 


. Slowly move the telescope down until it sights the ground, and 


drive a pin there. 


. Unclamp. Revolve the vernier plate one-half of a revolution, 


and revolve the telescope vertically one-half of a revolution, 
thereby reversing the line of sight. 


. Look again at the high point and clamp. 
. Slowly move the telescope down until it sights the ground. If 


the intersection of the crosshairs covers the pin, the horizontal 
axis is in adjustment. If not, correct halfway by means of a 
support-adjusting screw and the rest of the way by means of 
the plate screws. 


Repeat the operation, and verify the adjustment. 


Fourth Adjustment 
Make the line of collimation horizontal when the bubble of the 
attached level is centered. 


2. 


3. 


Drive two stakes 300 to 400 feet apart, and set up the instru- 
ment approximately halfway between these stakes. 

Level up and take readings on the rod held successively on the 
two stakes. The difference between the readings is the differ- 
ence of elevation of the stakes. 

Next, set the transit over one of the stakes, level up, and take 
a reading of the rod held on the other stake. 
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4. Measure the height of the instrument. The difference between 
this and the last rod reading should equal the difference of 
elevation as previously determined. If it does not, correct the 
error halfway by means of the attached level-adjusting screw. 


5. Repeat the operation, and verify the adjustment. 


Fifth Adjustment 
Make the vernier of the vertical circle read zero when the bubble of 
the attached level is centered. 


1. Level up the instrument. 


2. Sight on a well-defined point, and take note of the reading on 
the vertical circle. 


3. Turn the vernier plate one-half of a revolution, and also turn 
the telescope vertically one-half of a revolution. 


4. Again, sight on the same point. 
5. Read and record the reading on the vertical circle. 


One-half the difference of the two readings is the index error. The 
error may be corrected by moving either the vernier or the vertical 
circle, or the error may be noted and applied as a correction to all 
measurements of vertical angles. 


Adjustments of the Compass 

It will sometimes be necessary to adjust the compass. When an ad- 
justment is required, it may be accomplished by using the following 
procedure. 


First Adjustment 
Straighten the needle. 


1. Examine to see if the ends of the needle are set on opposite 
divisions. If not, fix the pivot so that they are. 


2. Revolve the box by one-half of a revolution. If the needle does 
not set on opposite divisions, bend both ends by one-half the 
difference. 


Second Adjustment 

Place the pivot in the center of the plate. If the needle is straight, 
move the pivot until the needle sets on opposite divisions at points 
such as 0°, 45°, and 90°. 
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Instructions for Using the Transit 

The transit requires various adjustments, as explained in the pre- 
ceding section. To center the transit over a stake, rest one leg of the 
tripod on the ground, then grasp the other legs and place the instru- 
ment as nearly over the stake as possible. Then attach the plumb 
bob, and center it accurately by means of the shifting head. Avoid 
having the plates too much out of level because this will result in 
unnecessary straining of the leveling screws and plates. 

Once the instrument has been centered over the stake, level it 
up by the spirit levels on the horizontal plate. To do this, turn the 
instrument on its vertical axis until the bubble tubes are parallel to 
a pair of diagonally opposite plate screws. Then, stand facing the 
instrument and grasp the screws between the thumb and forefinger; 
turn the thumbscrew in the direction the bubble must move. When 
adjusting the screws, turn both thumbscrews in or out, never in the 
same direction. Adjusting one level will disturb the other, but each 
must be adjusted alternately until both bubbles remain constant. 

Figure 6-10 shows the method of measuring a horizontal angle. 
The process of laying-off a given angle is similar to that of measuring 





Figure 6-10 The general principle of transit work. The transit 
is placed over the apex A of the angle CAB that is to be mea- 
sured. The telescope is sighted to stake B (position M), and a 
reading is taken. It is then turned horizontally and sighted to 
stake C (position S), and another reading is taken. The differ- 
ence between these readings gives angle CAB. 
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the angle. The transit is set up at the vertex of the angle, the vernier 
is clamped at zero, and the telescope is pointed at the target, thereby 
marking the direction of the fixed line. The limb is now clamped, 
the vernier is unclamped, and the vernier plate is turned through the 
desired angle and clamped. A stake should now be driven in line 
with the vertical crosshair in the telescope, thus establishing the two 
sides of the angle. 

When laying out the foundations of buildings, a corner stake 
is first located by measurement. Then the direction of one of the 
walls is laid out by driving a second stake. This direction may be 
determined by local conditions (such as the shape of the lot or the 
relation to other buildings). If the building is to be an extension to 
(or in line with) another building, the direction can be obtained by 
sighting along the building wall and driving two stakes in line with 
it. If it is to make a given angle with another building, this angle can 
be laid off as shown in Figure 6-11. 


STAKE ANGLE MEASURED STAKE 
WITH TRANSIT 





D 


Figure 6-11 The method of laying out a new building (S) at 
a given angle with an old building (M). After the corner and 
the direction of one wall are determined, a right angle may 
be laid off (if the building is rectangular), thus locating two of 
the sides (AB and AC). The length of side AB is then mea- 
sured, thereby locating corner B. The transit is set up at B, 
and line BD is laid off at right angles to AB. AC and BD are 
then laid off by the proper length, and the four corners of the 
building are thus located. If the building had not been rectan- 
gular, the proper angles could have been laid off instead of right 
angles. 
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Gradienter 
Some transits carry a device called a gradienter (Y in Figure 6-8) that 
is attached to the horizontal axis by means of a clamp screw and 
is inside of the right-hand support. It is designed and employed for 
the determination of grades and distances and consists of an arm in 
the shape of an inverted Y with curved branches. To the extremities 
of this arm are attached an encased spiral spring and a nut through 
which moves a micrometer screw with a graduated head that re- 
volves in front of a scaled index (Z in Figure 6-8) that is also carried 
by the arm. The ends of the screw and the spring are on opposite sides 
of a shoulder that is carried by the right-hand support. The head is 
divided into tenths and hundredths, and every revolution moves it in 
front of the scale by one division so that the scale gives the number 
of turns of the screw, and the graduated head gives the fraction of 
a turn. 

In grading, if one revolution of the screw moves the crosshair 
a space of 1 foot on a rod held 100 feet away, the scope indi- 
cated by the telescope is 1 percent. To establish a grade, level up 
the telescope, clamp the arm of the gradienter, and turn the mi- 
crometer screw by as many divisions as are required in the grade. 
For example, to set the gradienter at 2.35, move the head two 
complete turns plus 35 subdivisions. Measure the height of the 
telescope from the ground. Set the rod at that height. Then hold 
the rod at any point on the line, raising it until the target is bi- 
sected by the crosshairs. The foot of the rod will then be on the 
grade. 


Care of Instruments 

With proper care, the usefulness of an instrument can be preserved 
for many years. Therefore, the following suggestions on the care of 
instruments should be noted: 


e The lenses of the telescope, particularly the object glass, should 
not be removed, since this will disturb the adjustment. If it is 
necessary to clean them, great care should be taken, and only 
soft, clean linen should be used. 


° To retain the sensitivity of the compass needle, the delicate 
point on which it swings must be carefully guarded, and the 
instrument should not be carried without the needle being 
locked. When the needle is lowered, it should be brought gen- 
tly on the center pin. 


° The object slide seldom needs to be removed. When removal 
is necessary, the slide should be carefully protected from dust. 
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Do not grease or oil the slide too freely; only a thin lubricant 
film is necessary. Any surplus of oil should be removed with a 
clean wiper. 


e The centers, subject to considerable wear, require frequent 
lubrication. After a thorough cleaning, they should be care- 
fully oiled with fine watch oil. All of the adjusting screws 
should be brought to a fine bearing, but they should never 
be tightened to such a degree that a strain is applied to the 
different parts. If this is done, the adjustment will be unreli- 
able. 


e When the instrument is carried on the tripod, all clamps should 
be tightened to prevent unnecessary wear on the centers. 


The Stadia 


This is a device that is used for measuring distances, and it consists 
essentially of two extra parallel hairs in addition to the ordinary 
crosshairs of the transit or a level telescope (see Figure 6-12). The 
stadia hairs may be adjustable, or they may be fixed permanently 
on the diaphragm. 

When using the stadia, distances are measured by observing 
through the telescope of a transit the space (on a graduated rod) 
included between two horizontal hairs (called stadia hairs). If the 
rod is held at different distances from the instrument, different in- 
tervals on the rod are included between the stadia hairs. The spaces 








Figure 6-12 The principle of stadia operation. The fixed sta- 
dia hairs are set so that they will intercept | foot on a rod 
at a distance of 100 feet. Since the image of the crosshairs is 
projected to a point beyond the telescope objective equal to 
its focal length, the rays of light converge at that point, and 
measurements must begin from there. Therefore, a constant 
must be added to all stadia readings equal to the focal length 
of the object lens, plus the distance from the face of the objec- 
tive to the center of the instrument. This constant is the fac- 
tor F + C. For transit telescopes, it is equal to approximately 
I foot. 
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the interdependence of different frame design parameters, 
service requirements and characteristics of radio environ- 
ment. Based on these interdependency, they provide guide- 
lines for radio numerology design and elaborated on the 
frame design for IoT communications in 5G networks to 
support massive connection density of low-rate, low-power 
devices. The article concludes with some key research find- 
ings and challenges massive IoT in 5G wireless network. 

It is estimated that in year 2020, 20 to 40 billion devices 
will be connected to the Internet as part of the Internet 
of Things. A critical bottleneck for realizing the efficient 
IoT is the pressure it puts on the existing communication 
infrastructures, requiring transfer of enormous data volumes. 
In the article “CONDENSE: A reconfigurable knowledge 
acquisition architecture for future 5G IoT”’, by Dejan Vuko- 
bratovic et al., the authors propose a architecture named 
“Condense’ which integrates the acquisition of loT-generated 
data within the 3GPP MTC (machine type communications) 
systems. The proposed Condense architecture introduces a 
service within 3GPP MTC systems — computing linear and 
non-linear functions over the data generated by MTC devices 
This service brings about the possibility that the underlying 
communication infrastructure communicates only the desired 
function of the MTC- generated data (as required by the given 
application at hand), and not the raw data in its entirety. This 
transformational approach has the potential to dramatically 
reduce the pressure on the 3GPP MTC communication infras- 
tructure. The article concludes by discussing challenges, pro- 
vides insights, and identifies future research directions for 
implementing function computation and function decompo- 
sition within practical 3GPP MTC systems. 

In the article, ““Frequency-domain oversampling for cog- 
nitive CDMA systems: Enabling robust and massive mul- 
tiple access for Internet of Things’? by Su Hu et al., the 
authors utilize the concept of cognitive radio with dynamic 
non-continuous spectrum bands and code division multiple 
access to tackle the challenge of massive spectrum resource 
management in IoT. In order to suppress multiple access 
interference resulting from the non-orthogonality of partial 
available spectrum bins, carrier frequency offset, and spec- 
trum sensing mismatch, the authors propose an enhanced 
receiver design that combines the frequency-domain over- 
sampling scheme (FDO) and linear minimum mean square 
error (MMSE) method. The simulation results show that 
the cognitive-CDMA with FDO-MMSE receiver outperforms 
that with conventional per-user MMSE receiver in the pres- 
ence of multipath fading channels, carrier frequency offset, 
and spectrum sensing mismatch. 

In the invited article, “A survey of client-controlled 
HetNets for 5G”? by Michael Wang et al., a comprehensive 
review is provided on spectrum of client-controlled Het- 
Nets for 5G networks: from the fully devolved distributed 
local control approach to the hybrid control approach where 
clients may make the decisions given some global infor- 
mation provided by the network. After giving a thorough 
review, the authors also provide future research directions 
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and recommendations for evolution of 5G heterogeneous 
networks as an enabler for next generation internet of things. 

To conclude, the Editors would like to thank all authors 
who submitted their manuscripts against this Special issue. 
There had been some very exciting submissions though we 
could only accept best seven high quality submissions. The 
editorial staff also thanks the reviewers for their timely com- 
ments on the manuscript which helped us improve the presen- 
tation and quality of the content manifold. All the associate 
editors thank the Editor in Chief Dr. Michael Pecht for his 
assistance in making this special issue a reality. We would 
also like to thank the publications editor Ms. Kimberly Shu- 
mard for her continuous follow up on timelines and manage- 
ment of articles to ensure timely completion of the review 
process. We complete this note by letting the readers know to 
stay tuned with IEEE Access as we expect even more exciting 
issues in months to come. 
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on the rod are proportional to the distances from the instrument to 
the rod so that the intercepted space is a measure of the distance 
to the rod. This method of measurement furnishes a rapid means 
of measuring distances when filling in details of topographic and 
hydrographic surveys. 

Most transits, all plane-table alidades, and some precision level- 
ing instruments are fitted with stadia hairs. Stadia surveying has the 
advantage in that the intervening country does not have to be taped, 
and it provides a means of measuring inaccessible distances (such 
as across water and up steep hills and bluffs). It is well adapted to 
preliminary surveys for highways and railroads because the errors 
tend to be compensating rather than cumulative, but it should not 
be used for short distances (such as farms and city lots). In sights of 
200 to 400 feet, it is possible to read a rod to the nearest hundredth 
of a foot that represents 1 foot in distance. At 600 to 1200 feet, it 
is possible to read to the nearest hundredth of a yard that repre- 
sents 3 feet in distance. This is the precision to be expected in stadia 
measurements. 

The rod used is preferably a one-piece stadia rod (see Figure 
6-13F), but any standard leveling rod (except builders rods grad- 
uated in inches and sixteenths) may be used. When leveling with an 
instrument that is equipped with stadia hairs, care should be taken 
not to confuse the center leveling crosshair with either of the two 
outside stadia hairs. It has been done. Although it is by no means ob- 
solete, stadia surveying has been superseded by aerial photography. 
Neither is a substitute for careful taping. 


Other Devices 


For the vast majority of surveying purposes, the transit and levels 
described are more than sufficient. Three other devices can be even 
more useful, however. 

The Theodolite (see Figure 6-14) is a transit that is more expensive 
but more accurate than a standard transit, and the Theodolite has 
more capacity. If you are doing readings over 500 feet, you may 
want to look into this. 

The automatic level (see Figure 6-15) is also a tool used where 
great precision is required. Another device, the electronic distance 
measurer (EDM), is good when great distances must be read. It is 
a tool used on the sea and in other places (such as measuring from 
a point to a mountain) where there is no real point of reference. 
The electronic distance measurer and the Theodolite are often used 
together (see Figure 6-16). (By the way, no one seems to know the 
origin of the term Theodolite.) 


Surveying 227 








peeee hos. 






4) 
pet 
fa 
fa 
PE 

1 

i 


Ea en 8 eG EO aoe Se Us eS 






















1 re 
i : a 5 a 
ia a Ie 4 
2 yo) i ir 
i i ce 
4 Fed = Hy 
ef a Eee Fe 
iH Ei Let 
ss on i i 
E BOE OE 
ra bat i] 73] 
: HOE) OB 
Ba Ha Ey i] 
i Cn i 
: Hi | i 8 
H iH 
F 3 
a tr (H) 
(D) § 
+6) 
+ 
3 
73] 
tl 
3h 
3 
i 
(A) (B)  (C) (E) 


Figure 6-13 Various popular leveling rods: (A) is the Philadel- 
phia rod, in English graduations; (B) the California rod; (C) the 
Philadelphia rod, in metric graduations; (D) the Chicago rod; 
(E) the architect’s rod; (F) the stadia rod, in English gradua- 
tions; (G) the stadia rod, in metric graduations; and (H) the 
broad stadia rod. (Courtesy Eugene Dietzgen Co.) 


Laser Levels 
The need for plumb walls and leveling moldings (as well as various 
other points straight and level) is paramount in house building. It 
is difficult in some locations to establish a reference point to check 
for level windows, doors, and roofs, as well as ceilings and steps. 
The laser level (see Figure 6-17) has eliminated much of this trou- 
ble in house building. This simple, easy-to-use tool is accurate to 
within '/g of an inch in 150 feet, and it has become less expensive 
recently so that even the do-it-yourselfers can rent or buy one. 
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Figure 6-14 Wild T-16 
Theodolite. (courtesy of Wild-Heerbrugg) 








Figure 6-15 NA2 automatic level. (courtesy of Wild-Heerbrugg) 
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Figure 6-16 Typical EDM/Theodolite setup. (courtesy of Wild Heerbrugg) 


The laser level can generate a vertical reference plane for position- 
ing a wall partition or for setting up forms (see Figure 6-18). It can 
produce accurate height gaging and alignment of ceilings, moldings, 
horizontal planes, and can accurately locate doorways, windows, 
and thresholds for precision framing and finishing (see Figure 6-19). 
The laser level can aid in leveling floors, both indoors and out. It 
can be used to check stairs, slopes, and drains. The laser beam is 
easy to use and accurate in locating markings for roof pitches, and 
it works well in hard-to-reach situations (see Figure 6-20). The laser 
beam is generated by two AAA alkaline batteries that will operate 
for up to 16 hours. 
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Figure 6-17 Laser spirit level moves 360° horizontally and 
360° vertically with the optional lens attachment. It sets up 
quickly and simply with only two knobs to adjust. (courtesy of 
Stabila) 











Figure 6-18 The laser level can be used to align ceilings, mold- 
ings, and horizontal planes. It produces accurate locations for 
doorways, windows, and thresholds for precision framing and 
finishing. (Courtesy of Stabila) 
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Figure 6-19 The laser level can be used for indoor or outdoor 
leveling of floors, stairs, slopes, drains, and ceilings, and mold- 
ings around the room. (Courtesy of Stabila) 





Figure 6-20 The laser beam is used to provide easy and accu- 
rate location markings on pitches and in hard-to-reach situa- 
tions. (Courtesy of Stabila) 
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The combination laser and spirit level quickly and accurately lays 
out squares and measures plumb. No protective eyewear is needed. 
The laser operates on a wavelength of 635 nm and can have an 
extended range up to 250 feet. 


Summary 


Leveling, in surveying, is the operation of determining the compar- 
ative levels of different points of land for the purpose of laying out 
a grade or building site by sighting through a leveling instrument at 
one point to a leveling staff at another point. 

The transit is designed and used for measuring both horizontal 
and vertical angles. It is a telescope mounted in standards attached 
to a horizontal plate, called the limb. The transit is generally pro- 
vided with a compass so that the bearing of any given line with the 
magnetic meridian may be determined. It also has a spirit level at- 
tached to the telescope so that it may be brought to a horizontal 
position and made to serve as a level. 

A stadia is a device used for measuring distance. It consists essen- 
tially of two extra parallel hairs in addition to the ordinary crosshairs 
that are used in transit or level telescopes. When using the stadia, 
distances are measured by observing through the telescope of a tran- 
sit. 

The laser level is rather inexpensive and easily used. It can be 
utilized in the squaring of steps, locating doors, windows, and many 
other squaring and leveling operations. 


Review Questions 

. What are the three lines of the level? 

. What is a transit? 

. What are the fine lines of a transit? 

Name the various leveling rods used for measuring distance. 


uhbwn = 


. Explain the terms backsight and foresight when used in level- 
ing. 

. What is a stadia? 

. Where is the laser level most useful? 

. What is leveling in terms of surveying? 


wo ON A 


. Why is it important to have square corners and level floors in 
a building? 


10. How can a laser actually establish a useable level reference? 
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The Design Process 


The first consultation the designer has with the owner results in 
the owner setting forth what he or she wants or requires. This may 
include such things as the number of rooms, their sizes, the style of 
house preferred, the kind of materials he or she wants to use, and 
probably that all-important factor—how much money he or she will 
need, or how much is available. The first consultations may result 
in the designer making a dozen or more sketches. 

It is the designer’s function to guide the client in such matters. 
Usually, the owner has no skill or aptitude for building a house. 
Later consultations may settle such things as lighting, heating, per- 
haps the quality and style of plumbing fixtures, and the make or 
quality of such appurtenances as air-conditioning, laundry, and dish- 
washing equipment. The designer usually makes sketches (probably 
freehand) for the owner’s approval. 

In some instances, the purchaser comes into the office and con- 
sults with the designer or designee. The owner will decide on small 
changes in the chosen house plan. The designer just makes the sug- 
gested or agreed-upon changes and then draws up the blueprints. 
The owner picks out wall colors, kitchen cabinets, appliances, toilet- 
bowl designs, and many other small details. This may take a number 
of visits to a builder’s office, where all the samples of tile, carpet, 
brick, and other design features are on display. If there is a model 
house available, it is much easier for most people to pick out the 
one they want and see what changes they desire. 


Design Considerations 


Following are some of the particulars that should be settled before 
final design work: 


¢ Owners may greatly prefer a house with a basement. However, 
perhaps for reasons of economy, they may be willing to accept 
a house ona concrete slab. On the other hand, if the house is in 
Texas or some other location with soil problems, it will have to 
be a slab house. The designer should be able to give advice as 
to the advantages and disadvantages of the two systems along 
with the comparative cost of construction. 

e The owner’s mind may be set on a heating plant in the base- 
ment. However, in the event that a house with no basement is 
agreed on, the owner should understand that the heating plant 
must be in a utility room or in the attic. 
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The owner may insist that there be a well-equipped laundry 
in the basement. The person who does the laundry may have 
some ideas on this subject. 


The owner will probably insist that there be adequate clos- 
ets for each bedroom. The owner may have some ideas as to 
exactly what “adequate” consists of. 


The owner will want the kitchen to be convenient, with or 
without a garbage-disposal unit, probably with a dishwasher 
in a convenient location, possibly with room for a home 
freezer. Although saving steps is important, sufficient room 
in the kitchen may be more important. Few cooks appreciate 
a small kitchen—it greatly inhibits style. 


The owner may want a dining room, and not just dining space 
in one end of the living room, and may think that a counter 
or bar and no partition between the kitchen and dining room 
is not sufficiently odor-resisting when cooking fish or corned 
beef and cabbage. 


The owner (or perhaps the designer) may have some ideas 
concerning privacy in the home. There may be some objec- 
tions to so-called window walls that are supposed to “bring 
the outdoors indoors,” and a preference may be expressed for 
baseball-proof walls instead. Perhaps the idea of keeping large 
areas of glass clean is not appealing, and the owner would 
be quite content to leave the “outdoors” outdoors, if there is 
plenty of living space indoors. 


Then, there is the constant problem of sound resistance. 
Modern homes are often noisy, with air-conditioning, forced 
air heating, laundry, and dishwashing equipment, attic fans, 
kitchen fans, bathroom fans, radio and television, and many 
other noise-generating sources. It is the designer’s duty and 
obligation to see that such noises are isolated insofar as is pos- 
sible. Partitions should be noise-resistant. 


The designer must understand these and many other problems. 
They are with us and will be with us for many years to come. The 
owner probably does not (possibly cannot) understand how to han- 
dle such problems. The designer can, and should. It is the designer’s 
function to guide the owner’s ideas or simple notions so that the 
home environment will be satisfactory as far as the owner’s means 
will permit. The designer will probably be blamed for any serious 
discrepancy, no matter if the owner did insist on it. 
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It is not only desirable, but also necessary that the designer be 
familiar with the dimensions of the equipment, furniture, and other 
appurtenances found in the home. While it is rarely necessary that 
they be accurately detailed, space must be allotted for each one of 
them, and space is expensive. 

All modern building is governed by codes of some sort. In all 
government-financed homes, the government’s minimum standards 
are strictly enforced, and city codes are often much more restric- 
tive. Electrical codes occasionally seem to be unreasonable, but the 
building designer must be governed by them. Plumbing is often seri- 
ously skimped when no one is watching. Many states have plumbing 
codes. However, they do not have the force of law unless augmented 
and enforced by local authority. There is a National Plumbing Code, 
and, although it is advisory, it is in line with good practice. It should 
be used where there are no local codes. State and local boards of 
health may make it quite difficult for the designer of an inadequate 
plumbing system if the occasion arises. 

For economy, kitchens and bathrooms should be placed back- 
to-back. A 3-inch copper soil pipe will fit into a partition of 2 x 4 
studs, whereas a 4-inch cast-iron soil pipe won’t. 

In perhaps most cases, the designer’s duty is done when he or she 
prepares and delivers the drawings for a job. In some cases, he or 
she contracts to inspect the work at stated intervals, to ensure that 
the work is satisfactorily done. 

The designer should allow for the following thicknesses of walls 
in drawings: 


Standard wood outside wall—3/4-inch plywood or insulating 
board sheathing, 3!/2-inch studs, !/2-inch sheetrock inside, 41/2 
inches under the siding 

Inside partitions—3'/2-inch studs, sheetrock 1/2 inch (both 
sides), 41/2 inches 


Sound-resistant staggered-stud partitions—3'/2-inch studs 
staggered 2 inches, gypsum lath and plaster (both sides) 71/4 
inches 


Single-width brick veneer—?/4-inch sheathing, 31/2-inch studs, 
1/y-inch sheetrock, 91/2 inches 


Concrete blocks (plastered against the masonry)—8-inch, 81/2 
inches 


Concrete blocks (with furring)—8-inch, 3/4-inch furring, !/2- 
inch sheetrock, 9!/4 inches 
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° Cavity masonry wall—33/4-inch brick, 21/2-inch air space, 
4-inch concrete blocks, plaster on masonry, 107/s inches 

¢ Chimneys—minimum wall thickness, 33/4-inch brick liners, 
outside dimensions, 81/2 inches x 81/2 inches, 8!/2 inches x 
13 inches, 81/2 inches x 18 inches, 13 inches x 13 inches 


° Ceiling heights—first floor, clear minimum, 7 feet 6 inches; 
basement, 6 feet 9 inches clear 


e Stair wells—3 feet 2 inches x 9 feet, or clear headroom 7 feet 
above nosing of treads, vertically 


An Example of Design 


As an example of design, the series of figures presented in this sec- 
tion show the development of architectural drawings beginning with 
stock plans or plans that appear in newspapers and magazines from 
time to time. They give a prospective owner a good starting point, 
saving much time and study. 

Certain things, however, should be kept in mind. The magazine 
drawings were doubtlessly prepared by a registered architect. While 
the publishing of a design may imply that the architect has given 
approval that the design can be copied, it is best to get the written 
consent of the original designer, or at least to secure this consent 
from the publisher. A registered architect’s plans are protected from 
being copied, and court decisions have ruled that minor changes 
(regardless of how many of them there are) do not release the copier 
from liability. Purchasing a set of stock plans includes permission to 
build from the plans at least once. You might have to buy a second set 
to build the same design again. Determine where you stand legally 
before copying designs of any sort. It may save you from a costly 
and embarrassing situation. 

Let us assume that we start with magazine plans (Figures 7-1 and 
7-2). These two plans were prepared by a capable and experienced 
architect who has given us a practical and logical arrangement of 
a house plan, with stairs, doors, windows, closets, and so on. The 
architect has also indicated a proper and reasonable size for the 
various rooms. Any proposed changes or additions that the owner 
may desire may be taken up with the architect or builder, and may 
be easily whipped into form on the drawing board. 


Conference with Builder 
Let us now assume that the owner prefers to deal only with a car- 
penter or builder of his or her acquaintance, and asks the carpenter 
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LIVING ROOM 








Figure 7-| First-floor plan from a magazine. 


or builder to prepare the drawings and give an estimate on construc- 
tion. We will also assume that while the builder understands his or 
her own business from start to finish, he or she does not pretend 
to be a designer. A designer is, therefore, called in for advice on the 
preparation of the drawings. Having decided on the main features 
of the plans and elevations, we will start with the first-floor plan 
of the house, since that is always the controlling form factor. Then, 
following the easy and usual method, we may trace the other plans 
(second floor and basement) over it. 
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Figure 7-2 Second-floor plan from a magazine. 


Changes Agreed On 

After a careful study of the first-floor magazine plan, it is decided 
first to place the large chimney and fireplace inside the house against 
the stairs to conserve as much heat as possible, since considerable 
heat is necessarily lost from an outside wall. Next, omit the kitchen 
chimney, since a gas range is to be used. Third, move the large 
porch to the end of the house, since it provides more privacy, and 
change the window to a door. Fourth, provide the paved entrance 
platform with a settee at the front entrance. Fifth, provide a coat 
closet at the front entrance. Sixth, enlarge the dining room, taking 
the space from the kitchen. Seventh, install a first-floor lavatory 
in the small new wing at the rear. These, along with other minor 
changes, such as turning the back steps, adding two small closets 
near the fireplace, and substituting round for square porch columns, 
create a much more convenient and valuable first-floor plan. The 
principal second-floor changes are made to save cost and involve a 
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lowering of the front eaves line and decreasing the size of the front 
rooms. 

Figure 7-3 shows the modified first-floor plan after the changes 
have been agreed on, and Figure 7-4 illustrates the completed draw- 
ing of the first floor, with all the specifications and dimensions given 
in full detail. 














Figure 7-3 The modified first-floor plan. 
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Figure 7-4 The completed drawing of the first floor with all 
dimensions and specifications in detail. 


Summary 

In architectural design, the designer usually makes several sketches 
(probably freehand) for the owner’s approval. Among the many 
particulars that should be settled before the designer actually begins 
work are: will there be a basement (which determines the location of 
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the heating plant); how many closets in each bedroom; will there be 
kitchen conveniences (such as a garbage-disposer unit, dishwasher, 
and room for a home freezer). 

These are just a few of the problems for the designer. The owner 
probably does not know how to understand and handle such prob- 
lems. The designer should know how to handle these problems and 
guide the owner so that the home environment will be more than 
satisfactory when the work is completed. 

It is, of course, necessary that a designer know the dimensions of 
the equipment, furniture, and other appurtenances found ina home. 
Electrical codes occasionally seem to be unreasonable, but the build- 
ing designer must follow them. Plumbing is often seriously skimped, 
unless local authorities have some kind of a ruling enforcing certain 
regulations. 

Many times the future owner prefers to deal only with a carpenter 
or builder, and asks him or her to prepare the drawings and give an 
estimate on construction. The builder then calls the designer in for 
advice on the preparation of the drawing. 


Review Questions 


1. What must a designer know from the client before drawing up 
plans for a house? 


2. Is it generally a good idea to change floor plans after construc- 
tion has started? 


3. Is the kind of material used in the construction important to 
the designer? 


4. Are wall thickness, plumbing, and electrical wiring considered 
when drawing up plans? 


5. Why are some localities limited to slab houses? 


6. What is the difference in price of a slab foundation and a 
basement? 


7. Where is the air-conditioning and heating placed if the house 
is built on a slab? 


8. What are some of the concerns of someone who is trying to 
have a house built? 


9. What is the purpose of a plumbing code? 
10. What is the purpose of an electrical code? 


11. Why can’t you use a copy of a blueprint found in a magazine 
to build a house? 
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Building Specifications 


By definition, a specification is a specific and complete statement 
detailing the nature and construction of the item to which it relates. 
As applied to the building trades, specifications describe briefly (yet 
exactly) each item in a list of features and materials required to 
complete a contract for building an entire project. 

Great care should be used when reading specifications in order to 
avoid misunderstandings and disputes. Each item entering into the 
construction is defined and described with precision so that there 
can be no chance of misunderstanding or double interpretation. 


Example of Specifications 

Specifications refer to the contract form of which they are a part. 
This saves repetition of statements with regard to liability of contrac- 
tor, owner, and so on. The following is an example of specifications. 























Introduction 

Specifications for a frame dwelling to be built for Mr./Ms, 
of in the county of 

and state of on lot number — on 
the _ side of street in the city or 
borough of , county of, _ , state of 











. These specifications relate to a set of at- 
tached drawings consisting of: 

1. Plan of foundation and basement. 

2. Plan of first floor. 

3. Plan of second floor. 

4. Plan of roof. 

5. Four elevations (eight sheets in all). 

Detailed working drawings furnished as required. All drawings 


are a part herewith, and are to be considered as such with any con- 
tract that may be made. 


Height of Ceilings 
The following dimensions for these heights are: 


e Basement—7 feet 2 inches clear of finish. 
° First-story—8 feet 6 inches between timbers. 
e Second-story—7 feet 6 inches between timbers. 
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Interpretation of Drawings 

For arrangement of floors, general finish, and measurements, ref- 
erence must be made to the drawings. However, should any dif- 
ference appear between the scale measurements and the figures, 
or between the wording of the specifications and the lettering on 
the drawings, the specification shall in all cases take precedence. If 
any errors that are not explained either by reference to the draw- 
ings or specifications become apparent, the contractor shall refer 
them to the architect for correction before proceeding with the 
work. 


Conditions 

The contractor must see that all the work on the said building is 
performed in a thorough, professional, and substantial manner by 
competent workers and must also furnish all materials (the best of 
their respective kinds), labor, implements, transportation, and so on, 
if not otherwise specified. 

All painted parts of the exterior must have a prime coat of paint 
as fast as it is ready. The succeeding coats must not be applied within 
3 days of the former, and then not in wet or freezing weather or other 
conditions specified by the paint manufacturer. 

The contractor must protect all work while the building is in his 
or her hands, remove all superfluous materials or rubbish, and not 
obstruct the grounds around the foundation for grading and filling 
in as soon as the building is up. Figures are to take precedence over 
scale measurements. 


Mason’s Work 

Excavate to the length, breadth, and depth required for the foun- 
dations, as shown on the architect’s drawings. The topsoil is to be 
removed and placed in a separate pile from the other excavated 
materials—25 feet away from the excavation where directed. Also, 
excavate for a septic tank and overflow 75 feet from the founda- 
tion, as will be directed, containing 28 cubic yards to be built of 
concrete, with baffles, drains, and so on, all of which is set out in a 
special plan for same. The septic tank may be included in the plumb- 
ing subcontract. The main tank must be waterproof, although the 
overflow need not be. The tank shall be connected to the house at 
a point below the lowest fixture and below the frost line with a 
uniform declination of not less than 12 to 20 inches, and will have 
no running U trap. The drain is to be made of 6-inch socket-jointed 
Transite tile placed in tight cement joints from a point 4 feet outside 
the foundation. 
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Foundation 
Foundations and footings, as shown on the plans, are to be made of 
poured concrete with 8-inch walls and 16-inch footings. 


Chimneys 

Build two chimneys, as shown, of the same size and shape. Use an 
approved hard-red-pressed brick for all exposed parts of the outside 
chimney and for topping out. The fireplaces in the parlor, dining 
room, and bedroom are to be faced with the same brick (smooth 
inside the fireplaces), with 8 inches on the sides and 24 inches at 
the top. Buff the joints, and straighten the arches on 3!/2-inch x 
3'/2-inch angle irons, unexposed. Use firebrick for the backs. Lay 
the bricks in an approved refractory mortar (no fire clay). Spring 
trimmer arches for the hearths are to be laid with the same selected 
brick. All flues are to have tile linings, approved chimney pots, and 
clean outs. 


Mortar 
All mortar for brickwork is to be grade specified by building code 
regulations. 


Installing Drywall 

All walls, partitions, and ceilings, and all studded and furred places 
in all stories, are to be covered with !/2-inch-thick Sheetrock, which 
will have joints covered with tape and joint compound. Two coats 
of compound will be applied where wallpaper is used; three coats 
where paint is to be used. Panels shall be 4 feet x 8 feet and will 
be installed horizontally on walls, across the framing members on 
ceilings. The panels are to be secured with 13/s-inch blued ring-shank 
nails, and the pieces staggered. Inside corners of the paneling shall 
be covered with inside-corner molding, with nails placed 7 inches 
apart. Outside corners shall also be covered with metal molding. All 
joints will be smooth to the touch. 


Tiling 

The floors of bathrooms will be tiled with 3-inch x 3-inch octago- 
nal and 1-inch-square vitrified tiling, colors to be selected. The side 
walls will be tiled 4 feet high of plain white glazed 2'/2-inch x 4-inch 
molded base and nosing, with a narrow tinted stripe at the top of 
the sanitary base and under the nosing. The floors will be properly 
prepared by the carpenter by setting the rough floor !/2 inch below 
the top of the floor beams. All tiling will be set in adhesive recom- 
mended by the manufacturer, and the floors will be finished flush 
with the wood-finish floors. 
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Other Floors 

There will be a concrete floor in the furnace room, in the shop, and 
in the area from the west end turning east to the cross wall, as shown 
in the plans. All floors will be 3°/s inches minimum, with 6-inch x 
6-inch No. 11 reinforcing mesh. The kitchen hearth will be built in 
the same manner. 


Coping 

There will be 4-inch caps of blue stone on all piers showing them, 
edged on four sides, 3 inches larger than the piers. Cope area walls, 
which are to be 8 inches, with 2-inch x 10-inch blue stone where 
circular, fitted to radius. No patching of stone will be permitted. 


Timber 

All timber will be thoroughly seasoned, No. 1 common pine, square, 
straight, and free from any imperfection that will impair its dura- 
bility or strength. No individual piece is to have moisture content 
of more than 19 percent. The architect will check this. 


Framing 

The framing will be as indicated on the drawings. Headers over 
openings will be the sizes indicated in detail. No header with checked 
moisture content of more than 15 percent will be acceptable. Frame 
so that sheathing will be flush with the foundation wall. All moldings 
are to be miter-spliced and mitered at angles. No butt ends will be 
showing in the finish. 

Timber sizes will be as follows: 











Design Element Timber Size 

Sills 2-inches x 8-inches 

Girders 10-inch standard I-beams (25.4 pounds) 

Corners 4 inches x 6 inches backed with 2 inches x 
4 inches or built up 

Main plate 4 inches x 4 inches (2 inches x 4 inches 
doubled) 

Rafter plate 4 inches x 4 inches (2 inches x 4 inches 
doubled) 

Studding (general) 2 inches x 4 inches 

Closet studding 2 inches x 3 inches 

Main rafters 2 inches x 6 inches 

Dormer rafters 2 inches x 4 inches 

Ridge boards 1'/4 inches x 8 inches 

First floor joists 2 inches x 10 inches 

Second floor joists 2 inches x 8 inches 

Second story ceiling beams 2 inches x 6 inches 
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Spacing and Bridging 

All studding, floor, and ceiling joists placed on 16-inch centers. In 
every span of flooring exceeding 10 feet, there will be a row of 
1-inch x 2-inch bridging or 2-inch x 3-inch double nailed at each 
end. Rafters will be placed on 24-inch centers. 


Partitions 

All partitions are to be set plumb, well braced, and nailed. Studs 
at all angles and openings are to be doubled, and extra block is to 
be set at door openings for base nailing. All partitions that are not 
supported below are to be firmly trussed and braced. Ceilings to all 
closets will be furred down to within 12 inches of the door head 
except in closets more than 2 feet deep. There will be trued 7/g-inch 
grounds at top of base and around all openings. 


Lumber 

All outside finish-lumber will be clear white pine unless otherwise 
specified. All exterior finish lumber is to be free from large or loose 
knots and will also be clear and thoroughly dry. 


Sheathing and Sheathing Paper 

Cover all the exterior walls with %/4-inch plywood sheathing nailed 
to each stud with 8d nails. With joints cut on studs or backed for 
end nailing, cover with Tyvek, which is to be well lapped, extending 
under all trim and around all corners to make a complete and tight 


job. 


Exterior Finish 

Windows, door casings, cornices, corner boards, water table, brack- 
ets, band courses, and so on are to be made to the detail furnished in 
the drawings. The stock moldings that are to be used are numbered 
on the drawings. The first story is to be covered with the best-grade 
cedar lap bevel siding, laid at 41/2 inches to the weather. The sec- 
ond story and gables are to be covered with 18-inch hand-split and 
resawn shakes, laid at 8!/2 inches to the weather. Use hot-dipped 
galvanized nails, whose length will be approved by the architect. 
Window casings will be laid 2!/2 inches to the weather, and the 
front door frames and casement windows will be according to de- 
tail shown in the plan. 


Shingling 

Cover all roofs with 8-inch x 16-inch Pennsylvania blue slate, laid 
7 inches to the weather. All hips and other parts that require it are 
to be made secure against leaks by the proper use of slaters’ cement 
and proper flashings. An ornamental galvanized-iron ridge crest will 
be placed on the main ridge. See details on drawings for this crest. 
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Flashing 

Flash around chimneys, over all doors and windows, heads exposed 
to the weather, and where roofs join walls with 16-ounce sheet cop- 
per. Do the same in all valleys and wherever required to secure a 
tight job. Each side of a valley is to have a water check turned up 
1 inch in the metal. 


Flooring 

First and second stories are to have double floors, with a subfloor of 
5/s-inch CDX plywood. The first- and second-story finish flooring 
is to be oak tongue-and-groove strip flooring, which is to be thor- 
oughly seasoned and blind-nailed over building paper. There will be 
no joints in the main hall and only one joint in the run of boards 
in other rooms of the first floor. The second-story floors are to be 
cleaned and sandpapered to a smooth finish for the painter. Oak 
thresholds are to be set to all outside doorways, and hard rubber-tip 
doorstops are to be located behind all doors that open against a wall. 


Window Frames 
These are to be made of seasoned white pine. 


Sash 

All sash and frames are to be made by the Johnson Corporation and 
are to be of kiln-dried, vinyl-sheathed white pine. The numbers are 
given on the drawings. 


Screens 
All windows that open are to be fitted with bronze- or copper-wire 
window screens. 


Glazing 

All sash and outside doors, where indicated, are to be glazed with 
Johnson insulated windows or their equivalent. All hall doors are 
to be glazed with French plate. The plate in the Dutch door will be 
beveled. The basement sash is to be glazed with a single-strength 
glass. 


Blinds 

All windows, where indicated, are to be provided with an approved 
type of blind that will be 11/g inches thick and made of the best grade 
of seasoned white pine. All blinds will move freely after painting. 
The blinds are to be hung on approved cast-iron blind hangers. 


Door Frames 
All inside door frames in finished parts of the house, first and second 
stories, are to be made of white pine *°/32-inch thick, set plumb and 
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true, and blocked in four places on each side. Outside doorframes 
are to be rabbeted for doors. All frames are to be flush with the 
plaster finish. 


Doors 

Unless otherwise specified, all inside doors are to be made of slab- 
type birch veneer with hollow cores and will be 13/s inches thick. 
Outside doors are to be 13/4-inches thick and will be made of solid- 
core, slab-type birch veneer. The front doors are to be of the design 
shown in the drawings. Hang all doors throughout with loose-joint 
ball-tip butts of sufficient size to throw them clear of the architraves. 
Doors are to have three 3!/2-inch x 31/2-inch butts on 13/s-inch 
doors and three 4-inch x 4-inch butts on 13/4-inch doors. A hardwa- 
re schedule will be furnished. Hang both double-swing butlery doors 
on double-acting brass spring hinges. Furnish all nails, except those 
used for inside work, galvanized and all other hardware that will be 
necessary for the completion of the work in the proper manner. 


Interior Trim 

For the basement, the interior trim is to be selected cypress or red- 
wood. For the first and second floors, the trim is to be unselected 
birch. There will be a 4-foot 6-inch paneled wainscoting in the din- 
ing room, first floor hall, and up stairway. This panel will be made 
of !/4-inch birch plywood, with trim as shown in the details. There 
will be a 5-inch cabinet plate shelf in the dining room, the bottom 
member of which will be a picture molding. This shelf will match 
the door head trim. 


Stairs 

The main staircase is to be made of unselected birch. The stringers 
and treads are to be 1!/g inches thick, as shown in details. The risers 
are to be 3/4 inch thick. The risers and treads are to be housed into the 
wall stringer and return-nosed over the outside string. The rails are 
to be 3-inch x 3-inch molded, with ramps as shown in the details. 
Balusters will be 15/s inches, taper turned, three to a thread, and pro- 
portionately more for increased widths. Newels and column newels 
are to be as shown in the details. The run on the first flight is to be 
10!/4 inches from face to face of the rise with 12-inch treads. The sec- 
ond flight and basement stairs are to be 97/4 inches of run with 111/2- 
inch treads. For the basement stairs, cut 2-inch x 12-inch boards 
for the stringers and 2-inch x 10-inch yellow pine for the treads. 


Mantels 
There will be two mantels where indicated on the drawings. The 
contractor will figure them to cost $2000 each complete, including 
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linings and face and hearth tile. This amount will be allowed the 
owner to use at his or her option in the selection of it. The entire 
cost is to be figured in the contract price, including the setting of the 
mantels by the contractor. 


Pantry Cabinets 

There will be a cabinet, where indicated, with three glass doors, 
above the draining board. This cabinet will be 10 inches deep inside 
and will contain three shelves. The wall cabinets are to be con- 
structed as shown in the details. 


Closet Shelving 

The trim on the inside of the cabinets is to be plain. There is to be 
an average of 10 feet of 12-inch shelving to a closet, with 6-inch 
clothes strips and 1 dozen clothes hooks, japanned. The kitchen 
closet and the closet under the kitchen stairs are to have suitable 
shelving and sufficient pothooks and other fixtures. There will be 
25 feet of shelving in the shop closet. There will also be 1 dozen 
clothes hooks under the basement front stairs. 


Plumbing 

All necessary materials for completing the plumbing installation, 
as hereafter set forth, in a correct and sanitary manner are to be 
included in the general contract. The state plumbing code shall be 
strictly followed. 


Electric Wiring 

No. 12 Romex sheathed cable is to be installed under and subject 
to the requirements and regulations of the National Electrical Code 
and all state, county, and municipal codes. The locations for all 
electrical outlets will be shown in the drawings. 


Water Pipes 

Water is to be brought from the street main into the house through 
3/4-inch copper tubing, or plastic if preferred. Copper water tubing 
is to be used on all straight-line work. Place a hose-bib cock on the 
main at a point against the house for hose purposes, both front and 
rear, with a stop and waste cock in the basement. 

Complete all necessary digging for the laying of sewer and water 
pipes to the house. No trenches are to be less than 36 inches be- 
low the grade at any point. The pipes are to enter the house in the 
basement at a suitable point for intersection with the inside piping 
system. The dirt is to be well rammed over the pipe in the trenches as 
it is refilled. The house sewer is to be installed by the plumber, and 
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it will consist of a perfect 4-inch glazed socket-jointed tile pipe to a 
point exactly 4 feet outside the foundation wall. The soil pipe is to 
be 4-inch cast iron. All water pipes must have a gradual fall from the 
fixtures that they supply, and they must open at their lowest point 
for drainage purposes. All the cast-iron waste pipe will be furnished 
with the necessary fittings. 

Furnish and install one 60-gallon gas-fired water heater of an 
approved type and manufacture. This water heater is to be supplied 
with water through a 3/4-inch copper tube. Place a shutoff cock 
on the supply pipe. Take hot water from the water heater to and 
over the kitchen sink and to all other fixtures, except toilets, with 
'/>-inch copper tubing. The supply to the toilets will be through 
3/g-inch copper tubing. Cold water to all fixtures will be through 
separate pipelines. There must be no depressions in any pipe, and 
hot water must be kept rising from the boiler head. 


Kitchen Sink 

Furnish and install a cast-iron enameled kitchen sink, with a garbage 
disposer of (specify make and model). Furnish and install an au- 
tomatic dishwasher (specify make and model) where indicated in 
drawings. 


Wash Trays 

Provide and install where indicated on drawings, one two-part 
stone tub on galvanized iron legs. Supply the tub with hot and cold 
water through !/2-inch copper tube and brass faucets, one for cold 
water, threaded 1!/2 inches waste, with traps, plugs, and chains 
complete. The waste drain is to be connected with the soil pipe 
through a 2-inch copper pipe. 


Bathroom Fixtures 

All bathroom fixtures are to be (specify name of manufacturer) 
make, as listed in their catalog. The basement-bathroom water closet 
will be (ame and model); lavoratory, (name and model); bathtub, 
5-foot 6-inch (name and model). The other toilets are to be (name 
and model). The two second-story baths are to be (name and model), 
18 inches x 27 inches. Before any wall finishing is done, all supply 
pipes must be proven perfectly tight by a satisfactory test, and they 
must be left perfect at the completion of the test. 


Painting 

The entire exterior woodwork, except shingles, is to be painted 
with three coats of (manufacturer’s name) best grade of ready-mixed 
paints, thinned as necessary and as specified by the manufacturer. 
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The color of paint will be plain white, except for the shutters and 
shakes, which will be green and will be given two coats of (manufac- 
turer’s name) shake and shingle finish. The second-story floors will 
be sanded smooth and given three coats of (manufacturer’s name) 
polyurethane varnish. The first-story floors are to be left bare for 
wall-to-wall carpeting or vinyl tiling. All interior birch trim is to 
be finished natural, with one coat of white shellac and two coats 
of (manufacturer’s name) of flat varnish. The type and color of the 
interior wall paint for all interior walls will be specified by the owner. 


Condition of Bids 
The owner reserves the right to accept or reject any or all bids. 


Summary 


A specification is a statement containing a detailed description or 
enumeration of particulars, as of the terms of a contract, and details 
of construction usually not shown in an architectural drawing. Great 
care should be used when reading specifications to avoid misunder- 
standings and disputes. Each item entering into the construction 
is defined and described with such precision that there can be no 
chance of misunderstanding or double interpretation. 

Framing will be indicated on the drawings. Specifications as 
to type of timber used (such as No. 1 common yellow pine, 
square, straight, and free from any imperfections that will impair its 
longevity) will be indicated. Headers over window and door open- 
ings will be indicated as for size and installation procedure. 

Interior trim, including stair casing, will be shown. Moldings used 
throughout the house will indicate miter angles and type of lumber 
used. Ceiling height (as well as plastered or drywall construction) 
will be specified. Most plastered walls will be specified as to type 
of finish coat (which, in most cases, is at the option of the owner) 
and will also specify that exposed corners be protected with metal 
corner beads. 

All necessary materials for completing the plumbing installation, 
as set forth in the specifications, shall meet all state and local reg- 
ulations. Electrical wiring will be listed and meet the requirements 
and regulations of the National Electrical Code, or state and local 
codes. 


Review Questions 
I. Why should great care be used when reading specifications? 


2. What information is included in the specifications on framing 
a house? 


I. 
12. 
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. What code should be followed when plumbing a house? 
. Can a specification on a dwelling be changed or altered? If so, 


how? 


. What code should be followed when electric wiring is in- 


stalled? 


. Why should the purchaser of a house not only read, but also 


study all specifications prepared by the builder? 


. What should the clearance of the ceiling be in the basement? 
. What is an elevation? Where is the word found? 

. What is Tyvek? Why would you want it on a house? 

. What is the height of the second-story ceiling (between tim- 


bers)? Is this higher or lower than that of the first story? 
What does the architect place in the specifications sheet? 
Who determines the number of bathrooms in a house? 
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Architectural Drawings 


Drawings provide designers with a practical method of communi- 
cating their ideas to the carpenters and builders. Drawings are a type 
of shorthand that not only reflects, but also fixes on paper, the ideas 
of the designers. They help avoid possible misinterpretation. 


Use of Drawings 


Contractors and estimators should retain prints on jobs that they 
complete so that they might be used to compare future jobs. They 
should also keep at least two sets of prints on a job in progress. One 
set is the working-drawings for the tradespeople. On the second set, 
the lead carpenter adds the changes made as the structure is built, to 
be turned over to the owner to update the original drawings issued. 
The final drawings will identify any changes that were made during 
construction. The owner may change the original drawings to reflect 
the changes, so that the drawings will be fully up-to-date to assist 
with maintenance, troubleshooting, and design of additions to the 
original building. 


Reading Drawings 

In the drawings (sometimes called prints or plans), various eleva- 
tions are shown (such as the front, side, and sectional). A plan is a 
horizontal view of an object. An elevation is a vertical view of an 
object. 


Projected Views 
The various views are projected on imaginary projection planes, 
similar to the projection of a picture on glass. To illustrate the first 
(or front) view, place a clear pane of glass in front of the object 
with the glass parallel to the surface of the object being projected. 
Figure 9-1 shows a simple building with a shed roof. In front of the 
building is the pane of glass marked V, representing a vertical plane. 
When an observer looks through the glass directly at the front 
of the object from a considerable distance, the observer will see 
only one side, in this case the side marked ABCD. The rays of light 
falling upon the object are reflected into the eyes of the observer, 
and in this manner, the observer sees the object. The pane of glass 
(vertical plane) is placed so that the rays of light from the object 
will pass through the glass in straight parallel lines to the eyes of the 
observer. 
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FRONT ELEVATION 


one 
Figure 9-1 Rectangular object resting on a horizontal plane 
and facing a vertical plane. 


The rays of light from points ABCD of the building pass through 
the glass at points a, b, c, and d. If these points (a, b, c, and d) 
are connected by lines, a view of the object as seen from the front is 
obtained, which is called front elevation. 

The front elevation is identical in shape and size with the front 
side ABCD of the object (that is, a = AB; bc = BC, and so on; 
angle dab = angle DAB; angle abc = angle ABC, and so on). 


Top View or Plan 

For this view, place a pane of glass in a horizontal position above 
the building that is resting on the horizontal plane (see Figure 9-2). 
Now, look at the object directly from above. Note that the rays of 
light from corners AEFB of the top pass through the glass at points 
aefb. If these points aefb are connected by lines, a view of the object 
as seen from the top is obtained, which is called the top view, or 
preferably plan. 


Right-End View (Elevation) 

A pane of glass is placed to the right of the building in a vertical po- 
sition and parallel to the right side BFGC of the building (see Figure 
9-3). Here, the pane of glass is marked P, which means profile plane, 
or plane from a side projection. Looking at the building directly from 


Architectural Drawings 257 


GLASS (PARALLEL TO HORIZONTAL PLANE) 


TOP VIEW (PLAN) 





Figure 9-2 Projection of the top of an object to obtain top 
view. 


the right side (as in position S$), the rays of light from corners BFGC 
of the upper left-hand side (from points AE) pass through the glass 
at points bfgc and ae. If these points are connected by lines, a view 
of the object as seen from the right side is obtained, which is called 
the right-side view, or preferably right-end elevation. 








PROFILE PLANE 


RIGHT END 


ELEVATION 
RIGHT END 


Figure 9-3 Projection of the right end of an object illustrating 
right profile plane. 
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The shape of the object is such that the entire visible surface does 
not lie in a plane parallel to the projection plane. The points A and 
E, though located at the other end of the object, are visible and 
accordingly form part of the right-end view. Figure aefb does not 
show the top in its true size because it is projected obliquely instead 
of at 90°. An oblique projection makes an object appear smaller 
than its real size. 


Left-End View (Elevation) 

With a pane of glass shifted to the left side of the object (see Figure 
9-4), and the building viewed directly from the left side (as position 
S), the rays of light from corners ADHE of the left side pass through 





LEFT END 
ELEVATION 


Figure 9-4 Projection of the left end of an object illustrating 
left profile plane. 


the glass at points adhe. If lines connecting these points are drawn 
on the glass, a left side view of the object is obtained. However, 
the edge FB at the other end is invisible. It is shown by a dotted line 
connecting f and b projected from F and B. The completed drawing 
is then called a left-side view, or preferably a left-end elevation. 


Sections 

Most buildings are so complex they cannot be clearly represented 
by a plan and elevation alone. In such a case, the parts that do 
not appear properly in these drawings are better represented by a 
section, or sectional views. A cross-section is a drawing of a building 
showing that part cut by a plane (see Figure 9-5). 
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LINE OF INTERSECTION 


CROSS SECTION LINES 
(LIGHT) 


Figure 9-5 Pictorial view of a building illustrating cross- 
section. 


Directions of View for Sectional Views 

For an unsymmetrical object, it is important to know the direction 
in which the sectional view is viewed. This is indicated by arrows 
at the end of the line representing the cutting plane (see Figure 9-6). 






DIRECTION 
OF SIGHT 





CUTTING PLANE 


CUTTING PLANE 
INTERSECTION LINE fw, 


Figure 9-6 Direction in that a sectional view is viewed is indi- 
cated by the direction of arrows AA, at the ends of the cutting 
plane intersection line. 
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The arrows AA indicate that the object is viewed in the direction of 
point L (toward the smaller end of the object), and the arrows BB 
(in the direction of R) toward the larger end. 


The Scale 

Scale is the ratio between the actual size of the object and the size 
that it will be drawn. The scale is usually expressed on a drawing as 
full size, half size, quarter size, and so on, or it might be expressed 
as 1 inch = 1 foot, 1 inch = 100 feet, 1 inch = 1000 feet, or any 
other proportion that might be necessary to use. The scale is printed 
on the drawing. 

On a full-size drawing, the object and drawing are of the same 
size. When the drawing is marked half size, the object is twice the 
size of the drawing. Thus, the drawing of an object is shown full size, 
half size, and quarter size (see Figure 9-7). If the building’s height is 


HALF SIZE 


4 OBJECT FULL SIZE DRAWING 


DRAWING 


QUARTER 
SIZE 
DRAWING 


i 


Figure 9-7 A drawing of an object to different scales: full size, 
half size, and quarter size. 





represented by H and its diameter by D, then these dimensions 
will be the same for the full-size drawing. That is, H = hb; D = d. 
For the half-size drawing, bh’ = '/2 H; d = '/2 D. Similarly, for the 
quarter-size drawing, h” = 1/4 H; d” = 1/4 D. 
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From this it is seen that when the length of any edge on the 
drawing is made the same as the length of the corresponding edge 
on the object, the drawing is marked full size (sometimes actual 
size). If the length of any line on the drawing is half the length of 
the corresponding line on the object, the drawing is half size. 

The scale is smaller than the building. In using prints, the size is 
important, since prints are used in the field, and if they are too large, 
they may not be easily handled. 

In the case of a building, it would be impossible to have a print as 
large as the building. Thus, it is necessary to cut the print down in 
size. This necessitates the use of a scale. In the drawing of a building 
the building, designers usually express scale as 1 inch = 1 foot, 
'/) inch = 1 foot, and so on. This would indicate that 1 inch on 
the drawing would be equal to 1 foot on the actual structure, or 
1/) inch on the drawing would equal 1 foot on the actual structure, 
respectively. The architect uses the architect’s scale. This is laid out 
in inches (!/g, !/4, !/2, and so on). 

To lay off a distance of 2 feet 6 inches, place the 3/4 scale with 
division 2 at the given point A; then the zero division on the scale 
will be at a distance of 2 feet (see Figure 9-8). Because the end 
space is divided into twelfths, each division represents one inch on 
the 3/4 scale. Therefore, measuring off six divisions indicates that 
AB = 2 feet 6 inches. Notice the difference in actual length of this 
measurement on the 1 inch = 1 foot scale (see Figure 9-9). 


B fete $n mnnmeme 9 FT 6 IN.» A 





Figure 9-8 A typical architect’s scale with detail showing 34 
and | inch to the foot. 


The scale on the original would not apply to a reproduction made 
by photocopying. The scale on the original (see Figure 9-10) should 
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Figure 9-9 A typical architect’s scale with detail with inch di- 
visions instead of inches to foot. 


1, 
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Figure 9-10 Graphic reproduction scale. 


be crossed out and a graphic scale of proportions corresponding to 
the reproduction added. 


Drawing Development 


Knowledge of how architectural drawings are developed will help 
the carpenter and builder read drawings with more complete 
understanding. Architectural drawings are a means of transferring 
the thoughts of the designer to the builders and carpenters whose 
responsibility it is to construct the building. Graphic symbols are 
used to locate specific features and where they are to be placed. 
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The different parts or drawings that are necessary to show the 
structure (such as the mechanical and electrical installations) are all 
shown graphically. Therefore, you must become familiar with these 
symbols, not only those of one particular trade, but those of all 
the trades. This is necessary so that complete coordination may be 
reached between the various trades. In the construction of a build- 
ing, time and money may be saved by representatives of the different 
trades going over the plans and laying out the pattern to be followed. 
No trade can work independently of the others. If independence is 
attempted, confusion is created and some work must be done over 
to make all parts of the scheme fit together. During construction, 
the general contractor, the plumber, the steel workers, and the elec- 
trical and mechanical contractors must lay out the work together 
and determine from the drawings who installs what, where, and 
when. 

On the job, the architect may have a representative present to 
assist in coordinating the work and in making decisions that may 
be required. In designing the building, the owner or builder will 
often draw a rough sketch, after which he or she sits down with the 
architect to discuss what the owner will need and want in a building 
design. The requirements are noted as to space, machinery, electrical 
loads, numbers of persons that will occupy the building and what 
the future requirements might be. The owner will sometimes have a 
rough sketch of ideas (see Figures 9-11 and 9-12). These need not 
be drawn to scale or with any degree of accuracy. They are merely 
ideas of what the owner might want. In this discussion, no elaborate 
plans are given. Simple plans are used, as they show the intent and 
fall into line with more detailed plans. 

Notice that there are no details shown, merely a sketch of the 
spaces to be enclosed. After the sketch is drawn, the architect and 
owner can sit down and discuss details, at which time, no doubt, 
another freehand sketch will be drawn with more details. When a 
tentative solution is reached, the architect will make a preliminary 
drawing (see Figure 9-13). 

When the owner has signed construction papers, the architect 
will start drawing up the final plans and all details. There are many 
preliminary things to do, such as surveying the land to see how 
much excavating will be required. The location of the property lines 
and the general drainage plan for the immediate vicinity must be 
considered, and the water, sewer, gas, telephone, and power lines 
that exist must be considered. Local regulations regarding types of 
construction permitted, setbacks, and so on, all must be taken into 
consideration. 
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LIVING 





18 STREET 
Figure 9-11 Owner’s sketch of the first floor of a residence. 


The final drawings are sent to the plan checkers of the inspection 
departments having jurisdiction. Here, they are checked to see that 
they conform to local codes. Corrections are noted, or the plans are 
approved. Most specifications that accompany plans put the burden 
of following applicable local codes on the builders and contractors. 
When questions arise (such as an electrical or mechanical problem), 
the contractor involved takes these problems up with the architect 
or an assistant who, in turn, takes them to the engineer who has 
performed the design work. 
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Figure 9-12 Owner’s sketch of the second floor of a residence. 


There are various methods of bidding on plans. Sometimes, the 
general contractor gives the entire bid, and then calls for bids from 
subcontractors. This method has some advantages in that the gen- 
eral contractor is responsible for the entire job. At other times, the 
general contractor and each subcontractor bid their parts separately. 
This method has an advantage. The general contractor’s percentage 
is removed from the subcontractors’ bidding, and the owner has 
more control over who gets the bids. The details of the architect’s 
sketches for the preliminary part are not important to the mechanic. 
Therefore, they will not be covered in this book. What the mechanic 
is interested in is how to perform part of the work. 
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CAPABILITIES AND TECHNOLOGIES 

The capabilities of 5G wireless access must extend far beyond previous generations of mobile 
communication. Examples of these capabilities include very high data rates, very low latency, 
ultra-high reliability, energy efficiency and extreme device densities, and will be realized by the 
development of LTE in combination with new radio-access technologies. Key technology 
components include extension to higher frequency bands, access/backhaul integration, 
device-to-device communication, flexible duplex, flexible spectrum usage, multi-antenna 
transmission, ultra-lean design, and user/control separation. 
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SECOND FLOOR 
PLAN 
Figure 9-13 Architect’s drawing (preliminary), without di- 
mensions, of the owner’s idea. 


Typical floor plans of the first and second floors are shown in 
Figures 9-14 and 9-15. Figures 9-16 and 9-17 show typical floor 
plans of a first and second floor, with dimensions added. Figure 9-18 
is a typical plan of a basement, with dimensions added. Figure 9-19 
illustrates a typical detail of the basement wall, footings, and floor. 
Figure 9-20 shows a typical detail of the floor joists, brick veneering, 
and so on as they attach to the foundation. 
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Figure 9-15 A typical second-floor plan. 


Graphic Symbols 


In architectural drawings, a form of shorthand is used to illustrate 
what is to be installed and at what point or location the installation 
will be in the building. These are commonly known as graphic 
symbols. 
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2” x 6" RAFTERS 11'-6" x 9'-6" 


FACE OF HOUSE 





4" LEADER (COPPER) EAVES OVERHANG 
Figure 9-17 A typical second-floor plan with dimensions. 
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Figure 9-18 A typical basement plan with dimensions. 


Symbols are used in drawings to represent various parts and sys- 
tems. You must also become familiar with these. Each trade has its 
own symbols, and the workers of each trade should learn to recog- 
nize the symbols of all the other trades. For example, the electrician 
should understand the plumber’s symbols. The plumber should un- 
derstand the carpenter’s symbols, and so forth. In this way, each 
craftsperson will know what obstacles may be encountered in the 
work, and will be better prepared to cope with them. 

In this section, the symbols shown are standards for the con- 
struction industry. However, you will find that some designers or 
individual institutions will deviate from these standards. Where this 
is done, a legend showing what the symbols mean should be added 
to the drawings. 

A drawing consists of many different kinds of lines, each hav- 
ing its own purpose. Certain characteristic lines are used to convey 
different ideas, and the drafting practice has been rather well stan- 
dardized as to the use of lines to avoid confusion in reading draw- 
ings. A good working drawing is as simple as possible, using only 
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Figure 9-19 Detail of basement walls, footings, and floor. 
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Figure 9-20 Detail of floor, brick veneering, and so on. 
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Figure 9-21 Various lines used in drawing. 








(A) WALL (B) MASONRY WALL 





(C) WALL 
SSS —— 
(D) SINGLE-SASH WINDOW (E) SINGLE-SASH WINDOW 
(ALTERNATE) 
SSS —————— 
(F) DOUBLE-SASH WINDOW (G) DOUBLE-SASH WINDOW 
(ALTERNATE) 
(H) DOUBLE-CASEMENT WINDOW (1) TWO-SASH MASONRY 
WALL WINDOW 
(J) BASEMENT SINGLE-SASH WINDOW (K) OUTSIDE DOOR 
(L) INSIDE DOOR (M) DOUBLE-SWING DOOR 


—— OO — OSS 


(N) SINGLE SLIDING DOOR (0) DOUBLE SLIDING DOOR 
——— > ~~ eee Ss 
(P) DOUBLE SWINGING DOORS (Q) ARCH OR CASED OPENING 


Figure 9-22 Symbols for walls, windows, and openings. 
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such lines as are necessary to give all of the required information. 

Moreover, the reader will not have to puzzle over a mass of lines that 

complicate the drawing. The same thing holds true for dimensions 

and other data. A good drawing is accurate and complete, though 

simple, and is therefore easily understood (read) by the carpenter. 
Figure 9-21 shows the lines generally used on drawings. 
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Figure 9-23 Symbols for chimneys and fireplaces. 
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Figure 9-24 Symbols for stairs. 
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Figure 9-25 Symbols for various materials. 


Walls of frame buildings are represented on floor plans by two 
parallel lines spaced at a distance apart equal to the wall thickness 
(see Figure 9-22A). Masonry walls are shown on a floor plan by 
cross sectional lines, as shown in Figure 9-22B. Walls of all types of 
construction may also be shown as in Figure 9-22C, by heavy dark 
lines that save time in drawing and give a better print. 

There are many and varied types of window construction, the 
symbols for some being shown in Figure 9-22D-J. The specifications 
should show the materials and types of construction, thickness of 
glass, and type of glass to be used. These details may be listed as a 
supplement to the specifications, or on the drawings if there is room. 
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There are many types of doors that will be used, the symbols for 
some of these being shown in Figure 9-22K-Q. There may also be 
special doors used, and where this is called for, a drawing showing 
the detail should accompany the main drawing. Detailed sketches 
or drawing inserts should show all details of sills, especially where 
masonry construction is to be used. In drawings, the dashed line 
should be avoided where it is intended to indicate some part that 
is in view. The dashed line is ordinarily intended to represent some 
hidden feature or part. 

Figure 9-23 shows a few conventions or symbols for chimneys 
and fireplaces. There may be special features that should be shown 
in additional drawings. In each case where details are required, a 
notation should be added referring to the detail drawings. 

Stairs must be identified as to their direction, and whether they are 
boxed or open. Figure 9-24 shows some methods of identification. 
Arrows show the direction of the stairs. 

Figure 9-25 shows symbols for the identification of materials. 

If confused as to an abbreviation while reading a drawing, con- 
sidering the nature of the work will be helpful in interpreting the 
abbreviations. It should be understood that these abbreviations re- 
late only to one part of the subject. For every field (such as carpentry, 
electrical work, and so on), there are many conventions relating to 
each individual field. Table 9-1 shows common abbreviations used 
in construction drawings. 


Table 9-1 Common Abbreviations Used in 
Construction Prints 








Construction Feature Abbreviation 
Access door AD 
Access panel AP 
Acoustic ACST 
Aggregate AGGR 
Aluminum AL 
Anchor bolt AB 
Angle ANG 
Apartment APT 
Area A 
Area drain AD 
Asbestos ASB 





(continued) 
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Table 9-1 (continued) 








Construction Feature Abbreviation 
Asbestos board AB 
Asphalt ASPH 
Asphalt tile A Tile 
Automatic washing machine AWM 
Basement BSMT 
Bathroom B 

Bath tub BI 
Beam BM 
Bearing plat BRG PL 
Bedroom BR 
Blocking BLKG 
Blueprint BP 
Boiler BLR 
Bolts BT 
Book shelves BK SH 
Boundary BDY 
Brass BR 
Broom closet BC 
Building line BL 
Cabinet CAB 
Caulking CLKG 
Casing CSG 
Catch basin CB 
Cellar CEL 
Cement floor CEM FL 
Center CTR 
Center-to-center CtoC 
Center line C/L 
Ceramic CER 
Channel CHAN 
Cleanout CO 
Clear glass ClGL 
Closet CLO 
Cold air CA 
Cold water CW 
Conduit CND 
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WHAT |S 5G? 


5G radio access technology will be a key component of the Networked Society. It will address 
high traffic growth and increasing demand for high-bandwidth connectivity. It will also support 
massive numbers of connected devices and meet the real-time, high-reliability communication 
needs of mission-critical applications. 

5G will provide wireless connectivity for a wide range of new applications and use cases, 
including wearables, smart homes, traffic safety/control, critical infrastructure, industry processes 
and very-high-speed media delivery. As a result, it will also accelerate the development of the 
Internet of Things. 

The overall aim of 5G is to provide ubiquitous connectivity for any kind of device and any kind 
of application that may benefit from being connected. 

5G networks will not be based on one specific radio-access technology. Rather, 5G is a portfolio 
of access and connectivity solutions addressing the demands and requirements of mobile 
communication beyond 2020. 

The specification of 5G will include the development of a new flexible air interface, NX, which 
will be directed to extreme mobile broadband deployments. NX will also target high-bandwidth 
and high-traffic-usage scenarios, as well as new scenarios that involve mission-critical and real- 
time communications with extreme requirements in terms of latency and reliability. 

In parallel, the development of Narrow-Band loT (NB-loT) in 3GPP is expected to support 
massive machine connectivity in wide area applications. NB-loT will most likely be deployed in 
bands below 2GHz and will provide high 
capacity and deep coverage for 
enormous numbers of connected f 
devices. : 

ensuang Intehopetatnity with past H LTE evolution inimmonting 
generations of mobile communications H 
has been a key principle of the ICT H 

l 


Backwards compatible 





industry ‘since-the development: of § “ss2e2a22n2-f" )-aonnenoue eee eee eee eee 
GSM and later wireless technologies —E> 


a way that recognizes itS rOle i ummm ne 
idj LS | | | | | | HT 
providing excellent coverage for 1GHz 3GHz 10GHz 30GHz 100GHz 1GHz 

mobile users, and 5G networks will Below 6GHz 


incorporate LTE access (based on 
Orthogonal Frequency Division 
Multiplexing (OFDM)) along with new 
air interfaces in a transparent manner 
toward both the service layer and users. 
Around 2020, much of the available wireless coverage will continue to be provided by LTE, 
and it is important that operators with deployed 4G networks have the opportunity to transition 
some - or all - of their spectrum to newer wireless access technologies. For operators with 
limited spectrum resources, the possibility of introducing 5G capabilities in an interoperable way 
— thereby allowing legacy devices to continue to be served on a compatible carrier — is highly 
beneficial and, in some cases, even vital. 

At the same time, the evolution of LTE to a point where it is a full member of the 5G family of 
air interfaces is essential, especially since initial deployment of new air interfaces may not operate 
in the same bands. The 5G network will enable dual-connectivity between LTE operating within 
bands below 6GHZ and the NX air interface in bands within the range 6GHz to100GHz. NX should 
also allow for user-plane aggregation, i.e. joint delivery of data via LTE and NX component carriers. 

This paper explains the key requirements and capabilities of 5G, along with its technology 
components and spectrum needs. 


Overall 5G solution 


New technology 
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Figure 1: The overall 5G wireless-access solution consisting of LTE evolution and new technology. 
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(continued) 
Construction Feature Abbreviation 
Counter CTR 
Cubic feet CU FT or FT? 
Detail DET 
Diagram DIAG 
Dining alcove DA 
Dining room DR 
Double-acting door DAD 
Double-strength glass DSG 
Drain D or DR 
Electric panel EP 
End to end EtoE 
Excavate EXC 
Expansion joint EXP JT 
Finished floor FIN FL 
Firebrick FRBK 
Fireplace FP 
Fireproof FPRF 
Flooring FLG 
Flush FL 
Footing FTG 
Foundation FND 
Frame FR 
Garage GAR 
Gas G 
Gage GA 
Gypsum GYP 
Hall H 
Hardware HWD 
Hose bibb HB 
Hot air HA 
Hot-water tank HWT 
I-beam I 
Inside diameter ID 
Insulation INS 
Iron I 
Kitchen K 


(continued) 
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(continued) 
Construction Feature Abbreviation 
Knocked down KD 
Landing LDG 
Lath LTH 
Living room LR 
Main MN 
Matched and dressed M&D 
Maximum MAX 
Medicine cabinet MC 
Minimum MIN 
Miscellaneous MISC 
Mixture MIX 
Mortar MOR 
On-center OC 
Pantry PAN 
Partition PARTN 
Plaster PLAS 
Plate PL 
Porch P 
Precast PRCST 
Prefabricated PREFAB 
Pull switch PS 
Radiator RAD 
Recessed REC 
Refrigerator REF 
Register REG 
Revision REV 
Riser R 
Rivet RIV 
Room R or RM 
Rubber tile R Tile 
Screen SCR 
Section SECT 
Sewer SEW 
Shelving SHELV 
Shower SH 
Single-strength glass SSG 





(continued) 
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(continued) 

Construction Feature Abbreviation 

Sink S or SK 

Soil pipe SP 

Square feet SQ FT or FT? 

Stairs ST 

Standard STD 

Switch SW or S 

Storage STG 

Telephone TEL 

Thermostat T or THERMO 

Tongue-and-groove T&G 

Unexcavated UNEXC 

Vent Vv 

Vinyl tile V Tile 

Washroom WR 

Water W 

Water closet WC 

Water heater WH 

Weatherstripping WS 
Summary 


Drawings are a means of communication between the designers and 
the builders. They are used on the construction site for reference 
by the trade workers and as a record of how the building was ac- 
tually built. The building is represented with various views (such 
as plans and elevations). Complex views of the building are shown 
with sections. Sections are like a slice of the building that opens up 
the interior to a view. A floor plan is a horizontal slice. 

Drawings are made to scale. There is a consistent relationship be- 
tween the length of lines on the drawing and the size of the building 
and its parts. 

Drawings are developed in phases that allow the designer to set 
the owner’s requirements down on paper and show how the design 
can be changed to meet various functional and legal requirements. 

A drawing is made up of symbols that represent the various parts 
of the building and where those parts will be installed during con- 
struction. The symbols are usually standardized so everyone knows 
what they mean. Simple symbols like lines are used to define the basic 
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shape of the structure. Complex symbols indicate doors, windows, 
stairways, and other common parts of the building. 


Review Questions 


ou h WwW N 


What is the basic purpose of using drawings in construction 
of a building? How is this accomplished? 


. Why are the drawings updated during construction? 

. What part of a building does an elevation show? 

. What part of a building does a section show? 

. Why are drawings reduced in size by scaling? 

. Who, besides the carpenters and builders, uses the drawings 


of a construction project? 


. What do graphic symbols do in a drawing? 
. Draw the symbol for a door and a window. 


Chapter 10 
Building Styles Explored 


Today’s homes may resemble those from the New England days 
of the 1600s, or they may look more like a manufactured-in-the- 
factory house. There is a large range of styles and looks available 
for those looking for a new home. Contractors have plans and even 
model homes to aid in making a selection. There are even certain 
suggested styles and limits to housing designed for the retired couple 
with no adult children living with them. Everywhere you look, you 
see evidence of a variety of tastes expressed in living quarters. Here, 
we will be exploring some of those styles and learn how to make an 
educated choice for your next home. 


The Two-Story New England Colonial House 


Many houses of the Colonial style of architecture, built in the late 
1600s, are still standing in the New England states. 

Many of the original houses were built to accommodate larger 
families, but certain architectural details were common to all of 
them (see Figures 10-1 and 10-2). One feature found in most of 
the original houses is moderate to steep roof slopes, often the 
one-third pitch. This was necessary to allow the use of wood shin- 
gles or shakes, about the only roof covering then generally avail- 
able. Narrow eaves (with little or no projection at the gables) 
had the lap siding cut against wide corner boards. Plank frames 
were used for the windows, and there were no casings (or very 
narrow casings) outside. Entrances, however, were usually elabo- 
rate, sometimes with finely scrolled and carved pediments. Good, 
authentic replicas of many of these entrances are obtained today. 
In the later and more pretentious houses built in this era, side- 
lights were often used at the entrances, and sometimes the doors 
were double. The relatively wide pilasters at the sides were usually 
fluted or molded. A type of door that originated in England is pan- 
eled three high and two wide, with the top pair of panels smaller 
(nearly square). The rails in the upper part of the door form the 
Christian cross. 

The front of the house was symmetrical about the central 
entrance. Although there were some exceptions to this design, 
symmetry was the rule. Invariably, second-story windows were 
placed directly over lower story openings. Small covered ent- 
rances were uncommon, porches and verandas virtually unknown. 
The central entrance hall was universal, with the stairway to the 
upper floor. In the earlier and smaller Colonial houses, the stairway 
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Figure 10-1 Front elevation of a Colonial-type home. 
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was often steep and tortuous, often with tricky winders. However, 
in the later and better homes, the stairs were often beautiful, taste- 
fully designed and elaborately carved, with superb craftsmanship. 
Such stairs cannot be duplicated today. 

While the basic design was rectangular, many of the Colonial 
homes had attached ells or sheds. With a roof continuous down 
over a one-story shed at the rear, this house becomes the well-known 
saltbox, with a claim to fame all its own. All types of Colonial homes 
use windows of small glass or lights, often rectangular, sometimes 
diamond-shaped. In the early days, the muntins were often made 
of lead. Later, wood muntins were used. Large sheets of glass were 
almost unknown, and very expensive. 

A predominant feature in the Colonial house is the privacy af- 
forded, the privacy that is lacking, and so often deplored, in many 
modern designs. There are no unnecessarily large areas of glass to 
give one the eerie feeling of being spied upon at night. 

Aside from the fact that this house is excellent architecturally, it 
need not be an expensive house (relative to other houses) to build. 
The downstairs bathroom is convenient, and the two complete bath- 
rooms upstairs help prevent congestion (see Figures 10-3 and 10-4). 
A complete basement is suggested for convenience to heating and 
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Figure 10-3 First-floor plan of a Colonial-type home. 
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Figure 10-4 Second-floor plan of a Colonial-type home 
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plumbing, plus storage space. Included in the original plans is an 
adjacent garage. It has a covered breezeway connecting with the 
outside door of the family room. 


A House of Modern Architecture 

Architects who have pride in their originality often prefer an un- 
usual custom design (see Figure 10-5). This does not mean that 
a house of unusual appearance such as this one, no matter how 
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Figure 10-5 A house of modern architecture. 
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good the appearance, can be placed on the odd lot in a street 
of Colonial houses and have a pleasing effect. Houses such as 
this one need a proper setting, preferably a rugged and individual 
setting. 

The design is bold, and reflects the lively imagination of its de- 
signer. Usually, modern practice makes use of large areas of glass, 
but these areas are effectively shaded by the wide overhangs, which 
make them much more acceptable than the large unprotected areas 
of glass in many modern designs. 

The outstanding feature of this house is the roof. Although de- 
cidedly unusual, the pitches are regular (all 45°), and the roof is 
composed of simple intersecting planes. The roof framing is actu- 
ally rather simple, for there are no warped planes. The architect 
has used diagonal lines on the roof instead of the commonly used 
vertical and horizontal accents. The effect is striking, especially on 
a sloping site, but working drawings are available that adapt it to 
level sites as well. 

Although imaginative and unusual, the plan is in right-angled 
shapes for ease and economy of construction. The roof is formed of 
intersecting planes, with steep pitches. The roof treatment is impor- 
tant, because it dominates the entire view. 

In the plans, designations of rooms, and dimensions, are inten- 
tionally omitted (see Figure 10-6 and Figure 10-7). Naturally, the 
uses of the rooms will depend upon the contour of the ground. The 
large room with the fireplace will undoubtedly be used for a living 
room, depending upon whether the entrance is at the second-story 
level (as it may be if the house is built on a sloping site), or at the 
first floor level (as it may be if the ground is level). The plan is flexi- 
ble enough to allow considerable leeway in deciding upon the exact 
room arrangements and their subsequent uses. 

In general, the walls are 12-inch lightweight concrete blocks, their 
cavities filled with insulation, with head joints cut smooth, and 
horizontal joints struck. The roof is sheathed with plywood (see 
Figure 10-8). With a roof so steep, many types of roof coverings 
may be used, but probably one of the modern types of mopped- 
down roof covers would be most acceptable, with granule-coated 
roll roofing as a cap sheet. The horizontal and diagonal rooflines 
are obtained by the use of battens. 


The Contemporary House 

Figure 10-9 shows a house called contemporary architecture. It em- 
bodies most of the features desired in homes of the present era, 
including the following: 


5G — REQUIREMENTS 
AND CAPABILITIES 


In order to enable connectivity for a very wide range of applications with new characteristics and 
requirements, the capabilities of 5G wireless access must extend far beyond those of previous 
generations of mobile communication. These capabilities will include massive system capacity, 
very high data rates everywhere, very low latency, ultra-high reliability and availability, very low 
device cost and energy consumption, and energy-efficient networks. 


MASSIVE SYSTEM CAPACITY 

Traffic demands for mobile-communication systems are predicted to increase dramatically [1] 
[2]. To support this traffic in an affordable way, 5G networks must deliver data with much lower 
cost per bit compared with the networks of today. Furthermore, the increase in data consumption 
will result in an increased energy footprint from networks. 5G must therefore consume significantly 
lower energy per delivered bit than current cellular networks. 

The exponential increase in connected devices, such as the deployment of billions of wirelessly 
connected sensors, actuators and similar devices for massive machine connectivity, will place 
demands on the network to support new paradigms in device and connectivity management 
that do not compromise security. Each device will generate or consume very small amounts of 
data, to the extent that they will individually, or even jointly, have limited impact on the overall 
traffic volume. However, the sheer number of connected devices seriously challenges the ability 
of the network to provision signaling and manage connections. 


VERY HIGH DATA RATES EVERYWHERE 

Every generation of mobile communication has been associated with higher data rates compared 
with the previous generation. In the past, much of the focus has been on the peak data rate that 
can be supported by a wireless-access technology under ideal conditions. However, a more 
important capability is the data rate that can actually be provided under real-life conditions in 
different scenarios. 


> 5G should support data rates exceeding 10Gbps in specific scenarios such as indoor and 
dense outdoor environments. 

> Data rates of several 100Mbps should generally be achievable in urban and suburban 
environments. 

> Data rates of at least 1OMbps should be accessible almost everywhere, including sparsely- 
populated rural areas in both developed and developing countries. 


VERY LOW LATENCY 

Very low latency will be driven by the need to support new applications. Some envisioned 5G 
use cases, such as traffic safety and control of critical infrastructure and industry processes, 
may require much lower latency compared with what is possible with the mobile-communication 
systems of today. 

To support such latency-critical applications, 5G should allow for an application end-to-end 
latency of 1ms or less, although application-level framing requirements and codec limitations 
for media may lead to higher latencies in practice. Many services will distribute computational 
capacity and storage close to the air interface. This will create new capabilities for real-time 
communication and will allow ultra-high service reliability in a variety of scenarios, ranging from 
entertainment to industrial process control. 


ULTRA-HIGH RELIABILITY AND AVAILABILITY 
In addition to very low latency, 5G should also enable connectivity with ultra-high reliability and 
ultra-high availability. For critical services, such as control of critical infrastructure and traffic 





5G RADIO ACCESS ¢ 5G — REQUIREMENTS AND CAPABILITIES 


286 


Chapter 10 





Figure 10-6 The lower-floor level of the modern house. If the 
entrance is at this level, the room with the fireplace will cer- 
tainly be used as the living room. 


House is a split-level (not a new idea, but always popular). 
House allows adequate windows in the lower-level rooms, and 
the stairway down is short. 

Living room is moderately large, and, with the connected din- 
ing area, it is ample for the needs of most moderately large 
families. 

Bedrooms are all of practical, usable size. The spare room in 
the basement is a useful stand-by. 

Access door to the two-car garage is convenient. 


Family room and the party room in the basement remove some 
of the inevitable activities of a large family from the living 
room. 


Concrete patio at the rear is convenient for the usual outdoor 
living activities of the modern family. 


Glass has been used with discretion. Although the glazed areas 
are moderately large, they are not unreasonably so, at the expense 
of privacy and to the detriment of heating and air conditioning. 

Architecturally, this house is susceptible to many variations of 
materials. In the house illustrated in Figure 10-9, uncoursed native 
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Figure 10-7 The upper-floor level. If the entrance is at this 
level, the room with the fireplace will certainly be used as the 
living room. 


stone has been tastefully used, with vertical siding on the overhang- 
ing upper story. 

The roof has sufficient pitch to fill its primary function that is 
to shed water, but it also gives a lower spread-out look to the house. 

It is possible with the proper use of a steel beam to enlarge the 
party or family room. This could be done by removing the wall 
between party room and spare room, to make one big room in an 
L shape (see Figure 10-10). 


Utility Pole-Type Building 

The pole-type building requires no foundation (see Figure 10- 
11). It is mounted on round pole vertical members that are set 
in the ground and adequately anchored to resist uplift. For most 
buildings of appreciable size, the poles are set in round holes 
about 5 feet deep. Projecting nails or lag screws are placed in the pole 
6 to 8 inches from the bottom, or holes are bored through which 
tight-fitting pieces of rod are driven to project a couple of inches on 
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Figure 10-8 The roof framing plan of the modern house. 





Figure 10-9 A split-level house. 
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Figure 10-10 Floor plans for the contemporary house. 
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A pole-type building. 
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each side. After the poles are placed and positioned in the holes 
provided, about 12 inches of concrete is poured around the bottom 
ends and the holes filled with earth (see Figure 10-12). 

Satisfactory joining of rafters and other framing members to the 
round poles may be made to properly use any standard connecting 
device (including plain bolts, split-ring connectors, toothed-ring 
connectors and plain-shank common nails). 
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Figure 10-12 Enlarged detail of a pole-and-truss connection. 
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The idea of the pole-type building is not new. This type of 
construction was well-known at least 75 years ago, but it was 
generally used only on inexpensive and temporary buildings. The 
modern pole building can hardly be placed in this category. The 
poles used are now pressure-treated with a preservative and have 
a long life even under most adverse conditions. Modern timber 
fastenings are far superior to anything that our forefathers had 
available. 

Where rafters or trusses connect to the poles, it is preferable that 
the poles be flattened at the contacting surfaces (see Figure 10-13). 
Cast-iron spike-grids, with one side curved to conform to the round 
side of the pole, have been satisfactorily used. However, simple bolts 
are also often used. 














ta i 3 
Figure 10-13 A bent ofa pole-type hay storage barn, with feed- 
ing fence and canopy at the right. Roofs of these buildings may 


be trussed, eliminating the interior poles. Bents may be set 12 
to 16 feet on centers. 


Summary 


Many of the two-story New England houses built in the 1600s are 
still standing today. Features found in most original houses were 
steep roof slopes, wood shingles, narrow eaves, and wide corner 
boards. The siding was always narrow when used in conjunction 
with the wide corner boards. Entrances, however, were usually elab- 
orate, sometimes with finely scrolled and cornered pediments. 
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The contemporary house could be considered a modern home of 
the present era. Among the many styles in contemporary homes is 
the split-level, popularly called the tri-level. There are advantages to 
this type of house. The same space built in a split-level house will 
cost less than when it is built in a one-story. 

A pole-type building (the most popular being the barn style) re- 
quires no foundation. The buildings are framed on round poles set 
in the ground and adequately anchored to resist uplift. The idea for 
pole-type buildings is not new, as this type of construction was well 
known at least 75 years ago. 


Review Questions 

. What type of house was constructed in the 1600s? 

. What is a split-level house? 

. What are some advantages in the split-level house? 

. Give a few advantages and disadvantages of a basement. 
. What is a pole-type building? 

. What type of house is referred to as a ranch house? 

. What is the primary purpose of a roof? 


on ouh WN = 


. Why would houses located in heavy snow areas have high- 
pitched roofs? 


eo) 


. How old is the pole-type building for houses? 


10. The ______ house could be considered a modern house of the 
present era. 


Appendix 


Construction Hardware 


Information provided in this appendix is reproduced with permis- 
sion from USP Lumber Connectors (United Steel Products Com- 
pany, Inc.), a company that has been manufacturing and marketing 
construction hardware for more than 40 years. This information 
has been culled from the Engineered Lumber Construction Hard- 
ware Product Guide and Design Manual (Montgomery, Minnesota: 
United Steel Products Company, 1996). 

You may contact the company’s corporate offices at the following 
address: 


Box 80 

703 Rogers Drive 
Montgomery, Minnesota 56069 
1-800-328-5934 


NDS Standards 


The load resistance values presented in this appendix reflect the 
calculation criteria set forth in the National Design Specification 
for Wood Construction (NDS) published by the American Forest 
and Paper Association. 

Because of this update, load values presented in previous pub- 
lications may not match those presented in this catalog. The val- 
ues shown in this appendix supercede those previously printed. 
An ongoing process is now underway to incorporate these new 
values in USP code reports. This will be done when each report 
is scheduled for reevaluation. Any questions about current code 
listings should be directed to the Technical Service Department 
at 1-800-328-5934. 


NoTE 


1) USP Lumber Connectors reserves the right to change specifi- 
cations, designs and models without notice and liability for such 
changes. This appendix may not be reproduced in whole or in part 
without the prior written approval of USP Lumber Connectors. 


2) This appendix reflects design changes and design load adjust- 
ments to some USP products. The information presented in this 
appendix supersedes all conflicting information published in previ- 
ous documents 
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3) This appendix was designed as a general reference for the USP 
Product Line. Various specialized publications have been developed 
for design professionals, truss manufacturers, contractors, retail 
dealers, and building material wholesalers. Product load values may 
vary from one publication to another because of recent product 
testing or changes in regulations. 


4) To achieve the allowable loads presented in this appendix, all 
specified fasteners must be used and proper installation proce- 
dures observed. Verify that the dimensions of supporting members 
are sufficient to receive specified fasteners. No product modifica- 
tions are allowed without the written permission of USP Lumber 
Connectors. 


5) Some connector models are listed more than once to indicate 
additional nailing options. 


6) Nails specified as 8d, 10d, 16d, and 20d are common wire nails. 
7) Bolts specified conform to ASTM A 307 standards or better 


8) Products are sized for standard dimensional lumber or EWP 
sizes. For unusual supporting conditions, excessive shrinkage, or 
hostile environments, contact USP Lumber Connectors. 


Code Evaluations 

Most USP structural products listed in this catalog have been eval- 
uated or are in the submittal stage for evaluation from one or more 
of the following code authorities: 


e 


e 


e 


e 


CABO—Council of American Building Officials (NER Re- 
port), National Evaluation Service. 


ICBO—International Conference of Building Officials. 


BOCA—Building Officials and Code Administrators Interna- 
tional Inc. 


SBCCI—Southern Building Code Congress International, Inc. 
METRO—Dade County, FL. 

DSA—Division of State Architect, California. 

LA CITY—City of Los Angeles, California. 

TDI—Texas Department of Insurance. 


Product Design Loads 


The design loads listed are the lowest result obtained by one of the 
following methods: 
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¢ The ultimate tested load divided by three. 
° Load producing 1/8-inch deflection. 
° Nail I Bolt values based on 1991 NDS. 


Durations of load adjustments for mechanical fastenings are as 
follows: 


e 


Floor/Design Loads—No increase for duration of load. 


e 


Roof Snow—115% of Design Load for two-month duration 
of load. 

Roof Nonsnow—125% of Design Load for seven-day dura- 
tion of load. 

Uplift—133% or 160% of Design Load for wind I seismic 
loading. 


e 


e 


All calculated load values shown in this publication reflect criteria 
established by the 1991 National Design Specification (NDS). 


Header Materials 
e J-Joist—I-Joist with similar width to the supported I-joist 
e LVL—Laminated Veneer Lumber 

PSL—Parallel Strand Lumber 

e LSL—Laminated Strand Lumber 


e DF/SP—Douglas Fir Larch/Southern Yellow Pine Grade 2 or 
better 


SPF—Spruce/Pine/Fir 
2x Nailer—DF/SYP Nailer 


e 


NoTE 
Charts without specific header callouts ensure DF/SYP. 


Testing 

On all structurally rated products, USP performs full-scale testing 
to meet ASTM 0 1761, which is the testing standard recognized by 
all model agencies. All final testing is witnessed by an independent 
third-party testing laboratory. 


Fasteners 
A. Nails—Shall be common wire nails. Where special nails are 
required for the hanger, the manufacturer will furnish all 20d 
nails and larger, which are shorter than common wire nails of 


safety, connectivity with certain characteristics, such as a specific maximum latency, should not 
merely be ‘typically available’ Rather, loss of connectivity and deviation from quality of service 
requirements must be extremely rare. For example, some industrial applications might need to 
guarantee successful packet delivery within 1 ms with a probability higher than 99.9999 percent. 


VERY LOW DEVICE COST AND ENERGY CONSUMPTION 

Low-cost, low-energy mobile devices have been a key market requirement since the early days 
of mobile communication. However, to enable the vision of billions of wirelessly connected 
sensors, actuators and similar devices, a further step has to be taken in terms of device cost 
and energy consumption. It should be possible for 5G devices to be available at very low cost 
and with a battery life of several years without recharging. 


ENERGY-EFFICIENT NETWORKS 
While device energy consumption has always been prioritized, energy efficiency on the network 
side has recently emerged as an additional KPI, for three main reasons: 


> Energy efficiency is an important component in reducing operational cost, as well as a driver 
for better dimensioned nodes, leading to lower total cost of ownership. 

> Energy efficiency enables off-grid network deployments that rely on medium-sized solar panels 
as power supplies, thereby enabling wireless connectivity to reach even the most remote 
areas. 

> Energy efficiency is essential to realizing operators’ ambition of providing wireless access in 
a sustainable and more resource-efficient way. 


The importance of these factors will increase further in the 5G era, and energy efficiency will 
therefore be an important requirement in the design of 5G wireless access. 
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same pennyweight. Special nails shall be furnished by manu- 
facturer. 


B. Bolts—Where required, shall be of nominal size shown on 
drawings and shall be furnished by the contractor. 


C. Expanding Anchors—Use where shown on the drawing; fur- 
nished by contractor. 


D. Lag Bolts—Shall be nominal size shown in drawings; furnished 
by contractor. 


Execution 


Examination 

A. Verify that the wood that is to support the hanger is flat, is free 
of large cracks or splits, and is of the species noted on the plans. 
If the lumber or wood is not Douglas Fir-Larch or Southern 
Yellow Pine, reduction of the manufacturer’s published load 
values, in accordance with the Building Code, is required. (A 
design professional shall reduce the published values in accor- 
dance with UBC Chapter 23 or the National Design specifica- 
tion of the American Forest and Paper Association.) 


Installation 
A. Use only nails of size shown in manufacturer’s literature. 


B. Fill all nail holes with nails as shown in manufacturer’s litera- 
ture. 


C.Except where noted in manufacturer’s literature, all nails are 
common wire nails and should be driven at right angles to the 
hanger body and seated fully. 

D. Do not use roofing nails, which are not equivalent to common 
wire nails. DO NOT use nails that are shorter than 1!/2 inches. 

E. Do not use pneumatic or electric driven staples. 

F. If power nail drivers are used, the nails shall be driven through 
the hole furnished in the hanger and shall not be driven through 
the hanger where no hole exists. 

G. If wood I-joists are used, the maximum nail that can be driven 
into the top or bottom flange is a 9 gauge x 1!/2 inches long 
(10d x 1!/2 inches). The maximum nail that can be driven into 
the web is a 16d nail. 


H. When installing hangers to laminated veneer lumber (LVL), 
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the maximum size nail that can be driven into the narrow face 
is 16d and the maximum size nail that can be driven into the 
wide face is 20d. 


I. Hangers shall be installed tight against the supporting member. 


J. The carried member shall be of sufficient length to maintain 
full bearing on the seat of the hanger. The carried member shall 
not fit tight (squeeze fit) against the carrying member. A gap 
of up to !/4 inch between the carried member and the carrying 
member is acceptable. 


K. Before nailing the carried member into the hanger, take care 
to fully seat the member so that no space exists between 
the hanger and the bottom of the carried member. Where 
safe and practical, do not fasten the carried members to the 
hanger until floor sheathing has been installed. On some 
hangers, two diamond holes are located in the bottom of 
the seat that allow for wood screws to be installed. The 
screws pull the wood into the seat for positive bearing. Use 
2 each #6 x 11/4-inch wood screws or #6 x 11/4-inch drywall 
screws. 


L. Where bolting, use a wood template to accurately locate the 
holes. Drill hole '/32 inch minimum to !/16 inch maximum 
larger than the bolt diameter it is to receive. The bolt is to be 
tapped through the hole and connecting device with a hammer 
or mallet. Always use a washer under the head or nut if it is 
not in contact with a steel plate or hanger. 


M. Lag bolts are not to be used in lieu of bolts unless specified. 
N. Screws are not to be used in lieu of nails unless specified. 
O. Use only stainless steel nails with stainless steel hangers. 


P. Where wood connecting devices are attached to concrete, take 
care to install the device plumb, square, and true. If practical, 
use a plywood template to accurately locate the device. 


Q. Anchor bolts, furnished and installed under Section 03300 
Cast-in-Place Concrete shall be accurately located, plumb, and 
true before wood connecting devices are attached to the anchor 
bolts. 


R. Where prefabricated structural wood is installed into the 
hanger, follow the written instructions of the prefabricated 
wood manufacturer in nailing, bearing support, bracing, and 
installation. 
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Wood I-Joist Installation to Wood 


Sloped I-Joists 

Use hangers with sloped seats whenever the slope exceeds the fol- 
lowing: '/2:12 for seat bearing lengths of 2!/2 inches or less; 3/g:12 
for bearing lengths between 2!/2 inches and 3!/2 inches; and !/4:12 
for bearing lengths in excess of 3!/2 inches. 


Multiple I-Joists 

Fasten together multiple plies of wood I-joists, in accordance with 
the manufacturer’s installation guidelines, such that the joists act as 
a single unit. 


Rotation on I-Joists 

It may be necessary to install straps, blocking or sheathing to re- 
strain torsional rotation of a supporting wood I-joist when using 
top mount I-joist hangers. 


Fasteners 

Install only the specified nails. The flanges of wood I-joists may split 
if larger diameter nails or longer nails are installed. Do not install 
nails larger than 16 penny common (0.162 inch diameter) into the 
web stiffeners in the wood I-joist. 


Backer Blocks 

Pattern the nails used to install backer blocks or web stiffeners in 
wood I-joists to avoid splitting the block. The nail pattern should 
be sufficiently spaced and avoid the same grain line, particularly 
with solid sawn backer blocks. Backer blocks must be installed on 
wood I-joists acting as the header, or supporting member. Install in 
accordance with the I-joist manufacturer’s installation guidelines, 
with the backer blocks seated against the bottom flange of a sup- 
porting header when using the face mount hangers, and against the 
top flange if using top mount hangers. The nails installed to hangers 
mounted to an I-joist header must penetrate through the web and 
into the backer block on the opposite side. 


Top Flange Hangers 


The thickness of the metal and nail heads on top mount hangers 
must be evaluated for the effect on subsequent sheathing. Ensure 
the top mount hanger is installed such that the flanges of the hanger 
are not “over-spread” which tends to elevate the supported I-joist, 
causing uneven floor surfaces and squeaking. Similarly, ensure the 
hanger is installed plumb such that the face flanges of the hanger 
are mounted firmly against the wide-face surface of the header. 
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ay 


FLUSH FRAMING HANGER OVER-SPREAD HANGER NOT PLUMB 


Support Height and Lateral Stability 

Hangers without web stiffeners must support I-joist top flange and 
provide minimum 250-pound lateral resistance with no more than 
1/8” horizontal deflection. 


Resist 250 lb. 
~<—_____ Lateral Minimum 


—| < 1/,' Maximum Gap 









Without Web Stiffeners 


Hangers for joists with web stiffeners must support a minimum of 
60% of joist depth. 


Web Stiffener 


With Web Stiffeners or Solid Members 
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Wood I-Joist Installation to Steel I-Beam 


Correct Hanger Attachment to Nailer 

A nailer or sill plate is considered to 
be any wood member attached to a 
steel beam, concrete block wall, stem 
wall, or other type of support which 
is unsuitable for nailing, and is used 
as a nailing surface for top mount 
hangers to hold beams or joists. 





Avoid direct contact between 
hangers and steel beams, 
which may cause squeaks. 


Nailer Sized Correctly 
Top flange of hanger is fully supported and recommended nails have 
full penetration into nailer, resulting in a carried member hanging 
safely at the proper height. 

The nailer must be sized to fit the support width as shown and 
be of sufficient thickness to satisfy recommended top flange nailing 
requirements. 


NoTE 
A design professional must specify nailer attachment to steel beams. 


Wrong Nailer Size Can Cause 
Component Failure 


Too Narrow 

Top flange not fully supported can cause nail breakout. Or, by fully 
supporting top flange, hanger is tilted back causing lifting of carrying 
member which results in uneven surfaces and squeaky floors. 
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Too Wide 

Loading can cause cross grain break- 
ing of nailer. The recommended nailer 
overhang is !/4” maximum per side. 






> }t— 1/," max 


Too Thin 

Top flange nailing cannot fully pene- 
trate nailer, causing reduced allowable 
loads. Never use hangers which require 
multiple face nails since the allowable 
loads are dependent on all nail holes 
being used. 


Welded Installation 


Where shown in charts, hangers may be welded. 
The minimum weld to the top flange is listed in the chart below. 











Steel Weld 

10 gauge or lighter ™/6"x1"/2" each end 
7 gauge 3/16" x 11/2" each end 
3 gauge 1/4" 11/9" each end 








When welding galvanized steel, remove zinc coating by grinding 
before welding. Chip and touch up weld with primer. 
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Caution 
Use proper respiratory protection when welding galvanized steel. 


Top-Mount Hangers THO Series 

This top mount hanger is engineered for I-joist to header appli- 
cations. The THO offers full lateral support of the I-joist top 
chord which eliminates the need for web stiffeners in most appli- 
cations. Raised dimple nailing guides help assure correct 45° nailing 
into the I-joist bottom chord. The new Seat Cleat™ prongs allow 
builders to“pop” I-joists into hangers for quick, positive seating, 
Seat Cleats™ are not yet available on all THO models. 


Finish ws essaccciceneceess G60 galvanizing 
Code Listing ................. NER 478 
U.S, Patenit..cc0s040seeteuees #5,217,317 


applied for 





Beam and Purlin Hangers BPH and HBPH Series 


These BPH hangers are used to support LVL, LSL and PSL beams and 
headers in light-to-medium load conditions. The slantback design 
incorporates strength and economy. An open back design allows the 
builder to install the BPH after the beam is in place. 


Finish 302550004 oes eens G60 galvanizing 
Code Listing ............... NER pending 
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BPH / HBPH Similar 
Typical BPH Installation 


Beam Hangers LBH and HLBH Series 


These heavy-duty beam hangers are specially designed for use in 
concentrated load conditions. The continuous top angle design of- 
fers high load values with minimum nailing. Many specialty options 
are available. 


Finish 20.¢.cdexsgeerenxeneetsckns paint 
Code Listing ............ NER pending 
Specialty Options ......... see page 22 





D fe ee 


aac Ww >. 


LBH / KGLT Similar 
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I-Joist Hangers PHI Series 

The PHI series is specifically designed to support single-ply I-joists 
on I-joist headers. The PHI features a continuous top flange for 
increased strength. These hangers have also been engineered so that 
the top flange “depth” will match hanger seat width. This ideally 
places the top flange nails behind the I-joist’s center web when the 
support joist is the same width. Joist nailing and top lateral support 
allows for installation without web stiffeners. 


Finish josc08 e203 Seeaeeah eves saa paint 
Code Listing ........... NER pending 
Specialty Options ......... see page 22 








Beam and Purlin Hangers PH, PHM, PHX Series 


Used to hang LVL, LSL and PSL beams and headers in medium load 
conditions using standard nails. The continuous top flange offers 
the best loading capacity with minimum nailing. A wide range of 
specialty options is available for diverse applications. 


Finish ....... 00.0 cece e cece eee paint 
Code Listing ........... NER pending 
Specialty Options ......... see page 22 
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Top flange reduces 
prying action. 











Ww 
PH/ PHM similar / PHX similar 


Masonry Hangers MPH Series 

Specially designed to work with standard 6-inch concrete block or 
larger wall construction. The MPH eliminates the need for masons to 
fabricate special seats to support I-joists or composite wood beams. 
They can be easily slid into position while a mason is laying block 
and fastened by setting two 16d duplex nails into the concrete bed. 
Continuous top flange style gives strength with minimal fastening. 


FUTSH: a5 assseva-dintosacnse. css acalene bedincere’e 
Code Listings .............. 
Specialty Options 


(2) 16d duplex nails...A 16d 
Duplex Nail is 0.162 inch in diam- 
eter by 3-'/, inches long with a 
double head. 





MACHINE-TYPE 
COMMUNICATION 


Fundamentally, applications such as mobile telephony, mobile broadband and media delivery 
are about information for humans. In contrast, many of the new applications and use cases that 
drive the requirements and capabilities of 5G are about end-to-end communication between 
machines. To distinguish them from the more human-centric wireless-communication use cases, 
these applications are often termed machine-type communication (MTC). 

Although spanning a wide range of applications, MTC applications can be divided into two 
main categories - massive MTC and critical MTC — depending on their characteristics and 
requirements. 










Massive number of devices 
Low device cost 

Long battery life 

Small data volumes 


Ultra-reliable 
Very high availability 
Very low latency 






Massive MTC Critical MTC 

















Scalable and flexible access 

)\ * Scalable and flexible bandwidths 

* Scalable and flexible signaling 
protocols 


eaaee 
[ Capillary networks 


* Short-range radio + cellular 


Very short transmission times 


Contention-based access and 
fast channel assignments 






Multi-level diversity cal 






Device-to-device 
communication 






Figure 2: Massive MTC and critical MTC. 


Massive MTC refers to services that typically span a very large numbers of devices, usually 
sensors and actuators. Sensors are extremely low cost and consume very low amounts of energy 
in order to sustain long battery life. Clearly, the amount of data generated by each sensor is 
normally very small, and very low latency is not a critical requirement. While actuators are similarly 
limited in cost, they will likely have varying energy footprints ranging from very low to moderate 
energy consumption. 

Sometimes, the mobile network may be used to bridge connectivity to the device by means 
of capillary networks. Here, local connectivity is provided by means of a short-range radio access 
technology, for example Wi-Fi, Bluetooth [3] or 802.15.4/6LOWPAN [4]. Wireless connectivity 
beyond the local area is then provided by the mobile network via a gateway node. 

Critical MTC refers to applications such as traffic safety/control, control of critical infrastructure 
and wireless connectivity for industrial processes. Such applications require very high reliability 
and availability in terms of wireless connectivity, as well as very low latency. On the other hand, 
low device cost and energy consumption is not as critical as for massive MTC applications. While 
the average volume of data transported to and from devices may not be large, wide instantaneous 
bandwidths are useful in being able to meet capacity and latency requirements. 

There is much to gain from a network being able to handle as many different applications as 
possible, including mobile broadband, media delivery and a wide range of MTC applications by 
means of the same basic wireless-access technology and within the same spectrum. This avoids 
spectrum fragmentation and allows operators to offer support for new MTC services for which 
the business potential is inherently uncertain, without having to deploy a separate network and 
reassign spectrum specifically for these applications. 
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& Left Skewed Seat 






Sloped Top Flange 
Down Left, Low Point 


Down Sloped Seat 








Saddle 


Right Top Flange Offset 


310 Appendix 


Face Mount Hangers HD and HHD Series 

These HD/HHD models are specifically designed to support LVL, 
LSL and PSL beams and headers in medium load conditions. The 
HD’s slant-back design is strong but economical. Both the HD and 
HHD have open backs, allowing builders to install the hanger after 
the header or joists are in place. An extra-wide nailing flange also 
allows for easy field installation. 


Finish .............0000% G60 galvanizing 
Code Listing ...............64. NER 478 
Specialty Options ............ see page 27 


1-1, 


ual 








NoTE 
NA20D nails included with all HHD series hangers. 


Face Mount Hanger THF Series 

The THF is specially designed to support the top chords of I-joists in 
depths up to 16 inches. This eliminates the need for web stiffeners in 
most applications. Reinforcement ribs give the THF added strength. 
Raised dimple nailing guides help assure correct 45° nailing into the 
I-joist bottom chord. The new Seat Cleat™ prongs (patent applied 
for ) allow builders to “pop” I-joists into hangers for quick, positive 
seating. Seat Cleats™ are not yet available for all THF models. 
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Finish vcceeiscddceceseds G60 galvanizing 
Code Listings ..............0005 NER 478 
USS. Patent oi cciseovrswesieeeee ese #5,217,317 
Seat Cleat Patent ................06% applied for 
Specialty Options ..............004- see page 27 
117," Wg 

euag 





as A = 


~~ 
THF Single ™ 


THF Double 





312 Appendix 


Heavy-Duty Hangers THD Series 

Deep seats allow the THD to handle higher loads. The THD of- 
fers economical costs from an automated manufacturing process. 
This model features wide header flanges for easier fastening using 
standard nails. 


G60 galvanizing 
os nidlewaieadeecaacews NER 478 





THD Configurations 
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Heavy-Duty Hangers THDH Series 

Special slant nailing and deep seats allow the THDH to handle 
higher loads. This model features wide header flanges for easier 
fastening using standard nails. 


Finish. c.cccsees cece s G60 galvanizing 
Code Listing ............ NER pending 
US. Patent «oi ce viacewencss #5,217,317 
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Left Skewed Seat 
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Down Sloped 


Down Sloped Seat & Left Skewed Seat 


SPECTRUM FOR 5G 


In order to support increased traffic capacity and to enable the transmission bandwidths needed 
to support very high data rates, 5G will extend the range of frequencies used for mobile 
communication. This includes new spectrum below 6GHz, as well as spectrum in higher frequency 
bands. 

Specific candidate spectrum for mobile communication in higher frequency bands is yet to 
be identified by the ITU-R or by individual regulatory bodies. The mobile industry remains agnostic 
about particular choices, and the entire frequency range up to approximately 100GHz is under 
consideration at this stage, although there is significant interest in large contiguous allocations 
that can provide dedicated and licensed spectrum for use by multiple competing network 
providers. 

The lower part of this frequency range, below 30GHz, is preferred from the point of view of 
propagation properties. At the same time, very large amounts of spectrum and the possibility of 
wide transmission frequency bands of the order of 1GHz or more are more likely above 30GHz. 


Spectrum range relevant for 5G wireless access 


1GHz 3GHz 10GHz 30GHz 100GHz 





Figure 3: Spectrum relevant for 5G wireless access. 


Spectrum relevant for 5G wireless access therefore ranges from below 1GHz up to approximately 
100GHz, as Figure 3 shows. 

It is important to understand that high frequencies, especially those above 10GHz, can only 
serve as a complement to lower frequency bands, and will mainly provide additional system 
capacity and very wide transmission bandwidths for extreme data rates in dense deployments. 
Spectrum allocations at lower bands will remain the backbone for mobile-communication 
networks in the 5G era, providing ubiquitous wide-area connectivity. 

The World Radio Conference (WRC)-15 discussions have resulted in an agreement to include 
an agenda item for IMT-2020, the designated ITU-R qualifier for 5G, in WRC-19. The conference 
also reached agreement on a set of bands that will be studied for 5G, with direct applicability to 
NX. Many of the proposed bands are in the millimeter wave region and include: 


> 24.25GHz to 27.5GHz, 37GHz to 40.5GHz, 42.5GHz to 43.5GHz, 45.5GHz to 47GHz, 47.2GHz 
to 50.2GHz, 50.4GHz to 52.6GHz, 66 GHz to 76GHz and 81GHz to 86GHz, which have 
allocations to the mobile service on a primary basis; and 

> 31.8GHz to 33.4GHz, 40.5GHz to 42.5GHz and 47GHz to 47.2GHz, which may require additional 
allocations to the mobile service on a primary basis. 


The mobile industry will strive to gain access to spectrum in the 6GHz to 20GHz range, but the 
policy directions being followed by regulators seem to be focused on frequency bands above 
30GHz. In the US, the FCC has issued two Notices of Public Rule Making (NPRM) on bands 
above 24GHz. Ofcom has likewise indicated a preference for bands above 30GHz within the 
mobile industry. 

The capacity needs of the mobile industry will continue to be served by licensed spectrum, 
although novel sharing arrangements for spectrum will become progressively more important 
as restricted opportunities for new spectrum start to impact incumbent services such as satellite 
communication and radio location. Two examples of sharing arrangements include LSA planned 
in Europe for the 2.3GHz band and the Citizens Band Radio Service for 3.5GHz in the US. 
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Knee Braces—KVB and KVBI Series 
Knee Braces restrict lateral movement of beam under seismic stress. 
The KVB can be retrofitted into existing framing. NA25 nails are 
shipped with KVB Knee Brace and arrive attached to the connector 
in convenient poly bags. 

The new KVBI Knee Brace is designed to be used with I-joist 
purlins and installs with 10d nails (not supplied). 


Finish supe yeic eaten ee eae aie edieed oe G60 galvanizing 
Material; cite ecneieciosaiaerreases 12 gauge steel 
Code Listings i.ds.ccssvegseteoses cree ICBO 2725 





Typical KVB Installation 
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Hinge Connectors—KHC Series 














Dimensions Bolt Schedule Allowable Loads (LBS) 

USP Beam Min Carrying Carried 560 660 

Stock No. Ref. No. Width W H PD T Member Member PSI PsI 

KHCS5 HCAS-5  51/s Sq 12 5 F/q (23/4 (2)3/4 14415 16655 
KHC56 HCAS-6  51/s 5Y4 17 6 H/q (23/4 (2)3/4 17300 19990 
KHC57 ~—-HCAS-7_ 51/s Sq 232 7 F/4  (2)3/4 (2)3/4 20180 23320 
KHCS59 HCAS-9_ 51/g Sq 38%. 9 3/4 (2/4 (2)3/4 25945 29980 
KHC525. — SY4  S%/g 1205S 8g (27/4 (2)3/4 14415 16655 
KHC526 — SY4 S8/g 1768/4 (27/4 (2)3/4 17300 19990 
KHC527. —- S'i4 3/3 23%2 7 3/4 (2)3/4 (2)3/4 20180 23320 
KHC529 —- S'i4  S3/g 38%2 9 3/4 (2)3/4 (2)3/4 25945 29980 
KHC75 HCA7-5 63/4 673 13 5 1 (2) /4 (2)/4 18985 21940 
KHC76 HCA7-6 63/4 67/3 19 6 1 (2)%/4 (2)3/4 22780 26325 
KHC77.—- HCA7-7_ 63/4 67/3 25%. 7 1 (2/4 (2)3/4 26580 30715 
KHC79 HCA7-9 63/4 67/3 43/2 9 1 (2)%/4 (2)3/4 34170 39490 
KHC725. —- Z 7s 135 1 (2)%/4 (2)3/4 18985 21940 
KHC726 ~—- 7 77g 19 6 1 (2) /4 (2)3/4 22780 26325 
KHC727. — 7 7s 252 7 1 (2)%/4 (2)3/4 26580 30715 
KHC729. — ve 7's 42%. 9 1 (2/4 (2)3/4 34170 39490 
KHC95 HCA9-5 83/4 87/3 13 5 1%4 (2)3/4 (2)3/4 24610 28440 
KHC96 HCA9-6 83/4 87/3 19 6 1%/4 (2)3/4 (2)3/4 29530 34125 
KHC97_— HCA9-7 83/4 87/s 25%. 7 14 (2)3/4 (2)3/4 34450 39815 
KHC99 HCA9-9 = 83/4 87/s 42%. 9 1%4 (2)3/4 (2)3/4 44300 51190 





The minimum height is for loads shown. For heights less than the minimum shown 
reduce the allowable loads in direct proportion. 

All bolts are 3/4 inch, and shall meet or exceed the specifications of ASTM A307. 
KHC Allowable Loads are normal loads; no increase is permitted. 





Typical KHC Installation 
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Seismic Straps—KHCST Series 











Dimensions Allowable Loads (LBS.) 
USP ss Bolt 
Stock No. Ref. No. L WwW Schedule 133% 160% 
KHCST2 HCST2 22 312 ~~ (4)3/4 6065 6065 
KHCST3 HCST3 28 312 = (6)3/4 8815 8815 
KHCST4 HCST4 34 3% (8)3/4 11225 = =11225 





Allowable loads are for straps used in pairs, and are increased 33% or 60% for 
wind or seismic loads; no further increase is permitted. 

Assume a minimum wood thickness of 3!/s inches. 

Seismic straps shall be used with the KHC hinge connectors. 

To order KHCST straps with round holes, add an “R” to the part number, as in 
“KHCSTR2”. 


Hinge Connectors KHC Series 


Seismic Straps KHCST Series 

KHC connectors are used to connect ends of glulam beams hav- 
ing equal widths. These connectors allow long continuous spans, 
eliminating unnecessary columns. Special dimension variations and 
models with seismic tabs are available upon request. KHCST straps 
can be installed during construction or added as a retrofit item. The 
strap’s shape is specially designed to accommodate installation over 
a USP hinge connector. Order one strap per side. 


Material, KHC series ..............0ccecveee 
Boeeianeaeenee 7 gauge 3/4”, 1” & 14/4" steel 

Material, KHCST series ....... 3 gauge steel 
Finish: : cicse eee saped se ttbaecega teed ee paint 
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Skewed 45° Hangers SIKH Series 

The SKH series provides stock face-mount hangers at preset 
45-degree skews, right or left. The hanger design allows for some in- 
stallation flexibility—it will accommodate a 40- to 50-degree skew. 
All models provide uplift capacity and some eliminate the need for 
miter cuts. A convenient slant nail design provides time savings and 
ensures proper installation. 


Finish :..%.ess0etsetere eed G60 galvanizing 
Code Listing ..............0.0e eee NER 478 




















Typical SKH Installation 
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Adjustable Strap Hangers—MSH Series 


The MSH is field adjustable; builders can use the flanges in overhang, 
face mount or combination style. The wide header strap allows for 
a double nailing row and higher load values. An open-back design 
allows installation after a member is placed in position. 


Fittishieccecctevsnceveess G60 galvanizing 
Code Listings ............... SBCCI 9494 





MSH Top Mount Max 
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Adjustable Rafter-to-Plate Connectors TMP Series 

With the TMP, builders can make rafter-to-plate connections at 
pitches from 1/12 to 6/12. This model automatically adjusts to any 
pitch within its range. There’s no need to preset the pitches for ev- 
ery connector, and there’s no need for time-consuming bird’s-mouth 
notching or bevel plate installation. This model is available in the 
popular I-joist sizes. 


Finish .............0 eee. G60 galvanizing 
Code Listing ...............04. NER 478 
WS. Patent va.cisinietdemlawas 





Typical TMP Installation 





"hyp to yp 
Pitch Range 
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Adjustable Rafter-to-Ridge Connectors TMPH Series 
With the TMPH, builders can make rafter-to-plate connections at 
pitches from °/12 to !4/12. This model automatically adjust to any 
pitch within their ranges. There’s no need to preset the pitches for ev- 
ery connector, and there’s no need for time-consuming bird’s-mouth 
notching or bevel plate installation. This model is available in the 
popular I-joist sizes. 


Finish.............000. G60 galvanizing 
Code Listing ............. NER pending 
WS, Patent ieccdsl aside sidine #5,230,198 





Typical TMPH Installation 


TMP and TMPH Installation Procedure: 

A) Nail clip to outside edge of wall 
plate. 

B) Insert joist with downward pres- 
sure to seat the self-adjusting 
support. 

C) Nail joist in place being sure to 
nail through the matching slots. 





Sp to M/iy 
Pitch Range 


5G TECHNOLOG 
COMPONENTS 


Beyond extending operation to higher frequencies, there are several other key technology components 
relevant for the evolution to 5G wireless access. These components include access/backhaul integration, 
device-to-device communication, flexible duplex, flexible spectrum usage, multi-antenna transmission, 
ultra-lean design, and user/control separation. 


ACCESS/BACKHAUL INTEGRATION 

Wireless technology is already frequently used as part of the backhaul solution. Such wireless-backhaul 
solutions typically operate under line-of-sight conditions using proprietary radio technology in higher 
frequency bands, including the millimeter wave (mmW) band. 

In the future, the access (base-station-to-device) link will also extend to higher frequencies. Furthermore, 
to support dense low-power deployments, wireless backhaul will have to extend to cover non-line-of-sight 
conditions, similar to access links. 

In the 5G era, the wireless-access link and wireless backhaul should not therefore be seen as two 
separate entities with separate technical solutions. Rather, backhaul and access should be seen as an 
integrated wireless-access solution able to use the same basic technology and operate using a common 
spectrum pool. This will lead to more efficient overall spectrum utilization as well as reduced operation 
and management effort. 


DIRECT DEVICE-TO-DEVICE COMMUNICATION 
The possibility of limited direct device-to-device (D2D) communication has recently been introduced as an 
extension to the LTE specifications. In the 5G era, support for D2D as part of the overall wireless-access 
solution should be considered from the start. This includes peer-to-peer user-data communication directly 
between devices, but also, for example, the use of mobile devices as relays to extend network coverage. 
D2D communication in the context of 5G should be an integral part of the overall wireless-access solution, 
rather than a stand-alone solution. Direct D2D communication can be used to offload traffic, extend 
capabilities and enhance the overall efficiency of the wireless-access network. Furthermore, in order to avoid 
uncontrolled interference to other links, direct D2D communication should be under network control. This 
is especially important for the case of D2D communication in licensed spectrum. 


FLEXIBLE DUPLEX 

Frequency Division Duplex (FDD) has been the dominating duplex arrangement since the beginning of the 
mobile communication era. In the 5G era, FDD will remain the main duplex scheme for lower frequency 
bands. However, for higher frequency bands — especially above 10GHz - targeting very dense deployments, 
Time Division Duplex (TDD) will play a more important role. 

In very dense deployments with low-power nodes, the TDD-specific interference scenarios (direct base- 
station-to-base-station and device-to-device interference) will be similar to the ‘normal’ base-station-to-device 
and device-to-base-station interference that also occurs for FDD. 

Furthermore, for the dynamic traffic variations expected in very dense deployments, the ability to dynamically 
assign transmission resources (time slots) to different transmission directions may allow more efficient 
utilization of the available spectrum. 

To reach its full potential, 5G should therefore allow for very flexible and dynamic assignment of TDD 
transmission resources. This is in contrast to currentTDD-based mobile technologies, including TD-LTE, for 
which there are restrictions on the downlink/uplink configurations, and for which there typically exist 
assumptions about the same configuration for neighbor cells and also between neighbor operators. 


FLEXIBLE SPECTRUM USAGE 
Since its inception, mobile communication has relied on spectrum licensed on a per-operator basis within 
a geographical area. This will remain the foundation for mobile communication in the 5G era, allowing 
operators to provide high-quality connectivity in a controlled-interference environment. 

However, per-operator licensing of spectrum will be complemented with the possibility to share spectrum. 
Such sharing may be between a limited set of operators, or may occur in license-exempt scenarios. The 
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%ha 
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Pitch Range 


Adjustable Rafter-to-Ridge Connectors TMU Series 

The TMU is designed to connect rafters to ridge beams in vaulted 
roof structures. These connectors were originally developed to help 
builders avoid ordering custom sloped and skewed hangers for every 
situation. The TMU is easily field adjusted to meet a variety of skew 
and/or slope applications. Shapes to any pitch from 8/12 up through 
12/12 down. 


Finish ............0005 G60 galvanizing 
Code Listing ..............4. NER 478 
U.S. Patent ............... # 5,217,317 








Typical TMU Installation 


328 Appendix 


Skewed Installation 
I. Install onto end of rafter using recommended nail schedule for 
joist. Note: When sloping TMU26/175 up, attach hanger to 
web before nailing to bottom flange. 


2. Bend flange to desired angle, and nail in place. 
3. Bend opposite flange as shown, and finish nailing. 





SKEW TO 45° 
TMU26, 210, 175 & 179 
3/4'x4"x7" Plywood Spacer with (6) 16d Nails 


y) 3 
| 4 


SKEW TO 30° SKEW 31° TO 45° 
TMUZ23, 25 ,31 & 48 





TMU Installation Procedure 

Web stiffeners required for all wood 
I-joist installations. Tie strap required 
for all wood I-joist installations when 
sloped 30° to 45°, or 7:12 thru 12:12. 
Use LSTI-22 for 11/2” & 13/4” width 
joists, use KSTI-223 for 25/16” or wider 
joists. 
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Strap Ties—KSTI and LST122 Series 





Allowable Loads (LBS.) 





USP Steel Dimensions Nails 

Stock No. Ref.No. Gauge W L Nail Schedule 133% 160% 
KSTI223.  MSTI23 18 Wie 23 (23)10dx1'/, 1645 1975 
KSTI226 = MSTI26—- 12 Wis 26 (26)10dx 1'/. 1735 2080 
KSTI236 MSTI36 12 Wise 36 (36)10dx 1/2 2400 2880 
KSTI248. MSTI48.—s.12 Wis 48 (48)10dx 1'/2 2300 3840 
KSTI260  MSTI60 12 Wis 60 (60)10dx 1'/, 4000 4800 
KSTI272. MSTI72.—s-: 12 Wis 72  (72)10dx 1/2 4510 4950 
LSTI22 _ 20 1/4 24 = (16) 10d x 1!/ 950 950 





Allowable Loads have been increased 33'/3% or 60% for wind and seismic loads; no further 
increase shall be permitted. 10d x 1!/2 nails are 9 gauge (0.148 inch diameter) by 11/2 inches 
long. 


Strap Ties KSTI and LSTI22 Series 
These strap ties are designed specifically for installation along wood 
L-joist flanges. 


Installation Note 
The LSTI22 is for use with 1-!/2” and 1-3/4” I-joists. The KSTI is for 
use with 29/16” and larger I-joists. 

Finish 2sc2600dixceaneses< G60 galvanizing 

Code Listings ..............0005 SBCCI 9494 
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KST1272 > 
KST1260 
KST1248 
KST1236 
KST1226: 
KSTI223 
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Strap Ties LSTA and MSTA Series 

With a 11/4 inch width, the 20-gauge LSTA and the heavier MSTA 
straps are designed especially for use with 1!/2 inch members. The 
lighter gauge allows builders to bend these straps for many framing 
applications. 


Finish {scceee sete tessa deaa radar sees G60 galvanizing 
Code Listing ia sises ciscseag eas cea caecsaaee NER 505 














Purlin Anchors PAI Series 

Purlin Anchors are engineered to meet seismic and high wind load 
requirements when securing I-joist purlins and beams to concrete 
or masonry. Loads are based on a minimum 4-inch embedment into 
concrete and should be reduced accordingly for masonry or other 
applications. 


Minish yectves seth retested ceiees G60 galvanizing 
Code Listing wacicisecicraaa casey aca cease NER 505 
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Typical PAI Installation 
fs Om ah SO wee 
PAI 
Allowable Loads (LBS.) 
USP Steel Fastener Schedule Minimum Nails 
Stock No. Ref. No. Dimensions Gauge Nails Bolts EMBED. 133% 160% 
PAI8 PAII8. 2x 18'/2 = 12 (12) 10d x 14/2. — 4 1600 1920 
PAI23 PAI23, 2x 234/212 (18) 10d x 14/2. — 4 2400 2880 
PAI28 PAI28 2x 28'/2 12 (24) 10d x 14/2 — 4 3125 3125 
PAI35 PAI3S 2x 35'/2 12 (26) 10d x 11/2 — 4 3125 3125 





Allowable Loads have been increased 33!/3% or 60% for wind and seismic loads; no further increase shall be 
permitted. 
10d x 1!/2 nails are 9 gauge (0.148 inch diameter) by 1!/2 inches long. 
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334 Appendix 


Bracing and Bridging N Series 

N series bridging is quickly installed and economical. This style 
must be installed prior to the subfloor. Use (2) 8d nails at each end 
and leave a slight space between the units to avoid noise generating 
contact. 


Material. s:isiaesceadeae se tees tesa 20 gauge steel 
Finish .........ccecececeseeceeees G60 galvanizing 





Typical N Bracing Installation 
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Citizens Band Radio Service in the US in the 3.5GHz band and the 5GHz unlicensed spectrum are 
examples of managed and unlicensed sharing regimes respectively. 

New air interfaces like NX will likely be well served by more conventional licensed allocations of 
spectrum, mainly due to the need to establish a basic foundation for the technology to operate in an 
independent manner while interoperability is established with technologies like LTE. At some point, 
further allocations of spectrum for 5G may leverage the mobile industry’s experience of sharing 
approaches in lower cellular bands. 


MULTI-ANTENNA TRANSMISSION 

Multi-antenna transmission already plays an important role in current generations of mobile communication 
and will be even more central in the 5G era, due to the physical limitations of small antennas. Path loss 
between a transmitter and receiver does not change as a function of frequency, as long as the effective 
aperture of the transmitting and receiving antennas does not change. The antenna aperture does reduce 
in proportion to the square of the frequency, and that reduction can be compensated by the use of higher 
antenna directivity. The 5G radio will employ hundreds of antenna elements to increase antenna aperture 
beyond what may be possible with current cellular technology. 

In addition, the transmitter and receiver will use beamforming to track one another and improve energy 
transfer over an instantaneously configured link. Beamforming will also improve the radio environment by 
limiting interference to small fractions of the entire space around a transmitter and likewise limiting the 
impact of interference on a receiver to infrequent stochastic events. The use of beamforming will also be 
an important technology for lower frequencies; for example, to extend coverage and to provide higher 
data rates in sparse deployments. 


ULTRA-LEAN DESIGN 

Ultra-lean radio-access design is important to achieve high efficiency in 5G networks. The basic principle 
of ultra-lean design can be expressed as: minimize any transmissions not directly related to the delivery 
of user data. Such transmissions include signals for synchronization, network acquisition and channel 
estimation, as well as the broadcast of different types of system and control information. 

Ultra-lean design is especially important for dense deployments with a large number of network nodes 
and highly variable traffic conditions. However, lean transmission is beneficial for all kinds of deployments, 
including macro deployments. 

By enabling network nodes to enter low-energy states rapidly when there is no user-data transmission, 
ultra-lean design is an important component in delivering high network energy performance. Ultra-lean 
design will also enable higher achievable data rates by reducing interference from non-user-data-related 
transmissions. 


USER/CONTROL SEPARATION 

Another important design principle for 5G is to decouple user data and system control functionality. The 
latter includes the provisioning of system information; that is, the information and procedures needed for 
a device to access the system. 

Such a decoupling will allow separate scaling of user-plane capacity and basic system control 
functionality. For example, user data may be delivered by a dense layer of access nodes, while 
system information is only provided via an overlaid macro layer on which a device also initially 
accesses the system. 

It should be possible to extend the separation of user data delivery and system control functionality 
over multiple frequency bands and RATs. As an example, the system control functionality for a dense 
layer based on new high-frequency radio access could be provided by means of an overlaid LTE layer. 

User/control separation is also an important component for future radio-access deployments relying 
heavily on beamforming for user data delivery. Combining ultra-lean design with a logical separation of 
user-plane data delivery and basic system connectivity functionality will enable a much higher degree of 
device-centric network optimization of the active radio links in the network. Since only the ultra-lean signals 
related to the system control plane need to be static, it is possible to design a system where almost 
everything can be dynamically optimized in real time. 

An ultra-lean design combined with a system control plane logically separated from the user data 
delivery function also provides higher flexibility in terms of evolution of the RAT as, with such separation, 
the user plane can evolve while retaining system control functionality. 
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Wet Anchors WE and WA Series 

Wet Post Anchors secure posts to concrete in light and medium duty 
applications such as patio covers, carports or decks. The built-in 
stand-off plate keeps the post from making contact with the ground 
and damaging moisture. The WE features a formed, one-piece design 
which offers additional economy. Not recommended for fence post 
applications. 


Material wicccccsdieesa ccdecuace eevee 12 gauge steel 
Finish se :ccenesctentenceveeentcets ce G60 galvanizing 
Code Listing, WA series ..............0000- NER 505 
Code Listings, WE series ..............-. ICBO 2039 

NER pending 





silicate has taaacnrs SBCCI 9494 


Typical WE44 Installation 
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Standoff | 


Typical WA 
Installation 
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Heavy Column Bases HBM, CBE, and KCB Series 

These sturdy bases secure heavy columns to concrete footings or 
foundations. The base is set in position prior to the pour to assure 
proper alignment and installation. Designed for structural integrity 
in high wind or seismic applications. These models are not recom- 
mended for fence post applications. 


Installation Note 
For KCB installations, the base plate must be flush with the concrete 


surface to develop full bearing capacity. 


Materials, HBM & CBE series..............5. 
cee Ra PER Eo RoE EE OMA eamaE TES 12 gauge steel 


Materials, KCB series ........ 3/16” or 1/4” steel 
Finish, CBE series ............ G60 galvanizing 
Finish, HBM & KCB series .............. paint 
Code Listings, KCB & CBE series ............. 
PNG MORNE LOA CREE aE Peadie eee ESS SBCCI 9494 
si disso bead ba clsvageed-ariendee aenbiewaaree NER pending 
Code Listings, HBM .............. ICBO 2039 
bahia tans anndca bead ni eadcawinreialainunee L.A. City RR23888 
Code Listings, KCB ............... ICBO 2725 
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Post Caps PCM and EPCM Series 

Post caps provide a positive connection for medium duty post-to- 
beam applications. The extended side plate design in these products 
also function as tie straps where splices occur. These models fasten 
with standard nails. 


G60 galvanizing 
Mei es eoREeREe Ee EE Tea Eas NER 505 







Typical PCM Installation 





EPCM 
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Column Caps KCC and KECC Series 

Designed for heavy duty beam-to-post connections, column caps 
offer strong reinforcement and support at critical framing junctions. 
A number of special sizes and style variations are available. Straps 
are normally centered on the U-bracket, but any variation may be 
specified. For end column caps, add an “E” after the “K” in the part 
number, as in “KECC325-4.” Straps may be rotated 90 degrees on 
special order where the W2 dimension is less than or equal to the W1 
dimension. Welding is performed by certified welders and routinely 
inspected by a code-accepted quality control agency. 


CONCLUSION 


5G is the next step in the evolution of mobile communication and will be a key component of 
the Networked Society. In particular, 5G will accelerate the development of the Internet of Things. 
To enable connectivity for a wide range of applications and use cases, the capabilities of 5G 
wireless access must extend far beyond those of previous generations of mobile communications. 

These capabilities include very high achievable data rates, very low latency and ultra-high 
reliability. Furthermore, 5G wireless access needs to support a massive increase in traffic in an 
affordable and sustainable way, implying a need for a dramatic reduction in the cost and energy 
consumption per delivered bit. 

5G wireless access will be realized by the evolution of LTE for existing spectrum in combination 
with new radio access technologies that primarily target new spectrum. Key technology 
components of 5G wireless access include access/backhaul integration, device-to-device 
communication, flexible duplex, flexible spectrum usage, multi-antenna transmission, ultra-lean 
design, and user/control separation. 


5G RADIO ACCESS * CONCLUSION 





Construction Hardware 347 


KCC and KECC Series Options 

A number of size and style variations are available for KCC and 
KECC Column Caps on a custom order basis. Possible variations 
include rough or custom sizes and altered bolt pattern. A number 
of standard options are also available as detailed by the adjacent 
illustrations. These options include: KCCO, KCCT, KCCOB and 
90° strap rotation. 


NoTE 


Consult retail price list or your technical assistance representative for 
details and ordering information. 





KECC Straps Rotated 90° KCCOB 





KCCT KCCO 
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This Course Consists Of: 


«Compass Basics 
¢Orienting a Map For North Reference 
¢Traveling to a Target 
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*Topo Map Basics 
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¢-Finding Yourself 
“UTM Coordinate System 
‘Using GPS with a Map 
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Compass 
Types 





Accessory 





Mirrored — Sighting 


(Preferred) oe 


Digital 
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RANNG & EQUIPMENT GROUP, 
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SINCE 1997 
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Ke) oe) mtir-le) 


AN at @) 04] = BW O) 
With Compass 
Adjusted For 

Declination 


Ce ert 3) “Box” compass 
4) Adjust dial so “N” is 2 i my ° 2 aT=X-Yel(-MeohVMcele-lilare Mm ait-] om 
at index line. > | Me) on: 7, MG, 


yaw NI (elam\ele(- meni 
compass with north / 
south reference line. 
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(With Map Oriented To North) 


Traveling To a Target On The Map — Step 1 





| 


Draw a line on the map from 
your starting point to your 
finish point. 


Orient the map to north. 


Place the compass on the 
map with the edge of the 
compass on the line and 
the bearing arrow pointing 
at your destination 





_ RANDALL’S ADVENTURE TRAINING ® 
Ne ales wale), 


Traveling To a Target On The Map — Step 2 


Set Compass Heading - Turn the dial 
on the compass until “N” outline arrow 
boxes the compass needle. Your 
direction to your target (in degrees) is 
read at the Index Line on the Dial. 
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GLOSS 


D2D device-to-device 

FDD Frequency Division Duplex 

mmWw millimeter wave 

MTC Machine-Type Communication 

NPRM Notices of Public Rule Making 

OFDM Orthogonal Frequency Division Multiplexing 
TDD Time Division Duplex 

WRC World Radio Conference 


© 2016 Ericsson AB - All rights reserved 





5G RADIO ACCESS ¢ REFERENCES & GLOSSARY 


COPYRIGHT © 2013 RANDALL’S ADVENTURE TRAINING ® 


RACAL: : see 


ey, fs RANDALL’S ADVENTURE TRAINING ® 
\e QO MN ales wale), 


“OA SS 
eG) 34 so 





Follow Your Heading - Remove the 
compass from the map and hold it 
level, so the Magnetic Needle is free 
to turn. Turn your body until the red 


end of the Needle aligns with the 
Orienting Arrow (boxed) and “N” on 
the Dial. Using the Direction of 
Travel Arrow, sight a distant 
landmark and move to it. Repeat this 
process until you reach your 
destination. 
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(Without Map Oriented To North) 


DY e= Wallets minelaamsit-lam ce) 
finish. 


Lay the edge of your 
compass on the line in the 
direction you are traveling. 


Rotate the compass bezel 
Wiahilimtalome)at=valiiate milalsss) 
align with your North 
Reference Lines (Make 
sure that North is pointing 
irom \olatamelam als manl-1°) 


Pick up your compass and | Ha I a — . |] Oriotting i Lines’ 
travel ie) dats, destination. g ee ae Py . . 4s r ee itz North-Reference Lines} 4 


Note: The compass shown 
has already been adjusted 
ice)mme(=xeil[ar-li(e) ap 
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(Without Map Sie oy 


ned Witty) } 


Draw a line from start to finish. | Y acai. anaes | 
3 [10\#i3:39" ete ee art 
Lay the compass rose on the line so SX | CoN Hy y ti 


the line crosses through the center of 
the rose. 


Align N/ S$ line or orienting lines on 
the compass rose with North 
Reference Line. 


Read your azimuth on the “Finish” 
side of the compass rose. 


Read Azimuth Here 


Note: unless you are using a 
compass adjusted for declination, 
you will have to add or subtract the 
declination value to the value that 
you acquire from the compass rose. 
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Landmark Or Feature 
- Sighted On Your Azimuth 
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Posting Up 


Tale-Xo(ollite)amcomers)ialemar-lt0le-lml-larelaat-la.com-tmr-|ne[-hmn(e)mavele| moll e-\eil(e)a mem le-\V.>)p 
you can also post up a member of your team as a target. Another option is the 
Back Azimuth. 
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Reference Point 


‘sn 125 Degree 
bie> 305 Degree Desired Azimuth 
ex Back Azimuth 





Use a Back Azimuth if you need to verify you are still on your desired 
direction of travel. This is especially handy when crossing rivers or 
loxey.<iale Wr=1ne)6| are me)e)(-\e1 top 


Back Azimuth is 180 degrees from your target azimuth. If your target 
azimuth is more than 180 degrees, then subtract 180. If it is less than 
180, then add 180. 
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Direction of original travel is 45 degrees 

a UUldamcl@e(-re]x-\-1omm (omr- We al-\\’ar- 74) 00101100) mm Borel (er0]0)almy(el0| mm er-[e-1-)) 

a UUldamcl@e(=ve]x-\-t-m oy-\e1,@ucomial-Me)ale|lar-|m-P4[anl0isame)m-come(-(e]a-\-\-mUlaii] M16 = 1k-m Oy-1-1m0) e-}- (61>) 
Turn 90 degrees to a new azimuth of 315 and pace the same amount as the first turn 
wUUldamcl@me(-ve]x-\-tom oy-\e1,@ucomial-me)ale|lar-|m-P4[anl0itame)m-come(-(eln-\-1-r-lalemere)aliialel> mela 
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LATERAL DRIFT — MISSING YOUR TARGET 


him(olUmer-lalalelmi/alemycele)mt-lce(>1mr-Vit>)mnr-11.aremcel0lmr-P4[anllinmeal-mee)an-le)me|(-)r-la lec 

then mark the spot where you think it should be and began a structured grid 
search of the area. Make note of your azimuths, pace count and direction 

(oat =Vale(=tswure) f= 1a mn'Ze10] mela (em)ant=limiat-)ame (eM l-1Ke(-) ml my{0l0 mer-lalale)m (eler-l(-mial-mr-lel-1e 


40 Meters 


40 Meters 


20 Meters 
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40 Meters 
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As obvious from this simple road map, the lost hiker only needs to 
travel a westerly direction to cross a road and reach civilization. 
Always know which general direction crosses a main artery! 


When using a map and compass always have a “panic azimuth.” 


Quarter : Big Dipper 
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ERICSSON WHITE PAPER 


Uen 284 23-3278 | January 2016 


CELLULAR 
NETWORKS FOR 
MASSIVE IOT 


ENABLING LOW POWER WIDE AREA APPLICATIONS 

With new standards specifically targeting the connectivity requirements of Massive Internet 
of Things (loT) applications, cellular networks can deliver reliable, secure and diverse loT 
services using existing network infrastructure. 


ERICSSON 
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Terrain Association Navigation 


This is the most widely used method of navigation. The navigator plans 
his route so that he moves from terrain feature to terrain feature. An 
automobile driver in a city uses this technique as he moves along a street 
or series of streets, guiding on intersections or features such as stores, 
parks or houses. Like the driver, the navigator selects routes or streets 
between key points or intersections. These key points can be lakes, 
mountains, roads or any other terrain feature readily recognized on a 
map. Before you hike a new area, familiarize yourself with the terrain by 
studying maps, satellite photos or any other available information. 
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BACKSTOPS are features that typically run perpendicular to your azimuth 
and located beyond your target point. If you run into your backstop then 
you know you have traveled too far and missed your target point. Backstops 
can be rivers, roads, mountains, railroad tracks or any other useable feature. 


HANDRAILS are features that run parallel to your azimuth. They can be 
rivers, roads, mountains, or any other useable feature that the navigator 
(or=] a UEsi-m Comore) aliiale(-mre-hic>)/ [ale m [ameal>me(=s-)[a-10 mel |a-\e1l(e) am 


AIMING OFF is a process of deliberately adding or subtracting to the desired 
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Map Scale & Datum 
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5 74.000 5 76 000 
86°12'0" °11'30" °11'0" 86°10°30" 


025 


Universal Transverse Mercator (UTM) Projection Zone16 
North American Datum of 1927 (NAD27 CONUS) 
1000 meter UTM / USNG / MGRS 
Grid Zone Designation: 16S 

100,000-m Squares: [EN] EC 
MGRS NAD27 100,000-m Squares in brackets 





Always set your GPS to the map datum shown on your map! 


Always use the proper scale card for measuring! 
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CONTOUR LINES 


The closer the contour lines, the steeper the terrain. Check 
the map for the contour intervals. Contour lines will also 
have elevation markings. 


STEEP TERRAIN 


2 ol 


Example above shows a map with contour intervals of 20 feet. 
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DELIVERING Ne 
VALUE IN THe 
NETWORKED & 


In the future, all devices that benefit from an internet connection will be connected. In this 
Networked Society, every person and every industry will be empowered to reach their full potential. 
Internet of Things (loT) technology is a key enabler of this vision by delivering machine-to-machine 
(M2M) and machine-to-person communications on a massive scale. 

As shown in Figure 1, Ericsson predicts there will be around 28 
billion connected devices by 2021, of which more than 15 billion will 30 
be connected M2M and consumer-electronics devices [1]. A large 
share of these will be applications served by short-range radio 
technologies such as Wi-Fi and Bluetooth, while a significant 
proportion will be enabled by wide area networks (WANs) that are 
primarily facilitated by cellular networks. 
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13B 
THE NEW IOT LANDSCAPE 
The loT revolution offers huge potential value in terms of improved 
efficiency, sustainability and safety for industry and society. Analysts 
predict that the total added value of the loT will be USD 1.9 trillion by Panta Ot S018 BOA B04B. “Bots! "2020" 200% 


2020 [2]. 
The variety of applications and solutions designed for individuals, 
business and industry is spurring the rapid expansion of the loT 


@§ M2M devices and consumer electronics 
MEE Mobile phones, PCs/laptops/tablets 


Figure 1: Growth in connected devices. 


market. The loT is playing a major role across a variety of vertical 
sectors, generating cost savings, new revenue streams and other benefits. 

Each loT application needs a clear value proposition and business logic in line with the prevailing 
ecosystem, business models and value chains of the various stakeholders. For all applications, 
solutions need to be integrated on platforms that can scale and handle millions of devices 
efficiently. Business processes for administration, provisioning and charging will have to be 
streamlined to minimize costs and enhance the business case. 







loT rollout 
Deployment, integration, project manage- 
ment, business consulting 






Enterprise IT and business 
processes 

Service and application creation, revenue 
management, device management 








loT platforms 


Industry solutions 


Device connection platform, 
service enablement platform 


Connectivity 
Radio access, core, transmission 


Figure 2: The new loT landscape. 





As they are largely responsible for wireless connectivity on a global scale, operators are in an 
excellent position to capture a share of the added value generated by the emerging loT market. 
The size of this share will depend on the role that operators adopt in the value chain. This could 
range from being a straightforward connectivity provider (monetizing connectivity in new ways), 
all the way to being an end-to-end solution provider of turnkey solutions to vertical markets [3]. 
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DETERMINING DISTANCE 
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DETERMINE DISTANCE TRAVELED 
BY PACE COUNT 


In thick jungle, where landmarks can not always be seen to track your position, pace 
counting is the best way of measuring distance. Pace counting will allow the navigator to 
estimate where he is at any given time. To be accurate, the navigator must practice pacing 
over different types of terrain. First you have to do some calculations. Measure out exactly 
100 meters on three types of ground. Flat easy terrain, rougher terrain with some slope and 
then steep hill terrain. Then on each measured course count your paces (every time your 
left foot touches the ground or every 2 steps = 1 pace). You will have 3 different pace 
counts for different types of terrain. Once finished, memorize your pace count for all 3 


types. 
Averages 
Flat easy 100 65 
terrain meters paces 


Rougher 100 fee) 
terrain with meters paces 
some slope 

Steep hill 100 95 

terrain meters paces 


General Rule: You have never traveled as far as you think you have. 
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CONDITIONS THAT AFFECT PACE COUNT 


Slopes — Your pace lengthens on a downslope and shortens on an upgrade. 

Winds — A headwind shortens the pace and a tailwind increases it. 

Surfaces — Sand, gravel, mud, snow and similar surfaces tend to shorten your pace. 
Elements — Falling rain or snow causes the pace to be reduced in length. 

Clothing — Excess clothing or shoes with poor traction affect the pace length. 


Visibility — Poor visibility due to rain, snow, or fog will shorten your pace. 
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DIFFERENT IOT CONNECTIVITY ALTERNATIVES 

Connectivity is the foundation for loT, and the type of access required will depend on the nature 
of the application. Many loT devices will be served by radio technologies that operate on 
unlicensed spectrum and that are designed for short-range connectivity with limited QoS and 
security requirements typically applicable for ahome or indoor environment. Currently, there are 
two alternative connectivity tracks for the many loT applications that depend on wide-area 
coverage: 

Cellular technologies: 3GPP technologies like GSM, WCDMA, LTE and future 5G. These WANs 
operate on licensed spectrum and historically have primarily targeted high-quality mobile voice 
and data services. Now, however, they are being rapidly evolved with new functionality and the 
new radio access technology narrowband loT (NB-loT) specifically tailored to form an attractive 
solution for emerging low power wide area (LPWA) applications. 

Unlicensed LPWA: new proprietary radio technologies, provided by, for example, SIGFOX and 
LoRa, have been developed and designed solely for machine-type communication (MTC) 
applications addressing the ultra-low-end sensor segment, with very limited demands on 
throughput, reliability or QoS. 

One way to segment loT applications is to categorize them according to coverage needs and 
performance requirements (such as data speed or latency demands). 


Performance 


4G evolution and 5G 





(or-| 0 Tal CACTRICTL-LE)) 


Cellular LPWA (EC-GSM, LTE-M, NB-loT) 





Coverage 
Short range Long range (of use case) 


(1) Unlicensed spectrum 


(Wi-Fi, Bluetooth, Zigbee etc.) 


e Unlicensed spectrum 
(SIGFOX, LoRa etc.) 


Figure 3: Technologies addressing different loT segments. 


The coverage needs of a particular use case may be highly localized (such as a stationary 
installation within a building), while other use cases require global service coverage (Such as 
container tracking). 3GPP technologies already dominate use cases with large geographic 
coverage needs and medium- to high-performance requirements. 

With new feature sets specifically tailored for LPWA loT applications, 3GPP technologies are 
taking a large leap forward to cover segments with low-cost, low-performance requirements too. 


CAPILLARY NETWORKS COMBINING CELLULAR AND UNLICENSED STRENGTHS 

Even when existing 3GPP end-to-end connectivity is not feasible, cellular technology can still 
provide key benefits when used as a bridging option, i.e. as an aggregation and routing solution. 
This capillary network approach allows end devices to utilize varying access solutions from either 
the short range or LPWA domain and access the cellular networks via a gateway device. Capillary 
networks enable the reuse of cellular functions and assets such as security, device management, 
billing and QoS without requiring each end device to be cellular-enabled. 
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azimuth. You will be back at your starting point once both azimuths are the same as the ones you wrote down. 
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RESECTION 


¢ Orient your map and secure its 
position. Locate a landmark on the 
map that you can actually see in the 
landscape. Take a compass bearing to 
that landmark by sighting and then 
rotating compass dial until the needle 
is boxed. Once you have a bearing, do 
not move the compass dial. Lay the 
corner of the compass on the map 
landmark and rotate the whole 
compass (not the dial) until the needle 
Sis ofe).¢=to am jie (o)alom 0) xe) eL-va\amtal- mere) aal>1me) i 
the compass will still be over your 
landmark. Draw a line along the edge 
of the compass base. 





ad asim ce(-valdiitcle)(-meslacelantsla¢ 


Draw line on map 
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RESECTION - Step 2 


¢ Find a second identifiable landmark on the map and repeat the process from the 
previous slide. Where the two lines intersect is roughly where you are on the map. 

sam wd ae] [ale r= ta} [comm ole)] ajme)amiatcMant=|oM=lale Mac) el-r-lilale ml alom e)gelerct-tom omer-1| (2X Mma lalel 6) (<li (o) ale 
and increases the accuracy of finding your location. 


Q 


— ; First identifiable landmark 





Your general location is here 


ae RM aN "2 i et : Second ldaninable landmark 
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sure exactly where you are on this feature, you may only need to shoot one azimuth to 
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INTERSECTION is the reverse of RESECTION. An example of intersection is seeing smoke 
from a forest fire and determining where the fire is located on a map. 
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Always set your GPS to the grid system you are using on the map 
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Universal Transverse Mercator (UTM) 
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system. With UTM, the earth is divided into 60 zones 
that allows it to be projected onto maps with 
minimal distortion. All coordinates are expressed in 
meters. 


The UTM grid system is the easiest method of 
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Universal Transverse Mercator (UTM) 
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visible on aerial photographs. This information is unchecked 


To place on the predicted North American Datum 1983, 
move the projection lines 9 meters south and 
2 meters west as shown by dashed corner ticks 





A WIDE RANGE Or 
IOT REQUIREMENTS 


There will be a wide range of loT use cases in the future, and the market is now expanding toward 
both Massive loT deployment as well as more advanced solutions that may be categorized as 
Critical loT, as shown in Figure 4. 


Massive loT Critical loT 


PU | es FF | anc 


Smart Logistics, tracking and Remote Traffic safety 
building fleet management health care and control 




















| my 
7 : i Hy C a Sh Remote 
= and manufacturing, 


Capillary networks Smart Smart Smart grid | Industrial application) —_‘*aining, 
agriculture | metering automation and control surgery 


























Low cost, low energy, Ultra reliable, 
small data volumes, very low latency, 
massive numbers very high availability 






Figure 4: Differing requirements for Massive and Critical loT applications. 


At one end of the scale, in Massive loT applications — typically sensors that report to the cloud 
on a regular basis — the end-to-end cost must be low enough for the business case to make 
sense. Here, the requirement is for low-cost devices with low energy consumption and good 
coverage. 

At the other end of the scale, Critical loT applications will have very high demands for reliability, 
availability and low latency. These use cases are enabled by LTE or 5G capabilities. Here, the 
volumes are typically much smaller, but the business value is significantly higher. 

There are, however, many other use cases between the two extremes, which today rely on 2G, 
3G or 4G connectivity. 


MASSIVE IOT USE CASE DIVERSITY 
The Massive loT market segment includes several applications widely used in industries and 
societies, as shown in Figure 5. 


Transport and a Utilities 
Fleet management Smart metering 
Goods tracking i grid management 


Agriculture (al) cities 
crane ( (al) es sensors 
monitoring Smart bicycles 
Livestock tracking Waste management 
Smart lighting 
Environment Smart buildings 


Flood monitoring/alerts 2) Smoke detectors 
Environmental monitoring Alarm systems 
(water, air, noise etc.) Home automation 


@ cS) 
Process monitoring Wearables 
and control Kids/senior tracker 


Maintenance monitoring Medical monitoring 


Figure 5: Industry and society applications enabled by LPWA. 
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Easting: 
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The grids are the widest at the equator. Since each grid has a different width, a 

system was created to measure the distance across a grid starting from the vertical 

(oY) (=) en lal MOlm r= (eae ]a(6Mr=ts¥e) 0) eLe)-\-10 MCom-jr-lal|alemice)anmia(-m(-)ime)m ale lalm-vele|- me) m- mela (ep 

The center line of each grid is called the central meridian. The central meridian is 
always assigned an easting value of 500,000 meters East. It is expressed as 500,000 
mE. As you move west of the central meridian the easting will be a number less than 
+o] 010M 01010 ay ACcmYol0manle\omcom ial-M-t-lo1me) malo mer-valir-]mant=1a(e|t-lamial-Mor-lo)i [ale mul mel-momalelanlel-ie 

greater than 500,000. An easting of zero will never occur, since a 6° wide zone is 

never more than 674,000 meters wide. 


\Toyadaliale 
ai at=mss-lere)alom ale] an|el~) mmm icwer-li(-cemtal-m le) ataliale pum ian towr- Wr ee |(eli male lanlel-lamcar-lmel-sJ(elar-ltctom ale) 
many meters you are north or south of the equator. 
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Using GPS with Map 


When using a GPS to acquire an azimuth to a location, setup your GPS 
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The potential applications for the loT run into the millions, with a huge variety of requirements 
regarding cost, battery life, coverage, connectivity performance (throughput and capacity), 
security and reliability. Figure 6 illustrates some such applications and their requirements regarding 
devices and connectivity. 

Some devices will only send a few messages per day — such as status 
indicators for temperature — while others may need to transmit a video 
stream to guide a remote repair technician, for example. The difference 
in throughput requirements is huge. If operators or service providers 
handle several applications, it may be of great benefit to be able to 
harmonize communication modules, so that they all use the same 


Performance 









underlying radio solution to reduce operational and fault management 
effort and complexity. 

Many higher-value applications will require two-way communications 
— in other words, an uplink as well as a downlink — to enable monitoring 
and control of devices in systems like heating, ventilation and cooling 
plants. The long lifetime of many loT applications makes it invaluable to Bi-directional data 
be able to perform over-the-air device updates for new functionality or 
parameter settings. The amount of data sent for such updates can often 
be more demanding for the network than the monitoring or control 
application itself. 

Relatively simple uplink-focused applications can benefit greatly from 


Positioning 








Coverage 


Reliability and QoS 


eeeeee Transport and logistics: Goods tracking 
eee Smart cities: Smart bicycles 

e====e Industrial: Process monitoring and control 
eee Smart buildings: Home automation 


a bi-directional link to provide robustness. For example, a connected Figure 6: Device and connectivity requirements for sample loT use 


smoke detector must deliver a smoke alarm with absolute certainty. The cases. 
ability of a network to provide acknowledgements of a received message 
enables better fault management and the required level of reliability. Positioning can be used to 
locate the sensor at the point it failed and simplify operations. For tracking applications, location 
information is essential. 

In applications like building security, sensitive information could be reported over the air, which 
will require strict security. Furthermore, in the case of a break-in, it is crucial that the alarm 
information reaches the control center in time — making QoS and two-way communication vital. 


KEY CHALLENGES FOR MASSIVE IOT 
The key challenges to enabling large-scale uptake of Massive loT include: 


Device cost - clearly a key enabler for high-volume, mass-market applications, enabling many 
of the use cases. 

Battery life - many loT devices will be battery-powered, and often the cost of replacing batteries 
in the field is not viable. 


Coverage - deep indoor connectivity is a requirement for many applications in the utility area. 
Furthermore, regional (or even national or global) coverage is a prerequisite for many use cases, 
especially within the transport area. 


Scalability - in order to enable a Massive loT market, networks need to scale efficiently. The 
initial investment required for supporting a limited number of devices has to be manageable, 
while on the other hand, the network capacity must be easy to scale to handle thousands -— or 
millions — of devices. 


Diversity - connectivity should be able to support diverse requirements from different use 
cases. One network supporting everything from simple static sensors to tracking services, to 
applications requiring higher throughput and lower latency is essential in terms of total cost of 
ownership (TCO). 
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Adjusting For Declination For Map Use 
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Declination is the difference or spread between grid north and magnetic north when using the UTM grid lines as north 
reference. 


At the bottom of your map, if the MN line is left of the True North Line it will always be West Declination. If the MN line 
is right of the True North Line it will always be East Declination 


If you are using a compass that is not adjusted for declination, add the amount for west declination, subtract the 
amount for east declination. If your compass is adjustable for declination, set it for the north reference declination 
value you are using. No further addition or subtraction is required. 


DECLINATION 


WEST True North is aligned with 
+ the longitude lines on the 
map. Grid North (GN) aligns 

with the UTM lines on the 


2 map. Magnetic North (MN) 


3°30'/SN/ 10° | 10°\sNi 3039" is aligned with a compass 
needle. For WEST add the 
Dec. value to the compass 
bearing. For EAST subtract 
the Dec. from the compass 
bearing. EAST IS LEAST, 
WEST IS BEST. 
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Compass Needle Longitude Map Grid 


Magnetic True feyats| 


If using Grid North as Reference then declination would be set to 6 degrees West = 3 Degrees 


If using True North as Reference then declination would be set to 3 degrees West aia 
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THE ADVANTAGES 
Or CELLULAR 
CCHNOLOGIES 


Each of the technologies available for loT connectivity has its own advantages and disadvantages. 
However, the range of loT connectivity requirements — both technical and commercial - means 
cellular technologies can provide clear benefits across a wide variety of applications, as 
summarized in Figure 7. 
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Figure 7: Advantages of cellular technologies. 


In terms of global reach, cellular networks already cover 90 percent of the world’s population. 
WCDMA and LTE are catching up, but GSM will offer superior coverage in many markets for 
years to come. Cellular networks have been developed and deployed over three decades, and 
they will be around for the foreseeable future. 

The cellular mobile industry represents a huge and mature ecosystem, incorporating chipset, 
device and network equipment vendors, operators, application providers and many others. The 
global cellular ecosystem is governed by the 3GPP standardization forum, which guarantees 
broad industry support for future development. 

When it comes to scalability, cellular networks are built to handle massive volumes of mobile 
broadband traffic; the traffic from most loT applications will be relatively small and easily absorbed. 
Operators are able to offer connectivity for loT applications from the start-up phase and grow 
this business with low TCO and only limited additional investment and effort. Operation in licensed 
spectrum also provides predictable and controlled interference, which enables efficient use of 
the spectrum to support massive volumes of devices. 

Cellular connectivity offers the diversity to serve a wide range of applications with varying 
requirements within one network. While competing unlicensed LPWA technologies are designed 
solely for very low-end MTC applications, cellular networks can address everything from Massive 
to Critical loT use cases. 

QoS mechanisms will be essential for many loT applications. Cellular systems have mature 
QoS functionality, and this enables critical MTC applications to be handled together with traffic 
from sensors, voice and mobile-broadband traffic on the same carrier. QoS, along with licensed 
spectrum as described above, provides a foundation for long-term Service Level Agreements 
with a specific grade of service. 
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PREPARE 





YOURSELF 


Most survival situations arise in 

one of two ways: either you are thrust 
into a situation not of your making and 
beyond your control, or (as is more 
often the case) a situation develops 
because of a sequence of events that 
could have been avoided had you 
recognized the danger signs and acted 
on them at the earliest opportunity. 
Unfortunately, most survival situations 
occur as a result of ignorance, 
arrogance, an overconfident belief in 
one’s own ability, or because the forces 
of nature have been underestimated. 


In the military forces, troops prepare 
for survival situations by learning the 
basic principles and techniques and 
then practicing them until they become 
second nature. The more you practice 

a particular survival skill, the more 
you'll understand how and why it works, 
and the more you'll understand your 
own strengths and weaknesses. Many 
helicopter crew members who have 
been involved in a survival situation, 

for example, report that, having ditched 
their aircraft in the sea, they could not 
remember how they subsequently 


In this section BUA a(t) yK1)/ 3: 


~ how keeping in shape can keep you out of trouble... 


= the importance of a positive mental attitude... 


* that where there's a will to survive there's a way to survive... 
* the difference between a coping strategy and an aggravating factor... 


how “show-stoppers” could scupper your trip... 


~ why an emergency plan of action could save your life... 








It would be foolish to think 
that the amount of prior preparation 
required for an expedition is directly 
related to the length of the trip or its 
perceived danger. 


ACCIDENTS CAN HAPPEN anywhere. 
One of the most important things you can do to 
improve your chances of survival is to let peaple 
know where you're going and when you'll be 
back. Leave an itinerary of your trip with family 
or friends, and arrange a time when you will 
call to let them know you are safe. 























escaped from their aircraft and 
successfully boarded their liferaft. 
Thanks to their intense training regime, 
their actions had become instinctive 
and therefore subconscious. 

Whether you're preparing for an 
overnight camping trip or a year in 
Africa, the more prepared you are 
to meet the challenges posed by a 
particular environment, the more 
likely you are to be able to cope—both 
physically and mentally—should you 
then find yourself confronted with a 
survival situation. 


In many instances, simply making sure 

you have a cell phone with you can prevent an 
accident becoming a major survival incident. 

In 200/, a professional athlete, out running 

with her dog in Moab, Utah, slipped on ice, fell 
approximately 60 ft (18 m), and broke her pelvis. 
Having left her cell phone in her vehicle, she 
managed to survive for two nights in the 
freezing desert before rescuers were finally 

lead to her by her dog. 


In a separate incident in 2008, a farm 
worker in the UK caught his arm in machinery. 
Unable to attract attention and not having his 
cell phone with him, he was faced with a stark 
choice when the machinery caught fire: bleed 
to death, burn to death, or cut off his own arm 
with a pocket knife—he chose the latter. 


AG Never assume that the amount of prior 
preparation required is directly related to 
the length of a trip or its perceived danger ) 
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GETTING INTO SHAPE 


IN ANY SURVIVAL SITUATION you're likely to be at your S| 


best, both physically and mentally, in the moments before 
the situation occurs. From that point on, through lack of 

sleep, food, and water, your situation will deteriorate until 
your rescue. Being in good physical condition will help you 
overcome the challenges you'll face in a survival situation. 


THE BENEFITS OF EXERCISE 


Over time, exercise induces changes such as weight 

loss, as well as improved posture, physique, strength, 
agility, mental alertness, and stamina. These are all vital 
attributes should you find yourself in a survival situation. 


HOW FIT ARE YOU? 


A fit heart pumps blood more slowly and efficiently 

than an unfit one. The hearts of women, children, and 
older people beat faster than those of young adult males. 
Take your pulse first thing in the morning—this is known 
as the “base rate." As the table below shows, the faster 
your pulse returns to its base rate after a period of 
exercise, the fitter you are. Note that < denotes “less 
than” and > denotes “more than’, 


AGE 20-29 30-39 40-49 50+ 
RATING BASE RATE Lower hack: 
———————————————— strengthening 
MEN your lower back 
SNES core strength, ond 

Average 70-85 72-87 74-89 76-91 


your ability to 
Se ee carry heavy loads 
Poor >85 > 87 >&89 >91 


WOMEN 
Oe ot <8 <8 <83 Calf muscles: 
Average 78-94 80-96 82-98 84-100 lower-leg 


strength helps 
on rocky terrain 


Poor >94 =9 >98 >100 


AGE 20-29 30-39 40-49 50+ 
MEN 

Good “85 | <87 || 269 | <6 

Average 86-101 88-102 90-105 92-107 
Poor 101 >102 05 107 
WOMEN 
Good <9 <9 <9 <99 
"Average 94-10-9612 «98-4 100-116 

Poor >10  >H2 >4  >1i6 


Back: strong 
back muscles 
help when you 
ore carrying a 
heavy beckpack 


KNOWING YOUR LIMITS 

Having an idea of how fit you are and 
knowing how much you are capable of 
achieving before entering the wilderness 
means you can set yourself realistic goals— 
which will help to keep you out of danger. 


Brain: your abiifiy to 
concentrate for tong 
periods of time improves 
with increased fitness 









































Heart: improved 
cardiovascular 
fitness will enable 
you to walt 
greoter distances 


Legs: improved 
leg strength is 
a huge benefit 
when you're 

on the trail 


Balance: 
sure-footedness 
and confidence 
ore useful 
guaities on 
rocky terrain 


FIT FOR THE CHALLENGE 


Survival fitness is not about trying to 

run the 100 meters in 10 seconds; it's 
about stamina and endurance, and about 
knowing your physical limitations and 
being able to work with them. It is also 
about understanding that you may have 
to push yourself beyond your limits and 
that having a positive mental attitude is 
paramount to survival—the mind will often 
give up long before the body has reached 
its limit. Bear in mind that every task in 
a survival situation will sap your energy. 


EXERCISING REGULARLY 


Any effective training schedule must include 
at least three 45-minute sessions per week, 
with exercises that raise the heartbeat to 
more than 120 beats per minute, 


STARTING A FITNESS PROGRAM 

Ta spend time in the wilderness with 3 pack 

on your back requires a combination of strength 
and aerahic fitness. Training in the gym hetare 
you set off will strengthen your heart, lungs, 
and leg muscles, and will increase your stamina 
levels when you are aut on the trail. 

= Seak expert instruction and guidance 
wherever possi ble. 

= Start gradually and then build up your 
routine progressively, 

= Never try to work through injuries—rest 
and seek medical advice. 

= Devise a relevant fitness program; there are 
many websites and organizations that provide 
you with cetailed fitness programs far varlaus 
levels of specific activities, from training for 
atrek through the jungle to mountain-biking 
along the Appalachian Trail. 

® Duplicating In training what you'd \ike to be 
able to achieve an the trail will allow you to 
build up reference points about how your body 
works, and how it copes In different situatians 
The more you know about how you perform, 
the better equipped yau'll be on the trail. 


WARMING UP AND COOLING DOWN 
Time spent warming up and cooling down 
after exercise will help to improve your 
endurance levels and will also accelerate 
the recovery process. Get into the habit 

of starting and ending your session with 

a five-minute jog. 


GETTING INTO SHAPE 


GO FOR A CHECK-UP 


It's a sad fact that the majority of us don’t have regular medical 
check-ups. Many people work on the principle that you only 
need to see a doctor or dentist if something is wrong. However, 
you should always make sure that you start any adventure or 
wilderness trek in top condition. Therefore, before you set out, 
pay a visit to your doctor and dentist and make sure that your 
body and teeth are in good condition. 


VISIT THE DOCTOR 

= Let the doctor know of any ailments that have been a concern 
to you during the course af the previous year, 

® Tell the doctor where you are going and enquire about relevant 
inoculations or medication that you should be taking with you. 


VISIT THE DENTIST 

= Have any problems with your teeth dealt with before you qo. Any minor 
dental prablam will almost certainly turn into full-blown taothache when 
you |past want it to. 


USEFUL EXERCISES 


If you already get regular exercise, you'll find yourself far more 
comfortable in a survival situation than your more sedentary 
counterparts. Any pre-expedition training regime should include 
plenty of stretching, aerobic exercise, and weight-training. 


STRETCHING YOUR UPPER BODY AND BACK 

Reqularly stretching your arms, neck, chest, and shoulders will helo your 
body ta maintain a strong core. This will be af great use when it cames 
to activities such as rock climbing or using trekking poles. Undergaing 

a regular back-stretching routine will loosen the back muscles, making 
them mare flexible and Jess susceptible to injury, and will increase both 
the back’s range of motion and its endurance. 


STRETCHING YOUR LEGS 

Because your leg muscles bear the brunt af the work, leg stiffness isa 
cammon complaint at the end of a long day on the trail, Stretching your 
lags will improve your flexibility, increase blood circulation, and relax 
your muscles. Concentrate an your calves, quads, and hamstrings. 


AEROBIC EXERCISES 

Also called cardiovascular fitness, aerobic fitness refers to the ability of your 
heart, blood vessels, and lungs ta supply oxygen and nutrients ta the rest of 
your body during sustained physical activity, Reqular aerobic exercise—such 
as swimming, jogging, or cycling—will reduce the risk of developing coronary 
heart disease or high blood pressure, will help you ta manage your weight and 
increase your stamina levels, and will make your heart stronger and more 
atficient, thus improving blood flow around your body. 


WEIGHT-TRAINING 

Increased musele strength will enhance your ability to perform everyday 
tasks such as lifting, carrying, and walking. A regular weight-training 
program will imprave your posture, build muscle density around 

the joints and banes, improve your sense of balance, help yaur 

stress management abilities, aid sleep, and reduce the chaness of 

you sustaining an injury. In addition, research has shown that a 

regular resistance-training program can improve your metabolic 

rate by up ta 15 percent, which will help you shed any unwanted 

weight at a faster rate, 
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MENTAL PREPARATION 


REGARDLESS OF WHETHER you're backpacking through 
a remote area, or on a day hike in familiar territory, a 
situation may arise that changes your circumstances for 
the worse. Very quickly you move into the unknown, which 
causes tremendous psychological and emotional stress, 
known as “psychogenic shock.” Understanding this will 
help you to deal with it better and reduce its impact. 






INDIVIDUAL REACTIONS 
TO DISASTER 


People react to survival situations 
in different ways, although you 
can expect to find some common 
emotional reactions in victims who 
are experiencing, or have survived, a 
disaster situation. You may experience 
one or more of them during or after 
any survival experience or trauma. 


YOUR RESPONSE TO 
DISASTER SITUATIONS 


Your psychological response to a survival situation 

is crucial. Statistics show that 95 percent of people 
who die with psychological trauma die within the first 
three days. Losing the will to survive—or suffering 
psychological disorders that prevent you from coping 
with the physical conditions—is your main concern. 

Tf you break down psychologically, your chances of 
overcoming a situation will be compromised. 


AGGRAVATING FACTORS 


Reactions to disaster can result from a direct blow to 
the psychological system, such as extreme shock, but 
they can also be brought on, or aggravated by, other 
factors, As with all psychological problems, knowing 
what these aggravating factors are, and attempting 
to avoid thern—or at least recognizing what they 
might lead to—will maximize your chances of 
preventing or overcoming the problem. The most 
cormmon aggravating factors are: hunger, thirst, 
fatigue, seasickness, and hypothermia. 


PSYCHOLOGICAL PROGRESSION 


It’s useful to examine how people are likely to react ina 
survival situation. Using this knowledge, it’s possible to 
prepare mentally for such eventualities and, in so doing, 
lessen the impact if the worst should happen to you when 
out on the trail. Normal psychological reactions to disaster 
tend to occur in a set pattern of four stages: the pre- 
impact period, the impact period, the recoil period, and 
the post-trauma period (see right). Contrary to popular 
belief, people don’t normally panic, although it can be 
contagious if someone does. 





COPING STRATEGIES 


There are many things you can do to prepare yourself 
psychologically for a survival situation—such as 
learning about what you should expect if the worst 
were to happen—and to cope better if you find 
yourself in one. As with all survival skills, prior 
knowledge is power, and will help you to deal with 
a survival situation far more successfully, The main 
areas to think about are: training, motivation, 
attachment, hope, acceptance, and helping others. 
Developing coping strategies is an important 
technique for survival. 


HUNGER 


Initially, hunger is not a prablem, 
put @ long-term lack of food will 
cause psychological changes to 
occur Symptoms include: 

= Apathy 

« Irritability 

= [epression 

= Lack of concentration 


TRAINING 


People who are properly 
prepared, who know their 
environment and how to use 
their equipment, and have an 
understanding of what to expect 
in a survival situation, will be 

far more effective if they find 
themselyes in one. Adequate 
training and practice using your 
equioment willhelp you to 
function effectively at an 
automatic level Priar knowledge 
iskey to your survival 


THIRST 


Thirst is a serious problem, 
especially far survivors al sea 
or inthe desert, and its effects 
are more acute than hunger, 
Agitation is commonplace; 
other symptoms Include: 

= Irrational behavior (see 

box, right) 

= Delusions 

» Visual hallucinations 


MOTIVATION 


Often known as “the will to 
survive,” motivation involyes 3 
refusal to accept dealh, and to 
fang on to the belief that you 
were not meant to dia under these 
conditions. It involves overcoming 
the emotional and physical 
discomforts of extreme conditions, 
Linked to motivation is the ability 
to establish goals, work out the 
steps to those goals, and to 
follow those steps through, 


PANIC 

Panic arises from the fear of what might 
happen rather than what has happened, 
Tt tends to occur when people are trapped, 
or if there is a time limit to their escape, 


DEPRESSION 

Depressed people will sit armong 

chaos and debris vacantly gazing 

and rot replying to questions. They're 
unaware of their situation and unable 

to help themselves, so risk further injury. 


HYPERACTIVITY 

Hyperactive victims are easily distracted, 
and are full of chatter, ideas, and often 
unhelpful suggestions, Sufferers can 


reach this stage after a state of depression. 


ANGER 

Aggression, anger, and hostility are 
common reactions to trauma. They're 
often irrational and may even be directed 
at the rescuers or medical staff trying 

to help ther, 


MENTAL PREPARATION 


GUILT 

Some sufferers feel guilty for surviving, 
and for not having done enough for 
others—and some irrationally blame 
themselves for bringing about the incident. 


SUICIDE 

Disaster victims have been known to 
commit suicide immediately after being 
rescued, in some cases when they're 
already safe in the hospital. Victims 
should be closely monitored, 


Pre-impact period 

The"pre-impact” period is divided 

into two stages: 

«= Threat: danger exists but, 
though obvious to thosewho 
recognize it, those who will 


not accept it respond with 
denial and under-activity. 

= Warning: threat of danger is 
now apparent to all; response is 
how lileely to be overactivity. 


FATIGUE 


Inmany cases, physical exhaustion 
ispresent from the outset. At 
other times, it may result from. 
sleep deprivation and the physical 
hardship endured over time 

Most survivors agree that fatigue 
overwhelms them, but when they 
want to sleep they cant—they 
havean inability to relax. Fatigue 
causes a deterioration in mental 
and physical performance, 
followed bya psychological 

and physical debility. 


ATTACHMENT 


One of the strongest motivating 
forces for survival is the desire 
tobe reunited with principal 
figures of attachment in your 
life. These may include: 

= Husbands 

« Wives 

= Partners 

= Children 

= Grandchildren 

= Close friends 


Impact Period 

This isthe life-threatening stage. 

Statistically individuals behave 

in one of three ways: 

= 10-20 percent of people are 
calm and retain full awareness, 

= Upto75 percent of people 
are stunned, bewildered, and 
unable to react rationally. 

= 10-25 percent exhibit extreme 
behavior, such as screarning. 





SEASICKNESS 


Seasickness often brings ab out 
an overwhelming desire to curl 
upand die, which in survival 
situations can easily becomea 
reality It’s important not to give 
into this urge. Fight seasickness 
with the following methods: 

« Keep a fixed point such as 

the horizon in sight. 

» Take small sips of water (not 
salt water) if you have sufficient 
supplies—ut ration ther if 
you're inalife or death situation. 


HOPE 


To hope means to entertain ideas 
that a distressing situation will 
improve and get better. In any 
survival situation it’s important 
to cling onto hope, despite 
information or perceptions to the 
contrary. Thinking positively will 
help to ward off psychological 
trauma, It’s often easier tobe 
optimistic ina group situation 
than it is if you're on your own, as 
people can support each other 


Recoil period 

This follows on directly from the 
impact period; for example, victims 
may hawe escaped a sniing ship 
and are in the liferafts. It can last 
for up to three days, but generally 


lasts for around three hours. In 
most cases, it is characterized 
bya gradual return to normal 
reasoning abilities, awareness, 
and emotional expression, 





HYPOTHERMIA 


Hypothermia (see p.273) produces 
both physical and psychological 
effects—the psychological 
consequences occur early in 

the condition, and cause: 

=Loss of concentration 

Loss of memory 

«Motor impairment 

Faulty decision-making 

« Irratioral befawior 


ACCEPTANCE 


An inability toaccept one's 
situation or condition leads to 
frustration, anger, and irrational 
behavior, and it’s important to 
avoid these feelings ina survival 
situation. The ability to accept the 
situation doesnt equate to giving 
in to (t—far from it. Those who 
have this ability, and know when 
to beactiveand when tobe 
passive often have a better 
chance of long-term survival. 


Post-trauma period 

If the recoil period is not fully 
successful, individuals may 
develop psychiatric disorders. 
The full impact of the incident 
becomes apparent and a range 


of emotions—guilt, depression, 
anviety airlessness, anda feeling 
of bereavernert—may develop. 
These are often referred to as Post- 
Traumatic Stress Disorders (PTSD) 


IRRATIONAL 


BEHAVIOR 

Irrational behavior can 
fake many forens. Examples 
include the earthquake 
victims who were found 
collecting flowers instead 
of helping the injured, and 
famously, the band of the 
Titanic, who played while 
the ship sank rather than 
trying to save themselves. 


— 


HELPING OTHERS 


First, monitor your own condition 
and check that you're really upto 
the task. Determine who Is 
genuinely disturbed rather than 
showing “normal” reactions. 
Psychological first aid is only 
required for those who are failing 
toresover. Simple words of 
comfort and interest will make 
the majority who are numbed 
moreresponsive. Those who are 
disturbed should be monitored 
closey, Avoid giving sedatives. 
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PLANNING YOUR JOURNEY 


WHETHER YOUR TRIP involves a day out with your backpack, 


NN 


or a full expedition over weeks, crossing continents in four-wheel- ee sheen 
drive vehicles, you need to plan it very carefully. The plan for are not the same all over the world, 
your day out won't be as detailed as it would be for the longer Many cultural differences stem 
dition, but it’s equally important. It’ |idea to h fora iia Ne 
expedition, but it’s equally important. It’s a good idea to have a pasts, and are taken extremely 
basic planning outline for your most regular trips, to which you can atts ors he natn 
aa ; . . some customs may ly tO 
add supplementary information as your trips become more involved. ee ches 
Y " Can resul in a penalty , punishment, 
MINIMIZING THE “IF ONLY or eer invisrnen:ula 
There’s no way that you can plan for every eventuality—there are just sepia iudlela 
too many variables—but what you can do is look at the type of trip you in your group to dress so that they 
aa : Sate don't show bare arms or legs, o 
intend to take, and ensure that if a situation arises you're not left wishing they may dictate which hand you 
you'd done something differently. The time to minimize the chances of use to greet someone politely. 
an “if only” situation is during the planning stage. Look at the potential Abways research a country’s customs 
problems and risks, plan to avoid them, and equip yourself with the thoroughly when planning your trip. 


knowledge and/or equipment to deal with them if they arise. 


THE SIX P’S 


Remember the six p's: Prior Planning and 
Preparation Prevents Poor Performance. 
Research has shown that the longer and 
more complicated the trip is, the less likely 
there is to be a major “survival” situation. 
This type of trip is likely fo be well 
organized, and potential problems will 
have been considered. This means that 
they can either be avoided, or that there 
will be mechanisms in place to deal with 
them. In many ways, simply having a 

good understanding of how to deal with 

a situation, and being able to interpret the 
basic principles of survival, can prevent a 
minor problem trom escalating into a 
disaster. In a survival situation, it may be 
your knowledge, combined with your ability 
to improvise, that determines whether you 
become a survivor or a statistic. 


ORGANIZATIONAL PRIORITIES 
When planning for a trip always start with 
the most important things—knawn as Lhe 
“show-stoppers.” These are generally the 
things that would actually stop the trip from 
happening in the first place if not organized 
in advance. If you then work backward from 
the shaw-stoppers to items that would simply 
make the trip more comfortable, most other 
things will fall into place. The chart on the 
right lists the things that you definitely 
cannat do without. 


VISA PASSPORT MONEY 





S 
x 
= 
3 
= 


TICKETS 


a 


SHOW-STOPPERS 


« You'|| need enough to. cover your needs plus extra for emergencies. 
« Ttmust be in the correct currency for the country you are visiting, 
« Ensure your ATM card is set up for use in that particular country. 
» Make sure you have a secure way of storing your money, 


« Your passport must be valid. If you Need to renew it, do so well in advance, 

» Some couritries require your passport to oe valid for a number of months after your visit, 
« Keep your passport nurnber in several places, such as inside your survival kit. 

« Keep your passport safe, and in a waterproof container, such as a Ziploc bag. 


« Research the regulations regarding visas relevant to the countries you're traveling to, 

» Find oul how to ayply, how far in advance you sould apply, whether or not you can 
aoply in the country, and whial other docurnents you need. 

« As with your passport, always keep your visa safe, dry, and in good condition. 


« Oheck the regulations for the country—many Have strict vaccination policies. 

» Ensure you have the vaccinations, and any boosters, within the correct timeframe. 

» Some inoculations last only for six manths, so far extended trips you might have ta 
fave more while away. This can usually be arranged through local hospitals or clinics. 


» Make sure you have the correct tickets Tor your journey. 

« Read the tickets and make sure thay have the correct names, dates, and locations. 

« Should you need to prove your movements, always keep your tickets ina safe place 
and never throw them away—often the return journey (s included on the same ticket, 


» It's advisable to get insurance against your trip being cancelled. 

« Ensure thai. your insurance will cover your medical expenses should the worst hapoen, 
You don't have to be climbing Eyerest—eyen a twisted ar broken ankle when 
hillewalking could prove tobe very expensive iF you don't have adequate insurance, 











YOUR TEAM 


Tf you're embarking on a trip with a group, remember that 
team dynamics will play an important part in the success, or 
otherwise, of your trip. Stressful situations—and particularly 
survival situations—can bring out the best, or the worst, in 
people. When planning a long trip, it's always a good idea 

to plan several shorter trips beforehand, to use as practice 
sessions. These will not only help you decide what equipment 
to take, and provide you with an opportunity to practice 
using it, but will also allow team members to assess how 
they work together as a group. This can help you to organize 
your team more effectively, 


PREPARATION THROUGH TRAINING 
Training yourself both mentally and physically—and 
practicing with the equipment you'll be using—may seem 
like the obvious thing to do, but in many cases the obvious 
can often get overlooked, You'll get the most out of your 
trip if you're mentally and physically prepared to a level 
that means you can operate within your own capabilities 
and comfort zone. This will allow you to enjoy and 
appreciate the experience, as opposed to.just getting 
yourself through it. a W, 
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MIXED-GENDER GROUPS 

Tf the team has both male and fernale members, it’s important 
to factor this into the planning stage. You'll need to consider 
sleeping and washing arrangements, who carries what, who 

is responsible for what, and so on. All this should be planned in 
detail before you set off. It should also be noted that taking it 
for granted that the women will cook the meals while the men 
make the shelters is not the best way to start an expedition, 


MIXED-AGE GROUPS 

When planning your trip, remember that different age groups 
may have different levels of fitness, which will affect the pace 
of your group. However, what older members may lack in pace, 
they may make up for in expedition experience, 


TRAINING YOURSELF 

Duplicate in training what you intend to do on your trip, 
Build up your training gradually, over a period of weeks 

and months, and take into account the following: 

= The environment: research the weather conditions you'll be 
facing, and look at the extremes as well as the average. For 
example, desert areas may be hot during the day, but can 
drop to below freezing at night. 

« Weight: increase the amount of weight you carry until 
you're eventually carrying what you intend to take. This will 
not only condition you to the weight but also help you to 
decide just what's important to take and what's not 

« Distance: if your trip involves covering a certain distance 
a day, then train for that distance. This will give you an 
indication of whether it's achievable and sustainable 

» Language: if visiting a country in which your native language 
isnot widely spoken, it will be beneficial if you can learn some 
useful phrases. Take a phrase book or an electronic transtator. 


TRAINING WITH EQUIPMENT 

Use your equipment as much as you can, and find out the 
best way to operate it through practice under realistic 
conditions (see box, below). This will highlight its strengths 
and weaknesses, and allow you to determine both its 
capabilities and your own—the compass may be working 
perfectly, but practice may highlight the fact that you're 

not confident enough using it, in which case you'd need to 

do further training before you set off on your expedition. 

The wrong time to be trying to find the jack and spare wheel 
on your rented vehicle is at night, in the rain, with the 
mosquitoes looking at you as their next free meal. Before you 
set off, always think about the various skill demands required, 
and ensure that you're capable of addressing those demands. 


————SKK ee 


OPERATING UNDER REALISTIC CONDITIONS 
When training with new equipment, always practice using 
itunder realistic conditions. For example, if you'te going to 
be using your GPS in cold conditions, can you operate it using 
the gloves you have selected? If you're pitching a tent, have 
you got all the necessary components, and can you put it up 
in the dark and fait? 


een 
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EMERGENCY PLAN OF ACTION 


UNFORTUNATELY, EVEN THE MOST meticulously planned, 
thoroughly equipped, and best-executed trip can run into 
difficulties. Unforecasted strong winds could trap you 
and your kayak on an island overnight, or a sprained 
ankle could leave you unable to climb down the rocks 

you climbed up so easily. Each of these survival scenarios 
are difficult to predict, but could easily happen. 


USING YOUR EPA 
An EPA should contain up-to-date information 
about you as a person. This may change very 
little over the years, so you may only need to 
create a standard EPA and just update the 
details specific to each trip. 










RUNNING INTO PROBLEMS 


It’s important to make sure that you have 
done all you can to help yourself, and help 
any rescue attempt that might take place if 
you do have any problems. Always remember 
that there are two sides to any survival or 
rescue situation: the part that you play and 
the part that the rescue services play. 
However, the effectiveness of the rescue 
services can be greatly increased when they 
have access to all relevant information—in 
many cases this arrives too late. It’s vital 
to keep people informed of your intended 
whereabouts, so that they can raise the 


Rascuers will be able 
to find and felp you 
quicker if they know 
you're in need oF 
their assistance 


alarm if you deviate from your plans. 





WORST-CASE SCENARIO 
In the military, every mission that's 
undertaken, particularly in a theater 
of conflict, has plans in place for the 
worst-case scenario. Each part of the 
mission is meticulously planned, and 
the team completes a form that 
states what their basic intention 

will be should anything happen 
during the various stages. 


IF THE WORST HAPPENS 

Having planned for the worst, should the 
team find themselves in difficulty, the rescue 
group will not have to try to second-quess 
what the team will do—they will have a 
clear indication of the team’s intent and 

can plan effectively and decisively around 
this infarmation. The team will be found 
quicker as a result. It's a. good idea to 

apply this principle to your own trip. 





KEEPING PEOPLE INFORMED 


A good way of keeping your friends, family, and the relevant rescue services 
informed of your whereabouts is to write down the details of your trip, 
including pertinent itinerary places and dates, so that if you don’t reach your 
destination when planned, the alarm can be raised. Similar to the “worst- 
case Scenario’ principle practised by the military (see left), an “emergency 
plan of action” (EPA) should be prepared by anyone venturing into the great 
outdoors (see right). Give a copy to your next of kin and group members, 
and keep a copy on your person. Where applicable, inform local services, 
such as park and ranger stations, of your intentions. Remember to inform 
these people when you arrive safely at your destination. 


WRITING AN EMERGENCY PLAN OF ACTION (EPA) 

The best way to determine what should be included in your plan is ta look at the 
worst-case scenario you could find yourself in, and ask yourself what information 
your next of kin would need to know about you and your intentions if they felt 
they hac to raise the alarm. In addition, if you did go missing—particularly 

in another country—there are many things that the relevant rescue seryices 
would need to aid their efforts, for example a recent photograph, your passport 
details, what equipment you have with you, what lanquages yau can speak, 

and your skills. The clearer their understanding of yau, your abilities, ancl your 
intentions, the easier their jab will be. In addition, the more information yaur 
next of kin have, the more proactive they will fee! in your rescue, 


Traditionally, the security mechanisms of cellular networks have been based on a physical SIM 
attached to the device, referred to as a Universal Integrated Circuit Card (UICC). This has also 
enabled roaming between operators, which has been one of the main factors behind the huge 
success of mobile networks. The SIM will also be essential in future loT applications, with SIM 
functionality embedded in the chipset (eUICC) or handled as a soft-SIM solution running in a 
trusted run-time environment of the module. 

With a straightforward rollout of new software, cellular networks will be able to support the full 
breadth of applications, ranging from low-end use cases in the LPWA segment, to the high-end 
segments of in-car entertainment and video surveillance. One network connecting the whole 
diversifying loT market will guarantee the lowest possible TCO as well as fast time to market. 


@p GSM/EDGE 
GB WCDMAIHSPA 
GQ LTE 





2014 2021 2014 2021 2014 2021 


Figure 8: World population coverage by cellular 3GPP technology. 


EVOLVING STANDARDS 
To meet the new connectivity requirements of the emerging Massive loT segment, 3GPP has 
taken evolutionary steps on both the network side and the device side. 


The key improvement areas addressed in 3GPP up to Release 13 are: 

> Lower device cost — cutting module cost for LTE devices by reducing peak rate, memory 
requirement and device complexity. The LTE module cost-reduction evolution started in Release 
8 with the introduction of LTE for machine-type communication (LTE-M) Cat 1 devices with 
reduced peak rate to a maximum of 10Mbps, and continued in Releases 12 and 13 with 
reduced device complexity for lower performance and using less bandwidth or a narrowband 
loT carrier to cut costs further. 

> Improved battery life - more than 10 years of battery life can be achieved by introducing Power 
Saving Mode and/or extended discontinuous reception (eDRX) functionality. These features 
allow the device to contact the network — or to be contacted — on a per-need basis, meaning 
that it can stay in sleep mode for minutes, hours or even days. 

> Improved coverage — an improvement of 15dB on LTE-M and of 20dB on NB-loT and GSM, 
which translates into a seven-fold increase in the outdoor coverage area and significantly 
improved indoor signal penetration to reach deep indoors. This supports many loT devices 
like smart meters, which are often placed in a basement. 

> Support for massive numbers of loT connections — specifically, one LTE cell site can support 
millions of loT devices, depending on the use case. Core network enhancements include 
software upgrades for service differentiation handling, signaling optimization and high-capacity 
platforms (more than 30 million devices per node). 
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Figure 9: 3GPP evolution steps for Massive loT. 
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EMERGENCY PLAN OF ACTION FORM 


Date of birth: 
(dd/mm yy) 
05/28/60 


Full nameas appears on passport: 
John William Smith 


Height: 5°20” (778cem} 
Weight: 268 pounds 
(76 fifos} 


Passport number: 
2OOBXXKX X63 
Expires: 
11/03/13 


Distinguishing marks (scars, tattoos): 
Smail scar—center of forehead 
Large scar—right hand middle finger 
Chinese symbol tattoo—right arm 


Medication: 
Medication—anti-malaria tablets 


Allergies: 
Amoxicifin 


Next of kin 1: Father 
Wiffiam Smith 

1018 Furlong Avenue 
Brunswick Maine, 


Hair color: Brows 


Driver's license number: 
JHYZ8077ismit 
Expires: 

12/28/22 


Languages spoken (fluent basic): 
Engtish—native 
French—basic 
German—basic 


Swimmer: Strong susimner 

Outdoor skills/experience: 

Attended basic military survival training. 
Attended basic busheraft course 
Experienced in fiving outdoors 


Next of kin 2: Brother 
Andrew Smith 
1023 Parkolen 
Ashford, Kent, 


USA C4555 TM24 5HZ 


UK 


Tel: (C02) 55 555 2356 Tel : (CO44} (O}255 555 2357 


Email: wilfsmith @intemet.com 





Trip details: 

Campsite 1 = Grid 5T456654 

Campsite 2 = Grid ST654987 

Vehicles: Landrover 1 = white, reg MH55 555 
Landrover 2 = blue, reg MH56 555 


Group = Ben Jones, Kim Smith, and myself 


Day 1: Park Landover 2 at Campsite 2 and drive in 
Landrover 1 te Campsite 2 


Day 2: Folfow well-defined path along the Derwent Line Trail, 
aiming to camp overnight at Grid 4561559 

Day 3: Continue along the Derwent Line Trail aiming to be at 
Campsite 2 by mid-afternoon. Camp overnight at Campsite 2 


Communications plan: 

Wilf speak to Dad on the morning of Day I and try te phone 
during the trek but am unsure of cell reception once on 

the trail so don't worry if you hear nothing. 

Wilf phone Dad again when we reach campsite 2 on day 3. 





Email andrewsmith@internet. com 


Day & Travel in Landrover 2 to campsite 1 and retrieve 
Landrover 1 


Foreseeable problems/intentions: 

Day 1: None 

Day 2: None but wiffuse Ranger Station 28, grid 555555 
(Tel 666 6666} as an emergency rendezvous point 

Day 3: None but wiff use Ranger Station 19, grid 666666 
(Tel 555 5555} as an emergency rendezvous point 


Day 4: None 


My mobile: 67979 555555 

My email: jws@internet com 

Alt. No: Be 05555 555555 

Alt. No: Kim 05555 555555 

Alt. No: Campsite 1555 555 55555 
Alt.No: Campsite 2 555 555 55555 


Date: November 23, 2009 
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KNOW YOUR 





ENVIRONMENT 


The continued survival of the human 
race can be attributed to our ability 

to adapt to our environment. While 

we may have lost some of our ancient 
ancestors’ Survival skills, we have, in 
their place, learned new skills as and 
when they have become necessary. 

The issue we face today is that the gap 
between the skills we once had and the 
Skills we now have grows ever wider 
as we rely more heavily on modern 
technology. Therefore, when you head 
off into the wilderness, it is important 
to fully prepare for the environment. 


In this section BC Ua a(t) ei): 


Before a trip, research how the native 
inhabitants dress, work, and eat. How 
they have adapted to their way of 

life will help you to understand the 
environment and allow you to select the 
best gear, adopt the best techniques, and 
learn the correct skills. This is crucial 
given that most survival situations arise 
as aresult of a sequence of events that 
could have been avoided—while you 
may have no control over the aircraft 
crashing, for example, you can recognize 
a change in the weather and choose 
whether to continue or turn back. 


“the difference between tundra and taiga... 


“why you should step-up the size of your survival footprint... 
the way to go when it comes to snowy peaks or swampy creeks... 
~ how to avoid getting lost in the permafrost... 


the best way to stay at the top of the food chain... 
~ how to feel at home where the tropical butterflies roam... 


“how a high-visibility survival suit could really get you noticed... 





The four basic principles of survival are: 
protection, location, water, and food. In most survival situations, this 














is also the order in which you should prioritize them. 


PROTECTION You must stay ina 

condition that allows you to be proactive 
in your continued survival and rescue. Physically, 
you should protect yourself against injury, the 
elements, and wildlife. Mentally, you should 
protect yourself against emotions that could rob 
you of the will to live: fear, guilt, despondency, and 
depression, for example. The best way to achieve 
this level of protection is to light and maintain a 
fire. Not only does it offer physical protection 
against the elements and wildlife, but it also 
provides a sense of security and familiarity that 
can help normalize even the most dire situation. 


LOCATION Your second priority is to 

recognize the importance of your location 
to your chances of survival and rescue. You will 
usually have two options: stay or go. Your 
preferred option should be to remain where you 
are and use anything at your disposal to mark 
your location ta aid rescuers in their efforts to 
find you. If you can't stay where you are (perhaps 
because you are in imminent danger) you may 
have no option but to move to another location 
that provides either a better chance of survival 
or rescue, or both. Select a location aid that 
offers you the best chance of attracting attention 
in the environment in which you're traveling. 


WATER Put simply, water is the essence 

of life. While you may be able to survive 
for a few days without it, your ability to function 
and carry out even simple mental and physical 
tasks will be dramatically reduced in less than 
24 hours. However, if you are injured, if the 
weather conditions are very hot, and if your 
workload is particularly heavy, for example, your 
survival time without water could be reduced to 
just a few hours. You should learn how to procure 
water in the particular environment in which 
you're traveling, and understand the ways in 
which a lack of water affects you. 


FOOD The importance of food is directly 

related to the length of time you are in a 
survival situation the longer the situation lasts, 
the more important food will become in helping 
you stay fit and healthy. Even with a moderate 
workload, going without food for five to seven 
days will not kill you. You will, of course, feel 
hungry, you will grow tired, your movements will 
slow, and your body will lose its ability to repair 
itself. However, unless you're malnourished before 
you enter a survival situation, you are unlikely to 
starve to death within a week. Your body needs 
water to digest food, so always remember to 
prioritize water over food. 
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TEMPERATE ENVIRONMENTS 


THE TEMPERATE ZONES are the two regions between the 
Tropic of Cancer and Arctic circle, and the Tropic of Capricorn 
and Antarctic circle. Typified by seasonal variations in climate, 
conditions can include baking hot summers, freezing cold 
winters, and rainfall all year round. Landscape features range 
from forests and snow-covered peaks to grasslands and deserts. 
Although most temperate regions are highly populated, don’t 

be lulled into a false sense of security—a worst-case scenario 
can still arise just a few miles from help. 


TEMPERATE FEATURES 


Although they contain a wide range of environmental features, the temperate 
zone's typical feature is forest, ranging from deciduous trees that shed their 
leaves in fall to coniferous trees that retain their leaves all year round. Grassland 
predominates where forests have been cleared, while highland areas contain 
hills and mountains. The abundance of rain means that rivers and lakes 
are common, and swampy wetlands form in areas with poor drainage. 


15 fracks: indicators 





of human activity, 
tracks may Sead 
TEMPERATE ESSENTIALS to rescue 
Climate and terrain can vary widely 
in temperate areas, so preparation 
for a range of eventualities is essential 
= Don't underestimate the temperate 


environment. Although the vast majority 
of the human race lives in temperate zones, 
the diversity of terrain and weather means 
that survival equipment and knowledge 
must be broad enough to cope with a 

wide range of situations and conditions, 

= Ternperate weather can change very 
quickly, so check the local forecast before 
you set off, and carry asmall AM/FM radio 
so you can listen to local weather reports. 
= Plan a realistic and achievable route, and 
prepare an EPA (see pp. 24-25). Be ready 
to re-assess your route during the trip, 

= Take clothing for the full range of 
conditions you may encounter. 

= Carry a survival kit (see pp. 60-61), 

knife, emergency equipment, cell 

phone, and first-aid kit (See pp. 
260-61)—and know how to use them. 





MOD Rivers 







= Carry adequate water, and equipment woe ctf te ven 

to collect and purify more if necessary, if you have, or can 

= Carry some form of basic shelter, improvise, a flotation ald 
even if only going out for the day. a ee le 
= Always take a map and compass, for drinking, cooking, and 






and consider using a GPS as an aid. washing, and may contain fish 





High ground: elevated areas 
afford a view of your surroundings 
and may indicate which area offers 
the best prospects for your survival, 
or where to go to find rescue 


DOD) High ground: night-time 
temperatures are lowest at qititude, 
So descend to warmer levels before 
dark Beware of rock slides and 
run-off during downpours 
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WHERE TO FIND TEMPERATE AREAS 


Deciduous forests are scattered throughout the temperate zones, but the 
largest occur in eastern North America, western Europe, and east Asia, 
Extensive coniferous forests are found in the higher latitudes of North 
America and Eurasia, while grassland is most common in continental interiors. 
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of Cancer 


ey eip an CER CL MELA rt icc orien aeeenns a TYPICAL CLIMATE 
of Capricom / D Southern Vancouver lies on the Pacific coast 
Pay \ Toren of Canada, and experiences a typical 
temperate climate of warm summers 
and cool, wet winters. 





©) Deciduous forest Ternperate grassland Coniferous forest 





DANE Woodtand: tree cover affords SURVIVING IN TEMPERATE AREAS 


protection from the elements, and wood for : . : : 
shelter, cooking, and signal fires. It is also Most temperate environments have a relatively mild climate 


a source of edible flora and fauna and good natural resources, making them favorable places 

for long-term survival. Water can be found in most areas, wood 
for building shelters and lighting fires is usually abundant, and 
different types of edible plants and animals can be found at 
different times of year if you know where to look. Potentially 
the greatest threat is hypothermia (see pp, 272-73), a particular 
problem in cold, wet and windy conditions, especially in winter 
and at night, when temperatures tend to fall even further. 

























WILDLIFE AND PLANT LIFE 
Plant and animal life can be abundant in temperate areas and represents 
both a valuable food resource and a potential hazard. Shoots and sterns, 
leaves, roots, nuts, or berries of some plants are edible, but only when 
positive identification—or at the least, the Universal Edibility Test 
(see p, 206)—is achieved, Small mammals, birds, insects, reptiles, 
and fish can also be found, but may be difficult to catch and kill, 
and must be prepared and cooked properly, Wildlife can also 
pose a threat—snakes, spiders, and scorpions may bite and, 
though rare, bears, wolves, and cougars may attack if cornered. 


(9) Open ground: areas with no 
vegetation offer q clear view of dangers, 
and are ideal for deploying location aids, 
suck as signal fires 





FIND OUT MORE... 


PROTECTION Shelters pp. 156-65, 178-81 
Fire pp. 118-33,204-05 Dangers pp. 242-49, 300-05 


LOCATION Navigation pp. 66-77 
Movement pp. 86-89 Signaling pp. 236-41 


Sheltered areas: site Your WATER Finding pp. 168-91 

1) Ruming water: site your shelter shelter on the lee-side of hills, Purifying pp. 200-01 

a safe distance from running water. but make sure the blll doesn’t 

Flooding is q visk, and animals and insects interfere with your radio signal. FOOD Plants pp. 206-07, 280-81 
are drawn to water. The nolse may also Choose q spot that faces the sun Animals pp, 208-13, 216-29, 290-99 
hide the sound of animals or rescuers to maximize warmth and light : d 
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TROPICAL ENVIRONMENTS (sive = 


THE TROPICAL ZONE stretches from the Tropic of Cancer to the 
Tropic of Capricorn, and is centered over the Equator. A range of 
environmental features occurs in this area depending on the local 
climate, from lush, humid, biodiverse tropical rain forests to dry, more 
sparsely vegetated tropical scrub. With adequate preparation and 
caution you should be able to survive unsupported for extended 
periods—the jungle holds just as many resources as dangers. 


Mosquitoes are responsible 
for move fatalities than any 
other creature in tropical 
areas, They carry a tarige 
of diseases includitig 
tnalaria and yellow 

fever, which tall millions « 
of people every year 











TROPICAL ESSENTIALS 
Rain forests contain everything you 
need to stay alive, so remember the 
follawing tips when venturing out: 

= While the jungle teems with predatory 
wildlife (such as big cats, crocodiles, and 
anacondas) that sees you as part of the 
food chain, itis the small creatures that 
can make life miserable. Most animals in 
the jungle want t to avold you as much as 
you want to avoid them—miaking a noise 
will scare most away. 

= High humidity encourages infections, 

so keep everything covered (sleeves down, 
gloves on), and wash at every opportunity, 

= Always sleep off the ground. 

= Boil or treat all water. Sorne water 
found in plants can be safe to drinle, but if 
in doubt, and if the water is yellow, milky, 
or very cloudy, treat before drinking, 

a Many plants have defense mechanisms 
and can emit toxic liquids that may sting or 
burn—if you can't identify it, leave it alone, 
= Dry tinder can be hard to find, so if you 
come across any, collect it and keep it safe 
and dry—lighting afire in amoist, humid 
environment can be challenging. 

= The smoke of a signal fire must penetrate 
through all the layers of the jungle, so light 
your fire where the canopy Is sparse, such 
as the bend of ariver or a clear-cut area, 

= Navigation can be difficult, as you may 
only be able to see a few yards in front of 
you, Use dead reckoning—walking a short 
distance to a recognizable feature on your 
bearing—or pace-counting (see pp. 72-72), 
= Rivers in the jungle usually run downhill 
to civilization and, eventually, the coast. 

= Don't fight the jungle—tune in to 

its rhythm and work with it rather than 
against it. 










WIE Tropical scrub: water can be found in the rainy 
season, while animal movements may reveg! sources in 
the dry season. Edible plants and animals can be found 


TROPICAL FEATURES 


Tropical rain forest, which occurs 
within 10 degrees of the Equator, 
is the predom inant environmental 
feature in the tropics, But there are 
several other environment types 
just a few degrees of latitude away, 


VERDANT RAIN FOREST 

Tropical rain forests occur in areas with steady 
year-round temperatures and rainfall, Annual 
rainfall can reach around 64/2-10 ft (2-3 m) 
and daytime temperatures may reach 90°F 
(30°C), dropping to 70°F (20°C) during the 
night. Monsoon (or “seasonal” rain forests 
occur In areas with a wet and dry season, 

while montane rain forests, also known as 
“cloud forests,” occur in mountainous areas, 






Tracks: due to 
the rapid rate of growth 

Jn the vain forest, tracks are 
likely to be fresh and may 
foad to rescue. Even remote 
areas may contain tracks 
foft by loggers, prospectors, 
oF local people 







1 Tropicat scrub: provides 
shade fram the sun and materials 
for five and shelter, but may be 
home to dangerous wild animals. 
Dense vegetation during the rainy 
segson may impede visibility 


SCRUB AND SWAMPS 

Also known as “thorn forest,” tropical scrub consists of low, woody plants 

with thorns, which usually grow in clusters separated by patches of bare ground 
(grasses are uncommon), Leaves are shed in the dry season, forming a dense, 
herbaceous layer In the wet season. Swamps are another common tropical 
feature, and may consist of fresh or saltwater. Freshwater swamps are found 

in low-lying, inland areas, and consist of masses of undergrowth, reeds, grasses, 
occasional short palms, and islands. Saltwater swamps often contain mangroves, 
and occur in coastal areas that are prone to tidal flooding so are best navigated 
by boat. Visibility In both types of swarnp is poor, and movernent is difficult. 


SURVIVING IN THE RAIN FOREST 


While natural resources are abundant in the rain forest, the heat, 
humidity, number of animals, and voracious rate of vegetal growth can 
make it an uncomfortable place. Water, materials for shelter and fire, 
and edible plants may all be found, although identification of plants is 
crucial to avoid poisonous species, Animal life is everywhere, so sleeping 
platforms must be built off the ground to avoid biting insects, snakes, and 
spiders. The greatest danger is becoming last—navigation is difficult due 
to dense undergrowth at ground level, and rescuers will struggle to find 
you beneath the thick jungle canopy. 

































TROPICAL ENVIRONMENTS 
DD) Rain forest: fuel for cooking and 
signaling fires and material for shelter may be FIND OUT MORE... 
found, although check for deadfails and other 
dangers. Water from rain and rivers, and edible PROTECTION Shelters pp. 158-61, 166-71 
plants and animals can be found Fire pp. 118-33, 204-05 Dangers pp. 167, 242-49 
ray ene. LOCATION Navigation pp.66-77 
ony Py ae ‘ Pg es Sabie Movement pp. 106-07 Signaling pp.236-41 
WOR ea | eg ek. 
me ’ WATER Finding pp. 192-93 
a Purifying pp. 200-01 


FOOD Piants pp. 206-07, 284-85 
Animals pp. 208-13, 224-29, 292-99 
‘at Rain forest emergent layer: consists 
of tail trees qround 200 ft (60 m) high 
that have broken through the canopy 


Rain forest canopy: a uniform layer 
of trees 60-90 ft (20-30 m) high, 
whose crowns form a thick canopy 
that blocks light from the jungle floor 


Rain forest understory: receives 
2-15 percent of sunlight, and consists 
of young trees and herbaceous plants 


Ground tevet receives less 
than twe percent of sunlight, 
and consists of dense ferns, 
r herbaceous plants, 
y fungi, and a 
thick carpet 
of leaves 






LS Rivers: Jack of rain forest 
Makes FIVEFS G good choice for 
sheboyieg focation aids and being spotted 
by qerial rescuers, and can he used to leave 
the aveg. Also provide water for drinking, 
cooking, and washing, and fish to eat. 
Almost ail rivers will lead you to civilization 


| Swamp: hazardous 
que to wildlife, fast tides, 
and obstgeles to movement, 

such gs submerged vegetation 
and deep water. Move te dry land 
qs quictily qs possible, or use q raft 
or flotation aid to loave the qrea 





= 104 
WHERE TO FIND TROPICAL AREAS F ao) IQUITOS, PERU 
‘ . ‘ be 

Tropical rain forests are clustered around the Equator. The largest rain . a a 8 

forest areas are found in Central and South America, sub-Saharan Africa, & aa sy 

southeast Asia, northern Australia, and several Pacific islands, = (20) Hes 
= 50 (200) S 
(10) 
ae cm 
3 0) 4 zt 
2, i (100) = 
© (40) Ae 

Tropic of — 24 a 3 
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‘ . Equator! Tropical Zone I JFMAMIJSASOND 
Ee as ee NR es IIMB oe AMMA eZ eve ie me TYPICAL CLIMATE 
of Capricorn Iquitos sits on the Amazon river in 


the heart of the Peruvian rain forest, 
It lies just south of the Equator and 
Mi Rain forest areas has atypical hot, wet tropical climate, 
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MOUNTAIN ENVIRONMENTS 


THE MOUNTAIN ENVIRONMENT Is one of the harshest places for humans Mountains: shelter 


s r f : is Himited and dangers 

to survive. Defined as landmasses with a summit above 2,000 ft (600 m), feel bart ae 

O 5 D z Weguier Gig FOCK FGHS. 

mountains can be very dangerous places due to their elevation and terrain. They may require special 
i i ‘ i t and knowled 

Lower temperatures and poor weather are more likely at higher altitudes, so en So negotiate 
























there is a significant risk of hypothermia, frostbite, and altitude sickness, while 
snow, ice, and precipitous terrain present further hazards. Survival may depend 
on your ability to descend to areas with better prospects of survival and rescue. 


~ 
: = 


MOUNTAIN FEATURES (0 Etevated areas: high areas offer 


. : os : good visibility for location aids, but 
Above the treeline, mountain terrain is typically nage mountalne may lntertere 
barren, featuring bare rocks, gravel, boulders, with communication devices. Rescue 
and snow and ice, which are most extensive Siders aiid s 
during the winter but may persist at high ae e 


elevations during the summer. At lower levels, 


coniferous forest is the predominant feature, TD scree and etiffs: 
dissected by streams and rivers fed by snowmelt. gaigeroes!and engi 
; ; ‘ negotiate. Offer poor 
Topographical features include scree slopes, cliffs, protection from the 
ravines, boulder fields, snowslopes, and glaciers. elements. Descend 


quickly and safely 


1) Avatanche-prone stopes: avoid at ail costs—the 
smallest noise or movement can trigger q collapse 


tl Forest areas: rich in resources. Offer protection 
from the elements, material for shelters, cooking, 
fires, and signaling, and edible flora and fauna 


Shetter: always site your shelter 
away from areas of avalanche risk, 
especially If avalanche debris is present 


ELEVATION CHANGE 
Mountains of sufficient height 
may have vastly different 
ecosystems at different elevations, 
due to harsh conditions at high altitude. 
Plant and animal life varies at different 
elevations, so the natural resources available 
for survival will differ according to height. 
Mixed deciduous trees are common on low slopes and 
conifers grow at intermediate levels, but thin out to grass, 
isolated shrubs, moss, and lichen higher up. At the highest 
levels, high winds, frost, snow, and ice discourage any growth, 


QDS Streams: usually a clean 
and safe source of water for 
drinking, cooking, and washing, and 

may aiso contain fish Jor food. Always 
trogt the water if you have the means. 

z If folowing water courses downbill in poor 
vf as the | puma, ae visibility, take care. The route could end in 
and ‘mountain lion. Found ih North waterjall, with no means of retracing your steps 


and South America, more ‘than 


20 percent of. attacks are fatal. | (5) Watercourses: streams and rivers provide a quick, 
defined route, and may be navigable if you bave, or can 
improvise, q rayt or flotation deviee (see pp. 106-09) 





SURVIVING IN THE MOUNTAINS 


The prospects for survival are good at lower 
elevations, where trees provide material for shelter 
and fire, rivers provide water, and edible plants and 
animals are likely to be present. At higher elevations 
vegetation is scarce, so there are fewer options for 
shelter and food, although water from streams or 
snow is likely to be available. There may be a risk 

of avalanche on snow-covered slopes, and crevasses 
pose ahidden danger in glaciated areas. Cold-related 
injuries pose the greatest threat (see pp. 270-/1)}. 


HIGH-LEVEL HAZARDS 

The primary threats to survival at high altitude are 
cold-related ailments, the most dangerous of which 

is hypothermia. This occurs when the body's core 
temperature falls below 95°F (35°C)—if allowed 

to drop as low as 86°F (30°C), it can be fatal, 
Frostbite may also occur in the extremities in 
freezing or cold and windy weather, and may lead 
to permanent tissue damage. Altitude sickness, 
which can cause pulmonary or cerebral 
edema—and in extreme cases, death— 
is also arisk above 8,000 ft (2,500 m). 


























DW Glaciated areas: inhospitable and 
dangerous, so avoid If possible. Crossing 

them should never be attempted alone. 
If ina group, roping up is essential 


0) Snow-covered areas: 
shelters can be dug from 
the snow, which can 
aise be melted 
for water 


FIND OUT MORE... 


PROTECTION Shelters pp 156-65, 178-81 
Fire pp. 118-33, 204-05 Dangers pp. 242-49 300-01 


LOCATION Navigation pp. 66-77 
Movement pp. 90-9], 94-97 Signaling pp. 236-41 


WATER Finding pp. 188-91, 194-95 
Purifying pp.200-01 


FOOD Plants pp. 206-07, 280-81, 286-87 
Animals pp.208-13, 216-23, 290-97 
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MOUNTAIN DISTRIBUTION 


Mountains are found on every continent, but the major 
ranges are the Himalayas and Karakoram in Asia, the 
Andes in South America, the Rocky Mountains in 
North America, and the Alos and Pyrenees in Europe, 





© Mountain ranges 
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TYPICAL CLIMATE 
Lhasa, the capital city of Tibet, lies at 11,972 ft (3,649 m) 
on the Tibetan Plateau, sometimes known as “the roof of 
the world,” The high altitude means that winters are cool, 
and precipitation is relatively low because it mostly falls 
as snow, which has just 10 percent of the density of rain, 


MOUNTAIN ESSENTIALS 


High altitude and lower oxygen levels place higher-than- 
normal demands on even afit body, so be prepared, 
Survival in the mountains is also tough on equipment. 

= Respect nature and err on the side of caution—mountains 
are unforgiving, and rescueis unlikely to be quick or easy, 

® Plan an achievable and safe route, and prepare an 
Emergency Plan of Action {see pp, 24-25). 

= Dress in layers (see pp. 46-47), Start a walk lightly 

dressed (cold) and add or remove layers as necessary. 

= Wear ahat (up to 70 percent of body heat is lost through 

the head) and gloyes—cold fingers will hinder your functions. 

= Tie loaseitems of clothing (hat, gloves, sunglasses) to 

your person—a lost glove could result in a lost hand, or life. 

= Take a flashlight—weather changes and unforeseen problerns 
may mean you are on the mountain in low light or darkness, 

= Always carry basic equipment to give adequate protection if 
forced to camp overnight, such as a bivy sack and sleeping bag. 
= Check avalanche warnings and carry an avalanche transceiver. 
® Contact with snow makes clothing wet and less effective, 

= If moving over show, make a pair of improvised snow shoes 
(see pp. 94-95). 
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DESERT ENVIRONMENTS 


THE DESERT ENVIRONMENT is a hostile place for human survival WARNING! \ 
due to temperature extremes and the scarcity—or absence—of water. Desert areas are home toa 


Most deserts are either hot and dry or cold and dry, and all typically range of venomous stakes, 
; ' i including the black mamba 
receive less than 10 in (250 mm) of annual rainfall. They are areas of eastern and southern 
of extremes, where heat exhaustion and hypothermia are threats, Africa. It is particularly 
’ es dangerous due to its 
and flash floods may rapidly replace dry conditions. A harsh place to aggressive nature and 


survive, the desert should only be entered by those who are prepared. —_ highly venomous bite. 


DESERT FEATURES 


The popular depiction of a desert is of a dry, sandy landscape with searing skies and 
temperatures among the highest in the world, Such areas do exist, but the desert 
environment has far greater diversity, from cold deserts in the polar regions to highlands, 
grassland, and broken, rocky terrain that contain “wadis" (seasonal stream beds). 











HOT, DRY DESERTS 

Temperate and tropical deserts are usually hot and dry due to high 
daytime temperatures, which leads to low precipitation and high 
evaporation. There may be months or even years between rainfall, which 
usually-occurs in dramatic bursts but then quickly drains into seasonal stream 
beds (wadis}, or evaporates either in the air or soon after touching the hot ground. 
Very little rain soals into the ground, which results in sparse vegetation that has 
evolved to maximize water, usually via extensive root systems that collect moisture, 
waxy skin and leaves that prevent water loss, and stems or roots that hold water, 

At night, in winter, and at higher altitudes, freezing temperatures and frost may occur, 


TAM oasis: 

vegetation affords shelter, 
GRASSLANDS . ; but animals drawin to the 
Known as savanna in tropical areas, grasslands often border desert regions, and water may pose q threat, 
experience a similarly dry climate for most of the year. The key difference is that Highly visible Jandmarks, 


oases are a vital water 
yosource and often contain 
edible plants and animals 


they also experience a wet season, which accounts for the more diverse and extensive 
vegetation, Temperate grassland features grasses, shrubs, and small pockets of trees, 
while savanna is typically more varied, with denser tree cover, bushes, and grasses that 


grow tall during the wet season but die back in periods of drought. Wildlife is more (9 Etevated areas: hills 
prevalent, including predators. Wildfires may spread during the dry season, and play may hold pools of trapped 

f : : : : rainwater, and may be home 
an important role by destroying dead plant matter and adding fertile ash to the soil, to-edible animals 








WHERE TO FIND DESERT AREAS © (io) | 
Although deserts occur on every continent, the largest hot desert in the z ee 
world is the Sahara in North Africa, which forms part of a desert band 
stretching through the Middle East and into south and central Asia. = (20) 
> io) | 
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TYPICAL CLIMATE 


Tindouf lies in the heart of the Sahara, and 
experiences atypical hot-desert climate, 
Precipitation is virtually zero all year round, 
Hat desert © Cold desert while temperatures peal in the summer, 





A FULL RANGE OF 
CELLULAR LPWA 
SOLUTIONS 


No single technology or solution is ideally suited to all the different potential Massive loT 
applications, market situations and spectrum availability. As a result, the mobile industry is 
standardizing several LPWA technologies, including Extended Coverage GSM (EC-GSM), LTE-M 
and NB-loT. 

LTE-M, NB-loT and EC-GSM are all superior solutions to meet Massive loT requirements as 
a family of solutions, and can complement each other based on technology availability, use case 
requirements and deployment scenarios. LTE-M consisting of Cat 1, Cat 0 and Cat M supports 
a wide range of loT applications, including those that are content-rich; NB-loT covers ultra-low- 
end loT applications with a cost and coverage advantage over LTE-M; and EC-GSM serves loT 
services for all GSM markets. 

For example, a smart city application such as waste management may use EC-GSM technology 
to provide LPWA connectivity in markets where it can be deployed on existing 2G networks; 
NB-loT technology may be used for water-metering applications, which have some of the most 
extreme coverage requirements in underground locations. On the other hand, asset-tracking 
applications that can support a relatively high number of messages triggered by certain events 
may employ LTE-M. 


EC-GSM - GLOBAL CELLULAR IOT FOR ALL GSM MARKETS 

GSM is still the dominant mobile technology in many markets, and the vast majority of cellular 
M2M applications today use GPRS/EDGE for connectivity. GSM is likely to continue playing a 
key role in the loT well into the future, due to its global coverage footprint, time to market and 
cost advantages. 

Recognizing this — and identifying the requirements for Massive loT discussed earlier in this 
paper — an initiative was undertaken in 3GPP Release 13 to further improve GSM. 

The resulting EC-GSM functionality enables coverage improvements of up to 20dB with respect 
to GPRS on the 900MHz band. 

This coverage extension is achieved for both the data and control planes by utilizing the concept 
of repetitions and signal combining techniques. It is handled in a dynamic manner with multiple 
coverage classes to ensure optimal balance between coverage and performance. 

EC-GSM is achieved by defining new control and data channels mapped over legacy GSM. It 
allows multiplexing of new EC-GSM devices and traffic with legacy EDGE and GPRS. No new 
network carriers are required: new software on existing GSM networks is sufficient and provides 
combined capacity of up to 50,000 devices per cell on a single transceiver. 

Initially part of EC-GSM but now a separate 3GPP item, eDRX improves the power efficiency 
— and therefore the battery life —- for many use cases. eDRX improves the idle mode behavior by 
allowing the use of a number of inactivity timers, where the device can choose to tune in to the 
network and listen for downlink pages and traffic. 


Global solution for Supported on legacy Leverages existing 
cellular loT GSM equipment module ecosystem 
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Figure 10: EC-GSM. 





CELLULAR NETWORKS FOR MASSIVE IOT ¢ A FULL RANGE OF CELLULAR LPWA SOLUTIONS 


SURVIVING IN THE DESERT 


Hostile temperatures and few natural resources limit chances of survival 
in the desert, Water and shelter are scarce, if not non-existent, edible 
vegetation is limited, and animals hide from the sun in the day. Wadis, 
grasslands, and higher ground all hold better prospects. The greatest 
dangers are dehydration and heat exhaustion (see pp. 272-73), although 
African savanna areas may be home to large, dangerous mammals. 

The main killers are big cats, hippos, rhinos, eleohants, and crocodiles, 


Lo Sand dunes: shelter from the elements is poor, 
but visibility for location aids and for spotting rescuers 
fs good. Observing converging animal and bird tracks or 
movements may indicate the direction to a water source. 















. Mountain areas: higher ground is colder 
than surrounding areas and may be hazardous 
to negotigte, but visibility for location aids, and 
reception for communication devices are good 


Wadi areas: vegetated areas 


may be found where water has 


and material for fire. Boware 
of flash floods in stream beds 


FIND OUT MORE.. 


PROTECTION Shetters pp. 156-61, 174-75 
Fire pp. 118-33, 204-05 Dangers pp. 242-49, 300-05 


LOCATION Navigation pp.66-77 
Movement pp. 100-01 Signaling pp. 236-41 


WATER Finding pp. 192-93 
Purifying pp. 200-01 


FOOD Plants pp. 206-07, 282-83 
Animals pp, 216-21, 224-29, 292-95 





» Savanna: protection from 
the eloments Is Kmited aithough 
materiqi for building shelters 
may be found in the wet season. 
Sunstroke and dehydration are 
Killers, so seek shade during the 
hottest parts of the day Beware 
of snakes or scorpions in shaded 
areas, big cats and large mammals, 
and nocturnal animal activity 


coffected after rain, such as below 
cliffs or outcrops, providing shelter 
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DESERT ENVIRONMENTS 35 


DESERT ESSENTIALS 


Survival in the extreme conditions of 
the desert is impossible without full 
preparation. Consider the following: 


= Always prepare an EPA to notify 
someone of your plans before entering 

a desert area (see pp, 24-25), 

= \Water is life, Do not underestimate your 
needs, carry extra just In case, and carry 
equipment to maximize your chances of 
finding and procuring more (binoculars, 
surgical tubing, filtration/purification 
pump) should the worst happen. 

= Ask local people about water sources 
that may not be marked on maps, such 
as wells used by Bedouin tribes, 

= If venturing into remote areas, augment 
your map and compass with a GPS, and 
consider taking aPLB or satellite phone 
(see pp. 236-37), 

® Tf using avehicle, ensure you carry 
jacking equipment for use in soft ground, 
sand mats or ladders for self-recovery, 
extra water, a shelter, location aids, 

and any relevant vehicle spares. 


\) Wadi areas: rivers flow in 
wadis during flash floods, and 
water may be retained holow the 
surface long after the flood has 
passed. Waals are alse the habitat 
of edible animals 
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Savanna: visibility and 
reception for communication devices 
are likely te be good but will be 
reduced in the wet season when 
plants growth flourishes. Water 
sources vary depending on the season 


= Plan cut-off or safety points into your 
journey that can be used to divert to in 
case of an emergency, 

= Ensure you know how to accomplish 
emergency repairs to your vehicle, 

= Ask local people about known dangers, 
such as impassable roads, misleading 
tracks, and soft-sand areas. 

= When using aladder for self-recovery, 
tie it to the back of the vehicle so that it's 
dragged behind once crossed, and can be 
retrieved when you reach solid ground. 

« Tf your vehicle breaks down, leave it 
only if staying is no longer safe or 
feasible—rescuers will search for it first. 


36 BEFORE YOU GO_ KNOW YOUR ENVIRONMENT 


COLD ENVIRONMENTS 


LOW TEMPERATURES are a potentially lethal hazard, but as long 
as you can conserve body heat, survival in the cold is quite possible. 
The ice-covered Arctic and Antarctic polar regions, sub-polar tundra 


and taiga, as well as parts of most temperate zones during the winter, 


can all be classed as cold environments. Wet, windy weather can 
drive moderately cold temperatures down further, increasing the 
risk of the most lethal cold-weather condition—hypothermia. 


COLD ENVIRONMENT FEATURES 


Outside temperate areas, the typical cold environments are the polar areas, 
which feature glacial ice sheets and sea ice tundra, which contains permafrost 
(permanently frozen soil}, small shrubs, mosses, and lichens; and taiga, with 
extensive conifer forests. Almost half of the northern hemisphere’s landmass 
can be classified as a cold region, due to the influence of cold air masses (see 
pp. 78-83), while ocean currents and altitude can also have a cooling effect. 


POLAR WASTES 
The northern polar area is situated over the Arctic Ocean, so largely consists 
of seaice, the extent and depth of which varies throughout the year. Because 
of the lack of land, melting ice is a serious danger. The southern polar areais 
located over the continent of Antarctica, and contains the largest glacial ice 
sheet on Earth, Both areas contain ice shelves—glaciers that have extended 
over the sea—parts of which break off to form icebergs. 


TUNDRA AND TAIGA 
Latitudes that neighbor the polar areas are home to tundra, an environment 
of permafrost and vegetation that is stunted due to low temperatures, 
Taigais located further away from the poles, where temperatures 

are high enough to support coniferous forests. 


OD tundra: during the winter, snow cover means 
that there is ittle protection from the elements, and 
movement is difficult without snow shoes or sids 





Sea ice: dangerous terrain to survive 
Jn, seq ice carries risk of exposure, 
falling through the ice, and polar 

bears (in northern polar areas). 
Your location may depend 
on the ice flow 





1) See ice: natural resources to 
assist signaling your location are limited 
or non-existent. Water may be obtained 
from snow or ice, and food from fishing 


Tuiga: forests provide 

protection from the elements 
and materials for shelter and 
five, although animal life 
may pose q threat 


' WARNING! 
The largest predatory land 
tammal : ae the polar 





Attacks are most likely 
when the bears are hungry, 
and are usually fatal = 





Mountains: olovated areas 
give ttle protection from the 
elements, but offer good visibility 
for location aids. They are also 
ideal points from which te survey 
your surroundings 













SURVIVING IN THE COLD 


Natural resources may be scarce in cold environments, so your survival 


is likely to depend on the equipment and supplies you have with you, 
Shelters can be dug from the snow to help you stay warm and avoid 
exposure to freezing temperatures, but material for making fire is 
limited in polar and tundra areas, Survival is more feasible in the 
taiga, where wood is available, and fresh water and edible flora 

and fauna can also be found. The greatest dangers are hypothermia 
(see pp, 272-73) and—in northern polar areas—polar bears. 


LOW-TEMPERATURE DANGER 


Heat loss occurs In several ways, and minimizing itis essential to survival 
in cold conditions. It's important to avoid over-exertion, since heat is lost 


through sweating, and to cover your head and wear layered clothing to trap 


radiated body heat. Heat is also lost through conduction—direct contact 
between the skin and a cooler surface—particularly when wet, since water 




















WHERE TO FIND 
COLD AREAS 


The Arctic and Antarctic 
polar areas are the 
coldest places on Earth, 
and are found at the 
furthest points from the 
Equator, Tundra exists 
next to polar regions, 
and is bordered by 
taiga, which is found 

in northern Eurasia 

and North America. 


Polar areas 





conducts heat away from the body 25 times faster than air, For 
this reason, it's vital to wear insulated and 
waterproof clothing, and to stay dry, 
Respiration also involves heat 
loss—each inhaled breath contains 
cold air, which is warmed as it 


passes through the lungs, 
and laden with moisture 
when exhaled, Reduce heat 
loss by covering your nose 
and mouth with a sli-masl, 
or scarf, or by breathing 
warmer air next to a fire 
orin.a warm shelter, 


~ Taiga: natural resources 
are avaliable for making location 
aids, water sources may be 
found, and edible flora and 

Fauna are likely to be present 


“a < DD) fundra: snow and ice can be 
ie melted in the winter and ground water 
is present in the summer, although 
“5S soe sources are limited Vegetation 
. 5 Increases closer to the treeline 





_ Tundra areas  Taigaareas 





























COLD ENVIRONMENTS 37 


COLD ESSENTIALS 


The main threats in cold environments 
are hypothermia and exposure, so 
ensure you are fully prepared: 

= Dress in loose-fitting layers of clothing 
(see pp, 46-47), avoid overheating, and 
ensure your clothing stays dry and clean, 
= If your hands are cold, don't warm them 
with your breath, which will make them 
wet—tuck ther under your armpits, 

= Regularly check your extremities 

(face, toes, hands, and ears) for frostnip, 
the first stage of frostbite (see p. 273). 

= \Wind-chill is dangerous, so tale shelter 
from the wind at every opportunity, 
particularly if you are in a survival situation, 
= Always ensure that your shelter is well 
yentilated—keep vent holes clear and 
check regularly, especially when snow falls. 
a Get off the cold ground, snow, or ice—sit 
on your pack or make a sleeping platform 
using boughs to avoid losing body heat, 

e If fireis your primary means of warmth, 
triple the amount of firewood you think you 
need—you will need enough to last the night. 


FIMD OUT MORE... 


f PROTECTION Shelters pp. 156-65, 178-79 
Fire pp. 118-33, 204-05 Dangers pp. 242-49 


LOCATION Navigation pp. 66-67 
Movement pp. 94-97 Signaling pp. 236-41 


WATER Finding pp. 194-95 
Purifying pp. 200-01 


FOOD Plants pp. 206-07 286-87 
Animals pp. 208-13, 216-23, 290-91, 296-97 
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TYPICAL CLIMATE 

Archangelsk is a Russian port on the 
Barents Sea, Located In the taiga zone, 
it experiences below-zero temperatures 
for half the year and low precipitation. 
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MARINE ENVIRONMENTS 


POTENTIALLY THE MOST HARSH and challenging of all environments, 
the sea is unlike any other due to the lack of the most essential 
requirement for human life—fresh water. Around 70 percent of the 
Earth's surface is covered by saltwater, ranging from the freezing, 
wind-torn polar oceans to the warm tropical seas. Winds and currents 
govern your movement, protection is limited, and natural resources 
are virtually nil, so reaching land is your best hope for survival. 





MARINE FEATURES ISD Roety shoretine: 

; , y signaling to rescuers may 
The marine environment ranges from the coastal margins, be difficult, and rescuers 
which are shallow enough— 650 ft (200 m) or less—to support = Ween 
a huge array of animal and plant life, to the open oceans, the wilf be Jimited to evabs, 


deepest of which plunge to more than 33,000 ft (10,000 m), shellfish, birds, and eggs 


SHELTERED COAST TO OPEN SEA 
The coastal margins are home to the majority of ocean life, and include 
terrestrial areas—the shoreline and intertidal zone—and aquatic—the sea 
up to the edge of the continental shelf. A variety of environmental features 
are found, such as sand, rock, and pebble beaches, dunes, cliffs, estuaries, 
mud flats, mangroves, lagoons, kelp forests, and coral reefs. The open 
ocean Is amore barren environment that supports less life, and Is 
notable for tts vast extent, comprising 92 percent of all saltwater, 
Survival depends on your equipment, supplies, and ingenuity. 


OCEAN CONDITIONS 

Your protection and location at sea depends largely on the weather— 
you may need to deal with anything from exposure to the hot 

sun, to cold, wet, windy conditions and high seas. Conditions 

are toughest in the South Atlantic Ocean, where winds (known as 
the “Roaring Forties”) are strong all year round, and seaice is 
extensive In the winter, Severe seasonal storms occur: hurricanes 
inthe tropical areas of the western Atlantic, typhoonsin the 
western Pacific. India and Southeast Asia also experiance 

severe weather during the monsoon seasons, 


1D Roeky shoreline: difficult 


may be difficult or impossible due 


make landfall and te survive on, 
and poses Hisk of injury when 
landing. Progress to safer areas 


cliffs or slippery rocks. Protection 
from the elements and tides is limited 


WARNING! 


There are sharks in every 
acean, but thase in teapical 
waters are the most 
aggressive. Around 20 of 
the hundreds of species 
have attacked hurnans, 
and the most dangerous 
types are the great white, 
tiger, and bull sharks. 

























9 Coustat margins: 
the majority of ocean 
life is found near the 
cogsts, and most 
species five within 
656 ft (200 m) 

of the surface 


to 


to 





WINDS AND CURRENTS 


Winds and currents fallow prevailing 
patterns, so if you know roughly where you 
are, you can figure out where they'll carry 
you. With a drift of just 1 knot, a liferaft can 
move 24 miles (38 km) from its last known 
position in 24 hours, It may also drift up to 
35° either side of the wind, further widening 
the search area to more than 400 sq miles 
(1,000 sq kim) in the first 24-hour period, 
and increasing exponentially over time. 
Conversely, favorable currents can also 

be used to help you drift to landfall faster. 


Cold winds 
blow west 
from the 


blow east 
from the 
tropics to 
the poles 


— Warm winds — Cold winds Warm currents 





Currents itt 
northern 
hemisphere 


in southern 
hemisphere 
flow counter- 
clockwise 


Cold currents 


TOD Beact: above the high-tide mark, 
beaches may provide protection from 


wind and rain, and materials for building 


shelters, lighting fives, and improvising 
location aids 


SURVIVING AT SEA 


WD) Beach stream: streams may 
drain on to beaches, providing water 
for drinking, cooking, and washing. 
Edible plants and animals may 

be present 






DODD Liferaft: 
increases your chances 
of survival and rescue, 
providing protection 
against the elements and 
drowning, and containing 
essentials emergency 
eguipment, including 
water and food Ifland 
is reached your raft 
can be used as a 
ready-made shelter 


Liferaft: a highly visible location 
aid, although at the mercy of wind and 
currents. It may also contain flares 


P| Lifejacket: effective protection 
against drowning, and also acts asa 
basic location aid 


Sea anchor: also known as a “drogue,” 

it reduces dvift and maintains stability. It 
anchors the trailing side of the iiferaft to 

the water and prevents it from overturning, 
and stops it speeding down the face of swells 
or waves. Most importantly, it reduces drift, 
helping to keep you in the same location 

and increasing your chances of rescue 


Natural resources in the open ocean are virtually nil, so improvising 
shelter or location aids is limited to what you have with you. Seasickness, 
especially in a small liferaft, can seriously affect your ability to remain 
both hydrated and motivated, Unless you can reach land, your only 
drinking water will come from rain or mechanical desalination devices— 
consuming urine or saltwater will only increase your rate of dehydration. 
Reaching land or shipping lanes greatly increases your chances of rescue. 


MARINE ENVIRONMENTS 


MARINE ESSENTIALS 


Your chances of survival at sea will be 

greatly enhanced by good preparation, 

so consider the follawing: 

= Pack sea-survival equipment as if your 

life depends on it—it might! Other 

environments allow you to improvise 
survival and location aids, but not the sea, 

= Take emergency immersion-survival sults. 

They will protect you against the elernents 

and aid flotation, and their color (high-visibility 

orange or red} is an aid to location. 

= Always carry a Personal Locator Beacon 

(PLB), just in case, 

= Take several means of obtaining water, 

such as a reverse-osmosis pump, which turns 

saltwater into drinking water, a saltwater 

desalination kit, a solar still, and rain catchers. 

= Always keep a pre-packed emergency bag 

handy. It should contain; first aid kit, reverse- 

osmosis pump, emergency beacon, solar 

still, water, flares, fishing kit, (see pp, 250), 

= Tf your vessel sinks, do not abandon it until 

absolutely necessary, Stay nearby unless it 

is unsafe to do so—anything that gives you a 

bigger “survival footprint’ will increase your 

chances of being rescued, and you may be 

able to retrieve provisions from the vessel. 

= Ifimminent rescue is unlilcely, you will need 

to ration your water, Consider how much you 

have, how much can be procured, the chances 

of seasickness (which leads to dehydration), 

and the likelihood of being rescued later on, 

= Protect yourself from the elements 

(sun, wind, cold, heat, and salt) as well 

as you can—prevention is better than cure. 

= The sea, especially in rough conditions, 

can sap the will to live quicker than any other 

environment, Seasickness Is literally draining, 

resulting in lost fluid, energy, and motivation, 

Take anti-seasickness tablets at the earliest 

opportunity—even before abandoning ship— 

so that you can keep them down, and keep 

taking them as recommended, 


FIND OUT MORE... 


PROTECTION Shelters pp. 156-61, 176-77 
Fire pp. 118-33, 204-05 Dangers pp. 250-55, 300-01 


LOCATION Movement pp. 106-07 
Signaling pp.236-41 


[9 WATER Finding pp. 196-97 
Treating pp.200-01 


FOOD Plants pp. 206-07, 288-89 
Animals pp. 208-13, 224-29, 292-99 
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AQ | BEFORE YOU GO _GET THE RIGHT GEAR 





RIGHT GEAR 





Whether you're equipping yourself should enable you to address the basic 
for a lengthy expedition or just a day principles of survival relevant to the 
trip, it’s important to choose the correct environment you are in, and consists 
equipment and clothing. The wrong time — of the clothing you would wear and your 
to realize that your gear isn’t up to the basic survival equipment—your survival 
job is when your life depends on it doing _ tin and belt-order (see pp. 43, 61). 
what it was designed to do. Once you have organized this basic 

When selecting gear, it’s always a equipment, you can then decide what 
good idea to work backward from a pieces of essential gear would make 
worst-case-scenario survival situation. your expedition enjoyable rather than 
Think about what you would need to just survivable. This will probably 
survive if the worst happened. This is consist of a bivy or tent, a sleeping 
your “first-line” equioment, which you bag, cooking equipment and food, 
should carry with you at all times. It and something to carry it all in. 





In this section BIA IEE) ei) ae 


~ the meaning of the term “bomb-burst gear’... 
that it's always good to share when you're in a group... 

* which backpacks are the best backpacks to pack... 

* why you should hike around the house to break in your boots... 
a good reason to take a three-season tent... 

* how to sleep like a mummy... 

* what gorp is and when you should eat it... 





























It’s at this stage that you should 
conduct a short trial to check that 
your chosen gear will fit in your pack 
and that you can comfortably carry it. 

Finally, any spare capacity can be 
utilized for non-essential “luxury” 
items, such as an inflatable mattress 
and pillow, an MP3 player, or a book. 
Double-check that your gear works and 
that you know how to use it properly. 
The more you understand how and why 
a piece of equipment works, the better 
able you will be to improvise should it 
be damaged or lost. 





With each venture into 
the wilderness, your confidence in your 
abilities and that of your equipment will 
increase. As it does, you may want to 

explore the world of ultralight camping. 


ULTRALIGHT CAMPING refers to the 
careful selection of your three largest items of 
gear to dramatically reduce the load you have 

to carry. A standard tent, pack, and sleeping bag 
have a combined weight of approximately 20 Ib 
(9kq). Ultralight camping has the potential to 
halve the weight of your “big three.” 


m Take a hooped bivy instead of a tent and choose 
alow season-rated sleeping bag (wear your day 
clothes inside the bag for extra warmth). 

= You can then reduce the size of your pack 
because your tent and sleeping bag are smaller. 


Trekking with less equipment but still 
staying safe allows you greater freedom to enjoy 
the wilderness—carrying less weight puts less 
strain on your body, enabling you to cover 
qreater distances. Ultralight camping can 
hecome addictive and is safe if you use common 
sense—but never compromise on the quality of 
equipment. Try: 


= Using a hexamine stove to cook food and boil 
water—you won't have to carry a stove and fuel. 
= | aking one pot to cook food and boil water. 

sing natural materials as a mattress. 





4G The wrong time to realize that your 
equipment isn't up to the task in hand is 
when your life depends on it doing what 
it was designed to do oy 


A? BEFORE YOU GO __ PREPARE YOURSELF 


CHOOSING YOUR GEAR 


FORWARD PLANNING IS ESSENTIAL when you're deciding 
on what equipment to take on your trip. You'll need to assess 
your own personal requirements, the likely demands of weather 
and terrain, and the amount of gear you'll actually be able to 
transport. With a little forethought, you'll be as well equipped 


as you can be for any situation. 


PACKING FOR YOUR TRIP 


You will first need to weigh up your particular kit requirements against 
the limitations of your chosen mode of transport (see below). It’s then 
vital to organize and prioritize your gear (see opposite) to ensure that 
any items you may need in a survival scenario are always close at hand, 


should the warst happen. 


HOW MUCH TO PACK 


The environment of the region you're 
traveling to will dictate the type of 
equipment you will need to take with 
you, but your proposed mode of transport 
is the main constraint on the quantity 

of kit you can take (see chart, right). The 
more gear you have to carry yourself, the 
fewer luxuries you can take: the added 
weight will make traveling uncomfortable, 
use up too much valuable energy, slow 
your progress, and also limit the distance 
you can travel each day. It’s also worth 
considering whether you can reduce 

the weight and volume of the kit items 
you're taking (see box, below). 


ON FOOT 
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PACK 
VEHICLE ANIMAL MOTORCYCLE 


LIGHTENING THE LOAD 

When you're going to be traveling on foot, 
it's important to get rid of all the excess 
weight and volume you can, even if it’s only 
by a small amount. The larger and heavier 
your backpack, the harder you will find the 
journey. If you have already ruthlessly pared 
your gear down to the hare essentials, try to 
reduce the weight or volume of the kit itself. 
First concentrate on the big three items: tent, 
sleeping bag, and hackpack. Consider using a 
hooped bivy or tarpaulin rather than a tent; 
look for a lighter sleeping bag—some can 
weigh as little as 2b (0.9 kg); and consider 
buying a backpack with a lighter frame. 
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KEY PACKING TIPS 

= Pack your gear in reverse order: 
the things you want to get to first 
should be the fast things you pack. 
® Stash items you may need during 
the day in side or lid pockets, for 
aSy access. 

= Coil and tape long straps so that 
they aren't a snagging hazard. 

m Use a dry bag inside your backpaci. 
= Ensure that all pockets are fully 
closed and zipped. 

= Air out anything packed wet 

aS soon as you stop for the day. 


WEIGHT AND SPACE RESTRICTIONS 


Backpacks (see pip. 44-45) are available in a wide range of valuries—trom 
30 liters (a day pack) to 80 liters (suitable fora trip of a week or mare). 
Bear in mind that you'll have to carry whatever g gear you taxe with you, and 
that the weigtt of tnepack will determine what you're realistically able to 
achieve each day in torms of distance and activity. Pack only tha hare 
minimum: there's novcom for lixuries when tyaveling on foot. 


Pannier baas for bieyeles are designed to fit on front, rear, ar side panniay racks, 
and aré available in a range of shapes, sizes, and capacities (from Sto 5D liters), 
Larger bags will provide you with enough space tapack essentials, such as tent, 
sleeoing bad. cooking equioment, and spare clothes, but. you'll be restricted hy 
the weight, and also by the need ta carry cycla-maintenance gear, such as spare 
tires, inner tubes, cables, and tools. 


Side panniers have acapacity of up to 80 liters and tank bags up to 25 liters, 
cand weight is nota major issue. However, you'll need to take extra protective 
equipment, maintenance tools (inckiding spare tires), and. in some cases, spare. 
juel, all of which will impact on availatle soace, 


Tdeal Tor rough terrain, such as mountains or desert, pack animalscan cary 
Serious weight. A harse can transport up to 20 percent af its body weight; 
acamel can carry a weight of up to 990 tb (450 kg)—although 230 lb (150 kg) 
is mare cammon—but. you'll need to factor in the animal's tood and water. 


The size of the vehicle will determing the amount and the weight of gear you can 
take with you, but you shouldn't have to compromise; extra equipment can be 
sacked in nell boxes—weterpraot sterage contalnors with ahard, plastic 
exterior—that can he strapped to the outside of the vehicle. The main issue will 
be the weight-versus-fuelratic: the heavier the vehicle, the more fuel i will use. 


Some kayaks ane canoes are designed to bear loads of up ta 660 It (300 kg), 
including the craft's occupant(s), so you should be able ta take all of your 
esseritial gear, lus few luxuries, Given your proximity to the water, keeping 
your gear dry is the main priority. Weight and space restrictions dont apply 
for larger vessels. 


CHOOSING YOUR GEAR A’3 
































PRIORITIZING YOUR KIT 


Hat: protects 


However much gear you decide to take, you should your face, SHignmemnniss 
group individual items into one of three categories— eaun ae Rick 4 pee a 
first-line, second-line, and third-line—according to their the sun cord for security 


importance to your survival in a worst-case scenario, 


It's very unlikely that you'll be able to carry all of your Compass, whistle, 


equipment all of the time, and in an emergency situation, fassit and 
; ‘ lighter: carry 
you may not have time to gather it all together, However, pecentiah hous 


by prioritizing your gear beforehand, you'll have all your 
essential items on your person, or close enough to grab 
at a second’s notice, 


around your neck for 
quickand easy access 


Water bottte: 
strap to outside 
of day pack for 
easy gecess 


FIRST-LINE GEAR 

Known as “bomb-burst gear” in the military, first-line 

gear (see right) is your basic survival equipment. If something 
goes wrong and you have to abandon the bulk of your gear 

to avoid injury, or death, what you're standing in is all 

you'll have to help you survive, First-line gear should therefore 
comprise crucial iterns of outdoor clothing, along with 
essential items for navigation and safety. Your bushcraft 
knife, firesteel, and belt pouch make up your belt order 

(see pp, 60-61). You'll need to risk-assess your particular 
situation and adapt your kit priorities accordingly, as 
conditions change, meaning that your first-line gear may 
alter as the day progresses. Bear in mind thatif a removed 
layer of clothing goes into your backpact, it's no longer part 


Wristwatch: choose 
@ hiking watch with 
¢ built-in compass 
and barometers 
qitimeter 


Cell phone: keep in g 
secure pocket or g 
waterproof bag on q 
cord around your neck 


Survivat tin: keop 
in @ secure pocket 









Map: keep at hand 


of your first-line kit. at qil times and draw 
q simple copy on 
waterproof paper to 
SECOND-LINE KIT keep in your survival the 


Second-line gear is everything you would need to stay safe 
on adaily basis under normal conditions. It can either be 
packed in a small day pack, or contained in pouches on a belt, 
the idea being that you carry it at all times, For example, a 
climber may decide to leave the bulk of his or her equipment 
(third-line gear) while attempting to reach the summit of a peak. 
By proceeding with first- and second-line gear, the climber is 
sacrificing equipment for weight and speed, but is still safe, 
as they have the essentials on therm. Examples of second-line 
gear can include: 

= A spare set of clothes, a bivy sack, and cordage 

m Emergency rations and first-aid kit (see p. 260) 

m Hexamine stove (see p. 58-59) and items to make a hot drink 
= Matchless fireset (see p, 118), and ametal cup 





THIRD-LINE GEAR 
Also known as your “sustainment load," third-line gear 
is essentially the equipment you need to keep yourself 


FLASHLIGHTS 


A flashlight is a piece of first-line gear, even IT 


alive and to function for longer periods of time. How 
much third-line gear you have will ultimately depend on 
your mode of transport and the ammount of equipment 
you can carry. Exarnples of third-line gear include 

= A form of shelter—a tent or atarpaulin 

® Cooking utensils, such as a stove or cooking pot 

®@ A backpack 

™ Food stores 

= Asleeping bag and sleeping mat 

= Any large water containers or hydration packs 

m Wash kit and sanitary items 


you don't intend to be out in the dark, because 
situations can change unexpectedly. Modern 
flashlights use LEDs, and are small, lightweight, 
powerful, and very efficient. 
Opt for a “hands-free" 
headlamp and tape a spare 
set of batteries to your 
head-band. Also include two 
miniature Photon (LED) 
flashlights in your survival 
kit (see pp. 60-61). 
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CHOOSING A BACKPACK 
BACKPACKS ARE DESIGNED to enable hikers to carry eT 


large loads comfortably. They are made from a variety of CARRY ONLY WHAT YOU NEED 
: Regardless of your pack size, you are the 
materials, most of thern waterproof. However, you should one who has to carry it, Ifin a group, tnany 


always use a Separate waterproof bag inside your backpack emt rene ao ae ies i 

A : ouble up of basies (a party of four does ho 
to ensure your Sleeping bag and spare clothes are kept dry; need (our tuhesef tnolinaste for example 
they are of little use in a survival situation if they get wet. 


ZI c fon st 
W HAT DO YOu N FEED? INTERNAL-FRAME PACKS coe ataliggod teen 


contents of pack in pigce 


; ; Internal-frame packs are 
Your choice of backpack will depend ona narrower in profile than their 


number of factors. How long is your trip? — external-frarne counterparts and 
How much do you intend to carry? What — tend to belonger, with either one 
type of gear will you be taking with you? "two Internal compartments 


: ; and very few pockets on the 
The answers to these questions will auitside The frame ixintsgr sted 


determine the size of pack—known as within the pack and usually 
the “capacity"—that is right for you, consists of stays or flat bars, 
Pack sizes range from 30 liters (a day about] in (25 mm) wide and Yoin 


(3 mm) thick, made from plastic, 
Straps on the outside allow you 
to compress the pack, which 
prevents the items inside the 
BACKPACK FRAMES pack from shifting and throwing 
If you have chosen amedium-to large-sized you off-balance, 

pack, you will have to choose between an ARERR CONDI ROTO 


internal- or an external-frame pack. quick access to essential items, 
such as wet-weather gear 


pack) to 80 liters or more (suitable for 
trips lasting a week or more), 


DAY PACK 


Day hikers can sometimes find 
themselves in trouble because they 
are not carrying the appropriate 
equipment to protect them from the 
elements. A day pack provides you 
with the means to carry essential 
items such as food, water, maps, 
compasses, and protection from 
cold and wet weather on a day trip. 





EXTERNAL-FRAME PACKS 
An external frame houses the 
pack ona lightweight tubing 
framework. They are great for 
heavy loads, as the pack sits 
more squarely on your hips. 
They are also cooler to carry 
than internal-frarne packs, as 
the air can circulate between 












Outside 


Elastic cord your back and the pack. poekets 
strapping aliows External-frame packs usually provide 
you to attach gear have more pockets on the a a 
a a ap outside, which allows you to SIOEIES 

pack your items by category, 

rather than packing everything 

into one or two compartments. 

This makes locating items easier ; 

; and allows you to unpack only ee ae or 
Side pouch the compartment you need, to the frame 
rage a rather than the entire pact. 
water Fo: Chest and waist straps 


ensure a comfortable fit, 


EC-GSM extends the data handling and power efficiency advantages that GSM/GPRS 
technology already offers for MTC, and it will help operators extend the service life of their huge 
2G legacy base. 


LTE-M - SUPPORTING A WIDE RANGE OF MASSIVE IOT USE CASES 

LTE is the leading mobile broadband technology and its coverage is expanding rapidly. So far, 
the focus has been on meeting the huge demand for mobile data with highly capable devices 
that utilize new spectrum. With features like Carrier Aggregation, MIMO and Lean Carrier, the 
gigabit per second performance for LTE cell throughput is now reaching levels that result in an 
excellent mobile broadband user experience. 

The advent of LTE-M signifies an important step in addressing MTC capabilities over LTE. 
LTE-M brings new power-saving functionality suitable for serving a variety of loT applications; 
Power Saving Mode and eDRX extend battery life for LTE-M to 10 years or more. LTE-M traffic 
is multiplexed over a full LTE carrier, and it is therefore able to tap into the full capacity of LTE. 
Additionally, new functionality for substantially reduced device cost and extended coverage for 
LTE-M are also specified within 3GPP. 


Broadest range of Wide range of bit-rates Efficient co-existence 


cellular loT capabilities enabling advanced with MBB traffic 
LTE-M applications SS (\ 1)) 
———— 
+) Dy ali o& ‘ 
SJ 





Figure 11: LTE M. 


NB-IOT - SUPPORTING ULTRA-LOW-END MASSIVE IOT APPLICATIONS 

In addition to LTE-M, NB-loT technology is being standardized in time for 3GPP Release 13. 
NB-loT is a self-contained carrier that can be deployed with a system bandwidth of only 200kHz, 
and is specifically tailored for ultra-low-end loT applications. It is enabled using new network 
software on an existing LTE network, which will result in rapid time to market. 


Scalable ultra-low-end Ultra-low bit rates and Native narrowband 


cellular loT solution extreme coverage solution 
NB-loT 5 >») ae 
Sas 7g] a 
== a 
=== 
EEE 


200kHz 





Figure 12: NB-IoT. 


NB-loT provides lean setup procedures, and a capacity evaluation indicates that each 200kHz 
NB-loT carrier can support more than 200,000 subscribers. The solution can easily be scaled 
up by adding multiple NB-loT carriers when needed. NB-loT also comes with an extended 
coverage of up to 20dB, and battery saving features, Power Saving Mode and eDRX for more 
than 10 years of battery life. 


Standalone 


Guard band 


LTE 
200kHz 


| In-band 


200kHz 





Figure 13: NB-loT deployment. 


NB-loT is designed to be tightly integrated and interwork with LTE, which provides great 
deployment flexibility. The NB-loT carrier can be deployed in the LTE guard band, embedded 
within a normal LTE carrier, or as a standalone carrier in, for example, GSM bands. 





CELLULAR NETWORKS FOR MASSIVE IOT ¢ A FULL RANGE OF CELLULAR LPWA SOLUTIONS 




















Measure 
from 
promingnt 
vertebrae gt 
base of neck 


PACKING A BACKPACK 





FITTING A BACKPACK 


Once you have chosen a backpack of the right size, design, and features for your trip, Load-lifter straps can 
you will have to make sure that it's acomfortable fit. You will need someone's help, 
but here are afew tips for ensuring your new pack sits comfortably on your back. 


First measure your back. The 
pack you choose should be 
based on the length of your torso. 


Always pack in reverse order: the 


items you need first should go in last. 


Heavy items should be placed close 
to your back to prevent the pack 
pulling away from your shoulders. 


Use q cloth 
bag to hold 
personal items 


Store daily 
essentials in 
outside pocket 


Carry your’ 
water bottle — |Use the lower 
ina upright compartment 
and accessible for sleeping 
position —- bag and mat 








Secure 


Keep raingear 
qt the top of 





Strap tent 


extra water tothe 


on outside 
of pack 


bottom of 
the pack 


CHOOSING A BACKPACK 4 < 


be tightened te balance 
weight on shoulders 





Shoulder straps 
should be snug Chest strap 
but qems should keeps the 
still move freely. Shoulder 
straps stable 
Hip belt should 
Measure te the sit comfortably | 
top of hip bones on your hips 
h aes 
Make sure the pack is a You can now fine-tune 
comfortable fit, allowing the pack's fit by adjusting 
for any extra layers of clothing, the shoulder and hip straps. 





MAKING A SIMPLE ; 
PACK FRAME er 
Th a survival situation, having 
something to carry your gear will be 
a huge advantage. All you need to Sey 
make your own improvised backpack dy 
is a knife, some wood, some cord, ~~ 
and a waterproof sheet. 





























Cut a light 

bough about 
1 ft (30 em) below 
the point where 
it branches, leaving 
about 3 ft 1m) 
above the fork. 









Cut notches on all 
y three ends of the 
bough and tie lengths of 
cord around the notches 
| to serve as straps to go 
over your shoulders, 





Tite off ary 
knots from 
the wood. 







Make sure gear is 
attached securely 
to the frame 


Hold straps away 
from shoulder to 
avoid chafing 


Attach gear 
to frame 





ate. Don't be 
" tempted 
to overload 
#51 i.e your improvised 
Wrap your gear ina groundsheet backpack, even 
or waterproof poncho and tie it though tt should 
as high as possible onto the frame on be able to support poh = 
the side opposite the straps, a good weight. . 
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DRESSING FOR THE OUTDOORS 
MODERN OUTDOOR CLOTHING is technologically 


i ogc . REGULATING BODY HEAT 
advanced and highly sophisticated. New materials and Don't he tempted to overdeess, Sweat can 


designs are extremely lightweight, durable, and versatile. soak you as much as rain, and a sudden 
To make the most of your gear, choose the fabrics and chatige of temperature can leave you 

ae ; ; vulnerable to fypothertnia. Wearing layers 
combinations of clothes most suited to the environment helps you to coriteol your body temperature, 






































and conditions in which you are traveling. 


LAYERING CLOTHES 


Hat: q lot of body 


heat is lost through 
The rule of layering is simple: several the head soa hat helps 
: you to reguigte your 
light layers are better than one heavy hody temperature 


layer, Wearing multiple layers gives you 
flexibility to fine-tune your temperature 
by taking off or putting on layers to 
regulate your body heat. Choose fabrics 
such as wool, fleece, microfleece, and 


Base fayer: 
wicks moisture 
away from 

the sin 


down—all of which are good insulators, — ##er fayer: oS 
prevents moisture 
from entering while 

HOW LAYERING WORKS toescape 

Layering is effective because it traps air 

between the layers of clothes and helps 

you stay warm in any environment. If you 

wear the correct layers in the right order, sy 

your clothing will move sweat away from waren es 

your body, keep moisture out, and help insulating 

to keep you insulated. Wear wicking fabrkes ie 


Jd weath 
fabrics, such as polypropylene, in hot lacie 


and cold weather, 


THE LAYERING SYSTEM 

The top (outer) layer repels rain, while dampness 
is wicked away from the skin by the base layer 
closest to the skin. The mid-layers insulate the 


Layered gloves: 
body and help retain warmth, 


fleece gloves 


. Porspiration is worn under 
Raindrops are \ drawn away lightweight 
repelled by the \ \ from the skin gloves help 

outer layers to protect 






the fingers 


Fleece: g bulky, 
Jight weight fabric 
that retains warmth, 
even wher it’s wet 


Pants: lightweight, 
full-length pants 
Boots: choosing the ae ae 4 
right boots may be eat of tiie sun 
the most important ~ 
Breathable Fleece! Synthetic! | Polypropylene decision you make 


waterproof mid-layer mesh base layer wien selecting gear. 
outer layer 


WARM-WEATHER CLOTHING 


It's vital to stay as cool as possible in warm weather 
to avoid heat exhaustion or heat stroke (see p, 272). 
Too much exposure to direct sunlight can cause 
sunburn and dehydration, and heat rashes can be 
exacerbated if sweat is not able to evaporate properly, 
Choose breathable fabrics that will keep you cool 

and protect your skin from 
the sun, Stay hydrated and 
always wear a hat. 















Desert hat: combines 

the sheltering brim ofa 
basehall cap with the neck 
protection of q bandana 


Jacket: your outer 
Jayer should be q 
foose-fitting jacket 


Eshirt: choose one 
made from moisture- 
wicking fabric, which 
allows alr flow 


Shorts: the legs 
of convertible 
pants can be 
unzipped to make 
them inte shorts 


Pants: full-length 
convertible pants 
protect protect the skin 
from insects and the 
effects of sunburn 
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COLD-WEATHER CLOTHING 


In cold weather, you need to pay particular attention to 
your clothing layers. Use a lightweight base layer, which 
will wick moisture from your skin, several layers of warm, 
insulating clothing, and an outer shell that’s windproof and 
waterproof. The secret to staying comfortable is to adjust 
your layers as your body temperature changes. Remove 
layers as your body temperature 
rises to avoid sweating. 













Ski mask: helps to 
keep your face warm and 
protect it from cold winds 


Jacket: filled with down 
or q synthetic equivalent, 
@ windproof outer layer 
wil! help you to stay warm 
in exposed surroundings: 


Fleece: wicking base 
Jayers come in several 
different weights. 






Gloves: in cold 
environments 
several layers of 
gloves are more 
efficient than q 
single layer You 
can add or remove 
the different 
Jayers as required 


Leggings: 
wicking insulating 
Joggings are worn 
under waterproof 

pants 
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WET-WEATHER CLOTHING 


Sudden downpours can occur almost anywhere and it 


Rain hat: the wide 
brim stops water from 


is easy to be caught out by them. The best fabrics to Co ea 
wear in such conditions are those that are breathable, of your neck 


waterproof, and allow sweat to escape—the best 
known of these is Gore-Tex®, Always carry the gear 
necessary to stay warm and dry, and make sure you 
can access it quickly if you are caught out— it can 
be the difference between comfort and misery, 


HOW BREATHABLE WATERPROOF 

FABRIC WORKS 

Breathable waterproof fabric is alaminate of three 
layers: two layers of nylon on either side of a thin layer 
of microporous teflon, which contains tiny pores—50 
times smaller than the width of a human hair—that 


Poncho: an effective 
waterproof layer, a poncho 
can be made into a shelter 
or bed (See pp. 158-59 
and 166-67) 


keep rain droplets out but allow perspiration @water 
vapor) to escape. 


Jacket 
shelf 


Perspiration 
escapes 





SOCKS 


Socks are a vital part of your footwear system. Their 
function is two-fold, Firstly, they cushion the feet and 
prevent boots from rubbing and causing blisters. Secondly, 
they keep the feet warm and dry by wicking moisture away 
fram the feet. Note that sacks made from breathable 
waterproof fabric can be worn with regular boots but 
should not be combined with breathable waterproof boots, 















Waterproof jacket: 
allows sweat to escape 
wiiile keeping rain out 


Waterproof pants: 


keep your legs dry in 
wet conditions 


eh 










A good pair Cushioned —_ \ \ 
of wieking " ig yes | : 
cks hel protection when / \ 
% mean wearing boots J | \ GAITERS 
blisters / mA Gaiters are useful, 
Limit both in temperate 
BQ areas for keeping 
the feet and lower 
: Pe hee} 
elas pant legs dey, and 
WICKING SOCK WALKING SOCK in polar regions 
A lightweight inner sock The thick fabric of the for keeping 


that helps wick moisture 
away from the skin and 
reduces friction. 


walking sock offers 
maximum cushioning, 
comfort, and protection, 







out sriow. 


FOOTWEAR 
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A number of factors determine which type of footwear is he oN 


right for you. The first concerns your personal requirements, BREAKING IN BOOTS 

which include the shape of your feet and the amount of Your boots and feet should coexist in 
support you need. You also need to consider how far you perfect harmony when you've on the trail 
are traveling and the type of terrain you'll be covering, Then When you buy a pair of boots, wear them 


there is cost: footwear varies from the relatively cheap to the 
extremely costly. Bear in mind that if you intend to spend a 


around the house and go on short hikes 
to make sure you have broken them in. 


lot of time in the wilderness, it pays to invest a little extra 


in comfortable, sturdy footwear. 


—n, 


ANATOMY OF A SOLE 

A boot sole has several layers to protect 
and support your feet. Look for a good 
tread on the outsole, and for cushioning 
beneath the heel and toe areas. 


Cushioning pads Insole stabilizes 
absorb shock, foot and keeps it 
in position 


Midsole 


Full-length 
shank plate 
for rigidity 


Outsole 


Heel cup evades 
the midsole 


The padded ankle provides 
comfort and support 





Sole provides grip on 
slippery ground 


HIKING BOOTS 

A compromise between weight, durability, 
and protection produces a good, all-round 
leather boot with a sole of hard-wearing 
rubber, such as Vibram®, water-resistant 
uppers, and valuable support for the ankles. 







A fiextble fabric upper 
. dries quickly when wet and 
An adjustable allows the foot to breathe 
Arch stvaps fastener ensures 
hold the shoe a snug fit 






in piges in 
any terrain 











Shock-absorbing sole gives 


Modern sandg! has solidly 









constructed soles added comfort on hard terrain 
SANDALS LIGHTWEIGHT BOOT 
Modern sandal designs offer Fabric and leather hybrids are 
great support, and are extremely increasingly popular because they 
comfortable, while offering combine the support and traction 
additional ventilation, of aheavier shoe with the flexibility 


of asports shoe, so there is less 
friction on the foot. 


High uppers keep 
mud of f your pants 







Canvas uppers 
are designed to 
keep the feet coo! 






Crampons can be added for 





Sole contains wide, deep studs to 


provide grip on the wet ground extra grip on ice and snow 
JUNGLE-TREKKING BOOT CLIMBING/HIK ING 
This is ahigh boot made from rot-proof HYBRID BOOT 
leather. and canvas with a directly More flexible than traditional climbing 
molded sole. Breather holes in the boots, modern hybrid boots are designed 
instep aid ventilation and help to drain to be worn with crampons and to keep 
moisture in hot or humid conditions, the feet warm in very cold environments, 





TRUE-LIFE ACCOUNT 


EXTREME SURVIVAL— 


IN THE WILDERNESS 


USEFUL EQUIPMENT 


Walking staff 


Pocket chainsaw 


Whistle, flashlight, signal mirror 


BLAKE STANFIELD, 38, AND HIS 65-YEAR-OLD FATHER, 
Neil, endured being trapped beneath river ice, 


Avail detasten ey encounters with bears, and four days and nights in the 


Water purifiers 


Alaskan wilderness without food. They survived thanks 


iinet to good survival skills, knowledge of the local area, and 


Map, compass, 


Survival tin, bushcratt knife 


GPS : 
an abundance of water and firewood. 


Cell/satellite phone 


Poncho/bivy sa 


Father and son were dropped by floatplane on Friday, June 6, 2003, 
at a remote point on the Koyukuk River, deep inside Alaska. They 
planned to spend seven days rafting approximately 90 miles 

(145 km) to the town of Bettles. The trip had hardly begun when disaster struck—the 
raft crashed at speed into a massive sheet of ice, throwing the pair into the freezing 
water. They were both caught by the strong current and pulled under the ice. Somehow 
Blake was washed ashore, and he used a branch to haul his father to the riverbank. 


ck 


Blake quickly realized that Neil was close to hypothermia, “THE RAFT 

so used his waterproof lighter to light a fire of sticks and CRASHED AT SPEED 
pine needles. Far from rescue, with their supplies lost and INTO A MASSIVE 

no one expecting their return for six days, their prospects 7 

looked bleak. With night approaching they built a shelter. SHEET OF ICE 


The next morning, Blake decided to hike the 65 miles (105 km) to Bettles to get help. 
On Sunday his progress was brought to a halt by the confluence of two large rivers— 
the Tinayguk and Koyukuk. However, Blake realized that he had reached a landmark on 
the flight path of supply planes that frequently flew into the interior, so he built a signal 
fire and waited. Two days later, a pilot spotted him and radioed his position to a US 
Army base 200 miles G20 km) away in Fairbanks, then dropped him a two-way radio 
and supplies. The pilot then continued up the river to find Neil, dropping him a sleeping 
bag, tent, and supplies, before radioing his position to the Army. Both men were picked 
up the next day—exhausted, malnourished, and close to hypothermia, but alive. 








Tf you are in a group, try to help 
any others who are in danger 


Tf no one knows you are missing or 
where you are, you will need to 
notify people of your plight by any 
means at your disposal 


You are faced with surviving for 
an Indefinite period—until you 
are located or you find help 


Tf you cannot survive where you 
are and there are no physical 
reasons why you should remain, 
you will have to move to a location 
that offers a better chance of 
survival, rescue, or both 


DO 


@ {lake an informed decision on 
the best location to move to—find 
an elevated position from which to 
choose a suitable area for survival 
and rescue 

@ Regulate your clothing to 

avoid overheating when 

moving and hypothermia 


WHAT TO DO 


» 


DOES ANYONE KNOW YOU WILL BE 
MISSING OR WHERE YOU ARE? 


> 


> 


> 


DON'T 


ARE YOU IN DANGER? 
<< NO YES => 
ASSESS YOUR SITUATION 


See pages 234-35 


» 


—& NO YES => 


DO YOU HAVE ANY MEANS 
OF COMMUNICATION? 


<— NO YES => 


CAN YOU SURVIVE 
WHERE YOU ARE? * 


= NO YES => 


YOu WILL 
HAVE TO 
MOVE ** 


DON'T 


Get yourself out of it: 
Elements—Find or improvise 
immediate shelter 

Animals—Avold confrontation and 
move away from danger 
Injury—Stabilize condition and 
apply first aid 


Tf you are missed, a rescue 
party will almost certainly be 
dispatched to find you 


Tf you have a cell or satellite phone, 
let someone know your 
predicament. If your situation is 
serious enough to be worthy of 
emergency rescue, and you have a 
Personal Locator Beacon (PLB), you 
should consider this option 


Address the Principles of Survival: 


Protection, Location, Water, Food 


DO 


= Check your shelter site before 
building for natural hazards such 
as: insects, flooding, rock falls, wild 
animals, and deadfalls 
= Inventory your supplies 
and ration them 
= Keep afire going: once 
it's established you can 


when static 

m Use or improvise a 
walking staff to help 
reduce trips and falls 

@ Improvise shelter when 
not moving 

= Plan your route around 
potential or known water 
sources. Filter and purify 
all water where possible 
@ Have alds to location 
accessible while moving 
and deployed when static 


= Ignore your fire—be on 
constant lookout for dry 
tinder/kindling and fuel 

mw \Walk faster than the 
pace of the slowest person 
in the group 

= Be careless when walking 
downhill—a twisted anlle 
could prove fatal 

m Under or overdress, Start 
off a walk lightly dressed 
and add or remove layers 
as necessary 


= Leave food in your 
campsite as It will be at risk 
from predators 

w Shelter too deep in the 
woods despite the protection 
it gives you from elements. 
Remember: your location 
aids need to be seen 

m Eat unidentified food, as 
it could exacerbate your 
situation through illness. 
Foodis not a priority ina 
short-term situation 


) * Tf youcannot survive where you are, but you also cannot rove owing to injury or other 


factors, you must do everything you can to attract rescue. 
* Tf yoursituation changes (for instance, you are “moving” to find help, and you finda 


suitable location in which you can stay and survive) consult the alternative "Do" and "Don'ts." 


use It to purify water, 
benefit from the warmth, 
and signal rescue 

& Fill plastic bags or spare 
clothing with dry foliage 
and use as a mattress or 
pillow to insulate you from 
the cold/damp ground 

= If in agroup, give 
everyone something to do, 
even the children. It 

will keep them occupied 
and lessen the worry 
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SLEEPING SYSTEMS 


REST IS AS ESSENTIAL for survival as food. A good 


night’s sleep can offset much of the worry and stress of a ae ON al ce ease ae 
Seg ‘ ‘ ; F : ere are tiatly Types OF Hag avallanle. nere 
difficult situation. Making sure your shelter is suitable for wea, fee or oneal 


the environment you're in, and choosing the right sleeping ensure you buy the right sleeping bag for you. 


bag, can be vital factors in survival. = Determine the lowest temperature you're 
likely to encounter on your trip and choose a 


bag that will perform at this temperature. 


SLEEPING BAGS = Synthetic bags are cheaper and easier 
Although there are many different shapes and styles of sleeping to clean than down bags, and continue to 
bag, the one you choose should have enough padding to keep you provide insulation even when her 
warm at night even without a tent. A sleeping bag must never be ie Down bags ee 
ee synthetic bags, but provide a better 

allowed to get wet, so always keep it inside a waterproof cover, Cran okt pas 

: warrnth-to-weight ratio and last longer. 
such as the bag's stuff sack or a bivy sack. Always try a sleeping = A mummy-shaped bag provides better 
bag before you buy it. If it's too snug, it will be less effective. insulation than a rectangular-shaped bag, 


but has less roorn to move around in, 


\ qq” 






Locking mechanism 
keaps the hood closed in 
cold weather and can be 
Joosened in milder climates 




















Zipper: ideally it should 
be snag resistant and 
have a draft tube 

to prevent heat from 
escaping and cold 

aiv from seeping in 


Baffles: are Extra baffles: often added 
channels sown to the foot section to help 
into the bag to eliminate cold spots. The 
prevent the down foot areq should be big 
fram collecting enough to allow you to 
jn one areq move your feet comfortably 














essentigl items such 
as keys or wallets 








DOWN OR SYNTHETIC 


Sleeping bags are made with either a down or asynthetic filling, Down is 
made up of highly specialized insulating feathers, normally from ducks or 
geese, and is unsurpassed when it comes to a warmth-against-weight ratio, 
However, it is ineffective when wet and can cause an allergic reaction in 





raed P j Loops: allow Box foot: creqtes q mummy 
some people. Synthetic fillings range from simple hollow fibers all the sou toaktoct Shijlie wit & designed to con Orr 
way up to complex fibers designed to mimic the structure of down, sleeping bag to to the position of your feet when 


They still retain some of their insulating capacity if they get wet. the sleeping mat you're sleeping on your side 


TEMPERATURE RATINGS 


Because manufacturers have no 
standardized way of registering how warm 
a sleeping bag is, temperature ratings for 
sleeping bags remain an inexact science, 
Some manufacturers give abag both a 
comfort rating and a survival rating— 
known as a "season rating.’ These give 
some indication as to how manufacturers 
expect a sleeping bag to perform. 


CONSTRUCTION 


The principle of all sleeping bags is the 
same: to trap air and prevent its circulation 
so that the body heats the trapped air and 
keeps you warm while you sleep. This can 
be achieved in a number of ways. 


BOXWALL 

Used in cold-weather 
down bags, the filling 
is contained within 
box-like sections to 
minimize bunching, 


SEWN-THROUGH 
Filling is in separate 
oval channels, 
although heat is 

still lost through 

the stitching, 


OFFSET CHANNELS 
The filling is laid out in 
two layers to prevent 
bunching and heat loss 
through the stitching, 





~ SHINGLE 
Slanted layers of 
_ overlapping fibers 
that fill with warm 
— air to aid insulation. 


USING YOUR SLEEPING BAG 

Before using your sleeping bag, always check 
inside for spiders and other dangers, and 
shake it to make sure the filling is distributed 
evenly, During use, if the bag is too warn, 
simply unzip it to cool down, or use the bag 
asa quilt, If its too cold, either put on sore 
clothing, or use a silk liner or waterproof bivi 
bag to increase its performance. Always aif 
your sleeping bag well after using it, 


Temperature °C 


Temperature °F 


> Extreme Use 
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GE comfortapie use 





SLEEPING ACCESSORIES 


You'll need to get asleeping mat as well as a sleeping bag to ensure 
acomfortable, dry night's sleep, Additional gear, such as bivy sacks, 
sleeping bag liners, and inflatable pillows, will also increase comfort. 


A lightweight option, 
weighing as tittle as 


Shorter mats may 
suffice in summer, 
















Exterior is covered in 
waterproof non-slip 
polyester material 


AIR MATS 

They may be heavier and more 
expensive than foam mats, but air 
mats provide superior comfort 
and thermal Insulation, 


Folds up quicisy 
and easily for 
Simple storage 


FOAM MATS 
The lightest and simplest type of mat, 
foarn mats are best used on soft 

surfaces, such as sand or pine needles. 
Liners can be used 


on thelr own in 
hot climates 









in warmer climates, 
bivy sacks engble 
you to sleep outside 
without g tent 


Sleeping bag liners 
are eqsier to wash 
than sleeping bags 
SLEEPING BAG LINER 

Usually made of cotton or sill, 

sleeping bag liners trap air between 
your body and the sleeping bag. 


BIVY SACKS 

Asimple waterproof bag that is used 
over a sleeping bag to keep it dry or 
used on its own as a shelter, 


Outer fayer of Foil prevents body heat from 
pillow is padded for eseqning and deflects it 
extrq comport 
INFLATABLE PILLOW 





A lightweight foil blanket for use in 
emergencies, space blankets can 
also beused as a temporary canopy, 


Aninflatable pillow adds some 
luxury to expeditions. Alternatively, 
fill a stuff sack with spare clothing, 
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PORTABLE SHELTERS 


Shelter from the elements at night is essential for long-term survival. 

A variety of products are available to you, depending on the conditions 
you're about to enter and the amount you're prepared to carry. You can 
choose from lightweight options, such as hammocks and variations on bivy 
sacks, and the more traditional alternatives, tents, which are heavier but 
can accommodate up to eight people. 


i 


q 

USING A HAMMOCK 
If you have a hammock you can camp even if the ground is muddy, rocky, or Gey 
onan incline, The advantage of a hammock is that it's lightweight and can damaging live 
be erected just about anywhere, Modern hammocks provide a shelter and trees and 
protect the bark 





bs bed solution in one portable package. 
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Make sure the tree or 


upright holding the 
hammock is strong 
enough to support It 


Modern hammocks are 
designed to enable 
users to sleep in an 


* 
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i 
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almost-flat position 


Built-in flysheets 
provide extra 
protection from the 
gloments 


USING A TARP TENT 


Across between a tarpaulin and a tent, a tarp tent is 
ahighly versatile, extremely light form of shelter that’s 
capable of withstanding even the most extreme conditions. 
Groundsheets should be laid out on the ground for added 
protection, and a suitable sleeping bag is essential. A one- 
person version can weigh as little as 16¥/2 oz (0.52 kg). 


USING A HOOPED BIVY 


The hooped bivy is a waterproof and breathable bivy sack 
that has been designed to form a one-person shelter, It 
usually incorporates pegging points and a zippered and 
hooped entrance that form a small vestibule for your 
backpack. Many incorporate a heavy-duty groundsheet 
and can be set up and taken down in a matter of minutes. 









Trekidng poles ee a Sse lee 
restricted space, hoope 7, ¥ 
Some tarp ) et Pore bivys pack small and are Limited height means 
tents come extremely lightweight you're restricted to 
with builtin ff a prone position 
netting for . 


protection 
against 
Insects _{# 






Guylines give 
the tarp tent 
stability 







= 






A groundsheet provides 
insulation from the cold, 
damp ground 





A small vestibule 
provides minimal 
storage for your gear 








> Standalone deployment in a GSM low band: this is an option when LTE is deployed in a higher 
band and GSM is still in use, providing coverage for basic services. 

> Guard band deployment, typically next to an LTE carrier: NB-loT is designed to enable 
deployment in the guard band immediately adjacent to an LTE carrier, without affecting the 
capacity of the LTE carrier. This is particularly suitable for spectrum allocations that do not 
match the set of LTE system bandwidths, leaving gaps of unused spectrum next to the LTE 
carrier. 

> Efficient in-band deployment, allowing flexible assignment of resources between LTE and 
NB-loT: it will be possible for an NB-loT carrier to time-share a resource with an existing LTE 
carrier. The in-band deployment also allows for highly flexible migration scenarios. For example, 
if the NB-loT service is first deployed as a standalone deployment in a GSM band, it can 
subsequently be migrated to an in-band deployment if the GSM spectrum is re-farmed to 
LTE, thereby avoiding any fragmentation of the LTE carrier. 


NB-loT reduces device complexity below that of LTE-M with the potential to rival module costs 
of unlicensed LPWA technologies, and it will be ideal for addressing ultra-low-end applications 
in markets with a mature LTE installed base. 





CELLULAR NETWORKS FOR MASSIVE IOT ¢ A FULL RANGE OF CELLULAR LPWA SOLUTIONS 











USING A TENT 


Tents keep the rain and wind out while retaining warmth. 
The outer flysheet should be strong, impermeable, taut, and 
able to withstand high winds, The inner tent—which may be 
attached to a flysheet—is loose and made of permeable 
material to minimize condensation but retain heat. The inner 
and outer parts of the tent must not touch each other; if 
they do, heat may be lost and condensation may form on 
the underside of the flysheet, then seep into the tent. 


THREE-SEASON TENT 

Three-season tents are designed for use in a variety of climates. The 
inner layer is made of a lightweight material that offers both ventilation 
and protection against insects. The flysheet—which should extend 
about 4 in (10 crn) above the ground—and the groundsheet are made 


of waterproof fabric. 

Swift clips 
attach the inner 
tent to poles 
securely, quickly, 
and easily 





materia! is=8 
uncogted to alg 
ventilation and 
disperse 
condensation 


WINTER TENT 


For cold-weather climates, look for a tent that offers extra-strong poles, 


storm windows, and arnple pockets so that you can store your gear 


inside the tent. However, these extra features increase the tent’s weight. 


The dome shape sheds snow well, and withstands high winds, 














cx. 
Ventilation 
zipper 
Increases air 
clreulation, 
which helps dry , 
wetgear in Sd 
poor weather 


viz 
Fully enclosed poi i 
Sleeves provide extra + 
rigidity in poor weather WITHOUT FLYSHEET = 










ois. 


SLEEPING SYSTEMS 


S$ N 


WARNING! 

In sotne climactic conditions, such as extretne high winds, severe 
stortns, or heavy show cover, stakes and quyliies may nat be 
enough to anchor the tent securely to the ground. This could 
result in the tert being blown away—and could have severe 
consequences for the tents occupants. [n such conditions, use 
extra teanis—such as rocks of logs—to anchor your tert securely. 







Pole separates inner 
tent from filysheet 
to did ventilation 


A door Is 
mounted on q 
smooth-running 
clvcular zip 










Outer door 

ean be rolled 
horizontally and 
fixed to flysheet 
for eqsier qccess 






WITH FLYSHEET 









Guylines anchor 
the tent securely 
“against high winds 


Mesh door allows 
fight to enter but 
keeps insects out 
Condensation 
sponge absorbs 
moisture and 
stops flysheet 
from touching 
inner walt 





Dome shape prevents 
heavy gecumulation 
of snow 











WITH FLYSHEET 











Vestibule atiows 

— - occupants to cook 

Fee aime oe pes 
sleepin 

provide excellent sade 


stability in strong winds 
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EATING ON THE TRAIL 
THE FOOD YOU EAT determines how efficiently your / BODY FAT AND SURVIVAL 


body will furction. This is never more important than when Sedicalrcicalle it and acthae'ie 
you're undertaking an expedition that will test your physical coals woe ingen bu bei 


and mental endurance beyond normal levels. slightly overweight can actually be an 
advantage in a survival situation: | Ib 
FOOD FOR LIFE (¥: kilo) of body fat converts to roughly 
: : 5 . = Siems 3,500 calories—the amount of energy you 
Your body requires energy to fuel the chemical and biological would usually expend during an average clay. 


reactions that take place within it, and to power your muscles. 
This, and other nutrients, comes from the food you eat (see below). 


TYPES OF NUTRITION EXAMPLES BENEFITS 
« Rico, pasta, bread, and cereals: = Major source of energy, asit converts mast. 
« Fest and dried fruit readily to glucose, which is your body's 
CARBOHYDRATE ae preferred source of fuel, 


» oot vegetables 
« Chocolaig and candy 





« Meal and poultry « Essential for growdt and repair of muscle tissue. 
PROTEIN « Fish, such as tuna and salmon » Increases your stamina and eneray lavals, 

» Eggs and dairy products and helps you fight fatigue. 

» Beans, legumes, and seeds « Makes you feel satisfied after eating. 

= Nuts and seeds » Good source of enercy, 

= Dairy products, such a5 butter andcheese = Makes you feel satisfied after eating. 

= [leats, such as bacon and sausage 

« Cooking ail 

= Fresti and drled fruit, especially the skins = Provides bulk ta help your digestion. 

«= Vegetables, beans, and seads ® Helps to make you feel full, 


«= Whole-qrain careals 
= Whole-mealbread, whole-meal pasta, and brown rice 


= Frost and dried fruit « Essential for growth and the repair of your 
VITAMINS « Green vegetables hody's tissues. 
AND MINERALS » Meat and fish « Help you to maintain healthy teeth and eyes. 
» Nuts and seeds « Aids bloodflow and the production of energy. 








GALAWCinG YOUR E\eRGy LEVELS 


You replace the energy that you expend ona 16.35 36.55 SEE 
daily basis through the food you eat. The energy 
obtained from faodl is measured in calories, and 
you require a certain number of calories each 
day ta remain alive. If you consume too few 
calories, you will lose weight However, eating 
too many calories will lead ta weight gain, which 
can cause long-term health issues. The number 
of ealaries you require per day capends an many 
things, such as your age ancl level of activity 
(see right). When you don't replace the eneray 
expended and continue to work, you start to use VERY VERY 
the energy store contained in your body's fat. ACTIVE ACTIVE ACTIVE ACTIVE ACTIVE 


CALORIES 


Men 


Bh vonen 





WILDERNESS DINING 


Even if you're only going on a short hike, you should take food with 
you, such as fruit and chocolate, to replace the energy you're using. 
For longer expeditions, you'll need to take a number of different 
foodstuffs—tor energy and for variety. 


TYPES OF FOOD EXAMPLES 





5/ 


EATING ON THE TRAIL 


















® Trail mix—also known as “gerp” 
» Muesli or granola 

» Oaimeal 
= Driod fruit 


BREAKFAST CEREALS 
AND DRIED FRUIT 











«= Cookies and crackers 
= Energy bars and cereal/granola bars 

« Fruits, such as apples, pears, arid oranges 
= Nuts and seeds 






TRAIL SNACKS 








= [Dehydrated ice cream 
= Chocolate 

























HIGH-CALORIE SNACKS 





= Pudding mixes 


« Boil-in-the-bag meals—you can buy a wide variely 
of fully prepared meals, sealed in a foll bag. Cook 
Jor five to seven minutes, 
® Freeze-cried and dehycrated meal—simply add boiling 
waler, stir, and wail about five minutes. Extremely 
lightweight and take up little space. 
« Canned meals—a great variety of them are available, 
but they are bulky and heavy, 


PRE-PREPARED 
MAIN MEALS 


= Canned fish, such as sardines or tuna 
« Cured meats, such as ham, salami, and beet jerky. 
® Hard cheese, such as cheddar and parmesan 


MEAT, FISH, AND CHEESE 


= (entils and dried peas 

» Driad beans and pear! barley 
« Rice andpasta 

=» Couscous 


BEANS, LEGUMES, 
AND GRAINS 






MIXERS 





= Powdered soup 
= Tomato puree 
« Powdered sauces 
» Gravy cubes 


FLAVORINGS 


= jea 

= Coffea 

= Chocolate powder 
«= Driedmilk 


BEVERAGES 







yorates, vitamins, 
start of the day. 


oi onitah iutary fiber tou digection 


» High in carbohydrates to help you maintain 
energy levels, 

= Help to keep your hunger pangs al bay between 
main meals. 


» Provide a quick boost af energy, when required. 
= Offer acomfort factor, although they are of 
limited nutritional value. 


« Provide a balanced range ol food groups, vitamins, 
and minerals to help your body to recover and repair 
itself after the dey's exertions. 

» Quick and easy to prepare, and require few utensils. 

« Many require minimal fuel to cook them, or water 
torehydrate them. 

» Can be bulked out with beans, lequrnes, and grains. 

« Smaller cans may have a pull-top to open them. 


= A great source at prateins and fats. 
» Easy to store and long-lasting. ae cans 
are heavier than other sources of food. 


» Can be used to bulk up main meals and help 
you totéel full. 

» An important source of carhohyerates. 

» Abo provide fiber and protein. 


« Flour and salt can be used! ta make dough, 
» Sugar and salt help to make wild food palatabile. 


« Suet an invaluable source of fat thal canbe 
usedto supplement meals. 






« Add flavor and variety to your meats. 
» Especially usetul if you're cooking with wild food. 


» Provide warmih arid comfort, allhough thay” 
are of limited nutritional value. 


« Chocolate powder is high in carsohydrates. 
« Dried mil is an excellent source of calelun, 
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CAMPING STOVES 


ALTHOUGH NOTHING CAN BEAT the satisfaction of building 
your own campfire, the convenience and reliability of purpose- 

made camping stoves make them an essential piece of cooking 
equipment, especially in areas where open fires are banned. 


THE BENEFITS OF CAMPING STOVES 


Modern camping staves are very light and collapse dawn to an 
incredibly small, compact size. Gas-fueled stoves are by far the most 
common, but liquid-fueled stoves are also worth considering. Both 
have their own advantages and disadvantages (see below), but your 
choice will be dictated by space and weight constraints, the distance 
you're traveling, and environmental factors. A hexamine stove Is a 
good item to have in a survival situation (see apposite). 


CHOOSING A GAS- OR LIQUID-FUELED STOVE 


Gas-fueled stoves are safer, cleaner, lighter, and easier to use than liquid-fueled 
stoves, but are less economical, anid not suitable for low-temperature, high-altitude 
use. Liquid stoves offer greater stability, fuel versatility and economy, but you need 
to pump and prime (preheat) them before use, and they are less clean. 
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BUTANE OR ISOBUTENE 


» Both fuels sold in disposable, pressurized 
canisters. 


INFORMATION 


# Lightweight, sealed fuel container. 

= Butane very efficient and burns at 
ahigh tempereture. 

» Isobutene more efficient than outane, 
and performs belter in cold conditions, 


« Higher cost and lower heat output than 
liquid fuels. 
= Fuel efficiency reduced al higher altitudes. 
» Butane less efficient than isokutene 
in temperatures below 50°F (10°C). 


GAS-FUELED STOVES 


PROPANE 


» Fuel sold in disposable, pressurized 
canisters. 

« Used in most portable stoves and 
barbecue grills. 


« Lightweight, sealed fuel container. 

« Fuelburas al avery tet, steady heat, 
anid produces an almast sootless ame, 

» Performs vary well in cold conditions. 


» Higher cost and lower heat output than 
liquid fuels, 

« Fuel efficiencyreduced at higher altitudes. 

» Highly combustible, so lass safe than 
other fuels, 





a 


TRANSPORTING FUEL 

There are many factors to consider 
when transporting fuel to male 
your expedition safer: 

« When hiking, pack your fuel 
container upright in the middle 

of your backpack, and surround 
with clothing to protect it from 
knocks. Make sure you can access 
it easily when you reach camp. 

Use similar principles when traveling 
by other methods. 

= Ensure that your fuel bottles 

look very different from your 

water bottles to prevent confusion. 
= Tf you're going on a long expedition, 
check the availability of the fuel, 
and consider how you will dispose 
of cylinders safely. 





BLENDED FUEL 


« Fualsald in disposable, pressurized 
canisters. 

= [samixol butane, propane, and/or 
isobutena. 





« | ightweight, sealed fuel container. 

» Fuel safer than pure propane, and perforns 
better than either pure butane or sobutene 
in cold conditions. 

» Tscbutene blends give 2 more efficient Tame. 





«= Highercost and lower heat output than 
liquid fuels. 
« Fuel efficiency reduced at higher altitudes, 








USING CAMPING STOVES SAFELY 


Always take care when storing the fuel and using your stove. Use 

only the stove manufacturer's recommended fuel, and check all 
connections and fittings before each and every use. Also: 

= Clear the cooking area of dry vegetation and leaves, in case you 

spill fuel or knock over your stove. 

= Place your stove on a level and stable surface. 

= Keep naked flames and sparks away from the fuel, especially when 
filling or refilling the stove. Before refilling, make sure the flame is 

out and the stove has cooled down. 

a Use the cooker in a well-ventilated space. Liquid fuels, in particular, 
can give off poisonous furnes, such as carbon monoxide, and all 
cookers also burn vital oxygen. 

= Don't use a stove inside your tent. In addition to the risk of poisonous 
fumes, fire is also a significant danger. A confined space with limited 
access, your tent can be reduced to ashes in minutes, along with 
everything inside, and you may not be able to escape in time to protect 
yourself. Losing your tent and your equipment is bad enough, without 
you receiving third-degree burns at the same time. 

« Don't leave a burning stove unattended. If it topples over, it could 
easily start a fire. [f the stove flame goes out, a spark or naked flame 
could also ignite the vapors and cause an explosion. 


LIQUID-FUELED STOVES 





WHITE (COLEMAN) FUEL MULTI-FUEL 


= Fuel sold in disposable canisters. = Stove can use avariety of fuals, from 
unleaded gas, kerasane (oaratfin}. 
aviaticn fuel, and white fuel to diesel— 
most of which areveadily available, 


= Fuel can withstand low temperatures, = Stove uses a range of fuels, 
high altitudes, and most weather conditions. » Fuel is non-oressurized, socan be stowed 
» Produces aclean flame. safely in almost any airtight container. 


= Stove tends to perform reliably, efficiently, 
and quickly, producing a hat flame. 


= Stove must be pumped to generate » Potential for spillage of flammable fuel, 
required pressure for use. = Stove must be pumped to generate 
» Fuel neads tahe primed. required pressure tar use. 


= Fuel needs tabe primed. 
» Some fuels produce soot and nexicus fumes. 






THE HEXAMINE STOVE 

Avery useful plece af emergency 
eguipment, the hexamine stave 

(or haxl-stove) burns solid blocks 

of hexamethy|-enetetramine (also 
known as "methenamine”), and folds 
away compactly. The stove acts as a 
small windbreak and cooking platform, 
while the fuel blocks it uses provide a 
very reliable means of starting a fire 
in any conditions. The blocks produce 
asmakeless flame, don’t liquefy while 
burning, and leave na ashes. 













Walls.act as 
a wind break 
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DENATURED ALCOHOL 


= Fuel sold in disposable plastic containers. 
= Stove basically consists of a vessel 

to burn) the fual in, and awindshield 

that also acts as. a cooking platform. 


= Fuel is nor-pressurized, 0. can be stowed 
safely in almost any airtigat container 

» Economical and produces aclean flame. 

« Stove is lightweight, stable, and safe. 

» Usually supplied with pots and pans, 


« Potential for spillage of flammable fuel, 

= Siove slower to heal up than other liquid 
stoves, because it’s not pumped. 

» Flame vulnerable ta wind and other 
environmental conditions. 
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YOUR SURVIVAL KIT 


A BASIC SURVIVAL KIT is an essential item to take with you on 
any outdoor expedition. It should be compact enough to carry on 
your person at all times, and its contents should address the key 
principles of survival: protection, location, water, and food. 


EXAMPLE OF A SURVIVAL KIT 


Choose a tin with a waterproof seal and locking clasps. While you can buy ready- 
made kits, you should always adapt the contents, both to your needs and to the 
environment you'll be in, Ideally, items in the survival kit should be high-quality 
and multi-purpose—for example, the tin itself could be used as a cup, asmall 
cooking pot, or even a signal mirror. Your kit should contain the following: 


LAYER 1 LAYER 2 





LAYERS OF A SURVIVAL TIN 


LAYER 3 





= Antiseptic wipes: for treating wounds 
and cleaning bites. Canalso be iginited 
bya spark and used to get a fire going. 


= Blister medical pads and bandages: 
useful for minor cuts and blisters. Include 
a range of bandages (both waterproof and 
fabric} ina selection of sizes. Waterproof 
bandages can also be used to mend holes 
intents and tarpaulins. 


= Water purification tablets: choose from 
tablets or iodine (but dont use iodine if 
you're allergic to it, or to shellfish), Water 
will need to be filtered before being purified. 





LAYER 6 LAYER 7 


LAYER 8 





= Flashlights: two small Photon (LED) lights— 
one whiteand one red—taned in “off position, 

= Mini multitook see panel, opposite. 

= Chainsaw handles: use with pocket chainsaw: 

«= High-viz card, signal mirror: location aids. 

= Compass: an emergency back-up. 

= Flint, fire steel, tampons: for starting fires. 

= Snare wire: for animal trapsand lashing, 


= Survival saw, or pocket chainsaw: 
can be wrapped around the inside of 
thetin or cut in half if space is limited. 

= Single-edged razor: multi-purpose— 
from skinning an animal to cutting 
cord. Store in its packaging. 

» Needle and cotton: use strong, 
waxed cotton, pre-threaded through 
the needle. 


= Waterproof matches and tinder balls: 
for starting fires. Store the matches in 
a small, resealable plastic bag. 

= Pencik sharpened at both ends. 

= Potassium permanganate: dissolve in water 
to sterilize water at low concentration, and to 
clean wounds at a high concentration. Gan also 
he used with sugar to male fire. Store ina 
waterproof container. 
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Other tools, such 
as scissors, open out 
from the two "gems" 
of the multi-tool 







CHOOSING A MULTI-TOOL 


A useful item to carry with you on your trip, 
multi-tools are usually designed with a specific 
task or hobby in mind, and include useful features 
for survival, such as a small compass, pliers, saw, 
and various blades, Use one that has quality tools 
that most Suit your needs, with a comfortable grip, 
and ensure that the blades are lockable to prevent 
injuries. Carry your multi-tool in a secure pocket, 

or in apouch on your belt, and include a miniature 
version in your survival tin (see below), Bear in mind 
that your multi-tool should be an addition to, not 
areplacement for, your busheraft knife (see p. 146), 


Rotating mechanism 
engbles the tool 

to fold compactly 
when not inuse 





Close the multi- 
tool when not 
using it for safety 


Neodle-nese pilers 
can be used for 
gripping items, or 
for cutting wire 











LAYER 4 





Petroleum jelly: apply to chapped lips, 
rashes, and sores. Canalso be smeared 
ontotamponsto make them burn longer, 
Store ina small, resealable plastic bag, 


LAYER 9 


Norrlubricated condoms: can be used to 
carry water, or as a waterproof cover for 
smaller items, such as your mobile phone. 
Mini fishing kit: if you are near water, 
fish can be easier to catch, prepare, and 
cook than mammals. Fishing line canbe 
also used for other survival tastes. Should 
contain a selection of hoolks, flies, swivels, 
and split-shots. 


LAYER 5 


=» Waterproof notepaper: for drawing 
maps or leaving messages. 

= Photograph of loved ones: a psychological 
incentive ina Survival scenario. 

= Credit card: an effective means of extracting 
insect stings (see pp. 266-67). 

= Money: wrapped in cellophane. 


TIN LID SEALED WITH TAPE 











= Sailmaker’s needles: multi-purpose—can 
he used as an arrow point, or for mending 
tents and tarpaulins. Wide eyesare best. 

» Safety pins: for securing clothing, 
or mending your sleeping bag or tent. 

= Mini glowsticks (cyalumes): useful for 
emergency lighting, and as a location aid. 

« Single-edged razor: multi-purpose 
(see Layer 6). Store inits packaging. 





ADDITIONAL USEFUL 
ITEMS TO INCLUDE 


While your survival tin's size 
may be restrictive, you can 
always improve your kit with 
items that can fit on your belt, 
or in a belt pouch, known as a 
“belt order,” This will form part 
of your first-line equipment 

(see p, 43). 

= Space blanket or aluminum foil: 
can be used as a signaling device; 
for shelter; to carry, store, and heat 
water} or to coolcin. Many are dual- 
sided: one silver, the other green for 
camouflage, or orange to stand out. 
® Plastic bags: you can never have 
too many. Numerous uses—from a 
water carrier to a transpiration bag. 
= Medicines (such as painkillers 
and antibiotics): should not replace 
your main first-aid kit, but ensures 
you have some basics if you're 
separated from your gear, 

= Small candle: once lit, this 

will provide a reliable flame that 
you can build your fire around, 

= Nylonstockings: can be used for 
warmth, or as an improvised water 
filter, mosquito net, or fishing net. 
= Small AM/FM radio: battery- 

or solar-powered, 

= Surgical tubing: enables you 

to reach water in otherwise 
inaccessible rock crevices, 

= Fire tinor matchless fire set: 
self-contained methods of starting a 
fire, when no natural fuel is available. 
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FIND YOUR 





WAY 


Before you set off on an expedition, 
you should have at least a basic 
understanding of how to read a map 
and use a compass. Your ability to 
correctly assess a map of the area 

you intend to visit will allow you to 
make informed decisions during your 
preparation. If you understand the area 
and terrain, your chances of getting lost 
will be reduced, and you will be able to 
continually evaluate your progress and 
therefore alter your plans as necessary. 
You will also be able to plan the safest 
and most appropriate route, and locate 





In this section BCA siti) ye1)/ 3: 


water, shelter, and areas that will 
allow you to use your location aids 
properly. If you're proficient with a 
map and compass, you'll have no cause 
to worry about getting lost or straying 
off-track and will be free to enjoy your 
outdoors experience. 

In a survival situation, you will be 
faced with many tough decisions. You 
may have to decide whether to stay 
where you are and await rescue or 
move to an area that offers a better 
chance of survival and rescue. Your 
ability to navigate effectively—whether 


how to use your map to tell the lie of the land... 

that the path ahead js as long as a piece of string... 

the difference between eastings and northings and an ERV and a GPS... 
how a detour could be the most direct route... 


how to navigate using your hair... 


why an anvil of cumulonimbus |s no fair-weather cloud... 


CONCLUSION 


Uptake of Massive loT is set to take off, and operators have a unique opportunity to drive the 
implementation of new loT applications by offering affordable connectivity on a global scale. 

For loT applications, existing cellular networks offer distinct advantages over alternative WAN 
technologies, such as unlicensed LPWA. The global reach, QoS, ecosystem, TCO, scalability, 
diversity and security of cellular networks are all vital factors that can support the fast uptake 
and success of loT. Enabled by new software in existing legacy networks, cellular networks can 
support a diverse range of loT applications — ensuring the lowest possible TCO. 

3GPP standardization work for GSM and LTE, and the recent addition of NB-loT, is further 
improving the ability of cellular networks to address the Massive loT market, where ultra-low 
end-to-end cost is a prerequisite. 

GSM/GPRS, which already serves the majority of cellular-based MTC applications, is evolving 
with anew EC-GSM standard, which delivers significantly better energy efficiency and increased 
coverage. EC-GSM enhancements will cement GSM’s position as a highly relevant connectivity 
platform for low-end, Massive loT applications globally. 

New downsized NB-loT and LTE-M chipsets, designed for MTC, and features that improve 
both coverage and device battery life will boost the ability of LTE infrastructure to address the 
loT market. One network that supports all applications - from advanced mobile broadband 
services, VoIP and all kinds of low- to high-end loT use cases - creates a very strong value 
proposition. 

Whether operators choose the GSM, NB-loT or LTE-M track — or a combination of these - will 
depend on several factors such as technology coverage, future technology strategies and targeted 
market segments. Whichever path they take, they have a huge opportunity to benefit from the 
emerging loT revolution. Operators can choose to continue offering telecom-grade connectivity 
as they do today, or they can evolve to become a platform or fully-fledged loT service provider 
targeting a larger slice of future loT revenues. 


CELLULAR NETWORKS FOR MASSIVE IOT * CONCLUSION 
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The ability to take a bearing 
(see pp. 68-71) and navigate using pace 
counting (see p. 72) could prove to be 
crucial skills in a Survival situation. 


TEST HOW ACCURATELY you can walk 
ona set bearing and pace out a set distance by 
fallowing the exercise below. If you have stayed 
on your bearings and your pacing has been 
accurate, you should finish at your starting point. 
Pick a suitable area where you can walk at least 
330 ft (100 m) in any direction. Don't cheat by 
heading for your marker! For this exercise to be 
useful, make sure you follow your bearings and 
count your paces to navigate. 


by using a map and compass or by 
using natural features—will play a 
major role in your decision-making 
process. Whilst a Global Positioning 
System (GPS) is an excellent aid, it 
relies on batteries and technology— 
both of which can fail. 
An understanding of weather 








Place a marker on 5] Add another 
the qround. Dial a 120° to your 


bearing onto your compass — latest bearing. Dial a 


patterns will also allow you to evaluate (110° in our example). last bearing (350° in 
ae f eee our example) onto 
conditions and make informed decisions 2) Walk on this mneeenenete 


bearing, counting 
your paces until you D Walk on your 


think you have traveled final bearing for a 


as you travel. The ability to assess your 
situation and modify your plans means 


a 





that you will be able to avoid many 330ft (100m), then stop further 330 ft C.00 rn). 
potential survival situations. eile You should be back 
© Add 120° to your at your starting point 
original bearing. 


Dial this new bearing & 4) © 
(230° in our example) k vi 
onto your compass. A x 
8. /®@ 
Pace out another 330 ft oo re 
(100 rm) on your new «Be POINT 
bearing, then stop. 


AG Never underestimate the combined power of a map, 
a compass, a GPS unit, and the skills and knowledge 
to use them well—your life may depend on it Wt) 
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MAPS AND MAP-READING 


A MAP IS A TWO-DIMENSIONAL representation of a three- 
dimensional area—from a map you can determine distance and 
height on the ground. If you are able to read a map, and can 
interpret the information it contains, you can visualize what 

an area looks like and use these features as landmarks to make 
navigation easier. Your map is very important, so keep it safe. 


UNDERSTANDING MAPS 


Although there are many types of map available—with varying levels 
of detail and scale—topographic maps are best for hiking. They show 
important features, such as rivers, roads, railroads, paths, buildings, 
and forested areas, and also depict the lie of the land through the 
use of contour lines (see opposite) to represent height. 


These symbols represent 
the vegetat(os ivee 


Contour lines join points 
of equal Relght 
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Different colors 
show different 

types of ground: 
mud. sand efe 
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THE LEGEND 


Topographic maps incorporate a 
legend, or key, which deciphers the 
information shown on the map. [t's 
important to familiarize yourself with 
the symbols used, as this will help you 
visualize what's being represented on 
the map more effectively, Some 
examples are listed below: 


HEIGHTS AND NATURAL 
FEATURES 


no 
Es Sand; sand ang shingle 





Vertical facefcl? 
aa o Su ce fei. 
wack UE 
Boulders  Guterop Seree 
Coniferous trees 


Non-ooniferous trees 

Managed woosland 

Oroherd 

Ser 

Bracken, heath, or rough grassiand 
Marsh, reeds, or wetlands 


TOURIST AND RECREATIONAL 
INFORMATION 


Ad Nature reserve A Campsite 


Fishing area Watts Trails 


THE SCALE 

Hiking maps are always drawn toa 
scale provided in the legend, This is 

a ratio of how much you would have 
to enlarge the map to reach actual size, 
1:25,000—whereby 4 cm on the map 
equates to 1 km an the ground (2¥2in 
ta Lmilei—ts the most usetul level of 
detail for hikers. A smaller-seale of 
150,000, far example, will provide 

a more basic overview of the terrain. 





MEASURING DISTANCE 


Maps are drawn to scale so that you can use them to 
accurately estimate distances on the ground. Being able 

to measure distance is important because it means you can 
calculate the most direct—and energy-efficient—route to 
your destination. In a survival situation, every last bit of 
energy counts, so the shorter the distance, the better. 


USING THE GRID LINES 

The simplest method af measuring distance an amap 

is to use the grid lines—on ascale 1:25.000 map gach grid 
square represents 1 km (traveling diagonally across a square, 
i's approximately 1.5 km). You can also lay a piece of paper 
between the two paints, mark the start andend of your raute, 
and place it underneath the scale line to read the distance. 


CONTOUR LINES 


Topographic maps feature lines called contour lines. A contour joins points 
of equal height above sea level, and allows the topography of the ground 

to be depicted in detail. The contour interval is specified in the legend—for 
maps with a 1:25,000 scale you would usually expect to see a 5-meter 
vertical interval between each line, although for maps of mountainous regions 
this interval may be 10 meters. The ability to look at the contour lines, and 
imagine how they translate to the ground, is a skill that takes a little while 

to acquire, but once mastered will allow you to read a map more proficiently. 


USING CONTOURS 

Knowing how steep the ground is will greatly improve your navigational skills, as well 
as your route-planning (see 6. 72). Walking up and down hills uses a lot of eneray, sa 
itis far better to follow the contour lings an your mas to ga araund hills instead. 


These numbers 
show the height 
above sea evel 
insmeters 








When the lines are 
closer together, the ’ 
land és sfaeper ™~S 






MAPS AND MAP-READING 6/ 





USING STRING OR SOLDER 

Invariagly you will deviate from a straight ling and willl fave 
to navigate araund obstacles or bends. A far better way of 
measuring distance is therefore to take a piece of string, curve 
it around your intended route, and transfer it to the seale line. 
Solder wire (use wire that is leac-free) is even more accurate 
because it holds its shape an the map and remains flexible. 


GRID REFERENCES 


Maps contain qrid lines, which help 
you locate a specific point anywhere 
on a map, usirig a unique number 
known as a grid reference. The vertical 
grid lines are called “eastings,” as they 
increase in value as they travel east on 
the map. The horizontal lines are called 
“northings,” where these perpendicular 
lines cross creates the grid. 


WORKING OUT 

GRID REFERENCES 

Use the numbers on the grid lines and apply 
the easting number first. On a scale 
1:25,000 map, where the arid lines are 1 km 
apart, the shaded area on the arid below 
would have a four-figure grid reference of 
2046, and indicate a grid square that is 
Lkm by 1 km, Jo be mare accurate, use a 
six-figure number—mentally divide the 
square Into tenths, The cross would 
therefore have a gricl reference of 185445. 
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GET YOUR BEARINGS 


IN ADDITION TO understanding and reading maps, it’s 
important to know how to orientate your map to the land 
so you can use it to navigate. It’s possible to do this by 
sight, although in most cases you'll need a more reliable 
method and for this you should use a compass. Use your 
compass to determine direction, orientate your map 

and yourself, take and plot bearings, and navigate. 


aoe 


CARDINAL POINTS 

The four cardinal points of the compass are: 
= North (N)—0°/360° 

= East (E)—90° 

= South ($)180° 


= West (W)—270° 


Direction of travel 
arrow indicates the 









































Magnifying glass is direction in which 
H OW A COM PASS WORKS useful when reading you should walk 
; ; detailed maps 
A compass needle is a magnetized piece of Compass scales 
metal that, when allowed to rotate freely, honey measures 
F é ‘ USTGUIES OG ITH 
will orientate itself to the North and South and pens oe ees 


magnetic poles. Always hold a compass level, out grid references 


Magnetic arrow 
Jndicates forth 


STANDARD COMPASS 
This standard orienteering Silva compass 
is a good compass for hiking, It allows 
you to set your map and work out 
distances using the printed 

scale on the base, 


et ‘} : | Atte: 
Compass housing Y itn 
contains the ¢ he . ZS, ; 
needle and has ; ; y, lo We &N Read bearings 
the points of the 4 / . Ss from the index 
compass marked >> 7. | fine, an extension 
on g circular, Ra ee aT of the direction 
i if ee - t— of travel arrow 
rotating bezel : 3 fe 7 5 arrow fied f 
Base plate }S- within the 
Liguid inside the Ae be 
housing dampens aE i: na a 
the needle to a see e 
wee se a Rotating dial 
Ovienting lines are fixed ae 
Hole for within the compass ie ie 
attaching housing and alian with EROS 


qJanyard the eqstings on q map 









OTHER TYPES an the points “Rotating dial 
i uns 

OF COMPASS ee 

There are many different 


types of compass, ranging 
from simple button 
compasses to complex 
instruments that include 





orienteering 


features such as sighting 
mirrors, Use a quality 
campass that suits your 
needs, and carry a simpler 
backup for emergencies. 


BUTTON 

The simplest compass 
available —its small size and 
basic level of detail makes it 
ideal as a backup compass. 


FIXED DIAL 

As well as the basic points 
of the compass, degrees and 
bearings are also shown 
onthe immovable dial, 


BASIC ORIENTEERING 
With a rotating dial, this has 
simpler markings than the 
standard compass above, 
and is ideal for beginners. 
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MAGNETIC 
VARIATION 


Map legends refer to north in three 
ways: “true north,” “grid north,” and 
“magnetic north.” The angle between 
magnetic north and arid north is 
known as “magnetic variation,” and 
is provided in the map legend. True 
north is the direction of a meridian 
of longitude that converges on the 
North Pole. Grid north runs parallel 
to the vertical grid lines on a map 
and differs from true north 
because a map is flat. Magnetic 
north is the direction indicated 

by a magnetic compass, 


SETTING YOUR MAP 


Walking with your map set allows you to read the ground from 

the map as you pass over It, and to recognize and predict features 
as you progress, which means that you'll soon realize if you are 
heading off course. In some cases, when you have a good view 

of the terrain around you, and know the approximate area you're 
in, you can simply rotate your map until the features line up with 
the corresponding features on the ground. However, using your 
compass is a far more accurate method. 


Rotate the dial so that 

“N“ sits under the index 
line, Lay your map flat on the 
ground and ensure there is 
nothing nearby that could affect 
your compass (see box below), 
= Lay the compass on the map 
so its edge runs parallel with 


a vertical grid line easting). 
MAGNETIC GRID TRUE 













Noedie wil! not be NORTH NORTH NORTH 
aligned at present ; 

Ovienting lines run True north is 
parallel te the vertical This angle ts only usualy 
arid lines on your map the magnetic useful when 

variation navigating 
or "GMA" (Grid using the 
: eee Magnetic Angle) Nowth Star 
Keeping orienting lines 
aligned with the grid lines Grid north 
on the map, rotate the entire Magrete noite fs volovant 
j j When Lush 
map until the north magnetic i important ne 3 
needle on the compass sits inside when using a with grids 
the orienting arrow. The mapis magnetic 
now set to magnetic north and Rem ss: 















LENSAT IC 
The lensatic compass 

is an excellent instrument 
for taking very precise 
navigational measurements. 


should basically line up with the 
features that surround you, 

= If magnetic variation in your 
area is high 4 5°), cornpensate 
accordingly (see right), 


Needle is now 
aligned 





TAKING AN ACCURATE READING 
Always hold the compass level to allow the 
needle to rotate easily. A compass is simply 
a magnetized piece of metal and, as such, 

is susceptible to interference. To avoid this, 
ever Use your compass fear: 

= Metal or other magnetized objects 

= Electric currents, such as overhead 
high-tension power cables 

» Buildings and vehicles—these often 
coritain metal and electricity that might 
affect the accuracy of your compass readings 


\ 


COMPENSATING FOR VARIATION 
When converting a magnetic bearing to 
-agrid bearing, or vice versa, you have 

to adjust for magnetic variation, When the 
variation is west, use the phrases “Mag to 
grid—get rid" or *Grid to mag—add." If 
the variation is east, the opposite applies. 


Check the legend of your map to 

establish the magnetic variation. 
This depends on your location, and 
whether itis east or west of grid north. 


Ifthe variation is 0°, there's 
ho magnetic variation affecting 
the corpass, so make no adjustments, 


Tf converting a magnetic bearing 

to agrid bearing with a 12° west 
variation, take off the 12°, With an east 
variation, add it on. 


Tf converting a grid bearing to a 

magnetic bearing with a 12° west 
variation, add on the 12°, With an east 
variation, take it off, 
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TAKING BEARINGS 


Always give any compass work your full attention. 
Rushing it, especially when working out bearings, can 
lead to navigational errors that could, at best, involve 
more walking and, at worst, get you lost. 


USING A MAP 


Using your map to work out the direction in which you 
need to walk is simple. Use your compass as a protractor 
to work out your bearing, and then to keep you on track, 


(ae \ 


BACK BEARING 

A back bearing enables you to find your position by taking a 
bearing from a feature back to you. To do this, take a bearing 
to.a point in the normal way and either add or subtract 180 
dlegrees. You can also read the bearing exactly opposite to the 
index line. This is useful when worldng out the bearing from a 
feature back to you and transferring it to your map (see below). 


USING FEATURES ON THE GROUND 


Sometimes you may need to take a bearing to a specific 
point to navigate toward it. The point may be a feature that 
you can see at the time but may subsequently lose sight of 
during your journey because of the terrain. You can also plot 
that bearing and others on amap in order to work out your 
own position (see right, and panel, far right). 


TAKING A BEARING ON A FEATURE 

Pointing your compass at the feature, hold the base plate steady 
and rotate the compass housing until the orienting arrow sits 
directly under the north needle. Read the bearing—this is the 
magnetic bearing you would walk on to 
navigate to the feature. 














Read the magnetic 
bearing from the 
index fine 


Point the 
divection of 
travel arrow 
at the feature 








Direction of 

travel arrow 
points toward 

your destingtion 


Orienting tines 
are not aligned 


Lay your map on a flat surface, ensuring that there's 
nothing nearby to interfere with the compass reading 
(see box, p. 09), 
= Lay the edge of your compass so that it runs between 
the point you want to navigate from and the point you 
want to navigate toward. 
= Ensure that the direction of travel arrow on the 
compass is pointing in the direction you want to travel 
on the map, 


TRANSFERRING A MAGNETIC 
BEARING TO A GRID BEARING 


It is important that you know how to transfer a 
compass bearing from a feature (a magnetic bearing) 
onto a map (a grid bearing). For this example, imagine 
that the magnetic variation is 12° west. 

= Take a bearing on your chosen feature (see left). 

In this example it is 45° magnetic. 

= You want to plot this bearing on your map, which has a 
grid, so remember the phrase “mag to grid—get rid.” You 
would therefore subtract the magnetic variation 12°) 
from the magnetic bearing (45°), which equals 33°, 

= Dial this revised bearing into your compass, 








TRANSFERRING THE BEARING ONTO THE MAP 
Place the top left corner of the compass base plate over the 
feature on your map. Keeping it there, rotate the entire compass 
until the orienting lines are parallel with the vertical grid lines. 
Draw a line from the feature down the left side of the base plate 
to map your bearing. 


Ensure req 
orienting arrow 
points to the top 
ofthe map 


Verticg! 
—— grid tine 


The bearing on 
the index line 
feads 360° in 
this example 


Onenting lines 
gre now gligned with 
the grid Nines 


Turn the compass housing around until the orienting 

arrow and the orienting lines within the housing line 
up with the vertical grid lines on the map, Read the bearing 
between the two points from the index line on the compass. 
= For this grid bearing to deliver you successfully to your 
destination, you'll need to convert it to a magnetic bearing 
by using the magnetic variation information onthe map 
legend (see p. 69), Add or subtract your figure, and adjust 
your compass accordingly. 


FINDING YOUR POSITION 


If you are unsure of your position but can see 
features on the ground that you also recognize 
marked on your map, you can take bearings on these 
features with your compass and transfer them onto 
your map (see far left, and left) to accurately 
determine where you are. This process is called 
“triangulation” (also known as “resection” in military 
terminology). You'll need to transfer your compass 
bearings into grid bearings. 


AT A KNOWN FEATURE 

If you are at or on a known feature on a map—such 

as a river, road, or track—and you can see another 
recognizable feature, you can take a bearing on that 
feature and mark it on your map, Where that line crosses 
your known feature is your position. In the example below, 
you know you are somewhere along the banks of a river 
and can see achurch that you can identify on your map, 


Fake q 
bearing from 


the ehureh ——# 


You know you 
are somewhere 
along this river __ = 

Where the bearing 
evosses the river reveals 
your exget position 











GET YOUR BEARINGS 


/\ 


Waic in the 
direction indiegtod 
by this arrow 


Orientqte the 
compass so the 
north magnetic 

arrow sits 
underneath the 
onlenting arrow 


Tn order to walk on this bearing you must now 
orientate your compass. 
= Hold the compass level and at a height that allows 
you to comfortably look squarely down on it (close to 
your chest is a good position). 
= Turn your body until the north end of the compass 
needle sits inside the orienting arrow. The direction of 
travel arrow is now pointing exactly inthe direction 
that you need to walk. 





NOT AT AKNOWN FEATURE 

Tf you are not at a known feature, but can see other 
recognizable features on the ground that you can identify 
and locate on your map, you can take bearings on these 
features and transfer them to your map. In order to do this 
you need two features that are at least 1 km (@Ao mile) away 
and at least 40° apart. After you have transferred both 
bearings onto your map, the point at which the two lines 
cross will reveal your exact location. For greater accuracy, 
plot a third feature onto your map. The lines will cross and 
form a triangle—your position will be inside this triangle. 


© Extend 
* bearings back 
\ from both va a 
+ features 7 


© Where the 
\ two fines cross 
indicates y a 
\ | your location 


Extend these lines 
further over the map 
until they cross each other, 
@ The point at which the lines 
cross shows your location. 
= If you want to be more 
accurate, repeat the process 
with a third feature. 


Using your compass, 

take bearings to the 
features on the ground. 
= Transfer these bearings 
to back bearings (see box, 
above left), and draw them 
onthe map from your 
chosen features. 
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ROUTE FINDING 
WHETHER YOU ARE PLANNING to walk a specific route, or fee 
ROUTE PLANNING 


are in a survival situation and need to move to a safer area or SUN : 
: Brealc your route down into stall 
to one that offers better chances of rescue, being able to study sectiotis. This will focus your riavigation 


your map and calculate what you can achieve in a certain time and male the overall distance seem 


: . eee less dauriting. Ef you're in a group, 
can mean the difference between reaching your destination or designate an emergency rendezvous 
spending a night in the wilderness. (ERV) point within each section—if 
someone gets separated you should 
all head there. If you can, include 
CALCULATING DISTANCE water sources and a safety point, 
; _ suchas a campsite, on your route. 
There are several methods of calculating the distance \ j 


you are walking, and a seasoned hiker will always 
use at least two of them at any one time. 


































PACE COUNTING 


Pace counting involves knowing how many paces 
you take to cover a set distance and then counting 
them as you travel. It is reasonably accurate. 


Distances are usually calculated in meters . 
Wiken the elgstic 


and kilometers, and most people take Landincenhes 

approximately 60 paces (120 steps) owen? the bottom 

every 100 m. Try any of these methods | \\y)) gene ae 

= Cut 10 notches in your walking 

staff, Move an elastic band down 

anotch every 100 m, USING CUT-OFF 
FEATURES 


m Use pace counting beads 
(apiece of webbing with two 
sets of beads divided by a central 
knot), One side contains nine 
beads to count off every 100 m, 
and the other has four beads to 
count off kilometers. 

= Place 10 small pebbles in your 
pocket. Every time you cover lOO m, \ 
transfer a pebble to the other packet. 


Gaaeae 


NAISMITH'’S RULE 

Naismaiths rule takes into account distance 
arid topography, and is used for estimating 
the duration of hikes. 

= Allow one houe for every 3 miles (5 fern) 
you will travel 

ee eee ee is an excellent starting point 
beets tninutes for every 985 FE . but there is no substitute for 
(300 m) you will descend, However, for | 5 ; Se Ye ay picking ee distances Me your 
very steep slopes you should add 10 minutes. . vias id ag GIN ee a 
for every 985 ft (300 m) you will descend “Sag E ; * ee ee mera Sai 

‘ up aframe of reference, 


Use your map to choose some 
key features on your route, and 
calculate the distance between 
these, As you pass them, check 
them off mentally in your head 
or physically mark your progress 
on the map. You'll then be able 
to keep track of the distance 
you have traveled when you 
reach each one, 


EXPERIENCE 

As you gain experience you 
will be able to build up an idea 
af how lang it takes you to 
cover a particular terrain. 
Naismith’s Rule (see left} 
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ROUTE FINDING 


NAVIGATION TECHNIQUES 
When navigating across land, you're less likely to get lost if you take direct f PRINCIPLES OF NAVIGATION \ 


bearings from one feature to another, Unfortunately this may not always You will paver get lost you knows 
be possible; obstacles such as lakes and swamps may be directly in your m Where you started from 
path and it may be easier to walk around some features rather than walk m What bearing or course you 


over or through them. 








Aitn te one side 
of the feature 


AIMING OFF 
It's easy to find yourself slightly off-course after a while. If you 
were aiming for a small footbridge over a strearn and didn't arrive 
exactly at the bridge, you would need to guess whether to turn 
left or right to reach it. By deliberately aiming off to one side 

(also called “deliberate off-set") you can guarantee this direction. 







Count your 
paces here 


Clear the 

obstacle fumber of a 
paces to rejoin 
your route 


DETOURING (BOXING AN OBJECT) 
Tf an obstacle makes a straight-line bearing 

impossible, use your compass to calculate four 90° turns, 
which you will then need to walk on to pass the obstacle. 
Count your paces on the first and third detours to return 
to your original, intended route as accurately as possible. 






Head for the 
prominent 
nearby wood 


STAND OFF/ATTACK POINT 

Useful when navigating to a specific point that may be difficult 
to locate, this technique involves airning initially for a nearby 
prominent feature. Calculate a distance and bearing from it and 
use pacing to accurately locate the specific point. If you fail to 
find it, simply return to the prominent feature and start again. 


Use the same 


Pace on 
the correct 
bearing to 
the exget 
destination 


have been traveling on 
a How far you have traveled 











Curve your 
route to 
Follow the 
contour 


CONTOURING 
Climbing up and down hills can 
expend alot of energy and may not be the most effective 
method of navigating a particular terrain, Instead, use a 
technique called “contour navigation.” This involves walking at 
the same height around a feature, which will conserve energy. 








The river 
fs easily 
visible on 
Your map 


HANDRAILING 
Following long linear features that run in the general direction of 
your travel—such as rivers, roads, or paths—can be an effective 
way of navigating. Because you use the features rather than your 
compass, navigation becomes simpler, as the features are usually 
easy to follow. A slight detour toward one can be worthwhile, 








Curve your 
route across 
the steep slope 


The overall 
distance is 
greater but 
your effort 
fs reduced 


ZIG-ZAG ROUTES 
Youmay have no alternative but to climb a steep slope and this 
can be exhausting. However, if you choose a zig-zag route up 

the slope you can reduce the effort required to achieve the climb. 
This will dramatically reduce the strain on your legs, ankles, lungs, 
and heart. Itis also effective when walking down steep slopes. 
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NAVIGATING WITHOUT 
A CO M PASS TOOLS AND MATERIALS 


: You will need an improvised needle or 
IF YOU DON'T HAVE A COMPASS you can use a few simple razor blade, plus one of the following: 
items from your survival kit to determine direction and enable = Knife 
: : = Haie 
you to navigate reasonably accurately. Advances in technology — gi, 


have also made satellite-navigation aids more readily available. = Magnet 
= Battery and wire: paper atid tape 


IMPROVISING A COMPASS a 
You can use the blade Stroke the 

Its relatively simple to make an improvised of your survival knife needle through 
to tap the needle your hair 





compass using a piece of magnetized 
ferrous metal. How accurate your 
compass Is depends on the materials 
you have available to you and your 
own ingenuity, 





SOURCING AND Night 

MAGNETIZING THE NEEDLE Tap the needie into hard 

If you have a compass but it's damaged, you may still be alle De dd idsene it 

to use the needle from it, which will already be magnetized. doesn’t become embedded 

Tf this is unusable, you'll need to find a piece of ferrous metal 

to magnetize, Suitable items you could use include: THE TAPPING METHOD ~—- USING YOUR HAIR 

= A needle from your survival tin or sewing kit Align the needle as close to Hold the sharp end of the 
the north-south line as you needle perpendicular to your 


= A paperclip, opened up and straightened out 


= Arazor blade from your survival kit can determine, hold the needle head and—taking care not 


at an angle of 45 degrees, and —_ to hurt yourself—stroke the 


= Asmall nail or straightened staple taken from a fence gently tap the end of It with needle in one direction through 
Once you have your improvised needle, you will need to another piece of metal, Lightly — your hair, using careful and 
magnetize it. The smaller and thinner the needle is, the tapping itinto ahard piece of — deliberate strokes. Repeat 
easier this will be. Use one of the methods shown here. wood will increase the effect. until the needle is magnetized. 





ALLOWING THE NEEDLE woes Bs FLOATING METHOD 








Ina sheltered place, float the needle on the 
COMPASS - 7 
TO FLOAT FREELY from tho - — surface of same water—a puddle or a small 
Once you have made your improvised needle —evements a non-magnetic container filled with water, for 
using one of the methods above, you need to f example. Balance the needle on asmall, dry 
find a way to allow it to turn freely so that ie 7 leaf (or piece of paper, piece of bark, blade of 
it is able to indicate direction. Take care to : | grass, or inside a shortened straw). 
protect your needle from elements such as 4 . ji aad 
the wind, which will affect its movement. ¢ aes ey eietiend areq 
- ¢ ¢g ae ore 

SUSPENSION METHOD = en 
The advantage of the suspension method is iseifohot Ve De sir 
that the equipment is portable and can be inthe blade ) vy _ 
reused, It works best with a magnetized B ee + 4 ¥ 

: ; 7 cotton | 3 : a - 
razor blade, which will balance well, Attach ‘ The teaf enables 


the magnetized blade to a cotton thread and X j py > the peedle to 
suspend it insidé a plastic bottle, Ifthe bottle's = : float on the 

neck is not wide enough to fit the blade through, 7 f au¥face of 
remove the base of the bottle instead, Z the water 


GLOSSARY 


EC-GSM 
eDRX 
eUICC 
loT 
LPWA 
LTE-M 
M2M 
MIMO 
MTC 
NB-loT 
TCO 
UICC 
WAN 


Extended Coverage GSM 

extended discontinuous reception 
embedded Universal Integrated Circuit Card 
Internet of Things 

low power wide area 

LTE for machine-type communication 
machine-to-machine 

multiple-input, multiple-output 
machine-type communication 
narrowband loT 

total cost of ownership 

Universal Integrated Circuit Card 
wide area network 


CELLULAR NETWORKS FOR MASSIVE IOT * GLOSSARY 






_ Ss 


PRINCIPLES OF MAGNETIZING 

Tr gerieral, the longer you work on the needle the stronger 
the magnetization will be and the longer it will last. To tell 
wher itis magnetized sufficiently, hold the needle up against 
another metal object—if itis attracted to the metal and 
has enough strength to hold itself against it then it will be 
strong enough. Once the needle is magnetized you will need 
to allow it to float freely (see below), and then determine 
which end points north by using natural aids, such as the 
Suni (see pp. 76-77), Mark the north end of the needle with 
a pet ora small seratch. 


$$ 


Sivoke the needle The end of the magnetized 
50-100 times needle that attracts te the 
south pole of the magnet 
will point north 






The more times you 


stroke, the more 
effective the 
magnetization 
USING SILK USING A MAGNET 
This works ona similar Stroke the magnet along 
principle to the hair method the length of the needle 


repeatedly in one direction, 
It's a good ideato carry a 
magnet with you at all tirnes, 
although you should never 
keep it near your compass 

as it will affect its accuracy, 


but is more effective. If you 
have anything made from silk, 
such as a sleeping bag liner 
or thermal clothing, stroke 
the needle repeatedly in one 
direction against the silk. 


USING GPS TECHNOLOGY 


A Global Positioning System (GPS) is a hand- 
held unit that uses 24 orbiting satellites to 
triangulate your position on the Earth's surface 
to within meters. A GPS will allow you to work 
out straight-line distances and bearings to and 
from points, but unless it incorporates mapping 
it will not show you the best way to get there or 
take into account hazards on your route. Use it in 
conjunction with your map and compass. 


TAKING EFFECTIVE GPS READINGS 
A GPS needs to have a clear view of the sky. Anything that 
obstructs its signal, such as tall buildings or heavy tree 

canopy, will reduce its ability to lock onto satellites, 














features vary, 







NAVIGATING WITHOUT A COMPASS F> 


USING ELECTRICITY 

The most effective way to magnetize a needle is to pass a small 
electrical current around it, Use a battery and insulated wire; 
alternatively, use brass snare wire fram your survival kit and 
insulate it using something non-conductive, such as paper. 


Wrap the needle 

in asmall plece 
of paper, which will 
insulate it from 
the electrical 















Cover the 


current. \, futlengthof 
A. the needie 
= > Ensure no 
Wrap the wire touches 
wire tightly the needle 
around the full # 
length of the 


insulated needle. 


Attach the wire 
to the battery 
until battery starts 
to get warm—this 
indicates the process 
is complete, 
Attach the 


wire using 
some tape 


Don't touch 
the wire once 
it’s connectod 
tothe battery 


Receiver locks 

onte at feast four 

satellites to obtain 

a thres-qimensional 

fix Gatitude, longitude, 
> and height) displayed 
RA, a8 0 arid reference 


Durable, 
waterproof, 
buoyant case 














The screen lights 


Menus and up for use ir 






ice gloomy conditions, 
eS) but avoid using 
ae this feature if you 
—_ canas ft will drain. 
the batteries 







/ Set the unit to switch off 
qutomatically after two 
minutes so the battery won't 
be drained if the GPS is 
_ switched on accidentally 
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NATURAL NAVIGATION 


IF YOU HAVE LOST or damaged your compass and don’t have 
the materials necessary to make an improvised version, use 
natural indicators to determine direction. The east-west rotation 
of the Earth means that you can orientate yourself according 

to the position of the sun, moon, and stars. All you need are 
some very basic materials and these simple techniques. 


USING THE SUN 


When visible, the sun is the clearest natural signpost to the four cardinal 
points (north, south, east, and west). It rises approximately in the east and 
sets approximately in the west and, at midday, is due south in the northern 
hemisphere and due north in the southern hemisphere, Use the sun's 
course across the sky to determine direction and approximate the time. 


| 


SHADOW STICK BASICS 
Use a shadow stick to determine 
direction and time anywhere 
between the Arctic (66.5°N) 

and Antagctic Circles (66.5°S). 

= In the northern hemisphere the 
shadow of the stick will be on 

the north side of the east-west line 
= In the southern hernisphere the 
reverse is true: the shadow of 
the stick will be on the south 

side of the east-west line. 

= When the shadow is at its 
shortest, it is midday. 


ie 


ORIENTATION 


Tracking the movement of the sun across the sky using a 
shadow stick will provide an indication of its direction of 
travel. The sun moves from east to west at 15° an hour, 


Drive a stick inta 

a piece of level 
ground, and ensure it's 
as upright as possible. 










Wait three hours and 

place a second stone 
at the new position of the 
shadow's tip. 


Place a stone 
at the tip of 
the stick's shadow. 


The stick should 
be approximately 
3 ft Gm) high 


A Jine linking the 
two stones will 
point east-west Place the first stone 
onthe fine of the 


first shadow 


Place the 
second stone 
onthe fine of 
the second 
shadow 
o . 
A fine gt 90 degrees 
E to the egst-west fine 
will point north-south 
Draw a line between the To find north- 
stones to find east-west: south, mark 
the first stone will be at due west a line at 90° ta the 


and the second at due east. east-west line. 









TELLING THE TIME 


Once you have established the east-west and north-south 
lines, you can turn the shadow-stick apparatus into 
a sundial, to give an approximate idea of the time. 


Place the stick at 
the intersection 
of the north-south 
and east-west lines 


Move the shadow 
stick inte the correct 
position on the ground 










Tie a piece of cord 

to the stick, Attach a 
smaller stick to the other end 
of the cord and use it to draw 
an 180-degree arc between 
the two marker stones, 









Draw an are 
between the two 
marker stones 





The shadow 
touching this notch 
indicates that it is 
roughly Spm The central notch 
represents Roon 


Divide the arc into 12 equal sections 

and mark each division with a notch. 
The notches represent one hour of time, from 
éam to 6pm with noon at the middle notch. 


USING THE STARS 


NATURAL NAVIGATION fi 


USING THE MOON 


It's possible to orientate yourself by spotting certain recognizable stars. In the Reflecting the light of the sun, the 


northern hemisphere, Polaris is located above due north on the horizon, from 
which you can determine east, west, and south, Find it by locating the Plow 


moon rises in the east and sets in the 
west, so can be used for orientation, 


(also known as the Big Dipper). In the southern hemisphere, you can work out A shadow stick will work on a 
the approximate position of south on the horizon by finding the Southern Cross, cloudless, full-moon night. 








NORTHERN HEMISPHERE SOUTHERN HEMISPHERE CRESCENT MOON 

Find the Plow and project a line from the Project a line from the longer axis of the Although not an entirely accurate method, 
top of the two stars that form its front, Southern Cross until you find adark area | aline vectored between two horns of a 
Follow this line until you find Polaris, of sky, Project asecond line at 90° from cerescent (quarter) moon will lead to a 
which |slocated approximately four the mid-point between two bright stars in | point that is approximately south on the 
times the distance from the Plow as the the Centaurus constellation, Due south is horizon in the northern hemisphere, and 
distance between its two front stars, below the point where these lines meet, roughly north in the southern hemisphere, 





USING AN ANALOG WATCH 

Tf you cari see the sun, you can use an analog watch as a protractor 

to determine an approximate direction. Ensure it is set to the correct 
local time and that you have taken daylight savings (DST} into account. 
If you don't have a watch but know the time, simply draw a watch face 
on apiece of paper, marking 12 o'clock and the haur hand. This method 
is increasingly less effective as you near the Equator, 


Bisect 






the angle $ cue NORTHERN 
ee Neue ond HEMISPHERE 
hand-and ( i toward In the northern hemisphere 
I2 o'clock the sun the cardinal point nearest 
a to the sun is south. Point 
*s the hour hand of your 


watch at the sun and bisect 
the angle between the hour 
hand and 12 o'clock. This 
will be due south. 


le Pointthe SOUTHERN 
angle pet weer IZ oclock 
12 otlock and mareee HEMISPHERE 
toward In the southern hernisphere, 





_ the hour hand 





the sus the cardinal point nearest 
to the sun is north, Point 
the 12 o'clock marker on 
your watch at the sun and 
bisect the angle between 
12 o'clock and the hour 
hand on the watch. This 
will be due north, 








NATURAL SIGNPOSTS 


Nature responds to the elements in a range 
of ways, some of which can be studied for 
orientation tips. This is useful if you know 
the predominant wind direction of an area. 


TREES AND PLANTS 

a Windswept trees point away from the wind. 

= Tree growth is most lush on the side that faces 
the sun (south in the northern hemisphere, north 
in the southern hernisphere). 

a Some plants, such as the barrel cacti, twist 
toward the sun as they grow. 

a lWloss and lichen grow out of direct sunlight, 

on the shady side of rocks or trees, 


ANIMALS AND INSECTS 

= Invery windy areas, small animals and birds 
tend to nest or burrow-on the lee-side-of hills, 

= Spiders spin webs out of the wind, so an area with 
alot of broken webs could indicate a recent change 
of wind direction, away from the dominant wind, 


SNOW AND ICE 

= In powder-snow conditions, snow “dunes“ 
often form parallel to the prevailing wind, 

= Frast erasion is most severe an slopes facing 
the sun (south in the northern hemisphere, 
north in the southern hemisphere). 
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HOW WEATHER WORKS 


CHANGES IN THE WEATHER can have a significant effect 
on your expedition—or chances of survival if something goes 
wrong—so It’s important to be as prepared as possible for all 
the conditions you might face. Check the weather report for 
the days ahead thoroughly, and pack and wear appropriate 
clothing. If the weather forecast is so bad that it could 

make traveling or navigation difficult, rethink your plans. 


UNDERSTANDING THE WEATHER 


Weather is created by the movement of air currents, the moisture 
content of the air, and the meeting of warm and cold fronts. 
Looking at weather maps before you leave for your trip will help 
you track these elements. You'll then need to use your understanding 
to forecast the effects of these movements on the ground, 


READING WEATHER CHARTS 


It can be helpful to compare weather charts with regular topagraphic 
land maps, Just as the gradient is steeper where contour lines appear 
closer together on land maps, the wind is stronger where isobar 
contours appear closer together on weather charts. 


















Fronts move 
inthe direction 
that their 
symbols 

point toward 


Areas of high 
pressure are 
generally 
associgted 
with waren 


weather HIGH 


A blue fine 
with trigngles 
represents q 
cold front, 
and marks the 
Jeading edge 
of cold alr 


HIGH PRESSURE 

Under conditions of high 
pressure, air descendsina 
spiral forrnation, and warms. 
The water vapor does not 
condense into clouds and 

we would expect to observe 
fairly clear siies, 








WHAT IS WEATHER? 

The term “weather” relates to 
current conditions on the 
ground—such as the temperature, 
and whether or not tt is windy or 
raining—while “climate” refers to. 
a region's conditions over a longer 
period of time. Changes in the 
weather are caused by alterations 
it aif pressure and temperature. 
Extreme weather, such asa 
hurricane, occurs when these 
changes are more marked than 
usual. Weather is monitored by 
meteorologists, and very accurate 
predictions can be made. However, 
weather can still cause surprises, 
so always prepare for all possible 
scenarios when packing or 
dressing for an expedition, 


\ equ! 


Areas of low 
DFOSSLIFS are 
associgted with 
cooler weather 


Oecluded fronts 
are fronts 

where two air 
masses merge 


The jower the 
value of the 
central pressure, 
the more severe 


A red tine with 
serm-elveles 
represents q 
wari front, 
and marks the 
Jeading edge 
of warn air 
Isobars join 
avegs where 


the qir pressure 
is the same 


LOW PRESSURE 

Under conditions of 

low pressure, air spirals 
upward—parallel to the 
center of the isobars—and 
cools, The air condenses 
to form clouds, and skies 
are usually overcast. 


the wind and rain 


GLOBAL CIRCULATION 


Warm air trom the equator rises 

and moves toward the poles in each 
hemisphere. As it cools it descends and 
travels back toward the equator, Because 
of the Earth's rotation, three separate 
cells of circulating air in each hemisphere 
develop, which produce predictable wind 
and pressure patterns. 

AIR MASSES 

Large bodies of air with a particular ternperature 
and humidity help weather forecasters predict 


Cells develop 


because of the 


Earth's spin 


Nr 
U 
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The Eqrth’s rotation 
equses winds in the 
northern hemisphere to 
be deflected to the right 


‘| Airis 
continually. 
hegted at 
the equator 


masses. They are largely defined by the area that 
they originated from. In general, northerly winds 
are colder than southerly winds, and air that 
has tracked over the sea (“maritime air mass‘) RC 
accumulates moisture and is more cloudy than . 
air that has tracked over the land (‘continental 





rotation cquses 
winds in the: 
southern 
hemisphere 

to he dafiected 
to the left 


the forthcoming weather and are known as air {\ 


air mass"). The boundaries between tropical 
and polar air become warm and cold fronts. C¢ ie 





ON THE GROUND 


As a weather system travels over the ground, it 
changes in predictable ways, Knowing how the system 
will progress is an important part of interpreting your 
weather map or forecast. 



















TE The region between the fronts is Approaching high 
Cold front known as the "warm sector” The cloud often indicates 
surface pressure is steady and the q warm front is on 
sky generally remains overcast the way 
with vain and dvizzle 
Clouds condense 
and fall qs rain 
The air cools and water 
vapor condenses to 
Wns inaneases form cloud and rain 
and moves upward dong the boundary 
Pressure rises 
sharply and large As the warm a 
Cold air clouds start to form advances it rises a 
over the cooler 


air ahead. Pressure 
falls steadily 





As the vat fails, 4 

clouds begin to 

disperse behind j 

the front The cold air 
undercuts the 


warm gir ahead 


Warm air i 
and ifisit Warm front Cold air 
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WEATHER PHENOMENA 


LOOKING AT THE CLOUDS can help you to read approaching  ——<—$<$<<<=, 1 


weather, which is invaluable when you're on the move with 

no access to weather forecasts or charts. Knowing how to 
recognize a storm cloud, for example, will ensure that you 

have enough warning to seek shelter or to change into 
appropriate clothing. If low cloud threatens to impair your 
visibility, use your compass to navigate and proceed with caution. 


READING THE CLOUDS 


Clouds are condensing masses of water vapor that provide 
precipitation and reflect solar radiation. They are categorized by 
height—into low, medium, and high clouds—and further defined 
by their shape, The shape of a cloud is determined by the way in 
which warm air rises, and is an indicator of the air stability. 







HIGH CLOUDS 
Fair-weather clouds are white and high 

in the sky. Tf there are no clouds, expect 
excellent conditions. Blankets of high cloud 
progressively invading the sky can signify the 
onset of bad weather, High clouds include: 

= Anvil of cumulonimbus 

@ Cirrus 

= Cirrustratus 


| 18-40,000 ft 
| 5-12,000 m) 


MEDIUM CLOUDS 

Thick layers of medium-layer cloud give 
heavy, persistent rain, especially if the clouds 
are dark and gray. The clouds you are most 
likely to see at this level are 

= Altocumulus 


= Nimbostratus | _ 
= Altostratus i 
1 


nan Jpeg -------------- 


: os 


c] 
i 


H ad 
{ 718,000 ft 
i (@-5,000m) 


ly ' 
LOW CLOUDS i A 
Low clouds have clearly defined edges and 
can indicate whether rain will fall in short lhe 
downpours (cumulus) or persistently H 
(stratus). Common clouds are: 
= Cumulonimbus 
m Stratus 
= Stratocumulus 


= Cumulus 


i 06-7000 ft 
| (O-2,000 mm). 





HOW CLOUDS FORM 

Clouds fort by a cooling process. This 
process can be compared to breathing 
oti cold glass, when condensation 
appears because invisible water vapor 
in your breath, cooled to a temperature 
known as the “dew point,” condenses 
into its visible liquid state. Clouds form 
ina very sitnilar way. Air temperature 
falls at. an average rate of two degrees 
celeius per 1,000 ft 300m). When air 
containing moisture—perhaps because 
it has travelled over sea—reaches the 
height at which it meets its dew point 
temperature, the water vapor condenses 
to fortn visible cloud. 


———— 
























WEATHER RISKS 


The weather can have a massive impact on your trip, bringing with 
it added dangers. It can affect your visibility levels, and the safety of 
the ground you're hiking over. Ina survival situation, the temperature, 
and whether or not it's raining, can have a huge effect on your chances. 








Ffyoucanotsee 

where you gre 

going it’s best 

to stop walking 
HEAVY RAIN FOG 
Tf heavy rain falls quickly, the ground Essentially a cloud in contact with 
may become saturated, slippery, or the around, fog reduces visibility, 
flood. Seek shelter or proceed so beware of dangerous terrain, 


cautiously in waterproof clothing. especially on mountains. 





Resembting fine strands, cirtus 
is made fromice crystals as the 
cloud forms at temperatures 
wel! below freezing point 


Altocumulus develops assmall  QFten following altostratus 
cellular elements, It signifies clouds, nimbostratus clouds 
fairly deep Instability. Whenlt can cquse moderate to heavy, 
resembles castle battlements | narsistont vain 
thunderstorms are iikely 


Stratocumutus cloud 
covers the sky inant 
ivregular shest that can 
be either gray or white in 
color These clouds can 
lead to drizzle or snow 


Dense, gray stratus cloud 
covers the sicy ina sheet 
Raincan fall continuously 
ang for jong periods of tine 
if the cloud has depth 


WEATHER PHENOMENA Sl 


, 


WARNING! 

Never shelter under a solitary tree 
during a lightning storm—get in your 
vehicle if possible or find low ground. 


ee 





LIGHTNING 
Lightning is an atmospheric discharge 
of electricity—it will strike the first 
object it encounters an its route to 

earth, so avoid high, exposed places. 


Thick, bigh lovers of citrustratus 
progressively invading the skys 
ave the first sign of an 
approaching warm front 

and deteriorating weather 


Altostratus forms ¢ vast 
Bianket that often shrouds 
the sii completely are 
generally indiegtes an 
approgching warm front 





Cumutus clouds offen develop 
on bright sunny days jn slightly 
unstable qivmasses. As feng qs 

these bifowing, puffy clouds keep 
their form, they— along with blue 
sky—indicate good weather 


82 ON THE TRAIL _ FIND YOUR WAY 


UNDERSTANDING 
LOCAL WEATHER 


WEATHER IS AFFECTED—and can be predicted—by the local geography 
surrounding you. High ground forces air to rise and cool, and the relative 
temperatures of land and sea produce predictable effects. 






Dry air 
descends and 
Vater vapor warmsat o 
REGIONAL EFFECTS fallsasratact rate of 37°F 
Air coals at the summit {3 °C) per 
It helps to understand how these predictable weather ee Ma 1000 ft 300m) 
patterns occur in various geographic areas. They may oe ah BOOm) ay 
influence your decisions when on the trail. of 37°F GC) ~ 
per 1000 ft oa 
(300m} B 


THE FOHN EFFECT 


The leeward side of high ground is warmer and more sheltered 
than the windward side. Air rises as it travels over obstacles 
and, if the air contains moisture, the water vapor condenses to 
form cloud once cooled to a certain level, The air loses water 
at the surmmit, then descends and warns on the leeward side. 


ANABATIC AND KATABATIC WINDS 
Winds that flow up and clown slopes during certain 
atmospheric conditions are known as “anabatic” and 
“katabatic.” They typically occur in mountainous regions. 







ANABATIC WINDS 

During the day, the surface of sloping terrain heats up. The air 
rises and creates a gentle upslope breeze. Anabatic winds are 
lighter than katabatic winds because they act against gravity, 


KATABATIC WINDS 

Katabatic winds form on clear nights with a light breeze. Air in 
contact with the ground cools and its density increases, causing 
it to flow cown the slopes of the hillside. 









SEA AND LAND BREEZES 


Sea breezes often develop along coastlines on clear sunny 


days, whereas land breezes tend te develop along 
coastlines on cloudless nights. 





=> Air wormed by the lend 
rises, then cools as it 
Heated afr crosses the sea 
rises, then falls In daytime, 
as if coals ——ee the seats 
cooler than 





| the tand 






Ler gs = 2 
SEA BREEZE 
Wart air rises over land during the afternoon, drawing in cool 
air to replace It along the coast The result af this coastal air 
circulation by day is a wind that blows from sea ta land. 





LAND BREEZE 
At night, the sea becames comparatively warmer and air begins 


to rise. Air from the neighboring land is drawn toward the sea. 
The result is a wind that blows from land to sea. 


NATURAL WEATHER 
FORECASTERS 


These natural indicators are based 
on observation and can be useful 
if you have no alternative means 
of predicting the weather. 


LOOKING AT THE SKY 

a if the sky is red at dawn there is 
moisture in the air. and a potential 

storm aheac, A red sky at night often 
indicates good weather ta come 

e A rainbow usually indicates qood 
weather is an the way, or a light shower 


PLANTS AND FLOWERS 

= The scent of plants and flowers is 
often stronger before rain. 

= Certain flowers, suchas Scarlet 
Pimpernel anc Morning Glory are saic! 
to close up if bacl weather is on the way, 
= Pine cones are one of the best natural 
forecasters—their scales absarh 
moisture in the air and close up if wet 
weather is appraaching, and unftur! 

In Gey air, 







Closed cone 
indicates 
approaching 
wet weather 


R Oper core 
Indicates 
dry air 


WATCHING ANIMALS 

# Animals migrating from high to 
low areas may indicate that.a storm 
ison the way. 

® Cows-o7ten lie down before it rains. 
® Wool reacts to moisture in the sir by 
swelling and straightening, [t shrivels 
in ory weather cancitions. 

® Humans can also sense atmospheric 
changg—some people suffer neacaches 
before a thunderstorm. 


CHANGING WEATHER 


Watch out for alterations in the 
wind direction or strength as 
this may lead to a change in the 
weather A dry, steady wind that 
changes direction or decreases in 
strength often indicates that vain 
is on its way. 





UNDERSTANDING LOCAL WEATHER 


THE BEAUFORT SCALE 


Providing visual references for the effects of wind speed on land and 

at sea, the Beaufort Scale was designed by Sir Francis Beaufort in 1805. 
It provides a simple way of estimating wind speeds without the need 
for equipment, and is still in common usage today. The scale ranges 
from calm to hurricane, and is numbered from zero to 12. 

















“BEAUFORT WIND WIND SPEED = WIND EFFECT ON 
NUMBER DESCRIPTION MPH (KPH) LAND AND AT SEA 
Calm i} Smoke rises vertically, 
(0) Sea like a mirror. 
Light air 12 Smoke drifts gently. 
il (13) Sea yipples like scales. 
Light breeze 3-f Loaves rustle. Wind felt on skh. 
o (4-1) Small wavelets, 
Gantle breeze 8412 Laaves and twigs mave. 
3 (12-19) Large wavelets with scattered 
whitacaps, 
Moderate breeze 13-18 Small branches move, 
vAl (20-25) Small waves with frequent 
yhitacaps. 
Fresh wind 19-24 Small trees begin to sway. 
io) (20-29) Moderate waves with some 
foam and spray. 
Strong wind 25-31 Uribrallausage is dificult. 
(40-50) Large waves of 10 #t mi 
with some spray. 
Near gala 32-38 Whole trees sway. 
Fi (51-61) Sea heaps up and foam 
begins to streak. 
Gale 39-46 Walking is difficult. 
(62-74) Moderately high waves 
of more than 18 ft (mn). 
Severe gale Ay-54 Damage to roofs. 
(75-87) High waves with toppling 
crests. 
Storm 55-63 Trees uprooted or broken otf. 
ice) (88-101) Very high waves and sea 
surface appears white, 
Severe storm 64-74 Houses damaged. 
1 1 (102-119} Exceptionally high waves 
of more than 38 tt (11m). 
Hurricane More than 75 Buildings destroyed. 
ik ? {More than 12D) Huge waves of more than 
46 FE (4 mn), 
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MOVE 


While some survival situations 

are simply unavoidable, many are 
entered into because basic techniques 
relevant to a particular mode of 
transport have not been followed 
correctly. This could be due to a lack 
of knowledge, a loss of concentration, 
an individual's over-confident belief 
in his or her own equipment or skills, 
or as a result of sheer recklessness. 
Therefore, before you venture into 

an unfamiliar environment, make sure 
that you carefully research the type 
of terrain you will be encountering 


and investigate the best method of 
traveling safely and efficiently across it. 
Knowing the correct techniques for 
scrambling up a mountain or walking 
down a steep hillside, for example, 
could mean the difference between an 
enjoyable day out and a life-threatening 
survival situation arising from a 
fractured ankle in a remote location. 
Equally, being able to regain control 

of your vehicle after it has entered a 
skid could quite simply save your life. 
Thoroughly researching the terrain 

will also allow you to select the correct 


In this section BOA GIT) iye0)'7s- ae 


how to make a paddle (so you're never up a creek without one)... 
the difference between your finger shelf and your hand jam... 


how to pull your own pulk and scramble over scree... 
when to blaze a trail or ski without skis... 


how to tell your front-wheel skid from your skidoo... 
when to let the camel train take the strain... 
how chewing gum can stop that sinking feeling... 


[1] Ericsson, Ericsson Mobility Report, November 2015, available at: http://www.ericsson. 
com/res/docs/2015/mobility-report/ericsson-mobility-report-nov-2015.pdf 

[2] Gartner, Gartner Says the Internet of Things Installed Base Will Grow to 26 Billion Units 
By 2020, December 2013, available at: http://www.gartner.com/newsroom/id/2636073 

[3] Ericsson, White Paper: Machine-to-Machine — exploring potential operator roles, 
September 2014, available at: http://www.ericsson.com/res/docs/whitepapers/wp-m2m. 
paf 
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equipment and most appropriate 
clothing, and enable you to familiarize 
yourself with the survival techniques 
relevant to a particular environment. 
Whether you're planning to travel 
on foot, by boat, on horseback, in a 4WD 
vehicle, or by boat, you must consider 
not only your own capabilities and those 
of other members of your team, but also 
the capabilities of your equipment. 
Remember, pushing anything beyond 
its limits—whether that be a person, 
an animal, or a vehicle—will invariably 
lead to it failing. 


A walking staff is one of the 
simplest yet most important survival 
aids you will ever need. It’s the first 
piece of equioment to improvise should 
you find yourself in a survival situation. 


THE “SURVIVOR’S THIRD LEG” —as 

a walking staff is also known—increases your 
ability to support yourself by allowing you to have 
two points of contact with the ground at any one 
time. This will reduce the chance of you slipping— 
a crucial factor given that your ability to walk is 
your main means of rescue; reduce your mobility 
and you seriously reduce your ability to survive. 


A versatile tool, your survivor's third leg can 
be employed in many different survival situations. 
Among its many uses, it can be employed to: 


= Support you as you walk 

= Protect your face when you're walking through 
thickets or gorse 

= Check for adequate support when crossing 
marshy ground 

m Test the ground ahead for obstructions 

= Check the depth of water when you're crossing 
streams and rivers 

= Protect you against wild animals 

= Form a ridgepole for your shelter 

® Help you with your pace counting 

= Spear fish or catch game 

= Dig up roots or plants 
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TRAVELING ON FOOT 


HIKING IS A GREAT WAY to explore wilderness 
terrain. It’s important to have a decent level of 
fitness before you set out, and to wear and carry 
appropriate clothing and equipment. Hiking requires 
basic skills—using the correct techniques will help you 
move more efficiently, and ensure that your trip is safe. 


BASIC WALKING 
SKILLS 


Aim fora slow, even pace that 
can be maintained for the duration 
of the hike by all members of the 
group. A good way to maintain 
this pace is to develop a hiking 
rhythm. Take regular rest breaks 
and, if you're walking in a group, 
ensure everyone knows the route, 


When traveling uphill, lean 
forward slightly, maintain your 
momentum but shorten your 
stride. When pushing upward, 


= Carry a walking staff for 
support as you ascend. 

= Move your legs forward 
from the hips. 


Deep tread 
grips the ground 
and reduces slipping 





DOWNHILL 
TECHNIQUES 


Walking downhill can place a 

lot of strain on your thighs, 
knees, and ankles, especially 
when you're carrying a heavy 
backpack. Be careful not to lose 
control or gather too much speed. 
= Use your arms for balance. 

= Maintain a steady rhythm. 







































UPHILL TECHNIQUES 


keep your feet flat on the ground. 


Make sure your 
backback fits 
properly for 


Swing your 
arms for 

momentum 
and balance 


Break in new 
boots before 
long hikes to 
avoid blisters 


WALKING AT NIGHT 


Unless you're in the desert and it’s 
cooler ta move in darkness, avoid 
walking at night because of the added 
risks posed by navigational difficulties, 
and predators that hunt at night. If 
there's no alternative, try the following: 
= Use your flashlight or improvise a 
torch by setting alight some birch 
bark or similar, 

= If this isn't possible and you've time, 
close your eyes for 20 minutes to 
allow them to adjust to night vision. 

= Use your walking stick or pole to feel 
in front of you for obstacles, tripping 
hazards, or sudden drops in the ground, 
= Keep your pace slow and deliberate, 
and check your compass regularly. 
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NEGOTIATING DIFFICULT GROUND 


One of the most challenging terrains to hike 
over is “scree,” a mass of small rocks that slides 
underfoot making uphill and downhill travel 
difficult. The slippery nature of the surface can 
make progress slow, and care should be taken 
to avoid falling and injuring yourself. Hiking 

on scree is hard work, but using the correct 
techniques will help you to advance confidently, 
efficiently, and safely. 


TRAIL MARKERS 


Your map and compass should be your primary method 
of navigation, but keep an eye out for trail markers, or 
“blazes,” during your hike. 
Fr Trails are 
coded using 


colors or 
symbols 
























Arrows 
indicate 
direction 








TRAVERSING SCRE Ree SIGNPOSTS 
etree teal Trail blazes painted onto Made from wood, metal, or 
and look Tor a patn tha rocks and boulders are plastic, these signposts are 


contains similar-sized rocks. 
Walk sideways across the 
slope, taking small steps 
and testing rocks for 
stability before placing 


especially common in rocky —_ particularly useful in areas 
terrain. They may belowon where there are few rocks 
the ground so look carefully, or trees on which to blaze. 


Stacks 





your full weight on them. TOueron 
Rocks at the edge of the Agee The same 
slope are likely to be larger sign may 
and more stable indicate 
several 
ASCENDING SCREE Ae siete 
Tread carefully, kicking your toes into the slope and 2 Pe — i : 
testing the step before transferring your weight to that CAIRNS | DIRECTIONAL SIGNS 
leg. Alternatively, walk with your feet splayed, placing Piles of rocks, known as When reading markers, look 


your weight on the inside of each foot. 


DESCENDING SCREE 

"“Screeing” downhill combines sliding with slow-motion 
jogging. When you have the technique it can be great 
fun, but avoid larger rocks to prevent anlle injuries. 


“cairns,” aredesigned tobe — out for painted arrows or 
visible in thick fog. Their size variations in the blazing, such 
can vary from a few rocks as abend. This indicates a 

to alarge stack of boulders, change of direction in the trail, 







Face the Stay as 
direction upright as 
of travel possible 








Use your 

arms to 
brea 
your fall 


lad |) 


Keep your 









Use your 
es for knees bent 
balance as ff you're 





y aa <e: i = 
~ ee: ees Sea : Ces 
Ensuring the scree is fine and As you build up momentum and If you lose your balance 
deep, use gentle hops to launch rhythm, dig your heels into the temporarily, use your arms 


yourself down the slope. Keepbalanced slope and slide a short distance with to steady yourself, relax your 
and let gravity do the hard work. each step, avoiding leaning forward. knees, and continue your descent, 
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CROSSING RIVERS 








RIVER CROSSINGS ARE DANGEROUS and should be avoided / \ 
nless absolutely necessary. In a survival situation, once you are REINS Belts 
‘ oy : ny eee _ wale oe Wear footwear when 
cold and wet—which can lead to hypothermia—it is hard to get wading to protect your 
warm and dry. Always check your map for routes around the i from rocks and other 
: : ; : atigers. Retnove pants 
river, and choose the safest available crossing point. to keep them dry and 
decrease resistance in 
CROSSING SAFELY the water Use a walking 
staff for added support. 






Before you get into the water, make sure you have a change of clothes or means 
of getting dry on the other side. In cold conditions, collect everything you need 
to get a fire going (tinder, kindling, and dry wood), and keep this dry as you cross. 








Trees on the opposite 






bank ide sholt 
CHOOSING YOUR CROSSING POINT fom the wind qlter 
Walking upstream generally leads to shallower water, but be aware that exiting the water 






even shallow water can have strong currents, as can water that looks calm 
on the surface. Always check for bridges further up- or downstream. 












Exposed rocks Avoid crossing Watch out for Always assess how 







can be dangerous if on the outside unusual variqtions fast-moving the 
you siip onto them of bends where Jn the flow of the water is, and use 
water flows faster water—there may your walking staff 
be rocks beneath to assess depth 






THIS gravel shoal can he 
a good halfway point, but : 
be aware of fast-flowing Ps 






Cross downstream 
of debris or fallen 
trees, as it Is easy 
to get caught 

up and dragged 
under the water 
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WADING WITH OTHERS an Y 


Crossing in a group is safer than crossing alone, Linking your arms together WARNING! 

creates a stronger, more stable structure against the current and provides Never cross white water, or rivers that have 
backup for anyone who falls. Loosen the straps of your backpack, and place flocded. In these situations it is safer not to 
only one arm through them, so you can release the pack quickly if you Tall, ' cross at alll than to risk injury. 







Place yor 
Enc a - Loosen the The lightest The persen bearing 


Lean inte the : 
each other's straps of your DeFSON CFASSES the main farce of the 


center slightly 




















shoulders backpeak in the middie current takes the lead 
DIRECTION DIRECTION 
OF TRAVEL OF TRAVEL 
» 4 »~ 4 
< The strangest « 
persen hears 
DIRECTION _ the main force DIRECTION 
OF CURRENT ~ of the water / P OF CURRENT 
CROSSING IN A HUDDLE CROSSING IN A LINE 
Positioning the strongest person upstream, with the others Keeping well balanced, cross the river perpendicular to 
providing stability and support, link your arms tightly and the current. Move slowly and position each step carefully 
take short, deliberate steps across the river. to avold being swept away by the force of the water, 
WADING ALONE 
Wading across a river alone is not ideal, but f you have CROSSING WITH ROPES 
no option then your walking staff or “survivor's third leg" | Using ropes is a good option for dangerous crossings, 
(see p. 72)—or simply any long stout stick—will provide but they can get tangled, and drag you under the water, 
additional support and balance. Use it as a probe to alert Always aim for the easiest and safest option—using ropes 
you to any sudden changes of depth in the river bed. is complicated and should be your last resort. 
ieep an eye 
DIRECTION on your overall 
OF TRAVEL progress, as well 
s as on your feet 
Lean on the 
pole as you 
mmeve your feet 





Asafety" ropes tied to The safety ropeis tied to 

atree and then carried a tree and the carabina 
across by the strongest person, clipped to the safety rope, The 
who alsotakes a°crossing” rope  carabinais pulled back and fixed 
with a carabina tied centrally. to the next person to cross. 


: 


OF CURRENT ’ 
fread firmlyon 
the yiverpedto = 
prevent yourself 
from being 
‘Swept away 

WF 





USING A WALKING STAFF 4 h Thefinal ‘i 
Facing the current, wall diagonally across the river, placing iret Ue ETE PES eS 
each foot down firmly and deliberately, and leaning on your upstream of the safety fees eee 

: rope, holding it for support. the tree, wraps It around his 


walking staff for support. Your feet and your staff are 
your three points of contact—keep at least two of them 
in contact with the river bed at all times. 


Backpacks can be clipped tothe or her body, and wades across, 
carabinaand transported, too. supported by the others. 
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SCRAMBLING AND CLIMBING 
CLIMBING WITHOUT ROPES is known as “scrambling.” As with Ee 


roped techniques, the idea is to maintain three points of contact 
with the rock at all times—either two feet and one hand or both 
hands and one foot. Your legs should power the climb, with your 
arms used predominantly for balance. Proceed carefully, making 


WARNING! 

Climbing is a dangerous activity 
that should only be considered as a 
last resort. Ideally, plan ahead using 
your map to find a way around 

the obstacle. 


sure you are always balanced and confident of your next move. 





HAND AND FOOT HOLDS 
When planning your route, choose your hand and foot 
holds carefully. Don't reach too far, and test each hald 
for stability before using it to support your weight. 





EDGES 

For very small footholds, place 
the inside edge of your foot 

in the hold in the rock to take 
the pressure off your toes, 


FINGER SHELVES 

Curl your fingers over the 
rock for a secure fingerhold, 
The larger the fingerhold, 
the more secure it will be, 





LARGE POCKETS 
Placing your foot securely 
within the pocket, balance 
yourself so both your arms 
and legs take the strain, 


SIDE PULLS 

Side pulls can be used to 
maintain balance or to pull 
yourself across the rock, 
Grip the rock tightly. 





PROTRUSIONS 


HAND JAMS 

Insert your hand into the 
crack, push your thumb into 
your palm, arch your hand, 
and wedge it tightly inside. 


Tf possible, place the entire sole 
of your foot on the protrusion. 
Tf only the ball of your foot will 
fit, keep your heel low, 












BASIC CLIMBING TECHNIQUES 


Always climb within your capabilities. It's important 
not to take any risks, as it’s far safer to descend and 
start the climb again than to chance a fall. Before 

you start to climb, plan the easiest and safest route. 


SCRAMBLING 

When moving across the rock you will need to combine 
a variety of techniques to negotiate different obstacles. 
Always plan your moves several steps in advance, and 
keep three points of contact with the rock at all times. 


Take the weight of 









your backpack into Always ensure 
gecount when moving you can move 
back down 


if you cant 
move up 





MANTELLING 


The mantelling technique is used to climb overhangs 
in the rock, Use your lead ankle and then your knee to 
lever your body up over the obstacle. It’s a physically 
challenging technique, but useful, : 





Supporting jeg 


CHIMNEY ING 


To climb up the inside of large rock clefts, or “chimneys,” use 
the chimneying technique. To ascend, move your back and 
hands up the wall, and push and follow with your legs. It's 
easy to get stuck at the top so plan your exit route carefully, 





STRADDLING 

Tf the chimney Is relatively wide, you may need to alter your body 
position to straddle the gap, With aleg and arr on each wall, inch 
yourself up the rock using your legs to push your body upward, 
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iy 

CLIMBING WITH EQUIPMENT jhe fo; 
The advantages of climbing with ropes re. 
cannot be underestimated as far as safety 
is concerned, although a lot of specialized 
equipment is required. As well as 
ropes, helmets, and harnesses, 
climbers can also use screws to 
secure themselves to the rock 
as they progress each stage. 

Leqdetimber’s 
BELAY ING rope 
Belaying is a technique used 
by climbing partners to 
safeguard each other during 
a climb. The belayer secures 
himself to the rock and 
stands on a suitable ledge 
while the lead climber 
ascends, Once at the top, 
the lead climber secures 
himself and acts 
as the belayer. 


The belayer 
must watch 
the climber 
at ail times 


ICE CLIMBING 


Ice climbers utilize similar techniques to 
rock climbers, although they carry ice axes 
and wear crampons on their feet, to help 
them grip the ice. 









Use the ice 
ane to pull 
yourself up 





MOVING UPWARD 
As with rock climbing and 
scrambling, ice climbers 
ascend using power 

frorn their legs and arms, 
Crampons and ice axes 
are used to create holds 
in the rock. 

















Legs power 
the climb 


Kick the 
CFAMPONS 
securely inte 
the ice 





TRUE-LIFE ACCOUNT 


EXTREME SURVIVAL— 


IN THE MOUNTAINS 


USEFUL EQUIPMENT 





lwo-way radio 
Avalanche beacon and probe 


STEVEN GREEN, 32, AN EXPERIENCED HILL WALKER from 


Waterproof clothing Dumfries, Scotland, spent four nights lying on a remote 
on mountainside after a life-threatening fall. Suffering 
Climbing equipment, if needed from a broken jaw and fractured skull, he survived via 
apes ae a combination of good preparation, quick thinking, 

Viap, compass, GPS : ; ‘ 

Survival tin, bushcraft knife and improvisation. 

Cell/satellite phone 





Poncho/b 


vy Sack 


On Thursday, October 7, 1999, Steven set out alone for a trek in the 
hills of Wester Ross in the northwest Highlands of Scotland. He was 
well equipped with, among other things, a cell phone, bivy sack, pita 
bread, and water—and had taken the wise precaution (or so he thought) of informing 
his girlfriend of his intended route. 


Following an all-day trek and an overnight camp,he was “HE SLIPPED ON 
descending the mountain on Friday when he slipped on WET GRASS AND 
wet grass and fell down a waterfall, coming to rest in the FELL DOWN A 
shallow, rocky riverbed. He knew he would not survive for 

long in the cold water so, despite being in intense pain, he WATERFALL" 
crawled to the relative safety of the bank, then wisely got 
into his bivy sack for warmth and waited. He sustained himself by eating pita bread, 
which he softened in water because he couldn't chew. His phone was damaged in the 
fall so he was unable to call for help. When he failed to return home on time, the alarm 
was raised by Steven's girlfriend, but she had forgotten to write down his intended 
route so no one knew his exact location. 


Steven experienced a further four days and nights of exposure while local and RAF 
rescue teams and search-and-rescue dogs combed the mountains for him. As the days 
passed they feared the worst, but when they located Steven on Tuesday morning— 
after finding his car and, inside it, his route map—they found him in good spirits. At 
hospital Steven was diagnosed with a fractured skull, broken jaw, missing front teeth, 
cuts and bruises, and a leg injury—but he was alive. 





WHAT TO DO 


ARE YOU IN DANGER? 
<—& NO YES => 


ASSESS YOUR SITUATION 
See pages 234-35 


Get yourself out of it: 
Elements—Find or improvise 
immediate shelter 
Animals—Avold confrontation and 
move away from danger 
Injury—Stabilize condition and 

we apply first ald 


Tf no one knows you are missing or DOES ANYONE KNOW YOU WILL BE 
where you are, you will need to MISSING OR WHERE YOU ARE? 


notify people of your plight by any , 
means at your disposal < NG YES > 


Tf you are in a group, try to help 
any others who are in danger 


If you are missed, arescue 
party will almost certainly be 
dispatched to find you 


DO YOU HAVE ANY MEANS 4 
OF COMMUNICATION? ‘ 
serious enough to be worthy of 


& NO YES 
emergency rescue, and you have a 
» Personal Locator Beacon (PLB), you 
CAN YOU SURVIVE should consider this option 


WHERE YOU ARE? * 


NO YES 


Tf you have acell or satellite phone, 
let sorneone know: your 
predicament. If your situation is 


You are faced with surviving for 
an indefinite period—until you 
are located or you find help 


Tf you cannot survive where you 
are and there are no physical 
reasons why you should remain, 
you will have to move to alocation 
that offers a better chance of 
survival, rescue, or both 


Address the Principles of Survival: 
Protection, Location, Water, Food 


DO ‘ YOU WILL | ’ DO 


HAVE TO 
MOVE ** 


= Keep all clothing dry and clean ™ Select a shelter site that offers 


® Collect drinking water from 
fast-moving streams; filter and 
disinfect If you have the means 


protection from the elernents. Build 
it no bigger than Itneeds to be 


@ Fill plastic bags or spare clothing 


= Be on constant lookout 
for signs of cold-related 
injuries such as frostnip, 
frostbite, and hypothermia 
® Regulate your clothing to 
avold overheating when 
moving and hypothermia 
when static 

= Use awalking staffto 
aid safe movement 

= \Watch the weather 
closely and be prepared to 
change your plans at short 
notice—mountain climates 
are highly unpredictable 

& Improvise shelter when 
not on the move 


DON'T 
@ Descend hills in a careless 
mariner; zig-zagging across 
hills is less tiring and puts 
less strain on leg muscles 
m Travel at too fast a 
pace—high altitude equals 
less air and this will place 
greater dernands on even a 
fit person 
= Sweat too much, as the 
moisture will chill you further 
= Ignore any opportunities 
to collect dry tinder/kindling 


DON'T 


= Allow your extremities 

to get too cold as those 
areas are most susceptible 
to frostbite 

w Overlook the dangers of 
carbon monoxide poisoning 
in cramped shelter, Don't let 
candles, stoves, or fires burn 
all night 

= Breathe on your hands to 
warm thern up: you are 
exhaling warm air that you 
will have to replace with cold 


with dry follage and use as 
amattress or pillow to 
insulate you from the cold, 
damp ground 

@ Deploy all your aids to 
location and prepare for 
immediate use 

& Check upstream for the 
quality of your water source 
® Light afire and (ifina 
group) take turns tending It 
to keep it going all night 

= Continually re-assess 
your situation and adapt 
your actions as necessary. 
= Beconstantly alert for 
signs of rescue 


* Tf you cannot survive where you are, but you also cannot rove owing to injury or other 
factors, you must do everything you can to attract rescue. 
* Tf yoursituation changes (for instance, you are “moving” to find help, and you finda 

. Suitable location in which you can stay ancl survive) consult the alternative "Do" and "Don'ts." 





9 4 ON THE TRAIL __ MAKE A MOVE 


MOVING OVER SNOW 


PREPARATION IS ESSENTIAL when hiking over frozen 
terrain. Not only must you be physically fit—the conditions 
make for slow, exhausting progress—but you must also 

have the right equipment and know how to use it. Wearing 
snowshoes or skis, and breathable and layered clothing to 

requlate your temperature, is essential. With the correct 
techniques you can hike safely and enjoy the surroundings. 


(<<a 


WARNING! 

Walking over deep snow without snowshoes 
is called “post-holing” and should be avoided 
unless absolutely necessary. Sinking into the 
snow will leave you exhausted and very wet, 
which in cold conditions can quicldy lead to 
hypothertnia. The exertion can also cause 
Sweating and a dangerous reduction in your 
body temperature when you stop. 








SNOW AND ICE 


Knowing how to deal with different 
types of snow and ice is invaluable 
when hiking over frozen terrain. 


DEEP SNOW 

= Tf ina group, walk in single file and take 
turns at the front: the most strenuous 
position, as you're creating the path, 

= Avoid rocks—in spring, they absorb heat 
and the snow above becomes unstable, 


FROZEN CRUST 

= Use a walking staffto test the snow 
ahead, An ice crust above deep snow may 
take your weight, but progress carefully, 

m Later in the day you may come across 
melted depressions, called “sun cups.” Cross 
on the rims to avoid sinking into the snow. 


SLOPES 

= Kick firmly into the slope and test 

your weight before ascending. When 
descending, you can use a technique called 
“boot skiing” (skiing without your sls), 

= Choose your route based on the 
conditions: travel in straight lines if you are 
able to, or in zig-zags if the terrain is steep. 


ICE 

= Always progress carefully, using your 
walking staff to test the ice, especially 
over rivers and lakes, If in a group, rape 
yourselves together for safety, 

= Wear crampons for extra grip, On very 
steep slopes, use your ice ax to cut steps. 
= Use your ice ax to halt a fall by turning 
to face the slope and digging it into the ice. 


GLACIERS 
= Never attempt to cross glaciers without 


a guide—glaciers require specialized skills, 


WAYS OF TRAVELING 


When traveling over snow, your main aim is to get to your destination as 
safely as possible, without expending too much energy or losing too much 
body heat. Methods range from improvised snowshoes to motor vehicles, 





USING SNOWSHOES AND SKIS 
Snowshoes and skis are an effective way 
of traveling over snow. They work by 
spreading your body weight over a 
larger surface area, which enables 
you to walk on the surface of the a 
snow rather than sink into it. S$ 
Always set off cold, as 
you'll warm up quickly, 
and add or remove 
layers as required. 





Ski mask 
protects 
Your eyes 
from glare 













Wear a backpack to 
keep both arms free 










breathable 
clothing so 

















The shoe 's ability you don't 
to pivot reduces overhogt 
drag and improves 






maneuverability 









Waterproof 
pants or 
gaiters keep 
your legs dry 


Snowshoes 
stop you from 
sinking into 
the snow 


cea 






Sid poles can 
be used to 
test the 
snow ahead 
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MAKING IMPROVISED SNOWSHOES 


If you don't have any pre-manufactured snowshoes—for example, in 

a survival situatian—you can make some very simple shoes to help you 
negotiate the snow more effectively, using your knife, some green wood, 
and cordage. They may take time to build, but will 
save time and effort in the long run. 








Lash the ends Cross-plece for 
together securely ball of foot 


Cut five lengths of green wood. They should be as thick as your 
thumb and the same length as the distance from your foot to your 
armpit. Cut three shorter lengths for the cross-pieces. 


= Lash the ends of the five longer pieces together securely using cordage, 


= Calculate where the ball of your foot will be positioned on the shoe and 
lash a cross-piece across the five lengths. Ensure the shoe will balance. 


Additiona! cross- 
piece for your hee! 


lashing 





Front lashing 





Lash the five loose lengths of wood together at the back of the shoe, 


It's important to make this lashing as secure as possible. 
= Fix the second cross-piece roughly 2 in (5 cm) behind the first. 
m Lash the third cross-piece where your heel will rest. 
m Repeat steps 1 and 2 to make a second shoe before progressing to step 3. 


Attach your foot so 
your heel can lift off 
the shoe slightly 


Place your foot on top of the snow shoe, ensuring that the ball 

of your foot sits directly over the front cross-piece and that your 
heel is positioned on the back cross-piece. 
= Tie your boot to the snow shoe using whatever cordage you have, lout 
ensure the heel is allowed to remain free to pivot. Repeat for the other foot. 
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ALTERNATIVE METHODS 
These alternative methods will also 
spread your weight on the snow. If 
you have no gaiters, tie plastic bags 
around the bottom of your legs to 
keep them dry. 


USING BRANCHES 

Ideal for short distances, asimple way to 
get you out of deep snow and to aroad or 
track isto attach branches to your feet 
using cordage, Select a tree, such as pine, 
that has strong, close branches. 








Use cordage 

to tle the front Ensure the back 
of your boot of your footcan 
to the bough Jift slightly as 


you walk 







USING SAPLINGS 

You will need branches that have some 
flexibility. Gently bend the longest branch 
into a teardrop shape and lash the two 
ends together, Heating the saplings over 
afire will rake them easier to bend. 


Add eross- 
pieces and 
twigs or 
cordage 

to create 
the base. 


Cross-pieces 
strengthen 
the shoe 
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MAKING A SLED 7 


If you find yourself in a survival situation with heavy equipment TOOLS AND isthe 

to carry over snow, making a simple sled or “pulk" (see panel, right) a ee SaW OF pocket chainsaw 
will help you transport it more efficiently. You could also build one aeons 5 

to transport an injured person or small child. You can make your 2 Suenee (for bulk of sled) 
sled as large or as small as you need, providing you follow = Two branches (for bracing pieces) 


these basic principles. = Sticks (for cross-pieces) 














Using a short saw or penknife, 
cut a forked branch to form 
the base of the sled. 
= Tie the two ends of the fork to the 
main branch with cord, This creates 
tension and forces the branches to 
curve and act as runners, 


Lash the 
bracing 
piece to 
the main 
branch 










Attach the cord to : 

the main branch Attach the cord to the 
using @ stip keiot end of the fork using a 
(Seep. 142) tqut fine hitch (See p. 145) 


Lash an additional branch to one of 

the runners to create a bracing piece. 
= Repeat on the other side. 
= The bracing pieces strengthen the 
branches and prevent any cord from 
touching the ground—if it does, it will rrp ty ae 
wear out quickly and disintegrate once ede seer 
the sled is on the move, the carrying platform 















ANIMAL POWER TRAVELING WITH DOGS 
Huskies, or sled dogs, are ideal for transporting people Although huskies are easy to care for and 
and equipment across winter terrain, Because of their relatively simple to handle, you should not 


undertake an expedition with dogs unless 
you are traveling with an expert or have 
first undergone extensive training. The same 
goes for all expeditions in snowy terrain, 


thick coat they can endure very low temperatures, and 

their large, furred feet allow them to move quickly 
over snow, Huskies work well as a team and 

can pull heavy loads easily and efficiently. 







Ensure the sled 
is well balanced 
and not overloaded 










Tie juggage 
securely to the frame 
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WARNING! 
Take care when traveling down 
slopes, as the pulk can easily pick 
up speed and become difficult to. 
control if you have no brakeman. 
A pulkcan be used to carry 
eguipment or q person 


ee 


HUMAN POWER Attach the 


pull to your 
Pulling your equipment behind you using apulk isan — bedy using 


extremely efficient way of moving over snow. Pulks HIRES 
are small, low-slung toboggans, typically made from 
lightweight plastic, and come in many different sizes. 
















TRAVELING WITH A PULK 
Although pulks are the most efficient method of carrying 
heavy loads over snow using human power, they can be hard 
work, especially in softer snow. Wear breathable clothing to 
allow excess body heat to escape, Know how to release your 
harness quickly in an emergency, If you arein a group, 
one person can be harnessed to the rear of the pulk 
to act as a brakeman when going downhill. 














AS K aif eo} Tie luggage 
















tightly to 
Tie the handle the sled 
securely So it can 
Curved take the strain 
branch acts 
Lashing QS @ Furier 
Lay sticks across both bracing pieces Make a handle for the sled using a small 
and lash them together. These branch. The branch should be as smooth as 
cross-pieces strengthen the structure, possible to make pulling the sled more comfortable, 
m You can use as many sticks as you can = Attach the handle to the front of the sled 
find, but three or four should suffice. using a long 
m These cross-pieces will also form the piece of cord, 


main carrying platform of your sled. 








MOTOR POWER 
Linking the dogs ; . &e 
tegether helps Snowmobiles are practical « 
ee las and quick, and have 
Bisa EA Lil revolutionized arctic trave 


Harnesses aiiow | They are easier to handle 
the dogs topull | than huskies, and can reach 
gomfortably relatively high speeds. 





However, although you BEFORE YOU GO 

ok Oe great distances Prior to a snowmobile trip, regardless of distance, itis vital 

in short periods of time, to check your vehicle maintenance and ensure that you have 

if anything goes wrong sufficient fuel for the trip. Plan your route carefully and inform 
you may be far from help, someone of your plans so that they can raise the alarm if you 
Always carry survival don't reach your destination when planned. Dress warmly, 


equipment when you travel, wear goggles or aski mask to reduce glare, and drive safely, 
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USING PACK ANIMALS 
PACK ANIMALS CAN BE USED to transport heavy tN 


loads when hiking over wilderness terrain. Ideally suited PACKING TIPS ny i 
= Kriow the capabilities of your atimal, 














to carrying substantial loads, they can cover great and what weight they can safely carry 

distances in areas where vehicles would struggle. When over’ the necessary distance. 

you are organized, and know how to care for the animals, = Before loading the anienal, groom it well 
; ; ; : atid check for sores or ticks. 

traveling with pack animals can be very rewarding. = Place heavier items at the hottom of your 

panniers and lighter items at the top. 

LOADING THE ANIMAL 

Stand on level ground, making sure that the animal has all four legs 

placed firmly on the ground. Before placing the loaded panniers onto ‘a honteotiar 

the animal, lift them to ensure they are well balanced, Rearrange if P Jonletge gives oe oe 

one is lighter You may need to hobble or blindfold the animal to the qnimay’s ieee 

keep it still while loading. common 

ANIMAL WELFARE 


Remember to transport food, water, and supplies 
for the animal as well as for yourself. Their 
welfare is paramount, so treat them well, 


Pigee lighter ems, 

and tems you may 

need to qccess 
quickly, at the top fe 





Biindfolding while 
leading can cain 
the animal 











Ensure straps are 
es oat: securely fastened 









Any sharp objects in the items qt the 
bag should be cushioned bottom of 
from the animat the bag 






PACK TRAINS 


Roping animals together on the trail is Ropes need to be 
f 3 ; ; Driver leads short enough to Divide the 
standard practice when traveling with the tral, _prevent triaping loads equally 


more than one animal. When tying them 
together, ensure the ropes are long enough 
to allow the animals to walk comfortably, 
and short enough to prevent tripping. 


THE PEOPLE 

Appoint a driver to lead the group and take 
control of navigation, You will need sufficient 
people to control and care for the animals, 
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Strap the WARNING! 

Seether Do not attetnpt to use pack animals without 
Detain! expert help of extensive training. The 
animals require a lot of care, and you will 

need to organize your days meticulously. 


USING PACK ANIMALS 
TO SURVIVE 

In an emergency situation, your priorities 
change significantly when using 
pack animals. Unpack the panniers 
and remove any heavy items not 
essential for survival. If necessary, 
you can climb on and ride to safety 
or, in a worst-case scenario, your 
animal can be used for food. 


CARRYING INJURED PEOPLE 

Tf amember of your group is injured, build 
armakeshift stretcher (see pp. 278-79) and 
use the animal to drag him or her to safety. 











fry te make the pationt 
as comfortable as possible 





CHOOSING YOUR ANIMAL 

The availability of pack animals depends on the region you are traveling in, Within any 
region, your choice of animal should take into account the load you are expecting them to 
carry, the distance you require them to travel, and the terrain you plan to cross. However, 


remember that individual animals’ abilities can vary depending on their age and size. 


ANIMAL 


REGION 


DISADVANTAGES 


AVERAGE LOAD ADVANTAGES 
Horse Worldwide = 175-240 Ib = Easyto train, witha good temperament » Require grooming 
60-10 kg) = Strong = Can stray from camp 
= 20 percent of » Can tolerate heat ifnot securely tethered 
body weight = Can manage steep terrain 
Mule Eurasia, = 120-180 Ib = Will stick by a mare closely—this can be = Young mules can be 
Americas (55-B0 kg) used to keep them moving and to keep easily startled, so good 
= 20 percent of them within the camp at night training is essential 
body weight = Very tardy and can manage steep terrain = Stubborn 
Husky Arctic = B5lb (40kq) » Hartly—can cope well with snowand = Need a lot of fresh meat, 
= 7 dogs can pull cold conditions which must be carried 
500Ib (270 ka) » Can travel fast = Proneto fight among 
themselves 
Camel Central Asia, = 198-308 |b = Versatile on different terrains = Strong-willed and difficult 
North Africa, (90-140 kg) = Can drink up toa quarter of its hody to control 
Australia = 30 percent of weight and then go without water for = Violent—can spit and bite 
body weight Several days 
Llama Andes = 77-123 |b G5-55 leq) = Minimal environmental impact = Males horses and mules 
= 25-30 percent of = Travels well at high altitudes on nervous 
body weight difficult and steep terrain = Can be difficult to control 
if poorly trained 
Elephant South Asia » 1,650-2,750 |b » Can carry very heavy loads = Slow-moving 
(Indian) (750-1,250 kg) = Can manage steep terrain » Requires large amounts 
= 25 percent of of food and water 
body weight » Takes time to train 
Ox Eurasia, = 300-450 Ih = Hardworking = Slow-moving 
Americas (135-205 Ie) » Very strong = Stubborn 
= 30 percent of » Surefooted and can marage steep terrain 


hody weight 
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FOUR-WHEEL DRIVING 


A FOUR-WHEEL-DRIVE (4WD) vehicle can cover large 
areas of difficult terrain that would be inaccessible in a 2WD 
vehicle. With an experienced driver, most 4WD vehicles can 
tackle deep mud, water, snow, ice, and sand. 


CHOOSING YOUR VEHICLE 


When choosing your vehicle it's important to consider what you'll be 
using it for. Large vehicles have more internal space than smaller ones, 
but may find it harder to negotiate very rough ground without getting 











EXPEDITION CHECKLIST 

« Check your map and inform others of 
your route and intended timeframe. 

= Ensure the vehicle is fit for the journey, 
with all necessary spares. Check the fuel, 
oil, water, brakes, and hydraulic fluids, 
and check that there are no leaks. 

« Inspect the tire treads, wheel nuts, 
lights, and steering arms. 

= Always carry spare water, wheels), 
and fuel, as well as survival equipment, 


stuck. Similarly, very powerful vehicles can cross almost any terrain but 
use a lot of fuel, so may not be a viable option for long-term expeditions. 


Roof rack with 
high sides is advisable 


lise o winching 
mechanisin if the 
vehicle gets stuck 










GENERAL DRIVING TECHNIQUES 


Four-wheel-drive vehicles enable you to manually switch between 
two-wheel-drive, for driving on roads, and four-wheel-drive, for 
low-traction conditions, such as on soft ground. The difference is 
the number of wheels powered by the engine at any one time. 


CHOOSING A ROUTE 


When unsure about the conditions immediately ahead, walk the route 
first, checking for potential problems and obstacles. Where necessary, 
mark the route you have walked and follow these markers when you drive. 
Ask yourself whether you really need to go that way and, if so, which 
route is best to avoid getting stuck And, if you do get stuck, what are 
your options for self-recovery or escape? 


WHEN TO ENGAGE 4WD 


Engaging 4WD uses up a lot of fuel and should not be used on hard roads 
because of the risk of darnaging tires and gears. Always choose the 
four-wheel-drive option on difficult terrain. Tvallows you to travel in a very 
low gear and gives the vehicle a far superior traction. Just before starting 
to cross the rough ground, stop the vehicle and engage the four-wheel-drive. 






sand ladders, a 12v heavy-duty tire 
inflator, winching strap, and first aid lat. 


Loud must be evenly 
distributed and tied 
down securely 











Always carry 
a spare wheel 


A thigh axe ensures 
good ground 
clearance 


$$ , 


WARNING! 

Don't hook your thumbs around the steering 
wheel when driving over rough terrain. Hitting 
arut can jeri the wheel and break them. 


DRIVING AS A TEAM 

Driving off-road over rough terrain is 
both mentally and physically tiring. Take 
reqular breaks and share the driving if in 
a group. You should always have at least 
two people in the vehicle: 

= A driver—who takes responsibility 

for powering and steering the vehicle. 

= A spotter—who takes responsibility 
for navigation and helps the driver pick 
a good route across the terrain. This may 
involve getting out of the vehicle and 
guiding the driver across a difficult 
section of ground. 







FOUR-WHEEL DRIVING 


DRIVING OVER DIFFICULT TERRAIN f \ 


; fea , MAXIMUM TRACTION 
A AWD vehicle handles difficult terrain well because all four OLE etek Ceacearoniuet tare an 


wheels can be powered by the engine at any one time (gas engines be improved by lowering your tire pressure 


are generally more powertul, but diesel engines last longer and sfigtttly. As a quide, place a brie ¥/in (1 crn) 
work well at low speeds). Using a few simple techniques, you will away from the side ofa reae tire on flat 
find that you are able to drive over terrain—and to places—that ground, deflate the fire until it touches the 
would otherwise be inaccessible. Always remember that the brick, measure this pressure, and apply to all 


principle behind 4WD is to reduce the chances of you getting four tives. Make sure you can reinflate them. 


stuck—not to allow you to go further until you do get stuck. 


DRIVING ON SAND MUDDY TRACKS 

In soft sand the tires tend to move the sand from the front of Driving in mud requires concentration and the ability to adapt 
the tire to the rear of the tire. If forward movernentis halted for your driving to suit the conditions, In deep mud, use wide tires or 
even a few seconds the wheel can dig Itself into a hole. To lower the tire pressure slightly; however, if there is a hard surface 
prevent this, continually steer from side to side, so that the below the mud this will make things worse, Steering outside 

tire steers out of its own ruts, Avoid rapid changes in speed. existing track ruts is most likely to ensure the best traction, 


= 

Apply plenty of 

engine power 
eer 





ile 
Lower your tire 
| pressure slightly 
i Pee] 
DRIVING ON SNOW AND ICE CROSSING WATER 
Snow and ice require very smooth driving methods. Apply gradual Always walk your route before driving across water. If the 
pressure to the accelerator and brakes to avoid wheel spin, use water seers too deep or the current too fast, don't attempt 


low gears, especially when traveling downhill, and avoid changing — the crossing. It's important to drive at the correct speed— 
gears unnecessarily. Using snow chains will increase traction, and too fast will send water everywhere, but driving too slowly 
you should practice fitting thern before you need them, may flood the engine bay. 





it drain plugs Fe 53 
rapplicable = 


se Se 


. ~ 4 The water evel should 

least ; ® A i 4 ant sy 

1 Snow chains give tives \° 0 = Sree ; ae sit op" 
additional traction . = 
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RECOVERY FROM SOFT GROUND 


Although using the correct techniques will certainly improve your chances of EQUIPMENT LIST 
crossing soft ground successfully, it’s important to know what to do if you do = ee mechanism 
get stuck Ideally you should never set out on a driving expedition with fewer a eee 
than two vehicles. A second vehicle can be used for winching, dealing with stare . on La 
breakdowns, or driving for help. * Spare tire (inflated) 
= Shovel and saw 

BASIC RECOVERY TECHNIQUES Seale Mar: 

a” ; P « Branches or stakes 
When you get stuck, it’s tempting to keep trying to aggressively free your ws Sand liters etreits 


vehicle. However, churning up what solid ground is left—and digging 
yourself into deeper ruts—will only make things more difficult in the 
long run. Stop, evaluate your options (reversing or pushing, digging, 
using branches, and winching), and calmly decide how best to 
achieve your aim. Don’t actin haste—an ill-thought-out plan 
could leave you in more trouble than you were in originally. 









Push os hard 


as you car 


REVERSING OR PUSHING 

F you can‘t tree the vehicle using four-wheel 
drive, try alternating between reversing and 
driving forward in first gear 

@ If this has no effect, ask the passengers to 
getout and push while you drive forward 

@ If yau are making the situation worse, stop 
immediately and try an alternative solution. 




















Digea siepe in DIGGING 
front of alt Peassres ’ ih 
four wheels If reversing and pushing con't work, the next step 


toward freeing your vehicle is to dig down 

in front of the wheels in an attempt ta create a 
slope that you can then drive up, 

@ Dig out the sand in front of each tire to create 
an upward slope 

B® Drive very gently up the slope, Avoid revving 
the engine as this can cause the wheels to spin 
and jase their grip an the ground, 


USING BRANCHES 
If the vehicle still won't move, place branches, Place branches 
wooden planks, sand ladders, or blankets—in ia frome eis 
fact, anything that will increase your traction— ——) 
in front of the wheels. The idea is ta give the 
tires something to grip. and it should get you 
moving fairly quickly. 

@ Without revving the engine too much, gently 
ease the vehicle forward onta the branches or 
other material. 

B WViaintain a slow, steady speed and continue 
until you are back on firmer ground. 

® Once clear, remember to stop and pick 

up your equipment and remove any obstacles 
from the track, 


WINCHING 


If none of the basic techniques work, and your vehicle is still stuck, it's time 
to consider winching. Use a cable attached to an electric-powered winching 
mechanism to pull the vehicle out of the hole via a strong anchor point. You 
can winch to another vehicle if you're traveling in convoy, although you do 
run the risk of both vehicles getting stuck. When winching, take time to 
assess your options—using a natural anchor point is the easiest method 
and should be your first approach. 


NATURAL ANCHOR POINTS 
Trees, racks, roots, or deadfalls can all be used as anchor points, When using 

a tree, always place the strap or cable near the ground, and use a winch strap 

where possible to avaid damaging the tree. If the tree looks as if it may nat he 
able to provide the required support, tie the tree to others in the vicinity. If you 
intend to use rocks, ensure they Pasa 
are large enough and firmly 
embedded in the ground, 


on 


Place a blanket over 


the cable to help Use a log 
reduce whiplash if or rock to 
the cable breaks provide am 











angle for 
the winch 








BURIED ANCHOR POINTS 


If there are no natural anchor paints, you can construct an improvised anchor 
by burying abjects such as logs or a spare wheel. Dig a hole in the ground that's 
at least 3 ft (1 mj deep, attach your winch cable to your improvised anchor, 

then bury the anchor jn the hole. Refill the hole to secure it. IF you're using a tire, 
use the tire lever behind your spare wheel as an attachment point for the cable. 






Dig a hole 

Refilling ihe hole or, To sove 
with soil further energy, &Se 

secures the anchor onatural 


hollow 






Po 


WINCHING TO A STAKE 


A series of long stakes in the ground can also provide an improvised anchor 
point. You will need a lang, sturdy main stake—to which the winch cable js 
attached—and a series of supporting stakes, lashed together for acti tional 
strength. Push the stakes securely into the ground ata slight angle. Be careful 
not to stand near the stakes when winching, in case they come loose. 





Sapporting 


lashing 
stakes 


Main stake 





Attach the 
cable fairly fow 
dows the stake a 

s 
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WARNING! 


When winching, don't stand within range of 
the cable in case it snaps under the strain. A 
brealdng cable can cut a tree—or a person—in 
half, Place a blanket or sleeping bag over it to 
absorh some of the shock and reduce whiplash. 






EMERGENCY ACTION 


Knowing what to do in certain emergency 
situations will help you stay calm if the 
worst happens. 


FRONT SKIDS 

The term “skid” covers any kind of slide in 
which the wheels fail to grip the raad. Ina 
front skid—also called an “understeer"—the 
front wheels fail to turn when yousteer so 
the vehicle cantinues ta travel forward, 

= Stear in the direction af the skid but be careful 
not ta averstear IT you're on ice and skidding 
straight, step on the clutch or shift to neutral. 
= Once you have gained control, carrect your 
course and continue driving. Consult your 
driver's manual if you have anti-lock brakes. 


REAR SKIDS 

Ina rear skid, the back wheels lose cantrol and 
the vehicle rotates more than usual and can spin. 
= Steer in the direction af the skid but face 
toward where yay want to travel 

e Ones facing in the right direction, bring the 
steering wheel back ta the center and continue 
to stesr, redardless of whal the rear is daing, 
until you have gained total contral. 


BRAKE FAILURE 

Before setting out ona drive, always check to 
see whether there is brake fluid leaking from 
the vehicle. If so, don't travel. If the brakes fail 
when on the move, do the following: 

® Without turning off the enging, shift down the 
gears to reduce speed while maintaining cantral. 
= Once the vehicle reaches aspeed af less than 
25 mph (40 kph) apply the handbrake, keeping 
a firm grip on the steering wheel. 


ACCELERATOR MALFUNCTION 

If the acceloratar sticks and your engine will 
not slaw down, you can Cecelerate by putting 
the vehicle into neutral and applying the brakes. 

# |fit'ssafe ta daso; switch aff the engine, but 
you'll lose functions like power steering and lights. 
= Steer safely toa stop. If possible, avoid using 
the hancbrake as this may cause a skid— 
although it may be necessary if you need 

to avaid a collision. 
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KAYAKING AND CANOEING 


TRAVELING IN A KAYAK OR CANOE is a good way of 


negotiating river systems and open water. With your equipment 
safely stowed in your boat, expeditions can range from short 


day trips to year-long adventures. 


KAYAKING 


Kayaks are an extremely efficient method of water transport, spray deck keeps 
especially on open sea, rivers, and lakes, Their narrow design 


and light frame make them easy to maneuver. 


CAPSIZING IN A KAYAK 


Capsizing is an almost inevitable part of kayaking in rough 


water, The “wet exit"—slipping out of the kayak completely: ¢ 


while still halding-on to it—is sometimes the only optio 
but wherever possible use an eskimo roll instead, 


ESKIMO ROLL 

Mastering the eskirno roll enables you to avoid getting 
your legs wet and having to climb back in your kayak, 
\With practice, it should becorne one fluid movernent. 


A, 






Lifefacket 
provides 
flotation 


Handling teggle 
allows you to drag 





From the upside- 

down position, twist 
your body to the side of 
the kayak, 


® Gripping your paddle, 


With your head 


sweep your body and 
paddle away from the 
side of the kayak. 


near the surface, 


firmly push your arms out w At the same time, flick 
of the water, then rest them your hip away to start 
on the side of the kayak. the rotation of the kayak. 


BASIC PADDLING CATCH 
ace your lea aqe 
SKILLS firrnly in the water so 
Kayak paddles have twa that it enters near to 
blades that sweep your feet, 
alternately through the Peau bisde 
water, propelling the kayak enters the 
forward. To steer, paddle on lis 
the opposite side to the % 


direction in which you want 
to go, Some kayaks have 
afoot-operated rudder, 


es 


concedls 
space for 

















Double-bigded 
paddle increqses 
stroke rate 


Rudder 
aids control 


Closed deck 


WARNING! 
= Always wear a lifejacket. 
Empty water bottles in 
your pockets can be used 
as makeshift flotation 
devices in an emergericy. 
= [na survival situation, 
Continue the hip fever leave your kayak or 
flick until the kayak carioe unless it is life- 
returns to an upright threatening not to do so. 
position in the water, A kayak is bighly visible, 
= Straighten your back especially from the air, 
50 you are sitting upright and is far more likely to be 
again, and continue to spotted fiest by rescuers. 
paddle your course. \ f 


BRACE STROKE 
Rotate your torso Sweep your lead 
and lead blade in blade firmly through 


preparation for the 
propulsive stroke, 


— 


the water to propel 
the kayak forward, 


The power Keep your grip The transition 
comes from foose on the Should be as 
your torso following arm smooth as 









TRANSITION 

As the blade exits the 
water, repeat the catch 
on the other side and 
continue paddling. 


possible 


# 
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Editor’s column 


While the global mobile telecommunications industry has been 
attempting to keep pace with ever-changing technology and 
consumer needs, it has not had a strong development roadmap 
like the International Technology Roadmap for Semiconductors 
(ITRS). Instead, mobile technology’s development has been 
characterized by multinational companies pushing proposed 
standards for adoption by international standards bodies. These 
standards are subsequently adopted in a haphazard, nation-by- 
nation process. However, consumer desire for faster, more fully 
featured mobile devices has proven to be as strong a driving 
force as the ITRS, and has led the industry to roll out generations 
of new technology on a roughly 10-year basis (approximate 
dates: 1G - 1981, 2G - 1992, 3G - 2001, and 4G - 2009). This 
decade-by-decade introduction of new mobile communication 
technology has led to the common prediction for fifth- 
generation (5G) mobile to appear around 2020, in keeping with 
the observed linear cadence. 


But why create 5G mobile anyway? The push for 5G is not just a 
mad rush to keep pace and provide more bandwidth to services 
that can already stream high-definition video. The Internet 

of Things (loT; see TNW Vol. 21 No. 2) is a major driving force 
(among several) behind technologies being developed for 5G 
mobile. As personal mobile devices are more enmeshed into 
machine-to-machine (M2M) communications and the number 
of loT sensors explodes, 5G technologies must address several 
needs: high-speed data rates for many more users, increased 
density of users, greatly increased simultaneous connections, 
and reduced latencies. These needs will propel many of the 
technologies that Dr. Farroha et al. describe in their introduction 
to 5G article (page 2). 


One of those technologies, virtualization, has been instrumental 
in making efficient use of servers (virtual machine or VM) 

and computer networking (software-defined networking 

or SDN). Over the course of continuing improvement to 4G 
implementations, the networks are evolving into an all-digital 
Internet protocol packet-switched system. This evolution 

means that those efficiencies developed for SDN and used in 





computing can be applied to mobile networking. We can see 
this application in more depth in the article on 5G virtualization 
(page 16). 


Several markets have already taken advantage of 4G mobile 
technology, most notably media. This market is expected 

to expand with 5G as consumer desire for high-resolution 
video and augmented/virtual reality increases. Automotive, 
energy, health, and public safety are several areas of M2M that 
will be greatly enhanced by increased bandwidth and, most 
importantly, low-latency networks. On 13 December 2016, 

the US Department of Transportation proposed a rule for 
vehicle-to-vehicle communication and announced a vehicle-to- 
infrastructure communication rule to be proposed. The article 
on 5G and the automotive industry (page 20) provides insight 
into how this market segment is enhanced by 5G connectivity. 


Although mobile technological developments are typically 
categorized into different generations, each generation covers a 
vast array of individual technologies and protocols that roll out 
as they mature. In practice, mobile service providers often work 
across a range of generations. This is highlighted by the fact that 
in many cases voice calling is handled by the 3G network while 
data is handled on the 4G network. Domestically, T-Mobile and 
AT&T did not enable voice over LTE (VoLTE) until May 2014, and 
did not meet the International Telecommunication Union (ITU) 
standard until Verizon launched LTE-Advanced in August 2016. 


Many factors can impact the broad global deployment of 
5G networks, such as existing technologies, geography, 
spectrum, and national interests. Some countries may jump 
to the current network generation while others may delay 
deployment because their current networks are considered 
to be “good enough.’ The decreased per-customer costs of 
updating networks in densely populated countries makes it 
more attractive to keep on the leading edge. The increased 
data rates and simultaneous connections require increased 
spectrum allocations, which are handled by national regulatory 
organizations. Several countries, most notably South Korea, 
have tied their technological identity to the increased 
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TANDEM CANOEING 


Ina tandem canoe, one person should sit at 






CANOEING ae 


As with kayaks, canoes can the canoe 


ae = tor poe jr the front and one at the back Each person 

: paddles on either side—swap sides regularly 
powered by the body to avoid muscle fatigue and strain. The person 
from a seated position. at the back generally controls the steering, 
They are generally wider using his or her paddle like a rudder. 
than kayaks, however, 
and their decks are open, \ 
Canoe paddles have one 
blade as opposed to two. 















CANOE-OVER-CANOE RESCUE 
Tf you are traveling with another canoe and are far from shallow water, 
the best option is the canoe-over-canoe rescue. The capsized canoe is rotated 


BASIC PADDLING SKILLS 


When canoeing solo, use a "switch" 


upside-down and pushed onto the rescue vessel, which ernpties the water out. style of paddling to ensure your canoe 
The people on the rescue craft then rotate the canoe back to an upright position travels in a straight line—if the canoe 
acini starts to veer off course, switch sides. 
One person CATCH 
eee ne ooo Sit in the middle of the canoe, ensuring that 


it's well balanced. Reach forward and 
thrust the blade into the water. 


Paddle enters 
the water 
7 , atthe front 
rs of the canoe 


DOWN STROKE 


Drive the paddle swiftly and firmly down 
into the water so that it assumes a 
ho o vertical position. 


rescue canoe to empty the 


water out 








Use strong 
grim motions 


KAYAKING AND CANOEING TIPS 





= Research your route and weather conditions thoroughly. = 

= Don't overload the boat, and ensure it's well balanced. PULL STROKE 

= Carry a high-volume pump so you can rescue yourself when alone. Firmly pull the paddle blade backward 
= If watertight bulkheads are not fitted on your kayak, use airbags to add ENPOHON ie waters THe lL pAs es! The 


canoe forward, 
buoyancy and reduce the amount of water that can enter a compartment. 
= Use waterproof dry bags to keep your kit dry, | : hd bes 
= Clip valuables onto the boat or yourself. If they don't float, attach a SORE, “SPR forward 
float to them so they won't sink if they fall in the water, REPEAT STROKE momentum 
= Carry waterproof material and bungee cord to repair blown hatches. ( Feihe bladeout otthewalertowerd tis 
= Never enter a cave alone, or without head protection. rear of the canoe and return to the starting 
= Fit a leash to your paddle and attach it to the craft. If you then have to position to repeat the stroke. 
perform a rescue you can throw it in the water and keep both arms free. h pate coe 
= Chewing gum is great for the short-term repair of small holes in the a ee -one 
craft, as is black masking tape and plumber's repair tape. [siemedtcbetebntensiceinanbnid 
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BUILDING A RAFT 


IF VENTURING INTO the wilderness, it is useful to know WARNING! 


how to build an improvised raft or flotation aid. You may Apart from the brustiwood raft 
‘ : ; (below), most improvised rafts 
find that a major water obstacle lies between you and will float half submerged, so you'll 
rescue, or you may be in an area in which dense undergrowth be constantly sitting or Kneeling in 
water. This could lead to hypatherrnia 


makes cross-country travel difficult but river travel relatively in certain conditions, so build an 
easy. However, in a survival situation you are unlikely to have additional raised platform if necessary. 
a lifejacket, so assess the risks carefully. 


fae «= MAKING A BRUSHWOOD RAFT 







Hak S AND MATERIALS If you have a poncho, shelter sheet, or tarpaulin, you can construct 

ea lee : a brushwood raft. This is a one-man raft, but if built correctly will 

: Hey Ss See eae keep you completely out of the water. Build it as close to the water 

ae aE, as possible so you don't have to carry it far 

: Suen Weave the ; 
—<—<—<— Pog out the brushwood tightly 


to strengthen the 


h 
aes body of the raft 
















Construct your raft near a 
suitable launching place. 
= Lay your poncho on the ground 
to determine the size of the finished 
raft, Make sure there's enough 
material to come up the sides 
and gather on top. 


Peg out sticks to form an oval 

shape, the size and shape of 
your intended raft. 
= Interlace brushwood and thatch 
tightly through the sticks to form 
the sides of the raft. The tighter you 
weave the brushwood, the stronger 
the body of the raft will be, and the 
better it will float. The height of the 
brushwood will also determine how 
high the raft sits in the water, 


Interweave the 
sticks to creqte q 
sitting platform 


Form a sitting platform by 
pushing a selection of long poles 
or sticks through the sides of woven 
brushwood. Weave the sticks under 
and over each other as much as you 
can to create a stable structure. 
= Using your knife or a small saw, 
trim the sticks to size so that they 
dont protrude from the sides. 
= Remove the pegs from around 
the brushwood, 





trim the sticks so they 
sit flush with the outside 
edge of the brushwood 


BUILDING A RAFT OF 


MAKING A PADDLE ALTERNATIVE RAFTS 


In most cases, you can use the current of the river for momentum Use whatever materials at € available 
rather than having to paddle, and your walking staff to maneuver e oe ake es ae out 
the raft, However, where there is no current you will have to or logs, bamboo, and discarded oil 


drums, as they are naturally buoyant 
provide the propulsion yourself, and will need to improvise some Si devia th aican he see bo uae 












form of paddle. an effective raft. 
¢ ep ye of the \ ea oe a 
Find a suitable length of green spit determines \\ split to stop i 
necaotaeehe a ae ie the ee the \\ splitting further LOG RAFT 
i padale face { = 
should be as wide as possible but Ic ie 2 log (ets ay eee ee 
Aili cera fexvtists ek Goon _|| ideally standing deadwood—as this will 
SHIP. . a | 4 float higher in the water, Cut notches in 

= In the end of the wood, make a split \— The firstsinai! | the logs to allow the cross-pieces to sit 
long enough to form the paddle face. ae snugly. 


= Collect smaller branches and insert one 
of them into the split. Lash into place. 


the paddle Cross-pleces Lash the 
tension the €FOSS-pleces 
fogs together 














Trim the edges 
with your survival 
saw to make 
them even 


Continue to force smaller 
branches into the split, lashing 
each one as you progress until you 
























have a sufficient paddle area. SS 
m Securely lash the two open splits : he 
Use fogs tha 
of the handle together, , sree dre rouahhy the’ 
m To make the paddle more rigid, matt branch same diameter 
lash the ends together, together BAMBOO RAFT 
Bamboo Is made up of hollow 
compartmentalized sections, which 
Slide your poncho underneath the raft to form means itis ideal for raft-making. Bamboo 
Atiiet SeOHOOE BEE rafts are much lighter than log rafts. 
7 Push the poncho hood through to the inside and tie ee 
its neck securely to ensure it’s completely water tight. the log raft 


= Pull the poncho up the sides of the raft and lash 
securely across the top. 


Fill the space underneath the sitting 

platform with natural materials, such as 
additional brushwood, grass, or moss. You could 
also use any item that would aid buoyancy— 
such as empty plastic bottles or waterproof bags 
filled with air and tied off. 
= Drag or push the raft into the 
water, checking to see whether 
it floats in shallower 
water before loading 
your equipment and 
climbing aboard. 


DRUM RAFT 

Tf oil drums are available, they make ideal 

rafts, Always take care when handling 
chemical drums, as they may once have 
contained toxins. 
Tie the drums 


securely te q 
wooden platform 


Add extra 
foliage te 
Jnereqse 
buoyaney and 
stability of raft 





Ensure that any openings 
(missing filer caps, for example) 
Sit qbeve the water level 
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SWIMMING 
WHEN THE WATER IS TOO DEEP to wade andyoudo't #———  N 
WARNING! 


have the materials to build a raft, you may need to swim Aswithany survival activity invohing wate 


to negotiate a water obstacle. Before you get into the water, try toavoid getting wet—find a way around 


i the obstacle if possible, of find shallower 
plan how you will get warm and dry when you get out. eine evel across The coll vate 


Making a float will help to keep clothing and equipment dry. increases your risk of hypothermia so ensure 
you have the necessary anal Lal 
a fire. Never enter water where there are likely 

SURVIVAL SWIMMING to be dangers such as crocodiles or hippos. 


Unless you need to cross rocky ground to enter the water, remove \ j 


your boots and most of your clothing to reduce drag and keep them 
dry. Place them either in a waterproof survival bag or in an improvised 


poncho float (see opposite) and float them across, Tie the neck Sek yoiir legs 


of the bag tightly to push yourself 
to keep water out across the river 












SWIMMING ACROSS RIVERS 
Choose a safe place to cross (see p, 88), 
and plan where you will exit the water, 

= Take the current into account as you 

are likely to drift downstream slightly. 

= Lower yourself in gently—never jump 

or dive into the water, 

a If the water is cold, gently immerse 
yourself until your body has recovered 





j= me 









from the initial shock. sree 

THE CROSSING seiioiGBihe water OT ey 

Choosing a stroke you feel comfortable with eee 

(and that will expend the least energy), swim 

across your route with your float in one arm, 

SWIMMING DOWN RIVERS ee . 

; ‘ ; : ; The aim of defensive swimming is to adopt a position that keeps 
Avoid US a down rivers—walking the route you as safe as possible and prevents your feet from becoming 
instead is far safer. However, if you accidentally fall in and ensnared in rocks, which, in a strong current, could push you under 
find yourself traveling downstream in fast-moving water, the water. Assume the defensive swimming position until you 


there are ways of protecting yourself until you reach safety, reach shallower water, and can stand up and climb onto the bank. 


In this position 
your feet avoid 


Th very fast-moving wi 
place your hands behing 
your head is 
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SWIMMING STROKES 

It's important to know what the different swimming strokes are, although you're unlikely 
to stick to them strictly in a survival situation. If you're a confident swimmer, always 
choose the stroke that will use the least amount of energy, such as breaststroke. If you're 
less experienced you should avoid getting in the water unless in a life-or-death situation. 


3 Me at ‘gh ere 


DOG PADDLE RE OR . 
Also known as “freestyle,” front crawl uses alot of energy so is 
not the best stroke for a normal survival situation, However, you 
can build up alot of speed, which may sometimes be required, 





An easy stroke suitable for less confident swimmers, this involves 
simply paddling forward with your arms and legs, When you 
paddle with your left arm, kick with your right leg and vice versa, 





a = a Se ay 
a <> > é =F 
BREAST STROKE BACK STROKE 
This is perhaps the most common stroke for crossing rivers. Tf you know the water is safe, this stroke can be a good choice, 
Your arm and leg movements should be made simultaneously as it uses little energy. However, not being able to see where 


and smoothly, Itis a good option if you're pulling a float. you're going can be a disadvantage, especially in rocky areas, 





MAKING A PONCHO FLOAT Bring one side of the poncho up 


and over the equipment that is 









Constructing a poncho float will keep your piled together in the middle. 
belongings dry and provide limited flotation as = Repeat with the other three sides 
you cross the river If you don't have a poncho, to create a rectangular parcel, 

use any large piece of waterproof material. = Fold the corners, and ensure that 


they won't allow water to enter 
the float, 













Push your poncho hood to the inner 
side, and tightly secure its neck 
with the drawstrings or cordage. 
= Lay the poncho on the ground with 
the inner side facing upward, 
= Place your gear 
on top. 






Lay the Fold each side of 
sheeton the poncho over 
flat ground your equipment 


Tie ropes, bootlaces, 
vines, or improvised 
cordage around the float 
to secure it. 
m As you enter the water, 
gently lower the float in 
with you, Pull it along as 
“you cross the river. 


Wrap carefully to make 
it watertight, 
a At this point, if you have a 
second poncho, repeat from step 
one, placing the float face down 
on top of the second sheet and 
wrapping again. 
= Tf available, place brushwood 
inside the float for — Thek the 


added buoyancy, — erers fr 
neatly 



























Whether you intend to remain where 
you are and wait for rescue, move to 

a safer area and await rescue there, 
or walk out of the survival situation 
yourself, you're probably going to need 
to select a site on which to put up a 
shelter. This could be for just a single 
night or for a longer-term stay. 

A sound understanding of what 
constitutes a good location will allow 
you to address the basic principles of 
survival. For example, a well-selected 
site will help keep you safe from danger 
while still allowing you to deploy your 


ESSENTIALS 


location aids effectively. It should also 
provide you with adequate materials for 
building a shelter and a fire, and offer 
an accessible supply of water, both 

for drinking and for hygiene. 

A well-organized site will not only 
give you a sense of purpose and order, 
but will also provide a safe environment 
for yourself and your equipment. 
Designating an area for storing 
equipment and tools, for example, will 
help prevent vital items from being lost 
and will reduce the likelihood of you or 
members of your team being injured. 


In this section BUA atm) ye) aa 


= how to make a shower before you take a shower... 
= why keeping clean is good for both body and soul... 


= how to work up a lather with wood ash... 
= when a thatched screen could protect your modesty... 


= what turns a hard candy into a firestarter... 
= the difference between cattails and fire dogs... 


























A fire is an integral part of any 
campsite. It can be used for warmth, 
for purifying water, for cooking, for 
Signaling to potential rescuers, for 
protection against wild animals, and 
for providing light when darkness falls. 
It also provides a sense of security. 
The psychological effects of being able 
to start a fire in a survival situation 
should never be underestimated; 
neither should the psychological effects 
of not being able to start one. Even in 
a survival situation, a simple camp can 
give a sense of normality and “home.” 


You can produce a spark— 
and therefore light a fire—by using a 
device such as a firesteel or a ranger’s 
flint and steel (see p. 127). 


A FIRESTEEL COMPRISES two main 
parts: the material that will produce the spark 
(usually a rod made from ferrocerium or 
magnesium alloy) and a sharp striker device 
(usually a knife blade or short piece of hacksaw 
blade). When the striker is drawn over the rod, 
a spark is produced. 





To control the spark created by these two 
moving parts, follow the method outlined below. 
Tt will allow you to direct the spark accurately, 
and reduce the chance of you knocking and 
scattering your tinder. This can be a problem 

if you hold the rod next to the tinder and strike 
down into it—especially if you are cald, wet, 
and tired and your hands are shaking. 


Place the rod in the center of the tinder. Then 
position your striker onto the rod. Lock the hand 
holding the striker into position. 


Pull the rod up and away from the tinder, 

drawing it against the striker. By drawing away 
from the tinder you avoid the danger of disrupting 
or scattering it. 


To direct the sparks, alter the angle at which 
you pull the rod up and away. 






46 The psychological effects of being able to 
start a fire should not be underestimated; 
neither should the effects of not being able 


to startone [ Jf) 
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Piteh your camp near 
ORGANIZING YOUR SITE —txteavece 
shelter and for fuel 
WHERE YOU CHOOSE to set up your shelter depends on the 
environment, but always take into account the four principles of 
survival: protection, location, water, and food. First, make sure there 


are no obvious dangers, and that you're able to signal for rescue. 
If possible, select a location close to a water source. 


NY 












Select q place for q latrine that’s downwind 
of the camp and downstream from the 
water source (See p. 117) 


If predators are in your area, hang unused food 
ing bag 10 ft Gm) off the ground and 3 ft Cm) 
away from the trunk or branches of q tree 


SITE FEATURES 


Once you're happy with your chosen site—and 
confident it doesn’t hold any forseeable dangers—you 
can organize the area to accommodate your needs, and 
to make your time in camp easier and more efficient. 


CAMP ADMINISTRATION 


Whether you're in a group or on your own, it’s important to organize 
your site, and quickly establish disciplines and routines to ensure camp 
safety and to reduce the risk of accidents. Designate specific areas—tfor 
storing equipment, firewood, cooking, and sleeping—and specific 
routines for when you do things (see panel, right). 





Wien you take off 
your boots, prop 
them upside down 
on a stick to ensure 
nothing crawls inside. 
Never put them too 
close tog fire todry 


















Assign an open qreq 
jor location gids, such 
as q large "V", and as 

q potential landing site 
for a rescue helicopter 
(see pp. 236-41) 


Collect and cut the 
fuel you need before it 
gets dark and keep it 
avy in an upright stack 






Create q safe areg for cutting 
wood. Use gq tree stump as 4 
platform for cutting and chopping 





connectivity of next-generation wireless technologies. 
All these factors give rise to a patchwork international 
environment for 5G implementation. 


Current forecasts for the rollout of 5G networks are in the 
2020 time frame. Recent news indicates that it may be earlier 
than that. Samples of Qualcomm’s new Snapdragon X50 
4G/5G modem that uses the 27.5 gigahertz (GHz) to 28.35 
GHz band—part of the spectrum opened by the Federal 
Communications Commission for 5G—will be available in the 
second half of 2017. Samsung and KT, one of South Korea’s 
mobile providers, have announced that they will be the first 
to provide mobile 5G trial service at the PyeungChang 2018 
Winter Olympic Games. Undoubtedly, this trial 5G service will 
not be fully compliant with 5G standards, which have yet to 
be adopted. However, we should expect things to advance 
quickly following the Korean introduction of 5G. 
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If heavy vain is likely, reduce 
the risk of flooding by digging 
a small run-off trench qround 
your shelter and diverting 
water away downhill 





























Locate a nearby water Build three 
source, but check the water signal fires 
upstream for contamination, (see pp. 238-39) 
such as dead animals on open ground 

ifyou ean 


WHERE NOT TO CAMP 


= Dot't set up your shelter on sloping, poorly drained ground. 
= Don't pitch your camp too close to water because of the risk 


of flooding and the presence of insects and animals. 


= Avoid camping near noisy water sources, such as waterfalls, 
because they mask any other sounds that could alert you to the 
presence of threats, such as wild animals, or even possible rescue, 


such as a helicopter or emergency whistles. 







ORGANIZING YOUR SITE ini 5 


ASSESSING YOUR ENVIRONMENT 


You need to protect yourself from injury, threats, and risks, so have a 
good look around your campsite and assess it for any potential dangers, 
such as animals, unstable rocks or trees, and the likelinood of flooding. 


ANIMALS 

Look out for signs of animals, especially 
near water, If possible, pitch your camp 
against a rock face so it can only be 
approached fram one direction. teep 

a fire going all night. If you're in a group, 
organize a watch system. Keep things 
to hand that you can make a noise with 
to scare off prowling predators, Don't 
camp close to standing water where 
insects, such as mosquitoes, swarm. 


WIND AND FLASH FLOODS 
Position the entrance to your shelter at 
an angle to the wind, Gullies run the risk 
of flash floods or avalanches; inside river 
bends are prone to erosion and floods; 
and ariver might burst its banks on an 
outside bend during a heavy downpour, 





CAMP TIMETABLE 


In most cases, when you arrive at an area 
in which you intend to remain for a while 
(known as “going static"), start planning 
your activities by working back from a 
cut-off time—usually when it gets dark. 


THEN.. 
Start pitching your camp. Build your shelter, 
including bedding. Gather tinder, kindling, and 
fuel and make a safe firebase and reflector. 
Collect water and forage for food. Prepare 

all aids to location (for both night and day), 


STANDING DEADWOOD 

These are dead trees that haven't yet 
fallen, Heavy wind, or the weight of 
rain or snow, can make them fall. This 
is the best type of wood for kindling 
and fire fuel (see p. 121). 


DEADFALLS 

These are dangerous branches that 
have broken off a tree, but haven't yet 
fallen to the ground, Some trees, such 
as beech, ash, and yew, drop their 
branches without warning. 


ROCKFALLS AND ICE FALLS 

Tf you camp next to rocks, check for 
cracks and fissures, Fires below them 
can cause rockfalls, When it's cold, ice 
sheets can suddenly fall from the rocks. 





THREE HOURS UNTIL DARK 

You arrive in the area, Drink water, stow what 
is no longer needed (map, compass, and so on), 
and change from wet clothing, but keep one set 
of clothes dry at all times. Scout the area for the 
most suitable campsite. 


ONE HOUR UNTIL DARK 

During twilight, finish organizing the site and 
see to your personal needs—wash, use the 
latrine, and check your equipment. If you're in 
a group, make sure everyone knows where the 
emergency equipment is and who has been 
designated each task (lighting the signal fire, 
shining the flashlight, blowing the whistle), 
Set up a watch system for the fire. 
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STAYING CLEAN 
PERSONAL HYGIENE IN THE FIELD is an important element f= 





of protection. Keeping yourself clean and healthy helps to ensure ae ee iol 
that your body is working at its most efficient and reduces the equipment can affect your state of 
risk of illness. How you feel physically also has a direct impact ples ls a a 
on how you feel psychologically. It’s a state of mind: if you let will ate dsdplie, Try beso'yout 
your personal hygiene slip, it’s just a matter of time before clothing clean and in good repair. 
everything else starts to follow. 
MAKING A SHOWER 
HYGIENE CHECKLIST Standing under a shower can work wonders for your spirit—it 


removes accumulated dirt and sweat and makes your body feel 
refreshed, An improvised shower is quick and easy to make from 
a metal or a plastic container. 


Personal hygiene is about keeping clean 
and healthy, so develop a daily routine 

that ensures you correctly use personal 
protection aids (tablets, insect repellents, Make hole in vim 


sunblock), and safely handle food, water, 
and cooking and eating utensils. Keep 
your clothes clean, and attend to your 
bodily functions (see opposite), 


HAIR 

You don't need to shampoo your hair—tet it 
make its own oils and minerals and establish 
anatural balance. Wash out incidental smells, 
such as fire smoke, with hot or cold water, 





SCALP 
ee Ta tictiecet ont Turn the container upside Make a hole about 1 in 
help—tfor example, look for ticks if you down on a flat surface, (2.5 cm) down from the rim 
are in a wooded area populated by deer. = Punch holes in the bottom with of the container, 

the bradawl on your penknife or = Make a matching hole on the 
EYES the point of your knife, opposite side of the container, 


Wear sunglasses or ahat to protect your 
eyes from bright sunlight and snow glare. 
Rinse your eyes with water twice a day to 
protect against infections like conjunctivitis. 


EARS 

Carefully check your ears for foreign objects. 
with a clean, wet finger, especially if you're 
sleeping rough on the ground, 


TEETH AND GUMS 

Use clean fingers to rub your teeth and 
gums, or make a toothpaste from baking 
soda, or amouthwash from salt and water, 





Smooth out any rough edges Pull the cord through until 
BODY around the two holes. you have the same length— 
Every two days wash your armpits, crotch, = Thread apiece of cordage more about 1 ft (80 cm)j—on either side. 
hands, feet, and toes with running water to than 2 ft (60 cm) long through = Tie the two strands together with 


keep fungal infections at bay. the two holes an overhand knot (seep, 143). 
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BODILY FUNCTIONS GOING STATIC 


In a genuine survival situation, you don't eat as much food as usual and Biyollre gone © aicby sieving Wore Dare 


; : 4 : f ‘ for more than a few days, build alatrine 
your toilet functions—particularly with regards to solid waste—will reduce dowdimind ob yeuricarrta and town tl 


dramatically after a day or so, Nevertheless, it’s important to maintain a and away from your water source. Dig 
routine, especially if you are in a group. a deep trench, either next to or between 

two trees, and make a seat from two 
IN TRANSIT poles, Cover the deposits with 


sand or soil to reduce the smell 
and keep flies away, When you 
leave, dismantle the latrine, fill 
the trench, and mark the area 

with stones or crossed sticks, 


Tf you're moving every day or so, it's not 
worth making alatrine, so just attend 
to your bodily functions as follows: 
= Urination: choose a tree away 
from the water source and 
downwind of the carp. 

= Defecation: dig ahole at the 

base of a tree, fill the hole 
afterward, and marl it with 

stones or two crossed sticks. 

Clean yourself (but don't use the 
hand you eat with) with toilet paper, 
leaves, or grass, then running water. 
\Wash your hands and fingernails. 
Burn or bury used toilet paper. 

= Menstruation: if you don't have 
tarnpons or sanitary napkins with 
you, use something cotton and 
washable, or even sphagnum 

ross. Burn or bury whatever 

you have used, 


‘Mn a) Ria. 
¥ eon = 






A thatched screen can 
be erected for privacy 

















Tie @ pole at the back of the 
two trees to lean against 
when you use the tatrine 



















Yee) 





LATHERING UP 


Camping soap is a concentrated antibacterial 
liquid soap that can be used without water. 
Decant a little into a small container, such 

as an old 35mm film container, and it will 

last for weeks, Alternatively, you can make 
soap from natural materials. 


MAKING SOAP 

You can make natural soap from various sources 
that contain a substance called saponin, which 
—when mixed with water—has a cleaning effect. 
= Birch leaves: Select young leaves and place them 
in a container (even aplastic bag will do). Add some 
cold water, then add some hot or boiling water 
(whichever your container can handle without 
melting). Agitate the rnixture—this allows the 
saponin in the leaves to dissolve into a natural soap. 
= Soapwort: Agitate soapwort roots in water 
until they foam up, Let the light foam settle before 
using it to wash yourself and your clothes, 

= Horse chestnut: Dip horse chestnut leaves in 
warm or hot water then remove. Squeeze the 
leaves in your hand to produce saponin. 

= Wood ash: Mix wood ash with water. Don't use 
this method too often, as it can dry out your skin. 


for washil 
the sun. 





Hook the shower over a bowed 
sapling or a low branch, 
= Pour water into the container to test the 
flow of the shower, If the water runs too 
quickly, put leaves in the bottom to slow it, 
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MAKING FIRE 


THE ABILITY TO MAKE and maintain a fire can be 

a significant psychological factor between determining 
whether you do all you can to survive or just give up. 
Fire gives you a sense of “being,” and, like a shelter, it 
can transform a clearing under a tree into a “home.” 


A PORTABLE KIT 


It's important to gather all your materials before you start—not 
only your tinder, kindling, and fuel, but also your means of lighting 
a fire. This involves a fair amount of organization, so a portable kit 


" FIRE PRECAUTIONS 


Tf you intend to havea fire in front of your 
shelter, bear in mind some basic rules: 

= Don't build the fire too close to the shelter 
as it may get out of control or a spark may 
blow into the shelter and ignite it. 

= Make sure you have fully extinguished your 
fire before you decamp and leave the site. 
Pour water (if you have eriough) orto the fire 
and the immediate surrounding area, or use 
datnp soil, sand, of earth. 


that keeps it all in one place is much more convenient. 





COMPONENTS OF FIRE 


Thre crucial components—oxygen, heat, 
and fuel—need ta be present in order for 
a fire to start and be sustained, Although 
you don't have any control over the 
resulting chemical reaction, known as 
combustion, you can develop the skill of 
lighting a fire. The key is to achieve the 
best balance between the components. 
If your fire isn't going well, get back to 
basies and ask yourself which one of the 
components Is working against you. 


OXYGEN 

Although oxygen is vital for combustion to 
happen, it’s all too easy te prevent it from 
getting to the flame by smothering the fire 
with too much wood, If your initial fire looks 
as though it’s dying, try fanning it with your 
hand or a map to create ¢ draft that feeds 
oxygen to the fire. 


HEAT 

Heatis essential for igniting the fuel. In most 
cases this heat can be generated either by a 
spark (such as flint and steel), by a chemical 
reaction and friction (such as matches or 
potassium permanganate’, or by friction 
alone (such as a bow drill). (See pp, 126-27 
and pp. 130-33.) 


FUEL 

Once the fire gets going, you need to have 
fuel to burn (see pp, 120-21). You should 
startwith small, dry pieces of fuel that will 
catch the flare and generate enough heat 
to then burn increasingly |arge pieces of fuel. 


MATCHLESS FIRESET TIN 


Working on the principle of “Don't make things any harder than they need 
be," this matchless fireset, designed for the military, contains a one-stop 
solution to getting a fire going—regardless of the weather conditions. 


INSIDE THE TIN 

The small tin, which is waterproof when taped, contains everything you need to 
produce a fire: a sparking device, tinder, kindling, and fuel. Hexamine from the 
fuel blocks is scraped onto cotton wool, then a spark from the flint and steel 
ignites the cotton wool long enough for the fuel blocks to light. 

















—s _ Use cotton 
wool and 
tampon as 
tinder; keep 
them dry in 
a plastic 
bag once 
the tin has 
beenopened 





The tin 
Ranger 
= flint and 








steel (See 
p 127) 
Plastic 
= Ziploc bag 
Use a quarter of one 
hexamine fuel block 


to ight a fire 


Electrical tape keeps tin 
waterproof it can be 
burned as lindling 


USING THE TIN 
You can use the tin itself to boil water. Raise the 
tin 1 in (2.5 om) off the ground with two sticks 
and light a quarter of a hexamine fuel block 
underneath, After a while, the water boils so 
you can have a potentially life-saving drink. 





PREPARING BEFOREHAND 


More than any other survival task, starting a fire needs 


good prior preparation, If you don't have the correct 


materials and insufficient quantities, you will probably fail 
in your attempts to start a fire. Preparing the ground, your 
materials, and your equipment will usually make firelighting 


much easier and more likely to succeed. 


CHOOSING YOUR GROUND 


You need to be careful when selecting the place in which you intend 
to start your fire, Clear the ground before building your fire. Never 
light a fire directly on the ground and watch that your fire doesn't 


spread or burn out of control, 














Construct q fire Balanee the 
reflector to make mniddie of a 
the fire more Jong pole on 








efficient (see p.164) a forked stick 


Place wet tinder, kindling, 
and Jarger pieces of wood 
close to the fire to dry them out 

once the fire is established 


Lay q platform of green wood 
to protect the fire from ground 
moisture and limit the heat 
dissipating into the ground 







CAMP FIRE DO'S 


m Wake sure you have enough wood close by to fuel your 
fire. Carrying wood to your Tire uses energy, which may be 
at a premium in a survival situation. 

m Rake the area around the spot where you intend to start 
the fire and brush away leaves or anything else that may 
ignite and start a forest fire. 

m Check the ground for tree roots. Your fire could set an 
exposed root alight, or even one just under the surface. 
Once a root starts to burn underground, the heat works 
its way along the root and could start a forest fire. 

= Tf youre trying to get rescued, choose a spot for the 
fire where passing vehicles and aircraft can see it. 
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KEY POINTS TO REMEMBER 

= Carty some form of firelighter with you at all times. 
= Practice your skills before you need thetn—in 
different conditions and using different materials. 
You'll soon learn what works and what doesn't, 

= Collect tinder as soon as you enter the forest. If its 
wet, dry it in your pockets against your warm body. 

= Collect everything you need to get a fire going, then 
multiply it by ten. If you're in a dire situation, you may 
have only one ortwo chances of getting a fire going 
before you either run out of matthes or tinder, or you 
suffer from exhaustion or hypothertnia. 


BRN 


Contain the fire with green 
wood of dry, nor-porous 
rocks that won't explode 
when they get hot 


CAMP FIRE DON'TS 


= Don't use your hands as arake to clear the ground, 
because you may get bitten by an insect or a snake, 

Use your feet or a branch instead, 

= Don't build a fire next to old logs or fallen trees, as they 
may catch Tire. They may not look alight but they can 
smoalder for several days and a heavy breeze could 
subsequently fan the embers and start a blaze. 

= Don't build your fire under an overhanging branch, or 
leaves, as the heat from the fire can soon dry them out 
and then set them alight. 

= Don't position your fire so that the wind affects the way 
the fire burns, or blows smoke or flames into your shelter, 


to g cord to hang 
qround your neck 
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THE ELEMENTS OF FIRE 
THE THREE MATERIAL ELEMENTS you need to build a fire (eae ora aN 


are tinder, kindling, and fuel. They must be dry and collected EMERGENCY TINDER 


in sufficient quantities. A well-made feather stick effectively Le seni 


provides tinder, kindling, and fuel on one piece of wood—and Ziploc bag in your etnergency lit, For 


: ie each fire, use some cotton wool and a 
it needs only a spark to set it alight. senall piece of faripon, Cotton wool 


balls smeared with petroleum jelly 
take a flatne last ten times longer. 


MAKING A FEATHER STICK 


Between four and six well-made feather 
sticks provide enough combustible material 
to get a fire going. Keep a few already 
made and packed away to use in an 
emergency. The best feather sticks are 
made from standing dead wood, but just 
about any type of dry wood will do. If 

you use small, dead branches that have 
snapped off a tree, remove the bark first. 




















Choose the side of a stick with an even 
grain and no knots. Work on a hard, flat 
surface to stop the stick slipping. 
= Lay the blade flat on the stick and run it all the 





“/* 


ae OBS — Use sticks 10 in 
Hold your knife so that you can use 








way down without cutting into the wood—do this (25 em) long 
i rene the part of the blade closest to the and up to 3 
ten times. This gives you a feel for the wood and handle—this gives you more contro} Honest 


how your knife moves over it. and puts less strain on your wrist diameter 






T IN DER Loosen the 
The first element you use to make a fire is dry, combustible fibers so 
they catch 


material called tinder. You may have tinder in your 
equipment (see pp. 122-23), or you may need to find 
natural or other man-made sources. The key to success 
is to experiment with what's around you before you 
actually need it. Make sure it’s dry—leave it inthe sun 
if it's damp. When you use some tinder, replace it at 
the earliest opportunity, 


qlight eqsily 


TYPES OF TINDER Buffed tinder looks: 
Natural sources: Feather sticks (see above), shavings from the Iike a mouse’s nest 
outside of abamboo stem, barle shavings, fine wood dust, pine BD ; 
pitch, plant and animal down, powdered dung, and fire dog (a “ 


charred stick), Also, birch bark (silver birch bark can be lit even 
when it's wet), clematis, honeysuckle, cattail, dry grass, dead TINDER BUNDLE 


and dry moss, and some fungi, The best tinder for friction A good way to prepare your tinder to take a spark or a coal is to 
methods of firelighting (see pp. 130-33) Is tree bark, dry make it into a tinder bundle. Vigorously tease, rub, and pull the 
grass, fungi, lichen, plant roots, fibers, and down. fibers with your fingers until it becomes a ball the size of a 
Man-made sources: Cotton wool balls, tampons, char cloth, grapefruit. Push the finest, most combustible material into the 
fire tin (see p. 123), lint, tissue paper, camera film, strips of interior of the ball. Try mixing up your tinder to make it more 


rubber, and candle wick, effective—for example, dry grass, birch bark, and cattail, 



















Angle the 
blade slightly 
toward the 
wood — ™ 


shaving 
collect at 
the bottom 
of the stick 


Now tilt the angle of the blade 
slightly toward the wood, 
= Keeping apart at the top of the 
wood to use as a handle, run the blade 
down the wood to cut a shaving. 
= Stop just before the bottom so that 
the shaving stays attached to the stick. 


KINDLING 


Kindling is the second material element of firelighting and, 
when dry, is added to burning tinder. kindling can be as 
thin as a match or as thick as a finger. You should be able 
to snap it with your hands, If it doesn't break with a crack 
then it's probably not completely dry. If it’s damp, remove 
the outer bark (this retains most of the moisture) and 


break the kindling down Into small sticks 6 in (15 cm) lang, 


Strip off the bark 
TYPES OF KINDLING with your knife 
= Soft-wood twigs are very 
combustible, while wood 
with flammable resin, such 
as pine, burns hot and long, 
= You can use some types 
of tinder as kindling—for 
example, barl, palm leaves, 
pine needles, grass, ground 
lichens, and ferns—but you 
will need larger quantities 
for kindling than you 
needed for tinder, 





Turn the stick slightly and run 
the knife down the edge created the technique, continue 


in step 2 to create a second shaving. 
Turn the stick again and repeat, 
working around the stick, 

w Try to get arhythm going, and put 
your body behind the cutting action, 
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STANDING DEADWOOD 
A tree that’s died but hasn't fallen over 
has no green foliage and the bark falls 
off without being replaced. This is the 
ultimate wood for firelighting, as it can 
provide kindling and fuel and, when split, 
makes excellent feather sticks. The bottom 
few inches may be wet where the tree 
wicks up moisture from the ground. 


The stick 

gets thinner 
as you make 
the shavings 






Collect any 
Keep the stick ; e shavings 
firmly on the ~ ~ that fait 
ground to steady Y) Ago > fromthe 
your getion : ae stick 


Once you have mastered 


to feather the rest of the stick. 

= When you've finished you 

will have a thin stick with curled 
shavings still attached, and 
ready for use as kindling. 





FUEL 


Tnitially, your fire needs constant tending, but once it can 
sustain itself for five minutes it’s established and you can 
add increasingly larger fuel to create a good heart—a bed 
of hot coals that sustains the fire with minimum effort on 
your part. The fuel should be about as thick as your wrist 
or forearm, At first, use dry fuel split into sticks that catch 
alight easily, Add green (live) wood and larger logs (whole 
or split) later, once when the fire is established, In wet 
conditions, build your fire under cover to keep off the rain. 


TYPES OF FUEL 

= Hard woods from mainly deciduous trees (such as oak, maple, 
ash, beech, and birch) burn hot and long, produce good coals, 
and are more efficient, But they are hard to get going. 

= Soft woods from conifers (such as pine, fir, and spruce) are 
easier to light as they can contain resin, but burn faster and 
produce less heat than hard woods. They also make more smoke. 
= Peat is found on well-drained moorland and can be cut with 

a knife. However, it needs a good air supply, 

= Charcoal is lightweight, smokeless, and burns hot. 

= Dried animal droppings provide a good smokeless fuel, 
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CHAR CLOTH AND FIRE CAN 


BEFORE SETTING OFF ON A TRIP, add either some char clothora = 
fire can to your backpack. These excellent forms of tinder are reliable TOOLS AND MATERIALS 


: : ‘ ; ; aA ith a tight-itti 
and potentially life-saving. Alternatively, you can take some mayasticks. jig, cae a oul oe . 
Char cloth is very easy to make, so keep some dry in your emergency ae cat 
7 5 8 . . e Wal 
fire kit or lining the bottom of your survival kit (see pp. 60-6)). 5 10 nersanteottan oth 
= Krife of scissors 
MAKING CHAR CLOTH » Spark or flame 


Char cloth is cotton cloth that’s been combusted in the absence of oxygen \ / 


(pyrolysis). It’s lightweight, takes up almost no space, and produces an ember 
from even a weak spark extremely well. Char cloth works only when it’s 
completely dry, so keep it ina watertight container. 















Turn the lid of a 
can upside-down 
and hammer a nail into 
the center, 
= Experiment with 
the size of the hole. 
Usually, the smaller 
the hole the better, 


Purch @ hole 
into the iid, 
if possible 
using @ nail 







Put as many pieces ~~ 
of cloth as you can 
into the can 





Smoke comes from the 
hole once the can starts 
to heat up—don't worry 


Smooth out the if flames appear, too 


rough edges 


around the hole You don’t need a big 


five—in fact, the 
smatier the better 


Cut 100 percent cotton cloth into pieces Place the can on a fire to burn off all the oxygen inside 
that fit into the can without folding. the can, or place it on top of some good coals scraped 
= Vary the sizes of the pieces so they don't just to the side of your camp fire, 
stack flatly on top of each other, but at the same = \When the smoke stops the process is complete. 
time don't squash them in. = Safely remove the can from the fire, 


= Securely place the lid on the can. = Don't open the can until it’s cool. 


MAKING A FIRE CAN 


You can use a fire can to start a stubborn fire when conditions are 
less than perfect, or to boil water, do some basic cooking, or warm 
your hands on a cold day. Once lit, a fire can burns for hours with 
a concentrated, controllable flame that produces no smoke, When 


it starts to fail, you can either 
replenish the existing cardboard 
with more wax or replace the 
cardboard and start again. 


The extra ts in 4 mm) of 
cardboard will buen down 
slightly and qet gs q wick 





Cut out a long, thin piece of 
cardboard that’s Ye in (4 mm) 
wider than the depth of your can, 


= Roll it tightly along its length until 
the roll just fits inside the can, 


Look at the colour and 

texture of the char cloth to 
see ifthe process has worked Remove the 
char doth 
From the tin 
and separate 
the pieces to 
Jet them aerate 









Once the tin has cooled down, remove the 

lid and examine the charred cloth, 
= The cloth should be completely black and have a 
semi-rigid, but softish texture. If it's fawn or brown, 
put it back on the fire and leave for longer. 
= Cloth that's brittle and crumbles is of no use. 
= Check the cloth works by striking a spark on to 
apiece; the spark should create a small red ember. 





Light your candle and let the 

melting wax drop into the can. 
= Let the wax soak the cardboard and top of the cardboard with the candle. 
a If its ribbed, cut it across the grain, fill up the can—it’s. a slow process, 
a Stop when the wax nears the top. 
= Allow the wax to harden. 
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TOOLS AND MATERIALS 

= Acan with a tighttitting lid, such as 
a stnall shoe-polish tin 

= Cardboard (ribbed of plain) 

= Candle and a match o¢ lighter 


Angle the candie = Knife or scissors 


so that the flame 
melts the wax 
rather than just 
burning into gir 





The can becomes hot 
so.don't touch it 


When the can has cooled down, 
hold it at an angle and light the 


= The flame should be concentrated 
and spread across the top of the can. 








FIRE WADS AND MAYASTICKS 


Fire wads are rolled strips of newspaper soaked ina fuel, 
Once dry, they make handy waterproof tinder. Mayasticks 
are pieces of resinous fatwood from the highlands of 
Mexico and Guatemala. The pieces are easy to light, 

even when wet, and generate a hot flame 


MAKING FIRE WADS AND MAYASTICKS 

= To make fire wads, tightly roll strips of newspaper into a tube 
4in (10 cm) long and tie thern with cord. Soak thern in melted 
wax and allow to dry, Light the center with a match, 

= Tolight a mayastick, cut alittle sliver of wood with your knife 
and lift it from the surface of the stick. When alittle resin seeps 
out, set it alight with a flint and steel (see p.127). 






C < Strike the flint 
A itil siiver oP wed I —~ with your knlfe 
half detached from < 
surfaceof the stick Mayastick 





ea 
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TYPES OF FIRE 


ONCE YOU HAVE COLLECTED your tinder, kindling, and fuel, 
and made sure it’s dry and ready at hand, you can set about 
making your fire. There are many different types of fire to 
choose from, depending on what you need the fire for (see 
below). Before you start to build your fire, make sure you have 
prepared the ground so that everything is safe (see pp. 118-19). 


CHOOSING A FIRE 


Tf you have a choice of fuel, as well as time to invest in building a specific 
type of fire, look at the choices below and determine which one is likely 


to suit your immediate needs. 


= Your primary consideration should be the function of the fire: warmth 

is probably your most urgent requirement, but other uses include cooking, 
signaling (see pp. 238-39), drying wet clothing, and disposing of waste. 
You may want a particular type of fire because it lasts all night. 

= Consider the availability of the components you need to build the 
fire—for example, the right fuel and the best ground. A rule of thumb 

is to estimate how much you think you'll need, then double it. 


TEEPEE 


= Surraund the tinder ball with 
kindling in the shape ofa 
teepee. Arrange small, medium, 
and large fuel logs in a square 
ai the fool of the igepes. 


» Avaas with abundant fuel, 
because the fire requires lots 
of firewood 


= Quick to light 

« Wet wood can be burned 
because it’s dried bythe 
heat of the inner fire 


® Warmth 

= Cooking 

® Signaling (if green vegetation 
is burned) 


STONE-LINED 


= Arrange large non-porous 
stones in acircle, place a 
tinder ball in the middle, with 
kindling around it. Add fuel 
logs when the fire is establised, 


» Windy locations 

» Popular areas with existing 
fire rings and where low- 
impact camping is vital 


= Stones shatter fire from wind 

« Using an existing fire ring 
reduces the fire’s impact on 
ihe enviyanment 


» Warmth 

= Cooking 

= Signaling (if green vaqetation 
is burned) 





AUTOMATIC 


| ar, 


FIRE ESSENTIALS 

There's plenty of advice surrounding 
the pros and cons of maldng fires, 
but three general tips will help: 

= Never make things any harder 
than they need to be. Choose a 

fire that requires the least effort 
for the maximum gain. 

= It is more efficient to build a small 
fire and sit close to it, than to build 
alarge fire and sit far away from it. 
« If all your wood appears wet, 
remove the bark and split the 
wood—the center will usually be dry. 
= Once the fire is established, place 
damp tinder, kindling, and larger 
pieces of wood close to the fire 

to dry out. Keep watch on them 

so that they don’t dry out to the 


\. point where they catch fire! 





LONG LOG 





» Linea hile 3 it (1 m) deen with 
non-porous stones, Put tinder 
and kindling inside andvast 
Jarge logs against the sides so 
{hey drop down as they burn, 


» Rockfree earth or sand, 
because it’s easy to dig 


» Solt-feeding once lit, which 
means you don’t need to keep 
adding fuel 


« Cooking 


= Signaling (if green vegetation 
is burned) 


» Pultinder, kindling, and fuel 
logs in a dapression 6 tt {2 m} 
long. Lay twa long fuel logs 
on top of the burning fire. 


» Forested areas, because the 
fire requires long lags for fuel 


» Long-lasting (the fire can 
stay alight all night) 
» Emits agreat dealof heat 


» Warmth (in cold weather, 
build a fire gittier side of you). 
» Cooking (ance embers 
have formed) 

















Introducing 5G 


Dr. Sam Farroha, Jared S. Everett (Johns Hopkins University Applied Physics Laboratory; JHU APL), 
Jason J. Uher (JHU APL), Jason R. Harper (JHU APL), Jessica K. Bridgland (JHU APL), and 
Pamela M. Patton (JHU APL) 


[Photo credit: Juli_Rose/iStock/Thinkstock] 





TYPES OF FIRE 175 
LIGHT YOUR FIRE 


There ave numerous ways to build a fire and get one going, and everyone 
has their favorite. The following example is a tried-and-trusted method 


that’s versatile and works well in a variety of conditions. 

Add more tual acrass 
the twa logs te fort 
a log-cabia” afte 

















Use small amounts of 


Tinder boi! Kingling te stort with 






Asithe tindiing 
burns it foils inte the 





Green wood kindling in 


piatform a “teases” center of the teepea 
Place your tinder Gently lay kindling As the kindling The fire is established 
ball (see p, 120) by the tinder ball. catches fire and when you can leave 


it alone for five minutes 

without it going out. 

® Then lay a large log on 
the wind-facing side and 

one on the other side. 


on a platform composed 

of green wood. 

= Light the tinder with 
your chosen method (see 
pp. 126-27) and let it catch. 


the flames grow, add 
larger pieces of kindling. 

= Continue to add kindling, 
gradually building up to 


® Build a kindling “teepee”, 
as this lets the fire breathe 
where the heat is strongest. 
= Feather sticks also make 
ideal kindling (see p. 120). 











SNAKE HOLE 


» Creates hole in the side of 
abank anda chimney un 
theough the earth. Light a 
fire inside using any fuel, 


a» Windy locations 
» Rock-free earth or sand bank 


« Chimney creates a draft, aving 
a high-temperature fire 
» Sheltered from the elements 


= Warmth 
= Cock ing 
= Waste disposal 


split logs (see p. 148). 





STAR-SHAPED 


» Guilda fire trom tinder, 
kindling, and fuel. 


» Arrarige four logs so thay 
meet in the middle. 
® Push logs in as they burt. 


« Forested areas, because of the 
logs the fire needs 


» Long-lasting 
» Gand embers for cooking 


» Cooking—balance a pot on 
the logs 
« Heating water 


HUNTER 


= Make a fire out of tinder, 


kindling, and any type of fuel. 


Place two long lags either 
Side of the fire in a V-shape. 


« Cold or windy locations 


= Hardwood lags shelter the 
fire trom the wind 
» Produces a greal deal of heat 


» Warmth 
= Cooking 








DAKOTA HOLE 


» Dig a large hale for the fire and 
a slightly smaller hale for the 
chimney, with 2 tunnel linking 
ihe two, Use small lags as fuel 
and cook at ground level, 


» Anywhere you can diga hale, 
because the fire requives very 
little fuel once estabilishad 


» Concentrated heat 


» Flames are below ground 
50 five is hidden 


® Cooking 
= Keeping wart 
« Drying wet clothing 
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MAKING SPARKS 
AND FLAMES 


LIGHTING TINDER IS THE FIRST STAGE of making a 
fire. Matches and lighters do this instantly, but there are 
a number of ways to create a spark that you can then 
use to coax your tinder into a flame. This is relatively 
easy when everything is dry, but with patience and 
persistence it is also possible when conditions are bad. 


IGNITION DEVICES 


There are various ingenious methods of creating that all-important 
spark or flame to ignite your fire. If you don't have matches or a 
lighter, you'll need to use another device, such as a flint and steel. 
You can also improvise by using an external energy source, such as: 
= Focusing the sun's heat with a magnifying glass or beverage can. 


= Making sparks with a battery. 


# Greating a chemical reaction using potassium permanganate. 





s s 
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MATCHES/LIGHTERS 
» Waterproof box of matches. 


» Cigarette lighter taped toa 
plece of cord around your neck. 
= Dry tinder 


= Tolighta match “commande 
style” strike it away from you 
onthe box and then cup it in 
your hands (see above), 


o 
a] 
i 
— 
= 
x 
= 


« Waterproof matches are 
usually just standard matches 
that have been coated with 
wax and varnish. 

» Always havea lighter around 
your neck ona piece of cord. 





MAGNIFYING GLASS 


= Magnifying glass 
= Drytinder 


= With the magnifying glass, 
focus bright sunlight onto 
some dry tinder and create a 
hot spot. Hold the magnifying 
glass steady until the tinder 
catches alight. 


= When you choose a compass, 
make sure it hasa magnifying 
glass incorporated into it (for 
reading the details on maps). 

= You canalso use the lens in 
reading spectacles. 
















STRIKING A MATCH 


It may seem simple enough, but 
there's a way of striking a mateh— 
known as “commando style"—that 
rellably produces a flame in all kinds 
of conditions, 







\ Press your 
\ middie 

} finger on 
the match 


Hold the box in 
one hand and a 
match between the 
thumb and first two 
fingers of the other, 
= Strike the match 
firmly away from you. 






Point the head of 
the flame down 

When the Ze 
match lights, / 

immediately cup | 

your hands to 

protect the flame. aeares 

= Let the flame burn a little way along the 

stem before using it to light the tinder. 





BEVERAGE CAN 


BATTERY 
= Empty beverage can = Flashlight and its battery 
= Drytinder = Wire or wire wool 
« Drytinder 





= Polish the bottom of the can 
(see Signal mirror, p. 245). 

= Catch bright sunlight on the 
shiny surfaceand reflect it 
onto tinder to createa hot 
spot. Hold the can steady 
until the tinder catches alight. 


= Lay the wireacross the 
battery terminals to create 
some sparks. 

» Remove the bulb fromthe 
flashlight and place wire wool 
ower the terminal. Switch on 
the flashlight to create sparks. 


» Thethinner the wire the better 
thiswill work, especially with 
lower voltage batteries (1 5y). 

» Use this method fora short 
period only, otherwise you 
will drain the battery. 


» You'll need to practice this 
technique so that you can 
rely on it ina survival situation. 





MAKING SPARKS AND FLAMES i oT 


WARNING! ; 


Potassium permanganate is a strong oxidizer 
‘that can, when tixed with certain chemnicals, 
‘create an explosive mixture. It can also stain 

your clothes and stdin. 


CREATING A CHEMICAL FLAME 


Potassium permanganate is an extremely useful item to have in 
your survival kit, because you can use the chemical not only to 
sterilize water and wounds, but also to create a spark to light 
a fire. You will need some sugar to make it work, so use some 
from your survival rations or crush a hard candy. 





aaa 


ey 
° 


Potassium 


permanganate _ 


On a hard surface, such as a flat 

piece of wood or rock, crush 
some potassium permanganate. Have 
an equal amount of sugar ready. 





a) 


Sugar 





Press firmly with 
your knife 


——— 






Mix the ingredients. With the 

back of your knife, push down 
on the mixture and drag it along the 
hard surface to create friction. 


along the surface * 





Drag the knife. 





Continue to push down and drag 
your blade until you get a spark, 
= The flame dies down quickly so have 
your tinder at the ready. 
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FIRESTEEL FLINT AND STEEL ONE-HANDED STRIKER = POTASSIUM PERMANGANATE 

= Ferrocerium firesteel = Magnesium-alloy rod = A magnesium-alloy rod and = Potassium permanganate: 

= Metal striker » Steel striker (usually a short ‘steel device that can be = Sugar 

» Drytinder piece of hacksaw blade) operated using only one hand = Knife 

= Dry tinder = Drytinder = Dry tinder 

= Hold striker next tothe tinder. = Follow instructions for the = Place the flint rod in the tinder. = Mix potassium permanganate 

= Placethe firesteel under the firesteel (left), » Press the thumb button onto and sugar in-equalamounts on )F 

striker, directly onto the tinder. the rod and push the handle a hard surface. = 

= Draw the firesteel back across down the length of the rod. = Press down on the mixture = 

the striker to direct the sparles = Pushing harder creates with your knife and drag the o 

ontothe tinder, The firesteel greater friction, which leads to blade along to createa spark = t=J 


moves, not the strileer. 


amore intense spark. 


(seeabove). 


» Lasts forabout 12,000 strikes. = Thereare many variations and = Works inall weathers. = You canalso mixa small amount 

= Temperature reaches 3,000°C. |dits, one has a magnesium » Hasa safety feature that of potassium permanganate 

= Works inall weathers and at block for the holder and the. ‘prevents accidental use, with glycol or antifreeze. 
anyaltitude. striker shaves slivers of « Designed for fighter pilots, Quickly wrap in paperand put 


magnesium into thetinder 
to help with ignition. 


who may injure an arm or 
hand after ejecting. 


on the ground. Warning: stand 
well clear as the combustion 
canhe sudden and dangerous, 










TRUE-LIFE ACCOUNT 


EXTREME SURVIVAL— 
IN THE DESERT 


USEFUL EQUIPMENT 


au Personal Losalor Beacons) DESPITE A LACK OF SURVIVAL KNOWLEDGE, 

a Sunglasses and sunscreen , ‘ 

= Cotton scarf or hat a party of five survived searing temperatures, 

. re flares dehydration, hunger, and the threat of animal attack 
ap, NpPass, a ” < o * 

m Garvie tiny basherait knits for six days when their plane crashed in the Kalahari 

= Gell/satellite phone Desert in Botswana. 

= Poncho/bivy sack 


On Wednesday, March 1, 2000, Carl du Plessis and three 

associates—Mike and Lynette Nikolic, and Nebojea Graorac—set off 
ona business flight from the capital of Botswana, Gaborone, bound for Maun, a popular 
tourist town in the north of the country. However, the aircraft developed engine trouble 
during the flight and was forced to crash-land. Critically, radio contact was lost, so no 
distress call was emitted before the plane went down, The pilot and all four passengers 
on board suffered burns during the crash and subsequent 
fire, but two sustained even more serious injuries—Lynette “eRITIC ALLY, RADIO 
Nikolic damaged her spine and left arm, and Graorac 


CONTACT WAS LOST, 
suffered a punctured lung. 

SO NO DISTRESS 
The following morning, Du Plessis and pilot Costa CALL WAS EMITTED 
Marcandonatos decided to walk the estimated four BEFORE THE PLANE 


days to Maun to find help. Their plan was misguided 
from the start—Maun was actually around some 190 WENT DOWN" 

miles (300 km) to the west, and other settlements to the 

east were much closer, They attempted to navigate by the sun but, lacking a machete, 
couldn't penetrate the dense bush. They were forced to follow elephant tracks to find 
watering holes, meeting elephants on one occasion, and heard the roar of lions at night. 
By Saturday they had walked 56 miles (90 km), but their zig-zag route had taken them 
only 20 miles (30 km) from the crash site. 


Despite their mistakes, they stumbled upon a manned hunting lodge the following 
day. After their initial efforts to radio the authorities had failed, a helicopter finally 
reached the crash site on Monday, March 6, airlifting the casualties to hospital for 
emergency treatment six days after the crash. 












Tf you are in a group, try to help 
any others who are ijn danger 


Tf no one knows you are missing 
or where you are, you will need to 
notify people of your plight by 
any means at your disposal 


You are faced with surviving for 
an indefinite period—until you 
are located or you find help 





Tf you cannot survive where you 
are and there are no physical 
reasons why you should remain, 
you will have to move to alocation 
that offers elther a better chance 
of survival, rescue, or both 


























DO 


= Nake an informed decision on 
the best location to move to 

® Leave clear indications of your 
intent (written messages or signs) 
if abandoning a vehicle 

@ Have aids to location 
accessible while moving 
and deployed when static 
= Protect yourself 
against glare frorn the 
sun and windburn 

@ Seek or improvise 
shelter when not moving 
and seize all opportunities 
to collect fuel for a fire— 
deserts get cold at night 
= Be on constant lookout 
for signs of water or 
clvilizatlon—such as green 
vegetation, converging 
animal/human tracks, 

or circling birds 













> DO YOU HAVE ANY MEANS 


® scanyousurvive 


> 
<< HAVE TO 


DON'T 


@ Sit directly on the hot 
ground when you stop 

= Travel during the hottest 
part of the day 

@ Take risks—a twisted ankle 
caused by running down a 
sand dune could be fatal 

= Force the pace—travel 
at the speed of the slowest 
person in the group 

= Shelter in dry river beds, 
because of the potential 
risk of flash floods 


WHAT TO DO 


ARE YOU IN DANGER? 


<& NO YES => 


»> ASSESS YOUR SITUATION 


See pages 234-35 


Ww 


DOES ANYONE KNOW YOU WILL BE 


MISSING OR WHERE YOU ARE? 


& NO YES => 


OF COMMUNICATION? 


<— NO YES => 


WHERE YOU ARE? * 


<= NO YES => 


YOU WILL 
MOVE ** 


requires doing 


heat and smoke 












DON'T 


m Leave a broken down 
vehicle unless absolutely 
necessary—it's easier to 

see and is what rescuers 

will be looking for 

m \Waste energy 
unnecessarily—be idle unless 
there is something that 


= Ignore your fire—use 
anything that burns (wood, 
vehicle tires) to generate 











Get yourself out of it: 
Sun/Heat—Find or improvise 
immediate shelter 
Animals—Avoijd confrontation 
and move away from danger 
Injury—Stabilize condition and 
apply first aid 









Tf you are missed, a rescue 
party will almost certainly be 
dispatched to find you 





Tf you have a cell or satellite phone, 
let sormeone know your 
predicament. If your situation is 
serious enough to be worthy of 
emergency rescue, and you have 

a Personal Locator Beacon (PLB), 
you should consider this option 


Address the Principles of Survival: 
Protection, Location, Water, Food 












DO 


@ Seek or improvise shade and 
work during the coolest part of 

the day/night. A shelter dug even 
6in 05 cm} below ground level 

will provide a much cooler 
place to rest 

= Ration sweat, not your 
water; you require around 
V4 pints C1 liter) per hour in 
temps above 100°F (38°C), 
half of this if it's cooler 

= Continually re-assess 
your water situation and 
options for augmenting 
your supplies 

= Leave everything out 
overnight that could collect 
dew so you can drink it 

™ Prepare all of your aids 
to location for immediate 
use, Be constantly alert 
for signs of rescue 
























* Tf you cannot survive where you are, but you also cannot rrove owing to injury or other 
factors, you must do everything you can to attract rescue. 
* Tf yoursituation changes (for instance, you are “moving” to find help, and you finda 

suitable location in which you can stay and survive) consult the alternative "Do" and "Don'ts." 
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FIRE BY FRICTION 


THIS METHOD USES PRIMITIVE EQUIPMENT, such as a bow = 
drill, and requires knowledge, skill, practice, the correct wood, time, anc ita ati fching 
and effort. However, once learned it’s possibly the most rewarding fine shoelaces, or balling twine 
of all survival skills. Your first fire created from a coal produced by = Wood 

a fireset that you have made yourself will be a fire you will never SOHO panees 


forget. In a genuine survival situation, however, you would always 


start a fire with the quickest and easiest method available. \ee 






is 7°. MAKING A BOW DRILL 


THE FOUR SKILLS The bow drill set is one of the most efficient methods of making 


oe ai fire by friction. Try to find the right type of wood for each part, 


fire saw (see p. 133), and bow dell, Each especially the drill and hearth board (see Testing Wood, opposite), 
has its own advantages, depending on the 
materials available and your practical sldlls. To make the bow, cut a stick The notch is a tie-off 






Regardless of the method, however, there to the same length as the point for the cord 
are four main elements to producing fire distance between your armpit 

by friction—each a slall on its own: and your fingertip 

= Identifying and procuring the correct 


= Cut anotch (or make a hole 


types of wood, 
: are with a bradawl) near each end. 
= Manufacturing the individual pieces 
that make the fireset. = Tie cord with an arbor knot {see 


j : . 142-43) to one notch and with 
= Using the fireset to produce a coal. a 
eae ees half hitch . 144-45) to th 
= Nueturing the coal into a flatne, Oa lisa Ho Wie 


\ j other, Leave only enough slack to 
wrap around your finger, 
Shape the end that fits into the 


hearth board to a bluntness 
that maximizes friction 







Make q notch with 
the point of your 
knife in the middie 
of the block 





Hold the wood 


fivmly in one 
hand and carve Make the bearing black 
away from you from a piece of hard wood 
with the other 


about 3-4 in 75-10 em) across. 


= Cut it to a length of 4-5 in 


Carve the end os ote 
that fits into (12-15 cm), split it in two, and 
the bearing make anotch in it. 


To make the drill, cut 
a straight piece of 
wood that has no knots. 


= The drill needs to be about fey oe = The drill’s dull point fits into the 
Lin (25 mm) in diameter ae notch, while you hold the block 
and about 8 in (20 cm} long, friction when you are bowing (see p, 132). 


FIRE BY FRICTION 13) 





Remove 


é Try to dent CHAR TEST 
piece of bark 


sigs Each type of wood praduces a 
distinctive char and coal. Some, 
such as hazel and lime, make a 
coal easily but the fireset will 
wear out quickly, The char test 
helps you discover which woods: 
make a good coal, Drill into a 
softwood hearth board until 

it smokes, continue for five 
seconds and then stop, Look 
at the char produced; 














TESTING WOOD 
Standing deadwood is ideal 
for the drill and hearth board 
as it's dry. Soft deadwood 

is easier to use than hard 
deadwood, but if you cant tell 
the difference, use these tests. 







Guide the 
blade with 
your thumb 


THUMBNAIL TEST 
Cut through the bark of a branch, 
exposing a patch of wood beneath, 


Ifyou dent this wood easily with Hold your knife at a Press your thumbnail | ™ fit's like a fine powder it 
your thumbnail, it's a soft wood. slight angle to the at an angle of al BiCo any produce 4 coal, 
If you can only make a small wood, Push it with athumb 90 degrees to the wood = Ifit's coarse, or appears to 
impression, then it’s ahard wood, ontop of the blade, in the exposed patch, disintegrate into nothing, it 


probably won't make a coal, 


Make the hearth board from a flat 
Ww piece of wood aboutlin(25mm) use the tip of 
thick. You may have to split some wood your knife to 
to get what you need. righ 
® Hold your drill so that it sits about 
?/sin (LO mm) from the edge of the board. 
a Mark this point with your knife and notch 
out a small hole to help the drill get started. 


THE FINISHED FIRESET 


The bow drill set works best when the drill 
and hearth board are made from the same 
wood, because both parts then wear down 
evenly. This may not always be possible, 

so experiment with different woods, 

= Good woods to start with are sycamore, 
hazel, ivy, lime, willow, and sotol (not found 
in Europe), 

= Also useful are alder, birch, cedar, pine, 
spruce, maple, oak, and poplar, 






Put the drills pointed 
end into the hole 









Twist the cord 
once ground 
the dill with 
the cord on the 
side of the bow 


Make the bow from any wood. 
preferably q length that has ¢ 
slight curve 





Make the drill from 
the same wooed qs the 


Set up the bow, drill, and bearing block (see also p, 132) hearth hoard 


and bow the drill into the hole in the hearth board until 


the hole is as wide as the drill, Don't go all the way through, oe 


the drill will help prevent 
the cord from sipping 





Make the V about an eighth of 
the circumference of the hole 


Cut the bearing block 
from hard wood to stop 
i burning away 





DRILL BEARING BLOCK 


Cut a ¥ to the center of the hole through the hearth board. 
The bottom of this V is where the char collects and the 
ember forms in the ember pan (see p, 132). 





HEARTH BOARD | Make the hearth board from wood 
that heats up and ignites easily 
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USING A BOW DRILL 
Before you use a bow drill, have your dry tinder bundle, kindling, and fuel —, 
beside you, Until you become proficient at using a drill, you will use lots of A 


TOOLS AND MATERIALS 
energy, so beware of overheating and dehydration. Turning a coal into a = Bow deill set (see pp. 120-20) 
fire is a skillin itself, so use every opportunity to practice making tinder = Thin, dry piece of bark to use as 
bundles and lighting them with a small coal from your camp fire. an ember pan 


= Buffed tinder, indling, and fuel 


| Keep your head 
f al as stiff as you can \ y | 


ETTING INTO ae an above the Bow 


align itwith the Von the hearth board. Rest. 
ore foot on the board, Loop the bow cord 
orice around the drill, starting on the inside. 
Insert the dell into the hole on the hearth 
board, slot the block on top (with a green leaf 
in the notch for lubrication), and lock your 
wrist into your shin as support. Kneel on the: 
other leg and bear down on the block. 


Hold the bow horizontal to the ground 
and parallel to your body, 


= Lean slightly forward to apply downward Use your arm for 


pressure to the drill and back to reduce it. bowing, not to 
: ‘ bear down on 
= Start bowing slowly, using the full length the block 


of the bow. Aim for an even, flawing rhythm. 

= Breathing steadily as you bow, gradually If the dvi! sips 

increase speed and pressure until smoke iia your grip 

appears. Vigorously bow with maximum further along the 
: : bow to increase the 

effort ten more times—this usually ienslon iythe-stving 

produces a coal in the ember pan. 
































Bear down on 
the Block with 
the weight of 
your body 





Keep the advil! 
upright as you bow 


As the dyilf tums, 
friction heats 
the wood 


board with your foot 

A pile of black ash 
will collect on the 
ember pan 


Gently remove the drill and lift the 
hearth board up and away from the 
smoking coal in the ember pan. Fan the coal 
= If the coal is sticking to the board, gently Moothel ee 
tap the board with your knife to loosen it. 
= Carefully lift the ember pan off the 
ground and hold it in the air to see if 
the coal is glowing. 
= If the coal in the ember is just smoking, 
and not glowing, then gently fan it with 
your hand until you see it glow. 





















Gently transfer the 
glowing coal into 
your tinder bundle. 


= The coal must touch the 
tinder to transfer its heat, 
so squeeze the tinder around 
the coal, but don't crush it or 
starve it of oxygen. 


Tip the coal off the 
ember pan and into 
the center of the 
tinder bundle 


Hold the tinder bundle 
away from your face 
(turn your back to the 
wind if there is any) 


Don't blow 
Alt from too hard 
your breath 
or the breeze 
helps with 
combustion 
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BAMBOO FIRE SAW 


This friction method uses a saw 
technique to light tinder collected 
from scraping the outside of the 
bamboo with your knife. 


MAKING THE FIRE SAW 


You need a bamboo section 18 in 
(45 cm) long. Split it lengthways 
into two equal pieces. 


Sharpen the edge of the first 

piece with your knife and then 
cut a V-shaped notch in the outside 
middle of the second piece. 


Hold tinder over the notch in the 

second piece of bamboo with 
another bamboo strip that’s snapped but 
not fully broken, 


= kneel down and brace the sharpened 
piece of bamboo vertically between the 












Hold the tinder ground and your stomach (place a pad 
eh lot on your stomach for comfort). 
your face Place the notch and tinder over the 


Gently blow into 
the bundle to help 
fan the coal and encourage 
it to catch. 
= You can swing the bundle 
down and back up in 
between breaths to let 
dry air fan the coal. 
= Continue as the amount 
of smoke increases and 
eventually the bundle will 
burst into flames. 


Don't throw the burning bundle on the eae he oe 
ground, just calmly place it where you Bs Beas fuet 


intend to have your fire. Start building the fire 
around the bundle (see pp. 124-25), 


Pigee kindling 
over the top of 
the burning 
Under bundle 


ne 

























sharp edge of the first piece, and rub 
the second piece up and down in a 
rhythmic movement, 


Lean over the top 
of the fire saw 


Saw yo 
and 


Hold the 


second plece 


horizontal in 
both hands 









Bond 
down on 
one knee 


Hold the first bamboo 
piece verticg! 


When the friction produces lots 
of smoke, continue for 20 strokes 
more and you should have a coal, 


Rub the 








SKILLS 


Learning skills that you can use 

in the wilderness is always a “work in 
progress.” Having taught thousands of 
students over several years, | am yet 
to conduct a course in which I didn’t 
learn a new skill. For example, this could 
be a more efficient way to erect a 
shelter, how to tie a new knot, or the 
best way to carry out a task more 
safely and efficiently. 

In the military, we invariably teach 
students how to accomplish a particular 
task using only the most basic gear. By 
learning how to perform a task using 


the absolute basic equipment, they 

will be able to understand the important 
elements of the task and will have no 
choice but to get them right in order 

to succeed. This in turn helps students 
to appreciate how and why certain 
techniques do and don't work, and gives 
them an opportunity to use their 
improvisational skills to modify basic 
techniques in order to get the most out 
of them. Knowing the correct method of 
using a knife, for example, will not only 
improve safety on an expedition, but 
will also mean that only the minimum 


In this section BQ Ea ie) ya ae 


= the merits of a hank in your pocket... 


= how to strip a nettle stem and not get stung... 


= when to twist and when to roll... 


= how to tell a working end from a standing end... 
™ the uses of a sheet bend or a Siberian hitch... 


= the difference between a parang and a kukri... 
= how to fella tree with a thumping stick... 
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generations. Although the technology itself tends to evolve continuously, a new generation 
of standards marks a revolutionary step forward, with a substantial increase in system 
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(5G) networks are expected to enable a seamlessly connected society in the time frame beyond 


2020 for both people and things, including vehicles, homes, smart cities, sensor networks, 
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play a critical role in the wireless ecosystem, 5G represents an opportunity to architect a new 
system that is fundamentally different without the constraint of backward compatibility with 


existing technologies. 


What is 5G? 


Although there are as yet no standards for 5G mobile 
networks, a number of key technology trends have 
emerged. This article describes seven major technol- 
ogy trends that will pave the way to the next genera- 
tion of 5G networks. 





New Flexible Radio Access Technology (RAT): 

A new, non-backward-compatible RAT will be 
defined for 5G that is distinct from previous 
generations, such as 4G LTE and its evolution. 
New multiple access schemes under consid- 
eration include various modified Orthogonal 
Frequency-Division Multiplexing (OFDM)- 
based solutions with improved spectral effi- 
ciency. The new RAT must be flexible enough to 
accommodate a variety of traffic types with often 
conflicting radio requirements. The concept of a 
unified air interface has been proposed for mul- 
tiplexing multiple physical layer (PHY) regions 
with different characteristics [e.g., transmis- 
sion time interval (TTI), subcarrier spacing] 

on a contiguous block of spectrum [1, 2, 3]. 
Spectrum for the new RAT will include existing 
bands below 6 gigahertz (GHz), as well as new 
centimeter-wave (cmWave) and millimeter-wave 
(mm Wave) bands in the 6- to 100 GHz range 
[4]. The new RAT must also support significantly 
reduced latency, with as low as 100 microsec- 
ond (us) transmission time interval (TTI) at 

the PHY for the ultra-reliable and low-latency 


communications (URLLC) use case [5]. Lastly, to 
further improve spectral efficiency, full-duplex 
transmission schemes have been proposed, 
potentially allowing the same time-frequency 
resources to be used for uplink and downlink 
transmissions simultaneously [6]. 


Virtualization: Software-Defined Networking 
(SDN) and Network Function Virtualization 
(NFV) are two key architecture concepts in de- 
velopment to support the flexibility and mobility 
demands of the 5G network infrastructure [7, 8, 
9]. Virtualization of network functions, which 
were traditionally implemented in hardware, 

will pave the way for commercial telecom- 
munications operators and service providers 

to introduce new features and integrate new 
standards releases at an accelerated rate. NFV 
enables providers to move toward a decentral- 
ized network to increase flexibility, pushing core 
functions toward the edge to reduce latency, and 
virtualizing those functions on cloud-based serv- 
ers. The proposed Cloud Radio Access Network 
(C-RAN) architecture, a specific use case of NFV 
applied to the RAN, uses a pooled architecture of 
baseband resources to increase scalability, physi- 
cal layer flexibility, and spectral efficiency [7, 10]. 


Millimeter Wave (mmWave) Communications: 
The term mm Wave refers to carrier frequen- 
cies in the International Telecommunication 
Union (ITU) extremely high-frequency (EHF) 
band, from 30 to 300 GHz. Within the context 
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If you give someone with 
little understanding of knots a length of 
cord and ask them to complete a task, 
they will invariably use the whole length 
of cord. If, however, you teach someone 
two simple knots and set them the same 
task, they will invariably use only the 
necessary amount of cord. 

























amount of valuable energy is being 
used to complete a task. Equally, 
knowing how to tie a few simple knots, 
which can be used in the majority of 
survival situations, will allow you to 
use whatever cordage you have in the 
most efficient way possible. 

If you find yourself in a survival 
situation with more than the most basic 
gear, life will be much easier. However, 
the ability to improvise what you need 
when you don’t have it could mean the 
difference between continued survival 
and despair. 


USING THE BEST KNOT, lashing, or hitch 
for a particular task means that you will use cord 
more efficiently and, therefore, ensure that your 
supply will go further. In a Survival situation, 
where you may be moving every day, you need 
to be able to use the same pieces of cordage 

day after day. 


= Use knots that don't require cutting and that 
can be untied quickly and easily (trying to undo a 
knot with cold, wet hands in the dark, and when 
you are tired and miserable, can be an emotional 
experience that usually ends in frustration and 
several pieces of cut cordage). 

= Before you set off into the wilderness, learn 

a few basic knots, such as the Siberian hitch and 
the taut-line hitch, which are great for rigging a 
simple poncho shelter. 

= Practice these knots until you can tie—and 
untie—them with your eyes closed. 

m If you are trekking in a cold environment, 
practice tying them wearing gloves. 


ee 


(4G) The ability to improvise what you need 
when you don’t have it can mean the 
difference between continued survival 
and despair 1] 
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MAN-MADE CORDAGE 
A VITAL PIECE OF SURVIVAL EQUIPMENT, manmade ff N 


cordage is one of those small items that has many uses: ute CORDAGE us = 
cies 7 : : is vital that you use your limited supply 

building a shelter, repairing equipment and clothing, of conlageas efficiently as possible. 

making traps and nets, and producing fire by friction = Use only the minimum cordage thatis 


absolutely necessary to accomplish each task. 
= Use simple, strong knots that, if possible, 
can be released without cutting. This leaves 


using a bow drill. Always pack plenty. 









PACKING CORDAGE ‘the cordage irtact for the next task. 
Before you set off on your travels, check how much cordage you 

will need. Make sure you pack it in two places—in your backpack Each oeanetog 

and on your person, in case you get separated from your pack, paracord is 

Make sure, too, that the needle you pack in your survival kit Soe 

has an eye big enough for the inner strands of the cordage. inner threads 


PARACORD 


Parachute cord, or “paracord,” is a type of cordage originally 
developed for the rigging lines of parachutes and then adopted as the 
standard utility cordage by most of the world's military forces. It is a 
lightweight, nylon rope composed of 32 braided strands. Each strand 
contains a number of smaller threads that can also be used. In most 
situations, paracord is a very good option because it’s readily 
available, strong, and packs down small. 









WWihon they qre cut 
the ends of the braids 
can unravel 


i 





SURVIVAL TIP 


Green is the ideal color for military paracord as it 
remains camouflaged. In a survival situation, red is 
best because it stands out—it’s easier to find if you 
drop it and can be used as an aid to location. Don't 
pack just one very long piece of paracord (L50ft/30m, 
for example), It's much better to cut the paracord into 
30 ft (LO m) lengths and tie each of them into a coil 
called ahank (See opposite and below). 


TEN HANKS 
Ahank can fit in the palm of your hand, It takes up very little 
room so you can easily stuff upto 10 of them into your pack 
and pockets, and leave them there until you need them. 


Coil lengths of 
paracord inte 
palm-sized hanks 






Paracord is g 
kernmantle rope 

with an interior core 
(the kern) surrounded 
by a woven exterior 
sheath (mantle) 


The outer sheath is 
designed to optimize 
strength, durability,” 
and flexibility 


TYING A HANK 


It’s best to keep your cordage in a hank—you can untie 
it when you need a piece and retie it to store it again. 
Tying a hank is straightforward and soon becomes 
second nature, because you'll do it again and again. 


The end of the cord 
ieep your is held in place on 
thumb vertical, the palm of your 
fike q post hand 












Hold-out your hand (you can use either hand) with 
the thumb and the fingers spread. 
= Lay the end of the cord on your palm, then loop the cord 
in a figure-eight around your thumb and little finger. 


Keep stretching The figure-eight 
_ your thumb and gradually becomes 
fittle finger to keep more bulley 


the cord taut 


Continue winding the cord 
until you have about 8 in (20 
em) of cord left—this is the tail. 


Release 
hitch knot 





Seqi the end 
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OTHER TYPES OF CORDAGE 


Tha survival situation you may have to improvise 
and use other types of cordage, especially if you 
didnt bring any paracord with you or have run out, 
Before you start making it from natural materials 
(see pp, 138-41), see what else you might have 
that would be quicker and easier to adapt, 


SHOELACES 

The normal laces of shoes and boots are often strong 
enough to use as cord, However, the members of many 
military units, who are limited to the amount of equipment 
they can stow or carry, replace their bootlaces with 
paracord, They use twice as much as they need and wrap 
the extra length around the top of their boots before tying it, 
This gives them a ready supply of extra cardage that they 
can cut off as needed, You can easily do the same—but 
never sacrifice all the cordage you are using as shoelaces: 
as you'll need to make sure you can still walk comfortably, 


BELTS, CLOTHING, AND HATS 

You can cut any type of belt, whatever it's made of (leather, 
canvas, and so on} into strips to use as cordage, You can cut 
clothing into strips, too, However, you don't have to destroy a 
shirt completely: start at the bottom her and cut 1 in (2.5 ern) 
strips all the way round. You can even use your hat—a lin 
(2.5 cm) strip from the brim of a jungle hat is just over 3 ft 
(1m) long, Better still, coll paracord around the crown of 
your hat and stitch it in place Gust the front and the back), 


RAIDING YOUR KIT 

You may have other items in your equipment that you could 
use as cordage, such as guylines from tents or draw cords 
frorn clothing or sleeping bags, Dental floss, especially the 
waxed type, is extremely strong and can be used effectively 
for lashing or sewing, If you have a vehicle, you probably 
have a towrope; take a part of it and unravel the rope into 
smaller pleces of cordage. 


BE A SCAVENGER 

Few places are untouched by modern man, Even in rernate 
areas you'll come across discarded items from the “civilized 
world"—from plastic bottles to bailing twine. In a situation 
where improvisation could be the difference between life 
and death, collect anything you could use to your advaritage. 





a, 





SEALING PARACORD 

Paracord cant be awkward to use because its ends, if left 
unprotected, evertually unravel. Try to seal the ends after you 
have cut them by holding a flame next to thetn until they melt. 
Be careful, as the melted nylon can drip and burn, 


Take the hanked cordage off your thumb 
and little finger, 
= Secure the hank by tying the tail around it with 
a release hitch knot (see p. 143). 
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NATURAL CORDAGE 


IF YOU DON'T HAVE any man-made cordage, you may 
be able to make a natural substitute. Use the roots and 
stems of plants to produce improvised rope for erecting 
shelters, and use sinew from the tendons of larger animals 


for strong whipping and sewing. 


PREPARING NETTLE FIBERS 


Old stinging nettles or wood nettles with long stems have the most 


fibers, Wearing gloves (or with your hands covered), strip the 
leaves from the nettles by grasping the stem at the base and 


pulling your clenched fist up the full length of the stem. 


NN 


‘WARNING! 

Take extreme care when you collect and 
work with plant fibers, especially removing, 
plants such as green ferns from the ground. 
Bending a stem at its base and pulling it up 
ati expose fibers that are razor-sharp. Cut. 
‘the plant with a knife or wear gloves. The 
juice of some plants can irritate the sldn, 

so wash your fands when you've finished. 


Open the flattened nettle 
stem te form q long strip 





Sit astride a log and lay a nettle stem in front of you. 
Roll a smooth, rounded stick backward and forward 


on the stem, pressing down hard, 


# Continue rolling until the whole stem is crushed, 


CHOOSING YOUR RAW MATERIALS 
Many kinds of raw material can be used to make natural cordage, from bark 
and raots to stems and sinews. Search your immediate environment first to 

see what can be used—you may not have to look too far, 


BARK 


m Tree trunks have layers between the barleand heartwood called 
the “carnbiurn” layers, which are best for cordage. 


Tease open the crushed tissue along the whole 
length of the stem of the nettle with your 
thumbnail. This exposes the spongy pith within, 


ROOTS 


u Many tree roots make good cordageand lashings, but 
evergreen trees, suchas pine, fir, spruce and cedar, worl best. 





= The bark of trees such as willow and linden make good cordage. 


= Use other types of barle, suchas clematis or honeysuckle, as they 
break from the tree or vine. 


= Look for new roots near the surface of the soil, these are 
flexible. Cut slightly thicker roots than you need, as you have to 
removethe bark. Remove only a few roots from each tree and 
repair any damage you do to the topsoil. 





ca) 
= 
— 
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a 
er 
co 
a 


m Strip the bark froma dead tree, then beat it to loosen the inner 
cambiurn fibers, 

= Pull off the cambiurn fibers inlong strips, Use them as they are 
(clernatis and honeysuckle), or braidthern into stronger lengths. 





= Cuta slit along the root. Peel the bark and let the bare root dry 
and shrink before splitting in half or into quarters, 

® Keep the bark for tinder or ldndling. Youcould also put it ona 
fire to produce smoke that keeps away flies. 









fegse the fibrous 
fayer away with 
your thumb 


Section of 
broken stem 


Bend the stem in the middle of its length, When you bend 
it, the inner pith will break away from the outer skin, 
making it easy for you to separate them. 


Carefully peel the outer 

skin from the inner pith. 
= With the finger and thumb 
of one hand, gently pull the 
layer outward, while pushing 
down on it with the thumb of 
the other hand, 
= You'll be left with long fibrous 
strips of outer skin, which you 
can make into short bindings 
or natural cordage (see p. 140). 


try to peel away the 
layer in one movement 


WITHIES LEAVES 
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MAKING CORDAGE FROM PLANTS 

To begin with, you must have access to enough 
quantities of the plant. Don't start malang cordage 
with the only plant in the area. There should also be 
some basic characteristics present in order for plant 
material to work well as cordage. 

= The fibers need to be long enough. If you have to 
splice them together to make workable lengths, you 
will weaken the line. 

« If you're braiding pieces together to make a stronger 
line, use rougher fibers, as they will bite together 
better. Shiny or smooth fibers tend to unravel easily. 
= The fibers need to be strong. Pull on ther to see 
how much strain they take before brealdng. They also 
need to be pliable enough so they don't break when 
you bend and tie them. 





SINEW 


® The strong, flexible stems of willow, birch, 
ash, and hazel are called “withies’ and are 


= The leaves of many plants, suchas the 
lily family, agave, and sisal hemp, contain 


= Animal sinew males strong and versatile 
cordage—some sinews can support the 
weight ofa man. 

® Sinew has been used to bind arrow heads 
to shafts and to sew together everyday 
clothing, such as leather and mulduls. 





= Sinews are the tendons connecting bone 
to muscle. The largestare on both sides 
ofthe spinal column, running parallel to it. 

= Shorter lengths can be taken from the 
calves of the hind legs. 





eB used for thatehing and in gardening. useful fibers. 
<3) = Withies make useful and robust lashing 
and are best used in spring or summer. 
= Choose a young sapling or branch that’s m To find out if the leaves ofa plant contain 
long and flexible. The fewer the stems useful fibers, simply teara leafapart to 
or branches the better, as they will need see ifit breales into stringy layers. 
to be removed. 
= Remove stems or branches. Grasp the wand = Soal¢the leaves inwater to male the inner 
= at the base and twist until the fibers break, layers swell and burst. Bacteria worle on 
z= working your way to the tip. Bend the the cell tissue, separating it fromm the fibers. 
Sh wand into an S-shape and crank the middle fi ‘hers | 
a Ute pave eae ui = Rinse the fibers in fresh water to stop 
jay of the wand to loosen the fibers. Then cut further bacterial decayand then dry them. 


the wand from the treeand use the withies. 


= Takea tendon from an animal's body, remove 
its outer sheath, then clean itand let it diy 
Separate the dried fibers and use them as 
individual threads, or splice or braid them 
together to form stronger cords. You can 
soften dried sinew with water or saliva. 
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MAKING NATURAL CORDAGE 


Gniee you have prepared a sufficient quantity of fibers, it's best to 
let them dry before using themn—hang them up in the sun or near 
a fire. Ina survival situation, you can use thern before drying. Twisting 
or rolling the fibers are the two main methods of making natural 
cordage. As with most survival tasks, practice makes perfect, 





TWISTED CORDAGE 


Start your first length of cordage toward one end, not in the middle, 

to prevent all the subsequent splices from coinciding at the same point. 
This provides strength, as each splice is a potential weak point, If they 
are thin enough, the twisted cordage fibers can then be plaited to 
create a thicker cord that's even stronger, 









A Jeap forms 


ia naturally when yeu 
twist the fiber 





Grip the first length of fiber a third of the way along Twist the fiber with your right hand until a tight 
its length between your left thumb and forefinger. loop is formed. 
a Grasp the fiber with the thumb and forefinger of your = Keeping the tension inthe cord, inch your left thumb 
right hand 1 in (3.cm) from your left. and forefinger forward and clamp down on the loop. 


the cord is between 
your middle and 
fourth finger 






The twisted 
eardage 
emnerges 

in your feft 
hand 


Sweep the middle and fourth fingers of your Now that the new twist is clamped by your left 
right hand upward, pulling the left-hand cord hand, you can release your right thumb and 
under the captive piece. forefinger, letting the lower cord fall. 
® Inch your left thumb and forefinger forward, and a Grip the upper cord 1 in (3 em) from your left fingers 
clamp down on the new twist. with your right thumb and forefinger. 


SIMPLE ALTERNATIVE TWIST 

You need to start with two fibers of different lengths so that 
when you splice on additional lengths the splices are staggered. 
Start by tying one end of one fiber with one end of the other, 

= Clamp tied ends in your left thum® and forefinger and the two 
fails in your right thumb and forefinger about 2 in (5 cm) down. 

= Roll both fibers between your fingers away feom you for one 
complete roll. Repeat this until you have about 3 in (75 cm) of 
rolled fibers, then clamp ther in your right thumb and forefinger. 
= Release your left thumb and forefinger and the rolled fibers 
will naturally twist together to fort a strand of cordage. 

= Repeat the process until you have enough for your needs. 


Hold the twist 
with your jeft thumb 
and forefinger 





Move your right hand back so that 1 in (3 cm) 
of cord is visible and apply another twist. 
= At the same time reach forward with the middle 
and fourth fingers of your right hand and grasp the 
cord hanging from your left fingers. 





Repeat Steps 3, 4, and 5 as you work your way along 
the length of cord. 
= To splice in an extra length, overlap the new piece 2 in 
(6 cm) along the existing fiber and twist the two together 
between your left thumb and forefinger. Then continue 
with the process as before. 
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ROLLED CORDAGE 


This method of rolling cardage, which is also known as 
the “pygmy roll," is easier to do if you're sitting down. 
As with the simple alternative twist (see left), you 
need to start with two fibers of different lengths and 
tie one end of one fiber to one end of the other. 






Lay the tails 
ofthe fibers 
side-by-side 
on your thigh 


Tie the ends 

of both 

fibers 
Hold the tied ends between the thumb and 
forefinger of your left hand, 

= Lay the two tails of the fibers on your right thigh. 





The fibers 


eon the are twisted 
fingers but remain 
together separate 


Use the flat palm of your right hand to roll 

both fibers simultaneously away from you, 
You may find it easier to use the flat of your fingers. 
= At the end of the roll, clamp the fibers down onto 
your thigh with the tips of your fingers. 





Release your left thumb and forefinger and 
the rolled fibers will naturally twist together 
to form astrand of cordage. 


= Repeat the process, splicing in more cordage as required, 
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TYING KNOTS 


THERE ARE HUNDREDS of different types of knot in 
existence, but by practicing the handful of straightforward 
knots shown here and overleaf, you should be able to 
accomplish most survival tasks. Start by tying each knot 
in the situation you expect to use it—for example, erecting 


THE ENDS OF A LINE 


The end of a rope of line that takes the most 
active part in knot tying is the working end. 
The other end is called the standing end—its 
more passive, as the knot is tied around it. 


a poncho shelter—and then practice it at least 20 times. 





SLIP KNOT 


A slip knot is a good example of a simple 
knot that has many practical uses in 
survival situations, 


Hold the working end 
between your right 
thumsé and forefinger 








Hold the standing end 
between your loft thumb 
and forefinger 
Twist the standing line over the 
working line to form a loop. 
= Hold the loop between your left 
thumb and forefinger. 


Loop in the 

working end 
Make a loop with the working end 
and pass it into the first loop. 

= Collect the second loop with your left 

thumb and forefinger and pull it through, 


< 


Standing end 


Pull to tighten 
the loop 












Pull te loosen 


=>” foop 


Gather both ends in your right 
thumb and forefinger and pull them 
away from the loop in your left hand. 
= Put the loap over whatever you want 
to secure—for example, a button-tie on 
your bivy sack—and pull the knot tight, 


ARBOR KNOT 


This all-purpose knot has several survival uses. When erecting a 
poncho or a tarp (see Chapter Four), it can be used as a tle-off 
knot to secure one end of a line to a fixed point, such as a tree or 
peg, where no adjustment is required. It can also be used asa 
lashing to secure two poles together—for example, in an A-frame 
shelter (see p. 164)—with just one turn of cordage. 


Working fine 
passes over 
the standing 
















Hold the point 






i@ep the 










Pass the cord around aur koe the twa 
. SUMUIGIIG MRES CFOSS 
the tree with the irevtut 
working end in your right 
hand and the standing line 
in your left hand. 
= Loop the working end rie oe working 
. . HO DOW VOU 
aver the standing line, thitib and jorefinger 


then back and over the 
cord around the tree. 






Overhand 
keset 










Pull the working 
end with your 
fight hand 


Keep the standing line 
taut with your left hand 
and pull the working end 
down with your right. 
= By pulling on the working 
end you will tighten the 
overhand knot around 
the standing line. 


OVERHAND KNOTS 

An overhand knot is the first part of the knot you use to tie the laces on 
your shoes. One averhand knot tied around another forms a stop knot or 
they can be tied as a double overhand knot around a fixture. 


Putfte 0 Pulfto 
tighten tighten tighten tighten 





OVERHAND KNOT 

Twist the left line over the right to 
forma loop. Hold it with your right 
thumb and forefinger 

m Pass the working end through the 
loop with your left forefinger and 
thumb and pull both ends to tighten 


DOUBLE OVERHAND KNOT 
Follow the sequence for the averhand 
knot (left), but pass the warking end 
through the loop twice before pulling 
the two ends 

a Astop knot used at the end of a line 
can stop the ||ne from slipping. 


Tie aft 
overhand krot 
around the 

standing ine 


















Pass the working end 
around the standing 
line, and then over itself to 
form an averhand loop. 

= Pass the free end up 
through the loop. (You have 
now tied an overhand knot 
around the standing 
line—see above, Step 1). 





Pull hard on the 
standing tine to 

tock the two 
knots together 








Pull to 
yntock 


Tie another overhand 
knot in the working 
end as close to the first 
knot as possible. 
= Once the two knots are 
locked together, give the 
standing line a sharp tug. 







Two single 
overnand knots 
tightly focxeal 
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DOUBLE CHAIN 
FASTENING KNOT 

This knot securely attaches the free end 
of a line to a fixture, particularly when 
weight is involved and you don’t want 
the knot to slip or come loose. 








Working 
fine 


Standing 
lite 


Loop the working end around the 
fixture, such as a tree or pole. 
= Pass the working end over and around 
the standing line. 


Knot forming 
around the 
standing tine 


Working 
tite 


Standiag 
line 


Pass the working end back around 
the fixture and then bring it hack 
under the standing line. 


Working fee 
goes over the 
Standing kre 





Pass the working end over the top 
and around the standing line again, 
and once more around the fixture. 


Working 
Hine goes 
through 





As you bring round the working 
line, thread it underneath itself 
to complete the knot. 


= Lock the knot neatly into position. 
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DOUBLE SHEET BEND 


The sheet bend, also known as the 
“weaver’s hitch,” is an extremely useful 
survival knot as it securely ties together 
two ropes. Double sheet bends are even 
more secure and are recommended for 
tying ropes of different thickness. In this 
instance you use the thinner of the two 
ropes to tie the knot. 


SIBERIAN HITCH 


This knot, which is also known as the “Evenk knot,” is good for 
attaching a rope to a fixture—for example, when securing a 
ridgeline to a tree for a poncho shelter (see p. 158). 






Loop 





Start with two ropes and form Pass the cord around the tree Lay the standing line on the 
a loop in the working end of with the working line in your palm of your left hand. 
ene cr then: right hand and the standing line in = Loop the working line one and 
is Pass the ened of the second rape your left hand. ahalf times around your fingers. 
through the loop. 







The loop fn 
the second 
rope 


The free end of each rone 
must be on the samme cide 





Pass the free end of the second 

rope first under, then up and over Bring your left hand under Hold the working end in your 
the loop. Pass the end through the new the standing line. right thumb and forefinger. 
loop ¥ have created, = Jum the palm of your hand so = Bring the loop that is around your 
» Io finish a single sheet bend, pull the that one loop twists over another. —_ left fingers over the standing line. 


standing end of each rope to tighten it. 


<< —— Pull 


The second rape 





To tie a double sheet bend, pass 


the free end of the second rope Pinch the working line with Pull the working end again, to 
through the loop (as in step 2) again. the fingers of your left hand. tighten the knot around the tree. 
= Tighten the knot as before by pulling ® Pull it up through the loop to = To free the knot, pull the end of the 


the free end of each rope. tighten the knot on itself. standing line. 








of 5G, the term has recently been loosely used 
by industry to refer to the higher frequencies 
from 6 to 100 GHz that are under consideration 
for new mobile spectrum [11, 12]. mmWave 
technologies are becoming an increasingly at- 
tractive solution to the problems of frequency 
reuse, cell density, raw data throughput, and 
antenna array size. This has led to a synergy 
between mm Wave, small cell deployments, 
and massive multiple-input, multiple-output 
(MMIMO) techniques [13, 14]. 


Massive Multiple-Input, Multiple-Output 
(MMIMO) Techniques: MMIMO is a new concept 
in antenna arrays that provides a number of ad- 
vantages over traditional MIMO arrays currently 
deployed in 4G networks. Traditional MIMO 
arrays use only a few antenna elements (i.e., 2 

to 16), whereas MMIMO uses a large number 

of elements in the array, currently consider- 

ing a range of 128 to 512 at a minimum. Highly 
directional beamforming to multiple users 
simultaneously allows for increased user density 
and higher aggregate cell throughput [15]. So- 
called hybrid MMIMO has also been proposed; 
it combines beam steering with array process- 
ing techniques, such as spatial multiplexing, to 
increase single-user throughput [16]. 


Heterogeneous Networks (HetNets): HetNets 
expand the mobile access network capacity 

by coordinating small cells with larger macro 
cells or offloading traffic to wireless local area 
network (WLAN) access points. There are two 
types of heterogeneity: 1) various cell sizes (e.g., 
macro, pico, femto) and 2) heterogeneous RATs 
[e.g., third-generation (3G), 4G, 5G, WLAN]. 
Small cells may include femto, pico, and micro 
cells, which can range in capacity from less than 
10 to several hundred simultaneous active users. 
While HetNet deployments have already been in- 
troduced in 4G networks, network densification 
through the aggressive deployment of small cells 
is expected to increase significantly in future 

5G networks [17, 18]. 

Native Machine-Type Communications (MTC) 
Support: 5G networks are expected to incorpo- 
rate a new model for connectivity specifically 
designed for MTC [19]. With the significant 
increase in connected machines over the last 


several years, a new 5G standard is seen as a 
prime opportunity to ensure new RATs can ef- 
ficiently support a large number of connected 
devices with their own unique access constraints. 
Two categories of MTC are discussed: 1) general 
MTC and 2) vehicle-to-everything (V2X) MTC. 
General MTC devices have a few unique design 
and deployment considerations—namely, lower 
bandwidth needs, stringent power budgets, and 
relaxed latency requirements. V2X MTC devices, 
in contrast, require low-latency communications, 
out-of-coverage networks, and limited operation 
on a subscription-free basis [20]. 


> Device-centric Architectures: New network 
architectures will focus on a uniform quality of 
experience (QoE) for the user device, in contrast 
to traditional base-station-centric architectures. 
A number of new device-centric approaches are 
under consideration: decoupling the user plane 
and control plane, decoupling the uplink and 
downlink, and device-to-device communications 
[4, 21]. Another novel proposal is the user-cen- 
tric cell or virtual cell model, which uses distrib- 
uted beamforming and decoupled user/control 
planes to create a virtual cell around each user [2, 
3]. Because the virtual cell follows the user, QoE 
variations are reduced and the cell-edge problem 
is mitigated. New device-centric architectures 
may significantly alter the traditional concept of 
cell handovers or eliminate it entirely. 


Many of these technologies are already being added 
to the evolution of existing technologies beyond 4G, 
such as LTE-Advanced Pro [22]. 


In 2015, there was a significant increase in industry 
activities surrounding 5G networks. Major standards 
bodies, including the ITU and the Third-Generation 
Partnership Project (3GPP), reached important mile- 
stones in the early development of the eventual 5G 
standards. In September, the ITU published its vision 
for 5G networks [19]. The vision for International 
Mobile Telecommunications for 2020 and beyond 
(IMT-2020) defines three future-looking, high-level 
use cases for 5G: 


> Enhanced Mobile Broadband (eMBB): This is 
generally a human-centric use case driven by 
the exponential increase in demand for mobile 
access to multimedia content, services, and data. 


TAUT LINE HITCH 


This knot is widely used in survival and outdoor activities because it 
can be adjusted to increase or decrease the tension ina fixed line—for 
example, a guide rope on a tent or a mooring on a boat in tidal waters. 












Warking 
end 
Half hitch 
ereqtes g 


foop.around 
the free 


Standing 
fine 


Attach the standing line to an 
anchor point, such as a tent, and 
pass the working line around a tree. 
= Tie a half hitch (see below) with the 
working end around the standing line. 






Standing |Another 
fine half hiteh 
around the 
standing tine 


Pass the working end under the 

standing line and back through 
the new loop it created (but outside 
of the loops in Steps 1 and 2). 


HALF HITCH 


The half hitch is a simple 
knot that forms the basis 
for other knots (see taut 
line hitch, above). It’s not a 
secure knot and, when used 
alone, it tends to slip. You 
can double or treble the 
knot to remedy this. lwo 
half hitches under tension 
can be difficult to undo 
without cutting the cord, 
especially after a few 
days, If the knot has dried 
out after being wet. 


Warking 


Pass the cord around 
the fixture, such as a 
bar or tree. 
= Pass the working end 
around the standing line 
and back through the loop. 






Working 






Standing 
line 


Aale y 
hitches 


Tie another half hitch next to 
the first one, so that the two 
half hitches sit side by side around 
the standing line. 
= Don’t tighten the half hitches yet. 








Vvorking 
end 


Tight knot 


Tighten the knot by pulling 
both the lines. 
= Pull the knot further from the 
anchor point to increase the tension. 


The knot is 
not secure 
VVorking 

end 
Standing 
fine 


fixture to tighten it, 













the working fine 









Hold the standing line 
and push the half 
hitch knot toward the 


= Repeat the sequence and 
tie another half hitch. 
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QUICK KNOT RELEASE 


You can dismantle a tent or free a 
boat from its mooring more quickly 
by finishing off the taut line hitch 
(see left) with a quick-release knot. 








Standing 
fine 






A bight 
in the 
working fine 


Working end 


Repeat Step 3 of the taut line 

hitch (see left), but this time 
make a loop, known as a “bight,” in 
the working line and pass it—rather 
than just the end—through the loop. 


Loon in 
working 


Standing 


The free end af 


Tighten the knot.as in Step 4 
(see left). 
= Leave the working end free so you 
can pull it quickly to release the knot. 





First half 
hitch 

Pel 
working 
end ia 
fighten 


Second 
haif hitch 


~ 


Push the second knot 
tight to the first hitch 
knot for more security. 
= If you need to, finish off 
the working end with an 
overhand knot (see p. 143). 
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USING CUTTING TOOLS 


ANYONE VENTURING INTO THE WILDERNESS should carrysome fN 


kind of knife, preferably a bushcraft knife. It’s probably the most WARNING! 
: : ; : Ff you drop a busheraft 
important survival tool after knowledge. Although a good knife will Knife, never attempt to 
help you through many survival situations, look at the environment catch it because there's 

; . : hei avery good charice you 
you are traveling to and choose your cutting tools according to their will lose your firigers! 
potential uses—for example, you may need a saw as well as a knife. 
BUSHCRAFT KNIFE as ae 

as you have your knife, you Fitted feather sheath 


An experienced person can accomplish 
most survival skills, such as making feather 
sticks (see pp. 120-21), with a quality 
bushcraft knife. This type of cutting 
tool has a number of crucial features 
that will stand you in good stead 
in every situation. 












can also get a fire going holds the knife securely 


yo 


Attachment point 
jor a wrist lanyard 


The handle is comfortable te hold 
and work for extended periods. 
Avoid ribbed rubber handles 









Blades that 
extend through 
to the end of 


Sharpened blade 
ends near the 
handle -— working made of stainless 


Blade is Vas in 
(4 mm) thick and 






the handle (full close to the handle or high-carbon stee! 
tang) have no puts less strain 

LA RG E KN IV E S weak points on your wrist 

All over the world, people living primitive lives have The guard Is a ridge in the handle 

two essential items: a cooking pot and a large working that reduces the chance of your 


blade, either aparang or machete. sand Sipping onto re paae 


= Parangs and machetes are similar types of knife. The 


parang is associated with the Malay people and there are ee 


many varieties available. Machetes are more common—you KNIFE KNOW-HOW 
can still see machetes being used in Africa today that were = A busherart knife is used primarily for carving, cutting, and 
made 40 years ago from old Landrover suspension springs! splitting small logs, If you need to chop large logs, use either 


The kukri is a similar knife used by the Ghurkas of Nepal. 
= A parang or machete blade is about 18-20 in (45-50 cm) 
long and Is used primarily for cutting and slashing but, like 


a tnachete or a saw. 
» A (nife doestit need to be longer than 8-9 in (20-22.5 orn). 


the ax, can be used for intricate work, = Don'tuse a knife with a serrated edge when wordng with 
= Always wear a wrist lanyard when using amachete, wood, as the serrations make it hard to use the part of the blade 
parang, or kukri—and pay attention to what you are doing. closest to the faricle (esseritial for making feather sticks, efc). 


= Keep your knife safe when notin use. Clean and dey the 


blade and return it to its sheath. 
= Wear your sheath on your belt or around your neck ona 
KUKRI lariyard. Belt sheaths may be high (the handle is above the 


belt) or low (the handle is below the belt, which allows you 
fo sit down without the handle poling you in the side). 





MACHETE/PARANG 


SHARPENING A KNIFE 


It's very important to keep the blade 
of your knife sharp. Blunt blaces 

are dangerous because they are 
likely to bounce or slip off the wood 
you're working on. Also, blades that 
have completely lost their cutting 
edge are very difficult to sharpen. 


SHARPENING STONES 

Keep a good sharpening stone at home 
to ensure you always set out with a 
knife that is sharp. 

= In the field, carry asmaller, lightweight 
device for quickly re-sharpening a blade 
that is beginning to lose its edge. 

= There is a good range of small 
sharpening stones (medium one side, 
fine the other) that fitinto a neat 
leather pouch, 

= Small automatic sharpeners are 
available to buy that use two sets 

of ceramic stones to sharpen a knife 
pulled between thern. 


WORKING WITH YOUR KNIFE 


USING CUTTING TOOLS 14/7 





Start from the far 
and of the stone 


feaise the back of the blade 
to lay the edge on the stone 
Hold the knife in a forehand 
drip, with the blade pointing 
away from you. Support the tip of 
the blade with the thumb and 
fingers of your other hand, 
= Push the knife so the full blade 
ares over the stone in one sweep. 
= Lift the blade and return to the 
start, repeating the action 6-8 times. 


Repeat the sequence for the 
other side of the blade, but 
reversing the crucial elements. 
= Hold the knife with a backhand 
grip, with the blade pointing toward 
you at the far end of the stone. 
= Pull the knife in an are over the stone 
in one draw, Lift and return to the 
start, repeating the action 6-8 times, 






The way you hold your bushcralt knife can help you accomplish a variety 

of cutting tasks easily and safely, There are several essential grips, including 
the forehand, backhand, and chest lever. In most cases, you need to grip the 
handle firmly at the end nearest the blade so that you can cut with the part 








Steady the binge 
with one or bath 


of the blade nearest the handle. 





FOREHAND GRIP 


This gripis the most natural and the one 
most often used, It allows your back and 
arm to provide the power and strength, 
while your wrist provides the control. 
Placing one or both thumbs on the back 
of the blade allows you additional control 
for finer, more 

» detailed work. 
Make sure the 
blade is facing 
down. Otherwise 
you are likely 

to give yourself 
a serious cut. 






on thumbs 







SAFELY PASSING A KNIFE 
A group may only have one good knife 

for everybody to use, so you'll need to pass 
itto each other frequently. Pass the knife 
handle first, with the blade up. This simple 
and safe method is easily learned and can 
be adopted by everyone, 






Pull the blade 
towweegrel antl 







Work the wood 
with the part of 
the blade nearest 


BACKHAND GRIP 
the handle 


This is the same as the forehand grip, 
except the blade faces up toward you, 
You can use it when you want to see and 
control exactly where the blade is going, 
or when you're cutting something and a 
follow-through would injure you—for 
example, when sharpening a stick, 


CHEST LEVER 
This is an extremely effective technique in which 
you hold the knife in a backhand grip and use the 
muscles of your arm and chest to provide power 
and strength, You can cut close to your body 
while your wrists control the cutting action. 
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TREE-FELLING WITH A BLADE Your The way the 
For shelters and fuel, the largest tree you are likely to cut wie sar peeps 
down will be about 4 in (10 cm) in diameter. For anything 2.97) ong which it will fall 





and 3 in (75 
em) thick 


when you cut it 






larger you'd need an ax, but for smaller ones use a saw (see 
pp. 150-51). If you don't have a saw, use the blade of your 

bushcraft knife or a machete or parang, Whichever blade 
you use, keep its lanyard around your wrist. 









Figure out the lean of the tree and start your 
first cut on the opposite side. This stops your 
blade jamming in the cut as the tree leans further, 
® Hit the top of the blade with a thumping stick (clul). 
= Move the blade about § in (15 mm) to one side of 
the first cut, and then angle the blade at 45 degrees 
toward the first cut. 
= Continue to alternate this action fram side 
to side, cutting a V into the wood. 


Ne Placethe blade of your 


f ‘\ © knife at 45 degrees to 
WARNING! RP Reet the tree 





Ensure your blade is sharp. Keep what 


youre cutting between you and the age Be fet 
blade, with the blade pointing away. wyisn the wood youneed 


Strike the hack of — 
your knife blade 
into the wood 






SPLITTING FIREWOOD a 


When you split wood into fuel for a fire, use the largest blade ve sibehiceiee = 
Chop wood ina sate area that other 
you have, work on a solid surface, and avoid wood that has people won't wander into and where 
large knots as these prevent the blade from making ad clean cut there are tio shagging hazards or 
objects to impede your swing and 
LARGE LOGS knock your knife off-target. 


Tf you only have a busheraft knife to work with, and 
you need to split large logs into smaller pieces, the 
following method works well. 


Hit the wedge hard 
with your stick untif Even wet wood wilt 
# sinks into the log 








Hit the back of your Use your knife and a Hit the wedge into the Tf the log does not 
knife with a stick thumping stick to initial cut, Keep doing split completely, force 
and cut asolid wedge start the initial cut across this until the log splits. Use it open with your hands or 


from the side of the log. the top of the log. more wedges if you need to. pry it with your blade. 












Make a V-shaped 
cut in the side of 
the tree trunk 


Work the cut around the tree until you've 
almost reached the middle from every 
direction except from below. 

a If you try to cut completely through the wood 
from one side it will get increasingly difficult as 
the blade goes deeper, 


SMALL LOGS 


Splitting a small log can be more tricky than splitting a 
large log, because it's difficult to balance it safely while 
you hit the blade with your thumping stick. 


Place the log on a 

solid surface and 
put your knife in the 
middle of the end of the 
log you're about to chop. 
@ Hit the back of the blade 
firmly with your stick. 













Put the blade in the wood so 
you cqn steady the log 


keep hitting the blade 

until the log splits down 
the middle. Split each piece 
again to quarter the wood, 









harm you if it siips 





USING CUTTING TOOLS 149 


ss 


STRONG BLADES 

Usea full tang knife (the 
metal of the blade continues 
in one piece to the end of 
the handle). The rivets that 
hold the handle may loosen 
everitually, but the blade is 
stronger than one that 
doestit go all the way up 
the handle of a knife with 
a folding blade. 







Once the cuts are deep enough to weaken 
the wood, you will be able to snap the tree in two. 
= Take care that the tree doesn't fall on your feet, 


To trim the branches from the fallen tree, start at the 
bottom and work your way to the top. This allows you 
aclear, short swing for your thumping stick. 
= Keep the tree between you and the blade, and trim each 
branch in the direction of its growth. 
= If you're using amachete, you don't need a thumping 
stick, as the heavy blade has enough momentum of its own. 









if you're 
trimming on 
the ground, 
Jay the tree 
ong flat, 
solid surface 







Give yourself g 
cleay swing and 
make sure the 

biade cannot 
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USING A SAW 


A saw is much better than a bushcraft knife for larger jobs, 
such as preparing logs for a fire or cutting down the poles 
needed to build a shelter. There are several types of pocket 
saw available that are lightweight and take up very little 
room in your backpack or survival tin. 

















You can 
improvise handles 
from sticks 


USING A POCKET CHAINSAW 


Using a pocket chainsaw to cut down a small tree 
is safe and not especially hard work, You can use 

the same saw to trim the branches and then cut 
the wood into manageable sections. 


Insert a wedge 
to prevent the 
saw jamming 


Adopt a solid stance 


POCKET CHAINSAW 
This 28 in (70 crm) chainsaw blade is 
compact and has attachment rings 
and handles. It can cut through a 


Determine the natural lean of the tree 
and start to saw on the opposite side. 


3 in (7.5 cm) diameter tree in under » Pull the saw back and forth. 
10 seconds. = Knock a wedge in behind the saw when halfway 
through to stop the tree from jamming the blade. 










If you're making 

a ridgepole leave 
Bin 75 em) of 
branch on the tree 


Hold the 
trunk in 
place with 
your foot 





Slow down when the saw has Use the same back-and-forth Saw the trimmed trunk into 
nearly cut through the tree. rhythm to trim the branches, a measured section. 
= Allow the weight of the tree to snap = Clear the branches away as you = When you're halfway through, prop 


the cut and break it in two, trim them from the tree, up the trunk to make sawing easier. 





FOLDING SAWS 


Folding saws are strong, light, and convenient. Some, 
such as the Sandvik Laplander, have a serrated 
blade that folds into the handle (see right). 
Others, such as the backpacker's (see 

below), can be dismantled for stowing, 




















The blade opens and 
closes at a singe 


BACKPACKER'S FOLDING SAW 
These saws are generally lightweight 
and strong, but are not as effective as 
the pocket chainsaw, If space is tight, 
then you can pack only the blade and 
improvise a bow saw, using natural 
materials found inthe woods, 


F —— 


The tension frame and saw blade can 


usually be taken apart and stowed safely BACKPACKER'S FOLDING SAW 


COMMANDO SAW 


This saw takes up very little space and 
consists of a serrated wire blade with a 
swivel ring at each end. It’s a useful piece 
of survival equipment, although it tends 
to snag and snap easily unless you keep 
it completely straight. You can easily 
convert it into an improvised bow saw, 
and, with a little more effort, make it 

into a very effective tension saw. 


COMMANDO 
SAW 






Make q notch to 
secure the second 
swivel ring 


Lise the how saw 
to cut saplings 









MAKING A BOW SAW 
Cut a sapling approx 1 in (2.5 cm) in diamete 
and 3 ft (90 crm) long with aforked end, Hook 
the swivel ring of your commando saw over 
the fork and place the forked end on the 
ground, Ease the sapling into the other ring 
and make a notch for the ring to fit in. 
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IF YOU HAVE NO TOOLS 


Even without any cutting tools, it's still 
possible to safely break wood down to 
size, The answer is snapping—or even 
burning—the wood. Don't be tempted 
to stand branches and sticks against a 
log or rock and then stamp on them in 
the middle, In a genuine survival 
situation your feet are your only means 
of transportation so don't do anything 
that risks injuring them. 


SNAPPING THE WOOD 

You need to limit the size of wood you're 
trying to break—don't try to snap branches 
that are too broad. Use wood that's dead, 
because green living wood just bends and 
refuses to break completely, 

= Find two trees that are 1-2 ft (30-60 
cm) apart—or a tree with two trunks close 
together—to use as a fulcrum for the 
wood, Place the wood in the fulcrum. 

= Adopt afirm and steady stance and, 
with one foot in front of the other, pull the 
wood toward you until it breaks, Pulling 
toward you keeps your center of gravity 
over your spread feet, while pushing away 
from you causes you to stumble forward 
when the wood breaks, 


Hold firmly on to the 
piece of wood: 


Place the wood between 
two tvees—one is q Stop or 
buffer, the other is q 
Jeverage point 


BURNING THE WooD 

If you have a fire going, place the wood on 
the fire where you want it to break. Leave 
it on the fire until It burns all the way 
through, Alternatively, when it has burned 
halfway through, use the snapping method 
described above—but don't work on the 
wood while it's still burning or hot. 
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TAKING 





SHELTER 


A shelter is your primary means 

of protection in a survival situation. 

It can be somewhere to simply keep dry 
during a sudden downpour or a place to 
spend several nights while out in the 
wilds. It’s important, therefore, that you 
understand how to correctly construct 
your shelter, After all, its effectiveness 
could mean the difference between 
relative comfort and abject misery! 

In a survival situation, it’s important 
to play a proactive role in your own 
continued survival and rescue. You can 
only achieve this effectively if you're 


in a good condition—both physically 
and mentally. A day or night spent 
exposed to the elements will determine 
how well or how badly you perform the 
next day. A restless and uncomfortable 
night, for example, will lead to sleep 
deprivation, which can make you moody, 
irritable, and easily frustrated. This in 
turn can lead to a lack of concentration 
and irrational thinking—none of which 
are helpful in a survival situation. 

Cold nights spent in the wilderness 
seem to last longer than they should, 
so time spent ensuring that you can 


In this section BCA siti) yK1)/ 3: 


= when to lie low in a hollow or camp in a cave... 


= how to modify your poncho to put up a shelter... 


= the difference between a bothy and a hivy... 
* how to bed down with duck down or wake up in a wickiup... 


= the importance of using your neggins to secure your shelter... 


= how to configure your fig leaves to keep out the rain... 








The eMBB use case will come with new appli- 
cation areas and requirements that go beyond 
existing mobile broadband applications for 
improved performance and increasingly seam- 
less user experience. This use case covers a range 
of scenarios, including wide-area coverage and 
localized high-throughput spot coverage, which 
will have different requirements. 

» Massive Machine-Type Communications 
(mMTC): This use case is characterized by a large 
number of connected devices typically transmit- 
ting a relatively low volume of nondelay-sensitive 
data. Devices are intended to be low cost and 
have a very long battery life. 


> Ultra-Reliable and Low-Latency 
Communications (URLLC): This use case is 
characterized by stringent requirements for 
latency, throughput, and availability. Examples 
include wireless control of industrial manu- 
facturing processes, remote medical surgery, 
distributed smart grid automation, and transpor- 
tation safety [e.g., vehicle-to-vehicle (V2V) or 





FEATURE 





vehicle-to-everything (V2X) communication]. 
Many companies have referred to this use case 
as critical MTC (CMTC) or ultra-reliable MTC 
(uMTC). However, based on the ITU definition 
in [19], this use case is not strictly limited to 
MTC applications. 


It is important to consider that the applications that 
will use 5G technology do not necessarily correspond 
to a single use case but are more accurately described 
as a combination of multiple use cases. Figure 1 il- 
lustrates some examples of currently envisioned 5G 
applications and their relationship to these three 
IMT-2020 use cases [19]. Figure 2 illustrates eight key 
capabilities identified by ITU for IMT-2020 and their 
relative importance to the same three use cases [19]. 
Furthermore, additional future use cases are expected 
to emerge but cannot be accurately predicted (i.e., 
what will be the “killer app” in 20252). Therefore, it is 
desired that 5G standards will provide the flexibility to 
adapt to new use cases. 


Enhanced Mobile Broadband 


Gigabytes in a second ii 


Smart Home/Building 


Smart ay 


Massive Machine Type 
Communications 





FIGURE 1. 5G use cases as defined by ITU for IMT-2020 [19]. 





3D video, UHD screens 


Work and playin the cloud 


Augmented reality 


Industry automation 





Mission critical application, 
@.g. e-health 


Self Driving Car 


Future IMT 


Ultra-reliable and Low Latency 
Communications 
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always enjoy as warm, dry, safe, and 
comfortable a night as possible is 
rarely wasted. 

With shelter-building—as with other 
areas of survival—you should always 
apply the principle of expending the 
least amount of energy for the 
maximum amount of gain. This could 
mean simply exploiting the options 
nature has already provided, such as 
caves or hollows. Finally, plan for the 
worst conditions—it may be sunny 
when you build your shelter but pouring 
with rain at three in the morning! 














On any expedition yo. 
should aim to carry equipment—such as 
a basic bivy or a tarpaulin—that could be 
used to form a shelter should you need 
to protect yourself from the elements. 


A SPACE BLANKET, however, is quite 
simply an essential piece of gear—if you pack 
nothing else, make sure you carry one and keep 
it with you at all times. Space blankets pack 
down very small and are available with one side 
silver (to reflect heat) and one side bright orange 
(to aid location). No matter what environment 
youre exploring, a space blanket can offer 

you immediate protection from the elements. 


With a little ingenuity, a space blanket 
can also be converted into a basic shelter. You 
will find instructions on how to build a variety 
of shelters throughout this chapter, but always 
remember the following general tips, too: 


= First look for natural sheltering places 

= Look out for hazards such as signs of flooding 

= Construct your shelter well before nightfall 

a Clear the ground before you start to build 

= Position the entrance at right angles to the wind 
= Build for the worst possible weather conditions 
= Make sure your shelter is sturdy and secure 

= Don't over-exert yourself as you build 

= Raise your sleeping area off the ground 

= If on aslope, sleep with your head higher than 








“your feet 








‘1. The effectiveness of a shelter can 
mean the difference between relative 
comfort and abject misery | ) 


15 6 TAKING SHELTER 


HOLLOWS AND CAVES 


IF YOU DON'T HAVE a shelter of your own, look for 
shelter opportunities that nature has already provided 
for you, such as a cave or a natural hollow in the ground. 
However, avoid natural hollows in low-lying areas that 
may flood and, if you're on a slope, keep well away from 
hollows exposed to run-off water. 

















BEDDING 


Cover the floor of a shelter with some 
form of bedding to prevent your body 
from losing heat to the cald ground 
through conduction. After all the energy 
you've used to build the shelter, why 
waste it on an uncomfortable night? 
Use the driest materials you can find 
(see list below), 


roof, keep you dry too. 


A digging stick is a 
sturdy piece of wood 
with q pointed end 


MAKE YOURSELF COMFORTABLE 
Here are some ideas to help you enjoy 

a good night's sleep in your shelter; 

= Collect twice as much bedding as you 
think you need: 6 in (15 cm) of holly, for 
example, compresses to about 2 in (5 cm) 
after you've been lying on it for a while. 

= Place logs around the bedded area to stop 
the bedding from shifting and spreading. 
= Tf the ground slopes, sleep with your 
head higher than your feet. 


Use wooden 
pegs te keep the 
side logs ip place 


ground before continuing, 





Beading keeps 
you warm 


BEDDING MATERIALS 

= Feathers, such as duck and goose down, 
are the best bedding as they retain warmth 
but not moisture, 

= You're unlikely to find enough feathers, so 
also try pine and spruce boughs, dry leaves, 
moss, bracken, grasses, and holly (cover it 
to prevent it from pricking you). 


NATURAL HOLLOWS 


A hollow that may be too shallow to 
sit in can still provide shelter from the 
wind if you lie in it—and, with a basic 


Tf the hollow isn't deep enough to lie in, 
remove some soil with a digging stick. 
= Beware wet soil, as it could be prone to flooding. 


= Tf the ground is too hard to dig, build up 
the sides with logs for extra depth, 


= Lay bedding material on the 


NT 


TOOLS AND MATERIALS 

= Sturdy digging stick 

= Strong branches (or poles) and logs 

= Saw, such as pocket chainsaw 

= Tree bark, turf, leaves, forest mulch, moss, 
_ bracken, and pine boughs for the roof 










Lay a log on top of the 
cross poles and along 
the length of the hollow 





NMgke sure the poles 
are resting firmly on 
the side of the hollow 


With your saw, cut a number of sturdy poles or branches 

(see pp. 150-51) that are long enough to place across the 

hollow to create a supporting roof. 

= Cut a thicker, longer log and place it across the poles. This will create 
height and slope for a pitched roof, Make sure the log isn’t too heavy, 


TAKING SHELTER IN CAVES 


Caves are ready-made shelters that are usually dry and secure, There are 
some dangers, including animals, poor air quality, and water. Many caves 
are outlets for streams or are connected to pools. Don't go any further 

in than you can see, as there may be hidden drops, slippery surfaces, and 
crevasses, Avoid old and disused mines, as they may be prone to collapse. 


ANIMAL DANGERS 

Many animals, such as bears, bats, 
insects, spiders, and snakes, shelter 

in caves, so check the ground around 
the entrance and inside for signs of 
tracks and nests, Vampire bats can be 
dangerous as they are known to carry 
rabies, Bat droppings (guano) form a 
thick layer on the ground and, inlarge 
quantities, can be highly combustible. 


POOR AIR QUALITY 

Tf a cave makes you feel light-headed 
or nauseous, leave at once because the 
air may be foul due to excess carbon 
dioxide, Other warning signs are an 
increased pulse and breathing rate. If a 
flame starts to dim, or turn blue, leave 
the cave immediately—this may not be 
a sign of excess carbon dioxide but a 
lack of oxygen, which can be worse, 


Place shorter branches, sticks, or 

poles over the top of the log and 
cross branches to create the pitched roof. 
= Pack these materials tightly together 
and make sure they're firmly in position. 


The space between the 
support and pitched 
roof will help retain 
the heqt generated 
inside the shelter 


Leave an entrance at one end of 
the shelter with enough space to 
get in and out without disturbing the roof. 
= Ensure the entrance doesn't face the wind— 
an angle of 90 degrees to the wind is best. 
= Insulate the pitched roof with as much 


foliage as possible. 


= Start the final insulation layer at the ground, 
working up to the top of the roof to create 


an overlap for rainwater to run off, 


= In wet conditions secure your pancho 


or space blanket over the top, 
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COASTAL CAVES 


Coastal caves share the same dangers as 
any other cave, but they are also subject to 
the tides, which can rise very quickly—in 
some areas they can advance hundreds of 
yards in amatter of minutes. 


LIGHTING FIRES 

Tf you build a fire at the front of a cave 
the smoke can blow back inside and the 
fire can block your exit if it gets too big, 
Build a fire toward the rear of the cave, 
but make sure that there is a sufficient 
flow of air for the smoke to escape, You 
can erect a small fire reflector or male 
a pile of rocks atthe entrance to reflect 
heat back into the cave. 


THE DANGERS OF COASTAL CAVES 
\When you're assessing a coastal cave, look out 
for the following warning signs of flooding 
during high tide; 

= Aline of seaweed, driftwood, or flotsam and 
jetsam—either in the cave or further back on 
the beach either side of the entrance. 

= Adamp or wet smell. The cave may even look 
wet if the tide has recently gone out. 

= Rock pools in the cave or in front of it. 





Air currents take the d 


smoke out of the eave 7 


Use firel that doesn’t 
produce too mich smoke 








\ 


A pile of rocks qt the 
entrance helps retain 
heat in the eqve 





Lay a covering of short 
branches on the roof 




























The height and 
slope aliow water 
to run off the 
pitehed roof, rather 
than seep through 





The entrance 
should allow 
air to elveuiqte 
in the shelter 
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USE-ANY WHERE SHELTERS 


WITH A PONCHO OR BIVY SACK (see pp. 160-6]), you can 9 
make a shelter for use in any environment and in any conditions. | TOOLS AND MATERIALS 


You can also adapt any type of material—a survival space m ronee by sale srauneses 





space blanket, or tarpaulin 
blanket, ground sheet, or tarpaulin—in the same way. = Cordage or elastic bungees 
= Pegs; stick or pole 
= Rock or log for harntnering 


= Suevival {nite or penknife 


ONE-POLE PONCHO 


This shelter is very quick and easy to erect and take 
down—useful when energy levels are low or when 
you just want to get out of the rain: If you need 

to be rescued, put the mast visible color on the 
outside to increase the chance of being spotted. 


Cut three 2 ft 

(60 cm) lengths 
of cordage and one 6ft 
(2 m) length. 
= Tie the shorter lengths 
into loops using an overhand 
knot (see p. 143), 
= Tie the long length to 
one corner with a Siberian 
hitch knot (see p. 144), 
= Fasten the cordage loops 
to the corner grommets, 


Spread the poncho 
flat on the ground 











Make sure the top of the stick 
Jn the ponche Is secure 


Tie the jonger 
Jongth of cord te 
one corner using a 


Siberian hiteh knot 


Double chain fastening knot 


















Tie the long cord to a 

tree with another Siberian 
hitch knot at a height of 3 ft 
(1m) off the ground. 
= Tf no tree is available, run the 
C je over a stick (staked 
1. ground) and peg it down. 


yeverse color of 
oncho against 
jround acts as 






Let 2 in Gem) of cord 
hang from the guyline so 
rainwater can drip away 






Pigce pegs atan 

angle of about 
40°, leaning away 
from the shelter 





Place one end of a3-ft (1-m) long 
stick in the hood of the poncho. 
= Seal the hood by tying a simple knot. 
= Wind several turns of cardage arauind 
the knot and secure it with an arbor 
knot (see p, 142). 


Pile leaves ground 
the edges of 
the shelter to keep 
out the wind 


before reqehing the shelter 













then raise the stick to farm a dome. 
= Pull the rear corner taut and peg it out 
to add tension, making the structure rigid, 
= To enter the shelter, curl your body 
around the center pole. 


CORDED A-FRAME 


This pancho A-frame creates a tentlike shelter between two 
trees, If you have enough cordage, a single ridgeline can be tied 
between the trees; if not, use two cordage loops, as shown 
below. Alternatively, you can use a ridgepole at the same height. 


Spread the poncho flaton 
the ground 





Find two trees 2 ft (60 cm) 
further apart than the 
length of your poncho, 
= Attach cordage loops 1 ft 30 
cm} long to each grommet on the 
longer sides of your poncho and 
3-ft (1-m) loops to the end ones. 
= Tie a knot around the hood 
to seal it, 


Raise the hood 
to prevent water 
from pooling 


Peg the middle loop of each side to 
pull the poncho taut. Peg out the four 
remaining loops, pulling tight as you go. 








Tie one of the longer 
cords to ¢ tree using 
a double chain 

Fastening knot 


Tie the end of one of the 
longer cords to a tree with 
a double chain fastening knot (see 
p. 143) at a height of 3 ft dm). 
= Tie the other long cord to the 
second tree with a taut line hitch 
knot (see p, 145} and adjust 
the hitch to pull it tight. 








NEED TQ KNOW 
« Block one end of the 
shelter with branches, 
boughs, and mulch to 
help retain heat. 


Anything less will either 





= Tf you have enough cordage, raise the hood 
by tying it either to a second horizontal line or 
to avertical line passed over a branch above, 
= Place long boughs along each side of the 
shelter, with sharter boughs at each end 

to hold in bedding material. 


= Tf your material 
fias no grommets, 
use button ties 
instead (see p. 161). 
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TENT PEGS 


‘You can make your own tent pegs and 


then either reuse them or replace them 
with new ones when necessary. Discard old 
pegs that naturally decompose over time. 


MAKING TENT PEGS 
= Pegs should be about 
9i n (22.5 er) long and 1 
in 2.5 cm) in diameter, 







Notch cut 
jn shaft 


snap under pressure or 

pull out in high winds. 

= Cut wood for the Stick 
pegs from green trees. sharpened 
= Don't use wood from toa point 


the ground as it will be 

in some stage of decay, 

= Dry out new pegs slowly over the embers 
of afireto harden them, Remove them when 
they're a light brown color, Wet wood sounds 
deep and dull when you tap it; as it dries the 


sound gets higher and crisper, 


= Never drive a peg in with your foot, Use a 
stone or a heavy stick instead. If you misjudge 
it, the peg may stab you through the ankle 

or plerce your boot and even your foot. 









ALTERNATIVE DESIGN 


If you're in a group and you each have a 
poncho, you can clip two ponchos together 
and use one as a built-in floor. 


USING TWO PONCHOS 

First clip the poppers of both ponchos on their 
two long sides to form a tube, The top one is 
the A-frame, the bottom one the groundsheet. 
= Pack all your bedding material under the 
bottom poncho and hold it in place by laying 
branches at either end. 

= Assemble the shelter with the top poncho 

in the same way as the single poncho version, 


Ridgeline holds the 
hood of the top poncho 







Bottom poncho 
forms the 
groundsheet 
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BIVY PUP TENT 


A bivy sack is a lightweight, waterproof cover for a sleeping ~~ 
bag and is made out of a breathable material that cuts down TOOLS AND MATERIALS 


























condensation. It's an essential component of ultralight camping = Bivy sack 
(see p. 52) and can very easily be turned into a = Saplings 
single-person pup tent. The advantage of making a = Button ties 
tent from the bivy sack is that, in wet = Wooden pegs 


= Cordage and knife 
= Rock or log for hammering 


conditions, the rain runs off the side and 
doesn't seep to the inside as quickly as it 
does when the bag is flat on the ground, 


Lay the bivy sack flat on the ground 

where you intend to set it up. 
= If you have the flap of the hood on top 
it will form a door that hangs down, 
However, if the flap is onthe bottom 
you can tie it up as a door, - 
= Attach abutton tie (see panel, — 
opposite) with a loop to each 
the bottom corners of the b 
= Peg the button-tie loops — 
into the ground, i 


Attach a button tie with a 
long length of cordage to 
__ the center of the bivy sack’s 
opening and hold it up. 
) = Pull down the right and left 
sides of the opening and place a 
button tie and loop where they 
meet the ground, 
= Peg out the button-tie loops 
into the ground. 





Hold up the button 
tie to see how high 
the entrance can be 






Attach q button tie 
to the middle seam 
of the bivy sack, 
about 18 in 45cm) 
from the bottom 


4) Cut a pole the same height as the entrance (you could When you want to get into the bivy pup tent, simply 
use ahooped sapling or crossed sticks instead). remove the opening pole and climb in feet first. 


= Stand the pole at the entrance, run the middle = Make sure you avoid the long cord as you wriggle in. 
button-tie cord over the top, and peg out the cord tightly, 


= Readjust all the pegs to ensure tight and even tension. 





Lift up the central 
button tle so you can 
clim® in 








Make sure the cord 
sits squarely on top 
of the pole 


OTHER SHELTERS 


There are other temporary 
shelters you can erect by 
adapting the techniques, tools, 
and materials outlined for | 
both the use-anywhere shelter HOOPED SHELTER 

and the bivy pup tent. Which — TFthere are saplings or soft 
shelter you choose depends on wood trees, you can form 
whether you have aponcho, — three hoops and peg out 
tarpaulin, or bothy bag. your poncho over them. 
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BOTHY BA 

A bothy bag, or storm shelter, 
is alarge, light, nylon bag that 
protects one or two people 
from the elements, 


TARPAULIN 

Attach one side of the tarp to 
aline between two trees and 
peg the other end down to the 
ground at an angle. 





Place a hooped 

sapling (or two 
crossed sticks) over the 
bottom of the bivy sack. 
= Attach the button tie 
that’s 18 in (45 cm) from 
the foot of the bivy sack 
to the hoop to raise it 
and provide more 
space for your feet. 
= Tightly peg out the 
cord from the hoop. 

















The hooped sapling 
Js flemly pushed 
inte the ground 


After you have climbed in, replace the pole 
under the long cord, 
= Use the hood of the bivy sack as a door and 
open and close as necessary. 


Be sure to replace the pole 
ina vertical position with 
the cord squarely on top 








MAKING A 
BUTTON TIE 


Button ties provide a simple, 
secure fastening for staking 
out ponchos and tarpaulins 
that have no loops or 
grommets to which you 
could attach a line. As you 
don't have to cut holes in 
the material, it remains 
waterproof and less prone 
to ripping. 





Encase a small, round, 

smooth stone (or 
similar) in material to form 
a “button”. Prepare cord, 
with the open loop of a slip 
knot (see p, 142) at one end, 


At the other end 

of the cord make a 
simple loop to place over 
your shelter pegs. 





Place the open loop 

of the slip knot over 
the neck of the button and 
pull it tight. 
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FOREST SHELTERS 


IF YOU FIND YOURSELF in a survival situation in a temperate 
forest without a poncho, bivy sack, or tarp, you can make a 
shelter from natural materials. For example, you can construct 
a lean-to or an A-frame, or simply adapt a fallen tree. A forest 
lean-to is easier for a group to build because you can share the 
workload and don’t have to use up too much precious energy. 


BUILDING A FOREST LEAN-TO 


A lean-to has a sloping roof that leans against a horizontal 
ridgepole. It works best on a flat area between two trees 

or vertical supports secured firmly into the ground, If you're 
building a lean-to for a group, ask everyone to lie down next 
to each other and add an additional 6 in (15 cm) per person— 
this will establish how wide the shelter needs to be. 


BUILDING IN A FOREST 


Temperate forests, whether they consist 
of deciduous or coniferous trees or both, 


a 


TOOLS AND MATERIALS 
= Poles and stakes 

= Saw and knife 

= Cordage 

= Saplings 

= Foliage for the roof covering 



















i wi att A log raise Lash each support 
provide many opportunities for finding poet of the ie Ge noggin) to the 
or build Ing a shelter. Expend the least to give more room See: re : } face with pegs ; 4 Fidgepole and to 
amount of energy for the mast amount for your feet driven into the ground the tree 


of protection—first see what nature can 
provide before building a shelter yourself, 





Place the ridgepole against the trees at the height you require and 


lash it with an arbor knot (see p, 142) to both trees. 


POINTS TO REMEMBER 

Tf you do need to make a shelter in a forest, 
here are some tips: 

= Select a place close to water but away 
from water hazards, such as flooding, 
animals, and insects. 

= Before you start, check for hazards such 
as deadfalls (sudden branch falls), 
rockfalls, and flash floods, 

= Select a place that gives you maximum 
protection from the elements and with 

all the materials you need nearby, 

= Collect everything you need before you 
start building and before it gets dark. 

= Make sure your aids to location can be 
seen or activated quickly (signal fires, 
heliograph, flares, radio signals). 

= Think safety: if possible, wear gloves to 
clear leaves and debris from the ground 
to protect you from spiders and snakes, 

= Layer down your clothing as you work 
to prevent overheating, 

= Make your shelter as waterproof as you 
can and ensure your bedding raises you at 
least 4in (0 cm) off the ground, 


= Place a support pole (noggin) under the ridgepole and lash to the trees. 
= Firmly peg alog where you want the foot of the shelter to be. 


Criss-cross more 
saplings over the 
roof poles 





Apply the covering to the woven skeleton of the roof and walls. 
How much you apply depends on the weather you're experiencing, 
= Lay large materials—for example, pine or fir boughs, large leaves, 
clumps of moss—as a base to stop smaller materials from falling through. 
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TREE SHELTERS 


The branches, roots, or trunk 
of a fallen tree can make a 
basic shelter, Make sure the 
tree is safe before you use it, 


asa further fall could injure BROKEN BRANCHES UPTURNED ROOTS FALLEN TRUNK 

you, Dead trees aS probally A branch that has snapped from The base of an uprooted tree Lay sticks or branches against a 
dry, so don't light afire under 3 tree trunk but hasn't yet fallen can give good protection from fallen trunk to form a pitched 
them. Check the base of the inakes.a goodridgepole, Prop _— the elements. Make sure it's roof. \Weave saplings across 
tree for snakes, spiders, and smaller branches and roofing safe and won't flood ifit rains, them and cover with bark, turf, 
nests of insects. material up against it. then add boughs and foliage. moss, leaves, and mulch. 



















Roof poles should be 
at least as feng as the 
shelter needs to be 





= 
ve 


SS 













Lay the saplings 
~ L horizontally, then 

f criss-cross with 
ee ‘|  . diagonal saplings 
SY - 






- =. 
Side stakes along — << ey, 
alther side of the — ; 
shelter form walls =... = ~~ = Ly >. 
Place five roof poles evenly along the ridgepole so Weave saplings in and out through the roof poles, 
that they slope back to the foot of the lean-to. working across and down from the ridgepole, 
= Keep the outside poles between the trees to stop them =» Alternate the weave of each row of saplings, first 
moving outward, horizontally and then diagonally. 
= Lash each roof pole to the ridgepole. a Weave smaller saplings through side stakes to form walls. 


= Hammer in side stakes alongside the outside poles. 


Erect a sturdy fire 
Bank the final reflector (see p. 164) 
covering against around the front of 
the walls to help the shelter 
the insulqtion 


With everyone in the 
same lean-to shelter 
you need to light and tend 
only one fire, 
= Layer the inside floor 
with dry material to 
form bedding. 
= Establish a watch system 
during the night to ensure 
that the fire is maintained 
and controlled. 






~ between the 
trees to keep the 
bedding in place 
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FOREST A-FRAME 


A-frames can take several hours to build, but if you're staying in 









one place for a few days it may be worth expending the energy, TOOLS AND MATERIALS 
One-person A-frames are relatively simple to construct and are i poles of various lengths 
easy to keep warm. They can be adapted into multi-person = Saplings. ae 
shelters to accommodate groups of people. a knife 
» Saw (oF ax) 
= Cordage 
The Jong, sturdy ridgepole = Covering for walls—such as pire 
eee? bough eaves and mos 











Put the bare side of the ridgepole 
on the inside of the shelter Rest side poles against 


branch stubs 







Make suve the 
pole is firmly in 
the ground 


yo - 
Smooth one side of the ridgepole with your knife, Lay a series of poles against the branch stubs on the 
leaving one side bare and one with branch stubs. ridgepole. These will be of decreasing height as you 
= Hammer two poles into the ground to form an “A”, work your way from front (the °A") to back (the ground), 
= Rest one end of the ridgepole on top of the °A" and a At each junction, rest the side pales against the stubs or 
the other end on the ground. tie them to the ridgepole with an arbor knot (see p, 142). 




















F IR E R E F LEC TO R Each set should Finish the stack 
A fire radiates heat in all > be the width of when it reaches the 


height you require 





directions—up, down, and a pole apart 
360 degrees around. A fire 
reflector makes a fire mare 
efficient as it directs heat 
into your shelter, 

Construct your reflector 
so that you can build a fire 
about 3 ft (1m) from the 
entrance to your shelter. 


You can sit in the entrance Stack poles to 


and tend the fire at arms’ form q wall 

length—any closer and you ; aos ' 

would betas hotandethe Check the air flaw will If the fire is gaing to Tie the tap of the 
shelter might catch fire; any be across the proposed be close to the reflector, upright poles together, 
further away and you lose reflector (to disperse smoke). use green wood to prevent = Make sure the wall is 

too much heat. An L- = Hammer two poles into the the heat setting it on fire. as long as the shelter’s 
shaped end to the reflector ground, Put asecond set in = Put poles between the entrance to retain heat and 


will retain more heat, at poles’ length apart. sets to form a wall. keep out wind and rain. 





Introducing 5G 





Peak 
Enhanced Mobile Data Rate _ 


Broadband 





Area Traffic 
Capacity 


Network 
Energy Efficiency 


Massive machine 
type communications 


Connection Density 










ign Importance User Experienced 
a_i 


Data Rate 







Spectrum 
Efficiency 


Mobility 


Ultra-reliable 
and low latency 
communications 





Latency 


FIGURE 2. Eight key capabilities and their relative importance to 5G use cases [19]. 


5G Standardization 


Development work toward 5G is well under way. 
Standards bodies are actively working on new 5G 
mobile technologies to be deployed in the 2020 time 
frame. This section summarizes the activities and 
corresponding 5G development timelines for three 
major standards bodies: ITU, 3GPP, and the Institute 
of Electrical and Electronics Engineers (IEEE). 


Standardization in ITU 


ITU is the United Nations agency responsible for pro- 
moting worldwide improvement and rational use of 
information and communication technology. Its mem- 
bers include industry, academia, and standards orga- 
nizations from more than 190 member nations. The 
ITU Radiocommunication Sector (ITU-R) works to- 
ward worldwide consensus in the use of terrestrial and 
space radiocommunication services, including mobile 
communication technologies. Although compliance 
with ITU-R recommendations is not mandatory, they 


nevertheless have a high degree of adoption worldwide 
and hold the status of international standards [23]. 


International Mobile 
Telecommunications framework 


ITU-R Working Party 5D (WP 5D) is responsible for 
overall radio aspects of terrestrial mobile systems, re- 
ferred to as International Mobile Telecommunications 
(IMT). The purpose of IMT is to provide high-quality 
mobile services with a high degree of interoperability 
worldwide. Since 2000, the ITU has developed the 
IMT standards framework in a manner that paral- 
lels cellular generations from an industry perspective. 
Although ITU-R WP 5D defines the requirements for 
IMT, it does not develop the actual radio technolo- 
gies. Rather, candidate radio technologies are submit- 
ted for inclusion by external standards bodies, such 
as 3GPP and IEEE. For this reason, ITU-R WP 5D 
maintains strong cooperation with the major global 
standards bodies. 





FOREST SHELTERS 1 65 


ALTERNATIVE SHELTERS 


Two other options are a front-opening 
A-frame and a one-person lean-to. For 
the former, secure a ridgepole or line 
to a tree at the height you want the 
entrance to be, then adapt the forest 
A-frame (see opposite), For the latter, : 

tie the ridgepole to two forked sticks © FRONT OPENING A-FRAME ONE-PERSON LEAN-TO 





a 





hammered into the ground and apply Wedge anogginunder theridgepole and A small one-person lean-to, together 
a cover similar to the forest lean-to lash it to the tree with an arbor knot to with along log fire built in front, provides 
(see pp, 162-63), take some of the weight. Build afire reflector you with a warm, dry, and comfortable 


to the side with the prevailing wind. shelter for an overnight stay. 













prevents final pe 
Jayer falling through 





Alternate the weave of saplings 





between one row and the next 

Weave four or five rows of saplings horizontally Cover the framework with a thick layer of natural 

through the side poles to make the walls into a material, such as pine boughs, small branches, 
strong framework for the covering, and sturdy twigs. Weave the materials into a “thatch". 
= Leave an entrance in the side near the front. Make = On each side, work your way gradually from the back of 
sure it's large enough for you to sit inside comfortably. the shelter to the front, and from the bottom to the top, 
é \ The covered walls provide 

NEED TO KNOW protection from the wind 






and the rain 












Build your shelter so that the wind blows across the front of it at 
a slight angle, rather than into it. This maintains its effectiveness 
anid prevents smoke erttering from the fire. If the shelter hacks 
otto the wind, there's a risk the wind will blow 
around it and cuel into the entrarice. 


starting from the ground ¢ 
working up to the ridgepole. 
= Build a fire reflector (see 
opposite) in front of the 
entrance to help direct heat 
towards you. 

= Stow your equipment and 
pack in the front of the shelter. 
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TROPICAL SHELTERS 


TROPICAL RAIN FORESTS CAN BE the easiest environments for 
building shelters because of the wealth of available materials. Once 
you've found a suitable location just decide what type of shelter you 
need. The most important thing is to raise the shelter off the ground. 
Make it as comfortable as you can, because quality sleep is important. 


MODIFIED PONCHO BED 
Most ponchos have press-studs to allow you to clip up the edges or to 


clip two ponchos together, They also have grommet holes that you can 
use as lashing points. Here, a poncho is modified into a tropical bed. 






















keeps the 

grommets 

together 
Clip the press-studs of the two 
sides of your poncho together 


Cut two strong support poles 
that can take your weight. 


f ieep 

| penche as 
‘ tqut as 

possible 


TOOLS AND MATERIALS 

= Poricho fitted with press-studs 
= Cordage 

= Long, heavy poles of wide 
barnboo stalks 

= Spacer bars 

a Krife, saw, mactete, or parang 
a Needle 

= Strona, waxed, cotton thread 


\ gg 






5 The spacer bar 
shee a fogerty Make the poles at fork fits around 
egch side of the 
fy a feast 3 ft CZ m) longer the pole 
ponche "tube 
than your poncho 






U 
Cut two “spacer bars" that will 
fit perpendicularly across the 


to form akind of “tube,” 

= Tie the grommets on the clipped 
side with pieces of cordage so that 
the press-studs don't come undone, 


= Insert the two support poles inside 
the “tube" of your poncho, one down 
each side. 


HAMMOCKS 
Many types of hammock 
are designed for the kind of 
hot weather you get in the 
tropics, and are often fitted 
with mosquito nets, In fact, 
hammocks make the best 
overnight shelter, as long 

as you can find two trees 
the right distance apart. 
The Hennessy hammack 

is. a good choice because 

it packs down small. 





HENNESSY HAMMOCK 
This ultralight, quick-drying 
harnrnock is both easy to set 
up. and comfortable to sleep 
in (ee p. 54), It's equipped 
with a self-closing door. 





PARACHUTE SHELTER 
Fold the panels of a parachute 
into a triangle. Lash a spacer 
bar to the opening and peg it 
out. Tle off the apex of the 
triangle further up the tree. 


support poles or, if you can find them, 
cut poles with a natural fork in them. 
= Tie the spacer bars into position 
using an arbor knot (see p, 142). 





HAMMOCK AND TARP 
Tie a ridgeline above the 
hammock, Drape the tarp 
over the line and anchor it 
on either side to a horizontal 
pole tied to two uprights. 
















ALTERNATIVE METHODS 


You can easily modify other forms of 
sheeting, such as atarpaulin, shelter 
sheet, and groundsheet. You will need 
adecent needle and plenty of strong, 
waxed, cotton thread (see Survival 
kits, pp, 60-61), There are two 







forms q tubelike 
structure 


Strong stitches 
on the open 


methods, which you can do either side of the 
on the trail or as part of your prior pater 
preparation. Adding spacer bars METHOD ONE 


keeps the poles apart and the 
sleeping platform tight. Both of 
these methods produce an excellent 
emergency stretcher. 


Lay the material on the ground and fold 
it once to create a wide “tube,” Stitch the 
length of the open sides and then insert 
apole along each side of the tube, 


PONCHO BED BENEFITS 


A modified poncho offers a bed that’s 
easy and quick to assemble, keeps you 
off the forest floor, and provides a 

confortable place for quality sleep. 






The modified poncho 
makes a comfortable bed 
















in place so they 
don’t volt qweay 
Peg if necessary 


The modified 
poncho now 
looks like a stretcher—in 
fact, you can use it as one 
in.an emergency, 
= Raise the poncho off the ground by resting it 
either on thick logs or sturdy poles. 


ALTERNATIVE DESIGN 


If you have a second poncho, 
shelter sheet, or tarp you can 
create a shelter to keep the rain 
off your modified poncho (see 
also Corded A-frame, p. 159). 

= Tie a ridgeline between two 
trees and hang the poncho, 
sheet, or tarp over the top of it. 
= If you're using a second poncho, 
tie its hood to another ridgeline. 
= Peg out the four corners of the 
poncho, sheet, or tarpaulin. 





The spacer bar 
keaps the poles 
in place when you 
fie on the poncho 


Make sure the 
height of the 
shelter provides 
enough room for 
you and your bed 


The folded sheeting 
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Stitch q “tunnel” wide 
enough te fit a pale 
through 












The support 
pole fits into 
the “tunnel” 


METHOD TWO 


Fold the sheet and stitch a “tunnel” along 
both sides just wide enough to take a pole 
that will support your weight. Push the 
support poles through the tunnels. 





BUILDING IN THE JUNGLE 


Shelters in the rain forest need to be 
quick to erect, just big enough for your 
needs, and safe from animals. 


CHECKLIST 

If you're thinking about building a shelter 
in a tropical forest, the following tips 
may help you 

= Check for hazards such as deadfalls 
(sudden branch falls\—a major cause of 
injuries during military jungle training. 

= You'll need a sharp cutting tool—ideally a 
parang or machete, but adecent busticraft 
knife or small ax will suffice, 

= Clear the ground around your shelter 
to deter animals. Use a makeshift brush, 
never your bare hands, to avoid being 
bitten by snakes or spiders, 

® Build your shelter far enough off the 
ground to avoid being bothered by insects, 
snakes, or any other animals—particularly 
those that move around at night. 

® Start building your shelter well before 
darkness sets in, which, in tropical zones, 
usually happens very quickly, Using a large 
knife in reduced light or by the light of a 
flashlight.can be very dangerous, 

= Work at a rate that you can manage, 
Humid conditions can very quickly lead to 
dehydration and heat-related Injuries such 
as heat stress and heat stroke. Your body 
tries to keep itself cool by sweating, so don't 
work too fast, drink water frequently, and 
take regular breaks, 

a Make your shelter secure—you don't want 
to make repairs at night. 

= Inside your shelter use a full mosquito. 
net and a mosquito head-net. 

= A fire will deter insects and animals. 
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JUNGLE A-FRAME 


An A-frame is relatively easy to make. If you have a poncho, tarpaulin, 
shelter sheet, groundsheet, or another type of sheet, you'll need to modify 
it first to make it into a bed (see pp. 166-67). If you do not have a poncho, 
lay branches across the poles to form a sleeping platform. 


Cut seven long poles ‘\ 14 Tie two more poles ] 

that will take your together to form 
weight. Tie two poles an “A" for the other end. Ay 
together with an arbor = Position these in 
knot (see p. 142) to form line with the first °A", 
















an °A" and tie the joint = The distance 

to atree or branch of between the two 

a tree (as shown). : “As needs to be 

The angle formed oe ; peat tie 
determines Roe j (60 em) longer ia 

the legs the platform wil sit your height. 


Make sure the 
poles are 
wedged firmiy 


inte the ground Check the 


functions 
are securely 
tied 






Put a ridgepole on 

top of the two “A"'s, 
= Tie this to both junctions 
for extra stability, 


Position both poles 
of your poncho bed 
(see p, 166) on the outside 
of the A-frame. 
= Move the poles down the 
outside of the frame legs 
until the sheet is taut. 





The poles of the 
modified ponehko 
settle into position 


Use an arbor knot 
(See p. 142) to secure 
the poles at the top 
of each "A" 


Place a tarpaulin or aie 


shelter sheet over 


















Tie the poles of the 
modified ponche to the 
legs of the A-frame for 
extya stability 





the ridgepole. Make the 
t 
= Securely tie a guyline to sheet tig a 
each corner with a Siberian py adjusting 
hitch (see p. 144), the taut TOOLS AND MATERIALS 
i tine hitches : ¥ ‘ : 
= Run each guyline to a peg see se Lorig poles and ridgepole 
or tree and secure it with a a 2 : : "A. m Cordage and pegs 
taut line hitch (seep. 145), aw Knife, saw, machete, 
— or pararig 
= Modified poncho bed 
= Tarpaulin, groundsheet, 


poricto, or shelter sheet 
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TOOLS AND MATERIALS 
If you can find enough bamboo you can make a type of lean-to a Thick Wauuler aoleS aad Gannay cokes 
shelter Find a spot close to the bamboo supply to reduce the = ice eave ae or paranig p 
amount you have to carry. If you need a raised sleeping platform, ee : 









= Cordage and pegs 
adapt the method used for the jungle hut (see p. 174). = Poncho and tarpaulin (if you have them) 
vi esol a The ridgepole 
spinon sits on top of Rest a ridgepole 
the noggin onthe back 






posts and tie it 


Cut four thick, wooden Tie anoggin to each post for support. Make two short, forked back posts 
support posts, Make sure they are level and at the to give the shelter a sloped roof, 
= Hammer two posts into the height you need for an entrance. = Align them with the front posts and far 
ground, wide enough to let you = Place a wooden ridgepole on top of the enough back so the roof is wide enough to 
lie lengthways between them. noggins and tie it to the posts. shelter you. 


= Hammer them into the ground and tie 


Wieite fn aha thie einer a second ridgepole to them. 


it down with q strong stick 


Starting from one end, lay lengths 

of split bamboo, hollow side up, 
side-by-side, between the ridgepoles. 
= Work your way back along the roof, 
this time laying the lengths of split 
bamboo with the hallow side down. f 







Cut lengths of 

bamboo long 
enough to reach between 
the two ridgepoles. 
= Split these by wedging 
your knife into each pole 
and hammering it down. 
= Prepare enough split 
bamboo lengths to cover 
the roof area two times. 














Steady the bamboo 
stem against g rock 
with your foot 


The spift bamboo 
Jayers of the roof 
divect water into 


the gutter eael other 


for strength 







Lash a long split bamboo 
stem to the lower ridgepole to 
form a gutter under the bamboo roof. 







= Put a pan or pot beneath the end of Pegsnaiboo pores te peti oe 
this sloping gutter to collect water. hold bedding in place drinking 
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JUNGLE HUT 


With a little extra effort you can make a more permanent and substantial 
shelter than a jungle A-frame. The raised apex roof of a jungle hut allows you 

to sit on the platform in relative comfort. This method uses a framework of four 
posts, but using two trees instead of two of the poles would make it more rigid. 


Dig four strong posts into the 

ground to form a rectangle at 
least 1 ft (30 em) longer and wider 
than yourself, 









Horizontal pole 


fs ino 4 pokeh Use a digging too! 


to loosen the soil 








With your knife or saw, cut a notch into each post 
deep enough to fit the curve of the horizontal pole. 
= Wedge the four horizontal pales into their notches and 
secure the junction using an arbor knot (see p, 142). 
» Lash a noggin to each post to support the poles, 


THATCHING LEAVES 


By taking advantage of the shapes of some tropical leaves, you 
can make a substantial, long-lasting roof or walls. The bigger and 
broader leaves involve less work. If you use rattan palm leaves 
you can create an alternating interweave that gives a tighter 
thatch than the overlapping method described above. 







RATTAN LEAVES Avattanieafiet 
The rattan palm has leaves that are fas. sharp barb 
on its tip 


composed of rows of smaller leaflets, 
You can split the leaves in two and 
hang the halves in layers on the 
framework of your roof, Alternatively, 
you can use them whole, by folding 
the leaflets from one side and 
individually weaving thern with 
leaflets from the other side. 


Intorweaving the leaflets 
from twe sides of the same 
Joaf creates q tight mesh 


LONG, BROAD LEAVES 

Many tropical plants have long, broad 
leaves that are good for thatching. 
These include some banyan figs, 
rubber plants, and types of banana. 
Arrange these leaves side-by-side 

on the poles of your roof frarne, tuck 
thern over the pole, and sew ther 
into position with strips of vine. The 
tips of the leaves in one row point down 
over the leaves of the row underneath, 


————— 


TOOLS AND MATERIALS 
= Strong posts ard poles 
= Branches for plattorm 
= Knife, saw, machete, 
of parang 

= Digging tool 

= Broad leaves for 
thatching the roof 












Roof supports are 
secured in position 
with an arbor knot 
(See p. 142) 






poles beneath 


Lay a row of stripped branches side-by-side 

across the horizontal poles to form a raised floor. 
= To make the roof supports, cut a notch on the inside 
of each post about 3 ft (1m) higher than the platform, 
= Tie apole into the notches on the posts. 
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ALTERNATIVE SHELTERS aie oral The domed 

Wickiups are found in various forms ices oe 
allows air plenty of 

around the world and are adapted eb ouinio room inside 

as local needs and materials dictate. 

For example, Native Americans made 

them as temporary shelters in the 

plains, where they were also known as ; 

teepees, The pygmies of the rain forest = WICKIUP PYGMY HUT 

used saplings to form a hemisphere The wickiup is a cluster of straight poles The domed pygmy hut is made from a 

that, once covered with natural that are lashed together at the top, with circle of bent saplings or limber poles 

material, created a warm, dry shelter, a” interwoven framework that's covered —_ secured firmly in the ground, then lashed 

with animal hides or grass, and thatched with natural materials. 


The pole forms 
the ridge 
of the roof 


Work from the bottom 
to the top, overlapping the 
Jeqves so the rain runs off 








Secure the 
eaves with thin 
strips of vine 






Tie poles together to form two Tie a series of horizontal poles to the 


A-frames. Tie these on top of the roof legs of both A-frames to create a roof. Hang jeqves with tips 
support poles at each end of the framework, = Cover the roof with big, broad leaves (such beg ee and 
= Place aridgepole across the apex of the as palm or banana) by folding them over the 
two A-frames and tie it in place. horizontal roof poles. 











The the 
broad 
Jeqves back 
wien its 
not raining 


THREE-LOBED LEAVES 

Leaves with three lobes, such as the familiar 
fig leaf, can simply be hooked over the 
poles of your roof with the stem 
pointing upward, On each row 
of leaves you need to hang the 
left and right lobes either 
behind the pole or in front of 
itin an alternating pattern, 
The riddle lobe then hangs 
down over two leaves on 

the row underneath, 





= Weave the broad leaves into the 
A-frame at the entrance, and let 
them hang down. 





(2. 
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TRUE-LIFE ACCOUNT ) 


EXTREME SURVIVAL— 


IN THE JUNGLE 





USEFUL EQUIPMENT 





tie ie FRENCHMEN GUILHEM NAYRAL AND LOIC PILLOIS lost 
€ a /sneite lee = ~ ; 5 
= Harnimock and mosquito net their way ona 78 mile (125 km) trek through virgin 
sic a - rain forest in French Guiana. They survived for 51 days 
olgnadl Hares and Whistle ; ‘ * . ‘ . 
= Flashlight and batteries in the jungle by drinking rainwater and eating palm 
x ria kit " seeds, snakes, and insects—although Nayral narrowly 
= Map, compass, GPS 3 3 3 
«Suniel bsioatt ite escaped death after eating a poisonous spider. 
Gell/sa tellite phone . , . 
‘ 3 — ery The pair set off from the Grand Kanori rapids on the Approuague 
oncho/bivy sacl 


River on Wednesday, February 14, 2007, bound for Salil, a former 
mining village at the center of the country. They planned to spend 
12 days hiking, and carried sufficient food supplies, a compass and map, machete, a 
tarpaulin, and two hammocks. They soon found that the going was tough—some 
days it would take several hours of hacking through vines to hike just one mile. On 
the morning of February 26, when Nayral and Pillois hac been due to reach Saiil, 
the pair found themselves far from civilization and in unexpected terrain. 


eae that ‘ Sak operation ie be ree “THE PAIR FOUND 
they set up camp and waited to be rescued. They built a 

shelter and divided the tasks—Nayral in charge of food THEMSELVES FAR 
and Pillois the fire, which was kept alight constantly FROM CIVILIZATION 
to attract rescuers. They had abundant water from AND IN UNEXPECTED 
rainfall, but were reduced to scavenging for palm TERRAIN” 

seeds, beetles, snakes, frogs, and spiders. 


Occasionally, helicopters passed overhead, but failed to spot them through the dense 
canopy of foliage. After waiting for three weeks, the pair decided to abandon camp 
and trek west toward Saiil. After another week of trekking for just three hours a day, 
unknowingly just 3 miles (5 km) from Salil, Nayral was incapacitated after eating a 
still-poisonous half-cooked spider. With no choice but to leave his companion behind, 
Pillois pushed on and reached Saiil, returning with a helicopter to rescue Nayral— 
dehydrated, with intestinal poisoning, and plagued by parasites—on April 5, 51 days 
after beginning his trek. 












WHAT TO DO 


ARE YOU IN DANGER? 


<& NO YES => 


> ASSESS YOUR SITUATION 
See pages 234-35 


vw 


DOES ANYONE KNOW YOU WILL BE 
MISSING OR WHERE YOU ARE? 


—& NO YES => 


> DO YOU HAVE ANY MEANS 
You are faced with surviving for OF COMMUNICATION? let someone know your 
an indefinite period—until you predicarnent. If your situation is 


are located or you find help & NO YES => serious enough to be worthy of 


emergency rescue, and you have 


> a Personal Locator Beacon (PLB), 
CAN YOU SURVIVE you should consider this option 
WHERE YOU ARE? * 


€ > Address the Principles of Survival: 
N 0 ¥ E S Protection, Location, Water, Food 


= Select a shelter site where 
you can sleep off the ground 
and where your location aids 

will be most effective 

= Use amosquito net If 
you have one; if not, put 
damp foliage on your fire 
to repel insects, or cover 
exposed skin with mud 


Get yourself out of it: 
Sun/Heat/Humidity—Slow down 
to the pace of the jungle, Find or 
improvise Immediate shelter 
Animals—Only six percent of 
snakes are poisonous but everything 
in the jungle will try to protect itself 
Injury—Stabilize condition and 
apply first aid 
— 
















Tf you are in a group, try to help 
any others who are in danger 

















Tf no one knows you are missing 

or where you are, you will need to 
notify people of your plight by any 
means at your disposal 






Tf you are missed, a rescue 
party will almost certainly be 
dispatched to find you 













Tf you have a cell or satellite phone, 








Tf you cannot survive where you 
are and there are no physical 
reasons why you should remain, 
you will have to move to alocation 
that offers a better chance of 
survival, rescue, or both 
















































>» 
<= | naveto 


MOVE ** 





YOu WILL 


DO 


= Make an informed decision 

on the best location to move to 
= Use line of sight to navigate 
on your bearing, as visibility may 
be less than 33 ft (10 m) 
= Improvise shelter when 

not Redes and sleep off DON'T DON'T 
the ground, clear of the 
damp floor and animals 


























= Use your hands to clear = Let the oppressive nature 



























undergrowth—a machete or of the jungle overwhelm you, : 
= Be on constant lookout | walking staff is better suited Slow down toits pace, don't [| ™ Deployall your aids to 
for dry tinder and fuel w Denies fight against it location and prepare them 
= Follow water courses water —boil or treat all of = Let your firewood get ss a ae ce Be 
downstream. Transport your water before drinking damp—store dry tinder oN =e See 
Ti Shelune Vals ™ Leave it too late in the day and split or quarter wood Ne crsmmrene 
rivers, so settlements are to stop and make camp— to get to the dry inner core = Keep your flesh covered 
most likely to be found three hours before sunset is m= Eat what you cannot despite the heat—the 
alongside rivers recormended identify as edible—this high humidity encourages 
® Step onto logs so that wm Keen tooasisl’ Wakes could result in you infections, Also wash at 







every opportunity 

= Keep a fire going—it 
aids location and wards 
off insects 


you can see what Ison noise as you progress to warn becoming so Ill that you 


the other side, rather than animals for your approach cannot function 
stepping straight over onto 


an unseen snake 
















* Tf you cannot survive where you are, but you also cannot rrove owing to injury or other 
factors, you must do everything you can to attract rescue. 








* Tf yoursituation changes (for instance, you are “moving” to find help, and you finda 
suitable location in which you can stay and survive) consult the alternative "Do" and "Don'ts." 
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DESERT SHELTERS 


IF YOU'RE PLANNING A TRIP into the desert, take something you 
can use to improvise an immediate shelter from the sun—for example, 
a shelter sheet, tarpaulin, poncho, space blanket, or even a couple of 
pieces of parachute material that will pack down into almost nothing. 
You can either build a shelter called a “scrape” in a natural hollow 

or erect a quick shelter above the ground using your poncho. 





BUILDING IN THE DESERT 


Erecting a natural shelter in the desert 
is a challenge because of the heat and 
potential lack of materials, so try to find 
a site that’s shaded by a tree or shrub. 


POINTS TO REMEMBER 

The following tips will help you deal with 
the extremes of temperature: 

= Never try to build your shelter during 

the hottest part of the day, 

® Ration your sweat and not your water. 
Avoid exerting yourself, If you start to 
sweat then stop what you're doing and take 
abreak in the shade (30 minutes under an 
unfolded map or a space blanket and have a 
drink). Ifin a group, share the work. 

® Don't leave it until the last minute to find 
a suitable location for your shelter. Make 
the decision early and plan accordingly. 

® Never build a shelter in alow4ying area, 
dry river bed, or wadi as they are potentially 
at risk of flash floods, 

® Avoid the top of large, isolated hills or 
mountains because of the danger from 
lightning and extreme winds. 

™ Try to set up your shelter on a small rise, 
where the temperature can be as much as 
10 degrees warmer at night (cold air sinks). 
m Ensure the opening faces north in the 
Northern Hemisphere and south in the 
Southern Hemisphere so the sun doesn't 
shine directly in during the day, 

= Try to dig down to create a depression, 
as the ground is cooler below the surface. 

® Build your shelter for the worst possible 
conditions and not the conditions at the time. 
Desert weather can change very quickly and 
dramatically, and the ferocious winds will rip 
apart any shelter that is not secure. 

= If your shelter sheet has a shiny side, 
make sure it faces up to reflect heat and 
act as an aid to location from above, 


TOOLS AND MATERIALS 
= Cordage and pegs 

= Digging tool 

a Knife 

= Poncho, space blanket, 
tarp, or parachute material 
= Rocks or ballast material 


DESERT SCRAPE 


= Strong posts 
If you have cord, youcandigascrape \, f 
and use the cord to peg out the sheet 
above the scrape. If you don't have cord the sheet will 
have to be held in place by other means, such as soil, 
sand, or rocks. With all layered desert shelters try to 
maintain tautness and separation between the layers. 


CORDLESS SCRAPE 


Tf you don't have enough cord to peg out a sheet, you 
can make a scrape by either digging down or building 
up the sides with rocks or sand mounds placed at 











Tf the hollow isn't deep 
enough to lie in, make 
a digging tool and scrape 
out the soil from the bottom to fate 
build up the sides of the hollow. pty the sides iti 
rocks covered with solf 


Spread your poncho, 

shelter sheet or tarp 
across the top of the hollow. 
s Nake sure 
the edges of the 
material overlap ; 
the sides of the hollow. 






Weigh the 









ponche down 
with rocks 
Air space helps te 
Insulate a he Se ae 
iMake a gap of at ened 4 “Se 
fegst 6 in 5 em) % 
between the layers : > 
ee ae — *. P-- 
am eC 
gus Se Weigh the to 
Use an additional sheet = ; me oe , 
to make a second layer to create dead air with rocks 


space that helps to reduce the temperature below. 
= Tf you only have one piece of material to use as 
cover, try to double it over to create the two layers. 








The first family of standards derived from the IMT 
concept (IMT-2000) aligned with 3G cellular. Radio 
technologies accepted into IMT-2000 included 3GPP 
Wideband Code-Division Multiple Access (WCDMA), 
3GPP2 cdma2000, and IEEE 802.16 [i.e., Mobile 
Worldwide Wireless Interoperability for Microwave 
Access (WiMAX)]. The next generation of IMT stan- 
dards (IMT- Advanced) aligned with 4G cellular. Radio 
technologies accepted into IMT-Advanced included 
3GPP LTE- Advanced and IEEE 802.16m [i.e., Wireless 
Metropolitan Area Network (WMAN)-Advanced]. 


Timeline for IMT-2020 


In 2012, ITU embarked on a program to develop 
“IMT for 2020 and beyond,’ setting the stage for 
emerging 5G research activities around the world. The 
program has since adopted the name IMT-2020 and 
forms the framework for the next generation of mobile 
broadband standards. The timeline for the develop- 
ment of IMT-2020 is shown in figure 3 [24]. The IMT 
2020 timeline will essentially follow the same process 
used in the development of IMT-Advanced. 


2014 2015 2016 


WRC-15 


2017 





FEATURE 





The IMT-2020 program is well under way, with a 
number of key milestones completed. In September 
2015, ITU published its vision of the 5G mobile 
broadband connected society [19]. This document 
defined three high-level use cases for 5G, described 
earlier in this article, which have already been widely 
adopted by 3GPP and industry in general. In the next 
phase, the 2016-2017 time frame, ITU-R WP 5D will 
define in detail the performance requirements, evalu- 
ation criteria, and methodology for the assessment 
of the new IMT radio interfaces. It is anticipated that 
the time frame for proposals will be focused in 2018. 
In the 2018-2020 time frame, independent, external 
groups will evaluate proposals and the definition of 
the new radio interfaces to be included in IMT-2020 
will take place. ITU-R WP 5D also plans to hold a 
workshop in late 2017 to discuss the performance 
requirements and evaluation criteria for candidate 
technologies for IMT-2020, as well as to provide an 
opportunity for presentations by potential propo- 
nents for IMT-2020 in an informal setting. The whole 
process is planned to be completed in 2020, when a 
new draft of the ITU-R recommendation with detailed 


2018 


2019 


WRC-19 


2020 





(a) = if needed focus meeting towards WAC-19 (non-Technology), (b) — focus meeting on Evaluation (Technology) 


Note: While not expected to change, details may be adjusted if worrented 


FIGURE 3. Detailed timeline and process for IMT-2020 in ITU-R [24]. 
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DESERT SHELTERS l#5 


QUICK SHELTER SUN PROTECTION 


If you can't find a hollow, erect a poncho shelter (see pp. 158-59) See se See a scllate m 
ina place that keeps you cool during the day—for example, under smo son de nn a 
existing shade, such as trees or bushes, or at the top of a slight 9 g 


ioe ' you've brought, such as a trekking 
rise in order to benefit from any cool breeze, umbrella, tent, or space blanket, 








Find a site beside a tree or secure a post next to where you 


Material 
want the shelter’s opening to be, nih 


may be 








= Rig aridgeline to the tree or post, and peg your poncho used as 
; angidto | 
over it to form a shelter. location 


= Repeat with a second poncho, shelter sheet, 
or space blanket to create 


ts ; 
a separate layer. TREKKING UMBRELLA 


Asmall, lightweight umbrella protects 
against sun, wind, and rain, creates cool 
shade, and doubles as a walling stick. 
Some have reflective material, or a 
flashlight in the handle. 


Leqve sides 
and bottom: 
open to gir 
the shelter 


DAY-TIME CONFIGURATION 
Twigs and 


branches 







v help to 
At night, de-rig the outer shelter and use it as a sleeping ey 
& cover for warmth. 


= Prevent heat escaping by securing the sides and bottom 
with rocks, stones, shingle, or sand. 


= Sleep on some bedding if possible. 










SPACE BLANKET 

This should be part of your basic survival 
equipment and will afford immediate 
relief from the sun. Remember that it's 
alrnost impossible to pack a space blanket 


Weigh dows to its original size once it's unpacked. 


with rocks or Sand © ~~ ss 


to keep the heat in rats Seemet 





NIGHT-TIME CONFIGURATION 
Unpack Use a 
. essentials from — Stable pile 
"your pack before . of rocks 
using it asa post to support 2 
sheets aes 


PARA SCRAPE 


If you have cordage you can tie your sheet 
to four posts, If you haven't got enough 
cordage for four, use your backpack or 
apile of stones instead. 

= Prepare the depression or hollow as for 
acordless scrape (see left), 

= Use trees if available, or improvise posts 
from wood, piles of stones, or your backpack, 
= Tie the sheet to the trees or the posts 
above the depression, leaving a gap 

for air to flow over, 

= Create a second layer at least 

6 in (15 cm) above the first. ts 
= If foliage is available, place it between’ 


the layers to maintain separation, - iy space. 
v Ly ® between igyers a 


Support post A tree may 
can be made support and 
from sturdy __ provide much- f 
Ml) piece of wood am eeded shader =. 9 


<-4 
Ee er ” 



















S 





the cooler 
it will be 
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SHORELINE SHELTERS 
IF YOU FIND YOURSELF in a survival situation, andcanmake © SN 


your way to a shoreline or beach, it may offer you particular TOOLS AND MATERIALS 

: j : i ® Diggitig tool 
benefits. Rescue is more likely here than further inland as your » Driftwood and/or rocks 
aids to location work better in open areas, people are more By = Broad-leaved plants or grass, 
likely to live on the coasts, and useful flotsam washes up po omcho «tarp 


® Knife 
twice daily on even the remotest of beaches. 


= Cordage and pegs 
DRIFTWOOD SHELTER 








If there's enough driftwood around on 
the shoreline, you can use it to make 

a variety of shelters covered in this 
chapter A hole-in-the-ground driftwood 
shelter offers simple protection, but Make a 

may need continued attention if the digging tool and 
sand is very fine or gets wet. 


—___ The side of a 
trench gives 
better protection 

than stacked 
atte 










dig a trench in the sand, 
= The trench must be above the 
high-tide line, long enough for you and 
your equipment, wide enough to be biecina tears 
comfortable, and deep enough so you can paihtenend fe 
roll over without disturbing the roof, 










BESIDE THE WATER f 


Shorelines vary with the environment— 
from tropical beaches, where sleeping 
out under the stars is not a problem, 

to rugged coasts in higher latitudes, 
where spending a night unprotected 
from the elements would be suicidal. 


Creqte the roof using 
aq thick layer of leaves 
oriss-crossed over 
the framework 











Avoid leaving any 
gaps in the thick 
Jayer of leaves 


POINTS TO REMEMBER 

Tf you intend to spend a night on a shoreline, 
exposed to the elements, the following tips 
may help you: 

= Build the shelter above the highest high-tide 
mark on a seashore (see opposite) and above 
the highest watermark on a river or lake beach, 
Tf in doubt, move slightly further inland, 
where the protection may be better and 
materials more easily available, 

= Try to establish what the weather's going to 
do by looking at the sky, watching the water, or 
detecting changes in the wind (see pp, 82-83), 
= Plan for the worst, or atleast have a 
back-up location should things not work out, 

= Check the area for insects, such as midges, 
mosquitoes, gnats, and horseflies. 

a Look for signs of wildlife, such as crabs 

and even turtles as sources of food. 

= Finish your shelter and collect water and 
firewood before it gets dark. 

= Beware the effects of sun and windburn, 
even on overcast days, 

= Utilize driftwood and other building 
materials. Remember, any wood that's 

been in the seas likely to be very heavy. 






Sand piled up on top 
of a driftwood pole 


Completely cover the 

framework with layers of 
palm leaves, broad leaves, or dune 
grass. Avoid leaving gaps because 
the next layer will be sand. 
= As an alternative, you can lay a poncho, tarp, or 
shelter sheet over the framework. Weigh it down 
with sand or stones, or peg it out if you have cordage. 
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Build a wall made 
from sand. rocks, 


and driftwood Add bedding 


before you make 
the frameworl 


Firmly position 


a EF OSS-pleces on 
foundation for tie bi ioe 4 
ere prevent the roof 
from caving in 
Find two pieces of driftwood that are as long Place pieces of driftwood across the trench 
as your trench, Several shorter pieces in a line to form the framework of a basic roof, 
will work equally well if you can't find long pieces. = Weave smaller pieces of driftwood into the framework, 


making sure they sit firmly on the driftwood in the walls, 












USING A LIFERAFT 
Once you have covered the sell tae tae 
ne annus te abarrdaned ship ia 
shelter with a thick layer of sand or soil, "shelter, and protects lifaafi, i ean be usedas 
= The more cover you put on the roof, you from the elements are dy-tn ade innediais 


the more protected from the elements 
you willbe, However, take care not to 
put so much weight on it that it collapses, 


Bedding material is shelter—even on land. 


essentiqgi for keeping \ y] 
warn at night 









ON THE BEACH 


The best place for a shelter is the landward side of the 
backshore: you can watch the sea, your daily fire can be 
seen from the sea, and you can see your shelter as you 
scavenge along the beach. In bad weather, however, 

the landward side of the dune crest is the best place. 


Begeh/Shore Shoreface 









Dune Crest lag ------- olag ——telag ----------- 


PARTS OF A BEACH 

A beach is shaped by the tides and the berm (a natural 
ridge) consists of deposits of the materials that make up 
the changing shoreline (sand, shingle, shale, and so on), 

= At the top of the berm is acrest. A slape, or face, leads 
down from the crest to the water, At the very bottom of 
the face there may be a trough. 

= The storm beach extends inland and this is where the Shelter position 
wind and storms blow small particles of sand, in bad weather 
= Dunes form where the wind creates larger deposits Idea! 
of sand behind the beach. shelter 
= Longshore bars (sandbanks) may lie further out to sea position Trough 
and are forrned where the waves first start to break, 
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SNOW SHELTERS 


THE TYPE OF SNOW SHELTER you can build depends on the 
kind of snow, the equipment you have, and the opportunities 
offered by the environment—for example, wooded areas are 
usually better than open areas because they provide protection 
and natural materials. You could build a snow trench, snow cave, 
tree pit, snow ledge, or a quinzhee. 


COMPACTED SNOW TRENCH 


If the snow Is compact enough, and if you have a long knife or snow saw, 
you can cut out blocks of snow to forma trench and then use the blocks 


TOOLS AND MATERIALS 

= Boughs and branches 

= Bedding 

» Lorig pole 

= Spade or pan for shoveling snow 
= Long knife og saw 

= Knife (or other long blade) 

= Tarpaulin or shelter sheet 


\ qq 


to form an apex roof. This design requires a lot of effort and a bit of 
practice, but gives you a solid shelter with some additional height. 


Use the blade of your 

knife to cut.a rectangular 
trench that is the width, 
length, and depth you require. 
= Cut blocks from the rectangle 


and place them at the 
side of the trench. 


8-12 in (20-30 cm) thick 


Pack snow into any gaps 
between the blocks. 
« Pile extra snow on tap of the 
blocks to add insulation. 
= Create a doorway fram 
snow blocks or your backpack, 
= Don't block the doorway 
completely, but allow for 
adequate ventilation. 


BUILDING SNOW 
SHELTERS 


Study the snow around you to 
determine whether it's compacted 
or uncompacted before you start. 


POINTS TO REMEMBER 

The following tips may help if you intend 
to build and stay in a snow shelter; 

= Make a shelter that’s just big enough 
for you and your equipment. Don't 
spend hours building a shelter for only 
one night: do the least amount of worl 
for the maximum amount of protection. 





Don't strain yourself 
when cutting and 
Sifting the blocks 








Make each Block 


= Tf you need to peg out guylines 

in the snow, tle a short stick 6-12 in 
(15-30 cm) long to aline or cordage 
and bury it in the snow, Compact the 
snow down on top and, when the snow 
sinters (hardens), your peg will be 
held secure, 

= Snow is an excellent insulator, Fresh, 
uncompacted snow is typically 90-95 
percent trapped air, Since the air barely 
moves, the snow can keep you warm 
and dry if used correctly, 

= Check your site for hazards, such as 
snowdrifts, freezing winds, avalanche, 


cornice collapse, and big animals, 


Trim the ends and rest two 

blocks against each other at Js 
the required angle for your roof, * 
= Use the other blocks to 
complete the roof and cut 
a triangle for the foot end. 

















Carefully balance 
and fit the trimmed 
blocks, starting at 
the foot end 










Lay bedding of 
evergreen boughs at 
feast I0 in (25 cm) thick 


Use snow to sea! 
the joins 
between blocks 


Your backpack can be 
used to partially block 
the entrance when 
youve finished 





= Create ventilation holes—make one 
near the ground to let fresh air in and 
one at the top to let air escape. Check 
the holes are clear every 1-2 hours. 

= Keep tools inside the shelter in case 
you have to dig your way out, 

® Tf you leave the shelter, mark the 
entrance. Take basic survival equipment 
with you: it's better to have and not 
need than to need and not have. 

= Brush snow off your equipment and 
clothing before entering the shelter. 

= Tie all vital equipment to yourself 
so that you can't accidentally drop 
and lose it In deep snow, 
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FOUND SHELTERS 


Tf you're lucky you may find a tree 
that has space under it so you don't 







Heo fire 





controtied 
have to dig a trench. For example, so it doesn’t 
under a low bough or in a tree melt snow 
pit—an area where a heavy and deep —- apave 
snowfall has built up around atree, LOW BOUGH TREE PIT 
leaving little or no snow under the Find an evergreen tree with alarge branch Test the snow around a tree that has 
lower branches. Use your walking lying on top of the snow. Dig down from large, low, snowbound branches. Little or 


stick to check the depth of the snow, the leeward side, excavate a pit, insulate no resistance indicates a pit. Dig from the 
and also to check for pockets of air. the floor with boughs, and make sure you leeward side, place boughs on the floor, 
have adequate ventilation, and ventilate the pit, 





FIGHTER TRENCH 


If the snow is soft, a fighter trench is quick and 
easy to build. In an emergency, you can even make 
a trench by kicking out the soft snow, First, find a 
location that protects you from the elements as 
much as possible, then test the depth of the snow 
with your walking stick or a pole. 



















Using a spade or pan, or by simply 
kicking away the snow, clear a 
trench large enough for you 
and your equipment. 
= Allow at least enough 
depth for you to be able 
to roll over in your 


sleep without + 
disturbing <t 
the roof, ‘ 


Ifyou can, dig down 
through the soft snow 







Add bedding 
before making 
the roof 


Create a framework of branches 
and boughs across the trench, 


to the ground = Make sure you have enough roofing material 
on top to stop the snow from penetrating through. 
A shelter inside q trench 
sheet or tarp you only have 
makes an extra enough space 
insulating layer to fle down 





If you have a shelter sheet or tarpaulin, Cover the framework with at least 12 in 

place it on top of the framework to (30 em) of snow to act as insulation. 
form an extra insulating layer. = Dig asmall pit at the entrance to allow easy access. 
= Alternatively, you can use it to cover your bedding, = At the entrance, you can make a small, controlled 


fire on a green log base, 
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QU INZH EE Scoop up the snow with 


A quinzhee is a dome-shaped shelter made by hollowing out a pile a pean 
of settled snow, It's an overnight shelter that is easier to construct 

than the more permanent igloo (“igloo” means “home"), which is 
made from cut blocks of snow and requires skill and knowledge. You 
can't stand up ina quinzhee, but you can sit upright or just curl up. 










Cover your 
ire a4 Build up the 
4 Carp au: core with smal! 


branches and twigs 


CAS 
Find arelatively flat area that’s covered with an Use a container, pan, snowshoe, or other suitable 
abundance of snow. item to gather as much soft snow as you can. 
= Mark a circle for your quinzhee, including walls that will = Pile snow on the shelters core to form a dome of the 
be about 10 in (25 cm) thick, and stamp down the snow. required height. Build up layers of snow until you have 


= Use your backpack and boughs or leaves covered witha a covering of at least 10 in (25 cm), smoothing out each 
tarpaulin to form the core of the shelter. Site the doorway —_ layer as you go. 
at 90 degrees to the prevailing wind. 


Mark each guide -stick at about 
12-18 in (30-45 em) before 
Inserting it inte the snow 


tS 





Never use your 
hands to smooth x \ \ | 
out the snow sy 
i \ 
Scoop up snow into 
a small mound to 


form the entrance 


==. 


~ re" 
Smooth out the snow on the dome and leave it to To get an even thickness 
sinter (harden) for 1-3 hours, depending on the type in the roof and walls, push 
of snow and the ambient temperature. guide-sticks of equal length 
= Keep active during this waiting period, particularly if it’s through the snow toward the 
windy: collect wood, build a fire (away from the quinzhee), center of the dome. 
and prepare yourself for the night. = Build asmall compact mound 


in front of the dome. 















SNOW CAVE 


A snow cave provides good protection but it takes a lot of work. Suitable locations 
might be compact snow on the lee side of ahill or an established snowdrift with a 
firm crust. Avoid snow that's newly fallen, powdery, loose, or shallow and uneven. 
The cave should be high enough to sit up in and deep enough for you and your 
equipment. Locate the entrance 45 degrees downwind to keep it free of drift. 


Ventiiqtion hole 
te fet aiv escape 


- > 


BUILDING THE GAVE 

= Dig a tunnel 3 ft 1 m) long into 
the snow bank, then excavate a 
cave.on two levels. The lowest is 
the tunnel, while the other is a + on 
ledge at least 2 ft (70 cm) higher, " 
and wide enough to sleep on, | 
= Create an arched ceiling to give — 
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SNOW LEDGE 


You can build a snow ledge from a 
welloacked drift of snow out of the 
wind, or at least perpendicular to it. 


MAKING THE SNOW LEDGE 

= Dig out blocks to form a doorway about 
2 ft (70 cm) into the snow, Dig out blocks 
to form ahorizontal rectangle above. 

= Dig upward to create a sleeping 
platform and then form an arched ceiling. 
= Place the cut blocks across the horizontal 
rectangle and seal any gaps with snow. 

a lake a ventilation hole in the roof and 
one lower down to let fresh air circulate, 













the cave more support. Make it at 

least 18 in (45 erm) thick so It can 

take the weight of heavy snow. %, 
= ark the area with boughs to y 
warn people where the shelter Is, 

= Insulate the sleeping ledge with 

plenty of natural material, 

= Nake at least one ventilation 

hole in the roof, but not facing 

into the wind. 


Smooth ceiling 
to prevent drips 








Tunes entrance 
to the snow cave 
creates q cold sink 


Remove one or 
twe gulde-sticks to 
encourage ventilation 


_y +—} 


wen 









CARBON MONOXIDE 
Carbon monoxide is an odorless gas that’s 
produced when there's not enough oxygen 
to create carbon dioxide from burning fuel. 
Carbon monoxide poisoning can be fatal ina 
well-insulated, non-ventilated environment, 


Wake q fist-sized 
ventilation hole qt 
the top of the dome 


PREVENTION IS BETTER THAN CURE 
Create one or more holes, 3-4 in (75-10 cm) in 
diameter, at the base and top of your shelter, 
Make sure the air flows out unobstructed, 


2. SIGNS OF POISONING 
Se Carbon monoxide poisoning is cumulative and can 
build up over afew days, Mild effects are fatigue, 
Make a ‘ faintness, and flu-like symptoms. As It progresses, 
_ fist-sized ew the effects are severe headaches, nausea, and 
Ft GO om up decreased mental coordination, 
from the ground P 5 — Backpack : 
and keep it clear & can be used TAKE ACTION 





at ail tines hed Get into the fresh air at once. You need to breathe 
fresh air for at least four hours to reduce the amount 


When the snow has hardened, burrow into the mound, remove of carbon: monoxide in your system by halt. 


your backpack and tarpaulin, and excavate snow from the core. 
= Use the guide-sticks to keep the walls at least 10 in (25 cm) thick. 
= Dorit use your hands to dig as they will get cold and wet. 
= Smooth out the snow on the inside to prevent drips from forming. 
= Build araised sleeping platform. This creates a cold sink (an area into 
which the caldest air falls), taking cold air away from your sleeping area. 


DETECTORS 

Carbon monoxide detectors are widely available, 
but tend tobe made for the home or RV, Some 
models are battery-operated, but they re ton bulley 
for camping. You can wear a patch that changes 
color when carbon monoxide is in the air, giving 
an early visual warning. 
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WATER AND FOOD 





TREAT WATER 


The importance of water, even ina environments to require 14 liters 
short-term survival situation, should (3*/s gallons) per day. We tend to take 
never be underestimated. Water is water for granted, not appreciating just 
essential to life, and a regular intake how important it is until we don’t have 
of 2-3 liters (4/s-6!/: pints) a day is any—at which point it becomes the 
needed just to maintain your water most important thing in the world. 
balance and prevent dehydration. You should always plan your treks 
The amount required can increase around your need for water and your 


dramatically depending on factors such ability to replace it as required. There 
as the temperature of the environment, are many hydration systems available 


your age and physical condition, your and many small and efficient methods 
workload, and whether you have been of filtering and purifying water on the 
injured. It’s not unusual for UK Royal trail. In a survival situation, you should 
Marines operating in desert or jungle always strive to filter and purify any 


In this section BCA (tay eye) 3: ae 


= that birds can show you the way to water... 

= when to suck on a small pebble... 

= how to make a gypsy well and a solar still... 

= why a Finnish marshmallow could save your life... 
= how to absorb water without drinking it... 

= how to improvise a basic bladder... 

= the importance of surgical tubing... 





Introducing 5G 





specifications for the new radio technologies will be 
submitted for approval within ITU-R [24]. 


Standardization in 3GPP 


3GPP is the international standards body responsible 
for the development and maintenance of major sec- 
ond-generation (2G), 3G, and 4G cellular standards. 
The purpose of the organization is to produce interop- 
erable cellular communications standards, as well as 
studies and reports that define 3GPP technologies. The 
following technologies are currently maintained and 
evolved by 3GPP: 


> Global System for Mobile Communications 
(GSM), General Packet Radio Service 
(GPRS), and Enhanced Data Rates for 
GSM Evolution (EDGE); 


> Universal Mobile Telecommunications System 
(UMTS), WCDMA, High-Speed Packet Access 
(HSPA), and HSPA Evolution (HSPA+); and 


> LTE, LTE-Advanced, and LTE-Advanced Pro. 


These 3GPP technologies are constantly evolving 
through a series of backward-compatible releases. 
Since the completion of the first LTE and Evolved 
Packet Core (EPC) specifications, 3GPP has be- 
come the focal point for mobile systems beyond 3G. 
Therefore, 3GPP is expected to be a critical player in 
the development of 5G, and their timeline will have 
a direct influence on the timeline of the emerging 
5G market. 


3GPP is currently defining a new 5G RAT and 
corresponding network architecture. These are being 
developed within 3GPP under the working names 
“new radio (NR)” and “next-generation (NextGen) 
architecture,’ respectively [25]. In October 2016, 3GPP 
announced that the new 3GPP system will officially 
be known by the name “5G” from Release 15 onward 
[26]. Some initial standardization steps that have been 
taken to date include the following: 


>» SMARTER study item: In March 2015, 3GPP 
Technical Specification Group (TSG) System 
Aspects (SA) began a study item on technol- 
ogy enablers for new 5G services and markets, 
known as the SMARTER study item [27]. The 
objective of this study was to develop high-level 
use cases and identify the related high-level 
potential requirements to enable 3GPP network 


operators to support new services and markets 
in 5G. Phase 1 of the SMARTER study item was 
completed in March 2016; results are docu- 
mented in 3GPP Technical Report (TR) 22.891 
to be included in Release 14 [28]. A total of 74 
use cases were identified. This work prompted 
four building block studies that grouped the use 
cases into families with common requirements: 
massive Internet of Things (IoT), critical com- 
munications, eMBB, and network operation. 

The building block studies were completed in 
June 2016; results are documented in 3GPP TRs 
22.861, 22.862, 22.863, and 22.864 to be included 
in Release 14 [29]. The results of the SMARTER 
study will form the basis for a work item to de- 
fine normative stage 1 requirements for the next- 
generation 5G system. The work item is sched- 
uled for completion in March 2017; results will 
be documented in 3GPP Technical Specification 
(TS) 22.261 to be included in Release 15 [29]. 


Study item on channel model for frequency 
spectrum above 6 GHz: The first 5G study 
conducted by TSG RAN focused on developing 
new channel models to support high-frequency 
spectrum from 6 GHz to 100 GHz. The models 
consider a variety of scenarios including urban, 
rural, and indoor, as well as the impact of line- 
of-sight (LOS) versus non-LOS (NLOS). The 
study was completed in June 2016, and results 
are documented in 3GPP TR 38.900 to be in- 
cluded in Release 14 [30]. 


Study item on architecture for next-generation 
system: In December 2015, 3GPP TSG SA ap- 
proved a study item to design a system architec- 
ture for the next generation of mobile networks. 
The new architecture will support at least the 
new 5G RAT(s), the evolution of LTE, and non- 
3GPP access types and will minimize access de- 
pendencies. The study considers new approaches 
such as NFV and network slicing. The study 
item was scheduled for completion in December 
2016; results will be documented in 3GPP TR 
23.799 to be included in Release 14 [31]. 


Study item on scenarios and requirements 
for next-generation access technologies: In 
December 2015, 3GPP TSG RAN approved a 
study item to develop deployment scenarios 
and requirements of next-generation access 





water before drinking it. Bringing water 
to the boil will kill all water-borne 
diseases. In the short-term, stomach 
bugs from contaminated water may 
not kill you but they can seriously 
affect your ability to carry out other 
survival tasks. However, if you have no 
choice, it’s better to drink contaminated 
water than not to drink at all. That 
way, a doctor will at least be able to 
treat you, whereas dehydration will kill 
you—and death can’t be treated! Never 
drink urine or salt water, as these will 
only dehydrate you more. 






If a source of water is 
undrinkable, such as salt or stagnant 
water, or even urine, you can still 
produce drinking water if you have the 
means to start and maintain a fire. 


THERE ARE MANY WAYS to purify 
water, but if you have a fire you will always be 
able to distill it—and therefore make it drinkable. 
Build your fire close to the water source (if the 
water can be poured into a container or a hole 
dug in the ground where it will not seep away 
quickly, this will make the process more 
efficient). When the fire is established, place 
rocks in it (don’t use slate or other layered rocks 
as they might shatter). Once the rocks are 
heated, use a forked stick or similar to transfer 
them into the salt or foul water. Then, suspend 

a piece of absorbent material, such as a T-shirt 
or moss, over the hot rocks to collect the steam. 
The steam will condense on the material and the 
resulting water, which you can wring out, will be 
fit to drink. If you have a cooking pot or survival 
tin, you can simply fill it with water, boil it over a 
fire, and collect the steam in the same way. 


If you have absolutely no means 

of treating or boiling water, you should try to: 

= Find the clearest flowing water and collect it 
from the surface. 

m Filter debris out, even if only through a sock. 
= Remember, it’s better to drink foul water than 
not to drink at all. 


OG We tend to take water for granted 
until we don’t have any—at which point 
it becomes the most important thing 


in the world my 
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THE IMPORTANCE OF WATER 


YOU REQUIRE A STEADY supply of water to sustain 
yourself in a survival situation and without it you will 
dehydrate. Left unchecked, dehydration will end in 
death. To survive, a balance between water intake 
and loss must exist. 


WHY YOU NEED WATER 


Water is essential to life. It is needed, 
directly or indirectly, for every 
physical and chemical process 

that takes place in your body. 

Here are just a few of the functions 
that water performs: 

= Delivery service: water carries 
oxygen, nutrients, and other 

essentials around the body. 

= Waste remover: the kidneys use 
water to flush out toxins via urine. 

= Coolant: water regulates the 

body’s temperature. 

= Breathing aid: the lungs use water to 
moisten inhaled air so that it doesn’t 


Blood: water 
lays a significant 
role in regulating 
blood pressure 


Lungs: warer helos 
moisten the fangs 
and assists 
breathing 


Kidneys and fivers 
water fassens the 
burden on kidneys 
and liver by flushing f 
cut waste products J 





Brain: woter makes 
up aopreximataly 
&O percent of brain 
fisswe. It protects 
the organ from 
bumps and jarring 









































Soft tissue: 
water moisters 
tssues such as 
those in the nose, 
mouth, and eves 


Heart: higher 
water consumption 
helps remove fotty 
acids from the 
body and reduces 
the risk of a heart 
attack 


Stomact: 
water felps 
the body digest 
food in the 
stomach and 
turn if inte 
energy 


Mineral 
absorption: 





irritate the sensitive pulmonary linings. Bladder: water water heips 
- enables the hody dissolve 
= Sensory aid: water helps conduct ko fash cub wate minerais and 
nervous impulses around the body. and toxins eel eich 
ray ; through the é 
= Shock absorber: water protects the Hladdar accessifie to 
vital organs and provides lubrication EY, 
around the joints. 
Bones: water 
makes up 
approximately 
22 percent 
HOW MUCH WATER Joints: woter of bores 
DO YOU NEED? provides 
= cushioning for 
How much water you need to survive a joints and soft 
particular situation is dictated by a number tissues 
of factors, such as your physical state, the 
environment you are in, and your exertion Skin: water plays 
levels. Even when resting in the shade, the a pelea ae ih 
i ; y vodroting the stir 
voice person will lose more than 1 liter and prevents i Hodiy temporatiore: 
(1/4 pints) of water each clay just through from becoming dry avagoration of 


sweat {water} from 
the shin helps 
reguiate body 
temperciure 


breathing and urination, a figure that 
increases dramatically once loss of water 
through sweat is taken into account A 
minirnum of 3 liters (51/4 pints) per day is 
required to remain healthy in a survival 
situation, with this amount increasing for 
higher temperatures and heavier workloads. 


WHAT IS DEHYDRATION? 

Dehydration occurs when you fail to replace the water your body loses. 
It’s vital to recognize the symptoms early. Factors that can lead to 
dehydration include high and low temperatures, humidity, work-rate, 
clothing, body size, fitness levels, and injury. 


THE EFFECTS OF WATER LOSS 


1-5% LOST 6-10% LOST 11-12% LOST 
= Thirst « Dizziness = Stiffness of joints 
= Discomfort » Dry moulh » Deafness 
« Urine becomes darker « Blusnossoaf extremities « Detective vision 
« Loss of appetite » Slurred speech » Shriveled skin 


« Impatiznce « Swollen tongue » Lack of feeling in skin 
» Drowsiness « Blurred vision « [nadility ta swallow 
= | etharay » Tingling in limbs = Delirium 

» Nausea « Inability ta walk « Unconsciousness 

» Headache » Difficulty in breathing » Death 


WATER-BORNE DISEASES 

Water-borne diseases are caused by ingesting water contaminated by 

the faeces or urine of humans or animals that contains protozoa, viruses, 
bacteria, or intestinal parasites. Globally, they cause 10 million deaths a year. 


DISEASE SYMPTOMS 
=) Cryptosporidium Loss of appetite, nausea, and abdominal pain, usually followed 
S by profuse, foul-smelling, watery diarrhea, and vorniting. 
=) 
S Giardiasis Loss of appetite, lethargy, fever, vomiting, diarrhea, blood in the uring, 
= and abdominal cramps, 
Infectious hepatitis Nausea, loss of appetite, mild fever, aching muscles, dark-colored 
(Hepatitis A) urine, jaundice, and abdominal pain. 


Feeling of fatigue and listlessness. Feces may be solid, but will 
smell foul and contain blood and mucus. 


Amoebic dysentery 


Batillary dysentery 
(Shigellosis) pus, and mucus in stools, 

Vomiting, poor circulation, cold and clammy skin, muscle cramps, 
rapid dehydration, and increased heart-rate. 


Cholera 


E. coliform 


BACTERIUM 


Diarrhea and vomiting. Can cause death in vulnerable groups such 
as the very young or the elderly. 


Jaundiced appearance, lethargy, high temperature, aching muscles, 
and vorniting, Can be fatal if nol diagnosed early, 


Leptospirosis 


Nausea, diarfea, headaches, stomach cramps, fever. possible 
blood in the feces, and vomiting, 


Salmonella 





Irritation to the urinary tract and blood in urine, rash or iiehy skin, 
abdominal pain, cauah, diarrhea, fever, and fatigue. 


Bilharia 


Hookwarns 


w 
tu 
E 
wr 
= 
= 


Anaemia and lethargy. Larvae travel to lungs and are coughed up 
and swallawed into the stamach, where they grow into wermns. 





Fever, abdominal pain, muscle cramps, high temperature, and blood, 
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TOO MUCH WATER? 


Hyponatraemia is a condition caused 
when excess water accumulates in 
the body at a higher rate than it can 
be excreted, It results in a diminished 
sodium concentration in the body's 
plasma and the swelling of the 
body’s cells. It can lead to a swollen 
brain and other neurological 
problems and, in extreme cases, 
coma and death. The way to prevent 
hyponatraemia is to control the 
amount of water that you drink, and 
to regulate your bodys salt intake. 
Tf you don’t have salt or sodium 
tablets in your survival tin, you can 
filter saltwater through fabric to 

sift out the salt content. 


RATIONING YOUR WATER 


Tf your water supplies are limited, 
you'll have to use what rations you 
have efficiently until you're rescued. 

If your water rations will not last 

that long, youll have to procure water 
yourself. There is much debate about 
the advantages and disadvantages of 
drinking no water for the first 24 hours 
of a survival situation, but at this early 
stage it’s best to make sure you're 
adequately hydrated, Your particular 
circumstarices will dictate what's best 


to do, but always consider the following: 


«= The incident that put you in the 
survival situation may have been 
both dramatic and stressful; this 
will make you thirsty, 

= In the first 24 hours of a survival 
situation, you'll be addressing the 
principles of survival: protection 
(shelter) and location (see p. 27). This 
is hard, thirsty work. 

= Physical factors—such as 
seasickness, injury, or the environment 
you're in, such as a desert—may 
dictate that water-rationing is not a 
viable option. 

= If you only have a limited water 
supply, but drink nothing for the 
first 24 hours, you may end up 
being so dehydrated that what 
little water you have in your 
possession will have no positive 
effect on your dehydrated state. 
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FINDING WATER: 
TEMPERATE CLIMATES 


THE ABILITY TO LOCATE drinking water can challenge 

even the most experienced survivor and the challenges can 

vary dramatically according to the environment and the local 
conditions. It is, therefore, extremely important that you're aware 
of all the potential sources of water for the environment you're in. 


COLLECTING WATER 


You can find water in a range of sources, which vary in terms 
of quality and accessibility. Your priority is to locate the best and 
most accessible source of water in your immediate environment. 


CATCHING RAINWATER 


Collecting rain as it falls is the safest MATERIALS AND TOOLS 
way to procure drinking water. TE will os Tarpaulin 

need no treatment prior to drinking, as = Four sticks 

long as the catchment device itself has = String 

not been contaminated. Any number m= Heavy stone 

of non-porous materials—such as = Container 

tarpaulins, perichos, flysheets, survival ———— 
blankets, or even large leaves—can be 

used as a rain-catchment device. Bear 

in mind that the larger the surface area Use sticks as ae oe sid 
of the material, the more rainwater vmprovised stokes ge A Fails 


you'll be able to catch. 


Select a place as close to your 

camp as possible where your 
catchment device will be exposed 
to the most possible rain. 


Firmly secure the tarpaulin 

to four stakes (sticks of equal 
length could be used) using string. 
Make sure that one end is higher 
than the other to provide a natural 
run-off for the water. 


Place a heavy stonein , a 
the middle of the tarpaulin, ~~ 
roughly two-thirds of the way "he 
toward the lower end, to create + 
a channel into which the rain will 
run down from the tarpaulin’s sides.“ 


Place a container, such as a 

pan or can, beneath the end 
of the channel to collect the water 
as it starts to flow off the tarpaulin. 


WARNING! 

Ina survival situation, even if 

you think your chances of rescue are 
high and that help is imminent, you 
should start to look for water sources 
as Soon as you have addressed the 
immediate problems of protection 
and shelter (see pp. 154-81). 
Remember that you can survive 

for up to three weeks without food; 
without water, you won't be able 

to survive for more than a few cays. 
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LOCATING OTHER NATURAL WATER SOURCES 


If rainwater is not available, there may be other natural sources of water, 


from easily visible streams and rivers, to bores and holes, which can be hidden. 


Whatever your source, you should always treat the water before drinking. 


SOURCE CHARACTERISTICS 


These oecur-wien the water is torced ta the surface asa result of subterranean: 
pressures or from gravitational flow fram higher sources, Found in low-lying 
areas, springs normally pravide a permanent water source. Contrasting green 
vegetation |s an indicator of their arasence, 


Rivers and straams are an invaluable source of water, but there are still a fev 
things you need to bear in mind when collecting water from them. The closer 
tothe mountaintop the river or stream 65, the clearer the fast-running water 


STREAMS will be, The further downstream the water travels, the more likely itis to pick 
AND up minerals, debris, and pollutants that might be harmful ta you. TF passible, 
erther check upstream for dead animals that may have contaminated the water, 
RIVERS or follow the water downstream. Always try to collect the fast-flowing water 


near to the surface, In arid areas, rivers and streams tend only to flow during 
floods and will cantain more pollutants and debris. 


Usually found in high ground, rack holes are natural collectors of rainwater. IF 
ihe water appears to be trapped deep down, you can use your surgical lubing 
lo retrieve fi. Make sure you filler and purify the water before you drink it. 


ROCK HOLES 


Tr some areas, you may find wells or ald bore tioles. Wells, which may oe 
featured on local maps, can ha deep and covered, making water procurement 
more difficult. In remote areas, wells are covered and marked in certain ways 
by the lacalk—find oul what the markers are for your area. 


Rivers, streams, and water run-offs all flow into lakes or ponds. If you're 
collecting waiar from these sources, always try to collect ites it runs into the 
bady of water, as lakes and ponds are more static than flowing water and can, 
therefore, become increasingly stagnant. Try tafind the cleanest-ooking area 
and avoid areas where debris has collected or where algaehas formed. Note 
thal the presence of fish indicates that the water Is still oxygenated. 


Usually located at the base of cliffs, high around, or rocky outcrops, seepace 


SEEPAGE is caused oy slow-runniig channels thal drain off these features. 


‘Soaks are found clase tovivers and eveeks in low-lying areas, and are normally 
lower than lhe existing water table, The presence of soaks soften indicated 
by vegetation and they may ho subject ta pollution as a result of thair use by 
animals, Make sure you filter and purify the water before you dink t. 





AVOIDING POTENTIAL DANGERS 

Most water sources are likely to be used by animals for drinking, bathing, 

urinating, and cefecating, so always filter and purify any water collected before 

use (see pp. 200-Q]); the only exception to this rule is if you have collected 
rainwater. When collecting water, you shauld also be aware of the following dangers, 
= Itis possible that you'll encounter dangerous animals either using the water 
Source, or on the way ta or fram the water source. 

® Almast all major water sources will have 3 ranking system to determine which 
animals can use it. If all of the small qazelles suddenly disappear, ask yourself why. 
® If you're collecting water fram rivers, be aware of the potential dangers of 
river wildlife, such as crocadilés and snakes. 

® If using ory riverbeds during the rainy season, be aware that flash floods can 
move quicker than you can run. 
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LOCATING HIDDEN 
WATER SOURCES 


The presence of water is usually 
indicated by signs of life, such as 
qreen vegetation, animal tracks, 
or human habitation. Even if the 
terrain you're in appears lifeless, 
there may be plenty of indicators 
of a possible water source. 


USE THE TERRAIN 

= Observe the landscape tar patches 
of green. Be aware that vegetatian 
May not need obvious surface water 
forsurvival and may get its water 
from deep roots that tas into 
moisture below the surface. 

m Water is subject to gravity and is 
more likely to be found downhill or in 
low-lying areas, such as valleys, dry 
riverbeds, narrow canyons, guilies, and 
at the base of cliffs ar rock formations. 
Green vegetation Tarms next tea river 
and decreases as the ground rises 
away from the water source, 

= Water will often seep inland an 
coastlines, leaving behind wetlands 
that contain water with tolarable 
levels of salt ar that can be distilled 

in a solar still (se8 p. 189) ta procure 
Tresh water. 


WATCH THE ANIMALS 

= The Bedouin listen to the twittering 
af birds at Gawn and cusk and follow 
thelr flight path to discover where 
they drink, 

= Flocks of birds circling over one spot 
aye usually flying aver a water source. 
This does not apply to meat-eating 
birds, such as vultures, eagles, or 
hawks, who get their fluid requirements 
fram the meat they eat. 

B All finches and qrain-eaters need a 
requiar supply of water Observe their 
flight patterns to jacate a water source. 
= Beas need water so beehives are 
never far fram a watar source. 

= Animal tracks, especially those 

af hard animals, will often lead to 

a water soures. Look for converging 
sets of tracks. 

= Flies stay clase to water and the 
presence of masquitoes almost 
certainly means that water is nearby, 
= Loak out far herd animals, such as 
buffalo, hippos, elephants, impala, and 
wildebeest, as they depend on water 
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PROCURING WATER 
Even if you find yourself in an environment without any obvious f \ 


3 DELAYING DEHYDRATION 
water sources, it doesn’t necessarily mean that water will not When water is scarce, the following points 


be available to you. There are a number of water-procurement will help you delay the onset of defydeation: 
techniques that may mean the difference between you making = Conserve what water you have and use 
it through a survival situation or not. itas efficiently as possible. 
= Work only in the coolest part 
sue ale ATER FROM DEY ; of the day and avoid sweating, 
Dew is water in the form of droplets that form on exposed surfaces in the » [fthe sun is shining, seek shade and 


early morning or late evening and can provide an invaluable supply of fresh keep covered, 
water. It occurs when the temperature of a surface is low enough to allow . Sucka senall, smooth button 


the moisture in the warmer air above it to condense. Dew can easily be or pebble to help stimulate saliva and 
collected from any non-porous surface—such as a car roof or a tarpaulin rernove the sensation of thirst, 
—with a piece of cloth that can then be wrung out into a container. You = Avoid eating peotein-rich food 

can also harvest or trap dew. asit requires more water to digest 


HARVEST ING DEW than those in other food groups. 


You can harvest dew by walling through a field of long grass before sunrise 
or late in the evening with a piece of absorbent material—such as rags or a 
T-shirt—tied around your ankles. MAKING A DEW TRAP 

= Dig ahole about 18 in 45 cm) deep, line with a 
plastic sheet, and fill with srnooth, clean stones, 
\Nater will condense on the stones overnight. 
Harvest as early as possible the next morning 
to ensure it does not evaporate. 


Weigh down Pigee stones 
Jinkng with stone in the hole 








Tie the material tightly Wring the rags to extract the 
around each ankle and walk water, Repeat the process 
through the dew-covered grass. It until you have an ample supply of 
will absorb the dew as you move, water or the dew has evaporated, 
SOURCING WATER FROM PLANTS MAKING A VEGETATION BAG 


algae ts ; Cut green vegetation and place it in aplastic bag, Place 
Transpiration is the evaporation of water from a plant, asmooth rock in the lower corner of the bag and tie off the 


primarily from its leaves, You can collect this vapor to boost openend, Secure the bag in direct sunlight, The sun causes 


your fresh water supply. All you need is a clear plastic bag. water in the leaves to evaporate, condensation forms on 
the plastic bag and drips to the lower corner of the bag, 

MAKING A TRANSPIRATION BAG 

Place a smooth rock in the lower corner of the plastic bag, 

and place the bag over the leaves of a tree branch, tying the 

end, As water evaporates from the leaves, It will condense 

on the inside of the plastic bag and collect at its lowest point. 









“Fill the bag with the most 

f sueciufent-looking leaves 

you can find 

\Afatey can he 
retrieved from 
bag with q plece 
of surgical tubing 





WWigter wil! cottoct 
in the bottom 
of the bag 


MAKING A SOLAR STILL 


Asolar still works using the same principle as a vegetation bag 
(see opposite), It collects potable water from the vapor that is produced 
by vegetation, water that is unfit to drink, or moisture from the ground. 


Ideally find, or dig, a hole in the ground at least 2 ft (0.6m) wide 

and 2 ft (0.6m) deep, Place an empty container in the center of 
the hole. Fill the hole with vegetation, a receptacle containing undrinkable 
water, such as saltwater or urine, or fabric soaked in undrinkable water, 









Cover the hole with a plastic sheet, and secure Suraieat 
it in place with stones. Place a stone in the tubing 
to retrieve 


center of the sheet to create a run-off point water 


for the water. The sun's heat will evaporate water _ aN atee 
from the vegetation, or distill the undrinkable iI sheet 


water, producing pure water vapor. 
The water vapor, which is now 
free of contaminants, 

will condense on 
the underside of 
the plastic 

sheet, and drip 
into the container= 
where it can 
be collected. 


pl 


Small stone forms. 
a drip point on 
underside of plastic 


Fresh, green 
vegetation 








Container catehes 
condensed water 
droplets 


MAKING A GYPSY WELL 


A good method of using the ground to create cleaner water from 
stagnant water sources, a gypsy well can also be used to collect water 
from saturated ground. The water collected through this method will 
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TOOLS AND MATERIALS 


® Spade or shovel 

= Two containers 

a Vegetation and/or undrinkable water 

= Piece of fabric or clothing 

= Plastic sheet, tarpaulin, or space blanket 
= Stones 

= Surgical tubing 


Fabric soaked Container Smail stones 
inundvinkgble holding hold plastic 
water or urine undrinkable | sheet in position 
water or 





















Commer 


SURGICAL TUBING 
Always paclca length of 
surgical tubing in your survival 


still need to be treated before it is safe to drink (see p. 201). Dry soil, Saturated [at Tedoesnit talee up much 
Stagnant es space and is an extremely 
versatile plece of equiptnent: 
ev = It can be used as an 
improvised straw to reach 
water trapped in rocks, 
hollows, and trees. 
= It allows you to access water 
procured from a solar still 
without taldng the still apart. 
Dig ahole a few feet away from a Bail out the muddy water and allow = Tt can be built into 
stagnant water source. It should the hole to refill—you may have to transpiration and vegetation 
be wide enough for you to be able to dip repeat this process several times. Once the bags so that you can remove 
into it with a container and at least 12 in water is clear, it can be collected, treated, water without having to open 
(30 cm) below the first layer of saturated and used, Caver the well when not in use the bag. 


soil. The hole will quickly fill with water, 


to prevent debris or small animals falling in. \ / 
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FINDING WATER: 
HOT CLIMATES 


YOUR NEED FOR WATER increases in hot climates as your 
body starts to use more of its water supply to regulate its 
temperature through perspiration. If you fail to drink more 
than you perspire, you will start to dehydrate and even 
approaching the first stages of dehydration can affect your 
chances of survival. Hot climates can be divided into two 
groups: hot-humid and hot-dry, 


HOT-HUMID CLIMATES 


The hat-humid conditions found in jungles and rain forests mean that 
procuring water is rarely an issue. However, the body's need for water 
in these conditions should not be underestimated; it is not unusual to 
have to drink up to 3 #/s gallons (14 liters) a day to avoid dehydration. 


SOURCING WATER FROM VEGETATION 


Many plants, such as pitcher plants, have hollow parts that collect rainfall or 
dew. Some trees store and catch rainwater in natural receptacles, such as cracks 
or hollows. In an emergency, life-saving liquid can be garnered from a tree's roots 
or sap, You can find water trapped in the sections of green bamboo by carefully 
cutting into the bamboo with your machete or knife; or collect small, unripe 
coconuts and quench your thirst with the fluid they contain; or make a spigot 
and tap into the water contained inside the water tree. Life-saving fluid is 
everywhere in the jungle, and you don’t have to look far to find it. 


















WATER VINES 


Aflermakinga = — ' 

second cut it Found throughout the jungles and rain forests af tropical regions, 
the woter vine, water vines are easily identifiable by their size and shape and can 
the fluid! it provide an excellant sort of fresh water, However, bear in mind 


contains wil 


sist te fiowe that not all water vines are water-bearing; notall contain 


drinkable water and some even contain pgisonous sap. 


Most water-bearing vines are about 2 in (5m) in 
diameter. IT you think you have faund one, make a small 
cut in the vine with a machete and check the calar of the 
sap. IT the tluicdis milky, don't drink it; if it’s clear, then 
the water in the vine will be safe ta drink, sa 
Fei cut through the vine as high as you 
can with a knife or machete. 


& Cut off the vine ata point lawer than 
the first cut. The liguid, which has a 
neutral, fruity taste, will start to flaw. Don't 
let the vine Touch yourmouth as the bark 
triay contain irritants. 


The pores in the upper end of the vine 
&) may re-close, stapping the flaw of 
water To rectify this, simply cut the top of 
the vine again with your machete. 





WARNING! 

Water sources are plentiful in jungle 
and rain forest environments and, under 
normal circumstances, you should have 
to problem getting hold of enough 
water to satisfy your needs. However, 
rivers and streams may not be available 
during certain seasons, or if you have 
climbed too high, so knowledge of other 
water procurement methods could be 
crucial to your survival. 


CATCHING RAINWATER 


Catching rainwater is the best way 

to procure water; it is passive and 
requires no energy to collect once you 
place your containers. There are many 
forms of catchment device, but make 
sure you filter and purify the water 
(see pp. 200-01) before drinking it. 


BAMBOO ROOF 

Construct a sloped bambaa root with a 
bamboo quitter. This could be the raat of 
your shelter (see p. 169), but if water 
procurement is a problem, you will have 
to construct additional barmboo roofs. 


WIDE-LEAF ROOF 

If you're in an area where there are 
wide-leated plants, it’s easy to construct 
a root from tham. Overlay the leaves as 
you wauld with raaf tiles, working from 
the battam ta the tap (see p. 170). Placed 
in this way, they will allow the water to 
run ta the bottom. A length af hambaa 
cut in half lengthways can he placed as 
acallectian gutter at the bottom. 


BAMBOO DRAINPIPE 

Observe rainwater’s route down a tree 
trunk and tig a length af bambaa that 
has been cutin half lengtnwise in its 
path, Flace the other end of the bamboo 
into a suitable container. 


DRIP RAGS 

Wrapping any absorbent material around 
a leaning tres, such as a rag ora T-shirt, 
will resultin the water running cown the 
tree and soaking the material. Shape the 
rag to forma low point from which water 
will drip and place a suitable container 
underneath to catch the water. 


HOT-DRY CLIMATES 


Anyone venturing into this environment should have sufficient water for 
their needs, plus an emergency supply just in case, otherwise they have 
no right to enter the desert, Green vegetation usually signifies water or 
moisture in some form, and many techniques of procuring water in 
temperate climates (see pp. 188-91) may work in some desert conditions. 


SOURCES OF EMERGENCY FLUID 


If there is no surface water to be found, and you have no other means of 
procuring water, a water-yielding plant may be your only option. In some 
plants, the clear sap, fruit, or trapped rainwater, may quench your immediate 
thirst, but do not rely on these sources to keep you alive for long. 


the barrel-shaped cactus is 
characterized by numerous ribs 
and hundreds of sharp spines 






WS t/t 
BARREL-SHAPED CACTUS 
Barrel-shaped cacti contain a milky fluid 
that's safe to drink. Carefully remove the 
top of the cactus with a machete, mash up 
the flesh inside with a stick to make a pulp, 
and extract the juice from the pulp by 
sucking through a hollow grass stern. 
Alternatively, use acloth to soak up as 
much of the fluid as possible and then 
wring the material to extract the fluid. The 


rewards frorn both techniques are rninimal. 


The pricidy outer layer 
of the fruit has to be 
removed before 
consumption 





PRICKLY PEARS 

Found in low-spreading clumps 
measuring 3 ft (0.9 m) in height, and 
native to dry, sandy soils throughout the 
world, the prickly pear cactus has an 
edible fruit that can provide a life-saving 
amount of fluid. 





Agaves have Jarge 
clusters of thick, fleshy 
Jeqves surrounding @ 

Jgrge central stqik 


AGAVES 


Native to Mexico and the southern and 
western United States, agaves have a 
rosette of thick, fleshy leaves containing 
fluid that is safe to drink. Cut the huge 
flower stall with a knife or machete and 
collect the juice, 


FINDING UNDERGROUND WATER 
\Nater is life in the desert; wherever 
there Is life there'll be water, Unusual 
clusters of green plants may indicate a 
minor presence of water; an abundance 
of greenery may Indicate amore 
substantial water source. Water is rarely 
found above a depth of 6 ft 1.8 m) below 
the surface, so you will have to dig for it, 
Tf you do, make sure you only do so 
during the coolest part of the day. Bear 
in mind that, despite what you may have 
seen In movies, or read in other books, 
your chances of procuring water from 
the inside bend of a dry wadi in areal 
survival situation are slim to non- 
existent, In fact, you're mare likely to 
waste what water you do have looking 
for the dry wadi and die in the process! 
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~ THINK LATERALLY 


The chances are that if you're having 
to procure water in the desert you'll 
already be in a desperate situation. 
Beav in mind that, in addition to the 
methods metttioned above, if you 

have knowledge of the techniques 
outlined in the temperate environment 
section (see pp.190-91) such as solar 
stills, dew traps, and vegetation arid 
transpiration bags—it could be enough 
to keep you alive in the desert. 


| | 





CHECKLIST FOR 
HOT-DRY CLIMATES 


Even the best-laid plans can hit 
unforeseen problems, but many 
problems encountered in a desert 
environment can be avoided with 
some prior preparation, 

= Always start hydrated. 

= Carry enough water for your 
needs plus emergency water; 
your emergency supply should be 
enough to get you out of danger. 
= Monitor your progress 

against the water you use. 

If you're using more than you 
thought, re-evaluate what you 
want to accomplish, It’s better 

to turn back and learn from the 
mistake than to push on and 
create a survival situation that 
need not exist. 

= Cache water ahead if necessary, 
= Check your map for probable 
water sources. Confirm the 
reliability of these sources with 
locals and ask if there are any 
sources, such as wells, that are 
not shown on the map. 

= Mark your map, or waypoint 
your GPS, with any water sources 
you sight as you progress. It’s 
better to go back to aknown 
source than to move on with 
nothing more than hope. 

= To keep the water cool, always 
keep the bottles in the shade or in 
a windy location. 
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FINDING WATER: 
COLD CLIMATES 


ADOPT THE SAME METHODS of trying to find drinking 
water in cold climates as you would in temperate ones (See 
pp. 186-91), although the ability to procure water becomes 
a major problem in freezing temperatures. The cold-weather 
survivor faces a dilemma: he or she is surrounded by water, 


RE 


WARNING! 

Never try to melt ice or show in your 
mouth, asit can cause freezing injuries 
to your mouth and lips. What's more, 
your body will expend heat as it melts 
the ice, and this could cause you to cross 
that very fine survival line between being 


cold or being hypothermic. 


but could die of thirst because most of that water is frozen. 





CHECKLIST FOR 
COLD CLIMATES 


You should prioritize water usage in 
cold-weather conditions in the same 
manner as you would in desert 
conditions (see p, 193). 

m One of your first thoughts should 

be about procuring water. You willl 
have to find a water source that’s 

close to everything you need to 

build and maintain a fire. 

= Always look for an alternative water 
source before trying to melt snow 

or ice. It’s easier, less time-consuming, 
and more fuel-efficient to fill your 
water containers with natural 
meltwater than it isto melt snow 

or ice by the heat of a fire 

m Your ability to procure water in 
freezing conditions will be directly 
related to your ability to start and 
maintain a fire, 

m Be aware that it takes time and 
patience to melt snow and ice. You'll 
also need enough fuel to maintain a 
fire for a considerable period of time. 

= Regulate your body heat to minimize 
overheating and sweating, 

m Keep drinking water close to your 
body to prevent it from freezing, but 
avoid having water containers directly 
next to your skin, Instead, keep them 
between layers of clothing and use the 
warmer alr trapped between the layers 
to help raise the water's temperature, 
= Do not use recently frozen sea water, 
as it contains high levels of salt. 


MELTING ICE AND SNOW 


If you have the choice between melting ice and snow, favor ice, 
as it melts more quickly than snow and is up to 17 times denser. 
However, if you can't find ice, use dense, compact snow. Always 
look for the whitest, purest-looking ice or snow, 


MELTING ICE 


If you have some water to begin with, pour some into a container and heat 

it over a fire. Break the ice into small pieces—rather than adding it in one 
lump—and keep adding pieces to the container to melt them. Keep the water 
hot, but not boiling, so that you avoid losing water through evaporation. 


USING A HOT PLATFORM 
Tf you don't already have water for the method 
above, you can melt ice slowly on a gently 


: : : Set platformon 
sloping platform fashioned from any flat piece =, pees me sti von) 
of stone or wood positioned above a fire. to allow water of platform 






torun off 























Build a fire. Search for a large 

stone with a flat surface and two 
logs, or smaller stones, that are strong 
enough to support it. Place the small 
logs or stones on either side of the fire 
as a support for the flat-surfaced stone. 
Make sure that the platform sis 
is at an angle. This will create [i 
a natural run-off for the 
ice as it melts, Place 
a block of ice in the 
center of the platform. 


As the fire 9) 

starts to heates = 7X 
up the platform, the ice 
will beginto melt, The 
meltwater will flow off | 
the platform, where it can 
be collected in a container, 
such as amess tin. 





Collect the meltwater Support the platform Light a small fire to 
ina pan as it flows off on two fogs hegt the platform 
the platform and melt the jee 








technologies. The study identifies 12 deployment 
scenarios that are more diverse than those origi- 
nally envisioned for legacy RATs, such as LTE 
and its predecessors. It also identifies key perfor- 
mance indicators (KPIs) and other requirements 
for 5G NR. The bulk of the study was completed 
in September 2016 to provide guidance to the 
ongoing technical work being performed in the 
RAN working groups. However, the study item 
will remain open until March 2017 to match the 
IMT-2020 timeline and ensure all IMT-2020 
requirements are captured. Final results are 
documented in 3GPP TR 38.913 to be included 
in Release 14 [32, 4]. 


» Study item on NR access technology: In March 
2016, 3GPP TSG RAN approved a study item to 
develop the 5G NR access technology capable 
of meeting the broad range of use cases defined 
for 5G. The study seeks to develop a single 
technical framework capable of addressing all 

















FEATURE 





usage scenarios and requirements defined in TR 
38.913 for eMBB, mMTC, and URLLC, with an 
emphasis on forward compatibility. The study is 
scheduled for completion in March 2017; results 
will be documented in 3GPP TR 38.912 to be 
included in Release 14 [1]. 


5G standardization activities in 3GPP will continue 
through 2020 and beyond, as described next. 


Emerging 3GPP standardization 
timeline 


In March 2015, 3GPP announced a tentative stan- 
dardization timeline for 5G based on the ITU work 
plan timeline for IMT-2020 [33]. Since then, a 
more detailed timeline has come into focus as study 
items have commenced and completed, and as the 
3GPP TSGs coordinate for the initial release of 5G. 
The timeline shown in figure 4 is a composite from 
multiple sources. 





2015 2016 2017 2018 | 2019 | 2020 2021 
HEU) Vision Rewirements _(MT-2020 Proposals gp 
Rel-13 Rel-14 Rel-16 RR 
5G Phase 1 5G Phase 2 5G Phase 1 5G Phase 2 
Specification Specification | Commercial Commercial 
Complete Complete Deployment Deployment 
(Rel-15) (Rel-16) 






FIGURE 4. Emerging 5G standardization timeline for 3GPP. (Figure is a composite from [34] and [35] that includes additional data 


from various sources.) 
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If you already have water, follow the techniques for STORING WATER 

melting ice (see opposite), heating a little water and Stow is a great insulator: even if the temperature digs to -40°F 
adding the snow little by little Don't pack the snow too (-40°O), water in a bottle will remain largely unfrozen if placed 
tightly; if an air pocket forms, the heat from the fire will urider at least 1 ft (03 m) of snow. Make sure you store the 

be absorbed by the metal container rather than by the bottles upside down, That way, ifsome of the water does freeze, 
snow and could result in the fire burning a hole through it will freeze at the bottom of the bottle and not at the top. 

the metal container before it melts the snow, I ineaerencas eae ane meses mel 
MAKING A FINNISH MARSHMALLOW USING A MELTING SACK 

Cut a solid piece of dense snow—often referred to as a Using a similar principle to the Finnish marshmallow (see left), 
“marshmallow or a“showtan's head’—and skewer it with a this technique involves using an improvised sack—made from 
stick. Secure the stick in the ground close enough to afire that any porous material, such as a T-shirt or a sock—suspended 

it receives heat, and position a suitable container underneath near to afire, The heat from the fire will start to melt the snow, 
it to capture the water as it melts. which can then be collected in a well-positioned container, 











Sewer q 
stick through 
acompget 
ball of snow 





Mfoktwater will 


‘ Make the 
drip from the 
snowballs sack from 
Jowest point any porous 





materigh 





Suspend the sack close enough te q 
five for it to benofit from the beat 











IN A WORST-CASE SCENARIO 


Tf you're caught out on barren snow or ice, you're unlilcely to have 
access to natural fuel to burn in order to melt snow or ice into 
water. As long as you have your second-line survival equipment 
(see p. 42), you'll have all you need to procure life-saving water. 





USING BODY HEAT 
When Inuit hunters 
capture a caribou, they 
empty out the contents 

of its stomach, tuen the 
stomach inside out, fill it 
with snow, and tie it shut 
with a length of intestine. 
They then put the stomach 
back in the cavity while 


USING YOUR FIRE TIN 

Set up your fire tin on the ground and 
shelter it from any wind using either your 
body or your pack. Using your survival tin 
as a container, place small quantities of 
ice or snow into the tin, Light your fire tin 
and place your survival tin over the flame. 






RY ice placed f i i 
Add more ice or snow as it starts to melt. pcs eet al ake See! 

melts over the flame a bas bee ave 
USING YOUR MATCHLESS FIRESET off by the simak “soy 
Place the lid of the matchless fireset tin on Hae meted the snows THe 
the ground, Light ahexi fuel block using the Tut then open the bag 
cotton wool and flirt/striker, Using the saretalhrarid easleuit the 
fireset container or your survival tin, melt wate ee fia block of 
small quantities ofice or snow over the Five.tin-or matchless when 


flarne, Once the ice or snow has melted, fiveset + jco/Snow — life 
let the container cool so you don't burn 


a saving water 
yourself, The water is then safe to drink. eal 
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FINDING WATER: AT SEA 


OF ALL ENVIRONMENTS, the sea is possibly the most difficult 
in a Survival situation. It offers no natural resources for protection 
against the extremes of temperatures, wind, rain, and sea state, 
and provides little to aid location. Being surrounded by water 
that you can’t drink only adds to the difficulty. Some devices 

are capable of making seawater safe do drink, but if you don’t 
have one, you'll have to find a way of procuring enough fresh 


=———, 


WARNING! 
ta i salt a Tts salt. 
ae 





: i per 
Kn y failure and, ultimately, death. 


water to keep you alive. 





CONSERVING YOUR 
WATER RATIONS AT SEA 


Rationing fresh water supplies when 
you're adrift at sea is a sensible 
precaution, as you have no idea how 
long it willbe before you're rescued or 
before you reach land, Here are a few 
tips to help you conserve what water 
you have while you're at sea: 

= Fix your daily water ration after 
taking stock of the amount of water 
you have, the output of solar stills and 
desalting kits, and the number and 
physical condition of your party. 

= Prevent fresh water supplies from 
becoming contam inated by saltwater. 
= Keep water supplies well shaded, 
both from the overhead sun and from 
the glare off the sea’s surtace. 

= In hot conditions, dampening your 
clothes with saltwater can help to 
lower your body temperature—but 
don't overdo it. This is a trade-off 
between cooling yourself down and the 
saltwater boils and rashes that will 
result from continued exposure. 

= Don't exert yourself, Relax and sleep 
whenever possible, 

= Use every container you have—even 
asimple trash bag—to collect 
rainwater, and keep them well sealed 
and attached to the raft. 

= If you don't have water, don't eat, 
Protein consumption will hasten the 
onset of dehydration, 


a 


COLLECTING FRESH WATER 


If you find yourself adrift with no hope of immediate rescue, 
obtaining drinking water will be a major priority. If you don't 

have a solar still or a reverse-osmosis pump, you must find another 
means of procuring fresh water. Fortunately, there are several 
ways of doing so. 


GATHERING RAINWATER 


Most modern liferafts incorporate a built-in rainwater catchment system 
that channels rainwater and dew from the outer surface of the liferaft 
into collection pockets inside the liferaft. However, even if you're not ina 
liferaft, you can construct a similar system using a tarpaulin or any other 
waterproof material. Watch the clouds, be ready for the possibility of any 
showers (see pp. 80-81) and spread your tarpaulin in a bowl shape to 
catch the largest amount of rainwater possible. Always place a tarpaulin 
before nightfall, so that you don't miss out on any overnight rainfall. 


HARVESTING DEW 


At night, secure the tarpaulin like a sunshade and turn up its edges 
to capture dew, It's also possible to harvest any dew that may have 
collected on the sides of the raft using a sponge or cloth that you 

then wring out, 






Tarpaulin is spread over Jarge 
surface aved to catch as 
much rainwater as possible 


TREATING SALTWATER 


If you have no means of collecting rainwater or dew, there are 
several products capable of turning undrinkable saltwater into 
fresh water Although these products are standard issue on most 
liferafts, you should always try to have at least one of them with 
you if you are venturing into a marine environment. 


SOLAR STILL 


Solar stills are a simple way of distilling water using the power of the 
sun. Saltwater is placed at the bottom of the container, where it is 
evaporated by the sun through clear plastic. Pure water condenses on the 
top of the plastic and drips down to the side, where it can be collected, 
often via a tube. Most solar stills on modern liferafts are inflatable. 



















Water droplets 
Sun's heat causes condense on edges 
saltwater in solar of the stiff 
still to condense 
Black fabric Hest . 
Interior absorbs 


the heat of the sun ERS 


MAKE YOUR OWN SOLAR STILL 

Tf you have a chance to gather together the right materials, it's easy to make a 
small solar still, All you need are two containers (one larger than the other), a 
sheet of plastic, sorne string, and a weight to form a natural run-off point for the 
water as it condenses under the heat of the sun. If you have some surgical 
tubing, you can use it to retrieve the fresh water without taking the still apart. 


String 
Secures Pigstic sheet 
ees inside bucket 


forms a funnel 


Condensation 
forms on 
underside of 
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REVERSE-OSMOSIS PUMP 


These hand-powered devices pump 
seawater at a very high pressure through 
amembrane that filters out the salt. 
Depending on the model, they can 
produce around 23 liters (49 pints) 

of fresh water per day, 


DESALTING KIT 


These kits turn seawater into freshwater 
through a process'called “ion exchange.“ 
Because they only produce small amounts of 
fresh water over several hours, use desalting 
kits only during long periods of overcast 
weather when you can't use a solar still 





THE LAST RESORT 


Tn absolute emergencies, potentially 
life-saving forms of liquid can be 
obtained fram the ocean, 


SEA ICE 

Tn Arctic seas, you can obtain drinking 
water from ald seaice. This ice is bluish 

in color, has rounded corners, splinters 
easily and, more importantly, is nearly free 
of salt. New ice Is gray, milley, hard, and 
salty. Water from icebergs is fresh, but 
icebergs are dangerous to approach, so 
you should only use therm in an emergency, 


FISH 

Drink the aqueous fluid found along the 
spine and in the eyes of large fish, Carefully 
cut the fish in halfto get to the fluid along 
the spine and suck the eye. If you are so 
short of water that you need to do this, 

do not drink any of the other fluids: they 
are rich in protein and fat and your body 
will use up more of its water digesting 
ther than it obtains from them. 


SEA TURTLE 
Sea turtle blood has asalt concentration 
similar to that of humans. The blood can be 


collected by slitting the turtle's throat. Note 
that, although this may help prolong survival, 















tubing ted off to 
avoid saltwater 


contamination sea turtles are an endangered species, so you 
should only kill one as a last resort. 
a ae Cloth saturated 
0 FOlriove 2 
Sah waiek Q PZ 7 with saltwater REHYDRAT ION ENEMA 
é Tf youhave some water that is not salty or 
Cup tocatch poisonous, but is too foul to take orally, you 


SES MmEEE, can absorb as much as apint a day—enough 


to keep you alive—through the large 
intestine using an improvised tubing device, 
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CARRYING AND 
STORING WATER 


YOU WILL NEED TO make many decisions in any 
survival situation, some of which could mean the 
difference between life and death. One of these 
decisions will be whether to stay and wait for 
rescue or to attempt selfrescue. A major factor 
in this decision will be the availability of water 
and your ability to carry and store it. 


WATER CONTAINERS 


There are many different kinds of container for carrying 
both hot and cold liquids. They range from solid plastic 

or steel flasks or bottles, to collapsible waterproof bags 
that can be folded up when they're empty. 









a treated water with 
> ores that cortain utitreated 
‘N water of camping fuel. 









If your container has 
@ tid, it can be used 
te scoop water from 
a streain before you 
pour it into a larger 
water bottle 


Store purification 



















Fitted with tgblets in pouch 
q@ push-pull Metal lid 
nozzle for & : A meta doubles up 
ease of ° exterior and 
use while on container aglass 
the move can be used Interior 
to boll water makes q 
thermos 
a heavy 
alternative 
PLASTIC WATER METAL WATER THERMOS FLASK MILITARY WATER COLLAPSIBLE 
BOTTLE BOTTLE Although very heavy, BOTTLE WATER CANTEEN 


Slightly heavier, but 
stronger, than plastic 
water bottles. 


Strong and lightweight, 
with screw-off tops or 
push-pull nozzles. 


thermos flasks allow: 
you to store either hot 
or cold water. 


A standard issue bottle 
used by most of the 
world's military forces, 


Heavy-duty plastic 
water canteen that can 
be hung round the neck. 


Stow water bags 

Use to store flat in your pack 

HYDRATION SYSTEMS water once when not in use 
you're in camp 


Hydration systems usually consist of a 
water-storage container (called a “reservoir"), 
an on-demand, one-way drinking tube, and a 
harness. However, a common problem with 
\. these systems is that, because you can't see 
\ the water, you can suddenly discover you 
/ have used all of it without realizing, 


container Is 
filled and then 
carried ina 
backpack 


Water is aecessed 
vig a one-way 
drinking tube 








COLLAPSIBLE 
WATER BOWL 


Easy to pack, light, 

and can also be used to 
seperate iterns in your 
backpack, 





WATER BAGS 


Useful for carrying 
water from its source 
back to your carp. Can 
also be used to keep 
your equipment dry. 
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IMPROVISING WATER CONTAINERS 


In an emergency, there's a strong chance that you won't have the luxury 
of having water bottles or storage systems at your disposal. However, , = 





with luck—and a little ingenuity—you should be able to find something EMERGENCY WATER 
that allows you to store and carry enough water to satisfy your needs, Sachets of etnergency water ie bought 
cd fo 
Heavy-dut! 
SEA SURVIVAL SUIT DISCARDED MATERIALS nite Es 8 
Because they are designed to Always be on the lookout for be used to carry 
keep water out, they can also anything that can hold water, water, more than a mouthful These should always 













be used to keep water in, Most from ernpty plastic bags and bottles, 
survival suits are packed with ato large industrial-type containers. 
layer of challe to prevent the Clean and sterilize found 
material from sticking together, tems before use. 

so wash it out before use, 


only be used as alast resort. Always 
before t 





Bamboo can be 
cut into q 

BAMBOO ready-made cup. 

A bamboo cane will 

provide a natural cup if 

you cut Lin (2¥2cm) 

below one joint and then 

\ lin (2Y2crn below the 


WATERPROOF CLOTHING GOURDS é 
Many types of waterproof The shell of a hollowed-out and 
clothing can be adapted to dried fruit—a gourd—can hold 

hold water Jacket sleeves and water. Gourds made from large 

trouser legs can be knotted to fruits, such as squashes, 

forrn abasic bladder; Gore-Tex® = pumpkins, and melons, can hold 

socks will hold water; and a considerable arnount of water, 
























some waterproof backpacks Lara ceunne aston ) next. Take care to smooth 
can be used for water storage. thickness of %ain (60 mm) the edges after cutting. 
Choose q site that will 
MAKING A MINI-RESERVOIR pei 
+e aT t QUINOUTE OF OTFORT FOr 
‘Your ability to store sufficient. water for your needs in a you to dig a hole 


survival situation may be limited and it may be impractical 
—hecause of injury or distance—to travel back and forth 
for water every time you need it. If you have some 
basic materials, making a mini-reservoir 
to catch rainwater (see also p. 188) 
solves this problem, 


To reduce the amount of 
effort required, choose a site 
that offers the least resistance (such * 
as a natural hollow). Dig a shallow 
pit using whatever materials you 
have to hand, such as a stick, 


Smooth the edges of the pit Secure the survival ‘ Leqve the pond uncovered when it rqins, but 


de a blanket in piace cover it qt other times to reduce evaporation 
and line it with waterproof using rocks 


material, such as a survival blanket, 
Weight the edges with rocks, soil, 

or logs, making sure that dirt can't 
run into the pond when it rains. 





_ WATER HYGIENE. 
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TREATING WATER 


WITH THE EXCEPTION OF rainwater, all other water 
procured in a survival situation should be treated before it 
is safe to drink to remove or destroy harmful pathogens and 
microorganisms that could lead to gastrointestinal illness. 


FILTERING WATER 


If you don't have a device that filters and disinfects the water, you will 


have to accomplish the same task in two stages. Before 


water, you will have to filter it to remove any debris. You could use the 
popular Millbank bag (see opposite), but it may be necessary for you 


to construct your own improvised filter, 


BUILDING A TRIPOD FILTER 


If you're not carrying afiltration system with you such 
as a Millbank bag, you could make an improvised filter. 
All you need are three sticks to form atripod, and some 
materials to create three separate layers. 


Use three sticks or a bent sapling to form a tripod, 

Using any materials you have, form layers, starting 
at the top with the coarsest material and working your 
way down using finer materials—such as parachute silk 
or nylon—as you go. 


Pour water into the top layer. It will become 
filtered as it passes through the increasingly 
fine materials. 











Build a tripod out 
of three sticks of 
equal length 


Add layers of 
material inside 
the tripod frame 


Pour water 
into top 
Jayer 


Collect 
filtered 
water in a 
container, 





MILLBANK BAG 

Used extensively by military forces 

around the world, the Millbank bag 

is an effective water filter that packs 

down small and can be used mary 

times to produce large quantities of 

filtered water Set up the bag as soon 

as you arrive in camp, because the 
process is quite slow: the Millbank bag 
will filter 1 liter (2.1 pints) of water in 
five minutes. Note that water filtered 
in this way will still need to be purified. 


———————— 


MAKING A BOTTLE FILTER 


To make an improvised bottle filter, take a container, such 
as a plastic bottle, and cut off the bottom (or make a hole). ef 
Note that a sock used inthe same manner is still effective. 


purifying the 









Hang the bottle upside down from a branch. Fillthe 
bottle with layers of different materials working from 
coarse to fine as you work your way down the container, . 


Pour the water into the top end of the bottle 
and allow it to work its way down 
through the layers. 


Charcoal fragments. 
Fine sand 














Different layers of 
materials, worldng 
from coarse to fine 


Fine porous material 
such as q piece of 
cloth, forms the final 
layer of the filter. 


Emerging filtered water needs to 
be purified before drinking 


DISINFECTING WATER 


Tf you drink untreated water, you run the risk of 
becoming infected with a water-borne disease 

(see p. 187), so it’s vital that you treat any water first. 
Tf you have the ability to start.a fire, the most effective 
way of making water safe to drink is by boiling it. 
However, if you are unable to make a fire, there are 
several devices available that are capable of filtering 
and purifying water to make it safe for drinking. 









MINI PORTABLE 

WATER PURIFIERS 

These are specially designed units 
that filter the water and then purify 
it, by pumping the contaminated 
water through either micrafilters, 
chemicals, or a combination af both. 
Sizes vary fram small emergency 
pumps capable of purifying up to 
13 gallons (50 liters) af water, 

to larger units that can filter 
huge quantities of water 


OTHER METHODS 


If you car’t boil water, or if you don’t have a water- 
purification device, you'll have to rely on nan-mechanical 
techniques. The concentration and contact time 
required for some of these methods is dictated by the 
quality and temperature of the water being treated. 


Pump handie 
draws water 
through the pump 


Drinkable water 
wilt flow from the 
output tube 


Filfer inout tube is 
lowered into water 
that requires 
treoiment 


METHOD 


Todine (Liquid anc Tablets) 


TREATING waTER| ?() | 


GRAVITY/PRESSURE FILTERS 


Thase devices are incorporated within 


IE 4 The filter 
drinking bottles. The water is elthar system is 
allawed to flow naturally through the housed inside 


system via dravity, ar is squeezed 6 water bottle 


through by the operator. All bottles 


; \VWvater passes 
of this type usually employ: a filter to fareugh o 
ramove sediment and organic filler which 
coritaminants; a micron filter to remove eee 
: 4 debris and 
protozoa; and a chemical that kills watexbere 
water-borne bacteria and viruses. diseases 


The fiterend 
of the straw 
can be placed 
inte any 
accassible 
non-saline 
woter source 


SURVIVAL STRAWS 

Compact emergency water purifiers, 
survival straws contain a filter system 
and employ either carbon or iodine resin 
systams to eliminate water-borne 
diseases and harmtul chemicals. You 
need to get the water to a paint where 
you can reach it with your straw. If you 
want to Craw a supply of water to carry 
with you, you'll have ta draw: the water 
inte your mouth and decant itintoa 
cantainer—a lakarious process. 





Water is 
sucked through 
the straw 


“BIG BUBBLES, NO TROUBLES” 

Microorganisms and virtually all intestinal pathogens are ldlled 
at temperatures well below boiling point. The process 

of bringing water to the boil is sufficient to disinfect 
it—continuing to boil it just wastes fuel, time, and water. 


pe 


DESCRIPTION 


Todine—wiich destreys bacteria, viruses, and cysts—can he used to cisintect water ettectively and conveniently. Tts 
action is dependent on its concentration, the water temperature, and duration of cartact—a concentration of 8 mgs 


ey liter at 68°F (20°C) will destrey all pathogens if left for Len minutes. 


Chicring tablets 


Chlorine-vased tablets will destroy most bacteria, but are less effective for viruses and cysts. They are more 


eifective when used incomboination with phaspharic acid and willl destroy both Giardiasis and Cryptosporidium, 


Potassium Pearmanganate 


Potassium permanganate cari be bought at most pharmacies. Moca few granules with yourwater unit It 


Bleach 


Ultraviolet. (UV) Light 


UV Passive 


UY Active (Steripen) 


turns light pink. Leave for at least 3D minutes before drink ing. 


Adding unscented household bleach is the cheapest way cf adding chlorine towater (itcontains 5 percent sodium 
hypochiorite). Be careful to add just one drop of bleach per liter of water—two if the water is cloudy—and leave for 
at least 30 minutes before drinking. This mettiod is not always effective against Giardias’s and Cryotosporidium, 


When many harmful microorganisms are exposed to UV light, the process of light absorption disrupts the cell's 
DNA, randering the srqanism harmless. The quality af the water will affect the amount of exposure to LY licht 
‘required: the cloudiey the water the harder it will be for LIY to penetrate. 


Fillplastic bottles with water, replace the lids, ana place them in diract sunlight, prefaraply on a dark surface. 
The sun's rays will killthe bacteriathat cause common water-borne diseases. 


A small UV purifier that is placed h pre-fillered water and act vated fora short. time. Some models can purity up to 
liter (2.1 pints) of water i as little as 48 seconds. 








Your body converts food into fuel, 
which provides you with heat and 
energy, and helps you to recover from 
hard work, injury, or sickness. If you are 
healthy, your body can survive for weeks 
without food by using the reserves 
stored in its tissues—although you will 
use approximately 70 calories per hour 
just breathing and up to 5,500 calories 
a day if laboring hard. 

[In a short-term survival situation, 
food should not be your major priority. 
You would probably have eaten recently 
and, if you'd prepared properly, you 


PREPARE FOOD 


should have some basic emergency food 
in your pack. While you may go through 
food withdrawal symptoms—when your 
stomach complains because the food 

it’s expecting doesn’t arrive—you're not 
going to die of starvation within a few 
days. However, the body will react to 

its fuel not being replaced: hunger, a 
lack of energy, and a deterioration in 
coordination can be expected after a few 
days. If the opportunity to procure food 
arises, it should always be taken. Eat 
little and often but always make sure 
you have sufficient water to digest it. 


In this section BOA (ti) eye) 3- ae 


= how to cook with hot rocks... 


= how to make a fishing reel from a beverage can... 


= why a snare must have a perfect end... 


= how to lasso a lizard and snare a squirrel... 
= that there's more than one way to skin a rabbit... 


= which grubs taste like scrambled eggs... 


= how to catch a bird in a bush... 






























In a long-term survival situation, your 
survival priorities will change and the 
need for food in order to simply survive 
will become more important. There is 

a thin line between food not being your 
priority and then subsequently finding 
that you're in no physical condition 

to do anything about it when it does 
become a priority—you should regularly 
reassess your situation and alter your 
plans accordingly. It takes effort, skill, 
and a certain amount of luck to obtain 
food in the wild, especially if you're not 
in your natural environment. 





When gathering fooc in 
the wild, always ensure that the energy 
gained from the food is more than the 
energy you expended in procuring it, 
otherwise it's a wasteful exercise. 


FOOD THAT'S EASY TO FIND and 
gather should always be your first priority: 

= Plants are easy to collect and, as long as 
they're readily available in the environment 
you're in, should be your first choice for food. 
However, make sure that you are absolutely 
sure that they are edible—mistakenly eating 
the wrong leaf or berry could cause vomiting 
and diarrhea, making your situation worse. 

= Fishing requires little effort once the lines 
or traps have been set, and they will work for 
you around the clock. Fish is high in protein 
and relatively simple to prepare and cook. 

= Insects, reptiles, and amphibians may 
also be available, but be careful that you don't 
expend more energy in catching them than you 
gain in nutrients from eating them, Remember 
also that many insects, snakes, and amphibians 
are poisonous, but they can still be used as bait 
for fish and mammals. 

= Birds and mammals have their own 

survival mechanisms and are wary of humans, 
especially in remote areas where contact with 
humans is limited. Even if caught, the bird 

or mammal will need to be killed, plucked or 
skinned, and cooked. 


OC Always ensure that the energy gained 
from the food is more than the 
energy you expended in procuring it, 
otherwise it’s a wasteful exercise wy 
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WILD COOKING 
IN A SURVIVAL SITUATION, you must cook every _—_—_——— 


: ' : : FOUND MEAT 
item of food that you're not sure about in order to kill <Pyou fda doe aria vortan eat the 


any parasites or harmful bacteria. While cooking reduces meat if you cut it into smnall pieces and boil it 
the nutritional value of food, it does help to improve for 30 minutes. Dor't touch it if you have cuts 
the taste of many wild foods and to make them mini eats So des a OW a 
more digestible than if eaten raw. 


COOKING OVER AN OPEN FIRE 


Use the fierce flames of a fire to boil water then, 
when the flames have died down, use the steady 
heat of the embers to cook on (see p. 121). The most 
basic method of cooking is roasting, using a spit 
made from green wood to suspend the food over 
a fire. Make sure the meat is thoroughly cooked, 








Lash three sticks 
together to form 
the tripod 







Forked stick 
allows youto  ( 
adjust the pot 
height above 

the fire fon 









BOILING OR STEWING 
When you boil food, fat and natural juices are 
retained in the water. It is important to drink “>= 
the water to obtain the maximum nutrition ~~ 
from the meal, unless you have been 
boiling toxic substances out of the food. 








DAMPER BREAD 
This simple method for making yeast- 













A tripod is a very Wait untif flames 
free pied ves els cud by stockmen stable qnd therefore die down a tittle an ou 
working out in the Australian bush. safe way te suspend before you Me ot 
: a cooking pot over q fire begin cooking oe 
Mix flour and Rolf dough > Sg 
water (anda Between 
( your bands STEAMING FOOD 


pinch of salt, if you 
have It) into a pliable 
dough, then roll it 
into along, thick 


Steaming leaches fewer nutrients away than boiling and 
is a particularly good way of cooking fish and green 
vegetables—fresh leaves will be ready to eat in just Place grass 














; : F on top of food 
sausage shape afew m inutes, To steam food, it must be suspended fouotate heck 
above boiling water in some way. Riomilteran meuewe 
j stem through sae 

Wind the dough around a Faisain 

stick, then hold it over the BAMBOO STEAMER dividing watts 
embers of a fire, turning regularly Bamboo stems are tough, hollow, and divided 
until it browns, It will slide easily into sections. Use a sharp stick to make small Food to be 


steqmed Is 
placed in 
top section 


holes in the walls dividing a three-section piece 
of cane, leaving the wall at the base intact. 
Pour water inta the stem until it’s just 
below the bottem section ring. Add 


off the stick when cooked, 





Use q green stick, 


which is Joss sikely food ta the top section and cover 
to burn with grass and a loose-fitting ~~ 
bamboo lid. Leanthe stem 
over a fire, propping it 


against a forked stick. 








Introducing 5G 





The initial 5G study items in TSG SA and TSG 
RAN commenced in 2015 and 2016, as described 
previously. These initial 5G study items will be in- 
cluded in 3GPP Release 14. This work is carried out in 
parallel with ongoing LTE work. At the 3GPP plenary 
meeting in June 2016, the TSGs agreed on a work plan 
for the first release of 5G in 3GPP Release 15, includ- 
ing a clear work division between the TSGs [25]. 


5G work items were scheduled to begin in 
December 2016 for TSG SA and March 2017 for TSG 
RAN. The Phase 1 5G work items will fall into Release 
15, with planned completion in June 2018. Additional 
5G study items will continue during Release 15 in 
support of Phase 2. Subsequently, the Phase 2 5G work 
items will fall into Release 16, which will be com- 
pleted around December 2019 in time for the final 
submission to ITU for IMT-2020. Phase 1 commercial 
deployments are expected to begin in 2020, followed 
by Phase 2 deployments in the 2021-2022 time frame. 
However, early pre-5G mmWave deployments may 
emerge in limited markets, such as South Korea or the 
United States, before 2020. 


For example, Verizon Wireless has announced its 
plans to pilot a 28-GHz mm Wave deployment in the 
United States for fixed wireless applications start- 
ing in 2017 [36]. To support this effort, the Verizon 
5G Technology Forum (V5GTF)—an industry con- 
sortium led by Verizon—published an open radio 
interface specification in July 2016 [37]. The Verizon 
specification uses an OFDM-based PHY similar to 
time-division LTE (TD-LTE) with enhanced beam- 
forming for operation in 28 and 39 GHz mmWave 
spectrum. However, with the initial focus on fixed 
wireless, the first release does not support user mobili- 
ty. The Verizon specification can be considered pre-5G 
in the sense that it supports new mmWave capabilities 
beyond 4G but does not address all the use cases and 
associated requirements for 5G. The Verizon specifica- 
tion is expected to be incompatible with the eventual 
3GPP 5G standard, potentially leading to market 
fragmentation [38]. 


3GPP phased approach to 5G 
standardization 


3GPP TSG RAN will take a two-phased approach 
to developing the new 5G RAT [35]. The Phase 1 


standard will define a new, non-backward-compatible 
5G RAT. A subset of prioritized features and use 
cases will be addressed in Phase 1 to allow for early 
commercial deployments targeted for the year 2020. 
The Phase 2 standard will implement the full set of 
features and use cases necessary to meet the require- 
ments for 5G. An initial proposal will be submitted 
to ITU as a candidate radio interface technology for 
IMT-2020 by the June 2019 submission deadline. The 
Phase 2 standard will later form the final submission 
around December 2019. The Phase 1 standard will 
be designed for forward compatibility with Phase 2 
[35]. Forward compatibility means that Phase 1 must 
be designed from the beginning to optimally accom- 
modate all of the features and use cases expected to 
be added later in Phase 2, even though those features 
are not yet fully implemented. Although the forward- 
compatibility requirement may sound straightforward, 
it represents a fundamental shift from the normal 
3GPP standardization process, which historically has 
focused on a series of backward-compatible releases. 


While prioritization of features between the two 
phases has been a topic of much debate, it is clear that 
the 5G Phase 1 standard will support tight interwork- 
ing with LTE to simplify initial rollout. The phased 
approach and tight interworking with LTE means that 
elements of the LTE system architecture may persist in 
5G deployments for some time to come. This implies 
that current and future work on LTE, LTE-Advanced, 
and LTE-Advanced Pro networks and technolo- 
gies may have direct applicability to eventual 5G 
network deployments. 


Standardization in IEEE 


Initial 5G standards activities within the IEEE sug- 
gest that they do not intend to be a direct competitor 
with organizations like 3GPP on the radio interface 
between the RAN and the user equipment. Instead, 
IEEE has begun developing complementary technolo- 
gies to support other communications requirements 
within the 5G ecosystem. In 2016, IEEE established 
two new working groups related to 5G: IEEE 1914 and 
IEEE 1918. 


IEEE 1914 is the Next Generation Fronthaul 
Interface Working Group. This working group is cur- 
rently developing two standards: the 1914.1 standard 











WILD COOKING 


CLAY BAKING 


Baking food in clay requires no cooking utensils. Animals 
must be cleaned and gutted first, but can otherwise just be 
covered in soft clay. When the meat is cooked, skin, spines, 
or feathers will remain embedded in the clay, Cooking roat 


Cover the food 

parcel with an 
even layer of clay, 
making sure it’s 


vegetables or fish in this way removes their skins, losing well sealed. 
valuable nutrients, so it’s best to wrap them in leaves first. 
Protect nutritious skin y 
of fish by wrapping Select Jong, wide Layer of clay is 
in fresh leaves green leaves Tin i ey 


Build q fire 
on top of 
clay te 
Jnevegse tie ——— 
heatand --) gl 
decrease the. 
cooking time 





Bis 


Ss 


Wrap the food in a bundle of fresh green leaves and Place the parcel of clay in abed of hot emb sa 
tie them in place with some long strands of grass to build a fire up on top of it. Cooking time willbe 
make a secure parcel, Use only leaves from plants that you between 30 and 60 minutes, depending on the size of 


have identified as non-toxic. the food item. Break open the clay and remove the food. 


COOKING WITH HOT ROCKS 


Rocks take a while to heat up but they stay hot for a long 
time, allowing food to bake steadily on them. To reduce 
cooking time, cover the food with some birch bark or a 
flat piece of wood. When cooking on rocks, don't use slate 
or other layered rocks as they are likely to shatter when Winenvonie 
heated, Another method of cooking with hot rocks is to are in the middle 






place them in apit. The food is covered with leaves and Brush the embers and ash off the rocks, taking care 
placed on the rocks, then the pit is filled in to retain the not to touch the rocks with your hands as they will 
heat. The food is left buried until it is ready to eat. now be extremely hot. 

Use sticks from Don't use wet rocks - Fish shouldbe 
hard-wood trees such they may explode as gutted but otherwise 


as oak or birch they heat up can be cooked whole 


Place some large, reasonably flat rocks ¢ ' Place food on top of the rocks to bake, The hottest 
together. Light a fire on top of the rocks using & rocks will be in the center, so items that must be 
some tinder and dry sticks, then leave the fire to burn cooked more slowly should be put near the edges. Keep 


down to hot ashes while you prepare your food. adding more food to cook until the rocks have cooled, 
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EDIBLE PLANTS 
IN A SHORT-TERM survival situation, food isnot apriority———§f 


identifying edible plants uses energy, requires knowledge and WARNING! 
skill, and the risks of getting it wrong far outweigh the benefits. : o 
In a longterm survival situation, however, your priorities would f 
change, so being able to identify edible plants is advantageous. 





GATHERING PLANTS 


When foraging for plants, take a bag or can with you and be careful 

not te crush what you collect. Gather only a few species to lessen the 
chances of mixing in something inedible or poisonous. Don’t assume a 
that because birds or mammals have eaten a plant it’s safe for you beer Torat -d by 
to eat too. Unless you are absolutely certain, you will need to carry edible mushroo 


out the following test to find out whether a plant is edible ————l 


UNIVERSAL EDIBILITY TEST 


This test enables you to check whether a plant is safe to eat. 

If you're in a group, only one of you should test the plant. Make 
sure that you have plenty of drinking water and firewood with 
you (see box, right}, and eat nothing for eight hours beforehand. 
Test only one type of plant at a time, use only one part of that 
plant—roots, leaves, stalk, buds, fruit—at a time, and test it in the 
same state in which it will be eaten: either raw or cooked. Make 
sure that the plant you are testing is in plentiful supply (there's no 
point testing it otherwise) and avoid plants with milky or soapy 
sap, or bright colors—they are usually Nature's warning signal, 





























DIGGING FOR ROOTS 


Roots and tubers are a good source 
of carbohydrate and their skins 
contain vitamins, Take care when 
gathering in spring as some plants 
will only have small shoots and will 
be hard to identify. 


Cut a stick from a hard-wood tree, 
such as oak, sharpen one end to a 


chisel-shape then harden it in a fire. First, inspect the plant—it should look fresh 


and in good condition. Avoid anything slimy. 
Next, sniff the plant. Discard it if it smells bad. 
If it smells of peaches or bitter almonds, it may 
contain cyanide, 


















Use q 
lonife with 
q strong, 


sain bine Take a small portion of 


the plant part you're 
testing and gently rub it on the 
sensitive skin inside your elbow 
or wrist. Wait for 15 minutes. If 
no irritation, stinging sensation, 
rash, or swelling develops, 
proceed to Step 3, 


Choose a larger plant, then 

dig down at its side, loosening 
the earth around the root until it 
can be pulled out 


In.one plece. Take care not 
to damage 
the root 
Tf your sin 
regets to the 
plant, wash it 
clean immediately 


EDIBLE PLANTS 20 


NEEDLE TEA 

The needles of evergreen trees such as pine and spruce 
are rich in vitamins & and C and can be used to make 
arefreshing—and potentially life-saving—tea. 















For each cup of Strain the tea. 
tea, collect two through a cloth 
teaspoons of fresh tied ayer a container, 
green needles and Sweeten with sugar or 
bruise them with a stone. =‘ honey, if you have any, 
Drop the Needles are 
needles into Rib nesdies collected in 


cloth then 


with q large deeaiied 


‘stone 


boiling water, then 
let them infuse for 
10 minutes. Keep. 

the pot warm and 
stir occasionally. 










Touch the corner of your mouth with 

the plant and wait 15 minutes. If no 
adverse reaction occurs, touch your lip and 
tongue with it, Wait another 15 minutes, If 
you suffer no ill effect, proceed to Step 4. 


ie 
fi ? 
r 
i 
[ : 


——— 


WHAT TO DO IF YOU HAVE AN 
ADVERSE REACTION 

If at any stage you experience any 
type of adverse reaction to a plant 


pone one! during the edibility test, you should: 


tongue start 
to tingle or » Stop the test immediately. 
become numb, j 4 Ahee P 
vojoct the plant « Avoid eating anything else until 
the symptoms cease, 
= Wash the affected area thoroughly 
(if the reaction is external). 


= Attempt to induce vomiting (if the 
reaction cotnes after eating the plant) 
by drinking salt water or by pushing 

a finger into the back of your throat. 
= Drink lots of warm water (this is 
why you must ensure that you have a 
plentiful supply of purified water and 
firewood before you begin the test). 

= Crush a teaspooritul of charcoal 
taken from a partially burned log and 
tix it into a paste with warrn water, 
then swallow the mixture. Et will 
either induce vomiting of, if you can 
keep it down, it may absorb the toxins. 
= Try swallowing a paste made from 
white wood ash and water to reduce 
stomach pain. 


Place the piece of 

plant on your tongue, 
wait 15 minutes, then chew wee Ute 
it and hold it in your mouth “Cpe or swallow 
for 15 minutes more. If it for 15 minutes 
there are no ill effects, 
swallow the piece and wait 
eight hours. Eat nothing else 
but continue to drink water, 


Tf no ill effect occurs, 

eat a quarter of a 
cup of the same part of the 
plant, prepared in the same 
way, then wait another 
eight hours. If there is no 
reaction, it is safe to eat, 
Eat little and often rather 
than gorging. 


If the tester is unconscious: 

Do tiot induce vorniting if the tester 
is unconscious—get medical help 
atid mortitor the casualty. 
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BAIT AND LURES 
CATC H I N G F I S H Fish have a et of smell to help 


them find their preferred food, so if one 


FISH CAN BE HOOKED, netted, trapped, speared, type of bait doesn't work, try another, 
or even caught by hand if you're lucky. Observe their Predatory Tish are-attracted ta:live bait 

; by its movement—a worm wriggling on 
behavior—where and when they feed, and what a hook, for example. You can make 
they eat—to determine which method to try. It must artificial bait out of shiny metal, cloth, or 
be noted that some fishing techniques are illegal in Taaticrs Hy Fotolia Vets) aia 

: prey, such as an insect skimming across 

some parts of the world and should only be used in the water, to lure the fish into biting. 


a genuine survival situation. 


FISHING TACKLE 


Fishing equipment can be made from all kinds of material. Your 





| 


MAKING A FISHING REEL 
You can make a reel with an empty beverage 


survival kit should have some fishing line and a few hooks, but can, Tie one erie ofa line to the tab, then weap 
if you don't have a kit you can improvise. You can use a stick as itaround the can urtil you have about 2ft (60 
a makeshift rod, for example. oti) left. Attach a hook, float, and some 
sinkers. Hold the top of the can in one hand and 

IMPROVISED HOOKS the float in the other Point the bottom of the 

. a can foward where you want the hook to land 
Fishhooks can be fashioned from any piece of metal, such as a nail, pin, and theow the float. The gest of the line wall 
safety pin, needle, or some wire, You can also make them from natural yrwind andl follow. Ifa fish bites, give the line 
materials, such as thorns, hard wood, coconut shells, bone, spines, or ajed then wind it in around the can. 
seashells, If you don't have any fishing line you can use parachute cord \ 
(see p, 136) or make cordage from plant fibers (see p. 138). eee 























_Tie fine Bend hack 
Line sits tightly to of pin at an 
inside the stems nae 8 angle to 
anotch iichion forma barb 
q splinter 
beneath 
the fine tied Attach the 
to the twig naif securely 
using fine 
SINGLE THORN MANY THORNS WOOD OR BONE NAIL SAFETY PIN 
Cut alin (2.5 cm) Tie three strong thorns Carve a splinter of Cutanotchatoneend Remove thesafety 
length of bramble stem  togethersecurely with bone into an arrow ofasmall pleceofhard clasp. Bend the sharp 
with alarge, strong some fishing line. Cut point or talee a sliver wood, Place the head point of the pin round 
thorn. Tie aline to a a notch in the stems of hard wood, like of a nail in the notch to form ahook. Attach 
notch atthe other end. — and attach the line. oak, and tie to a twig. and tie it in place, line to the wire loop. 





REMOVING A FISHHOOK Cut off the barbed 
You should never try to remove a fishhook EE 
that is deeply embedded in flesh, Cut the 
fishing line as close to the haok as possible, 
then put apad around the exposed part 

of the hook and secure with a bandage, ———- ~ 
Seek medical help as soon as possible and If the barb is visible, cut it off with Carefully ease the 














monitor for signs of infection, However, in a pair of pliers, If you can't see the hook out by its eye, 
a survival situation, you can try to remove arb, firmly and quickly push the hook Clean the wound then 


the hook by doing the following; in further until the barb emerges. cover it with a bandage, 





TYPES OF BAIT 

Live bait includes creatures such as: 
= Worms and slugs 

= Grasshoppers, crickets, and beetles 
= \Waggots and caterpillars 

= Frogs (including large tadpoles) 

= Small fish—to catch larger fish 


Examples of inanimate bait include: 

= Meat, guts, and reproductive organs 
recovered from animals 

a Nuts and small fruits 

= Bread, cheese, and pasta 


FLOATS AND SINKERS 


A float keeps a baited hook at the best depth to attract the species of fish 
you're trying to catch. A sinker (weight) placed below the hook also helps 
to hold it in position, Your survival kit should include afew split-shot 
weights but, if tt doesn't, you can tie small stones to the line instead. If 
the float bobs below the water's surface, you may have hooked a fish. 


MAKING A FLOAT 
You can use any natural material that floats, such as a piece of 
bark or arose hip (see below). If you find a bird's flight feather, 
you can make a float by trimming the feather until you are left 
with just the hollow quill, then folding itin half and tying the 

two ends together, 


Make @ hole in 
the rose ip 





Using a sharp pin, a piece of 
wire, or a long thorn, pierce 
through the center of a rose hip. 


Twigs act as 
stabilizers 


Tie small twigs above and 

below the rose hip. These 
will act as stabilizers and will also 
prevent the float from slipping up 
or down the line. 
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FEATHER LURE 
Make a hook, then 













attach it to a line, LINE FISHING 
Tie abrightly colored e 
feather just above the The more hooks you can get in the 


hook. Slowly move the Z water, the greater your chances of 
lure across the water's = ame catching a fish. All the methods shown 
surface to attract —— 5 below are passive—you simply set 

the fish. them and leave them to work for you, 


Hook hidden _- 


by feather SELF-STRIKING LINE 


Tf a fish bites at the bait, the trigger will 
be jerked out of the catch and the bent 
rod will fly up. The line will be pulled tight, 
embedding the hook in the fish's mouth. 


Trigger held 
in catch 







IGE FISHING 

First check that the ice is at least 2 in 

( cm) thick and can bear your weight, 
then cut ahole about 1 ft (30 cm) in 
diameter over the deepest part of the lake, 


Thread fine 
through center 





Tie ahooked and 
baited line to a 
stick with a flag at 
the other end and a 
central crosspiece, 


If a fish takes eke ds 
the bait, the freeze over 
crosspiece will be 
jerked over the hole 
and the flagpole 
pulled upright. 





Thread fishing line through 
the hole, If you don't have 
line, use a length of fine cordage. 


Attach hook a ap 
i Va 


NIGHT LINES 

To inerease your chances of making a 
catch, you need to attract fish that live at 
all depths, Tie arock to one end of aline 
and attach hooks with live bait at intervals 
along it, Tie the other end to a post at 
the edge of the bank and throw the line 
in the water, leaving it there overnight. 


below flog 


Attach the hook (in this Keep hookdines 

oe: short to 

example, a modified safety menor 

pin} to the line at the required getting tangled 


depth below the float. If you have 
one, tie a sinker below the hook, 
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NETS, TRAPS, AND HARPOONS 


You can leave a hooked line in the water, but unless you regularly check 
it any fish you catch may be eaten by bigger fish. Ina survival situation, 
nets and traps are more convenient methods of fishing because once 
set you can leave them and they work for you all the time. 










MAKING A 
DIPPING NET 


Fish that are too small to hook or 
harpoon may still be large enough 
to catch with a dipping net. Such 
fish are usually found at the edges 
of streams and lakes, and around 
rocks in pools. You can make a 
simple dipping net if you can split 
abranch or find aforked sapling 
and have amosquito net—or a 
spare item of clothing, such as a 
sleeveless vest, T-shirt, or stockings. 










& Cut another nick in Tie off the net Cor 
y) the other side of the the vest above the 
hem, where the forks meet, armholes and neck), then 
and pullthem through. Tie either cut off the excess 


Make two small nicks in 
the hem of the mosquito 


net, vest, or stockings, then the ends together with material or invert the net, 
thread the forks of the sapling cordage, then push them This will prevent extra drag 
through them. back inside the hem. when you use the net. 





MAKING A GILL NET 


Once it has been set in a river,a gill net is a highly effective way 
of catching fish, whether they are swimming up- or downstream, 
However, a gill net should only be set for short periods of time as 
fish of all sizes can be entangled or injured, Make the lines out of 
paracord or natural cordage (see pp. 136-39), 





Prusik knot 





Tie the inner cord 
to the suspension 





Pullcords to 





fine by making a tighten the knot 
prusite kot 
Take a section of the outer Holding the two ends of the Pull the knot tight. Repeat the 
sheath of some paracord and inner cord in your other hand, process every 1 in (4 cm) 
suspend it between two trees, Loop pass them around the suspended line along the suspended line for the 


the inner paracord behind this line. and through the loop, required width of the net. 


MAKING A HARPOON 


Using a harpoon to spear fish takes 


time, patience, and a certain level of 
skill. Keep the point of your harpoon 


in the water to avoid splashing and 
scaring off the fish. Strike quickly 
when you see a potential catch, 
aiming just ahead of it. A spiked 
harpoon is the simplest to make. 








Insert the 
thorny sticks 
into the 
notehes 


Gather a few short, thorny 

sticks to form the barbs of 
the harpoon. Cut a long, thick, 
straight branch and make notches 
around one end. 





Make the mesh by tying 
a cord from one pair of 
cords to a cord from an 
adjacent pair, using a simple 
overhand knot (see p, 143), 
= Continue alternating along 
and down the line, Tie stones 
to the ends of the net to hold it 
down once it is in the water. 


To set the gill net, hang the 
suspension line between trees 
or poles on either side of the river, 
submerging the net in the water 
to a depth of about 6 in (15 cm). 
= The net can also be used to catch 
birds (see p, 226). 



































Wrap 

cordage around 
the sticks 
severgi times 


Bind the thorny sticks tightly 

to the shaft with cordage, They 
will need to be able to support some 
of the weight of the fish so wrap 
them securely. 





These barbs 
wil! spear 
the fish 








When using the harpoon, take 

care not to damage the barbs 
by driving them against rocks or onto 
the riverbed, Use a dipping net, if you 
have one, to land the fish. 





Use these 
overhand 
knots to 
create the 
mesh 
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CATCHING FISH 


TRAPS 


Fish traps can be made from a 
variety of materials. You can use 
rocks to build a wall or you can 
make a basket from sticks and 
cordage, You can even use 
man-made materials, such as 
bottles. If you only succeed in 
catching very small fish you can 
still use them as bait. 


BOTTLE TRAP 

Also known as a “minnow trap," this 
method uses alarge plastic bottle to 
catch small fish, Cut the bottle in two 
just below the shoulder, Invert the 
neck and insertit into the cut end, 
then tie the two pieces together. 
Make holes in the plastic with a hot 
pin so the trap will sink, Bait the trap, 
then place it in a stream, Check it 
regularly to remove any fish caught 
and replace the bait. 


Fish smelis bait and swims 
inte bottle but can’t find its 
way back out 

























Holes in bottle 
Jet water it 





Bottle neck tled 
to bottle base 





SINGLE-WALL TRAP 
Tf your camp is near a tidal creek, you 
can build a curved wall of large rocks 
out from the bank. Pick the location 
at high tide and build alow wall at 
low tide, Fish may be trapped in the 
pool created between the wall and 
the bank as the tide recedes, 

Water and fish 


enter the trap 
at high tide 
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PREPARING FISH 


ALL FRESHWATER FISH are edible but they must be 
cooked before eating as they are often infested with 
parasites and harbor bacteria. Saltwater fish are safer 
to eat raw, if necessary, but will taste better cooked. 
Never eat a fish that has pale gills, sunken eyes, flabby 
skin or flesh, or that smells bad. 


FISH HYGIENE 


As soon as you have landed a fish, it should be killed and gutted, 
then cooked and eaten as quickly as possible, particularly ina 
warm climate. It doesn’t take long for fish to go bad because 
their slimy skin provides a breeding site for flies and bacteria. 
Ina cold climate, you can delay filleting for up to 12 hours, 
which will make the job easier. 



















Serape blade 
geross sicin, 


FILLETING A FISH Wa eed 
Filleting removes the parts of a fish that might quickly go 
bad, while leaving as much flesh as possible. With some 
species, you may find it easier to remove the bones after 
the fish has been cooked. Boil the bones and the head to 
make a nutritious stock. This must be done immediately 
and the stock should be kept in a cool place and drunk 
within a few hours. 





Once you have killed the fish, cut its throat to bleed Fish can be cooked with their scales on but, if you 





it and cut out the gills. Wipe the slime off its skin to have time, it is best to remove them, particularly 
make it less slippery. if they are large, as they can be a choking hazard. 
= Most fish don't need to be skinned—in fact, the skin is = Hald the fish by the tail and scrape off the scales, holding 
nutritious—but eels and catfish do (see panel, opposite), the blade away from you and moving toward the head, 













Use head to make stock 








Keep offal to 
use as bait Stide kaife 
under HBS 
to separate 
them from 


the flesh 





Cut off the head, tail, and fins, Open out the body 
and slide the knife under the ribs to separate them 
you have removed everything. Keep the fram the body, warking toward the head. Fish oils can make 
roe to eat (it lies down the side of the fish). the knife slippery, so-you can use your thumbs instead. 

= Wash the fish thoroughly, inside and out. = Repeat for the ribs on the other side of the backbone, 


Pull out the internal organs then 
spread the fish open to check that 








SMALL FISH 
Any fish that is less than 6 in (15 cm) leng 
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Use a green stick 
as tie skewer 
soit wont bur 


doesn't need to be filleted. After gutting, 
they can be fried, grilled, or roasted whole, 
Keeping the heads and tails on helps to 
prevent the fish from falling to pieces. 







SKEWERING FISH 
Small fish, such as perch, can be grilled over 
anember fire on a skewer to make a simple, yet 
tasty and nutritious meal. Impale the fishes on 
a green stick and hald them close to the embers, 
They won't take long to cook. 


Start your 
cut at the 
anal orifice 


Shit belly up 
Insert only to here 
the point 
of the knife, 
blade facing 
upward 


Holding the fish with its tail toward you, 

insert the point of a sharp knife, blade up, 
into the anal orifice and slit the fish open along its 
belly to its throat. This prevents you from puncturing 
the internal organs. 


Lift bones 
away from 
flesh slowly 
and firmly 





fe : = 
Separate the top and bottom of the backbone from 
the flesh with the tip of your knife. Carefully pull 
the backbone and ribs away fram the flesh in ane piece 
a If you have any tweezers or needle-nose pliers, use 
them to remove any small bones that remain. 






Fire should have 
burned down 
to embers 





















SKINNING FISH 


Eels and catfish are tasty but have to be skinned 

and gutted before cooking, To gut the fish, either use 
the filleting method shown opposite or Step 3 below, 
Catfish have a cartilage skeleton and can simply be 
cut crosswise into steaks. 






Suspend the 
Dace aekas catfish by its gills: 
through the gills 
of the fish and support 
on two strong uprights, 
= Cut around the skin 
below the head with a 
sharp knife. 
= Cut around the fins. 


Separate the top 
of the skin from 
the flesh then peel the 
skin downward, 
= You will need to use 
both hands to get a 
good grip, and a firm, 
steady action. If the 
fish is very large, 
you may need ta 
slit the skin. 


Tug skin 
down until 
you reach 
the tal! 


Remove the fish 
from the stake 
and break its backbone. 
When you pull the 
head off, the guts will 
come away with it. 
= Remove tail 
and fins. 





Literaft, litejacket, survival suit 
Water catchment devices 


Emergency Locator Beacon 
Marine VHF radio 


Flashlight and batteries 
Map, compass, GPS 





TRUE-LIFE ACCOUNT 





EXTREME SURVIVAL— 


ADRIFT AT SEA 


USEFUL EQUIPMENT 


Cell/satellite phone 


IN 1972, A FAMILY OF FIVE SURVIVED for 38 days adrift 
Solar still/reverse-osmosis pump in the Pacific Ocean. The Robertson family were 18 
months into a round-the-world sailing trip when their 
First-aid kit, sunscreen, sunglasses | 43 ft (13 m) wooden schooner Lucette sank. They 
survived thanks to a combination of good seamanship, 
Survival tin, busheraft knife improvisation, and good fortune. 
Poncho/bivy sack The family set off from Falmouth, England, on January 27, 


1971—father Dougal at the helm, wife Lynn, and children Anne 

(who disembarked in the Bahamas), Douglas, and twins Neil and 
Sandy as crew—and safely navigated the Atlantic and Caribbean. On June 15, 1972, 
however, about 200 miles (320 km) west of the Galapagos, disaster struck—a pod 
of killer whales charged the boat, splintering the hull and holing her irreparably. 


With Lucette sinking rapidly and no time to radio "A POD OF KILLER 

a distress call, the crew launched their inflatable liferaft 

and roped it to the boat's 10 ft (3 m) solid-hull dinghy, the WHALES CHARGED 
Ednamair, which they used as a towboat after improvising THE BOAT...HOLING 
a sail. Their supplies amounted to 2 gallons (10 liters) HER IRREPARABLY” 
of water, a bag of onions, oranges and lemons, vitamin- 

fortified bread, glucose, four fishing hooks, a fishing line, a first-aid kit, a kitchen knife, 
and eight signal flares. They sailed north toward the Doldrums to find rain, which they 
collected with the use of a tarpaulin, and caught fish, eating some of the meat raw and 
drying the rest in the sun to be stored as rations. 


After 16 days, the liferaft had deteriorated to such an extent that the family was forced 
to transfer to the dinghy, using the remnants of the raft as a canopy to provide shelter 
and aid in the collection of rainwater. They used the wind and currents to sail northeast 
toward Central America, and built up sufficient rations over the next three weeks to 
provide energy for the extra exertion of rowing toward the coast. Luckily for them, 
there was no need—their ordeal came to an end on July 23, when a Japanese fishing 
boat spotted a signal flare and picked them up. 











for packet-based fronthaul transport networks and the 
1914.3 standard for radio over Ethernet encapsula- 
tions and mappings [39, 40]. These standards focus on 
the fronthaul interface within the RAN between base- 
band units (BBUs) and remote radio heads (RRHs) 

to support novel RAN architectures like C-RAN, and 
antenna techniques like MMIMO and coordinated 
multi-point (CoMP) transmission and reception. The 
projected completion dates for these standards are 
August 2018 for 1914.1 and October 2017 for 1914.3. 


IEEE 1918 is the Tactile Internet Working Group. 
This working group is currently developing the 1918.1 
standard, which defines a framework for the Tactile 
Internet [41]. The purpose of this framework is to 
establish a basis for the rapid development of the 
Tactile Internet as a 5G and beyond application, with 
the expectation of additional IEEE 1918 standards to 
follow. The projected completion date for the 1918.1 
standard is October 2018. 


With respect to IMT-2020, IEEE may seek to 
expand the role of WLAN in 5G as a complemen- 
tary radio interface for next-generation HetNets. In 
September 2016, the IEEE 802.11 working group 
sent a liaison statement to 3GPP TSG RAN and 
TSG SA inviting them to consider the use of IEEE 
802.11-based WLAN in unlicensed spectrum as a 
complementary means of meeting the performance 
requirements of IMT-2020, potentially leading to 
inclusion in a joint submission to IMT-2020 [42]. This 
approach would be a logical extension of the increas- 
ing level of interworking between LTE and WLAN 
in recent standards releases. WLAN is already widely 
used in 3GPP networks for high data rate offloading. 


Recent enhancements in radio-level interwork- 
ing have increased the efficiency of these networks. 
Enhancements include LTE-WLAN Aggregation 
(LWA) and LTE WLAN Radio Level Integration 
with IPsec Tunnel (LWIP) in 3GPP Release 13, with 
further enhancements in 3GPP Release 14. Although 
3GPP declined to make a decision at the September 
2016 plenary meeting, the concept of a potential joint 
submission could represent a novel approach to IMT- 
2020. In contrast, previous generations of IMT saw 
IEEE in competition with 3GPP, with the submission 
of the IEEE 802.16 WiMAX family of standards to 
IMT-2000 and IMT-Advanced as a direct competitor 
in the 3G and 4G markets. 





FEATURE 





Conclusion 


This article provided an introduction to major tech- 
nology trends in the emergence of next-generation 5G 
mobile networks. These networks are expected to see 
initial commercial deployment starting around the 
year 2020. Early 5G standardization activities in the 
ITU, 3GPP, and IEEE were addressed. 


For further information on the latest developments 
in 5G, the interested reader is directed to the follow- 
ing resources. ITU publications for IMT-2020 can 
be found on the IMT-2020 web page [24]. Notable 
documents include the ITU vision for IMT-2020 [19] 
as well as the technical performance requirements 
for IMT-2020 (scheduled for completion in February 
2017). The 3GPP web site (www.3GPP.org) is the most 
direct source for 3GPP-related technical information. 
3GPP press releases provide high-level summaries of 
ongoing standards activities and often include links 
to more detailed further reading. The latest versions 
of the 3GPP TR and TS documents mentioned in this 
article can be accessed there as well. Information on 
the IEEE 1914.1, 1914.3, and 1918.1 standards can be 
found in the approved project authorization request 
(PAR) documents [39, 40, 41] and the correspond- 
ing working group web pages. Lastly, the Verizon 
mm Wave specification is available on the VSGTF web- 
site (www.5GTEorg). This pre-5G specification defines 
layers 1 to 3 of an open radio interface using a docu- 
ment structure similar to that of LTE. 
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= If you are in a group, try to help 
any others who are in danger 

m Prepare for the possibility of 
abandoning ship, and try to steer 
closer to either land or known 
shipping lanes 

= Delegate responsibilities 

@ Ensure lifejackets and liferafts 
are ready for deployment 


Tf no one knows you are missing 
or where you are, you will need to 
notify people of your plight by any 
means at your disposal 


You are faced with surviving for 
an indefinite period—until you 
are located or you find help 


Abandon ship in a controlled 
manner and deploy all the liferafts. 
Ahways try to enter the liferaft dry. 
Use the rescue line to reach people 
in distress, Follow the “immediate 
actions" instructions printed inside 
the liferaft 


DO 


= Deploy the drogue—this will 
lessen drifting 

= Inventory all food, water, and 
equipment and start rationing 
m Prepare water 

procurement devices, such 

as solar stills and reverse 
osmosis pumps 


WHAT TO DO 


> 


DOES ANYONE KNOW YOU WILL BE 
MISSING OR WHERE YOU ARE? 


> 


> 


> 


DON'T 


ARE YOU IN DANGER? + 


<& NO YES => 


ASSESS YOUR SITUATION 
See pages 234-35 


a 


<—& NO YES => 


DO YOU HAVE ANY MEANS 
OF COMMUNICATION? 


<— NO YES => 


CAN YOU SURVIVE 
WHERE YOU ARE? * 


@ NO YES 


YOU WILL 
HAVE TO 
MOVE ** 


DON'T 


Get yourself out-of it: 

Sinking vessel—You need water, 
location aids, and protection from 
drowning and the elements 
Animals—tTry not to splash in the 
water as this will attract sharks 
Injury—Stabilize condition and 
apply first aid 


Tf you are missed, arescue 
party will almost certainly be 
dispatched to find you 


Hf you have a cell or satellite phone, 
let sorneone know your 
predicament. If your situation Is 
serious enough to be worthy of 
emergency rescue, and you have a 
Personal Locator Beacon (PLB), you 
should consider this option 


Address the Principles of Survival: 
Protection, Location, Water, Food 


DO 


= Ensure that the rescue services 
are kept aware of your situation 
and updated with relevant 
information as the situation dictates 
m Prepare to abandon 
ship: pack lifejackets and 
suitable clothing 
= Ensure you know how 


@ Protect yourself from 
the elerments—sun, wind, 
and salt spray 

= If you have no liferaft, 
then huddle together in a 
group with children in the 
center, If alone, adopt the 
H.E.LP. position 

= Improvise flotation alds 
from anything that can 
float-or hold trapped air. 
Good examples are plastic 
bags, plastic bottles, and 
knotted clothing 


= Cut the painter to the 
vessel until you know it will 
sink, as the vessel is what 
people will be looking for 

= Drink seawater under 

any circumstances—this 
will only increase your rate 
of dehydration 

@ Eat unless you have 
sufficient water to digest the 
food—fish is high in protein 
and requires plenty of water 
to digest 


@ Neglect to take anti- 
seasickness tablets, 
Vorniting will dehydrate you 
and the effects are very 
demotivating 

= Forget to wear your 
survival equipment and 
ensure everyone knows 
how to-operate it 

= Try to second-guess the 
rescuers when they arrive, 
Do exactly as they say, they 
know what they are doing 


+Neverakancion a vessel unless you have to—searchers will be trying to locate it. Use the 


yessel'Sequiprrent while you can, and before you Rave collect essential iternstoaid yoursurvival, 


* Tf you cannot survive where you are, but you also cannot mose owing to injury or other 
factors, you must do everything you can to attract rescue. 
** Tf yoursituation changes (for Instance, you are “moving” to find help, and you finda 


Suitable location in which you can stay anc survive) consult the alternative "Do" and "Don'ts." 


to operate your survival 
equipment and that 

you have basic aids 

to location such asa 
whistle, flashlight, or 
plastic water bottle on 
your person 

= Clear the deck of 
loose objects and be 
prepared to drop sail 
should rescue by 
helicopter be atternpted 
= Make an inventory and 
ration supplies 
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TRAPPING ANIMALS 
ALTHOUGH YOU SHOULD be prepared to take down es, 


Pw : . ; ALTERNATIVE MATERIALS 
sitting prey if you get the opportunity, trapping small eres Svat coer 
animals is easier than hunting them—it requires less they already have a “perfect end.” 
skill and energy and leaves you free to carry on with Natural cordage can also be used. 
other tasks. One of the simplest traps Is a snare. 


























MAKING A SNARE 


Stainless steel snares of various strengths can be 
bought ready-made, with a running loop, or eye, at 
one end and a securing loop at the other, However, 
most survival kits contain a length of single-strand 
brass wire that can be used to make a snare. 






Hold loose ends 
of wire below 
stiek resting 
ontop of band 


Decide on the strength of snare you want (see panel, 
below) and double or quadruple the wire accordingly. 
m Pass the strands around a stick, place it on the ground, 
then loop the loose ends around a second stick. 
m Rotate the second stick until the strands have entwined, 
forming a single, thick wire. Remove the sticks. 


STRENGTHS OF SNARE 


The single-strand wire found in most 
survival kits isn’t strong enough to hold 
most animals you would want to catch. 
You'll need to double or quadruple the 
strands by winding them together to 
increase their strength, 






of wire 


Loose ends 






Single Wire folded in 
strand two then looped 
eae around stick 
FOU 
Shek “Porfect” ond 
Aas no joose 






TWO STRANDS 
Atwo-strand snare 
will be sufficient to 
bear the weight of a 
squirrel-sized animal. 


ends of wire 





FOUR STRANDS 
A four-strand snare 
will be strong enough 
to hold onto an animal 
the size of a rabbit. 


=a P< FS 





3) 


~ 





we. Np 





Pigee feet onstick on \Wiire looped around i 
either side of wire to stick on ground aoe fot 
hold it in place forms “perfect end” rene 
———————— the wire 
strands are 
KILLING A RABBIT intertwined 


Unless youre an expert, brealdng a rabbit’ neck by holding its 
head and pulling of its legs can be difficult and could result in 
you dislocating tts hips, causing tt more pain. The best method ts 
to strike the rabbit on the back of the neck with a solid stick, thus 
avoiding having to piel it up-and risk being bitten or scratched. 
The eyes will glass over immediately when the animal is dead. 











LOOK AND LISTEN 


To be successful at hunting and trapping, you need to 
decide which types of animal you are gaing to try to 
catch, To do that, you need to find out what animals are 
in the vicinity and where exactly they are to be found. 
Prey animals will use their keen senses to avoid being 
caught—so you will have to use your senses to find 
them. Look for any signs of animals, both on the ground 
and in the trees. And use your ears—you may be able 
to hear an animal even when you can't see it, 


SIGNS TO LOOK OUT FOR: 
= Runs, trails, and tracks 

= Droppings 

= Chewed or rubbed vegetation 
= Feeding and watering areas 
= Lairs, dens, and resting sites 


To make the noose, pass the imperfect 

end, or securing loop, through the perfect 
end, or running loop. The running loop has no 
loose ends of wire so it won't snag in an animal's 
fur and prevent the noose from tightening 
as it struggles. 
= Use asingle prusik knot (see p, 210) to 
tie a length of cord to the securing loop. 


Using wire for 
the snare means 
the noose keep 
its shape 


Before setting the snare, either bury it in the ground 
for a few hours or pass it over a flame for a few 
seconds to remove any human scent and dull its surface. 
= Don't waste snares, always set them on runs you know 
the animals are using and set as many as you can. 
= Use sticks to make a support from which to suspend 
the snare, or bend saplings into an arch, 


Place the support 
Wrap the wire sticks on either 
around the stick — side of the 









rabbit run 


Make q noose 
co. 4in (Oem) in 
Bee diameter 





Set the noose I in 
(25 em) off 
the ground 


Cord tied to peg anchors 
the snare inthe ground 





al 
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SQUIRREL POLE 


Make several two-strand snares with 
nooses 3 in (6 cm) in diameter and 
stake-out cords 8 in (30 cm) in length. 
Place them around a long pole, with the 
lowest 2 ft (60 cm) off the ground. If 
you snare a squirrel, leave it, as others 


will come to investigate. 

Cut @ nick in the 
bark to hold the 

snare in position 


Place pole 
against q 

tree that 

squirrels 




















Running loop, or 
“perfect end” 






Securing loop 


Avoid disturbing or treading on the run, as the 
disturbance or your scent could alert the animal. 
Camouflage the frame with vegetation, which you can 
also use to funnel the animal toward the snare. 
= Use natural vegetation, such as holly or other prickly 
shrubs, to form a funnel on either side of the snare. 
= The funnel helps to ensure that the animal 
has no option but to pass through the snare. 


Branches in ground extend 
outwards from snare 
y ’ < . 








Animal is funneled 
toward the snare 
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WEAPONS AND TECHNIQUES 


A spear is the simplest weapon to make and use, but if you have 
the time and materials you can make more complicated weapons, 
although they require more skill to use. Learning other basic 
techniques, such as catching insects; is also invaluable when hunting. 


THROWING STAR 


With athrowing star you're four times more likely to hit prey than 
with a spear, and, if you don’t succeed in wounding the animal with 
one of the sharp ends, the weight of the weapon will at least stun it. 






Keep it close at hand and ready to use, should the opportunity arise. 


Cut a jointin 
eqgeh stick 





Find two sticks 2 in (& cm) thick 

and 18 in (45 cm) long. Make a 
square-cut joint in the center of each, 
then sharpen each end. 


RODENT SKEWER 


A forked spear can be used to 
catch small mammals in their 
burrows, Thrust the pointed 
end inte the hole. When 
you can feel the animal, 
twist the stick until 

you have snagged its 
fur, then carefully 


pull it out, 
Use g jong 
sapling to 
mate the 
skewer 


Split one end into 
two then separate 
the fork with q 
piece of wood 


The sharp point 
isused to snag 
the animeag’s fur 








Join the sticks together by 


overlapping the two square-cut 
joints and lashing them to each other 


with paracord or natural cordage 


SLINGSHOT 


A slingshot can be used to kill small 
animals. Cut astrong forked branch 
and make a notch in each fork. Take 
the rubber tubing from your survival 
kit (see pp. 60-61) and thread it 
through a piece of leather or plastic, 
Tie the ends of the tubing to the 


notches. Place a pebble in the pouch, 


stretch back the sling, and take aim. 





Pp) 
4 Cut fork 
to 4 in 
(Gem) 
os 
Make handle os } 
about 6 in I S 4 
Gem) long & ) vex) 


<< 


Weight is 
sufficient to 
Ioilf or injure @ 
rabbit-sized 
animal 






















if you're throwing fram a 
standing position. Aim for the 
animal's legs. 





NOOSE STICK 


You can use anoose stick to lasso 
lizards, slow-moving mammals, 
or roosting birds, jerking the 
pole to tighten the noose 
around the animal's neck. 
Use a wire or cordage 
snare (see pp, 216-17). 
When stalking prey, 
move slowly and 


very quietly. Sefect a stick 


strong enough 
to partly 
support the 
animal's weight 


Make the loop 
large enough to 
fitover the 
animal's head 
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EASY PICKINGS a—_me\ 


Ants are social insects, and most species are aggressive in defense of their ANT CUISINE 

nest. They have a stinging bite and some species will also squirt formic acid at Art larvae are best fried—they taste 
their attacker, However, they make a nutritious meal if gathered with care. In like shvitnp. Adult atts also make a 
summer months in northern temperate regions, you can eat the larvae of wood tasty stack—in Bogota, Colombia, 
ants. And, if you use the technique shown below, you can get the ants to do all tovie theaters sell roasted leat-cutter 


the work of collecting the larvae together for you. You'll have to vandalize the att abdomnens instead of popcorn. 


nest, but don't remove all of it. 







Ants carry 

the larvae into 
the protection 
of the shade 








Wear gloves ifyou ‘ 
have them to protect 








your hands 

Place a tarpaulin in a sunny Lay some sticks on the tarpaulin, After a while, throw back the 

patch next to the nest. Scoop close to the edge, then fold over folded sides of the tarpaulin and 
the nest material, ants, and larvae the sides to create shade, The ants scoop up the larvae, which look like 
into the middle of the tarpaulin, will carry the larvae into the shade. fat grains of white rice. 
CATCHING INSECTS TERMITE FISHING NIGHT FLIERS 
Many flying insects can be eaten, but Termites are found in the tropics and Nocturnal flying insects, such as moths, 
catching them takes a bit of ingenuity. subtropics. Some species live in vast are attracted to light. Stretch a white 
Crawling insects, such as ants (see numbers inside mounds, which they sheet between two branches and peg the 
above) and termites, can provide a build out of mud and saliva. If a foreign bottom taut above a bowl of water. Hang 

; : object breaches the walls, the termites a flashlight behind the sheet. Insects will 

good meal if you can collect them in will attack It with their powerful jaws, fly into the sheet and fall into the water. 


sufficient quantities. 









Poke stick Termites 
\ through wall dling to the 
fnto living stick with 





Ties at 
corners keep 
Sheet taut 








Stunned 
insects fall 
into water 
and drown 





Cut a long, thin, straight stick Remove the stick and scrape off 
then peel it until smooth. Push the attached termites into a 
it slowly into the termite hill. container ready for frying or roasting, 
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PREPARING SMALL MAMMALS 


PARASITES SUCH AS FLEAS and lice will leave the body once 
a warm-blooded animal is dead so, if your circumstances permit, 
leave the carcass to cool before preparing it for cooking. In a hot 
climate, place the body in the shade. However, don't let it get too 
cold, as skin is more easily removed when a body is warm. 


RABBIT-SIZED MAMMALS 


The method shown here applies to all furred mammals approximately 
the same size as a rabbit, Before gutting the animal, remove any urine 
by holding the body by the forelegs and progressively squeezing down 
from the chest toward the bowels, making sure that you direct the 
spray away from your own body, You'll need to remove any scent 
glands, which are usually inside the forelegs or around the anus, in case 
the musk taints the meat (take particular care when handling a skunk). 


GUTTING 


No part of a mammal carcass should be 
wasted, If your camp is near water, keep 
the guts for fish bait. The offal should be 
removed carefully and eaten if healthy— 
discard any organ that’s pale or spotty, 
Liver is rich in essential vitamins and 
minerals and needs little cooking. It should 
be eaten as fresh as possible (removing the 
gall bladder fram the middle first}, Kidneys, 
which in most mammals are surrounded by 
fat, are also a valuable source of nutrition. 


Place the animal on its back on clean 

ground, such as a bed of pine boughs, 
with its head pointing toward you, Cut a 
small hole in its belly with the point of your 
knife, taking care not to pierce the guts. 


WARNING! 


Rabbits male an easy meal, but their flesh 
lacks fat anid vitamins 50, if your diet consists 
! bo sewers 


Pullthe skin apart at 

the cut and insert a 
finger from each hand into 
the opening. 





Prise open the belly 

to expose the guts; 
remove them along with 
the heart, liver, and kidneys. 
Wash your hands before 
moving on to skinning. 


i will oe a cee You 
must supplement your diet with sore 
vegetation and fatty food. 


\ gg” 


nn 


WARNING! 

Rabbits, hares, and rodents may 

be infected with a bacteria called 
tularemia, which can be fatal to 
humaris. Do rict touch these animals 
with your bare hands if you havea 
seratch on your skin, If you fave tio 
gloves, cover your hands in soap 
lather before handling the animal, 
atid wash your hands when you 
have finished. The germ is destroyed 
by heat, so cook the meat well. 
Myxamatosis, a viral disease that 
affects rabbits‘ mucous glands, is 
ot harmful to humans. 


\ qs 










Pinch up the sién 
before knicking it 
with your knife 


SKINNING 


If you wish to keep the skin for use later (to make a pair of 
mittens, for example), you should remove it as carefully as 
possible. You'll also need to cure it; stretch the skin as tight 
as possible and leave it in the sun or hang it close to the 
heat of a fire to dry. Rubbing wood ash into the skin will 
help to speed up the process. 


Hold the muscle down 
with your fingers 





Beginning at the belly, separate the skin from the 

muscle surrounding the gut cavity. You'll find that it 
pulls away quite easily, When you have reached the back 
on one side, repeat the process on the other. 





Hold body clear of 
skin with one hand 


Hold the flesh away from the skin with one hand 
and pull the skin over the rear legs, one by one. The 

hindquarters are now free of skin and fur, except for the 

tail, which should be cut off and the scent glands removed. 





HOW TO SKIN 
A SQUIRREL 


Squirrel flesh is tender 
and tasty, Once you have 
skinned the squirrel, you i 
can simply skewer it on si, 
aspit and roast it whole il 
over a fire, Alternatively, : 


pieces and make a stew. 


‘two people, the middle of its back, 
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GLOVE SKINNING 


The preferred survival method of skinning and 

gutting arabbit-sized mammal is to suspend it by its 

rear legs from a strong branch as this keeps the 

animal off the dirty ground. 

= If you have no knife 

to hand, snap off the 

lower part of a foreleg 

and use the sharpedge — ang the 

of the broken bone to animal by 

cut the skin. itis 
endon 

= Gut the animal, then 

cut the skin around all 

four paws and between 

the rear legs. 

= Jug the skin down 

toward the head, 

= Tf you wish, pull 

the skin over the 

head. Otherwise 

just cut the head off. 






















Siin the 
mammal in 
the same way 
you would pee! 

off a glove 












Pull sicin off the Body 
as far.as the head 





Hold body off 
the ground 


Hold the animal by the rear legs and pull the skin 
forward, easing out both forelegs. Pull the skin over 


the neck and then cut off the head. Wash the body to 
remove any traces of fur, 










you can cut the meat into 1) Gut the squirrel following the method Insert two fingers under the skin on 
shawn appasite. Cut the skin araund 
A large squirrel willfeed the paws, then cut through the skin across two pieces apart and off the body. Wash 


either side of the cut and pull the 


off any traces of Tur, 
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PREPARING LARGE MAMMALS 
ALL LARGE MAMMALS are edible, but you must not eat the oN 


livers of polar bears or bearded seals as they contain toxic levels WARNING! Si di 
rae: : : ‘ ' ’ Approach all gate with caution, 
of vitamin A. Wild game is sometimes infected with roundworm as the animal may still be alive 
larvae and, if you eat the meat raw or undercooked, it will infect and most wounded animals are 
4 : ‘ extremely dangerous. To check, 
you with parasites, so always cook all wild game thoroughly. touch its eye with the tip of a long 
ae (or ae ofa a 
if the anitnal is unconscious, it wil 
PREPARING THE KILL blink if it’ alive, Always skin, gut, 
Lifting large animals, such as deer, uses energy so, if you're alone, prepare and butcher game at the site of 
the carcass on the ground. However, if you're in a group and circumstances the Lill. You don't want the smell 
permit, it’s best to suspend the animal by its hocks (the tarsal joints of its of fresh blood to attract predators 


hind legs) from a branch, as it will bleed better and will be easier to skin or scavengers fo your camp. 


and gut. If you can't find a suitable tree from which to hang it, build a frame. \ J 


BLEEDING SKINNING 

Bleeding is essential to preserve the meat and stops it If you wish to preserve the hide, it's better to take the skin off 
from tasting too gamy. It also helps to cool the carcass. before gutting, Cut the belly skin from throat to tail, cutting 
Slit the animal's throat from ear to ear and let the blood around the genitals. Cut along each leg from above the foot 
drain out. Blood is rich in vitamins and minerals, including —_ to the belly. Pull the hide off the carcass, severing connective 
salt, so, if you're able to, collect it ina container to use tissue as necessary. If you're skinning on the ground and 

later in a stew. Cover the container to protect the blood you dont want to keep the hide, you can use it to protect 
from flies and to keep it cool. the meat—remove it fully only after jointing is complete. 


r~ 









ES 
X Lift skin clear of 

gut cavity and 
guide knife with 


your fingers Hold the knife 


sharp edge 







outward 
Cut extends up legs ’ 
to genitals Cut skin down 
/ and ground 












ene a forelegs 


j----- = Say Ventral cut extends 
, up belly to neck 


~ 
—— 


capone _ Blood avains out 
Cut sign * of sift throat 

circle around ned gf 
Year 1298s : 


ON THE GROUND 
Position the animal on its 
back on a slope with its 


head pointing downward, Pinch up 


Tesh to make 
Stop the carcass from evi Coe 
rolling by placing a boulder into abdomen shoulder t 
or log by each shoulder, for gutting deer propped up 














GUTTING 


The method shown here is for gutting a carcass on its 
back. When finished, inspect the heart, liver, and kidneys 
for signs of worms or other parasites and, if the organs 
are healthy, keep them to eat. If the liver is spotted, a sign 
of disease, discard all internal organs and boil the meat. 


To avoid piercing the 
internal organs, pinch 
up the abdomen near the 
breastbone and make an 
incision big enough to 
insert two fingers. 
= Use your fingers to guide 
the knife, cutting toward, 
then around, the anus with 
the sharp blade-edge upward, 


Slice through the 
muscle covering 
the broasthane 


Using a saw, if you 
have one, cut through 
the outer muscle and the 
breastbone to open up 
the chest cavity, 


Using the knife, slice 
through the diaphragm 
muscle, which separates 
the chest cavity from the 
gut cavity, getting as close 
to the spine as you can, 
m Remove the liver, taking care 
not to cut the gall bladder in 


the center, 
Healthy liver is 
dark red-purple 


Reach up through ne he 

the chest cay eee ee 

and cutthe windpipe — where they 
adhere to 


and esophagus. Hold 
them with one hand and 
pull out all the internal 
organs as one unit. 

= Check that the anus 


body welt 


is clear of feces, pushing pe ba 
a hand through if you of lungs 
to remove 


can't see daylight. jnnards 


Janene 


KEEP THE GUTS 

If you're able to carry them, take the guts, reproductive 
orgaris, and glands back to your camp ina sealed container. 
You can use them as bait in traplines or for fishing. Keep the 
fat that surrounds the intestiies for coolang, 
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JOINTING 


Large game should be cut into manageable pieces that 
can be carried back to camp. Boning the meat helps to 
reduce the weight. Bag or wrap the meat as you remove 
it to keep it clean and tree of flies, and keep it in the 
shade in hot climates, How a carcass is divided partly 
depends on the species, but the hindquarters contain 
the steaks and the best cuts. 


Neck and chest megt 


is good for stewing Fillet steak is 


the most tender 
cut of meat 














Leg muscle is tough 
and should be cubed 
and cooked slowly 






Ribs are best 
stow-voasted 


"BOIL OR STEW 












O) crit on Roast 





USES FOR HIDES 


keep the skin if you can, When dried, it’s light and 
can be used as a blanket, or it can be made into an 
item of clothing. Hide is one of the best materials for 
lashes. Sinew also makes good cordage (see p. 140), 


TANNING THE HIDE 

The best way to clean askin isto stretch it on a frame and 
then carefully scrape off the fat and any remaining scraps 
of flesh, using a flint or a piece of bone. Every marmmal, 
with the exception of buffalo, has enough brain matter 
for usein tanning its own hide. Mash the brains well in 
warm water, then apply the mixture to the hairless side 

of the skin and leave it to dry for 24 hours. 


Stretch 
the skit gs 
tightly as 
possible 












Make the 
holes for the 
cords away 
from the 
edges of 
the skin 
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PREPARING OTHER ANIMALS 


ALL TYPES OF ANIMAL should be considered when 
searching for your next meal. Invertebrates are far more 
plentiful and widespread than other animals, and take less 
energy to gather and prepare. Reptiles and amphibians 
can also provide a vital source of nutrition. 


EATING FOR SURVIVAL 


The thought of eating grubs or grasshoppers might not appeal, but 
experimentation is vital ina survival situation—don't forget that in 
some cultures such creatures are highly prized, if prepared properly 


SLUGS, SNAILS, AND WORMS 


Slugs should be avoided as they often feed 
of poisonous fungi To prepare snails, either 
starve them o¢ feed them safe food such as 
wild garlic for 24 hours to purge their guts 
before cooking, Either boil them in water or 
bale them in their shells in hot embers until 
the juices bubble over. Avoid all marine snails 
atid arty terrestrial stiail with a brightly 
colored shell as they may be toxic. All 
earthworms are edible. Place ther in salty 
water until they are purged, then boil, 


However, some animals are less palatable than others, in which 


though they can be eaten raw if necessary. 


case you should chap them finely and add to a stew, 


EDIBLE INSECTS 


Insects are mostly protein and make 
good emergency food. Avoid any hairy 
or brightly colored Insects or those that 
emit afoul smell (including larvae). 

As a general rule, avoid adults that 
sting or bite, but ants and honey 

bees can be eaten if collected carefully, 
Most insects, except those with a hard 
carapace, like beetles, can be eaten raw. 


HOPPING INSECTS 

Grasshoppers and crickets havelargeleg 
muscles, and most are quite tasty when 
cooked (avoid brightly colored ones), 
Remove the antennas, wings, and leg 
spurs, and roast to kill any parasites. 


WITCHETTY GRUBS 
\Witchetty grubs are a highly nutritious 
Australian bush delicacy, They can be 
eaten raw but, if roasted quickly in hot 
ashes, they taste of scrambled eags. 
Treat palm grubs in the same way, 





Large, white grubs high 
jin protein and calcium 





AMPHIBIANS AND REPTILES 


All frogs in the Rana genus (see pp, 292-93) are edible. Skin and then 
boil or roast them. The best, most meaty part is the hind legs. Don't 
handle or eat toads or brightly colored tropical frags as many have highly 
toxie skin secretions. Lizards and snakes are a good source of protein. 
They tust be skinned and gutted, then either roasted on a stick if small, 
or cut into small pieces and boiled. All snake flesh is edible—and tastes 
like chicken—apart from the head, which must be removed. 










Hold the dead snake 

firmly behind the head 
and cut it off about 6 in 
(15 em} down the body, 


Bury the head 
if the snake Is 


venomous & 


Slit the belly with a sharp 
knife and remove the entrails 


Siice about 
and other organs. Either throw d2 th (20.coy) 
along belly 


them away or keep as bait. 


ifthe snake isn't too 
big, the sicin will come 
offin one plece 


Peel the skin back, then grasp 
the body in one hand and the 
skin in the other and pull it off. 
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PREPARING A CRAB 


Avoid their strong claws (tie them up if you can). To kill a crab, plunge it in 
boiling water or stab it through the eye socket or the orifice under the shell 


flap on the body, Cook the crab for about 15 minutes, 


Claws contain 
succulent 
white meat 


Insert knife 
between 
the eyes 






Place the cooked crab on its 
back, then twist off its legs and 

the claws. They all contain edible 

meat, so crack them open with a rock. 





the lower shell. 


SHELLFISH 


Shellfish can be found in streams and on lake and sea 
shores. Don't collect marine shellfish that are not covered 
at high tide or are near any source of pollution. Shellfish 
must be alive when you collect them—bivalves, such 

as mussels, will close their shell if you tap them, and 
univalves, such as limpets, will cling tightly to their 
rock—and you rust cook and eat them immediately, 


HOW TO SHUCK AN OYSTER 

Oysters are rich in vitamins and minerals, To eat an oyster raw, 
first open its shell by inserting a blunt knife into the hinge at the 
thicker, more pointed end of the oyster and twisting, However, in 
a survival situation, play safe and boil oysters in their shells for 
five minutes after their shells open, Do not eat any whose shells 
do not open during cooking. 





Handle with eqre 
as shell can be 
razor-sharp 







Twist blgde 
Firmly to eut 
musele holding 
shelf closed 






Open the shell by inserting the 
point of your knife between the 
two halves and twisting it. Lift back 
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Stomach sae sits 

between eyes 
Fegthery 
Jungs 
and gills 
















Remove and discard any green 
matter and the lungs, gills, and 

stomach as they're all poisonous. 

Scoop the meat out of the shell, 





= 








SHRIMPS, CRABS, AND LOBSTERS 

Small crustaceans, such as shrimps and crawfish, should be 
cooked in boiling water for five minutes. Larger crustaceans, 
such as some crabs and lobsters, should be boiled for up to 
20 minutes, A tasty alternative to boiling shrimps or prawns 
is to roast them on skewers made of green wood, placed in 


the embers of a fire. 





Shei turns pint 
when cooked 


Remove head 
and shelf 
before eating 


Skewers stuck in 
the ground at an 
angle over the 
hot embers 


Relegse stick 
is notched at 
center to 
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CATCHING BIRDS 


BIRDS CAN BE TRAPPED ina variety of ways—in 
snares, nets, tunnels, or cages—and they can be hunted 
with noose sticks or any projectile weapon. The trick is 
to observe their behavior and to match your technique— 
and bait—to the bird. You need to discover their regular 


———$<$—$$$$<=—) 


WARNING! 

Eggs are easy to collect, particularly from 
ground-esters, although gulls, for example, 
will attack you if you ty. However, taking eqys 
frorn tests is illegal in many couritries and 
should only be done if absolutely necessary, 


roosts, feeding spots, and flight paths. 


FIGURE-4 CAGE TRAP 


This trap enables you to catch ground- 
feeding birds (or rabbit-sized mammals) 
without killing or wounding them, so 
you can choose when you want to kill 
them and eat the meat fresh. The 
"Figure 4" is the trigger that’s used 

to drop the cage over the animal, 


MAKING THE TRIGGER 

To construct the Figure 4 trigger you need 
to make three notched sticks (bait stick, 
upright stick, and release stick) and then 
link them together as shown below. 






Upright stick and bait 
stick fit together with 
sguare-cut notches 


Cage is supported 
by the release stick 







Notch at end of Sied will peck at bait, 
bait stick holds setting off the trigger 
pointed end of 


yelogse stick 


MAKING THE GAGE 

Create a pyramid of sticks by placing 
progressively shorter sticks across longer 
sticks and lashing them together at the 
ends, Balance the cage over the bait, 





ON THE GROUND 


Gamebirds, such as quail, and inquisitive scavengers, such as 
crows, can be lured into traps if you use the right bait. Migratory 
waterfowl, such as ducks and geese, molt in the late summer, 
which means they are easier to catch as they can't fly away. 


WALK-IN TUNNEL TRAP 


A tunnel trap can be used to catch gamebirds, which have stiff feathers 
that lie in one direction and bend only with difficulty, As a bird tries to 
retreat from the trap, its feathers will become wedged in the tunnel walls. 
= Dig anear-horizontal, funnel-shaped tunnel close to the ground. 

= Lay a trail of bait (seed or berries) leading to the rear of the tunnel. 

@ As it eats the bait, the bird will move deeper into the tunnel and will 

be unable to back out, 


Bird follows bait trait Tinned puerowsgtiond 
ae. ee ee 
ON TH F WING Hold bola by the knot 
and twirl it ground your 
head, aiming at prey 


A fine net stretched between two 
trees across a flight path is an 
effective method of catching birds in 
flight. Throwing a bola requires more 
skill, and works by entangling the 
bird in the spinning ropes. 












MAKING A BOLA 


To make a bola, use an overhand 
knot (see p. 143) to tie three 

3-ft (1-m) lengths of cord 

together about 3 in (8 em) 

from one end. Find three rocks 
weighing about 7 02 (200 g), wrap 
each one in apiece of cloth, and tie 
it up with the free end of a cord. 


Release when 
bolg has gained 
sufficient 
momentum 





ON THE NEST 


Birds are creatures of habit and will usually roost in the same 
place every night, such as in the branches of a tree as protection 
against ground predators. They rarely move once it's dark. Many 
birds are more accessible when breeding as, once you've located 
the nest, you'll always know where to find them. However, you 
should only take nesting birds in a genuine survival situation. 


MAKING A SNARE STICK 


A snare stick is used to trap birds roosting in trees, Remove a bird 
once it has been snared, as its squawking and fluttering will alert 
other birds to the danger and scare them off. 

= Make several single-strand snares (see pp. 216-27) with a loop 
diameter of about 1-2 in (2.5-5 cm), depending on the size of the bird. 
= Place them close together along a stick, making notches in the stick 
to hold them in position with the loops uppermost. 

= Tie the stick on top of abranch where you have seen birds roosting. 


Snare catches birds when 
they try to land on branch 





BOUGH FENCE TRAP 


This method is used to trap ducks, which often go ashore during the day 
to sun themselves, or at night to roost. They tend to favor small islands as 


protection against predators. 

= Cut several saplings and make double-stranded snares (see p. 216). 
= Place the boughs a few feet from the water's edge, and bend them 
into a series of overlapping hoops to form a fence around the island. 


= Ti you only have a jew shares, place thern aver the ducks’ inward aid 


outward tracks. Placing logs between the snares will then force the birds 


to pass through the hoops in order to get onto the island. 
= Suspend a snare from the center of each bough arch. 


\ 


Loop of snare 
touches the 
ground 


Boughs overlap 
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PHEASANT POLE 


Pheasants roost in trees at night, 
usually returning to the same branch, 
and they won't leave once it's dark, 
To snare a sleeping pheasant, 
raise the pole up in front of 
it. The bird will wake and 
peck at the foil. As its 
head goes through the 
loop, pull the cordage 
and the snare will close 
around the bird's neck. 


Silver foil or 
shiny paper 


















Lash the snare loop to the 
fork with something that 
wil! break easily 









Lash foil stick to 
Jong forked pole 






Attach cordage to 
snare wire 






TO MAKE THE POLE 
Cut along forked pole. Tie a 
stick in the V of the forle and 
attach a piece of silver foil to 
it. Weakly lash the loop of a 
snare to the fork, then run a 
length of cordage down the 
pole from the snare wire, 















Loop diameter 
is approximately 
2inSem) 








Le 8 WATER AND FOOD _ FIND AND PREPARE FOOD 


PREPARING BIRDS 
GAMEBIRDS AND WATERFOWL are the mostcommonly ff 


eaten wild birds, but all birds are edible if prepared correctly. WARNING: 


oe eu ; ; Handle scavengers and carrion 
Skinning a bird is the quickest way to get at the meat, but this eaters, such sper buzzards, 
removes the nutritional value of the skin, so always pluck a and vultures, as little as possible, 
Fania ‘ because they are more likely to 
bird if you have the time to clo so. be infested with lice and ticks, 
and are prone to infection. 
=» The meat of such birds must 
GETTING STARTED be boiled for at least 30 minutes 
If the bird hasn't already been killed by the method of capture you'll to kill any infectious organisms. 
need to dispatch it—for example, by stretching its neck and cutting This will also tenclerize the meat. 
= Always wash your hands after 


its throat (for the best way to kill gamebirds, see below). Whichever fandiia ay ord 


method you use to kill the bird, you must bleed it before plucking, 
but make sure you pluck it while the body is still warm. ————/ 





PLUCKING A BIRD 

It's not essential, but scalding a bird ina bucket of hot (not boiling) 
KILLING GAMEBIRDS water for a couple of minutes usually helps to loosen the feathers; the 
To quickly and humanely dispatch exceptions are waterfowl and seabirds—their feathers will tighten 
a gamebird, such as a pheasant, instead. Be careful not to overscald the bird or the skin will start to cook 


fold its wings into the body and 
hold it under your arm. Cover its 
head with your jacket to calin it 
down (this also reduces the chances —_— 
of you being injured by its claws or few feothers 
beak). Still holding the bird firmly, at a time 
take a 2 f£(60 cm) long, thick stick is 
and place it on the ground. Put the 
bird’s head underneath the stick, 
place your feet on the stick either 
side of the head, and pull the bird 
up sharply by the legs—the bird's 
head will come off. 










Thy notte rip 
ihe skin when 
removing the 
feathers 





POACHER’S METHOD 

The poacher’s way to quickly get 
the meat from a dead pheasant that 
hasn't been decapitated is to place 
it face down on the ground with its 





Lay the bird on its back, take a 


head toward you, put a foot on each few breast feathers between your 
wing, take hold of the legs, and pull finger and thumb, and begin to pluck 
up sharply. This motion will tear the = Tug sharply, pulling the feathers away 
legs and breast meat away from the from the direction in which they lie. 

rest of the bird. Give it a sharp flick 

to detach the guts. In a survival 


Don't try to pluck too many feathers at once or you'll 
meat off the bird if you don't have tear the skin. Work your way steadily around the 
a nife or razor front and back until you've plucked the whole body. 

® Keep the feathers (unless the bird is a scavenger, see 


— box, above) to use for tinder, insulation, or fishing lures. 


situation, this isa good way to get 


OPTIONAL EXTRAS 


Keep the crop (esophagus) contents of a gamebird—you 
can use the seeds and berries as bait to catch other 
birds. If the bird is female and has eggs in the oviduct, 
keep them and eat them. You should also eat the heart 
and the liver if they are in good condition; discard them 
if they look old or spotty, or show signs of parasites. 


Liver is pale 
brown ip 


Liver fs glossy, 
and dark red 
in color 


YOUNG, HEALTHY LIVER 





Extend as 


wing to foegte 
the elbow 







Pluck the legs in the same way, then turn to the 
wings. Locate the elbows and cut off the lower 
wings at this joint, Pluck the upper wings. 
= If the bird's head is still attached, cut it off as close 
as possible to the body. 
Piges knife 
blade in foint 


Give knife q 
sharp blow 


lane 


To remove the feet, find the ankle, insert the blade 

of asharp knife into the joint, and press down hard. 
= If youre dealing with a large bird, such as a turkey, hit 
the back of the knife with a thick stick for extra force. 
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DRAWING METHODS 


The usual way to remove the offal from a bird (known 
as “drawing") is to take the crop (esophagus) out of 
the neck end and the rest of the offal out of the rear 
end. The survival method is to make a cut from the 
throat to the tail with a sharp knife, reach in, and pull 
out all the offal (see below), Should you find yourself 
without a knife, you ean still butcher a bird by pulling 
the skin apart with your fingers and working your 
way up the breast to the neck. The offal can be 
removed by ripping open the skin over the belly, 





Cut the bird from the 
throgt to the tail 


Hold the bird in one hand, breast upward and 
with its rear end toward you. Insert the paint 
of a sharp knife into the throat. 
= Make a single incision down toward the tail, being 
careful to not pierce the guts. 





Keep inedible offal 
such asthe guts, to 
use as bait for fishing 


Reach into the gut cavity and pull out the offal, 
taking care not to break any eggs. Keep the liver 
and heart if healthy (see above left), 
= Wash the bird clean with cold water and wash your 
hands thoroughly before further handling, 
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EMERGENCY 


You're only a survivor when you have 
been rescued. This means that you must 
be able to either get yourself out of the 
predicament you are in (self-rescue) 

or be rescued from that situation by 
others. Sometimes you will be able to 
choose whether to undertake self- 
rescue, at other times the decision will 
be out of your hands. There may be 
Several reasons why you cannot achieve 
Self-rescue: you could be utterly lost; 
local conditions such as flooding or bad 
weather could trap you; or injury to 
yourself or a group member could make 


movement impossible. In this situation, 
the onus is on you to attract attention. 
You must be able to make contact with 
rescuers, using location aids you have 
with you or those you can improvise. 
Never delay any form of rescue because 
of the embarrassment factor—the only 
important factor is the outcome, and | 
would always rather be embarrassed 
and alive than eventually found dead! 
Preparation is key—informing people 
of your intentions and timeframes will at 
least have someone wondering why you 
are not back yet. Equally, taking the best 


In this chapter RCT RTTTUTSe-7\ 7, Si 


* how to recognize the enemies of survival... 


why LEOs are so important... 
~ when to set fire to a log cabin... 


* that tinsel isn’t just for Christmas... 


what to do if a hippo yawns... 


that you should go with the flow in an avalanche... 


~ how to inflate your pants... 

























A location aiid can make 
the difference between life and death. 
A comparatively recent invention is 
the multi-tasking Skystreme device. 


SK YSTREME is a silver, inflatable foil kite, 
which weighs just 1/202 (43 q) and packs down 
to a small and convenient size. [t can perfor 
four tasks in a survival situation: 
Location aid The kite is orally inflated and 
its wedge shape means it can lift off from the 
ground unaided in 4 mph (6 kph) winds. 
m The 165 ft (60 m) of line attached to the kite 
(this much cordage is invaluable in itself) allows 
it ta rise abave tree levels and reflect sunlight. 
It can be seen by the naked eye at a distance 
of 2 miles (3 kim). 
e At night, you can hang a small flashlig! 
ligittstick underneath the kite to aid visibility. 

= The metallic surface reflects radar and can 

he detected by aircraft at a distance of 10 miles 
(1/7 km). A UK Royal Marine on a polar crossing 
flew his Skystreme behind his sled so that 
support aircraft could find and track him. 
Emergency first aid splint The kite can 
be inflated around a broken or sprained limb. 
Thermal vest The kite can be inflated and 
put inside clothing to act as a body warmer. 
Water storage Instead of being inflated 
with air, the kite can be used to carry and 
store water. 


= 





location aids for your environment and 
knowing how best to use them will 
increase the chances of you being found. 
In many survival situations, a major 
decision will be whether you remain 
where you are or move to a location 
that offers a better chance of survival, 
rescue, or both. There are numerous 
factors that will dictate your best 
option but, in general, it’s always best 
to stay where you are. It’s all too easy 
to make a rash decision and attempt 
to walk out of a situation only to put 
yourself in even greater danger. 

















or 











CO You are not a survivor until 
you have been rescued nD 
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ASSESSING YOUR SITUATION 
ONCE YOU'RE OUT of immediate danger, assess your (ome 


situation and plan accordingly. At this initial stage, it's he RULE . dea ' 

. . — t common understanding aniong those 
crucial to think clearly—the decisions you make now could concerted with wl valle hel various key 
mean the difference between life and death. In most cases, 


time limits have a numerical value linked to 
remaining where you are is the preferred option, but no the number three. Remembering the "rule 


of threes” can help you focus your decision- 


two situations are ever the same: the circumstances, 
environment, conditions, and you—the individual—all 
have a major impact on what can and cannot be achieved. 


THE STRATEGY FOR STAYING ALIVE 


In an emergency situation, think of the four priorities of survival: 
protection, location, water, and food. Your situation will determine 
which is the most important. In most cases, as long as you're in no 
further danger from injury or the elements, you should focus your 
efforts on establishing a safe location and getting yourself rescued. 
The strategy for staying alive, known by the acronym SURVIVAL 
(see below), gives you a framework to use and helps you remember 


what you need to do to remain alive and get rescued. 


SIZE UP YOUR SITUATION 


» First, assess the particulars 
of your surroundings, physical 
condition, and équipment. 

« TFyou're ina group, you can 
share tasks and responsibilities, 
but remember that everyone will 
be affected by the consequences 
of your decisions. 


= Your surroundings: every 
environment has its own 
idiosyncrasies—hot and dry, 
hot and wet, cold, exposed, 
or enclosed. Determine what 
you jeed to do in order to 
adapt to that environment. 

= Your oquipment: assess your 
aouipment and consider how 
iL can best be used in your 
particular situation. 

= Your physical condition: remave 
yourse ff and others from danger 
Check far injuries and administer 
first aid as necessary. Remember 
that the trauma and stress of a 
survival stuation May cause vou 
to overlook, or subconsciously 
ignore. injuries thal you yourself 
may have received. 


USE ALL YOUR SENSES 


« fviost people react toa true 
survival situation through either 
training (they automatically da 
what they've been trained to 
do in a particular situation) oF 
oy instinct (hey automatically 
do what their mind and body 
tell themta de). 


« Whatever has happened, 
approach your predicament 
in acalm and rational manner, 
The situation requires caretu| 
thoucht and planning. 

= Tf you act in haste, you may 
overlook important factors, 
lose vital equioment, or simply 
make matters worse. The 
saying “Undue haste makes 
waste” |S especially true in 
a survival situation, 

« Listen to your subconscious 
survival senses and gut feelings, 
and learn to act on them when 
they send you warning signals, 


making, particularly if you are injured, at 
risk of further injury, or in immediate 
danger from the elements. In most cases: 


= Three seconds is the psychological 


reaction time for making a decision. 


REMEMBER WHERE YOU ARE 


» In any survival situation. it 
always helps ta know where 
you are so that you can make 
the best decisions aout what 
todo and where to go next. 


Krowitig your precise location 
can Clarify whether rescuers 
are likely Lo find you ov if yau'll 
Have to rascueyourself. You'll 
get.a good idea of the obstacles 
you may face. whether you 
stlould remain where you are, 
and where best to position 

your aids to location. 

If you have made ar) Emergency 
Plan of Action (see pp. 24-25), 
Someone will know your 
approximate location, ane! 
when youre due back, 

Charinel your efforts into making 
sure that when rescuers are 
locking for you, your aids ta 
location are in place, 


= Three minutes is the length of time 
your brain can do without oxygen 

before it suffers irreparable damage. 

« Three hours is the critical time you can 
survive unprotected in extreme climates. 
= Three days is the approximate length 
of time you can live without water. 

= Three weeks is the approximate 

length of time you can live without food. 


VANQUISH FEAR 


» Fearand panic can be 
Jormidable enemies. so it's 
Imperative that you have 
the knowleclge and training 
locounteract them and 
prevent them from mak ing 
your situation warse, 


TF uncontrolled, fear anc 
panic can destroy your ability 
tomake intelligent and rational 
decisions. Thay can cause you 
toreact to your feelings and 
imagination rather than to 
your actual Situation and your 
abilities. Mareaver, they can 
incapacitate you and drain 
your energy, thus triggering 
other riegative emotions, 
Tyou're in a. group, your 
responses can have a direct 
effect cn others—positive 
responses are productive and 
can motivate, while negative 
responses can undermine 
confidence and morale, 








[21] Boccardi F, Heath Jr. R, Lozano A, Marzetta 
T, Popovski P. “Five disruptive technology direc- 
tions for 5G? IEEE Communications Magazine. 
February 2014; 52(2): 74-80. doi: 10.1109/ 
MCOM.2014.6736746. 


[22] 3GPP. “LTE-advanced pro ready to go” [Press 
release]. 28 Oct 2015. Available at: http://www.3gpp. 





org/news-events/3gpp-news/1745-lte-advanced_pro. 





[23] ITU-R. “ITU-R study groups.” May 2013. 
Available at: http://www.itu.int/dms_pub/itu-r/opb/ 
gen/R-GEN-SGB-2013-PDF-E.pdf. 


[24] ITU-R. “ITU toward ‘IMT for 2020 and be- 
yond.” Available at: http://www.itu.int/en/ITU-R/ 
study-groups/rsg5/rwp5d/imt-2020/Pages/default. 
aspx. 


[25] 3GPP. “3GPP on track to 5G” [Press release]. 
27 Jun 2016. Available at: http://www.3gpp.org/ 
news-events/3gpp-news/1787-ontrack_5g. 




















[26] 3GPP. “New partners at London 
3GPP meeting” [Press release]. 24 Oct 
2016. Available at: http://www.3gpp.org/ 
news-events/3gpp-news/1800-pcg_37. 


[27] 3GPP TSG SA. “New WID study on new 
services and markets technology enablers (FS_ 
SMARTER) from $1-150300.” March 2015. 3GPP 
Document SP-150142. Available at: ftp://ftp.3gpp. 
org/tsg_sa/TSG SA/TSGS _67/Docs/SP-150142.zip. 


[28] 3GPP. “3GPP TSG SA feasibility study on new 
services and markets technology enablers stage 1.” 
June 2016. 3GPP Specification TR 22.891, Release 
14, Version 14.1.0. Available at: http://www.3gpp. 
org/DynaReport/22891.htm. 

















[29] 3GPP. “SA1 completes its study into 
5G requirements” [Press release]. 23 Jun 
2016. Available at: http://www.3gpp.org/ 
news-events/3gpp-news/1786-5g_reqs_ sal. 


[30] 3GPP. “3GPP TSG RAN study on channel 
model for frequency spectrum above 6 GHz.” June 
2016. 3GPP Specification TR 38.900, Release 14, 
Version 14.0.0. Available at: http://www.3gpp.org/ 
DynaReport/38900.htm. 

















FEATURE 





[31] 3GPP TSG SA. “New WID study on architec- 
ture for next generation system.” December 2015. 
3GPP Document TD SP-150853. Available at: http:// 
www.3gpp.org/ftp/tsg_sa/TSG SA/TSGS _70/Docs/ 


SP-150853.zip. 


[32] 3GPP TSG RAN. “New study item proposal: 
Study on scenarios and requirements for next gen- 
eration access technologies.” December 2015. 3GPP 
Document TD RP-152257. Available at: http:// 
www.3gpp.org/ftp/tsg_ran/TSG RAN/TSGR_70/ 
Docs/RP-152257.zip. 


[33] Flore D, Bertenyi B. “Tentative 3GPP 
timeline for 5G” [Press release]. 17 Mar 
2015. Available at: http://www.3gpp.org/ 
news-events/3gpp-news/1674-timeline_5g. 

















[34] Qualcomm. “5G: Views on technology and 
standardization.” September 2015. 3GPP Document 
RWS 150012. Available at: ftp://ftp.3gpp.org/work- 
shop/2015-09-17_18 RAN 5G/Docs/RWS 150012. 
zip. 

[35] Flore D. “RAN workshop on 5G: Chairman 
summary.’ September 2015. 3GPP Document 

RWS 150073. Available at: ftp://ftp.3gpp.org/work- 
shop/2015-09-17_18 RAN 5G/Docs/RWS 150073. 
zip. 

[36] Alleven M. “Verizon’s Shammo: 5G pilot in 
2017 is all about fixed wireless, not mobility.” Fierce 
Wireless. 2016 Apr 21. Available at: http://www. 
fiercewireless.com/tech/story/verizons-sham- 
mo-5g-pilot-2017-all-about-fixed-wireless-not- 
mobility/2016-04-21. 


[37] VSGTE “V5GTF Network and Signaling 
Working Group; Verizon 5G radio access; Overall 
description.” June 2016. VSGTF Specification TS 
V5G.300, Release 1, Version 1.0. Available at: http:// 
www.5gtf.org/V5G_300_v1p0.pdf. 


























[38] Alleven M. “Verizon's version of 5G not com- 
patible with 3GPP’s current specs—or easily up- 
gradeable: Report.’ Fierce Wireless. 2016 Oct 28. 
Available at: http://www.fiercewireless.com/tech/ 
verizon-s-version-5g-not-compatible-3gpp-s-cur- 
rent-specs-or-easily-upgradeable-report. 











The Next Wave | Vol.21 No.3 | 2017 | 13 












THE ENEMIES OF SURVIVAL 


Tn a survival situation, there are seven factors, known 
as “the enemies of survival,” that can work against 
you. In many cases, you can deal with them by knowing 
what they are and understanding their effects. One way 
to memorize these is by using a mnemonic such as: 
"Be Prepared To Face These Hostile Factors”. 


BOREDOM AND LONELINESS 
When boredoni sets in, you become inactive and lose the ability 
to deal with your situation effectively, sa you need to keep busy. 
Loneliness makes you overwhelmed by what you need to achieve, 
leading to a feeling of helplessness. 













PAIN 
If you're injured, don't Ignore the pain. Attend ta 3 minor injury, 
as it could qrow into 4 major problam that could impair your 
ability to survive. A pasitive mental attitude coupled with keeping 
busy helps to. distract the mind tram pain. 


THIRST 
Thirstis not a good indicator of the body's need for water. Your 
body can be dehydrated before you feel thirsty. Stay ahead of 

dehydration, rather than have ta deal with it. Prioritize your 
need for water in a way that’s relevant ta your environment. 


IMPROVISE 


The true skill of a survivor is to 
unilerstand what's required and 
improvise solutions ta particular 
problems. Do-you have the skills 
and knowledge to keep yourself 
alive and in a condition tobe 
proactive in your awn rescue? 


VALUE LIVING AND LIFE 


» Some people without training 
and equipment have survived 
tha most horrendous situations, 
Tn many cases, this was simply 
hecause they had the willto live 
and refused to give up! 
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FATIGUE 
Tiredness leads to mistakes that, at best, cause frustration and, 
at worst, may result in injury or death, In a survival situation, 
it’s unlikely that you'll replace the energy you use effectively, so 
everything becames harder to achieve. Never underestimate the 
importance of quality rest to your physical and mental wellbeing, 


TEMPERATURE 
Temperature is a major factor in any survival situation and it will 
be affected by wind, rain, and humidity. You should dress to suit 
the environment you're in and be aware of the signs and symptams 
of temperature-velated injuries, such as cehydration, hypothermia, 
heat stress, and héat strake (see pp. 272-73). 


HUNGER 
Th a short-term survival situation (one to five days), procuring 
food js not a high priority. You can affsel your raduced sneray 
and stamina levels by drinking water and pacing yourself so 
you work within your limits. However, take every opportunity 
to procure food without expending energy. 


FEAR 
Fear is one of our body's greatest survival tools, as it can 

stimulate you, so that you're ready to act—however, If can also 
debilitate, Fear is good as long as you have contral over it, and 


the key to contralling fear in a survival situation Is knowledge. 


ACT LIKE THE LOCALS 


Whatever environment you're 
trying to survive in, you can be 
sure that the local or indigenous 
people and the local wildlife 
have developed ways uf adapting 
toit in order to survive. 


LEARN BASIC SKILLS 


» Learning basic skills increases 


your chancas of survival. Without 
tralting your prospects at 
survival are down to luck, which 
is never Lhe best place Lo start. 
There is asaying: “Luck favors 
those wha are best prepared.” 





You may start out with allthe 
right equioment, but it may get 
lost or broken, or simoly wear 
out. Your ability to improvise 
may mean the difference 
between your continued 
Struggle to survive in relative 
comfort, or absalute misory. 
Think laterally, like the ¢liniaer 
wiowas stranded on the side 
of a mountain witt no aids to 
location. He used the flash on 
his camera to signal his location 
toa rescue helicopter, Improvise 
and overcome! 


The stories of prisoners of war 
often reveal what kept hem 
alive: religious beliefs, thoughts 
af family and friends, or a 
determination nat to let the 
enemy win. While these alone 
may not always be enough, 
they're certainly a key factor 

\n any survival situation. 

It helps to bear in mind that 
hardship means different 
things to different pesole 

and in different cutures, 
Survival is agoul dealing with 
hardships and having the will 
fo live. If the willto live is nat 
there, then just having the 
knowledge and equipment 
may nol be encugh, 


Look at how the local people 
dress and act: in hot countries 
they leave manual work until the 
conlest parts of the day and 
work in a slow: and deliberate 
manner to reduce sweating and 
therefore conserve waler, 
Tryou're in a desert, for example, 
watch where animals go te find 
shade: they're mostly nocturnal 
and spend the day underground, 
Learn their tricks to tind water, 
like the darkling beetle in the 
Namib Desert that drinks water 
from the fog that condenses on 
its carapace. 

Ti you're ia jungle, pay attention 
when the animals go quiet or 
quickly leave an a’ea—danger 

is usually around the corner. 


Prior preparation is the key ta 
survival discover what you need 
to know about the environment 
you're going to; familiarize 
yourself with all your equipment; 
and practice your basie skills 
until they become second nature, 
This tharcugh preparation will 
help you to combat the tear of 
the unknown and give you the 
salt-confidence ta meet the 
challenges of any Survival 
situation you may be in. 
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ATTRACTING RESCUERS 


TO BE ASURVIVOR you need to rescue yourself or be rescued by 
others. If you can’t rescue yourself—perhaps you're injured, completely aisaiaihiod 
lost, or trapped by bad weather—you must attract attention with Aen tem 
location aids that you've either brought with you or have improvised. 
















AIDS TO LOCATION — 


Location alds can save your life, so make sure you in “geostationary 
know how to use them effectively. A helicopter Car SINOROIE NES) 
ona search pattern may make only one pass over 
an area before moving on, so you'll only have a 
few minutes to act decisively. 


COMMUNICATING WITH SATELLITES 


When activated, a Personal Locator Beacon (PLB) transmits 
a radio distress signal to two complementary satellite 
systems called LEOSAR and GEOSAR. Together, these 
form the “"COSPAS-SARSAT" system. The signal is 
then relayed to a rescue coordination center closest 
to the beacon's location. PLBs mainly use 406Mhz; 
the military also use 243.5Mhz and 282.8Mhz. 


“ p> ‘ 
i Sy aD i 


Vow-qititude 
earth orbit” LEQ) 


ATTRACTING ATTENTION 

When you're ina survival situation, you need 
to employ your location aids in the best way 
possibile. There ave three main principles for 
attracting attention: 

= Attract: pick a place that maximizes your 
chances of attracting attention using your 
location aids, such as open or high ground. 
Place your aids carefully so they can be - 
detected feorn as wide an area.as possible. Emergency Position Indicating Radio 
The more obvious the signal the better, Beacons (EPIRBS) are used at sea 
= Hold: you need to hold the attention of 
rescuers by maintaining the signal until they s 
indicate they've seen you. Try to send some —?) Emergency Loegtor Transmitters 
critical information (the type of assistance (ELTS) are mostly for use in.qircraft 
you require or the number of survivors and a 
their condition, for example) via a May 
Day, or Help message (see pp. 237-41). 

= Direct: regareless of which location aids 
you Use, orice rescuers have been alerted, 
doall you can to direct them to your present 
location. If you have voice communication, 
direct them to your position. If you leave 
flotes before moving on from places, make 
sure they contain dates and precise details 
of your intentions. 
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SHOULD I STAY OR SHOULD I GO? 

You eed to decide whether to stay where you are or to 

move to a location where you have a better chatice of rescue 
of self-vescue. If you move on, remember the following: 

= Keep your aids to location at hand. It's no good having 

your signal mirror at the bottorn of your backpack when you 
tay have only seconds to attract a passing vehicle or plane. 

= Deploy your aids to location at the end of each day, even 
though it takes effort and you'll be moving in the morning. 

= To show where you've been and where you're heading, leave 
markers, such as a note left in a visible position and visual clues 
ori the ground or vegetation, to indicate your direction of travel. 
















Local User Mission control 
Ferminals (LUTS) analyzes data 
receive signals from the LUTs 
from the satellites and mobilizes q 






































and alert rescue operation 


mission contro! 


Seareh-and-rescue 


oy 


Services are deployed 
to search for you > 
A regional rescue 
coordination center 
alerts the search-and- 
rescue teqms 
Personal Locator 
Beacons (PLBs) are 
for personal use and 
kept on the body 
WARNING! 
PLBs are for ernergency 
use ory and should always 


be used responsibly. 


A PLE is activated 
manually and sends 
a signal te one of 
the search-and- 
rescue satellites 
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MOBILE PHONES AND RADIOS 


Always take a cell or satellite phone 

with you when traveling—they are essential 
in an emergency. On a sea trip, take a marine 
VHF radio to contact would-be rescuers. 


CELL AND SATELLITE PHONES 
Wherever you are in the world, you can rent 
or buy a cell phone linked to local networks. 
Choose one with a GPS unit for fixing and 
racking your position and a camera so you can 
send pictures of your location and any injuries 
you've sustained, Alternatively, rent or 

buy a satellite phone that's connected to the 
Tridiurn Satellite Phone System, in which 66 
low-earth orbiting (LEQ) satellites provide 
complete coverage of Earth (including oceans, 
airways, and polar regions). 





MARINE VHF RADIOS 

All large ships and most motorized small 
craft are equipped with marine VHF radios. 
These hand-held units transmit and receive on 
frequencies between 156 to 174MHz—usually 
on Channel 16, the international calling and 
distress channel, Channel 9 can also be used 
in some places. Transmission power ranges 
between 1 and 25 watts, giving amaximum 
range of up to about 60 miles 110 km) 
between aerials mounted on tall ships and 
hills, and 5 miles (9 km) between aerials 
mounted on small boats at sea level, Your 
VHF radio should be waterproof, able to float, 
and kept on charge. Follow the Instructions 
whenever transmitting and receiving on VHF. 
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BUILDING SIGNAL FIRES 


A signal fire is a very effective way of attracting the attention 


—- 


of rescuers, but you do need the right materials and building one “TOOLS AND MATERIALS 
requires some effort. A well-constructed signal fire located in a meth u rey afin 
good position will generate a large ammount of smoke that can » Green vegetation 

be seen from a long way away. Two variations—the dome and = Tinder, kindling, and fuel 
the log cabin—are shown here. m Lighter of matches 





SIGNAL FIRE 
ESSENTIALS 


\Whichever signal fire you make, there are 
several important principles to follow in 
order to make it as effective as possible, 


FIRE FORMATION 

Tf you can, prepare three signal fires in a 
recognized formation, such as a triangle 

or in a straight line. If the fires are random, 
they could be misread as a bush fire or a 
group of native fires, The distance between 
each fire should be at least 65 ft (20 rm) 

but needs to be dictated by how quickly 
you can effectively light each one in turn. 


FIRE COMPONENTS 

Essentially, each signal fire is composed of 
aready-to-light firebase made of dry tinder, 
kindling, and fuel. When you add the merest 
spark or flare to the tinder, the firebase 
immediately turns into a sustainable fire, 

® Site the firebase off the ground to prevent 
damp from reaching it, and to allow enough 
airflow to help it ignite more effectively, 

= Cover the top of the firebase with large 
amounts of green vegetation and anything 
else that produces smoke, such as tires. 

The covering keeps the firebase dry, 

= Place a second stack of green vegetation 
near the firebase and add this as the 
original vegetation burns out, 


AT THE READY 

Once you have prepared the signal fire, 
you need to keep the following nearby, 
ready for use at a moment's notice 

= Dry tinder in a waterproof container 
underneath the firebase, 

= Hexarmine fuel tablets, stove fuel, gas, 
paper, or birch bark to guarantee the fire 
gets going again ifit starts to dwindle, 

= Something to create a spark or flame. 
= A witch's broom, made of a cleft stick 
stuffed with kindling or bark, next to your 
camp fire, so you can quickly light the 
broom and transfer it to the signal fire, 


MAKING A DOME SIGNAL FIRE 


Prepare a large fire on araised platform under a dome-shaped 
structure made from bent saplings. Fueled by air from below, 
the fire creates plumes of smoke from the 
green vegetation. If you have no saplings, 
use poles to amake a teepee shape. 













Bond two Jong saplings 
to form the dome 


Lash poles to 
Peg the long each side of the 
poles to the dome to steady it 


ground 


Large log or rock 


Sth 
the saplings firmly 
inte the ground 


Lay two long poles parallel to each other, 

Prop them up over a log or rock at one end, 
and tie them to four stakes at the other. Lay 
lengths of green wood side by side on the long 
poles under the dome, to act as a firebase. 
= Bend two long saplings 
at 90 degrees to each 
other to form a dome. 






Layer green 

vegetation on 
top of the dome to 
form a roof over 
the fire platform, 
= Keep additional 
green vegetation 
nearby to add to the 
fire when it’s alight. 


Leave an qgecess point 
for lighting the fire, 
but keep it closed so 
the tinder, tindling, 
and fuel stays ary 


















MAKING A LOG CABIN 
SIGNAL FIRE 


This signal fire is known as the “log 
cabin" because of the way the fuel 
wood is stacked. 

= The framework for the fire is a stack 
of green wood, made up of pairs of 
poles arranged in alternating layers 
set at 90 degrees to each other. 

= Place an additional supply of green 
vegetation nearby to be used as 
required, but not so close that it 
catches fire by accident. 






iy Tinder, 
kindling, fuel, 
and vegetation 


0% Prepare a fire (see pp. 124-25) on the platform 
» and load it with green vegetation. 

= Lay the vegetation close enough to the fuel below to 

catch easily when the fire is lit—but don't smother it. 


Make a witch's 
broom out of 
kindling or bark 





™ Light a witch's broom (see pariel, left) from your 
* camp fire, take it to the dome, and light the fire. 
= Use kindling bundles (see Step 3) to fuel the fire 





Lay a platform of green wood on 
the ground and build a firebase 
of dry tinder, kindling, and fuel on top. 
= Build a “log cabin" over the firebase 
using green wood. 
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Green wood poles produce 


more smoke than dead wood chili 


much green 
vegetation as 
you can find 











am, Heap green vegetation over 

= the platform to generate thick 
plumes of smoke when the fire is lit. 
= Leave an access point at the front 
to allow you to light the firebase. 














Stab a thin branch or vine 
Into the bundle, wrap it 
around a few times and 
tuck it in under itself 


» Prepare some kindling 
bundles which will help 
turn the initial flame into a fire. 
= Make the bundles by 
breaking small, dead branches 
(as thick as a small finger) 
from the lower trunks of trees, 
= Fold them into asmall 
bundle held together with 
a thin branch or vine. 


Orange smoke from 
the flare mingles with 
the fire smoke, 
Increasing its visibility 


™%, When smoke 
= billows upward, 
light a preprepared 
signal flare (see 
p. 241), if you have 
one, taped or tied 
to a long pole. 
= Use the pole to 
position the flare 
as high into the 
smoke as you can. 
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OTHER RESCUE SIGNALS 


As well as signal fires, there are other visual devices for 
attracting potential rescuers. Some are unusual and CREATING A STROBE EFFECT 

: : : : LED strobe lights are compact, robust, 
others, such as a whistle, quite obvious. Whatever device waterproof, and are sometimes incorporated 
you use, you have to try to hold the rescuers’ attention by within standard flashlights. They are very 


Sor : : powerful and can be seen from a long way 
persisting with your signal. away. Many strobes can be set to produce 


avariety of sequenced flashes, including 
flashing SOS in Morse Code. Even if you 


: 


LIGHT WINDMILL dont have a dedicated strobe light, you can 
You can create a highly visible, illuminated “windm ill" effect by whirling still switeh your regular flashlight on and off 
achemical lightstick (cyalume) in front of you attached to the end of a repeatedly to attract attention. 


cord 3 ft (1m) long. Depending on local conditions it can be seen up to \ j 
2 miles (3 km) away—or further by an aircraft. Blow your whistle at the 

same time, using the International Distress Signal of six blasts over one 
minute, then one minute's silence, The reply is three short blasts. 


Activate the 
lightstick and 
whirl it in front 

























A lightstiek is filed 
with q luminous 
substance known 
qs eyaiume 


TINSEL TREE 


The signaling device known as a “tinsel 
tree” is best used when you're remaining 
inone place for awhile, It's effective only 

“during daylight hours, so you'll need to 
find a suitable and easily visible tree or 
bush in a sunny position. 

ut a silver survival blanket, a roll of 
luminum foil, or any reflective material 
into strips. 

-® Attach the strips to the tree so that 
“they move in the breeze, catching the 
“Sunlight and glinting like small mirrors. 





ON 
ger 72 


bow es} 


hd Sy 
Sergi ye 







especially in remote areas where there's 
little or no noise pollution, travels incredible 
distances, A whistle is an item of first-line 
“ a gear (see pp. 42-43), and should be kept 
Son acord around your neck. 


tn See 


SS 
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SIGNALING DISTRESS 


Two of the most recognized signs of distress are a little red star 
shooting up into the sky or a billowing cloud of orange smoke. 

There are many different types of signal flares and rockets, ranging 
from simple, handheld devices that fire flares into the sky to specialized 
kits designed to penetrate thick jungle canopy, Usually 1 ; 
the emergency survival packs of aircraft and liferafts, 
flares are also available from specialized shops, 


GROUND-TO-AIR MARKERS 


You can improvise internationally 
recognized emergency signals on the 
ground that rescuers in the air can see. 


GETTING NOTICED 

To make a ground-to-air marker, use anything 
that contrasts with the ground, such as orange 
lifejackets, seaweed, clothing, rocks, branches 
of trees, or soil. 

= Whatever you use, make sure the message 

is big and visible from all directions. 

= Check on your markers regularly. 

= \When appropriate, use one of the emergency 
codes shown below. SOS or HELP written in big 
letters will attract attention too, 


SIGNAL FLARES 

One end of a signal flare has an 
orange-colored smoke signal for 
daytime use. The other end has a 
flare for night-time use (but it can 
be operated during the day, too). 
Remember the following: 

= Follow the instructions on the 
outside of the device, 

= Wear gloves to protect your hands. 
= The heat from a flare can darnage 
aliferaft, so keep your flare well 


= Require assistance 


= Require medical assistance 


clear when you light it. ® No/Negative: 
= Don't discard flares unless —— 
you have used both ends. = Yes/Affirmative 


= Proceed this way (arrow points) 





SIGNAL MIRROR Polish the base of a can 


A signal mirror, or “heliograph,” has a to a shine with a slightly 
shiny surface that reflects the sun abrasive paste. You can 
and sends flashes over distances use charcoal and water, 


exceeding 30 miles (50 km), toothpaste, or even chocolate, 
depending on the strength of the sun, 
the size of the mirror, and the clarity 


of the air. You can even use the light Polish the eoneqve 
from the moon when it’s full. By base—it will only take 
@ couple of minutes 


interrupting the flashes you can send 


messages in Morse Code. 
The V-shape helps 
you direct the fight 


IMPROVISING A SIGNAL MIRROR Hated ae Cannon Hehe Ranapienee 


Tf you don't have a heliograph or any 


Bee of your face with the BUI aE CeCe INE Har 
other mirror, try using anything with hehed base tacinacth 
a shiny, reflective surface, such as a Be a EN SIE EICURGTU ESSE 
foil food packet, a CD, or the bottom of = Direct the flash of reflected 
a beverage can. sunlight on to the palm of 
your other hand to practice 
/ WARNING! \ controlling the light. 
Don't dazzle your would-be rescuers = Aim the can toward a 
by continuing to flash directly at rescuer and send a signal, 
them. Using your signal mirror either by movihig your palm 
intermittently is more effective up and down to interrupt the 
for attracting attention. flash or by directing the flash 


‘ | between a “V" made with your 
thumb and fingers. 
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WILD ANIMALS 


WALKING IN THE WILDS of Alaska and coming across 
a fresh deposit of bear feces is a sobering experience. 
It quickly dawns on you that you're potentially a part of 


the natural food chain. What do you have to do to protect 
yourself, and will it be effective or just provoke the animal? 
Fortunately, the survival instincts of wild animals are such 
that, with only a few exceptions, most animals, regardless 


of their size, will avoid confronting you. However, they will 
defend themselves by attacking you if provoked, cornered, 
or surprised, particularly when they have young. 


PRECAUTIONS ANIMAL FACTS 


WHAT TO DO IF... 





BEARS 


= Brown ears stand taller 
then black bears and 
welgh more. Polar bears 
are the largest land 
predator, All bears are 
powerlul with claws 
on their strong paws. 
Brown bears can run 
faster than humans. 

= Bears are found in the 
Northern Hemisphere 
and parts of South 
America. 


» Look for signs af bears 
and check with locals 
about bear activity. 

« Stow and cook aod 
away fromthe campsite. 
Keep unused food and 
garbage out of reach, 

= Avoid thickets and 
streams where bears 
rest and feed, 

= Carry a stick, knife, or 
spray (see oppasite). 


» Make a noise to leta 
bear know you're there, 

« Ifyou see a bear, stay 
calm. Make yoursef look 
asbigas possible by 
raising your avins. 

= Walk slowly back ward. 
Dont run. Ifthe bear 
follows, step and hold 
your ground. 

» if the bear attacks, 
playdead, or fight back. 


BIG CATS 


Tigers are the largest 
cal, witti lions a clase 
second. All big cats have 
sharp teeth and claws. 
Other dangerous cats 
include cougars {also 
called pumas, mountaln 
lions, and panthers), 
leopards, and jaguars. 
Big cats are found on 
all continents, except 
for Australasia. 


Avoid coming inte contact 
with dig cats. [hey are 
most unlikaly to attack 
unless you provoke them 
oy threatan their cubs. 
An exceation is the cougar. 
waich is responsiole tor 
an increasing number af 
unprovoked attacks in 
urban areas of North 
America. 


lh abig.cat approactes, 
stare at its eyes, shout, 
and make-a noise to 
confuse iL, Use a spray if 
you need ta (see apposite). 
Don't turn your back or 
run away. 

Tfabig cat sees you, de 
not crouch or hend dawn, 
An upright human makes 
less attractive pray than 


a fouregged animal. 


HIPPOS 


« The higpopotamus is the 
third-largest animal in 
Atrica atter the elephant 
and white rhino, 

sHippos can weigh 
more tian 3 tons. 
They have long, 
razor-shar incisors 
and tusk like canines. 


» Avoid provoking a hiops, 
Many encounters are 
the result ot hitting a 
partially submerged 
higpa with a cange or 
boat. Almost all higppa 
attacks are fatal. 

» Stay vigilant on or beside 
rivers that hippos are 
known Lo frequent, 

» Dont get between a 
hippo and water, 


« Tf you encounter a hippo, 
aback on your tracks 
and find another route. 

« Tfahippoyawnsal you, 
he's nok feeling 
sieepy—this ts a threat. 
He's showing you his 
teeth, tusks, and jaws 
that can snao-acanoe in 
half! Make every effort 
ipescane, 


TY 


FERAL ANIMALS 


Wherever you go in the world there are 
animals that have escaped into the wild from 
zo0s, wildlife parks, and domestic situations. 
These feral animals include pigs, cats, dogs, 
mink, and muntjacs. In many cases, they 
have become particularly aggressive and 
seem to have lost any fear of confrontation 
with humans. Try to find out which feral 
animals are common in the region you're 
traveling in and avoid them if at all possible. 


ELEPHANTS 


« African eleohants have 
larger ears tian Indian 
alophants and are mora 
AUGrESS Ive. 

» Elephants stand up to 
1374 m) tall and weigh 
up to6 tans. 

= They can reach sneeds of 
25-30 migh (20-48 kph). 


« Keep away from places 
that elephants frequent, 
such as watering holes, 

» TF you da come across 
them, don't get toa close, 
asoecially if there’s 
heby alephant nearby. 

« Look fora safe place to 
retreat. to, such asa 
vehicle, rocky outsros, or 
atree, before you need it. 


« Tf an elephant squares 
up to you with flared ears, 
trurpeting, and kicking 
the dirt in front of it. then 
back away. 

« Tf an elephant charges, 
run toyour safe place 
(see above). 

» Asalastresort, play 
‘dead and hope the 
élephant loses interest. 


CROCODILIANS 


= Crocodilians include 
alligators, charials, 
and crocodiles. 

« They can stay submerged 
for move than an hour at. 
a lime, cari switt up ta 
20 mph (32 kph), and run 
as fast as 11 mph (17 kph} 
aver short distances. 

= Crocodilians live in many 
subtrooical and tropical 
parts af the world. 


= Slay away from waters 
and river hanks where 
erocadilians live. Be 
vigilant at all times. 

= Tf you need to gu near the 
water, watch the area lor 
at least 30 minutes first. 

« Dont goto the same spot 
twice, as crocodiles may 
lie in wail the next time, 

= keep a cetensive weapon, 
such asa knife, close fy. 


= {i you meet. a crocodilian 
on latid, run away. 

« Tacrocadilian does grab 
you, it may let go—if it 
does, run. 

« Tritdrags you Inta the 
water, fight back. Stal 
under its throat witha 
knife, hil or poke its eves, 
strike ts nostrils Hard, or 
hang the lange valve at 
the back of its throat, 
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The cqnister relegses 
ARMING YOURSELF eee a er 
If you're traveling in areas where encounters with up to 30 fe (10m) 









wild animals are possible, be ready with a weapon such 
as a knife, large stick, or deterrent spray. 
Remember, avoidance is always 

better than confrontation, 


Press to relogse q 
two-second burst 


PEPPER SPRAY 

One type of deterrent spray 
contains the pepper ingredients / 
capsaicin and capsaicinoids. i 
It shoots a cloud or stream 


that irritates an animal's 
eyes, The animal usually 
withdraws, but take care 


until the danger has passed. 


The pepper spray is under, 
pressure ing canister 






~'= 


AMPHI 


BIANS 









DO YOUR RESEARCH 


Spend some time researching the 
area you'll be traveling in and find 


SHARKS SNAKES 
out which animals present the 
= Thereare morethan450 = Less than 15 percent » Many frogs, toads, and greatest dangers. Discover as 
i of sharlk, but only of the 3000+ types of Seen secrete much as you can about their 
a few of them pose any isonous snakeare poison through their skin. i : 
dariger to humans. These ree asheing The most poisonous frog is habits an haw pest “a avid 
include great white, bul, dangerous to humans, known isthe golden 2 coming into contact with them. 
and tiger sharks. = Depending on the snake, poison-dart frog from = 
= Most attacks occur in yenom either affects the ‘South America. a SPOT THE SIGNS 
coastal waters in the blood, the nervous = Amphibians live where the ce Understand the habits of these 
tropics and subtropics, system, or the heart. ‘Climate is sufficiently warm > dangerous creatures: when do 
especially where thewater = Shakes live in every part and wet for them to breed. | they forage, sleep, and drink? 
isimurky or stirred up by of the world except for What are their habits? 
the surf of breaking waves. yery cold environments. : 


= Avoid sharl-infested 


= \Wear long pants and 


= You can touch a polsonous 





= Learn to recognize the natural 
signs that indicate their presence: 
tracks or prints; feces/droppings; 
territory markings, such as 


walters or waters where boots, and cover your neck. frog or toad withino ill ; 
sharks are knowntofeed a As yoy ee ground effect. The poison only flattened REG EAU OT Metey inte 
or frequent. Ask the locals in front of you with a stick tales effect ifit enters a animal rubs its scent on the 
about recent sightings of toalert snakestoavoidyou, Your system via an open z ground; telltale signs, such as 
sharle activity « Sten onto logs rather than wound or your mouth = where bears have clawed the 
» Carry something, suchas overcthem, or eyes. If this happens, = bark from trees. 
a pole or spear, that you » At night, place your boots ey help ee " Be aware of other animals 
Ha ened WENO, upside dows on sticks she Bs = disappearing quickly from a 
= Dorit put your hands into watering hole, or anoisy 
holes ov cracks where jungle suddenly going quiet. 
snakes might be hiding. = Ask local people if there have 
been any reports of animals 
= Ifyou seea shark, stay = Ifyou comeacrossa snake, —_» If contact witha poisonous attacking people. 
calm and move to safety. try to remain completely amphibian is unavoidable, = Find out the best ways to 
= Ifit makesa movetoward still. Most snakes will immediately wash the ward off an attack or defend 
you, swim away smoothly instinctively moveaway affected area. Keep the : yourself should you have no 
but keep watching it. and are morelikely to water you useaway from =| option (see left). Adopting a 
= Ifit rushesat you hit it'on alata moving fargé. open cuts orabrasions: a certain stance or submissive 
the nose with whatever you = Don't panic. Ifyou havea = Thoroughly wash your. eS posture, or avoiding or 
haveat hand. stick, slowly bring it to.a hands and don't put your 5 maintaining eye contact 
= If it grabs you, aggressively Poateorirsan for es ie ny an pute = could make the difference 
strike its eyes or gills. c i ee hit it Nie between safety or danger, 








life or death; 
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EXTREME SURVIVAL— 





IN COLD CONDITIONS 


USEFUL EQUIPMENT 


Waterproof, layered clothing 
Trekking pole or ice ax 
Collapsible snow shovel 

Light, whistle, avalanche beacon 


Tarpaulin 


Gore-Tex® gloves and gaitors 
Map, compass, GPS 

Survival tin, busheraft knite 
Cell/satellite phone 
Poncho/bivy sack 









34-YEAR-OLD ICE HOCKEY PLAYER ERIC LEMARQUE 
became lost in the snowy wilderness of the Sierra 
Nevada mountains in California after snowboarding at 
Mammoth Mountain ski resort. Despite being under- 
equipped and ill-prepared, his improvisation helped him 
to survive for seven days. 


LeMarque was snowboarding alone late on Friday, February 6, 
2004, setting off down an unmarked run of virgin powder snow 
just as the lifts were shutting for the day. Coming to a stop ona 
flat section, and with visibility reduced to just 10 ft (3 m), he realized he had lost the 
trail Wearing uninsulated ski trousers and jacket, and with just an MP3 player, a cell 
phone with a dead battery, and wet matches, he was ill-prepared for survival, so he 
began to search for the trail. 


LeMarque chose the wrong direction and walked away “WITH VISIBILITY 
from the ski resort. Realizing he faced a night in the open, REDUCED TO JUST 
he used his snowboard to dig a crude trench, lining it with 10 FT (3 M), HE 
bark scraped from a pine tree for insulation from the snow. 

He tried to light a fire with pine needles and lint from his REALIZED HE HAD 
clothing, but his matches were too wet. He also ate pine LOST THE TRAIL" 
needles and bark. 


Over the next five days, LeMarque walked further into the wilderness, leaving scraps of 
clothing for rescuers and attempting to signal to passing planes with the blue LCD 
screen of his MP3 player. Fortunately for LeMarque, rescuers spotted his snowboard 
tracks and followed it for 24 hours, finding him on February 13. He was barely 
conscious, dehydrated, hypothermic, and malnourished—having lost 35 |b (16 kg) in 
body weight—and was suffering from severely frostbitten feet, which later required 
both legs to be amputated below the knees. But he was alive. 
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WHAT TO DO 


ARE YOU IN DANGER? 


<& NO YES=> 


> ASSESS YOUR SITUATION 4. 
: See pages 234-35 J 













Get yourself out of it: 
Cold/wind/wet—These can 
quickly lead to hypotherria, so get 
yourself out of the elements quickly 
Animals—Avojd confrontation and 
move away from danger 
Injury—Stabilize condition and 
apply first aid 





Tf you are in a group, try to help 
any others who are ijn danger 













w 


DOES ANYONE KNOW YOU WILL BE 


Tf no one knows you are missing or MISSING OR WHERE YOU ARE? 
where you are, you will need to . 


notify people of your plight by any < NO YES > 


means at your disposal 










Tf you are missed, a rescue 
party will almost certainly be 
dispatched to find you 














> DO YOU HAVE ANY MEANS « 
OF COMMUNICATION? 


<— NO YES => 


If you cannot survive where you > CAN YOU SURVIVE o 
are and there are no physical WHERE YOU ARE? * 


reasons why you should remain, — 
you will have to move to alocation a NO YES Address the Principles of Survival: 
that offers either a better chance Protection, Location, Water, Food 


of survival, rescue, or both 


Tf you have a cell or satellite phone, 
let sorneone know your 
predicament. If your situation is 
serious enough to be worthy of 
emergency rescue, and you have a 
Personal Locator Beacon (PLB), you 
should consider this option 












You are faced with surviving for 
an indefinite period—until you 
are located or you find help 




















































YOu WILL 
HAVE TO 
MOVE ** 







DO 


= Nake an informed decision 

on the best location to move to 

= Keep hydrated by wrapping snow 
in awet item of clothing and suck it 
as It melts—but only If you 
are walking or working and 
generating heat 

= Improvise a walking staff 
that can be used to check 
depth and quality of snow, 
and unseen drop-offs 


DO 


@ Select a suitable shelter site 
away from dangers, Build it big 
enough for you and your equipment. 
Incorporate a cold sink and a 
sleeping platform higher 
than the sink 

= Keep cutting and 
digging tools in the shelter 
in case avery heavy snow 
fall or an avalanche requires 
you to dig your way out 































































DON'T DON'T 


= Underestimate the need = Use your body heat to 
for water just because it Is melt snow as It lowers your 
cold—you are just as likely body temperature and can 




































to get dehydrated in a cold induce hypothermia 
= Check regularly for signs ft environment as in a hot one wm Brestheairanto ead = Mark the entrance to 
of frostnip or frostbite and J wm Post-hole through virgin hands—breath contains the shelter so you can find 
hypothermia sriow—it is exhausting. moisture which will then iteasily = 
® Have aids to location Instead, improvise a pair of cool and conduct heat away = Keep a fire going: once 
accessible while moving snow shoes from your hands established, you can use It 
and deployed while static m Sleep directly on the m Sit or lay directly on the to melt snow and benefit 
= Protect all extremities ground. Ventilate your cold ground, Use whatever from warmth 
from the elements—tle shelter and first check for is available to improvise a a repaeeal OF Four 


aids to location for 


gloves to cord threaded natural dangers (avalanche) sitting or sleeping platform : ; 
immediate use 


through your jacket so they 
don't get lost 






* Tf you cannot survive where you are, but you also cannot rrove owing to injury or other 
factors, you must do everything you can to attract rescue. 

* Tf yoursituation changes (for instance, you are “moving” to find help, andl you finda 
suitable location in which you can stay and survive) consult the alternative "Do" and "Don'ts." 
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ENVIRONMENTAL HAZARDS 
COMMONSENSE ADVICE 


No fail-safe quidelines will protect you fron every 
ettvirontnental danger and hazard, but there is 
some commonsense advice that you wall do well 
to heed before you venture into the wilderness: 
= Check the prevailing weather conditions of 
your destination at the time of your jourriey. Log 
otto the internet or ture into local radio stations, 
= Fitid out if you're heading into a particularly 
risky season of weather—tor example, monsoons 
in India or hurricanes in the Caribbean, 

= Take an emergency survival kit (see pp. 58-59). 
= Leart the relevant survival techniques either 
before you go of as Soon as you arrive at your 
destination—you may not get a second chance. 


SOME PARTS OF THE WORLD have a reputation for 
sudden or extreme weather conditions, and unpredictable 
environmental hazards that cause havoc for everyone, not 
just travelers. Before you set off, make sure that you're 
aware of any such potential hazards in the areas you're 
visiting, and be ready for them, just in case. 


BEING PREPARED 


Many environmental hazards—from avalanches and volcanoes to 

forest fires, tornadoes, and hurricanes—can suddenly propel you into 

an emergency situation, While you can never be sure of escaping the 

worst excesses that Nature can throw at you, you can prepare yourself. 

A combination of the right equipment, local knowledge, and an awareness 


of evasive techniques will mean that you shouldn't have to find yourself » Don't challenge Natuee—it rarely loses. 

in a survival situation thinking “if only". \ j 
SURVIVING AN AVALANCHE 

EQUIPPING YOURSELF FOR There's always the danger of an avalanche on slopes that face away 

AN AVALANCHE REGION from the sun in the middle of winter, when a fresh layer of heavy snow 


sits on top of a weak layer of snow. An avalanche may be triggered when 
snow is disturbed by loud noises, an earth tremor, or the movement 

of skiers or snowboarders, Learn the warning signs, take the right 
equipment, and practice the emergency steps in case you get caught. 


Before heading for the mountains, find 
out whether the prevailing conditions 
make avalanches more likely (see right). 
= Take a collapsible shovel for moving 
snow and aprobe for checking the 
depth of the snow. 


= Keep some survival aids in your 
pockets in case you lose your backpack. 
= Carry an avalanche transceiver—when 
activated, its signal can be detected by 


rescue services, 
Transceiver 

emits a signal 

Shaft stides 


down over 
the blade 





AVALANCHE 


COLLAPSIBLE SHOVEL TRANSCEIVER 


Pull handle to put 
cord under tension 


Sectioned 
shaft 





Cord inside 
hotlow shaft 


SNOW PROBE 





SPOTTING THE WARNING SIGNS 
As you cross the snowbound mountains, 
hills, and valleys, look out for signs that 
warn of a possible avalanche: 

= Convex slopes at an angle between 
30 and 45 degrees. 

= Slopes without trees or rocks, 

= Loose, dry snow that doesn't settle, 

= Soft, newly fallen snow that's more 
than 1 ft (30 cm) deep. 

= Snow that sounds hollow. 

= Snow that falls as crystals or pellets. 
= Snow that falls at more than 1 in 

(2.5 cm) an hour. 5 


Shelter under q 
rock overhang 


TAKING EVASIVE ACTION 
If you see or hear an avalanche, and 
you think it right be coming your 
way, take evasive action at once: 
= Activate your avalanche transcelver 
in case you get caught in the snow, 
= Try to take cover—for example, 
under a solid rock overhang if you 
can see one nearby (see below), 
= If you can't find or reach suitable 
cover, try to sidestep the avalanche 
by skiing out of the way—at right 
angles to its potential path. 

Ek Sy 


Cover mouth 
and nose 
with hands 


HAZARDOUS GROUND 


All kinds of local conditions can prove treacherous if 
you don't keep your wits about you, Walking through 
wetlands can be risky, as the ground can suddenly 
give way under foot and you can find yourself in 

a swamp or, worse still, a patch of quicksand. 


SURVIVING A SWAMP 

Freshwater swamps are found in low-lying inland areas and 
contain masses of thorny undergrowth, reeds, and grasses, 
and there may be dangerous animals, such as crocodilians 
and snakes. The water may be foul and mosquitoes, which 
can cause malaria, are often present. Moving through a 
swamp is difficult: you can be on solid ground one moment, 
and chest-deep in water the next. Where possible, try to 


build araft or some kind of flotation aid to help you escape. 


Use the waterways to navigate your way to open water, 
where you have the best chance of either being seen by 
rescuers or finding your way back to civilization. 


ENVIRONMENTAL HAZARDS 


rd t Se “Lie on your 
7 sas back-with 
your tmbs. 


“outstretched 











A branch or 
— tong pole 
Colleague ties.on 
the bank and pulls : 
you toward safety Z 


ee 


ESCAPING FROM QUICKSAND 

If you step into quicksand, try to fall onto your back with 
your limbs outstretched to spread your weight. Try to get 
to the bank by paddling with your hands, Don't struggle 
as you will sink faster. If you're with someone, he or 

she needs to lie on firm ground and pull you to safety, 
reaching you with the help of a long pole, rope, or branch. 
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head clear 
of the snow 


space as possible 


ESCAPING FROM AN AVALANCHE 

Tf you can't take evasive action and find yourself below an 
advancing avalanche with no prospect of escape, try to keep 
calm and remember the following advice: 

= Remove the bindings from your skis and the loops from 

your ski poles. Put your rucksack on one shoulder, but ditch it 
rather than risk dislocating your shoulder, 

= If you're overtaken by snow, “swim” with the flow (see above) 
to make a big space around you before the snow compacts and 
“sets” Use your hands or a collapsible shovel to clear the snow 
around your head and to create a space for you to breathe, 
as often people suffocate before they freeze. 

= Tf you don't know which way is up, dribble saliva to find 
out which way Is down—then dig in the opposite direction. 

= Get out quickly, as timeis of the essence, and shout when 
you hear potential rescuers to attract their attention. 


"Swim" inthe snow by  “E~ 
flailing your arms and 
logs to create gs big a 


ESCAPING A VOLCANIC ERUPTION 
Find out if there's an active volcano in 
the region you're visiting. If there is, 
and its eruption is imminent, leave the 
area as soon as you can, It will pump 
enormous quantities of lava from the 
mantle below the crust and produce 
huge amounts of ash, toxic gases, debris, 
<i and mud. However, if you do get caught 
fie in an eruption: 
= Be careful when driving to safety, as the 
ash and mud make roads slippery. 
= Take cover to avoid the flying fiery debris, 
hot gases, and suffocating clouds of ash. 
Sulfur dioxide in the ash chokes your lungs 
and, when mixed with rain to form sulfuric 
acid, burns your skin. 
= Tf you're caught in an ash cloud, cover 
your face with a wet cloth (or use a mask 
if you have one). Wash your skin afterward. 


SURVIVING AN EARTHQUAKE 

Find out if an earthquake is likely to happen 
in the region you're visiting. Ifyou feel an 
earthquake coming: 

= Get Into the open, away from structures. 
or trees that can fall on you, Then lie down. 
= Stay in open ground until aftershocks 
and tremors have stopped altogether. 

= Tf you'rein a building, go to the 

lowest floor, and stay beside a wall or 
under a sturdy table. Turn off the gas 

if you have time. 

= Tf you'rein a vehicle, stop, but stay inside, 
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SURVIVING A FOREST FIRE EXTREME WEATHER 


biel eal eS . a ne High winds and torrential rain are common seasonal 
a: in i: aan Ce a — se occurrences across the world. From tornadoes and 
» g y whirlwinds to tropical storms such as hurricanes 


caused by lightning, a piece of glass focusing the sun's 
rays, a discarded cigarette, or a spark from a camp fire, and typhoons, these extreme weather patterns 


Forest fires produce intense heat, thick smoke, and toxic cause enormous damage and threaten many lives. 
gases—anid they use up all the available oxygen in the 


air, making it impossible to breathe. AVOIDING HURRICANES AND 
TORNADOES 

PREPARATION AND SPOTTING Weather forecasts can predict approximate directions and 

THE WARNING SIGNS paths of impending hurricanes and local emergency services 

If you're going to aplace where forest fires are a hazard, find will give advice on the predicted severity, If you're planning 

out from local radio reports whether conditions are making atrek in an area known for hurricanes and tornados, check 


them more likely, If you venture into a forest, make sure you 


{ ete long-range weather forecasts and be prepared to cancel or 
carry acell phone or some electronic means of signaling, and 


let others know your route and destination. The following alter your plans if necessary—if you're caught in the open 
warning signs may help you gain time before a fire is upon you: your chances of survival are extremely limited, If you're 


= You'll probably smell afire first, and you'll hear it crackling going to be in the wilderness during a “storm season” then 
as it burns before you see it, If you smell a fire and you notice take a battery- or solar-powered radio, check for weather 


animals growing agitated, a forest fire may be close by, updates, and be prepared to head back to civilization, If 

= The smoke will help you establish how close the fire is. The your home is in a tornado or hurricane area, follow the 
direction of the smoke tells you which way the wind is blowing. advice of local services, but most importantly be prepared 
with a plan that will ensure you don't get caught out, 








+ | 
Road i 
naturah break 
in the trees” 

it h 





Tf the wind is blowing toward the fire then move into it 
quickly, However, if the wind is behind the fire you could be 
in serious danger because the fire will be moving very fast, 
= Try to find ariver, lake, road, or natural break in the forest. 
Stay there until you're rescued or the fire has passed you by, 
= Don't go up to high ground as fire is drawn faster uphill, 

= Many forest fires spread on a wide front, so avoiding the 
fire by going around it may be impossible. 

= If the fire isupon you, and the wall of flame is fragmented, 
the best course of action may be to run through the flames: 
take of f man-made clothes (as they will melt onto you), cover 
as much of your skin as you can, and douse yourself in water 
if you have any. Take a deep breath, press a damp cloth to 
your mouth and nose, pick a spot where the wall of flames 

is thinnest, and run without stopping until you're through. 





eae : aa : Ifyou cannot evade q 
= Tf you'rein a vehicle, stay inside, Park it as far away from tornado, you may have to — 
the trees as possible, turn off the engine, close the windows, wedge yourself into q . 
lie down on the floor, and cover yourself if you can, dich or between rocks 


= If escape is impossible, try to dig and bury yourself 
under soil, Darnpen all clothing and get as low as possible, 
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PREPARING TO EVACUATE 

The arrival of a hurricane or tornado is atime when you can 

find yourself in a survival situation on your own home turf, SURVIVING AN ELECTRICAL STORM 
The following advice can help you prepare to evacuate, ; ii 

= Secure anything outside that could be picked up by winds An electrical storm may develop when warm air rises 
and cause damage, such as rubbish bins and garden furniture. and meets colder air. Electricity sparks between water 
= Prepare an evacuation plan (including pets if you have therr), droplets in the clouds, forming lightning that takes the 
Find out where you will evacuate to and make several route shortest route to the ground. The following advice will 
plans to the location in case roads are unusable, Fuel your help you avoid being struck by lightning, or minimize its 
vehicle as soon as a hurricane warning is forecast, effects if you are: 


= Put together a hurricane survival pack that contains what 
you need for a 72-hour period. Include drinking water, a change 
of clothing, non-perishable food, sleeping bags, radio, flashlights, 


= Avoid getting caught in open ground—seek shelter 
but not under a lone tree: when lightning strikes a 


and contact numbers for family and emergency services. single tree a tremendous Keep your Bees oir 
= Protect your house by securely boarding up all windows voltage fans out from its base, elbows by ead 

oh “ae a your side forward 
and doors. Turn off the water, gas, and electricity, = Remain in your vehicle if there 








is no other cover; it acts as a 


STAYING PUT Faraday Cage (a metallic 
Tf you decide to stay put, you should still follow the guidelines enclosure that prevents 
above, As the storm approaches, move everyone and your the entry or escape of 


supplies to an underground shelter or aroom without windows. 


an electromagnetic field), 
= Monitor the radio reports and comply with the advice of a eesuatt. le en } 
the emergency services. , g aot 


= Don't go outside until the “all-clear* has been given. B Make yourselfassmall z: 
g as possible and limit ‘ ee SP VOU 
ING COVER OUTDOORS the amount of area : 
ppears that you are, or could be, in the path of a you cover. Do not lay 
nado or hurricane, do everything you can to move out down or stand up, crouch Rabe pies 
‘of its way—choose a direction at aright angle to its path. down low with feet together from 6 ground 
2 if you're driving but can't yeu oe of the way, tr and hands off the ground. 













SURVIVING A FLASH FLOOD 


A sudden deluge of rain doesnt always drain away 
quickly, instead flowing rampantly over the surface 
of the land in torrents, and causing flash floods. 
Soil, animals, vegetation, and even buildings can 

be quickly washed away. There may be landslides, 
too, and rivers may break their banks, The following 
advice can help in the event of a flash flood: 

m If you're inside a building, move to the upper 
floors, taking with you essentials such as bedding, 
food, and matches. Unless the building is threatened, 
stay there until the waters have receded or you 
have been rescued, 

= If you're outside, head for higher ground. 

= Never walk or drive through a flood. 

= Filter and boil water for drinking, as the sources 
of water around you may have been contaminated. 
Alternatively, collect rainwater to drink. 


ESCAPING A SANDSTORM 


If you can see a sandstorm coming, mark your 
direction of travel before it strikes and find 
somewhere safe to shelter—for example, behind 
some rocks, Face away from the direction of the 
wind and cover yourself as completely as you 
can, particularly your head, face, and neck. 
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SURVIVING AT SEA 


THE SEA IS ARGUABLY THE HARSHEST environment 
of all and you could be thrown into a sea-survival situation 
for any number of reasons: bad weather, fire, mechanical 
failure, or collision. However, there’s plenty of good advice 
to follow and equipment designed to protect you. 


oe 


BE PREPARED 

If youre venturing onto the open seas, you 
should plan for the worst and be prepared 
with knowledge, skills, and equipment. 





KNOW YOUR VESSEL 


Regardless of the size of your vessel, 
find out everything you can about what 
to do in the event of a major problem 
that requires you to abandon ship and 
take to the water, The points below 

are generic and may not apply to 

all situations or types of vessel. 


LARGE PASSENGER VESSELS 

Tf you're a passenger on alarge vessel, 

such as a ferry, liner, or cruise ship, make 
sure you learn the safety procedures. 

= Attend the “Abandon Ship" drills. 

= Find out which emergency alarms indicate 
fire, collision, and abandon ship. 

= Find out where the lifejackets are stowed, 
and how to put thern on and operate them. 
= Learn the escape routes. 

= Locate the Emergency Lifeboat Stations 
and find out what your responsibilities are. 
= If you have children or people with special 
needs with you, make sure you have a system 
for getting them on deck and providing them 
with suitable survival equipment. 


SMALL VESSELS 

These craft include yachts, small boats, 
canoes, and kayaks, so crew members need 
to agree on an emergency plan of action 
and delegate responsibilities relevant to 
the situation and the skills of each person. 
= Know where the emergency equipment 
is stowed and how it's operated, 

= If your vessel has an EPIRB (see p, 236), 
make sure everyone knows where it is 

and how it's operated, Those activated 
automatically are released hydrostatically 
from a bracket at a water depth of 3-10 ft 
(1-3 m). The buoyant EPIRB then floats 

to the surface and begins transmitting. 

= Make sure your EPIRB has been registered 
so that, once the signal is detected, the 
rescue Services know who it belongs to. 

= Keep a grab bag to hand (see box, right), 


SURVIVAL SUIT AND LIFEJACKET 


A survival suit is designed to keep you warm and dry in extreme 
conditions and rough seas, and a lifejacket will keep you afloat 
with your head out of the water, even if you're unconscious, 


PROTECTION 


Survival suits and lifejackets 
are equipped with various 
protection features to 

help you survive in the sea, 


Seg-getivated fight 


Neoprene hood 










Reffector strips on 
hood aid visibility 


High-vis ibility 
fifefacket 
Top-up valve 


to reinfigte 
Hfejacket 








Hood and clear visor 





Reflector 
strips are 
prominently 
positioned 
on Hifefacket 
Plastic 
whistle 
Lifefacket | | Rescue loop’ 
harness — winehing point 
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GRAB BAG 

Prepare a bag that contains 
the minitnum for your 
survival needs, such as: 

= Emergency water 

= First aid kit (see p. 260) 






Watertight 
Zipper 








Water- 
tight cuffs 


Survival suit 
is made from 


» Personal locator beacon a 
(see p. 237) 
= Hand-held GPS (see p. 75} 
= VHF radio 
= Cell or iridium phone 

Strap t i 
= Flares and signal rockets ‘rapped ae 
# Reverse-osmosis pump main Wie ee 
(desalination device) ‘aaaiiiiiiaal 
(see p. 197) 
= Survival lat (See pp. 60-61) 


= Solar still (see opposite) 


ee 
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TYPES OF LIFERAFT SINGLE-SEAT LIFERAFT 


Sj ‘ . eer 2 Only one person can fit into a single-seat liferaft, 
ingle-seater and multi-seater liferafts contain similar design features y i nflaksitaaith:carbondionde : 

d survival aids. As well as being able to accommodate more people ‘ou can inflate it with carbon dioxide, by purnping 
te : : Ba vee air in manually, or by oral inflation. 
multi-seaters carry larger quantities of fresh water and more anti-sea 


sickness tablets, for example. : Clear visor keeps 
Survival spray off your face 


instyuetions 







High-visibitity 
color 











MULTI-SEATER LIFERAFT Recognition Inflatable 
Many vessels carry multi-seater Hott one 
liferafts in a valise or a hard niet ihe 
container, Multi-seaters can elements 
accommodate between four 

and 25 people and may be 
open-topped or covered. 
Many larger multi-seaters 

























Water pockets help 


may also include locator to stabilize the raft 
beacons (see p. 236), 
paddles, and a solar High-visibility color 
still (see below). fs an gid te recognition 
Emergency equipment 
Rainwater collector Includes bellows to inflate 
the floor and canopy, and 
Handles for “buddying® a iit to repair a hole 


up several iiferatts or 
for survivors te clip on 
to if there’s no room in 
the Herayt 


An inflatable floor 
protects against the 
cold seq below 


Pressure reliof valve 
regulates the giv in 
the raft during hot 
conditions 


As 


Water pockets help Fy foarding pier 


to stabilize the raft 


Lines for attaching . 

to rescue vessels Boarding jadder 
Ling for drogue ———_S 

(See below) 





SOLAR STILL DROGUE 
A solar still is a light, compact, and easy-to-use device for | Asea anchor, known as a “drogue,” is a critical piece of 
praducing drinking water from sea water. Heat from the sun | equipment because it helps to reduce drift and keeps the 
evaporates the salty water inside the still Condensation on | liferaft stable and seaworthy, particularly in heavy seas. 
the walls collects in a channel around the rim and is directed 

to astore, Depending on the prevailing conditions and the STEADYING A RAFT 


availablilty of sunshine, a solar still can produce as much Adrogue stops a liferaft from 
as 2 liters GY pints) of fresh drinking water a day. overturning by creating drag 
that “anchors” the trailing side 
Condensed seq : of the raft to the water. 


water drips down Channel collects | = A drogue can position a 
EHS a ee liferaft either downwind or 

; 90 degrees to the wind. 
= It helps to keep the raft 
near the ditching location, 
thereby improving the chance 
of rescue, Even in a 2-knot 
current a liferaft can drift 
50 miles (80 km) a day. 











Seq water 
evaporates 





Store of 
distilled water 
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ABANDONING SHIP 


Unless your vessel is an immediate danger to you, don't 
abandon it until you really need to. Even a badly damaged 
vessel can provide you with protection from the elements, 
equipment such as radios and flares, and provisions such 
as water and food. In addition, it is a big target for rescuers 
to spot. Make every effort to keep the vessel afloat. 


THE DANGERS THAT AWAIT 


When you do decide to abandon ship, you will be faced with the following 
dangers. If you have prepared yourself properly before heading out to 
sea, you will—in many cases, at least—he able to deal with ther. 

= Hypothermia brought on by inadequate clothing and exposure to 

wet, windy, and rainy conditions. 

= Drowning because you have no lifejacket. 

= Dehydration caused by a lack of water or an injury. 

= Malnutrition due to a lack of food. 

= Cold shock (see p. 254) due to sudden immersion in cold water, 


TAKING TO THE LIFERAFT 


If you have to abandon ship, make every 
effort to launch all available liferafts. Even 
the craft that are not used will make it 
easier for search and rescue teams to 
detect the "footprint" of the survivors. 
They also contain additional supplies of 
water, flares, and other useful items. 

= Many liferafts have a painter, This is a 
line that attaches the liferaft to the vessel 
to ensure it does not blow away when 
thrown overboard and inflated, 

= Should the vessel sink, the painter has 
a weak link that breaks under pressure, 
or you can cut it. 


PREVENTING HYPOTHERMIA 


Getting wet greatly reduces your survival 
chances. At 41°F (5°C), anormally dressed 
person has only 250 percent chance of 
surviving for one hour. You are six times 
more likely to survive in protective clothing. 
= Climb into the liferaft carefully so that you 
don't get wet. 

= Wear several layers of clothing to trap air. 
Even wet layers retain some heat around the 


BEFORE ABANDONING SHIP 


Where time and circumstances permit, 
don't abandon your ship until absolutely 
necessary. Send a May Day signal with 
your name, position, group size, physical 
condition, and circumstances. Then 

carry out the following measures: 

= Activate the 406 EPIRB (see p. 236). 

» Ensure everyone on the vessel wears 
layers of clothing, and has a survival 

suit and lifejacket (see p. 250). 

= Check the liferafts are ready for launch. 
= Get the grab hag (see p. 250). 

= Prepare to take the jerry-cans of water 
on board the liferafts. 

= Fill spare containers with water. 

= Gather up as much food as you can. 


= —$_ $< _ 





hody. Don't forget your head, hands, and feet. 
= Wear a survival suit (see p. 250) to increase 
your survival time, 


$< 


Move slowly and deliberately into the liferaft, keeping out of the 
water, and trying to stay as dry as possible. If you have to enter 
the water, climb down or lower yourself into it, rather than jumping. 
= Look for the Day-Glo instruction patch inside the liferaft. Follow the 
recommended advice under “Immediate Actions” (see panel, opposite). 


IN THE LIFERAFT 


Once you have successfully negotiated the tricky procedure of abandoning ship 
and climbing into the liferaft, there are a number of actions you need to take, 
These are prioritized into immediate, secondary, and sulbsequent. 


IMMEDIATE ACTIONS 
= Inflate the floor of the liferaft with the 
bellows, while carrying out a roll call of 


your group to check for missing members. 


u If the vessel is still afloat, keep the raft 
attached via the painter. Someone should 
be ready to cut the painter close to the 
vessel in case it starts to sink. 

= Once clear of the vessel, set up the 
drogue (seep, 251). 

= In difficult weather conditions, close 
the entrances of the raft in order to 

keep in heat, and keep out wind, rain, 
seawater, or spray. 

= Bale out water, check for leales, use the 
sponge to dry the liferaft, and use the 
leak stopper and clamps if necessary, 


Ifyou are helping people on board, 
for stability, you should straddle the 
entrance of the liferaft, with one 
fog inside and the other outside 


If your group does end up in the water, the first two 
people on board the liferaft should help others on, 
one at atime, lifting them under the arms. 
= Don't overload the raft. Those least vulnerable can hang 
on to the raft’s handles, or tie their lifejacket lifeline to one. 


SECONDARY ACTIONS 

= Treat the injured. 

= Take anti-seasickness tablets, 
= Post lookouts, 

= Bring liferafts together. 

= Warm up as best you can, 


WARNING! 


Never drink seawater, because 
the salt it contains will increase 
your rate of dehydration. If you're 
in hot conditions without any 
water, dehydration can set if 
within one hour 


Tf you ave watting to Kneel to the side 
board you can hold of the vaft and 
onto the handles, steady yourself 
or clip yourself on before throwing 
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SUBSEQUENT ACTIONS 

= Delegate a leader based on experience. 
= Find out who has useful skills, such 

as first aid and sea survival training, 

= Ask everyone to look for sharp objects 
that could puncture the liferaft, At 

the same time, ask them if they have 
anything that could have a survival use. 
= Find out what survival aids you have, 
Prepare aids to location (see p. 236) and 
show everyone how to operate them, 

= Establish a routine and detail a watch 
system for inside and outside the liferaft. 
= Delegate one member of the group to 
make repairs, another to keep the rations, 
and another to administer first ald, 

= Establish how much water and food you 
have and start to ration in accordance 
with your particular situation. 

= Procure water as soon as possible— 
don't wait until you need It. Deploy 

solar stills (see p. 251) and use the 
reverse-osmosis purnp (see p. 197), 


Throw the The person 
quolt and line Jn the water 
qt the person aims to catch 


in the water the quoit 





Look for anyone who is struggling to make their 
way toward you. Use the rescue line and ring 
to pull them to safety in the liferaft. 
= Avoid entering the sea unless you have to rescue an 
unconscious person from the water. 
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TAKING TO THE WATER 


About two-thirds of people who drawn in open water were 
within LO ft G m) of a safe refuge and 60 percent of them were 
“good” swimmers. Here are some useful tips to prevent drowning. 


JUMPING INTO THE WATER 


Abandoning ship can be a dangerous procedure. If you have to enter 

the water, climb down using ropes or nets. If you have no option but 

to jump into the sea, these straightforward steps should improve your 
chances of survival. Jumping inte the water is a last resort, as you will be 
prone to cold shock (see box, right) and at immediate risk of hypothermia 
and drowning. If you have to do iL first ensure your lifejacket is fitted 
correctly and check the surface of the water to find a safe entry point. 
Watch out for people, debris, and burning fuel. If you can’t avoid the fuel, 
swim under it and, before coming up for air, poke your hand through the 
surface to ensure you're clear of it As you come up, keep your face down 
to protect your nose, eyes, and mouth. 


Heep vour mouth 


and nose closed 
Keep your 


shoutders back 
With o free hard, es 


cross your body and 
grasp your upper 
arm or shoulder 


Keep your arms 
focxed together 












Keep yourself 

upright with 
your back straight, 
then jump clear of 
the vessel. 
= Cross your ankles 
and lock them 
together before 
entering the water. 


Onee you've 
decided on your] 
entry point, stand 
on the lowest part 
of the vessel. 
= Close mouth and 
pinch nese to stop 
water from entering. 


Keep your 


ankles together Ankles crossed 


Raise your hips 
fo the surface 
of the water 


LS 


Dont kick with your 
legs or feat, just 
float to the surface 






Jnfiated lijejacket 


Move upright 
and forme 


your legs down . wa : 
Once youre Lie on your back and swim 
in the water, as calmly as you can away 


inflate your lifejacket. from hazards, such as burning fuel. 


elfyoureina 

survival suit, raise 

your arms and gently pull 

one seal away from your wrist 
to let the excess air escape. 


of the lifejacket to help raise your hips. 
= Keep your feet and knees together, 
and use a backward butterfly stroke 
to swim toward the liferaft. 


= Push your head back onto the neck 


| 


COLD SHOCK 

Cold shack response is the body’s reaction to 
immersion in very cold water—for example, 

if abandoning a ship in winter in the North 
Atlantic Ocean. It is a common cause of 

death in such circumstances. Symptoms 

include gasping for breath and hyperventilation, 
which can lead to the inhalation of water, 
disorientation, panic, and the possible onset of 
hypothermia. A sudden increase in blood 
pressure and heart rate can catise carcliac 
problems in some people. Prolonged immersion 
in water will make it hard to perform physical 
movements, making swimming, climbing aboard 
aliferaft, or firing a flare extremely difficult. 

= Body type or mental conditioning can help 
some people survive swimming in icy water. 

« Dressing in layers and/or wearing a survival 
suit improves your chances of survival. 


= Avoid entering the water if you possibly can. 





IF YOU HAVE NO LIFERAFT 


Even without a liferaft, you stand a 
better chance of surviving at sea if you're 
in a group. More survivors create a larger 
target for rescuers to see, and being with 
others can be good for morale. 

= Collect any floating debris before it 
disappears with the current, as this can 
increase your “footprint” so that rescuers 
can see you more easily. 

= Determine what location aids and other 
equipment are available and prepare 
these for use. 

= If there are children or injured among 
your group, place them in the center of 
the group and huddle close together. 

= If you are alone, get into a position 
known as H.E.L.P. (see below), which 
stands for “Heat Escape Lessening 
Position.” This will help to keep heat 
within the core of your body. < 






an es at 


Draw your 
kneés upto 
your chest 


Cross your 
ankles 
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FLOATING FACE DOWN 


Don't panic if you have to enter the water without a lifejacket. Your 
body's natural buoyancy will keep at least the top of your head above 
water, To keep your face above water, too, make small windmill 
motions with your arms extended. However, if the water's rough, 
your only option may be to float face down, & 







Raise your head 
above the surface 


i a 






Hold your 
arms out if 
front of you 





A relaxed 
person flogts 
naturally fist 
below the 
surface of 
the water 


Tread water with your legs 
as you come up for air 


It's important to relax, even 
though this seems hard when 
your life is in danger, 
= Let your face lie in the water, and 
put your arms out in front of you. 


as you raise your head up. 


completely before inhaling more 


IMPROVISING A BUOYANCY AID 

If you're in the water and wearing pants, you can improvise a buoyancy 
aid that will helo you to keep your head above water, Initially, it may be 
awkward to organize, but the benefit outweighs the effort involved. 











Tie @ knot in ad Collect as much Put the knot qt the — Grip the 
the two legs air as you can back of your head waist 
( - below 
\ the water 


to keep 
qicin 


Quickly catch the waist 
with your hands and 
grip it tight to hold air in. 
= Put your head between 
the trouser legs and float. 
= You will need to repeat 
the process regularly, 


Take off your pants and 

tie the legs together near 
the bottom. Tighten the knot as 
much as you can with your teeth, 
= Flick the pants over your head 
from behind until they fill with air. 
Tread water as you do this. 


Scoop water 
with your hands 


Begin to exhale into the water 


= Lift your head as it breaks through 
the surface and empty your lungs 


SURVIVING AT SEA 2 ey 5 


STAY POSITIVE 


It’s very important to remain positive and to 
focus on your situation right now rather than on 
what might happen ina few hours or tomorrow. 


___ fake g.deep 










Stretch out your 
arms and rest them 
onthe surface 


Relax your legs as you return 
to the floating position 


With fresh air in your lungs, 

duck your face back into the 
water, keeping your mouth closed. 
= Let your body float again, before 


alr. you repeat the sequence. 


| 


SECONDARY DROWNING 

A person who nearly drowns infales water 
that cat cause potentially fatal chernical 
and biological changes in the lungs. This is 
known as “secoridary drownirig.” It can be 
caused by inhaling fresh or salty water— 
ever as little as Lil oz (30 ml). Secondary 
drowning may occur 24-72 hours after 
immersion and, while uncommon, it's 

rot rare. Take the following precautions 
to guard against secondary drowning: 

= Monitor aryone who has nearly drowned 
of has spent some time in water. 

= Ask the person to take a couple of 

deep breaths and check for arty pain or 
discomfort that can't be accounted for. 

a Look for symptoms such as coughing, 
breathing difficulties, chest pain, and 
saliva that looks like foarn. 

= Make sure the person is sitting in an 
upright position, 

= If possible, provide oxygeri—the blood 
levels of oxygen can fall quicldy—and lots 
of rest atid reassurance. 


\ 
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Regardless of the events that put injuries—a task even a paramedic 

you in a survival situation, a major would find daunting without the 

factor that will dictate your options and — right equipment—the vast majority 
actions will be whether anyone has been can be either dealt with or stabilized 
injured. Someone's survival may depend using a combination of basic first-aid 
on the treatment they receive at the techniques and common sense. 

time of the incident, and during the The “Protection” element of the 
ongoing survival ordeal, so it’s essential survival principles (see p. 27) applies to 
that everyone should be proficient and your situation at all times—you should 
confident in basic first aid techniques. continually look at the consequences 

In a true Survival situation, the term of every action in relation to protection 
“seek medical help” really means “deal against injury. Prevention is always a 
with it yourself.” While it would be better option than cure. In hot climates, 
impossible to be able to treat all being able to recognize the first stages 


In this chapter 


that maggots have their uses... 

how to improvise goggles to prevent snow blindness... 
when to stop, drop, and roll... 

how to treat snake bites and jellyfish stings... 

when to eat charcoal or drink bark tea... 

how to prevent frostnip from becoming frostbite... 
when to perform a firefighter’s lift... 





























of heat stress will allow you to take 
action with them before they develop 
into life-threatening dehydration and 
heatstroke. In cold climates, being able 
to recognize the first stages of frostnip 
will allow you to stop it from becoming 
frostbite. In many cases, further injury 
can be avoided by adopting the basic 
principles detailed throughout this 
book, such as being able to assess 

the best course of action in a given 
situation, plan a route and move safely 
over terrain, and protect yourself 
against the elements. 





The will to survive is often 
the only factor that determines whether 
you live or die—regardless of your 
equipment, training, knowledge, and skills. 


WHEN FACED WITH everything that 
man and nature can throw at you, when there 
appears to be no hope, you'll be faced with two 
choices: will you accept your situation and wait 
and see what hand fate deals you, or will you 
endure the pain and discomfort and fight 

for you own survival? 








This determination was clearly shown by 
Aron Ralston during a hike in Blue John Canyon, 
Utah. After accidentally dislodging a 800 Ib 
(363 kg) boulder, which pinned his right arm, 
he was faced with a bleak outlook. After five 
days, aware that no one knew he was missing 
and having run out of water, Ralston decided to 
amputate his own arm with his knife, applied 

a tourniquet, and hiked off to safety. 


In another famous example, Simon Yates 
took the agonizing decision to cut the rope that 

held his injured climbing partner, Joe Simpsor 
(who Yates thought had died), over a crevasse in 
the Peruvian Andes. Incredibly, Simpson survived 
the fall and chose to endure. He spent three days 
without food and only splashes of water fron 
melting ice as he crawled and hopped the 5 miles 
(8 km) back over frozen mountainous terrain to 
reach their camp. 





AG The vast majority of injuries can be 
either dealt with or stabilized using 
a combination ot basic first aid 
techniques and common sense ay 
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FIRST AID ESSENTIALS 
SAFETY IS KEY on any expedition. Before you set off, make sure NY 


; ; WARNING! 

that you and everyone in your party has the necessary medical Proce vonaltentn dancer tal 
equipment—especially medications. If someone is injured, he or fires. You can't help anyone if you 
she should be treated immediately. If you can’t contact the become a casualty as well, If the 

‘ : area is unsafe, dorlt approach the 
emergency services (and if there are enough of you), one person casualty—get emergeriey help and 
should stay with the casualty while two others go for help. tnonitor the casualty’ condition 

frotn a safe distance. 


BASIC FIRST AID KIT \ 


Keep your first aid kit (see panel, opposite) dry and readily 
accessible. Check the seals on sterile dressings; if they're not intact 
they're not sterile. Replace anything you use as soon as you can. 


Lightweight Combined Antibiotic eye 
carrier sterile ointment 
dressings 
























Large scissors — Safety pins 






are useful for for securing 
PRIORITIES AFTER sateen, (Puambiciny 
AN INCIDENT eee 


Assess a situation quickly and 
methodically. Find out what 
happened. Check casualties for 
life-threatening conditions such 
as unconsciousness or severe 
bleeding (see p. 264) and 
treat those first. 

= Response Is the 
casualty conscious or 
unconscious? If the 
casualty is responding 
to you, he or she is 
conscious. Shake the : 
shoulders gently if you're 
not sure, 

= Airway Is it open and 
clear? If the casualty can talk, it is. 
If he or she is unconscious, open 
and clear it (see p. 276), 

= Breathing Is it normal? Treat 
any difficulty such as asthma (see 
p, 275), If he or she is unconscious and 





Tablets such as Antiseptic cream Disposable gloves 


not breathing, call for emergency help gntihistamine 
and begin CPR (see p. 277). and paracetamol! 
= Circulation Are there any signs of Tike Ribrte Gauze roller bandage to Zinc-oxtde tape 
severe bleeding? If so, treat immediately, : secure dressings—can be can be used to 
g ¥ waterproof, and washed and reused secure dressings 


Once life-threatening conditions are 
under control, you can make amore 
detailed assessment. Examine the 
casualty methodically from head to toe, 
Ask how the incident occurred, as it can 
indicate likely injuries. 


hypoallergenic plasters 
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IMPROVISED 
SLINGS 


Hand, arm, or shoulder 
injuries need to be 
immobilized and supported 
in araised position. If you 





dant have a triangular JACKET CORNER BUTTON-UP JACKET BELT SUPPORT 

bandage with you, use a To support an injured forearm Undo one ofthe buttons and Support an upper arm injury 
piece of strong cloth about or hand, fold the jacket up slide the injured arm into the ina raised position with a belt 
3 ft (Lm) square, folded in over the arm and pin it. opening for support, looped into a figure-eight. 


half to form a triangle (see 
p, 270), You can also use 
your jacket or even 
rucksack straps, The jacket 
corner “sling” is the only 
one that provides enough 
support for a hand, wrist, 
or forearm injury. Ask 


the casualty to support PINNED SLEEVE SHOULDER STRAP 
the arm with his or her 





















CHECK LIST 

Make sure that your first aid kit and 
medicines are suited to the 
environment you will be visiting, 





BASIC KIT 
= Alcohol-free antiseptic wipes 


: Pin a sleeve to a jacket Rest a sprain by = Latex-free disposable gloves 
other hand while you or the strap of a tucking your hand in # Alcohol gel Gok adsaine 
secure the sling, backpack for support. your backpack strap. 


= Antiseptic cream 

= Antibiotic eye ointment 

= Adhesive dressings—fabric, waterproof, 
and hypoallergenic 

= Gel blister bandages 

= Combined sterile dressings, or sterile 
pads and bandages in assorted sizes 

= Roller bandages—take self-adhesive 
for supporting joints and gauze for 
securing dressings 

= Two triangular bandages 

= \Wicropore or zinc oxide tape 

= Scissors and tweezers 

= Safety pins 

= Disposable syringes 


PROTECTING AGAINST INFECTION 


Disposable gloves prevent cross-infection between you and the casualty; 
they must be latex-free, since contact with latex can cause an allergic 
reaction, Antiseptic wipes are also invaluable when cleaning wounds. 





Use lgtex-free Use gicohol-free 


antiseptic wipes 


PERSONAL MEDICATION 

= Painkillers 

= Anti-inflarmmatories 

= Medical alert bracelet/pendant 






LATEX-FREE 















DISPOSABLE GLOVES ANTISEPTIC WIPES 
= Prescription medicines such as asthma 
inhaler and/or adrenaline (epinephrine) 
COMBINED STERILE autoinjector 


DRESSING 

This is a sealed dressing consisting 
of apad attached to a bandage, It's 
easy to apply, and can be used as a 
sling, It should be taped on to your 
backpack strap for easy access in 
an emergency, 


= Antihistamines 

= Anti-diarrhea medicine 

= Packets of oral rehydration salts 
= Hydrocortisone cream 


ENVIRONMENT-SPECIFIC 
EXTRAS 

= Malaria tablets 

= Mosquito repellent 

= Anti-poison-ivy cream 

= Sunblock 

® Tick remover 

= DEET powder for removing leeches 


Sterile pad is 
sewn onto g 
bandage 
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FLESH WOUNDS 
ANY INJURY THAT BREAKS THE SKIN carries a risk of a 


infection as germs can enter the body. These can come from be 
If a wound is seriously infected 


the cause of injury, air, dirt, or clothing embedded in the wound. and you have no antibiotics, 

In the wilderness, keeping the injured area clean can be a real expose it to flies for one day, then 
hall BEGET tial, Ta . eeetIally SEHAT cover: Maggots will develop and 

challenge, but it is essential. Tetanus is a potentially letha eat arty dead tissue. Check daily 

infection caused by bacteria that live in soil. It can be prevented and flush the maggots out of the 


P epee ee wound with sterile water before 
by immunization, so ensure that your vaccinations are up to date. hey tartto eal healt asus, 


BLISTERS AND BRUISING 


A blister is a fluid-filled “bubble” of skin that occurs when 
skin is rubbed repeatedly against a surface (a friction burn). 
A bruise is bleeding into the skin and surrounding tissue 
froma blow that does not break the surface of the skin. 



















HOW TO TREAT BLISTERS Hold the foot 


stegdy with 
The ideal treatment for a blister is to rest your free hand 
and wait until it has healed, but this may 
not be possible in a survival situation, Keep the 
Cover it with a gel blister dressing if you 
have one or, if the blister is large, you may 
have to pierce it to enable you to continue 
walking. However, never pierce a blister ‘ 
caused by a burn—you risk infection. as 


Use only 
sterilized needle 
to plerce q blister 


Tf you have to burst a blister, first Carefully apply pressure 
sterilize aneedle by holding it ina to the side of the blister 
flame until it's red hot, then letting it cool. opposite the hole made by the 
= Clean the area with water or wipes, pat needle. Continue to apply pressure 


dry, then pierce the edge of the blister. until all of the fluid has been 
squeezed out. 

BLISTER PREVENTION 
Following these simple rules when out Gently clean and dry the blister, 
hiking should prevent blisters from then protect the wound from 
developing in the first place: infection by applying a dressing. 
= Ensure boots of shoes fit properly and are = Use a gel blister plaster or padded 
well “broken in” before you set out. moleskin, if possible. 


= Always wear clean, dry, comfortable socks = Alternatively, use a pad held in 
next to your sldn. Avoid wearing two pairs as place with zinc-oxide tape, 
they may bunch up, increasing friction. 


m Keep toenails cut short and straight. HOW TO TREAT BRUISING 


fd a and ait your feet during To reduce the swelling and pain of a bruise, raise the injured area, and 
. aS foal a hot spot,” treat it before t apply a cold compress, If you have access to cold running water, ice, or 
one problem: stop immediately and snow, soak a cloth and hold it against the bruised area for at least ten 
apply molesiin, a g ak nad, or zinc-oxide tape minutes, Severe bruising may indicate amore serious injury, such as a 
: ; broken bone (see p, 271) or internal injury (see Shack, p. 274), which will 
require immediate treatment. 















WOUNDS AND BLEEDING 


Severe bleeding can be distressing for both you and 
the casualty, but it can usually be controlled by a 
combination of direct pressure and elevation of the 
injury, Remain calm and reassure the casualty while 
treating the wound. Treat for shock (see p. 274), 


FOREIGN OBJECT IN A WOUND 


Any loose foreign objects, such as pieces of dirt or gravel, 
should be removed from a wound, otherwise they may 
cause infection or delay healing. Either rinse them off with 
cold running water or carefully pick loose pieces off the 
wound with tweezers, However, if an abject is embedded 
ina wound don't remove it, but treat as shown below. 
Maintain 








wound dressing, Cuta 


FLESH WOUNDS 20> 
MINOR CUTS OR GRAZES 


Any break in the skin, however minor, needs to be 
cleaned and protected from infection. Rinse the: 





wound with clean cold water and pat it dry. Then: 


cover the injury; the dressing pad must be larger 
than the wound, For small grazes, use a plaster; 
for larger ones, use a sterile pad and a bandage. 





NATURAL WOUND DRESSING 
The bire olypore, or razorstrop: fu us, which grows 
onthe si f old bi : } ie 

















fungus and secure it ov -the wound, If 
doubt about the identity of the fungus, do not use it, 


Don't try to remove the 


object as it may be 
plugging bleeding. Control 
bleeding by pressing firmly 
on either side of the wound. 
= Push the edges of the cut 


together but take care not to 


press directly on the object. 


= Raise the wound above the 


level of the heart, 


Keop injured 


pressure 
githor side 









(2) Place a piece of gauze 


over the object to 
protect it, then build up 
padding on either side 
(rolled bandages are ideal). 


. Bandage over the pads and 


the object. 

= Check the circulation 
beyond the bandage every 
ten minutes (see p, 264), 


Bandage over the 










body part 
raised to slow 
blood flow 

to area 





object to prevent 


further injury 








TYPES OF WOUND 


Different types of object and force produce different kinds of wound. 


It’s useful to identify the type of wound you or the casualty has 
incurred so that the correct method of treatment can be applied. 


GUNSHOT WOUND 
Check if the casualty has an 
exit wound. Treat entry 

and exit wounds separately, 


BRUISE (CONTUSION) 
Ablunt blow will break blood 
vessels under the skin, causing 
blood to leak into the 
tissues. This results 
in abruise: the 
skin is tender, 
swollen, and 
blue-black in color. 


PUNCTURE WOUND 
Sharp objects such as nails or 
sea urchin spines can puncture 
the skin, The entry 
hole will be small but |) 
the wound will 
be deep, with 
ahigh risk 

of infection. 










GRAZE (ABRASION) 

A friction burn from a rope, or 
a sliding fall, will scrape off 
the top layers of skin, 
leaving a raw, tender fl qh 
area, Grazes q 
often contain 
embedded 
foreign matter, 


INCISED WOUND 

If a sharp-edged object cuts 
across the skin, blood vessels 
will be sliced open 
and bleeding will 
be severe, 
Nerves or 
tendons may also 
be damaged. 






TEAR (LACERAT ION) 

Tf the skin is torn open, the 
wound may not bleed as badly 
as an incised wound, Q 
but alarger area of [1 
tissue may be 
damaged and 
vulnerable to 
infection. 







STAB WOUND 
A penetrating wound from a 
long, bladed instrumentis a 
very Serious Injury. 
A stab wound to 
the torso can 
damage vital 
organs and cause 
internal bleeding, 





ENTRY WOUND 
Bullets drive deep into, 
or through, the body. 
They leave a small, 
neat entrance 
wound and cause 
serious internal 
damage and 
contamination, 





EXIT WOUND 
Tf abullet passes 
through the 

body, the exit 
wound will be 
large and ragged, 
Don't remove the 
bullet if there is no 
exit wound, 
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SEVERE EXTERNAL BLEEDING 


Control the bleeding with direct pressure over 
a wound and, if possible, call for emergency 
help, Never use a tourniquet as 
this can cause severe tissue 
damage. Life-threatening shock 
is likely to develop if blood loss is 
severe (see p. 274), 


Apply pressure 
directly over 
the injury 


Remove or cut away clothing to expose the wound. 

Apply direct pressure to the wound, over a sterile 
dressing or pad if you have one. Raise the injured limb 
above the level of the casualty’s heart to reduce blood flow 
to the area. Help him to lie down and raise his legs. 











VARICOSE VEINS 


When the one-way valves in veins fail, blood 
pools behind them, causing raised knobbly skin. 
The taut, thin-walled veins can easily be burst by 
a knock. Bleeding will be profuse, 


Help the casualty to liedown ) 

and raise and support the 
injured area as high as you can. 
This reduces bleeding straight 
away. Expose the wound 
and apply direct 
pressure over a 
sterile dressing 
or pad. 


Bandage the pad 

firmly to maintain 
pressure on the wound. 
Keep the area raised. 
Check the bandage is 
not too tight (see step 
3, above). If necessary, 
loosen it but 
maintain pressure, 





















Elevate the legs as much as 
possible to minimize risk of 
sheck developing 


Secure the dressing 

with a bandage. If 
blood soaks through, apply 
a second dressing on top 
of the first. 


Every ten minutes, 

check the bandage is 
not too tight, Gently press 
a fingernail beyond the 
dressing. If the skin color 
does not return quickly, 
rebandage more loosely. 





SCALP WOUNDS 


A scalp wound can bleed profusely, making it appear 
worse than it actually is. However, it may mask a more 
serious head injury. If a casualty becomes drowsy, has a 
headache, or double vision, get emergency help if possible. 










Roller 
bandage 


Use a pad 
that’s larger 
than the wound 


Sit the casualty on the 

floor, Carefully replace 
loose flaps of skin, cover the 
wound with a sterile pad, 
and apply pressure. 


Secure the dressing 

with a roller bandage, 
If the casualty doesn't 
quickly recover or if he 
deteriorates, get help, 





[Photo credit: jauhari1 /iStock/Thinkstock] 


ded 4°} et i 
iY om 


ae 


nibs 


»~ 9 
> 
~ 


‘ 
be. 
A ATS 


Virtualizing the 5G Architecture 


Staff Writer 


Virtually changing the 5G architecture 


Virtualization is set to play a major role in the evo- 
lution of the fifth-generation (5G) core network. 
According to industry experts, 5G will use software- 
centric networking technologies such as software- 
defined networking (SDN) and network functions vir- 
tualization (NFV), and will be natively cloud based. If 
correct, this will represent a major transition in system 
architecture and will require much greater collabora- 
tion across the networking ecosystem. The push to in- 
corporate more cloud- or software-based components 
is driven by the need for greater flexibility and scal- 
ability to respond to the demands of radio access tech- 
nologies that offer more bandwidth, reduced latency, 
and stringent quality of service (QoS) requirements. 
The new 5G core network must be adaptable and bet- 
ter equipped to handle various devices and manage 


capacity in near-real time. Mobile network operators 
see the advances in cost and efficiency that virtualiza- 
tion brings to other market segments and will use the 
emerging 5G technology to determine if these same 
advances can benefit the mobile market [1, 2]. 


SDN and NFV are two key architecture concepts in 
development to support the flexibility and mobility de- 
mands of the 5G network infrastructure. Virtualizing 
network functions that were previously implemented 
in hardware will allow providers to introduce new 
features and integrate new standards at a faster rate. 
SDN/NFYV provides an avenue for providers to decen- 
tralize their networks, thereby increasing flexibility 
and reducing latency. Two areas where SDN/NFV will 
benefit 5G networks, and in some cases even fourth- 
generation (4G) mobile technology, are network slic- 
ing and cloud-radio access network (C-RAN). 
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EYE INJURIES 

The eye can be seriously injured by a blow 
or contact with sharp objects, such as a tree 
branch, risking scarring, infection, or even 
loss of Vision. Always wear eye protection 
when hiking through dense vegetation. 


Lay the casualty down 

“with his head on your 
knee, Cover the injured eye, 
Ask him to keep both eyes still, 
as moving one eye causes the 
. other to move. If an object is 
\ sticking out of the eye, pad 

: securely around it, 

a : 
















Secure the 
dressing with 
abandage. If you're 
] on your own, fix the 
dressing in place with 
plasters or tape and 
__ try not to move 
\. your eyes. 
N\ Secure pad 
with bandage 


FOREIGN OBJECT IN THE EYE 

Tf you can see an object on the surface of the 
eye, try lifting it off with the corner of a 
handkerchief, or wash it out with sterile water, 
washing away from the good eye, Don't remove 
anything that is sticking to the eye. 


SNOW BLINDESS 

Also known as “flash burn," this occurs if 
the surface of the eye Is damaged through 
exposure to ultraviolet light, such as the 
glare from sun reflected off snow or water, 
\Wearing sunglasses can prevent this. In an 
emergency, make your own goagles from 
cardboard or birch bark. Ifa person is 
affected by snow blindness, give him gauze 
pads to hold against his eyes. Bandage 
thern in place If helpis delayed. 











Cut narrow sits. 
incardboard 


Thread string 
through sides 


IMPROVISED GOGGLES 


BURNS AND SCALDS 
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There is a serious risk of infection with all burns. Burns may 
affect only the outermost layer of skin, the upper layers, or the 
full thickness. Severe burns will affect all three layers. If the 
burn is larger than the casualty’s hand it needs haspital treatment. 


SMALL SUPERFICIAL BURNS 

Cool the injury for ten minutes with cold running water 
or any cold, harmless liquid. Remove jewelry or watches 
from the affected area before it swells, Cover the burn 


to prevent infection. 


LARGE OR DEEP BURNS 


If aburn is extensive or deep, then 
fluid will be lost from the body and 
life-threatening shock is likely to develop 


(see p. 274). If the injury occured in a fire, 


the casualty could also have burns to his 
air passages so may have breathing 
difficulties. Don't burst any blisters as 
you will increase the risk of infection. 


Help the casualty lie down and 

protect him from the ground if 
possible, Coal the injury by dousing it 
with cold water for ten minutes; this 
also reduces swelling and relieves pain. 


Cut clothing 
to expose 
burned area 


Cover the entire area with plastic 

kitchen wrap, a clean plastic bag, 
or aclean, lint-free dressing. Get 
emergency help as soon as possible, 


es, 


STOP, DROP, 

AND ROLL 

If clothing is on fire: 

= Stop moving 

«= Drop to the grourid 

» Roll over on the ground 
yotil flames are extinguished 













Cool for at 
feast ten 
minutes 





While cooling the 
burn, remove or cut 
away clothing from around 
the burn. Don't touch or 
remove anything that's 
sticking to the burn. 






isk of 
|, infection 
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BITES AND STINGS 


MANY BITES OR INSECT STINGS are painful, but most can be 
treated with simple first aid. However, there is a risk of an allergic 
reaction called anaphylactic shock. If a casualty develops a red 
blotchy rash, watery eyes or puffiness around the eyes, and/or 
breathing difficulties, get urgent medical help (see p. 274). 


TREATING BITES 


An injury that breaks the skin carries a risk of infection. This is greatest 
with animal bites, since the mouth harbors so many germs. For a snake 
bite, you'll need to get emergency help, as the casualty needs to be 
transported ona stretcher in the treatment position to prevent the 


yenom spreading through the body. 


SNAKE BITES 


Relatively few snakes are venomous, but it’s generally 
safer to assume that all of them are. Most snakes cause 
a painful bite that leaves small puncture marks in the 
skin; however, the bite of a poisonous snake may in fact 
be painless. Symptoms also include nausea and vomiting, 
disturbed vision, and breathing difficulties. 


Apply a bandage 

around the site of the 
injury. Do not wash the 
area, remove any footwear 
or clothing, or attempt to 
suck the venom. 


Keep the casualty 
calm, Help her to lie 
down with her head, chest, 
and shoulders supported. 
= Advise her to keep still. 
= Make a note, if you can, of 
the time the bite occurred, 









Tie another bandage 
around the affected limb 
that extends from the bite as 
far up the limb as possible. 
= Check the circulation 
(see p, 264), 
= Immobilize the 
affected limb. 


Position eqsualt 
= Move the casualty only so that chest 
with the use of a stretcher, higher than 


oN 


PORCUPINE QUILLS 

If you are pierced by a porcupine’s 
barbed quills, you must remove 
thetn o¢ they will continue to work 
their way into the flesh and may 
fierce a vital organi. 

= Cutoff the ends of the quills, 
which are hollow, to allow them to 
deflate slightly. 

= Pull the quills out, using pliers if 
you have them. 

= Clean the puncture wounds and 
apply an antiseptic ointment. 


MAMMAL BITES 


Bites from mammals—animals or humans—carry a 
serious risk of infection because the sharp teeth cause 
puncture wounds that transport bacteria deep into the 
tissue (see p. 263). As always, wear gloves to protect 
yourself. The bite can also crush surrounding tissue, 
and bleeding may be severe (see p, 264), 2 





CLEAN WOUND 

Raise the injury, Wash the 
wound with clean gauze and 
water. Pat dry, and cover it 
with a wound dressing. 






Clean area 


thoroughly /i 


SNAKE IDENTIFICATION 
Identify the snake if you can, since this will help medical teams 
find the correct antivenom. If you're not certain of the identity, 
make a note of its color or distinguishing features. If its safe, 
put the shake in a secure container, but bear in mind that 
venom is active even if a snake is dead. Don't wash the venom 
off the bite; it can be used to identify the antivenom. 












injured area 









Immobiiize legs Bandage the limb 
with folded from the bite site - esate! 
triangular as far up the leg uninjured 
bandages as possible fimb 















TICK BITES 


Ticks are tiny, spider-like parasites that live in grass or woodland, They feed 
on blood, attaching themselves to the skin with spiked mouthparts, and 
swell to the size of a pea, They carry Lyme Disease, so must be removed, 


TRADITIONAL METHOD 


Using tweezers, grasp the ticks head 
as close to the skin as you can, Pull the 
head upward using steady pressure 
(don't twist), Keep the tick in a 
container so it can be checked 

for Lyme Disease, 


TREATING STINGS 





SPECIALIZED REMOVAL HOOK 
Tick extractor tools that “unscrew” the 
mouthparts of the tick from the skin are 
available from pet shops, Slide the haok 
along the skin to grab the tick, Raise the 
hook very slightly and rotate it to lift 
the tick clear. 


Sthide the hook 
until it engages 
with the tick 





Many stings are painful, but they are rarely life-threatening. Scorpion 
stings can be very painful and cause severe illness, and treatment 
should be as for snake bite (see opposite). Multiple insect stings 

of any type can produce a more serious reaction 


(see anaphylactic shack, p. 274). 


INSECT STING 
A bee, wasp, or hornet sting is often 
painful and followed by swelling 
and redness at the site. Some 
people have an allergy to 
stings, so monitor the 
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HANDLING LEECHES 


When in leech-infested territory, 
inspect your clothing and limbs every 
few minutes, Never pull a leech off if 
it's attached, as the jaws will remain in 
the skin and cause infection. lo remove: 
® Apply the juice of araw lime, DEET, 
alcohol, or a dash of salt. If you're a 
smoker, put your cigarette butts in a 
piece of cloth, moisten the cloth, and 
squeeze nicotine onto the leech. 

= Once the leech has dropped off, 
wash the area to remove the 
anticoagulant in and around the 
wound. Treat any bleeding (see 

p. 263) and cover the wound. 


| 


WARNING! 

A sting in the mouth or throat can cause 
swelling that blocks the airway. To minimize 
this, give the casualty cold water to sip. 





SEA CREATURES 


When touched, sea anemones, corals, jellyfish, and 
Portuguese men-of-war release venomous cells that stick 
to the skin, Treat jellyfish stings as below; apply a cald 


compress to other stings to minimize swelling and relieve 
pain, Creatures such as weever fish have sharp spines that, 
if trodden on, become embedded, and may become infected. 





casualty for signs of 
anaphylactic shock. 





Scrape 
against skin 





Hot water wil! 
egse the pair, 






Tf the sting is 
Visible, scrape it 


but howare of 
Flood the 
off sideways with the aiea with 
edge of acredit card, vinegar or 


knife, or a fingernail. seawater 


= Don't squeeze the sac 
as you may squeeze more 
venom into the area. 


Raise the affected 

part and place a 
cold pad against it for 
at least ten minutes to 
minimize swelling, 
= \Vlonitor the casualty 
for signs of allergy such 
as wheezing, or swelling 
around the face. 


JELLYFISH STING SEA URCHIN SPINES 


Immerse the injured part in 
water as hot as the casualty 
can tolerate for about 

30 minutes, Get medical help, 
as the spines must be removed. 


Pour vinegar or seawater 
over the area to neutralize 
the sting. Help the casualty 
to sit down; treat as for 
snake bite (see opposite), 
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POISONOUS PLANTS AND 
INTESTINAL PARASITES 


IT'S ESSENTIAL TO MAINTAIN personal hygiene in 
camp, to purify all drinking water from natural sources 
(see pp. 198-201]), and to observe the rules of food safety 
if you wish to remain healthy in the wilderness. You 
should also learn how to recognize and avoid the 
poisonous plants in the region you're traveling in. 


CONTACT POISONING 


Poisonous plants don't always have to be ingested to cause damage. 

If they come into contact with the skin, the result can be pain, swelling, 
redness, a rash, and itching, Get medical help fast and, in the meantime, 
rinse the skin with cold water for 20 minutes. If the water splashes an 

eye, rinse for ten minutes. Although plants are the most cormmon cause 
of contact poisoning, chemicals such as camp fuel can also be harmful. 


POISONOUS PLANTS 


Poison ivy, poison oak, and poison sumac are the most well known of the 
plants that contain urushiol, an irritant oil. If you damage the plant and get 
the oil on your skin, you must wash it off immediately with soap and cold 
water, You should also remove and wash any contaminated clothing to 
prevent the oil spreading. Apply an anti-poison-ivy cream as soon as possible, 
Many people will develop an itchy rash and often painful blistering within 

4 to 24 hours of contact with the plant (see warning panel, above), 


POISON SUMAC 
Found in wet acid swamps in eastern 
North America, poison sumac can 

grow as tall as 18 ft (6m). 


Oval leaftets 
grow in 
oppesite pairs 


STINGING NETTLES 

Found iti many countries, stinging 
nettles usually cause only a temporary 
stinging sensation where the plant's 
hairs touch the skin. Apply a soothing 
cold compress or rub the affected 
area with a dock leaf if you can find 
one. Watch for an ifchy red rash that 
indicates an allergic reaction. 









POISON IVY 
Native to wooded 
areas of North 
America, 

poison ivy 

is now found 
worldwide. # 
POISON OAK 

Like poison ivy, the 
leaflets of poison 

oak grow in threes. 
This plant is found 
in wooded parts of 
North America, 


Berries are 
wikite wher ripe 


Leaflets are 
shaped like 
oak loaves 


WARNING! Y 


A 
Tf you think you' ve handled a poisonous: 
plant, don't touch especially sensitive 
parts of your body such as the eyes, 
mouth, or genitals until you have 
washed your hands thoroughly. 
= If you develop blisters on your sian, 
don’t serateh thetm—however much 
they itch. If you break the skin, you'll 
ean the risk of getting an infection, 
= As wellas painful blistering, sore 
people may have an extreme reaction 
to the toxin, They should be monitored 
and treated for shock (see p. 274). 
Get medical help as soon as possible. 


_—— 





NATURAL REMEDIES 

\Wihere nature causes a problem, 

she sometimes provides the solution. 
The following counter the effects 

of urushiol: 

a Jewelweed has a sticky juice that 
will dry out blisters in a few days. 
Cut apiece of stern, split it down the 
middle, and rub 
the pieces on the 
affected slcin. 


Jowelweed has 
distinctive pate 
yellow or orange, 
spotted flowers 





= To soothe itching, 
make a poultice of 
witch hazel leaves, 
Mash up the leaves, adding 

water If too dry, then apply 

to the affected area. 

e Try washing with a tannic acid 
solution, Tannic acid is found in tea, 
or you can make it from oak bark 
(see opposite). 

= Tea tree oil, from the leaves of 
the melaleuca tree, is also said to 
counter the effects of urushiol, 
Apply directly to the affected area, 
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SWALLOWED POISON 


Try to find out what the casualty ingested, how much, and 

when. If you suspect the casualty has swallowed a caustic 
chemical, such as camp fuel, do not induce vomiting as it will 

burn again on the way back up. Get medical help and monitor the 
casualty, If the lips are burnt, give frequent sips of cool milk or 
water. If you know the casualty has swallowed a poisonous plant 
or fungus and he or she is conscious, induce vomiting by tickling 
the back of the throat. Dilute the poison by getting him or her to 
drink large quantities of water or milk, or tea mixed with charcoal. 


DIARRHEA AND VOMITING 


In the wilderness, diarrhea and vom iting can kill, because they lead to 
dehydration (see p. 272) or even shock (see p. 274), The most likely causes 
are food poisoning or drinking contaminated water, although infectious 
diseases are a possibility, so get medical help if symptoms persist. You 
should rest, keep warm, and replace lost fluids. If you're hungry, you 

can eat small amounts of bland foods such as pasta for 24 hours, 


NATURAL REMEDIES 
In a survival situation, there are various natural remedies you can try to 

stop diarrhea or alleviate symptoms such as stomach pain, although some 
are more palatable than others: 


the hazel leaf is 
heart-shaped 







Cowberry (or 
mountain 
cranberry) leaves 
are smal! and oval 





= Tea: Drink tea made from hazel, cowberry, or cranberry leaves, 

= Bark: Pull sore bark off a tree (preferably oak), remove the inner 
bark and boil it for at least 12 hours, adding more water as necessary. 
The resulting black brew smells and tastes vile, but it contains tannic 
acid and will cure diarrhea. Drink one cup every two hours. 

= Charcoal: Take a partially burned piece of wood, scrape off the char, 
then swallow about a handful with water. 

= Bones: Burn to ashes then grind, or grind bones into a powder 
between two rocks, Make a paste with water, 
then swallow about a tablespoonful. 

= Chalk: Grind into a powder, mix with 
water to a paste, then swallow about 
atablespoonful. 

= Ash: Make a paste of wood ash and 
water, then swallow. This will 
alleviate stomach pain. 


REST AND 
REHYDRATE 
Drink water to 
maintain your fluid 
levels. To help replace lost 
salts, dissolve a packet of rehydration salts 
in the water, or one teaspoon of salt ina 
liter of water, before drinking. 





INTESTINAL PARASITES 


There are two main types of intestinal 
parasite: helminths (tapeworms, 
pinworms, and roundworms) and 
protozoa (giardia, for example). The 
usual causes of infection are ingesting 
contaminated water or food, or poor 
personal hygiene. Symptoms include 
nausea or vomiting, diarrhea (see left), 
dysentry, bloating, stomach pain, 
weight loss, or arash or itching around 
the rectum. Seek medical advice as 
soon as possible, 


WILDERNESS CURE FOR WORMS 
Tf you have passed a worm in your 

stool, swallow a couple of tablespoons 
of kerosene. While this method may 
make you sick, it will malce the worms 
sicker, Gasoline will also work but is not 
as effective. 


HOW TO AVOID BEING INFECTED 
Prevention is far better than cure and to 
avoid being infected by parasites present 
in water or spread in feces you should 
always do the following in the wilderness: 
= Boil all water, or use other reliable 
methods of purification (see pp. 198-201). 
® Don't clean your teeth or rinse your 
mouth with water that isn't pure, 

= Don't swim or stand in rivers or lakes 

in places where you could be at risk unless 
absolutely necessary. 

= Cover any cuts or wounds on your skin, 

= Maintain strict personal hygiene in camp 
(see pp. 116-17) and when handling food. 
® Boil any meat you think might be 
infected for at least 20 minutes, or 
ideally until it falls of f the bone, 
before eating it. 


* 
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BONES, JOINTS, AND MUSCLES 


























CRAMP 


This painful muscle spasm can be 
caused by dehydration and a reduction 
of body salts through perspiration— 
so make sure you have enough to 
drink when exercising. Sit down, rest, 
and stretch the affected muscles, 


FOOT 

Help the person stand on his good foot 
and stretch the muscles to reverse the 
spasm, Once the cramp has eased, 
massage the affected area of the foot. 


Support the 
person's foot 


Bend the toes 
tostretch the £ 
muscles } 





CALF 

Sit the person down and support the 
affected leg, Help him to straighten his 
leg, and flex his toes to reverse the spasrn. 
Then massage the painful muscle. 

















Push toes back 
te help stretch 
the muscle 


Massage the calf 
muscles firmly 


THIGH Support the 
If the crampis in oo 


the back of the thigh, 
straighten the leg to 
stretch the muscle; s ) 
if it's in the front of 
the thigh, bend the 
leg, Once the pain 
eases, massage | = 
the affected area, 
Advise casualty A 
toliedownand 7 


IT CAN BE DIFFICULT TO TELL whether an injury is a 
sprain, a broken bone, or a dislocation. The ends of broken 
bones can move, damaging blood vessels or nerves nearby, 
so treat the casualty in the position found and immobilize 
the injured area before letting him or her move. Anyone with 
a spine injury or broken leg must be carried by stretcher. 


SPRAINS AND STRAINS 


A strain is a pulled muscle, A sprain occurs when ligaments that hold a 

joint together are damaged. The ideal treatment is to raise the injury, cool, 
and rest it. If you provide comfortable support, gentle movement can help 
the injury. If in any doubt, treat the injury as a broken bone (see opposite). 








Raise the 
injured 
areq 


Bandage an 
anide from 
the toes to 
the knee 


Leave the compress in place, 

or wrap padding around the 
injury. Apply a crépe bandage from 
below the injury to the next joint. 


Rest and support the injury. 

Wrap a cold compress 
around it for at least 10 minutes 
to reduce swelling and bruising. 


ARM INJURY 


Falling onto an outstretched hand can cause 








‘ Tle knot just 
a broken wrist, forearm, upper arm, or ahove the 
collar bone. Support the affected arm ina collar bone 


on the 
uninjured 
side 


sling. If a casualty can't bend his arm, he 
may have injured his elbow, in which case 
don't use a sling, Instead wrap padding 
around the joint and secure the arm 
to the body with triangular 
bandages. To make sure that 
the bandage isn't too tight, 
check the wrist pulse, 


USING A SLING 

Slide a triangular bandage between 
the arm and the chest. Bring the 
front up over the arm and tie a 
reef knot on the uninjured side, 


LEG INJURY 


Injuries to the legs can be serious, as any fracture is 
likely to be unstable, which means that the ends of 
the bones can move easily, and could pierce one of 
the large blood vessels in the leg, resulting in severe 
bleeding. Don't move the casualty unless you have 

to, and, even then, only when the legs have been 
immobilized. If you see any signs of shock (see p, 274) 
ensure the head is low, but do not raise the legs, 


— ee 


ove) 


and below the injury 


‘Keep 
straight as possible 


Lay the casualty down and support the injury to 
minimize further damage. Call for emergency help. 
Tf this is nearby just maintain this support, You can put 
rolled-up coats or blankets on either side for extra support. 





SPINAL INJURY 


If a person falls and lands on his back, or falls from a 
height, it is best to assume that he has a spinal and, 
probably, ahead injury. Don't move him—support 
his head and neck in line with the rest of his 
back. Moving him could damage the spinal 
cord, which may result in permanent loss of 
movement below the injured area, Call for 
emergency help, or send sameone to get 
help while you stay with the casualty, If you 
have to move him because he is in danger, 
use the log-roll technique (see p, 279). 


Make sure you are comfortable 
becuse you may have to 
walt for help to arrive 
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HAND INJURY 


Injuries to hands are 
often complicated by 
bruising or bleeding. 
Raise the injured hand 
and treat bleeding with 
direct pressure (see 

p, 264), Remove jewelry 
before the area starts to 
swell. Wrap the hand in 
padding and support it 
in araised position with 
asling. 







Wrap band in 
soft, lint-free 
padding 







Casualty can 
help support 
hand 





Secure third Tie second 

and fourth bandage ina 

Put first bandage bandages figure of eight 
ground the knees above and around the 
below injury ankles and feet 


Secure bandages 
with roof knots on 
the injured side 





If help is delayed or you need to transport the 

casualty, put bandages around the knees and ankles 
(and pelvis, if the thigh is injured), and above and below the 
injury. Place padding between the legs, then tie the bandages, 


SUPPORT THE HEAD AND NECK 
Kneel or lie behind the casualty's head, 
Keep your arms steady by resting your 
elbows on your thighs and place your 
hands on either side of his head to keep 
itin line with his body, Wait for help. 


Don't cover the casualty’s 
is he must be able 
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TREATING EXPOSURE 
EXTREMES OF HEAT AND COLD can prevent the body’s | 


temperature-regulation mechanisms from functioning properly. ae peeoneeies 


Both extremes can cause life-threatening injures, so it’s vital to be prepared to give cardiopulmonary 
act quickly. Don’t leave a casualty—call for help or, if possible, resuscitation (see p. 277). 
send someone to seek help while you treat him or her. ld 






HEAT INJURIES 


In hot weather, wear a hat, reapply sunscreen frequently, and stay 
in the shade when you can to avoid heat injuries such as sunburn. 

You'll quickly become dehydrated if you don’t drink enough water 
to replace fluids lost through sweating. 


Raise the casualty’s 
feet so that they are 
higher than his head 










DEHYDRATION 


Help the casualty to sit down and give him fluids to drink; 
water is usually sufficient, but rehydration salts mixed 
with water is best. If the casualty complains of cramp, 
help him stretch the affected muscles, then massage 
them firmly (see p. 270). 


HEAT EXHAUSTION io fs J 
If a casualty feels dizzy and starts to sweat profusely, =a fa \ Er 


but has cold, clammy skin, get him into the shade and give = 
him fluids to drink. Help him to lie down then raise his incase peat\ 
legs—support his feet on abackpack—to help improve Ve cote ; 


blood flow to the brain. Monitor him while he recovers. plenty to dvink 


ott 








HEATSTROKE 


This life-threatening condition may follow 

heat exhaustion or develop with no warning. Fan Ais face to 
Heatstroke causes the body's temperature "##P coo! him 
control mechanism to fail. If a person 
complains of headache, feels dizzy, has hot, 
dry skin, and begins losing consciousness, 
he or she may have heatstroke and will 
need urgent medical help. 


ay Pour water 
over the 
















Move the casualty to as cool a 

place as possible—out of the 
sun. Help him to sit or lie down with 
his head raised and remove all of his | 
outer clothing. * 


the body temperature. Ideally, wrap 
him in a cold, wet sheet. Keep the sheet 
coal by continually pouring water over it, 


COLD INJURIES 


Exposure to cold can result in parts of the body freezing 


(frostnip and frostbite) or the body’s core 
becoming dangerously low (hypothermia). 


FROSTNIP AND FROSTBITE 


Frostnip is the freezing of the top layer of 
skin, usually on the face and extremities. 
The skin turns numb, white, and hard. 
Untreated, it can lead to frostbite, which 
is much more serious—the deeper tissues, 
and even the bone, freeze, The skin turns 
white or blue and feels solidly frozen. 


WARM GRADUALLY 

Frostnip and frostbite can both be treated by 
warming the affected area, though frostbite 
requires more intensive treatment. Warm 
the affected area with body heat—place the 
casualty's hands in his own armpits, or place 
his feet in your armpits, Remove any rings 
and raise the injured part to reduce swelling, 
Ideally, place the affected areain warm 
water. Dress the injury in sterile dressings. 


HYPOTHERMIA 


temperature 








Put gloved 
hands in 
armpits 





This life-threatening condition develops if the body's core temperature 
falls below 95°F (35°C). Treatment aims to prevent further heat loss. 
It’s vital that a casualty is warmed up gradually. If he or she is warmed 
up too quickly, blood is diverted away from vital organs, such as the 
heart and brain, to the skin, which can actually speed up cooling of 

the body. A casualty with hypothermia must be moved on a stretcher. 


Help the casualty to a sheltered 

place where he should rest to 
prevent his body temperature falling 
further. Send someone else to get help. 


Put a thick layer of dry leaves 

underneath him to insulate him 
from the ground. Help him to lie down 
in a sleeping bag and, if you have one, 
cover him with a survival blanket. 


Use dry heather, bracken, 
or pine branches 
for insulation 
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DROWNING 


If a person has been immersed in cold 
water, there is a high risk of hypothermia, 
In addition, the cold can cause the 
heart to stop, or throat spasms can 
block the airway, Water can also 

enter the lungs and cause secondary 
drowning (see p. 255) hours after the 
person appeared to have recovered. 


RESCUING A CASUALTY 

Tf you have rescued a person from water, 
help him or her to lie down with the head 
low. Replace wet clothes with dry ones, 
Treat for hypothermia (see left). Ifthe 
person is unconscious and not breathing, 
give five rescue breaths before beginning 
chest compressions (see p, 277), 





ALTITUDE SICKNESS 

Symptorns of altitude sickness include nausea, 
loss of appetite, shortness of breath, and a 
headache that's not relieved by medication. 
The casualty may also have difficulty 
sleeping and will feel unwell. The only 
solution is to start the descent immediately 
arid remain at a lower altitude for a few 
days. Severe cases will reed to be carried. 


ee 


If possible, and if there is no risk of Give the casualty warm (not hot) 


further cold, remove any wet clothing sweet drinks and high-energy 
foods such as chocolate 


and replace with warm, dry clot! 
don't give up your own clothes. 


hes—but 















Make sure 
the head 
is covered 
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TREATING SHOCK 
SHOCK IS A LIFE-THREATENING CONDITION that oN 
ANAPHYLACTIC SHOCK 


occurs if the circulatory system fails. The most common : : 

: 5 ‘ Anaphylactic shock is a rare but severe 
cause is severe bleeding, but it can also be a consequence of allergic reaction affecting the whole body. 
burns. Initially, there will be a rapid pulse and pale clammy People who know they are susceptible to 

Rin As th iit breathing ty id this carry a special adrenaline (epinephrine) 
skin. As the condition progresses, breathing becomes rapi autoinjector for use in an emergency. If the 
and shallow, pulse weakens, and skin becomes pale gray- casualty has one, but is too weak to use tf, 


blue. If untreated, unconsciousness results. take off the safety cap and, folding it in 


your fist, press tt against the casualty’s 
DEALING WITH SHOCK 


thigh (through clothing if necessary). 
Do not give the casualty anything to eat or drink as an anaesthetic 
may be needed; moisten his lips with water if he’s thirsty. Call for 
help; the casualty must be transported in the treatment position. 


Treat the cause of shock, for example bleeding or Help the casualty to lie down; insulate him from the 
burns (see p, 265), Suspect shock, too, if you notice ground with blankets or bracken, Raise and support 
any symptoms, yet can't see any obvious injury—it could his legs as high as you can above the level of his heart. 


be caused by internal bleeding. _— 








Loosen tight clothing, for example at the neck, chest, 

and waist. Keep his head low; this may prevent him 
from losing consciousness. Keep the casualty warm; cover 
him with a blanket or sleeping bag if you have one, 


Loosen tight clothing 
around neck 












Raise the legs as 
high as possible. 
Use q tree stump, 
some backpacks, 
or anything else 

you have at hand 











Shelter the casualty as much as you can, but 
don't move him unnecessarily. Monitor his level of 
Spree ene response, breathing, and pulse while you wait for help. 
from the ground Begin resuscitation if he loses consciousness (see p. 277). 











Network slicing 


Network slicing would promote end-to-end mobile 
network virtualization by “slicing” the network into 
virtual channels. These virtual channels would be 
autonomous and encompass a set of resources—physi- 
cal or virtual—including bandwidth on a network 
link, processing capacity of servers, processing capac- 
ity of network elements, as well as operations support 
system (OSS) and business support system (BSS) 
processes. Operators could then use these channels to 
dynamically devote the appropriate network resources 
to create a “lane” in the network specifically designed 
for a particular use or service. This would accom- 
modate the many use cases being put forth for 5G. 
The operator-led Next Generation Mobile Networks 
(NGMN) Alliance has sought to define categories of 
5G use cases (i.e., service types) that have distinct per- 
formance characteristics and commercial potential. In 
a 2015 white paper, the NGMN listed eight application 
categories for 5G [3, 4, 5]: 





FEATURE 





. Broadband access in dense areas, 

. Broadband access everywhere, 

. Higher user mobility, 

. Massive Internet of Things, 

. Extreme real-time communications, 
. Lifeline communications, 


. Ultra-reliable communications, and 


CN HD OT FF WY Fe 


. Broadcast-like services. 


Each of these service types demand different net- 
work requirements that are determined by the types 
of traffic being sent and even the types of devices 
sending the traffic. For example, someone download- 
ing cat videos will not have the same bandwidth or 
low latency requirements as a doctor in Los Angeles 
performing surgery virtually on a patient in Mumbai. 
The end-to-end notion of network slicing could be key 
to 5G’s ability to effectively accommodate all of these 
disparate use cases. 











| ig Access node = Cloud node (edge & central) 


ms Networking node J = | Part of slice 





FIGURE 1. 5G’s incorporation of SDN and NFV would allow network slices to be created dynamically and deployed as needed to 


accommodate a variety of scenarios [2]. 
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TREATING SHOCK / BREATHING DIFFICULTIES er 


BREATHING DIFFICULTIES 


RESPIRATORY PROBLEMS need prompt treatment 
because they can prevent sufficient oxygen reaching the 
body tissues. The cause may be temporary, for example 
choking, suffocation, or smoke inhalation, or it can be 

a long-term condition such as asthma that requires 
medication. You may need to get emergency help. 


CHOKING 


When an object becomes stuck in the throat it can cause a 
muscular soasm that blocks the airway. Always ask the casualty 


if she is choking, to make sure. If she can speak, cough, or 
breathe, the obstruction is mild and she will probably be 
able to clear it herself. 


Tf the casualty is breathing, tell her 

to continue coughing. If she can't 
speak or cough, help her to bend forward. 
Support her upper body and give up to 
five back blows in between her shoulder 
blades with the heel of your hand. 


If the obstruction has still not 

cleared, repeat the five back slaps 
and five abdominal thrusts three times, then 
call for help if it's not already on the way. 
Continue until help arrives or the casualty 
becomes unconscious (see pp. 276-77). 


ASTHMA 


This is a condition in which breathing becomes difficult 
because the muscles in the alr passages go into spasm. 
Most people who suffer from asthma carry inhalers 
with them. Many have two inhalers—a brown or white 
“preventer inhaler and a blue “reliever” inhaler to use in 
an attack. If the person does not have any medication, 
sit him or her down and call for emergency help. 


Sit the casualty down and advise her to take 

a puff from her reliever inhaler. Tell her to take 
slow, deep breaths and to sit as upright as she can, 
The attack should start to ease in a few minutes. 


Tf the attack does not ease, tell her to take 

another dose from her inhaler and rest while 
she recovers. If the attack still does not ease, ar is 
becoming worse, emergency help is needed as she 
could lose consciousness. 


Tf back blows fail, 

stand behind her. 
Put your arms around 
her abdomen, clench one 
fist. and grasp it with the 
other hand. Pull sharply 
inwards and upward up 
to five times, Check the 
mouth and remove any 
obvious blockage. 


WARNING! 


Tf at any stage the casualty loses 
consciousness, open the airway (see p. 276) 
and check breathing; the throat muscles may 
relax enough to allow breathing. If he or she 
is flot breathing, begin resuscitation as this 
tay dislodge the blockage (see p. 277). 





















Pull against 
the abdornen— 
not the chest 


WHAT TODO INA 
SURVIVAL SITUAT ION 
The best advice is prevention— 
know what triggers the asthma 
and avoid those things if at 

all possible, However, should 
someone have an asthma 
attack and not have an 

inhaler, try the following: 

= Tell her to exhale as 
completely as she can. This 
expels the “stale” air, with 

litthe or no oxygen in it, It may 
be difficult—and will seem 
strarige—to blow air out when 
the basic instinct is to gulp air 
in, but this does worl. 

= Then, tell her to inhale, 
slowly and steadily, and to 
close her eyes to help calm 
herself while doing so. 


Take slow, 
deep breqths 


2/6 FIRST AID 


UNCONSCIOUSNESS 


IF SOMEONE FALLS UNCONSCIOUS, your priority is to make 
sure their airway is open so that they can breathe. Call for 
emergency help immediately (ideally ask someone to do this 
while you treat the casualty). Don’t move the casualty and 
don't leave him or her alone unless you have to go and get help. 












Falk to the 
eqsuaity and 
ask him te 
open his eyes 


Shake an adult 
eqgsuaity’s 
shoulder 


CHECK FOR RESPONSE 

Gently shake the casualty's shoulders 

(if it's a child, tap the shoulders). Talk to 
him and watch for aresponse. If he’s alert, 
he's conscious. If, for example, he reacts 
weakly, he may not be fully conscious— 
monitor him for any change (deterioration 
or improvement). If there's no response, 
he's unconscious. 


OPEN THE AIRWAY 


If an unconscious casualty is on his back, 
he’s at risk of swallowing his tongue— 
thereby blocking his air passages. Tilting 
the head and lifting the chin will "lift" the 
tongue, clearing the air passage. 


CHECK THE BREATHING 

Tilt a casualty's head back with one hand and 
lift the chin with two fingers of your other hand; 
don't press on the soft tissues under the chin. 
Keep the airway open, and look, listen, and 

feel for normal breathing. If the casualty is 


breathing normally, place him in the recovery Place a hand on Look along the casualty's chest; 
position (see below), If he’s not breathing, begin the forehead to listen, and feel, for breath against 
chest compressions right away (see opposite), tilt the head; lift the chin. your cheek for no more than ten seconds, 


RECOVERY POSITION 


Tf an unconscious casualty is breathing, place him in the feep jower leg straight, Tit the head back to 
recovery position to keep his airway open and clear, ih line with the spine keep airway open 
Remove anything bulky from his pockets. 
Kneel beside him. Bend the arm 
nearest you at aright angle to 
his body then bring the other 
arm across his chest until his 
hand rests against his near 
cheek, and hold it there. 

Bend the far leg at the knee, 
and, still halding the knee, pull 

















Adjust arm so 
that hand is 





- palm upward 
the casualty toward you until pe: Lee i under the side 
he is on his side. rolling forward of the face Lower arm is at 
right angles te body 
to prevent casualty 


rolling forward 


CARDIOPULMONARY RESUSCITATION (CPR) 


If a casualty is not breathing, you must try to keep the body supplied with 
oxygen by using chest compressions and rescue breaths until emergency 
help arrives, This is known as cardiopulmonary resuscitation, or CPR. If 
an adult collapses, the cause is most likely to be a heart problem so treat 
as below. If you have rescued an unconscious casualty from water, start 
with rescue breaths as for a child (see right). If you are unable to achieve 


UNCONSCIOUSNESS ZF 


| 


CPR ON A CHILD 

= Start by giving the child five rescue breaths. 
= Give 30 compressions using the heel of one 
hand only and slightly less pressure than you 
would for an adult. Depress the chest by 
approximately one third of its depth. 


rescue breaths, you can give chest compressions alone, 


HOW TO GIVE CPR 

Kneel beside the casualty, level with his chest so that you don't 
have to change position. If you have someone else with you, take 
itin turns to give CPR so you don't becorne too exhausted, 
Change over at the end of each two-minute cycle, 


Put one hand on the center of the 

casualty's chest—m ake sure you 
don't press on the lower abdomen, the 
tip of the breastbone, or the ribs. 
























Place the heel of your other 
hand on top of the first 
and link your fingers together. 
Keep your fingers off the 
casualty’s chest. 


Begin chest 

compressions, 
Lean over and, keeping 
your arms straight, 
press straight down : 
on the casualty's chest, 
depressing itby P-2 in  ( 
(4-5 cm), Release the 
pressure and let the ( 
chest come back up, but \\ 
don't move your hands, 
Repeat 30 times. 


Pigce heel of 
hand on center 
of chest 






Keon fingers clear of the ribs 


= Continue with 30 compressions followed bry 
two rescue breaths until the child recovers, 
help arrives, or you becorne exhausted. 

= Tf you are on your own, give CPR for one 
thinute before you try to call for help. 


Tilt the casualty’s head to open the airway 

and pinch his nose to close the nostrils, Let his 
mouth fall open slightly. Lift his chin with the fingers 
of your other hand. 


To begin rescue breaths, take a normal breath and 

seal your lips over those of the casualty. Blow into 
his mouth until you see his chest 
rise, then lift your mouth away 
and watch his chest fall. If 
his chest doesn't rise, adjust 
his head and try again. 
Repeat to give a second 
breath, but don't make more 
than two attempts at giving 
rescue breaths before 
compressing again. 





Continue the cycle of 30 compressions 
followed by two rescue breaths until 
the casualty recovers, help arrives, or you 
are too exhausted to keep going. 
= If at any stage the casualty starts 
breathing normally, place him in 
the recovery position (see opposite) and 
monitor his condition until help arrives. 
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MOVING A CASUALTY 
IDEALLY, AN INJURED PERSON should be treated in the (am 6 \ 


position in which he or she was found. Make the casualty Weep Whee 





as comfortable as possible and wait for help. In a survival immediate danger if he is left where you 

situation, if you have to move someone, it’s essential to found him. Even then, only move him if by 

: bil ‘erapy TIPE id tia it doing so you will not injure yourself Don't 

immobilize an injury first to avoid aggravating it. otherwise attempt to move a casualty, a i 
-will make his injueie >—stay with the 

PREPARING FOR A MOVE casualty and send others for a 


Plan your move before you start. Choose a method appropriate to 
the injury. Don't attempt to move anyone by yourself if you have 
help. Encourage the casualty to do as much as possible himself. 


FIREFIGHTER’S LIFT 


This is a technique that can be used to move a conscious casualty if 
youre on your own and need to carry an injured person a short 
distance. It gets its name from the firefighters who originally used it. 
Don't use it if a casualty has head or facial injuries or a broken arm or 
leg, To prevent injuring your back, use your legs to power the move. 


Support the casualty’s injury 
with padding and bandages. 
Help him to stand up, 
= Stand at right angles to the 
casualty, then squat dawn in 
front of him, staying as close to 
him as possible. 
= Your shoulder should be level with 
the top of the casualty’s legs. 


Put your grim 
between his 
fogs so that 
your shoulder 
is.against the: i 
top of fis leg 

Hold his > 
wrist to help 
support him 


Pass your nearest 

arm between the 
casualty’s legs, wrap it 
around his thigh, and 
grasp his leg, Grasp the 
casualty’s wrist firmly 
with the other arm. With your feet shoulder-width 

apart to ensure you're well 
balanced, encourage the casualty to 
lean across your shoulders. 
= Keeping your back straight, hald his 
wrist firmly, and use the strength of 
your leqs to stand up. 


Tal! the casualty to 
keap fis weight off 
the injured foot 




























IMPROVISING A STRETCHER 


If you need to move a casualty who is unconscious, has a broken leg, or a spine 
injury, he must be carried by stretcher, Ideally, call the emergency services, and 
wait for them to arrive. If you can't contact them and you need to get the 


casualty to medical assistance, you may need to 
make a stretcher, Use a hurdle or gate, or make 
the stretcher from poles and coats, 


Push sleeves 
inside jacket for 
added strength 





Zip or button up two or three jackets, Cut two 
@ support poles, strong enough to bear the casualty’s 
weight and 3 ft (1m) longer than the casualty. Lash a 
short forked branch across each end (see pp. 146-67) to 
keep the support poles apart. 


TWO-PERSON SEAT 


If there are two of you, this method can be used to carry 
a conscious casualty who can't walk, but who can support 
himself with his arms. Nominate one person to be in 
charge of the move and give the instructions, Keep your 
backs straight at all times. 


Stand facing each 

other behind the 
casualty, Grasp your left 
wrist with your right 
hand, then grasp each 
other's free wrist to 
make a seat. 





















Ask the casualty to 
put her arms around | ‘ 
your shoulders, Let her sit ‘i 
back on to your hands, 

Rise and take her weight. 
Set off together, leading 
with your outside feet, 







‘ thighs. Link your fingers 


MOVING A CASUALTY 









WARNING! 
be le use thei own 


Place cross-piece at 
each end of the 
stretcher 


Place the side 
of the stretcher 
against the 

casualty’s back 


Immobilize any injury (see p. 271), and roll the 
@ casualty onto his uninjured side. One person should 
support his head while others help to keep his body straight, 
ideally one for the upper body and one for the legs. Slide 
the stretcher in place then roll him gently back on to it. 


SUPPORTING THE UPPER BODY 


Tf a casualty has an injured arm, the seat carry (see left) 
can be adapted to support the upper body. As before, one 
of you should direct the move and always move together, 
Keep your backs straight as you walk, and stop if it causes 
you or the casualty any discomfort. 


Stand facing each 

other, on either side 
of the casualty. Put your 
arms around her back and 
grasp her clothing on the 
side farthest from you. 


Pass your free hands 
behind the casualty’s \ 


together or grasp each 
other's wrists. Help the j 
casualty back onto the — 

“seat,” and lift her. 
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WILD FOOD 


MANY POISONOUS PLANTS in temperate regions resemble edible ones, so you should 
only eat plants that you can positively identify. If you're in any doubt at all, carry out the 
Universal Edibility Test (UET) first (see pp. 206-07). Don't forget that some plants are 
edible only at certain stages of their growth. Never eat wild plants if you have any known 


NAME 


BISTORT/KNOTWEED 
Palygonunr spn. 


BRAMBLE/BLACKBERRY 


Rubus traticosus 


BUCKWHEAT 
Fasropyrait esculentum 


DANDELION 
Taraxacum spp. 


DOG ROSE 
fiosa catia 


STINGING/ 
COMMON NETTLE 


Utica dioica 


SUGAR MAPLE 
Acer saccharin 


WALNUT 


JSugfansspp 


WATER CHESTNUT AND 
WATER CALTROP 
irapa natans and 7 bieornis 


WILD GRAPE 


Métis spe. 


WHERE 


« Damp, grassy habitats, such 
as meadows, in North America 
and Eurasia. 


« Ty most temperate habitats 
worldwide, but particularly 
strubland, hedges, and woodland, 





a Open grassland worldwide. 


» Widely distributed in temperate 
areas of Eurasia; intracuced to 
the Americas, Australia, and 
New Zealand, 


« Th hedgerows, woodland margins, 
and serubland in Europe, northwest 
Ajrica,.and western Asia; 
intreducedto other regions. 


« Fy hedgerows and ivoodland 
margins in North America, 
Eurasia, and North Africa, 


« Woods and forests in northeastern 
North America. 


« Temporate areas in Eurasia and 
North America. Common in the 
Himalayas. 


» Tn slow-moving water in warm 
temperate areas of Eurasia and 
Atvica: introduced ta Narth 
America and Australia. 


« Inmosthabitats in North America 
and Eurasia. 


IDENTIFICATION 


« Perennial plant, 16-40 in (40-100 em) tall. 
Green, triangular leaves. Small pink ar-while 
flowers form dense, cylindrical Tlowertieads 
at ond of long, unbranched stern. 


= Scrambling deciduous shrub with tharmy stems 
forming thickets. Grean, toothed leaves. White 
or deep pink five-petaled flawers. Fruit rigens to 
dlue-black in late summer, 





a Roc-stermed plant up to 2 tt (60 cm) tall, 
Green, triangular leaves. Small pink five-petaled 
flowers grow in clusters. Triangular seeds. 


= Rosette of green, jaqged-edged leaves grows 
close ta the ground from a central taproot. 
Large, bright yellow flower head matures into 
aspherical “clock” of several seeds. 





= Scrambling deciduous shrub with spiny stems. 
Dark green, toothed! leaves, Seentless, white, 
pink oF deep pink five-petaled flowers. Fruit. 
or “His,” isorenge-red and oval, 


« Perennial herbaceous plant, 20-60 in 
{50-150 cm) tall, Green, oval, toothed leaves 
covered in stilf stinging hairs. Small green 
flowers sametines havea redtinge 


» Deciduous tree, usually $2-115 ft (25-35 m) 
tall, Gray-brown bark Smooth on young trees, 
furrcwyed and flaky on old trees. Greon, 
five-lobed leaves turn bright red in fall, 


® Large deciduous tres up to BZ ft (25 m) tall 
wilh distinctive gnarled bark. Green leaves have 
narrow ‘eaflets. Nut has a thick, green fusk, 
which rots eway once it falls to the cround. 


« Green, triandular, saw-toothed leaves float on 
surface, White fouy-petaled flowers, Fruit is 
porne underwater and has four sharp spines 
and one hard gray seed. 


= Sorawiling, high-climaing vine with large, 
lobed leaves, Frult grows as hanging bunches 
of berries, which are amber or dark purple 
when ripe, 


EDIBLE PART 


a ‘Young shoots 
and |eaves 
» Roots 


= Fruit 
= Young shoots 
a Leaves 


w Seeds 


a [eaves 
= Roots 


« Hips 

» Buds and 
flowers 

= Young leaves 


= Young shaots 
and leaves 


a Sag 
« Inner bark 


= Nuts 


» Seeds 


= Fruit 
« Young leaves 


TEMPERATE PLANTS 2 Sl 


allergies, a pre-existing meciical condition, or are pregnant. The UET doesn’t apply to 
mushrooms, so never eat any mushrooms unless you can positively identify every single 
one as being edible. As part of your preparation for your trip, you should familiarize 
yourself with the edible plants in the region you're visiting, and their seasonal availability. 


PREPARATION 


= Young leaves and shoots can 
fie eaten ray or boiled, 
= Soak roots, then boil ov roast. 


« Fruit and peeled young shoots 
are edible raw, 
« Infuse the leaves to make tea, 


= Hulland grind the seeds to make 
buckwheat flour. 

= Roast seeds and cook with water 
jo maxe porridge. 


= Your leaves can be eaten raw; 
boil old leaves to yemove the bitter 
taste (change ihe water once), 

« Boil the rants 


» Buds and flowers are edible raw. 
» Chew lhe pulp of yaw hips, or dry 
and eat lala, 
= Boil leaves in water to make tea. 


» Ball the plants for 10 minutes 
io destroy Lie formic acid and 
histamine in the stinging hairs. 


= Bail say into a high-energy syrup. 

= Eat inner bark raw or boil intoa 
gelatinous mass, than roast and 
Orind into flour, 


® Crack the shell and eat the ripe 
nut raw. 


» Seeds can be ealen raw or 
roasted. 


® Ripe fruct is best eaten raw. 
» Bollyoung leaves. 


SIMILAR PLANTS BEWARE OF 


« Alpine bistort (2 viveanua is 


common on vocky.soils in northern 
aloine regions and the Arctic. 


» Wild raspberry C& fdzeus) fruit 
ripens Loa bright red. Tea made 
from the leaves can be used to 
treat diarrhea. 


» Caiching yoursell on thorns. 


« Buckwheat leaves are edible but 
tan Cause photosensitivity of the 
skin ff eaten in large quantities. 


= Thehipsof allwild roses (asa 
Sop) are edible, bul. do nol eat the 
seeds f thay are prick yas they will 
irritate the throat and stomach. 


= Gather and handle the plants 
caréfully, wearing glaves i you 
have then, to avoid being stung 
py the hairs. 


» Dead nettles (Lana spe) are 
also edible if cooked, They fave 
heart-shaped leaves and white or 
purple flowers. No staging hairs. 


« Redmapile (4. repr} also 
produces sweel sap. 

= White birch (Batwa son) has 
adible inner hark. 


= Moonseed vines (Menisnerriuntt 
sop) have qrapelike truits, which 
are poisonous. Uniike edible grapes, 
they only have one seed. 


EXTRA INFORMATION 


» Roots are twice twisted and 
are said taresemble two snakes. 
They contain starch and can be 
used to make flour. 


» Blackberries and raspberries 
are high in vitamin C and sugars. 
Blackberry leaf tea can be used 
tatreat colds and coughs. 


« Roots can be roasted and ground 
to make a substitute for coffee. 
The leaves are high in vitamins 
Avand ¢, iron, and calcium 


» Rose hips ramaiy on the shrub all 
year. They arerich in vitamin C. 
Boil crushed hips in water then 
strain to make a nutritious syrup. 


= Fresi nettles are rich i protein 
and vitamin, The fibers in 
mature sterns can be woven 
into cordage (see pp. 138-41). 


« Tocollect the sap, cut a V-shape 
into the trunk, make a hole below 
the cut, and inserla leaf to quide 
the drips inte acontainar belaw, 


« Rich in fat, protein, and vitamins. 

® Crushed green husks of black 
walnut (4 migra) are toxic 10 fish. 
Use ta poison and catch them. 


« Water chestnuts are a 
source of carbohydrate. 


« Ripe grapes are rich in vitamin C 
and sugar. Water can be obtained 
from the vine stem (see p. 192). 
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WILD FOOD 


SOME OF THE PLANTS listed below are good sources of water/liquid. In a survival 
situation in the desert, don't eat food if you don't have any water, as your body will use 
up its own water to digest it. Only eat plants that you can positively identify and, if you 
are in any doubt at all, carry out the Universal Edibility Test (UET) first (see pp. 206-07). 


NAME 
ACACIA/WATTLE 
Acacia S00. 

AGAVE 
Agave spp. 
AMARANTH 
Almarantins Sop, 


BAOBAB 


Aldansaniz spp. 


GAROB TREE 
Gergana Sigua 


CARRION FLOWER 


froodia sop 


DATE PALM 
Phoaniy dactyiitera 


PRICKLY PEAR CACTUS 


Opuntia spp. 


WILD GOURDS 
Cucurbitaceaa 


WHERE 


« Africa, southern Asia, Australia, 
and the Americas. 


» Scuttern USA and Mexico, Central 
America, the Caribaean, and 
northeastern South America. 


= The Americas, Africa. and Asia. 


« Africa and northern Australia. 


« Mediterranean, northern Atrica, 
Middle East, and India. 


» Southwest Africa, 


« Vest and North Africa, Middle 
East, and India; introduced ta 
Mexico and USA. 


» The Americas; introduced tothe 
Caribkiean, the Mediterranean, 
Atrica,and Australla 


» Kalahari Deseyt (Namibia), 
the Sahara, islands in the 
Mediterranean, the Middle 
East, and southeastert| India. 


IDENTIFICATION 


« Thorny, medhim-sized trees with oray-white bark. Green leaves 
divided into many small, oval leaflets, Small, bal}-shaped yellow, 
white or pink flowers. 


= Rosette of flashy leaves with share tie and soiny margin 
Central, tall flower stalk. 


» Jal) herb with altermating jeaves and erect flashystems. 
Tiny brown/biack seeds (one plant praduces 40,000- 
60,000 seas). 


« Large trees with swollen trunks, up-to 30 ff (9 mi) in diameter, 
freer) leaves have 5-/ digit-like leaflets. Oblong fruit up to 
B in (20 em) lang 


» Evergreen tree up te 50 ft (15m) tall. Shiny areen leaves up 
to 8 in (20 cm) long. Small red flowers. Flat leathery seed gods; 
dark-oreen/black when ripe. Hard brown seeds. 


« Humerus thorny, succulent stems up to 6 ft (2 m) tall 
Star-shaped or shallowly bell-shaped flowers qive aft 
the smell of rotting meat. 





« Tall slender pains with a large crown of Green leaves, 
divided into many nanow leaflets. Fruilreddish-orawn 
when ripe. 


» Thick, jointed, flat, pad-like, gveen stems covered in 
spines. Red or yellow flawers, Fruit red when ripe 


» Ground-tralling green vine. Bright yellow flowers. 
Drange-sized green or yellow fruit. 


DESERT PLANTS 


Don't forget that some plants are edible only at certain stages of their growth. Don't 
eat wild plants if you have any known allergies, a preexisting medical condition, or 
are pregnant. When planning your trip, it’s advisable to familiarize yourself with the 
edible plants in the region you are visiting and their seasonal availability. 


EDIBLE PART 


Seeds (from dark brown pods} 
Young leaves and shoots 


= Stak, before in flower 
= Buds and flowers 


PREPARATION 
« Roast seeds. 


» Eoil leaves and shoots. 


» Roast the stalk. 
= Boil buds and flowers. 


BEWARE OF 


= Catching yourself on thorns. 


® Juice from many species can 
Cause acute contact dermatitis, 
with reddening and blistering 
lasting 1-2 weeks. Leaves have 
needledike ends, 


EXTRA INFORMATION 
= Rocts may be tapped 
for water. 


= Roasted stalk tastes sweet, 
like molasses. 





Yourigshaats and leaves 
Seeds 


Shoots and young leaves 
Frult 
Seeds 


Pods 
Seeds 


Sleris 


Frult 

Growing tis of the palm (heart) 
Young leaves 

Sap 


Frult 
Seeds 


Pads 


= Fruit (Tsamma melon anly) 
= Flowers 

= Sees 

= Yourg leaves and shoots 


= Eat shoots and leaves raw or 
boiled or stirfried, 

= Rarrioye chaff from seeds, then 
cook (ike popcorn or orind into 
flour to make bread. 


» Eat the fruit pulo raw. 
» Boil shoots and leaves. 
« Roast seeds. 


« Eat the sweet, nutritious pulp 
of the pods raw, 

«= Grind the seeds inte flour and 
make into porridge. 


» Tap the stems for their water, 


» Eat the fruit (dates) raw or 
sun-dried, 

« Boil the leaves and heart. 

« Boil the sap down to a syrup. 


« Poel fruit and eat raw. 

» Roast and grind seeds to a flour, 

« Boilor grillyoung pads, first 
removing thorns by peeling or 
scorching over a fire. 


«= Pound fruit toa pulp andeat raw. 
« Eat the flowers ray. 

» Roast or boil seeds. 

= Chew leaves and shoots for water 


» Amaranth leaves are high in oxalic 
acid, which can irritate the gut and 


cause kidney stones, so eat in 
moderation. 


a Soines. Avoid any similar-tooking 
plant that has milky sap as it may 
be poisonous. 


= The trult of the wild desert gourd 


or colocynth (Ciiudiss coaeynthis) 


is very bitler and is a strong 
laxative. 


=» Amaranth leaves are a common 


leai vegetable in tte tropics and 
warm Temperate ragions. 


Ee 


« Tap the trunk for water. Kalahari 


oushmen suck watar through 
holes in the trunk using the 
hollow stems of grasses. 


= The slams cortain an appetite 
Suppressant. Kalahari bushmen 
chew the stems of several Hoadia 
species before and curing their 
long, arduous hunts. 


= Data palms always grow near 
water. The leaves can he used 
tothatch ashelter. 


= The non-miky sap from the 
pads is a. good source of water, 


® The Tsamma melon (C /anatns) 
isalso known asthe wild 
watermelon. The fruit pulp 
isa. good source of water 
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WILD FOOD 


A GREAT NUMBER OF PLANTS flourish in the tropics, growing all year round in the warm 
and humid conditions—those listed below are just a few of the most common varieties. 

When you plan your trip, you should familiarize yourself with the edible plants in the region 
you are visiting. In tropical forests, most fruits are borne high in the canopy—out of reach, 


NAME WHERE IDENTIFICATION EDIBLE PART 
BAMBOO « Tropical and subtropical forests. = Treedike grasses with woody. segmented, » Young stools 
Bariiseze hollow stems ranging trom black to green to » Seeds 
gold in colny, Green blade-like loaves. Species 
range in height from 14414 ft (5-35 np. 
= Fruit 


BANANA AND PLANTAIN 


Apiosear 
JAUSE SPN. 


» Native to Australia and Southeast 
Asia; introduced to other 


= Treetike herbaceous plants up ta 33 ft(10 m) 


tall. Large, green, strap-like, split leaves. » Buds and flowers 








tropical regions, Flowers and fruit grow in dense hanging * Shoots and young 
clusters. set 
« Roots 
BRAZIL NUT = Alona viver banks in rain forests » Large dry-season deciduous tree up to 150 ft » Seeds or “nuts” 
Bertholletia excatsa in South America, (45m) tall, Green, oolong, crinkly leaves. Yellow 
flowers. Fruit is the size of a coconut with a 
hard, woody shell and contains 8-24 ssecis, 
CEYLON/VINE SPINACH « Widespread in tropical forests. = Trailing, vine-like plant reaching 100 tt(30 rm) » Young leaves and 


Basella aida 






in length. Beet-red stems. Fleshy, oval or stems 


heart-shaped, green or red-purgle leaves. 





FIG. « Variety of Habitats in tropical m Evergreen tree with long aerial routs growing ® Ripe fruit 
Ficus spo. and subtropical regions. from the trunk and branches. Lealhery grean 
loaves. Pear-shaped fruit qraw directly from 
thetruntor branches, 
PAPAYA/PAWPAW « Native ta tropical rain forests « Small tee upto 20 fl (6 m) high, with a soft = Fruit 
Cariéa papaya in the Americas; introduced to follow trunk. Large green leaves have seven = ‘Young flowers, 
ather tropical and some Inoes, Large melan-like fruit turn yellow ov leaves, and stams 
temperate regions. orange when ripe. 
PEANUT » Native to tropical rain forests « Small, bushy plant-up to 1¢/sft (50 em) tall. = Seeds or “nuts” 
Arachis iynogaea in the Americas; introduced to Paired, oval Greer leaves grow fourto.a stem. 
other tropical and some Yellow flowers, Underground lequine (nad) 
temperate regions. contains 1-4 nuts. 
SAGO PALM » Damp lowlands of tropicalrain = Soiny-trunked palm up to 33 ft (10 m) tall, = Pith 


iMetronvion s2gu 





forests in Southeast Asia: 
introduced elsewhere. 


Crown of pinnate (feather-like) green leaves. = Your shoots 


= Young nuis 


WATER LILY » Lakes, ponds, andrivers in tropical = Flat, green, heart-shaped leaves float on = tubers 
Nymphaea and subtropical regions worldwide. surface of water, Large, while, yellow, gink, = Stems 
Also found in temperate regions. or blue fragrant fiowars. = Spade 





Virtualizing the 5G Architecture 





The Open Networking Foundation, in an April 
2016 white paper, called out SDN’s ability to support 
multiple services over a common architecture as a key 
enabler for network slicing. SDN also allows for slices 
to be created dynamically and deployed as needed 
to accommodate a variety of scenarios (see figure 1). 
Currently, 4G mobile networks prioritize traffic to get 
a similar effect, but with more rigidity and limitations. 
However, as 4G networks incorporate SDN and NFV, 
network slicing will become an option. 


C-RAN 


There are more than six million base stations (exclud- 
ing small cells) deployed worldwide across approxi- 
mately five million different cell sites serving close 

to four billion users. The surge in demand for con- 
nectivity has network operators searching for ways 

to shrink their network footprint, lower operational 
expenditures (OPEX), and still meet users’ demand 
for access. C-RAN meets these requirements and has 
either been implemented or trialed by several opera- 
tors including Verizon, AT&T, KT (South Korea), and 
China Mobile. Radio base stations currently depend 
on special purpose-built hardware deployed at the cell 
site. The baseband processing unit (BBU) is the part 
of the RAN that is responsible for managing the radio 
functions (or all functions that require an antenna). 







The BBU is one of the parts of the RAN that can be 
moved to a central location, creating a pool of BBUs to 
serve multiple base stations. C-RAN aims to centralize 
and virtualize baseband processing to reduce cell site 
costs and enable coordinated scheduling of resource 
blocks across a coverage area [6]. 


Figure 2 illustrates the evolution from the classic 
RAN model to a C-RAN setup. On the left, the classic 
model has the BBU deployed at the cell site connect- 
ing to the core network over IP/Ethernet transport. 
Any coordination between cell sites takes place over 
the X2 interface, which allows two sites to communi- 
cate. In a C-RAN architecture, the BBUs are pooled 
at a location away from the cell site. Pooling BBUs 
negates the need for the X2 interface as communica- 
tions between cell sites now takes place internally. This 
is one of the reasons for the increased performance 
in C-RANs. The C-RAN model also makes updating 
the waveform and protocols easier as it only requires 
a software upgrade at the centralized BBU and not at 
each individual cell site 


The move to a C-RAN architecture increases the 
flexibility of the network by allowing providers to, in 
theory, even change the types of RANs used—from 
3G to 4G. For instance, in an area that has a mix of 3G 
and 4G users, operators can rebalance radio frequency 
resources by shifting more resources to 4G when 4G 


Digital RF over 
Fiber 


Digital RF over 
Fiber 





FIGURE 2. Unlike the traditional RAN model (on the left), C-RAN technology (on the right) pools the BBUs at a location away from 
the cell site offering an increase in performance and simpler upgrade path [6]. 
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unless you can climb the tree. Only eat plants that you can positively identity. If you 

are in any doubt at all, carry out the Universal Edibility Test (UET) first (see pp. 206-07). 
Don't forget that some plants are edible only at certain stages of their growth. Don't eat 
wild plants if you have a known allergy, a preexisting medical condition, or are pregnant. 


PREPARATION 


= Split the tougt outer sheath of the 
shoots, and ball ar steam. 

# Boil the seeds or grind, mix with 
water, make into cakes, and bake. 


= Fruit and Towers are edible yaw 
or cooked. 
= Cook shoots, stems, and roots. 


= Break fruil capsule open, crack the 
niut’s shell, and eat raw. 


« Steam, boil, stew. or stir-fry the 
leaves and stems. 


= Eat Lie fruit raw ar cooked, 


» Flesh of ripe fruit is edibleraw. 
Unrige iruit js ediole cooked. 

= Flowers, leaves, and stems must 
be boiled, and the water must 
be changed at leastance, 


= Remove tte shell andeat the 
nuts raw. 


= Drush the pith, knead It in water, 
Strain into a pot, and let the fine 
saga settle, Squeeze and let dry. 
Mix toa paste with boiling water. 


= Poo! andslice the tubers, which 
Can be eaten raw. 

= Stems are best cooked. 

= Dry and orind the seeds inte four 


SIMILAR PLANTS 


» The saoucaia tres (Leavihisspo) 
produces ediale seeds in a similar 
frutt cansule, They are called 
paradise nuts, 


» [any palms have edible parts. 
The sugar palm (Arenga ginmata) 
fas an edible sap which can be 
boiled down to a thick syrup. 


« All parts of the lotus (Velumbo 
spo. are edisle raw or cooked), 


BEWARE OF 


= Shoots of the giant bamboo 
or valohosy (Catianastachys 
Madagascarems) contain 
prussi¢ acid (cyanide), 


= Donteattoomuch, as the plant can 
have a mild laxative effect. 


= Don'teat any hard, woody fruit, 
or {hose covered in fairs. 


« Don't get the milky juice of green, 


unripe fruit in your eyes as It will 
cause Temporary dlindness. 


= Dorthandle or eat it you are 


allergic to peanuts. 


= Don'teata palm’s fruft unless you 
have positively identified fas an 
adible variety as the fruit of some 
species contain harmful crystals. 


EXTRA INFORMATION 


= Bamboo stems often told water 
(see p. 190). The stems can be 
used for cooking (see. 204) and 
building a shelter See p. 169). 


» Banana and plantain fruit is rich 
in potassium and vitamins A, Bé, 
and ©. Hard, unrige plantain irutt 
isonly edible when coaked. 


» Ripe fruit capsules fall to the 
ground, Rodents and monkeys 
are attracted to the nuts, wnich 
are rich In fats and selenium, 


» Young leaves and stams are rich 
in vitamins. 


» Edible flas are sofl when ripe 
and green, red, or black in color 


= Ripe fruit isrich in viiamin © 
Unripe fruit vill igen quickly 
f placed in the sun. 


«= Peanuts ara a cond source of 


protein, B vitamins, and minerals. 


= A mature palm will yield 
330-660 la (150-300 ke) 
Of Sago starch—almost pure 
carbohydrate 


= The tubers are yich in-starch. 
The seeds have a bitter taste 
but they are edible. 
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WILD FOOD 


WHEN PREPARING FOR YOUR TRIP, you should familiarize yourself with the edible 
plants in the region you are visiting and their seasonal availability. Only eat plants that 
you can positively identify and, if you are in any doubt at all, carry out the Universal 
Edibility Test (UET) first (see pp. 206-07). Don't forget that some plants are edible only 





NAME WHERE IDENTIFICATION 
ICELAND MOSS = Mourtainous areas in Arctic, « Mat-forming lichen, up Lo 4 in (10 em) high. 
Cetrarta isianaica sub-Arotic, and cold temperate veqians Gray-aqreen to pale chestnut oranches, rolled 
in North America andl Europe: fava inta tubes terminating in flattened lobes with 
slopes dnd plains of Iceland. fringed edges, 
REINDEER MOSS # Turdra, bogs, and open weocllands » Mat-forming lichen, 2-4 in (5-10 em) high, 


Cladonia rangiferina 


in Arctic, sub-Aretic, and northern 
lemperaie regions. 


Gray, rounded branches resemble antlers, 























ROCK TRIPE 
Uni feari2 sip. 


ARCTIC WILLOW 


On rocks in Arctic, sub-Arctic, 
and northern temperate regions. 


Tundra in North America, Europe, 


= Rounded lichens with curling edges, usually gray 
or Drowth, 


a lat-forming shrub, 1-2 ft (30-60 em) high. Rounded, 





























Say arctic? and Asia; mountainous areas in shiny qreen leaves. Flowers grow as yellow catkins. 
some northern temperate regions. 

BEARBERRY = Mountainaus areas in Arctic » Dwarf evergreen shrub, Thick, leathery, club-shaged 

Avctostaphpias uva-urt and sub-Arctie regions. green leaves, Pink or white flowers. Bright red berries 


grow in clusters. 




















BOG LABRADOR TEA 
Rindodendkon groemandicun 


CLOUDBERRY 
Rubus chatnaenorus 


Bogs anid alpine areas in Arctic, 
sub-Arctic, and temperate regions 
in North America ane Europe, 


= Evergreen shrub, 1-3 ft 0-90 cm) high. Narrow, leathery, 
green leaves are hairy underneath and fragrant. Small, 
fragrant, white flowers grow in clusters and are sticky 





Bogs, marshes, and wet meadows 
in-alpine and sub-Avetic regions of 
North America, Europe, and Asia. 


» Perennial stivub, 4-10 in (10-25 em) high. Suit, green 
leaves fave 5-7 lobes. White flowers have live petals. 
Rasherry-sized, amber berries grow at the top of the plant. 





CROWBERRY 
Embelrurn nigrurn 


KERGUELEN CABBAGE 
Pringiag antiscorbunies 





Tundra, moorlands, bogs, and 
soruce forests in Arctic, sub-Arctic, 
and northern temperate raqians. 
Also found in the Andes. 


= Rocky areas of sub-Antarelic islands 
inthe Indian and Southorn Oceans. 


» Dyarf, evergreen, mat-forming shrub. Short, pale green, 
needle-like leaves, Small, purole-red flowers. Black berries. 


« Cabbage-like plant. 
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PLANTS IN COLD CLIMATES 





at certain stages of their growth. Don't eat wild plants if you have any known allergies, 
a preexisting medical condition, or are pregnant. There are no poisonous types of 
lichen (althought see rock tripe entry, below), but they must all be soaked in water 
overnight and boiled well before they can be eaten. 


EDIBLE PART PREPARATION BEWARE OF EXTRA INFORMATION 





® All = Soak for several hours. » All lichens contain an acid « high in vitamins 4 and B. Important source of 
then boil well. that.will cause stomach food for reindeer (caribou). Partially digested 
irritation unless soaked lichans from the reindeer’s stomact are considered 
and boiled before eating, a delicacy by herders. 





= Young shoots = Pool off cuter bark and eat a Arctic willow leaves have 7-10 times mare 
# Leaves inner shoots raw, vitamin 6 than an orange. 
= Young roots = Eal the leaves raw. 


«= Peal roots and eat raw, 





= (Bayes «= Infuse tomake tea. = Pick individual leaves rather than whole branches 
andharvest trom saveral shrubs. Northern Labrador 
tea (A tomentesun) leaves also make a fragrant tea. 
The plant grows in peaty sails and.on tundra. 





® Berries = Eat raw or cooked. » Bears feeding on the = Previous year’s berrias will ast on plant until 
herries, spring if not picked. Fresh herries can bo 
cried for storage. Low in vitamins. 
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WILD FOOD 


THERE ARE NO POISONOUS SEAWEEDS, but some may cause gastrointestinal upset. 
The seaweeds listed below are common and safe to eat if gathered when still growing, 
but should only be eaten in small quantities at first. Don’t eat seaweed if you are short 
of fresh water to drink. Only eat plants that you can positively identify and, if you are in 


SEAWEEDS 


NAME 


GUTWEED 
Epteromorphia spp. 


WHERE 


= Sallmarshes and rock pools in 
cald-temperate waters worldwide, 


IDENTIFICATION 


« Fale or bright green, tubular, unbranched stems, 
8-16 in (20-40 em) tone. 











KELP 


Alariasop., Lansiariz sop,, and 


» Rocky coasts of the Atlantic and 
Pacific ageans. 


» Very long, strap-like, olive-green to brown fronds. 
Giant kelo (Mi. ayvifera) is the largest seaweed 
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Maerocystis sap. on Earth, reaching lengths of 150 ft (45m). 
LAVER a Rocky coasts worldwide. » Very thin, Irreaularly shaped membranaus trond. 
Porwplyra sop. upto 20 in (50 em) lang. Color varies from 
glive-yreen to purple-brown or blackish, 
COCONUT PALM = Sandy, rocky, and coral coasts in » Woody perennial tree, upto 72 ft (22 m) tall, with 
hie tropics and subtropics worldwide. a crown of pinnate Geather-like) eaves, Gray trunk 
= is ringed with grown scars. 
GLASSWORT/ a Sait marshes-and coastal mudflats « Bright green, jointed, fleshy stems, 4-12 in (10-30 cm} 
MARSH SAMPHIRE of western and eastern North high. Seale-like leaves and tiny flowers are sunk inta 
Salicopnia spp. America. western Europe, and the stems. 
lhe Med farranean, 
ORACHE/SALTBUSH = Sandy and shingle beaches worldwide. = Sprawling plant with spikes of small, greenish flowers. 
Atriplex spp. Pale- or silyery-Green leaves are either triangular or 
spear-shaped, sometimes lobed, 
SCREW PINE = Tropical eaasts from Madagastar to = Tree up to 30 ft (m) tall, supported by stiltlike aerial 
Panianusspp. southern Asia and Islands in the roots. Strapi-like, Saw-loothed leaves are grouped in 


southwestern Pacific, 


spirals. Lare, globular knebbly fruit risens trom 
green to orange or red. 




















SCURVY-GRASS 


«Salt marshes and rocky coasts of 


« Cregping plant, 4-16 in (10-40 cm) high, with thick, 


























Cocvedr/a Sop, northern North America and northern fleshy, dark green, heart-shaped leaves. Small, white. four-petaled 
Europe and Asia. flowers. 
SEA BEET w Salt marshes, shingle beachas, and * Sprawling plant up 19.40 in (1m) high, with glossy green, 
Pata vulgaris mavitina cliffs in Europe. stems and leaves often tinged red. Tiny green flowers 
grow in clusters on the stems. 
SEAROCKET » Sandy shores in North America, = (Ip to 15 in (40 err) high with deaply lobed, flashy, qraan 
Gakite spp. Europe, Asia, and Australia, leaves. Pale lavender, four-petaled flawers. 
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COASTAL PLANTS 





any doubt at all, carry out the Universal Edibility Test (UET) first (see pp. 206-07). 
Don't eat wild plants if you have any known allergies, a preexisting medical condition, 
or are pregnant. When planning your trip, it is advisable to familiarize yourself 

with the edible plants in the region you are visiting and their seasonal availability. 


EDIBLE PART PREPARATION BEWARE OF EXTRA INFORMATION 





» Fronds « Bast toiled though young « Large doses of iodine can = Sugarwrack (f. sacchavna) tastes sweet, as its 
fronds can be eaten raw. ba harmful, name implies, and can be eaten fried or bailed, 
Kelp is high in iodine, small amounts of which 
are needed for good healtti.. 





eS cores « Drink the milk fresh. » Meturecoconutmik needs =» Green, unripe caconuts are a good source of 
« Eat the flesh raw or extra water Lobe digested. water (See p. 190). Cocanut milk is eich in sugar 
sun-dried. It's also a laxative, so don't. and vitamins and contains pratein, The olly fest) 
drink too much. is also nutritious. 





= (paves « Young leaves can be eaten « Alnplarspecies are restricted to saline soils, As 


raw, alder leaves should wollas coasts, they are alsa found inlandon the 
be boiled. shores of alkaline lakes ancl in deserts, Gray saltbush 


(A. cinered) is a type of bushfood in Australia, 





= Loaves » Eat the leaves raw or pulp = Scurvy-grass leaves are yich in vitamin C— sailors 
and dritik. used to eat (or drink) them to prevent scurvy. They 
are yery bitter, so are best leached in water, but 
you should eat Liem in a survival situation. 





= Leaves. = Leayes andyoung pods can « Searackat leaves have a poppery taste. One 
= Young pads heeaten raw, species of Cakiegrows in the deserts of the 
Arabian Peninsula, 
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WILD FOOD 


ALL MAMMALS ARE EDIBLE, but some species or groups of mammals are in danger 
of extinction and are protected by law; the mammal groups listed below contain many 
species that are common in their areas of distribution, and are not usually dangerous 
if approached and handled correctly. However, when preparing for your trip, you must 































































































NAME WHERE IDENTIFICATION 
BATS = Jamperate and tropical regions « The ony mammals with true witgs and the ability ta 
Chirgntera worldwide. fly. Wingspans vary trom 6 in (15cm) Lo over 5 ft (15 m) 
in the large fruit hats, or flying foxes (Megachiraniaea). 
TREE SQUIRRELS » North and South America, Europe, = Small oy mecilumn-sized rodents, with large, bushy tails. 
We Schuns and temperate parts af Asia 
= 
e 
ol : 
i 
~ PORCUPINES * North and South America, Africa = Large, rounded rodents, with a coat of sharp qullls. 
ea) Hysiicomarpha and tropical Asia. 
= 
ANTELOPE AND « North and South America, Airica, ©» -Hoafed mammals, with lang legs and barre|-shaped bodies. 
DEER and Eurasia. Wale antelope have permanent horns; male deer have antlers, 
Bovidze and Cavidze which they shed and regrow each year. 
GUINEA PIGS = Northwestern, central, and » Small rodent, with dark, coarse fur, shorl legs, and no tall, 
Gavia spp. southeastern South America, 
= HEDGEHOGS » Europe, Africa, and Asia; = Small, short-legged insectivorous mammal with spines on 
ay frinaceinge introduced to New Zealand, back and sides of body, 
~ 
2 
———EE SSS. 
<= KANGAROOS = Australia. » The largest of the marsupials (pauched mammals}, with lang, 
AMacrapusspp. strong tails, large back legs, and short forelegs. 
RABBITS AND » Most habitats worldwide, from = Small or medium-sized herbivorous mammals, with larqe ears 
HARES arctic tundea te sombedosart. and snail, round, furry tails. Fur is usually brown or dark aray; 
Leporidae the Arctic hare (Leous avedicus} has a winter coat: white with 
black ear tips, 
“BEAVER . North America andnorthwestern = arge-semi-aquatic rodents, with coarse, brown fur, wenbad 
5 Castorspp. Eurasia, feet, and a flat, scaly tail. 
=. 
z 
~~ 
z CANE RATS » Sub-Saharan Africa. = Large rodents, with coarse, brawn fur and along, naked 
ra Thevonomysspn. tall. The greater cane ral (7 swradarianus) is sarmi-aquatic. 
=) é 
S 
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familiarize yourself with those mammals that can be hunted in the region you are 
visiting and their seasonal movements. Some countries and/or states will require 
you to have a hunting license or permit. For trapping and preparation methods, 
see pp. 216-23, and for cooking suggestions, see pp. 204-05. 








HOW TO FIND BEWARE OF EXTRA INFORMATION 

« Active at night. Roost in colonies in caves and » Sharp teeth. Some bats carry rabies or ather « Large, plump, fruit-esting hats, such as the 
trees during the day. Temperate species diseases (see pip. 300-01), so cook Lhe meat Indian Tying-fox (Pieropus gigantens). ave 
hibernate in the winter. thoroughly. Bats are protected in Europe-and same = eqnsidevedt a dalicacy in many tropical areas. 

parts of North America. 

« Mostly active by day, feeding in branches and « Sharp teeth and claws. = Flying squirrels (Prerompin) are nocturnal, 
on the ground on shoots. nuts, and birds’ eqas free-living members af the squirrel 
Nest in trees in a range of woodland nabitats. (Sciuetzel family, Thay glide from tree 


to tree rather than fly 


» Some New World porcupines clin trees to feed, = Barbed quills (see 9.266 for how te remove), » Slow-moviig, sotan easily be rup down end 
but all Gld World porcupines spend all thal time speared, Unlike most small game. the meat 
of the cround across a range of habitats. is fatiyrather than lean. 

« Antelope are mainly found in savanna, or = Horns or antlers. » Most active at dawn and dusk. Usually live 
marstiland habitats. and deer mairily in woodland, in groups. 


forests, or tundea 


« Feed mostly at. dawn and dusk, in shrubby = Sharg teeth. = Have communal feeding runways. Traps tan 


grassiand in mountainous regions. he baited with lealy vegetables. 

« Habitats range trom woodland, hedgerows, # Sharp spines, Usually infested wiih parasites, » Traditionally prepared for eating by covering 
and grassland ta desert Feed at night on so nandle caretully and cook wall. with clay and baking in embers of @ fire 
stall animals, such as worms and insects. (see p. 205). 








» Live in open savanna woodland, feeding 


= Sharp claws and a powerful kick. « Kangaroos ave protected in some Australian 








mainly at night on vegetation. Gather at states, but can be hunted (if you have a 
waterholes in times of drought permit} in others. 

» Rabbits live in burrows, atten in larce numbers, = Rabbits and hares may be infected with germs, «In most areas, these are the first animals 
coming above ground to feed on vegetation, so handle them carefully and cook well. Their tory to trap The European rabbit 
using well-worn runs. Hares live above ground. meat is very lean, and must ge eaten witli (Oryotolagus cuniculus Is an invasive 

green vegetables (see p, 220) pest species in Australia. 

» Look for the distinctive mud-anc-stick ladges (f » Strong, chise-like teeth. The Eurasian beaver » Use pedular runs along streams. The tall 
the middle of a pond or lake, Beavers leave the (Castor fier is protected inmany of the car be eaten as wall as the flesi, 
lodge at night to feed on water plants and trees couritries imwhich tt is founcl. 
along the riverbank. 

« Feed at night on reeds and grasses in marshland = Sharp teeth. » (Cane rats are a valuable source af bush 
and on riverbanks, or on grasses in moist meat in West and Central Atrica. “True” 
savarina, and an rocky hillsides rats (Aativs spp) are ediile but often 


carry diseases, so handle with care, 
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WILD FOOD 


ALL BIRDS ARE EDIBLE, although a few taste horrible (birds-of-paraciise, for example), 
and pitohuis have poisonous feathers and skin. Some species or groups of birds are 

in danger of extinction and are protected by law; the bird groups listed below contain 
many species that are common in their areas of distribution. When planning your trip, 


NAMES 
GAMEBIRDS 
Gailitarnnes 
OSTRICH 


Struthia camatus 


OWLS 
Shigitornas 


PIGEONS AND DOVES 


Cohurahiformes 


STORKS AND HERONS 
Cieonitarmes 


VULTURES 
Acciparidze and Cathaxtidaa 


WADERS AND GULLS 
Charadviformes 


WATERFOWL 
Ansaxitormas 


WHERE 


« Worldwide, except Antarctica, 


« From West to East Africa south of the Sahara, 


and southern Africa. 


« Every cantinant, except Antarctica. 


» Worldwide, except the polar regions. 


» Worldwide, excapt the polar regions. 


a Allcontinants, axapt Antarctica and Australasia 


« Worldwide, 


= Worldwide, except Antarctica 


IDENTIFICATION 


a Typically have plump bodies, small heads, and 
short, rounded wings. Range in size from quail, 
which can weigh as little as 2 oz (50 g), to the 
wild turkey (Moleage’s gaignanvd, which can 
be as heavy as 22 1h (10 ka). 


« The world’s tallest and heaviest bird, reaching 
220 |o (100 kq), the ostrich is Tlightless. Long neck 
and long, strong leqs, with two-toed feet. Males 


have black and white plumage, females brown. 





» Upright posture and 2 flattened face with large, 
forward-tacing eyes, Strang, hooked hill and 
Sharp talons (claws). 


Plump, full-breasted bodies, with a small head 
and bill. Thick, soft plumage, which can be brown 
or gray, or brightly colored in same tropical species. 






= All have large bodies, with fona legs, lang necks, and 
hills. Range height from 10 in (25 cm) tor the smallest 
pitterns to5 ft (1.5m) for the largest starks. 


= Large cary jon-ealing birds, with large wings, 
powerful fel wilh sharp Lalans, and a strongly 
nooked bill, Head and neck is ottan bald or 
sparsely feathered. 


« Vary greatly in size and shape, out most fave 
subdued brown, aray, black, or white plumage. 
Waders (or shorebirds) usually have lightweight 
bodies and long legs. Gulls have compact bodies. 


» [ygically have plump bodies, powerful wings, and 
short legs with weobed feat. Mast spacies have a 
broad, flattened bill. Ducks usually have short necks, 
while geese and swans fave long necks. 
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you must familiarize yourself with those birds that can be hunted in the region 

you are visiting and their seasonal availability. Some countries and/or states will 
require you to have a hunting license or permit. For trapping and preparation methods, 
see pp. 226-29; for cooking suggestions, see pp. 204-05. 


HOW TO FIND 


« Wide range cf terrestrial habitats, fram high 
mountains, to tropical forests, to Arctic tundra. 


e Open semi-arid plains Gram desert to savanna) 
and cpen woodland. 


« In most habitats, from tundra ta dense forest. 


« Variety of forest habitats, from open woodland 
to dense, tropical vain forest, and grassland and 
semi-arid areas, 


» Freshwater habitats, ranging from wetlands, 
rivers, lakes, marshes, swamps, mangrayes, 
and lagomis to tidal mudflats. 


» Open areas, including mountains, plains, 
deserts, and savannas. 


® Tundra and a variety of wetland and coastal 
habitats, nclucting tidal mudflats, beaches, 
and cliffs. 


« Arctic tundra, wetlands, rivers, and lakes. 
Ducks and swans usually feed on the water, 
while geese graze on ihe land, 


BEWARE OF 


= Short but sharp beak and claws. Ih some species 
(including pheasants), the males have sharp spurs 


on their ankles. 


=» Can run fast and deliver a powerful kick, Vary 


protective af eqgs in the nest and the young birds. 


= Sharp bill and talons. 


« Sharp bill 


= Sharphillandtalons. Handle as little as passible, 
as prone to parasites and infection, Boll meat for 
at |east 30 minutes, 


= Sharp bill. Gulls and tems will agoress ively 
defend thelr nest sites, 


= Geese and swans cat he very agoressive, 
particularly in the breeding season, Mule swans 
[Crenus oleh can weigh up to 26 Ib U2 kg), 


EXTRA INFORMATION 


« Nearly all gamelirds fead and nest cn 
the ground. At night, many gamebirds 
roosl in trees. 


« The eggs are the largest of any bird, 
weighing 3 tb (1.4 kg). The nests are 
communal and contain upto 40 eggs, 


= Most species hunt al night and roost in 
trees during the day: Usually nest in hales 
in trees, under rocky overtangs, oy, 
sometimes, in burrows. 


= Often feed in flacks on the ground or in 
trees, and usuallyroost communally in 
trees. Can be taken by tiand from the 
roost if you appraach slowly and quietly 


» Usually feed along al the water's edge, 
but offen nest commurtally in trees. 


» Carrion eaters and scavengers, such as 
crows (Corvus spp.) and quills (see below), 
can be lured into trans baited with meat. 


» {fost birds in this group nest on the 
around or on rack ledges, laying about 
four well-camouflaged eqas. Often nest 
i large colonies. 


« Mary species migrate between thelr 
breeding grounds in the Arctic and thei 
wintering grounds further south, They 
malt their taathers in the late summer, 
rendering them flightless jor a couple of 
weeks and thus easier ta catet. 
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WILD FOOD 


SOME AMPHIBIAN AND REPTILE SPECIES are at risk of extinction and are protected 
by law; the animals listed below are common in their areas of distribution, and are non- 
venomous. As part of preparation for your trip, it is advisable to familiarize yourself with 
the reptiles and amphibians in the region you are visiting. Many countries and/or states 


NAME 


WHERE 


« Sub-Saharan Africa; introduced 


to North America, South America, 


and Europe. 


= North America: introduced ta 


Europe and Asia. 


IDENTIFICATION 


« Flattened, brown bady, 244-5 in (613 em) long with a 
line of white “stitch marks” along the sides, Clawed Loes 
orl The muscular lags. 


» Body is green with brown markings above and white below, 
34-8 in (9-20 om) lang. Large leas and large eardrums. 














AFRICAN CLAWED FROG 
AeHONUS spp. 

AMERICAN BULLFROG 
Rana catasielana 

SOUTH AMERIGAN 
BULLFROG 


-Leptodactyius pentadactylas 


« Central and northern South 
America. 


» Smooth yellow cr pale brown body with same dark markings, 
3-4 jn (8-22 em) long. 



























































AFRICAN HELMETED 
TURTLE 


= Sub-Saharan Africa. 


« Flattened, brown shell, 8-12¥ein (20-22 cm) long. 






























































PAINTED TURTLE 


» Southern Canada, USA, and 


L Pefomedtusa subnet 
ASIAN LEAF TURTLE Southeast Asia, » Oval, light todark brown shell, 6-9Y2in (15-24 em) long, with 
Cyclemus dentata serrated edge near tall, Reddish brown head and legs. 


« Flattened, smocth shell, 620 in 15-25 em) long; brown above 
and yellow below, sometimes patterned. Yellow or red stripes 






































Eh pnecnhas ARE northem Mexico, 
Cheyseriys picta on the neck, 
CARPET PYTHON Soindontste en Cunenand » Several sulispecies, all of which have a bald pattern of ivegular 
Moralia spllota hucwala ‘ markings, wich can be reddish orown, brown, black or aray. 
: Average length is @'/ett (2 m), but can reach 13 ft (4m). 
COMMON BOA » Central America, South America, = Several subspecies bul all have characteristic dark saddle 
Boa constrictor and some Caribbean islands. markings along the hack and adark stripe hahind each aye. 


Narrow head and pointed snout. 





SNAKE 
Dasyoeltis seabya 


COMMON RATSNAKE 
Flapte obsolela 





LIZARD 
Zootorg vivinars 


COMMON EGG-EATING 


COMMON/VIVIPAROUS 


 Sub-saharan Africa 


« Southern Canada, and central 
and eastern USA 


« Europe, extending to the Arctic 


Circle and centval te gastem Asia, 
including Japan. 


« Reddish-brown or gray body with dark, angular markings, 
A slender snake, 28-29 in (70-100 em) long. Rounded sant. 


» Subspecies coloration varies from bright yellow-orange Lo pale 
gray with darker blotches, Length range is 4-6 ft (12-18 mi). 
Long head with rounded snout. 


» Body is usually brown olive, sometimes black, with males having 
bright yellow or orange bellies and females creamy while anes. 
Lenglil rarige is 4-7 In (10-16 em), 





GREEN IGUANA 
[quand iguana 


RAINBOW LIZARD 
Agamd agama 





WESTERN FENCE 
LIZARD 
Seatonorus accidentals 


« Central Amorica and northern 
South America. 


» Wost, Central, and East Africa, 


» Southwestern USA and 


northwestern Mexico. 


= Green oy grayish body. 4a-bY/ett (1-2 m) lona, including the long 
striped tail. Long, stout leas tor climbing trees. Adults have a 
flestiy dewlap beneath the throat, which is large in males. 


= Males turn brightly colored in the sun, with) an orange-red ead 
and ablue or turquoise hody; females and juvenile males remain 
gray. Length range is 12-16 in 0-40 em), 


» Brown body with raised, pointed scales. Blue patches on belly are 
most pronounced in males. Length range is 6-9 in (15-23 em). 














FEATURE 





users are prevalent in the covered area. This shuffling 
of resources ensures that there is sufficient capacity 
for subscribers. C-RAN will also enable RAN-as-a- 
Service (RaaS), which will allow operators to rent 


RAN capacity to other operators. tier ee 
| ‘elecommunications | Sciences 
Conclusion ee Sane 
srown G. “5G use cases & canc echnologies,” 2016. _ 
On the face of it, virtualizing the 5G architecture Eyey | Desi ria | | 
seems like a necessary step towards preparing for the [3] Hedman P. “NGM Ali scripti cer Ree 
sion 1.0. / 


low latency requirements associated with 5G services. 
However, there are many uncertainties around 5G and 
a lack of visibility into what 5G will actually become 
through the standardization process, and at which 
phase different performance requirements will be sup- 
ported or required. Phase I, the phase that is expected 
to meet International Mobile Telecommunication 
system for the year 2020 (IMT-2020) requirements, is 
expected in 2020. However, early versions or “pre-5G” 
offerings could be on the market before the final stan- 
dard is approved. So, while these pre-5G solutions will 
have some 5G functionality, they will not field the full 
complement of improvements offered by an approved 
5G system. For this reason, it is unclear to what degree 
virtualization techniques like C-RAN and network 
slicing will need to be implemented. It may come 
down to what the industry leaders in 5G implement in 
their “pre-5G” networks that will decide what a virtual 
5G network will look like and when we can expect to 
see one. & 
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AMPHIBIANS AND REPTILES 





will require you to have a hunting license or permit. See p. 218 for some trapping methods 
and p. 224 for how to prepare the animal for cooking. Avoid brightly colored tropical frogs 
as they are often highly toxic. In addition, don't eat box turtles, as they sometimes eat 
poisonous fungi and their flesh may be toxic. 












HOW TO FIND SIMILAR SPECIES EXTRA INFORMATION 
» Wetlands, » Allfrogsin the Rana genus areedible. The genus = American bullfrog legs can be the size of 
inclides New World true frogs and the European chicken drumsticks. Alltemperate species 
common fragt damparzrtai, of frog hibernate in the winter, 


» Inthe rainy season, this turtle wan ders 
from pool ta poo! te forage. In the dry 
season, it burigs itself in mud. 


» Lakes, ponds, and slow-moving streams » Activeby day. You will often find several 
anid rivers, painted tuytles piled up tegether on a lag 
inthe water, basking inthe sun. 


» Wide range of habitats, from tropical forest = There are several species in the boa family, = Kills its prey by coiling araund it and 


» Wateringholes andrain pools in open country. 








tory savanna, which includes the world’s largest snake, sutfocating it. Don‘ttackle large common 
the green anaconda (Funectos muri). boas—they can be up to 13 tt (4m) long. 
Rocky hillsides with open woodland, = Ralsnakes (Aaphesop,, which include the = Lika the common tina (see abnve), all 
ees Mees elas ae! brightly coloved corn snake (£ guttaral, ratsnakes kill their prey by constriction, 


are found in both the New and Old Worlds. 


® Tropical torast and rain forest. 


« Dn rocks and other prominent places in » The eastern fence lizard (S. wnatulatu) is « Fence lizard can shed and regrow 
temperate and coniferous woodlands. widely distriouted across southeastarn its tail. 
USA and northeastern Mexico. 






» Deronds itelf by lashing out with its tail 
and claws. 
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WILD FOOD 


WHEN PLANNING YOUR TRIP, it is aclvisable to familiarize yourself with the species 
of fish in the region you are visiting, their seasonal availability, and the best method 
of catching them (see pp. 208-09 for how to make tackle and techniques to use in 
a survival situation). Many countries and/or states will require you to have a fishing 


NAME 


BARRAMUNDI 
Lates cafcarier 


COMMON/BRONZE 
BREAM 
Abranis brarra 


COMMON/KING CARP 
Cynrinus carpio 


EUROPEAN TURBOT 


Psotta maxima 


NILE PERCH 
Latas nioticus 


RUDD 


Seardinius arvitropiithalnus 


ATLANTIC SALMON 
Sabre salar 


TARPON 


Megaions atanticus 


TENCH 
Pinca tinca 


BROWN TROUT 
AND SEA TROUT 


Sy a oe 
Saltie inutla 


WHERE 
» Western and eastem Indian 


Ocean, and northwesterA and 
western Pacific Ocean. 


« Europe to Central Asia 


» Europe and Asia; intvoduced in 
North America and Australasia. 


» Northeast Atlantic Ocean 
un to the Arctic Circle and 
the Mediterranean. 


» Northern, contral, and eastern 
Africa. 


=» Europe and Asia. 


s North Atlantic and Arctic 
oceans, and Baltic Sea and 
adjacent rivers: introduced 
to Argentina and Australasia. 


« Eastern and western Allantic 
Oeean, the Gulf of Mexico, 
and the Cariabean, 


» Europe and Asia; introduced 
in North America. 


» Temperate waters worldwide. 


IDENTIFICATION 


« Upto 6Yett (2 m) long, witha rounded tall fin. Dark green ish-qray 
upper body fading to silver below. 


» Upto 2/att (82 cm) jong, with 2 deep, narrow bronze-colorad 
body and a deeply forked tail. 


« oto Stt (Sim) long, with a dark gold upper body paling 
ta silver below. 


= Almost circular flatfish, up to 3att (1 m) in diameter, Sandy 
brown with brown o- black speckles on top, 


» lint Get (1.9 m) long, with a rounded tail fin, Dark aray-hlue 
upper body fading ta silver below, 






« Uotol? in 45cm) long, with a deeply 
upper body paling to silver below, Re 
anal tins. 


ovked tail. Dark greenish 
pelvic, pectoral, and 


» Uta St (1.5m) lone, with a powerful, streamlined, silver 
blue-green hody, 


« (ip to8tt 5m) long, with a deeply forked tail, Bright silver body, 
with large, hard scales. 


» Olive Green upper body, golden belaw, with a square tail tin. 
Small barbel at corners of mouth. Average length is 27 in (7D cm). 


« Stroamiined body with an average length of 34att ( m) 
The brown trouthas @ brownish bocly flecked with distinctive 
black and ved spats. The sea-going farm, the sea trou, is 
Silver-olue with slack spats 


FISH 20/ 


FISH 


license or permit, and some species of fish can only be caught at certain times of the 
year. Before fishing, you should also check with the locals that fish in the area are safe 
to eat—in some regions the waters may be contaminated. See pp. 212-13 for how to 
prepare a fish for cooking. 




















HOW TO FIND | SIMILAR FISH EXTRA INFORMATION 
= Bottom of still and slow-moving waters, typically = Silver bream (Aieca byoarkea and white-aye 
in lakes, rivers and ponds. Swim in large shoals. bream (Abrams sapa). 
= Sandy, rocky, or mixed saa beds in shallow « Other flatfish (Pleweonectitormas found In shallow 
coastal and brackish water. water, such as sole, plaice, anc flounder. 
® Still and slow-moving waters, often near banks » Roach (Audis stiles 
of ponds and marshlands. 
= Estuaries, lagoons, tidal flats and mangrove « Indo-Pacific tarpon (iA eyprinoies), = This species is tiard to hook because of its 
swamps. Feed in shoals. which is smaller and rarer, bany mouth. Ttweighs up to 160kg (350)b). 
= Streams, rivers, lakes, and coastal waters. « Rainbow trout and steelhead trout = Sea-qoing farms migrate tram the 
(Oncorhynchus mykiss) and the sea to rivers to Spawn in the autumn. 


cutthroat trout (0 clarkh. Beware of small bones when eating. 
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WILD FOOD 


SOME SPECIES OF INVERTEBRATE are in danger of extinction and are protected by law; 
the animals listed below are common in their areas of distribution. When preparing for your 
trip, it is advisable to familiarize yourself with the edible invertebrates in the region you are 
visiting and the best way to catch them (see p. 219 for some techniques to use in a survival 


NAME WHERE IDENTIFICATION 


COMMON/BLUE MUSSEL — « Intertical zones of estuaries ane! coasts of North « Dark-shelled bivalve, reaching 4-6 in 20-15 cm) 
My tiles ectaits and southeastern Atlantic and northeastern and in length. 
southwestern Pacific. 


GIANT AFRICAN » Sub-tropical and tropical parts of Africa: = Large terrestrial snails, reaching up to 12 in 
LAND SNAILS introduced to the Asia-Pacific region. (3D em) in length when body is extended, and 
Achaiiva spo. 4 in (10 cm) in diameter. Whorled, conical, 


brownish shell with darker bands, 


GRASSHOPPERS » Worldwide, on vegetation and the ground. = Winged insects with powerful hindlegs, 34 in 
Acvididae (1+8 erm) long, usually with carnoutlage 

coloring and patterning. 
HONEYPOT/HONEY ANTS © = Semii-arid and arid regions of southwest SA. « Segmented badies with six leqs and a pair of 
Myrinecocpsius stip. Mexico, Africa, and Australia. antennae, ancl a constricted waist. Range in 


colour and size. from Yo-Ysin (212mm). Special 

































































oS members of the colony, called repletes. have 
= acomens that can swell ta the size of a grape. 
[-—— 
iS 
a 
WITCHETTY GRUB « [nderoround, in theroots of the witehetty = The larva of this soecies of cossid math reaches 
Frdosxyia feucomoctia bush (Acacia karmeana), central Australia. about 22/in (F crn) in length. It is white with a 
brown fead. 
CRAYFISH/CRAWFISH/ » Worldwide, in freshwater streams, » Segmented bodies, which can be sandy 
YABBIES/KOURAS yellow, aren, dark brown, or blue-gray in 
EN Astartidea color, Tent legs, the front two of whict are 
<= large claws. Average langth is 4 in (& em), 
=) but some species crow much jar ger. 
3 
= WOODLICE « Worldwide, in damp terrestrial micranabitats, » Flattened, segmented bodies up to */«in <2 em) in 
© Oniscitagand Armaaittioidaa Such as in rotting wood and feat litter. lenath. Gray or light brown or black in colar Pill 


millipeces will roll up inte a ball when threatened, 

















COMMON EARTHWORM = Termperate regions of Eurdps; introduced ta « Raddish worm, reaching 14 |n (35cm) in length 
Luntheicus tevrosieis most parts of the world. when extended. 
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situation). Many countries and/or states will require you to have a hunting license or 
permit, and some species of shellfish can only be caught at certain times of the year. 
Also check with the locals that the shellfish are safe to eat—in some regions the waters 
may be contaminated. See pp. 224-25 for some preparation and cooking methods. 


SIMILAR INVERTEBRATES BEWARE OF EXTRA INFORMATION 
«= Most species of marine and freshwater = Bont collect marine shellfish that arent covered! w Healthy bivalves should clase thelr shells 
bivalves.and univalves are edible if alive at fligh tide. The black mussel (Musculs mga), wien lapped and the shells should open 
and healthy wien gathered, found in Arctic waters, can be palsorious wlan cooked. Healinyunivalves, such a5 
year-round. Mussels in tropical zones are limpets, should be dificult to pry otf 
poisonous curing the summer, the racks on which they live. 
= Many terrestrial and ireshwatar snails are = Avoid any terrestrial snails with brightly colored = Snails shouldbe starved far 24 hours 
edible. The winkle or common periwinkle shalls and all soa snails unless you can positively or ted a diet of edible qraen leaves to 
(Liftoring #itored) |5 an edible sea snail. identify them as an edible species, as they may purge their quts before cooking. Bail 
pe poisonous, for at least 10 minutes. 
« Most species of cricket (srvdae) and katydid =» Ayoid any brightly calcrad grasshoppers as = Remove the antennae, wings, and leq 
( Jetiivoniie'aa are edible. they may be Loxic. spurs, and roast to kill any parasites. 
« Most suecies of ant are edible ff gathered = Most species of antare aggressive in defense « The swollen abcomens of the repletes 
carefully. The lavvae of wood ants (Formica spp.) of their nest and have a stinging bite, Some vill contain a nutritious fluid. 
in northern temperate regions make a nutritious then squirt formic aciq at the site af the bite = The repletes live deep uriderground in 
taal in summer months. The aadomen of the the ants nest so you would have to dig 
green or weaver ant (Cacopiyita smaragcina) them out. 


found in southeast Asia and Australia Lastes 
like cttrus sherbert. Termites (/sepiera are 
also edible. See p. 219 tor catching methods. 





= The tem “witchetty grub” is also applied ta the = Donot eat any insect larvae that are already = Shouldhe saten yaw or roasted quickly 
edible larvae of other cossid moths, ghost maths dead when you find them, or that look sick, in hot embers. 
(Hepialided, and \onghorn beetles (Cararibycided. amell bad, or that irritate the skin if handled. 
Pal grubs are tie edilila larvae of tha palm weevil 
(Rivrenoprores Soo.) They live {n the trunks of 
saga pains (see pp. 284-285) in Southeast Asia, 


» Marine decapods such as crabs, lobsters, » May contain harmful parasites so cook well, = Keep aliveuntilready to eat, Seep. 225 
and prawns are also edible. for preparation and cooking methods, 


= Boil or fry gently, Will turn slightly pink, 
like shrimp, when cocked. 


= All earthworms are edible. = The common eathworm is unusual in that 
it feeds at the surface, making it easier to 
find and gather than other worms. 
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NATURAL DANGERS 


FOR INFORMATION ON LARGER dangerous animals, such as bears, big cats, and sharks, 
and venomous animals, such as snakes, see pp. 242-43. When planning your trip, it is 
advisable to familiarize yourself with the potentially harmful wildlife in the region you are 
visiting, the nature of the threat, and how to avoid it if possible. In the case of suspected 


NAME WHERE IDENTIFICATION 
VAMPIRE BATS » Tnraln torests, deserts, and = Small bats, with a body length of 244-3¥2in (7-9 om) anda wingspan 
Desmodontinge ‘grasslands, fram Mexico te of 14-16 in (35-40 cm), Bark brownish gray fur, paler on the belly. 
forthe) and central South Ragor-like upper incisors. 
America. 
RATS » Worldwide, except for the » Medium-sized rodents, with a minimum body length of 5 in (12 cm), 
Aatius snp. polar regions. and long, naked tails, Coarse brown, gray-brown, or black fur paler 


an belly: Pink feet 


SPITTING COBRAS » Warm temperale, subtropical and = Palebrown toblack snakes up to 6 ft 2m) long. When threatened, 


AND RINKHALS tropical regions of Asia and Africa. will rear up. and Spread their hoods, vevealing strised patterns 
Nafaspp.and Hemackatus on their necks. 

paeniachatus 

ELECTRIC EEL » Amazon and Orinoco river » (lot a true eel but an eal-like fish up to BYaft (2.5 m) lang and can be as 
Floetropharus afactricus systems, South Amorica, thick as a human thigh. Continuous fin along lower body. 


often in shallow water. 



























































STONEFISH « In tropical coastal waters of « Untold in 40 cm) tong, this lumpy fish can match its color to the rock 
Syhaneea verrucosa northerr Indian Ocean and or sediment on which ilies while wailing for passing prey. Venomous 
Southwestorr Pacific Ocean. spines in the dorsal fin. 

BOX JELLYFISH/ = At the surface of tropical waters » Box-shaped, transparent jellyfish, up to 10 in 25m) in diameter, 
SEA WASPS at southwest Pacific and aastarn Up to. 15 lonqtentacles, which bear stinging cells, at each corner. 
Cubomartisae Indian Ocean. 

S 

z CENTIPEDES « Trisail, leaf litter, cracks. and « Elongated, flattened hodies divided into al least 16 segments, most 
Ehitonoas crevices in temperate, subtropical, of which have one pair at lags. Tropical snecies are typically brightly 

Se arid tropical regions worldwide. colored—yvellow, rec) orange, orgreen—with dark stripes. The world's 

wi largest cenlivede, Scofpendia gigantea, reaches 12 in (20 em} in length. 

5 ee a — = = — 

_ CONE SHELLS/ = Jn intertidal zones and an « Brightly colored and patterned, cone-staped shells, up to 9 in (23 em) 

CONE SNAILS coralyaets in warm temperate, long. These predatory smalls have venomous, harpaan-like mouthparts. 
Comgae subtropical, and tropical seas 


and oceans worldwide. 





WILD ANIMALS 


poisoning, call the emergency services immediately. For further information regarding 
treatment for bites and stings, see pp. 266-67. If a casualty becomes unconscious, open 
the airway and check breathing (see p. 276). Be ready to begin CPR—chest compressions 
and rescue breaths (see p. 277), use a plastic face mask or face shield, if you have one. 


DANGER 


Many mammal species are ineeted with 
rabies, but because vampire bats feed by 
biting their vietims, then lapping blood from 
the wound, the virus can be transmitted wia 
their saliva. Symptoms include fever, headache, 
fear (especially of water), anc seizures: 


Can be infested with parasites and can also 
carry infectious diseases, Leotosoirasis (5 a 
water-borne bacterial disease spread by 
infected rats’ urine: the acute form in humans 
is called Weil's disease. 


TREATMENT 


« Tt bitten bya vampire bat, or other potentially 
rabid manimal, clean the wound thoroughly and 
seek immediate medical help. Symptoms usually 
appear 2-8 weeks after infection, by which time 
the diseasa is almost always fatal, 


= [f you've been in contact with potentially 
contaminated water and develop flu-like symploms 
(Tovar, headache, muscle pain) you must get your 
flood tested.as soon as possible. Antibiotics 
are effective in the early stages of the disease. 


HOW TO AVOID 


» Vampire bats roost in hollow trees and caves, 
emerging at night to feed. Don't shelter in 
bat caves (bal dung can cause ayespiratory 
disease). Keep covered at night, and sleep 
under arnesquita net. Get vaccinated 
before traveling toa high+isk area, 


Tf handling avat, beware of its teeth and 
claws, and wash thoroughly afterward 
Cook the meat thoroughty. In rat-ntested 
areas avoid getting water into any cuts: if 
you do. wash with soap and bolled water, 





Will gject a fine spray of venom from their fangs 
upward ihe eyes of an aggressor Causes intense 
pain, tearing, and discharge trom the eyes, spasm 
and swelling of the evelics, Wleeration ot the 


cornea can lead to infection resulting in blindness, 


Lan generaia stocks of up to 600 volts, used ta 
stun or kill prey when funting, or in solt-detense. 
Such ashock can be discharged up to S hours 


after its death, and is potentially lethal 1a humans. 





» Call the emergency services. Rinse the ayes with 
cool water for 10 minutes. Anoly an antibiotic 
eye olniment. 


« (all the emergency services. If the casualty 
pecomes unconscious, open the airway and 
check breathing (see p. 276), Be ready to begin 
CPR (see p. 277). 


» Tf you come across a spitting cobra, try to 
remain completely still and allow tHe snake 
to move away, it nassille (seep. 243). 


Keep your boats on if crossing a tributary 
and take cara wien washing, These waters 
are-also home to piranhas (Serrasalminad), 
witch have razor-sharp teeth. 





The world's most yenomous fish. If trodden 
on, the spines inject poison into the puncture 
wound. This is extremely painful and can be 
fatal. The injured bodly part will swell and 
muscular paralysis may set in. 


Sting is extremely painiul—it will damage the 
skin and can cause permanent scarring, In severe 
cases, box jellyfish (Ghitanex Hecker) stings can 
lead to cardiac arrest and death within minutes. 


» Call the emergency services—antivenin is 
available, Immerse the Injured part in water as hat 
as the casualty can stand for at least 30 minutes 
(seep, 267). Dont immonilize the injured limb. 
Beready to begin CPR if the casually loses 
consclousness (See pp. 276-77). 


= Call the emergency services—anti-venin |s available. 
Flood the stung area with vinegar or sea water 
for at least 30 seconds to neutralize the stinging 
cells (see p. 267), Be ready to begin CPR if the 
casualty loses consciousness (see pp. 276-77). 


Wear something on your feet when walking 
in shallow water Weavertish { Teachinedza 
and scarpiontish ( Seorpaaniaad) alsa have 
yeromous stings; the treatment is the same, 


Never touch jellyfish, even when dead 
Alljelvish, sea anemones, corals, and the 
Portuguese mat-ofwar (Paysata physalis) 
release venomous cells when touched, 
Some are more toxic than athers. 





Have 2 pair of large, venomous ¢laws on their 
heads, which i some soacies car be datigarous 
tohumans, The sting is palatal and leads to 
swelling. May result in anaphylactic shock. 





Will fire its harpoon in self-defense if touched. 
Sting af most species is painful: that of the lanaor 
tropical species can be fatal, Symptoms inchide 
swelling and numbness, and may be followed ky 
severe breathing difficulties, 





« (\all the emargency services. Apply a cali compress 
for at loast 10 minutes ta reduce pain and swelling. 
Moniter the casuatty tor anaphylactic shack (see 
p. 274) and be ready to begin CPR (see p. 277). 











= (Call he emergency services and treat a5 for snake 


bite (see p. 266). Monitor the casualty for shock 


{see p.274) and be ready to begin CPR (ee p, 277). 


Asageneralrule, avoid all multiple-legaed 
arthropods. Tt you discover one on your 
body, gently brush it of in the direction 

in which it is walking, 


Don't pick up any cone shells in rock pools 
or when snorkeling ar diving. (There sna 
anti-venin: treatment entails providing life 
support until the venom is metabolized by 
the casualty’s body) 
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NATURAL DANGERS 


IN THE CASE OF SUSPECTED POISONING from a spider bite or a scorpion sting, you 
must call the emergency services immediately. For further information regarding treatment 
for bites and stings, see pp. 266-67. If a casualty becomes unsconscious, open the airway 
and check breathing (see p. 276). Be reacly to begin CPR—chest compressions and rescue 





















































NAME WHERE IDENTIFICATION 
BEES, WASPS, AND » Inavariely of terrestrialhabitats » Narrow-walsted bodies, often striped black and yellow. Bees are hairy, 
HORNETS worldwide, while wasps and tiovats tave hairless bodies, Us to 14 in (2.5 em) long. 
Hymenoptera Boes have bared stingers, wasps and hornet stingers are smaath. 
es 
z MOSQUITOES « Inavariety of terrestrialhabitats = Narrow bodies and long, slender legs. Up to24 in (2 em) long. Females 

Culieidae near water worldwide, especially ave syringe-like mouthparts for piercing skin, 

int warmer regions. 
BROWN RECLUSE/ » Southern midwestern states of » Sirall brown spider, about Yein (1.25 crn) long) with a distinctive dark, 
FIDDLEBACK USA, south tothe Guif of Mexico. violin-shaped mark on the hack of its ceppalotharax (head). 
SPIDER 
Loyosceles rechise 
FUNNEL-WEB « Moist, cool, sheltered habitats in « Large spiders, up to 142 in (4.5 cm) long, with glossy dark brawn oF 
SPIDERS eastern and southern Australia. black bodies and short legs. 
Atrax ronustus and 
Raaronyche spp. 
TARANTULAS » Deserts and forests in subtropical « Very large spiders with bodies unto 5 in (12 em) long anc a legspan 
Tiieraphasidee and tropical régions worldwide. of up Lo 11 in (28 ern), Bodies and legs are covered in bristly hairs. Pale 

brown to black in-color, with pink, red, brown, or black markings. 
WIDOW SPIDERS « Warm temporate, subtropical, = Small spiders, with dark, glossy bodies and distinctive red, yellow, 
Lahodecnis spp and tropical regions worldwide, or white markings on the abdomen, which are shaped like an 
hourglass in some species, 

SCORPIONS « Deserts, grasslands, woodland, = Segmented bodies, with large, claw-like pedinalys and sling-bearing 
Scarnionas and forests in warm tenigerale, tails Yellow, brown, or black bodies, 3-8 in (8-20 em) long, depending 

subLropical, and tropical on the species. 

regions warldwide, 
TICKS « Grassland and woodland halitats » Rounded bodies with ne distinct divisions. Yellow to recl- or black 
Lyodiaae worldwide, brown incolor, Up to**sin (cm) long, but larger after feeding. 












































They have spiked mouthparts, which they use to attach themselves 
tothe skin of warm-hinaded animals ta feed on their blaad. 


INSECTS AND ARACHNIDS 


breaths (see p. 277). If you need to give rescue breaths and there is poison in the casualty’s 
mouth, or on his or her face, use a plastic face mask or face shield, if you have one. Before 
your trip, it is advisable to familiarize yourself with the harmful insects and arachnids 
(spiders, scorpions, and ticks) in the region you are visiting, and the nature of the threat. 


DANGER 


= \When a bee stings you, the stinger Is ringed out of 
its hody with the venom sac. Wasps and hornets 
can sting repeatedly. The stings are painful, 
followed oy recess and swelling. A single sting 
may result In anaphylactic shock (Se@ p. 274) 





= Female mosquitoes feed on blood and thelr 
bites can irritate the skin. They are carriers 
of infections diseases such as malaria, yellow 
fever, and dengue fever, 


TREATMENT 


« Scrape the sting off sideways at the base of the 
Sting fit is visible using a fingernail or a credit 
card, Raise the affected part and place 4 cold 
compress against it tor at least 10 minutes (see 
p. 267). Monitor for signs of allergic reaction, 


« Apply an antihistamine cream to the bites. f they 
itch, and de not scratch them, ag there is a risk 
of infection. If casualty develops a headache and 
fever, get medical hela. Get casualty to rest, drink 
plenty of water, and take anti-malarlals, if directed. 


HOW TO AVOID 


« Watch out for flowers where bees may 
he feeding. Be careful when gathering 
fruit, or cleaning fish or game, as wasps 
or hornets willbe attracted to the smell, 
Dont disturb their nests. 


= Cover your arms and legs after sunset, 


use mosquito rapellent, and slaep under a 
mosquito net. Take antimalarial medication 
as directed. Gel. a yellow fever vaccination 
before traveling, where advised, 








« Bile can cause fever, chills, vomiting, and, pal 
in the joints. In most cases the bite is minor, but 
insomecases the issue around the wound will 
dig, jeaving a deep scar. Raroly fatal. 


= Bile is very painful and cause profuse sweating. 
nausea, vomiting, ting|ing around the mauth and 
tongue, Salivation, and weakness. Rarely fatal. 





» Eta can he palntul but is only mildly veromaus. 
Tf provoked, tarantilas. will flick initating hairs 
{rom their abdomen which will cause itching 
arid swelling of the skin and nasal passages, 
and watering of the eyes, 


= Bite is painful and resutts in localized redness 
and swelling. Wore severe reactions include 
profuse sweat ing, abdominal and chest pains, 
nausea, and vomiting. Rarely fatal, 


» Scorpion stings can be very painfuland may cause 
severe illness. A few species have neurotoxins in 
thelr venom, resuiting in temporary paralysis tor 
1-2 cays, Rarely fatal and only in young children, 
the elderly, ov the illor infirm. 


= Sit casualty down, treat as tor snakebite (see 
p. 266), and call the emergency services. Apply 
a cold compress to the site of the sting. Monitor 
for signs af alleraic reaction, such as wheezing, 
and anaphylactic shock (see p. 274), 


= This spicer likes to hide in dark places, so 


be careful where you pul your hands and 
bare feel, and always check your bedding. 





= Sit casually down, treat as for snakebite 
(see p. 266), and call the emergency seryices— 
anti-venin is available. Monitor for sians of allergic 
reaction and anaphylactic shock (see p. 274), 


« Give pain relief and apply a cold compress to 
the site of the bite. Monitor for signs of allergic 
reaction, such as wheezing, and anaphylactic shock 
(see p. 274) Wash any hairs away with cool water. 


» Apoly a cold compress (ice if avallatsle) and 
give pain relief If symptoms worsen, call the 
emergency services - anti-venin is available. 
Monitor for signs of allergic reaction, such as 
wiieezing, and anaphylactic shack (see p. 274). 


» Tf swelling occurs, sit casualty down, treat as for 
snake bite (see fi, 266). Apply an ice pack or cold 
compress to the site af the sting, Callthe emergency 
services, monitor for anaphylactic shock (See p. 274) 
and allergic reaction, Try to identify the scorpion, 


« Jake care when moving racks and logs. 


» Jarantulas ave nocturnal and hunt prey 
intreas and on the ground. Move away 
if you disturti one; dont taueh it. 


» Widow spiders, which include Australia’s 
redback spider (2. assaf, build their webs 
in dry, sheltered spots, such as in shrubs ov 
among racks oF logs, So Lake care when 
mavying among them. 


® Scorpions are mostly nocturnal and take 
shelter during the day. Check your boots and 
clothing before putting them on and check 
your bedding et night. Take care when 
gathering firewood or tuming aver racks, 





a Ticks are carriers of infectious diseases such as 
Lyme disease and Rocky Mountain spotted fever. 
Sufferers of Lyme disease may develop a red, 
ringed "bullseye" skin lesion al the bile site, 


= Carefully remove an attached tick with tweezers 


or 2 Specialized tool (seep. 267). Clean and monitor 


the wound tor symatoms. Get medical nelp if 
casuaty develops a severe headache, stiff 
neck, ora fever. 


« \Wear light-shaded, tightly woven clothing 


and apply lick repellent. Chack your skin 
and clothing for ticks at requiar intervals. 
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NATURAL DANGERS 


IN THE CASE OF SUSPECTED PLANT POISONING, you must call the emergency services 
immediately. If a casualty becomes unconscious, open the airway and check their breathing 
(see p. 276). Be ready to begin CPR—chest compressions and rescue breaths (see p. 277). 
If you need to give rescue breaths, use a plastic face mask or face shield, if you have one, to 

















NAME WHERE IDENTIFICATION POISONOUS PART 
COWHAGE/COWAGE/ » Scrub and light woodland in the » Yinedike plant with green, oval Flowers 
COWITCH the tropics and USA. leaflets growing in threes. Spikes « Pods 
>) Mucana preions of hairy, dull purplish flowers. 
zg Hairy brown seedpods. 
8 POISON IVY » Wooded areas in North America; =» Seep, 268 for illustration, » All 
2 Taxicodenaron ragicans widely Introduced elsewnare. 
5 
E 
8B WHITE/GRAY » Mangrove swamps from » Slender tree with pale bark and long = Sap 
MANGROVE tropical Africa to Indonesia aerial roots. Green, oulong, leathery 
Aycanniz maina and Australasia. leaves. Yellow flowers and fleshy, 
pale orange seed capsules, 
BANEBERRY = Teniperate woodland in the » Low shrub with, toothed oreen « All, but the berries are 
Aeizeasop. northery Hemisehere, leaves. Small white flowers. White, tie most poisonous, 
black, or ved berries grow in clusters 
CASTOR OIL PLANT/ « Throughout thetropies in sorub » Tall shrub with glossy dark green or = Al), but the seeds contain 
CASTOR BEAN and wasteland; introduced ta dark purple, star-like loaves. Spices particularly high levels at 
Ricihus communis temperate regions. of yellow flowers. Spiky red pods. the poison ¢icin, 
DEATH CAMAS/ Grassy, wooded, andracky « Longarass-like laaves arise tram a « All 





2 
EE 
rs 

E 
cS 
= 


DEATH LILY areas in temperate regions bulb. Flowers have six white petals 

Aigadenus spp. of North America. will agreen heart at base. 

PANGI ® Tropical forests in Southeast = Jal tree with green, heart-shaped » All, but especially the 

Pari edule Asia, leaves. Green flower spikes, Large Seeds, wiiich contain 
brownish pear-shaped truits grow prussie acid (cyanide), 
in clusters, 

PHYSIC NUT « Woodland throughout thetrepics «Large shrub with larae, green, « All, but particularly 


ntropha curcas 


POISON HEMLOCK 
Conan maculzium 


and southern USA. 


ivy-like leaves. Small greenish-yellow 
flowers. Apole-sized yellow fruit has 
large seeds. 


the seacis. 
































= Wetor moist ground jn temperate 
parts of Eurasia; introduced Lo 
North Amorica and Australia. 


« Tallherbwithbranching purespotted ©» All, bul the root has the 


stem toothed leaves; small clusters of 
white flowers grawn in flat umbrallas. 


highest level af toxins. 








STRYCHNINE TREE 
Steyotnos macvomiea 


= Tropical and subtropical forests 
in India, Southeast Asia, and 
Australia, 


= Fyergreen trae with paired oval 
leaves. Small clusters of greenish 
flowers grew al end of branches. 
Large drenge-red berias 


= (|, bul the seeds contain 
lethal levels of strychnine. 





vehicles to shift in status from an optional accessory to a core feature that supports not 

only the individual vehicle, but also communication with other vehicles and sensors that 
Tayce)anamae-lancom oY-14,41alepmr-latemar-\dtel-14(e)p been nal (sm-] MeM-larielalatem er-h1-ale|-1 mt) i-1 Nar lale Ker-1t- 
security. For consumers, a connected vehicle provides a growing number of features and 
services that make the driving experience safer, convenient, and less costly. 5G connectivity 
WAL Meyar-le) (cm iacolgaat-1d(elamicelaalane-]m-\-1alve)e-mcomae)aliialecolehyhym ol-m oy-1si-10 Cok dal-Kal (elle Mls) VaJ aT] 6 
ing information and alerts about micro-level weather, road temperature, surface conditions, 
and violent breaking ahead, more efficient and consistent traffic flows will be achieved that 
reduce congestion and emissions. The aggregated and interpreted data will provide more 
informed driving information, as well as alert and activate onboard safety systems to pre- 
vent accidents [1]. 


| ndustry stakeholders envision 5G as a key enabler that allows network connectivity in 





POISONOUS PLANTS 30 5 


protect yourself trom any poison on the casualty’s mouth. When planning your trip, it is 
advisable to familiarize yourself with the poisonous plants in the region you are visiting. 
For further information regarding plant contact poisoning and ingestion poisoning, and 
their treatment in a survival situation, see pp. 268-69. 


EFFECT 


» Skin irritation. Contact with the eyes can 
cause blindness. 


TREATMENT 


» Call the emergency services. Rinse the skin 
with cold water for 20 minutes, the eye(s} for 
10 minutes. Dont let the water collect under 
the casualty or you. 


ADDITIONAL INFO 





«= Reddening, itching, swelling, and blistering of 
skin within 4-24 hours of comiact with the plant 
Some paople may suffer an allergic reaction 
called anaphylactic shock (see p. 274). 


= The sap blisters the skin and will cause temporary 
blindness fit gets in the ayes, 


» Wash the affected area with scap and cold 


water. Apply anti-poison ivy cream. Manitor 
and treat forshock (seen. 274) if necessary, 
For jaluralyemedies, see 9, 268. 


» Call the emercency services. Rinsa the skin 
with cold water tar 20 minutes, the eyets) 
jor 10 minutes. Monitor casualty and treat 
for shock (seep, 274), 


a Western poison oak (7 atversiafurr, 


Atlantic poison oak (7 zuhaseans), 
and poison sumac (7 vernic) alsa 
cause contact poisoning (see p, 268). 


= Blindingor milky mangrove ( Bonar? 


agatiocha) alsa has paisanous sai. 





» Pan be fatal—ingestion of berries can leadto 
cardiac arrest and death. Other symptoms include 
dizziness, vomiting, and severe internal irritation 


= (an be fatal—ingestion of raw seeds causes 
severe diarrhea. 


» Deadly palsonous. Symptoms include pratuse 
salivation, yorniting, diarrhea, confusion, slow, 
ivegular heartbeat, low Lemperature, difficulty 
breathing, and unconsciousness, leading to death. 


® Deadly poisonous, Causes unconselousness and 
severe breathing difficulties, which, i untreated, 
may lead to death. 


« Callthe emergency services. Induce vomiting 


= (all the emergency services. Induce vomiting 


« Call the emergency services (antidotes are 


if casualty ts still conscious, Dilute the paison 
by getting him or ter to drink large quantities 
of watar or milk, or tea mixed with charcoal. 


if casuatty is still conscious. Dilute the paison 
by getting him or her todyink large quantities 
of water ov milk, or tea mixed with charcoal. 
« Call the emargency services. Induce vomiting 
if casualty is still conscious. Dilute the poison 
by getting him or her to drink large quantities 
of waier or milk, or taa mixed with charcoal. 


available). Induce vomiting if casualty is still 
conscious. Diluta the poison (see Death Camas, 
atiove), Keep casualty warn and at rest, 


« Thisplant looks similar to wild anions, 


= The seedoods explode when rive, scattering 


the larce, oval, glossy, brown-mottied seeds, 
which can be mistaken for beans. 


which are edible, but the death camas 
does not have the onion smell, 


« If the casually ic unconscious and stops 


breathing, give rescue breaths, using a 
face shield. Alternatively, use an oxygen 
hag ancl a mask, if possible. 





« Severe diarrhea and vomiting. 


« Call the emergency services. Induce varntting 
FF casualty is still conse lous. Dilute the poison 
by getting him or her ta drink large quantities 
of water or milk, or tea mixed with charcoal, 


« Theseeds look like hotel nuts and taste 
Sweet, Several species inthe Jaiopha 
genus are poisonous, for example. the 
ally named hellyache bush (4. gessypieta. 








= Deadly poisonous. A small amount can result 
in deatti by respiratory failure from muscular 
paralysis. Early symptoms telude nausea, 
vomiting, and rapid heartbeat. 


» Call the emergency services. Induce vomiting 


ff casualty is still conscious. Dilute the poison (see 
Physic Nut, above). If the casualty is unconscious 
and stops breathing, beain CPR, using a face shield, 


» Water hemlock or spotted cowbane 


(Geuiasop), wiich looks similar, is also 
deadly poisanaus. Don't mistake these 
plants tor wild carrots or wild parsnips. 





= Deadly poisonous, Muscle spasms occur 10-2) 
minutes atter exposure, leading to salzures 
follawed by death from severe breathing 
difficulties ov exhaustion within 2-3 hours. 


» (all the emergency services. Induce vomiting 
if casualty |s still conscious. Dilute the paisan 
by getting him cr her to drink large quantities 
of water or milk, or tea mixed with charcoal, 


= Warning: strychnine can also enter the 
system through contact with the eyes. 
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RESOURCES 


SCOUTS AND SCOUTING 

Boy Scouts of America 

1325 West Walnut Hill Lane 

PO, Bax 152079: Irving, 

Texas 75015-2079 

Phone: 972-580-2000 

Fax: 972-580-2413 

wwwescouting.org 

Boy Scouts of America prepares young pecole 
to make ethical and moral choices over their 


lifetimes by instilling in therm the values of 
the Scout Gath and Lawy. 


Girl Scouts of the USA 

420 Fifth Avenue 

New York, New Yark 10018-2798 

Phone: 800-G SUSA4-U [800-478-7243] 
or 212-852-8000 

wwiw.girlscouts.org 

Gin Secuts is one of the largest organizations 
dedicated specifically to girls. Tt encourages 
them to develop skills and values such as 
leadership, social conscience and self-worth that 


will stand therm in goad stead In the wider world. 


National Scouting Museum 

Boy Scouts of America, $505, 

1329 West Walnut Hill Lane, Irving, 
Texas (9038 

Phone: 800-303-3047 and 972-580-2100 
e-mail: nsmuseum@inetosa.ory 

wii. bsamuseum.orgi 

This museurn is a tribute to the rich history 
ofthe Boy Scouts of America and features 

a Norman Rockwell art gallery. virtual reality 
adventures, hands-on learning experiences, 
and a collection that traces the Scouting 
trovement Tram its beginnings. 


WEATHER AND 
ENVIRONMENTAL HAZARDS 


National Oceanic and Atmospheric 
Administration (NOAA) 

1401 Constitution Avenue, NVY, 

Room 6217 Washingtan, DC 20230 
Phone: 202-48 2-6090 

Fax: 202-482-3154 
WWiw.nddawatch.gav 


The NOAA fias several dapartments, such as 

the National Severe Storms Laboratory (NSSL), 
the Storny Prediction Center (SPC), which is part 
ofthe National Weather Service (NWS), and the 
National Centers for Environrnental Prediction 
(NCEP), The SPC provides regular, timely, and 
accurate storm forecasts, and watches out for 
severe thunderstarrrs, tomadoes, heavy rain, 
heavy snow, and fire weather events ver the 
contigueus United States 


National Weather Service 


1325 East West Highway, Silver Soring, 
Maryland 20910 


wwiwaveaLhergqay/omsevereweather/ index 


Provides weather, hydrologic, and climate forecasts 
and observations for the whole country and the 
waters and cceans around it, The service offers 

a national information database for the use of 
public, private, and global communities. 


NOAA Weather Radio All Hazards 
(NWR) 


wannwn wea Lhergawy hae 


A, nationwide network of radio stations broadcasts 
continuous weather information directly fromthe 
hearest National Weather Service office. NWR 
broadeasts official Weather Service warnings, 
watches, forecasts, and other hazard information 
24 hours aday, seven days a week 


National Interagency Coordination 
Center (NICC) 

wnat ilfc.cow/nice/indechtm 

The WICC serves as a focal point for 
coordinating the national mobilization of 
resources, such as heavy alrtankers, helicopters, 
smokejumpers, area command teams, and 
Remate Autornated Weather Stations (RAV/S), 
for wildland fire and other incidents throughout 
the United States. 


The Forest Fire Lookout 
Association (FFLA) 


2590 W. Versailles Drive, Coeur d'Alene, 
Idaho 33315 


Phone: 208-765-1714 and S00-GRN-T REE 
Email weblaokout@imbris.net 
www. firelogkoutorg 


The FFLA investigates former forest-fire lookout 
sites, ground cabins, and early forest fire detection 
methods to encourage public groups and others 

in restoring forest-fire lookouts 


U.S. Geological Service 

\western Distribution Branch, 

PO. Box 25286, Denver, Colorada 80225 
Phone: 303-236-7477 

WWIW.U5SQ5.g0¥ 

This multi-disciplinary science organization 
focuses on biology, geography. geology, geospatial 
information, ancl water, and is dedicated to the 
timely, relevant, and impartial study of the US 
landscape, and natural resources and hazards, 


DesertUSA 
ywww.desertusa.com 


This website is a comprehensive rescurce 

for North American deserts and Southwest 
destinations It includes information about desert 
biores, and the ways plants and animals adapt 
tothen;, and about national and state parks. 


HEALTH AND MEDICAL 


Center's for Disease Control and 
Prevention 

1600 Clitton Rd, Atianta, Geargia 30333 
Phone: SQ0-232-4636 and $88-232-6243 
Email edcinfa@ede.gov 

wwiw.ede.cdoy 

Provides the expertise, information, advice, 

and tools that individuals and earnnunities need 
to protect their health, including the promotion 


of healthy living and the prevention of disease, 
injury, and disability, 


U.S. Department of Health and 
Human Services 


200 Trcdlependence Avenue, SW, 
Washington, B.C. 20201 


Phone: 202-519-0257 
Toll Free: 877-696-6775 
wow hhs.cov/disasters/indexshtml 


For information and advice on coping with 
disasters and related medical emergencies 


American Medical Association 

515 N. State Street, Chicaco, Illinois 60610 
Phone: 800-621-8335 
Wwiwiw.da-assarg/ama/pub/ 
cateporw6206.htm| 


The AMA's Center for Public Haalth Preparedness 
and Disaster Response is an important national 
educational resource for enhancing the disaster 
preparedness and response capabilities of both 
civilian and miltary providers, 


American Red Cross 

National Headquarters, 2025 E Streat NW 
Washinaton, DC 20006 

Phone 800-733-2767 

WWI renicyvass.org/Services 

The nation’s premier response organization that 
provides relief for communities during natural 
and manrnade emergencies, It belongs to a 
worldwide movement that offers neutral 
humanitarian care and assistance to victims 

of war and devastating natural disasters such 
as earthquakes, 


National Capital Poison Center 

3201 New Mexico Ave, Suite 310, 
Washington DG, 20016 

Emergency Phone: S00 222 1222 

WWW, PaIsan ong 

Affiliated with The George Washington University 
Medical Center, the Poison Center is committed 
to prevent poisonings. save lives, and lirnit injury 
from peisoning. 


SEARCH AND RESCUE 
National Association for Search & 
Rescue (NASAR) 

PO Box 232020, Centerville, 

Virginia 20120-2020 

Phone: 703-222-6277 

Toll Free: 877-892-0702 

Email info@nasararm 
WwwiwNasararg/nasar 


A not-for-profit association dedicated ta 
the advancement of professional, literary, 
and scientific knowledge in fields related 
ioseaich and rescue throughout the 
United States and around the world, 


National Institute for Urban Search & 
Rescue 

PO Box 91648, Santa Barbara, 

California 93190 

Phone: $00-767-0093 and 805-569-5066 
Calkt 805-798-O16¢ 

Email niusr@cox.net 

wwwiniusrord 

A non-profit organization dedicated to finding 
ways of saving lives by improving disaster 
readiness and response through publie awareness, 
collaboration, research, and engineering. 


Mountain Rescue Association 
wwwnra,org 


Represents highly skilled and active mountain 
rescLie tearns throughout the country, who 
work for local government author ties and 
who are dedicated to saving lives through 
rescue and mountain safety education, 


International Association of Dive 
Rescue Specialists 

201 North Link Lane, Fort Collins, 
Colarade $0524-2712 

Phone (toll frea): 800-TADRS-911 
Phone tinternational); 1-970-482-1562 
Fax (international): 970-48 2-0893 
woneweladtrs org 

An association of public safety divers and 
water rescue personnel who, aver the years, 


have educated and assisted professionals in 
al! 50 states and 15 foreign countries 


Association of Air Medical Services 
526 King Street, Suite 415, 

Alexandria, Virgina 22314 

Phone: 703-836-8732 

Fax: /03-336-8920 

Ww W.ed MS.Org 

An international not-for-profit organization that 
represents providers of air and surface medical 
transport systerns, and aims to ensure that 


everyone has access 10 quality air medical and 
critical care support. 


FEDERAL 

Environmental Protection 

Agency (EPA) 

EPA Headquarters, Ariel Rios Buildinc 
1200 Pennsylvania Avenue, MMV. 
Washingtan, 00 20460 

EPA Hotlines: Various phone numbers 

and websites for assistance, 

Wwwiwena GowebTpages/ 
emaremergencypreparedness. html 

The EPA develops. implements. and coordinates 
Preparations for chemical and other emergencies 
in order to be able to respond quickly and 
atfectively to environmental crises and to keep the 
public informed about hazards in their community, 


Federal Emergency Management 
Agency (FEMA) 

500 © Street SW, Washington. DC, 20472 
Phone: 8C0-621-FEMA-3362 

TDD: TTY users can dial 1-800-462-7585 
ta use the Fecleral Relay Service, 
wwwfema.gov 


FEMA aims to reduce the loss of life and property, 
and protect the country tram all hazards, incliding 
natural disasters, acts of terrorism, and ot her 
manmade disasters 


U.S. Dept of the Interior National 
Parks Pass 


1849 © Street, NW Washington, DO 20240 
Phone: 202-208-3100 


RESOURCES 


Email: webigam@ilas.col.gov 
wuww.doi.gov/parkpass.Atn| 

You can buy an arnual pass foy entry into 
national parks fromthe US Geological Survey 


store and through the governnent'’s tedera! lands 
recreation web portal at www.recreation.gay. 


CANADA 

National Search and Rescue 
Secretariat (NSS) 

400-275 Slater Street, Ottawa, 
Ontario RIA OK? 

Phone: (toll-free) 1-800-727-9414 
Email: inquiryd@nss.ge.ca 
WWIWISS.9e.ca 

Anindependent government agency that 
coordinates the search-and-rescue requirements 
of the military, coastguard, police, transport, 
parks, and meteorological services, 


Search and Rescue Volunteer 
Association of Canada 


& Paradise Road, Paradise, 
Newfoundland and Labradar AIL 3B4 
Phone (toll free}: 1-866-SSARVAG 
(1-866-972-7822) 

Phone (office); 709-368-5533 

Fax: /09-368-] 298 

Email: into@sarvac.ca 

Wwiviwsarvac.ca 

A not-for-profit organization that provides 
@ national search-and-rescue service, and 


is committed to fostering the exchange of 
information between othey rescue services 


Meteorological Service of Canada 
WWw.MSe-S¢.6c.qc.ca 


Provides information and conducts research 
on water, climate, weather, atmospheric 
science, and other environmental issues 


Environment Canada 

Inquiry Center, 351 St. Joseph Boulevard 
Place Vincent Massey 8th Floor 
Gatineau, Quebec KLA OHS 

Phone: 1-800-668-6767 

or 819-997-2800 

Fax: 819-994-1412 

TT 819-994-0736 

Email: snviroinfo@ec.ge.ca 
wiwiw.ee.deca 


Government department committed to preserving 
and enhancing the country's environment, and to 
providing weather forecasts 
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A-frame A type of shelter desian in which 
the roof is suspended by asingle support 
running from the front ta the back, resting 
onan "A" shaped framework at either end 
Air mass 4 large body of air in.a weather 
system that has its own temperature 

and humidity. 

Altitude sickness Aq ||Iness brought an by 
low air pressure at high altitudes, 
Anabatic winds Daytime. upslope winds. 
Anaphylactic shock 4 dangerous allergic 
reaction brought on by a bite or sting. 
Attack point See Stend-off. 

Avalanche transceiver 4 personal beacon 
that can he activated to alert rescuers by 
someone caught in an avalanche. 


Base layer The bottom layer of clothing 
that sits directly against the skin andl is 
designed ta “wick” sweat away from 

the bady. 

Base rate The heart rate, as measured 
when the bady is-at rest, 

Beaufort scale A way of describing wind 
speed on land and at sea, using a scale 
fram. (eal) to 12 (hurricane). 

Belaying A rape technique used by 
climbing partners to safequard each other 
Bivi pup tent 4 basic one-man tent that 
uses 4 bivi bag as a covering. 

Bivi bag 4 large waterproof sack suitable 
for usé as a basic shelter, smaller and 
lighter than a tert. 

Blazes 4 general term for Markers on 

a trail. 

Bola A Hunting device made of a rope 
with weights attached, designed to be 
spun and throw. 

Boot skiing 4 technique far descending 
snow-cayered slopes withaut skis. 

Bothy bag 4 lanyje waterpraof bag that 
provides shelter from the wind, rain or sun, 
Bow-and-drill set One of the oldest 
methods of creating a glowing ember (coal) 
for use in lighting a fire. 

Boxing an object See Detouring. 
Breathable clothing Clothing that allaws 
sweat in the form of water vapour ta be 


carried away from the body but is 
waterproof from the outside se keaps 
liquids (rainor snow) out. 

Bungee 4 type of elasticated cortl, often 
with hooks at either end. 

Busheraft knife 4 versatile survival knife 
used primarily for carving, cutting, and 
splitting small lags. 

Button compass 4 small, simple compass, 
ideal as a back-up campass. 

Button tie 4 methad of attaching cardage 
to fabric that has no hoops or grommets; 
usetul in that it avoids ripping a hole in the 
fabric, maintaining any waterpraot qualities 
of the fabric, and allows poth Tabric and 
cordage to be reused subsequently tar 
other purposes. 


Cairn Trail rarer consisting of 2 pile 

of rocks of varying sizes, designed to be 
visible in faq. 

Canoe An open-deck paddle boat, for one 
or more people, and equipment 

Carabina 4 metal clip used for joining 
ropes or attachment 

Carbon monoxide 4, colourless, adourless, 
tasteless, out highly toxic qas. 
Cardiopulmonary resuscitation (CPR) 
An emergency system of chest compressions 
and rescue breaths desiqned to restart a 
casually's heart and lungs. 

Cerebral oedema Accumulation of excess 
water in the brain thal causes reduced 
brain function and potentially fatal swelling. 
Char cloth Cotton clath that has heen 
cormbusted in the agsence of oxygen, Used 
for lighting fires. 

Chimneying A climbing technique used for 
climbing up the inside of large rack clefts. 
Cirrus 4 wispy cloud that forms high in the 
sky and is made from ice crystals. 

Cold shock An involuntary gasp reflex 
followed by hyperventilation, caused by 
sudden immersion in very cold water. In 
some circumstances cald shack response 
can lead to the inhalation of water, 
disarientation, panic, hypothermia, cardiac 
problems, and death. 


Commande saw 4 small saw consisting of a 
serrated wrire blade with a ring at each end. 
Compacted snow trench A shelter dug into 
compacted snow; the excavated snow can 
be cut inte blocks and used ta form 2 ract. 
Compass baseplate A plate ta which some 
compasses are fixed, containing additional 
markings used for orientation and navigation. 
Compass scale Scaled markings ona 
compass baseplate that measure distances 
ona map and help in working out grid 
references, 

Compass An instrument used for 
orientation and navigation, using a Treely 
rotating needle that indicates the direction 
of maanetic north, 

Coniferous tree 4 neadie-|aaved, cone- 
bearing, mostly avergrean trea, such as 
pine, spruce, or fir 

Continental air mass Air that has tracked 
over land and carries comparatively less 
moisture than maritime air mass. 

Contour lines Lines on a map that show 
points of equal height above sea level, 

thus detailing the changing height of 
natural features. 

Contour navigation Walking at a constant 
height around a high natural obstacle. 
Contouring See Contew nevigetion. 
Contusion 4, oruise. 

Cordage 4 type of light rope - an essential 
olece of survival equipment. 
COSPAS-SARSAT system 4 saig\liie 
system, made up of low-altitude earth- 
orbiting (LEOSAR) and geostationary 
earth-orbiting (GEOSAR) satellites, that 
picks up signals from distress beacons. 
Cramp Painful muscle spasm, often a result 
of dehydration. 

Crampons Spiked metal plates that.attach 
to boats to provide grip on icy surfaces. 
Cumulonimbus 4 type of cloud that starts 
low in the sky and builds upwards, 
praducing short heavy downpours or 
thunderstorms. 

Cumulus 4 billowing, puffy cloud that is 
generally small and develops on bright, 
sunny days, indicating fine weather. 


Damper bread Yeast-free bread, suitable 
for making on a camptire. 

Deadfall 4 trap in which a weight falls 
onte the pray, Also a mass of fallen 

dead timber. 

Defensive swimming “4 type af switmming 
technique designed to keep the swimmer 
protected fram obstacles in the water. 
Degree A unit of latitude or longitude, 
equal to 4/320 of a circle. 

Deltydration 4 low level! of water in the 
body. A very dangérous condition if nat 
reversed, 

Deliberate off-set (aiming off) Deliberaisly 
aiming leftor right of a knawn feature. 
Desalting kit An emergency desalination 
kit far turning saltwater into freshwater. 
Detouring VWalking around an obstacle as 
a method of clearing it, using a point in the 
distance as a reference, 

Dew point The temperature at which 
water vapour held in the air cools ta 
became liquid. 

Dew trap A method of collecting dew to 
form usable water, 

Digging stick A sturdy piece af wood with 
a pointed end. 

Dipping net A fishing net used for scoaping 
up fish that are too small to catch ara line. 
Drill and flywheel 4 friction-based 
method of starting a fire, 

Drip rag A method of collecting rainwater 
dripping down a tree using cloth, 

Drogue 4 sea anchar used to stabilize 

a vessel, 

Dysentery A waterborne disease that 
causes severe diarrhaea, 


Eastings Vertical grid lines on a map; they 
incraase |n value the turther east they are. 
Emergency Locator Transmitter (ELT) A 
beacon that can send a distrass siqnal to an 
orbiting satellite to Initiate a rescus; mastly 
Tor use in aircraft. 

Emergency plan of action (EPA) 4 
document Jatt with relevant authorities 
that contains vital detalis about you and 
your Intended route, should you need to 

be rescued. 

Emergency Position-Indicating Radio 
Beacon (EPIRB) A beacon that can send 

a distress signal to an orhiting satellite to 
initiate 4 rescue; mostly used at sea. 


Emergency rendezvous (ERY) A 
pre-determined paint at which all members 
af a group should meetin the event af 
separation. 

Equator An imaginary circle running around 
the Earth's diameter that is equidistant from 
the North and South Poles at all points. 
Eskimo roll & technique for righting a 
capsized kayak. 


Faggot 4 bundle of kindling. 

Feather stick A stick that has been 
feathered to use as kindling and fuel, 
Fighter trench 4 type of snow trench dug 
into saft snow. Ideally uses a tarpaulin for 
the roof. 

Finnish marshmallow 4 mettiod of 
melting chunks of ice over a fire then 
collecting the water in a container, 

Fire tin A tin filled with waxed card board, 
used for lighting a campfire in difficult 
conditions, or as 4 basic cooking device. 
Firebase A stable, non-flammable base 
suitable for building a campfire on. 
Firefighter's lift A methed of moving 

4 casualty by carrying them over your 
shoulder. 

Fire set A set of components necessary 

ta generate a glowing ember that can start 
a fire. 

Firesteel A meta) bar which, when hit 
with a striker, produces a spark for lighting 
campfires. 

Flash burn See Snow biisdness. 

Fohn effect A dry downsiape wind which 
occurs on the lea-side af a mountain or hill. 
Four-wheel drive (AWD) A systam on 

4 vehicle in which drive is provided by all 
four wheels, rather than just two: results 
in Superior traction 

Frostbite 4 serious condition caused 

by excessive expasure to extreme cold, 

in which body tissues actually freeze, 
sometimes ta the bone. Often starts with 
the extremities. 

Frostnip The freezing of the top layer af 
skin, usually on the face ahd extremities, 
caused by exposure ta extreme cold. Can 
develop inte frostbite if left untreated. 


Gaiters Protective fabric that wraps 
around the lower leq and ankle, ta keep out 
walter and protect against sharp objects. 
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Gill net 4 fishing netin the form of a mesh 
stretched across a stream. 

Global positioning system (GPS) A fand- 
held unit that. uses orbiting satellites to 
determine the user's position accurately, 
Gourd The shell of hollowed-aut, dried 
fruit often used to carry water. 

Grab bag A pre-prepared bag of essential 
survival equipment suitable for quickly 
picking up in-an emergency at sea, 

Gravity filter 4n effective method af 
filtering and purifying water, Incorporated 
into a battle. 

Grid bearing A horizontal direction 
expressed in degrees east ar west af horth 
or south, 

Grid magnetic angle (GMA) The 
difference between magnetic north and 
grid north, expressed as an angle: 

Grid north 4 northerly direction that runs 
parallel to vertical gridlines on a map. Different 
from true north because 4 map is flat. 

Grid reference 4 metiiod of pinpointing 
the location of a place or object anywhere 
on 4 map, using coordinates praviced by a 
numbered grid system printed on the map, 
Grommet 4 moetal-ringed eyelet in clothing. 
Groundsheet A watarpraot sheet 

Gypsy well A method of using a hole in the 
ground to filter non-potable water. 


Hand jam A crack in a rocktace suitable 
for wedging your whole hand into when 
climbing. 

Handrailing A method of naviqating using 
long linear features an the landscape that 
run in the general direction of your travel, 
such as rivers, roads, or paths. 

Hank 4 small coil of cardage. 

Heat exhaustion (heat stress) 
Dehydration that results in dizziness 

and profuse sweating; atten a precursor 
ot heatstrake. 

Heatstroke & life-Lireaisning condition 
broughton by savere overheating, 

HELP (Heat Escape Lessening Posture) 
A posture that reduces heat-loss fram the 
body when floating in water 

Hexamine stove /\ stove that uses 
fhexamine solid fuel instead of gas or 

liquid fuel, 

Hot platform 4 method af melting ics aver 
a fire and collecting the liquid in a container 
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Hyperthermia An abnormally high body 
temperature; patentially fatal. 
Hyponatraemia An accumulation of excess 
water in the body leading to a dangerously 
low cancentration of sodium. 
Hypothermia 4 \ife-ihreatening condition 
caused by exposure to cald. Symptoms 
uSually appear In the fallawing order: 
uncontrollable shivering (which may stop 
as the body temperature lowers); irvational 
or out-of-character behaviaur; confusion, 
mood swings, and withdrawal; pale, cold 
skin, and slurred speech and/or stumbling. 
Watching cut for and counteracting the 
éarly symptoms may help prevent them 
developing into a full-blown potentially 
fatal condition. 

Hypoxia Inadequate levels of oxygen in the 
bload or body tissues. Potentially fatal. 


Igloo 4 shelter constructed from cut 
blocks of snow. 

lodine 4 chemical used to purify water. 
Isobar contours Lines on a weather 
chart that connect points at which the 
barometric pressure is the same. 


Katabatie winds Cool, light downslope 
winds that farm on clear nights. 

Kayak A closed-ceck paddle boat for one 
or More people. 

Kindling Small pieces of fuel far a fire, 
added to burning tinder. 

Kuki A \arge-blaced knife fram Nepal, 
used mainly for chopping. 


Land breeze A night-time wind that blows 
fram land to sea, 

Lanyard 4 small cord or rape used for 
securing or suspending an itam. 

Latitude The anqular distance north or 
south of the Equatar, in deqress along 

a meridian. 

Layering Wearing several light layers of 
clathes rather than just one ar two thick 
ones. Layers can be added or taken off to 
maintain a consistent body temperature. 
Lean-to 4 shelter with a slaping roaf that 
lpans against a horizontal ridqepola. 
Lee-side The side that is sheltered from 
the wind. 

Lensatic compass 4 type of campass used 
for pracise navigational work. 


Longitude The angular distance east or 
west across the Earth between one 
meridian and the prime meridian at 
Greenwich, England. 


Machete A large-bladed knife used mainly 
for chopping, approximately 45-50cm 
(18-20in) long. 

Magnetic north The direction indicated by 
a magnetic campass. 

Magnetic variation The difference 
between magnetic north and grid north. 
Mantelling 4 technique used for climbing 
overhanging rock. 

Maritime air mass Air that has tracked 
ayer the sea, typically containing maisture 
Mayday The internatianally recognized 
distress signal fara grave emergency. 
Matchless fire set Smal) kit that includes 
everything you need to start a fire - tinder, 
fuel, ancl spark device, 

Melting sack An improvised sack that can 
hold snow or ice and is pasitioned clase to 
a fire to provide water. 

Meridian An imaginary are on the Earth's 
surface fram the North to the South Pole, 
connecting all locations running along it. 
Mid-layer An insulating layer of clothing 
that sits between the base layer and the 
outer layer, 

Motor impairment A |initatian or loss of 
Muscle contral or movement 


Naismith’s Rule A. method of calculating 
the time it will take to arrive at a 
destinatian, taking into account distance 
and topography. 

Natural hollow 4 natural dip in the ground 
that can be used as an amerqancy shalter 
New World Non-Eurasian and non-Atrican 
regions of the world — specifically the 
Americas and Australia. 

Noggin 4 piece of woad used to help 
support 4 structure, reducing the amount 
of cardage required. 

Non-potable water \\fater that is not 
suitable for drinidng 

Northings [he horizonta| grid lines ona magy 
increase in value the further north they are. 


Occluded front 4 point at which two air 
masses meet ina weather system, 
Old World Europe, Asia, and Africa. 


Outer layer Cuter clothing; ideally it 
should keep out vain but let sweat (as 
water vapour) escape, 


Pace counting 4 method of determining 
distance; invalves knowing haw many 
paces you take to cover a set distance 
Pack animal An animal such a5 a mule or 
horse used for carrying heavy loads. 
Paracord 4 useful type of corcdage 
ariginally developed as rigging lines for 
parachutes. Usually comprises an cuter 
sheath aver an inner section of yarn. 
Parang 4 large-bladed knife from Malaysia, 
used mainly far chopping. 

Pathogen 4 inicro-arganism, especially 
bacteria or fungi, that causes disease, 
Permafrost Permanently frozen soll, 
Personal Locator Beacon (PLB) 4 
beacon that can transmit a distress signal 
ta an orbiting satellite to Initiate a rescue. 
Poncho A multi-purpose water proct outer 
garment made from one sheet of fabric: also 
useful for building a basic shelter or bed, 
Post-holing A technique for walking in 
deep snow without snow shoes. 

Potable water ater suitable for drinking. 
Potassium permanganate 4 cherical 
used fora variety of tasks, tram lighting 
fires to purifying water. 

Precipitation Moisture in a cloud that may 
fall a5 rain, snow, or hail. 

Prismatic compass See fensetic compass. 
Protractor A device for measuring angles. 
Psychogenic shock 4 very high lavel of 
psychological and emotional stress brought 
on by a sudden disaster situation. 

Pulk 4 simple plastic sled used for carrying 
equipment over snow. 

Pulmonary oedema Swelling and fluid 
accumulation in the lungs that causes 
potentially fatal breathing prablams. 
Pygmy hut 4 domed hut mace tram a 
circle af bent saplings or limber pales and 
thatened with natural materials. 

Pygmy roll 4 method of ralling fibres 
tagether to make cordage. 


Quicksand 4 bed of loose, wet sand that 
yields easily to pressure and can anguif 
anything on its surface. 

Quinzhee 4 basic dome-shaped, snow- 
covered overnight sheligr. 


Ranger flint and steel 4 rod of flint 
which, when hit with a striker, produces 

a spark for lighting campfires. 

Recovery position [he sosition an 
UNCONSCIOUS person should be placed in to 
minimize further injury and help recovery. 
Reflector 4 device for directing heat from 
acampfire towards shelter, 
Reverse-osmosis pump & survival purnip 
system that turns saltwater into freshwater, 
Ridgepole 4 long horizontal pole that 
forms the apex of a roaf, 

Romer measure See Compass scaie. 


Salting 4 salt marsh. 

Scrambling Climbing without rapes. 
Scrape 4 type of basic shelier builtin a 
natural hallow or depression in the ground. 
Sea breeze A daytime wind that blows 
fram sea to land. 

Secondary drowning Potentially fatal 
biolagical changes that can take place in the 
lungs after a persan nearly drowns, caused 
by the body‘s response ta inhaling water. 
Shock A \ife-threatening condition that 
occurs if the circulatory system fails, often 
triggered by severe bleeding, burns, or 
sudden cold, 

Show-stopper A failure in planning that 
could cause delays to, or stop a trip or 
expedition 

Sighting mirror 4n advanced component 
on 4 high-end compass used for helping in 
orientation and navigation. 

Signal fire A fire specifically designed to 
praduce lots of smoke to attract attention. 
Signal flare 4 hand-held distress flare that 
gives aff orange smoke in daylight anda 
bright light at night. 

Signal mirror A. simple signalling device 
that warts by reflecting sunlight. 

Silva compass 4 type of basic compass 
useful for hiking. 

Sip well A method of extracting water 
trapped under racks by sandy ground. 
Skidoo A motorized vehicle used Tor 
travelling aver snow and ice. 

Slingshot A hunting weapan that tires 
small stonas and is marl fram a Y-shaped 
stick with an elastic strip stretched 
between the prongs. 

Snare A wire noase used Tar trapping 
animals. 


Snow blindness Eye damage caused by 
ultraviolet light reflected off snow or water, 
Snow cave An effective cavetike shelter 
dug inte compacted snow on the lee-side 
af a hill. 

Snowshoes V/ide-soled strap-on shes 
designed to stop you sinking inte snow. 
Soak A water source found close to rivers 
and creeks in areas that are usually jower- 
lying than the existing water table. 

Solar still 4 method of extracting drinking 
water fram any source of moisture by a 
process of evaporatian and condensation. 
Space blanket 4 plastic blanket covered jn 
aluminum foil that can be used as a shelter 
ar a reflective signalling device; to carry, 
stare, and heat water; or to cook in, 
Stand-off 4 technique for navigating to a 
point that may be hard to locate, by orientating 
from a nearby prominent feature. 
Standing deadwood Wood fram a tree 
that has died but is still standing. 
Hazardous, as branches or the whale tree 
may fall, but makes excellent firewood. 
Straddling A climbing technique used for 
ascending wide chinineys, 

Stratus Dense, grey cloud that forms.a 
sheet. Rain can fall far long periods of time 
if the cloud has depth. 

Strobe light An effective signalling device 
in the form of a rapidly flashing LED light, 
Survival blanket See Spoce blenket. 
Survival kit Essential items for survival 
carried on your person. 

Survival straw 4 compact amergqency 
water purifier 

Survival suit A waterproof, buoyant suit 
desiqned for survival in open water. 
Survival tin An essentis|, compact 
container carried on the person that 
addresses hasic survival neads: protection, 
location, water, and food: 


Taiga 4 subpolar region characterized by 
coniferous forest. 

Tarp Shortened form af “tarpaulii’, 2 type 
of sturdy waterproof sheet. 

Temperate climate A climate without 
extremes of temperature or rainfall, 
Tetanus “4, potentially lethal infection 
caused by bacteria that live in sail, 
Throwing star An |mprovised four-pointed 
hunting weapon used for throwing at prey. 
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Tinder 4 dry, light, combustible material 
that is the first fuel used when lighting a fire. 
Topographic map 4 map that shows the 
main features on a landscape, and elevation 
yia use of cantour lings. 

Transpiration bag 4 method of evaporating, 
condensing, and siphoning aff water from 
foliage using a plastic bag and sunlight. 
Triangulation 4 method of determining vour 
location by taking bearings with a compass 
from recagnizable landscape features 

True north The direction of a meridian of 
longitude that converges on the North Pole, 
Tundra A palar region characterized by 
permafrost and stunted vegetation, 


Universal Edibility Test (UET) A test that 
checks whether a plant is safe to eat viaa 
methodical process of testing small amounts 
on the skin, in the mauth, andl in the stomach. 
UV active purification Purifying water via 
a battery-operated ultraviolet (UM) purifier, 
UV passive purification Purifying water by 
leaving filled bottles in strong direct sunlight 
The UV rays eventually kill most pathogens. 


Vegetation bag See Transpiration foc. 
VHF radio ory high frequency radia 
transmitter; usually used at sea. 


Water halance The differance hetwean 
water last from the body through sweat 
and the water taken in through drinking. 
Water purifier A device that filters and 
purifies water by pumping It through micro 
filters, chemicals, or a combination of both. 
Weather chart 4 map of major westher 
systems and their predicted direction of travel. 
Wicking material 4 material that moves 
moisture away from your body to evaporate. 
Wickiup A small hut made fram straight 
poles lashed together at the tap, with an 
interwoven framework cavered with animal 
hides ar grass. 

Witch's broom 4 cleft stick stuffed with 
thin, dry bark suitable for lighting a fire. 
Withies [lie strony, flexible stems of 
plants, such as willow, birch, ash, and hazel. 


Zig-zag route !Vietnod of climbing a staen 
slope using a zig-zay path to reduce the 
affort required to achieve the climb. Alsa 
affective when walking dawn staen slopes, 
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A-trames 
forest L64-65 
front opening 165 
jungle 168 
poncho shelters 159, Lér, 175 
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cames 42,99 

camping soap 11? 
camping stoves 5B-59 


camps 
organization and administration 
112-13, 114-15 
see alsa specific areas (2.q, latrines) 
canoeing and kayaking 42, 104-05 
capacity, packs and bags 41, 42, 44 
capsizing 104,105 
carbohydrates 56 
carbon dioxide 157 
carbon monoxide poisoning 187 
cardinal paints 68, 74 77 
cardiopulmonary resuscitation (PRI 277 
cats, big 32, 242 
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236-41, 250, 252 
survival at sea 16-L?, 39, 196-97, 
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Autonomous vehicles 


Autonomous vehicles—also referred to as driverless 
or piloted vehicles—are predicted to hit the market 
by 2020, but stable 5G infrastructure will play a key 


role, according to a white paper by ABI Research [2]. 


Estimates indicate that 5G latency could be as low as 
one millisecond (ms) over-the-air, and 5 ms end-to- 
end, enabling the following automotive use cases: 


> Broadband multimedia streaming (driverless 
vehicles as mobile living rooms). 


> Cloud services for vehicle lifecycle manage- 


ment, apps, security, and over-the-air updates 
(cloud-to-vehicle). 





> Capturing or uploading huge volumes of sensor 
data for real-time traffic, weather, parking, and 
mapping services (vehicle-to-cloud). 


» Cooperative mobility: low latency vehicle-to- 
vehicle and vehicle-to-infrastructure for active 
safety and autonomy [redundancy for advanced 
driver assistance systems (ADAS)] [2]. 

The current ADAS being delivered on 2016 ve- 
hicles already facilitate SAE Level 1 (see figure 1) and 
are beginning to incorporate features that would be 
considered Level 2. However, Level 4 and 5 capabilities 
may not be that far away. In October 2015, Robot Taxi, 
a joint venture between Japanese mobile Internet com- 
pany DeNA and vehicle technology developer ZMP, 
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Part One 


THE ELEMENTS OF SURVIVING 


Chapter 1 


MISSION 


1-1. Introduction. An ejection sequence, a bailout, or 
crash landing ends one mission for the crew but starts 
another—to successfully return from a survival situa- 
tion. Are they prepared? Can they handie the new mis- 
sion, not knowing what it entails? Unfortunately, many 
aircrew members are not fully aware of their new mis- 
sion or are not fully prepared to carry it out. All instruc- 
tors teaching aircrew survival must prepare the aircrew 
member to face and successfully complete this new mis- 
sion, {Figure 1-1 shows situations a member might 
encounter.) 
1-2. Aircrew Mission. The moment an aircrew member 
leaves the aircraft and encounters a survival situation, 
the assigned mission is to: “return to friendly control 
without giving aid or comfort to the enemy, to return 
early and in good physical and mental condition.” 

a. On first impressions, “friendly control” seems to 
relate to a combat situation. Even in peacetime, howev- 


er, the environment may be quite hostile. Imagine para- 
chuting into the arctic when it’s minus 40°F. Would an 
aircrew member consider this “friendly?” No. If the 
aircraft is forced to crash-land in the desert where tem- 
peratures may soar above 120°F, would this be agreea- 
ble? Hardly. The possibilities for encountering hostile 
conditions affecting human survival are endless. 
Crewmembers who egress an aircraft may confront situ- 
ations difficult to endure. 


b. The second segment of the mission, “without giv- 
ing aid or comfort to the enemy,” is directly related to a 
combat environment. This part of the mission may be 
most effectively fulfilled by following the moral guide— 
the Code of Conduct. Remember, however, that the 
Code of Conduct is useful to a survivor at all times and 
in all situations. Moral obligations apply to the peace- 
time situation as weil as to the wartime situation. 


HEALTH & MORALE 


Figure 1-1. Elements of Surviving. 
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MAINTAIN LIFE 


SURVIVOR’S 
MISSION 


RETURN MAINTAIN HONOR 


Figure 1-2. Survival Triangle. 


c. The final phase of the mission is “to return early 
and in good physical and mental condition.” A key fac- 
tor in successful completion of this part of the mission 
may be the wi// fo survive. This will is present, in varying 
degrees, in all human beings. Although successful sur- 
vival is based on many factors, those who maintain this 
important attribute will increase their chance of 
success, 
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1-3. Goals. Categorizing this mission into organization- 
al components, the three goals or duties of a survivor 
are to maintain life, maintain honor, and return. Sur- 
vival training instructors and formal survival training 
courses provide training in the skills, knowledge, and 
attitudes necessary for an aircrew member to successful- 
ly perform the fundamental survival duties shown in 
figure 1-2. 


1-4, Survival. Surviving is extremely stressful and diffi- 
cult. The survivor may be constantly faced with hazard- 
ous and difficult situations. The stresses, hardships, and 
hazards (typical of a survival episode) are caused by the 
cumulative effects of existing conditions. (See chapter 2 
pertaining to conditions affecting survival.) Maintaining 
life and honor and returning, regardless of the condi- 
tions, may make surviving difficult or unpleasant. The 
survivor's mission forms the basis for identifying and 
organizing the major needs of a survivor. (See survi- 
vor’s needs in chapter 3.) 


1-5. Decisions. The decisions survivors make and the 
actions taken in order to survive determine their prog- 
nosis for surviving. 


1-6. Elements. The three primary elements of the survi- 
vor’s mission are: the conditions affecting survival, the 
survivor's needs, and the means for surviving. 


24 


AFR 64-4 ~—s Voll! 18 July 1985 


Chapter 2 


CONDITIONS AFFECTING SURVIVAL 


2-1. Introduction. Five basic conditions affect every sur- 
vival situation (figure 2-1). These conditions may vary 
in importance or degree of influence from one situation 
to another and from individual to individual. At the 
onset, these conditions can be considered to be neu- 
tral—being neither for nor against the survivor, and 
should be looked upon as neither an advantage nor a 
disadvantage. The aircrew member may succumb to 
their effects—or use them to best advantage. These con- 
ditions exist in each survival episode, and they will have 
great bearing on the survivor’s every need, decision, and 
action. 


NVIRONMENTAL 
CONDITIONS 
a CLIMATE 
TERRAIN 
» LIFE FORMS 


INDUCED 
CONDITIONS 


« NUCLEAR/ RADIO- 
ACTIVE FALLOUT 

« BIOLOGICAL 
AGENTS 

= CHEMICAL 
AGENTS 


SURVIVOR’S 
CONDITION 

a PHYSICAL 

a PSYCHOLOGICAL 
a MATERIAL 
SURVIVAL @ OBLIGATORY 


SITUATION 


$OCIO- 
POLITICAL 
CONDITIONS 
» FRIENDLY 
a» HOSTILE 
a UNKNOWN 


DURATION 
{THME CONDITION) 
« SHORT TERM 
& MODERATE TERM 
« LONG TERM 





Figure 2-1. Five Basic Conditions. 


2-2. Environmental Conditions. Climate, terrain, and 
life forms are the basic components of all environments. 
These components can present special problems for the 
survivor. Each component can be used to the survivor's 
advantage. Knowledge of these conditions may very 
well contribute to the success of the survival mission, 

a. Climate. Temperature, moisture, and wind are the 
basic climatic elements. Extreme cold or hot tempera- 
tures, complicated by moisture (rain, humidity, dew, 
snow, etc.) or lack of moisture, and the possibility of 
wind, may have a life threatening impact on the survi- 
vor’s needs, decisions, and actions. The primary con- 
cern, resulting from the effects of climate, is the need for 
personal protection. Climatic conditions also have a sig- 
nificant impact on other aspects of survival (for exam- 
ple, the availability of water and food, the need and 
ability to travel, recovery capabilities, physical and psy- 
chological problems, etc.) (figure 2-2). 


b. Terrain. Mountains, prairies, hills, and lowlands, 
are only a few examples of the infinite variety of land 
forms which describe “terrain.” Each of the land forms 
have a different effect on a survivor’s needs, decisions, 
and actions. A survivor may find a combination of sev- 
eral terrain forms in a given situation. The existing ter- 
rain will affect the survivor’s needs and activities in 
such areas as travel, recovery, sustenance, and, to a 
lesser extent, personal protection. Depending on its 
form, terrain may afford security and concealment for 
an evader; cause travel to be easy or difficult; provide 
protection from cold, heat, moisture, wind, or nuclear, 
biological, chemical (NBC) conditions; or make surviv- 
ing a seemingly impossible task (figure 2-3). 

c. Life Forms. For survival and survival training pur- 
poses, there are two basic life forms—plant life and 
animal life (other than human). NOTE: The special re- 
lationship and effects of people on the survival episode 
are covered separately. Geographic areas are often iden- 
tified in terms of the abundance of life (or lack thereof). 
For example, the barren arctic or desert, primary (or 
secondary) forests, the tropical rain forest, the polar ice 
cap, etc., all produce images regarding the quantities of 
life forms. These examples can have special meaning 
not only in terms of the hazards or needs they create, 
but also in how a survivor can use available life forms 
(figure 2-4). 

(1) Plant Life. There are hundreds of thousands of 
different types and species of plant life. In some in- 
stances, geographic areas are identified by the dominant 
types of plant life within that area. Examples of this are 
savannas, tundra, deciduous forests, etc. Some species 
of plant life can be used advantageously by a survivor— 
if not for the food or the water, then for improvising 
camouflage, shelter, or providing for other needs. 

(2) Animal Life. Reptiles, amphibians, birds, fish, 
insects, and mammals are life forms which directly af- 
fect a survivor. These creatures affect the survivor by 
posing hazards (which must be taken into consider- 
ation), or by satisfying needs, 


2-3. The Survivor’s Condition. The survivor's condition 
and the influence it has in each survival episode is often 
overlooked. The primary factors which constitute the 
survivor's condition can best be described by the four 
categories shown in figure 2-5. Aircrew members must 
prepare themselves in each of these areas before each 
mission, and be in a state of “constant readiness” for the 
possibility of a “survival mission.” Crewmembers must 
be aware of the role a survivor’s condition plays both 
before and during the survival episode. 

a. Physical. The physical condition and the fitness 
level of the survivor are major factors affecting 
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announced that it would offer driverless transporta- 
tion to about 50 people in an area near Tokyo. Its goal 
is to commercialize the service by 2020, in time for the 
Tokyo Olympics [1]. While Robot Taxi is shooting for 
full automation (Level 5) in time for the games, it is 
likely that the use of such vehicles will initially be lim- 
ited to shuttling passengers between Olympic venues. 
However, this venture is particularly notable because 
the technology is brand-agnostic and can be retrofit- 
ted to any vehicle [4]. 


Clearly, experimentation with autonomous vehicles 
is increasing, and 2020 as a date for some form of 
commercial implementation is certainly feasible from 
a technology perspective. Probably the best-known 
self-driving car project belongs to Google, which was 
started in 2009 and has clocked more than two million 


Narrative Definition 


Human driver monitors the driving environment 


miles on public roads to date [5]. However, Google 
is not alone; Tesla, BMW, Audi, Mercedes, and most 
recently GM, have all showcased self-driving concept 
cars and demonstration projects. In mid-October 
2016, Tesla announced that all cars currently be- 

ing produced in their factories would include the 
hardware needed for full self-driving capability at a 
level of safety far greater than that of a human driver. 
However, the company added that the technology 
first needed to be tested and calibrated via “millions 
of miles of real-world driving” before the hardware 
would be activated on consumer vehicles [6]. In 
addition to traditional car manufacturers, compa- 
nies such as Uber and Chinese search giant Baidu 
are also working on autonomous technology and 
self-driving cars [1]. 
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FIGURE 1. SAE Levels of automation. The Society of Automotive Engineers (SAE) has defined levels of automation to clarify what 
role (if any) drivers have in operating a vehicle while a driving automation system is engaged. These levels are intended to establish 
a consistent framework that can be used across industries as the dialogue about autonomous vehicles continues. (Figure credit: SAE 


International J3016 [3].) 
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Figure 2-2. Cold Front Occlusion. 


survivability. Aircrew members who are physically fit 
will be better prepared to face survival episodes than 
those who are not. Further, a survivor’s physical condi- 
tion (injured or uninjured) during the initial phase of a 
survival episode will be a direct result of circumstances 
surrounding the ejection, bailout, parachute landing, or 
crash landing. In short, high levels of physical fitness 
and good post-egress physical condition will enhance a 
survivor's ability to cope with such diverse variables as: 
(1) temperature extremes, (2) rest or lack of it, (3) water 
availability, (4) food availability, and (5) extended sur- 
vival episodes. In the last instance, physical weakness 
may increase as a result of nutritional deficiencies, dis- 
ease, etc. 

b. Psychological. Survivors’ psychological state 
greatly influences their ability to successfully return 
from a survival situation. 

(1) Psychological effectiveness in a survival episode 
(including captivity) results from effectively coping with 
the following factors: 

(a) Initial shock - Finding oneself in a survival 
situation following the stress of ejection, bailout, or 
crash landing. 
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(b) Pain - Naturally occurring or induced by coer- 
cive manipulation. 

(c) Hunger - Naturally occurring or induced by 
coercive manipulation. 

(d) Thirst - Naturally occurring or induced by 
coercive manipulation, 

(e) Cold or Heat - Naturally occurring or induced 
by coercive manipulation. 

(f) Frustration - Naturally occurring or induced 
by coercive manipulation. 

(g) Fatigue {including Sleep Deprivation). - Natu- 
rally occurring or induced by coercive manipulation. 

(h) Isolation - Includes forced (captivity) and the 
extended duration of any episode. 

(i) Insecurity - Induced by anxiety and self- 
doubts. 

(j) Loss of self-esteem - Most often induced by 
coercive manipulation. 

(k) Loss of self-determination - Most often in- 
duced by coercive manipulation. 

(I) Depression - Mental “lows.” 

(2) A survivor may experience emotional reactions 

during a survival episode due to the previously stated 





Figure 2-3. Terrain. 


factors, previous (life) experiences (including training) 
and the survivor’s psychological tendencies. Emotional 
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reactions commonly occurring in survival (including 
captivity) situations are: 

(a) Boredom - sometimes combined with 
loneliness. 

(b) Loneliness. 

(c) Impatience. 

(d} Dependency. 

(e) Humiliation. 

(f) Resentment. 

(g) Anger - sometimes included as a subelement 
of hate. 

(h} Hate. 

(i) Anxiety. 

G) Fear - often included as a part of panic or 
anxiety. 

(k) Panic. 





Figure 2-4. Life Forms. 


(3) Psychologically survival episodes may be divid- 
ed into “crisis” phases and “coping” phases. The initial 
crisis period will occur at the onset of the survival situa- 
tion. During this initial period, “thinking” as well as 
“emotional control” may be disorganized. Judgment is 
impaired, and behavior may be irrational (possibly to 
the point of panic). Once the initial crisis is under con- 
trol, the coping phase begins and the survivor is able to 
respond positively to the situation. Crisis periods may 
well recur, especially during extended situations (captiv- 
ity). A survivor must strive to control if avoidance is 
impossible. 

(4) The most important psychological tool that will 
affect the outcome of a survival situation is the wil! to 
survive. Without it, the survivor is surely doomed to 
failure—a strong will is the best assurance of survival. 

c. Material. At the beginning of a survival episode, 
the clothing and equipment in the aircrew member’s 
possession, the contents of available survival kits, and 
salvageable resources from the parachute or aircraft are 
the sum total of the survivor’s material assets. Adequate 
premission preparations are required (must be stressed 
during training). Once the survival episode has started, 
special attention must be given to the care, use, and 
storage of all materials to ensure they continue to be 
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Figure 2-5. Survivor's Condition. 


serviceable and available. Items of clothing and equip- 
ment should be selectively augmented with improvised 
items, 

(1) Clothing appropriate to anticipated environ- 
mental conditions (on the ground) should be worn or 
carried as aircraft space and mission permit. 

(2) The equipment available to a survivor affects all 
decisions, needs, and actions. The survivor's ability to 
improvise may provide ways to meet some needs, 


d. Legal and Moral Obligations. A survivor has both 
legal and moral obligations or responsibilities. Whether 
in peacetime or combat, the survivor’s responsibilities 
as a member of the military service continues. Legal 
obligations are expressly identified in the Geneva Con- 
ventions, Uniform Code of Military Justice (UCMJ), 
and Air Force directives and policies. Moral obligations 
are expressed in the Code of Conduct. (See figure 2-6.) 

(1) Other responsibilities influence behavior during 
survival episodes and influence the will to survive. Ex- 
amples include feelings of obligation or responsibilities 
to family, self, and(or) spiritual beliefs. 

(2) A survivor’s individual perception of responsi- 
bilities influence survival needs, and affect the psycho- 
logical state of the individual both during and after the 
survival episode. These perceptions will be reconciled 
either consciously through rational thought or subcon- 
sciously through attitude changes. Training specifically 
structured to foster and maintain positive attitudes pro- 
vides a key asset to survival. 


2-4. Duration—The Time Condition. The duration of 
the survival episode has a major effect upon the aircrew 
member's needs. Every decision and action will be driv- 
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en in part by an assessment of when recovery or return 
is probable. Air superiority, rescue capabilities, the dis- 
tances involved, climatic conditions, the ability to lo- 
cate the survivor, or captivity are major factors which 
directly influence the duration (time condition) of the 
survival episode. A survivor can never be certain that 
rescue is imminent. 


2-5. Sociopolitical Condition. The people a survivor 
contacts, their social customs, cultural heritage, and po- 
litical attitudes will affect the survivor’s status. Warfare 
is one type of sociopolitical condition, and people of 
different cultures are another. Due to these sociopoliti- 
cal differences, the interpersonal relationship between 
the survivor and any people with whom contact is estab- 
lished is crucial to surviving. To a survivor, the attitude 
of the people contacted will be friendly, hostile, or 
unknown. 


a. Friendly People. The survivor who comes into 
contact with friendly people, or at least those willing (to 
some degree) to provide aid, is indeed fortunate. Imme- 
diate return to home, family, or home station, however, 
may be delayed. When in direct association with even 
the friendliest of people, it is essential to maintain their 
friendship. These people may be of a completely differ- 
ent culture in which a commonplace American habit 
may be a gross and serious insult. In other instances, the 
friendly people may be active insurgents in their coun- 
try and constantly in fear of discovery. Every survivor 
action, in these instances, must be appropriate and ac- 
ceptable to ensure continued assistance. 


b. Hostile People. A state of war need not exist for a 
survivor to encounter hostility in people. With few ex- 
ceptions, any contact with hostile people must be avoid- 
ed. If captured, regardless of the political or social rea- 
sons, the survivor must make all efforts to adhere to the 
Code of Conduct and the legal obligations of the UCMJ, 
the Geneva Conventions, and USAF policy. 


c. Unknown People. The survivor should consider all 
factors before contacting unknown people. Some primi- 
tive cultures and closed societies still exist in which 
outsiders are considered a threat. In other areas of the 
world, differing political and social attitudes can place a 
survivor “at risk” in contacting unknown people. 


2-6. Induced Conditions. Any form of warlike activity 
results in “induced conditions.” Three comparatively 
new induced conditions may occur during combat oper- 
ations. Nuclear warfare and the resultant residual radia- 
tion, biological warfare, and chemical warfare (NBC) 
create life-threatening conditions from which a survivor 
needs immediate protection. The longevity of NBC con- 
ditions further complicates a survivor’s other needs, de- 
cisions, and actions (figure 2-7). 
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U.S. FIGHTING MAN'S 


CODE OF CONDUCT 


Iam an American fighting man. I serve in the forces which 
guard my country and our way of life. I am prepared to give my 
life in their defense. 


II 


I will never surrender of my own free will. If in command, 
I will never surrender my men while they still have the means 
to resist. 


III 


If I am captured, I will continue to resist by all means available. 
I will make every effort to escape and aid others to escape. I will 


accept neither parole nor special favors from the enemy. 


IV 


If I become a prisoner of war, I will keep faith with my fellow 
prisoners. I will give no information or take part in any action 
which might be harmful to my comrades. If Iam senior,I will take 
command. If not, I will obey the lawful orders of those appointed 
over me and will back them up in every way. 


V 


When questioned, should I become a prisoner of war, I am 
required to give name, rank, service number, and date of birth. 
I will evade answering further questions to the utmost of my ability. 
I will make no oral or written statements disloyal to my country and 
its allies or harmful to their cause. 


VI 


I will never forget that Iam an American fighting man, respon- 
sible for my actions, and dedicated to the principles which made my 
country free. I will trust in my God and in the United States of America. 





Figure 2-6. Code of Conduct. 
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Figure 2-7. Induced Conditions. 
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Chapter 3 


THE SURVIVOR’S NEEDS 


3-1. Introduction. The three fundamental goals of a sur- 
vivor—to maintain life, maintain honor, and return— 
may be further divided into eight basic needs. In a non- 
combatant situation, these needs include: personal pro- 
tection, sustenance, health, travel, and communications 
(signaling for recovery). During combat, additional 
needs must be fulfilled. They are: evasion, resistance if 
captured, and escape if captured. Meeting the individu- 
al’s needs during the survival episode is essential to 
achieving the survivor’s fundamental goals (figure 3-1). 





Figure 3-1. Survivor’s Needs. 


3-2. Maintaining Life. Three elementary needs of a sur- 
vivor in any situation which are categorized as the inte- 
gral components of maintaining life are: personal pro- 
tection, sustenance, and health. 

a. Personal Protection. The human body is compara- 
tively fragile. Without protection, the effects of environ- 
mental conditions (climate, terrain, and life forms) and 
of induced conditions (radiological, biological agents, 
and chemical agents} may be fatal. The survivor's pri- 
mary defenses against the effects of the environment are 
clothing, equipment, shelter, and fire. Additionally, 
clothing, equipment, and shelter are the primary de- 
fenses against some of the effects of induced conditions 
(figure 3-2). 

(1) The need for adequate clothing and its proper 
care and use cannot be overemphasized. The human 
body’s tolerance for temperature extremes is very limit- 
ed. However, its ability to regulate heating and cooling 
is extraordinary. The availability of clothing and its 
proper use is extremely important to a survivor in using 
these abilities of the body. Clothing also provides excel- 

lent protection against the external effects of alpha and 


beta radiation, and may serve as a shield against the 
external effects of some chemical or biological agents. 

(2) Survival equipment is designed to aid survivors 
throughout their episode. It must be cared for to main- 
tain its effectiveness. Items found in a survival kit or 
aircraft can be used to help satisfy the eight basic needs. 
Quite often, however, a survivor must improvise to 
overcome an equipment shortage or deficiency. 

(3) The survivor's need for shelter is twofold—as a 
place to rest and for protection from the effects of the 
environmental and(or) induced conditions {NBC). The 
duration of the survival episode will have some effect on 
shelter choice. In areas that are warm and dry, the survi- 
vor’s need is easily satisfied using natural resting places. 
In cold climates, the criticality of shelter can be mea- 
sured in minutes, and rest is of little immediate con- 
cern. Similarly, in areas of residual radiation, the criti- 
cality of shelter may also be measured in minutes (figure 
3-3). 

(4) Fire serves many survivor needs: purifying 
water, cooking and preserving food, signaling, and pro- 
viding a source of heat to warm the body and dry cloth- 
ing (figure 3-4). 


b. Sustenance. Survivors need food and water to 
maintain normal body functions and to provide 
strength, energy, and endurance to overcome the physi- 
cal stresses of survival. 

(1) Water. The survivor must be constantly aware 
of the body’s continuing need for water (figure 3-5). 

(2) Food. During the first hours of a survival situa- 
tion, the need for food receives little attention. During 
the first 2 or 3 days, hunger becomes a nagging aggrava- 
tion which a survivor can overcome. The first major 
food crisis occurs when the loss of energy, stamina, and 
strength begin to affect the survivor's physical capabili- 
ties. The second major food crisis is more insidious. A 
marked increase in irritability and other attitudes may 
occur as the starvation process continues. Early and 
continuous attention must be given to obtaining and 
using any and all available food. Most people have food 
preferences. The natural tendency to avoid certain 
types of food is a major problem which must be over- 
come early in the survival situation. The starvation pro- 
cess ultimately overcomes all food aversions. The suc- 
cessful survivor overcomes these aversions before 
physical or psychological deterioration sets in (figure 
3-6). 


c. Health (Physical and Psychological), The survivor 
must be the doctor, nurse, corpsman, psychologist, and 
cheerleader. Self-aid is the survivor’s sole recourse. 

(1) Prevention, The need for preventive medicine 
and safety cannot be overemphasized. Attention to sani- 
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Figure 3-2. Personal Protection. 


tation and personal hygiene is a major factor in prevent- 
ing physical, morale, and attitudinal problems. 

(a) The need for cleanliness in the treatment of 
injuries and illness is self-evident. The prisoner of war 
(PW) who used maggots to eat away rotting flesh caused 
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by infection is a dramatic example. Prevention is much 
more preferred than such drastic procedures. 

(b) Safety must be foremost in the mind of the 
survivor; carelessness is caused by ignorance and(or) 
poor judgment or bad luck. One miscalculation with a 
knife or ax can result in self-inflicted injury or death. 

(2) Self-Aid: 

(a) Injuries frequently occur during ejection, 
bailout, parachute landing, or ditching. Other post- 
egress factors may also cause injury. In the event of 
injury, the survivor's existence may depend on the abili- 
ty to perform self-aid. In many instances, common first 
aid procedures will suffice; in others, more primitive 
techniques will be required (figure 3-7). 

(b) Illness and the need to treat it is more com- 
monly associated with long-term situations such as an 
extended evasion episode or captivity. When preventive 
techniques have failed, the survivor must treat symp- 
toms of disease in the absence of professional medical 
care. 

(3) Psychological Health. Perhaps the survivor's 
greatest need is the need for emotional stability and a 
positive, optimistic attitude. An individual’s ability to 
cope with psychological stresses will enhance successful 
survival. Optimism, determination, dedication, and hu- 
mor, as well as many other psychological attributes, are 
all heipful for a survivor to. overcome psychological 
stresses (figure 3-8). 


3-3. Maintaining Honor. Three elementary needs which 
a survivor may experience during combat survival situ- 
ations are categorized as integral components of main- 
taining honor. These three elementary needs are: (a) 
avoiding capture or evading, (b) resisting (if captured), 
and (c) escaping (if captured). : 

a. Avoiding Capture. Evasion will be one of the most 
difficult and hazardous situations a survivor will face. 
However difficult and hazardous evasion may be, cap- 
tivity 1s always worse. During an evasion episode, the 
survivor has two fundamental tasks. The first is to use 
concealment techniques. The second is to use evasion 
movement techniques. The effective use of camouflage 
is common to both of these activities. 

(1) Hiding oneself and all signs of presence are the 
evader’s greatest needs. Experience indicates that the 
survivor who uses effective concealment techniques has 
a better chance of evading capture. Capture results 
most frequently when the evader is moving. 

(2) The evader’s need to move depends on a variety 
of needs such as recovery, food, water, better shelter, 
etc. Evasion movement is more successful when proven 
techniques are used. 

b. Resisting. The PW’s need to resist is self-evident. 
This need is both a moral and a legal obligation. Resis- 
tance is much more than refusing to divulge some bit of 
classified information. Fundamentally, resisting is two 
distinctly separate behaviors expected of the prisoner: 
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Figure 3-3. Shelters. 


(1) Complying with legal and authorized require- 
ments only. 

(2) Disrupting enemy activity through resisting, 
subtle harrassment, and tying up enemy guards who 
could be used on the front lines. 





Figure 3-4. Fire. 
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c. Escaping (When Possible and Authorized). Es- 
cape is neither easy nor without danger. The Code of 
Conduct states a survivor should make every effort to 
escape and aid others to escape. 


3-4, Returning. The need to return is satisfied by suc- 
cessful completion of one or both of the basic tasks 
confronting the survivor: aiding with recovery and trav- 
eling (on land or water). 

a. Aiding With Recovery. For survivors or evaders to 
effectively aid in recovery, they must be able to make 
their position and the situation on the ground known. 
This is done either electronically, visually, or both (fig- 
ure 3-9). 

(1) Electronic signaling covers a wide spectrum of 
techniques. As problems such as security and safety dur- 
ing combat become significant factors, procedures for 
using electronic signaling to facilitate recovery become 
increasingly complex. 

(2) Visual signaling is primarily the technique for 
attracting attention and pinpointing an exact location 
for rescuers. Simple messages or information may also 
be transmitted with visual signals. 

b. Travel On Land. A survivor may need to move on 
land for a variety of reasons, ranging from going for 
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Figure 3-5. Water. 


water to attempting to walk out of the situation. In any 
survival episode, the survivor must weigh the need to 
travel against capabilities and(or) safety (figure 3-10). 
Factors to consider may include: 





wai lite 


Figure 3-6. Food. 


(1) The ability to walk or traverse existing terrain. 
In a nonsurvival situation, a twisted or sprained ankle is 
an inconvenience accompanied by some temporary 


Figure 3-7. Self-Aid. 


pain and restricted activity. A survivor who loses the 
mobility, due to injury, to obtain food, water, and shel- 
ter, can face death. There is a safe and effective way to 
travel across almost any type of terrain. 





Figure 3-8. Health and Morale. 


(2) The need to transport personal possessions (bur- 
den carrying). There are numerous documented in- 
stances of survivors abandoning equipment and cloth- 
ing simply because carrying was a bother. Later, the 
abandoned materials were not available when needed to 
save life, limb, or aid in rescue. Burden carrying need 
not be difficult or physically stressful. There are many 
simple ways for a survivor to carry the necessities of life 
(figure 3-11). 
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Figure 3-9. Recovery. 


(3) The ability to determine present position. Maps, 
compasses, star charts, Weems plotters, etc., permit ac- 
curate determination of position during extended trav- 
el. Yet, the knowledgeable, skillful, and alert survivor 
can do well without a full complement of these aids. 
Constant awareness, logic, and training in nature’s clues 
to navigation may allow a survivor to determine general 
location even in the absence of detailed navigation aids. 

(4) Restrictions or limitations to select and main- 
tain a course of travel. The tools used in determining 
position are the tools used to maintain a course of trav- 
el. A straight line course to a destination is usually the 
simplest, but may not always be the best course for 
travel. Travel courses may need to be varied for diverse 
reasons, such as to get food or water, to enhance covert 
travels or to avoid hazardous or impassable obstacles or 
terrain. Careful planning and route selection before and 
during travel is essential. 
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c. Travel On Water. Two differing circumstances 
may require survivors to travel on water. First, those 
who crash-land or parachute into the open sea are con- 
fronted with one type of situation. Second, survivors 
who find a river or stream which leads in a desirable 
direction are faced with a different situation. In each 
instance, however, a common element is to stay afloat. 


(1) The survivor's initial problems on the open sea 
are often directly related to the winds and size of the 
waves. Simply getting into a liferaft and staying there 
are often very difficult tasks. On the open sea, the winds 
and ocean currents have a significant effect on the direc- 
tion of travel. As the survivor comes closer to shore, the 
direction in which the tide is flowing also becomes a 
factor. There are some techniques a survivor can use to 
aid with stabilizing the raft, controlling the direction 
and rate of travel, and increasing safety. 








The motivations for creating an autonomous vehicle 
are beyond just technology. It’s about reducing emis- 
sions through better fuel consumption, as well as ad- 
dressing the demographic changes of an aging popula- 
tion that increase, rather than decrease, the potential 
for human error-induced accidents. It’s also about 
leveraging the convergence of the shared economy and 
urban living, where young and old people no longer 
feel the need to own a car if there is a cost-effective 
and convenient alternative, such as Zip Car rentals, or 
on-demand ride-sharing services such as Uber [1]. 


Looking forward 


Geographical coverage will be a key condition for 5G 
to have any relevance in the automotive sector. Initial 
5G coverage can be supplemented by 4G and Wi-Fi 
connectivity on phones and other devices while the 
infrastructure is being built up, but these multimode, 
multiconnectivity solutions will not suffice for critical 
automotive use cases relying on the unique capabili- 
ties of 5G in terms of latency, reliability, and security 
[2]. Even once 5G is fully deployed, the adoption of 
self-driving technology will likely play out differently 
in the various markets in different regions since the 
forces shaping it are diverse at both the global and lo- 
cal level [1]. 


Government and industry cooperation 


The continuous progression of ADAS-enabled cars 
and the gradual adoption of the autonomous vehicle 
will significantly reduce, and possibly eliminate, the 
number of crashes. This could, in turn, allow the re- 
moval of some regulations that relate to safety consid- 
erations, such as crumple zones, bumpers, and airbags. 
It also means that a review of laws relating to driving 
age, drunk driving, and speed restriction enforce- 
ment may be required, but not until all vehicles are 
compliant [1]. 


In September 2016, the US Department of 
Transportation (DOT) released the Federal Automated 
Vehicles Policy for highly automated vehicles (HAVs), 
or those intended to operate at Levels 3 to 5 as defined 
by SAE. The document—which is currently intended 
as guidance rather than formal policy—lays out 
standards for safe design, development, and testing of 
HAVs before they are commercially sold or operated 
on public roads. It also proposes guidelines for state 
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governments to ensure a consistent national frame- 
work for regulation of motor vehicles with all levels of 
automated technology [7]. DOT’s National Highway 
Traffic Safety Administration released additional 
nonbinding guidance in October 2016, outlining best 
cybersecurity practices for motor vehicle manufac- 
turers and individuals and organizations involved in 
developing self-driving technology. The guidance aims 
to make cybersecurity a top priority for the automo- 
tive industry and proposes layered solutions to ensure 
that automated driving systems are designed to take 
appropriate and safe actions, even when an attack 

is successful [8]. 


A challenge yet to be addressed is that, historically, 
car manufacturers have completely controlled the de- 
sign and development of vehicles. The advent of com- 
puters and software that effectively become the “mind 
of the car means that manufacturers could lose control 
to technology and software companies, and yet still 
remain liable for any issues or catastrophes related to 
the car. It also remains to be seen how much and what 
type of data car manufacturers and network providers 
would be expected to share to improve overall safety 


= 


and security of connected vehicles [1]. @ 
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travel. First, floating with the current is far less difficult 
than traveling overland. An abundance of food and 
: water are usually readily available. Even in densely 
WS . (= forested areas, effective signaling sites are generally 

e . available along streambeds. A survivor must use care 
and caution to avoid drowning, the most serious hazard 
associated with river travel. 


"Wirereritee 





Figure 3-10. Travel. 





(2) Survivors using rivers or streams for travel face 
both hazards and advantages as compared to overland Figure 3-11. Burden Carrying. 
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Part Two 


PSYCHOLOGICAL ASPECTS OF SURVIVAL 


Chapter 4 


CONTRIBUTING FACTORS 


4-1. Introduction. Aircrew members in a survival situa- 
tion must recognize that coping with the psychological 
aspects of survival are at least as important as handling 
the environmental factors. In virtually any survival epi- 
sode, the aircrew will be in an environment that can 
support human life. The survivors’ problems will be 
compounded because they never really expected to bail 
out or crash-land in the jungle, over the ocean, or any- 
where else. No matter how well prepared, aircrews prob- 
ably will never completely convince themselves that “it 
can happen to them.” However, the records show it can 
happen. Before aircrew members learn about the physi- 
cal aspects of survival, they must first understand that 
psychological problems may occur and that solutions to 
those problems must be found if the survival episode is 
to reach a successful conclusion (figure 4-1). 

4-2. Survival Stresses: 

a. The emotional aspects associated with survival 
must be completely understood just as survival condi- 
tions and equipment are understood. An important fac- 
tor bearing on success or failure in a survival episode is 
the individual’s psychological state. Maintaining an 
even, positive psychological state or outlook depends on 
the individual's ability to cope with many factors. Some 
include: 

(1) Understanding how various physiological and 
emotional signs, feelings, and expressions affect one’s 
bodily needs and mental attitude. 

(2) Managing physical and emotional reactions to 
stressful situations. 

(3) Knowing individual tolerance limits, both psy- 
chological and physical. 

(4) Exerting a positive influence on companions. 

b. Nature has endowed everyone with biological 
mechanisms which aid in adapting to stress. The bodily 
changes resulting from fear and anger, for example, tend 
to increase alertness and provide extra energy to either 
run away or fight. These and other mechanisms can 
hinder a person under survival conditions. For in- 
stance, a survivor in a raft could cast aside reason and 
drink sea water to quench a thrist; or, evaders in enemy 
territory, driven by hunger pangs, could expose them- 
selves to capture when searching for food. These exam- 
ples illustrate how “normal” reactions to stress could 
create problems for a survivor. 

c. Two of the gravest threats to successful survival are 
concessions to comfort and apathy. Both threats rep- 
resent attitudes which must be avoided. To survive, a 











Figure 4-1. Psychological Aspects. 


person must focus planning and effort on fundamental 
needs, 

{1) Many people consider comfort their greatest 
need. Yet, comfort is not essential to human survival. 
Survivors must value life more than comfort, and be 
willing to tolerate heat, hunger, dirt, itching, pain, and 
any other discomfort. Recognizing discomfort as tem- 
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Figure 4-2. Pain. 


porary will help survivors concentrate on effective 
action. 

(2) As the will to keep trying lessens, drowsiness, 
mental numbness, and indifference will result in apathy. 
This apathy usually builds on slowly, but ultimately 
takes over and leaves a survivor helpless. Physical fac- 
tors can contribute to apathy. Exhaustion due to pro- 
longed exposure to the elements, loss of body fluids 
(dehydration), fatigue, weakness, or injury are all condi- 
tions which can contribute to apathy. Proper planning 
and sound decisions can help a survivor avoid these 
conditions. Finally, survivors must watch for signs of 
apathy in companions and help prevent it. The first 
signs are resignation, quietness, lack of communication, 
loss of appetite, and withdrawal from the group. Pre- 
ventive measures could include maintaining group mo- 
rale by planning, activity, and getting the organized par- 
ticipation of all members. 

d. Many common stresses cause reactions which can 
be recognized and dealt with appropriately in survival 
situations. A survivor must understand that stresses and 
reactions often occur at the same time. Although survi- 
vors will face many stresses, the following common 
stresses will occur in virtually all survival episodes: 
pain, thirst, cold and heat, hunger, frustration, fatigue, 
sleep deprivation, isolation, insecurity, loss of self-es- 
teem, loss of self-determination, and depression. 


4-3. Pain: 

a. Pain, like fever, is a warning signal calling attention 
to an injury or damage to some part of the body. Pain is 
discomforting but is not, in itself, harmful or dangerous. 
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Pain can be controlled, and in an extremely grave situa- 
tion, survival must take priority over giving in to pain 
(figure 4-2). 

b. The biological function of pain is to protect an 
injured part by warning the individual to rest it or avoid 
using it. In a survival situation, the normal pain warn- 
ings may have to be ignored in order to meet more 
critical needs. People have been known to complete a 
fight with a fractured hand, to run on a fractured or 
sprained ankle, to land an aircraft despite severely 
burned hands, and to ignore pain during periods of 
intense concentration and determined effort. Concen- 
tration and intense effort can actually stop or reduce 
feelings of pain. Sometimes this concentration may be 
all that is needed to survive. 

c. A survivor must understand the following facts 
about pain: 

(1) Despite pain, a survivor can move in order to 
live. 
(2) Pain can be reduced by: 

(a) Understanding its source and nature. 

(b) Recognizing pain as a discomfort to be 
tolerated. 

{c) Concentrating on necessities like thinking, 
planning, and keeping busy. 

(d) Developing confidence and self-respect. When 
personal goals are maintaining life, honor, and re- 
turning, and these goals are valued highly enough, a 
survivor can tolerate almost anything. 


4-4, Thirst and Dehydration: 

a. The lack of water and its accompanying problems 
of thirst and dehydration are among the most critical 
problems facing survivors. Thirst, like fear and pain, 
can be tolerated if the will to carry on, supported by 
calm, purposeful activity, is strong. Although thirst in- 
dicates the body’s need for water, it does not indicate 
how much water is needed. If a person drinks only 
enough to satisfy thirst, it is still possible to slowly dehy- 
drate. Prevention of thirst and the more debilitating 
dehydration is possible if survivors drink plenty of 
water any time it is available, and especially when eat- 
ing (figure 4-3). 

b. When the body’s water balance is not maintained, 
thirst and discomfort result. Ultimately, a water imbal- 
ance will result in dehydration, The need for water may 
be increased if the person: 

(1} Has a fever. 

(2} Is fearful. 

(3) Perspires unnecessarily. 

(4) Rations water rather than sweat. 

c. Dehydration decreases the body’s efficiency or abil- 
ity to function. Minor degrees of dehydration may not 
noticeably affect a survivor’s performance, but as it be- 
comes more severe, body functioning will become in- 
creasingly impaired. Slight dehydration and thirst can 
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Figure 4-3. Thirst. 


also cause irrational behavior. One survivor described 
It: 
“The next thing I remember was being awak- 
ened by an unforgettable sensation of thirst. I 
began to move about aimlessly and finally 
found a pool of water.” 
“We finally found water. In the water were 
two dead deer with horns locked. We went 
down to the water and drank away. It was the 
best damned drink of water I ever had in my 
life. I didn’t taste the stench of the deer at 
all.” 
While prevention is the best way to avoid dehydration, 
virtually any degree of dehydration is reversible simply 
by drinking water. 


AFR 64-4 ~—s Voi! 15 July 1985 
4-5. Cold and Heat. The average normal body tempera- 
ture for a person is 98.6°F. Victims have survived a 
body temperature as low as 20°F below normal, but 
consciousness is clouded and thinking numbed at a 
much smaller drop. An increase of 6 to 8 degrees above 
normal for any prolonged period may prove fatal. Any 
deviation from normal temperature, even as little as 1 
or 2 degrees, reduces efficiency. 


a. Cold is a serious stress since even in mild degrees it 
lowers efficiency. Extreme cold numbs the mind and 
dulls the will to do anything except get warm again. 
Coid numbs the body by lowering the flow of blood to 
the extremities, and results in sleepiness, Survivors have 
endured prolonged cold and dampness through exercise, 
proper hygiene procedures, shelter, and food, Wearing 
proper clothing and having the proper climatic survival 
equipment when flying in cold weather areas are essen- 
tial to enhance survivability (figure 4-4). 

(1) One survivor described cold and its effect: 
“Because of the cold water, my energy was 
going rapidly and all I could do was to hook 
my left arm over one side of the raft, hang 
on, and watch the low flying planes as they 
buzzed me...As time progressed, the numbing 
increased...and even seemed to impair my 
thinking.” 

(2) Another survivor remembered survival training 

and acted accordingly: 

“About this time, my feet began getting cold. 
I remembered part of the briefing I had re- 
ceived about feet freezing so I immediately 
took action. I thought about my shoes, and 
with my jack knife, cut off the bottom of my 
Mark II immersion suit and put them over 
my shoes. My feet immediately felt warmer 
and the rubber feet of the immersion suit 
kept the soles of my shoes dry.” 


b. Just as “numbness” is the principal symptom of 
cold, “weakness” is the principle symptom of heat. Most 
people can adjust to high temperatures, whether in the 
hold of a ship or in a harvest field on the Kansas prairie. 
It may take from 2 days to a week before circulation, 
breathing, heart action, and sweat glands are all adjust- 
ed to a hot climate. Heat stress also accentuates dehy- 
dration, which was discussed earlier. In addition to the 
problem of water, there are many other sources of dis- 
comfort and impaired efficiency which are directly at- 
tributable to heat or to the environmental conditions in 
hot climates. Extreme temperature changes, from ex- 
tremely hot days to very cold nights, are experienced in 
desert and plains areas. Proper use of clothing and shel- 
ters can decrease the adverse effects of such extremes 
(figure 4-5). 


c. Bright sun has a tremendous effect on eyes and any 
exposed skin. Direct sunlight or rays reflecting off the 
terrain require dark glasses or improvised eye protec- 
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Figure 4-4. Cold. 


tors. Previous suntanning provides little protection; 
protective clothing is important. 

d. Blowing wind, in hot summer, has been reported to 
get on some survivors’ nerves. Wind can constitute an 





Figure 4-5. Heat. 


additional source of discomfort and difficulty in desert 
areas when it carries particles of sand and dirt. Protec- 
tion against sand and dirt can be provided by tying a 
cloth around the head after cutting slits for vision. 


e. Acute fear has been experienced among survivors 
in sandstorms and snowstorms. This fear results from 
both the terrific impact of the storm itself and its oblit- 
eration of landmarks showing direction of travel. Find- 
ing or improving shelter for protection from the storm 
itself is important. 

f. Loss of moisture, drying of the mouth and mucous 
membranes, and accelerate dehydration can be caused 
by breathing through the mouth and talking. Survivors 
must learn to keep their mouths shut in desert winds as 
weil as in cold weather. 

g. Mirages and illusions of many kinds are common 
in desert areas. These illusions not only distort visual 
perception but sometimes account for serious incidents. 
In the desert, distances are usually greater than they 
appear and, under certain conditions, mirages obstruct 
accurate vision. Inverted reflections are a common 
occurrence. 


4-6. Hunger. A considerable amount of edible material 
(which survivors may not initially regard as food) may 
be available under survival conditions. Hunger and 
semistarvation are more commonly experienced among 
survivors than thirst and dehydration. Research has re- 
vealed no evidence of permanent damage nor any de- 
crease in mental efficiency from short periods of total 
fasting (figure 4-6). 
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Figure 4-6, Hunger. 


a. The prolonged and rigorous Minnesota semistarva- 
tion studies during World War II revealed the following 
behavioral changes: 

(1) Dominance of the hunger drive over other 
drives. 

(2) Lack of spontaneous activity. 

(3) Tired and weak feeling. 

(4) Inability to do physical tasks. 

(5) Dislike of being touched or caressed in any way. 

{6) Quick susceptibility to cold. 

{7) Dullness of all emotional responses (fear, 
shame, love, etc.) 

(8) Lack of interest in others—apathy. 

(9) Dullness and boredom. 

(10) Limited patience and self-control. 

(11) Lack of a sense of humor. 

(12) Moodiness—reaction of resignation. 

b. Frequently, in the excitement of some survival, 
evasion, and escape episodes, hunger is forgotten. Survi- 
vors have gone for considerable lengths of time without 
food or awareness of hunger pains. An early effort 
should be made to procure and consume food to reduce 
the stresses brought on by food deprivation. Both the 
physical and psychological effects described are re- 
versed when food and a protective environment are re- 
stored. Return to normal is slow and the time necessary 
for the return increases with the severity of starvation. 
If food deprivation is complete and only water is in- 
gested, the pangs of hunger disappear in a few days, but 
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even then the mood changes of depression and irritabili- 
ty occur. The individual tendency is still to search for 
food to prevent starvation and such efforts might con- 
tinue as long as strength and self-control permit. When 
the food supply is limited, even strong friendships are 
threatened, 

c. Food aversion may result in hunger. Adverse group 
opinion may discourage those who might try foods un- 
familiar to them. In some groups, the barrier would be 
broken by someone eating the particular food rather 
than starving. The solitary individual has only personal 
prejudices to overcome and will often try strange foods. 

d. Controlling hunger during survival episodes is rela- 
tively easy if the survivor can adjust to discomfort and 
adapt to primitive conditions. This man would rather 
survive than be fussy: 

“Some men would almost starve before eat- 
ing the food. There was a soup made of 
lamb’s head with the lamb’s eyes floating 
around in it....When there was a new prison- 
er, I would try to find a seat next to him sol 
could eat the food he refused.” 


4-7. Frustration. Frustration occurs when one’s efforts 
are stopped, either by obstacles blocking progress to- 
ward a goal or by not having a realistic goal. It can also 
occur if the feeling of self-worth or self-respect is lost 
(figure 4-7). 

a. A wide range of obstacles, both environmental and 
internal, can lead to frustration. Frustrating conditions 
often create anger, accompanied by a tendency to attack 
and remove the obstacles to goals. 

b. Frustration must be controlled by channeling ener- 
gies into a positive and worthwhile obtainable goal. The 
survivor should complete the easier tasks before at- 
tempting more challenging ones. This will not only in- 
still self-confidence, but also relieve frustration. 


4-8. Fatigue. In a survival episode, a survivor must 
continually cope with fatigue and avoid the accompany- 
ing strain and loss of efficiency. A survivor must be 
aware of the dangers of over-exertion. In many cases, a 
surviver may already be experiencing strain and re- 
duced efficiency as a result of other stresses such as heat 
or cold, dehydration, hunger, or fear. A survivor must 
judge capacity to walk, carry, lift, or do necessary work, 
and plan and act accordingly. During an emergency, 
considerable exertion may be necessary to cope with the 
situation. If an individual understands fatigue and the 
attitudes and feelings generated by various kinds of ef- 
fort, that individual should be able to call on availabie 
reserves of energy when they are needed (figure 4-8). 

a. A survivor must avoid complete exhaustion which 
may lead to physical and psychological changes. A sur- 
vivor should be able to distinguish between exhaustion 
and being uncomfortably tired. Although a person 
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Figure 4-7. Frustration. 


should avoid working to complete exhaustion, in emer- 
gencies certain tasks must be done in spite of fatigue. 

(1) Rest is a basic factor for recovery from fatigue 
and is also important in resisting further fatigue. It is 





Figure 4-8. Fatigue. 


essential that the rest (following fatiguing effort) be suffi- 
cient to permit complete recovery; otherwise, the 
residual fatigue will accumulate and require longer peri- 
ods of rest to recover from subsequent effort. During the 
early stages of fatigue proper rest provides a rapid re- 
covery. This is true of muscular fatigue as well as 
mental fatigue. Sleep is the most complete form of rest 
available and is basic to recovery from fatigue. 

(2) Short rest breaks during extended stress periods 
can improve total output. There are five ways in which 
rest breaks are beneficial: 
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(a) They provide opportunities for partial recov- 
ery from fatigue. 

(b) They help reduce energy expenditure. 

(c) They increase efficiency by enabling a person 
to take maximum advantage of planned rest. 

(d) They relieve boredom by breaking up the uni- 
formity and monotony of the task. 

(e) They increase morale and motivation. 


(3) Survivors should rest before output shows a def- 
inite decline. If rest breaks are longer, fewer may be 
required. When efforts are highly strenuous or monoto- 
nous, rest breaks should be more frequent. Rest breaks 
providing relaxation are the most effective. In mental 
work, mild exercise may be more relaxing. When work 
is monotonous, changes of activity, conversation, and 
humor are effective relaxants. In deciding on the 
amount and frequency of rest periods, the loss of eff- 
ciency resulting from longer hours of effort must be 
weighed against the absolute requirements of the sur- 
vival situation, 


(4) Fatigue can be reduced by working “smarter.” A 
survivor can do this in two practical ways: 

(a) Adjust the pace of the effort. Balance the load, 
the rate, and the time period. For example, walking at a 
normal rate is a more economical effort than fast 
walking, 

(b) Adjust the technique of work. The way in 
which work is done has a great bearing on reducing 
fatigue. Economy of effort is most important. Rhythmic 
movements suited to the task are best. 


(5) Mutual group support, cooperation, and compe- 
tent leadership are important factors in maintaining 
group morale and efficiency, thereby reducing stress and 
fatigue. A survivor usually feels tired and weary before 
the physiological limit is reached. In addition, other 
Stresses experienced at the same time; such as cold, 
hunger, fear, or despair, can intensify fatigue. The feel- 
ing of fatigue involves not only the physical reaction to 
effort, but also subtle changes in attitudes and motiva- 
tion. Remember, a person has reserves of energy to 
cope with an important emergency even when feeling 
very tired. 


b. As in the case of other stresses, even a moderate 
amount of fatigue reduces efficiency. To control fatigue, 
it is wise to observe a program of periodic rest. Because 
the main objective—to establish contact with friendly 
forces—survivors may overestimate their strength and 
risk exhaustion. On the other hand, neither an isolated 
individual nor a group leader should underestimate the 
capacity of the individual or the group on the basis of 
fatigue. The only sound basis for judgment must be 
gained from training and past experience. In training, a 
person should form an opinion of individual capacity 
based on actual experience. Likewise, a group leader 
must form an opinion of the capacities of fellow aircrew 
members, This group didn’t think: 
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“By nightfall, we were completely bushed ... 
We decided to wrap ourselves in the ‘chute 
instead of making a shelter. We were too 
tired even to build a fire. We just cut some 
pine boughs, rolled ourselves in the nylon 
and went to sleep...and so, of course, it 
rained, and not lightly. We stood it until we 
were soaked, and then we struggled out and 
made a shelter. Since it was pitch dark, we 
didn’t get the sags out of the canopy, so the 
water didn’t all run off. Just a hell of a lot of 
it came through. Our hip and leg joints ached 
as though we had acute rheumatism. Being 
wet and cold accentuated the pain. We 
changed positions every 10 minutes, after 
gritting our teeth to stay put that long.” 


4-9. Sleep Deprivation. The effects of sleep loss are 
closely related to those of fatigue. Sleeping at unaccus- 
tomed times, sleeping under strange circumstances (in a 
strange place, in noise, in light, or in other distractions), 
or missing part or all of the accustomed amount of sleep 
will cause a person to react with feelings of weariness, 
irritability, emotion tension, and some loss of efficiency. 
The extent of an individual’s reaction depends on the 
amount of disturbance and on other stress factors which 
may be present at the same time (figure 4-9). 

a. Strong motivation is one of the principal factors in 
helping to compensate for the impairing effects of sleep 
loss. Superior physic and mental conditioning, opportu- 
nities to rest, food and water, and companions help in 
enduring sleep deprivation. If a person is in reasonably 
good physical and mental condition, sleep deprivation 
can be endured 5 days or more without damage, al- 
though efficiency during the latter stages may be poor. A 
person must learn to get as much sleep and rest as possi- 
ble. Restorative effects of sleep are felt even after 
“catnaps.” In some instances, survivors may need to 
stay awake. Activity, movement, conversation, eating, 
and drinking are some of the ways a person can stimu- 
late the body to stay awake. ‘ 

b. When one is deprived of sleep, sleepiness usually 
comes in waves. A person may suddenly be sleepy im- 
mediately after a period of feeling wide awake. If this 
can be controlled, the feeling will soon pass and the 
person will be wide awake again until the next wave 
appears. As the duration of sleep deprivation increases, 
these periods between waves of sleepiness become 
shorter, The need to sleep may be so strong in some 
people after a long period of deprivation that they be- 
come desperate and do careless or dangerous things in 
order to escape this stress. 


4-10. Isolation. Loneliness, helplessness, and despair 
which are experienced by survivors when they are iso- 
lated are among the most severe survival stresses. Peo- 
ple often take their associations with family, friends, 
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Figure 4-9. Sleep Deprivation. 


military collegues, and others for granted. But survivors 
soon begin to miss the daily interaction with other peo- 
ple. However, these, like the other stresses already dis- 
cussed, can be conquered. Isolation can be controlled 
and overcome by knowledge, understanding, deliberate 
countermeasures, and a determined will to resist it (fig- 
ure 4-10). 





Figure 4-10. Isolation. 


4-11. Insecurity. Insecurity is the survivor’s feeling of 
helplessness or inadequacy resulting from varied stress- 
es and anxieties. These anxieties may be caused by un- 
certainty regarding individual goals, abilities, and the 
future in a survival situation. Feelings of insecurity may 
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Figure 4-11. Loss of Self-Esteem. 


have widely different effects on the survivor’s behavior. 
A survivor should establish challenging but attainable 
goals. The better a survivor feels about individual abili- 
ties to achieve goals and adequately meet personal 
needs, the less insecure the survivor will feel, 


4-12. Loss of Self-Esteem. Self-esteem is the state or 
quality of having personal self-respect and pride. Lack 
of (or loss of) self-esteem in a survivor may bring on 


depression and a change in perspective and goals. A loss 
of self-esteem may occur in individuals in captivity. 
Humiliation and other factors brought on by the captor 
may cause them to doubt their own worth. Humiliation 
comes from the feeling of losing pride or self-respect by 
being disgraced or dishonored, and is associated with 
the loss of self-esteem. Prisoners must maintain their 
pride and not become ashamed either because they are 
PWs or because of the things that happen to them as a 
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result of being a PW. The survivor who “loses face” 
(both personally and with the enemy) becomes more 
vulnerable to captor exploitation attempts. To solve this 
problem, survivors should try to maintain proper per- 
spective about both the situation and themselves. Their 
feelings of self-worth may be bolstered if they recall the 
implied commitment in the Code of Conduct—PWs 
will not be forgotten (figure 4-11). 


4-13. Loss of Self-Determination. A self-determined 
person is relatively free from external controls or imflu- 
ences over his or her actions. In everyday society, these 
“controls and influences” are the laws and customs of 
our society and of the self-imposed elements of our per- 
sonalities. In a survival situation, the “controls and in- 
fluences” can be very different. Survivors may feel as if 
events, circumstances, and (in some cases) other people, 
are in control of the situation. Some factors which may 
cause individuals to feel they have lost the power of self- 
determination are a harsh captor, captivity, bad weath- 
er, or rescue forces that make time or movement de- 





Figure 4-12. Depression. 


AFR 64-4 Voll 15 July 1985 
mands. This lack of self-determination is more per- 
ceived than actual. Survivors must decide how 


unpleasant factors will be allowed to affect their mental 
state. They must have the self-confidence, fostered by 
experience and training, to live with their feelings and 
decisions, and to accept responsibility for both the way 
they feel and how they let those feelings affect them. 


4-14. Depression. As a survivor, depression is the big- 
gest psychological problem that has to be conquered. It 
should be acknowledged that everyone has mental 
“highs” as well as mental “lows.” People experiencing 
long periods of sadness or other negative feelings are 
suffering from depression. A normal mood associated 
with the sadness, grief, disappointment, or loneliness 
that everyone experiences at times is also described as 
depression. Most of the emotional changes in mood are 
temporary and do not become chronic. Depressed survi- 
vors may feel fearful, guilty, or helpless. They may lose 
interest in the basic needs of life. Many cases of depres- 
sion also involve pain, fatigue, loss of appetite, or other 
physical ailments. Some depressed survivors try to in- 
jure or kill themselves (figure 4-12). 

a. Psychiatrists have several theories as to the cause of 
depression. Some feel a person who, in everyday life 
and under normal conditions, experiences many periods 
of depression would probably have a difficult time in a 
survival situation. The main reason depression is a 
most difficult problem is that it can affect a wide range 
of psychological responses. The factors can become mu- 
tually reinforcing. For example, fatigue may lead to a 
feeling of depression. Depression may increase the feel- 
ing of fatigue, and this, in turn, leads to deeper depres- 
sion and so on. 

b. Depression usually begins after a survivor has met 
the basic needs for sustaining life, such as water, shelter, 
and food. Once the survivor’s basic needs are met, there 
is often too much time for that person to dwell on the 
past, the present predicament, and on future problems. 
The survivor must be aware of the necessity to keep the 
mind and body active to eliminate the feeling of depres- 
sion. One way to keep busy (daily) is by checking and 
improving shelters, signals, and food supply. 








[7] US Department of Transportation. “Federal 
automated vehicles policy.’ September 2016. 


Available at: https://www.transportation.gov/AV/ 
federal-automated-vehicles-policy-september-2016. 


[8] National Highway Traffic Safety Administration. 
“Cybersecurity best practices for modern vehicles.” 
October 2016. Report No. DOT HS 812 333. Available 


at: http://www.nhtsa.gov/staticfiles/nvs/pdf/812333 
CybersecurityForModernVehicles.pdf. 
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Chapter 5 


EMOTIONAL REACTIONS 


§-1. Introduction. Survivors may depend more upon 
their emotional reactions to a situation than upon calm, 
careful analysis of potential danger—the enemy, the 
weather, the terrain, the nature of the in-flight emergen- 
cy, etc. Whether they will panic from fear, or use it as a 
stimulant for greater sharpness, is more dependent on 
the survivor’s reactions to the situation than on the 
situation itself. Although there are many reactions to 
stress, the following are the most common and will be 
discussed in detail: fear, anxiety, panic, hate, resent- 
ment, anger, impatience, dependency, loneliness, bore- 
dom, and hopelessness. 


5-2. Fear. Fear can SAVE A LIFE—or it can COST 
ONE. Some people are at their best when they are 
scared. Many downed fliers faced with survival emer- 
gencies have been surprised at how well they 
remembered their training, how quickly they could 
think and react, and what strength they had. The experi- 
ence gave them a new confidence in themselves, On the 
other hand, some people become paralyzed when faced 
with the simplest survival situation. Some of them have 
been able “to snap themselves out of it” before it was 
too late. In other cases, a fellow aircrew member was on 
hand to assist them. However, others have not been so 
fortunate. They are not listed among the survivors (fig- 
ure 5-1). 





Figure 5-1, Fear. 


a. How a person will react to fear depends more upon 
the individual than it does upon the situation. This has 
been demonstrated both in actual survival situations 


and in laboratory experiments. It isn’t always the physi- 
cally strong or the happy-go-lucky people who handle 
fear most effectively. Timid and anxious people have 
met emergencies with remarkable coolness and strength. 

b. Anyone who faces life-threatening emergencies ex- 
periences fear. Fear is conscious when it results from a 
recognized situation (such as an immediate prospect of 
bailout) or when experienced as apprehension of im- 
pending disaster, Fear also occurs at a subconscious 
level and creates feelings of uneasiness, general discom- 
fort, worry, or depression. Fear may vary widely in in- 
tensity, duration, and frequency of occurrence, and af- 
fect behavior across the spectrum from mild uneasiness 
to complete disorganization and panic. People have 
many fears; some are learned through personal exper- 
iences, and others are deliberately taught to them. Fear 
in children is directed through negative learning, as they 
are taught to be afraid of the dark, of animals, of noise, 
or of teachers. These fears may control behavior, and a 
survivor may react to feelings and imagination rather 
than to the problem causing fear. 

c. When fantasy distorts a moderate danger into a 
major catastrophe, or vice versa, behavior can become 
abnormal. There is a genera! tendency to underestimate 
and this leads to reckless, foolhardy behavior. The prin- 
cipal means of fighting fear (in this case) is to pretend 
that it does not exist. There are no sharp lines between 
recklessness and bravery. It is necessary to check behav- 
ior constantly to maintain proper control. 

d. One or more of the following signs or symptoms 
may occur in those who are afraid. However, they may 
also appear in circumstances other than fear. 

(1) Quickening of pulse; trembling. 

(2) Dilation of pupils. 

(3) Increased muscular tension and fatigue. 

(4) Perspiration of palms of hands, soles of feet, 
and armpits. 

(5) Dryness of mouth and throat; higher pitch of 
voice; stammering. 

(6) Feeling of “butterflies in the stomach,” empti- 
ness of the stomach, faintness, and nausea. 

e. Accompanying these physical symptoms are the 
following common psychological symptoms: 

(1) Irritability; increased hostility. 

{2) Talkativeness in early stages, leading finally to 
speechlessness. 

(3) Confusion, forgetfulness, and inability to 
concentrate. 

(4) Feelings of unreality, flight, panic, or stupor. 

f. Throughout military history, many people have 
coped successfully with the most strenuous odds. In 
adapting to fear, they have found support in previous 
training and experience. There is no limit to human 
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control of fear. Survivors must take action to control 
fear. They cannot run away from fear. Appropriate ac- 
tions should be to: 

(1) Understand fear. 

(2) Admit that it exists. 

(3) Accept fear as reality. 

g. Training can help survivors recognize what individ- 
ual reactions may be. Using prior training, survivors 
should learn to think, plan, and act logically, even when 
afraid. 

h. To effectively cope with fear, a survivor must: 

(1) Develop confidence. Use training opportunities; 
increase capabilities by keeping physically and mentally 
fit; know what equipment is available and how to use it; 
learn as much as possible about all aspects of survival. 

(2) Be prepared. Accept the possibility that “it can 
happen to me.” Be properly equipped and clothed at all 
times; have a plan ready. Hope for the best, but be 
prepared to cope with the worst. 

(3) Keep informed. Listen carefully and pay atten- 
tion to all briefings. Know when danger threatens and 
be prepared if it comes; increase knowledge of survival 
environments to reduce the “unknown.” 

(4) Keep busy at all times. Prevent hunger, thirst, 
fatigue, idleness, and ignorance about the situation, 
since these increase fear. 

(5) Know how fellow crewmembers react to fear. 
Learn to work together in emergencies—to live, work, 
plan, and help each other as a team. 

(6) Practice religion. Don’t be ashamed of having 
spiritual faith, 

{7) Cultivate “good” survival attitudes. Keep the 
mind on a main goal and keep everything else in per- 
spective. Learn to tolerate discomfort. Don’t exert ener- 
gy to satisfy minor desires which may conflict with the 
overall goal—to survive. 

(8) Cultivate mutual support. The greatest support 
under severe stress may come from a tightly knit group. 
Teamwork reduces fear while making the efforts of eve- 
ry person more effective. 

(9) Exercise leadership. The most important test of 
leadership and perhaps its greatest value lies in the 
stress situation. 

(10) Practice discipline. Attitudes and habits of dis- 
cipline developed in training carry over into other situa- 
tions. A disciplined group has a better chance of surviv- 
al than an undisciplined group. 

(11) Lead by example. Calm behavior and demon- 
stration of control are contagious. Both reduce fear and. 
inspire courage. 


i. Every person has goals and desires. The greatest 
values exercise the greatest influence. Because of strong 
religious, moral, or patriotic values, people have been 
known to face torture and death calmly rather than 
reveal information or compromise a principle. Fear can 
kill or it can save lives. It is a normal reaction to danger. 
By understanding and controlling fear through training, 
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knowledge, and effective group action, fear can be 


overcome, 


§-3. Anxiety: 

a. Anxiety is a universal human reaction. Its pres- 
ence can be felt when changes occur which affect an 
individual’s safety, plans, or methods of living. It is 
generally felt when individuals perceive something bad 
is about to happen. A common description of anxiety is 
“butterflies in the stomach.” Anxiety creates feelings of 
uneasiness, general discomfort, worry, or depression. 
Anxiety and fear differ mainly in intensity. Anxiety is a 
milder reaction and the specific cause(s) may not be 
readily apparent, whereas fear is a strong reaction to a 
specific, known cause. Common characteristics of anxi- 
ety are: fear of the future, indecision, feelings of help- 
lessness, resentment (figure 5-2). 





Figure 5-2. Anxiety. 


b. To overcome anxiety, the individual must take 
positive action by adopting a simple plan. It is essential 
to keep your mind off of your injuries and do something 
constructive. For example, one PW began to try and 
teach English to the Chinese and to learn Chinese from 
them. 


§-4. Panic. In the face of danger, a person may panic or 
“freeze” and cease to function in an organized manner. 
A person experiencing panic may have no conscious 
control over individual actions. Uncontrollable, irra- 
tional behavior is common in emergency situations. 
Anybody can panic, but some people go to pieces more 
easily than others. Panic is brought on by a sudden 
overwhelming fear, and can often spread quickly 
through a group of people. Every effort must be made 
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to bolster morale and calm the panic with leadership 
and discipline. Panic has the same signs as fear and 
should be controlled in the same manner as fear. This 
survivor allowed pain to panic him. 


the pilot had even tried to turn around or to 
swing himself from his inverted position, he 
could have reached either the aerial roots or 
the latticed trunk of the tree. With these 
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“His parachute caught in the tree, and he 
found himself suspended about five feet 
above the ground...one leg strap was released 
while he balanced in this aerial position and 
he immediately slipped toward the ground. 





Figure 5-3. Panic. 


In doing so, his left leg caught in the webbing 
and he was suspended by one leg with his 
head down. Unfortunately, the pilot’s head 
touched an ant hill and biting ants immedi- 
ately swarmed over him, Apparently, in 
desperation, the flier pulled his gun and fired 
five rounds into the webbing holding his foot. 
When he did not succeed in breaking the har- 
ness by shooting at it, he placed the last shot 
in his head and thus took his own life. It was 
obvious from the discoverer’s report that if 


branches, he should have been able to pull 
himself from the harness...The fact that his 
head was in a nest of stinging ants only added 
to his panic, which led to the action that took 
his life.” (Figure 5-3) 


§-5. Hate. Hate—feelings of intense dislike, extreme 
aversion, or hostility—is a powerful emotion which can 
have both positive and negative effects on a survivor. 
An understanding of the emotion and its causes is the 
key to learning to control it. Hate is an acquired emo- 
tion rooted in a person’s knowledge or perceptions. The 
accuracy or inaccuracy of the information is irrelevant 
to learning to hate. 

a. Any person, any object, or anything that may be 
understood intellectually, such as political concepts or 
religious dogma, can promote feelings of hate. Feelings 
of hate {usually accompanied with a desire for 
vengence, revenge, or retribution) have sustained for- 
mer prisoners of war through their harsh ordeals. If an 
individual loses perspective while under the influence of 
hate and reacts emotionally, rational solutions to 
problems may be overlooked, and the survivor may be 
endangered. 

b. To effectively deal with this emotional reaction, the 
survivor must first examine the reasons why the feeling 
of hate is present. Once that has been determined, survi- 
vors should then decide what to do about those feelings. 
Whatever approach is selected, it should be as construc- 
tive as possible. Survivors must not allow hate to con- 
trol them, 


5-6. Resentment. Resentment is the experiencing of an 
emotional state of displeasure or indignation toward 
some act, remark, or person that has been regarded as 
causing personal insult or injury. Luck and fate may 
play a role in any survival situation. A hapless survivor 
may feel jealous resentment toward a fellow PW, travel 
partner, etc., if that other person is perceived to be 
enjoying a success or advantage not presently exper- 
ienced by the observer. The survivor must understand 
that events cannot always go as expected. It is detrimen- 
tal to morale and could affect survival chances if feel- 
ings of resentment over another’s attainments become 
too strong. Imagined slights or insults are common. The 
survivor should try to maintain a sense of humor and 
perspective about ongoing events and realize that stress 
and lack of self-confidence play roles in bringing on 
feelings of resentment. 


5-7. Anger. Anger is a strong feeling of displeasure and 
belligerence aroused by a real or supposed wrong. Peo- 
ple become angry when they cannot fulfill a basic need 


48 


or desire which seems important to them. When anger is 
not relieved, it may turn into a more enduring attitude 
of hostility, characterized by a desire to hurt or destroy 
the person or thing causing the frustration. When anger 
is intense, the survivor loses control over the situation, 
resulting in impulsive behavior which may be destruc- 
tive in nature. Anger is a normal response which can 
serve a useful purpose when carefully controlled. If the 
situation warrants and there is no threat to survival, one 
could yell or scream, take a walk, do some vigorous 
exercise, or just get away from the source of the anger, 
even if only for a few minutes. Here is a man who 
couldn’t hold it. 

“I tried patiently to operate it (radio) in every 

way I had been shown. Growing more angry 

and disappointed at its failure, I tore the aeri- 

al off, threw the cord away, beat the battery 

on the rocks, then threw the pieces all over 

the hillside. I was sure disappointed.” (See 

figure 5-4.) 





Figure 5-4. Anger. 


§-8. Impatience: 

a. The psychological stresses brought about by feel- 
ings of impatience can quickly manifest themselves in 
physical ways. Internally, the effects of impatience can 
cause changes in physical and mental well-being. Survi- 
vors who allow impatience to control their behavior 
may find that their efforts prove to be counterproduc- 
tive and possibly dangerous. For example, evaders who 
don’t have the ability or willingness to suppress annoy- 
ance when confronted with delay may expose them- 
selves to capture or injury. 

b. Potential survivors must understand they have to 
bear pain, misfortune, and annoyance without com- 
plaint. In the past, many survivors have displayed tre- 
mendous endurance, both mental and physical, in times 
of distress or misfortune. While not every survivor will 
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be able to display such strength of character in all situa- 
tions, each person should learn to recognize the things 
which may make them impatient to avoid acting un- 
wisely. This survivor couldn’t wait: 

“I became very impatient. I had planned to 

wait until night to travel but I just couldn't 

wait. I left the ditch about noon and walked 

for about two hours until I was caught.” 


5-9. Dependence. The captivity environment is the 
prime area where a survivor may experience feelings of 
dependency. The captor will try to develop in prisoners 
feelings of need, support, and trust for the captor. By 
regulating the availability of basic needs like food, 
water, clothing, social contact, and medical care, cap- 
tors show their power and control over the prisoners’ 
fate. Through emphasis on the prisoners’ inability to 
meet their own basic needs, captors seek to establish 
strong feelings of prisoner dependency. This dependen- 
cy can make prisoners extremely vulnerable to captor 
exploitation-——a major captor objective. PW recognition 
of this captor tactic is key to countering it. Survivors 
must understand that, despite captor controls, they do 
control their own lives. Meeting even one physical or 
mental need can provide a PW with a “victory” and 
provide the foundation for continued resistance against 
exploitation (figure 5-5). 





Figure 5-5. Dependence. 
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5-10. Loneliness. Loneliness can be very debilitating 
during a survival episode. Some people learn to control 
and manipulate their environment and become more 
self-sufficient while adapting to changes. Others rely on 
protective persons, routines, and familiarity of sur- 
roundings to function and obtain satisfaction (figure 
5-6). 

a. The ability to combat feelings of loneliness during a 
survival episode must be developed long before the epi- 
sode occurs. Self-confidence and self-sufficiency are key 
factors in coping with loneliness. People develop these 
attributes by developing and demonstrating competence 
in performing tasks. As the degree of competence in- 
creases, so does self-confidence and self-sufficiency. Mil- 
itary training, more specifically survival training, is de- 
signed to provide individuals with the competence and 
self-sufficiency to cope with and adapt to survival living. 





























Figure 5-6. Loneliness. 


b. In a survival situation, the countermeasure to con- 
quer loneliness is to be active, to plan and think pur- 
posely, Development of self-sufficiency is the primary 
protection since all countermeasures in survival require 
the survivor to have the ability to practice self-control. 


§-11. Boredom. Boredom and fatigue are related and 
frequently confused. Boredom its accompanied by a lack 
of interest and may include feelings of strain, anxiety, or 
depression, particularly when no relief is in sight and 
the person is frustrated. Relief from boredom must be 
based on correction of the two basic sources, repetitive- 
ness and uniformity. Boredom can be relieved by a vari- 
ation of methods—rotation of duties, broadening the 
scope of a particular task or job, taking rest breaks, or 
other techniques of diversification which may actually 
interfere with efficient performance of the job. The un- 
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gratifying nature of a task can be counteracted by clear- 
ing up its meaning, objectives, and, in some cases, its 
relation to the total plan. 
a. This survivor couldn’t think of anything to do: 
“The underground representative took me to 
a house to wait for another member of the 
underground to pick me up. This was the 
worst part of the whole experience—this 
waiting. I just sat in the house and waited for 
two weeks. I thought I would go mad.” (See 
figure 5-7.) 
b. This survivor invented something to do: 
“Not knowing what to do, I decided to kill all 
the bugs. There were a lot of spiders, the big 
ones that do not hurt humans, so I killed the 
flies and gave them to the spiders to eat.” 





Figure 5-7. Boredom. 


5-12. Hopelessness. Hopelessness stems from negative 
feelings—regardless of actions taken, success is impossi- 
ble, or the certainty that future events will turn out for 
the worst no matter what a person tries to do. Feelings 
of hopelessness can occur at virtually any time during a 
survival episode. Survivors have experienced loss of 
hope in trying to maintain health due to an inability to 
care for sickness, broken bones, or injuries; considering 
their chances of returning home alive; seeing their loved 
ones again; or believing in their physical or mental abili- 
ty to deal with the situation; for example, evade long 
distances or not give information to an interrogator (fig- 
ure 5-8). 
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Figure 5-8. Hopelessness. 


a. During situations where physical exhaustion or ex- 
posure to the elements affects the mind, a person may 
begin to lose hope. The term “give-up-itis” was coined 
in Korea to describe the feeling of “hopelessness.” Dur- 
ing captivity, deaths occurred for no apparent cause. 
These individuals actually willed themselves to die or at 
least did not will themselves to live. The original pre- 
mise (in the minds of such people} is that they are going 
to die. To them, the situation seemed totally futile and 
they had passively abandoned themselves to fate. It was 
possible to follow the process step by step. The people 
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who died withdrew themselves from the group, became 
despondent, then lay down and gave up. In some cases, 
death followed rapidly. 

b. One way to treat hopelessness is to eliminate the 
cause of the stress. Rest, comfort, and morale building 
activities can help eliminate this psychological problem. 
Another method used in Korea was to make the person 
so angry that the person wanted to get up and attack the 
tormentors. A positive attitude has a powerful influence 
on morale and combating the feeling of hopelessness. 

c. Since many stress situations cannot be dealt with 
successfully by either withdrawal or direct attack, it may 
be necessary to work out a compromise solution. The 
action may entail changing a survivor’s method of oper- 
ation or accepting substitute goals. 

d. Evaders faced with starvation may compromise 
with their conscience and steal “just this one time.” 
They may ignore their food aversion and eat worms, 
bugs, or even human flesh. A related form of compro- 
mise is acceptance of substitute means to achieve the 
same goals. 


5-13. Summary. All the psychological factors may be 
overcome by survivors if they can recognize the prob- 
lem, work out alternative solutions, decide on an appro- 
priate course of action, take action, and evaluate the 
results. Perhaps the most difficult step in this sequence 
is deciding on an appropriate course of action. Survi- 
vors may face either one or several psychological 
problems, These problems are quite dangerous and 
must be effectively controlled or countered for survival 
to continue. 
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Chapter 6 


THE WILL TO SURVIVE 


6-1. Introduction. The will to survive is defined as the 
desire to live despite seemingly insurmountable mental 
and(or) physical obstacles. The tools for survival are 
furnished by the military, the individual, and the envi- 
ronment. The training for survival comes from survival 
training publications, instruction, and the individual’s 
own efforts. But tools and training are not enough with- 
out a will to survive. In fact, the records prove that 
“will” alone has been the deciding factor in many sur- 
vival cases. While these accounts are not classic exam- 
ples of “how to survive,” they illustrate that a single- 
minded survivor with a powerful will fo survive can 
overcome most hardships. There are cases where people 
have eaten their belts for nourishment, boiled water in 
their boots to drink as broth, or have eaten human 
flesh—though this certainty wasn’t their cultural 
instinct. 

a. One incident where the wi// to survive was the de- 
ciding factor between life and death involved a man 
stranded in the Arizona desert for 8 days without food 
and water. He traveled more than 150 miles during 
searing daytime temperatures, losing 25 percent of his 
body weight due to the lack of water (usually 10 percent 
loss causes death). His blood became so thick that the 
lacerations he received could not bleed until he had 
been rescued and received large quantities of water. 
When he started on that journey, something must have 
clicked in his mind telling him to live, regardless of any 
obstacles which might confront him. And live he did— 
on guts and will alone! (See figure 6-1.) 

b. Let’s flip a coin and check the other side of “will.” 
Our location is the Canadian wilderness. A pilot ran 
into engine trouble and chose to deadstick his plane 
onto a frozen lake rather than punch out. He did a 
beautiful job and slid to a stop in the middle of the lake. 
He left the aircraft and examined it for damage. After 
surveying the area, he noticed a wooded shoreline only 
200 yards away where food and shelter could be provid- 
ed—he decided to go there. Approximately halfway 
there, he changed his mind and returned to the cockpit 
of his aircraft where he smoked a cigar, took out his 
pistol, and blew his brains out. Less than 24 hours later, 
a rescue team found him. Why did he give up? Why was 
he unable to survive? Why did he take his own life? On 
the other hand, why do people eat their belts or drink 
broth from their boots? No one really knows, but it’s all 
related to the will to survive. 


6-2. Overcoming Stress. The ability of the mind to 
overcome stress and hardship becomes most apparent 
when there appears to be little chance of a person sur- 
viving. When there appears to be no escape from the 
situation, the “will” enables a person to begin to win 





Figure 6-1. Will to Survive. 


“the battle of the mind.” This mental attitude can 
bridge the gap between the crisis period and the coping 
period. 


6-3. Crisis Period: 

a. The crisis period is the point at which the person 
realizes the gravity of the situation and understands 
that the problem will not go away. At this stage, action 
is needed. Most people will experience shock in this 
Stage as a result of not being ready to face this new 
challenge. Most will recover control of their faculties, 
especially if they have been prepared through knowl- 
edge and training. 

b. Shock during a crisis is normally a response to 
being overcome with anxiety. Thinking will be disorga- 
nized. At this stage, direction will be required because 
the individual is being controlled by the environment. 
The person’s center of control is external. In a group 
survival episode, a natural leader may appear who will 
direct and reassure the others. But if the situation con- 
linues to control the individual or the group, the re- 
sponse may be panic, behavior may be irrational, and 
judgment is impaired. In a lone-survivor episode, the 
individual must gain control of the situation and re- 
spond constructively. In either case, survivors must 
evaluate the situation and develop a plan of action. 
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During the evaluation, the survivor must determine the 
most critical needs to improve the chance of living and 
being rescued. 


6-4. The Coping Period. The coping period begins after 
the survivor recognizes the gravity of the situation and 
resolves to endure it rather than succumb. The survivor 
must tolerate the effects of physical and emotional 
stresses. These stresses can cause anxiety which be- 
comes the greatest obstacle to self-control and solving 
problems. Coping with the situation requires considera- 
ble internal control. For example, the survivor must 
often subdue urgent desires to travel when that would 
be counterproductive and dangerous. A person must 
have patience to sit in an emergency action shelter while 
confronted with an empty stomach, aching muscles, 
numb toes, and suppressed feelings of depression and 
hopelessness. Those who fail to think constructively 
may panic. This could begin a series of mistakes which 
result in further exhaustion, injury, and sometimes 
death. Death comes not from hunger pains but from the 
inability to manage or control emotions and thought 
processes. 


6-5. Attitude. The survivor's attitude is the most impor- 
tant element of the wil! to survive. With the proper atti- 
tude, almost anything is possible. The desire to live is 
sometimes based on the feelings toward another person 
and(or) thing. Love and hatred are two emotional ex- 
tremes which have moved people to do exceptional 
things physically and mentally. The lack of a will to 
survive can sometimes be identified by the individual’s 
motivation to meet essential survival needs, emotional 
control resulting in reckless, paniclike behavior, and 
self-esteem. 

a. It is essential to strengthen the will to survive during 
an emergency. The first step is to avoid a tendency to 
panic or “fly off the handle.” Sit down, relax, and ana- 
lyze the situation rationally. Once thoughts are collected 
and thinking is clear, the next step is to make decisions. 
In normal living, people can avoid decisions and fet 
others do their planning. But in a survival situation, this 
will seldom work. Failure to decide on a course of ac- 
tion is actually a decision for inaction. This lack of 
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decisionmaking may even result in death. However, de- 
cisiveness must be tempered with flexibility and plan- 
ning for unforeseen circumstances. As an example, an 
aircrew member down in an arctic nontactical situation 
decides to construct a shelter for protection from the 
elements. The planning and actions must allow sufh- 
cient flexibility so the aircrew can monitor the area for 
indications of rescuers and be prepared to make con- 
tact—visually, electronically, etc.—with potential 
rescuers. 

b. Tolerance is the next topic of concern. A survivor 
or evader will have to deal with many physical and 
psychological discomforts, such as unfamiliar animals, 
insects, loneliness, and depression. Aircrew members 
are trained to tolerate uncomfortable situations, That 
training must be applied to deal with the stress of 
environments. 

c. Survivors in both tactical and nontactical situations 
must face and overcome fears to strengthen the will to 
survive. These fears may be founded or unfounded, be 
generated by the survivor’s uncertainty or lack of confi- 
dence, or be based on the proximity of enemy forces. 
Indeed, fear may be caused by a wide variety of real and 
imagined dangers. Despite the source of the fear, survi- 
vors must recognize fear and make a conscious effort to 
overcome it. 


6-6. Optimism. One of a survivor's key assets is opti- 
mism—hope and faith. Survivors must maintain a posi- 
tive, optimistic outlook on their circumstance and how 
well they are doing. Prayer or meditation can be helpful. 
How a survivor maintains optimism is not so important 
as its use. 


6-7. Summary. Survivors do not choose or welcome 
their fate and would escape it if they could. They are 
trapped in a world of seemingly total domination—a 
world hostile to life and any sign of dignity or resis- 
tance. The survival mission is not an easy one, but it is 
one in which success can be achieved. This has been an 
introduction to the concepts and ideas that can help an 
aircrew member return. Having the will to survive is 
what it’s all about! 
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Part Three 


BASIC SURVIVAL MEDICINE 


Chapter 7 


SURVIVAL MEDICINE 


7-1, Introduction: 

a. Foremost, among the many things which can com- 
promise a survivor’s ability to return are medical 
problems encountered during ejection, parachute de- 
scent, and(or) parachute landing. In the Southeast Asian 
conflict, some 30 percent of approximately 1,000 US 
Air Force survivors, including 322 returned PWs, were 
injured by the time they disentangled themselves from 
their parachutes. The most frequently reported injuries 
were fractures, strains, sprains, and dislocations, as well 
as burns and other types of wounds (figure 7-1). 





Figure 7-1. Survival Medicine. 


b. Injuries and illnesses peculiar to certain environ- 
ments can reduce survival expectancy. In cold climates, 
and often in an open sea survival situation, exposure to 
extreme cold can produce serious tissue trauma, such as 
frostbite, or death from hypothermia. Exposure to heat 
in warm climates, and in certain areas on the open seas, 
can produce heat cramps, heat exhaustion, or life- 
threatening heatstroke. 

c. Illnesses contracted during evasion or in a captivity 
environment can interfere with successful survival. 
Among these are gastrointestinal disorders, respiratory 
diseases, skin infections and infestations, malaria, ty- 
phus, cholera, etc. 

d. A review of the survival experiences from World 
War H, Korea, and Southeast Asia indicates that, while 


US military personnel generally knew how to adminis- 
ter first aid to others, there was a marked inability to 
administer self-aid. Further, only the most basic medi- 
cal care had been taught to most military people. Lastly, 
it was repeatedly emphasized that even minor injuries 
or ailments, when ignored, became major problems in a 
survival situation. Thus, prompt attention to the most 
minor medical problem is essential in a survival epi- 
sode. Applying principles of survival medicine should 
enable military members to maintain health and well- 
being in a hostile or nonhostile environment until res- 
cued and returned to friendly control. 

e. Information in this chapter and chapter 8 is a basic 
reference to self-aid techniques used by PWs in captivi- 
ty and techniques found in folk medicine. The informa- 
tion describes procedures which can maintain health in 
medically austere situations. It includes items used to 
prevent and treat injuries and illnesses. Because there is 
no “typical” survival situation, the approach to self-aid 
must be flexible, placing emphasis on using what is 
available to treat the injury or illness. Further, survi- 
vors recognize that medical treatment offered by people 
of other cultures may be far different from our own. For 
example, in the rural areas of Vietnam, a poultice of 
python meat was and is used to treat internal lower back 
pain. Such treatment may be repugnant to some US 
military personnel; however, medical aid offered to sur- 
vivors in non-US cultures may be the best available in 
the given circumstance. 

f. The procedures in this chapter and chapter 8 must 
be viewed in the reality of a true survival situation. The 
results of treatment may be substandard compared with 
present medical standards. However, these procedures 
will not compromise professional medical care which 
becomes available following rescue. Moreover, in the 
context of a survival situation, they may represent the 
best available treatment to extend the individual’s sur- 
vival expectancy. 


7-2. Procedures and Expedients. Survival medicine 
encompasses procedures and expedients that are: 

a. Required and available for the preservation of 
health and the prevention, improvement, or treatment 
of injuries and illnesses encountered during survival. 

b. Suitable for application by nonmedical personnel 
to themselves or comrades in the circumstances of the 
survival situation, 
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(1) Survival medicine is more than first aid in the 
conventional sense. It approaches final definitive treat- 
ment in that it is not dependent upon the availability of 
technical medical assistance within a reasonable period 
of time. 

(2) To avoid duplication of information generally 
available, the basic principles of first aid will not be 
repeated, nor will the psychological factors affecting sur- 
vival which were covered in part two. 


7-3. Hygiene. In a survival situation, cleanliness is es- 
sential to prevent infection. Adequate personal cleanli- 
ness will not only protect against disease germs that are 
present in the individual’s surroundings but will also 
protect the group by reducing the spread of these germs 
(figure 7-2). 





Figure 7-2. Hygiene. 


a. Washing, particularly the face, hands, and feet, 
reduces the chances of infection from small scratches 
and abrasions. A daily bath or shower with hot water 
and soap is ideal. If no tub or shower is available, the 
body should be cleaned with a cloth and soapy water, 
paying particular attention to the body creases (armpits, 
groin, etc.), face, ears, hands, and feet. After this type of 
“bath,” the body should be rinsed thoroughly with clear 
water to remove all traces of soap which could cause 
irritation. 

b. Soap, although an aid, is not essential to keeping 
clean. Ashes, sand, loamy soil, and other expedients 
may be used to clean the body and cooking utensils. 

c. When water is in short supply, the survivor should 
take an “air bath.” All clothing should be removed and 
the body simply exposed to the air. Exposure to sun- 
shine is ideal, but even on an overcast day or indoors, a 
2-hour exposure of the naked body to the air will refresh 
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the body. Care should be taken to avoid sunburn when 
bathing in this manner. Exposure in the shade, shelter, 
sleeping bag, etc., will help if the weather conditions do 
not permit direct exposure. 

d. Hair should be kept trimmed, preferably 2 inches 
or less in length, and the face should be clean-shaven. 
Hair provides a surface for the attachment of parasites 
and the growth of bacteria. Keeping the hair short and 
the face clean-shaven will provide less habitat for these 
organisms. At least once a week, the hair should be 
washed with soap and water. When water is in short 
supply, the hair should be combed or brushed thorough- 
ly and covered to keep it clean. It should be inspected 
weekly for fleas, lice, and other parasites. When para- 
sites are discovered, they should be removed. 

e. The principal means of infecting food and open 
wounds is contact with unclean hands. Hands should be 
washed with soap and water, if available, after handling 
any material which is likely to carry germs. This is espe- 
cially important after each visit to the latrine, when 
caring for the sick and injured, and before handling 
food, food utensils, or drinking water. The fingers 
should be kept out of the mouth and the fingernails kept 
closely trimmed and clean. A scratch from a long finger- 
nail could develop into a serious infection. 


7-4, Care of the Mouth and Teeth. Application of the 
following fundamentals of oral hygiene will prevent 
tooth decay and gum disease: 

a. The mouth and teeth should be cleansed thorough- 
ly with a toothbrush and dentifrice at least once each 
day. When a toothbrush is not available, a “chewing 
stick” can be fashioned from a twig. The twig is washed, 
then chewed on one end until it is frayed and brushlike. 
The teeth can then be brushed very thoroughly with the 
stick, taking care to clean all tooth surfaces. If necessa- 
ry, a clean strip of cloth can be wrapped around the 
finger and rubbed on the teeth to wipe away food parti- 
cles which have collected on them. When neither tooth- 
paste nor toothpowder are available, salt, soap, or bak- 
ing soda can be used as substitute dentifrices. 
Parachute inner core can be used by separating the fila- 
ments of the inner core and using this as a dental floss. 
Gargling with willow bark tea will help protect the teeth. 

b. Food debris which has accumulated between the 
teeth should be removed by using dental floss or tooth- 
picks. The latter can be fashioned from small twigs. 

c. Gum tissues should be stimulated by rubbing them 
vigorously with a clean finger each day. 

d. Use as much care cleaning dentures and other den- 
tal appliances, removable or fixed, as when cleaning 
natural teeth. Dentures and removable bridges should 
be removed and cleaned with a denture brush or “chew 
stick” at least once each day. The tissue under the den- 
tures should be brushed or rubbed regularly for proper 
stimulation. Removable dental applicances should be 
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removed at night or for a 2- to 3-hour period during the 
day. 


7-5. Care of the Feet. Proper care of the feet is of 
utmost importance in a survival situation, especially if 
the survivor has to travel. Serious foot trouble can be 
prevented by observing the following simple rules: 

a. The feet should be washed, dried thoroughly, and 
massaged each day. If water is in short supply, the feet 
should be “air cleaned” along with the rest of the body 
(figure 7-3). 

b. Toenails should be trimmed straight across to pre- 
vent the development of ingrown toenails. 

c. Boots should be broken in before wearing them on 
any mission. They should fit properly, neither so tight 
that they bind and cause pressure spots nor so loose that 
they permit the foot to slide forward and backward 
when walking. Insoles should be improvised to reduce 
any friction spots inside the shoes. 
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Figure 7-3. Care of Feet. 





d. Socks should be large enough to allow the toes to 
move freely but not so loose that they wrinkle. Wool 
socks should be at least one size larger than cotton socks 
to allow for shrinkage. Socks with holes should be prop- 
erly darned before they are worn. Wearing socks with 
holes or socks that are poorly repaired may cause blis- 
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ters. Clots of wool on the inside and outside should be 
removed from wool socks because they may cause blis- 
ters. Socks should be changed and washed thoroughly 
with soap and water each day. Woolen socks should be 
washed in cool water to lessen shrinkage. In camp, 
freshly laundered socks should be stretched to facilitate 
drying by hanging in the sun or in an air current, While 
traveling, a damp pair of socks can be dried by placing 
them inside layers of clothing or hanging them on the 
outside of the pack. If socks become damp, they should 
be exchanged for dry ones at the first opportunity. 

e. When traveling, the feet should be examined regu- 
larly to see if there are any red spots or blisters. If 
detected in the early stages of development, tender areas 
should be covered with adhesive tape to prevent blister 
formation. 


7-6. Clothing and Bedding. Clothing and bedding be- 
come contaminated with any disease germs which may 
be present on the skin, in the stool, in the urine, or in 
secretions of the nose and throat. Therefore, keeping 
clothing and bedding as clean as possible will decrease 
the chances of skin infection and decrease the possibili- 
ty of parasite infestation. Outer clothing should be 
washed with soap and water when it becomes soiled. 
Under clothing and socks should be changed daily. If 
water is in short supply, clothing should be “air cle- 
aned.” For air cleaning, the clothing is shaken out of 
doors, then aired and sunned for 2 hours. Clothing cle- 
aned in this manner should be worn in rotation. Sleep- 
ing bags should be turned inside out, fluffed, and aired 
after each use. Bed linen should be changed at least once 
a week, and the blankets, pillows, and mattresses should 
be aired and sunned (figure 7-4). 


7-7. Rest. Rest is necessary for the survivor because it 
not only restores physical and mental vigor, but also 
promotes healing during an illness or after an injury. 

a. In the initial stage of the survival episode, rest is 
particularly important. After those tasks requiring im- 
mediate attention are done, the survivor should inven- 
tory available resources, decide upon a plan of action, 
and even have a meal. This “planning session” will pro- 
vide a rest period without the survivor having a feeling 
of “doing nothing.” 

b. If possible, regular rest periods should be planned 
in each day’s activities. The amount of time allotted for 
rest will depend on a number of factors, including the 
survivor’s physical condition, the presence of hostile 
forces, etc., but usually, 10 minutes each hour is suffi- 
cient. During these rest periods, the survivor should 
change either from physical activity to complete rest or 
from mental activity to physical activity as the case may 
be. The survivor must learn to become comfortable and 
to rest under less than ideal conditions. 
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Figure 7-4. Bedding. 


7-8. Rules for Avoiding Iliness. In a survival situation, 
whether short-term or long-term, the dangers of disease 
are multiplied, Application of the following simple 
guidelines regarding personal hygiene will enable the 
survivor to safeguard personal health and the health of 
others: 

a. ALL water obtained from natural sources should be 
purified before consumption. 

b. The ground in the camp area should not be soiled 
with urine or feces. Latrines should be used, if available. 
When no latrines are available, individuals should dig 
“cat holes” and cover their waste. 

c. Fingers and other contaminated objects should 
never be put into the mouth. Hands should be washed 
before handling any food or drinking water, before us- 
ing the fingers in the care of the mouth and teeth, before 
and after caring for the sick and injured, and after hand- 
ling any material likely to carry disease germs. 

d. After each meal, all eating utensils should be cle- 
aned and disinfected in boiling water. 

e. The mouth and teeth should be cleansed thorough- 
ly at least once each day. Most dental problems associat- 
ed with long-term survival episodes can be prevented by 
using a toothbrush and toothpaste to remove accumu- 
lated food debris. If necessary, devices for cleaning the 
teeth should be improvised. 

f. Bites and insects can be avoided by keeping the 
body clean, by wearing proper protective clothing, and 
by using head net, improvised bed nets, and insect 
repellants. 

g. Wet clothing should be exchanged for dry clothing 
as soon as possible to avoid unnecessary body heat loss. 
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h. Personal items such as canteens, pipes, towels, 
toothbrushes, handkerchiefs, and shaving items should 
not be shared with others. 

i. All food scraps, cans, and refuse should be removed 
from the camp area and buried. 

j. If possible, a survivor should get 7 or 8 hours of 
sleep each night. 

k. Aircrew members should keep all immunization 
“shots” current. 


7-9. General Management of Injuries: 

a. Bleeding. Control of bleeding is most important in 
survival situations where replacement transfusions are 
not possible. Immediate steps should be taken to stop 
the flow of blood, regardless of its source. The method 
used should be commensurate with the type and degree 
of bleeding. The tourniquet, when required and proper- 
ly used, will save life. If improperly used, it may cost the 
life of the survivor. The basic characteristics of a tourni- 
quet and the methods of its use are well covered in 
standard first aid texts; however, certain points merit 
emphasis in the survival situation. A tourniquet should 
be used only after every alternate method has been at- 
tempted. If unable to get to medical aid within 2 hours, 
after 20 minutes, gradually loosen the tourniquet. If 
bleeding has stopped, remove the tourniquet; if bleed- 
ing continues, reapply and leave in place. The tourni- 
quet should be applied as near the site of the bleeding as 
possible, between the wound and the heart, to reduce 
the amount of tissue lost. 

b. Pain: 

(1) Control of Pain. The control of pain accompa- 
nying disease or injury under survival situations is both 
difficult and essential. In addition to its morale-breaking 
discomfort, pain contributes to shock and makes the 
survivor more vulnerable to enemy influences. Ideally, 
pain should be eliminated by the removal of the cause. 
However, this is not always immediately possible, hence 
measures for the control of pain are beneficial. 

(2) Position, Heat, and Cold. The part of the body 
that is hurting should be put at rest, or at least its activi- 
ty restricted as much as possible. The position selected 
should be the one giving the most comfort, and be the 
easiest to maintain. Splints and bandages may be neces- 
sary to maintain the immobilization. Elevation of the 
injured part, with immobilization, is particularly benefi- 
cial in the throbbing type pain such as is typical of the 
“mashed” finger. Open wounds should be cleansed, for- 
eign bodies removed, and a clean dressing applied to 
protect the wound from the air and chance contacts 
with environmental objects. Generally, the application 
of warmth reduces pain—toothache, bursitis, etc. How- 
ever, in some conditions, application of cold has the 
same effect—strains and sprains. Warmth or cold is best 
applied by using water due to its high specific heat, and 
the survivor can try both to determine which is most 
beneficial. 
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(3) Pain Killers. Drugs are very effective in reduc- 
ing pain; however, they are not likely to be available in 
the survival situation. Hence, the importance of the 
above “natural” procedures. Aspirin, APCs, and such 
tablets are primarily intended to combat the discom- 
forts of colds and upper respiratory diseases, and, at 
best, will just take the edge off severe pain. They should 
be taken, however, if available. If no aspirin is avail- 
able, there are some parts of vegetation which can be 
used. For example, most of the willows have been used 
for their pain-relieving and fever-lowering properties 
for hundreds of years. The fresh bark contains salicin, 
which probably decomposes into salicylic acid in the 
human body. Wintergreen, also known as checkerberry, 
was used by some Indians for body aches and pains. 
The leaves are made into a tea. The boiled bark of the 
magnolia tree helps relieve internal pains and fever, and 
has been known to stop dysentery. To be really effective 
in control of pain, stronger narcotic drugs such as code- 
ine and morphine are required. During active hostili- 
ties, morphine may be available in aircraft and individ- 
ual first aid kits. 


c. Shock: 

(1) Circulatory Reaction. Shock in some degree ac- 
companies all injuries to the body, and frequently it is 
the most serious consequence of the injury. In essence, 
shock is a circulatory reaction of the body (as a whole) 
to an injury (mechanical or emotional). While the 
changes to the circulatory system initially favor body 
resistance to the injury (by ensuring adequate blood 
supply to vital structures), they may progress to the 
point of circulatory failure and death. All aircrew mem- 
bers should be familiar with the signs and symptoms of 
shock so that the condition may be anticipated, recog- 
nized, and dealt with effectively. However, the best sur- 
vival approach is to treat ALL moderate and severe 
injuries for shock. No harm will be done, and such 
treatment will speed recovery. 


(2) Fluids. Normally, fluids administered by mouth 
are generally prohibited in the treatment of shock fol- 
lowing severe injury. Such fluids are poorly absorbed 
when given by mouth, and they may interfere with later 
administration of anesthesia for surgery. In survival 
medicine, however, the situation is different in that the 
treatment being given is the final treatment. Survivors 
cannot be deprived of water for long periods just be- 
cause they have been injured; in fact, their recovery 
depends upon adequate hydration. Small amounts of 
warm water, warm tea, or warm coffee given frequently 
early in shock are beneficial if the patient is conscious, 
can swallow, and has no internal injuries. In later shock, 
fluids by mouth are less effective as they are not ab- 
sorbed from the intestines. Burns, particularly, require 
large amounts of water to replace fluid lost from injured 
areas. Alcohol should never be given to a person in 
shock or who may go into shock. 
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(3} Psychogenic Shock. Psychogenic shock is fre- 
quently noted during the period immediately following 
an emergency; for example, bailout. Psychogenic shock, 
which occurs even without injury, requires attention to 
limit it, both in degree and duration. The degree of this 
post-impact shock varies widely among individuals but 
its occurrence is almost universal. In reality, the survi- 
vor has passed through two major emergencies almost 
simultaneously: the aircraft incident leading to the sur- 
vival situation, and the situation itself. Should the sur- 
vivor be injured (and the majority of them are), a third 
emergency is added. It is not uncommon, then, that 
some psychogenic reaction with circulatory implica- 
tions occurs. Resistance to this type of shock depends 
upon the individual’s personality and the amount of 
training previously received. Treatment consists of 
stopping all activities (when possible), relaxing, evaluat- 
ing the situation, and formulating a plan of action 
before the survival situation begins. 


d. Fractures: 

(1) Proper immobilization of fractures, disloca- 
tions, and sprains is even more important in survival 
medicine than in conventional first aid. Rather than 
merely making the patient comfortable during transport 
to eventual treatment, in survival medicine, the initial 
immobilization is part of the ultimate treatment. Immo- 
bilizing body parts to help control pain was discussed 
earlier. In addition, immobilization in proper position 
hastens healing of fractures and improves the ultimate 
functional result. In the survival situation, the immobi- 
lization must suffice for a relatively long period of time 
and permit the patient to maintain a fairly high degree 
of mobility. Materials for splinting and bandaging are 
available in most survival situations, and proper tech- 
niques are detailed in most first aid manuals. 

(2) The reduction of fractures is normally beyond 
the scope of first aid; however, in the prolonged survival 
situation, the correction of bone deformities is necessa- 
ry to hasten healing and obtain the greatest functional 
result, The best time for manipulation of a fracture is in 
the period immediately following the injury, before 
painful muscle spasms ensue. Traction is applied until 
overriding fragments of bone are brought into line, 
(check by the other limb) and the extremity is firmly 
immobilized. Frequently, it is advantageous to continue 
traction after reduction to ensure the proper alignment 
of the bones. 

(3) As plaster casts are not available in the survival 
situation, improvising an immobilization device is nec- 
essary. This may be done by using several parallel, plia- 
ble willow branches, woven together with vines or para- 
chute lines. Use care so that the extremity is not 
constricted when swelling follows the injury. In an es- 
cape and evasion situation, it may be necessary to pre- 
serve the mobility of the survivor after reduction of the 
fracture. This is dificult in fractures of the lower ex- 
tremities, although tree limbs may be improvised as 


crutches. With companions, the use of improvised lit- 
ters may be possible. 

(4) Reduction of dislocated joints is done similar to 
that of fractures. Gentle, but firm, traction is applied 
and the extremity is manipulated until it “snaps” back 
into place. If the survivor is alone, the problem is com- 
plicated but not impossible. Traction can still be ap- 
plied by using gravity. The distal portion of the extrem- 
ity is tied to (or wedged) into the fork of a tree or similar 
point of fixation. The weight of the body is then allowed 
to exert the necessary traction, with the joint being 
manipulated until the dislocation is reduced. 

e. Infection: 

(1) Infection is a serious threat to the survivor. The 
inevitable delay in definite medical treatment and the 
reality of the survival situation increases the chances of 
wound infection. Antibiotics may not be available in 
sufficient amounts in the survival situation. In survival 
medicine, one must place more emphasis on the preven- 
tion and control of infection by applying techniques 
used before the advent of antibiotics. 

(2) Unfortunately, survivors have little control over 
the amount and type of infection introduced at the time 
of injury. However, they can help control the infection 
by wearing clean clothes. Use care to prevent additional 
infection into wounds. Wounds, regardless of the type 
or severity, should not be touched with dirty hands or 
objects. One exception to this rule is the essential con- 
trol of arterial bleeding. Clothing should be removed 
from wounds to avoid contamination surrounding skin 
areas. 

(3) All wounds should be promptly cleansed. Water 
is the most universally available cleaning agent, and 
should be (preferably) sterile. At sea level, sterilize 
water, by placing it in a covered container and boiling it 
for 10 minutes. Above 3,000 feet, water should be 
boiled for | hour (in a covered container) to ensure 
adequate sterilization. The water will remain sterile and 
can be stored indefinitely as long as it is covered. 

(a) Irrigate wounds rather than scrubbing to min- 
imize additional damage to the tissue. Foreign material 
should be washed from the wound to remove sources of 
continued infection. The skin adjacent to wounds 
should be washed thoroughly before bandaging. When 
water is not available for cleaning wounds, the survivor 
should consider the use of urine. Urine may well be the 
most nearly sterile of all fluids available and, in some 
cultures, is preferred for cleaning wounds. Survivors 
should use urine from the midstream of the urine flow. 

(b} While soap is not essential to clean wounds, a 
bar of medicated soap placed in a personal survival kit 
and used routinely would do much to prevent the infec- 
tion of seemingly inconsequential injuries. External an- 
tiseptics are best used for cleaning abrasions, scratches, 
and the skin areas adjacent to lacerations. Used in deep, 
larger wounds, antiseptics produce further tissue 
damage. 
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(c) Nature also provides antiseptics which can be 
used for wound care. The American mountain ash is 
found from Newfoundland south to North Carolina and 
its inner bark has antiseptic properties. The red berries 
contain ascorbic acid and have been eaten to cure scur- 
vy. The Sweet Gum bark is still officially recognized as 
being an antiseptic agent. Water from boiled Sweet 
Gum leaves can also be used as antiseptic for wounds. 


f. The “Open Treatment” Method. This is the only 
safe way to manage survival wounds. No effort should 
be made to close open wounds by suturing or by other 
procedure. In fact, it may be necessary to open the 
wound even more to avoid entrapment or infection and 
to promote drainage. The term “open” does not mean 
that dressings should not be used. Good surgery re- 
quires that although wounds are not “closed,” nerves, 
bone, and blood vessels should be covered with tissue, 
Such judgment may be beyond the capability of the 
aircrew member, but protection of vital structures will 
aid in the recovery and ultimate function. A notable 
exception to “open treatment” is the early closure of 
facial wounds which interfere with breathing, eating, or 
drinking. Wounds, left open, heal by formation of infec- 
tion resistant granulation tissue (proud flesh). This tis- 
sue is easily recognized by its moist red granular appear- 
ance, a good sign in any wound. 


g. Dressings and Bandages. After cleansing, all 
wounds should be covered with a clean dressing. The 
dressing should be sterile; however, in the survival situ- 
ation, any clean cloth will help to protect the wound 
from further infection. A proper bandage will anchor 
the dressing to the wound and afford further protection. 
Bandages should be snug enough to prevent slippage, 
yet not constrictive. Slight pressure will reduce discom- 
fort in most wounds and help stop bleeding. Once in 
place, dressings should not be changed too frequently 
unless required, External soiling does not reduce the 
effectiveness of a dressing, and pain and some tissue 
damage will accompany any removal. In addition, 
changing dressings increases the danger of infection. 


h. Physiological “Logistics.” Despite all precautions, 
some degree of infection is almost universal in survival 
wounds. This is the primary reason for the “open” treat- 
ment advocated above. The human body has a tremen- 
dous capacity for combating infections if it is permitted 
to do so. The importance of proper rest and nutrition to 
wound healing and control of infection has been men- 
tioned. In addition, the “logistics” of the injured part 
should be improved. The injury should be immobilized 
in a position to favor adequate circulation, both to and 
from the wound. Avoid constrictive clothing or band- 
ages. Applying heat to an infected wound further aids in 
mobilizing local body defense measures. Lukewarm 
saltwater soaks will help draw out infection and pro- 
mote oozing of fluids from the wound, thereby remoy- 
ing toxic products. Poultices, made of clean clay, shred- 
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ded bark of most trees, ground grass seed, etc., do the 
same thing. 

i. Drainage. Adequate natural drainage of infected 
areas promotes healing. Generally, wicks or drains are 
unnecessary. On occasion, however, it may be better to 
remove an accumulation of pus (abscess) and insert 
light, loose packing to ensure continuous drainage. The 
knife or other instrument used in making the incision 
for drainage must be sterilized to avoid introducing oth- 
er types of organisms. The best way to sterilize in the 
field is with heat, dry or moist. 

j. Antibiotics. Antibiotics, when available, should be 
taken for the control of infection. Consensus is that the 
drug should be of the so-called “broad spectrum type;” 
that is, be effective against any micro-organisms rather 
than specific for just one or two types. The exact 
amount to be included in survival kits will vary with the 
drug and basic assumptions as to the number and types 
of infections to be expected. Remember that antibiotics 
are potency-dated items (shelf-life about 4 years), and 
including them in survival kits requires kit inspection 
and drug replacement with active medical stocks, 


k. Debridement. (The surgical removal of lacerated, 
devitalized, or contaminated tissue.) The debridement 
of severe wounds may be necessary to minimize infec- 
tion (particularly of the gas gangrene type) and to re- 
duce septic (toxic) shock. In essence, debridement is the 
removal of foreign material and dead or dying tissue. 
The procedure requires skill and should only be done by 
nonmedical personnel in case of dire emergency. If re- 
quired, follow these general rules. Dead skin must be 
cut away. Muscle may be trimmed back to a point 
where bleeding starts and gross discoloration ceases. Fat 
which is damaged tends to die and should be cut away. 
Bone and nerves should be conserved where possible 
and protected from further damage. Provide ample nat- 
ural drainage for the potentially infected wound and 
delay final closure of the wound. 

|. Burns: 

(1) Burns, frequently encountered in aircraft acci- 
dents and subsequent survival episodes, pose serious 
problems. Burns cause severe pain, increase the 
probability of shock and infection, and offer an avenue 
for the loss of considerable body fluids and salts. Direct 
initial treatment toward relieving pain and preventing 
infection. Covering the wound with a clean dressing of 
any type reduces the pain and chance for infection. 
Further, such protection enhances the mobility of the 
patient and the capability for performing other vital 
survival functions. In burns about the face and neck, 
ensure the victim has an open airway. If necessary, 
cricothyroidotemy should be done before the patient 
develops extreme difficulties. Burns of the face and 
hands are particularly serious in a survival situation as 
they interfere with the capability of survivors to meet 
their own needs. Soaking certain barks (willow, oak, 
maple} in water soothes and protects burns by astrin- 
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gent action. This is a function of the acid content of the 
bark used. 

(2) Maintenance of body fluids and salts is essential 
to recover from burns. The only way to administer 
fluids in a survival situation is by mouth; hence the 
casualty should ingest sufficient water early before the 
nausea and vomiting of toxicity intervenes. Consuming 
the eyes and blood (both cooked) of animals can help 
restore electrolyte levels if salt tablets are not available. 
NOTE: The survivor may also pack salt in personal 
survival kits to replace electrolytes (‘4 teaspoon per 
quart of water). 

m. Lacerations: Lacerations (cuts) are best left open 
due to the probability of infection. Clean thoroughly, 
remove foreign material, and apply a protective dress- 
ing. Frequently, immobilization will hasten the healing 
of major lacerations. On occasion (tactical), it may be 
necessary to close (cover} the wound, despite the danger 
of infection, in order to control bleeding or increase the 
mobility of the patient. If a needle is available, thread 
may be procured from parachute lines, fabric, or cloth- 
ing, and the wound closed by “suturing.” If suturing is 
required, place the stitches individually, and far enough 
apart to permit drainage of underlying parts. Do not 
worry about the cosmetic effect: just approximate the 
tissue. For scalp wounds, hair may be used to close after 
the wound is cleansed. Infection ts less a danger in this 
area due to the rich blood supply. 


n. Head Injuries. Injuries to the head pose additional 
problems related to brain damage as well as interfering 
with breathing and eating. Bleeding is more profuse in 
the face and head area, but infections have more diffi- 
culty in taking hold. This makes it somewhat safer to 
close such wounds earlier to maintain function. 
Cricothyroidotemy may be necessary if breathing be- 
comes difficult due to obstruction of the upper airways. 
In the event of unconsciousness, watch the patient 
closely and keep him or her still. Even in the face of 
mild or impending shock, keep the head level or even 
slightly elevated if there is reason to expect brain dam- 
age. Do not give fluids or morphine to unconscious 
persons. 

o. Abdominal Wounds. Wounds of the abdomen are 
particularly serious in the survival situation. Such 
wounds, without immediate and adequate surgery, have 
an extremely high mortality rate and render patients 
totally unable to care for themselves. If intestines are 
not extruded through the wound, a secure bandage 
should be applied to keep this from occurring. If intes- 
tine is extruded, do not replace it due to the almost 
certain threat of fatal peritonitis. Cover the extruded 
bowel with a large dressing and keep the dressing wet 
with any fluid that is fit to drink, or urine. The patient 
should lie on the back and avoid any motions that in- 
crease intra-abdominal pressure which might extrude 
more bowel. Keep the survivor in an immobile state or 
move on a litter. “Nature” will eventually take care of 


60 


the problem; either through death, or walling-off of the 
damaged area. 

p. Chest Injuries. Injuries of the chest are common, 
painful and disabling. Severe bruises of the chest or 
fractures of the ribs require that the chest be immobi- 
lized to prevent large painful movements of the chest 
wall. The bandage is applied while the patient deeply 
exhales. In the survival situation, it may be necessary 
for survivors to wrap their own chest. This is more 
difficult but can be done by attaching one end of the 
long bandage (parachute material) to a tree or other 
fixed object, hoiding the other end in the hand, and 
slowly rolling body toward the tree, keeping enough 
counterpressure on the bandage to ensure a tight fit. 

q. Sucking Chest Wounds. These wounds are easily 
recognized by the sucking noise and appearance of foam 
or bubbles in the wound. These wounds must be closed 
immediately before serious respiratory and circulatory 
complications occur. Ideally, the patient should at- 
tempt to exhale while holding the mouth and nose 
closed (Valsalva) as the wound is closed. This inflates 
the lungs and reduces the air trapped in the pleural 
cavity. Frequently, a taped, airtight dressing is all that is 
needed, but sometimes it is necessary to put in a stitch 
or two to make sure the wound is closed. 

r. Eye injuries. Eye injuries are quite serious in a 
survival situation due to pain and interference with oth- 
er survival functions. The techniques for removing for- 
eign bodies and for treating snow blindness are covered 
in standard first aid manuals. More serious eye injuries 
involving disruption of the contents of the orbit may 
require that the lids of the affected eye be taped closed 
or covered to prevent infection. 

s. Thorns and Splinters. Thorns and splinters are 
frequently encountered in survival situations. Reduce 
their danger by wearing gloves and proper footgear. 
Their prompt removal is quite important to prevent 
infection. Wounds made by these agents are quite deep 
compared to their width which increases chances of in- 
fection by those organisms (such as tetanus) which grow 
best in the absence of oxygen. Removal of splinters is 
aided by the availability of a sharp instrument (needle 
or knife), needle nose pliers, or tweezers. Take care to 
get all of the foreign body out; sometimes it is best to 
open the wound sufficiently to properly cleanse it and to 
allow air to enter the wound. When cleaned, treat as 
any other wound. 

t. Blisters and Abrasions. Care for blisters and abra- 
sions promptly. Foot care is extremely important in the 
survival situation. If redness or pain is noted, the survi- 
vor should stop (if at all possible) to find and correct the 
cause. Frequently, a protective dressing or bandage 
and(or) adhesive will be sufficient to prevent a blister. If 
a blister occurs, do not remove the top. Apply a sterile 
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(or clean) dressing. Small abrasions should receive at- 
tention to prevent infection. Using soap with a mild 
antiseptic will minimize the infection of small abrasions 
which may not come to the attention of the survivor. 

u. Insect Bites. Bites of insects, leeches, ticks, chig- 
gers, etc., pose several hazards. Many of these orga- 
nisms transmit diseases, and the bite itself is likely to 
become infected, especially if it itches and the survivor 
scratches it. The body should be inspected frequently 
for ticks, leeches, etc., and these should be removed 
immediately. If appropriate and possible, the survivor 
should avoid infested areas. These parasites can best be 
removed by applying heat or other irritant to them to 
encourage a relaxation of their hold on the host. Then 
the entire organism may be gently detached from the 
skin, without leaving parts of the head imbedded. Treat 
such wounds as any other wound. Applying cold wet 
dressings will reduce itching, scratching, and swelling. 


7-10. linesses. Many illnesses which are minor in a 
normal medical environment become major in a surviv- 
al situation when the individual is alone without medi- 
cations or medical care. Survivors should use standard 
methods (treat symptoms) to prevent expected diseases 
since treatment in a survival situation is so difficult. 
Key preventive methods are to maintain a current im- 
munization record, maintain a proper diet, and 
exercise. 

a. Food Poisoning. Food poisoning is a significant 
threat to survivors. Due to sporadic food availability, 
excess foods must be preserved and saved for future 
consumption. Methods for food preservation vary with 
the global area and situation. Bacterial contamination 
of food sources has historically caused much more diffi- 
culty in survival situations than the ingestion of so- 
called poisonous plants and animals. Similarly, dysen- 
tery or water-borne diseases can be controlled by proper 
sanitation and personal hygiene. 

b. Treatment of Food Poisoning. If the food poison- 
ing is due to preformed toxin; staphylococcus, botulism, 
etc. (acute symptoms of nausea, vomiting, and diarrhea 
soon after ingestion of the contaminated food), support- 
ive treatment is best. Keep the patient quiet and lying 
down, and ensure the patient drinks substantial quanti- 
ties of water. If the poisoning is due to ingestion of 
bacteria which grow within the body (delayed gradual 
onset of same symptoms), take antibiotics (if available). 
In both cases, symptoms may be alleviated by frequent- 
ly eating small amounts of fine, clean charcoal. In PW 
situations, if chalk is available, reduce it to powder, and 
eat to coat and soothe the intestines. Proper sanitation 
and personal hygiene will help prevent spreading infec- 
tion to others in the party or continuing reinfection of 
the patient. 
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Chapter 8 


PW MEDICINE 


8-1. Introduction: 

a. Imprisoned PWs are, in the physical sense at least, 
under the control of their captors. Thus, the application 
of survival medicine principles will depend on the 
amount of medical service and supplies the captors can, 
and will, give to their prisoners. An enemy may both 
withhold supplies and confiscate survivor’s supplies. 
Some potential enemies (even if they wanted to provide 
PW medical support) have such low standards of medi- 
cal practice that their best efforts could jeopardize the 
recovery of the patient (figure 8-1). 

b. An interesting and important sociological problem 
arises in getting medical care for PWs. How far should 
prisoners go in their efforts to get adequate rations and 
medicines for themselves or those for whom they are 
responsible? The Code of Conduct is quite specific con- 
cerning consorting with the enemy. Individuals must 
use considerable judgment in deciding whether to forget 
the welfare of fellow prisoners in order to follow the 
letter of the Code. Even more questionable is the indi- 
vidual who will offer such a justification for personal 
actions, Again, these questions involve more than pure- 
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Figure 8-1. PW Medicine. 


ly medical consideration. In combat, there are apt to be 
frequent situations in which medical considerations are 
outweighed by more important ones. 


8-2. History: 


a. As in past wars, there were professional medical 
personnel among the captives in North Vietnam; how- 
ever, these personnel were not allowed to care for the 
sick and injured as in the past. Medical care and assis- 
tance from the captors were limited and generally below 
comparable standards of the United States. Yet 566 
men returned, most in good physical and psychological 
condition, having relied to a large extent on their own 
ingenuity, knowledge, and common sense in treating 
wounds and diseases. They were able to recall child- 
hood first aid, to learn by trial and error, and to use 
available resources. Despite their measures of success in 
this respect, many released personnel felt that with 
some prior training, considerable improvement in self- 
help techniques was possible even in the most primitive 
conditions. 
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b. To determine how the services could help and to 
assist future PWs to care for themselves if the situation 
required it, the Medical Section of the Air Force Intelli- 
gence Service, with the Surgeon General of the Air 
Force, sponsored a 5-day seminar to examine the perti- 
nent medical experiences of captivity and to recom- 
mend appropriate additions and changes in training 
techniques. As a basis for seminar discussion, Air Train- 
ing Command provided data on the major diseases, 
wounds, and ailments, and the treatment methods used 
by the captives in Southeast Asia. Transcripts (325) of 
debriefing material were screened for medical data. Sig- 
nificant disease categories were established for analysis 
simplification based on the freqency of the problems 
encountered. 


PROBLEMS MAJOR 
CATEGORIES ESTAB- 
LISHED 

Dysentery Trauma (lacerations, 
burns, fractures) 

Fungus Gastrointestinal 
problems 

Dental problems Communicable diseases 


Intestinal problems Nutritional diseases 


Fractures Dermatological ail- 
ments 
Lacerations Dental problems 


Respiratory ailments 


Burns 


In examining these major categories, attention was fo- 
cused on those medical problems considered significant 
by the prisoners themselves in evaluating their primi- 
tive practices (self-help). 


8-3. Trauma: 

a. Most of the prisoners began their captivity experi- 
ence with precapture injuries—burns, wounds, frac- 
tures, and lacerations, Other injuries were the result of 
physical abuse while a prisoner. Most of these individu- 
als, upon their return, expressed a need to know more 
about managing their injuries in captivity and also what 
to expect about the long-term effects of injuries. It was 
not evident to them that the practice of a few simple 
rules will generally lead to acceptable results in wound 
treatment, and that much can be done after repatriation 
to correct cosmetic and functional defects. 

b. The groundwork for management of injuries 
should begin well before an individual enters the captiv- 
ity or survival environment. The treatment of injuries 
in survival or captivity depends primarily on providing 
the body the best possible circumstances to “repair it- 
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self.” It is vital, therefore, to have the body in the best 
possible physical condition before exposure to survival 
or captivity. This means good cardiovascular condition- 
ing, good muscle strength and tone, and good nutrition- 
al status. Physiological and nutritional status will mark- 
edly influence the rate and degree of healing in response 
to injury. The opportunity for maintaining the best pos- 
sible physical conditioning and nutritional status in cap- 
tivity will be greatly reduced. (Once in a captivity or 
survival setting, it is important to do everything possi- 
ble to maintain a good physiological and nutritional 
status.) 


8-4. Gastrointestinal Problems: 

a. Diarrhea. This was a common ailment in the prison 
environment, not only in Vietnam, but also in WW II 
and Korea. It plagued the forces of North Vietnam and 
the allied forces. This was the second most frequent 
malady afflicting the Viet Cong forces. The causative 
factors of this almost epidemic state were varied. A 
variety of infectious agents gaining access to the body 
by use of contaminated food and water certainly con- 
tributed to the problem. Equally important as causative 
agents were the low level of sanitation and hygiene prac- 
tices within the camps. Psychogenic responses to unap- 
petizing diet, nutritional disturbances, and viral mani- 
festations also contributed. 

(1) Captor Therapy. This consisted primarily of lo- 
cal or imported antidiarrheal agents, antibiotics, and 
vitamins. Appropriate diet therapy was instituted. 

(2) Captive Self-Therapy. After instituting diet re- 
strictions (solid food denial and increased liquid in- 
take), afflicted personnel were administered “concoc- 
tions” of banana skins, charcoal, chalk, or tree bark tea. - 

(3) Treatment Evaluation. The accepted therapy for 
diarrhea focuses on the causative factors which in the 
captivity experience were largely neglected. From a 
symptomatic perspective, the principles of self-treat- 
ment are simple to master: restrict intake to nonirritat- 
ing foods (avoid vegetables and fruits), establish hygien- 
ic standards, increase fluid intake, and, when available, 
use antidiarrheal agents. The prisoners often resorted to 
a more exotic therapeutic regimen consisting of banana 
skins, charcoal, chalk, salt restriction, rice, or coffee. 
Charcoal, chalk, and the juice of tree barks have a scien- 
tific basis for their therapeutic success. Inasmuch as di- 
arrhea was a source of concern and a disability for the 
North Vietnamese as well as the captives, therapy was 
often offered on request and was appropriate and 
successful. 

(4) Conclusion. Diarrhea was frequent among PWs 
during captivity. Seldom fatal, it was disabling and a 
source of concern to those afflicted. Most captives were 
treated on demand and improved. This condition lends 
itself to some form of self-therapy through an under- 
standing of its physiological derangements. The PW re- 
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sponded with intelligence, common sense, and a reason- 
ably effective self-help regimen. 

b. Bysentery. From a symptomatic perspective, dys- 
entery is a severe form of diarrhea with passage of mu- 
cous and blood. Treatment and conclusions are similar 
to those for diarrhea. 


c. Worms and Intestinal Parasites. Worms were ex- 
tremely common among the captives. Twenty-eight per- 
cent of the released prisoners indicated worms as a sig- 
nificant medical problem during captivity. Worms often 
caused gastrointestinal problems similar to those result- 
ing from a variety of other causes. The pin worm ap- 
pears to have been the primary cause. This is not sur- 
prising, as its distribution is worldwide and the most 
common cause of helminthic infection of people in the 
United States. It requires no intermediate host; hence, 
infection is more rapidly acquired under poor hygienic 
conditions so commonly found in warm climates and 
conditions similar to the captivity environment. Seldom 
fatal, worms are significant, as they can lower the gener- 
al resistance of the patient and may have an adverse 
affect on any intercurrent illness. 

{1) Captor Therapy. This consisted of antihelmin- 
thie agents (worm medicine) dispensed without regular- 
ity, but with satisfactory results. 

(2) Captive Therapy. The nuisance and irritating 
aspects of worms led to severe rectal itching, insomnia, 
and restlessness. This motivated the prisoner to find 
some form of successful self-therapy. Prevention was a 
simple and readily obtainable goal. Shoes were worn 
when possible; hands were washed after defecation; and 
fingernails were trimmed close and frequently. Peppers, 
popular throughout the centuries in medicine, contain 
certain substances chemically similar to morphine. 
They are effective as a counter-irritant for decreasing 
bowel activity. Other “house remedies” popular among 
the captives included drinking saltwater (a glass of 
water with 4 tablespoons of salt added), eating tobacco 
from cigarettes (chewing up to two or three cigarettes 
and swallowing them), and infrequently drinking vari- 
ous amounts of kerosene. All of these remedies have 
some degree of therapeutic effectiveness, but are not 
without danger and therefore deserve further comment. 
Saltwater alters the environment in the gastrointestinal 
tract and can cause diarrhea and vomiting. Too large an 
amount can have harmful effects on body fluid mecha- 
nisms and can lead to respiratory complications and 
death. Tobacco contains nicotine and historically was 
popular in the 19th century as an emetic expectorant 
and was used for the treatment of intestinal parasites. 
Nicotine is, however, one of the most toxic of all drugs 
and can cause death when more than 60 mg is ingested. 
A single cigarette contains about 30 mg of nicotine, so 
the captives who ate two or more cigarettes had been 
using a cure more dangerous than the disease. Kerosene 
is also toxic with 3 to 4 ounces capable of causing death. 
It is particularly destructive to the lungs and if through 
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vomiting it were to make its way into the trachea and 
eventually the lungs, the complications would then 
again be far worse than the presence of worms. 

(3) Treatment Evaluation. The antihelminthics 
therapy used by the captors was extremely effective. The 
problem during confinement was the nonavailability of 
such medication on demand. In addition, the inability 
to practice proper hygienic standards assured the con- 
tinuation of, and reinfection with, worms. 

(4) Conciusion. Worm infection in confinement is 
common and expected. It is seldom fatal, but contrib- 
utes to general disability and mental depression due to 
its nuisance symptoms. Under certain circumstances, 
worms can assist in the spread of other diseases. The 
principle to follow in self-care is simple—use as high a 
hygienic standard as possible, and use medication caus- 
ing bowel paristalsis and worm expulsion. Substances 
which interfere with the environment of the worms will 
aid in their expulsion. The toxic “house remedies” must 
be weighed against their possible complications. 


8-5. Hepatitis. Infection of the liver was fairly common 
in some camps and present among the prison popula- 
tion throughout the captivity experience. Diagnosis was 
usually made on the basis of change of skin color to 
yellow (jaundice). 

a. Captor Treatment. The Vietnamese seemed to 
have followed the standard therapy of rest, dietary man- 
agement, and vitamin supplementation. They also dis- 
played a heightened fear of the disease and avoided 
direct contact, when possible, with those afflicted. 

b. Captive Therapy. For the most part, it parallels the 
therapy of the captors. This disease allows for little inge- 
nuity or inventiveness of therapy. 

c. Comments. Hepatitis is worldwide. Presumably 
most cases of hepatitis in captivity were viral in origin 
and easily disseminated to fellow prisoners. Conditions 
of poor sanitation and hygiene with close communal 
living foster its spread. Prevention through proper hy- 
gienic practices is the most effective tool. Equally im- 
portant is an understanding of the disease characteris- 
tics. The majority of the cases recovered completely and 
less than | percent succumbed to this disease. 


8-6. Nutritional Deficiencies. Symptoms attributed to 
malnutrition were frequent in the early years of confine- 
ment and continued up through 1969, The use of pol- 
ished rice and the lack of fresh fruits and vegetables 
contributed to vitamin and protein deficiencies. From 
1969 through 1973, food supplements were provided, 
and by release time, few obvious manifestations of dis- 
eases were present among those returning. The primary 
probiems during the early years were vitamin 
deficiencies, 

a. Vitamin B Deficiency (Beri-Beri). Presumably pres- 
ent among several] PWs (especially those confined to the 
Briarpatch (Xom Ap Lo) about 15 miles west of 
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Sontay), it was rarely diagnosed on return. Its primary 
manifestation was pain in the feet described by the cap- 
tives as “like a minor frostbite that turned to shooting 
pains.” 

(1) Captor Therapy. Prisoners were treated with 
vitamin injections and increased caloric content. 

(2) Captive Therapy. Increasing caloric intake by 
eating anything of value. No specific self-care program 
existed for this malady. 

(3) Comments. Beri-beri is a nutritional disease re- 
sulting from a deficiency of vitamin B (Thiamine). It is 
widespread in the Orient and in tropical areas where 
polished rice is a basic dietary staple. Of the various 
forms of the disease, dry beri-beri would seem most 
important to the confinement condition. Early signs and 
symptoms of the disease include muscle weakness and 
atrophy, loss of vibratory sensation over parts of the 
extremities, numbness, and tingling in the feet. From 
the comments of the PWs, it is difficult to formulate a 
diagnosis. Modern therapy consists of vitamin B or 
sources of the vitamin in food (such as green peas, cere- 
al grains, and unpolished rice). 

(4) Conclusion. In Vietnam, the possible early onset 
of the dry form of beri-beri was encountered. This is 
supported by the symptoms described and by the exis- 
tence of dietary shortages of vitamin B and other nutri- 
tional deficiency. 

b. Vitamin A Deficiency. There were several reported 
cases of decreased vision (primarily at night) attributed 
to vitamin A deficiency. This problem usually occurred 
during periods of punishment or politically provoked 
action when food was withheld as part of the discipline. 
The condition responded well to increased caloric in- 
take and deserves little special mention. An understand- 
ing of the transient nature of this problem and its reme- 
dial response to therapy is important. 


8-7. Communicable Diseases. Some communicable 
diseases were endemic in North Vietnam and certainly 
responsible for large scale disability among the person- 
nel of the enemy forces. Plague, cholera, and malaria 
are frequent and a serious public health menace. 
Thanks to the immunization practices of the American 
forces, these diseases were of little concern to Ameri- 
cans during their captivity. 


8-8. Skin Diseases: 

a. Lesions. Dermatological lesions were common to 
the various prison experiences. Their importance lies 
not in their lethality (as they apparently did not cause 
any deaths), but for their irritant quality and the 
debilitating and grating effect on morale and mental 
health. Boils, fungi, heat rash, and insect bites appeared 
frequently and remained a problem throughout the cap- 
tivity experience. 


AFR 64-4 Vol | 15 July 1985 
b. Boils and Blisters. A deep-seated infection usually 

involves the hair follicles and adjacent subcutaneous 

tissue, especially parts exposed to constant irritation. 

(1) Captor Treatment. Prisoner complaints about 
the presence of boils usually brought about some action 
by the captors. Treatment varied considerably and obvi- 
ously depended on the knowledge of medics, doctors 
treating their prisoners, the availability of medical sup- 
plies, and the current camp policy. For the most part, 
systemic antibiotics, sulfa, and tetracycline were admin- 
istered. In other instances, the boils were lanced or ex- 
cised and treated with topical astringents. 

(2) Captive Treatment. As the medics normally re- 
sponded to pleas about boils, self-treatment was prac- 
ticed primarily when there was distrust of captor tech- 
niques. Prisoners would attempt to lance the boil with 
any sharp instrument such as needle, wire, splinters, 
etc., and exude their contents by applying pressure. The 
area was then covered with toothpaste and, when avail- 
able, iodine. 

(3) Comments. As noted above, the boil is an infec- 
tion of hair follicles. It is more frequent in warm weath- 
er and aggravated by sweat which provides ideal condi- 
tions for the bacteria. Boils seldom appear singularly. 
Once present, they are disseminated by fingers, clothing, 
and discharges from the nose, throat, and groin. Mod- 
ern therapy consists of hot compresses to hasten local- 
ization, and then conservative incision and drainage. 
Topical antibiotics and systemic antibiotics are then 
used. Boils increase in frequency with a decrease in 
resistance as seen in malnutrition and exhaustion states 
in a tropical environment. This almost mimics the pris- 
on conditions. 

(4) Conclusions. Self-help treatment is limited. Of 
importance here is sterility when handling the boils, 
cleanliness, exposure to sunlight, keeping the skin dry, 
and getting adequate nutrition. The disease is se!f-limit- 
ing and not fatal. The application of any material or 
medication with a detergent effect may be used (soaks in 
saline, soap, iodine, and topical antibiotics). 


8-9. Fungal Infections. Fungal infections were also a 
common skin problem for those in Southeast Asia cap- 
tivity. As with other skin lesions, they are significant for 
their noxious characteristics and weakening effect on 
morale and mental health, Superficial fungal infections 
of the skin are widespread throughout the world. Their 
frequency among PWs reflects the favorable circum- 
stances of captivity for cultivating fungal infections. 

a. Captor Therapy. Treatment consisted of medica- 
tion described by many P'Ws as iodine and the occasion- 
al use of sulfa powder. 

b. Captive Therapy. Treatment {often the result of 
memory of childhood experiences and trial and error 
observations) consisted of the removal of body hair (to 
prevent or improve symptoms in the case of heat rash), 
exposure to sunlight to dry out fungal lesions, and de- 
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velopment of effective techniques to foster body cooling 
and to decrease heat generation. Considerable effort was 
directed at keeping the body clean. 

c. Comments. Superficial Dermatoses (skin lesions) 
due to fungi were common. Their invasive powers are at 
best uniformly weak, and because of this, infections are 
limited to the superficial portions of the skin and sel- 
dom by themselves fatal. Modern therapy since 1958 
has relied heavily on an oral antifungal agent effective 
against many superficial fungi. This drug is expensive 
and not available in many parts of the world. Several 
lotions and emulsions can be used with some success. 
Elemental iodine is widely used as a germicide and fun- 
gicide. It is an effective antiseptic and obviously found 
favor in North Vietnam because of its availability. 
Without professional therapy, self-help, although limit- 
ed in scope, can be effective. The principle of wet soaks 
for dry lesions and dry soaks for wet lesions is a fairly 
reliable guide. The use of the Sun as a drying agent can 
also be very effective. 

d. Conclusions. Skin problems are common to the 
captivity environment. More importantly, extreme per- 
sonal discomfort, accompanied by infection, was detri- 
mental to the physical and mental well-being of the 
prisoner. 


8-10. Dental Problems. These were common among all 
captives, not only during confinement, but also before 
capture. They were secondary to facial injury during 
egress, or caused by physical abuse during interrogation. 
Periodontitis (inflammation of tissue surrounding the 
tooth), pyorrhea (discharge of pus), and damage to teeth 
consistent with poor hygiene and “wear and tear” were 
also present. 

a. Specific Complaints. Pain associated with the 
common toothache represented one of the most distres- 
sing problems faced by the PW. It affected the PW’s 
nutrition and robbed the PW of the physical pleasure of 
eating (a highlight of isolated captivity). The inability of 
the PW to adequately deal with this problem caused 
persistent anxiety and decreased the ability to practice 
successful resistance techniques. In a few isolated in- 
stances, PWs actually considered collaboration with the 
captors in exchange for treatment and relief from tooth 
pain. 

b, Captor Treatment. Treatment varied considerably 
and was no doubt influenced by political considera- 
tions. “Dentists” were infrequently available in camps 
before 1969. Cavities were filled, although usually inad- 
equately, with subsequent loss of the filling. Use of local 
anesthesia also varied depending on the dentist provid- 
ing care. 

c. Captive Therapy. The PWs often chose to treat 
themselves rather than seek or accept prison dentistry 
when it was available. Abscesses were lanced with sharp 
instruments made locally out of wood, bamboo, or 
whatever was available. Brushing was excessive, again 
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using whatever was available; chew sticks common to 
Asia were widely used. Aspirin (ASA), when available, 
was applied directly to the tooth or cavity. 

d. Commentary. The self-help practices noted above 
had many positive aspects. The basic principle of main- 
taining a well-planned cleaning program using fiber, 
brushes, or branches certainly contributed to the rela- 
tively low incidence of cavities and infection among the 
prisoners. The lancing of abscesses using bamboo sticks, 
although not a professional maneuver, has merit insofar 
as the pressure is relieved and the tendency to develop 
into cellulitis (widespread infection) decreased. The ap- 
plication of aspirin directly into the cavity should be 
discouraged as might the application of any other sub- 
stance not directly produced for this purpose. 

e. Conclusions. The most effective tool against dental 
complications in captivity is proper preventive dentist- 
ry. The present program of the three services, if adhered 
to, is adequate to ensure a high state of dental hygiene 
while captive. 


8-11. Burns. Burns were an extremely frequent injury 
among PWs. Severity ranged from first through third 
degree and occurred frequently on hands and arms. 

a. Captor Treatment. For the most part, burns were 
treated by captors by cleaning the burns and applying 
antiseptics and bandages. The results obtained were, by 
and large, inadequate, with frequent infections and 
long-term debilitation. 

b. Captive Treatment. No specific treatment was de- 
veloped among the PWs for burns. Reliance for some 
form of therapy was almost completely left to the 
captor. 

c. Commentary. Burns are extremely painful and can 
severely interfere with the ability to escape or to survive 
in captivity. The basic principle here is prevention. 

d. Prevention. Adequate protection of exposed sur- 
faces while flying (flame-retardant suits, gloves, boots, 
and helmet with visor down) is the best preventive 
action. 


8-12. Lacerations and Infections: 

a. Treatment. Captor treatment for lacerations and 
infections reflected the medical standards in North Vi- 
etnam and their domestic priorities. Wound and infec- 
tion treatment varied considerably from being adequate 
to substandard and malpracticed. Obviously, the availa- 
bility of trained physicians, a changing political climate, 
and difficulty in obtaining sophisticated medical sup- 
plies and equipment dictated and influenced the quality 
of the care delivered. The prisoners could do little pro- 
fessionally with this type of injury. As with diseases, the 
maintenance of good nutritional standards, cleanliness, 
and “buddy self-care” were the basic treatments. 

b. Comments. When soft tissue is split, torn, or cut, 
there are three primary concerns—bleeding, infection, 
and healing of the wound. 
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(1) Bleeding is the first concern and must be con- 
trolled as soon as possible. Most bleeding can be con- 
trolled by direct pressure on the wound and that should 
be the first treatment used. If that fails, the next line of 
defense would be the use of classic pressure points to 
stop hemorrhaging. And the last method for controlling 
hemorrhage would be the tourniquet. The tourniquet 
should be used only as a last resort. Even in more 
favorable circumstances where the tourniquet can be 
applied as a first aid measure and left in place until 
trained medical personnel remove it, the tourniquet 
may result in the loss of the limb. The tourniquet should 
be used only when all other measures have failed, and it 
is a life and death matter. To control bleeding by direct 
pressure on the wound, sufficient pressure must be ex- 
erted to stop the bleeding, and that pressure must be 
maintained long enough to “seal off” the bleeding sur- 
faces. Alternate pressing and then releasing to see if the 
wound is still bleeding is not desirable. It is best to 
apply the pressure and keep it in place for up to 20 
minutes. Oozing blood from a wound of an extremity 
can be slowed or stopped by elevating the wound above 
the level of the heart. 


(2) The next concern is infection. In survival or 
captivity, consider all breaks in the skin due to mechan- 
ical trauma contaminated, and treat appropriately. 
Even superficial scratches should be cleaned with soap 
and water and treated with antiseptics, if available. An- 
tiseptics should generally not be used in wounds which 
go beneath the skin’s surface since they may produce 
tissue damage which will delay healing. Open wounds 
must be thoroughly cleansed with boiled water. Bits of 
debris such as clothing, plant materials, etc., should be 
rinsed out of wounds by pouring large amounts of water 
into the wounds and ensuring that even the deepest 
parts are clean. In a fresh wound where bleeding has 
been a problem, care must be taken not to irrigate so 
vigorously that clots are washed away and the bleeding 
resumes, Allow a period of an hour or so after the bleed- 
ing has been stopped before beginning irrigation with 
the boiled water. Begin gently at first, removing un- 
healthy tissue, increasing the vigor of the irrigation over 
a period of time. If the wound must be cleaned, use 
great care to avoid doing additional damage to the 
wound. The wound should be left open to promote 
cleansing and drainage of infection. In captivity, fre- 
quently deep open wounds will become infested with 
maggots. The natural tendency is to remove these mag- 
gots, but actually, they do a good job of cleansing a 
wound by removing dead tissue. Maggots may, howev- 
er, damage healthy tissue when the dead tissue is re- 
moved. So the maggots should be removed if they start 
to affect healthy tissue. Remember that it is imperative 
that the wound be left open and allowed to drain. 

(3) An open wound will heal by a process known as 
secondary intention or granulation. During the healing 
phase, the wound should be kept as clean and dry as 
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possible. For protection, the wound may be covered 
with clean dressings to absorb the drainage and to pre- 
vent additional trauma to the wound. These dressings 
may be loosely held in place with bandages (clean para- 
chute material may be used for dressings and bandages). 
The bandages should not be tight enough to close the 
wound or to impair circulation. At the time of dressing 
change, boiled water may be used to gently rinse the 
wound. The wound may then be air dried and a clean 
dressing applied. (The old dressing may be boiled, 
dried, and reused.) Nutritional status is interrelated 
with the healing process, and it is important to consume 
all foods available to provide the best possible opportu- 
nity for healing. 

c. Conclusions. Obviously the PW is at a distinct 
disadvantage in treating wounds, lacerations, and infec- 
tions without modern medicine. Yet, knowledge of the 
basic principles mentioned above, locally available 
equipment and resources, and optimism and common 
sense can help a survivor to maintain life. 


8-13. Fractures and Sprains. Fractures and sprains oft- 
en occurred during shootdown and(or) egress from the 
aircraft. They also occurred during evasion attempts. 

a. Captor Treatment. As with other treatment, treat- 
ment of sprains and fractures varied considerably de- 
pending on the severity of the injury and the resources 
available for treatment. Even after immediate treatment 
or surgical procedures, there was little followup therapy. 
Prisoners were usually returned to camp to care for 
themselves or to rely on the help of fellow prisoners. 

b. Captive Treatment. Captive therapy was primarily 
that of helping each other to exercise or immobilize the 
injured area, and in severe cases, to provide nursing 
care. 

c. Comments: 

(1) An acute nonpenetrating injury to a muscle or 
joint can best be managed by applying cold as soon as 
possible after the injury. Icepacks or cold compresses 
should be used intermittently for up to 48 hours follow- 
ing the injury. This will minimize hemorrhage and disa- 
bility. Be careful not to use snow or ice to the point 
where frostbite or cold injury occurs. As the injured part 
begins to become numb, the ice should be removed to 
permit rewarming of the tissues. Then the ice can be 
reapplied. Following a period of 48 to 72 hours, the cold 
treatment can be replaced by warm packs to the affected 
part. A “sprain or strain” may involve a wide variety of 
damage ranging from a simple bruise to deep hemor- 
rhage or actual tearing of muscle fibers, ligaments, or 
tendons. While it is difficult to establish specific guide- 
lines for treatment in the absence of a specific diagnosis, 
in general, injuries of this type require some period of 
rest (immobilization) to allow healing. The period of 
rest is followed by a period of rehabilitation (massage 
and exercise) to restore function. For what appears to be 
a simple superficial muscle problem, a period of 5 to 10 
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days rest followed by a gradual progressive increase in 
exercise is desirable. Pain should be a limiting factor. If 
exercise produces significant pain, the exercise program 
should be reduced or discontinued. In captivity, it is 
probably safest to treat severe injuries to a major joint 
like a fracture with immobilization (splint, cast) for a 
period of 4 to 6 weeks before beginning movement of 
the joint. 


(2) Bone fractures are of two general types, open 
and closed. The open fracture is associated with a break 
in the skin over the fracture site which may range all the 
way from a broken bone protruding through the skin to 
a simple puncture from a bone splinter. The general 
goals of fracture management are: restore the fracture to 
a functional alignment; immobilize the fracture to per- 
mit healing of the bone; and rehabilitation. Restoring or 
reducing the fracture simply means realigning the pieces 
of bones, putting the broken ends together as close to 
the original position as possible. The natural ability of 
the body to heal a broken bone is remarkable and it is 
not necessary that an extremity fracture be completely 
straight for satisfactory healing to occur. In general, 
however, it is better if the broken bone ends are approx- 
imated so that they do not override. Fractures are al- 
most always associated with muscle spasms which be- 
come stronger with time. The force of these muscle 
spasms tends to cause the ends of the broken bones to 
override one another, so the fracture should be reduced 
as soon as possible. To overcome the muscle spasm, 
force must be exerted to reestablish the length of the 
extremity. Once the ends of the bone are realigned, the 
force of the muscle spasm tends to hold the bones to- 
gether. At this point, closed fractures are ready to be 
immobilized, but open fractures require treatment of 
the soft tissue injury in the manner outlined earlier. In 
other words, the wound must be cleansed and dressed, 
then the extremity should be immobilized. The immo- 
bilization preserves the alignment of the fracture and 
prevents movement of the fractured parts which would 
delay healing. For fractures of long bones of the body, it 
becomes important to immobilize the joints above and 
below the fracture site to prevent movement of the bone 
ends. In a fracture of the mid forearm, for example, 
both the wrist and the elbow should be immobilized. In 
immobilizing a joint, it should be fixed in a “neutral” or 
functional position. That is, neither completely straight 
nor completely flexed or bent, but in a position about 
midway between. In splinting a finger, for example, the 
finger should be curved to about the same position the 
finger would naturally assume at rest. 


(3) A splint of any rigid material such as boards, 
branches, bamboo, metal boot insoles, or even tightly 
rolled newspaper may be almost as effective as plaster 
or mud casts. In conditions such as continuous exposure 
to wetness, the splint can be cared for more effectively 
than the plaster or mud cast. In cases where there is a 
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soft tissue wound in close proximity to the fracture, the 
splint method of immobilization is more desirable than 
a closed cast because it permits change of dressing, 
cleaning, and monitoring of the soft tissue injury. The 
fracture site should be loosely wrapped with parachute 
cloth or soft plant fibers; then the splints can be tied in 
place extending at least the entire length of the broken 
bone and preferably fashioned in such a way as to im- 
mobilize the joint above and below the fracture site. 
The splints should not be fastened so tightly to the ex- 
tremity that circulation is impaired. Since swelling is 
likely to occur, the bindings of the splint will have to be 
loosened periodically to prevent the shutting off of the 
blood supply. 


(4) The time required for immobilization to ensure 
complete healing is very difficult to estimate. In captivi- 
ty, it must be assumed that healing time will, in general, 
be prolonged. This means that for a fracture of the up- 
per extremity of a “nonweight-bearing bone,” immobili- 
zation might have to be maintained for 8 weeks or more 
to ensure complete healing. For a fracture of the lower 
extremity or a “weight-bearing bone,” it might require 
10 or more weeks of immobilization. 


(5) Following the period of immobilization and 
fracture healing, a program of rehabilitation is required 
to restore normal functioning. Muscle tone must be 
reestablished and the range of motion of immobilized 
joints must be restored. In cases where joints have been 
immobilized, the rehabilitation program should be 
started with “passive range of motion exercises.” This 
means moving the joint through a range of motion with- 
out using the muscles which are normally used to move 
that joint. For example, if the left wrist has been immo- 
bilized, a person would begin the rehabilitation pro- 
gram by using the right hand to passively move the left 
wrist through a range of motion which can be tolerated 
without pain. When some freedom of motion of the 
joint has been achieved, the individual should begin 
actively increasing that range of motion using the mus- 
cles of the joint involved. Do not be overly forceful in 
the exercise program—use pain as a guideline—the ex- 
ercise should not produce more than minimal discom- 
fort. Over a period of time, the joint movement should 
get progressively greater until the full range of motion is 
testored. Also, exercises should be started to restore the 
tone and strength of muscles which have been immobi- 
lized. Again, pain should be the limiting point of the 
program and progression should not be so rapid as to 
produce more than a minimal amount of discomfort. 


8-14. Summary. Common sense and basic understand- 
ing of the type of injuries are most helpful in avoiding 
complication and debilitation. Adequate nourishment 
and maintenance of physical condition will materially 
assist healing of burns, fractures, lacerations, and other 
injuries—the body will repair itself. 


8-15. Conclusions. In the management of trauma and 
burns in captivity or survival, remember that the body 
will do the healing or repair, and the purpose of the 
“treater” is to provide the body with the best possible 
atmosphere to conduct that self-repair. Some general 
principles are: 

a. Be in the best possible physical, emotional, and 
nutritional status before being exposed to the potential 
survival or captivity setting. 

b. Minimize the risk of injury at the time of survival 
or captivity by following appropriate safety procedures 
and properly using protective equipment. 

c. Maintain the best possible nutritional status while 
in captivity or the survival setting. 
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d. Don’t overtreat!!! Overly vigorous treatment can 
do more harm than good. 

e. Use cold applications for relief of pain and to mini- 
mize disability from burns and soft tissue strains or 
sprains. 

f. Clean all wounds by gentle irrigation with large 
amounts of the cleanest water available. 

g. Leave wounds open. 

h. Splint fractures in a functional position. 

i. After the bone has healed, begin an exercise pro- 
gram to restore function. 

j. Remember that even improperly healed wounds or 
fractures may be improved by cosmetic or rehabilitative 
surgery and treatment upon rescue or repatriation. 
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Part Four 


FACTS AND CONDITIONS AFFECTING A SURVIVOR 


Chapter 9 


WEATHER 


9-1. Introduction. History records many attempts by 
people of ancient cultures to understand the heavens. In 
the primitive past, the ability to predict weather was of 
primary importance. It was by observing the stars and 
other celestial bodies that these early societies could 
predict the coming of the seasons and therefore the 
weather patterns that played such a large role in their 
survivability. When people today are forced to live 
under the primitive conditions of a survival situation, 
they are no different from those who have struggled 
before them against those same conditions. 


STRATOSPHERE 





Figure 9-1. Structure of the Atmosphere. 


9-2. Knowledge of Weather. However, today’s partici- 
pants in the age old struggle against nature must (out of 
necessity) still be concerned with the effect of weather. 


It is still true that weather cannot be controlled, but the 
person who is prepared (through knowledge) will be 
more successful. 

a. Weather is not the same as climate. Weather is the 
state of the atmosphere, with respect to wind, tempera- 
ture, cloudiness, moisture, pressure, humidity, etc. Cli- 
mate, on the other hand, is the type of weather condi- 
tion generally prevailing over a region throughout the 
year, averaged over a series of years. 

b. The atmosphere extends upward from the surface 
of the Earth for a great many miles, gradually thinning 
as it approaches its upper limit. Near the Earth’s sur- 
face, the air is relatively warm due to contact with the 
Earth. As altitude increases, the temperature decreases 
by about 3.5°F for every 1,000 feet until air tempera- 
ture reaches about 67°F below zero at 7 miles above the 
Earth. 

c. To understand where the weather patterns origi- 
nate, a brief familiarization of the “layers” or structure 
of the atmosphere is needed (figure 9-1). The atmos- 
phere is divided into two layers. The upper layer is the 
“stratosphere” where the temperature remains constant. 
The lower layer is the “troposphere” where the tempera- 
ture changes. Nearly all weather occurs in this lower 
layer which begins at the Earth’s surface and extends 
upwards for 6 to 10 miles. 


9-3. Elements Affecting Weather. Weather conditions 
in the troposphere and on the Earth are affected by four 
elements: temperature, air pressure, wind, and 
moisture, 

a. Temperature is the measure of the warmth or cold- 
ness of an object or substance and, for this discussion, 
the various parts of the atmosphere. The sunlight enter- 
ing the atmosphere reaches the Earth’s surface and 
warms both the ground and the seas. Heat from the 
ground and the seas then warms the atmosphere. The 
atmosphere absorbs the heat and prevents it from es- 
caping into space. This process is called the greenhouse 
effect because it resembles the way a greenhouse works. 
Once the Sun sets, the ground cools more slowly than 
the air because it is a better conductor of heat. At night 
the ground is warmer than the air, especially under a 
clear dry sky. The ground cools more slowly than the 
humid nights. Temperature changes near the ground for 
other reasons. Dark surfaces are warmer than light- 
colored surfaces. Evening air settles in low areas and 
valleys creating spots colder than higher elevations. 
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Figure 9-2. Air Pressure. 


Seas, lakes, and ponds retain heat and create warmer 
temperatures at night near shore. The opposite is true 
during the day, especially in the spring when lakes are 
cold. On the beach, daytime temperatures will be cooler 
than the temperatures on land further from shore. 
Knowing this will help determine where a survivor 
should build a shelter. 

b. Air pressure is the force of the atmosphere pushing 
on the Earth. The air pressure is greatly affected by 
temperature. Cool air weighs more than warm air. As a 
result, warm air puts less pressure on the Earth than 
does cool air. A low-pressure area is formed by warm air 
whereas cool air forms a high-pressure area (figure 9-2). 

c. Wind is the movement of air from a high-pressure 
area to a low-pressure area. The larger the difference in 
pressure, the stronger the wind. On a global scale, the 
air around the Equator is replaced by the colder air 
around the poles (figure 9-3). This same convection of 
air on a smaller scale causes valley winds to blow up- 
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slope during the day and down the mountainside at 
night. Cool air blows in from the ocean during the day 
due to the heating and rising of the air above the land 
and reverses at night (figures 9-4 and 9-5), This move- 
ment of air creates winds throughout the world. When 
cool air moves into a low-pressure area, it forces the air 
that was already there to move upward. The rising air 
expands and cools. 

d. Moisture enters the atmosphere in the form of 
water vapor. Great quantities of water evaporate each 
day from the land and oceans causing vapor in the air 
called humidity. The higher the humidity, the higher the 
moisture content in the air. Air holding as much mois- 
ture as possible is saturated. The temperature at which 
the air becomes saturated is called the dew point. When 
the temperature falls below the dew point, moisture in 
the air condenses into drops of water. Low clouds called 
fog may develop when warm, moist air near the ground 
is cooled to its dew point. A cooling of the air may also 
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Figure 9-3. Wind Movement. 


cause moisture to fall to the Earth as precipitation (rain, 
snow, sleet, or hail). 

9-4. Circulation of the Atmosphere. If the Earth did 
not rotate, wind would move directly from the high- 
pressure areas of the poles to the low-pressure areas of 
the Equator. The movement of air between the poles 
and the Equator would go on constantly. 
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a. The rotation of the Earth prevents winds from the 
poles and the Equator from moving directly north or 
south. The Earth rotates from west to east, and as a 
result, winds moving toward the Equator seem to curve 
toward the west. Winds moving away from the Equator 
seem to curve toward the east. This is known as the 
Coriolis effect (figure 9-6). This effect results in winds 
circling the Earth in wide bands. These prevailing winds 
are divided into six belts which are known as the trade 
winds, the prevailing westerlies, and the polar easterlies; 
all three are found in both the Northern and Southern 
Hemispheres (figure 9-7). 

(1) The winds blowing toward the Equator are 
known as the trade winds. The air above the Equator is 
so hot it is always rising. The north and south trade 
winds move in to take the place of the rising air. The 
Coriolis effect makes the trade winds appear to move 
from the east. The weather in the region of the trade 
winds moves from east to west because of the Earth’s 
rotation. The doldrums is the region where the trade 
winds from the north and south meet near the Equator. 
The doldrums is usually calm, but it is quite rainy and 
may have periods of gusty winds. 

(2) The prevailing westerlies blow away from the 
Equator. They occur north of the trade winds in the 
Northern Hemisphere and south of the trade winds in 
the Southern Hemisphere. The prevailing westerlies 
seem to move from the west because of the Coriolis 
effect. The weather in the region of these winds blows 
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Figure 9-4. Air Transfer (Daytime). 
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Figure 9-5. Air Transfer (Nighttime). 


from west to east. The prevailing westerlies move across 
most of the United States and Canada, and are divided 
from the trade winds in a region called the Horse Lati- 
tudes. The air in the Horse Latitudes blows downward 
to fill the space which was left between the prevailing 
westerlies and the trade winds. The winds are very light 
in the Horse Latitudes. 

(3) The winds from the North and South Poles are 
known as the polar easterlies. Because the air 1s so cold, 
making it heavy, the air above the poles sinks down- 
ward. The air spreads out when it reaches the ground 
and moves toward the Equator. The weather in the re- 
gion of the polar easterlies moves from east to west with 
the Coriolis effect making the winds seem to blow from 
the east. The polar front is the meeting place of the 
polar easterlies and the prevailing westerlies and is a 
cloudy, rainy region. Above the polar front is a band of 
west winds called the jet stream. The jet stream occurs 
about 5 to 7 miles above the ground. Its winds may 
exceed 200 miles per hour. 

b. Pressure systems are highs or lows covering areas 
as big as | million square miles. Most pressure systems 
found in the United States and Canada develop along 
the polar front. There, the cold winds of the polar eas- 
terlies and the warmer winds of the prevailing westerlies 
move past one another and create swirling winds called 


eddies. These eddies are carried eastward across the 
United States and Canada by the prevailing westerlies. 
There are two kinds of eddies: cyclones and anticy- 
clones (figure 9-8). 

(1) Cyclones formed by eddies are not the same as 
the storms known as cyclones. The winds of the eddies 
that create cyclones swirl inward toward a center of low 
pressure. A low-pressure system is formed by the cy- 
clone and its low-pressure region. Because of the rota- 
tion of the Earth, cyclones that build north of the Equa- 
tor blow in a counterclockwise direction. Cyclones that 
form south of the Equator move in a clockwise direc- 
tion. Cyclones in North America generally approach on 
brisk winds, bringing cloudy skies and usually rain or 
snow. 

(2) Anticyclones swirl outward around a center of 
high pressure, forming a high-pressure system. Anticy- 
clones move in a clockwise direction north of the Equa- 
tor and counterclockwise south of the Equator. Anticy- 
clones come after cyclones, bringing dry, clearing 
weather and light winds. 

c. Airmasses depend largely on the temperature and 
moisture of the areas in which they originate. Airmasses 
may cover 5 million square miles. As they move away 
from their source regions and pass over land and sea, 
the airmasses are constantly being modified through 
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Figure 9-6. Coriolis Effect. 


heating or cooling from below, lifting or subsiding, ab- 
sorbing or losing moisture. In general, however, they 
retain some of their original characteristics and can be 
recognized and identified. 

(1) There are four major types of airmasses: 

(a) Continental polar - cold and dry. 

(b) Continental tropical - hot and dry. 
(c) Maritime polar - cool and moist. 

(d) Maritime tropical - warm and moist. 

(2) In North America, the continental polar airmass 
over northern Canada blows cold, dry air into southern 
Canada and the United States. Maritime polar 
airmasses off the northeast and northwest coasts of 
North America bring cool, damp weather to the conti- 
nent. Maritime tropical airmasses from the southeast 
and southwest coasts bring warm, muggy weather. The 
polar airmasses are strongest in the winter, and the trop- 
ical airmasses are strongest in the summer, During the 
winter, a cold arctic airmass from the North Pole also 
influences the weather of North America. A continental 
tropical airmass forms over the southwest United States 
during the warm months but disappears in the winter. 

d. When two different airmasses meet, they do not 
ordinarily mix (unless their temperatures, pressures, 
and relative humidities happen to be very similar). In- 
stead, they set up boundaries called frontal zones, or 
“fronts.” The colder airmass moves under the warmer 
airmass in the form of a wedge. If the boundary is not 
moving, it is termed a stationary front. Usually, howev- 
er, the boundary moves along the Earth’s surface, and as 
one airmass withdraws from a given area, it is replaced 
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by another airmass. This action creates a moving front. 
If warmer air is replacing colder air, the front is called 
“warm:” if colder air is replacing warmer air, the front 
is called “cold.” Most changes in the weather occur 
along fronts. The movement of fronts depends on the 
formation of pressure systems. Cyclones push fronts 
along at speeds of 20 to 30 miles per hour. Anticyclones 
blow into an area after a front has passed. 

(1) When a warm front moves forward, the warm 
air slides up over the wedge of colder air lying ahead of 
it (figure 9-9), This warm air usually has high humidity. 
As this warm air is lifted, its temperature is lowered. As 
the lifting process continues, condensation occurs, low 
nimbostratus and stratus clouds form from which rain 
develops. The rain falls through the cooler air below, 
increasing its moisture content. Any reduction of tem- 
perature in the colder air, which might be caused by 
upslope motion or cooling of the ground after sunset, 
may result in extensive fog. As the warm air progresses 
up the slope, with constantly falling temperature, clouds 
appear at increasing heights in the form of altostratus 
and cirrostratus, if the warm air is stable. If the warm 
air is unstable, cumulonimbus clouds and altocumulus 
clouds will form and frequently produce thunderstorms. 
Finally, the air is forced up near the stratosphere and in 
the freezing temperatures at that level, the condensation 
appears as thin wisps of cirrus clouds. The upslope 
movement is very gradual, rising about 1,000 feet every 
20 miles. Thus, the cirrus clouds, forming at perhaps 
25,000 feet altitude, may appear as far as 500 miles in 
advance of the point on the ground which marks the 
position of the front. Warm fronts produce more gradu- 
al changes in the weather than do cold fronts. The 
changes depend chiefly on the humidity of the advanc- 
ing warm airmass, If the air is dry, cirrus clouds may 
form and there will be little or no precipitation. If the 
air is humid, light, steady rain or snow may fall for 
several days. Warm fronts usually have light winds. The 
passing of a warm front brings a sharp rise in tempera- 
ture, clearing skies, and an increase in humidity. 

(2) When the cold front moves forward, it acts like 
a snowplow, sliding under the warmer air and tossing it 
aloft. This causes sudden changes in the weather. In 
fast-moving cold fronts, friction retards the front near 
the ground, which brings about a steeper frontal surface. 
This steep frontal surface results in a narrower band of 
weather concentrated along the forward edge of the 
front. If the warm air is stable, an overcast sky may 
occur for some distance ahead of the front, accompa- 
nied by general rain. If the warm air is conditionally 
unstable, scattered thunderstorms and showers may 
form in the warm air. In some cases, an almost continu- 
ous line of thunderstorms is formed and called a “squall 
line.” Behind the fast moving cold front there is usually 
rapid clearing, with gusty and turbulent surface winds 
and colder temperatures. The slope of a cold front is 
much steeper than that of a warm front and the progress 
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Figure 9-7. Atmosphere Circulation. 


is generally more rapid—usually from 20 to 35 miles an 
hour, although in extreme cases, cold fronts have been 
known to move at 60 miles per hour (figure 9-10). 
Weather activity is more violent and usually takes place 
directly at the front instead of in advance of the front. 
However, especially in late afternoon during the warm 
season, a squall line will frequently develop as much as 
50 to 200 miles in advance of the actual cold front. 
Whereas warm front dangers lie in low ceilings and 
visibilities, cold front dangers lie chiefly in sudden 
storms with high and gusty winds. Unlike the warm 
front, the cold front arrives almost unannounced, 
makes a complete change in the weather within the 
space of a few hours, and passes on. The squall line is 
ordinarily quite narrow—50 to 100 miles in width—but 
is likely to extend for hundreds of miles in length, fre- 





quently lying across the entire United States in a line 
running from northeast to southwest. Altostratus clouds 
sometimes form slightly ahead of the front, but these 
are seldom more than 100 miles in advance. After the 
front has passed, the weather clears rapidly with cooler, 
drier air. 

(3) One other form of front with which the survivor 
should become familiar is the “occluded front” (figure 
9-11). Cold fronts travel about twice as fast as warm 
fronts. As a result, cold fronts often catch up to warm 
fronts. When a cold front reaches a warm front, an 
occluded front develops. Meteorologists subdivide oc- 
clusions into two types: cold-front occlusions and 
warm-front occlusions. In a cold-front occlusion, the air 
behind the cold front is colder than the air ahead of the 
warm front. The weather of a cold-front occlusion re- 
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Abstract: The numerous and diverse applications of the Internet of Things (IoT) have the potential 
to change all areas of daily life of individuals, businesses, and society as a whole. The vision of a 
pervasive IoT spans a wide range of application domains and addresses the enabling technologies 
needed to meet the performance requirements of various IoT applications. In order to accomplish 
this vision, this paper aims to provide an analysis of literature in order to propose a new classification 
of IoT applications, specify and prioritize performance requirements of such IoT application classes, 
and give an insight into state-of-the-art technologies used to meet these requirements, all from 
telco’s perspective. A deep and comprehensive understanding of the scope and classification of IoT 
applications is an essential precondition for determining their performance requirements with the 
overall goal of defining the enabling technologies towards fifth generation (5G) networks, while 
avoiding over-specification and high costs. Given the fact that this paper presents an overview of 
current research for the given topic, it also targets the research community and other stakeholders 
interested in this contemporary and attractive field for the purpose of recognizing research gaps and 
recommending new research directions. 
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1. Introduction 


Telecom operators (telcos) had the most power and influence over business in the information 
and communication technology (ICT) industry during past decades. This dominance was the result 
of owning and provisioning communication infrastructures which nowadays have become more 
of a commodity than a luxury. Telco’s revenue streams were mainly based on the provisioning of 
traditional services, such as voice calls and short message services (SMS). Recent work of regulatory 
agencies and the appearance of alternative service providers have led telecom operators to form the 
opinion that alternative service providers have conflicting interests and provide competitive services, 
thus decreasing telco’s revenue from traditional services [1]. However, the latest econometric analysis 
presented in [2] has shown that telecom operators and alternative service providers have aligned 
interests and their collaboration could be favorable to both parties. The interests of alternative service 
providers and telcos are not inevitably conflicting, since the economic growth of the alternative service 
providers are positively correlated with telco revenues and vice versa. 

The development of a digital society has changed the traditional value chain and introduced 
new issues for telcos as they seek a way how to monetize new digital services [3]. These services 
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Figure 9-8. Cyclonic and Anticyclonic Rotation. 


sembles that of a cold front. When the air behind the These fronts produce milder weather than do cold or 
cold front is warmer than the air ahead of the warm warm fronts. 

front, it is known as a warm-front occlusion. Warm- (4) Stationary fronts are another type of front 
front occlusion weather is similar to a warm front. | which occurs when airmasses meet but move very slow- 
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Figure 9-9. Stable Air Warm Front. 
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Figure 9-10. Fast-Moving Cold Front. 


ly. It may remain over an area for several days bringing 
moderate weather. 


9-5. Storms. The four main types of violent weather a 
person should be familiar with are thunderstorms, win- 
ter storms, tornadoes, and hurricanes. 

a. Thunderstorms are the most frequent kinds of 
storms. As many as 50,000 thunderstorms occur 
throughout the world each day. Under some conditions, 
the rapid lifting of moist, warm air results in thunder- 
storms and dramatic cloud formations (figure 9-12). 
They develop from tall, puffy cumulonimbus clouds. 
Clouds may tower 5 to 10 miles high during hot, humid 
days. The temperatures inside the clouds are well below 
freezing. The air currents inside the clouds move up and 
down as fast as 5,000 feet per minute. Heavy rain is 
common because water vapor condenses rapidly in the 
air. Lightning and thunder occur during the life of a 
thunderstorm. When the sound of thunder is heard, a 
survivor should seek shelter immediately. Lightning 
causes more fatalities than any other type of weather 
phenomenon. In the United States alone more than 200 
lightning deaths occur each year. Another reason for 
seeking shelter immediately is to escape the hail which 
sometimes accompanies the thunderstorm. Hail, which 
can grow as large as baseballs, is most noted for damag- 
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ing crops, but a powerful storm can bring injuries, even 
fatalities, to survivors if shelter is not available. 

b. Tornadoes are the most violent form of thunder- 
storms. Under certain conditions, violent thunder- 
storms will generate winds swirling in a funnel shape 
with rotational speeds of up to 400 miles per hour 
which extends out of the bottom of the thunderstorm. 
When this funnel-shaped cloud touches the surface, it 
can cause major destruction. The path of a tornado is 
narrow, usually not more than a couple of hundred 
yards wide. Tornadoes form tn advance of a cold front 
and are usually accompanied by heavy rain and thun- 
southern areas of the United States. 

c. Winter storms include ice storms and blizzards, An 
ice storm may occur when the temperature is just below 
freezing. During this storm, precipitation falls as rain 
but freezes on contact with the ground. A coating of ice 
forms on the ground and makes it very hazardous to the 
traveler. Snowstorms with high winds and low tempera- 
tures are called blizzards. The wind blows at 35 miles 
per hour or more during a blizzard, and the temperture 
may be 10°F or less. Blowing snow makes it impossible 
to travel because of low visibility and drifting. 

d. A hurricane or typhoon, the most feared of storms, 
has a far more widespread pattern than a tornado, The 
storm forms near the Equator over the oceans and is a 
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Figure 9-11. A Warm-Front Occlusion. 


large low-pressure area, about 500 miles in diameter. 
Winds swirl around the center (eye) of the storm at 
speeds over 75 miles per hour and can reach 190 miles 
per hour. Hurricanes break up over land and often bring 
destructive winds and floods. Thunderstorms often 
form within hurricanes and can produce tornadoes. 
Most hurricanes occurring in the United States sweep 
over the West Indies and strike the southeastern coast 
of the country. An early indication of a hurricane is a 
wind from an unusual direction, like the replacement of 
the normal flow of the trade winds from an easterly 
direction, The arrival of high waves and swells at sea 
coming from an unusual direction may also give some 
warning. The high waves and swells are moving faster 
than the storm and may give several days warning. 


9-6. Weather Forecasting. Weather forecasting enables 
survivors to make plans based on probable changes in 
the weather. Forecasts help survivors decide what 
clothes to wear and type of shelter to build. During an 
evasion situation, it may help survivors determine when 
to travel. While accurate weather prediction or forecast- 


ing normally requires special instruments, an awareness 
of changing weather patterns and attention to existing 
conditions can help a survivor or evader prepare for 
and, when appropriate, use changing weather condi- 
tions to enhance their survivability. The following are 
some elementary weather indicators which could help 
predict the weather and help save lives. 

a. Clouds which move higher are good signs of fair 
weather. Lower clouds indicate an increase in humidity, 
which in all probability means precipitation (figure 
9-13). 

b. The Moon, Sun, and stars are all weather indica- 
tors. A ring around the Moon or Sun means rain (figure 
9-14). The ring is created when tiny ice particles in fine 
cirrus clouds scatter the light of the Moon and the Sun 
in different directions. When stars appear to twinkle, it 
indicates that strong winds are not far off, and will be- 
come strong surface winds within a few hours. Also, a 
large number of stars in the heavens show clear vistbili- 
ty with a good chance of frost or dew. 

c. “Low-hanging” clouds over mountains mean a 
weather change (figure 9-13). If they get larger during 
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Figure 9-12. Thunderstorms. 


the daytime, bad weather will arrive shortly. Diminish- 
ing clouds mean dry weather is on its way. Storms are 
often preceded by high thin cirrus clouds arriving from 
the west. When these thicken and are obscured by lower 
clouds, the chances increase for the arrival of rain or 
snow. 

d. The old saying “red skies at night, sailor’s delight; 
red skies at morning, sailors take warning,” has validity. 
The morning Sun turning the eastern sky crimson often 
signals the arrival of stormy weather. As the storm 
moves east, clouds may turn red as a clearing western 
sky opens for the setting Sun. 

e. “The farther the sight, the nearer the rain,” is a 
seaman’s chant. When bad weather is near, the air pres- 
sure goes down and the atmosphere becomes clearer. 
High atmospheric pressure with stable and dusty air 
means fair weather. 
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f. A cold front arriving in the mountains during the 
summer usually means several hours of rain and thun- 
derstorms. However, the passing of a cold front means 
several days of clear, dry weather. 

g. A morning rainbow is often followed by a squall. 
An afternoon rainbow means unsettled weather, while 
an evening rainbow marks a passing storm. A faint rain- 
bow around the Sun precedes colder weather. 

h. Stormy weather will probably follow within hours 
when flowers seem to be much more fragrant. 

i. Peopte say “when sounds are clear, rain is near,” 
because sound travels farther before storms. 

j. Even birds can help predict the weather. Water 
birds fly low across the water when a storm is approach- 
ing. Birds will huddle close together before a storm. 

k. The flowers of many plants, like the dandelion, will 
close as humidity increases and rain is on the horizon. 

I. As humidity increases, the rocks in high mountain 
areas will “sweat” and provide an indication of forth- 
coming rain. 

m. Lightning can tell survivors something by noting 
the color and compass direction. If the lightning looks 
white when seen through clear air and is located in the 
west or northwest, survivors would know the storm is 
headed toward them. Storms to the south or east will 
normally pass to the east. Red or colored lightning is 
seen at a distance in storms that will pass to the north or 
south. 

n. Smoke, rising from a fire then sinking low to the 
ground, can indicate that a storm is approaching. 


9-7. Summary. Even with the modern equipment avail- 
able, forecasting tomorrow’s weather is often difficult. 
This chapter provided background information and tips 
to use to teach survivors to predict weather. By under- 
standing the basic characteristics and actions of weath- 
er, the survivor can better prepare for its effects. 





Figure 9-13. Low Clouds. 
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Chapter 10 


GEOGRAPHIC PRINCIPLES 


10-1. Introduction. Geographic principles bring togeth- 
er the three major components of the environment (ter- 
rain, life forms, and climate) for the purpose of under- 
standing the relationship between survivors and the 
physical environment around them. The more survivors 
know about these environmental components, the bet- 
ter they can help themselves in a survival situation. This 
chapter provides a brief introduction to these complex 
topics. 


10-2. Components of the Environment: 

a. Terrain is defined as a geographic area consisting of 
land and its features. The landmass of the Earth is cov- 
ered with a variety of topography, including mountains, 
valleys, plateaus, and plains. 

(1) The mountains vary greatly in size, structure, 
and steepness of slopes. For example, there is as much 
contrast between the large volcanic Cascade Mountains 
and those of the Rocky Mountains as there is between 
the Rocky Mountains and the Appalachian Mountains. 
Most major mountain systems will have corresponding 
foothills (figure 10-1). 

(2) With two exceptions, valleys are formed as 
mountains are pushed up. The exceptions are massive 
gorges formed by glacial action and valleys carved out 
by wind and water erosion (figure 10-2). 

(3) Plateaus are elevated and comparatively large, 
level expanses of land. Throughout the southwest, ex- 
amples of the typical plateau can be seen. These 
plateaus were formed when a volcano deposited either 
lava or ash over a softer sedimentary area. Through 
years of erosion, the volcanic “cap” broke loose in 
places and allowed the softer ground to be carried away. 
This type of plateau is the least common, however, it is 
the largest. The Columbia Plateau of Washington State 
is one example which covers 200,000 square miles (fig- 
ure 10-3). 

(4) The water forms of the Earth include oceans, 
seas, lakes, rivers, streams, ponds, and ice. 

(a) Oceans comprise approximately 70 percent of 
the Earth’s surface. The major oceans include the Pacif- 
ic, Atlantic, Indian, and Arctic. Oceans have an enor- 
mous effect on land, not only in their physical contact 
but in their effect on weather. In most cases, lakes today 
are descended from much larger lakes or seas. 

(b) Ice covers 10 percent of the Earth’s surface. 
This permanent ice is found in two forms—pack ice and 
glaciers. Pack ice (normally 7 to 15 feet thick) is frozen 
sea water and may be as much as 150-feet thick. Those 
pieces which break off form ice islands. The two perma- 
nent icepacks on Earth are found near the North and 
South Poles—Arctic and Antarctic. The polar regions, 
which are thousands of feet thick, partially, but never 


completely, thaw. An icecap is a combination of pack 
ice and ice sheets. The term is usually applied to an ice 
plate limited to high mountain and plateau areas. Dur- 
ing glacial periods, an icecap will spread over the sur- 
rounding lowlands (figure 10-4). 


b. Life forms can best be described in terms of vegeta- 
tion and animal life, with special emphasis on humans 
{which are covered later). 


(1) There are hundreds of plant species on Earth. 
An in-depth study is obviously impossible. To under- 
stand the plant kingdom better, it is important to under- 
stand basic plant functions and adaptations they have 
made to exist in diverse environments. Vegetation will 
be categorized into either trees or plants. 

(a) Of all the variety in species and types, trees 
can be divided simply into two types: coniferous or 
deciduous. Conifers are generally considered to be cone- 
bearing, evergreen trees. Some examples of conifers are 
pine, fir, and spruce. Deciduous trees are those which 
lose their leaves in winter and are generally considered 
as “hardwood.” Some examples are maple, aspen, oak, 
and alder. 

{b) For discussion, we will divide plants into two 
categories: annuals and perennials. Annuals complete 
their life cycle in | year. They produce many seeds and 
regenerate from seed. Climatic conditions may not be 
conducive for growth the following year, so seeds may 
remain dormant for many years. A classic example is 
the 1977 desert bloom in Death Valley. Plants bloomed 
for the first time in 80 years. Perennials are plants which 
last year after year without regeneration from seed. 


(2) As with plants, the discussion of animal life has 
to be limited. Animals will be classified as either warm- 
blooded or coldblooded. Using this division as a basic, 
it will be easier to describe animal adaptations to ex- 
treme climatic conditions. Warmblooded animals are 
generally recognized as cold-adapted animals and in- 
clude all birds and mammals. Obviously, humans are a 
part of this classification because they are cold-adapted. 
Coldblooded animals gain heat from the environment. 
These are animals adapted for life in warm or moderate 
climates (lizards, snakes, etc.) 


c. Climate can be described as an average condition 
of the weather at any given place. However, this 
description must be expanded to include the seasonal 
Variations and extremes as well as the averages in terms 
of the climatic elements. In some areas, the climate is so 
domineering that the corresponding biome is named 
either in part or as a whole by the climate. Examples are 
the cloud forests and rain forests. The climate can only 
be described in terms of its various elements—tempera- 
ture, moisture, and wind. 
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Figure 10-1. Composite of Mountains. 
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Figure 10-2. Gorges and Valleys. 


(1) The atmosphere gains only about 20 percent of 
its temperature from the direct rays of the Sun. Most of | ing that heat (energy) back into the atmosphere and 
the atmospheric heat gain comes from the Earth radiat- _ being trapped. This is known as the greenhouse effect. 
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Figure 10-3. Plateau. 


(2) Thinking of the atmosphere as a greenhouse, it 
is easier to understand the relationship water has in this 
“closed system.” As water evaporates, the amount of 
water vapor the atmosphere can absorb depends solely 
upon temperature. The dew point is achieved when the 
amount of water vapor in the air equals the maximum 
volume the air will hold at a given air temperature. 
Lowering of air temperature creates condensation. Con- 
densation appears in the form of clouds, fog, and dew. 
Any additional temperature reduction results in precipi- 
tation, such as rain. If the temperature of the dew point 
is below freezing, precipitation may appear in the form 
of hail or snow. 


(3) Variation in air pressure is the primary cause of 
wind. When air is heated, it creates an area of lower 
pressure. As air cools, the pressure increases. Air move- 
ment occurs as the pressure tries to equalize, thus creat- 
ing wind. Because wind is also a control of climate, 
people need to know why and how it affects climate. 
Let’s look at wind in two aspects: localized wind (low 
altitude) and upper-air wind (high altitude). Localized 
wind is formed at low altitude, occurring due to dynam- 
ic topographical features and fluctuating air tempera- 


© Bureau of Mines, U.S. Dept. of the Interior, Photo by Andrew M. Leszcykowski 


ture and pressure. High-altitude winds surrounding the 
Earth are bands of stable high- and low-pressure areas 
(cells). Predictable winds move off these cells which are 
referred to as jetstreams, These high-altitude winds con- 
trol weather. 


10-3. Effects of Climate on Terrain. The major effect 
climate has on terrain is erosion. Erosion can occur 
directly from heavy precipitation or indirectly by the 
accumulation of snow on snowpacks and glaciers. Wind 
and temperature both have erosion potential. 

a. Heavy precipitation or melting water from icepacks 
and glaciers can create deep ravines by cutting into 
mountainous areas. Broad flood basins along major riv- 
ers can also aid in the development of river deltas in 
lakes, oceans, and deep fjords. The action of glaciers 
throughout the years has carved out deep, broad valleys 
with steep valley walls (figure 10-5). 

b. The effects of wind erosion are greatest in barren, 
dry areas. The Great Arches National Park has some of 
the most dramatic examples of the effect of wind ero- 
sion. This type of erosion is caused by the wind driving 
sand and dust particles against an exposed rock or soil 
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Figure 10-4. Pack ice. 


surface, causing it to be worn away by the impact of the 
particles in an abrasive action (figure 10-6). Another 
form of wind erosion involves the movement of loose 
particles lying upon the ground surface which may be 
lifted into the air or rolled along the ground. Dry river 
beds, beaches, areas of recently formed glacial deposits, 
and dry areas of sandy or rocky ground are highly sus- 
ceptible to this type of erosion. Sand dunes are attribut- 
ed to this phenomenon (figure 10-7). 

c. Frost action will have a weathering or eroding effect 
on rock land formations and ground surfaces. The frost 
action is the repeated growth and melting of ice crystals 
in the pore space or fractures of soil and rock. The 
tremendous force of growing ice crystals can exert a 
pressure great enough to pry apart rock. Many scree and 
talus slopes are caused by this action. Where soil water 
freezes, it tends to form ice layers parallel with the 
ground surface, heaving the soil upward unevenly. The 
peat moss mounds of the tundra are an example of this 
action. The net effect of frost action will be dependent 
on the amount of surface moisture. 


10-4. Effects of Terrain on Climate. The effect of ter- 
rain on climate is not nearly as subtle as the effect of 
climate on terrain. Three major factors exist which 
must be considered when studying the effects of terrain 
on weather. 

a. Moisture for most major weather systems comes 
from the evaporation of the oceans of the world. The 
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temperature, location, and flow of ocean currents, com- 
bined with the prevailing winds will affect how much 
water will evaporate into the atmosphere. The warmer 
the ocean and corresponding current, the greater the 
rate of evaporation. Since the currents are deflected by 
landmasses, many warm currents flow parallel to major 
continents. When this moisture is blown inland by the 
prevailing winds, the net effect is the creation of a wet 
maritime climate, such as that found along the west 
coasts of Canada, Washington, Oregon, and Central Eu- 
rope. If the temperature of the ocean and currents is 
cold, very little moisture will be yielded to the atmos- 
phere. Examples of this occur along the Pacific coastline 
of Peru and Chile and along the Atlantic coastline of 
Angola and Southwestern Africa. 

b. The interior of large continent masses are dry be- 
cause of the distance which isolates them from the ef- 
fects of maritime climates. The large continents of the 
Northern Hemisphere create dry, high-pressure cells 
which isolate the interiors from the lower pressure 
moist air cells and keep them from having much effect. 
The climate is referred to as the Continental Climate. 
The concept will be explained in the next chapter— 
Environmental Characteristics. 

c. Mountains serve as moisture barriers, separating 
the maritime influenced climates from the continental 
influenced climates. The barrier effect of mountains on 
weather will be dependent on the height, length, and 
width of the range and the severity of the weather 
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are diversified across various domains of industry, such as agriculture, construction, utilities, 
transportation, healthcare, finance, etc., and delivered to customers through connected devices building 
thereby the concept of Internet of Things (IoT). 

IoT can be defined as an interconnected network of things/objects that are able to interact with 
each other and cooperate with other things/ objects through wireless and wired connections in order 
to create new services/applications for the benefit of society. In this way, loT brings almost limitless 
benefit’s, which have the potential to radically change our daily life by saving time and resources 
while creating possibilities for growth and innovation [4]. loT has disruptive potential in almost every 
application domain, which has created many challenges that need to be faced when implementing 
IoT-based solutions, such as prevailing over obstacles generated by the fragmentation of IoT, both in 
terms of application domains and in terms of technologies. Therefore, recognizing all potential IoT 
applications while having in mind the development of technology and the requirements of individuals, 
businesses, and society as a whole is quite challenging. 

Telcos now have the opportunity to seize a share of the value that is generated by IoT 
implementation. The size of this share will depend on telco’s role in the value chain that ranges 
from being a traditional provider of communication infrastructure to being an end-to-end solution 
provider [3]. In order to monetize IoT, telcos will have to address many challenges which can be 
summarized as follows: (1) strategic challenges relating to decisions on future directions; (2) business 
challenges relating to successful management, investment, partnerships; and (3) technical challenges 
relating to changing connectivity and performance requirements. This paper focuses on the technical 
challenges since connectivity and performance requirements of IoT objects/things cannot be fulfilled 
using existing cellular networks that limit numerous IoT applications. In order to overcome issues 
associated with the current cellular networks, new types of technologies are being introduced leading 
towards the fifth generation (5G) network [5-7]. 

The architecture of the 5G network has to seamlessly integrate the requirements of diverse 
IoT applications: from delay-sensitive video applications to ultra-low latency, from high-speed 
entertainment applications in a vehicle to mobility on demand for connected objects and from best 
effort applications to reliable and ultra-reliable ones for health and safety [8]. A full understanding of 
emerging IoT applications and the variability of their performance requirements can serve telecom 
operators as input for specifying 5G enabling technologies. These technologies should be flexible 
and scalable to meet the aforementioned requirements. Since IoT applications sometimes demand 
extreme requirements, the 5G network must simultaneously satisfy all of them, which can lead to 
over-specification and high cost. In order to avoid this, telecom operators first have to adequately 
classify IoT applications to facilitate the selection of 5G enabling technologies being capable to 
efficiently meet their performance requirements. 

The 5G classification concept includes three different service classes [9], i.e., (1) extreme mobile 
broadband (xMBB); (2) massive machine-type communications (mMTC); and (3) ultra-reliable 
machine-type communications (uMTC). Nevertheless, this classification concept can be considered 
insufficient to properly select 5G enabling technologies to meet the diverse requirements of IoT 
applications. Furthermore, it will be challenging to classify the emerging IoT applications given that 
there is many criteria for their categorization. The definition of the loT domain in many cases overlaps 
with the definition of IoT application, which may at the same time belong to another IoT domain. 
For example, Smart Buildings may either be considered as a standalone IoT application or as an element 
needed to form a Smart City application domain. IoT applications are usually classified according to 
spheres of human life [4,10-12] or performance requirements [9,13-15]. However, these classifications 
are not suitable for telecom operators which have to fulfil the performance requirements of particular 
IoT applications, since it is difficult to choose the most important one from a class containing a wide 
range of IoT applications. 

Telecom operators can easily specify performance requirements for current communication 
services since traffic patterns generated by these services are driven by predictable activities, such as 
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Figure 10-5. Valleys. 


fronts, In many cases, a lack of precipitation will extend 
for several hundred miles beyond the mountains. An 
example of this phenomenon occurs in the western 
states. The Cascade and Sierra Mountains block a great 
deal of Pacific Ocean moisture from the the inland 
deserts of Washington, Oregon, and Nevada. The Rocky 
Mountains further block most of the moisture which is 
left in the atmosphere. Only the high cirrus clouds es- 
cape the barrier effect of these mountains. Another ex- 
ample can be seen in Asia. The Himalayan Mountains 
serve as a very effective barrier, blocking the Asiatic 
monsoon from central interior Asia, which helps create 
the Gobi Desert. 
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10-5. Effects of Climate and Terrain on Life Forms: 

a. Since plants require water and light, climate will 
greatly affect the type and number of plants in an area. 

(1) In areas with a great deal of rainfall, plants will 

be plentiful. In these areas, plants must compete for 
available sunlight. In areas where the primary vegeta- 
tion has been knocked down (by clear cutting, land- 
slides, or along flood basins of rivers), a thick secondary 
growth will occur. In time, the secondary growth, if 
undisturbed, will become a climax forest. Some of the 
trees in these areas may grow to 300 feet. Because of the 
shade, vines and shade-tolerant perennials may sparsely 
cover the ground. 
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Figure 10-6. Erosion. 


(2) In contrast, in areas where the amount of rain- 
fall is limited, the plants must compete for the available 
water. The number of plants will also be sparse. Due to 
the harsh climatic and soil conditions, plant life is typi- 
cally hardy. Through millions of years of evolution, 
plants have developed the following survival 
characteristics: 

(a) Production of many seeds which germinate 
when water does come. 

(b) Shallow root systems gather water quickly 
when they can. 

(c) Ability to store water (cacti and other 
succulents). 

(d} Rough, textured leaves (transpiration). 

(e) Production of toxins (kill off competing 
plants). 

b. Vegetation is also affected by the terrain. In moun- 
tainous regions, the clouds begin to lose moisture as 
they pass over the tops of the mountains. The result is 
more water is available for the growth of vegetation. 
However, with any increase in elevation, the tempera- 
ture becomes colder. This exposure to colder tempera- 
ture has a drastic effect on plant life. 

c. Generally, animal life is mostly dependent on two 
factors: water and vegetation. The greater the rainfall, 
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the greater the number of animals. Conversely, the drier 
an area, the less vegetation there will be to support 
animals. The tocation of small animals is determined by 
the secondary growth and gound cover, used for 
protection. 

d. Temperature atso affects the habits of animals. For 
example, animals may burrow to protect themselves 
from extreme heat or extreme cold or will be more ac- 
tive at night in hot, dry regions. Animals also respond 
physiologically to temperature extremes. During ex- 
treme cold, some species of mammals enter into a state 
of winter dormancy (hibernation). It is a special case of 
temperature regulation in which animals lower the set- 
ting of their “thermostats” to maintain lower than nor- 
mal body temperatures in order to save energy while 
maintaining minimum body functions essential for sur- 
vival. This is important since their normal food supply 
is not always available during the winter. During peri- 
ods of excessive heat, some species of fish, reptiles, 
mammals, and amphibians will enter into a “summer 
sleep” called estivation. Estivation is a state in which 
the animal’s body functions and activities are greatly 
reduced. Estivation and hibernation are not merely a 
result of temperature regulation but rather are methods 
by which the organisms survive unfavorable periods. 
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Figure 10-7. Sand Dunes. 
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Chapter 11 


ENVIRONMENTAL CHARACTERISTICS 


11-4. Introduction. Most survivors will not have a 
choice as to where they have to survive. The ease or 
difficulty in maintaining life and honor and returning 
are dependent on the types and extremes of the climate, 
terrain, and life forms in the immediate area. The Kép- 
pen-Geiger System of Climate Classification will be 
used in this chapter as the basis for organizing the dis- 
cussion of environmental characteristics. This system 
has become the most widely used of climatic classifica- 
tions for geographical purposes. 


11-2, The Képpen-Geiger System. This system defines 
each climate according to fixed values of temperature 
and precipitation, computed according to the averages 
of the year or of individual months. A climate system 
based on these data has a great advantage in that the 
area covered by each subtype of climate can be outlined 
for large parts of the world. The five major climate 
groups are designated as: (See figure | 1-1.) 

a. Tropica] Climates. Average temperature of each 
month is above 64.4°F. These climates have no winter 
season. Annual rainfall is large and exceeds annual 
evaporation. 

b. Dry Climates. Potential evaporation exceeds pre- 
cipitation on the average throughout the year. No water 
surplus; hence, no permanent streams originate in dry 
climate zones. 

c. Warm Temperate Climates. Coldest month has an 
average temperature under 64.4°F, but above 26.6°F. 
The warm temperate climates thus have both a summer 
and winter season, 

d. Snow Climates. Coldest month average tempera- 
ture under 26.6°F. Average temperature of warmest 
month above 50°F, 

e. Ice Climates. Average temperature of warmest 
month below 50°F. These climates have no true 
summer, 


11-3. Tropical Climates: 

a. Tropics. Some people think of the tropics as an 
enormous and forbidding tropical rain forest through 
which every step taken must be hacked out and where 
every inch of the way is crawling with danger. Actually, 
much of the tropics is not rain forest. What rain forest 
there is must be traveled with some labor and difficulty. 
The tropical area may be rain forest, mangrove or other 
swamps, open grassy plains, or semi-dry brushland. 
The tropical area may also have deserts or cold moun- 
tainous districts. There is in fact, a variety of tropical 
climates. Each region, while subject to the general cli- 
matic condition of its own zone, may show special mod- 
ifications locally. Each general climate is a whole range 


of basic minor chmates. In all their diversity, the cli- 
mates of the tropics have the following in common: 

(1) An almost constant length of day and night, a 
length that varies by no more than half an hour at the 
Equator to | hour at the limits of the tropics. The plant 
life thus has an evenly distributed period of daylight 
throughout the year. 

(2) Temperature variation throughout the tropics is 
minimal—9°F to 18°F. 

(3) There is no systematic pattern of major tropical 
landforms. There are high rugged mountains; such as 
the Andes of South America, karst formations as in 
Southeast Asia, plateaus like the Deccan of India, hilly 
lands like those which back the Republic of Guinea in 
Africa, and both large and small plains like the exten- 
sive one of the upper Amazon River or the restricted 
plain of the Irrawaddy River in Burma. The arrange- 
ment of all these landforms is part of the pattern of the 
larger landmasses, not of the tropics alone. 


b. Vegetation: 

(1) The jungles in South America, Asia, and Africa 
are more correctly called tropical rain forests. These 
forests form a belt around the entire globe, bisected 
somewhat equally by the Equator. However, the tropi- 
cal rain forest belt is not a continuous one, even in any 
of the various regions in which it occurs. Usually it is 
broken by mountain ranges, plateaus, and even by small 
semi-desert areas, according to the irregular pattern of 
climate which regulates the actual distribution of rain 
forest. 

(2) Some of the leading characteristics of the tropi- 
cal rain forest common to those areas in South 
America, in Asia, and in Africa, are: 

(a) Temperatures average close to 80°F for every 
month. 

(b) Vegetation consists of three stories. 

{c) High rainfalt (80 inches or more) distributed 
fairly evenly throughout the year. 

(d) Areas of occurrence lie between 23.5 North 
and 23.5 South Latitudes. 

(e) Evergreen trees predominate, many of large 
girth up to 10 feet in diameter, with thick leathery 
leaves. 

(f) Vines (lianas) and air plants (epiphytes) are 
abundant. 

(g) Herbs, grasses, and bushes are rare in the 
understory. 

(h) Uniformity. 

(i) Tree bark thin, green, smooth, and usually 
lacking fissures. 

(3) The majority of plants that grow in the forest of 
the rainy tropics are woody and of the dimensions of 
trees. Trees form the principal elements of the vegeta- 
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Figure 11-1. Képpen-Geiger System. 
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tion. The vines and air plants that grow on the trunks 
and branches of trees are woody. Grasses and herbs, 
which are common in the temperate woods of the Unit- 
ed States, are rare in the tropical rain forest. The under- 
growth consists of woody plants—seedling and sapling 
trees, shrubs, and young woody climbers. The bamboos, 
which are really grasses, grow te giant proportions, 20 to 
80 feet high in some cases. Bamboo thickets in parts of 
some rain forests are very difficult to penetrate. The 
plants that produce edible parts in the jungle are often 
scattered, and require searching to find several of the 
same kind. A tropical rain forest (figure 11-2) has a 
wider variety of trees than any other area in the world. 
Scientists have counted 179 species in one 8.5-acre area 
in South America. An area this size in a forest in the 
United States would have fewer than seven species of 
trees. 

(4) The average height of the taller trees in the rain 
forest is rarely more than 150 to 180 feet. Old giants of 
the tropical rain forest attain 300 feet in height, but this 
is extremely rare. Trees more than 10 feet in diameter 
are also rare in the jungle. The trunks are, as a rule, 
straight and slender and do not branch until near the 
top. The base of many trees is provided with plank 
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buttresses, flag-like outgrowths which are common in all 
tropical forests. The majority of mature tropical trees 
have large, leathery, dark-green leaves which resemble 
laurel leaves in size, shape, and texture. The general 
appearance is monotonous, and large and strikingly 
colored flowers are uncommon. Most of the trees and 
shrubs have inconspicuous flowers, often greenish or 
whitish. 

(5) Travel books often give a misleading impression 
of the density of tropical forests. On riverbanks or in 
clearings, where much light reaches the ground, there is 
a dense growth which is often quite impenetrable. But 
in the interior of an old undisturbed forest, it is not 
difficult to walk in any direction. Photographs give an 
exaggerated notion of the density of the undergrowth. It 
is usually possible to see another person at least 60 feet 
away. 

(6) The abundance of climbing plants is one of the 
characteristic features of rain forest vegetation. The 
great majority of these climbers are woody and many 
have stems of great length and thickness. Stems as thick 
as a man’s thigh are not uncommon. Some lianas cling 
closely to the trees that support them, but most ascend 
to the forest canopy like cables or hang down in loops or 
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Figure 11-2. Rain Forest. 
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festoons. In the rain forest, there is no winter or spring, 
only perpetual midsummer. The appearance of the veg- 
etation is much the same at any time of year. There are 
seasons of maximum flowering during which more spe- 
cies bloom than at any other time, and also seasons of 
maximum production of young leaves, plant growth, 
and reproduction is continuous and some flowers can be 
found at any time, The margins of a tropical rain forest 
clearing and areas around abandoned dwellings abound 
in edible plants. However, in the center of the virgin 
rain forest, trying to find food is more difficult due to 
accessibility. The lofty trees are so tall that fruits and 
nuts are generally out of reach. 

c. Distribution of Tropical Rain Forests: 

(1) In the Americas, the largest continuous mass of 
rain forest is found in the basin of the Amazon River. 
This extends west to the lower slopes of the Andes and 
east to the Atlantic coast of the continent; it is broken 
only by relatively small areas of savanna and deciduous 
forest. This great South American rain forest extends 
south into the region of the Gran Chaco (south-central 
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Figure 11-3. Rain Forest (El Salvador). 
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South America) and north along the eastern side of Cen- 
tral America into southern Mexico and into the Antilles 
chain of the West Indies. In the extreme northwest of 
South America (Ecuador, Colombia), there is a narrow 
belt of rain forest, separated from the Amazonian forest 
by a wide expanse of deciduous forest, extending from 
about latitude 6 degrees South to a little beyond the 
Tropic of Capricorn. The distribution of rain forest in 
Central America is perhaps less well known than any 
other major tropical region. The main areas are below 
the 500-foot elevation (figure 11-3). 





@National Geographic Society, Photo by Winfield Parks 


Figure 11-4. Rain Forest (Borneo). 


(2) In Africa, the largest area of rain forest lies in 
the Congo basin and extends westward into the Repub- 
lic of Cameroon, As a narrow strip, the forest continues 
still farther west, paralle! to the Gulf of Guinea, through 
Nigeria and the Gold Coast of Liberia and Guinea. 
Southward from the Congo basin, the forest extends 
towards Rhodesia. 


(3) In the eastern tropics, the rain forest extends 
from Ceylon and Western India to Southeast Asia and 
the Philippines, as well as through the Malay Archipela- 
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go to New Guinea. The largest continuous areas are in 
New Guinea, the Malay Peninsula, and the adjoining 
islands of Sumatra and Borneo, where the Indo-Malay- 
an rain forest reaches its greatest luxuriance and floral 
wealth (figure | 1-4), 

(a) In India, the area of rain forest is not large, 
but it is found locally in the western and eastern Ghats 
(coastal ranges) and, more extensively, in the lower part 
of the eastern Himalayas, the Khasia hills, and Assam. 

{b) In Burma and Southeast Asia, the rain forest 
is developed only locaily; the principal vegetation being 
the monsoon forest. The monsoon forest is a tropical 
type which is partly leafless at certain seasons. 

(c) In the eastern Sunda Islands from western 
Java to New Guinea, the seasonal drought (due to the 
dry east monsoon from Australia) is too severe for the 
development of a rain forest, except in locally favorable 
situations (figure 11-5). 

(d) In Australia, the tropical rain forest of Indo- 
Malaya is continued south as a narrow strip along the 
eastern coast of Queensland. Rain forest also extends 
into the islands of the western Pacific (Solomons, New 
Hebrides, Fiji, Samoa, etc.). (See figure 11-6.) 

d. Food Plants. Some of the available food plants in 
the rain forest include: 
(1) Indian or Tropical Almond. 
(2) Rose Apple. 
(3) East Indian Arrowroot. 
(4) Bullock’s Heart. 
(5) Sugar Cane. 
(6) Cattail. 
(7) Bael Fruit. 
(8) Water Chestnut (Trapa Nut). 
(9) Bamboo. 
(10) Chufa (Nut Grass). 
(11} Goa Bean. 
(12) Luffa Sponge (Wild Gourd). 
(13) Yam Bean. 
(14) Wild Fig. 
(15) Bignay. 
(16) Wild Grape. 
(17) Lotus Lilly. 
(18) Water Lettuce. 
(19) Breadfruit. 
(20) Canna Lily. 
(21) Bracken (Fern). 
(22) Sego Palm. 
(23) Tree Fern. 
(24) Palm Sugar. 
(25) Mango. 
(26) Papaya. 
(27) Italian Millet. 
(28) Screw Pine. 
(29) Pearl Millet. 
(30) Plantain. 
(31) Mulberry. 
(32) Batolo Plum. 
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Figure 11-5. Rain Forest (New Zealand). 


(33) Cashew Nut. 
(34) Pokeweed. 

(35) Buri Palm. 

(36) Polypody. 

(37) Fishtail Palm. 
(38) Air Potato (ubi tuber). 
(39) Coconut Palm. 
(40) Purslane. 

(41) Nipa Palm. 

(42) Rice. 

(43) Rattan Palm. 
(44) Soursop. 

(45) Ceylon Spinach. 
(46) Water Lilly. 
(47) Sterculia. 

(48) Sweetsop. 

(49) Tamarind. 

(50) Taro. 

(51) Ti Plant. 

(52) Horseradish Tree. 
(53) Tropical Yam. 
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Figure 11-6. Rain Forest (Tahiti). 


e. Semi-Evergreen Seasonal Forest: 

(1) In character, the semi-evergreen seasonal forest 
in Central and South America and Africa corresponds 
essentially to the monsoon forest of Asia. Characteris- 
tics of the semi-evergreen forest are: 

(a) Two stories of tree strata—upper story 60 to 
80 feet high; lower story 20 to 45 feet high. 

(b) Large trees are rare; average diameter about 2 
feet. 

(c) Seasonal drought causes leaf fall; more in dry 
years. 

(2) The peculiar distribution of the rainy season 
and the dry season which occurs in the countries bor- 
dering the Bay of Bengal in southeastern Asia brings on 
the monsoon climate. The monsoons of India, Burma, 
and Southeast Asia are of two types. The dry monsoon 
occurs from November to April, when the dry northern 
winds from central Asia bring long periods of clear 
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weather with only intermittent rain. The wet monsoon 
occurs from May to October, when the southern winds 
from the Bay of Bengal bring rain, usua!!y in torrents, 
that lasts for days and often weeks at a time. During the 
dry season, most leaves drop completely off, giving the 
landscape a wintry appearance, but as soon as the mon- 
soon rains begin, the foliage reappears immediately. 


t. Plant Foods of the Semi-Evergreen Seasonal For- 
est. These foods include: 
(1) Agave (Century Plant). 
(2) Amaranth, 
(3) Bael Fruit. 
(4) Banana. 
(5) Tropical or Indian Almond. 
(6) Rose Apple. 
(7) Bamboo. 
(8) Goa Bean. 
(9) Yam Bean. 
(10) Mango. 
{11) Purstane. 
{12) Mulberry. 
(13) Bignay. 
(14) Italian Millet. 
(15) Soursop. 
(16) Cashew Nut. 
(17) Breadfruit. 
(18) Pearl Millet. 
(£9) Ceylon Spinach. 
(20) Sterculia. 
(21) Sugar Cane. 
(22) English Acorns (Oak). 
(23) Luffa Sponge (Wild Gourd). 
(24) Cattail. 
(25) Buri Palm. 
(26) Sweetsop. 
(27) Chestnut. 
(28) Water Chestnut (Trapa Nut). 
(29) Rattan Palm. 
(30) Tamarind, 
(31) Chufa (Nut Grass). 
(32) Papaya. 
(33) Taro. 
(34) Ti Plant. 
(35) Wild Fig. 
(36) Screw Pine. 
(37) Horseradish Tree. 
(38) Tree Fern. 
(39) Plaintain. 
(40) Tropical Yam. 
(41) Wild Grape. 
(42) Pokeweed. 
(43) Water Lettuce. 
(44) Polypody. 
(45) Canna Lily. 
(46) Air Potato (ubi tuber). 
(47) Lilly Lotus. 
(48) Water Lily. 
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making calls, receiving email, surfing the web, and watching videos. However, traffic patterns 
generated by emerging IoT applications are driven by less predictable activities. Hence, the idea 
is to determine a common set of activities based on customer service requests which describe the 
reasonably foreseeable function/purpose of emerging IoT applications. Then these activities can be 
used by telcos as a new classification criterion of loT applications. The assumption is that such a 
classification can help telecom operators meet performance requirements of future IoT applications 
and select appropriate 5G enabling technologies. Therefore, the aims of this paper are to classify IoT 
applications according to relevant activities, specify and prioritize the performance requirements of 
each IoT application class, and consider enabling technologies used to accomplish specified demands 
on the radio access part of 5G networks, all according to telco’s perspective. In addition, the intention is 
to provide a literature review which covers 258 references dominantly published in the period between 
2012 and 2017. As this paper provides a state-of-the-art review of IoT applications, their performance 
requirements and 5G enabling technologies, it can also be of use to the research community and other 
stakeholders interested in this contemporary and attractive field in order to recognize the research 
gaps and recommend new research directions. 

The remainder of the paper is thusly organized. In order to answer research questions, Section 2 
describes the methodological approach in regard to the conducted research. Section 3 identifies 
a common set of activities as a new classification criterion for loT applications and assigns them 
the relevant 5G service classes. This facilitates the determining of performance requirements of 
activity-based IoT application classes, which are summarized and prioritized in Section 4. The enabling 
technologies used to accomplish these requirements in 5G networks are contemplated in Section 5. 
Finally, Section 6 discusses the outcomes of the paper by clarifying the contribution of our research in 
identifying open issues for future work, while Section 7 concludes this paper. 


2. Research Approach and Design 


The main objectives of this paper can be summarized as follows: (1) to identify activities relevant 
to IoT customer service requests and use them as a new classification criterion of loT applications; 
(2) to specify and prioritize performance requirements of such IoT application classes; (3) to analyze 
relevant literature in order to provide insight into 5G radio technologies used to fulfil the requirements 
of activity-based IoT application classes; (4) to recognize research gaps and directions. 

The research questions posed in this study are: (1) Which activities can be used as classification 
criteria for loT applications? (2) What are the performance requirements of such IoT application 
classes? (3) Which enabling technologies in the radio access part of the 5G network can be used to 
meet the requirements of IoT application classes? 

Investigation of different criteria for the classification of loT applications underlines to what 
extent various classification concepts have been covered by existing literature and provides a basis 
for the introduction of a new classification criterion called the activity. We thus surveyed and 
compared different studies contributing to the understanding of the scope and classification of a 
wide range of IoT applications. This approach has been motivated by the challenge to propose an 
activity-based classification of loT applications, the determination and prioritization of performance 
requirements of such IoT application classes and the review of 5G enabling technologies used to 
meet them. These findings can be utilized by telecom operators and other interested parties (e.g., the 
research community, software network function providers, network infrastructure manufactures, etc.) 
depending on their interest and potential to utilize these findings towards 5G implementation 
and commercialization. 

The methodological approach to research conducted in this paper is illustrated in Figure 1 and 
includes four phases. 

Phase I included searching, identifying, and extracting papers from three categories, i.e., loT in 
5G service classification, loT in 5G performance requirements and IoT in 5G enabling technologies. 
The keywords used to search relevant scholar databases are shown in Figure 2. This search has 
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g. Tropical Scrub and Thorn Forest (figure | 1-7): 


(1) Chief Characteristics of the Tropical Scrub and 
Thorn Forest: 

(a) Definite dry season, with wet season varying 
in length from year to year. Rains appear mainly as 
downpours from thunderstorms. 

(b) Trees are leafless during dry season; average 
height is 20 to 30 feet with tangled undergrowth in 
places (figure 11-8). 

(c) Ground is bare except for a few tufted plants 
in bunches; grasses are not common. 

(d) Plants with thorns are predominate. 

(e) Fires occur at intervals. 


(2) Food Plants: 

{a) Within the tropical scrub and thorn forest 
areas, the survivor will find it difficult to get food plants 
in the dry season. During the height of the drought 
period, the primary kinds of foods come from the fol- 
lowing plant parts: 


-1. Tubers. -5. Rootstalks. 

-2. Bulbs. -6. Corms. 

-3. Pitch. -7, Gums and Resins. 
-4, Nuts. -8. Seeds and Grains. 
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(b) During the rainy season in the tropical scrub 
and thorn forest, plant food is considerably more abun- 
dant. At this time, the survivor should look for the 
following edible plants: 


-1.Sweet Acacia. -10.Juniper. 
-2.Wild Chicory. -11.Tamarind. 
-3.St. John’s Bread. -12.Tropical Yam. 
-4,Wild Caper. -13.Sea Orach. 
-5.Agave (Century Plant). -14.Prickly Pear. 
-6. Wild Fig. -15.Wild Pistachio. 
-7.,Almond. -16.Air Potato 
-8.Cashew Nut. (ubi tuber). 

-9, Baobab. 


h. Tropical Savanna. (See figure 1 f-9.) 
(1} General Characteristics of the Savanna: 

{a) Savannas lie wholly within the tropical zone 
in South America and Africa. 

(b) The savanna looks like a broad, grassy mead- 
ow with trees spaced at wide intervals. 

(c) The grasses of the tropical savanna often ex- 
ceed the height of a man. However, none of the savanna 
grasses are sod-forming in the manner of lawn grasses, 
but are bunch grasses with a definite space between each 
grass plant. 
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Figure 11-7. Shrub and Thorn Forest. 
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Figure 11-8. Tropical Shrub or Thorn Forest (Kenya). 


(d) The soil in the savanna is frequently red. 

(e) The scattered trees usually appear stunted and 
gnarled like old apple 

(f) Palms may be found on savannas. 

(2) Savanna of South America. For the most part, 
the vegetation is of the bunch-grass type. A long, dry 
season alternates with a rainy season. In these areas, 
both high and low grasses are present. Bright colored 
flowers appear between the grass bunches during the 
rainy season. The grains from the numerous grasses are 
useful as survival food, as well as the underground parts 
of the many seasonal plants that appear with and fol- 
lowing the rains. 

(3) Savanna in Africa. The high grass tropical sa- 
vanna of Africa is dominated by very tall, coarse grasses 
which grow from 5 to 15 feet high. Unless the natives 
burn the grass during the dry season, the savanna be- 
comes almost impenetrable. This type of savanna oc- 
curs in a broad belt surrounding the tropical rain forest 
and extends from western Africa eastward beyond the 
Nile River. From the Nile, it extends southward and 
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National Geographic Society, Photo by Gilbert M. Grosvenor 


westward. The tropical bunch grass savanna comprises 
the greatest part of the African savanna consisting of 
grasses about 3 feet tall. The African savanna has both 
dwarf and large trees. The most renowned of these large 
trees is the monkeybread or baobab (figure | 1-10). 

(4) Food Plants. The food plants found on the sa- 
vanna are also found in other vegetation areas. 


(a} Amaranth. (g) Wild Chicory. 

(b) Wild Crabapple. (h) Wild Fig. 

(c) Purslane. (i) Tamarind. 

(d) Wild Apple. Gj) Chufa (Nut Grass). 
(e) Wild Dock. (k) Water Plaintain. 
(f) Wild Sorrel. (l) Water Lily. 


i. Animal Life. The tropics abound in animal life. The 
tremendous varieties of animal species found in tropical 
areas throughout the world preclude discussions of each 
animal. It is essential that the survivor realize that just 
as people have an inherent fear of some animals, most 
animals also fear people. With some exceptions, ani- 
mals of the tropics will withdraw from any encounter 
with humans. Being primarily nocturnal animais, most 
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Figure 11-9. Savanna. 


will never be seen by the survivor. By becoming familiar 
with the wild inhabitants of the tropics, the survivor 
will better understand this type of environment and will 
Tespect, not fear, the surroundings in which survival 
takes place. 


(1) All tropic areas have members of the pig family. 
By habit, pigs are gregarious and are omnivorous in 
diet. They will eat any small animals they can kill, al- 
though they feed mainly on roots, tubers, and other 
vegetable substances. The most common species found 
in the Old World tropics are the peccary, the Indian 
wild boar, the Babirussa of Celebes, and the Central 
African Giant Forest Hog. In Central and South Ameri- 
can tropics, peccaries are common. These pigs are rep- 
resented by two species, the “white-lipped” peccary and 
the “collared” peccary. Both are grizzled black color, 
distinguishable by markings from which they derive 
their names. The white-lipped peccary, the larger of the 
two (height of approximately 18 inches), is black with 
white under the snout, and has the reputation of being 
the more ferocious. The collared peccary, reaching a 
height of !4 inches, is identified by the white or gray 
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band around the body where the neck joins the shoul- 
der. The collared peccary often travels in groups of 5 to 
15. While alone, they are not particularly dangerous, 
but a pack can effectively repel any enemy and can 
make short work of a jaguar, cougar, or human. Both 
types of peccaries have musk glands which are located 4 
inches up from the tail on the spine. This gland must be 
removed soon after the animai is killed, otherwise the 
flesh will become tainted and unfit for consumption. 


(2) Tropic areas harbor many species of reptiles and 
amphibians. Most of them are edible when skinned and 
cooked. Hazards from these animals are mostly 
imagined; however, some are venomous or dangerous if 
encountered. Individual species of crocodylidae family 
(alligators, crocodiles, caiman, and gavials) are usually 
only abundant in remote areas away from humans. 
Most dangerous are the saltwater crocodiles of the Far 
East and the Nile crocodiles in Africa. Poisonous 
snakes, while numerous in the tropics, are rarely seen 
and pose little danger to the wary survivor. There are no 
known poisonous lizards in the tropics. Several species 
of frogs and toads contain poisonous skin secretions. 


PLAINS OF TANGANYIKA 





®National Geographic Society, Photo by W. Robert Moore 





NAIROBI, KENYA 
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National Geographic Society, Photo by W. Robert Moore 


National Geographic Society, Photo by Al Moldvay 


Figure 11-10. Savanna (ihosy, Madagascar; Plains of Tanganyika; Kenya; and Nairobi, Kenya). 


The large, pan-tropic toad, Bufo Marimum, exudes a 
particularly irritating secretion if handled roughly. 
Aside from skin irritations, these amphibians pose little 
danger to humans, unless the secretion gets into the 
eyes, where it may cause blurred vision, intense burn- 
ing, and possible blindness. 


(3) All tropical areas of the world abound in 
monkeys. They are very curious animals and this fact 
may be used to the survivor’s advantage in trying to 
procure one for food. Only the very large species of 
monkey, such as the mandrill or baboon, could consti- 
tute any danger to humans. 


(4) Tropic areas also have a large number of the 
various species of mice, rats, squirrels, and rabbits. 


(5) Members of the cat family are found in jungles 
throughout the world. The ocelot abounds in the jungles 
of Central and South America. It is a smail, lean, savage 
cat whose coloring closely resembles that of the jaguar 
and will attain a weight of approximately 40 pounds 
and a length of 3 feet when fully grown. Cats such as the 
leopard are found in the tropics of the old world. The 
leopard is one of the most wary of beasts, becoming a 
powerful fighter when wounded or cornered. Unlike 
lions and tigers, the leopard can climb trees with ease; 
therefore, caution should be used when hunting this 
animal. 


(6) Deer are found in most jungle areas; however, 
their population is normally small. In the Asian jungles, 
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Figure 11-11. Black Widow and Brown Recluse Spiders. 


several species of deer frequent the low, marshy areas 
adjacent to rivers. In the Central and South American 
jungles, two species of deer are most common. The jun- 
gle species is found in thick upland forests. It is much 
smaller than the North American species and seldom 
attains a weight of more than 80 pounds. Another deer 
found in the Central and South American jungles is the 
“brocket” or “jungle deer.” This small reddish-brown 
deer, which attains a height of about 23 inches, is ex- 
tremely shy and is found mostly in dense cover since it 
has no defense against other animals. 

(7) The real dangers lie in the insects located in the 
jungle, which can pass on diseases or parasites. 

(a) Malaria may be the worst enemy. It is trans- 
mitted by mosquitoes, which are normally encountered 
from late afternoon until early morning. Guard against 
bites by camping away from swamps on high land and 
sleep under mosquito netting, if available; otherwise, 
use mud on the face as a protection against insects. 
Wear full clothing, especially at night, and tuck pants 
into the tops of socks or shoes. Wear mosquito head net 
and gloves. Take antimalaria tablets (if available) ac- 
cording to directions. 

(b) The greatest number of ant species is found in 
the jungle regions of the world. Nesting sites may be in 
the ground or in the trees. Ants can be a considerable 
nuisance especially if near a campsite. They inflict pain 
by biting, stinging, or squirting a spray of formic acid. 
Before selecting a campsite, a close check of the area 
should be made for any nests or trails of ants. 

(c} Ticks may be numerous, especially in grassy 
places. Use a protected area and undress often, inspect- 
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BROWN RECLUSE 


ing all parts of the body for ticks, leeches, bed bugs, and 
other pests. If there are several people in the group, 
examine each other. 

(d) Fleas are common in dry, dusty buildings. 
The females will burrow under the toenails or into the 
skin to lay their eggs. Remove them as soon as possible. 
In India and southern China, bubonic plague is a con- 
stant threat. Rat fleas carry this disease and discovery of 
dead rats usually means a plague epidemic in the rat 
population. Fleas may also transmit typhus fever and in 
many parts of the tropics, rats also carry parasites which 
cause jaundice and other fevers. Keep food in rat-proof 
containers or in rodent-proof caches. Do not sleep with 
any food in the shelter! 

(e) In many parts of the Far East, a type of typhus 
fever is carried by tiny red mites. These mites resemble 
the chiggers of southern and southwestern United 
States. They live in the soil and are common in tall 
grass, cut-over jungle, or stream banks. When a person 
lies or sits on the ground, the mites emerge from the 
soil, crawl through clothes, and bite. Usually people 
don’t know they have been bitten, as the bite is painless 
and does not itch. Mite typhus is a serious disease and 
the survivor should take preventive measures to avoid 
this pest. The survivor should clear the camping ground 
and burn it off, sleep above the ground, and treat cloth- 
ing with insect repellant. 

(f) Leeches are primarily aquatic and their depen- 
dence on moisture largely determines their distribution. 
The aquatic leeches are normally found in still, fresh- 
water lakes, ponds, and waterholes. They are attracted 
by disturbances in the water and by a chemical sense. 
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Figure 11-12. Desert Scrub and Waste Areas. 


Land leeches are quite bloodthirsty and easily aroused 
by a combination of odor, light, temperature, and me- 
chanical sense. These leeches are the most feared of all 
since they may enter air passages from which they can- 
not escape once they have fed and become distended. 
Normally, there is little pain when leeches attach them- 
selves, and after they fill with blood, they drop off unno- 
ticed. Some leeches, living in springs and wells, may 
enter the mouth or nostrils when drinking and may 
cause bleeding and obstruction. 

(g) Spiders, scorpions, hairy caterpillers, and centi- 
pedes are often abundant. The survivor should shake 
out shoes, socks, and clothing and inspect bedding 
morning and evening. A few spiders have poisonous 
bites which may cause severe pain. The black widow 
and the brown recluse spiders are venomous and should 
be considered very dangerous (figure 11-11). The large 
spiders called tarantulas rarely bite, but if touched, the 
short, hard hairs which cover them may come off and 
irritate the skin. Centipedes bite if touched and their 
bite is like that of a wasp’s sting. Avoid all types of 
many-legged insects. Scorpions are real pests as they 


AFR 64-4 Voll 15 July 1985 





















































like to hide in clothing, bedding, or shoes and strike 
without being touched. Their sting can cause illness or 
death. 

j. Population. Density of human population varies 
with the climate. Cultivation is difficult in areas of trop- 
ical rain forests along the Equator. The torrential rains 
leach out the soi] and weeds grow rapidly. Consequent- 
ly, cultivated food sources must be supplemented by 
game and other products of the forest. Villages are usu- 
ally scattered along rivers since movement is easier by 
water than through the dense forest. Numerous people 
are also located along coastal areas where farming takes 
place and people can obtain food from the sea. 


11-4. Dry Climates. Dry climates are generally thought 
of as hot, barren areas that receive scanty rainfall. Rain- 
fall is limited but dry climates are not barren wastelands 
and many kinds of plants and animals thrive (figure 
11-12). 
a. Deserts: 

(1) Most deserts are located between the latitudes 

of 15 and 35 degrees on each side of the Equator and are 
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Figure 11-13. The Sahara. 


dry regions where the annual evaporation rate exceeds 
the annual precipitation rate (generally less than 10 in- 
ches of rain annually), Extremes of temperature are as 
characteristic of deserts as is lack of rain and great dis- 
tances. Hot days and cool nights are usual. A daily low- 
high of 45°F in the Sahara Desert and a 25°F to 35°F 
difference in the Gobi Desert is the rule. The difference 
between summer and winter temperatures is also 
extreme. 

(2) Deserts occupy nearly 20 percent of the Earth’s 
land surface, but only about 4 percent of the world’s 
population lives there. The term “desert” is applied to a 
variety of areas. There are alkali deserts, rock deserts, 
and sand deserts. Some are barren gravel plains without 
a spear of grass, a bush, or cactus for a hundred miles. 
In other deserts, there are grasses and thorny bushes 
where camels, goats, or even sheep find a subsistent 
diet. Anywhere they are found, deserts are places of 
extremes. They can be extremely dry, hot, cold, and 
often devoid of plants, trees, lakes, or rivers. Most im- 
portant to the survivor is the extremely long time (dis- 


©National Geographic Society, Photo by Thomas J. Abercrombie 


tance) between water sources. The vast deserts of North 
Africa, Arabia, Iran, West Pakistan, the Mojave Desert 
of the southwestern United States and northern Mexico, 
the interior Kalahari Desert of South Africa, and the 
Australian Desert are major examples of this type. 

(3) Desert areas and climatic characteristics and 
seasonal variations of world deserts are as follows: 

(a) Sahara Desert. The Sahara is the largest desert 
in the world. It stretches across North Africa from the 
Atlantic Ocean to the Red Sea and from the Mediterra- 
nean and the Sahara Atlas Mountains in the north to the 
Niger River in tropical Africa. It consists of 3 million 
square miles of level plains and jagged mountains, rocky 
plateaus, and graceful sand dunes. There are thousands 
of square miles where there is not a spear of grass, not a 
bush or tree, nor a sign of any vegetation. But Sahara 
oases—low spots in the desert where water can be 
reached for irrigation—are among the most densely 
populated areas in the world. Date groves and garden 
patches’ supporting 1,000 people per square mile are 
surrounded by barren plains devoid of life. Only 10 
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percent of the Sahara is sandy. The greater part of the 
desert is flat gravel plain from which the sand has been 
blown away and accumulated in limited areas forming 
dunes. There are rocky mountains rising 11,000 feet 
above sea level and there are a few depressions 50 to 
100 feet below sea level. The change from plain to 
mountain is abrupt in the Sahara. Mountains generally 
go straight up from the plain like jagged skyscrapers 
from a city street. Sharp rising mountains on a level 
plain are especially noticeable in many desert land- 
scapes because there is no vegetation to modify that 
abruptness. The lack of trees or bushes makes even oc- 
casional foothills appear more abrupt than in temperate 
climates (figure 11-13). 


(b) Arabian Desert. Some geographers consider 
the Arabian Desert as a continuation of the Sahara. Half 
a million square miles in area, the Arabian Desert cov- 
ers most of the Arabian Peninsula except for fertile 
fringes along the Mediterranean Sea, Red Sea, Arabian 
Sea, and the valleys of the Tigris-Euphrates Rivers. 
Along much of the Arabian coastline, the desert meets 
the sea. There is more sand in the Arabian Desert than 
in the Sahara and there are fewer date grove oases. 
These are on the east side of the desert at Gatif, Hofuf, 
and Medina. Also, there is some rain in Arabia each 
year, in contrast to the decades in the Sahara that pass 
without a drop. Arabia has more widespread vegetation, 
but nomads find scanty pasture for their flocks of sheep 
and goats and must depend on wells for water. Oil is 
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carried across the desert in pipelines which are regularly 
patrolled by aircraft. Pumping stations are located at 
intervals. All these evidences of modern civilization 
have increased the well-being of the desert people and, 
as a result, chances for a safe journey afoot. However, 
the desert of Arabia is rugged, and native Arabs still get 
lost and die from dehydration. 


(c) Gobi Desert - “Waterless Place.” As used 
here, “Gobi” means only the £25,000 square mile basin 
or saucer-like plateau north of China which includes 
Inner and Outer Mongolia. On all sides of the Gobi, 
mountains form the rim of the basin. The basin itself 
slopes so gently that much of it appears to be a level 
plain. The Gobi has rocks, buttes, and numerous bad- 
lands, or deeply gullied areas (figure 11-14). For a hun- 
dred miles or so around the rim of the Gobi, there is a 
band of grassland. In average years, the Chinese find 
this to be a productive farmland. In drought years, agri- 
culture retreats. Moving toward the center of the Gobi, 
there is less and less rainfall; soil becomes thinner, and 
grass grows in scattered bunches. This is the home of 
the Mongol herdsman. His wealth is chiefly horses, but 
he also raises sheep, goats, camels, and a few cattle. 
Beyond the rich grassland, the Gobi floor is a mosiac of 
tiny pebbles which often glisten in sunlight. These peb- 
bles were once mixed with the sand and soil of the area, 
but in the course of centuries, the soil has been washed 
or blown away and the pebbles have been left behind as 
loose pavement. What rain there is in the Gobi drains 


National Geographic Society, Photo by Dean Conger 
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Figure 11-14, The Gobi. 
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Figure 11-15, Composite of American Deserts. 


toward the basin; almost none of it cuts through the 
mountain rim to the ocean, There are some distinct and 
well-channeled watercourses, but these are usually dry. 
Many are remnants of prehistoric drainage systems. In 
the east, numerous shallow salt lakes are scattered over 
the plain. They vary in size and number with the 
changes of rainfall in the area. Sand dunes are found in 
the eastern and western Gobi, but these features are not 
as pronounced as they are in certain sections of the 
Sahara Desert. The Gobi is not a starkly barren waste- 
land like the great African Desert. Grass grows every- 
where, although it is often scanty. Mongols live in col- 
lective type farm systems and habitations instead of 
being concentrated in oases (figure 11-14). 


(d) Australian Desert. More than one-third of 
Australia’s total area is desert. Rainfall in the area is 
unpredictable with an average of less than 10 inches per 
year. There are three connecting deserts which occupy 
western Australia and one desert located in the center of 
the continent. They are the Great Sandy Desert, Great 
Victorian Desert, Gibson Desert, and Simpon or Arunta 
Desert. The three largest deserts, Sandy, Victoria, and 
Arunta are of the sandy type, held in place by vegeta- 
tion. The Gibson in the western portion, is a stone-type 
desert. Most of the deserts of Australia have elevations 
of 1,000 to 2,000 feet. 


©Bureau of Mines, U.S. Dept. of the Interior, Photos by Andrew M. Leszcykowski 


{e} Atacama-Peruvian Desert of South America. 
Generally, there are two regions of desert in South 
America. The first, and by far the largest, is along the 
west coast, beginning in the southern part of Ecuador, 
extending the entire coastline of Peru, and reaching 
nearly as far south as Valparaiso in Chile. This region, 
of about 2,000 miles in length and approximately 100 
miles in width, is classified as true desert. Even so, along 
the shoreline of Peru as far south as Africa and inland a 
few miles, there is often a low-cloud or misty-fog layer. 
The layer is approximately 1,000 feet thick and produc- 
es a fine drizzle. Because of this frequent cloud cover 
and other phenomena, the temperature along the coast- 
al desert is remarkably cool, averaging about 72°F in 
the summer daytime and about 55°F in the winter day- 
time. From about 30 degrees south, the cloud cover 
does not exist and this region may truly be called 
rainless. The rare and uncertain showers are valueless 
for cultivated vegetation. Behind the coastal ranges in 
the higher elevations, the dryness is at a maximum. In 
the nitrate fields of the Great Atcama Desert, the air is 
very dry and the slightest shower is very rare. Here the 
summer daytime temperatures are from 85°F to 90°F. 
The second desert region ts entirely in Argentina (east of 
the Andes) extending in a finger-like strip from about 30 
degrees south, southwest to about 50 degrees south. 
This region is approximately 1,200 miles long and 100 
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miles wide. In this highly dissected plateau region, the 
temperature ranges from a yearly average of 63°F in the 
north to 47°F in the south. The average annual rainfall 
pattern is from about 4 inches in the north to about 6 
inches in the south. 

(f) Southwest Deserts of the United States and 
Mexico: 

-l. These desert areas have four major 
subdivisions: 

-a. Great Basin-—the basin between the 
Rocky Mountains and the Sierra Nevada-Cascade 
Ranges of southern Nevada and western Utah. 

-b. Mojave Desert-—- Southwestern Cali- 
fornia. 

-c. Sonoran Desert—Southeastern California 
across southern Arizona into the southwest corner of 
New Mexico and from Sonora and Baja, California, into 
Mexico. 

-d. Chihuahuan Desert—Lies to the east of 
the Great Sierra Madre Occidental, spreading north in- 
to southwest Texas, southern New Mexico, and south- 
east corner of Arizona (figure | 1-15). 

-2. The flat plains with scanty vegetation and 
abruptly rising buttes of our Southwest are reminders of 
both the Gobi and Sahara. But the spectacular rock- 
walled canyons found in the Southwest have few coun- 
terparts in the deserts of Africa and Asia. The gullied 
badlands of the Gobi resemble similar formations in 
both the Southwest and the Dakotas, but our desert 
rivers—the lower Colorado, lower Rio Grande, and 
tributaries such as the Gila and the Pecos—have a more 
regular supply of water than is found in Old World 
deserts. The Nile and Niger are, in part, desert rivers 





Figure 11-16. Prickly Pear. 
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but get their water from tropical Africa. They are desert 
immigrant rivers (like the Colorado, which collects the 
melting snows of the southern Rockies) and gain suffi- 
cient volume to carry them through the desert country. 
In general, the southwest deserts have more varied vege- 
tation, greater variety of scenery, and more rugged land- 
scape than either the Gobi or the Sahara. In all three 
areas, it is often a long time (distance) between water 
sources. Death Valley, a part of the Mojave lying in 
southern California, probably has more waterholes and 
more vegetation than exist in vast stretches of the Saha- 
ta. The evil reputation of the Valley appears to have 
been started by unwise travelers who were too terrified 
to make intelligent searches for food and water. The 
dryness of the Death Valley atmosphere is unques- 
tioned, but it lacks the vast barren plains stretching 
from horizon to horizon in the Sahara. Compared to the 
Sahara, the desert country of southwestern United 
States and Mexico sometimes looks like a luxuriant gar- 
den. There are many kinds of cactus plants in the desert, 
but these are not found in either the Sahara or Gobi. 

(g) Kalahari Desert. This desert is located in the 
southern part of Africa. The wasteland covers about 
200,000 square miles and lies about 3,000 feet above 
sea level. Some parts are largely covered with grassland 
and scrubby trees. The climate is similar to that of the 
Atacama-Peruvian Desert of South America. 

b. Vegetation. The following are the more common 
xerophytic plants (those plants that can live with a lim- 
ited water supply) which are found in the major deserts 
of the world. 

(1) Cactus Family (Cactacae). Most cactus fruits 
and leaves have spines to protect them from birds and 
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resulted in the selection of 258 recently published papers, which can be categorized into three groups 
(i.e., review papers, technical papers, research effectiveness), as shown in Table 1. Review papers 
summarize the status of knowledge and outline future directions in a given area of research. Technical 
papers describe the process, progress, or result of research, whereas research effectiveness directly 
provides an answer to the research question raised for this study. The reference distribution by year 
of publication is shown in Figure 3a, while the total percentage of references per publication type is 


presented in Figure 3b. 
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Figure 1. Methodological approach to research. 
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®Bureau of Mines, U.S. Dept. of the Interior, Photo by Andrew M. Leszcykowski 
Figure 11-17. Barrel Cactus. 


animals seeking water stored in the stems and leaves. 
Flat cactus leaves can be boiled and eaten and the 
flowering fruit is edible. 

{a) Prickly Pear. Is native and most abundant in 
the American deserts, but has been introduced into the 
Gobi, Sahara, and Australian Deserts, and other parts 
of the world (figure 11-16). 

(b) Barrel Cactus. Found in many places, but is 
only native to the North American deserts. It grows to 5 
or 6 feet high (figure 1 1-17). 

(c) Suguaro (Giant) Cactus. Abundant in south- 
ern Arizona and in Sonora, Mexico. Can grow up to 50 
feet tall. 

(2) Wild Onion. Found in the Great Basin of the 
Southwest and in the Gobi Desert. The bulbs are edible 
if they look, smell, and taste like an onion or garlic. 

(3) Wild Tulip. Found in the Gobi and Sahara 
Deserts. The bulbs can be eaten. 

(4) Shrubs: 

(a) Abal. Grows to about 4 feet tall in sandy 
deserts. The fresh flowers can be eaten. The dry twigs 
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can be crushed and used as a tea substitute. It is found 
in the Sahara and Arabian Deserts, 

(b) Acacia. Most common in the Sahara, Gobi, 
and Australian desert regions, and in the warmer and 
drier parts of America. The beans can be crushed and 
cooked as porridge. It is spiny with many branches and 
grows to 10 feet tall; roots yield water 4 to 5 feet from 
the tree trunk (figure 11-18). 

(c) Saxaul. Found on the salt deserts of the Gobi 
Desert. The bark acts as water storage and is a good 
water source. 

{d) St John’s Bread. Found along the border of 
the Mediterranean coast of the Sahara and across the 
Arabian Desert. Grows 40 to 50 feet tall and seeds can 
be pulverized and cooked as a porridge (most nutritious 
plant food in the Middle East). 

(ec) Juniper. Found in the mountainous areas of 
the American deserts. 

(f) Vines. Wild desert gourds are found in the 
Sahara and Arabian Deserts. They have a vine which 
grows from 8 to 30 feet long, and produce a melon-like 
poisonous fruit. The seed can be eaten when roasted or 
boiled. Flowers are also edible (figure 11-19). 

(g) Succulent Plants. They are filled with juices 
and store moisture to survive. The surface is covered 
with a layer of wax or a blanket of fine hairs for protec- 
tion against the heat. The moisture is contained in a 
tough cellulos that is not digestible and must be manual- 
ly broken down to release the water. 

(h) Creosote Bush. This is the most widespread 
and successful plant of the American deserts (height 
from 2 to 10 feet). 

{5) Dates. Occur in groves around desert oases of 
the lower areas of the Sahara Desert. 

c. Animal Life. There are over 5,000 species of birds, 
reptiles, mammals, and insects found in desert areas. 
The raven, dove, woodpecker, owl, and hawk are com- 
mon bird species. Reptiles such as lizards and snakes 
are numerous due to their adaptation to desert areas 
and ability to conserve body fluids. Many types of mam- 
mais live in desert areas and are primarily found near 
water sources. 

d. Human Population. Humans are greatly influenced 
by the presence of water and they live close to rivers, 
wells, cisterns, or oases. For example, in the Sahara 
Desert, the 2 million people inhabiting this area are 
located near about 50 desert oases and small coastal 
cities. In the Gobi Desert, the Mongols live in scattered 
camps and move from one well to the next as they 
travel. In the southwest deserts of America, the popula- 
tion is greater along the Colorado and Rio Grande 
rivers. 


11-5. Warm Temperate Climates: 

a. The temperate zone is the area or region between 
the Tropic of Cancer and the Artic Circle and between 
the Tropic of Capricorn and the Antarctic Circle. The 
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Figure 11-18. Acacia. 


latitudes which comprise the temperate zone are 232° 
north latitude to 66%° north latitude and 23%° south 
latitude to 66° south latitude. 

b. There are two main types of climate which com- 
prise the temperate group—mild type, dominated by 
oceanic or marine climate; and a more severe one called 
continental climate. 

(1) The temperate oceanic climate is the result of 
warm ocean currents where the westerly winds carrying 
moisture have a warming effect on the landmass. This 
oceanic type climate cannot develop over an extensive 
area on the eastern or leeward side of large continents in 
the middle latitudes. The extended effect of the ocean 
climate can be limited by mountain ranges. Such is the 
case with the Olympic, Cascade, and Rocky Mountains. 
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As the oceanic weather system moves across the 
Oiympic Mountains, it drops nearly 300 inches of pre- 
cipitation annually. On the windward side of the Cas- 
cades, the annual precipitation ranges from 80 to 120 
inches annually. In contrast, the region from the lee- 
ward side of the Cascades is a relatively dry area, receiv- 
ing between 10 to 20 inches precipitation annually. As 
the system moves across the Rocky Mountains, most of 
the remaining moisture is lost. 

{2) The temperate continental climate is a iand- 
controlled climate which is a product of broad middle 
latitude continents. Because of this, the continental cli- 
mate is not found in the Southern Hemisphere. This 
type of climate is very characteristic of the leeward side 
of mountain barriers and eastern North America and 
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Figure 11-19. Wild Desert Gourd. 


Asia. These areas are associated with dry interiors since 
there are few major warm-water sources available for 
formation of water systems. The average temperature in 
the winter and summer are not only extreme but also 
variable from one year to the next. The severe winter 
temperature is caused by the polar airflow toward the 
Equator, and neither winter nor summer temperatures 
are moderated by the effects of large water masses 
(oceans). 


c. The climate within the temperate zone varies great- 
ly in temperature, precipitation, and wind. The temper- 
ate (midlatitude) zone is divided into four major cli- 
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mate zones which are controlled by both tropic and 
polar airmasses. 

(1} The humid subtropical zone is located generally 
between 20 and 30 degrees north and south latitude. 
This climate also tends to occur on the east coast of the 
continents which are at these latitudes. An example of 
this zone in the United States is the area between Mis- 
souri 10 lower New York and east Texas to Florida. The 
temperature ranges from 75°F to 80°F in the summer 
months to 27°F to 50°F in the winter months. The total 
average precipitation is 30 to 60 inches or more. During 
the summer months, convectional rainfall is common 
and thunderstorms frequent. In the winter, the rain is 
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Figure 11-20. Marine West Coast Climate (Olympic Peninsula). 


more widespread and is usually associated with passing 
midlatitude cyclones. The wind has a great influence in 
this area. The area is affected by both the prevailing 
westerlies and eastern trade winds. During the summer, 
the winds are influenced by eastern moist maritime 
airmass flows. Winters are influenced by westerly conti- 
nental polar airflows. The weather is also influenced by 
low latitudes. The equatorial current which turns 
poleward forms warm currents (Gulf Stream and Japa- 
nese and Brazilian} that parallel the coasts. 

(2) The marine west coast climate (figure 11-20) is 
sometimes referred to as the temperate oceanic climate. 
This climate is generally between 40 and 60 degrees 
north and south latitudes, on the west side of the conti- 
nent. Examples are the west coasts of Washington to 
Alaska, Chile, nearly all of Europe, and New Zealand. 
The summer months are cool with average temperatures 
of 60°F to 70°F. The winter months are mild with tem- 
peratures averaging 27°F to 50°F. The total average 
rainfall ranges from 20 to 200 inches. Since the mari- 
time climates are under the influence of the westerly 
winds all year, rainfall is nearly uniform from season to 
season. These climates are probably more cloudy than 
any other. They are characterized by widespread stratus 


and nimbostratus clouds and frequent fog. One of the 
main reasons for the tremendous rainfall in these cli- 
matic areas is the warm ocean currents. These currents 
yield moisture to the air which is blown inland by the 
westerly winds (figures 11-21 and 11-22), 

(3) Middle latitude desert and steppe climates of 
complex origins are found generally between latitudes 
35 to 50 degrees and in the interior of Asia and North 
America. Mountain ranges serve as barriers to the moist 
maritime airmasses, thus resulting in low levels of pre- 
cipitation. In summer, these interiors generate tropical 
airmasses, while in winter they are overrun by polar air 
masses originating in Canada and Siberia. Deserts are 
also characterized by considerable differences between 
the average summer and winter temperatures. Of 
greater importance are the vast semi-dry steppes. Their 
annual precipitation of 10 to 20 inches supports short- 
grass vegetation. They comprise the great sheep and 
cattle ranges of the world; for example, the veldt of 
South Africa and the American Great Plains support 
vast numbers of animals. 

(4) The Mediterranean climate is sometimes re- 
ferred to as subtropical dry summer climate. It is gener- 
ally located from 30 to 45 degrees north and south lati- 
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Figure 11-21. Maritime Climate (Southern Dahomey, 
Africa). 


tudes. Examples of this climate occur in the 
Mediterranean region, most notably Spain, Italy, and 
Greece. Summer temperatures usually average 75°F to 
80°F; but in coastal locations near cool currents, the 
average is 5°F to 10°F lower. Typical temperature aver- 
ages for the coldest months are 45°F to 55°F. Coastal 
locations are usually somewhat warmer in the winter 
than inland locations. Total annual rainfall is normally 
15 to 30 inches along the equatorial margins and in- 
creases poleward. This climate is a transitional zone 
between the dry west coast desert and the wet west coast 
climate. The westerly winds and cold ocean currents 
are the controlling influences of the Mediterranean cli- 
mate. An example of a cold current which affects cli- 
mates are the Humbolt Current (Peru Current) along 
the coast of Chile, Peru, and California. 


d. Major topographical characteristics found in tem- 
perate regions are: 

{1) Mountains. Areas of steep slopes with local re- 
lief of more than 2,000 feet. Examples of this land form 
are the Rocky Mountains of North America, the Andes 
Mountains of South America, and the Himalayan 
Mountains of Asia. 
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(2) High Tablelands. Upland surfaces over 5,000 
feet in elevation and having local relief of less than 
1,000 feet, except where cut by widely separated cany- 
ons such as the High Tableland of the Wyoming Basin. 


(3) Hills and Low Tablelands. Hill areas having 
local relief of more than 325 feet but less than 2,000 
feet. At the ocean shoreland, however, local relief may 
be as low as 200 feet. A low tableland is an area less 
than 5,000 feet in elevation with local relief less than 
325 feet, but which (unlike plains) either does not reach 
the sea or where it does, terminates in a bluff overlook- 
ing a low coastal plain. Examples of this terrain can be 
found in the Appalachian Mountains, Quebec, Southern 
Argentina. 


(4) Plains. Surfaces with local relief of less than 325 
feet. On the marine side, the surface slopes gently to the 
sea. Plains rising continuously inland may attain eleva- 
tions of high plains—over 2,000 feet. The greatest ex- 
panses of plains occur in the center of the North Ameri- 
can Continent, Eastern Europe, and Western Asia 
(figure 11-23). 


(5) Depressions. Basins surrounded by mountains, 
hills, or tablelands which abruptly outline the basins. 
Examples of depressions can be found in the southwest- 
ern United States. 


e. There are several biomes of plants and animal life 
within the temperature zone, and the characteristic life 
forms are dependent upon climatic characteristics with- 
in a specific area. The biomes are named for the plants 
most plentiful in the area. 


(1) Coniferous Forests (figure 11-24). These occur 
in a broad band across the northern portions of the 
continents of North America, Europe, and Asia. The 
northern boundary is the tundra and the southern limits 
are generally around 50 degrees north latitude. Howev- 
er, this zone extends down to 35 degrees north latitude 
in the mountainous regions of the western North Ameri- 
can continent. This biome corresponds with the humid 
continental climate, except in the mountainous portions 
of North America below 50 degrees north latitude. The 
main life forms in this zone are the conifers or needle 
leaf, cone-producing trees, such as pines, firs, spruces, 
and hemlock. In these areas, the trees may grow closer 
together, not being severely limited by a need for sun- 
light, and are subject to frequent fires caused by light- 
ning. When this occurs, the ecological succession is re- 
versed, allowing low shrubs to spring up in the burned- 
over areas, Although the conifer is the predominate 
tree, there is more subclimax or secondary growth in 
these biomes than in climax forests (mature or primary 
forests). In these areas, the pines, alders, aspen, and 
poplars are the dominant trees. The dominant shrubs 
are heather, small maples, and yews. If forced to survive 
in these areas for long periods, especially in winter, the 
survivor will find that edible food plants are scarce (fig- 
ure 11-25). 
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Figure 11-22. Red Mangrove and Swamps. 


(a) In winter, the primary edible food plants 
available are: 


-1.Rootstalks. -5.Resins (from pines). 


-2.Bulbs. -6.Infusion (teas) from 
-3.Roots. evergreen needles. 
-4.Seeds. -7.Bark (inner part). 


(b) During the summer months, many more 
plants are available for food, including: 


-1.Nuts. -19.Fiddleheads (Ferns). 

-2.Sweet Acacia. -20.Chufa (Nut Grass). 

-3.Water Plantain. -21.Chestnut. 

-4 Shoots (potherbs),  -22. Wild Crabapple. 

-5.Wild Apple. -23.Wild Dock. 

-6.Polypody. -24,Chicory. 

-7.Leaves (potherbs).  -25. Wild Filbert 

-8.Baobab. (Hazelnut). 

-9.Wild Rhubarb. -26, Wild Grape. 

-10.Pollen (cattatl). -27.Juniper. 

-11.Beechnut. -28.Common Jujube. 

-12.Flowering Bush. -29.Pine Nuts. 

-13.Flowers. -30.Spreading Wood Fern. 

-14,Braken (Fern). -31.Wild Lily. 

-15, Wild Sorrel. -32.English Oak (Acorn). 

-16.Fruits (dessert). -33. Tree Fern. 

-17.Wild Calla -34, Water Lily 

-18.Cattail. (Temperate Zone). 
(water Arum). 
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(c) In many places, the ground is thickly covered 
with mosses and there may be a few varieties of early 
flowering plants and many berry-bearing shrubs which 
invite birds and mammals into the open areas. Some of 
the largest herbivores (plant eaters) live in these ever- 
green forests—caribou, reindeer, moose, and deer. The 
small herbivores may include porcupines, several spe- 
cies of squirrels, mice, and rabbits. The carnivores (flesh 
eaters) which feed upon the smaller animals include 
black bear, gray wolf, lynx, wolverine, red fox, and wea- 
sel. Multitudes of insects provide food for the birds. 
(These insects may also present a menace to the survi- 
vor). A large variety of birds feed not only on insects but 
also on plants. 

(2) Deciduous Forests. Decodipis (broad leaved) 
forests are found extensively in the eastern portion of 
the United States; in Europe, between 40 to 50 degrees 
north latitude; and also in eastern portions of the 
USSR, China, Korea, and Japan from 35 to 50 degrees 
north latitude. This biome corresponds with the sub- 
tropic and humid continental climatic zones; the area in 
which any deciduous forest group determines the pre- 
dominant trees or climax vegetation found there. Here 
are a few examples: In north central United States, 
Beech and Maple trees assume the dominant role; in 
Wisconsin and Minnesota, it is Basswood and Maple; in 
the eastern and southern regions, the dominant trees are 
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Figure 11-23. Plains. 


Oak and Hickory (figure 11-26). There are also spots in 
this biome where pines and broadleaf evergreens grow. 
(3) Deciduous and Mixed Deciduous-Coniferous 
Forest: 
(a} Deciduous and mixed deciduous-coniferous 
forests manifest the following characteristics: 

-1, Warm summer with rain; winters cold and 
drier; short drought periods. 

-2, Only three stories of vegetation (trees, 
scrubs, herbs). 

-3. Broadleaf trees without leaves in winter. 

-4, Mature trees, uniform in height. 

-5. Unimpeded view into interior of forest. 

-6. Few herbs, ferns, mosses in summer, and 
abundance of edible fungi in spring and autumn. 

-7. Trunks of trees covered with thick-fissured, 
dark-colored bark. 

-8. Resting buds enclosed in hard scaly protect- 
ing leaves frequently covered with gum or resin. 

-9, For the most part, leaves are thin and deli- 
cate, rarely thick and leathery like those of tropical rain 
forest trees. 

(b) The deciduous and mixed deciduous-conifer- 
ous forests that predominate over much of eastern Unit- 
ed States are typical of this vegetation type. The decidu- 


National Geographic Society, Photo by George B. Schalier 


ous forest is wholly temperate in character. By contrast 
with the tropical evergreen forest with its richly shaded 
but chiefly dark glossy green canopy, the broadleaved 
temperate forest extends in a uniformly bright green 
expanse. The temperate deciduous and mixed decidu- 
ous-coniferous forest vegetation type occupies extensive 
areas in several parts of the world (figure 11-27). 


-1. North America. Eastern United States. 

-2. South America. Southern Chile, southeast- 
ern Brazil. 

-3, Europe. Western and northern Europe, 
southern Scandanavia, southeastern Europe (Balkans). 

-4. Asia. South central Siberia, southeastern Si- 
beria and part of Manchuria, Korea (throughout), Japan 
(throughout), China (throughout except the extreme 
south and extreme north). 

-5. Oceania. New Zealand. 


(c) A general characteristic of a climax forest is 
the stratification of layers of plant growth similar to the 
canopy systems in the tropical rain forest. In a climax 
forest, there are usually a limited number of flowering 
plants, ferns, and shrubs for ground cover. The edible 
food plants in the vegetation zone are numerous, and a 
large array of edible species are available and include: 
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Figure 11-24. Coniferous Forest. 


-1.Amarath. 
-2.Chestnut, Water 
(Trapa Nut). 
-3.Wild Lily. 
-4,.Wild Apple. 
-5.Chicory. 
-6.Lotus Lily. 
-7.Beechnut, 
-8.Chufa (Nut Grass). 
-9. Mulberry. 
-10.Braken (Fern). 
-11.Wild Filbert 
(Hazelnut). 


-12.English Oak (Acorn). 


-13.Wild Calla 
(Water Arum), 
-14.Wild Grape. 
-15.Wild Onion. 
-16.Cattail. 
-17.Common Jujube. 


-18.Pine Nuts, 
-19.Chestnut. 
-20.Juniper. 
-21.Polypody. 
-22.Air Potato 

{ubi Tuber). 
-23.Tree Fern. 
-24.Wild Dock. 
-25.Purslane. 
-26.Wild Tulip. 
-27.Water Plantain. 
-28.Wild Rhubarb. 
-29,Walnut. 
-30.Pokeweed. 
-31.Flowering Rush. 
-32,Water Lily. 
-33.Tropicail Yam. 
-34, Wild Sorrel. 
-35.Wild Crabapple. 


{d) Animal life associated with deciduous forests 
is more varied and plentiful than in evergreen forests, 
































though some animals such as certain species of deer, 
squirrels, martins, lynx, and wildcats are common in 
both areas. Wolves, foxes, and other small carnivores 
(flesh-eating animals) feed mainly on small rodents. 
Some forest dwellers, such as rodents, dig their dens 
below the ground while other dens are dug near streams 
where food and shelter are found. In the aquatic envi- 
ronment, the beaver builds dams for food and shelter. 
Muskrat, otter, and mink also seek the water’s edge, 
while snakes, turtles, and frogs are found in the streams 
or lakes. 
(4) Steppes and Prairies: (See figure | t-28.) 

(a) The part of Russia extending from the Volga 
River through central Asia to the Gobi Desert has been 
referred to as the steppes. However, as a vegetation 
type, the steppe grasslands occur in many other parts of 
the world. The rainfall in steppe areas averages 15 to 30 
inches per year, as compared to prairie areas which 
average 30 to 40 inches per year. The general aspect of a 
steppe area, like the prairie, is a broad treeless expanse 
of open countryside which may be quite rolling in 
places. The principal steppe areas are: 
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Figure 11-25. Coniferous Forest. 
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Figure 11-26. Deciduous Forest. 


-1, North America. Western Great Plains of the 
United States. 

-2. South America. Argentina. 

-3. Africa. Narrow belt extending across Africa 
on the southern rim of the Sahara, and parts of Ethiopia 
and Kenya. 

-4, Europe. Southeastern Russia. 

-5. Asia, Turkey, [ran, Baluchistan, Pakistan, 
Turkestan, and a broad belt through central Asia. 

-6. Australia. Fringes of the great central de- 
sert, especially in eastern Australia. 

(b) The prairie and steppe areas are very closely 
related. However, the true prairie supports a somewhat 
different flora than the steppe areas, and for this reason, 
it is important that they be discussed separately. The 
chief distinction between prairie and steppe is the sea- 
sonal distribution of rainfall. 

PRAIRIE STEPPE 
Rainfall per year 30-40 inches 15-30 inches 
Subsoil Permanently moist Permanently dry 


In both, the precipitation comes during the short grow- 
ing season (spring). Summers are hot with intermittent 
showers, The primary prairie regions of the world are: 
-1, North America. South central Canada, and 
east central United States. 
-2. South America. Northeastern Argentina, 
Uruguay, Paraguay, and Brazil. 
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-3. Africa. Union of South Africa. 

-4. Europe. Parts of Hungary, Rumania, and 
Russia (Ukraine and in a belt extending through central 
Russia to the Urals). 

-5. Asia, Manchuria. 

(c) The main plants in these biomes are grasses. 

Due to different conditions various characteristic 
grasses grow in specific areas on the prairies. The tall 
grasses are found near the edges of deciduous forests 
where larger amounts of water are available. The mid- 
grasses grow farther west, close to the Great Basin with- 
in the United States with short grasses growing in the 
rain shadows of the mountains. Wild flowers and other 
annuals are found throughout these regions. On the 
fringes of the desert, desert plants may have moved into 
the grasslands. The following are food plants of the 


steppes: 
-1.Sweet Acacia. -9,Wild Tulip. 
-2.Wild Chicory. -10.Wild Calla (Water 
-3.Wild Rose. Arum). 
-4. Amaranth, -11.Wild Onion. 
-5,Chufa {Nut Grass). -12.Water Lily. 
-6.Wild Sorrel. -13.Cattail. 
-7 Baobab. -14.Sea Orach. 
-8.Wild Dock. 


(d) Common herbivores of the prairies are 
ground squirrels, prairie dogs, rabbits, gophers, and a 
great many species of mice. These are preyed upon by 
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Phase II included the analysis and comparison of papers related to the category of IoT in 5G 
service classification. Papers were first sorted according to the existing classification criteria of 
IoT applications in order to underline their deficiencies from telco’s perspective. Since emerging 
IoT applications generate traffic driven by less predictable activities, specifying their performance 
requirements and enabling technologies is not an easy task from telco’s point of view. Therefore, 
we have proposed a common set of activities to serve as classification criteria of loT applications. 
Four activities were selected based on IoT customer service requests denoting the function/purpose 
of existing IoT applications. According to the authors’ knowledge, existing IoT applications can be 
grouped around following activities: ticketing, tracking, monitoring, and managing/controlling. Such 
a classification makes it easier for telecom operators to associate particular IoT applications to the 
relevant 5G service class. Finally, Phase II has resulted in the proposal of an activity-based classification 
of IoT applications which was associated with the 5G service classification. 

Phase III included the analysis of papers related to the category of IoT in 5G performance 
requirements. Papers were grouped according to eight key performance indicators, i.e., data rate, 
mobility, latency, connection density, reliability, positioning accuracy, coverage, and energy efficiency. 
These performance requirements were prioritized indicating high, medium, and low importance of 
each requirement for specific activity-based IoT application classes proposed in Phase II. Finally, Phase 
III resulted in the identification of highly important performance requirements for each activity-based 
IoT application class which can be utilized by telcos to identify 5G enabling technologies used to 
meet them. 

Phase IV provided a review of papers from the category of IoT in 5G enabling technologies. Papers 
were first sorted according to eight technological groups used in the radio access part of 5G networks, 
i.e., wide and flexible bandwidth technology, advanced modulation and coding, duplexing, multiple 
access and waveform, advanced interface management, access architecture related radio technologies, 
energy related technologies, and other technologies. These technologies have been discussed in terms 
of their possibility to meet the high priority performance requirements of mMTC activity-based IoT 
application classes, since this area is more mature from telco’s perspective. The results of Phase III 
were reflected in a proposal of technologies in the radio access part of 5G networks that can be used to 
meet the high priority performance requirements of the mMTC activity-based IoT class, as well as the 
identification of research gaps and directions for future work. 


3. IoT in 5G Service Classification 


As mentioned in the Introduction, various challenges awaiting telcos can be identified on the 
basis of the role that they will play in the IoT value chain. Regardless of this role, telcos will face many 
technical challenges, such as the necessity for global deployment, the need for rapid infrastructure 
scaling, unpredictable IoT application behavior, etc. Even now, existing IoT applications accelerate 
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Figure 11-27. Hardwood (Seasonal). 


badgers, coyotes, foxes, skunks, and hawks. Prairie ani- 
mals travel in packs or herds which serve both to pro- 
tect their individual members and assist in hunting 
prey. They typically have excellent vision and sense of 
smell, but their hearing, though keen, may be impaired 
by the noise of the pack or herd. 

(e) A number of birds nest among the grasses. 
These include the meadowlark, prairie chicken, and 
grouse. During the dry season, some of these birds mi- 
grate to places better suited to raising their young. 

(f) Insects hke grasshoppers are well adapted to a 
grassland environment. The natural enemies of such 
insects are birds and reptiles which in turn become the 
prey of owls and hawks. 


(5) Evergreen Scrub Forests. These biomes occur in 
southern California, in countries around the Mediterra- 
nean Sea, and in southern portions of Australia and 
correspond with the Mediterranean climate (figure 
11-29), 

(a) The major life form in this area is vegetation 
composed of broad-leaved evergreen shrubs, bushes, 
and trees usually less than 8 feet tall. This vegetation 
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generally forms thickets. Sage and evergreen oaks are 
the dominant plants in North America in areas with 
rainfall between 20 and 30 inches. Areas with less rain- 
fall or poorer soil have fewer, more drought-resistant 
shrubs such as manzanita. Scrub forest vegetation be- 
comes extremely dry by late summer, The hot, quick 
fires that commonly occur during this period are neces- 
sary for germination of many shrub seeds and also serve 
to clear away dense ground cover. This ground cover is 
difficult for the survivor to penetrate. The branches are 
tough, wiry, and difficult to bend. Trees are usually 
widely scattered, except where they occur in groves near 
a stream. Usually, both trees and shrubs have undivided 
leaves. Grasses and brightly colored spring-flowering 
bulbs and other flowers may also be found, The survivor 
will find relatively few kinds of edible plant food within 
the scrub forest. During the growing season—usually 
only the spring months—the following kinds of plant 
foods are available: 


-1.Agave (Century 
Plant). (See figure 
11-30.) 


-2,Wild Dock. 
-3, Wild Pistachio. 
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Figure 11-28. Steppes. 


-4.Almond. -10.Chicory. 

-5.Wild Grape. -11.English Oak (Acorn). 
-6. Wild Sorrel. -12.Walnut. 

-7,Wild Apple. -13.Wild Crabapple. 

-8. Juniper. -14.Wild Onion. 

-9, Wild Tulip. 


(b) Deer and birds usually inhabit these forests 
only during the wet season, which is the growth period 
for most scrub forest planis. Small dull colored animals 
such as lizards, rabbits, chipmunks, and quail are year- 
round residents. 


11-6. Snow Climates. “Snow climates” are defined as 
the interior continental areas of the two great land- 
masses of North America and Eurasia that lie between 
35 and 70 degrees north latitude. The tree line provides 
the best natural boundary for a topographical descrip- 
tion of the snow climate areas. There are definite differ- 
ences between the forest area to the south and the tun- 
dra to the north in snow-cover characteristics, wind 
conditions, animal types, and vegetation. Snow cli- 





0 30 


mates are comprised of two separate climate types: con- 
tinental subarctic and humid continental. 

a. The continental subarctic climate is one of vast 
extremes. The temperature may range from -108°F to 
110°F. Temperatures may also fluctuate 40 to 50 de- 
grees within a few hours. This area includes several 
climate subtypes. The largest areas run from Alaska to 
Labrador and Scandinavia to Siberia. They are cold, 
snowy forest climates, moist all year, with cool, short 
summers. A colder climate is found in northern Siberia 
which has very cold winters with an average cold tem- 
perature of -36°F. Another area is found in northeastern 
Asia where the climate is a cold, snowy forest climate 
with dry winters. Winter is the dominant season of the 
continental subarctic climate. Because freezing temper- 
atures occur for 6 to 7 months, all moisture in the 
ground is frozen to a depth of many feet. 

b. The humid continental climates are generally locat- 
ed between 35 and 60 degrees north latitude. For the 
most part, these climates are located in central and east- 
erm parts of continents of the middle latitudes. These 
climates are a battle zone of polar and _ tropical 
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Figure 11-29. Evergreen Scrub Forest. 


airmasses. Seasonal contrasts are strong and the weather 
is highly variable. In North America, this climate ex- 
tends from New England westward beyond the Great 
Lakes region into the Great Plains and into the prairie 
provinces of Canada. This climate can also be found in 
central Asia. The summers are cooler and shorter than 
in any other climate in the temperate zone with the 
exception of the highland (Alpine) subarctic climate. 
The summer temperatures range from 60°F to 70°F. 
The winter temperatures range from -15°F to 26°F. The 
precipitation for the year varies from 10 to 40 inches. A 
higher percentage of the precipitation is snow, with less 
snow occurring in areas along the coasts. The weather is 
influenced by the polar easterly winds and the subtropi- 
cal westerly winds. The effect of ocean currents on this 
continental climate is minimal. This climate is domi- 
nated by the high- or low-pressure cells centered in in- 
teriors of the continent. 


c. Both climate regions have seasonal extremes of 
daylight and darkness resulting from the tlt of the 
Earth’s axis {figure 11-31). Snow climate nights are long, 
even continuous in winter; conversely, north of the Arc- 









































tic Circle, the Sun is visible at midnight at least once a 
year. Darkness presents a number of problems to the 
survivor. No heat is received directly from the Sun in 
midwinter, thus the cold reaches extremes. Outside ac- 
tivities are limited to necessity, although the light from 
the Moon, stars, and auroras, shining on a light ground 
surface, is of some help. Confinement to cramped 
quarters adds boredom to discomfort, and depression 
becomes a dominant mood as time drags on. Fortunate- 
ly, the period of complete darkness does not last long. 


d. The terrain of the snow climate areas coincides 
with a great belt of needle-leaf forests. This region is 
found in the higher middle latitudes. Its poleward side 
usually borders on tundra and its southern margin usu- 
ally adjoins continental temperate climates. This area is 
like the tundra because it has poor drainage. As a result, 
there are an abundance of lakes and swamps. The coast- 
lines vary from gentle plains sweeping down to the 
ocean to steep, rugged cliffs. Glaciers are a predominate 
feature of the high altitudes (6,000-feet elevation or 
above). These glaciers ow down to lower elevations or 
terminate at the ocean. 
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Figure 11-30. Agave (Century Plant). 


e. The vegetation is similar to that found in more 
temperate zones; however, the cold temperatures have 
caused variations in the physical appearance of the 
plants. Dark evergreen forests thrive south of the tree 
line. They consist mainly of cedar, spruce, fir, and pine, 
mingled with birch. These subarctic forests are called 
taigas. A transitional zone lies between the taiga and the 
tundra. In this zone, the trees are sparse and seldom 
grow over 40 feet tall. Dwarf willow, birch, and alder 
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mix with evergreens, and reindeer moss sometimes 
forms a thick carpet (figure 11-32). 

f. Depending on the time of year and the place, 
chances for obtaining animal food vary considerably. 
Shorelines are normaily scraped clean of all animals and 
plants by winter ice. Inland animals are migratory, 

(1) Large Arctic Game. Caribou and reindeer mi- 
grate throughout northern Canada and Alaska (figure 
11-33). In northern Siberia, they migrate inland to al- 
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Figure 11-31. Circle of Illumination. 


most 50 degrees north latitude. Some are found in west 
Greenland. All move close to the sea or into the high 
mountains in summer. In winter, they feed on the tun- 
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Figure 11-32. Subarctic Forest. 
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dra. Musk oxen may be found in northern Greenland 
and on the islands of the Canadian archipelago. Sheep 
descend to lower elevations and to valley-feeding 
grounds in the winter. Wolves usually run in pairs or 
groups. Foxes are solitary and are seen most frequently 
when mice and lemming are abundant. Bears are dan- 
gerous, especially when wounded, startled, or with their 
young. They generally shun areas of human habitation. 
(2) Small Land Game. Tundra animals include 
snowshoe and arctic hare, lemming, mice, and ground 
squirrels. They may be trapped or shot in the winter or 
summer. Most prefer some cover and can be found in 
shallow ravines or in groves of short willows, Ground 
squirrels and marmots hibernate in the winter. In sum- 
mer, ground squirrels are abundant along sandy banks 
of large streams. Marmots live in the mountains, among 
the rocks, usually near the edge of a meadow or in deep 
soil—much like woodchucks. To find the burrow in 
rocky areas, look for a large patch of orange-colored 
lichen on rocks. This plant grows best on animal or bird 
dung, and the marmot always seeks relief in the same 
spot, not far from a well-hidden entrance. 
g. The arctic is the breeding ground for many birds. In 
summer, ducks, geese, loons, and swans build their 
nests near ponds on the coastal plains or bordering lakes 





Photo by Daniel Yacko 
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or rivers of the low tundra. A few ducks on a small pond 
usually indicates that setting birds may be found and 
flushed from the surrounding shores. Swans and loons 
normally nest on small, grassy islands in the lakes. 
Geese crowd together near large rivers or lakes. Smaller 
wading birds customarily fly from pond to pond. 
Grouse and ptarmigan, are common in the swampy for- 
est regions of Siberia. Sea birds may be found on cliffs 
or small islands off the coast. Their nesting areas can 
often be located by their flights to and from their feed- 
ing grounds. Jaeger gulls are common over the tundra, 
and frequently rest on higher hillocks. In the winter, 
fewer birds are available because of migratory patterns. 
Ravens, grouse, ptarmigan, and owls are the primary 
birds available. Ptarmigan are seen in pairs or flocks, 
feeding along grassy or willow-covered slopes. 


h. Arctic and tom cod, sculpin, eelpout, and other fish 
may be caught in the ocean. The inland lakes and rivers 
of the surrounding coastal tundra generally have plenty 
of fish which are easily caught during the warmer sea- 
son. In the North Pacific and in the North Atlantic 
extending slightly northward into the Arctic Sea, the 
coastal waters are rich in all seafoods. Varieties include 
fish, crawfish, snails, clams, and oysters, and one of the 
world’s largest and meatiest crabs—the king crab of the 
Aleutian Islands and Bering Sea areas. In the spring 
(breeding season), this crab comes close to shore and 
may be caught on fish lines set in deep water or by 
lowering baited lines through holes cut in the ice. Do 
not eat shellfish that are not covered at high tide. Never 
eat any type of shellfish that is dead when found, or any 
that do not close tightly when touched. Poisonous fish 
are rarer in the arctic than in the tropics. Some fish, 
such as sculpins, lay poisonous eggs; but eggs of the 
salmon, herring, or freshwater sturgeon are safe to eat. 
In arctic or subarctic areas, the black mussel may be 
very poisonous. If mussels are the only available food, 
select only those in deep inlets far from the coast. Re- 
move the black meat (liver) and eat the white meat. 
Arctic shark meat is also poisonous (high concentration 
of vitamin A). 


11-7. ice Climates. There are three separate climates in 
the category of ice climates: marine subarctic climate, 
tundra climate, and icecap climate (figure 11-34). 


a. Marine Subarctic Climate. Key characteristics of 
this climate are the persistence of cloudy skies and 
strong winds (sometimes in excess of 100 miles per 
hour) and a high percentage of days with precipitation. 
The region lies between 50 and 60 degrees north lati- 
tude and 45 to 60 degrees south latitude. The marine 
subarctic climate is found on the windward coasts, on 
islands, and over wide expanses of ocean in the Bering 
Sea and the North Atlantic, touching points of Green- 
land, Iceland, and Norway. In the Southern Hemi- 
sphere, this climate is found on smal! landmasses. 
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b. Tundra Climate. The tundra region lies north of 55 
degrees north latitude and south of 50 degrees south 
latitude. The average temperature of the warmest 
month is below 50°F. Proximity to the ocean and per- 
sistent cloud cover keep summer air temperatures down 
despite abundant solar energy at this latitude near the 
summer solstice (figures {1-35 and 1 1-36). 


c. Icecap Climate. There are three vast regions of ice 
on the Earth. They are Greenland and Antarctic conti- 
nental icecaps and the larger area of floating sea ice in 
the Arctic Ocean. The continental icecaps differ in vari- 
ous ways, both physically and climatically, from the 
polar sea ice and can be treated separately (figure 
11-37). 

{1) Greenland. The largest island in the world is 
Greenland. Most of the island lies north of the Arctic 
Circle and ice covers about 85 percent of it. The 
warmest region of the island is in the southwestern 
coast. The average summer temperature is 50°F. The 
coldest region is the center of the icecap. The tempera- 
ture there averages -53°F in the winter. 

{2) The Antarctic. The Antarctic lies in a unique 
triangle formed by South America, Africa, and Austra- 
lia. Surrounding the continent are portions of the Atlan- 
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tic, Pacific, and Indian Oceans. The area is almost 
entirely enclosed by the Antarctic Circle. The climate is 
considered as one of the harshest in the world. The 
average temperature remains below 0°F all year. In the 
winter months, the mean temperature is from -40°F to 
-80°F. Winter temperatures inland often drop below 
-100°F. Great storms and blizzards (with accompanying 
high winds) range over the entire area due to both the 
continent’s great elevation and by being completely sur- 
rounded by warm ocean water. 

(3) Sea Ice on the Arctic Ocean. Ice on the Arctic 
Ocean includes frozen sea water and icebergs that have 
broken off glaciers. This ice remains frozen near the 
North Pole year around. Near the coast, the sea ice 
melts during the summer. Currents, tides, and winds 
may cause it to fold and form high ridges called pressure 
ridges. One piece of ice may slide over another causing 
a formation called rafted ice. When the ice breaks into 
sections separated by water, these sections are called 
leads. Great explosions and rolling thunder are caused 
by the breaking and folding of the ice. 


d. Terrain. The terrain of the true ice climates encom- 
passes nearly every variation known. Much of the land- 
mass is composed of tundra. In its true form, the tundra 
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Figure 11-34. Tundra. 
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Figure 11-35. Winter Tundra. 


is treeless. Vast rugged mountain ranges are found in 
the area and rise several thousand feet above the sur- 
rounding areas. Steep terrain, snow and ice fields, gla- 
ciers, and very high wind conditions make this area a 
very desolate place. Continental glaciers such as the ice- 
caps covering Greenland and the Antarctic continent 
are large expanses of wind-swept ice moving slowly to- 
ward the sea. Ice thickness in continental glacier areas 
can exceed 10,000 feet. 


e. Vegetation: 

(1) Shrub Tundra. In Russia, the area surrounding 
the Lena River is known as a typical shrub tundra envi- 
ronment. Shrubs, herbs, and mosses occur in this zone. 
Arctic birch predominates but other shrubs occur and 
several may be useful as supplementary food such as the 
crystal tea ledum (Labrador tea), willows, and the bog 
bilberry. In this same shrub zone a lower herbaceous 
layer occurs which is composed of black crowberry, sev- 
etal grasses, and the cowberry. On the ground, mosses 
and lichens are present in abundance. The shrubs on the 
open tundra reach a height of only 3 to 4 feet but in 
valleys and along the rivers, the same shrubs may reach 
the height of a person. 


Photo by James Tourtillotte 


(2) Wooded Tundra. The region immediately ad- 
joining the treeless tundra is an extension of the conifer- 
ous areas of the south. These subarctic wooded areas 
include a variety of tree species of which the genus 
Picea (Spruce) predominates. On the Kola Peninsula of 
northeastern Scandinavia, these northernmost forests 
are birch. Siberian spruce occurs between the White Sea 
and the Urals. Siberian larch occurs between the Urals 
and the Pyasina River. Dahurian larch occurs between 
the Pyasina River and the upper reaches of the Anadyr 
River. In extreme northeastern Asia, Mongolian poplar, 
Korean willow, and birch are found along the rivers. 
The trees extending into the tundra are distinguished by 
their stunted growth (except in river valleys where they 
reach 18 to 24 feet) and sparseness. Permanent ground 
frost, or permafrost, penetrates most parts of the true 
tundra and the northern limits of the forest belt closely 
coincide with the southern limits of permafrost. A few 
different plants will cover very large areas so that exten- 
sive stands of a single variety of plant are common in 
the arctic tundra. All tundra plants are small in stature 
compared to the plants in the warmer climates of more 
southerly latitudes. The arctic willow and birch, for in- 
stance, spread along the ground in the tundra to form 
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Figure 11-36. Summer Tundra. 


large mats. Stunted growth in all the woody plants is the 
rule, although there are many evergreen plants and har- 
dy bulbous or tuberous plants. Lichens, especially rein- 
deer moss, are widespread in the tundra. As mentioned 
before, the plant life of the tundra is remarkably uni- 
form in its distribution. Some species are common to 
all three areas, but other species are more restricted in 
their distribution. The tundra also contains many spe- 
cies of vegetation found in the forest regions to the 
south (figure 1 1-38). 


(3) Bogs. The tundra has often been classified as a 
continuous bog, but this is far from the truth. Many 
bogs do exist. There are also many hilly and even moun- 
tainous areas with considerably drier soil. The moss, or 
sphagnum bog is less common than the sedge bog. A 
characteristic of more southern tundras is the develop- 
ment of large peat mounds 9 to 15 feet high and 15 to 
75 feet in diameter. These mounds have been formed by 
ground upheavals caused by freezing water. Many edi- 
ble plants grow on these bog mounds, such as the cloud- 
berry, dwarf arctic birch, bog bilberry, black crowberry, 
crystal tea ledum, sheathed cotton sedge, cowberry, and 
others. 


f. Animal Life. Compared to other parts of the world, 
animal life is poor in species but rich in numbers. Large 
animals such as caribou, reindeer, and musk oxen mi- 
grate through the tundra areas. Carnivores—wolves, 
foxes, lynx, woiverines, and bears—range through the 


landmass area and polar bears, seals, walruses, and fox- 
es are found far out on the sea ice. Small animals are the 
most abundant animal life found and include hares, 
lemmings, marmots, mink, fishers, and porcupines. 


(1) Bird life is very limited during the winter 
months, mainly owls and ptarmigan, but during the 
summer months millions of migratory waterfowl nest in 
the arctic tundra. Species include ducks, geese, cranes, 
loons, and swans, nesting in and around the swamps, 
bogs, and lakes of the tundra. The coastal areas are 
home for many species of sea birds during the summer 
months. The coastal waters and iceflows are rich in a 
variety of marine life such as seals, walruses, whales, 
crustaceans, and fishes. 


(2) The freshwater rivers, lakes, and streams are 
teeming with many varieties of fish—salmon, trout, and 
grayling. Due to the amount of surface water in the 
tundra area, there are a large variety of insects. Some 40 
to 60 species of mosquitoes, flies, and gnats inhabit the 
area. 


(3) In the Antarctic, animals are virtually nonexis- 
tent. Only the lowest forms of animal life can live main- 
ly on mosses and lichens. Marine animals, particularly 
whales, seals, and penguins, are found along the coastal 
regions. Sea birds are abundant in the summer and nest 
on the coastal regions and the islands. There are a few 
species of wingless insects, lice, ticks, mites, etc., which 
live off the bird population. 
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Figure 11-37. Ice Climate. 


11-8. Open Seas. The Koppen-Geiger system of cli- 
mate classification has been used to describe the envi- 
ronmental characteristics of the landmasses. However, 
this system is not used to categorize the largest area of 
the world—the oceans. They are simply divided by their 
names and locations. All limits of oceans, seas, etc., are 
arbitrary, as there is only one global sea. The terms 
“sea” and “ocean” are often used interchangeably in 
reference to saltwater. However, from a geographic 
point of view, a sea is a body of water that is substan- 
tially smaller than an ocean or is part of an ocean. 


a. The seas cover 70.8 percent of the Earth’s surface. 
The waters are not evenly distributed, covering 61 per- 
cent of the surface in the Northern Hemisphere and 81 
percent in the Southern Hemisphere. Traditionally, the 
seas are divided into four oceans: Atlantic, Pacific, Indi- 
an, and Arctic. These, with their fringing gulfs and 
smaller seas, make up the world’s seas. If the land fea- 
tures of the Earth were smoothed out, the seas would 
cover the entire globe to a depth of 12,000 feet. Mount 
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National Geographic Society, Photo by Peter Schledermann 


Everest, the tallest mountain peak (29,028 feet), would 
disappear without a trace in the 37,800-foot deep Mari- 
anas Trench in the western Pacific Ocean. The sea floor 
is made up of mountains, valleys, great plains, and deep 
trenches. The deepest trenches and tallest mountains 
are found in the north Pacific. The sea floor features do, 
to some extent, influence the surface properties of the 
seas; that is, currents, waves, and tides. 


b. The average salinity of the seas is usually taken as 
3.5 percent. Higher values occur at or near the surface 
in areas where high temperatures and strong, dry winds 
favor evaporation. The highest salinities occur in semi- 
landlocked seas at mid-latitudes such as the Red Sea, 
the Persian Gulf, and the Mediterranean Sea. The Pacif- 
ic Ocean is the largest and is over twice the size of the 
Atlantic or Indian Oceans, Its size allows for greater 
climatic variations and more widespread influence. Due 
to similar latitudinal references the Atlantic and Pacific 
Oceans have many similar characteristics. The Indian 
Ocean is slightly smaller than the Atlantic, but is more 
significantly influenced by a continental landmass than 
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the growth rate of traffic driven by less predictable activities which require new strategies towards 
5G networks. These networks will be the key enabler for loT applications by providing a unified 
infrastructure capable of meeting the high variability of their performance requirements [8,16]. Various 
stakeholders have recently described what 5G networks may be and grouped the major types of 5G 
services into three different classes: (1) xMBB—Requiring extremely high data rates and low-latency 
communication; (2) mMTC—Requiring scalable connectivity for an extremely large number of devices; 
and (3) uMTC—Requiring ultra-reliable low-latency and resilient communication [198]. This 5G service 
classification can be used by telcos to identify performance requirements of various IoT applications, 
and, as such, was used in this research study. However, emerging IoT applications will have extreme 
requirements, so an analysis based solely on 5G service classifications may not be sufficient. Therefore, 
telcos need a more precise classification of loT applications which is an important precondition for 
meeting their diverse requirements. 

IoT covers human-to-human (H2H), human-to-machine (H2M) and machine-to-machine (M2M) 
communication, which will be the main driving force towards 5G networks. In addition, the terms 
M2M communication (M2MC) and machine type communication (MTC) are used interchangeably 
as in [17-19,89-93,199,200]. Although IoT is a broader concept which evolves from M2M, this paper 
assumes that IoT and M2M are synonyms as in [94]. 


3.1. Existing Classifications of loT Applications 


In order to meet the requirements of a wide range of IoT applications, they have to be classified 
in an appropriate manner. The existing approaches to the classification of IoT applications are 
summarized in Table 2. loT serves different user categories, including individuals, businesses, and 
society as a whole, and may span through a broad range of application domains [4,10-12], such as 
transportation and logistics, healthcare, smart environment, personal and social, futuristic applications, 
food sustainability, smart living, smart manufacturing, smart energy, smart city, etc. These application 
domains are created to be human-centric, which means that they cover different domains of human 
life. IoT applications belonging to these domains have diverse requirements for 5G networks, and 
should not be treated equally. Therefore, the acceptance of these domains as a classification criterion 
raises the issue of assigning IoT application to a particular domain. Moreover, the emergence of new 
applications of loT may require defining new application domains, which makes this classification 
inappropriate from telco’s perspective. 

The M2M applications may be classified by the mobility and the amount of dispersion that 
needs to be supported into four categories [13]: (1) fixed and concentrated; (2) fixed and dispersed; 
(3) mobile and concentrated; and (4) mobile and dispersed. However, the mobility and amount of 
dispersion present very rough classification criteria and cannot meet the precise network requirements 
of individual IoT applications. 

Additionally, M2M applications can be grouped according to delay tolerance into four 
categories [14]: (1) elastic (delay tolerant); (2) hard real-time (delay constraint); (3) delay-adaptive (delay 
sensitive but tolerant); and (4) rate-adaptive application (adjust their transmission rates according to 
available radio resource). However, the main drawback of this classification is the lack of consideration 
of other IoT application requirements except delay tolerance, although its importance as a classification 
criterion has been recognized. 

According to data reporting mode, the M2M applications can be classified into five categories [91]: 
(1) time-driven; (2) query-driven; (3) event-driven; (4) continuous-based; and (5) hybrid-driven. 
This classification is specific for the former oT concept, which is narrower in nature than the definition 
adopted in this study. 

Another study considered the reliability, availability, and end-to-end latency in order to classify 
IoT applications into two groups [15]: (1) monitoring-based and mission-critical; (2) monitoring-based 
and non-mission critical; (3) control-oriented and mission-critical; and (4) control-oriented and 
non-mission critical. Monitor-based IoT applications periodically collect sensor data from smart 
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Figure 11-38. Arctic Zone Composite. 
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any other ocean. The Arctic Ocean is generally recog- 
nized as that body of water which lies north of 75 de- 
grees latitude and is nearly enclosed by landmasses. 

c. Within each of these four major oceans, numerous 
subdivisions known as seas, may be geographically al- 
igned along indistinct boundaries (island chains; geogra- 
phy of ocean floor). Examples are: 

(1) The Coral Sea is an arm of the South Pacific 
Ocean lying east of Queensland, Australia, and west of 
New Hebrides and New Caledonia. It extends from the 
Solomom [Islands on the north to the Chesterfield Is- 
lands on the south. , 

(2) The Bering Sea is located between Alaska and 
Eastern Siberia, with its southern boundary formed by 
the arc of the Alaskan Peninsula and the Aleutian Is- 
lands. The Bering Strait connects it with the Arctic 
Ocean to the North, 

d. Many water bodies are partially enclosed by land 
and are known as gulfs. An example would be the Gulf 
of Mexico. 


11-9. Ocean Currents. The ocean has a complex circu- 
lation system made up of a variety of currents and 
countercurrents. These currents move at a rate from 
barely measureable to about 5.75 miles per hour. They 
may be relatively cold or warm currents and influence 
the climate and environment that exists on land and 
over the ocean. There is a constant movement of water 
from areas of high density, salinity, concentration, and 





Figure 11-39. Ocean Currents. 
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pressure to areas of low density, salinity, concentration, 
and pressure in an attempt to establish an equilibrium. 
These factors influence the movement of ocean cur- 
rents. However, the primary influence on ocean cur- 
rents is the wind. They also may be diverted by the 
Coriolis Force and Continental Deflection (figure 


11-39). 


11-10. Climatic Conditions. To fully understand the 
general climatic conditions and seasonal variations that 
exist over the global sea, each major ocean must be 
examined separately, with the exception of the Atlantic 
and Pacific whose similar latitudinal references result in 
like characteristics (exceptions will be noted). The two 
physical phenomenons which have the greatest impact 
upon climate are currents and systems of high and low 
air pressures. 

a. Currents with their basic characteristics of being 
either warm or cold and their inevitable convergence 
influence the environment of the open seas. Equally 
significant as the ocean influence on typical weather 
sequences (for example, temperature, wind, precipita- 
tion, and storms) are semi- and quasi-permanent cen- 
ters of high and low atmospheric pressures. To observe 
their effect on climate, imagine a hypothetical voyage 
from the Pole to the Equator. The southern limit of the 
solidly frozen arctic icepack varies in latitude from 
about 65 to 75 degrees between February and August. In 
the winter, brief periods of calm, clear weather with 2 


WARM CURRENTS 
—_> 
COOL CURRENTS 
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mean temperature of -5°F are interspersed between 
passages of cyclonic storms characterized by snow, 
winds 30 to 40 mph, temperatures from -20°F to -30°F, 
and gale-force winds 30 percent of the time. In the sum- 
mer, frequent periods of several days of calm or light 
variable winds with temperatures in the mid-40’s may 
be experienced. Skies are uniformly overcast with layers 
of stratus or nimbostratus clouds. Dense fog banks are 
prevalent during calms. Rain or drizzle may continue 
for weeks at a time. One of the most stormy regions in 
the hemisphere is in the middle of the prevailing wester- 
lies at 50 degrees north latitude. In the winter, calms are 
rare with winds of 15 to 20 knots and temperature near 
freezing. Every 2 to 3 days, a pale sun and scattered 
clouds give way to cumulostratus clouds and rain 
squalls. Wind intensity may reach 50 to 60 knots with 
temperatures dropping to -10°F to -15°F as the rain 
turns to sleet, soft snow, or hail. In the summer, pro- 
tracted periods of fog, low stratus clouds, and drizzle 
exist with moderate breezes. The weather improves in 
the fall with a week or so of calm, clear weather in late 
September. As we move south to 40 degrees north lati- 
tude and the horse latitudes, the semipermanent high- 
pressure centers result in generally fair, clear weather 
with a tendency toward dryness. In the winter, tempera- 
tures hover near 50°F and summer brings temperatures 
into the 70’s with calms existing one-fourth of the time. 
Below 25 degrees north latitude, in the heart of the 
trade wind belt, winds of 5 to 15 mph are normal. End- 
less bands of cumulus clouds and clear sky exist with 
little difference between summer and winter. Daytime 
temperatures range from 70°F to 80°F. 

b. In the Atlantic, Pacific, and Indian Oceans between 
5 degrees north latitude and 5 degrees south latitude, an 
equatorial trough of low pressure forms a belt where no 
prevailing surface winds exist and is known as the dol- 
drums. Instead, the lack of extreme pressure gradients 
result in shifting winds and calms which exist as much 
as one-third of the time. Intense solar heating results in 
violent thunderstorms associated with strong squall 
winds. The convergence of these equatorial winds and 
trade winds from the intertropical front can be seen at a 
great distance because of towering cumulus clouds ris- 
ing to 30,000 feet. 

c. In the vicinity of the intertropical front, heavy con- 
vective showers are quite common. Across the Atlantic 
and Eastern Pacific, the front is usually north of the 
Equator. Over the western Pacific, west of 180-degrees 
longitude, the doldrum belt oscillates considerably. Ar- 
eas north of the Equator receive their heavy rainfall 
from June to September. Areas south of the Equator 
receive their heaviest precipitation between December 
and March. The meteorological sequence described 
above may be interrupted by periods of extreme weath- 
er centered around low pressure. 

d. Waterspouts are the marine equivalent of torna- 
does attached to the base of a cumulus or cumulonim- 
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bus cloud. They are common off the Atlantic and Gulf 
coasts of the United States and along the coasts of Japan 
and China during any season. They are usually seen 
around noon when solor heating is the greatest. They 
are small in diameter (10 to 100 yards) and short in 
duration (10 to 15 minutes). Waterspouts generally ex- 
hibit less intensity than overland tornadoes. 

e. Hurricanes and typhoons are synonyms for tropical 
cyclones whose maximum winds exceed 75 mph. They 
occur in the warm western sectors of all oceans during 
summer and fall. Winds may reach 170 to 230 mph. 
The lifespan of tropical cyclones ranges from 1 to 2 
weeks. In the middle and high latitudes, extratropical 
cyclones contrast with tropical cyclones in several ways. 
There is no warm, clear eye, but rather, a cold region of 
heavy precipitation. Sustained winds are more moder- 
ate (70 to 80 mph). Extratropical cyclones may persist 
for 2 to 3 days at a fixed location. 

f. All ocean currents have a profound influence on 
climate since the properties of the surface largely deter- 
mine the properties of the various airmasses. The fol- 
lowing are a few examples. 

(1) The cold water of the Peru or Humbolt currents 
has a tremendous affect on the climate of Peru and 
Chile. The cold air that lies over the current is warmed 
as il reaches land, increasing its capacity to hold mois- 
ture, The warm air does not give up the moisture until it 
passes over the high Andes Mountains. This accounts 
for the dry climate of the coast of Chili and Peru and a 
more temperate climate toward the Equator than is usu- 
ally found in the lower latitudes. 

(2) Where the Labrador current contacts the warm 
gulf stream, fog prevails and steep temperature gradi- 
ents are present. The northeast coast of North America 
has much colder climates than the west coast of Europe 
at the same latitude. 

(3) The warm gulf stream current accounts for the 
continually warm and pleasant weather in the Caribbe- 
an Sea and the Gulf of Mexico. 

(4) The winds blowing off the warm water of the 
Norwegian and east and west Greenland currents ac- 
count for the unusually mild climates in northern Eu- 
rope. At the same latitude elsewhere, the temperatures 
are usually much colder. 


11-11. Life Forms. Life forms in the seas range from 
one-celled animals (protozoan) to complex aquatic 
mammals, The fish and aquatic mammals rule the sea 
and are of the most concern to anyone in a survival 
situation on the open seas. The majority of fishes and 
mammals can be used as food sources, but some must 
be considered as a hazard to life; such as, sharks, 
whales, barracudas, eels, sea snakes, rays, and jellyfish. 
a. Sharks. (See figure 1-40.) 

(1) Most sharks are scavengers, continuously on the 
move for food. If none is available, they lose interest 
and swim on. Even in warm oceans where most attacks 
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MAKO 7-9 FT, 


TIGER 10-12 FT. 
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WHITE 10-15 FT. 


THRESHER 10-12 FT. 





Figure 11-40. Sharks. 
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occur, the risk can be reduced by knowing what to do 
and how to do it. Sharks live in almost all oceans, seas, 
and in river mouths. Normally, there isn’t a shark prob- 
lem in areas of colder water due to the temperature of 
the water decreasing swim activities. Sharks vary greatly 
in size, but there is no close relationship between the 
size of a shark and the risk of attack. 

(2) Hungry sharks sometimes follow fish up to the 
surface and into shallow waters along the shore. When 
sharks explore such waters, they are more likely to come 
in contact with people. Sharks seem to feed most ac- 
tively during the night and particularly at dusk and 
dawn. After dark, they show an increased tendency to 
move toward the surface and into shore waters. Evi- 
dence indicates that a shark first locates food by smell or 
sound. Such things as garbage, body wastes, and blood 
probably stimulate the desire for food. A shark is also 
attracted by weak fluttery movements similar to those 
of a wounded fish. While a shark will investigate any 
large floating object as a possible food source, it proba- 
bly will not attack a human unless it is hungry. Often 
the shark will swim away after investigating. At other 
tumes, it may approach and circle the object once or 
twice, or it may swim close and nudge the object with its 
snout. When swimming, a shark cannot stop suddenly 
or turn quickly in a tight circle. A shark rarely jumps 
out of the water to take food; however, it may grasp its 
prey near the surface. For this reason, people on rafts 
are relatively safe unless they dangle their hands, arms, 
feet or legs in the water. 


(3) Individuals on or in the water must keep a sharp 
lookout for sharks. Clothing and shoes should be worn. 
If sharks have been noticed, survivors must be especial- 
ly careful of the methods in which body wastes are elim- 
inated and must avoid dumping blood and garbage. 
Vomiting, when it cannot be prevented should be done 
into a container or hand and thrown as far away as 
possible. 

(a} If a group in the water is threatened or at- 
tacked by a shark, they should bunch together, form a 
tight circle, and face outward so an approaching shark 
can be seen. Ward off attack by kicking or stiff-arming 
the shark, Striking with the bare hand should be used 
only as a last resort; instead, survivors should use a hard 
and heavy object. 

{b) Individuals should stay as quiet as possible 
and float to save energy. If it is necessary to swim, they 
should use strong, regular strokes, not frantic irregular 
movements. 

(c) When alone, swimmers should stay away from 
schools of fish. If a single shark threatens at close range, 
the swimmer should use strong, regular swimming 
movements. Feinting toward the shark may scare it 
away. 

(d) The survivor should not swim directly away 
from the shark, but face the shark and swim to one side, 
with strong rhythmic movements. 


GIANT RAY OR MANTA 


Comparison of jumping 
form of porpoise and shark, 


PORPOISE 


Figure 11-41. Animals Sometimes Mistaken for 
Sharks. 
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(e) If a shark threatens to attack or damage a raft, 
jabbing the snout or gills with an oar may discourage it. 
Check for sharks around and under the raft before going 
into the water. 

(4) Other animals are sometimes mistaken for 
sharks. 

{a) A school of porpoises or dolphins gracefully 
breaking the surface, blowing and grunting, may look 
alarming. Actually, it should be a reassuring sight, be- 
cause porpoises and dolphins are enemies of sharks. 
Porpoises and dolphins are harmless to humans (figure 
11-41). 

(b) Giant rays or mantas, which also appear in 
tropical waters, may be mistaken for sharks. A swim- 
ming ray curls up the tips of its fins, and when seen 
from water level, the fins somewhat resemble the fins on 
the backs of two sharks swimming side by side. In deep 
water, all rays are harmless to swimmers; however, 
some are dangerous if stepped on in shallow waters 
(figure 11-41). 

b. Grouper or Sea Bass. These fish do not constitute 
the same degree of hazard as sharks; however, these 
carnivorous fish are curious, bold, and have a never- 
ending appetite. Sea bass are most commonly found 
around rocks, caverns, old wrecks, and caves. Stay away 
from these areas. 

c. Killer Whales. The killer whale has the reputation 
of being a fearless, ruthless, and ferocious creature. 
These fast swimmers are found in all oceans and seas, 
from the tropics to both polar regions. If encountered, a 
survivor can be assured there are others nearby since 
they hunt in packs of up to 40 creatures. They have 
been known to attack anything that swims or floats. If 
an initial attack is survived, get out of the water. The 
raft may afford some protection, but they have been 
known to come up under iceflows and knock other ani- 
mals into the water. Stay out of the water. On thin ice, 
do not stand near seals, etc., as the whale may mistake 
the human form for a seal. However, the probability of 
being attacked by a killer whale is slim. If an aircrew 
member is attacked, it will probably be due to the fact 
that this intelligent whale simply mistook the person for 
its regular diet. 

d. Barracuda. There are 20-odd species of barracuda; 
some are more feared in certain parts of the world than 
are sharks. If survivors come down in any tropical or 
subtropical sea, they may encounter this fish. Barracuda 
are attracted by anything which enters the water and 
they seem to be particularly curious about bright ob- 
jects. Accordingly, survivors should avoid dangling 
dogtags or other shiny pieces of equipment in the water. 
Dark colored clothing is also best to wear in the water if 
no raft is available. 

e. Moray Eels. If attacked by some species of moray 
eel, the survivor may have to cut off its head since some 
eels will retain their sharp crushing grip until dead. The 
knife used to do this should be very sharp since their 
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skin is tough and difficult to cut. Their bodies are very 
slippery and hard to hold. A survivor is most likely to 
come into contact with a moray eel when poking into 
holes and crevices around or under coral reefs. Use 


caution in these areas. 





Figure 11-42. Portuguese Man-of-War. 


f. Poisonous and Venomous Marine Animals (In- 
vertebrates). There are many marine animals that have 
no backbone and can inflict injuries by stinging. Three 
major categories of invertebrates are important to the 
survivor. 

(1) Coelenterates. This group includes jellyfish, 
hydroids, sea anemones, and corals. Coelenterates are 
all simple, many-celled organisms. They all possess ten- 
tacles equipped with stinging cells or nematocysis in 
addition to other technical characteristics. The family 
of coelenterates is divided into three major classes. 

(a) Hydrozoan Class. Two of the more common 
members of this class are: 
-1. Stinging or Fire Coral. This false coral can 
be found in areas of true coral reefs in warm waters. 
-2. Portuguese Man-of-War or Blue Bottle. 
This hydroid is frequently mistaken for a true jellyfish. 
It is almost always found floating at the surface of the 
water (figure 11-42). Its stinging tentacles may extend 
several yards below the surface. Their float is 5 to 10 
inches in length. Each tentacle may contain thousands 
of stinging cells. When one considers the large number 
of such tentacles, it is apparent that the fishing filaments 
of the Blue Bottle are quite a formidable venom 
apparatus. 
(b} Anthozoa Class: 
-1. Corals. Elkhorn coral and stony coral are 
very adaptable and have a real immunity to predators. 
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This helps explain why they tend to dominate reef com- 
munities. Corals are carnivores and with the use of 
small tentacles, capture and consume living zooplank- 
ton. Survivors should treat coral cuts by thoroughly 
cleaning the wound and removing any coral particles. 
Some coral cuts have been helped by painting them with 
an antiseptic solution of tincture of iodine. 

-2. Sea Anemones. The sea anemone is one of 
the most plentiful marine creatures, with well over 
1,000 species. They can be found from tide level to 
depths of more than 7,900 fathoms in all seas. Their 
size ranges from very small, (less than an inch) to over 2 
feet in diameter. They eat fish, mollusks, crustaceans, 
and other invertebrates. Most of the stinging cells of the 
sea anemones are located on the outer ring of the 
tentacles. 

(c) Scyphozoa Class—Jellyfish. There are many 
and varied species of jellyfish distributed throughout all 
seas. Their size ranges from extremely small to a diame- 
ter of 6 feet with tentacles hanging below to a depth of 
100 feet. All are carnivorous. Some are transparent and 
glassy while others are brilliantly colored. Regardless of 
their size and color, they are very fragile creatures 
which, for the most part, depend on wind and tidal 
currents to help them move. Most adults can swim but 
this ability is weak. Whether they stay on the surface or 
under the surface, and to what depth, varies with each 
species. The stinging cells of jellyfish are located in the 
tentacles. 

(d) Venom Apparatus of Coelenterates: 

-1. All of the coelenterates have stinging cells 
or nemotocysts located on the tentacles. Each of these 
cells is like a capsule. If the survivor comes into contact 
with the capsule, part of it springs open and a very 
sharp, extremely smali “thread”-type tube appears. The 
sharp tip of the tube penetrates the skin and the venom 
is injected. When coming in contact with the tentacles 
of any coelenterate, the survivor brushes up against lit- 
erally thousands of these smal! stinging organs. 

-2. The symptoms produced by coelenterate st- 
ings will vary according to species, where the sting is 
located, and the physical condition of the survivor. In 
general, though, the sting caused by hydroids and hy- 
droid corals is primarily skin irritations of a local na- 
ture. Stings of the Portuguese Man-of-War may be very 
painful. True corals and sea anemones produce a simi- 
lar reaction. Some of the sting of these organisms may 
be hardly noticeable, while others may cause death in 
3-8 minutes. Symptoms common to all of these may 
vary from an immediate mild prickly or stinging sensa- 
tion, like that of touching a nettle, to a burning, throb- 
bing, shooting-type pain which may cause the survivor 
to become unconscious. In some cases, the pain may be 
localized, while in others, it may spread to the groin, 
armpits, or abdomen. The area in which contact was 
made will usually become red, followed by severe in- 
flammation, rash, swelling, blistering, skin hemor- 
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rhages, and sometimes ulceration. In severe cases of 
reaction, in addition to shock, the person may experi- 
ence one or more of the following: muscular cramps, 
lack of touch and temperature sensations, nausea, 
vomiting, backache, loss of speech, constriction of the 
throat, frothing at the mouth, delirium, paralysis, con- 
vulsions, and death. Since some of these traits appear 
quickly, the victim should try to get out of the water if 
at all possible to avoid drowning. 

-3. One of the most deadly jellyfish is the sea 
wasp (uncommon creature which is found in tropical 
southern Pacific waters). This animal can cause death 
anywhere from 30 seconds to 3 hours after contact. 
Most deaths take place within 15 minutes. The pain is 
said to be excruciating. The sea wasp can be recognized 
by the long tentacles that hang down from the four 
corners of its squarish body. 

-a. Relieve pain. Tentacles or other matter 
on the skin should be removed immediately. This is 
important because as long as this matter is on the skin, 
additional stinging cells may be discharged. Use cloth- 
ing, seaweed, or any other available material to remove 
the matter. Morphine is effective in relieving pain. DO 
NOT rub the wound with anything, especially sand, as 
this may cause the stinging cells to be activated. DO 
NOT suck the wound. 

-b. Alleviate poison effects. Suntan lotion, 
oil, and alcohol should be applied to the area to stop 
further stinging. The following local remedies have been 
used in various parts of the world with varying degrees 
of success: papain (protein destroying enzyme), sodium 
bicarbonate, olive oil, sugar, soap, vinegar, lemon juice, 
diluted ammonia solution, papaya latex, plant juices, 
boric acid solution, flour, baking powder, etc. (Urine— 
with its ammonia content—may be the only source of 
relief available to a survivor). 

-c. Artificial respiration and cardiopulmona- 
ry resuscitation may be required. There are no known 
specific antidotes for most coelenterate stings, however, 
there is one antivenin for the sea wasp which is papain, 
a proteolytic enzyme in the juice of the green fruit of the 
papaya. Even if the survivor is in an area where the 
antivenin is available, it may be too late to obtain and 
use it. The venom acts so quickly that medical help is 
often too late. 

-4, Jellyfish should be given a wide berth since 
in some species the tentacles may trail 50 feet or more 
from the body. After a storm in tropical areas where 
large numbers of jellyfish are present, the survivor may 
be injured by pieces of floating tentacles that have been 
removed from the animals during the storm. Jellyfish 
washed up on the beach may appear dead, but can still, 
in some cases, inflict painful injuries. The best preven- 
tion is to stay out of the water by getting into a raft or 
onto shore. If in a raft, do not let arms and legs trail 
over the side. The clothing (antiexposure suit) that the 
survivor wears should cover as much of the body as 
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possible. Flight clothing items currently available 
should provide adequate protection. 

(2) Mollusks. Octopus, squid, and univalve shellfish 
are in this category. Mollusks make up the largest single 
group of biotoxic marine invertebrates of direct impor- 
tance to the survivor. The phylum of mollusks is gener- 
ally divided into five classes. Stinging or venomous mol- 
iusks which concern the survivor fall mainly into two 
categories: 

(a) Gastropoda (Stomache Footers): 

-1. Mollusks. These in general are unsegmented 
invertebrates. Sometimes their soft bodies will secrete a 
calcareous shell. They have a muscular foot which 
serves a variety of functions. Some breathe by means of 
a type of siphon while others use gills. Some types have 
jaws. In those that don’t have jaws, food is obtained by 
a rasp-like device called a radula. In the cone shells, the 
tadula is a barb or tooth more like a hollow, needle-like 
structure. 

-2. Gastropods. These univalves include 
marine snails, slugs, as well as land and freshwater 
snails, It is estimated that there are over 33,000 living 
species of gastropods; however, only members of the 
genus conus are of concern to the survivor. Of these 
cone shells, there are over 400 species, but they will only 
be discussed in general terms with the emphasis placed 
on the more dangerous species. With few exceptions, 
these attractive shellfish are located in tropical or sub- 
tropical areas. All of these shells have a very highly 
developed venom apparatus designed for vertebrate or 
invertebrate creatures and are found from shailow tidal 
areas to depths of many hundreds of feet. The area in 
which the survivor may come into contact with these 
shellfish is in coral reefs and sandy or rubble habitat. Ail 
cone-shaped shells in these areas should be avoided. 
Cone shells are usually nocturnal. During the daytime, 
they burrow and hide in the sand, rocks, or coral; they 
feed at night on worms, octopus, other gastropods, and 
small fish. Several of these shells have caused death in 
humans. The venom apparatus lies within a body cavity 
of the animal and the animal is capable of thrusting and 
injecting the poison via the barb into the flesh of the 
victim. The cone shell is able to inflict its wound only 
when the head of the animal is out of the shell. 

-a. Complications. The sting made by a cone 
shell is a puncture-type wound. The area around the 
wound may exhibit one or more of the following: turn 
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blue, swelling, numbness, stinging, or burning sensa- 
tion. The amount of pain will vary from person to per- 
son. Some say the pain is Jike a bee sting, while others 
find it unbearable. The numbness and tingling sensa- 
tions around the site of the wound may spread rapidly, 
involving the whole body, especially around the lips and 
mouth. Complete general muscle paralysis may occur. 
Coma may ensue and death is usually the result of car- 
diac failure. 

-b. Treatment. The pain comes from the in- 
jection of venom, slime, and other irritating foreign 
matter into the wound site. The treatment is primarily 
symptomatic because there is no specific treatment. Ap- 
plying hot towels or soaking the affected area in hot 
water may relieve some of the pain. Artificial respira- 
tion may be needed. 

(b) Cephalpods. This group includes the nautilis, 
squid, cuttlefish, and octopus. Since the octopus is the 
marine animal most hkely to be encountered by a survi- 
vor, it is the only one that will be discussed. The head of 
this animal is large and contains well-developed eyes. 
The mouth is surrounded by eight legs equipped with 
many suckers. It can move rapidly by expelling water 
from its body cavity, though it usually glides or creeps 
over the bottom. Most octopuses live in water ranging 
from very shallow to depths of over 100 fathoms, All 
are carnivorous and feed on crabs, and other mollusks. 
Octopuses like to hide in holes or underwater caves— 
avoid these areas. 

-1. Complications. The sharp parrot-like beak 
of the octopus makes two small puncture wounds into 
which a toxic solution or venom is injected. Pain is 
usually felt immediately in the form of a burning, itch- 
ing, or stinging sensation. Bleeding from the wound is 
usually very profuse which may indicate the venom 
contains an anticoagulant. The area around the wound, 
and in some cases the entire appendage, may swell, turn 
red, and feel hot. There has been one report of a fatal 
octopus bite. This death was attributed to the blue 
ringed octopus (Octopus Maculosus) (figure 1! 1-43). This 
small octopus is usually only 3 or 4 inches across al- 
though some may be slightly larger. Found throughout 
the Indo-Pacific area, this octopus is not aggressive to- 
ward humans. Because its bite is so dangerous, it should 
not be handled at any time. When this animal is dis- 
turbed the intensity of its blue rings varies rapidly on a 
light yellow or cream to brown background. 
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Figure 11-43. Blue Ringed Octopus. 


-2. Treatment. Treat for shock, stop bleeding, 
clean the wound area since more venomous saliva could 
be in the area, and treat symptoms as they arise. There 
is no known cure for the venom of the Blue Ringed 
Octopus. 

(3) Echinoderms. Sea cucumbers, starfish, and sea 
urchins are members of this group. Sea urchins com- 
prise the most dangerous type of echinoderms. Sea 
urchins have rounded, egg-shaped, or flattened bodies. 
They have hard shells that carry spines. In some species, 
the spines are venomous and present a hazard if stepped 
on or handled. Some urchins are nocturnal. They all 
tend to be omnivorous, eating algae, mollusks, and oth- 
er small organisms, They can be found in tidal pools or 
in areas of great depth in many parts of the world. Sea 
urchins are not good food sources. At certain times of 
the year, certain species can be poisonous. 

(a) Complications. The needle-sharp points of sea 
urchin spines are able to penetrate the flesh easily. 
These spines are also very brittle and tend to break off 
while still attached to the wound and are very difficult 
to withdraw. Stepping on one of these spines produces 
an immediate and very intense burning sensation. The 
area of pain will also swell, turn red, and ache. Numb- 
ness and muscular paralysis, swelling of the face, and a 
change in the pulse have also been reported. Secondary 
infection usually sets in. While some deaths have been 
reported, other victims have experienced loss of speech, 
respiratory distress, and paralysis. The paralysis will last 
from 15 minutes to 6 hours. 

(b) Treatment. Spines (pedicellaria) that are de- 
tached from the animal will continue to secrete venom 
into the wound. The spines of some species will be 
easily dislodged whereas others must be surgically re- 
moved. There will also be some discoloration due to a 
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dye the animal secretes—do not be disturbed by this. 
Some experts say to apply grease to allow the spines to 
be scraped off. Others advise leaving them alone since 
some of the spines will dissolve in the wound within 24 
to 48 hours. Still other experts say to apply citrus juice, 
if available, or soak the area in vinegar several times a 
day to dissolve them. 


(c) Prevention. No sea urchin should be handled. 
The spines can penetrate leather and canvas with ease. 


g- Venomous and Poisonous Marine Animals 
(Vertebrates). These fish can be divided into two gener- 
al groups—fish that sting and fish that are poisonous to 
eat (figure | 1-44), 

(1) Venomous Spine Fish (Fish That Sting): 
{a) Types of fish in this group are: 

-1. Spiny dog fish. 

-2. Stingrays. Includes whiprays, batrays, 
butterfly rays, cow-nosed rays, and round stingrays. 

-3. Rat fish. 

-4, Weever fish. 

-5. Catfish. 

-6. Toad fish. 

-7. Scorpion fish. 

-8. Surgeon fish, 

-9, Rabbit fish. 

-10. Star gazers., 

NOTE: For all wounds from these types of fish, aid 
should be directed to three areas: alleviating the pain of 
the sting, trying to halt the effects of the venom, and 
preventing infection. 


(b) Certain types of these fish have up to 18 
spines. The pain caused by the sting of one of these 
spines is sO great in some species that the victim may 
scream and thrash about wildly. In one case, a man 
stung in the face by a weever fish begged for bystanders 
to shoot him, even after two shots of morphine sulfate. 
Many of these fish are bottom dwellers who will! not 
move out of the way when being approached by 
humans. Instead, they will lie quietly camouflaged, put 
up their spines, and simply wait for the unlucky individ- 
ual to step on them. Other people have been injured by 
them while trying to remove them from fishing nets and 
fishing lines. In cases where humans are stung by sting- 
rays, the barbs on the sharp spines may cause severe 
lacerations as well as introduce poison. These wounds 
should be irrigated without delay. Puncture wounds 
from the fish are small and make removal of the poison 
a difficult process. It may be necessary to remove the 
barb. A procedure which is fairly successful is to make a 
small cut across the wound (debride) and then apply 
suction. Even if no incision is made, suction should be 
tried since it is important to remove as much of the 
venom as possible. The more poison removed, the bet- 
ter. Morphine does not relieve the pain of some of these 
venoms. Most doctors agree that the injured part should 
be soaked in hot water from 30 minutes to | hour. The 
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Figure 11-44. Venomous Spine Fish and Snails. 
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objects and transmit them. The majority of monitoring-based IoT applications are not mission-critical. 
Control-oriented IoT applications use sensor data to control actuators in real-time, and rely on mission 
critical communication. This classification is based on multiple criteria and represents the precursor of 
the Mobile and wireless communications Enablers for Twenty-twenty Information Society (METIS) 5G 
service classification. 


Table 2. Internet of Things (IoT) application classification—summary. 





Criteria for Classification IoT Classes References 





(1) Transportation and logistics 
) Healthcare 

) Environment 

) Personal and social 

) Futuristic applications 

) Food/water monitoring 
) Living 

) Manufacturing 

) 

0 


Domains Energy [4,10-12] 


(17) Sport and leisure 








) Fixed and concentrated 





iia : ; (2) Fixed and dispersed 
Mobility and amount of dispersion (3) Mobile and concentrated [13] 
(4) Mobile and dispersed 
(1) Elastic 
Delay tolerance ee Te Mes [14] 


Rate-adaptive 





) 
Delay-adaptive 
) 


2) 
(3) 
(4) 
(1) Time-driven 
is Query-driven 
Data reporting mode (3) Event-driven [198] 
eB Continuous-based 
(5) 


Hybrid-driven 





(1) Monitoring-based and mission critical 


Reliability, availability, and Monitoring-based and non-mission critical 





(2) 
end-to-end latency (3) Control-oriented and mission critical el 
(4) Control-oriented and non-mission critical 
Characteristics and requirements © mMTC and uMTC [12] 


Legend: IoT (Internet of Things), mMTC (massive Machine Type Communication), uMTC (ultra-reliable Machine 
Type Communication). 


Although it spans through a wide range of different applications, MTC can be divided in 
two main categories, i.e., massive and ultra-reliable MTC, which depend on their characteristics 
and requirements [89]. As mentioned above, this categorization is a part of 5G service classification 
which was used in this study as a basis to identify performance requirements of IoT applications and 
will be described in more detail in Section 4. Massive MTC (mMTC) typically involves a very large 
number of devices (tens of billions [9]), such as sensors, actuators, and similar devices [12], different 
in complexity and cost [9], and with varying quality of service (QoS) requirements. These devices 
should be of very low cost with very low energy consumption, enabling very long battery life [12]. 
At the same time, the amount of data generated by each device is normally very small, and very low 
latency is not a critical requirement [12]. Ultra-reliable MTC (uMTC) requires very high reliability and 
availability, and very low latency [9,12]. Low device cost and energy consumption are not as critical as 
they are for mMTC applications [12], and the number of devices and required data rates are relatively 
low [198]. 
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Figure 11-45. Fish With Poisonous Flesh. 
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temperature of the water should be as hot as the patient 
can stand without injury. If the wound is on the face or 
body, hot moist cloth compresses can be used. The use 
of heat in this manner may weaken the effect of the 
poison in some cases. After soaking the wound, clean it 
again, if necessary. Cover the area of the wound with 
antiseptic and a clean sterile dressing. If antibiotics are 
available, it may be advisable to use them to help pre- 
vent infection. Treatment for shock is wise. Artificial 
respiration may be needed since some venoms may 
cause cardiac failure, convulsions, or respiratory 
distress. 


(c) For fish that are poisonous to eat, see figure 
11-45. 

-1. There is no known way to detect a poison- 
ous fish merely by its appearance. Fish that are poison- 
ous in one area may be safe to eat in another. In general, 
bottom dwellers and feeders, especially those associated 
with coral reefs, should be suspect. Also, unusually large 
predator-type fish should be eaten with caution. The 
internal organs and roe of all tropical marine fish should 
never be eaten, as those parts contain a higher concen- 
tration of poison, 

-2. Under certain conditions, where the survi- 
vor may be required to eat questionable fish, rules 
should be followed. A fish will be safer if it can be 
caught away from reefs or entrances to lagoons. Once 
the fish has been secured, the “marine animal edibility 
test” should be used. The fish should be cut into thin 
strips and boiled in successive changes of water for an 
hour or more. This may help since some, but not all, of 
the toxins are water soluble. Further, it should be noted, 
that normal cooking techniques and temperatures will 
not weaken or destroy poisons. 

-3. If boiling is not possible, cut the meat into 
thin strips and soak in changes of sea water for an hour 
Or so, squeezing the meat juices out as thoroughly as 
possible. A survivor should eat only a small portion of 
the flesh and wait 12 hours to see if any symptoms arise 
(if the fish will not spoil). Remember that the degree of 
poisoning is directly related to how much fish is eaten. 
If in doubt, do not eat it. The advice of native people on 
eating tropical marine fish may not be valid. In many 
instances they check edibility by first feeding fish por- 
tions to their dogs and cats. 

-4. Treatment, As soon as any symptoms arise, 
vomiting should be induced by administering warm 
saltwater or the whites of eggs. If these procedures don’t 
work, try sticking a finger down the person’s throat. A 
laxative should also be given to the victim if one is 
available. The victim may have to be protected from 
injury during convulsions. If the victim starts to foam at 
the mouth and exhibits signs of respiratory distress, a 
cricothyroidotemy may have to be performed. Mor- 
phine may help relieve pain in some cases. If the victim 
complains of severe itching, cool showers may give 
some relief. Treat any other symptoms as they arise. 


AFR 64-4 Voll 15 July 1985 


(2} Poisonous Marine Turtles: 

(a) Species. There are over 265 species of marine 
turtles. Of these, only five have been reported as poison- 
ous and dangerous to the survivor. Many of these spe- 
cies are commonly eaten, but for some unknown reason, 
these same turtles become extremely toxic under certain 
conditions. Basically, the main species to be concerned 
with are the green, the hawksbill, and the leatherback 
turtles. These turtles are found mainly in tropical and 
subtropical seas but can also be found in temperate 
waters. 

(b) Origin. The origin of turtle poison is un- 
known but some investigators suggest it comes from the 
poisonous marine algae eaten by the turtles. It should be 
noted that a species of turtle may be safe to eat in one 
area but deadly in another. There is absolutely no way a 
survivor can distinguish between a poisonous and 
nonpoisonous sea turtle just by looking at it or by exam- 
ining any part of it. Toxicity may occur at any time of 
the year; however, the most dangerous months appear 
to be the warmer months. The degree of freshness also 
has nothing to do with how poisonous the turtle is. 

(c) Complications. The symptoms will vary with 
the amount of turtle ingested. Symptoms will develop 
within a few hours to a few days after eating the food. 
These symptoms include nausea, vomiting, diarrhea, 
pain, sweating, coldness in the extremities, vertigo, dry 
and burning lips and tongue, tightness of the chest, 
drooling, and difficulty in swallowing. Other victims re- 
ported a heavy feeling of the head, a white coating on 
the tongue, diminished reflexes, coma, and sleepiness. 
About 44 percent of the victims poisoned by marine 
turtles die. 

(d) Treatment. There is no known antidote for 
this kind of poisoning. There is no specific treatment— 
treat symptomatically. 

{e) Prevention. If there is the slightest suspicion 
about the edibility of a marine turtle, it should not be 
eaten, or at least the marine animal edibility test should 
be used. Turtle liver is especially dangerous to eat be- 
cause of its high vitamin A content. 


h. Birds. There are roughly 260 species of sea birds. 
Most of the birds travel only a few miles out to sea but 
the albatross ranges across the seas far from any 
landmasses. 


i. Red Tide. Red tide is a name used to describe the 
reddish or brownish coloration in saltwater, resulting 
from tiny plants and organisms called plankton, which 
suddenly increase tremendously in numbers. Red tides 
appear in waters worldwide. In the United States, they 
are most common off the coasts of Florida, Texas, and 
southern California. Although most red tides are harm- 
less, some may kill fish and other water creatures. Still 
other types of red tides do not kill sea life, but cause the 
shellfish feeding on them to be poisonous. Some of these 
creatures secrete poisons which can paralyze and kill 
fish, or can kill fish by using nearly all of the oxygen in 
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the water. Although the exact reason for the sudden 
increase of the plankton is unknown, there is evidence 
that shows favorable food, temperature, sunlight, water 
currents, and salt in the water will increase the popula- 
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tion. It is not unusual for it to remain from a few hours 
to several months. A survivor should not eat any fish 
that are found dead. 
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Chapter 12 


LOCAL PEOPLE 











Figure 12-1. Local People. 


12-1. Introduction. One evader concluded with the fol- 
lowing advice: “My advice is, ‘When in Rome, do as the 
Romans do!’ Show interest in their country, and they 
will go overboard to help you!” One of the most fre- 
quently given bits of advice is to accept, respect, and 
adapt to the ways of the people among whom survivors 
find themselves. This is good advice, but there are a 
number of important problems involved in putting this 
advice into practice (figure 12-1). 


12-2. Contact With People. The survivor must give se- 
rious consideration to people. Are they people with a 
primitive culture? Are they farmers, fishermen, friendly 
people, or enemies? To the survivor, “cross-cultural 
contact” can vary quite radically in scope. It could 
mean interpersonal relationships with people of an ex- 
tremely different (primative) culture, or contacts with 
people who are culturally modern by our standards. A 
culture is identified by standards of behavior that are 
considered proper and acceptable for the members and 
may or may not conform to our idea of propriety. Re- 
gardless of who these people are, the survivor can ex- 
pect they will have different laws, social and economic 
values, and political and religious beliefs. 

a. People will be friendly, unfriendly, or choose to 
ignore the survivor. Their attitude may be unknown. If 
the people are known to be friendly, the survivor must 
make every attempt to keep them that way by being 
courteous and respecting the religion, politics, social 
customs, habits, and all other aspects of their culture. If 


the people are known to be enemies or are unknowns, 
the survivor should make every effort to avoid any con- 
tact and leave no sign of presence. Therefore, a basic 
knowledge of the daily habits of the local people can be 
extremely important in this attempt. An exception 
might be, if after careful and covert observation, it is 
determined an unknown people are friendly, contact 
might be made if assistance is absolutely necessary. 

b. Generally, there is little to fear and everything to 
gain from thoughtful contact with the local peoples of 
friendly or neutral countries. Familiarity with local cus- 
toms, displaying common decency, and most impor- 
tantly, showing respect for their customs should help a 
survivor avoid trouble and possibly gain needed assis- 
tance. To make contact, a survivor should wait until 
only one person is near and, if possible, let that person 
make the initial approach. Most people will be willing 
to help a survivor who appears to be in need; however, 
political attitudes and training or propaganda efforts 
can change the attitudes of otherwise friendly people. 
Conversely, in nominally unfriendly countries, many 
people, particularly in remote areas, may feel abused or 
ignored by their politicians, and may be more friendly 
toward outsiders, 

c. The key to successful contact with local peoples is 
to be friendly, courteous, and patient. Displaying fear, 
displaying weapons, and making sudden or threatening 
movements can cause a local person to fear a survivor 
which can, in turn, prompt a hostile response. When 
attempting contact, smile frequently. Many local peo- 
ples may be shy and seem unapproachable or they may 
ignore the survivor. Approach them slowly and don’t 
rush matters. 


12-3. Survivor’s Behavior: 


a. Salt, tobacco, silver money. and similar items 
should be used discreetly in trade. Paper money is well 
known worldwide. Don’t overpay; it may lead later to 
embarrassment and even danger. Treat people with re- 
spect and do not laugh at or bully them. 

b. Sign language or acting out needs or questions can 
be very effective. Many people are accustomed to it and 
communicate using nonverbal sign language. Aircrew 
members should learn a few words and phrases of the 
local language in and around their area of operations. 
Attempting to speak someone’s language is an excellent 
way to show respect for their culture. Since English is 
widely used, some of the local people may understand a 
few words of English. 

¢. Certain areas may be taboo. They range from reli- 
gious or sacred places to diseased or danger areas. In 
some areas, certain animals must not be killed. A survi- 
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vor must learn what the rules are and follow them. The 
survivor must be observant and learn as much as possi- 
ble. This will not only help in strengthening relations, 
but new knowledge and skills may be very important 
later. The downed aircrew member should seek advice 
on local hazards and find out from friendly people 
where there are hostile people. Keep in mind though, 
that frequently, people, as in our culture, insist others 
are hostile because they also do not understand different 
cultures and distant peoples. The people that generally 
can be trusted, in their opinion, are their immediate 
neighbors—much the same as in our own neighbor- 
hood. Local people, like ourselves, suffer from diseases 
which are contagious. The survivor should build a sepa- 
rate dwelling, if possible, and avoid physical contact 
without seeming to do so. Personal preparation of food 
and drink is desirable if it can be done without giving 
offense. Frequently, the use of “personal or religious 
custom” as an explanation for isolationist behavior will 
be accepted by the local people. 

d. Trading or barter is common in more primitive 
societies. Hard coin is usually good, whether for its ex- 
change value or as jewelry or trinkets. In isolated places, 
matches, tobacco, salt, razor blades, empty containers, 
or cloth may be worth more than any form of money. 
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e. The survivor must be very cautious when touching 
people. Many people consider “touching” taboo and 
such actions may be dangerous. Sexual contact should 
be avoided, 

f. Hospitality among some people is such a strong 
cultural trait they may seriously reduce their own sup- 
plies to make certain a stranger or visitor is fed. What is 
offered should be accepted and shared equally with all 
present. The survivor should eat in the same way they 
eat and, most importantly, attempt to eat all that is 
offered. If any promises are made, they must be kept. 
Personal property and local customs and manners, even 
if they seem odd, must be respected. Some kind of pay- 
ment for food, supplies, etc., should be made. 

g. Privacy must be respected and a survivor should 
not enter a house unless invited. 


12-4. Changing Political Allegiance. In today’s world 
of fast-paced international politics and “shuttle diplo- 
macy,” political attitudes and commitments within na- 
tions are subject to rapid change. The population of 
many countries, especially politically hostile countries, 
must not be considered friendly just because they do not 
demonstrate open hostility. Unless briefed to the con- 
trary, avoid all contact with such people. 
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13-1. Introduction. In a survival situation the two key 
requirements for personal protection are maintenance 
of proper body temperature and prevention of injury. 
The means for providing personal protection are many 
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MEASURE LOCAL TEMPERATURE AND WIND SPEED IF POSSIBLE; IF NOT, ESTIMATE. ENTER TABLE AT CLOSEST 5°F 
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APPROXIMATE EQUIVALENT CHILL TEMPERATURE. THAT IS, THE TEMPERATURE THAT WOULD CAUSE THE SAME 
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| THIS TABLE WAS CONSTRUCTED USING MILES PER HOUR (MPH), HOWEVER, A SCALE GIVING 
THE EQUIVALENT RANGE IN KNOTS HAS BEEN INCLUDED ON THE CHART TO FACILITATE ITS 


USE WITH EITHER UNIT. 


. WIND MAY BE CALM BUT FREEZING DANGER GREAT IF PERSON 1S EXPOSED IN MOVING 
VEHICLE, UNDER HELICOPTER ROTORS, IN PROPELLOR BLAST, ETC. IT IS THE RATE OF RELATIVE 
AIR MOVEMENTS THAT COUNTS AND THE COOLING EFFECT IS THE SAME WHETHER YOU ARE 
MOVING THROUGH THE AIR OR IT IS BLOWING PAST YOU 
EFFECT OF WIND WILL BE LESS IF PERSON HAS EVEN SLIGHT PROTECTION FOR EXPOSED PARTS. 
LIGHT GLOVES ON HANDS , PARKA HOOD SHIELDING FACE , ETC. 


DANGER |S LESS IF SUBJECT IS ACTIVE. A PERSON PRODUCES ABOUT 100 WATTS (34) BTUs) 
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CROSS-COUNTRY SKIING. 


PROPER USE OF CLOTHING ano ADEQUATE DIET ARE BOTH IMPORTANT. 


COMMON 
SENSE 


Figure 13-1, Windchill Chart. 


THERE IS NO SUBSTITUTE FOR IT. THE TABLE SERVES ONLY AS A GUIDE TO THE COOLING EFFECT 
OF THE WIND ON BARE FLESH WHEN THE PERSON IS FIRST EXPOSED. GENERAL BODY COOLING 
AND MANY OTHER FACTORS AFFECT THE RISK OF FREEZING INJURY. 
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and varied. They include the following general catego- 
ties: clothing, shelter, equipment, and fire. These indi- 
vidual items are not necessary for survival in every situ- 
ation; however, all four will be essential in some 
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environments. In this part of the regulation, the condi- 
tions which affect the body temperature, the physical 
principles of heat transfer, and the methods of coping 


with these conditions will be covered. 


13-2. Body Temperature. The body functions best 
when core temperatures range from 96°F to 102°F. 
Preventing too much heat loss or gain should be a pri- 
mary concern for survivors. Factors causing changes in 
body core temperature (excluding illness) are the climat- 
ic conditions of temperature, wind, and moisture. 

a. Temperature. As a general rule, exposure to ex- 
treme temperatures can result in substantial decreases 
in physical efficiency. In the worst case, incapacitation 
and death can result. 

b. Wind. Wind increases the chill effect (figure 13-1), 
causes dissipation of heat, and accelerates loss of body 
moisture. 

c. Moisture — Precipitation, Ground Moisture, or 
Immersion. Water provides an extremely effective way 
to transfer heat to and from the body. When a person is 
hot, the whole body may be immersed in a stream or 
other body of water to be cooled. On the other hand, in 
the winter, a hot bath can be used to warm the body. 
When water is around the body, it tends to bring the 
“body” to the temperature of the liquid. An example is 
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when a hand is burned and then placed in cold water to 
dissipate the heat. One way to lower body temperature 
is by applying water to clothing and exposing the 
clothed body to the wind. This action causes the heat to 
leave the body 25 times faster than when wearing dry 
clothing. This rapid heat transfer is the reason survivors 
must always guard against getting wet in cold environ- 
ments. Consider the result of a body totally submerged 
in water at a temperature of 50°F and determine how 
long a person could survive (figures 13-2 and 13-3). 


13-3. Heat Transfer.There are five ways body heat can 
be transferred. They are radiation, conduction, convec- 
tion, evaporation, and respiration. 

a. Radiation. Radiation is the primary cause of heat 
loss. It is defined as the transfer of heat waves from the 
body to the environment and (or) from the environment 
back to the body. For example, at a temperature of 
50°F, 50 percent of the body’s total heat loss can occur 
through an exposed head and neck. As the temperature 
drops, the situation gets worse. At 5°F, the loss can be 
75 percent under the same circumstances. Not only can 
heat be lost from the head, but also from the other 
extremities of the body. The hands and feet radiate heat 
at a phenomenal rate due to the large number of capilla- 
ries present at the surface of the skin. These three areas 
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Figure 13-2. Life Expectancy Following Cold-Water Immersion. 
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of the body must be given particular attention during all 
periods of exposure to temperature extremes. 
b. Conduction: 
(1} Conduction is defined as the movement of heat 
from one molecule to another molecule within a solid 
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Figure 13-3. Life Expectancy Following Cold-Water 
Immersion {Exposure Suit.) 


object. Extreme examples of how heat is lost and gained 
quickly are deep frostbite and third-degree burns, both 
gained from touching the same piece of metal at oppo- 
site extremes of cold and heat. Heat is also lost from the 
body in this manner by touching objects in the cold with 
bare hands, by sitting on a cold log, or by kneeling on 
snow to build a shelter. These are practices which survi- 
vors should avoid since they can lead to overchilling the 
body. 

(2) Especially dangerous is the handling of liquid 
fuel at low temperatures. Unlike water which freezes at 
32°F, fuel exposed to the outside temperatures will 
reach the same temperature as the air. The temperature 
of the fuel may be 10°F to 30°F below zero or colder. 
Spilling the fluid on exposed skin will cause instant 
frostbite, not only from the conduction of heat by the 
cold fluid, but by the further cooling effects of rapid 
evaporation of the liquid as it hits the skin. 

¢c. Convection. Heat movement by means of air or 
wind to or from an object or body is known as convec- 
tion, The human body is always warming a thin layer of 
air next to the skin by radiation and conduction. The 
temperature of this layer of air is nearly equal to that of 
the skin. The body stays warm when this layer of warm 
air remains close to the body. However, when this warm 
layer of air is removed by convection, the body cools 
down, A major function of clothing is to keep the warm 
layer of air close to the body; however, by removing or 
disturbing this warm air layer, wind can reduce body 
temperature. Therefore, wind can provide beneficial 
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cooling in dry, hot conditions, or be a hazard in cold, 
wet conditions. 

d. Evaporation. Evaporation is a process by which 
liquid changes into vapor, and during this process, heat 
within the liquid escapes to the environment. An exam- 
ple of this process is how a “desert water bag” works on 
the front of a jeep while driving in the hot desert. The 
wind created by the jeep helps to accelerate evaporation 
and causes the water in the bag to be cooled. The body 
also uses this method to regulate core temperature when 
it perspires and air circulates around the body. The 
evaporation method works any time the body perspires 
regardless of the climate. For this reason, it is essential 
that people wear fabrics that “breathe” in cold climates. 
If water vapor cannot evaporate through the clothing, it 
will condense, freeze, and reduce the insulation value of 
the clothing and cause the body temperature to go 
down. 

e. Respiration. The respiration of air in the lungs is 
also a way of transferring heat. It works on the com- 
bined processes of convection, evaporation, and radia- 
tion. When breathing, the air inhaled is rarely the same 
temperature as the lungs. Consequently, heat is either 
inhaled or expelled with each breath. A person’s breath 
can be seen in the cold as heat is lost to the outside. 
Because this method is so efficient at transferring heat, 
warm, moist oxygen is used to treat hypothermia pa- 
tients in a clinical environment. Understanding how 
heat is transferred and the methods by which that trans- 
fer can be controlled can help survivors keep the body’s 
core temperature in the 96°F to 102°F range. (See figure 
13-4.) 


EVAPORATION 


Figure 13-4, Heat Transfer. 
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Chapter 14 


CLOTHING 


14-1. Introduction. Every time people go outside they 
probably neglect to think about one of the most impor- 
tant survival-oriented assets—clothing. Clothing is oft- 
en taken for granted; people tend to neglect those things 
which should be the most familiar to them. Clothing is 
an important asset to survivors and is the most immedi- 
ate form of shelter. Clothing is important in staying 
alive, especially if food, water, shelter, and fire are limit- 
ed or unobtainable. This is especially true in the first 
stages of an emergency situation because survivors must 
work to satisfy other needs. If survivors are not properly 
clothed, they may not survive long enough to build a fire 
or shelter, to find food, or to be rescued. 


14-2. Protection: 

a. People have worn clothing for protection since they 
first put on animal skins, feathers, or other coverings. In 
most parts of the world, people need clothing for protec- 
tion from harsh climates. In snow or ice climates, peo- 
ple wear clothing made of fur, wool, or closely woven 
fabrics. They also wear warm footwear. 

b. In dry climates, people wear clothing made of light- 
weight materials, such as cotton or linen, which have an 
open weave. These materials absorb perspiration and 
allow air to circulate around the body. People in dry 
climates sometimes wear white or light-colored clothes 
to reflect the Sun’s rays. They may also wear sandals, 
which are cooler and more comfortable than shoes. To 
protect the head and neck, people wear hats as 
sunshades. 

c. Clothing also provides protection from physical in- 
juries caused by vegetation, terrain features, and animal 
life which may cause bites, stings, and cuts. 


14-3. Clothing Materials: 

a. Clothing is made from a variety of materials such 
as nylon, wool, cotton, etc. The type of material used 
has a significant effect on protection. Potential survivors 
must be aware of both the environmental conditions 
and the effectiveness of these different materials in or- 
der to select the best type of clothing for a particular 
Tegion. 

b. Clothing materials include many natural and syn- 
thetic fibers. As material is woven together, a “dead air” 
space is created between the material fibers. When two 
or three layers of material are worn, a layer of air is 
trapped between each layer of material creating another 
layer of “dead air” or insulation. The ability of these 
different fibers to hold “dead air” is responsible for dif- 
fering insulation values. 


14-4, Natural Materials. They inciude fur, leather, and 
cloth made from plant and animal fibers. 


a. Fur and leather are made into some of the warmest 
and most durable clothing. Fur is used mainly for coats 
and coat linings. Leather has to be treated to make it 
soft and flexible and to prevent it from rotting. 

b. Wool is somewhat different because it contains 
natural lanolin oils. Although wool is somewhat absor- 
bent, it retains most of its insulating qualities when wet. 

c. Cotton is a common plant fiber widely used to 
manufacture clothing. It absorbs moisture quickly and, 
with heat radiated from the body, will allow the mois- 
ture to pass away from the body. It does not offer much 
insulation when wet. It’s used as an inner layer against 
the skin and as an outer layer with insulation (for exam- 
ple, wool, Dacron pile, synthetic batting) sandwiched 
between. The cotton protects the insulation and, there- 
fore, provides warmth. 


14-5. Synthetic Materials. Clothing manufacturers are 
using more and more of these materials. Many synthetic 
materials are stronger, more shrink-resistant, and less 
expensive than natural materials. Most synthetic fibers 
are derived from petroleum in the form of long fibers 
which consist of different lengths, diameters, and 
strengths, and sometimes have hollow cores. These fi- 
bers, woven into materials such as nylon, Dacron, and 
polyester, make very strong long-lasting clothing, tarps, 
tents, etc. Some fibers are spun into a batting type mate- 
rial with air space between the fibers, providing excel- 
lent insulation used inside clothing. 

a. Many fabrics are blends of natural and synthetic 
fibers. For example, fabrics could be a mixture of cotton 
and polyester or wool and nylon. Nylon covered with 
tubber is durable and waterproof but is also heavy. 
There are other coverings on nylon which are water- 
proof but somewhat lighter and tess durable. However, 
most coated nylon has one drawback — it will not allow 
for the evaporation of perspiration. Therefore, individ- 
uals may have to change the design of the garment to 
permit adequate ventilation (for example, wearing the 
garment partiaily unzipped). 

b. Synthetic fibers are generally lighter in weight than 
most natural materials and have much the same insulat- 
ing qualities. They work well when partially wet and dry 
out easily; however, they generally do not compress as 
well as down. 


14-6. Types of Insulation: 
a. Natural: 

(1) Down is the soft plumage found between the 
skin and the contour feathers of birds. Ducks and geese 
are good sources for down. If used as insulation in cloth- 
ing, remember that down will absorb moisture (either 
precipitation or perspiration) quite readily. Because of 
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the light weight and compressibility of down, it has 
wide application in cold-weather clothing and equip- 
ment. It is one of the warmest natural materials avail- 
able when kept clean and dry. It provides excellent pro- 
tection in cold environments; however, if the down gets 
wet it tends to get lumpy and loses its insulating value. 

(2) Cattail plants have a worldwide distribution, 
with the exception of the forested regions of the far 
north. The cattail is a marshland plant found along 
lakes, ponds, and the backwaters of rivers. The fuzz on 
the tops of the stalks forms dead-air spaces and makes a 
good down-like insulation when placed between two 
pieces of material. 

(3) Leaves from deciduous trees (those that lose 
their leaves each autumn) also make good insulation. 
To create dead-air space, leaves should be placed be- 
tween two layers of material. 

(4) Grasses, mosses, and other natural materials 
can also be used as insulation when placed between two 
pieces of material. 

b. Synthetic: 

(1) Synthetic filaments such as polyesters and ac- 
rylics absorb very little water and dry quickly. Spun 
synthetic filament is lighter then an equal thickness of 
wool and unlike down does not collapse when wet, it is 
also an excellent replacement for down in clothing. 

(2) The nylon material in a parachute insulates well 
if used in the layer system because of the dead-air space. 
Survivors must use caution when using the parachute in 
cold climates. Nylon may become “cold soaked;” that is, 
the nylon will take on the temperature of the surround- 
img air. People have been known to receive frostbite 
when placing cold nylon against bare skin. 


14-7. Insulation Measurement: 

a. The next area to be considered is how well these 
fibers insulate from the heat or cold. The most scientific 
way to consider the insulating value of these fibers is to 
use an established criterion. The commonly accepted 
measurement used is a comfort level of clothing, called 
a “CLo” factor. 

b. The CLo factor is defined as the amount of insula- 
tion which maintains normal skin temperature when 
the outside ambient air temperature is 70°F with a light 
breeze. However, the CLo factor alone is not sufficient 
to determine the amount of clothing required. Such 
variables as metabolic rate, wind conditions, and the 
physical makeup of the individual must be considered. 

c. The body’s rate of burning or metabolizing food 
and to produce heat varies among individuals. There- 
fore, some may need more insulation than others even 
though food intake is equal, and consequently the re- 
quired CLo value must be increased. Physical activity 
also causes an increase in the metabolic rate and the 
rate of blood circulation through the body. When a per- 
son is physically active, less clothing or insulation is 
needed than when standing still or sitting. The effect of 
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the wind, as shown on the windchill chart, must be 
considered (figure 13-1). When the combination of tem- 
perature and wind drops the chill factor to minus 100°F 
or lower, the prescribed CLo for protecting the body 
may be inapplicable (over a long period of time) with- 
out relief from the wind. For example, when the temper- 
ature is minus 60°F, the wind is blowing 60 to 70 miles 
per hour, and the resultant chill factor exceeds minus 
150°F, clothing alone is inadequate to sustain life. Shel- 
ter is essential. 

d. The physical build of a person also affects the 
amount of heat and cold that can be endured. For exam- 
ple, a very thin person will not be able to endure as low 
a temperature as one who has a layer of fat below the 
skin. Conversely, heavy people will not be able to en- 
dure extreme heat as effectively as thinner people. 

e. In the Air Force clothing inventory, there are many 
items which fulfill the need for insulating the body. 
They are made of the different fibers previously men- 
tioned, and when worn in layers, provide varying de- 
grees of insulative CLo value. The following average 
zone temperature chart is a guide in determining the 
best combination of clothing to wear. 


TEMPERATURE CLo REQUIRED 

RANGE 

86 to 68°F 1 - Lightweight 

68 to 50°F 2 -Intermediate 
Weight 

50 to 32°F 3 - Intermediate 
Weight 

32 to 14°F 3.5 - Heavyweight 

14 to -4°F 4.0 - Heavyweight 

-4 to -40°F 4.0- Heavyweight 


The amount of CLo value per layer of fabric is deter- 
mined by the loft (distance between the inner and outer 
surfaces) and the amount of dead air held within the 
fabric. Some examples of the CLo factors and some 
items of clothing are: 


LAYERS: 1 - Aramid underwear (1 0.6 CLo 
layer) 
2 - Aramid underwear (2 1.8 CLo 
layers) 
3 - Quilted liners 1.9 CLo 
4 - Nomex coveralls .6 CLo 
5 - Winter coveralls 1.2 CLo 
6 - Nomex jacket 1.9 CLo 


This total amount of insulation should keep the average 
person warm at a low temperature. When comparing 
items one and two in the above example, it shows when 
doubling the layer of underwear, the CLo value more 
than doubles. This is true not only on the number one 
item but between all layers of any clothing system. 
Therefore, one gains added protection by using several 
very thin layers of insulation rather than two thick lay- 
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The vision of a pervasive IoT requires the integration of various domains into a single and unified 
domain. It addresses the enabling technologies needed for these domains while taking into account 
the elements that form the third dimension like security, privacy, trust, and safety [11]. The current 
classification criteria and loT application classes do not clearly differentiate IoT domains from IoT 
applications. loT domains are usually viewed as a specific area of loT applications that support a huge 
variety of use cases across industries impacting businesses and customers. Therefore, loT domains 
overlap with IoT applications within existing IoT classifications. Moreover, IoT classification based on 
certain QoS parameters is difficult to apply from telco’s perspective, because it is challenging to choose 
the most important parameter for the wide range of IoT applications. However, these problems need 
to be solved for upcoming 5G networks. 


3.2. Activity-Based Classification of IloT Applications 


The aforementioned issues motivated us to propose a new approach to the classification of loT 
applications. This approach is based on “the activity”, which primarily characterizes specific IoT 
application. In this sense, the activities are defined as new classification criteria, which denote a main 
function/purpose of specific loT application observed from telco’s point of view. Telecom operators 
observe the technical challenges of IoT through systems, tools, devices, and platforms because their 
availability and integration complexity determines the opportunity to capture a share of the value 
that is generated by IoT implementation. Based on the literature review, it was found that the most 
commonly mentioned terms in this sense were related to: (1) ticketing system [201]; (2) monitoring: 
devices [199,201-204]/services [199,201,202,205,206]/tools [207]/systems [11,12,199,201,205,206,208-210]/ 
data [95,201]/framework [12,201]/solutions [20,205]/networks [211]/process [7]/activity [203,204,207]; 
(3) tracking technologies [4]/devices [204]/systems [204]/applications [11,210]/system [201]/services 
[202,205]; (4) managing/controlling applications [15,210,212]/operation [211]/services [4,208]/tools 
[208,211]/devices [204]/system [95,198,204,210]/concepts [211]/solutions [95]/platforms [95,199]. 
This has led us to identify four activities, i.e., ticketing, monitoring, tracking, and managing/controlling, 
as new classification criteria of oT applications. According to the authors’ knowledge, it was found 
that these activities can cover reasonably foreseeable functions/purposes of IoT in existing application 
domains. Using activities as classification criteria, telcos can specify IoT application performance 
requirements more easily, which are in that case dictated by the specific activity, not by the IoT 
application domain, and determine enabling technologies in the radio access part of 5G networks. 

In addition, our classification approach allows better service differentiation and service delivery 
closer to customer expectations. According to BH Telecom’s experience, customers typically come up 
with the following service requests when it comes to IoT: (1) they need to track their products and 
determine products’ distribution across different regions based on their own data analysis; (2) they 
want to monitor their products since they do not have a department for supervision and analysis; 
(3) they need information panels about their outlets and working time to be downloaded by a scanning 
tab-ticket; (4) they want to manage/control their products according to market needs. This way 
of expressing customer needs has inspired us to propose the activity-based classification of IoT 
applications as it allows telcos to define performance requirements more precisely, and thereby 
improve the customer experience. 

The activity-based classification of IoT applications is presented in Table 3. Each activity is 
associated with the application domain where that activity may be applied. The requirements 
of identified activities and associated application domains are then mapped to 5G service classes 
in order to be further able to identify their performance requirements and enabling technologies 
necessary to meet them. For example, according to Table 3, the managing/controlling activity can be 
realized in several domains, such as healthcare, food, energy, transportation and logistics. For each 
domain, we have identified an application example, such as remote surgery [213] in the healthcare 
domain, food processing facilities [96] in the food domain, energy distribution [12] in the energy 
domain and traffic/driving [12,213] in the transportation and logistics domain. According to diverse 
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ers. The air held between these thin layers increases the 
insulation value. 

f. The use of many thin layers also provides (through 
temoval of desired number of layers) the ability to 
closely regulate the amount of heat retained inside the 
clothing. The ability to regulate body temperature helps 
to alleviate the problem of overheating and sweating, 
and preserves the effectiveness of the insulation. 

g. The principle of using many thin layers of clothing 
can also be applied to the “sleeping system” (sleeping 
bag, liner, and bed). This system uses many layers of 
synthetic material, one inside the other, to form the 
amount of dead air needed to keep warm. To improve 
this system, a survivor should wear clean and dry cloth- 
ing in layers (the layer system) in cold climates. While 
discussing the layer system, it is important to define the 
“COLDER” principle. This acronym is used to aid in 
remembering how to use and take care of clothing. 

C - Keep clothing Clean. 

O - Avoid Overheating. 

L- Wear clothing Loose and in Layers. 
D - Keep clothing Dry. 

E - Examine clothing for defects or wear. 
R - Keep clothing Repaired. 


(1) Clean. Dirt and other materials inside fabrics 
will cause the insulation to be ineffective, abrade and 
cut the fibers which make up the fabric, and cause holes. 
Washing clothing in the field may be impractical; there- 
fore, survivors should concentrate on using proper tech- 
niques to prevent soiling clothing. 

(2) Overheating. Clothing best serves the purpose of 
preserving body heat when worn in layers as follows: 
absorbent material next to the body, insulating layers, 
and outer garments to protect against wind and rain. 
Because of the rapid change in temperature, wind, and 
physical exertion, garments should allow donning and 
removal quickly and easily. Ventilation is essential 
when working because enclosing the body in an airtight 
layer system results in perspiration which wets clothing, 
thus reducing its insulating qualities. 

(3) Loose. Garments should be loose fitting to avoid 
reducing blood circulation and restricting body move- 
ment. Additionally, the garment should overhang the 
waist, wrists, ankles, and neck to reduce body heat loss. 

(4) Dry. Keep clothing dry since a small amount of 
moisture in the insulation fibers will cause heat losses 
up to 25 times faster than dry clothing. Internally pro- 
duced moisture is as damaging as is externally damp- 
ened clothing. The outer layer should protect the inner 
layers from moisture as well as from abrasion of fibers; 
for example, wool rubbing on logs or rocks, etc. The 
outer shell keeps dirt and other contaminants out of the 
clothing. Clothing can be dried in many ways. Fires are 
often used; however, take care to avoid burning the 
items. The “bare hand” test is very effective. Place one 
hand near the fire in the approximate place the wet 
items will be and count to three slowly. If this can be 
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done without feeling excessive heat, it should be safe to 
dry items there. Never leave any item unattended while 
it is drying. Leather boots, gloves, and mitten shells 
require extreme care to prevent shrinkage, stiffening, 
and cracking. The best way to dry boots is upright be- 
side the fire (not upside down on sticks because the 
moisture does not escape the boot) or simply walk them 
dry in the milder climates. The Sun and wind can be 
used to dry clothing with little supervision except for 
checking occasionally on the incoming weather and to 
make sure the article is secure. Freeze-drying is used in 
subzero temperatures with great success. Survivors let 
water freeze on or inside the item and then shake, bend, 
or beat it to cause the ice particles to fall free from the 
material. Tightly woven materials work better with this 
method than do open fibers. 

(5) Examine. All clothing items should be inspected 
regularly for signs of damage or soil. 

(6) Repair. Eskimos set an excellent example in the 
meticulous care they provide for their clothing. When 
damage is detected, immediately repair it. 

h. The neck, head, hands, armpits, groin, and feet lose 
more heat than other parts of the body and require 
greater protection. Work with infrared film shows tre- 
mendous heat loss in those areas when not properly 
clothed. Survivors in a cold environment are in a real 
emergency situation without proper clothing. Figure 
14-1 shows some examples of how military clothing 
works to hold body heat. 

i, Models wearing samples of aircrew attire appear as 
spectral figures in a thermogram, an image revealing 
differences in infrared heat radiated from their clothing 
and exposed skin. White is warmest; red, yellow, green, 
blue, and magenta form a declining temperature scale 
spanning about 15 degrees; while black represents all 
lower temperatures. Almost the entire scale is seen on 
the model in boxer shorts. Warm, white spots appear on 
the underarm and neck. Only the shorts block radiation 
from the groin, Temperatures cool along the arm to 
dark blue fingertips far from the heat-producing torso. 
The addition of the next layer of clothing (Aramid long 
underwear) prevents heat loss except where it is tight 
against the body. As more layers are added, it is easy to 
see the areas of greatest concern are the head, hands, 
and feet. These areas are difficult for crewmembers to 
properly insulate while flying an aircraft. Mittens are 
ineffective due to the degraded manual dexterity. Like- 
wise, it is difficult to feel the rudder pedal action while 
wearing bulky warm boots. These problems require in- 
clusion of warm hats, mittens, and footgear (mukluk 
type) in survival kits during cold weather operation. 
Research has shown when a CLo value of 10 is used to 
insulate the head, hands, and feet and the rest of the 
body is only protected by one CLo, the average individ- 
ual can be exposed to low temperatures (-10°F)} com- 
fortably for a reasonable period of time (30 to 40 min- 
utes). When the amount of CLo value placed on the 
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GROUP ONE - REMOVING CLOTHES 


1-}: Fully clothed 


1-2: Flight jacket, wool cap and 
mittens, and leather shell 


1-3; Flight suit 


1-4: Thermals 1-5: “T" shirt and two pair cotton 


socks 
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GROUP TWO - 


2-1: Unclothed 


2-2: “T" shirt and two pair cotton 
socks 


2-4: Flight suit 


Voll 15 Juty 1985 


DONNING CLOTHES 


. 
s »% 


2-3: Thermals 


2-5: Flight jacket, woo! cap and 
mittens, and leather shell 


NOTE: Dark blue indicates no heat loss; the lighter the color, the greater the heat loss. 


Figure 14-1. Thermogram of Body Heat Loss. 
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individual is reversed, the amount of time a survivor 
can spend in cold weather is greatly reduced due to the 
heat loss from their extremities. This same principle 
works in reverse in hot parts of the world if one sub- 
merges the head, hands, or feet in cold water, it lets the 
most vascular parts of the body lose heat quickly. 


14-8. Clothing Wear in Snow and Ice Areas: 
a. The survivor should: 

{1) Avoid restricting the circulation. Clothing 
should not be worn so tight that it restricts the flow of 
blood which distributes the body heat and helps prevent 
frostbite. When wearing more than one pair of socks or 
gloves, ensure that each succeeding pair is large enough 
to fit comfortably over the other. Don’t wear three or 
four pairs of socks in a shoe fitted for only one or two 
pairs. Release any restriction caused by twisted clothing 
or a tight parachute harness. 

(2) Keep the head and ears covered. Survivors will 
lose as much as 50 percent of their total body heat from 
an unprotected head at 50°F. 

(3) When exerting the body, prevent perspiration 
by opening clothing at the neck and wrists and loosen- 
ing it at the waist. If the body ts still warm, comfort can 
be obtained by taking off outer layers of clothing, one 
layer at a time. When work stops, the individual should 
put the clothing on again to prevent chilling. 

(4} If boots are big enough, use dry grass, moss, or 
other material for added insulation around the feet. 
Footgear can be improvised by wrapping parachute 
cloth or other fabric lined with dry grass or moss for 
insulation. 


WOOL GiOVE 





Figure 14-2. Layer System for Hands. 


b. Felt booties and mukluks with the proper socks and 
insoles are best for dry, cold weather. Rubber-bottomed 
boot shoepacs with leather tops are best for wet weather. 
Mukluks should not be worn in wet weather. The vapor- 
barrier rubber boots can be worn under both conditions 
and are best at extremely low temperatures. The air 
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release valve should be closed at ground level. These 
valves are designed to release pressure when airborne. 
Air should not be blown into the valves as the moisture 
could decrease insulation, 





Figure 14-3. Improvised Goggles. 


c. Clothing should be kept as dry as possible. Snow 
must be brushed from clothing before entering a shelter 
or going near a fire. The survivors should beat the frost 
out of garments before warming them, and dry them on 
a rack near a fire. Socks should be dried thoroughly. 

d. One or two pairs of wool gloves and (or) mittens 
should be worn inside a waterproof shell (figure 14-2). If 
survivors have to expose their hands, they should warm 
them inside their clothing. 

e. To help prevent sun or snow blindness, a survivor 
should wear sun or snow goggles or improvise a shield 
with a small horizontal slit opening (figure 14-3). 

f. In strong wind or extreme cold, as a last resort, a 
survivor should wrap up in parachute material, if avail- 
able, and get into some type of shelter or behind a 
windbreak. Extreme care should be taken with hard 
materials, such as synthetics, as they may become cold 
soaked and require more time to warm, 

g. At night, survivors should arrange dry spare cloth- 
ing loosely around and under the shoulders and hips to 
help keep the body warm. Wet clothes should never be 
worm into the sleeping bag. The moisture destroys the 
insulation value of the bag. 

h. If survivors fall into water, they should roll in dry 
snow to blot up moisture, brush off the snow, and roll 
again until most of the water is absorbed. They should 
not remove footwear until they are in a shelter or beside 
a fire. 

i. All clothing made of wool offers good protection 
when used as an inner layer. When wool is used next to 
the face and neck, survivors should be cautioned that 
moisture from the breath will condense on the surface 
and cause the insulating value to decrease. The use of a 
wool scarf wrapped around the mouth and nose is an 
excellent way to prevent cold injury, but it needs to be 
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Figure 14-4, Proper Wear of Parka. 


de-iced on a regular basis to prevent freezing flesh adja- 
cent to it. An extra shell is generally worn over the 
warming layers to protect them and to act as a 
windbreak. 

j. Other headgear includes the pile cap and hood. 
These items are most effective when used with a cover- 
ing for the face in extreme cold. The pile cap is extreme- 
ly warm where it is insulated, but it offers little protec- 
tion for the face and back of the neck. 

k. The hood is designed to funnel the radiant heat 
rising from the rest of the body and to recycle it to keep 
the neck, head, and face warm (figure 14-4). The indi- 
vidual’s ability to tolerate cold should dictate the size of 
the front opening of the hood. The “tunnel” of a parka 
hood is usually lined with fur of some kind to act as a 
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Figure 14-5. Sleeping System. 
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protecting device for the face. This same fur also helps 
to protect the hood from the moisture expelled during 
breathing. The closed tunnel holds heat close to the face 
longer; the open one allows the heat to escape more 
freely. As the frost settles on the hair of the fur, it should 
be shaken from time to time to keep it free of ice 
buildup. 

1. Sleeping systems (sleeping bag, liner, and bed) are 
the transition “clothing” used between normal daytime 
activities and sleep (figure | 4-7), 

m. The insulating material in the sleeping bag may be 
synthetic or it may be down and feathers. (Feathers and 
down lining require extra protection from moisture). 
However, the covering is nylon. Survivors must realize 
that sleeping bags are compressed when packed and 
must be fluffed before use to restore insulation value. 
Clean and dry socks, mittens, and other clothing can be 
used to provide additional insulation. 

n. Footgear is critical in a survival situation because 
walking is the only means of mobility. Therefore, care 
of footgear is essential both before and during a survival 
situation. Recommendations for care are: 

(1) Ensure footgear is properly “broken-in” before 
flying. 

(2) “Treat” footgear to ensure water-repellency (fol- 
low manufacturer’s recommendations). 

(3) Keep leather boots as dry as possible. 

o. Mukluks have been around for thousands of years 
and have proven their worth in extremely cold weather. 
The Air Force mukluks are made of cotton duck with 
rubber-cleated soles and heels. (See figure 14-6.) They 
have slide fasteners from instep to collar, laces at instep 
and collar, and are 18 inches high. They are used by 
flying and ground personnel operating under dry, cold 
conditions in temperatures below + 15°F. Survivors 
should change liners daily when possible. 
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Figure 14-6. Issued Mukluks. 


14-9. Care of the Feet. Foot care is critical in a survival 
situation. Improvising foot gear may be essential to car- 
ing for feet. 

a. Moose Hock Shoe. The hock skin of a moose or 
caribou will provide a suitable pair of shoes (figure 
14-7). Cut skin around feg at A and B. Separate from the 
leg and pull it over the hoof. Shape and sew up small 
end C. Slit skin from A to B: bore holes on each side of 
cut for lacing; turn inside out, and lace with rawhide, 
suspension line, or other suitable material. 

b. Grass Insoles. Used extensively by northern na- 
tives to construct inner soles. Grass is a good insulator 
and will collect moisture from the feet. The survivor 
should use the following procedure to prepare grass for 
use as inner soles: Grasp a sheaf of tall grass, about one- 
half inch in diameter, with both hands. Rotate the 
hands in opposite directions. The grass will break up or 
“fluff into a soft mass. Form this fluff into oblong 
shapes and spread it evenly throughout the shoes. The 
inner soles should be about an inch thick. Remove these 
inner soles at night and make new ones the following 
day. 
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c. Hudson Bay Duffel. A triangular piece of material 
used as a foot covering. To improvise this foot covering, 
a survivor can use the following procedures: 

(1) Cut two to four layers of parachute cloth into a 
30-inch square. 

(2) Fold this square to form a triangle. 

(3) Place the foot on this triangle with the toes 
pointing at one corner. 

(4) Fold the front cover up over the toes. 

(5) Fold the side corners, one at a time, over the 
instep. This completes the foot wrap. (See figure 14-8.) 

d. Gaiters. Made from parachute cloth, webbing, or 
canvas. Gaiters help keep sand and snow out of shoes 
and protect the legs from bites and scratches (figure 
14-9). 

e. Double Socks. Cushion padding, feathers, dry 
grass, or fur stuffed between layers of socks. Wrap para- 
chute or aircraft fabric around the feet and tie above the 
ankles. A combination of two or more types of impro- 
vised footwear may be more desirable and more effi- 
cient than any single type (figure 14-10). 


14-10. Clothing in the Summer Arctic: 


a. In the summer arctic, there are clouds of mos- 
quitoes and black flies so thick a person can scarcely see 
through them. Survivors can protect themselves by 
wearing proper clothing to ensure no bare skin is ex- 
posed. A good head net and gloves should be worn. 


b. Head nets must stand out from the face so they 
won’t touch the skin. Issued head nets are either black 
or green. If one needs to be improvised they can be sewn 
to the brim of the hat or can be attached with an elastic 
band that fits around the crown. Black is the best color, 
as it can be seen through more easily than green or 
white. A heavy tape encasing a drawstring should be 
attached to the bottom of the head net for tying snugly 
at the collar. Hoops of wire fastened on the inside will 
make the net stand out from the face and at the same 
time allow it to be packed flat. The larger they are, the 
better the ventilation. But very large nets will not be as 
effective in wooded country where they may become 
snagged on brush. 


c. Gloves are hot, but are a necessity where flies are 
found in swamps. Kid gloves with a 6-inch gauntlet 
closing the gap at the wrist and ending with an elastic 
band halfway to the elbow are best. For fine work, kid 
gloves with the fingers cut off are good. Cotton/Nomex 
work gloves are better than no protection at all, but 
mosquitoes will bite through them. Treating the gloves 
with insect repellent will help. Smoky clothing may also 
help to keep insects away. (See figure 14-11.) 


d. A survivor should remember that mosquitoes do 
not often bite through two layers of cloth; therefore, a 
lightweight undershirt and long underwear will help. To 
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Figure 14-7. Moose Hock Shoes. 


protect ankles, blouse the bottoms of trousers around 14-11. Clothing at Sea. In cold oceans, survivors must 
boots, or wear some type of leggings (gaiters). try to stay dry and keep warm. If wet, they should use a 

e. If the head net is lost or none is available, make the —__ wind screen to decrease the cooling effects of the wind. 
best of a bad situation by wearing sunglasses with im- They should also remove, wring out, and replace outer 





Figure 14-8. Hudson Bay Duffel. 





provised screened sides, plugging ears lightly with cot- 
ton, and tying a handkerchief around the neck. Treat 
clothing with insect repellent at night. Figure 14-9, Gaiters. 
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Figure 14-10. Double Socks. 


garments or change into dry clothing. Hats, socks, and 
gloves should also be dried. If any survivors are dry, 
they should share extra clothes with those who are wet. 
Wet personnel should be given the most sheltered posi- 
lions in the raft. Let them warm their hands and feet 
against those who are dry. Survivors should put on any 
extra clothing available. If no anti-exposure suits are 
provided, they can drape extra clothing around their 
shoulders and over their heads. Clothes should be loose 
and comfortable. Also, survivors should attempt to keep 
the floor of the raft dry. For insulation, covering the 
floor with any available material will help. Survivors 
should huddle together on the floor of the raft and 
spread extra tarpaulin, sail, or parachute material over 
the group. If in a 20- or 25-man raft, canopy sides can 
be lowered. Performing mild exercises to restore circu- 
lation may be helpful. Survivors should exercise fingers, 
toes, shoulders, and buttock muscles. Mild exercise will 
help keep the body warm, stave off muscle spasms, and 
possibly prevent medical problems. Survivors should 
warm hands under armpits and periodically raise feet 
slightly and hold them up for a minute or two. They 
should also move face muscles frequently to prevent 
frostbite. Shivering is the body’s way of quickly gener- 
ating heat and is considered normal. However, persis- 
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Figure 14-11. Insect Protection. 


tent shivering may lead to uncontrollable muscle 
spasms. They can be avoided by exercising muscles. If 
water is available, additional rations should be given to 
those suffering from exposure to cold. Survivors should 
eat small amounts frequently rather than one large 
meal. 


14-12. Antiexposure Garments: 

a. Assemblies. The antiexposure assemblies, both 
quick donning and constant wear, are designed for per- 
sonnel participating in over-water flights where unpro- 
tected or prolonged exposure to the climatic conditions 
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Figure 14-12, Donning Antiexposure Suit. 


of cold air and (or) cold water {as a result of ditching or 
abandoning an aircraft) would be dangerous or could 
prove fatal. The suit provides protection from the wind 
and insulation against the chill of the ocean. The result 
of exposure in the water is illustrated in figures 13-2 and 
13-3. Exposure time varies depending on the particular 
antiexposure assembly worn, the cold sensitiveness of 
the person, and survival procedures used. 


b. Quick-Donning Antiexposure Flying Coverall. 
Some antiexposure coveralls are designed for quick 
donning (approximately 1 minute) before emergency 
ditching. After ditching the aircraft, the coverall pro- 
tects the wearer from exposure while swimming in cold 
water, and from exposure to wind, spray, and rain when 
adrift in a liferaft. 
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(1) The coverall is a one-size garment made from 
chloroprene-coated nylon cloth. It has two expandable- 
type patch pockets, an adjustable waist belt, and at- 
tached boots with adjustable ankle straps. One pair of 
insulated, adjustable wrist strap mittens, each with a 
strap attached to a pocket, is provided. A hood, also 
attached with a strap, is in the left pocket. A carrying 
case with instructions and a snap fastener closure is 
furnished for stowing in the aircraft. 

(2) To use the coverall, personnel should wear it 
over regular flight clothing. It is large enough to wear 
over the usual flight gear. The gloves and hood are 
stowed in the pockets of the coverall and are normally 
worn after boarding the liferaft. 

(3) The survivor should be extremely careful when 
donning the coverall to prevent damage by snagging, 
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tearing, or puncturing it on projecting objects. After 
donning the coverall, the waist band and boot ankle 
straps should be adjusted 10 take up fullness. If possible, 
crewmembers should stoop while pulling the neck seal 
to expel air trapped in the suit. When jumping into the 
water, they should leap feet first with hands and arms 
close to sides or brought together above the head (figure 
14-12). Note there is a constant wear exposure suit de- 
signed to be worn continuously during overwater flights 
where the water temperature is 60 degrees or below. The 
Command may waiver it to 51 degrees. 


14-13. Warm Oceans. Protection against the Sun and 
securing drinking water are the most important 
problems. A survivor should keep the body covered as 
much as possible to avoid sunburn. A sunshade can be 
improvised out of any materials available or the canopy 
provided with the raft may be used. If the heat becomes 
too intense, survivors may dampen clothing with sea 
water to promote evaporation and cooling. The use of 
sunburn preventive cream or a Chapstick is advisable. 
Remember, the body must be kept covered completely. 
Exposure to the Sun increases thirst, wastes precious 
water, reduces the body’s water content, and causes seri- 
ous burns. Survivors should roll down their sleeves, pull 
up their socks, close their collars, wear a hat or impro- 
vised headgear, use a piece of cloth as a shield for the 
back of the neck, and wear sunglasses or improvise eye 
covers. 


14-14. Tropical Climates: 

a. In tropical areas, the body should be kept covered 
for prevention of insect bites, scratches, and sunburn. 

b. When moving through vegetation, survivors should 
roll down their sleeves, wear gloves, and blouse the legs 
of their pants or tie them over their boot tops. Impro- 
vised puttees (gaiters) can be made from parachute ma- 
terial or any available fabric. This will protect legs from 
ticks and leeches. 

c. Loosely worn clothing will keep survivors cooler, 
especially when subjected to the direct rays of the Sun. 

d. Survivors should wear a head net or tie material 
around the head for protection against insects. The 
most active time for insects is at dawn and dusk. An 
insect repellent should be used at these times. 

e. In open country or in high grass, survivors should 
wear a neck cloth or improvised head covering for pro- 
tection from sunburn and (or) dust. They should also 
move carefuily through tall grass, as some sharp-edged 
grasses can cut clothing to shreds. Survivors should dry 
clothing before nightfall. If an extra change of clothing 
is available, effort should be made to keep it clean and 
dry. 


14-15. Dry Climates: 
a. In the dry climates of the world, clothing will be 
needed for protection against sunburn, heat, sand, and 
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Figure 14-13. Protective Desert Clothing. 


insects. Survivors should not discard any clothing. They 
should keep their head and body covered and blouse the 
legs of pants over the tops of footwear during the day. 
Survivors should not roll up sleeves, but keep them 
rolled down and loose at the cuff to stay cool. 

b. Survivors should keep in mind that the people who 
live in the hot dry areas of the world usually wear heavy 
white flowing robes which protect almost every inch of 
their bodies. The only areas open to the Sun are the face 
and the eyes. This produces an area of higher humidity 
between the body and the clothing, which helps keep 
them cooler and conserves their perspiration (figure 
14-13). The white clothing also reflects the sunlight. 

c. Survivors should wear a cloth neckpiece to cover 
the back of the neck and protect it from the Sun. A T- 
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shirt makes an excellent neck drape, with the extra ma- 
terial used as padding under the cap. If hats are not 
available, survivors can make headpieces like those 
worn by the Arabs, as shown in figure 14-13. During 
dust storms, they should wear a covering for the mouth 
and nose; parachute cloth will work. 

d. If shoes are lost or if they wear out, survivors can 
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improvise footgear. One example of this is the “Russian 
Sock.” Parachute material can be used to improvise 
these socks. The parachute material is cut into strips 
approximately 2 feet long and 4 inches wide. These 
strips are wrapped bandage fashion around the feet and 
ankles. Socks made in this fashion will provide comfort 


and protection for the feet. 
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performance requirements of these IoT applications [214], managing /controlling activity in healthcare, 
food, transportation, and logistic domains can be associated with the uMTC service class, while the 
energy domain can be mapped to the mMTC service class. A more detailed description of performance 
requirements for each activity-based class of IoT applications is provided in Section 4, while in Section 5 
it is discussed how these requirements can be accomplished in the radio access part of 5G networks. 


Table 3. Activity-based classification of IoT applications. 












































Activity Domain Examples cerns Application Examples 
Ticketing Smart Transportation and Logistics mMTC POS Terminal [4] 
Smart Healthcare uMTC Health condition [97] 
Smart Buildings uMTC Structures (buildings, tunnels, etc.) [12,25,213] 
Monitoring Smart Buildings/Smart City mMTC Parking spaces 
Smart Buildings/Smart Environment mMTC Home video [12] 
Smart food/water monitoring mMTC Food growth condition [10] 
Smart Healthcare/Sport and Leisure mMTC Medical assets, wearables [200,213] 
Smart Transportation and Logistics mMTC Transport fleet [200,213] 
Tracking Smart Industry /Social Networking mMTC Shipping of products 
Smart Healthcare mMTC People in science museum 
Smart Healthcare uMTC Remote surgery [213] 
Managing/ Smart food/water monitoring uMTC Food processing facilities [96] 
controlling Smart Transportation and Logistics uMTC Traffic, driving [12,213] 
Smart Energy mMTC Energy distribution [12,98] 


Legend: 5G (Fifth Generation), POS (Point Of Sale), mMTC (massive Machine Type Communication), uMTC 
(ultra-reliable Machine Type Communication). 


As such, the activity-based classification of oT applications can be used for the creation of new 
business models, which represent the stakeholder’s plan to generate revenue and make a profit from 
operations, and thereby include many components and functions of the business [21]. However, 
there is no common opinion which components constitute a business model. The business model 
architecture can be illustrated by four dimensions [22]: (1) who, identifying the definition of the target 
customer as one central dimension in designing a new business model; (2) what, describing what 
is offered to the target customer; (3) how, referring to the construction and distribution of the value 
proposition; (4) value, explaining why the business model is financially viable. Answering these four 
questions allows the creation of IoT business models. According to this business model definition, 
the activity-based classification of loT applications affects the who and the how dimensions in the 
following manner. In terms of the who dimension, it directly allows customer segmentation according 
to considered activities as a way to express their requirements (e.g., customers that require tracking 
or monitoring of their products). Being aware of the current customer requirements, the proposed 
classification of IoT applications around four activities (i.e., ticketing, monitoring, tracking, and 
managing /controlling) can be considered complete. At the same time, the activity-based classification 
of IoT applications is flexible since additional activities as classification criterion can be concerned 
with emerging customer requirements. On the other hand, the activity-based classification of IoT 
applications indirectly impacts the how dimension of new business models which among others 
includes relevant resources and capabilities in the focal stakeholder’s internal value chain. This 
indicates that the proposed activity-based classification of loT applications can be easily applied to IoT 
business models. 

Various categories of IoT business models can be identified according to eight IoT architectural 
layers [23], i.e., collaboration and processes layer, application layer, service layer, abstraction layer, 
storage layer, processing layer, network communication layer, physical layer. Along with IoT 
architectural layer, the IoT business model needs also to address the IoT value proposition [24] and 
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Chapter 15 


SHELTER 


15-1. Introduction. Sheiter is anything that protects a 
survivor from the environmental hazards. The informa- 
tion in this chapter describes how the environment in- 
fluences shelter site selection and factors which survi- 
vors must consider before constructing an adequate 
shelter. The techniques and procedures for constructing 
shelters for various types of protection are also 
presented. 


15-2. Shelter Considerations. The location and type of 
shelter built by survivors vary with each survival situa- 
tion. There are many things to consider when picking a 
site. Survivors should consider the time and energy re- 
quired to establish an adequate camp, weather condi- 
tions, life forms (human, plant, and animal}, terrain, 
and time of day. Every effort should be made to use as 
little energy as possible and yet attain maximum protec- 
tion from the environment. 

a. Time. Late afternoon is not the best time to look 
for a site which will meet that day’s shelter require- 
ments, If survivors wait until the last minute, they may 
be forced to use poor materials in unfavorable condi- 
tions. They must constantly be thinking of ways to satis- 
fy their needs for protection from environmental 
hazards. 

b. Weather. Weather conditions are a key consider- 
ation when selecting a shelter site. Failure to consider 
the weather could have disastrous results. Some major 
weather factors which can influence the survivor's 
choice of shelter type and site selection are temperature, 
wind, and precipitation. 

(1) Femperature. Temperatures can vary considera- 
bly within a given area. Situating a campsite in low 
areas such as a valley in cold regions can expose survi- 
vors to low night temperatures and windchill factors. 
Colder temperatures are found along valley floors which 
are sometimes referred to as “cold air sumps.” It may be 
advantageous to situate campsites to take advantage of 
the Sun. Survivors could place their sheliers in open 
areas during the colder months for added warmth, and 
in shaded areas for protection from the Sun during peri- 
ods of hotter weather. In some areas a compromise may 
have to be made. For example, in many deserts the 
daytime temperatures can be very high while low tem- 
peratures at night can turn water to ice. Protection from 
both heat and cold are needed in these areas. Sheiter 
type and location should be chosen to provide protec- 
tion from the existing temperature conditions. 

(2) Wind. Wind can be either an advantage or a 
disadvantage depending upon the temperature of the 
area and the velocity of the wind. During the summer or 
on warm days, survivors can take advantage of the cool 
breezes and protection the wind provides from insects 


by locating their camps on knolls or spits of land. Con- 
versely, wind can become an annoyance or even a haz- 
ard as blowing sand, dust, or snow can cause skin and 
eye itritation and damage to clothing and equipment. 
On cold days or during winter months, survivors should 
seek shelter sites which are protected from the effects of 
windchill and drifting snow. 

(3) Precipitation. The many forms of precipitation 
(rain, sleet, hail, or snow) can also present problems for 
survivors. Shelter sites should be out of major drainages 
and other low areas to provide protection from flash 
floods or mud slides resulting from heavy rains. Snow 
can also be a great danger if shelters are placed in poten- 
tial avalanche areas. 

c. Life Forms. All life forms (plant, human, and 
animal} must be considered when selecting the campsite 
and the type of shelter that will be used. The “human” 
factor may mean the enemy or other groups from whom 
survivors wish to remain undetected. Information re- 
garding this aspect of shelters and shelter site selection 
is in part nine of this regulation (Evasion). For a shelter 
to be adequate, certain factors must be considered, es- 
pecially if extended survival is expected. 

(1) Insect life can cause personal discomfort, dis- 
ease, and injury. By locating shelters on knolls, ridges, 
or any other area that has a breeze or steady wind, 
survivors can reduce the number of flying insects in 
their area. Staying away from standing water sources 
will help to avoid mosquitoes, bees, wasps, and hornets. 
Ants can be a major problem; some species will vigor- 
ously defend their territories with painful stings or bites 
or particularly distressing pungent odors. 

(2) Large and small animals can also be a problem, 
especially if the camp is situated near their trails or 
waterholes. 

(3) Dead trees that are standing, and trees with 
dead branches should be avoided. Wind may cause 
them to fall, causing injuries or death. Poisonous plants, 
such as poison oak or poison ivy, must also be avoided 
when locating a shelter. 

d. Terrain. Terrain hazards may not be as apparent as 
weather and animal life hazards, but they can be many 
times more dangerous. Avalanche, rock, dry 
streambeds, or mud-slide areas should be avoided. 
These areas can be recognized by either a clear path ora 
path of secondary vegetation, such as 1- to 15-foot tall 
vegetation or other new growth which extends from the 
top to the bottom of a hill or mountain. Survivors 
should not choose shelter sites at the bottom of steep 
slopes which may be prone to slides. Likewise, there is a 
danger in camping at the bottom of steep scree or talus 
slopes. Additionally, rock overhang must be checked for 
safety before using it as a shelter. 
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15-3. Location: 
a. Four prerequisites must be satisfied when selecting 
a shelter location. 

(1) The first is being near water, food, fuel, and a 
signal or recovery site. 

(2) The second is that the area be safe, providing 
natural protection from environmental hazards. 

(3) The third is that sufficient materials be available 
to construct the shelter. In some cases, the “shelter” 
may already be present. Survivors seriously limit them- 
selves if they assume shelters must be a fabricated 
framework having predetermined dimensions and a 
cover of parachute material or a signal paulin. More 
appropriately, survivors should consider using sheltered 
places already in existence in the immediate area. This 
does not rule out shelters with a fabricated framework 
and parachute or other manufactured material covering; 
it simply enlarges the scope of what can be used as a 
survival shelter. 

(4) Finally, the area chosen must be both large 
enough and level enough for the survivor to lie down. 
Personal comfort is an important fundamental for sur- 
vivors to consider. An adequate shelter provides physi- 
cal and mental well-being for sound rest. Adequate rest 
is extremely vital if survivors are to make sound deci- 
sions. Their need for rest becomes more critical as time 
passes and rescue or return is delayed. Before actually 
constructing a shelter, survivors must determine the 
specific purpose of the shelter. The following factors 
influence the type of shelter to be fabricated. 

(a) Rain or other precipitation. 

(b) Cold. 

(c) Heat. 

(d) Insects. 

(e} Available materials nearby (manufactured or 
natural). 

(f} Length of expected stay. 

(g) Enemy presence in the area—evasion “shel- 
ters” are covered in part nine of the regulation 
(Evasion). 

(h) Number and physical condition of survivors. 

b. If possible, survivors should try to find a shelter 
which needs little work to be adequate. Using what is 
already there, so that complete construction of a shelter 
is not necessary, saves time and energy. For example, 
rock overhangs, caves, large crevices, fallen logs, root 
buttresses, or snow banks can all be modified to provide 
adequate shelter. Modifications may include adding 
snow blocks to finish off an existing tree well shelter, 
increasing the insulation of the shelter by using vegeta- 
tion or parachute material, etc., or building a reflector 
fire in front of a rock overhang or cave. Survivors must 
consider the amount of energy required to build the 
shelter. It is not really wise to spend a great deal of time 
and energy in constructing a shelter if nature has pro- 
vided a natural shelter nearby which will satisfy the 
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survivor's needs. See figure 15-1 for examples of natu- 
rally occurring shelters. 

c. The size limitations of a shelter are important only 
if there is either a lack of material on hand or if it is 





Figure 15-1. Natural Shelter. 


cold. Otherwise, the shelter should be large enough to be 
comfortable yet not so large as to cause an excessive 
amount of work. Any shelter, naturally occurring or oth- 
erwise, in which a fire is to be built must have a ventila- 
tion system which will provide fresh air and allow 
smoke and carbon monoxide to escape. Even if a fire 
does not produce visible smoke (such as heat tabs), the 
shelter must still be vented. See figure 15-27 for place- 
ment of ventilation holes in a snow cave. Ifa fire is to be 
placed outside the shelter, the opening of the shelter 
should be placed 90 degrees to the prevailing wind. This 
will reduce the chances of sparks and smoke being 
blown into the shelter if the wind should reverse direc- 
tion in the morning and evening. This frequently occurs 
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in mountainous areas. The best fire to shelter distance is 
approximately 3 feet. One place where it would not be 
wise to build a fire is near the aircraft wreckage, espe- 
cially if it is being used as a shelter. The possibility of 
igniting spilled lubricants or fuels is great. Survivors 
may decide instead to use materials from the aircraft to 
add to a shelter located a safe distance from the crash 
site. 


15-4. Immediate Action Shelters. The first type of shel- 
ter that survivors may consider using, or the first type 
they may be forced to use, is an immediate action shel- 
ter. An immediate action shelter is one which can be 
erected quickly with minimum effort; for example, raft, 
aircraft parts, parachutes, paulin, and plastic bag. Natu- 
tal formations can also shield survivors from the ele- 
ments immediately, to include overhanging ledges, fall- 
en logs, caves, and tree wells (figure 15-2). It isn’t 
necessary to be concerned with exact shelter dimen- 
sions. Survivors should remember that if shelter is 
needed, use an existing shelter if at all possible. They 
should improvise on natural shelters or construct new 
shelters only if necessary. Regardless of type, the shelter 
must provide whatever protection is needed and, with a 
little ingenuity, it should be possible for survivors to 
protect themselves and do so quickly. In many in- 
stances, the immediate action shelters may have to 
serve as permanent shelters for aircrew members. For 
example, many aircrew members fly without 
parachutes, large cutting implements (axes), and en- 
trenching tools; therefore, multiperson liferafts may be 
the only immediate or long-term shelter available. In 
this situation, multiperson liferafts must be deployed in 
the quickest manner possible to ensure maximum ad- 
vantages are attained from the following shelter 
principles: 

a. Set up in areas which afford maximum protection 
from precipitation and wind and use the basic shelter 
principle in paragraphs 15-2 and 15-3. 

b. Anchor the raft for retention during high winds. 

c. Use additional boughs, grasses, etc., for ground 
insulation. 


18-5. improvised Shelters. Shelters of this type should 
be easy to construct and (or) dismantle in a short period 
of time. However, these shelters usually require more 
time to construct then an immediate action shelter. For 
this reason, survivors should only consider this type of 
shelter when they aren’t immediately concerned with 
getting out of the elements. Shelters of this type include 
the following: 

a. The “A frame” design is adaptable to all environ- 
ments as it can be easily modified; for example, tropical 
para-hammock, temperate area “A frame,” arctic ther- 
ma! “A frame,” and fighter trench. 

b. Simple shade shelter; these are useful in dry areas. 

c. Various paratepees. 
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Figure 15-2. Immediate Action Shelters. 


d. Snow shelters; includes tree-pit shelters. 
e. All other variations of the above shelter types; sod 
shelters, etc. 


15-6. Shelters for Warm Temperature Areas: 

a. If survivors are to use parachute material, they 
should remember that “pitch and tightness” apply to 
shelters designed to shed rain or snow, Parachute mate- 
rial is porous and will not shed moisture unless it is 
stretched tightly at an angle of sufficient pitch which will 
encourage run-off instead of penetration. An angle of 40 
to 60 degrees is recommended for the “pitch” of the 
shelter. The material stretched over the framework 
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should be wrinkle-free and tight. Survivors should not 
touch the material when water is running over it as this 
will break the surface tension at that point and allow 
water to drip into the shelter. Two layers of parachute 
material, 4 to 6 inches apart, will create a more effective 
water repellent covering. Even during hard rain, the 
outer layer only lets a mist penetrate if it is pulled tight. 
The inner layer will then channel off any moisture 
which may penetrate. This layering of parachute mate- 
rial also creates a dead-air space that covers the shelter. 
This is especially beneficial in cold areas when the shel- 
ter is enclosed. Adequate insulation can also be provid- 
ed by boughs, aircraft parts, snow, etc. These will be 
discussed in more depth in the area of cold. climate 
shelters. A double layering of parachute material helps 
to trap body heat, radiating heat from the Earth’s sur- 
face, and other heating sources. 

b. The first step is deciding the type of shelter re- 
quired. No matter which shelter is selected, the building 
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Figure 15-3. A-Frame Sheiters. 
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or improvising process should be planned and orderly, 
following proven procedures and techniques. The sec- 
ond step is to select, collect, and prepare all materials 
needed before the actual construction; this includes 
framework, covering, bedding, or insulation, and imple- 


ments used to secure the shelter (“dead-men,” lines, 
stakes, etc.). 


(1) For shelters that use a wooden framework, the 
poles or wood selected should have all the rough edges 
and stubs removed. Not only will this reduce the 
chances of the parachute fabric being ripped, but it will 
eliminate the chances of injury to survivors. 

(2) On the outer side of a tree selected as natural 
shelter, some or all of the branches may be left in place 
as they will make a good support structure for the rest of 
the shelter parts. 

(3) In addition to the parachute, there are many 
other materials which can be used as framework cover- 
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ings. Some of the following are both framework and 
covering all in one: 

{a) Bark peeled off dead trees. 

(b) Boughs cut off trees. 

(c) Bamboo, palm, grasses, and other vegetation 
cut or woven into desired patterns. 

(4) If parachute material is to be used alone or in 
combination with natural materials, it must be changed 
slightly. Survivors should remove all of the lines from 
the parachute and then cut it to size. This will eliminate 
bunching and wrinkling and reduce leakage. 

c. The third step in the process of shelter construction 
is site preparation. This includes brushing away rocks 
and twigs from the sleeping area and cutting back over- 
hanging vegetation. 

d. The fourth step is to actually construct the shelter, 
beginning with the framework. The framework is very 
important. It must be strong enough to support the 
weight of the covering and precipitation buildup of 
snow. It must also be sturdy enough to resist strong 
wind gusts. 

(1) Construct the framework in one of two ways. 
For natural shelters, branches may be securely placed 
against trees or other natural objects. For parachute 
shelters, poles may be lashed to trees or to other poles. 
The support poles or branches can then be layed and 
(or) attached depending on their function. 

(2) The pitch of the shelter is determined by the 
framework, A 60-degree pitch is optimum for shedding 
precipitation and providing shelter room. 

(3) The size of the shelter is controlled by the 
framework, The shelter should be large enough for sur- 
vivors to sit up, with adequate room to lie down and to 
store all personal equipment. 

(4) After the basic framework has been completed, 
survivors can apply and secure the framework covering. 
The care and techniques used to apply the covering will 
determine the effectiveness of the shelter in shedding 
precipitation. 

(5} When using parachute material on shelters, sur- 
vivors should remove all suspension line from the mate- 
rial. (Excess line can be used for lashing, sewing, etc.) 
Next, stretch the center seam tight; then work from the 
back of the shelter to the front, alternating sides and 
securing the material to stakes or framework by using 
buttons and lines. When stretching the material tight, 
survivors should pull the material 90 degrees to the 
wrinkles. If material is not stretched tight, any moisture 
will pool in the wrinkles and leak into the shelter. 

(6) If natural materials are to be used for the cover- 
ing, the shingle method should be used. Starting at the 
bottom and working toward the top of the shelter, the 
bottom of each piece should overlap the top of the pre- 
ceding piece. This will allow water to drain off. The 
material should be placed on the shelter in sufficient 
quantity so that survivors in the shelter cannot see 
through it, 
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15-7. Maintenance and Improvements. Once a shelter 
is constructed, it must be maintained. Additional modi- 
fications may make the shelter more effective and com- 
fortable. Indian lacing (lacing the front of the shelter to 
the bipod) will tighten the shelter. A door may help 
block the wind and keep insects out. Other modifica- 
tions may include a fire reflector, porch or work area, or 
another whole addition such as an opposing lean-to. 


15-8. Construction of Specific Shelters: 

a. A-Frame. The following is one way to build an A- 
frame shelter in a warm temperate environment using 
parachute material for the covering. There are as many 
variations of this shelter as there are builders. The pro- 
cedures here will, if followed carefully, result in the 
completion of a safe shelter that will meet survivors’ 
needs. For an example of this and other A-frame shel- 
ters, see figure 15-3. 

(1) Materials Needed: 

(a) One 12 to 18 foot long sturdy ridge pole with 
all projections cleaned off. 

(b) Two bipod poles, approximately 7 feet long. 

(c) Parachute material, normally 5 or 6 gores. 

(d) Suspension lines. 

(e) “Buttons,” small objects placed behind gath- 
ers of material to provide a secure way of affixing sus- 
pension line to the parachute material. 

(f) Approximately 14 stakes, approximately 10 
inches long. 

(2) Assembling the Framework: 

(a) Lash (See chapter 17 — Equipment.) the two 
bipod poles together at eye-level height. 

(b) Place the ridge pole, with the large end on the 
ground, into the bipod formed by the poles and secure 
with a square lash, 

(c) The bipod structure should be 90 degrees to 
the ridge pole and the bipod poles should be spread out 
to an approximate equilateral triangle of a 60-degree 
pitch. A piece of line can be used to measure this. 

(3) Application of Fabric: 

(a) Tie off about 2 feet of the apex in a knot and 
tuck this under the butt end of the ridge pole. Use half 
hitches and clove hitches to secure the material to the 
base of the pole. 

(b) Place the center radial seam of the parachute 
piece (or the center of the fabric) on the ridge pole. After 
pulling the material taut, use half hitches and clove 
hitches to secure the fabric to the front of the ridge pole. 

(c) Scribe or draw a line on the ground from the 
butt of the ridge pole to each of bipod poles. Stake the 
fabric down, starting at the rear of the shelter and alter- 
nately staking from side to side to the shelter front. Use 
a sufficient number of stakes to ensure the parachute 
material is wrinkle-free. 

(d) Stakes should be slanted or inclined away 
from the direction of pull. When tying off with a clove 
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hitch, the line should pass in front of the stake first and 
then pass under itself to allow the button and line to be 
pulled 90 degrees to the wrinkle. 

(e) Indian lacing is the sewing or lacing of the 
lower lateral band with inner core or Hine which is se- 
cured to the bipod poles. This will remove the remain- 
ing wrinkles and further tighten the material. 

(f) A rain fly, bed, and other refinements can now 
be added. 

b. Lean-To: 
(1) Materials Needed: 

(a) A sturdy, smooth ridge pole (longer than the 
builder’s body) long enough to span the distance be- 
tween two sturdy trees. 

(b) Support poles, 10 feet long. 

(c) Stakes, suspension lines, and buttons, 

_(d) Parachute material (minimum of four gores). 

(2) Assembling the Framework: 

{a) Lash the ridge pole (between two suitable 
trees) about chest or shoulder high. 

(b) Lay the roof support poles on the ridge pole 
so the roof support poles and the ground are at approxi- 
mately a 60-degree angle. Lash the roof support poles to 
the ridge pole. 

(3) Application of Fabric: 

{a) Place the middle seam of the fabric on the 
middie support pole with lower lateral band along the 
ridge pole. 

(b) Tie-off the middle and both sides of the lower 
lateral band approximately 8 to 10 inches from the ridge 
pole. 

(c) Stake the middle of the rear of the shelter first, 
then alternate from side to side. 

(d) The stakes that go up the sides to the front 
should point to the front of the shelter. 

(e) Pull the lower lateral band closer to the ndge 
pole by indian lacing. 

(f} Add bed and other refinements (reflector fire, 
bed logs, rain fly, etc.). See figure 15-4 for lean-to 
examples. 


c. Paratepee, 9-Pole. The paratepee is an excellent 
shelter for protection from wind, rain, cold, and insects. 
Cooking, eating, sleeping, resting, signaling, and wash- 
ing can all be done without going outdoors. The 
paratepee, whether 9-pole, |-pole, or no-pole, is the only 
improvised shelter that provides adequate ventilation 
to build an inside fire. With a small fire inside, the 
shelter also serves as a signal at night. 

(1) Materials Needed: 
(a) Suspension line. 
(b) Parachute material, normally !4 gores are 
suitable, 

-1. Spread out the 14-gore section of parachute 
and cut off all lines at the lower lateral band, leaving 
about 18 inches of line attached. All other suspension 
lines should be stripped from the parachute. 
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Figure 15-4. Lean-To Shelters. 


-2. Sew two smoke flaps, made from two large 
panels of parachute material, at the apex of the |4-gore 
section on the outside seams. Attach suspension hne 
with a bowline in the end to each smoke flap. The ends 
of the smoke flap poles will be inserted in these (see 
figure 15-5). 

(c) Stakes. 

(d) Although any number of poles may be used, 
11 poles, smoothed off. each about 20 feet long, will 
normally provide adequate support. 


AFR 64-4 ~—s- Voll! 15 July 1985 

(2) Assembling the Framework. (Assume 11 poles 
are used. Adjust instructions if different numbers are 
used.) 

(a) Lay three poles on the ground with the butts 
even. Stretch the canopy along the poles. The lower 
lateral band should be 4 to 6 inches from the bottoms of 
the poles before the stretching takes place. Mark one of 
the poles at the apex point. 

(b) Lash the three poles together, 5 to 10 inches 
above the marked area. (A shear lash is effective for this 
purpose.) These poles will form the tripod (figure 15-5). 

(c) Scribe a circle approximately 12 feet in diam- 
eter in the shelter area and set the tripod so the butts of 
the poles are evenly spaced on the circle. Five of the 
remaining eight poles should be placed so the butts are 
evenly spaced around the 12-foot circle and the tops are 
laid in the apex of the tripod to form the smallest apex 
possible (figure 15-5). 

(3) Application of Fabric: 

(a) Stretch the parachute material along the tie 
pole. Using the suspension line attached to the middle 
radial seam, tie the lower lateral band to the tie pole 6 
inches from the butt end. Stretch the parachute material 
along the middle radial seam and tie it to the tie pole 
using the suspension line at the apex. Lay the tie pole 
onto the shelter frame with the butt along the 12-foot 
circle and the top in the apex formed by the other poles. 
The tie pole should be placed directly opposite the pro- 
posed door. 

(b) Move the canopy material (both sides of it) 
from the tie pole around the framework and tie the 
lower lateral band together and stake it at the door. The 
front can now be sewn or pegged closed, leaving 3 to 4 
feet for a door. (A sewing “ladder” can be made by 
lashing steps up the front of the tepee (figure 15-5). 

(c) Enter the shelter and move the butts of the 
poles outward to form a more perfect circle and until 
the fabric is relatively tight and smooth. 

(d) Tighten the fabric and remove remaining 
wrinkles. Start staking directly opposite the door, and 
alternate from side to side, pulling the material down 
and to the front of the shelter. Use clove hitches or 
similar knots to secure material to the stakes. 

(e) Insert the final two poles into the loops on the 
smoke flaps. The paratepee is now finished (figure 15-5). 

(f) One improvement which could be made to the 
paratepee is the installation of a liner. This will allow a 
draft for a fire without making the occupants cold, since 
there may be a slight gap between the lower lateral band 
and the ground. A liner can be affixed to the inside of 
the paratepee by taking the remaining 14-gore piece of 
material and firmly staking the lower lateral band di- 
rectly to the ground all the way around, leaving room 
for the door. The area where the liner and door meet 
may be sewn up. The rest of the material is brought up 
the inside walls and affixed to the poles with buttons 
(figure 15-5). 
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d. Paratepee, 1-Poie: 
(1) Materials Needed: 

(a) Normally use a 14-gore section of canopy, 
strip the shroud lines leaving 16- to 18-inch lengths at 
the lower lateral band. 

(b) Stakes. 

(c) Inner core and needle. 

(2) Construction of the 1-Pole Paratepee: 

(a) Select a shelter site and scribe a circle about 
14 feet in diameter on the ground. 

(b) The parachute material is staked to the 
ground using the lines attached at the lower lateral 
band. After deciding where the shelter door will be lo- 
cated, stake the first line (from the lower band) down 
securely. Proceed around the scribed line and stake 
down all the lines from the lateral band, making sure the 
parachute material is stretched taut before the line is 
staked down. 

{c) Once all the lines are staked down, loosely 
attach the center pole, and, through trial and error, de- 
termine the point at which the parachute material will 
be pulled tight once the center pole is placed upright— 
securely attach the material at this point. 

(d) Using a suspension line (or innercore), sew 
the end gores together leaving 3 or 4 feet for a door 
(figure 15-6). 

e. Paratepee, No-Pole. For this shelter, the 14 gores 
of material are prepared the same way. A line is al- 
tached to the apex and thrown over a tree limb, etc., and 
tied off. The lower lateral band is then staked down 
starting opposite the door around a 12- to 14-foot circle. 
(See figure 15-7 for paratepee example.) 

f. Sod Shelter. A framework covered with sod pro- 
vides a shelter which is warm in cold weather and one 
that is easily made waterproof and insect-proof in the 
summer. The framework for a sod shelter must be 
strong, and it can be made of driftwood, poles, willow, 
etc. (Some natives use whale bones.) Sod, with a heavy 
growth of grass or weeds, should be used since the roots 
tend to hold the soil together. Cutting about 2 inches of 
soil along with the grass is sufficient. The size of the 
blocks are determined by the strength of the individual. 
A sod house is strong and fireproof. 


15-9. Shelter for Tropical Areas. Basic considerations 
for shelter in tropical areas are as follows: 

a. In tropical areas, especially moist tropical areas, 
the major environmental factors influencing both site 
selection and shelter types are: 

(1) Moisture and dampness. 

(2) Rain. 

(3) Wet ground. 

(4) Heat. 

(5) Mud-slide areas. 

(6) Dead standing trees and limbs. 
(7) Insects. 
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Figure 15-5. 9-Pole Tepee. 


AFR 64-4 ~—s Voll! 


15 July 1985 





Figure 15-6. 1-Pole Tepee. 


b. Survivors should establish a campsite on a knoll or 
high spot in an open area well back from any swamps or 
marshy areas. The ground in these areas is drier, and 
there may be a breeze which will result in fewer insects. 

c. Underbrush and dead vegetation should be cleared 
from the shelter site. Crawling insects will not be able to 
approach survivors as easily due to lack of cover. 

d. A thick bamboo clump or matted canopy of vines 
for cover reflects the smoke from the campfire and dis- 
courages insects. This cover will also keep the extremely 
heavy early morning dew off the bedding. 

e. The easiest improvised shelter is made by draping a 
parachute, tarpaulin, or poncho over a rope or vine 
stretched between two trees. One end of the canopy 
should be kept higher than the other; insects are dis- 
couraged by few openings in shelters and smudge fires. 
A hammock made from parachute material will keep 
the survivor off the ground and discourage ants, spiders, 
leeches, scorpions, and other pests. 

f. In the wet jungle, survivors need shelter from 
dampness. If they stay with the aircraft, 11 should be 
used for shelter. They should try to make it mosquito- 
proof by covering openings with netting or parachute 
cloth. 

g. A good rain shelter can be made by constructing an 
A-type framework and shingling it with a good thickness 
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Figure 15-7. No-Pole Tepee. 


of palm or other broad leaf plants, pieces of bark, and 
mats of grass (figure 15-8). 

h. Nights are cold in some mountainous tropical ar- 
eas. Survivors should try to stay out of the wind and 
build a fire. Reflecting the heat off a rock pile or other 
barrier is a good idea. Some natural materials which can 





Figure 15-8. Banana Leaf A-Frame. 
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Figure 15-9. Raised Platform shelter. 
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IoT stakeholders that can participate in more than one layer. Based on their role in the loT ecosystem, 
telecom operators usually take a part in the network communication layer. In this regard, they follow 
four evolutionary business models [23]: (1) selling connectivity services only; (2) selling third-party 
products; (3) selling internal products; (4) providing a broad menu of IoT products. Each of these 
IoT business models includes traditional telcos strength, i.e., connectivity which determines the how 
dimension of the IoT business model. In this sense, our activity-based classification of loT applications 
indirectly allows the construction and distribution of performance as IoT value proposition using 
enabling technologies as IoT resources in telco’s internal value chain. 


3.3. Summary of loT in 5G Service Classification 


The previous discussion has shown that the classification of loT applications is a complex task 
due to their numerosity and diversity. The existing classifications of loT applications pose some 
drawbacks that can be summarized as follows. The domain-based classification does not allow clear 
differentiation between IoT domains and IoT applications due to either an imprecise classification 
criterion or the diversity and unpredictability of loT applications. On the other hand, QoS-based 
classifications need to identify the common and most important performance metric for a broad range 
of IoT applications. Therefore, on the basis of the literature review and IoT customer service requests, 
we have proposed a new approach to the classification of loT applications. It is based on the activity 
as new classification criterion, which denotes a main function/ purpose of specific loT application 
observed from telco’s point of view. According to the authors’ knowledge, four activities, i.e., ticketing, 
monitoring, tracking, and managing /controlling, have been identified to cover reasonably foreseeable 
functions /purposes of existing IoT applications. The resulting activity-based IoT application classes 
have been associated with 5G service classes in order to determine and prioritize their performance 
requirements as described in next section. Finally, the proposed classification of IoT applications was 
discussed in terms of its completeness, flexibility, and applicability to new business models. 


4. loT in 5G Performance Requirements 


This section provides an insight into performance requirements of activity-based classes of 
IoT applications proposed in Section 3. The analysis is based on eight key performance indicators 
identified in [5,207] as shown in Table 4: data rate, mobility, latency, connection density, reliability, 
positioning accuracy, coverage, and energy efficiency. These performance indicators are usually 
well described for specific loT applications. However, one of the main challenges of 5G is to 
support a variety of performance requirements for numerous IoT applications in a flexible, reliable, 
and cost-effective way [15]. Hence, there is a need for a comprehensive understanding of these 
requirements for activity-based IoT application classes. The 5G service classification defined the 
performance requirements for mMTC and uMTC [9]. We have assigned these requirements to 
the activity-based IoT application classes introduced in Section 3 for the purpose of proposing 
priorities of each requirement for a specific class. Three levels of priorities (high, medium, low) 
are associated with the performance requirements of activity-based classes of IoT applications 
as shown in Table 4. The prioritization of performance requirements is inspired by analysis of 
related work undertaken in [213]. Some activity-based classes of loT applications may demand 
optimization of multiple performance requirements. Table 4 illustrates the main differences between 
activity-based IoT application classes, and therefore, the need for a 5G network that enables support of 
optimal configurations for a variety of, sometimes opposite, requirements. For example, the mMTC 
tracking-based IoT application class requires support for high mobility, high positioning accuracy, and 
high connection density, while the mMTC monitoring-based IoT application class also requires high 
connection density but low mobility and low positioning accuracy. A more detailed description of 
considered performance requirements is contained in the following subsections. 
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be used in the shelters are green wood (dead wood may 
be too rotten), bamboo, and palm leaves. Vines can be 
used in place of suspension line for thatching roofs or 
floors, etc. Banana plant sections can be separated from 
the banana plant and fashioned to provide a mattress 
effect. 


15-10. Specific Shelters for Tropical Environments: 

a. Raised Platform Shelter (figure 15-9). This shelter 
has many variations. One example is four trees or verti- 
cal poles in a rectangular pattern which is a little longer 
and a little wider than the survivor, keeping in mind the 
survivor will also need protection for equipment. Two 
long. sturdy poles are then square lashed between the 
trees or vertical poles, one on each side of the intended 
shelter. Cross pieces can then be secured across the two 
horizontal poles at 6- to 12-inch intervals. This forms 
the platform on which a natural mattress may be con- 
structed. Parachute material can be used as an insect net 
and a roof can be built over the structure using A-frame 
building techniques. The roof should be waterproofed 
with thatching laid bottom to top in a thick shingle 
fashion. See figure 15-9 for examples of this and other 
platform shelters. These shelters can also be built using 
three trees in a triangular pattern. At the foot of the 
shelter, two poles are joined to one tree. 

b. Variation of Platform Shelter. A variation of the 
platform-type shelter is the paraplatform. A quick and 
comfortable bed is made by simply wrapping material 
around the two “frame” poles. Another method is to roll 
poles in the material in the same manner as for an 
improvised stretcher (figure 1 5-10). 

c. Hammocks. Various parahammocks can also be 
made, They are more involved than a simple parachute 
wrapped framework and not quite as comfortable (fig- 
ure 15-11). 

d. Hobo Shelter. On tropical coasts and other coastal 
environments, if a more permanent shelter is desired as 
opposed to a simple shade shelter, survivors should 
build a “hobo” shelter. To build this shelter: 

(1) Dig into the lee side of a sand dune to protect 
the shelter from the wind. Clear a level area large 
enough to lie down in and store equipment. 

(2) After the area has been cleared, build a heavy 
driftwood framework which will support the sand. 

(3) Wall sides and top with strong material (boards, 
driftwood, etc.) that will support the sand; leave a door 
opening. 

(4) Slope the roof to equal the slope of the sand 
dune. Cover the entire shelter with parachute material 
to keep sand from sifting through small holes in the 
walls and roof. 

(5) Cover with 6 to 12 inches of sand to provide 
protection from wind and moisture. 

(6) Construct a door for the shelter (figure 15-12). 
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Figure 15-10, Raised Paraplatform Shelter. 


15-11. Shelters for Dry Climates: 

a. Natives of hot, dry areas make use of light-proof 
shelters with sides rolled up to take advantage of any 
breeze. Survivors should emulate these shade-type shel- 
ters if forced to survive in these areas. The extremes of 
heat and cold must be considered in hot areas, as most 
can become very cold during the night. The major prob- 
lem for survivors will be escaping the heat and Sun rays. 

b. Natural shelters in these areas are often limited to 
the shade of cliffs and the lee sides of hills, dunes, or 
rock formations. In some desert mountains, it is possi- 
ble to find good rock shelters or cave-like protection 
under tumbled blocks of rocks which have fallen from 
cliffs. Use care to ensure that these blocks are in areas 
void of future rock falling activity and free from animal 
hazards. 

c. Vegetation, if any exists, is usually stunted and 
armed with thorns. It may be possible to stay in the 
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shade by moving around the vegetation as the Sun some shade. 

moves, The hottest part of the day may offer few d. Materials which can be used in the construction of 
shadows because the Sun is directly overhead. Para- desert shelters include: 

chute material draped over bushes or rocks will provide 
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SUSPEND HAMMOCK BETWEEN TWO* 

TREES WITH THE SKIRT HIGHER THAN DRAPE THE REMAINING THREE GORES OVER 
THE APEX. PLACE A SPREADER BAR THE AWNING LINE AND TUCK THE SIXTH 
BETWEEN THE LINES AT THE SKIRT AND GORE INTO THE SHELTER. PROP FORKED 
LACE IT TO THE SKIRT. STRETCH AN BRANCHES UNDER THE SPREADER BAR 
AWNING LINE BETWEEN THE TWO TREES. TO STABILIZE THE SHELTER. 


* AN ALTERNATE AND MORE STABLE CONFIGURATION WOULD BE TO TIE EACH 
SIDE OF THE SKIRT TO A SEPARATE TREE. HOWEVER THIS CONFIGURATION OF 
THREE TREES COULD BE DIFFICULT TO FIND. 





Figure 15-11. Parahammock. 
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Figure 15-12. Hobo Shelter. 


(1) Sand, though difficult to work with when loose, 
may be made into pillars by using sandbags made from 
parachute or any available cloth. 

(2) Rock can be used in shelter construction. 

(3) Vegetation such as sage brush, creosote bushes, 
juniper trees, and desert gourd vines are valuable build- 
ing materials. 

(4) Parachute canopy and suspension lines. These 
are perhaps the most versatile building materials avail- 
able for use by survivors. When used in layers, para- 
chute material protects survivors from the Sun’s rays. 

(a) The shelter should be made of dense material 
or have numerous layers to reduce or stop dangerous 
ultraviolet rays. The colors of the parachute materials 
used make a difference as to how much protection is 
provided from ultraviolet radiation. As a general rule, 
the order of preference should be to use as many layers 
as practical in the order of orange, green, tan, and white. 
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ULTRAVIOLET TESTS ON PARACHUTE CANOPY 
MATERIAL 


% Ultraviolet (Short Wave 2537 A° Sunburn Rays) 
Blocked as compared to Direct Exposure 


1 Layer 2 Layers 3 Layers 
Orange 78.2% 96.2% 99.36% 
Sage Green 79.5% 96.2% 98.7% 
Tan 64.1% 84.6% 93.6% 
White 47.5% 61.6% 70.5% 


% Ultraviolet (Long Wave 3660 A°) Blocked as Com- 
pared to Direct Exposure 


1 Layer 2 Layers 3 Layers 
Orange 63.4% 92.3% 97.8% 
Sage Green 60.0% 88.9% 97.8% 
Tan 38.9% 66.7% 82.3% 
White 28.9% 47.8% 58.9% 
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Figure 15-13. Improvised Natural Shade Shelters. 


{b) The material should be kept approximately 12 
to 18 inches above the individual. This allows the air to 
cool the underside of the material. 

(c) Aircraft parts and liferafts can also be used for 
shade shelters. Survivors may use sections of the wing, 
tail, or fuselage to provide shade. However, the interior 
of the aircraft will quickly become superheated and 
should be avoided as a shelter. An inflatable raft can be 
tilted against a raft paddie or natural object such as a 
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bush or rock to provide relief from the Sun (figure 


15-13). 


15-12. Principles of Desert Shelters: 

a. The roof of a desert shelter should be multilayered 
so the resulting airspace reduces the inside temperature 
of the shelter. The layers should be separated 12 to 18 
inches apart (figure 15-14). 

b. Survivors should place the floor of the shelter about 
18 inches above or below the desert surface to increase 
the cooling effect. 

c. In warmer deserts, white parachute material should 
be used as an outer layer. Orange or sage green material 
should be used as an inner layer for protection from 
ultraviolet rays. 

d. In cooler areas, multiple layers of parachute mate- 
rial should be used with sage green or orange material as 
the outer layer to absorb heat. 

e. The sides of shelters should be movable in order to 
protect survivors during cold and (or) windy periods 
and to allow for ventilation during hot periods. 

f. In a hot desert, shelters should be built away from 
large rocks which store heat during the day. Survivors 
may need to move to the rocky areas during the evening 
to take advantage of the warmth heated rocks radiate. 

g. Survivors should: 

(1) Build shelters on the windward sides of dunes 
for cooling breezes. 

(2) Build shelters during early morning, late eve- 
ning, or at night. However, potential survivors should 
recall that survivors who come down in a desert area 
during daylight hours must be immediately concerned 
with protection from the Sun and loss of water. In this 
case, parachute canopy material can be draped over 
liferaft, vegetation, or a natural terrain feature for quick 
shelter. 


15-13. Shelters for Snow and Ice Areas: 

a. The differences in arctic and arctic-like environ- 
ments create the need for different shelters. Basically, 
there are two types of environments which may require 
special shelter characteristics or building principles 
before survivors will have adequate shelter. They are: 

(1) Barren lands which include some seacoasts, ice- 
caps, sea ice areas, and areas above the tree line. 
(2) Tree-line areas. 

b. Barren lands offer a limited variety of materials for 
shelter construction. These are snow, small shrubs, and 
grasses. Ridges formed by drifting or wind-packed snow 
may be used for wind protection (survivors should build 
on the lee side). In some areas, such as sea ice, windy 
conditions usually exist and cause the ice to shift form- 
ing pressure ridges. These areas of unstable ice and 
snow should be avoided at all times. Shelters which are 
suitable for barren-type areas include: 

(1} Molded dome (figure 15-15). 
(2) Snow cave (figure 15-16). 
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” ae in se es BETWEEN LAYERS 
18 IN. ABOVE OR BELOW GROUND SURFACE iS 
PREFERRED FOR COOLEST TEMPERATURES _ 





Figure 15-14. Parachute Shade Shelter. 


PILE UP BRUSH, COVER WITH PARACHUTE, 
COVER WITH SNOW 


FINISH WITH ENTRANCE BLOCK CUTAWAY VIEW 


Figure 15-15. Molded Dome Shelter. 
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DIG ENTRANCE TUNNEL 18” 
WIDE AND CHEST HIGH 


REMOVE RECTANGULAR 
PORTION OF SNOW 
CROSSWAYS TO ENTRANCE, 
THEN DIG UPWARD IN ALL 
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EXTEND ENTRANCE IN 
ABOUT 2 FEET AND 
DOWNWARD ABOUT A 


CUT ENTRANCE BLOCKS 
AND PLACE ACROSS 
ENTRANCE 





Figure 15-16. Snow Cave. 


(3) Fighter trench (figure 15-17). 

(4) Igloo (figure 15-18). 

(5) Para-snow house (Figure 15-19). 
NOTE: Of these, the ones that are quick to construct 
and require minimum effort and energy are the molded 
dome, snow cave, and fighter trench. It is important to 
know which of these shelters is the easiest to build since 
reducing or eliminating the effect of the windchill factor 
is essential to remaining alive. 

c. In tree-covered areas, sufficient natural shelter 
building materials are normally available. Caution is 
required. Shelters built near rivers and streams may get 
caught in the overflow. 

d. Tree-line area shelter types include: 

(1) Thermal A-Frame construction (figure 15-20). 
(2) Lean-to or wedge (figure 15-21). 

(3) Double lean-to (figure 15-22). 

(4) Fan (figure 15-23). 

(5) Willow frame (figure 15-24). 

(6) Tree well (figure 15-25). 

e. Regardless of the type of shelter used, the use of 
thermal principles and insulation in arctic shelters is 
required. Heat radiates from bare ground and from ice 
masses over water. This means that shelter areas on 
land should be dug down to bare earth if possible (figure 
15-26), A minimum of 8 inches of insulation above 
survivors is needed to retain heat. All openings except 


FILL CRACKS BETWEEN 
BLOCKS WITH SNOW 
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~ FLOOR FLAT 


CROSS SECTION OF 
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ventilation holes should be sealed to avoid heat loss. 
Leaving vent holes open is especially important if heat 
producing devices are used. Candles, sterno, or small oil 
lamps produce carbon monoxide. In addition to the 
ventilation hole through the roof, another may be re- 
quired at the door to ensure adequate circulation of the 
air. (As a general rule, unless persons can see their 
breath, the snow shelter 1s too warm and should be 
cooled down to proclude melting and dripping.) 

f. Regardless of how cold it may get outside, the tem- 
perature inside a small well-constructed snow cave will 
probably not be lower than -10°F. Body heat alone can 
raise the temperature of a snow cave 45 degrees above 
the outside air. A burning candle will raise the tempera- 
ture 4 degrees. Burning Sterno (small size, 2% 0z) will 
raise the cave temperature about 28 degrees. However, 
since they cannot be heated many degrees above freez- 
ing, snow shelters provide a rather rugged life. Once the 
inside of the shelter “glazes” over with ice, this layer of 
ice should be removed by chipping it off or a new shelter 
built since ice reduces the insulating quality of a shelter. 
Maintain the old shelter until the new one is construct- 
ed. It will provide protection from the wind. 

g. The aircraft should not be used as a shelter when 
temperatures are below freezing except in high wind 
conditions. Even then a thermal shelter should be con- 
structed as soon as the conditions improve. The aircraft 
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will not provide adequate insulation, and the floor will 


usually become icy and hazardous. 


15-14, General Construction Techniques: 

a. All thermal! shelters use a layering system consisting 
of the frame, parachute (if available), boughs or shrubs, 
and snow. The framework must be sturdy enough to 
support the cover and insulation. A door block should 
be used to minimize heat loss. Insulation should be 
added on sleeping areas. 

b. If a barren land-type shelter is being built with 
snow as the only material, a long knife or digging tool is 
a necessity. It normally takes 2 to 3 hours of hard work 
to dig a snow cave, and much longer for the novice to 
build an igloo. 

c. Survivors should dress lightly while digging and 
working; they can easily become overheated and damp- 


VARIATION WITH L—SHAPED ENTRANCE 


Figure 15-17. Fighter Trench. 
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en their clothing with perspiration which will rapidly 
turn to ice. 

d. If possible, all shelter types should have their open- 
ings 90 degrees to the prevailing wind. The entrance to 
the shelter should also be screened with snowblocks 
stacked in a L-shape. 

e. Snow on the sea ice, suitable for cutting into blocks, 
will usually be found in the lee of pressure ridges or ice 
hummocks. The packed snow is often so shallow that 
the snowblocks have to be cut out horizontally. 

f. No matter which shelter is used, survivors should 
take a digging tool into the shelter at night to cope with 
the great amount of snow which may block the door 
during the night. 


15-15. Sheiter Living: 
a. Survivors should limit the number of shelter en- 
trances to conserve heat. Fuel is generally scarce in the 


SET BLOCKS USING STAGGERED PATTERN 
COVER AND CHINK CRACKS 
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arctic. To conserve fuel, it is important to keep the 
shelter entrance sealed as much as possible (figure 
15-27). When it is necessary to go outside the shelter, 
activities such as gathering fuel, snow or ice for melting, 
etc., should be done. To expedite matters, a trash recep- 
tacle may be kept inside the door, and equipment may 
be stored in the entry way. Necessities which cannot be 
stored inside may be kept just outside the door. Any 
firearms (guns) the survivor may have must be stored 
outside the shelter to prevent condensation building 
which could cause them to malfunction. 

b. A standard practice in snow shelter living is for 
people to relieve themselves indoors when possible. 
This practice conserves body heat. If the snowdrift is 
large enough to dig connecting snow caves, one may be 
used as a toilet room. If not, tin cans may be used for 
urinals, and snowblocks for solid waste (fecal) matter. 

c. Survivors should use thick insulation under them- 
selves when sleeping or resting even if they have a sleep- 
ing bag. They can use a thick bough bed in shingle- 
fashion, seat cushions, parachute, or an inverted and 
inflated rubber raft. 

d. Outer clothing makes good mattress material. A 
parka makes a good footbag. The shirt and inner trou- 
sers may be rolled up for a pillow. Socks and insoles can 
be separated and aired in the shelter. Drying may be 
completed in the sleeping bag by stowing around the 
hips. This drying method should only be used as a last 
resort. 

e. Keeping the sleeping bag clean, dry, and fluffed will 
give maximum warmth. To dry the bag, it should be 
turned inside out, frost beaten out, and warmed before 
the fire—taking care that it doesn’t burn. 

f. To keep moisture (from breath) from wetting the 
sleeping bag, a moisture cloth should be improvised 
from a piece of clothing, a towel, or parachute fabric. It 
can then be lightly wrapped around the head in such a 
way that the breath is trapped inside the cloth. A piece 
of fabric dries easier than a sleeping bag. If cold is 
experienced during the night, survivors should exercise 
by fluttering their feet up and down or by beating the 
inside of the bag with their hands. Food or hot liquids 
can be helpful. 

g. Snow remaining in clothing will melt in a warm 
shelter. When the clothing is again taken outside, the 
water formed will turn to ice and reduce the CLo value. 
Brush clothes before entering the shelter. Under living 
conditions where drying clothing is difficult, it is easier 
to keep clothing from getting wet than having to dry it 
out later. 

h. If all the snow cannot be eliminated from outer 
clothing, survivors should remove the clothing and store 
it in the entry way or on the floor away from the source 
of heat so it remains cold. If ice should form in clothing, 
it may be beaten out with a stick. 
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i, In the cramped quarters of any small emergency 
shelter, pots of food or drink can be accidentally kicked 
over. The cooking area, even if it is only a Sterno stove, 
should be located out of the way, possibly in a snow 
alcove. 
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Figure 15-18. Igloo. 
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Figure 15-20. Thermal A-Frame. 
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Figure 15-22. Double Lean-To. 
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Symmetry 2017, 9,213 11 of 38 


Table 4. Activity-based classes of IoT applications—performance requirements. 








User Experienced Connection § Yostely Positionin 
5G Service Activi Data inte [Gbps] Mobility [km/h] Eeteney [pel Density BEDE ty [%] ja Core Energy 
Classification cteaty Outdoor: 0.1 [5] Required: 500 [5] Ronteol Blane: 5018 [Connections/km?] Bequered: Required: ssauabiity [%] acrency 
1 User Plane: 1 [5] : 99.999 [207] q Required: 99.999 [207] [bits/J] 
Indoor: 1 [5] Required: 10° [5] A Few cm [5] 

Ticketing LtoM L L H M H H H 
Tracking M H L H M H H MtoH 

mis Monitoring MtoH L L H LtoM L H M 

Managing /controlling L L L H M L MtoH M 

Monitoring L LtoM H H H MtoH H M 

ue Managing /controlling L MtoH H L H H MtoH M 


Legend: 5G (Fifth Generation), mMTC (massive Machine Type Communication), uMTC (ultra-reliable Machine Type Communication), L (Low), M (Medium), H (High). 
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Figure 15-23. Fan Shelter. 
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15-16. Summer Considerations for Arctic and Arctic- 
Like Areas: 

a. Survivors need shelter against rain and insects. 
They should choose a campsite near water but on high, 
dry ground if possible. Survivors should also stay away 
from thick vegetation, as mosquitoes and flies will make 
life miserable. A good campsite is a ridge top, cold lake 
shore, or a spot which gets a breeze. 

b. If survivors stay with the aircraft, it can be used for 
shelter during the summer. They should cover openings 
with netting or parachute cloth to keep insects out and 
cook outside to avoid carbon monoxide poisoning. 
Fires must be built a safe distance from the aircraft. 

c. Many temperate area shelters are suitable for sum- 
mer arctic conditions. The paratepee (of the 1- or no- 
pole variety) is especially good. It will protect from pre- 
cipitation and keep insects out. 


15-17. Shelter for Open Seas. Personal protection 
from the elements is just as important on the seas as it is 
anywhere else. Some rafts come equipped with insulat- 
ed floors, spray shields, and canopies to protect survi- 
vors from heat, cold, and water. If rafts are not so 
equipped or the equipment has been lost, survivors 
should try to improvise these items using parachute ma- 
terial, clothing, or other equipment. 





Figure 15-24. Willow Frame Shelter. 
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Figure 15-25. Tree Well Shelter. 
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Figure 15-26. Scraping Snow to Bare Earth. 


Figure 15-27. Snow Cave Shelter Living. 
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Chapter 16 


FIRECRAFT 


16-1. Introduction: 

a. The need for a fire should be placed high on the list 
of priorities. Fire is used for warmth, light, drying 
clothes, signaling, making tools, cooking, and water pu- 
rification. When using fire for warmth, the body uses 
less calories for heat and consequently requires less 
food. Just having a fire to sit by is a morale booster. 
Smoke from a fire can be used to discourage insects. 

b. Avoid building a very large fire. Small fires require 
less fuel, are easier to control, and their heat can be 
concentrated. Never leave a fire unattended unless it is 
banked or contained. Banking a fire is done by scraping 
cold ashes and dry earth onto the fire, leaving enough 
air coming through the dirt at the top to keep the fuel 
smoldering. This will keep the fire safe and allow it to 
be rekindled from the saved coals. 


16-2. Elements of Fire: 

a. The three essential elements for successful fire 
building are fuel, heat, and oxygen. These combined 
elements are referred to as the “fire triangle.” By limit- 
ing fuel, only a small fire is produced. If the fire is not 
fed properly, there is too much or too little fire. Green 
fuel is difficult to ignite, and the fire must be burning 
well before it is used for fuel. Oxygen and heat must be 
accessible to ignite any fuel. 

b. The survivor must take time and prepare well! 
Preparing all of the stages of fuel and all of the parts of 
the fire starting apparatus is the key. To be successful at 
firecraft, one needs to practice and be patient. 

c. The fuels used in building a fire normally fall into 
three categories (figure 16-1), relating to their size and 
flash point: tinder, kindling, and fuel. 

(1) Tinder is any type of small material having a 
low flash point. It is easily ignited with a minimum of 
heat, even a spark. Tinder must be arranged to allow air 
(oxygen) between the hair-like, bone-dry fibers. The 
preparation of tinder for fire is one of the most impor- 
tant parts of firecraft. Dry tinder is so critical that pio- 
neers used extreme care to have some in a waterproof 
“tinder box” at all times. It may be necessary to have 
two or three stages of tinder to get the flame to a useful 
size. Tinders include: 

(a) The shredded bark from some trees and 
bushes. 

(b) Cedar, birch bark, or palm fiber. 

(c) Crushed fibers from dead plants. 

(d) Fine, dry woodshavings, and straw/grasses. 

(e) Resinous sawdust. 

(f) Very fine pitch woodshavings (resinous wood 
from pine or sappy conifers). 

(g) Bird or rodent nest linings. 

(h) Seed down (milkweed, cattail, thistle). 





LOW WIND > 





KINDLING 


Figure 16-1. Stages of a Fire. 


(i) Charred cloth. 

(j) Cotton balls or lint. 

(k) Steel wool. ; 

(1} Dry powdered sap from the pine tree family 
(also known as pitch). 

{m) Paper. 

(n) Foam rubber. 

(2) Kindling is the next larger stage of fuel material. 
It should also have a high combustible point. It is added 
to, or arranged over, the tinder in such a way that it 
ignites when the flame from the tinder reaches it. Kin- 
dling is used to bring the burning temperature up to the 
point where larger and less combustible fuel material 
can be used. Kindling includes: 

(a) Dead dry small twigs or plant fibers. 

(b) Dead dry thinly shaved pieces of wood, bam- 
boo, or cane (always split bamboo as sections can 
explode). 

(c) Coniferous seed cones and needles. 

(d) “Squaw wood” from the underside of conifer- 
ous trees; dead, small branches next to the ground shel- 
tered by the upper live part of the tree. 

(e) Pieces of wood removed from the insides of 
larger pieces. 
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(f) Some plastics such as the spoon from an in- 
flight ration. 

(g) Wood which has been soaked or doused with 
flammable materials; that is, wax, insect repellent, pe- 
troleum fuels, and oil. 

(h) Strips of petrolatum gauze from a first aid kit. 

(i) Dry split wood burns readily because it is drier 
inside, Also the angular portions of the wood burn easi- 
er than the bark-covered round pieces because it expos- 
es more surface to the flame. The splitting of all fuels 
will cause them to burn more readily. 

(3) Fuel, unlike tinder and kindling, does not have 
to be kept completely dry as long as there is enough 
kindling to raise the fuel to a combustible temperature. 
It is recommended that all fine materials be protected 
from moisture to prevent excessive smoke production. 
(Highly flammable liquids should not be poured on an 
existing fire. Even a smoldering fire can cause the li- 
quids to explode and cause serious burns.) The type of 
fuel used will determine the amount of heat and light 
the fire will produce. Dry split hardwood trees (oak, 
hickory, monkey pod, ash) are less likely to produce 
excessive smoke and will usually provide more heat 
than soft woods. They may also be more difficult to 
break into usable sizes. Pine and other conifers are fast- 
burning and produce smoke unless a large flame is 
maintained. Rotten wood is of little value since it smol- 
ders and smokes, The weather plays an important role 
when selecting fuel. Standing or leaning wood is usually 
dry inside even if it is raining. In tropical areas, avoid 
selecting wood from trees that grow in swampy areas or 
those covered with mosses. Tropical soft woods are not 
usually a good fuel source. Trial and error is sometimes 
the best method to determine which fuel is best. After 
identifying the burning properties of available fuel, a 
selection can be made of the type needed. Recommend- 
ed fuel sources are: 

(a) Dry standing dead wood and dry dead 
branches (those that snap when broken). Dead wood is 
easy to split and break. It can be pounded on a rock or 
wedged between other objects and bent until it breaks, 

(b) The insides of fallen trees and large branches 
may be dry even if the outside is wet. The heart wood is 
usually the last to rot. 

(c) Green wood which can be made to burn is 
found almost anywhere, especially if finely split and 
mixed evenly with dry dead wood. 

(d) In treeless areas, other natural fuels can be 
found. Dry grasses can be twisted into bunches. Dead 
cactus and other plants are available in deserts. Dry 
peat moss can be found along the surface of undercut 
streambanks. Dried animal dung, animal fats, and 
sometimes even coal can be found on the surface. Oil 
impregnated sand can also be used when available. 


16-3. Fire Location. The location of a fire should be 
carefully selected. An old story is told of a mountain 
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man who used his last match to light a fire built under a 
snow-covered tree. The heat from the fire melted the 
snow and it slid off the tree and put out the fire. For a 
survivor, this type of accident can be very demoralizing 


or even deadly. Locate and prepare the fire carefully. 


16-4. Fire Site Preparation: 

a. After a site is located, twigs, moss, grass, or duff 
should be cleaned away. Scrape at least a 3-foot diame- 
ter area down to bare soil for even a small fire. Larger 
fires require a larger area. If the fire must be built on 
show, ice, or wet ground, survivors should build a plat- 
form of green logs or rocks. (Beware of wet or porous 
rocks, they may explode when heated.) 

b. There is no need to dig a hole or make a circle of 
rocks in preparation for fire building. Rocks may be 
placed in a circle and filled with dirt, sand, or gravel to 
raise the fire above the moisture from wet ground. The 
purpose of these rocks is to hold the platform only. 

c. To get the most warmth from the fire, it should be 
built against a rock or log reflector (figure 16-2). This 
will direct the heat into the shelter. Cooking fires can be 
walled-in by logs or stones. This will provide a platform 
for cooking utensils and serve as a windbreak to help 
keep the heat confined. 








Figure 16-2. Fire Reflector. 


d. After preparing the fire, all materials should be 
placed together and arranged by size (tinder, kindling, 
and fuel). As a rule of thumb, survivors should have 
three times the amount of tinder and kindling than is 
necessary for one fire. It is to their advantage to have 
too much than not enough. Having plenty of material 
on hand will prevent the possibility of the fire going out 
while additional material is gathered. 
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16-5. Firemaking With Matches (or Lighter): 

a. Survivors should arrange a small amount of kin- 
dling in a low pyramid, close enough together so flames 
can jump from one piece to another. A small opening 
should be left for lighting and air circulation. 

b. Matches can be conserved by using a “shave stick,” 
or by using a loosely tied fagot of thin, dry twigs. The 
match must be shielded from wind while igniting the 
shave stick. The stick can then be applied to the lower 
windward side of the kindling. 

c. Smaii pieces of wood or other fuel can be laid 
gently on the kindling before lighting or can be added as 
the kindling begins to burn. The survivors can then 
place smaller pieces first, adding larger pieces of fuel as 
the fire begins to burn. They should avoid smothering 
the fire by crushing the kindling with heavy wood. 

d. Survivors only have a limited number of matches 
or other instant fire-starting devices. In a long-term situ- 
ation, they should use these devices sparingly or carry 
fire with them when possible. Many primitive cultures 
carry fire (fire bundles) by using dry punk or fiberous 
barks (cedar) encased in a bark. Others use torches. 
Natural fire bundles also work well for holding the fire 
(figure 16-3). 

e. The amount of oxygen must be just enough to keep 
the coals inside the dry punk burning slowly. This re- 
quires constant vigilance to control the rate of the burn- 
ing process. The natural fire bundle is constructed in a 
cross section as shown in figure 16-3. 


16-6. Heat Sources. A supply of matches, lighters, and 
other such devices will only last a limited time. Once 
the supply is depleted, they cannot be used again. If 
possible, before the need arises, survivors should be- 
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come skilled at starting fires with more primitive 
means, such as friction, heat, or a sparking device. It is 
essential that they continually practice these proce- 
dures. The need to start a fire may arise at the most 
inopportune times. One of the greatest aids a survivor 
can have for rapid fire starting is the “tinder box” previ- 
ously mentioned. Using friction, heat, and sparks are 
very reliable methods for those who use them on a regu- 
lar basis. Therefore, survivors must practice these meth- 
ods, Survivors must be aware of the problems associat- 
ed with the use of primitive heat sources. If the 
humidity is high in the immediate area, a fire may be 
dificult to ignite even if all other conditions are 
favorable. For primitive methods to be successful, the 
materials must be BONE DRY. The primitive people 
who use these ignition methods take great care to keep 
their tinder, kindling, and other fuels dry, even to the 
point of wrapping many layers of waterproof materials 
around it. PREPARATION, PRACTICE, and PA- 
TIENCE in the use of primitive fire-building techniques 
cannot be over emphasized. A key point in all primitive 
methods is to ensure that the tinder is not disturbed. 
a. Flint and Steel: 

(1) Flint and steel is one way to produce fire with- 
out matches. 

(a) To use this method, survivors must hold a 
piece of flint in one hand above the tinder. 

(b} Grasp the steel in the other hand and strike 
the flint with the edge of the steel in a downward glanc- 
ing blow (figure 16-4). 

(2) True flint is not necessary to produce sparks. 
Iron pyrite and quartz will also give off sparks even if 
they are struck against each other. Check the area and 
select the best spark-producing stone as a backup for the 
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Figure 16-3. Fire Bundles. 
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Figure 16-4. Fire Starting With Flint and Steel. 


available matches. The sparks must fall on the tinder 
and then be blown or fanned to produce a coal and 
subsequent flame. 

(3) Synthetic flint, such as the so-called metal 
match, consists of the same type material used for flints 
in commercial cigarette lighters. Some contain magnesi- 
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um which can be scraped into tinder and into which the 
spark is struck. The residue from the “match” burns hot 
and fast and will compensate for some moisture in tin- 
der. If issued survival kits do not contain this item and 
the survivors choose to make one rather than buy it, 
lighter flints can be glued into a groove in a small piece 
of wood or plastic. The survivors can then practice 
striking a spark by scratching the flint with a knife 
blade. A 90-degree angle between the blade and flint 
works best. The device must be held close enough for 
the sparks to hit the tinder, but enough distance must be 
allowed to avoid accidentally extinguishing the fire. 
Cotton balls dipped in petroleum jelly make excellent 
tinder with flint and steel. When the tinder ignites, 
additional tinder, kindling, and fuel can be added. 
b. Batteries: 

(1) Another method of producing fire is to use the 
battery of the aircraft, vehicle, storage batteries, etc. 
Using two insulated wires, connect one end of a wire to 
the positive post of the battery and the end of the other 
wire to the negative post. Touch the two remaining ends 
to the ends of a piece of noninsulated wire. This will 
cause a short in the electrical circuit and the noninsulat- 
ed wire will begin to glow and get hot. Material coming 
into contact with this hot wire will ignite. Survivors 
should use caution when attempting to start a fire with a 
battery. They should ensure that sparks or flames are 
not produced near the battery because explosive hydro- 
gen gas is produced and can result in serious injury 
(figure 16-5). 





Figure 16-5. Fire Starting With Batteries. 


(2) If fine grade steel wool is available, a fire may be 
started by stretching it between the positive and nega- 
tive posts until the wire itself makes a red coal. 
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c. Burning Glass. If survivors have sunlight and a 
burning glass, a fire can be started with very little physi- 
cal effort (figure 16-6). Concentrate the rays of the Sun 
on tinder by using the lens of a lensatic compass, a 
camera lens, or the lens of a flashlight which magnifies; 
even a convex piece of bottle glass may work. Hold the 
lens so that the brightest and smallest spot of concen- 
trated light falls on the tinder. Once a whisp of smoke is 
produced, the tinder should be fanned or blown upon 
until the smoking coal becomes a flame. Powdered char- 
coal in the tinder will decrease the ignition time. Add 
kindling carefully as in any other type of fire. Practice 
will reduce the time it takes to light the tinder. 





Figure 16-6. Fire Starting With Burning Glass. 


d. Flashlight Reflector. A flashlight reflector can also 
be used to start a fire (figure 16-7). Place the tinder in 
the center of the reflector where the bulb is usually !o- 
cated. Push it up from the back of the hole until the 
hottest light is concentrated on the end and smoke re- 
sults. If a cigarette is available, use it as a tinder for this 
method. 

e. Bamboo Fire Saw: 

(1) The bamboo fire saw is constructed from a sec- 
tion of dry bamboo with both end joints cut off. The 
section of bamboo, about 12 inches in length, is split in 
haif lengthwise. The inner wall of one of the halves 
(called the “running board”) is scraped or shaved thin. 
This is done in the middle of the running board. A 
notch to serve as a guide is cut in the outer sheath 
opposite the scraped area of the inner wall. This notch 
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FLASHLIGHT REFLECTOR 


Figure 16-7. Fire Starting With Flashlight Reflector. 


runs across the running board at a 90-degree angle (fig- 
ure 16-8). 

(2) The other half of the bamboo joint is further 
split in half lengthwise, and one of the resultant quarters 
is used as a “baseboard.” One edge of the baseboard is 
shaved down to make a tapered cutting edge. The base- 
board is then firmly secured with the cutting edge up. 
This may be done by staking it to the ground in any 
manner which does not allow it to move (figure 16-8). 

(3) Tinder is made by scraping the outer sheath of 
the remaining quarter piece of the bamboo section. The 
scrapings (approximately a large handful) are then 
rubbed between the palms of the hands until all of the 
wood fibers are broken down and dust-like material no 
longer falls from the tinder. The ball! of scrapings is then 
fluffed to allow maximum circulation of oxygen through 
the mass (figure 16-8). 

(4) The finely shredded and fluffed tinder is placed 
in the running board directly over the shaved area, op- 
posite the outside notch. Thin strips of bamboo should 
be placed lengthwise in the running board to hold the 
tinder in place. These strips are held stationary by the 
hands when grasping the ends of the running board 
(figure 16-8). 

(5) A long, very thin sliver of bamboo (called the 
“pick”) should be prepared for future use. One end of 
the running board is grasped in each hand, making sure 
the thin strips of bamboo are held securely in place. The 
running board is placed over the baseboard at a right 
angle, so that the cutting edge of the baseboard fits into 
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Figure 16-8. Bamboo Fire Saw. 


the notch in the outer sheath of the running board. The 
running board is then slid back and forth as rapidly as 
possible over the cutting edge of the baseboard, with 
sufficient downward pressure to ensure enough friction 
to produce heat. 

(6) As soon as “billows” of smoke rise from the 
tinder, the running board is picked up. The pick is used 
to push the glowing embers from the bottom of the 
running board into the mass of tinder. While the embers 
are being pushed into the tinder, they are gently blown 
upon until the tinder bursts into flame. 

(7) As soon as the tinder bursts into flame, slowly 
add kindling in small pieces to avoid smothering the 
fire. Fuel is gradually added to produce the desired size 
fire. If the tinder is removed from the running board as 
soon as it flames, the running board can be reused by 
cutting a notch in the outer sheath next to the original 
notch and directly under the scraped area of the inner 
wall. 
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f. Bow and Drill: 

(1) This is a friction method which has been used 
successfully for thousands of years. A spindle of yucca, 
elm, basswood, or any other straight grainwood (not 
softwood) should be made. The survivors should make 
sure that the wood is not too hard or it will create a 
glazed surface when friction is applied. The spindle 
should be 12 to 18 inches long and three-fourths inch in 
diameter. The sides should be octagonal, rather than 
round, to help create friction when spinning. Round one 
end and work the other end into a blunt point. The 
round end goes to the top upon which the socket is 
placed. The socket is made from a piece of hardwood 
large enough to hold comfortably in the palm of the 
hand with the curved part up and the flat side down to 
hold the top of the spindle. Carve or drill a hole in this 
side and make it smooth so it will not cause undue 
friction and heat production. Grease or soap can be 
placed in this hole to prevent friction (figure 16-9). 

(2) The bow is made from a stiff branch about 3 feet 
long and about | inch in diameter. This piece should 
have sufficient flexibility to bend. It is similar to a bow 
used to shoot arrows. Tie a piece of suspension line or 
leather thong to both ends so that it has the same ten- 
sion as that of a bow. There should be enough tension 
for the spindle to twist comfortably. 

(3) The fireboard is made of the softwood and is 
about 12 inches long, three-fourths inch thick, and 3 to 
6 inches wide. A small hollow should be carved in the 
fireboard. A V-shaped cut can then be made in from the 
edge of the board. This V-shape should extend into the 
center of the hollow where the spindle will make the 
hollow deeper. The object of this “V” cut is to create an 
angle which cuts off the edge of the spindle as it gets hot 
and turns to charcoal dust. This is the critical part of the 
fireboard and must be held steady during the operation 
of spinning the spindle. 

(4) While kneeling on one knee, the other foot can 
be placed on the fireboard as shown in figure 16-9 and 
the tinder placed under the fireboard just beneath the V- 
cut. Care should be taken to avoid crushing the tinder 
under the fireboard. Space can be obtained by using a 
small, three-fourths inch diameter stick to hold up the 
fireboard. This allows air into the tinder where the hot 
powder (spindle charcoal dust) is collected. 

(5) The bow string should be twisted once around 
the spindle. The spindle can then be placed upright into 
the spindle hollow (socket). The survivor may press the 
socket down on the spindle and fireboard. The entire 
apparatus must be held steady with the hand on the 
socket braced against the leg or knee. The spindle 
should begin spinning with long even slow strokes of the 
bow until heavy smoke is produced. The spinning 
should become faster until the smoke is very thick. At 
this point, hot powder, that can be blown into a glowing 
ember, has been successfully produced. The bow and 
spindle can then be removed from the fireboard and the 
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Figure 16-9, Bow and Drill. 


tinder can be placed next to the glowing ember making 
sure not to extinguish it. The tinder must then be rolled 
gently around the burning ember, and blow into the 
embers, starting the tinder to burn. This part of the fire 
is most critical and should be done with care and 
planning. 

(6) The burning tinder is then placed into the wait- 
ing fire “lay” containing more tinder and smal] kindling. 
At no time in this process should the survivor break 
concentration or change sequence. The successful use of 
these primitive methods of fire starting will require a 
great deal of patience. Success demands dedication and 
practice. 

g- The Fire Thong. The fire thong, another friction 
method, is used in only those tropical regions where 
rattan is found. The system is simple and consists of a 
twisted rattan thong or other strong plant fiber, 4 to 6 
feet long, less than | inch in diameter, and a 4-foot 
length of dry wood which is softer than rattan 
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(dedicuous wood) (figure 16-10). Rub with a steady but 
increasing rhythm. 

h. The Plow. The plow is a method used by some 
primitives and basically follows the principles of other 
friction methods. The wood used must not glaze with 
heat applied and must be able to produce powder with 
friction. 

i. Ground Stake. Another variation can be construct- 
ed by driving a stake into the ground as shown in figure 
16-11. 


16-7. Firemaking With Special Equipment: 
a. The night end of the day-night flare can be used as 
a fire starter. This means, however, that survivors must 
aca the importance of a fire against the loss of a night 
are. 
b. Some emergency kits contain small fire starters, 
cans of special fuels, windproof matches, and other aids. 
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Figure 16-10. Fire Thong. 


Survivors should save the fire starters for use in extreme 
cold and damp (moist) weather conditions. 

c. The white plastic spoon (packed in various in-flight 
rations) may be the type that burns readily. The handle 
should be pushed deep enough into the ground to sup- 
port the spoon in an upright position. Light the tip of 
the spoon. It will burn for about 10 minutes (long 
enough to dry out and ignite small tinder and kindling), 

d. If a candie is available, it should be ignited to start 
a fire and thus prevent using more than one match. As 
soon as the fire is burning, the candle can be extin- 
guished and saved for future use. 

e. Tinder can be made more combustible by adding a 
few drops of flammable fuel/material. An example of 
this would be mixing the powder from an ammunition 
cartridge with the tinder. After preparing tinder in this 
manner, it should be stored in a waterproof container 
for future use. Care must be used in handling this mix- 
ture because the flash at ignition could burn the skin 
and clothing. 

f. For thousands of years, the Eskimos and other 
northern peoples have relied heavily upon oils from 
animals to heat their homes. A fat stove or “Koodlik* is 
used by the Eskimos to burn this fuel. 
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g. Survivors can improvise a stove from a ration can 
and burn any flammable oil-type liquid or animal fats 
available. Here again, survivors should keep in mind 
that if there is only a /imited amount of animal fat, it 


should be eaten to produce heat inside the body. 


16-8. Buming Aircraft Fuel. On barren lands in the 
arctic, aircraft fuel may be the only material survivors 
have available for fire. 

a. A stove can be improvised to burn fuel, lubricating 


* oil, or a mixture of both (figure 16-12). The survivor 


should place | or 2 inches of sand or fine gravel in the 
bottom of a can or other container and add fuel. Care 
should be used when lighting the fuel because it may 
explode. Slots should be cut into the top of the can to 
let flame and smoke out, and holes punched just above 
the level of the sand to provide a draft. A mixture of 
fuel and oi! will make the fire burn longer. If no can is 
available, a hole can be dug and filled with sand. Fuel is 
then poured on the sand and ignited. The survivor 
should not allow the fuel to collect in puddles. 

b. Lubricating oil can be burned as fuel by using a 
wick arrangement. The wick can be made of string, 
rope, rag, sphagnum moss, or even a cigarette and 
should be placed on the edge of a receptacle filled with 
oil. Rags, paper, wood, or other fuel can be soaked in oil 
and thrown on the fire. 

c. A stove can be made of any empty waxed carton by 
cutting off one end and punching a hole in each side 
near the unopened end. Survivors can stand the carton 
on the closed end and loosely place the fuel inside the 
carton. The stove can then be lit using fuel material left 
hanging over the end. The stove will burn from the top 
down. 

d. Seal blubber makes a satisfactory fire without a 
container if gasoline or heat tablets are available to pro- 
vide an initia! hot flame (figure 16-13). The heat source 
should be ignited on the raw side of the blubber while 
the fur side is on the ice. A square foot of blubber burns 
for several hours. Once the blubber catches fire, the heat 
tabiets can be recovered. Eskimos light a small piece of 
blubber and use it to kindle increasingly larger pieces. 
The smoke from a blubber fire is dirty, black, and 
heavy. The flame is very bright and can be seen for 
several miles. The smoke will penetrate clothing and 
blacken the skin. 


16-9. Useful Firecraft Hints: 

a. Conserve matches by only using them on properly 
prepared fires. They should never be used to light ciga- 
rettes or for starting unnecessary fires. 

b. Carry some dry tinder in a waterproof container. It 
should be exposed to the Sun on dry days. Adding a 
little powdered charcoal will improve it. Cotton cloth is 
good tinder, especially if scorched or charred. It works 
well with a burning glass or flint and steel. 
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4.1. Data Rate 


Data rate is the most important evaluation factor for generations of wireless communication 
networks [6]. It is contemplated in two ways: (1) peak data rate—defined as the maximum achievable 
data rate by the user; and (2) minimum guaranteed user data rate—defined as the minimum experience 
data rate by the user [16]. New mobile technologies are primarily driven by users’ needs for higher data 
rates, as discussed in [8,16,99,215,216]. The expected values in 5G networks are 10 Gbps for minimum 
peak data rate and 100 Mbps as minimum guaranteed user data rate [5]. High data rate requirements 
are mainly posed by xMBB related use cases [9] like hotspots [214] or dense urban areas where in 
95% of locations and time experience data rate by user should be 300 Mbps in downlink and 60 Mbps 
in uplink [100]. High data rate is also important in some activity-based classes of loT applications, 
as shown in Table 4. Medium (e.g., monitoring of parking spaces) to high (e.g., monitoring of home 
video) data rate is needed in cases of mMTC monitoring activities. High data rate can be achieved 
by using a millimeter wave (mmWave) spectrum to share multi-gigabit data in the surrounding 
environment (i.e., mMTC monitoring with high data rate requirement) and to recognize an object via 
cloud in real time to find the optimal driving strategy instantaneously for loT—autonomous vehicles 
application [101]. Data rates generated during transmissions of tracked medical assets, transport fleets, 
and ticked point of sale (POS) terminals is low (e.g., medium importance for ticketing and tracking 
activities in mMTC). In addition, low data rates are needed in uMTC monitoring and controlling (e.g., 
monitoring of health condition, control of driving). 


4.2. Mobility 


Mobility is defined as relative velocity between the receiver and the transmitter [16]. The 
applications of IoT pose very diverse requirements for mobility in 5G networks, which range from 
static to high mobile, even up to 500 km/h [16,102,207]. Use cases in which except ultra-high 
mobility, ultra-high traffic volume density, and ultra-high connection density are needed may be quite 
challenging for 5G networks [215], like V2X communication [5]. High mobility is a very important 
requirement for mMTC tracking activity (e.g., tracking of assets in high speed trains [214]). Moreover, 
the support for high mobility is needed in uMTC management activities, if the monitor/control 
object is moving (e.g., high speed trains [207]). Low mobility is needed for ticketing, monitoring, 
and managing/controlling activities in the mMTC class, as shown in Table 4. This is the reason why 
5G networks should not assume mobility for all devices and services but rather provide mobility on 
demand [8]. 


4.3. Latency 


Latency requirements are usually expressed in terms of end-to-end (E2E) latency perceived by 
the end user [8]. 5G networks should enable “zero latency” [103] represented by the millisecond level 
of E2E latency [16,26,27,213] through significant enhancements and new technology in architecture 
aspects [6,28,214], such as device-to-device (D2D) communication [5]. The IoT applications associated 
with uMTC monitoring and managing/controlling activities require low latency, as they tend to be real 
time. Required latency levels depend on the particular IoT application [8,16,28], being the narrowest 
in uMTC managing/controlling activity with a value that should not exceed 1 ms [8]. For example, 
the tolerable delay for use case mobile health [215] and remote surgery application is in order of 
sub-milliseconds [213]. For V2X communications, latencies should be ultra-low for some warning 


signals [8]. 
4.4, Connection Density 


Connection density is defined as the number of connected devices per unit area [16]. It can 
usually be expressed in terms of an extremely high number of simultaneous active connections, such 
as 1 million connections per square meter [207,215], or 10 to 100 times higher number of connected 
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Figure 16-11. Fire Plow. 


c. Remember that firemaking can be a difficult job in 
an arctic environment. The main problem is the availa- 
bility of firemaking materials. Making a. fire starts 
WELL before the match is lit. The fire must be protect- 
ed from the wind. In wooded areas, standing timber and 
brush usually make a good windbreak but in open areas, 
some type of windbreak may have to be constructed. A 
row of snowblocks, the shelter of a ridge, or a pile of 
brush will work as a windbreak. It must be high enough 
to shield the fire from the wind. It may also act as a heat 
reflector if it is of solid material. 

d. Remember, a platform will be required to prevent 
the fire from melting down through the deep snow and 
extinguishing it. A platform is also needed if the ground 
is moist or swampy. The platform can be made of green 
logs, metal, or any material that will not burn through 
very readily. Care must be taken when selecting an area 
for fire building. If the area has a large accumulation of 
humus material and (or) peat, a platform is needed to 
avoid igniting the material as it will tend to smolder 
long after the flames of the fire are extinguished. A smol- 
dering peat fire is almost impossible to put out and may 
burn for years. 

e. In forested areas, the debris on the ground and the 
lichen mat should be cleared away to mineral soil, if 
possible, to prevent the fire from spreading. 

f. The ignition source used to ignite the fire must be 
quick and easily operated with hand protection such as 
mittens. Any number of devices will work well—match- 
es, candle, lighter, fire starter, metal matches, etc. 
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16-10, Fire Lays. Most fires are built to meet specific 
needs or uses, either heat, light, or preparing food and 
water. The following configurations are the most com- 
monly used for fires and serve one or more needs (figure 
16-14). 

a. Tepee: 

(1) The tepee fire can be used as a light source and 
has a concentrated heat point directly above the apex of 
the tepee which is ideal for boiling water. To build: 

(a) Place a large handful of tinder on the ground 
in the middle of the fire site. 

(b) Push a stick into the ground, slanting over the 
tinder. 

(c) Then lean a circle of kindling sticks against 
the slanting stick, like a tepee, with an opening toward. 
the windward side for draft. 

(2) To light the fire: 

(a) Crouch in front of the fire lay with the back to 
the wind. 

{b) Feed the fire from the downwind side, first 
with thin pieces of fuel, then gradually with thicker 
pieces. 

(c) Continue feeding until the fire has reached the 
desired size. The tepee fire has one big drawback. It 
tends to fall over easily. However, it serves as an excel- 
lent starter fire. 

b. Log Cabin. As the name implies, this lay looks 
similar to a log cabin. Log cabin fires give off a great 
amount of light and heat primarily because of the 
amount of oxygen which enters the fire. The log cabin 
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Figure 16-12. Fat and Oil Stoves. 


fire creates a quick and large bed of coals and can be 
used for cooking or as the basis for a signal fire. If one 
person or a group of people are going to use the coals for 
cooking, the log cabin can be modified into a long fire or 
a keyhole fire. 


c. Long Fire. The long fire begins as a trench, the 
length of which is layed to take advantage of existing 
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Figure 16-13. Heat Tablet/Seal Blubber 


wind. The long fire can also be built above ground by 
using two parallel green logs to hold the coals together. 
These logs should be at least 6 inches in diameter and 
situated so the cooking utensils will rest upon the logs. 
Two I-inch thick sticks can be placed under both logs, 
one at each end of the long fire. This is done to allow the 
coals to receive more air. 


d. Keyhole Fire. To construct a keyhole fire, a hole is 
dug in the shape of an old style keyhole and does the 
same thing as the long fire. 

e. Pyramid Fire. The pyramid fire looks similar to a 
log cabin fire except there are layers of fuel in place of a 
hollow framework. The advantage of a pyramid fire is 
that it burns for a long time resulting in a large bed of 
coals. This fire could possibly be used as an overnight 
fire when placed in front of a shelter opening. 


f. Star Fire. This fire is used when conservation of 
fuel is necessary or a small fire is desired. It burns at the 
center of the “wheel” and must be constantly tended. 
Hardwood fuels work best with this type of fire. 

g. “T” Fire. Used for large group cooking. The size of 
this lay may be adjusted to meet the group’s cooking 
needs. In the top part of the “T,” the fire is constructed 
and maintained as long as needed to provide hot coals 
for cooking in the bottom part of the “T” fire lay. The 
number of hot coals may be adjusted in the lower part 
of the “T” fire lay to regulate the cooking temperature. 

h. “V” Fire. This fire lay is a modification of the long 
fire. The configuration allows a survivor to either block 
strong winds, or take advantage of light breezes. During 
high wind conditions, the vertex of the “V”—formed by 
the two outside logs—is placed in the direction from 
which the winds are coming, thereby sheltering the tin- 
der (kindling) for ignition. Reversing the “lay” will fun- 
nel light breezes into the tinder (kindling) thereby facili- 
tating ease of ignition (figure 16-1). 
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Chapter 17 


EQUIPMENT 


17-1. Introduction. Survivors in a survival situation 
have needs which must be met—food, water, clothing, 
shelters, etc. The survival kit contains equipment which 
can be used to satisfy these needs. Quite often, however, 
this equipment may not be available due to damage or 
loss. This chapter will address the care and use of issued 
equipment and improvising the needed equipment 
when not available. The uses of some issued items are 
covered in appropriate places throughout this regula- 
tion. The care and use of equipment (not covered else- 
where) will be addressed here. 


17-2. Types of Kits: 

a. All survival kits contain two types of equipment— 
mandatory and optional. The mandatory equipment for 
survival kits are: 

(1) One-man liferaft {1 each). 

(2) Compass (1 each). 

(3) Smoke and illumination flares (2 each). 

(4) Signal mirror (1 each). 

(5) Hand-held launched flare (1 each). 

(6) First aid kit (1 each). 

(7) Survival radio (1 each). 
NOTE: These items of equipment may not be mandato- 
ry for raft kit. 

b, Optional items are authorized by the major air 
commands; this authority is delegated to subordinate 
commanders. These optional items are directiy related 
to climatic conditions and the type of terrain which is 
being flown over. There are over 40 optional items. 
Here are a few examples: 

(1) Sleeping bag. 

(2) Strobelight with lenses. 
(3) Wire saw. 

(4) Water container. 

(5) Survival shovel. 

(6) Matchbox container. 


17-3. Issued Equipment. Survival equipment is de- 
signed to aid survivors throughout their survival epi- 
sode. To maintain its effectiveness, the equipment must 
be well cared for. 

a. Electronic Equipment: 

(1) Electronic signaling devices are by far the survi- 
vors’ most important signaling devices. Therefore, it is 
important for survivors to properly care for them to 
ensure their continued effectiveness. In cold tempera- 
tures, the electronic signaling devices must be kept 
warm to prevent the batteries from becoming cold 
soaked. 

(2} In a cold environment, if survivors speak direct- 
ly into the microphone, the moisture from their breath 


may condense and freeze on the microphone, creating 
communication problems, 

(3} Caution must be used when using the survival 
radios in a cold environment. If the radio is placed 
against the side of the face to communicate, frostbite 
could result. 

(4) In a wet environment, survivors should make 
every effort to keep their electronic signaling devices 
dry. In an open-sea environment, the only recourse may 
be to shake the water out of the microphone before 
transmitting. 

b. Firearms: 

(1) A firearm is a precision tool. It will continue 
functioning only as long as it is cared for. Saltwater, 
perspiration, dew, and humidity can all corrode or rust 
a firearm until it is inoperable. If immersed in saltwater, 
the survivor should wash the parts in freshwater and 
then dry and oil them. As an expedient, one way to dry 
the firearm is to place it in boiling water and after re- 
moval, wipe off the excess moisture. The residual heat 
will evaporate most of the remaining moisture. Survi- 
vors should not use uncontrolled heat to dry the firearm 
as heat over 250°F can remove the temper from the 
springs in a short time and weaken the action. 

(2) Any petroleum-based lubricants used in cold 
environments will stiffen or freeze causing the firearm 
to become inoperative. It would be better to thoroughly 
clean the firearm and remove all lubricant. Metal be- 
comes brittle from cold and is, therefore, prone to 
breakage. 

(3) A firearm was not intended for use as a club, 
hammer, or pry bar. To use it for any purpose other 
than for which it was designed, would only result in 
damage to the firearm. 

c. Cutting Tools: 

(1) A file and sharpening stone are often packed in a 
survival kit. The file is normally used for axes, and the 
stone is normally used for knives. 

(2) An old axiom states that a sharp cutting tool is a 
safe cutting tool. Control of a cutting tool is easier to 
maintain if it is sharp, and the possibility of accidental 
injury is reduced. 

(3) One of the most valuable items in any survival 
situation is a knife, since it has a large number of uses. 
Unless the knife is kept sharp, however, it falls short of 
its potential. 

(4) A knife should be sharpened only with a stone 
as repeated use of a file rapidly removes steel from the 
blade. In some cases, it may be necessary to use a file to 
remove plating from the blade before using the stone. 

(5) One of two methods should be used to sharpen a 
knife. One method is to push the blade down the stone 
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in a slicing motion, Then turn the blade over and draw 
the blade toward the body (figure 17-1). 

(6) The other method is to use a circular motion the 
entire length of the blade; turn the blade over and repeat 





Figure 17-1. Knife Sharpening (Oraw). 


the process. What is done to one side of the cutting edge 
should also be done to the other to maintain an even 
cutting edge (figure 17-2). 





Figure 17-2. Knife Sharpening (Circular). 


(7) Most sharpening stones available to survivors 
will be whetstones. Water should be applied to these 
stones. The water will help to float away the metal re- 
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moved by sharpening and make cleaning of the stone 
easier. 

(8) If a commercial whetstone is not available, a 
natural whetstone can be used. Any standstone will 
sharpen tools, but a gray, clay-like sandstone gives bet- 
ter results. Quartzite should be avoided. Survivors can 
recognize quartzite instantly by scratching the knife 
blade with it—the quartz crystals will bite into steel. If 
no sandstone is available, granite or crystalline rock can 
be used. If granite is used, two pieces of the stone should 
be rubbed together to smooth the surface before use. 

(9) As with a knife, a sharp axe will save time and 
energy and be much safer. 

(10) A file should be used on an axe or hatchet. 
Survivors should file away from the cutting edge to pre- 
vent injury if the file should slip. The file should be 
worked from one end of the cutting edge to the other. 
The opposite side should be worked to the same degree. 
This will ensure that the cutting edge is even. After 
using a file, the stone may be used to hone the axe blade 
(figure 17-3), 





Figure 17-3. Sharpening Axe. 
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(11) When using an axe, don’t try to cut through a 
tree with one blow. Rhythm and aim are more impor- 
tant than force. Too much power behind a swing inter- 
feres with aim. When the axe is swung properly, its 
weight provides all the power needed. 

(12) Carving a new axe handle and mounting the 
axe head takes a great deal of time and effort. For this 
reason, a survivor should avoid actions which would 
require the handle to be changed. Using aim and paying 
attention to where the axe falls will prevent misses 
which could result in a cracked or broken handle. Survi- 
vors should not use an axe as a pry bar and should avoid 
leaving the axe out in cold weather where the handle 
may become brittle. 


(13) A broken handle is difficult to remove from the 
head of the axe. Usually the most convenient way is to 
burn it out (figure 17-4). For a single-bit axe, bury the 
bit in the ground up to the handle, and build a fire over 
it. For a double-bit, a survivor should dig a small 
trench, lay the middie of the axe head over it, cover 
both “bits” with earth, and build the fire. The covering 
of earth keeps the flame from the cutting edge of the axe 
and saves its temper. A little water added to the earth 
will further ensure this protection. 


BURNING OUT BROKEN AXE HANDLE 


Figure 17-4. Removing Broken Axe Handle. 
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(14) When improvising a new handle, a survivor 
can save time and trouble by making a straight handle 
instead of a curved one like the original. Survivors 
should use a young, straight piece of hardwood without 
knots. The wood should be whittled roughly into shape 
and finished by shaving. A slot should be cut into the 
axe-head end of the handle. After it is fitted, a thin, dry 
wooden wedge can then be pounded into the slot. Survi- 
vors should use the axe awhile, pound the wedge in 
again, then trim it off flush with the axe. The handle 
must be smoothed to remove splinters. The new handle 
can be seasoned to prevent shrinkage by “scorching” it 
in the fire, 
d. Whittling: 

(1) Whittle means to cut, trim, or shape (a stick or 
piece of wood) by taking off bits with a knife. Survivors 
should be able to use the techniques of whittling to help 
save time, energy, and materials as well as to prevent 
injuries. They will find that whittling is a necessity in 
constructing triggers for traps and snares, shuttles and 
spacers, and other improvised equipment. 

(2) When whittling, survivors must hold the knife 
firmly and cut away from the body (figure 17-5). Wood 
should be cut with the grain. Branches should be 
trimmed as shown in figure 17-6. 
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OZ METHOD OF CUTTING 

A THROUGH A PIECE OF 
WOOD. TRYING TO CUT TOO 
DEEP IN ONE CUT IS LIKELY 
TO SPLIT THE WOOD. 





Figure 17-5. Whittling. 





Figure 17-7. Cutting Through a Piece of Wood. 

(3) To cut completely through a piece of wood, a 
series of V-cuts should be made all the way around as in 
figure 17-7. Once the piece of wood has been severed, e. Felling Trees: 
the pointed end can then be trimmed. (1) To fell a tree, the survivor must first determine 
the direction in which the tree is to fall. It is best to fell 
the tree in the direction in which it is leaning. The lean 
TRIMMING SMALL BRANCHES of the tree can be found by using the axe as a plumb line 


THE SECOND DOWNWARD 





Figure 17-6. Trimming Branches. 


(4) The thumb can be used to help steady the hand. 
Be sure and keep the thumb clear of the blade. To main- 
tain good control of the knife, the right hand is steadied 
with the right thumb while the left thumb pushes the 
blade forward (figure 17-8). This method is very good 
for trimming. Figure 17-8. Fine Trimming. 
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(figure 17-9). The survivor should then clear the area 
around the tree from underbrush and overhanging 
branches to prevent injury (figure 17-10). 





Figure 17-9. Using the Axe as a Plumb Line. 


(2) The survivor should make two cuts. The first cut 
should be on the leaning side of the tree and close to the 
ground and the second cut on the opposite side and a 
little higher than the first cut (figure 17-11). 





Figure 17-10. Clearing Brush from Cutting Area. 


(3) Falling trees often kick back and can cause seri- 
ous injury (figure 17-12), so survivors must ensure they 
have a clear escape route. When limbing a tree, start at 
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Figure 17-11. Felling Cuts. 


the base of the tree and cut toward the top. This proce- 
dure will allow for easier limb removal and results in a 
smoother cut. For safety, the survivor should stand on 
one side of the trunk with the limb on the other. 

(4) To prevent damage to the axe head and possible 
physical injury, any splitting of wood should be done on 
a log as in figure 17-13. The log can also be used for 
cutting sticks and poles (figure 17-14). 

(5) To make cutting of a sapling easier, bend it over 
with one hand, straining grain. A slanting blow close to 
the ground will cut the sapling (figure 17-1 5). 


17-4. Improvised Equipment: 

a. If issued equipment is inoperative, insufficient, or 
nonexistent, survivors will have to rely upon their inge- 
nuity to manufacture the needed equipment. Survivors 
must determine whether the need for the item out- 
weighs the work involved to manufacture it. They will 
also have to evaluate their capabilities. If they have 
injuries, will the injuries prevent them from manufac- 
turing the item(s)? 

b. Undue haste may not only waste materials, but also 
waste the survivors’ time and energy. Before manufac- 
turing equipment, they should have a plan in mind. 

c. The survivors’ equipment needs may be met in two 
different ways. They may alter an existing piece of 
equipment to serve more than one function, or they 
may also construct a new piece of equipment from 
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Figure 17-12. Tree Kickbacks. 


available materials, Since the items survivors can im- 
provise are limited only by their ingenuity, all impro- 
vised items cannot be covered in this regulation. 





Figure 17-13. Splitting Wood. 


Figure 17-14. Cutting Poles. 


d. The methods of manufacturing the equipment re- 
ferred to in this regulation are only ideas and do not 
have to be strictly adhered to. Many Air Force survivors 
have a parachute. This device can be used to improvise 
a variety of needed equipment items. 

e. The parachute consists of (figure 17-16): 

(1) The pilot chute which deploys first and pulls the 
rest of the parachute out. 

(2) The parachute canopy which consists of the 
apex (top) and the skirt or lower lateral band. The cano- 
py material is divided by radial seams into 28 sections 
called gores. Each gore measures about 3 feet at the skirt 
and tapers to the apex. Each gore is further subdivided 
into four sections called panels. The canopy is normally 
divided into four colors. These colored areas are intend- 
ed to aid the survivor in shelter construction, signaling, 
and camouflage. 

(3) Fourteen suspension lines connect the canopy 
material to the harness assembly. Each piece of suspen- 
sion line is 72 feet long from riser to riser and 22 feet 
long from riser to skirt and 14 feet from skirt to apex. 
The tensile strength of each piece of suspension line is 
550 pounds. Each piece of suspension line contains 
seven to nine pieces of innercore with a tensile strength 
of 35 pounds. The harness assembly contains risers and 
webbing, buckles, snaps, “D” rings, and other hardware 
which can be used in improvisation. 

f. The whole parachute assembly should be consid- 
ered as a resource. Every piece of material and hard- 
ware can be used. 

(1) To obtain the suspension lines, a survivor 
should cut them at the risers or, if time and conditions 
permit, consider disassembling the connector links. Cut 
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Figure 17-15. Cutting Saplings. 


the suspension lines about 2 feet from the skirt of the 
canopy. When cutting suspension lines or dismantling 
the canopy/pack assembly, it will be necessary to main- 
tain a sharp knife for safety and ease of cutting. 

(2) Survivors should obtain all available suspension 
line due to its many uses. Even the line within the radial 
seams of the canopy should be stripped for possible use. 
The suspension line should be cut above the radial seam 
stitches next to the skirt end of the canopy (two places). 
The cut should not go all of the way through the radial 
seam (figure 17-17). At the apex of the canopy, and just 
below the radial seam stitching, a horizontal cut can be 
made and the suspension line extracted. The line can 
then be cut. 

(3) For maximum use of the canopy, survivors 
must plan its disassembly. The quantity requirements 
for shelter, signaling, etc., should be thought out and 
planned for. Once these needs have been determined, 
the canopy may be cut up. The radial seam must be 
stretched tightly for ease of cutting. The radial seam can 
then be cut by holding the knife at an angle and follow- 
ing the center of the seam. With proper tension and the 
gentle pushing (or pulling) of a sharp blade there will be 
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Figure 17-16. Parachute Diagram. 


a controlled splitting of the canopy at the seam (figure 
17-17). It helps to secure the apex either to another 
individual or to an immobile object such as a tree. 

(4) When stripping the harness assembly, the seams 
of the webbing should be split so the maximum usable 
webbing is obtained. The harness material and webbing 
should not be randomly cut as it will waste much 
needed materials. 

g. One requirement in improvising is having available 
material. Parachute fabric, harness, suspension lines, 
etc., can be used for clothing. Needles are helpful for 
making any type of emergency clothing. Wise survivors 
should always have extra sewing needles hidden some- 
where on their person. A good needle or sewing awl can 
be made from the can-opening key from the ration tin 
{figure 17-18) or, as the Eskimos do, from a sliver of 
bone. Thread is usually available in the form of in- 
nercore, It will be to the survivor's benefit to collect 
small objects which may “come in handy.” Wire, nails, 
buttons, a piece of canvas, or animal skin should not be 
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devices [29]. The performance values of connection and traffic density for various 5G services are listed 
in [8,212]. This performance requirement is highly correlated with identified activity-based classes 
of IoT applications, since it is the main characteristic of mMTC. High device density brings the need 
for rapid internet protocol version 6 (IPv6) deployment, and high quality security algorithms and 
techniques, which lead to new system design and implementation, as described in [104]. 


4.5. Reliability 


Reliability is the maximum tolerable packet loss rate at the application layer [105]. 5G must 
bring a reliability of 99,999% [27,30,31,212], or higher for specific use cases [212], (e.g., tele-protection 
in a smart grid network [207] or driverless cars [106]). Reliability is the main characteristic of UMTC 
monitoring and managing/controlling activities. Reliability will be a particularly challenging task in 
high-speed trains because of speed, load, and cell distance [16,107]. 


4.6. Position Accuracy 


Position accuracy is the maximum positioning error tolerated by the application [105]. 5G 
should ensure accurate positioning of the device outdoors [108] with accuracy from 10 m to <1 m 
on 80% of occasions and better than 1 m in indoor deployment [212]. Accuracy positioning is 
very important in uMTC monitoring-based activities (e.g., monitoring remote cameras), and uMTC 
managing /controlling-based activities (e.g., driving) [213]. Moreover, the mMTC tracking-and 
ticketing-based activities pose high performance requirements in terms of position accuracy. 


4.7. Coverage 


Coverage requirements in 5G should provide connectivity anytime and anywhere with a 
minimum user experience data rate of 1 Gbps [32]. However, the perception of 100% coverage is rather a 
technical decision than a business one [33], which could be extended through ultra-cell deployment [31] 
and vehicle-to-infrastructure (V2I) communications [30]. Almost every activity-based IoT application 
class requires very high levels of coverage (99,999% availability) [207]. Total coverage will enable new 
unmanned aerial vehicles (UAV) to use single network connection, instead of connection steering 
mechanism, as one described in [109]. 


4.8. Energy Efficiency 


Energy efficiency is defined as the number of bits that can be transmitted per joule of energy [216]. 
Compared with current wireless technologies, the energy efficiency (measured in b/J) of the 5G 
network may need to be improved by a factor of 1000 [4,7,34,110,217]. High energy efficiency is 
important in case of ticketing- and in some cases of tracking-based activities (e.g., smart industry [205] 
or implantable medical devices [35]). Other activities, such as both mMTC and uMTC monitoring- and 
managing /controlling-based activities (e.g., health condition [205]) and some tracking-based activities 
(e.g., sports wearables [205]) require medium energy efficiency. Energy efficiency is very important 
design objective for the reduction of operating costs of telecom operators, as well as for minimizing the 
environmental impact of the wireless domain [217]. On a higher layer of the network protocol stack, 
adaptive base station switch on/off algorithms use renewable energy sources to save energy [218] 
along with an energy scheduler, as in the with heating, ventilation and air conditioning (HVAC) [111]. 
However, at the physical layer, adaptively switching off unused carriers is a key strategy that can be 
used to save energy from the radio-frequency (RF) transceiver chain of base stations [218]. 


4.9. Spectrum Efficiency 


Spectrum efficiency is defined as the data throughput per unit of spectrum resource per cell or 
per unit area (bps/Hz/cellar bps/Hz/ km7) [216]. In order to achieve network sustainability, required 
for 5G networks [216], spectrum efficiency needs to be improved 3-5 times [20,32,216]. Minimum 
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Figure 17-17. Cutting the Parachute. 


discarded. Any such object may be worth its weight in 
gold when placed in a hip pocket or a sewing kit. Any 
kind of animal skin can be used for making clothing 
such as gloves or mittens or making a ground cover to 
keep the sleeping bag dry and clean. Small skins can be 
used for mending and for boot insoles. Mending and 
cleaning clothes when possible will pay dividends in 
health, comfort, and safety. 

h. The improvised equipment survivors may need to 
make will probably involve sewing. The material to be 
sewn may be quite thick and hard to sew, and to keep 
from stabbing fingers and hands, a palm-type thimble 
can be improvised (figure 17-19). A piece of webbing, 
leather, or other heavy material, with a hole for the 
thumb, is used. A flat rock, metal, or wood is used as the 
thimble and this is held in place by a doughnut-shaped 
piece of material sewn onto the palm piece. To use, the 
end of the needle with the eye is placed on the thimble 
and the thimble is then used to push the needle through 
the material to be sewn. 
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17-5. Miscellaneous Improvised Equipment: 

a. Improvised Trail-Type Snowshoes. The snowshoe 
frame can be made from a sapling 1! inch in diameter 
and 5 feet long. The sapling should be bent and spread 
to 12 inches at the widest point. The survivor can then 
include the webbing of suspension lines (figure 17-20). 
The foot harness, for attaching the snowshoe to the 
boot, is also fashioned from suspension line. 

b. Improvised Bear Paw-Type Snowshoes. A sap- 
ling can be held over a heat source and bent to the shape 
shown in figure 17-21. Wire from the aircraft or para- 
chute suspension line can be used for lashing and for 
making webbing. Snowshoes can also be quickly impro- 
vised by cutting a few pine boughs and lashing them 
together at the cut ends. The lashed boughs positioned 
with the cut ends forward can then be tied to the feet 
(figure 17-22). 


(1) Survivors should guard against frostbite and 
blistering while snowshoeing. Due to the design of the 
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Figure 17-18. Needle and Sewing Awl. 


harness, the circulation of the toes is usually restricted, 
and the hazard of frostbite is greater. They should check 
the feet carefully, stop often, take off the harness, and 
massage the feet when they seem to be getting cold. 


PATCH OF LEATHER WITH SMALL HOLE 
iN CENTER SEWN OVER ROCK 


LEATHER OR WEBBING 


ROCK THUMB HOLE 


Figure 17-19. Palm Thimble. 
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(2) Blistering between the toes or on the ball of the 
foot is sometimes unavoidable in a “tenderfoot” if 
much snowshoeing is done. To make blisters less likely, 
the survivor should keep socks and insoles dry and 
change them regularly. 

c. Sleeping Bag. Immediate action should be to use 
the whole parachute until conditions allow for impro- 
vising. A sleeping bag can be improvised by using four 
gores of parachute material or an equivalent amount of 
other materials (figure 17-23). The material should be 
folded in half lengthwise and sewn at the foot. To mea- 
sure the length, the survivor should allow an extra 6 to 
10 inches in addition to the individual’s height. The two 
raw edges can then be sewn together. The two sections 
of the bag can be filled with cattail down, goat’s beard 
lichen, dry grass, insulation from aircraft walls, etc. The 
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CANADIAN EMERGENCY SNOWSHOES 
1. Select 6 poles 6 feet long (individuals height), % inch 
(thumb size) at the base, '4 inch (little finger size) at the tip. 
Cut 6 sticks approximately 10 inches jong and % inches 


wide and tie them in the following manner: 
PIVOT BOARD HEEL PLATE 
ee  e\ Dap Loca. SNOWSHOE 
ese <p rf £55 = SS eee 
ree 
HEE 


IMPROVISED, BINDING (00! 9ree! 


a. Lash one stick fo the snowshoe float area (cut of f excess). 


b. Lash three sticks forward of the center of the shoe to form 
the pivot board. This position of the pivot board allows the float to 
remain on the snow and causes the tip to rise when walking. 


c. Losh two sticks where your heel strikes the snowshoe to 
form the heel plate. 


d. Tie the snowshoe tips together. 
2. The snowshoe binding must be secured to the 
snowshoe so that the survivor's 
foot can pivot when walking. 


Binding — make as shown from 
continuous length of split harness 
webbing or from suspension lines 
{braided Sines preferred). 





Figure 17-20. Improvised Trail Snowshoes. 
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Figure 17-21. Improvised Bear Paws. 


stuffed sleeping bag should then be quilted to keep the 
insulation from shifting. The bag can be folded in haif 
lengthwise and the foot and open edges sewn. The 
length and width can be adjusted for the individual. 
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d. Insulating Bed: 

(1) In addition to the sleeping bag, some form of 
ground insulation is advisable. An insulation mat will 
help insulate the survivor from ground moisture and the 
cold. Any nonpoisonous plants such as ferns and grasses 
will suffice. Leaves from a deciduous tree make a com- 
fortable bed. If available, extra clothing, seat cushions, 
aircraft insulation, rafts, and parachute material may be 
used. In a coniferous forest, boughs from the trees 
would do well if the bed is constructed properly. 

(2) The survivor should start at the foot of the pro- 
posed bed and stick the cut ends in the ground at about 
a 45-degree angle and very close together. The complet- 
ed bed should be slightly wider and longer than the 
body. If the ground is frozen, a layer of dead branches 
can be used on the ground with the green boughs placed 
in the dead branches, similar to sticking them in the 
ground. 

(3) A bough bed should be a minimum of 12 inches 
thick before use. This will allow sufficient insulation 
between the survivor and the ground once the bed is 
compressed. The bough bed should be fluffed up and 
boughs added daily to maintain its comfort and insula- 
tion capabilities. 





Figure 17-22. Bough Snowshoes. 
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(4) Spruce boughs have many sharp needles and 
can cause some discomfort. Also the needles on various 
types of pines are generally located on the ends of the 
boughs, and it would take an abundance of pine boughs 
to provide comfort and insulation. Fir boughs on the 
other hand, have an abundance of needles all along the 
boughs and the needles are rounded. These boughs are 
excellent for beds, providing comfort and insulation 
(figure 17-24). 

e. Rawhide. Rawhide is a very useful material which 
can be made from any animal hide. Processing it is time 
consuming but the material obtained is strong and very 
durable. It can be used for making sheaths for cutting 
tools, lashing materials, ropes, etc. 


BAG LENGTH 


“SEWN LINE | 


Figure 17-23. Improvised Sleeping Bag. 
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(1) The first step in making rawhide is to remove all 
of the fat and muscle tissue from the hide. The large 
pieces can be cut off and the remainder scraped off with 
a dull knife or similar instrument. 

(2) The next step is to remove the hair. This can be 
done by applying a thick layer of wood ashes to the hair 
side. Ashes from a hardwood fire work best. Thoroughly 
sprinkle water all over the ashes. This causes lye to leach 
out of the ash. The lye will remove the hair. The hide 
should be rolled with the hair side in and stored in a 
cool place for several days. When the hair begins to slip 
(check by pulling on the hair), the hide should be un- 
rolled and placed over a log. Remove the hair by scrap- 
ing it off with a dull knife. Once the hair is removed, the 
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Figure 17-25. Bow Saw and Buck Saw. 


hide should be thoroughly washed, stretched inside a 
frame, and allowed to dry slowly in the shade. When 
dry, rawhide is extremely hard. It can be softened by 
soaking in water. 

f. Wire Saws. Wire or pieces of metal can be used to 
replace broken issued saws. With minor modifications, 
the survivor can construct a usable saw. A bow-saw 
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Figure 17-24. Boughs. Figure 17-26. Cooking Utensils. 
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arrangement will help to prevent the blade from flexing. 
A green sapling may be used for the bow as shown in 
figure 17-25. If a more durable saw is required and time 
permits, a bucksaw may be improvised (figure 17-25). 
Blade tension can be maintained by use of a tightening 
device known as a “windlass” (figure 17-25). 

g. Cooking Utensils. Ration tins can serve as ade- 
quate cooking utensils. If the end has been left intact as 
in figure 17-26, use a green stick long enough to prevent 
burning the hand while cooking. If the side has been 
left intact, a forked stick may be used to add support to 
the container (figure 17-26). 

17-6. Ropes and Knots: 

a. Basic Knowledge of Tying a Knot. A basic knowl- 
edge of correct rope and knot procedures will aid the 
survivor to do many necessary actions. Such actions as 
improvising equipment, building shelters, assembling 
packs, and providing safety devices require the use of 
proven techniques. Tying a knot incorrectly could result 
in ineffective improvised equipment, injury, or death. 

b. Rope Terminology: (See figure 17-27.) 

(1) Bend. A bend (called a knot in this regulation) is 
used to fasten two ropes together or to fasten a rope toa 
ring or loop. 

(2) Bight. A bight is a bend or U-shaped curve in a 
rope. 


WHIPPING 


ROUND TURN 


ROPE OR LINE 


Figure 17-27. Elements of Ropes and Knots. 
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(3) Hitch. A hitch is used to tie a rope around a 
limber, pipe, or post so that it will hold temporarily but 
can be readily untied. 

(4) Knot. A knot is an interlacement of the parts of 
bodies, as cordage, forming a lump or knot or any tie or 
fastening formed with a cord, rope, or line, including 
bends, hitches, and splices. It is often used as a stopper 
to prevent a rope from passing through an opening. 

(5) Line. A line (sometimes called a rope) is a single 
thread, string, or cord. 

(6) Loop. A loop is a fold or doubling of the rope 
through which another rope can be passed. A temporary 
loop is made by a knot or a hitch. A permanent loop is 
made by a splice or some other permanent means. 

(7) Overhand Turn or Loop. An overhand loop is 
made when the running end passes over the standing 
part. 

(8) Rope. A rope (often called a line) is made of 
strands of fiber twisted or braided together. 

(9) Round Turn. A round turn is the same as a turn, 
with running end leaving the circle in the same general 
direction as the standing part. 

(10) Running End. The running end is the free or 
working end of a rope. 

(11) Standing End. The standing end is the balance 
of the rope, excluding the running end. 
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Figure 17-28. Whipping the End of a Rope. 


(12) Turn. A turn describes the placing of a rope 
around a specific object such as a post, rail, or ring with 
the running end continuing in the opposite direction 
from the standing end. 

(13) Underhand Turn or Loop. An underhand turn 
or loop is made when the running end passes under the 
standing part. 

c. Whipping the Ends of a Rope. The raw, cut end of 
a rope has a tendency to untwist and should always be 
knotted or fastened in some manner. Whipping is one 
method of fastening the end of the rope. This method is 
particularly satisfactory because it does not increase the 
size of the rope. The whipped end of a rope will still 





Figure 17-29. Overhand Knot. 
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thread through blocks or other openings. Before cutting 
a rope, place two whippings on the rope | or 2 inches 
apart and make the cut between the whippings (figure 
17-28-5). This will prevent the cut ends from untwisting 
immediately after they are cut. A rope is whipped by 
wrapping the end tightly with a small cord. Make a 
bight near one end of the cord and lay both ends of the 
small cord along one side of the rope (figure 17-28-1). 
The bight should project beyond the end of the rope 
about one-half inch. The running end (b) of the cord 
should be wrapped tightly around the rope and cord 
(figure 17-28-2) starting at the end of the whipping 
which will be farthest from the end of the rope. The 
wrap should be in the same direction as the twist of the 
rope strands. Continue wrapping the cord around the 
rope, keeping it tight, to within about one-half inch of 
the end. At this point, slip the running end (b) through 
the bight of the cord (figure 17-28-3). The standing part 
of the cord (a) can then be pulled until the bight of the 
cord is pulled under the whipping and cord (b) is tight- 
ened (figure 17-28-4). The ends of cord (a and b) should 
be cut at the edge of the whipping, leaving the rope end 
whipped. 
d. Knots at End of the Rope: 

(i) Overhand Knot. The overhand knot (figure 
17-29) is the most commonly used and the simplest of 
all knots. An overhand knot may be used to prevent the 
end of a rope from untwisting, to form a knot at the end 
of a rope, or as a part of another knot. To tie an over- 
hand knot, make a loop near the end of the rope and 
pass the running end through the loop, pulling it tight. 

(2) Figure-Eight Knot. The figure-eight knot (figure 
17-30) is used to form a larger knot than would be 
formed by an overhand knot at the end of a rope. A 
figure-eight knot is used in the end of a rope to prevent 
the ends from slipping through a fastening or loop in 
another rope. To make the figure-eight knot, make a 
loop in the standing part, pass the running end around 





Figure 17-30. Figure-Eight Knot. 
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the standing part back over one side of the loop, and 
down through the loop. The running end can then be 
pulled tight. 

(3) Wall Knot. The wall knot (figure 17-31) with a 
crown is used to prevent the end of a rope from un- 
twisting when an enlargement is not objectionable. It 
also makes a desirable knot to prevent the end of the 
rope from slipping through small openings, as when 
rope handies are used on boxes. The crown or the wall 
knots may be used separately. To make the wall knot, 
untwist the strands for about five turns of the rope. A 
loop in strand “a” (figure 17-32-1) should be used and 
strand “b” brought down (figure 17-31-2) and around 
strand “a.” Strand “c” (figure 17-31-3) can then be 
brought around strand “b” and through the loop in 
strand “a.” The knot can then be tightened (figure 
17-31-4) by grasping the rope in one hand and pulling 
each strand tight. The strands point up or away from 
the rope. To make a neat, round knot, the wall knot 
should be crowned. 








































(4) Crown on Wall Knot. To crown a wall knot, the 
end of strand “a” (figure 17-32-1) should be moved be- 
tween strands “b” and “c.” Next strand “c” is passed 
(figure 17-32-2) between strand “b” and the loop in 
strand “a.” Line “b” is then passed over line “a” and 
through the bight formed by line “c” (figure 17?-32-3). 
The knots can then be drawn tight and the loose strands 
cut. When the crown is finished, strands should point 
down or back along the rope. 

e. Knots for Joining Two Ropes: 

(1) Square Knot. The square knot (figure 17-33) is 
used for tying two ropes of equal diameter together to 
prevent slippage. To tie the square knot, lay the running 
end of each rope together but pointing in opposite direc- 
tions. The running end of one rope can be passed under 


Figure 17-32. Crown on Wall Knot. 
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Figure 17-33. Square Knot. 


the standing part of the other rope. Bring the two run- 
ning ends up away from the point where they cross and 
crossed again (figure | ?-33-1). Once each running end is 
parallel to its own standing part (figure 17-33-2), the two 
ends can be pulled tight. If each running end does not 
come parallel to the standing part of its own rope, the 
knot is called a “granny knot” (figure 17-34-1). Because 
it will slip under strain, the granny knot should not be 
used. A square knot can also be tied by making a bight 





the other rope through and around this bight. The 


Figure 17-34. Granny and Thief Knots. 





in the end of one rope and feeding the running end of 
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Figure 17-35. Single Sheet Bend. 


running end of the second rope is routed from the 
standing side of the bight. If the procedure is reversed, 
the resulting knot will have a running end parallel to 
each standing part but the two running ends will not be 
opposite each other. This knot is called a “thief” knot 
(figure 17-34-2). It will slip under strain and is difficult 
to untie. A true square knot will draw tighter under 


Figure 17-36. Double Sheet Bend. 
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Figure 17-37. Carrick Bend. 


strain. A square knot can be untied easily by grasping 
the bends of the two bights and pulling the knot apart. 

(2) Single Sheet Bend. The use of a single sheet 
bend (figure 17-35), sometimes called a weaver’s knot, is 
limited to tying together two dry ropes of unequal size. 
To tie the single sheet bend, the running end (a) (figure 
17-35-1) of the smaller rope should pass through a bight 
(b) in the larger rope. The running end should continue 
around both parts of the larger rope (figure 17-35-2), 
and back under the smaller rope (figure 17-35-3). The 
running end can then be pulled tight (figure 17-35-4). 
This knot will draw tight under light loads but may 
locsen or slip when the tension is released. 

{3) Double Sheet Bend. The double sheet bend (fig- 
ure 17-36) works better than the single sheet bend for 
joining ropes of equal or unequal diameter, joining wet 
ropes, or for tying a rope to an eye. It will not slip or 
draw tight under heavy loads. To tie a double sheet 
bend, a single sheet bend is tied first. However, the 
running end is not pulled tight. One extra turn is taken 
around both sides of the bight in the larger rope with the 
running end for the smaller rope. Then tighten the knot. 

(4) Carrick Bend. The carrick bend (figure 17-37) is 
used for heavy loads and for joining thin cable or heavy 


rope. It will not draw tight under a heavy load. To tie a 
carrick bend, a loop is formed (figure 17-37-1) in one 
trope. The running end of the other rope is passed be- 
hind the standing part (figure 17-37-2) and in front of 
the running part of the rope in which the loop has been 
formed. The running end should then be woven under 
one side of the loop (figure 17-37-3), through the loop, 
over the standing part of its own rope (figure 17-37-4), 
down through the loop, and under the remaining side of 
the loop (figure 17-37-5), 


f. Knots for Making Loops: 

(1) Bowline. The bowline (figure 17-38) is a useful 
knot for forming a loop in the end of a rope. It is also 
easy to untie. To tie the bowline, the running end (a) of 
the rope passes through the object to be affixed to the 
bowline and forms a loop (b) (figure 17-38-1) in the 
standing part of the rope. The running end (a) is then 
passed through the loop (figure 17-38-2) from under- 
neath and around the standing part (figure 17-38-3) of 
the rope, and back through the loop from the top (figure 
17-38-4). The running end passes down through the 
loop parallel to the rope coming up through the loop. 
The knot is then pulled tight. 





Figure 17-38. Bowline. 
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peak spectrum efficiency is 30 bps/Hz for downlink and 15 bps/Hz for uplink [32]. This is mostly 
important for the xMBB services class [212,214]. Since this performance requirement is not relevant for 
activity-based IoT application classes which are associated with the mMTC and uMTC service class, 
it has not been further considered herein. 


4.10. Summary of loT in 5G Performance Requirements 


Activity-based classes of loT applications are associated with performance requirements of 5G 
service classes, i.e. mMTC and uMTC. On the basis of the literature review, each activity-based class 
(ticketing-, tracking-, monitoring-, and managing /controlling-based class) is associated with mMTC 
service class, while the monitoring- and managing /controlling-based classes are the only ones linked 
to the uMTC service class. According to the authors’ best knowledge, there is no available literature 
concerning the uMTC ticketing- and tracking-based classes of IoT applications or such IoT customer 
service requests. 

Activity-based IoT application classes pose many performance requirements, which have been 
discussed in terms of data rate, mobility (speed), latency, connection density, reliability, positioning 
accuracy, coverage, and energy efficiency. These performance requirements have been assigned 
three-level priorities (high, medium, low) for the purpose of facilitating identification of the enabling 
technologies used to fulfill them. Based on the literature review, it was found that each activity-based 
IoT application class poses high requirements in terms of connection density except the uMTC 
managing /controlling-based IoT application class. Moreover, ticketing- and tracking-based IoT 
application classes have high requirements in terms of positioning accuracy, coverage, and energy 
efficiency. Additionally, positioning accuracy is a highly important performance requirement for the 
uMTC managing /controlling-based IoT application class, whereas coverage is important for both 
uMTC and mMTC monitoring-based IoT application classes. Finally, latency and reliability represent 
highly important performance requirements for uMTC monitoring- and managing /controlling-based 
IoT application classes. A deep and comprehensive understanding of performance requirements 
of each activity-based IoT application class may facilitate the selection of 5G enabling technologies 
needed to meet them as described in the following section. 


5. IoT in 5G Enabling Technologies 


Activity-based classification of loT applications proposed in Section 3 allows telecom operators to 
identify performance requirements of each class relying on 5G service classification, as discussed in 
Section 4. However, these performance requirements cannot be satisfied for many IoT applications with 
current cellular (2nd, 3rd, and 4th generation) network technologies, since they limit their potential due 
to many issues [3], i.e., protocol implementation complexity, poor coverage in non-urban environments, 
high cost of networking equipment and data transmission. In order to overcome these issues, many 
dedicated communication technologies are being installed. 

From the very beginning of IoT, many proprietary technologies, such as radio-frequency 
identification (RFID), wireless highway addressable remote transducer (WirelessHART) or Z-Wave, 
have first appeared, and then, more generic ones, such as Bluetooth, IEEE 802.15.4, IPv6 over low-power 
wireless personal area networks (6LOWPAN). However, none of these technologies have become a 
market leader mainly because of technology shortcomings and business model uncertainty [219]. 
Hence, new solutions, such as low-power wireless fidelity (LP Wi-Fi), low-power wide area (LPWA) 
or several improvements for cellular M2M communications have become serious candidates for oT 
implementation. LP Wi-Fi is an IEEE 802.11ah standard designed to extend the application area of 
Wi-Fi networks in order to meet IoT requirements (i.e., large number of devices, large coverage range, 
energy constrains). First performance studies indicate that this standard will support a broad range of 
M2M scenarios with a required QoS level, and enable scalable and cost-effective solutions. In addition, 
LPWA networks have been deployed for some time in the form of many different proprietary solutions 
(e.g., Amber Wireless, Coronis, Huawei’s CIloT, LoRa, M2M Spectrum Networks, Sigfox, Weightless, 
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Figure 17-39. Double Bowline. 


(2) Double Bowline. The double bowline (figure 
17-39) with a slip knot is a rigging used by tree surgeons 
who work alone in trees for extended periods. It can be 
made and operated by one person and is comfortable as 
a sling or boatswain’s chair (figure | 7-40). A small board 
with notches as a seat adds to the personal comfort of 
the user. To tie a double bowline, the running end {a) 
(figure 17-39) of a line should be bent back about 10 feet 
along the standing part. The bight (b) is formed as the 
new running end and a bowline tied as described and 
illustrated in figure 17-38. The new running end (b) 
(figure 17-39) or loop is used to support the back and 
the remaining two loops (c) and (d) support the legs. 

(3) Rolling or Magnus Hitch (figure 17-41). A roil- 
ing or Magnus hitch is a safety knot designed to make a 
running end fast to a suspension line with a nonslip grip 
yet it can be released by hand pressure bending the knot 
downward. The running end (a) (figure 17-41-1) is 
passed around the suspension line (b) twice, making two 
full turns downward (figure 17-41-2). The running end 





Figure 17-40. Boatswain’s Chair. 


{a) (figure 17-41-3) is then turned upward over the two 
turns, again around the suspension line, and under itself 
(figure 17-41-3), This knot is excellent for fastening a 
rope to itself, a larger rope, a cable, a timber, or a post. 

(4) Running Bowline. The running bowline (figure 
17-42) is the basic air transport rigging knot. It provides 
a sling of the choker type at the end of a single line and 
is generally used in rigging. To tie a running bowline, 
make a bight (b) (figure 1 7-42-1) with an overhand loop 
(c} made in the running end (a). The running end (a) is 
passed around the standing part, through the loop (c) 
(figure 17-42-2), under, then back over the side of the 
bight, and back through the loop (c) (figure 1 7-42-3). 

(5) Bowline on a Bight. It is sometimes desirable to 
form a loop at some point in a rope other than at the 
end. The bowline on a bight (figure 17-43) can be used 


Figure 17-41. Rolling or Magnus Hitch. 





Figure 17-42. Running Bowline. 


for this purpose. It is easily untied and will not slip. The 
same knot can be tied at the end of the rope by doubling 
the rope for a short section. A doubled portion of the 
rope is used to form a loop (b) (figure 17-43-1) as in the 
case of the bowline. The bight end (a) of the doubled 
portion is passed up through the loop (b), back down 
(figure 17-43-2), up around the entire knot (figure 
17-43-3), and tightened (figure 1 7-43-4), 

(6) Spanish Bowline. A Spanish bowline (figure 
17-44) can be tied at any point in a rope, either at a 


Figure 7-44. Spanish Bowline. 
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place where the line is doubled or at an end which has 
been doubled back. The Spanish bowline is used in res- 
cue work or to give a two-fold grip for lifting a pipe or 
other round object in a sling. To tie the Spanish bowl- 
ine, a doubled portion of the rope is held in the left 
hand with the loop up and the center of the loop is 
turned back against the standing parts to form two loops 
(figure 17-44-1} or “rabbit ears.” The two rabbit ears (c) 
and (d) (figure 17-44-2} are moved until they partly 
overlap each other. The top of the loop nearest the 
person is brought down toward the thumb of the left 
hand, being sure it is rolled over as it is brought down. 
The thumb is placed over this loop (figure 17-44-5) to 
hold it in position. The top of the remaining loop is 
grasped and brought down, rolling it over and placing it 
under the thumb. There are now four small loops, (c, d, 
e, and f} in the rope. The lower left-hand loop (c) is 
turned one-half turn and inserted from front to back of 
the upper left-hand loop (e). The lower right-hand loop 
(d) is turned (figure 17-44-4) and inserted through the 
upper right-hand loop (f}. The two loops (c and d) which 
have been passed through are grasped and the rope pul- 
led tight (figure 1 7-44-5). 

(7) French Bowline. The French bowline (figure 
17-45} is sometimes used as a sling for lifting injured 
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Figure 17-45. French Bowline. 


people. When used in this manner, one loop is used as a 
seat and the other loop is used around the body under 
the arms. The weight of the injured person keeps the 
two loops tight so that the victim cannot fall out and for 
this reason, it is particularly useful as a sling for some- 
one who is unconscious. The French bowline is started 
in the same way as the simple bowline. Make a loop (a) 
(figure 17-45-1) in the standing part of the rope. The 
running end (b) is passed through the loop from under- 
neath and a separate loop (c) is made. The running end 
(b) is passed through the loop (a), again from under- 
neath (figure 17-45-3), around the back of the standing 
part and back through the loop (a) so that it comes out 
parallel to the looped portion. The standing part of the 
rope is pulled to tighten the knot (figure 1 7-45-4), leav- 
ing two loops (c and d). 

(8) Harness Hitch. The harness hitch (figure 17-46) 
is used to form a nonslipping loop in a rope. To make 
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the harness hitch, form a bight (a) (figure 17-46-1) in the 
running end of the rope. Hold this bight in the left hand 
and form a second bight (b) in the standing part of the 
rope. The right hand is used to pass bight (b) over bight 
(a) (figure 17-46-2). Holding all loops in place with the 
left hand, the right hand is inserted through bight (a) 
behind the upper part of bight (b) (figure 17-46-3). The 
bottom (c) of the first loop is grasped and pulled up 
through the entire knot (figure 17-46-4), pulling it tight. 
g. Hitches: 

(1) Half Hitch. The half hitch (figure 17-47-1) is 
used to tie a rope to a timber or to another larger rope. 
It is not a very secure knot or hitch and is used for 
temporarily securing the free end of a rope. To tie a half 
hitch, the rope is passed around the timber, bringing the 
running end around the standing part, and back under 
itself. 

(2) Timber Hitch. The timber hitch (figure 17-47-2) 
is used for moving heavy timbers or poles. To make the 
timber hitch, a half hitch is made and similarly the 
running end is turned about itself at least another time. 
These turns must be taken around the running end itself 
or the knot will not tighten against the pull. 

(3) Timber Hitch and Half Hitch. To get a tighter 
hold on heavy poles for lifting or dragging a timber 
hitch and half hitch are combined (figure | 7-47-3). The 
running end is passed around the timber and back 
under the standing part to form a half hitch. Further 
along the timber, a timber hitch is tied with the running 
end. The strain will come on the half hitch and the 
timber hitch will prevent the half hitch from slipping. 

(4) Clove Hitch. A clove hitch (figure 17-47-4) is 
used to fasten a rope to a timber, pipe, or post. It can be 
tied at any point in a rope. To tie a clove hitch in the 
center of the rope, two turns are made in the rope close 
together. They are twisted so that the two loops lay 
back-to-back. These two loops are slipped over the tim- 
ber or pipe to form the knot. To tie the clove hitch at 
the end of a rope, the rope is passed around the timber 
in two turns so that the first turn crosses the standing 
part and the running end comes up under itself on the 
second turn. 

(5) Two Half Hitches. A quick method for tying a 
rope to a timber or pole is the use of two half hitches. 





Figure 17-46. Harness Hitch. 
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Figure 17-48. Round Turn and Two Half Hitches. 


The running end of the rope is passed around the pole 
or timber, and a turn is taken around the standing part 
and under the running end. This is one half hitch. The 
running end is passed around the standing part of the 
rope and back under itself again. 
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Figure 17-49, Fisherman’s Bend. 
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(6) Round Turn and Two Half Hitches. Another 
hitch used for fastening a rope to a pole, timber, or spar 
is the round turn and two half hitches (figure 17-48). 
The running end of the rope is passed around the pole 
or spar in two complete turns, and the running end is 
brought around the standing part and back under itself 
to make a half hitch. A second half hitch is made. For 
greater security, the running end of the rope should be 
secured to the standing part. 

(7) Fisherman’s Bend. The fisherman’s bend (figure 
17-49) is used to fasten a cabie or rope to an anchor, or 
for use where there will be a slackening and tightening 
motion in the rope. To make this bend, the running end 
of the rope is passed in two complete turns through the 
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Figure 17-50, Sheep Shank. 
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Figure 17-51. Speir Knot. 


ring or object to which it is to be secured. The running 
end is passed around the standing part of the rope and 
through the loop which has just been formed around the 
ring, The running end is then passed around the stand- 
ing part in a half hitch. The running end should be 
secured to the standing part. 

(8) Sheepshank. A sheepshank (figure 17-50) is a 
method of shortening a rope, but it may also be used to 
take the load off a weak spot in the rope. To make the 
sheepshank (which is never made at the end of a rope), 
two bights are made in the rope so that three parts of the 
rope are parallel. A half hitch is made in the standing 
part over the end of the bight at each end. 

(9) Speir Knot. A Speir knot (figure 17-51) is used 
when a fixed loop, a nonslip knot, and a quick release 
are required. [t can be tied quickly and released by a 
pull on the running end. To tie the Speir knot, the 
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running end (a) is passed through a ring (figure 17-51-1) 
or around a pipe or post and brought back on the left 
side of the standing part (b). Both hands are placed, 
palms up, under both parts of the rope with the left 
hand higher than the right hand; grasping the standing 
part (b) with the left hand and the running end (a) with 
the right hand. The left hand is moved to the left and 
the right hand to the right (figure 17-51-3) to form two 
bights (c and d). The left hand is twisted a half turn 
toward the body so that bight (c) is twisted into a loop 
(figure 17-51-3)}. Pass bight (d) over the rope and down 
through the loop (c). The Speir knot is tightened by 
pulling on the bight (d) and the standing part (b) (figure 
17-51-4). 

(10) Rolling Hitch (Pipe or Pole). The rolling hitch 
(pipe or pole) (figure 17-52) is used to secure a rope to a 
pipe or pole so that the rope will not slip. The standing 
part (a} of the rope is placed along the pipe or pole 
{figure 17-52-1} extending in the direction opposite to 
the direction the pipe or pole will be moved, Two turns 
(b} are taken with the running end around the standing 
part (a) and the pole (figure 17-52-3). The standing part 
(a) of the rope is reversed so that it is leading off in the 
direction in which the pole will be moved (figure 
17-52-3) and two turns taken (c} (figure !7-52-4) with 
the running end (d). On the second turn around, the 
running end (d} is passed under the first turn (c) to 
secure it. To make this knot secure, a half hitch (e) 
(figure 17-52-6) is tied with the standing part of the rope 
1 or 2 feet above the rolling hitch. 

(11) Blackwall Hitch. The blackwall hitch (figure 
17-53) is used for fastening a rope to a hook. To make 
the blackwall hitch, a bight of the rope is placed behind 
the hook, The running end (a) and standing part (b) are 
crossed through the hook so that the running end comes 
out at the opposite side of the hook and under the 
standing part. 

(12) Catspaw. A catspaw can be made at the end of 
a rope (figure 17-54) for fastening the rope to a hook. 
Grasp the running end (a) of the rope in the left hand 
and make two bights (c and d) in the standing part (b). 
Hold these two bights in place with the left hand and 
take two turns about the junction of the two bights with 
the standing part of the rope. Slip the two loops (¢ and 
d) so formed over the hook. 





Figure 17-52. Rolling Hitch. 
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Figure 17-53. Blackwall Hitch. 


(13) Scaffold Hitch. The scaffold hitch (figure 
17-55) is used to support the end of a scaffold plank 
with a single rope. To make the scaffold hitch, the run- 
ning end of the rope is layed across the top and around 
the plank, then up and over the standing part (figure 
17-55-1). A doubled portion of the running end is 
brought back under the plank (figure 17-55-2) to form a 
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Figure 17-55. Scaffold Hitch. 
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bight (b) at the opposite side of the plank. The running 
end is taken back across the top of the plank (figure 
17-55-3) until it can be passed through the bight (b). A 
loop is made (c) in the standing part (figure 17-55-4) 
above the plank. The running end is passed through the 
loop (c) around the standing part, and back through the 
loop (c). 

(14) Barrel Slings. Barrel slings can be made to hold 
barrels horizontally or vertically. To sling a barrel hori- 
zontally (figure 17-56), a bowline is made with a long 
bight. The rope at the bottom of the bight is brought up 
over the sides of the bight. The two “ears” are thus 
moved foward over the end of the barrel. To sling a 
barrel vertically (figure 17-57) the rope is passed under 
the barrel and up to the top. An overhand knot is made 
(a) on top (figure 17-57-1). With a slight tension on the 
rope, the two parts (figure 17-57-2) of the overhand knot 
are grasped, separated and pulled down to the center of 
the barrel (b and c). The rope is pulled snug and a 
bowline tied (d) over the top of the barrel (figure 
17-57-3). 


h. Lashing. There are numerous items which require 
lashings for construction; for example, shelters, equip- 
ment racks, and smoke generators. Three types of lash- 
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Figure 17-56. Barrel Slung Horizontally. 


ings will be discussed here—the square lash, the diago- 
nal fash, and the shear lash. 

(1) Square Lash. Square lashing is started with a 
clove hitch around the log, immediately under the place 
where the crosspiece is to be located (figure 17-58-1). In 
laying the turns, the rope goes on the outside of the 
previous turn around the crosspiece, and on the inside 
of the previous turn around the log. The rope should be 
kept tight (figure 17-58-2). Three or four turns are nec- 
essary. Two or three “frapping” turns are made between 
the crosspieces (figure 17-58-3). The rope is pulled tight; 
this will bind the crosspiece tightly together. It is fin- 
ished with a clove hitch around the same piece that the 
lashing was started on (figure 17-58-4). The square lash 





Figure 17-57. Barre! Slung Vertically. 
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is used to secure one pole at right angles to another pole. 
Another lash that can be used for the same purpose is 
the diagonal lash. 

(2) Diagonal Lash. The diagonal lash is started with 
a clove hitch around the two poles at the point of cross- 
ing. Three turns are taken around the two poles (figure 
17-59-1). The turns lie beside each other, not on top of 
each other. Three more turns are made around the two 
poles, this time crosswise over the previous turns. The 
turns are pulled tight. A couple of frapping turns are 
made between the two poles, around the lashing turns, 
making sure they are tight (figure 17-59-2). The lashing 
is finished with a clove hitch around the same pole the 
lash was started on (figure 1 7-59-3). 

(3) Shear Lash. The shear lash is used for lashing 
two or more poles in a series. The desired number of 
poles are placed parallel to each other and the lash is 
started with a clove hitch on an outer pole (figure 
17-60-1). The poles are then lashed together, using 
seven or eight turns of the rope laid loosely beside each 
other (figure 17-60-2). Make frapping turns between 
each pole (figure 17-60-3). The lashing is finished with a 
clove hitch on the pole opposite that on which the lash 
was started (figure 17-60-4). 











Figure 17-58. Square Lash. 


i. Making Ropes and Cords. Almost any natural fi- 
brous material can be spun into good serviceable rope 
or cord, and many materials which have a length of 12 
to 24 inches or more can be braided. Ropes up to 3 and 
4 inches in diameter can be “laid” by four people, and 
tensile strength for bush-made rope of 1-inch diameter 
range from 100 pounds to as high as 3,000 pounds. 

(1) Tensile Strength. Using a three-lay rope of 
l-inch diameter as standard, the following table of ten- 
sile strengths may serve to illustrate general strengths of 
various materials. For safety’s sake, the lowest figure 
should always be regarded as the tensile strength. 
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Figure 17-59. Diagonal Lash. 





Figure 17-60. Shear Lash. 


Green Grass ............ 100 lbs to 250 Ibs 
Bark Fiber............. 500 Ibs to 1,500 Ibs 
Palm Fiber .....,...... 650 Ibs to 2,000 Ibs 
Sedges .............. 2,000 Ibs to 2,500 Ibs 


Monkey Rope (Lianas)...... 560 Ibs to 700 Ibs 
Lawyer Vine (Calamus) . . 42-inch diam, 1,200 Ibs 
NOTE: Doubling the diameter quadruples the tensile 
strength half the diameter reduces the tensile strength to 

one-fourth. 


(2) Principles of Ropemaking Materials. To discov- 
er whether a material is suitable for rope making, it 
must have four qualities: 

(a) It must be reasonably long in the fiber. 

(b) It must have “strength.” 

(c) It must be pliable. 

(d) It must have “grip” so the fibers will “bite” 
onto one another. 


(3) Determining Suitability of Material. There are 
simple tests to determine if a material is suitable: 

(a) First, pull on a length of the material to test 
for strength. 

(b) Second, twist it between the fingers and “roll” 
the fibers together; if it will withstand this and not 
“snap” apart, an overhand knot is tied and gently tight- 
ened. If the material does not cut upon itself, but allows 
the knot to be pulled taut, it is suitable for ropemaking 
if the material will “bite” together and is not smooth or 
slippery. 

(4) Where to Find Suitable Material. These quali- 
ties can be found in various types of plants, in ground 
vines, in most of the longer grasses, in some of the water 
reeds and rushes, in the inner barks of many trees and 
shrubs, and in the long hair or wool of many animals. 

(5) Obtaining Fibers for Making Ropes. Some green 
freshly gathered materials may be “stiff” or unyielding. 
When this is the case, it should be passed through hot 
flames for a few moments. The heat treatment should 
cause the sap to burst through some of the cell structure, 
and the material thus becomes pliable. Fibers for rope 
making may be obtained from many sources such as: 

(a) Surface roots of many shrubs and trees have 
strong fibrous bark. 

(b) Dead inner bark of fallen branches of some 
species of trees and in the new growth of many trees 
such as willows. 

(c) The fibrous material of many water and 
swamp growing plants and rushes. 

(d) Many species of grass and weeds. 

(e) Some seaweeds. 

(f) Fibrous material from leaves, stalks, and 
trunks of many palms. 

(g) Many fibrous-leaved plants such as the aloes. 


(6) Gathering and Preparing Materials. There may 
be a high content of vegetable gum in some plants. This 
can often be removed by soaking the plants in water, by 
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Figure 17-61. Twisting Fibers. 


boiling, or by drying the material and “teasing” it into 
thin strips. 

(a) Some of the materials have to be used green if 
any strength is required. The materials that should be 
green include the sedges, water rushes, grasses, and 
lianas. 

(b) Palm fiber is harvested in tropical or subtropi- 
cal regions. It is found at the junction of the leaf and the 
palm trunk, or it will be found lying on the ground 
beneath many palms. Palm fiber is a “natural” for mak- 
ing ropes and cords. 

(c) Fibrous matter from the inner bark of trees 
and shrubs is generally more easily used if the plant is 
dead or half dead. Much of the natural gum will have 
dried out and when the material is being teased, prior to 
spinning, the gum or resin will fall out in fine powder. 

(7) Making a Cord by Spinning with the Fingers: 

(a) Use any material with long strong threads or 
fibers which have been previously tested for strength 
and pliability. The fibers are gathered into loosely held 
strands of even thickness. Each of these strands is twist- 
ed clockwise. The twist will hold the fibers together. The 
strands should be formed one-eighth inch diameter. As 
a general rule, there should be about 15 to 20 fibers toa 
strand. Two, three, or four of these strands are later 
twisted together, and this twisting together or “laying” 
is done with a counterclockwise twist, while at the same 
time, the separate strands which have not yet been laid 
up are twisted clockwise. Each strand must be of equal 
twist and thickness. 

(b) Figure 17-61 shows the general direction of 
twist and the method whereby the fibers are bonded 
into strands. In a similar manner, the twisted strands 
are put together into lays, and the lays into ropes. 

(c) The person who twists the strands together is 
called the “layer” and must see that the twisting is even, 
the strands are uniform, and the tension on each strand 
is equal. In “laying,” care must be taken to ensure each 
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of the strands is evenly “laid up;” that is, one strand 
does not twist around the other one. 

(d) When spinning fine cords for fishing lines, 
snares, etc., considerable care must be taken to keep the 
strands uniform and the lay even. Fine thin cords of no 
more than '42-inch thickness can be spun with the fin- 
gers and are capable of taking a breaking strain of 20 to 
30 pounds or more. 

(e) Normally two or more people are required to 
spin and lay up the strands for cord. However, many 
native people spin cord unaided. They twist the materi- 
al by running the flat of the hand along the thigh, with 
the fibrous material between hand and thigh: and with 
the free hand, they feed in fiber for the next “spin.” 
Using this technique, one person can make long lengths 
of single strands. This method of making cord or rope 
with the fingers is slow if any considerable length of 
cord is required. 

(f) An easier and simpler way to rapidly make 
lengths of rope from 50 to 100 yards or more in length is 
to make a rope machine and set up multiple spinners in 
the form of cranks, Figure 17-62 shows the details of 
rope spinning. 

(g) To use a rope machine, each feeder holds the 
material under one arm and with one free hand feeds it 
into the strand which is being spun by the crank. The 
other hand lightly hoids the fibers together till they are 
spun. As the lightly spun strands are increased in length, 
they must be supported on crossbars. They should not 
be allowed to lie on the ground. Spin strands from 20 to 
100 yards before laying up. The material should not be 
spun in too thickly. Thick strands do not help strength 
in any way, rather, they tend to make a weaker rope. 


(8) Setting Up a Rope Machine: 

{a) When spinning ropes of 10 yards or longer, it 
is necessary to set crossbars every 2 or 3 yards to carry 
the strands as they are spun. If crossbars are not set up, 
the strands or rope will sag to the ground, and some of 
the fibers will tangle up with grass, twigs, or dirt on the 
ground. Also, the twisting of the free end may either be 
stopped or interrupted and the strand will be unevenly 
twisted. 

(b) The easiest way to set up crossbars for the 
rope machine is to drive pairs of stakes into the ground 
about 6 feet apart and at intervals of about 6 to 10 feet. 
The crossbars must be smooth and free from twigs and 
loose portions of bark that might twist in with the spin- 
ning strands, 

(c) The crossbar {a) is supported by two uprights 
and pierced to take the cranks (b). These cranks can be 
made out of natural sticks, morticed slab, and pegs, or if 
available, bent wire. The connecting rod (c) enables one 
person to turn all cranks clockwise simultaneously. 
Crossbars supporting the strands as they are spun are 
shown (d). A similar crank handle to the previous ones 
{b) is supported on a forked stick at the end of the rope 
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LAYING UP 


Figure 17-62. Rope Machine. 


machine. This handle is turned in reverse (counter- 
clockwise) to the cranks {c) to twist the connected 
strands together. These are “laid up” by one or more of 
the feeders. 

(d) The first strand should be turned clockwise, 
then the laying up of the strands will be done counter- 
clockwise and the next laying will again be clockwise. 
Proof that the rope is well made is that the individual 
fibers lay lengthways along the rope. 

(e) In the process of laying up the strands, the 
actual twisting together or laying will take some of the 
original “twist” out of the strand which has not yet been 
laid. Therefore, it is necessary to keep twisting the 
strands while laying together. 

(f} When making a rope too long to be spun and 
laid in one piece, a section is laid up and coiled on the 
ground at the end of the rope walk farthest from the 
cranks. Strands for a second Jength are spun, and these 
strands are married or spliced into the strands of the 
first section and then the laying up of the second section 
continues the rope. 

(g) The actual “marrying” of the strands is done 
only in the last lay, which makes the rope when com- 
pleted. The ends where the strands are married should 
be staggered in different places. By this means, rope can 
be made and extended in sections to a great length. 
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(h) After a complete length of rope is laid up, it 
should be passed through the fire to burn off the loose 
ends and fibers. This will make the rope smooth and 
more professional looking. 


(9) Laying the Strands: 

(a) The strands lie on the crossbar as they are 
spun. When the strands have been spun to the required 
length, which should not be more than about a hundred 
feet, they are joined together by being held at the far 
end. They are then ready for laying together. The turner, 
who is facing the cranks, twists the ends together coun- 
terclockwise, at the same time keeping full weight on the 
rope which is being layed up. The layer advances plac- 
ing the strands side by side as they turn. 

(b) It is important to learn to feed the material 
evenly, and lay up slowly, thereby getting a smooth even 
rope (figure 17-63). Do not try to rush the ropemaking. 
Speed in ropemaking only comes with practice. At first 
it will take a team of three or four up to 2 hours or more 
to make a 50-yard length of rope of three lays, each of 
three strands; that is, nine strands for a rope with a 
finished diameter of about | inch. With practice, the 
same three or four people will make the same rope in 15 
to 20 minutes. These times do not include time for 
gathering material. 
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etc.), but only the LoRa Alliance, Sigfox and Weightless are involved in LPWA standardization activities. 
Despite some drawbacks which are mainly related to use of an unlicensed spectrum, LPWA networks 
are expected to become a key enabler for IoT deployment in early market rollouts and for limited IoT 
applications [219]. 

The appearance of these IoT communication technologies was considered as competition to 
current cellular networks from the telco’s point of view from the start. But, in the meanwhile, 
telcos have realized that the aforementioned communication technologies can be utilized to meet the 
changing connectivity and performance requirements of IoT applications. Therefore, many dedicated 
communication technologies have already been deployed in various IoT applications. For example, 
Orange, Swisscom and South Korea (SK) Telecom have built nationwide networks based on LoRa [3], 
whereas Deutsche Telekom (DT), Vodafone and all three Chinese operators have completed the rollout 
of narrowband IoT (NB-IoT), as another LPWA standard utilizing existing long term evolution (LTE) 
networks [36]. In this context, standardization and interoperability becomes critical because there is a 
need to consider a broad range of connectivity solutions as presented in Figure 4 [37]. One of those 
solutions includes satellite technologies which integrated with 5G radio technologies form the 6th 
generation (6G) standard for providing global coverage [38]. 
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Figure 4. IoT performance requirements and enabling technologies. 


In this regard, standardization activities of 5G and beyond are being undertaken by several 
standards bodies, such as the Institute of Electrical and Electronics Engineers (IEEE), the 3rd Generation 
Partnership Project (GPP), the Internet Engineering Task Force (IETF), ITU Radiocommunication 
Sector (ITU-R), and ITU Telecommunication Standardization Sector (ITU-T). An overview on these 
standards bodies and their effort to develop communication standards for 5G and beyond are provided 
in [112]. Due to the envisioned 5G applicability, these standards have defined an air interface that 
can significantly improve the performance, and network architectures that allow the deployment and 
coexistence of various 5G technologies. A detailed discussion of these technologies regarding both 
technological and standardization aspects indicates that 5G can be perceived as the main driving force 
for enabling the vision of a truly global IoT [219]. 

In this sense, the technologies described in this section will allow 5G networks to form a unified 
communication infrastructure for the realization of a wide range of loT applications. These technologies 
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(c} In feeding the free ends of the strands, twist in 
the loose material fed in by the feeder. As the feeders 
move backward, they must keep a slight tension on the 
strands, 

(10) Making Rope with a Single Spinner: 

(a) Using a Single Crank. Two people can make a 
rope, using a single crank. A portion of the material is 
fastened to the eye of the crank, as with the multiple 
crank. Supporting crossbars, as used in a ropewalk, are 
required when a length of more than 20 or 30 feet is 
being spun, 

(b) Feeding: 

-1, If the feeder is holding material under the 
left arm, the right hand is engaged in continuously pull- 
ing material forward to the left hand which feeds it into 
the turning strand, These actions, done together as the 
feeder walks backward, govern the thickness of the 
strands. The left hand, lightly closed over the loose turn- 
ing material, must “feel” the fibers “biting” or twisting 
together. 

-2, When the free end of the turning strand, 
which is against the loose material under the arm, takes 
in too thick a tuft of material, the left hand is closed, 
and so arrests the twist of the material between the left 
hand and the bundle. This allows teasing out the overall 
“bite,” with the right hand, thus maintaining a uniform 
thickness of the spinning strand. 

(c) Thickness of Strands. Equal thickness and 
twist for each of the strands throughout their length are 
important. The thickness should not be greater than is 
necessary with the material being used. For a grass rope, 
the strand should not be more than one-fourth inch 
diameter; for coarse bark or palm, not more than one- 
eighth or three-sixteenth inch; and for fine bark, hair, or 
sisal fiber, not more than one-eighth inch, 

(d) Common Errors in Ropemaking: 

-1. There is a tendency with beginners to feed 
unevenly. Thin wispy sections of strand are followed by 


BAD LAYING 


GOOD LAYING 
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Figure 17-63. Rope Laying. 
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thick portions. Such feeding degrades the quality of 
rope. Rope made from such strands will break with less 
than one-fourth of the tensile strain on the material. 

-2. Beginners are wise to twist and feed slowly. 
Speed, with uniformity of twist and thickness, comes 
with practice. 

-3. Thick strands do not help. It is useless to try 
and spin a rope from strands an inch or more in thick- 
ness. Such a rope will break with less than half the 
tensile strain on the material. Spinning “thick” strands 
does not save time in ropemaking. 

(ce) Lianas, Vines, and Canes. Lianas and ground 
vines are natural ropes, and grow in subtropical and 
tropical scrub and jungle. Many are of great strength 
and useful for braiding, tree climbing, and other pur- 
poses. The smaller ground vines, when “braided”, give 
great strength and flexibility. Canes and stalks of palms 
provide excellent material if used properly. Only the 
outer skin is tough and strong, and this skin will split off 
easily if the main stalk is bent away from the skin. This 
principle also applies to the splitting of lawyer cane 
(calamus), palm leaf stalks, and all green material. If the 
split starts to run off, bend the material away from the 
thin side, and it will gradually gain in size and come 
back to an even thickness with the other split side. 

(f) Bark Fibers: 

-1. The fibers in many barks which are suitable 
for “ropemaking” are located near the innermost layers. 
This is the bark next to the sap wood. When seeking 
suitable barks of green timber, cut a small section about 
3 inches long and | inch wide, Cut this portion from the 
wood to the outer skin of the bark. 

-2. The specimen should be peeled and the dif- 
ferent layers tested. Green bark fibers are generally diffi- 
cult to spin because of “gum” and it is better to search 
around for windfall dead branches and try the inner 
bark of these. The gum probably has leached out, and 
the fibers should separate easily. 

-3. Many shrubs have excellent bark fiber, and 
here it is advisable to cut the end of a branch and peel 
off a strip of bark for testing. Thin bark from green 
shrubs is sometimes difficult to spin into fine cord and is 
easier to use as braid for small cords. 

-4, Where it is necessary to use green bark fiber 
for rope spinning the gum will generally wash out when 
the bark is teased and soaked in water for a day or so. 
After removing from the water, the bark strips should 
be allowed to dry before shredding and teasing into 
fiber. 


(11) Braiding. One person may require a length of 
rope. If there is no help available to spin materials, it is 
necessary to find reasonably long material. With this 
material, one person can braid and make suitable rope. 
The usual three-strand braid makes a flat rope, and 
while quite good, it does not have finish or shape, nor is 
it as “tight” as the four-strand braid. On other occa- 
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Figure 17-64. Three-Strand Braid. 


sions, it may be necessary to braid broad bands for belts 
or for shoulder straps. There are many fancy braids 
which can be developed from these, but these three are 
basic, and essential for practical woodcraft work. A gen- 
eral rule for all braids is to work from the outside into 
the center. 
(a) Three Plait: 

-l. The right-hand strand is passed over the 

strand to the left. 
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Figure 17-65. Four-Strand Braid. 
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-2. The left-hand strand is passed over the 
strand to the right. 

-3. This is repeated alternately from left to 
right (figure 17-64). 

(b) Flat Four-Strand Braid: 

-1. The four strands are placed side by side. 
The rnght-hand strand is taken (figure 17-65-1) and 
placed over the strand to the left. 

-2. The outside left-hand strand (figure 
17-65-2) is laid under the next strand to itself and over 
what was the first strand. 

-3. The outside right-hand strand is laid over 
the first strand to its left (figure 17-65-3). 

-4, The outside left strand is placed under and 
over the next two strands, respectively, moving toward 
the right. 

-5, Thereafter, the right-hand strand goes over 
one strand to the left, and the left-hand strand under 
and over to the right (figure 17-65-4). 

(c) Broad Braid. Six or more strands are held flat 
and together. 

-l. A strand in the center is passed over the 
next strand to the left, as in igure 1 7-66-1. 

-2. The second strand to the left of center is 
passed toward the right and over the first strand so that 
it points toward the right (figure 17-66-2). 

-3. The strand next to the first one is taken and 
woven under and over (figure 1 7-66-3). 

-4. The next strands are woven from left and 
right alternately towards the center (figure 17-66-4 
through 6). The finished braid should be tight and close 
(figure 17-66-7). 





Figure 17-66. Broad Braid. 


-5. To finish the broad braid: 

-a. One of the center strands is laid back 
upon itself (figure 17-67-1). 

-b. Now take the first strand which it en- 
closed in being folded back, and weave this back upon 
itself (figure | 7-67-2). 

-c. Strand from the opposite side is laid back 
and woven between the strands already braided (figure 
17-67-3). 
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Figure 17-67. Finishing the Broad Braid. 


-d. All the strands should be so woven back 
that no strands show an uneven pattern, and there 
should be a regular under-over-under of the alternating 
weaves (figure | 7-67-4). 

-e. If the braid is tight, there may be a diffi- 
culty in working the loose ends between the plaited 
strands. 

-f. This can be done easily by sharpening a 
thin piece of wood to a chisel edge to open the strands 
sufficiently to allow the ends being finished to pass be- 
tween the woven strands. 

-g. It should be rolled under a bottle or other 
round object and made smooth for final finishing. 


17-7. Personal Survival Kit: 
a. Even though a survival kit may be available, air- 
crew members should consider assembling and carrying 
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personal survival kits. Survival experiences have oc- 
curred where survivors hit the ground running, and be- 
cause of shock and fear left their survival kits behind. If 
survivors have a personal survival kit in a pocket, it 
may improve their survival chances considerably. 

b. A great deal of thought should go into preparing 
personal survival kits. The potential needs of the survi- 
vors must be a consideration, such as the impact of the 
environmental elements, type of mission to be flown 
(tactical or nontactical), availability of rescue, and how 
far to friendly forces (figure 17-68). 

c. There are two basic ways to carry a personal surviv- 
al kit. One way is to pack all items into one or two 
waterproof containers. The other way is to scatter the 
items throughout personal clothing. Any type of small 
container can be used to encase the contents of the 
personal survival kit. Plastic cigarette cases, soap 
dishes, and Band-aid boxes are excellent containers. 

d. Examples of items which can be packed into a 
small container are: 

(1) Matches. 

(2) Safety pins (varied sizes). 
(3) Fishhooks. 

(4) Knife (small, multibladed). 
(5) Button compass. 

(6) Prophylactic (for water container). 
(7) Bouillon cubes. 

(8) Salt. 

(9) Snare wire. 

(10} Water purification tablets. 
(11) Signal mirror. 

(12) Needles. 

(13) Band-aids. 

(14) Aluminum Foil. 

(15) Insect repellent stick. 

(16) Chapstick. 

{17} Soap (Antiseptic). 


NOTE: All kits carried aboard the aircraft should be 
approved by the unit life support officer. 
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MINIMUM ESSENTIAL ITEMS 


High quality pocket knife with at least two 
cutting blades. 


Pocket compass. 


Match safe with matches. 
¢ Plastic or metallic container. 


* Waterproof kitchen-type matches 
(eushion heads against friction), or 


* Waterproof matches rolled in paraf- 
fin-soaked muslin in an easily opened 
container such as small soap box, 
toothbrush case, etc. 


Needles — sailmakers, surgeons, and darn- 
ing — at least one of each. 


Assorted fishhooks in heavy foil, tin, or 
plastic holders. 


Snare wire — smal! hank. 


Needle-nosed pliers with side cutters; high 
quality. 


Bar surgical soap or hand soap containing 
physohex. 


Small fire starter of pyrophoric metal (some 
plastic match cases have a strip of the 
metal anchored on the bottom outside of 
the case). 


Personal medicines. 
Water purification tablets. 
"Bandaids.” 

Insect repellent stick. 


Chapstick. 


GOOD TO HAVE ITEMS 


*Pen-gun and flares. 

*Colored cloth or scarf for signaling. 
Stick-type skin dye (for camouflage). 
Plastic water bottle. 


*Flexible saw {wire saw). 


*Sharpening stone. 
Safety pins (several sizes). 
Travel razor, 

Small steel mirror. 

6” flat bastard file. 


Aluminum foil. 


Figure 17-68. Personal Survival Kit Items. 
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ADDITIONAL SUGGESTIONS 
Toothbrush — small type. 
Surgical tape. 


Prophylacties (make good waterproof con- 
tainers or canteens}. 


*Penlight with batteries. 
Fishline. 

*Fishline monofilament. 
*Clear plastic bags. 


Emergency ration can opener (can be 
taped shut and strung on dog tag chain), 


Split shot — for fishing sinkers. 
Gill net. 

Small, high quality candles. 
INDIVIDUAL MEDICAL KIT 


Sterile gauze compress bandage. 


Antibiotic ointment (Neomycin polymycin 
bacitracin opthalmic ointment is good). 


Tincture of zephrine — skin antiseptic. 
Aspirin tablets. 
Salt tablets. 


Additional medications may be desirable, 
depending upon nature of the mission and 
an individual’s particular personal needs. 


This should be discussed with and procured 
from your local flight surgeon. 


*Especially valuable. 
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Part Six 


SUSTENANCE 


Chapter 18 


FOOD 


18-1. Introduction. Except for the water they drink and 
the oxygen they breathe, survivors must meet their body 
needs through the intake of food. This chapter will ex- 
plore the relationship of proper nutrition to physical 
and mental efficiency. It is extremely important that 
survivors maintain a proper diet at all times. A nutri- 
tionally sound body stands a much better chance of 
surviving. Improper diet over a long period of time may 
lead to a lack of stamina, slower reactions, less resis- 
tance to illness, and reduced mental alertness, all of 
which can cost survivors their lives in a survival situa- 
tion. A knowledge of the body’s nutritional require- 
ments will help survivors select foods to supplement 
their rations. 


18-2. Nutrition. Survivors and evaders expend much 
more energy in survival situations than they would in 
the course of their normal everyday jobs and life. Basal 
metabolism is the amount of energy expended by the 
body when it is in a resting state. The rate of basal 
metabolism will vary slightly with regard to the sex, age, 
weight, height, and race of a person. The basic energy 
expended, or number of calories consumed by the hour 
will change as a person’s activity level changes. A per- 
son who is simply sitting in a warm shelter, for example, 
may consume anywhere from 20 to 100 calories an 
hour, while that same person evading through thick un- 
dergrowth with a heavy pack, would expand a greater 
amount of energy. In a survival situation, proper food 
can make the difference between success and failure. 
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also aeons as they keep certain essential body pro- 
cesses in good working order. It is also necessary for 
survivors to maintain proper water and salt Jevels in 
their bodies, as they aid in preventing certain heat 
disorders. 

(1) Carbohydrates. Carbohydrates are composed of 
very simple molecules which are easily digested. Carbo- 
hydrates lose little of their energy to the process of di- 
gestion and are therefore efficient energy suppliers. Be- 
cause carbohydrates supply easily used energy, many 
nutritionists recommend that, if possible, survivors 
should try to use them for up to half of their calorie 
intake. Examples of carbohydrates are: starches, sugars, 
and cellulose. These can be found in fruits, vegetables, 
candy, milk, cereals, legumes, and baked goods. Cellu- 


lose cannot be digested by humans, but it does provide 
needed roughage for the diet. 

(2) Fats. Fats are more complex than carbohy- 
drates. The energy contained in fats is more slowly re- 
leased than the energy in carbohydrates. Because of this, 
it is a longer lasting form of energy. Fats supply certain 
fat-soluble vitamins. Sources of these fats and vitamins 
are butter, cheese, oils, nuts, egg yolks, margarine, and 
animal fats. If survivors eat fats before sleeping, they 
will sleep warmer. If fats aren’t included in the diet of 
survivors, they can become run down and irritable. This 
can lead to both physical and psychological breakdown. 

(3) Protein. The digestive process breaks protein 
down into various amino acids. These amino acids are 
formed into new body tissue protein, such as muscles. 
Some protein gives the body the exact amino acids re- 
quired to rebuild itself. These proteins are referred to as 
“complete.” Protein that lacks one or more of these 
essential amino acids is referred to as “incomplete.” 
Incomplete protein examples are cheese, milk, cereal 
grains, and legumes. Incomplete protein, when eaten in 
combination with milk and beans for example, can sup- 
ply an assortment of amino acids needed by the body. 
Some complete protein is found in fish, meat, poultry, 
and blood. No matter which type of protein is con- 
sumed, it will contain the most complex molecules of 
any food type listed. 

(a) If possible, the recommended daily allowance 
of 2'» to 3 ounces complete protein should be consumed 
by each survivor each day. If only the incomplete prote- 
in is available, two, three, or even four types of foods 
may need to be eaten in combination so that enough 
amino acids are combined to form complete protein. 

(b) If amino acids are introduced into the body in 
great numbers and some of them are not used for the 
rebuilding of muscle, they are changed into fuel or 
stored in the body as fat. Because protein contains the 
more complex molecules, over fats or carbohydrates, 
they supply energy after those forms of energy have 
been used up. A lack of protein causes_malnutrition, 
skin and hair air disorders, and muscle ¢ atrophy. 

“b. Vitamins occur in small quantities in many foods, 
and are essential for normal growth and health. Their 
chief function is to regulate the body processes. Vita- 
mins can generally be placed into two groups: fat-solu- 
ble and water-soluble. The body only stores slight 
amounts of the water-soluble type. In a long survival 
episode where a routinely balanced diet is not available, 
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‘ survivors must overcome food aversions and eat as 
much of a variety of vitamin-rich foods as possible. 
Often one or more of the four basic food groups (meat, 
fish, poultry; vegetables and fruits; grain and cereal; 
~ milk and milk products) are not available in the form of, 
_ familiar foods, and vitamin deficiencies such as berif 
beri or scurvy result. If the survivor can overcome aver- 
sions to local foods high in vitamins, these diseases as 
well as signs and symptoms such as depression and irrti- 
tability can be warded off. 

c. Adequate minerals can also be provided by a bal- 
anced diet. Minerals build and (or) repair the skeletal 
system and regulate normal body functions. Minerals 
needed by the body include iodine, calcium, iron, and 
salt, to name but a few. A lack of minerals can cause 
problems with muscle coordination, nerves, water re- 
tention, and the ability to form or maintain healthy red 
blood cells, 

d. For survivors to maintain their efficiency, the fol- 
lowing number of calories per day is recommended. 
These figures will change because of individual differ- 
ences in basal metabolism, weight, etc. During warm 
weather survivors should consume anywhere from 
3,000 to 5,000 calories per day. In cold weather the 
calorie intake should rise from 4,000 to 6,000 calories 
per day. A familiarity with the calorie and fat amounts 
in foods is important for survivors to meet their nutri- 
tional needs. For example, it would take quite a few 
mussels and dandelion greens to meet those require- 
ments. Survivors should attempt to be familiar enough 
with foods that they can select or find foods that pro- 
vide a high calorie intake (figure 18-1). 

(1) Survivors should also be familiar with the num- 
ber of calories supplied by the food in issued rations. In 
most situations, rations will have to be supplemented 
with other foods procured by survivors. If possible, sur- 
vivors should limit their activities to save energy. Ra- 
tioning food is a good idea since survivors never know 
when their ordeal will end. They should eat when they 
can, keeping in mind that they should maintain at least 
a minimum calorie intake to satisfy their basic activity 
needs. 

(2) Caloric and fat values of selected foods are 
shown in the chart, and unless otherwise specified, the 
foods listed are raw. Depending on how survivors cook 
the food, the usable food value can be increased or 
decreased. 


18-3. Food. Survivors should be able to find something 
to eat wherever they are. One of the best places to find 
food is along the seacoast, between the high and low 
. watermark. Other likely spots are the areas between the 
beach and a coral reef; the marshes, mud flats, or man- 
grove swamps where a river flows into the ocean or into 
a larger river, riverbanks, inland waterholes, shores of 
ponds and lakes, margins of forests, natural meadows, 
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[FOOD [CALORIES] FAT 


WHOLE LARGE DUCK EGG 


SMALL OR LARGE MOUTH BASS 
- 3104 02. 


CLAMS — 4 10 5 LARGE 


FRESHWATER CRAYFISH 
— 370 402. 


EEL — 3 10 5 02. 
OCTOPUS — 3 TO 4 02. 
ATLANTIC SALMON — 4 07. 


RAINBOW TROUT — 4 02. 
BANANA — ONE SMALL 
BREADFRUIT — 3 TO 4 02. 
GUAYA — ONE MEDIUM 
MANGO — ONE SMALL 
WILD DUCK — 4 07. 
BAKED OPOSSUM — 4 02. 
WILD RABBIT — 4 02. 
VENISON — 4 02. 
DANDELION GREENS 

— ONE CUP COOKED 
POTATO — MEDIUM 
PRICKLY PEAR — 4 02. 





Figure 18-1. Food and Calorie Diagram. 


protected mountain slopes, and abandoned cultivated 
fields. 

a. Rations placed in survival kits have been devel- 
oped especially to provide some of the proper suste- 
nance needed during survival emergencies. When eaten 
as directed on the package, it will keep the survivor 
relatively efficient. If enough other food can be found, 
rations should be conserved for emergency use. 

b. Consideration must be given to available food and 
water and how long the survival episode may last. Envi- 
ronmental conditions must also be considered. If a sur- 
vivor is in a cold environment, more of the proper food 
will be required to provide necessary body heat. Rescue 
may vary from a few hours to several months, depend- 
ing on the environment, operational commitments, and 
availability of rescue resources in that area. Available 
food must be rationed based on the estimated time 
which will elapse before being able to supplement issued 
rations with natural foods. If it is decided that some of 
the survivors should go for help, each traveler should be 
given twice as much food as those remaining behind. In 
this way, the survivors resting at the encampment and 
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those walking out will stay in about the same physical 
condition for about the same length of time. 

c. If available water is less than a quart a day, avoid 
dry, starchy, and highly seasoned foods and meat. Keep 
in mind that eating increases thirst. For water conserva- 
lion, the best foods to eat are ged with high carbohy- 
requires additional food and — When work is being 
performed, the survivor must increase food and water 
consumption to maintain physical efficiency. If food is 
available, it is alright to nibble throughout the day. It is 
preferable though to have at least two meals a day, with 
one being hot. Cooking usually makes food safer, more 
digestible, and palatable. The time spent cooking will 
provide a good rest period. On the other hand, some 
food such as sapodilla, star apple, and soursop, are not 
palatable unless eaten raw. 

d. Native foods may be more appetizing if they are 
eaten by themselves. Rations and native foods usually 
do not mix well. In many countries, vegetables are often 
contaminated by human feces which the natives use as 
fertilizer. Dysentary is transmitted in this way. If possi- 
ble, survivors should try to select and prepare their own 
meals. If necessary to avoid offending the natives, indi- 
cate that religious beliefs or taboos require self-prepara- 
tion of food. 

e. Learn to overcome food prejudices. Foods that may 
not look good to the survivor are often a part of the 
natives regular diet. Wild foods are high in mineral and 
vitamin content. With a few exceptions, all animals are 
edible when freshly killed. Avoid strange looking fish 
and fish with flesh that remains indented when de- 
pressed as it is probably becoming spoiled and should 
not be eaten. With knowledge and the ability to over- 
come food prejudices, a survivor can eat and sustain life 
in strange or hostile environment. 


18-4. Animal Food. Animal food gives the most food 
value per pound. Anything that creeps, crawls, swims, 
or flies is a possible source of food. People eat grasshop- 
pers, hairless caterpillars, wood-boring bettle larvae and 
pupae, ant eggs, spider bodies, and termites. Such in- 
sects are high in fat and should be cooked until dried. 
Everyone has probably eaten insects contained in flour, 
cornmeal, rice, beans, fruits, and greens in their daily 
foods. 

a. Man as a Predator. To become successful in bunt- 
ing, the hunter must go through a behavioral change 
and reorganize personal priorities. This means the one 
and only goal for the present is to kill an animal to eat. 
To kill this animal, the hunter must mentally become a 
predator. The hunter must be prepared to undergo 
stress in order to hunt down and kill an animal. Because 
of the type of weapons survivors are likely to have, it 
will be necessary to get very close to the animal to 
immobilize or kill it. This is going to require all the 
stealth and cunning survivors can muster. In addition to 
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stealth and cunning, knowledge of the animal being 
hunted is very important. If in an unfamiliar area, sur- 
vivors may learn much about the animal life of the area 
by studying signs such as trails, droppings, and bedding 
areas. 

b. Animal Sign. The survivor should establish the 
general characteristics of the animals. The size of the 
tracks will give a good idea of the size of the animal. 
The depth of the tracks will indicate the weight of the 
animal. The animal dung can tell the hunter much. For 
example, if it is still warm or slimy, it was made very 
recently; if there is a large amount scattered around the 
area, it could well be a feeding or bedding area. The 
droppings may indicate what the animal feeds upon. 
Carnivores often have hair and bone in the dung; herbi- 
vores have coarse portions of the plants they have eaten. 
Many animals mark their territory by urinating or 
scraping areas on the ground or trees. These signs could 
indicate good trap or ambush sites. Following the signs 
(tracks, droppings, etc.) may reveal the feeding, water- 
ing, and resting areas. Well worn trails will often lead to 
the animal’s watering place. Having made a careful 
study of all the signs of the animal, the hunter is in a 
much better position to procure it, whether electing to 
stalk, trap, or snare it, or lie in wait to shoot it. 

¢. Hunting. If survivors elect to hunt, there are some 
basic techniques which will be helpful and improve 
chances of success. Wild animals rely entirely upon 
their senses for their preservation. These senses are 
smell, vision, and hearing. Humans have lost the keen- 
ness of some of their senses like smelling, hearing, etc. 
To overcome this disadvantage, they have the ability to 
reason. As an example, some animals have a fantastic 
sense of smell, but this can be overcome by approaching 
the quarry from a downwind direction. The best times 
to hunt are at dawn and dusk as animals are either 
leaving or returning to their bedding areas. Both diurnal 
and nocturnal animals are active at this time. There are 
five basic methods of hunting: 

(1) Still or Stand. This is the best method for inex- 
perienced hunters as it involves less skill. The main 
principle of this method is to wait in ambush along a 
well-used game trail, until the quarry approaches within 
killing range. Morning and evening are usually the best 
times to still hunt. Care should be taken not to disturb 
the area; always wait downwind. Patience and self-con- 
trol are necessary 10 remain motionless for long periods 
of time. 

(2) Stalking. “Stalking” refers to the stealthily ap- 
proach toward game. This method is normally used 
when an animal has been sighted and the hunter then 
proceeds to close the distance using all available cover. 
Stalking must be done slowly so that minimum noise is 
made; quick movement is easily detected by the animal. 
Always approach from the downwind side and move 
when the animal’s head is down eating, drinking, or 
looking in another direction. The same techniques are 
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used in blind stalking as in the regular stalk, the main 
difference being that the hunter is stalking a position 
where the animal is expected to be while the animal ts 
not in sight. 

(3) Tracking. Tracking is very difficult unless condi- 
tions are ideal. This method involves reading all of the 
signs left behind by the animal, interpreting what the 
animal is doing, and how it can best be killed. The most 
common signs are trails, beds, urine, droppings, blood, 
tracks, and feeding signs. 

(4) Driving. Some wild animals can be scared or 
driven in a direction where other hunters or traps have 
been set. This method is normally used where the game 
can be funneled; a valley or canyon is a good place to 
make a drive. More than one person is usually necessary 
to make a drive. 

(5) Cailing. Small predators may be called in by 
imitating an injured animal. Ducks and geese can be 
attracted by imitating their feeding calls. These noises 
can be made by sucking on the hand, blowing on a blade 
of grass or paper, sucking the lip, or using specially 
designed devices. Survivors should not call animals un- 
less they know what they are doing as strange noises 
may “spook” the animal. 
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Figure 18-2. Shooting Game. 
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d. Killing Implements. It is difficult to kill animals of 
any size without using some type of tool or weapon. As 
our technology has increased in complexity, so have our 
killing tools. If a firearm is available, a basic knowledge 
of shooting and hunting techniques is necessary. 

(1) Learning to become proficient with primitive 
weapons is important. Many primitive tribes of the 
world are still effectively using spears, clubs, bows and 
arrows, sling shots, etc., to provide food for their fami- 
lies. One of the limiting factors in the use of firearms is 
the amount of ammunition on hand. Therefore, a survi- 
vor cannot afford to waste ammunition on moving 
game or game which is beyond the effective range of the 
firearm being used. Wait for a pause in the animal's 
motions. The shot must be placed in a vital area with 
any firearm. Aim for the brain, spine, lungs, or heart 
(figure | 8-2). A hit in these areas is usually fatal. 

{2) A full-jacketed bullet often won’t immediately 
down a larger animal hit in a vital area such as the lungs 
or heart. The alternative to losing the animal is tracking 
it to where it falls. Often it’s better to wait awhile before 
pursuing the animal. If not pursued, it may lay down 
and stiffen or perhaps bleed to death. Follow the blood 
trail to where the game has gone down and kill it if it is 
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still alive. Even though ammunition might be limited, 
small game may be more productive than large game. 
Although they present smaller targets and have less 
meat, they are less wary, more numerous, and travel less 
distance to escape if wounded. A large amount of edible 
meat on small game can be destroyed from a bullet 
wound. On rodents, most of the meat is on the hind- 
quarters and frontquarters; birds, it is the breast and 
legs. The survivor should try to hit a vital spot that 
spoils the least meat. 

(3) Night hunting is usually best, since most ani- 
mais move at night. A flashlight or torch may be used to 
shine in the animal’s eyes. It will be partly blinded by 
the light and a survivor can get much closer than in the 
daytime. If no gun is available, the animal can be killed 
with a club or a sharpened stick used as a spear. 

(4) Remember that large animals, when wounded, 
cornered, or with their young, can be dangerous. Be sure 
the animal is dead, not just wounded, unconscious, or 
playing “possum.” Animals usually die with their eyes 
open and glazed-over. Poke all “dead” animals in the 
eye with a long sharp stick before approaching them. 

(5) Small freshwater turtles can often be found sun- 
ning themselves along rivers and lakeshores. If they 
dash into shallow water, they can still be procured with 
nets, clubs etc; watch out for mouth and claws. Frogs 
and snakes also sun and feed along streams. Use both 
hands to catch a frog—one to attract it and keep it busy 
while grabbing it with the other. Bright cloth on a fish- 
hook also works. All snakes are good eating and can be 
killed with a long stick. Both marine and dry-land liz- 
ards are edible. A noose, small fishhook baited with a 
bright cloth lure, slingshot, or club can be used. A sling- 
shot can be made with a forked stick and the elastic 
from the parachute pack or surgical tubing found in 
some survival kits (figure 18-3), With practice, the sling- 
shot can be very effective for killing small animals. 

e. Snaring and Trapping. Snaring and trapping ani- 
mals are ways survivors can procure animal food to 
supplement issued rations. Since small animals are usu- 
ally more abundant than large animals, they will proba- 
bly be the survivor’s main source of food. Snares should 
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Figure 18-3. Slingshot. 
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be set out on a 15:1 ratio; 15 snares should be set out for 
every one animal expected to be caught. 

{1) Using traps and snares are more advantageous 
then going out on foot and physically hunting the 
animal. The most important advantage being that traps 
work 24 hours a day with no assistance from the hunter. 
A large area can be effectively strapped with the possi- 
bility of catching many animals within the same period 
of time. Survivors (generally) use much less energy 
maintaining a trapline than is used by hunting. This 
means less food is required because less energy is 
expended. 

(2) The traps or snares should be set in areas where 
the game is known to live or travel. Look for signs such 
as tracks, droppings, feeding signs, or actual sightings of 
the animal. If snares are used, they should be set up to 
catch the animal around the neck. Therefore, the loop 
must allow the head to pass through but not the body. 
Loops will vary in size from one animal to another. 
When placing snares, try to find a narrow area of the 
game trail where the animal has no choice but to enter 
the loop. If a narrow area cannot be found, brush or 
other obstacles can be arranged to funnel the animal 
into the snare (figure 18-4). Do not overdo the funnel- 
ing; use as little as possible. Avoid disturbing the natu- 
ral surroundings if possible. Do not walk on game 
trails, but approach 90 degrees to the trail, set the snare, 
and back away. Snares may also be set over holes or 
burrows. All snares and traps should be set during the 
midday because most animals are nocturnal in nature. 
Check snares and traps twice daily. If possible, check 
after sunup and before sunset. The checks should be 
made from a distance so any animals moving at the 
time of checking will not be disturbed or frightened 
away. 
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Figure 18-4, Funneling. 
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Figure 18-6. Apache Foot Snare. 
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(3) There are three ways to immobilize or trap 
animals. 

(a} Strangle. This is done by simply using a free- 
sliding noose which, when tightened around the neck, 
will restrict circulation of air and blood. The materials 
should be strong enough to hold the animal; for exam- 
ple, suspension line, string, wire, cable, or rawhide. 

(b) Mangle. Mangle traps use a weight which is 
suspended over the animal’s trail or over bait. When the 
animal trips the trigger, the weight (log) will descend 
and mangle the animal (figure 18-5). 

(c) Hold. Any means of impeding the animal and 
detaining its progress would be considered a hold-type 
trap. 

(4) The apache foot snare is an example of a hold- 
type trap. It is used for large browsers and grazers like 
deer (figure 18-6). It should be located along game trails 
where an obstruction, such as a log, blocks the trail. 
When animals jump over this obstruction, a very shal- 
low depression is formed where their hooves land. The 
apache foot snare should be placed at this depression. 
The box trap for birds is another example of hold-type 
traps (figure 18-7). 
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will bring performance enhancement which will trigger a complete revolution in almost all spheres 
of human life creating a new “everything connected” era. Future 5G networks in such an era will 
face a serious problem regarding a huge number of different service types [220]. To meet the diverse 
requirements for a huge number of IoT applications, 5G introduces the concept of network slicing to 
offer programmable network instances [220]. Using network slicing, multiple independent and 
dedicated network instances can be created within the same infrastructure to run services that 
have completely different requirements for latency, reliability, throughput, and mobility [220]. This 
technology primarily targets a portion of the 5G core network, but also indicates that 5G radio access 
network (RAN) functionalities can be different for each network slice [221]. To deploy network 
slices, network functions need to be enabled on an on-demand basis, which has driven the use of 
virtualization and softwarization in 5G core network [221]. Network function virtualization (NFV) is a 
paradigm that enables that 5G network functions to run in a virtual environment instead of dedicated 
hardware [221]. The software define networking (SDN) paradigm facilitates isolation of network 
slices avoiding the traffic of one slice affecting the performance of another slice [221]. These two 
paradigms make the network much more dynamic, agile, on-demand, and flexible [222,223]. Since the 
aforementioned technologies are used to deal with a variety of 5G applications, they will not be further 
discussed. This paper will focus on technologies used to meet performance requirements for specific 
applications (inter slice performance) which are implemented in the radio access part of 5G networks. 

These technologies are briefly described and discussed in terms of their advantages, disadvantages, 
and research gaps. Given the fact that the realization of particular technology affects multiple 
performance requirements, tiny steps towards its implementation will allow telcos to deploy 5G 
networks, and thereby provide a performance improvement in terms of more capacity, lower latency, 
more mobility, more position accuracy, increased reliability, and availability [6,214,224]. In other words, 
5G networks will accommodate many more users and devices while delivering more data [113,114] to 
each user requiring high data rates [108] in a more energy-efficient way [115,116]. 

Table 5 summarizes considered radio technologies used to implement future 5G networks being 
capable of achieving performance requirements identified in Section 4. On the basis of the literature 
review, one may conclude that the 5G radio access network is crowded with multiple technologies, 
and there seems to be a duplication of technologies, all eager to grab telco’s attention and convince 
them to buy into the particular choice. As Table 5 shows, multiple technologies and techniques can 
be used to meet each performance requirement. Since the mMTC activity-based IoT classes are more 
mature, we have primarily focused on technologies used to fulfil their high performance requirements 
(i.e., connection density, positioning, and coverage). We have selected 5G enabling technologies 
considered from telco’s perspective as the most representative and promising candidates to meet these 
requirements. The implementation of these technologies will also significantly affect the fulfillment of 
uMTC service class requirements, which will lead to complete automation in all spheres of human life. 
Therefore, the following subsections will discuss these technologies in more detail with the final goal 
of identifying research gaps and providing recommendations for future work, which are summarized 
in Table 6. 
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Figure 18-7. Box Trap. 
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(5) The simple loop is the quickest snare to con- 
struct. All snares and traps should be simple in con- 
struction with as few moving parts as possible. This 
loop can be constructed from any type of bare wire, 
suspension line, inner core, vines, long strips of green 
bark, clothing strips or belt, and any other material that 
will not break under the strain of holding the animal. If 
wire is being used for snares, a figure “8” or locking loop 
should be used (figure 18-8). Once tightened around the 
animal, the wire is locked into place by the figure “8” 
which prevents the loop from opening again. A simple 
loop snare is generally placed in the opening of a den, 
with the end of the snare anchored to a stake or similar 
object (figure 18-8). The simple loop snare can also be 
used when making a squirrel pole (figure 18-9) or with 
some types of trigger devices. 
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Figure 18-9. Squirrel Pole. 


f. Triggers. Triggers may be used with traps. The 
purpose of the trigger is to set the device in motion, 
which will eventually strangle, mangle, or hold the 
animal. There are many triggers. Some of the more 
common ones are: 

(1) Two-pin toggle with a counterweight for small 
to medium animals which are lifted out of the reach of 
predators (figure 18-10). 

(2) Figure “H” with wire snare for small mammals 
and rodents (figure 18-11). 

(3) Canadian ace for predators such as bobcat, co- 
yote, etc., (figure 18-12). 

(4) Three-pin toggle with deadfall for medium to 
large animals (figure 18-13). Medium and large animals 
can be captured using deadfalls, but this type of trap is 
recommended only when big game exists in large quan- 
lities to justify the great expense of time and effort spent 
in constructing the trap. 
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Figure 18-10. Two-Pin Toggle. 


(5) The twitch-up snare which incorporates the sim- 
ple loop, can be used to catch small animals (figure 
18-14). When the animal is caught, the sapling jerks it 
up into the air and keeps the carcass out of the reach of 
predators. This type of snare will not work well in cold 
climates, since the bent sapling will freeze in position 
and not spring up when released. 

(6) A long forked stick can be used as a twist stick 
to procure ground squirrels, rabbits, etc. A den that has 
signs of activity must be located. Using the long forked 
stick, the survivor probes the hole with the forked end 
until something soft is felt then twisting the stick will 
entangle the animal’s hide in the stick and the animal 
can be extracted (figure 18-18). 





Figure 18-11. Figure H. 
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Figure 18-12. Canadian Ace. 


g. Birds. Birds can be caught with a gill net. The net 
should be set up at night vertically to the ground in 
some natural flyway, such as an opening in dense foli- 
age. A small gill net on a wooden frame with a disjoint- 
ed stick for a trigger can also be used. A gill net can be 
made by using inner core from parachute suspension 
line (figure 18-20). 

(t} Birds can be caught on baited fishhooks (figure 
18-15) or simple slipping loop snares. Bird’s nest can be 
a source of food. All bird eggs are edible when fresh. 
Large wading birds such as cranes and herons often nest 
in mangrove swamps or in high trees near water. 

(2) During molting season, birds cannot fly because 
of the loss of their “flight” feathers; they can be pro- 
cured by clubbing or netting. 
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Figure 18-13. Three-Pin Toggle. 
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Figure 18-14. Twitch Up. 


(3) Birds can be also caught in an Ojibway snare. 
This snare is made by cutting a 1- or 2-inch thick sap- 
ling at a height of 4% to 5 feet above the ground (figure 
18-16). A springy branch is then whittled flat at the butt 
end and a rectangular hole is cut through the flattened 
end, One end of a 42-inch thick stick, 15 inches long, is 
then whittled to fit slightly loose in the hole and the top 
corner of the whittled end is rounded off so the stick will 
easily drop away from the hole. The branch is then tied 
by its butt end to the top of the sapling. A length of 
inner core from suspension line is tied to the bottom 
end of the branch and the branch is bent into a bow 
with the line passing through the hole in the butt end. A 
knot is tied in the line and the 15-inch stick is then 
placed in the hole to lock the line in place (just behind 
the knot). An 8-inch loop is made at the end of the line 





Figure 18-15. Baited Fishhook. 


227 


Figure 18-16. Ojibwa Bird Snare. 


and laid out on the 15-inch stick (spread out as well as 
possible). A piece of bait is placed on top of the sapling, 
and when a bird comes to settle on the 15-inch stick, the 
stick drops from the hole causing the loop to tighten 
around the bird’s legs. 

(4) When many birds frequent a particular type of 
bush, some simple loop snares may be set up throughout 
the bush. Make the snares as large as necessary for the 
particular type of birds that come to perch, feed, or 
roost there {figure 18-17). 

(5) In wild, wooded areas, many larger species of 
birds such as spruce grouse and ptarmigan may be ap- 
proached. The spruce grouse, which has merited the 
name of “fools hen,” can be approached and killed with 
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Figure 18-17. Ptarmigan or Small Game Snare. 
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Figure t8-18. Twist Stick and Noose Stick. 


a stick with little trouble. It often sits on the lower 
branches of trees and can be easily caught with a long 
stick with a loop at the end (figure 18-18). 

(6) Ground feeding birds (Quail, Hungarian Par- 
tridge, Chukar) can be trapped in a trench dug into the 
ground. The trench should be just wide enough for the 
bird to walk into, so survivors must first observe the 





Figure 18-19. Ants. 
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type of ground feeding birds in the area. The trench 
should be 2 to 3 feet long and about 10 to 12 inches 
deep at the deep end. The other end of the trench 
should be ramped down from the surface level. Bait is 
scattered along the surface into the pit, and after having 
pecked the last piece of bait the bird wil! not be able to 
get out of the pit because it can’t fly out or climb out, its 
feathers keep it from backing out, and it can’t turn 
around to walk out. 

(7) Perching birds may be captured by using bird 
lime. Bird lime is a term applied to any sticky or gluey 
substance which is rubbed on a branch to prevent the 
flight of a bird which has landed on it or has flapped a 
wing against it. Bird lime is usually made from the sap 
of plants in the Euphorbia family. The common names 
of some of these plants are spotted spurge, cypress 
spurge, snow-on-the-mountain, and poinsettias. The Eu- 
phorbias have a wide range in North and Central 
America. The milky sap is poisonous and may cause 
blisters on the skin and should be handled with care. 
Bird lime is most effective in the desert and jungle, but 
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it will not work in cold weather. Dust will make bird 
lime ineffective, so it should be used in spots where dust 
is not prevalent. The sap of the breadfruit tree makes 
excellent bird lime as it swells and become glutinous 
upon contact with air. 

h. Insects. If there ever is a time when food aversions 
must be overcome, it is when survivors turn to insects 
as a food source. 

(1) Primitive peoples eat insects and consider them 
great delicacies. When food is limited and insects are 
available, they can become a valuable food source. In 
some places, locusts and grasshoppers, cicadas, and 
crickets are eaten regularly; occasionally termites, ants, 
and a few species of stonefly larvae are consumed. Big 
beetles such as the Goliath Beetle of Africa, the Giant 
Water Beetles, and the big Long Horns are relished the 
world over. Clusters, like those of the Snipefly Atherix 
(that overhang the water), and the windrows of Brinefly 
puparia are eaten, Aquatic water bugs of Mexico are 
grown especially for food. All stages of growth can be 
eaten, including the eggs but, the large insects must be 
cooked to kill internal parasites. 

(2) Termites and white ants are also an important 
food source. Strangely enough, these are closely related 
to cockroaches. The reason they are eaten so extensively 
in Africa is the fact that they occur in enormous num- 
bers and are easily collected both from their nests and 
during flight. They are sometimes attracted to light in 
unbelievable numbers and the natives become greatly 
excited when the large species appear. 

(3) Many American Indian tribes made a habit of 
eating the large carpenter ants that are sometimes pests 
in houses. These were eaten both raw and cooked. Even 
today the practice of eating them has not entirely disap- 
peared, although they do not form an essential part of 
the diet of any of the inhabitants of this country (figure 
18-19). 

(4) {1 is not at all unnatural that the American Indi- 
ans should have relished the honey ants in all parts of 
the continent where they occur. These ants are peculiar 
in that some of the workers become veritable store- 
houses for honey, their abdomens becoming more or 
less spherical and so greatly enlarged that they are 
scarcely able to move. They cluster on the ceilings and 
walls of their nests and disgorge part of their stored food 
to other inhabitants. The Indians discovered the sweet- 
ness stored in these insects and made full use of it. At 
first they ate the ants alive, later gathering them in 
quantity and crushing them so that they formed an en- 
ticing dish—one which was considered a delicacy and 
served 10 guests of distinction as a special favor. The 
next step in the use of the honey ant was the extraction 
of the pure honey by crushing the insects and straining 
the juices. After the honey was extracted, it was allowed 
to ferment, forming what is said to be a highly flavored 
wine. 

(5) Indians of the American tropics, with a much 
larger ant fauna from which to choose, select the queens 
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of the famous leafcutting or so-called umbrella ants up- 
on which to feed, eating only the abdomens, either raw 
or cooked. 

(6) It is natural that caterpillers, the larvae of moths 
and butterflies, should form a very substantial part of 
the food of primitive peoples because these are often of 
large size or occur in great abundance. In Africa, many 
tribes consider caterpillers choice morsels of food, and 
much time is spent in collecting them. Some of the 
native tribes recognize 20 or more different kinds of 
caterpillars that are edible, and are sufficiently well ac- 
quainted with the life history of the insects to know the 
plants upon which they feed and the time of year when 
they have reached the proper stage of development for 
collecting. Caterpillars with hairs should be avoided. If 
eaten, the hairs may become lodged in the throat caus- 
ing irritation or infection. Today it is known that insects 
have nutritional or medicinal value. The praying 
mantis, for example, contains 58 percent protein, 12 
percent fat, 3 percent ash, vitamin B complex, and vita- 
min A. The insect’s outer skeleton is an interesting com- 
pound of sugar and amino acids. 

(7) Bee larvae were eaten by the ancient Chinese. 
Some Chinese today eat locusts, dragonflies, and bum- 
blebees. Cockroaches and locusts are a favorite dish in 
Szechuan. In Kwangtun, grasshoppers, golden June 
beetles, crickets, wasp larvae, and silkworm larvae are 
used for food. 

(8) Stinging insects should have their stinging ap- 
paratus removed before they are eaten. 

(9) As can be seen, insects have been used as a food 
source for thousands of years and will undoubtedly con- 
tinue to be used. If survivors cannot overcome their 
aversion to insects as a food source, they will miss out 
on a valuable and plentiful supply of food. 


i. Fishing. Fishing is one way to get food throughout 
the year wherever water is found. There are many ways 
to catch fish which include hook and line, gill nets, 
poisons, traps, and spearing. 

(1} If an emergency fishing kit is available, there 
will be a hook and line in it, but if'a kit is not available a 
hook and line will have to be procured elsewhere or 
improvised. Hooks can be made from wire or carved 
from bone or wood. The line can be made by unraveling 
parachute suspension line or by twisting threads from 
clothing or plant fibers. A piece of wire between the 
fishing line and the hook will help prevent the fish from 
biting through the line. Insects, smaller fish, shellfish, 
worms, or meat can be used as bait. Bait can be selected 
by observing what the fish are eating. Artificial lures can 
be made from pieces of brightly colored cloth, feathers, 
or bits of bright metal or foil tied to a hook. If the fish 
will not take the bait, try to snag or hook them in any 
part of the body as they swim by. In freshwater, the 
deepest water is usually the best place to fish. In shallow 
streams, the best places are pools below falls, at the foot 
of rapids, or behind rocks. The best time to fish is usual- 


OVERHANGING BRUSH 
UNDERCUT 

POOL FROM BACKWASH 
FEEDER STREAM 
BEHIND ROCKS 

FALLEN TREE 


Figure 18-20. Fishing Places. 


ly early morning or late evening (figure 18-20). Some- 
times fishing is best at night, especially in moonlight or 
if a light is available to attract the fish. The survivor 
should be patient and fish at different depths in all kinds 
of water. Fishing at different times of the day and 
changing bait often is rewarding. 

(2) The most effective fishing method is a net be- 
cause it will catch fish without having to be attended 
(figures 18-21 and 18-22). Ifa gill net is used, stones can 
be used for anchors and wood for floats. The net should 
be set at a slight angle to the current to clear itself of any 
floating refuse that comes down the stream. The net 
should be checked at least twice daily (figure 18-23). A 
net with poles attached to each end works effectively if 
moved up or down a stream as rapidly as possible while 
moving stones and threshing the bottom or edges of the 
streambanks. The net should be checked every few mo- 
ments so the fish cannot escape. 

(3) Shrimp (prawns) live on or near the sea bottom 
and may be scraped up. They may be lured to the sur- 
face with light at night. A hand net made from para- 
chute cloth or other material is excellent for catching 
shrimp. Lobsters are creeping crustaceans found on or 
near the sea bottom. A lobster trap, jig, baited hook, or 
dip net can be used to catch lobster. Crabs will creep, 
climb, and burrow and are easily caught in shallow 


AFR 64-4 = Vol! 15 July 1985 


! 


fot 7 | 
weed RL 4 
bd) dh 


J 
nd 

" / 
Ree AL; 





water with a dip net or in traps baited with fish heads or 
animal viscera. 

(4) Fishtraps (figure 18-24) are very useful for 
catching both freshwater and saltwater fish, especially 
those that move in schools. In lakes or large streams, 
fish tend to approach the banks and shallows in the 
morning and evening. Sea fish, traveling in large 
schools, regularly approach the shore with the incoming 
tide, often moving parallel to the shore guided by ob- 
struction in the water. 

(a) A fishtrap is basically an enclosure with a 
blind opening where two fence-like walls extend out, 
like a funnel, from the entrance. The time and effort put 
into building a fishtrap should depend on the need for 
food and the length of time survivors plan to stay in one 
spot. 

(b) The trap location should be selected at high 
tide and the trap built at low tide. One to 2 hours of 
work should do the job. Consider the location, and try 
to adapt natural features to reduce the labors. Natural 
rock pools should be used on rock shores. Natural pools 
on the surface of reefs should be used on coral islands 
by blocking the opening as the tide recedes. Sandbars, 
and the ditches they enclose, can be used on sandy 
shores. The best fishing off sandy beaches is the lee side 
of offshore sandbars. By watching the swimming habits 


AFR 64-4 ~—s- Voi | 15 July 1985 

of fish, a simple dam can be built which extends out into 
the water forming an angle with the shore. This will trap 
fish as they swim in their natural path. When planning a 
more complex brush dam, select protected bays or inlets 
using the narrowest area and extending one arm almost 
to the shore. 

(c} In small, shallow streams, the fishtraps can be 
made with stakes or brush set into the stream bottom or 
weighted down with stones so that the stream is blocked 
except for a small narrow opening into a stone or brush 
pen or shallow water. Wade into the stream, herding the 
fish into the trap, and catch or club them when they get 
in shallow water. Mud-bottom streams can be trampled 
until cloudy and then netted. The fish are blinded and 
cannot avoid the nets. Freshwater crawfish and snails 
can be found under rocks, logs, overhanging bushes, or 
in mud bottoms. 

(5) Fish may be confined in properly built enclo- 
sures and kept for days. In many cases, it may be advan- 
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1. Suspend a suspension line casing (from which the core 
liners have been pulled} between two uprights, approximately 
at eye level. 

2. Hang core liners (an even number) from the line 
suspended as in 1, above. These lines should be attached with 
a Prusik knot or girth hitch and spaced in accordance with the 
mesh you desire. One-inch spacing will result in a 1-inch mesh, 
etc, The number of lines used will be in accord with the width 
of the net desired. If more than one man is going te work on 
the net, the length of the net should be stretched between the 
uprights, thus providing room for more than one man to work. 
If only one man is to make up the net, the depth of the net 
should be stretched between the uprights and step 8, below, 
followed. 

3. Start ot left or right. Skip the first line and tie the second 
and third lines together with an overhand knot. Space 
according to mesh desired. Then tie fourth and fifth, sixth and 





Figure 18-21. Making a Gill Net. 
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tageous to keep them alive until needed and thus ensure 
there is a fresh supply without danger of spoilage. Man- 
grove swamps are often good fishing grounds. At low 
tide, clusters of oysters and mussles are exposed on the 
mangrove “knees” or lower branches. Clams can be 
found in the mud at the base of trees. Crabs are very 
active among branches or roots and in the mud. Fish 
can be caught at high tide. Snails are found on mud and 
clinging to roots. Shellfish which are not covered at high 
tide or those from a colony containing diseased mem- 
bers should not be eaten. Some indications of diseased 
shellfish are shells gaping open at low tide, foul odor, 
and (or) milky juice. 

(6) Throughout the warm regions of the world, 
there are various plants which the natives use for 
poisoning fish. The active poison in these plants is 
harmful only to cold-blooded animals. Survivors can eat 
fish killed by this poison without ill effects. 

(a) In Southeast Asia, the derris plant is widely 
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CORE LINERS PULLED 
FROM THE INSIDE OF 
THE SUSPENSION LINES 


seventh, etc. One line will remain at the end. 

4. On the second row, tie the first and second, third and 
fourth, fifth and sixth, etc., to the end. 

5. Third row, skip the first line and repeat step 3 above. 

6. Repeat step 4, and so on. 

7. You may want to use a guide line which can be moved 
down for each row of knots to ensure equal mesh, Guide line 


should run across the net on the side opposite the one you are 
working from so that it will be out of your way. 


8. When you have stretched the depth between the 
uprights and get close to ground level, move the net up by 
rolling it on a stick and continue until the net is the desired 
length, 


9. String suspension line casing along the sides when net is 
completed to strengthen it and make the net easier to set. 
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Figure 18-22. Making a Gill Net With Shuttle and Spacer. 
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used as a source of fish poison. The derris plant, a large 
woody vine, is also used to produce a commercial fish 
poison called rotenone. Commercial rotenone can be 
used in the same manner as crushed derris roots; it 
causes respiratory failure in fish, but has no ill effects on 
humans. However, rotenone has no effect if dusted over 
the surface of a pond. It should be mixed to a malted- 
milk consistency with a little water, and then distribut- 
ed in the water. If the concentration is strong, it takes 
effect within 2 minutes in warm water, or it may take an 
hour in colder water. Fish sick enough to turn over on 
their backs will eventually die. An ounce of 12 percent 
rotenone can kill every fish for a half mile down a slow- 
moving stream that is about 25 feet wide. A few facts to 
remember about the use of rotenone are: 

-1. It is very swift acting in warm water at 70°F 
and above. 

-2. It works more slowly in cold water and is 
not practical in water below 55°F. 

-3. It is best applied in small ponds, streams, or 
tidal pools. 

-4. Excess usage will be wasted. However, too 
little will not be effective. 

(b) A small container of 12 percent rotenone 

(one-half ounce) is a valuable addition to any emergen- 
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NOTE: Can substitute a sack made 
of perforated parachute gores. 
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Figure 18-24, Maze-type Fishtraps. 
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Figure 18-25. Barringtonia Plant for Poisoning Fish. 


cy kit. Do not expose it unnecessarily to air or light; it 
retains its toxicity best if kept in a dark-colored vial. 
Lime thrown in a smal pond or tidal pool will kill fish 
in the pool. Lime can be obtained by burning coral and 
seashells. 

(c) The most common method of using fish- 
poison plants is to crush the plant parts (most often the 
roots) and mix them with water. Drop large quantities 
of the crushed plant into pools or the headwaters of 
small streams containing fish. Within a short time, the 
fish will rise in a helpless state to the surface. After 
putting in the poison, follow slowly down stream and 
pick up the fish as they come to the surface, sink to the 
bottom, or swim crazily to the bank. A stick dam or 
obstruction will aid in collecting fish as they float down- 
stream. The husk of “green” black walnuts can be 
crushed and sprinkled into small sluggish streams and 
pools to act as a fish stupefying agent. In the southwest 
Pacific, the seeds and bark from the barringtonia tree 
(figure 18-25} are commonly used as a source of fish 
poison. The barringtonia tree usually grows along the 
seashore. 

(7) Tickling can be effective in small streams with 
undercut banks or in shallow ponds left by receding 
flood waters. Place hands in the water and reach under 
the bank slowly, keeping the hands close to the bottom 
if possible. Move the fingers slightly until they make 
contact with a fish. Then work hands gently along its 
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belly until reaching its gills. Grasp the fish firmly just 
behind the gills and scoop it onto land. In the tropics, 
this type of fishing can be dangerous due to hazardous 
marine life in the water such as piranhas, eels, and 
snakes. 


18-5. Plant Food. The thought of having a diet consist- 
ing only of plant food is often distressing to stranded 
aircrew members, This is not the case if the survival 
episode is entered into with the confidence and intelli- 
gence based on knowledge or experience. If the survi- 
vors know what to look for, can identify it, and know 
how to prepare it properly for eating, there is no reason 
why they can’t find sustenance. In many isolated re- 
gions, survivors who have had some previous training 
in plant identification can enjoy wild plant food. 

a. Plants provide carbohydrates, which provide body 
energy and calories. Carbohydrates keep weight and en- 
ergy up, and include important starches and sugars. 

b. A documented and authoritative example of the 
value of a strictly plant diet in survival can be cited in 
the case of a Chinese botanist who had been drafted 
into the Japanese Army during World War II. Isolated 
with his company in a remote section of the Philippines, 
the Chinese botanist kept 60 of his fellow soldiers alive 
for 16 months by finding wild plants and preparing 
them properly. He selected six men to assist him, and 
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Symmetry 2017, 9,213 
Table 5. IoT in 5G enabling radio technologies. 
IoT in 5G Service Requirements 
Enabling Technologies ane Connection apie ee Energy Spectrum 
Data Rate Mobility Latency Density Reliability Positioning Coverage Efficiency Efficiency 
mmWave Band 
Communication and [7,202,225-227] [202] [233] [5] [202] [7,29,214] 
large-scale antenna 
Wide and flexible : 
bandwidth technology _H*terogeneous Mult-RAT. is 917 998-959) [5] 
tegration 
Cognitive Radio and [5] 
Spectrum Sharing 
Advanced modulation and Advanced Modulation [52,234—236] [237,238] [239] [237,239] [237] 
coding Advanced Channel Coding [235] [235] [216] 
. In-band FD [124] [5] [7,29,214] 
Duplexing 
Dynamic TDD [240] [240] [9] 
Multiple access and Multiple access [216] [218] [7,9,29,216,256,257] 
waveform New waveform [5] [7,9,29,216,256,257] 
Advanced interface SND and SWSC [5] 
management 
Advanced small cell [7,202] [5] [5,251] [7,202,217] [202,257] 
Access architecture related pul [202] [202] [5] [202] 
radio technologies Enhanced wireless (5) 
backhaul 
D2D [202,248] [7,241,244] [245-247] [7,202,215] [7,9,29,202,252] 
Energy related technologies Ente PEnvePED Lene 
UAV [254] [254] [183-185] 
mMIMO [7,202,249] [13,202] [249] [200] [217] [7,9,214,216,257] 
Other important VLC [202,250] [202] [202,258] 
fechnblepics sIC [202] [202,236] 
V2X [255] [255] 


Legend: IoT (Internet of Things), 5G (Fifth Generation), mmWave (Milimeter-wave), RAT (Radio Access Technology), FOAM (Frequency Quadrature Amplitude Modulation), FD (Full 
Duplexing), TDD (Time Division Duplexing), SND (Simultaneous Non-unique Decoding), SWSC (Sliding Window Superposition Coding), MN (Moving Network), D2D (Device-to-Device), 
mMIMO (massive Multiple Input Multiple Output), VLC (Visible Light Communication), SIC (Self Interference Cancelation), V2X (Vehicle to Everything), UAV (Unmanned Aerial Vehicles). 
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then found 25 examples of edible plants in the vicinity 
of their camp. He acquainted the men with these sam- 
ples, showing them what parts of the plants could be 
used for food. He then sent the men out to look for 
similar plants and had them separate the new plants 
according to the original examples to avoid any poison- 
ous plant mingling with the edible ones. The result of 
this effort was impressive. Though all the men had a 
natural desire for ordinary food, none suffered physical- 
ly from the plant food diet. The report was especially 
valuable because the botanist kept a careful record of all 
the food used, the results, and the comments of the 
men. This case history reflects the same opinions as 
those found in questionnaires directed to American sur- 
vivors during World War II. 

c. Another advantage of a plant diet is availability. In 
many instances, a situation may present itself in which 
procuring animal food is out of the question because of 
injury, being unarmed, being in enemy territory, ex- 
haustion, or being in an area which lacks wildlife. If 
convinced that vegetation can be depended upon for 
daily food needs, the next question is “where to get what 
and how.” 

(1) Experts estimate there are about 300,000 classi- 
fied plants growing on the surface of the Earth, in- 
cluding many which thrive on mountain tops and on the 
floors of the oceans. There are two considerations that 
survivors must keep in mind when procuring plant 
foods. The first consideration, of course, is the plant be 
edible, and preferably, palatable. Next, it must be fairly 
abundant in the areas in which it is found. If it includes 
an inedible or poisonous variety in its family, the edible 
plant must be distinguishable to the average eye from 
the poisonous one. Usually a plant is selected because 
one special part is edible, such as the stalk, the fruit, or 
the nut. 

(2) To aid in determining plant edibility, there are 
general rules which should be observed and an edibility 
test that should be performed. In selecting plant foods, 
the following should be considered. Select plants resem- 
bling those cultivated by people. It is risky to rely upon 
a plant (or parts thereof) being edible for human con- 
sumption simply because animals have been seen eating 
it (for example, horses eat leaves from poison ivy; some 
rodents eat poisonous mushroom). Monkeys will put 
poisonous plants and fruits in pouches of their mouths 
and spit them out later. When selecting an unknown 
plant as a possible food source, apply the following gen- 
eral rules: 

(a) Mushrooms and fungi should not be selected. 
Fungi have toxic peptides, a protein-base poison which 
has no taste. There is no field test other than eating to 
determine whether an unknown mushroom is edible. 
Anyone gathering wild mushrooms for eating must be 
absolutely certain of the identity of every specimen 
picked. Some species of wild mushrooms are difficult 
for an expert to identify. Because of the potential for 
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poisoning, relying on mushrooms as a viable food 
source is not worth the risk. 

(b) Plants with umbrella-shaped flowers are to be 
completely avoided, although carrots, celery, dill, and 
parsley are members of this family. One of the most 
poisonous plants, poison water hemlock, is also a mem- 
ber of this family (figure 18-26). 

(c) All of the legume family should be avoided 
(beans and peas). They absorb minerals from the soil 
and cause problems. The most common mineral ab- 
sorbed is selenium. Selenium is what has given loco- 
weed its fame. (Locoweed is a vetch.) 

(d) As a general rule, all bulbs should be avoided. 
Examples of poisonous bulbs are tulips and death 
camas. 

(e} White and yellow berries are to be avoided as 
they are almost always poisonous. Approximately one- 
half of all red berries are poisonous. Blue or black ber- 
ries are generally safe for consumption. 

(f) Aggregated fruits and berries are always edible 
(for example, thimbleberry, raspberry, salmonberry, 
and blackberry). 

(g) Single fruits on a stem are generally consid- 
ered safe to eat. 

(h) Plants with shiny leaves are considered to be 
poisonous and caution should be used. 

(i) A milky sap indicates a poisonous plant. 

(j) Plants that are irritants to the skin should not 
be eaten, such as poison ivy. 

(k) A plant that grows in sufficient quantity with- 
in the local area should be selected to justify the edibili- 
ty test and provide a lasting source of food if the plant 
proves edible. 

(I) Plants growing in the water or moist soil are 
often the most palatable. 
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Figure 18-26. Water Hemlock. 
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(m) Plants are less bitter when growing in shaded 
areas. 


(3) The previously mentioned information concern- 
ing plants is general. There are exceptions to every rule, 
but when selecting unknown plants for consumption, 
plants with these characteristics should be avoided. 
Plants that do not have these characteristics should be 
considered as possible food sources. Apply the edibility 
test to only one plant at a time so if some abnormality 
does occur, it will be obvious which plant caused the 
problem. Once a plant has been selected for the edibility 
test, proceed as follows: 

(a) Crush or break part of the plant to determine 
the color of its sap. If the sap is clear, proceed to the 
next step. 

(b) Touch the plant’s sap or juice to the inner 
forearm or tip of the tongue. (A small taste of a poison- 
ous plant will not do serious harm.) If there are no ill 
effects, such as a rash or burning sensation to the skin, 
bitterness to the taste, or numbing sensation of the 
tongue or lips, then proceed with the rest of the steps. 
(NOTE: Sometimes heavy smokers are unable to taste 
various poisons, such as alkaloids). 

(c) Prepare the plant or plant part for consump- 
tion by boiling in two changes of water. The toxic 
properties of many plants are water soluble or destroyed 
by heat; cooking and discarding in two changes of water 
lessens the ampunt of poisonous material or removes it 
completely. Pagboiling is a process of boiling the indi- 
vidual plant parts in repeated changes of water to re- 
move bitter elements. This boiling period should last 
about 5 minutes. 

(d) Place about | teaspoonful of the prepared 
plant food in the mouth for 5 minutes and chew but do 
not swallow it. A burning, nauseating, or bitter taste is a 
warning of possible danger. If any of these ill effects 
occur, remove the material from the mouth at once and 
discard that plant as a food source. However, if no 
burning sensation or other unpleasant effect occurs, 
swallow the plant material and wait 8 hours. 

(e) If after this 8 hours there are no ill effects, 
such as nausea, cramps, or diarrhea, eat about 2 tables- 
poonfuls and wait an additional 8 hours. 

(f) If no ill effects occur at the end of this 8-hour 
period, the plant may be considered edible. 

(g) Keep in mind that any new or strange food 
should be eaten with restraint until the body system has 
become accustomed to it. The plant may be slightly 
toxic and harmful when large quantities are eaten. 


(4) If cooking facilities are not available, survivors 
will not be able to boil the plant before consumption. In 
this case, plant food may be prepared as follows: 

(a) Leach the plant by crushing the plant material 
and placing it in a container. Pour large quantities of 
cold water over it (rinse the plant parts). Leaching 
removes some of the bitter elements of nontoxic plants. 
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Figure 18-27. Edible Parts of Plants. 












(b) If leaching is not possible, survivors should 
follow the steps they can in the edibility test. 

d. The survivor will find some plants which are com- 
pletely edible, but many plants which they may find will 
have only one or more identifiable parts having food 
and thirst-quenching value. The variety of plant compo- 
nent parts which might contain substance of food value 
is shown in figure 18-27. 

(1) Underground Parts: 

(a) Tubers. The potato is an example of an edible 
tuber. Many other kinds of plants produce tubers such 
as the tropical yam, the Eskimo potato, and tropical 
water lilies. Tubers are usually found below the ground. 
Tubers are rich in starch and should be cooked by roast- 
ing in an earth oven or by boiling to break down the 
starch for ease in digestion. The following are some of 
the plants with edible tubers. 


-!.Arrowroot, East -5.Chufa (Nut Grass). 
Indian, -6.Water Lily (Tropical). 

-2.Taro. -7. Sweet Potato 

-3.Cassava (Tapioca). (Kamote). 

-4,.Bean, Yam. -8.Yam Tropical. 


(b) Roots and Rootstalks. Many plants produce 
roots which may be eaten. Edible roots are often several 
feet in length. In comparison, edible rootstalks are un- 
derground portions of the plant which have become 
thickened, and are relatively short and jointed. Both 
true roots and rootstalks are storage organs rich in 
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stored starch. The following are some of the plants with 


edible roots or rootstalks (rhizomes): 


-1.Baobab. -11.Rush, Flowering. 
-2.Pine, Screw. -12.Cattail, 
-3.Bean, Goa. -13.Spinach, Ceylon. 
-4.Plantain, Water. -14.Chicory. 
-5.Bracken. -15.Ti Plant. 
-6.Reindeer Moss. -16.Horseradish. 
-7,.Calla, Wild -17.Tree Fern. 
(Water Arum). -18.Lotus Lily. 
-8.Rock Tripe. -19. Water Lily 
-9.Pollypody. (Temperate Zone). 


-10.Canna Lily. -20.Manioc. 

(c) Bulbs. The most common edible bulb is the 
wild onion, which can easily be detected by its charac- 
teristic odor. Wild onions may be eaten uncooked, but 
other kinds of bulbs are more palatable if cooked. In 
Turkey and Central Asia, the bulb of the wild tulip may 
be eaten. All bulbs contain a high percentage of starch. 
(Some bulbs are poisonous, such as the death camas 
which has white or yellow flowers.) The following are 
some of the plants with edible bulbs: 

-1.Lily, Wild. -4,Blue Camas. 
-2.Tulip, Wild. -5.Tiger Lily. 
-3.Onion, Wild. 

(2) Shoots and Leaves: 

(a) Shoots (Stems). All edible shoots grow in 
much the same fashion as asparagus. The young shoots 
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Figure 18-28. Bamboo. 
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of ferns (fiddleheads) and especially those of bamboo 
and numerous kinds of palms are desirable for food. 
Some kinds of shoots may be eaten raw, but most are 
better if first boiled for 5 to 10 minutes, the water 
drained off, and the shoots reboiled until they are suff- 
ciently cooked for eating (parboiled). (See figure 18-28). 

-1.Agave (Century Plant}. -16.Colocynth., 

-2.Palm, Coconut. -17.Palm, Sugar. 


-3.Purslane. -18.Papaya. 

-4.Reindeer Moss. -19.Sugar Cane. 
-5.Bamboo. -20.Lotus Lily. 

-6.Palm, Fishtail. -21.Pokeweed (poisonous 
-7.Bean, Goa. roots). 

-8.Palm, Nipa. -22.Sweet Potato- 
-9.Bracken. Kamote. 


-10.Palm, Rattan. 
-11.Rhubarb, Wild. 
-12.Cattail. 
-13.Palm, Sago. 
-14.Spinach, Ceylon. 
-15.Rock Tripe. 

(b) Leaves. The leaves of spinach-type plants 
(potherbs), such as wild mustard, wild lettuce, and lamb 
quarters, may be eaten either raw or cooked. Prolonged 
cooking, however, destroys most of the vitamins. Plants 
which produce edible leaves are perhaps the most nu- 
merous of all edible plants. The young tender leaves of 
nearly all nonpoisonous plants are edible. The follow- 


-23.Luffa Sponge. 
-24.Water Lily (Tropical). 
-25.Polypody. 

-26.Palm, Buri. 

-27. Willow, Arctic. 


Hollow stem for 
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ing are only some of the plants with edible leaves: 


-1.Amarath, ‘-17.Plantain. 
-2.Luffa Sponge. -18.Pokeweed (poisonous 
-3.Rock Tripe. roots). 
-4.Avocado. -19.Sweet Potato- 
-5,.Mango. Kamote. 
-6.Sorrel, Wild. -20.Tamarind. 
-7.Baobab. -21.Horseradish. 
-8.Orach, Sea. -22,Prickly Pear. 
-9.Bean, Goa. -23.Taro (only after 
-10.Papaya. cooking). 
-11.Spinach, Ceylon. -24. Lettuce, Water. 
-12.Cassava. -25.Purslane. 
-13.Chickory. -26.Ti Plant. 
-14.Pine, Screw. -27, Willow, Arctic. 
-15.Spreading Wood —-28. Lotus Lily. 

Fern. -29.Reindeer Moss. 
-16.Dock. 


(c) Pith. Some plants have an edible pith in the 
center of the stem. The pith of some kinds of tropical 
plants is quite large. Pith of the sago palm is particularly 
valuable because of its high food value. The following 
are some of the palms with edible pith (starch): 


EDIBLE GRAIN HEAD 


GRAIN IS 
INSIDE HUSK 


Figure 18-29. Grains. 
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-1.Buri. -4.Coconut. 
-2.Fishtail. -5.Rattan. 
-3.Sago. -6.Sugar. 


(d) Bark. The inner bark of a tree—the layer next 
to the wood—may be eaten raw or cooked. It is possible 
in northern areas to make flour from the inner bark of 
such trees as the cottonwood, aspen, birch, willow, and 
pine. The outer bark should be avoided in all cases 
because this part contains large amounts of bitter tan- 
nin, Pine bark is high in vitamin C. The outer bark of 
pines can be cut away and the inner bark stripped from 
the trunk and eaten fresh, dried, or cooked, or it may be 
pulverized into flour. Bark is most palatable when newly 
formed in spring. As food, bark is most useful in the 
arctic regions, where plant food is often scarce. 

(3) Flower Parts: 

(a) Flowers and Buds. Fresh flowers may be eaten 
as part of a salad or to supplement a stew. The hibiscus 
flower is commonly eaten throughout the southwest Pa- 
cific area. In South America, the people of the Andes eat 
nasturtium flowers. In India, it is common to eat the 
flowers of many kinds of plants as part of a vegetable 
curry. Flowers of desert plants may also be eaten. The 
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following are plants with edible flowers: 


-1.Abal. -5.Horseradish. 
-2.Colocynth. -6.Caper, Wild. 
-3.Papaya. -7.Luffa Sponge. 
-4.Banana. 


{b) Pollen. Pollen looks like yellow dust. All pol- 
len is high in food value and in some plants, especially 
the cattail. Quantities of pollen may easily be collected 
and eaten as a kind of gruel. 


(4) Fruits. Edible fruits can be divided into sweet 
and nonsweet (vegetable) types. Both are the seed bear- 
ing parts of the plant. Sweet fruits are often plentiful in 
all areas of the world where plants grow. For instance, 
in the far north, there are blueberries and crowberries; 
in the temperate zones, cherries, plums, and apples; and 
in the American deserts, fleshy cactus fruits. Tropical 
areas have more kinds of edible fruit than other areas, 
and a list would be endless. Sweet fruits may be cooked, 
or for maximum vitamin content, left uncooked. Com- 
mon vegetable fruits include the tomato, cucumber, and 
pepper. 

(a) Fleshy Fruits (Sweet). The following are 
plants with edible fruits: 


-|.Apple, Wild. -13.Jackfruit. 
-2.Bael Fruit. -14. Jujube, Common. 
-3. Banana. -15.Mango. 
-4.Bignay. -16.Mulberry. 
-5.Blueberry, Wild. -17,Papaya. 
-6.Bullocks Heart. -18.Plum, Batako. 
-7.Cloudberry. -19.Pokeberry. 
-8.Crabapple. -20.Prickly Pear. 
-9.Cranberry. -21,Rose Apple. 
-10.Fig, Wild. -22,.Soursop. 
-11.Grape, Wild. -23. Sweetsop. 
-12.Huckleberry. 


(b) Fleshy Fruits (Vegetables). The following are 
plants with edible fruits (vegetables): 

-1.Breadfruit. -4.Caper, Wild. 
-2.Horseradish. -5.Luffa Sponge. 
-3.Plantain. 

(c) Seeds and Grains. Seeds of many plants, such 
as buckwheat, ragweed, amaranth, and goosefoot, con- 
tain oils and are rich in protein. The grains of all cereals 
and many other grasses, including millet, are also ex- 
tremely valuable sources of plant protein. They may 
either be ground between stones, mixed with water and 
cooked to make porridge, parched or roasted over hot 
stones. In this state, they are still wholesome and may 
be kept for long periods without further preparation 
(figure | 8-29). The following are some of the plants with 
edible seeds and grains: 


-1.Amaranth. -6.Palm, Nipa. 
-2.Millet, Italian. -7.Tamarind. 
-3.Rice. -8.Pine, Screw. 
-4,Bamboo. -9.Coloynth, 


-5,Millet, Pearl. 


-10.Water Lily {Tropical}. 
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-11.Sterculia. 
-12.Baobab. 
-13.Orach, Sea. 
-14.St. John’s Bread. 
-15.Bean, Goa. 

(d) Nuts. Nuts are among the most nutritious of 
all raw plant foods and contain an abundance of valua- 
ble protein. Plants bearing edible nuts occur in all the 
climatic zones of the world and in all continents except 
in the arctic regions. Inhabitants of the temperate zones 
are familiar with walnuts, filberts, almonds, hickory 
nuts, acoms, hazelnuts, beechnuts, and pine nuts, to 
mention just a few. Tropical zones produce coconuts 
and other palm nuts, brazil nuts, cashew nuts, and ma- 
cadamia nuts (figure 18-30). Most nuts can be eaten raw 
but some such as acorns, are better when cooked. The 
following are some of the plants with edible nuts: 


-16.Lotus Lily. 
-17.Purslane. 

-18.Water Lily (Temperate). 
-19.Luffa Sponge. 


-1.Almond. -8.Filbert (Hazelnut). 
-2.Chestnut, Water -9.Palm, Fishtail. 

(Trapa Nut). -10.Jackfruit Seeds. 
-3.Palm, Buri -11.Oak, English (Acorn). 
-4.Almond, Indian or -12.Palm, Sago. 

Tropical. -13.Palm, Sugar. 
-5.Chestnut, Mountain. -14.Pine. 

-6.Palm, Coconut. -15,Pistachio, Wild. 
-7,Beechnut. -16, Walnut, 


(e) Pulps. The pulp around the seeds of many 
fruits is the only part that can be eaten. Some fruits 
produce sweet pulp; others have a tasteless or even bit- 
ter pulp. Plants that produce edible pulp include the 
custard apple, inga pod, breadfruit, and tamarind. The 
pulp of breadfruit must be cooked, whereas in other 
plants, the pulp may be eaten uncooked. Use the edibili- 
ty rules in all cases of doubt. 

(5) Gums and Resins. Gum and resin are sap that 
collects and hardens on the outside surface of the plant. 
It is called gum if it is soft and soluble, and resin if it is 
hard and not soluble. Most people are familiar with the 
gum which exudes from cherry trees and the resin which 
seeps from the pine trees. These plant byproducts are 
edible and are a good source of nutritious food which 
should not be overlooked. 

(6} Saps. Vines or other plant parts may be tapped 
as potential sources of usable liquid. The liquid is ob- 
tained by cutting the flower stalk and letting the fluid 
drain into some sort of container such as a bamboo 
section. Palm sap with its high-sugar content is highly 
nutritious. The following are some plants with edible 
sap and drinking water: 

(a) Acacia, Sweet (water). (i) Palm, Rattan (water). 


(b) Colocynth (water). (j} Cactus (water). 

(c}) Palm, Coconut (sap). (k) Grape (water). 

(d) Palm, Fishtail (sap). (1) Banana (water). 
(e) Agave (water). (m) Palm, Sago (sap). 
(f) Cuipo Tree (water). (n) Palm, Sugar (sap). 
(g) Saxual (water). (o) Palm, Buri (sap). 
(h) Palm, Nipa (sap). 
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Figure 18-30. Edible Nuts. 


18-6. Food in Tropical Climate. There are more types of 
animals in the jungles of the world than in any other 
region. A jungle visitor who is unaware of the life style 
and eating habits of these animals would not observe 
the presence of a large number of the animals. 

a. Game trails are the normal routes along which ani- 
mals travel through a jungle. Some of the animals used 
as food are hedgehogs, porcupines, anteaters, mice, wild 
pigs, deer, wild cattle, bats, squirrels, rats, monkeys, 
snakes, and lizards. 

(1) Reptiles are located in all jungles and should not 
be overlooked as a food source. All snakes should be 
considered poisonous and extreme caution used when 
killing the animal for a food source. All cobras should 
be avoided since the spitting cobra aims for the eyes; the 
venom can blind if not washed out immediately, Liz- 
ards are good food, but may be difficult to capture since 
they can be extremely fast. A good blow to the head of a 
reptile will usually kill it. Crocodiles and caimans are 
extremely dangerous on land as well as in the water. 

(2) Frogs can be poisonous; all brilliantly colored 
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frogs should be totally avoided. Some frogs and toads in 
the tropics secrete substances through the skin which 
has a pungent odor. These frogs are often poisonous. 

(3) The larger, more dangerous animals such as 
tigers, rhinocerous, water buffalo, and clephants are 
rarely seen and should be left alone. These larger ani- 
mals are usually located in the open grasslands. 

b. Seafood such as fish, crabs, lobsters, crayfish, and 
small octopi can be poked out of holes, crevices, or rock 
pools (figure 18-31), Survivors should be ready to spear 
them before they move off into deep water. If they are 
in deeper water, they can be teased shoreward with a 
baited hook, or a stick. 

(1) A small heap of empty oysters shells near a hole 
may indicate the presence of an octopus. A baited hook 
placed in the hole will often catch the octopus. The 
survivor should allow the octopus to surround the hook 
and line before lifting. Octopi are not scavengers like 
sharks, but they are hunters, fond of spiny lobster and 
other crab-like fish. At night, they come into shallow 
water and can be easily seen and speared. 
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(2) Snails and limpets cling to rocks and seaweed 
from the low-water mark up. Large snails called chitons 
adhere tightly to rocks just above the surf line. 

(3) Mussels usually form dense colonies in rock 
pools, on logs, or at the bases of boulders. Mussels are 
poisonous in tropical zones during the summer,especially 
when seas are highly phosphorescent or reddish. 

(4) Sluggish sea cucumbers and conchs (large snails) 
live in deep water. The sea cucumber will shoot out its 
stomach when excited. The stomach is not edible. The 
skin and the five strips of muscle can be eaten after 
boiling. Conches can be boiled out of their shells and 
have very firm flesh. Use care when picking conches up. 
The bottom of their “foot” has a boney covering which 
can severely cut the survivor who procures it. 

(5) The safest fish to eat are those from the open sea 
or deep water beyond the reef. Silvery fishes, river eels, 
butterfly fishes, and flounders from bays and rivers are 
good to eat. 

(6) Land crabs are common on tropical islands and 
are often found in coconut groves. An open coconut can 
be used for bait. 

(7) A number of methods can be used for procuring 
fish. 

(a) Hook-and-Line Fishing. This type of fishing 
on a rocky coast requires a lot of care to keep the line 
from becoming entangled or cut on sharp edges. Most 
shallow-water fish are nibblers. Unless the bait is well 
placed and hooked and the barb of the hook offset by 
bending, the bait may be lost without catching a fish. 
Use hermit crabs, snails, or the tough muscle of a shell- 
fish as bait. Take the cracked shells and any other 
animal remains and drop them into the area to be 
fished. This brings the fish to the area and provides a 
better procurement opportunity. Examine stomach con- 
tents of the first fish caught to determine what the fish 
are feeding on. 

(b) Jigging. A baited or spooned hook dipped 
repeatedly beneath the surface of the water is sometimes 
effective. This method may be used at night. 

(c) Spearing. This method is difficult except when 
the stream is small and the fish are large and numerous 
during the spawning season, or when the fish congregate 
in pools. Make a spear by sharpening a long piece of 
wood, lashing two long thorns on a stick, or fashioning a 
bone spear point, and take a position on a rock over a 
fish run. Wait patiently and quietly for a fish to swim 
by. 

(d) Chop Fishing. Chop fishing is effective at 
night during low tide. This method requires a torch and 
a machete. The fish are attracted by the hight of the 
torch, and then they may be stunned by slashing at them 
with the back of the machete blade. Care should be 
taken when swinging the machete (figure 18-32). 

c. The jungle environment has a uniquely favorable 
condition for plant and animal life. The variety and 
richness of plant growth in these areas are paralleled 
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nowhere else on the Earth. Because the rainfall is dis- 
tributed throughout the year and there is a lack of cold 
seasons, plants in the humid regions can grow, produce 
leaves, and flower the year round. Some plants grow 
very rapidly. For example, the stem of the giant bamboo 
may grow more than 22 inches ina single day. 

{1) A survivor in search of plant food should apply 
some basic principles to the search. A survivor is lucky 
to find a plant that can readily be identified as edible. If 
a plant resembles a known plant, it is very likely to be of 
the same family and can be used. If a plant cannot be 
identified, the edibility test should be applied. A survi- 
vor will find many edible plants in the tropical forest, 
but chances of finding them in abundance are better in 
an area that has been cultivated in the past (secondary 
growth). 

(2) Some plants a survivor might find: 

(a) Citrus fruit trees may be found in uncultivat- 
ed areas, but are primarily limited to areas of secondary 
growth. The many varieties of citrus fruit trees and 
shrubs have leaves 2 to 4 inches long alternately ar- 
ranged. The leaves are leathery, shiny, and evergreen. 
The leaf stem is often winged. Small (usually green) 
spines are often present by the side of the bud. The 
flowers are small and white to purple in color. The fruit 
has a leathery rind with numerous glands and is round 
and fleshy with several cells (fruit sections or slices) and 
many seeds. The great number of wild and cultivated 
fruits (oranges, limes, lemons, etc.} native to the tropics 
are eaten raw or used in beverages. 

(b) Taro can be found in both secondary growth 
and in virgin areas. It is usually found in the damp, 
swampy areas in the wild, but certain varieties can be 
found in the forest. It can be identified by its large 
heart-shaped or arrowhead-shaped leaves growing at the 
top of a vertical stem. The stem and leaves are usually 
green and rise a foot or more from a tuber at the base of 
the stem. Taro leaf tips point down; poisonous elephant 
ear points up. All varieties of taro must be cooked to 
break down the irritating crystals in the plant. 

(c) Wild pineapple can be found in the wild, and 
common pineapples may be found in secondary growth 
areas. The wild pineapple is a coarse plant with long 
clustered, sword-shaped leaves with sawtoothed edges. 
The leaves are spirally arranged in a rosette. Flowers are 
violet or reddish. The wild pineapple fruit will not be as 
fully developed in the wild state as when cultivated. The 
seeds from the flower of the plant are edible as well as 
the fruit. The ripe fruit may be eaten raw, but the green 
fruit must be cooked to avoid irritation. (The leaf fibers 
make excellent lashing material and ropes can be manu- 
factured from it.) 

(d) Yams may be found cultivated or wild. There 
are many varieties of yam, but the most common has a 
vine with square-shaped cross section and two rows of 
heart-shaped leaves growing on opposite sides of the 
vine. The vine can be followed to the ground to locate 
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Figure 18-32. Chop Fishing. 


the tuber. The tubers should be cooked to destroy the 
poisonous properties of the plant (figure 18-33). 

(e} Ginger grows in the tropical forest and is a 
good source of flavoring for food. It is found in shaded 
areas of the primary forest. The ginger plant grows 5 to 
6 feet high. It has seasonal white snapdragon-type flow- 
ers, some variations have red flowers. The leaves when 
crushed produce a very sweet odor and are used for 
seasoning or tea. The tea is used by primitive people to 
treat colds and fever. 

(f) The coconut palm is found wild on the sea- 
coast and in farmed areas inland. It is a tree 50 to 100 
feet high, either straight or curved, marked with ring- 
like leaf scars. The base of the tree is swollen and sur- 
rounded by a mass of rootlets. The leaves are leathery 
and reach a length of 15 to 20 feet. (The leaves make 
excellent sheathing for shelter.) The fruit grows in clus- 
ters at the top of the tree. Each nut is covered with a 
fibered hard shell. The “heart” of the coconut palm is 
edible and is found at the top. (The new leaves grow out 
of the heart.) Cut the tree down and remove the leaves 
to gain access to the heart. The flower of the coconut 
tree is also edible and is best used as a cooked vegetable. 
The germinating nut is filled with a meat that can be 


243 


eaten raw or cooked. There are many other varieties of 
palm found in the tropics which have edible hearts and 
fruits (figure 18-34). 

(g) The papaya is an excellent source of food and 
can be found in secondary growth areas. The tree grows 
to a height of 6 to 20 feet. The large, dark green, many 
fingered, rough-edged leaves are clustered at the top of 
the plant. The fruit grows on the stem clustered under 
the leaves. The fruit is small in the wild state, but culti- 
vated varieties may grow to 15 pounds. The peeled fruit 
can be eaten raw or cooked. The peeling should never be 
eaten. The green fruit is usually cooked. The milky sap 
of the green fruit is used as a meat tenderizer; care 
should be taken not to get it in the eyes. Always wash 
the hands after handling fresh green papayas. If some of 
the sap does get in the eyes, they should be washed 
immediately (figure 18-35). 

(h) Cassava (tapioca) can be found in secondary 
growth areas. It can be identified by its stalk-like leaves 
which are deeply divided into numerous pointed sec- 
tions or fingers. The woody (red) stem of the plant is 
slender and at points appears to be sectioned. When 
found growing wild in secondary growth areas, pull the 
trunks to find where a root grows. When one is found, a 
tuber can be dug. Tubers have been found growing 
around a portion of the stem that was covered with 
vegetation. The brown tuber of the plant is white inside 
and must be boiled or roasted. The tuber must also be 
peeled before boiling. (The green-stemmed species of 
cassava is poisonous and must be cooked in several 
changes of water before eating it.) 

(i) Ferns can be found in the virgin tropical forest 
or in secondary growth areas. The new leaves (fiddle 
heads) at the top are the edible parts. They are covered 
with fuzzy hair which is easily removed by rubbing or 
washing. Some can be eaten raw, but as a rule, should be 
cooked as a vegetable (figure 18-36). 

(j) Sweet sops can be found in the tropical forest. 
It is a small tree with simple, oblong leaves. The fruit is 
shaped hike a blunt pine cone with thick grey-green or 
ycllow, brittle spines, The fruit is easily split or broken 
when ripe, exposing numerous dark brown seeds imbed- 
ded in the cream colored, very sweet pulp. 

(k) The star apple is common in the tropical for- 
ests. The tree grows up to a height of 60 feet and can be 
identified by the leaves which have shiny, silky, brown 
hairs on the bottom. The fruit looks like a small apple or 
plum with a smooth greenish or purple skin. The meat 
is greenish in color and milky in texture. When cut 
through the center, the brown, elongated seeds make a 
figure like a 6- or 10-pointed star. The fruit is sweet and 
eaten only when fresh. When cut. the rind will, like 
other parts of the tree, emit a white sticky juice or latex 
which is not poisonous (an exception to the milky sap 
rule). 

(3) Of the 300,000 different kinds of wild plants in 
the world, a large number of them are found in the 
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Figure 18-33. Yams. 


tropics and many of them are potentially edible. Very 
few are deadly when eaten in small quantities. Those 
which are poisonous may be detected by using the edi- 
bility rules. Only a small number of jungle plants have 
been discussed, It would be of great benefit to anyone 
flying over or passing through a tropical environment to 
study the plant foods available in this type of 
environment. 


18-7, Food in Dry Climates. Although not as readily 
available as in the tropical climate, food is available and 
obtainable. 

a. Plant life in the desert is varied due to the different 
geographical areas. It must be remembered, therefore, 
that available plants will depend on the actual desert, 
the time of year, and if there has been any recent rain- 
fall. The aircrew member should be familiar with plants 
in the area to be flown over. 


(1) Date palms are located in most deserts and are 
cultivated by the native people around oases and irriga- 
tion ditches. They bear a nutritious, oblong, black fruit 
(when ripe). 
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(2) Fig trees are normally located in tropical and 
subtropical zones, however, a few species can be found 
in the deserts of Syria and Europe. Many kinds are 
cultivated, The fruit can be eaten when ripe. Most figs 
resemble a top or a small pear somewhat squashed in 
shape. Ripe figs vary greatly as to palatability. Many are 
hard, woody, covered with irritating hairs, and worth- 
less as survival food. The edible varieties are soft, delec- 
table, and almost hairless. They are green, red, or black 
when ripe. 


(3) Millet, a grain bearing plant, is grown by natives 
around oases and other water sources in the Middle 
East deserts. 


(4) The fruit of all cacti are edible. Some fruits are 
red, some yellow, but all are soft when ripe. Any of the 
flat leaf variety, such as the prickly pear, can be boiled 
and eaten as greens (like spinach) if the spines are first 
removed, During severe droughts, cattlkemen burn off 
the spines and use the thick leaves for fodder. Although 
the cactus originates in the American deserts, the prick- 
ly pear has been introduced to the desert edges in Asia, 
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mmWave band 


(1) 3D channel modeling; (2) dynamic power control; (3) user scheduling and congestion control; (4) hardware limitation and 
adaptive beam-steering technique; (5) design of mobility management and admission control for mmWave-based dense HetNet; 

















aseneaseet ad (6) design of frequency management schemes for mmWave; (7) Tactile Internet; (8) effective and efficient mmWave net | 
roe meer ene implementation in HetNets (access and networking). 
Wide and flexible : Sogo, : F : : 2 : ; 
bandadhitschnel Heterogeneous multi-RAT (1) cell-association; (2) traffic-offloading algorithms; (3) interference management schemes in case of inter user and inter cell [196,217] 
anew eeOnOBY integration interference; (4) cross-tier handover, access admission, and mobility management schemes of a multi-tier HetNets. i 
Casnitive radio and (1) Spectrum sensing (design of cooperative frameworks, choose cooperative secondary users and transmit cooperative 
8 ‘ hari information); (2) develop framework and algorithms for group handoff of secondary users and security; (3) simulation of different [29,110] 
epet un enane attacks and scenarios to enhance security; (4) in-depth performance analysis between GFDM and UFMC in CR settings. 
(1) Redesign of network and management; (2) antenna and circuit design and development of the theoretical foundation; 
é : ‘ (3) analyze the throughput of a network of randomly deployment terminals sing stochastic geometry; (4) characterize the capacity 
pene Inrbrane: dun duplesmg advantage due to IFDB in various network scenarios; (5) guidelines to practical design: coding, modulation, power allocation, eae 
beamforming, channel estimation, equalization, digital interference cancellation and decoding, (6) design of a MAC layer. 
Multiple access and Newewavarount (1) Performance of SIC cancelation or filtering on f-OFDMA,; (2) balance of time and frequency dispersion and design an efficient 
waveform filter prototype for UFMC. 
‘Ra vaneea Seat call (1) Expect of wireless backhauling on user experience; (2) exploitation of location data and fingerprints in optimizing small cell [34,80] 


Access architecture 
related radio 


discovery in terms of time and energy- efficiency; (3) interference management when integrating D2D and small cells. 





Enhanced wireless backhaul 


(1) TDD multi-flow coordination schemes to avoid bottlenecks in the downlink backhaul; 
(2) Backhaul aware association in ultra-dense deployment; (3) reliability and security of the backhaul. 


[34,88,198] 





(1) Resource allocation and interference in the mobile relay when trains are moving from opposite directions; (2) handover 
decision of users (more than one train arrive or depart, stop or pass); (3) group mobility for users on board very high-speed 














technologies Movige aeons vehicles; (4) design od cooperative communication schemes; (5) deployment of moving networks in various vehicle environments, 15] 
not just on fixes route railways. 
(1) Interference management (mode selection, resource allocation and power control); (2) integration of novel reputation-based 

D2D communication mechanism for identify and avoid malicious users from multiple users in multi-hop D2D communications; (3) testing of D2D [29,208,209] 

interference management schemes in 5G scenarios (mmWave, cell densification). 

Energy related Energy harvesting (1) Improving energy harvesting schemes; (2) simulation of proposed models; (3) integration with other 5G technologies. [100,182,253] 

ree moloeiS UAV (1) Optimal deployment, mobility and energy-efficient use of UAVs; (2) integration with other 5G technologies. [81] 

Other technologies mMIMO (1) Performance of practical mMIMO. 


Legend: IoT (Internet of Things), 5G (Fifth Generation), mmWave (Milimeter-wave), RAT (Radio Access Technology), D2D (Device-to-Device communication), mMIMO (massive Multiple 
Input Multiple Output), 3D (Three Dimensional), HetNet (Heterogeneous Network), GFDM (Generalized Frequency Division Multiplexing), UFMC (Universal Filtered Multi Carrier), CR 
(Cognitive Radio), IFDB (In-band Full Duplexing), MAC (Medium Access Control), f-OFDMA (filtered Orthogonal Frequency Division Multiple Access), TDD (Time Division Duplexing), 
UAV (Unmanned Aerial Vehicle). 
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Figure 18-34. Coconut Palm. 


Africa, the Near East, and Australia, where it grows 
profusely. Natives eat the fruit as fast as it ripens. 

(5) There are two types of onions in the Gobi de- 
sert. A hot, strong, scallion-type grows in the late sum- 
mer, It will improve the taste of food, but should not be 
used as a primary food. The highland onions grow 2 to 
2.5 inches in diameter. These can be eaten like apples 
and the greens can also be eaten raw or cooked. 

(6) All desert flowers can be eaten except those with 
miiky or colored sap. 

(7) All grasses are edible. Usually the best part is 
the whitish tender end that shows when the grass stalk is 
pulled from the ground. All grass seeds are edible. 

b. Animal food sources may be used to supplement 
diets and provide needed protein and fats. When look- 
ing at a desert area, it is sometimes difficult to visualize 
an abundance of animal life existing in it. There is, 
however, a great quantity of animal life present. Most 
are edible, but some may be hazardous to a survivor 
during the procurement stage. Some of the abundant 
animal life includes: 

(1) At the peak of seasonal plant growth, the desert 
crawls and buzzes with an enormous number and varie- 
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ty of beetles, ants, wasps, moths, and bugs. They appear 
with the first good rains and generally feed during night- 
time, The Ute Indians of North America have harvested 
crickets, and peoples of the Middle East have roasted 
locusts. The human diet in Mexico and the American 
Indians of the Southwest frequently includes grasshop- 
pers and caterpillars. 

(2) On the Playas of the Sonora and Chichuahua 
deserts, several species of freshwater shrimp appear eve- 
ry summer in warm temporary ponds. In the Mohave 
Desert, where summer rains are rare, they may appear 
only a few times in a century. 

(3) Snakes, lizards, tortoises, etc., have adapted well 
to the desert environment. Care must be observed when 
procuring them as some are hazardous, such as the Gila 
monster and rattlesnake. The desert tortoise, about a 
foot long when full grown, lives in some of the harshest 
regions of the Mohave and Sonora deserts. It is club 
footed, herbivorous, and can crawl about 20 feet per 
minute. The tortoise converts some of its food into 
water which is stored for the hot months in two sacs 
under the upper shell. A pint of water lasts the dry 
season. In spring and fall, the tortoise browses in broad 
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Figure 18-35. Papaya. 


daylight, becoming livelier as the day warms up. In the 
heat of the summer, it comes out of its shallow burrow 
in the early morning, the late evening, or not at all. 

(4) In general, desert birds stay in areas of heavier 
vegetation and many need water daily, therefore, most 
will be found within short flights of some type of water 
source. Many birds will migrate during the drought sea- 
son. If an abundance of birds is seen, insects, vegeta- 
tion, and a water source will normally be nearby. 

(5) Rabbits, prairie dogs, and rats have learned to 
live in deserts. They remain in the shade or burrow into 
the ground protecting themselves from the direct sun 
and heated air as well as from the hot desert surface. 

(6) Larger mammals are also found in the desert. 
This group consists of gazelles, antelope, deer, foxes, 
small cats, badgers, dingos, hyenas, etc., and are amaz- 
ingly abundant. Most are nocturnal and generally avoid 
humans. They roam at night eating smaller game and 
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insects; a few eat plants; and a few can be hazardous to a 
survivor, Any of these mammals shouid be approached 
with caution. 

(7) Only a few of the available animals and plants 
have been discussed. If the possibility of having to sur- 
vive in a desert area exists, the aircrew member should 
try to become familiar with the food source available in 
that area. 


18-8. Food in Snow and Ice Climates. In the snow and 
ice climates, food is more difficult to find than water. 
Animal life is normally more abundant during the warm 
months, but it can still be found in the cold months. 
Fish are available in most waters during the warmer 
months but they congregate in deep waters, large rivers, 
and lakes during the cold months. Some edible plant life 
can be found throughout the year in most areas of the 
arctic. 
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Figure 18-36. Edible Ferns. 


a. All animals in the arctic regions are edible, but the 
livers of seals and polar bears must not be eaten because 
of the high concentration of vitamin A. Death could 
result from ingesting large quantities of the liver. On the 
open sea ice, game animals such as seal, walrus, polar 
bear, and fox are available. Many types of birds can be 
found during the warmer months. Fish can be caught 
throughout the year. 

(1) Seal will probably be the main source of food 
when stranded on the open sea ice. They can be found 
in open leads, areas of thin ice, or where snow has 
drifted over a pressure ridge forming a cave which could 
have open water or very thin ice. These areas may also 
house polar bears which feed primarily on seals. Polar 
bears should be avoided. 

(a) Newborn seals have trouble staying afloat or 
swimming and will be found on the ice in the early 
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summer. The seal cubs can be easily killed with a club, 
spear, knife, or firearm and make an excellent source of 
food. The meat, blubber (fat), and coagulated milk in 
their stomachs are edible. When killing a cub, it is best 
to keep a lookout for the mother. She tends to protect 
offspring in any way possible. 

(b) Seals must surface periodically to breathe. 
When the icepack is thin, the seals poke their noses 
through the ice and take a breath of air in a lead or in 
open water. In thick ice, the seal will chew and (or) claw 
a breathing hole through the ice. Normally most seals 
will have more than one breathing hole. In hunting 
seals, it is best to take a position beside a breathing hole 
and wait until a seal comes up to breathe, then spear or 
strike it on the head with a club. Seals are very sensitive 
to blows on or about the nose. They will often lose 
consciousness but not die. A hook can be suspended 
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through the breathing hole so it hangs down at least 6 
inches below the ice. When a seal comes to breathe, it 
can become hooked when it tries to depart the breathing 
hole. Seals can be recovered by gaffing or grabbing by 
hand, but in some cases, the breathing hole might have 
to be enlarged to pull the body through. If the seal is 
killed in open water, a “manak” or “grapple hook” can 
be used to retrieve it. All seals killed in open water or 
those that fall into open water should be recovered im- 
mediately. During the cold months, they will float for 
quite awhile, but during the warm months or when a 
female is nursing young, they sink rapidly. This is due 
to the loss of body fat (figure 18-37). 

(2) Birds are plentiful during the summer months 
and can be procured by spearing, clubbing, catching 
with a baited fishhook, or use of a weapon. 

(3) On tundra areas, there are large game, small 
game, and birds available as a food source. 

(a) The large game consists of caribou, musk ox- 
en, sheep, wolf, and bears (figure 18-38). Even though 
the large game animals can be a food source, they will 
be difficult to procure if a firearm is not available. 
Therefore, they should be considered a hazard to a sur- 
vivor without a firearm. In the spring, bears tend to 
congregate along rivers and streams due to the amount 
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of food available—normally salmon. During the fall, 
bears will be found feeding at berry patches. During 
certain seasons of the year, these areas should be 


avoided. 


(b) Small game animals of the tundra include 
hares, lemmings, mice, ground squirrels, marmots, and 
foxes. They may be trapped or killed the entire year. 
When snaring, it is best to use a simple loop made of 
strong line or wire. The wire must be a two-strand twist- 
ed wire since metal becomes brittle in the cold and 
breaks very easily. Other snares and triggers will be less 
effective in the cold climate. A gill net can be used as a 
snare by spreading it across a trail so that the animal 
will entangle itself. 


{c} Surface water is generally plentiful due to the 
number of lakes, ponds, bogs, and marshes. Water fowl 
and birds are very abundant during the warm months 
and include ducks, terns, geese, gulls, owls, and ptarmi- 
gan. The eggs and young birds are an excellent food 
source and can be easily procured (figure 18-39). 

(4) As in the tundra areas, the forested areas in the 
arctic and arctic-like areas abound in wildlife. 

{a) The large game species include moose, deer, 
caribou, and bear. 





Figure 18-37. Walruses. 
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Figure 18-38. Big Horn Sheep. 


(b) Small game of the forests includes hares, 
squirrels, porcupine, muskrat, and beaver. They can be 
snared or trapped easily in winter or summer. Small 
animal trails can be found in the winter with great ease. 
Most animals do not like to travel in deep snow so they 
tend to travel the same trail most of the time and this 
trail will look like a small superhighway — the snow 
packed down well below the normal snow level. Most 
trails will also be located in heavy cover or undergrowth 
or parallel to roads and open areas. The same trails will 
normally be used during the summer. 

(5) During the summer months, the open water pro- 
vides an excellent opportunity to procure all types of 
fish, both freshwater and saltwater, and freshwater mus- 
sels. The mussels can be handpicked off the bottom, 
while the fish can be netted, speared, clubbed, or caught 
with a hook and line. After freezeup, fishing is still pos- 
sible through the ice. Shallow lakes, rivers, or ponds can 
freeze completely killing off all fish life. Fish tend to 
congregate in the deepest water possible. A hole should 


be cut through the ice at the estimated deepest point. 
Other good locations are at outlets or where tributaries 
flow into lakes or ponds, The ice is normally thinner 
over rapid moving water and at the edges of deep 
streams or rivers with snowdrifts extending out from 
the banks. Open water is often marked by a mist or fog 
formed over the area by vaporizing water. All methods 
of procuring fish in the summer will work in the winter 
(figure 18-40). 

{6) The ocean shores are rich hunting grounds for 
edible sea life such as clams, mussels, scallops, snails, 
limpets, sea urchins, chitons, and sea cucumbers. They 
can be procured most of the year wherever there is open 
water. Tidal pools usually contain a great number of 
both fish and mollusks. The fish can be netted, speared, 
or hand caught. All sea life can be eaten raw, but cook- 
ing usually makes it more palatable (figure 18-41). 

b. The plant life of the arctic regions is generally small 
and stunted due to the effects of permafrost, low mean 
temperatures, and a short growing season. 
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Figure 18-39. Swans. 


(1) On the barren tundra areas, a wide variety of 
small edible plants and shrubs exist. During the short 
summer months on the tundra, Labrador tea, fireweed, 
coltsfoot, dwarf arctic birch, willow, and numerous oth- 
er plants and berries can be found. During the winter, 
roots, rootstalks, and frozen berries can be found be- 
neath the snow. Lichens and mosses are abundant but 
should be selected carefully as some species are 
poisonous. 

(2) In bog or swamp areas, many types of water 
sedge, cattail, dwarf birch, and berries are available. 
During spring and summer, many young shoots from 
these plants are easily collected. 

(3) The wooded areas of the arctic contain a variety 
of trees (birch, spruce, poplar, aspen, and others). Many 
berry-producing plants can be found, such as blueber- 
ries, cranberries, raspberries, cloud berries, and crow 
berries. Wild rose hips, Labrador tea, alder, and other 
shrubs are very abundant. Many wild edible plants are 
highly nutritious. Greens are particularly rich in caro- 
tene (vitamin A). Leafy greens, many berries, and rose 
hips are all rich in ascorbic acid (vitamin C). Many 
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roots and rootstalks contain starch and can be used as a 
potato substitute in stews and soups. 

(4) Although there are several types of edible mush- 
rooms, fungi, and puff-balls in the arctic, a person 
should avoid ingesting them because it is difficult to 
identify the poisonous and nonpoisonous species. Dur- 
ing the growing season, the physical characteristics can 
change considerably making positive identification even 
more difficult. 

(5) There are many poisonous plants and a few 
poisonous berries in the arctic. Very few cause death; 
many will cause extreme nausea, dizziness, abdominal 
pain, and diarrhea. Contact poisonous plants, such as 
poison ivy, are not found in the arctic. The more com- 
mon poisonous plants are shown in figures 18-42 
through 18-49. 

(6) When selecting edible plants, select young 
shoots when possible as these will be the most tender. 
Plants should be eaten raw to obtain the most nutritive 
value. Some of the more common edible plants are: 

(a) Dandelions generally grow with grasses but 
may be scattered over rather barren areas. Both leaves 
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Figure 18-40. Winter Fishing. 


and roots are edible raw or cooked. The young leaves 
make good greens; the roots (when roasted) are used as a 
substitute for coffee. 

(b) Black and white spruce are generally the 
northern most evergreens. These trees have short, stiff 
needles that grow singularly rather than in clusters like 
pine needles. The cones are small and have thin scales. 
Although the buds, needles, and stems have a strong 
resinous flavor, they provide essential vitamin C by 
chewing them raw. In spring and early summer, the 
inner bark can be used for food. 

(c} The dwarf arctic birch is a shrub with thin 
tooth-edged leaves and bark which peels off in sheets. 
The fresh green leaves and buds are rich in vitamin C. 
The inner bark may also be eaten. 

(d} There are many different species of willow in 
the arctic. Young tender shoots may be eaten as greens 
and the bark of the roots is also edible. They have a 
decidedly sour taste but contain a large amount of vita- 
min C (figure 18-50). 

(7) Lichens are abundant and widespread in the far 
North and can be used as a source of emergency food. 


Many species are edible and rich in starch-like sub- 
stances, including Iceland moss, peat moss and reindeer 
lichen. Beard lichen growing on trees has been used as 
food by Indians. However, some of it contains a bitter 
acid which causes irritation of the digestive tract. If 
lichens are boiled, dried, and powdered, this acid is 
removed and the powder can then be used as flour or 
made into a thick soup. 


18-9. Food on Open Seas. Almost all sea life is not 
only edible, but is also an excellent source of nutrients 
essential to humans. The protein is complete because it 
contains all the essential amino acids, and the fats are 
similar to those of vegetables. Seafoods are high in min- 
erals and vitamins, The majority of life in the sea (fish, 
birds, plants, and aquatic animals) is edible. 

a. Most seaweeds are edible and are a good source of 
food, especially for vitamins and minerals. Some sea- 
weeds contain as much as 25 percent protein, while 
others are composed of over 50 percent carbohydrates. 
At least 75 different species are used for food by sea- 
coast residents around the world. For many people, es- 
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Figure 18-41. Shell Fish. 





Figure 18-42. Baneberry. 
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pecially the Japanese, seaweeds are an essential part of 
the diet, and the most popular varieties have been suc- 
cessfully farmed for hundreds of years. The high cellu- 
lose content may require gradual adaptation because of 
their laxative quality if they comprise a large part of the 
diet. As with vegetables, some species are more flavorful 
than others. Generally, leafy green, brown, or red sea- 
weeds can be washed and eaten raw or dried. The fol- 
lowing list of edible seaweeds gives a description of the 
plant, tells where it may be found, and in many cases, 
suggests a method of preparation: 

(1} Common green seaweeds (figure 18-51), often 
called sea lettuce (Ulva lactuca), are in abundance on 
both sides of the Pacific and North Atlantic oceans. 
After washing it in clean water, it can be used as a 
garden lettuce. 

(2) The most common edible brown seaweeds are 
the sugar wrack, kelp, and Irish moss (figure 18-52). 

(a) The young stalks of the sugar wrack are sweet 
to taste. This seaweed is found on both sides of the 
Atlantic and on the coasts of China and Japan. 

(b) Edible kelp has a short cylindrical stem and 
thin, wavy olive-green or brown fronds one to several 
feet in length. It is found in the Atlantic and Pacific 
oceans, usually below the high-tide line on submerged 
ledges and rocky bottoms. Kelp should be boiled before 
eating. It can be mixed with vegetables or soup. 


WH "SS ROOTSTALK IS A VIOLENT 
PURGATIVE AND EMETIC 
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(c) Irish moss, a variety of brown seaweed, is j 
quite edible, and is often sold in market places. It is x 6-15” Tall 
found on both sides of the Atlantic Ocean and can be AN 7 
identified by its tough, elastic, and leathery texture; 
however, when dried, it becomes crisp and shrunken. It 
should be boiled before eating. It can be found at or just 
below the high-tide line. It is sometimes found cast up- 
on the shore. 
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Figure 18-43. Buttercup. Figure 18-44. Death Camas. 
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(3) Red seaweeds can usually be identified by their 
characteristic reddish tint, especially the edible vari- 
eties. The most common and edible red seaweeds in- 
clude the dulse, laver, and other warm-water varieties 
(figure 18-53). 

(a) Dulse has a very short stem which quickly 
broadens into a thin, broad, fan-shaped expanse which 
is dark red and divided by several clefts into short, 
round-tipped lobes. The entire plant is from a few in- 
ches to a foot in length. It is found attached to rocks or 
coarser seaweeds, usually at the low-tide level, on both 
sides of the Atlantic Ocean and in the Mediterranean. 
Dulse is leathery in consistency and is sweet to the taste. 
If dried and rolled, it can be used as a substitute for 
tobacco. 

(b) Laver ts usually red, dark purple, or purplish- 
brown, and has a satiny sheen or filmy luster. Common 
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Figure 18-45. False Hellebore. 
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to both the Atlantic and Pacific oceans, it has been used 
as food for centuries. This seaweed is used as a relish, or 
is cleaned and then boiled gently until tender. It can 
also be pulverized and added to crushed grains and 
fried in the form of flatcakes. During World War II, 
iaver was chewed for its thirst-quenching value by New 
Zealand troops. Laver is usually found on the beach at 
the low-tide level. 

(c) A great variety of red, warm-water seaweed is 
found in the South Pacific area. This seaweed accounts 
for a large portion of the native diet. When found on the 
open sea, bits of floating seaweed may not only be edi- 
ble but often contains tiny animais that can be used for 
food. The small fish and crabs can be dislodged by shak- 
ing the clump of seaweed over a container. 

b. Plankton includes both minute plants and animals 
that drift about or swim weakly in the ocean. These 
basic organisms in the marine food chain are generally 
more common near land since their occurrence depends 
upon the nutrients dissolved in the water. Plankton can 
be caught by dragging a net through the water. The taste 
of the plankton will depend upon the types of organisms 
predominant in the area. If the population is mostly fish 
larvae, the plankton will taste like fish. If the population 
is mostly crab or shellfish larvae, the plankton will taste 
like crab or shellfish. Plankton contains valuable prote- 
in, carbohydrates and fats. Because of its high chiton 
and cellulose content, however, plankton cannot be im- 
mediately digested in large quantities. Therefore, any- 
one subsisting primarily on a plankton diet must gradu- 
ally increase the quantities consumed. Most of the 
planktonic algae (phytoplankton) are smaller than the 
planktonic animals (zooplankton) and, although edible, 
are less palatable. Some plankton algae, for example, 
those dinoflagellates that cause “red tides” and paralytic 
shellfish poisoning, are toxic to humans. 

(1) If a survivor is going to use plankton as a food 
source, there must be a sufficient supply of freshwater 
for drinking. Each plankton catch should be examined 
to remove all stinging tentacles broken from jellyfish or 
Portuguese man-of-war. The primarily gelatinous spe- 
cies may aiso be selectively discarded since their tissues 
are predominately composed of saltwater. When the 
plankton is found in subtropical waters during the sum- 
mer months, and the presence of poisonous dinoflagel- 
lates is suspected (due to discoloration or high lumines- 
cence of the ocean), the edibility test should be applied 
before eating. 

(2) The final precaution which a survivor may wish 
to take before ingesting plankton is to feel or touch the 
plankton to check for species that are especially spiney. 
The catch should be sorted (visually) or dried and 
crushed before eating if it contains large numbers of 
these spiney species. 

c. Ifa fishing kit is available, the task of fishing will be 
made much easier. Small fish will usually gather under 
the shadow of the raft or in clumps of floating seaweed. 
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5.1. Wide and Flexible Bandwidth Technology 


mm Wave band communication and large-scale antennas are promising technologies for future 
5G networks. The mmWave band covers frequencies from 30 GHz to 300 GHz [202], and from 
an industry and wireless academia point of view, it is a unique solution for solving 5G capacity 
requirements [96]. mmWave band communications will provide high data rates [7,202,225—227] 
utilizing a much larger spectrum bandwidth that can reach up to 5 GHz [39] and by using 
directional antennas and high attenuation [40]. To provide sufficient antenna gain mmWave requires 
implementation of large-scale antennas at the transmitter and receiver side [96]. Deployment of 
large antenna arrays with mmWave will also bring high spectral efficiency, high throughput and 
channel gain [7]. Despite all of its advantages, mmWave needs line of sight (LOS) operation [41], while 
the effective communication distance of mmWave signals is within 200 m due to the propagation 
characteristic of this frequency band [29]. Open problems associated with mmWave include three 
dimensional (3D) channel modeling, dynamic power control, user scheduling and congestion control, 
hardware limitation and the adaptive beam-steering technique, as described in [7]. The problem of 
high power consumption of a large number of antennas in an array [7], high efficiency low complexity 
adaptive antenna array processing algorithms [29] and innovative hardware architecture of large-scale 
antenna transmitters [29] still remain unsolved. A proposal of design guidelines in architectures and 
protocols for mmWave communications is presented in [42]. It is demonstrated that new mmWave 
technologies, which are under investigation for 5G communications systems, will be able to provide 
indoor centimeter (cm)-accuracy localization in a robust manner, ideally suited for Assisted Living 
(AL) [228]. 

Heterogeneous multi-radio access technologies (multi-RAT) integration is specific to 5G 
networks radio design that coexists with existing networks. Since 5G networks will not be 
developed to replace current wireless networks, but rather to advance and integrate existing network 
infrastructures with new ones [217], we refer to 5G as a heterogeneous network. Multi-RAT is 
defined as the capability of a mobile network to support multiple radio access technology with 
seamless interworking among them [229]. When deployed in heterogeneous networks (HetNets), 
with traffic offloading among different RATs, multi-RAT improves capacity [230], supports better 
communication rates [34,117-119,231,232], better energy efficiency [34,117-119,231,232], and ensures 
seamless connectivity with higher QoS [230]. In designing a heterogeneous RAT, researches are finding 
solutions for cell-association and traffic-offloading algorithms [217]. 

Cognitive radio with spectrum sharing is a new software defined technology, which is expected 
to improve the utilization of the congested radio frequency (RF) spectrum [43]. In 5G networks, it 
is used for designing multi-tier architectures, removing interference among cells, and minimizing 
energy consumption in the network [44-47,120,233]. Moreover, a spectrum sharing technique can 
be used along with the CR technology to integrate the 5G spectrum [48,121]. During the practical 
implementation of the CR and spectrum sensing (SS) technique researchers had to design cooperative 
frameworks, choose cooperative secondary users and transmit cooperative information during 
the spectrum sensing, further developing the framework and algorithms for the group handoff 
of secondary users and enhancing security [29]. Researchers are already working on designs of 
protocols for different loT application, based on cognitive radio, and some of them are presented 
in [49-51,122]. Technologies in this group are used together to optimize 5G performance requirements 
(e.g., a prototype of mmWave integrated HetNet in [123] and HetNet that incorporates massive 
multiple-input and multiple-output (mMIMO) and mmWave technologies [217]). 


5.2. Advanced Modulation and Coding 


This technological group involves advanced modulation (i.e., frequency and quadrature 
amplitude modulation (FQAM)) and advanced channel coding schemes. 

Advanced modulation schemes group includes FQAM, Amplitude and Phase Shift Keying 
(APSK), Unitary Space-Time Modulation (USTM), Spatial Modulation (SM), Wave Modulation 
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Figure 18-46, Monkshood and Larkspur. 


These fish can be eaten or used as bait for larger fish. A 
net can also be used to procure most all sea life. Light 
attracts some types of fish. A flashlight or reflected 
moonlight can be used. It is not advisable to secure 
fishing lines to the body or the raft because a large fish 
may pull a person out of the raft or damage the raft. 
Fish, bait, or bright objects dangling in the water can 
attract large dangerous fish. All large fish should be 
killed outside the raft by a blow to the head or by cut- 
ting off the head. 

d, Sea birds have proven to be a useful food source 
which may be more easily caught than fish. Survivors 
have reported capturing birds by using baited hooks, by 
grabbing, and by shooting. Freshly killed birds should 
be skinned, rather than plucked, to remove the oil 
glands. They can be eaten raw or cooked. The gullet 
contents can be a good food source. The flesh should be 
eaten or preserved immediately after cleaning. The vis- 
cera, along with any other unused parts, make good fish 
bait. 
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e. Marine mammals are rarely encountered by a per- 
son in the water, although they may be seen from a 
distance. Any large mammal is capable of inflicting in- 
juries, but unless such mammals are pursued, they will 
generally avoid people. The killer whale (Orca) is rarely 
seen and, although large enough to feed on humans, has 
never been known to do so. Almost all sea mammals are 
a good source of food but difficult to obtain. The liver, 
especially that of any arctic or cold-water mammal, 
should not be eaten because of toxic concentrations of 
vitamin A. 

f. All sea life must be cleaned, cut up, and eaten as 
soon as possible to avoid spoilage. Any meat left over 
can be preserved by sun-drying or smoking. The inter- 
nal parts can be used as bait. If any doubt exists as to 
the edibility of a seafood, apply the “marine animal 
edibility test” found in chapter 11. 


18-10. Preparing Animal Food. Survivors must know 
how to use the meat of game and fish to their advantage 
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and how to do this with the least effort and physical 
exertion. Many people have died from starvation be- 
cause they had failed to take full advantage of a game 
carcass. They abandoned the carcass on the mistaken 
theory that they could get more game when needed. 


a. If the animal is large, the first impulse is usually to 


pack the meat to camp. In some cases, it might be easier 
to move the camp to the meat. A procedure often advo- 
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Figure 18-47. Lupine. 
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cated for transporting the kill is to use the skin as a sled 
for dragging the meat. When the entire animal is drag- 
ged, this method may prove satisfactory only on frozen 
lakes or rivers or over very smooth snow-covered ter- 
rain. In rough or brush-covered country, however, it is 
generally more difficult to use this method, although it 
will work. Large mountain animals can sometimes be 
dragged down a snow-filled gully to the base of the 
mountain. If meat is the only consideration, and the 
survivors do not care about the condition of the skin, 
mountain game can sometimes be rolled for long dis- 
tances. Before transporting a whole animal, it should be 
gutted and the incision closed. Once the bottom of the 
hill is reached, almost invariably the method is either to 
backpack the meat to camp, making several trips if no 
other survivors are present, or to pack the camp to the 
animal, Under survival conditions, home is on the back. 
When the weight of the meat proves excessive and mov- 
ing the camp is not practical, some of the meat could be 
eaten at the scene. The heart, liver, and kidneys should 
be eaten as soon as possible to avoid spoilage. 


(1) Under survival conditions, skinning and butch- 
ering must be done carefully so that ail edible meat can 
be saved. When the decision is made to discard the skin, 
a rough job can be done. However, considerations 
should be given to possible uses of the skin. A square of 
fresh skin, long enough to reach from the head to the 
knees, will not weigh much less when it is dried, and is 
an excellent ground cloth for use under a sleeping bag 
on frozen ground or snow. The best time to skin and 
butcher an animal is immediately after the kill. Howev- 
er, if an animal is killed late in the day, it can be gutted 
immediately and the other work done the next morning. 
An effort to keep the carcass secure from predators 
should be made. 


(2) When preparing meat under survival condi- 
tions, all edible fat should be saved. This is especially 
important in cold climates, as the diet may consist al- 
most entirely of lean meat. Fat must be eaten in order to 
provide a complete diet. Rabbits lack fat. and the fact 
that a person will die after an extended diet consisting 
only of rabbit meat indicates the importance of fat in a 
primitive diet. The same is true of birds, such as the 
ptarmigan. 


(3) Birds should be handied in the same manner as 
other animals. They should be cleaned after killing and 
protected from flies, Birds, with the exception of sea 
birds, should be plucked and cooked with the skin on. 
Carrion-eating birds, such as vultures, must be boiled 
for at least 20 minutes to kill parasites before further 
cooking and eating. Fish-eating birds have a strong, fish- 
oil flavor. This may be lessened by baking them in mud 
or by skinning them before cooking. 
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Figure 18-48. Vetch and Locoweed. 


b. There are two general ways to skin animals depend- 
ing upon the size: the big game method, or the glove 
skinning method. 

(1) Survivors should use the big game method when 
skinning and butchering large game. 

(a) The first step in skinning is to turn the animal 
on its back and with a sharp knife, cut through the skin 
on a Straight line from the tail bone to a point under its 
neck as illustrated in figure 18-54. In making this cut, 
pass around the anus and, with great care, press the skin 
open until the first two fingers can be inserted between 
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the skin and the thin membrane enclosing the entrails. 
When the fingers can be forced forward, place the blade 
of the knife between the fingers, blade up, with knife 
held firmly. While forcing the fingers forward, palm up- 
ward, follow with the knife blade, cutting the skin but 
not cutting the membrane. 

(b) If the animal is a male, cut the skin parallel to, 
but not touching the penis, If the tube leading from the 
bladder is accidentally cut, a messy job and unclean 
meat will result. If the gall or urine bladders are broken, 
washing will help clean the meat. Otherwise, it is best 
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Figure 18-49. Water Hemlock. 


not to wash the meat but to allow it to form a protective 
glaze. 

(c) On reaching the ribs, it is no longer possible to 
force the fingers forward, because the skin adheres more 
strongly to flesh and bone. Furthermore, care is no long- 
er necessary. The cut to point C can be quickly complet- 
ed by alternately forcing the knife under the skin and 
lifting it. With the central cut completed, make side cuts 
consisting of incisions through the skin, running from 
the central cut (A-C) up the inside of each leg to the 


ZN 


AFR 64-4 Voll 15 July 1985 


3-7’ Tall 


ALL PARTS ARE POISONOUS, 
ESPECIALLY THE ROOTSTALK 


ae 
ue Po) 


3 


i) 


=e 


It 

nag: F 

ul 
uy 


: 


-~ we ~ 
“wl 
a Video ogg ttt ton soe 


nit! 


Ves 





knee and hock joints. Then make cuts around the front 
legs just above the knees and around the hind legs above 
the hocks. Make the final cross cut at point C, and then 
cut completely around the neck and in back of the ears. 
Now is the time to begin skinning. 

(d) On a small or medium-sized animal, one per- 
son can skin on each side. The easiest method is to 
begin at the corners where the cuts meet. When the 
animal is large, three people can skin at the same time. 
However, one should remember that when it is getting 
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Figure 18-50. Arctic Willow. 


dark and hands are clumsy because of the cold, a sharp 
skinning knife can make a deep wound. After skinning 
down the animal’s side as far as possible, rofl the carcass 
on its side to skin the back. Then spread out the loose 
skin to prevent the meat from touching the ground and 
turn the animal on the skinned side. Follow the same 
procedure on the opposite side until the skin is free. 

(e) In opening the membrane which encloses the 





entrails, follow the same procedure used in cutting the 
skin by using the fingers of one hand as a guard for the 
knife and separating the intestines from membrane. 
This thin membrane along the ribs and sides can be cut 
away in order to see better. Be careful to avoid cutting 
the intestines or bladder. The large intestine passes 
through an aperture in the pelvis. This tube must be 
separated from the bone surrounding it with a knife. Tie 
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Figure 18-52. Edible Brown Seaweeds. 
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THREE FORMS OF DULSE 


Figure 18-53. Edible Red Seaweeds. 


a knot in the bladder tube to prevent the escape of 
urine. With these steps completed, the entrails can be 
easily disengaged from the back and removed from the 
carcass. Another method of gutting or field dressing is 
shown in figure 18-55. After gutting is completed, it 
may be advisable to hang the animal. Figure 18-56 
shows two methods. (NOTE: If it is hot, gut the animal 
before skinning it.) 

(f) The intestines of a well-conditioned animal 
are covered with a lace-like layer of fat which can be 
lifted off and placed on nearby bushes to dry for later 
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use. The gall bladder which is attached to the liver of 
some animals should be carefully removed. If it should 
happen to rupture, the bile will taint anything it 
touches. Be sure to clean the knife if necessary. The 
kidneys are imbedded in the back, forward of the pelvis, 
and are covered with fat. Running forward from the 
kidneys on each side of the backbone are two long strips 
of chop-meat or muscle called tenderloin or backstrap. 
Eat this after the liver, heart, and kidneys as it is usually 
very tender. Edible meat can also be removed from the 
head, brisket, ribs, backbone, and pelvis. 
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Figure 18-54. Big Game Skinning. 
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(g} Large animals should be quartered. To do 
this, cut down between the first and second rib and then 
sever the backbone with an axe or machete. Cut through 
the brisket of the front half and then chop lengthwise 
through the backbone to produce the front quarters. On 
the rear half, cut through the pelvic bone and lengthwise 
through the backbone. To make the load lighter and 
easier to transport, a knife could be used to bone the 
animal, thereby eliminating the weight of the bones. 
Butchering is the final step and is simplified for survival 
purposes, The main purpose is to cut the meat in man- 
ageable size portions (figure 18-57). 

(2) Glove skinning is usually performed on small 
game (figure | 8-58). 

(a) The initial cuts are made down the insides of 
the back legs. The skin is then peeled back so that the 
hindquarters are bare and the tail is severed. To remove 
the remaining skin, pull it down over the body in much 
the same way a pullover sweater is removed. The head 
and front feet are severed to remove the skin from the 
body. For one-cut skinning of small game, cut across the 
lower back and insert two fingers under each side of the 
slit. By pulling quickly in opposite directions, the hide 
will be easily removed (figure 18-59). 

{b) To remove the internal organs, a cut should 
be made into the abdominal cavity without puncturing 
the organs. This cut must run from the anus to the neck. 
There are muscles which connect the internal organs to 
the trunk and they must be severed to allow the viscera 
to be removed, A rabbit may be gutted by using a knife- 
less method with no mess and little time lost. Squeeze 
the entrails toward the rear resulting in a tight bulging 
abdomen. Raise the rabbit over the head and sling it 
down hard striking the forearms against the thighs. The 
momentum will expel the entrails through a tear in the 
vent (figure 18-60), Save the internal organs such as 
heart, liver, and kidneys, as they are nutritious. The 
liver should be checked for any white blotches and dis- 
carded if affected as these indicate tularemia (also 
known as rabbit fever). The disease is transmitted by 
rodents but also infects humans. 

c. Cold-blooded animals are generally easy to clean 
and prepare. 

(1) Snakes and lizards are very similar in taste and 
they have similar skin. Like the mammals, the skin and 
viscera should be removed. The easiest way to do this is 
to sever the head and (or) legs. In the case of a lizard, 
peel back enough skin so that it may be grasped securely 
and simply pull it down the length of the body turning 
the skin inside out as it goes. If the skin does not come 
away easily, a cut down the length of the animal can be 
made. This will allow the skin to part from the body 
more easily. The entrails are then removed and the 
animal is ready to cook. 

(2) Except for the larger amphibians such as the 
bullfrog, the hind legs are the largest portion of the 
animal worth saving. To remove the hindquarters, sim- 
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ply cut through the backbone with a knife, leaving the 
abdomen and upper body. Pull the skin from the legs 
and they are ready to cook. With the bullfrogs and larg- 
er amphibians, the whole body can be eaten. The head, 
the skin, and viscera should be removed and discarded 
(use as bait to catch something else). 

d. Most fish need little preparation before they are 
eaten. Scaling the fish before cooking is not necessary. A 
cut from the anus to the gills will expose the internal 
organs which should be removed. The gills should also 
be removed before cocking. The black line along the 


Cut around the anus. If the animal is male cut 
the skin parallel to but not touching the penis. 


Cut the diaphragm at the rib cage. 


Turn the animal on its 
side and roll the entrails out. 


The edible parts may be cetrieved. 


Figure 18-55. Field Dressing. 
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inside of the backbone is the kidney and should be 
removed by running a thumbnail from the tail to the 
head. There is some meat on the head and should not be 
discarded. See figure 18-61 for one method of filleting a 
fish. 

e. All birds have feathers which can be removed in 
two ways: by plucking or pulling out the feathers, and by 
skinning. The gizzard, heart, and liver should be re- 
tained. The gizzard should be split open as it contains 
partially digested food and stones which must be dis- 
carded before being eaten. 


Insert the first two fingers between 
the skin and membsane enclosing 

the entrails. Place knife blade between 
the two fingers and extend the cut to 
the chin. Repeat this process on the 
abdominal membrane and chest. 





Cut through the pelvic 

bone and remove the anus. Saae? 
Split open the breast and remove 

as much of the windpipe as possible. 
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Figure 18-56. Hanging Game. 


f. Insects are an excellent food source and they re- 
quire little or no preparation. The main point to re- 
member is to remove all hard portions such as the hind 
legs of a grasshopper and the hard wing covers of beet- 
les. The rest is edible. 
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Figure 18-57. Butchering. 


18-11, Cooking. All wild game, large insects (grasshop- 
pers), freshwater fish, clams, mussels, snails, and craw- 
fish must be thoroughly cooked to kill internal parasites. 
Mussels and large snails may have to be minced to make 
them tender. 

a. Boiling is the most nutritious, simplest, and safest 
method of cooking (figure 18-62). Numerous containers 
can be used for boiling; for example. a metal container 
suspended above, or set beside, a heat source to boil 
foods. Green bamboo makes an excellent cooking 
container. Stone boiling is a method of boiling using 
super-heated rocks and a container that holds water but 
cannot be suspended over an open flame. Example of 
containers are survival kit containers, flying helmet, a 
hole in the ground lined with waterproof material, or a 
hollow log. The container is filled with food and water 
and then heated with super-hot stones until the water 
boils. Stones from a stream or damp area should not be 
used. The moisture in the stones may turn to steam and 
cause the stone to explode while the stones are being 
heated in the fire. The container should be covered and 
new stones added as the water stops boiling. The rocks 
can be removed with the aid of a wire secured to the 
rock before being put into the container or two sticks 
used in a chopstick fashion. 

b. Baking is a good method of cooking as it is slow 
and is usually done by putting food into a container and 
cooking it slowly. Baking is often used with various 
types of ovens. Foods may be wrapped in wet leaves 
(figure 18-63) (avoid using a type of plant that will give 
an unpleasant flavor to what is being cooked), placed 
inside a metal container, or they may be packed with 
mud or clay and placed directly on the coals. Fish and 
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(WAM), and Orthogonal Time Frequency and Space (OTFS). The FQAM is a combination of 
frequency shift keying (FSK) and quadrature shift keying (QAM) [124-126]. This modulation can 
achieve a higher transmission rate for cell edge users reducing interference at cell edge [52,234—236]. 
FQAM also improves energy efficiency, which makes it adequate for MTC devices with stringent 
energy consumption requirements [124]. Due to performance advantages in terms of Frame Error 
Rate (FER) [53,236], FOAM is an ideal candidate for services with high coverage and reliability 
requirements [237]. APSK is another modulation which draws a lot of attention. It is shown that 
its main performance gain (i.e., to achieve a channel capacity very close to Shannon’s) relies on 
advanced channel coding and demodulation algorithms [237]. This adds more complexity at the APSK 
transmitter and receiver. Another modulation, which does not need Channel State Information (CSI) to 
enable high throughput, is called USTM [237]. USTM and its extension (see [238]) is very useful for 5G 
services with high mobility [127] or latency and reliability constraints [239]. Other modulation schemes 
involve SM [128], and proprietary WAM and OTFS [237]. On the basis of the foregoing, researches 
have analyzed and compared many modulation forms, but still have not found a practical guide on 
how to choose modulation in any of the 5G use cases. 

Advanced channel coding techniques are used for correcting the communication errors caused 
by noise, interference, and poor signal strength [129]. Authors in [54,129,130] compared turbo, 
low density parity check (LDPC) and polar codes in decoders in contrast to 5G requirements: 
(1) maturity; (2) throughput and latency; (3) error correction capability; (4) flexibility; (5) computation 
complexity; (6) interconnect complexity; (7) high-performance flexible implementation complexity; 
and (8) backward compatibility. This comparison showed that turbo codes hold the greatest promise 
for offering high performance throughputs, latencies and error correction capabilities, as well as high 
degrees of flexibility at the lowest implementation complexity [129] in most 5G use cases. However, 
further work is needed to implement a decoder based on this code followed by detail analysis. 


5.3. Duplexing 


This technological group includes in-band full duplexing (FD) and dynamic time division 
duplexing (TDD). 

In-band FD or simultaneous data transmission and reception will provide a 1000-fold increase 
in throughput [131,240], double spectral efficiency [132,240], and reduce the air interface delay [240]. 
The central research problem for the practical implementation of an in-band full-duplex radio 
is the attenuation of the self-interference signal by an adequate amount [132]. For the practical 
implementation of an in-band full-duplex radio, many aspects of network design and management 
need to be restructured, where terminals antenna and circuit design and the development of theoretical 
foundation are in focus [55]. One practical implementation of the full-duplex radio is shown in [133]. 
Authors in [134] commented that for the design of a full-duplex radio, it is necessary to unify researches 
from three domains, i.e., RF circuit and system design, digital signal processing and networking. 

Dynamic TDD is the predecessor of FD transmission technology and a candidate for 
5G [133,135]. It represents a scheduling technique in which every base station (BS) is free to choose 
its own uplink /downlink (UL/DL) split [136-139]. This technique is used to adapt the allocation of 
network resources to variable traffic requirements [139,140], often found in ultra-densely deployed 
networks [141]. The dynamic TDD can significantly increase bandwidth efficiency [142] and provide 
higher throughput and low latency [141]. However, it is characterized by the severe co-channel 
interference (CCI) [141-143]. Dynamic TDD could be used in combination with D2D communication 
and in the self-backhauling scenario, as described in [55]. 


5.4. Multiple Access and Waveforms 


Multiple access techniques are becoming an important technology in 5G because of their ability 
to support mMTC activity-based IoT classes with urgent deploy demand [144]. They include several 
non-orthogonal multiple access (NOMA) forms: multi-user shared multiple access (MUSA) [145-148], 
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Figure 18-58. Glove Skinning. 


birds packed in mud and baked must not be skinned 
because the scales, skin, or feathers will come off the 
animal when the mud or clay is removed. Clambake- 
style baking is done by heating a number of stones in a 
fire and allowing the fire to burn down to coals. A layer 
of wet seaweed or leaves is then placed over the hot 
rocks. Food such as mussels and clams in their shells are 
placed on the wet seaweed and (or) leaves (figure 18-64). 
More wet seaweed and (or) leaves and soil is used as a 
cover. When thoroughly steamed in their own juices, 
clam, oyster, and mussel shells will open and may be 
eaten without further preparation. 


c. Any type of food can be cooked in the ground in a 
rock oven (figure 18-65). First, a hole is dug about 2 feet 
deep and 2 or 3 feet square, depending on the amount 
of food to be cooked. The sides and bottom are then 
lined with rock. Next, procure several green trees about 
6 inches in diameter and long enough to bridge the hole. 
Firewood and grass or leaves for insulation should also 
be gathered. A fire is started in the hole. Two or three 
green trees are placed over the hole and several rocks 
ate placed on the trees. The fire must be maintained 
until the green trees burn through. This indicates the 
fire has burned long enough to thoroughly heat the rocks 
and the oven is ready. The fallen rocks, fire, and ash are 
removed from the hole and a thin layer of dirt is spread 
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over the bottom. The insulating material (grass, leaves, 
moss, etc.) is placed over the soil, then the food more 
insulating material on top and around the food, another 
thin layer of soil, and the extra hot rocks are placed on 
top. The hole is then filled with soil up to ground level. 
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Figure 18-59. Small Animal Skinning. _ 
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A GRASP yey WITH BOTH HANDS 
AT THE RIB CAGE. 


B SQUEEZE ‘iat TOWARDS 
THE STOMACH. 


C SQUEEZING TIGHTLY, 
| _FUING CARCASS BETWEEN YOUR LEGS. 








C , iW au 


AY, 4 Si aS 


REE ANS FOLLOWING THE BACKBONE, 
CUT BEHIND THE GILL WR SS SLICE TOWARD THE TAIL AND 
PLATES ON EACH SIDE. \ CUT THE FLESH AWAY FROM THE BONE. 


HOLD THE TAIL SKIN - SIDE DOWN 
ON A FLAT SURFACE AND CUT FORWARD 
WITH A SLIGHT SAWING MOTION. 





Figure 18-61. Filleting a Fish. 
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Small pieces of meat (steaks, chops, etc.) cook in 1% to 2 
j hours and large pieces take 5 to 6 hours, 

d. Roasting is less desirable as it involves exposing 
the food to direct heat which quickly destroys the nutri- 
tional properties (figure 18-66). Putting a piece of meat 
on a stick and holding it over the fire is considered 
roasting. 

e. Broiling is the quickest way to prepare fish. A rock 
broiler may be made by placing a layer of small stones 
on top of hot coals, and laying the fish on the top. 
Scaling the fish before cooking is not necessary, and 
small fish need not be cleaned. Cooked in this manner, 
fish have a moist and delicious flavor. Crabs and lob- 
sters may also be placed on the stones and broiled. 

f. Meat may be cooked by laying it on a flat board or 
stone (planking) which is propped up close to the fire 
(figure 18-67). The meat will have to be turned over at 
least once to allow thorough cooking. The cooking time 
depends on how close the meat is to the fire. 

g. Frying is by far the least favorable method of pre- 
paring food. It tends to make the meat tough because 
most all of the natural juices are cooked out of the meat. 
Some of the nutritional value of the meat will also be 
destroyed. Frying can be done oh any nonporous sur- 
face which can be heated. Examples are unpainted air- 
craft parts, turtle shells, large seashells, flat rocks, and 
some survivial kit parts. 


18-12. Preparing Food in Enemy Areas. The problem 
of preparing food in a hostile area becomes acute when 
a fire, even a small cooking fire, can bring about capture. 
After finding food in a hostile area, the problem of pre- 
paring the food in a manner which will not compromise 
the survivors presence must be resolved. Of course, it 








a 


Figure 18-63. Baking. 
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Figure 18-64. Clam Baking. 
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Figure 18-65. Rock Oven. 
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Figure 18-66. Broiling and Roasting. 


would be simple to state that the best solution would be 
to eat the food without cooking it. 

a. In some respects, this would be a more reasonable 
solution than it might initially seem to be. From the 
standpoint of palatability, it is mostly a matter of ad- 
justing the “frame of mind.” Animal foods are recog- 
nized as being palatable when cooked to a very minor 
degree. The need for food cannot be ignored and the 
situation may demand that it be eaten partially cooked 
or even uncooked. 

b. With regard to the health considerations involved, 
many of the reasons for cooking are recognized as a 
means of destroying organisms that may be present in 
the food and can cause sickness or ill effects if they enter 
into the body. Under survival conditions in a hostile 
area, one may be forced to forego thorough cooking and 
accept the risk involved until their return to friendly 
forces where professional treatment is available. 
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c. Assuming that there will have to be a way to pre- 
pare food under hostile conditions, a survivor should be 
aware of some of the ways in order to achieve some 
degree of safety, and at the same time, improve palat- 
ability. Parasites and other organisms living in the flesh 
of the animals depend upon the body temperature of the 
animals, the moisture within the flesh of the animals, 
and other factors to support their life. Any action that 
modifies these conditions (for example, freezing or thor- 
ough drying of the meat) and kills some parasites may 
improve the palatability. 

d. If cooking is considered necessary, use extreme 
care in selecting the site for a fire and ensure that securi- 
ty considerations are favorable. The food should be pre- 
pared in very small quantities in order to keep the size 
of the fire as small as possible. The use of the “Dakota 
Hole” configuration is more appropriate for cooking 
food during a tactical situation (figure 16-14). 


18-13. Preserving Food. Finding natural foods is an 
uncertain aspect of survival. The survivor must make 
the best use of the available food. Food, especially meat, 
has a tendency to spoil within a short period of time 
unless it is preserved. There are many ways to preserve 
food: some of the most common are cooking, refrigera- 
tion, freezing, and dehydration. 





Figure 18-67. Planking. 
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a. Cooking will slow down the decomposition of food 
but will not eliminate it. This is because many bacteria 
are present which work to break it down. Cooking meth- 
ods which are the best for immediate consumption, 
such as boiling, are the least effective for preserving 
food. Food should be recooked every day until all is 
consumed. 

b. Cooling is an effective method of storing food for 
short periods of time. Heat tends to accelerate the de- 
composition process where cooling retards decomposi- 
tion. The colder food becomes, the less the likelihood of 
deterioration until freezing eliminates decomposition. 
Cooling devices available to a survivor are: 

(1) Food items buried in snow will maintain a tem- 
perature of approximately 32°F. 

(2) Food wrapped in waterproof material and 
placed in streams will remain cool in summer months. 
Care should be taken to ensure food is secured. 

(3) Earth, beiow the surface, particularly in shady 
areas or along streams, remains cooler than the surface. 
A hole may be dug, lined with grass, and covered to 
form an effective cool storage area much the same as a 
root celler. 

(4) When water evaporates, it tends to cool down 
the surrounding area. Using this fact, articles of food 
may be wrapped in an absorbent material such as cotton 
or burlap and rewetted as the water evaporates. 


Figure 18-68. Sun-Drying. 
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c. Once food is frozen, it will not decompose. Food 
should be frozen in meal-sized portions so refreezing is 
avoided. 

d. Drying removes all moisture and preserves the 
food. Drying is done by sunning, smoking, or burying it 
in hot sand. 

(1} For sun-drying, the food should be sliced very 
thin and placed in direct sunlight. Meat should be cut 
across the grain to improve tenderness and decrease 
drying time. If salt is available, it should be added to 
improve flavor and accelerate the drying process (figure 
18-68). 


(2) Smoking is a process done through the use of 
nonresinous wood such as willow or aspen and is used 
to produce smoke which adds flavor and dries the meat. 
A smoke rack is also necessary to contain the smoke 
(figure 18-69). The following are the procedures for dry- 
ing meat using smoke: 

(a) Cut meat very thin and across the grain. If the 
meat is warm and difficult to slice thin, cut the meat in | 
or 2-inch cubes and beat it thin with a clean wooden 
mallet (improvised). 

(b) Remove fat. 

(c) Hang the meat on a rack so each piece is 
separate. 

(d) Elevate meat no less than 2 feet above coals. 
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@ CUT MEAT VERY THIN AND ACROSS THE GRAIN 

@ REMOVE FAT 

@ HANG EACH PIECE SEPARATELY 

@ ELEVATE MEAT NO LESS THAN 2 FEET ABOVE COALS 


@ PLACE COALS IN BOTTOM OF SMOKE RACK WITH 
GREEN WOOD CHIPS (WILLOW, ASPEN, APPLE, ETC.) 
ON TOP TO PRODUCE SMOKE 


Figure 18-69. Smoke-Drying. 


(e) Coals are placed in the bottom of a smoke 
rack with green woodchips on top to produce smoke. 

e. The method used to preserve fish through warm 
weather is similar to that used in preserving meat (figure 
18-70). When there is no danger of predatory animals 
disturbing the fish, the fish should be placed on avail- 
able fabric and allowed to cool during the night. Early 
the next morning, before the air gets warm, the fish 
should be rolled in moist fabric (and leaves). This bun- 
dle can be placed inside the survivor’s pack. During the 
rest periods, or when the pack is removed, it should be 
placed in a cool location out of the Sun’s rays. 


(1) Fish may be dried in the same manner de- 
scribed for smoking meat. To prepare fish for smoking, 
the heads and backbone are removed and the fish are 
spread flat on a grill. Thin willow branches with bark 
removed make skewers. 

(2) Fish may also be dried in the Sun. They can be 
suspended from branches or spread on hot rocks. When 





the meat has dried, sea water or salt should be used on 
the outside, if available. 

f. In survival environments, there are many animals 
and insects that will devour a survivor's food if it is not 
correctly stored. Protecting food from insects and birds 
is done by wrapping it in parachute material, wrapping 
and tying brush around the bundle, and finally, wrap- 
ping it with another layer of material. This creates 
“dead air” space making it more difficult for insects and 
birds to get to the food. If the outer layer is wetted, 
evaporation will also cool the food to some degree. In 
most cases, if the food is stored several feet off the 
ground, it will be out of reach of most animals. This 
can be done by hanging the food or putting it into a 
“cache”. If the food is dehydrated, the container must 
be completely waterproof to prevent reabsorption. Fro- 
zen food will remain frozen only if the outside tempera- 
ture remains below freezing. Burying food is a good way 
to store as long as scavengers are not in the area to 
uncover it. Insects and small animals should also be 
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1, Arrange fish on avaitable fabric. 


2. Turn down the upper edge of wrap over 
the top line of fish and turn up the lower 
edge over the lower line. 


3. Fold in the center as shown. 


4. Then begin on the edge and roll the 
wrap. You will have a rounded roll of pro- 
tected fish. This rofl should be securely, but 
not tightly, tied and wrapped in a sleeping 
bag, parachute fabric or clothing, as you 
would do with meat. 





Figure 18-70. Preserving Fish. 
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remembered when burying the food. Food should never 
be stored in the shelter as this may attract wild animals 
and could be hazardous to the survivors. 


18-14. Preparing Plant Food. Preparing plant foods can 
be more involved than preparing animal life. 

a. Some plant foods, such as acorns and tree bark may 
be bitter because of tannin. These plants will require 
leaching by chopping up the plant parts, and pouring 
several changes of fresh water over them. This will help 
wash out the tannin, making the plant more palatable. 
Other plants such as cassava and green papaya must be 
cooked before eating to break down the harmful en- 
zymes and chemical crystals within them and make 
them safe to eat. Plants such as skunk cabbage must 
undergo this cooking process several times before it is 
safe to eat. 

b. All starchy foods must be cooked since raw starch 
is difficult to digest. They are boiled, steamed, roasted, 
or fried and are eaten plain, or mixed with other wild 
foods. The manioc (cassava) is best cooked, because the 
bitter form (green stem) is poisonous when eaten raw. 
Starch is removed from sago palm, cycads, and other 
starch-producing trunks by splitting the trunk and 
pounding the soft, whitish inner parts with a pointed 
club. This pulp is washed with water and the white sago 
(pure starch) is drained into a container. It is washed a 
second time, and then it may be used directly as a flour. 
One trunk of the sago palm will supply a survivor’s 
starch needs for many wecks. 

c. The fiddleheads of all ferns are the curled, young 
succulent fronds which have the same food value as 
cabbage or asparagus. Practically all types of fiddleheads 
are covered with hair which makes them bitter. The hair 
can be removed by washing the fiddleheads in water. If 
fiddleheads are especially bitter, they should be boiled 
for 10 minutes and then reboiled in fresh water for 30 to 
40 minutes. Wild bird eggs or meat may be cooked with 
the fiddleheads to form a stew. 

d. Wild grasses have an abundance of seeds, which 
may be eaten boiled or roasted after separating the chaff 
from the seeds by rubbing. No known grass is poison- 
ous. If the kernels are still soft and do not have large 
stiff barbs attached, they may be used for porridge. If 
brown or black rust is present, the seeds should not be 
eaten (Ergot Poisoning). To gather grass seeds, a cloth is 
placed on the ground and the grass heads beaten with 
sticks. 

e. Plants that grow in wet places along margins of 
rivers, lakes, and ponds, and those growing directly in 
water are of potential value as survival food. The succu- 
lent underground parts and stems are most frequently 
eaten. Poisonous water plants are rare. In temperate 
climates, the water hemlock is the most poisonous plant 
found around marshes and ponds. In the tropics, the 
various members of the calla lily family often grow in 
very wet places. The leaves of the calla lily look like 
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Figure 18-71. Cattails. 


arrowheads. Jack-in-the-pulpit, calla lily, and sweet flag 
are members of the Arum family. To be eaten, the mem- 
bers of this plant family must be cooked in frequent 
changes of water to destroy the irritant crystals in the 
stems. Two kinds of marsh and water plants are the 
cattail and the water lly. 

(1) The cattail (Typha) is found worldwide except 
in tundra regions of the far north (figure 18-71). Cattails 
can be found in the more moist places in desert areas of 
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all continents as well as in the moist tropic and temper- 
ate zones of both hemispheres. The young shoots taste 
like asparagus. The spikes can be boiled or steamed 
when green and then eaten. The rootstalks, without the 
outer covering, are eaten boiled or raw. Cattail roots can 
be cut into thin strips, dried, and then ground into flour. 
They are 46 percent starch, 11 percent sugar, and the 
rest is fiber. While the plant is in flower, the yellow 
polien is very abundant; this may be mixed with water 
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Figure 18-72. Water Lilies. 


and made into small cakes and steamed as a substitute 
for bread. 

(2) Water lilies (Nymphaea and Nuphar) occur on 
all the continents, but principally in southern Asia, Afri- 
ca, North America, and South America (figure 18-72). 
Two main types are: 

(a) Temperate water lilies produce enormous 
rootstalks and yellow or white flowers which float on the 
water. 

(b) Tropical water lilies produce large edible tu- 
bers and flowers which are elevated above the water 
surface. 

(3) Rootstalks or tubers may be difficult to obtain 
because of deep water. They are starchy and high in 
food value. They can be eaten either raw or boiled. 
Stems may be cooked in a stew. Young seed pods may 
be sliced and eaten as a vegetable. Seeds may be bitter, 
but are very nourishing. They may be parched and 
rubbed between stones as flour. The water lily is consid- 
ered an important food source by native peoples in 
many parts of the world. 
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f. Nuts are very high in nutritional value and usually 
can be eaten raw, Nuts may be roasted in the fire or 
roasted by shaking them in a container with hot coals 
from the fire. They may then be ground to make a flour. 
If a survivor does not wish to eat a plant or plant part 
raw, it can be cooked using the same methods used in 
cooking meat—by boiling, roasting, baking, broiling, or 
frying. 


g. If survivors have been able to procure more plant 
foods than can be eaten, the excess can be preserved in 
the same manner as animal foods. Plant foods can be 
dried by wind, air, sun, or fire, with or without smoke. A 
combination of these methods can be used. The main 
object is to remove the moisture. Most wild fruits can 
be dried. If the plant part is large, such as some tubers, 
it should be sliced, and then dried. Some type of protec- 
tion may be necessary to prevent consumption and (or) 
contamination by insects. Extra fruits or berries can be 
carried with the survivor by wrapping them in leaves or 
moss. 


Symmetry 2017, 9,213 21 of 38 


resource spread multiple access (RSMA) [149], sparse code multiple access (SCMA) [150-152], pattern 
division multiple access (PDMA) [153-155], interleave-division multiple access (IDMA) [156,157], 
and NOMA by power domain [158]. The NOMA is a radio access technology design for enabling 
greater spectrum efficiency [56,159-162,207], higher cell-edge throughput, relaxed channel feedback, 
and low transmission latency [99]. NOMA can be employed to enhance user fairness and to support 
massive connections with diverse QoS requirements [163]. In NOMA, there are several challenges 
and open issues, such as dynamic user pairing, the impact of transmission distortion, the impact of 
interference, resource allocation, NOMA with multiple antennas, heterogeneous networks, outage 
probability analysis, practical channel model, uniform fairness, NOMA with antenna selection, carrier 
aggregation and other challenges as discussed in [216]. There are still many challenging issues for 
SCMA, which need to be solved in future work. For example, there are several open issues in SCMA 
transceiver design [57], the optimization of algorithms for user grouping and power allocation [164], 
and further enhancement of the SCMA and MIMO combination. 

New waveforms have become a serious candidate for 5G being studied in terms of: (1) modulation 
based on pulse shaping: filter bank multicarrier (FBMC) [58], generalized frequency division 
multiplexing (GFDM) [59], pulse shaped OFDM [165] and QAM-FBMC [241]; (2) modulation based on 
sub-band filtering: universal filtered multi carrier (UFMC) [242], filtered OFDM (f-OFDM) [243] and 
resource block f-OFDM (RB-f-OFDM) [244]; other modulation format: guard interval discrete Fourier 
transform spread OFDM (GI DFT-s-OFDM) [245], spectrally-precoded OFDM (SP-OFDM) [246] and 
orthogonal time frequency and space (OTFS) [247]. The f-OFDM is seen as a potential candidate 
for IoT applications [60]. Due to narrow sub-bands and thereby pure detection performance, 
additional processing is needed [60]. Performance of self-interference cancellation (SIC) or filtering on 
f-OFDMA [60] remains a topic for further study. Additionally, it is interesting to consider the balance of 
time and frequency dispersion in UFMC, as well as the design of an efficient prototype filter according 
to application scenarios [60]. 


5.5. Advanced Interface Management 


This technological group includes receiver advances in terms of simultaneous non-unique 
decoding (SND) and sliding-window superposition coding (SWSC). 

SND follows a rule that implies that each receiver attempts to recover the code words from 
intended and interfering senders [248]. The combination of advanced receivers and joint scheduling 
provides an improvement of over 50% in cell edge throughput without sacrificing the cell average 
throughput [5]. This gain demonstrates that if 5G networks incorporate advanced interference 
management, they will provide a virtually edgeless end-user experience [5]. 

SWSC [61,62] combines the theory concept from superposition coding without rate splitting [63], 
block Markov coding [166,167], successive cancellation decoding [63,64,168], and sliding-window 
decoding [65,169,249]. The sliding-window coded modulation (GSWCM) aims to mitigate inter cell 
interference at the physical layer by achieving simultaneous decoding performance with point-to-point 
channel codes, low-complexity decoding, and minimal coordination overhead [170]. The realization of 
the theoretical concept to the practical transmission coding scheme is an important research direction 
in SWSC [5]. 


5.6. Access Architecture Related Radio Technology 


This technological group includes ultra-densification, enhanced wireless backhaul, moving 
networks, and D2D communication. 

Advanced small cell [66,123] deployment is considered to be one of the key enablers for achieving 
many of the requirements currently envisioned for 5G [67], with higher data rates [68,171,250] and 
more capacity [171-174], as most important. Higher data rates and smaller battery consumption 
can be achieved using short distances in the small cell [69]. Solving the capacity and data rate 
challenge with network densification could be very expensive in terms of equipment, maintenance, 
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Chapter 19 


WATER 


19-1. Introduction. Nearly every survival account de- 
tails the need survivors had for water. Many ingenious 
methods of locating, procuring, purifying, and storing 
water are included in the recorded experiences of down- 
ed aircrew members. If survivors are located in temper- 
ate, tropic, or dry climates, water may be their first and 
most important need. The priority of finding water over 
that of obtaining food must be emphasized to potential 
survivors. An individual may be able to live for weeks 
without food, depending on the temperature and 
amount of energy being exerted. A person who has no 
water can be expected to die within days. Even in cold 
climate areas or places where water is abundant, survi- 
vors should attempt to keep their body fluids at a level 
that will maintain them in the best possible state of 
health. Even in relatively cold climates, the body needs 
2 quarts of water per day to remain efficient (figure 
19-1). 

19-2. Water Requirements. Normally, with atmospher- 
ic temperature of about 68°F, the average adult requires 
2 to 3 quarts of water daily. 

a. This water is necessary to replace that lost daily in 
the following ways: 

(1) Urine. Approximately 1.4 quart of water is lost 
in the urine. 

(2) Sweat. About 0.1 quart of water is lost in the 
sweat. 

(3) Feces. Approximately 0.2 quart of water is lost 
in the feces. 

(4) Insensible Water Loss. When the individual is 
unaware water loss is actually occurring, it is referred to 
as insensible water loss. Insensible water loss occurs by 
the following mechanisms: 

(a) Diffusion through the skin. Water loss 
through the skin occurs as a result of the actual diffusion 
of water molecules through the cells of the skin. The 
average loss of water in this manner is approximately 
0.3 to 0.4 quart. Fortunately, loss of greater quantities 
of water by diffusion is prevented by the outermost 
layer of the skin, the epidermis, which acts as a barrier 
to this type of water loss. 

(b) Evaporation through the lungs. Inhaled air 
initially contains very little water vapor. However, as 
soon as it enters the respiratory passages, the air is ex- 
posed to the fluids covering the respiratory surfaces. By 
the time this air enters the lungs, it has become totally 
saturated with moisture from these surfaces. When the 
air is exhaled, it is still saturated with moisture and 
water is lost from the body. 

b. Larger quantities of water are required when water 
loss is increased in any one of the following 
circumstances: 

(1) Heat Exposure. When an individual is exposed 


to very high temperatures, water lost in the sweat can be 
increased to as much as 3.5 quarts an hour. Water loss 
at this increased rate can deplete the body fluids in short 
time. 

(2) Exercise. Physical activity increases the loss of 
water in two ways as follows: 

(a) The increased respiration rate causes in- 
creased water loss by evaporation through the lungs. 

(b) The increased body heat causes excessive 
sweating. 

(3) Cold Exposure. As the temperature decreases, 
the amount of water vapor in the air also decreases. 
Therefore, breathing cold air results in increased water 
loss by evaporation from the lungs. 

(4) High Altitude. At high altitudes, increased water 
loss by evaporation through the lungs occurs not only as 
a result of breathing cooler air but also as a result of the 
increased respiratory efforts required. 

(5) Burns. After extensive burns, the outermost lay- 
er of the skin is destroyed. When this layer is gone, there 
is no longer a barrier to water loss by diffusion, and the 
rate of water loss in this manner can increase up to 5 
quarts each day. 

(6) Illness. Severe vomiting or prolonged diarrhea 
can lead to serious water depletion. 

c. Dehydration (body fluid depletion) can occur when 
required body fluids are not replaced. 

{1) Dehydration is accompanied by the following 
symptoms: 

(a) Thirst. 

(b) Weakness. 

(c) Fatigue. 

(d} Dizziness. 

(e) Headache. 

(f) Fever. 

(g) Inelastic abdominal skin. 

(h) Dry mucous membranes, that is, dry mouth 
and nasal passages. 

(i) Infrequent urination and reduced volume. 
The urine is concentrated so that it is very dark in color. 
In severe cases, urination may be quite painful. 

(2} Companions will observe the following behav- 
ioral changes in individuals suffering from dehydration: 

(a) Loss of appetite. (e) Apathy. 


(b) Lagging pace. (f) Emotional instability. 
(c) Impatience. (g) Indistinct speech. 
(d) Sleepiness. (bh) Mental confusion. 


(3) Dehydration is a complication which causes de- 
creased efficiency in the performance of even the sim- 
plest task. It also predisposes survivors to the develop- 
ment of severe shock following minor injuries. 
Constriction of blood vessels in the skin as a result of 
dehydration increases the danger of cold injury during 
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Figure 19-1. Water Requirements. 


cold exposure, Failure to replace body fluids ultimately 
results in death, 

(a) Proper treatment for dehydration is to replace 
lost body fluids. The oral intake of water is the most 
readily available means of correcting this deficiency. A 
severely dehydrated person will have little appetite. 
This person must be encouraged to drink small quanti- 
ties of water at frequent intervals to replenish the body’s 
fluid volume. Cold water should be warmed so the 
system will accept it easier. 

(b) To prevent dehydration, water loss must be 
replaced by periodic intake of small quantities of water 
throughout the day. As activities or conditions intensi- 
fy, the water intake should be increased accordingly. 
Water intake should be sufficient to maintain a mini- 
mum urinary output of 1 pint every 24 hours. Thirst is 
not an adequate stimulus for water intake, and a person 
often dehydrates when water is available. Therefore, 
water intake should be encouraged when the person is 
not thirsty. Humans cannot adjust to decreased water 
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intake for prolonged periods of time. When water is in 
short supply, any available water should be consumed 
sensibly. If sugar is available, it should be mixed with 
the water, and efforts should be made to find a local 
water source. Until a suitable water source is located, 
individual water losses should be limited in the follow- 
ing ways: 

-1, Physical activity should be limited to the 
absolute minimum required for survival activities. All 
tasks should be performed slowly and deliberately with 
minimal expenditure of energy. Frequent rest periods 
should be included in the daily schedule. 

-2. In hot climates, essential activity should be 
conducted at night or during the cooler part of the day. 

-3. In hot climates, clothing should be worn at 
all times because it reduces the quantity of water loss by 
sweating. Sweat is absorbed into the clothing evaporat- 
ed from its surface in the same manner it evaporates 
from the body. This evaporation cools the air trapped 
between the clothing and the skin, causing a decrease in 
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the activity of the sweat glands and a subsequent reduc- 
tion in water loss. 

-4, In hot weather, light-colored clothing 
should be worn rather than dark-colored clothing. Dark- 
colored clothing absorbs the Sun’s light rays and con- 
verts them into heat. This heat causes an increase in 
body temperatures which activates the sweat glands and 
increases water loss through sweating. Light-colored 
clothing, however, reflects the Sun’s light rays, minimiz- 
ing the increase in body temperature and subsequent 
water loss. 

19-3. Water Sources. Survivors should be aware of 
both the water sources available to them and the re- 
sources at their disposal for producing water. 

a. Survivors may obtain water from solar stills, desalt- 
er kits, or canned water packed in various survival kits. 
It would be wise for personnel, who may one day have 
to use these methods of procuring water, to be knowl- 
edgeable of their operating instructions and the amount 
of water they produce. 

(1) Canned water provides 10 ounces per can. 

(2) Desalter kits are limited to | pint per chemical 
bar—kits contain eight chemical bars. 

(3) A “sea solar still” can produce as much as 22 
pints per day. 

(4) “Land solar stills” produce varied amounts of 
water. This amount is directly proportionate to the 
amount of water available in the soil or placed into the 
still (vegetation, entrails, contaminated water, etc.), and 
the ambient temperature. 

b. Aircrew members would be wise to carry water 
during their missions. Besides the fact that the initial 
shock of the survival experience sometimes produces 
feelings of thirst, having an additional water container 
can benefit survivors. The issued items (canned water, 
desalter kits, and soijar stills) should be kept by survi- 
vors for times when no natural sources of freshwater are 
available. 

c. Naturally occurring indicators of water are: 

(1) Surface water, including streams, lakes, springs, 
ice, and snow. 

(2) Precipitation, such as rain, snow, dew, sleet, etc. 

(3) Subsurface water, which may not be as readily 
accessible as wells, cisterns, and underground springs 
and streams, can be difficult for survivors to locate and 
use. 

d. Several indicators of possible water are: 

(1) Presence of abundant vegetation of a different 
variety, such as deciduous growth in a coniferous area. 

(2) Drainages and low-lying areas. 

(3) Large clumps of plush grass. 

(4) Animal trails which may lead to water. The “V” 
formed by intersecting trails often point toward water 
sources. 

e. Survivors may locate and procure water as follows: 

(1) Precipitation may be procured by laying a piece 
of nonporous material such as a poncho, piece of can- 
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vas, plastic, or metal material on the ground, If rain or 
snow is being collected, it may be more efficient to cre- 
ate a bag or funnel shape with the material so the water 
can be easily gathered. Dew can be collected by wiping 
it up with a sponge or cloth first, and then wringing it 
into a container (figure 19-2}. Consideration should be 
given to the possibility of contaminating the water with 
dyes, preservatives, or oils on the surfaces of the objects 
used to collect the precipitation. Ice will yield more 
water per given volume than snow and requires less heat 
to do so. If the Sun is shining, snow or ice may be placed 
on a dark surface to melt (dark surfaces absorb heat, 
whereas light surfaces reflect heat). Ice can be found in 
the form of icicles on plants and trees, sheet ice on 
rivers, ponds, and lakes, or sea ice. If snow must be 
used, survivors should use snow closest to the ground. 
This snow is packed and will provide more water for the 
amount of snow than will the upper layers. When snow 
is to be melted for water, place a small amount of snow 
in the bottom of the container being used and place it 
over or near a fire. Snow can be added a little at a time. 
Survivors should allow water in the container bottom to 
become warm so that when more snow is added, the 
mixture remains slushy. This will prevent burning the 
bottom out of the container. Snow absorbs water, and if 
packed, forms an insulating airspace at the bottom of 
the container. When this happens, the bottom may burn 
out, 

(2) Several things may help survivors locate ground 
water, such as rivers, lakes, and streams. 

(a) The presence of swarming insects indicates 
water is near. In some places, survivors should look for 
signs of animal presence. For example, in damp places, 
animals may have scratched depressions into the 
ground to obtain water; insects may also hover over 
these areas. 

(b) In the Libyan Sahara, donut-shaped mounds 
of camel dung often surround wells or other water 
sources. Bird flights can indicate direction to or from 
water. Pigeons and doves make their way to water regu- 
larly. They fly from water in the morning and to it in the 
evening. Large flocks of birds may also congregate 
around or at areas of water. 

{c) The presence of people will indicate water. 
The location of this water can take many forms—stored 
water in containers that are carried with people who are 
traveling, wells, irrigation systems, pools, etc. Survivors 
who are evaders should be extremely cautious when 
approaching any water source, especially if they are in 
dry areas; these places may be guarded or inhabited. 

(3) When no surface water is available, survivors 
may have to tap the Earth’s supply of ground water. 
Access to this depends upon the type of ground—rock 
or loose material, clay, gravel, or sand. 

(a) In rocky ground, survivors should look for 
springs and seepages. Limestone and lava rocks will 
have more and larger springs than any other rocks. Most 
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Figure 19-2. Methods of Procuring Water. 


lava rocks contain millions of bubble holes; ground 
water may seep through them. Survivors can also look 
for springs along the walls of valleys that cross a lava 
flow. Some flows will have no bubbles but do have “or- 
gan pipe” joints—vertical cracks that part the rocks into 
columns a foot or more thick and 20 feet or more high. 
At the foot of these joints, survivors may find water 
creeping out as seepage, or pouring out in springs. 

(b) Most common rocks, like granite, contain 
water only in irregular cracks. A crack in a rock with 
bird dung around the outside may indicate a water 
source that can be reached by a piece of surgical hose 
used as a straw or siphon. 

(c) Water is more abundant and easier to find in 
loose sediments than in rocks. Springs are sometimes 
found along valley floors or down along their sloping 
sides. The flat benches or terraces of land above river 


valleys usually yield springs or seepages along their ba- 
ses, even when the stream is dry. Survivors shouldn’t 
waste time digging for water unless there are signs that 
water is available. Digging in the floor of a valley under 
a steep slope, especially if the bluff is cut in a terrace, 
can produce a water source. A lush green spot where a 
spring has been during the wet season is a good place to 
dig for water. Water moves slowly through clay, but 
many clays contain strips of sand which may yield 
springs. Survivors should look for a wet place on the 
surface of clay bluffs and try digging it out. 

(d) Along coasts, water may be found by digging 
beach wells (figure 19-3). Locate the wells behind the 
first or second pressure ridge. Wells can be dug 3 to 5 
feet deep and should be lined with driftwood to prevent 
sand from refilling the hole. Rocks should be used to 
line the bottom of the well to prevent stirring up sand 
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when procuring the water. The average well may take as 
long as 2 hours to produce 4 to 5 gallons of water. (Do 
not be discouraged if the first try is unsuccessful—dig 


another.) 


19-4. Water in Snow and Ice Areas. Due to the ex- 
treme cold of arctic areas, water requirements are great- 
ly increased. Increased body metabolism, respiration of 
cold air, and extremely low humidity play important 
roles in reducing the body’s water content. The process- 
es of heat production and digestion in the body also 
increase the need for water in colder climatic zones. The 
constructing of shelters and signals and the obtaining of 
firewood are extremely demanding tasks for survivors. 
Physical exertion and heat production in extreme cold 
place the water requirements of a survivor close to 5 or 
6 quarts per day to maintain proper hydration levels. 
The diet of survivors will often be dehydrated rations 
and high protein food sources. For the body to digest 
and use these food sources effectively, increased water 
intake is essential. 

a. Obtaining water need not be a serious problem in 
the arctic because an abundant supply of water is avail- 
able from streams, lakes, ponds, snow, and ice. All sur- 
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face water should be purified by some means. In the 
summer, surface water may be discolored but is drinka- 
ble when purified. Water obtained from glacier-fed riv- 
ers and streams may contain high concentrations of dirt 
or silt. By letting the water stand for a period of time, 
most silt will settle to the bottom; the remaining water 
can be strained through porous material for further 
filtration. 


b. A “water machine” can be constructed which will 
produce water while the survivors are doing other tasks. 
lt can be made by placing snow on any porous material 
(such as parachute or cotton), gathering up the edges, 
and suspending the “bag” of snow from any support 
near the fire. Radiant heat will melt the snow and the 
water will drip from the lowest point on the bag. A 
container should be placed below this point to catch the 
water (figure 19-4). 


c. In some arctic areas, there may be little or no fuel 
supply with which to melt ice and snow for water. In 
this case, body heat can be used to do the job. The ice or 
snow can be placed in a waterproof container like a 
waterbag and placed between clothing layers next to the 
body. This cold substance should not be placed directly 
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Figure 19-3. Beach Well. 
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Figure 19-4. Water Machine. 


next to the skin; it causes chilling and lowering of the 
body temperature. 

d. Since icebergs are composed of freshwater, they 
can be a readily available source of drinking water. Sur- 
vivors should use extreme caution when trying to obtain 
water from this source. Even large icebergs can sudden- 
ly roll over and dump survivors into the frigid sea 
water. If sea ice is the primary source of water, survi- 
vors should recall that like seawater itself, saltwater ice 
should never be ingested. To obtain water in polar re- 
gions or sea ice areas, survivors should select ald sea ice, 
a bluish or blackish ice which shatters easily and gener- 
ally has rounded corners. This ice will be almost salt- 
free. New sea ice is milky or gray colored with sharp 
edges and angles. This type of ice will not shatter or 
break easily. Snow and ice may be saturated with salt 
from blowing spray; if it tastes salty, survivors should 
select different snow or ice sources. 

e. The ingesting of unmelted snow or ice is not recom- 
mended. Eating snow or ice lowers the body’s tempera- 
ture, induces dehydration, and causes minor cold injury 
to lips and mouth membranes. Water consumed in cold 


. 


areas should be in the form of warm or hot fluids. The 
ingestion of cold fluids or foods increases the body’s 
need for water and requires more body heat to warm the 
substance. 


19-5. Water on the Open Seas. The lack of drinkable 
water could be a major problem on the open seas. Sea- 
water should never be ingested in its natural! state. It 
will cause an individual to become violently ill in a very 
short period of time. When water is limited and cannot 
be replaced by chemical or mechanical means, it must 
be used efficiently. As in the desert, conserving sweat 
not water, is the rule. Survivors should keep in the 
shade as much as possible and dampen clothing with 
seawater to keep cool. They should not over exert but 
relax and sleep as much as possible. 

a. If it rains, survivors can collect rainwater in avail- 
able containers and store it for later use. Storage con- 
tainers could be cans, plastic bags, or the bladder of a 
life preserver. Drinking as much rainwater as possible 
while it is raining is advisable. If the freshwater should 
become contaminated with smal] amounts of seawater 
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or salt spray, it will remain safe for drinking (figure 
19-5). At night and on foggy days, survivors should try 
to collect dew for drinking water by using a sponge, 
chamois, handkerchief, etc. 

b. Solar stills will provide a drinkable source of water. 
Survivors should read the instructions immediately and 
set them up, using as many stills as available. (Be sure to 
attach them to the raft.) Desalter kits, if available, 
should probably be saved for the time when no other 
means of procuring drinking water is available. Instruc- 
tions on how to use the desalter kit are on the container. 





Figure 19-5. Collecting Water from Spray Shield. 


c. Only water in its conventional sense should be con- 
sumed. The so-called “water substitutes” do little for the 
survivor, and may do much more harm than not con- 
suming any water at all. There is no substitute for water. 
Fish juices and other animal fluids are of doubtful value 
in preventing dehyration. Fish juices contain protein 
which requires large amounts of water to be digested 
and the waste products must be excreted in the urine 
which increases water loss. Survivors should never 
drink urine—urine is body waste material and only 
serves to concentrate waste materials in the body and 
require more water to eliminate the additional waste. 


19-6. Water in Tropical Area. Depending on the time of 
the year and type of jungle, water in the tropical cli- 
mates can be plentiful; however, it is necessary to know 
where to look and procure it. Surface water is normally 
available in the form of streams, ponds, rivers, and 
swamps. In the savannas during the dry season, it may 
be necessary for the survivor to resort to digging for 
water in the places previously mentioned. Water ob- 
tained from these sources may need filtration and 
should be purified. Jungle plants can also provide survi- 
vors with water. 
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a. Many plants have hollow portions which can col- 
lect rainfall, dew, etc. (figure 19-6). Since there is no 
absolute way to tell whether this water is pure, it should 
be purified. The stems or the leaves of some plants have 
a hollow section where the stem meets the trunk. Look 
for water collected here. This includes any Y-shaped 
plants (palms or air plants). The branches of large trees 
often support air plants (relatives of the pineapple) 
whose overlapping, thickly growing leaves may hold a 
considerable amount of rainwater. Trees may also catch 
and store rainwater in natural receptacles such as cracks 
or hollows. 





Figure 19-6. Water Collectors. 


b. Pure freshwater needing no purification can be ob- 
tained from numerous plant sources. There are many 
varieties of vines which are potential water sources. The 
vines are from 50 feet to several hundred feet in length 
and 1 to 6 inches in diameter. They also grow like a 
hose along the ground and up into the trees. The leaf 
structure of the vine is generally high in the trees. Water 
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Figure 19-7. Water Vines and Bamboo. 


vines are usually soft and easily cut. The smaller species 
may be twisted or bent easily and are usually heavy 
because of the water content. The water from these 
vines should be tested for potability. The first step in 
testing the water from vines is for survivors to nick the 
vine and watch for sap running from the cut. If milky 
sap is seen, the vine should be discarded; if no milky sap 
is observed, the vine may be a safe water vine. Survi- 
vors should cut out a section of the vine, hold that piece 
vertically, and observe the liquid as it flows out. If it is 
clear and colorless, it may be a drinkable source. If it is 
cloudy or milky-colored, they should discard the vine. 
They should let some of the liquid flow into the palm of 
the hand and observe it. If the liquid does not change 
color, they can now taste it. If it tastes like water or has 
a woody or sweet taste, it should be safe for drinking. 
Liquid with a sour or bitter taste should be avoided. 
Water trapped within a vine is easily obtatned by cut- 
ting out a section of the vine. The vine should first be 
cut high above the ground and then near the ground. 
This will provide a long length of vine and, in addition, 
will tend to hide evidence of the cuts if the survivors are 
in an evasion situation. When drinking from the vine, it 
should not touch the mouth as the bark may contain 
irritants which could affect the lips and mouth (figure 
19-7). The pores in the upper end of the section of vine 
may reclose, stopping the flow of water. If this occurs, 
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survivors should cut off the end of the vine opposite the 
drinking end. This will reopen the pores allowing the 
water to flow. 

c. Water from the rattan palm and spiny bamboo may 
be obtained in the same manner as from vines. It is not 
necessary to test the water if positive identification of 
the plant can be made. The slender stem (runner) of the 
rattan palm is an excellent water source. The joints are 
overlapping in appearance, as if one section is fitted 
inside the next. 

d. Water may be trapped within sections of green 
bamboo. To determine if water is trapped within a sec- 
tion of bamboo, it should be shaken. If it contains 
water, a sloshing sound can be heard. An opening may 
be made in the section by making two 45-degree angle 
cuts, both on the same side of the section, and prying 
loose a piece of the section wall. The end of the section 
may be cut off and the water drunk or poured from the 
open end. The inside of the bamboo should be ex- 
amined before consuming the water. If the inside walls 
are clean and white, the water will be safe to drink. If 
there are brown or black spots, fungus growth, or any - 
discoloration, the water should be purified before con- 
sumption. Sometimes water can also be obtained by 
cutting the top off certain types of green bamboo, bend- 
ing it over, and staking it to the ground (figure 19-7). A 
water container should be placed under it to catch the 
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dripping water. This method has also proven effective 
on some vines and the rattan palm. 

e. Water can also be obtained from banana plants in a 
couple of different ways, neither of which is satisfactory 
in a tactical situation. First, survivors should cut a ba- 
nana plant down, then a long section should be cut off 
which can be easily handled. The section is taken apart 
by slitting from one end to the other and pulling off the 
layers one at a time. A strip 3 inches wide, the length of 
the section, and just deep enough to expose the cells 
should be removed from the convex side. This section is 
folded toward the convex side to force the water from 
the cells of the plant. The layer must be squeezed gently 
to avoid forcing out any tannin into the water. Another 
technique for obtaining water from the banana plant is 
by making a “banana-well.” This is done by making a 
bowl out of the plant stump, fairly close to the ground, 
by cutting out and removing the inner section of the 
stump (figure 19-8). Water which first enters the bowl 
may contain a concentration of tannin (an astringent 
which has the same effect as alum). A leaf from the 
banana plant or other plant should be placed over the 
bowl while it is filling to prevent contamination by in- 
sects, etc. 

f. Water trees can also be a valuable source of water in 
some jungles. They can be identified by their blotched 
bark which is fairly thin and smooth. The leaves are 
large, leathery, fuzzy, and evergreen, and may grow as 
large as 8 or 9 inches. The trunks may have short out- 
growths with fig-like fruit on them or long tendrils with 
round fruit comprised of corn kernel-shaped nuggets. 
In a nontactical situation, the tree can be tapped in the 
same manner as a rubber tree, with either a diagonal 
slash or a “¥.” When the bark is cut into, it will exude a 
white sap which if ingested causes temporary irritation 
of the urinary tract. This sap dries up quite rapidly and 
can easily be removed. The cut should be continued 
into the tree with a spigot (bamboo, knife, etc.) at the 
bottom of the tap to direct the water into a container. 
The water flows from the leaves back into the roots after 
sundown, so water can be procured from this source 
only after sundown or on overcast (cloudy) days. If sur- 
vivors are in a tactical situation, they can obtain water 
from the tree and still conceal the procurement location. 
If the long tendrils are growing thickly, they can be 
separated and a hole bored into the tree. The white sap 
should be scraped off and a spigot placed below the tap 
with a water container to catch the water. Moving the 
tendrils back into place will conceal the container. In- 
stead of boring into the tree, a couple of tendrils can be 
cut off or snapped off if no knife is available. The white 
sap should be allowed to dry and then be removed. The 
ends of the tendrils should be placed in a water contain- 
er and the container concealed. 

g. Coconuts contain a refreshing fluid. Where coco- 
nuts are available, they may be used as a water source. 
The fluid from a mature coconut contains oil, which 
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Figure 19-8. Water from Banana Piant. 


when consumed in excess can cause diarrhea. There is 
little problem if used in moderation or with a meal and 
not on an empty stomach. Green unripe coconuts about 
the size of a grapefruit are the best for use because the 
fluid can be taken in large quantities without harmful 
effects. There is more fluid and less oils so there is less 
possibility of diarrhea. 

h. Water can also be obtained from liquid mud. Mud 
can be filtered through a piece of cloth. Water taken by 
this method must be purified. Rainwater can be collect- 
ed from a tree by wrapping a cloth around a slanted tree 
and arranging the bottom end of the cloth to drip into a 
container (figure 19-9). 


19-7. Water in Dry Areas. Locating and procuring water 
in a dry environment can be a formidable task. Some of 
the ways to find water in this environment have been 
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Figure 19-9. Collecting Water from Slanted Tree. 


explored, such as locating a concave bend in a dry river- 
bed and digging for water (figure 19-10). If there is any 
water within a few feet of the surface, the sand will 
become slightly damp. Dig until water is obtained. 

a. Some deserts become humid at night. The humidi- 
ty may be collected in the form of dew. This dew can be 
collected by digging a shallow basin in the ground about 
3 feet in diameter and lining it with a piece of canvas, 
plastic, or other suitable material. A pyramid of stones 
taken from a minimum of | foot below the surface 
should then be built in this basin. Dew will collect on 
and between the stones and trickle down onto the lining 
material where it can be collected and placed in a 
container. 

b. Plants and trees having roots near the surface may 
be a source of water in dry areas. Water trees of dry 
Australia are a source of water, as their roots run out 40 
to 80 feet at a depth of 2 to 9 inches under the surface. 
Survivors may obtain water from these roots by locating 
a root 4 to 5 feet from the trunk and cutting the root 
into 2- or 3-foot lengths. The bark can then be peeled off 
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and the liquid from each section of root drained into a 
container. The liquid can also be sucked out. The trees 
growing in hollows or depressions will have the most 
water in their roots. Roots that are | to 2 inches thick 
are an ideal size. Water can be carried in these roots by 
plugging one end with clay. 

c. Cactus-like or succulent plants may be sources of 
water for survivors, but they should recall that no plants 
should be used for water procurement which have a 
milky sap. The barrel cactus of the United States pro- 
vides a water source. To obtain it, survivors should first 
cut off the top of the plant. The pulpy inside portions of 
the plant should then be mashed to form a watery pulp. 
Water may ooze out and collect in the bowl; if not, the 
pulp may be squeezed through a cloth directly into the 
mouth. 

d. The solar still is a method of obtaining water that 
uses both vegetation and ground moisture to produce 
water (figure 19-11). A solar still can be made from a 
sheet of clear plastic stretched over a hole in the ground. 
The moisture in the soil and from plant parts (fleshy 
stems and leaves) will be extracted and collected by this 
emergency device. Obviously, where the soil is extreme- 
ly dry and no fleshy plants are available, little, if any, 
water can be obtained from the still. The still may also 
be used to purify polluted water. 

(1) The parts for the still are a piece of plastic about 
6 feet square, a water collector-container or any water- 
proof material from which a collector-container can be 
fashioned, and a piece of plastic tubing about one- 
fourth inch in diameter and 4 to 6 feet long. The tubing 
is not absolutely essential but makes the still easier to 
use. A container can be made from such materials as 
plastic, aluminum foil, poncho, emergency ration tins, 
or a flight helmet. The tubing, when available, is fast- 
ened to the bottom of the inside of the container and 
used to remove drinking water from the container with- 
out disturbing the plastic. Some plastics work better 
than others, although any clear plastic should work if it 
is strong. 

(2) If plants are available or if poliuted water is to 
be purified, the still can be constructed in any conve- 
nient spot where it will receive direct sunlight through- 
out the day. Ease of digging wil! be the main consider- 
ation. If soil moisture is to be the only source of water, 
some sites will be better than others. Although sand 
generally does not retain as much moisture as clay, a 
wet sand will work very well. Along the seacoast or in 
any inland areas where brackish or polluted water is 
available, any wet sotl, even sand, produces usable 
amounts of water. On cloudy days, the yield will be 
reduced because direct sunlight is necessary if the still is 
to operate at full efficiency. 

(3) Certain precautions must be kept in mind. If 
polluted water is used, survivors should make sure that 
none is spilled near the rim of the hole where the plastic 
touches the soil and that none comes in contact with the 
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and operations [200]. With denser cell deployment come significant challenges in the design of 
a high-performance backhauling system for RAN and the impact of backhaul on radio resource 
management (RRM) [70]. However, there are in existence many interesting topics to be further 
investigated which can be grouped around several problem areas [34]: user association, backhauling, 
interference management, energy efficiency, and propagation modelling. 

Moving networks (MN) are the combination of multi-hop and vehicular communications 
concepts [69,71]. The MN deploys one or several moving relay node(s) (MRNs) [175,176,251] on 
vehicles that form their own cell(s) inside the vehicle to serve vehicular users [72]. Challenges in using 
MRN are efficient backhauling, design of efficient resource allocation and interference management 
techniques, as well as mobility management schemes to exploit the benefit of group handovers for 
vehicular user equipment (UE) devices served by the same MRN [72]. The main research challenges 
related to MN concept are associated with complexity management due to the mobility of access points 
and providing a high-rate wireless backhaul link from the moving cell to the fixed network [69]. 

Enhanced wireless backhaul is one of the main challenges in hyper-dense 5G networks [34,217]. 
The performance of wireless backhaul is dictated by the environment and traffic profile of the intended 
use case [9]. In UDN except mmWave, new approaches are needed, e.g., interface aware routing and 
intelligent resource allocation [9], as these links may occupy part of the spectrum used in the access 
network [73]. Latency and reliability of this link are important issues to be considered being prone 
to blocking and fading [69]. In any case, further research is necessary to explore TDD multi-flow 
coordination schemes to avoid bottlenecks in the downlink backhaul [9]. The guidelines for deploying 
future 5G wireless backhaul networks in economical and highly energy-efficient ways are provided 
in [74]. 

D2D communication is defined as a direct route of data traffic between spatially closely located 
mobile UE [75,177,178]. The advantages of D2D communication compared with the traditional 
cellular method include the reduction of transmission latency [73,75] and power consumption [75], 
improvements in coverage [71,76,179], spectral and energy efficiency [77], and throughput, when 
power control and resource allocation methods are used [78]. The use of D2D communications has 
an overall positive impact on system capacity in cellular environments. D2D communication brings 
challenges and complexities related to interference management [79,80], QoS requirements [79], and 
resource allocation [34,215]. The design of D2D direct communication link is still a hot topic [29]. 


5.7. Energy Related Technologies 


IoT applications span a broad range of domains including home automation, healthcare, 
surveillance, transportation, smart environments, etc. One of the most important obstacles for 
implementing such an impressive scheme is supplying adequate energy to operate the network 
in a self-sufficient way without compromising QoS [180]. Since energy efficiency is of most importance 
to battery constrained IoT devices, researches have focused their work on the development of the 
device energy saving mechanisms. 

Energy harvesting is a new paradigm which uses solar, thermal, wind and kinetic energy 
sources to power sensor nodes and consequently prolong network lifetime [181]. Among different 
energy harvesting methods, wireless energy harvesting (WEH) has proven to be one of the most 
promising solution for energy aware IoT devices, because of its simplicity, ease of implementation, 
and availability [180]. This concept will improve some of the 5G high network communication 
requirements, like reliability of loT communications, as presented in [182]. Authors in [252] have shown 
that the integration of social awareness and energy harvesting in D2D communication results in higher 
system capacity. Network architectures proposed in [100,253] have shown better energy efficiency in 
5G wireless network. Researchers could work on improving this architecture and integration with 
various 5G technologies in the future. 

UAV implies a flying vehicle without the driving presence of a human pilot to control it 
on-board [113]. Drones are a possible example of UAVs, although many other robotics related 
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Figure 19-10. Dry Stream Bed. 


container to prevent the freshly distilled water becom- 
ing contaminated. Survivors should not disturb the 
plastic sheet during daylight “working hours” unless it is 
absolutely necessary. If a plastic drinking tube is not 
available, raise the plastic sheet and remove the 
container as few times as possible during daylight hours. 
It takes one-half hour for the air in the still to become 
resaturated and the collection of water to begin after the 
plastic has been disturbed. Even when placed on fairly 
damp soil and in an area where 8 hours of light per day 
is directed on the solar still, the average yield is only 
about | cup per day per still. Due to the low yields 
obtained from this device, survivors must give consider- 
ation to the possible danger of excessive dehydration 
brought about by constructing the solar still. In certain 
circumstances, solar still returns, even over 2- or 3-day 
periods, will not equal the amount of body fluid lost in 
construction and will actually hasten dehydration. 

(4) Steps survivors should follow when constructing 
a solar still are: Dig a bowl-shaped hole in the soil about 
40 inches in diameter and 20 inches deep. Add a small- 
er, deeper sump in the center bottom of the hole to 
accommodate the container. If polluted waters are to be 
purified, a small trough can be dug around the side of 
the hole about halfway down from the top. The trough 
ensures that the soil wetted by the polluted water will be 
exposed to the sunlight and at the same time that the 
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polluted water is prevented from running into the 
container. If plant material is used, line the sides of the 
hole with pieces of plant or its fleshy stems and leaves. 
Place the plastic over the hole and put soil on the edges 
to hold it in place. Place a rock no larger than a plum in 
the center of the plastic until it is about 15 inches below 
ground level. The plastic will now have the shape of a 
cone. Put more soil on the plastic around the rim of the 
hole to hold the cone securely in place and to prevent 
water-vapor loss. Straighten the plastic to form a neat 
cone with an angle of about 30 degrees so the water 
drops will run down and fall into the container. It takes 
about 1 hour for the air to become saturated and start 
condensing on the underside of the plastic cone. 

e. The vegetation bag is a simpler method of water 
procurement. This method involves cutting foliage from 
trees or herbaceous plants, sealing it in a large clear 
plastic bag, and allowing the heat of the Sun to extract 
the fluids contained within. A large, heavy-duty clear 
plastic bag should be used. The bag should be filled with 
about | cubic yard of foliage, sealed, and exposed to the 
Sun. The average yield for one bag tested was 320 
ml/bag 5-hour day. This method is simple to set up. The 
vegetation bag method of water procurement does have 
one primary drawback. The water produced is normally 
bitter to taste, caused by biological breakdown of the 
leaves as they lay in the water produced and super- 
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Figure 19-11. Solar Still. 


heated in the moist “hothouse” environment. This 
method can be readily used in a survival situation, but 
before the water produced by certain vegetation is con- 
sumed, it should undergo the taste test. This is to guard 
against ingestion of cyanide-producing substances and 
other harmful toxins, such as plant alkaloids. (See figure 
19-12.} 

f. One more method of water procurement is the 
water transpiration bag, a method that is simple to use 
and has great potential for enhancing survival. This 
method is the vegetation bag process taken one step 
further. A large plastic bag is placed over a living limb 
of a medium-size tree or large shrub. The bag opening is 
sealed at the branch, and the limb is then tied down to 
allow collected water to flow to the corner of the bag. 
For a diagram of the water transpiration method, see 
figure 19-13. 

(1) The amount of water yielded by this method 
will depend on the species of trees and shrubs available. 
During one test of this method, a transpiration bag pro- 
duced approximately a gallon per day for 3 days with a 
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plastic bag on the same limb, and with no major deteri- 
oration of the branch, Other branches yielded the same 
amount. Transpired water has a variety of tastes de- 
pending on whether or not the vegetation species is 
allowed to contact the water. 

(2) The effort expended in setting up water transpi- 
ration collectors is minimal. It takes about 5 minutes’ 
work and requires no special skills once the method has 
been described or demonstrated. Collecting the water in 
a survival situation would necessitate survivors disman- 
tling the plastic bag at the end of the day, draining the 
contents and setting it up again the following day. The 
same branch may be reused (in some cases with almost 
similar yields}; however, as a general rule, when vegeta- 
tion abounds, a new branch should be used each day. 

(3) Without a doubt, the water transpiration bag 
method surpasses other methods (solar stills, vegetation 
bag, cutting roots, barre] cactus) in yield, ease of assem- 
bly, and in most cases, taste. The benefits of having a 
simple plastic bag can’t be over-emphasized. As a water 
procurer, in dry, semi-dry, or desert environments 
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Figure 19-12. Vegetation Bag. 


where low woodlands predominate, it can be used as a 
water transpirator, in scrubland, steppes, or treeless 
plains, as a vegetation bag; in sandy areas without vege- 
tation, it can be cut up and improvised into solar stills. 
Up to three large, heavy-duty bags may be needed to 
sustain one survivor in certain situations. 


19-8. Preparation of Water for Consumption: 
a. The following are ways survivors can possibly de- 

termine the presence of harmful agents in the water: 

(1) Strong odors, foam, or bubbles in the water. 

(2) Discoloration or turbid (muddy with sediment). 

(3) Water from lakes found in desert areas are 
sometimes salty because they have been without an out- 
let for extended periods of time. Magnesium or alkali 
salts may produce a laxative effect; if not too strong, it is 
drinkable. 

(4) If the water gags survivors or causes gastric dis- 
turbances, drinking should be discontinued. 

(5) The lack of healthy green plants growing around 
any water source. 
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b. Because of survivors’ potential aversion to water 
from natural sources, it should be rendered as potable as 
possible through filtration. Filtration only removes the 
solid particles from water—it does not purify it. One 
simple and quick way of filtering is to dig a sediment 
hole or seepage basin along a water source and allow the 
soil to filter the water (figure 19-14). The seepage hole 
should be covered while not in use. Another way is to 
construct a filter—layers of parachute material stretch- 
ed across a tripod (figure 19-15). Charcoal is used to 
eliminate bad odors and foreign materials from the 
water. Activated charcoal (obtained from freshly burned 
wood is used to filter the water). If a solid container is 
available for making a filter, use layers of fine-to-coarse 
sand and gravel along with charcoal and grass. 

c. Purification of water may be done a variety of 
ways. The method used will be dictated by the situation 
(such as tactical or nontactical). 

{1} Boil the water for at least 10 minutes. 

(2) To use purification tablets survivors should fol- 
low instructions on the bottle. One tablet per quart of 
clear water; two tablets if water is cloudy. Let water 
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Figure 19-13. Transpiration Bag. 


stand for 5 minutes (allowing the tablet time to dis- 
solve), then shake and allow to stand for 15 minutes. 
Survivors should remember to turn the canteen over 
and allow a small amount of water to seep out and cover 
the neck part of the canteen. In an evasion situation, 
water purification tablets should be used for purifying 
water. If these are not available, plant sources or non- 
stagnant, running water obtained from a location up- 
stream from habitatio should be consumed. 

(3) Eight drops of 2'4-percent iodine per quart—stir 
or shake and let stand for at least 10 minutes. 
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d. After water is found and purified, survivors may 
wish to store it for later consumption. The following 
make good containers: 

(1) Waterbag. 

(2) Canteen. 

(3) Prophylactic inside a sock for protection of 
bladder. 

(4) Segment of bamboo. 

(5) Birch bark and pitch canteen. 

(6) LPU bladder. 

(7) Hood from antiexposure suit. 
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Figure 19-14. Sediment Hole. 





Figure 19-15. Water Filter. 
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Part Seven 


TRAVEL 


Chapter 20 


LAND NAVIGATION 


Figure 20-1. Land Nav. 


20-1. Introduction: 

a. Survivors must know their location in order to 
intelligently decide if they should wait for rescue or if 
they should determine a destination and (or) route to 
travel. If the decision is to stay, the survivors need to 
know their location in order to radio the information to 
rescue personnel. If the decision is to travel, survivors 
must be able to use a map to determine the best routes 
of travel, location of possible food and water, and haz- 
ardous areas which they should avoid. 

b. This chapter provides background information in 
the use of the map and compass (figure 20-1). 


20-2. Maps: 

a. A map is a pictonal representation of the Earth’s 
surface drawn to scale and reproduced in two dimen- 
sions. Every map should have a title, legend, scale, 
north arrow, grid system, and contour lines. With these 





components, survivors can determine the portion of the 
Earth’s surface the map covers. Survivors should be 
able to understand all of the markings on the map and 
use them to advantage. They should also be able to 
determine the distance between any two points on the 
map and be able to align the map with true north so it 
conforms to the actual features on the ground. 


b. A map is a conceptionalized picture of the Earth’s 
surface as seen from above, simplified to bring out im- 
portant details and letiered for added identification. A 
map represents what is known about the Earth rather 
than what can be seen by an observer. However, a map 
is selective in that only the information which is neces- 
sary for its intended use is included on any one map. 
Maps also include features which are not visible on 
Earth, such as parallels, meridians, and _ political 
boundaries. 
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c. Since it is impossible to accurately portray a round 
object, such as the Earth, on a flat surface, all maps have 
some elements of distortion. Depending on the intend- 
ed use, some maps sacrifice constant scale for accuracy 
in measurement of angles, while others sacrifice accu- 
rate measurement of angles for a constant scale. Howev- 
er, most maps used for ground navigation use a compro- 
mise projection in which a slight amount of distortion is 
introduced into the elements which a map portrays, but 
in which a fairly true picture is given. 

d. A planimetric map presents only the horizontal 
positions for the features represented. It is distinguished 
from a topographic map by the omission of relief in a 
measurable form. 

e. A topographic map (figure 20-2) portrays terrain 
and landforms in a measurable form and the horizontal 
positions of the features represented. The vertical posi- 
tions, or relief, are normally represented by contours. 
On maps showing relief, the elevations and contours are 
measured from a specified vertical datum plane and 
usually mean sea level. 

f. A plastic relief map is a reproduction of an aerial 
photograph or a photomosaic made from a series of 
aerial photographs upon which grid lines, marginal 
data, place names, route numbers, important eleva- 
tions, boundaries, approximate scale, and approximate 
direction have been added. 

g. A PICTOMAP (figure 20-3) is the acronym for 
photographic image conversion by tonal masking proce- 
dures. It is a map on which the photographic imagery of 
a standard photomap has been converted into interpret- 
able colors and symbols. 

h. A photomosaic is an assembly of aerial photo- 
graphs and is commonly called a mosiac in topographic 
usage. Mosiacs are useful when time does not permit the 
compilation of a more accurate map. The accuracy of a 
mosiac depends on the method used in its preparation 
and may vary from simply a good pictorial effect of the 
ground to that of a planimetric map. ° 

i, Military city map is a topographic map, usually 
1:12,500 scale, of a city, outlining streets and showing 
street names, important buildings, and other urban ele- 
ments of military importance which are compatible 
with the scale of the map. The scales of military city 
maps can vary from 1:25,000 to 1:5,000, depending on 
the importance and size of the city, density of detail, 
and available intelligence information. 

j. Special maps are for special purposes such as trafh- 
cability, communications, and assault. These are usually 
overprinted maps of scales smaller than 1:100,000 but 
larger than 1:1,000,000. Other types of special maps are 
those made from organosol or materials other than pa- 
per to meet the requirements of special climatic 
conditions. 

k. A terrain model is a scale model of the terrain 
showing landforms, and in large scale models, industrial 
and cultural shapes. It is designed to provide a means 
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for visualizing the terrain for planning or indoctrination 
purposes and for briefing on assault landings. 

1. A special purpose map is one that has been designed 
or modified to give information not covered on a stan- 
dard map or to elaborate on standard map data. Special 
purpose maps are usually in the form of an overprint. 
Overprints may be in the form of individual sheets or 
combined and bound into a study of an area. A few of 
the subjects covered are: 

(1) Landform. 

(2) Drainage characteristics. 

(3) Vegetation. 

(4) Climate. 

{5) Coast and landing beaches. 

(6) Railroads. 

(7) Airfields. 

(8) Urban areas. 

(9} Electric power. 

(10) Fuels. 

(11) Surface water resources. 

(12) Ground water resources, 

(13) Natural construction materials. 
(14) Cross-country movement. 

(15) Suitability for airfield construction. 
(16) Airborne operations. 


20-3. Aeronautical Charts. Air navigation and planning 
charts are used for flight planning. Each different series 
of charts is constructed at a different scale and format to 
meet the needs of a particular type of air navigation. 
The air navigation and planning charts are smaller in 
scale and less detailed than Army maps or air target 
materials. The control of positional error is less critical. 
The following list includes the charts most commonly 
used in intelligence operations. They are available 
through the Defense Mapping Agency (DMA) Officer of 
Distribution Services, Washington DC. A description of 
each chart follows the listing: 


CHART SCALE CODE 
USAF Global 1:5,000,000 GNC 
Navigation and 

Planning Chart 

USAF Jet Navi- —1:3,000,000 JNC-A 
gation Chart 

USAF Opera- 1:1,000,000 ONC 
tional Navigation 

Chart 

USAF Tactical 1:500,000 TPC 
Pilotage Chart 

USAF Jet Navi- —1:2,000,000 JN 
gation Chart 

Joint Operations 1:250,000 JOG 


Graphic 
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Figure 20-3. Pictomap. 
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a. Global Navigation and Planning Chart (GNC) (fig- 
ure 20-4). This chart is designed for general planning 
purposes where large areas of interest and long-distance 
operations are involved. It serves as a navigation chart 
for long-range, high-altitude, and high-speed aircraft 
since sheet lines have been selected on the basis of pri- 
mary areas of strategic interest. Several other general 
planning charts are available through the DMA. Some 
of these charts are produced on selected areas of strate- 
gic interest; others provide wide coverage. All general 
planning charts are produced at a small or very small 
scale which provides extensive area coverage on a single 
sheet. 

b. USAF Jet Navigation Chart (JN/JNC-A) (figure 
20-5). The basic JNC is produced at a scale of 
1:2,000,000. The JNC-A is produced on the north polar 
area and in the United States at a scale of 1:3,000,000. 
Both jet navigation charts are printed on 41'4- by 57%4- 
inch sheets. 

(1) The JN chart is used for preflight planning and 
en route navigation by long-range jet aircraft with dead 
reckoning, radar, celestial, and grid navigational capa- 
bilities. The charts are designed so they can be joined to 
produce a strip chart which provides the necessary navi- 
gational information for any intended course. Relief is 
indicated through the use of contours, spot elevations, 
and gradient tints. Large, level terrain areas are indicat- 
ed by a symbol that consists of narrow, parallel lines 
with the elevation annotated within the symbol. 

(2) Principal cities and towns and principal roads 
and rail networks are shown on the JN chart. The trans- 
portation network is shown in the immediate area of 
populated places. Lakes and principal drainage patterns 
are also pictured. The elevations of major lakes are indi- 
cated so that the altitude may be determined by using 
the aircraft radar altimeter. 


c. USAF Operational Navigation Chart (ONC) (figure 
20-6): 

(1) The ONC was developed to meet military re- 
quirements for a chart adaptable to low-altitude naviga- 
tion. The ONC is used for preflight planning and en 
route navigation. It is also used for operational plan- 
ning, intelligence briefing and plotting, and flight plan- 
ning displays. 


(2) This chart covers an area of 8° of latitude and 
12° of longitude. ONC sheets are identified by combin- 
ing a letter and a number (figure 20-7). Letters identify 
8° bands of latitude, starting at the North Pole and 
progressing southward. Numbers identify 12° sections 
of longitude from the prime meridian eastward. The 
successful execution of low-altitude mission depends 
upon visual and radar identification of ground features 
used as checkpoints and a rapid visual association of 
these features with their chart counterparts. The ONC 
portrays, by conventional signs and symbols, cultural 
features which have low-altitude checkpoint signifi- 
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cance. Powerlines are shown (except on cities) and are 
indicated by the usual line and pole symbol. 

(3) For certain circumstances, operational require- 
ments may be more effectively satisfied by pictorial il- 
lustrations than by the conventional symbolization of 
such structures a$ prominent buildings, bridges, dams, 
towers, holding or storage tanks, stadiums, and related 
features. For these reasons, significant landmarks are 
depicted on ONCs by pictorial symbols. 

(4) The ONC portrays relief in perspective so that 
the user gets imstantaneous appreciation of relative 
heights, slope gradients, and the forms of ground pat- 
terns. Topographic expression, illustrated basically with 
contours and spot elevations, is emphasized by the use 
of shaded relief and terrain characteristic tints defining 
the overall elevation levels. ONC contour intervals and 
terrain characteristic tints are selected regionally. This 
captures the relative significance of ground forms as a 
complete picture, and this feature aids preflight plan- 
ning and in-flight identification. 

d. USAF Tactical Pilotage Chart (TPC) (figure 20-8): 

(1) The TPC is produced in a coordinated series at 
a scale of 1:500,000. Sheet sizes are the same dimen- 
sions as the ONC sheets; however, a TPC covers only 
one-fourth as much area as an ONC sheet. The TPC 
breakdown on the ONC is illustrated in figure 20-9, A 
TPC is identified by the ONC identification and the 
letter “A,” “B,” “C,” or “D.” 

(2) The TPC is used for detailed preflight planning 
and mission analysis. In designing the TPC, emphasis 
was placed on ground features which are significant for 
low-level, high-speed navigation, using visual and radar 
means. The selected ground features also permit imme- 
diate ground-chart orientation at predetermined 
checkpoints. 

(3) Relief on the TPC is displayed by contours (in- 
tervals may vary between 100 feet and 1,000 feet), spot 
elevations, relief shading, and terrain characteristic 
tints. Cultural features such as towns and cities, princi- 
pal roads, railroads, power transmission lines, bounda- 
ries, and other features of value for low-altitude visual 
missions are included on the TPC. Pictorial symbols are 
used for features which provide the best checkpoints. 
Other features of the TPC which enhance its tactical air 
navigation qualities are as follows: 

{a) UTM grid overprint. 

(b) Vegetation color and symbol code. 

(c) Enlarged vertical obstruction symbols. 

(d) Enlarged road and railroad symbols. 

(e) Emphasized radio aid to navigation symbols, 

(f) Foreign place name glossary. 

(g) Airdrome runway patterns to scale when in- 
formation is available. 

(h) Spot elevation, gradient tints, and shaded re- 
lief depicted for all elevations. 

(i) The highest elevation for each 15-minute 
quadrangle is shown in thousands and hundreds of feet. 
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applications could be part of this application group [113]. UAVs can play a vital role in IoT scenarios 
where devices are unable to transmit over a long distance due to their energy constraints. In 
this case UAVs play the role of moving aggregators which fly toward one IoT devices, collect 
the data, and transmit it to other devices [81]. In [183] authors presented UAV-based floating 
relay (FR) for cell dynamic and coverage improvement. Deployment of unmanned aerial base 
stations in 5G heterogeneous architecture can improve throughput [254], coverage [183-185,254], 
connectivity [184,185], and 5th percentile spectral efficiency [254]. On-demand wireless systems 
with low-altitude UAVs are in faster to deploy, more flexibly reconfigured, and likely to have better 
communication channels due to the presence of short-range line-of-sight links [186] when compared to 
terrestrial communications or those based on high-altitude platforms. The utilization of highly mobile 
and energy-constrained UAVs for wireless communication introduces many new challenges [186], 
some of them are listed in [82]. To effectively use UAVs for IoT, several challenges must be addressed 
such as optimal deployment, mobility and energy-efficient use of UAVs [81]. 


5.8. Other Technologies 


Along with the aforementioned technologies, a lot of research attention is devoted to technologies, 
such as mMIMO, visible light communication (VLC), SIC, vehicle-to-everything (V2X), etc. 

mMIMO technology [73,123] promises significant gains in data rate and link reliability [187], 
reduces latency and energy [13], simplifies media access control (MAC) layer [13], shows robustness 
against intentional jamming [13], unintended man-made interface [83], and increases capacity [127,198] 
due to spatial multiplexing [123]. Reliable links are provided by benefiting from spatial diversity 
and the mitigating effects of fast fading, beamforming, and zero forcing caused by multi-user 
interference [203]. The mMIMO can be exploited to extend the coverage of higher frequency bands 
by relying on beamforming gains [200]. Other specific benefits of mMIMO system are: increased 
capacity 10 times or more with simultaneous improvement in radiated energy efficiency in the order 
of 100 times, the possibility to use inexpensive, low-power components, the reduction of latency on 
the air interface, and multiple access layer simplification [83]. The low complexity mMIMO uplink 
scheme for IoT lightweight devices is presented in [188]. The performance of practical mMIMO system 
needs to be investigated, since the research community pays attention to analyzing the performance of 
mMIMO in an ideal channel state information assumption [73]. 

VLC is a growing technology for short range, high capacity LOS optical links [189]. It uses a 
visible range of the electromagnetic spectrum (370-780 nm) which provides data transmission and 
room illumination using light emitting diodes (LEDs). Prominent features of VLC are an abundant 
license-free spectrum, the ability to provide multiple gigabit-per-second data rates, low energy 
consumption, and low implementation costs [190]. VLC is sensitive to sunlight and is not able 
to work long range without LOS. Since VLC coverage is LOS limited [84,191], this is known as 
LOS blocking [192]. With poor performance in non-line-of-sight scenarios, VLC networks fail to 
provide convenient UL coverage at the current state-of-the-art, and each AP illuminates only a small 
confined cell compared to cellular RF networks [192]. VLC applications are expected to include 
IoT, wireless Internet access, and vehicle-to-vehicle (V2V) communications, broadcast from LED, 
M2M communications, positioning systems, and navigation. The problem of how to provide mobile 
applications over VLC is still quite an open one [189]. 

SIC implementation enables low-latency applications in a cost effective manner [132]. SIC 
can be used to increase link capacity, spectrum virtualization, any-division duplexing, novel relay 
solutions, and enhanced interface coordination [132]. Practical SIC implementation is still in the 
investigation phase. 

V2X is the communication between a vehicle and everything with which it might interact (e.g., 
other vehicles, traffic operators and service providers). It is used in conjunction with D2D for coverage 
extension and latency reduction in 5G networks [255]. V2X communication might play a vital role in 
terms of implementing smart and efficient traffic solutions [193], improving road safety, traffic efficiency, 
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Figure 20-4. GNC Map. 
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Figure 20-5. JNC Map. 
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Figure 20-6. ONC Map. 
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INDEX TO ADJOINING SHEETS 





Figure 20-7. Operational Navigation Chart index. 


e. Joint Operations Graphic (JOG) (Series 1501 
AIR): 

(1) JOGs (figure 20-10) are series of 1:250,000 scale 
military maps designed for joint ground and air opera- 
tions. The maps are published in ground and air edi- 
tions. Both series emphasize the air-landing facilities 
but the air series has additional symbols to identify aids 
and obstructions to air navigation. 

(2) JOG was designed to provide a common-scale 
graphic for Army, Navy, and Air Force use. Air Forces 
make use of it for tactical air operations, close air sup- 
port, and interdiction by medium- and high-speed air- 
craft at low altitudes. The chart may also be used for 
dead reckoning and visual pilotage for short-range en 
route navigation. Due to its large scale, it is unsuitable 
for local area command planning for strategic and tacti- 
cal operations. 

{a) Relief on the JOG is indicated by contour 
lines (in feet). In some areas, the intervals may be in 
meters, with the approximate value in feet indicated in 
the margin of the chart. Spot elevations are used 
through all terrain levels. The ground series show eleva- 
tions and contours in meters while the air series show 
the same elevations and contours in feet. 

(b) Relief is also shown through gradient tints, 
supplemented by shaded relief. The highest elevations 
in each 15-minute quadrangle are indicated in thou- 
sands and hundreds of feet. 

(c) Cultural features, such as cities, towns, roads, 
trails, and railroads are illustrated in detail. The loca- 
tions of boundaries and power transmission lines are 
also shown. Vegetation is shown by symbol. Detailed 
drainage patterns and water tint are used to illustrate 
water features, such as coastlines, oceans, lakes, rivers 
and streams, canals, swamps, and reefs. The JOG in- 
cludes aeronautical information such as airfields, fixed 
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radio navigation and communication facilities, and all 
known obstructions over 200 feet above ground. If the 
information is available, the airfield runway patterns 
are shown to scale by diagram. 

(d) The basic numbering system of the JOG con- 
sists of two letters and a number which identifies an 
area 6° in longitude by 4° in latitude. If the chart covers 
an area north of the Equator, the first letter is “N;” a 
chart covering an area south of the Equator is identified 
with an initial “S.” The second letter identifies the 4° 
bands of latitude lettered north and south from the 
Equator. The number identifies the 6° sections of longi- 
tude which are numbered from the 180° meridian east- 
ward. The 6° x 4° areas identified by two letters and a 
number from | to 60 are further broken down to either 
12 or 16 sheets. Figure 20-11 illustrates how the sheets 
are numbered in each breakdown. The figure also indi- 
cates the respective latitudes at which the 12- and 
16-sheet breakdown is used. Charts produced in Canada 
use a slightly different sheet identification system. The 
DOD Aeronautical Chart Catalog contains an explana- 
tion of the system. 

f. DOD Evasion Charts (Figure 20-12). The Defense 
Mapping Agency and Aeronautical Chart and Informa- 
tion Center prepare DOD evasion charts. The Korea 
and Southeast Asia charts have been completed. The 
scale for these charts is 1:250,000. The charts have both 
longitude and latitude and the UTM grid coordinate 
systems. The relief is duplicated by both contour lines 
and shading. The magnetic variation is shown by a com- 
pass rose superimposed on the chart. The charts also 
indicate the direction of seasonal ocean currents. These 
charts may include geographic environmental data con- 
sisting of a description of the people, climate, water, 
food, hazards, and vegetation. A conversion of eleva- 
tion bar scale may aid in communicating with other 
forces. The star chart is provided to aid in night 
navigation. 


20-4. Information Contained in Margin: 

a. Before using any piece of equipment, a wise opera- 
tor always reads the manufacturer’s book of instruc- 
tions. This is also true with maps. The instructions are 
placed around the outer edges of the map and are 
known as marginal information. All maps are not the 
same, so it becomes necessary each time a different map 
is used to carefully examine the marginal information. 

b. Figure 20-13 is a large-scale (1:50,000)} topographic 
map. The circled numbers indicate the marginal infor- 
mation with which the map user must be familiar. The 
location of the marginal information will vary with each 
different type of map. However, the following items are 
on most maps. The circled numbers correspond to the 
item numbers listed and described below. 

{i} Sheet Name (1). The sheet name is in two 
places; the center of the upper margin and the right side 
of the lower margin. Generally, a map is named after its 
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Figure 20-9. Relationship of TPC and ONC. 


outstanding cultural or geographic feature. When possi- 
ble, the name of the largest city on the map is used (not 
shown). 

(2) Sheet Number (2). The sheet number is in the 
upper right margin and is used as a reference number 
for that map sheet. For maps at 1:100,000 scale and 
larger, sheet numbers are based on an arbitrary system 
which makes possible the ready orientation of maps at 
scales of 1:100,000, 1:50,000, and 1:25,000 (figures 
20-14 and 20-15). 

(3) Series Name and Scale (3): 

(a) The map series name is in the upper left mar- 
gin. A map series usually comprises a group of similar 
maps at the same scale and on the same sheet lines or 
format designed to cover a particular geographic area. It 
may also be a group of maps which serve a common 
purpose, such as military city maps. The name given a 
series is of the most prominent area. The scale note is a 
representative fraction which gives the ratio of map dis- 
tance to the corresponding distance on the Earth’s sur- 
face. For example, the scale note 1:50,000 indicates that 
one unit of measure on the map equals 50,000 units of 
the same measure on the ground. 

(b) Scale. The scale is expressed as a fraction and 
gives the ratio of map distance to ground distance. The 
terms “small scale,” “medium scale,” and “large scale” 
may be confusing when read with the numbers. Howev- 
er, if the number is viewed as a fraction, it quickly 
becomes apparent the 1:600,000 of something is smaller 
than 1:75,000 of the same thing. Hence, the larger the 
number after !:, the smaller the scale of the map. 

-1. Small Scale. Maps at scales of 1:600,000 
and smaller are used for general planning and strategical 
studies at the high echelons. The standard small scale is 
1:1,000,000. 

-2. Medium Scale. Maps at scales larger than 
1:600,000 but smaller than 1:75,000 are used for plan- 
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ning operations, including the movement and concen- 
tration of troops and supplies. The standard medium 
scale is 1:250,000. 

-3. Large Scale. Maps at scales of 1:75,000 and 
larger are used to meet the tactical, technical, and ad- 
ministrative needs of field units. The standard large 
scale is 1:50,000. 

(4) Series Number (4). The series number appears 
in the upper right margin and the lower left margin. It is 
a comprehensive reference expressed either as a four- 
digit numeral (example, 1125), or as a letter, followed 
by a three- or four-digit numeral (example, V791 5). 

{5) Edition Number (5). The edition number is in 
the upper margin and lower left margin. It represents 
the age of the map in relation to other editions of the 
same map and the agency responsible for its production. 
The latest edition will have the highest number. EDI- 
TION | DMATC indicates the first edition prepared by 
the Defense Mapping Agency Topological Center. Edi- 
tion numbers run consecutively; a map bearing a higher 
edition number is assumed to contain more recent in- 
formation than the same map bearing a lower edition 
number. Advancement of the edition number consti- 
tutes authority to rescind or supersede the previous 
edition. 

(6) Bar Scales (6). The bar scales are located in the 
center of the lower margin. They are rulers used to 
convert map distance to ground distance. Maps normal- 
ly have three or more bar scales, each a different unit of 
measure. 

(7) Credit Note (7). The credit note is in the lower 
left margin. It lists the producer, dates, and general 
methods of preparation or revision. This information is 
important to the map user in evaluating the reliability 
of the map as it indicates when and how the map infor- 
mation was obtained. On some recent 1:50,000 scale 
maps, the map credits are shown in tabular form in the 
lower margin, with reliability information presented in 
a coverage diagram. 

(8) Adjoining Sheets Diagram (8) (not shown). 
Maps at all standard scales contain a diagram which 
illustrates the adjoining sheets. 

(a) On maps at 1:100,000 and larger scales and at 
1:1,000,600 scales, the diagram is called the Index to 
Adjoining Sheets, and consists of as many rectangles, 
representing adjoining sheets, as are necessary to sur- 
round the rectangle which represents the sheet under 
consideration. The diagram usually contains nine rec- 
tangles, but the number or names may vary depending 
on the location of the adjoining sheets. All represented 
sheets are identified by their sheet numbers. Sheets of 
an adjoining series, whether published or planned, that 
are the same scale are represented by dashed lines. The 
series number of the adjoining series is indicated along 
the appropriate side of the division line between the 
series (figure 20-16). 
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Figure 20-11. JOG Sheet Numbering System. 


{b) On 1:50,000 scale maps, the sheet number 
and series number of the 1:250,000 scale map of the 
area are shown below the Index to Adjoining Sheets. 

(c) On maps at 1:250,000 scale, the adjoining 
sheets are shown in the location diagram. Usually, the 
diagram consists of 25 rectangles, but the number may 
vary with the locations of the adjoining sheets. 

(9) Index to Boundaries (9). The index to bounda- 
ries diagram appears in the lower right margin of all 
sheets 1:100,000 scale or larger, and 1:1,000,000 scale. 
This diagram, which is a miniature of the map, shows 
the boundaries which occur within the map area, such 
as county lines and state boundaries. On 1:250,000 scale 
maps, the boundary information is included in the loca- 
tion diagram. 

(10) Projection Note (10). The projection system is 
the framework of the map. For maps, this framework is 
the conformal type; that is, small areas of the surface of 
the Earth retain their true shapes on the projection, 
measured angles closely approximate true values, and 
the scale factor is the same in all directions from a 
point. The projection ts identified on the map by a note 
in the lower margin. 

(11) Grid Note (11). The grid note is in the center 
of the lower margin. It gives information pertaining to 
the grid system used, the interval of grid lines, and the 
number of digits omitted from the grid values. Notes 
pertaining to overlapping or secondary grids are also 
included when appropriate. 

(12) Grid Reference Box (12), The grid reference 
box has instructions for composing a grid reference, 

(13) Vertical Datum Note (13). This note is in the 
center of the lower margin. It designates the basis for all 
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vertical control stations, contours, and elevations ap- 
pearing on the map. On JOGs at 1:250,000 scale, the 
vertical datum note may appear in the reliability 
diagram. 


(14) Horizontal Datum Note (14). This note is lo- 
cated in the center of the lower margin. It indicates the 
basis for all horizontal control stations appearing on the 
map. This network of stations controls the horizontal 
positions of all mapped features. On JOGs at 1:250,000 
scale, the horizontal datum note may appear in the reli- 
ability diagram. 

(15) Legend (15). The legend is located in the lower 
left margin. It illustrates and identifies the topographic 
symbols used to depict some of the more prominent 
features on the map. The symbols are not always the 
same on every map. To avoid error in the interpretation 
of symbols, the legend must always be referred to when 
a map is read. 


(16) Declination Diagram (16). The declination di- 
agram is usually located in the lower margin of large- 
scale maps and indicates the angular relationships of 
true north, grid north, and magnetic north. On maps at 
1:250,000 scale, this information is expressed as a note 
in the lower margin. 

(17) User’s Note (17). A user’s note is in the center 
of the lower margin. It requests cooperation in cor- 
recting errors or omissions on the map. Errors should 
be marked and the map forwarded to the agency identi- 
fied in the note, 

(18) Unit Imprint (18). The unit imprint, in the 
lower left margin, identifies the agency which printed 
the map and the printing date. The printing date should 


AFR 64-4 = Voll 15 July 1985 


UY aa 


: frp Samm 


fy 


° > . é ~ a Z 
, wm Sf ert 
oa 

wart Mtr 
Ret ee _ 
aH - i 


Figure 20-12. DOD Evasion Chart. 
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and driver convenience. To reduce traffic congestion one may use an intelligent route management 
system based on V2X communication [7]. Since it has big potential in autonomous driving application, 
the localization of vehicles in dense urban areas is difficult, so several algorithms are proposed to solve 
the problems [194]. Many V2X applications are described in existing literature [85,195]. However, 
there is still a need to design vehicular mobility management strategies in next UDN networks and to 
find a way to enhance existing connected vehicle services with V2X [86]. 

These technologies are highlighted as the main 5G driver in existing literature [5—7,96,207]. 
Authors compare these technologies and try to implement them through prototypes, or test the 
combination of these technologies. However, other technologies exist, such as cloud-RAN [7], 
Coordinated Multi-Point (COMP), White Space Spectrum [208], which are not in the scope of this paper. 


5.9. Summary of IoT in Enabling Technologies 


Performance requirements of activity-based loT application classes have served to identify the 
enabling technologies in the radio access part of 5G networks, which are summarized in Table 5. 
Various 5G enabling technologies have been sorted into eight technological groups: 


1. Wide and flexible bandwidth technology: mmWave band communication and large-scale 
antennas, heterogeneous multi-RAT integration, cognitive radio, and spectrum sharing; 
Advanced modulation and coding: advanced modulation schemes, advanced channel coding; 
Duplexing: in-band FD, dynamic TDD; 

Multiple access and waveform: multiple access, new waveforms; 

Advanced interface management: SND, SWSC; 


ON Gee Ge IS 


Access architecture related radio technologies: advanced small cell, MN, enhanced wireless 
backhaul, D2D; 

Energy related technologies: energy harvesting, UAV; 

Other technologies: mMIMO, VLC, SIC, V2X. 


oN 


These technologies have been discussed in terms of their possibilities to meet performance 
requirements of activity-based IoT application classes and identify research gaps and directions, which 
are summarized in Table 6. 

We have highlighted technologies only used to satisfy high priority performance requirements 
of mMTC activity-based IoT application classes, i.e., connection density, positioning accuracy, and 
coverage. We have focused on these technologies from telco’s perspective, since the area of mMTC 
activity-based IoT classes is more mature, as its development has already started within LTE, while 
uMTC poses new research questions to be answered in order to achieve unprecedented levels of 
reliability needed for new applications in 5G. 

The new waveform technology may be used to fulfil the requirements of almost every 
activity-based IoT application class in terms of connection density. This technology affects the 
connection density by definition. Analysis of different modulation formats indicates that f-OFDM is 
the most suitable candidate for loT applications with high connection density requirements. In this 
regard, a deeper and more comprehensive analysis of f-OFDM is needed in the context of different 
mMTC activities (i-e., ticketing, tracking, monitoring, and managing/controlling). The result of the 
analysis to be performed should be the discovery of an optimal waveform for each activity-based IoT 
class which has to be integrated with other 5G service classes. 

Large scale antennas and advanced small cell technologies can be used to satisfy the requirements 
of ticketing-, tracking-, and uMTC managing/controlling-based IoT application classes in terms of 
positioning accuracy. Fulfilling these performance requirements is rather a business than a technical 
decision. The size of the 5G cell must be planned to meet the desired position accuracy since it is very 
important for future IoT applications, such as automated driving, remote surgery, robotics, taxis, etc. 

Wide and flexible bandwidth technologies, in-band full duplex technologies, access architecture 
related radio technologies, and mMIMO can be used to achieve the high requirements of ticketing-, 
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Figure 20-13. 1:50,000 Topographic Map. (continued) 
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Figure 20-14. Basic Development, 1:100,600 Scale. 


not be used to determine when the map information 
was obtained, 

(19) Contour Interval (19). The contour interval 
note appears in the center of the lower margin. It states 
the vertical distance between adjacent contour lines on 
the map. When supplementary contours are used, the 
interval is indicated. 

(20) Special Notes and Scales (20). Under certain 
conditions, special notes or scales may be added to the 
margin information to aid the map user. The following 
are examples: 

(a) Glossary. A glossary is an explanation of tech- 
nical terms or a translation of terms on maps of foreign 
areas where the native language is other than English. 

(b) Classification. Certain maps require a note 
indicating the security classification. This is shown in 
the upper and lower margins. 

(c) Protractor Scale. A protractor scale may ap- 
pear in the upper margin on some maps. It is used to lay 
out the magnetic grid declination of the map which, in 
turn, is used to orient the map sheet with the aid of a 
magnetic compass. 

(d) Coverage Diagram. A coverage diagram may 
be used on maps at scales of 1:100,000 and larger. It is 
normally in the lower or right margin and indicates the 
methods by which the map was made, dates of photog- 
raphy, and reliability of the sources. On maps at 
1:250,000 scale, the coverage diagram is replaced by a 
reliabilty diagram. 

(e) Elevation Guide. On some maps at scales of 
1:100,000 and larger, a miniature characterization of 
the terrain is shown by a diagram in the lower nght 
margin of the map. The terrain is represented by bands 
of elevation, spot elevations, and major drainage fea- 
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Figure 20-15. Systems for Numbering Maps. 


tures. The elevation guide provides the map reader with 
a means of rapid recognition of major landforms. 

(f) Special Notes. A special note is any statement 
of general information that relates specifically to the 
mapped area. For example, rice fields are generally sub- 
ject to flooding; however, they may be seasonaily dry. 

(21) Stock Number Identification (21). All maps 
published by or for the Department of the Army or 
Defense Mapping Agency contain stock number identi- 
fications which are used in requisitioning map supplies. 
The identification consists of the words “STOCK NO.” 
followed by a unique designation which is composed of 
the series number, the sheet number of the individual 
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map, and on recently printed sheets, the edition 
number. 


20-5. Topographic Map Symbols and Colors: 

a. The purpose of a map is to permit one to visualize 
an area of the Earth’s surface with pertinent features 
properly positioned. Ideally, all the features within an 
area would appear on the map in their true proportion, 
position, and shape. This, however, is not practical be- 
cause many of the features would be unimportant and 
others would be unrecognizable because of their reduc- 
tion in size. The mapmaker has been forced to use sym- 
bols to represent the natural and manmade features of 
the Earth’s surface. These symbols resemble, as closely 
as possible, the actual features as viewed from above 
(figures 20-17 and 20-18). 
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b. To facilitate identification of features on the map 
by providing more natural appearance and contrast, the 
topographic symbols are usually printed in different col- 
ors, with each color identifying a class of features. The 
colors vary with different types of maps, but on a stan- 
dard large-scale topographic map, the colors used and 
the features represented are: 

(1) Black—the majority of cultural or manmade 
features. 

(2) Blue—water features such as lakes, rivers, and 
swamps. 

(3) Green—vegetation such as woods, orchards, 
and vineyards. 

(4) Brown—all relief features such as contours. 

(5) Red—main roads, built-up areas, and special 
features. 

(6) Occasionally, other colors may be used to show 
special information. (These, as a rule, are indicated in 
the marginal information. For example, aeronautical 
symbols and related information for air-ground opera- 
tions are shown in purple on JOGs.} 

c. In the process of making a map, everything must be 
reduced from its size on the ground to the size which 
appears on the map. For purposes of clarity, this re- 
quires some of the symbols to be exaggerated. They are 
positioned so that the center of the symbol remains in 
its true location. An exception to this would be the 
position of a feature adjacent to a major road. If the 
width of the road has been exaggerated, then the feature 
is moved from its true position to preserve its relation 
to the road. 

d. Army Field Manual 21-31 gives a description of 
topographic symbols and abbreviations authorized for 
use on US military maps. Figure 20-19 illustrates sever- 
al of the symbols used on maps. 


20-6. Coordinate Systems. The intersections of refer- 
ence lines help to locate specific points on the Earth’s 
surface. Three of the primary reference line systems are 
the geographic coordinate system, the reference (GE- 
OREF) system, and the universal transverse mercator 
grid system (UTM). Knowing how to use these plotting 
systems should help a survivor to determine point 
locations. 

a. Coordinates. Quantities that give position with 
respect to two reference lines are called coordinates. 
Thus, the intersection of F Street and 4th Avenue (fig- 
ure 20-20) is the coordinate location of the Gridville 
Public Library. The coordinates of the local theater are 
D Street and 6th Avenue. One can see from this simpli- 
fied example that coordinates are read at intersections 
of vertical and horizontal lines. The basic coordinate 
system used on maps and charts is the geographic mili- 
tary grid. The structure and use of the geographic coor- 
dinate system, the world geographic reference system, 
and the military grid reference system will be discussed 
and illustrated. 
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Figure 20-17, Area Viewed from Ground Position. 


(1) Geographic Coordinates. The geographic coor- 
dinate system is a network of imaginary lines that circle 
the Earth. They are used to express Earth position or 





Figure 20-18. Area Viewed from Ground Position— 
Map. 


location. There are north-south lines called meridians of 
longitude and east-west lines named parallels of lati- 
tude. The location of any point on the Earth can be 
expressed in terms of the intersection of the line of 
latitude and the line of longitude passing through the 
point. 

(2) Meridians of Longitude. The lines of latitude 
and longitude are actually great and small circles 





AFR 64-4 ~—s Vor | 15 July 1985 


Se Tay 


wn 
: az int oY a eS 
ete ge ee OE aati | a ofa 
: * Aga d, a. 

’ 


formed by imaginary planes cutting the Earth. A great 
circle divides the Earth into two equal parts (halves); 
whereas, a small circle divides the Earth into two une- 
qual parts. Study figure 20-21 and note that: (1) each 
north-south line is a great circle, and (2) each great 
circle passes through both the North and South Poles. 
Each half of each of these great circles from one pole, in 
either direction, to the other pole its called a meridian of 
longitude. The other half of the same great circle is a 
second meridian of longitude. 


(a). Meridian is derived from the Latin word 
“meridianum,” which means “lines that pass through 
the highest point on their course” (in this case, both the 
North and South Poles). Any angular distance measured 
east or west of the meridian is called longitudinal dis- 
tance; hence, the term “meridian of longitude.” It is 
necessary, of course, to assign values to the meridians to 
make them meaningful. The most appropriate values to 
use for circles are degrees (°), minutes (’), and seconds 
(”). Circles are customarily divided into 360° per circle, 
60’ per degree, and 60” per minute. 


(b). All meridians are equal in value; hence, one 
of them must be assigned the value of 0° (the starting 
point). The meridian passing through Greenwich, En- 
gland, is zero degrees (0°). This meridian is also called 
the prime meridian (figure 20-22). The other half of the 
great circle on which the prime meridian is located is 
designated the 180th meridian. Portions of this meridi- 
an are also called the international dateline. 
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TOPOGRAPHIC MAP SYMBOLS 


VARIATIONS WILL BE FOUND ON OLDER MAPS 


Promary highway, hard surface 

Secondary Mghway. hard surface 

Light-tuty road, hard of improved surface County, parish, municypio 

Unimoproved toad seu ‘ Civil township, precinct, town, barra 

Road under construction, alinement known Incorporated city, village. town, hamlet 

Proposed road Reservation, Nateonal or State 

Dwasl Dighway, deendeng strip 25 feet or tess Small park, cemetery, airport, ete 

Dual hghway, deeding strap exceeding 25 teet Land grant 

Trav = Township of range line, United States land survey 
Township of range line. approximate location 

Raitoad: singte track and multipie track Section lina, United States land survey 

Railroads in juxtaposetion Section line, approximate location 

Natrow gage: single track and multiple track Township line, not United States land survey 


Railrosd in street and carline : Section fine. not United States land survey 


Bridge: road and ratroad F = Found corner: section and closing 
Drawbridge: roed and railroad ) Boundary monument. land grant and other 
Footpndge , . Fence or field tine 


Tunnel toad and cailtoad 
Overpass and underpass Index contour Intermediate contour 


Small masonry of concrete dam Ju Supplementary contour Depression contours 


Dam with lock ad Fill Cut 


Dam with road Levee - Levee with road 
Canal with lock : Mine dump Wasn 


Tailings _____} Tailings pond 


Buildings (dwelling. place of employment, etc.) 
4 = Shilting sand or sal = Intricate surface 
School, church ang cemetery 

Sand area ‘ | Gravel beach 
Buridings (barn, warehouse, etc } 


Power transmisseon fine with located metal lower 

Perennial streams intermittent streams 
Telephone line, pipeline, etc, (labeled as to type) 

Elevated aqueduct Aqueduct tunnel 
Weils other than water (labeled as to type! ofias 

Water well aad spring » ~» Glacier 
Tanks; oil, water, etc, labeled only it water) 20@ Bua 

Small raprds » Small fatis 


Loceted of landmark objet, wendmill 6 ' aw 
Large apices - Large falls 


Open pil, mine, of quarry: prospect : x ' 
intermuttent lake S Dry ‘ake bed 


Shaft and tunnel entrance Y 
Foreshore tliat citi Rock or coral reet 


Sound ng, depth curve =r, Piting ot dolsten 


Horngonta’l and vertical control station oe, ms 
Exposed wreck Be Sunken wreck 
Tablet, spirit level alevalon 8¢ 45653 
Rock, Dare Of awath;, dangercus to navigation 
Other recoverable mark, spirit level clevation AS54556 
Horontal control station tablet, vertical angle elevation yAEM 49s ‘ rs) 
Marsh (swamp) | Submerged marsh 
Any recoverable mark vertical angie or checked elevation ars 


Wooded maruh Mangrove 


Vertical control station: tablet. spirit lewel elevabon uM % 967 





Woods of Srushwood Orchard 


Other recoverable mark, sprrit tevel elewatron x yo4 
Spct olevstion x7o + 708 Vineyard t ) Scrub 


Land subject to 
Water elevation sP0 controlled inundation - Urban area 





Figure 20-19. Topographic Map Symbols. 
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Figure 20-20. Gridville City. 


(c). From the prime meridian east of the interna- 
tional dateline, meridians are assigned values of 0° 
through 180° east. Similarly, from the prime meridian 


NORTH Por, 
SAN 


[> 


SOUTH POLE 


Figure 20-21. Meridian of Longitude. 


west to the international dateline, meridians are as- 
signed values of O°through 180° west. The 0° meridian 
together with the 180° meridian forms a great circle 
which divides the Earth into east and west longitude (or 
hemispheres). There are 180° of east longitude plus 
180° of west longitude for 360° of longitude. 
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Figure 20-22. Parallels of Latitude. 


b. Parailels of Latitude. Notice in figure 20-22 that 
the circles running in an east-west direction are of vary- 
ing diameters (sizes). Only the circle designated “Equa- 
tor” is a great circle. All others are small circles. Note 
that all circles are parallel to the Equator and run later- 
ally around the Earth. Hence, each circle is called a 
parallel of latitude. Unlike meridians, which extend on- 
ly halfway around the Earth, a parallel of latitude ex- 
tends all the way around the Earth; for the record, the 
Equator is also a parallel of latitude. Since the Equator 
is the only great circle of latitude, it is a natural starting 
point for the 0° value of latitude. The North and South 
Poles are designated 90° north latitude and 90° south 
latitude, respectively. Parailels between the Equator and 
North Pole carry values between 0° and 90°north; par- 
allels between the Equator and the South Pole are as- 
signed values between 0° and 90° south. 

(1) Figure 20-23 combines the lines of latitude and 
longitude. Lines 0°through 90° north or south latitude 
and 0° through 180° east or west longitude form the 
grid of the geographic coordinate system. Study the po- 
sitions of Points A and B in figure 20-23. Determine the 
geographic coordinates of each in degrees. Note that 
point A is positioned 32° north of the Equator and 35° 
east of the prime meridian. The geographic position of 
point A, therefore, is 32°north 35° east. Point B is locat- 
ed 25° south of the Equator and 40° west of the prime 
meridian. Hence, the geographic position of point B is 
25° south 40° west. 

(2) Just as any point within the city of Gridville 
(figure 20-20) can be referenced by the intersection of 


AFR 64-4 ~—s- Voll! 15 July 1985 

two imaginary lines, any point on the Earth’s surface 
can be referenced by the intersection of the imaginary 
lines of latitude and longitude. 

c. Writing Geographic Coordinates. To illustrate the 
proper way to write geographic coordinates, let’s as- 
sume that a person needs to write the coordinates of a 
target. The target is located 30°20’ north of the Equator 
and 135°06’ east of the prime meridian. Thus, the posi- 
tion is located at 30°20’ north latitude and 135°06’ east 
longitude. By combining latitude and longitude, the po- 
sition of the geographic location can be expressed as 
30°20’'N 135°06’E. To write these coordinates in the 
correct military form, eliminate the degree (°) and min- 
ute (‘) symbols. Thus, the coordinates would be written 
302000N 1350600E. 

(1) Writing geographic coordinates in the military 
form is necessary for wire and radio transmission of 
geographic coordinates. Why? The transmission equip- 
ment does not include the degree (°), minute {), and 
second (“) characters in its keyboards. Coordinates are 
also stored in automated data processing computers 
which are programmed to handle coordinates in milita- 
ry characters or spaces. If the sequence of numbers and 
letters fed into a computer is less than 15 spaces, or in 
error, the resulting printout will be meaningless. 

(2) When a position is located that is less than 10° 
latitude, a zero is added to the left of the degree num- 
ber. For example, 7° of latitude is written as 07. Like- 
wise, two digits always designate minutes and two digits 
for seconds. Thus, 7°N becomes 07N; 7°6’N becomes 
0706N; and 7°6’5”N becomes 070605N. In expressing 
longitude, three digits are required to indicate degrees, 
two digits for minutes, and two digits for seconds. Thus 





Figure 20-23. Latitudes and Longitudes. 
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Figure 20-24. Plotting Geographic Coordinates. 


8°E becomes O08E; 8°5’E becomes 00805E; and 
8°5’4”E becomes 0080504E. 
(3) In general, there are five rules to follow in cor- 

rectly writing geographic coordinates: 

(a) Write latitude first, followed by longitude. 

(b) Use an even number of digits for latitude and 
an odd number of digits for longitude. 

{c) Do not use a dash or leave a space between 
latitude and longitude. 

(d) Use single upper case letter to indicate direc- 
tion from the Equator and prime meridians. 

(e) Omit the symbols for degrees, minutes, and 
seconds, 
d. Plotting Geographic Coordinates: 

(1) One can probably read the coordinates of point A 
and B in figure 20-24 rather easily; however, plotting 
points on maps from given coordinates must also be 
done. To do this, first get acquainted with the map 
being used. Assume that figure 20-24 is the map being 
used, Note that it covers an area from 38N to 39N and 
from 104W to 105W, an area of 1° by 1°. Also note that 
latitude and longitude are subdivided by 30’ division 
lines and then with tick marks into 5- and |-minute 
subdivisions. 

(2) Assume that the coordinates of the point which 
must be plotted are 382800N1040800W. Next, follow 
the genera! procedure listed below to plot the point on 
the map: 

(a) Locate the parallel of latitude for degrees 
(38°N). 
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Figure 20-25. GEOREF 15-Degree Quadrants. 


(b) Find the meridian of longitude for degrees 
(104° W). 

(c} Move to the meridian (usually a tick mark) for 
minutes (08° W). 

(d) Move to the parallel (usually a tick mark) for 
minutes (28’N). 

(e) Plot the point on the map (point A in figure 
20-24; plot at 382800N 1040800W. 

(3) Recovery points, rally points, and destination 
positions may be plotted or identified on a map or chart 
to enable rescue personnel, the survivors, and evaders 
to locate these positions. Seconds are not shown be- 
tween the 1-minute tick marks on maps and charts; they 
must be estimated. It is easy to estimate halfway tick 
marks (30 seconds); one-fourth (15 seconds) and three- 
fourths (45 seconds) are also reasonably easy to esti- 
mate. Then, as experience is gained, people will find 
that on large-scale maps they can estimate the sixths (10 
seconds) and eights (about 8 seconds). They cannot, 
however, accurately estimate to sixths or eights at the 
scale shown in figure 20-24. 

(4) To write geographic coordinates more precisely 


























than minutes, merely carry the coordinates out to in- 
clude seconds. In the previous example, the coordinates 
of a target located 30°20’ north of the Equator and 
135°06’ east of the prime meridian were written as 
302000N1350600E. A more exact position of the target 
might be 30°20’05”N latitude and 135°0616”E longi- 
tude. This more precise position is correctly written as 
302005N 1350616E. 


e. World Geographic Reference System (GEOREF). 
The geographic coordinate system has several short- 
comings when it is used in military operations. One 
objectionable feature is the large number of characters 
necessary to identify a location. To specify a location 
within 300 yards, a coordinate reading such as 
241412NO141512W is necessary, with a total of 15 
characters. Another objectionable feature is the diversi- 
ty of directions used in applying the grid numbering 
system. Any particular point on a geographic grid can be 
north and east, north and west, south and east, or south 
and west. This means there are four different ways to 
proceed when reading various geographic coordinates. 
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Such a system obviously promotes errors. To overcome 
the disadvantages and promote speed in position re- 
porting, other grid systems are used. We shall now ex- 
amine one of these systems—that which is commonly 
called GEOREF. Air Force uses the GEOREF system as 
a reference in the control and direction of forces en- 
gaged in large area operations and operations of a global 
nature. 

(1) GEOREF System Structure. The geographic co- 
ordinate grid serves as the base for the GEOREF sys- 
tem. The grid originates at the 180° meridian and the 
South Pole. Starting at the 180° meridian, it proceeds 
right, or eastward, around the world, and back to the 
180° starting point. From the South Pole, it proceeds 
northward to the North Pole (figure 20-25), 

(a) Notice in figure 20-25 that the basic layout is 
subdivided into 24 east-west zones and 12 north-south 
zones. This forms 288 quadrangles that measure 
15°X15°. The 24 east-west zones are lettered “A” 
through “Z” omitting “I” and “O.” The 12 north-south 
zones are lettered “A” through “M” (omitting “I”’}. Each 
quadrangle is identified by two letters and is located by 
reading right and up. For example, the southern tip of 
Florida is located in GEOREF quadrangle G-H (figure 
20-25). 

(b) Each of the 15° quadrangles is divided into 1° 
quadrangles (figure 20-26). First, they are divided to the 
right into 15 zones lettered “A” through “Q” (omitting 
“I? and “O”), then up into 15 zones lettered “A” 
through “Q” (“I” and “O” omitted). 

(c) This system makes it possible to identify any 
quadrangle by four letters; for example, WGAN. The 
two letters designate the 15° grid zone, and the other 


Pt tt tt 
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Figure 20-26. GEOREF 1-Degree Quadrants. 
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Figure 20-27. GEOREF 1-Degree Quadrants WGAN. 


two letters identify a 1° quadrangle within the 15° grid 
zone. In figure 20-27, WGAN refers to the quadrangle 
situated between [20° east fongitude and i2° and 
13°north latitude. Notice that the 1° quadrangle 
WGAN is further divided by 30-minute division lines, 
and then with tick marks into 5- and 1-minute 
subdivisions. 
(2) GEOREF Coordinates: 

(a) Any feature within a 1° quadrangle can be 
located by reading the number of minutes to the right 
and the number of minutes up. For example, the city of 
Magaran (figure 20-27) can be located by proceeding as 
follows: 


-1. 15° X 15° quadrangle WG 
identification 

-2. 1° & 1° quadrangle WGAN 
identification 

-3. Minutes to the right WGAN 56 

-4, Minutes up WGAN 5630 

-5. Full GEOREF coordi- WGAN 5630 


nate 


(b) If a reference of greater accuracy than | min- 
ute is required, the 1-minute tick marks may be divided 
into decimal values (tens or hundreds). By doing this, it 
is possible to locate a point within one-tenth of a minute 
with four letters and six numbers and within one-hun- 
dredth of a minute by four letters and eight numbers. 

(3) GEOREF Special References. Another real ad- 
vantage of the GEOREF system is the simplicity with 
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Figure 20-28. UPS Grid Zones. 


which it allows a person to designate an area or indicate 
the elevation of a point. To designate the location and 
dimensions of a rectangular area, first read the GE- 
OREF coordinates of the southwest corner of the area. 
Then add and “S,” which denotes “side,” and digits 
denoting the number of nautical miles that the area 
extends to the east. Then add an “X,” denoting “by,” 
and digits denoting the number of nautical miles the 
area extends to the north. An example of such a refer- 
ence is WGAP2020S10X10 (figure 20-27). Circular ar- 
eas are designated in much the same manner. First, read 
the GEOREF coordinates of the center of the area. 
Then add an “R,” denoting radius, and digits defining 
the radius in nautical miles. This is also illustrated in 
figure 20-27 as WGAN4550R 12. 

(4) Military Grid Reference System. A grid is a 
rectangular coordinate system superimposed on a map. 
It consists of two sets of equally spaced parallel lines 
that are mutually perpendicular and form a pattern of 
squares, Some maps carry more than one grid. In such 
cases, each grid is shown in a different color or is other- 
wise distinguished. The military grid reference system is 
comprised of two grid systems. The US Army adopted 
the universal transverse mercator (UTM) grid for areas 
between 80° south latitude and 84°north latitude. For 
the polar caps, areas below 80° south latitude and above 
84° north latitude, the universal polar stereographic 
(UPS) grid was adopted. The unit of measurement for 
the UTM and UPS grids are the meter, but the interval 
at which the grid lines are shown on the maps depends 
upon the scale. 

(5) The UTM Grid System. In the UTM system, 
the surface of the Earth is divided into large quadrilater- 
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al grid zones (figure 20-28). Beginning at the 180th me- 
ridian, 6° columns are numbered | through 60 eastward 
with each column broken down into rows. From 80° 
south through 72° north, each row is 8° south-north. 
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Figure 20-29. UTM Grid Zones. 
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tracking-, and monitoring-based IoT application classes in terms of coverage. The combination of these 
technologies should be tested to find the optimal solution to meet these performance requirements. 
Since small cell deployment has an impact on required position accuracy, they should serve as a basis 
for achieving the desired level of coverage. Along with small cell deployment, mMIMO and mmWave 
technologies are present in almost every 5G prototype. 

Since this section discusses radio technologies used to accomplish performance requirements 
of mMTC activity-based IoT application classes, it can serve telecom operators and other interested 
parties depending on their interest and potential to utilize these findings towards loT implementation 
and monetization. It describes each technology in terms of definition, advantages, disadvantages, 
and the possible impact on the performance requirements of a broad range of IoT applications that 
drive the deployment of 5G networks. Moreover, this section can be useful to the research community 
interested in this attractive field to address recognized research gaps and directions. 


6. Discussion 


Telecom operators have the opportunity to capture a share of the revenue that is generated by 
IoT implementation depending on their role in the IoT value chain. Regardless of their role, telcos 
have to face many technical challenges in order to meet the changing connectivity and performance 
requirements. Since current cellular networks limit numerous IoT applications, new technologies are 
being introduced leading towards 5G networks. Therefore, telcos have to focus on deploying these 
network technologies in order meet the changing requirements necessary to achieve success in IoT. 

In this regard, writing this paper was motivated by the challenge of providing an enhanced 
understanding of the scope and classification of the broad range of IoT applications in order to 
determine and prioritize their performance requirements with the goal of specifying the enabling 
technologies towards 5G networks. The aim has been to propose a new classification of IoT applications, 
define and prioritize the performance requirements of such IoT application classes, and give insight 
into state-of-the-art technologies used to meet these requirements from telco’s point of view. The 
motivation that led to the focus of this paper being on IoT applications classification, performance 
requirements, and 5G enabling technologies could be explained by telco’s need for added value 
from IoT services. Hence, an analysis of loT customer service requests inspired us to propose an 
activity-based classification of loT applications as it can, according to authors’ best knowledge, has 
allowed telcos to more precisely specify their performance requirements and 5G enabling technologies, 
thereby improving customer experience. 

In this regard, the paper fulfilled the following four objectives: (1) the identification of activities 
relevant to IoT applications and their usage as a new criterion for IoT application classification; 
(2) the specification and prioritization of performance requirements of such IoT applications classes; 
(3) the analysis of the radio technologies used to accomplish IoT application requirements; and (4) the 
identification of the research gaps and the recommendation of new research directions. 

Through fulfilling these objectives, we reviewed literature from the fields of IoT in 5G service 
classifications, loT in 5G performance requirements, and IoT in 5G enabling technologies. Since the first 
aim of this paper was to propose a new classification of IoT applications, the existing approaches have 
been summarized to serve as a basis to identify their drawbacks and formulate the appropriate solution 
to overcome them. In this context, we proposed a new approach to IoT applications classification, 
which was based on the activity as a new classification criterion denoting the main function/purpose 
of specific loT application. This approach enabled a clearer and more precise positioning of particular 
application in the IoT application spectrum, as well as the determination of performance requirements 
and enabling technologies from telco’s point of view. The activity-based IoT application classification 
facilitated the specification of the performance requirements and determination of technologies which 
enable these requirements to be fulfilled. In this context, the proposed approach served as a basis for 
the simplification of the realization of particular IoT application. For example, although the monitoring- 
and tracking-based applications seem to be similar, they set different performance requirements on the 
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The top row, 72° to 84° north is 12° south-north. The 
south-north rows are lettered “C” through “X” (omit- 
ting “I” and “O”) as shown in figure 20-28. The grid 
zones are located by reading right and up. For instance, 
right to column 34 and up to “P” locates grid zone 34P, 
which is the shaded grid zone of figure 20-28. The UPS 
grid zones covering the polar areas are designated by a 
single “A” “B.” ayo or “7 (figure 20-28). 

(a) Each UTM grid zone is divided into columns 
and rows to form small squares measuring 100,000 me- 
ters on each side and are called 100,000-meter squares. 
Each square is identified with two letters. The columns 
are lettered “A” through “Z” (omitting “I” and “O”), 
starting at the | 80th meridian and progressing eastward 
around. The 24 letters are repeated every 18° (figure 
20-29). Starting at the Equator, the horizontal row 
100,000-meter squares are lettered “A” through “V” 
(omitting “I” and “O”) northward. From the Equator 
southward, the designation “V” through “A” is used. 
The letters are repeated periodically (figure 20-29). 

(b) The Earth’s meridians converge toward the 
poles. Therefore, the grid zones are not square or rec- 
tangular. The actual width of each grid zone decreases 
toward the poles. This condition causes partial squares 
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Figure 20-30. Plotting UTM Grid Coordinates. 


315 


to occur along the grid zones. In the far north and south 
latitudes, the grid zones become so narrow that 
100,000-meter square designations may disappear com- 
pletely. However, each full or partial 100,000-meter 
square within a grid zone is referenced with two letters. 
The first letter refers to the vertical column (left to 
right), and the second letter identifies the horizontal row 
(bottom to top). Thus, a grid zone designation plus two 
letters identifies or designates an area 100,000 meters 
on each side. Furthermore, as the UTM system is set 
up, no two squares with the same designation are in- 
cluded in a grid zone or on the same map sheet. 

(c) Observe grid zone 34P which is expanded in 
figure 20-30 to show the 100,000-meter squares. For 
grid zone 34P, the columns are designated “A” through 
“H,” and the rows are designated “K” through “T” 
(omitting “O”), The left column begins with “A” be- 
cause, as stated earlier, columns repeat the alphabet 
each 18°. The bottom row begins with “K” because “A” 
through “J” (omitting “I”) was used up in the previous 
8° of north latitude. 

(d) Next, note the partial squares along the left 
and right sides of grid zone 34P (figure 20-30). Partial 
squares occur because the distance east and west of the 
central meridian of each grid zone does not contain an 
even number of 100,000-meter squares. The last 
squares, therefore, must terminate at the meridian junc- 
tions. In the north-south direction, partial 
100,000-meter squares seldom occur. 


(e) Figure 20-31 shows the grid reference box for 
a map or chart. Note the statement in the upper left 
corner of the grid reference box. It identifies the grid 
zones that are represented on the map sheet—-528S and 
53S. Thus, the full UTM coordinates of any point with- 
in the map area begins with either 52S or 538, 


(f) Still, it is not clear which area is 52S and 
which is 53S. Therefore, study the 100,000-meter 
square block identification located directly below the 
grid zone designation. From the diagram a person can 
see that everything to the left of the center meridian is 
grid zone 52S and everything to the right of the same 
meridian is 538. 


(g) Other important information given in the grid 
teference block includes: (1) sample reference and, (2) 
step-by-step procedures for locating or writing coordi- 
nates. Each time a new map is used, identify the sample 
point and write its UTM coordinates to ensure the grid 
breakdown for that map is understood. 


(h) A troublesome and sometimes confusing situ- 
ation exists where 100,000-meter squares fuse together 
along meridians separating grid zones. Remember, this 
happens every 6° around the world. Notice in figure 
20-32 that the 100,000-meter squares GP and KJ are 
only partial squares, fusing along the center meridian 
(so are GQ, GN, KH, and KK). There are then full and 
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TO GIVE A STANDARD REFERENCE ON 
THIS SHEET TO THE ee 1,000 AAETERS 


| SAMPLE POINT; TOWER 


|. READ LETTERS IDENTIFYING 
100,060 METER SQUARE IN WHICH 
THE POINT LIES: 


2. LOCATE FIRST VERTICAL GRID LINE 
TO LEFT OF POINT AND READ LARGE 
FIG. LABELING THE LINE EITHER IN THE 


GRID ZONE DESIGNATION : Ean 
538 
100,000M SQUARE IDENT 


TOP OR BOTTOM MARGIN, OF IN THE 
LINE ITSELE. 
EST. TENTHS FROM GRID LINE TO PT; 

, LOCATE FIRST HORIZONTAL GRID LINE 
BELOW POINT AND READ LARGE FIG. 
LABELING THE LINE EITHER IN THE 
LEFT OR RIGHT MARGIN, O8 ON THE 
LINE ITSELF. 


EST. TENTHS FROM GRID LINE TO POINT 


SAMPLE REFERENCE 
If REPORTING BEYOND. 18° IN ANY OIREC- 
TION, PREFIX GRID ZONE DESIGNATION ne] sore | sores | 


Figure 20-31. UTM Grid Reference Box. 


IGNORE THE SMALLER FIGURES 
OF ANY GRID NUMBER; THESE 
ARE FOR FINDING THE FULL 
COORDINATES, USE ONLY THE 
LARGER FIGURES OF THE GRID 
NUMBER. 


EXAMPLE: 244000 





partial 10,000 meter-squares within GP and KJ. Col- 
umn 7 of the GP is comprised of partial 10,000-meter 
squares; columns 8 and 9 are missing because of the 
forced fusing along the meridian; similarly, column 2 of 
KJ is partial; columns O and I are missing. There is no 
problem in reading coordinates with full 10,000-meter 
squares. The tower in GP (sample point in figure 20-32) 
is 47 right and 84 up (omitting the grid zone and 
100,000 meter square designation. All partial 
100,000-meter squares are full sized in a north-south 
dimension). Therefore, distances up are referenced as 
full squares. However, partial squares, which occur in 
an east-west dimension, are something Jess than 10,000 
meters long. Points within such partial squares are ref- 
erenced as if the omitted part were present. That is, 
each partial square is imaginarily expanded into a full- 
sized square for reference purposes. 

(i) The city of Bergen is 40 up; Celle is 35 up. 
Celle is three-tenths of the horizontal! distance between 
grid line 7 and grid line 8—if there were a grid line 8. 
Thus, Celle is 73 right, and its full coordinates are 
52SGP7335. Bergen is eight-tenths of the distance 
(reading left to right) between grid line 2—if there were 
a grid line 2—and grid line 3. Thus Bergen is 28 right, 
its full coordinates are 53SKJ2840. 

(Gj) Figure 20-32 depicts a UTM grid breakdown 
as it normally appears on 1:250,000 scale charts. The 
smallest physical square is 10,000 meters on each side. 
However, larger scale maps with grid squares of 1,000 
or even 100 meters on each side may be used. If so, add 
the values for the smaller grid squares. As additional 
digits are added, more precise points on the Earth’s 
surface can be located. 

(6) The UPS Grid System. The UPS reference sys- 
tem is the companion system to the UTM system. It 
covers the area of the world above 84° north latitude 
and below 80° south latitude. The UPS has a similar 
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divisional breakdown and is read or written like the 
UTM system. 

(a) Figure 20-33 shows the arbitrarily assigned 
designations for the UPS system in the North and South 
Pole regions. Note that from the small circles of the 
figure, the polar area is divided into two grid zone divi- 
sions by the 180° and 0° meridians. The west longitude 
half is designated “grid zone A or Y.” Also notice that 
no numbers are used with the letters to identify the grid 
zones, 

(b) The two grid zones “A” and “B” of the South 
Pole are divided into 100,000-meter squares. as shown 
in the large circle of figure 20-33. Each square is identi- 
fied by a two-letter designation, which is assigned so no 
duplication exists between the two grid zones. The let- 
ters “I” and “O” are omitted, and to avoid confusion 
with 100,000-meter squares in adjoining UTM zones, 
the letters D, E, M, N, V, and W are also omitted. 

{c) The UPS system is also read right and then 
up. Thus, the shaded 100,000-meter square at 10 
o'clock in figure 20-33 is identified as AQR. (Remem- 
ber, no numbers are used in identifying the grid zone.) 
The shaded 100,000-meter square near the South Pole 
of the same drawing is identified as BBM. 

{d) The UPS breakdown of the North Pole region 
is similar to the South Pole region. Conversion of figure 
20-33 to fit the North Pole would require the following 
changes: Substitute grid zone letters “Y” for “A” and 
“Z” for “B,” and interchange the 0° and 180° positions 
on the common parallel at 80° South latitude. Designa- 
tion of the 100,000-meter squares for the North Pole 
region is shown in figure 20-33, 

(e) If the map scale is sufficiently large, the 
100,000-meter squares can be subdivided into smaller 
squares of 10,000 meters on each side. Then, the 
10,000-meter squares can be divided into 1,000-or even 
100-meter squares. However, there is rarely a require- 
ment in the polar regions for such a large-scale chart. 





Figure 20-32. Fusion of Grid Zones 52S and 53S. 
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Figure 20-33. UPS Grid Zones. 
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Generally, a person can expect to work with small-scale 
charts with the grid broken down no further than 
100,000-meter squares. 

(7) Public Land Survey. In the western part of the 
United States or in areas which were not settled before 
the Federal Government was formed, all land is laid out 
in rectangular survey as established by the Government. 
This public land survey is based on all land being divid- 
ed in relation to true north. Public land surveys all 
originate from six or seven initial points which are exact 
locations of even latitude and longitude lines which 
have been established astronomically. 

(a) From any one of the initial points a true 
north-south line, referred to as the principal meridian, 
is established. From the same point a true east-west 
line, referred to as the baseline, is established. Along 
this principal meridian and baseline are laid out 6-mile 
squares or townships. Each of these townships are num- 
bered in relation to the initial point of survey. To ihe 
east and west of the initial point, the townships are 
designated by range numbers; to the north and south of 
the initial point, the townships are designated by town- 
ship numbers. Therefore, township 2 north, range 3 
east, would hie between 6 and 12 miles north of the 
initial point and between 12 and 18 miles east of the 
initial point. 

(b} Each township contains 36 square miles and 
is divided into 36 sections. A section is 1 square mile or 
640 acres. The section layout on townships is the same 
throughout the Public Land Survey. The sections are 
numbered in rows back and forth beginning in the up- 
per right-hand corner of the township and ending in the 
lower right-hand corner (figure 20-34). 

(c) Each section is divided into quarters or quar- 
ter sections of 160 acres each. These quarter sections 
are named by the compass location in relation to the 
section, The upper right-hand quarter section is referred 
to as the northeast '4, the lower right-hand quarter is the 
southeast 14, the lower left-hand quarter is the southwest 
%, and the upper left-hand quarter is the northwest ‘4. 

{d) Each quarter section is further subdivided in- 
to quarters or four blocks of 40 acres each known as 
forties. The forties are also located by the compass di- 
rections. In locating a particular piece of property, the 
40-compass quadrant is given first, followed by the 
quarter section quadrant. Thus the SW-SE means the 
southwest 40 of the southeast quarter section. This is 
the basic unit of land management and, therefore, one 
should become familiar with the Public Land Survey 
and the means of locating specific pieces of property. 


20-7. Elevation and Relief. A knowledge of map sym- 
bols, grids, scale, and distance gives enough information 
to identify two points, locate them, measure between 
them, and determine how long it would take to travel 
between them. But what happens if there is an obstacle 
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between the two points? The map user must become 
proficient in recognizing various landforms and irregu- 
larities of the Earth’s surface and be able to determine 
the elevation and differences in height of all terrain 
features. 

a. Datum Plane. This is the reference used for vertical 
measurements. The datum plane for most maps is mean 
or average sea level. 

b. Elevation. This is defined as the height (vertical 
distance) of an object above or below a datum plane. 


Range Line 
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Figure 20-34. Section 14. 
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Figure 20-35. Estimating Elevation and Contour Lines 


c. Relief. Relief is the representation of the shape and 
height of landforms and characteristic of the Earth’s 
surface. 

d. Contour Lines: 

(i) There are several ways of indicating elevation 
and relief on maps. The most common way is by con- 
tour lines. A contour line is an imaginary line connect- 
ing points of equal elevation. Contour lines indicate a 
vertical distance above or below a datum plane. Starting 
at sea level, each contour line represents an elevation 
above sea level. The vertical distance between adjacent 
contour lines is known as the contour interval. The 





Figure 20-36. Uniform Gentle Slope. 
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amount of contour interval is given in the marginal 
information. On most maps, the contour lines are 
printed in brown. Starting at zero elevation, every fifth 
contour line is drawn with a heavier line. These are 
known as index contours and somewhere along each 
index contour, the line is broken and its elevation is 
given. The contour lines falling between index contours 
are called intermediate contours. They are drawn with a 
finer line than the index contours and usually do not 
have their elevations given. 

(2) Using the contour lines on a map, the elevation 
of any point may be determined by: 

(a) Finding the contour interval of the map from 
the marginal information, and noting the amount and 
unit of measure. 

(b) Finding the numbered contour line (or other 
given elevation) nearest the point for which elevation is 
being sought. 

(c) Determining the direction of slope from the 
numbered contour line to the desired point. 

{d) Counting the number of contour lines that 
must be crossed to go from the numbered line to the 
desired point and noting the direction—up or down. 
The number of lines crossed multiplied by the contour 
interval is the distance above or below the starting 
value. If the desired point is on a contour line, its eleva- 
tion is that of the contour; for a point between contours, 





Figure 20-37. Uniform Steep Slope. 
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most military needs are satisfied by estimating the ele- 
vation to an accuracy of one-half the contour interval. 
All points less than one-fourth the distance between the 
lines are considered to be at the same elevation as the 
line. All points one-fourth to three-fourths the distance 
from the lower line are considered to be at an elevation 
one-half the contour interval above the lower line (fig- 
ure 20-35). 

(ce) To estimate the elevation of the top of an 
unmarked hill, add half the contour interval to the ele- 
vation of the highest contour line around the hill. To 
estimate the elevation of the bottom of a depression, 
subtract half the contour interval from the value of the 
lowest contour around the depression. 

(f) On maps where the index and intermediate 
contour lines do not show the elevation and relief in as 
much detail as may be needed, supplementary contour 
may be used. These contour lines are dashed brown 
lines, usually at one-half the contour interval for the 
map. A note in the marginal information indicates the 
interval used. They are used exactly as are the solid 
contour lines. 

(g) On some maps contour lines may not meet 
the standards of accuracy but are sufficiently accurate in 
both value and interval to be shown as contour rather 
than as form lines. In such cases, the contours are con- 
sidered as approximate and are shown with a dashed 
symbol; elevation values are given at intervals along the 
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heavier (index contour) dashed lines. The contour note 
in the map margin identifies them as approximate 
contours. 

(h) In addition to the contour lines, bench marks 
and spot elevations are used to indicate points of known 
elevation on the map. Bench marks, the more accurate 
of the two, are symbolized by a black X, as X BM 124. 
The elevation value shown in black refers to the center 
of the X. Spot elevations shown in brown generally are 
located at road junctions, on hilltops, and other promi- 
ment landforms. The symbol designates an accurate 
horizontal control point. When a bench mark and 4 
horizontal control point are located at the same point, 
the symbol BM is used. 

(i) The spacing of the contour lines indicates the 
nature of the slope. Contour lines evenly spaced and 
wide apart indicate a uniform, gentle slope (figure 
20-36). Contour lines evenly spaced and close together 
indicate a uniform, steep slope. The closer the contour 
lines to each other, the steeper the slope (figure 20-37). 
Contour lines closely spaced at the top and widely 
spaced at the bottom indicate a concave slope (figure 
20-38). Contour lines widely spaced at the top and 
closely spaced at the bottom indicate a convex slope 
(figure 20-39). 

(j) To show the relationship of land formations to 
each other and how they are symbolized on a contour 
map, stylized panoramic sketches of the major relief 





Figure 20-38. Concave Slope. 


Figure 20-39, Convex Slope. 
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formations were drawn and a contour map of each 
sketch developed. Each figure (figure 20-40 through 
20-46) shows a sketch and a map with a different relief 
feature and its characteristic contour pattern. 

(3) Hill. A point or small area of high ground (figure 
20-40). When one is located on a hilltop, the ground 
slopes down in all directions. 

(4) Valley. Usually a stream course which has at 
least a limited extent of reasonably level ground bor- 
dered on the sides by higher ground (figure 20-41A). 
The vailey generally has maneuvering room within its 
confines. Contours indicating a valley are U-shaped and 
tend to parallel a major stream before crossing it. The 
more gradual the fall of a stream, the farther each con- 
tour inner part. The curve of the contour crossing al- 
ways points upstream. 

(5) Drainage. A less-developed stream course in 
which there is essentially no level ground and, therefore, 
little or no maneuvering room within its confines (figure 
20-41B). The ground slopes upward on each side and 
toward the head of the drainage. Drainages occur fre- 
quently along the sides of ridges, at right angles to the 
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valleys between the ridges. Contours indicating a drain- 
age are V-shaped, with the point of the “V” toward the 
head of the drainage. 

(6) Ridge. A range of hills or mountains with nor- 
mally minor variations along its crest (figure 20-42A). 
The ridge is not simply a line of hills; all points of the 
ridge crest are appreciably higher than the ground on 
both sides of the ridge. 

(7) Finger Ridge. A ridge or line of elevation pro- 
jecting from or subordinate to the main body of a 
mountain or mountain range (figure 20-42B). A finger 
ridge is often formed by two roughly parallel streams 
cutting drainages down the side of a ridge. 

(8) Saddle. A dip or low point along the crest of a 
ridge. A saddle is not necessarily the lower ground be- 
tween two hilltops; it may simply be a dip or break 
along an otherwise level ridge crest (figure 20-43). 


(9) Depression, A low point or sinkhole surrounded 
on all sides by higher ground (figure 20-44), 


(10) Cuts and Fills. Manmade features by which the 
bed of a road or railroad is graded or leveled off by 





Figure 20-40. Hill. 
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cutting through high areas (figure 20-45A) and filling in 
low areas (figure 20-45B) along the right-of-way. 

(11) Cliff. A vertical or near vertical slope (figure 
20-46). When a slope is so steep that it cannot be shown 
at the contour interval without the contours fusing, it is 
shown by a ticked “carrying” contour(s). The ticks al- 
ways point toward lower ground. 


20-8. Representative Fraction (RF): 

a. The numerical scale of a map expresses the ratio of 
horizontal distance on the map to the corresponding 
horizontal distance on the ground. It usually is written 
as a fraction, called the representative fraction (RF). 
The representative fraction is always written with the 
map distance as one (1). It is independent of any unit of 
measure. An RF of 1/50,000 or 1:50,000 means that one 
(1) unit of measure on the map is equal to 50,000 of the 
same units of measure on the ground. 





Figure 20-41. (A) Valley (B} Drainage. 
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b. The ground distance between two points is deter- 
mined by measuring between the points on the map and 
multiplying the map measurement by the denominator 
of the RF. 
Example: RF = 1:50,000o0r 1 
50,000 
Map distance = 5 units (CM) 
5 X 50,000 - 250,000 units (CM) of 
ground distance (figure 20-47). 


c. When determining ground distance from a map, 
the scale of the map affects the accuracy. As the scale 
becomes smaller, the accuracy of measurement de- 
creases because some of the features on the map must 
be exaggerated so that they may be readily identified. 


20-9. Graphic (Bar) Scales: 

a. On most military maps, there is another method of 
determining ground distance. It is by means of the 
graphic (bar) scales. A graphic scale is a ruler printed on 
the map on which distances on the map may be mea- 
sured as actual ground distances. To the right of the 
zero (0), the scale is marked in full units of measure and 
is called the primary scale. The part to the left of zero 
(0) is divided into tenths of a unit and is called the 
extension scale. Most maps have three or more graphic 
scales, each of which measures distance in a different 
unit of measure (figure 20-48). 


b. To determine a straight-line ground distance be- 
tween two points on a map, lay a straight-edged piece of 
paper on the map so that the edge of the paper touches 
both points. Mark the edge of the paper at each point. 
Move the paper down to the graphic scale and read the 
ground distance between the points. Be sure to use the 
scale that measures in the unit of measure desired (fig- 
ure 20-49). 


c. To measure distance along a winding road, stream, 
or any other curved line, the straightedge of a piece of 
paper is used again. Mark one end of the paper and 
place it at the point from which the curved line is to be 
measured. Align the edge of the paper along a straight 
portion and mark both the map and the paper at the end 
of the aligned portion. Keeping both marks together, 
place the point of the pencil on the mark on the paper to 
hold it in place. Pivot the paper until another approxi- 
mately straight portion is aligned and again mark on the 
map and the paper. Continue in this manner until mea- 
surement is complete. Then place the paper on the 
graphic scale and read the ground distance (figure 
20-50). 


d. Often, marginal notes give the road distance from 
the edge of the map to a town, highway, or junction of 
the map. If the road distance is desired from a point on 
the map to such a point off the map, measure the dis- 
tance to the edge of the map and add the distance speci- 
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Figure 20-42. (a) Ridge Line (b) Finger Ridge. 


fied in the marginal note to that measurement. Be sure 
the unit of measure is the same (figure 20-51). 


20-10. Using a Map and Compass, and Expressing 
Direction: 

a. To use a map, the map must correspond to the lay 
of the land, and the user must have a knowledge of 
direction and how the map relates to the cardinal direc- 
tions. In essence, to use a map for land navigation, the 


map must be “oriented” to the lay of the land. This is 
usually done with a compass. On most maps, either a 
declination diagram, compass rose, and lines of map 
magnetic variations are provided to inform the user of 
the difference between magnetic north and true north. 

b. Directions are expressed in everyday life as right, 
left, straight ahead, etc.; but the question arises, “to the 
right of what?” Military personnel require a method of 
expressing direction which is accurate, adaptable for use 
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Figure 20-44. Depression. Figure 20-46. Cliff. 
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network, thereby allowing the proposed approach to precisely grade the IoT applications from the 
same IoT application domain. 

Furthermore, we associated the activity-based IoT application classes with the 5G service classes, 
i.e, mMMTC and uMTC, in order to specify and prioritize their performance requirements. It was 
determined that almost each activity-based IoT application class poses high requirements in terms of 
connection density, whereas ticketing-based and tracking-based IoT application classes additionally 
require high positioning accuracy and coverage. In order to analyze these performance requirements, 
we have summarized the radio technologies used to implement the future 5G networks. The focus 
was on the technologies used to meet the aforementioned performance requirements of mMTC 
activity-based IoT application classes, since mMTC is more mature, as its deployment has already 
started, while uMTC requires further research to achieve incomparable levels of reliability needed to 
enable new applications in 5G. 

The analysis showed that new waveform technology can be used to meet the requirements in 
terms of connection density; large-scale antennas and advanced small cell technologies can be used 
for the purpose of satisfying the requirements in terms of positioning accuracy; while wide and 
flexible bandwidth technologies, in-band full duplexing technologies, and access architecture related 
radio technologies (i.e., advanced small cell, enhanced wireless backhaul, moving network, and D2D 
communication) can be used to achieve high requirements in terms of coverage. In addition, the 
conducted research study allowed us to highlight a number of open research issues that could serve the 
research community and other stakeholders interested in this contemporary and attractive field. In this 
context, we have recognized research gaps and directions which mostly relate to network redesign 
and optimization in order to accommodate large-scale IoT applications. 


7. Conclusions 


The IoT paradigm has the potential to revolutionize all areas of daily life of individuals, businesses, 
and society as a whole. Telcos enjoy a central role in the paradigm of IoT because of owing 
communication infrastructure which is exposed to the numerous technical challenges due to changing 
connectivity and performance requirements of various IoT applications. These requirements cannot be 
met with the current cellular networks which create the need to introduce new types of technologies 
leading toward 5G networks as the main driver for enabling numerous IoT applications. In this 
context, this paper proposed the activity-based classification of IoT applications and specification of 
their performance requirements in order to identify 5G radio technologies used to meet them, all from 
telco’s perspective. Activity-based classification of loT applications indirectly allowed the construction 
and distribution of performance, as IoT value proposition, while using 5G enabling technologies, as 
IoT resources in telco’s internal value chain. In this context, high performance requirements of each 
activity-based IoT application class (i.e., connection density, positioning accuracy, coverage) served 
as a basis to analyze various enabling technologies in radio access part of 5G network in terms of 
advantages, disadvantages, and research gaps. 

On the basis of the conducted analysis, we concluded that the following technologies can meet 
the high performance requirements of mMTC activity-based IoT application classes: new waveform 
technology (in terms of connection density), large scale antennas (in terms of positioning accuracy), 
wide and flexible bandwidth technologies, in-band full duplexing technologies, and access architecture 
related radio technologies (in terms of coverage). According to the identified research gaps, one may 
conclude that the optimal solutions for each technology are still in its infancy. This implies that any 5G 
enabling technology should be first implemented and tested through prototype construction before 
the deployment of specific loT application. Thereafter, the technology combination that meets the 
performance requirements of each activity-based IoT class should first be found. Finally, the practical 
implementation of different technological combinations may further lead to a deep and comprehensive 
analysis of QoS and QoE in the context of IoT applications. 
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Figure 20-47. Ground Distance. 


in any area of the world, and has a common unit of 
measure. Directions are expressed as units of angular 
measure. The most commonly used unit of angular 
measure is the degree with its subdivisions of minutes 
and seconds. 


(1) Baselines, To measure anything, there must al- 
ways be a starting point or zero measurement. To ex- 
press a direction as a unit of angular measure, there 
must be a starting point or zero measure and a point of 
reference, These two points designate the base or refer- 
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Figure 20-48. Graphic Bar Scale. 
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Figure 20-49, Measuring Straight Line Map Distances. 


ence line. There are three baselines—true north, mag- 
netic north, and grid north. Those most commonly used 
are magnetic and grid—the magnetic when working 
with a compass, and the grid when working with a mili- 
tary map. 

(a) True north—a line from any position on the 
Earth’s surface to the North Pole. All lines of longitude 
are true north lines. True north is usually symbolized by 
a star (figure 20-52). 

(b) Magnetic north—the direction to the north 
magnetic pole, as indicated by the north-seeking needle 
of a magnetic instrument. Magnetic north is usually 
symbolized by a half arrowhead (figure 20-52). 

(c) Grid north—the north established by the ver- 
tical grid lines on the map. Grid north may be symbol- 
ized by the letters GN or the letter Y. 

(2) Azimuth and Back Azimuth: 

(a) The most common method used by the milita- 
ry for expressing a direction is azimuths. An azimuth is 
defined as a horizontal angle, measured in a clockwise 
manner from a north baseline. When the azimuth be- 
tween two points on a map is desired, the points are 
joined by a straight line and a protractor is used to 
measure the angle between north and the drawn line. 
This measured angle is the azimuth of the drawn line 
(figure 20-53). When using an azimuth, the point from 
which the azimuth originates is imagined to be the 
center of the azimuth circle (figure 20-54). Azimuths 
take their name from the baseline from which they are 
measured; true azimuths from true north, magnetic azi- 
muths from magnetic north, and grid azimuths from 





AFR 64-4 Vol! 15 July 1985 
grid north (figure 20-52), Therefore, any given direction 
can be expressed in three different ways: a grid azimuth 
if measured on a military map, a magnetic azimuth if 
measured by a compass, or a true azimuth if measured 
from a meridian of longitude. 

{b} A back azimuth is the reverse direction of an 
azimuth. It is comparable to doing an “about face.” To 
obtain a back azimuth from an azimuth, add 180°if the 
azimuth is 180° or less, or subtract 180° if the azimuth 
is 180° or more (figure 20-55). The back azimuth of 
180° may be stated as either 000° or 360°. 

(3) Declination Diagram. A declination diagram is 
placed on most large-scale maps to enable the user to 
properly orient the map. The diagram shows the interre- 
lationship of magnetic north, grid north, and true north 
(figure 20-56). On medium-scale maps, declination in- 
formation is shown by a note in the map margin. 

{a) Declination is the angular difference between 
true north and magnetic or grid north. There are two 
declinations, a magnetic declination (figure 20-57) and a 
grid declination. 

(b) Grid-Magnetic (G-M) Angle is an arc indicat- 
ed by a dashed line, which connects the grid north and 
the magnetic north prongs. The value of this arc (G-M 
ANGLE) states the size of the angle between grid north 
and magnetic north and the year it was prepared. This 
value is expressed to the nearest %°, with mil 
equivalents shown to the nearest 10 mils. 

(c) Grid Convergence is an arc, indicated by a 
dashed line, which connects the prongs for true north 
and grid north. The value of the angle for the center of 
the sheet is given to the nearest full minute with its 
equivalent to the nearest mil, These data are shown in 
the form of a grid convergence note. 

(d) Conversion notes may also appear with the 
diagram explaining the use of the G-M angle. One note 





Figure 20-50. Measuring Curved Line Distances. 
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Example f 
Problem: Reduce 76 centimeters to (7) inches 


76 cm X0.3937 = 29 inches. 


Answer: There are 29 ches in 76 centimeters. 


Figure 20-51. Conversion Factors. 


provides instructions for converting magnetic azimuth 
to grid azimuth; the other note provides for converting 
grid azimuth to magnetic azimuth. The conversion (add 
or subtract) is governed by the direction of the magnetic 
north prong relative to the grid north prong. 

(e) The grid north prong is aligned with the east- 
ing grid lines on the map, and on most maps is formed 
by an extension of an easting grid line into the margin. 


TRUE NORTH 


AZIMUTH 


Figure 20-52. True, Grid and Magnetic Azimuths. 








Brample {7 
Problem; How many feet are there in 2.74 meters? 


Answer: There are approximately 9 feet in 2.74 meters. 


The angles between the prongs are seldom plotted exact- 
ly. The relative position of the directions is obtained 
from the diagram, but the numerical value should not 
be measured from it. For example, if the amount of 
declination from grid north to magnetic north is 1°, the 
arc shown in the diagram may be exaggerated if mea- 
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Figure 20-53. Azimuth Angle. 
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Figure 20-54. Origin of Azimuth Circle. 


sured, having an actual value of 5°. The position of the 
three prongs in relation to each other varies according 
to the declination data for each map. 

(f) Some older maps have a note under the decli- 
nation diagram which gives the magnetic declination 
for a certain year and the amount of annual change. The 
annual change is so small when compared to the 2° 
value of the G-M angle that it is no longer shown on 
standard large scale maps. fr 


(4) Protractors, Protractors come in several 
forms—full circle, half circle, square, and rectangular 
(figure 20-58). All of them divide a circle into units of 
angular measure, and regardless of their shape, consist 
of a scale around the outer edge and an index mark. The 
index mark is the center of the protractor circle from 
which all the direction lines radiate. 

(a) To determine the grid azimuth of a line from 
one point to another on the map from (A to B or C to D) 
(figure 20-59), draw a line connecting the two points. 

-1, Piace the index of the protractor at that 
point where the line crosses a vertical (north-south) grid 
line. 

-2, Keeping the index at this point, align the 0° 
- 180° line of the protractor on the vertical grid line. 

-3. Read the value of the angle from the scale; 
this is the grid azimuth to the point. 

(b) To plot a direction line from a known point 
ona map (figure 20-60): 

-1, Construct a north-south grid line through 

the known point: 
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-a, Generally, align the 0° - 180° line of the 
protractor in a north-south direction through the known 
point. 

-b. Holding the 0° - 180° line of the protrac- 
tor on the known point, slide the protractor in the 
north-south direction until the horizontal line of the 
protractor (connecting the protractor index and the 90° 
tick mark) is aligned on an east-west grid line. 

-c. Then draw a line connecting 0°, the 
known point, and 180°. 

-2, Holding the 0° - 180° line on the north- 
south line, slide the protractor index to the known 
point. 

-3. Make a mark on the map at the required 
angle. (In an evasion situation, do not mark on the 
map.) 

-4, Draw a line from the known point through 
the mark made on the map. This is the grid direction 
line. 


(5) The Compass and Its Uses: 

(a) The magnetic compass is the most commonly 
used and simplest instrument for measuring directions 
and angles in the field. The lensatic compass (figure 
20-61) is the standard magnetic compass for military 
use today. 

(b) The lensatic compass must always be held 
level and firm when sighting on an object and reading 
an azimuth (figure 20-62). There are several techniques 
for holding the compass and sighting. One way is to 
align the sighting slot with the hairline on the front sight 


BACK AZIMUTH 
292° 


AZIMUTH =CLOCK WISE ANGLE FROM BASE DIRECTION 
BACK AZIMUTH= AZIMUTH + — 180° OR 3200 MILS. 





Figure 20-55. Azimuth and Back Azimuth. 
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Figure 20-56. Declination Diagram (East and West). 


in the cover and the target. The azimuth can then be 
read by glancing down at the dial through the lens. This 
technique provides a reading precise enough to use. 


(6) Night Use of the Compass. For night use, spe- 
cial features of the compass include the luminous mark- 
ings, the bezel ring, and two luminous sighting dots. 
Turning the bezel ring counterclockwise causes an in- 
crease in azimuth, while turning it clockwise causes a 
decrease. The bezel ring has a stop and spring which 
allows turns at 3° intervals per click and holds it at any 
desired position, One accepted method for determining 
compass directions at night is: 

(a) Rotate the bezel ring until the luminous line is 
over the black index line. 

(b) Hold the compass with one hand and rotate 
the bezel ring in a counterclockwise direction with the 
other hand to the number of clicks required. The num- 
ber of clicks is determined by dividing the value of the 
required azimuth by 3. For example, for an azimuth of 
51°, the bezel ring would be rotated 17 clicks counter- 
clockwise (figure 20-63). 
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(c) Turn the compass until the north arrow is 
directly under the luminous line on the bezel. 

(d) Hold the compass open and level in the palm 
of the left hand with the thumb along the side of the 
compass. In this manner, the compass can be held con- 
sistently in the same position. Position the compass ap- 
proximately halfway between the chin and the belt, 
pointing to the direct front. (Practice in daylight will 
make a person proficient in pointing the compass the 
same way every time.) Looking directly down into the 
compass, turn the body until the north arrow is under 
the luminous line. Then proceed forward in the direc- 
tion of the luminous sighting dots (figure 20-61). When 
the compass is to be used in darkness, an initial azimuth 
should be set while light is still available. With this 
initial azimuth as a base, any other azimuth which is a 
multiple of 3° can be established through use of the 
clicking feature of the bezel ring. The magnetic compass 
is a delicate instrument, especially the dial balance. The 
survivor should take care in its use. Compass readings 
should never be taken near visible masses of iron or 
electrical circuits. 
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Figure 20-58. Types of Protractors. 
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Figure 20-60. Plotting an Azimuth on a Map. 
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Figure 20-61, Lensatic Compass. 
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Figure 20-62. Holding the Compass. 
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Each click of the BEZEL ring equals 3 degrees. 


Heading between 0 and 180 degrees is divided by 3. 
Sum is number of clicks to the left of stationary index line. 
Heading between 180 and 360 degrees, subtract heading 
from 360 then divide sum by 3. New sum is the number of 
clicks to the right from stationary index line. 


EXAMPLES 
Heading of 027°= 9 clicks left. 
Heading of 300°= 20 clicks right. 





Figure 20-63. Night Travel. 


(7) Map Orientation: 

(a) A map is oriented when it is in a horizontal 
position with its north and south corresponding to 
north and south on the ground. The best way to orient a 
map is with a compass. (NOTE: Caution should be used 
to ensure nothing (metal, mine ore, etc.) in the area will 
alter the compass reading.) 

(b) With the map in a horizontal position, the 
lensatic compass is placed parallel to a north-south grid 
line with the cover side of the compass pointing toward 
the top of the map. This will place the black index line 
on the dial of the compass parallel to grid north. Since 
the needle on the compass points to magnetic north, a 
declination diagram is (on the face of the compass) 
formed by the index line and the compass needle. 

{c) Rotate the map and compass until the direc- 
tions of the declination diagram formed by the black 
index line and compass needle match the directions 
shown on the declination diagram printed in the margin 
of the map. The map is then oriented (grid north). 

(d) If the magnetic north arrow on the map is to 
the left of grid north, the compass reading will equal the 
G-M angle (given in the declination diagram). If the 
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magnetic north is to the right of grid north, the compass 
reading will equal 360° minus the G-M angle. In figure 
20-64, the declination diagram illustrates a magnetic 
north to the right of grid north and the compass reading 
will be 360° minus 21° or 338°. 

(e) Remember to point the compass north arrow 
in the same direction as the magnetic north arrow, and 
the compass reading (equal to the G-M angle or the 
360° minus G-M angle) will be quite apparent. 

(f} In summary, if the variation is to the east of 
true north or the magnetic north arrow of the declina- 
tion diagram is to the east (right) of the grid north line, 
subtract the degrees of variation from 360°. If it is to 
the left (west), add to 000°. East is least and west is best. 

(g) If a grid line is not used, a true north-south 
line can be used. True north-south lines are longitudinal 
lines or lines formed by the vertical lines on a tick map 
(assuming the top of the map is north). The same proce- 
dure is used if magnetic variation is figured from true 
north—not grid north. 
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Figure 20-64. Declination Diagram. 
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Figure 20-65. Floating Needle Compass. 


(h) A floating needle compass (figures 20-65a and 
20-65b) has a needle with a north direction marked on 
it. The degree and direction marks are stationary on the 
bottom inside of the compass. The button and wrist 
compasses may be floating dial or floating needle. To 
determine the heading, line up the north-seeking arrow 
over 360° by rotating the compass. Then read the de- 
sired heading. Orienting a map with a floating needle 
compass is similar to the method used with the floating 
dial. The only exception is with the adjustment for mag- 
netic variation. If magnetic variation is to the east, turn 
the map and the compass to the left (the north axis of 
the compass should be aligned with the map north) so 
that the magnetic north-seeking arrow is pointing at the 
number of degrees on the compass which corresponds 
with the angle of declination. 

(i) When a compass is not available, map orienta- 
tion requires a careful examination of the map and the 
ground to find linear features common to both, such as 
roads, railroads, fence lines, power lines, etc. By align- 
ing the feature on the map with the same feature on the 
ground (figure 20-66), the map is oriented. Orientation 
by this method must be checked to prevent the reversal 
of directions which may occur if only one linear feature 
is used, This reversal may be prevented by aligning two 
or more map features (terrain or manmade). If no sec- 
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ond linear feature is visible but the map user’s position 
is known, a prominent object may be used. With the 





Figure 20-66. Map Orientation by Inspection. 
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prominent object and the user’s position connected with 
a straight line on the map, the map is rotated until the 
line points toward the feature. 

(j) If two prominent objects are visible and plot- 
ted on the map and the position is not known, move to 
one of the plotted and known positions, place the 
straightedge or protractor on the line between the plot- 
ted positions, turn the protractor and the map until the 
other piotted and visible point is seen along the edge. 
The map is then oriented. 

{k) When a compass ts not available and there are 
no recognizable prominent landforms or other features, 
a map may be oriented by any of the field expedient 
methods we will now discuss. 


(8) Determining Cardinal Directions Using Field 
Expedients: 

*(a) Shadow tip method of determining direction 
and time. This simple method of finding direction by 
the Sun consists of only three basic steps (figure 20-67). 

-1. Step 1. Place a stick or branch into the 
ground at a fairly level spot where a distinct shadow will 
be cast. Mark the shadow tip with a stone, twig, or other 
means, 

-2. Step 2. Wait until the shadow tip moves a 
few inches. If a 4-foot stick is being used, about 10 
minutes should be sufficient. Mark the new position of 
the shadow tip in the same way as the first. 

-3. Step 3. Draw a straight line through the two 
marks to obtain an approximate east-west line. If uncer- 
tain which direction is east and which is west, observe 
this simple rule: The Sun “rises in the east and sets in 
the west” (but rarely DUE east and DUE west). The 
shadow tip moves in just the opposite direction. There- 
fore, the first shadow-tip mark is always in the west 
direction, and the second mark in the east direction, 
anyplace on Earth. 

(b) A line drawn at right angles to the east-west 
line at any point is the approximate north-south line, 
which will help orient a person to any desired direction 
of travel. 

(c) Inclining the stick to obtain a more conve- 
nient shadow does not impair the accuracy of the shad- 
ow-tip method, Therefore, a traveler on sloping ground 
or in highly vegetated terrain need not waste valuable 
time looking for a large level area. A flat spot, the size of 
the hand, is all that is necessary for shadow-tip mark- 
ings and the base of the stick can be either above, below, 
or to one side of it. Also, any stationary object (the end 
of a tree limb or the notch where branches are jointed) 
serves just as well as an implanted stick because only 


*From Better Ways of Pathfinding, by Robert S. 
Owendoff, 153 Cundry Drive, Falls Church VA 22046. 
1964§ by Stackpole Company, Harrisburg PA. All rights 
reserved by copyright owner (author). 
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Figure 20-67. Determining Time and Direction by 
Shadow. 
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Figure 20-69. Stick and Shadow Method of Determining Direction. 
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the shadow tip is marked. 

(d) The shadow-tip method can also be used to 
find the approximate time of day (figure 20-67B). 

-1. To find the time of day, move the stick to 
the intersection of the east-west line and the north-south 
line, and set it vertically in the ground. The west part of 
the east-west line indicates the time is 0600 and the east 
part is 1800, ANY WHERE on Earth, because the basic 
tule always applies. : 

-2. The north-south line now becomes the noon 
line. The shadow of the stick is an hour hand in the 
shadow clock and with it the time can be estimated 
using the noon line and 6 o'clock line as the guides. 
Depending on the location and the season, the shadow 
may move either clockwise or counterclockwise, but 
this does not alter the manner of reading the shadow 
clock. 
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Figure 20-70. Determination of Direction by Using the 
Stars. 
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-3. The shadow clock is not a timepiece in the 
ordinary sense. It always reads 0600 at sunrise and 1800 
at sunset. However, it does provide a satisfactory means 
of telling time in the absence of properly set watches. 
Being able to establish the time of day is important for 
such purposes as keeping a rendezvous, prearranged 
concerted action by separated persons or groups, and 
estimating the remaining duration of daylight. Shadow- 
clock time is closest to conventional clock time at mid- 
day, but the spacing of the other hours, compared to 
conventional time, varies somewhat with the locality 
and date. 

{e} The shadow-tip system is ineffective for use 
beyond 66° latitude in either hemisphere due to the 
position of the Sun above the horizon, Whether the Sun 
is north or south of a survivor at mid-day depends on 
the latitude. North of 23.4°N, the Sun is always due 
south at local noon and the shadow points north. South 
of 23.4°S, the Sun is always due north at local noon and 
the shadow points south. In the tropics, the Sun can be 
either north or south at noon, depending on the date 
and location but the shadow progresses to the east re- 
gardless of the date. 

(f) Equal-shadow method of determining direc- 
tion (Figures 20-68 and 20-69). This variation of the 
shadow-tip method is more accurate and may be used at 
all latitudes less than 66° at all times of the year. 


' «1. Step 1. Place a stick or branch into the 
ground vertically at a level spot where a shadow at least 
12 inches long will be cast. Mark the shadow tip with a 
stone, twig, or other means. This must be done 5 to 10 
minutes before noon (when the Sun is at its highest 
point (zenith)). 

-2. Step 2. Trace an arc using the shadow as the 
radius and the base of the stick as the center. A piece of 
string, shoelace, or a second stick may be used to do 
this. 

-3. Step 3. As noon is approached, the shadow 
becomes shorter. After noon, the shadow lengthens until 
it crosses the arc. Mark the spot as soon as the shadow 
tip touches the are a second time. 

-4, Step 4. Draw a straight line through the two 
marks to obtain an east-west line. 

(g) Although this is the most accurate version of 
the shadow-tip method, it must be performed around 
noon. It requires the observer to watch the shadow and 
compiete step 3 at the exact time the shadow tip touches 
the arc. 

(h) At night, the stars may be used to determine 
the north line in the northern hemisphere or the south 
line in the southern hemisphere. Figure 20-70 shows 
how this is done. 

(i) A watch can be used to determine the approxi- 
mate true north or south (figure 20-71). In the northern 
hemisphere, the hour hand is pointed toward the Sun. A 
south line can be found midway between the hour hand 
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and 1200 standard time. During daylight savings time, 
the north-south line is midway between the hour hand 
and 1300. If there is any doubt as to which end of the 
line is north, remember that the Sun is in the east before 
noon and in the west in the afternoon, 

(j) The watch may also be used to determine di- 
rection in the Southern Hemisphere; however, the 
method is different. The 1200-hour dial is pointed to- 
ward the Sun, and halfway between 1200 and the hour 
hand will be a north line. During daylight savings time, 
the north line lies midway between the hour hand and 
1300. 

(k) The watch method can be in error, especially 
in the extreme latitudes, and may cause “circling.” To 
avoid this, make a shadow clock and set the watch to 
the time indicated. After traveling for an hour, take 
another shadow-clock reading. 

(9) Determining Specific Position. When using a 
map and compass, the map must be oriented using the 
method described earlier in this chapter. Next, locate 
two or three known positions on the ground and the 
map. Using the compass, shoot an azimuth to one of the 
known positions (figure 20-72). Once the azimuth is 
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determined, recheck the orientation of the map and plot 
the azimuth on the map. To plot the azimuth, place the 
front corner of the straightedge of the compass on the 
corresponding point on the map. Rotate the compass 
until] the determined azimuth is directly beneath the 
Stationary index line. Then draw a line along the 
straightedge of the compass and extend the line past the 
estimated position on the map. Repeat this procedure 
for the second point (figure 20-72). If only two azi- 
muths are used, the technique is referred to as biangula- 
tion (figure 20-72). If a third azimuth is plotted to check 
the accuracy of the first two, the technique is called 
triangulation (figure 20-72). When using three lines, a 
triangle of error may be formed. If the triangle is large, 
the work should be checked. However, if a small trian- 
gle is formed, the user should evaluate the terrain to 
determine the actual position. One azimuth may be 
used with a linear land feature such as a river, road, 
railroad, etc., to determine specific position (figure 
20-72). 

(10) Determining Specific Location Without a 
Compass. A true north-south line determined by the 
stick and shadow, Sun and watch, or celestial constella- 


Using A Watch> To Determine N /C 
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Figure 20-71. Directions Using a Watch. 
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Figure 20-72. Azimuth, Biangulation, and 
Triangulation. 


tion method may be used to orient the map without a 
compass. However, visible major land features can be 
used to orient the map to the lay of the land. Once the 
map is orienied, identify two or three landmarks and 
mark them on the map. Lay a straightedge on the map 
with the center of the straightedge at a known position 
as a pivot point and rotate the straightedge until the 
known position of the map is aligned with present posi- 
tion, and draw a line. Repeat this for the second and 
third position. Each time a line of position is plotted, 
the map must still be aligned with true north and south. 
If three lines of position are plotted and form a small 
triangle, use terrain evaluation to determine present po- 
sition. If they form a large triangle, recheck calculations 
for errors. 
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(11) Dead Reckoning: 

(a) Dead reckoning is the process of locating 
one’s position by plotting the course and distance from 
the last known location. In areas where maps exist, even 
poor ones, travel is guided by them. It is a matter of 
knowing one’s position at all times by associating the 
map features with the ground features. A great portion 
of the globe is unmapped or only small scale maps are 
available. The survivor may be required to travel in 
these areas without a usable map. Although these areas 
could be anywhere, they are more likely to be found in 
frozen wastelands and deserts. 

(b) For many centuries, mariners used dead reck- 
oning to navigate their ships when they were out of sight 
of land or during bad weather, and it is just as applica- 
ble to navigation on land. Movement on land must be 
carefully planned. In military movement, the starting 
location and destination are known, and if a map is 
available, they are carefully plotted along with any 
known intermediate features along the route. These in- 
termediate features, if clearly recognizable on the 
ground, serve as checkpoints. If a map is not available, 
the plotting is done on a blank sheet of paper. A scale is 
selected so the entire route will fit on one sheet. A north 
direction is clearly established. The starting point and 
destination are then plotted in relationship to each oth- 
er. If the terrain and enemy situations permit, the ideal 
course is a straight line from starting point to destina- 
tion. This is seklom possible or practicable. The route of 
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Figure 20-73. Compass Navigation on Foot. 
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Figure 20-74, Sample Log. 


travel usually consists of several courses, with an azi- 
muth established at the starting point for the first course 
to be followed. Distance measurement begins with the 
departure and continues through the first course until a 
change in direction is made. A new azimuth is establish- 
ed for the second course and the distance is measured 
until a second change of direction is made, and so on. 
Records of all data are kept and all positions are 
plotted. 

(c) A pace (for our purposes) is equal to the dis- 
tance covered every time the same foot touches the 
ground (surveyor’s paces). To measure distance, count 
the number of paces in a given course and convert to 
the map unit. Usually, paces are counted in hundreds, 
and hundreds can be kept track of in many ways: mak- 
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ing notes in a record book; counting individual fingers; 
placing small objects such as pebbles into an empty 
pocket; tying knots in a string; or using a mechanical 
hand counter. Distances measured this way are only 
approximate, but with practice can become very accu- 
tate. It is important that each person who uses dead 
reckoning navigation establish the length of an average 
pace. This is done by pacing a measured course many 
times and computing the mean (figure 20-73). In the 
field, an average pace must often be adjusted because of 
the following conditions: 

-l. Slopes. The pace lengthens on a downgrade 
and shortens on an upgrade. 

-2. Winds. A headwind shortens the pace while 
a tailwind increases it. 
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-3. Surfaces. Sand, gravel, mud and similar sur- 
face materials tend to shorten the pace. 

-4. Elements. Snow, rain, or ice reduces the 
length of the pace. 

-5. Clothing. Excess weight of clothing shortens 
the pace while the type of shoes affects traction and 
therefore the pace length. 

({d) A log (figure 20-74) should be used for naviga- 
tion, by dead reckoning, to record all of the distances 
and azimuths while traveling. Often, relatively short 
stretches of travel cannot be traversed in a straight 
course because of some natural features such as a river, 
or a steep, rugged slope. This break in normal naviga- 
tion is shown on the log to ensure proper plotting. 

(e) The course of travel may be plotted directly 
on the face of the map or on a separate piece of paper at 
the same scale as the map. If the latter method is cho- 
sen, the complete plot can be transferred to the map 
sheet, if at least one point of the plot is also shown on 
the map. The actual plotting can be done by protractor 
and scale. The degree of accuracy obtained depends up- 
on the quality of draftmanship, the environmental con- 
ditions, and the care taken in obtaining data while en 
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Figure 20-75. Separate Paper Plot. 
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route. Figure 20-75 illustrates a paper plot of the data 
obtained for the log sample in figure 20-74. It should be 
noted that four of the courses from A to H are short and 
have been plotted as a single course, equal to the sum of 
the four distances and using a mean azimuth of the four. 
This is recommended because it saves time without a 
loss of accuracy. If possible, a plot should be tied into at 
least one known intermediate point along the route. 
This is done by directing the route to pass near or over a 
point. If the plotted position of the intermediate point 
differs from its known location, discard the previous 
plot and start a new plot from the true location. The 
previous plot may be inspected to see if there is a detect- 
able constant error applicable to future plots; otherwise, 
it is of no further use. 

(f) An offset is a planned magnetic deviation to 
the right or left of an azimuth to an objective. It is used 
when approaching a linear feature from the side, and a 
point along the linear feature (such as a road junction) is 
the objective. Because of errors in the compass, or in 
map reading, one may reach the linear feature and not 
know whether the objective lies to the right or left. A 
deliberate offset by a known number of degrees in a 
known direction compensates for possible errors and 
ensures that, upon reaching the linear feature, the user 
knows whether to go right or left to reach the objective. 


OBJECTIVE 





Figure 20-76. Deliberate Offset. 
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Figure 20-77. Detour Around Energy Position. 


Figure 20-76 shows an example of the use of offset to 
approach an objective. It should be remembered that 
the distance from “X” to the objective will vary directly 
with the distance to be traveled and the number of 
degrees offset. Each degree offset will move the course 
about 20 feet to the right or left for each 1,000 feet 
traveled. For example: In figure 20-76, the number of 
degrees offset is 10 to the right. If the distance traveled 
to “X” is 1,000 feet, then “X” is located about 200 feet 
to the right of the objective. 

(g) Figure 20-77 shows an example of how to 
bypass enemy positions or obstacles by detouring 
around them and maintaining orientation by moving at 
right angles for specified distances; for example, moving 
on an azimuth 360°and wish to bypass an obstacle or 
position. Change direction to 90° and travel for 100 
yards, change direction back to 360° and travel for 100 
yards, change direction to 270° and travel for 100 
yards, then change direction to 360°, and back on the 
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original azimuth. Bypassing an unexpected obstacle at 
night is done in the same way. 

(12) Polar Coordinates: 

(a) A point on the map may be determined or 
plotted from a known point by giving a direction and a 
distance along the direction line. This method of point 
location uses polar coordinates (figure 20-78). The refer- 
ence direction is normally expressed as an azimuth, and 
the distance is determined by any convenient unit of 
measurement such as meters or yards. 

{b} Polar coordinates are especially useful in the 
field because magnetic azimuth is determined from the 
compass and the distance can be estimated. 

(13) Position Determination: 

(a} Determining Latitude. (From the Sun at sun- 
rise and sunset), Figure 20-79 shows the true azimuth of 
the rising Sun and the relative bearing of the setting Sun 
for all of the months in the year in the Northern and 
Southern Hemispheres (the table assumes a level hori- 
zon and is inaccurate in mountainous terrain). 

-1. Latitude can be determined by using a com- 
pass to find the angle of the Sun at sunrise or sunset 
(subtracting or adding magnetic variation) and the date. 
According to the chart in figure 20-79, on January 26th, 
the azimuth of the rising Sun will be 120° to the left 
when facing the Sun in the Northern Hemisphere (it 
would be 120° to the right for setting Sun); therefore, 
the latitude would be 50°. If in the Southern Hemi- 
sphere, the direction of the Sun would be the opposite. 

-2. The table does not list every day of the year, 
nor does it list every degree of latitude. If accuracy is 
desired within 1° of azimuth, interpolation may be nec- 
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4 
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a 


Figure 20-78. Polar Coordinates Used to Designate 
Position on Map. 
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JANUARY 
FEBRUARY 


Angle to North from the rising or setting Sun {level terrain) 
LATITUDE 
15° 20° 25° 30° 35° 


86 85 85 85 85 
83 83 83 83 82 
82 81 81 81 80 
80 79 79 78 78 


78 78 76 76 
76 76 75 75 74 


Se at el el ol a 


JULY 


Figure 20-79. Finding Direction from the Rising or Setting Sun. 








95 96 
9 100 
102 104 
108 


NOTE: When the Sun is rising, the angle is reckoned from East to North. 
When the Sun is setting, the angle is reckoned from West to North. 
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20 MAR OR 23 SEP— 


——". 0°, SUN ON 
—= SUN! EQUATOR 


To note end of shadow, use stakes, 
rocks, or mark the ground, 


Lo This angle is the angular 
SHORTEST SHADOW distance of the Sun to your 
zenith, On 10 December 


. Use plotter or 
Sun is 22.9°S., observer 3 protractor 
32.17°N, . 


DECLINATION OF SUN Declination is tabulated to the nearest tenth of a degree 


rather than to the nearest minute of arc. To convert 1/30° (0.1°) 


(IN DEGREES AND TENTHS OF A DEGREE) to minutes, multiply by 6. (ie. 27.9°= 27° 54") 


MAY JUN 


N 15.0 N 22.0 
15.3 22.1 
13.6 22.3 
15.9 22.4 
16.2 22.5 





























EXAMPLE: On 10 December the declination of the Sun is 22.9°S., of 5° with the Sun south of this zenith, they are 5° north of 22.9°S, 
so observers who measure the zenith distance as 0° would know —or at a latitude 17.9°S; and if the Sun is north, they are 5° south 
that they are at latitude 22.9°S. If they measure a zenith distance —_ of _22.9°S, or latitude 27.9°S. 





Figure 20-80. Determining Latitude by Noon Sun. 
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To find your latitude: 


: : EXAMPLE: On August 20, observed length of the da 

In Northern Latitudes: is 13 hours and 54 minutes. Latitude i 
1. Find length of the day from the instant the top of 45°30/N. 

the Sun appears above the ocean horizon to the in- : : 

stant it disappears below the horizon. This instant is in Southern Latitudes: 

often marked by a green flash. Add 6 months to the date and proceed as in northern 
2. Lay a straight edge or stretch across the Nomo- latitudes, 

gram, connecting the observed length of the day on the EXAMPLE: On 11 May observed length of day is 10 
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3. Read your latitude on the Latitude Scale. gives 1? November. Latitude is 41°30'S. 





Figure 20-81. Nomogram. 


Shortest shadow indicates 


Local apparent noon 


Figure 20-82. Stick and Shadow. 


essary (split the difference) between the values given in 
the table. For example, between 45° latitude and 50° 
latitude is 5°. The difference in latitudes (5°) and the 
difference in azimuths (3°) split (%) ts 1°4’(1°40°), so 
the more accurate degree of latitude would be 46°40’ 
latitude. 

(b) Latitude by Noon Altitude of the Sun. On any 
given day, there is only one latitude on Earth where the 
Sun passes directly overhead or through the zenith at 
noon. In all latitudes north of this, the Sun passes to the 
south of the zenith; and in those south of it, the Sun 
passes to the north. For each 1° change of latitude, the 
zenith distance also changes by | degree. Figure 20-80 
gives the latitude for each day of the year where the Sun 
is in the zenith at noon. If a Weems plotter or other 
protractor is available, maximum altitude of the Sun 
should be used to find latitude by measuring the angular 
distance of the Sun from the zenith at noon. Local noon 
can be found using the methods described earlier. 
Stretch a string from the top of a stick to the point 








July 27 


* Add plus valves to mean time and subtract minus values from mean time to get apparent time. 


Figure 20-83. Equation of Time. 
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where the end of the noon shadow rested, place the 
plotter along the string and drop a plumb line from the 
center of the plotter. The intersection of the plumb line 
with the outer scale of the plotter shows the angular 
distance of the Sun from the zenith. 

(c) Latitudes by Length of Day. This method is 
used most effectively while on open seas. When in any 
latitude between 60°N and 60°S, the exact latitude 
within 30 nautical miles (¥2°) can be determined if the 
length of the day within | minute is known. This is true 
throughout the year except for about 10 days before and 
10 after the equinoxes—approximately 11-31 March 
and 12 September-2 October. During these two periods, 
the day is about the same length at all latitudes. A level 
horizon is required to time sunrise and sunset accurate- 
ly. Find the length of day from the instant the top of the 
Sun first appears above the ocean horizon to the msiant 
it disappears below the horizon. This instant is often 
marked by a green flash. Write down the times of sun- 
rise and sunset. Don’t count on remembering them. 
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Note that only the length of day counts in the determi- 
nation of latitude; a watch may have an unknown error 
and yet serve to determine this factor. If only one water 
horizon is available, as on a seacoast, find local noon by 
the stick and shadow method. The length of day is twice 
the interval from sunrise to noon or from noon to sun- 
set. Knowing the length of day, latitude can be found by 
using the nomogram shown in figure 20-81. 

(d) Longitude from Local Apparent Noon. To 
find longitude, a survivor must know the correct time 
and the rate at which a watch gains or loses time. If this 
rate and the time the watch was last set is known, the 
correct time can be computed by adding or subtracting 
the gain or Joss. Correct the zone time on the watch to 
Greenwich time; for example, if the watch is on eastern 
standard time, add 5 hours to get Greenwich time. Lon- 
gitude can be determined by timing the moment a celes- 
tial body passes the meridian. The easiest body to use is 
the Sun. Use one of the following methods: 

-1. Stick and Shadow. Put up a stick or rod 
(figure 20-82) as nearly vertical as possible in a level 
place. Check the alignment of the stick by sighting along 
the line of a makeshift plumb bob. (To make a plumb 
bob, tie any heavy object to a string and let it hang free. 
The line of the string indicates the vertical.} Sometime 
before midday, begin marking the position of the end of 
the stick’s shadow. Note the time for each mark. Con- 
tinue marking until the shadow definitely lengthens. 
The time of the shortest shadow is the time when the 
Sun passed the local meridian or local apparent noon. A 
survivor will probably have to estimate the position of 
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the shortest shadow by finding a line midway between 
two shadows of equal length, one before noon and one 
afier. If the times of sunrise and sunset are accurately 
determined on a water horizon, local noon will be mid- 
way between these times. 

-2. Double Plumb Bob. Erect two plumb bobs 
about | foot apart so that both strings line up on Pola- 
ris, much the same as a gun sight. Plumb bobs should be 
set up when Polaris is on the meridian and has no east- 
west correction. The next day, when the shadows of the 
two plumb bobs coincide, they will indicate local appar- 
ent noon. 

-3. Mark Down the Greenwich Time of Local 
Apparent Noon. The next step is to correct this observ- 
ed time of meridian passage for the equation of time; 
that is, the number of minutes the real Sun is ahead of 
or behind the mean Sun. (The mean Sun was invented 
by astronomers to simplify the problems of measuring 
time. Mean Sun rolls along the Equator at a constant 
rate of 15° per hour. The real Sun is not so considerate; 
it changes its angular rate of travel around the Earth 
with the seasons.) Figure 20-83 gives the value in min- 
utes of time to be added to or subtracted from mean 
(watch) time to get apparent (Sun) time, 

-4. After computing the Greenwich time of lo- 
cal noon, the difference of longitude between the survi- 
vor’s position and Greenwich can be found by con- 
verting the interval between 1200 Greenwich and the 
local noon from time to arc. Remember that | hour 
equals 15° of longitude, 4 minutes equal 1° of longi- 
tude, and 4 seconds equal I’ of longitude. Example: The 


1° = 60NM 


on Earth 


Polaris 


Fa 
. at NCP 


NOTE: 


Figure 20-84. Finding Direction from Polaris. 


. 


4. Polaris on meridian 


3. Polaris 1° east of meridian 


To orient chart to sky, face northward and hold chart overhead 
with current date toward you. Dates around chart indicate the 
highest point above the horizon (the meridian) at 9 PM local time. 





348 


survivor's watch is on eastern standard time, and it 
normally loses 30 seconds a day. It hasn’t been set for 4 
days. The local noon is timed at 15:08 on the watch on 4 
February. Watch correction is 4 X 30 seconds, or plus 2 
minutes. Zone time correction is plus 5 hours. Green- 
wich time is 15:08 plus 2 minutes plus 5 hours or 20:10. 
The equation of time for 4 February is minus 14 min- 
utes. Local noon is 20:10 minus 14 minutes or 19:56 
Greenwich.-The difference in time between Greenwich 
and present position is 19:56 minus 12:00 or 7:56. A 
time of 7:56 equals 119°of longitude. Since local noon 
is later than Greenwich noon, the survivor is west of 
Greenwich, longitude is 119° W. 
(e) Direction and Position Finding at Night: 

-1. Direction from Polaris. In the Northern 
Hemisphere, one star, Polaris (the Pole Star), is never 
more than approximately 1° from the North Celestial 
Pole. In other words, the line from any observer in the 
Northern Hemisphere to the Pole Star is never more 
than 1° away from true north. Find the Pole Star by 
locating the Big Dipper or Cassiopeia, two groups of 
stars which are very close to the North Celestial Pole. 
The two stars on the outer edge of the Big Dipper are 
called pointers because they point almost directly to 
Polaris. If the pointers are obscured by clouds, Polaris 
can be identified by iis relationship to the constellation 
Cassiopeia. Figure 20-84 indicates the relation between 
the Big Dipper, Polaris, and Cassiopeia. 

-2. Direction from the Southern Cross. In the 
Southern Hemisphere, Polaris is not visible. There the 
Southern Cross is the most distinctive constellation. 





Figure 20-85. Finding Direction from Southern Cross. 
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When flying south, the Southern Cross appears shortly 
before Polaris drops from sight astern. An imaginary 
line through the long axis of the Southern Cross, or True 
Cross, points toward the South Pole. The True Cross 
should not be confused with a larger cross nearby 
known as the False Cross, which is less bright and more 
widely spaced. Two of the four stars in the True Cross 
are among the brightest stars in the heavens; they are 
the stars on the southern and eastern arms. Those of the 
northern and western arms are not as conspicuous but 
are bright. 

-3. There is no conspicuous star above the 
South Pole to correspond to Polaris above the North 
Pole. In fact, the point where such a star would be, if 
one existed, lies in a region devoid of stars. This point is 
so dark in comparison with the rest of the sky that it is 
known as the Coalsack. Figure 20-85 shows the True 
Cross and—to the west of it—the False Cross. 

(f) Finding Due East and West by Equatorial 
Stars. Due to the altitude of Polaris above the horizon, 
it may sometimes be difficult to use as a bearing. To use 
a point directly on the horizon may be more 
convenient. 

-l. The celestial equator, which is a projection 
of the Earth’s equator onto the imaginary celestial 
sphere, always intersects the horizon line at the due east 
and west points of the compass. Therefore, any star on 
the celestial equator rises due east and sets due west 
(disallowing a small error because of atmospheric re- 
fraction). This holds true for all latitudes except those of 
the North and South Poles, where the celestial equator 


TO LOCATE THE SOUTH CELESTIAL POLE: 


. Extend an imaginary line (A) along the long 
axis of the True Cross to the south. 


. Join the two bright stars to the east of the Crass 
with an imaginary line (B). Bisect this line with 
one at right angles (C) and let it extend south- 
ward to intersect line {A). 


. The intersection of line {C} with the line through 
the Cross (A) is a few degrees from the South 
Celestial Pole (approximately 5 or 6 full moon 
widths). 


NOTE: To orient chart to sky, face southward and 
hold chart overhead with current date to- 
ward you. Dates around chart indicate the 
highest point above the horizon (the merid- 
ian) at 9 PM local time. 
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and the horizon have a common plane. However, if a 
survivor is at the North or South Pole, it will probably 
be known, so this technique can be assumed to be of 
universal use. 

-2. Certain difficulties arise in the practical use 
of this technique. Unless a survivor is quite familiar 
with the constellations, it may be difficult to spot a 
specific rising star as it first appears above the eastern 
horizon. It will probably be simpler to depend upon the 
identification of an equatorial star before it sets in the 
west. 

-3. Another problem is caused by atmospheric 
extinction. As stars near the horizon, they grow fainter 
in brightness because the line of sight between the ob- 
server's eyes and the star passes through a constantly 
thickening atmosphere. Therefore, faint stars disappear 
from view before they actually set. However, a fairly 
accurate estimate of the setting point of a star can be 
made some time before it actally sets. The atmospheric 
conditions of the area have a great effect on obstructing 
a star’s light as it sets. Atmospheric haze, for example, is 
much less a problem on deserts than along temperate 
zone coastal strips. 
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-4, Figure 20-86 shows the brighter stars and 
some prominent star groups which lie along the celestial 
equator. There are few bright stars actually on the celes- 
tial equator. However, there are a number of stars 
which lie quite near it, so an approximation within a 
degree or so can be made. Also, a rough knowledge of 
the more conspicuous equatorial constellations will give 
the survivor a continuing checkpoint for maintaining 
orientation. 

(g) Finding Latitude from Polaris. A survivor can 
find the latitude in the Northern Hemisphere north of 
10°N by measuring the angular altitude of Polaris above 
the horizon, as shown in figure 20-87. 


(h) Finding Direction (North) from Overhead 
Stars that are not in the General Location of the Celes- 
tial Poles: 


-1, At times, survivors may not be able to !o- 
cate Polaris (the North Star) due to partial cloud cover, 
or its position below the observer's horizon. In this situ- 
ation, it would seem that survivors would be unable to 
locate direction. Fortunately, survivors who wish to ini- 
tially find direction or who wish to check a course of 
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The star charts on this page show only those star- 
groups which lie near the celestial equator, Each map 
covers o strip approximately 50° wide (north and 
south) and 180° wide (east and west), Mosi of the 
more conspicuous naked eye slars are shown, the 
brighler stars being indicated by larger dots. Some 
star-groups have been joined by dashed lines to aid 
in identification, 


Figure 20-86. Charts of Equatorial Stars. 


Below each chart will be found the months of the 
year. On the first of each month the stars shown 
above the month name will be on the celestial me- 
ridian thighest point of their path above the horizon) 
at $ p.m. local time. 


The celestial equator makes a 45° angle with the 
southern horizon at latitude 45°N. At 60°N lotilude 
it makes a 30° angk. tn other words, degrees of 


latitude subtracted from 90° givas the angle formed 
by the celestial equator and the southern horizon. 


The preceding information should enable the sur- 
vivor to identify the equatorial stars to be used in 
determining due east or west. When observing stars 
rising in the east, the charts should be slanted down 
and ta the left, when observing stars setting in the 
west, they should be slanted down and to the right. 
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HOW TO USE WEEMS PLOTTER AS: HOW TO USE ANY PROTRACTOR 

TO MEASURE ALTITUDE ay 5 | TO MEASURE ALTITUDE yy 

OF POLARIS / % OF POLARIS ” POLARS 
roe 5 ‘ : “ 


This angle is 
the altitude 


1. Attach string with weight to of Polaris 


center hole of plotter. Z 
Any protractor (such as the one printed in 
AFM 64-5) can be used to find latitude. 
1. Attach string with weight to Point “P. 
2. After sighting, grasp string at edge of 
fa protractor. 
This angle subtracted from 90° 3. Hold string in this position and take 


is the altitude of Polaris. reading. This gives the altitude of 
Polaris. 


. After sighting, grasp string 
at outer edge of plotter and 
hold firmly against surface. 


3. Holding string firmly against 
face of plotter, rolk thumb 
under the edge of plotter and 
take reading. 





No correction Subtract 0.7° 


The star diagrams above are drawn for angles of 0°, 45°, 
and 90° between the vertical dotted fine thru the pole and 
the line thru Cassiopeia and the Big Dipper (Ursa Major). 
For intermediate positions the angle may be estimated and 
the correction taken from the Correction Table. Subtract 
corrections given in the table when Polaris is above the 
horizontal line thru the pole and add corrections when 
Polaris is below this fine. 

Note that the correction changes very slowly near the 


time when the correction is greatest and hence an error in Ig eay i 
estimation of the position has little effect at this time. %& 
% 
CORRECTION TABLE 
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Figure 20-87. Finding Latitude by Polaris. 
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travel during the night need not worry about being lost 
or unable to travel if Polaris cannot be identified. 

-2. The following is an adaptation of the stick 
and shadow method of direction finding. This method is 
based on the principles that all the heavenly bodies 
(Sun, Moon, planets, and stars) rise (generally) in the 
east and set (generally) in the west. This technique can 
be used anywhere on Earth with any stars except those 
which are circumpolar. Circumpolar stars are those 
which appear to travel around Polaris instead of appar- 
ently “moving” from east to west. 

-3. To use this technique, survivors should 
keep in mind that they may use amy star other than a 
circumpolar one. 

-4, Survivors who wish to know general direc- 
tion must prepare a device to aid them. This can be 
done by placing a stick (about 5 feet in length) at a slight 
angle in the ground in an open area (figure 20-88). Thin 
material (suspension line, string, vine, braided cloth, 
etc.) is then attached to the tip of the stick. This materi- 
al should be longer than what is required to reach the 
ground (figure 20-88). 

-5. The survivor should lie on the back with the 
head next to this hanging line and pull the cord up to 
the temple area and hold it tautly. 


Figure 20-88. Stick and String Direction Finding. 
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-6. Next, the survivor moves around on the 
ground until the taut line is pointing directly at the 
selected, bright, noncircumpolar star (or planet). 


-7. The taut line is now in position to simulate 
the star’s (or planet’s) shadow. Survivors should remem- 
ber that this method of finding direction is an adapta- 
tion of the Sun, stick, and shadow approach. Here the 
more distant stars and (or) planets take the place of our 
Sun. Since these objects are too distant from the Earth 
to create shadow, the string represents the shadow. 


-8. With the taut line simulating the star’s 
shadow, survivors should mark the point on the ground 
where the line touches with a stick, stone, etc. The sur- 
vivor should repeat this sighting on the same star (or 
planet) after about 15 to 20 minutes (marking the spot 
at which the line “shadow” touches the ground). A line 
scribed on the ground which connects these two points 
will run west-east (as the stars and planets move from 
east to west, the “shadow” will move in the opposite 
direction). The first mark will be in the west. Drawing a 
line perpendicular to the west-east line, a survivor will 
have a north-south line and be able to travel. 
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Chapter 21 


LAND TRAVEL 


21-1, Introduction: 

a. In any survival situation foliowing an aircraft emer- 
gency, a decision must be made to either move or re- 
main as close as possible to the parachute or crash site. 
In this chapter, land travel will be discussed and the 
various considerations that survivors should address 
before determining if travel is or is not a necessity. 

b. Survivors may need to carry supplies and equip- 
ment while traveling to sustain life. For this reason, the 
techniques of backpacking and improvised packing are 
discussed to help a person do this task. 

c. As a survivor, the ability to walk effectively is im- 
portant in conserving energy and safety. Additionally, 
in rough terrain, travel may need to be done with the 
aid of a rope. The techniques of ascending and descend- 
ing steep terrain are fundamental to understanding and 
performing rescue from rough terrain. These tech- 
niques, as well as techniques for snow travel, are cov- 
ered. Travel may not be easy, but a knowledgeable trav- 
eler can travel safely and effectively while saving time 
and energy. 


21-2. Decision to Stay or Travel. In hostile areas, the 
decision to travel is normally automatic. To stay in the 
vicinity of the crash or parachute landing can lead to 
capture. In friendly areas, a choice exists. The best ad- 
vice is to stay with the aircraft. Most rescues have been 
made when downed aircrews remained with the aircraft. 

a. Survivors should only leave the area when they are 
certain of their location and know that water, shelter, 
food, and help can be reached, or after having waited 
several days, they are convinced that rescue is not com- 
ing and they are equipped to travel. 

b. Before making any decision, survivors should con- 
sider their personal physical condition and the condi- 
tion of others in the party when estimating their ability 
to sustain travel. If people are injured, they should try 
to get help. If travel for help is required, they should 
send the people who are in the best physical and mental 
condition. Send two people if possible. To travel alone 
is dangerous. Before any decision is made, survivors 
should consider all of the facts. 

(1} If the decision is to stay, these problems should 
be considered: 

(a) Environmental conditions. 

(b) Health and body care; camp sanitation. 
(c) Rest and shelter. 

(d) Water supplies. 

(e) Food. 

(2) If the decision is to travel: In addition to the 
primary survival problems of providing food, water, 
and shelter, the following must be considered: 

(a) Direction of travel and why. 


(b) Travel pian. 
{c) Equipment required. 

c. Before departing the site, survivors should leave 
information at their aircraft (nontactical situation only) 
stating departure time, destination, route of travel, per- 
sonal condition, and available supplies. 

d. From the air, it is easier to spot the aircraft than it 
is to spot people traveling on the ground. Someone may 
have seen the aircraft crash and investigate. The aircraft 
or parts from it can provide shelter, signaling aids, and 
other equipment (cowling for reflecting signals, tubing 
for shelter framework, gasoline and oil! for fires, etc.). 
Avoiding the hazards and difficulties of travel is another 
reason to stay with the aircraft. Rescue chances are good 
if survivors made radio contact, landing was made on 
course or near a traveled air route, and weather and air 
observation conditions are good. 

e. Present location must be known to decide inteili- 
gently whether to wait for rescue or to determine a 
destination and route of travel. The survivors should try 
to locate their position by studying maps, landmarks, 
and flight data, or by taking celestial observations. 
Downed personnel should try to determine the nearest 
rescue point, the distance to it, the possible difficulties 
and hazards of travel, and the probable facilities and 
supplies en route and at the destination. 

f. There are a number of other factors that should be 
considered when deciding to travel. 

(1) The equipment and materials required for cross- 
country travel should be analyzed. Travel is extremely 
risky unless the necessities of survival are available to 
provide support during travel. Survivors should have 
sufficient water to reach the next probable water source 
indicated on a map or chart and enough food to last 
until they can procure additional food. To leave shelter 
to travel in adverse weather conditions is foolhardy un- 
less in an escape and evasion situation. 

(2) In addition to the basic requirements, the physi- 
cal condition of the survivor must be considered in any 
decision to travel. If in good condition, the survivor 
should be able to move an appreciable distance, but if 
the survivor is not in good condition or is injured, the 
ability to travel extended distances may be reduced. 
Analyze all injuries received during the emergency. For 
example, if a teg or ankle injury occurred during land- 
ing, this must be considered before traveling. 

(3) H possible, survivors should avoid making any 
decision immediately after the emergency. They should 
wait a period of time to allow for recovery from the 
mental—if not the physical—shock resulting from the 
emergency. When shock has subsided survivors can 
then evaluate the situation, analyze the factors in- 
volved, and make valid decisions. 
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21-3. Travel. Once the survivors decide to travel, there 
are several considerations that apply regardless of the 
circumstances, 

a. The ranking person must assume leadership, and 
the party must work as a team to ensure that all tasks 
are done in an equitable manner. Full use should be 
made of any survival experience or knowledge pos- 
sessed by members of the group, and the leader is re- 
sponsible for ensuring that the talents of all survivors 
are used. 

b. Survivors should keep the body’s energy output at 
a steady rate to reduce the effects of unaccustomed 
physical demands. 

(1) A realistic pace should be maintained to save 
energy. It increases durability and keeps body tempera- 
ture stable because it reduces the practice of quick starts 
and lengthy rests. More importantly, a moderate, realis- 
lic pace is essential in high altitudes in avoiding the 
risks of lapse of judgment and hallucinations due to lack 
of oxygen (hypoxia). Travel speed should provide for 
each survivor’s physical condition and daily needs, and 
the group pace should be governed by the pace of the 
slowest group member. Additionally, rhythmic breath- 
ing should be practiced to prevent headache, nausea, 
lack of appetite, and irritability. 

(2) Rest stops should be short since it requires ad- 
ded energy to begin again after cooling off. Survivors 
should wear their clothing in layers (layer system) and 
make adjustments to provide for climate, temperature, 
and precipitation. It is better to start with extra clothing 
and stop and shed a layer when beginning to warm up. 

(3) Wearing loose clothing provides for air circula- 
tion, allows body moisture to evaporate, and retains 
body heat. Loose clothing also allows freedom of 
movement, 

(4) Travelers should keep in mind when planning 
travel time and distance that the larger the group, the 
slower the progress will be. Time must be added for 
those survivors who must acclimate themselves to the 
climate, altitudes, and the task of backpacking. Survi- 
vors should also allow time for unexpected obstacles 
and problems which could occur. 

(5) Proper nutrition and water are essential to 
building and preserving energy and strength. Several 
small meals a day are preferred to a couple of large ones 
so that calories and fluids are constantly available to 
keep the body and mind in the best possible condition. 
Survivors should try to have water and a snack available 
while trekking, and they should eat and drink often to 
restore energy and prevent chills in cold temperatures. 
This also applies at night. 


21-4, Land Travel Techniques. Land travel techniques 
are based largely on experience, which is acquired 
through performance. However, experience can be par- 
tially replaced by the intelligent application of special- 
ized practices that can be learned through instruction 
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and observation. For example, travel routes may be es- 
tablished by observing the direction of a bird’s flight, 
the actions of wild animals, the way a tree grows, or 
even the shape of a snowdrift. Bearings read from a 
compass, the Sun, or stars will improve on these obser- 
vations and confirm original headings. All observations 
are influenced by the location and physical characteris- 
tics of the area where they are made and by the season 
of the year. 

a. Route Finding. The novice should follow a com- 
pass line, whereas the experienced person follows lines 
of least resistance by realizing that a curved route may 
be faster and easier under certain circumstances. Use 
game trails when they follow a projected course only. 
For example, trails made by migrating caribou are fre- 
quently extensive and useful. On scree or rockslides, 
mountain sheep trails may be helpful. Game trails offer 
varying prospects, such as the chance of securing game 
or locating waterholes. Successful land travel requires 
knowledge beyond mere travel techniques. Survivors 
should have at least a general idea of the location of 
their starting place and their ultimate destination. They 
should also have knowledge of the people and terrain 
through which they will travel. If the population is hos- 
tile, they must adapt their entire method of travel and 
mode of living to this condition. 

b. Wilderness. Wilderness travel requires constant 
awareness. A novice views a landscape from the top ofa 
hill with care and interest, and says, “let’s go.” The 
experienced person carefully surveys the surrounding 
countryside. A distant blur may be mist or smoke; a 
faint, winding line on a far-off hill may be manmade or 
an animal trail; a blur in the lowlands may be a herd of 
caribou or cattle. People should plan travel only after 
carefully surveying the terrain. Study distant landmarks 
for characteristics that can be recognized from other 
locations or angles. Careful and intelligent observation 
will help survivors to correctly interpret the things they 
see, distant landmarks, or a broken twig at their feet. 
Before leaving a place, travelers should study their 
backtrail carefully. Survivors should know the route for- 
ward and backward. An error in route planning may 
make it necessary to backtrack in order to take a new 
course. For this reason, all trails should be marked (fig- 
ure 21-1). 

¢. Mountain Ranges. Mountain ranges frequently af- 
fect the climate of a region and the climate in turn 
influences the vegetation. wildlife, and the character 
and number of people living in the region. For example, 
the oceanside of mountains has more fog, rain, and 
snow than the inland side of a range. Forests may grow 
on the oceanside, while inland, it may be semi-dry. 
Therefore, a complete change of survival techniques 
may be necessary when crossing a mountain range. 

(1) Travel in mountainous country is simplified by 
conspicuous drainage landmarks, but it is complicated 
by the roughness of the terrain. A mountain traveler can 
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SHORT WAY 


Turn 
to the right 


Turn 
to the left 


Figure 21-1. Marking a Trail. 


readily determine the direction mn which rivers or 
streams flow; however, surveying is necessary to deter- 
mine if a river is safe for rafting, or if a snowfeld or 
mountainside can be traversed safely. Mountain travel 
differs from travel through rolling or level country, and 
certain cardinal rules govern climbing methods. A 
group descending into a valley, where descent becomes 
increasingly steep and walls progressively more perpen- 
dicular, may be obliged to climb up again in order to 
follow a ridge until an easier descent is possible. In such 
a Situation, rappeling with a parachute line rope may 
save many weary miles of travel. In mountains, trav- 
elers must avoid possible avalanches of earth, rock, and 
snow, as well as crevasses (deep cracks in the ice) in ice 
fields. 


(2) In mountainous country, it may be better to 
travel on ridges—the snow surface is probably firmer 
and there is a better view of the route from above. 
Survivors should watch for snow and ice overhanging 
steep slopes. Avalanches are a hazard on steep snow- 
covered slopes, especially on warm days and after heavy 
snowfalls. 

(3) Snow avalanches occur most commonly and 
freqently in mountainous country during wintertime, 
but they also occur with the warm temperatures and 
rainfalls of springtime. Both small and large avalanches 
are a serious threat to survivors traveling during winter 
as they have tremendous force. The natural phenomena 
of snow avalances is complex. It is difficult to definitely 
predict impending avalanches, but knowing general be- 





haviors of avalanches and how to identify them can 
help people avoid avalanche hazard areas. 

(2) Snow or Sluff Avalanche. The loose snow or 
sluff avalanche is one kind of avalanche that starts over 
a small area or in one specific spot. It begins small and 
builds up in size as it descends. As the quantity of snow 
increases, the avalanche moves downward as a shape- 
less mass with little cohesion. 

(b) Terrain Factors Affecting Avalanches: 

-1. Steepness. Most commonly, avalanches oc- 
cur on slopes ranging from 30 to 45 degrees (60 to 100 
percent grade), but large avalanches do occur on slopes 
ranging from 25 to 60 degrees (40 to 173 percent grade). 
(See figure 21-2.) 

-2. Profile. The dangerous slab avalanches have 
more chance of occurring on convex slopes because of 
the angle and the gravitational pull. Concave slopes 
cause a danger from slides that originate at the upper, 
steep part of the slope (figure 21-3). 

-3. Slopes. Midwinter snowslides usually occur 
on north-facing slopes. This is because the north slopes 
do not receive the required sunlight which would heat 
and stabilize the snowpack. South-facing slope slides 
occur on sunny, spring days when sufficient warmth 
melts the snow crystals causing them to change into wet, 
watery, slippery nowslidessnow. Leeward slopes are 
dangerous because the wind blows the snow into well 
packed drifts just below the crest. If the drifts have not 
adhered to the snow underneath, a slab avalanche can 
occur. Windward slopes generally have less snow and 
are compact. It is usually strong enough to resist move- 
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SLOPE ANGLE 
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Figure 21-2. Slope Angle. 


ment, but avalanches may still occur with warm temper- 
ature and moisture. 

-4, Surface Features. Most avalanches are com- 
mon on smooth, grassy slopes that offer no resistance. 





Figure 21-3. Profile of Slope. 


Brush, trees, and large rocks bind and anchor the snow, 
but avalanches can still occur in tree areas (figure 21-4). 
(c) Weather Factors: 

-1. Old snow depth covers up natural anchors 
(rocks, brush, and fallen trees) so that the new snowfall 
slides easier. The type of old snow surface is important. 
Sun crests or smooth surface snows are unstable; where- 
as a rough, jagged surface would offer stability and an 
anchorage. A loose snow layer underneath is far more 
hazardous than a compacted one as the upper layer of 
snow will slide more easily with no rough texture to 
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SNOW IS ANCHORED 


SNOW 
SLIDES EASILY 


Figure 21-4. Snowslides. 


restrain it. Travelers should check the underlying snow 
by using a rod or stick. 

-2. Winds, 15 miles per hour or more, cause the 
danger of avalanches to develop rapidly. Leeward slopes 
will collect snow that has been blown from the wind- 
ward sides, forming slabs or sluffs, depending upon the 
temperature and moisture. Snow plumes or cornices in- 
dicate this condition (figure 21-5). 


FORMING SLABS 





Figure 21-5. Forming Slides. 


-3. A high percentage of all avalanches occur 
during or shortly after storms. Layers of different types 
of snow from different storms will cause unstable snow 
because the bond between layers will vary in strength. 
The rate of snowfall also has a significant effect on sta- 
bility. A heavy snowfall spread out over several days is 
not as dangerous as a heavy snowfall in a few hours 
because slow accumulation allows time for the snow to 
settle and stabilize. A large amount of snow over a short 
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period of time results in the snow constantly changing 
and building up, giving it little time to settle and stabi- 
lize. If the snow is light and dry, little settling or cohe- 
sion occurs, resulting in instability. 

-4, Under extremely cold temperatures, snow is 
unstable. In temperatures around freezing or just above, 
the snow tends to settle and stabilize quickly. Storms, 
starting at low temperature with light, dry snow which 
are followed by rising temperature, cause the top layer 
of snow to be moist and heavy, providing opportune 
conditions for avalanching. The light, dry snow under- 
neath lacks the strength and elastic bondage necessary 
to hold the heavier, wetter snow deposited on top; 
therefore, the upper layer slides off. Also, extreme tem- 
perature differences between night and day cause the 
same problems. Rapid changes in weather conditions 
cause adjustments and movement within the snowpack. 
Survivors should be alert to rapid changes in winds, 
temperatures, and snowfall which may affect snow 
stability. 

; -5. Avalanches of wet snow are more likely to 
occur on south slopes. Sun, rainstorms, or warmer tem- 
peratures brought by spring weather are absorbed by the 
snow causing it to become less stable. 

(d) Warning Signs. Avalanches generally occur in 
the same area. After a path has been smoothed, it’s 
easier for another avalanche to occur. Steep, open gul- 
lies and slopes, pushed over small trees, limbs broken 
off, and tumbled rocks, are signs of slide paths. Snow- 
balls tumbling downhill or sliding snow is an indication 
of an avalanche area on leeward slopes. If the snow 
echoes or sounds hollow, conditions are dangerous. If 
the snow cracks and the cracks persist or run, the danger 
of a slab avalanche is imminent. The deeper the snow, 
the more the terrain features will be obscured. Knowl- 
edge of common terrain features can help survivors vis- 
ualize what they may be up against, what to avoid, and 
the safest areas to travel. Knowing the general weather 
pattern for the area is helpful. Survivors should try to 
determine what kind of weather will be coming by ob- 
serving and knowing the signs that indicate certain 
weather conditions. 

(e) Route Selection. If avoiding the mountains 
and avalanche danger areas is impossible, there are pre- 
cautions survivors should take when confronting dan- 
gerous slopes. They should decide which slopes will be 
the safest by analyzing the factors that determine what 
makes one slope safe and another deadly. Study the 
slope terrain and keep in mind why avalanches occur. 

-1. When survivors decide to cross a slope, one 
person at a time should cross. If all go together, they 
should not tie together since there is no way one person 
can hold another against an avalanche. Instead, they 
should tie a contrasting color line about 100 feet long 
(using suspension line or PLD tape) to each person. If 
they should get caught in an avalanche, the line will help 
identify their position if it is exposed. Survivors should 
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select escape routes before and throughout the climb 
and keep these routes in mind at all times. They should 
also stay to the fall line (natural path an object will 
follow when falling or sliding down the slope) when 
climbing and not zig-zag or climb a different route be- 
cause it seems easier. Staying to the fall line will prevent 
making fractures and at the same time, compact the 
snow, making it more stable for others who follow. If 
traversing, they should travel above the danger area. 
Survivors should travel quickly and quietly to avoid 
extended exposure to the probable danger of 
avalanches. 

-2. If caught in an avalanche. any equipment 
that weighs survivors down should be dropped. The 
pack, snowshoes, and any other articles should be 
jettisoned. 

-3. The standard rule is to use swimming mo- 
tions to try to move towards the snow surface. Further, 
survivors should go for the sides and not try to out swim 
the avalanche, If near the surface, they should try to 
keep one arm or hand above the surface to mark their 
position. If buried, a person should inhale deeply (nose 
down) before the snow stops moving to make room for 
their chest. Trapped persons should try to make breath- 
ing space around their faces. They shouldn’t struggle, 
but should relax and conserve their energy and oxygen. 
Only when fellow survivors or rescuers are nearby 
should the trapped individual shout, Rescue should be 
done as quickly as possible. Avalanche victims generally 
have a 50 percent chance of surviving after 30 minutes 
have passed because the snow will set up (harden). 

-4, Glaciers may offer emergency travel routes 
across mountain ranges. Glacier crossing demands spe- 
cial knowledge, techniques, and equipment such as the 
use of a lifeline and poles for locating crevasses. There 
are many places where mountain ranges can be negotiat- 
ed on foot in a single day by following glaciers. Survi- 
vors must be especially careful on glaciers and watch for 
crevasses covered by snow. If traveling in groups of 
three persons or more, they should be roped together at 
intervals of 30 to 40 feet. Every step should be probed 
with a pole. Snow-bridged crevasses should be crossed 
at right angles to their course. The strongest part of the 
bridge can be found by probing. When crossing a 
bridged crevasse, weight should be distributed over a 
large area by crawling or by wearing snowshoes. 

-5. When forested areas are dense, river travel 
and ridges usually afford the easiest travel routes. In 
open forests, land travel is easier and offers a better 
selection of travel routes; however, such forests may not 
offer sufficient cover or concealment for escape and eva- 
sion travel. 

-6. After a fire, windstorm, or logging opera- 
lion, second-growth timber usually grows thick. It is 
worse after it grows about 20 feet high since any space 
between the trees is filled in by branches and the over- 
head timber isn’t (yet) thick enough to cause the lower 
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branches to die from lack of sunlight. 

-a. Deciduous brush also contributes to the 
overgrowth. Blowdowns, avalanche fans, and logging 
slush are difficult to negotiate. Such obstructions, even a 
few hundred feet may require major changes to the orig- 
inal travel route. 

-b. Scrub cedar (subalpine fir) is hard to pen- 
etrate. There are tactics that can be used to make travel 
easier. Survivors can use fallen trees as walkways to 
provide a short route of travel through the scrub cedar 
to a clear area. Gloves should be worn when penetrating 
thorny vegetation. Overlaying bushes can be separated 
to allow passage. When land is steep, brush can be used 
to provide handholds if it is strong and anchored well. 

-c. Brush can be dangerous. Survivors should 
be aware of the possibility of slipping while going down- 
hill. Therefore, they should ensure each step is firmly 
placed. Survivors should be aware of travel difficulties 
presented by cliffs, boulders, and ravines which are cov- 
ered by brush. 

-7. Do not travel through dense brush if it can 
be avoided. 

-a. Travel on trails rather than taking short- 
cuts through the brush. Brush is frequently easier to 
travel through (over) during the winter season when it is 
covered by snow and when snowshoes are available 
(improvised). 

-b. During the summer, avoid avalanche 
tracks because the debris may be difficult to penetrate. 
Traveling on the “timber cones” between avalanche 
paths is best when climbing a valley. 

-c. The heaviest timber is the best area to 
travel because little or no brush will be growing on the 
forest floor. 

-d. Try to avoid areas near creeks and valley 
floors because they have more brush and trees than the 
valley walls and ridges. However, traveling in the 
stream channels may be preferable when the area is 
covered with dense brush and vegetation. Survivors 
may have to wade, but the stream may offer the best 
route through the brush. 

-e. Traveling high above the brush at the 
timberline may be worthwhile if the bottom and sides of 
the valley look futile. 


d. Snow and Ice Areas. Travel in snow and ice areas 
is not recommended except to move from an unsafe to a 
safe area, or from an area that has few natural resources 
to an area of greater resources (shelter material, food, 
and signaling area). 

(1) Before traveling to a possible rescue site, town, 
village, or cabin, travelers should know their approxi- 
mate position and the location of the desired site. The 
greatest hazard in snow and ice areas is the intense cold 
and high winds. Judging distance is difficult due to the 
lack of landmarks and the clear arctic air. Image distor- 
tion is a common phenomena. “White-out” conditions 
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exist and the survivor should not travel during this 
time. A white-out condition occurs when there is com- 
plete snow cover and the clouds are so thick and uni- 
form that light reflected by the snow is about the same 
intensity as that from the sky. If traveling during bad 
weather, great care must be taken to avoid becoming 
disoriented or falling into crevasses, over cliffs or high 
snow ridges, or walking into open leads. A walking stick 
is very useful to probe the area in the line of travel. 

(2) Strong winds often sweep unchecked across tun- 
dra areas (due to the lack of vegetation) causing white- 
out conditions. Because of blowing snow, fog, and lack 
of landmarks, a compass is a must for travel, yet it is 
still difficult to navigate a true course since the magnetic 
variation in the high latitudes (polar areas) is often 
extreme, 

(3) During the summer months, the area is a mass 
of bogs, swamps, and standing water. Crossing these 
areas will be difficult at best. Rain and fog are common. 
Insects such as mosquitoes, midges, and black flies can 
and will cause the survivor physical discomfort and may 
cause travel problems. If the body is not completely 
covered with clothing, or if survivors do not use a head 
net or insect repellant, insect bites may be severe and 
infection can set in. 

(4) In mountainous country, it is often best to trav- 
el along ridge lines because it provides a firmer walking 
surface and there is usually less vegetation to contend 
with. High winds make travel impractical if not impos- 
sible at times. Glaciers have many hidden dangers. Gla- 
cial streams may run just under the surface of the snow 
or ice, creating weak spots, or they may run on the 
surface and cause slick ice. Crevasses which run across 
the glacier can be a few feet to several hundred feet 
deep. Quite often crevasses are covered over with a thin 
layer of snow, making them practically invisible. Survi- 
vors could fall into crevasses and sustain severe injuries 
or death. If glacier travel is required, it is best to use a 
probe pole to test the footing ahead. 

(5) Summer travel in timbered areas should not 
present any major problems; however, travel on ridges 
is preferred since the terrain is drier and there are usual- 
ly fewer insects. During the cold months, snow may be 
deep and travel will be difficult without some type of 
snowshoes or skis. Travel is generally easier on frozen 
rivers, streams, and lakes since there is less snow or 
wind-packed snow and they are easier to walk on. 

{6) River and stream travel can be hazardous. Riv- 
ers comparatively straight are that way because of the 
volume of water flow and extremely fast currents. These 
rivers tend to have very thin ice in the winter (cold 
climates), especially where snowbanks extend out over 
the water. If an object protrudes through the ice, the 
immediate area will be weak and should be avoided if 
possible. Where two rivers and streams come together, 
the current is swift and the ice will be weaker than the 
ice on the rest of the river. Very often after freezeup, the 
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source of the river or stream dries up so rapidly that air 
pockets are formed under the ice and can be dangerous 
if fallen into. During the runoff months (spring and 
summer), rivers and streams usually have a large vol- 
ume of water which is very cold and can cause cold 
injuries. Wading across or down rivers and streams 
should be done with proper footwear and exposure pro- 
tection due to the depth, swiftness, unsure footing, and 
coldness of the water. Generally, streams are too small 
and shallow for rafting. Streams are often bordered by 
high cliffs or banks at the headwaters. As a stream pro- 
gresses, its banks are often choked with aider, devil’s 
club, and other thick vegetation making traveling very 
slow and difficult. Many smaller streams will simply 
lead the traveler to a bog or swamp where they end, 
causing more problems for the survivor. 

(7) Sea ice conditions vary greatly from place to 
place and season to season. During the winter months, 
there is generally little open water except between the 
edges of floes. Crossing from one floe to another can be 
done by jumping across the open-water area, but footing 
may be dangerous. When large floes are touching each 
other, the ice between is usually ground into brash ice 
by the action of the floes against each other and this 
ground-up ice will not support a survivor’s weight. Pres- 
sure ridges are long ridges in sea ice caused by.the hori- 
zontal pressure of two ice floes coming together. Pres- 
sure ridges may be 100 feet high and several miles long; 
they may occur in a gulf or bay, or on polar seas. They 
must be crossed with great care because of the rugged- 
ness of ice formations, weak ice in the area, and possi- 
bility of open water covered with a thin layer of snow or 
ground-up ice. During summer months, the ice surface 
becomes very rough and covered with water. The ice 
also becomes soft and honeycombed (candlestick ice) 
even though the air temperature may be below freezing. 
Traveling over sea ice in the summer months is very 
dangerous. 

(8) Icebergs are great masses of ice and are driven 
by currents and winds; about two-thirds of the iceberg is 
below the surface of the sea. Icebergs in open seas are 
always dangerous because the ice under the water will 
melt faster than the surface exposed to the air, upsetting 
the equilibrium and toppling them over. The resulting 
waves can throw small pieces of ice in all directions. 
Avoid pinnacle-shaped icebergs—low, flat-topped ice- 
bergs are safer. 

e. Dry Climates. Before traveling in the desert, the 
decision to travel must be weighed against the environ- 
mental factors of terrain and climate, condition of sur- 
vivors, possibility of rescue, and the amount of water 
and food required. 

(1} The time of day for traveling is greatly depen- 
dent on two significant factors; the first and most appar- 
ent is temperature, and the second is type of terrain. For 
example, in rocky or mountainous deserts, the eroded 
drainages and canyons may not be seen at night and 
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could result in a serious fall. Additionally, manmade 
features such as mining shafts or pits and irrigation 
channels could cause similar problems. If the tempera- 
ture is not conducive to day travel, survivors should 
travel during the cooler parts of the day (in early morn- 
ing or late evening). Traveling on moonlit nights is an- 
other possibility; however, survivors must be aware that 
moonlight can cast deceiving shadows. This problem 
can be decreased by scanning the ground to allow the 
night sensitive portions of the eye time to pick up the 
slight differences in lighting. In hot desert areas where 
these hazards do not occur, traveling at night is a very 
practical solution. During the winter in the midlatitude 
deserts, the cold temperatures make day travel most 
sensible. 

(2) There are three types of deserts: mountain, 
rocky plateau, and sandy or dune deserts. These deserts 
can present difficult travel problems. 

(a) Mountain deserts are characterized by scat- 
tered ranges or areas of barren hills or mountains, sepa- 
rated by dry, flat basins. High ground may rise gradually 
or abruptly from flat areas to a height of several thou- 
sand feet above sea level. Most desert rainfall occurs at 
high elevations and the rapid runoff causes flash floods, 
eroding deep gullies or ravines and depositing sand and 
gravel around the edges of the basins. These floods are a 
problem on high and low grounds. The flood waters 
rapidly evaporate, leaving the land as barren as before, 
except for plush vegetation which rapidly becomes dor- 
mant. Basins without shallow lakes will have alkaline 
flats which can cause problems with chemical burns and 
can destroy clothing and equipment. 

(b) Rocky plateau deserts have relief interspersed 
by extensive flat areas solid or broken rock at or near 
the surface. They may be cut by dry, steep-walled, erod- 
ed valleys, known as wadis in the Middle East and ar- 
royos or canyons in the United States and Mexico. The 
narrower of these valleys can be extremely dangerous to 
humans and material due to flash flooding. Travel in 
these valleys may present another problem: a survivor 
can lose site of reference points and travel farther than 
intended. The Golan Heights in Israel is an example of 
a rocky plateau desert. 

(c) Sandy (dune) deserts are extensive flat areas 
covered with sand or gravel. They are the product of 
ancient and modern wind erosion. “Flat” is relative in 
this case, as some areas contain sand dunes that are 
over 1,000 feet high and 10 to 15 miles long. Travel in 
such terrain depends on windward or leeward gradients 
of the dunes and texture of sand. These dunes help a 
survivor determine general direction. Longitudinal 
dunes are continuous banks of sand at even heights that 
lie parallel with the dominant wind. Other areas, how- 
ever, may be totally flat for distances in excess of 2 
miles. Plant life varies from none to scrub reaching over 
6 feet. Examples of this desert include the ergs of the 
Sahara Desert, Empty Quarter of the Arabian Desert, 
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areas of California and New Mexico, and the Kalahari 
Desert in South Africa. A seif dune has forms similar to 
a drift behind a rock. Its length lies in the direction of 
the prevailing winds. Additionally, the horseshoe- 
shaped crescent dune has a hollow portion that faces 
downward. Ripples caused by wind in the sand may 
indicate the direction of the prevailing winds. These 
ripples generally lie perpendicular to the prevailing 
winds. In deserts, it is easier to travel on the windward 
side of the tops of dunes. Even though these ridges may 
not lay in a straight line and may wander, they offer a 
better route of travel than traveling in straight lines. A 
great deal of energy and time can be expended walking 
up and down dunes, especially in the loose sand on the 
leeward side of dunes. 

(3) People who travel the desert at night orient 
themselves by the stars and Moon. Those who traveled 
by day use compasses, when available, and the Sun. 
Survivors should use all directional aids during emer- 
gency travel and each aid should be frequently cross- 
checked against each other. For desert travel, a com- 
pass is a valuable piece of equipment. 

(a) Without a compass, landmarks must be used 
for local navigation. This can lead to difficulties. Mi- 
rages cause considerable trouble. Ground haze through- 
out the day may obscure vision. Distances are deceptive 
in the deserts and survivors have reported difficulty in 
estimating distances and the size of objects. In southern 
Egypt, one survivor reported large boulders always ap- 
peared smaller than they were and in other cases small 
obstacles appeared insurmountable. Survivors in Saudi 
Arabia and in Tunisia warned that it is difficult to main- 
tain a single landmark in navigation. Several groups 
reported they found it necessary to take turns keeping 
an eye on a specific mountain, peak, or object which was 
their goal. Objects have a way of vanishing in some 
cases when the eye is moved for an instant, and in other 
cases, many peaks or hills looked alike and caused diffi- 
culties in determining the original object. In Tunisia, 
twin peaks are not reliable landmarks because of their 
frequent occurrence. (Survivors have found after a short 
time of traveling they may have up to a dozen twin 
peaks for reference in the same vicinity.) The Great 
Sand Sea (Egypt and Libya) was the emergency landing 
site of several groups of survivors and caused naviga- 
tional difficulties. In these rolling sand hills, it is impos- 
sible to keep one object in view, and even footmarks fail 
to provide a reliable backtrail for determining travel 
directions, The extreme flatness of other stretches of 
desert terrain in North Africa also makes navigation 
difficult. With no landmarks to follow, no objectives to 
sight, survivors may walk in circles or large arcs before 
realizing their difficulties, 

(b) A Marine pilot who made an emergency land- 
ing in the Arizona desert took the precaution of imme- 
diately spreading his parachute on the ground and put- 
ting rocks on the edges to ensure maximum visibility 
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from the air. Then he decided to walk to his crashed 
plane, a distance he estimated to be 500 yards from his 
landing spot. He reached the plane and found it gutted 
by fire, and spent 5 days wandering the flat desert trying 
to find his parachute. 

{c) Navigational difficulties of a different type 
may be experienced in Ethiopia, Kenya, and Somalia. 
Here the density of the thorn brush, even though it was 
primarily acacia with small leaves, makes it extremely 
hard to navigate from one point to another. In this area, 
survivors should follow animal trails and hope they lead 
to rivers or waterholes. Elephant trails seem to offer the 
best and clearest route. 

(d) In the Sinai Desert area and in portions of 
Egypt, travel routes may be used; survivors can “stay 
put” on the trails. One survivor, who made a trail, en- 
countered a camel caravan almost immediately, 
athough he reported it bothered him that he had not 
seen them approach, as they suddenly appeared out of a 
mirage. Another commented it was awfully hard to be 
alone in his section of the desert, for in every direction, 
he saw wandering tribes, camel herds, or people watch- 
ing him. Two survivors independently suggested that 
survivors pay attention to the wind as an aid in naviga- 
tion. One survivor, on the Arabian Peninsula, noted the 
wind blew consistently from the same direction. The 
other, in the Libyan Desert, made the same comment 
and said he was able to judge his direction of travel by 
the angle at which the wind blew his clothes or struck 
his body. Survivors in certain areas may orient them- 
selves to the prevailing winds once it is established that 
these are consistent. 

(4) People who walked across the North African 
deserts had much to say about the local environment 
and little of it was complimentary. The extreme temper- 
atures bothered them most. It was extremely hot during 
the day and often bitter cold at night, especially during 
January and February. 

(a) The bright sunlight was hard on their eyes, 
extremities, and exposed skin. The blinding effects of 
the Sun reflecting off the terrain caused many persons to 
express concern regarding sunglasses. Several built fires 
and smoked their goggles to obtain protection against 
the glare. Lenses alone do not adequately protect the 
eyes from glare. Sunglasses may be improvised to re- 
duce this problem. Light-skinned individuals tended to 
sunburn faster and more severely than darker-skinned 
individuals. Some reported that no amount of previous 
suntanning seemed to make any difference. The heat 
affected their feet and hands. Survivors reported that 
the surface became so hot their feet were blistered 
through their shoes. Exposure of bare hands to the sun- 
light resulted in painful burns. Placing sunburned hands 
in bare armpits gave considerable relief since the arm- 
pits were one of the few places on the body where a 
person could find continuous perspiration to aid in 
cooling. 
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(b) The persistent winds of desert areas seem to 
provide no cooling effect, and several survivors found 
the constant blowing of the wind “got on their nerves.” 
More significant is the fact that the constant winds usu- 
ally carried an amount of sand or dirt particles. These 
particles got in eyes, ears, nostrils, and mouth and 
caused irritations which were often severe. Additional- 
ly, this persistent wind also caused earaches. One survi- 
vor reported that the abrasions of the eyes by the parti- 
cles of dust reached a point where first the man’s eyes 
watered so much that he could not see, and eventually 
the watering stopped and “emery cloth eyelids re- 
mained,” making life miserable for him. 

{c) Extreme winds blew sandstorms which lasted 
from a few minutes to months. Generally, survivors 
reported they could see the approach of such storms and 
were able to take proper precautions; however, sand- 
storms completely surprised a few groups and they had 
difficulty navigating. None of the survivors who exper- 
ienced sandstorms in the northern desert underestimat- 
ed the power and danger of such storms. Protection 
from the storms was uppermost in their minds. Most 
survivors used rock cairns, natural ledges, boulders, de- 
pressions, or wells for shelter. Survivors had time to dig 
depressions and rig a shelter from blankets, parachutes, 
or tarpaulins. A few wrapped themselves in their 
parachutes and endured the storm in a prone position. 

(d) Nearly all of these people had some comment 
to make on orientation before, during, and after a sand- 
storm. They warned specifically that it is necessary to 
adequately mark the direction of travel before the 
storm. A few survivors said when the storm was over 
they had no idea which way they had been traveling and’ 
all their landmarks were forgotten, obliterated, or indis- 
tinguishable. The general plan for marking travel routes 
before a sandstorm is to place a stick to indicate direc- 
tion. One survivor oriented himself with one rock a few 
feet in front of his position. He commented after the 
storm, that one point was not adequate and recom- 
mended using a row of stones, sticks, or heavy gear 
about 10 yards in length 10 give adequate direction fol- 
Jowing such an emergency. 

(e) Several survivors reported they learned the 
hard way to keep their mouths shut in the desert. This 
meant breathing through the mouth caused drying and 
talking not only got on the other’s nerves but also 
caused excessive drying of the mucous membranes. 

(5) Mirages are common in desert areas. They are 
optical phenomena due to refraction of light by uneven 
density distribution in the lower layer of the air. The 
most common desert mirage occurs during the heat of 
the day when the air close to the ground is much warm- 
er than the air aloft. Under this condition, atmospheric 
refraction is less than normal and the image of the dis- 
tant low sky appears on the ground looking like a sheet 
of water. Distant objects may appear to be reflected in 
the “water.” When the air close to the ground is much 
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colder than the air aloft, as in the early morning under a 
clear sky, atmospheric refraction is greater than normal. 
When this condition occurs, distant objects appear larg- 
er and closer than they are and objects below the normal 
horizon are visible. Uniess the density distribution in 
the lower layers is such that the light rays from an object 
reach the observer along two or more paths, they will 
see a distorted image or multiple images of the object. 

(a) Reports of mirages were very common in the 
survival episodes examined. In most cases, they were 
recognized as mirages and only caused minor difficul- 
ties. No survivor reported these mirages actually repre- 
sented bodies of water. While traveling, the survivor 
experienced problenis as a result of mirages. Distances 
could not be judged because intermediate terrain was 
obscured by the mirage. Mirages hampered vision and 
navigation since it concealed objects. Additionally, mi- 
rages “magnified some objects and concealed others.” 
One man hunting in the heat of the day reported that 
when he sighted an animal, it ran into or hid in a mi- 
rage. The lower layer of hot air which causes the mirage, 
commonly called desert haze, hampers vision and dis- 
torts objects. Signaling difficulties resulted from this 
since sighting a reflection on an object was apparently 
very difficult due to the low haze on the desert. 

(b) Several survivors reported cases of imaginary 
illusions which were due to the haze or mirages. One 
group looked for a hill, for a viewpoint, so long that the 
entire party began to see hills in all directions. They 
finally held a conference to iron out their difficulties and 
all settled on one hill which the group should approach. 
Everyone in the party saw the hill, and the group walked 
an estimated 9 miles looking for the hill which never 
existed and which eventually disappeared into the de- 
sert flatness. Dawn and dusk illusions also occurred and 
were reported in the survivors’ stories. One group was 
severely troubled with the false-dawn spectral light on 
the western horizon. The fact that the Sun at first ap- 
peared to be rising in the west caused anxious momenis. 
Another party had one person who claimed he saw a 
flashing beacon on the evening horizon. The pilot ex- 
plained the illusion as the occasional refraction of bright 
starlight near the horizon, through the residual heat 
waves of the cliff betore them. But one crewmember was 
so convinced it was a beacon that he started walking to 
investigate this object and was never seen again, 

(6) The following are manmade characteristics of 
the desert: 

(a) Roads and trails are scarce in the desert, as 
complex road systems are not needed. Most existing 
road systems have been used for centuries to connect 
centers of commerce or important religious shrines, 
such as Mecca and Medina in Saudi Arabia. These 
roads are now supplemented by routes for transporting 
oil or other mineral deposits to collection points. Rudi- 
mentary trails exist in many deserts for caravans and 
nomadic tribesmen. These trails have wells or oases ap- 
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proximately every 20 to 40 miles, although there are 
waterless stretches of over 100 miles. These trails vary 
in width from a few yards to over 800 yards, Vehicle 
travel in mountainous desert terrain may be severely 
restricted. Available routes may be easily blocked by 
hostile people or climatic conditions. Passes may be 
blocked by snow in the winter, The travel distance on 
foot or by animal between two points in the mountains 
may be less than a tenth of the distance required if 
vehicles are used to make the trip. 

(b) Apart from nomadic tribesmen who live in 
tents, desert inhabitants live in thick-walled structures 
with small windows, usually built of masonry or a mud 
and straw (adobe) mixture. The ruins of earlier civiliza- 
tions are scattered across the deserts. Ancient posts and 
forts invariably command important avenues of ap- 
proach and frequently dominate the only available pass- 
es in difficult terrain. Control of these positions may be 
imperative for forces intent on dominating the immedi- 
ate area. 

(c) Exploration for and exploitation of natural 
resources, of which oil is the best known, occurs in 
many desert areas, especially the Middle East. Wells, 
pipelines, refineries, quarries, and crushing plants may 
lead a survivor to rescue or captivity. Additionally, 
pipelines are often elevated, making them visible from a 
distance. 

(d) Many desert areas are irrigated for agricultur- 
al and habitation purposes. Agriculture and irrigation 
canals are signs which can lead a survivor to people. 

f. Tropical Climates. The inexperienced person’s 
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Figure 21-6. Weight of Body Over Feet. 
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view of jungle travel may range from difficult to nearly 
impossible. However, with patience and good planning, 
the best and least difficult route can be selected. In some 
cases, the easiest routes are rivers, trails, and ridge lines. 
However, there may be hazards associated with these 
routes. 


(1) Rivers and streams may be overgrown making 
them difficult to reach and impossible to raft. These 
waterways may also be infested with leeches. Trails may 
have traps or animal pits set on them. Trails can also 
lead to a dead end or into thick brush or swamps. 
Ridges may end abruptly at a cliff. The vegetation along 
a ridge may also conceal crevices or extend out past 
cliffs, making the cliff unnoticed until it’s too late. 


(2) The machete is the best aid to survival in the 
jungle. However, survivors should not use it unless 
there is no other way. They should part the brush rather 
than cut it if possible. If the machete must be used, cut 
at a down-and-out angle, instead of flat and level, as this 
method requires less effort. 


(3) Survivors should take their time and not hurry. 
This allows them to observe their surroundings and 
gives better insight as to the best route of travel. Watch 
the ground for the best footing as some areas may be 
slippery or give way easily. Avoid grabbing bushes or 
plants when traveling. Falling may be a painful experi- 
ence as many plants have sharp edges, thorns, or hooks. 
(NOTE: Wear gloves and fully button clothes for per- 
sonal protection.) 
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(4) Quicksand can be a problem. In appearance, 
quicksand looks just like the surrounding area with an 
absence of vegetation. It is usually located near the 
mouths of large rivers and on flat shores. The simplest 
description of quicksand is a natural water tank filled 
with sand and supplied with water. The bottom consists 
of clay or other substances capable of holding water. 
The sand grains are rounded, as opposed to normal 
sharper-edged sand. This is caused by water movement 
which also prevents it from settling and stabilizing. The 
density of this sand-water solution will support a per- 
son’s body weight. The danger if a survivor panics may 
be drowning. In quicksand, the survivor should use the 
spread-eagle position to help disperse the body weight 
to keep from sinking and a swimming technique to re- 
turn to solid ground. (NOTE: Remember to avoid pan- 
icking and struggling, and spread out and swim or pull 
along the surface.) 


21-5. Mountain Walking Techniques. Depending upon 
the terrain formation, mountain walking can be divided 
into four different techniques—walking on hard ground, 
walking on grassy slopes, walking on scree slopes, and 
walking on talus slopes. Included in ail of these tech- 
niques are two fundamental rules which must be mas- 
tered in order to expend a minimum of energy and time. 
These fundamentals are: The weight of the body must 
be kept directly over the feet (figure 21-6), and the sole 
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Figure 21-7. Locking Knees. 
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TRAVERSING 


Figure 21-8. Traversing. 


of the boot must be placed flat on the ground (figure 
21-6). These fundamentals are most easily accom- 
plished by taking small steps at a slow steady pace. An 
angle of descent which is too steep should be avoided 
and any indentations or protrusions of the ground, how- 
ever small, should be used to advantage. 

a. Hard ground is usually considered to be firmly 
packed dirt which will not give way under the weight of 
a person’s step. When ascending, the above fundamen- 
tals should be applied with the addition of locking the 
knees on every step in order to rest the leg muscles 
(figure 21-7}. When steep slopes are encountered, they 
can be traversed easier than climbed straight up. Turn- 
ing at the end of each traverse should be done by step- 
ping off in the new direction with the uphill foot (figure 
21-8). This prevents crossing the feet and possible loss 
of balance. In traversing, the full sole principle is done 
by rolling the ankle away from the hill on each step. For 
narrow stretches, the herringbone step may be used; 
that is, ascending straight up a slope with toes pointed 
out (figure 21-9) and using the principles stated above. 
Descending is usually easiest by coming straight down a 
slope without traversing. The back must be kept straight 
and the knees bent (figure 21-10) in such a manner that 
they take up the slack of each step. Again, remember the 
weight must be directly over the feet, and the full sole 
must be placed on the ground with every step. 

b. Grassy slopes are usually made up of small tussocks 
of growth rather than one continuous field. In ascend- 
ing, the techniques previously mentioned are applica- 
ble; however, it is better to step on the upper side of 
each tussock (figure 21-11) where the ground is more 
tevel than on the lower side. Descending is best done by 
traversing. 
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Figure 21-9. Walking Uphill. 


c. Scree slopes consist of small rocks and gravel which 
have collected below rock ridges and cliffs. The size of 
the scree varies from small particles to the size of a fist. 
Occasionally, it is a mixture of all size rocks, but nor- 
mally scree slopes will be made up of rocks the same 
size. Ascending scree slopes is difficult, tiring, and 
should be avoided when possible. All principles of as- 
cending hard ground apply, but each step must be pick- 
ed carefully so the foot will not slide down when weight 
is placed on it. This is best done by kicking in with the 
toe of the upper foot so a step is formed in the scree 
(figure 21-12). After determining the step is stable, care- 
fully transfer weight from the lower foot to upper and 
repeat the process. The best method for descending 
scree is to come straight down the slope with feet in a 
slight pigeon-toed position using a short shuffling step 
with the knees bent and back straight (figure 21-13). 
When several climbers descend a scree slope together, 
they should be as close together as possible, one behind 
the other, to prevent injury from dislodged rocks. Since 
there is a tendency to run down scree slopes, care must 
be taken to ensure that this is avoided and control is not 
lost. By leaning forward, one can obtain greater control. 
When a scree slope must be traversed with no gain or 
loss of altitude, use the hop-skip method. This is a hop- 
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ping motion in which the lower foot takes all the weight 
and the upper foot is used for balance. 

d. Talus slopes are similar in makeup to the scree 

slopes, except the rock pieces are larger. The technique 
of walking on talus is to step on top of, and on the uphill 
side of, the rocks (figure 21-14). This prevents them 
from tilting and rolling downhill. All other previously 
mentioned fundamentals are applicable. Usually, talus 
is easier to ascend and traverse, while scree is a more 
desirable avenue of descent. 
21-6. Burden Carrying. Backpacking is essential when 
heavy loads must be carried for distances. Using a suit- 
able harness and following certain approved packing 
and carrying techniques can eliminate unnecessary 
hardships and help in transporting the load with greater 
safety and comfort. Carrying a burden initially creates 
mental irritation and fatigue, either of which can lower 
morale. Survivors should keep their minds occupied 
with other thoughts when packing a heavy load. Adjust- 
ments should be made during each rest stop to improve 
the fit and comfort of the pack. Additionally, the rate of 
travel should be adjusted to the weight of the pack and 
the environmental characteristics of the terrain being 
crossed, 

a. Burden carrying is a task that must be done in most 
survival environments. Often survivors must quickly 





Figure 21-10. Walking Downhill. 
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Figure 21-11. Walking on Grassy Slopes. 


gather their equipment and move out without the assis- 
tance of a good pack. The gear may have to be carried in 
the arms while rapidly leaving the area. In such an in- 
stance, it would be better to fashion a roll of the gear 
and wear it over the shoulder, time permitting. When 
time is not a factor, it may be desirable to make a 
semirigid pack such as as square pack. The convenience 
of being able to keep track of equipment, particularly 
small items, can be critical in survival situations. 

(1) Packsack. A packsack can be fashioned from 
available survival kit containers or several layers of the 
fabric from the parachute canopy. The sack is sewed 
with inner core and a needle. 

(2) Square Pack: 

(a) The following instructions explain how to im- 
provise a square pack (figure 21-15). Lay a rectangle of 





Figure 21-12. Walking on Scree Slopes. Figure 21-14. Walking on Talus Slopes. 
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material, waterproof if available, (5 feet by 5 feet mini- 
mum size) flat on the ground (examples are plastic, tarp, 
poncho, paulin 77, etc.) (illustration A). Visualize the 
material divided into squares like a tic-tac-toe board. 
The largest piece of soft, bulky equipment (sleeping bag, 
parachute canopy, etc.) is placed in the center square in 
an “S” fold. This places the softest item in the pack 
against the tarp which rests on the back while traveling. 
If using a poncho, place the sleeping bag just below the 
hood opening (illustration B). Place hard, heavy objects 
between the top layer and the middle layer of the “S” 
fold near the top of the pack. Soft items can be placed 
between the middle and bottom layer (illustration C). 


(b) After ali desired items are inside the folds, tie 
the inner pack in the fashion shown in illustration D. 
Start with a l-inch diameter loop in the end of a long 
piece of parachute suspension line or other suitable line 
and loop it around the “S” fold laterally. Standing at the 
bottom of the pack, divide it into thirds and secure the 
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running end of the line to the loop with a trucker’s 
hitch. Both of these hitches should be at the intersection 
of the thirds so as to divide the pack vertically into 
thirds. Wrap the running ends around the pack at 90 
degrees (working toward the center) to the line and 
when it crosses another line, use a jam (postal) hitch to 
secure it and pull both ways to ensure tightness in all 
directions. When returning to the original Figure 22-42 
starting position, use the loop of the tied trucker’s hitch 
to secure another trucker’s hitch and the inner part is 
complete (illustration D). The waterproof materials are 
then folded around the inner pack as shown in illustra- 
tions E and F. Tie the “outer” pack in the same manner 
ensuring that it is waterproof with all edges folded in 
securely. If a poncho is used, the head portion may be 
used to get into the pack if necessary. However, it must 
be properly secured to ensure that the inner items are 
protected. With a square pack constructed in this man- 
ner, there is no reason why the equipment should get 
wet. (NOTE: With practice, an excellent pack can be 
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Figure 21-15. Square Pack. 
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Figure 21-16. Horseshoe Pack. 


constructed by tying the inner pack and outer cover 
simultaneously.) 

(3) Horseshoe Pack. The horseshoe pack has been 
referred to by many names in history including the 
“Johnny Reb Pack,” “cigarette pack,” “bed roll,” and 
others. It is simple to make and use and relatively com- 
fortable to carry over one shoulder. It is constructed as 
follows (figure 21-16): Lay available square-shaped 
(preferably 5 feet by 5 feet) material (waterproof if 
available) flat on the ground (illustration A) and place 
all gear on the long edge of the material, leaving about 6 
inches at each end. All hard items should be padded. 
Roil the material with the gear to the opposite edge of 
the square (illustration B). Tie each end securely. Place 
at least two or three evenly spaced ties around the roll. 
Bring both tied ends together and secure. This pack is 
compact and comfortable if all hard, heavy items are 
packed well inside the padding of the soft gear. If one’s 
shoulder is injured, the pack can be carried on the other 
shoulder, It is easy to put on and remove (illustration 
C). 


b. The most widely used improvised packstrap is 
called an Alaskan packstrap (figure 21-17). This type of 
packstrap can be fashioned out of any pliable and strong 
material. Some suitable materials for constructing the 
packstrap are animal skins, canvas, and parachute har- 
ness webbing. The pack should be worn so it can be 
released from the strap with a single pull of the cord in 
the event of an emergency, such as falling into water. 
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The knot securing the pack should be made with an end 
readily available which can be pulled to drop the pack 
quickly; for example, a trucker’s hitch with safety for 
normal terrain travel and with the safety removed when 
in areas of danger, such as water or rough terrain. 
(1) Some advantages of the Alaskan packstrap are: 

(a) Small in bulk and light in weight. 

(b) Easily carried in a pocket while traveling. 

(c) Quickly released in an emergency. 

(d) Can be adjusted to efficiently pack items of a 
variety of shapes and sizes. 

(e) Can be used with a tumpline to help distribute 
the weight of the pack over the shoulders, neck, and 
chest, thereby eliminating sore muscles and chafed 


areas. 
(2) Some disadvantages of the Alaskan packstrap 


are: 
(a) Difficult to put on (without practice). 


(b) Experience and ingenuity are necessary to use 
it with maximum efficiency. 
c. The following principles should be considered 
when packing and carrying a pack: 

(1) The pack or burden-carrying device should be 
adequate for the intended job. 

(2) The pack or burden may be adaptable to a pack 
frame. The pack frame could have a belly band to dis- 
tribute the weight between the shoulders and hips and 
prevent undue swaying of the pack. Pack frames are also 
used to carry other burdens such as meat, brush, and 
firewood. 
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Figure 21-17. Alaskan Packstrap. 


(3) Proper weight distribution is achieved by ensur- 
ing that the weight is equally apportioned on each side 
of the pack and as close as possible to the body’s center 
of gravity. This enhances balance and the ability to waik 
in an upright position. If heavy objects are attached to 
the outside of the pack, the body will be forced to lean 
forward. A pack bundle without a frame or packboard 
should be carried high on the back or shoulders. For 
travel on level terrain, weight can be carried high. When 
traveling on rough terrain, weight should be carried low 
or midway on the back to help maintain balance and 
footing. 

(4) Emergency and other essential items (extra and 
(or) protective clothing, first-aid kit, radio, flashlight, 
etc.) should be readily available by being placed in the 
top of the pack. 

{5) Fragile items are protected by padding them 
with extra clothing or some soft material and placing 
them in the pack where they won't shift or bounce 
around. Hard and (or) sharp objects cannot damage the 
pack or other items if cutting edges are properly 
sheathed, padded, and not pointed toward the bearer. 
Items outside the pack should be firmly secured but not 
protruding where they could snag on branches and 
rocks. 

(6) Adjust and carry the pack so that overloading or 
straining of muscles or muscle groups is avoided. When 
using a pack, the straps should be adjusted so they ride 
comfortably on the trapezius muscles and avoid move- 
ment when walking. Back support should be tight and 
placed to ensure good ventilation and support. During 
breaks on the trail, rest using the proper position to ease 
the weight of the pack and take the strain off muscles. 
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(See figure 21-18 for methods of resting.) A comfortable 
pack is adjustable to the physique of the person. A 
waistband will support 80 to 90 percent of the weight 
and is fitted relatively tight. The waistband should be 
cinched down around the pelvic girdle/crest area to 
avoid constricting circulation or restricting muscle 
movement. 


d. A tumpline is an excellent aid to burden carrying 
since it transfers part of the weight of the pack to the 
skeletal system (fAgure 21-19). 


(1) Tumpline Construction: 

(a) Attach a soft band, which rests on the upper 
forehead, to the pack by using light line. Make the band 
of any strong, soft material, such as animal skin with 
hair, tanned skin, an old sock, or parachute cloth. Make 
the band long enough to reach over the forehead and 
down to a point opposite each ear. A tumpline does not 
require any sewing. 


{b) Adjust the tumpline to fit the head by making 
loops at the ends. It is difficult to reach down and be- 
hind to make necessary adjustments of the pack, but a 
person can easily reach up and adjust the pack by using 
the loops on either side of the forehead. 

(c) Make mainstrings from rawhide or parachute 
suspension lines. Tie them to the lower corners of the 
pack, bring them up to the loops at the ends of the 
tumpline, and tie them with a slipknot. Experience is 
needed to estimate proper adjustments before putting 
on the pack; however, adjustments can always be made 
after the packstraps are adjusted. 





Figure 21-19. Tumpline. 
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(2) Tumpline Use. The tumpline should be tight 
enough to transfer about half of the weight of the 
pack/burden from the shoulders to the head. Occasion- 
ally, a heavy pack may cut off the blood circulation to 
the shoulders and arms. In such cases, a tumpline is of 
great value. By slight adjustments, most of the weight 
can be transferred to the head and neck, thereby loosen- 
ing the shoulder straps and permitting circulation to 
return to numb arms. A tumpline may cause the neck 
muscles to be sore for the first few days due to the 
unusual strain placed on them; however, this discomfort 
soon disappears. With practice, heavy weights can be 
Supported with only the neck and head. A tumpline can 
also be used to pack animal carcasses, firewood, or 
equipment. Since it can be rolled up and carried in a 
pocket, it can be a real aid to survival. 
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Chapter 22 


ROUGH LAND TRAVEL AND EVACUATION TECHNIQUES 


22-1. Introduction. There are survival situations where 
traveling over rough terrain is required. However, if it is 
necessary to travel in such areas, specialized skills, 
knowledge, and equipment are required. These skills 
may include rope management, specialized knots, be- 
laying and climbing techniques, prusik climbing, rope 
bridges, rappelling, litter evacuation, etc. The amount 
and type of equipment needed will depend on the type 
of operation (climbing, evacuation, etc.). 


22-2. Safety Considerations. A safety rope must be 
used when there is danger of the rescue team or climber 
falling. The rescue team leader will identify the mem- 
bers of the team who will climb together. Any member 
of the team may request to be roped during any moun- 
tain operation. The rope will be maintained as long as 
requested by any member. The rescue team leader will 
decide whether or not the entire team will rope up. 
Environmental factors may require a rapid retreat. Dur- 
ing these circumstances, when speed is critical, it may 
be desirable to unrope. The rescue team leader’s deci- 
sion to unrope may be overridden by any team member 
who desires to remain roped. This option pertains to 
areas such as ridge climbs and low-grade climbs when 
roping is not required. Solo climbing in severe terrain is 
not recommended. 


22-3. Climbing Ropes. Climbing ropes are made of syn- 
thetic fibers, such as nylon. The two essential qualities 
of a climbing rope are tensile strength and the ability to 
absorb the shock of a fall. This combination of elonga- 
tion plus strength varies with the type of rope 
construction. 

a. There are two basic types. The tensile strengths 
average 5,500 pounds, and the construction designs are 
called the Kernmantle and the Hauser Lay. 

(1) Kernmantle rope consists of a core of braided or 
twisted strands protected by a braided sheath. They 
have a 6 to 8 percent stretch factor. Depending upon 
use, Kernmantle ropes are 9 to 11 millimeter in diame- 
ter; standard lengths are 150 feet and 165 feet. Ropes 
for wet conditions are also available. 

(2) Mountain-Lay (three strand hard lay) ropes con- 
sist of a right-hand lay of three main strands twisted 
around each other. These ropes have a 9 to 13 percent 
stretch (twice as much as Kernmantle ropes) factor. 
They are constructed in 120-, 150-, and 165-foot lengths 
and are three-eights to seven-sixteenths inches in 
diameter. 

b. Climbing ropes and anchor slings require special 
care. Stepping on the ropes will grind abrasive dirt par- 
ticles into them which will cut the fibers of the rope. 
Contact between the rope and sharp corners or edges of 





rocks should be avoided. This may cut the rope. If the 
rope must run over a sharp edge, it should be padded 
(figure 22-1). The ropes should be kept dry because wet 
ropes are not as strong and collect more dirt. Do not 
hang ropes on sharp edges. Do not let one rope rub 
against another during use. Nylon rubbing on nylon will 
create friction which can burn through the rope(s). This 
is called weld abrasion. Smoking around ropes should 
be prohibited and they should not contact any source of 
excessive heat. Petroleum products will accelerate dete- 
rioration of nylon, When not in use, protect the rope 
from the ultraviolet rays of the Sun which also have a 
deteriorating effect on nylon. 

c. Before constructing any rope system, the ropes 
should be backcoiled or layed out. This is done by sim- 
ply removing the rope from the coil and, starting with 
one end, arranging the rope into neat overlapping loops 
on the ground. This inspection ensures the rope is free 
of knots or kinks (figure 22-1). 





DAMAGED 


Figure 22-1. Damaged Rope. 


(1) Before throwing the rope, one end should be 
secured. This end should be the standing end on the 
backcoil. Next, several small loops are taken from the 
working end and placed in one hand, several more loops 
are placed in the other hand. The throw is done by 
raising the hand closest to the rope end (running end) 


370 


Figure 22-2. The European Coil. 


over the head and throwing the loops out and down in 
the intended direction. The loops in the other hand are 
allowed to drop immediately after the running end is 
thrown. Properly done, the remaining rope will feed 
out. Before throwing the rope, the term “rope” should 
be sounded. This will alert anyone below to the danger 
of falling rope. Wait for the response “clear” if there is 
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someone below. Under normal conditions, there should 
be no knots in the rope or any equipment attached to 
the rope due to the possibility of the rope becoming 
entangled if it should snag on a rock, brush, etc. 

{2) Two common methods are used to coil rope: 

{a) The European coil is done by starting in the 
center of the rope, coiling the rope into 3-foot diameter 
loops until there is about !2 feet of rope tail left on the 
two ends. The ends are then wrapped three to four times 
around the coil, a bight is passed through the center of 
the coil, and the tails passed through the bight. This is 
then tightened down with two remaining tails of about 6 
feet. The coil can now be carried by placing the coil on 
the back, passing one end over each shoulder, between 
the arm and the chest, and passing around the back to 
return to the front of the body. The two ends are now 
secured at waist level (figure 22-2), 

(b) To form a mountain coil, one end of the rope 
is taken in one hand while the other hand is run along 
the rope until both hands are outstretched. The hands 
are then brought together forming a loop which is trans- 
ferred to one hand. This is repeated, forming uniform 
coils, until the entire rope is coiled. To secure the coil, a 
12-inch bight is made in the standing end of the rope 
and laid on top of the coil. Drop the last loop on the coil 
and take this length of rope and wrap it around the coil 
and the bight. The first wrap is made at the open end of 
the bight to lock. Continue to wrap toward the closed 
end of the bight until just enough rope remains to be 
tun through the inside of the bight. Pull the running end 
of the bight to secure the coil (figure 22-3). The coil may 
now be carried draped over a pack or over one shoulder 
and beneath the other. 





Figure 22-3. The Mountain Coil. 


22-4. Specialized Knots for Climbing and Evacuation. 
Each of the following knots have a specific purpose. 
These knots have survived the test of time and are used 
in maintaining operations. They are designed to have 
the least effect on the fiber of a rope lock without slip- 
ping, and they are easy to untie when wet and icy. All 
knots reduce the strength of ropes; however, these knots 
reduce the strength of the rope as little as possible. Most 
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Figure 22-4. The Water Knot. 


knots should be safetied with an overhand knot or two 
half hitches. A knot does not have to be safetied if the 
knot is designed for the middle of a line or if it is 15 feet 
or more from the end of the rope. 

a. The water knot or right bend is used for joining 
nylon webbing (figure 22-4). 

b. The double fisherman’s bend is used to securely 
join Kernmantle or hard lay lines (figure 22-5). 

c. The double figure-eight knot is used for temporarily 
joining Kernmantle or hard lay ropes (rappels, Tyrolean 
traverses) (figure 22-6A). Carabiners should be placed 
between lines within the knot to prevent the knot from 
clinching down when loaded. The figure-eight loop may 
be tied at the end or in the middle of a line establishing 
a fixed loop (figure 22-6B). If the loop is tied at the end 
of the line, then an overhand or single fisherman’s safety 
knot must be used. The figure eight on a bight is used to 
provide two loops from a single knot to attach to two 
different anchors (figure 22-7). 





Figure 22-5. Double Fisherman’s Bend. 
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Figure 22-6. Figure-Eight Loop. 


d. The butterfly is used to make a fixed loop in the 
middle of a line where the direction is between 120- to 
180-degree angles (figure 22-8). For angles less than 120 
degrees, a figure eight in a loop will suffice. For an angle 
of pull greater than 120 degrees, the figure eight will 
become weakened and begin to split. 











Figure 22-7. Figure-Eight with Two Loops. 
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Figure 22-8. Butterfly Knot. 


e. The prusik knot may be used to ascend a fixed line f. A three-loop bowline is a variation of the bowline 
or safety a rappel (figure 22-9). on a bight. It is used for three anchor points or as an 
improvised harness (figure 22-10). 

g. The mariner’s knot is a combination of two knots 
tied with a sling and a carabiner (figure 22-11) and used 








Figure 22-9. Prusik Knot. Figure 22-10. Three-Loop Bowline. 
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Figure 22-11. Mariner’s Knot. 


to transfer loads from one system to another. With a 
sling, a prusik is placed on the main rope (load rope). 
The remaining portion of the sling is then wrapped 
three times through the anchor carabiner and then three 
times around itself next to the carabiner. The remaining 
tail is tucked between the two sides of the sling. Tension 
may be gradually released by removing the wraps. 
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Figure 22-12. Improvised Seat Harness. 
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22-5. Special Equipment. Without proper equipment, 
safety is jeopardized and travel is impossible in severe 
terrain. 

a. Seat Harness. The seat harness is a safety sling 
which is used to attach the rope to the climber or rap- 
peller. It must be tied correctly for safety and comfort 
reasons. An improvised seat harness can be made of 
1-inch tubular nylon tape. The tape is placed across the 
back so the midpoint (center) is on the hip opposite the 
hand that will be used for braking during belaying or 
rappelling. Keep the midpoint on the appropriate hip, 
cross the ends of the tape in front of the body, and tie 
half of a surgeon’s knot (three or four overhand wraps) 
where the tapes cross (figure 22-12). The ends of the 
tape are brought between the legs (front to rear), around 
the legs, and then secured with a jam hitch to tape 
around the waist on both sides. The tapes are tightened 
by pulling down on the running ends of the tape. This 
must be done to prevent the tape from crossing between 
the legs (figure 22-12). Bring both ends around to the 
front and across the tape again. Then bring the tape to 
the opposite side of the intended brake hand and tie a 
square knot with an overhand knot or two half-hitch 
safety knots on either side of the square knot. The safety 
knots should be passed around as much of the tape as 
possible (figure 22-12). Once the seat harness has been 
properly tied, attach a single locking carabiner to the 
harness by clipping all of the web around the waist and 
the web of the half surgeon knot together. The gate of 
the carabiner should open on top and away from the 
climber. 

b. Commercial Seat Harness. A commercial seat 
harness is a climbing harness which is worn around the 
pelvic girdle and is used with climbing ropes for de- 
scending and ascending devices and for rescue evacua- 
tions. The harness is easily donned, comfortable, allows 
freedom of movement, and evenly distributes the body 
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A— CROTCH STRAP - TOP LOOP 


B— CROTCH STRAP - TWIN LOOP 
FOR CARABINER 


C— WAIST STRAP 
D—WAIST BELT 
E—TIE-IN LOOPS 
F—BUTTOCK STRAP 
G—THIGH STRAP 





Figure 22-13. Sit Harness. 





Figure 22-14. Parisian Bandolier. 
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weight to the pelvic region. Figure 22-13 identifies the 
parts of the harness. The seat harness webbing should be 
cared for in the same manner as all webbing. The plastic 
buckle should not be subject to direct jars since it may 
fracture or establish a weak point on the buckle which 
can fail when used. It is primarily constructed of nylon 
webbing with box stitching at juncture points. Small 
metal rings are sewn on the lower half of the waist belt 
and connected with 300-pound line for equipment stor- 
age. The harness should have tie-in loops. Webbing 
should not have tears, rips, burns, or have been subject- 
ed to chemical exposure. The plastic buckle should not 
have fracture marks, All seams and thread should be 
intact. Harnesses showing signs of excessive wear, tear, 
rips, burns, or exposure to chemicals should be removed 
from service. Fractured buckles should be replaced. 

c. Improvised Chest Harness. The Parisian bando- 
lier or chest harness is a secondary safety sling used to 
attach to a safety sling at the top of climbs or for top 
belaying on high-angle rappels. A Parisian bandolier is 
made from a continuous loop of webbing. The loop 
should be 3 to 4 feet long. The knot connecting the two 
ends of tape together is a water knot with an overhand 
knot or half hitch as safeties. To don the bandolier, 
place one arm through the loop and bring the running 
end of the loop behind the back and under the opposite 
arm. A sheet bend is tied in the center of the chest by 
using the center of the tape which was passed under the 
climber’s arm and inserted through the portion of bight 
formed by the tape that goes over the shoulder (figure 
22-14). 

d. Climbing Helmet. Climbers should wear this hard 
shell helmet which is designed to minimize injury dur- 
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Figure 22-15. Climbing Helmet. 


ing falls or when struck by a small object falling from 
above their position. The helmet consists of a hard shell 
which is held away from the head by a suspension sys- 
tem. The suspension system absorbs a portion of the 
blow to the top of the helmet. Helmet fit should be such 
that the side of the head is protected. A “Y” style strap 
system of lightweight webbing retains the helmet on the 
head better than a single strap, The headband is adjusta- 
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Figure 22-17. Breaking Strength of Carabiners. 
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ble to allow donning over a watch cap in cold weather 
(figure 22-15). The hard shell should not have cracks or 
breaks. The suspension system must be securely riveted 
in place. The straps must be free of cuts, frays, and 
securely fastened to the helmet. 

e. Gloves. Gloves should be worn when belaying or 
rappelling. Since these techniques are performed fre- 
quently, the gloves should be attached to the climber 
(rescuer) at all times. 

f. Slings. Slings have many uses in adverse terrain 
work—construction of anchor systems, stirrups to aid 
movement, attachment to chocks, improvised harness- 





Figure 22-18. Types of Carabiners. 





Figure 22-19. Nonlocking Carabiners. 
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Figure 22-20. Large Locking Carabiner. 


es, and to attach equipment to rope systems. Slings may 
be constructed from Mountain-Lay, Kernmantle, and 
flat or tubular nylon. The standard length for long slings 
is 13 feet with smaller slings cut to the individual task. 
For climbing, slings about 4 feet long, giving a circum- 
ference of 2 feet, are acceptable. Sling rope diameters 
for Mountain-Lay or Kernmantle are 5 mm, 7 mm, and 
9 mm while tape slings are usually one-half inch or 1 
inch wide. During construction of any system or sling- 
ing of chocks, the largest possible rope diameter or tape 
width should be used. Mountain-Lay and Kernmantle 
topes used for slings are the same as climbing ropes. 
Nylon webbing is constructed of multiple strands of 
nylon sewn in a weave pattern throughout the length. It 
should be constructed in flat or tubular shapes. Specific 


Figure 22-21. Hexcentric Chock with Kermantle Sling. 
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strengths are noted in figure 22-16. Nylon webbing 
which is burned, torn, cut, or frayed should be removed 
from service. If nylon webbing is suspected to be inferi- 
or due to shock, loading, or abuse, it should not be used. 

g. Carabiners. The carabiners used by climbers (res- 
cuers) fall into two material designs—aluminum alloy 
and chrome vanadium steel. Both material designs may 
be either locking or nonlocking. Alloy metals provide 
the maximum strength for adverse terrain work. As with 
ropes, carabiners are rated differently depending on the 
manufacturer. Figure 22-17 depicts the breaking 
strengths for the various types of carabiners, Aluminum 
alloy and chrome vanadium steel carabiners will be 
oval-shaped or D-shaped (figure 22-18). 

(1) Alloy standard oval (nonlocking) is shaped in an 
oval with a gate to allow access into the center of the 
oval. The gate contains a locking pin which fits into the 
locking notch when the gate is closed (figure 22-19). The 
alloy D-shape (nonlocking) is shaped in the fashion of a 
D which allows greater distribution of weight applied to 
the longer side. Features and operation are the same as 
the standard oval. 

(2) Alloy locking D or oval are both constructed the 
same as previously discussed but are machined with 
threads on the gate and a sleeve which, when screwed 
clockwise, will cover the locking notch and pin for a 
positive lock. The steel locking D is the same construc- 
tion as the alloy locking D, but is made of steel and is 
normally used for mountain rescue work (figure 22-20). 

(3) Carabiners should not be dropped or used for 
other than the designed purpose since small fracture 
lines may develop and weaken the structure. Carabiners 
should not be used as a hammer nor loaded (stressed) 
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Figure 22-22. Chocks. 


beyond their maximum breaking strength. The moving 
parts, hinge and sleeve, of locking carabiners should be 
kept clean for free movement. If a carabiner “binds,” do 
not oil it — discard it! Carabiners should not be filed, 
stamped, or marked with an engraving tool. Colored 
tape or Teflon paint may be used to identify carabiners. 
All moving parts (gate, locking sleeve) should operate 
freely and the locking pin must properly align with the 
locking notch. Obvious fractures, regardless of size, are 
cause for condemning a carabiner. 


h. Chocks: 

(1) Chocks are metal alloy or copper shapes with 
unequal sides which are placed within cracks in rocks to 
serve as anchor points or parts of a protection system. 
Figures 22-21 and 22-22 show the common chocks 
used. Each is designed to fit within a variety of cracks in 
rocks, Sizes vary from one-sixteeth inch thick by one- 
fourth inch wide to several inches thick and wide. The 
various shapes with uneven sides allow one size to fit 
many rock openings. Carrying different sizes of chocks 
allows a person to choose the most suitable chock for 
the job. Depending on the style, chocks are constructed 
differently and require a sling for use. 





(a) Copperhead. A cylindrical copper chock rang- 
ing from three-sixteeths inch in diameter by one-half 
inch long to one-half inch in diameter by 1 inch long. 
The relatively soft head bites well into rock and has 





Figure 22-23. Copperheads. 
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little rotation after placement. It is manufactured with a 
cable sling attached (figure 22-23). 

(b) Hexentric. A metal alloy chock constructed 
with six sides. Each side is a different length than the 
opposing side (figure 22-21}. The two ends are tapered, 
gradually getting smaller from the back to the front of 
the chock. The front of the hexentric chock is the nar- 
rowest of the faces. Small hexentric chocks are manufac- 
tured with wire slings and larger ones have two holes 
bored through the front to back for threading of a 
Kernmantle sling. Kernmantie slings vary with the size 
of the chock, from 5 mm to 9 mm. The largest sling size 
possible will be used with each chock. 

(c) Wedge. A solid alloy metal chock shaped in 
the form of a wedge. All four sides decrease in size from 
back to front. As with small hexentrics, small wedges 
are manufactured with wire slings while larger wedges 
require Kernmantle slings. 





Figure 22-24, Pitons. 
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{2) All chocks should be treated the same as carabi- 
ners. However, chocks will take considerable abuse 
since they are wedged in rock, and at times, the leverage 
of a hammer may be required to remove them. Chocks 
manufactured with wire slings and wedges should be 
closely monitored for security. If there is doubt about 
the condition of a wedge, it must not be used. Rope or 
tape slings on chocks must meet inspection require- 
ments. Cracks in any surface of the chock is cause to 
remove it from service. Small scratches or grooves on 
the outer surfaces are not cause for removal from 
service. 

i. Pitons. Pitons are metal alloy spikes of various 
shapes, widths, and lengths which are hammered into 
cracks in rock surfaces for anchor points or as part of a 
protection system. The different shapes are identified by 
name; each name has the same shape but comes in 
various sizes in length and width. Figure 22-24 depicts 
the types of pitons. Pitons are divided into two different 
categories—blades, whose holding power results from 
being wedged into cracks; and angles, which hold by 
wedging and blade compression. 

(1) Blades comprise those pitons which have flat 
surfaces and range in size from knife-blade thickness to 
one-half inch. 

(2) Angles are those which have rounded or V- 
shaped blades and allow the sharp edges to cut into the 
edge of a crack. Sizes vary from a short “shallow angle” 
of one-half inch thick and 2’ inches long 1o “bongs” 
(large angles of 4 inches in width). The leeper, a special 
Z-shaped angle, is designed to give greater holding pow- 
er due to its cutting ability and blade compression. 

(3) Pitons are made of chrome-molybdenum alloy 
metal which has a high strength versus weight ratio. 
Multiple holes further reduce the weight but do not 
compromise their strength. Pitons are virtually inde- 
structible. However, they should only be used for the 
designed purpose. Damage may occur during the place- 
ment of a piton by ineffective or off-center hammering. 
Pitons must not have cracks or be bent from the shape 
of manufacture. Any piton which is suspected of cracks 
or bends should be removed from service. 

j. Figure-Eight Clog. A mechanical friction device 
used for belaying, rappelling, and breaking while lower- 
ing personnel and equipment. The device is formed in a 
figure-eight (figure 22-25) with two different size open- 
ings comprising the inner holes. The rope is passed 
through the larger hole of the “8” and over the connect- 
ing portion of the device. The smaller hole is attached to 
a carabiner. The figure-eight clog is manufactured in 
various Sizes. 

k. Protection System (Belay System). This system is 
commonly referred to as a belay, securing of a climber 
tied to the end of a rope by a stationary second climber 
(figure 22-26A and 22-26B). 

(1) The major components of the belay system are 
(figure 22-27): 
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Figure 22-25. Figure-Eight Clog Direct Belay 
Installation. 


(a) An anchor—secure point to which the belayer 
is attached. 

(b) Belayer—individual responsible for the secur- 
ity of the climber. 

(c) Intermediate protection point(s)—placement 
of slings, chocks, or pitons along the route of climb by 
the lead climber. The climbing rope is threaded through 
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(D) ROPE 

{E} CLIMBER 
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Figure 22-26, Belay System (A) Bottom (B} Top. 
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carabiners attached to the devices and the climbing rope 
clipped into the carabiner, 

(d) Climbing rope size—11 mm Kernmantle or 
seven-sixteenths inch Goldline. 

(2) The minimum equipment for a belay system is 
divided between rescue team and personal equipment. 
Rescue team equipment is comprised of the items nec- 
essary for the climbers to reach the objective. These are 
the climbing rope and climbing hardware, including 
chocks, pitons, slings, and carabiners. Individual equip- 
ment is comprised of items which allow each climber to 
perform belaying and climb. These equipment items 
are climbing helmet, seat harness, climbing boots, and 
gloves (worn while belaying or rappelling only). 


22-6. The Successful Climb. The successful accom- 
plishment of a climb is based on the strict application of 
basic principles and techniques. 

a. Route Selection. Route selection can be the decid- 
ing factor in planning a climb. A direct line is seldom 
the proper route from a given point to the area of the 
survivor, Time spent at the beginning of the climbing 
operation in proper route selection may save a large 
amount of time once the operation has started. The 
entire route must be planned before it is carried out, 
with the safest route selected. Natural hazards present, 


{A) ANCHOR 

(B) BELAYER 

(C) INTERMEDIATE PROTECTION POINT 
(D) ROPE 

(E) CLIMBER 
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Figure 22-27. Belay Chain. 


retreat routes available, time involved to perform the 
climb, and logistics will be major influencing factors in 
selecting the route. 

b. Lead Climber Techniques. The lead climber is 
responsible for following the preplanned route of climb 
and altering the route as necessary. If the route of climb 
must be altered, consideration must be given to the 
experience of the climber(s). Climbing moves which are 
considered easy for the leader may be difficult for the 
second climber, Additionally, lead climbers must pro- 
vide for their own personal protection during climbs to 
minimize the distance of a possible fall. Each intermedi- 
ate protection point placed must be secure and follow as 
direct a line as possible. 

c. Protection Placement. The basic principle to 
placement of protection is to decrease the distance of a 
fall. If the protection is not placed at frequent intervals, 
the climber’s descent during a fall will equal twice the 
distance from the climber to the belayer. Slack in the 
belay system and rope stretch will slightly increase the 
distance. If a leader climbed 90 feet above the belayer 
without adding protection, the resultant fall will be 180 
feet plus slack and stretch (figure 22-28). The belayer is 
helpless to stop the leader’s fall in this situation. How- 
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ever, providing protection at intervals (figure 22-28) of 
15, 20, and 25 feet, for example, will decrease the dis- 
tance of a leader’s fall to a little over 30 feet, making it 
easier for the belayer to stop the fall. Preferably, protec- 
tion should be placed at about 10-foot intervals during 
all climbing operations to minimize the distance of a 
fall. 


(1) The leader can reduce the drag on the rope by 
climbing in as straight a line as possible through protec- 
tion points. The zigzagging of the climbing rope through 
protection points widely spaced or at abrupt angles (fig- 
ure 22-29) will increase rope drag. Ideally, when points 
of protection are separated, a sling should be added to 
the anchor to keep the climbing rope in a straight line 
{figure 22-29). The attachment of a sling to an interme- 
diate protection device is called a runner. 


(2) Chocks on wire should always have a runner 
placed on the wire as shown in figure 22-30. The runner 
reduces the direct rope movement of the wired chock, 
thereby reducing possible dislodgment. For all wired 
and roped chocks, runners should be clipped into a car- 
abiner at the chock, and the climbing rope clipped into 
an additional carabiner. 


(3) Pitons may also be extended in a similar man- 
ner to that used for chocks. If sufficient runners are not 
available on long climbs, a chock sling may be used. The 
climbing leader must correctly thread the climbing rope 


through the carabiners attached to the piton. The cara- 
biner should open either down and out or toward the 
belayer. Further, the rope running through the carabiner 
should run from the inside to the outside to prevent 
binding or the carabiner gate from opening. 

d. Leader Belay. The length of the climbing rope or 
the length of the route climbed will determine when a 
belay will be established by the leader. If the route is 
longer than a rope length, a belay must be established by 
the leader to protect the first belayer’s ascent to the 
leader’s position. The belay chain is established as 
shown in figure 22-31. The only alteration necessary to 
the belay chain would be if the second climber contin- 
ued the climb as the leader once the belayer’s (first lead- 
er’s) position is reached. This leap frogging of the leader 
is referred to as “climbing through”. The sequence for 
the climbing through method begins when the first lead- 
er reaches the end of the climbing rope length. The 
leader selects a suitable belay position when the belayer 
(second climber) states that approximately 20 feet of 
rope remain. With a suitable site selected, one that has 
anchor and an area for a standing or sitting belay, the 
lead climber belays. The second climber then climbs up 
to the lead climber. Once reaching the lead climber, the 
second climber assumes the lead climber’s role and con- 
tinues the climb. 
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Figure 22-28. Protection Placement. 
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Figure 22-29. Direct Placement. 
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Figure 22-30. Runner Placement on Chocks. 


(1) Terrain must be analyzed to find an efficient 
route of travel. The rescuer (climber) must make a de- 
tailed reconnaissance, noting each rock obstacle, the 
best approach, height, angle, type of rock, difficulty, dis- 
tance between belay positions, amount of equipment, 
and number of trained rescuers needed to accomplish 
the mission on or beyond the rocks. If the strata dips 
toward the rescuer, holds will be difficult as the slope 
will be the wrong way. However, strata sloping away 
from the rescuer and toward the mountain mass pro- 
vides natural stairs with good holds and ledges. 

(2) At least two vantage points should be used so a 
three-dimensional understanding of the climb can be 
attained, Use of early morning or late afternoon light, 
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Figure 22-31. Belay Chain. 
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with its longer shadows, is helpful in this respect. Actual 


ground reconnaissance should be made, if possible. 


e. Dangers to Avoid: 


(1) On long routes, changing weather will be an 
important consideration. Wet or icy rock can make an 
otherwise easy route almost impassable; cold may re- 
duce climbing efficiency; snow may cover holds. A 
weather forecast should be obtained if possible. Smooth 
rock slabs are treacherous, especially when wet or iced 
after freezing rain. Ledges should then be sought. Rocks 
overgrown with moss, lichens, or grass become treacher- 
ous when wet. Under these conditions, cleated boots are 
by far better than composition soles. 


(2) Tufts of grass and sma! bushes that appear firm 
may be growing from loosely packed and unanchored 
soil, all of which may give way if the grass or bush is 
pulled upon. Grass and bushes should be used only for 
balance by touch or as push holds—never as pull holds. 
Gently inclined but smooth slopes of rock may be cov- 
ered with pebbles that may roll treacherously underfoot. 


{3) Ridges can be free of loose rock, but topped 
with unstable blocks. A route along the side of a ridge 
just below the top is usually best. Gullies provide the 
best protection and often the easiest routes, but are 
more subject to rockfalls. The side of the gully is rela- 
tively free from this danger. Climbing slopes of talus, 
moraines, or other loose rock are not only tiring to the 
individual but dangerous because of the hazards of roll- 
ing rocks to others in the party. Rescuers should close 
up intervals when climbing simultaneously. In electrical 
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Figure 22-32. Sitting Belay. 


storms, lightning can endanger the climber. Peaks, 
ridges, pinnacles, and lone trees should be avoided. 

(4) Rockfalls are the most common mountaineering 
danger. The most frequent causes of rockfalls are other 
climbers, heavy rain and extreme temperature changes 
in high mountains, and resultant splitting action caused 
by intermittent freezing and thawing. Warning of a 
rockfall may be the cry “ROCK,” a whistling sound, a 
grating sound, a thunderous crashing, or sparks where 
the rocks strike at night. A rockfall can be a single rock 
or a rockslide covering a relatively large area. Rockfalls 
occur on all steep slopes, particularly in gullies and 
chutes. Areas of frequent rockfalls may be indicated by 
fresh scars on the rock walls, fine dust on the talus piles, 
or lines, grooves, and rock-strewn areas on snow be- 
neath cliffs. Immediate action is to seek cover, if possi- 
ble. If there is not enough time to avoid the rockfall, the 
climber should lean into the slope to minimize expo- 





sure. Danger from falling rock can be minimized by 
careful climbing and route selection. The route selected 
must be commensurate with the ability of the least ex- 
perienced team member. (NOTE: Yell “rock” when 
equipment is dropped.) 


22-7. Belaying: 

a. Belaying provides the safety factor or tension, 
which enables the party to climb with greater security. 
Without belaying skill, the use of rope in party climbing 
is a hazard. When climbing, a climber is belayed from 
above or below by another rescue team member. 

{1) The belayer must run the rope through the guid- 
ing hand, which is the hand on the rope running to the 
climber or rescuer, and around their body to the brake 
hand, making certain that it will slide readily. The be- 
layer must ensure that the remainder of the rope is laid 
out so it will run freely through the braking hand. 
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Figure 22-33. The Belay Sequence. 


(2) The belayer must constantly be alert to the 
chmber’s movements in order to anticipate any needs. 
Avoid letting too much slack develop in the rope 
through constant use of the guiding hand. Keep all slack 
out of the rope leading to the rescuer, thus sensing any 
movement. If belaying a lead climber, the climber will 
need a constant flow of slack while climbing. If the rope 
is fed too slow or fast, the climber must communicate 
with the belayer to adjust the rate. Avoid taking up 
slack too suddenly to prevent throwing the climber off 
balance. When taking up slack, the braking hand is not 
brought in front of the guiding hand, but just behind the 
guiding hand. This allows the braking hand to slide 
back and to remain constantly on the rope. The braking 
hand is never removed from the rope during a belay. 

(3) The belayer should brace well for the expected 
direction of pull in a fall so the force of the pull will, 
when possible, pull the belayer more firmly into posi- 
tion. A climber should neither trust nor assume a belay 
position which has not been personally tested. 

b. The sitting belay is normally the most secure and 
preferred position (figure 22-32). 

(1) The belayer sits and attempts to get good trian- 
gular bracing position with the legs and buttocks. Legs 
should be straight when possible, and the guiding hand 
must be on the side of the better braced leg. The rope 
should run around the hips. If the belay spot is back 
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TO LET ROPE RUN TO STOP ROPE 





from the edge of a cliff, friction of the rope will be 
greater and will simplify the holding of a fall, but the 
direction of pull on the belayer will be directly outward. 
The rope must not pass over sharp edges. 

(2) Even with a good belay stance, if the rope is too 
high or too low on the back of a belayer, the belayer may 
be unable to hold a falling climber (figure 22-32). With 
the rope too high on the back of the belayer, on a bot- 
tom belay, the rope will ride up in the belayer’s armpits. 
(NOTE: Rope should run under the anchor.) This will 
pull the belayer forward and off balance if a climber 
were to fall. If the rope is too low on the back of a 
belayer, the rope will be pulled under the buttocks of the 
belayer. (NOTE: Rope should run on top of the anchor.) 
This will force the belayer to attempt to stop the fall by 
trying to hold onto the rope. 

(3) When necessary, seek a belay position that of- 
fers cover from a rockfall. 

(4) If the climber falls, the belayer should be able to 
perform the following movements automatically. 

(a) Relax the guiding hand. 

(b) Apply immediate braking action, This is done 
by bringing the braking hand across the chest or in front 
of the body (figure 22-33). 


c. When a falling climber has been brought to a stop, 
the belayer must hold until the situation is relieved. 
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There are different ways to do this. If the climber 1s 
alright and can safely climb onto the rock or can be 
lowered to a secure ledge, all is well. However, the 
climber may be injured, or there may be no place to 
which the climber can be lowered. The belayer cannot 
continue holding the climber. The belayer must be re- 
lieved to assist the climber in the next step. This can be 
done by using a prusik sling. If the belayer is alone, the 
braking hand will hold the static climber while the other 
hand is free to anchor the belay line. This particular 
method is only good when using a belay anchor. Follow 
the procedure shown in figure 22-34. Climbers who are 
in good condition can either prustk up or pendulum 
across to a ledge. 


22-8. Communications. Because constant communica- 
tion between the belayer and climber is essential for 
safety, a standard group of climbing commands must be 
mastered. 

a. Communications while climbing must be as simple 


Figure 22-34. Safety Off the Belay Line. 
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as possible and single words are preferred. Communica- 
tions in the form of commands are necessary when 
climbing. Commands which sound alike should be 
avoided. The command system follows a set pattern 
which leads to safe climbing and ensures that belays are 
used. Commands should be clear, specific, and given in 
a loud voice. The sequence of the system should not be 
broken. A review of the command system should be 
made before any climb, The European command has all 
the necessary commands to ensure safety. Only one 
command has a reply; the other commands are an- 
swered by the next command in the system. Sounding 
off the next command is not done until the require- 
ments of the prior command are complete. 

b. Commands are generally climber initiated. The be- 
layer, in each instance, acknowledges when commands 
are heard and understood. If the command is not under- 
stood, the belayer should not say anything. The silence 
indicates to the climber that the belayer doesn’t know 
what is happening. The command must be repeated. 
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(1) The following are the standard commands used: 


(a) Initiation of a Climbing Sequence: 

-l. “ON BELAY”—a signal indicating the 
climber is secured on the end of the rope and asks if 
belayer is ready. 

-2. “BELAY ON”—(the belayer acknowledges 
the climber) means the belayer is in position and ready. 

-3. “BELAY TEST”—the climber is asking to 
test the belay. 

-4, “TEST”— signifies the belayer is ready for 
the climber to gradually apply weight on the rope. Re- 
leasing of the tension will indicate the test is finished. 

-5. “UP ROPE”—the climber is directing the 
belayer to take up the slack. 

-6. Belayer response: “ROPE UP.” 

-7. “THAT’S ME”—the climber signifies to the 
belayer that the tension felt on the rope is the climber. 

-8. Belayer response: “THANK YOU.” 

-9. “CLIMBING”—the climber signifies the 
climber has chosen a route and is ready to climb. 

-10. “CLIMB ON”—the belayer is acknowl- 
edging being ready for the climber to begin climbing. 
The climber will not start climbing before the command 
is heard. 


(b) General Commands used while Climbing: 

-L. *TENSION”—the climber is telling the be- 
layer to take up all of the slack in the rope. This com- 
mand is given if the climber needs assistance or there is 
an impending fall. 

-2. Belayer responds with: “TENSION ON.” 

-3. “RESTING”—the climber is in a position 
for rest; belayer will lock brake across waist. 

-4, Belayer responds with: “REST ON.” 

-5. When the climber begins again the com- 
mand of “CLIMBING” will be given and “CLIMB ON” 
is given when the belayer is ready. 

-6. “SLACK —_ FEET”—the climber will use 
this command when slack is needed in the rope to get 
over a difficult section or traverse. The climber should 
say “SLACK” and then the estimated number of feet 
the climber needs. Belayer will respond by repeating the 
number of feet of slack given, The climber will indicate 
that enough slack has been given by saying “THANK 
YOU.” 

-7, The command “FALLING” should be giv- 
en when the climber is going to fall. This provides the 
belayer adequate time to apply the brake. Before con- 
tinuing the climb, the climber will give the command 
“CLIMBING.” 


(c) Commands to Terminate the Climbing 
Sequence: 

-1. “OFF BELAY”—the climber uses this com- 

mand to indicate the climber is secure and through 
climbing. 
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-2. “BELAY OFF”—the belayer uses this com- 
mand to indicate the brake hand is off the rope and the 


climber is no longer on belay. 


22-9. Anchors. Anchors are secure points in the belay 
chain providing protection for the belayer and the 
climber. Anchor systems must be able to withstand high 
loads. The basis for any type anchor is strong, secure 
points for attachment. 


a. Anchor Points. Anchor systems may be simple and 
consist of a single anchor point, or complex and consist 
of multiple anchor points. Anchor points are divided 
into two classes—natural and artificial. Anchor systems 
may be constructed entirely of one class, or a combina- 
tion of the two. 


(1) Natural Anchor Points (figure 22-35): 
(a) Spike. A spike is a vertical projection of rock. 
For use as an anchor point, a sling is placed around the 
spike. 


(b} Rock Bollard. A rock bollard is a large rock or 
portion of such a rock which has an angular surface 
enabling a sling or rope to be placed around it in such a 
manner that will not allow it to slip off. Care must be 
taken to ensure the bollard will not be pulled loose when 
subjected to a sudden load. 





Figure 22-35. Natural Anchor Points. 
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Figure 22-36. Placement of Chocks. 


(c) Chockstone. A natural chockstone is a secure- 
ly wedged rock providing an anchor point for a sling. In 
most cases, the rock is wedged within a crack. 

(d) Tree. Trees often make very secure anchor 
points. A rope can be tied directly to the tree (or a sling 
doubled around the tree and connected by a carabiner). 
In loose or rocky soil, trees should be carefully watched 
and avoided if other anchor points are available. 

(2) Artificial Anchor Points. Artificial anchor points 
are those constructed from equipment carried by the 
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team. These are usually the chocks or pitons placed in 
cracks or bolts drilled in the rock. 

(a) Chock Placement. The basic principle is to 
wedge the selected chock into a crack so that a pull in 
the direction of fall will not pul! the chock out. The 
proper method is to select a crack suitable for an anchor 
point and select a chock to fit that crack. The chock 
chosen should closely fit the widest portion of the crack. 
Work the chock into the crack until it is securely seated. 
It should be seated so that the load will come on the 
entire chock without rotating it out of position. When 
the chock is in place, jerk hard on the attached sling in 
the direction of fall to ensure it is well seated. (Ensure 
the chock cannot continue to work downward to a larger 
area of the crack and become dislodged). A chock may 
also be placed so that its pull is in one direction while 
the second chock has a pull in the opposing direction. 
One sling is passed through the !oop of the other chock. 
A force exerted downward will pull the two chocks to- 
ward each other along the axis of the crack. In vertical 
cracks, the lower sling should be passed through the 
upper for best results. The two chocks should be placed 
far enough apart so neither sling will reach the other 
chock. Figure 22-36 shows the various types of chocks 
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Figure 22-37. Placement of Pitons. 
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USE SLINGS TO REDUCE THE DISTANCE BETWEEN 
THE ANCHOR AND THE EQUALIZING SYSTEM; 
THIS WILL MINIMIZE THE AMOUNT OF SHIFT IF AN 
ANCHOR FAILS. 
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Figure 22-38. Equalizing Anchor. 


and their placement. (NOTE: Chocks are preferred 
over pitons and bolts since they do not deface the rock.) 

(b) Piton Placement. Basically, the use of pitons 
is a matter of locating a crack, selecting a piton which 
fits, driving the piton in, clipping a carabiner to the eye, 
and attaching the rope system to the carabiner. 

-]. First look at the crack to decide the best 
position for driving the piton. The piton should be driv- 
en into the wider portion of the crack to reduce the 
likelihood of shifting or rotating under pressure. The 
crack must not widen or flare internally and not have a 
change in direction of more than 15 to 20 degrees. 

-2. Before driving, the piton should fit one-half 
to two-thirds of the blade length into the crack. Drive 
until only the eye protrudes or the piton meets resis- 
tance. Do not attempt to overdrive the piton because it 
may fracture. Lightly tap the piton to test for movement 
or improper seating. If movement is noted, remove the 
piton and replace it with the next larger size or locate 
another anchor position, The proper placement of pi- 
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tons in horizontal cracks is with the eye down. If the 
piton cannot be driven into the rock until only the eye 
protrudes, it may be tied off by placing a short sling 
around the piton with a girth or clove hitch as close to 
the rock as possible. In this case, the sling should be 
used as the attachment point and not the eye of the 
piton. Figure 22-37 shows the proper placement of 
pitons, 


b. Anchor System. The purpose of an anchor system 
is to unite weak anchor points into a strong anchor 
system. Systems are divided into two classes—equaliz- 
ing and nonequalizing. 


(1) Equalizing systems are constructed so that if 
there is a change in direction of the load, the stress will 
be equally distributed to all anchor points. One major 
problem with this system is that if one point fails, the 
remaining points will be shock loaded (figure 22-38). 


(2) Nonequalizing systems are constructed when a 
change of direction is not expected. The major advan- 
tage is the entire load is shared by the anchor points 
equally and would require the entire system to fail 
before coming loose. Any multipoint anchor system tied 
together so the attaching rope does not slip would be 
considered nonequalizing. 


22-10. Climbing: 

a. Balance Climbing. Balance climbing is the type of 
movement used to climb rock faces. It is a combination 
of the balance movement of a tightrope walker and the 
unbalanced climbing of a person ascending a tree or 
ladder. During the process of route selection, the climb- 
er should mentally climb the route to know what is 
expected. Climbers should not wear gloves when bal- 
ance climbing. 

(1) Body Position. The climber must keep good 
balance when climbing (the weight placed over the feet 
during movement). (See figure 22-39.) The feet, not the 
hands, should carry the weight (except on the steepest 
cliffs). The hands are for balance. The feet do not pro- 
vide proper traction when the climber leans in toward 
the rock. With the body in balance, the climber moves 
with a slow, rhythmic motion. Three points of support, 
such as two feet and one hand, are used when possible. 
The preferred handholds are waist to shoulder high. 
Resting is necessary when climbing because tense mus- 
cles tire quickly. When resting, the arms should be kept 
low where circulation is not impaired. Use of small 
intermediate holds is preferable to stretching and cling- 
ing to widely separated big holds. A spread-eagle posi- 
tion, where a climber stretches too far (and cannot let 
g0), should be avoided. 
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Figure 22-39. Body Position. 


(2) Types of Holds: 


{a) Push Holds. Push holds are desirable because 
they (figure 22-40) help the climber keep the arms low; 
however, they are more difficult to hold onto in case of a 
slip. A push hold is often used to advantage in combina- 
tion with a pull hold. 
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(b) Pull Holds. Pull holds (figure 22-41) are those 
that are pulled down upon and are the easiest holds to 
use, They are also the most likely to break out. 

(c) Jam Holds. Jam holds (figure 22-42) involve 
jamming any part of the body or extremity into a crack. 
This is done by putting the hand into the crack and 
clenching it into a fist or by placing the arm into the 





Figure 22-40. Push Holds. 


crack and twisting the elbow against one side and the 
hand against the other side. When using the foot in a 
jam hold, care should be taken to ensure the boot is 
placed so it can be removed easily when climbing is 
continued. 


(d) Combination Holds. The holds previously 
mentioned are considered basic and from these any 
number of combinations and variations can be used. 
The number of these variations depends only on the 
limit of the individual’s imagination. Following are a 
few of the more common ones: 


-1. The counterforce (figure 22-43) is attained 
by pinching a protruding part between the thumb and 
fingers and pulling outward or pressing inward with the 
arms. 





Figure 22-41. Pull Holds. 
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-2. The lay-back (figure 22-44} is done by lean- 
ing to one side of an offset crack with the hands pulling 
and the feet pushing against the offset side. Lay-backing 
is a classic form of force or counterforce where the 
hands and feet pull and push in opposite directions 
enabling the climber to move up in a series of shifting 
moves. It is very strenuous. 


-3, Underclings (figure 22-45) permit cross 
pressure between hands and feet. 


-4, Mantleshelving, or mantling, takes advan- 
tage of down pressure exerted by one or both hands on a 
slab or shelf. By straightening and locking the arm, the 
body is raised, allowing a leg to be placed on a higher 
hold (figure 22-46). 


(e) Chimney Climb. This is a body-jam hold used 
in very wide cracks (figure 22-47). The arms and legs are 
used to apply pressure against the opposite faces of the 
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Figure 22-42. Jam Holds. 
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Figure 22-43. Combination Holds. 


rock in a counterforce move. The outstretched hands 
hold the body while the legs are drawn as high as possi- 
ble. The legs are flexed forcing the body up. This proce- 
dure is continued as necessary. Another method is to 
place the back against one wall and the legs and arms 
against the other and “worm” upward (figure 22-47). 


b. Friction Climbing: 

(1) A slab is a relatively smooth portion of rock 
lying at an angle. When traversing, the lower foot is 
pointed slightly downhill to increase balance and fric- 
tion of the foot. All irregularities in the slope should be 
used for additional friction. On steep slabs, it may be 
necessary to squat with the body weight well over the 
feet with hands used alongside for added friction. This 
position may be used for ascending, traversing, or de- 
scending. A slip may result if the climber leans back or 
lets the buttocks down. Wet, icy, mossy, or a scree- 
covered slab is the most dangerous. 

(2) Friction holds (figure 22-48} depend solely on 
the friction of hands or feet against a relatively smooth 
surface with a shallow hold. They are difficult to use 
because they give a feeling of insecurity which the inex- 
perienced climber tries to correct by leaning close to the 
rock, thereby increasing the insecurity. They often serve 
well as intermediate holds, giving needed support while 
the climber moves over them; however, they would not 
hold if the climber decided to stop. 
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Figure 22-45. Underclings. 


c. Prusik Climbing. Prusiking is a method of ascen- 
sion using a fixed rope (figure 22-49). This method does 
not require a belay. With two prusik slings, a chest 
prusik sling, and a carabiner, a person can climb the 
length of a fixed rope. The slings are attached with 
prusik knots that grip tightly when loaded yet slide 
when the load is removed. Prusiking is strenuous and 
requires the use of both hands and both feet, hence it is 
no system for a badly injured person. Prusik slings are 
usually made from lengths of 7 mm Kernmantle or 
Mountain-Lay rope. Smaller diametet rope is less bulky 
and grips the climbing rope better, but in practice the 
knots are very difficult to work with gloved hands and is 
not recommended. To allow the climber to make maxi- 
mum steps up with each foot in turn, the longer foot 
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sling should extend to about nose level and the other to 
several inches below the waist loop. Both prusicks 
should have loops just big enough for the foot. The 
chest sling is just long enough to keep the climber from 
toppling backwards when rigged. Standing upright with 
all the weight bearing on the foot slings, the climber lifts 
one foot and raises its unweighted knot. Now, stepping 
up and shifting weight onto this sling, it is repeated with 
the other foot. The climb is less tiring when the foot 
slings are of different lengths, allowing the climber to 
take equal steps with both feet. There is some difficulty 
in sliding the knots when the rope is wet or the slings are 
made from laid rope. Spinning is also a potential prob- 
lem under overhangs where the wall cannot be touched 
to maintain stability, particularly when climbing a laid 


rope. While a rescuer (climber) is ascending via the 
prusik method, companions have little to do except 
guard the anchors and prepare to lift the climber over 
the edge. 


22-11. Rappelling. The climber with a rope can descend 
quickly by sliding down a rope which has been doubled 
around such anchor points as a tree, a projecting rock, 
or several artificial anchors secured to each other with 
sling rope. 


a. Establishing a Rappel. In selecting the route, the 
climber should be sure the rope reaches the bottom ora 
place from which further rappels or climbing can be _ 
done. The rappel point should be carefully tested, and 
inspected to ensure the rope will run around it when one 
end is pulled from below and the area is clear of loose 
rocks. If a sling rope is used for a rappel point, it should 
be tied twice to form two separate loops. The first per- 
son down chooses a smooth route for the rope which is 
free of sharp rocks. Place loose rocks, which the rope 
might later dislodge, far enough back on ledges to be out 
of the way. The rappeler should ensure the rope runs 
freely around the rappel point when pulled from below. 
Each person down will give the signal “OFF RAPPEL,” 
straighten the rope, and ensure the rope runs freely 
around its anchor. When silence is needed, a prear- 
ranged signal of pulling on the rope is substituted for 
the vocal signal. Recover the rope when the last person 
is down. The rope should be pulled smoothly to prevent 
the rising end from whipping around the rope. Climbers 
should stand clear of falling rope and rocks which may 
be dislodged. The rope should be inspected frequently if 
a large number of people are rappelling. Rappeilers 
should wear gloves during rappels to protect the palms 
from rope burns. 


b. Types of Rappel. The type of rappel is determined 
by the steepness of the terrain. The hasty rappel is used 
only on moderate pitch slopes. The body rappel may be 
used on moderate to severely pitched slopes, but never 
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Figure 22-47. Chimney Climbing. Figure 22-48. Friction Holds. 





Figure 22-49, Prusiking. 


used on overhangs. The seat rappel is used on very steep 
pitches, including overhangs. 


(1) The Hasty Rappel (figure 22-50). Facing slightly 
sideways to the anchor, the climber places the ropes 
across the back. The hand nearest the anchor is the 
guiding hand. To stop, the rappeller brings the braking 
hand across in front of the body, and at the same time 
turns to face the anchor point. 


(2) The Body Rappel (figure 22-51). The climber 
faces the anchor point and straddles the rope; then pulls 
the rope from behind, runs it around either hip, diago- 
nally across the chest, and back over the opposite shoul- 
der. From there the rope runs to the braking hand which 
is on the same side of the hip that the rope crosses (for 
example, the right hip to the left shoulder to the right 
hand). The climber should lead with the braking hand 
down and should face slightly sideways. The foot corre- 
sponding to the braking hand should precede the other 
at all times. The guiding hand should be used only to 
guide and not to brake. To rappel, lean out at a 45-de- 
gree angle to the rock. Keep the legs well spread and 
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relatively straight for lateral stability, and the back 
straight since this reduces unnecessary friction. The col- 
lar should be turned up to prevent rope burns on the 
neck. Gloves should be worn and any other articles of 
clothing may be used as padding for the shoulders and 
buttocks. To brake, lean back and face directly into the 
rock so the feet are flat on the rock. 


(3) Four-Carabiner Seat Rappel. Seat rappels differ 
from the body and hasty rappels in that the friction is 
primarily absorbed by a carabiner in the sling rope seat 
worn by the rappeller. The rappeller stands to one side 
of the rope (when braking with the right hand on the left 
and when braking with the left hand on the right). Some 
slack between the carabiner and the anchor point is 
taken up and brought through two carabiners which are 
attached to the harness and are horizontal and reversed 
and opposed (figure 22-52}. Two additional carabiners 
are clipped from opposite sides, gates down, at 90 de- 
grees to the original carabiners to form a friction brake 
bar (figure 22-53). 


c. Body Position. The body must be perpendicular to 
the face of the rock, and the feet must be about shoulder 
width apart and flat on the rock (figure 22-54), To de- 





Figure 22-50. Hasty Rappel. 
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Figure 22-51. Body Rappel. 


scend, hold the brake out to the side to reduce friction, 
To brake, cinch down on the rope and move the brake 
hand to the small of the back. 


22-12. Overland Snow Travel. Cold-weather operations 
conducted in snow-covered regions magnify the difficul- 
ties of reaching a survivor and effecting an extraction. 
Routes of travel surveyed from the air may not be possi- 
ble from the ground. A straight line from the insertion 
point to the objective is the most desired route; howev- 
er, inherent dangers (avalanches, collapsing cornices, 
etc.) may necessitate an alternate route entailing a long- 
er trek. During all operations, safety, and not ease of 
travel, will be the primary concern. 


a. Snow Conditions. Travel time varies from hour to 
hour. Certain indicators may assist in the direction of 
travel; that is, the best snow condition is one which 
supports a person on or near the surface when wearing 
boots and the second best is calf-deep snow conditions. 
If possible avoid traveling in thigh- or waist-deep snow. 
Snowshoes should be worn when conditions dictate. 


(1) South and west slopes offer hard surfaces late in 


the day after exposure to the Sun and the surface is REVERSED 


refrozen. East and north slopes tend to remain soft and 
unstable. Walking on one side of a ridge, gully, clump of Figure 22-52. Seat Rappel (Carabiners). 
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Figure 22-54. Body Position for Rappel. 
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trees, or large boulders is often more solid than the 


other side. Dirty snow absorbs more heat than clean _ 


snow; slopes darkened by rocks, dust, or uprooted vege- 
tation usually provide more solid footing. Travel should 
be done in the early morning after a cold night to take 
advantage of stable snow conditions. Since sunhght 


affects the stability of snow, travel should be concen- 
trated in shaded areas where footing should remain 
stable. 

(2) In areas covered by early seasonal snowfall, 
travel between deep snow, and clear ground must be 
done cautiously. Snow on slopes tends to slip away 
from rocks on the downhill side, forming openings. 
These openings, called moats, are filled by subsequent 
snowfalls. During the snow season, moats below large 
rocks or cliffs may become extremely wide and deep, 
presenting a hazard to the rescue team. 


b. Travel Speed. An over-zealous drive to reach an 
objective may be too fast for the endurance of the team. 
Fast starts at the point of insertion usually result in 
frequent stops for recuperation. The best way to reach 
an objective is to start with a steady pace and continue 
that pace throughout. Movement at reasonable speeds, 
with rest stops as required, will help prevent team 
“burnout.” The following considerations further ensure 
steady advancement with minimal degradation to the 
team. A steady pace helps maintain an even rate of 
breathing. After the initial period of travel; that is, one- 
half hour, a shakedown rest should be initiated to adjust 
boots, snowshoes, crampons, packs, etc., or to remove 
or add layers of clothing. 


¢. Snowshoe Technique. A striding technique is used 
for movement with snowshoes. In taking a stride, the 
toe of the snowshoe is lifted upward to clear the snow 
and thrust forward. Energy is conserved by lifting the 
snowshoe no higher than is necessary to clear the snow. 
If the front of the snowshoe catches, the foot is pulled 
back to free it and then lifted before proceeding with the 
stride. The best and least exertive method of travel is a 
loose-kneed rocking gait in a normal rhythmic stride. 
Care should be taken not to step on or catch the other 
snowshoe. 

(1) On gentle slopes, ascent is made by climbing 
straight upward. (Traction is generally very poor on 
hard-packed or crusty snow.) Steeper terrain is ascended 
by traversing and packing a trail similar to a shelf. 
When climbing, the snowshoe is placed horizontally in 
the snow. On hard snow, the snowshoe is placed flat on 
the surface with the toe of the upper one diagonally 
uphill to get more traction. If the snow will support the 
weight of a person, it is better to remove the snowshoes 
and temporarily proceed on foot. In turning, the best 
method is to swing the leg up and turn the snowshoe in 
the new direction of travel. 
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(2) Obstacles such as logs, tree stumps, ditches, and 
small streams should be stepped over. Care must be 
taken not to place too much strain on the snowshoe 
ends by bridging a gap, since the frame may break. In 
shallow snow, there is danger of catching and tearing 
the webbing on tree stumps or snags. Wet snow will 
frequently ball up under the feet, making walking un- 
comfortable. This snow should be knocked off with a 
stick or pole. 

(3) Generally, ski poles are not used in snowshoe- 
ing; however, one or two poles are desirable when carry- 
ing heavy loads, especially in mountainous terrain. The 
bindings must not be fastened too tightly or circulation 
will be impaired and frostbite can occur. During stops, 
bindings should be checked for fit and possible 
readjustment. 


d. Uphill Travel. Maximum altitude may be obtained 
with less effort by traversing a slope. A zigzag or switch- 
back route used to traverse steep slopes places body 
weight over the entire foot as opposed to the balls of the 
feet as in a straight line uphill climb. An additional 
advantage to zigzagging or switchbacking is alternating 
the stress and strain placed on the feet, ankles, legs, and 
arms when a change in direction is made. 

(1) When a change in direction is made, the body is 
temporarily out of balance. The proper method for turn- 
ing on the steep slope is to pivot on the outside foot (the 
one away from the slope). With the upper slope on the 
right side, the left foot (pivot foot) is kicked directly 
into the slope. The body weight is transferred onto the 
left foot while pivoting toward the slope. The slope is 
then positioned on the left side and the right foot is on 


~ the outside. 


(2) In soft snow on steep slopes, pit steps must be 
stamped in for solid footing. On hard snow, the surface 
is solid but slippery, and level pit steps must be made. 
In both cases, the steps are made by swinging the entire 
leg in toward the slope, not by merely pushing the boot 
into the snow. In hard snow, when one or two blows do 
not suffice, crampons should be used. Space steps evenly 
and close together to facilitate ease of trave! and bal- 
ance. Additionally, the lead climber must consider the 
other team members, especially those who have a short- 
er stride. 

(3) The team should travel in single file when as- 
cending, permitting the leader to establish the route. 
The physical exertion of the climbing leader is greater 
than that of any other team member. The climbing lead- 
er must remain alert to safeguard other team members 
while choosing the best route of travel. The lead func- 
tion should be changed frequently to prevent exhaus- 
tion of any one individual. Team members following 
the leader should use the same leg swing technique to 
establish foot positions, improving each step as they 
climb. Each foot must be firmly kicked into place, se- 
curely positioning the boot in the step. In compact 
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snow, the kick should be somewhat low, shaving off 
snow during each step, thus enlarging the hole by deep- 
ening. In very soft snow, it is usually easier to bring the 
boot down from above, dragging a layer of snow into 
the step to strengthen and decrease the depth of it. 

(4) When it is necessary to traverse a slope without 
an increase in elevation, the heels rather than the toes 
form the step. During the stride, the climber twists the 
leading leg so that the boot heel strikes the slope first, 
carrying most of the weight into the step. The toe is 
pointed up and out. Similar to the plunge step, the heel 
makes the platform secure by compacting the snow 
more effectively than the toe. 


e. Descending. The route down a slope may be differ- 
ent from the route up a slope. Route variations may be 
required for descending different sides of a mountain or 
moving just a few feet from icy shadows onto sun-soft- 
ened slopes. A good surface snow condition is ideal for 
descending rapidly since it yields comfortably under- 
foot. The primary techniques for descending snow-cov- 
ered slopes are plunge stepping and descending step by 
step. 

(1) The plunge step makes extensive use of the heels 
of the feet (figure 22-55) and is applicable on scree as 
well as snow. Ideally, the plunging route should be at an 
angle, one that is within the capabilities of the team and 
affords a safe descent. The angle at which the heel 
should enter the surface varies with the surface hard- 
ness. On soft snow slopes, almost any angle suffices; 
however, if the person leans too far forward, there is a 
risk of lodging the foot in a rut and inflicting injuries. 





Figure 22-55. Plunge Step. 
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On hard snow, the heel will not penetrate the surface 
unless it has sufficient force behind it. Failure to firmly 
drive the heel into the snow can cause a slip and subse- 
quent slide. The quickest way to check a slip is to shift 
the weight onto the other heel, making several short, 
stiff-legged stomps. This technique is not intended to 
replace “the ice arrest” technique which is usually more 
effective. When roped, plunging requires coordination 
and awareness of all team members’ progress. Speed of 
the team must be limited to the slowest member. Plung- 
ing is unsatisfactory when wearing crampons due to the 
snow compacting and sticking to them. 

(2} The technique of step-by-step descending is 
used when the terrain is extremely steep, snow signifi- 
cantly deep, or circumstances dictate a slower pace. On 
near-vertical walls, it 1s necessary to face the slope and 
cautiously lower oneself step by step, thrusting the toe 
of the boot into the snow while maintaining an anchor 
or handhold with the axe. Once the new foothold with- 
stands the body's full weight, the technique is repeated. 
On moderately angled terrain, the team can face away 
from the slope and descend by step-kicking with the 
heels. 


22-13. Snow and Ice Climbing Procedures and Tech- 
niques. Snow and ice climbing differs from rock climb- 
ing, yet many of the procedures and techniques are the 
same. Belay tie-in commands, principles of runner 
placement, straight-line climbing, and placement of pro- 
tection are common to snow and ice as well as rock. As - 
expected, however, there are major differences from 
rock climbing. 


a. Ice Axe Techniques (figure 22-56). The axe is the 
most important tool a climber carries. It can be used for 
braking assistance when a climber begins sliding down a 
steep snow-covered incline. 

(1) Each rescuer (climber) must practice the self- 
arrest technique before venturing onto steep grades. 
Since the ice axe arrest requires the use of the ice axe, 
the climber must hang onto it at all times. The ice axe, 
whether sharp or not, is a letha) weapon when flying 
about on the attached cord. Physically, the climber rigs 
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Figure 22-56. Ice Axe. 
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Figure 22-57. Ice Axe Self-Arrest. 


for arrest by rolling down shirt sleeves, putting on mit- 
tens, securing loose gear, and most important of all, 
making certain the axe is held correctly. Mentally pre- 
pare by recognizing the importance of instantaneous 
application. A quick arrest, before the fall picks up 
speed, has a better chance of success than a slow arrest. 
Preparation for an ice axe arrest should be taken when 
traveling on terrain which could result in a fall. 

(2) The proper method of holding an ice axe for 
self-arrest (see figure 22-57) is to place one hand on the 
head of the axe with the thumb under the adze and 
fingers over the pick. The other hand is placed on the 
shaft next to the spike. The pick is pressed into the slope 
just above the shoulder so the adze is near the angle 
formed by the neck and shoulders. The shaft should 
cross the chest diagonally with the spike held firmly 
close to the opposite hip. A short axe is held in the same 
position, although the spike will not reach the opposite 
hip. Chest and shoulders should press strongly on the 
shaft and the spine should be arched slightly to dis- 
tribute weight primarily at the shoulders and toes. The 
legs should be stiff and spread apart, toes digging in (if 
wearing crampons, keep the toes off the surface until 
almost stopped), and hang on to the axe! 








b. Team Arrest. The team arrest is intermediate be- 
tween self-arrest and belays. When there is doubt that a 
person could arrest a fall, such as on crevassed glaciers 
and steep snowfields, and conditions are not so extreme 
as to make belaying necessary, the party ropes up and 
travels in unison. If any member falls, arrest is made by 
two or three axes. The rope between the climbers must 
be fully extended except for minimum slack carried by 
the second and subsequent persons to allow them to flip 
the rope out of the track (steps). This also allows easy 
compensation for pace variations. However, slack is 
minimized to bring the second and subsequent axes into 
action at the moment of need. A roped climber who 
falls should immediately yell “FALLING.” It is not ad- 
visable to delay the alarm to see how “self-arrest” will 
develop because team members may hear the signal af- 
ter they have been pulled into their own falls, decreasing 
their ability to help. When roped climber(s) hear the cry 
“falling,” they immediately drop into self-arrest 
position. 

c. Boot Axe Belay (figure 22-58). The boot axe belay 
can be set up rapidly and used when a team is moving 
together and belaying is only required at a few spots. 
The boot axe belay should be practiced until a sweep 


400 





Figure 22-58. Boot Axe Belay. 


and jab of the ice axe can set up the stance within a 
couple of seconds. The axe provides an anchor to the 
slope and the slope and the boot braces the axe. Both 
give a friction surface over which the mun of rope is 
controlled. 

(1) To prepare a boot axe belay, a firm platform, 
large enough for the axe and uphill boot, is stamped out 
in the snow. The ice axe shaft is jammed as deeply as 
possible, at a slight uphill angle (against the anticipated 
fall) into the snow at the rear of the platform. The pick 
is parallel to the fall line, pointing uphill, thus applying 
the strongest dimension of the shaft against the force of 
a fall. The length of the pick prevents the rope from 
escaping over the top of the shaft. 

(2) The belayer stands below the axe, facing at a 
right angle to the fall line. The uphill boot is stamped 
into the slope against the downhill side of the shaft at a 
right angle to the fall line, bracing the shaft against 
downhill pull. The downhill boot is in a firmly compact- 
ed step below the uphill boot so that the leg is straight, 
stiffly bracing the belayer. The uphill hand is on the axe 
head in arrest grasp, bracing the shaft against downhill 
and lateral stress. From below, the rope crosses the toe 
of the boot, preventing the rope from trenching into the 
snow. The rope bends around the uphill side of the 
shaft, then down across the instep of the bracing boot, 
and is controiled by the downhill hand. To apply brak- 
ing through greater friction, the downhill or braking 
hand brings the rope uphill around the heel, forming an 
“S” bend. 
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d. Crampon Techniques: 

(1) Donning. When attaching the harness, the buck- 
les should be positioned to cinch on the outward sides 
of the boots. Special care must be taken to strap the 
crampons tightly to the boots, running the strap through 
each attachment prong or ring. If crampons do not have 
heel loops, ankle straps should be long enough to be 
crossed behind the boot before being secured to prevent 
boots from sliding backward out of the crampons. Many 
crampons have been lost because this precaution was 
not taken. When trimming new straps, allowance must 
be made for gaiters which sometimes cover the instep of 
the boot. Donning is best done by laying each crampon 
on the snow or ice with all rings and straps outward; 
then place the boot on the crampon and tighten the 
straps. Even modern neoprene-coated nylon straps 
should be checked from time to time to make sure they 
are tight, have not been cut, and are not trailing loop 
strap ends which could cause the wearer to trip. 

(a) If it is believed crampons may be needed, they 
must be carried. Conditions change rapidly; an east- 
facing slope may be mushy enough for step-kicking dur- 
ing the morning, but can become a sheet of smooth 
white ice in the afternoon shade. Furthermore, 
cramponing may contribute directly to the team’s safety 
by enabling it to negotiate stretches of ice faster and 
with less fatigue than having to chop steps. The decision 
of whether or not to wear crampons is determined by 
the situation. Wearing crampons should not be consid- 
ered mandatory because of venturing onto a glacier; 
neither should a team attempt to save time by never 
wearing crampons on steep, exposed icy patches just 
because they are fairly short. Another important guide- 
line is to don crampons before they are needed to avoid 
donning them while teetering in ice steps. On mixed 
rock and ice climbs, constant donning and removing of 
crampons takes so much time that the objective may be 
lost. 

(b} Crampons should be worn throughout the en- 
tire climb if the terrain is 50 percent or more suitable 
for crampons (crampons may skid or be broken on rock 
surfaces). Crampons are not required if the snow or ice 
patches are fairly short, good belays are available, and 
rock predominates. These alternatives are suggestions 
and the team leader’s decision must be based on the 
conditions at hand. 

(c} Crampons should be taken off when the snow 
begins to ball up badly in them and no improvement in 
snow conditions is anticipated, On the ascent, it may be 
possible to clear away the soft surface snow and climb 
on the ice below, but this is usually impractical and 
futile on the descent. Occasionally the climber should 
kick the crampons free of accumulated snow. The time- 
worn practice of striking the ice axe shaft against the 
crampons to knock out the snow is effective, but hard 
on the axe and perhaps the ankle. In situations where 
the crampons must be worn even though the snow balls 
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up in them, shuffling the feet through the snow instead 
of stepping over the surface tends to force the accumu- 
lated snow through the back points. The normal kicking 
motion of the foot generally keeps the crampons snow- 
free on the ascent and while traversing. 

(d) On the descent, drive the toe of the boot 
under the surface of the snow ahead of the heel, walking 
on the ball of the foot. Keep the weight well forward 
and use short skating steps allowing the foot to slide 
forward and penetrate the harder sublayers. 

(2) Flatfooting. Flatfooting involves a logical and 
natural progression of coordinated body and ice axe 
positions to allow the climber to move steadily and in 
balance while keeping all vertical points of the cram- 
pons biting into the ice. The weight is carried directly 
over the feet, the crampon points stamped firmly into 
the ice with each step, with the ankles and knees flexed 
to allow boot soles to remain parallel to the slope. 


(a) On gentle slopes, the climber walks straight up 
the hill. Normally, the feet are naturally flat to the slope 
and the axe is used as a cane. If pointing the toes uphill 
becomes awkward, they may be turned outward in 
duck-fashion. As the slope steepens, the body is turned 
to face across the slope rather than up it. The feet may 
also point across the slope, but additional flexibility and 
greater security are gained by pointing the lower foot 


downhill. The axe is used only to maintain balance and 
may be carried in the cane position or the arrest grasp 
with either the pick or point touching the slope. (Move- 
ment is diagonal rather than straight upward and the 
climber takes advantage of terrain irregularities and 
graded slopes. Changes in direction are done as in step- 
kicking on snow by planting the downhill foot, turning 
the body toward the slope to face the opposite direction, 
and stepping off with the new downhill foot.) 


(b) On gentler slopes, the flat-footed approach is 
used throughout, but it is more secure and easier on 
steeper slopes to initiate the turn by kicking the front 
points and briefly front-pointing through the turn. At 
some point in the turn, the grip on the axe must be 
reversed. The exact moment for this depends on the 
climber and the specific situation. However, the climb- 
er’s stance must be secure when the third point of sup- 
port—the axe is temporarily relinquished. 


(c) On steep slopes, which approach the limit of 
practical use of this style of ascent, the climber relies on 
the axe for security of a hold as well as for balance. The 
axe is held in the arrest grasp with one hand on the head 
and the other on the shaft, above the point. The well- 
sharpened pick is planted firmly in the ice at about 
shoulder height to provide one point of suspension 
while a foot moves forward and the crampons are 
stamped in (figure 22-59). 
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(d) Descent follows the same general progression 
of foot and axe positions; descend the fal! line, gradually 
turning the toes out as the slope gets steeper. As the 
slope steepens, widen the stance, flex the knees, and 
lean forward to keep weight over the feet, and finally, 
face sideways and descend with the support of the axe 
in the arrest position. On very steep or hard ice, it may 
be necessary to face the slope and front-point down- 
wards. When flat-footing downhill, all crampon points 
should be stamped firmly into the ice. It may be neces- 
sary to strive to take small steps which allow the climber 
to maintain balance during moves; long steps require 
major weight shifts to adjust balance. 





Figure 22-59. Descent with Crampons. 


e. Anchors. Snow and ice conditions require the use 
of special devices for establishing belay anchors or 
placement of intermediate protection during a climb. 


(1) Snow Pickets. Three- to four-foot lengths of alu- 
minum “T” or tubular sections perform as long pitons 
and are suited for belaying. They must always be used in 
pairs or greater numbers, one anchoring the other (fig- 
ure 22-60). 


(2) Snow Fluke. A 12-inch piece of metal is buried 
with a runner coming to the surface; this can pull out if 
snow conditions are not just right. Better resistance to 
pull-out is gained with a large flat piece of metal driven 
into the snow surface at an angle, acting in the same 
manner as the fluke of an old-fashioned anchor. There is 
no danger of the runner being cut or weakened from wet 
conditions with the attachment of a wire cable. The 
softer the snow, the larger the size of the plate. When 
using flukes, it is very important that the proper angle 
with the surface be maintained; otherwise, wire, instead 
of becoming stronger (going deeper) when pulled, will 
become weaker (surface). Additionally, the cable may 
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Figure 22-60. Snow Pickets. 


act as a lever arm on hard snow, causing the fluke to pop 
out. This can be prevented by carefully cutting a chan- 
nel in the snow for cables so that the pull comes directly 
at the plate. If attention is paid to placement, snow 
flukes will provide great security as belay and rappel 
anchors. A properly placed fluke is secure for a sitting or 
standing hop belay on snow (figure 22-61). 


{3) Ice Screws: 

(a) Tubular screws are very strong and are the 
most reliable (figure 22-62). They are difficult to place in 
hard or water ice since they tend to clog and have a 
large cross section. Their main advantage is that they 
minimize “spalling” (a crater-like splintering of the ice 
around the shaft of the screw) by allowing the displaced 
ice to work itself out through the core of the screw. If 
the core of the ice remaining in the screw is frozen in 
place, it jams the screw in subsequent placements. The 
ice may be removed by pushing with a length of wire or 
by heating with a cigarette lighter. This type of screw 
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Figure 22-61. Snow Flukes. 


requires both hands for placement; however, once it is 
started, the pick of an ice hammer or axe inserted in the 
eye allows the climber to gain the advantage of leverage. 
Removal is easy and melt-out is slow due to the large 
cross section. 





Figure 22-62. Tubular Ice Screw. 
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(b) Heavier “coathanger™ type screws can be re- 
lied upon to stop a fall (figure 22-63). They are easier to 
start in hard ice than tubular screws and can often be 
placed with one hand, although it may be necessary to 
tap them while twisting as they are started. Their hold- 
ing power is less than tubular screws as they tend to 
fracture hard ice and, under heavy loads, tend to shear 
through the ice because of their small cross section. 





Figure 22-63. Coathanger Ice Screw. 


(c) Developed as an attempt to make an easy-to- 
place and easy-to-remove screw, the solid screws are 
driven in like a piton and screwed out (figure 22-64). 
They offer excellent protection in water ice but are less 
effective in other ice forms. Melt-out is sometimes rapid 
because of limited thread displacement and, under load, 
they tend to shear through the ice as do coathanger 
screws, 


(d) Before placement of ice screws or pitons, any 
soft snow or loose ice should be scraped or chopped 
away until a hard and trustworthy surface is reached. A 
small starting hole punched out with the pick or spike of 
the axe or hammer facilitates a good grip for the starting 
threads or teeth. The screw is pressed firmly into the ice 
and twisted in at the same time, angled slightly uphill 
against the anticipated direction of pull. Ice pitons are, 
of course, driven straight in, but must also be angled 
against the pull that would result from a fall (figure 
22-65). If any spalling or splintering of the ice occurs, 
the screw should be removed and another placement 
tried 1 or 2 feet away. Some glacier ice will spall near 
the surface but by continuing to place the screw and 
gently chopping out the shattered ice, a deep, safe place- 
ment may be obtained. As a general rule, short screws or 
pitons should be used in hard ice and long ones in softer 
ice. They should always be placed in the ice until the eye 
is flush with the surface. When removing ice hardware, 
take care not to bend it since this diminishes its effec- 
tiveness in future use. 


(4) Ice/Snow Bollard. Although not a natural 
anchor in itself, an ice or snow bollard is easity made 
from natural materials. A semicircular trench is dug in 
the snow or ice. The trench should be 3 to 4 feet across 
and 6 to 12 inches deep. Allow a larger size for poor 
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Figure 22-64. Solid Ice Screw. 


snow or ice conditions. The rope can be positioned in 
the trench to provide a downward belay (figure 22-66). 


f. Glissading. Glissading is a means of rapidly de- 
scending a slope. Consisting of two basic positions, glis- 
sading offers a speedy means of travel with less energy 
exerted than using the descending step-by-step or plung- 
ing techniques. 


(1) When snow conditions permit, the sitting glis- 
sade position is the easiest way to descend. The climber 
simply sits in the snow and slides down the slope while 
holding the axe in an arrest position (figure 22-67). Any 
tendency of the body to pivot head downwards may be 
checked by running the spike of the axe rudder-like 
along the surface of the snow. Speed is increased by 
lying on the back to spread the body weight over a 
greater area and by lifting the feet in the air. Sitting 
back up and returning the feet to the snow surface 
reduces speed. On crusted or firmly consolidated snow, 
sit fairly erect with the heels drawn up against the but- 
tocks and the boot soles skimming along the surface. 
Turns are nearly impossible in a sitting glissade; howev- 
er, the spike, dragged as a rudder and assisted by body 
contortions, can effect a change in direction of several 
degrees. Obstructions on the slope are best avoided by 
rising into a standing glissade (figure 22-67) for the turn, 
and then returning to the sitting position. Speed is de- 
creased by dragging the spike and increasing pressure on 
it. After the momentum has been checked by the spike, 
the heels are dug in for the final halt but not while 
sliding at a fast rate as the result is likely to be a somer- 
sault. Emergency stops at high speeds are made by 
atresting. 


(2) The standing glissade is similar to skiing. Posi- 
tioned in a semicrouch stance with the knees bent as if 
sitting in a chair (figure 22-67), the legs are spread later- 
ally for stability, and one foot is advanced slightly to 
anticipate bumps and ruts. For additional stability, the 
spike of the axe can be skimmed along the surface, the 
shaft held alongside the knee in the arrest grasp, with 
the pick pointing down or to the outside away from the 
body. Stability is increased by widening the spread of 
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Figure 22-65. Placement of Ice Screw and Piton. 


the legs, deepening the crouch, and putting more weight 
on the spike. A decrease in speed increases muscular 
strain and the technique becomes awkward and trying, 
although safe. Speed is increased by bringing the feet 
close together, reducing weight on the spike, and leaning 
forward until the boot soles are running flat along the 
surface like short skis. If the slide is too shallow, a long 
skating stride helps. 


{3) A glissade should be made only when there is a 
safe runout. Unless a view of the entire run can be 
obtained beforehand, the first person down the run 
must use extreme caution, stopping frequently to study 
the terrain ahead. Equipment must be adjusted before 
beginning the descent. Crampons and other hardware 
must be properly stowed. Never attempt to glissade 
while wearing crampons as it is extremely easy to snag a 
crampon and be thrown down the slope. Mittens or 
gloves are worn to protect the hands and to maintain 
control of the axe. Heavy waterproof pants provide pro- 
tection to the buttocks. Gaiters are also helpful for all 
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glissading. Glissades should never be attempted in ter- 
rain where the axe safety cord is required. The hazards 





Figure 22-66. Ice/Snow Bollard. 
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Figure 22-67. Glissading. 


of a flailing ice axe should never be risked during a 
glissade. 


22-14. Glaciers and Glacial Travel: 


a. Features. To cope with the problems which can 
arise in using glaciers as avenues of travel, it is impor- 
tant to understand something of the nature and compo- 
sition of glaciers. 


(1) A valley glacier is essentially a river of ice and it 
flows at a rate of speed that depends largely on its mass 
and the slope of its bed. A glacier consists of two parts: 

(a) The lower glacier, which has an ice surface 
void of snow during the summer. 

(b) The upper glacier, where the ice is covered, 
even in summer with layers of accumulated snow that 
changes into glacier ice. 


(2) To these two integral parts of a glacier may be 
added two others which, although not a part of the 
glacier proper, are generally adjacent to it and are of 
similar composition. These adjacent features, the ice 
and snow slopes, are immobile since they are anchored 
to underlying rock slopes. A large crevasse separates 
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such slopes from the glacier proper and defines the 
boundary between moving and anchored ice. 


(3) Ice is plastic-like near the surface, but not 
smooth enough to prevent cracking as the ice moves 
forward over irregularities in its bed. Fractures in a 
glacier surface, called crevasses, vary in width and 
depth from only a few inches to many feet. Crevasses 
form at right angles to the direction of greatest tension 
and due to a limited area, tension is usually in the same 
direction. Crevasses in any given area tend to be rough- 
ly parallel to each other. Generally, crevasses develop 
across a slope. Therefore, when traveling up the middle 
of a glacier, people usually encounter only transverse 
crevasses (crossing at right angles to the main direction 
of the glacier). Near the margins or edges of a glacier, 
the ice moves more slowly than it does in midstream. 
This speed differential causes the formation of crevasses 
diagonally upstream away from the margins or sides. 
While crevasses are almost certain to be encountered 
along the margins of a glacier and in areas where a 
steepening in gradient occurs, the gentlest slopes may 
also contain crevasses. 


(4) An icefall forms where an abrupt steeping of 
slope occurs in the course of a glacier. These stresses are 
set up in many directions. As a result, the icefall consists 
of a varied mass of iceblocks and troughs with no well- 
defined trend to the many crevasses. 


(5) As a glacier moves forward, debris from the 
valley slopes on either side is deposited on its surface. 
Shrinkage of the glacier from subsequent melting causes 
this debris to be deposited along the receding margins of 
the glacier. Such ridges are called lateral (side) mo- 
raines. Where two glaciers join and flow as a single river 
of ice, the debri on the adjoining lateral margins of the 
glaciers also unites and flows with the major ice stream, 
forming a medial (middle) moraine. (By examining the 
lower part of a glacier, it is often possible to tell how 
many tributaries have joined to form the lower trunk of 
the glacier.) Terminal (end) moraine is usually found 
where the frontage of the glacier has pushed forward as 
far as it can go; that is, to the point at which the rate of 
melting equals the speed of advance of the ice mass. 
This moraine may be formed of debri pushed forward 
by the advancing edge or it may be formed by a combi- 
nation of this and other processes. 

(a) Lateral and medial moraines may provide ex- 
cellent avenues of travel. When the glacier is heavily 
crevassed, moraines may be the only practical routes. 
Ease of progress along moraines depends upon the sta- 
bility of the debris composition. If the material consists 
of small rocks, pebbles, and earth, the moraine is usual- 
ly joose and unstable and the crest may break away at 
each footstep. Hf large blocks compose the moraine, they 
have probably settled into a compact mass and progress 
may be easy. 
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(b) On moraine travel, it is best either to proceed 
along the crest or, in the case of lateral moraines, to 
follow the trough which separates it from the mountain- 
side. Since the slopes of moraines are usually unstable, 
there is a great risk of spraining an ankle on them. 
Medial moraines are usually less pronounced than later- 
al moraines because a large part of their material is 
transported within the ice. Travel on them is usually 
easy but should not be relied upon as routes for long 
distances since they may disappear beneath the glacier 
surface. Only rarely is it necessary for a party traveling 
along or across moraines to be roped together (figure 
22-68). 


(6) Glacial rivers are varied in type and present 
numerous problems to those who must cross or navigate 
them. Wherever mountains and highlands exist in the 
arctic regions, melting snows produce concentrations of 
water pouring downward in a series of falls and swift 
chutes. Rivers flowing from icecaps, hanging piedmonts 
(lake-like), or serpentine (winding or valley) glaciers are 
all notoriously treacherous. Northern glaciers may be 
vast in size and the heat of the summer sun can release 
vast quantities of water from them. Glacier ice is ex- 
tremely unpredictable. An ice field may look innocent 
from above, but countless subglacial streams and water 
reservoirs may be under its smooth surface. These reser- 
voirs are either draining or temporarily blocked. Mile- 
long lakes may lie under the upper snowfield, waiting 
only for a slight movement in the glacier to liberate 
them sending their waters into the valleys below. Be- 
cause of variations in the amounts of water released by 
the Sun’s heat, all glacial rivers fluctuate in water level. 
The peak of the flood water usually occurs in the after- 
noon as a result of the noonday heat of the Sun on the 
ice. For some time after the peak has passed, rivers 
which drain glaciers may not be fordable or even navi- 
gable. However, by midnight or the following morning, 
the water may recede so fording is both safe and easy. 
When following a glacial river broken up into many 
shifting channels, choose routes next to the bank rather 
than taking a chance on getting caught between two 
dangerous channels. 


(7) Glaciers from which torrents of water descend 
are called flooding glaciers. Two basic causes of such 
glaciers are the violent release of water which the glacier 
carried on its surface as lakes, or the violent release of 
large lakes which have been dammed up in tributary 
glaciers because of the blocking of the tributary valley 
by the main glacier. This release is caused by a crevasse 
or a break in the moving glacial dam; the water then 
roars down in an all-enveloping flood. Flooding glaciers 
can be recognized from above by the flood-swept char- 
acter of the lower valleys. The influence of such glaciers 
is sometimes felt for many miles below. Prospectors 
have lost their lives while rafting otherwise safe rivers 
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because a sudden flood entered by a side tributary and 


descended as a wall of white, rushing water. 


(8) On those portions of a glacier where melting 
occurs, runoff water cuts deep channels in the ice sur- 
face and forms surface streams. Many such channels 
exceed 20 feet in depth and width. They usually have 
smooth sides and undercut banks. Many of these 
streams terminate ai the margins of the glacier where in 
summer they contribute to the torrent that constantly 
flows between the ice and the lateral moraine. Size in- 
creases greatly as the heat of the day moves to an end. 
The greatest caution must be taken in crossing a glacial 
surface stream since the bed and undercut banks are 
usually hard, smooth ice which offers no secure footing. 


(9) Some streams disappear into crevasses or into 
round holes known as glacial mills, and then flow as 
subglacial streams, Glacial mills are cut into the ice by 
the churning action of water. They vary in diameter. 
Glacial mills differ from crevasses, not only in shape but 
also in origin, since they do not develop as a result of 
moving ice. In places, the depth of a glacial mill may 
equal the thickness of the glacier. 


b. Glacier Operations. The principal dangers and ob- 
stacles to operations in glacier areas are crevasses and 
icefalls. Hidden crevasses present unique problems and 
situations since their presence is often difficult to detect. 
When one is detected, often it is due to a team member 
having fallen through the unstable surface cover. The 
following techniques and procedures should be followed 
when performing glacier operations. 


(1) Equipment Preparation. The prevention of hy- 
pothermia should be of primary importance when per- 
forming glacier operations, Sufficient protective cloth- 
ing must be worn or carried to cover all climatic 
temperature variations. Climbers trapped in crevasses 
have died of hypothermia while their team members, 
helpless to assist from their position on the glacier sur- 
face above, were sweltering in sunshine. Backpacks 
should be equipped with a lanyard consisting of a 6-foot 
piece of line with a figure-eight and nonlocking carabi- 
ner at one end. The free end of the lanyard is attached 
to the pack and the unlocking carabiner is snapped into 
the buttock strap of the seat harness. If the climber falls 
into a crevasse and is suspended upside down by the 
weight of the pack, the pack can be released with the 
lanyard and the person can return to an upright 
position. 


(2) Team Composition. The first flaw of glacial trav- 
el is to rope-in during travel. The principal consider- 
ation is to avoid crevasses. When stepping onto a 
known glacier or onto a snowfield of unknown stability, 
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whether crevasses are visible or not, the law of roping-in 
remains. The only variable to this law is when 
avalanches present a greater hazard than the threat of 
crevasses. The most experienced climber in glacial trav- 
el should be the lead climber; however, if crevasses are 
completely masked, the lightest climber may lead. Dur- 
ing moderate climbs, three climbers tied into a 165-foot 
rope is ideal. During severe climbs requiring belay, a 
120-foot rope with only two climbers is recommended. 
If a two-person climbing team falls, the team must be 
arrested by a single axe. If a three-person climbing team 
is roped in, the rope is usually so shortened that if one 
climber falls, the others are often dragged in before they 
have time to react. 


(3) Roping-In. Climbers are roped together by con- 
structing figure-eight knots at the ends and middle of 
the rope. The rope is attached by passing a locking cara- 
biner through the figure-eight and the crotch strap of the 
seat harness. Associated climbing equipment such as 
ice axes, slings, and packs are donned. When completely 
roped in and prepared for travel, there should not be 
less than 50 feet of rope between each of the climbers. 
The more rope between the climbers, the better the 
chance for a successful arrest. 


c. Glacier Travel. Due to the difficulty of crevasse 
rescue, iwo or more rope teams are recommended for 
glacier travel since a single team is sometimes pinned 
down in the arrest position and members are unable to 
free themselves to begin rescue. Rope teams must travel 
close together to lend assistance to each other; however, 
not so close as to fall into the same crevasse. During 
extended periods on a glacier, skis and snowshoes are 
often of great value. This footgear will distribute the 
weight more widely than boots alone and place less 
strain on snow bridges. Neither skis nor snowshoes are 
substitutes for the rope, but may be used for easy travel. 


(4} Operations in the mountains have certain limi- 
tations imposed by nature in glacial movement. Access 
to the end portion of a glacier may be difficult due to 
abruptness of the ice and possible presence of crevasses. 
Additional obstacles of mounting a glacier may be swift 
glacial streams or abrupt mountain terrain bordering 
the glacier ice. The same obstacles may also have to be 
negotiated when dismounting or mounting a valley gla- 
cier at any place along its course. Further considerations 
to movement on a glacier are steep sections, heavily 
crevassed regions, and icefalls. The use of up-to-date 
aerial photographs, when available, with aerial recon- 
naissance is a valuable means of gathering advance in- 
formation about a particular glacier. The photos, how- 
ever, only supplement and do not negate the advantages 
of surface reconnaissance conducted from available 
vantage points. 
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(2) Trail wands are used to mark the route and 
crevasses. The wands, especially essential to safety dur- 
ing periods of adverse weather, are placed every 150 
feet along the route and can be used during day or night. 
A climbing team should not cluster close together dur- 
ing rest stops. If areas of safety cannot be found, the 
rope must be kept extended during rests just as during 
travel. A party establishing camp on a snow-covered 
glacier similarly remains roped-in for as long a period as 
required to safely inspect the area by stomping and 
probing the surface thoroughly before placing trust in 
the site. Hidden crevasses should always be assumed to 
exist in the area. 


(3) Normally a team will travel in single file, step- 
ping in the leader’s footsteps or in echelon formation 
(figure 22-69). If a crevasse pinches out, an end run 
must be made (figure 22-70) even if it involves traveling 
half a mile to gain a few dozen feet of forward progress. 
The time taken to walk around is generally much less 
than in forcing a direct crossing. Important to remem- 
ber in an end run is the possible hidden extension of a 
visible crevasse, A frequent error is aiming at the visible 
end. Unless the true or subsurface end is clearly visible 
during the approach, it is best to make a wide swing 
around the end. 


(a) In late summer, the visible end is often the 
true end due to surface snow and ice having melted. 
When end runs are impractical because of the distance 
involved or because the end of one crevasse is adjacent 
to another, snow bridges may provide a crossing point. 
One kind consists of remnant snow cover sagging over 
an inner open space. Another kind, with a foundation 
which extends downward into the body of the glacier, is 
less a bridge than a solid area between two crevasses. 


(b) Any bridge should be closely and completely 
examined before use. If overhanging snow obscures the 
bridge, the lead climber must explore at closer range by 
probing the depth and smashing at the sides while walk- 
ing delicately, ready for an arrest or sudden drop. The 
second climber establishes a belay (figure 22-71) 
anchored by the third climber who is also prepared to 
initiate rescue if the leader falls. An excessively narrow 
or weak bridge may be crossed by straddling or even 
slithering on the stomach, thereby lowering the center of 
gravity and distributing the weight over a broader area. 
When there is doubt about the integrity of a bridge, but 
it is the only possible route, the lightest climber in the 
team should be the first across, with the following 
climbers walking with light steps and taking care to step 
exactly in the same tracks. 


(c} Bridges vary in strength with changes in tem- 
peratures. In the cold of winter or early morning, the 
thinnest and most fragile of bridges may have incredible 
structural strength. However, when the ice crystals melt 
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Figure 22-69. Echelon Formation. 


in the afternoon temperature, even the largest bridge 
may suddenly collapse. Each bridge must be tested with 
care, being neither abandoned nor trusted until its 
worth is determined (figure 22-71). 


(d) Narrow cracks in a bridge can be stepped 
across, but wider crevasses require jumping. If the jump 
is so long that a run is required, the approach should be 
carefully packed. A running jump (figure 22-72) can 
carry the climber further than a standing jump, al- 
though running jumps are not often practical. Most 
jumps are made with only two or three lead-up steps. In 
any case, care must be taken to locate the precise edge 
of the crevasse before any attempt is made to jump. 
Encumbering clothing and equipment must be removed 
before the jump, although the jumper must bear in 
mind the low temperature which often exists within 
crevasses. 


d. Crevasse Rescue. Each climber must be able to 
effect a crevasse rescue if a team member falls into a 








Figure 22-70. End Run. 


crevasse. When a climber falls, the remaining team 
members must drop into a self-arrest position and stabi- 
lize their positions. All climbers should never be drag- 
ged into the crevasse. If a climber falls, the remaining 
team members must support the weight until one of 
them can establish a reliable anchor point or until the 
second team arrives to help. If the fallen climber is able 
to assist the recovery, self-extraction from the crevasse 
may be performed by using prusiks. 


(1) A problem inherent to crevasse rescue is the 
imbedding of the rope (caused by the fallen climber’s 
weight) in the ice and snow. Unless the rope is buffered 
with an ice axe during the climb out, it will tend to 
entrench itself deeper into the ice, eventually creating a 
deep groove in which it will be extremely difficult to use 
and retrieve, or it will freeze in place, rendering it use- 
less. Corrective actions are to travel down along the 
rope, taking care not to drop debris on the climber, and 
free it from the ice. An additional method is to drop a 
spare rope down to the climber who shifts weight off the 
imbedded rope until it can be freed. 


(2) If the climber is using prusiks and the action of 
the climb seesaws the rope into the tip of the crevasse, it 
will be extremely difficult to ascend the few remaining 
feet. A procedure to overcome this situation is for the 
climber to tie into the rope near the prusik. The climber 
then strikes the figure-eight knot from the harness and 
sends the end to the team above via a retrieving line. 
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Figure 22-71. Crossing Bridged Crevasse. 


Once firmly anchored in place, the rope affords a viable 
route of ascent. Negotiating the final few feet of a 
crevasse is usually difficult due to the pressure of the 
rope against the lip or side of the wall. Prusiks tend to 
compress against or gouge into the wall rendering them 
nonfunctional. In most cases, the final few feet are over- 
come by brute strength. If a second rope is availabie, an 
alternate method can be used (figure 22-73). 


(3) If a fallen climber is unable to help in the recov- 
ery, another climber may be required to enter the 
crevasse. Before the team member is lowered, all assur- 
ances must be determined that the assistance will en- 
hance the outcome of the operation and not compound 
it. The rescuer should administer medical treatment as 
required, paying special attention to preventing or treat- 
ing cold weather injuries as the interior of the crevasse 
can become extremely cold. Warm protective clothing 
must be used if the medical situation does not permit 
immediate extraction. 


22-15. Evacuation Principles and Techniques. The 
performance of mountain rescue is not only physically 
demanding, but also mentally challenging. Hard and 
fast procedures to fit all circumstances for mountain 
rescue cannot be established. The team’s ability to inno- 
vate will, in most instances, allow the adaptation of the 
basic principles, techniques, and procedures into a sys- 
tem suitable to effect the rescue. A normal rescue system 
will use anchors, belays, and various specialized sys- 
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Figure 22-72. Jumping a Crevasse. 


tems. There are basically two methods of rescue: bring- 
ing the victim (patient) up to the rescuer’s position, or 
evacuating the victim down from the position. 


a. Safety. The establishment of rescue systems must 
be thoroughly tested prior to use. One missed step in 
setting up a rescue system may result in further injury of 
the victim and (or) injury to the rescuers. 


b. Evacuations. Evacuation of a victim from the po- 
sition in a downhill direction is an easier task than 
establishing a mechanical leverage for pulling a victim 
to the top of a hill. The victim’s medical condition will 
dictate the method of evacuation and equipment used. 
The primary litter used is the Stokes litter. This is a 
tubular frame litter with a wire basket. The tubular 
main bar provides a very strong framework for moun- 
tain operations. The patient may be secured in the litter 
by means of several cross-body straps, or by the inter- 
lacing of slings. When an evacuation team arrives on the 
scene, there are two activities which should take place at 
the same time: (1) The patient should be treated and 
prepared for transporting in the Stokes litter, and (2) the 
anchor and mechanical brake system must be establish- 
ed. Within obvious restraints of time and distance, low- 
angle evacuations are always preferable to high-angle 
evacuations. Low-angle work eliminates many hazards 
and requires a lesser degree of knowledge and skill. Us- 
ing the Stokes litter eliminates excessive knot tying and 
lashing essential on other litters. 


c. Preparing the Braking System. The following de- 
scribes the preparation of the brake system for a low- 
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Figure 22-73. Two-Rope Crevasse Rescue. 


angle litter evacuation. Establish a very sound anchor, 
which will be in the direction of pull for the first pitch. 
If a sound anchor is not available, establish an anchor 
system. If the terrain does not allow the brake operator 
ample room to safely and effectively perform the re- 
quired tasks, than an 11 mm (seven-sixteenth inch) rope 
sling or double tape sling can be used to adjust for the 
distance from the anchor to the area where the brake 
operator will work. The mechanical braking device is 
securely attached to the anchor or sling. This braking 
device should either be a figure-eight rappel ring, or a 
four-carabiner brake system. The rope to be used for the 
litter descension should be backcoiled. If the rope is to 
be used for ascending, the rope should lay out along the 
route of ascension. The head of the litter will be at- 
tached to the figure-eight at the end of the rope with a 
steel-locking carabiner. If locking carabiners are not 
available, the rope should be tied directly to the litter 
using several round turns on the outer rail at the head of 
“the Stokes litter and tied off with a bowline and a safety 
knot. The rope is then properly locked into the mechan- 
ical braking system. 


d. Preparing the Patient for Transport. While the 
rope and brake system are being prepared, the litter and 
patient should also be prepared. The litter must be se- 
cured to prevent its loss or further injury to the patient. 





Additionally, the litter may be padded or insulated 
(blankets or foam pads) for protection. The ties for se- 
curing the feet and pelvis should be attached to the 
litter. Before evacuating, all emergency medical treat- 
ment appropriate to the situation should be performed 
(splinting fractures, maintaining an open airway, etc.). 
The patient should be insulated from environmental 
conditions such as cold, wind, or rain. The person in 
charge of the patient’s medical condition should ensure 
that the patient’s condition is stable enough for trans- 
porting. In mountainous terrain, the patient should be 
protected from further injury due to rockfall by wearing 
a helmet at all times. A litter team generally consists of 
four to six people. Fewer than six cannot withstand the 
fatigue of frequent or long trips while carrying an in- 
jured person. 


e. Three- or Four-Man Lift. Three bearers take up 
positions on one side of the victim, one at the shoulder, 
one at the hip, and one at the knees. If one side is 
injured, the three bearers should be on the uninjured 
side. A fourth bearer, if available, takes a position on 
the opposite side, at the victim’s hip. 


(1) The bearers should kneel next to the victim. 
Then, simultaneously, the bearer at the victim’s shoul- 
der puts one arm under the victim’s head, neck, and 
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Figure 22-74. Lifting the Patient. 


shoulder, and the other under the upper part of the 
victim’s back. Each bearer at the victim’s hips places 
one arm under the victim’s back and the other under 
the victim’s thighs. The bearer at the victim’s knees 
places one arm under the victim’s knees and the other 
under the ankles (figure 22-74). 


(2) The person at the victim's head gives all the 
commands. The command “prepare to lift!” is followed 
by the command “tift.” Immediately, all the bearers lift 
simultaneously and place the victim in line on their 
knees. If the victim needs to be moved any distance to 
the litter, move as shown in figure 22-75. 


(3) The fourth bearer, if available, places a stretcher 
under the victim and against the toes of the three kneel- 
ing bearers. The command “Prepare to lower!” is fol- 
lowed by the command “Lower!” and the victim is gen- 
tly lowered to the litter. Once properly positioned in the 
litter, the victim must be secured in a manner to pre- 
vent further injury. The victim may be secured to the 
litter in a variety of ways depending upon the evacua- 
tion route and the victim’s condition. 


f. Securing Patient in the Litter: 
(1) The tape sling used to secure the feet is tied to 
the framework of the Stokes litter which separates the 





Figure 22-75. Moving the Patient. 
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legs near the groin area. The tape sling should be tied 
with a clove hitch in the middle of the tape in a manner 
to prevent the tape from sliding down to the feet when 
pulled tight. The feet are secured by running the tape 
across the legs to the window on the outside of the litter 
then across the patient’s legs to the feet. An overhand 
knot is made in each tape which can be passed over the 
corresponding foot. When the feet are secured, there 
should be ample room to apply tension to the head if 
needed. The tape is then tied at the foot of the litter to a 
major support bar on the inside of the litter frame.: The 
ties on a Stokes litter should never be made on any 
outside rail as they are subject to abrasion. The tape 
slings should be tied off with a two-round turn and two 
half hitches. If the two-round turn does not hold ten- 
sion, then a clove hitch can be used in its place. 


(2) The tape used to secure the pelvis should be tied 
just above the tape used to secure the feet, and secured 
in the same fashion, Each end of the rope is passed over 
the leg to the larger upright cross-member of the Stokes 
litter between the outer rail and inner basket rail. This 
cross-member corresponds with the side of the hip. The 
tape is secured with a two-round turn and two half 
hitches or a clove hitch and two half hitches. The ends 
of the tapes are then tied together at the middle of the 
patient’s waistline with a square knot and two half 
hitches on either side of the knot. 


(3) The upper torso is secured by placing the mid- 
dle of the tape in the center of the patient’s chest and 
the two ends of the tape are secured to the large upright 
cross-member. The running ends of the tape are then 
passed diagonally across the patient to the cross-mem- 
ber which is next to the abdomen. The tape is secured 
again and the ends are tied at the midline of the body. 
The head is secured by running a tape sling over the 
helmet and securing the tape at the corresponding cross- 
members. The helmet can be used with a tape sling to 
provide traction, however, it 1s not a substitute for the 
neck collar (figure 22-76). 


(4) Once the patient and the system are ready for 
the low-angle evacuation, the entire system must be 
doublechecked. Once the litter and patient are prepared 
as described, ascent or descent is made through a team 
of litter bearers and a belay point. The minimum essen- 
tial members for a low-angle evacuation are five—a be- 
layer and four litter bearers (figure 22-77). 


g. Low-Angle Evacuation Descent. On the descent, 
the belay rope attached to the head of the litter runs 
through a mechanical belay brake system. One team 
member acts as the belayer. This secures the litter and 
aids in lowering. Another person may assist the belayer 
with the rope. Litter bearers take their positions on the 
litter, ideally three on each side. The chief medic and 
crew boss should be among these to ensure the patient is 
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Figure 22-76. Tying the Patient into a Stokes Litter. 


monitored 100 percent of the time and that effective 
communication exists between the litter bearers and the 
belayer. 

(1) In descending, the most direct, practical passage 
which takes advantage of available trees and rocks for 
beiay points should be used. Communication is made 
through a series of commands. As litter bearing is rapid- 
ly exhausting, team members should alternate roles. Ad- 
ditionally, a sling attached with a girth hitch to the litter 
may be used to transfer some of the weight from the 
arm to the skeletal system via the shoulder. It is also 
advantageous to use the belay system brake by leaning 
forward, thus reducing the amount of lifting required. 

(2) The scout may precede the team to pick a trail, 
make the passage more negotiable, or make a reconnais- 
sance so the team need not retrace its course if an im- 
passe is encountered. The scout can also select the site 
for and secure the next anchor. The scout must remem- 
ber that the anchors and belay stations must be less than 
140 feet apart (with 150-foot rope). Any time the route 
of descent or ascent changes course more than 90 de- 
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Figure 22-77. Carrying the Litter. 


grees, a new anchor and brake system must be establish- 
ed or a runner used to change the direction of pull from 
the belay to the litter. In addition, if the rope is binding 
against vegetation or rock formations, a sling with a 
carabiner should be used to pull the rope away from the 
obstacle. 

(3} Once all rescuers have been assigned positions 
and understand their responsibilities, the litter can be 
moved. The crew boss will count to three and give the 
command to lift. The crew boss should coordinate the 
litter bearers’ activities while moving over rough ter- 
rain. Standardized commands between the crew boss 
and belayer are used to control the rate of descent. The 
following are the commands which should be used: 

(a) “ON BELAY?” - Crew boss. 

(b) “BELAY ON” - Belayer. 

(c) “ROPE” - The crew boss is telling the belayer 
to feed the rope out in feet. 

(d) “SLOW ROPE” - The crew boss is telling the 
belayer to feed the rope out in inches. 

(e) “BRAKE” - Can be said by anyone to avoid a 
fall or obstacles. 

(f) “LITTER SECURE?” - The crew boss is telling 
the belayer that the litter will not be moving and it is 
attached to the anchor. 

(g) “OFF BELAY” - The crew boss is telling the 
belayer to break the belay system and begin moving 
equipment to the next station. 

(4) When ascending a steep slope, the procedures 
described in the descent are generally reversed. Addi- 
tional manpower is required to pull the belay rope 
through a four-carabiner brake system or figure-cight 
clog while the litter bearers lift and slowly climb. One 
person is required to operate the brake system. As this 
procedure is considerably more fatiguing than descend- 
ing, the litter bearers should not try to do all the work. 
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However, as they are ascending the slope, they should 
assist and hold the litter off the ground. 


h, The Buddy System. The buddy system is an evacu- 
ation for a slightly injured patient or a patient who is 
incapable of getting off a precipice. Equipment required 
is two climbing ropes, four slings, chest, and seat har- 
ness for the rescuer, optional seat harness for the pa- 
tient, and sufficient equipment to construct an anchor 
system. The following steps are necessary: 


(1) An anchor system is set up with a belay device. 
The first rope is backcoiled as a belay line. A figure-eight 
knot is tied in the end of the rope with a fisherman’s 
safety. 


(2) The second rope is coiled with large enough 
coils to fit around the shoulders of the patient and the 
rescuer (figure 22-78). Once coiled, the loops are divid- 
ed into two groups so that a figure eight is formed. The 
patient steps into the divided coil so that each leg is 
through one-half of the figure eight. The knot securing 
the coil should be in the small of the patient’s back, and 
the coils should be beneath the patient’s arms. 





Figure 22-78. Preparing Patient for Buddy Evacuation 
System. 
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(3) The rescuer then stands in front of the patient 
and places each arm through the loops of the coil, half 
over the right shoulder and the other half over the left 


shoulder (figure 22-79). 





Figure 22-79, Rescuer Donning Rope and Patient. 


(4) A sling is passed around the back of the patient, 
passing under the arms and over the shoulders of the 
rescuer. The sling is then wrapped around the coil as it 
passes over the front of the rescuer’s shoulders (figure 
22-80). The working ends of the sling should pass over 
the top of the loop formed in the wrap. Ensure the wrap 
is made low enough not to cross the rescuer’s neck or 
interfere with breathing. The two ends are tied together 
in the center of the rescuer’s chest using a square knot. 
The tails are taken down to the rescuer’s seat harness, 
one tail is passed through each side, tied in a loop of the 
harness, and back up to the square knot. Here they are 
secured to the rope between the coil and square knot by 
a clove hitch knot on each tail (figure 22-81). 

(5) To attach the party to the belay rope, the figure- 
eight knot on.the end of the belay rope is attached to the 
carabiner on the crotch strap of the seat harness of the 
rescuer. The two tie end loops are secured with a carabi- 
ner sling; another sling is connected to the rescuer’s 
chest harness and the belay rope with a prusik knot 
(figure 22-82). This sling is used to support the addition- 
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Figure 22-80. Securing the Patient for Buddy 
Evacuation. 


al weight of the patient. This will enable the rescuer to 
remain perpendicular to the surface of the rock. With- 
out this sling, the rescuer would fall over backward. The 
sling should be short enough so the rescuer can adjust 
the sling during the evacuation. The two people are then 
belayed down using a mechanical braking device (four- 
carabiner brake). (See figure 22-82.) 
(6) The commands are: 

(a) “ON BELAY?” - Given by rappeller. 

(b) "BELAY ON” - Given by belayer. 

(c) “BRAKE” - The belayer will stop the descent. 

(d) “ROPE” - Belayer repeats “Rope.” The be- 
tayer will feed the rope out in inches, 

(ec) “PATIENT SECURE” - Given by rappeller. 

() “THANK YOU" - Given by belayer. The pa- 
tient and the rescuer are in a safe location from rockfall 
and will not fall. 

(g) “OFF BELAY” - Given by rappeller. 

(h} “BELAY OFF™ - Given by belayer. The rap- 
peller is no longer secured by the belayer and the be- 
layer can disconnect from the system. 

i. Vertical Litter Evacuation. The vertical litter evacu- 
ation 1s used in areas where a horizontal descent is not 
possible. The patient 1s secured to the litter in the same 
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Figure 22-81. Tie-In Procedures. 


manner as for a horizontal evacuation. Two ropes are 
used for the vertical evacuation. The belay rope to the 
litter is configured with a figure-cight knot and a locking 
stee] carabiner. A double-tape sling is passed between 
the two steel frame bars forming the main body at the 
head of the litter (figure 22-83). The sling should pass 
outside of the four joining bars between the frame bars. 
Both ends of the sling are connected into the belay rope 
carabiner. Two carabiners are connected to the win- 
dows on one side of the litter. The second rope runs 
down the side of the litter through these carabiners to 
finish at the foot of the litter. A figure-eight knot is tied 
in the end of the rope. The seat harness of the bar- 
relman attaches to this knot. A figure-cight knot is ticd 
in the end of the sling and a carabiner chipped into the 
knot and connected to ihe foot of the litter (figure 
22-84). A knot is added to the other end of the sling. A 
carabiner is added to the mariner’s loop and connected 
to the barrelman’s chest harness. As in the horizontal 
evacuation, the commands are given by the barreilman. 
The commands are the same as in the high angle hori- 
zontal litter evacuation (figure 22-85). 


j. Horizontal High Angle Litter Evacuation. The hori- 
zontat litter evacuation is the preterred position for an 
injured patient. This position allows for easier medical 
lreatment and is required for shock prevention. The 
danger of this position is the patient's exposure 1o 
rockfall. Because of its complexity, it is also the most 
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CARABINER 
BRAKE 


Figure 22-82. Hookup for Buddy Evacuation. 


potentiaily dangerous evacuation and should not be 
done unless no alternative exists. 

(|) Team Composition. This method requires a 
minimum of three highly qualihed team members. It 
also requires a great deal of equipment. It should not be 
attempted without the required equipment and quall- 
fied team members, Because the relative nature of the 
htgh-angle litter cvacuation is potentially dangerous. the 
margin of safety must far exceed the stress on equip- 
ment. The safety factor 1s greatly increased by using 
equalizing anchors, two ropes for lowering a belayer. a 
rope handler, and a mechanical brake system. The high- 
angle evacuation on vertical walls is performed by only 
one litter bearer with the litter fully supported by the 
lowering ropes. However, on walis which are not verti- 
cal, it requires a great dea) of strength 16 pick up the 
litter and walk it down. When an injured victim is ona 
steep wall. a second person will administer first atd and 
then assist in loading the victim into the litter. In fact, 
this “second person” may perform the technically most 
difficult part of the evacuation in loading the injured 
person. In some cases. a “third person” can help load a 
severely injured patient. The job of the barretman is to 
get the litter to the victim. to see that the victim is 
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Figure 22-83. Attaching Rope to Stokes Litter. 


properly toaded and secured. to give the victim a 
smooth evacuation by preventing the loaded litter from 
knocking against the rock, and to administer first aid to 
the victim if necessary. For first aid purposes. the litter 
should normally be horizontal. Proper operation of the 
brake controlling the lttter ts essential. 

(2) Rigging the Litter. Two 76-inch Mountain Lay 
ropes are used for lowering. cach terminating in a figure- 
eight knot with a 4- to 5-foot tail, attached to a large 
locking steel carabimer. Each tail will terminate with a 
figure-cight knot and safety knot. One end will be at- 
tached to the scat harness of the barrelman and the 
other will be attached to the patient. These ropes should 
be the same length for ease in rope changes. and ideally 
the ropes will also be matched in clasticity and of simt- 
lar wear. The spiders are the nyion slings. between 30 to 
36 inches long. which attach the litter to the rope. These 
spiders are attached to the litter with large locking cara- 
biners. These large carabiners are clipped over the outer 
rail of the Stokes litter and should have their gates fac- 
ing in and locked (figure 22-86}. If these carabiners are 
not available, the spiders can be aliached to the major 
upright supports in the window of the litter with @ doub- 
le round turn and two or more half hitches. There are 
four spiders. One group of two spiders ts attached to the 
windows at the sides of the litter at the head. The head 
group of two spiders is atlached io the window at the 
sides of the foot of the litter. The spider groups should 
be connected with the key iocking carabiner. This cara- 
biner is attached to both of the ropes (figure 22-87). The 
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Figure 22-84. Tie-Ins for Foot of Litter. 


spiders should be adjusted so the litter is horizontal or 
with the head only slightly elevated. The patient is tied 
into the litter in the same way as for the low-angle litter 
evacuation. However, the patient should have a chest or 
seat harness on. The figure-eight knot from one of the 
lowering ropes must be attached to the chest harness 
with a standard locking carabiner. 

(3) The Barrelman. The barrelman is attached to 
the other lowering ropes by the figure-eight knot at the 
end of this rope. This rope is attached to the bar- 
relman’s seat harness with a standard locking carabiner. 
This is a safety line only. The majority of the bar- 
relman’s weight is supported with a 7 mm line which 
attaches the barrelman’s seat harness with a standard 
locking carabiner to the key character. This line is se- 
cured with a prusick or Bachman’s knot. The mariner’s 
knot can be adjusted so the rescuer’s feet are flat on the 
rock below the Stokes litter. The rescuer should be abie 
to shield the patient with the upper body. 

(4) Anchors. The anchor location should be directly 
above the victim if possible. For an evacuation on a 
large face when visibility is good, a spotter on the 
ground with a plumb bob can direct an accurate align- 
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Figure 22-85. Horizontal Descent of Litter. 


ment of the anchor over the victim by communicating 
to the people on top. If the cliff is not vertical, the 
observer must observe the cliff “hang-on” and must be 
in the vertical plane containing the fall line through the 
victim. If the cliff is irregular, the plumb bob technique 
may be unreliable, but the observer may still be the best 
source of information in locating the anchor. If the 
anchor is placed in such a way that the rope will have to 
pass over a sharp corner of rock at the lip of the face, 
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ATTACHING POINTS 
FOR CARABINERS 


Figure 22-86. Attaching Points for Carabiners. 


the corner should be “softened” by breaking the edge 
with a hammer and by securing padding. If possible, an 
equalizing anchor system (figure 22-88) should be used 
for anchoring the top brake systems. This is the safest 
anchor system to use because it will adjust for a shift in 
position and the shock load will be equally distributed if 
one of the individual anchors fail, the litter bearer falls, 
or the braking is of a fast descent. 


(5) Braking System. The four-carabiner or figure- 
eight clog brake system can be used: however, the four- 
carabiner system is superior. This brake system will 
have a brake operator assigned. The brake operator ob- 
viously plays an important part in a successful evacua- 
tion, and should use gloves and avoid touching a hot 
braking device. To maintain full control while lowering, 
the brake operator shouid never let go of the ropes until 
tied off or “off belay.” The operator should keep the 
descent smooth and steady, feeding the ropes equally 
into the brakes and never allowing a kink to form. A 
kink may jam in the brake and be difficult to release. 
Smoothness is easily produced if the loading by the 
litter is steady and has sufficient weight to require the 
brake operator to maintain a moderate grip on the rope 
and let the litter do the pulling. The litter should nor- 
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Figure 22-87. Rigging the Stokes Litter for Horizontal 
Evacuation. 


mally remain horizontal; thus the two lines lowering the 
ropes should be fed equally into the brake. The ropes 
may be grasped together by one hand and fed equally, 
even with unbalanced loads. It is often helpful to the 
brake operator to have a rope handler pull the rope 
which is not feeding rapidly enough through the brakes. 
This is particularly useful when the litter is lightly 
loaded, 

(6) Rope Management. The proper management of 
the rope by the team at the top is essential for efficient 
evacuations. In fact, the overall job on top usually in- 
volves more thought and skili than is required by the 
litter bearer. The operations on top are best done by at 
least two people. The brake operator directly controls 
the speed of descent. A rope handler provides slack rope 
with no kinks to the operator and assists on the brake 
when required. The rope handler’s tasks are crucial 
since the evacuation comes to a rapid halt if the ropes 
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become snarled. The ideal situation on top is to be able 
to lay the lowering ropes out in a straight line in their 
entire length. The rope handler will then have an easy 
time assisting the operator. If space is limited, the ropes 
can be stacked separately and neatly. There may be a 
tendency for the rope to kink at the brake, in which case 
the rope handler will stay busy twisting and spinning the 
slack rope. 

(7) Handling the Litter. The barrelman will always 
wear a hardhat, pack, and gloves. The reason for this is 
that in case small rocks fall toward the helpless victim, 
the barrelman can lean over the victim providing a 
shield; and the packs and hardhats protect the bar- 
relman. The victim will also wear a hardhat (when pos- 
sible). A redundant barrelman tie-in is used for safety, 
and the locking of doubled carabiners should be used to 
prevent the barrelman tie-in from being accidentally 
released. Smooth handling of the litter by a skilled bar- 
relman is the best way to ensure a safe ride down for the 
victim; banging the litter against the rock is very hard 
on the victim, and poor handling of the litter may result 
in injury to the barrelman. In starting the evacuation, 
the barrelman may have to carry the litter a short dis- 
tance at the top of the face taking care that ropes are 
positioned over a smooth rounded edge of the cliff and 
the spider carabiners have gates facing in. Once their 
weight is on the lowering ropes, the barrelman’s main 
job is to hold the litter away from the rock. The feet are 
used against the rock as they are in rappelling to main- 
tain footing. The barrelman’s position on a nearly verti- 
cal wall is to be hanging from the tie-ins which may be a 
comfortable seat sling. The barrelman (figure 22-88) is 
normally on the outside of the litter (away from the 
rock), gripping the outer or an underneath rail to hold 
the litter still farther off the rock to clear projections, 
etc., or to level the litter if loading is uneven, Occasion- 
ally, the rail at the cliff face is grasped, but care must be 
taken to avoid getting crushed hands. 

(a) The descent is easy on flat, smooth, vertical 
walls, On a wall with obstructions, footwork techniques 
are the same as in rappelling. The legs should be perpen- 
dicular to the wall and spread comfortably apart. The 
Prusick or Bachman’s knot should be adjusted so the 
barrelman moves the litter to the edge of a vertical face 
and may require readjusting so the space between the 
litter and the barrelman can be maintained. The bar- 
relman will be bent at a 90-degree angle at the waist 
which will enable the barrelman to bend over to protect 
the patient or administer first aid. 

(b) The litter must be secured to an anchor to 
keep it from sliding and falling. The lowering ropes 
should be removed from the spiders and the knots un- 
tied to allow the ropes to be hauled back to the summit 
without a knot jamming. The spiders themselves should 
not be dragged up the cliff because of the danger of 
jamming. Normally, the ropes will be pulled up and 
carried down rather than dropped because of the possi- 
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Figure 22-88. Body Position for Rescuer. 


bility of snagging or damage. After the evacuation is 
complete, the litter should be moved to an area shel- 
tered from falling rock. 

(8) Communication. The general goal of the brake 
operator is to lower the litter smoothy and safely as 
directed by the barrelman. The commands to be used 
are as follows: 

(a) “ON BELAY” - Has the usual meaning and is 
used before the evacuation begins. 

(b) “ROPE” - Means for the brake operator to 
feed the lowering ropes equally through the brake at a 
moderate speed. 

(c) “SLOW ROPE” - Means for the brake opera- 
tor to feed the lowering ropes equally through the brakes 
at a slow speed. 

{d) “BRAKE” - Means for the brake operator to 
brake both lowering ropes simultaneously. 

(e) “SECURE” - Means to maintain the brake 
until the litter is anchored or in a position where it will 
not fail. 

(f) “UP ROPE” - Means the litter is detached and 
all knots and slings have been removed. The rope can be 
pulled up without becoming caught on rock outcrop- 
pings or in cracks. 

k. Horizontal Hauling Lines and Tyrolean Traverse. 
A suspension system used to transport a load off the 
ground along a taut (static) line may be useful when 
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crossing streams, gorges, or other difficult terrain. These 
systems can be used for team movement or for trans- 
porting victims. The two-rope bridge is time consuming 
to set up, but in spite of the complexity the techniques 
can be useful in rescue. However, time should not be 
wasted waiting for the system to be set up. Sometimes 
the rigging may be done while the victim is being trans- 
ported to the crossing site. Since system stresses are 
often great, the margin of safety is smaller than usual or 
desirable in rescue operations, and the rigging should be 
supervised by someone experienced in the techniques. 


(1) Anchors. A major requirement for any suspen- 
sion system is the availability of secure anchors at each 
end. Anchors have to be as strong for this use as in any 
mountain rescue. To withstand the high-line stress, the 
anchors may have to be a combination of several anchor 
points rigged to be self-equalizing. For reasonable safe- 
ty, each anchor system should be able to hold at least 10 
times the load to be transported. 

(a) The anchors must be suitably placed in addi- 
tion to being strong. To prevent the load from “bottom- 
ing out” or to minimize line tension by increasing sag, 
the anchors must be placed in a high location. If the 
rope contacts any sharp rock, the rock edges must be 
padded with suitable material such as feather gloves, 
pack, tree branches, etc., since a taut rope can be easily 
cut. The anchors should be 6 to 10 feet back from the 
edge of the stream or cliff to provide for loading and 
unloading. The rope should be 3 feet or more off the 
ground at these positions, and if good anchors do not 
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allow this, A-frames may be improvised from sturdy 
tree trunks, 

(b) If possible, two ropes or a double rope should 
be used to increase the safety margin. However, one 
rope will work although the strength of the system is 
decreased. It is very important to understand the stress- 
es involved with this system. For example, if the rope 
span is 40 feet and the sag in the middle of the rope is | 
foot with a 200-pound load, the rope tension is approxi- 
mately 2,500 pounds. However, if the sag is 4 feet in a 
40-foot span, then the tension is 650 pounds. 


(2) Establishing the Two-Rope Bridge. Connect the 
center of the rope through the anchor. Do not tie, but 
simply pass through a carabiner. If the span requires 
two ropes to be tied together, a double figure eight 
should be used with single fisherman safeties. A carabi- 
ner must be placed in the double figure eight; if not, the 
double figure eight will be difficult to untie. One team 
member will cross the obstacle carrying the two ends of 
the rope plus the hauling rope. Once across, an anchor is 
established and one end of the rope connected to it 
(figure 22-89). Remove as much slack as possible so the 
knot wiil be taut against a 4-inch pulley or carabiner on 
the opposite side when tied off to the anchor system. 
The other end of the rope is then put through a 3:1 
mechanical advantage system. 


(a} To use the mechanical advantage, a safety 
prusik is attached to the rope. This safety prusik must 
be attached to a stout anchor and be as iong as practical 
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Figure 22-89. Horizontal Hand Evacuation System. 
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Figure 22-90. Rigging Hand Evacuation System. 


to hold the tension on the rope and to slide forward as 
the slack is pulled out of the rope. The rope is then 
passed through a carabiner which is attached to an 
anchor. A smaller prusik sling is tied on the rope behind 
the first prusik. A carabiner is attached to the prusik 
sling. The rope is then passed through this carabiner. 
The rope should resemble a “Z” when the running end 
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is pulled toward the anchor. This is called a “three to 
one mechanical advantage” because there are three 
moving lines. The force of pull on the running end of 
the rope will be increased (ideally) three times. This 
does not account for the friction of the rope passing 
over the carabiners or pullies. 

(b) Using the mechanical advantage, the follow- 
ing steps should be used to tighten the rope. Pull on the 
hauling line or the running end of the rope until the 
snap links come together. Have another person keep 
this safety prusik slide out as far forward as possible. 
Then let the safety prusik take up the load, while slowly 
letting slack out of the running end of the rope. Then 
slide the second prusik out as far as possible, and repeat 
the entire maneuver. When the rope is tight enough, tie 
the rope off (figure 22-90). 

(3) Crossing the Two-Rope Bridge. Half the team 
will now cross the rope by means of the Tyrolean trav- 
erse. This is a means of crossing a suspended rope while 
being secured to the rope. A pulley or carabiner is at- 
tached to the rope and clipped into the seat harness. 
The person then hangs under the rope and pulls hand 
over hand to the other side. The load is placed on the 
rope by pulleys or carabiners. The end of the second 
rope is tied to the load and used to pull the load across 
the rope to the other side (figure 22-91). Once the pa- 
tient is secured in the litter, the slings to hold the litter 
horizontally can be attached. There are six slings in all, 
one set of three at the foot of the litter. In each of the 
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Figure 22-91. Rescuer Traversing. 
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Figure 22-92. Rigging the Horizontal Hauling System. 


sets, One is attached to the end of the litter and the other 
two to the sides of the litter. The slings are about 20 
inches long and attached to the inner rail of the Stokes 
litter with a round turn and two half hitches (figure 
22-92). The remaining team then crosses the rope. Each 
set of slings is attached to a steel “D” locking carabiner. 
A short length of rope will join the two carabiners for 
equal pull during the traverse. An in-haul line should be 
attached to the litter to control the descent or to haul 
across the open expanse (figure 22-93). To retrieve the 
rope, the anchors are removed and the rope simply pul- 
led across the obstacle. If an artificial anchor was used 
for the midrope anchor, it is not retrievable (figure 
22-94). 

(4) Crevasse or Ravine Recoveries, The ability of a 
team to recover a victim below them, as in a crevasse, 


PULLING LITTER 
WITH HAULING LINE 
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requires the use of a mechanical advantage. A mechani- 
cal advantage is the arrangement of ropes and use of 
pulleys to arrange a system which will allow a force 
directed on the system to produce a lifting power in 
multiples of the force. The primary use of a mechanical 
advantage is to perform vertical lifts as in crevasse or 
cliff rescue and to apply tension for tightening the sys- 
tem used in construction of hauling lines (figure 22-95). 
The mechanical advantage can be in different ratios 
depending on the number of pulleys and changes of 
direction. Pulleys should be used when a rope passes 
through a carabiner. If pulleys are not available, a cara- 
biner can be used; however, a larger amount of friction 
will be present causing a loss of some of the advantage 
in the system. Rope placement is important in the con- 
struction of a mechanical advantage. The ropes should 
run side by side with no twist around each other. Two 
basic types are illustrated. The Z-pulley method uses a 
portion of the load-bearing rope to make the mechani- 
cal advantage and, therefore, is a one-rope system (fig- 
ure 22-96). The second type uses a second rope to estab- 
lish the mechanical advantage on the load-bearing rope 
(figure 22-97). 


(5) Z-Pulley System. This system of mechanical ad- 
vantage is used to lift a fallen climber or stranded indi- 
vidual out of a crevasse, up a cliff face, etc. If the fallen 
climber is attached to a rope, this rope may be used for 
the system. If the climber is not attached, it will be 
necessary for a member of the rescue team to rappel or 
be belayed down to the climber. The rope should be 
connected to a seat harness and a chest harness. An 
improvised harness may be required (figure 22-97). Pull 
all rope slack up from the crevasse. Near the edge, 
anchor a prusik sling and attach it to the rope. This 
keeps the rope from slipping back down over the edge. 





Figure 22-93. Pulling the Litter. 
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Figure 22-96. Two-Pulley System. 


An anchor system should be established back from the 
crevasse and a pulley attached to the anchor. The rope 
is routed from the crevasse through this pulley. The 
rope comes out of the pulley and runs back to the 
crevasse edge. Here another prusik sling is added to the 
rope as it comes out of the crevasse and a pulley at- 
tached to it. The rope from the anchor pulley is passed 
through this pulley. The system is now complete. The 
operation is conducted by pulling on the standing end of 
the rope until the second prusik sling is pulled to the 
anchor pulley. The prusik at the edge of the crevasse 
takes the load while the other prusik is reset in the 
original position. Continue with the lift until the climb- 
er is free of the crevasse. 


(6) Added Rope Mechanical Advantage. This sys- 
tem requires an additional rope to form the system. As 
in the Z-pulley system, a rope from the fallen climber is 
required. Pull all rope slack up from the crevasse. Estab- 
lish an anchor and connect a prusik sling to the anchor. 
Secure the belay rope with this prusik sling. Establish 
two separate anchors and anchor one end of a long sling 
to the anchor nearest the belay rope. Attach another 
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Figure 22-97. Second Rope Added. 


prusik sling to the belay rope between the anchor prusik 
and crevasse edge. On the standing end of this sling, 
attach a carabiner using a figure-eight knot. Attach an- 
other carabiner through the body of the figure-eight 
knot. Place a pulley on each of these carabiners and on 
the remaining anchor point. Run the long sling through 
the pulley at the end of the sling, back through the 
pulley on the second anchor, and through the remaining 
pulley in the body of the figure-eight knot. The system is 
ready for operation (figure 22-96), Pull on the long sling 
end until the prusik with the two carabiners is pulled 
into the anchor system for the long sling. Allow the 
anchor prusik to hold the weight and reset the long sling 
in the initial way. Continue with this procedure until 
the climber is raised from the crevasse. 


(7) Gorge Lift Rescue System. One rescuer rappels 
to the climber while the other goes around the crevasse 
or gorge to the other side. An anchor is established on 
both sides. The end of one rope is thrown across to the 
far side where it is attached to the anchor. The center of 
the rope is allowed to drop in the crevasse where the 
climber is attached to it by a pulley. The end of a second 
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tension is taken by the mariner’s knot. Replace the rope _ the tension is again on the belay system (figure 22-100). 
through the belay immediately behind the knot and se- Continue with the descent and repeat procedures as 
cure the brake. Slowly remove the mariner’s knot until necessary. 


i 


gy] a ltititias 
Sr 





Figure 22-100. Rope Bypass. 
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Chapter 23 


WATER TRAVEL 


23-1. Introduction. In this chapter, the travel techniques 
which can be used on 71 percent of the Earth’s surface, 
the water environment, will be addressed. The tech- 
niques of river and open sea travel may be adapted to 
other water features such as swamps and lakes. In the 
paragraphs concerning open sea travel, the environmen- 
tal factors of oceans of the world will be considered as 
they relate to travel. The techniques for individual 
water rescue and swimming are important for recover- 
ing injured survivors and equipment. Additionally, the 
problem of submersion must be considered as well as 
how the antiexposure suit, life preservers, and liferafts 
can extend a survivor’s life expectancy. This is why a 
survivor must be familiar with the individual rafts and 
raft procedures. The ultimate goal of a survivor on the 
open seas is to be rescued; however, a second goal, if 
rescue is not made, would be to make it to land. A 
thorough knowledge of water travel techniques will 
greatly increase the survivor's chances of reaching land- 
fall. If done correctly, landfall can be reached with mini- 
mum loss of equipment or injury. 


293-2. River Travel: 

a. Rivers have been used for centuries in all environ- 
ments as a safe means of travel and is the reason why 
most of the cities of the world are located on rivers. It is 
not uncommon for a river to flow at 4 or 5 knots per 
hour. A survivor could travel 20 to 25 miles in 5 hours 
of travel. This may contrast greatly with the rate of 
travel on land. The amount of energy required to carry 
survivors’ equipment and other supplies and to travel 
20 to 25 miles on land is much greater. 

b. Each major continent has thousands of miles of 
navigable rivers. Some rivers such as the Nile, Amazon, 
Mississippi, Lena, and Mackenzie have hundreds of 
miles of navigable water with seldom a ripple. These 
navigable sections are generally found flowing through 
the flatiands, plains, tundras, and basins of the world. In 
these areas, only the temperatures of the water and the 
plant and. animal life may present hazards. In contrast, 
the headwaters of rivers, like the Mackenzie, Yangtze, 
and Ganges, are so rough that they would best be cate- 
gorized as a threat to life. This would also be true of the 
Snake, Salmon, and Rogue Rivers of the Northwestern 
United States. These rivers, although traveled by white 
water rafters, pose an unreasonable hazard to survivors. 
Survivors must take into account individual or group 
skills, injuries, type and severity of rapids, the tempera- 
ture of the water, and direction the river flows in mak- 
ing the decision to travel. Even if a portage of several 
miles is required, the energy saved by floating on a river 
might warrant river travel. However, once the energy 
expended for portage exceeds the energy conserved by 


floating a section of a river, the river as a mode of travel 
should be abandoned. 

c. In a nontactical situation, rivers will most likely 
carry survivors to indigenous people who could aid the 
survivor in meeting the basic needs for sustaining life 
and effecting rescue. Even if some form of civilization is 
not encountered, the survivors would most likely reach 
a lakeshore or even the seacoast. These environments, 
particularly the seacoast, provide transition zones from 
land to water which are rich in food and other survival 
resources. In these areas, the resources could improve 
the chances of survival. It is much easier to spot signs of 
survivors along a shore versus the interior of a 
landmass, 


23-3. Using Safe Judgment and Rules for River Trav- 
el: 

a. There are certain safety rules and guidelines that 
must be followed to reduce the dangers associated with 
river travel. Respect for these rules and guidelines is 
necessary to reduce the potential dangers. 

b. The most important safety rule is personal prepara- 
tion. Preparation should begin by thoroughly scouting 
the river. The conditions of the river will determine the 
intermittent stops. High ridges along river edges pro- 
vide needed visibility to plan each leg of travel. If there 
are numerous bends and poor lookout points to view 
the river, stops are frequent. Sound judgment must be 
used when planning routes. Patience in planning each 
leg of travel helps prevent disaster. All survivors must 
prevents know the plans and be able to handle the route 
safely, considering their skills and strength. Survivors 
should be aware of and avoid river hazards and have 
alternate routes and communication signals in case flow 
conditions suddenly change, making the run more diff- 
cult. All rapids which cannot be seen clearly from the 
river should be scouted. The route should be discussed 
with the crew. The skills, knowledge, and abilities of the 
aircrew members must be considered, including swim- 
ming abilities and physical condition. Areas of high risk 
should not be attempted. Before reaching an area of 
suspected great difficulty, rafts should be beached and 
carried to the next point of travel; this is called 
portaging, 

c. Before entering the raft, survivors should don life 
preservers and suitable clothing for adequate protec- 
tion. The equipment should be tested to ensure it is 
serviceable. Bulkiness is not advisable due to the possi- 
bility of the raft capsizing and being weighted down 
with water. The antiexposure suit (if available) should 
be worn. Items that might absorb water should be 
packed in a waterproof container. The survivor should 
ensure that: 
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(1) All medical supplies, repair kit, and survival kit 
are in the raft. 
(2) Survival kit is checked and inventoried. 
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Figure 23-1. One-Man Raft. 


(3) Extra efforts should be made to keep supplies 
and equipment in good condition. 

(4) All items are secured to the raft to prevent loss 
and (or) injuries. 

(5) Before use, the raft is checked for leaks and 
necessary repairs are made. 

d, When using a one-man raft for river travel (figure 
23-1), it may be advisable to tie or cut off the ballast 
bucket, fasten the spray shield in the opened position, 
and remove the sea anchor to prevent problems with 
swamping or entanglement with subsurface obstacles. 
Without the ballast bucket, the raft can be easily 
maneuvered by paddling with the backstroke or for 
slight adjustment, with a front stroke. When using ei- 
ther the backstroke or the front stroke, the survivor will 
find it easier if the two underarm cells of the life pre- 
server underarms (LPU) are disconnected in front and 
the cells placed behind the back (figure 23-2A). This 
gives the survivor a full range of motion. When rough 
water is encountered, the survivors should fasten the 
LPU and face downstream. 

e. One of the primary methods of avoiding hazards on 
the river is to slow the speed of the raft and move across 
the river, avoiding a collision with the obstacle. This 
ferry position should be initiated early to avoid large 
rocks and reversals in the river. If the collision obstacles 
_ are to be avoided, point the bow of the raft toward them 
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and backstroke against the current to slow the speed of 
the rafi’s downstream progress and move it across the 
river. Usually, the best angle is about 45 degrees to the 
current. The greater the angle, the quicker the move- 
ment across the river, but this also increases the down- 
stream speed of the raft. Decreasing the angle will slow 
downstream speed, but movement across the width of 
the river will also be decreased (figure 23-2B). The raft 
will be more maneuverable if it is well inflated. If the 
raft should pass over a rock, arch the back up to prevent 
injury to the buttocks or back. 

f. When using multiplace rafts, the boarding ladder 
and sea anchor should be removed to prevent entangle- 
ment. If available, about 50 feet of line should be tied 
on the bow and stern of the raft to be used for tie-offs. 
An additional 200 feet of line should be coiled and 
tucked away for emergency and rescue work: one end is 
secured to the raft while the other end has a fixed loop. 
An improvised suspension line rope may be used for 
this; for example, three-strand braid can support about 
1,000 to 1,500 pounds of pressure, or a two-strand twist 
strengthens the line to support about 700 to 900 pounds 
of pressure (figure 23-3). 

g. Proper placement of equipment and personnel 
should equalize weight distribution to ensure stable 
control, overloading should be avoided. Assign person- 
nel crew positions and responsibilities in the raft; cap- 
tain (person in charge), stern paddler (maneuvers raft), 
and side paddlers. Twilight and night rafting should be 
avoided (nontactical) as poor visibility increases danger. 

h. Two ways to steer a multiplace raft are: 


(1) To steer a raft by using sweeps (long oar) and 
poles. A pole is more efficient in fairly shallow water, 
but a sweep is preferable in deep water. Poles and 
sweeps from both ends of the raft are used. The person 
in the bow (front) can see any obstructions ahead, and 
the one in the stern (rear) can follow directions for steer- 
ing. Poles are also useful for pushing a raft in quiet 
water. 


(2) Paddle techniques are used to maneuver the 
raft. When paddling, there are three possible body posi- 
tions on a raft. The best way is to sit on the upper 
buoyancy tube with both legs angled to the inside of the 
raft. The body should be perpendicular to the sides of 
the raft, enabling the rafter 10 paddle. Another way is to 
sit cowboy style, straddling the upper bouyancy tube of 
the raft with one leg on either side, and folding at the 
knee with each leg back. However, the outside knee may 
collide with obstacles and cause injury. The third way ts 
normally used in calmer waters because it consists of 
partially straddling the upper tube, with legs comforta- 
bly extended. In a smaller raft, the survivor may be able 
to sit down inside the raft and reach over the buoyancy 
tube. The following strokes can be done from these posi- 
tions. Knowing the parts of paddles will heip in explain- 
ing the different paddling strokes (figure 23-4), 
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Figure 23-2. One-Man Raft (Paddling). 


(a) One of the easiest is the forward stroke which 
is done in smooth continuous movements using these 


techniques: 
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Figure 23-3. Seven-Man Raft. 


-1. Thrust the blade of the paddle forward us- 
ing the outboard arm, then momentarily keeping the 
outboard arm stiff and away from the raft, push the 
grip. The inboard hand is then moved forward to cut 
the blade deeply into the water. Continue the stroke by 
pushing on the grip and pulling on the shaft keeping the 
blade at a 90-degree angle to the raft. Stop the motion as 
the blade comes slightly past the hip, because a full 
followthrough provides little forward power and wastes 
valuable energy. Slide the blade out of the water by 
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pushing down on the grip and swinging it toward the 
inboard hip and turning the blade at a paralle! angle to 
the water once it has cleared the water. By paralleling 


GRIP 
SHAFT THROAT 
; BLADE TIP 





Figure 23-4. Paddle. 


the blade, it cuts wind and wave resistance and saves 
time and energy. This cycle is repeated until the strokes 
are changed. 

-2. In mild water, there is no need to over reach 
or excessively twist the upper trunk of the body. When 
extra speed is needed, lean deeply into the strokes which 
brings the entire body into play. Position the inboard 
hand across the tip of the paddle grip and the outboard 
hand halfway to three-fourths of the way down the 
shaft. 

(b) The opposite of the forward stroke is the 
backward stroke. The blade is thrust into the water just 
behind the hip, and pressure applied by simultaneously 
pushing forward on the shaft and pulling back on the 
grip. End the stroke where the forward stroke would 
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Figure 23-5. The Paddle Strokes. 


begin, and again angle the blade out of the water back to 
the beginning of the backward stroke. 

(c) The draw and pry strokes are opposite side- 
ways strokes. These strokes are good for small sideways 
maneuvers and for turning the raft when used from the 
front or rear of the raft. 

-l. Drawstroke, Reach out from the raft, dip 
the blade in parallel to the raft, and pull on the shaft 
while pushing on the grip. Pull the blade flat to the side 
of the raft. Pull the paddle out and repeat. 

-2, Pry stroke. Dip the blade in close to the 
raft, and push out on the shaft while pulling in on the 
grip. 

(d) The fifth stroke, called the calm water crawl, 
is used alternately with the forward stroke when pad- 
dling through long calms. Sit cowboy fashion while fac- 
ing the stern and hold the paddle diagonally in front 
with the shaft which is held by the outboard hand 
against the outboard hip and the grip held by the in- 
board hand in front of the inboard shoulder. Extend the 
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inboard arm to swing the blade behind, dip the blade in 
the water, and pull back on the grip, prying it forcefully, 
using the hip as a fulcrum (the point of support on 
which a lever works). Using the shoulder, hip, and hand 
as assisters, the crawl is easy yet powerful (figure 23-5). 
(e) The ferry is a basic paddle maneuvering tech- 
nique used to navigate bends and to sidestep obstacles 
in swift currents, The ferry is essentially paddling up- 
stream at an angle to move the raft sideways in the 
current. Paddle rafts can ferry either with the bow 
(front) angled upstream or downstream. The bow-up- 
stream ferry is stronger because it uses the more power- 
ful and easier forward stroke. It is carried out by placing 
the raft at a 45-degree angle to the current with the bow 
angled upstream and the side toward the desired direc- 
tion. The bow-downstream ferry is weaker because it 
uses the less powerful backstroke, but it does offer cer- 
tain advantages. It enables paddlers to look ahead with- 
out straining their necks, and makes it easy to put the 
bow into waves (figures 23-6 and 23-7). It is carried out 
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by backstroking with the stern (back) angied upstream 
at a 45-degree angle and the side facing the desired 


direction. 


(f) There may be times when the only way for a 
heavy raft to enter a small or violent eddy is with a 
reverse ferry (figure 23-8). The following steps may be 
used for an oar or paddle raft, except the paddle raft 
approaches the eddy bow first and finishes in a bow- 
upstream position: 


-]. Raft approaches sideways. 

-2. Raft turns around to angle its bow 
downstream. 

-3. With careful timing, the captain should 
have the crew begin to pull powerfully on the paddle. 
The angle of the raft to the current can be close to 90 
degrees, but is best at about 45 degrees. 

-4, While aiming for the eddy, the crew should 
continue with the front stroke and gain momentum, 

-5. With the crew still using the front stroke, 
the raft breaks through the eddy fence. 

-6. With the bow in the upstream eddy current 
and the stern still in the downstream current, the raft is 
spun into a normal ferry angle. The crew continues 
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Figure 23-6. The Paddle Ferry. 
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with the front stroke while making the necessary turn to 
bring the boat entirely into the eddy. 

-7, The raft rides easily in the eddy. (NOTE: 
The reverse ferry and eddy turns are not only used to 
enter eddies, but can also be used to dodge through tight 
places. The reverse ferry (or sometimes an extreme fer- 
ry) scoots the raft sideways, the eddy turn snaps the bow 
into a bow-downstream position, and the raft, rather 
than entering the eddy, rides the eddy fence past a ma- 


jor obstruction or hole.) 


(g) The straight forward paddle is used in calm 
and moderate waters where there is ample maneuvering 
time, Simply point the bow in the desired direction and 
follow the forward stroke method of paddling. The back 
paddle is performed the exact opposite of the forward 
paddle. Point the stern (back) in the desired direction 
and follow the backstroke method of paddling (figure 
23-5). 

(h} To make a left turn, the left side of the raft 
will backpaddle, while the right side paddles forward. 
It’s just the opposite to make the raft turn right. The 
right side on the raft backpaddles while the left side 
paddles forward—both performing the paddling ma- 
neuvers at the same time (figure 23-9). 
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Figure 23-7. Bow Downstream Ferry. 


(i) The pry and draw strokes are used to move the 
raft sideways (figure 23-10). 

(j} Stern maneuvers are used to increase the ma- 
neuverability of the raft. The paddle used at the stern of 
the boat ts basically a rudder which controls direction. 
To turn right, the paddle blade is held to the right, 
square against the direction of the current. To turn left, 
the paddle is held to the left. 

(k) Other strokes, such as a forward stroke or 
draw stroke, used at the stern of the raft, will cause it to 
turn or move faster. If stroking is done slightly to the 
side (either right or left) of the raft, it will help move the 
raft in the opposite direction (figure 23-11). 


{1} River travel requires fast, decisive action. 
Therefore, a paddle raft needs a captain to coordinate 
the crew’s actions by the use of commands or signals. 
Communications between captain and crew are crucial; 
all members must agree on a set of short, clear com- 
mands. The following are suggested commands: 

CAPTAIN’S COMMANDS: CREW RESPONSE: 
Forward Crew paddles forward. 
Backpaddle Crew does backstroke. 


Turn right Left side paddles for- 
ward, right side does 
the backstroke. 

Right side paddles for- 
ward, left side does the 
backstroke. 

Right side uses draw 
stroke, left side uses 
pry stroke. 

Left side uses draw 
stroke, right side uses 
pry stroke. 

Paddlers relax. 


Turn left 


Draw right 


Draw left 


Siop 


-1. Commands must be carried out immediate- 
ly, so the crews should practice until they can snap 
through all the commands without hesitation. The cap- 
tain controls both the direction and speed of the raft 
with a specific tone of voice and commands. This con- 
trot, and the captain’s ability to anticipate how the 
water ahead will affect the raft, will help avoid un- 
dercompensation and overcompensation of maneuvers 
through obstacles. Good captains think well ahead and 
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Figure 23-8. Entering an Eddy with a Reverse Ferry. 


move with the river, issuing commands precisely and 
sparingly, working their crews as little as possible. 


-2. When using commands and maneuvering 
the boat in harmony with the river’s currents, paddling 
can be easy and effective, even fun. When instant action 
is necessary, the captain may say, “paddle at will.” 
When time permits, the captain should introduce com- 
mands with a preparatory statement such as, “we're 
going to ferry to the right of that big rock. OK—(gives 
command).” This gives the crew time to prepare for the 
next response. If a command is not heard or under- 
stood, it should be repeated with zest until it is under- 
stood. If a raft member spots a better way through a 
rapid or channel, a fully extended arm is used to point it 
out. This signal, like the others agreed upon, should be 
repeated until it is understood. 


23-4. River Hydraulics. An understanding of river hy- 
draulics is important to the survivor. A knowledge of 
the types of obstacles and why they should be avoided 
or overcome is necessary for a safe river journey. 





a, Laminar Flow. The drag produced when moving 
water flows over or past various types of objects and 
surfaces is called a laminar flow (figure 23-12). The lam- 
inar flow principle is that various layers or channels of 
water move at different speeds. The lower layer of the 
river moves more slowly than the top layer. This is due 
to the friction on the bottom and sides of the river 
which is caused by soil, vegetation, or contours of the 
riverbank. The layers next to the bottom and sides are 
the slowest; each subsequent layer will increase in 
speed. The top layer of the river is only affected by the 
air. The fastest part of the flow on smooth straight 
stretches of water will be between 5 and 15 percent of 
the river depth below the surface. Even straight running 
riverbeds are not smooth; they have jutting and reced- 
ing banks on the sides which affect the laminar flow. 
The friction caused by the banks causes the sides of the 
flow to be slower than the midstream. The areas near 
the banks are more shallow and have fewer layers. 
When the river travels at 4 to 5 knots, turbulence begins 
to develop which interferes with the regular flow of the 
current. When this rate of riverflow is achieved, the 
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Figure 23-9. Turning the Raft to the Right or Left. 


friction between the layers of water will cause whirling b. River Currents: 
and spinning actions which agitates the smooth flow of {1) When a current of a river is deflected by ob- 
water, creating more resistance. structions, the overall downward flow of a river will 





Figure 23-10. Making the Raft Move Left or Right with Pry and Draw Stroke. 
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Figure 23-11. Stern Maneuvers. 


respond. These responses vary from mild to radical de- 
flection, creating direction and speed changes of water- 
flow. These changes are called reflex current. The reflex 
current responds to an obstruction such as bends or 
submerged rocks, 
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Figure 23-12. Laminar Flow. 
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Figure 23-13. Helical Flow. 
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(2) One response to the laminar flow is a spiraling, 
coil-springing flow called a helical current (figure 23-13) 
which corkscrews as a result of the friction with the 
riverbank. Going downriver, on the left side of the sup- 
posed straight-line river, the helical flow turns clockwise 
to the main current, and on the right side the helical 
flow is counterclockwise. This results from friction and 
drag caused by shallowing banks combined with the 
strong force of the main current flowing down. The heli- 
cal flow and the mainstream create a circular, whirling 
secondary current which travels down along a line near 
the point of maximum flow. Helical current flow starts 
along the bottom of the river going out toward the river- 
bank, surfacing, and then spiraling back into the main- 
stream at a downward angle. This flow causes floating 
objects around the edges to be pulled into the main- 
stream and held there. By understanding where the fast 
water is and how to observe the characteristics which 
show the current, a survivor can maneuver the raft to 
take advantage of the faster water to increase the rate of 
travel. Even at the quietest edge of a flow, particles are 
still drawn into the strongest part of the current. Lami- 
nar and helical flows are always present in fast-flowing 
rivers. 

(3) The main channel is the deepest part of the river 
and can wander from bank to bank. The turbulence 
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Figure 23-14. Macroturbulence. 


caused by the wandering main current erodes wide 
curves into sharper, more defined bends, creating indi- 
rect courses. 

(4) When the river makes sharp turns, the current is 
affected by centrifugal force swinging it wide into the 
outside bank. The helical current diminishes, being 
smothered by the laminal flow, thereby increasing the 
corkscrew effect on the inside of the curve. The surface 
water is being whirled hard in the direction of the 
outside curve of the bank; the faster the waterflow, the 
stronger the push. Floating objects are forced, with the 
surface water, to the outside of the curve and into the 
banks, usually getting lodged against and onto the shore. 

(a) A powerful helical flow not only pushes the 
surface outward, but as it swirls up from the bottom it 
carries sediment up with it. The sediment and other 
debris is deposited at the highest point of the inside 
bank of the bend. The sediment is then dropped during 
high water, and when the water recedes, a point bar 
(made of sand and gravel) is revealed. The point bar 
generally sticks out far enough to funnel floating objects 
into the swiftest part of the river during high waters, 
avoiding the sandbar. 

(b) Super-elevation is a feature where the water is 
being increased in volume, intensity, and height. When 
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both the stream volume and movement are high, 
centrifugal force exerts another type of influence on flow 
characteristics. The river surface water tends to curve in 
a dish shape towards the outer bend, like a banked turn 
on a racetrack. The dished inside curve is the easiest 
and safest route to travel through. If maneuvered cor- 
rectly, the slight rise of the water and the force of the 
current around the curve will cause the raft to slip gen- 
tly off the wave and into the quiet pools of water below. 
But if the raft was maneuvered across the line of the 
currents, the raft may either be sucked under by the 
dominant helical flow, or the power and force of the 
river on the outside of the dish on the curve could 
smash and pin any floating device against the outside 
bank. 

(5) Macroturbulence is any extreme, unpredictable 
turbulence (figure 23-14). It is an especially dangerous 
phenomenon caused by a drop or decline in the river 
bottom. The phenomenon also occurs when the water 
comes in contact with the river bend or rocks. The ex- 
treme amounts of froth created from the turbulence and 
the gravitational pull cause rafts to spin. Raft control is 
extremely limited because the lack of water viscosity 
causes resistance against paddles and a lack of buoyan- 
cy, making it difficult to float or maneuver. This type of 
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Figure 23-15. Anatomy of a River Bend. 


white water can be impassable, depending upon how 
extreme the dip and amount of waterflow. 


(6) Coming out of a sharp bend, the river currents 
are mixed, but the dangerous movement is still pulling. 
The result of the laminar flow shooting into a bank 
creates a helical flow effect immediately below the turn, 
where the river is still trying to assume a natural 
“straight” flow. Being a liquid, water cannot resist stress 
and it responds to a variety of obstacles (most common 
are submerged boulders) (figure 23-15). 


(7) When water flows over obstructions, such as 
submerged boulders, the character of the laminar flow is 
changed. As the water flows over the top of the rock, the 
layers of the laminar flow increase in speed. This is 
known as a venturi effect. The hydraulic area is a type of 
“vacuum” formed as water flows around the rock. Cre- 
ated directly below the obstruction are confused and 
disordered currents which accelerate the layers of the 
laminar flow (figure 23-16). 


(8) One type of hydraulic is the surge, which usually 
occurs when the current is slow and the water is deep. 
This hydraulic is formed downstream from an obstruc- 
tion with a surge in the water volume. When obstacles 
no longer have the ability to hold the water back, the 
pressure is released. Surges present few problems if the 
boulder or obstruction is covered with enough water- 
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flow to prevent contact when floating over the top. Sur- 
vivors should be aware of obstructions (known as 
“sleepers”) if the water does not sufficiently cover them 
(figure 23-17). Failing to recognize a sleeper can result 
in raft destruction and severe bodily injuries. With large 
sleepers, the water flows over the top creating a power- 
ful current. This powerful, secondary current is trying to 
fill the vacuum created by the hydraulic downstream 
action, 


(9) Another form of large sleeper is referred to as a 
dribbling fall. These are caused by minimal water flow- 
ing over submerged obstacles with considerable drop 
below. This type of sleeper causes a bumpy ride, reduc- 
ing speed, and can capsize the raft, 


(10) Breaking holes occur where a large quantity of 
water flows over a sleeper and the drop is not steep 
enough to create a suction hole (figure 23-18), A wave of 
standing water, much like an ocean breaker, is found 
downstream. This wave is stationary and can vary from 
1 to 10 feet high, and even though it lacks the strong 
upriver flow of a suction hole, it can be a trap for rafts 
too smail to climb up and over the crest. The size of the 
breaking hole and the survivor’s seamanship must be 
considered before tackling this obstacle. 


c. Suction Hole or Three-Dimensional Eddy: 
(1} The vacuum created by a suction hole is strong 
enough to pull a survivor wearing a life preserver be- 
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Figure 23-16. Response to a Submerged Rock. 


neath the surface. If pulled down into a suction hole, the 
survivor will normally be whirled to the surface 
downriver and returned to the suction hole by the 
upriver flow, to be pushed under once again. Objects 
too buoyant io sink normally remain trapped. It’s usual- 
ly difficult to identify a suction hole because there is no 
frothing, no obvious curling water, and little noise. Ex- 
treme caution should be used when a large bulge ap- 
pears in the water (figure 23-19). There are three possi- 
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Figure 23-17. Sleeper. 
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ble ways of surviving and avoiding serious injury in 
suction holes. One way is to find the layer of water 
below the surface which is moving in the same desired 
direction. The second way is to reach down with a pad- 
dle or hand and feel for a current which is moving out 
of the hole. However, in a large suction hole the down- 
stream flow will be too deep to reach. The survivor 
should attempt to cut across through the side of the 
eddy into the water rushing by. The final and best solu- 
tion is to scout ahead and try to identify the location of 
suction holes and avoid them. 


FROTHY CREST 


FALLS BACK ON INSELF & SMALL RAST 


CAN BE TRAPPED 
HERE 





Figure 23-18. Breaking Hole. 
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Figure 23-19. Suction Hole. 


(2) An eddy (figure 23-20) is a reaction to an ob- 
struction. The type of eddy which occurs next to the 
bank is caused by portions of the main current being 
deflected and forced to flow back upriver where it again 
joins the mainstream. These areas are usually associated 
with quiet and slow-flowing water. They are also associ- 
ated with areas where the river widens or just above or 
below a bend in the river. An eddy has two distinct 
currents: the upstream current, and the downstream 
current. The dividing line between the two is called an 
eddy fence. It is a line of small whirlpools spun off the 
upriver current by the power of the downstream 
current, 

{3) A two-dimensional eddy is when the tip of an 
obstruction is slightly above the water and causes a two- 
dimensional flow around the obstacle. Because of the 
speed and power of the current, the water is super- 
elevated and is significantly higher than the level of 
water directly behind the obstacle. This creates a hole 
which is filled by the flow of water around the obstacle 
(figure 23-21). Two-dimensional eddies which occur in 
midstream will create two eddy fences, one on each side 





Figure 23-20. Eddies. 
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Figure 23-21. Two-Dimensional Eddies. 


of the obstacle. The water will enter the depression from 
both sides and will travel in a circular motion, clockwise 
from the right bank, counterclockwise from the left 
bank, and back upstream directly behind the obstacle. If 
the projection is large enough and a strong circular mo- 
tion is created, it becomes a whirlpool. The outer 
reaches of the swirling water are super-elevated by 
centrifugal force and a suction is created, similar to a 
drain in a bathtub. These vortexes are very rare and 
usually occur on huge rivers. Survivors may stop and 
rest where the eddies occur since there should be no 
strong swift currents in the eddy. If the obstacle is huge, 
it may be impossible to paddle fast enough to cross the 
eddy fence without being spun around in a pinwheeling 
manner. 


d. Falls. In most falls, there are two reflex currents or 
suction holes forming, both whirling on crosscurrent 
axes into the falls (figure 23-22). One current falls be- 
hind the crashing main stream of water while the other 
falls in front. It’s not too dangerous on a 2- or 3-foot 
drop, but when heights of 6 or more feet are present, it 
could be a death trap. The suction holes formed below 
these falls are inherently inescapable because of their 
power. The foam and froth formed at the bottom of falls 
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Figure 23-22. Falls. 


can be dangerous. Jagged boulders and other hazards 
may be hidden. 


e. Boils. A boil may occur below a fall or sleeper, 
downstream of the curling or reverse-current suction. 
This appears as a dome or mound-shaped water forma- 
tion. Boils are the result of layers of flows hitting bot- 
tom, aimed upward, and reaching the surface parting 
into a flowerlike flow. The water billowing out in boils is 
super-oxygenated, taking away the resistance needed to 
push with the paddles or to suspend a survivor in a life 
preserver. 


f. Rollers. Another difficuity found when traveling on 
fast rivers are rollers. Rollers are large, cresting waves 
caused by a variety of situations. A wave seen below a 
breaking hole is one type of roller. Velocity waves are 
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Figure 23-23. Tail Waves and Rollers. 
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another type which occur on straight stretches of fast 
dropping waters and caused by the drag of sandy banks 
and submerged sandbars. They may be large enough to 
overturn a raft, but are easily recognized, and are usual- 
ly regular and easy to navigate by keeping the raft direc- 
tion of travel in line with the crest of the wave (figure 
23-23). 


g. Tail Waves. Tail waves are quiet waves which are a 
reflex from the current hitting small rocks along the bed 
of the river and deflecting the current toward the sur- 
face. They are usually so calm that going over them is 
not noticeable. 


h. Bank Rollers. Bank rollers are similar in appear- 
ance to crested tail waves and occur when there is a 
sharp bend in the riverbed which turns so sharply the 
water can’t readily turn in the bend. The water slams 
into the outside bank and super-elevates, falling back 
upon itself. Small bank rollers cause few problems, but 
large ones cresting 5 feet or higher can capsize a raft 
(figure 23-24}. There are three terms used to specify the 
severity or height of rollers; one being washboard. 
Washboard rollers are a series of swells which gently 
ripple and are safe and easy to ride. The next stage of 
rollers is called standing water (cresting rollers), where 
the speed of contours on the bottom are such that the 
tops of the swells fall back onto themselves. The most 
dangerous and insurmountable rollers are referred to as 
haystacks or roosters (figure 23-25). They resemble 
haystacks of water coming down from every direction— 
giant frothing bulges. They may be so high a raft cannot 
go over them. It would be easy to become trapped in a 
deep trough (depression) and be buried under tons of 
frothing water. These troughs also hide dangers such as 
sharp rocks which could tear a raft or break through the 
bottom of a boat. 


i. Chutes. River chutes are good, logical travel routes, 
but they may harbor dangers. A chute (or tongue) is a 
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Figure 23-24. Bank Roller. 


swift-running narrow passage between river obstruc- 
tions caused by a damming effect. An example would be 
water forced between two large boulders. Because the 
waterflow is restricted, it accelerates and a powerful 
current rushes through. Because of the water velocity, 
there may be a suction hole on either side of the chute 
(figure 23-26). 
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j- Log Jams (Tongue of the Rapids). Log jams are 
extremely dangerous. They consist of logs, brush, and 
debris collected from high waters that become lodged 
across the current. They remain stationary while the 
river flows through them. If a craft should be swept up 
against the stationary logs, it will be pinned in place by 
the current. Should the craft be tipped and swamped, it 
could be swept under the log jam. If the current is strong 
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Figure 23-25. Haystack. 


Figure 23-26. Tongue of the Rapids. 
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enough to do this, the occupants may also be pinned 
underneath the jam. 

k. Sweepers. Sweepers can be the most dangerous 
obstructions in rivers. A sweeper is a large tree growing 
on a riverbank which has fallen over and is resting at or 
near the surface of the water. It may bounce up and 
down with the current. Survivors may be suddenly con- 
fronted with a sweeper which blocks the channel while 
rounding a bend in a river. The survivors are relatively 
helpless when it encounters sweepers in swift water. The 
only precautionary measure is to land above a bend in 
order to study the river ahead. (NOTE: Many people 
have met disaster by hitting sweepers.) 


23-5. Emergency Situations: 

a. Rock Collisions. Collisions with rocks above the 
surface of the water are common occurrences on a river. 
If the collision is unavoidable, survivors should spin the 
raft powerfully just before contact, or hit the rock bow- 
on. If the survivor is able to spin the raft, it will usually 
turn the raft off and around the rock. If they hit the rock 
bow-on, it will stop the raft momentarily, giving time to 
manipulate a spin-off with a few turn strokes. When the 


HANDLING A BROADSIDE COLLISION WITH A ROCK 


JUST BEFORE & RAFT BROADSIDES ON A ROCK, FHE CREW SHOULD JUMP TO THE SIDE OF THE 
RAFT NEAREST THE ROCK. THIS LIFTS THE UPSTREAM TUBE AND ALLOWS THE CURRENT TO SLIDE 
EASILY UNDER THE RAFT. IF THE CREW IS NOT QUICK TO HOP TOWARD THE ROCK, SWIFT WATER 
WIL SPEEDILY SWAMP THE SAFT AND WRAP IT FLAT AROUND THE ROCK'S UPSTREAM FACE. 





Figure 23-27. Handiing Broadside Collision with Rock. 
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bow-on method is used, occupants in the stern (aft) 
should move to the center of the raft before impact. 
This allows the stern to raise and the rushing current to 
slide under the raft. If the stern is low, the water will 
pile against it causing the raft to be swamped. If survi- 
vors are colliding broadside with a rock, the entire crew 
must immediately jump to the side of the raft nearest 
the rock—always being the raft’s downstream side (fig- 
ure 23-27). This should be done before contact. If not, 
the river will flow over and suck down the raft’s up- 
stream tube. The raft will be flooded and the powerful 
force of the current will wrap it around the rock, possi- 
bly trapping some or all of the crew between the rock 
and the raft. Once it is unswamped, the broached 
(broadsided) raft on a rock is usually freed easily (figure 
23-28). If two people push with both feet on the rock in 
the direction of the current, the raft will swing or slide 
into the pull of the current. The rest of the crew should 
shift to the end which is swinging into the current. 
These methods rarely fail; however, if the raft refuses to 
budge, it can be freed using the enormous power of the 
current. Large gear bags or sea anchors are securely tied 
to a long rope and secured to the end of the raft ex- 
pected to swing downstream. The sea anchors (gear 
bags) are then tossed downstream into the current. 
(NOTE: A safety line should be used.) 


b. Freeing a Wrapped Raft. Sometimes the powerful 
force of swift water may pin and wrap a raft around a 
rock. It is unusual for a raft to be equally balanced 
around the rock, so it will move more easily one way 
than it will the other. The part of the raft with more 
weight and bulk should be moved toward the flow of the 
current. Lines are attached to at least two points on the 
raft so, when pulled, the force is equally distributed. 
One of these points is on the far end of the raft, around 
the tube and 1s called the hauling line. (NOTE and 
CAUTION: A small hole may need to be cut in the floor 
of the raft to pass the line through and around the tube 





Figure 23-28. Freeing Unswamped Raft. 
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Rd ae hares if there is no ring to pass it through.) The second tie-off 
Ia SOD GT RS To AT point can be a cross tube. One person should hold the 
INO 1D PSS AE AM TE gg SO line attached to the stern of the raft. The raft should be 

c moved over the rock into the pull of the current. Once it 
is freed, the person holding the stern line can move the 
raft to a safe position. 

c. Raft Flips. When a raft is about to flip, there is 
little time to react to the situation. If the raft is diving 
into a big hole, the primary danger is being violently 
thrown forward into a solid object in the raft. Survivors 
should protect themselves by dropping low and flatten- 
ing themselves against the backside of the baggage or 
cross tube. If the raft is being upset by a rock, fallen tree, 
or other obstacles, members should jump clear of the 
raft to prevent being crushed against the obstruction or 
struck by the falling raft. If the raft is pinned flat against 
an obstruction, the members should stay with the raft 
and try to safely climb up the obstruction (figure 23-29). 

d. Lining Unrunnable Rafts. Lining a raft through 
tapids is basically letting it run through rapids with a 
crew on shore controlling it by attached lines (figure 
23-30). The raft should be moved slowly by maintaining 
tight control of the lines attached to the bow and stern. 
If no strong eddies or steep narrow chutes are present, 
one member should walk along the shore and control 
the raft with a strong, long line. The lines running to 
shore should be long enough to allow the raft full travel 
through the rapids. 


> HAULING LINE 





{> 
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Figure 23-30. Lining a Chute. 
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Figure 23-31. Making a Rescue. 


e. Rescuing a Swimmer from Shore. The rescuer 
should carefully choose the right spot where the coil of 
rope thrown to the swimmer will not cross hazardous 
areas or obstacles, and yet be near a rock or tree which 
can be used for belaying (securing without being tied) 
the end of the line. The person throwing the line should 
make sure the line has a flotation device (life preserver) 
at the end before it is thrown to the swimmer. The rope 
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should be coiled in a manner which will allow it to flow 
smocthly, without entanglement, to full extension. One 
hand holds one-half to one-third of the coil while the 
other throws the remainder of the coil out. The weight- 
ed coil should be thrown to a spot where the swimmer 
will drift, which is usually downstream, in front of the 
swimmer. As the rope travels out, all of the line except 
the last 10 or 12 feet should be uncoiled. The member 





Figure 23-32. Poncho Ring Raft. 
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Figure 23-33. Bull Boat. 


pulling the survivor should be braced or have the line 
around a rock or tree to hold the swimmer once the line 
has been reached by the survivor. 

f. The Swimmer’s Responsibility. The swimmer 
should be aware of the rescuer’s location and face down- 
stream when waiting for the hauling line. When the line 
is thrown, the swimmer will normally be required to 
swim to reach it. Once holding the line, the swimmer 
should be prepared for a very strong pull from the cur- 
rent and line. The line should be held tightly, but not 
wrapped around a wrist or hand! Entanglement must be 
avoided. The swimmer should pull, hand-over-hand, 
until reaching shallow water, and then use the rope for 
steadiness while walking to shore (figure 23-31). 


23-6. Improvised Rafts: 

a. Types of Flotation Devices. There are various 
types of flotation devices which may be improvised and 
used as rafts for equipment and personnel. 
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(1) The Poncho (donut) raft (figure 23-32} can be 
used for transporting equipment, but is not a good vehi- 
cle for people. The raft is constructed by using saplings 
or pliable willows and a waterproof cover. A hoop- 
shaped framework of saplings or pliable willow is con- 
structed within a circle of stakes. The hoop is tied with 
cordage or suspension line and removed from the circle 
of stakes and placed on the waterproof cover to which it 
will be attached. Clothing and (or) equipment is then 
placed in the raft and the survivor swims, pushing the 
raft. 


(2) The bull boat (figure 23-33) is a shallow-draft 
skin boat shaped like a tub and formerly used by Indi- 
ans in the Great Plains area. The survivors should con- 
struct an oval frame, similar to a canoe, of willow or 
other pliable materials and cover the framework with 
waterproof material such as a signal paulin or skins. 
This makes a craft which is suitable for transporting 
equipment across a river with the survivor propelling it 
from behind. 


(3) An emergency boat can be made by stretching a 
tarpaulin or light canvas cover over a skillfully shaped 
framework of willows and adding a well-framed kee! of 
green wood, such as slender pieces of spruce. Gunwales 
(sides) of slender saplings are attached at both ends and 
the spreaders or thwarts are attached as in a canoe. Ribs 
of strong willows are tied to the keel. The ends of the 
ribs are bent upward and tied to the gunwales. The 
inside of the frame is closely covered with willows to 
form a deck upon which to stand. Such a boat is easy to 
handle and is buoyant, but lacks the strength necessary 
for long journeys. This boat is entirely satisfactory for 
ferrying a group across a broad, quiet stretch of river. 
When such a boat has served its purpose, the cover 
should be removed for later use. 


(4) The vegetation raft is built of small vegetation 
which will float and is placed within clothing or para- 
chute to form a raft for a survivor and (or) equipment. 
Plants such as water hyacinth or cattail may be used 
(figure 23-34). 


(5) A good floating device for the single survivor 
can be fabricated by using two balsa logs or other light- 
weight wood. The logs should be placed about 2 feet 
apart and tied together. The survivor sits on the lines 
and travels with the current (figure 23-35). 


(6) A dugout canoe is good transportation, but diffi- 
cult to construct. One method is to build a long fire on 
the side to be dug out and chop away the burned materi- 
al when the fire is out. Repeat this procedure as often as 
necessary. 


b. Building a Raft. The greatest problem in raft con- 
struction (figure 23-36) is being able to construct a craft 
strong enough to withstand the buffeting it may have to 
take from rocks and swift water. Even if 6- to 8-inch 
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Figure 23-34. Vegetation Bag. 


spikes are available, they are not satisfactory since they 
pull or twist out easily. Rope quickly wears out from 
frequent, rough contact with rocks and gravel. Northern 
woodsmen have evolved a construction method (figure 
23-37) which requires neither spikes nor rope, yet pro- 
duces a raft superior in strength. The only material re- 
quired are logs, although rope is sometimes useful; the 
only tools needed are an axe and a sheath knife. 


23-7. Fording Streams: 


a. Survivors traveling on foot through wilderness ar- 
eas may have to ford some streams. These can range 
from small, ankle-deep brooks to large rivers. Rivers are 
often so swift a survivor can hear boulders on the bot- 
tom being crashed together by the current. [If these 
streams are of glacial origin, the survivor should wait 
for them to decrease in strength during the night hours 
before attempting to ford. 


b. Careful study is required to find a place to safely 
ford a stream. If there is a high vantage point beside the 
river, the survivor should climb the rise and look over 
the river. Finding a safe crossing area may be easy if the 
river breaks into a number of small channels. The area 
on the opposite bank should be surveyed to make sure 
travel will be easier after crossing. When selecting a 
fording site, the survivor should: 


(1) When possible, select a travel course which 
leads across the current at about a 45-degree angle 
downstream. 


(2) Never attempt to ford a stream directly above, 
or close to, a deep or rapid waterfall or a deep channel. 
The stream should be crossed where the opposite side is 
comprised of shallow banks or sandbars. 


AFR 64-4 = Vol | 15 July 1985 

(3) Avoid rocky places, since a fall may cause seri- 
ous injury. However, an occasional rock which breaks 
the current may be of some assistance. The depth of the 
water is not necessarily a deterrent. Deep water may run 


more slowly and be safer than shallow water. 


(4) Before entering the water, the survivors should 
have a plan of action for making the crossing. Use all 
possible precautions, and if the stream appears treacher- 
ous, take the steps shown in figure 23-38. 


23-8. Traveling on Open Seas. Four-fifths of the 
Earth’s surface is covered by open water. Although ac- 
counts of sea survival incidents are often gloomy, suc- 
cessful survival is possible; however, the raft is at the 
mercy of the currents and winds. There are many cur- 
rents, both warm and cold, throughout the seas. 


a. Currents. Sea currents flow in a clockwise direction 
in the Northern Hemisphere and counterclockwise in 
the Southern Hemisphere. This is caused by three fac- 
tors: the Sun’s heat, the winds, and the Earth’s rotation 
(Coriolis Effect). Most sea currents travel at speeds of 
less than 5 miles per hour. Using currents as a mode of 
travel can be done by putting out the sea anchor and 
letting the current pull the raft along. Survivors should 





Figure 23-35. Log Flotation. 


AFR 64-4“ Voll | 15 July 1985 


ay 
= EE, 


THE ONLY TOOLS REQUIRED 


WILDERNESS RAFT 


447 


INVERTED NOTCHES 


RAFT CONSTRUCTION 


A raft for three persons should be about 12 feet long and 
6 feet wide, depending on the size of the logs used. The logs 
should be 12 to 14 inches in diameter and so well matched 
in size that notches you make in them are level when 
crosspieces are driven into place. 

Build the raft on two skid logs placed so that they slope 
downward to the bank. Smooth the logs with an ax so that 
the raft logs lie evenly on them. Cut two sets of slightly offset 
inverted notches, one in the top and bottom of both ends of 
each log. Make the notches broader at the base than at the 
outer edge of the log, as shown in the illustration, Use small 
poles with straight edges or a string pulled taut to make the 
notches. A three-sided wooden crosspiece about a foot 
longer than the total width of the raft is to be driven through 
each end of the four sets of notches. 


Figure 23-36. Raft Construction. 


use caution when traveling through areas where warm 
and cold currents meet. It can be a storm forming area 
with dense fog and high winds and waves. 

b. Winds. Winds also aid raft travel. In tropical areas, 
the winds are easterly blowing {trade winds). In higher 
latitudes, they blow from the west (westerlies). To use 
the winds as a mode of travel, the sea anchor should be 
pulled into the raft and, if available, a sail should be 
erected. 

c. Waves. Waves can be both an asset and a hazard to 
raft travel. Waves are normally formed by the wind. 


Complete the notches on all logs at the top of the logs, 
Turn the logs over and drive a 3-sided crosspiece through 
both sets of notches on the underside of the raft. Then 
complete the top set of notches and drive through the two 
additional sets of crosspieces, 

You can lash together the overhanging ends of the two 
crosspieces at each end of the raft to give it added strength; 
however, when the crosspieces are immersed in water they 
swell and tightly bind the raft logs tegether. 

If the crosspieces fit too loosely, wedge them with thin, 
boardlike pieces of wood split from a dead log. When the 
raft is in water, the wood swells, and the crosspieces become 
very tight and strong. 

Make a deck of light poles on top of the raft to keep 
packs and other gear dry. 





The severity of the wind determines the size of the 
waves. On open seas, waves range from a few inches to 
over 100 feet in height. Under normal conditions, 
waves alone will move a liferaft only a few inches at a 
time; therefore, using waves as a mode of propulsion is 
not practical. Waves are a great help in finding land or 
shallow areas in the sea. Ocean waves always break 
when they enter shallow water or when they encounter 
an obstruction. The force of energy of the wave depends 
on how abruptly the water depth decreases and the size 
of the waves. Breaking waves can be used as an aid to 
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Figure 23-37. Lashed Log Ratt. 
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Figure 23-38. Fording a Treacherous Stream. 
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make a landfall. Storms at sea are probably the greatest 
hazard to survivors in rafts. Aside from the waves creat- 
ed by a storm, the wind and rain can make life in a raft 
very difficult. The waves and wind can capsize a raft, or 
throw a person out of the raft, and then will constantly 
fill the raft with water. Seasickness can result from gen- 
tle to severe wave action. Additionally. rescue efforts 
may be severely hampered by large waves. 

d. Tides. Tides are another form of wave but they are 
very predictable. They occur twice daily and usually 
cause no problems for anyone in a raft. Tides may range 
from one to 40 feet in height depending on the area of 
the world. They should be considered when planning 4 
landing. When the tide is going in, it will help propel the 
raft to shore. The action of the water going away from 
shore when the tide is going out makes landing difficult. 

e. Hazards. Certain marine life must be considered a 
hazard to survival. Sharks, jellyfish, eels, and most reef 
fishes can cause serious injuries if encountered. Waste 
materials should be disposed of when these creatures 
are not present. 

(1} The survivor should be aware of the saltwater 
(estuarine) crocodile. It is found throughout the South- 
east Asian shoreline. It is a well known maneater, and is 
almost always found in salt or brackish water. It is more 
commonly found near river mouths and along the 
coasts; however, it has been known to swim as much as 
40 miles out into the sea. Females with nests are likely 
to be vicious and aggressive. They will grow to a length 
of 30 feet but most specimens are less than 15 feet in 
length. Survivors should watch for this reptile while 
landing their raft or fishing. 

(2) The survivor will normally encounter reef fishes 
during the landing process by stepping on them. They 
may also be caught while fishing. Clothing and footgear 
must be worn at all times whether landing raft or 
fishing. 

(3) Coral is normally found in warm waters, along 
the shores of islands and mainlands. There are many 
different types of coral. They should be avoided since all 
can destroy a raft or severely injure a survivor. It is best 
to stay in the raft when coral is encountered. If the 
survivor must wade to shore, footgear and pants should 
be worn for protection. Moving slowly and watching 
every step may prevent serious injuries. Coral does not 
exist where freshwater enters the sea. 

(4) Ships can be a welcome sight to the survivor, 
but they can also be a hazard. Since the raft is a small 
object in a very large sea, the survivor must constantly 
be aware that at night or during inclement weather, the 
raft will be difficult to see and could be struck by a large 
ship. 


f. Early Considerations. Survivors should stay up- 
wind and clear of the aircraft (out of fuel covered wa- 
ters) but in the vicinity of the crash until the aircraft 
sinks. A search for survivors is usually activated around 
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the entire area of and near the crash site. Missing per- 
sonnel may be unconscious and floating low in the 
water. Rescue procedures are illustrated in figure 23-39. 

(1) The best technique for rescuing aircrew mem- 
bers from the water is to throw them a line with a life 
preserver attached, The second is to send a swimmer 
(rescuer) from the raft with a line using a flotation de- 
vice which will support the weight of a rescuer. This will 
help to conserve energy while recovering the survivor. 
The least acceptable technique is to send an attached 
swimmer without floatable devices to retreive a survi- 
vor. In all cases, the rescuer should wear a life preserver. 
The strength of a person in a state of panic in the water 
should not be underestimated. A careful approach can 
prevent injury to the rescuer. 





Figure 23-39. Rescue from Water. 
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(2) When the rescuer is approaching a survivor in 
trouble from behind, there is little danger of being 
kicked, scratched, or grabbed. The rescuer should swim 
to a point directly behind the survivor and grasp the 
backstrap of the life preserver. A sidestroke may then be 
used to drag the survivor to the raft. 

(3) All debris from the aircraft should be inspected 
and salvaged (rations, canteens, thermos and other con- 
tainers, parachutes, seat cushions, extra clothing, maps, 
etc). Secure equipment to the raft to prevent loss. Spe- 
cial precaution should be taken with flashlights and sig- 
naling equipment to keep them dry so they will function 
when needed. 

(4) Rafts should be checked for inflation. Leaks, 
and points of possible chafing should be repaired, as 
required. All water should be removed from inside the 
raft. Care should be taken to avoid snagging the raft 
with shoes or sharp objects, Placing the sea anchor out 
will slow the rate of drift. If there 1s more than one raft, 
they should be connected with at least 25 feet of line. 
The lifeline attached to the outer periphery of the raft is 
to be used for the connection. Donning the antiexposure 
suit is essential in cold climates. Erecting wind breaks, 
spray shields, and canopies will protect survivors from 
the elements. Survivors should huddle together and ex- 
ercise regularly to maintain body heat. 

(5) Monitoring the physical condition of survivors 
and administering first aid to survivors is essential. If 
available, seasickness pills will help prevent vomiting 
and resulting dehydration. 

(6) Survivors should prepare all available signaling 
equipment for immediate use. 

(7) Compasses, watches, matches, and lighters will 
become worthless unless they are kept dry. 

{8) The raft repair plugs should be attached to the 
raft for easy access as soon as possible. 

(9) All areas of the body should be protected from 
the Sun. Precautions should be taken to prevent sun- 
burn on the eyelids, under the chin, and on the backs of 
the ears. Sunburn cream and Chapstick will protect 
these areas. 

(10) The leader should calmly analyze the situation 
and plan a course of action to include duty assignments 
(watch duty, procuring and rationing food and water, 
etc.). All survivors, except those who are badly injured 
or completely exhausted, are expected to perform watch 
duty, which should not exceed 2 hours. The survivor on 
watch should be looking for signs of land, passing ves- 
sels or aircraft, wreckage, seaweed, schools of fish, birds, 
and signs of chafing or leaking of the raft. 

(11) Food and water can be conserved by saving 
energy. Survivors should remain calm. 

(12) Maintaining a sense of humor will help keep 
morale high. 

(13) The survivor(s) should remember that rescue 
at sea is a cooperative effort. Search aircraft contacts are 
limited by the visibility of survivors based on the avail- 
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ability of visual or electronic signaling devices. Visual 
and electronic communications can be increased by us- 
ing all available signaling devices (signal mirrors, radi- 
os, signal panels, dye marker, and other available de- 
vices) when an aircraft is in the area. 

(14) A log should be maintained with a record of 
the navigator’s last fix, time of ditching, names and 
physical condition of survivors, ration schedule, winds, 
weather, direction of swells, times of sunrise and sunset, 
and other navigation data. 


23-9. Physical Considerations: 

a. The greatest problem a survivor is faced with when 
submerged in cold water is death due to hypothermia. 
When a survivor is immersed in cold water, hy- 
pothermia occurs rapidly due to the decreased insulat- 
ing quality of wet clothing and the fact that water dis- 
places the layer of still air which normally surrounds the 
body. Water causes a rate of heat exchange approxi- 
mately 25 times greater than air at the same tempera- 
ture. The following lists life expectancy times: 


Temperature of Time 
Water 

70° - 60° 12 hours 
60° - 50° 6 hours 
50° - 40° 1] hour 
40° - below -1 hour 


NOTE: These times may be increased with the wearing 
of an antiexposure suit. 


b. The best protection for a survivor against the ef- 
fects of cold water is to get into the liferaft, stay dry, and 
insulate the body from the cold surface of the bottom of 
the liferaft. If this is not possible, wear of the an- 
tiexposure suits will extend a survivor’s life expectancy 
considerably. It’s important to keep the head and neck 
out of the water and well insulated from the cold water 
effects when the temperature is below 66°F. The wear- 
ing of life preservers increases the predicted survival 
time just as the body position in the water increases the 
probability of survival. The following table shows pre- 
dicted survival times for an average person in 50°F 
water: 


Situation Predicted Survival 
Time (Hours) 
No Flotation 
Drownproofing 1.5 
Treading Water 2.0 
With Flotation 
Swimming 2.0 
Holding Still 2.7 
Help 4.0 
Huddle 4.0 
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Figure 23-40. HELP Position. 


(1) Help Body Position. Remaining still and assum- 
ing the fetal position, or heat escape lessening posture 
(HELP) (figure 23-40), will increase the downed 
crewmember’s survival time. About 50 percent of the 
heat is lost from the head. It is therefore important to 
keep the head out of the water. Other areas of high heat 
loss are the neck, the sides, and the groin. 





Figure 23-41. Huddting for Temperature 
Conservation. 
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(2) Huddling. If there are several survivors in the 
water, huddling close, side to side in a circle, body heat 
will be preserved (figure 23-41). 


23-10. Life Preserver Use: 

a. Survival Swimming Without a Life Preserver. A 
survivor who knows how to relax in the water is in little 
danger of drowning, especially in saltwater where the 
body is of lower density than the water. Trapped air in 
clothing will help buoy the survivor in the water. If in 
the water for long periods, the survivor will have to rest 
from treading water. The survivor may best do this by 
floating on the back. If this is not possible, the following 
technique should be used: Rest erect in the water and 
inhale; put the head face-down in the water and stroke 
with the arms; rest in this facedown position until there 
is a need to breathe again; raise the head and exhale; 
support the body by kicking arms and legs and inhaling; 
then repeat the cycle. 

b. Swimming With a Life Preserver. The bulkiness of 
clothing, equipment, and (or) any personal injuries will 
necessitate the immediate need for flotation. Normally, 
a life preserver will be available for donning before en- 
tering the water. 

(1) Proper inflation of the life preserver must be 
done after clearing the aircraft but, preferably, before 
entering the water. Upon entering the water, the two 
cells of the life preserver should be fastened together. 
Limited swimming may be done with the life preserver 
inflated by cupping the hands and taking strong strokes 
deep into the water. The life preserver may be slightly 
deflated to permit better arm movement. 

(2) The backstroke should be used to conserve ener- 
gy when traveling long distances. If aiding an injured or 
unconscious person, the sidestroke may have to be used. 
When approaching an object, it is best to use the breast- 
stroke. If a group must swim, they should try to have the 
strongest swimmer in the lead with any injured persons 
intermingled within the group. It is best to swim in a 
single fite. 


23-11. Raft Procedures. There are three needs which 

can be satisfied by most of the rafts; they are personal 

protection, mode of travel, and evasion and camouflage. 
a. One-Man Raft: 

(1) The one-man raft has a main cell inflation. If the 
CO? bottle should malfunction and not inflate the raft 
or if the raft develops a leak, it can be inflated orally. 
The spray shield acts as a shelter from the cold, wind, 
and water. In some cases, this shield serves as insula- 
tion. The insulated bottom plays a significant role in the 
survivor's protection from hypothermia by limiting the 
conduction of the cold through the bottom of the raft 
(figure 23-42). 

(2) Travel is more effectively made by inflating or 
deflating the raft to take advantage of the wind or cur- 
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Figure 23-42, One-Man Raft with Spray Shield. 


rent. The spray shield can be used as a sail while the 
ballast buckets serve to increase raft drag in the water. 
The last device which may be used to control the speed 
and direction of the raft is the sea anchor. (NOTE: The 
primary purpose of the sea anchor is to stabilize the 
raft.) 


(3) Black rafts have been developed for use in tacti- 
cal areas. These rafts blend with the background of the 
sea. The raft can be further modified for evasion by 
partially deflating which provides a low profile. 


(4) The one-man raft is connected to the aircrew 
member by a lanyard parachuting to the water. Survi- 
vors should not swim to the rafi, but pull it to their 
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position via the lanyard. The parachute J-! releases 
should be closed and the life preserver separated before 
boarding the raft (figure 23-43), The raft may hit the 
water upside down, but may be righted by approaching 
the bottle side and flipping it over. The spray shield 


must be in the raft to expose the boarding handles. 


(5) If the survivor has an arm injury, boarding is 
best done by turning the back to the small end of the 
raft, pushing the raft under the buttocks and lying back 
(figure 23-44). Another method of boarding is to push 
down on the small end until one knee is inside and lie 
forward (figure 23-44). 


(6) In rough seas, it may be easier for the survivor 
to grasp the small end of the raft, and, in a prone posi- 
tion, kick and pull into the raft. Once in the raft, lying 
face down, the sea anchor should be deployed and ad- 
justed. To sit upright in the raft, one side of the seat kit 
might have to be disconnected and the survivor should 
roll to that side. The spray shield is then adjusted. There 
are two variations of the one-man raft, with the im- 
proved model incorporating an inflatable spray shield 
and floor for additional insulation. The spray shield is 
designed to help keep the survivor dry and warm in cold 
oceans, and protect them from the Sun in the hot cli- 
mates (figure 23-45). 


(7) The sea anchor can be adjusted to either act asa 
drag by slowing down the rate of travel with the current 
or as a means of traveling with the current. This is done 
by opening or closing the apex of the sea anchor, When 
opened, the sea anchor (figure 23-46) will act as a drag 
and the survivor will stay in the general area. When the 
sea anchor is closed (figure 23-46), it will form a pocket 
for the current to strike and propel the raft in the direc- 
tion of the current. Additionally, the sea anchor shouid 
be adjusted so that when the raft is on the crest of a 
wave, the sea anchor is in the trough of the wave (figure 
23-47). 





Figure 23-43, Boarding One-Man Raft. 
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Figure 23-44. Boarding One-Man Raft (Other 
Methods). 


b. Seven-Man Raft: 


(1) The seven-man raft is found on some multiplace 
aircraft. It can also be found in the survival drop kit 
(MA-1 Kit, figure 23-48). This type of raft may inflate 
upside down and may, therefore, require the survivor to 
right the raft before boarding. The J-1 releases should be 
closed before boarding. The survivor should always 
work from the bottle side to prevent injury if the raft 
turns over. Facing into the wind provides additional 
assistance in righting the raft. The handles on the inside 
bottom of the raft are used for boarding (figure 23-49). 


(2) The boarding ladder is used to board if someone 
assists in holding down the opposite side. If no assis- 
tance is available, the survivor should again work from 
the bottle side with the wind at the back to help hold 
down the raft. The survivor should separate the life 
preserver, grasp an oarlock and boarding handle, kick 
the legs to get the body prone on the water, and then 
kick and pull into the raft. If the survivor is weak or 
injured, the raft may be partially deflated to make 
boarding easier (figure 23-50). 





Figure 23-45. One-Man Ratt with Spray Shield 
Inflated. 


(3) Manual inflation can be done by using the pump 
to keep buoyancy chambers and cross-seat firm, but the 
raft should not be over inflated. The buoyancy cham- 
bers and cross-seat should be rounded but not drum 
tight. Hot air expands, so on hot days, some air may be 
released while air may be added on cold days (figure 
23-51). 


c. Sailing a Raft into the Wind. Rafts are not 
equipped with keels, so they cannot be sailed into the 
wind. However, anyone can sail a raft downwind, and 
multiplace (except 20/25-man) rafts can be successfully 
sailed 10 degrees off from the direction of the wind. An 
attempt to sail the raft should not be made unless land 
is near. If the decision to sail is made and the wind is 
blowing toward a desired destination, survivors should 
fully inflate the raft, sit high, take in the sea anchor, niga 
sail, and use an oar as a rudder as shown in figure 23-52. 
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Figure 23-46. Sea Anchor. 


d. Multiplace Raft. In a multiplace (except 
20/25-man)} raft, a square sail should be erected in the 
bow using oars with their extensions as the mast and 
crossbar (figure 23-52). A waterproof tarpaulin or para- 
chute material may be used for the sail. If the raft has 
no regular mast socket and step, the mast may be er- 
ected by tying it securely to the front cross-seat using 
braces. The bottom of the mast must be padded to pre- 
vent it from chafing or punching a hole through the floor 
whether or not a socket is provided. The heel of a shoe, 
with the toe wedged under the seat, makes a good im- 
provised mast step. The corners of the lower edge of the 
sail should not be secured. The lines attached to the 
corners are held with the hands so that a gust of wind 
will not rip the sail, break the mast, or capsize the raft. 
Every precaution must be taken to prevent the raft from 
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Figure 23-47. Deployment of the Sea Anchor. 
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Figure 23-50. Method of Boarding Seven-Man Raft. 
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Figure 23-51. Inflating the Raft. 


turning over. In rough weather, the sea anchor is kept 
out away from the bow. The passengers should sit low in 
the raft with their weight distributed to hold the upwind 
side down. They should also avoid sitting on the sides of 
the raft or standing up to prevent falling out. Sudden 
movements (without warning the other passengers) 
should be avoided. When the sea anchor is not in use, it 
should be tied to the raft and stowed in such a manner 
that it will hold immediately if the raft capsizes. 


SAIL 





























Two aluminum oars, two sections per oar. 
Two rubber oarlock rings. 





Figure 23-52. Sail Construction. 


455 


e. Twenty to Twenty Five-Man Rafts. The 
20/25-man rafts may be found in mut!tiplace aircraft 
(figures 23-53 and 23-54). They will be found in accessi- 
ble areas of the fuselage or in raft compartments. Some 
may be automatically deployed from the cockpit, while 
others may need manual deployment. No matter how 
the raft lands in the water, it’s ready for boarding. The 
accessory kit is attached by a lanyard and is retrieved by 
hand. The center chamber must be inflated manually 
with the hand pump. The 20/25-man raft should be 
boarded from the aircraft if possible; if not, the follow- 
ing steps should be taken: 


(1) Approach lower boarding ramp. 
(2) Separate the life preserver. 


(3) Grasp the boarding handles and kick the legs to 
get the body into a prone position on the water’s sur- 
face; then kick and pull until inside the raft. 


(4) If for any reason the raft is not completely in- 
flated, boarding will be made easier by approaching the 
intersection of the raft and ramp, grasping the upper 
boarding handle, and swinging one leg onto the center 
of the ramp as in mounting a horse (figure 23-55). 


(5) The equalizer tube should be clamped immedi- 
ately upon entering the raft to prevent deflating the 
entire raft, in case of puncture (figure 23-56). 


CONSTRUCTION 


Imbed wing nut of oarlock ring into 
cork end of oar and fash together. 


Wrap oar ends to protect floor. 
Lash mast to inflatable seat. 
Tie framework off as shown. 


Drape paulin over the framework 
Tie framework off as shown. 
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Figure 23-53. 20-Man Raft. 


(6) The 20/25-man raft can be inflated by using the 
pump to keep the chambers and center ring firm. They 
should be well rounded but not drum tight (figure 
23-57). 


23-12. Making a Landfall. The lookout should watch 
carefully for signs of land. Some indications of land are: 


a. A fixed cumulus cloud in a clear sky, or in a sky 
where all other clouds are moving, often hovers over or 
slightly downwind from an island. 


b. In the tropics, a greenish tint in the sky is often 
caused by the reflection of sunlight from the shallow 
lagoons or shelves of coral reefs. 


¢. In the arctic, ice fields or snow-covered land are 
often indicated by light-colored reflections on clouds, 
quite different from the darkish gray reflection caused 
by open waiter. 


d. Deep water is dark green or dark blue. Lighter 
color indicates shallow water, which may mean land is 
near. 
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e. In fog, mist, rain, or at night, when drifting past a 
nearby shore, land may be detected by characteristic 
odors and sounds. The musty odor of mangrove 
swamps and mudflats and the smell of burning wood 
carries a long way. The roar of surf is heard long before 
the surf is seen. Continued cries of sea birds from one 
direction indicate their roosting place on nearby land. 

f. Birds are usually more abundant near land than 
over the open sea. The direction from which flocks fly at 
dawn and to which they fly at dusk may indicate the 
direction of land. During the day, birds are searching 
for food and the direction of flight has no significance 
unless there is a storm approaching. 

g. Land may be detected by the pattern of the waves, 
which are refracted as they approach land. Figure 23-58 
shows the form the waves assume. Land should be locat- 
ed by observing this pattern and turning parallel to the 
slightly turbulent area marked “X” on the illustration 
and following its direction. 


23-13. Methods of Getting Ashore: 
a. Swimming Ashore. This is a most difficult deci- 
sion. It depends on many things. Some good swimmers 
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Figure 23-54. 25-Man Raft. 


have been able to swim eight-tenths of a mile in 50°F 
water before being overcome by hypothermia. Others 
have not been able to swim 100 yards. Furthermore, 
distances on the water are very deceptive. In most in- 
stances, staying with the raft is the best course of action. 
If the decision is made to swim, a life preserver or other 
flotation aid should be used. Shoes and at least one 
thickness of clothing should be worn. The side or breast 
stroke will help conserve strength. 

(1) If surf is moderate the survivor can ride in on 
the back of a small wave by swimming forward with it 
and making a shallow dive to end the ride just before 
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the wave breaks. The swimmer should stay in the trough 
between waves in high surf, facing the seaward wave 
and submerging when the wave approaches. After the 
wave passes, the swimmer should work shoreward in 
the next trough. 

(2) If the swimmer is caught in the undertow of a 
large wave, push off the bottom and swim to the surface 
and proceed shoreward. A place where the waves rush 
up onto the rocks should be selected if it is necessary to 
land on rocky shores and avoid places where the waves 
explode with a high white spray. After selecting the 
landing point, the swimmer should advance behind a 
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Figure 23-55. Boarding 20-Man Raft. 


large wave into the breakers. The swimmer should face 
shoreward and take a sitting position with the feet in 
front, 2 or 3 feet lower than the head, so the knees are 
bent and the feet will absorb shocks when landing or 
striking submerged boulders or reefs. If the shore is not 
reached the first time, the survivor should swim with 
hands and arms only. As the next wave approaches, the 
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Figure 23-56. Immediate Action—Multiplace Raft. 





sitting position with the feet forward should be repeated 
until a landing is made. 

(3) Water is quieter in the lee of a heavy growth of 
seaweed. This growth can be very helpful. The swimmer 
should crawl over the top by grasping the vegetation 
with overhand movements. 

(4) A rocky reef should be crossed in the same way 
as landing on a rocky shore. The feet should be close 
together with knees slightly bent in a relaxed sitting 
posture to cushion blows against coral. 


b. Rafting Ashore. In most cases, the one-man raft 
can be used to make a shore landing with no danger. 
Going ashore in a strong surf is dangerous. The time 
should be taken to sail around and look for a sloping 
beach where the surf is gentle. The landing point should 
be carefully selected. Landing when the Sun is low and 
Straight in front is not recommended. The survivor 





Figure 23-57. Inflating the 20-Man Raft. 
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Figure 23-58. Diagram of Wave Patterns About an Island. 


should look for gaps in the surf line and head for them 
while avoiding coral reefs and rocky cliffs. These reefs 
don’t occur near the mouths of freshwater streams. 
Avoid rip currents or strong tidal currents which may 
carry the raft far out to sea. 


(1) When going through surf, the survivor should: 


(a) Take down the mast. 

(b) Don clothing and shoes to avoid injuries. 
(c) Adjust and fasten life preserver. 

(d) Stow equipment. 

(e) Use paddles to maintain control. 


(f) Ensure the sea anchor is deployed to help pre- 
vent the sea from throwing the stern of the raft around 
and capsizing it. CAUTION: The sea anchor should not 
be deployed when traveling through coral. 
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(2) In medium surf with no wind, survivors should 
keep the raft from passing over a wave so rapidly that it 
drops suddenly after topping the crest. If the raft turns 
over in the surf, every effort should be made to grab 
hold. 

(3) The survivor should ride the crest of a large 
wave as the raft nears the beach, staying inside until it 
has grounded. If there is a choice, a night landing should 
not be attempted. If signs of people are noted, it might 
be advantageous to wait for assistance. 

(4) Sea-ice landings should be made on large stable 
floes only. Icebergs, small floes, and disintegrating floes 
could cause serious problems. The edge of the ice can 
cut, and the raft deflated. Use paddles and hands to 
keep the raft away from the sharp edges of the iceberg. 
The raft should be stored a considerable distance from 
the ice edge. It should be fully inflated and ready for use 
in case the floe breaks up. 
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Part Eight 
SIGNALING AND RECOVERY 
Chapter 24 
SIGNALING 
24-1. Introduction: d. A part of a survivor's plan of action should be to 


a. Most successful recoveries have resulted primarily 
because survivors were able to assist in their own recov- 
ery. Many rescue efforts failed because survivors lacked 
the knowledge and ability necessary to assist. When 
needed, this knowledge and ability could have made the 
difference between life or death—freedom or captivity 
(figure 24-1). 


Figure 24-1. Signaling and Recovery. 


b. What can survivors do to assist in their own recov- 
ery? First, they need to know what is being done to find 
them. Next, they need to know how to operate the com- 
munications equipment in the survival kit and when to 
put each item into use. Survivors should also be able to 
improvise signals to improve their chances of being 
sighted and to supplement the issued equipment. 

c. It is not easy to spot one survivor, a group of 
survivors, or even an aircraft from the air, especially 
when visibility is limited. Emergency signaling equip- 
ment is designed to make a person easier to find. Emer- 
gency equipment may be used to provide rescue person- 
nei with information about survivors’ conditions, plans, 
position, or the availability of a rescue site where recov- 
ery vehicles might reach them (figure 24-2). 





visualize how emergencies will develop, recognize them, 
and, at the appropriate time, let friendly forces know 
about the problem. The length of time before survivors 
are rescued often depends on the effectiveness of emer- 
gency signals and the speed with which they can be 
used. Signal sites should be carefully selected. These 
sites should enhance the signal and have natural or 
manufactured materials readily available for immediate 
use. Survivors should avoid using pyrotechnic signals 
wastefully as they may be needed to enhance rescue 
efforts. Signals used correctly can hasten recovery and 
eliminate the possibility of a long, hard survival epi- 
sode. Survivors should: 

(1) Know how to use their emergency signals. 

{2) Know when to use their signal. 
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Figure 24-2, Signaling. 
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(3) Be able to use their signals on short notice. 

(4) Use signals in a manner which will not jeopard- 
ize individual safety. 

e. The situation on the ground governs the type of 
information which survivors can furnish the rescue 
team, and will govern the type of signaling they should 
use. In nontactical survival situations, there are no limi- 
tations on the ways and means survivors may use to 
furnish information. 

f. In hostile areas, limitations on the use of signals 
should be expected. The use of some signaling devices 
will pinpoint survivors to the enemy as well as to friend- 
ly personnel. Remember the signal enhances the visibili- 
ty of the survivors. 


24-2. Manufactured Signals: 
a. Electronic Signals: 


(1) Current line-of-sight electronic signaling devices 
fall into two categories. One is the transceiver type; the 
other is the personal locator beacon type. The transceiv- 
er type is equipped for transmitting tone or voice and 
receiving tone or voice. The personal locator beacon is 
equipped to transmit tone only. The ranges of the differ- 
ent radios vary depending on the altitude of the receiv- 
ing aircraft, terrain factors, forest density, weather, bat- 
tery strength, type(s) of radios and interference. 
Interference is a very important aspect of the use of 
these radios. If a personal locator beacon is transmit- 
ting, it will interfere with incoming and outgoing signals 
of the transceivers. 

(2) Before using survival radios, a few basic precau- 
tions should be observed. These will help in obtaining 
maximum performance from the radios in survival 
situations. 

(a) The survival radios are line-of-sight commu- 
nication devices; therefore, the best transmission range 
will be obtained when operating in clear, unobstructed 
terrain. 

(b) Extending from the top and bottom of the 
radio antenna is an area referred to as the “cone of 
silence.” To avoid the “cone of silence” problem, keep 
the radio/beacon antenna orthogonal to (at a right angle 
to) the path of the rescue aircraft. 

(c) Since the radios have the capability of trans- 
mitting a tone (beacon) without being hand-held, they 
can be placed upright on a flat elevated surface allowing 
the operator to perform other tasks. 

(d) Never aliow the radio antenna to ground itself 
on clothing, body, foliage or the ground. This will se- 
verely decrease the effective range of the signals. 

(e) Conserve battery power by turning the radio 
off when not in use. Do not transmit or receive con- 
stantly. Use the locator beacon to supplement the radio 
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when transmitting is done. In tactical environments, 
the radio should be used as stated in the premission 
briefing. 

(f) Survival radios are designed to operate in ex- 
treme heat or cold. The life expectancy of a battery 
decreases as the temperature drops below freezing and 
exposure to extreme heat or shorting out of the battery 
can cause an explosion. During cold weather, the bat- 
tery should be kept warm by placing it between the 
layers of clothing to absorb body heat, or wrapped in 
some type of protective material when it is not being 
used. 

(g) Survival radios are designed to be waterproof. 
However, precautions should be taken to keep them out 
of water. 

(3) Presently, a satellite monitoring system has been 
developed to assist in locating survivors. To activate 
this system (SARSAT), the transmitter is “keyed” for a 
minimum of 30 seconds. In a nontactical situation, 
leave the beacon on until rescue is heard or sighted. 


b. Pyrotechnics. Care should be used when operating 
around flammable materials. 

(1) A device containing chemicals for producing 
smoke or light is known as a pyrotechnic. Hand-held 
flares are in this category. Survivors may be required to 
use a variety of flares. They must know the types of 
flares stored in their survival kits and (or) aircraft. Air- 
crew members should learn how to use each type of flare 
before they face an emergency. Flares are designed to be 
used during the day or night. Day flares produce a 
unique bright-colored smoke which stands out very 
clearly against most backgrounds. Night flares are ex- 
tremely bright and may be seen for miles by air, ground, 
or naval recovery forces. 


(2) The hand-held launched flares also fall in the 
pyrotechnic category. They were designed to overcome 
the problems of terrain masking and climatic condi- 
tions. For example, a person may be faced with multi- 
layer vegetation or atmospheric conditions known as an 
inversion which keeps the smoke next to the ground. 


(3) Flares must be fired at the right time to be of 
maximum use. Smoke flares, for example, take a second 
or two after activation before they produce a full vol- 
ume of smoke. Therefore, the flare should be ignited 
just before the time it can be seen by rescue personnel. 
These signals should not be used in tactical environ- 
ments unless directed to do so. 


{4) Tracer ammunition is another pyrotechnic 
which may be issued to aircrew members. When fired, 
the projectile appears as an orange-red flash the size of a 
golf ball. According to specifications, these tracers have 
a range of 1,300 feet. Tracer bullets have been detected 
from a distance of 6 miles, but there is usually difficulty 
in pinpointing the survivor. A survivor should only use 
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Figure 24-3. Sea Marker Dye. 


this signaling device when rescue forces can be seen or 
heard. Do not direct this device a¢ the aircraft. 

(5) Because of the rapid changing technology in 
pyrotechnic signaling devices, an aircrew member 
should check regularly for new and improved models, 
making special note of the firing procedures and safety 
precautions necessary for their operations. 


c. Sea Marker: 

(1) Of the many dyes and metallic powders tested at 
various times for marking the sea, the most successful is 
the fluorescent, water-soluble, orange powder. When re- 
leased in the sea, a highly visible, tight green, fluorescent 
cast is produced. Sea marker dye has rapid dispersion 
power; a packet spreads into a slick about 150 feet in 
diameter and lasts an hour or more in calm weather. 
Rough seas will stream it into a long streak, which may 
disperse in 20 minutes (figure 24-3). 

(2) Under ideal weather conditions, the dye can be 
sighted at 5 miles with the aircraft operating at 1,000 
feet. The dye has also been spotted at 7 miles away from 
an aircraft operating at 2,000 feet. 


(3) Sea marker dye should be used in friendly areas 
during daytime and only when there is a chance of being 
sighted (aircraft seen or heard in the tmmediate area). It 
is-not effective in heavy fog, solid overcast and storms 
with high winds and waves. The release tab on the pack- 
et of dye is pulled to open for use. In calm water, the 
dye can be dispersed more rapidly stirring the water 
with paddles or hands. 

(4) If left open in the raft, the escaping powder 
penetrates clothing, stains hands, face, and hair, and 
eventually may contaminate food and water. To avoid 
the inevitable messiness, some survivors have tied the 
sea marker dye to the sea anchor. Others have dipped 
the packet over the side, letting it drain off the side into 
the sea. After using the dye, it should be rewrapped to 
conserve the remainder of the packet. 


d. Paulin Signals. The paulin is a conventional sig- 
naling device used to send specific messages to aircraft. 
It may be packed with some sustenance kits and multi- 
place liferaft accessory kits. The paulin is constructed of 
rubberized nylon material and is blue on one side and 
yellow on the other. These colors contrast against each 
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other so when one side is folded over the other, the 
designs are easily distinguished (figure 24-4}. The size is 
7 feet by 11 feet which is a disadvantage when folded 
because it makes a small signal. The paulin has numer- 
ous uses. It can be used as a camouflage cloth, sunshade, 
tent, or sail, or it can be used to catch drinking water. 
The space blanket, used as a substitute for the sleeping 
bag in some survival kits, can be used in the same man- 
ner as the signal paulin because it is highly reflective 
(silver on One side and various colors on the other side). 


e. Audio Signals. Sounds carry far over water under 
ideal conditions; however, they are easily distorted and 
deadened by the wind, rain, or snow. On Sand, heavy 
foliage cuts down on the distance sound will travel. 
Shouting and whistling signals have been effective at 
short ranges for summoning rescue forces. Most con- 
tacts using these means were made at less than 200 
yards, although a few reports claim success at ranges of 
up to a mile. A weapon can be used to attract attention 
by firing shots in a series of three. The number of avail- 
able rounds determine whether this is practical. Survi- 
vors have used a multitude of devices to produce sound. 
Some examples are: striking two poles together, striking 
one pole against a hollow tree or log, and improvising 
whistles out of wood, meta!, and grass. 


f. Light Signals. When tested away from other manu- 
factured lights, aircraft lights have been seen up to 85 
miles. At night, a survivor should use any type of light 
to attract attention. A signal with a flashlight, or a light 
or fire in a parachute shelter, can be seen from a long 
distance. A flashing light (strobelight) is in most survival 
kits. 


g. Signal Mirror. 

(1) The signal mirror is probably the most under- 
rated signaling device found in the survival kit. It is the 
most valuable daytime means of visual signaling. A mir- 
ror flash has been visible up to 100 miles under ideal 
conditions, but its value is significantly decreased unless 
it is used correctly. It also works on overcast days. Prac- 
tice is the key to effective use of the signal mirror. 
Whether the mirror is factory manufactured or impro- 
vised, aim it so the beam of light reflected from its 
surface hits the overflying aircraft. 

(2) The signal mirror’s effectiveness is its greatest 
weakness if the survivor is in enemy territory. It is just 
as bright to the enemy as to the rescuer; use it wisely! 
Survivors should understand that even if the mirror 
flash is directly on the aircraft (especially if the aircraft 
is using terrain masking techniques), that same flash 
may be visible to others (possibly the enemy) who are 
located at the proper angle in regard to the survivors’ 
position. 

(3) In a hostile environment, the exact location of 
the flash is extremely important. The signal mirror 
should be covered when not in use. One of the easiest 
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Figure 24-4, Paulin Signais. 
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Figure 24-5. Signal Mirrors. 


methods is to tie the string from the mirror around the 
neck and tuck the mirror in the shirt or flight suit. When 
the mirror is removed from inside the clothing, the 
hand should be placed over the mirror surface to pre- 
vent accidental flashing. The covered mirror may then 
be raised toward the sky and the hand withdrawn. The 
flash can then be directed onto the free hand and the 
aiming indicator (sunspot) located. This minimizes the 





Figure 24-6. Aiming Signat Mirror. 
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indiscriminate flashing of surrounding terrain. When 
putting the mirror away, the survivor should remember 
to cover the mirror to prevent a flash. 


h. Aiming Manufactured Mirrors. Instructions are 
printed on the back of the mirror. Survivors should: 

(1) Reflect sunlight from the mirror onto a nearby 
surface—raft, hand, etc. 

(2) Slowly bring the mirror up to eye-level and look 
through the sighting hole where a bright spot of light 
will be seen. This is the aim indicator. 

(3) Hold mirror near the eye and slowly turn and 
manipulate it so the bright spot of light is on the target. 

(4) In friendly areas, where rescue by friendly forces 
is anticipated, free use of the mirror is recommended. 
Survivors should continue to sweep the horizon even 
though no aircraft or ships are in sight (figure 24-5). 





Figure 24-7. Aiming Signal Mirror-Stationary Object. 


Dawn of the 5G Era 


Fuelled by the unprecedented growth in the num- 
ber of connected devices and mobile data, and the 
ever-fast approaching limits of the 4G technologies 
to address this enormous data demand, indus- 
try efforts and investments to define, develop and 
deliver the systems and specifications for the fifth- 
Generation (5G) mobile system and services are 
well under way - signaling the dawn of the 5G Era. 


As shown in Figure 1, the number of connected I|n- 
ternet of Things (loT) is estimated to reach 50 Billion 
by 2020 [1], while the mobile data traffic is expect- 
ed to grow to 24.3 Exabytes per month by 2019 [2]. 
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Figure 1 Growth in Mobile Traffic and Connected Devices 


Add to it, the impact of higher cell capacity and 
end-user data rate requirements due to emerging 
new services such as Ultra-High-Definition (UHD) 
multimedia streaming and extremely low latency 
requirements for cloud computing and storage/ 
retrieval, and it soon becomes evident that the 
current 4G systems, which are already stretched 
to near-breaking points (despite massive Wi-Fi of- 
fload), will be stretched too thin to deliver the quality 
of experience (QoE) necessary to support mobile 
experience that 5G is set to deliver. 


5G Era can be expected to revolutionize the way 
we communicate by supporting immersive applica- 
tions that demand exceptionally high-speed wire- 
less connections, a fully-realized loT, experience 
lower latency and promote both spectrum and en- 
ergy efficiency. To realize these benefits, 5G sys- 
tems will differ fundamentally from their predeces- 
sors fueling a series of groundbreaking innovations. 
Let's look at the services and the requirements that 
5G is expected to address. 


5G Service Vision 


5G services have the potential to revolutionize the 
mobile experience. Here’s how: 


Internet of Things 


5G will make the “Internet of Things” a reality. With 
5G technology, a device will be able to maintain 
network connectivity regardless of time and loca- 
tion, and open the possibility to connect all the con- 
nected devices without human intervention. For 
this, the basic fabric of the 5G system design is ex- 
pected to provide support for up to a million simulta- 
neous connections per square kilometer, enabling 
a variety of machine-to-machine services including 
wireless metering, mobile payments, smart grid and 
critical infrastructure monitoring, connected home, 
smart transportation, and telemedicine. Intelligent 
devices will communicate with each other autono- 
mously in the background and share information 
freely. This ubiquitous connectivity - a basic tenet of 
the 5G services, will truly enable loT services which 
in turn is expected to profoundly change human 
lives by connecting virtually everything. 


— Smart Home 


Dishwashers will fix themselves using information 
from peers of the same model while home appli- 
ances at home and in the neighboring homes may 
cooperate to extinguish a fire. A smart refrigerator, 
recommending a recipe of cuisine to be cooked 
with ingredients that are already in your refrigerator, 
is yet another plausible scenario. 


— Fitness & Healthcare 


Connected Health and Fitness related wearable de- 
vices such as The Samsung Gear™ Fit will record 
your athletic performance while you exercise and 
recommend the type of exercise, its duration and 
frequency per day. These connected healthcare 
devices will also send vital signs such as brain- 
wave, blood pressure and heartbeat to an expert 
system in the hospital in real-time to prevent medi- 
cal emergencies before they occur. Such time criti- 
cal applications put unprecedented requirements 
on latency. 


— Smart Store 


In large shopping malls, while many people walk 
around window shopping, vicinity to products is 
continuously tracked, usually by a server some- 
where in the cloud. Customized alerts for low priced 
product can be sent to the user’s device as the user 
is detected in the vicinity of that low-priced product, 
or information of other lower prices in the nearby 
stores can be sent to the device as the customer 
spends more time in the vicinity of a certain product 
Class. 


5G Vision White Paper 2 
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Figure 24-8. Aiming Signal Mirror-—Oouble-Faced 
Mirror. 


24-3. Improvised Signals: 

a. Signal Mirrors. Improvised signal mirrors can be 
made from ration tins, parts from an aircraft, polished 
aluminum, glass, or the foil from rations or cigarette 
packs. However, the mirror must be accurately aimed if 
the reflection of the Sun in the mirror is to be seen by 
the pilot of a passing aircraft or the crew of a ship. 

b. Aiming Improvised Mirrors: 

(1) The simple way to aim an improvised mirror is 
to place one hand out in front of the mirror at arm’s 
length and form a “V” with two fingers. With the target 
in the “V” the mirror can be manipulated so that the 
majority of light reflected passes through the “V” (figure 
24-6). This method can be used with all mirrors. Anoth- 
er method is to use an aiming stake as shown in figure 
24-7. Any object 4 to 5 feet high can serve as the point 
of reference. 
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(2) Survivors should hold the mirror so they can 
sight along its upper edge. Changing their position until 
the top of the stick and target line up, they should adjust 
the angle of the mirror until the beam of reflected light 
hits the top of the stick. If stick and target are then kept 
in the sighting line, the reflection will be visible to the 
rescue vehicle. 

(3) Another method is to improvise a double-faced 
mirror (shiny on both sides), A sighting hole can be 
made in the center of the mirror. 

(a} When trying to attract the attention of a 
friendly rescue vehicle that is no more than 90 degrees 
from the Sun, proceed as shown in figure 24-8. 

(b) The survivor’s first step will be to hold the 
double-faced mirror about 3 to 6 inches away from the 
face and sight at the rescue target through the hole in 
the center of the mirror. The light from the Sun shining 
through the hole will form a spot of light on the survi- 
vor’s face. This spot will be reflected in the rear surface 
of the mirror. Then, aiming at the rescue vehicle 
through the hole, the survivor can adjust the angle of 
the mirror until the reflection of the spot on the face in 
the rear surface of the mirror lines up with, and disap- 
pears, into the sighting hole. 

(c) When the reflected spot disappears and the 
rescue vehicle is still visible through the hole, the survi- 
vor can be sure the reflected light from the Sun is accu- 
rately aimed. The survivor may also “shimmer” the 
mirror by moving it rapidly over the target. This en- 
sures that the part of the bright flash the rescuers see 
coincides with the position of the survivor. This (shim- 
mering) is especially useful on a moving target. 

(d) When the angle between the target and the 
Sun is more than 90 degrees (when the survivor is be- 
tween the rescue vehicle and the Sun) a different 
method may be used for aiming. The survivor should 
adjust the angle of the mirror until the spot made by the 





Figure 24-9. Aiming Signal Mirror—Angle Greater 
than 180 Degrees. 


Figure 24-10. Aiming Signal Mirror—Angle Greater 
than 180 Degrees (Another Method). 
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Figure 24-11. Shelter as a Signal. 


Sun’s rays passing through the hole in the mirror lands 
on the hand instead of on the face. The reflection in the 
back of the mirror that comes off the hand may then be 
manipulated in the same way (figure 24-9), 

(e) Another method used when the angle is 
greater than 90 degrees ts to lie on the ground in a large 
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Figure 24-12. Smoke Generator—Platform. 


WOOD SHAVINGS, 
KINDLINGS, TWIGS... . 
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clearing and aim the mirror using one of the methods 


previously discussed (figure 24-10). 


c, Fire and Smoke Signals: 

(1) Fire and smoke can be used to attract the atten- 
tion of recovery forces. Three evenly spaced fires, 100 
feet apart, arranged in a triangle or in a straight line, 
serve as an international distress signal. One signal fire 
will usually work for a survivor. During the night, the 
flames should be as bright as possible, and during the 
day, as much smoke as possible should be produced. 

(2) Smoke signals are most effective on clear and 
calm days. They have been sighted from up to 50 miles 
away. High winds, rain, or snow tend to disperse the 
smoke and lessen the chances of it being seen. Smoke 
signals are not dependable when used in heavily wood- 
ed areas. 

{3) The smoke produced should contrast with its 
background. Against snow, dark smoke is most effec- 
tive. Likewise, against a dark background, white smoke 
is best. Smoke can be darkened by rags soaked in oil, 
pieces of rubber, matting, or electrical insulation, or 
plastic being added to the fire. Green leaves, moss, 
ferns, or water produce white smoke. 

(4) To increase its effectiveness, the signal fire must 
be prepared before the recovery vehicle enters the area. 


SMALL OPENING FOR 
LIGHTING FIRE 
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LOTS OF DEAD DRY 
TWIGS OR KINDLING 
FOR QUICK STARTING 
FAST-BURNING FIRE 


SMALL OPENING FOR LIGHTING FIRE 





Figure 24-13. Smoke Generator—Ground. 
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The fires used by survivors for heat and cooking may be 
used as signal fires as long as the necessary materials are 
available in the immediate vicinity. Survivors should 
supplement the fire to provide the desired signal (figure 
24-11). 


(5) Smoke Generators: 
(a) Raised Platform Generator (figure 24-12). 
The survivor should: 

-1, Build a raised platform above wet ground 
or snow. 

-2. Place highly combustible materials on the 
platform. 

-3. Then place smoke-producing materials over 
the platform and light when search aircraft is in the 
immediate vicinity. 

(b) Ground Smoke Generator (figure 24-13). The 
survivor should: 

-1. Build a large log cabin fire configuration on 
the ground. This provides good ventilation and sup- 
ports the green boughs used for producing smoke. 

-2. Place smoke-producing materials over the 
fire lay; ignite when a search aircraft is in the immediate 
vicinity. 


( 


Figure 24-14. Tree Torch. 
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(c) Tree Torch Smoke Generator (figure 24-14). 

To build this device, the survivor should: 

-1. Locate a tree in a clearing to prevent a for- 
est fire hazard. 

-2. Add additional smoke-producing materials. 

-3. Add igniter. 

-4, Light when a search aircraft is in the imme- 
diate vicinity. 


{d) Fuel Smoke Generator. If survivors are with 
the aircraft, they can improvise a generator by burning 
aircraft fuels, lubricating oil, or a mixture of both. One 
to 2 inches of sand or fine gravel should be placed in the 
bottom of a container and saturated with fuel. Care 
should be used when lighting the fuel as an explosion 
may occur initially. If there is no container available, a 
hole can be dug in the ground, filled with sand or gravel, 
saturated with fuel, and ignited. Care should be taken to 
protect the hands and face. 


d. Pattern Signals. The construction and use of pat- 
tern signals must take many factors into account. Size, 
ratio, angularity, contrast, location, and meaning are 
each important if the survivors’ signals are to be effec- 
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Figure 24-15. Pattern Signal Sizes. 


tive. The type of signal constructed will depend on the 
material available to survivors. Not every crewmember 
will have a parachute, so ingenuity plays an important 
role in the construction of the signal. Survivors should 
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remember to judge their signals from the standpoint of 
aircrew members who are flying over their location 
searching for them. 


(1) Size. The signal should be as large as possible. 
To be most effective, the signal should have “lines” no 
less than 3 feet wide and 18 feet long (1:6) (figure 
24-15). 


(2) Ratio. Proper proportion should also be 
remembered. For example, if the baseline of an “L” is 
18 feet long, then the vertical line of the “L” must be 
longer (27 feet}, a 2 to 3 ratio, to keep the letter in 
proper proportion. 


(3) Angularity. Straight lines and square corners are 
not found in nature. For this reason, survivors should 
make all pattern signals with straight lines and square 
corners. 


(4) Contrast. The signal should stand out sharply 
against the background. The idea is to make the signal 
look “larger.” On snow, the fluorescent sea dye available 
in the liferaft accessory kit can be used to add contrast 
around the signal. The survivor should do everything 





Figure 24-16. Contrast (Snow). 
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Figure 24-17. Contrast. 





Figure 24-18. Location. 
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CODE 
No. | MESSAGE SYMBOL 
S| REQUIRE ASSISTANCE Vv 
| REQUIRE MEDICAL ASSISTANCE ee 
) 
4 | YES or AFFIRMATIVE 
Es PROCEEDING IN THIS DIRECTION 


Figure 24-19. Signal Key. 














possible to disturb the natural look of the ground. In 
grass and scrubland, the grass should be stamped down 
or turned over to allow the signal to be easily seen from 
the air. A burned grass pattern is also effective. When in 
snow, a trampled out signal is very effective. Survivors 
should use only one path to and from the signal to avoid 


LOWER LATERAL BAND 





Figure 24-20. Parachute Strips. 
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Figure 24-21. Parachute in Tree. 


disrupting the signal pattern. Avoid using orange para- 
chute material on a green or brown background as it has 
a tendency to blend in (figure 24-16). Contrast can be 
improved by outlining the signal with green boughs, 
piling brush and rocks to produce shadows, or raising 
the panel on sticks to cast its own shadow (figure 24-17). 


(5) Location. The signal should be located so it can 
be seen from all directions. Survivors should make sure 
the signal is located away from shadows and overhangs. 
A large high open area is preferable. {t can serve a dual 
function—one for signaling and the other for rescue 
aircraft to land (figure 24-18). 


(6) Meaning. If possible, the signal should tell the 
rescue forces something pertaining to the situation. For 
example: “require medical assistance,” or a coded sym- 
bol used during evasion, etc. Figure 24-19 shows the 
internationally accepted symbols. 


e. Parachute Signals: 


(1) Parachute material can be used effectively to 
construct pattern signals. A rectangular section of para- 
chute material can be formed as shown in figure 24-20. 
When making a pattern signal, survivors should ensure 
the edges are staked down so the wind will not blow the 
panels away. 

(2) A parachute caught in a tree will also serve as a 
signal, Survivors should try to spread the material over 
the tree. to provide the maximum amount of signal (fig- 
ure 24-21). 


472 


AFR64-4 = Vol! 15 July 1985 





Figure 24-22. Chute Over Trees or Streams. 





Figure 24-23. Pennants and Banners. 


(3) When open areas are not avatlable, survivors 
should stretch the chute over low trees and brush or 
across small streams (figures 24-22 and 24-23). 


f. Shadow Signals. If no other means are available, 
survivors may have to construct mounds which will use 
the Sun to cast shadows. These mounds should be con- 
structed in one of the international distress patterns. 
Brush, foliage, rocks, or snowblocks may be used to cast 
shadows, To be effective, these shadow signals must be 
oriented to the Sun to produce the best shadow. In areas 
close to the Equator, a north-south line gives a shadow 
at any time except noon. Areas farther north or south 
require the use of an east-west line or some point of the 
compass in between to give the best results. 


g. Acknowledgements: 
(1) Rescue personnel will normally inform the sur- 
vivors they have been sighted by: 
(a) Flying low with landing lights on (figure 
24-24), and (or) rocking the wings. 
{b} Emergency radio. 
{2) Figure 24-25 depicts the standard body signals 
which can be used if electronic signaling devices are not 
available. 


AFR 64-4 Vol 


15 July 1985 









MESSAGE RECEIVED AND UNDERSTOOD 
AIRCRAFT WILL INDICATE THAT GROUND SIGNALS 
HAVE BEEN SEEN AND UNDERSTOOD BY— 


DAY OR MOONLIGHT: ROCKING FROM SIDE TO SIDE 


NIGHT: MAKING GREEN FLASHES WITH SIGNAL LAMP 


MESSAGE RECEIVED BUT NOT UNDERSTOOD 
AIRCRAFT WILL INDICATE THAT GROUND SIGNALS 
HAVE BEEN SEEN BUT NOT UNDERSTOOD BY- 


DAY OR MOONLIGHT: MAKING 4 COMPLETE RIGHT HAND CIRCLE 


NIGHT: MAKING RED FLASHES WITH SIGNAL LAMP 


Figure 24-24. Standard Aircraft Acknowledgements. 
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All OK, 
do not wait 


Need mechanical 


help or parts — 
long delay 


, 


Do not attempt Can proceed shortly, 
to land here wait if practicable 


Our receiver 
is operating 


Use drop 
message 





Affirmative 
(Yes) 


Negative 
(No) 


Pick us up, 
aircraft 


abandoned 


Fn cE 


Need medical assistance 
URGENTLY 


Land here {point in 
direction of landing) 





Figure 24-25. Close-in Visual Signals. 
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Chapter 25 


RECOVERY PRINCIPLES 


25-1. Introduction: 

a. Receipt of a distress call sets a highly trained and 
well-equipped organization into operation; however, 
prompt and safe recovery is by no means ensured. The 
success of the rescue effort depends on many factors. 
Such factors as the availability of rescue forces, the 
proximity of enemy forces, and weather conditions can 
affect the success of the rescue. Above all, the survivors’ 
knowledge of what to do in the rescue effort may make 
the difference between success and failure (figure 25-1). 

b. The role of survivors in effecting their rescue 
changes continuously as aircraft and rescue equipment 
become more sophisticated. The probability of a down- 
ed aircrew member applying long-term survival training 
concepts under noncombat conditions continues to de- 
crease while increasing under combat conditions. 

c. There are several independent organizations en- 
gaged in search and rescue (SAR) operations or influ- 
encing the SAR system. The organizations may be inter- 
national, federal, state, county, or local governmental, 
commercial, or private organizations, Survivors are re- 
sponsible for being familiar with procedures used by 


Figure 25-1. Recovery. 





international SAR systems in order to assist in rescue 
efforts. Some international organizations are: 

(1) International Civil Aviation Organization 
(ICAO). 

(2) Intergovernmental Maritime Consultive Organ- 
ization (IMCO). 

(3) Automated Mutual-Assistance Vessel Rescue 
(AMVER) System. 


25-2. National Search and Rescue (SAR) Plan: 

a. The National SAR Plan is implemented the instant 
an aircraft is known to be down. There are three prima- 
ry SAR regions; they are the Inland Region, the Mari- 
time Region, and the Overseas Region. 

b. The Air Force is the SAR coordinator for the In- 
land Region, which encompasses the continental United 
States. The Coast Guard is the SAR coordinator for the 
Maritime Region, which includes the Carribean Area 
and Hawaii. The Third National Region is the Overseas 
Region. The Secretary of Defense designates certain De- 
fense Department officers as United Commanders of 
specified areas where US Forces are operating. Wherev- 
er such commands are established, the Unified Com- 
mander is the Regional SAR Coordinator. Overseas re- 
gions are normally served by the Joint Rescue 
Coordination Center, operated under the Unified Ac- 
tion Armed Forces. Under the terms of the National 
SAR Pian, the “inland” area of Alaska is considered a 
part of the Overseas Region. 

c. The National SAR Manual, Air Force Manual 64-2, 
provides a long-range rescue plan which personnel 
should study for additional information. 


25-3. Survivors’ Responsibilities: 

a. The survivors’ responsibilities begin at the onset of 
the emergency, with the dispatching of an immediate 
radio message. The radio message should include posi- 
tion, course, altitude, groundspeed, and actions plan- 
ned. This information is essential for initiating efficient 
recovery operations. 

b. Once recovery operations have been initiated, sur- 
vivors have a continuing responsibility to furnish infor- 
mation. Both ground and radio signals should be imme- 
diate considerations. 

c. If a group of survivors should become separated, 
each group member should, when contacted by rescue 
forces, provide information surrounding the dispersal of 
the group. 

d. The greatest responsibility of aircrew members is 
to follow all instructions to the letter. The intelligence 
officer will brief aircrew members on procedures for 
tactical situations. These instructions must be followed 


Such a system can be tailored to deliver a highly 
customized experience thereby greatly enhancing 
a user’s shopping experience. To support such a 
scenario, massive connectivity and low latency 
technologies are inevitable. 


— Smart Office 


In smart office environments, office appliances are 
connected with one another and will share informa- 
tion. Nearby computers and input/output devices 
can recognize a user and change the settings us- 
ing the user’s preferences stored in the loT cloud. 
Printers will print out the relevant documents when 
the user passes by the printer. Almost all the office 
appliances will connect wirelessly, while exchang- 
ing massive data through wireless medium without 
noticeable delay. Alerts on the upcoming meetings, 
materials and documents relevant to that meeting 
will instantaneously become available to the user's 
device, while documents and tasks that are modi- 
fied will be automatically updated. 


— Connected Car 


Many of us use navigation services via in-car navi- 
gation systems or our smart phones to find the most 
efficient route to our destination. Vehicle diagnostic 
services are becoming attractive to obtain the in- 
formation such as battery level, fuel level or engine 
status on our smartphones. The ‘eCall’ system that 
automatically calls emergency services in case of 


an emergency exemplifies such a service. By 2020 
and beyond, more attractive services that wirelessly 
connect ‘cars’ around us with ‘things’ will emerge 
and make people in the vehicles very comfortable, 
and provide an enjoyable driving experience. For 
safer driving, sensor and camera data in a vehi- 
cle as well as supplementary information from the 
neighboring vehicles will be collected using mobile 
networks so that a potential emergency situation 
can be reliably informed to a driver in real-time and 
timely steps can be taken to avoid an actual emer- 
gency situation. This operation will eventually be ap- 
plied to self-driving cars, which can be viewed as an 
important type of ‘things’. 


Immersive Multimedia Experience 


In a 5G environment, users will experience life-like 
multimedia streams anytime and anywhere. Users 
will feel as if they are part of the scene when they 
watch videos on their smart devices. To provide 
such an immersive experience, many obstacles 
will need to be overcome. Agility to instantaneously 
respond to the user’s thought and behavior will be 
necessary. An upcoming service that is expected 
to provide life-like experience in 5G system is UHD 
video streaming with its greatly enhanced resolution 
and clarity. Currently, UHD services over terrestrial 
broadcast are already being standardized in some 
countries. In addition, some smart phones in the 
market are now equipped with a camera module 
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explicitly since it could mean the difference between life 
and death. When rescue personnel tell the survivor to 
unhook from the raft—it should be done immediately! 
If instructions are not followed, survivors could be re- 
sponsible for causing their own death and (or) the death 
of rescue personnel. 


25-4. Recovery Site: 

a. Consideration must be given to a recovery site. The 
survivor's major considerations are the type of recovery 
vehicle carrying out the recovery and the effects of the 
weather and terrain on the rescue aircraft, such as up- 
drafts and downdrafts, heat, wind, etc. Survivors should 
try to pick the highest terrain possible in the immediate 
area for pickup. When locating this rescue site, they 
should watch for obstacles such as trees, cliffs, etc., 
which could limit the aircraft’s ability to maneuver. 
Overhangs, cliffs, or sides of steep slopes should be 
avoided. Such terrain features restrict the approach and 
maneuverability of the rescue vehicle and require an 
increase in rescue time. 

b. Even though survivors should select a recovery site, 
it is the ultimate responsibility of rescue personnel to 
decide if the selected site is suitable. 


25-5. Recovery Procedures: 

a. Knowing Current Procedures. Since procedures 
involving recovery vary with changes in equipment and 
rescue capability, survivors must always know the cur- 
rent procedures and techniques. This is particularly true 





Figure 25-2. Approaching Helicopter. 
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of the procedures used for wartime recovery, which are 
in AFR 64-3. 

(1) In deciding whether or not supplies should be 
dropped, rescue forces consider such factors as the rela- 
tive locations of the distress site to rescue unit bases, the 
lapse expected before rescue is initiated, and the danger 
of exposure. If a delay is expected, supplies are usually 
dropped to survivors to help sustain and protect them 
while they await rescue. The mobility of survivors on 
the land generally makes it possible to recover equip- 
ment dropped some distance away, but airdrops at sea 
must be accurate. 

(2) Aircraft with internal aerial delivery systems, 
such as the HC-130, are the most suitable for delivery of 
supplies to survivors. Aircraft having bomb bays or ex- 
terior racks capable of carrying droppable containers or 
packages of survival requisites are the next most suit- 
able for dropping supplies. However, these aircraft are 
not always available for supply dropping operations, so 
aircraft not specifically designed for this function may 
have to be used. 

b. Rescue by Helicopter: 

(1) Helicopters make rescues by landing or hoisting. 
Landings are usually required at high altitudes due to 
limitations of helicopter power for maintaining a hover. 
Hoist recovery is the preferred method for effecting a 
water rescue. Helicopter landings are made for all res- 
cues when a suitable !anding site is available, and dan- 
ger from enemy forces is not a problem. Hovering the 
helicopters and hoisting the survivor aboard requires 


APPROACH 
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more helicopter power than landing and presents a haz- 
ard to both the aircraft and the survivor. There is a 
danger if helicopters are operated close to collapsed 
parachutes. Parachute inflation by rotor downwash can 
cause the parachute to be sucked into the rotor blades of 
the helicopter. 

(2) After landing, a crewmember will usually depart 
the aircraft. If for some reason this cannot be done, as 
in combat, the survivor should approach the helicopter 
from the 3 o’clock to 9 o’clock position relative to the 
nose of the helicopter and follow instructions (figure 
25-2). 


c. Rescue by Fixed-Wing Aircraft on Land: 

(1) The most significant role played by fixed-wing 
aircraft in rescue operations is providing immediate as- 
sistance to survivors and serving as the “eyes” of ap- 
proaching rescue units. This is done by pinpointing the 
survivors’ position, orbiting the survivors, and drop- 
ping survival equipment. This type operation improves 
the morale of the survivors, fixes the survivors’ location 
to prevent additional searching, and saves valuable time 
in getting the pickup unit on the scene. 

(2) The role of fixed-wing aircraft in actually per- 
forming a rescue ts limited to instances where there is a 
suitable runway near the survivor or where the aircraft 
is designed to operate from rough and improvised 
strips. Fixed-wing aircraft rescues have often been made 
in extremely cold climates where the aircraft have either 
used frozen lakes or rivers as runways or, when fitted 
with skis, have operated from snow-covered surfaces 
and glaciers. However, landing in unknown terrain 
under what appears to be ideal conditions is extremely 
hazardous. 


d. Rescue by Ship: 

(1) When a distress craft or survivors are a consid- 
erable distance from shore, rescue will normally be by 
long-range ships (specialized SAR ships, warships, or 
merchant ships). The rescue methods used by these 
ships vary considerably according to their displacement 
and whether the rescue is made in midocean or close to 
land. Weather, tides, currents, sea conditions, shallow 
water, reefs, daylight, or darkness may be important 
factors. 

(2) Although it appears obvious that a marine craft 
should be used for rescue operations, it may be advisa- 
ble to initiate an alternate method of recovery. For ex- 
ample, helicopters may be used to evacuate survivors 
picked up by marine craft in order to speed their deliv- 
ery to an emergency care center. 

(3) Removal of survivors from the water, liferafts, 
lifeboats, or other vessels to the safety of the rescue 
vessel deck may be the most difficult phase of a mari- 
time search and rescue mission. In most cases, survivors 
will have to be assisted aboard. For this reason, all SAR 
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vessels are usually equipped and prepared to lift survi- 
vors from the water without help from the survivors. 
There are numerous methods for rescuing survivors 
which may be used by SAR vessels. The most common- 
ly used methods are listed in this chapter and are gener- 
ally grouped as rescue of survivors in the water and 
rescue of survivors directly from their distressed vessel. 
{a) When rescuing people from water, the follow- 

ing methods are generally used: 

-1. Ship alongside/swimmer. 

-2, Ship alongside/line thrower. 

-3, Ship alongside/small boat. 

-4. Ship circle/trail line. 

(b) The most commonly used methods for rescu- 

ing personnel who are aboard distressed vessels are: 

-1. Ship to ship/direct. 

-2. Ship to ship/raft haul. 

-3. Ship to ship/raft drift. 

-4, Ship to ship/small boat. 

-5. Ship to ship/haulaway line. 


e. Rescue by Boat: 

(1) When survivors are located on lakes, sheltered 
waters, rivers, or coastal areas, rescue will often be 
made by fast boats of limited range based close to the 
survivors or by private boats operating in the vicinity. 

(2} Rescue boats are usually small and may not be 
able to take all survivors on board at one time; there- 
fore, a sufficient number of boats to offset the rescue 
should be dispatched to the distress scene. When this is 
not possible, each boat should deploy its rafts so that 
those survivors who cannot be taken aboard immediate- 
ly can be towed ashore or kept afloat while they are 
waiting. The boat crew should make sure any survivors 
who must be left behind are made as secure as circum- 
stances permit. 

(3) Assistance to an aircraft that has crashed or 
ditched on the water will usually consist of transferring 
personnel from plane to boat and picking up survivors 
from the water or liferafts. It may also include towing of 
an aircraft which is disabled on the water. 


f. Coordinated Helicopter/Boat Rescues: 

(1) Occasionally, boats and helicopters will be dis- 
patched for a rescue operation. Generally the first res- 
cue unit to arrive in the vicinity of the survivors will 
attempt the first rescue. 

(2) If the helicopter arrives first, the boat will take a 
position upwind of the helicopter in the 2 o’clock posi- 
tion at a safe distance and stand by as a backup during 
the rescue attempt. 

(3) tf the helicopter must abort the rescue attempt, 
the pilot will depart the immediate area of the survivor 
and signal for the boat to move in and make its rescue 
attempt. Additionally, the helicopters may turn out the 
anticollision rotating beacon to indicate they require 
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boat assistance or are unable to complete the rescue. In 
certain operations where helicopter and boat coordinat- 
ed rescue can be foreseen, specific signals should be 
prearranged. 

(4) If the boat arrives first and makes the rescue, it 
will transfer the survivor to the helicopter to effect a 


rapid delivery to medical facilities. 


25-6. Pickup Devices: 

a. Assistance. When rescue forces are in the immedi- 
ate area of survivors, they will, if conditions permit, 
deploy pararescue personnel to assist the survivors. Un- 
fortunately, conditions may not always permit this, so 
survivors should know how to use different types of 
pickup devices. 

b. Common Factors. Some common factors concern- 
ing all pickup devices are: 

(1) The device should be allowed to ground to dis- 
charge static electricity before donning. 

(2) To ensure stability, survivors should sit or kneel 
when donning a pickup device. Do not straddle the 
device. 

(3) 1 no audio is available, survivors should visual- 
ly signal the hoist operator when ready for lift-off— 
“thumbs up” or vigorously shake the cable from side to 
side. 

(4) Most devices can be used as a sling (strop). 

(5) Survivors must remember to follow ali instruc- 
tions provided by the rescue crew. When lifted to the 
door of the helicopter, survivors should not attempt to 
grab the door or assist the hoist operator in any way. 
They must not try to get out of the pickup device. The 
hoist operator will remove the device after the survivor 
is well inside the aircraft. 
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c. Rescue Sling. Before donning the rescue sling 
(strop), the survivor should face the drop cable and 
make sure the cable has touched the water or ground 
and lost its charge of static electricity. 

{1) The most commonly accepted method for don- 
ning the rescue sling (strop) is the same as putting on a 
coat. After connecting the ring to form the sling (strop), 
the survivor’s arms should be inserted one by one into 
the sling (strop) as it swings behind. The sling (strop) 
loop should be against the survivor’s back with an arm 
around each side of the strop. The webbing under the 
metal ring can be held until tension is put on the cable. 
The survivor’s hands may then be interlocked and 
rested on the chest. This tends to lock the survivor into 
the sling (strop) as upward pressure is applied (figure 
25-3). 

(2) Another way to enter the strop is to grasp the 
strop with both hands and lift it over the head to bring 
it down under the arms and around the body. Regard- 
less of the method used, the survivor should remember 
the webbing and metal hardware of the device should be 
directly in front of the face. 

d. Basket. If a basket is used, it will probably be 
accompanied to the water or ground by a member of the 
helicopter crew. The crewmember will assist survivors 
into the basket. There are two types of baskets: The 
litter type in which the person lies flat, and the seat type 
that survivors enter and sit down in as they would in a 
chair (figure 25-4). 

e. Forest Penetrator: 

(1) The forest penetrator rescue seat is designed to 
make its way through interlacing tree branches and 
dense jungle growth. It can also be used in open terrain 
or over water. The device is equipped with three seats 





Figure 25-3. Horse Collar. 
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Figure 25-4. Basket. 


which are spring-loaded in a folded position against the 
body or main shaft and must be pulled down to the 
locked position for use. On the main shaft of the tube, 
above the seats, there is a zippered fabric storage pouch 
for the safety (body) straps which are stowed when low- 
ered to the survivor for a land pickup. The penetrator 
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may also be equipped with a flotation collar. (NOTE: If 
the forest penetration is used for water pickup, it will be 
equipped with the flotation collar which enables the 
device to float with the upper one-third (approximately) 
of the device protruding above the water. Additionally, 
for water pickups, one strap will be removed from the 
stowed position, and one seat will be locked in the down 
position to assist the survivor in using the penetrator.) 


(2) The safety strap is pulled from the storage 
pouch and placed around the body to hold the person 
on the penetrator seat. The strap should not be un- 
hooked unless there is no other way to fasten it around 
the body. The survivor must make certain the safety 
strap does not become fouled in the hoist cable. After 
the strap is in place, the seat should be pulled down 
sharply to engage the hook which holds it in the extend- 
ed position. The survivor can then place the seat be- 
tween the legs. Then the survivor should puil the safety 
strap as tight as possible ensuring the device fits snugly 
against the body. The survivor must always keep the 
arms down, elbows locked against the body, and not 
attempt to grab the cable or weighted snap link above 
the device. After making certain the body is not entan- 
gled in the hoist cable, the signal to be lifted can be 
given (figure 25-5). 


(3) In a combat area, under fire, survivors may be 
lifted out of the area with the cable suspended before 


BODY (UNDER ARMS) & HOOK SNAP 
RING TO SNAP RING BAR 


MOUNT SEAT & TIGHTEN STRAP 


Figure 25-5. Forest Penetrator. 
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being brought into the helicopter. It is important to be 
correctly and securely positioned on the pickup device. 
The seat should always be held tightly against the crotch 
to prevent injury when slack in the cable is taken up. 
The hands should be kept below and away from the 
swivel on the cable with the arms around the body of 
the penetrator. Survivors should keep their head close 
to the body of the penetrator so that tree branches or 
other obstructions will not come between the body and 
the hoist cable. 


(4) When survivors reach a position level with the 
helicopter door, the hoist operator will turn them so 
they face away from the helicopter and then pull them 
inside. The crewmember will disconnect the survivors 
from the penetrator once the device is safely inside the 
helicopter. 


(5) The forest penetrator is designed to lift as many 
as three persons. When two or three survivors are pick- 
ed up, heads should be kept tucked in and each individ- 
ual’s safety strap drawn tight. The penetrator can be 
used to lower a paramedic or crewmember to assist 
injured personnel, and both (survivor and paramedic) 
can be hoisted to the helicopter. If the forest penetrator 





Figure 25-6. Motley Rig. 
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Figure 25-7. McGuire Rig. 


seat blades have been lowered in a tree area, and if for 
any reason the pickup cannot be made, the blades 
should be returned to the folded position to prevent 
possible hangup on tree limbs or other objects while the 
device is being retracted. 


(6) With all types of devices, it is necessary to watch 
the device as it is lowered. The devices weigh about 23 
pounds. If the device were to hit a survivor, it could 
cause a serious injury or death. 


f. Other Devices. There are other devices which could 
be used to pick up survivors. Some of them are the 
Motley and McGuire rigs (figures 25-6 and 25-7), the 
Swiss Seat and Stabo rig (figures 25-8 and 25-9), and the 
Rope Ladder (figure 25-10). 

(1) Motley and McGuire Rigs. These devices may 
be carried by Army helicopters either designated as the 
recovery aircraft in assault or for use to insert or extract 
special ground forces. The device is normally packed in 
a weighted canvas container and dropped by rope. The 
device is dropped to the survivor, who is allowed time 


480 





Figure 25-8. Swiss Seat. 


for donning. The helicopter then returns trailing a rope 
which is then fastened to the device for pickup. Gener- 
ally, the survivor is not hoisted into the helicopter; 
therefore, all safety straps should be securely fastened. 


(2) Swiss Seat and Stabo Rig (figures 25-8 and 
25-9). These devices are carricd by special ground forces 
who may require instant extraction by helicopter. Spe- 
cial ground forces put their devices on and wait for the 
helicopter to drop ropes which are snapped into the 
devices for rapid extraction. Although not normally car- 
tied aboard the aircraft, the Army helicopter may sup- 
ply one of these devices to the survivor. Again, the 
survivor would not be hoisted into the helicopter. 


(3) Rope Ladder. This device is used primarily by 
the Army and special ground forces. If this device is 
used, it should be approached from the side and not the 
front. The survivor should climb up a few rungs, sit 
down on a rung, intertwine the body with rungs (figure 
25-10). The survivor should not try io climb up the 
ladder and into the helicopter. 
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STABO RIG 


Figure 25-9. Stabo Rig. 


25-7. Preparations for Open Seas Recovery: 


a. On sighting rescue craft approaching for pickup, 
(boat, ship, conventional aircraft, or helicopter), survi- 
vors must quickly clear any lines (fishing lines, desalting 
kit lines, etc.) or other gear which could cause entangle- 
ment during rescuc. All loose items should be secured in 
the raft. Canopies and sails should be taken down to 
ensure a safer pickup. After all items are secure, the 
survivor should put on the helmet (if available). The life 
preserver should be fully inflated with the oral valve 
locking nut tight against the mouthpiece. Survivors 
should remain in the raft, unless otherwise instructed, 
and disengage all gear except the preservers. If possible, 
rescue personnel will be lowered into the water to assist 
survivors. The survivors should remember to follow all 
instructions given by rescue personnel. 


b. If helicopter recovery is unassisted, the survivor 
will be expected to do the following before to pickup: 
(1) Secure all loose equipment in raft, accessory 
bag, or in pockets. 
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Figure 25-10. Rope Ladder. 
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(2) Deploy sea anchor, stability bags, and accessory 
bag. 
(3) Partially deflate raft and fill with water. 
(4) Unsnap survival kit container from parachute 
harness. 
(5) Grasp raft handhold and roll out of raft. 
(6) Allow recovery device and (or) cable to ground 
out on water surface. 
(7) Maintain handhold until recovery device is in 
the other hand. 
(8) Mount recovery device (avoid raft lanyard 
entanglement). 
(9) Signal hoist operator for pickup. 
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Part Nine 


EVASION 


Chapter 26 


LEGAL AND MORAL OBLIGATIONS 


26-1. Introduction: 

a. Aerial combat in the future, as in the past, will 
expose aircrews to possible ejection, bailout, or forced 
landings into enemy controlled territory. The aircrews 
who encounter such traumatic circumstances must be 
prepared to survive and evade the enemy to return to 
friendly control. An active commitment to solving 
problems and to individual survival (the “will to sur- 
vive”) is essential. Aircrew members must be prepared 
to exert extreme effort, both mental and physical, to 
successfully evade capture. In an excerpt from a debrief, 
one survivor describes what it was like coming to terms 
with these problems. “I thought to myself...“Well, I’m in 
a hell of a spot, what am I going to do about it?’ The 
situation was such that I didn’t do anything about it for 
quite awhile. I just sat there in the rain where I had 
landed and stared at the ground. It became colder, and 
after what seemed like hours, I lifted my gaze and sat 
staring now into the forest, looking at it without even 
really seeing it. I started thinking about the chain of 
events that had preceded my landing in this God-for- 
saken forest so far from my lines. My thoughts were as 
jumbled and unreal as the fog into which I had dived. 
Soon, it started to snow and I realized that I was in 
danger of being discovered or of freezing to death where 
I sat, and so, with a huge effort of will I forced myseif to 
think coherently. I stood, and so began my journey.” 
(See figure 26-1.) 


b. This person had no survival training but neverthe- 
less managed to successfully evade for miles back to his 
own lines with little more than a strong will to survive 
and common sense. Potential evaders must understand 
that evading capture presents a difficult challenge. They 
will meet and have to overcome a succession of obsta- 
cles, both manmade and natural. Knowledge gained 
from the experience of others, their own training, and 
prior preparation and planning will help them to over- 
come those obstacles. 


c. This part addresses covert survival; that is, evasion. 

Areas to be covered include: 

(1) Evader’s moral obligations and legal status. 

(2) Principles and techniques of evasion, camou- 
flage, and travel (assisted or unassisted). 

(3) The special aspects of food and water 
procurement. 

(4) Combat signaling and recovery. 


26-2. Definitions: 

a. Evader. An “evader” (JCS Pub 1) is “a person who 
through training, preparation, and application of natu- 
ral intelligence avoids contact with, and capture by, hos- 
tiles, both military and civilian.” 

b. Evasion. Evasion means all the processes involved 
in living off the land and, at the same time, avoiding 
capture while returning to friendly control. As used 
here, it includes all the techniques of evasion employed 
by those on foot in enemy territory. 

26-3. Military Drive: 

a. A crewmember becomes an evader when isolated in 
hostile areas, unable to continue the assigned mission, 
and when prevented from rejoining friendly forces. Def- 
initions are useful but will not contribute to success in 
evading capture unless potential evaders understand 
what factors give direction and guidance to their efforts. 

b. If the opportunity exists, evaders must be motivat- 
ed to take advantage of it. The motivation to make a 
total effort to adhere to every evasion principle 24 hours 
a day may be personal or military. This strong central 
drive will give the survivor the necessary push to make 
these efforts. 

¢. Even if evasion is unsuccessful and the evader is 
captured, every hour spent eluding the enemy ties up 
enemy forces and lessens the evader’s intelligence value. 

d. In addition to the above reasons for evading cap- 
ture, survivors also have moral and legal obligations to 
fulfull. 

(1) Moral obligation is implied throughout the Arti- 
cles of the Code of Conduct, specifically Article IE. Arti- 
cle II states: “I will never surrender of my own free will. 
If in command, | will never surrender my men while 
they still have the means to resist.” This Articie of the 
Code should guide an evader’s behavior during evasion 
just as it does in any other combat situation. 

(2) The UCM] continues to apply to evader’s con- 
duct during evasion or captivity. Particularly applicable 
are Article 99, Misbehavior Before the Enemy, Article 
104, Aiding the Enemy, and Article 92, Failure to Obey 
a Lawful Order. Thus, one can be tried for misconduct 
as a combatant or as a noncombatant. A combatant is 
defined in AFP 110-31 as “a person who engages in 
hostile acts in an armed conflict on behalf of a party to 
the conflict.” The combatant must conform to the stan- 
dards established under international law for combat- 
ants, be authorized by his or her country to so act, and 
be recognizable as a combatant by uniform, insignia, or 


AFR 64-4 Voll 15 July 1985 


a i 
oh me | 


ween 
ANI 


lee pet 


Ms, 
t 





an aa! il, 7 ag a 


| h a 


Figure 26-1. Evasion. 


other sign. A noncombatant includes a wide variety of 
persons, including civilians, prisoners of war, sick and 
wounded persons, chaplains, medics, and other similar 
persons (AFP 110-31). Various countries around the 
world have developed written and unwritten laws of 
war. Four Geneva treaties were entered into by the 
United States and 60 other countries in 1949 and these 
treaties, as since amended, are in AFP 110-20. 


(3) An “evader” is defined in international Jaw as 
“any person who has become isolated in hostile or un- 
friendly territory and who eludes capture.” An evader is 
a combatant and retains this status as a fighting person 
under arms according to international law until cap- 
tured. Evaders are considered instruments of their gov- 
ernment, under orders to evade capture, and never to 
surrender of their own free will. The evader is still mili- 
tarily effective and may take such steps as necessary, 
within the rules of warfare, to accomplish the mission, 
which includes returning after striking an enemy target. 
While in combatant status, the evader may continue to 
strike legitimate military targets and enemy troops with- 
out being held liable to prosecution after capture for 
violation of the local criminal law. To do so while evad- 
ing capture is the legal function of a combatant. 


en it 
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(4) Once captured, an evader becomes a noncomba- 
tant and will occupy the status of a prisoner of war 
(PW). A PW who kills or wounds enemy personnel of 
the Detaining Power in an attempt to escape or evade 
may be tried and punished for the offense. International 
law provides certain rights to a PW and requires issu- 
ance of an identity card showing name, rank, serial 
number, and date of birth. When questioned, a PW is 
bound only to provide this information. A PW who 
escapes remains a noncombatant until he or she rejoins 
the armed forces of his or her country or the armed 
forces of a friendly power. Once escape is completed, 
combatant status is regained and no punishment may be 
imposed by the Detaining Power in the event of subse- 
quent recapture. A PW who attempts to escape and is 
recaptured before rejoining his or her armed forces is 
liable under the Geneva Convention only for disciplina- 
ry punishment in respect of this act, even if it is a 
repeated offense. However, special surveillance may be 
imposed. 


(5) Disguise is a lawful means of evading enemy 
forces so long as a means of military identification is 
retained-on the person. However, an evader while in 
disguise may not participate in or commit hostile acts 
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involving destruction of life or property. A person in- 
volved in such an offense will be classified as an “unlaw- 
ful combatant,” will not be entitled to PW status, and 
may be tried by the enemy and sentenced to imprison- 
ment or execution under certain circumstances. A dis- 
guise also cannot be used by a military person for the 
purpose of gathering enemy military information or for 
waging war, and to do so will result in loss of PW status 
if captured. 


(6) Evasion can be classified as either assisted or 
unassisted, Assistance can be defined as any help which 
is offered to an American aircrew member by any per- 
son. This help may include food, clothing, medicine, 
shelter, money, and even such a small item as a shoe- 
lace. Evaders should, in fact, consider they have been 
assisted even if, while evading through hostile territory, 
their presence has been ignored by indigenous person- 
nel. The term unassisted evasion would then relate to 
the situation where the survivor, as an evader, must rely 
solely on his own knowledge and abilities to successfully 
emerge from an enemy-held or hostile area to areas 
under friendly control. The process of emerging may 
include aerial recovery, water recovery, or assisted eva- 
sion, but it is primarily an unassisted individual effort. 
Certain principles apply to all evasion situations; cer- 
tain procedures should be followed; and certain tech- 
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niques have widespread application. The beginning of 
an evasion experience is often the most critical phase. 
This is particularly true for a person who bails out over 
enemy territory during daylight hours and in sight of 
enemy personnel. The downed aircrew member can 
count on the enemy to make a determined effort to 
capture him if seen. Eluding the enemy is also a matter 
of effort and luck. Luck plays its part initially in estab- 
lishing where a crewmember lands in relation to the 
location of any enemy personnel who may have seen the 
descent. For example, the downed crewmember who 
lands in a heavily populated area (city, military installa- 
tion or combat area) may be taken prisoner immediate- 
ly. Here the problem becomes one of early escape rather 
than one of evasion. 

(7) An evasion situation should not be categorized 
in terms of length. History has proven that predicting 
the length of any specific evasion situation is practically 
impossible. All crewmembers should be prepared to 
evade until rescued, no matter how long the evasion 
experience might last. Emphasizing the advantages of 
“short-term” evasion over “long-term” may cause an 
overly optimistic, possibly even foolhardy, attitude to- 
ward evasion planning. Or, evaders may decide, if they 
are not rescured in a “short” period of time, it is no 
longer worth the effort, thereby, taking on a defeatist 
attitude. 


that can record video with 4K UHD quality. It is 
expected that UHD services are likely to go main- 
stream by 2020 raising an acute need for perfor- 
mance enhancement of cellular systems to support 
such services. 


Other examples of “immersive” services that will 
fundamentally revolutionize entertainment, health, 
education, and other industry sectors are Virtual 
Reality (VR) and Augmented Reality (AR). 


VR provides a world where physical presence is 
simulated by computer graphics, and the user can 
actively interact with the simulated elements, as in 
immersive sports broadcasting for instance (See 
Figure 3). Other interesting VR service scenarios 
are interactive 360° movies, online games, remote 
education, and virtual orchestra. Samsung's recent- 
ly launched VR headset called (called Gear VR), 
virtual reality video service platform (called Milk VR) 
and ‘Project Beyond,’ (a 360° 3D camera with 17 
Full HD (FHD) camera modules, optimal for gener- 
ating contents for Milk VR) indicate the humble be- 
ginnings of the truly immersive experience that is to 
come in the 5G Era. 

















Figure 3 Watching Sport Events with VR 


In an AR service scenario, computer-aided real- 
time information based on user context is graphi- 
cally augmented to the display, delivering added 
value for the user. In the future the service desk at- 
tendant no longer needs to memorize the tiresome 
details of the products. Instead, AR services will 
help to inform the price, popularity, and details of 
a given product. Figure 4 illustrates another ser- 
vice scenario - AR navigation on windshield, where 
navigation information and other helpful notifica- 
tions (refuel reminder and nearby shop location) 
are displayed on the windshield of a car, so that the 
user can continue to focus on driving while getting 
subtle context-aware notifications about potential 
services at the same time. 


Samsung is actively involved in the development 
of 5G technologies to support these immersive VR 
and AR services, which will entertain users and pro- 
vide a truly life-like experience on the move. 
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Figure 4 __ Driving a Car with AR Navigation 


Everything on the Cloud 


5G will provide users with a desktop-like experi- 
ence based on cloud computing. With everything 
stored and processed on the cloud and immediate- 
ly accessed with low latency, only simple input and 
output interfaces on mobile devices are needed, 
making them lighter, thinner, fancier, and more eco- 
friendly. 


As an example, when you go shopping, the smart 
device can notify you about the arrival of new dress- 
es that you might like, or let you know how well a 
dress in the newly incoming inventory matches with 
your liking based on your purchase history. This no- 
tification can be triggered, for instance, as you step 
into a shop, or take a picture of the dress, while the 
necessary computation to come up with the dress 
recommendation through crowd sourcing is done 
on acloud server that is potentially half a world away. 


Intuitive Remote Access 


Users will be able to control remote machines and 
appliances as if they are right before them, even 
from thousands of miles away. Thanks to the reli- 
able connections and near-zero latency of 5G, us- 
ers will be able to control heavy industrial machines 
remotely, or access hazardous site remotely. It will 
also help mankind in exploring areas on the earth 
that are as yet unexplored, such as the Polar Re- 
gions or parts of the ocean floor. 


5G Requirements 


In order to realize such a demanding and unprec- 
edented service vision, Samsung proposes the 5G 
rainbow requirements consisting of 7 Key Perfor- 
mance Indices (KPIs) as shown in Figure 5. 


5G systems will be required to deliver an order of 
magnitude cell capacities and per-user data rate 
compared to its predecessors. Specially, 5G sys- 
tems are expected to support data rates of 10-50 
Gbps for low-mobility users. As a baseline, 5G sys- 


5G Vision White Paper 4 
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Chapter 27 


FACTORS OF SUCCESSFUL EVASION 


27-1. Basic Principles. All potential evaders must have 
three things in their favor. These are the same three 
things needed by a potential escapee. The three factors 
which increase chances of successful evasion are prepa- 
ration, opportunity, and motivation. 





27-2. Preparation: 

a. Preparation is one of the most important factors 
for successful evasion. The actions crewmembers take 
before the evasion episode can make the difference be- 
tween being able to evade or being captured. In a hostile 
area the survivors should remember evasion is an inte- 
gral part of their mission and plan accordingly. The 
enemy may make mistakes of every conceivable form 
and not suffer more than indignation, anger, and fa- 
tigue. The evader, on the other hand, must constantly 
guard against mistakes of any sort. Being seen is the 
greatest mistake an evader can make. The evader must 
prepare for this task (figure 27-1). 





Figure 27-1. Preparation. 


b. Three basic problems during evasion are: 

(1) Evading the enemy. 

(2) Surviving. 

(3) Returning to friendly control. 

c. Chances for a successful evasion are improved if 
evaders: 

(1) Observe the elementary rules of movement, 
camouflage, and concealment. 

(2) Have a definite plan of action. 

(3) Be patient, especially while traveling. Hurrying 
increases fatigue and decreases alertness. Patience, 
preparation, and determination are key words in 
evasion, 

(4) Conserve food. 

(5) Conserve as much strength as possible for criti- 
cal periods. 

(6) Rest and sleep as much as possible. 


(7) Maintain a highly developed “will to survive” 
and “can do” attitude. Evasion may require living off 
the land for extended periods of time and traveling on 
foot over difficult terrain, often during inclement 
weather. 

(8) Study the physical features of the land. They 
should note the location of mountains, swamps, plains, 
deserts, or forests, type of vegetation, and availability of 
water. 

(9) Consider the climate. Aircrew members should 
know the climatic characteristics and typical weather 
conditions of the area which may be flown over. 

(10) Study ethnic briefs and survival, evasion, resis- 
tance, and escape (SERE) contingency guides before a 
mission and learn some of the customs and habits of the 
local people. Such knowledge will aid in planning mis- 
sions and evasion plans of action. For example, it may 
give the evader the ability to avoid hostile people or 
groups or to identify and deal with “friendlies.” This 
knowledge may also allow for blending into the local 
populace (figure 27-2). 

(11) Know the equipment well! One must know the 
location of each item in the kit, its operation, and its 
value. An evader must preplan which equipment should 
be retained and which should be left behind. 

d. Once in the evasion situation, planning for travel 
will be a consideration for evaders. They must have a 
definite objective and be confident in their approach 
and ability to achieve it. They will normally have sever- 
al options with variations to choose from in selecting a 
plan of action or destination. The enemy force deploy- 
ment, search procedures, terrain, population distribu- 
tion, climate, distance, and environment (that is, NBC) 
will influence destination selection, Examples of options 
and destinations: 

(1) Await SAR forces. 

(2) Evade to a SAFE area. 

(3) Evade to a neutral country. (NOTE: Border ar- 
eas not disrupted by combat may have a security system 
intact.) 

(4) If evaders are in the forward edge of the battle 
area (FEBA) and feel sure that friendly forces are mov- 
ing in their direction, they should seek concealment and 
allow the FEBA to overrun their position. Evaders’ 
attempts at penetrating the FEBA should be avoided. 
Evaders face stiff opposition from both sides. 

e. The chances that one of these destinations may be 
close by will be determined by many things including 
the time and location of the bailout. Other determining 
factors are: the location and direction of movement of 
the FEBA, the presence or absence of willing assisters, 
and the knowledge of the evader’s whereabouts pos- 
sessed by rescue personnel. If the survivor does not land 
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Figure 27-2. Study Ethnic Briefs. 


close to one of the above areas or if the previously 
mentioned factors do not favor immediate air pickup, 
the survivor may have to travel some distance to reach 
one of the destinations (figure 27-3). 


f. One consideration in choosing destination and di- 
rection of travel after bailout is whether one of these 
suitable areas for a pickup or contact with friendly 
forces exists and, if so, its location. Some preplanning 
should have been done before the mission. Information 
upon which to base a decision is derived from com- 
mand area briefings, area studies, SERE contingency 
guides, and premission intelligence briefings. 


g. Another consideration is physical condition. One’s 
physical condition is the responsibility of the potential 
evader and has a great effect on the evader’s ability to 
survive. Once on the ground, it is too late to get in 
shape. One more aspect is an aircrew member’s person- 
al habits. Upon first consideration, personal grooming 
habits might not be considered an important premission 
briefing item. However, using aftershave lotion, hair 
dressing, or cologne could add to the problems of an 
evader. The odor can carry for great distances and give 
away the evader’s presence. 
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Figure 27-3. Planning for Travel. 


27-3. Opportunity. Potential evaders must take advan- 
tage of any and all opportunities to evade. This starts in 
the aircraft when an emergency is declared. Following 
current, approved emergency in-flight procedures for 
the theater of operations (when ejection, bailout, or 
ditching appears imminent), the aircraft commander 
will attempt to establish radio contact by first calling on 
the secure frequency of last contact; second, on an es- 
tablished common secure frequency; and third, on the 
international emergency frequency. When communica- 
tion is established, the tactical call sign, type of aircraft, 
position, course, speed, altitude, nature of difficulties, 
and intentions will be transmitted. The identification 
friend or foe (IFF) should be set to the emergency posi- 
tion. When possible, ejection or bailout should be at- 
tempted over or near a SAFE area, lifeguard station, or 
submarine pickup point. This minimizes threat involve- 
ment for evaders and SAR forces alike. After ejection 
or bailout and during descent, the aircrew member must 
remain alert and steer the parachute away from poten- 
tial threats (populated areas, gun emplacements, troop 
concentrations, etc.) or out to sea (feet wet). Once on 
the ground, the evader must be proficient in the use of 
the survival/evasion equipment to facilitate evasion (for 
example, use of the compass in conjunction with the 
survival radio to call in airstrikes on enemy forces 
threatening the evader). In addition to the opportunity 
to evade, motivation is essential to the evader’s success. 
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Figure 27-4. Avoiding Detection. 


27-4. Motivation. A strong, central drive wil! give the 
evader the necessary push to succeed. It may be person- 
al, ranging in nature from a frame of reference gained 
through training to a desire to return to a family or 
loved ones. Motivation may be strictly military, involv- 
ing one or all of the following reasons applicable to all 
military men: 

a. To return and fight again. 

b. To deny the enemy a source of military 
information. 

c. To deny the enemy a source of propaganda. 

d. To deny the enemy a source of forced labor. 

e. To tie up enemy forces, transportation, and com- 
munications that otherwise might be committed to the 
war effort. 

f. Return with intelligence information. 

g. In addition, the Code of Conduct calls upon the 
military members not to surrender of their own free 
will, 

h. Additionally, it is suggested that other personal 
reasons for being motivated to evade include: fear of 
death, pain, suffering, humiliation, degradation, dis- 
ease, illness, torture, uncertainty, and fear of the un- 
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known. From the evader’s point of view, evasion is far 
more desirable than captivity or death. 


27-5. Evasion Principles: 

a. Besides the preparation, opportunity, and motiva- 
tion factors important to evasion, there are other impor- 
tant principles. The evader should try to recall any pre- 
vious briefings, standard operating procedures, or 
training. A course of action should then be chosen 
which has the greatest likelihood of resulting in the re- 
turn to friendly forces. 

b. Evader actions should be flexible. Flexibility is one 
of the most important keys to successful evasion. The 
evader, basically, must never be so firmly set in a course 
of action that a change is out of the question. The best 
thing an evader can do is to stay open to new ideas, 
suggestions, and changes of events. Having several 
backup plans of action can give the evader organized 
flexibility. If one plan of action is upset by enemy activi- 
ty, the evader could rapidly switch to a backup plan 
without panic. 

c. The evader is primarily interested in avoiding de- 
tection. Each evader should remember that people catch 
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people. If the evader avoids detection, success is almost 
assured. Evaders should: 

(1) Observe and listen for sounds of enemy fire and 
vehicle activity during parachute descent and moving 
away from those enemy positions once on the ground. 
Fiyers downed during daylight should assume they were 
seen during descent and expect a search to center on 
their likely point of landing. 

“——(2) Be patient and determined while traveling. 
-~=(3) Use poor weather conditions as an aid in 
evading. 

_... (4) Circumstances permitting, select times, routes, 
and methods of travel to avoid detection. 

———™(5) Avoid lines of communication (waterways, 
roads, etc. (figure 27-4)). 

-~d. The evaders’ main objective is immediate recov- 
ery. In hostile areas or situations, survivors must sani- 
lize all evidence of presence and direction of travel (fig- 
ure 27-5.) Survivors may never be certain that rescue is 
imminent. 

e. Although evaders would not normally move too far 
if rescue is imminent, in many situations they will have 
to leave the landing area quickly and travel as far as 
practical before selecting a hiding place. They shouid 
leave no sign which indicates the direction or presence 
of travel. All hiding places should be chosen with ex- 
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treme care. The time evaders will remain in the first 
location is governed by enemy activity in the area, their 
physical condition, availability of water and food, res- 
cue capabilities, and patience. It is in this place of initial 
concealment that the evaders should regain strength, 
examine the current situation, and plan for the evasion 
problems ahead (figure 27-6). 

f. Once in a place of concealment, evaders should 
make use of all available navigation aids to orient them- 
selves. After finding their location, evaders should also 
select an ultimate destination and any necessary alier- 
nate destinations. The best possible route of travel 
should then be decided upon. When the time comes to 
move, they should have a primary plan and alternate 
plans for travel that cover eventualities they may 
encounter. 

(1) Evasion in a forward area has one great advan- 
tage which is not present further to the rear. Assistance 
may be close at hand. This assistance may come from 
serveral sources, each of which, under particular cir- 
cumstances, may prove to be the most effective. These 
sources may be air cover by tactical fighter flights, heli- 
copter recovery, and rescue by ground forces. Contact 
with friendly forces in forward areas requires extreme 
caution. Do not surprise them or move suddenly. They 
may mistake the evader as the enemy. 





Figure 27-5. Sanitize Area. 
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Figure 27-6. Movement from the Area. 


(2) The situation at the time of the emergency will 
determine the evaders’ best course of action. High 
ground is normally the best position from which to 
await rescue; evaders may expect the best results from 
signaling devices, may observe the surrounding terrain, 
and may be kept under observation by friendly air cov- 
er. Whatever position is chosen, it must be clear of 
obstacles that would prevent a successful rescue. 


(3) If not rescued immediately, the situation may 
compel evaders to move. Evaders must plan a course of 
action before leaving their position. When the evaders 
are certain their position is known to friendly elements, 
they might expect ground forces to attempt a rescue. 
They should remember their position may be detected 
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as the enemy search parties approach. They must be 
prepared to evade to a new position. 


(4) Evaders should remember that when traveling 
they are probably more vulnerable to capture. Once past 
the danger of an immediate search, evaders must avoid 
people. Inhabited areas should be bypassed rather than 
penetrated, even if it means miles of added travel. 
Many evaders have been captured because they fol- 
lowed the easiest and shortest route, or failed to employ 
simple techniques such as scouting, patrolling, camou- 
flage, and concealment. As a rule, the safest route avoids 
major roads and populated areas, even if it takes more 
time and energy. Unaccompanied evasion requires self- 
reliance and independent action (figure 27-7). 
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Figure 27-7. Avoiding Populated Areas. 
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Chapter 28 


CAMOUFLAGE 


28-1. Introduction. Presence of evaders in an area con- 
trolled by the enemy may require the evaders to adopt 
and maintain camouflage to avoid observation. Camou- 
flage consists of those measures evaders use to conceal 
their presence from the enemy. Camouflage is a French 
word meaning disguise, and it is used to describe action 
taken to mislead the enemy by misrepresenting the true 
identity of an installation, an activity, an item of equip- 
ment, or an evader. As a tool for evasion, it enables 
evaders to carry out life supporting activities and to 
travel unseen, undetected, and free to return to friendly 
control, Camouflage allows them to see without being 
seen, They should try to blend in with the surrounding 
environment. Effective individual concealment often 
depends primarily on the choice of background and its 
proper use. Background is that portion of the surround- 
ings against which an evader will be seen from the 
ground and the air. It may consist of a barren rocky 
desert, a farm yard, or a city street. It is the controlling 
element in individual camouflage and governs every 
concealment measure. At all times, camouflage is the 
responsibility of the individual evader. In the event of 
group evasion, the group leader and each individual are 
responsible for the camouflage of the group. Evaders 
should remember that camoufiage is a continuous, nev- 
er-ending process if they want to protect themselves 
from enemy observation and capture (figure 28-1). 

28-2. Types of Observation: 

a. Of the five senses, sight is by far the most useful to 
the enemy, hearing is second, while smell is of only 
occasional importance. But these same senses can be of 
equal value to the evader and observer. 

b. How useful these senses are depends primarily on 
range. For this reason, basic camouflage stresses visual 
concealment which is relatively long range. Most people 
are accustomed to looking from one position on the 
ground to another position on the ground. 





Figure 28-1. Camouflaging. 


c. Before evaders can conceal themselves from aerial 
observation, they should become familiar with what 
their activities look like from the air, both in an aerial 
photograph and from direct observation. The evaders 
must also have an understanding of the types of obser- 
vation used by the enemy. There are two categories of 
observation—direct and indirect. 

(1) Direct Observation: 

(a) Direct observation refers to the process 
whereby the observer looks directly at the object itself 
without the use of telescopes, field glasses, or sniper- 
scopes. Direct observation may be made from the 
ground or from the air. Direct aerial observation be- 
comes more and more important because of the rapid 
changes in weapons and in tactical situations due to 
greater mobility of troops. Reconnaissance aircraft over - 
enemy lines report locations of troops, vehicles, and 
installations (or shelter areas} as seen from the air-to- 
ground control stations. Reported targets can be imme- 
diately fired upon or troops can be sent in to investigate 
sheiter areas or other suspicious areas (figure 28-2). 

(b) The enemy may also use dogs, foot patrols, 
and mechanized units to patrol a given area, Such teams 
could physically search an area for signs of the passage 
of strangers, such as footprints, old campfires, discarded. 
or lost equipment, and other “telltale” signs which 
would indicate that someone had been in the area. 

(c) Observation by the local populace is also a 
possibility. Upon seeing an evader or “telltale” signs an 





Figure 28-2. Direct Observation. 
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evader left behind, they may contact the local authori- 
ties, who initiate organized searches. 
(2) Indirect Observation: 

(a) Indirect observation refers to the study of a 
photograph or an image of the subject via photography, 
radar, or television. This form of observation is becom- 
ing increasingly more varied and widespread, and may 
be used from either manned or unmanned positions. 

(b) Views from the ground are familiar, but views 
from the air are usually quite unfamiliar. In modern 
warfare, the enemy may put emphasis on aerial photo- 
graphs for information. It is important to become famil- 
iar with the “bird’s-eye view” of the terrain as well as 
the ground view in order to learn how to guard against 
both kinds of observation. 


28-3. Comparison of Direct and indirect Observation: 

a. The main advantage of direct observation is that 
observers see movement of an evader without camou- 
flage. An observation can be maintained over relatively 
long periods of time. The main disadvantage lies in 
human frailty. For example, the observer's attention 
may be diverted to another area, or the observer may be 
fatigued and unable to concentrate. 

b. Indirect observation has many advantages. Indirect 
observation can be far-reaching, cover large areas, and 
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Figure 28-3. Indirect Observations. 
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be very accurate. It also produces a record of the area 
observed so that the recorded picture can be studied in 
detail, compared, and evaluated. The principal disad- 
vantage is a photograph covers a very short period of 
time, making detection of movement difficult. This dis- 
advantage can be partially overcome by taking pictures 
of the same area at different intervals and comparing 
them for changes (figure 28-3}. 


28-4, Preventing Recognition: 

a. Recognition is the determination (through appear- 
ance, behavior, or movement of the hostile or friendly 
nature) of objects or persons. One objective of camou- 
flage concealment is to prevent recognition. Another 
objective is to deceive or induce false recognition. This 
implies that camouflage is not always designed to be a 
“cloak of invisibility.” In some instances, camouflage is 
used to allow deception. The camouflaged object or per- 
son is then seen as a natural feature of the landscape. 

b. Recognition through appearance is the result of 
conclusions drawn by the observer from the position, 
shape, shadow, texture, or color of the objects or per- 
sons. Recognition through behavior or movement in- 
cludes deductions made from the actual movements 
themselves or from the record left by tracks of persons 
or vehicles or by other violations of camouflage disci- 
pline. Camouflage disciplines are those actions which 
contribute to an evader’s ability to remain undetected. 
Proper use of camouflage discipline avoids any activity 
that changes an area or reveals objects to an enemy. 
Examples of common breaches of camouflage discipline 
include reflections from brightly shining objects (watch- 
es, glasses, rings, etc.) (figure 28-4), overcamouflaging, 
or using camouflage materials which are foreign to the 
area presently occupied by an evader. Evaders must also 
watch for signs that may reveal enemy camouflage ef- 
forts. Inadvertently walking into a camouflaged enemy 
position may result in capture. 





Figure 28-4. Reflections. 
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28-5. Factors of Recognition. Regardiess of the type of 
observation, there are certain factors which help to 
identify an object. They are called the factors of recogni- 
tion and are the elements which determine how quickly 
an object will be seen or how long it will remain unob- 
served. The eight factors of recognition are position, 
shape, shadow, texture, color, tone, movement, and 
shine. These factors must be considered in camouflage 
to ensure that one or more of these factors do not reveal 
the location of the evaders. 

a. Position. Position is the relation of an object or 
person to its background. When choosing a position for 
concealment, a background should be chosen which will 
virtually absorb the evader (figure 28-5). 





Figure 28-5. Position. 


b. Shape. Shape is the outward or visible form of an 
object or person as distinguished from its surface char- 
acteristics and color. Shape refers to outline or form. 
Color or texture is not considered. At a distance, the 
forms or outlines of objects can be recognized before the 
observer can make out details in their appearance. For 
this reason, camouflage should disrupt the normal shape 
of an object or person (figure 28-6). 

c. Shadow. A shadow may be more revealing than the 
object itself, especially when seen from the air. Objects 
such as factory chimneys, utility poles, vehicles, and 
tents (or people) have distinctive shadows. Conversely, 
shadows may sometimes assist in concealment. Objects 
in the shadow of another object are more likely to be 
overlooked. As with shape, it is more important to dis- 
rupt the shadow pattern than to totally conceal the ob- 
ject or person. The identifiable shadows can be broken 
up by the addition of natural vegetation at various 
points on the body. Wearing “shapeless” garments will 
also disrupt the outline. For example, a soft and shape- 
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Figure 28-6. Shape. 
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less field cap can be used instead of a helmet or flight 
cap (figures 28-7 and 28-8). 


d. Texture. Texture is a term used to describe the 
relative characteristics of a surface, whether that surface 
is a part of an object or an area of terrain. Texture 
affects the tone and apparent coloration of things be- 
cause of its absorption and scattering of light. Highly 
textured surfaces tend to appear dark and remain con- 
stant in tone regardless of the direction of view and 
lighting, whereas relatively smooth surfaces change 
from dark to light with a change in direction of viewing 
or lighting. The application of texture to an object often 
has the added quality of disrupting its shape and the 
shape of its shadow, making it more difficult to detect 
and identify as something foreign to the surroundings in 
which it exists. As an example, a surface having the 
same color but with heavy “nap” or texture is tall grass. 
Each separate blade is capable of casting a shadow upon 
itself and its surroundings. The light reflecting proper- 
ties have been cut to a minimum. It will look and photo- 
graph dark gray. Looking straight down, the aerial ob- 
server sees all of the shadows, whereas a person on the 
ground may not. The textured surface may look light at 
ground level, but to the aerial observer the same surface 
produces an effect of relative darkness. The material 
used to conceal a person or an object must approximate 
the texture of the terrain in order to blend in with the 
terrain. Personnel walking or vehicles moving across the 
terrain will change the texture by mashing down the 
growth. Therefore, this will show up clearly from the air 
as vehicle tracks or foot paths. 


e. Color: 
(1) Pronounced color differences at close range dis- 
tinguish one object from another. The contrast between 
the color of the object and the color of its background 
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Figure 28-8. Shadow Breakup. 
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Figure 5 5G Rainbow Requirements 


tems will provide gigabit-rate data services regard- 
less of a user’s location as shown in Figure 6 and 
Figure 7. To provide this uniform QoE, 5G network 
deployments are expected to be much denser 
compared to 4G networks, so making cost-effective 
deployment is a very important requisite. 
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Figure 7 Data Rate Comparison of 5G with 3G and 4G 


To fundamentally support the cloud storage/com- 
puting infrastructure of the future, 5G networks will 
deliver an end-to-end latency of less than 5 milli- 
seconds and over-the-air latency of less than one 
millisecond (see Figure 8) - which is one-tenth 
compared to the latency of a 4G network. Critical 
infrastructure monitoring, for example, currently re- 
quires service levels achievable only on dedicated 


wireline networks while 5G technologies offer the 
promise of making these service levels achiev- 
able over wireless networks. Likewise, low-latency 
networks will allow pre-crash sensing, enabling ve- 
hicles to sense imminent collisions and exchange 
relevant data that could salvage the situation and/or 
mitigate adverse impact of the collision. Other chal- 
lenging low-latency services that could be enabled 
by 5G could include self-driving cars, public safety 
communications systems, augmented reality, and 
“tactile internet” [3]. 
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Figure 8 Ultra Low Latency of 5G 


With spectral efficiency requirements set to 10 bps/ 
Hz levels (in contrast to the 1-3 bps/Hz on 4G net- 
works), 5G is also expected to deliver an efficient 
use of the spectrum by using MIMO, advanced cod- 
ing and modulation schemes and new waveform 
design (more on this in the enabling technology 
section) 


To address the ever-widening revenue gap that the 
operators and service providers are experiencing, 
5G systems are targeted to be 50 times more effi- 
cient than 4G by delivering reduced cost and ener- 
gy usage per bit. This sequentially requires low-cost 
network equipment, lower deployment costs, and 
enhanced power saving functionality on the network 
and user equipment sides. 


5G technologies will be required to cope efficiently 
with all degrees of mobility by providing “mobility 
on demand” based on each device's and service's 
needs. On one hand, the mobility of user equipment 
should be guaranteed to be at least the same level 
as the current 4G system - that is the baseline. On 
the other hand, Samsung envisions that specialized 
5G systems will Support mobility at soeeds ranging 
from 300 to 500 km/h. 


To make the loT Vision come true, the number of si- 
multaneous connections in the 5G system is expect- 
ed to be over 10° per unit square kilometer, which is 
much higher than that of the legacy system. 


5G Vision White Paper 5} 
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Figure 28-9. Contrast. 


can be an aid to enemy observers. The greater the con- 
trast in color, the more visible the object appears (figure 
28-9). 

(2) Color differences or differences in hue, such as 
red and green-yellow, become increasingly difficult to 
distinguish as the viewing range is increased. This hap- 
pens because of atmospheric effects. Colors in nature, 
except for certain floral and tropical animal life, are not 
brilliant. The impression of the vividness of nature’s 
colors results from the large areas of like colors involved 
and contrast of these areas with each other. The princi- 
pal contrast is in their dark and light qualities. Howev- 
er, the dark and light color contrast does not fade out 
quickly and is distinguishable at greater distances. 
Therefore, as a first general principle, the camouflage 
should match the darker and lighter qualities of the 
background and be increasingly concerned with the col- 
ors involved as the viewing range is decreased or the 
size of the object or installation becomes larger. A sec- 
ond general rule to follow is to avoid contrasts of hues. 
This is especially true in areas with heavy vegetation. 
Light-toned colors, such as leaf bottoms, should be 
avoided as they tend to attract attention. 


f. Tone. Tone is the amount of contrast between vari- 
ations of the same color. It is the effect achieved by the 
combination of light, shade, and color. In a black-and- 
white photograph, the shades of gray in which an object 
appears is known as tone (figure 28-10). By adding tex- 
turing material to a smooth or shiny surface, the surface 
can be made to produce a darker tone tn a photograph, 
because the textured surface now absorbs more light 
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Tays. Objects become identifiable as such because of 
contrasts between them and their background. Camou- 
flage blending is the process of eliminating or reducing 
these contrasts. The principal contrast is that of tone; 
that is, the dark and light relationship existing between 
an object and its background. The two principal means 
available for reducing tone contrast are the application 
of matching or neutral coloration and the use of textur- 
ing to form disruptive patterns. Poorly chosen, disrup- 
tive patterns tend to make the object more conspicuous 
instead of concealing it. 





Figure 28-10. Three Half-Tone Blocks. 


g. Movement. Of the eight factors of recognition, 
movement is the quickest and easiest to detect. The eye 
is very quick to notice any movement in an otherwise 
still scene. The aerial camera can record the fact that 
something has moved when two photographs of the 
same area are taken at different times. If an object has 
moved, the changed position is apparent when the two 
photographs are compared (figure 28-11). 


h. Shine: 

(1) Shine is a particularly revealing signal to an 
observer. In undisturbed, natural surroundings, there 
are comparatively few objects which cause a reflected 
shine. Skin, clean clothing, metallic insignia, rings, 
glasses, watches, buckles, identification bracelets, and 
similar items produce “shine.” When light strikes 
smooth surfaces such as these, it may be reflected direct- 
ly into the observer’s eye or the camera lens with strik- 
ing emphasis (figure 28-12). 

(2} Such items must be neutralized by staining, cov- 
ering, or removing to prevent their shine from revealing 
the location of evaders. This 1s especially true at night. 


28-6. Principles and Methods of Camouflage: 


a. No matter how applied, camouflage can be success- 
ful only by observing three fundamental principles. 
These basic principles of camouflage are choice of posi- 
tion, camouflage discipline, and camouflage 
construction. 

b. When these factors have been considered, the evad- 
er is ready to begin application of various methods of 
deceiving the enemy. These methods are: 
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Figure 28-11. Movement. 


{1) Hiding. The complete concealment of a person 
or object by physical screening. 

(2) Disguising. Changing the physical characteris- 

tics of an object or person in such a manner as to fool 
the enemy. 
, _ (3) Blending. The arrangement of camouflage mate- 
rial on or about an object in such a manner as to make 
the object appear to be part of the background. To prop- 
erly use these methods, three simple rules should be 
followed: 

(a) First, the background should be changed as 
little as possible. When choosing a position to gain con- 
cealment, a background should be chosen that will visu- 
ally absorb the elements of the position. Evaders should 
use a “natural” position if available. They should look 
for an existing position which can be used almost as is, 
such as a cave or thicket if there are many like it in the 
area. Isolated landmarks such as individual trees, hays- 
tacks, or houses should be avoided. They tend to attract 
attention and are likely to be searched first because they 
are so obvious. At times, by making use of background, 
complete concealment against visual and photographic 
detection may be gained with no construction. In ter- 
tain where natural cover is plentiful, this is a simple _ Figure 28-12. Reflected Shine. 
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Figure 28-13. Background. 


task. Even in areas where natural cover is scarce, con- 
cealment may be achieved through use of terrain irregu- 
larities. Regardless of the activity involved, evaders 
must always be mentally aware of their positions (figure 
28-13). 
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Figure 28-14. Camouflaging Tracks. 
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(b) Secondly, the evader should use camouflage 
discipline. This means all of the factors of concealment 
are continuously applied. 

-l. Daytime. Camouflage discipline is the 
avoidance of activity which changes the appearance of 
an area or reveals military objects to the enemy. A well- 
camouflaged position is only secure as long as it is well 
maintained. Concealment is worthless if obvious tracks 
point like directional arrows to the heart of the location 
or if signs of occupancy are permitted to appear in the 
vicinity. Tracks, debris, and terrain disturbances, are 
the most common signs of activity. Therefore, natural 
lines in the terrain should be used. If practical, exposed 
tracks should be camouflaged by brushing or beating 
them out. If leaving tracks is unavoidable, they should 
be placed where they will be least noticed and partially 
concealed (along logs, under bushes, in deep grass, in 
shadows, etc.). If tracks cannot be concealed, brushing 
them out will help them disintegrate quickly. Tying rags 
or brush to the feet will disguise boot prints and may 
help disguise them as refugee tracks (figure 28-14). 

-2. Nighttime. Visual concealment at night is 
less necessary than in the daytime; however, noises at 
night are more noticeable. A simple act such as snoring 
may prove fatal. Calling to one another, talking, and 
even whispering should be kept to a minimum (figure 
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Figure 28-15. Sound. 


28-15). But by far, the most important apsect of night 
discipline is light discipline. Lights at night not only 
disclose the evaders’ position but also hinder the evad- 
ers’ ability to detect the enemy. Even on the darkest 
nights, eyes grow accustomed to the lack of light in 
approximately 30 minutes. Everytime a match is lit or a 
flashlight is used, the eyes must go through the complete 
process of getting adjusted to the darkness again. Smok- 
ing and lights should be prohibited at night in areas in 
close proximity to the enemy because the light is impos- 
sible to conceal. Additionally, a cigarette light aggra- 
vates the situation by creating a reflection which com- 
pletely illuminates the face. The smell of the evader’s 
foreign tobacco would stand out even if the enemy is 
smoking. 


-3. Evaders can lessen the effects of sound by 
simply taking precautions against sound production. 
They should avoid any sound-producing activity. Walk- 
ing on hard surfaces should be avoided and full use 
should be made of soft ground for digging. Hand signals 
or signs should be used when possible during group 
travel. Individual equipment should be padded and 


fastened in such a manner as to prevent banging noises. 


c. The evader should consider the following points 
regarding the use of camouflage: 


{1) Take advantage of all natural concealment. 

(2) Don’t over-camouflage. Too much is as obvious 
as too little. 

(3) When using natural camouflage, remember that 
it fades and wilts, so change it regularly. 

(4) If taking advantage of shadows and shade, re- 
member they shift with the Sun. 

(5) Above ali, avoid unnecessary movement. 

(6) When moving, keep off the skyline; use the mili- 
tary crest (three-quarters’ way up the hill). 

(7) Do not expose anything that may shine. 

(8} Break up outlines of manmade objects. 

(9) When observing an area, do so from a prone 
position, while in cover. 

(10) Match vegetation used as camouflage with that 
in the immediate locale, and when moving from posi- 
tion to position, change camouffage to blend with the 
new area’s vegetation types. 
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28-7. Individual Camouflage: 

a. At this point, with some of the general information 
about camouflage presented, it is time for a more de- 
tailed examination concerning individual camouflage. 

b. Generally, individual camouflage is that personal 
concealment which evaders must use to deceive the ene- 
my. Evaders must know how to use the terrain for effec- 
tive concealment. Evaders must dress for the best con- 
cealment and carefully select their routes to provide for 
as much concealment as possible. All of the methods 
and techniques of camouflage addressed in this section 
have been successfully used by past evaders. If this in- 
formation is learned and practiced by today’s aircrew 
members (tomorrow’s possible evaders), they will be 
more successful in evading and have a greater chance of 
returning to friendly forces. 

c. Evaders should remember that in some areas they 
may have to engage in camouflage activities designed to 
deceive two types of enemy observation—ground and 
air. Many objects which are concealed from ground ob- 
servation, may be seen from the air. This means the 
evader should camouflage for both types of observation. 

d. Form is basic shape (body outline) and height. 
Three things which give an evader away in terms of 
form are to reveal outline of head and shoulders, to 
present straight lines of sides, and to allow the inverted 
“V” of the crotch and legs to be distinguishable. If stay- 
ing in shadows, blending with background, adopting 


BLOTCH 


Figure 28-16. Camouflaged Faces. 
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body positions other than standing erect, and other be- 
havioral procedures are inadequate. They can be cam- 
ouflaged by using “add-ons” such as branches or twigs 
to break up the lines. This addition of vegetation will 
also help an evader blend in with the background. 

e. Effective concealment of evaders depends largely 
on the choice and proper use of background. Back- 
ground varies widely in appearance, and evaders may 
find themselves in a jungle setting, in a barren or desert 
area, in a farmyard, or in a city street. Each location will 
require individual treatment because location governs 
every concealment measure taken by the individual. 
Clothing which blends with the predominant color of 
the background is desirable. There will be occasions 
when the uniform color must be altered to blend with a 
specific background. The color of the skin must receive 
individual attention and be toned to blend with the 
background. 

f. There are certain general aspects of individual body 
and equipment camouflage techniques which apply al- 
most anywhere. The evaders should take each of the 
following areas under consideration. 

(1) Exposed Skin. The contrast in tone between the 
skin of face and hands and that of the surrounding 
foliage and other background must be reduced. The skin 
is to be made lighter or darker, as the case may be, to 
blend with the surrounding natural tones. The shine 
areas are the forehead, the cheekbones, nose, and chin. 
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These areas should have a dark color. The shadow areas 
such as around the eyes, under the nose and under the 
chin should have a light color. The hands, arms, and 
any other exposed areas of skin must also be toned 
down to blend with the surroundings. Burnt cork, char- 
coal, lampblack, mud, camouflage stick, berry stains, 
carbon paper, and green vegetation can all be used as 
toning materials. 


{a) A mesh mosquito face net, properly toned 
down, is an effective method of breaking up the outlines 
of the face and ears. 


(b) Two primary methods of facial camouflage 
have been found to be successful patterns. They are the 
“blotch” method for use in deciduous forests, and the 
“slash” method for use in coniferous forests (figure 
28-16). 


(c) Application of these two patterns are simply 
modified appropriately to whatever environment the 
evader is in. In the jungle, a broader slash method 
would be used to cover exposed skin; in the desert, a 
thinner slash, in barren snow, a wide blotch; and in 
grass areas, a thin type slash. To further break up the 
outline of the facial features, a flop hat or other loosely 
fitting hat may help. A beard that is not neatly trimmed 
may also aid the evader. 


(d) When toning down the skin, evaders should 
hot neglect to pattern all of the skin; for example, the 
back of the neck, the insides and backs of the ears, and 
the eyelids. Covering these areas may help somewhat, 
especially if there is a lack of other material to tone 
down the skin. Vegetation hung from the hat, collar 
buttoned and turned up, a scarf, or even earflaps may 
help. To cover the hands, evaders may use flight gloves, 
mittens, or loose cloth if unable to tone down wrists, 
backs of hands, and between fingers sufficiently. Evad- 
ers should watch for protruding white undergarments, 
T-shirt, long underwear sleeves, etc. They should also 
tone down these areas. 

{e} Lack of hair or light colored hair requires 
some type of camouflage. This could include those ap- 
plied to the skin or an appropriate hat, scarf, or mosqui- 
to netting. 

(f) Odors in a natural environment stand out and 
may give evaders away. Americans are continually sur- 
rounded by artificial odors and are not usually aware of 
them. Human body odor would have to be very strong 
to be detected by ground troops (searchers) that have 
been in the field for long periods. The following odors 
should be of concern to the evader. 

-1. Soaps and Shampoos. In combat areas, per- 
sonnel should always use unscented toilet articles. Shav- 
ing cream, after shave lotion, perfume, and other cos- 
metics are to be avoided. The potential evaders should 
also realize that insect repellent ts scented. They should 
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try to use headnets, but if forced to use a repelient, the 
camouflage stick which has repellent in it is the least 
scented. Tobacco should not be used. The stain and 
odor should be removed from the body and clothing. 
Gum or candy may have strong or sweet smells—evad- 
ers should take care to rinse out their mouths after use. 
These odors, especially tobacco, can be detected at great 
distances. 

-2. Smoke odors from campfires may permeate 
clothing, but if the potential searchers use fires for cook- 
ing and heat, they probably can’t detect it on evaders. 


(2) Clothing and Personal Items. These items re- 
quire attention both before assignment to a combat mis- 
sion and again if forced to evade. Prior preparation for 
the survivor may include: 

(a) Ensuring that flight clothing does not smell of 
laundry products and is in good repair and not worn to 
the point where it shines or is faded. 

(b) Checking zippers for shine and function. 

(c) Checking rank insignia and patches for light 
reflection and color. Remove name tag, branch of serv- 
ice tag, and rank (whether they are stripes or metal 
insignia, bright unit patches, etc.) from the uniforms 
and place them either in the pack or in a secure pocket. 
Underwear should also be subdued for camouflage in 
the event that the outer layer is torn. Boots should be 
black but not shiny. Shiny eyelets should be repainted. 
Squeaky boots should be fixed or replaced. Sanitize 
pocket or wallet contents. Remove items which might 
aid in enemy exploitation attempts of the individual 
PW or PWs as a group; for example, credit cards, photo- 
graphs, money, and addresses. Evaders should carry on- 
ly those necessary pieces of identification which will 
prove a person is a US military member. 


(3) Additional Clothing. Additional clothing may 
be desirable and located in flight clothing, such as hat, 
socks, scarf, and gloves. In an evasion environment, 
clothing and equipment need quick camouflaging atten- 
tion. Anything to be discarded should be hidden at the 
initial landing site. 


(4) Sanitizing Clothing. Clothing should be sani- 
tized by removing anything bright or shiny. Evaders 
should consider camouflaging their clothing (to include 
boots) just as they would their skin. This is detrimental 
to the insulative qualities of their clothes but not as 
much as bullets or prison barbed wire if they are seen. 


(5) Camouflaging Clothing: 

(a) One principle of camouflage is to disrupt or 
conceal uniform color, straight lines, and squares— 
things rarely found in natural features. If ground-to-air 
signals are designed to exploit these visual characteris- 
tics, then evaders should certainly want to climinate 
them. 
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(b) Evaders should reduce the tone of all equip- 
ment by smearing it with camouflage stick, mud, etc., or 
with whatever is available in a mottled pattern. In some 
instances equipment will have to be lighter in tone, in 
others, darker. 

(c) To maintain the functional capability of 
clothing and equipment, it must be kept clean. In some 
areas, however, these items may be the only natural 
camouflage material survivors have to work with (such 
as desert regions). But, in areas where they have access 
to vegetation and the various dyes which can be made 
from vegetation, the vegetation should be used. In con- 
trast to substances which soil the material and actually 
break down the fibers, dyes derived from grasses or 
plant sap (banana trees, ash trees, etc.) will offer the 
evader the toning material necessary to break up the 
solid green of a uniform and leave the fabric grit-free 
and still able to “breathe.” The same saps which pro- 
duce stains for cloth can be used to discolor metal ob- 
jects. Banana tree sap, when left on the metal blade of a 
knife, will produce a blue-black stain which is a perma- 
nent discoloration. Trappers still boil their traps in ash 
tree chips and water to produce the blue-black, rust- 
inhibiting coloration to the tools of their trade. 

g. All principles and techniques for care and use of 
clothing and equipment cannot be forgotten or ignored 
in an evasion situation, although some modifications 
may be necessary. A number of variables will influence 
what changes or omissions will be necessary. 


(1) All cutting tools must be kept sharp. Evaders 
should try to coincide these noisy, yet essential, tasks 
with natural noise in the area (a downpour of rain for 
instance) or in a protected, noise-dampening area. 

{2) Clothing must be kept clean if it is to protect a 
survivor from a harsh environment. Dirt-clogged, per- 
spiration-soaked fibers will not give the insulating quali- 
ties of clean cloth. Clothing can be washed during the 
downpour of rain or possibly under the cover of dark- 
ness in a stream. Convenient, secluded puddles of water 
may afford the opportunity a survivor needs to clean 
clothing and equipment properly. 

(3) Cooking and eating utensils must be kept clean 
on the inside to prevent dysentery and diarrhea. Simul- 
taneously, the outsides can be toned down with soil, 
mud, etc., to camouflage them. 

(4) Where metal pieces come into contact with one 
another, there should be padding between them so they 
will not inadvertently “clank” together. Evaders should 
place all items needed for environmental protection in 
the top of the pack where they will be most readily 
available. The rest of the gear can be used as padding 
around metal objects. In this manner, with everything 
stored inside the bundle (pack), it is secure from loss, 
damage, and enemy observation, as well as being readily 
available when needed. Evaders should also remove 
jewelry, watches, exposed pens, and glasses if possible. 
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If glasses are required, hat netting or mask may help 
reduce shine. 

(5) An evader’s pockets should be secured and all 
equipment, including dog tags, arranged so that no jin- 
gle or rattle sounds are made. This can be done with 
cloth, vegetation, padding, or tape. 

(6) Evaders should minimize the sound of clothing 
brushing together when the body moves. Moving in a 
careful manner can decrease this sound. Evaders should 
remember that camouflaged clothing and equipment 
alone won’t conceal, but it must be used intelligently in 
accordance with the other principles of camouflage and 
movement. As one example, even if evaders are perfect- 
ly camouflaged for the arctic, there could still be 
problems. Because snow country is not all white, 
shadows and dark objects appear darker than usual. A 
snowsuit cannot conceal the smail patches of shadow 
caused by the human figure, but that is not necessary if 
the background contains numerous dark areas. If the 
background does not contain numerous dark areas, 
maximum use is to be made of snowdrifts and folds in 
the ground to aid in individual concealment (figure 
28-17). 

(7) The concept of blending in with the background 
is indeed an important one for the evader to under- 
stand. One major point in blending with the back- 
ground is not to show a body silhouette. 

(8} Losing the body silhouette is done by making 
use of the shadows in the background. Evaders should 
be constantly aware of two factors—silhouette and 
shadow. From a concealment point of view, back- 
grounds consist of terrain, vegetation, artificial objects, 
sunlight, shadows, and color. The terrain may be flat 
and smooth, or it may be wrinkled with gullies, mounds, 
or rock outcroppings. Vegetation may be dense jungle 
growth or no more than small patches of desert scrub 
growth. The size of artificial objects may range from a 
signpost to a whole city block. There may be many 
colors in a single background, and they may vary from 
the almost black of a deep woods to the sand pink of 
some desert valleys. Blending simply means the match- 
ing with as many of these backgrounds as possible and 
avoiding contrast. If it is necessary for evaders to be 
positioned in front of a contrasting or fixed background, 
they must be aware of their position and take cover in 
the shortest possible time. The next point to which they 
will move for concealment must be selected in advance 
and reached as quickly as possible. 

(9) As in the daytime, silhouette and background at 
night are still the vital elements in concealment (figure 
28-18). A silhouette is always black against a night sky, 
and care must be taken at night to keep off the skyline. 
On moonlit nights, the same precautions must be taken 
as in daylight. It should be remembered that the posi- 
tion of the enemy observer, and not the topographic 
crest, fixes the skyline. At night, sound is an amplified, 
revealing signal. Movement must be careful, quiet, and 
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Figure 28-18. Silhouetting. 
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Figure 28-19. Natural Materials. 


close to the ground. If the pop of a flare is heard before 
the illuminating burst, evaders must drop to the ground 
instantly and remain motionless. If they are surprised 
by the light, they must freeze in place with their faces 
down, 


28-8. Concealment in Various Geographic Areas: 

a. When not otherwise specified, temperate zone ter- 
rain is to be assumed in this section. Desert, snow, and 
ice areas are mostly barren and concealment may re- 
quire considerable effort. Jungle and semitropical areas 
usually afford excellent concealment if the evader em- 
ploys proper evasion techniques. 

b. First, some general observations and rules regard- 
ing the addition of vegetation to the uniform and equip- 
ment. The cycles of the seasons bring marked changes in 
vegetation, coloring, and terrain pattern requiring corre- 
sponding changes in camouflage. Concealment which is 
provided in wooded areas during the summer is lost 
when leaves fall in the autumn. This will create a need 
for additional camouflage construction. Also, vegetation 
must be of the variety in the evaders’ immediate loca- 
tion. It must be changed if it wilts or the evaders move 
into a different vegetation zone. Evidence of discarding 
the old and picking the new should be hidden. The 
vegetation should not be cut, this will give evidence of 
human presence. 

c. Any type of material indigenous to the locality of 
the evaders may be classified as natural material. Natu- 
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tal materials consist of foliage, grasses, debris, and 
earth. These materials match local colors and textures 
and when properly used are an aid against both direct 
and indirect observation. The use of natural materials 
provides the best type of concealment. The chief disad- 
vantage of natural foilage is that it cannot be prepared 
ahead of time, is not always available in usable types 
and quantities, wilts after gathering, and must be re- 
placed periodically. Foliage of coniferous trees (ever- 
greens) retains its camouflage qualities for considerable 
periods, but foliage that sheds leaves will wilt in a day 
or less, depending on the climate and type of vegetation 
(figure 28-19). 


(1) The principal advantage in using live vegetation 
is its ability to reflect infrared waves and to blend in 
with surrounding terrain. When vegetation is used as 
garnishing or screening, it must be replaced with fresh 
materials before it has wilted sufficiently to change the 
color or the texture. If vegetation is not maintained, it is 
ineffective. Thorn bushes, cacti, and other varieties of 
desert growth retain growing characteristics for long pe- 
riods after being gathered. 

(2) The arrangement of foliage is important. The 
upper sides of leaves are dark and waxy; the undersides 
are lighter. In camouflage, therefore, foliage must be 
placed as it appears in its natural growing state, top 
sides of leaves up and tips of branches toward the 
outside of the leaves (figure 28-20). 
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Figure 28-20. Dark and Light Leaves. 


(3) Foliage gathered by survivors must be matched 
to existing foliage. For example, foliage from trees that 
shed leaves must not be used in an area where only 
evergreens are growing. Foliage with leaves that feel 
leathery and tough should be chosen. Branches grow in 
irregular bunches and, when used for camouflage, must 
be placed in the same way. When branches are placed to 
break up the regular, straight lines of an object, only 
enough branches to do this should be used. The evader 
must adopt principles that apply and know that the 
enemy also applies these principles. 

(4) When vegetation is applied to the body or 
equipment of evaders, it must be secured to the clothing 
or equipment in such a way that: 

(a) Any inadvertent movement of material will 
not attract attention. 

(b) It appears to be part of the natural growth of 
the area; that is, when the evaders stop to hide, the light 
undersides of the vegetation are only visible from be- 
neath. After evaders complete their camouflage, they 
should inspect it from the enemy’s point of view. If it 
does not look natural, it should be rearranged or 
replaced. 

(c) It does not fall off at the wrong moment and 
leave evaders exposed, or it should not show evidence 
of the evaders’ passage through the area. 

(5) Too much vegetation can give evaders away. 

(6) If cloth material is used like vegetation to break 
up shape and outline and to help blend in with the 
environment, there are some points evaders should be 
aware of. Cloth can be used successfully when wrapped 
around equipment or designed into loose, irregular 
shaped clothing or accessories {figure 28-21). 
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(a) Some of the materials evaders may use are: 

-1. The colors (green, brown, white) of para- 
chute materials plus the harness. 

-2. Excess clothing the evader may have 
prepacked (scarf, bandana, etc.). 

-3. Burlap, when found. It is used in batile 
areas in the form of sandbags. 

(b) Most artificial material is versatile, but it can 
have drawbacks: 

-I, Parachuie material, for example, tends to 
shine and the unraveled edges may leave fine filaments 
of nylon on the ground as evidence of evaders in an 
area. Parachute material is very lightweight. A sudden 
breeze might cause it to move when movement is not 
desirable. 

-2. A white suit of parachute material is excel- 
lent for winter evasion over snow and ice environments. 
The time required to fabricate this suit should be con- 
sidered. (NOTE: Shadows cast on the snow cannot be 





Figure 28-21. Breakup of Shape and Outline. 


5G Key Enabling Technologies 


Groundbreaking innovations will drive 5G tech- 
nologies to meet the unprecedented speeds, 
near-wireline latencies, ubiquitous connectivity 
with uniform QoE, and the ability to connect mas- 
sive amounts of devices with each other, all work- 
ing in unison to provide the user with an immersive 
experience, even while the user is on the move. 
Future 5G systems will encompass fundamentally 
new designs to boost wireless capacity utilizing 
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new frequency bands, advanced spectrum efficien- 
cy enhancement methods in the legacy band, and 
seamless integration of licensed and unlicensed 
bands. 





Figure 9 shows an overview of the 5G key ena- 
bling technologies. The massively higher capacity 
needs of the 5G systems will be addressed by new 
mmWave systems, high-density small cells, ad- 
vanced Multiple-Inout and Multiple-outout (MIMO) 
and new multiple access schemes like Filter-Bank 
Multi-Carrier (FBMC). Adaptive Coding and Modu- 
lation like Frequency and Quadrature Amplitude 
Modulation (FQAM) can significantly improve the 
cell edge performance and combined with high- 
er density deployments with multi-BS coopera- 
tion will help to deliver on the promise of “Gbps 
anywhere” and Uniform QoE. Multi-Radio Access 
Technology (Multi-RAT) integration including carrier 
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Figure 9 Overview of 5G Key Enabling Technologies 
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Figure 28-23. Above Timberline. 
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camouflaged; they must be masked by terrain or other 
shadows.) 


28-9, Concealment Factor for Areas Other Than 
Temperate: 

a. Desert. Lack of natural concealment, high visi- 
bility, and bright tone (smooth texture) all emphasize 
the need for careful selection of a position for a camp- 
site. Deep shadows in the desert, strict observance of 
camouflage discipline, and the skillful use of deception 
and camouflage materials aid in concealing evaders in a 
desert area. 

(1) Deserts are not always flat, single-toned areas. 
They are sometimes characterized by strong shadows 
with heavy broken terrain lines and sometimes by a 
mottled pattern. Each type of desert terrain presents its 
own problems. When evaders and their shelters are lo- 
cated in the desert, their shadows are inky black and in 
strong contrast to their surroundings and are extremely 
conspicuous. To minimize the effect of these shadows 
when possible, use concealment that is afforded by the 
shadows of deep gullies, scrub growth, and rocks (figure 
28-22). 

(2) Many objects which cannot be concealed from 
the air can be effectively viewed from the ground. Even 
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though these objects are observed from the air, lack of 
reference points in the terrain will make them difficult 


to locate on a map. 


b. Snow and Ice. From the air, snow-covered terrain 
is an irregular pattern of white, spotted with dark tones 
produced by objects projecting above the snow, their 
shadows, and irregularities in the snow-covered surface 
such as valleys, hummocks, ruts, and tracks. It is neces- 
sary, therefore, to make sure dark objects have dark 
backgrounds for concealment to control the making of 
tracks in the snow and to maintain the snow cover on 
camouflaged objects. 

(1) Mountain Areas Above Timberline and Arctic 
Areas. Common characteristics include an almost com- 
plete snow cover with a minimum of opportunities for 
concealment. Only a few dark objects protrude above 
the snow except for rugged mountain peaks (figure 
28-23). 

(2) Mountain Areas Below the Timberline and 
Subarctic Areas. Common characteristics of these areas 
are forests, rivers, lakes, and artificial features such as 
trails and buildings. The appearance of the area is irreg- 
ular in pattern and variable in tone and texture (figure 
28-24), 





Figure 28-24. Below Timberline. 


AFR 64-4 Vol | 15 July 1985 

(3) Areas Between the Subarctic Zone and the 
Southern Boundary of the Temperate Zone. These have 
the same characteristics as mountain areas below the 
timberline and subarctic areas. 

c. Blending With Background in Snow and Ice Ter- 
rains. No practical artificial material has yet been devel- 
oped which will reproduce the texture of snow suffi- 
ciently well to be a protection against recognition by 
aerial observers. Concealment from direct ground ob- 
servation is relatively successful with the use of white 
“snowsuits,” white pants, and whitewash; these mea- 
sures offer some protection against aerial detection. 
(White parachute cloth should also be considered.) 

(1) People evading in snow-covered frozen areas 
should wear a complete white camouflage outfit. A 
white poncho-like cape can be made easily from para- 
chute material (figure 28-25). 

(2) A pair of white pants will normally be sufficient 
in a heavily wooded area. However, following or during 
a heavy snowfall when the trees are well covered with 
snow, the wearing of a complete white camouflage suit 
is necessary to blend in with the background. Other 
equipment, such as packs, should also be covered with 
white material. 

d. Camouflage Checklist. The following checklist can 
be used to remember ideas concerning camouflage and 


Figure 28-25. Evading in Snow-Covered Areas. 
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to determine the completeness of individual camouflage 
application: 

(1) Effective concealment is protection from hostile 
observation from the ground as well as from the air. 

(2) Natural terrain lines are to be used for help in 
concealing the evader when possible. 

(3) Every possible feature of the terrain should be 
used for concealment. 

(4) A silhouette against the sky should be avoided. 

(5) Every effort should be made to reduce tone con- 
trast and eliminate shine. 

(6) Evaders should be especially careful at night due 
to infrared and low light detection equipment which 
may be used by the enemy. Keeping close to the ground 
and using terrain masking for concealment provide the 
best protection, 


28-10. Camouflage Techniques for Shelter Areas: 

a. As used in this section, the word shelter refers to 
the concept of personal protection synonymous with the 
terms refuge, haven, or retreat. Readers should not visu- 
alize the word “shelter” when mentioned in this text to 
mean a dwelling traditionally occupied by survivors in 
nontactical situations; such as, tents, cabins, or other 
such places of habitation. While it is true that these 
structures can and do provide safety and relief, it must 
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be understood that where an evasion situation is con- 
cerned, concealment, not personal comfort or conve- 
nience, will be the primary concern for the evader who 
seeks “shelter” or sanctuary (figure 28-26). 

b. Besides resting or sleeping, there are a number of 
reasons why survivors may need to conceal themselves 
for varying amounts of time. They may need to take 
care of problems concerning personal hygiene, adjust- 
ment of clothing, maintenance or alteration of camou- 
flage, triangulation for position determination, food and 
water procurement, etc. Concealment cannot be over- 
stressed in respect to the areas survivors (cvaders} may 
select for shelter. One important reason evaders must be 
able to select secure areas for refuge is to avoid and 
prevent detection by the enemy. This is especially im- 
portant if the haven selected is to be used for resting or 
sleeping. Anyone who is resting or sleeping will not be 
totally alert, and added precautions may be necessary to 
maintain security. Another factor to consider, since 
evaders are also survivors, is to protect themselves from 
the elements as much as possible. 

¢. At no time will evaders be able to safely assume 
they are free from the threat of either ground or aerial 
observation. Therefore, not only is the shelter area and 
type détermined by the needs of the moment (enemy 


Figure 28-27, Natural Shelter. 
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presence, etc.), but consideration must also be given to 
the terrain and climatic conditions of the area. Evaders 
must constantly be aware of how long they may have to 
remain in the area and, most importantly, what type of 
enemy observation may be employed. 

d. The shelters may be naturally present, or they may 
be those which are “assembled” and camouflaged by the 
evaders. Full use must be made of concealment and 
camouflage no matter what types of shelter areas are 
selected. The use of the natural concealment afforded 
by darkness, wooded areas, trees, bushes, and terrain 
features are recommended; however, any method used 
for disguise or hiding from view will increase the 
chances for success. There is much for evaders to con- 
sider concerning the many facets of evasion shelter site 
selection if they expect to establish and maintain the 
security of their area (figure 28-27). 

e. Evaders should locate their shelter areas carefully. 
They should choose areas which are least likely to be 
searched. They must be in the least obvious locations. 
The chosen areas should look typical of the whole envi- 
ronment at a distance. They should not be near promi- 
nent landmarks. Areas that look bland get a cursory 
glance. The areas should aiso be those least likely to be 
searched; for example, rough terrain and thickly vege- 
tated areas. The shelter sites should also be situated so 
that in the event of impending discovery, the evaders 
will be able to depart the area via at least one concealed 
escape route. The shelter areas should never be in areas 
which may trap them if the enemy discovers the places 
of concealment. 

f. Evaders should choose natural concealment areas— 
a “natural shelter.” Examples include small, concealed 
caves, hollow logs, holes or depressions, clumps of trees, 
or other thick vegetation (tall grass, bamboo, etc.). The 
site should have as much natural camouflage as possi- 
ble. There should be cover on all sides; this includes 
natural formations or vegetation which can also protect 
evaders from aerial observations. The site should be as 
concealed as possible with a minimum of work. Sites 
chosen this way will make concealment easier and re- 
quire less activity and movement. This is most impor- 
tant if the evaders are close to population centers or if 
the enemy is present. 

g. The evaders should attempt to stay as high as possi- 
ble and to select concealment sites near the military 
crest of a hill if cover is available. Noises from ridge to 
ridge tend to dissipate. Whispers or other sounds made 
in a valley tend to magnify as listeners get further up a 
hill. Shelter areas located on a slope are subject to 
higher daytime and lower nighttime winds, thereby 
minimizing the chance of detection through the sense of 
smell, 

h. If possible, evaders should be in such a position in 
the shelter area that shadows will fall over the side of 
the area throughout the day. This can best be done in 
heavy brush and timber. 


509 


i. Evaders should try to locate alternate entrance and 
exit routes along small ridges or bumps, ditches, and 
rocks to keep the ground around the shelter area from 
becoming worn and forming “paths” to the site. They 
should avoid staying in one area so long that it has the 
appearance of being “lived in.” Evaders should try to 
stay away from and out of sight of any open areas; 
examples are roads and meadows. Several miles dis- 
tance from those may be desirable. 

j. Waterways such as lakes, large rivers, and streams, 
especially at the junctions, are dangerous places. Power 
and fence lines or any prominent Jandmarks may indi- 
cate places where people may be. Evaders will want to 
stay clear of these areas. The enemy may patrol bridges 
frequently. Evaders should avoid any areas close to pop- 
ulation centers. The evaders should be able to observe 
the enemy and their movements and the surrounding 
country from this hiding area if at all possible. If any 
assemblage of camouflage is necessary at the shelter site, 
evaders should keep in mind that they should always 
“construct” to blend. They should match the shelter 
area with natural cover and foliage, remembering that 
over-camouflage is as bad as no camouflage. Natural 
materials should be taken from areas of thick growth. 
Any place from which materials have been taken should 
be camouflaged. The following is an easy to remember 
acronym (BLISS) for evasion shelter principles: 


B - Blend. 

L - Low silhouette. 

I - Irregular shape (outline). 
S - Small. 

S - Secluded location. 


k, Other facilities evaders may use, such as latrines, 
caches, garbage pits, etc., must be located and camou- 
flaged in the same manner as the shelter sites. Evaders 
should avoid forming a line of installations which lead 
from point to point to their location. They should 
dogleg through ground cover to use concealment to its 
best advantage. A dry, level sleeping spot is ideal, but 
the ideal spot to provide nonvisibility and comfort may 
be difficult to find. Evaders must have patience and 
perseverance to stay hidden until danger has passed or 
until they are prepared and rested enough to safely 
move on. They must be constantly on the watch for 
shelter areas which need little or no improvement for 
camouflage, protection from the elements, or security. 


28-11. Firecraft Under Evasion Conditions: 

a, Whether or not to build a fire under evasion condi- 
tions ts indeed a difficult decision evaders must make at 
times. Basically, fire should only be used when it is 
absolutely necessary in a life or death situation. Poten- 
tial evaders must understand that the use of fire can 
greatly increase the probability of discovery and subse- 
quent capture. 
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Figure 28-28. Fire. 


b. If a fire is required, location, time, selection of 
tinder, kindling, and fuel, and construction should be 
major considerations. 

(1) Evaders should keep the fire as inconspicuous as 
possible. The location of an evasion fire is of primary 
importance. All of the small evasion-type fires must be 
built in an area where the enemy is least likely to see 
them. If possible, in hilly terrain with cover, the fire 
should be built on the side of a ridge (military crest). No 
matter where the fire is built, it should be as smal! and 
smokeless as possible (figure 28-28). 

(2) Fires are easier to disguise and will blend in 
better during the times of dawn and dusk and during 
times of bad weather. At these times, there is a haze or 
vapor trap that hinges in and around hills and depres- 
sions and is prevalent on the horizon. Any smoke from 
the fire will be masked by this haze in the early morning 
and at sunset. This is the time when the local populace 
is most likely to have their cooking or heating fires lit. 
Another method of disguising the smoke from a fire is 
to build it under a tree. The smoke will tend to dissipate 
as it rises up through the branches, especially if there is 
thick growth or the boughs are low hanging. If this is not 
possible, it will be helpful to camouflage the fire with 
earthen walls, stone fences, bark, brush, or snow 
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mounds to block the light rays and help disperse the 
smoke. 

(3) The best wood to use on an evasion fire is dry, 
dead hardwood no larger than a pencil with all the bark 
removed. This wood will produce more heat and burn 
cleaner with less smoke. Wood that is wet, heavy with 
pitch, or green will produce large amounts of smoke. 
When the wood has been gathered, evaders should se- 
lect small pieces or make small pieces out of the wood 
collected. Small pieces of wood will burn more rapidly 
and cleanly thus reducing the chance of smoldering and 
creating smoke. The wood selected should be stacked so 
the fire gets plenty of air as ventilation will make the fire 
burn faster with less smoke. 

c. One type of evasion fire which has the capability of 
being inconspicuous is called the Dakota Hole Fire (fig- 
ure 28-29). After selecting a site for the fire hole, a 
“fireplace” must be prepared. This is done by digging 
two holes in the ground, one for air or ventilation and 
the other to actually lay the fire in. These holes should 
be roughly 8 to 12 inches deep and about 12 inches 
apart with a wide tunnel} dug to connect the bottoms of 
the holes. The depth of the holes depends on the intend- 
ed use of the fire. Place dirt on a piece of cloth so it can 
be used to rapidly extinguish the fire and conceal the fire 
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Figure 28-29. Dakota Hole. 


site. Evasion fires should be small. Evaders who build 
these fires should strive to keep the flame under the 
surface of the ground. Initially the fire may appear to be 
smoking due to the moisture in the ground. At night the 
area may glow, but there should be no visible flame. A 
fire built in a hole this way will burn fast as all the heat 
is concentrated in a small area. This is a good type of 
fire for a single evader as opposed to many persons 
taking turns cooking over this one hole. Everything 
about the evasion situation will have to be examined 
before deciding which fire configuration would be most 
useful if a fire must be built. 

d. Another good evasion fire is the trench fire. This 
fire is built by digging below the earth’s surface 8 to 12 
inches in an elongated pattern. The length depends on 
how many people need to use it. This is a fire more 
suited to meeting the needs of a small group. The fire 
should not crowd either end of the excavation, as it 
must be able to “draw” an adequate amount of air to 
help it burn hot and eliminate smoke (figure 28-30). 

e. An evasion fire can also be built just below the 
ground cover (figure 28-31). Here the emphasis is on 
quick concealment of the area. It should be kept in 
mind, however, that some type of screen should be built 
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Figure 28-30. Trench Fire. 
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Figure 28-31. Fire Concealment. 


to hide the flames. The small fire is built on the bare 
ground after a layer of sod or earth has been sliced and 
rolled back. After use, evaders simply scatter the fire 
remnants over the bare area and roll or fold the piece of 
ground back into place. 

f. If evaders are in areas where holes can’t be dug or 
sod can’t be lifted, they will have to settle for some type 
of screen around the fire. They should also keep the fire 
small and finish using it quickly. 

g. All traces of the fire should be removed. Unburned 
firewood should be buried. Holes should be totally filled 
in. Placing the soil on a holder, such as a map or piece 
of equipment, will aid in replacing it. This way there 
will be no leftover dirt patches on the ground after the 
holes were filled in. Once evaders feel all available mea- 
sures have been taken to obliterate any leftover evi- 
dence, they should move out of the area if possible. 
Since evaders can never be positive the fire wasn’t de- 
tected, they must assume it was spotted and take all 
necessary precautions. 


28-12. Sustenance for Evasion: 

a. AS previously stated in this section, not only do 
evaders face the problem of remaining undetected by 
the enemy, they must also have the knowledge which 
will enable them to “live off the land” as they evade. 
They must be prepared to use a wide variety of both 
“wild” and domestic food sources, obtain water from 
different sources, and use many methods for preparing 
and preserving this food and water (figure 28-32). 

b. No matter what the circumstances of the evasion 
situation are, evaders should never miss an opportunity 
to obtain food. Ordinarily food will be obtained from 
wild plant and animal sources. If possible, evaders 
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should stay away from domestic plants (crops) and ani- 
mals. Using wild animals and plant sources for food will 
reduce the probability of capture. 

c. Animal foods are a prime source of sustenance for 
evaders, having more nutritional valuc for their weight 
than do plant foods. Evaders may obtain enough animal 
food in one place to last for several days while they 
travel. 

d. There are several ways which evaders may procure 
animal foods (trapping or snaring, fishing, hunting, and 
poisoning). A few modifications should be considered 
regarding the use of traps and snares in a tactical situa- 
tion even though the same basic principles apply in both 
tactical and nontactical environments. 

{1) Because small game is more abundant than is 
large game in most areas, evaders should confine traps 
and snares to the pursuit of small game. There are other 
advantages to restricting trap and snare size. Evaders 
will find it is easier to conceal a small trap from the 
enemy. Small animals make less noise and create less 
disturbance of the area when caught. 

(2} Conversely, there are also a few disadvantages 
pertaining to the use of snares or traps during evasion 
episodes. Two disadvantages are: Evaders must remain 
in one place while the snares are working, and there 
may be some disturbance of the area where materials 
have been removed. 

e. Fishing is another effective means of procuring 
animal food. Fish are normally easy for evaders io 
catch, and they are easy to cool. 

(1) There are several methods which evaders may 
use to catch fish. A simple hook and line is one of these 
methods; another is a “trotline.” Evaders may construct 
a trotline by fixing numerous hooks to a pole and by 
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Figure 28-32. Sustenance for Evasion. 


sliding it into the water from a place of concealment 
(figure 28-33). 

(2) Nets and traps may also be used; however, they 
should be set below the water line to avoid detection. 
Spearing is another option. Here again, exposure in 
open waterways can be very dangerous to the evader. 

(3) “Tickling” the fish (figures 28-34, 28-35, and 
28-36) is also effective if evaders can remain concealed. 
This method requires no equipment to be successful. 
The main disadvantage to fishing is people live by water 
bodies and travel on them. This greatly increases the 
chances of being detected. (NOTE: Caution should be 
used when tickling fish in areas with carnivorous fish or 
reptiles.) 


f. Weapons may be used by evaders to procure ani- 
mals, The best weapons are those which can be operated 
silently, such as a blowgun, slingshot, bow and arrow, 
rock, club or spear. These should be used primarily 
against small game. One major advantage of using 
weapons is game can be taken while evaders travel. 
Because of noise, firearms should never be used in an 
evasion situation. 


g. Plant foods are very abundant in many areas of the 
world. Evaders may be able to procure plant food types 
that require no cooking. One advantage of procuring 
plant foods during evasion is that by collecting natural 
fruits and nuts, evaders can remain deep in unpopulat- 
ed areas. In some areas, it is possible to find old garden 
plots where vegetables may be obtained. When possible, 
select foods which can be eaten raw. (Refer to chapter 
18 - Food.) 

(1) The disadvantage of plant food procurement is 
that evaders may not be the only ones looking for food. 
The natives of the country could also be out looking for 
food. If natives know of a good area, they may visit that 
place many times. If evaders have been in the area, their 
presence could be discovered. 

(2) Some other considerations and methods con- 
cerning plant food procurement are as follows. Evaders 
should: 

(a) Never take all the plants or fruits from one 
area. 

(b) Pick only a few berries off of any one bush. 

{c) When digging plants, take only one plant, then 
move on some distance before digging up another. 


§14 


\, Ng 7 N 
: . NY 
ae ee 
.t a 
LN \ * 
AAS ee, 


os 


. 


Figure 28-33. Fishing. 


(d) When digging plants from oid garden plots, 
make sure the plot is old. In many countries the people 
plant their crops and do not return to the plot until 
harvest time. 

(e) Camouflage all signs of presence. 

(3) Most domestic foods must be procured by theft 
which is very dangerous. However, if proper methods 
are used and the opportunity presents itself, plants and 
animals may be stolen. The main reason thieves are 
captured is the boldness they display after several suc- 
cessful thefts. The basic rules of theft are: 

(a) If at all possible, the theft should take place at 
night. 

(b) Evaders should thoroughly observe the area of 
intended theft from a safe vantage point. 

(c) Evaders should find the vantage points just 
before dusk and look the place over to make sure every- 
thing is the same as it was the last time a check was 
made. 

(d) Evaders should check for dogs, which could 
be a big hazard. Barking draws attention; also, some 
dogs are vicious and can harm evaders. Besides dogs, 
other animals or fowl can alert the enemy to the evad- 
ers’ position. 
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(e) Evaders should never return twice to the 
scene of a theft. 

(f) Every theft should be planned, and after its 
accomplishment, evaders should leave no evidence of 
either their presence or the theft itself (figure 28-37). 

(g) Only small amounts should be taken (figure 
28-38). 

(4) When evaders find it necessary to take cultivat- 
ed plant foods, they should never take the complete 
plant. Taking plants from the inside of the field, not the 
edge, and leaving the top of plants in place may help 
conceal the theft. 

h. The rules of theft also apply to taking domesticated 
animals. The evader should concentrate on animals that 
don’t make much noise. If a choice has to be made as to 
which animal to steal, evaders should take the smallest 
one. 

i. Water is very essential, but it can be difficult to 
acquire {figure 28-39). 

(1) When procuring water, evaders should try to 
find small springs or streams well away from populated 
areas. The enemy knows evaders need water and may 
check all known water sources. No matter where water 
is procured, evaders should try to remain completely 


aggregation of licensed and unlicensed bands will 
inevitably help in increasing the available system 
bandwidth. On the network side, novel topologies 
including application servers placed closer to the 
network edge will contribute to significantly reduc- 
ing the network latency. Advanced Device-to-De- 
vice (D2D) technology can help reduce the com- 
munications latency and support larger number of 
simultaneous connections in a network. 


These 5G key enabling technologies are described 
in more detail in the following sections. 


mmWave System 


The mmWave bands provide 10 times more band- 
width than the 4G cellular-bands, as illustrated in 
Figure 10. Therefore, the mmWave bands can sup- 
port the higher data rates required in future mobile 
broadband access networks. 
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Figure 10 Potential Bands in 20-50 GHz (US) 


Unlike the below 6GHz bands, in the mmWave 
bands we have to carefully consider the wireless 
conditions such as rainfalls, snowfalls, and fogs. 
However, the amount of loss is mild for the expect- 
ed range of a5G communication link. For example, 
atmospheric absorption loss due to H,O and O, at 
28 GHz would be around 0.02 dB at a distance of 
200 meters. Intensive rainfall (110 mm/h) results in 
about 4 cB loss at 200 meters distance. Loss due 
to heavy snow (10 mm/h) or heavy fog (visibility dis- 
tance under 50 meters) will be less than 0.1 dB, at 
all distance of 200 meters [4][5]. 


In Figure 11, we show mmWave channel measure- 
ments from extensive experiments in Daejeon, Ko- 
rea [6][7]. These channel measurements were car- 
ried out at 28 GHz with a channel bandwidth of 250 
MHz, transmission power of 29 dBm and the horn 
antenna gain of 24.5 dBi for both the transmitter and 
the receiver [6]|[7]. 


The path loss exponents (based on 8 meters dis- 
tance free space path loss) is 3.53 in Non Line of 
Sight (NLOS) links [6]. The mild path loss exponent 
from measurement results strongly suggests that 
mmWave communication links can be supported 


Panoramic View of Tx Position 


ne a Transmitter Site 
S & x @ Peceiver Site 
Sy gs SP? 





Path Loss Model in Urban Environment 
150 








¢ Synthesized Omni-NLoS 


140}--|'™'™ “synthesized Omni-NLoS ~ = 9.63 


= 6.69 dB 
on, Synthesized Omni-NLoS d a 
130}; j : o4 
ry a 




















o 
2 ee 
Q 120; oe 6 
g o 6 
c oe 
& 110; 9 : > 
wo o 
ao 
ee 
100} at 
\e 
,+ 
at 
90+ ve 
ad 
ae 
a 
80 i i i—_ 
10 50 100 150 200250 
Distance (m) 








Figure 11 mmWave Channel Measurements in Urban Area, 
Daejeon (Korea) 
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Figure 12 Adaptive Pencil Beamforming (Example) 


over 200 meters of distance, even in dense urban 
outdoor NLoS environments. Similar results are also 
reported in ray-tracing-based mmWave propaga- 
tion model [8], confirming the fact that mmWave 
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Figure 28-36. Fish Tickling - C. 
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concealed when doing so, The area around the water 
source should be observed to make sure it isn’t patrolled 
or watched. While obtaining water and when leaving the 
area, evaders should conceal any evidence of their pres- 
ence. Good sources of water include trapped rainwater 
in holes or depressions and plants which contain water. 


(2) The preparation and purification of food and 
water by cooking is a precaution which should be 
weighed against the possibility of capture. It might be 
necessary to eat raw plant and animal foods at times. 
Some plant foods will require cutting off thorns, peeling 
off the outer layer, or scraping off fuzz before consump- 
tion. Raw animal foods may contain parasites and 
micro-organisms which may not effect evaders for days, 
weeks, or months, at which time, hopefully, they will be 
under competent medical care. If the environment in 
which the parasites live is altered by cooking, cooling, 
or drying, the organisms may be killed. Meat can be 
dried and cooled by cutting into thin strips and air- 
drying. Salting makes the meat more palatable. If the 
meat must be cooked, small pieces should be cooked 
over a small hot fire built in an unpopulated area. The 
best methods of preserving food during evasion are dry- 
ing or freezing. 


(3) In an evasion situation, boiling water for purifi- 
cation should not be used as a method except as a last 
resort. Iodine tablets are the best method of purifica- 
tion. If evaders do not have purification tablets, and the 
danger of the enemy detecting their fires is too great, 
evaders may have to forego purification. The only prob- 
lem with this is if water is not purified, it may cause 
vomiting and (or} diarrhea. These ailments will slow 
down the evaders and make them susceptible to dehy- 
dration. Aeration and filtration may help to some de- 
gree and are better than nothing. If water cannot be 
purified, evaders should at least try to use water sources 
which are clean, cold, and clear. Rain, snow, or ice 
should be used if available. 


28-13. Encampment Security Systems: 

a. When evading for extended periods in enemy-held 
territories, it becomes essential for evaders to rest. To 
rest safely, especially if in a group, it is essential to 
devise and use some sort of early warning system to 
prevent detection and unexpected enemy infiltration. 
When establishing an evasion “shelter” area, there are 
certain things which should be done (day or night) for 
security purposes (figure 28-40). 

b. Evaders should scout the area around their en- 
campment for signs of people. They should pay particu- 
lar attention to crushed grass, broken branches, foot- 
prints, cigarette butts, and other discarded trash. These 
signs may reveal identity, size, direction of travel, and 
time of passage of an enemy force. If large numbers of 
these signs are present, the evader should consider mov- 
ing to a more secure area. 
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Figure 28-40, Rest Safely. 
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c. Once the camp area has been determined to be 
fairly secure, some type of alarm system must be de- 
vised. For a lone evader, this may consist of actually 
constructing wire or line with sound-producing devices 
attached. However, this system works for the enemy as 
weil and may prove to alert enemy forces to the evader’s 
presence. A lone evader should use the natural alarm 
system available. Disturbances in animal life around an 
evader may indicate enemy activity in the area. Group 
situations may allow for more security. Two or more 
evaders may use lookout(s} or “scout(s)” at observation 
posts strategically located around the encampment. 

d. Readiness is another aspect of security. The evader 
should be aware that, at any time, the shelier area may 
be overrun, ambushed, or security compromised, mak- 
ing it necessary to vacate the area. If evaders are in a 
group and future group travel is desired, it is essential 
that everyone in the group knows and memorizes cer- 
tain things; such as, compass headings or direction of 
travel, routes of travel, destination descriptions, and 
rally points (locations where evaders regroup after sepa- 
ration). Alternate points must be designated in case the 
original cannot be reached or if it is compromised by 
enemy activity. 

(1) Once everyone in the evader’s group has 
reached the final destination, alternate point, or rally 
point, a new emergency evacuation and rendezvous 
plan must be established. 

(2) Evaders should always be aware of the next rally 
point, its location, and direction. These places, which 
provide concealment and cover, should be designated 
along the route in case an enemy raid or ambush scat- 
ters the group. There should be a rally point for every 
stage of the journey. Even when approaching the sup- 
posed “final destination” of the day, evaders should 
have an evacuation plan ready. 

e. Mainiaining silence is a very important aspect of 
security. It is essential to be able to communicate with 
individual group members and scouts so that everyone 
is aware of what is going on at all times during evasion. 
Hand signals are the best method of communication 
during evasion as they are silent and easily understood. 
Instructions and commands which must be conveyed 
throughout the entire group are: (See figure 28-41 for 
examples of hand signals.) 


(1) Freeze. (5) Rally. 
(2) Listen. (6) All clear. 
(3) Take cover. (7) Right. 
(4) Enemy in sight. (8) Left. 


28-14. Evasion Movement: 

a. During evasion travel, the evader is probably most 
susceptible to capture. Many evaders have been cap- 
tured as a direct result of their failure to use proper 
evasion movement techniques. Evasion movement is 
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the action of a person who, through training, prepara- 
tion, and application of natural intelligence, avoids cap- 
ture and contact with hostiles, both military and civil- 
ian, Not only is total avoidance of the enemy desirable 
for evaders, it is equally important for evaders not to 
have their presence in any enemy controlled area even 
suspected. A fleeting shadow, an inopportune move- 
ment or sound, and an improper route selection are 
among a number of things which can compromise se- 
curity, reveal the presence of evaders, and lead to 
capture. 

b. One evasion situation will not be identical to an- 
other. There are, however, general rules which apply to 
most circumstances. These rules, carefully observed, 
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Figure 28-41. Hand Signals. 
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will enhance the evaders’ chances of returning to friend- 
ly control. 

(1) Evasion begins even before a crewmember 
leaves an aircraft over enemy territory. Two factors 
which are essential to successful evasion and return are 
opportuntiy and motivation. Pre-mission preparation 
and knowledge of areas of concern are very important 
to a crewmember. Pre-mission knowledge gained must 
be based on the most current information available 
through command area briefings, area studies, and intel- 
ligence briefings. 

(2) Some areas of interest to the prospective evader 
are: 

(a) Topography and Terrain. An aircrew member 
should know the physical features and characteristics, 
possible barriers, best areas for travel, availability of 
rescue, and the type of air or ground recovery possible. 
A future evader should also know the requirements for 
long-term unassisted survival in the area of operation. 

(b) Climate. The typical weather conditions and 
variations should be known to aid in evasion efforts. 

(c) People. A very critical consideration may be 
knowing the people in the area. From ethnic and cultur- 
al briefs read before the mission, crewmembers should 
familiarize themselves with the behavior, character, 
customs, and habits of the people. It may, at times dur- 
ing the evasion episode, be necessary to emulate the 
natives in these respects (figure 28-42). 

(d) Equipment. Aircrew members who would 
hope to be successful evaders should be thoroughly fa- 
miliar with all of their equipment and know where it is 
located. They should also preplan what equipment 
should be retained and what should be left behind 
under certain conditions of an evasion travel situation. 

(3) Before addressing evasion movement tech- 
niques, it is appropriate to go over some of the factors 
which influence an evader’s decision to travel. 





Figure 28-42. Knowing the People. 
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{a) The first few minutes after entering enemy or 
unfriendly territory is usually the most critical period 
for the evader. The evader must avoid panic and not 
take any action without thinking. In these circum- 
stances, the evader must try to recall any previous brief- 
ings, standard operating procedures, or training and 
choose a course of action which will most likely result in 
return to friendly territory. 

(b) In those first few minutes, there is a great deal 
for the downed crewmember to think about. Quick con- 
sideration must be given to landmarks, bearings, and 
distance to friendly forces and from enemy forces, likely 
location for helicopter landing or pickup, and the initial 
direction to take for evasion. Knowledge of what to 
expect is important because when circumstances arise 
which have been considered in advance, they can be 
carried out more quickly and easily, Evaders should try 
to adapt this knowledge and any skills they have to their 
particular situation. Flexibility is most important, as 
there are no hard and fast rules governing what may 
happen in an evasion experience. 

{c) In most evasion situations, evaders will be 
required to move if for no other reason than to leave the 
immediate landing area when pickup is not imminent. 
Because any movement has the inherent risk of expo- 
sure, some specific principles and practices must be ob- 
served. Periods of travel are the phases of evasion when 
evaders are most vulnerable. Many evaders have been 
captured because they followed the easier or shorter 
route and failed to employ simple techniques such as 
watching and listening frequently and seeking conceal- 
ment sites. 


28-15. Searching Terrain: 

a. Evaders should visually survey the surrounding ter- 
rain from an area of concealment to determine if the 
route of travel is a safe one. Evaders should first make a 
quick overall search for obvious signs of any presence 
such as unnatural colors, outlines, or movement. This 
can be done by first looking straight down the center of 
the area they are observing, starting just in front of their 
position, and then raising their eyes quickly to the maxi- 
mum distance they wish to observe. If the area is a wide 
one, evaders may wish to subdivide it as shown in figure 
28-43. Now all areas may be covered as follows: First, 
by searching the ground next to them. A strip about 6 
feet deep should be looked at first. They may search it 
by looking from right to left parallel to their front. Sec- 
ondly, by searching from left to right over a second strip 
farther out, but overlapping the first strip. Searching the 
terrain in this manner should continue until the entire 
area has been studied. When. a suspicious spot has been 
located, evaders should stop and search it thoroughly 
(figure 28-44). 

b. The evader must question the movement: 

(1) Is the enemy searching for the evader? 
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Figure 28-44. Viewing Terrain - B. 


(2} What is the evader’s present location? 

(3) Are chances for rescue better in some other 
place? 

(4) What type of concealment can be afforded in the 
present location? 

(5) Where is the enemy located relative to the evad- 
er’s position? 
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c. Having considered the necessity and risks of travel, 
evaders must: 

(1} Orient themselves. 

{2) Select a destination, alternates, and the best 
route. 

(3) Have an alternate plan to cover all foreseeable 
events. 

d, Cautious execution of plans cannot be overempha- 
sized since capture of evaders has generally been due to 
one or more of the following reasons: 

(1) Unfamiliarity with emergency equipment. 

(2) Walking on roads or paths. 

(3} Inefficient or insufficient camouflage. 

(4) Lack of patience when pinned down. 

(5) Noise or movement or reflection of equipment. 

(6) Failure to have plans if surprised by the enemy. 

(7) Failure to read signs of enemy presence. 

(8) Failure to check and recheck course. 

(9) Failure to stop, look, and listen frequently. 

(10) Neglecting safety measures when crossing 
roads, fences, and streams. 

(11) Leaving tracking signs behind. 

(12} Underestimating time required to cover dis- 
tance under varying conditions. 

e. Evaders should understand progress on the ground 
is measured in stopover points reached. Speed and dis- 
tance are of secondary importance. Evaders should not 
let failure to meet a precise schedule inhibit their use of 
a plan. 


28-16. Movement Techniques Which Limit the Poten- 
tial for Detection of an Evader (Single). 

a. Evaders should constantly be on the lookout for 
signs of enemy presence. They should look for signs of 
passage of groups, such as crushed grass, broken branch- 
es, footprints, and cigarette butts or other discarded 
trash. These may reveal identity, size, direction of trav- 
el, and time of passage (figure 28-45). 

(1) Workers in fields and normal activities in vil- 
lages may indicate absence of the enemy. 

(2} The absence of children in a village is an indica- 
tion they may have been hidden to protect them from 
action which may be about to take place. 

(3) The absence of young men in a village is an 
indication the village may be controlled by the enemy. 

b. A knowledge of enemy signaling devices is very 
helpful. Those listed below are examples of some used 
by communist guerrillas in Southeast Asia. 

(1) A farm cart moving at night shows one lantern 
to indicate no government troops are close behind. 

(2) A worker in the fields stops to put on or take off 
a shirt. Either act can signal the approach of govern- 
ment troops. This is relayed by other informers. 

(3) A villager fishing in a rice paddy holds a fishing 
pole out straight to signal all clear; up at an angle to 
signal the troops are approaching. 
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Figure 28-45. Signs of Passage. 


c. The times evaders choose to travel are as critical as 
the routes they select. If possible, evaders should try to 
make use of the cover of darkness. Darkness provides 
concealment and in some cases there is also less enemy 
traffic. If, out of military necessity, the enemy is active 
during the hours of darkness, evaders may then find it 
wise to move in the early morning or late afternoon. 
Night movement is slower, more demanding, and more 
detailed than daylight movement; but it can be done. 
The alternative to night movement might be capture, 
imprisonment, and death. Evaders should then consider 
traveling under the cover of darkness first. However, if 
the enemy knows the evaders’ position, or if the other 
factors dictate (terrain, vegetation, navigation consider- 
ation, etc.), other choices may have to be made. If travel 
is to be done during darkness, the terrain to be traversed 
should be observed during daylight if possible. While 
observing the area to be traveled, evaders should give 
attention to areas offering possible concealment as well 
as the location of obstacles they may encounter on their 
route. If the evader has a map, a detailed study of it 
should be made. However, it should be remembered 
that natural terrain features change with time of day 
and time of year. Certain features (ditches, roads, 
burned-off areas, etc.) may not be on the evaders’ map if 
they are new. Such pretravel reconnoitering of an area 
will give evaders a head start on knowing how to adapt 


their travel movements and camouflage necessary from 
point to point (figure 28-46). 


d. Evaders should try to memorize the routes they 
will take and the compass headings to their destina- 
tions, This information should not be written down on 
the map or on other pieces of material. 





Figure 28-46. Pretravel Reconnoitering. 
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Figure 28-47. Military Crest. 


e. If traveling through hilly country that provides cov- 
er, the military crest should be used as it may be the 
safest route. An evader’s route should avoid game trails 
and human paths on the tops of ridges. The chance of 
encountering the enemy is greater on the tops of ridges. 
The risk of silhouetting during both day and night is 
also increased (figure 28-47). 


(1) When it is necessary to cross the skyline at a 
high point in the terrain, an evader should crawl to it 
and approach the crest slowly using all natural conceal- 
ment possible. How the skyline is to be crossed depends 
on whether it is likely the skyline at that point is under 
hostile observation. Evaders may never be certain any 
area is not under observation. When a choice of posi- 
tion is possible, the skyline is to be crossed at a point of 
irregular shapes such as rocks, debris, bushes, fence 
lines, etc. 


(2) Another important point about moving along 
the military crest is that it is easier to evade the enemy 
on the side of the ridge than it is to lose sight of the 
enemy on the top of a ridge or in the valley below. 
Evasion along the side of a hill will afford a better 
chance for evaders to reach sites which are suitable for 
air recovery. 
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f. Evaders should move slowly, stopping and listening 
every few paces. Additionally, they should not make 
noise and should take advantage of all cover to avoid 
revealing themselves. If spotted, they should leave the 
area quickly by moving in a zigzag route to their goal if 
at all possible. If the enemy finds evidence of the evad- 
ers’ passage, their route may help confuse the pursuer as 
to direction and goal. Background noise can be either a 
help or hindrance to those who are trying to move quiet- 
ly—both the evaders and the enemy. Sudden bird and 
animal cries, or their absence, may alert evaders to the 
presence of the enemy, but those same signals can also 
warn the enemy of an approaching or fleeing evader. 
Sudden movement of birds or animals is also something 
to look out for. 


g. The following are some techniques of limiting or 
concealing evidence of travel. Evaders should: 


(1) Avoid disturbing any vegetation above knee lev- 
el. Evaders should not grab at or break off branches, 
leaves, or tall grass. 


(2) Glide gently through tall grass or brush. Avoid 
using thrashing movements. A walking stick may be 
used to part the vegetation in front, and then it can be 
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used behind to push the vegetation back to its original 
position. The best time to move is when the wind is 
blowing the grass. 

(3) Realize that grabbing small trees or brush as 
handholds may scuff the bark at eye level. The move- 
ment of trees can be spotted very easily from a distance. 
In snow country it may mark a path of snowless vegeta- 
tion that can be spotted when tracks cannot be. 

(4) Select firm footing and place the feet lightly but 
squarely on the surface avoiding the following: 

(a) Overturning duff, rocks, and sticks. 

(b) Scuffing bark on logs and sticks. 

(c}) Making noise by breaking sticks. 

(d) Slipping, which may make the noise of falling. 

(e) Mangling of low grass and bushes that would 
normally spring back. 

h. Evaders can mask their tracks in snow by: 

(1) Using a zigzag route from one point of conceal- 
ment to the next and, when possible, placing the una- 
voidable tracks in the shadows of trees, brush, and along 
downed logs and snowdrifts. 

(2) Restricting movement before and during snow- 
fall so tracks will fill in. This may be the only safe time 
to cross roads, frozen rivers, etc. 

(3) Traveling during and after windy periods when 
wind blows clumps of snow from trees, creating a pock- 
marked surface which may hide footprints. 

(4) Remembering that snowshoes leave bigger 
tracks, but they are shallower tracks which are more 
likely to fill in during heavy snowfall. Branches or bough 
snowshoes make less discernible prints. 

i. Evaders’ tracks in sand, dust, or loose soil should be 
avoided or else marked by: 

(1) Using a zigzag route, making use of shadows, 
rocks, or vegetation to walk on to mask or prevent 
tracks, 

(2) Wrapping cloth material loosely about the feet, 
this makes tracks less obvious. 

j. By moving before or during wet or windy weather, 
evaders may find that their tracks are obliterated or 
wom down by the elements. Along roadways, evaders 
should be particularly cautious about leaving their 
tracks in the soft soil to the side of the road. They 
should step on sticks, rocks, or vegetation. They 
shouldn’t leave tracks unless there are already tracks of 
natives on the road and their tracks can be made to look 
like the existing ones (small bare feet, tire sandals, or 
enemy footgear). Rolling across the road is a method of 
avoiding tracks. Walking in wheel ruts with the toes 
parallel to the road will help conceal tracks. If the road 
surface is dry, sand, dust, or soil tracks may be 
“brushed” out to make them look old or will help the 
wind erase them more quickly. This must be done 
lightly, however, so the tracks do not look as if they 
have been deliberately swept over. Mud will retain foot- 
prints unless the mud is shallow and there is a heavy 
rain, Evaders should try to go around these areas. 
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k. Many principles and techniques which work for the 
individual are also appropriate for use in groups of 
evaders. While it is not true that the only safe way to 
evade is individually, there is a certain danger in mov- 
ing with a group. 

(1) It is generally not advisable to travel in a group 
larger than three. If possible, the senior person should 
divide the group into pairs. Paired individuals must be 
compatible since any disagreement may prove fatal dur- 
ing the evasion process. Group travel can be advanta- 
geous because supplementary assistance is available in 
case of injury, in defense against hostile elements, in 
travel over rough terrain, and it provides moral support. 

(2) In group travel, movement becomes critical. 
Movement attracts attention. 

(3) The intervals and distances between individuals 
in the group should be made according to the terrain 
and the time of day. Intervals will probably be greater 
during the day. The natural but extremely dangerous 
tendency to “bunch up” is to be avoided when traveling 
in a group (figure 28-48). 

(4) Under favorable conditions it is possible for the 
enemy to see 100 yards into open woods. If the under- 
growth is light, the route must be farther into the woods, 
and the interval between evaders must be greater. Ad- 
ded consideration must be taken in deciding whether to 
travel at night or during the day. The feader will direct 
and guide the group to and from the best positions. All 
communications within the group should be made with 
silent signals only. Security in group evasion is of para- 
mount importance. All members should stay alert. Se- 
curity posts, lookouts, or guards should be designated 
for periods of rest or stopping. 

(5) Various formations are available for use by the 
evading group during periods of travel. The group must 
be flexible and able to adapt to changes in the condi- 
tions of the situation. The type of formation may also 
change with the route. In choosing a formation, the 
following points should be considered: 

(a) Group control and intercommunications. 

(b) Security. 

(c) Terrain. 

(d) Speed in movement. 

(e) Visibility. 

(f) Weather. 

(g) Enemy placement. 

(h) The need for dispersion. 

(i ) Flexibility of change in speed and direction of 
travel. 


(6) A “formation” is merely the formal arrangement 
of individuals within a group. This formal arrangement 
is designed to give the greatest dispersion consistent 
with adequate intercommunication, ease and speed of 
movement, and flexibility to change direction and speed 
of travel at a moment’s notice; that is, close control. 
Any arrangement which provides the above advantages 
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Figure 28-48. Group Travel. 


is satisfactory. The Army, which constantly moves 
groups of men of various sizes on various missions, has 
found the squad file, squad column, and squad line to 
be satisfactory. 

(a) In a squad file, the personnel are arranged in a 
single file, or one directly behind the other, at different 
distances. The distance will vary depending on need for 
security, terrain, visibility, group control, etc. It is pri- 
marily used when moving over terrain which is so re- 
strictive that the squad cannot adopt any other forma- 
tion. It is also used when visibility is poor and squad 
control becomes dificult. When people are in a squad 
file, it is easy to control the group and provide maxi- 
mum observation of the flanks. This ts a fast way to 
travel, especially in the snow. 

-1. However, there are disadvantages to this 
type of movement. A major one is that this formation is 
visually eye-catching. All the noise of the group is also 
concentrated in one place. This type of formation is 
easily defined and infiltrated. Depending on how many 
people are in the group, the area they walk through can 
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become very packed down and easily detected by the 
enemy. 

-2. If the group in the squad file is small, some 
members may have to double up on jobs; however, the 
“point” or lookout (scout) in the lead should only per- 
form that job (figure 28-49). 

(b) [In the squad column, personnel are arranged 
in two files. The personnel are more closely controlled 
and yet maneuverable in any direction. There is greater 
dispersion with reasonable control for all-round securi- 
ty. It is used when terrain and visibility are less restric- 
tive because it provides the best means of moving 
armed personnel into dispersed all-round security. It is 
easy to change into either the file or the line, 

-!. There are many advantages to this type of 
formation, a major one being a greater dispersal of per- 
sonnel. Visually, this way of moving is less eye-catching, 
and the sounds the group makes are less concentrated, 
With this formation, the rate of travel is reasonable, yet 
there is no well trampled corridor for enemy trackers to 
follow. 


bands can be successfully utilized for future IMT sys- 
tems. Moreover, based on the ray-tracing, mmWave 
3D-channel model in urban scenario is proposed 
in [9]. Higher path-loss and the resulting fragile link 
is largely due to weak diffractions in the mmWave 
bands. We need to overcome these challenges in or- 
der to make outdoor mmWave communication a re- 
ality [10][11]. Fortunately, the small mmWave wave- 
length also means highly directional beamforms 
can be obtained using a large number of antenna 
elements in a smaller form factor. These adaptive 
directional beams with large antenna array gain are 
key in combating the large propagation loss in the 
mmWave [12][13][14][15], as illustrated in Figure 12. 


We have developed a mmWave beamforming pro- 
totype at the DMC R&D Center, Samsung Electron- 
ics, Korea, in order to demonstrate the feasibility 
of using mmWave bands for cellular services. We 
showed that mmWave system can meet the two key 
requirements of cellular services: sufficiently large 
geographical coverage and support for mobility in 
NLoS environments. 


With the prototype, we tested outdoor coverage 
to demonstrate the service availability in a typical 
outdoor environment for both LoS and NLOS sites. 
The tests were performed at sites surrounded by 
tall buildings where various channel propagation ef- 
fects such as reflection, diffraction, and penetration 
were present, as shown in Figure 13. We observed 
that reliable communication links are formed even 
for NLOS sites that are more than 200 meters away 
from the base station. 

















Figure 13 Exemplary Outdoor Coverage Test Results 


Advances in semiconductor technology have made 
commercial mmWave systems readily available. Re- 
cent technologies of Silicon-based Complementary 
Metal Oxide Semiconductor (CMOS) processes are 
capable of integrating mixers, Low Noise Amplifiers 
(LNAs), Power Amplifiers (PAs), and Inter-Frequen- 
cy (IF) amplifiers, all in a single package. A good 
example is the 60 GHz commercialized products 
with the label of Wireless Gigabit Alliance (WiGig) 
[16], and it is well recognized that cost effective im- 
plementations of sub-100nm CMOS process made 
it possible to utilize the 60 GHz bands [17]. 


GaAs Monolithic Microwave Integrated Circuit 
(MMIC) technologies are maturing fast, and they 
are becoming a dominant choice for components 
in the RF chain including PAs, LNAs, switches for 
digital attenuators and phase shifters, Voltage Con- 
trolled Oscillators (VCOs), and passive components 
from a few GHz to 100 GHz. As illustrated in Figure 
14, it is projected that the Power Added Efficiency 
(PAE) of a 5G Front End Modules (FEM) will soon 
match the PAE of today’s commercial 4G system. 
Meanwhile, a good Effective Isotropic Radiated 
Power (EIRP) can be achieved with the help of high 
antenna gains from a large number of antenna ele- 
ments [18][19]. 
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Figure 14 Projections of 5G FEM PAE 


High performance antenna solution is an important 
piece of the 5G puzzle. The constantly varying LoS 
and NLoS propagation environment demands a 
novel antenna which exhibits high gain as well as 
wide spatial coverage capacity. The antenna array 
comprising of multiple antenna elements must fit 
within the small form factor of a 5G mobile handset. 


Samsung has been developing innovative 5G 
phased array antennas that have near zero-foot- 
print and reconfigurable antenna modes, as shown 
in Figure 15. 


le 





Parasitic 
Ant. 





High-Gain horizontally 
Polarized Antenna 


>|%. 


a | 


<1.5mm Vertically Polarized Antenna 






Parasitic 5G Antenna 
embedded within 
chassis 





Figure 15 The Reconfigurable 5G Phased-array Antenna 


Characterizing the biological implications on a us- 
er’s body imposed by cellular handset devices is 
one of the most important aspects that need to be 
verified prior to its commercial release. The Signal 
Absorption Rate (SAR) regulated by worldwide gov- 
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Figure 28-49. File Formation. 


-2. There are a few disadvantages to movement 
in this manner. This formation of travel is hard to con- 
trol in areas of dense vegetation with poor visibility and 
makes straying from the group likely. Although the 
paths may be faint, this mode of travel will also form a 
large number of trails. The rate of travel will be slower 
overall when traveling this way. An example of how 
personnel may be dispersed using the squad column 
methods is shown in figure 28-50. 


(c) In the squad line, all personnel are arranged in 

a line. This formation is used primarily by the Army as 

an assault formation because it is best for short, fast 
movements. 

-1. The advantage of this formation is that it is 

the quickest way to cross such obstacles as roads, fences, 

and small open spaces. It provides for tight control of 
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individual movement while providing security for 
short-distance moves. 

-2. The disadvantages are that there are ex- 
treme communication and control problems. Some per- 
sonnel in this formation may be forced to traverse unde- 
sirable rough terrain in contrast to the other two 
formations. Figure 28-51 illustrates the organization of 
personnel in this type formation. The speed at which 
these formations will progress will vary with terrain, 
light, cover, enemy presence, health of personnel, etc. 

|. Regardless of the formation used, the evader should 
pay particular attention to the technique used to travel. 
Knowing how to walk or crawl may make the difference 
between success and failure. 

(1) Correct walking techniques can provide safety 
and security to the evader. Solid footing can be main- 
tained by keeping the weight totally on one foot when 
stepping, raising the other foot high to clear brush, 
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Figure 28-50. Squad Formation. 
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Figure 28-51. Squad Line. 


grass, or other natural obstacles, and gently letting the 
foot down, toe first. Feel with the toe to pick a good 
spot—solid and free of noisy materials. Lower the heel 
only after finding a solid spot with the toe. Shift the 
weight and balance in front of the lowered foot and 
continue. Take short steps to avoid losing balance. 
When vision is impaired at night, a wand probe, or staff, 
should be used. By moving these aids in a figure-eight 
motion from near the ground to head height, obstruc- 
tions may be felt. 

(2) Another method of movement is by crawling. 
Crawling is useful when a low silhouette is required. 
There are times when evaders must move with their 
bodies close to the ground to avoid being seen and to 
penetrate some obstacles. There are three ways to do 
this: the low crawl, the high crawl, and the hands-and- 
knees position. Evaders should use the method best 
suited to the condition of visibility, ground cover, con- 
cealment available, and speed required. 

(a} The Low Crawl. This can be done either on 
the stomach or back, depending on the requirement. 
The body is kept flat and movement is made by moving 
the arms and legs over the ground (figure 28-52). 

(b) The High Crawi. This is a position of higher 
silhouette than the low crawl position, but lower than 
the hands and knees position. The body is free of the 
ground with the weight of the body resting on the fore- 
arms and lower legs. Movement is made by alternately 
advancing the right elbow and left knee, left elbow and 
right knee, elbows and knees laid flat on their inside 
surfaces (figure 28-53). 


GROUP LEADER 
PACER 
NAVIGATOR 


SCOUT 
SECURITY 





(c} Controlied Movement. The low crawl and 
high crawl are not always suitable when very near an 
enemy. They sometimes cause the evader to make a 
shuffling noise which is easily heard. On the other hand, 
carefully controlled movement can be made to be silent, 
and these techniques present the lowest possible 
silhouettes. 

(d) The Hands-and-Knees Crawl. This position is 
used when near an enemy. Noise must be avoided, and 
a felatively high silhouette is permissible. It should only 
be used when there is enough ground cover and conceal- 
ment to hide the higher silhouette involved (figure 
28-54). 

m. If evaders are moving as a group and are forced to 
disperse, being able to account for everyone after re- 
grouping is important. Likely locations for rallying 
points are selected during map study or reconnaissance. 

(1) Selecting a Rallying Point. The group leader 
must: 

(a) Always select an initial rallying point. If a 
suitable area for this point is not found during map 
study or reconnaissance, the leader can select it by grid 
coordinates or in relation to terrain features. 

(b) Select likely locations for rallying points en 
route. 

(c) Plan for the selection and designation of addi- 
tional rallying points en route as the patrol reaches suit- 
able locations. 

(d) Plan for the selection of rallying points on 
both near and far sides of danger areas which cannot be 
bypassed, such as trails and streams. This may be done 
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Figure 28-52. Low Crawl. 


by planning that, if good locations are not available, 
rallying points will be designated in relation to the dan- 
ger area; for example, “...50 yards this side of the trail,” 
or *...50 yards beyond the stream.” 

(2) Use of Rallying Points. If dispersed by enemy 
activity or through accidental separation, each evader in 
the group should be prepared to evade, individually, to 
the regrouping (rallying) point to arrive at a 
predesignated time. If this is not possible, the individu- 
al will become a “lone evader.” The group should not 
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Figure 28-53. High Crawl. 
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make any effort to locate someone not reaching the rally 
point. The group should formulate a new plan with new 
rallying points and clear the area. 


(a) Rallying points should be changed or updated 
as they are passed. Points should not be directly on the 
line (route) of travel. By selecting points off line, the job 
of searchers (trackers) is made more difficult and the 
chance of being “headed off” or “blind stalked” by the 
enemy is reduced. 
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Figure 28-54. Hands-and-Knees Crawl. 


(b) If the group is dispersed between rallying 
points en route, the group rallies at the last rallying 
point or at the next selected rallying point. The group 
leader announces the decision at each rallying point as 
to which point the group will rally. 

(3) Actions at Rallying Points. Actions to be taken 
at rallying points must be planned in detail. Plans for 
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Figure 28-55. River Crossing. 
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actions at the initial rallying point and rallying points en 
route must provide for the continuation of the group as 
long as there is a reasonable chance to evade as a group. 
An example of a plan would be for the group to wait for 
a specified period, after which the senior person present 
will determine actions to be taken based on personnel 
and equipment present. Even during movement phases, 
it is important to be able to check on the presence and 
status of all group members. A low toned, actual head 
count starting at the rear of the formation might be one 
way to do this; hand signals is another. One reason for 
keeping in touch with everyone is to establish new plans 
or adjust old ones while moving. 


28-17. Barriers to Evasion Movement: 

a. Obstacles. Throughout the evasion episode, many 
obstacles may be encountered which may impede evad- 
ers or influence the selection of travel routes. These 
barriers or obstacles can be divided into natural ones, 
such as rivers or mountains, and human ones, such as 
border guards or manmade fences or roads. Some of 
these obstacles may be helpful while others might be a 
hinderance. 

(1} Rivers and Streams. When crossing rivers and 
streams, bridges and ferries can seldom be used since 
the enemy normally establishes checkpoints at these lo- 
cations. This leaves a choice of fording, swimming, 
crossing by boat, or using some improvised method (fig- 
ure 28-55). 

(2) Mountains. In mountainous areas, survival may 
be the primary concern. It may be necessary for evaders 
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Figure 28-56. Weather, 


to remain in one location for an extended period of 
time, perhaps even waiting for the coming of spring 
before attempting travel. Many mountainous areas, 
however, are havens which afford cover, water, food, 
and low population densities. Also, the chances of re- 
ceiving assistance from people in areas where homes 
and farms are separated by great distances are more 
likely. When traveling in mountainous regions, evaders 
should not forget to use the military crest if conceal- 
ment is available. In plains areas, evaders should use 
depressions, drainages, or other low spots to conceal 
their movements. Route selection should be planned 
with the utmost care to avoid unnecessary delays caused 
by cliffs, large bodies of water, and flat areas. 


(3) Vegetation. Some swamps, drainage areas, and 
thickets may be too thick for evaders to penetrate, and 
may require that a detour or alternate route be used. If 
the vegetation can be moved through, evaders should 
take care not to leave evidence of passage by disturbing 
the growth. 


(4) Weather. Weather can sometimes be used to 
screen evaders from the enemy. Certain weather condi- 
tions mask the noise made by traveling (figure 28-56). 
Moving during a rainstorm may erase the footprints left 
by an evader; but after the rain the soft soil will leave 
definite signs of passage. Thunder may mask the sounds 
evaders make, but lightning may cause them to be seen. 
Snowstorms may be used to cover evaders’ signs and 
sounds, but once the storm is over, evaders must use 
extreme care not to leave a trail. 


b. Artificial Obstacles. Evaders may also encounter a 
wide variety of artificial obstacles while traveling within 
enemy territory or when attempting to leave a con- 
trolled area. As a general rule, evaders should nof at- 
tempt to penetrate these obstacles if they can be by- 
passed. If an analysis of the situation reveals the 
obstacles cannot be bypassed, evaders must be skilled in 
the methods and techniques for dealing with specific 
artificial barriers to evasion. If possible, move to a less 
fortified (controlled) area or find a better damaged area 
in the barrier. 
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Figure 28-57. Trip Wires. 


(1) Evaders may encounter trip wires. These wires 
may be attached to pyrotechnics, booby traps, sensor 
devices, mines, etc. These wires are normally thin, olive 
green (or other colors that blend with the environment), 
strong, and extremely difficult to see. A supple piece of 
wood can be improvised and used as a wand to detect 
these wires (figure 28-57}. 

(a) A tripwire may be set up to be from | inch to 
a number of feet above the ground and to extend any 
number of feet from the device to which it is attached. 

(b) The pressure necessary to activate a sensing 
device, mine, pyrotechnic device, or other trap-associat- 
ed device to which the wire may be connected can vary 
from a few ounces to several pounds. This means that 
the evader must be very careful when attempting to 
determine the presence of these devices. 

(c) Once a tripwire has been detected, evaders 
should move around the wire if possible. If not possible, 
they should go either over or under it. They should not 
tamper with or cut the wire. If one device is discovered, 
be alert for “backup” devices. 

{d) A number of devices activated by tripwires 
have a combination pressure-release arming mecha- 
nism, Cutting the wire or releasing the tension in the 
wire may activate the device. Some devices are electri- 
cally activated when there is a change in the current 
flowing through the attached wire—either because the 


wire is cut, in some way grounded, or otherwise altered. 
Evaders should take extreme care to avoid touching 
tripwires, but if contact is made, they must try to avoid 
sufficient pressure for activation. 

(2) Illumination flares may also present a problem 
to evaders. These, of course, can be activated by evaders 
themselves by a tripwire, by the enemy in the form of 
electronically activated ground flares, or by flares 
dropped from an overflying aircraft. Other overhead 
flares may be fired by mortars, rifles, artillery, and hand 
projectors. 

(a) The illumination flares may burn as bright as 
20,000 candlepower and illuminate up to a 300-foot 
radius in case of a ground flare, or a much larger area in 
the case of an overhead flare which is lofted or dropped 
and burns high above the ground. 

{b) If evaders hear the launching burst of an over- 
head flare, they should, if possible, get down while it is 
rising and remain motionless. If caught in the light of a 
flare when they blend wel] with the background, they 
should freeze in position and not move until the flare 
goes out. The shadow of a tree will provide some protec- 
tion. If caught in an open area, they may elect to crouch 
low or lie on the ground and, as a general rule, should 
not move after the area is illuminated. 

(c) However, if they are caught in the light of a 
ground flare and their position is such that the risk of 
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Figure 28-58. Electrified Fences. 


remaining is greater than that of moving, they should 
move quickly out of the area. If within a series of obsta- 
cles or an obstacle system, evaders must remember run- 
ning can be extremely dangerous because of the obsta- 
cles in the area and the fact that movement, especially 
fast movement, catches the eyes of an observer. If it is 
determined they cannot quickly move out of the area 
because of possible serious injuries due to existing ob- 
stacles or because they may be observed by the enemy, 
evaders should drop to the ground and conceal them- 
selves as much as possible. 


Figure 28-59. Penetrating Wire. 
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(d) Evaders should remember the light of a flare 
(either ground or overhead bursts) is temporarily blind- 
ing and the eyes should be covered to conserve night 
vision. 

(e) If caught by a flare when actually penetrating 
an obstacle such as a concertina wire, evaders should get 
as low as possible, stay still, and cover their eyes. The 
light of a flare can act to an evader’s advantage because 
the searching enemy will lose its night vision which may 
add to the evader’s chance for success in departing the 
area after the flare has burned out. The light of a flare 
also creates very dark shadows which, under some cir- 
cumstances, can afford good concealment from enemy 
observation. 


(3) Various types of chain and wire fences may 
hinder the progress of evaders who are moving to the 
safety of friendly areas. 

(a) For indications of electrical fences, evaders 
should watch for dead animals, insulators, flashes from 
wires during storms, and short circuits causing sparks 
(figure 29-58). A quick simple test can be conducted to 
determine if a wire is electrified. This test is made by 
carefully approaching the wire holding a stem of grass 
or a small, damp stick on the wire. If the wire is 
charged, a mild shock will result but will not cause 
injury. 

(b) Evaders should use a wand to check for booby 
traps between strands of multi-strand barbed wire. Gen- 
erally, they should penetrate the fence under the wire 
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Figure 28-60. Penetrating Concertina Wire. 


closest to the ground with the body parallel or perpen- 
dicular to the wire, depending on circumstances (figure 
28-59). They should lie flat on their backs both to pro- 
ject the lowest possible silhouette and to provide good 
visibility of the wire against the sky. The probe can 





sometimes be used to lift the wire. If the lowest wire is A ere ae TAO Oe, OG 

close to the ground and is tight, evaders may have to 2 Kb 

modify their approach to the problem. ON ESI IL KI % 
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(c} The apron fence is penetrated in the same 0n06% 

manner as any multi-strand fence—one wire at a time. ; “ 

Evaders should check the area between wires before ‘ 

proceeding. 


(d) Concertina wire is penetrated with the body 
perpendicular to the wire using a probe to lift the wire if 
it is not secured to the ground (figure 28-60). If the wire 
is secured to the ground, the evader can craw] between 
the loops. If two loops are not separated enough, they 
may be tied apart using shoe laces, string, suspension 
line, or strips of cloth. After passing through, the ties 
should be removed for future use and to erase evidence 
of travel. 

(e) Chain link fences should be avoided com- 
pletely if at all possible. These fences are usually found 
only in highly sensitive zones. This means the area is 
probably more highly guarded and patrolled than other 
areas. There also may be other traps or devices in- 
stalled. The fence may also be electrified. If the fence 
must be penetrated, the evader should go under it if 
possible (figure 28-61). If digging is required, the soil 
should be placed on the opposite side so it can be re- _—_‘ Figure 28-61. Penetrating Chain Link Fence. 
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Figure 28-62. Penetrating Log Fence. 


placed to remove evidence. Climbing the fence is rec- 
ommended only as a last resort. 

(f} Evaders may encounter rail and split-rail 
fences while evading or escaping. The fences are pene- 
trated by going under or between lower rails if possible. 
If not, evaders should go over at the lowest point, pro- 
jecting as low a silhouette as possible (figure 28-62). 
They should check between the rails and on the other 
side of the fence to detect tripwires or booby traps. 
Firmness of the ground should be checked on both sides 
of the fence. The body should be parallel to the fence 
before penetration. 


(4) Raked or plowed areas may be found in areas of 
both low and high density security. If such an area ts 
encountered, evaders should roll across the area, after 
making sure it is not a mine field, to avoid leaving 
footprints; or they may side-step, walk backwards, or 
brush out footprints. Any of the above may be done 
when it is a requirement not to leave clear-cut evidence 
of the direction of movement. 
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(5) Roads are common barriers to evasion and es- 
cape. When roads are encountered, evaders should 
closely observe the road from concealment to determine 
enemy travel patterns (figure 28-63). Crossing from 
points offering best concealment such as_ bushes, 
shadows, etc., is best (figure 28-64). Evaders should 
cross at straight stretches of road in open country and 
on the inside of curves in hilly or wooded areas. This 
allows the evader to see in both directions so the 
chances of being spotted or surprised in the open is 
minimized. Avoid leaving tracks both in the road and 
on the shoulder of the road. 


(6) Culverts and drains offer excellent means of 
crossing a road unobserved (figure 28-65). 


(7) Railroad tracks often lie in the path of evaders. 
If so, evaders should use the same procedures for obser- 
vation as for roads. If it is determined that tracks are 
patrolled, a check should be made for booby traps and 
tripwires between tracks. Aligning the body parallel to 
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Figure 28-64. Crossing Roads. 


ernmental bodies is used as a guideline to assess 
the effect of mmWave bands on a user’s body. The 
SAR of an envisioned 5G (28 GHz) cellular handset 
is analyzed and illustrated in Figure 16. 


When optimally configured, the 5G beamforming 
technology enables the peak radiation of the Mobile 
Station (MS) antenna to steer away from the user’s 
head. As a result, the average SAR can be reduced 
by more than a factor of 10 compared to that of the 
present day 4G cellular handsets. 


The maximum SAR is expected to be further mini- 
mized in the future, as 5G antenna technology con- 
tinues to evolve. 
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Figure 16 Biological Implications on the User's Body 


Multi-RAT 


To realize the envisioned 5G services, significant en- 
hancement of per-user throughput and overall sys- 
tem capacity is required, compared with those of the 
4G system. Such an enhancement can be achieved 
through advanced PHY/MAC/network technologies 
and efficient methods of cell deployment and spec- 
trum management. In particular, utilizing a larger 
amount of system bandwidth guarantees an in- 
crease in the capacity by allocating more frequency 
resources to each user in the system. Therefore, uti- 
lizing the spectrum where huge bandwidth is avail- 
able can be considered to be the most critical issue 
for the 5G system. 


Currently, the 4G system specifies its operating fre- 
quency bands and some of them are assigned to 
cellular operators. These deployments can be ben- 
eficial since the existing 4G system will not interfere 
with other RATs. 


However, obtaining the licensed spectrum requires 
not only considerable financial investment, but also 
a significantly long period of time spent on regula- 
tory procedures. More importantly, a substantial 
portion of the licensed spectrum around 2 GHz is 
already being used. Therefore, finding a bandwidth 


that is wide enough to support the 5G system is very 
challenging. 


The recent trend in spectrum management is to 
aggregate both the licensed and unlicensed spec- 
trums to extend available system bandwidth, as 
shown in Figure 17. 
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Figure 17 Integration of Licensed and Unlicensed Bands 


The unlicensed spectrum has plenty of bandwidth. 
For instance, approximately 500 MHz and 7 GHz 
bandwidths are available in the 5 GHz and 60 GHz 
bands, respectively. In order for the 5G system to uti- 
lize the unlicensed spectrum, regulations imposed 
on each frequency band should be carefully recon- 
sidered. Representative examples of the regulations 
are the Transmit Power Control (TPC), Dynamic Fre- 
quency Selection (DFS), and Listen Before Talk (LBT). 


To efficiently utilize the unlicensed spectrum, we will 
develop the 5G system with the following character- 
istics. 


First, we will design PHY/MAC/network algorithms 
suitable for the nature of the unlicensed spectrum. 
Since a wide range of frequency bands are included 
in the unlicensed spectrum, each frequency band 
has its own characteristics. Hence, band-specific 
solutions will be provided. 


Second, efficient coexistence mechanisms that take 
into account other RATs (e.g., WiFi or WiGig) operat- 
ing in the unlicensed spectrum will be suggested. 


Finally, techniques for interworking and integrating 
the 5G system with other RATs will be developed. By 
taking advantage of multiple RATs, the 5G system 
will be able to take advantage of the unique char- 
acteristics of each RAT and improve the practicality 
of the system as a whole. For instance, the 4G sys- 
tem is used for exchanging the control messages 
to maintain the connection, to perform handover, 
and to provide real-time services such as VoLTE. 
The technology operating in mmWave unlicensed 
frequency band would support the gigabit data rate 
service. Multiple mmWave cells can be overlaid on 
top of the underlying 4G macro cells, as shown in 
Figure 18. 


5G Vision White Paper 9 
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Figure 28-65. Crossing at Culverts. 


the tracks with face down next to the first track, evaders 
should carefully move across the first track in a semi- 
pushup motion, repeating for the second track and sub- 
sequent sets of tracks (figure 28-66). If there is a third 





Figure 28-66. Crawling Over Railroad Tracks. 





rail, they should avoid touching it as it could be electri- 
fied. Sound detectors can also be attached to the tracks 
and can reveal any crossing if a track is touched. If 
determined from observation that the tracks are not 
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Figure 28-67. Climbing Down Cliff. 


patrolled, evaders should cross in a normal walking or 
hands-and-knees manner, attempting to attract as little 
attention as possible. Evaders should try to keep their 
hands and feet on the railroad ties to prevent leaving 
foot or hand prints in the adjacent soil or gravel. 

(8) Deep ditches (such as tank traps or natural 
drainages) may be obstacles with which evaders must 
deal. Ditches should be entered feet first to avoid injury 
to the head or upper torso should there be large rocks, 
barbed wire, or other hazards at the bottom (figure 
28-67). Using a wand to detect tripwires and booby 
traps in the ditch and on the sides is highly recommend- 
ed. Maintaining a low silhouette upon exiting the ditch 
is imperative. 

(9) Open terrain complicated by guard towers or 
walking patrols is a definite hazard to evaders. These 
areas should be avoided if possible. If it becomes neces- 
sary to traverse open terrain or come near guard towers, 
evaders should stay low to the ground and, when possi- 
ble, travel at night or during inclement weather. Use 
terrain masking since night vision devices may be used 
near border areas (figure 28-68). 
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(10) The probiem of crossing areas which have been 
contaminated as a result of enemy or friendly NBC 
Operations may arise. Chemical contamination should 
be suspected when the following are observed (figure 
28-69): 

(a) Shell craters with liquid in the bottom. 

(b) Liquid droplets on vegetation. 

(c) Water with “film” on the surface. 

(d} Unexplained dead animals. 

(e) Unseasonal discoloration of vegetation. 
NOTE: Without protective clothing, mask, and accesso- 
ries, evaders should bypass contaminated areas if 
possible. 


(11) CAUTION: Stay away from borders unless ab- 
solutely necessary. The crossing of one or more borders 
presents a major problem. These areas may be located 
in any type of terrain. 

(a) In areas where there is no well-defined terrain 
feature to indicate the border, artificial obstacles such as 
electrified or barbed wire fences, augmented with 
tripwires, anti-personnel mines, or flares may be en- 
countered. Open areas may be patrolled by humans or 
dogs, or both, particularly during the hours of darkness. 
The enemy may also use floodlights and plowed strips 
as aids to detecting evaders (figure 28-70). 

(b) The plan to cross a border must be deliberate 
and must be designed to take advantage of unusually 
bad weather (as a major distraction to the enemy force) 
or areas where security forces are overextended. These 
areas are usually found where there are natural 
obstacles. 

(c) Crossings should be made at night, when pos- 
sible, in battle-damaged areas. If it is necessary to cross 
during daylight hours, evaders should select a crossing 
point which offers the best protection and cover. They 
should then keep the area under close observation for 
several days to determine: 


-1. The number of guards in the area. 

-2. The manner of their posting. 

-3. Aerial patrols and their frequency. 

-4. The limits of the areas they patrol. 

-5. Location of mines, flares, or tripwires. 


(12) A difficult task in any situation is the attempt 
to cross the forward edge of the battle area. If unable to 
determine the general direction to friendly lines, evad- 
ers should remain in position and observe the move- 
ment of enemy military forces or supplies. the noise and 
flashes of the battle area, or the orientation of enemy 
artillery. After arriving in the combat zone, evaders 
should select a concealed position from which as much 
of the battle area as possible may be observed. They can 
then select a route and critical terrain features on which 
they can guide when infiltrating back to friendly posi- 
tions under the cover of darkness. Several alternate 
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Figure 28-68. Open Terrain. 
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Figure 28-69. Contaminated Areas. 
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Figure 28-70. Border Crossings. 


routes should be selected with care to avoid “easy” ap- 
proaches to friendly lines which are more likely to be 
covered by friendly fire and enemy patrols. If in uni- 
form, select exposure time during daylight hours and be 
close enough to be easily recognized by friendly troops. 


(13) Evaders should also watch out for friendly pa- 
trols. If a patrol is spotted, evaders should remain in 
position and allow the patrol to approach them. When 
the patrol is close enough to recognize them, evaders 
should have a white cloth displayed before the patrol 
gets close enough to see the movement. A patrol may 
fire at any movement. Shouting or calling out to them 
jeopardizes both the patrol and the evader. Evaders 
should stand silently with hands over their head and 
legs apart so their silhouettes are not threatening. If 
evaders elect not to make contact with a patrol, they 
should, if possible, observe their route and approach 
friendly lines at approximately the same location. This 
may enable them to avoid mine fields and booby traps. 
(NOTE: The practice of following any patrol is extreme- 
ly dangerous. The last persons in line are charged with 
security, and anyone following them would be consid- 
ered hostile and eliminated.) 


(14) If unable to contact a friendly patrol, the only 
alternative for evaders may be to make a direct ap- 
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proach of front-line positions. This will require them to 
craw] through the enemy’s forward position near for- 
ward friendly elements. This action should be done dur- 
ing the hours of darkness. Once near friendly lines, how- 
ever, evaders should not attempt to make contact until 
there is sufficient light for them to be recognized. 


(15) In dogs, the ability to perceive odors is much 
greater than that of humans. 


{a) In this portion, the term dog is meant to de- 
scribe only the animals specifically trained in the areas 
of patrolling, guarding, and searching. Since dogs are 
basically odor-seeking animals, anything developed to 
work against their odor-seeking capabilities is worthy of 
experimentation for survivors (evaders). 


(b) A problem which must be considered is evad- 
ers will not be working solely against a dog, but against 
a dog handler as well. There is no simple, sure method 
of evading a dog. Some possible means which could be 
tried by evaders are: 

-1. Dogs detect the fatty acids in dead-skin cells 
that humans shed by the thousands every day. Scenting 
dogs may be distracted by scattering an irritant such as 
pepper behind the evader or traveling across an asphalt 
road on a hot day. 
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-2. Dogs track better when the weather is hu- 
mid and the air is still—there is less evaporation and 
dissipation of odor. 

-3. If evaders know they are being followed by 
dogs, either from the landing site or as a result from an 
escape, they should try to use water to conceal their 
tracks and eliminate their scent. 

-4, If there is a choice of terrain and it 1s possi- 
ble to travel on a hard surface, evaders should do so 
rather than travel on soft ground. 

+5. Evaders should always attempt to move 
downwind of a dog. This should be attempted when 
they are traveling in open country or penetrating obsta- 
cles such as dog guard posts or border areas. If penetra- 
tion of obstacles or escape is planned (after careful loca- 
tion and study of guard and dog areas of responsibility 
and their methods), evaders should select a time for 
movement when noise will distract the dog to a point 
away from the planned maneuver. 

-6. If evaders are physically capable, they 
should attempt to maintain the maximum distance pos- 
sible from dogs. Moving fast through rugged terrain will 
slow and probably defeat the handlers of dogs. Here 
evaders must choose between making mistakes in travel 
techniques while evading or being caught by dogs if they 
don’t move fast enough. 


28-18. Evasion Aids: 

a. Survival Kits. Personnel may sometimes find it 
practical to devise and carry compact personal survival 
kits to complement issued survival equipment. If E&E 
kits are provided, potential evaders should be familiar 
with them, their uses, and their limitations. 

b. Maps. Any maps of the area in an evader’s posses- 
sion should not be marked. A marked map in enemy 
hands can lead to the compromise of people and loca- 
tions where assistance was given. Evaders should be 
wary of even accidentally marking a map; for example, 
soiled fingers will mark a map just as plainly as a pencil. 

c. Pointee-Talkee. The “pointee-ialkee” is a language 
aid which contains selected phrases in English on one 
side of the page and foreign language translations on the 
other side. To use it, evaders determine the question 
and statement to be used in the English text and then 
point to its foreign language counterpart. In reply, the 
natives will point to the applicable phrase in their own 
language; evaders then read the English translation. 

(1) The major limitation of the “pointee-talkee” is 
in trying to communicate with illiterates. In many coun- 
tries the illiteracy rate can be astoundingly high, and 
personnel have to resort to pantomime and sign lan- 
guage which have been relatively effective in the past. 

(2) “Pointee-talkee” phrases are presented under 
the following eight subheadings: 

(a) Finding an interpreter. 


539 


(b) Courtesy phrases. 

(c) Food and drink. 

(d) Comfort and lodging. 

(e) Communications. 

(f) Injury. 

(g) Hostile territory. 

(h) Other military personnel. 

d. Barter Kits. Barter kits may be available in some 
commands, If not, crewmembers may elect to develop 
their own. Items for consideration should be selected 
from area studies. Some items to consider might be 
rings, watches, knives, local currency, coins, and light- 
ers. Items should have no markings of personal signifi- 
cance or military value. Military items packed in kits 
may be considered if not essential to the evader. Flash- 
ing large amounts of cash or valuables can have nega- 
live results in a depressed, war-torn area. Show only 
small amounts and drive a hard bargain. 


e. Other Evasion Aids. Information on other evasion 
aids and tools is available from unit intelligence officers. 


f. Assisted Evasion. There may be people in a hostile 
nation or in an enemy-occupied country who are dissat- 
ished with existing conditions. 

(1) History has revealed that in every major conflict 
there are groups of people in every country who will aid 
a representative of their government’s enemies. The 
motivating force behind these groups may vary from 
purely monetary considerations to idealistic concepts of 
government reform, In many cases, their real objective 
will be the political advancement of their particular 
group. During WW II, many underground or resistance 
groups and movements were established in occupied 
countries. One of the major purposes or functions of 
these groups was the aiding of downed allied aircrew 
personnel. In most cases, the driving force behind these 
movements was patriotism and desire for political rec- 
ognition for their cause. 

(2) These circumstances favor active resistance 
movements, One of the functions of such movements 
may be the operation of escape and evasion (E&E) sys- 
tems for the purpose of returning evaders to friendly 
territory. 


(3) US Special Forces may also organize and oper- 
ate EXE mechanisms (figure 28-7 1). 

(a) E&E Organizations. Assistance may range 
from that rendered by a sympathetic individual to elab- 
orate E&E nets organized by local inhabitants. EXE 
organizations may be limited in nature, such as provid- 
ing assistance to reach a national frontier, or they may 
be linked to larger organizations capable of returning to 
friendly control. 

(b) Acts of Mercy. These are usually isolated 
events during which evaders may be provided food, 
shelter, or medical attention for a brief period of time. 
Local people may find an exhausted or incapacitated 
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Figure 28-71. E&E Organizations. 


evader and provide that evader with limited sustenance. 
This type of assistance is frequently offered with reluc- 
tance or under fear of reprisal because an act of provid- 
ing comfort to the enemy would mean punishment. Un- 
less an evader is in immediate need of medical 
attention, acts of mercy may consist of only an offer of 
food followed by an urgent plea that the evader leave 
the area immediately. If an evader is physically able to 
depart with a reasonable chance of evading capture, he 
or she should do so. An evader should not insist on 
receiving additional aid other than what is offered by 
the person who renders assistance only through human 
impulses (figure 28-72). 

(4) Evaders must understand when dealing with 
any indigenous personnel while in enemy territory, their 
own actions will govern the treatment they will receive 
at the hands of these people. How evaders conduct 
themselves may also have much to do with getting back 
to their own forces should they fall into the hands of 
irregulars friendly to their (the evaders) own cause. The 
following list of suggestions may be a useful guide in 
dealing with these people or groups. 

(a) Evaders should understand that failure to co- 
operate or obey may result in death. 

(b} Evaders should try to avoid making any 
promises they cannot personally keep. 

{c) Evaders should remember that the four condi- 
tions called for by the rules of land warfare must be met 
before members of an irregular group can be recognized 


as qualifying for PW status in the event of capture. 
These same rules will also apply to evaders who are 
involved with these groups. 

(d) Prisoners of war, according to the current Ge- 
neva Convention, are persons belonging to one of the 





Figure 28-72. Receiving Aid. 
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following categories, who have been captured by the 
enemy. Members of other militias and volunteer corps, 
including those of organized resistance movements, be- 
longing to a conflicting Party and operating in any terri- 
tory, even if this territory is occupied, provided that 
such groups fulfill the following four conditions of: 

-!, Being commanded by a person responsible 
for subordinates. 

-2. Having a fixed distinctive sign recognizable 
at a distance. 

-3. Carrying arms openly. 

-4, Conducting their operations in accordance 
with the laws and customs of war. 

(5) If evaders join such a unit, the closest thing to a 
guarantee of treatment as a military person will be their 
uniforms if they are captured. 

(6) If evaders have the opportunity to influence the 
group they are with, they should try to encourage them 
to abide by the four conditions mentioned. 

(7) Evaders must avoid becoming associated in any 
way with atrocities these groups may commit against 
civilians, prisoners, or enemy soldiers. 

(8} Evaders should not become involved in their 
political or religious discussions, take sides in their ar- 
guments, or become involved with the opposite sex. 

(9) Evaders should show consideration for being 
allowed to share food and supplies. It may also be heip- 
ful if evaders understand and show interest in the assist- 
er’s customs and habits. 

(10) The overall best and safest course for evaders 
to follow is to exercise self-discipline, display military 
courtesy, and be polite. sincere, and honest. Such quali- 
ties are recognized by any group of people throughout 
the world. The impression left can influence the aid 
provided to future evaders. 


g. E&E Lines. An E&E line is a system of one or more 
secret nets organized to contact, secure, and when possi- 
ble, evacuate friendly personnel. Well-organized and 
supported lines normally can be expected to provide the 
following assistance: 

(1) Temporary shelter, food, and equipment for the 
next phase of the journey. 

(2) Clothing and credentials acceptable in the area 
to be traveled. 

(3) Information concerning enemy security mea- 
sures along the evasion route. 

(4) Local currency and transportation. 

(5) Medical treatment. 

(6) Available native guides, 


h. Conduct of E&E Lines. The success of an E&E 
organization depends almost entirely upon its security. 
The organization of a line includes much planning and 
work carried out under dangerous conditions. The se- 
curity of the system often depends upon the evader’s 
cooperation and working knowledge of how it func- 
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tions, how it may be contacted, and what rules of per- 
sonal conduct are expected of the evader, The following 
paragraphs summarize the major aspects of the opera- 
tion of an E&E line. 

(1) Contacting the Line. Premission briefings may 
inform evaders where to go and what actions to take to 
make contact with an E&E mechanism. After being 
picked up by an evasion and escape mechanism, evad- 
ers will be moved under the control of this mechanism 
to territory under friendly control or to a removal area, 
and arrangements may be made for air or sea rescue. 
The organizer of a line in friendly but enemy-occupied 
territory normally will have arranged a network of spot- 
ters who will be especially active when evaders are in 
the immediate area, but so will the enemy police and 
counterintelligence organizations. For this reason, cer- 
tain precautions must be observed when making 
contact. 

(2) Approach. Help may be refused by a person 
simply because he or she thinks someone else has seen 
the evaders approach to seek assistance. If captured 
with a local helper, an evader will become a prisoner, 
but the helper and perhaps an entire family may be 
more severely punished. 

(3) Making Contact. Contacts with the natives are 
discouraged unless observation shows they are dissatis- 
fied with the local governing authority, or previous in- 
telligence has indicated the populace is friendly. Evad- 
ers should proceed to, and remain in, the nearest SAFE 
area where arrangements for contact can be developed. 
If the E&E system is operating successfully, the spotter 
will know evaders are present and will search the imme- 
diate area, making frequent visits to designated contact 
points. Identification signs and countersigns, if used, 
may be included in the preoperational briefing. It is 
seldom advisable to seek first contact in a village or 
town. Strangers are conspicuous by day, and there may 
be curfews or other security measures during the hours 
of darkness. The time of contact should be at the end of 
the daylight period or shortly thereafter. Darkness will 
add to the chance of escape, if the contact proves to be 
unfriendly, and may be advantageous to the contact in 
providing further assistance. 

(4) Procedure After Contact. If contact is made, 
evaders may be told to remain in the vicinity where 
spotted, or, more likely, they will be taken to a house or 
other structure used by the E&E net as a holding area. It 
must be decided at this time whether or not to trust the 
contact. If there is any doubt, plans should be made to 
leave at once, It is also possible that the house may not 
belong to the E&E organization but rather to someone 
who will look after evaders until arrangements can be 
made for the line to identify and accept them in EXE 
net, F 
(5) Establishing Identity. Verification of identity 
will be required before anyone is accepted as a bona fide 
evader. The constant danger facing the operators of an 
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escape line is the penetration of the E&E system by 
enemy agents pretending to be evaders or escapees. 
Evaders should be prepared to furnish proof of identity 
or nationality. Since it may lead to later difficulties of 
identification, they should never give a false name—just 
their name, grade, service number, and date of birth. It 
is best for them to avoid talking as much as possible. 


(6) Awaiting Movement on the Line. Delays can be 
expected while proceeding along the escape line. If the 
period of waiting is prolonged, frustration and impa- 
tience may become unbearable, leading to a desire to 
leave the holding area. This must not be done, because 
if seen by other people, the lives of the assisting person- 
nel and the existence of the entire line itself may be 
endangered. 

(a) Evaders should follow the orders of those as- 
sisting them. If kept indoors for any length of time they 
can keep fit by moderate physical exercise. 

(b) The host should have a plan for rapid evacua- 
tion of the area if enemy personnel should raid the 
holding area; if not, evaders should have a personal plan 
to include measures for moving all traces of having oc- 
cupied the area. If the net is being overrun and capture 
is imminent, evaders must be prepared to fend for 
themselves. The evader is the only one who knows more 
than one part of the net. The assisters may attempt to 
eliminate the security risk to the net, 


(7) Traveling the Line. It would be a grave breach 
of faith and security for evaders to discuss, at any point 
on the line, the earlier stages of the journey. Evaders 
might be tested to see if they are trustworthy—they 
should discuss nothing of the net. For security reasons 
and to protect the compartmentalization of the line, no 
information should be revealed. It is also useless to ask 
where a line leads or how it will eventually reach friend- 
ly territory. Evaders should not try to learn or memorize 
names and addresses and, above all, they shouldn't put 
these facts or any other information in writing. Evaders 
should give the impression of having received no assis- 
tance from local inhabitants. 

(8) Fellow Evaders. Caution is required in the case 
of fellow evaders on an escape line unless they are per- 
sonally known, Even when it has been satisfactorily de- 
termined that another person is a genuine evader, no 
information should be given. 

(9) Travel with Guides. If under escort, this fact 
should not be apparent to outsiders. In a public vehicle, 
for example, evaders should never talk to their guide or 
appear to be associated with the person in any way 
unless told to do so. This will lessen the possibility of 
both the evader and the guide being apprehended if one 
should arouse suspicion. It should always be possible for 
the guide to disown an evader if the guide gets into 
difficulty. When evaders are escorted, they should fol- 
low the guide at a safe distance, rather then walk right 
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next to the person, unless instructions indicate the latter 
action is required (figure 28-73). 

(10) Speaking to Strangers. Evaders should never 
speak to a stranger if it can be avoided. As a last resort, 
they should pretend to be deaf and dumb or even half- 
witted. This technique has often been successful. To 
discourage conversation in a public conveyance, they 
can also pretend to read or sleep. 

(11) Personal Articles and Habits. Evaders should 
not produce articles in public which might show their 
national origin. This pertains to items such as pipes, 
cigarettes, tobacco, matches, fountain pens, pencils, and 
wristwatches, Evaders should also ensure their personal 
habits do not give them away, for example, they should 
not hum or whistle popular tunes or utter involuntary 
oaths. Again, in restaurants, imitating local customs in 
the use of knives and forks and other table manners is 
advisable. Study of the area before the mission may 
help evaders avoid making mistakes. 

(12) Payment to Helpers. On an escape line, evad- 
ers should not offer to pay for board, lodging, or other 
services rendered. These matters will be settled after- 
wards by those who are directing and financing the line. 
if in possession of escape kits or survival packs, evaders 
should keep them as reserves for emergencies. If they 
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have no food reserve, they should try to build up a small 
stock in case they are forced to abandon the line. 
(13) Evaders Conduct: 

(a) Be polite by local standards. 

(b) Be patient and diplomatic. 

(c) Avoid causing jealousy. Disregard the sex of 
the assisters. 

(d) Avoid discussions of a religious or political 
nature. 

(e) Eat and drink if asked, but don’t over indulge 
or become intoxicated. 
(f) Don’t take sides in arguments between 
assisters. ; 

(g) Don’t become inquisitive or question any 
instruction. 

(h) Help with menial tasks as directed. 

(i) Write or say nothing about the other people or 
places in the net. 

(j) Don’t be a burden; care for self as much as 
possible. 

(k) Follow all instructions quickly and accurately. 


28-19. Combat Recovery: 

a. Air recovery is one of several means of transporta- 
tion for downed crewmembers in their quest for their 
final goal—returning to their own lines and units. How 
recovery will be effected will depend on a number of 
factors, among them are the following: 

(1) Terrain. 

(2) Capability of the rescue vehicle. 
(3) Condition of the survivor (evader). 
(4) Enemy activity in the area. 

(5) Weather conditions. 

(6) High or priority mission. 

b. Even though a maximum effort will be made to 
recover downed aircrew members, survivors can jeop- 
ardize the whole rescue operation and the lives of rescue 
personnel in a combat zone by not taking a responsible 
role in recovery operations. The responsibilities are 
many and varied but essential to a successful rescue 
mission. Evaders should recall that even though they 
may have little experience in participating in actual res- 
cues, they must nonetheless be very proficient in their 
actions. Evaders should always remember other people 
are endangering their lives in an attempt to retrieve 
them. 

c. There are two basic types of air-recovery vehicles— 
rotary wing and fixed-wing aircraft. The rotary wing 
type can extract evaders from remote areas. With air-to- 
air refueling, the range of these aircraft has increased; 
they are limited only by the endurance of the 
crewmembers who operate them. 

d. Survivors must be proficient in the operation of all 
the survival equipment at their disposal. For example, 
they must be able to switch off the beeper on the radio 
to receive verbal instructions from the rescue 
commander. 


Tr 
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e. The initial contact with rescue or other combat 
aircraft in the area must be done as directed by authori- 
ties in that theater of operations: for example, in South- 
east Asia, a contact method of transmitting 15-seconds 
beeper, 15-seconds voice (call sign), and 15-seconds 
monitoring was used. The method an evader should use 
to establish contact with rescue will be briefed before 
the mission, 

f. One important aspect of the rescue process is evad- 
er authentication by rescue personnel. Survivors must 
be able to authenticate their identity through the use of 
questions and answers, responding as directed before 
the missions. Authentication in a combat area changes 
rapidly to reduce the chances of compromising the res- 
cue efforts. Survivors (evaders) must keep up with these 
changes so their rescue can be made without undue 
danger to rescue personnel. 

g. The purpose of filling out and using a personal 
authenticator card is positive verification of an evader’s 
identity which is essential before risking search and res- 
cue aircraft or the lives of assisters. The purpose of the 
photographs, descriptions, fingerprints, etc., on the card 
is to ensure all possible means are used for the proper 
identification of personnel. Intelligence personnel are 
responsible for ensuring that personnel fill out the card 
completely and that they are aware of the purpose and 
use of the information. When filled in, the personal 
authenticator card becomes classified Confidential, and 
is reviewed at least semiannually by both the 
crewmember and intelligence personnel. (NOTE: See 
AFR 64-3, Wartime Search and Rescue (SAR) 
Procedures.) 

h. When selecting a site for possible evasion recovery, 
there is much for evaders to keep in mind. The area 
they choose could well decide the success or failure of 
the mission. 

(1} The potential recovery site should be observed 
for 24 hours, if possible, for signs of: 

{a) Enemy or civilian activity. 

(b) Roads or trails. 

(c) Farming signs. 

(d) Orchards. 

(e) Tree plantations. 

(f} Domesticated animals or droppings. 
(g) Buildings or encampment areas. 

(2) The rescue site should be observable by aircraft 
but unobservable from surrounding terrain if possible. 
There should also be good hiding places around the 
area. The site should include several escape routes so 
evaders can avoid being trapped by the enemy if discov- 
ered. There should be a small open area for both signal- 
ing and recovery. It would be beneficial if the surround- 
ing terrain provided a masking effect for rescue forces in 
order to avoid enemy observation and fire. - 

i. The size of evasion ground-to-air signals should be 
as large as possible but must be concealed from people 
passing by. Evaders should remember the six-to-one ra- 
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tio. The contrast these signals make with the surround- 
ing vegetation should be seen from the air only, Any 
signal displays should be arranged so they can be re- 
moved at a moment’s notice since enemy aircraft may 
aiso fly over the immediate area. 

(1) All of the principles of regular (nontactical} sig- 
nals should be followed by those building evasion sig- 
nals. Crewmembers may be prebriefed as to the appear- 
ance of specially shaped signals (figure 28-74). 

(2) Evasion signals, like all others, must be main- 
tained to be effective. At times, evaders may be prein- 
structed to set out their signals according to a prear- 
ranged time schedule. 

j. Whatever signal devices are available to evaders, 
they must be able to use them (mirror, flare, gyro-jet, 
etc.) with proficiency. These signals, like those used in 
nontactical situations, are to be used either to gain the 
attention of friendly aircraft or rescuers, or when direct- 
ed by rescue. Extreme care must be taken to minimize 
or eliminate chances of enemy elements spotting the 
signals. For example, the strobe light and mirror can be 
directed and aimed instead of being used in an indis- 
criminate manner. 

(1) Ifevaders are in or on the water, they should use 
lights, flares, dye, whistles, etc., with extreme care as 
they are readily distinguishable over water at great 
distances. 

(2) In addition to knowing how to use radios cor- 
rectly to effect their rescue, evaders should also be fa- 
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Figure 28-74. Evasion Signals. 
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miliar with the special points of evasion radio proce- 
dures; for example, ensuring the radio transmits 
continuously during a night recovery operation using 
the electronic locator finder (ELF) system. 


(3) It is also the evaders’ responsibility to commu- 

nicate all signs of enemy activity, such as: 

(a) Locating anti-aircraft emplacements. 

(b) Identifying when they are firing. 

(c) Assisting strikes by spotting hits (high, low, or 
on target). 

(d) Determining effectiveness of hits. 

(e) Notifying personnel of changes in small arms 
positions, etc. 


(4) Downed evaders can normally expect to be 
hoisted to a helicopter by one of five methods: basket, 
Stokes litter, bell, horse collar, or forest penetrator. Oth- 
er pickup devices which may be used are the McGuire 
Rig, Swiss Seat, Motley Rig, Stabo Rig, rope ladder, or 
rope. Another method of recovery which may be em- 
ployed to extract evaders is the Surface-to-Air-Recovery 
(STAR) System (figure 28-75). Evaders should remem- 
ber whatever the pickup device, it should always be 
grounded before they grasp it. 


(5) There is also fixed-wing capability of rescuing 
downed crewmembers. Evaders will be prebriefed as to 
which type rescue vehicle and systems to expect in their 
areas of operation. No matter which type is used, evad- 
ers must be capable of mounting and riding the rescue 
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Figure 18 Overlaid Network of mmWave Small Cell 
Integrated with the Underlay 4G System 


Advanced Network 


In order to meet the 5G key requirements such 
as latency and the large number of simultaneous 
connections, and to support new business models 
and scenarios for operators, technologies above 
the radio access level should also be considered. 
Therefore, we need to develop technologies at the 
system architecture level from the network point of 
view. To accomplish the 5G key requirements and 
support the increased data rate of new 5G radio 
access, 5G network will have to evolve towards a 
distributed and flat architecture. 


Current mobile network architectures designate a 
dedicated node in the core network (e.g., PGW - 
Packet Data Network Gateway in 3GPP) as a mobil- 
ity anchor that allocates an IP address to the termi- 
nal, tracks terminal location in the IP topology, and 
ensures terminal’s reachability by tunneling its traf- 
fic to wherever it goes. All terminal traffic is tunneled 
through the centralized node in the mobile core net- 
work. However, the undesirable consequences of 
this design include the following: 


— Increase in end-to-end transmission latency 
due to elongated data paths. 


— Additional load of backhauling and network 
processing in the core networks. 


— Low network reliability due to introduction of a 
single point of failures. 


In the 5G flat network architecture, as illustrated in 
Figure 19, user mobility is managed efficiently and 
in a dynamically scalable fashion by pushing the 
functionality to the edges of the network and even 
onto the mobile terminals [20]. 


The three important benefits of this approach in- 
clude the followings: 


First, such a distributed mobility management al- 
ways provides the shortest data path between MS 
and the Internet without traversing the core network. 
This distributed mobility management leads to a 


significant reduction of signaling and data transmis- 
sion delay. Also, low end-to-end latency require- 
ments of ‘less than 5 ms’ for new 5G services such 
as immersive UHD video streaming, cloud gaming, 
and virtual reality, cannot be archived solely by re- 
ducing radio access latency but would also require 
a flatter network architecture design. In the flat net- 
work architecture, services which require low laten- 
cy transmission can be provided by Edge Servers 
and they can benefit from advanced network fea- 
tures which utilizes network information for optimal 
operations. 


Second, it provides a highly scalable solution com- 
pared to the centralized architecture, in which a 
single core network gateway maintains the whole 
traffic from MSs or to MSs. 


Third, it easily avoids the risk of having a single point 
of failure. In flat network architecture, the breakdown 
of one network gateway would not significantly in- 
terfere with the operations of the other gateways. 


Flexibility is considered as another key requirement 
of 5G network architecture. Software-Defined Net- 
working (SDN) and Network Function Virtualization 
(NFV) provide promising examples of programma- 
ble design technologies for realizing a flexible 5G 
network architecture. 









Low Latency Services , 


by Edge Servers 














Figure 19 5G Flat Network Architecture 


Advanced MIMO 


One promising technology for meeting the future 
demands is massive MIMO transmission/reception 
[21]. When used with multi-user precoding schemes 
such as Maximum Ratio Transmission (MRT) pre- 
coding, also known as channel conjugate precod- 
ing, massive MIMO systems experience small inter- 
user and inter-cell interferences, and consequently 
achieve significantly higher throughput than the 
state-of-the-art MIMO systems. 


One of the main challenges to build massive MIMO 
systems in practice is the limitation in the number of 
antennas that can be equipped at a BS, caused by 
the BS form factors and operating carrier frequen- 
cies. 


5G Vision White Paper 1 0) 
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Figure 28-75. Surface-to-Air Rescue. 


devices in a minimum amount of time, allowing the 
rescue craft to effect the rescue and depart quickly. 

(6) As downed crewmembers, whether as a result of 
enemy action or of mechanical failure, it is important 
they all become familiar with the information that | day 
could prove instrumental in saving their lives. First, 
they must have prepared themselves to cope with the 
survival situation before an aircraft emergency. This 





can be done by including, as part of their preflight plan- 
ning, a thorough inspection of survival equipment to 
determine its availability and serviceability. Second, 
they must realize there are many types of recovery vehi- 
cles available in the Air Force inventory, and a knowl- 
edge of all recovery techniques is a necessity. They 
should request detailed briefings from area or local res- 
cue personnel who will explain the operational limita- 
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tions and recovery potential for each. Third, evaders 
must be capable of fulfilling their part in the recovery 
operation. This can be done by knowing when, where, 
and how to initiate communications and how to cooper- 
ate with the rescue aircraft crew. 

(7) Other forms of assistance which may be avail- 
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able to evaders are Special Forces, Combat Control, 
RECON, SEALS, Riverine Operations, and Subma- 
rines. While aiding evaders is not the primary mission 
of these groups, as a secondary mission, they may travel 
in or near SAFE areas on their return journey to check 
for the presence of evaders. 
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Part Ten 


INDUCED CONDITIONS — NUCLEAR, BIOLOGICAL, AND CHEMICAL (NBC) 


Chapter 29 


NUCLEAR CONDITIONS 


29-1. Introduction. The possibility of “induced condi- 
tions” has served to intensify the difficulties of basic and 
combat survival because of the serious problems posed 
by nuclear, biological, and chemical warfare. Though 
the prescribed survival procedures recommended in 
other parts of this regulation are still applicable, a num- 
ber of additional problems are created by the hazards of 
induced conditions (figure 29-1). 





Figure 29-1. Induced Conditions. 


29-2. Effects of Nuclear Weapons. Nuclear weapons 
cause casualties and material damage through the effects 
of blast, thermal radiation, and nuclear radiation. The 
degree of hazard from each of these effects depends on 
the type of weapon, height of the burst, distance from 
the detonation, hardness of the target, and explosive 
yield of the weapon. 


a. Blast. The blast wave is the cause of most of the 
destruction accompanying a nuclear blast. After a nucle- 
ar detonation, a high-pressure wave develops and 
moves outward from the fireball. The front of the wave 
travels rapidly away from the fireball as a moving wall 
of highly compressed air.. An example of the speed of 
the blast wave is: At 1 minute after the burst, when the 
fireball is no longer visible, the blast wave has traveled 
about 40 miles and is still moving slightly faster than 
the speed of sound. There are strong winds associated 
with the passage of the blast wave. These winds may 
have a peak velocity of several hundred miles an hour 
near ground zero. Ground zero is the point on the 
ground directly above or below the point of detonation. 
The overpressure, which is the pressure in excess of the 
normal atmospheric pressure, and the winds are major 
contributors to the casualty and damage-producing ef- 
fects of the nuclear detonation. The overpressure can 
cause immediate death or injury to personnel and dam- 
age to material by its crushing effect. The high-speed 
winds propel objects, such as tree limbs or debris, at 
great speed and turn them into potentially lethal mis- 
siles. These winds can also physically throw personnel 
who are not protected, resulting in casualties. People 
both inside and outside of a structure may be injured as 
a result of blast damage to that structure; those inside 
by the collapse of the structure and by fire; and those 
outside by the flying objects carried by the winds (figure 
29-2), 


b. Thermal Radiation: 

(1) Heat. Within less than a millionth of a second of 
the detonation of a nuclear weapon, the extremely hot 
weapon residues radiate great amounts of energy. This 
leads to the formation of a hot and highly luminous, 
spherical mass of air and gaseous residue which is the 
fireball. The heat radiated from the fireball contributes 
to the overall damage caused by a nuclear burst by ignit- 
ing combustibles and thus starting fires in buildings and 
forests. These fires may spread rapidly among the debris 
produced by the blast. In addition, this intense heat can 
burn exposed personnel at great distances from ground 
zero where the effects of blast and initial nuclear radia- 
tion become insignificant. The degree of injury from 
thermal radiation becomes more marked with the in- 
creasing size of the weapon, The degree of injury from 
thermal radiation is also affected by weather and ter- 
rain. During periods of limited visibility, the heat effect 
will be reduced significantly. Additionally, since ther- 


548 


~ as 7G 
Ms y 
tay aes 


Pe ; 


se 
Ls ie 
eee 


i ae 
as Ky [T} a mae 
df erik cee PPR, 


ott +t 
SS _——— 


Figure 29-2. Blast. 


mal radiation is primarily a line-of-sight phenomena, 
terrain masking can help reduce its effects (figure 29-3). 

(2) Light. The firebail formed at the instant of a 
nuclear detonation is a source of extremely bright light. 
To an observer, 135 miles away from the explosion, the 
fireball of a 1-megaion weapon would appear to be 
many times more brilliant than the Sun at noon. The 
surface temperatures of the fireball, upon which the 
brightness depends, do not vary greatly with the size of 
the weapon. Consequently, the brightness of the fireball 
is roughly the same, regardless of the weapon yield. This 
light can cause injuries to personnel in the form of tem- 
porary or permanent blindness. Temporary blindness 
from a burst during daylight should be of very short 
duration and is not an important consideration for any- 
one other than aircrew members. At night, this loss of 
vision will last for longer periods because the eyes have 
been adapted to the dark. However, recovery should be 
complete within 15 minutes. The light flash can cause 
permanent injury to the eyes due to burns within the 
eye, but this is only likely to occur in personnel who 
happen to be looking directly at the fireball at the in- 
stant of explosion (figure 29-4). 
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Figure 29-3. Thermal Radiation. 


c. Nuclear Radiation: 
(1) Initial nuclear radiation is the radiation emitted 
in the first minute after detonation. For practical pur- 





Figure 29-4. Light. 


AFR 64-4 ~—s- Voll! 15 July 1985 

poses, it consists primarily of neutrons and gamma rays. 
Both of these types of radiation, although different in 
character, can travel considerable distances through the 
air and can produce harmful effects in humans. Gamma 
rays are invisible rays similar to X rays, These penetrat- 
ing rays interact with the human body and cause dam- 
age to tissues and the blood-forming cells. The effects of 
neutrons on the body resemble those of gamma rays. 
They are highly penetrating and are easily absorbed by 
human tissue. Neutron radiation can penetrate several 
inches of tissue. The neutron radiation produces exten- 
sive tissue damage within the body. The major problem 
in protecting against the effects of initial radiation is 
that a person may have received a lethal or incapacitat- 
ing dose of radiation before taking any protective action 
(figure 29-5). 





Figure 29-5. Nuclear Radiation. 


(2) Residual nuclear radiation is that which lasts 
after the first minute and consists primarily of fallout 
and neutron-induced radiation. 

(a) The pnmary hazard of residual radiation re- 
sults from the creation of fallout. Fallout is produced 
when material from the Earth is drawn into the fireball, 
vaporized, combined with radioactive material, and 
condensed to particles which then fall back to the Earth. 
The larger particles fall back immediately in the vicinity 
of ground zero. The smaller particles are carried by the 
winds until they gradually settle on the Earth’s surface. 
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The contaminated areas created by fallout may be very 
smali or may extend over many thousands of square 
miles. The dose rate may vary from an insignificant 
level to an extremely dangerous one for all personnel 
not taking protective measures. 

(b} A secondary hazard which may arise is the 
neutron-induced radioactivity on the Earth’s surface in 
the immediate vicinity of ground zero. The intensity 
and extent of the induced radiation field depend on the 
type of soil in the area around ground zero, the height of 
the burst, and the type and yield of the weapon. The 
only significant source of residual radiation from an 
airburst weapon is induced activity in the soil of a limit- 
ed circular pattern directly beneath the point of burst 
(figure 29-6), 





Figure 29-6. Residual Radiation. 


29-3. Types of Nuclear Bursts. Nuclear bursts may be 
classified into three types according to the height of 
burst—airbursts, surface bursts, and subsurface bursts 
(figure 29-7). 


AIR BURST SURFACE BURST SUB-SURFACE BURST 
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Figure 29-7. Types of Blasts. 
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a, Airburst. The detonation of a nuclear weapon at 
such a height that the fireball does not touch the surface 
of the Earth is called an airburst. Blast, thermal radia- 
lion, and initial radiation effects are increased in a low 
airburst. Fallout of radioactive material from an air- 
burst is not of survival significance unless rain or snow 
falls through the radioactive cloud and brings the mate- 
rial to Earth. Neutrons from the detonation will cause 
induced radiation in the soil around ground zero. Ex- 
cept for very high airbursts, neutron-induced radiation 
in the area of ground zero will be of concern to survi- 
vors who are required to go into or across the area. 
Radiological monitoring will be required as units pass 
through such an area so that hazardous levels of radia- 
tion can be detected and avoided, if possible. 

b. Surface Burst. The detonation of a nuclear weap- 
on at such a height that the fireball touches the surface 
of the Earth or water is called a surface burst. Blast, 
thermal radiation, and initial nuclear radiation are not 
as widespread as from an airburst. Induced radiation is 
present but will be masked by residual radiation from 
fallout. The fallout produced by a surface burst is by far 
its most dangerous effect because the burst picks up a 
great deal more debris and radioactivates this debris; 
and, depending on the prevailing winds, the fallout cov- 
ers thousands of square miles with high levels of 
radioactivity. 
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¢. Subsurface Burst. The detonation of a nuclear 
weapon so that the center of the fireball is beneath the 
surface of the Earth or water is called a subsurface burst. 
If a fireball of this type breaks through the surface, fall- 
out will be produced. Thermal radiation will not be a 
significant hazard since it will be almost completely ab- 
sorbed by the soil. Blast effects will also be significantly 
reduced. Shock waves passing through the ground or 
water will extend for a limited distance. The range of 
the initial nuclear radiation will be considerably less 
than from either of the other two types of bursts because 
this will also be absorbed to a great extent by the soil. 
However, extremely hazardous residual radiation will 
occur in and around any crater. If the fireball does not 
break the surface, shock waves will pass through the 
ground and craters may result due to settling. 


29-4. Injuries. The explosion of a nuclear bomb can 
cause three types of injures—blast, thermal radiation, 
and nuclear radiation. Many survivors receive a combi- 
nation of two or all three of the above injuries. For 
example, an unprotected person could be killed by a 
piece of debris, could be burned to death, or could be 
killed by initial nuclear radiation if the person is within 
a few thousand yards from the center of the blast (figure 
29-8). 





Figure 29-8. Injuries. 
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a. Blast Injuries. Direct blast can cause damage to 
lungs, stomach, intestines, and eardrums, or can cause 
internal hemorrhaging. However, the direct blast is not 
considered a primary cause of injury because those close 
enough to suffer serious injury from the direct blast will 
probably die as a result of initial thermal radiation, or 
they will be crushed to death. The greatest number of 
blast injuries are received as an indirect result of the 
blast from falling buildings, flying objects, and shattered 
glass. 

b. Thermal Radiation Injuries. Burns are classified in 
degrees according to the depth to which the tissues are 
injured. In first-degree burns, the skin is reddened as in 
sunburn. In second-degree burns, the skin is blistered as 
from contact with boiling water or hot metal. {n third- 
degree burns, the skin is destroyed or charred and the 
injury extends through the outer skin to deeper tissues. 
The degree of burn received from thermal radiation 
depends upon weather conditions, distance from the 
explosion, and available protection. Many thermal casu- 
alties are compounded by nuclear radiation and indirect 
blast injury. This makes it difficult to attribute casual- 
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ties to thermal radiation alone. 

c. Nuclear Radiation Injuries. The injurious effects of 
nuclear radiation from a nuclear explosion represent a 
new threat which is completely absent in conventional 
explosions. This does not infer that this source of injury 
is the most important in a nuclear explosion. Rays from 
radioactive material are not as great a hazard as people 
fear. The amount of danger from fallout depends upon 
where and how the nuclear bomb explodes and how well 
the person is protected. The greatest danger from 
residual radiation (fallout) comes from exposure for a 
long period of time to radioactive particles which are 
nearby, or from dust settling on the body or clothing. 
Since fallout (like X rays) can destroy living tissue, par- 
ticularly in the blood-forming system, the exposure of 
persons working in a radioactive or “hot” area must be 
controlled so as not to exceed a safe limit. Although a 
person can become seriously ill and even die from 
breathing radioactive dust, there is less danger from this 
than when the whole body is exposed to fallout. Re- 
member, all types of radiation are dangerous (nuclear, 
thermal, X ray, or even that from an infrared lamp). 





Figure 29-9. Fallout. 
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29-5. Types of Residual Radiation. The radioactive 
debris deposited on the surface as fallout contains three 
types of nuclear radiation—alpha particle emission, be- 
ta particle emission, and gamma radiation (figure 29-9). 

a. Alpha Emitters. Alpha particles have low-pentrat- 
ing abilities; therefore, survivors can easily shield them- 
selves against these particles. Although alpha particles 
emitting (being given off) from radioactive elements will 
not penetrate the skin, alpha emitters present 2 serious 
hazard if ingested, inhaled, or allowed to enter the body 
by any other means. From a survival standpoint, alpha 
particles present the least danger of the three radiation 
hazards. 

b. Beta Emitters. Basically, beta particles (radiation) 
are high-speed electrons which are only slightly pene- 
trating; therefore, survivors can easily shield themselves 
against beta radiation by wearing materials of moderate 
thickness such as heavy shoes and clothing. Because 
serious skin burns may result from the direct contact of 
beta-emitting materials with the skin, survivors should 
take special care to brush themselves off, wash any pre- 
viously unprotected areas of the body, or cover any 
exposed parts of the body. Since beta radiation is rapid- 
ly absorded by the air, distance will provide a good form 
of protection; in fact, 6 to 7 feet of atmosphere will stop 
most of the beta radiation resulting from fallout. In 
addition to presenting an external hazard. beta radia- 
tion will also cause serious internal effects. By using care 
in decontaminating foods and water and practicing 
good hygiene, survivors can greatly decrease the serious- 
ness of this hazard. 

c. Gamma Radiation. In contrast to either alpha or 
beta emitters, gamma radiation is highly penetrating. 
Gamma rays are similar to light rays and X rays, but are 
composed of shorter wavelengths and contain greater 
amounts of energy. Because of their penetrating abili- 
ties, they are the most hazardous of all types of external 
radiation. 

(1) Fortunately, for the survivor faced with the im- 
portant problem of obtaining immediate protection 
against gamma radiation, the amount of shielding is not 
as great as that required for the initial gamma radiation 
emitted during the fireball stage of a nuclear detonation. 
In addition to shielding, other methods of protection 
against penetrating gamma radiation, later addressed in 
more detail, include using the factors of time and dis- 
tance. Because of the low absorption coefficient of gam- 
ma rays, their relative internal hazard is greatly reduced 
and, in this respect, they are far less dangerous than 
alpha and beta radiation. However, caution should be 
taken to ensure no radiation is absorbed—initernally or 
externally. 

(2) Since the fallout dust or debris contains parti- 
cles emitting gamma rays, survivors must be especially 
careful to decontaminate themselves and their shelter 
area. Though radioactive fallout sometimes has the ap- 
pearance of white ash or dust, it usually cannot be de- 
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Figure 29-10. Effects. 


tected by the human senses. Survivors must assume any 
suspicious film of dust on water or plant life is radioac- 
tive, and they should apply decontamination 
procedures. 


29-6. Effects of Fallout on the Individual. The most 
harmful effects of fallout result from the changing of the 
blood cells. Because of this change in cells, some of the 
tissues which are essential to normal functioning of the 
human body are damaged or destroyed. The cells are 
unable to rebuild, so normal! cell replacement in the 
organism is stopped. In addition, the formed products 
act as poisons to the remaining cells. The extent of 
damage to the body cells depends upon the dose re- 
ceived. Therefore, if the body receives a large dose of 
fallout radiation (gamma rays and possibly some beta 
particles), so many cells can be affected that survival is 
unlikely due to infection resulting from the loss of white 
blood cells {figure 29-10). 

a. An overdose of radiation from fallout could be 
received if the survivor stays in the open and doesn’t 
seek shelter. It is also possible to receive an overexpo- 
sure from the fallout which settles on the clothing or 
body. Clothing does not stop gamma rays from pene- 
trating and seriously injuring body tissues. Overexpo- 
sure can also occur from remaining in a highly radioac- 
tive area too long. A survivor should not leave a shelter 
area unless absolutely necessary. 

b. The first indication of an overdose of fallout radia- 
tion probably would not show up for several hours or 
possibly days. The survivor would then most likely be- 
come ill and begin to vomit. The time elapsing before 
the illness would depend on how large a dose was re- 
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ONSET OF 

GENERAL SYMPTOMS 
Within 

24 hours 


50-200r 


Nausea, weakness, fatigue, 
possible vomiting, possible 


radiation burns 


200-450r Nausea, weakness, fatigue, 3-6 hours 
vomiting, diarrhea, loss of 
hair, radiation burns, easy 


to bleed 


Within 
3 hours 


450-600r Same as 200-450r, plus 


hemorrhaging and infection 


600r+ Within 


1 hour 


Same as 450-600r, plus 
severe bloody diarrhea 
Within 
minutes 


2000r+ Complete incapacitation 


Varies in proportion to Varies 


internal dose 


Internal 
Radiation 


Mild skin 
Injury 


Itching and/or redness 
of skin, possible hair 
loss 


Severe 
Injury 


Same as mild, plus radiation 1-2 days 


burns, & hair loss 


Figure 29-11. Radiation Sickness Symptoms. 


ceived. When vomiting starts, it does not necessarily 
mean death will follow. For a few days, a survivor might 
feel far below par, but with proper medical care, com- 
plete recovery is possible (figure 29-11). 


29-7. Radiation Detection. Since radiation is invisible 
and cannot be detected by the physical senses, detection 
instruments are used. This equipment includes devices 
for measuring the amount and intensity of area contam- 
ination and devices for determining the radiation dos- 
age a survivor has received while in a contaminated 
area, A single radiation measurement usually has limit- 
ed operational significance, except to personnel in the 
immediate area, since it gives information at the point 
of the reading only. However, a number of individual 
measurements considered together can give a picture of 
the radiation pattern over an entire area. A number of 
readings made at the same point over a period of time 


SYMPTOMS 
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ABLETO MEDICAL 


WORK CARE DEATHS REMARKS 


Sick a few days, 
1-2 weeks temporary 
recovery, then 
serious symptoms 


1 week temporary 
recovery, die without 
medical aid 


Yes 100% Death within 14 days 


Yes 100% Death within hours 


Varies Varies Varies 


Death depends on 
burn area 


Yes Varies 





are required to determine the rate of decay of the fall- 
out. Several different points for taking readings may be 
required in varying types of terrain. 

a. Measurement of Radiation. Instruments devel- 
oped for the detection and measurement of radiation 
are called radiac instruments. Radiac instruments mea- 
sure the absorption of radiation, either in terms of dose- 
rate or dosage (figure 29-1 2). 

(1) Dosage is the term applied to the total or accu- 
mulated amount of ionizing radiation (beta or gamma) 
received regardless of the time involved. Dosage is mea- 
sured in terms of roentgens (r) or milliroentgens (mr). 
One milliroentgen is .001 of a roentgen. The total quan- 
tity of ionization received during a single radiation ex- 
perience is called a dose. The radiation dose is also 
referred to as an exposure dose. 

(2) When it is desirable to know how fast a certain 
dosage is being received, the term dose-rate is used to 
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Figure 29-12. Detection. 


indicate this rate. Dose-rate is the amount of radiation 
being received per unit of time. Generally, the dose-rate 
is expressed in r/hr or mr/hr. The dose-rate is also used 
to indicate the level of radioactivity in a contaminated 
area (figure 29-13). 

b. Radioactive Decay. The concept of radioactive 
decay is of vital importance in obtaining protection 
against nuclear fallout and in determining survival pro- 
cedures. The debris from a nuclear explosion is made 
up of a mixture of radioactive materials of many kinds: 
unfissioned particles, fission products, and numerous 
other radioisotopes created by the neutron activation of 
inert material that takes place during the explosion. 
Fortunately, of the nearly 200 isotopes emerging, 70 
percent are short-lived materials with a half-life of less 
than | day. Some elements, however, take a much long- 
er time to decay; these are known as long half-life 
elements. 


(1) Half-life is the time required for a radioactive 
substance to lose 50 percent of its activity through de- 
cay. Half-life for a mixture of isotopes (a term used to 
define precise species of elements) is not as simple as 
that described for a single radioactive isotope. The ac- 
tivity of the mixture diminishes very quickly after deto- 
nation, but as time passes, the longer-lived species be- 
come responsible for the major part of the radiation 
remaining, so that total radioactivity diminishes much 
more slowly. 
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(2) As a rule of thumb, radioactivity may be said to 
decrease in intensity by a factor of 10 for every seven- 
fold increase in time following the peak radiation level. 
Figure 29-13 illustrates the rapidity of the decay of radi- 
ation from fallout during the first 2 days after the nucle- 
ar explosion which produced it. Notice that it takes 
about seven times as long for the dose-rate to decay 
from 1000 roentgens per hour (1000 r/hr) to 10 r/hr (48 
hours) as to decay from 1000 r/hr to 100 r/hr (7 hours). 
Only in high fallout areas would the dose-rate 1 hour 
after the explosion be as high as 1000 roentgens per 
hour. 

(3) If the dose-rate 1 hour after an explosion is 1000 
r/hr, it would take about 2 weeks for the dose-rate to be 
reduced to | r/hr solely as a result of radioactive decay. 
Weathering effects will reduce the dose-rate further; for 
example, rain can wash fallout particles from plants and 
buildings to lower positions on or closer to ground. Sur- 
rounding objects would reduce the radiation dose from 
these low-lying particles. Figure 29-13 also illustrates 
the fact that at a typical location where a given amount 
of fallout from an explosion is deposited later than |! 
hour after the explosion, the highest dose-rate and the 
total dose received at that location are less than at a 
location where the same amount of fallout is deposited 
1 hour after the explosion. The longer fallout particles 
have been airborne before reaching the ground, the less 
dangerous is their radiation. 

(4) Two weeks after the last burst, the occupants of 
most shelters could begin working outside the shelters, 
increasing the number of hours each day. Exceptions 
would be in thermal damaged areas or in areas of ex- 
tremely heavy fallout such as might occur downwind 
from important targets attacked with many weapons, 
especially missile sites and very large cities. To know 
when to come out safely, occupants would either need 2 
reliable fallout meter to measure the changing radiation 
dangers, or they would need to receive informaticn 
based on measurements made nearby with a reliable 
instrument, using the information in figure 29-14. 


29-8. Body Reactions to Radiation. The effects of ion- 
izing radiation upon the human body may be divided 
into two broad categories—chronic effects and acute 
effects. 

a. Chronic Effects. Chronic effects are defined as 
those occurring some years or generations after expo- 
sure to radiation. Included in this category are the can- 
cer-producing and genetic effects. While of concern be- 
cause of their possible damage to future generations, 
these effects are of minor significance insofar as they 
may affect immediate survival. 

b. Acute Effects. Acute effects are of primary signifi- 
cance in survival. Some acute effects appear within a 
few hours after exposure to radiation. These effects are 
the result of direct physical damage to tissue caused by 


For example, to horizontally install a large number 
of antenna elements (e.g., > 8) at the top of a BS 
tower operating with the lowest 4G system frequen- 
cy bands of 700 MHz, eight antenna elements with 
0.5 A spacing require up to 1.7 m width, where A 
is the carrier wavelength. For the typical 4G system 
frequency bands of 2.5 GHZ, fitting 32 antenna ele- 
ments with 0.5 A spacing require up to 1.9 m width, 
which is still not feasible in many BSs that have only 
limited room on the tower. This practical limitation 
has motivated Full-Dimension MIMO (FD-MIMO) 
cellular communication systems, which place a 
large number of active antenna elements in a two 
dimensional grid at the BSs. 


A typical FD-MIMO deployment scenario is illus- 
trated in Figure 20, for a macro BS with 3 sectors 
equipped with 2D Active Antenna Array (AAA) pan- 
els. 





ee >) 


FD-MIMO simultaneously 
supports elevation & azimuth 
beamforming and > 10 MSs 














Figure 20 Example of FD-MIMO Deployment 


FD-MIMO system can support high-order Multi- 
User MIMO (MU-MIMO), while fully exploiting the 
elevation as well as the azimuth dimension, thereby 
generating improved system throughput. 


In full buffer system-level evaluations, it has been 
found that 64-antenna-port FD-MIMO_ system 
achieves 243% average-cell and 244% cell-edge 
performance gain, compared to those of the 
8-antenna-port legacy MIMO system. In order to 
achieve the promising gain of FD-MIMO in practice, 
we need accurate beam steering and tracking in 
three Dimensions (3D). 


To steer and track the MU beams toward serving 
MSs, FD-MIMO BS should be equipped with mul- 
tiple transceivers (TRX) feeding 2D array elements, 
in which the number of TRX doubles or even quad- 
ruples compared to that of the conventional BS. 


Having a large number of TRX poses new chal- 
lenges, such as antenna calibration and complexity 
issues associated with Channel State Information 
(CSI) acquisition and precoding. 


On the other hand, high-order MU-MIMO introduces 
another set of new challenges, such as scheduling 


complexity and link adaptation. Furthermore, in Fre- 
quency Division Duplex (FDD) systems, other new 
challenges emerge such as pilot overhead, CSI es- 
timation complexity, CSI quantization and feedback 
overheads. 


ACM & Multiple Access 
— FBMC 


As cellular loT has been one of key driving forces 
to 5G, spectrally efficient support for heterogene- 
ous services that have quite different requirements 
is becoming ever so important. Accordingly, several 
enabling methods such as multi-RAT coexistence 
and flexible spectrum sharing have been actively 
investigated. 


Recently, FBMC has drawn much attention as an 
enabling technology for enhancing the fundamental 
spectral efficiency, though its theory has a long his- 
tory similar to that of Orthogonal Frequency Division 
Multiplexing (OFDM). 


Because of the well-localized time/frequency traits 
adopted from a pulse shaping filter per subcar- 
rier, the FBMC system can reduce the overhead 
of guard band required to fit in the given spectrum 
bandwidth, while meeting the spectrum mask re- 
quirement. 


Furthermore, the effectively increased symbol du- 
ration is suitable for handling the multi-path fading 
channels even without Cyclic Prefix (CP) overhead. 
Consequently, the FBMC system can reduce the in- 
herent overheads such as CP and guard-bands in 
CP-OFDM. FBMC is also attractive in specific asyn- 
chronous scenarios, including Coordinated Multi- 
Point Transmission and Reception (CoMP) and 
Dynamic Spectrum Access (DSA) in a fragmented 
spectrum. 


However, to maintain the transmission symbol rate, 
the conventional FBMC system generally doubles 
the lattice density either in time or in frequency com- 
pared with OFDM while adopting Offset Quadra- 
ture Amplitude Modulation (OQAM). In OQAM, in- 
phase and quadrature-phase modulation symbols 
are mapped separately with half symbol duration 
offset. Thus, so-called OQAM-FBMC or Staggered 
Multi-Tone (SMT) causes intrinsic interference that 
makes it difficult to apply conventional pilot designs 
and corresponding channel estimation algorithms 
as well as MIMO schemes as in CP-OFDM systems 
[22]. 


With a base-filter that takes the spectrum confine- 
ment and the orthogonality among adjacent sub- 
carriers into consideration, the QAM-FBMC system 
performs comparable to the CP-OFDM system 
even without the CP overhead, while the guard- 
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Figure 29-13. Decay Ratio. 


radiation exposure; beta burns are examples of acute 
effects. 

c. Body Damage. The extent of body damage de- 
pends to a large degree on the part and extent of the 
body exposed and the ability of the body to recover 
from radiation damage. Certain parts of the body, such 
as the brain and the kidneys, have little ability to re- 
cover from injury, while other portions of the body, 
such as the skin and bone marrow, can repair damage. 
The extent of body exposure to radiation is of great 
importance in determining the chances of subsequent 
recovery. If a dose of 350 roentgens was applied to just 
a small portion of the body, such as the hands or face, 
there would probably be little effect on overall health. 
Serious damage would, of course, be created in these 
exposed parts. 

d. Hazards from Residual Radiation. There are two 
main hazards resulting from residue hazard, resulting 
from highly penetrating gamma radiation and less pene- 
trating beta radiation which causes burns; and an inter- 
nal hazard, resulting from the entry of alpha- and beta- 
emitting particles into the body. 

(1) The external hazards result in overall irradia- 
tion and serious beta burns, while the internal hazards 
result in irradiation of the critical organs such as the 
gastrointestinal tract, thyroid gland, and bone. 


(2) A very small amount of radioactive material can 
cause extensive damage in these and other parts of the 
body if allowed to enter the body by consumption of 
contaminated food or water or by absorption by the 
bloodstream through cuts or abrasions in the skin. By 
comparison, the material gaining entry by breathing 
presents a lesser hazard. Fortunately, most of the fallout 
particles are filtered out by the upper respiratory tract as 
seen in the observations of victims on the Marshall Is- 
lands who were accidentally exposed to fallout during 
the 1954 nuclear test. By using good hygiene and careful 
decontamination of food and water, a survivor can fur- 
ther reduce the internal hazard. 


e. Degree of Radiation Damage. Because of the sen- 
sitivity of the gastrointestinal tract to radiation, the se- 
verity and the speed with which vomiting and diarrhea 
appear after exposure are good indicators of the degree 
of radiation damage. Almost everyone confined to im- 
mediate action shelters after a nuclear attack would be 
under stress and without clean surroundings. Many 
would also lack adequate water and food. Under these 
conditions, perhaps half the survivors who receive a 
whole-body dose of 200-450 roentgens would die within 
a few days. The human body can repair most radiation 
damage if the daily radiation doses are not too large. 
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DOSE RATE (R/HR) 


TO FIND 1-HOUR REFERENCE DOSE RATE: WITH A STRAIGHTEDGE, 
CONNECT CURRENT DOSE RATE TO CURRENT TIME AFTER THE LAST 
EXPLOSION. THE READING WHERE THE STRAIGHTEDGE CROSSES THE 
CENTER SCALE IS THE I-HOUR REFERENCE DOSE RATE OF THE LAST 


EXPLOSION. 
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TO DETERMINE THE DOSE RATE FOR ANY FUTURE TIME: {R/HR) 


WITH A STRAIGHTEDGE, CONNECT THE DESIRED FUTURE 
TIME WITH THE 1-HOUR REFERENCE DOSE RATE OF THE 
LAST EXPLOSION. THE READING WHERE THE STRAIGHT- 
EDGE CROSSES THE LEFT SCALE 1S THE PROJECTED DOSE 
RATE FOR THE FUTURE TIME. 


TIME {HR} 


Figure 29-14. Dose Rate. 


29-9. Countermeasures Against Penetrating External 
Radiation: 


a. The means of protection from external radiation 
are threefold—time, distance, and shielding. By con- 
trolling the length of exposure time, by controlling the 
distance between the individual and the source of radia- 
tion, and most important of all, by placing some absorb- 
ing or shielding material between the survivor and the 
source of radiation, the survivor's level of radiation can 
be significantly reduced and thereby increase the 
chances of survival. 

(1) Time. The effect of time on radiation exposure 
is easy to understand. Take a simple example such as 
the following: Assume a person is in an area where the 
radiation level from penetrating external radiation is 
100 roentgens per hour and the dose-rate is constant; 
then in 1 hour, that person would receive 100 roentgens 
(or more properly, roentgen absorbed dose (rad)); in 2 
hours, 200 rad; and in 8 hours, 800 rad. The important 
implication for a survivor is that, since radiation dos- 
ages received should be considered to be essentially cu- 
mulative, as little time as possible should be spent in an 





unprotected area, whether constructing a shelter or 
searching for water. Time is also of vital importance 
from another standpoint, that of radioactive decay. 
Knowledge of this characteristic can serve as one of the 
primary means of protection against radiation from fall- 
out. The importance of time as a protective factor may 
be seen clearly by the following example. If survivors 
were to enter a high-intensity fallout area of 1000 
roentgens per hour in which the radiation intensity had 
just peaked and remain there for 1 hour in the open, 
they would accumulaie a biologically damaging dose of 
approximately 650 rad. This is a dose strong enough to 
kill 9 out of 10 people exposed to it. If, however, they 
entered this same area some 48 hours later and re- 
mained there for 1 hour, they would receive a dose of 
approximately 10 rad, Even if they were then required 
to remain in the open for 24 hours, their dose would 
only be 170 rad. Two weeks after the completed fallout, 
they would receive only one rad per hour in this same 
area. They could then remain in the area for severai 
months, accumulating a dose of 180 rad, and not devel- 
op severe radiation sickness because of the rate at which 
the dosage was received (figure 29-15). 
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Figure 29-15. Countermeasures. 


(2) Distance. Distance is effective as a means of 
protection against penetrating gamma radiation as 
shown by the inverse square law. This law states the 
intensity of radiation decreases by the square of the 
distance from the source. In other words, survivors ex- 
posed to 1000 units of penetrating external radiation at 
1 foot from the source would receive only 250 units at 2 
feet; when they double the distance, the radiation level 
is reduced by ('2)2 or one-fourth the amount. When the 
distance is tripled, the dose is reduced to (%)2 or one- 
ninth of the originat amount (or I11 units). At 10 feet, 
this is further reduced to (110)2 or one-hundreth of the 
radiation exposure at 1 foot. This relationship of dis- 
tance to intensity of radiation exposure is dependent 
upon the distribution pattern of the radiation source. As 
just seen, if the radiation is concentrated into a very 
small area (referred to as a point source), the intensity is 
decreased to about one-fourth the original amount each 
time the distance is doubled. A complicated relation- 
ship, however, is obtained when the radiation source is 
not concentrated in a point, but is spread around in 
random patterns as in the case of surface contamination 
from fallout. 

(3) Shielding. The third and most important 
method of protection against penetrating radiation is 
that of shielding. Since the damaging effects of penetrat- 
ing radiation arise from the fact that the rays interact 
with electrons in the body, survivors must place dense 
material between themselves and the source of radia- 
tion. The more electrons there are in the makeup of the 
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shielding material, the more gamma radiation will be 
stopped from entering the body. Lead, iron, concrete, 
and water are all examples of good shielding materials. 
Of the three described countermeasures against pene- 
trating external radiation, shielding gives the greatest 
protection, is the easiest to use under survival condi- 
tions, and is, therefore, the most desirable. If shielding 
is not possible, however, the other precautions should 
be rigorously followed. The degree of protection they 
afford is significant and could provide the necessary 
margin of safety for survival (figure 29-16). 





Figure 29-16. Shielding. 


b. It is acommon misconception that radioactive fall- 
out can impart its radioactivity to the object with which 
it comes in contact, such as fruits and vegetables. The 
rays from radioactive fallout particles cannot make 
something radioactive merely by being in contact with 
it. For this reason, canned foods and smooth-skinned 
fruits and vegetables may be eaten once they have been 
decontaminated. 


(1) Everyone entering a contaminated area should 
wear protective clothing (CW ensemble) to prevent ex- 
posure to radioactive dust. The main reason for this 
precaution is to shield the skin from beta particles. Beta 
particles won’t penetrate far into the body, but they will 
harm the skin. The effect, a reddening and blistering of 
the skin, is called a “beta burn.” Such damage may not 
appear until sometime after exposure since beta parti- 
cles have a delayed action. Survivors may not know 
they have received skin burns from beta particles until 
it is too late. Therefore, protective clothing should be 
worn as instructed. Sleeves should be down and but- 
toned, wrist and ankle openings taped, and gloves and 
boots worn, if possible. 


ee 
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(2) Alpha particles are lowest in ability to penetrate, 
but they are most hazardous when taken into the body 
through contaminated food and drink. The best defense 
against alpha particles is to ensure all food is properly 
decontaminated before consumption. 

(3) If at all possible, a survivor should always avoid 
“hot” areas. Sometimes, a survivor cannot avoid con- 
tact with this environment and, when entering a “hot” 
area, should keep radioactive dust off the body and out 
of the body’s system. If survivors inhale radioactive 
dust, they can suffer serious internal injury. If there is 
radioactive dust in “hot” areas, a protective filter should 
be used over the mouth and nose. 

c. The presence of fallout material in the area will 
require some minor modification of medical proce- 
dures. Wounds should be covered to prevent entry of 
active particles. Burns from beta activity are treated like 
any other burn, except the burned surface should be 
washed. Measures to prevent infection should be em- 
phasized since the body will be especially sensitive to 
infections because of changes in the blood. Extra atten- 
tion should be given to the prevention of colds and 
respiratory infections. The eyes should be covered to 
prevent entry of particles. Improvised goggles may be 
used for this purpose. 


29-10. Shelter. A sufficient thickness of shielding mate- 
rial will reduce the level of radiation to negligible pro- 
portions. The thickness required to reduce gamma radi- 
ation from fallout is much less than that necessary 
against initial gamma radiation since fallout radiation 
has much less energy than the initial radiation from a 
nuclear explosion, Thus, a comparatively small amount 
of shielding material can provide good protection 
against residual gamma radiation. 

a. The following table illustrates the thicknesses of 
various materials required to reduce the penetration 
from residual fallout gamma sources by 50 percent: 


Iron and steel .7 inches 
Concrete 2.2 inches 
Brick 2.0 inches 
Dirt 3.3 inches 
Ice 6.8 inches 
Wood (soft) 8.8 inches 
Snow 20.3 inches 


b. The principle of half-value layer thickness is useful 
in understanding the absorption of gamma radiation by 
various materials. According to this principle, if 2 in- 
ches of brick reduce the level of gamma radiation by 
one-half, adding another 2 inches of brick will reduce 
the intensity by another half, namely to one-fourth the 
original amount; 6 inches will reduce the level of fallout 
gamma radiation to one-eighth its original amount; 8 
inches to one-sixteenth; and so on. Thus in a shelter 
protected by 3 feet of earth, a radiation intensity of 
1000 roentgens per hour on the outside would be re- 
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duced to about one-half roentgen per hour inside the 
shelter. 

c. Areas where terrain provides natural shielding and 
easy shelter construction, such as the sides of ditches, 
ravines, rocky outcroppings, hills, and riverbanks, are 
ideal locations for an emergency shelter (figure 29-17). 
In level areas lacking natural protection, dig a foxhole 
or slit trench, 


=— = = 


ENOUGH ROOM 
© WORK 


PARACHUTE 





Figure 29-17. Immediate Shelter. 


(1) In digging a trench, the survivor should work 
from the inside of the hole as soon as it is large enough 
to cover part of the body to prevent exposure of the 
entire body to radiation. In open country, an attempt 
should be made to dig the trench from a prone position, 
stacking the dirt carefully and evenly around the trench. 
On level ground, the dirt should be around the body for 
additional shielding. Depending upon soil conditions, 
the time to construct a shelter will vary from a few 
minutes to a few hours. Rapid shelter construction will 
limit the dosage received. Building a shelter under a tree 
is not recommended because cutting or digging out the 
numerous roots will be very difficult. Another disadvan- 
tage in making a shelter under trees is that more of the 
gamma rays from fallout particles on the leaves and 
branches would reach and penetrate the shelter than if 
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these same particles were on the ground. Many gamma 
rays from fallout particles on the ground would be scat- 
tered or absorbed by striking rocks, clods of earth, tree 
trunks, or buildings before reaching a below-ground 
shelter (figure 29-18). 

(2) While an underground shelter covered by 3 or 
more feet of earth would provide the best protection 
against fallout radiation, the following additional unoc- 
cupied structures (in the order listed) offer the next best 
protection: 

(a) Caves and tunnels covered by more than 3 
feet of earth. 

(b) Storm or storage cellars. 

{c) Culverts. 

(d) Basements or cellars of abandoned buildings, 

(e} Abandoned buildings made of stone or mud. 

d. Building a roof on the shelter should not be re- 

quired. A roof should only be added if the materials are 
readily available to the survivor and will require only a 
brief exposure to the outside contamination. If the con- 
struction of a roof would require extended exposure to 
penetrating radiation, it would be wiser to leave the 
shelter roofless. The function of a roof is to lend dis- 
tance from the source of fallout to the body, and unless 
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dense roofing is used, a roof provides only scant shield- 
ing. A simple roof can be constructed out of a piece of 
parachute anchored down by dirt, rocks, or other refuse 
from the shelter. Large particles of dirt and other debris 
may be removed from the top of this parachute canopy 
by beating it at frequent intervals. Such a parachute 
cover will not offer shielding from the radiation emitted 
by active fission products deposited on the outer sur- 
face, but it will increase the distance from the fallout 
source and keep the shelter area covered from further 
contamination. 

e. The primary criterion for locating and establishing 
a shelter site should be to obtain protection as rapidly as 
possible against the high intensity radiation levels of 
early gamma fallout. Five minutes to locate the shelter 
site is an excellent guide. Speed in obtaining shelter is 
essential. Without shelter, the dosage received in the 
first few hours will exceed that received during the rest 
of the week in a contaminated area; the dosage received 
in this first week will exceed that accumulated during 
the rest of a lifetime spent in the same contaminated 


area. 
(1) Several initial actions should be kept in mind 
while seeking a shelter location. The survivor should: 





Figure 29-18. Terrain That Provides Natural Shielding. 
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(a) Where possible, attempt to remain with the 
aircraft until it is possible to eject or land in an area at 
least 20 miles upwind or crosswind from any known 
target. This action will ensure the landing area will have 
a minimum amount of fallout (figure 29-19), 

(b) If it can be controlled, parachute opening 
should be delayed until a comparatively low altitude is 
reached in order to reduce the time of exposure to fall- 
out during the descent. 

-I. During the descent, select areas on the 
ground likely to provide good shelter. 

-2. Immediately upon landing, take the para- 
chute and survival kit and find cover and protective 
shelter. 

-3. Take precautions to avoid detection and 
capture, but not at the expense of additional exposure to 
radiation which will lessen the chance of survival. 


(2) In selecting and establishing the shelter, the sur- 
vivor should keep the following additional factors in 
mind in order to reduce the time of exposure and the 
dosage received: 

(a) Where possible, seek a crude existing shelter 
which can be improved. If none is available, dig a 
trench. 

(b) Dig the shelter deep enough to obtain good 
protection, then enlarge it as required for comfort. 


Figure 29-19. Route of Travel. 
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(c) Cover the top of the foxhole or trench with 
any readily available material and a thick layer of earth, 
if possible, without leaving the shelter. 

(d) During the descent and while constructing a 
shelter, keep all clothing on, as well as a cap, scarf, and 
gloves to obtain protection against burns from beta 
radiation. 

(3) The shelter location should be brushed or 
scraped clean of any surface deposit with a branch or 
some other object to be certain that contaminated 
materials are removed from the area to be occupied. 
The swept area should extend at least 5 feet beyond the 
area where the shelter is being dug. Any material 
brought into the shelter should be decontaminated. This 
includes grass or foliage that is being used as insulation 
or bedding material, outer clothing (especially footgear), 
and the parachute if it is to be used. If weather permits 
and the parachute and outer clothing are heavily con- 
taminated, the survivor may want to remove them and 
bury them under a foot of earth at the end of the shelter. 
These may later (after decay factor) be retrieved when 
leaving the shelter. If these materials are dry, decontam- 
ination may be done by beating or shaking them outside 
the entrance to the shelter to remove the radioactive 
dust (figure 29-20). Any body of water, even though it 
may contain contaminated particles, may be used to rid 
materials of excess fallout particles by simply dipping 
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the materials into the water and shaking them to re- 
move excess water. Do not wring out materials since 
this will trap the contaminated particles. If at all possi- 
ble, wash the body thoroughly with soap and water 
without leaving the shelter. This washing will remove 
most of the harmful radioactive particles which are like- 
ly to cause beta burns or other damage. If water is not 
available, the face and any other exposed skin surfaces 
should be wiped to remove contaminated dust and dirt. 
This may be done with a clean piece of cloth or a hand- 
ful of uncontaminated dirt obtained by scraping off the 
top few inches of soil and using the “clean” dirt. 

f. Upon completion of the shelter, the survivor should 
lie down, keep warm, sleep, and rest as much as possible 
during the time spent in the shelter. There is no need to 
panic if nausea and symptoms of radiation sickness are 
experienced. Even smatl doses of radiation can cause 
these symptoms which may disappear in a short time. 
The following provides the time necessary 1o avoid seri- 
ous dosage and still allow the opportunity to cope with 
survival problems: 

(1) Complete isolation should be maintained from 
4 to 6 days following delivery of the last weapon. A very 


Figure 29-20. Decontamination. 
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brief exposure for procurement of water on the third 
day is permissible, but exposure should not exceed 30 
minutes, 

(2) On day 7, one exposure of not more than 30 
minutes. 

(3) On day 8, one exposure of not more than 1 
hour. 

(4) From day 9 through day 12, exposure of 2 to 4 
hours per day. 

(5) From day 13 on, normal operation, followed by: 
rest in a protected shelter. 


29-11. Water. In a fallout contaminated area, available 
water sources may be contaminated with radioactive 
particles. If possible, the survivor should wait at least 48 
hours before drinking any water to allow radioactive 
decay to take place. Selecting the safest possibile source 
of water will greatly diminish the danger of ingesting 
harmful amounts of radioactivity. 

a. Although many factors, such as direction of wind, 
rainfall, and amount of particulate matter (clay, for ex- 
ample) in the water, will influence the choice in select- 
ing water, the following priorities of water sources are 
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Figure 29-21. Filtering Water. 


recommended: (As an additional precaution against dis- 
ease, all water sources should be treated with water pu- 
rification tablets from the survival kit or boiled for at 
least 10 minutes.) 

(1) Water from springs, wells, or other underground 
sources having natural filtration will be the safest 
sources of water. 

(2) Any water in the pipes or containers of aban- 
doned houses or stores will also be free from radioactive 
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Figure 29-22. Settling Water. 
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particles and, therefore, safe to drink, although precau- 
tions will have to be taken against bacteria in the water. 

(3) Snow taken from a level which was 6 or more 
inches below the surface during the fallout should be a 
safe source of water. 

(4) Water from streams and rivers will be compara- 
tively free from fallout within several days after the last 
nuclear explosion because of the dilution factor. If at all 
possible, such water should be filtered before drinking. 

(5) Water from lakes, pools, ponds, and other 
standing sources is likely to be heavily contaminated, 
though most of the heavier, insoluble isotopes will settle 
to the bottom. 

b. The degree of solubility of various isotopes varies. 
Some fission products are extremely water soluble, but 
most are relatively insoluble. Certain isotopes, in fact, 
have been found to be as much as 90 percent insoluble. 
The significance of this fact is that 99 percent of the 
radioactivity in water could be removed by filtering it 
through ordinary earth (figure 29-21). The best method 
of filtration is to dig sediment holes or seepage basins 
along the side of a water source. The water will seep 
laterally into the hole through the intervening soil which 
will act as a filtering agent and remove the contaminat- 
ed faliout particles which have settled on the original 
body of water. It is important the hole be covered in 
some way (example, with a parachute) to prevent fur- 
ther contamination (figure 29-22), 

c. Settling is one of the easiest methods used to re- 
move most fallout particles from water. Furthermore, if 
the water to be used is muddy or murky, settling it 
before filtering will extend the life of the filter. The 
procedure is as follows: 

(1) Fill a bucket or other deep container three- 
fourths full of the contaminated water. 

(2) Dig dirt from a depth of 4 or more inches below 
the ground surface and stir it into the water. Use about 
a l-inch depth of dirt for every 4 inches of water. 

(3) The water is stirred until practically all of the 
dirt particles are suspended in the water. 

(4) This mixture should be allowed to settle for at 
least 6 hours. The settling dirt particles will carry most 
of the suspended fallout particles to the bottom and 
cover them. The clear water can then be dipped or 
siphoned out and purified (figure 29-23), 


29-12. Food. Obtaining edible food in a radiation con- 
taminated area is possible. Survivors need to follow on- 
ly a few special procedures in selecting and preparing 
rations and native foods for use. Since survival rations 
are protected by secure packaging, they will be perfectly 
acceptable for use after the ration containers are decon- 
taminated, but survivors should supplement them with 
any food they can find on their trips away from the 
shelter. Any processed foods which may be found in 
abandoned buildings are acceptable for use once they 
are decontaminated. These include canned and pack- 
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Figure 29-23, Settling Pool. 


aged foods after the containers or wrappers are discard- 
ed or washed free of fallout particles, food stored in any 
closed container, and food stored in protected areas 
(such as cellars). The containers should be washed 
before opening. For purposes of discussion, native food 
sources may be divided into two categories: plant food 
and animal food. 

a. Animal Food. In the category of native animal 
food, survivors must assume all animals, regardless of 
their habitat or iiving conditions, will be exposed to 





Figure 29-24. Meat Procurement. 
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radiation. Since the effects of radiation on animals are 
similar to those in humans, most of the wild animals 
living in a fallout area are likely to become sick or die 
from radiation during the first month following the nu- 
clear explosion. Even though animals may not be com- 
pletely free from radioactive materials, it may be neces- 
sary to use them as a food source. With careful 
preparation and adherence to several important princi- 
ples, animals can be safe sources of food. 

(1) If an animal appears to be sick, it should not be 
eaten. The animal may have developed a bacterial infec- 
tion as a result of a radiation dose. Contaminated meat 
could cause severe illness or death if eaten, even if thor- 
oughly cooked. 

(2) All animals should be carefully skinned to pre- 
vent any radioactive particles adhering to the outside of 
the skin from gaining entry into the body. 

(3) Meat around the bones and joints should not be 
eaten. A large percentage of radioactivity in the body of 
animals is found in the skeleton. The remaining muscle 
tissue of the animai, however, will be safe to eat. Before 
cooking the animal, survivors should cut the meat away 
from the bone, leaving approximately one-eighth of a 
inch of meat on the bone. All internal organs such as the 
heart, liver, and kidneys, normally used as survival 
food, should be discarded (figure 29-24) since they tend 
to concentrate beta and gamma radioactivity. All meat 
should be cooked until it is very well done. To be sure 
the meat is well done, it should be cut into pieces less 


FILLET 1/8” FROM BONE 
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Figure 29-25. Collecting Food. 


than one-half inch thick before cooking. This precau- 
tion also reduces cooking time and saves fuel. 

(4) The extent of contamination of fish and clams 
following nuclear tests in the Pacific was found to be 
much greater than that of the land animals. On the basis 
of these findings and those of other tests showing the 
high concentration of radioactivity in aquatic plants 
and animals, especially near coastal areas, it is recom- 
mended that aquatic food sources be used only in an 
extreme emergency. 

(5) All eggs {excluding the shell), even if laid during 
the period of fallout, will be safe to eat. Because animals 
absorb large amounts of radioactive strontium from the 
plants upon which they graze, milk from any animals in 
a fallout area should be avoided. 

b. Plant Food. Plant foods are contaminated by the 
accumulation of fallout on their outer surfaces or by 
means of absorption through the roots. 

(1) The survivor's first choice of plant food should 
be vegetables, such as potatoes, turnips, carrots, and 
other plants, whose edible portions grow underground. 
These are the safest to eat once they are scrubbed and 
the skins removed. Second in order of preference are 
those above-ground portions of the plant with edible 
parts which can be decontaminated by washing and 
peeling their outer surfaces; examples are bananas, ap- 
ples, and other such fruits and vegetables. Other 
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smooth-skinned vegetables, fruits, or above-ground 
plants, which cannot be easily peeled or effectively de- 
contaminated by washing the radioactive particles off 
their surfaces, will be the third choice of emergency 
food (figure 29-25). 


(2) The effectiveness of decontamination by scrub- 
bing is generally inversely proportional to the roughness 
of the surface of the fruit. After the Marshall Islands 
incident, smooth-surfaced fruits were found to lose 90 
percent of their radioactivity after washing, while wash- 
ing rough-surfaced plants removed only 50 percent of 
the contamination... Plant foods, such as lettuce, having 
a very rough outer surface which cannot easily or effec- 
tively be decontaminated by peeling or washing, should 
be eaten only as a last resort. Other difficult foods to 
decontaminate by washing with water are dried fruits, 
such as figs, prunes, peaches, apricots, pears, and 
soybeans. 


(3) Generally speaking, any plant food ready for 
harvest can be used for food if it can be effectively 
decontaminated. Growing plants, however, can absorb 
some radioactive materials through their leaves as well 
as from soil, especially if rains have occurred during or 
after the fallout period. With some elements, such as 
strontium, which is extremely soluble in water, data has 
shown greater amounts were taken up by plants through 


band overhead reduction is also available from the 
well-confined spectrum. Sophisticated receiver al- 
gorithms including channel estimation and equali- 
zation can further mitigate the multi-path fading 
channel impact without the CP. 
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Figure 21. One QAM-FBMC Symbol Generation 


— FQAM 


One of key requirements for 5G is enhancement 
of cell-edge performance, which means that every 
user should be supported with Gigabit experience 
anywhere. Conventional approaches to enhance 
the cell-edge performance mainly focus on man- 
aging interference (e.g., interference cancellation, 
interference avoidance), by dealing with interfer- 
ence as a Gaussian. However, it is proved that the 
worst-case additive noise in wireless networks with 
respect to the channel capacity has a Gaussian dis- 
tribution. From this observation, one can expect that 
the channel capacity can be increased by a non- 
Gaussian interference design which makes Inter- 
Cell Interference (ICI) non-Gaussian. The distribu- 
tion of ICI depends on the modulation schemes of 
the interfering BSs. Therefore, an active interference 
design for improved cell-edge performance can be 
achieved by applying a new type of modulation. 


FQAM, a combination of Frequency Shift Key- 
ing (FSK), and Quadrature Amplitude Modulation 
(QAM) can be used as an active interference design 
scheme. Figure 22 shows the signal constellation of 
16-ary FQAM that is a combination of 4-ary FSK and 
4-ary QAM. 





4-ary QAM 


4-ary FSK 16-ary FQAM 


Freq 











Figure 22 Example of 16-ary FQAM 


With FQAM, the statistical distribution of ICI is likely 
to be non-Gaussian, especially for cell-edge users. 
As a result, the transmission rates for the cell-edge 
users can be significantly improved. 


The statistics of ICI and the performance enhance- 
ment possibility have been proven by practical 
implementation of a system which uses FQAM. 
FQAM system environment for cellular downlink 
OFDMA networks is shown in Figure 23 and 24. 
Our experimental results show that the transmission 
rates for interference-limited users in FQAM-based 
OFDMA networks are around 300% higher than 
those in QAM-based OFDMA networks [23][24]. 
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Figure 23 3 Cell Structure with MS and BSs 
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Figure 24 Implemented MS and BS 


Advanced D2D 


Advanced D2D communication is an attractive 
technology that enhances spectral efficiency and 
reduces end-to-end latency for 5G. Not entirely de- 
pending on the cellular network, D2D devices can 
communicate directly with one another when they 
are in close proximity. Hence, D2D communication 
will be used for offloading data from network so that 
the cost of processing those data and related sign- 
aling is minimized. Moreover, enhanced version of 
D2D communication was suggested lately for being 
used as special purpose such as Mission Critical 
Push-To-Talk (MCPTT) communication and Vehicle- 
to-Anything (V2X) communication. 
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In advanced D2D communication, a single radio 
resource can be reused among multiple groups 
which want to communicate with each other if the 
interference incurred between groups is tolerable. 
Hence, we can increase the spectral efficiency and 
the number of the simultaneous connection by utiliz- 
ing D2D communication in 5G. Moreover, since the 
data is directly transmitted and not going through 
the core network, the end-to-end latency can be 
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EQUIVALENT RESIDUAL DOSE (ERD): The body can repair 90% of a dose of radiation damage. 


The unrepaired damage for any given day is the radiation dose multiplied by the ERD factor of the 
number of days after the exposure. NOTE: Each subsequent dose ERD Factor is based on the 
number of days after each subsequent dose. 
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WATER SOURCES: Uncontaminated water--solar still or snow 6 inches below contamination level. 
Delay as long as possible from drinking from contaminated sources. PRIORITY: (1) underground, 
{2} running, (3) stationary. Filter sources 2 & 3 through 12 inches of earth and add purification 
tablets before use. BOILING WILL NOT REMOVE RADIOACTIVITY. 


ANIMAL FOOD: DO NOT BUTCHER SICK ANIMALS. Discard internal organs and meat next to bone. 
Hides/ feathers may be heavily contaminated. Eggs OK to eat. 


SEA FOOD: Ocean sources OK, others on a risk basis. Fish from stationary bodies of water probably 
contaminated. 


PLANT FOOD: Plants with edible portions below ground first choice. Smooth plant food easy to wash. 
Rough surfaced plants difficult to wash. Wash, pare, then wash again. 


FIRST AID: NO FIRST AID FOR RADIATION SICKNESS. Infection, main danger. Personal hygiene 
important. Rest, avoid fatigue. Drink liquids. 


BURNS: Normal first aid. Cool and cover burn. Do not use grease, etc. Treat for possible shock. 
Keep warm, lie with feet above head. 
FRACTURES: Normal first aid. Immobilize and splint. Possible shock. 


BLEEDING: Normal first aid. Apply pressure at break. Tight tourniquet can cause loss of limb--use 
only as last resort. 





Figure 29-26. Equivalent Residual Dose Rate. 
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NUCLEAR EXPLOSIONS: FALL FLAT. Cover exposed body parts. Present minimal profile to 
direction of blast. DO NOT LOOK AT FIREBALL. Remain prone until blast effects over. 


SHELTER: Pick ASAP, 5 minutes unsheltered max. PRIORITY: {1} cave or tunnel covered with 3 or 


more feet of earth, (2) storm/storage cellars, (3) culverts, (4) basements, (5) abandoned stone/ 
mud buildings, (6) foxhole 4 ft deep--remove topsoil within 2 ft radius of foxhole lip. 


RADIATION SHIELDING EFFICIENCIES: One thickness reduces received radiation dose by one-half, 
Additional thickness added to any amount of thickness reduces received radiation dose by one-half. 


| Won/Steel_| 7 in [| orth | 3.3 in || Wood (Soft)| 8.8 in_| 
| Brick | 2.0 in_| | Cinder Block| 5.3 in || Snow | 20.3 in_| 
[Concrete | 22in |] ke ff oein |] 


SHELTER SURVIVAL: KEEP CONTAMINATED MATERIALS OUT OF SHELTER. Good weather; bury 


contaminated clothing outside of shelter--recover later. Bad weather; shake strongly or beat with 
branches. Rinse and (or) shake wet clothing--DO NOT WRING OUT. 


PERSONAL HYGIENE: Wash entire body with soap and ANY water; give close attention to finger- 
nails and hairy parts. No water: Wipe all exposed skin surfaces with clean cloth or uncontaminated 


soil. Fallout/ dusty conditions, keep entire body covered. Keep handkerchief/ cloth over mouth and 
nose, Improvise goggles. DO NOT SMOKE. 


EXIT PLANNING: Explosion time and a dose-rate known, use rate decay nomograph. 


Explosion time unknown: 1 Take dose-rate readings every hour. 2 When any reading is 1/2 of 
any previous reading, multiple time difference between two readings by 7/4. 3 Subtract the 
resultant from the time of first reading. 4 This new time is approximate time of explosion. Use new 
time with dose rate nomograph to determine safe exit time. 


No rate meter, complete isolation first 4-6 days after last explosion. 
Day 3/7: Brief exposure, 30 minutes MAX. 

Day 8: Brief exposure, 1 hour MAX. 

Days 9-12: Exposure of 2-4 hours per day. 


Day 13 on: Normal movement. 


MAXIMUM SURVIVAL DOSE/ERD: 200 roentgens 





Figure 29-27. Nuclear Explosions. 
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their leaves than through their roots. In the tests con- 
ducted in the Marshall Islands, high levels of radioactiv- 
ity were found in the water and on the external surfaces 
of the plants eariy after the detonation, but only small 
amounts of beta activity and no alpha activity were 
detected in the edible portions of the fruits and vegeta- 
bles. High levels of contamination, similar in activity to 
that of the contaminated water nearby, were found in 
the sap of the coconut tree. From these and other tests, 
we know that small amounts of fission products may be 
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immediately absorbed by plants growing on soil con- 
taminated by fallout material. 

(4) If the countermeasures recommended for ob- 
taining protection against penetrating external gamma 
radiation and beta radiation are taken immediately, and 
the rules for constructing a shelter and selecting food 
and water are applied, a survivor’s chances of surviving 
a nuclear attack are excellent. Figures 29-26 and 29-27 
contain some summarized information applicable to a 
radioactive environment. 
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Chapter 30 
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BIOLOGICAL CONDITIONS 


30-1. Introduction. Biological agents are viruses and 
micro-organisms, or their products, which are used to 
cause disease, injury, or death to people, animals, or 
plants (and, to a lesser extent, deterioration of material). 
Their use is an attempt to produce disease on a large 
scale. During war, these agents will probably be used 
primarily in a strategic role to attack rear area bases. 

a. Most micro-organisms are harmless to humans, an- 
imals, or plants, and a few are helpful. Yeast is used in 
bread, beer, and cheese production. Some micro-ogan- 
isms, however, do produce disease. Biological agents 
could consist of: 

(1) Fungi - mold, mildew, athlete’s foot; histoplas- 
mosis; and other pathogenic fungi. 

(2) Bacteria - plague, tularemia, anthrax. 

(3) Rickettsiae - Rocky Mountain spotted fever, 
typhus. 

(4) Viruses - yellow fever, smallpox. 

(5) Biotoxins - mushroom, algae, and bacterial 
poisons. 

b. Many biological agents are living, require moisture, 
food, and certain temperature limits for life and growth. 
They are killed by simple acts such as boiling water, 
adding purification tablets to water, cooking food, ex- 
posing them to sunlight, and (or) using germicides. Bio- 
logical agents enter the body through the nose, mouth, 
or skin; however, most will not penetrate intact skin. By 
preventing their entry into the body, a survivor is safe 
from biological agents. 


30-2. Detection. There is no simple method of detecting 
biological agents. A person cannot see, feel, or taste 
these agents in a biological attack whether spread 
through conventional means or sabotage. Additionally, 
a person cannot taste the toxins in food. The basic 
methods of disseminating the agents are through the 
generation of an aerosol, the use of disease-carrying vec- 
tors, and food and water. 

a. Aerosols are particles composed of many orga- 
nisms, or a single organism, which are dispersed into 
the air and transported by air currents. Effective trans- 
mission as an aerosal requires that biological agents 
reach the target area with an effective percentage re- 
maining alive and capable of causing disease. The ap- 
pearance of certain clues may warn a survivor of an 
aerosol biological attack. They are: 

(1) Aircraft dropping objects or spraying. Both ene- 
my aircraft or friendly aircraft could be engaged in neu- 
tralizing or destroying opposing forces. 

(2) Breakable containers or new and unusual types 
. of shells and bombs, particularly those which burst with 
little or no blast. ° 

(3) Smokes and mists of unknown origin. 


(4) Unusual substances on the ground or on vegeta- 
tion. Sick, dead, or dying animals. 

b. Vectors, such as mosquitoes and ticks which carry 

disease, can be delivered to the target area in containers 





Figure 30-1. Vectors. 


by aircraft or missiles. The containers rupture on im- 
pact and release the vectors. Some vectors need a “host” 
or carrier that can transmit the disease organism 
through the skin; others may be inanimate objects, such 
as contaminated food and water. Because disease orga- 
nisms can infect personnel, the use of a “protective” 
mask may not help protect against viruses. The vectors 
can produce disease throughout their entire life spans, 
regardless of how far or where they travel. Furthermore, 
they may pass the disease to successive generations. 
Therefore, survivors must be extremely cautious when 
skinning wild game by wearing gloves and other protec- 
tive clothing as the game may host fleas which carry 
many diseases. (NOTE: Contact with animals should be 
avoided unless they are to be used as food (figure 30-1).) 


30-3. Climate. The various characteristics of aerosols 
and vectors will affect their utility in varying climates. 
While a survivor may encounter any form of biological 
agent once their use in combat occurs, the following 
factors may help a survivor assess the relative risk of 
various types of biological agents. 

a. Aerosols are generally much more controllable in 
the area of application than are vector-borne agents. 
However, most aerosol agents deteriorate to some de- 
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gree when exposed to direct sunlight. They are more 
suitable for use against small area targets. 

b. Strong winds are necessary to ensure maximum 
area coverage of both aerosols and vectors. However, 
the density of coverage may be decreased by extremely 
high winds. . 

c. Vectors are less controllable than aerosols in the 
area of application following release. They are more 
suited for use against broad area targets. Although vec- 
tors tend to last longer in humid climates, many poten- 
tial vectors (flies, fleas, mosquitos, lice, etc.) will thrive 
in virtually any environmental area. 

d. Generally, nighttime (1 hour before sunset to | 
hour after sunrise) is the best period to dispense vectors. 
Vector movement and activity is usually greater during 
the cooler hours of darkness. 


30-4. Terrain. Biological agent aerosols tend to follow 
the contour of rolling terrain and valleys very much like 
airborne particles, such as fog. Vegetation can slow the 
downwind travel of agents by removing some particles 
from the air. Due to a lack of sunlight, densely vege- 
tated areas, such as a jungle (warm humid), allow some 
agents to thrive for extended periods of time. Because 
most of the biological agents are more hazardous when 
inhaled then when directly exposed to the skin, contam- 
ination of the ground following an attack is less danger- 
ous to the survivor than exposure to an aerosol attack. 


30-5. Protection. Defense against biological warfare is 
neither simple nor easy. The best defense against these 
agents is the natural resistance of the survivor’s body, a 
high standard of personal cleanliness, careful attention 
to sanitation, good nutrition, up-to-date immunization 
status, proper use of drugs, and immediate self-aid to 
any break in the skin or a punctured wound. Germs 
must actually get inside the body to cause disease. 

a. A protective mask, properly fitted and in good con- 
dition, will greatly reduce the danger of inhaling germs. 


a 
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If a mask is not available, a handkerchief or parachute 
material over the mouth and nose will suffice to provide 
protection. Since survivors cannot detect the presence 
of biological agents, they should wear the mask or some 
other protective equipment over the mouth and nose 
until they are rescued, if possible. 

b. Cuts and sores, in addition to the nose and mouth, 
are open doors to. germs trying to enter the body. 
Wounds must be kept clean and protected with a band- 
age. Any type of clothing will give some protection. 
Fasten the shirt or jacket collar, roll the sleeves down 
and button the cuffs, wrap the trouser legs or tuck them 
inside the boots, and tie down all other clothes to stop 
the entry of germs which may be in the air or on the 
ground. If the survivor has a uniform used for protec- 
tion against chemical agents, it should be worn because 
it gives a greater degree of protection against germs than 
ordinary clothing. 

¢. Survivors should always be careful about eating 
and drinking during and after a biological attack. One 
of the easiest ways for germs to enter the body is 
through food and water. 


30-6. Tips for a Survivor: 
a. Keep the body and living quarters clean. 


b. Don’t neglect preventive medicine. Keep the shot 
record up to date. 


c. Keep alert for signs of biological attack. 

d. Keep the nose, mouth, and skin covered. 

e. Protect food and water. Bottled or canned foods are 
safe if sealed. If in doubt, boil the food and water for 10 
minutes. 

f. Build a shelter, if possible. Shelter should be located 
and constructed to minimize vector and aerosol access 
to the survivor; for example, shelter enclosed—entrance 
90 degrees to the prevailing wind. 

g. If traveling, travel crosswind or upwind. 
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Chapter 31 


CHEMICAL CONDITIONS 


31-1. introduction. Chemical agents may be solid parti- 
cles, liquids, or gases which are toxic (poisonous) chemi- 
cals. These agents produce poisonous gas, fire, and 
smoke. The poisonous agents may produce casualties or 
irritating effects and render material or areas unusable. 
The body is attacked by chemical agents which produce 
specific damage depending on the type and concentra- 
tion exposure of the agent used. Survivors must have a 
thorough knowledge of how each of these agents affects 
the body. 


31-2. Chemical Groups. Chemical agents are divided 
into seven groups—nerve, blood, blister, choking, 
vomiting, incapacitating, and riot control. These agents 
can be dispersed by artillery shells, mortar shells, rock- 
ets, aircraft spraying, and bombs (figure 31-1). 

a. Nerve Agents. The nerve agents are among the 
deadliest of all chemical agents. They directly affect the 
nervous system and are highly toxic in both liquid and 
vapor forms. Examples of G-agents are tabun (GA), 
sarin (GB), and soman (GD). These nerve agents may 
be absorbed through any body surface. When dispersed 
as a vapor, they are absorbed through the respiratory 
tract or the eyes, but as liquid nerve agents, they can be 
absorbed through the skin. They are usually quick-act- 
ing casualty agents. Symptoms accompanying very 
small doses are headaches, dizziness, dimmed vision, 
and nausea. Large doses of nerve agents can interfere 
with breathing and may cause a tightness in the chest or 
convulsions, paralysis, and death. Symptoms of large 
doses of nerve agents are unpredictable, and circulatory 
collapse can occur without warning. The first effect of 
eye exposure to agents will probably be a dimming of 
vision caused by contraction of the eye pupils to 
pinpoint size. The pinpoint pupils will more noticeably 
affect vision in dim light. If the nerve agent contami- 
nates the skin only, the pupils may remain normal or be 
only slightly reduced in size with other symptoms being 
first to appear. The injuries caused by nerve agents may 
range from mild disability to death depending on the 
dose received and the adequacy and speed of self-aid 
treatment. Nerve agents are odorless, unlike most chem- 
ical agents. A survivor must rely on observation of liv- 
ing things and detection devices to identify their 
presence. 

b. Blood Agents (Cyanides). Blood agents produce 
their effects by interfering with some vital process with- 
in the body. The usual route of entry is inhalation. They 
prevent the body cells from using oxygen. Hydrocyanic 
acid (AC) and cyanogen Chloride (CK) are the impor- 
tant agents in the group. CK also acts as a choking agent 
(figure 31-2). 





Figure 31-1. Chemical Conditions. 


(1) Symptoms associated with blood agent contami- 
nation vary. One type of blood agent causes a marked 
increase in the breathing rate; whereas, another type 





Figure 31-2. Symptoms. 


causes a slow breathing rate, a choking effect, and a 
strong irritating effect. A slight exposure to still another 
type of blood agent causes headaches and uneasiness. 
(2) Blood agents cause the skin to have a cherry-red 
color similiar to that seen in carbon monoxide poison- 
ing. This symptom, by itself, may help identify the 
blood agents’ poisoning. The symptoms produced by 
blood agents also depend upon the concentration of the 
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agent and the duration of exposure. If irreversible dam- 
age has not occusred, removal from the exposure to the 
agent may enhance recovery. Blood agents are used as 
quick-acting casualty agents. The speed in donning a 
protective mask is critical to survival in a blood agent 
attack. 

c. Blister Agents (Vesicants). Blister agents were de- 
veloped during World War I to circumvent the protec- 
tive mask that had made chlorine gas obsolete. These 
agents are primarily designed to attack the body 
through the skin and eyes. They can also attack through 
the respiratory or digestive tracts and cause inflamma- 
tion, blisters, and general destruction of tissue. Some 
examples of blister agents are mustard (HD), nitrogen 
mustards (HN), lewisite (L) and other arsenicals, mix- 
tures of mustards and arsenicals, and phosgene oxime 
(CX). They are effective even in small quantities and 
produce delayed casuaities. 

(1) A drop of mustard-type agent the size of a pin- 
head can produce a blister the size of a quarter. Blister 
agents are more effective in hot weather than in cold 
weather. Vapors first affect the moist parts of the body 
Goints of arms and knees, armpits, and crotch). People 
who are sweating are especially sensitive to the agents. 
Blister agents are quickly absorbed through the skin. 
Reddening of the affected area may appear any time up 
to about 12 hours after exposure depending on the de- 
gree of contamination and the weather conditions. Blis- 
ters may appear in a day or less following the reddening. 
Healing time varies from about 6 days to as much as 8 
weeks in severe cases. Since the damage is done during 
the first few minutes of exposure, speed in administer- 
ing self-aid is essential. 

(2) Damage to the eyes may be worse than the ef- 
fects on the skin. Even as a liquid, the agent may only 
mildly irritate the eyes at first or there may be no pain at 
all. In a few hours, however, the eyes hurt, become 
inflamed, and are sensitive to light. Tears and great pain 
follow, and permanent injury can result. Some blister 
agents cause immediate pain in the eyes. 

(3) When inhaled, blister agents inflame the throat 
and windpipe and cause a harsh cough. Cases of serious 
exposure may result in pneumonia and death. Immedi- 
ate detection of blister agents and prompt protection 
against entry into the eyes and lungs and on the skin is 
vital. 

(4) Blister agents may be absorbed by any material 
(wood, concrete, clothing, metal, plastics, or rubber). 
Direct skin contact with these objects can cause blister- 
ing. Liquid blister agents will eventually penetrate 
gloves and other garments. Immediate decontamina- 
tion after exposure is essential to prevent delayed 
absorption. 

d. Choking Agents (Lung Irritants). These agents 
cause irritation and inflammation of bronchial tubes 
and lungs but do not harm the skin or digestive system. 
They are usually disseminated as gases and inhaled into 
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the body. The best known of these agents is phosgene. 
During and immediately after exposure, symptoms in- 
clude coughing, choking, and a feeling of tightness in 
the chest, nausea, and occasionally vomiting, headache, 
and crying. If large amounts enter the lungs, they will fill 
with liquid causing death from lack of oxygen. A prop- 
erly operating and well-fitted mask protects against all 
choking agents. 

e. Vomiting Agents. These agents produce strong 
pepper-like irritation in the upper respiratory tract. 
Other symptoms include irritation of the eyes and un- 
controllable tearing. Symptoms of these agents include a 
very stuffy nose, severe headache, intense burning in the 
throat, and tightness and pain in the chest. These are 
followed by uncontrollable sneezing, coughing, nausea, 
vomiting, and a general feeling of bodily discomfort. 
These agents are dispersed as aerosols and produce their 
effects by inhalation or by direct action on the eyes. If 
survivors inhale a vomiting agent before donning their 
masks, they may become ill after the respirator is on. As 
long as a vomiting agent is present, however, mask-wear 
is essential. The mask should be pulled away from the 
chin during actual vomiting, but not removed. If the 
survivor has vomited in the mask, caution should be 
taken to avoid inhaling or ingesting the vomit. Vomit- 
ing agents are not considered a major threat because of 
the comparative ease of protection against them and 
their lower toxicity unless used with other agents. 
Vomiting agents alone seldom produce death (figure 
31-3). 





Figure 31-3. Avoiding Agents. 


f. Incapacitating Agents. An incapacitating agent is 
any chemical which produces a temporary disabling 
condition which persists for hours to days after expo- 
sure to the agent has ceased (unlike that produced by 
riot control agents) and for which medical treatment, 
while not required, facilitates a more rapid recovery. 
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(NOTE: Symptoms of riot control agents may not be 
distinguished from other lethal agents; therefore, the 
survivor must be prepared to provide treatment for le- 
thal agents.) In actual usage, the term “incapacitating 
agent” has come to refer primarily to those agents 
which: 

(1) Produce their effects mainly by altering or dis- 
rupting the higher regulatory activity of the central ner- 
vous system (figure 31-4). 

(2) Last for hours or days rather than the very short 
duration of riot control agents. 

(3) Do not seriously endanger life (except when 
large doses are received) and produce no permanent 


injury. 





Figure 31-4. Effects. 


g. Riot Control (RC) Agents {Irritant Agents). RC 
agents are the least poisonous of the seven groups of 
chemical agents. They act primarily on the eyes, causing 
intense pain and tearing. Higher concentrations irritate 
the upper respiratory tract and the skin and sometimes 
cause nausea and vomiting. These agents may be dis- 
persed as smoke or in solutions as droplet aerosols. Al- 
though they are used primarily in training and in riot 
control, some agents may be used in combat. When an 
unmasked person comes in contact with riot control 
agents, the effects are felt almost immediately. The ef- 
fects begin in 20 to 60 seconds, depending upon agent 
concentration. Duration of effects lasts 5 to 10 minutes 
after removal to fresh air. There is usually no perma- 
nent damage to the eyes. For a short time (minutes), a 
person may be unable to see. If the mask is used before 
RC agents enter the eyes, increased protection is 
afforded. 


31-3. Detection: 

a. General Indications. Detection of a chemical agent 
requires the recognition of evidence gathered by direct 
or indirect means. Therefore, every survivor must be 
alert and able to detect any clues indicating chemical 
warfare is being used. General symptoms of chemical 
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Figure 31-5. Detection. 


agents are tears, difficult breathing, choking, itching, 
coughing, and dizziness. In the presence of agents that 
are very hard to detect without the use of detection 
devices, survivors must watch their fellow aircrew 
members constantly for symptoms. Additionally, a sur- 
vivor’s surroundings may provide valuable clues to the 
presence of chemical agents; for example, dead animals, 
sick people, or people displaying abnormal behavior. 

b. Smeil. Survivors cannot rely on the nose as a fool- 
proof means of detecting chemical agents. Although 
some agents do have a characteristic odor, many others 
have little or no odor at all. An agent may smeil quite 
differently to different individuals. A mixture of agents 
will have a different smell than any one agent by itself. 

c. Sight. Since chemical agents are in one of three 
physical states—solid, liquid, or vapors—the sense of 
sight may help detect their presence. Most chemical 
agents in the solid or liquid state have some color. In 
the vapor state, some chemical agents can be seen as 
mist or thin fog immediately after bomb or shell bursts. 
Nerve agents are either a colorless liquid or a colorless 
vapor. Although survivors can’t see nerve agents, their 
eyes may help by detecting the methods used to dis- 
pense the agents. Mustard gas, unless purified, its dark 
brown in its liquid state. As a liquid, it is easy to detect 
and would appear as oily, dark patches on leaves and 
buildings. However, liquid mustard changes slowly to a 
colorless gas. As a gas, it is still very toxic, but now the 
eyes will not be an effective aid to detection (figure 
31-5). 

d. Hearing. If survivors know the methods being used 
by the enemy to spread chemical agents, they can detect 
the sounds of the enemy’s chemical munitions. For ex- 
ample, a bomb filled with an agent would probably 
cause only a muffled explosion; however, aircrew mem- 
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bers untrained in ordnance may have difficulty in mak- 
ing this distinction. 

e. Feel and Taste. Irritation in the nose or eyes or on 
the skin is an urgent warning to protect the body from 
chemical agents. Additionally, a strange taste in food, 
water, or cigarettes may serve as a warning they have 
been contaminated. 


31-4. Protection: 

a. Protective Actions. Survivors should use the fol- 
lowing steps, listed in the order of importance, to pro- 
tect themselves from chemical attack: 

(1) Use protective equipment. 

(2) Give quick and correct self-aid when 
contaminated. 

(3) Avoid the areas where chemical agents exist. 

(4) Decontaminate equipment and the body as 
soon as possible. 

b. Equipment. Survivors’ masks are as vital to them 
as lifejackets are to sailors or as parachutes are to fliers. 
If properly adjusted, they protect the face, eyes, and 
lungs from chemical agents. Survivors are responsible 
for proper care of the mask and should inspect the 
masks frequently to ensure they are free from damage 
and in good condition. Aircrew members located in ar- 
eas of potential contamination are issued protective 
clothing. 

c. Self-Aid. Survivors must apply self-aid skillfully 
and promptly after exposure. Not only is it important 
for them to know what to do, but they must also know 
what not to do. It is evident from previous information 
in this chapter that each type of chemical agent produc- 
es certain conditions which require special treatment. 
However, there are certain essentials of self-aid which, 
if applied scon enough, give some relief and may pre- 
vent serious injury. 

(1) Since there are definite time limits after which 
self-aid becomes useless, immediate self-aid or personal 
decontamination is all-important if survivors are ex- 
posed to liquid nerve or blister agents. Since they may 
not know whether the contamination is by liquid nerve 
agent or liquid blister agent, the following procedures 
are recommended: 

(a) Don the mask and clear it. 

(b) Contact with thickened (persistent) nerve or 
mustard agents requires the use of decontamination kit, 
or if not available, tear away the contaminated area of 
clothing and rinse immediately with water. 

(c) Rinse contaminated areas 
(removes nerve agents). 

{d) If effects of nerve agents become apparent, 
then and only then, use an antidote, realizing the anti- 
dote provides protection only from nerve agent (GA, 
GB, GD). It is also incapacitating and is not effective 
against V agents. 


with water 
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(2) Use the self-aid procedure given in the following 
paragraphs for specific agents if the agent has been 
identified. 

(a) Nerve Agents. The protective mask and hood, 
if available, must be donned immediately at the first 
sign of a nerve agent in the air. Stop breathing until the 
mask is on and the facepiece cleared and checked. The 
mask should be worn constantly until the absence of the 
nerve agent in the air is indicated or the individual 
moves into a clean area (where there are live animals, 
etc.) If, after masking, the survivor has an unexplained 
runny nose, tightness of the chest, dimness of vision, or 
breathing difficulty, the use of the antidote should be 
considered. (Use of the antidote is moderately to severe- 
ly incapacitating. The survivor should consider the se- 
verity of symptoms, availability of the buddy care sys- 
tem and requirements for rescue before injecting the 
antidote.) Exposure to high concentrations of a nerve 
agent may bring on incoordination, mental confusion, 
and collapse so rapidly that the survivor cannot perform 
self-aid. If this happens, a fellow aircrew member must 
administer first aid. Severe nerve agent exposure may 
rapidly cause unconsciousness, muscular paralysis, and 
breathing stoppage. Any remaining survivors should 
keep their masks on and move out of the area as soon as 
possible. The following precautions should be used 
when applying self-aid for nerve agents: 

-1. Antidote should not be used until certain it 
is needed. Pinpointing of the eye pupils or blurred vi- 
sion, tightness in the chest, and difficulty in breathing 
are signs it is needed. If certain nerve agents are in- 
haled, the antidote counteracts them and makes the sur- 
vivor feel better. 

-2. If survivors have inhaled a very large dose 
of nerve agent vapor, they may need more than one 
injection of the antidote to relieve their symptoms. If 
the symptoms are steadily becoming worse and the first 
injection does not relieve them, or if their mouth does 
not become dry, it may be necessary to use an extra 
dose. Inject the second dosage in a different muscle. 
(NOTE: Do not use your own combo pen to inject a 
victim; use theirs, Additionally, if you find a deceased 
aircrew member, remove the combo pens from the de- 
ceased and take them with you.) 

-3. If the difficulty in breathing is not relieved 
by the second injection, one more dose may be adminis- 
tered. Dryness of the mouth is a good sign. It means 
they have had enough antidote to overcome the danger- 
ous effects of the nerve agent. 

-4. Ifa drop or splash of liquid nerve agent gets 
into the eye, instant action is necessary to avoid serious 
effects. The eye should be irrigated immediately with 
water by tilting the head back, looking straight upward. 
Slowly pour water into the contaminated eye. Hold the 
eye open with the finger if necessary. Pour the water 
slowly so that irrigation will last at least 30 seconds. 
Survivors must irrigate in spite of the danger of breath- 
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ing nerve agent vapor. Don the mask quickly after com- 
pleting the irrigation, The pupil of the contaminated eye 
should be observed during the next minute, in a mirror 
if one is available or by someone nearby. If the pupil 
rapidly gets smaller, inject antidote intramuscularly at 
once. If the pupil does not get smaller, antidote is not 
needed. 

-5. If liquid nerve agent gets on the skin or 
clothing, it should be removed. The liquid should be 
blotted off the skin with a handkerchief, a piece of cloth 
torn from the outer clothing, or personal decontaminat- 
ing kits. Pinch-blotting the liquid won’t spread the con- 
tamination. Contaminated clothing must be quickly re- 
moved and the skin washed with soap and water. In an 
emergency, the contaminated portion of the clothing 
can be cut away and the contaminated skin area flushed 
with water. The muscles under the contaminated area 
should be observed for any signs of twitching. If none 
develops in the next half hour and the survivor has no 
tightness in the chest, the decontamination was success- 
ful. If twitching of the muscles under the area of con- 
taminated skin does develop, the antidote should be 
administered at once. 


-6. Food and water which may be contaminat- 
ed with nerve agents must be avoided. If a survivor has 
swallowed contaminated food or water and all of these 
symptoms occur—nausea, pains in the stomach, in- 
creased flow of saliva, and a tightness in the chest—the 
antidote must be administered. 

(b) Blood Agents. If, during any chemical attack, 
a sudden stimulation of breathing or an odor like bitter 
almonds is noticed, the survivor must don the mask as 
quickly as possible. Speed is absolutely essential: this 
agent acts so rapidly that within a few seconds its effects 
will make it impossible for survivors to don the mask by 
themselves. The breath should be held until the mask is 
on the face, if at all possible. This may be very difficult 
since the agent strongly stimulates respiration. 

(c) Blister Agents. The protective mask, hood, 
and clothing must be worn when liquid or vaporized 
blister agents are known to be present. There are two 
groups of blister agents, one called mustards and the 
other called arsenicals. Self-aid against mustards and 
arsenicals is the same. A liquid mustard in the eye will 
not hurt immediately. A liquid arsenical in the eye will 
sting and hurt severely. 


-1. To remove a liquid blister agent from the 
eye, the eye is irrigated using the same procedure as for 
removing nerve agents. Speed in decontaminating the 
eye is absolutely essential. The self-aid procedure is very 
effective for mustard within the first few seconds after 
exposure but is of little value after 2 minutes. 


-2. Generally, for any liquid blister agent on 

the skin, the survivor should: 
-a. Pinch-blot to prevent the liquid from 
spreading, using cloth or any other absorbent material 
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at hand. The used cloth or absorbent material should 
then be discarded. 

-b. Scrub the skin with soap and water and 
rinse thoroughly with clean water. When scrubbing, spe- 
cial attention must be paid to areas not covered by 
clothing (neck and ears). 

-3, Survivors must decontaminate or remove 
any clothing which is contaminated with liquid blister 
agent. Small areas on the clothing can be decontaminat- 
ed by using soap and water. The contaminated parts of 
the clothing can also be cut out, thus making the cloth- 
ing safe to wear. 

-4. When mustard vapor is detected, a survivor 
must put on the mask and leave it on until clear of the 
area. There is no decontamination procedure of any 
value when a mustard vapor agent is used. The damage 
is done as soon as the mustard vapor strikes the eyes, 
although the full extent of the injury may not appear for 
several hours. 

(d} Choking Agents. The protective mask should 
be donned immediately upon detection of any choking 
agents in the air by odor (like cut green corn or grass), 
irritation of the eyes, or change in the taste of a cigarette 
(smoking may become tasteless or offensive in taste). 
Survivors should hold their breath while masking. If an 
agent has been inhaled, normal survival duties should 
be continued unless there is difficulty in breathing, nau- 
sea and vomiting, or more than the usual shortness of 
breath from exertion. If any of the above symptoms 
occur, survivors should rest. 

{e) Incapacitating Agents. The mask should be 
donned immediately. Complete cleaning of the skin 
with soap and water should be done at the earliest op- 
portunity. The eyes should be flushed with clear water 
only. Survivors should shake or brush clothing, and 
when conditions permit, change clothing and thorough- 
ly wash the contaminated clothing. 

(f) Vomiting Agents. The protective mask must 
be worn in spite of coughing, sneezing, salivation, and 
nausea. The mask can be lifted from the face briefly if 
necessary to permit vomiting or to drain saliva from the 
facepiece. Carrying on duties as vigorously as possible 
will help to lessen and to shorten the symptoms. Surviv- 
al duties can usually be performed despite the effects of 
vomiting agents. 

(zg) Riot Control Agents. After the protective 
mask has been donned and cleared, the eyes should be 
kept open as much as possible. When vision clears, ac- 
tivities can continue. The eyes should not be rubbed. If 
drops or particles have entered the eyes, the eyes can be 
flushed with water. Chest discomfort can usually be re- 
lieved merely by talking. 


31-5. Avoiding Chemical Agents. If survivors are hit by 
a chemical attack, they may have to remain in a con- 
taminated area. After an attack, they should not expose 
themselves to other enemy weapons and must seek ar- 


considerably reduced. Therefore, advanced D2D 
communication is quite well aligned with loT servic- 
es as shown in Figure 25. The cars can communi- 
cate with each other to exchange the information for 
safety alarm and infotainment without cellular base 
station. The home appliances communicate with 
each other for home automation service. Many ob- 
jects in proximity region can be connected to each 
other so that loT services can be accomplished. 





























Figure 25 Advanced D2D Communications 


Advanced Small Cell 


To achieve significant throughput enhancement 
in a practical manner, it is necessary to deploy a 
large number of cells in a given area and to man- 
age them intelligently. The 5G system is expected 
to utilize higher frequencies to take advantage of 
the vast bandwidth in the mmWave bands. Hence, 
the considerably high propagation loss of mmWave 
makes it suitable for dense small cell deployment, 
which leads to higher spatial reuse. 


Moreover, Figure 26 shows the concept of a user- 
centric virtual cell. Conventional static network to- 
pologies with a central controller have an “edge”, 
the reach of the central controller. However, a user- 
centric virtual cell that consists of a group of coop- 
erating BSs is continuously reformed so that any 
user will always find himself/herself at the “center” 
of the cell. 


Distributed and self-configuring network technolo- 
gies will make it easy to deploy many small BSs in 
urban and suburban areas. In-band wireless back- 
haul can be used between BSs for cooperative 
communication, reducing the cost and complexity 
of backhaul network deployment. 
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Figure 26 User Centric Virtual Cellular Network 


5G Deployment Scenario 


In order to provide the ubiquitous high QoE gigabit 
accessibility, we envision an overlaid deployment of 
5G in conjunction with the existing 4G macro cells. 
The 5G small cells can be coupled with the overlaid 
4G macro cells, and the 4G macro cells will control 
the operations of the associated 5G small cells, as 
illustrated in Figure 27. In the figure, 5G BS primarily 
provides multi-gigabit per second throughput with 
high QoE to mobile users over the legacy spec- 
trum or higher spectrum like the 5 GHz unlicensed 
band and bands above 6 GHz. Meanwhile, the 4G 
BS can serve as a control channel to 5G MSs for 
supporting seamless connection anywhere over the 
legacy 4G spectrum. 


5G system will need enhanced RAN technologies 
that not only utilize the legacy frequency bands 
assigned to IMT and IMT-Advanced systems, but 
also use new frequency bands. At the same time, 
5G system will also need to support seamless in- 
terworking with other RATs operating in unlicensed 
bands. 
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Figure 27 5G Deployment Scenario 


Standardizations and Regulations 


As shown in Figure 28, 5G is planned to be com- 
mercialized in year 2020. ITU-R WP 5D is preparing 
timelines in the vision document for standardization, 
spectrum allocation, and commercialization, in or- 
der to be on time. From the perspective of commer- 
cialization, standards for 5G should be ready by the 
year 2017 to allow 2 or 3 years for the development 
of 5G products. Considering average periods of 
previous standardization, 5G standards need to get 
started in 2015 to make 5G standards available by 
the end of 2017. 


New frequency bands may be required to achieve 
the target performance of 5G. World Radio com- 
munication Conference (WRC)-15 agenda item 1.1 
made in WRC-12 indicates consideration for addi- 
tional spectrum allocations to mobile services on a 
primary basis and for identification of additional fre- 
quency bands for IMT purposes. 


5G Vision White Paper 1 3 
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eas which are less contaminated. If the attack is on a 
very small scale, they might seek an upwind area. De- 
pending on the area and weather conditions, crosswind 
movement may be best. Chemical agent attacks may 
cover too large an area to permit area avoidance. Select- 
ing routes on high ground may be advisable because gas 
is usualiy heavier than air and tends to settle in low 
places. Cellars, trenches, gullies, and valleys are exam- 
ples of places to avoid when possible. Woods, tall grass, 
and bushes tend to hold chemcial agent vapors. (NOTE: 
Survivors have a better chance to avoid chemicals if 
they are familiar with the attack areas and if they know 
their personal location.) 


31-6. Decontamination of Chemical Agents. Decon- 
tamination is removing, neutralizing, or destroying the 
agents. The purpose of personal decontamination is to 
remove agents from the body or personal equipment 
before serious injury occurs. An example of decontami- 
nation by removal is pinch-blotting the chemical agent 
from the skin. Neutralization makes the agent harmless. 
The contaminated cloth could also be buried. Common 
sense and quick thinking play a big role in personal 
decontamination. Survivors may have to rely on what- 
ever they have at hand to remove chemical agents from 
the skin, eyes, or equipment. If liquid nerve or blister 
agents touch any part of the body, they must be re- 
moved as quickly as possible. If survivors are caught 
without soap and water, then anything which can dilute 
or remove the agents will have to be used; it may be 
mud, dirt, or urine. A crude remover may remove only 
two-thirds of the agent, but it is far better than leaving 
the agent in full concentration. It must be remembered 
that nerve and blister agents penetrate very rapidly. 
(NOTE: Use a scraping action to avoid pressing the 
agent into the skin.) 


a. Soap is excellent for removing chemical agents. 
Cold water, while not as good as warm water, does 
dilute or weaken chemical agents. Hot, soapy water 
removes agents quickly. If the operational situation per- 
mits, a bath or a shower should be taken. The mask 
should be left on until after survivors have washed their 
hair and thoroughly scrubbed themselves while avoid- 
ing weiting the canister or cheek pads. Exposed areas 
and hairy regions of the body should be given extra 
attention. 
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b. When clothes have been exposed only to chemical 
agent vapors, airing usually decontaminates them (with 
the exception of mustard vapors which will absorb into 
the garment and requires washing for removal). If 
chemical agent droplets or liquid splashes are present, 
survivors will need detergent or soap and water. Wool 
clothes are best washed in soapy, lukewarm water. Cot- 
ton clothes can be boiled. 

c. Boots or shoes can be scrubbed with soap and water 
and rinsed at least twice. If the survivors’ choice is 
wearing contaminated clothes and shoes or nothing, de- 
contamination of the material must be done the best 
way possible. Almost any effort will help the survival 
situation. 


31-7. Tips for a Survivor: 

a. Keep the body and living area clean. 

b. Keep the nose, mouth, and skin covered. 

c. If a protective mask is needed, but unavailable, 
improvise. The charcoal cloth from the CD suit or un- 
dergarment makes a moderately effective mask for 
short-term agent exposure. The use of the aircrew hel- 
met, visor, and charcoal mask may provide a higher 
level of protection for the eyes and respiratory system. 

d. Build a shelter or rest area in a clearing away from 
vegetation. Decontaminate the ground by removing the 
top soil. Keep the entrance closed and 90 degrees to the 
prevailing wind. 

e. Do not use wood or vegetation from a contaminat- 
ed area for a fire. 

f. Look at the area around a water source and check 
for foreign odors (garlic, mustard, geranium, bitter al- 
mond), oily spots on the surface or nearby, and the 
presence of dead fish and animals. If they are present, 
do not use the water. 

g. Keep food and water protected. Bottled or canned 
foods and water are safe if sealed, and the cans are 
decontaminated before opening. 

h. If possible, obtain water from a closed source, pre- 
cipitation (if there is no evidence of agent vapor in the 
air), and from a slow-moving stream after it has been 
filtered. 

i. Do not use plants for food or water in a contaminat- 
ed area. 

j. Do not use sick animals as a food source. When 
skinning animals in a contaminated area, use protective 
clothing (gloves). 

k. If traveling, travel crosswind or upwind. 
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INTRODUCCION 


E S POSIBLE QUE la sentencia de los grandes fildsofos «Cualquier tonto puede sentirse inc6modo» 
| 


‘1a formulara después de un dia de campo pasado por agua. Tanto si trata de secar su ropa en un 
campamento inundado de lluvia como si intenta sobrevivir a un desastre inesperado, el conocimiento de los 
principios basicos de la vida al aire libre le resultaran de una ayuda inmensurable. Estos principios incluyen 
la construcci6n de tiendas y refugios, la eleccin o confeccién de sacos de dormir 0 camas, encender un 
fuego, asf como la prevencién o cura de ampollas y de algunas enfermedades. El aprendizaje de algunos 
principios mds especializados de supervivencia, como la navegacion en cualquier tipo de terreno o la 
depuracion de agua, es tan interesante yv Util para los usuarios con fines recreativos, como vital para quienes 


desafortunadamente se convierten en «supervivientes». 


A LA ESPERA DE LO INESPERADO 
En la practica, nuestro lema diario era «Espera siempre lo inesperado». Los largos ahos de entrenamiento 
en lugares lluviosos y potencialmente peligrosos valieron la pena; nuestro equipo de operaciones estuvo 
destacado en todo el mundo, a menudo trabajando en medios hostiles. La gente que trabaja en las 
fuerzas especiales es bastante realista sobre su trabajo, asi que una vez se habia comentado todo en 
el entrenamiento, no habia mayores problemas al Ilevarlo a cabo en la realidad. Sin embargo, estabamos 
enfrentandonos a «lo inesperado». 

Por el contrario, para los civiles que no se enfrentan a nada mds peligroso que la posible averia del 
automévil o al mal tiempo, el prepararse para alguna situacion de emergencia puede parecerles ridiculo. 
Sin embargo, la mas inofensiva caminata familiar, particularmente en un terreno montafoso, puede 
convertirse rapidamente en una experiencia desagradable si los participantes ignoran los principios basicos 
de la prediccién del tiempo, primeros auxilios, navegaci6n, ropa y calzado. Unicamente conociendo la vida 
en la naturaleza evitaremos muchos desastres comunes, 0 por lo menos los identificaremos antes de que se 
conviertan en una amenaza seria para nuestra vida. 

Prepararse para lo inesperado es un proceso constante de intentar entender como funcionan las cosas, 
y establecer lineas paralelas entre lo que forma parte de nuestra propia experiencia y entendemos, y las cosas 
extrafias y diferentes sobre las que no tenemos experiencia. Incluso cuando decidimos visitar un area 
desierta 0 un pais subdesarrollado, permanecemos como espectadores, manteniéndonos alejados de la 

realidad de la vida diaria de aquellos lugares por Ja naturaleza misma de nuestra vida urbana, 
llena de tecnologias modernas. Pero debemos cambiar nuestras actitudes de 
comodidad si queremos entender cémo funciona la vida realmente. Si tuvieramos 

















que establecernos en una remota isla tropical después de un accidente aereo, por 
ejemplo, es muy poco probable que dispusiéramos de agua embotellada, de 
comidas precocinadas 0 preparadas, e incluso de gafas de sol, y los 
accesorios urbanos como las tarjetas de crédito serfan absolutamente 
inuitiles. 
Asi pues, es en nuestro propio beneficio que debemos hacer un 
esfuerzo serio para abandonar nuestras vidas comodas y protegidas. 

Si podemos entender c6mo encajamos en el mundo, reconociendo 
honestamente nuestras fuerzas y debilidades fisicas y mentales, 
podemos dar el siguiente paso, convirtiéndonos en actores del mundo 
real, sin importar en qué parte del mismo actuamos. 
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CONOCIMIENTOS QUE PUEDEN SALVARLE LA VIDA 
Es imposible predecir los desastres que pueden ocurrir, asi que no podra 
adquirir las habilidades especificas necesarias para cubrir todas las opciones. 
Entender los principios bdsicos de la supervivencia es mucho mas 
importante que aprender técnicas de memoria, ya que la mayoria de las 
técnicas requieren alguna modificaci6n cada vez que se utilizan. Nada es 
facil, no importa lo bien entrenado que pueda estar, pero si aprende los 
principios basicos, sera capaz de adaptarse a una gran variedad de 
situaciones diferentes. 
La tecnologia moderna enmascara a menudo los principios basicos que rigen 
todos los trabajos fisicos. Creamos maquinas para cualquier trabajo, liberandonos de 
faenas que ocuparian la mayor parte de nuestro tiempo. Olvidamos los principios de la ffsica que rigen 
desde el clima hasta las herramientas que improvisamos. 

Es muy posible que hayamos aprendido y entendido muchos de estos principios en nuestras vidas, pero la 
mayoria de ellos estén guardados en nuestras mentes, y no siempre somos capaces de daplicarles a las 
situaciones de la vida real. La vida urbana tiende generalmente a hacernos inflexibles en la aplicacion practica 
de nuestros conocimientos, simplemente porque casi nunca nos encontramos en el tipo de situaciones en las 
gue no hay otra opcidn que la improvisacién para sobrevivir. 


LOS PRINCIPIOS DE LA SUPERVIVENCIA 
Cualquier tipo de conocimiento es importante. Incluso la fisica o la quimica casi olvidada del colegio, o una 
leccién de biologia, pueden ahorrarnos horas de experimentaci6n. Cuando somas ninas, canstruimos 
herramientas y otros artefactos continuamente, aprendiendo a aplicar los principios basicos, un proceso que 
se detiene cuando crecemos y empezamos a comprar articulos fabricados. En la naturaleza debemos volver 
a nuestra infancia en muchos aspectos, y volver a aprender a improvisar e inventar. Sin embargo, debemos 
trabajar como adultos, considerando los principios de ingenieria como el esfuerzo, la resistencia y la tensién, 
que deben combinarse teniendo una idea bien clara del propésito que nos gufa. Este proceso esta 
gobernado por la necesidad: si no lo logramos nos mojaremos, nos quedaremos hambrientos o 
padeceremos frio. 

Al combinar paso a paso las instrucciones con fotografias e ilustraciones, este libro contiene informacién 
sobre una gran cantidad de técnicas practicas, que muestran una transicién facil entre la vida urbana y la 
naturaleza en la que nuestros antepasados primitivos tuvieron que sobrevivir. Los conocimientos que 
contiene este libro podrian llegar a salvar su vida, si de repente se ve en la necesidad de tener que sobrevivir 
—incluso temporalmente—, como lo hicieron nuestros ancestros, por ejemplo después de 






un accidente, desastre o averia de su vehiculo, o en condiciones climdticas advérsas, 
cuando los servicios basicos se ven interrumpidos. 

Por otra parte, puede que sea un aficionado a las caminatas o un 
amante de las excursiones en la naturaleza, para alejarse de las 
presiones y complicaciones de la vida urbana. Cualquiera que sea 
su situaciOn, este libro le sera de ayuda inestimable, ya que le 
proporcionara gran cantidad de informaci6n necesaria, al 
tocar una amplia gama de temas especializados. 
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CONDICION FISICA Y MENTAL ; 
El capitulo uno trata sobre la condicion fisica y mental del hombre urbano, comparandolo con da 
otros animales y con pueblos primitivos que habitan tierras inhdspitas, a las que han tenido que 
adaptarse para sobrevivir. En situaciones de supervivencia, nos son impuestas las rigidas leyes 
naturales, y la realidad irrumpe en nuestra vida moderna de color de rosa. De repente, una buena 
condicion fisica resulta imprescindible. Al estar en forma, no sdlo aumentamos nuestras 
posibilidades de sobrevivir a un desastre, sino que también sabemos exactamente lo que nuestros 
cuerpos son capaces de aguantar. En este capitulo se dan algunos consejos sencillos pero 
efectivos para mantenerse fisicamente en forma, incluyendo tambien informacion practica sobre 
las necesidades nutricionales para mantener una buena salud a lo largo del ano. 


EL EQUIPAMIENTO ADECUADO 
En el capitulo dos se estudia el equipo necesario en zonas de montana, que va desde la ropa adecuada, 
los sacos de dormir y las herramientas, hasta un equipo de supervivencia personalizado que puede reunir 
por si mismo. Ademas de comparar articulos manufacturados, este libro le muestra como confeccionarlos 
usted mismo, si carece del equipo apropiado, Si no se dispone de materiales adecuados, los métodos de 
construcci6n deben modificarse, los disefos varian y se llega a soluciones intermedias —practicamente 
cualquier cosa puede fabricarse a partir de unas Cuantas ramas y WOz0s de cuerda. Que el equipo improvisado 
no sea particularmente vistoso y que deba utilizarse con precauci6n, no reviste la menor importancia, 
siempre y cuando cumpla una funcién. A lo largo de este capitulo —y de hecho, en todo el 
libro— se enfatiza la importancia de la conservaci6n de los recursos naturales. No existe ninguna necesidad 
de dafar el medio ambiente. De hecho, al adaptarnos al medio natural, tendremos muchas mas posibilidades 

















de sobrevivir, no sdlo como individuos, sino también como especie. 


PRINCIPIOS BASICOS DE LA VIDA EN UN CAMPAMENTO 
Si se encuentra en una situacién de supervivencia, la primera acciOn a efectuar consiste en buscar cobijo, ya 
sea erigiendo una tienda, o construyendo un refugio a partir de elementos naturales. El capitulo 
tres considera los distintos tipos de refugio necesarios en cada terreno diferente, ya sea en una 
jungla tropical o en una regidn polar. El fuego es el segundo punto a considerar en una 
situacion de supervivencia —con un fuego puede cocinar la comida, mantener su 
temperatura corporal, depurar agua para que sea potable y alentar su animo. Como 
construir y encender distintos tipos de fuego es un punto que se toca en el 
capitulo tres. El siguiente capitulo trata sobre la importancia del agua 
en el cuerpo humano, y le muestra como obtenerla. Es poco 
probable que el agua que encuentre sea pura; puede incluso 
transmitirle enfermedades que amenacen su salud. Asi pues, 
se enfatiza la importancia de la depuraci6n del agua. Después 
del agua, debe proveerse de alimentos. El capitulo cinco considera los 
distintos alimentos que puede comprar para llevar en una excursion, y Como 
reconocer y recolectar diferentes tipos de comida silvestre, desde plantas y otros 
invertebrados hasta pescado. Este capitulo también le aconseja sobre como preparar 
la comida silvestre para su consumo, asi como su conservaciOn para epocas en las que 
no se encuentre disponible de forma natural. 
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VIAJAR POR AREAS VIRGENES 
Es probable que no haya tenido la experiencia de cruzar un area totalmente virgen, pero mientras conozca 


los principios basicos de supervivencia en cada zona, sus oportunidades aumentardn enormemente. 

El capitulo seis trata sobre la forma de viajar en areas tan diversas como la jungla y el desierto, asf como las 
regiones polares y las Montafas Rocosas. También se indican algunas técnicas para cruzar rios y para caminar 
correctamente a fin de minimizar los accidentes, asi como algunos métodos elementales de orientaci6n y 
navegaciOn que podra utilizar en todo el mundo, y técnicas basicas de escalada en rocas, ttiles si surge 
alguna emergencia, Ademas de los viajes a pie, este capitulo también considera el empleo de vehiculos 
motorizados, trineos de perros, balsas, canoas y otras embarcaciones; € incluye consejos sobre la manera de 
confeccionar, cargar y utilizar este tipo de transportes. 


PERMANEZCA TRANQUILO 
Su supervivencia dependera de que tome las decisiones adecuadas. Pero sdlo entendiendo lo que puede 
pasar en una situaci6n de supervivencia sera posible tener la suficiente previsi6n para poder predecir algtin 
desastre potencial, y asi tomar la acci6n correctiva adecuada para prevenirlo. En las situaciones de ~ > 
supervivencia nos encontramos arrojados de repente hacia algo que no podemos evitar y en lo que muy 
pocas de nuestras habilidades normales son relevantes. Nuestro primer problema consiste en aceptar lo que 
ha sucedido. El panico y la depresi6n son los mayores enemigos de la mente, e impiden que aflore en las 
personas el deseo innato de sobrevivir. Un reconocimiento l6gico y franco de la situacién, de los recursos 
y de las opciones, determinard los primeros pasos a tomar. 

En el apéndice A se analizan los desastres y las situaciones peligrosas; asi como sus causas, c6mo 
predecirlas, prepararse para afrontarlas y sobrevivir a sus consecuencias. A continuaciOén, se mencionan 
algunos ejemplos de situaciones peligrosas en las que podria llegar a encontrarse, como quedar a la deriva 
en una balsa salvavidas en mar abierto, enfrentarse a un animal peligroso, a los desastres naturales como los 
terremotos 0 a condiciones climaticas extremas como los huracanes. Este apéndice indica cuando debe 





considerarse que tales desastres son inminentes y c6mo superarlos si se enfrenta a ellos. 

El apéndice B repasa las técnicas bdsicas de primeros auxilios, con un énfasis especial en las situaciones 
de supervivencia, en las que no puede simplemente llamar a una ambulancia por teléfono. Asimismo, le 
proporciona informaci6n sobre las enfermedades infecciosas en el mundo y c6mo evitarlas. 


DEPENDE DE USTED 
Por encima de cualquier otra cosa, la supervivencia exige una gran fuerza mental y claridad 
de pensamiento, La evaluacion logica de todos sus conocimientos y un reconocimiento a 
conciencia de sus habilidades y de las de su equipo, pueden Ilevarle a una conclusién 
desagradable o a una decisién dificil. Sin embargo, a diferencia de lo que ocurre en 







la vida diaria, en una situaci6n de supervivencia, usted determina su propio futuro, 
y de sus decisiones dependen su propia vida o muerte. 

Aunque este libro le ensena c6mo podrian hacerse las cosas, cn una situacién 
de supervivencia real debe hacerlas por si mismo. Si las cosas no salen como 
se describe en estas paginas, tendra que arreglarselas solo. Sin embargo, si'sigue 
los detalles espectficos de este libro, y adapta los principios basicos, aumentaran 
notablemente sus posibilidades de supervivencia, incluso en las condiciones 
mas adversas., 
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Figure 28 5G Timelines 


In light of this agenda item, various frequency rang- 
es had been proposed and discussed in ITU-R WP 
5D in July 2018, and Joint Task Group (JTG) 4-5-6-7 
had performed compatibility studies among various 
technologies in each candidate frequency band un- 
til July 2014. 


Although bands above 6 GHz were not included in 
JTG 4-5-6-7’s candidate frequency bands, WP 5D 
has been developing a new report on IMT systems 
in bands above 6 GHz, including channel charac- 
teristics and the potential usage of the bands for 
IMT systems. 


WP 5D may also provide JTG 4-5-6-7 with the nec- 
essary information regarding bands above 6 GHz 
in order to be referenced as appropriate in the draft 
text of Conference Preparatory Meeting (CPM). The 
possibility and further necessity to study the bands 
are captured in the report from JTG 4-5-6-7 to CPM 
as follows: 


‘The demand of high bit rate, especially in densely 

populated area could be accommodated in higher 
frequency bands (e.g. above 6 GHz) than those 
currently being considered in studies, however the 
technical information required for compatibility stud- 
les has yet to be developed and these studies and 
proposals are being explored for future work, be- 
yond WRC- 715.” 


This report implies that new frequency bands can 
be added to the IMT frequency bands toward WRC- 
19, and it is likely that bands above 6 GHz can be 
one of candidate frequency bands. 


In addition, Licensed Assisted Access (LAA) study 
item has been accepted in 3GPP LTE in the second 
half of 2014, acknowledging the use of unlicensed 
bands for cellular system. 


Recently, as FCC relieves 5GHz band regulations 
for various unlicensed band usage, related coexist- 
ence technology between LTE and WLAN will be 
standardized in both standards. 


Further, as shown in Figure 29, Samsung is actively 
engaging in the most of global 5G research initia- 
tives, such as European 5G PPP projects of Hori- 
zon 2020, 5G Innovation Centre (5GIC) in UK, NYU 
Wireless Center in US, Giga KOREA project and 
Chinese 836 project. 


Samsung is leading various collaborations with in- 
dustries and academics over the world. In particu- 
lar, Samsung has played an important role as the full 
member of 5G PPP Infrastructure Association, the 
executive board member of 5G Forum in Korea and 
the chair of vision sub-working group for Future IMT 
(5G) in ITU-R WP5D. 


In order to have a consistent perspective on 5G with 
those of other academic institutes, we are vigor- 
ously developing 5G core technologies with several 
outstanding universities around the world. 
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Figure 29 = Global 5G R&D Activities 


Conclusion 


5G will usher in a revolutionary generation of mobile 
communication that provides ubiquitous multi-Gbps 
data rate regardless of the user’s location. 


Significantly increased system capacity and real- 
time responsiveness of the 5G system will introduce 
life-changing services providing the users with a 
truly immersive and rich experience. The profoundly 
life-alternating world of billions of interconnected de- 
vices, the loT, will require something as revolutionary 
as 5G to be fully realized in its fullest extent. And 
finally 5G promises to reverse the widening revenue 
gap and make it worthwhile for operators and ser- 
vice providers to invest again in innovative new ser- 
vices, and continue to propel increased productivity 
and efficiency. 
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Por NATURALEZA, TODOS somos supervivientes, guiados 
por nuestro deseo de vivir antes que morir, 
impulsados por el miedo cuando nuestras vidas se ven 
amenazadas. Sin embargo, en terminos puramente 

fisicos, estamos muy pobremente equipados para 
resistir el medio o a nuestros enemigos naturales. Mas 
atras en nuestra linea de evolucion, esta debilidad 
result6 ser una enorme ventaja, ya que oblig6 a sae 
criaturas simiescas de las que descendemos a_ 
~ desarrollar sus cerebros y a dominar a sus adversarios 
mas fuertes. Conforme estos primeros humanos 
citer su cerebro antes que su fuerza ose if 
a & fi ron ganando ventaja sobre sus enemigos 1 naturales, — 
yc ; desatrollaron su poder mental y destreza. Nosotros _ 
ba esce ademos de aquellos que continuaron pe an 











erin entando y peérseverando, de aquellos que | ne 
: ptaron a los cambios y sobrevivieron. mientras — 


“otros morian. Al'ser los mejores supervivientes de a 
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,ES USTED UN SUPERVIVIENTE2 


CONDICION FISICA 


L HOMBRE ES fisicamente inferior a muchos otros 

animales, si no a la mayoria. Sin embargo, su gran 
ventaja es la falta de especializaci6n. Tiene la inteligencia 
y la capacidad de desarrollar nuevas habilidades y de 


EL CUE 





Olfato. El hombre tiene un buen sentido del olfato, 
aunque no esta tan desarrollado como el de otros 
animales, como el del perro. En la naturaleza, el olfate 
es util para la identificaci6n de alimentos, para advertir 
la presencia de otras criaturas y para prevenir peligros 
como los fuegos forestales. 





Oido. Los animales salvajes esttin acostumbrados ———\————___ 
a tdentificar los peligros por su sonido 

Sin embargo, el hombre urbano vive en un medio 
ruidoso que reduce la sensibilidad de sus otdos 

y su deseo de escuchar con atencién 


Gusto. Las papilas gustativas en la lengua -~ ‘ 
permiten al bombre la percepcién de sabores 
agrios, dulces, salados y amargos. El cerebro 
interpreta la informacion recibida a través de las 
papilas y del olor del alimento para crear un 
sabor particular 


Ritmo respiratorio. E/ ritmo respiratorio del 
hombre depende de la cantidad de oxigeno que el 
cerebro cree que necesita el cuerpo. Este ritmo 
aumenta al realizar esfuerzos 0 al experimentar 
temor, y en las grandes altitudes, donde el aire 
contiene una menor cantidad de oxigeno. 


Columna vertebral. El bombre ain esta 
disefiado para caminar sobre cuatro 
fatas. por lo que el dolor de espalda es el 
precio de permanecer erguido sobre dos 
piernas. 


ol 


Pa 
Pulgares opuestos. El hombre tiene pulgares —~ e 
y dedos que puede mover independiente- 
mente para coger los objetos. Esto le permite 
confecctonar y utilizar hberramientas 
complejas, una babilidad que contribuye a su 
gran adaptabilidad. 





Articulaciones. Algunas articulaciones, 
como las rodillas, son débiles y propensas 

a los accidentes. En la vida urbana, los 
humanos no las ejercitan lo suficiente. Este es 
uno de los puntos mas débiles de su diseno 


Pies. Como todo el peso del 
cuerpo descansa sobre los pies, las 
lesiones y otros problemas de pies 
son muy communes, en especial en 


ferrenos accidentados 





adaptarse a nuevas situaciones. En un medio urbano, el 
hombre no utiliza su cuerpo como lo haria en la naturaleza. 
El hombre primitivo es mas dueno de su propio destino que 
su equivalente urbano. 


RPO HUMANO 


_ Cerebro. Fl cerebro grande y complejo del hombre 
compensa con creces la falta de adecuaci6n dé sus otros 
sentidos. Gracias a él, puede pensar con l6gica, tener 
el sentido de la historia, una concepcion del futuro y la 
capacidad de reflexionar sobre su lugar en el universo. 


a, 


a 


—. Vista. E] hombre tiene un campo visuai de unos 

210 grados, de los cuales unos 120 grados se 
sobreponen, creando la vision estereoscépica. Esto le 
permite ver los objetos en tres dimensiones y apreciar 
las distancias. También puede distinguir los colores a 
la luz del dta 


‘\. Dientes. Los dientes del hombre sirven 
fanto para cortar carne como para 

masticar vegetales. Asf pues, los dientes 
estin adaptados a una dieta omnfvora 


— Coraz6én. Fi corazén mantiene a los demas 
6Grganos funcionando ai bombearles sangre 
rica en oxigeno. Sin un ejercicio regular, el 
corazon pierde su condicién y deteriora 

el funcionamiento dei resto del cuerpo. 


Piel. La piel no sélo protege los 
Organos internos, sino que también 
controla la temperatura corporal 
gracias al sudor. Al haber perdido a 
la larga do lac sigins la mayor parte 
de su vello protector, la piel 
bumana debe protegerse del sol, 

de la lluvia y del [rio 


El animal bumano. F! hombre no puede 
equipararse a ningun otro animal. En la 
naturaleza, puede convertirse en presa de 
cualquier depredador, ya que es incapaz de 
defenderse con zarpas, garras, dientes 0 picos, 
0 de protegerse con un caparazon, 0 de 
esconderse. Carece de la vista y del olfato de 
otros cazadores, ast como de la velocidad 
suficiente para alcanzar a sus presas. En 
algunos ambientes, no puede mantener su 
temperatura corporal sin ropas especiales. 

Sin embargo, el hombre es un superviviente 
nato que, debido a sus debilidades fisicas, 

se ha visto forzado a desarroilar su inteligencia 
y destreza —aptitudes fundamentales para 
sobrevivir. 
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LA ADAPTACION DE ALGUNOS ANIMALES 





Lirén. Pequerio y nervioso, con un metabolismo acorde, extrema- 
damente rapido, el liron biberna durante el invierno cuando 
hay muy poco 0 ningtin alimento disponible. Durante la 
we. hibernacion, sus ritmos respiratorio y cardiaco dismt- 
: é = nuyen, y su cuerpo se alimenta de los depdsitos de 
Sse, = grasa que ba acumulado antes de su largo sueno. 














Ballena. Aunque la ballena es un 
mamifero que necesita respirar atre, 
esta bien adaptada a su medio 
marino: puede retener la respiracion 
hasta 20 minutos para sumergirse en 
las profundidades en busca de 
alimento. Sin embargo, el estar tan 
bien adaptada es también una 
limitacion, ya que es incapaz de 
escapar de ese medio. 
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Zorro del Sdhara, Las grandes orejas 
del zorro del Sahara pueden girar 
para localizar con exactitud el menor 
de los sonidos, permitiéndole cazar de 
dia o de noche. Su gran drea 
superficial le permite disipar el 
excesivo Calor corporal en su medio 
ambiente natural, el desierto. 


CERCANO AL HOMBRE 





Ademas de a los monos, el hombre es fisiol6gicamente 
cercano al cerdo. A semejanza del hombre, el cerdo puede 
alimentarse a base de carne y vegetales, y sus Organos y 
fisiologia general son comparables a los del cuerpo humano, 
aunque tiene mayor grasa corporal y su piel es mds gruesa 
que la del hombre. En el pasado, los canfbales de las islas del 
Pacifico hablaban de comer «cerdo largo», en referencia, 
quizd, a la similitud entre la carne humana y la de cerdo. 


Cerdo domeéstico, 


Musarafia, Gracias a su pequeno 
famano y a su rapidez, la musarana 
tiene una elevada actividad meta- 
bdlica. Sin embargo, debe comer cast 
continuamente para permanecer viva. 


EL EFECTO DEL MEDIO AMBIENTE 


La naturaleza no es un jardin del Edén. Incluso las enfermedades 


simples que un hombre urbano considera normales, como la caries, la 
falta de higiene o las infecciones ordinarias, son potencialmente 
mortales. La vida urbana tampoco es mucho mejor, ya que a menudo 





El cerdo tiene 


una fisiologta 
muy similar 


a la del 


crea tantos problemas de salud como los que resuelve. Estos oscilan 
desde los dolores de cabeza causados por un ruido excesivo hasta el 
cancer producido por un envenenamiento por radiaciOn. 


hombre. 


# Un bajo contenido de oxigeno en las grandes altitudes puede dificultar la 
respiracion, y agravar los trastornos respiratorios como el enfisema. 

= E] humo del tabaco y la contaminaci6n del aire pueden provocar cancer de 
pulmén y otros trastornos respiratorios como el asma. 

= E] agua residual y las aguas contaminadas con organismos causantes de 
enfermedades pueden ser responsables de problemas digestivos, 

® En los casos extremos, las sustancias quimicas en los alimentos, asi como !os 
pesticidas en los productos agricolas, pueden causar alergias, cancer, dafo a los 
ovarios, al higado, a los testiculos e hiperactividad. 

® Los rayos ultravioleta del sol pueden causar cancer y envejecimiento de la piel. 





LA ACTITUD MENTAL 


Sea cual sea la seriedad de una _ parte de sus atributos ffsicos y 


i heno y de otras problemas respiratorios cama el asma, la ren y la nenmonia de subrepunerse a clla de cada supervivencia cn la naturaleza, 
@ Los niveles extremos de ruido pueden causar sordera y zumbido, asi como individuo, la actitud mental es los hombres tienen que 


dolores de cabeza, estrés e irritabilidad. 

® Los solventes industriales en contacto con la piel, o la inhalaci6n de sus 
vapores, pueden causar reacciones alérgicas o dafiar el higado y los rifiones. 

= La radiaci6n proveniente de fugas de maquinas o plantas nucleares puede 
causar dafios en los espermatozoides y aumentar el riesgo de nacimiento de 
nifos con leucemia y otros defectos congénitos. | 

= £1 estrés, resultado de una acelerada vida urbana, puede causar una serie de 
problemas fisicos y mentales como la colitis y la tilcera gastroduodenal. 


la clave de la supervivencia. 
El hombre es el gran habilidades manuales. 
superviviente, y utiliza su El sentido comtin es una de las 
cerebro para.mantenerse por caracteristicas humanas mas 
delante de sus competidores valiosas, pero el deseo de 
animales. La vida urbana s6lo le —_ sobrevivir en cualquier situacién 
obliga a utilizar una pequefia es mucho mds importante. 


aprender de nuevo muchas 
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NECESIDADES NUTRICIONALES 


AS CARACTERISTICAS FISICAS de los animales estan 


velocidades. Sin embargo, el hombre es omnivoro, lo que 
determinadas por los alimentos que comen. Por 


significa que puede comer carne o prescindir de ella, y tiene 
ejemplo, los herbivoros tienen estomagos multiples para dientes tanto para desgarrar carne como para triturar 

digerir las resistentes hierbas, asi como molares para pastar; vegetales. Si sigue una dieta vegetariana, debe asegurarse 

los carnivoros tienen dientes para desgarrar carne, y cuerpos _ de que le proporciona toda la gama de vitaminas y minerales 
adaptados para moverse sigilosamente o desarrollar grandes que obtendria de cualquier otro animal. 


F 


OS CIMIENTOS DE LA VIDA 












Minerales. Los minerales son necesartos para una 
AVELLANAS gran variedad de funcitones, que van desde el 
control del metabolismo hasta la osificacion y 
la contribucion al cierre de las beridas. 
lina deficiencia de minerales puede ocasionar 
calambres y convulsiones. Si no come Carrie, es 
vital que siga una dieta variada que incluya 
vegetales verdes, nueces y fruta para obtener todos 
los minerales, principalmente el bierro. Las setas 
también contienen minerales, ast como las algas. 


NUECES DEL BRASIL 


Grasas. Las grasds son una Fibra. La fibra facilita el funcionamiento 
valiosa fuente de energia y correcto del intestino y la evacuaciOn de 
son necesarias para residuos. Se obtiene de las frutas, las 


: generar ) reparar ids verduras y el pan. . cay ge 
generar \! reparar la duras y el pe GROSELLAS 
células del cuerpo. — 


También contribuyen 
a la sensacion de 
saciedad después de 
comer. Recuerde que, a fin 
de ser digeridas, las grasas 
requieren und gran 
cantidad de agua, y s6lo deben 
consumirse cuando bay abundante agua 
disponible. Las nueces son ricas en grasas 
yen Protetrets. 













SETAS 


CACAHUETES 









| DATILES 
PACANAS 


NUECES 


Hidratos de carbono. 
Los hidratos de carbono 
desempenan un papel vital 
en la nutricién al aportar 
energia al cuerpo. Se encuentran 
en forma de aztcares 0 almi- 
dones que se degradan y al- 
macenan en el bigado hasta 
gue son necesarios para libe- 
rar energia en forma de glu- 
cosa, El exceso de glucosa que 
no es requerido para aportar 
se convierte en grasa. La miel es 
excelente fuente de aztucar. 






CAQULO PALO SANTO 


Vitaminas. Las vitaminas 
controlan el crecimiento y el 
mantenimiento de los tejidos 
del cuerpo, y estimulan la 
produccion de energia. 

Las frutas frescas son la mejor 
fuente de vitaminas. 
Durante las situaciones de 
supervivencia en regiones tem- 
pladas, la fruta debe recolectarse 
y almacenarse para el invierno. 


| PAPAYA 
PANAL 







Proteinas. Las protetnas son imprescindibles en la 
formacién de tejidos y para mantener el 
crecimiento. Alounas proteinas deben 
obtenerse de los alimentos, ya que 
proporcionan aminodcidos esenciales que 
nuestro cuerpo no puede sintetizar. 
La carne y el pescado proporcionan todos 
los aminodcidos necesarios y, adicionalmente, 
vitaminas y minerales. Algunas proteinas pueden 
obtenerse de productos vegetales 


in 
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CALORIAS NECESARIAS AL DIA 





La energia obtenida de los alimentos se mide _ subsistir. Incluso si permaneciera en la cama depende de varios factores, como la edad. Los 
en calorias. E] hombre necesita un todo el dia, quemaria cerca de 2.000 calorias.  supervivientes deben intentar equilibrar la 
determinado numero de calorias para El ntimero de calorias necesarias diariamente entrada de calorias con el consumo de energia. 


Lefiador. |/na actividad 
fisica pesada, como la 
tala, requiere un mayor 
aporte diario de calortas 
que un estilo de vida 
sedentario, ya que se 
necesita mas enersia 
para mantener el cuerpo 
en movimiento y los 
musculos en uso. En las 
explotaciones forestales, 
estas calorias se obtienen 
gracias a comidas ricas 
y abundantes. 





Cientifico tropical. Las personas ' —__— — 
gue viven en los trépicos requieren | CONSUMO DE ENERGIA 
menos calortas que aquellas que | airmen er ere 
viven en climas frios. Las altas | Cada actividad requiere un distinto numero de 
lemperaturas provocan un sudor calorias, segun el clima, la condici6n fisica y 

continuo, que produce una pérdida la cantidad de esfuerzo necesario para cada tarea 

Ge MmInerales y SALES, POr 10 que tes en particular. Las siguientes cifras son una guia general 
dieta debe eslar equiliorada. para un hombre y una Mujer «de actividad media». 
Debe recordar que sus necesidades caléricas 
particulares, y la cantidad de energia que requiere 

para cada actividad variaran segun el clima y el tipo 
de terreno en el que trabaje. 





Alpinista. 

Las constantes 
lemperaturas de 
congelacion \) la 
necesidad de estar 


dlerta conlinuamente, Actividad Calorias por hora 


convierten al 


MONANISMO en UNA BE Piel nll IB Oa ee 
actividad de gran BstarsenGigG: soy 
consumo calérico, San Encender un fuego 135 
necesa rids mas de | igi so mei cap) |! en 
5,000 calortas por dia a 
para que el cuerpo ir en bicicleta | { 240) 
MaANLENRA SU Cortar madera 360 
femperalura interna. Ronee! he Ube | | 980 
Pueden requerirse Si wise i ca 
calortas adicionales RAGE UAT hie ies et ee RU 
para otras actividades Nadar 500 
como tirar de un a ae ee ee Me aT 





trineo. 





Necesidades caloéricas. 
Fi metabolismo de los 


CALORIAS NECESARIAS AL DIA 





Cal | 18-35 anos = 36-55 anos bombres es menos eficientie 
— que el de las mujeres; las 
3.500 hombres tienen menos 
aislantes naturales, por (0 
3.000 a cual queman mds calortas 
i ug al = ne Las personas joveries 
- jal queman mds Calortas que 
2500 las mayores, en parte 
Porque son Mas aACTIVAS, 
2.000 pero también porque la 
madurez tiende a disminuir 
— el ritmo metabolico. 





| | HOMBRES 


| MUJERES 


inactivos Activos Muy activos Inactivos Activos Muy activos Inactivos 


Activos 














CAPITULO DOS 


BASICO 


Con EL EQUIPAMIENTO correcto para ‘cae id da : “actividad y- 
medio particular reducira drasticamente la osibilidad 
de sufrir un accidente y el tener que enfrentarse a 

| ‘una seria situacion de supervivencia. 
~ Los proveedores de equipamiento deben 
faldachisioiade el material adecuado para cualquier 


sm tipo de clima y terreno. Puede gastar gran cantidad de 


dinero comprando artict los muy yistosos, pero es mas 
importante dedicarse a. encontrar el equipaje que 
realmente necesita para sobrevivit. Sinuna 


experiencia propia, deberia averiguar lo que otras _ 
_ personas, con mas experiencia, han utilizado: en. | 
ome - situaciones similares, y no fiarse de la brill nte 
ee yg a - ia de los vendedores. Algunos articulos 
ae re ne ‘como, por Genel. el cuchi lo ¥. la br ait j 


Pndpires que encuentre, Givos action de como hi 
almohada hinchable 0 una colchoneta, slo mejoraran 
su comodidad, por consiguiente, puede prescindir de 
ellos. Una vez haya seleccionado su material, debe 

prepararse para modificarlo seguin sus necesidades 
precisas. Piense en las piezas que podrian desgastarse 
oO romperse, y en cOmo asegurar las herramientas y la 
ropa —en especial los guantes y sombreros— para no 
perderlos. 


EQUIPO DE SUPERVIVENCIA 
El excursionismo se ha convertido en un pasatiempo popular en todo el 
mundo y ha creado una moda en ropa y material. Sin embargo, mientras 
tenga los articulos bdsicos, podrd aventurarse en las zonas mds 
impresionantes con toda confianza y. seguridad. 
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EQUIPAMIENTO BASICO 





LA ROPA ADECUADA 


ARA VEZ LLEVAMOS la ropa apropiada a las condiciones 
naturales en las que vivimos. La vida urbana nos 
acostumbra a llevar ropa para estar comodos y a la moda, 
y no para mantener la temperatura corporal, y ademas 
nos aisla del medio con la calefacci6n artificial y el aire 


EL 


acondicionado. Incluso si compramos ropa disenada para la 
vida exterior, ésta es mas moderna que practica. Puede 
gastar mucho dinero en conjuntos «de diseno» o comprar 
los articulos mds esenciales, que cumpliran bien su funcidn, 
aunque no sean del color de ultima moda. 


PRINCIPIO DEL SISTEMA DE CAPAS 





Un cierto niimero de capas de tejido 
mantendran mejor su temperatura corporal 
que una sola prenda gruesa. Si tiene 


La capa interior. La primera 
capa, en contacto con la piel, 
debe consistir en una camiseta 
de algoddén 0 und camiseta 
térmica de manga larga, que se 
ajuste bien al cuerpo, pero sin 
que lo apriete. Debe estar becha 
de un material que absorba la transpiraci6n y 
que no se pegue a la piel (levdandola fuera del 
material). Esta capa debe mantenerse lo mas 
limpia posible para evitar una acumulacion de 
suciedad que llegaria a tapar sus poros. 





La tercera capa. la tercera 
capa deberia consistir en un 
Jersey de lana 0 una chaqueta 
ligera de fibra polar. Si esta en 
movimiento, incluso en el 
arnco, ésta es la cana aque dehe 
quilarse para evitar un 
acaloramiento excesivo. Puede airear su 
plumifero (véase pagina siguiente ) si alin tiene 
calor. Cuando se detenga a descansar, vuelva a 
ponerse la capa intermedia antes de empezar a 
sentir frio. Esta capa puede sustituir a la exterior 
en regiones templadas cuando el clima es suave. 

















Lana Esta fibra natural tiene propiedades aislantes incluso La lana es pesada cuando esté mojada y tarda en 
cuando esta himeda, manteniéndole comodo a menos secarse. Puede dar sensacidn de picor en contacto 
que esté totalmente mojada. Arde sin llama cuando se _ directo con |a piel. Puede encogerse al lavar. 
expone a una llama. 

Algodon El algodan es resistente, permite la «respiracidn» y Es pesado cuando esta mojado y puede encogerse si se 


absorbe la humedad. Es un material especialmente 
indicado para la ropa interior y para todo tipo de 








demasiado calor, puede controlar su 
temperatura corporal eliminando capas o 
«airedndolas» (abriendo cremalleras o botones 


La segunda capa. La segunda 
capa debe ir mds suelta, pero 
con la posibilidad de proteger y 
mantener el calor en el cuello 
y las muriecas. Puede consistir 
en una camiseta con cuello 
tipo polo y cremallera, a en 
una camisa con cuello, mangas que puedan 
remangarse y punos con botones. En un clima 
cdlido, esta capa puede ser la exterior, si bien 
pueda requerir una proteccién para el viento 
(véase la pagina siguiente ). 


La capa exterior. La capa 
exterior debe ser una chaqueta 
impermeable o que le proteja 
del viento, o que cumpla ambas 
funciones, dependiendo del 
clima en el que se desenvuelva. 
En las regiones dirticas requerird 
un anorak acolchado que le proteja de los fuertes 
vientos, Debe tener la posibilidad de airear la 
chaqueta para evitar el exceso de calor. En dreas 
templadas el principal problema es la lluvia; 
puede llevar entonces una prenda impermeable 
sobre la chaqueta. 


CARACTERISTICAS DE LOS MATERIALES TEXTILES 


ropa que deba llevarse en contacto con la piel. 


Fibra polar 





Mat. sinteticos y 
transpirables 


aislan de la lluvia. Generalmente protegen del viento, 
y se utilizan para las prendas exteriores. 


Se utiliza como tercera capa para alejarla humedad _ Este tejido sintético no corta el viento. No se comprime 
del cuerpo al mismo tiempo que lo mantiene caliente. 
Pesa poco y es resistente. No absorbe la humedad. 


Permiten que el sudor se evapore al mismo tiempo que Las costuras en estos tejidos permiten el paso del agua. 
En condiciones muy himedas, los poros del tejido pueden 
taparse, y en climas muy frios la humedad puede con- 
densarse en el interior. La evaporacién del sudor puede 
dar como resultado una pérdida de calor. 








seca a altas temperaturas. Puede rasgarse con facilidad. 
No corta el viento y arde facilmente. 


facilmente y puede producir «bolitas» en la parte 
exterior después de un uso prolongado. 


para dejar escapar el aire caliente y permitir la 
entrada de aire fresco). Este principio se aplic: 
tanto en los climas calidos como en los frios. 


Calzoncillos. Unicamente 
requerira ropa interior larga y 
térmica en Zonas con tempera- 
turas bajo cero. En las regiones 
articas, un refuerzo impermea- 
ble en la ingle protegera del 
viento esa parte del cuerpo, y le 
sera titil si tiene que esquiar: Un pantal6n moja- 
do se secara mas deprisa si no lleva ropa interior 
larga, aunque puede combatir este problema Tle- 
vando pantalones impermeables, En climas tem- 
Pplados, use unos calzoncillos cortos de algodén. 


Pantalones. Los pantalones 
deben permitir la libertad de 
movimientos y deben estar 
bechos de un material que se 
seque rapidamente cuando se 
ha mojado. En condiciones 
muy bumedas, puede ponerse 
pantalones impermeables para proteger sus 
piernas de una luvia intensa (véase pagina 
siguiente), aunque pueden causarle un calor 
excesivo. En condiciones de frio intenso deben 
utilizarse pantalones impermeables acolchados 
por encima de los pantalones y las botas, como 
proteccion adicional. 


La eleccion del 
material. La ropa 
puede fabricarse con 
una gran variedad de 
materiales, desde la 
lana o el algod6n basta 
los tejidos sintéticos, 
algunos de los cuales 
permiten la 
franspiracion, mientras 
que atslan de la lluvia. 
Los materiales sintéticos 
no siempre son tar 
resistentes como los na- 
turales. Las fibras 
naturales como el 
algodon y la lana 
pueden encogerse si se 
SCCdN @ femperatu ras 
elevadas después de 
lavadas. 


a Er eee ll 
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ROPA PARA CLIMAS EXTREMOS 





Si al elegir su ropa sigue el sistema de capas (véase pagina 

anterior) debe ser ¢: apaz de equiparse con las prendas adecuadas 

para cualquier tipo de clima. En una situaci6n de supervivencia, 

pucde que no disponga de las prendas fabricadas para un clima 

especifico, pero puede utilizar “ sistema de capas en combinaci6n C4Pp4 base. 


tks Ling camiseta de 
con refugios y fuegos par: : sntos adve ) ) 
e fuegos para protegerse de los elementos adversos. alist cack oraleiilen 














____ Sombrero. Un sombrero de 
ala ancha protege la cabeza } 
el cuello del sol. Los pequerios 
orificios de ventilacion 
alrededor del ala contribuyen 
a mantener la cabeza fresca 


ea los clim: 4S extremos V en terreno hostil, la ropa debe prc tegerle debajo dle la caniisa 
S¢ aquellas circunstancias que puedan danarle o causarle la muerte —_absorbe el sudor de la 
r ejemplo las que se encuentran en los desiertos (véase piety leinrantiene [resco a 


pagina 142). El viento, el frfo, el calor, el sol v la lluvia 
r MUITU ®, Lb i i 2) i i‘ a 
constituyen la principal amenaza. Algunas prendas que son Seeundhcame. 
especificas para un clima determinado —por ejemplo las botas Una camisa ligera 
nara la selva— no suelen ser adecuadas para dreas menos acta como capa 
extremas, pero, en general, la mayor parte de las prendas pueden ?/”¢!Pat Las mangas 
ee ee ee errs ; , deben levarse bajas en} 
adaptarse a sus necesidades, ese ata aA 
situacitones de calor 
extrema, por eremplo 
en el desierto (véase 
pagina 142). 


— Capa exterior. 

Una chaqueta ligera } 
aislante sobre la camisa 
adciwara Como Capa 
final, protegsiéndole del 
vienio y del frio 
MOCHMETTTO, 





















Prefeccion para la cabeza. 
© pasamontanas cubre 
ie cmbeta. fos laterales de la 
ame y el cuellio, impidiendo 
= pérdida de calor. Puede 


Capa base. Una camiseta férmica y 
unos Calzoncillos largos constituyen 
la primera capa. Deben absorber \ 

, eliminar la transpiracion Mantenerse 

| fresco. La ropa 
para el clima cdélido 
debe ser ligera y 
suelta, Los colores 
claros reflejan el 
calor y contribuyen 
a mantenerle fresco. 
El principio de las 
capas también se 
aplica agut, de la 
misma manera que 
en el clima frio. 


Dereer farebieri tirtc 
ceche aislanie gue le 
mmorcione calor 
Manopla intermedia. 
Las manoplas de lane 
entre los guantes infertores 
y das manoplas exteriores 
fe permiten coger los 
oljetos sin perder el calor 
de las manos. 


Cape infermedia, __ 
ersey de fibra polar 


wm oeberia 
gtsorper ei sudor de ia 
ee ee yy mdariener 
Se Cain de aire 


= rs - ZZ H a 
mete alrededor 


. Segunda capa. 
Una cama con cuello 
tipo polo debe cubrir el 
pasamonianas a la 
altura del cueillo, y los 
euantes ala altura de 
los prrtas 


Pantalones. Los pantalones no 
deben ser ajustados nt pesados, 
sino de un material ligero, como 
el algoddn. 


Capa exterior. 


M2 durante ln anorak acolchado 

- _— S IOS Stl yecon capucha &S 

— asad} esencial. Dehe tener 

mummeies eriuesas : Botas,. Las botas deben ser 
Peas Qruesas. - wn clerre frontal 


ligeras, aungue con una suela 
resistente para caminar ( véase 
pagina 24 ). 


solapado y wna capa 
impermeable en tejido 
transpirable 


Pamtaiones. (1/1) panialon 
—_ » cubre ja zona de 


= ometers, donde la ropa 

fae Calesdr molestias 

el caminar: permite, - 

= errif led | a — =e ee 
Oe ares eal MANTENERSE SECO 


Estar mojado constituye un grave problema de 
supervivencia. Debe ponerse el traje impermeable 
en el momento que empiece a llover, y 


Botes. Las botis dé 

mere Sienen und SEDGE | quitarselo tan pronto cese la lluvia. El equipo 
raze pls il heoiihiouas $e de lluvia a base de materiales impermeables 
ae ai wee niet capas también no es adecuado para los excursionistas ya que 
ie Reegere inter sicis se aplica a los produce sudor —elija tinicamente materiales 
Geten Bevarse dos ——« transpirables, Utilice pantalones impermeables 
a <a manoplas gruesas Solo Cuando Nueva y haga trio a la vez. Unas 


ehiciian ae olin ies | polainas mantendran secos sus pies y 
jinas. } pantorrillas, incluso al cruzar rios. 


Mamtemerse en calor. En situaciones de [ro extremo, deben cubrirse todas las 
marses Gel cuerpo expuestas; resulta vital el seguimiento del sistema de capas. 
narese G@ airear O a quitarse alguna prenda si siente calor excesivo al moverse 
mimaajar. El sudor atrapado reduce las propiedades aislantes de la ropa y' puede 


Gansar Oipotermid (véase pagina 163) 


Equipo para tiempo Iluvioso. El equipo 
impermeable debe cubrir todo el cuerpo, 
desde la cabeza hasta los pies. 





IA EQUIPAMIENTO BASICO 





CALZADO 


K L PESO DEL cuerpo humano esta calculado para ser considerar. El calzado debe haber cedido antes de ser usado. 
soportado por cuatro pies en lugar de dos, asi que los Para ello, humedezca las botas de cuero y llévelas puestas 
pies estan sometidos a una presiOn constante. Con el peso hasta que se sequen. Una vez en camino, mantenga los pies 
afiadido que suponen las mochilas cargadas, cruzar un limpios, lavelos cada dia y apliqueles polvos de talco. Use 
territorio escarpado o hamedo hace que la proteccién de los —_ siempre calcetines limpios y secos, y cubra cualquier 

pies se convierta en la parte del equipo mas importante a rozadura en los pies antes de que se conviertan en ampollas. 


CALZADO LIGERO 





Suela 
amoriguadora 
especialmente 
indicada para 
andar por 
senderos . 


Botas para el desierto. Con stielas resisientes 

| “up y fabricadas en cuero ligero, las botas para el 

. ee = } desierto permiten que los pies respiren al mismo 
ie : tiempo que evitan la entrada de arena caliente. 

Los laterales altos protegen los tobillos de la 

vegetacion espinosa ) les proporcionan APOVo. 

En condiciones hiimedas, el cuero se vuelve 

fodavia mas poroso por lo que necesitan un 

tiempo prolongado para secarse. 





















eT 


Fl ante protege 
los pies al 
musINO frempo 
que les permite 
respirar | 


\. Let lontet se seca \ eS aie Seth ge: 
reese — oo “Fo ee ee — oo 
rapidcamente | A te, ee I 


cuando se 
Botas de trekking. \uchos montaneros llevan botas ligeras humedece 
de marcha tanto en el campamento como durante la 
ascension a una montana elevada, y reservan sis pesadas 


botas de escalada para la nieve y ef btelo, Las bolas (igeras has srieleas 
también pueden utilizarse para las caminatas sencillas y en resistentes Son 
distancias cortas, siempre y cuando el terreno no sea muy un buen apoyo 


para los pres en 


ferrenos FOCOSOS - 


escarpado. Aunque ofrecen menos proteccién y apoyo que las 
botas de piel, las botas de marcha se secan rapidamente y 
dan a los pies una sensacion de descanso despues de llevar 
un calzado caluroso y pesado. 


Suela de espuma Zapatillas. Una vez en el campamento, las 
moldeada que sirve de zapatillas alivian los pies doloridos, y son 
apoyo y de am OFNGUAGOF excelentes para llevar en barcos 0 vebiculos. _ 
: 7 Sin embargo, al ser comodas y ligeras, no CALCETINES 











. ofrecen tanta proteccién como las resis- 
| a tentes botas de lona. El uso constante Los calcetines gruesos, va sean 
Be vie zapatillas puede restar resisten- de lana o algod6n, son 
ss cia a los pies y bacer- indispensables. Los calcetines 
i los mas susceptt- protegen el pie y evitan que las 
bles a las he- botas rocen la piel, al mismo 
Meas: Ab Ca tiempo que mantienen los pies 
PUREE AOOTE cdlidos y secos eliminando la 
humedad (trasladan la humedad 
hacia la capa exterior de las _ 


hive ferreno 


hh qin echt 1 


as 





— : . libras, alejandola de la piel), 

= = ———— » guedar En climas muy frios es | 
SC ee a ghsorbi: aconsejable llevar dos 

eS i? ope ell das y per- pares de calcetines. | 
derlas. ° | 


CALCETINES INTERIORES CALCETINES EXTERIORES 
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CALZADO RESISTENTE 





Botas de montafia, Esid bota es un La zona de los Botas de jungla. En la jungla 
término medio entre peso, durabiii- zz, tohillos esta se hace necesario proteger el 
dad y protecci6n; indicada para todo = , acolchada tobillo de vamds yp rocas. 
sipo de actividades gracias a su suela para propor 


) Con suela de goma, estas botas 
~weca y cprabada material imper cionar un Ke | 
eruesa y grabada, material tmper- Witeie evitan la absorcion de acua, al 
meable y protecciOn para : 










































~ coniodo tiempo que permiten que [os 
pies respiren a través de la 
lona de la que estan bechas. 
Después de vadear un rio, el 
agua es expulsada a través de 
ajetes especiales en ei empeine. 
E| dibujo de la suela, ancho y 
profiundo, proporciona un 
buen agarre al suelo 
hiimedo, 


a . 
. tohillos. 





al 
r 
| i 


Suela con grabado 


fuardad @aearrdarse | 
: La puntera de goma ~ 
ete 


aisla del agua, \ la 
bearie superior de 
telet propoerciona 
frescor al pie 


27) ferrerno 


2 oe a ie 
resmaladizo 


Botas de pldstico para nieve. 
Disenadas para mantener el pie 
rigido al utilizar garfios para un 
mejor agarre al bielo, estas botas 
son especialmente aislantes 
para ser utilizadas en los 
climas mds frtos. 

Sin embargo, al igual que 


Swela con grabado _ 
antidesiizante 
hara caminar 
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sucede con las botas para POLAINAS 
esquiar, caminar con ellas a 
resulta incémodo, Tienen Las polainas resultan indispensables, 

un forro interno térmico tanto en las zonas templadas para 


con la forma de la hote mantener secos los pies y los bajos 
que puede llevarse del pantal6n como en las regiones 


independieniemente, por polares para evitar el contacto con 
ejemplo dentro ae una la nieve. Al cruzar tios poco 
NenEnae Campana profundos, las polainas impediran 
que el agua entre en las botas. 


_~ 40s laterales Son mejores que las botas de goma, 
aes ya que no provocan calor ni 
proporcionan ’ vs _ 
Wn apoyo una transpiraciOn excesiva 
excelente en del pie. POLAINAS PARA BARRO POLAINAS PARA NIEVE 
ferrenos 


rOCOSOS 


CUIDE SUS BOTAS 








a Retire 10s sessions y plantillas interiores y 2 Deje secar las botas completamente. Si es 3 Una vez las botas estén secas, frotelas con el 

ry = ‘ is DOs S | é ‘2 ES \e F = ATT ‘i. My Vat et % | eo si ae | 2 1 Fs rt # Tr i yc r mT hy : - Le qe = ; . . a : eed sz 

a Ee mit se dp BS se, d aren ee alejadas de calor directo dedo con un compuesto impermeable. Si no 

Se ee ene td SOTO CUYO CONTENIGO del uego O del sol, ya que pueden agrietar la tiene previsto ponerse las bota mais 
A Ri oh SOL, Ve ¢ ‘ar la iéne previsto ponerse las botas ensesuid: 

seaSo puede danar la piel de las botas. piel. 5 f ponerse las botas enseguida, 


guardelas en un lugar fresco y seco. 


eee CSE TT 





EQUIPO PERSONAL DE CAMPAMENTO 


UV NICAMENTE REUNIRA el equipo perfecto de campamento 
a base de intentos y equivocaciones. Antes de 
embarcarse en un viaje, considere la posibilidad de omitir 
cualquiera de los elementos de su equipo que no utiliz6 en 
su viaje anterior. Las modificaciones en el equipo 


_ &Fed Cr Uso 







Bi ae a Ne ae a 

isos PTI 2 

24a: Buy Wily : of 

*)\ ‘ 

El mapa se : 
Ld 


dobla ablerto 
mostrando el 


vendran por si solas, Algunos articulos seran inamovibles, y 
pronto mostraran las sefiales de su uso continuo. Llegara un 
punto en el que se encontrara tan identificado con su 
equipo que no querra ni considerar la posibilidad de perder 
O romper cualquiera de sus elementos. 


Gire la parte 
superior pare 
encender la 
lraterna 









— ; 
Delsbvdaladals 


I. 





eiulelobal 


coca as 


Nice 


| 
Prismdadticos. Deben ser lo 


mas Pequenos y resistentes 
posible. Incluso si son 
estancos, gudrdelos en una 
bolsa de plastico. 





Brijjula. Una briijiula es 
una pieza basica del 
equipo, por lo gue se debe 
gtiardar en un sitio seguro. 


Linterna. Una linterna 
debe ser lo mds pequenia 
posible y resistente al agua. 





Destornillador : 

ihe "'\  Escariador 
fino Lf 

Cincel ————_ 4 i Gaucho 


—_ 











Mapa. Un mapa siempre ad os 
debe mantenerse seco y bien ; a y Si * 
doblado para mostrar el \ eee 

area en uso. ‘ Ls 


Cuchilla grande | 
—~ Sacacorchos 


, Cuchilla 
Dbequena 


ae 


be 


—— 
2 


= : ; SS aa 7 C7 = , ; > 
— TES Va Baar? e4 
= Th a4 Saree 
d a= ' % 
went Lt ee ee | hae 
{ oe hl ge { ' 
‘hs. f - 
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ae — Lupade = 
= fe | pa aumento = 
Destornillador (GX Abridor de a - = 
latas — Wee. [eras 
Sierra —-——__—— \ * 
para madera a \ 
a, en ae I yl Destornillador pequero 


| Abridor de botellas 
Navaja del ejército suizo. Es imprescindible 
“una Ravaja con una cuchilla buena y sélida. 
Las berramientas adicionales de la navaja son 





Escudilla. Una buena escudilla es 
muy util para cocinar en el 





. suena sti] lel ‘ly campamento (véase pagina 112 ). 

: ambién muy titiles, aunque deben utilizarse : ap ee 

laine hic cei Cologue cinta dislante alrededor de 
; con cuidado, Scncoenenivanpanansld oaaantr memantine 

las agarraderas metdlicas para 

: ; 

evilar quemaduras. 





Botella de agua. Una botella 
de metal puede agrietarse si el 
agua que contiene se congela. 
Ona de plastico puede fundirse 
Si se Coloca cerca del firego. 


Depurador de agua. Se ttiliza para 
depurar el agua natural antes de 
beberla y ast prevenir infecciones 

(wéase pagina 75), 


Cocina. Elija una cocina 
sencilla (véase pagina 114), 
) manténgala limpia, 
ademas de protegerla de 
los golpes. 


Combustible para la 
cocina. Aseglirese de que no 
lenga fugas, y de que esté 
limpio, filtraéndolo si es 
MECESATIO. 






EQUIPO PERSONAL DE CAMPAMENTO 








PLATO LLANO 
Platos y recipientes. Utilice platos y recipientes 
de plastico 0 madera para evitar las quemaduras 
en la boca, que son dolorosas y pueden infectarse 
(vease pagina 112). Nunca coma de un cazo 
caliente. 


PLATO HONDO 





Toalla. Una toalla grande puede cortarse en 
pedazos mds pequefios para secarse el sudor o 
bumedecerse la cara. También puede utilizarse 

como panuelo (véase pagina 142). 


la cremallera 
~ ettta la-entrada 
dé sticiedad o 





IMSECIOS 


Utiles de aseo. Guarde todos los articulos de aseo personal en 
una bolsa especial. Cuelgue la bolsa de un arbol mientras se 
lave para evitar que algiin articulo se pierda (véase pagina 57 ), 


Protector labial. l:! protector 
labial es fundamental en todo 
lipo de climas, ya que evita que 
los labios se corten. Utilicelo en 
cualquier momento del dia, 
cuando los labios se le resequen. 





Botiquin de primeros auxilios. 
Es fundamental para el tratamiento 
de las beridas (véase pagina 174), 











Taza. Una taza 
de plastico es wtil 
Para corntener 
bebidas frias o 


FUNDA PARA 
CUBIERTOS 


CUCHARA 


Cubiertos. Mantensa 
limpios todos los 
utensiios para evitar 
intoxicaciones. St pierde 
o rompe sus cublertos, 
Puede tallar unos nuevos 


caltentes (véase 
pagina 112). 


TENEDOR 
(CUCHILLO 


de madera (véase pagina 113), 





Kit de supervivencia. 
Contiene articulos beisicos 
gue no se encHuen- 
tran en la naturaleza 
(véase pagina 28 ). 


Protector solar. L'via crema 
protectora solar es 
indispensable en la nieve \ ert 
los climas soleados. 


VF 


a 





Cerillas impermeables. 
lienen cabezas enceradas 
que ias ma@iuienen secas. 


Equipo de costura. 
Utiicelo para remendar 
la ropa y las trendas, 


CALIENTE Y SECO 


La tienda y el saco de dormir serdn sus tinicas 
comodidades cuando se encuentre en plena naturaleza, 
aunque puede sobrevivir sin ellas, Siempre deben 
guardarse convenientemente, y los sacos de dormir no 
deben mojarse nunca. 


. 


TIENDA DE CAMPANA 


SACO DE DORMIR 

















EQUIPO BASICO DE SUPERVIVENCIA 


EK N SITUACIONES DE supervivencia, algunos articulos 
pueden llegar a constituir la diferencia entre la vida 
y la muerte. Lleve siempre sobre su persona los articulos 
de mayor importancia, preferiblemente dentro de 
una lata pequena que pueda meter en un 4 
bolsillo, Siempre que se aventure en la 
naturaleza, asegurese de llevar otros utensilios 
que pudieran ser vitales para su supervivencia 
individual y afianzarlos de tal manera que la 
posibilidad de perderlos o dafarlos sea 





colgarse de cuerdas resistentes alrededor del cuello: 
métalos debajo de la ropa para que no puedan desprenderse 
al engancharse con la vegetaci6n. Coloque cada uno de los 


articulos en una capa diferente de la ropa 
para que no choquen entre si y se rompan. 
Debe reunir un equipo de supervivencia 
acorde con sus necesidades personales. 


Equipo de supervivencia. Los articulos mas 
importantes de su equipo de supervivencia 


deben guardarse en una lata pequenia provista 


minima. Algunos de estos ttiles pueden de una tapa que ajuste bien. 








Hilo de pescar. Lieve siempre consigo un hilo resistente 
para pescar 0 para atar berramientas. 


Imperdibles. Utilfcelos para asegurar 
Su ropa, 0 para arreglar su tienda 
o saco de dormir 


r 
oe. 


Reflector. Pucde utilizar la tapa brillante de la caja 
de su equipo de stuipervivencia, o bien un heliégrafo, 
para llamar la atencién en una situacion de 
supervivencia. Mirando a través del agujero en el 
centro del beliderafo puede dirigir la luz reflejada 
hacia un avian. 





Anzuelos » plomos. Incluya una buona 
cantidad de anzuelos, corchos y 
plomos. Los anzuelos pequenios 
pueden utilizarse tanto 
Para pescar peces 
Brandes como 
pequenos 


Alambre fino. El alambre tiene muchas 
aplicaciones y puede reutilizarse varias veces. Debe 
ser la suficientemente fino camo para doblarse 

Jdcilmente, aunque no tanto como para 
que se rompa. . 


























Brujula. Fs esencial 
La briujula ideal deberta 
ser luminosa. 


- 





eeganee Cerillas. Compre cerillas 
impermeables, o impermeabilicelas 
dejando caer una pequefia capa 
de cera de vela sobre sus cabezas 
y parte del cuerpo, Elimine la cera 
de cada cerilla antes de 
encenderla, 


Vela. Wtilfcela para encender un 
fuego y no como lampara. 
No utilice velas de sebo porque 
pueden pudrirse en climas 
célidos. 
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Agujas, bilo y botones. [ncliya varias agujas en 
su equipo, todas ellas de ojo grande, asi como una 
buena Cantidad de hilo grueso, resistente y 
preferiblemenie impermeable. Envuelva el hilo 
alrededor de las agujas ) gudrdelas en una bolse 
de pldstico. Los bolones grandes son titiles para 
sujetar las pestanas de la tienda 


Cable sierra. (/n cable sierra 
es de empleo facil, aungue 
lento; con él podrd cortar la 
mayorla de los materiales 
Guardelo cubierto con una 
pelicula de grasa dentro de 
una bolsa de plastico, para 
que no se OXIde ii se romlpa. 











Iupa. Una lupa puede hacer converver 

s maypos del sol en la madera seca. para 

hacetia arder y, de este modo, encender 
un fuego. 


ee 


eel 


Sal Es esencial para sobrevivir, Si no 

nehone ia sail perdida en el sudor y la ae te 

rina, puede llevar a enfermar 
Pravemente. 





Bulsa de pldastico. Uric lols de 
plastico resistente tiene multiples 
utilidades, como Hevar agua desde un 
rio, u obtenerla dela vegetacion en una 

; emergenciad, 







Permanganato potasico. Estos ¢ crisnasies 
Ses para purificar el agua. 
meGes com agua obtienen t401 color 
msertso, pueden ulilizarse para el 
“laemernio de algunas infecciones por 
Bas, como ei pie de atleta. Siga las 
mistrucciones del entiase 


















Tiritas adbesivas. Dele incluir 
tirttas adbesivas de varios 
famanos para evitar que 
alguna rozadura llegue a 
infectarse, 0 para protegér las 
ampollas del pie hasta que sanen, 







Pastillas esterilizadoras. 
Guardelas para una emervencia, 
cuando le sea imposihle hervir 
agua que le parezca trsalubre 


Antibiéticos. No deben 
wiilizarse hasta que sean 
verdaderamente necesarios 





Bisturi. Puede emplearse para muchos propdsitos 
Gudrdela con la cuchilla engrasada en su envase 
original 


Lapiz, Un lapiz es de gran utilidad para anotar los sitios en 
los que ba estado, lo que es comestible, ) para dibujar mapas. 


EL EQUIPO BASICO ALREDEDOR DE SU CUELLO 


No debe prescindir nunca de las piezas mds valiosas de su 
equipamiento, en particular si se adentra en tierra virgen. 
Debe tomar las precauciones necesarias para no perderlas 

O romperlas, ya que, alejado de la civilizacién, no podran ser 
arregladas o reemplazadas, Ate cada uno de los articulos a 

un cord6n diferente y cuélgueselos del cuello, de esta manera 
los tendra siempre a mano cuando los necesite. Guardelos 
entre su ropa cuando no los utilice para evitar que se 
rompan, 


Equipo basico. 
Manténgalo siempre 
al aicance de la 
mano, 


Relat 


Brijula 


Silhato . 


Navaja 
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CAMAS Y SACOS DE DORMIR 


L DESCANSO ES tan importante para la supervivencia El estar abrigado y seco le proporciona una mayor sensacién 
como el alimento. Un buen e ininterrumpido descanso de seguridad. Incluso en el calor himedo de la selva son 


nocturno puede aliviar todas las preocupaciones y tensiones necesarias la protecci6n y el aislamiento de la humedad 
y convertir la melancolia pesimista en un optimismo positivo. — del suelo. 


CARACTERISTICAS DE LOS SACOS DE DORMIR 





Aunque hay muchas formas y estilos de sacos para mantenerle abrigado incluso si carece de — funda impermeable de un material poroso 


de dormir, un saco siempre debe estar lo tienda. No debe permitir nunca que un saco (vease pagina 43 ). 
suficientemente bien acolchado como de dormir se moje, Gudrdelo siempre en una 


Fl fando currvo ayuda 


La cremallera debe tener una solapa que la 
a retener el calor 







Fl relleno debe esiar cuhra en toda su extension, de esta nianere 
Bali lid a | cormoral alrededor de 
uniformemente se evita una linea de frto a lo largo } f j ) : 7 

ae ae ee cet J “ad Cabeza, €l CHeuUO 
distripuido par todo e del cuerpo = 
distrinuido por todo el Pp eee vy los bomberos 
SACO | = 


Saco de extremo redondeado. 





Diseno comin para un saco de La cremallera facilita / 
dormir moderno, La capucha evita el acceso y la salida del saco 
que se escape el calor de la cabeza, E esthechaimiento 
el pecho y los bambros. en los pies reduce el 

famavra ) el peso del 

Saco’. La almobada 

\ complemen- 
r taria puede | ‘ 
doblarse . ani 2 Mi Syss SE pai Hi, a Pa 


hacia dentro 
: yrees UT ORT E TN 
i Ly r Ef =i 
ta" < ms 
iio chats ae: eeetaad 
wh ai ul ee" sie 2 oe + bee. : . 





Saco sin cremallera. La abertitra de este saco puede cerrarse con Saco de forma rectangular. Este saco es ideal para 

un cordel para mantener la cabeza y el cuello bien protegidos en acampar si se dispone de un vebiculo, y no tanto para 
climas frios. Esto es muy importante, ya que puede perder la mitad dormir @ la intemperie. Es muy ligero y, por tanto, no 

de su calor corporal a través de la cabeza. Al carecer de cremallera, adecuado para climas muy frios como las regiones polares 


puede resultar dificil salir del saco ra4pidamente: 


CONFORMACION DE UN SACO DE DORMIR 
Un saco de dormir relleno de | 
plumon es ligero y proporciona 
abrigo, Sin embargo, el plumén 
puede perder su capacidad ais- 
lante al compactarse en bolas 
cuando se humedece 0 se alma- 





cena muy apretado. Los rellenos — os | oe a — 

sintéticos son mds abultados. Tabiques. En los sacos, el Tablillas. Tienen capas Alvéolos. El relleno se Doble barrera de al- 

pesados y carecen de comodi- pl HmOn Se distribuye itl incl ! nadas de fibras sola distribuye en alt eolos: | véolos al 5 ileal 

dad. Sin aa Si le Hadiers oo ees para peu que se Henan con oualados Separados. Sin Evita el apelotonamiento 

dran abrigado aun si se mojan, niente a leiienn en ihe BO Oe embargo, se pierde calor del relleno J la p erdida 

y se secan rapidamente, _ | 7 — — oe we = “ — 
COSLUTAS. 
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CUIDADOS Y REMIENDOS 







Sacuda su saco de dormir antes de 
utilizarlo para distribuir uniformemente el 
relleno, y airéelo después de su uso. Si se 
rasga, remiéndelo inmediatamente con 
aguja e hilo para evitar que el dafo se 
extienda, Una cinta adhesiva ancha resulta 





tld Lett! 


h 
aly 
a* 





eh 





Ab Lat a 


Panda. Una funda de algodén forma una Capa Aislante. Es esencial para aislarse de la util para sellar desgarrones de forma 
= : al . sie —_- y en — ius iam ein aos 
de aire aislante entre su cuerpo y el saco de humedad y el frio del suelo. Debe colocarla | temporal. Puede reparar su saco rasgaco 


dormir. Se lava con mas facilidad que el saco. debajo del saco de dormir con un pedazo de tela de la bolsa que 
utiliza para guardarlo (véase pdgina 27 ), 
a menudo confeccionada con el mismo 
Manta de aluminio. material. 
Se trata de una 
lamina de altuminio 
muy ligera para 
CMmergencids, 
El aluminio evita la 


Equipo de costura. 
Un equipo de 
costura resulta 
esencial para 





pérdida de calor del remendar los 
cuerpo. También Almohada hinchable. desgarrones en 
puede usar lamanta Aunque no es sacos de dormir, 
como toldo para esirictamente necesaria, tiendas y en la ropa. 
protegerse del sol, le proporcionara | 

por ejemplo en comodidad adicional 

un desierto. en los viajes largos. 


LA CONSTRUCCION DE UNA CAMA 


Te 
ar ia 


"eer Ne t a \ ‘ 4 eh . 
i are tea ad f hee 
ts a 








0 S cerece de un saco de dormir, debe 2 Mantenga juntos los troncos y clave en el 3 Cubra los troncos con una gruesa capa de 
Qiiitaitse una cama levantada del suelo para suelo unas estacas que habra confeccionado a hierba para esconder las irregularidades de los 
@eemecer un aislamiento adecuado y evitar los partir de ramas a las que previamente habra mismos debidas a la corteza y los nudos. 
@setmes y animales. Coloque varios troncos de afilado un extremo. 


Smee Mayor que su estatura, uno junto a otro, 


em 2 seeto para formar la base de la cama. 







5 Continue apilando capas de vegetacion a 
modo de colch6n hasta que sea suficientemente 

confortable. También puede confeccionarse una 
almohada a partir de un monton de hierba, 








@ Sets ois capas de ramas, helechos y follaje 
Geese merciado con hierbas y vegetacion mas 
ae Gears Crear un espacio aireado y dar un 
Sm ce profundidad. Debe construir 

@ Seerrado en el cual pueda recostarse 

ee ee ie 
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HERRAMIENTAS 


A UNQUE ESTE ACAMPADO y tenga los ultimos artilugios, 

o sobreviva a un desastre con un equipo minimo, 
necesitara algunas herramientas con las que construir un 
refugio y cortar lefia. En areas virgenes, no podra reemplazar 
las herramientas rotas o perdidas hasta que vuelva a la 
civilizaci6n, por lo que debe cuidarlas. No haga mal uso 





HERRAMIENTAS BASICAS PARA CORTAR MADERA U OTROS MATERIALES 


de ellas de forma que pueda danarlas, 0 lo que es 

mds importante, que pueda dafiarse a si mismo. Puede 
improvisar algunas herramientas, aunque no se arriesgue a 
perder 0 estropear otra en el proceso. Trabaje siempre 
considerando las limitaciones de sus herramientas, asf como 
su propia capacidad. 


La herramienta basica y esencial en un 
campamento y en una situacién de 
supervivencia es un cuchillo. Aunque casi 


cualquier otra herramienta puede 
improvisarse, si no tiene un cuchillo le sera 
muy dificil fabricar cualquier otro articulo. 


Un hacha es muy valiosa para realizar trabajos 
pesados, pero debido a su peso es poco 


El canto de la hoja es 
romo, V puede 
utilizarse Como 
martillo 


Tenga cuidado de no danar 
el mango, que podria 
separarse de la hoja | 

“A 







| hy 
Rg. La seccidn media de ae 
la cuchilia no es tant 
dfilada como la 
punta, y se utiliza, 
por ejemplo, para 
corlar madera 


“. La curvatura interna de 
la boja es muy afilada, 
y se utiliza para tallar 


\. La punta de la boja es 
particularmente afilada, 
y se uliliza para cortes 
generales y para desollar 


Kukri. Este cuchillo es empleado tradicionalmente por 
los gurkhas del Nepal. Esta fabricado a partir de una 
ballesta trasera de un camion, de acero de alto grado de 
gran resistencia. En todo el mundo pueden encontrarse 
cuchillos similares, Si es posible, p6ngase unos guantes 
siempre que lo uttlice para evitar beridas y rozaduras. 
Guardelo en su funda de piel cuando no lo esté 
utilizando, para evitar berirse a st mismo, o danar el 
ceuchillo. 


El oxtdo debilita 
los dientes de la 
sierra, ast gute 
limpie bien la 
sierra después de 
coriar lena viva 


AFILAR UN CUCHILLO 












probable que lleve una. 








Navaja. Una navaja resistente es la segunda 
berramienta en importancia después de sus dientes, 
Puede utilizarse en aquellos trabajos para los cuales 
su cuchillo es demasiado grande (véase pagina 
siguiente ). Manténgala sujeta a su cuerpo con un 
cordel fuerte alrededor del cuello 0 de la cintura en 
todo momento. Manténgala siempre 
afilada. 





Cable sierra, Un cable sierra consiste 
en varios hilos trenzados de alambre, 
con un par de lazadas como 
agarraderas, Puede incluirlo facilmente 
en Su equipo de supervivencta (veéase 
pagina 28). Es una alternativa muy util 
a un hacha pesada para cortar ramas, 
pero es delicado y debe utilizarse con 
cuidado. 





lubrique la piedra 
afiladera antes de sul uso 





1 Humedezca la piedra afiladera 
con agua. Deslice el cuchillo 
sobre la piedra, en direccién 
opuesta al filo de la hoja. 


2 Después de afilar el cuchillo 
por una cara, toque la otra cara 
para hacer saltar las rebabas de 
metal provocadas por la 
abrasion. 


uniformidad y a reforzar el filo. 


fenga Cuidado con el 
angulo de la cuchilla 
y visualice las rebabas 
mientras afila | 








3 Afile la otra cara de la hoja, 
realineando la rebaba hacia el 
centro, Puede necesitar mds 
agua. 


4 Suavice el cuchillo 
(deslizandolo arriba y abajo) 
sobre un cintur6n de piel. Esto 
contribuira a dar mayor 
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Cincelar. 

El cincelado también 
debe realizarse en 
direccion opuesta a 
su cuerpo; tenga 
cHidado Con SUS 
dedos y miembros. 
Corte en el sentido 


Tallar. La talla es el 
arte de esculpir en 
madera pequenos 
objetos delicados, por 
ejemplo la punta 
afilada de un arpon 
para pescar (véase 
pagina 104). Para este 
tipo de trabajo, empuje de la fibra de la 
la hoja cuidadosamen- , madera, dando 
fe en sentido opuesto a | B. pequevios golpes. 
sul propio cuerpo con la q 
yema del pulgar. Proba- 






fs ee : v2 ater] he en a9 eh i 7 = . 
Cortar. é orte con la Seccion ies ie ids ah blemente advertirad que 
mreectnal de la hoja y mantenga sus en direccion 


a este efectO SU peque- 
Na Navaja es mejor que 
el cuchillo. 


Opuesta a su 
propio cuerpo 
pare evitar 
accidenies 


mares y piernas lo mas alejados 
heme. Corte en direccién 
termendicular ala fibra de 
madera, con un angulo de 


25 emados para evitar que la boja 


mibote y le biera EMPLEO DEL CABLE SIERRA 





2 Use ambas manos PREC INTTITTT 


para mover la sierra , 
:, cortar la madera. | Mantenga sus herramientas 

“eye #4; = 1 2 a 
: ‘ble = ener . siempre afiladas, y tenga 
cable lo mas rectc ea ; sis 

3 pt eter - “mucho cuidado al utilizarlas. 
posible, aunque cortara nic a 

. Cuando saque un cuchillo de 


igual si lo curva Kind i otis 
alrededor de la madera. SU TUAEG, SOStenigald POF 1a 


amet Os oss 


ope istic | / Mantenga un parte correspondiente al 
sera Sostenga el / movimiento regular, lomo de la hoja. Un cuchillo 


cable recto 


re pero ligero. afilado puede cortar la funda 
y tirante 


y seccionar los tendones de la 
mano. Un cable sierra 
también puede herirle si no lo 
utiliza adecuadamente. 





1 ios azos de metal pueden herir sus manos, 
eer 0 gue debe anadir unas asas de cuerda o 
& es a la sierra antes de utilizarla. 








Un trozo de 
pedernal puede OTROS MATERIALES 
ser uullizado — -_- |. 

como cuchillo 
.o como martillo 

Pala de bambi. Del bambti 

puede obtenerse un canto muy 

afilado y fuerte. Construya 

una pala cortando una 

secciOn del tallo. 


Cuchillo de vidrio. Un trozo de 





vidrio roto puede ser una cuchilla 
rudimentaria pero efectiva, Antes _ ¢ 
de usarlo, asegtirese de envolver — 


) Peede obtener una cuchilla 2 E! borde afilado puede ser uno de los extremos en tela a 
maural dejando caer un trozo de utilizado como una rudimentaria modo de empunadura 
gesemal sobre una roca. Al caer, se herramienta cortante, El otro eae ane 
passa, dejando los contornos extremo puede usarse como 

isos Tenga cuidado con las martillo. Cuando el borde pierda su 


the: filo, rompa otro de pedernal, 











CUERDAS Y NUDOS 


AS SOGAS Y cuerdas son imprescindibles para improvisar 


4 cualquier equipo, a menos que fabrique pinzas de 


madera 0 utilice alguna cola para unir las piezas de distintos 


materiales (véase pdgina 77). Si carece de cuerda 0 soga, 
puede fabricarse una a partir de materiales naturales. 


Utilizando los nudos adecuados, acordes a sus necesidades, 


es esencial —por su propia seguridad— que lo que haya 
hecho se mantenga entero, tanto si esta usando una cuerda 
para cruzar un rio como para asegurar el éxito de cualquier 
equipo o instalacién que improvise. Si solo es capaz de 
recordar un nudo, aprenda el nudo plano (véase pagina 
siguiente ) 


LA CONFECCION DE CUERDAS 


Hay dos maneras principales de confeccionat pueden fabricarse a partir de fibras naturales uina cuerda fabricada con materiales naturales ~ 


una cuerda. La cuerda de tres cabos consta de _o sintéticas. El tipo de cuerda que elija puede pudrirse cuando se humedece. 
tres hilos trenzados, mientras que el tipo dependera del uso que pretenda darle. Las cuerdas de fibras naturales son mas 
Kernmantle tiene un nicleo central rodeado Es menos probable que se retuerza una propensas a romperse que las sintéticas de 


por una envuelta exterior tejida. Ambos tipos cuerda tejida que una trenzada, mientras que _nailon o poliéster. 


Tres diferentes ramales de 
hilos se enirelazan 
entre st. 


—.. 


. a i = ” ~~ 7 L = a ie 4 
oti anon meena Pg nA eer ct ere Rehr aime Try Spee ee 


Cuerda de tres cabos. Una cuerda de tres cabos es mas 
resistente que una cuerda Kernmantle, particularmenie cuando 
se desgasta. Consta de tres hilos de fibra trenzados. Puede 
jabricarse con materiales naturales como el henequén, el 
cdriamo o la cdéscara de coco, o con materiales sintéticos como 
el nailon. Las cuerdas de tres cabos se utilizan a menudo para 
amarrar o anclar barcos, debido a su resistencia. 


CORDAJE IMPROVISADO 


Finos filamentos de 
nailon se entrelazan 
formando pequerias 
cuerdas de tres cabos 






Cuerda Kernmantle. 


Los escaladores tienden a utilizar este 

tipo de cuerda, confeccionada a partir 

de un niicleo central de cuerdas finas de tres 

cabos entretejidas (el alma o kern en inglés), 

cubierto por una resistente envoltura exterior (la 
funda o mantle en inglés). Este tipo de cuerda es de 
facil manejo, pero dificil de asir si esta mojada oO helada. 


Para fabricar una cuerda a partir de tallos de después contra una piedra para separar las cuerdas, con las que a su vez podra formar us 


ortiga, debe primero remojarlos para que fibras de la médula, y deje secar las fibras. cordaje. También puede confeccionar cuercas | 
adquieran mayor flexibilidad. Golpéelos Podra entonces entrelazarlos para formar a partir de la corteza del sauce 0 del tlo. 





1 Para trenzar las fibras, ate 2 A continuacién, pase la hebra 
primero los cabos de tres hebras izquierda por encima de la nueva 
a una rama. Pase la hebra de la hebra central, sin dejar de 
derecha por encima de la central. mantener tensas todas las hebras. 


_ El trenzade 
forma una 
cuerda 


resisiente 


3 Pase la nueva hebra derecha por © 4 Repita los pasos hasta que la 
encima de la nueva hebra central. trenza tenga la longitud necesaria. — 
Con este paso terminard la primera _—_ Ate los cabos con fuerza para que 
secciOn de la trenza. no se deshaga la trenza. 





Samsung Demonstrates World’s First 5G Data Trans- 
mission at Highway Speeds 


Record-breaking 1.2Gbps data transmission at over 100km/h, and 7.5Gbps in stationary cond- 
tions using 28GHz spectrum 


SEOUL, Korea — October 15, 2014 — Samsung Electronics Co., Ltd today announced the record-breaking 
demonstration of super-fast data transmission targeted for fifth generation (5G) mobile networks using 28 GHz 
spectrum. Samsung researchers confirmed the world’s first data rate of 1.2 Gbps, or 150 MB per second on 
a vehicle cruising at over 100 km/h. This marks a significant step towards the utilization of millimeter wave fre- 
quency bands for 5G mobile networks 


The achievement was bolstered by another record-break- 
ing demonstration in which Samsung achieved data trans- 
mission speed up to 7.5 Gbps, or 940 MB per second 
when the vehicle came to a complete stop. The peak data 
rate is more than thirty times faster compared to the state- 
of-the-art 4G LTE technology. 





Back in May, 2013, Samsung revealed the world’s first 28 
GHz based 5G data transmission speed of 1Gbps at pe- 
destrian speeds. Since then researches at Samsung were 
able to increase the maximum data rate by more than 7-fold 
and support mobility up to highway speeds. The continued 
ground breaking success underlines the company’s lead- 
Figure A Achieved Data Rate in Mobile Condition (1.2Gbps) ership in next-generation mobile communications. 

















“The expectations for 5G communications will con- 
tinue to grow based on the rising demands for smart 
devices, cloud services, smart home technology, and 
Internet of Things” , said ChangYeong Kim, Head of 
DMC R&D Center of Samsung Electronics. “We are 
committed to developing innovative 5G technolo- 











gies and will continue to utilize our exceptional R&D Pid wae 
Capabilities as well as our diverse partnerships with — — 
leading companies and research centers around the ee =p 

” ed 
world”, Be — 
While 5G standard has yet to be ratified, 5G networks < 7 3 5 5 2 a 
are expected to feature data rates and capacity that = . 





are hundreds times larger compared to 4G LTE. Figure B_ Achieved Data Rate in Stationary Condition (7.5Gbps) 


In order to achieve such high data rates, 5G networks will inevitably exploit frequencies much higher and less 
congested than those of which are currently used for cellular networks (typically under 3 GHz). However, dif- 
ficulties such as large propagation loss at these frequency bands have prohibited the industry from utilizing 
these bands for cellular applications. To address these challenges, Samsung has applied ‘Hybrid Adaptive 
Array Technology’ at 28 GHz frequency bands. 


In addition, Samsung has revealed its ‘5G Rainbow’ — seven technical requirements which are pillars to ensure 
a truly differentiating 5G user experience. The list comprises of maximum data rate, spectral efficiency, speed 
of mobility, data transmission rate at the cell boundary, the number of simultaneous connections, communica- 
tion delays, and cost. To meet these requirements, Samsung has been developing key technologies includ- 
ing transmission technologies for high frequency bands, multiple access schemes and low latency networks 
among others. 


The company is committed to developing innovative technologies that will enable the 5G era and plans to dem- 
onstrate its capabilities at the upcoming 2018 PyeongChang and 2020 Tokyo Olympics. 


5G Vision White Paper its) 
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NUDO PLANO 





El cabo derecho 
pasa alrededor 
y por debajo 
del tzquierdo 








El nudo queda 

trenzado cuando 
El tzquterdo _se tira de los cabos 
sobre elf derecho 









1 Para comenzar el nudo plano, 2 Pase el cabo izquierdo por encima y 3 Tire de ambos cabos para tensar el nudo, 
pase el cabo derecho por encima por debajo del cabo derecho, sujetando E] nudo puede hacerse en el orden inverso 
y por debajo del izquierdo. con fuerza ambos cabos. (izquierdo sobre derecho, derecho sobre 
izquierdo), y puede deshacerse con facilidad. 
BOULIN 
El «conejo« rodea e@ Tire del cabo y de Ale un niudo 
«irbols y vuelve a su la cuerda principal para conseguir 


a 


El cabo (el 
conejo) sale dey 
la lazada (la 
emadriguera+) 


2 Pase el cabo alrededor de la 

cuerda principal, y a continuacién 
a nuevamente a través de la lazada 

1 Sse emplea para hacer un lazo, (la secuencia le resultara mucho 





om Soolm nunca se tensari 0 se mas sencilla si recuerda: »el conejo 
@ieeri. Haga una pequena lazada sale de la madriguera, rodea el 

© pase el cabo a través de ella por arbol y vuelve a entrar en la 
eras madriguera:). 


NUDO EN OCHO 





Forme una lazada. 
La lazada pasa por 
encima y por detras 
del cabo 








por 





“momma Ge la cuerda, y paselo a través de la 
“@22ca, formando la figura de un ocho. nudo en ocho. 










«madriguera 


Pase la lazada 





y vuelvalo a introducir a continuacién dentro del 





para tensar el ntido 


( , Mas seguridad 


ia 
Pa 











3 Tire del cabo y de la cuerda 4 Para mas seguridad, lleve el 


principal para tensar el nudo, EI extremo sobre la parte derecha 
boulin resulta util, pera muchas de la lazada y a través de ella, 
escaladores prefieren el nudo en y a continuacion nuevamente 

ocho para salvamento. a traves de la nueva lazada pequefia 


desde la parte superior. 








Si iodesea, ——=== 
ajuste la 
longitud del 
cabo mientras 
fensa el 
nudo 


debajo 


— ™ 





1 Sse sudo es muy til para hacer un lazo 2 Tire de ambos cabos para tensar el nudo. .3 Tire con fuerza del lazo terminado v d 
sieededior de un objeto. Forme una lazada doble Para formar el lazo, pase el cabo libre de la ) el cabo 
&= 1 m de longitud. Lleve el cabo libre por cuerda alrededor del objeto que quiera asegurar 


largo de la cuerda, Este nudo se emplea a 
menudo en escalada (véase pagina 149). No se 
aflojara, aunque puede deshacerse con suma 
tacilidad. 











2, EQUIPAMIENTO BASICO 

















EL MANEJO DE LA CUERDA 


NA CUERDA PUEDE tener muchas aplicaciones, pero cuando la emplee para su proposito original. Utilice su 

debe tratarla con cuidado: Su cuerda de escalar puede — cuerda uniformemente en sus dos cabos para no desgastarla 
ser lo suficientemente resistente como para remolcar un de forma irregular. Nunca aplique una carga a una cuerda 
vehiculo averiado, pero perdera su capacidad de estirarse, retorcida porque le causarfa un dano importante. Mantenga 
y se ensuciard y estropeara en el proceso, Asi pues, sera limpia su cuerda lavandola con agua fresca y enrollandola 
menos probable que pueda salvarle la vida en un futuro, cuando no la utiliza. 


EL CUIDADO DE LA CUERDA 


La humedad, la luz solar intensa y los insectos canto bajo tension, y son dificiles de asir siempre limpia y seca. Aclare las cuerdas 
fit6fagos pueden dafiar las cuerdas de fibras cuando estan htimedas. Las particulas de htimedas 0 sucias en agua limpia y fresca. 
naturales. Las fibras sintéticas pueden fundirse — suciedad en las fibras de una cuerda pueden Cuelgue las cuerdas para que se sequen, en 
con el calor intenso, romperse al rozar con un __ llegar a estropearla, asi que manténgala un sitio resguardado del sol y del fuego. 





Dafio en el alma. Aungue la funda no esta desgastada, esta cuerda no es Dajio en la funda. Corte las secciones datiadas, y utilice el resto para 
segura, por lo que no deberia utilizarse. hacer ligaduras, ataduras, 0 empléelo en otros propésitos no tan vitales 


COMO ENROLLAR UNA CUERDA 





















, Doble el cabo interior 
dela cuerda y forme 
una lazada de unos 
40 35 cm de largo 


2 Utilice su pie para sujetar 

la cuerda mientras la enrolla. 
Si la superticie esta sucia o 

polvorienta, enrolle la 
cuerda en la mano. 


1 Siga el sentido natural 
de la cuerda al comenzar 
a enrollarla, y sactidala 
para eliminar las zonas 

retorcidas o dobladas. 





3 Continue formando circulos hasta que 
le quede cuerda para un circulo mas. Pama 
amarrar la cuerda, haga una lazada 

Forme circulos de doblando el cabo del circulo interior. 
unos 30 cm de 
diadmeiro 


Asegtirese de mantener 
cada circulo junto al 
siguiente, sin 

sd enredarlos 





Deje la lazada 
libre para la : 
ligadura \ Tire de ie 
lazada, 
lotape ie 
la ligadan 


Enrolle el cabo 
alrededor de 
iOS Crrculos 
para formar 
una lisadur 









7 Tire del 
cabo de la 
cuerda que 
forma la 
lazada. De & 
manera, tira 
de la lazads 
por debajo a 
la ligadura ye 
tensara. 









4 Enrolle la cuerda sobrante 5 Termine después de haber 6 Pase el extremo sobrante 
alrededor de los circulos. Pasela por — envuelto con la cuerda sobrante de la cuerda a través de la 
encima de la lazada, pero deje libre unos 10 cm de rolle, dejando azada vy ténselo 

su Extremo, sobresalir 3 cm de lazada. 
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COMO UNIR DOS CUERDAS 





1 Si necesita unir das 
cuerdas, atelas conve- 
nientemente para evitar 
que se separen. 
Comience por hacer 
una lazada con el cabo 
de cada cuerda. 





Sujete 
Jirmemente la 
_ primera lazada 


3 Tome el cabo suelto 
de la lazada exterior v 
paselo sobre si mismo 
v después a través de la 
lazada interior. 

No suelte la primera 
lazada., 








2 Acerque las 
lazadas hasta que 
una quede dentro 
de la otra. Podra 
unir Cuerdas 
iguales, o de 
materiales y 
grosores diferentes. 


Deje que los cabos sean 
largos para evitar que 
__ = se deshaga ei nudo 


sig eee | 
Una lazada | 
entra en la otra 
















4 Tire con fuerza 
de los extremos mientras 
sujeta la lazada interior. 

Si es posible, deje que los 
cabos sean largos para 
evitar que el nudo se 
deshaga. 







ATADURAS 













1 Para atar dos objetos 
—en este caso dos palos—, 
debe primero enrollarlos 
fuertemente con un 
cordel o una cuerda 
a fin de que 
queden bien 
unidos. Ate 
el cordel 

| al primer 
palo. 











oo) een le per e mea. J 


\ Fl cordel se ata al 
primer palo para 
comenzar la 
atadura 


4 Pase el cordel entre los 
dos palos; paselo varias 
veces alrededor de la atadura 
para asegurarla. 


2 Después de dar varias 
vueltas de anclaje 
alrededor del primer palo, 
pase el cordel firmemente 
alrededor del segundo. 


5 Termine la atadura 
pasando el cabo del corde] 
bajo una lazada hecha 
alrededor de uno de los 
palos (ballestrinque ), un 
par de veces. Tire del 
extremo con fuerza 
para asegurarla. 


\. Pase el extremo del corde! 
por debajo de st mismo 
para asegurar la atadura 


3 Pase el cordel alrededor de ambos palos 
hasta unos 3 cm de altura, teniendo 
cuidado de no montar una vuelta sobre la 
anterior y manteniendo cada nueva vuelta 
fuertemente tensada. 













—_ Ja atadura debe 
ser firarnie y 
esmerada 


La atadura debe 
ser resistente, 
segura y flexible 











6 Cuando la atadura 
haya quedado bien 
sujeta, mueva los palos 
hasta formar el dngulo 
deseado y utilicelos para 
formar varias estructuras, 
como un refugio con 
estructura en “A” (véase ~~ 
Pagina 52 ). 








CAPITULO TRES 


LA VIDA EN LA 
NATURALEZA 


Una vez HAYA elegido el sitio adecuado, tendra que 
levantar un refugio. Este puede ser una tienda 
prefabricada, 0 una improvisada construcci6n a base 
de ramas. En las regiones polares puede que tenga 
que construir un refugio de nieve, como un iglt, 
mientras que en la selva su prioridad sera construir 
una cama levantada del suelo. Después del refugio, 
tendra que encender un fuego para calentarse o 
cocinar. Esto significa que debera recoger madera 
seca y yesca, y quiza improvisar su propio método 
para lograr una chispa con la que encender el fuego. 
Una vez establecido el campamento, puede cavar una 
letrina, colocar linternas de seguridad y atar una 
cuerda guia alrededor del campamento para no 
perderse si tiene que levantarse en la oscuridad. 
Cuando decida marcharse, debe asegurarse de 
eliminar cualquier evidencia de su estancia —a menos 
que deba dejar un mensaje para los posibles 
rescatadores. A diferencia de la vida urbana, las 
actividades en la naturaleza se rigen por la salida y la 
puesta del sol. Levantarse antes del amanecer le da 
la oportunidad de coger desprevenida la naturaleza 
-antes de que la naturaleza lo coja desprevenido a 
usted. Adopte una rutina que se ajuste a su medio; 
descanse durante el sol del mediodia y asegtirese de 
volver al campamento antes del anochecer. A menos 
de que tenga algun plazo limite, tomelo con calma. 


HOGAR TEMPORAL 


Aunque en muchas regiones podria dormir bajo las estrellas, es mucho 
™ mas cCOmodo vivir en una tienda o refugio. Puede llevar consigo una 
— tienda prefab 


: ricada, o bien construir un refugio a partir de los materiales 
— naturales que pueda encontrar a su alrededor. 


 —— - 
aa. = 
— . —— = 
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LA ELECCION DEL CAMPAMENTO 


ON MUCHOS LOS factores que influyen en la elecci6n de un campamento, de los 

cuales la seguridad debe ser el mas importante. Es posible que no sea capaz de 
identificar todos los riesgos potenciales o las desventajas de un sitio particular, pero r 
para tener suerte, debe permitirse todo el tiempo necesario antes de la 
puesta del sol a fin de encontrar el sitio ideal donde acampar. 
El tiempo invertido en el reconocimiento nunca sera tiempo 
perdido. Planifique sus actividades considerando la hora en 
que se pone el sol. Para entonces debe tener la tienda o el 
refugio montado y la comida casi a punto. Calcule una 
hora para establecerse, y al menos otra hora mas para el 
reconocimiento. Asi pues, si anochece a las 18.00h, a las 
15.00h debe empezar a pensar en el campamento, y 
para las 16.00h debe haberse detenido ya a buscar 
activamente el lugar adecuado. 





le 
* * 


a 


ae ‘ 
Viento predominante. Debe intentar tdentificar — ———_————_ 
la direccion en la que sopia el viento 
predominanie, y levantar su tienda de manera 
que la entrada se encuentre en la direccion 
opuesta. Debe cavar la letrina en la direccion 
del viento, més abajo de su campamento. 
Encienda el fuego de manera que el humo no ' 
entre continuamente en su tienda. MY 7 ye 







CONSEJOS PARA LA VIDA 
EN UN CAMPAMENTO 


= En dempo de lluvia, cave un canal alrededor 

de la base de su tienda, que desemboque colina 
abajo para evitar las inundaciones. Si el viento 

es intenso, sujete las cuerdas de la tienda con 
piedras grandes. 

= [)eje todo guardado hasta el momento de | 
utilizarlo. Asi sabra dénde estan las cosas, sera 
capaz de moverse rapidamente en caso de 
emergencia y disminuira las posibilidades de 
perder algtin equipo irremplazable. 

= Nunca guarde comestibles dentro de una 
tienda, Cuelgue su mochila 

unos tres metros por encima del <a a fede aRpOner ae lena 

| | : abundante, 0 de madera para 
suelo Vy a un metro de los consiruir un refugio, tenga 
troncos de los arboles, de cuidado con los drboles muertos 
manera que los OSOS ¥V MONOS que puedan caer sobre su tienda, 
no puedan cogerla, , y con los animales peligrosos. 

w Deshaga su equipaje y 

remiende y airee su ropa y 
saco de dormir al sol antes 
de volverlos a meter en Ja 
mochila. 











Arboles. Aunque prefiera 
acampar cerca de los arboles 








Kecodo del rio. Lite el recodo inierior / 
de un rio, va que en ocasiones el terreno 
es mas bajo que en el recodo exterior, por 
lo cual es susceptible de inundarse. 

Las barreras de grava lambién se forman.en 
los recodos interiores, donde el agua fluye 
mds lentamente, por lo que se inundan con 
mayor facilidad. 


Secar las botas. Deje secar sus botas 
en Dalos clavados en el suelo para 
evitar que entren animales en ellas 





LA ELECCION DEL CAMPAMENTO A} 





= 


“eeegre de avalancha. 
2 cerca de las 
: xm no monte su tenda 


mo de una posible Al elegir Up Sitie ), 


evite los frentes de 
aire frio y el suelo 
humedo. Imaginese 
como fluirian el 
agua de una 
inundaci6én y el aire 
frio, y elija un sitio 
por encima de estas 
lineas de flujo. Si le 
preocupan las 


Fae rocas o nieve 
azua de los deshielas 


puede bajar por 


ausera y Causar praves 



























La recogida de agua. Recoja | =a aa i) eer ears picaduras de 
stempre el agua potable mus | } eg oe Sage ee eee = ISCCTOS, evile los 


arriba de su campamento rt an? see . & ee ese : “l = suelos hamedos \ 
de los [ueares en los gue iat es i starry i, ee z wa es iis i Bs : busque Z00a5 altas 
, beben los animaties iL eee neem, §=\ Darridas por el 


viento. 





Lavar fas_utensilios. Lave 
las perolas en un sitio 
intermedio entre donde 
recoge el agua para beber y el 
que tsa para lavar la ropa. 
Limpie ios restos de comida 
COn drenad 0 CON Lin [rapo 
caiutes de sumergir los 
utensilios en la corriente, ya 
hie los restos de comida 
comlaminarian el agua y 
atraerfan a los animales 


oLLts) 2 ; 


No use deterverites, podria 
envenenar a los feces 





__. Tienda. Plante la tienda lejos del rio, donde el sonido 
de la corriente no encubra el ruido de los animales 
Asegiirese de que la entrada no esta situada de 
cara al viento nt cara ala letrina 


Letrina,. Sittic la letring rio abafo de tea 
tenda ASELNTESE ile gue este lo 
suficientemente lejos del rio para no 
conmlaminar el agua 


Fuego. Fl hiimo del fuego 
contribuird @ alejar los 
inseclos de la tienda; cuide 






que las llamas no queden tan 
cerca de la tienda como para 











quemarila 
ans a 
El campamento ideal. Bajo el abrigo de los drboles. i 
2er0 lejos de cualquier drbol muerto que puctier 
f i ; { l nuert {ine [ cdl rat —. havar la ropa. Lave Sté Popa evi el rfo. 
CaOr SOBKO lat te ict, ef COENEN ETE OE reece! eared Cer lid Mas ADAJO de sit Genda } de donde 
del agua, pero lejos del peligro de inundaciones y de recoge agua para beber. Humedézcala 
cualquier indicio de tipo animal. En la ladera de un primero en el agua y enjabonela en 
. : 8 a ‘ : hopes py a ee): A rl San a ge: 
ville. pe O70 a Sh pie, @yl WI] lePTTeNno nivelado \) bien Le} reno firme. Acldrela eH Gud recovida 
drenado, y¥ protegido de los vientos Predominantes Cn UN CUDO \Y NO directamente en el rfo 


en la zovia. 
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LA VIDA EN LA NATURALEZA 


AS TIENDAS LE protegen del viento y de la lluvia y le 
4.4 proporcionan abrigo. La tienda exterior o doble techo 
debe ser resistente, impermeable y tensa, capaz de desviar 
incluso la lluvia mds intensa y los vientos mas fuertes. 
La tienda interior no debe estar tan tensada, y es de un 
material permeable para reducir al maximo el vaho al tiempo 


Existen varios tipos de tienda, pero la mayorfa _palos hincados en tierra, y se sujeta al suelo 
siguen la linea basica de una tienda de dos 
pendientes. La tienda se sostiene gracias a 


tienda 
El doble techo _ 
impermeable se extiende 
tensado sobre las palos y la 
tienda intertor 


La cremallera le permite 

cerrar la puerta frontal de 
noche, o abrirla cuando ae: 
coca 


Los cables ajustables 

Oo vientos lensan y 
sujetan la Henda tniterior 
y los palos 


Este pequenio porche . 


(avarice ) sirve 


como drea para 
cocinar V espacio 
para almacenar las 


mochilas 


Existen varios tipos diferentes de 


tiendas, pero todos ellos 
responden a un patr6én parecido. 
Su aplicaci6n precisa, asi como 
el clima y el terreno de destino 
determinardn el tipo de tienda 

a comprar. También deberia 
considerar el tamafio y el péso 
de la tienda ya que tendra que 
cargarla si no utiliza un vehiculo. 
Las tiendas individuales pueden 
resultar demasiado frias, por lo 
que son preferibles las tiendas 
para dos personas; resulta 
sorprendente la diferencia de 
calor que generan dos cuerpos. 


(6b) 
LP 


LA ELECCION DE UNA TIENDA © 
| 


que retiene el calor, y posibilita la ventilacion. Ambas partes” 


de la tienda (interior y exterior) no deben tocarse; si lo 
hacen, dan lugar a la pérdida de calor y a la condensacién | 
de humedad en la parte inferior del doble techo, que puede 
filtrarse a la tienda interior. El suelo de la tienda interior es 
de una capa impermeable que la aisla de la humedad. 


CARACTERISTICAS DE UNA TIENDA 


- 


La capa infertor 
resistente e 
impermeable atsla la 
Henda de la bumedad 
superficial del suelo 


mediante estacas que se introducen en los 
ojales del contorno inferior. Se mantiene 


El palo frontal debe ser lo _ oe 


suficitentemenie largo como : . 
para permitir una entrada 
y una salida comoda de la | 








\ 
fa tlenda interior no es 
normalmente necesaria 


en las regiones calidas, 
excepio en tnvierno 


SELECCION DE LA TIENDA ADECUADA 


SS a 


Tienda para dos personas. 

Una tienda canadiense para dos 
personas es ligera; dispone de sitio 
para almacenar y cocinar debajo 
del doble techo y tiene el espacio 
justo para que dos personas 
duerman en su interior. una al 
lado de la otra. 


95S gp) bg. 


Tienda para tres personas. 
Dentro de esta tienda en forma 
de ciipula hay espacio suficiente 
tanto para el almacenaje del 
equipo como para sentarse 
comodamente. Tres palos 
flexibles proporcionan a la 
estructura una gran resistencia 
contra los fuertes vientos. 


tensa con los cables o vientos fijados al suelo: 
con clavijas. Puede llevar una cubierta que la 
proteja de la humedad o del viento, 





La barra trasera es 
mds corta que la 
Jrontal para que la 
cara posterior de la 
Henda presenie una 
menor superficie 


frer le al weno 


_ El doble techo se 
extiende sobre la 
tienda interior y se 

sujeta al suelo | 

mediante griuesas 
cintas de goma 







Tienda canadiense, 

lina tienda canadiense es 
adecuada para acampar en 
cualquier sitio, desde una 
montana hasta un jardin 
domeéstico. . 


14m 





Tienda para cuatro perso 
Esta tienda, de ambiente 
agradable, tiene capacidad pe 
cuatro personas. En una tienda 
compartida debe asegurarse Ge 
que la ventilacién sea buena, 

y de que cada uno mantenga ss 
equipo bien recogido para evites 
un excesivo desorden. 








TIENDAS PARA CUALQUIER EQUIPO 





Jgunos tipos de tienda son mas adecuados 
para un terreno particular que otros. 

(na tienda canadiense clasica puede utilizarse 
oracticamente en cualquier sitio, pero algunos 
modelos modernos, como las tiendas de 
wpula geodésica, se adaptan mejor a los 
srrenos inhdspitos y a los climas extremos 
—por ejemplo, a los vientos intensos y a las 
jensas nevadas de las regiones montafiosas. 
Las tiendas con palos exteriores son més 
aciles de montar en presencia de vientos 


= 


series que aquéllas con palos interiores. 


Las tiendas de dos aros son inestables en 
mas extremos. 


~ - &... —— — be 
he ; \ i ——— 





a~ == — 

liewsda de tiinel de tres aros. Las tiendas de 
muieden tener una estructura de basta tres 

s pequerios en los extremos y uno mayor 
entro. Los ttineles de tres aros pueden 
m>erpear dos 0 tres personas, Son relativamente 
}y gracias a su forma no almacenan el 
ie la lluvia. A menudo tienen dos 


= a re 





LA ELECCION DE UNA TIENDA 








Tienda de cipula. Fs ideal para las condicio- 
ties extremas, como las que se encuentran en las 
regiones montanosas 0 polares, ya que puede 
permanecer estable si se entierra en la nieve. Sin 
embargo, debe limpiarse antes de que se acumule 
demasiada nieve. Enterrarla en un banco de 
nieve es la forma ideal de protegerla del viento. 





Tienda canadiense. La tradicional tienda 
canadiense puede plantarse casi en cualquier 
sitio. Tiene una barra central horizontal, y dos 
barras de la misma altura en cada extremo. 

Este modelo de tienda se fabrica en cualquier 
tamano, individual 0 con capacidad para varias 
Personas. 


Tienda de ciipula 
geodésica. Las tiendas de 
cupula geodésica son resis- 
fentes, ligeras, faciles de le- 
vantar, e igualmente faciles 
de desmontar. En presen- 
cia de vientos fuertes deben 
sujetarse firmemente, pero 
la disposicitén de sus palos 
curvados y entrelazados las 
hace resistentes. Las tiendas 
de ciipula geodésica se suje- 
fae LUIS tb beriots weer iret 
flexibles, y no a cables o 
vientos, que Se cruzan a 
intervalos diferentes para 
maniteneria tensa. Gracias a 
su forma, proporcionan un 
espacio vertical considerable 
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Tienda de ttinel. Lina tienda de tiinel es un 
hibrido entre una tienda de ctipula y una tienda 
canadiense. Las versiones individuales de este 
tipo de tienda son ideales para los excursionis- 
tas, ya que son ligeras y faciles de levantar. 
Pueden utilizarse sobre bierba 0 en valles 


rocoses, y pueden desviar fos vientos fieertes. 


FUNDA DE VIVAC 


Una funda de vivac puede ser una simple 
cubierta impermeable para un saco de 
dormir; 0 si dispone de pequefios palos 
cortos, puede formar un porche y convertir 
el saco en una pequefia tienda. Debe 
fabricarse en un material transpirable para 
reducir al maximo el vaho, y puede 
ulilizarse incluso bajo una lluvia intensa al 
aire libre —aunque resulta bastante ruidoso. 
Una funda de vivac puede utilizarse también 
como saco de supervivencia impermeable. 


Cubierta para un saco de dormir. 

Una funda de vivac constituye una 
excelente cubierta impermeable para un 
saco de dormir; puede utilizarse en lugar 
de una tienda. 
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MONTAR UNA TIENDA DE CAMPANA 


A ELECCION DEL campamento entrafia la seleccién de la 
zona adecuada para su tienda con respecto a los 


a 


aspectos que ha de incluir su campamento y considerando 
su seguridad y refugio. Debe decidir hacia dénde encarara la 
entrada de la tienda y cOmo asegurara los vientos, asi como 
tomar en cuenta cualquier peligro potencial (véase pagina 
40), Debe limpiar y nivelar la zona, eliminando o allanando 
cualquier protuberancia del terreno. 














3 Levante el palo corto vy fije su viento al suelo, tensandolo hasta que 
el palo a vertical por si mismo. Asegtirese de que la pared 
posterior de la tienda encara al viento. 


5 Coloque el doble 
techo sobre el palo 
posterior y el 
extremo mas bajo de 
la tienda, y fijelo al 
suelo. 





PRECAUCION 





No utilice las cintas de goma de Ia tienda para sacar 
clavijas clavadas en un lugar equivocado porque las 
romperia. Para sacar las clavijas de un terreno duro, 
utilice otra clavija o un gancho especial para este fin. 


1 Acostimbrese a montar su 
tienda como si lo hiciera en 
medio de una fuerte ventisca. 
En primer lugar coloque la 
tienda interior en el suelo 

v fije inmediatamente las 
esquinas. 





















NATURALEZA 


Al igual que cualquier trabajo en un campamento, intente 
establecer una rutina, realizando las mismas acciones en e! 
mismo orden cada vez, de manera que se convierta en una 
costumbre. Esto le permitira plantar su tienda en la 
oscuridad, en una ventisca o bajo una lluvia intensa. 
Asegtirese de que sabra encontrar cada una de las piezas de 
la tienda cuando llegue el momento de montarla. También 
debe desmontarla sistematicamente (véase pagina 46 ). 


2 Monte los 
palos de la 
tienda. Tenga 
cuidado de uni 
las piezas Comes 
tas, o tendra Ga 
cultades para 
separarlas poste 
riormente. Sue 
el enganche pas 
terior de la tem 
da_en el palo aa 
COrto. | 


Sujete el ojal de la 
esquind con la 
clavija y déjelo 
recto y tenso 
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4 Sujete el otro palo al ojal de la parte frontal superior de la tienda. 
Levantelo y tense el viento. Trabaje deprisa —si hace viento la tienda sexs 
poco estable, y si llueve se le mojara. 












6 Deslice el doble techo sobre el techo de la tienda 
enganchando el ojal en el mastil principal de la parte alta Ge 
la tienda. Sujete la parte frontal del doble techo al suelo cam 
el viento. Es posible que tenga que mover el viento de la 
tienda interior hacia el palo para que el doble techo 
se ajuste bien. 


Jeans! 
i Leh NGS 


me sy iB i i: 
=e i A hal 
nit fe Hane, i ie ih 


* Australian Government 





~ Department of Communications and the Arts 





5G—Enabling the future economy 


October 2017 


communications.gov.au 


GPO Box 2154 Canberra ACT 2601 Australia | telephone 02 6271 1000 arts.gov.au 


classification.gov.au 








A6é LA VIDA EN LA NATURALEZA 





DESMONTAR UNA TIENDA DE CAMPANA 


UANDO DESMONTE UNA tienda, guarde cada pieza de 
\.U forma ordenada, para que pueda encontrarla 
rapidamente cuando sea necesario. Si esta lloviendo, 
guarde todas las piezas de la tienda lo mas rapidamente 
posible, en especial la tienda interior. Recuerde que usted 
es vulnerable si no tiene un refugio donde cobijarse, y que 
debe desplazarse hasta su siguiente campamento lo mas 


1 En primer lugar, saque todas las clavijas que 
sujetan la tienda interior y el doble techo. Si el 
viento es intenso, retenga montada parte 

de la estructura para evitar que el viento 

sé la lleve. Tenga especial cuidado con 

las clavijas, nunca utilice los vientos 
o las cintas de goma para arrancarlas 
del suelo, y cuéntelas 
siempre. 







Saque las 
clavijas del suelo 
feniendo 
cuidado de no 
doblarlas —— 








4 La tienda interior y el doble techo deben enrollarse y guardarse separadamente para 
poder distinguirlos rapidamente al montar de nuevo la tienda. Para guardar el doble 

techo, levantelo de la tienda interior sujetandolo de los ojales en los vértices del techo. 
Tenga cuidado de no levantar también la tienda interior. 


2 Abra la cremallera de la 
puerta del doble techo 
v saque el palo frontal. 
Limpie la tierra o la 
humedad del palo, 
desmoéntelo cuidadosa- 
mente y coloque las 
distintas partes directa- 
mente en su bolsa. 


rapidamente posible y levantar su tienda antes de que 
anochezca. Si el clima es agradable y seco, antes de guardar 
la tienda extienda todas sus partes al aire libre durante 

un rato para permitir que el viento y el sol sequen la 
humedad de la tienda interior y del doble techo. 

Esto evitara la aparicion de moho durante su 
almacenamiento. 





3 Saque el otro palo y desméntelo. Limpielo y 
séquelo antes de guardarlo en su bolsa. Extienda la 
tienda sobre el suelo para poder recoger facilmente 
los vértices del tejado. 


a ee 
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5 Sin dejar de sujetar el doble techo por los ojales, 

levantelo para que cuelgue segtin su forma natural. Despaae 
d6blela por la mitad para formar una gran «V», Asegirese 7 
de que no esté mojada antes de doblarla. | 
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—_ : ne Se | USC ROI GIR A ie Meee 
6 Coloque el doble techo sobre un trozo seco de terreno y comience 7 Sacuda la tienda interior de manera que los vientos cuelguen libremente, 
a enrollarlo lo mas apretado posible. Doble los laterales conforme lo va col6quela sobre el suelo y enrdllela lo mas apretada posible. Doble los 
enrollando, teniendo cuidado de no enredar los vientos. laterales conforme la enrolla. 








al 4 
8 Coloque los vientos cuidadosamente en 9 Guarde las clavijas en una bolsa resistente para a 10 Limpie los palos y métalos en una bolsa 
el rollo antes de terminarlo, asegurandose que no danen la tienda, Guarde la bolsa con las resistente, y después dentro de la bolsa de 
de que no estan enredados ni tienen nudos. clavijas dentro de la bolsa principal de la tienda. la tienda. Si los mantiene limpios, ajustardn 
Si éste es el caso, es el momento de E] barro.o la humedad que pudiera quedar en las facilmente cuando los utilice. 
deshacerlos. clavijas puede corroerlas o dafiarias. 


CUIDADO Y REPARACION 
DE UNA TIENDA 


w Su tienda debe estar totalmente seca 
antes de guardarla; ademds de ser mas 
ligera, el tejido se deteriorara menos que si 
se almacena himedo. 

g Evite montar la tienda o desmontarla 
cuando hace mucho calor. El aislante 
impermeable puede derretirse con un calor 
eXCesivo. 

= Compruebe todas las partes de su tienda. 
Si es necesario, repdrelas inmediatamente. 
m Antes de almacenar una tienda, lavela 
con agua fria. Cuélguela para que se seque 
antes de guardarla. 





11 Meta la tienda interior y el doble 
techo en la bolsa de la tienda. Es una 
excelente idea colocar antes cada 
articulo en una bolsa de plastico 
individual para dar una proteccion 
adicional. 


Tite \llele). 


Asegiirese de no perder ninguna 

clavija, viento o palo al desmontar su 

tienda. También debe tener cuidado 

de no danar ninguna de sus partes; si 

esto ocurriera, debe repararla antes 12 Antes de cerrar la bolsa de la tienda, compruebe 

de utilizarla de nuevo. que todo esté guardado, y que no ha olvidado 
ninguna clavija o palo, Si la hierba es alta es facil 
extraviar alguno de estos articulos. 


Parches. Puede comprar parches 
especiales de vinilo con los que remendar 
temporalmente su tienda 












LA VIDA EN LA NATURALEZA 


HEN. 
Nay 


LA CONSTRUCCION DE UN REFUGIO 


48 





ROTEGERSE DEL VIENTO, de la Iluvia y del sol para poder 

descansar y dormir resulta vital para sobrevivir. Cuanto 
mejor sea el refugio construido, mas cOmodo estara y mejor 
descansara. El estar descansado es esencial para su salud 
fisica y también para su estado psicoldgico, que determina 
la sensibilidad y la logica de su pensamiento, y su decision 
de sobrevivir. Un cobertizo es probablemente el tipo de 
refugio mas sencillo y rapido de construir, y es, ademas, 


1 Para construir un refugio a un agua, 
comience cortando una rama larga que hara 
las veces de travesario. Mida la longitud 
correcta de esta rama extendiendo su brazo 
vy cortando unos 60cm por encima de este 
punto. Intente que la rama 
sea lo mas recta posible, yv 
recorte todas las ramas que 
broten de ella. No utilice 
una rama muerta ya que un 
viento fuerte podria 
romperla, 


El travesano debe ser 
mas alla que el 








aicance de Su 
hrazo __ 


4 Apoye el travesafio sobre los dos soportes en «Y», dejando la misma 
distancia en ambos extremos. El travesafio debe ser ligero, aunque lo 
suficientemente resistente para soportar el peso del techo terminado, asi 
como la acci6n de la lluvia y el viento, sin derrumbarse. 































adecuado para la mayor parte de terrenos. Deberia 
construirse en un lugar protegido, seguro y llano 

(véase pagina 40), y de tal manera que el techo estuviems§ 
cara al viento. La construcci6n de su refugio dependera 
enteramente de los materiales de que disponga. Si dispar 
de una lona o de una cubierta de plastico, debe empleams 
para construir el techo del refugio; en caso contrario, tema 
que improvisar con los materiales que pueda encontrar 
















2 Corte dos soportes en Sl 
de «Y» cuya altura llegue Ea 

su pecho, y cértelos con aa 
longitud adicional de 30ca 
se clavaran en el suelo, Ali 
extremos inferiores. 


_ Afile los extremos de los sopes™™ 
para que puedan Clavarse & 
suelo 


3 Con la ayuda Gea 
piedra, clave los sag 
en el suelo hasta Gaal 
bien seguros y no S8% 
La distancia entre = 
ser de unos 60cm a 
que la longitud Ge 
travesano. 


5 Corte varias ramas resistentes lo suficientemente largas para inclin 
contra el travesafio en un angulo de 45 grados con el suelo. El tect 
inclinado permitira el drenaje del agua de la lluvia y evitard su 
estancamiento. Coléquelas a unos 20cm de distancia entre si. Debes 
sobrepasar el travesano unos 10cm. 
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6 Corte varias ramas 
verdes rectas, mas bien 
fuertes, dejando algunas 
hojas en ellas. 
Entretéjalas 
alternativamente por 
encima y por debajo de 
las ramas inclinadas del 
techo, hasta que todas 
ellas formen una red 
relativamente firme, 
Entreteja también una 
fila de ramas por 
encima y por debajo del 
travesano para : 
asegurar lo mejor. Entreteja las ramias inclinadas 
con el lravesano para dar mayor 
estabilidad a la estructura y evitar 
(ie las ramas se muevan 





é 
+ 
% 





8 Continue entretejiendo 
todo tipo de follaje hasta 
lograr la densidad deseada 
para su techo. Algunos 
tipos de hoja se secan mas 
rapidamente que otras, y 
deberan ser reemplazadas 
transcurridos algunos dias. 
pie aD : cowed = Resulta mejor entretejer las 
i ee ae eames = TIS NUEVAS por encima 

ek Rape © eM eee. cle las viejas para ir cons- 
‘pelt ay CF NR rie: Racity fee = truyendo un techo en varias 

in ae? ee eee eee. Cpas. Son preferibles las 
ramas de arboles con ho- 
jas pequenas, ya que las 
hojas grandes se rasgan, 
mueren mas rapidamente, 
y son mas dificiles de tejer 
para formar una superficie 
plana. 





7 Una vez formada la red soporte, entreteja ramas 

mpletas, incluyendo sus hojas, para evitar la 
entrada del viento y de la lluvia. Al emplear las 
‘amas enteras, dara mayor fuerza al refugio, y el 
=eaje permanecera vivo un mayor tiempo, en 
especial si es caducifolio. 





KL EMPLEO DE MATERIALES 
ARTIFICIALES 


El empleo de materiales artificiales facilita la 
construcci6n de un refugio. Las liminas de 
polietileno, las bolsas de plastico y los cordeles 
para embalar son comunes entre la basura 
encontrada en el campo, Las hojas de hierro 
galvanizado y las cajas de madera pueden 
resultar ttiles. 


Otros materiales. Los refigios pueden 
construirse a partir de material de desecho 


iM 


= ee 


th fr 
to oak 
Me AE 
4k if s, if. 


® © refugio terminado puede requerir algunas fuego delante del refugio, pero mantenga 
meyoras: puede colocar rocas grandes a lo largo las llamas alejadas del techo. Renueve las 
S= <2 Dase para sujetarla en caso de vientos ramas cuando se marchiten. 


eT 


temtes, O anadir paredes laterales. Encienda e| 
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S I LAS TEMPERATURAS permanecen bajo cero, la en la nieve hasta un igli, en cuya construcci6n bien puede 
construcci6n de refugios en la nieve es relativamente emplear unas cuantas horas. En un refugio permanente, 

facil. Protegerlos del viento es prioritario, ya que el viento como un iglt, el aire frio y mas denso se disipara del , 
puede disminuir drasticamente la temperatura (véase interior si cava un canal que desvie el aire hacia la parte 
pagina 141). Las temperaturas inferiores a —10 °C resultan inferior del igli y de allf hacia afuera. Una ventilacion 
desagradables, por lo que la construccion de refugios que adecuada es imprescindible en cualquier refugio en la nieve 
puedan retener muy bien el calor se convierte en una para evitar la asfixia. 


necesidad. Estos pueden variar desde una simple trinchera 


LA CONSTRUCCION DE UN IGLU 






J i 
1 Corte bloques de nieve dura empleando una 2 Forme un circulo con los bloques alrededor 3 Construya las paredes solapando los bloques 
sierra pata nieve o un cuchillo grande. Cada del agujero que se ha formado en el suelo. vy colocandolos inclinados hacia el interior. Cave 
bloque debe tener aproximadamente 1m de Corte el circulo en espiral desde la parte un agujero bajo la pared para la entrada y para 
largo, 40cm de alto y 20cm de ancho. superior del ultimo bloque hasta el suelo. Asi disipar el aire frio. Coloque bloques en una 
resultard mds facil construir la ctipula. pared como plataforma para dormir. 












i 0 5 El aire caliente 
ae Gino anne mp fie —_ | enucide a ES proveniente de su cuerpe 
mente Mas granae que e€ Agujeros de y — y de loveociia sube, y 


hueco. Coloque el bloque ventilacion ; queda atrapado porla | 
on eae Fosa =: : vo Farin bon ta all 
, del : t | ttinel y se disipa hacia el 


correcta y deslicelo 
para que encaje 
perfectamente en 
el hueco. 


exterior. Los agujeros 
para la ventilaci6n son 
indispensables; deben 
realizarse con un hacha 
especial para hielo. 





| Iglt terminado. Con ei calor 
— interior, la superficie de las 
i.’ paredes se fundira y volverd 
; a congelarse, formando 
Pa una superficie uniforme 
Poel ‘ que impide el paso 
al \ : del aire. 
\ , - Un pequeno tejade 
wt sobre el thinel de 
entrada evita 
la entrada de niew 
arrastrada por el 
) VEE RLU 















a ay, 


“ADVERTENCIA | 


Es fundamental perforar por lo menos 
un agujero de ventilacién eneltecho =| 
para evitar la asfixia. El interior del ighi — 


se calentara con el calor de su cuerpo. 
Sin una ventilacién adecuada puede 
acumularse monoxido de carbono, que | 
es letal. Para construir un igld se precisa 
de dos personas. 








REFUGIOS EN LA NIEVE 








LA CONSTRUCCION DE UN QUINZE 













Fl aire entre las 
particulas de 
nieve acelerara la 
recristaiizacion 


eS Altse la superficie de la 
clipula para que la nieve se 


endurezca 





® Getegue las mochilas y el resto del equipo 














| 2 Con una raqueta para la nieve o una pala, 3 Cuando la nieve en la pila tenga cerca de 1 m 
mance un cono compacto. E] equipo apile nieve sobre las mochilas, y compactela. de grosor, alise la superficie y espere cerca de 
erin’ la forma interior del refugio y Espere al menos 30 minutos a que la nieve se una hora para que se endurezca. Este periodo 
teers &s cantidad de nieve necesaria para congele antes de afiadir mds nieve y lograr el de espera es muy importante, ya que durante el 
mem el guinze (pronunciado «cuinsi» ). grosor deseado para la ctipula. mismo la nieve se recristaliza. 
4 Recoja varios palos de unos “5 Cavédesde el exterior del guinze 
60cm de longitud. Clavelos en ‘ y por debajo de la pared hasta que 
\ la nieve de toda la superficie ie ae pueda sacar las mochilas. 
: / a como indicadores de pro- -" | —  €>.4 Después excave desde el 
‘ / i fundidad, apuntando ! f  %y __ interior con un recipiente 
: ¢ hacia el centro del 


de cocina hasta encon- 

trar los extremos de 
los palos clavados 

anteriormente. 


quinze. 













Brimcbera. Cave una trinchera y construya un 
mobo entretejiendo ramas, Cologque nieve 
Seeqpacta sobre el armaz6n. No olvide colocar un banco de nieve y bloguee la entrada a st 
wma rama vertical a través del techo para tener espalda con bloques de nieve. Haga un agujero 
wee ventilacion adecuada en la trinchera. en la pared para tener ventilacion. — 


Resguardo natural. Puede encontrar 
un refugio cémodo y casi listo para | 
usar debajo de una conffera con | 
ramas anchas y bajas. Tenga cuidado 

de no sacudir la nieve de las ramas. 





——— eee 
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REFUGIOS TROPICALES 


- \ REGION ENTRE el tr6pico de Cancer y el tropico de 
Capricornio, unos 23 grados al norte y al sur del 

ecuador, se conoce como Jos trépicos. Esta region 
comprende selvas pluviales, pantanos y sabanas, que se 
caracterizan por su vegetacion exuberante, las lluvias 
torrenciales y una abundante vida animal. Refugiarse de la 
lluvia, del viento y del sol resulta muy importante en todas 
las areas tropicales. En las selvas pluviales montanosas, la 






















“ae ae : 
q "i A, 
et : 

a a , ‘ 
4 a Ps Se SY, 
sal = = = ait —_" = - = - oe siiee | i] 


aoe = 4 ~ a aed) ee 
1 El refugio en «A» es muy set 





ie | i=. 3 
mE EA 


ai ik re . rane be 
2 Haga una s 


cillo de 





de ellas a un arbol. 








om _ = f = 7 I ; - - 
A, EN as al ieee aa 





tubo. Inserte dos ramas largas y separelas hasta formar una « camilla». 
Encaje la camilla entre ambas estructuras en «A» con las ramas en el 
exterior, 


REFUGIO EN «A» 


* i ae ie. sin = is ey > mol | <a | 2 35 tp ; 
» y coloquela a una 3 Coloqu 1 rama resistente encima de las 


eounda «! 
construir. Corte siete ramas largas y ate dos distancia igual a la de su propia estatura mas 
60 cm, de la primera de ellas. 


1 
= 1 el hy . iP 
a : i Je op a =o eo _ . = is : 
yet, i, : ee = : : i = he =< ee Se ec Lian = : oe ¥ 
: nied - wat ae th a . i ss = 
a3 ee, et eae = =e a — = nel ye 
papular reste ee aT 
aa ple eae ae ’ a : 
- est Fae F Sore i A, ea? — 


4 Ate los lados de una tela impermeable o de una manta para formar un 






















noche puede ser bastante fria. En las selvas y pantanos, 
debe dormir a un nivel mas elevado que el suelo, a ser 
posible lo suficientemente elevado para permitir el paso de 
animales pequenos por debajo, y para asegurarse de que la 
lluvia torrencial no le salpique al caer al suelo. Un techo 
impermeable y una mosquitera son también fundamentales. 
En las sabanas tropicales, dormir a un nivel mas elevado que 
el suelo no es tan importante como en las selvas. 











das «V» superiores de cada estructura en «A». 
Feta rama actulara como travesano. 


y 


ri E at 
5 A 
L* a eA - 


protegerle de la lluvia y, al mismo tiempo, permutir la circulacion del aire 
alrededor de su cabeza. 
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REFUGIO DE BAMBU 














ve Ate fuertemente 1 Este refugio puede construirse LS. Las secciones de 
SS al Traneenia les dondequiera que crezca el MA fi PO bambu colocadas de 
“SD palos verticales bambu. Coloque cuatro postes Pp © Ld M forma alternada para 
' = \ verticales gruesos en el suelo SFI BAF LF xB que se Weacen demias: 
< separados por una ZL 2 Sf BAF L 2 el agua hacia el canal 
: distancia igual a la de LPS LPF TF FF x ey» » 
% Su estatura mas UNOS KLE FFF FF FFF FF 2 KP. —_ | 
60 cm. Los postes GIFS FFF FI IS FIP FF F FF D- : | 
| frontales deben ser ee Me ee ie ee A PF FI I FP a ep! 
| | unos 30 cm mas er A 
- ie Pin; _) _ cortos que los J 
- eravesano frontal | traseros. Coloque los 
debe ser més bajo es travesafios entre los 
z TE hal 


gue el frasero para 
enitar la acumula- 
cain del agua de la 
lhria en el tejado 


postes verticales como 
se ilustra. 










2 Con un cuchillo, corte un tallo de 
bambu longitudinalmente y coloquelo 





— entre los postes verticales traseros a modo aM 
PRECAUCION de canal. Obstruya un eee con hojas y \ a. | 
=e ak Seu cas, coloque un recipiente bajo el otro extremo para “Ai, Se aa i hale 
Los tallos de bambu pueden partirse facilmente _ el agua de la via que cae sobre deed 7? ae aor 
por el centro con un cuchillo, pero tenga cuidado Coloque tallos de bambi divididos entre los travesa- SS eee 
al cortarlos para evitar la proyeccién de astillas, fios, con las caras abiertas hacia arriba, y apoye sus extremos' F oe 
afiladas como cuchillas. Tenga cuidado al cortar en el canal. Cologue mas tallos encima, con la cara abierta ’ _ Un recipiente recoge 
el bambi, ya que algunos tallos pueden torcerse hacia abajo, para entrelazarlos con los de la capa interior, el agua del canal 
bajo presion, soltarse y cortarle. como se muestra en la figura. - 2 


REFUGIO EN LA SELVA 





1 Para construir el armaz6n del refugio, clave cuatro troncos 
sdlidos en el suelo, que hardn de postes en las cuatro 
esquinas, separados por una distancia superior a la 
de su propia estatura, Coloque cuatro ramas 
horizontales, atandolas a la parte 
de los troncos verticales, a los que 
habra hecho unas muescas . 
para encajarlos mejor, y 
constituir asi el armaz6n de 
la cama (véase pagina 48 ). 
















Las bojas deben 
colear hacia abajo 
y sdlaparse una 
con otra 


Haga muescas en los 
postes verticales para 
lograr un mejor ajuste 
vfijacion 


£1 travesano debe 
tener und longitud 
superior a la de su 
esaiura 





Lalit: 


2 toe Jo) ial 7 
et etes Mea = eo = 







Los soportes . 
hborizoniales estan | 
bien asegu radas a los ut ; 


ana; amgtlei.. 





troncos verticales Uy 4 P | baa, r 
"Pa iag Pa: 9 ie Ws / | . - == 
F yshahy Nw Ae Eth 3 Ate mas ramas entre 
decile Ra! be, a eet i YP se 1OS SOportes Cel teyaudo y 
us hdd ‘ate 9 7 yi ait ~~ ctibralas con hojas grandes. 
2 Ate siete ramas entre si para construir la Ny, ere SORES s sobreponga las hojas contiguas y 
ae ae: 3 eR Pht DAT By | las de una fila con otra. Empezando 
estructura del techo. El techo debe ser inclinado | aii) RTE, i cas ah oaranenion oats punae dl 
para no acumular el agua de la lluvia, y lo A li A Wr por abajo, 1 pedunculo ce cada Oja debe 
suficientemente resistente para soportar el peso Se apuntar hacia la parte supenor, Con el haz 
de la cubierta. Atelo a los troncos verticales de SAL My (cara brillante) hacia arriba para desviar el agua 


las esquinas. de Ja lluvia. 


a 
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REFUGIOS PERMANENTES 


N UNA SITUACION de supervivencia, desconoce el tiempo durante varios dias, o incluso semanas, a construir un 


L_4en el que permanecera abandonado, 0 cuanto tiempo refugio permanente, debe asegurarse de que dispone del 
permanecera en un mismo sitio. Por lo tanto, debe intentar sitio mas adecuado. Sus alimentos, combustibles y agua 
construir el mejor refugio posible. Si se ve forzado a pasar fresca deben encontrarse en las cercanias; el suelo, sdlido, 
todo un invierno, por ejemplo, necesitara un refugio mas debe estar bien drenado; y el terreno protegido de cualquier 
sOlido, como una cabana de troncos. Antes de dedicarse peligro natural (véase pagina 40). | 


CABANA DE TRONCOS 





Troncos rectos y 


sélidos a 
OR a we -* ; — = = s = 


—— 


- ae 
——— 








Cologue los troncos 
.. punta con base para 
/ gue encajen y nd dejen 
huecos 


‘eC. ol 
4 —_— Para asegurar un buen © 
a encaje, debe bacer 
ti a 
ae r 


Se ae muescas a los troncos, 






™, 
= 


en las puntas y a 
ambos lados 





1 Limpie el suelo por lo menos teil on q . 
hasta 1m mds alla de las paredes de 2 La clave de una buena construccién esta en emplear troncos semejantes y 


la cabafia, v coloque los primeros regulares, y en hacer las muescas en los sitios correspondientes. Asegurese de que 
trencos formando el contorno de la con las muescas cada tronco queda bien colocado encima de los restantes, para que 
cabafia. @ ‘\as paredes queden lo mas perpendiculares posible, en angulo recto con las 














esquinas, Construya las paredes gradualmente. 
Viento predominante 


3 Las paredes traseras y la pendiente del 

tejado deben estar encaradas al viento y a las 

Cs EP AD ps =  inclemencias del tiempo, mientras que la 
FF ig iS ts ¥x. parte frontal con la entrada y cualquier 

OE LE one = A : ie deben encararse hacia el a Incline 
> el tejado de tal manera que la parte frontal 

~ sea mds alta que la trasera, para que no se 

acumulen el agua de la lluvia o la nieve. 





UNA CHIMENEA 
DE PIEDRA 






Debido al peligro de incendio, 
el hogar y la chimenea deben 
ser independientes y deben 
construirse de forma sélida, 
preferiblemente de piedra 0 
ladrillo. La chimenea puede 

| construirse fuera, con un 
agujero en la pared a manera 
de hogar, o bien en el interior, 
haciendo que la chimenea 
sobresalga del techo. Para 
construir la estructura, utilice 
rocas 0 ladrillos de barro. 


Corte gruesos cuadros de 
césped con gran cantidad de 
terra 


4 La cubierta del 
tejado puede ser de 
cualquier material. 
Coloque un aislante 
como helechos, 
hierbas, ramas de 
abeto, sobre un 
entramado de troncas. 
Si dispone de ellas, las 
bolsas de papel que 
contienen fertilizante 
son un aislante 
particularmente 
bueno; cualquier 
lamina de plastico resulta util 
para protegerse de la lluvia. Afiada una capa 
de bloques de césped para formar el techo. 
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\ Réllene los buecos 
entre los troncos 
con barro y musgo 





Chimenea de piedra. Construya 
una chimenea de piedra fuera de 

las paredes de la cabana para que 
el fuego no queme su refigio. 
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REFUGIOS PERMANENTES 






CASA DE BLOQUES (TEPES)* 










Cologque cada blogue 
sobre la juntura de 
los dos de la fila 
inferior 







Los bloques 
deben cortarse 
con forma de 
ladrillo 





3 Construya gradualmente las paredes de la 
cabana, solapando los bloques en las esquinas. 
Asegurese de que cada nueva fila solapa la 
anterior para que las paredes sean firmes y no 


2 Coloque el contorno de la base de la cabafia 
sobre una porcion limpia de terreno, dejando 
un espacio para la puerta. El suelo debe ser 
llano y s6lido, y capaz de soportar el 


Ae ee ee satilisnpen a | | se derrumben. Intente hacer paredes rectas, a 
1 Los bloques de césped pueden utilizarse para considerable peso de las paredes y del techo 90 prados tna de ott. ¥ bet a eictilavee 
construir como si se tratase de ladrillos sin sin ceder. Comience a levantar las paredes. ae = HE EES Piles 


secar, cortados y colocados sin mortero, 
Comience cortando una seleccion de bloques 
del suelo. 


Anada un marco para\ 
la puerta becho de 
madera, cuyo dintel 
debe ser lo suficiente- 
merle resistente coma 
para soportar el peso de 
varias filas de bloques 





4 Construva la parte frontal mds alta que la 5 Coloque una capa de bloques sobre el techo, Hi a 


trasera, inclinando el tejado hacia donde con el césped hacia arriba. Repare cualquier aN 
sople el viento para evitar que se acumule el _grieta en las paredes con barro. Con el tiempo, 
agua de la lluvia, Si es posible, construya las paredes se endureceran y alisaran. 


una estructura de ramas para el techo. 


OTROS REFUGIOS PERMANENTES 


Cuevas. Cuando utilice tina 


We coe pan ee cueva como refugio, ff Hi 
j ANS = ae ee | | i if 





















Wine? SE ee comience por explorarla en oe ) 
a uM su totalidad. La entrada A 
Wie ON 7” ee \\\" puede estar obstruida entre @)/ 
a” F dos paredes. El fuego debe SK y 
2 encenderse en el fondo de of 
la cueva, de manera que el f 


humo escape y no se 
acumule en el interior 
Puede construtr una pared 
de rocas 0 de troncos en el 
lado opuesto al fuego para 
rejlejar nuevamente el calor 
hacia el interior de la 
cuevd. 


| 

_ -Huecos naturales. En ocasiones pueden encontrarse refugios 
naturales bajo las grandes formaciones rocosas, pero debe tener 
cuidado y asegurarse de que la estructura es sdlida e inamovitble. 
Si excava el suelo por debajo, no toque los fundamentos de la 
estructura. 


Advertencia: Este método destruye gran cantidad de cubierta vegetal, la cual tarda afios en regenerarse. Por tanto, su construccién sél 


© debe emprenderse en caso de absoluta necesidad. 
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UN CAMPAMENTO SEGURO 


U NA VEZ ELEGIDO el campamento, se deberan cumplir de llama dentro de una tienda reduce la cantidad de 

unas normas basicas de seguridad. En cada situacién oxigeno disponible y puede generar gases venenosos, como 
puede existir un peligro potencial, desde los fuegos y las el mondxido de carbono. Las tiendas y cualquier otro tipo 
cocinas sin ventilaci6n hasta la falta de higiene basica. de refugio deben estar bien ventilados (véase pagina 114 ). 
Nunca cocine dentro de una tienda, ya que puede Sin neveras y aseos, aumenta la posibilidad de sufrir una 
incendiarse rapidamente y arder con fuerza. Cualquier tipo intoxicaci6n por alimentos u otras enfermedades, 


LA SEGURIDAD EN EL CAMPAMENTO 





Si acampa por mds de una noche, debe vigilar 
que su campamento sea lo mas seguro 
posible. Los accidentes ocurren a menudo 
por la noche, por ejemplo, cuando las 
personas salen de su tienda para ir a la letrina 



















y tropiezan con el fuego, caen al rio o se Cuerda 
pierden en la oscuridad sin ser capaces de guia hacia 


volver a encontrar su tienda. ee 


Pee alia few 
wi Wille. 
ey 
j 
ont 
Clave in = AM | | | 7 | Vy =< ¥- 

Preparado para sujectOn en er ane So. 3 | 
cualquier peligro. el wins eee wa ae i 3 j ie 
Ba ay | | en recogida ‘ar 7 — a | 
Su campamento ilebe estar amas : | > nant a \ El rfo representa 
bien disenado, incluyendo is i r4 = s ua cdmenaza 
los dispositivos de seguridad : ore P z: constante a st 
para prevenir accidentes, lita - seguridad 


sin importar lo improbables 
que puedan parecer 


LA CONSTRUCCION DE UNA LETRINA 





La letrina debe colocarse a favor del Pantalla de maleza 
viento y mas abajo de su tienda. para proporcio- 
Espolvoree un poco de tierra cada vez ae 
que la use. Nunca vierta sustancias 
quimicas a una letrina, ya que evitan 
la descomposici6n natural de la 
materia fecal y la hacen oler mucho 
peor de lo que lo haria naturalmente. 
Construya un punto diferente para 
orinar, marcado por una estaca, a un 
lado. No se olvide de rellenar la 
letrina cuando marche (véase 
pagina 64). 






Cuerda de ° 
seguridad para 
marcear el borde de 
laletrina  Troncos 
como Bula 
de posicion 






LATA COMO INODORO 


















Alli donde sea ilegal o resulte poco 
practico enterrar desechos humanos, 
construya un inodoro portatil colocando 
una bolsa de 
plastico dentro de 
una latade cafécon €]{\ | 
tapa. Eche un poco —— 
de lejia en la bolsa 
para reducir el olor. 
Utilice la lata para 
los desechos sélidos. 












Inodoro de campamento. Construya 
una letrina si debe permanecer en el 
campamento varios dias, 0 si Se trata 
de un grupo numeroso. Utilicelo 
linicamente para los desechos s6lidos. 











UN CAMPAMENTO SEGURO 


o/ 





EL LAVADO DE LA ROPA 










Al restregar la ropa sobre 
una piedra, tenga cuidado 
_ adeno romper los bofones 


Si su ropa esta limpia, retendra su capacidad 
aislante, y también contribuira a su higiene 
personal. En las regiones tropicales, la ropa debe 
lavarse cada dia, guardando una muda para 
llevar por la noche. En los climas frfos, 
tinicamente debe lavar regularmente los 
calcetines y la ropa interior. La ropa debe 
remendarse tan pronto se rompa (véase pda- 
gina 31), para que el roto no se haga mayor 
y la ropa resulte inservible. La ropa limpia y 
remendada ayuda a mantener la moral en las 
situaciones dificiles. 


. No deje que la espuma dei 


detergenté conlamine Su 


fuente de agua 





Guarde sus articulos de 
zseo personal en un 
meceser impermeable para 
evitar que se pierdan. 
% utiliza una bolsa 
también los mantendra 
impios. Mientras utilice 
sus articulos de aseo, 
cuelgue el neceser de un 
acbo! para acceder 
cipidamente a cada 
articulo. Una toalla grande 
qwede tener muchas 
aplicaciones. También 
ewede cortarse en trozos 
menores para utilizarla de 
warias maneras (wvéase 
bagina 27 ). 

NECESER 


LA PROTECCION 
DEL MEDIO AMBIENTE 


= Evite que la espuma del jabon, los restos de 
comida o cualquier otro contaminante lleguen 
a su fuente de agua potable. Recuerde que, 
aunque lave sus platos y se asee corriente 
abajo, puede haber otros campamentos 
tio abajo. 
Evite dejar una tienda levantada en el mismo 
_ jugar durante un tiempo prolongado para 
_permitir el crecimiento de la hierba. 
_® No corte los arboles y las plantas a menos 
que deba construir un refugio. 
® Utilice los hoyos para fuego existentes 
_ cuando sea posible, antes de hacer uno nucvo, 
| y tenga cuidado de no provocar un incendio. 
_ ® Queme toda la basura y llévese el residuo 
cuando se marche. 
~@ Al abandonar el campamento, recuerde 
rellenar la letrina y el hoyo del fuego, y 
eliminar cualquier rastro de su estancia (véase 


| pagina 64). 











TOALLA 


Hoja del castanio de Indias. 
Las hojas del castatio de Indias 
trituradas en agua caliente 
pueden utilizarse como jabon. 
También tienen un suave efecto 
antiseptic. 





LIMPIADORES IMPROVISADOS 


i, ja 


Fresa. Puede eliminar 
manchas de los dientes 
frotando fresas sobre ellos. 
La ceniza de madera también 
puede emplearse como pasta 
de dientes, 0 como jabon. 


MANTENGA SU COMIDA A SALVO 


1 Cuando prepare la 
comida, quiza quiera que 
alguno de los ingredientes se 
mantenga fresco y alejado de 
los insectos y animales. 
Construya un contenedor 
temporal a partir de un 
rollo de tela, atando ambos 
extremos para cerrarlo. 
Coloque un plato en el 
interior, que hard las 
veces de soporte. 


ai) 
i 


Lee qj = Plato con 
*. ' 2 ) | ite . 
SZ, a alimentos a salvo 


— de los fnsectos 








2 Cuelgue la tela de una rama. Guarde la 
comida dentro del contenedor durante un 
periodo corto. Los alimentos enlatados se 
mantienen frescos metiéndolos en la aguas 
poco profundas de los rios. 
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EL FUEGO EN EL CAMPAMENTO 


E L HECHO DE tener © no un fuego en el campamento deliciosa comida, y seca la ropa y las botas. Necesitara tres 
puede determinar su supervivencia, ya que el fuego le ingredientes para encender un fuego: yesca, astillas y lena. 
proporcionara calor, un medio para cocinar sus alimentos, y Un fuego también necesita oxigeno para quemar. La mejor 
le servird también de estimulo. El fuego aleja a los animales fuente de combustible seco es la madera muerta que todavia 
salvajes y a los insectos; da calor, con lo que evita el consu- no ha caido. Si debe usar lena caida, no recoja la que esta 
mo de calorias; convierte los alimentos incomibles en una en contacto con el suelo, sino las ramas que lo cubren. 


TIPOS DE YESCA 




















Hongos. Algunos borngos que 
crecen en los adrboles tienen 
una piel exterior imper- 
meable y una carne suave, 
seca y esponjosa en el inte- 
rior, que constituye una 
yesca excelente. Probable- 
mente deba eliminar la piel 
exterior con un cuchillo para 
acceder al suave tejido interior. 


_ Musgo. E] musgo verde y htimedo 
' no sirve coma yesca. El musgo 
muerto y seco es [ino y denso, 
ideal para comenzar un 
fuego. Puede encontrar musgo 
junto a los troncos de los arbo- 
les o en terrenos pantanosos. 
Ouizd deba secarlo antes de 
SU USO. 


Corteza. Incluso en climas bumedos, la corteza 
interior de los troncos catdos puede estar seca. 
Elimine los trozos htimedos o busque allt donde los 
insectos se han introducido produciendo en la madera 
un fino serrin, que es igualmente una buena yesca. La 
madera podrida también puede emplearse como yesca. 


Hojas muertas. Siempre bay 
hojas secas ' muertas en el suelo, 
incluso en los bosques mas 
huimedos. Meta las bojas 
directamente en una bolsa 
impermeable segun las vaya 
recogiendo, Puede utilizarlas 
enteras o estrujarlas para formar 
frozos pequenios antes de 
utilizarlas COMO yesca. 


PREPARAR LA YESCA 





Hierba seca. Es muy facil de recoger. Un manojo de bierba seca 
se encendera rapidamente produciendo llamas (véase inferior ). 








i 


Pulverizar. Puede convertir los palos secos y los Cortar. Haga una pequena depresion en la Descarnar. Para arder, incluso con la chispa 
trozos de corteza en yesca en polvo cortandolos superficie de la yesca, por ejemplo, en un trozo mds pequena, la yesca debe ser tan fina como el 
en trozos muy pequerios con un cuchillo. Corte de bongo de arbal. Si deja caer un rescoldo algoddén. Frote }' retuerza el material entre sus 
los trozas lo mds pequerios posible, y guerdelos incandescente en este hueco, este encontrara dedos, O usando una piedra, para separar las 


en una bolsa. una gran drea superficial para calentar. fibras entre sf. 
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Lefia para calentar. Las maderas 
blandas coma la del fresno, el abeto, el 
manzano, el avellano y el acebo, arden 
rapidamente y con mucha liz, 
desprendiendo mucho calor. 

Sin embargo, también producen chispas. 
Las maderas que producen una mayor 
cantidad de chispas al calentarse son las 
del cedro y la cicuta, Al arder tan 
rapidamente, las maderas blandas son 
ideales para comenzar un fuego, y 
pueden resultar titiles para cocinar 
rapidamente 0, por ejemplo, para 
calentar agua u otros liquidos. 

Sin embargo, se consumen muy rapido 
y dejan mucha ceniza en lugar de sabor a resina, mientras que el 
rescoldos 0 brasas que podrian manzano y el sico6moro pueden 
emplearse para hornear 0 para otras enrigiecer Su sabor. 

formas de cocina lenta. 


Lefia para cocinar. 

Las maderas densas y duras 
como las de la haya, el roble, el 
abedul, el alerce, el nogal y el 
sic6moro, arden lenta y 
uniformemente, desprendiendo 
mucho calor y produciendo 
brasas ideales para cocinar 
lentamente (véase pagina 117). 
El sabor de la comida cocinada 
sobre un fuego puede quedar 
afectado por el olor del humo. 
Cada tipo de madera produce un olor 
diferente al quemarse. Por ejemplo, el 
pina tiende a dar a los alimentos un 





ROBLE 








| MADERAS QUE DEBE EVITAR 
Combustible de emergencia. En una 
sttuacion de supervivencia puede verse 
en la necesidad de tener que emplear 
cualguier Cosa que encuentre para 
guemar. Los combustibles de emergencia 
pueden incluir excrementos animales, 
liqguenes secos, musgo, brezo e incluso EXCREMENTOS SECOS 
bloques de turba; todos deben secarse 

al sol antes de su uso. En la playa, 
puede servirse de algas secas. A 
veces, puede encontrar restos de car- 
bon para quemar, mientras que el 
petréleo se filtra ocastonalmente 
jormando charcos en la superft- 

cie del terreno, En ocasiones, la 
arena contiene petréleo, y puede 
guemarse. También puede utilizar 
la grasa animal como combustible. 


Algunas maderas resinosas estallan con 

fuerza al fuego, y deben evitarse dentro 

de lo posible. Estas incluyen el pino y el 

endrino. Otras maderas como el aliso, 

el castano, el dlamo y el sauce no quemane 

bien y se limitan a 

arder sin llama. 

E] bambt estallara | 

sin calentarlo, a menos ALAMO 
que lo abra primero, 





SAUCE 





INGREDIENTES PARA UN FUEGO 





Debe hacer el fuego gradualmente, troncos. Clasifique su madera en yesca, un y troncos. Deje que cada etapa arda bien 
comenzando por astillas de madera y pufado de ramitas muy finas y una gran antes de afiadir ramas mas grandes, No utilice 
progresando hacia las ramas mayores y los cantidad de ramas pequenas, ramas grandes ramas verdes, ya que éstas tienden a doblarse. 
Yesca. Necesitard un monton Astillas. Una vez Leia. Cuando las astillas Lefia gruesa. Las ramas Troncos. Los troncos 

de yesca, al menos del tamano de lograda la llama en la ardan correctamente, grandes actiéan como gruesos son tdeales para 
un pomelo, cortada muy fina yesca, aviada leria anada ramas del grosorde combustible principal. mantener encendido un 
(véase pagina anterior), La yesca menuda seca en forma un dedo. Las ramas baran Deben ser ids gruesas que fuego estable duranie toda 
es la parte mds importante de de pequenas ramas y que el tamano de las un dedo, pero fdciles de la noche. Asegtirese de que 
un fuego, ya que no puede hojas. Asegtirese de que llamas aumente, desde su romper. El tamario de este estan totalmente quemados 
encender un fuego comenzando la lena esta totalmente fase inicial basta el tamario — combustible es el mas antes de apagar el fuego. 
por los troncos gruesos, a menos seca. Las ramas deben normal para un fuego. habitual en los fuegos de 

de que disponga de un tener el grosor de un campamento. 

encendedor que sustituya a la laiprz. 


yesca (véase pagina 62 ). 
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COMO PREPARAR UN FUEGO 


E L SECRETO DE un buen fuego esta en disponer de peligrosos —puede perder el control del mismo, 
combustible seco y encenderlo poco a poco a partir de incendiando la vegetaci6n seca, la tienda o su ropa. 

una llama pequena. Debe escoger y construir su fuego con Asimismo, pueden gastar todo el oxigeno disponible en un 
gran cuidado, eligiendo el mas adecuado para sus refugio cerrado asfixiando a sus habitantes. Un fuego 
propositos, al tiempo que se adapta a las condiciones locales también puede marcar el paisaje si no se apaga y limpia 
(véase pagina siguiente ). Los fuegos son potencialmente convenientemente (véase pdgina 65 ). 


FUEGO SENCILLO EN ARMAZON DE TIPI 
















1 Levante un cuadrado 
de hierba y déjelo a un 
lado. Coloque una 
plataforma de ramas 
verdes en el hueco. 


2 Comience a construir | PRECAUCION 


un armazon de tipi 
apoyando cuatro ramas No construya un fuego donde lo 
verticales entre si, vegetacion este seca debido a 
haciendo que sus la sequia. No construya un fuego 
extremos superiores de dimensiones mayores de las que 
coincidan en un punto, pueda controlar, especialmente si 
Este armazon no tene hace viento. Tengo cuidado de no 
que ser muy grande. construir un fuego debajo de ramas 
bajas que podrian incendiarse. 





i Cie 


3 Construya un tipi gradualmente, intentando 
hacerlo lo mas robusto posible. Asegtirese de 
dejar el suficiente espacio debajo del tipi para 

colocar la yesca, y no olvide delat una abertura 
en uno de los lados. 




















4 Coloque la yesca dentro del tipi terminado. 

Encienda la yesca (wéase pagina 58), y después 

anada hojas secas y pequefias ramas para aumentar 

Bee = el tamatio de las llamas dentro del tipi. Conforme se 

Mee = acumula el calor, el tipi también comienza a quemarse, 

me =. clando lugar a llamas grandes. El tipi se derrumbara 
sobre si mismo, y obtendra asi un lecho de brasas al 

que puede anadir mds lena, o utilizarlo para cocinar. 

a ie LP een Oe Ae La plataforma de madera también llegara a quemarse, 

Er Pian ee et Nee ge 3 = originando mas brasas. 








tees 
ns 








“ Jenga ramitas y hojas a 
mano para alimentar el fuego 


COMO PREPARAR UN FUEGO 






TIPOS DE FUEGO 


Aunque puede utilizar el fuego sencillo en condiciones especiales. Por ejemplo, si hace correctamente, En la nieve, tendra que 
armazon de tipi en casi cualquier area, puede §=mucho viento, puede construir el fuego en escarbar hasta llegar al suelo sobre el que 
encontrarse con que deba adaptarlo a ciertas una trinchera para que esté protegido y arda colocara la plataforma para construir el fuego. 









Fuego en una pared rocosa. 
ite >. Una pared rocosa protegeré el 
2. Mae fuego del viento, impedira las 
fam = & llamaradas peligrosas y limi- 
a fara el consumo de levia. 
Elija rocas secas, HO poro- 
sas, y evite la pizarra, 
gue puede explotar al 
calentarla, Utilice las 
rocas mds estables y de 
mayor tamano que 
pueda encontrar. Puede 
rellenar los buecos con 
barro 0 arcilla para 
formar un drea 
funcional para cocinar 


= 4 = @ eT i 
a 
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Fuego de trinchera., En condiciones de viento fuerte, cave 
una trinchera de unos 30cm de profundidad., Los fuegos de 
trinchera son excelenies para cocinar, y tienen un bajo 
consumo de lena, No llezan a producir grandes llamaradas 
pero, a pesar de su construccion, disponen del aire suficiente 
para arder correctamente. 






She La pared rocosa protege el 
fuezo del viento 


FUEGO DE LARGA DURACION 


Fuego de estrella. Una vez 
que su fuego dispone de 
upr buen lecho de rescoldos 
0 brasas, Coloque cuatro 
troncos grandes en el 
centro, Conforme se van 
gquemando, debe irlos 
empujando hacia el 
centro. Utilice este tipo 
de fuego unicamente en 
un campamento a largo 
plazo, para asegurarse 
de quemar los troncos 
en su totalidad antes de 
apagar el fuego (véase 
pagina 64). 


Para que un fuego dure toda una noche, o todo un dia, 
coloque tres troncos gruesos muy juntos sobre un lecho 
profundo de brasas. Si quiere calor adicional, puede 
construir una pared de madera u 

otro material detras del fuego 

para reflejar el calor hacia 

usted. 


Fuego de larga 
duracion. 

Lie tronco largo 
puede arder toda 
la noche. 








3 Coloque unos 

rescoldos incandes- 

centes en el nido 

de musgo y cubra- 

los con mas musgo } 
seco. Sople | 
suavemente sobre | 
los rescoldos | \\ 
cuando le parezca | 
que vayan a 
apagarse. : } 


Coloque el 
MILUSIO SECO 
en la parte 
superior 


2 Llene la lata 
con musgo 
seco. Si tinica- 
mente puede 
encontrar 
musgo hime: 
do, puede 
utilizarlo, siempre que 
lo coloque en la parte 





Las brasas vivas — 


1 Puede mantener vivos los rescoldos inferior v lo cubra con } maces quae 
—_ ee REE NL. -”  anianceieaereenenaminairnrne | ies MUSEO SE 


un nuevo fuego dondequiera que esté. E] musgo himedo se 
Anude un asa de cuerda o alambre a la lata. secaré pronto. 
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COMO ENCENDER UN FUEGO 


UNTO CON LOS primeros auxilios, saber encender un fuego 
es la habilidad de supervivencia mas necesaria. Cuando la 
madera u otro combustible se calienta, despide gases que se 


apagara practicamente cualquier fuego. Los fuegos no sdlo 
necesitan calor y combustible seco, sino también una gran 
cantidad de oxigeno, especialmente al encenderlos. Puede 


encienden originando llamas. Los fuegos deben encenderse 
en pequefia escala y reforzarse gradualmente. Es muy 
importante disponer de lena seca, ya que la madera himeda 


apagar un fuego cubriéndolo con tierra para impedir que las 
llamas tengan el suficiente oxigeno para continuar 
ardiendo. 


METODOS PARA ENCENDER UN FUEGO 













Pedernal y acero. Haga un nido 
de yesca junto al tipi. Frote el 
pedernal con el acera, encima de 
la yesca. Sople sobre las chispas 
bara crear una llama. 
Una vez ba encendido 
la yesca, empiijela 
dentro del tipi. 


CONSEJOS 


m Asegtirese de que el fuego esta protegido 
del viento (véase pagina 60). recuerde que 
un fuego necesita oxigeno para arder. 
= Mantenga una reserva de yesca seca. 
m Retina todos los materiales necesarios 

| antes de encender un fuego. 
= Impermeabilice las cerillas dejando caer 
la cera de una vela sobre sus cabezas. 
Elimine la cera-antes de encenderlas. 


Frote el pedernal can la 
sierra de acero dirigiendo 
las chispas hacia la yesca 


Cerillas. Encienda una cerilla pro- 
fegiéndola del viento con las 
manos, vy permita que la lama 
queme el palo, Acerque la 

cerilla ala yesca hasta que 
ésta arda, Deje caer la cert- 
lla, aniada mds 
yesca y después 
lena, 


Lupa. Cologue un nido de 
yesca dentro del tipi, y 
enfoque los rayos del sol a 
través de la lupa de manera 
que el punto de luz mas 
intenso caiga sobre la yesca, 
Cuando ésta comience a 
carder, sople lige- 
Se ramente hasta 
que haga llama. 











Proteja la cerilia del 
wienio con las 


Manos Enfoque los rayos 


de sol sobre la 
pest aa través dela 


UTILES PARA ENCENDER FUEGO 


Hay muchas maneras diferentes de encender un fuego empleando utensilios diversos. Estos varian desde el 
tradicional bloque de pedernal y la sierra de acero hasta las modernas pastillas de parafina y los palitos de astillas 
de madera tratadas con varios materiales quimicos. Escoja el método que le parezca mas sencillo de usar. 


Pastillas de 
parafina. Pueden 
utilizarse para 
encender ramas 
grandes sin yesca. 


i 


Ee 
= 


fia inal! 


: 





Palos de fuego, Los palos de 
wirtitas de madera tratada con 
materiales quimicos pueden 
encenderse con una cerilla para 
prender fuego facilmente, sin 
necesidad de yesca. 


Cerillas 
impermeables. Quile 
la cera de la cabeza de 
las cerillas antes de 
utilizarias. 


Pedernal y acero. Esta Lupa. Cuanito mayorseala Algodon. El! aigodén 
sierra de acero el lupa, mejores resultados — impregnado de parafina 
«pedernal» de aleacién obtendra, particularmente es una alternativa de peso 
de magnesio producen con el sol débil de las ligero a la yesca natural, 
chispas mayores que las latitudes boreales. 
de! pedernal natural. 











COMO ENCENDER UN FUEGO 





1 Corte una rama de madera dura que haga las 
weces de eje (véase pagina 59). Debe tener 
unos 40.cm de longitud y unos 4 cm de grosor. 
Redondee uno de los extremos y talle una punta 
con el otro. 





L Taille un agujero lo 

rf sufictentemente 
grande como para 
introduciy en él el 
exiremo superior 

, del eje 





4 Utilice un trozo de madera pesada 
SOMO Mango pata sujetar y presionar el 
sje. Talle un agujero en su centro, para 
la parte superior del eje. 


VARIANTE MANUAL 


Un método mas sencillo que el fuego de arco es la 
rotaci6n con las manos de un palo terminado en 
punta sobre una base. Sin embargo, ya que las 


manos crean menor fricci6n que el arco, este 


método tnicamente funciona eficientemente en 
los climas calidos, donde la madera esté muy seca. 


Empuje el eje hacia la 
base al girarlo, y 
hagalo rotar en 

impulsos cortos. 


Técnica manual. 
El empleo del eje 
manual es mas 
sencillo, aunque no 
tan efectivo como el 
arco, 






















FUEGO DE ARCO 


2 Busque un trozo de madera suave, como de 
pino o de balsa, para utilizar como base, vy corte 
una muesca en forma de «V» en uno de los 
lados. La friccion entre el eje v | 
cenizas. 





a base producira 


5 Corte una rama 
fuerte de madera dura 
para el arco, con una lon- 
gitud de unos 60.cm y un 
grosor de 2cm. Ate, sin 
tensar, un cordel o cuerda 
natural a ambos extremos, 
asegurandose de que esta lo 
suficientemente suelta como 
para pasarla alrededor del eje. 


sobre el eje . 


Ei centro del eje tiene 
Wna muesca Para que 
la cuerda no resbale . 


6 Jalle una muesca en el centro del 
eje y envuelva la cuerda alrededor 
del mismo. Coloque yesca 
cerca de la muesca, en la 
base, Coloque la punta del 
eje en la base v el mango 

en el extremo superior del 
eje. Hagalo girar tirando y 
empujando el arco, al mismo 


mano. El humo no tarda mucho en 
producirse, junto con una gran cantic 





yesca gracias a la muesca de la base. 


fa mano empuja 
ei mango para 
ejercer preston 


tiempo que empuja el mango con la otra 


ad 
de ceniza y chispas, que caeran sobre la 





3 Talle un agujero pequerio al lado de la 
muesca, en el que quepa la punta del eje. 

La ceniza caliente y negra creada por la triccidn 
del eje girando en el agujero caerd en la yesca a 
traves de la muesca. 
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Polvo rmegro } | 


| Empuje ) 


caliente causada 


par la friccidn 


girar el eje 





















arco para hacer 
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LEVANTAR EL CAMPAMENTO 


EVANTAR EL CAMPAMENTO debe convertirse en una rutina) § comprobar el campamento antes de ponerse en’ marcha. | 
en la que todos trabajan para lograr ponerse en marcha Es importante limpiar el lugar de manera que parezca que 


a una hora previamente acordada. Si las condiciones del nunca haya estado alli —a menos que esté en una situaciOn 
tiempo son extremas, esperar a una persona puede ser muy — de supervivencia y deba dejar alguna senal para los 
molesto, e incluso peligroso. El segundo jefe —quien debe rescatadores. Desmonte su tienda o refugio en ultimo lugar, 
cerrar la marcha del grupo (véase pagina 136 )— debe para poder aprovecharla durante el mayor tiempo posible 


LIMPIAR EL CAMPAMENTO 


Debe dejar el campamento como si nunca locales. De esta manera, no solo se asegurara situaci6n de supervivencia, si necesita dejar 
hubiera estado en él: llévese toda la basura, de que la naturaleza permanezca inalterada, algtin mensaje para los posibles rescatadores, 
reemplace cualquier bloque de césped que sino que también contribuira al bienestar puede hacerlo sin alterar el medio ambiente 
hubiera levantado y obedezca las normas de los futuros visitantes a la zona. En una (véase pagina siguiente ). 





Tienda, Las tiendas deben desmon- Letrina. La letrina debe 

farse en ultimo lugar, para que, en rellenarse y volverse a cubrir 
caso de mal tiempo, pueda refiugiar- de bierba; debe marcar la 

se hasta el tiltimo momento. Debe fecha de partida para 
acordarse un tempo para el cual informacion de los futuros 
todo debe estar recogido y listo para campistas. En las zonas en las 
marchar. Una vez guardadas las cuales el medio era 

tiendas, abandone el lugar demasiado sensible para 
inmediatamente. cavar una letrina, debe 


llevarse todos sus desechos 
ert bolsas de plastico. 


debe cubrirse con **=s~_ 
el tepe levantado y * = 

esparcir bojas por . =, 
Guarde la basura.en 
bolsas de plastico y 
lléveselas consigo 
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Borre su presencia, Fs muy 
importante dejar el campamento como 
si nunca hubiera estado alli. Desmonte 
el fuego y disfrace el boyo del fuego, 
Wévese iodos sus desechos, basura } 
residuos de comida y rellene la letrina. 
Si siempre actua de esta manera al 
abandonar el campamento, no alterara 
la naturaleza en beneficio de la vida 
silvestre y de los futuros campistas. 










Hse . a 
completatensita ‘A 
BEAGLANG, © : 
Las cenizas deben 
esparcirse y 
enterrarse en él 
suelo. Cualquier r 
quemar debe recogerse y 
guardarse para eliminarlo 
posteriormenite. 

















LEVANTAR EL CAMPAMENTO 






LIMPIAR EL FUEGO 





Debe asegurarse de que el fuego esté total- del fuego, éste puede contener rescoldos posible para preparar el desayuno el dia de su 
mente apagado en el momento de abandonar —_ardientes que podrian originar un incendio marcha, y asegurese de que toda la lefa queda 
<i campamento. Incluso si ha cubierto el hovo — forestal. Utilice la menor cantidad de lena consumida. 


1 Una vez el fuego 
deja de arder, 
remueva los restos 
hacia el centro hasta 
que queden reducidos 
a cenizas. Cuando las 
cenizas estén frias, 
esparzalas y entiérre- 
las en el suelo para 
dispersarlas. 


2 Asegurandose de que 
no quedan cenizas en la 
superficie que puedan 
matar la hierba, tape el 
hoyo del fuego con tierra. 
Alisela con las manos. 
Después coloque el 
bloque de césped que 
habia sacado previamente 
al construir el fuego. 

Si empleo rocas, 
dispérselas y camuflelas 
con mantillo. 





NO DEJE HUELLAS 


3 Bellene los bordes del 
biogue de césped con 


terra y hierbas para que 
me queden marcas de la 
amon. Esparza hojas y 
terda encima del lugar 
nara que se asemeje al 
ieea circundante. Guarde 
cmgaiguier desperdicio en 


Muchas areas naturales quedan dafadas cuando los 
visitantes dejan basuras que estropean el paisaje y que 
pueden llegar a matar a los animales; alteran la vegetaci6n 
y los arboles; causan incendios forestales, y contaminan los 
rios. Debe dejar todas las dreasnaturales como si nunca 
hubieta estado en ellas, poniendo especial cuidado en su 
campamento, En algunas areas naturales vigiladas, esta 


wma bolsa de plastico y Aceh, <sin 4) ay ule 
its consico hasta:que prohibido construir fuegos o cavar letrinas; respete estas 


seeda quemarla 0 ote ee y reglas en beneficio del medio ambiente y de los futuros 
Retroese de'ella’ See ae. z= campistas. Si deja residuos de comida, los animales pueden 
pS se geass = conyertirse en una molestia para los campistas, llegando 
incluso a poner en peligro no sdlo la vida de los animales, 
sino también la de las personas. 





DEJAR MENSAJES A LOS RESCATADORES 





“salguier signo fuera de lo comtin sera la fecha, en cualquier senal que deje a los posible, a salvo de los animales. También 
wmstado por aquéllos que le sigan, Indique la__—srescatadores. Estos signos permitiran trazar puede levantar un mont6n de piedras de 
GrecciOn de su marcha, asi como el tiempo y su ruta. Coloque los mensajes lo mas alto modo que sea visible y colocar en él una nota. 







= ——) Piedras de colores 
: claros destacan en 
= en un fondo 





OSCHTO . 





a Os color 8 VIVOS 
 a@traerdn la 





Bandera. Aie dos ramas para formar una cruz Pifia. Cologque una pifia en una rama dividida Flechas. Colocadas en un claro, las piedras en 
cuelgue de ella una caimiseta de un color vivo. en el lado del camino que baya tomado. forma de flecha indicardn la direccion de su 
Cmoague la cruz en un claro. Si utiliza dos o mds Cualqguier suceso que no ocurra naturalmente viaje. La flecha también sera visible desde el aire. 
ee estas seriales, dispongalas de tal manera que sera avistado por cualquiera que le busque. Haga flechas nuevas a intervalos, y siempre en 
apunten hacia la direccién que haya tomado. Tenga cuidado de no emplear algo que fos los puritos en los que el camino se divida. 


animales puedan comerse. 
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N BUSCA 
DE AGUA 


Topos Los sEREs vives éstan compuestos en su mayor 
parte de agua, sin la cual mueren, En una situacion de 
supervivencia, después de encontrar refugio, su 
prioridad principal debe ser la localizacion de una 
fuente adecuada de agua limpia. Ni siquiera la comida 
es tan importante. Elagua es la base de cualquier 
asentamiento humano y organizacion social. Gracias 
a los grandes rios, las fértiles tierras permitieron la 
produccion de excedentes de alimentos en las 
antiguas civilizaciones, Este hecho permitio el 
desarrollo del comercio y devla cultura, dando lugar 
a que la gente se apartara de la linea de supervivencia 
cosecha a.cosecha. El agua también ha traido la 
muerte a las civilizaciones humanas, extendiendo las 
epidemias letales de c6lera y tifus, o destruyendo 
ciudades enteras cuando un rio se secaba, 0 bien 
cambiaba de curso y se desbordaba. Hoy en dia, el 
hombre urbano no valora el agua limpia y fresca. Sin 
embargo, esta es una de las grandes falacias de la vida 
occidental, que pronto se esfumara cuando se agoten 
nuestras fuentes de agua subterranea y se sequen 
nuestros rios. Para sobrevivir debe aprender a valorar 
la vida y el agua. 


LA ESENCIA DE LA VIDA 
El agua es el elemento mds importante en nuestras vidas. Aunque 
podemos sobrevivir sin alimentos durante varios dias, sin agua nuestros 
cnerpos dojarian muy pronto de funcionar correctamente, por lo que 
moririamos. La busqueda.de agua elo primero que debe aprender antes 
de aventurarse en la naturaleza. 
















EN BUSCA DE AGUA 






LA IMPORTANCIA DEL AGUA 


L HOMBRE DEBE beber un minimo de tres litros de agua _—_dfas. Si viaja a pie, debe llevar suficiente agua al menos para 

‘cada dia. Asi pues, una fuente constante de agua resulta un dia, asi como una reserva de emergencia. Resulta vital 
vital para la vida. Viajar esta, por lo general, determinado por llegar a una fuente de agua al menos una vez al dia. Saber 
la posibilidad de agua, ya que incluso los vehiculos no doénde encontrar el agua y cOmo obtenerla es, pues, 
pueden transportar mas que la necesaria para unos cuantos esencial. 


DONDE BUSCAR AGUA 





Glaciar. Los glaciares a menudo generan vigorosos torrentes de 


Cuando la lluvia cae en las montana » SE TECOge en pequenos agua de deshielas. Sin embargo, el agua de los glaciares contiene 


tiachuelos que se juntan formando torrentes mayores. En cuanto una gran cantidad de polva de roca abrasivo, que puede causar 
el agua alcanza las tierras bajas, estos torrentes se han convertido en diarrea, Antes de beber el agua, debe dejarla reposar una noche 
grandes rios, mas lentos, que finalmente desembocan en el mar. para que las particulas de mineral se astenten: vierta entonces 


EF] agua potable puede encontrarse en cualquier punto de este cuidadosamente el agua separada a través de un filtro (véase 
le a POL Mot) dl. cllky —- io . ite Cage 

, ee OM a = _ pagina 75). 
recorrido. Cualquier agua recogida en la naturaleza debe = | 
purificarse antes de beberse, para evitar posibles infecciones 


| wef: *®Y . Riscos. Busgue peyterias zonas de 
(véase pagina 75). | 


regetacién verde, COMO MUSZOS O 
belechas. o hendiduras en la base de 
los riscos, de los cuales puede gotear 


agua 
















Arboles. Los drboles o 
cualquier tipo de vegetacion 


Dunas. Cave en el punto mds bajo verde indican la presencia de 
entre las dunas hasta que llegue a meu Busque Stempre Un SIgNO Grietas en las rocas. 
la arena biimeda, Puede baber visible de vida como. éste. 


Busque en las grietas 
de las rocasdonde | 
puede haherse | 
acumulado el agua de 
, tea Mia 


agua donde la Huvia ha resbalado 
por las dunas filtrandose en el 
suelo, Cantinde cavando basta que 
el agua se filtre en el agujero, 
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Playa. 5i cava por encima 
de la linea de la marea 
alta, el agua inundara el 
agujero. St bay agua 
fresca presente en la 
arena, se filtrara en 
el agujero, por encima 
del agua salada que es 
mus densa. 


\\ Lecho seco de un rio. Cavar en un sitio 
en el que parece haber babido agua 
alguna vez, por ejemplo en el recodo 
exierior de un rio, resulta a menudo 
fructifero. En los recodos internos se 

acumulan gruesas Capas de cieno y grava, 

a través de los cuales es dificil cavar. 


LA IMPORTANCIA DEL AGUA 





INDICIOS DE AGUA 





La presencia de agua esta a menudo indicada Sin embargo, hay otros indicios naturales que de vida, aunque tenga en cuenta que algunas 


por indicios de vida como vegetaciGn verde, muestran la existencia de agua oculta. En un aves, como el buitre, pueden viajar a grandes 
huellas animales o viviendas humanas. terreno aparentemente sin vida, busque signos _ distancias de sus fuentes de agua. 


Huellas animates. 
Los rumiantes nece- 
sitan beber por lo 
menos dos veces al 
dia, por lo que se 
dirigen desde 0 
bacia el agua. 
Busgite el punto en 
el que convergen las 
buellas de los 
animales: puede ser 
un indicativo de 
una fuente de agua. 
Tenga cuidado si se 
acerca a und 
charca: cerca puede 
haber depredadores. 





Arboles y otro tipo de vegetacién, Todos los arboles 
necesitan agua para vivir, aunque algunos tienen 
raices muy largas que se extienden bajo el suelo en 
busca de agua. Las palmeras crecen, por lo general, 
donde hay ailgiin tipo de agua cerca de la superficie, \ 
algunas variedades almacenan agua en sus troncos 0 
raices (véase pagina 72 ). 





Abejas y moscas. Las abejas no se i av rataees ye als ep eb a reg, 
alejan, generalmente, mds de 5km , GD aegis oe Oe are 
de sus nidos y necesitan una 
reserva Corstante de agua. 
Observe la direcci6n en la 
que vuelan cuando 
abandonan el nido. 
Las moscas aun perma- 
necen mds cerca del agua 
—unos 100m aproximada- 
mente, Sin embargo, en 
el desterto parecen venir de 
ningiin sitio, independiente- 
mente de donde esté la fuente 
mas cercana de agua. 















Ds RN ae gh 
Hormigas en movimiento. Las hormigas dependen de 
una reserva constante de agua. Si observa algunas de 
ellas subiendo a un drbol, es muy probable que se 
dirijan bacia una reserva de agua de luvia. 


LA DESHIDRATACION Y LAS NECESIDADES DE AGUA DEL CUERPO 

























El agua es un constituyente primordial la eliminaci6n de productos de desecho 
del cuerpo humano. No disponemos de _a través de los rinones y el funciona- PREVENIR LA PERDIDA DE AGUA 
ningtin medio para almacenar agua en miento del sistema nervioso. Sin alimen- en Cn le a lo 
nuestros cuerpos, como hacemos con tos podemos sobrevivir con nuestras Incluso mientras descansa en la sombra, 
las grasas. Necesitamos una provision reservas corporales durante unas tres una persona normal pierde mas de un litro 
constante de agua para controlar la semanas, pero si el agua perdida no se de agua cada dia debido a la respiracién y 
temperatura corporal (transpiracion ), repone en cinco dfas, la muerte es a la orina. El ejercicio aumenta la pérdida 
inminente de agua a través de la transpiraci6n, especial- 
mente en climas templados, asi que, si su 
—_———FFECTOS DELA PERDIDADEAGUA__Necesidades de agua, | ‘esetva de agua es limitacla, debe descansar 
rer ran (iii Jo siys TOM dol _ de dia y trabajar Gnicamente de noche. 
pinnae ie irs sl IM el isch cuerpo bumano es | Intente mantenerse fresco y a la sombra. 
et ssl octal eS agua, imprescindible | Respire a través de la nariz para reducir la 
Malestar Mareo Lengua hinchada pa ra la vida. Cuando pérdida de agua, y no fume, No se recueste 
Letargo Sequedad en la boca Contracciones el cuerpo la pierde a sobre el suelo caliente. Limitese a comer lo 
- Impaciencia Dificultad para respirar Sondara rraves de la transpire- indispensable para mantencrs¢ vivo. Omita 
—__—— rem ———— ci6n y de la orina, debe los alimentos grasos en su dieta, y no beba 
Falta de apetito Hormigueo en las extremidades Vision borraeg ser reemplazada., Si no alcohol —ambos requieren una gran 
Enrojecimiento de la piel | Tonoazulado de lapiel | Falta de sensibilidad en lo piel es ast, se desencadenan *| cantidad de agua para ser digeridos. 
Aumento del pulso Dificultad enel habla fapiel comienzaaarrugarse ditersos problemas de No espere a haber agotado su reserva de 
~ Néuseas Incapacidad para caminar | _Incapacidad de tragar salud que se akravan | agua antes de comenzar 4 buscar mas. 
Debilidad | ___ Visién borrosa Muerte bastaiterminar'en la | 
erie 





muerte, 








RECOGER AGUA 


T_.. N UNA SITUACION de supervivencia, después de en una situaci6n de emergencia recogiendo el agua de lluvia 
E encontrar refugio, la btisqueda de agua debe convertirse —_o del rocio. El agua recogida de la atmésfera, de las plantas o 
en su siguiente prioridad, ya que sin agua no sobreviviria del suelo, tiene una gran ventaja sobre las otras fuentes de 
mds que unos cuantos dias. Es posible que no siempre tenga = agua naturales: su pureza (véase pagina 74). El amanecer es 
la fortuna de acampar al lado de una fuente de agua de la mejor hora para recoger agua. 


confianza (véase pagina 40). Sin embargo, puede sobrevivir 


RECOGER AGUA DE LA LLUVIA 











Mientras permanezca en el campamento, ponga 
varios recipientes para recoger el agua de la lluvia 
que pudiera caer. También debe recoger el agua 
que iTuye por ef veyado Ue su reruylo, 
improvisando un canal para encauzar el 
agua hacia un recipiente (véase pagina 53) . | 
o hacia un estanque (véase pagina 77). CAE : | tek a 
Incluso si tiene un rio 0 arroyo cerca, OSS 7 , oe 
recoja el agua de la Iluvia, que sera 

pura y le permitira ahorrar en medios 

de depuraciOn quimicos 0 le evitaran 
tener que hervirla (véase pagina 75). 
Para recoger el agua de lluvia, extienda 
una tela impermeable tensa sobre un area 
extensa, preferiblemente en una pendiente. 
Sujete las esquinas al suelo con palos y recoja 
el agua en-un recipiente. 


Con el peso ade 

la pteedra, el 

centro de let 
5 lela <e Aude 
Fl agua fluye por los 
lados bacia el 
recipierte 


los palos 
sujetan tensa 
ia tela 


ee 


a 


Colector de lluvia, Cudiquier 
lamina impermeable recogera 

: Me es la lluvia y la canalizara 

eee —aicia un recipiente. Si la lluvia 

, es intensa, vigile continuamente para 
reemplazar rapidamente el recipiente 

cuando se llene. 





Cuando el aire se enfrfa por la 
noche, el vapor de agua que 
contiene se condensa en rocfo 
sobre el terreno bajo, la 
vegetaci6n y los vehiculos, El 
agua se evapora rapidamente al 
salir el sol. Muchas plantas, 
insectos y animales dependen 
del rocio para sobrevivir; los 
hombres también pueden 
utilizar esta fuente natural de 
agua. 


1 Puede recoger el 
rocio empapando un 
pafio en la hierba larga 
v htimeda. La mejor 
hora para recoger el 
rocio es el amanecer, 
ya que después de la 
salida del sol se evapora 
rapidamente, Muchos 
pueblos indigenas de 
las tierras aridas utilizan 
este método 
regularmente para 
obtener agua pura. 








2 Cuando el trapo esté empapada, 
exprimalo en un recipiente. Repita 
operacion hasta que tenga suficiente 
agua, 





cl 





CAVAR EN BUSCA DE AGUA 





A menudo el agua se filtra en un agujero 
excavado en un terreno pantanoso, Cave un 
agujero de unos 30cm de profundidad. 
Recoja el agua que se acumula en el 
agujero. El agua estard ligeramente ce- 
nagosa las primeras veces que se llene 
el agujero, pero posteriormente 


Fi agua gue se 

filtra en el agujero 

proviene del stielo 
, circundante 









ADVERTENCIA _ 
| Antes de cavar un agujero de este 
tipo estudie el terreno. Nunca cave 
| donde el suelo tenga un olor muy 

_ potente, o tenga limo verde en la 








armiiener 1 es 
depurar v beber. _ lugar estara probablemente 
| 


Section trankversal contaminada. No recoja agua 


. | que muestra un _ donde encuentre animales muer- 
Agua cenagosa. Saque el agua lodosa 


aeujero con una 4 . aie 

‘eaanageeniee | | tos. Depure siempre el agua antes 
de un aguyero en terreno pantanoso hasta profundidad deb i : P ; ag 74 

que el agua fresca aflore a la superficie. mayor que el nivel | GE DEDErG (véase pagina 74). 


en el cual el agua 
inunda la terra 





RECOGER AGUA 





COMO OBTENER AGUA DE LA VEGETACION 


Las hojas de las plantas desprenden vapor de — manera que el vapor se 
agua. Esta puede recogerse facilmente envol- — condense en la bolsa en 
viendo el follaje en una bolsa de plastico de forma de pequenas gotas. 













OTROS METODOS 


En ocasiones puede recoger pequenas 
gotas de agua de la neblina o de una niebla 
muy densa colocando un trapo en el suelo, 
0 colgandolo entre los arboles. En un caso 
de emergencia, coloque una lamina de 
plastico sobre la hierba durante la noche. 
Conforme el aire se enfria, el aire caliente 
del suelo se condensara en pequefas gotas 
de agua en la cara inferior de la lamina. 

| Aunque con este método no recogera 
mucha agua, puede ser suficiente para 


———— mantenerle vivo hasta que encuentre una 
2 Coloque una bolsa grande de plastico sobre fuente mejor. 


Ei canal 
converge en 
wn Punto 

de recogide 








1 Cave un crater poco profundo en una 

pendiente, rodeado por un crater mayor ambos crateres, alzada en el centro con una 

; glizvacey 1° ue | apy ica. amen: *Sstaca Vs) ; taa ‘ | rae { arty 5 | 

canalizado hacia un punto de recogida pequena estaca y sujeta a los 0 des interiores Empleo de una rama. Ate una boisa 

Los crateres deben quedar separados por con piedras. Coloque hojas verdes y hierbas 5 ee a vii 

un caball6n elevado de tierra. dentro del crater central. BS PASTICO TAG OT AE UTA TATE O UG 
ss planta entera, El vapor de agua que 

Ea vegeiacien a 3 Cierre perfectamente el extremo de la bolsa, aseguran- desprende el follaje se calentard dentro del 


mo debe tocar 
al plastico 









dose de que la vegetaci6n no toca el plastico. Conforme plastico y se condensara en agua en la 
| las hojas «sudan», el Vapor de agua desprendido Se superficie interna de la bolsa. 
sy calentara y condensara en el plastico. Se deslizara 
é : | por los laterales de la bolsa hacia el canal, y. : _ 
ee ae : * después bajara hacia el punto de recogida. | a sal oa 
> | 
eat = 








Vierta el agua en un recipiente. 








El vabo se forma en 


la cava interna de la. 
holsa de plastico 





COMO EXTRAER AGUA DEL SUELO 


















También puede extraer agua del suelo superticies, el aire entre ambas se calentara —_ -™ 
empleando un destilador solar. Mientras exista’ y saturara, condensando el agua en forma de 
aie ! | | ah O GUA MAR 
una diferencia de temperatura entre dos pequenas gotas sobre la superficie mas fria. | CONDENSACION DEL AGUA DE MAR 
E] agua de mar o la orina pueden conden- 
Sujete los 


sarse en agua potable empleando el mismo 











_ , Construccion de un destilador principio del destilador solar. Coloque el 
piedras SOLAR: Cele im Agi feno ae Tinide agua salada en un recipiente, con una taza 


ancho ) unos 60cm de profundi- 
dad. Coloque un recipiente en 
el fondo. Extienda una bolsa de 
pldstico sobre ef agujero y stujéte- 
la. con Piedras. Sobrecareue el 
centro de la lamina sobre el reci- 
piente con una piedra del tamano 
de un puno, Conforme el aire en el 
agujero se caliente, el vapor de agua 
se condensard en la parte inferior 
dela lamina fria, » se deslizara 
hacia el recipiente. Este tipo de destt- 
lador funciona muy bien en el 
desterto. Por ta noche, el aire exte- 
rior enfrta la lamina, y como el aire” 
dentro del agujero es mas caliente, el 
agua se condensa en la lamina. 
Cave otro agujero cuando se haya 
agolado la humedad. 


en el centro, Coloque una lamina de plasti- 
co sobre el recipiente y sujétela bien. Ponga 
una piedra en el centro para formar un 
cono sobre la taza. El aire bajo el plastico 
se calienta, y conforme se calienta el agua 
salada se condensa en agua dulce en la 
parte inferior de la lamina. 


DESTILADOR DE AGUA DE MAR 


la tierra 
se Calienta 
ysu bume- 
dad se conde? 
saen el plastica 








79 EN BUSCA DE AGUA 





FUENTES NATURALES DE AGUA 


XISTEN MUCHAS FUENTES naturales de agua. Por ejemplo, estas fuentes naturales de agua, puede estar destruyendo un 
puede obtener agua de las plantas, de la sangre y de los ecosistema cuidadosamente mantenido, y puede levantar las 


ojos de los animales, y de algunas ranas que retienen la objeciones de las gentes del lugar. Debe tener cuidado de 
humedad en su piel mientras hibernan enterradas en el no danar las charcas o fuentes naturales; asegurese 

barro de las charcas secas. Los nativos saben donde de que puede recoger este agua, y no desperdicie ni 
encontrar agua, que es su recurso mas preciado. Al utilizar una gota. 


EJEMPLOS DE PLANTAS QUE ALMACENAN AGUA 








Muchas variedades diferentes de plantas para atrapar insectos 0 comida, mientras que emergencia. Abajo se muestran algunos 
almacenan agua, bien en sus hojas 0 en sus otras segregan liquidos especiales para su ejemplos de plantas de todo el mundo que 
raices. Algunas recogen el agua de la Iluvia propio uso, que pueden beberse en caso de almacenan agua. 






Mimosa (Acacia), Al igual Neoregalia. A menudo las 
Estrella africana (Stapelia ), que otros drboles del bromelidceas recogen agua 
Al igual que otras plantas carnosas, desierto. la mimosa de Iluvia en sus centros, y 
la estrella africana almacena agua almacena agita en sus tienen bojas comestibles que 
en el tallo, También puede masticar raices, justo por debajo de pueden masticarse para 
sus hojas carnosas para obtener la stuperfic extraer agud. 
humedad. ie Ww “=, 





Nepente o sarracenia 
(Nepenthes ). Esta 
Planta atrapa insectos en un liguido ACUOSO en 
su «jarra». Puede extraer agua, pero debe 
filtrarla antes para separar los insectos (que 
puede comer también ). 














OTRAS FUENTES DE AGUA 


Muchas palmeras contienen un liquido 
azucarado que puede extraerse de sus 
tallos floridos. Las raices de las plantas del 
desierto son almacenes de agua, pero son 
dificiles de arrancar. Algunas ranas attica- 
nas y australianas almacenan agua en sus 
cuerpos para utilizarla durante su época de 
hibernaci6n. En una emergencia extrema 
puede estrujarlas para extraer el agua. 





Chumbera (Opuntia). Algu7ios 
cactus, comola chumbera, tienen 
hojas carnosas que desprenden 
humedad al masticarlas. 


Cactus ( Ferocactus, Echinocactus ). Estos cactus en forma de 
tonel son la tinica excepcién a la regla de no beber ningun 
liquido lechoso proveniente de una planta (véase pagina 
siguiente), Hay varias especies de cactus de este tipo que 
pueden crecer basta Im 


FUENTES NATURALES DE AGUA 73 
















3 Chupe el jugo de la pulpa 
a través del tallo hueco de 
una hierba 0 cana. 
Unicamente debe utilizar un 
cactus para extraer agua en 
caso de emergencia, va que 
su crecimiento es muy lento, 
y algunas especies podrian 
extinguirse en Ciertas areas si 
se utilizan en exceso. 





1 Para extraer agua de un cactus, 2 Machaque la carne del interior del 


corte cuidadosamente la parte cactus con un palo hasta formar una 

superior con un cuchillo muy afilado pulpa. De esta manera separard el | r 
Ht : sory L Maen: ral Soll ccices cil cncecallttecacus Chupe el jugo de la / 
© un machete, evitando las espinas. agua que contiene. 


puipa utilizando una 
cana hueca 


COMO EXTRAER AGUA DE UNA LIANA 


ADVERTENCIA 


La savia lechosa de las plantas es 

| generalmente venenosa, al igual 
que el liquido del cactus saguaro 
gigante (Carnegiea) del sudoeste 
americano, La leche de coco y los 
liquidos animales contienen 
proteinas, que requieren agua 
adicional para ser digeridos por el 

cuerpo. Ademas, la espesa y rica 
leche de coco maduro es un fuerte 





El agua fluye del extremo 
mds bajo de la liana 





1 Corte la liana en el punto mas alto que pueda 2 Tenga a mano un recipiente. Corte | laxante, que podria causarle 
sieanzar, con un cuchillo largo o un machete. la liana en el extremo inferior y recoja \ diarrea, cansancio y 
No corte primero la parte inferior, ya que el el liquido que desprende. Corte otra . RAthinPGIGHCR, 

_ Squido fluirfa hacia arriba por la accién capilar. liana si es necesario. : 





COMO EXTRAER AGUA DE LAS RAICES 
DE LOS ARBOLES 










1 Corte un banano 


joven a una altura Fundir nieve. Utilice la 


de 8 cm por wR y Z ine o> = Awey nieve densa, extraida 
encima del suelo. ee ha year te SS) de la parte mas 


se So [P"\  profunda posible. Cuél- 
— ae Ae 7 | | guela en una tela sobre 
un recipiente cercano | 
al fuego, y se derretira 
gradualmente. No 


Y } funda nieve en un reci- 
— £ piente sobre el fuego, ya 
if yee el agua prod wcida 


Fundir hielo. Funda el hielo ) sera absorbida répt- 


Se un bananero 
jeren y corte ei 
franco justo por 
eectma del nivel 





damente por la nieve 
nf remanente y el reci- 
: Nib. Jf  plernte se quemaria. 


sobre una roca inclinada sobre 
un fuego, No utilice hielo marino 







2 Al vaciar el centro del 


Gel suelo , recién congelado, ya que 
uelo . tronco, el agua se filtrard recién congelade, ya que Wigs 40 cide vibe 
hacia el hueco proveniente contiene sal. Utilice hielo viejo, de ie | ‘ 
de las rafces, y podr4 color azulado, que contiene | Ti? producen 3 cm de 


extraerla. mucha menos sal ; agua potable. 




















LA DEPURACION DEL AGUA 


el agua del grifo es pura. Algunas personas toleran 

bien el agua ligeramente impura, pero 

también se acostumbran a sufrir toda una 
serie de problemas gastrointestinales. 







E N LA NATURALEZA el agua rara vez es 
A 4 pura, y siempre debe depurarse 

antes de beberla, ya que puede contener 
microorganismos pat6genos que pueden , 
transmitir enfermedades. También deben 4 
separarse las particulas de limo y otros 3 
contaminantes. En los paises occidentaless 
la gente supone que el agua siempre es 
potable, especialmente si sale de un grifo. 
Sin embargo, en muchas zonas, ni siquiera 


Agua potable, F/ agua natural debe filtrarse, por lo 
menos a través de un calcetin o un panuelo. 
Asimismo, debe purificarse siempre para eliminar 
los erganismos daninos. 


METODOS PARA DEPURAR EL AGUA 





A excepcién de la Iluvia, incluso el agua con el aspecto 





ive 7 

mds puro no es Unicamente H.O, sino que contiene Dee tiie ai Gia Perey 

sales, minerales vy microorganismos. El agua de la oF scaneeitiacibite Gals ee ge 
naturaleza debe. en] primer lugar, filtrarse para eliminar bien cerrado Permanganato Pastillas. Estas pastillas 
las particulas V, a continuacion, debe depurarse para potdsico. Esta es una contienen una base de 
destruir los organismos patogenos hirviéndola por lo sustancia quimica de cloro que da al agua un 
menos durante cinco minutos O tratandola con agentes uso general para _ sabor que recuerda al 
qu imicos, Nunca debe beber orina o Agua de mar Yodo. I/ yodo puede esterilizar el agua. de las pisciids, Pero SON 
en su estado natural, pero en Caso de una emer- ensuciarle al usarlo, y tifie el Utilice el suficiente muy seguras, Utilice wie 
gencia pueden destilarse (wéase pagina agua de rosa. También da para benir et agua de pastilla por cada medio 
siguiente ). Existen muchos tipos de al agua un sabor particular in ligero color rosado. litro de agua. _ 


depuradores, la mayoria de los El agua a purificar es 
cuales filtran el agua v después la aspiradia por ef bulbo, 

ifies ‘ane H, aS ai < y pasa a través de las 
puri lean pot d aCClOn Ge agentes sustancias quimicas 
quimicos. Como forma alternativa, antes de salir | 
puede utilizar las pastillas 





Fil filtro se ajusta a 


la camtimplora para purtficada por el otra 


CONTRO RTO de la el Nl Se , | 


depuradoras 0) hervir e| he tape _— filtrar peqienads in? i, uy ’ F Ee — = = . if f | 
. x | ba — anguera | —____——tr 
agua después de filtrarla get fiero |_ cantidades de agua t 


(véase pagina siguiente). sirve de 


faze 
Palanca de la 


bomba ) | 





Cantimplora 





_ La palanca de 
la hombe se 
mueve hacia 
arriba y bacia 
ébetjo 








Las piezas del 
filtro encajan en 
wa botella de i 
agua La bomba __ es 
eo sa 
contiere 
sustanctas 
“umicas 
que 
depuranf 
el aguagh 










—— =) ~ El agua se / 
Sa. 9 bombea desde el 
recipiente bacia 


la botella 
recolectora 


Fl bulbo 
se colaca 
en el 


_ El extrema de la 
/ manguera se 





tA suamerge en el agua agud a 
ff a@ depurar 2 ERE 
- Lieve 
“~~ incorporado 
un filtro con 
sustancias : 
os a quimicas Sth = ES ARe 
7m pura sale 
3 ‘ por esta 
a — oa] manauerd 
Mini filtro portatil. El extremo de la manguera Depurador con taza. Este puede guardarse Cr Depurador grande. El bulbo se coloca 
se sumerge en un recipiente con agua Impura. un bolsillo cuando se desmonta. Elaguaimpura — directameife en una corriente de agua, y el otro 
El agua pura sale del pico de la homba conjorme se vierte en el filtro, que se ajusta sobre la parte extremo de la manguera dentro de un cubo. 
el agua se bombea al subir y bajar la palanca, superior de una botella de agua. El agua pura El agua de la corriente es aspirada por el 


y se recoge finalmente en un reciptente. caera gota a gota en la cantimplora. depurador al subir y bajar la palanca. 





LA DEPURACION DEL AGUA 


AD be 















Filtro en un tripode. Si no dispone 
de un depurador prefabricado, 
puede utilizar un calcetin para 
filtrar el agua antes de bervirla para 
depurarla (véase pagina anterior ). 


Tripode atado con wn 


DESTILACION DE AGUA SALADA 


_ cordel 
Ss 


= 


En un caso de emergencia puede ‘y 


obtener agua pura y potable a 


Si utiliza un calcetin, rellénelo con 
otro calcetin mucho mds fino, arena 
oun panuelo, y después de cada 







El agua se vierte en 
ef calcetin 


f DE AGUA 
Jj | a\4 SALADA 


f 4 DESTILADOR 


partir de agua del mar, por 
destilaciOn. Hierva el agua y 


=_— 


recoja el vapor en un trapo 
colocado sobre el recipiente. 
Utilice varios trapos a la vez, 
uno después de otro. Levan- 
telos del recipiente con una 
rama para evitar quemarse. 
Una vez se han enfriado, 
exprima los trapos y 

recoja el agua. 








sesion de filtrado déle la vuelta y 

acldrelo bien, Constriiva un tripode 
para sujetar su filtro (véase 
pagina 119). 


El agua filtvrada cae _ = 
en el recipiente 








Cuando los animales beben, transmiten al 
agua una variedad de microorganismos y 
pardsitos intestinales muy perjudiciales para 
los seres humanos. Algunos de ellos necesitan 
un periodo de incubaci6n, y otros tienen un 


gran variedad de sustancias quimicas 
industriales utilizadas en la agricultura, 
asi como la posible filtracién en el suelo 
desde los asentamientos urbanos, hacen 
necesario depurar el agua recogida 


INDICADORES DE AGUA EN MAL ESTADO 


Las calaveras y huesos de animales pueden no 
siempre estar presentes para indicarnos que el agua 


no esta en buenas condiciones. Si el agua esta 
contaminada por sustancias quimicas, busque 
sedimentos polvorientos alrededor de las 
Orillas. La ausencia de 7 
vegetacion O numerosas 
algas verdes en la 
superticie indican que el 

| agua no es potable. 

| Agua estancada. 
Las espadanas \ los 
juncos indican que el 
agua esta estancada: 
debe evitarse. 


efecto inmediato. Como el 
hombre urbano no ha 
desarrollado una in- 
munidad © tolerancia 
a estos contaminan- 
tes, se ve muy afec- 
tado por ellos. 
Aunque los arroyos 
de las montafias de- 
derian ser puros, la 


antes de beberla. 





Peligro al acecho. 
La recogida de 
agua en estado 
natural puede resul- 
tar peligrosa. St utilt- 
Bw 2a charcas en las que 
= beben los animales 
sdluajes tenga Cuidado 
y evite los depredadores, 





Como prevenir las 


ENFERMEDADES PROPAGADAS POR EL AGUA CONTAMINADA enfermedades 


Enfermedad Origen Sintomas transmitidas por el 
TET = ear Sitti Ce ae EE ao FF Si Ty. a Ele Se ; — agua contaminada. 
Leptospirosis (ensu — Transmitida al ser humano a partir de animales infec- Provoca sintomas semejantes a los de la gripe (fiebre, escalotrios, i Siilea manera a 

- : ; | ; j i manera de 
forma severa = tados con la bacteria Leptospirum. Contraida por dolor de cabeza, dolor muscular). En su forma mas severa causa a ae 
enfermedad contacto con orina o liquidos fetales infectados. meningitis, ictericia, trastorno renal, hemorragias y problemas anformetiad Peemmerner Fe 
de Weil) Penetra en el organismo a través de las heridas en la cardiacos. por dl agua es bisHIRGAN: 


dola. Siun miembro de 
su grupo enferma por 
beber agua contaminada, 
debe aislarlo junto con 
alguien que le asista. 
Debe tener un cuidado 
extremo con los excre- 


piel o las mucosas de la boca, nariz, garganta u ojos. 





Causa irritacién de la piel, urticaria, ataques asmaticos, dilatacién 
del higado e irritacion del tracto urinario. 


Causado por un platelminto parasito de las corrientes 
de agua dulce y de curso lento. Penetra en la piel direc- 
tamente, alojandose en el intestino. También se trans- 
mite por los pardsitos de los caracoles de agua dulce. 


Btharziosis 0 
Sdharzia 
Esauistosomiasis) 








Causa diarrea con sangre y/o pus, e infeccidn del colon. 

Una complicacion de la infeccidn conlleva hepatitis, abscesos mentos y ropa de la 

en el higado y los pulmones, y ulcera intestinal. viciima, ya que conten- 
—_ ; drdn grandes cantidades 

Las larvas del pardsito penetran en el cuerpo humano Los gusanos adultos se alojan en el intestino, provocando anemia del organismo patégeno. 

al beber agua o directamenie a través de |a piel. y letargia. Las larvas en el torrente sanguined pueden provocar Tenga cuidado con la 


neumonia, higiene del campamento 
para que nadie se conta: 
Sie (véase pagina 56), 


Disenteria amebiana Contraida por beber agua contaminada con aquas 
residuales infectadas. 





Anquilostomiasis 


Provocada por el pardsito Giardia en agua Provoca diarrea y dolores abdominales. Cada vez mas abundante 
contaminada con orina o heces infectadas. en Norteamérica, Africa y Asia. 


Giardiosis 
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Australia’s 5G vision 


5G is the next step in the evolution of mobile wireless communications technology, promising improved 
connectivity, greater network speeds and bandwidth, and very low latency. It is the fifth generation in 
mobile technology which, at each step, has seen significant developments in communications networks: 


e 1G—The first generation of mobile phone networks were deployed in the early 1980s, providing a 
basic voice service using analogue transmission. 

e 2G—In 1991, second generation networks were deployed, making the switch to digital standards 
with improved voice messaging and the introduction of the short message service (SMS). 

e 3G—The third generation launched in 2001 and introduced data services in addition to voice and 
SMS. 

e 4G—In 2009, the fourth generation protocol, Long Term Evolution (LTE), was introduced, 
supporting improved mobile broadband which saw increased capacity and speed for data. 


New capabilities of mobile communications networks enabled by 5G technology will allow for a variety 
of ‘use cases’: 


e higher quality and more video services provided to multiple users with full mobility, even at high 
speed 

e massive scale automation delivered through widespread sensor networks and multiple connected 
devices 

e delivery of critical communications assured by low latency and ultra-reliable networks, and 

e improved productivity assisted by high quality, real time data analytics. 


Unlike existing mobile communications networks, 5G networks have the potential to allow tailoring of 
requirements for each of these different use cases within the same network. 


The Government considers that 5G is more than an incremental change for mobile communications. 
Instead, it provides the underlying architecture that will enable the next wave of productivity and 
innovation across different sectors of the Australian economy. Efficient rollout of 5G and uptake of the 
services it supports has the potential to produce far-reaching economic and social benefits and support 
growth of Australia’s digital economy. This will be supported by the rollout of the National Broadband 
Network (NBN) allowing greater capabilities for the seamless delivery of services across high speed 
mobile, fixed line and fixed wireless networks. 


The Government wants to create an environment that allows Australia’s telecommunications industry 
to be at the forefront of seizing the benefits of 5G across the economy. The communications sector will 
lead the rollout of 5G networks in Australia. However, the Government can create the policy and 
regulatory environment to support a more efficient rollout, given its potential benefits to the economy. 


The Government’s direction will be to support the timely rollout of 5G in Australia to enable the next 
wave of broad-based industry productivity, and support the growth of Australia’s digital economy. 


This includes immediate actions by Government that enable the communications market to introduce 
new 5G technologies in line with international developments. These include: 


e making spectrum available in a timely manner 

e actively engaging in the international standardisation process 

e streamlining arrangements to allow mobile carriers to deploy infrastructure more quickly, and 

e reviewing existing telecommunications regulatory arrangements to ensure they are fit-for-purpose. 


www.communications.gov.au 
5G—Enabling the future economy www.arts.gov.au Page 1 of 12 
www.classification.gov.au 





76 EN BUSCA DE AGUA 





TRANSPORTE Y ALMACENAMIENTO DEL AGUA 


| pesos SI HA acampado al lado de un rio, 
necesitara alguin tipo de recipiente para 
contener el agua. Por ejemplo, querra 
tener agua a mano para cocinat. 

También necesitara un recipiente 

para recoger agua del rio. Como 

acampar junto a una fuente de agua 

no es siempre la opci6n mas adecuada, 

el ir a buscar agua sera una actividad que 
tendra que desarrollar al menos una o dos 


veces al dia. Ademdés, al salir en busca de alimentos, 
en exploracion 0 para trabajar, puede no 
encontrar agua cuando la necesite y tener 
que llevarla con usted. 










Conservar el agua. El agua es un bien muy 
preciado; nunca debe desperdiciarla. Puede que 
no le sea tan facil renovar sit reserva. 






Hay muchos tipos de envases para transportar = acero hasta las bolsas en varios tipos de tejido —_ botellas de agua de aquéllas en las que 


y conservar liquidos frios 0 calientes. Varian que pueden doblarse cuando estan vactas. transporta el combustible para la 
desde las botellas v termos de plastico o Asegtrese de que puede diferenciar las cocina. 





ae Bolsa para la cintura, Una bolsa 


Termo. Un termo metdlico Botella de pldstico. Botella de acero. para la cintura le permite transportar 
es practicamente irrompible Una resistente es ideal, pero Es una botella agua mientras se desplaza, al tiempo 
Tet? at eer = 240 le deia las ir os libres Cantimplora con 
puede conservar liquidos se fundird si se pone muy resistente, pero pesada que te deja tas MANOS NOTES. sana: Biia Nive 
frtos 0 calientes. cerca del fuego. si esta llena de agua. 


wna taza de plastico 
como tapa, igual 
que un termo, 


COMO TRANSPORTAR AGUA 


Si ir a buscar agua es una actividad diaria, y si el 
campamento esta a cierta distancia de la fuente 
diaria —como se aconseja para un Campamento 
seguro—, llene grandes recipientes de agua para 
después transportarlos hasta el campamento. 

Lo mejor és llevar el envase a la 

espalda, dejando las 
manos libres para sortear 
los obstaculos. Si es 
posible, utilice una 
botella pequena para 
llenar el recipiente. Esto 
le permite aprovechar 
mejor el agua. 
Transporte de 

agua. Construya un 
armazom( véase 





Pequefia bolsa para agua. Puede 
doblarse cuando no se utiliza. No la 
deje en el suelo, ya que se rompe 
facilmente. 





Cantimplora plegable. Este es un tipo de Bolsa grande de agua. Muy titil para un pagina 135) para 
reciente tradicional Mi muy popular. Terga campamento prande, esta bolsa die agua | cargar Lidl recipiente 
cuidado de no romper el asa que une el puede colgarse de un drbol desprotegido del grande. 


tapon con la botella, ya que podrta perder 


viento para mantener frto su contenido. 
el tapon. 
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CONSTRUCCION DE UN RECIPIENTE DE CORTEZA 





1 Se puede improvisar un recipiente 
para agua a partir de corteza 
verde y flexible, como la del 
abedul. Corte un 
trozo en 
_ forma de 
a Sac 





3 Construya unas pinzas a partir de ramitas 


2 


en agua para ablandar la 
corteza v doble los 
lados con suavidad. 


| RECIPIENTES IMPROVISADOS 
| 


Sumerja las esquinas 


| 
Segmento de bambii. Los tallos de 
bambui estan formados por segmentos 


| mea | 
huecos divididos por «paredes» y cons- 





Doble los ——————___ lituyen excelentes 
lados y las ms recipientes para agua. 
esquinas para | Corte un tallo grueso 
formar la ) rene 
cal de bambu unos 2cm 
por debajo de una 
union entre 
| i segmentos, y en el 
“ “eR i) \ a mismo lugar del 


Cubra el 
recipiente con 
resina de drbol 
para impermeabi- 
lizarlo ‘ 


nartidas longitudinalmente y atadas con hierbas. 


Encole los lados de la caja con resina de pino, 
que puede desprender de la corteza de estos 
arboles. Deje las pinzas hasta que se seque. 


LAS REGLAS DEL AGUA 


8 Filtre y purifique siempre el agua 
recogida (véase pagina 74 ). 

@ Intente recoger la cantidad suficiente 
de agua para cubrir sus necesidades y 
para guardar una reserva de emergencia 
para cuando no pueda encontrarla. 

® Cuando Ilueva, disponga la mayor 
cantidad de recipientes posible para 
recoger el agua de la lluvia —nunca se 
sabe cuando puede necesitarse. 

® No la desperdicie nunca, ni cuando la 
tenga en exceso, ya que algun dia le 
puede hacer falta. 

= Nunca beba orina 9 agua de mar sin 
tratar. En caso de emergencia puede 
destilarlas (véase pagina 75). 

Beba agua en abundancia en 
condiciones de frio intenso como lo 
haria en climas mds cdlidos, ya que 
caminar en la nieve o esquiar pueden 
hacerle sudar, y la falta de agua podria 
causarle deshidrataciOn. 

# No coma si no tiene una reserva 
adecuada de agua, porque necesitarad 
agua para la digestion. 





) segmento siguiente. 

) Ast obtendrd un 
recipiente hueco con 
un extremo abierto, 





















Calabazas. Las calabazas pueden 
vaciarse para emplearlas 

como recipientes para 
agua. Corte la 
| parte superior, 
saque toda 
pulpa y deje 
las paredes 
limpias; utili- 
ce un cuchi- 
lloo una 
rama de 
punta afilada. 











4 Cuando el recipiente esté seco y retenga la 
forma, elimine las pinzas e impermeabilicelo 
con resina de pino empleando una rama 
astillada como pincel, Deje que la caja se seque 
antes de utilizarla. 


COMO ALMACENAR AGUA 


1 Puede que tenga que almacenar agua durante la época 
lluviosa para emplearla en los meses de sequia, o 
porque necesite mas agua que la que 
pudiera transportar desde la 
fuente. Escoja un lugar 
hacia el cual fluiria el agua 
naturalmente, por ejemplo 
una pequena hondonada, y 
cave hasta encontrar arcilla 
O piedra. 


. 
* +-=-=> 
> , 


rio F 
Sujete la cubterta con piedras 
grandes, pero tenga cuidado de 
no romperla 





~~ 


= == 





“— 


— 


—s 





2 Cubra el hoyo con una tela impermeable 
o rectibralo con arcilla hdmeda, 
alisindola hasta que se convier- 
ta en una superficie her- 
mética. Cubra el hoyo 
durante el dia con una 
cubierta de viniloo teja = 
una estera de vegetaci6n 
(véase pagina 49) para 
reducir al minimo la 
evaporaciOn. Retire 

la cubierta de noche y 
cuando llueva para que la 
lluvia v el rocio caigan en el 
estanque. Recoja el agua con regu- 
laridad, antes de que se evapore. 


ee 
— . 


mat 
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CAPITULO CINCO 


ENCONTRAR 
Y PREPARAR 
ALIMENTOS 


Lejos DE LAS neveras, de las.cocinas y de todo el 
equipo de una cocina moderna, se requiere un 
enfoque totalmente diferente, y muy sencillo, para 
recolectar, almacenar y cocinar los alimentos. Lejos de 
la dieta familiar de casa, resulta esencial el conocer 
qué alimentos necesita el cuerpo, en qué cantidad 
(véase pagina 14) y dénde poder encontrarlos. 
Muchas vitaminas y minerales son dificiles de obtener 
en la naturaleza. La carne y el pescado le 
proporcionaran practicamente todo lo que necesita. 
Sin embargo, aunque puede ser relativamente sencillo 
recoger plantas, invertebrados, e incluso pescar peces, 
es mucho mas dificil la caza de animales, y la energia 
gue gastaria en ella hace que no sea aconsejable en 
una situacion de: supervivencia, a menos que sea un 
cazador experimentado. Es recomendable comer la 
mayoria de los alimentos inmediatamente, antes de 
que el calor, los insectos o las bacterias los 
descompongan. Si debe permanecer mucho tiempo 
en un mismo lugar, es necesario almacenar un - 
excedente de alimentos y conservalos para las Epocas 
en las que escaseen. 


SUSTENTO NATURAL 
Podemos levarnos una gran variedad de alimentos preparados en una 
excursion, pero, en una situacion de supervivencia, sin estos alimentos no 
tenemos por qué morir de hambre. La naturaleza estd llena de alimentos 
naturales, que van desde las plantas basta los insectos. Aunque no sean 
jamiliares a su paladar, podrian algtin dia salvarle la vida. 
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ENCONTRAR Y PRE 






PARAR ALIMENTOS 


ALIMENTOS PARA EL VIAJE 


— N UNA EXCURSION puede Ilevarse comida enlatada, 
deshidratada en bolsas de aluminio, o en su estado 
natural en algtin tipo de recipiente. Los alimentos enlatados 
son faciles de cocinar y comer (frfos o calientes), pero son 
pesados. Los alimentos deshidratados son mucho mas 
ligeros, pero necesitan una gran cantidad de agua para 


Alimentos altos en 
calortas. Los dulces 
tienen un bajo contenido 
nutricional, pero son 
siempre bienvenidos. 

Los montateros y 
exploradores polares 
obtienen a menudo la 
gran cantidad de calortas 
necesarias para la 
supervivencia de los 
duices (véase pagina 15). 


CHOCOLATE HELADO 


EN POLVO 


Alimentos para el 
desayuno. Los alimentos 
para el desayuno son 
fundamentales para 
obtener energia al 
comienzo del dia. 

Los cereales como la 
avena y el muesli 
también aportan fibra 
que evita las obstruccio- 
nes del tracto digestivo. 


MUESLI 





Granos y legumbres. 
El arroz proporciona [os 
hidratos de carbono 
necesarios, pero puede ser @ 
dificil de preparar en unag aN 
cocina de campamento. 4 









proporcionan jibra y 

protetnas, Deben estar 
bien remojadas antes de 
cocinarlas, en especial las 
judias. Siga las instruccto- 


nes del fabricante. LENTEJAS 


Tentempiés. Para 
mantener la energia, lo 
mejor es ir picando 
continuamente durante 
el dia para evttar las 
punzadas de bambre, y 
hacer unicamenie una 
comida importante al 
dta, que pueda digerir 
totalmente durante la 
noche. Estos tentemptés 
incluyen caramelos, 
chocolate y galletas. Ellos 
aportan energia e 
hidratos de carbono. 





GALLETA DE MANTEQUILLA 





GALLETA DE CHOCOLATE GALLETAS DIGESTIVAS 














rehidratarlos, y en algunas regiones se verfa obligado a 
transportar agua con este tinico propdsito. Debe resistirse 
a la tentaci6n de comer un alimento antes de rehidratarlo 
totalmente, ya que absorberfa el agua de su cuerpo 
causando obstrucciones intestinales molestas o incluso 
peligrosas. 





ew 
—_ 


PREPARADO CARAMELOS CON 
PARA FLAN DE SABOR A FRUTAS 
FRESA 





FRUTOS SECOS 








= 


BARRA DE GRANOLA 





TABLETA DE CHOCOLATE GALLETAS SALADAS 








ALIMENTOS PARA EL VIAJE Q] 
ane 







Bebidas. Las bebidas son 
un lujo que aporta poco 
contenido nutricional. 
Sin embargo, 
proporcionan una 
sensacion de calor y 
comodidad. La leche en 
polvo puede seruna 





fuente de calcio y da ath 
mejor sabor a las bebidas. ee 
El chocolate a la taza es 
CAFE | TE CHOCOLATE A LA TAZA LECHE EN POLVO 


una bebida deliciosa en 
una tarde fria. 


Comidas principales. 

la liofilizacion es un 
método de deshidratacion 
que conserva intacta la 
estructura y la textura de 
los alimentos, en especial 
la de la fruta. Los 
alimentos deshidratados 
son ligeros y faciles de 
tansportar, pero deben 
rebidratarse en agua HARINA DE SOJA COMIDA LIOFILIZADA COMIDA COMIDA VEGETARIANA 
antes de cocinarlos. DESHIDRATADA DESHIDRATADA 


Condimentos. La barina 
yilasal son articulos de 
primera necesidad; a | 
partir de ellos pueden fi ge FE KS : (2. 
Drepararse una gran 3 ic he 
martedad de platos (véase Fo gat 
pdgina 117). El sebo puede — iat i 
ser de gran valor si no ‘e i a 
puede obtener las grasas ee 
mecesarias a partir de su 
comida. El azticar bara 
mids pustosa la comida HIARINA 
silvestre. 





iy 








SEBO AZUCAR MORENO SAL 


Condimentos. Cualquier 
condimenio que realce el 
sabor de una comida de 
campamento vale la pena 
de llevar (véase pagina 
93). El curry en polvo da 
un sabor distinto a los 
alimentos, al igual que el 
ajo, las cebollas, las 
especias, la salsa de 
tomate y demas salsas, 





CUBOS DE CALDO DE CARNE SALSA DE CEBOLLA SOPA SALSA DE TOMATE 


CARNE Y PESCADO 





Aunque la carne roja y el pescado proporcionan las proteinas 
necesarias, cualquier tipo de carne es dificil de conservar fresca. 
Lo mejor es llevarla enlatada o en conserva. Una vez las latas se 
han abierto, su contenido debe consumirse inmediatamente, por 
lo que debe comprar latas que se puedan consumir en una sola 
comida. Los alimentos enlatados pueden ser, sin embargo, 





pesados para llevar en una mochila. Las carnes curadas, como el Seecrmoce 
salami, son mas ligeras, pero su variedad es limitada. Puede Y JUDIAS 


conservar su propia carne o pescado de muchas maneras (véase SARDINAS 
pagina 118). Una alternativa a los alimentos enlatados o curados 

es una selecci6n de alimentos completos preparados a base de 

proteina de soja 0 tofu, asi como la pasta y los vegetales. PASTA 





SALAMI 





ENCONTRAR Y PREPARAR ALIMENTOS 


; MENOS QUE se encuentre en medio de un desierto que producen irritaciones en la boca y en la garganta, O bien 
_ frido, siempre habra plantas a su alrededor, y muchas sus semillas son venenosas. Mas atin, algunas plantas no son 
de ellas serin comestibles y nutritivas. El problema radica en comestibles —o incluso son venenosas— en determinadas 
conocer cudles de estas plantas son nutritivas y en evitar las épocas del afo. Algunas de ellas son comestibles pero no 


venenosas 0 las que podrian causarle alguna enfermedad. muy nutritivas; su recolecciOn e ingestion consumen mas 


Aleunas plantas nutritivas Uenen finas vellosidades © aristas calorias de las que realmente aportan. 





PLANTAS DE CLIMA TEMPLADO 


Evite las plantas y brotes viejos, que son mejores que los viejos, € incluso pueden ser lugar de las viejas, y debe cortarlas enteras. 
fibrosos y duros, y pueden tener un sabor comestibles sin necesidad de cocinarlos. Aqui encontrara algunos ejemplos de plantas . 
desagradable. Los brotes jovenes son mucho También debe elegir las hojas jOvenes en comestibles que crecen en climas templados. | 


Pimienta de muros 
(Sedum ). La pimienta 
de muros crece @M FO- 
cus, paredes y Zuuarros 
en las regiones templa- 
das. Tiene tin fuerte 
sabor a pimienta 


Col marina 
(Crambe ), La col 
marina crece en las 
costas templadas. 
Sus QrUueSAS DOJAS VY 
tallos sublterradneos 
pueden comerse 
bervidos: su sabor Sus hojas pueden comers 
crudas como ensalada, 

0 puede cocerlas para 
utilizarlas para dar 
sabor a Una Sopa. 


reciuerda al de la col. 









































Bistorta (Polygonum). 
Esta planta se encuentra 
en toda Europa, \ algu- 
nas espectes ctf ries ei 


OTRAS PLANTAS DE CLIMA 
TEMPLADO 





Norteameérica. Crece 
hasta una altura de 
0c en areas berbosas 


Algunas algas como las Ovas 
(Porphyria) pueden ser hervidas, 


horneadas o secadas. El musgo de | 
o en bosques de ZONES 


| a i, : 
Islandia (Chondrus crispus ) a oe 
pa tate ‘ templadas, y es fact- 
produce una especie de gelatina oe; ais i A 
mente reconocible por Su 


que puede utilizar para preparar un 
postre (véase pagina 93). Las hojas 
del diente de len (Taraxacum) 

y de la acedera (Rumex) pueden 
cocinarse como espinacas, mientras 
que el ajo silvestre (AMium) puede 
utilizarse como condimento. 


larga capeza floral de 
color rosa, Las hojas V 





brotes pueden comierse 


hervidos. Las ratces 


Berro terrestre ( Barbarea ). Esta 


pueden comerse asac las, 


plania crece en Europa, Norteante 
pero primero deben 


| ca vy Nueva Zelanda, Las bojas 
remojarse ert dQud, | : ant 
: : pueden comerse Crudas 0 hervidas 
Verdolaga ( Portulaca) 
La verdolaga crece en 
climas templados, en la 
marismas debajo de la 
linea de la marea alta 
Las hojas pueden 
recolectarse en 
cualguier época del 
canio. Hiérvaias en 4 
y sazonelas CON ZUM 
de limdn. Coma la 
verde lage COM OAS 
plantas o alimentos, y 
gue si inicamente COM 
un tipo de alimento 
puede caderen Wii 
estado de desnut? 1c10n 


Satico trepador (Aegopodium). Esta bierba se 
encuentra a lo largo y ancho de Europa y Asta 





Las hojas jovenes y los tallos, frondosos adquieren 
su mejor sabor cuando los brotes tienen unos 
15cm de longitud 
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PLANTAS TROPICALES 





son el calor y la humedad de los trépicos se _ el ato. Existen muchas variedades diferentes, le sean familiares antes de comerlas. Aqui 
Sesarrollan todo tipo de plantas. Con la siendo particularmente nutritivos muchos se describen algunas especies comunes 
masencia de estaciones, crecen durante todo frutos y hortalizas. Pruebe las plantas que no encontradas en zonas tropicales. 


Bambiti. ( Pseudosasa ). 
Corte los tallos 
jovenes de bambu 
desde la base de la 
planta y abra el 
revesiimiento exte- 
rior con un cuchillo. 
La tierna pulpa inte- 
rior puede hervirse 
en adQUud COMO SI 
jueran espdrragos. 
lambién puede 
comer las semillas. 
Existen muchos tipos 
diferentes de bambu, 
distribuidos en el 
mundo entero, 





OTRAS PLANTAS TROPICALES 








Las especies de plantas varian de region 
a regién, v cientos de ellas son 
comestibles. Muchas tienen frutos 
deliciosos, aunque sera incapaz de 
alcanzarlos si crecen en la parte mas alta 
de una selva tropical. Las plantas que 
pueden alcanzarse incluyen la espinaca 
de Ceilan (Basella ), cuyos tallos y hojas 
son ricos en vitaminas. y la cafia de 
azucar (Saccharum), cuyos tallos 
pueden masticarse crudos. 









Amaranto (Amaranthus ). Esta planta 
puede alcanzar hasta 1m de altura. 
Corte las bojas y los tallos en pequenos 
(rozos y biérvalos en agua con sal como 
si fueran espinacas. Los brotes jovenes 
pueden comerse crudos en ensalada. 







Palmas. Los brotes 
jovenes de algunas 
paimas, come la del 
cocotero (Cocos ), la 
palma de azticar 
(Arenga) ) la palma 
sagu ( Metroxvlon ) sov 
comestibles. La palma 
sagu también tiene 
una médiula feculenta 
en el interior del 
tronco que puede 
hervirse Para Ppreparar 
un pudin de sagii, 


PRUEBA DE SABOR 


En primer lugar triture una hoja, 

S huele mal o a almendras, 
deséchela. Frote la savia en la parte 
mierior de su brazo. Si no le 
produce irritaciOn, coloque un trozo 
pequeno en sus labios, después en 
@ comisura de la boca, a 
eontinuacion en la punta de la 
engua, y finalmente bajo la lengua; 
cada vez durante cinco segundos. Si 
mo €5 urlicante, trague una pequefia 





ie th semejante al de arroz. Corazones de palma. La pitnia 
cantidad y espere cinco horas. Si no Sti einbatea: Hib todas 0 «corazon» de alitinas palmas 
<= presenta nin Suna reaccion leas Palmas SO? CONTLES- €S COMEST thle, tanto cruda como 
desagradable, puede comerla. tibles, debe aprender a cocida, No come frutos de palnia 
reconocéerlas. a menos que pueda identificarlos, 





a= mayoria de los arboles producen frutos, yemas y corteza interior de muchos arboles algunos arboles perennes son ricas en 
Sess 0 nueces de algtin tipo, que pueden ser — también son comestibles, y la savia de vitamina C, y pueden remojarse en agua 


Mey nutritivos (véase pdgina 88). Los brotes, algunos arboles puede beberse. Las agujas de —_caliente para hacer té (véase pdgina 93) 


Picea | Picea). 

La corteza interior de la 
Picea es rica en 
witamina C, especiat- 
mente en la parte 
inferior del tronco, 
cerca de las raices. Pele 
la: corteza exterior y 
hierva la corteza 
interior basta que esté 
fiernd, antes de 
comorila, Utilice las 


agujas para preparar 


OTROS ARBOLES 


Las agujas jOvenes del pino 
(Pinus) tienen un buen sabor y 
pueden utilizarse para hacer té 
(véase pagina 93). La corteza 
interior del alamo temblén 
(Populus) es muy nutritiva, 
mientras que la savia del abedul 
(Betula) es deliciosa. Recoja la 
Savia cOrtando una «V» en la 
corteza, pero no la haga 





: hida refrescante Arce (Acer). El arce tiene una savia : a. 
ae st fs . - ite azucarada que puede recogerse de las § demasiado ancha. Otros arboles 
acne aberiubas nattendles: o-vealizande ius comestibles son el algarrobo 
corte en la corteza. Déjela hervir hasta (Ceratonia )y el tamarindo 
que sé espese para formar un javrabe rico (Tamarindus ). 





en energta. 
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PLANTAS VENENOSAS 


L NUMERO DE plantas venenosas es mucho menor que el _las comestibles, asf que la Unica manera de evitar un 







_4 de las comestibles, particularmente en las regiones desastre consiste en aprender a diferenciar las plantas 
templadas. Algunas son venenosas por contacto, y causan venenosas. Tenga siempre un cuidado extremo al probar las 
urticaria O graves irritaciones (véase pagina 181 ). Otras son plantas (véase pdgina 83 ), particularmente en una situacion 
toxicas por ingesti6n y pueden provocar vémitos, diarrea, e de supervivencia, en la cual puede que no disponga de 
incluso la muerte. Algunas plantas venenosas se asemejan a asistencia médica. 


PLANTAS DE CLIMA TEMPLADO 





Las hojas y tallos de algunas plantas son inducirlas a liberar el veneno almacenado en templadas, pero las plantas toxicas pueden 
venenosas, asi como algunas flores, raices y vellos o poros. Existen muchas mas plantas muchas veces ser mortales. 
savia. Incluso el roce con otras plantas puede — comestibles que venenosas en las regiones 


Dedalera 
(Digitalis). 7odas las 
partes de la 
dedalera contienen 
digitalina, un 
estimulante 
cardtaco altamente 
toxico. La planta 
puede alcanzar 
una altura de 1,5 m, 
y tiene flores muy 
reconocibles, de 
forma acampanada 
y colores violeta, 
rosa, amarillo o 
blanco. 


OTRAS PLANTAS DE CLIMA 
TEMPLADO 


Una de las plantas mds toxicas de las 
regiones templadas es el ac6nito 
(Aconitum ), con flores de color 
purpura..la mortal cicuta (Conium) y la 
cicuta acudtica (Cicuta) se reconocen 
por sus flores blancas, dispuestas en 
forma de paraguas. Evite cualquier 
planta umbelifera: la mayoria son 
peligrosas. El zumaque venenoso y el 
Arbol de las pulgas (7oxicodendron ) 
causan irritaciOn por contacto. 














Altramuz (Lupinus). Esta plarita crece 
en Norteamérica, Europa y Asta, Todas 
sus partes causan inflamaciones mortales 
del estémago y los intestinos. La planta 
tiene flores puirpuras, rosas, blancas o 
amarillas. 





Hiedra venenosa 
(Toxicodendron ), 

La biedra venenosa se 
encuentra en los 
bosques de Norteame- 
rica. Puede ser rep- 
tante 0 de crecimien- 
lo vertical, como una 
biedra comun, pero 
se distingue por sus 
flores verdosas y sus 
bayas blancas. 
Produce urticaria al 
contacto con la ptel. 





Ricino (Ricinus). Aunque esta planta es 
originaria de las regiones tropicales, ba 
sido introducida en las areas templadas. 
Se cultiva a menudo por el aceite con 
efecto purgante obtenido de las semillas. 
Sin embargo, si estas semillas se ingieren 
en su estado silvestre, pueden ser 
mortales. 





Botoén de oro 
(Ranunculus ). 7odas les 
especies de este género 
causan graves y doloro- 
sas inflamaciones de 
los intestinos, en CaSO 
de ingestion. Se en- 
cuentran en todo el 
mundo, y todas las 
especies tienen al 
menos cinco pétalos 
amarillos, brillantes 

y superpuestos. 


ADVERTENCIA 
Muchas plantas venenosas comunes de las 
regiones templadas se asemejan a alguna 


planta comestible, asi que, a menos de que Zigadenus. EF! bulbo letal de esta planta 
puede confundirse con el de una cebolla 
silvestre (véase pagina 86). Tiene largas 
hojas y flores blancas, y crece basta unos 
acuatica (vease superior) puede causar la 60 cm de altura. Se encuentra comtnmente 
pardlisis y la muerte en pocos minutos. en areas boscosas y en pastos de 

: Norteamérica, 





esté totalmente seguro de identificarla 
correctamente, evite comerla. Incluso un 
bocado de alguna de ellas, como la cicuta 














PLANTAS VENENOSAS 






PLANTAS TROPICALES 





28 plantas tropicales son tan variadas y identificar. Si debe considerar la opcid6n de (véase pagina 83), y coma Gnicamente una 
mundantes que, por su propia seguridad, comer una especie que no le sea familiar, cantidad pequena. A continuaci6n se descri- 
so debe comer aquéllas que pueda aplique en primer lugar la prueba de sabor ben algunos ejemplos de plantas venenosas. 


Sapium insigne. 
La savia de esta 
planta es lechosa y 
allamente [Oxica. 
No la ponga en 
COnlACIO CON Su 
piel ya que le 
producirta 
ampollas. Evite 
todas las plantas 
con savia lechosa, 
ya que es muy 
probable que sean 
VENENOSAS. 


OTRAS PLANTAS TROPICALES 





La ortiga (Laportea) crece cerca del 
agua en las regiones tropicales. Causa 
urticaria por contacto, y sus semillas 
son venenosas. La manzana de la playa 
(Hippomane ) tiene frutos y savia 
venenosos, Mucuna crece én los 
bosques y matorrales, y sus vainas 

y flores irritan la piel al contacto. 

En contacto con los ojos, estas partes 
de la planta pueden causar ceguera. 













taantas tropicales del género Jatropha tienen 
wonas, semillas, savia 0 frutos venenosos. 
ums semillas tienen un fuerte efecto purgante. 





Jatropha 
podagrica. Esta 
planta tiene la base 
semejante a un nabo, 
pero todas sus partes 
sOn Muy venenosas. 
La tinica manera de 
identificar las plantas 
desconocidas es 
reconocténdolas a 
partir de una fuente 
fidedigna, como una 
guia local, 0 a través 
de la gente que habita 
en la zona. 


Jatropha 
integerrima. Ista 
planta se encuentra 
en las regiones bosco- 
sas dé los trépicos. 
Todas sus partes 
pueden causar infla- 
macion de los intesti- 
nos, ademas de diarrea 
y vomitos. Estas con- 
diciones pueden pro- 
vocar deshidratacién 
(vease pagina 181 ), 
que podria amenazar 
su vida en una situa: 
cién de superviven- 
Cia, Si no es Capaz de 
encontrar ayuda 
médica inmediata. 








ARBOLES 
™o existe regla alguna para distinguir los comerse, mientras que otras son venenosas. algunos de ellos pueden ser mortales, 
impoles venenosos de los que no lo son. Debe tener especial cuidado con los arboles mientras que la savia de otros puede causar 
teunas partes de algunos arboles pueden tropicales, ya que las semillas y los frutos de ampollas o ceguera. 


Mangle cegador 
(Excoecaria). Este 
Pequeno arbol se 
encuentra en los 
manglares y estuarios de 
Australasia, sudeste de 
Asia y Africa tropical 
Debe evitario siempre 
que sea posible, ya que 
su savia produce 
ampollas en la piel, 1 
ceguera al contacto cor 


los ojos, 


OTROS ARBOLES 


Las vainas del codeso 
(Laburnum ) son mortales, como 
lo son las bayas del tejo (Taxus ). 
El algarrobo negro (Robinia) de 
Norteamérica contiene sustancias 
t6xicas en la corteza, flores y 
vainas. Los arboles rhengas 
(Gluta) del sudeste asiatico 
tienen una savia irritante, 
mientras que la savia del arbo! 
arenero (Hua) de Sudamérica 
puede producir ceguera, Evite 
comer cualquier parte de un 
Arbol a menos que pueda 
identificarlo con seguridad. 





Laurel de California (Umbellularia ), 
El laurel de California crece en 
Norteamérica. Sus resistentes hojas 
ovaladas y perennes son fuertemente 
aromdticas y venenosas. Tiene flores 
amarillas y bayas verdes 0 ptirpuras. 
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RAICES, TUBERCULOS Y BULBOS 





AS RAICES, TUBERCULOS y bulbos de algunas plantas son asandolas al fuego (véase pagina 116 ). La piel de muchas 

ricos en vitaminas, tienen un contenido especialmente rafces es rica en vitaminas y minerales, asf que evite pelar 
elevado de fécula y pueden comerse en situaciones de las raices si las pieles estén en buen estado. Sin embargo, 
supervivencia. Algunas raices son t6xicas si se comen algunas raices deben pelarse para eliminar sustancias 
crudas, por lo que se recomienda cocinarlas bien antes peligrosas. Aprenda a reconocer algunas raices comestibles 
de comerlas. Limpielas bien, hiérvalas después y termine y deseche las demas. 

RAICES COMESTIBLES 

La tnica manera de determinar si una raiz tener bulbos similares, asi que no suponga cebolla (véase pagina 84). Casi todos los 
© bulbo es comestible es aprendiendo a que porque un bulbo le parezca familiar es bulbos y raices deben hervirse antes de 
reconocer la planta que genera. Las plantas comestible; asi, por ejemplo, el bulbo de la comerlos. 
de diferentes regiones pueden parecerse, 0 mortal Zigadenus parece el de una inofensiva 


Nentfar 

(Nymphaea ). 

El nenwfar tiene hojas 

flotantes en forma de 
corazon, y crece en 
aguas dulces, 
tropicales y 
templadas, casi en 
todo el mundo. Sus 
raices, tubérculos y 
tallos son comestibles, 
aungue las semillas 
son ligeramente 
MANGAS, 






Castafio acudtico (Trapa ). 
El Castano acuatico crece en aguas 
dulces de Furopa y Asia. Sus duras 
semillas son comestibles, tanto 





crudas como tostadas. 


Acoro o lirio duice 
(Acorus ). El reconocible 
adcoro puede crecer 
hasta una altura de 
1.3m, y siempre crece 
junto a agua dulce. 

Sus raices son 
fuertemente aromaticas 
y comestibles, Deben 
cortarse y bervirse basta 
formar un jarabe, antes 
de comerlas, 


Salsifi (Tragopogon), E/ salsiff ttene 
entre 60 y 90cm de altura y crece en 
dreas secas, Tiene flores purecidas a las 
del diente de le6n. Sus bojas largas y el 
tubérculo parecido a la chirivia son 
comestibles, y llega a cultivarse. 


OTRAS RAICES 
COMESTIBLES 





Las raices del diente de leon 
(Taraxacum ), de la juncia 
(Cyperus ), y de algunas otras 
plantas pueden tostarse para 
obtener un sustituto del cate. 
Las raices de plantas como el aro 
(Calla) pueden molerse hasta 
obtener un polvo fino que puede 
utilizarse como harina ( védase 
pagina 92). Las raices del palo 
dulce (Astralagus ) pueden 
comerse crudas © cocidas, al igual 
que los tubérculos de la alcachofa 
de Jerusalén (Helianthus), que 
crece silvestre en Norteamérica. 





Cacahuete ( Arachis). 
Los cacahuetes sé 
obtienen de leas 
vainas que crecen 
bajo tlerra, Unidas @ 
las tallos. La plaria 
del cacabuele es 
pequena y arbustiva, 
con hojas ovaladas 
y flores amarillas y 
blanas. 








Saetas de agua (Sagittaria), Pueden 
encontrarse cerca del agua dulce. Crece 
basta 1m de altura y tiene hojas erectas en 
forma de saeta, y pequenas flores de tres 
pétalos. Sus tubérculos son comestibles en 
crudo, aunque son mejores COCIdOS. 












RA{CES VENENOSAS 





“sblando en términos generales, si las raices —_ la planta aparecen ampollas en la piel. venenosas si se comen crudas. Tenga siempre 
t ona planta son venenosas, sus hojas, tallo, Sin embargo, hay excepciones a esta regla. mucho cuidado. A menos que esté seguro de 
terss y savia también lo seran. La celidonia Algunas raices inicamente son comestibles haber identificado una planta correctamente, 

memor es un buen ejemplo —sélo con tocar una vez hervidas, y pueden ser terriblemente no la coma. 


Aro de los panta- 
nos (Calla). 7am- 
bién conocida como 
cala silvestre, el aro 
de los pantanos 
fiene una espiga 
floral distintiva 
dentro de un Capu- 
choi. Crece cerca 
de agua dulce. 

Las raices pueden 
comerse O ser moll- 
das para obtener 
barina (véase pagi- 
na 92), pero deben 
bervirse antes. 

Jodas las demas 
partes de la planta 
son verlenosas, V 
deben evitarse. 



























Mieedioca ( Manihot). Los tubérculos 
& Ss mandioca 6 yuca son letales si 
= commen crudos, Deben remojarse 
Gemante 48 horas y bervirse a 





momencia antes de comer/os. 





ADVERTENCIA 


% ave resulta tan dificil distinguir las 
sauces venenosas de las comestibles 
—s menos que la planta sea 
‘Scimente reconocible— es mejor 





evtor comer raices. Mientras pueda 
@entificar con seguridad unas cuantas 
=species, aténgase a éstas e ignore las 


Narciso silvestre ( Narcissus ), Fs /dcil de 
reconocer por su conocida flor, semejante a 
las variedades domésticas. Si no tiene flores, 
no toque la planta 





Name silvestre ( Dioscorea ). 
Aunque algunas especies de 
name silvestre se cultivan en 





zonas tropicales, algunas de 

ellas son venenosas a menos | 

que se pelen y se Diervan., St : = ca : — 
no puede identificar las Taro (Colocasia). El taro crece en suelos btimedos en las 
variedades, lo ideal es pelar regiones tropicales. La planta alcanza una altura de basta 
y hervir los names silvestres 1.5m y tiene grandes bojas verdes en forma de cuna, y una 
Tienen hojas grandes j flor de color amarillo naranja. Sus tubérculos son venenosos 
crecen a menudo alrededor si se comen crudos, pero pueden consumirse una vez 

de los troncos de los drboles. cocidos. Tienen un sabor semejante al de la patata, 


OTRAS RAICES VENENOSAS 


















Los tubérculos de la patata silvestre 
Solanum) son comestibles, pero 
deben hervirse antes. Sus frutos, 
gue asemejan a un tomate, son 
renenosos. El tomate silvestre 
Lycopersicon ), que es comestible, 
Sene un aspecto muy similar a la 
planta de la patata: es aconsejable 
evitar ambos. Zigadenus tiene un 
bulbo parecido a una cebolla, pero 
es letal (véase pagina &4 ). Los 
mabérculos y las raices de la celidonia 
menor o boton de oro (Ranunculus) 
y de la cicuta acuatica (Cicuta) son 
mortales. 








1 


Vencetdésigo (Vincetoxicum ). Esta planta tiene bojas Matacandiles | Ornithogalum ), Esta planta 


apuntadas en forma de coraz6n y pequenas flores de 


| propia de las resiones templadas crece hasta 
color blanco amarillento. Si se ingiere, sus ratces y vainas unos 50cm de altura. Sus bulbos son 


producen vomitos y pérdida de agua; su savia lechosa comestibles siempre y cuando se hiervan, 
lambieén es toxica. Es comtin en regiones templadas pero evite comer el resto de la planta. 





NUECES 


TT ANTO LAS NUECES como los frutos constituyen la fuente 
mas importante de alimento en una situacion de 
supervivencia. En las regiones templadas, los frutos silvestres 
aparecen a partir de mediados de verano, mientras que las 
nueces aparecen mas tarde, en otono. La mayorta de los 
frutos silvestres son dificiles de almacenar a menos que haga 






Las nueces proporcionan tanto proteinas 
como grasas. Con las nueces oleosas como 
las de la haya, puede separar su aceite y 


lentamente en agua y 





















Nogal (Juglans ). Los nagales crecen 
en dreas templadas. Tienen una 
corteza especialmente mudosa. 

Las nueces tienen una cdscara verde 
y con pulpa, que se pudre después 
de caer del drbol, Las nueces tienen 
un alto contenido calorico. 


Pistacho (Pistacia). Los pistacbos 
crecen en Europa, Asia y Australia. 
Sus nuteces rojas se comen crudas 
o tostadas, 


NUECES 





Pruebe las nueces con cuidado, y utilice la 
prueba del sabor (védse pagina 83). Aunque 
hay pocas nueces venenosas, algunas pueden 


que. otras le causaran 


Castatio de Indias 
(Aesculus ). El castano de 
Indias, que crece en las 
regiones templadas, ttene 
grandes bojas palmeadas, 
flores palidas y yemas 
pegajosas. Puede alcanzar 
los 30 m de altura en 
algunas areas. Sus bojas 
venenosas tienen Cadscaras 
menos espinosas que el 
castanio comin, y las nueces 
dentro de las cascaras son 
mucho mayores que las 
castanas comestibles. 





NUECES COMESTIBLES 


almacenarlo para cocinar. Hierva los hayucos 


superficie. También pueden ser molidas para 


ser peligrosas a menos que las hierva, mientras 


mohosas. Si una nuez tiene un sabor fuera de 





Y FRUTOS 


una mermelada o seque las especies que lo permiten (vease 
pagina 118). Recuerde que, al recoger frutos y nueces, esta 
compitiendo con aves y mamiferos, particularmente cuando 
se trata de nueces, que algunos animales recogen como fuen- 
te principal de alimento para el invierno. No recoja frutos O 
nueces demasiado maduros o mohosos: podria enfermar, 





obtener harina (véase pagina 92). Las nueces 
son el alimento silvestre mas facil de almacenar, 
vy se recomienda comerlas durante un traslado. 


separe el aceite de la 


Avellanas (Corylus). 

Las avellanas crecen en 
grandes arbustos y arboles 
de dreas templadas, de bojas 
serradas y acorazonadas, Vy 
amentos de color amarillo 
marron. Las tiueces crecen 
en cdscaras pilosas. 


OTRAS NUECES 
COMESTIBLES 








La pacana (Carya) es relativa- 
mente comtin en las areas 
humedas de Norteamérica. Con- 
tiene mas grasa que cualquier 
otra nuez, vegetal o fruto. 

Las nueces de macadan 
(Macadamia ) de Australia 
también tienen un sabor 
agradable. Los pifiones (Pinus) 
son comestibles. 





Castavio ( Castanea). Los castanos 
tienen largas hojas serradas y 
cdscaras espinosas, dentro de las 
cuales se desarrollan las castanas. 







Para comer las castatias debe 
pelarlas, bervirlas y reducirlas a 
una pasta, o tostarlas al fuego. 


VENENOSAS 
















lo comin, dulce o semejante al de las 
almendras, deséchela porque puede contenet 
Acido pruisico, que causa irritacion. 


malestar si estan 


OTRAS NUECES 
VENENOSAS 





Aunque son comestibles, las 
almendras (Prunus) pueden 
contener Acido prusico; tienen 
como resultado un sabor 
amargo. Las bellotas de 10s 
robles (Quercus) tambien son 
comestibles, pero deben 
hervirse © remojarse en agua 
fria durante varias horas, para 
después tostarlas a fin de 
eliminar su sabor amargo. 


| 


Anacardo (Anacardium). Las nueces del 
anacardo son venenosas a menos que 
las pele y bierva. Tenga mitcho cuidado 
mientras bierven, ya que los vapores 
pueden producir ceguera. El anacardo 
crece en dreas tropicales. 
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FRUTOS COMESTIBLES 


Los frutos comestibles contienen muchos también lo saben, por lo que tendra que ello comiéndose cualquier gusano nutritivo 
qutrientes esenciales, que incluyen azticares y | competir con ellos. Los insectos también que llegue a contener. No coma cantidades 
vitaminas A, B: y C. Las aves y los mamfferos _atacan la fruta, pero puede beneficiarse de excesivas de cualquier tipo de fruta. 


Fruta de la pasion 
(Passiflora), La fruta de la 
pasion tiene largos tallos 
reptantes, bojas trilobula- 
das y flores de color blanco 
y violeta que crecen sobre 
zarcillos. Crece en areas 
tropicales, sobre todo er 
Sudameérica. Los friitos 
comestibles son de color 
violeta, ovalados 

VY (ULBOSOS. 





OTROS FRUTOS 
COMESTIBLES 


Las uvas silvestres ( Vitis) son 
comunes en las zonas calidas. 
Sus hojas pueden comerse 
hervidas. Varias especies de 
fresa silvestre (Fragaria) se 
encuentran en los bosques y en 
zonas de hierbas secas. 
Son ricas en vitamina C, muy Ardndano (Vaccinium). Crece 
dulces v deliciosas. en los brezales templados, en la 
tundra y en los bosques. 





Camemoro (Rubus). 

El camemoro crece en el artico 
y en las regiones templadas del 
norte. Alcanza una altura de 
«nos 30cm, tiene flores 
wancas y frutos que se 
asemejan a las frambuesas, 


Enebro (Juniperus). E/ enebro crece 
en las montanas templadas del norte, 
en forma de arbusto grande 0 
pequeno, 0 en densos matorrales Dajos. 
En algunas partes de Norteamérica se 
le Conoce como uvas de Oregon. 

Las bayas maduras de color azul 
oscuro son comestibles, aunque un 
poco amargas. 





FRUTOS VENENOSOS 





¥a que los frutos estan disefiados para atraer semillas en sus heces), muchas bayas veneno- __ vivir a base de alimentos naturales. Al igual 
3 los animales y a los pajaros (los cuales, sas se asemejan a las comestibles. Esto puede que las deméas plantas y setas, debe aprender 
ana vez han comido el fruto, diseminan las ser una amenaza para quienes intentan sobre- —a reconocer algunos frutos comestibles. 


Serbal., Aunque los 
fruios de algunas 
especies de Sorbus son 
comestibles, en general 
las bayas blancas son 
siempre venenosads., 

No se arriesgue a 
comer ninguna baya 
de este color. Otras 
plantas con frutos 
blancos venenosos son 
la hierba de San 
Cristobal y algunos 
tipos de belladonea. 





Duchesnea. Los frutos de Duchesnea, 
también conocida como falsa fresa, pueden 
ser mortales. La planta crece en las dreas 
tropicales de Asia y Norteamérica. 



















OTROS FRUTOS VENENOSOS 





Existen muchos frutos venenosos, en particular en las regiones tropicales. Algunos de ellos son sélo 
medianamente venenosos y pueden provocar diarreas y nduseas al ingerirse en grandes cantidades. 
Otros son altamente t6xicos y una pequefia cantidad basta para causar la muerte. En una situaci6n 
de SUPENVIVENCiAa, 198 LESBOS Se incrementan, copocialmonte ci co emeventen AéKH Mo man Panenn 
venenosos comunes incluyen las bayas azules de la mortal belladona (Atropha ), que son letales si se 
ingieren. Arum tiene bayas rojas que pueden causar un grave malestar digestivo si se ingieren. 

La hierba de San Cristobal (Actaea) tiene baya’ blancas o negras que pueden producir vomitos e 
irritaci6n interna. Los frutos de la manzana silvestre (Malus) pueden causar diarrea si se comen en 
grandes cantidades. El arbol tropical de la estricnina (Strychnos) tiene frutos que parecen naranjas 

y sus semillas son mortales. ) 





Enredadera de Virginia 

Parthenocissus ). Las bayas de profundo 
sor azul 0 purpura de esta planta de 
clima templado se asemejan a las uvas, 
Ninguna baya azul 0 purpura de una 
nlanta trepadora con zarcillos es 
comestible. 








HONGOS Y LIQUENES 


Pp ARA MUCHAS PERSONAS en todo el mundo, la recogida de —_ prepararlos. Algunos hongos son letales, y muchos se ase- 


hongos y liquenes se ha convertido en una actividad mejan a las variedades comestibles. Incluso los recolectores 
habitual. Ademdas de ser absolutamente deliciosos, los experimentados pueden equivocarse: en ocasiones, lo que 
hongos frescos contienen minerales y algunas proteinas, y no representa ningtin peligro en un pais se asemeja mucho 


constituyen el elemento basico de muchos platos nacionales, a una variedad venenosa en otro. Consuma hongos unica- 
Sin embargo, debe tener una gran precauci6n al recogerlos y mente si esta seguro de poder identificarlos correctamente. 


HONGOS COMESTIBLES 





No existe una manera l6gica de identificar los —_identificar una 0 dos variedades comestibles, ticular las que son mortales. Rechace cualquier 
hongos comestibles. Rec6jalos Unicamente si con referencia especial a sus habitats. Aprenda hongo que no esté en perfectas condiciones. 
va acompafado de un experto y aprenda a a reconocer las variedades venenosas, en par- Aqui se muestran algunos comestibles. 





Bejin areolado ( Calvatia utriformis ). 
Se encuentra en verano y en otono en los campos 
y prados, Es preferible consumirlo joven, cuando 
la carne todavia se mantiene blanca. 





_— 


Colmenilla redonda, morilla Seta coliflor (Sparassis crispa). Este bongo se encuentra en 


(Morchella esculenta). Este bongo otone en los bosques de contferas; crece al pie de los arboles 
blanco crece en primavera en y sobre sus raices. Su carne despide un caracteristico olor a 


suelos arenosos 0 arenoso-arcillosos, —anis, y tiene un sabor similar al de una nuez. 
bajo los arboles 0 al descubierto. 

























OTROS HONGOS COMESTIBLES 





Las variedades Boletus tienen la forma tradicio- 
nal de una seta, pero tienen poros en la parte 
inferior del sombrero, en lugar de laminas. 
Generalmente son deliciosos, Algunas especies 
son medianamente venenosas, pero pueden 
distinguirse de las comestibles ya que su sabor 
en crudo es desagradable, y tienen los poros 

y el pie de color rojizo o naranja. Elija Gnica- 
mente las setas con poros amarillos o de color 
crema. Los hongos que crecen sobre los tron- 
cos de los arboles son generalmente comesti- 
bles, pero algunas variedades son excesiva- 
mente duras y con poco sabor. Todos los 
hongos silvestres deben hervirse antes de 
consumirse, para asf destruir lus Conipuestos 
ligeramente t6xicos. Recuerde, sin embargo, 
que no con sélo cocinarlos convertira en 
comestible una especie venenosa. Los hongos 
difieren entre si segtin la region, por lo que 





Peziza anaranjada ( Aleuria aurantia). sie 
hongo necesita luz solar para crecer, y se encuen. 
tra en los claros de las regiones boscosas y en 
dreas de pasto en otono. A pesar de ser comestible 
su carne no tiene un olor o sabor destacable. 





_s 


Poliporo frondoso (Gritola trondosa). Este Lengua de buey ( Fistulina hepatica). Este bongo 


del | | | bongo de arbol, que puede encontrarse desde es facil de encontrar durante el otono, sobre los 
debe aprender a reconocer los de s TNO ere -_ : - : ee | 

. ‘ nn dl miss OCET 105 Ge su He la primavera basta el otorio, crece en dérboles robles. Su carne roja tiene un sabor amargo en 

o bien los de la region que pretenda visitar. de boja caduca. Despide un caractertstico crudo, por lo gue debe remojarlo y cocerlo antes 


olor @ seta, )' tiene un sabor dutce. de consumirlo. 
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HONGOS VENENOSOS 


hay caracteristicas especfficas que permitan especies tienen un aspecto totalmente diferen-  hongos son muy variados. A menos que pueda 


Sstinguir los hongos venenosos. Las amanitas _ te. Peor atin, algunos hongos venenosos se identificar positivamente un hongo como varie- 
< encuentran entre los mas peligrosos, y son — asemejan a los hongos comestibles de otros dad comestible, no lo toque. A continuacion se 
ts mds faciles de identificar, aunque algunas paises. Los sintomas de envenenamiento, por muestran algunas de las especies mas peligrosas. 


ADVERTENCIA 





Senque los hongos del género 
Aimonita incluyen algunos de los mas 
mortales, no todos los hongos 
wenencsos se les parecen. Siempre 
Sebe realizar una identificacion 
positive de una variedad comestible, 
rechazando las demas a menos que 
este bien seguro de que son 
comestibles. 





Cicuta verde ( Amanita phalloices ). La especie 
meas venenosa de todos los bongos se encuentra 

en las regiones boscosas, bajo bayas y robles, Tiene 
el sombrero de color verde oliva, el pie blanca, 
laminas y carne blancas, y una gran volva. 


OTROS HONGOS VENENOSOS 


















Algunas Va rieda des venenosas parecen 


Amanita pantera ( Amanita pantheri- Matamoscas ( Amanita muscaria). Este bongo faciimente idénticas a las especies comestibles de 
aa). Suele ser mortal. Se encuentra en reconocible crece durante el otorio, particularmente en los Oras regiones. Por ejemplo, mientras que 
aS bosques de hayas; fiene un sombrero hosques de beayas y de Pinos. Tiene un sombrero de color muchas especies del genero Agaricus son 
marron moteado de blanco, laminas rojo brillante, moteado de blanco. 


comestibles, el agdrico amarilleante 
(Agaricus xantbodermus) es muy 
-venenoso. Puede reconocerlo por su 
intenso olor a yodo y la coloraci6n amarilla 
que aparece al tocarlo. Otras variedades 
venenosas incluyen la cicuta blanca 
(Amanita verna ), de color blanco, y que 
se encuentra en suelos arenosos bajo arbo- 
les de hoja ancha, asi como varias especies 
de Cortinarius, algunas de las cuales son 
mortales. 


hlancas y anillos alrededor del pie. 

Amanita maloliente 
(Amanita virosa ). 

LS mortalmente verne- 
nOosO, ¥ Se ERCUeHTTa 
en verano y otono en 
los bosques, Su carne 
hlanca tiene un olor 
dulce y nauseabundo 
Los especimenes Jovenes 
pueden parecerse a los 
Agaricus comestibles. 





COMO RECONOCER 
UN HONGO VENENOSO 


Los hongos venenosos del género Amanita 
son relativamente faciles de identificar. 
Todos tienen una volva en la base, laminas 
blancas y anillos alrededor del pie. 











Escamas , , sombrero 
{SOX LIQUENES COMESTIBLES 
| Los liquenes crecen sobre las rocas,a menudo — remojarse una noche en agua y hervirse 
en las regiones boreales o articas. No hay después a fin de eliminar cualquier acido 
variedades venenosas, pero todos deben irritante, antes de ingerirlos. 
Liquen de los 
_ i | renos (Cladonia 
Amanita. Fsta “ Laminas rangiferina). Esta 
especie riorte- Bas pla rita resistente 
| oc wine eroned ™. Anillo crece en las regiones 
AIR ROHLL Ge GITICAS ) StU“ ASpecto 
anciiantre a recuerda los cuernos 
on das Bos. Sg - Bie de los renos, de abi 
gues de su nombre. Antes de 
coniferas. i. : comerlo debe remo- 
S? Se Ingiere, ™. Volva jarlo en agua durante * 
| provoca un varias Borasy bervir Callos de roca. Estos liquenes nutritivos 
sueno profundo lo bien para que crecen en las regiones templadas del norte 
y aluctnaciones. resulte digerible yen el artico, Deben remojarse y hervirse 





ates de cornsumirse. 
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LAS PLANTAS COMO ALIMENTO 


L A RECOLECCION NO consiste en recoger cualquier planta venenosa (véase pdgina 8&4 ). Al recolectar plantas, asegurese 


que parezca comestible. Debe reunir la cantidad de dejar una cantidad suficiente de cada especie para permi- 
suficiente de una 0 mds especies para preparar una comida. tir su regeneracidn para, de este modo, poder abastecerse en 
Si se limita a recolectar unas cuantas especies, reducira las el futuro. Las plantas cortadas se estropean muy rapidamente, 
posibilidades de incluir alguna especie no comestible o por lo que es mejor guardarlas en una caja o bolsa. 


RACES Y TUBERCULOS 





Algunas plantas almacenan almid6n en sus mentar los nuevos brotes. De esta manera, las _las raices en primavera, ya que algunas 
raices para utilizarlo durante el invierno. raices son mas nutritivas en otono, y mas plantas tienen entonces algunos brotes 
En primavera se convierte en azticar para ali:  dulces en primavera. Tenga cuidado al recoger —_y pueden ser dificiles de identificar. 







Cave aun lado de 
la planta y despren- 
da la terra de 
alrededor de la 
rez 


COMO PREPARAR 
LAS RAICES 


Debe preparar y cocinar las raf- 
ces tan pronto las haya recogido 
para evitar que se estropeen. 

Las raices deben limpiarse cuida- 
dosamente, aunque no debe pe- 
larlas ya que la piel contiene a 









Ajile el extremo 


de un patio para menudo muchas vitaminas. 






darle la forma de Corte las rafces en trozos gran- 
un cincel des y hiérvalos en agua. Asi eli- 
. minara las sustancias quimicas 
| 5 os ae _ amargas que pudieran contener. 
1 Corte una rama gruesa de madera dura como | | fe 2 Cave profundamente al Los trozos deben hervirse hasta 


~ lado de la planta. Desprenda 
la tierra de alrededor de la 
raiz hasta que pueda sacarla 
de una sola pieza. 


el nogal, y afile uno de los extremos hasta darle 
la forma de un cincel. La punta puede 
endurecerse al fuego. 


que estén lo suficientemente 
blandos como para poder pin- 
charlos con un tenedor. 


gi 
im 





COMO OBTENER HARINA 


La mayoria de las semillas no pueden estofado o mezclarla con agua para hacer una = pdégina 117). También puede obtener harina 
digerirse bien a menos que se muelan para masa para preparar una pasta o pan hamedo de las nueces (véase pagina 88), asi como de 
obtener harina, Puede entonces afadirlaa un (damper bread es su nombre original) (véase —_ rafces o cabezuelas florales. 








Muela las 
semillas entre 
dos piedras 
planas 


Agite las 
SCMUUAS para 
separar los granos 
de las cascarillas 





1 Para obtener harina a partir de semillas, 2 Trille las semillas frotandolas entre si para 3 Muela las semillas entre una piedra grande 
comience por doblar la espiga de la planta que desprender las cascarillas. A continuaci6n, con una depresion en el centro y Otra menor 
las contiene hacia una bolsa, sacuda la espiga aviente las semillas agitandolas en un recipiente. —_ plana. Manten ga un movimiento continuo v 
para desprender las semillas, 0 arranquelas con Como las cascarillas son mas ligeras, podra circular. Tenga cuidado que el viento no se 


la mano, Deje secar las semillas al sol. separarlas de las semillas soplando. lleve la harina obtenida. 
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COMO PREPARAR LAS ALGAS 


E! musgo de Islandia (Chondrus) puede yodo, minerales y vitaminas A y B. Se en- puede hervir y comer las hojas de las ovas 
comerse fresco, seco 0 cocinarlo para obtener cuentra en las rocas bajas de la playa, en (Porphyria), de la lechuga marina (Ulva) y de 
una especie de pudin de gelatina. Es rico en primavera y a principios del verano. También los varecs (Alaria ). 














4 Saque las algas y 
endulce la mezcla con 
bayas 0 azlcar. 


Segue las aleas 
sobre una roca 
al so! 






3 Anada las al- 
gas alaguaoa 
la leche y déjelas 

hervir lentamente 

al fuego hasta 

que la mezcla 
comience a 
espesarse. 





2 Después 
de aclarar las 
algas para eli- 
minar los 


granos de 5 La 
arena, cOr- mezcla 
telas en cuaja con- 
pedazos, forme se 


va enfrian- 
do; saquela 
del recipiente 
con una cucha- 
ra. Tenga cuidado de no 

comerla hasta que esté completa- 
mente fria, 0 se quemaria la boca. 





1 Recoja las algas desprendiéndolas de las rocas 
eon su cuchillo, Extiéndalas al sol para que se 
sequen. Al secarse, las fibras palideceran y 
@aquiriran una textura correosa, 


COMO PREPARAR BEBIDAS CONDIMENTOS NATURALES 
Las agujas de los arboles perennes como el y verdes no decoloradas. Puede preparar un | eee ee | , 
emo (Pinus) y las piceas (Picea) son ricas en suceddneo del café a partir de hojas de Las plantas silvestres tienen a menudo un 
waamina A y C, y pueden utilizarse para achicoria (Chicorium,) o de bellotas Sabor muy sildve; quizd ‘quiere realzanio 


un poco con especias u Otros condimentos. 


oreparar té. Recoja Unicamente agujas frescas (Ouercus ). | 
: Bi) Q Puede llevar especias preparadas como 


 E | curry en polvo, canela 6 clavo en su mo- 
| 2 Sumerja las chila para anadirlos a cualquier plato | 
agujas en agua cuando sea necesario. Como alternativa, | 
ra hirviendo. Man- puede recoger especias en su estado silves- 









% tenga el recipiente 
caliente sin permi- 
tir que el agua 


tre y secarlas para utilizarlas mds adelante. 
Un ejemplo de especia que puede encon- 
trar en estado silvestre es la nuez moscada, 
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= De Be: hierva, y deje re- 7 , 
1 a eS _ mojar las agujas la semilla de un fruto de una planta nativa 
SA oy entre 5 y 10 minu- de Indonesia Oriental (Myristica). Una vez 
1 Para preparar té a partir de agujas = ' tos, removiendo seca, la semilla puede rallarse o trocearse 
nerennes, utilice dos cucharadas de té | | de vez en cuando. para dar sabor a los alimentos horneados, a 
de agujas por taza de agua. Majelas = ee | cualquier pudin (véase superior), o a otros 
Sgeramente con una piedra grande, ———— platos preparados a partir de vegetales 


como la espinaca o la calabaza. También las 


<== 3 Separe las aguias del hierbas como la albahaca o el tomillo pue- 











liquido filtrando el té a AS BEBIDAS den conferir sabores novedosos. 
| través de un pafio su- ml, 
jeto sobre un reci- En Australia, las hojas del eucalipto 
piente. Puede endul- (Eucalyptus) dan un peculiar sabor 
zar el té con azticar mentolado refrescante al té 
o miel. habitual. Esta infusi6n se conoce 





como billy tea. Las flores secas del 


ASL I Sa P TLL 


EN POLVO EN POLVO 


— trébol (Trifolium ), y las hojas de la 
ortiga (Urtica) y de la hiedra 
rastrera (Glechoma), también 
pueden utilizarse para preparar té. 
La savia de los arces (Acer) puede 
beberse al mezclarla con agua. 


Filtre el té a 
través de un 
pano 





PIMIENTA NUEZ MOSCADA AJO 
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ANIMALES INVERTEBRADOS 


A IDEA DE comer una babosa, un caracol 0 un salta- capaz de buscar fuentes alternativas de alimento. La 
L montes no resulta demasiado apetecible, y nos hace experimentaciOn es fundamental, pero para sobrevivir no 
pensar que preferirfamos pasar hambre. Sin embargo, en debe rechazar ninguna fuente potencial de alimento, ni 
una situaci6n de supervivencia es muy poco probable que reparar en los escrtipulos que pueda sentir. Algunos 
una comida apetitosa sea facil de obtener, y mientras espera _invertebrados contienen incluso mds proteinas que los 
se debilitara cada vez mds hasta llegar al punto de no ser vegetales, por lo que vale la pena no prescindir de ellos, 


ANIMALES INVERTEBRADOS COMESTIBLES 





Aunque muchos animales invertebrados son vy tragarlos. Unicamente algunas partes de Algunas incluso deben prepararse de una 
comestibles, no es tan sencillo meterse una estas criaturas son comestibles, y todas ellas manera especial (véase pagina 96). A 
babosa o un saltamontes en la boca, masticarlos deben cocinarse bien antes de consumirse. continuaciOn se muestran algunos ejemplos. 





Abejas. Las abejas, sus , 
crisalidas y lartvas, son | 
comestibles. Ademas, 
las abejas producen 
miel, una fuente 
instaniadnea de 
eneraia. Sin eni- 
bargo, las picadu- 
ras de abeja 
pueden ser morta- 
les, ast que tenga 
cuidado al manipu- 
lar estos insectos. 










Saltamontes. 









Todos los insectos que saltan tienen gran- 
des musculos en las patas que pueden comerse. 
Al asarlos destruird ios pardsitos que puedan 
contener. Dan @ la carne, segtin dicen los 
entendidos, un excelerite sabor. 





Caracoles. Los gusanos, babosas 
y caracoles son una comida enxce- 
lente, pero evité todos los caracoles 
marinos y cualquier caracol de tie- 
rra de colores brillantes, ya que po- 
adrian ser venNenOSOS 























Mariposas y 
polillas. Las mariposas 


y polillas son comestibles, scsi, 


pero no aportan muchos | - 





nutrientes a menos que lo- 
are reunirlas en Bran ril- 
mero, LAS OrUBAS SON MAS 
faciles de atrapar y constitu- 
ven una mejor comida. 


Hormigas. Las bormigas pueden picar o 
morder, pero son comestibles st se coger con 
cuidado (véase pagina 96). Algunas hormigas 
colmeneras almacenan néctar y AQua en sits 
abdomenes. 


OTROS ANIMALES 
INVERTEBRADOS COMESTIBLES 






Los insectos tienen un valor dietético supe- 
rior al de los vegetales y son abundantes en 
cualquier region, aunque deben recolectar- 
se en gran cantidad para obtener un aporte 
dietético adecuado. Las larvas de los insec- 
tos son particularmente jugosas. Para algu- 
nos pueblos indigenas constituyen un ele- 
mento primordial de su dieta. No olvide los 
insectos acuaticos, como los girinos (Gyri- 
nidae ), aunque pueden resultar dificiles de 
atrapar a menos que se use una fina red 

de malla. Entre los invertebrados comesti- 
bles se incluyen también las termitas, la 
carcoma y el marisco. No es recomendable 
comer arafas, ya que muchas de ellas 
tienen vello o toxinas irritantes en la boca Tonga cuidado al 

para matar a sus presas que, a su vez, cogerlos, yea. qite aleu- 
pueden resultar dafinas para los humanos. nos tienen largas ptias 


Estrellas de mar. Piie- 
den encontrarse adh 
ridas a4 la madera a 
la deriva. Los cangrejos 
y las gambas también son comestibles y pueden 
encontrarse en las zonas rocosas cuando 
baja la marea. 


Erizos de mar. Algiirios 
eqguinodermos, como el 
erizo de mar (Echinoa- 
cyamus), pueden desen- 
terrarse de la arena de 
la playa para comerlos. 
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ANIMALES INVERTEBRADOS VENENOSOS 


Debe aplicar el sentido comtin al recolectar fa, los que parezcan enfermos 0 muertos, 0 comen otros animales pueden ser nocivos 
mimales invertebrados. Evite los insectos de los que tengan un olor fuerte, ya que podrian —_—s para los humanos. Tenga cuidado al recolectar 


solores brillantes, aquellos que comen carro- —_ ser venenosos. Los animales invertebrados que animales invertebrados (véase pagina 96 ) 











Escarabajos rojos. Fl color rojo o brillante de 
algunos tsectos, Como LOS eSCarabajos } 

gorgojos, advierte a sus depredadores que tienen 

un sabor desagradable, por lo gite no debe 

cogerlos. Su toxtia puede no ser mortal, 

pero sf puede provocarle una 

grave indisposicion. 


Bonidos. Hay cientos de 
tipos de caracoles 
mearinos que disparan 
un aguijon que inyecta 
veneno. En algunas 
variedades resulia 
mortal. Estos caracales se 
entierran en la arena, 
por lo que puede pisar 
uno accidentalmente 





Polilias rojas. La colora- 
clon roja de la polilla 
escarlata ( Callimorpha ) 
indica que tlene un sabor 
desagradable. Aunque 
algunas especies de (nsec: 
fos no téxicos imitan los 
colores de las varteda- 
des venenosas, lo mejor (3 
es evitar aquellos que 
fengan colores brillan- 
fes, a menos que esté 
completamente seguro . 
de que son inofensivos. ee - ———EEE 








Al igual que ocurre con la comida 
| silvestre, es preferible aprender a 


identificar unos cuantos invertebra- 
dos comestibles. Si se encuentra en 
una situacion de supervivencia, 
puede estar débil y ser mds 
susceptible de lo habitual a las 
cantidades pequenas de veneno. 





OTROS ANIMALES 
INVERTEBRADOS VENENOSOS 


Las orugas y los gusanos espinosos tienen 
sustancias irritantes en las plas que pueden 
ocasionar una erupcidn al tocarlos. 

Los ciempiés, sobre todo las especies gran- 
des, tropicales, tienen a menudo sustancias 
wenenosas en la piel. Algunas especies de 
mmariguita amatilla (Coccrnedidae) tambien 
son venenosas. Aunque la mayoria de las 
especies de pulpo son comestibles, el 
pulpo de anillo azul de Australia (Hapalo- 
chlaena ) tiene una picadura mortal, por lo 
gue es preferible evitar cualquier especie a 
menos que pueda identificarla positiva- 
mente. También debe evitar las crisdlidas 
enterradas, asf como algunas especies de 
hormiga (Formica) que lanzan acido fér- 
mico a sus atacantes. Si no logra identificar 
algiin invertebrado, no lo toque. 





Avispas. Son muy a@resivas, y sus 

aguijones trabajan tncluso después 

de muertas. Nurica intente atrapar 

avispas para comertas, Si le pican 

en la cara, la binchazon le 

impedira respirar, lo que puede 
causarle la muerte. 


= = q i ae Ee ae es 
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Hidrozoos marinos. Algunos bidrozoos urticantes, como la 
hidra (Hydra) se encuentran en las Corrientes calidas. 

La fisalia (Physalia) puede tener tentaculos urticanies de 
hasta 12m de loneitud, Evite estos animales dentro de lo 
posible. También debe evitar las medusas, algunas de las 
cuales Henen una picadura venenosa (veéase pagina 180). 






















Crustdceos y moluscos. 
Las distintas especies de 
crustaceos y moluscos 
son en general comes- 
tibles una vez se han 
cocido, pero tam- 

hién son potencial- + 
mente peligrosos. 

Para alimentarse fil- 
tran grandes canti- 
dades de agua y 
pueden retener 
abundantes sustancias 
hoxicas €n SUS CUErpOSs. 
Los moluscos deben 


Anémonas marinas. 
Las anémonas pueden en- 
contrarse adberidas a las 
rocas descubiertas por la 
marea. La mayoria 
tienen tentaculos 
urucanies, por lo 

que debe evilar- 

las. La mayor 

Parte de criatu- 

ras que malan a Stts 
presas por medio de 
picaduras también 
pueden ser nocivas para 
cogerse vivos y comerse . los seres humanos: evite- 
© mas pronto posible. | las dentro de lo posible. 
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What is 5G? 


The International Telecommunication Union (ITU) is the United Nations specialised agency for 
information and communications technologies. This body decides global spectrum allocation 
frameworks and harmonises international spectrum to ensure networks and connected devices can 
communicate seamlessly. The ITU will undertake the formal, international process to identify bands for 
5G by 2020. It has developed draft technical specifications for 5G which include:* 


e high data rates (1 Gbps for hotspots, 100 Mbps download and 50 Mbps upload for wide-area 
coverage) 

e massive connectivity (1 million connections per square kilometre) 

e ultra-low latency (1 millisecond) 

e high reliability (99.999% for mission critical ‘ultra-reliable’ communications), and 

e mobility at high speeds (up to 500 km/h i.e. high speed trains). 


In working towards these specifications, 5G represents a significant leap from the capabilities of 
previous generations and introduces a range of new technological possibilities. The success of 5G in 
delivering new technologies and services will be supported by existing communications infrastructure, 
including the NBN. This convergence of high-speed fixed-line and mobile services will collectively 
produce a consistent and ubiquitous user experience. 


The 5G economics case 


Unlike early generations of mobile networks, 5G will represent a significant shift in the 
telecommunications industry’s focus away from voice and more towards mobile broadband and 
increased industrial applications. These new use cases are expected to create benefits across a range of 
sectors—including transportation, health, manufacturing and agriculture—and have varying networking 
requirements. These use cases, as identified by the industry, can be divided into the following 
categories: 


e enhanced Mobile Broadband 
e massive Machine Type Communications, and 
e critical communications. 


Enhanced Mobile Broadband (eMBB) 


eMBB will deliver improved capacity to a greater number of devices. This will enable higher rates and 
volumes of data transmission per device and improve coverage to a broader range of locations. eMBB 
will likely be the focus of early 5G deployments as it can immediately support the growing 
communications requirements for the digital economy. 





An improved mobile experience for consumers 


5G networks will give consumers a better mobile experience in more locations. Increased network 
capacity will support more users, even in crowded areas, such as large public events, and at peak times. 
Faster network speeds will also enable consumers to view rich content in more places, supporting the 
streaming of live events and high resolution media. 











1 ITU, 23 February 2017, ‘Press Release: ITU agrees on key 5G performance requirements for IMT-2020’. 
www.communications.gov.au 
5G—Enabling the future economy www.arts.gov.au Page 3 of 12 
www.classification.gov.au 
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LOS ANIMALES INVERTEBRADOS COMO ALIMENTO 


L OS ANIMALES INVERTEBRADOS son, con diferencia, los mds — energia. Sin embargo, los animales invertebrados parecen 
abundantes del reino animal, y a menudo son las Gnicas = menos apetitosos que otras criaturas. Para superar este 














criaturas que habitan en los medios y condiciones mas inconveniente, puede picarlos o molerlos, y después 
extremos. Es mds facil atrapar animales invertebrados como _afiadirlos a otros platos mas sabrosos, antes que 
los insectos que pescar, y en esa actividad se gasta menos comerlos enteros. 

INSECTOS VOLADORES 
La mayoria de los insectos voladores son adultas como sus larvas son comestibles. Sin | : : ee 
comestibles, pero las abejas productoras de miel embargo, ya que las abejas pueden ser peligrosas, | COMO PREPARAR LOS INSECTOS 


proporcionan el mejor alimento. Tanto las abejas atrapelas Unicamente si no le queda otra opcion. = — ; 
Elimine los aguijones de las abejas. 
Separe las alas y las patas de todos 
los insectos. Desde el punto de vista 
nutricional, los insectos deben 
comerse crudos, pero resultan mas 
apetecibles hervidos 0 asados. 


Voladores nocturnos: 
De noche, extienda 
una tela de color claro 
entre dos ramas, 
ténsela y fijela con 
estacas al suelo. 















Molienda. Los insectos pueden 


Coloque una linterna molerse entre dos piedras y 
deirds de la tela y un anadirse a un estofado. 
recipiente con agua As - : 

5 = j ; 
delante de la misma. é ‘So a 
Las polillas se verdn al | 
atraidas hacia la luz, © 


7 


chocaran con la tela 
y caeran al agua. 


Abejas y miel. Para atrapar abejas y recoger 
miel, acerque bierbas bumeantes a la 
entrada de la colmena basta que ésta se 
llene de humo. Selle el agitjero y espere una 
noche. A la mariana siguiente, destapelo 
cuidadosamente con una rama y saque las 
abejas muertas y el panal 


Muela los 
isectos 
entre dos 
piedras — 





INSECTOS REPTANTES 





Las larvas de los escarabajos son muy alguna larva bajo la superficie. Las orugas se encontrara en grandes colonias, pero recuerde 
nutritivas, Examine la madera podrida con encuentran a menudo sobre las plantas que que muchas tienen vellos urticantes en su piel, 
ayuda de una rama para comprobar si hay les sirven de alimento, y frecuentemente las y pueden producir irritaciones al tocarlas. 


COMO ATRAPAR INSECTOS 


Puede preparar una trampa para insectos, Cave 
un agujero con cabida suficiente para un reci- 
piente, y coloque éste en su interior. Coloque 
una tabla de madera encima del agujero, sobre 
dos piedras, para dejar un pequeno espacio 
entre la madera y el suelo alrededor del agujero. 
Los insectos seran atraidos por la sombra que 
les proporciona la madera, y caeran en la trampa. 





TRAMPA PARA INSECTOS 





1 Para atrapar termitas u hormigas, corte una 2 Extraiga la rama lenta y suavemente. 
rama larga y recta y elimine su corteza hasta Las termitas habran atacado la madera y 
dejarla lisa. Después introdizcala lentamente en — atin estardn sujetas a la misma. Raspe la 
el nido de hormigas o termitas. Tenga a mano rama y hagalas caer al recipiente. Puede 
un recipiente para recoger los insectos sin que entonces prepararlas como se ha 


se le caigan al suelo. indicado. anteriormente. 
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Los crustaceos y moluscos son faciles de asegurarse de que atin estan vivos cuando los —_ siempre y constimalos inmediatamente 
pescar en la mayoria de las playas, y pueden pesque, ya que su carne se deteriora después de cogerlos. No los pesque cerca de 
ser muy nutritivos. Sin embargo, debe rapidamente después de morir. Cocinelos cualquier posible fuente de contaminacion. 
- COMO COCINAR CRUSTACEOS 
Y MOLUSCOS 
Hierva los crustaceos v 
Sepeare ‘Ios moluscos en sus con- VY Breaee 
IMOLUSTOS VIVOS chas DOr lo menos du- = cHelga de 
ile las rocets rante cinco minutos 5 und rama 
sl Ll antes de comerlos. ag | 
cuchillo cern MG one yaranrasdia acs ( véase 
Deseche aquellos que pagina 
no se abran en agua _ 116) 


hirviendo, lo que 

significa que estan en 
| mal estado. Después de 

hervirlos, extraiga los 


Bigaros y lapas. Coja los moluscos pequenos, 

como las lapas adberidas a las rocas, cuando 

baje la marea. Tome unicamente aquellas que 
estén vivas —que estardn fuertemente adheridas. bigaros y lapas de 

, sus conchas con una 

ramita © un tenedor. 








Estofado de 
Nunca esta de mas advertir del cui- =| marisco. [lierva 
En busca de navajas. |.as Nat ajas se entierran dado que debe tener al manipular los | el marisco a fin il 
rerticalmente en la arena dejando agujeros para _crustaceos y moluscos. No debe co- de eliminar las 
respirar en la parte superior de sus ttineles. Puede merlos nunca crudos, y deben hervir- SUSLANCIAS 
atraparlas bactendo pasar un trozo de alambre o se 0 cocinarse al vapor por lo menos HOCIVAS. . 
un palo a través de estos agujeros. Asimismo, puede | durante cinco minutos, y siempre in- - 
espolvorear sal alrededor de la entrada del tiinel y inacienieihs después de pescarlos. 
atraparlas cuando salen a la superficie. | = 
yO ' | | ; “4 4 | al | a | a . EF 3 
OTRAS DELICIAS INVERTEDRADAS COMO PREPARAR UN CANGREJ 





Cuando coja cangrejos, tenga cuidado con 
sus pinzas. Quiza se haga necesario atar las 
pinzas de las especies mas grandes para evitar 
que se peleen y se hieran entre si. Matelos 
sumergiéndolos en agua hirviendo. 


Los caracoles, las babosas y las lombrices 
son comestibles y pueden cogerse al 
amanecer, Mantenga los caracoles y las 
babosas vivos, con una dieta a base de hojas 
verdes durante 24 horas, antes de matarlos 
colocandolos en agua hirviendo. Puede 
hervir los caracoles, pero las babosas saben 
mejor asadas. Remoje las lombrices en agua 
salada durante 24 horas, y después extraiga 
sus partes blandas antes de anadirlas a un 
estofado o de secarlas. 





2 Para abrir el capa- 
razon del cangrejo, in- 
serte la punta del cuchillo 
entre las dos mitades y hagalo 
girar. 


Hormigas colmeneras. Las hormigas col- 
meneras se alimentan de néctar y agua, y cada | 
una de ellas se convierte en un auténtico 
almacén viviente que cuelga del nido. 


Sepetre la 
carne de] 
caparazon 
con un 
cuchillo 














3 Elimine el 
estomago, cualquier 
sustancia verdosa y 

las dos branquias, ya que 
son venenosas. Separe la 


; 7 carne del caparaz6n. 


~~ Rompa las pinzas y sa- 
que los musculos largos con 
el cuchillo. 





1 Un cangrejo debe prepararse con cuidado a 
fin de que todos sus 6rganos venenosos sean 
eliminados. Para preparar un cangrejo para 
comer, arranque primero las patas y las pinzas 
grandes. Todas ellas contienen carne comestible. 
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PECES DE AGUA DULCE 


OS PECES DE agua dulce viven en rios, corrientes y lagos, _las corrientes tierra adentro. Las condiciones y el tamano de 


asi como en los estuarios de los rfos mas arriba de los peces de agua dulce varfan de acuerdo a la cantidad y 
donde el agua dulce se sala y penetra en el mar. Algunas variedad de su alimento, y con las estaciones. Aunque los lagos 
especies recorren los rfos en toda su extension, mientras y algunos rios pueden tener tramos profundos lejos de la 
que algunos peces marinos, principalmente el salm6n, mi- orilla, la mayoria de los peces de agua dulce viven en las 


gran hacia el interior para desovar en la relativa seguridad de aguas relativamente poco profundas de las orillas. 


PECES COMESTIBLES 





La mayorfa de los peces que se encuentran en mas faciles de preparar que otras. Algunos pueden ser peligrosas si se atraganta con 
agua dulce pueden comerse, aunque algunas —_— peces tienen tal cantidad de pequefias espinas __ ellas. A continuaci6n se muestran algunos 
especies tienen un sabor mds agradable,o son que dificultan su preparaciOn; estas espinas ejemplos de peces de agua dulce comestibles. 










Brema (Abramis, Pagellus), La brema 
pertenece ala misma familia que 
los peces de colores de los acuarios, 
Se alimenta en los fondos de los 
rios profundos y lentos en toda 
furopa y Asia, Algunos 
individuos alcanzan 
un tanarho CONnSI- 
Tenca (Tinca), La tenca vive en las aguas derable, 

tranquilas de los tramos bajos de los rfos, antes 

de desembocar en el mar Se encuentra en 

Furopa, Norteamérica y Australia 











Carpa (Cyprinus). La carpa comin crece hasta wnes 

60 cm de longitud y se alimenta en las aguas oscuras 

del fondo de los rios, 0 en la superficie de las 
corrientes y rios. Aunque la leyenda dice que puede 
pivir unos cuantos siglos, 40 afios es una cifra 
mes verosimil, ast que no debe sentirse cul- 

_ pable si pesca un ejemplar grande. 


aya ie 
io 


OTROS PECES COMESTIBLES 


Existen muchas otras especies de 
agua dulce comestibles, en espe- 


Trucha (Oncorhynchus ). La trucha se ase- iy 3 
ae cial en los rios y lagos tropicales. 


meja mucho al salmon (véease pagina 100). | — 
; “ ss conecanciaaer cult Mest aa | Las especies mas comunes en 
La trucha arco tris vive en las co- 


Sotteress ee ee rrientes frescas y limpias, y en los | todo el mundo incluyen el albur 
ees pais iat ee | 8  Jagos de Escandinavia, Norteamérica, | ¥ el cacho (Leuciscus), y el gobio 
: te SA stralasia, Africa e India. (Rutilus). La observacién deter- 
minarad qué especies se alimentan 
en el fondo o en la superficie, y 
la experiencia le dira cudles son 
las mejores para comer. Sin em- 
bargo, tenga cuidado con las es- 
pecies desconocidas. Ante la 
| duda, dselos a la parrilla, elimine 
| la piel y las espinas, y después 
hierva la carne. 


= | 


Escardinio (Scardinus ). E/ escardinio 
vive en aguas tranquilas con vegetacion Wy) ) (6 
sbiisiiiiiaiseaile aque se oculta, eee 5 ne yi i) iy i) j Vt y } ii M hy : " 
Se encuentra en Norteamérica, Europa a | Wy ie AM 7 a 

y Escandinavia, Se alimenta en la ; FAD, b' } F 
superficie, aunque algunos espectmenes 
viejos y grandes a menudo descansan en 
el fondo. 


iy 








PECES DE AGUA DULCE 
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NS 





PECES PELIGROSOS 


Los peces depredadores son mas agresivos 
@ue sus presas, e incluso llegan a comerse a 
os miembros menores de su propia especie. 


Muchos de estos peces tienen aguijones afila- 
dos, que pueden estar conectados a glandulas 
venenosas. La mucosidad de su piel puede ser 


iucio americano (Esox). Este es 
an miembro norteamericano de la 
Samulia de los luctos, y puede 
levar a medir hasta 1m de 
lomgitud. Prefiere las aguas 
manguilas y claras con vege- 
secion, y babita los rfos y corrientes 
gue desembocan en el Atlantico. 
Tiene dientes afilados. 






Tandanus. ln miembro de la familia de los siliros, 
habita en las aguas tranquilas de Australasia \ de la 
region indopactfica, Otros siluros se encuentran en todo 
el mundo. La aleta dorsal o pectoral de 






























en ocasiones en contacto con una 
glandula de venero. Los siluros 
también estan cubiertos por una 
mucosidad venenosa. 


Siluro (\ctalurus). El siluro tiene espinas 
renenosas y esta cuibierto por una mucosidad 
wixica, Debe manipularse con Cuidado y 
eliminar la piel antes de comerlo (véase 
pagina 110). E/ siluro come plantas e insec- 
tos, y se alimenta mayoritariamente en los 
fondos de las corrientes lentas y tranquilas, 
particularmenie en Norteamérica y Europa. 
Es una especie de bagre, y tiene los bigotes 
caracteristicos de esta familia. 





ADVERTENCIA 


Uno vez muerto, o menos que se 
conserve seco, ahumado o en 
escabeche (vease pagina 118), todo 
pescado se convierte en una fuente 


| potencial de intoxicacién debido a la 
proliferacion de bacterias. A menos que 
ie haya dado muerte usted mismo, es 
recomendable no comer ningun 

pescado muerto, independientemente 
de lo fresco que parezca. 


Lucio (Esox). El lucio es un pez solitario y 
agresivo, con dientes muy afilados. En alg UNS 

areas se le conoce camo \obo de rio , 
debido a su apetito poder de destruccién. ; 
ja que llega a pelear y comerse incluso peces de su 

musmo tamano. A pesar de ello, tiene muy buen sabor 
Se encuentra en Europa y Norteamérica, en la 

mayor parte de tipos de agua. 





Lucioperca (Stizostedion). Tiene una gran similitud con 
' OT a i a si sg te a 
ia perca y el lucio, con quienes esta emparentado. Se 


Pi Lat Fae Pie et Se ee 


caracteriza por sus grandes ojos vidriosos, que brilian en 
la oscuridad reflejando la luz que incide sobre ae 
ellos. Se encuentra principalmente en ‘: 
Norteamérica y pertenece a la familia 
de las percas, por lo que tiene un 

sabor agradable. Sin embargo, tiene 
una peligrosa aleta dorsal; por lo tanto, 
tenga cuidado al maniptlarto. 


los siluros puede tener una espina dura, 





t6xica y causar erupciones en la piel. Incluso 
puede hacer que el pescado sea venenoso 
por ingestidn a menos que se elimine la piel. 


OTROS PECES 
PELIGROSOS 


Muchos peces comestibles de 
agua dulce pueden causar heridas 
con sus espinas 0 dientes 
afilados, o bien tener la piel 
revestida de una mucosidad 
venenosa. La conocida pirafia 
(Serrasalmus) de la Sudamérica 
tropical es un ejemplo de pez 
peligroso y voraz, mientras que la 
anguila eléctrica (Electropborias ), 
también originaria de Sudamérica, 
puede herir a una persona con 
una potente descarga eléctrica al 
nadar o vadear las aguas. 


Perca (Perca). La perca es un devorador voraz 
que se desplaza en grandes cardiimenes que 
pueden llegar a mermar la poblacion 


de otros peces de menor tamanio. 
Se encuentra en los rios y 
Corrientes trangitilas \ lentas 
de Europa, Asia, Norteameé- 
rica y Australia. Tiene un 
buen sabor, pero su aleta dorsal 


es muy afilada. 
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PECES DE AGUA SALADA 


( ae REGLA GENERAL, los grandes peces de agua salada grandes pueden llegar a acercarse lo suficiente a la costa | 
viven en los mares profundos, mientras que los grandes __ para ser atrapados con una red 0 una cafia, pero es mas facil 


cardimenes de peces de menor tamano viven en las aguas pescarlos desde un barco mar adentro. Si carece de embar- 
poco profundas cercanas a la costa. Los peces pueden llegar — caci6n, puede vadear las zonas poco profundas de los mares | 
a migrar a grandes distancias en busqueda de alimento, y © estuarios para pescar peces de agua salada, o bien aden- | 
procrear, asediados por multitud de predadores. Los peces trarse en los canales mas profundos cuando baja la marea. 














PECES COMESTIBLES 





En realidad, existen muy pocos peces queno — conservar todos sus aceites naturales y su (véase pagina 117). Sin embargo, deseche la 
puedan comerse. La forma mds adecuada y fragil valor nutricional. Para cocinarlo, piel porque puede estar revestida de una 
saludable de comer pescado es crudo, para preparelo al vapor, a la brasa u horneado mucosidad toxica, o tener espinas peligrosas. 













Salmon (Salmo). El salmon del 
Atlantico, el «rey de los peces», 
recorre grandes distancias rio 
arriba para desovar; es un 
pescado delicado y su carne 
es muyapreciada como 
alimento. Se encuentra en 
Europa, Norteamérica, Australia, 
Nueva Zelanda, Sudameérica y Asia. 


Megalops. Se encuentra en las 

_ pequernas calas, manglares y lagunas, 
ast como en las aguas costeras de 
las reas tropicales y cdlido- ae 
templadas. Tiene — 
escamas grandes y 
recias, y puede 
llegar a ofrecer una — 
Bran resistencia St se pesca. 


——_ ll ; ' 
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OTROS PECES COMESTIBLES | 


El arenque (Clupea) se ha converti- Rodaballo (Scophthalmus). 4 
do en una rareza en las aguas tem- Un pez popular para la 
pladas cercanas a la costa, pero atin mesa, el rodaballo, se 
constituye una captura habitual para | encuentra cerca de las 
los pescadores de todo el mundo. costas en Europa, princi- 
Se mueve en grandes cardtimenes _ palmente en Escandinavia. 
que pueden llegar a pasar cerca de Se puede pescar de forma 
la costa, donde al gunos pue Apel cor | relativamente sencilla util t- 
pescados con red 0 anzuelo. La lu- pioliee iia peces como 
bina (Morone) es un pez delicioso, —_—_ 

de tamafio medio, que puede pes- 
carse con anzuelo de noche cuando 
baja la marea, ya que se acerca a la 
costa para alimentarse. Otros peces 
comunes comestibles, de agua sa- 
lada, son las variadas especies de 
mijol (Mullidae, Muglidae ), timalos 
(Thymallus) y metros (Serranidae ). 


Raya (Raja). La raya pasa la 
mayor parte del dia enterrada 
en la arena 0 en el fango del 
fondo de las aguas del Pacifico 
0 del Alldntico, emergiendo de 
noche para comer moluscos u 
otros peces. Los inditiduos de 
algunas especies pueden 
alcanzar basta 2.4m de 
longitud. 









Attin (Thunnus, Euthynnus). Pez 
depredador que se alimenta de peces 


mas pequenos, vivos o muertos 
Algunas especies pueden 


llegar a alcanzar um 
tamano considera 
ble. El attin se en- 
cuentra en aguas 
templadas o tropicales 
a menudo en grandes 
cardumenes cerca de la cost 








PECES DE AGUA SALADA 10] 





PECES PELIGROSOS 





4 pesar de que los peces de mayor tamafio de comida facil. Es bien sabido que los peces © animales heridos incluso a grandes 
Senden a habitar las aguas mds profundas, las _ tiburones hambrientos llegan hasta las playas distancias. Algunos peces tienen espinas o 
especies grandes y peligrosas también y atacan tanto a animales como a banistas. pias que pueden causar un dolor muy 
satrullan las aguas poco profundas en busca Pueden detectar la sangre y el sonido de los intenso. Otros tienen dientes muy afilados. 


Sanilive 





Acanthocybium. 

Salta y sale del agua cuando ha pic ado el anzuelo, 
por lo que se hace dificil atraparlo. También tiene 
dientes muy afilados: puede ser peligroso incluso en 
tierra. Se encuentra en todo el mundo en las aguas 
Pastinaca (Urolophus, Dasyatis), La pastinaca céilidas y templadas. 

Gene aguifones venenosos ) una cola que 
asemeja un ldtigo. Su picadura puede ser fatal si 
mo se trata adecuadamente. Vive en el Pacifico 
Norte y en aguas tropicales. 





















OTROS PECES PELIGROSOS 


El pez ballesta (Balistidae ), que vive 
en los mares poco profundos y 
tropicales, tiene un Unico aguij6n en 
el abdomen, a semejanza de un 
gatillo. Su carne es venenosa por 
ingesti6n. Tanto el pez piedra 
(Synanceia)scomo el pejesapo 
(Batrachoididae) y \a esc6rpora 0 
pez cebra (Scorpaenidae ), tienen 
aguijones venenosos. El peje arafia 
(Trachinidae ) de las costas europeas 


Caballa (Scomberomorus ). 

La caballa constituye un plato 
excelente, aunque UN POCO Brasoso. 
En primavera se desplaza en grandes 
cardumenes cerca de la costa, donde 
puede pescarse con redes. Sin 
embargo, es un nadador 
rapido, con dientes 
Sa afilados, que ofrece 
FA — gran resistencia s 



















| “Ei. ser capturado. y del occidente de Africa se entierra 
| ¢ Yp Se encuentra en la arena, y sus aguijones pueden 
| , distripuida 


causar un dolor muy intenso. 
mundialmente. 


- ADVERTENCIA 


Cuando pesque con arpon, salga 
del agua tan pronto atrape su 
oresa. El olor de la sangre y las vi- 
braciones causadas por sus mo- 
vimientos atraerdn a los depreda- 
dores. Evite remover mucho el 
agua, ya que los depredadores in- | Pez vela ( Makaira, Tetrapturus ), 
terpretaran estas vibraciones como El pez vela se encuentra en las aguas cdlido-templadas y tropicales. Aunque de sabor agradable, es dificil 
las de un pez herido. de pescar ya que es un nadador rapido y ofrece una gran resistencia una vez pescado. También tiene la 
mandtbula superior fuerte ) afilada. La forma mds adecuada de pescarlo es con curricdn, en la superficie 
oen aguas medias. 


















Barracuda (Sphvyraena). La barracuda 
frene dientes muy afilados y puede llegar a 
atacar @ los banistas. Las especies 
Pequenas, aunque muerden, son 
comestibles, y pueden encontrarse 
en aguas poco profundas. Asimismo, 
salian una vez han picado, y pueden por 


—— ee 
WP = ser dificiles de atrapar. La barrac uaa s se 


Pw ee Pe, eee Ce yo Q_ = = AT eg ok, ay Fo aa | 


Tiburon. Hay cientos de especies de tiburones en todo el rropicales det odo el mundo, 
mundo, muchos de los cuales son agresivos y ofreceran 
una gran resistencia a ser pescados, Algunas 
especies «hacen el muerto» una vez fuera 
del agua, y cogen a los pescadores 
desprevenidos. El tiburén 
leopardo (Triakis) vive en eo. & 
aguas poco profundas e interio- ae 
res a lo lareo de las costas del Pacifico | 
de Norteamérica. 
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EQUIPO DE PESCA 


r \ PESCA ES, en gran medida, cuesti6n de tiempo y partir de hierbas naturales (véase pagina 34), o bien utilice 
L paciencia. Sin un equipo prefabricado y resistente, los el hilo de pescar de su equipo de supervivencia (véase 
peces pueden picar y escaparse. Los peces pueden pescarse = pdgina 28 ). Puede improvisar una cana a partir de una 
con anzuelo, trampas, redes, arpones, 0 incluso puede rama. Tenga cuidado de no romper su equipo improvisado 
capturarlos con las manos (véase pdgina 104). Los anzuelos, cuando los peces piquen, y asegtirese de tener preparado 
cebos y corchos pueden construirse a partir de cualquier algtin método alternativo de pesca (redes ) para cerciorarse 
material tanto natural como artificial. Fabrique un sedal a de que no se le escapa ninguno, 


ANZUELO DE ESPINAS 




























Ate el sedal 
alrededor de 
bia muesca 


Talle una —_ 
MNMESCa 
alrededor 
del tallo Anzuelo 
terminado. 
Uinlicelo para 
pescar peces que 
se traguen la 
carnada eniera, 
como las anguilas 
y los bagres. El 
anzuelo tam- 





— bién puede 

1 Corte una seccién de un tallo de zarza, 2 Con una navaja, talle una muesca en el 3 Ate el sedal alrededor dela en gancharse 

de unos 2,5 cm de longitud, que tenga extremo del tallo para evitar que el sedal muesca en el tallo dando varias oy jas agalias 
una espina grande y fuerte. resbale cuando lo ate alrededor del mismo. vueltas. a hacesae 
OLVOS PeCces. 

UN CLAVO COMO ANZUELO Y UNA PLUMA COMO CEBO 
1 El objetivo de un cebo es 2 Ate una pluma encima del anzuelo | 
simular la carnada, a fin para que acttie como sefiuelo. La pluma, | Cebo 
de atraer al pez y para al simular un insecto, atraera | terminado. 







Asegtirese de 
qtie el anzue- 
lo esta bien 
sujeto al sedal 
para no per- 
derlo cuando 
pique el pez. 


a los peces. Roce la superfi- 
cie del rio o corriente 

con el cebo y después 
sumerja repetidamenye | 
el anzuelo en el agua 
a fin de atraer alos \jss 
peces para que muer- Wy 
dan el anzuelo. | 


que muerda y se 
trague el anzuelo. 
Estudie lo que comen 
los peces en su habi- 
tat y construya un 
cebo adecuado. Para 
construir un anzuelo 
simple, doble un cla- 
vo y atele el sedal. 


UN ESCARAMUJO COMO CORCHO Y UN IMPERDIBLE COMO ANZUELO 


Pase el sedal a Las ramitas funcionan 
través del escaramujo como estabilizadores 





7" ; 
1 Puede emplear materiales 2 Pase el hilo de pescar o un cordel 3 Ate ramas pequenas por encima y 4 Ate el anzuelo (en este 
naturales para construir un corcho. a través del escaramujo. La funci6n por debajo del corcho para que actden caso un imperdible) por 
Si utiliza un escaramujo, agujeréelo del] corcho consiste en mantener el como estabilizadores y para evitar que debajo del corcho a la 
con un cuchillo, un palo afilado, o anzuelo a la profundidad adecuada el corcho se deslice a lo largo del profundidad deseada. 


una espina. para el pez que se pretenda pescar. sedal. 
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CEBO 





=) cebo puede extenderse en la superficie del 
agua, sujetarse a un anzuelo 0 colocarse den- 
=o de una trampa. Los insectos, los frutos pe- 















JUDIAS BLANCAS 


BABOSAS 





A, Ni 3 B) i, ‘ 
LOMBRICES ZANAHORIAS 


quenos, el pan, la carne cruda y los trozos de 
pescado son buenos cebos. La carnada viva 
atrae a los peces con sus movimientos, ya que 






indican que esta herida y que es una comida 
facil. El secreto de una carnada adecuada esta 
en tentar al pez con su dieta habitual. 





CACAHUETES 





PASTA 


ARPON CON TRAMPA 








rama para construir el 
arpon 





1 Este tipo de 
arpon se emplea 
principalmente en 
aguas profundas 
(véase pagina 104 ). 
En primer lugar, 
corte los vdstagos 
laterales para 
obtener una rama 
recta y esbelta. 










1 Haga 
muescas en uno 
de los extremos de 
una rama larga y 
recta para poder atar las 
puntas al arpdn, 





2 Ate firmemente pequefias 
ramas espinosas alrededor del 
astil. Recuerde que tendran que 
soportar parte del peso del 
pescado. 









Arpon terminado. Tenga 
cuidado de no romper las 
puntas contra las rocas o el 
fondo del rio. Es conveniente 
utilizar un Ssalabardo para 
sacar los peces del agua. 





2 Afile el extremo mas grueso de la 
rama hasta lograr una punta afilada 
vy larga. Puede endurecer la punta 
pasandola cuidadosamente entre 
las llamas de un fuego. Talle 
los laterales de la punta para | 
formar una superficie lisa 

a la que atara la rampa 

utilizando una cuerda. 














3 Ate dos ramas resistentes a cada lado 
de la punta del arpo6n para que se 
cierren por encima y mas alla de ese 
punto, a fin de dificultar la liberacién 
del pez atrapado. Estas ramas se 
mantienen separadas por medio 
de un palo recto que se solta- 
ra al empujarlo, permitiendo 
que ambas ramas se 
clerren con una pinza. 


Afile el arpon 
hasta conseguir 
una punta ler- 
ga y afilada 


Las ramas a ambos 


lados dela punta del 
arpon evitan que 
el pez se escape 


TOME PRECAUCIONES AL PESCAR 


Tenga mucho cuidado al utilizar equipos de pesca improvisados, 
ya que pueden romperse con facilidad y hacerle perder la presa, 
o el equilibrio. Si cae al agua, ademas del riesgo de ahogarse, 
puede contraer neumonia 0 alguna infecci6n transmitida por el 
agua (véase pagina 75). No entre en un rio turbio sin una rama 
como Soporte que a su vez le sirva para tantear el terreno. 
Recuerde que otros animales —entre ellos los depredadores— 
pueden encontrarse pescando o bebiendo en las inmediaciones 


A la caza del pescador. Busque las huellas de 
los animales que se dirigen a beber. ) asegiirese 
de no convertirse en el cebo paraun = 
depredador. 







oe, 
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| ECNICAS DE PESCA 
y ARA UN PESCADOR deportivo moderno, estas técnicas pescarlos. Cuando utilice un equipo de pesca improvisado, 
tradicionales pueden parecer muy rudimentarias. Sin tenga cuidado de no romperlo o perderlo, y piense siempre 


embargo, el éxito del pescador y el suyo propio dependen, primero en su propia seguridad, Las técnicas descritas aqui 
no del equipo, sino del conocimiento de la presa. Tomese el —_ pueden utilizarse en rios y en corrientes de agua dulce o 
tiempo necesario para observar donde van los peces durante _ salada. Algunas de estas técnicas son ilegales en muchos 


las distintas horas del dia, cuando y dénde se alimentan, y lugares del mundo, y tinicamente debe emplearlas si se 
qué comen. A continuaciOn, disene la estrategia para encuentra en una situacion de vida 0 muerte. 


EL EMPLEO DE ANZUELOS Y SEDALES 






Sedal multiple, Cuaiiros 
mds anzuelos tenga en el 
agua, Mayores seran SUS 
posibilidades de pescar: 
Con este método, los peces 
picardn mas rapidamente 
que con un solo anzuelo. 
litilice este método tinica- 
mente en una situacion de 
supervivencia, Va sea en 
agua dulce o en una ense- 
er") nada de agua salada. 





Cuando el pez p Laden 
lirara con fuerza 

del sedal y soltara 

la ramet del soporte 


PESCA EN EL HIELO 


Con una sierra 0 cuchillo para hielo, corte un pequefio agujero en el hielo, 
cerca de la orilla, a fin de comprobar que tenga como minimo 5 cm de 
espesor y para poder soportar su peso. Corte un agujero de unos 30 cm de 
diametro, Procure no romper el hielo porque podria ceder y provocar su 








SS intediata cafda al agua. Ate el sedal a dos palos en forma de cruz a los 
que previamente habra atado una bandera. 
Anzuelo con cebo. El pez ba 
Ate el sedal a une picado. Si la 
dala ) bandera para evitar ‘i handera esta en 

Sedal autonor ee, Un sedal de Ese HPO | “eajener que sacarlo Se posicion vertical 
verd desplazado del soporte que lo sujeta y la algun pez ba P algtin pez ba 
catia volvera a extenderse; el anzuelo se clavara mordico el ceho. picaedo. 


entonces en la boca del pez. 


-_ . | | | PESCA CON ARPON 
PESCA MANUAL — ae 





Arpon con trampa,. [ste 
lipo de arpon atrapa al pez 
Cn Su Inferior, evltanda que 
Ss? escape. 






El empleo del arpon. La pesca 


CON grpon requiere tiempo ¥ 
MUCHA PACICTICIA. Lega” 


cuidado de no romper sus 
arpones contra las rocas 0 el 
fondo del rio. Si mantiene la 
punta del arpén en el agua, 
evitara las salpicaduras. Aseste 
el solpe rapidamente una vez 
haya divisado la posible presa. 





1 Este método es ilegal en la mayoria 2 Deslice lentamente sus 

de los paises. Es mas adecuado para = manos por debajo de un pez 
las aguas resguardadas. Tantee a lo lar- que permanezca quieto. Coja 
go de la orilla con las palmas de las el pez rapidamente y lancelo 
manos extendidas hacia arriba. a tierra. 
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COMO SACAR LOS PECES DEL AGUA 








2 Proceda lenta- 
mente a sacar el pez 
del agua. Utilice la 

red tan pronto le sea 
posible para liberar 

el peso de la cafia; 
entre en el agua si es 
necesario. No se 

deje llevar ni por su 
entusiasmo ni por la 
corriente. Su seguri- 
dad debe prevalecer 
por encima de todo. | 


EL EMPLEO DE UN GARFIO 





Garfio. Como alternati- 
va al empleo de una red. 
sague el pescado con un 
garfio. No levante la 
pieza en el aire 





Tire hacia 
arriba para 
fijar el anzuelo 








t Una vez el pez ha picado, tire 
m fuerza de la cafia hacia arriba. 
ega cuidado de no romper su 
=saipo. en especial al acercar el pez a” | 
p ia orilla. 


Fl garfio construide 
con un tenedorsujeta | 
el pescado 








im regalo escondido. Encontrara peces en cualquier lugar donde puedan 
eimertarse sin sentirse insegturos, este varia sestin la especie, el medio y la bora del 
a las aguas muertas (cuando un rio se inunda ), las orillas salientes, los troncos 

mandes y las rocas ofrecen buenos refiigios, y en dias cdlidos y soleados, los peces 

sscardan el agua bajo la sombra o los lugares mds profundos. Si el clima es frto, 

sasgue los peces en aguas poco profiundas, por ejemplo en las orillas de un lago, 
una zona calentada por el sol. 


























Los arboies que 
sobresalen crean 
ronas de sombra 
donde los peces 
descansan en los 


Un drboal catdo 


‘a ofrece un buen 


mitos modados rio 


Bee meas Ey i refugio =» , alas caiidos 
mnadacion, compruebe ie = ’ 
X23 


seem. o /os recodos 
iores, donde ef rio 
mas lentamente 
Compruehe las 
orillas socavadas 
por el rfo. Haégalo 
en stienctio sin 
mrdectrirr ine 


peces 


com pruebe leas we 
zonas de vepetaciOn 


flotante 
Los peces pueden encontrarse —~ 

descansandoe en aguas 

franguilas, en la parte que da 

rfo abajo de las sraveras, 

donde el agua rdpida se 

arremolina para formar un pozo 


\ Las burbujas u ondas en 
la stiperficie del agua 
indican que bay peces 
comiendo 





| LC—Ee—eeeee 


Department of Communications and the Arts October 2017 





Massive machine type communications (mMTC) 


As 5G networks mature, they will support the widespread and dense deployment of sensors and other 
network-connected devices by significantly reducing their power requirements and providing flexible 
coverage across different spectrum bands. This proliferation of the Internet of Things (loT) across 
industries is expected to produce significant productivity benefits and support integration between 
sectors. 





Supporting productivity and innovation 


The term Industry 4.0 describes the next step in the advancement of the manufacturing sector (the 
‘fourth industrial revolution’). Industry 4.0 introduces autonomous systems supported by a 
combination of technologies such as IoT, artificial intelligence, continued technological improvements 
and digitalisation in manufacturing. 


Australia stands to benefit from Industry 4.0, given our world-class manufacturing sector, which 
includes several high-value industries such as medical technology and aerospace. Australian 
manufacturers can improve their productivity and international competitiveness through Industry 4.0 
processes by supporting their participation in global value chains. This is of particular benefit to SME 
manufacturers, opening them up to new markets and opportunities. 5G can support Industry 4.0, by 
providing communications infrastructure that is more accessible and flexible to suit specific industry 
needs. 


5G can enable innovation in other sectors such as agriculture. A challenge for Australia’s agricultural 
sector is identifying how to improve productivity while balancing environmental and commercial 
constraints. Precision agriculture, which focuses on improving yields and minimising economic risks, 
seeks to provide more control in the management of agricultural production. While precision 
agriculture requires a range of enablers—including data analysis, sensor networks and geographical 
information systems—5G can provide the supporting infrastructure for these technologies. 











Critical communications 


Low latency and ‘ultra-reliable’ communications networks will support the delivery of critical 
communications, i.e. to support public safety use and playing role in the technology ecosystem 
supporting autonomous vehicles. In addition to automation, critical communications will also help to 
support technological advancement in areas including robotics and artificial intelligence. 





The social benefits from autonomous vehicles 


5G networks are expected to play a role in the technology ecosystem supporting the development of 
autonomous vehicles, which will enable a number of social benefits for transportation. Traffic 
congestion, which is estimated to cost Australia $53 billion by 2031,? could be proactively reduced by 
smart city traffic management systems that are informed by machine-to-machine communications with 
autonomous vehicles. 


Improved road safety is also expected to be a key outcome of autonomous vehicles, as the majority of 
car accidents involve human error. In the 12 months to July 2017, there were 1,235 deaths on 
Australian roads with road trauma costing the Australian community an estimated $27 billion annually.? 
Autonomous vehicles can have a valuable role not just in terms of financial savings, but in saving human 
lives. 











? Infrastructure Australia, 2015, ‘Australian Infrastructure Audit’. 
3 Bureau of Infrastructure, Transport and Regional Economics, August 2017, ‘Road deaths—monthly bulletins’. 
www.communications.gov.au 
5G—Enabling the future economy www.arts.gov.au Page 4 of 12 
www.Cclassification.gov.au 
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REDES Y TRAMPAS DE PESCA 


car una red con ropa que no necesite. Las trampas pueden 
construirse a partir de ramas y cuerdas, pueden tejerse con 
hierbas resistentes, e incluso improvisarlas a partir de 
materiales fabricados por el hombre, como las botellas. 

E] equipo improvisado Unicamente debe usarse en caso de 
emergencia (véase pdgina 108 ). 


K N UNA SITUACION de supervivencia, las redes y trampas 
de pesca son mas efectivas que los anzuelos y los 
sedales sencillamente porque no requieren una atencién 
continua. Las redes pueden fabricarse a partir de cordeles, 
cuerdas o fibras naturales (véase pagina 34 ), utilizando 
ramas de arboles j6venes como asas. También puede fabri- 


CONSTRUCCION DE UN SALABARDO 





CON CUERDAS 


1 Ate los extremos de las ramas de un arb 
joven para formar un circulo, 
























CON UNA CAMISETA 


1 Pase las ramas de un arbol joven a través 
del dobladillo de una camiseta, haciendo 
dos pequenas aberturas en la costura. 






2 Cuando las ramas 
se encuentren, haga 
una nueva abertura 
en la camiseta en 
este punto Vy pase 
ambas ramas a 
través de ella. Ate 
ambos extremos 
entre si utilizando 
una cuerda,y 
vuelvalos a 
introducir en e! 


dobladillo 





2 Ate uno de los cabos de la cuerda 
en el circulo. Ate el otro cabo en e! 
lado opuesto del circulo formando 
arOs. 





3 Ate la 
camiseta por 
encima de las 
mangas y el 
Cuello. Puede 
cortar la tela 
debajo del nudo, 
o bien invertir la 
red para que el 
exceso de tela 
no se arrastre en 
el agua cuando 
la utilice. 





3 Entreteja mas cuerdas entre los 
aros que cuelgan del circulo 
formado por las ramas, hasta formar 
una red. 


CONFECCION DE UNA RED VERTICAL (PARA PESCA POR ENMALLE) 


Las redes verticales (para pesca por 
enmalle ) nana ser de cualquier 
tamano. Ate una soga entre dos 
Arboles y anude los cabos de 
varios cordeles a intervalos 

. regulares a lo largo de la misma 
—% Mantenga estos cordeles tensos 


La soga mantiene las cuerdas se 
sujeta la parte sit- 


perior de la red . 


anudan seaun se 
muestra en ei 
dibujo 


me 
—. 













| 
| | | | 
At i | "© atando sus cabos inferiores a una 
‘ q rT ” 4 ‘ = Bey sh a = — 
7 Se poate eee DT rama. Entreteja mas bramantes 
+ sa T ¥ 4 hho td eb hh ] 444 tt 6 oe ba ae #e 7 
1 t Pi + a a ‘ . - xp el ro ort 
i Os te ee ins os ce a eee ene: | | cnt wy Cucrids Cagaites, rani 
=m RRateeweepers saessaas: een gebrstine, do un nudo alrededor de cada una para 
| 4% Se ee Ben tn otrathea | mah Path i a | nrarerrgrcucsntiine’ 
:T | j! re pe te ; wee WSS: jugs ee Hk Seer Tones: asegurar la malla. Puede ajustar e! 
AA pA pe PTT Te ane To J, tamano de malla al tipo de pez que 
i . | pretenda pescar. Una vez terminada la 


red, cértela para liberarla de la soga y 
de la rama. 
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— — a —_ ieeeninereeeeeneeeneeeennieeeen 
ie 7 | AF 


CONSTRUCCION DE UNA NASA 









yw 
q = oe f } 
El aro refuerza las /} 
barras de la nase / ] 
\ las manitiene —_— 
separadas —_ ie 
= — = ee =< 
aa i 
A Re 

















ee 





3 Inserte el aro en la gavilla 
de ramas, espaciando y atando 
dichas ramas alrededor del aro 
a fin de formar las barras 
verticales de la nasa. 


2 Forme un aro atando 
los extremos de una 
rama joven. 


1 La nasa puede utilizarse en 
an fio O en una cala sujeta al 
efecto de la marea. Ate una 
zavilla de ramas o arboles 
Svenes por sus extremos mas 
Sruesos. 








4 Forme un segundo aro en 
el extremo Opuesto para 
construir la camara de 1a 
trampa. Puede hacer la tram- 
pa tan larga v ancha como 
desee, 


OTRAS TRAMPAS 
























Trampa para can- 
i me ee orejos. Esia trampa 
r.4V48 mre es muy sencilla de cons- 
wo aa La A ruir A te varias ramas 
: Ay, entre st para formar 
una caja. Ajuste el 
famano de la caja a 
la especie que pretenda 
capturar La puerta 
de la trampa tinica- 
mente se abre hacia aden- 
iro, para evitar que la presa 
escape. Coloque un cebo en la 
: frampa y ldstrela con una roca 
para que Seen ‘manezca en el fondo del rfo 0 del mar, Coloque 
la trampa en mares poco profundos para pescar cangrejos 
y langostas, 0 en aguas dulces para pescar cangrejos de rio. 






5 Para couswulr la citrada de la 
trampa encaje dos aros, uno grande 
y uno pequeno, sobre un manojo 
dé ramas en forma de embudo, con 
una salida ancha. 






























6 Invierta el embudo en el 
extremo abierto de la nasa 

y atelo en esta posicion. 
Comience a entretejer cuerdas 
alrededor de las barras para 
construir los laterales de la nasa. 


Entretefa (08 jf 
cordeles entre 
las ramas para 
jormiar una 
malta 


Trampa con botella. Corte la parte superior de una botella 
de plastico, (rviértala e insértela en la base. Los peces 
entraran en la botella para comer el cebo colocado en el 
fondo, pero no podran encontrar la salida. Coloque ta 
trampa en la corriente y compruébela a intervalos regulares, 





















Z 7 Rellene los laterales de la 
a nasa con cordeles, Los peces 
entraran en la trampa pero no 
podran salir (véase pagina 109 ). 
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ENCONTRAR Y PREPARAR ALIMENTOS 


EL EMPLEO DE REDES Y TRAMPAS DE PESCA 


tiempo, o bien utilizarse como redes de arrastre. Los peces 


pP UEDE DEJAR UN sedal con anzuelo durante toda una 
noche, pero a menos que lo compruebe al rayar el alba 
del dia siguiente, cualquier pez que haya picado habra sido 
engullido por un pez mayor, 0 se habra soltado, A diferencia 
de los anzuelos, las trampas pueden dejarse puestas durante 
varios dias. Las redes no deben utilizarse de la misma 
manera: deben colocarse durante un perfodo corto de 


Los peces se ven 

forzados a seguir el 
canal abierto y que- 
dan atrapados en la 
red vertical . 


F i 
ay aclenecuces: : TH " 
dp we : tH feat = 
H = Lid 4 , 
| ~~ im sh ry 
is T 


1k ae 





1 En una situaci6n de 
supervivencia puede 
que tenga que cons- 
truir un dique en un 
rio a fin de pescar la 
suficiente cantidad de 
peces como para 
preparar conservas 


para el invierno. Cons- 


truya una pared con 
rocas en el centro de 
una corriente, esco- 
giendo un recodo, 
donde el agua fluye 
mds lentamente. 
Consiruya tna 
pared que baga 
dngulo con la 
corriente 





de cualquier tamafio pueden quedarse atrapados en una red 
vertical, y si la deja extendida a lo ancho de un rio, puede 
matar o herir a cualquier especie. Por esta raz6n, las redes 
verticales son ilegales en muchas partes del mundo. Estas 
redes inicamente deben emplearse en una situaci6n de 
supervivencia en caso de emergencia. 





EL EMPLEO DE REDES VERTICALES 


2 Clave tres postes 
s6lidos en el lecho del 
rio separados unos 

30 cm entre si. Colé- 
quelos en diagonal 
para que el agua no 
derribe la pared de 
troncos una vez termi- 
nada, Coloque un par 
de troncos contra los 
postes en el lado supe- 
rior de la corriente. 
Clave otros tres postes 
como retencion, Des- 
pués anada mas tron- 
cos para construir la 
pared, 


MANGA DE PESCAR 


Una persona toma el extremo de la red, lo 
coloca sobre sus hombros y se adentra en el 
agua, mientras la otra permanece en la orilla. 
La primera persona camina hasta estirar la red 
y después describe una curva volviendo hacia 
la playa. Al llegar a la orilla, cualquier pez 
dentro de los limites de la red quedara 
atrapado, La red se lleva entonces a la playa 

y se recogen los peces. 


Pesca en la playa. Dos personas pueden pes- 
car cardtimenes enteros de peces en las aguas 
poco profundas utilizando una red grande. 


red, Cuando dé por finalizada la pesca, retire 
la red v los postes horizontales de la pared 
para no atrapar o herir peces sin necesidad. 


3 Clave dos postes a cada lado del canal cerca 
de la pared y ate a ellos su red vertical (véase 
pagina 106). La presa forzara a los peces a 

seguir por el canal y quedardn atrapados en la 
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Los peces 
quedan 
alrapados al 
bajar la 
marea 






Trampa de una sola 
pared. En una cala sujeta 

a mareas, puede construtr una pared 
de rocas grandes cerca de la orilla, dandole una forma curva. Cuando la 
marea baja, los peces quedan atrapados en la pequetia charca que se 
erea entre la pared y la orilla. En una playa, si no bay una orilla o un 
arrecife, puede seguir el mismo principto, pero debe construir un circulo 
completo. Cualquier hueco entre las rocas grandes puede taparse con 
piedras pequerias para evitar que los peces se escapen. 


Trampa de doble pared. Conistruya dos paredes 

con rocas en forma de embudo, con la salida corrienie 
abajo. Los peces que naden corriente abajo se dejaran guiar por las 
paredes hacia el embudo. Coloque su trampa o red en la angostura que 
forman las dos paredes (véase pagina 106). 


EL EMPLEO DEL SALABARDO 





1 A los peces les desagrada el agua lodosa, 
ya que dificulta la respiraci6n al disminuir el 
nivel de oxigeno. 
Remueva el lodo 


2 Utilice la red lenta y cuidadosamente, pero una 
vez que el pez este dentro, levantela rapidamente 
del agua, y cierre la parte superior de la red, como 
si de una bolsa se tratara, para evitar que el pez salte 













Tenga la red pre- 
parada para 
pescar los y, 


del fondo de un 

lago con sus pies. 

: Los peces se 

v acercaran a la 
superficie para 

f respirar, 


Remueta el lado 


— del fondo con los 
pies 


EL EMPLEO DE REDES CON CEBO 





Algunos peces pueden pescarse 
con una red con cebo. Utilice una 
red fabricada con una camiseta 
(véase pdgina 106), 0 
confeccione una con 
un calcetin. Pase una 
rama bifida a través 

del dobladillo del cal- 
cetin, que le servira de 
asa. Coloque excremen- 
tos o despojos de 
pescado como cebo, y 
muévala en el agua. 







Cebo para anguilas. 
Las anguilas se sienten 
atratdas hacia una 
red con despojos oO Pao oe a a ere i 
excrementos animales. 









fuera. 


Los peces que se 
asomen a la 
superficie pueden 
atraparse con la 
rea 


PUNTOS QUE DEBE TENER EN CUENTA AL PESCAR 


m EF! agua siempre es peligrosa, fluya de forma rapida o lenta, sea 
poco o muy profunda. Incluso una caida sobre las rocas htimedas 
puede ser fatal. 

® Considere concienzudamente todos los'aspectos sobre su técnica 
de pesca, intentando imaginar los peligros antes de que ocurra un 
accidente; tome siempre las precauciones necesarias. 

® Los peces tienen tendencia a volver al agua. Piense cémo llevara 
los peces a tierra una vez los ha pescado. 

® Los peligros submarinos varian desde las algas en las que puede 
enredarse, © las criaturas peligrosas como los cocodrilos, hasta los 
pozos profundos y las fuertes corrientes. No entre en un tio 0 
corriente si puede evitarlo, aun si puede ver el fondo. 

= Nunca salte al agua, y menos de cabeza. El reconocimiento de la 
zona resulta vital antes de tomar un bafio con fines recreativos. 

= Tenga mucho cuidado al utilizar equipos improvisados de pesca 
como el arpén, ya que podria romperse y hacerle caer al agua. 
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PREPARAR Y COCINAR EL PESCADO 


SS DESPUES DE llevar un pez a tietra, matelo 
asestandole un golpe seco en la parte posterior de la 
cabeza, utilizando un palo o una piedra. Debe limpiar, coci- 
nar y comer el pescado lo mas pronto posible, o bien 
conservarlo para su posterior consumo (véase pagina 118 ). 
En los climas cdlidos, basta una corta exposici6n al sol para 
que el pescado se estropee, ya que su piel htmeda es un 
excelente foco de cultivo para las bacterias y las moscas. 
Una vez descamado, desollado, cortado y limpio es menos 


COMO LIMPIAR EL PESCADO 


probable que se descomponga. En los climas frios, puede 
esperar entre seis y doce horas antes de limpiar y cortar el 
pescado, lo cual permitira que todas las terminales nerviosas 
mueran, y que el proceso sea mucho mas sencillo que con 
una pesca reciente. Las espinas, piel y cabeza del pescado 
pueden ser hervidas en agua para hacer un caldo —siempre 
y cuando lo haga inmediatamente. Debe darse al caldo el 
mismo tratamiento que al pescado sin conservar: mantén- 
galo fresco y constimalo tan pronto como sea posible. 








La limpieza elimina las partes del pescado 
con mayor tendencia a la descomposicién, 
dejando la mayor parte de carne posible. 
Ademas, el pescado puede alojar en sus 





<1 La mayoria de los 
siege pescades no necesitan ser 

> desollados antes de cocinarse, 
Sin embargo, deben eliminarse las 
escamas. Raspe las escamas desde la cola hacia 
la cabeza con el cuchillo, deslizando el cuchillo 
en direcci6n opuesta a su propio cuerpo. 






ni perfore los 6rganos 
internos. 
Corte la cabeza y 
utilicela para 
hacer calda 





A : 


Organos internos sustancias contaminantes. 
Por ejemplo, los metales pesados como el 
mercurio, presentes en el mar en pequenas 
cantidades, se concentran en el higado y 







2 Inserte la punta de un 
cuchillo afilado en el orificio 
anal, Tenga cuidado de cortar —- 
Unicamente la parte ventral 
externa, abriendo el pescado 
justo hasta las agallas. No corte 
los musculos de la cola 





pueden resultar mortales para los hombres si 
se consumen en grandes cantidades. Las sus- 
tancias peligrosas no tenden a acumularse, 

por lo general, en los musculos del pescado. 








Utilice ee 
unicamente la 
punta del cuchillo 


Tenga cutdado de 
no cortar los 
miisculos de la 
cola 






" 






~ Va 3 Saque los Grganos internos con 
K \ cuidado. Extienda el pescado para \ 
aa comprobar que ha eliminado todos sus “~ 
a, Organos. Guarde las huevas (huevos en las 
| hembras, o lechaza en los machos) para comer, 
Y después lave el pescado por dentro y por 
herd, 


ie 
1 
+ 


COMO DESOLLAR EL PESCADO 


No todas las especies de pescado necesitan 

| ser desolladas antes de comerse, en 
particular las mas pequefias. Sin embargo, 
algunos peces segregan en su piel 
mucosidades urticantes O venenosas. Otros, 
como los bagres o los tiburones, tienen 
pieles muy duras. Es pues recomendable 

| eliminar y desechar la piel antes de comer 

| el pescado. 





Saque las espinas 


xy 5 Separe la cabeza de la espina de 
la carne con la punta de su cuchillo. 
4 Corte la cabeza, la cola y las aletas. Abra el Después, despacio pero con firmeza, separe 
pescado y separe las espinas de la carne con la 
punta del cuchillo. Puede ser mds facil eliminar 
las espinas una vez el pescado esté cocido. 


espinas no salen bien limpias, tendra que 
limpiar la carne de ellas con el cuchillo.' 


las espinas de la carne en una sola pieza. Si las” 


Como desollar un filete. 
Separe la piel de la carne 
Sujétela con una mano 

y separe la carne dela piel | 
con el cuchillo con un | a 
movimiento de vaiven, 
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COMO ESPETAR EL PESCADO PARA COCINARLO 


&s recomendable comer el pescado inmedia- proporcionan el pescado con mejor sabor. espeton (véase pagina 116 ). Los peces grandes 
“eumente después de ser pescado, Los métodos _ El pescado no requiere mucha coccion. Aselo —_ pueden frefrse en una sartén, 0 cocerse al vapor 
exis sencillos y rapidos de coccién son los que sobre un fuego de ascuas o empalelo en un o en un horno de barro (véase pagina 117 }. 


9 Abra el pescado limpio, y 
_emsarte dos palos delgados 
_ @emno soporte a lo largo de 
@mbos extremos. La ma- 
ema verde no se que- 

mmari con tanta faci- 

tetad. No utilice 


COMO COCINAR PESCADOS PEQUENOS 













Fria 0 ase los pescados pequenos enteros 
sin limpiarlos —no es necesario limpiar 
cualquier pieza de menos de 15 cm de 
longitud. Una vez limpios, clavelos en un 












madera con gran - Ate la rama wet palo verde y aselos sobre las ascuas 0 en 
ee ‘\ | sha i. una sartén, No elimine las cabezas y colas, 
& pc el pescado . 
peer’ P B ya que ayudan a conservar el 
ehisporrotear. 


pescado entero. 










2 Parta una rama 












joven longitudinalmente 4 3 Ate la rama 
asta la mitad. Inserte oe dividida para evitar 
| @ pescado limpio en la _ que el calor del fuego , 
_ Sendidura y extiéndalo, la separe del todo. Pescado espetado. 
separando ligeramente | Clave la rama en Limpie los pescados 
ls parte central del ' Angulo con el suelo pequenios, pero no 
Sete para que se i @ para que se incline elimine las cabezas \ colas. 7 
eweza uniforme- = sobre las brasas de un fuego. El pescado Clave los pescados en un- 
menie. estara cocido cuando la carne parezca palo. Después, sosténgalos , 
x separarse. sobre wn fitego. 
COMO DESOLLAR UNA ANGUILA 
Las anguilas constituyen un plato excelente, cosa y escurridiza hacen que el desollarlas sea Limpie una anguila utilizando el metodo 
sero deben destriparse, desollarse y limpiarse — muy dificil, a menos que efectie esta opera: mostrado en la pagina anterior y desollela 
entes de cocinarlas. Su longitud y su piel vis-  ci6n inmediatamente después de pescarlas. como sé muestra a continuacion. 


3 Scparc la parte 
superior de la piel de 
la carne. Después, con 
un movimiento firme 
v constante, deslice la piel 
hacia abajo, en direcci6n a la 
cola. Es muy probable que 
tenga que usar ambas manos. 


Z sujete fa angufla 

con un trapo y corte 

la piel alrededor 

de la cabeza. (Aun- 
que la anguila este 
muerta, atin puede 
llegar a moverse. ) 














(tilizando ambas 
manos, estire la ptel 
hacia abajo 





1 Pase un palo resistente a través 

& las agallas de la anguila, detras 

éel craneo. Apoye este palo entre 
otros dos, verticales y bifidos. 





4 Elimine la piel y quite la 
anguila del palo que la sujetaba, 
Corte la cabeza y la parte final 
de la cola, 


5 Sujetando la 
anguila con un 
trapo, recorra 
YF con un cuchillo afi- 
lado la columna verte- 
bral de forma paralela a 
la superficie sobre la cual 







Te ts cuidado ah | 
Corte la de ho cortar a tiene apoyada la anguila. 
cabeza de la través de las No: corte demasiado cerca 


anguilla costillas de la columna. 














UTENSILIOS DE COCINA 


OS UTENSILIOS BASICOS de cocina en un campa- 
mento son un cazo, una cocina oO fuego 


donde guisar los alimentos, y una cuchara 
de madera. Al cocinar, tanto el cazo como 
la cocina o el fuego deben protegerse 

del viento, y es recomendable que el 

cazo disponga de una tapa. De esta 
manera economizara en combustible. La 


higiene y el orden al cocinar resultan funda- 
mentales, Lave sus manos como primer paso, y 
después saque de su mochila Unicamente lo indis- 





pensable para preparar la comida. La mayoria de los 
alimentos para mochileros es preferible cocinar- 
la y comerla en un solo guiso, preparada | 
con mucha agua y en un mismo cazo. 
Los mochileros experimentados tienden 
a mezclar la fruta, el postre y los platos 
* principales. De esta manera ahorran 
combustible y lavan menos platos. 












Cocina al aire libre. Mantenga la cocina resguardada 
del viento y asegtirese de que no pueda volcar. Tenga cut- 
dado de no tocar un cazo caliente con las manos desnudas. 


CAZOS Y SARTENES— 





Si come directamente de un cazo, en especial si cocina en un 
fuego al aire libre, el riesgo de quemarse los dedos, los labios, 
la boca o la lengua es mayor. El empleo de vasos y 
platos de plastico evita este riesgo. Resulta 
innecesario cargar con una gran cantidad de 
recipientes para cocinar, a menos que viaje con un 
grupo numeroso o en un vehiculo, Elija el tipo de 


cazo que utilizaré con mayor frecuencia, y cuide 
de él. 


CUBIERTOS 


Recuerde que los cubiertos deben ser 
de uso particular y que debe 
mantenerlos escrupulosamente limpios. 
Los cubiertos sucios pueden provocar 
tilceras bucales y otras infecciones. Para 
limpiarlos, sumérjalos en agua hirviendo 
siempre que sea posible. Si pierde o 
rompe su cuchillo, tenedor o cuchara, 
puede tallar uno nuevo en madera 
(véase pagina siguiente ). Puede 
improvisar los cubiertos y la vajilla a 
partir de ramas, corteza, hongos de 
arbol y huesos. 


TENEDOR CUCHILLO CUCHARILLA 


= - 
. 

2-2 

{= 


ESTUCHE PARA CUBIERTOS 











Tazon. Un tazon de 
plastico resistente es 
de gran ulilidad. Debe 
fener asimismo un asa 





Escudilla. Una escudilla 
puede utilizarse para comer 
los cereales del desayuno, 
unas gachas 0 un estofado. 


Plato. Un plato permite separar 
una porcion de comida 
mientras el resto se mantiene 
caliente dentro del cazo. 


resisiente. 





Hervidor. Un bervidor de 
poco peso le permite 


Sartén antiadherente 
bonda, (na sartén bonda 
es de utilidad al cocinar “~~ utilizar el resto de sus 
para mds de una o dos ky recipientes para cocinar, 

personas. £ "4 yno para calentar el 
eo agua para las bebidas 
callentes, 


Sartén antiadherente plana. 
Una sartén antiadherente es de gran 
ayuda en un campamento, pero 
tenga Cuidado de no danar la capa 
que la rectutbre, ya que entonces los 
alimentos se pegarian. 





Cazo de aluminio. Los o=@ 
de aluminio calientan @ 
comida rdpidamente, pe 
pueden quemar los alimeam™ 
no se vigilan continuame 


Sdrtén. ‘Se pueden encontrar 

sartenes ligeras especiales para 

campamentos. Ternga cuidado 
de no quemarlas. 


Juego de cazos. ln juego de 
cazos de buena calidad tiene 
poco peso y contiene un 
conjunto de CaZOs, y en 
ocasiones incluso un bervidor. 
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Moldee ralios de’ 
arcilla con las 







Mantenga ——— Rellene los - 





BEE las paredes huecos entre los 
verticales rollos con arcilla 
bumeda 
t Moldee una base circular que deberd ser 2 Construya las paredes del 3 Suavice la boca del recipiente 4 Alise el recipiente con agua. 
mis gruesa que las paredes para dar recipiente con rollos de arcilla con el pulgar una vez obtenga la Una vez esté seco, pongalo al 
sesistencia y estabilidad al recipiente. previamente moldeados. altura deseada. fuego para que se endurezca. 


COMO TALLAR UNA CUCHARA DE MADERA 











Uilice un cuchillo 
para eliminar 
cualquier astilia 
sobresatiente 













La paleta de la 
cuchara debe 
ser to sufictente- 
mente estrecha 
. como para 
eaber en Sid 


Comience por 
tallar la forma de 
la cuchara enun 
extremo de la 






3 La talla de la paleta es 





idera : EAI ae 
— ‘ la parte mas dificil. Tenga 
cuidado de no dejar la 
- = : : ae vg ge tangs ; Ror AC “aC masiac "y : ‘ 
| Sorte un trozo de madera de grano 2 Corte siempre en direcci6n opuesta a su madera demasiado fina 
a cer ait came aha ec mpnpnarar trumpenergnatith ie wenysitt Recurtiboces Weer osama co¥t para evitar que se rom- 
ime y comience por tallarla en el sentido cuerpo para evitar accidentes. La cuchara debe es aa ‘es 
° by Stee, Eedeus tive-wamdsene : “2 Fo tccemaceepin-mmeansieouenweoiteh canascirea ie pa. Elimine cualquier 
, ‘meitudinal de la fibra. Evite las maderas ser lo suficientemente pequena como para caber astille 
sesinosas, ya que se rompen con facilidad. en su boca; en cambio, un mango estrecho no cians 


es tan importante. 


COMO CONSTRUIR UN CUENCO DE MADERA oe _ 
CAZOS Y SARTENES IMPROVISADOS 


Cazo de lata. Constriya un 
Cazo atando un asa de 
cuerda 0 adlambre a una lata 
vacia. Tenga cuidado de man- 
tener el cazo por encima de 
las llamas del fuego, para 

. evitar que el asa de cuerda 

| | sé queiie. 












2 Retire el carbon de la made 
quemada con el cuchillo, y vuelva 


a aplicar las brasas, soplando suave- \ | 
mente para quemar en el lugar B = 

ete par Be 2 | 

adecuado. ; 2 ! 












. 





a 
ra 


a ia 
¥ 
x 





’ Sartén de lata de 
ae, *% sardinas. Ate und 
/ ~—slata de sardinas 
vacia a una rama 
Vif verde, empeur- 
do un cordel natural o 
artificial. Utilicela tinica- 
menie sobre un fuego lento, 
a pesar de que el mango de 
madera verde soportara mucho 
calor anles de quemarse. 


? Talle un cuenco a partir de un é. 
Sloque © un nudo de madera. 

Los nudos de madera pueden ser 
extremadamente duros, por lo que 
eequerird largo tiempo nara tallarlos. 
El empleo cuidadoso de las ascuas 
de un fuego puede ayudarle a 
acelerar el proceso. 






















3 En las 
ultimas étapas, tenga 
cuidado de no dejar la 
madera demasiado delga- 
da, o de perforar el cuenco 
con el cuchillo o las brasas. 


COnNgMUEe guemando BP il 
tallando para: abuecar 
el cuenco 
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COCINAS Y HORNOS 


rada, puede construir un horno o un foso de vapor. 
Guarde la cocina, el combustible s6élido, las 
cerillas y el cazo con su tapa en un bolsillo 
lateral de su mochila, para poder encon- 
trarlos facilmente cuando los necesite. 








L A FORMA MAS sencilla de cocinar es en un fuego 
al aire libre, o con bloques de combustible 
sdlido que arden con una llama regular 
durante el tiempo suficiente para preparar 
una bebida caliente. Si no puede cons- 
truir el fuego con facilidad, o que sea 
seguro, necesitara una cocina con una 
llama controlable, que se encienda facil- 
mente y que queme el combustible con 
buen rendimiento. Para una cocina mas elabo- 


Recargar una cocina, Flija la cocina que 
mas se ajuste a sus necesidades culinarias, y 
en funcion de la posibilidad de encontrar gas 0 
combustible para recargarla. Al recargar una 
cocina, aseglirese de que la llama esté realmente 
apagada. 





| 






\\ Soportes 7 g | Saportes 
para cazos — 4 plegables 
pequerios SSS y, 





Mini-cocina. Fsita cocina Cocina para uso general. Fsia Cocina de gasolina sin plomo. Cocina de combustible 
ultraligera reqitiere una mezcla cocina rdpida es de uso general, Esta cocina requiere gasolina sin multiple. Es una de las cocinas 
de butano y propano. No es y tiene sopories plegables para plomo y tiene un acctonamiento mas populares del mundo, 
dadecuada para soportar cazos cocinar CON CaZOS Brandes. de purga para limpiar el funciona con gasolina, parafina 
grandes. generador. oO queroseno. 





ADVERTENCIA COMBUSTIBLE 
Cualquier cocina debe tratarse con 
sumo cuidado. Recuerde que siempre 
existe el riesgo de explosion. Las Greas 

de cocina deben estar bien ventiladas, 

| ya que las cocinas consumen oxigeno 
| y despiden mondéxido de carbono 
téxico. Cuando se apaga fa llama 
de una cocina con gas a presion, 
el vapor se almacena y cualquier 
llama o chispa dara lugar a una 
gran explosion. 












Las botellas de combustible deben distinguirse facilmente 

de aquellas que contienen agua, para evitar confundirlas. 

No deben presentar fuga alguna que pudiera contaminar los 
alimentos y deteriorar las ropas v el equipo. La disponibili- | 
dad de combustible debe preverse antes de viajar, asicomo | 
la eliminaci6n de los recipientes usados. 









COMBUSTIBLE SOLIDO 
_ A BASE DE ALCOHOL 
finciue wo bresurizada ksta 
Cocthia de uso popitlar funciona 
con alcohol de quemar, y lleva 
incorporado un paraviento, ast 
como una bateria de cocina. 
Debido a su forma, el riesgo de 
rotura de alguin componente es 
minimo: es bastante estable, 
pero no calienta con demasiada 
rapide. 
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BOTELLA BOTELLA BOMBONA DE 
DE GASOLINA DE PARAFINA BUTANO/PROPANO 
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HORNO DE BARRO 








k ii El humo formado por 


El palo servira el fuego debajo del 














para formar el La zanja debe ser puchero escapa por la 
aaujero de la mas estrecha que la chimenea 
chimenea olla 





Fuego encendi- 
do debajo de la 
olla 






1 Cave una zanja estrecha de unos 20 cm de 
profundidad. Coloque una olla con tapa de unos 
23 cm de profundidad sobre uno de sus 
costados. Clave un palo largo en el suelo justo 
en la base de la olla. 





2 Cubra la olla completamente con 
tierra Oo arcilla hiimedas, moviendo el 
palo para dejar libre el agujero de la 
chimenea, Com- 
yacte la tierra 
oe que la ct- 3 Saque el palo y — 
pula sea lisa y utilicelo para sujetar 
estable. la tapa contra la olla. 
Encienda un fuego en la 
zanja debajo de la olla y deje 
cin que forme brasas antes de 
nS colocar la comida dentro 
4 ¥ i oh del horno. 














La olla se 


= he = 


FOSO DE VAPOR wae — 
| _ 7 HORNO DE YUKON 
_ 1 Encienda un fuego sobre 2 Una vez la plataforma se ha quemado y las ecomameeeinnn i niailae 












una plataforma de ramas piedras han cafdo a la zanja, clave un palo Se trata de una chimenea encima de un 
encima de una zanja vertical en la zanja. Lleve las ascuas a un , fuego, que quemard incluso leia himeda. 
fréase superior). Coloque lado. Envuelva el alimento en hierbas y Su parte superior constituye una cocina 
piedras pequefias sobre coloquelo en la zanja sobre una Auuy elective. Consrava prim ero un fuego 


la plataforma. capa gruesa de hierba. de dpi (vduse pdginag OF), pew wv lu 


encienda. Levante una pared de piedras 
alrededor del tipi, utilizando arcilla como 
mortero, y selle el exterior con arcilla, La 
forma cOnica de la estructura incrementa el 
flujo de aire alrededor del fuego, creando 
a Me —, mas calor. Encienda el extremo de un palo 
| palo formara i> % oe largo y emptijelo hacia el fuego desde 
— os la SS SEO ae arriba. Utilice madera seca para encender el 
ac fuego. Una vez esté bien encendido puede 
secar la madera hiimeda sobre el horno. 





El fuego calentara hie 
4 Saque el palo y 











las pitedras sobre la 

plataforma de vierta un poco de : 

madera | i : Ne = 
agua en el hueco —— 
para generar SS LY 





bull ae = 3 
= 
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"Horno de Optimo rendimiento. El! horno 
de Yukon consume poco combustible 
y desprende gran cantidad de calor. 


Ba = 





3 Coloque la carne en él centro del foso, donde 
se acumula la mayor parte del calor. Extienda 
una capa gruesa de hierba sobre el alimento. 
Cubra el foso con tierra. 





5 Selle el foso con tierra, compactandola 
hasta dejarla lisa. El alimento estara cocido 
transcurridas unas cuatro horas. 
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Figure 1—Outline of the relationship between the technical requirements of 5G and expected services and 
applications it will deliver 


Enhanced mobile broadband 


Improved user experience 
100 Mbps connections, >1 Gbps peak data 












3D and 4K video 


Mass connectivity 


- Mass cloud computing 
1 million connections/km2 . i 


Augmented reality and 
virtual reality 


Industry applications 


Smart cities Autonomous vehicles 


Mission critical Ultra-low latency 
application <1 millisecond 
Lower power, lower costs High reliability 
10 year battery life 99.999% for mission critical 
communications 
Massive machine type Critical 
communications communications 


Source: Based on figure 2 from the ITU paper, ‘IMT Vision—Framework and overall objectives of the future 
development of IMT for 2020 and beyond.’ 
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apetecibles y digeribles que en su estado 
natural. Ademds, una comida caliente 
levanta el 4nimo a cualquiera. 


L A FORMA MAS basica de cocci6n consiste 
en asar los alimentos empleando, por 
lo general, un espet6n sobre las llamas 0 ja 
las brasas de un fuego. En una situacién 
de supervivencia es importante cocinar 
todos los alimentos que den lugar a 
dudas, a fin de matar cualquier bacteria 
peligrosa, posibles pardsitos o sustancias 
quimicas. Cocinados los alimentos son mas 


Cocinar sobre un fuego al aire libre. Puede 
preparar un estofado en un cazo stispendido sobre 
el fuego, 0 puede esperar hasta que las llamas se 
» conviertan en brasas para utilizarlas en Olras moda- 
lidades de cocina (véase pagina siguiente). Si dispone 
= de grandes cantidades de agua, tenga siempre a mano 

agua bervida para preparar bebidas calientes. 


SOPORTES PARA CAZOS 
























Espeton. Prepare ul 
espet6n clavando dos 
palos aborquillados en el 
suelo a ambos lados del 
fuego y apoyando un 
tercer palo entre ellos. 
Evite que el fuego 
arda demasiado y 
envuelva el Cazo. 
Utilice un palo para 
empujar el cazo hacia 
el extremo del espeton 





cuando quiera servirse oe 
la comida. RO one: Sia ea aE ty ey 


Soporte oscilante. Resulta muy wilil al cocinar estojados que 
deban apartarse del fuego para ajustar su temperatura. 
Clave un palo aborquillado en el suelo y equilibre una rama 
larga sobre la horquilla para que de un extremo cuelgue el 
cazo sobre el fuego, Ate el otro extremo al palo vertical. 


: Fl cazo puede apartarse del fuego con un palo, 
Tripode. Este método resulta muy 


estable y muy seguro. Constritya un 
tripode (véase pagina 75), y cuelgue 
una rama en forma de «Ll!» de su 
centro, atada con un cordel. 
Cuelgue el cazo de la rama. Esto 
le permitira levantar o bajar el 
cazo sobre el fuego y controlar ast 
la temperatura de la comida. 
Permita gue el fuego baje antes 
de colocar el tripode sobre los 
rescoldos. 


% 


\ Una rama en forma de 


«l/» permite ajfustar la 
posicion del cazo 




















EL EMPLEO DEL BAMBU 





Al ser resistente y hueco, el bambti constituye un excelente 
recipiente para cocinar. Con una rama terminada en punta, 
haga un agujero en cada una de las paredes que separan los 
compartimentos huecos, dejando intacta la de un extremo, 
Vierta agua en el tallo hasta llegar al primer anillo. Apoye el 
tallo sobre un fuego sujetando el extremo superior con una 
rama en forma de «U». Caliente el tallo para hervir el agua y 
cocinar al vapor los alimentos colocados en la parte superior. 


} 


El fuego debe quedar 
en rescoldos antes de 
comenzar a cocinar 









Cologue los 

alimentos a 

cocer al vapor 

\ en la secciOn 
=A — superior 







Recipiente natural. 
Un tatlo de bambi hueco puede 

emplearse como recipiente para _ 
cocinar alimentos sobre un _@ 
fuego abierio. fo 





Fl agua 
hiervie en la 
seccion 

inferior | 















\ El vapor sube por el 
tallo a través de los 
agujeros becbos en 
las paredes diviso- 

SIGS... 


cat 






ae i + oe 
+ ——. ——— = 
Be ee 
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COCINAR SOBRE PIEDRAS CALIENTES 





1 Construya un lecho 2 Coloque yesca sobre las piedras y 
denso de piedras grandes cubrala con ramas secas 
y planas. No utilice pizarra : Después encienda la 
ni otro tipo de roca estratifi- . vesca. Puede dejar 
cada porque podria estallar —Ss que el fuego se re- 


en pedazos al ser calentaca 


: ; = > duzca a cenizas 
por la acci6n del fuego. = mientras prepara 


“y la comida (véase 













pagina 110). 
3 Con un manojo de ramas verdes, limpie las cenizas 
y los rescoldos de la superficie de las piedras. Tenga . . . 
euidado de no tocarlas con las manos porque estaran a 4 — la comida encima de las — F 
extrer f alient | —— Los alimentos que precisen una cocci6n prolongada 
extremadamente calientes, directamente sobre las q P P 8 





vy lenta deben colocarse a los lados, donde las 
piedras estan mas frias que 


in —— en el centro. Continue 
jane eis es eas —— colocando comida, 
se hayan enfriado. 
Las patatas sin pelar 
las piedras calientes y dejar 
que se horneen. 


pledras calientes . 






, hasta que las piedras 
-- enterrarse bajo 


= . 





1 Puede hornear alimentos como 2 Envuelva el alimento en las 3 Cubra la totalidad del paquete 4 Coloque el paquete sobre un 
el pescado envueltos en barro al hojas y ate el envoltorio con con barro. Asegtrese de que lecho de rescoldos calientes y 
fuego. Recoja un manojo grande hebras trenzadas de hierbas. queda completa y uniformemente construya un fuego en la parte 
de hierbas y largas hojas. cubierto, y de que esté bien superior. El pescado puede 
cerrado. quedar cocido en una hora. 


CONSEJOS CULINARIOS PAN HUMEDO (DAMPER BREAD) 


® Las hierbas y especias son de gran valor al 
preparar la comida ya que la hacen mas 
apetecible. También son titiles el ajo fresco, 
las cebollas y los cubos de caldo. 

® (a forma mas sencilla de cocinar es 
hirviendo agua y utilizandola para hacer un 
estofado «todo en uno». La mezcla de una 
conserva de pescado con los bizcochos y los 





Dé ala mesa la 
forma de un La espiral de masa se 
salchichon desprenderé del palo 


Cuando esté hecha 


frutos secos parece desagradable, pero con la 
adici6n de curry en polvo y una gran cantidad 


da Awe. 


de aire fresco, le p parecer una comida deli- 
ciosa. 

® Si hierve sus alimentos en agua, es impor- 
tante beberla también, para aprovechar al 





maximo el valor nutricional del alimento 1 Este manjar tipico de un campamento 2 Enrdllelo en forma de espiral alrededor 
(a menos que lo hierva para eliminar las australiano es facil y rapido de preparar. de un palo de madera y sujételo sobre los 
sustancias t6xicas). En primer lugar, prepare una masa eldstica a rescoldos de un fuego mientras se cuece. 

| | | partir de harina y agua, y déle la forma de un El pan se desprendera del palo cuando esté 





salchichén largo y grueso. listo. 
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LA CONSERVACION DE LOS ALIMENTOS 

"NA VEZ RECOLECTADOS, los alimentos comienzan a mayor abundancia, y conservarlo para las €pocas de escasez, 
/ deteriorarse. Sin refrigeracion, la carne fresca y el cuando resulta dificil seguir una dieta equilibrada. Recorrer 

pescado son de consumo dudoso un dia después de ser los alrededores en busca de alimento para un solo dia 

capturados en cualquier clima, a excepci6n de las regiones requiere una gran cantidad de calorias. En cualquier 

polares, mientras que las frutas y las verduras pierden sus situaciOn de supervivencia, a menos que sea muy corta, 

valores nutricionales sin un almacenamiento adecuado. Para debe comenzar a conservar y almacenar alimentos 

una situaci6n de supervivencia a medio o largo plazo, debe inmediatamente, y a guardar sus provisiones, como las 


recolectarse una gran cantidad de alimento en la estaci6n de — conservas, como raciones de emergencia real. 
COMO SECAR LOS ALIMENTOS 


OTROS METODOS DE SECADO 


















Secado natural. En los climes 
cdlidos y secos, puede poner a 

_ Secar setas y plantas 

sobre una roca. Para 

_ secar bierbas, 

\ cuélguelas por 

los tallos, 

boca abajo. 










Soporte construido = : 
aipase Ge Tana Secado sobre el fuego. Para secar frutas, 
eee cortelas en rodajas, y cuélguelas de un 
espeton sobre un fuego bumeante. Tenga 
cuidado de que el.fuego no se avive 


demasiado y win <a (ya. 


y 





a |6/a if 





Tae Hlatar ofa oe ole 


Los filetes de pescado ~ 
se cuelgan al sol para 
que se sequen 






yi 
ad Fg 


Armazon de secado. Piiede secar el 
pescado al sol colgando los filetes de un 
armazon construido a partir de ramas 
ligadas entre st (véase pagina 37). 

El armazon debe estar listo antes de 
comenzar a pescar. Una vez pescado, 
limpie, corte y seque el pescado . | | | 
oe ee en pagina 110). | Puede conservar los alimentos empleando ingredientes naturales, Sale el pescado y sumerja 
Es necesario un sol intenso para que el pescado se los vegetales en jugo de lima o de lim6n, o hiérvalos en agua que contenga especias para 
segue antes de que empiece a estropearse. Coloque encurtir, El pescado salado se conservara bien a temperaturas de hasta 11°C. 

el armazon en direccién hacia donde sople la brisa 
para alejar las moscas. Cuelgue los filetes de 
pescado del armaz6n dejando mucho espacio entre 
las piezas para permitir la circulacion del aire. 

Los Jiletes estardn listos cuando toda el agua que 
contenian haya sido eliminada y muestren un 
aspecto quebradizo. Cuando los filetes de pescado 
estén suficientemente secos, puede almacenarlos 
para consumirlos mas adelante, 0 puede molerlos 
entre dos piedras y utilizarlos para espesar sopas 0 
estofados, 0 para preparar pemmican (véase pagina 
siguiente ). 


CONSERVANTES NATURALES 


ESPECIAS PARA ENCURTIR LIMA 
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3 Asegiirese de que 
el tridngulo de 
ramas que forma la 
plataforma de 
secado esta por lo 
menos a unos 

30 cm del suelo, 
para poder 
construir un fuego 
debajo de ella. 


1 Si no hay suficiente 
sol para secar el pes- 
cado, puede ahumarlo 
en un tipi especial- 
mente construido 
para este fin. Ate 
tres ramas verticales 
por un extremo con 
un cordel (véase 
pdgina 357 ). 







“. Are las ramas con 
un cordel 








/ W 2 Separe las patas unos 60 cm y ate unas 
Ate las vamas:/ ramas horizontales entre ellas para formar e! 
horizontalesalas “4 soporte de un entramado o plataforma de 
verticales | secado. 





4 Coloque ramas mas 
pequefias a través del 
triangulo para 
formar un entra- 
mado sobre el 
cual ahumar los 
alimentos. 





&, 


/ ips rema cs 5 Deje suficiente espacio entre las ramas 
Ltiiogne AS VCEPEAS | ‘os 
es: isha para permitir que el humo entre en contacto 
/ sobre el soporte para . Boe Be wt. woes hi gascontl cmaraanerwse panicle 
La comida debe | | ornitir la plaraforma con el alimento sobre el soporte. Coloque el 
colocarse sobre el . ahumador sobre un fuego hasta que el 
soporte | pescado esté Seca, 


COMO PREPARAR PEMMICAN 











Amase la grasa Sazone con bayas 
con las manos , y espectas 





7 « 
1 Puede conservar el pescado 2 Corte o ralle el pescado 3 Afiada bayas para dar mejor 4 Déacada porcion la forma de una 
cocido preparando pemmican. En cocinado en trozos muy sabor, y forme porciones del | salchicha y col6quela al sol para que 
primer lugar, trabaje con las manos pequefios y mézclelos con la tamano de una pelota de golf. se endurezca. El pemmican se 
una porcién de grasa de pescado grasa. Puede anadir condimentos, conserva durante anos y es muy 


para ablandarla. si asi lo desea. nutritivo, 
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CAPITULO SEIS 


EN MARCHA 






ep cae = 
4 | 1) SE | sig 2 ie 
Pests nt Mo pS: haat ee 
“ 2 i 7 ag ee = 
wie my toll - he 


= iz z + 
. aA m 
' 


Para MUCHAS PERSONAS, la mejor forma de disfrutar la 
naturaleza es recorriéndola, acampando durante 
la noche y poniéndose en marcha al dia siguiente. 
El viaje a pie, en vehiculo o en barco, es parte 
integrante de unas vacaciones en la naturaleza. 

Es muy importante disponer del equipo adecuado, 
y planificar el viaje por adelantado, teniendo en mente 
que la seguridad es siempre primordial’ En una 
situacion de supervivencia, se encontrara desarraigado 
de su existencia normal, y tendra que cargar todo su 
equipo y comida cruzando terrenos con los que no 
esta familiarizado, quiza con destino desconocido. 
Un viaje bajo tales circunstancias es potencialmente 
peligroso. Es posible que desconozca donde 
encontrar agua, 0 lo lejos que esta de la civilizacién. 

_ Por otra parte, es mas. probable que una patrullade 

- kepcate le cucucutic si sc queda cu cl mismo sitio. - zi 

En una situacién de supervivencia, a menos que ae : 

una muy buena razon para desplazarse, es mejor no- 
hacerlo. Si se hace imprescindible el traslado, a 

3 ejemplo si una inundaci6n o un incendio forestal _ 

_ amenazan su campamento. Ca véase pagina 122, , debe 



























= 4 SF es 


asegurarse de que dispone del equipo adecuado ; al 
<DPal de terreno que debe cruzar, asi como f Fc eee - 
ate: ruta a cuidado same aie: mee 








ama = 
ay aa se 
i 






cuenta, que sae te desde el terreno hasta el medio de transpo 
Ss a es necestiord et ema es, mientras que ¢ 
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LA PLANIFICACION DEL VIAJE 














UN FORMANDO PARTE de una expedicion 

bien planificada, el viaje puede expo- 
nerle, junto con su grupo, a muchos 
riesgos imprevisibles. En una situa- 
ci6n de supervivencia, estos ries- 
gos son atin mas pronunciados. 
Es importante estar preparado y 
tener un plan de acciOn. Si espera 
ser rescatado debe quedarse donde 


provisiones, 0 un desastre natural, como 
una inundaci6n o un incendio forestal, 
pueden destruir la vegetaci6n que le 
rodea. Antes de emprender el viaje, 
debe reconocer cuidadosamente 
el terreno que pretende cruzar. 








Inundaciones. Las inundaciones destruyen 


esta. Sin embargo, puede verse forzado la vegetacion-y dejan una profunda capa de 
lodo que puede dificultar ia btisqueda de plantas 


a abandonar su campamento por varias | somenet ica - | ere aeee 
. | comestibles 0 de madera con la que construir refitgios 
razones. LOS animales pueden acabar con sus o encender fuego. 


EL RECONOCIMIENTO DEL TERRENO 


Montafas. Las montanas sin adrboles 

proporcionan poco refugio, y existe el peligro 

continuo de desprendimientos, nevadas, hielo, 

ademds de un clima variable. Puede requerir 

equipos especiales y babilidades que s6lo posee 

un montanero para superar las pendientes mas 
¥ Ppeligrosas (véase pagina 140). 







Bosques templados. En un bosque persiste ei pe 
ligro de caida de arboles muertos. Los animales 
peligrosos, como los jabalies, babttan estas dreas 
(véase pagina 166). Aungue la biisqueda de 
alimento o de materiales para constriuir un 
_refugio resulta facil, desplazarse no lo es tanto, 













Desierto. Fl agua es la 
consideracion clave en el desierto 
(véase pagina 142). Sin nubes que 
retengan la humedad, las 
lemperaturas suben alarmante- 
mente durante el dia para 
descender rigurosamente durante 
la noche. Si tuviera que cruzar un 
desierto, bagalo de noche, de una 
fuente de agua a la siguiente. 











| 
| 
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Un grupo de supervivientes debe 
elegir a un lider, capaz de evaluar 
las capacidades de cada individuo 
antes de establecer un plan de 
miaje. El lider debe considerar, con 
cuidado y en privado, los puntos 
tuertes y débiles de cada miembro 
del grupo, vy asi establecer un 

olan de accién basandose en la 


capacidad de cada uno. El liderazgo peligrosas . 


en esta situacién suele ser muy 
dificil, debido a la presi6n de una 
situaciOn de vida o muerte V, 
especialmente, cuando algtn 
individuo no acepta someterse 

a la direccion del lider. 


Las madres y los nifios 
resisten bastante, pero 
necesitan una alencian 
especial 


Las personas beridas 
pueden retrasar a 
los demds y exponer- 
los @ situaciones 


Puede que alain 
miembro del grupo 
no esté adecuadea 
mente vestido o 
calzado para 
cammar 




















Trabajar en equipo. Las posibilidades 
de supervivencia para el grupo serdn 
mayores si permanece unido y 
mantiene su integridad gracias a un 
lider {ntegro y dedicado. 


Fsté alerta para detectar sintamas cde 
depresion e involucre a todos los 
miembros del grupo en alguna 
actividad 


Las personas mayores 
pueden ser vulnerables a 
un ataque al corazén oO, 
por el contrario, qtie sean 
los que estén mds en forma 


c =" ' 





Estar preparados. Aiites de desplazarse, debe bacerse con la 
mayor cantidad de informacion posible acerca de la regién que 
pretende cruzar. No suponga siempre que los mapas son exactos 
\wéase pagina 126), en particular cuando planifique buscar 
agua. Vale la pena enviar una serie de expediciones cortas, con 
equipo ligero, para reconocer la zona antes de emprender 


cualquier desplazamiento. 


Rios. Los rfos son peligrosos, y debe 
acercarse a ellos con cuidado, Para 
cruzar un rio, puede que tenga 
gue buscar troncos Cafdos para 
emplearlas como puente, 0 buscar 
Toanas mas angasteas yj paca 
profundas para vadearlos (véase 
pagina 150). Jambién pueden estar 
bubitados por animales peligrosos, 
como los Ccocodrilos (véase 


pagina 75). 















Selvas. El calor y la bumedad de 
la selva pueden llegar a ser muy 
molestas, ademas de poco 
saludables para los bumanos, pero 
permiten el desarrollo de los 
insectos y las bactertas. Las beridas 
mes pequenas se infectan, la 
comida se descampone y la ropa 
esid continuamente empapada 
debido a la Huvia o al sudor, 0 a 
ambos factores. En la selva, los 
desplazamientos se hacen 

, Particularmente dificiles. 


EL EMPLEO DE PRISMATICOS 


Unos prismaticos le ahorraran muchos 


kil6metros. Ajuste la imagen hasta que sea 
nitida y observe el terreno. Explore la zona 
desde distintos puntos de observacion, 


e intente descubrir por dénde fluyen las 
corrientes 0 los rios, o la situaci6n de los 
montes. 


Escrutar. Recorra el paisaje con la 


mirada, observando cuidadosamente, \ no 


simplemente mirando los alrededores. 


Sabana. F/ agua es un factor importante a 
considerar en este ecosistema. Puede tener 
problemas para encontrar refugio (véase 
pagina 53). Recuerde que también estara 
expuestoal peligro que suponen los depreda- 
dores que cazan los grandes rebarios de 
berbfvoros que pastan babitualmente en 
estas Cnormes areas. 





Mar y playa. No subestime 
nunca el mar. Siempre es 
peligroso. En las zonas de 
mareas es mucho mas facil 
caminar por la arena durante 
la marea baja que superar las 
dunas 0 los acantilados. 

Sin embargo, debe vigilar 
continvamente para asegurarse 
de que sabe en qué direccion 
viene la marea. Puede 
encontrarse COn Crialuras 
peligrosas en la playa o en las 
aguas poco profundas ( véase 
pagina 109). 





EN MARCHA 





LA ORIENTACION 





A ORIENTACION ES el aspecto mas importante de la distancia recorrida (véase pdgina siguiente ). Existen muchos 
L navegaciOn, asi que una brijjula fiable se convertira en tipos diferentes de brajula que funcionan atraidos por los 
su herramienta mds importante. Un reloj o cronémetro le polos del campo magnético de la Tierra. Si no dispone de 
sera de gran utilidad, ya que puede indicar tanto la direcci6n —_-una brtjula, podra orientarse observando la posicién del sol 
como el tiempo recorrido, con lo que podra estimar la y de las estrellas, los animales y las plantas. 





COMO FABRICAR UNA BRUJULA 







BRUJULAS 
a Si se suspende libremente una pieza de por el campo magnético de la Tierra. | 
las agujas de una Drijula sehalan cl norte metal ferroso (que contiene hierro) Aprovechese de este lenOmeno para 
magnetico y el sur magnético, los polos del imantado, girard hasta orientarse en un eje construir una brujula, imantando un trozo 
campo Magnetico natural de la Tierra. norte-sur. Esto se debe a que se ve atraida de metal. 





























Imaginese que la Tierra contiene un gran iman 
vertical, y que los polos se encuentran en la 
parte superior e inferior del iman, de los 
cuales emana la carga magnética. Hay 
muchos tipos diferentes de brijula. Si 
unicamente pretende dar un paseo, basta 
con una brdjula sencilla para un caso de 
emergencia (védase pagina 28 ), pero utilice 
una brujula como transportador con fines de 
navegacion y orientaci6n basica (véase 
inferior). Las brajulas prismaticas incluyen 
un prisma a través del cual se toman los rum- 
bos, y son resistentes y precisas. Algunas de 
estas brujulas incluyen un espejo ademas 

de, o en lugar del prisma. Sin embargo, son 
bastante caras. Una brijula Silva es lo Unico 
que necesita realmente para una navegacion 
precisa, y le evitara complicaciones que 
pueden provocar errores. 




















En lugar de utilizar un panio 

de seda para imantar una 

aguja, puede utilizar un 

pan, que hard la misma 

funci6n pero mas deprisa 

1 Magnetice una aguja frotandola repetidamente 
en una direcci6n sobre un parnio de seda, como 
su panuelo (véase pdgina 142). Esto genera una 
carga de electricidad estatica. 


Permita que la aguja se 
mueva libremente ! eu, 
haciéndola flotar en w li 
La flecha indica la cuenco leno de agua a 
direcciOn a seguir una 
vez la brujula ba sido 
regulada — 


Medidas de 
distancia para 
las diferentes 
escalas de los 
\ mapas 






2 Haga flotar una brizna 
de hierba en un cuenco Ileno 

de agua, y coloque la aguja sobre ella. 
La aguja se Orientara por si misma apuntando 









en direccién norte-sur. | 
= = = | 
UTILICE UNA CUCHILLA DE AFEITAR 
a | 
COMO BRUJULA 
= En un caso de emergencia, puede construir 
bes rumbos & x 5 om me | una brujula con una cuchilla de afeitar en 
se /een \esF CHELAS SIP- Peo ps F " a a 
sabe of Re an Rah lugar de una aguja, si dispone de ella. Sin 
dial r= Orientar La embargo, tenga la precaucién de desgastar ) 
(limbo) 7 ie = Orujiula sobre la hoja sobre una 
a aa = las cuadricn- | piedra, y tenga | 
i — = las norte-sur mucl oni 1; d | . 
sd BB! |" cet mapa mucho cuidado al 
ss imantarla. 
Brijula Silva. Une britjula con 


Cuchilla de ajeitar 
como brijula. Imante 
una cuchilla de afeitar 


transportador le permite medir rumbos sobre 
un mapa sin tener que mover la briipjula 







(véase pagina 130). De esta manera evita el 3 Una vez la aguja esté fija, compruebe la sin fildyy suspéndala | 

tener que usar un transportador aparte y posicion del norte utilizando otros indicadores | de wn bilo para que | | 

tener que bacer cdlculos aritméticos (véase pagina siguiente ) y marque el extremo | cuelgwe libremente y } | 
mentales para determinar la ruta norte de la aguja, Ahora puede utilizarla apunte hacia el norte. <= 





como brtjula. 





LA ORIENTACION 





COMO ORIENTARSE A TRAVES DEL 


como el sol siempre sale por el este y se 


culta por el oeste, puede ser utilizado como 
mdicador de direcci6n. Mientras pueda verlo 


OUR * DIRECCION 
DEL SOL 





Hemisferio norte. Apunte hacia el sol 
la manecilla horaria. Imagine una linea 
gue divida en dos el dngulo entre la 
manecilla boraria y las 12.00b. Esta 
inea apuntard hacia el sur. 


COMO ORIENTARSE A TRAVES DE LAS ESTRELLAS 


Las estrellas permanecen siempre en la misma 
posicién. S6lo parecen moverse en el cielo 


debido al movimiento de la Tierra. Unica- 
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La naturaleza esta mejor 
orientada y adaptada al campo 
magneético de la Tierra que los 
humanos, Las plantas siempre 
crecen en direcci6n al sol 
—hacia el sur en el hemisferio 
norte y hacia el norte en el 
hemisferio sur. Los girasoles 
siguen el movimiento del sol 
cruzando el cielo. La planta 
denominada Polo Norte en 
Sudafrica se inclina hacia el 
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norte. Los anillos de los 
4rboles son a menudo mucho 
mds anchos en el lado en el 
que da el sol. 
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INDICADORES DE DIRECCION 


Nidos de termitas. Algiinos nidos de termitas 
estan construidos siguiendo un eje norte-sur 

De esta manera reciben ei maximo calor 
duranie la manana y la tarde, y estan protegidos 
del sol al mediodta. 


SOL 
v sepa la hora, podra orientarse en relaci6n 
al sol. También puede dar con la direccién 
aproximada construyendo un reloj de sol, 


transportador. 


NORTE DIRECCION 


DEL SOL 
Clave una rama vertical 
en el suelo. Por la 
manana, observe dénde 
cae la sombra y marque 
el punto exacto en el 
suelo (sera el oeste en el 
hemisterio norte ). Ate 
una cuerda de la misma 
longitud de la sombra 


a un palo pequeno y dibuje™ 
tin arco alrededor de la rama. 

Marque el punto en el que la 
sombra toca el arco por la tarde (el este). 


Hemisferio sur. Si se encuentra en el 
hemisferio sur, aptunte las 12.00) del 
reloj hacia el sol. El norte se encuentra 
en el punto medio entre las 12.00b y la 
manecilla borarta. 








mente hay una estrella que aparenta no 
moverse: la Estrella Polar. Esta estrella puede 
utilizarse en el hemisferio norte para 


Hemisferio norte. 
Mirando hacia la Osa 
Mayor (el Carro), trace 
una linea imaginaria 
entre las dos estrellas 
que forman la parte 
frontal de la Osa y 


prolénguela multiplica- ‘ Riza 
da por cuatro basta ilies Siete tapi as eat dc ea eae 2 a 
encontrar la Estrella | a jeer Te | 

Polar Esta brillante ; 

estrella esta situada al hoe ars a = 


norte en el horizorite. 


NATURALES 











o empleando un reloj como 


RELOJ] DE SOL 


RELO] DE SOL 
IMPROVISADO 


ESTE 


A 
OESTE 


encontrar el norte. En el hemisferio sur, debe 
localizar la Cruz del Sur para encontrar el sur. 


Hemisferio sur. Utilice 
la Cruz del Sur para 
saber de forma aproxt- 
mada donde esta el sur 
Trace una linea imacgt- 
naria desde el travesano, 
aproximadamente unas 
4 veces ¥ media su 
longitud. El sur debe 
estar en el borizonie 
debajo de este punto. 
Dos estrellas brillantes 
debajo de la Cruz le 
ayudaran a encontrar 
el punto correcto 





Pajaros tejedores. 
Algunos pdadjaros 
pueden utilizarse 
como indicadores 
de direccion bdsicos 
For ejemplo, algunas 
especies de Pejaros 
fejedores construyen 
Sus Mdos inicamente 
en la cara oeste de 
los adrboles, Si se en- 


CHeEeNiTda en Ulta Zona 
adorde vibe estos 


Pdajaros —por ejemplo, 
en Suddfrica— le ser: 
virdn como tndicativo 
de direcci6n bastante 
: / lable. 
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What is different about 5G? 


5G is expected to enable productivity outcomes across key verticals of the economy as a result of a 
range of characteristics, such as network slicing and mesh networks. However, it will need to overcome 
deployment challenges such as spectrum acquisition and coverage. This is expected to lead to new 
approaches for deployment to enable widespread 5G coverage in Australia. The industry will also need 
to develop a robust business case for 5G rollout, which will likely be demand driven, to support the 
significant capital expenditure required. 


Network slicing 


Network slicing allows operators to split their network into separate sub-networks (also referred to as 
slices), enabling them to dedicate network resources to different users and applications. Sub-networks 
can ‘slice’ the infrastructure resources from the physical network to create virtual independent 
networks. This is a significant development from previous mobile network generations, as it enables an 
operator to deliver many different capabilities by creating slices that can be tailored for the intended 
usage. For example, an operator could create a network slice for loT devices, or alternatively, a network 
slice for higher security for a higher quality of service for government or public safety uses. 


Network slicing also provides a model for infrastructure sharing between network operators. In this 
case, a single transmitter’s network could be shared with more than one operator. Given the capital 
expenditure that will be associated with 5G rollout, network slicing can provide a cost effective, short- 
term solution for operators. 


Figure 2—5G network slicing enables operators to create separate virtual networks to meet application 
requirements 


5G NETWORK APPLICATIONS 


: : @royanlanlelalreenaleyay 
Nike) o} | (= enero fel eiel ale faq : mapieclmcellalanlale 


Internet 





coe Se eer Automotive 
Mission critical loT slice — 8 Medical 
Infrastructure 
Other slices = -° Other applications 


Source: Based on figure 2 from the ITU article, ‘Why end-to-end network slicing will be important for 5G.’ 





Mesh networks 


Mesh networks can be utilised to increase the range of coverage, where the ‘mesh’ is an 
interconnection among a network of devices. Only one device in the mesh needs to be connected to 
the network, which can then relay data to other nearby devices. 


Mesh networks not only provide the opportunity to support 5G deployment but also have the 
additional benefit of providing efficient network speeds. Through dynamic routing, devices on a mesh 
network are able to seek the fastest and most reliable pathway to send and receive data. As such, this 
architecture can provide a cost effective solution for coverage in more remote areas. For example, 


www.communications.gov.au 
5G—Enabling the future economy www.arts.gov.au Page 6 of 12 
www.Cclassification.gov.au 
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EL EMPLEO DE MAPAS 


XISTEN MUCHOS TIPOS diferentes de mapas, cada uno 

disefado para un propésito diferente. La eleccién del 
mapa adecuado resulta fundamental si se adentra en un 
territorio desconocido. Necesitara mapas a gran escala de la 
totalidad del drea que pretenda visitar, asi como mapas 
detallados de aquellas zonas que recorrera a pie. Los mapas 
a escala 1:50.000 son ideales para traslados a pie (esta 





E] agua determina el paisaje, ya que lo cruza 
formando corrientes y rios, creando a su paso 
colinas, montanas y valles, Las construcciones 

























llaman 


Valle. Un valle, y el rio que lo ha formado, 
aparecen en un mapa como un remolino 
complicado de lineas de igual altura, | 
mostrando su forma exacta, en particular Tt 
las zonas que no son vistbles para el | 
observador que se acerca a ellas desde tierra. 
La altura sobre el nivel del mar se marca 
con numeros a lo largo de las lineas. 


Las lineas 
borizontales se 
llaman paralelos 


Collados. Un collado es una depresion en una cordillera entre dos 
montanas o picos. A nivel del suelo, si mira desde un extremo, 
“unicamente verd una de las montafas. En un mapa, un paso aparece 
representado por dos ctrculos enlazados por curvas de nivel. 


COMO DESCIFRAR UN MAPA 


humanas, como las carreteras, pueden cambiar 
rapidamente. Para entender las caracteristicas 
de un terreno utilizando un mapa, identifique 


Las l{neas 
verticales se 


meridianos 


escala significa que, por cada unidad de medida en el mapa, 
la distancia real es 50.000 veces mayor). Por lo general, 
tienen una cuadricula de 2 cm, cada una de las cuales 
representa 1 km, y estan marcados con dos coordenadas 
para cada linea, que va de 0 a 99. Por muchas razones, 
algunos mapas pueden ser bastante inexactos. Modiffquelos 
sobre la marcha y aprenda a sortear esta falta de exactitud. 


en primer lugar los rfos, luego los valles y las 
colinas, que apenas varian durante la vida de 
un mapa. 





Montafia. Un mapa muestra un plano completo 
de la montana, la mayor parte de la cual no es 
visible desde cualquier posici6n en tierra. Debe 
imaginarse la parte que no ve desde el punto en 
que esté situado. La altura se indica en el mapa 
como si estuviera escrita sobre la ladera. 


Clave para la informacion 
adicional al mapa, como 
las ampliaciones 


Detalles sobre la variacion 
magnetca 


——__ Escala 


aT. 






—____——! Cresta. Los rios siempre estan 
separados por crestas. Estas se dibujan en un mapa como los dedos de 
una mano, sobresaliendo de alauno de los lados de una montana. 

A menudo es mds facil caminar a lo largo de la parte superior de la 
cresta que por el valle, en particular al cruzar una selva densa. 
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Las curvas de nivel en un mapa unen puntos de igual 
altitud. Las alturas de algunas de las curvas de nivel 
estan indicadas en los mapas. Por lo general, se 
escriben encarando la parte inferior de la pendiente, 
como si estuvieran escritas sobre la ladera de la 
montafia. 


REFERENCIAS EN CUADRICULA 


Una cuadricula le permite encontrar con precision una 
posici6n en el mapa. Las lineas verticales se llaman 
meridianos, y las horizontales paralelos. Al dar una 
posicién siempre se hace referencia primero a los 
meridianos. También pueden darse letras como referencia 
para una seccién del mapa. Al determinar una referen- 

cia en la cuadricula, siga la linea vertical mds cercana a la 
posici6n en el pie del mapa para encontrar su coordenada 
—por ejemplo, 04. Estime el numero de décimas desde la 
linea de cuadricula hasta la posici6n —en este caso, 5. 


Acantilado. Es importante conocer 
la altura de los escalonamien- 
tos entre curvas de nivel. 
Los intervalos gran- 
des pueden supo- 
ner la existen- 







Pendiente pronunciada. 
Generalmente existira 

una pendiente gradual 
entre Curvas de nivel. 


cia de un Unas lineas muy | ! | 
rani contiguas indican Repita la operaci6n con la linea horizontal mas cercana a 
que la pendiente la posicion (410). 
es muy pronun- Anada las letras de 


ciada. ! Pr referencia, si es 


necesario. 


La posicton se 
encuentra 
exactamente 
sobre un 
paralelo 


La posiciOn se encuentra 
entre dos meridianos 





Pendiente convexa. No es posible Pendiente concava, Puede ver la cima La posicién exacta. FE! método antes descrito pro- 








casa teil la cima de una pendiente ae ura pariatante concava desde - porciona una referencia de seis cifras sobre una 
siete - ane — inlaid b “ aA wi —— ithaca sic cuadricula (045410). Si su mapa tiene letras puede 
} a ai 1 : ; 1 PGR? | | SUS . aoc 
ia base dela pendionte,yse alejanenta -curvasde nivelsejuntan enla cima. | ‘settar las que sean relevantes para su posicion 
ae ete aia : SORE Oe rE Ene = anteponiéndolas a los ntimeros de referencia. 
PROYECCIONES 

Un mapa intenta mostrar, con un grado una superficie cilindrica 0 c6nica crea muchas _ del todo precisos, particularmente en las 
__ elevado de exactitud, los detalles superficiales  imprecisiones y distorsiones, que deben latitudes mayores. La mejor proyecci6n 
de la corteza terrestre, que es una esfera ajustarse al imprimir un mapa, Debido a este conocida es la de Mercator, empleada 
irregular. La proyecci6én de la misma sobre fenédmeno, la mayoria de los mapas no son universalmente en el mar. 


«Pelar» la Tierra. Si «pelamos» 
la Tierra como una naranja, su 
piel quedara plana, pero babra 
grandes buecos entre los 
segmentos en las latitudes més 
altas. Si se rellenan para dibujar 
un mapa plano, se introducen 
grandes distorsiones. 








a) Fa te |. .tlo ho) «| Preyeccion cilindrica. La proyeccion de 
Se NS 0, ee Ae Mercator muestra el mundo entero como si 
se hubiera proyectado sobre tn cilindro de 


Sa | ——-—-— + papel. Al desenrollar el cilindro. el munda Pein Aes RRseIRA | DAR ees Gh 

ay ie & (5| | puede verse sobre una superficie plana. de proyecciones, cada una con propiedades 
Aunque es rectangular por convencion, y los diferentes. El mapa de la ilustraci6n se forma 
meridianos y paralelos se cruzan en angulos proyectando el mundo sobre un cono y 
rectos, al igual que lo bacen en el globo, la *  desenrollandolo. La proyeccion cénica se utiliza 
Proyeccion de Mercator hace que los patses a menudo en los atlas de mapas regionales. 
de las latitudes polares aparezcan mucho Aunque existen todavia distorsiones, 
mayores (véase superior ). particularmente en la base del cono, éstas no 


son tan importantes como en Otras proyecctones. 
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(>) 
 s IMPOSIBLE ESTAR totalmente perdido. Incluso las perdido. Determinando las caracterfsticas del terreno y 
4 victimas de un accidente aéreo conocen el pafs o la encontrando alguna referencia geografica prominente 


zona en que han cafdo. Averiguar el lugar exacto en que se vy relacionandola con el mapa, el proceso de descartar 
halla es un proceso que consiste en ir descartando opciones —_ opciones no le tomara mucho tiempo. Es posible que tenga 


hasta poder determinar un punto en un mapa. El ser capaz que dibujar su propio mapa por varias razones: puede que 
de dar una referencia precisa sobre un mapa (véase pagina —_ no disponga de un mapa, o que el que tenga no sea preciso. 
127) por radio, le asegura un rescate inmediato. Si conoce Si dibuja su propio mapa, se asegurara de poder volver a 

su posicio6n sobre un mapa particular, es dificil que este encontrar su campamento, el agua y las fuentes de comida. 


DETERMINACION DE LA POSICION 


Para determinar su situaci6n utilizando un que pueda ver e identificar en el mapa. Si toma estos rumbos desde una o mas 
mapa y una brujula, debe relacionar su Un rumbo le dara la direcci6n desde alguna referencias, podra delimitar su posici6n de 
posicién con las caracteristicas del terreno referencia hasta su punto de observacion. forma bastante exacta. 









A 
| N 
| wihe 
Ae 
\ = 
) = 
\ ‘ _ 
\ 8 ea? 
aN 
Nh 4 
\ Norte | vig Norte 
magneético ee ee : : mawnelico 

rid 

| 
1 Apunte la brijula hacia una referencia 2 Coloque la brtijula sobre el simbolo del 3 Apunte la brtijula hacia otra referencia que 
destacable a su lado derecho, por ejemplo un collado dibujado en el mapa. Gire la brtijula pueda ver con claridad. Esta segunda referencia 
paso entre dos montafias. Gire el dial (limbo) hasta que la flecha del dial apunte hacia el norte — deberfa estar situada en un Angulo de unos 
de su brijula hasta que la flecha norte del dial en el mapa. Dibuje una linea desde el collado.a 90 grados de la primera, y por lo menos a 1 km 
apunte en la misma direccién que la aguja lo largo del rambo (rumbo inverso). de su posiciOn actual. Lo ideal es la cima de una 
magnética. montana bien definida. 

a | ; 
KN —j! ON EL EMPLEO DE UN GPS 


El GPS (siglas en inglés correspondientes a cry 
Global Positioning System = Sistema de Situa- El satélite —__.-_-—_ @= hd 
cién Global) ha revolucionado la navegacion. funciona como un BA 
Este sistema utiliza una constelacion de 2 hie 

24 satélites, que transmiten sefales de radio ce amare 

hacia la Tierra. Empleando un receptor, 

puede interceptar estas sefiales para deter- 

minar su posicion de forma relativamente 

exacta. Los transmisores fijos calculan la 


| posicidn de los satélites en Grbita. La 
—! navegaciOn en un desierto sin apenas 
: | referencias weuyidlicas, v cu cl iar, se 
Cz , 7 | =" | hacfa antes a base de determinar 
| , | _ rumbos con la briijula y una 





4 Trace un rumbo inverso desde la segunda confirmacién de la posicién con un oe orem . it SERRE: nae fenenes EN Gere 
referencia sobre el mapa, siguiendo la metodologia sextante y un crondémetro. Los dic ahaaasiliaaretmainnianinseeaionnioiieaii 
antes indicada. Su posicién se encuentra en la métodos tradicionales son un Srlita: Estas seniales Dikedett set FOCRNGaS POF 
interseccion de las lineas. Si asi lo desea, puede rafiaraoel GPS unas receptores especiales que son de gran 


tomar un tercer rumbo para obtener mayor ayuda en la navegacion. 
precision. : = 





ENCONTRAR SU POSICION 
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4 Tome rumbos a otras dos 
referencias del terreno y dibujelas 
en su mapa. El punto en el cual se 
cruzan es su posiciOn actual. 


2 Desplacese hasta una posicion 
ventajosa. Tome un rumbo hacia 
una referencia del terreno y estime 
la distancia a la misma (véase 
inferior ). 


1 Dibuje una cuadricula, cada 
cwadrado representara 1 km’. Trace 
ana X en el centro que representara 
sv posici6n actual. 


3 Sefale el rumbo en su mapa, 
alineando la cuadricula en 
direcci6n norte-sur. Dibuje la 
montana a la distancia estimada. 


LA MEDICION DE LA DISTANCIA 


Para dibujar una referencia del terreno sobre _ para ello debe moverse de «X» a otra con el primer rumbo —que podra marcarse 


su mapa, debe, en primer lugar, determinar la 

distancia a la que se encuentra. Puede 

emplear rumbos inversos para hacerlo, pero 
‘ | . ~~'| 1 Puede medir la distancia 
: | de su posicion a una refe- 


posicion, que puede marcarse con toda 
precision en el mapa. El rambo de su nueva 
posicion a la referencia le dara una intersecci6én 


“ = 


entonces en el mapa. Su distancia puede 
calcularse con bastante precision. 


2 Camine con un rumbo de 
90 grados con respecto al 


,f  fencia, tanto sobre un mapa | pe norte durante una distancia 
wn __ impreso como en uno con- | rm Sn) conocida (réase pagina 131 ) 
A feccionado por usted. Si ha lp 4. — | hasta que su siguiente _ 
Pal dibujado una cuadricula, los a 3 | rumbo a la montana difiera 
tf | cuadrados deben ser exac- | ey 8 “7 en, al menos, 30 grados con 
7t | tos. En primer lugar, tome | poy _.|- respecto al primero, Senale 
le | un rumbo a una referencia, | ae yi en el grafico su nueva 
poe N [| por ejemplo una montana - | oat i | pasician, asi cama el nueva 
Sma Dibuje el rambo como una | / rumbo, El punto en el que 
Je Sy"| linea en la cuadricula desde y* || | A | ambos se intersectan es la 
rr. heal la cruz (su posici6n actual ) AF 4) ay situacién de la montafia. 
a sen direcci6n.a la referencia. sake | / Puede determinar la 


distancia hasta la montana 
contando las cuadriculas. 


— = oe es a 


VARIACION MAGNETICA - 
La orientaci6n puede resultar confusa al NORTE re ie, 
existir tres nortes ligeramente diferentes. NORTE — GEOMETRICO ALGUNOS CONSEJOS 
En la mayor parte del globo terrdéqueo, esta a NORTE PARA NO PERDERSE 
VERDADERO ro | (i 


variacion magnética es lo suficientemente 
pequena como para que la mayoria de los 
caminantes no tengan que preocuparse por 
ella, Sin embargo, en otras zonas, como en las 
altas latitudes, la variaci6n magnética se 
incrementa de forma significativa, llegando 
incluso a resultar inutil el uso de una brijula. 
Cs, pues, vital conocer la variacidn magnética 
del drea en que se navega. Esta debe anadirse 
o sustraerse del rumbo, dependiendo de su 
localizacion. La variaci6n magnética del area 
en cuesti6n se indica al pie de la mavoria de 
los mapas, utilizando tres flechas. 





Tres nortes. FE] norte 
magnético es aquél al 
que apunta la briijula; 
el norte geomeétrico es el 
norte marcado en el 
mapa; y el norte 
verdadero es el polo 
geogrdafice astral real. 
La vartact6n magnética 
es la diferencia entre el 
norte geomeirico y 

el norte magnetico. 


# La regla de oro es: «Confie en su bruju- 
la», Aun asi, muchas personas se pierden 

al confiar antes en su propio sentido de la 
orientaci6n que en su brdjula. 

= Mida siempre el rumbo y las distancias. 


# Asegtirese de comprender c6mo se 
indican los distintos tipos de terreno en los 
mapas, localizando los valles, las montafias 
y las crestas. 

= Contraste el mapa utilizando la brijula 
(véase pégina 130), busque con la vista las 
referencias geograficas mds relevantes, e 
identifique su posicién sobre el terreno 
antes de tomar un rumbo., 
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PRINCIPIOS DE NAVEGACION 


tipo de terreno, las rocas y el suelo, el clima, | 

el estado del tiempo y la vegetacion. | 

La navegaciOn en tierra requiere un 

seguimiento constante de la ruta, no 
s6lo para evitar los peligros, sino 
también para no perderse. 









| A NAVEGACION EN tierra consiste en una 

combinacién de trabajos sobre el 

mapa y con la brujula, con el propdésito 

de desplazarse por un terreno determi- 

nado de la forma mas segura y sen- 

cilla. De ninguna manera es tan 

precisa como la navegaci6n en el mar, Ree 

donde las winicas vVariaciones son las Caer Py : | $5 Stil | La migracion. Muchas aves ban desarrollado 
: eas v el vi 5. La velocidad de despk , i We Hin bea a isan aran nc Gaya” 4 una capacidad de navegacion tal, que les 

Mareas y €1 Viento. La velocidad Ge Gespla- EAS CRS Mati aol ning V9 permite regresar desde el otro lado del Globo a los 


Va faaiby Lae ips cuted ea nl'* 
= AEF _—e 


zamiento se ve sobremanera afectada por el j 





mismios lugares de cria, un aro tras otro. 


CONTRASTAR SU MAPA 





Antes de emprender un recorrido, debe rumbo, debe asimismo saber a qué distancia parte inferior de su mapa. Mientras mide esta 
contrastar su mapa con la brijula, determi- se encuentra del lugar de destino. Puede distancia, compruebe en el mapa el tipo de 


nando dénde se encuentra su posicidn actual — determinar dicha distancia utilizando la escala —_— terreno que espera cruzar. 
y su destino en el mapa. Ademdas de trazar el —_ del lateral de su brtjula, o bien la escala de la 


2 Sin mover la brujula, 
gire el dial (limbo) 
central hasta que las 


1 Para determinar el 
rumbo del punto A al 
punto B, coloque la 






















| brtijula sobre el mapa lineas paralelas 
| entre A y B, y apunte la norte-sur estén 
flecha de direccion del alineadas con las lineas 
extremo de la brdjula de la cuadricula del 
hacia la direccién mapa. La flecha norte 
deseada. Lea la distancia (roja) del dial (limbo) 
| entre A v B en la escala deberfa apuntar hacia 4 
| del lateral de la brajula norte geometrico (véase 
: vy comparela con la pagina 129). De esta 
escala del mapa. manera, establecera el 
rumbo (el dngulo entre 
la linea A-B y cl norte 
magnético) con la 
brujula, 
La flecha apunta site aay 3 Gire el mapa hasta que 4 Ahora puede sujetar la brajula con la mano 
inceinincaia NE NE la flecha norte del dial y seguir la flecha de direccion. Asegtirese de 
Cee ee ee ee BS oa quede alineada con el mantener alineadas la flecha norte del dial 7 
ee norte magnético, que es y la aguja magnética. Al seguir un SPSS... 
el que indica la aguja. rumbo, mantenga la Pea ae 
La flecha en el extremo brujula en posicion = / ~*~ ee 
de la brujula apuntara horizontal. a ee ke 
en la direcci6n que : 


piensa seguir, 





| Mantenga el dia 
alineado con & 
agujd magnets 
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TECNICAS DE NAVEGACION 





En tierra no siempre es posible o recomen- sorteando los terrenos dificiles y siguiendo la blecido un rumbo en su brijula (véase 
dable caminar en linea recta siguiendo un ruta mas sencilla sin perder tiempo paracom- pdgina anterior), aunque sea Unicamente 
rumbo. Los siguientes «trucos del oficio» le probar la situacién, vy sin perderse. Es impor- para emplearlo como referencia. 


mostrarén c6mo determinar el rumbo a seguir _tante recordar que siempre debe haber esta- 


Gire hactet Wy 






Dirtjase hacia un lado para 
lado del rto alcanzar el 
—_ \ _ destina 











Pasamanos, Utilice une 
cresta, un rio oO un sendero como 
guia 0 <pasamanos» a seguir en caso de 
nO poder ver su destino. En primer lugar, siga un 









Desviacion intencional. i 
Su brijula le levard a unos 20 0 30 gra- 
dos de su objetivo. A una distancia de 1 km 


podria perder esta bifurcacién en el rio y apare- rumbo basta el pasamanos (en este caso un rto) y 

cer a 300m de ella a cualquiera de sus lados. camine hasta él. En este ejemplo, la montana se encuentra a 
Mas atin, no sabria en qué direccién buscarla. unOS 250 grados del punto mas cercano al rio, Siga el rio hasta 
Para evitarlo, desviese intencionalmente hacia uno que aparezca la montana (a 250 grados) y gire entonces a la 
de las lados. Cuando alcance el rto, sabre si girar izquierda para seguir ese rumbo. 


hacia la derecha 0 ala izquierda de la bifurcacion. 


LA ESTIMACION DE LA DISTANCIA RECORRIDA 


Ps, ae Fa 


Siga el contorno — 
de la montana ele 
para mantenerse 
a@lamisma altura 











Al moverse a pie, puede contar sus pasos (los que da con el pie 
izquierdo ) o utilizar el reloj. La marcha varia de acuerdo con el 
terreno y el ritmo de viaje. El tiempo es una forma mds 
adecuada de medir la distancia recorrida. Deténgase después de 
los primeros 10 minutos para determinar en el mapa la distancia 
que ha recorrido, y entonces, una vez que ha determinado su 
velocidad, puede detenerse cada hora para comprobar el mapa y 
el equipo. Aprendera a determinar la velocidad de su marcha 
con una exactitud sorprendente. En un terreno escabroso, y con 
un equipo pesado, una velocidad de 4km/h es muy buena. 


































Curva de nivel. 
Al mantenerse a la misma 
altura, estard siguiendo una 
curva de nivel en ef mapa, un método 
muy conveniente de orientacion, en particu- 
lar en la selva, donde puede resultar mucho més 
exacto que seguir un rumbo. Seauir una curva de nivel 
lambién le permitird aborrar energia al no perder ni 
ganar altura, 


Kodee el obstaculo y 
euelva al rumbo 
orteinal . 


Rodeo / Desviacion. Los obsidculos importantes, 
como una ciénaga, no siempre se marcan con precision 
en los mapas. Al rodearlos, al igual que bace siguiendo une 
curva de nivel, siga la linea recta de su rumbo en la brujula, y conforme 
va rodeando el obstdculo, determine la distancia. Cuando recobre su rumbo, 
sabré la distancia que tendrd que recorrer para volver a la linea original 
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L TIEMPO ES el dia-a-dia del clima. Los cam- 
44 bios locales son causados por las diferen- 
cias en la presi6n atmosférica y la temperatura. 
Al pasar por encima de los diferentes tipos de 
terreno, los movimientos de aire localizados 
producen vientos y lluvias. Las areas costeras 
tienen, por lo general, vientos que soplan hacia 
el interior durante el dia y hacia la costa durante 
la noche. En algunos lugares, como en el interior 


de los continentes, el tiempo es relativamente 

estable, mientras que en otros el clima es muy 

variable. Los climas realmente ecuatoriales no 
tienen distinciOn entre estaciones, sino una 
rutina diaria de lluvia y sol. 








El tiempo en el mundo. i lipo de tiempo 0 clima puede 
locelizarse en un drea espectfica, o bien, puede desplazarse 
alrededor del mundo, afectando a zonas muy alejadas entre 
sf —como es el caso de los huracanies. 


LEER LAS NUBES 





Las nubes son grandes masas de vapor de del tiempo. Cuanto mds altas sean las nubes, las nubes que presagian buen tiempo son 
agua en condensaciOn. Su presencia, tipo y mejor y mas estable sera el tiempo. Las nubes —_altas y blancas. Las nubes muy bajas pueden 
tamanho indican la temperatura y la presidn de — tormentosas son generalmente oscuras, bajas envolver las tierras altas en la niebla. 

las masas de aire, permitiendo la prediccién y agrupadas en grandes masas, mientras que 


Cumulonimbos. 

Las cumulonimbos traen 
CONSIZO Branizo, vieTllOs \ 
tormentas. Las formaciones 
de estas nubes oscuras \' 
densas pueden alcanzar un 
gran tamano y un desarrollo 
vertical considerable, 
fomando formas extratias. 
En ocasiones, anuncian 
formenta eléctrica 

(véase pagina 171 ). 


Cumutlos. Los cuimulos 
de aspecto algodonoso 
indican buen tiempo, 
pero si las nubes estan 
muy juntas y se tornan 
de un color oscuro, in- 
dican lluvia, Sobre mar 
abierto, pueden tndicar 
la proximidad de tierra 
(véase pagina 165). 





COMO AFECTA EL PAISAJE AL TIEMPO 


Estratocumulos. 

Los estraiocumulos se 
forman encima de los 
cumuilos, extendiéndose 
para formar una gruesd. 
capa. Los estratocumu- — 
los pueden producir 
lluvias ligeras que se 
dispersan al atardecer 


Cuando las cordilleras o las montafas obstaculizan el 
paso de los vientos cargados de humedad provenientes 
del mar, les obligan a elevarse, formando nubes y 
perdiendo la humedad en forma de Iluvia. Esta Iluvia cae 
por la ladera de la montana hasta el mar, haciendo que la 
franja costera presente una intensa precipitacién pluvial. 
En el otro lado de la montafia, los vientos, ahora secos, 
descienden hacia el interior. Al no contener Iluvia, se crea 
una «sombra de lluvia» que deja el interior seco (como 
sucede en la costa oriental de Australia ). 





| | | Forz aaa) Las nubes se forman 
Cirros. Los cirros, también ; vidi anal . cuando ef <a mn 
Las montanas obligan a | 3 


conocidos como penachos, son 
nubes muy blancas en forma 


_ enfria y se condensa 


los vientos biimedos a 










| de filamentos, Tienden a ascender y a perder “il 
| formarse en leas graces altumas su bumedad en 

si el tiempo es bueno. Como la _ | jor (any de 

atmosjera es tan [ria a esas ) [luvie. 





alturas, estas pequerias nubes 

estan formadas totalmente por 

cristales de hielo. Fl aire bumedo 
se ve obligado 
a ascender 






\ Las vientos 
secos descien- 
den \ se 
calientan 
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LA PREDICCION NATURAL DEL TIEMPO 





Muchos de los llamados cuentos de viejas al atardecer —delicia del pastor; cielo rojo comportamiento animal también puede 





estan basados en la observaci6n. Por ejem- al amanecer —alarma del pastor» puede indicar cambios en el tiempo, al igual que 
plo, la antiquisima rima inglesa «Cielo rojo resultar ser una predicci6n precisa. E] algunos fen6menos naturales (arco iris ). 
Arco iris. li arco irts ~ 
se origina cuando la | LOS DISTINTOS SIGNOS 
luz del solse refractay | | CECE AT. 
—_ DE LA NATURALEZA 


refleja en las pequenas 


agua en el aire 
despues de la Iluvia. 
Las gotas acttian como 
prisma, dividiendo la 
luz del sol en los 
diferentes colores del 
espectro. La presencia 
de un arco iris tadica 





mas lejos. 





Animales en migracion. Los animales detectan Amanecer rojizo. Un cielo rojo al amanecer a 


los cambios de la presion atmosférica que menudo indica que hay una gran cantidad de 

preceden cualquier cambio en el tiempo. humedad en el aire, ya que el sol se refleja en las 

Cuando se aproxima una tormenta o nevada, nubes. Esto significa, generalmente. que se 

muchos animales gregarios que viven en las aproxima tuna tormenta, como bien dice una | TIEMPO HUMEDO 
grandes alturas se retinen y bajan a las tierras antigua rima (véase superior ), - — 


mds bajas )' seguras, 






Fuerza Descripcién ~ Velocidad (km/h;m/s) Efectos 










































_8_ _Gelma I mencsde 0,3 —«Elhumosubeverticalmente 
1 Ventolina 1-6; 0,3-1,5 El humo, aunque no el viento, indican la direccién 
2 Viento tHlojito o brisa 6-12; 1,6-3,3 ~ El viento se nota en la cara; las hojas revolotean 
3 Viento flojo 12-20; 3,4-5,4 ___Hojas en continue movimiento; el viento hace ondear las banderas 
as Viento bonancible 20-29; 5,5-7,9 Se levantan el polvo y los papeles sueltos; se mueven las ramas pequefnas 
5 Viento fresquito 29-39; 8,0-10,7 se inclinan los drboles pequefios con hojas | | 
6 Viento fresco 39-50; 108-138 Los ramos grandes 59 ppaneser9) os pravagere oe Gown con ulus 
x Wianto trescachon 50-62; 13,9-17,1 Los adrboles se mueven; dificultad para caminar | 
8 Viento duro 62-75; 17,2-20,7 Se rompen las ramas de los arboles; la circulacién es practicamente imposible 














9 _ Viento muy duro 73-92; 20,8-25,4 | ____Ligeros danos en las construcciones; se levantan las tejas de las chimeneas 
10 Temporal — 92-102; 25,5-28,4 Arboles desarraigados; dafos estructurales considerables 
11 Borrasca 102-117; 28,5-32,6 Danos generalizados r 





12 Huracan Mas de 117;masde32,6 Zona devastada 





Pifias de los pinos. Las pirias de los pinos | 
también reaccionan ante la humedad. Si 

el aire es seco, las glumas de la piria se 
encogen \ ésta se abre. Poco antes de la 

lluvia, las glumas absorben la humedad 

y la pina recobra su forma. 


Solas de vapor de Un cambio en el tiempo puede ser indicado 
por un cambio en la direcci6n o en la fuerza 
del viento, © por cambios en la formacién 
de las nubes, Los vientos predominantes 
traen, por lo general, un tiempo particular 
en cada ocasion. Un viento seco y conti- 
nuado que cambia de direccién o amaina 
suele preceder a la lluvia. El rocio matinal 


gue el tiempo sera O la niebla indican un tempo estable, pero 
bueno, particular: | el viento —especialmente junto con niebla 
mente si aparece en las montanas bajas— puede traer lluvia, 
durante la tarde. Un cielo claro al anochecer indica que la 


noche sera fria y que probablemente helard, 
ya que no hay nubes que retengan el calor. 
Antes de llover, el aumento de la presién 
atmostérica incrementa los dolores reumé- 
ticos, hace que las plantas abran sus poros 

y produce la dilatacién de los objetos de 
madera. Asimismo, los sonidos parecen viajar 





TIEMPO SECO 


Escala de Beaufort 
para medir la 
velocidad del 
viento. Los cambios 
de tiempo estén 
anunciados por un 
cambio en la velo. 
cidad del viento. 
Utitizando la escala 
de Beaufort, puede 


evaluarse la veloci- 
dad det risrnio, El 


esta escala, la velo- 
cidad del viento se 
divide en 12 fuer- 
zas, desde la fuerza 
Oo calma hasta la 


fuerza 12 0 


hburacan. 











PREPARARSE PARA EL VIAJE 


U NA VEZ SE ha decidido a viajar, es fundamental 
prepararlo todo con antelaci6n. Lave, repare y guarde 
su equipo. Evaltie el terreno que planea cruzar (véase 
pdgina 122), y planifique su ruta con la mayor exactitud 
posible. Retina reservas de agua y de alimento, y lleve 
consigo todo aquello que pudiera serle util en el camino 


0 en su proximo campamento, como los materiales para el 
refugio. En una situaci6n de supervivencia, si se ve obligado 
a cambiar de campamento, asegtirese de que tanto usted 
como sus compafieros tienen la condicion fisica necesaria 
para realizar el viaje. Puede ser necesaria la construcci6n de 


algtin equipo antes de viajar (véase pagina siguiente ). 


EL USO DE LA MOCHILA 


Su mochila debe estar preparada de tal 
manera que pueda acceder rapidamente a la 
comida y a la ropa durante la marcha, ademas 
de llevar el resto de su equipo de campamen- 
to con toda comodidad. No ate ningun 
articulo a la parte exterior; podria dariarse © 
perderse. Coloque todo aquello a lo que deva 
acceder rapidamente en los bolsillos 
exteriores. En el interior, dentro de una bolsa 
grande, resistente e impermeable, debe 
guardar los articulos mas ligeros y 
voluminosos en el fondo, y los mas pesados 
encima, para mantener el centro de gravedad 
de la mochila lo mas alto posible. Dentro de 
su mochila debe guardar la ropa, la comida, 
los articulos de limpieza, un botiquin de 
primeros auxilios y otros articulos, en bolsas 
separadas e impermeables. Mientras 


plastico 


Plato y 
cublertos 


de plastico 


Libreta, mapa ¥ 
lapices dentro 
de una bolsa de 


Boliquin ade 
primeros atexi(ios 


Jersey grueso 
en una balse } 


Té, azticary 2 
leche en polvdy 
en una bolsa * 
















Gafas cde sal sae a ee —— Articulos de bigsiene personal 
scatfas ce = a culos de higiene | ! 


Libro de bolsillo 


+. Protector labial 


Botellas de agua 





Guantes —* . Sombrero 


—_ —. Papel bigiénico 


~ —— Radio 


Comida 
1 Bolella de agua 
~ Impermeabile 


Palos y clavijas 
de la tierida 





male Pantalén 
permanezca en el campamento, mantenga de pldstico impermeable 
todo lo que no necesite en la mochila para / 
reducir al minimo el desorden, y para que, en nian = Tienda 
caso de necesidad, pueda abandonar el taza 
campamento rapidamente. Cocina | =A. terior de ta mochila 


El peso debe 
llevarse sobre los 
hombros 





Llevar una mochila, Mantenga 
el centro de gravedad de la 
mochila lo mds alto posible, para 
evitar gue tire de usted hacia 
atras, Sus piernas deben realizar 
el trabajo de cargar la mochila. 
Un cinturon acolchado para la 
cadera permite que una parte del 
peso sea transferida de las 
hombros a la pelvis, liberando 
una parte del peso de la columna 
y de los hombros. Las correas 
reparten una parte del peso al 
pecho, Al ser ajustables, permiten 
que las mochilas puedan llevarse 
en la parte superior de la espalda. 





Kopa en una 
halsa de plastico 


Funda de Vtvac 


Saco de dormir 










cubierio por una gran 
holsa impermeable 


La organizacion. Si siempre 
guarda su equipo en el mismo 
sitio, y éste es el mas adecuado, 
nunca perdera SUS COSAS, \ 
cada una de ellas estard a 
mano cuando la necesite. 


BOLSAS Y MOCHILAS 


Para un viaje corto, es mucho 
mas comodo llevar una bolsa 
pequena que contenga ali- 
mento, ropa y provisiones, 
que toda la-mochila. Los 
articulos de higiene 


personal puede 
llevarse en un 


NECESER 
pequeno neceser, = 
mientras que los docu- 
mentos de viaje pueden 
guardarse en portadocu- 
mentos impermeables. 


MOCHILA PORTADOCUMENTOS 
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1 Corte una rama ligera 2 Talle muescas en los tres 
unos 30 cm por debajo —_ extremos de la rama. Ate una 
de una bifurcacion, cuerda o un corde! doble alre- 
dejando cerca de dedor de las 
1 m de horguilla. muescas, 
Elimine cualquier que servira 













El equipo debe estar ——— 
firmemernite alado 
al armazon 


posible nudo. como correa 
para los , : 
a ye 
hombros. * Dehe mantener las 
\ COreds alejadas de 
i los bombros para 
\, evvtar frritactones oO 
AN rozaduras 


5 No sobrecargue 
su mochila 
improvisada 
—aunque el | 
armazon soportara i. 
bien un peso : 
considerable. Ate 
las dos correas para 
los hombros por 
delante para evitar 
que las cuerdas 
finas causen 
rozaduras en sus 
hombros. Puede 
acolchar las correas 
con vegetacion. 


3 Ate los otros cabos de 
las cuerdas alrededor 

de la muesca en la rama 
central. Asegurese de 
que las correas se 
ajustan bien a sus 
hombros, pero recuerde 
que no deben apretar. 


4 Envuelva su equipo 
en una manta o lona 
impermeable y atela lo 
mas fuerte posible al 
armazon por el lado 
opuesto a las correas. 


i= 
> 
ee} 
* 
be 


3 No ate la ultima riostra 
demasiado cerca del final 
de los dos palos princi 
pales, ya que éstOs se 
iran desgastando con 
el uso. Deje unos 
5 cm libres antes de 
la ultima riostra hori- 
zontal. 


2 Ate ramas mas pequetias 

entre los dos palos prin- 

cipales, separandolas 

unos 10 cm entre si 
para formar las 
rostras. 





Deje un tramo de __ 
los palos principales 
libre para permitir 
gue se des - 







Basten ™ 

¥- i 

Elimine los a —— . 
= ii 7 
nudos de las Se a 
ranias basta Ate las riostras | i ie 
_ —— a 

dejar la con fuerza a los _ — — | Re 


superficte lise Palos principales 


4 Asegutrese de atar todo 
el equipo sobre el re- 
molque, Puede arras- 
trarlo usted mismo o 
engancharlo a un 
animal, como un Ca- 
. : a, | : Me te, DballoO O UN perro. 
ca ee eo Ee eg we sameemee §=©§ Compruebe que la 
ee go : : % carga no toque sus ta- 
lones o los del animal, 
© que no se suelte por el 
Canina, 


Los palos “ 
deben ser lo 
mas rectos 
postote 





1 Corte dos palos largos y verticales de al menos 

2 m de longitud. Desbaste los palos con un cuchillo 
para que las riostras, que deberan soportar la carga, 
se ajusten firmemente sobre los mismoas. 


| —C llllLlLC—Ee—eeeeee 
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primary industries would benefit from this network approach by simplifying network connections and 
costs associated with deploying and managing an loT sensor network. However, the application of mesh 
networks is still highly speculative as the industry considers how they will operate in practice and in 
different environments. This may contribute to the development of new business models for 5G. 


Spectrum sharing 


Spectrum is a critical enabler of Australia’s current and future communications infrastructure. The 
specific spectrum bands and quantity of spectrum required for 5G are still being considered. However, 
5G will likely require a mix of low, medium and high frequency spectrum to meet different scenarios 
relating to coverage, connectivity, and latency: 


e Low frequency (less than 1GHz)—providing widespread coverage across urban, suburban and rural 
areas and supporting loT for low data rate applications. 

e Medium frequency (1-6GHz)—providing good coverage and high speeds, and including the 
expected initial 5G range of 3.3—3.8GHz which has been identified as the most likely band for 
launching 5G globally. 

e High frequency (above 6GHz)—providing ultra-high broadband speeds for advanced mobile 
broadband applications, and most suitable for applications in dense traffic hotspots. 


5G technologies can be expected to deliver improvements in spectral efficiency (the data rate that can 
be supported per unit of spectrum). However, the use of 5G networks for applications such as 
widespread industrial applications is likely to require significantly more amounts of contiguous 
spectrum to be made available. 


While some of the potential bands for 5G currently have unused spectrum, other bands would need to 
be ‘refarmed’, noting that it is likely that bands currently used for 2G, 3G and 4G in Australia will 
transition over time to 5G. Refarming enables spectrum to be transitioned to the highest value use as 
required. The refarming of spectrum already held by mobile broadband operators is a commercial 
decision for those operators. 5G is also expected to provide the opportunity for ‘soft-refarming’ where 
4G and 5G technologies can both be supported simultaneously, minimising the impact to legacy devices 
during transition periods. 


Spectrum sharing, that is spectrum accessed by numerous users on a Shared basis, has also been 
identified as an option for 5G technology. Spectrum sharing encompasses a range of different aspects 
of spectrum management. Spectrum can be shared by geography, time, economic priority schemes, 
code modulation, polarisation, directionality or power. Access to spectrum is divided between users so 
it can be used without interference issues. 


5G opens up new opportunities for increased spectrum sharing, through mechanisms such as network 
slicing. 5G technology is also designed to support shared arrangements, and allows for the sharing of 
the same spectrum (‘unlicensed Wi-Fi’ spectrum) with other technologies. Operators can augment their 
holdings in situations where existing exclusive holdings are insufficient to meet customer needs. 
Spectrum sharing in the 5G context is also supported by the expected use of highly directional antenna 
technology which would enable operators to operate in closer proximity without interference. 


Antenna technology and network topology 


5G will require radically different structures of networks if it is to achieve successful deployment in 
Australia. As 5G will likely utilise different frequencies, new equipment will be necessary. Additionally, 
the higher frequency 5G spectrum can only travel a small distance and will need more cells to ensure 
adequate coverage. However, antennas and equipment will be smaller, making it easier to attach these 
cells to existing infrastructure such as street lights and buildings. 


www.communications.gov.au 
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LA MARCHA A PIE 


LIRA pie llevando un equipo pesado nada tiene que ver — después de 10 minutos para ayustar los calcetines, botas, 









4con nuestros paseos diarios urbanos. Al caminar en vestimenta y equipo, comprobando que se mantiene la 
grupo hay que seguir el ritmo del miembro mas lento, y se direcci6n correcta y que todos se encuentran bien. A partir 
requiere una planificacion, organizaciOn y prevision muy de ese momento, hay que seguir un ritmo, aminorando la 
detalladas. Una vez comenzado el viaje, hay que detenerse marcha al ir cuesta arriba o cuesta abajo. 


TECNICAS DE MARCHA 


Camine lenta y regularmente, balanceando los — mantener un paso uniforme y continuado Intente detenerse a intervalos regulares para 
brazos para mantener el impulso y el —aquél que pueda seguir durante un periodo —descansar y comprobar su equipo. 
equilibrio, y no fuerce los pasos. Intente prolongado sin perder el aliento o lastimarse. 














Caminar cuesta arriba. Caminar cuesta abajo. 
Disminuya la longt- 
tud de su paso al tr 
cuesta arriba, pero 
mantenga el mismo ramente hacia 
ritmo. Inclinese yi _ atrds. El descenso 
bacia adelante | 2? Se h puede suponer un 
y coloque el pie ~ esfuerz0 extraor 
plano sobre el dinario para sus 
suelo, rodillas, sobre 
todo si lleva un 
encima. 


=} 











. Al caminar cuesta aher- it <I - 
jo, dé pasos mas lar- \ a W) 
Pt % \ 
4" \" + 
. “ 










gos e inclinese lige- 


al] 


At 


4 
= ‘ 
- 


f 


Caminar 
sobre arena. 
En la arena, 
disminuya el 
ritmo vy dé pasos cut- 
dadosamente, apoyando 
el peso gradualmente 
sobre cada pie. Caminando 
de lado evitard que los pies se 
entierren en la arena. 


_ CAMINAR EN GRUPO 





Al caminar en grupo, envie una 
avanzadilla de personas en buena 


. ae . Toda persona disminuida 0 enferma debe 
forma Hisica para comp robar la La velocidad del fener un acompanante, y ambas deben 
ruta, enconttar un sendero V grupo debe ae caminar en medio del grupo para no 
buscar la manera de sortear los a la de sus miembros quedar atras 


mes fentos . 


obstaculos, Al final de la jornada, 
estos mismos miembros del grupo 
pueden encontrar también un sitio 
donde acampar, levantar las 
tiendas o refugios, recoger agua y 
encender el fuego. Sin embargo, 
deben permanecer con el grueso 
del grupo la cantidad suficiente de 
personas en forma para ayudar a 
aquellos que no puedan caminar 
tan deprisa como los demas, y para 
ayudar a cualquier persona 
enferma o herida. 













Algunas persoras 
pueden necesitar 
un aliciente 
adicional y una 
consideracion 
especial 


Mantenerse juntos. Es importariie Vigile que los aml 
que un grupo se mantenga unido aici adelanten, SS La persona que hace 
—a excepcion del grupo de avanzadi- 2 iim . ) A — de gute debe ir » 

: ae retrasen - | marcando el paso de 
lla—, en especial en una situacion de | ‘amare tacwuebe 
supervivencia, No deje que los nitios ~ a i ( \, anes ale are 
o las personas beridas se retrasen. ae | De después de sortear 
Mantenga un Paso que todos pueda i , ay 2 ¥, aww cualquier obstaculd 
seguir. “para asegurarse de que 


nadie queda rezagado 


ee 


LA MARCHA A PIE 





La mejor forma de planificar su ruta es 
recorriéndola primero, aunque esto es 
zeneralmente poco factible, en especial 
en una situaci6n de supervivencia. Antes 
Ge ponerse en marcha, busque un punto 
elevado, como una loma o un Arbol al 
que pueda trepar facilmente, y utilice los 
orismaticos y un mapa, asi como 
cualquier otro elemento disponible, para 
determinar la ruta mas facil (véase 
pagina 122). En la selva, las crestas 
siempre tienen menos vegetaci6n que el 
fondo de los valles, y son mas faciles de 
seguir. Sin embargo, puede que existan 
senderos marcados a lo largo de los 
cursos de agua, creados por los 
nabitantes del lugar. Intente seguir 


Parada de descanso. Las paradas para descansar son 
esericiadles, en particular si camina en grupo. Internte no 
prolongarlas mds de 10 minutos en cada ocasién, pero 
no empiece a contabilizar los minutos basta que todos 
siempre la ruta mas facil. particularmente los miembros hayan llegado y estén sentados. Mientras el 


grupo descansa, la avanzadilla puede ir comprobando 
la ruta. 


LOS PELIGROS DE LA MARCHA 


si sé encuentra en una situacién de 
supervivencia. 





atraviese para evitar lesionarse (véase pagi- 
na 145). Otro peligro es el agotamiento por 
calor. Asegurese de que su ropa permite la 
transpiraciOn para refrescarse sin 
pasar trio (véase pagina 23 ). 


Existen muchos peligros al caminar en la 
naturaleza, que varian desde las caidas hasta 
as mordeduras de insectos y serpientes. 

Por ejemplo, hay varias especies de 
mosca negra urticante en los 
bosques y tierras humedas 
de Norteamérica. Las 
garrapatas también 
constituyen otro peligro, 

y pueden pasar accidental- 
mente de los arbustos a su 
ropa (véase pagina 180 ) 
Tendra que adaptar su estilo 
de marcha al tipo de terreno que 









Avispon. Varias espe- 
cies de avispones 
(Vespa) pueden cons- 


los caminanies en las 


zonas templadas, debido a 
sus picaduras muy dolorosas. 


MOCHILA «HUDSON BAY» 











1 Si no dispone de una 
mochila, puede llevar su 
equipo en esta mochila 
improvisada. En primer 
lugar, envuelva una piedra 
en cada una de las 
esquinas de una lona o 
manta impermeable para 
proporcionar un buen 
punto de sujeciGn. 


2 Extienda su equipo 
sobre la lona y 
enrdllela con la ropa 
dentro haciendo un 
hatillo en forma de 
salchicha. 












Ale una esquind 
dela lona 
alrededor de 

ina piledra 


COMTCd. 





tituir una amenaza para 


3 Ate el hatillo con fuerza 
utilizandoa una cuerda: 
compruebe que todo su 
equipo esté bien enrollado 
en el interior y que no 
pueda perderlo, Ate una 
cuerda de un extremo al 
otro, para que haga de 





CAMINAR DE NOCHE 


Camine lentamente durante la noche, com- 
probando.a cada paso el estado del terre- 
no, antes de apoyar todo el peso sobre el 
pie. Aproveche la luz de la luna y las 
estrellas, y camine por terrenos abiertos, 
alejados de los arboles. Agachese y mire 
hacia arriba para comprobar el contorno 
del camino contra el cielo, Mire hacia los 
lados de los objetos y no directamente a 
los mismos. Deténgase a intervalos regu- 
lares, permaneciendo completamente en 
silencio, y escuche con atenciOn. 


Conserve la visi6n nocturna. Nuestros 
ojos necesitan unos 30 minutos 0 mas 
para adaptarse a la oscuridad, Para 
mirar el mapa \ la briijula con la 
linterna, clerre un ojo. De esta manera, 
recobrara mas rdpidamente la vision. 




















El hatillo se lleva 
cruzado sobre la 
espalda, como 

_ una mochila 


4 Cuelgue el 
hatilla cruzindala 
por su espalda, 
pasando la cuerda 
por el pecho. 
Puede acolchar 

su hombro con 
vegetaciOn para 
evitar que la 
cuerda le roce 

la piel. 
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CAMINAR SOBRE HIELO Y NIEVE 


I OS PELIGROS DE caminar sobre el hielo y la nieve radican 
L tanto en la naturaleza del terreno como en el efecto del 
frio sobre el cuerpo humano. En las regiones polares, mante- 
ner el calor no es tanto un problema como el exceso de 
calor seguido de sudor al trabajar o viajar. Debe tener una 


excelente condici6n fisica para recorrer un territorio polar, 
ademas de disponer del equipo adecuado, sin el cual no 
podria sobrevivir durante mucho tiempo. Caminar sobre el 
hielo y la nieve puede ser muy peligroso en las areas tem- 
pladas, y no debe intentarlo sin una planificaci6n apropiada, 


INDUMENTARIA ADECUADA PARA LAS REGIONES POLARES 





El intenso frio de las regiones polares requiere una indumentaria especial. Para 
caminar en estas zonas necesita ayudas especiales como las que le proporcionan 
las raquetas de nieve, los crampones © los esquis, mientras que para cruzar un 
rea de hielo, como los glaciares, requerird un piolet. Para evitar un sobrecalenta- 







Capucha. La captcha debe 
extenderse hacia adelante para cuorir 
la cara, Debe llevar un gorro debajo 
de la niisme 


micnto, debe ser capaz de ventilar su vestimenta, sea abriendo cremalleras 
© eliminando capas. Es fundamental seguir el sistema de capas (véase 
pagina 22) y llevar prendas resistentes al viento como capa exterior. 

Las temperaturas muy bajas y los vientos helados exigen cubrir incluso 

las minimas areas de piel expuestas al aire para evitar la congelacion 
(véase pagina 141 ). También son esenciales unas gafas para impedir 
la ceguera producida por el reflejo de la nieve. 


EQUIPO INDISPENSABLE 


En las regiones polares, unas galas 
pueden evitar la ceguera producida por el 
reflejo de la nieve. Los crampones evitan 
que resbale sobre el hielo, mientras que 
las raquetas le permiten caminar sobre la 
nieve profunda. Un piolet para apoyarse 
en las pendientes heladas y unos palos de 
esqui le ayudan a mantener el equilibrio. 


CyAPAS 


Piolet. (Un piolet 
es Hill para 
constriuir escalones 
en las pendientes 
heladas. También 
puede utilizarle 
como jreno en 
caso de resbalar 
yecaer 


Pantalén, Un pantalon 
O pelo (pantalon con 
cintura alta y tirantes ) 
debe tener una capa 
exterior resistente al 
mento ) ria aislante 
en el interior. Los pan- 7 
laiones deben tener 
cremalleras traseras 
para permitir realizar 
las funciones naturales 
sin lener que quitarse 
el anorak o exponer 
parte del cuerpo al 
aire rio 


Mantener el calor. 

La indumentaria para 
las regiones frias debe 
componerse de varias 
capas que retengan el 
aire caliente entre ellas y 
de esta manera atslen el 
cuerpo (véase pagina 23). 


PALO 
DE ESOUI 


CRAMPON 














Anorak, (n anorak 
debe ser resistente al 
lento y facil de 
ventilar, de la taila 
adechada pera perniir 
llevar muchas capas de 
ropa Dor a eba fo. 
_ Asimismo, debe ser 
aislante y de peso ligero. 


Guantes, Sor MeCesarios 
tres guanites: unos [inos 
para evitar que le piel se 
adbiera al metal, unos 
intermedios de lana \ 
wnas manoplas extertores 
resisientes al viento é 
impermeables. Los 
Mitceriles efedve ri She fC Se 
al cuerpo y entre si por 
una cinta que suba por 
los brazos y pase por los 
hombros; ast evilara 

_ perderilos. 


__. Martillo. Se utiliza 
Para clavar clavijas y 
asideros en el hie i 
al escalar ( véase 
Pagina 146) 


Botas. Las bolas constan de 

ld CHOTA Oxeriosr be 
plastice aislante y una bota 
inferior gruesa, con una 
suela adecuada para ef uso 
en las tiendas y en el 
campamento. Deben llevarse 
encima de varias capas de 

. calcetines, fine Ss }! PFUCSOS. 
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1 Curve una rama joven 

y verde ayudandose con 
la rodilla v doblela 
gradualmente hasta 
que sea flexible. 

























3 Corte un lado de 
ambos extremos 

de la rama hasta que 
quede encajado 

uno en el otro. 


4 Ajuste los 
extremos del aro 
terminado. Ate los 
extremos con un 
corde. 


eal 


2 Con un cuchillo, 
elimine cuidadosa- 
mente toda la 
corteza en la parte 
interior de la curva. 
De esta manera, 
facilitard el dobla- 
miento de la madera. 





8 Ate las raquetas 
terminadas a sus 
botas con un cordel. 
Las raquetas reparten 
el peso del cuerpo 
sobre un area mayor 
Que la que propor: 
cionan los pies. 


6 Ate tres pares de 

ramas pequenas 
de un lado a 
otro del aro, 


} stas serviran 
de soporte al pie. Y @ , 








5 Ate dos palos cortos ~ Ale cada par de 7 Entreteja un cordel entre las 
entre si por el centro, con ramas alo ancho ramMas 'V alrededor de las mismas 
peraci6n con dos pares raqueta, 


mas de palos. 


TECNICAS PARA CRUZAR HIELO Y NIEVE 


Nieve profunda. Para cruzar una 7 am, | 
gran extension de terreno nevado Esot 1 DE FONDO 
en grupo, lo ideal es caminar 
en fila india, dejando poca 
distancia entre cada miem- 
bro del grupo. Esto evita 





Los esquis empleados en el esqui de fondo 
son largos y estrechos. Estan encerados para 
que se deslicen y tengan un buen agarre a la 





Hacer frente a las pendientes, Cruzar 
pendientes beladas o lagos congelados 
requiere el mayor de los cuidados. Debe 
atarse a sus companeros y emplear su piolet 
para tantear el camino por si encontrara 
erietas ocullas, O para sujetarse en caso de 
resbalar. Si el bielo se Cuartea, reparta su 
peso en la mayor superficie posible, y utilice 
el piolet para empujarse fuera. No camine 
nunca encima de un embalse congelado. Si 
éste se ha vaciado, podrta existir un biueco 
de varios metros debajo del bielo, y si el pielo 
se rompiera no podria volver a la superficie. 
Si resbala sobre una pendiente belada, clave 
la punta de su piolet.en ei terreno ' apoye 
todo stu peso sobre ella, Puede actuar como 
freno y detenerle en la caida por la 
pendiente. 


que alguno se pierda en 
Mina Ventiscd, V pernitte 
gue, en el caso de que 
alguien cayera, los dems 
pudieran socorrerle reépt- 
damente. Una capa de hie- 
lo sobre la nieve profunda 
puede soportar su peso, pero 
fenga mucho cuidado, Utilice el 
ptolet Como soporte para caminar. 








vez, permitiendo un movimiento frontal 

y evitando los deslizamicntos hacia atras. 

El impulso proviene del empuje de la pierna 
que queda atras, mientras que la otra se 
desliza hacia delante. Los esqufs de fondo 
son muy recomendables para desplazarse 
sobre la nieve en polvo muy profunda, 
donde resulta imposible caminar. 


Deslizamiento silencioso. Los esquis de 


fondo permiten desplazarse de forma eficaz 
y casi silenciosa en zonas silvestres. 
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VIAJAR SOBRE NIEVE 


( ia PATINES Y esquis especiales, podra des- - a las regiones polares, donde las bajas temperatu- 
plazarse rapida y eficientemente sobre ieee ras embotan la mente, las noches invernales 









el hielo y la nieve profunda. Sin embargo, 
cruzar una extensién helada, o incluso 
con una pequefia cantidad de nieve, 
puede suponer un enorme esfuerzo. 
Unicamente las personas experimentadas 
y con un buen entrenamiento, y dotadas 
del equipo adecuado, deberfan emprender viajes 


casi interminables deprimen a la persona 
mds alegre, e incluso los vientos modera- 
dos aumentan drasticamente el riesgo Ge 
congelacion. 

Vebiculos para la nieve. Con fines deportivos 0 


practicos, las motonieves han reemplazado a los trinees 
de perros en la vida cotidiana de tas regiones articas. 


tar 


TRINEOS DE TRACCION HUMANA 


Los trineos de traccién humana son muy eficientes para su empleo 
sobre hielo o nieve helada, en especial si lleva esquis, Esquiar so- 
bre nieve blanda requiere un mayor esfuerzo, y resulta mas 
adecuado usar raquetas, aunque el esfuerzo sigue siendo 
considerable. Debe tener mucho cuidado de no acalorarse y sudar, 
porque el sudor mojaria su ropa, Asegtirese de que puede ventilar 
su ropa para liberar el exceso de calor. 


Tirar de un trineo. Los trineas evitan el tener que cargar un 
peso y se deslizan bien sobre el hielo y la nieve dura. Sin embargo, 
resultan dificiles de frenar cuando van cuesta abajo, er cuyo 

caso es imposible bacer un viraje. Asegtirese de poder 

liberarse del arnés raépidamente, pero mantenga 
siempre st trineo bajo control, deteniéndose 

| después de cada tramo cuesta abajo, aunque esto 

no stempre sea sericillo. 












ADVERTENCIA 


Los dedos, la nariz, los pies, las orejas y la 
cara son las partes del cuerpo que primero 
se congelan. Cuando la piel comienza a 
- congelarse da una sensacién de hormi- 


gueo. Después aparecen unas zonas 
entumecidas y de aspecto ceroso. Si no 
vuelven a calentarse, estas zonas adquieren | 
un aspecto granulosa, desniies se enrajecen, 
forman ampollas, y mueren antes de 
desprenderse totalmente. 













El equipo esta / 
sujeto al trineo 
por debajo de 
la cubierta 
impermeable 


TRINEO DE PERROS 





me 


revestidos de un plastico 
rigido que aumentia la 


Ome Fat Fats) 


\ a . ie. a af : i 

. : i ‘ — ‘ me / 

ae =. —— ae ~™. Los patines del trineo estan 
> A 2 <— 


- 





F = 
\ ~ 
\ El conductor vs . 
wmantebraol El trineo se / Transporte tradicional. Los trineos de perros fueron utilizados 
trineo despla- sujeta con tradicionalmente para el transporte polar, y algunos exploradgores atin lo 
ZANRAO SU Peso ue! Gas P eee consideran el mejor método para el transporte de provisiones @ traves de Trabajo en equipo. El equipo 
de un lado a dare eee los terrenos con hielo o nieve, Increiblemenie resistentes, capaces de trabaja en conjunto com 0 si Se 
— ac al dormir en medio de una ventisca y de desplazarse rapidamente en cast tratara de una manada, siendo el 
todo tipo de terreno, los perros son mas faciles de mantener y son una perro guta su jefe. Este considera al 


compania mucho mes agradable que las motonieves. conductor el guta de la manada. 
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a Las condiciones son 
muy desagradables; se 
requiere una vestimenta 
exterior jermica 


| Las condiciones son 
relativamente agrada- 
bles si se toman las pre- 
couciones normales 


1 Puede construir un trineo 
a partir de una rama de 
irbol ahorquillada. Ate 
los extremos de la 
rama a la curva que 
forma la horquilla 

para tensarla. 










3 Ate algunas ramas sobre las 
piezas de refuerzo para formar 
la plataforma principal del 
irinco. 








mperatura equivalente de congelacién (°C) 
-18 | 





Vientos frios, F!/ 
viento puede llegar a 
matar en las regio- 
nes del norte, ya que 
puede enfriar el aire 
por debajo de la tem- 
peratura ambiental. 
Conjorme aumenta 
la velocidad del 
viento, su efecto so- 
bre la temperatura 
se multiplica. 


EFECTO REFRIGERANTE DEL VIENTO 
Temperatura (°C) 
i) -02 26 
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ol a 1 

|_| Condiciones extremada- 
mente peligrosas; la piel 
expuesta puede congelarse en 


(ai Un desplazamiento al aire 
libre puede ser peligroso; la piel 
expuesta puede congelarse en 
un minuto 


iil La piel comienza a 
congelarse cuando se 
expone al aire libre durante 
un periodo prolongado 


COMO CONSTRUIR UN TRINEO 


30 sequndos 


2 Cualquier cuerda que toque el suelo se 
desgastara rapidamente, por lo 
que debe atar ramas de 
refuerzo a los patines 

para construir un sopor- 
te para la plataforma, 












Construya un asa 
con una rama y una 


cuerda a 












Trineo cargado, Envuelva su 
equipo en una manta o.tela 
impermeable y dtelo con fuerza 
al trineo. 


‘4 Ate la mayor cantidad posible 
de travesanos a los refuerzos 
para formar una plataforma 
segura sobre la cual sujetar su 
equipo. 


Las ramas estan — 
atadas a los 
refuerzos para 
soportar la carga 


Un transporte fiable. Gracias a su | 
grueso pelaje y al pelo que protege 
sus Ppatas, los buskies estan 
perfectamente capacitados para 
viajar por las regiones polares. 





Los tirantes unen los ar- 
neses de todos los perros 
entre st para que traba- 
jen al unisono | 


El grueso pelaje les 
protege del viento y la 
nieve 
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CRUZAR EL DESIERTO 


L OS DESIERTOS ESTAN generalmente deshabitados porque 
4noO existe la suficiente cantidad de agua ni de vegetacion 
para el sustento de una comunidad permanente. Son lugares 
con climas muy extremos: a menudo hace mucho calor 
durante el dia y el frio es extremo por la noche. Las condicio- 








El objetivo principal de la indumentaria 
para el desierto es mantener constante la 
temperatura corporal. La ropa debe prote- 
ger al cuerpo del calor del sol durante el 
dia, v retener el calor corporal durante la 


INDUMENTARIA ADECUADA PARA EL DESIERTO 


nes climdticas también pueden variar rapidamente debido a 
las violentas tormentas de arena y a las lluvias torrenciales. 
El desierto es un medio inhéspito, en el que el agua es una 
necesidad esencial y en el que tinicamente sobreviven las 
criaturas mas resistentes. 











Sombrero. (ii sombrero de ala ancha 
yv color claro refleja la caliente luz so- 
lar, y aisla la cabeza del [rio nocturno. 











noche, cuando las temperaturas bajan 
drasticamente. Todas las partes del cuerpo 
deben estar cubiertas y protegidas del sol 


Gafas de sol. - 

Las gafas de sal con 
filtros protegen de 
la ceguera causada 








y de la incomodidad que supone una tor- POKER 

menta de arena. En los desiertos no hay 

practicamente humedad; esto hace que el 

calor sea mas soportable que en otras re- Camisa de algodon. 

giones calidas. Como la ropa para el de- oe Ee ee 
sierto no debe protegerle de la lluvia, Craguels, proleperle les Scie det end. be 


Una chaqueta re- 
sistente al viento 
protege de la vege- 
laciONn espinosa, 
del sol, del viento 
ydel 

/rfo nacturno. 


puede ser cOmodamente porosa, permi- 
tiendo la ventilaci6n entre las capas, y 
proporciondndole asi un buen aislante 
durante la noche. 


IMPROVISAR EL EQUIPO Abseeertine 
BE Un cituran tejtdo 
Como el desierto puede ser un lugar muy 0 trenzado no sélo 
peligroso, es importante contar con el 
equipo adecuado, en especial con ropa 
aproplada que le proteja del calor y de los 
ravos ultravioleta del sol. Puede improvisar 
unas gafas de sol a partir de pelicula foto- 
grafica, un pafiuelo a partir de una toalla 
para proteger su cuello, o hacerse unas bo- 
tas con tela. 


entre ef SUS TOPS, 
sing que tambien 
podré utilizarlo 
como cabestrillo en 
caso de emereencia 
(véase pagina 179 ). 


Gafas. Debe proteger sus ojos del sol en 
todo momento. Improvise unas gafas cor- 
tando ranuras muy finas en una tira de 
pelicula de fotografia, que atara alrededor 
de su cabeza con la ayuda de un cordel 


La vestimenta para el de- 


Debe protegerle de los fue) 
tes rayos tultravioleta y del 


noche. 










evitard que la arena Be 4 


La ropa para el desierto. 


| sierto debe ser ligera y estar 
confeccionada con un ma- 
terial poroso pero resistente. 


anil 
= 


calor del sol durante el dta, 
ast como del aire frto de la 


bajo de la camisa debe llevar 
una camiseta que controlara la 
evaporacion del sudor y ayu- 
dard a mantenerle fresco. 


“Tart ai oi i tn eeeai 
Wb. 
4 n" a 
Bae Ter, 


2 : - i - " 
=. + =% a Poe 
~4 eT Pe eres Me NT bs ral 
ft § )egeaheS ey ss, 0) seh pe 
= L* 2: { aes = this = j 
=. - a ihe ‘ é ~ j eo 
—— apie) a4 sx PE r Py 
= n= —— — - 
i. 
| a 
22S 5 — 
ee ae j " 
r ti, ia " 
= i bas = } 
_ 
i ' 
a¥: _ . 4 
a | = “== 
“9 


Manos, Proteja sus 
manos de las quema- 
duras solares con cre: 
mas Profectoras 

con filtro solar 


Pantalén de algodén. 

Un pantalon de algodén de te- 
jido cerrado es resistente al 
tiento y protege las piernas del 
sol, dela arena y de la vegeta- 
CciOM espinose. 


Botas. Las botas para el de- 
sierfo fienen suelas gruesas 
y aislantes, y estan confec- 
clonadas con ante poroso 
que permite la respiracion 
de los pies. 
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Una zona se clasifica como desierto Si 
recibe menos de 25 cm de Iluvia al afio. 
Los desiertos pueden ser muy diferentes, 
segtin su localizaci6n y clima (véase 
pdgina 16). Pueden ser areas rocosas, 
enormes extensiones de dunas de arena, 
montafias rocosas con matorrales 0 
simplemente una tierra desolada que no 
puede soportar una vida animal o vegetal 
especializada. 





Erg. Las grandes dreas cdlidas y arenosas 
con dunas se conocen como ergs. Se encuen- 
tran en Australia, en el norte de Africa y en 
Asia. 









‘ =~ aoe Cte 


Desierto rocoso. Las dreas llanas y rocosas Desierto de cactus. Aleunos desiertos pueden soportar 





fueron en su dta los lechos de los antiguos alowin tipo de vida especializada, como los cactus, que 

mares. Estos desiertos, que se encuentran en retienen agua en sus tejidos. Estos destertos se encuen- siado seco para soportar el crecimiento de 
todo ef mundo, son muy inbéspitos debido a tran en Norteamérica, Sudamérica, Australia ) Asia. hierbas. LOS semidesiertos templados se 

la falta de refugios y a los vientos constantes. encuentran en Norteamérica, Sudameérica, 


Asia central y Australta. 


COMO _PROTEGERSE EN UNA TORMENTA DE ARENA BL VIAJE POR EL DESIERTO 






















Sentido de la marcha 2 Reftigiese donde pueda, con En una situacién de supervivencia en el desierto, no debe 


Direceién el viento a ve espalda. Cubra 7 moverse a menos que sea imprescindible. Si debe desplazarse, 
: 7 - 1 vy ‘a ; =Téil: af 7 i 
del viento cuerpo totalmente, protegiendo por ejemplo para buscar agua, o porque no existe la esperanza 


su cara y cuello de la arena. 
Espere hasta que la tormenta de 
arena haya cesado por completo 
antes de reemprender la 
marcha. 


de que pueda ser rescatado desde donde se encuentra, hagalo 
linicamente de noche, cuando refresca, y si es posible bajo la 
luz de la luna. Como es muy dificil determinar donde se 
encuentra en un desierto sin referencia alguna, la busqueda 
de un oasis (suponiendo que sabe donde se encuentran) esta 
lejos de ser facil. 





1 Las tormentas de arena 
son muy desagradables y 
pueden llegar a alterar 
el aspecto de un 
desierto. Debe mar- 
car el sentido de su 
marcha con 
piedras o ramas. 












Sombra improvisada. Puede preparar un espacto 

sombreado colgando una manta sobre una cuerda atada 
entre dos estacas. Cave una depresion en la arena 
para tener espacio suficiente para 
moverse bajo el tejado. 





TIEMPO DE SUPERVIVENCIA EN EL DESIERTO CON RESERVA LIMITADA DE AGUA _ he ee ee 


necesiian un minimo de 4-5 litros de agua por dfa 


De »mbra cies Fs cuanece | 
eT , Descansando en la sombra_ ai para ser capaces de viajar a pie con un minimo 
| SIN AGUA 2 LITROS 10 LITROS grado de seguridad. En el desierto, la conservacion 


50 2-5 dias | 9.5 dias 4.5 dics del agua de su cuerpo es primordial, por lo que 
— DOPED Cer rte Peie Laeare ade a ee ee er 
0 


: : ; 1 a oF 
2 -3 di | 12? 
ra . 5-8 dias 86 minimos esfuerzos, e inientar evitar la transpiracton. 
i 68 
” 





20 23-25 dias A temperaturas de 50°C, sin agua para beber, 


. tinicamente sobrevivird cinco dtas, si se limita a 
descansar en la sombra. Este tiempo se reducira a la 
mitad si camina, incluso de noche. En une situccion 
de supervivencia, debe cuestionarse seriamente la 
necesidad de cualquier tipo de movimiento a menos 
de que disponga de una gran reserva de agua, 


Caminando de noche 
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VIAJAR A TRAVES DE LA SELVA 


PESAR DE SER calida, humeda y estar llena de insectos, familiarizados, la selva es hdmeda, oscura y ruidosa: un 
 & la selva es, en muchos aspectos, un jardin del Edén. lugar inc6modo y amenazador. La humedad y el intenso 
Los alimentos son abundantes, no hay estaciones de esfuerzo que supone viajar a través de la selva hacen que la 
carencia, y el agua fresca cae del cielo en grandes insolaci6n sea un peligro constante, por lo que debe llevar 
cantidades. Sin embargo, para aquellos que no estén consigo una reserva importante de agua para evitarla. 


INDUMENTARIA ADECUADA PARA LA SELVA 






















Debe cubrirse completamente cuando viaje 

a través de la selva, y llevar ropa ligera y 
resistente que se seque rapidamente. 

Es posible que su ropa este humeda la mayor 
parte del dia; deberd lavarla en agua fresca 


Sombrero. Un sombrero de 
aleodon debe tener un ala lo 
sujicientemente ancha como 
para evitar que una rama, una 
hoja, o cualquier tipo de 
vegetactdn fastinre sts afos. 


Articulos importantes. 
Los articulos mas 


cada dia para evitar que se pudra. No tiene importantes de su equipo dint Gena monastic: ieeed 
sentido llevar ropa impermeable porque deben quedar stuijetos a una para mosquitos nica evant yx 
tinicamente le harfa sudar. Un jersey ligero cuerda alrededor del cuello "Kolgis-estiltseaesc val abietiicoes 
resulta util en las noches frescas. Tenga S ecepns tt eee = aids cuando estos insectos son 

cj ? nte Ve da cle na li iq V ps ‘eons \ aac on _ M particularmente molestos. 
siempre a punto una muda de ropa limpia 4 Al viajar, guardelos debajo asinrosepienienemicerimcrel 
seca para dormir. Guarde todo su equipo a de la camisa, — ies a wile Te wieslin: ausnie 


que no estén bien sujetos pueden 
engancharse en la vegetaciOn, asi que sujete 
sus Objetos valiosos con cuerdas resistentes 
alrededor del cuello. 


= 


_ Camisa. La camisa debe 
ser de algoddn y de manga 
larga, Asimismoa, debe lener 
el cuello que pueda 
levantarse y abotonarse 
para protegerie fa gargania. 


Cantimplora, 

Una cantimplora es 

absolutamente 

_ mecesaria, Llévela 

| — sujeta al cinturon 

BOTIQUIN PARA LA SELVA buaraireaiGeend cits 

Recuerde filtrary 

No permita que las pequefias heridas lleguen | depurar toda el 

a infectarse. Al tener que abrirse camino agua que recoja 

ne ; | antes de beberle 

entre una vegetaci6n espesa v espinosa, las cae “ nse 
, a ‘case pagina /4, 

heridas en las manos son inevitables. Los 

auuibiOlivus cu polvu sou ideales para 

prevenir infecciones. Cuando se abra paso 

entre la densa vegetaciOn, tenga cuidado y 

evite herirse con el machete, porque podria 

dejarle imposibilitado © causarle una herida 

que diffcilmente no se le infectaria. 

Necesitara una gran cantidad de tiritas | 

impermeables para cubrir las pequenas Cuchillo. Su \ukri — 

pee oe Eero e (cuchillo) o machete 

erdas Vv cores. ‘ial 

heridas y corte debe estar bien 

protegido; gudrdelo 

dentro de una funda eri 

su cinturdn, Llévelo en la 

mano unicameritle 

mientras lo esté 

empleando, Compruebe 

constaniemenie que no 

lo ba perdido. 


Botiquin de primeros 
auxilios, Lieve siempre 
consigo un botiquin de 
primeros auxilios, sea en 
ef cinturon oenun 
bolsitlo, 


\ Tiras repelentes de 
insectos. Estas tiras que se 
llevan en las murecas y 
tobillos estan impreenadas 
con repelente de insectos 
para alejar a los mosquitos 


a gaa y ofros parasitos, 


Vendas 
aniimalaria 


Tirttas tm- 


Agijas 
_ permeables 


: “7 ? vi dene ser 
estériles _ Pantalén. El panialén debe ser 


holaado, confeccionado con 
material resistenté pero ligero, y 
debe ir cenido a los tobillos, sea 
con cordones incorporados © Con 
cinta elaslica. 


Equipo para la selva. 
Lieve siempre las mangas 


Toallitas / © Liquido de la camisa bajas cuando 
AMNSEPlICAaS : i se adentre en la selva. Botas. Las botas deben tener suelas 
\ Gasas estériles Proteja sus manos, cuello resistentes, com pratecetin especial 


para los dedos y el empeirie ( véase 
pagina 25). La parte superior debe 
estar confeccionada en tela, para 
que sé seque rdpidamente, y deben 
estar provistas de valiulas de paso 
tinico para evacuar el agua al 

, Caminar 


y cara con repelente de 
fnsectos. NO se ponga repe- 
lente en la frente; si lo bace, 


Medicacion tropical. Existen boliquines 
especiales para las regiones tropicales, 
Contienen articulos comunes para primeros el sudor y el repelente res- 
auxilios y medicamentos para contrarrestar balaran hacia sis ojos. 
las enfermedades tropicales. 
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CARACTERISTICAS DE LA SELVA 





—— _ = — Boveda verde. Fi tina selva 

ca primaria, los drboles pueden 
crecer basta una altura de mas 
de GO m, creando una cubierta 
densa que oculta el sol. Esta 
béveda va siguiendo la jorma del 
suelo que hay debajo, pero desde 
el aire, lo unico que puede verse 
es el deriso techo de vegetacion. 
la mayorta de los animales que 
habitan este medio lo hacen en la 
copa de los arboles. 





Vegetacion exuberante. 

La selva secundaria crece allt 
donde los hombres quemaron 
drboles para obtener tierras que 
cultivar. Después de la cosecha, 
abandonaron estos claros 
permitiendo que el sol llegara al 
nivel del suelo y estimulara el 
enorme crecimiento. Este tipo de 
selva es dificil de cruzar. Debe 
abrirse un sendero a través de la 
vegetacion, y éste es un trabajo 
extenuanile. 





Selva umbria. Debajo de la boveda, el suelo 

de la jungla permanece relativamente libre de 
vegetacion, Las lianas gigantes crecen bacia 
abajo, y tna gran variedad de flora y fauna 
habita los distintos niveles de este medio humedo 
y sombreado. 





DESPLAZARSE A TRAVES DE LA SELVA 


Aunque es facil desplazarse en la selva a A 
primaria, la selva secundaria es densa, llena Vy LA RUTINA EN LA SELVA ECUATORIAL 


de obstaculos y desagradable. Cortar la 
vegetaci6n es un trabajo 4rduo que hace ( 
muy lento el avance. Abundan los insectos 

y las hierbas urticantes, muchas de las 

cuales tienen espinas peligrosas. Si queda 
atrapado por una de ellas, la mejor manera i 
ieee por si mismo es moviéndose hacia | 
atras, invirtiendo el proceso por el que quedo. 
atrapado. 


Conforme se acerca al ecuador, los dias se 
hacen mas regulares. En las a4reas ecuatoria- 
les, el amanecer y el atardecer tienen lugar 
ala misma hora cada dia, y a menudo 
llueve a la misma hora en punto —por lo ge- 
By, \) neral, justo al atardecer. No hay una puesta de 
bis) sol gradual, como ocurre en las latitudes mds 
: ( altas, sino una Oscuridad repentina y total. 







La rutina diaria consiste en levantarse al ama- 
Aguarda un momento. Algunas necer, trabajar hasta el mediodia y descansar 
especies de rattan, conocidas como =~ | durante las horas de mucho calor. Si se esta 
«dipudrda un momento» pueden Hie | despli azando, comience a buscar un lugar para 
convertir su ropa en firones. Si queda — nS . acampar no mas tarde de las | 5.00 horas. 
atrapado, espere pacientemente x ~\ | 
a que un companero le libere. Eliminar las sanguijuelas. No se limite a 
arrancar las sanguijuelas, ya que las partes 
bucales podrian quedar dentro de la berida 
LOS PELIGROS DE LA SELVA y causar infecciones. Toquelas con una 
; 2 rama ardiendo 0 empdpelas en repelente de 
La selva tiene muchos peligros, que van desde —_ Asegtirese de vacunarse contra la malaria, y inseclos para que suelten su presa, y quitelas 
los animales salvajes hasta enfermedades tome la adecuada medicacién antimalaria entoneces. 


como la malaria, La constante humedad antes de adentrarse en la selva. Utilice los 
puede causar infecciones flingicas r 


a CC | repelentes de insectos y cuelgue 
en los ~~ nm 2 que es <4 . una mosquitera durante la 
= er ab € ap ic ir pol = ai er. noche para evitar sus pica- 
vos de talco regularmen- Seen & 3 duras 

Zo —— . =_ = -Go . * — - toy 


te (véase pagina 24 ) 
Sacuda la ropa y las 

botas antes de ponérselas, 
en caso de que se hayan Ep 
convertido en refugio de ara- ey = 
fas O serpientes venenosas. "yee" eee 


Enemigo mortal. 
La bembra del mosquito . 
Anopheles pitede transmitir 
~ el mortal virus de la malaria. 







“. Toque las saneut- 
fuelas con una 
rama ardiendo 


| _ lLC—Ee—eEeeeeee 


Department of Communications and the Arts October 2017 





The more dense deployment of cells will also give rise to other approaches that improve the reliability 
of data transmission across a 5G network. Data may be divided into individual streams and transmitted 
through multiple antenna segments in a process called Multiple Input Multiple Output (MIMO) which 
allows for more information to be transmitted simultaneously. This technique is further empowered by 
‘beamforming’ which allows base stations to direct focused beams of energy to a specific area rather 
than dissipate the available power of a larger area. These developments will enable more efficient 
transmission and increase overall throughput. 


5G is also expected to assist the adoption of loT by further reducing power consumption through 
extended discontinuous reception. In this scenario, loT devices shift between active and inactive cycles, 
transmitting only when required. This will allow connected devices to operate for extended periods on 
a single charge, reducing operational costs. 


5G will also increase the support for a greater density of devices that would have otherwise been 
limited by the capacity on 3G and 4G networks. They will also enhance loT deployment through the use 
of network slicing to create virtual network configurations that are optimised for the low power and 
coverage requirements of loT networks. 


Business case 


For Australians to experience the benefits of 5G, the communications sector will need to explore and 
develop new business cases to attract investment and support the rollout of 5G services. As 5G 
becomes an integral part of the communications ecosystem, the sector will need to be agile to respond 
to the needs and expectations of other sectors which will be seeking to take advantage of these next 
generation networks. 


While residential consumers will inevitably be attracted to the enhanced mobile broadband services 
offered by 5G, it is the industrial applications for 5G where industry expects to see the greatest 
opportunity for new business models. 


Compelling industrial applications are still to be developed. For example, industry sectors can be 
expected to seek tailored solutions for their business needs such as enhancing their local area network 
or enabling autonomous systems, and small businesses will look for low cost deployments of loT. 


It is therefore expected that the model for 5G will be demand driven and will require the 
communications industry to foster new business opportunities. 


www.communications.gov.au 
5G—Enabling the future economy www.arts.gov.au Page 8 of 12 
www.classification.gov.au 
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UNA ESCALADA SEGURA 


J 7 NICAMENTE DEBE EMPRENDER una escalada si no hay intentando mantener tres partes de su cuerpo (los dedos de 
_ otra manera de sortear un obstaculo, y nunca si esta los pies, los dedos de las manos, los pies o las manos 

solo. Si cae o se queda atrapado, nadie podra ir en buscade = —nunca las rodillas—) en contacto con la roca en todo 

ayuda. La regla de oro de todo escalador es mantener tres momento. Tenga cuidado al evaluar el estado de la roca y la 

puntos de contacto con la roca, emulando la estabilidad de estabilidad de las presas para manos y pies. Utilice siempre 

un tripode. Piense cuidadosamente cada movimiento, una cuerda, si dispone de ella. 


PRESAS PARA MANOS Y PIES 





Las presas para manos y pies son la base de patada o con un golpe de mano. No intente mds que las manos, para soportar su peso y 


la escalada en roca. Antes de poner el pie ola —_asir una muy lejana, o ponerse de puntillas empujarse hacia arriba. No se levante con los 
mano en una presa, pongala a prueba con una _ para alcanzar una muy alta. Utilice sus piernas, —brazos. 
Presa de oposicion. Empotramiento de Presa de pellizco. 
Puede servirse de mano. Piiede erncajar Cuando no pueda 
presas laterales para su mano oO puno en aferrarse bien a una 


equilibrarse. Las pre- 
sas de oposiciOn son 
ideales si pttede utili- 
zar el pulgar para 
presionar hacia el 
lado contrario. 


presa, agadrrela como 
si se tratase de un 
ladrillo. Intente 
pellizcar la roca. 


una Pequenia grieta, 
e impulsarse hacia 
arriba cuando no 
exista una presa de 
otro lipo. 


Presa de pie en 
pendiente. Inieviie 
colocar la totalidad 
de la suela sobre la 
presa, Si unicamente 
puede apoyar la 
punta del pie, doble 
el tobillo para mejo- 
rar la adberencia. 


Empotramiento de 
bie. Utilice una ben- 
didura de la roca 
para apoyar la parte 
interior del pie. Des- 
lice la suela a lo largo 
de la hendidura, en 
un angulo de 90 gra- 
dos con la pared. 


Presa grande. 

Los agujeros en la 
roca se conocen Como 
presas grandes y 
constituyen apoyos de 
pie ideales. Equilibre- 
se para que sus brazos 
y piernas soporten su 
peso por igual. 





ESCALADA BASICA 





Si es usted un novato, no deberia escalar sin situaciOn de supervivencia, puede no tener mirando mientras va escalando. Si tiene 
estar sujeto a una cuerda asegurada por un otra opcidn. Antes de escalar, busque con la cualquier duda sobre la ruta, retroceda 
escalador experimentado. Sin embargo, en una vista el recorrido més facil y seguro, y continte + y empiece de nuevo. 


Intente mante- 

ner las manos Mire hacia arriba 
a una misma y bacia los lados 
altura para 
lograr un mejor 
equilthrio 


Descenso. Fi descenso le parece- 
ra poco natural y las presas 
seran dificiles de ver. Sila 
pendiente es suave, baje 
mirando hacia afuera 
(véase pagina 136), 
Descienda de lado 
conforme aumenta la 
pendiente, basta llegar a 
encarar la roca. Busque 
las presas con los ojos, no 
fantee con los pies. 












Ascenso. Pianee varios 
movimientos Con 
antelacion, y esté 
preparado para 
desplazarse, no sélo 
verticalmente, sino 
también lateralmente 
Utilice los miisculos de las 
plernas para impulsarse 
hacia arriba, y no 





dependa sodlo de los a 
brazos, \ 
= \ DWM Meee press ue 
— Muévase con Cuidado y no Baje con cuidado hacia mano y pie mds arriba 0 
| tiemble; vuelva a su posicion las presas de pie. a los lados, en caso de no 
- pe original si no logra realizar pueden no soportar su poder segutr ei recorrido 
Haga movimientos previsto 


i 4 los movimientos peso, en cuyo caso debe 
—_ ser capaz de volver 
hacia arriba 


pequenos en lugar 
de pasos grandes \ Ura vez éncontrada una presa de 
que puedan signi- pie, no se apoye de punitillas, y dobie 
ficar un riesgo los tobillos para mejorar la 

excesivo adherencia 





UNA ESCALADA SEGURA 





El seguro es el sistema por el cual un 


escalador se sujeta a otro que esta escalando 
con una cuerda para parar una posible caida. 


Recoger cuerda, Pase la cuerda ja 
«viva» (L) de su companero por su 
mano derecha y alrededor de su 
espalda, y enréllela alrededor de su 
mufieca izquierda, Conforme su 
companero ascienda, tome la parte 
floja de la cuerda y pasela alre- 
dedor de su cuerpo, por la 
parte interior del brazo y 
nuevamente por sit 
mano derecha, Deje 
que la parte floja de 
la cuerda (S) se 
amontone @ Sus 
pies. 











a 


— 


RAPPEL ESPANOL O DULFER 


El rappel espanol o diiljer es una técnica 
rapida y sencilla de descenso con cuerda. 
Pase la cuerda alrededor de un punto de an- 
claje seguro y suéltela. Coloquese frente al 
anclaje, ponga la cuerda entre las dos piernas, 
pdsela alrededor de la cadera de modo que 
cruce el pecho hasta el hombro contrario; 
pasela por el hombro y dejela caer por la 
espalda. Agarrela con la mano que esta 

del mismo lado que la cadera rozada 
por la cuerda. La otra mano aguanta 
la cuerda por arriba para mantener la 
posicion vertical. Descienda 
caminando de espaldas, dejando 
que la cuerda se deslice por sus 
manos y alrededor 
de su cuerpo. 













Dilfer. 
Controle su 
velocidad 
con la 
mano 


Pecans 


derecha. 


—~ambas manos 


ASEGURADO 


E! asegurador debe sujetarse a la pared 
rocosa («anclaje» ) antes de comenzar. Para 
sujetar a alguien que desciende, 0 si su com- 


Soltar cuerda. Para asegurar a L; 
alguien que desciende, invierta el 
proceso. Mantenga la cuerda 
enrollada alrededor de su brazo 
izquierdo, pero no permita que 
se enrolle en el lado «vivo» (L) 
porque podria romperse 
un brazo st su cam- 
panero cayese. Suje- 
te correctamente 
la cuerda con 









en todo mo- 
mero. 


panero necesita mds cuerda para ascender, 
vaya soltando cuerda en la forma inversa a 
como la recogeria. 





AGUANTAR UNA CAIDA 


-Esté siempre preparado para 
aguantar a su compafiero por si 
se cae. Para parar una caida, 
cruce su brazo izquierdo sobre 
la parte delantera de su cuerpo 
sujetando con fuerza su 
antebrazo contra el 
pecho. Reclinese 

-en el punto de 
anclaje y haga 
fuerza. 


Bloqueo., Esié 
preparado 
para sujetar a 
su comparfiero 
si cayese. 


ASCENSOS EN VARIOS LARGOS 


Si ha de ascender por paredes de longitud 
superior a la de su cuerda, hagalo en 
varios largos, deteniéndose en puntos de 


1 El escalador que ascienda primero debera 
buscar el recorrido mas sencillo y seguro. Si la 
pared es muy empinada y peligrosa, 
puede ir insertanda empotradares 
© clavijas conforme asciende, a fin 







aguanten la cuerda. El segundo 
escalador va soltando cuerda 


mente anclado a la pared. 


de sujetar anillas de seguridad que 


mientras permanece conveniente- 


reuniOn para asegurar a los demas 
miembros del grupo antes de continuar 
el ascenso, 


2 Una vez alcanzado el punto de reunién, 
se ancla a la pared y asegura al segundo 
escalador en su ascenso. Si el 
primer escalador ha empleada 
empotradores, el segundo 
deberd retirarlos conforme 
ascienda. 





__ El segundo 
escalador es 
asegurado por 
el primero 
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ESCALADA DE EMERGENCIA 


UN LA ESCALADA mas sencilla puede complicarse. En una situaci6n de supervivencia, los problemas mds graves 
Incluso escaladores experimentados no pueden seguir, | deben solucionarse utilizando los recursos disponibles. 
caen 0 tienen que ser rescatados. Los expertos utilizan Atienda a estas técnicas por si tuviera que emplearlas. Si 
avanzadas técnicas para librarse de algun problema. Son intenta probarlas antes, consulte un manual de escalada y 


peligrosas y no tan faciles como parecen en las ilustraciones. _ pida el consejo de un escalador con experiencia. 


OPOSICIONES 





El avance en oposicién es una técnica de esca- po humano. Debe prever la forma en que sal- 


lada que consiste en escalar por el interior de 
grietas lo suficientemente anchas para el cuer- 





1 Compruebe si hay un recorrido alternativo 
antes de ascender por una grieta. Manténgase 
cerca del exterior de la grieta en una roca seca. 
Sujétese con ambas piernas y manos empujando 
contra las paredes. 


Desde abajo, los resaltes en la pared de roca 
pucden parecer imponentes, en particular 
cuando no puede ver mas alla de las presas. 





1 Escale hasta que sea capaz de colocar ambos 
codos sobre el resalte, soportando su peso en 
los pies. 












TOMARSE UN DESCANSO 


El avance en oposici6n supone un esfuerzo 
muscular constante. Descanse a intervalos 
regulares apoyando la espalda contra la 
pared y manteniendo los brazos y piernas 
rectos. 


dra una vez llegue a la parte superior. Es posi- 
ble que entonces no sepa c6mo salir. 


DESCANSANDO 





empujando con las piernas. 


TECNICA DE CUBIERTA 


La técnica de cubierta se utiliza para superar obstaculo. Es una técnica muy dificil, que 
estos resaltes. Unicamente debe intentarla requiere tina gran condicidn fisica y 
si no existe otra manera de superar un habilidad. 





Levante el 
tobillo sabre el 
resalle mientras 
se apoya con 


los codos 

Suba la rodilla al / 

resalte mientras 

empuja hacia 

; abajo con las 
tS “ayia THLATEOS 
v : =o 
' pat) itt 

2 Apdéyese sobre un codo, manteniendo el 3 Empujdndose con ambas manos, mueva la 
pecho y la cabeza lo mas cerca posible de la rodilla hacia el resalte. Levantese con cuidado 
roca. Apoye un tobillo sobre el resalte. y suba al resalte. 
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NUDO PRUSSIK* 





Un nudo prussik es un lazo de tipo corredizo —_—stituyen una forma segura de atarse a una cuerda, ey 
que se aprieta bajo un peso, pero que puede —_—y pueden utilizarse para trepar por una cuerda, quizd MOSQUETON 
desatarse facilmente. Los nudos prussik cons- después de una caida, o para subir un saliente. 








Un mosquet6n es un sistema de 
enganche ttil para unir cuerdas o 
equipos (véase pagina 152). 

Los mosquetones con abertura de 
muelle son mas rapidos y faciles 
de utilizar que aquéllos con cie- 
rre de seguridad (con tuerca), 
pero estos Ultimos son los mas 
recomendables para el asegurado, 
el rappel y otras situaciones 
peligrosas (véase pagina 147 ). 











2 Acontinuacion, 
enrolle la cuerda 
amarilla alrededor de 
la cuerda roja, igual que 
hizo en el paso 1, para 
obtener cuatro vueltas. 


1 Haga un aro en su 
mano con una cuerda 
(aqui coloreada de amari- 
ilo) y déblela sobre otra 
cuerda (coloreada en 
rojo). Pase ambos cabos 
de la cuerda amarilla 
a través del aro 
amarillo. 














. Mosqueton con 
4 Para una mayor tirantez, cierre de segu- 
_ los pasos 2 y mee hi. vitad Uiliceins 
obtener cuatro vueltas ajus- : = 

tadas alrededor de la | para las técnicas 
cuerda roja, Retoque el 2 ay ne TEREST ae 
nudo hasta que las | una conexion 
vueltas sean unifor- : muy segura, 
mes y tensas. | ps: como el asegura- 
he do y el rappel. 


3 Tire de la cuerda amarilla y 
junte las vueltas para tensarlas 
sobre la cuerda roja y hacerlas 
uniformes, Tenga cuidado de 
no superponerlias. 


ESCALADA CON NUDOS PRUSSIK 


Con dos cuerdas cortas y un arnés, puede se dispone de un arnés apropiado, puede cuerda alrededor de su cintura con un nudo 
ascender por una cuerda fija y salvar una improvisar uno con cuerda, Haga un lazo en doble de tejedor (véase pagina 184 ). 
situaciOn dificil. En una emergencia, si no el que se pueda sentar y asegtirelo a una 


Gire el nuco antes de 




























El nudo supertor subirlo 
siempre debe 1 Asegure la cuerda — 2 Para subir, empuje lade 
estar al alrance de su arnés (aqui , hacia arriba con los | 
de su mano coloreada de verde) | musculos de la pierna 
A ala cuerda fija, hasta que se encuen- 


utilizando un nudo 
prussik (A). Sujete 
una segunda cuerda 
corta (aqui, colo- 
reada de azul) a la 
cuerda fija con un 
nudo prussik (B), 
pg Haga una lazada en 
el extremo inferior 
de la segunda cuer- 
da corta € introduz- 
ca en ella el pie. 


tre en posicién vertical 
con la pierna extendi- 
da. Para mover el 
nudo superior (A), 
tire de la cuerda fija 
debajo del nudo. 
Después gire el nudo 
para aflojarlo y 
deslicelo hacia arriba 
a la mayor distancia 
posible, 


Apoyese contra 
la pared para 
mantener el 
equilibrio | 


3 Muévase 
lentamente hasta 
sentarse y deje 
que el nudo 
doble de tejedor en el 
arneés soporte su peso. 


Al tensar la cuerda 
ja Dayo el nuao 


mds bajo (B), 

me puede mover ese 
| mudo hacia arriba, 
dejandolo listo para vol- 
verse a incorporar y ascender 
un nuevo tramo. 


La lazada sopor- 
la todo su peso 


& 


" El prussik no es un nudo autoblbqueante. De la misma manera que es necesario aflojarlo parg subir, puede ser necesario apretarlo para que soporte el peso sin deslizarse hacia abajo. 
El didmetro de la cuerda que fornge el prussik deberfa ser inferior al de la cuerda fija, 





— 


a eT = as a ++ a 
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CRUZAR LAS AGUAS 


L OS RIOS Y las corrientes son siempre peligrosos, desde de cabecera son mas faciles de cruzar que las aguas 

sus cabeceras, o fuentes, donde son rapidos, angostos profundas, pero tenga cuidado al atravesar aguas rapidas. 

y poco profundos, hasta las profundidades tranquilas de sus — Las aguas tranquilas son generalmente mds profundas que 
cuencas mds bajas. Aun si el agua aparenta ser tranquilay de _las rapidas, y pueden contener algas traicioneras, bancos de 
movimiento lento, poco profunda y segura, suponga siempre —_fango y otros obstaculos ocultos muy peligrosos. No vadee 
que hay algtin peligro oculto. Ni en las aguas mas claras ni nade si existe alguna otra opci6n mas segura, } 

podra ver todo lo que hay debajo de la superficie. Las aguas —_ pregtintese siempre si es realmente necesario cruzar. 


DONDE CRUZAR 


El lugar mas indicado para cruzar cualquier compruebe las inmediaciones, tanto rio arriba —_lecho del rio sea firme, y por donde pueda 
corriente de agua es un puente, un pont6n o —s como rio abajo. Es posible que encuentre un cruzar con toda seguridad. Compruebe que la 
un transbordador. Asif pues, antes de mojarse, | puente, o un tramo ancho y regular donde el orilla opuesta no sea demasiado escarpada. 





Escollos. Es facil caerse Meandro, Cruce 
de las rocas que emergen entre los recodos La desviacion del agua | 
ala superficie, y el lecho y no por ellos. en «Ve indica la & : 
del rio alrededor de ellas El agua fluye mas direccion de la - 4 
puede ser muy profundo. deprisa por la corriente A 
parte exterior ce | | See a 
las curvas, —. m: 
5 Jae 
x Westy! 
K Af 
a. 


Rocas sumergidas. 

Las rocas bajo la super- 

_ficie desvian el agua que 
‘ne alee ber cosine de ellas, 





tea COR ) Tos arboles betios 
pores podria quedar atrapado 
y ser arrastrado bajo el agua. 





Orilla socavada. 
a} Una orilla alta 0 soca- 

a vada dificultara mucho 
hese Salida del agua. 









. Olas. Las olas que se 
mueven lenta y 
Suhavemente son 
originadas por una 
corriente intensa 0 por 

_ rocas bajo la superficie 
“ que proyectan el agua 
hacia arriba. 














La roca desvta el aguas 











were =e 7 ae re haere eves fan 4 
v7 es un buen punto para og peligros al cruzar. Fs imposible 
cruzar, pero tenga eae ss fundidad dé la mavor 
Wh presente que el agua, estimar la profundidad de la mayorta 
i . ‘nuede fluir mas de los rios sin mojarse. Los obstaculos 
t rdpidamente al otro que bay debajo del agua no siempre 
ae lado, son visibles desde la oriila, y no es 


fdcil determinar la intensidad de la 
corriente y la fuerza del agua. 
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VADEAR : 
Lleve algtin tipo de calzado para proteger fondo lodoso, con vegetaci6n, 0 un olas y si hay algtin signo de obstrucci6n 
sus pies y tener un mejor punto de cambio repentino en la profundidad del bajo el agua (véase pagina anterior ). 
apoyo. Esté preparado para afrontar un rio. Observe el comportamiento de las Cruce siempre muy despacio. 









Utilice una 
rama resistente 
a modo de 

; baston 


Afloje las correas de su 
mochila para poder 

soltarla en caso de que 
cayera 


Cruzar en grupo. Tres personas 
pueden formar una especie de 
tripode para cruzar un rto. 
Deben entrelazar los brazos 
con fuerza e inclinarse 
hacia el centro, doblando la 
cintura. La persona mds 
fuerte debe situarse 
Direccion Corriente arriba y debe dar 
de la siempre el primer paso. 
corriente Los demas deben sujetarle en 
caso de que caiga. Esta es una 
formaci6n muy estable y muy 
Direccion efectiva en aguas rdpidas y poco 
de la marcha profundas. 






Direccion de‘ 
la marcha 





j : 7 Direccion de la 
' cormiente 





Direccton 
de la corriente 





Direecion 
de la marcha 





Cruzar solo, Utilice un palo a modo de sonda y, una vez en el agua, Cruzar en linea. Un grupo de personas puede cruzar la corriente en 
como st se tratase de una tercera pierna, para mantener una forma de linea. La persona mas fuerte debe colocarse corriente arriba, y las 

«]T» extendida, como un tripode. Coloque el bastén corriente arriba y restantes, dando estabilidad y sujetando a cualquiera que pudiera caer 
apdoyese en él al dar un paso lateral con respecto a la corrienie, volviendo El lider debe decidir por dénde cruzar y dar los primeros pasos. Los 

a pisar firmemente el lecho del rio. Dé pasos cortos, arrastrando los pies, demds deben entrelazar sus brazos con los de él; la persona mds débil 
para asegurar que la corriente no empuje su pierna bacia atras y le baga y menos pesada debe colocarse en el centro. Hay que cruzar despacio 
caer. con cuidado, Debe mantener el equilibrio y moverse paso a paso. 










NADAR HIPOTERMIA 
Si el agua es muy profunda y no ayude. Antes de entrar en el agua, Seri nace ara _- os mele bro 
puede vadearla, sera necesario cruzar —_ busque un sitio adecuado para ncn ac ec a el Seegh a is . han “ 
a nado. Fabrique un flotador que le desembarcar en la orilla opuesta. O Ree eae a vaerta Fare ate Mbt Pe 
a frio le producird letargo. Inmediatamente después de cru- 
Retuerza la parte superior zat, sequese y vistase Con ropa de abrigo seca y, Si €S POsi- 
de la bolsa dejandola bien ble, preparese una bebida caliente y azucarada. Auxilie a 





apretada, déhlela sobre si quien esté temblando. Trabaje en parejas. E| lider debe 
misma y dtela con fuerza comprobar si en el grupo hay sintomas de hipotermia, y 
SI de estar atam 

of, —- 1 Quitese la ropa para que se mantenga be P ae sibel a is eon . . om pi ” 
seca, y col6quela junto con su equipo en 
una bolsa impermeable. 


peoporcionar ieee a una persona es undo. en un 
saco de dormir con otra Ligon Puede darse a la victima 
una bebida caliente y ropa de abrigo, ademds de palabras 

ee, tranquilizadoras, para. que recupere el calor corporal. Los 
sintomas de hipotermia aparecen habitualmente en el si- 
guiente orden: 


= Temblores, carne de gallina, piel ne y entumecida, 


@ Apatia, contusion, comportamiento irracional, amnesia, 
incoherencia y agresividad. 

= Letargo seguido de arranques de energia frenética. 

2 Entre en el agua con cuidado. Cruce mds arriba del i. Lapsos:de consciencia con respitacion lenta y poco 
sitio previsto para permitir el arrastre de la corriente. No apoye | PFO" nda, arritmia cardiaca. pet he 

su peso sobre el hatillo, pero sujételo con los brazos. Utilice = Pulso lento y débil, Puede llegar a producir un paro 
las piernas para impulsarse. cardiaco (véase pagina 176 ). 
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AGUAS PELIGROSAS 


C RUZAR CUALQUIER TIPO de corriente de agua debe 
considerarse una accion peligrosa. Las fluctuaciones en 
las precipitaciones pueden cambiar la seguridad de cualquier 
punto de cruce. La nica manera de evaluar la profundidad 
y la intensidad de la corriente es enviando a una persona a 


cruzarla primero, sujetandola con una cuerda de salvamento 
atada a la orilla y controlada por un miembro del grupo. Si 
se ve obligado a nadar, utilice siempre un flotador, y en los 
rapidos, zonas rocosas 0 de aguas muy turbulentas, lleve un 
casco protector de color brillante. 


EL EMPLEO DE CUERDAS DE SEGURO 


Si esta solo y tiene que cruzar un rio peligroso, y sujetandola con nudos faciles de aflojar. Con 
dos o mds personas pueden utilizarse las cuer- 
das de seguro para disminuir los posibles peli- 


inicamente puede emplear una cuerda de se- 
guro pasandola alrededor de una roca o arbol 






Sise cae, la corriernte le arrastrara 
cerca de la orilla opuesta 


1 El cabo de una 
cuerda larga (la cuerda de seguro) 
se ata alrededor de una roca, y una 
persona (B) la va soltando gradual- 
mente. La persona mas fuerte (A) toma el otro cabo de la cuerda y cruza 
el rio. Asumismo, lleva consigo el cabo de una segunda cuerda (la cuerda 
de cruce), cuyo otro extremo est4 sujeto por una tercera persona (C), 
Esta cuerda lleva un mosquetén en su centro (véase pagina 147 ). 

La persona A lleva un casco y botas, y utiliza un palo para sondear 

el camino. 


— 


vl 


3 Conforme cada persona va llegando a la 

orilla opuesta, desprende el mosquet6n de su cintur6n y lo sujeta a la 

cuerda de seguro. A continuaciOn se recoge la cuerda de cruce hacia la 
orilla de partida. Las mochilas se llevan a la orilla opuesta de la misma 

manera, sujetando las correas al mosqueton. Es posible que tenga que 

tensar la cuerda de seguro para evitar que las mochilas se mojen, 





gros. Utilice siempre una cuerda de seguro, y 

asegtirese de que las personas que estén en el 

agua no se enreden en la parte floja de la cuerda 
Sujetese a la cuerda de seguro 


utilizando un mosqueton como 
medida de precauciGn adicional 












we ii 


Sk rs cuerda de cruce 


Lestd sujeta por los 
miembros del grupo 
_ 


La cuerda de 
seguro esta atada 
entre dos rocas 


\B 







— 


ie 
be 
; oo -— 
I ; Ce 
4 ~ 
ae, 
- 


2 Cuando la persona A oA ae a ——, 
llega a la orilla opuesta, = : eo 

ata el cabo de la cuerda de seguro a a Nagy 
una roca, Sujeta el mosqueton a la cuerda de 

seguro y ata el cabo de la cuerda de cruce alrededor de si mismo para 
sujetar a la siguiente persona en cruzar, kl mosqueton se lleva a la 
primera orilla, y la persona B lo sujeta a su cintur6n. Agarrandose a la 
cuerda de seguro, cruza lentamente en el lado que da rio arriba, 
utilizando el palo como sonda. La persona C va soltando la cuerda de 
cruce, mientras que la persona A va tirando del otro lado. 









7 


A . on 


i} 


_ 


= 3 


= 


4 La ultima persona en cruzar 
el rio (C) desata la cuerda de seguro de 
la roca. Ata el cabo de esta cuerda alrededor 
de si mismo y cruza el rio, tanteando el terreno con un palo. 

Los miembros restantes del grupo sujetan la cuerda de cruce, preparados 
para una eventual caida. 
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is 
j — 
: F j " Z 
4 = 
i iw . 
ria : & ale ; — 
4 7 i ail, 4 
= - “al 
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Deslice ef segundo 
aN a . tronce por encima 
— =f HH | ay, del primero hasta 
ee ‘N aleanzar la orilla 
opuesta 


Gute el primer tronco con la 
ayuda de cuerdas para que /ta™. 
caiga recto ie 








1 Para construir un puente, coloque primero un tronco largo entre las dus. = 2-:« Una vez ha colocado el primer tronco, deslice un segundo tronco por 
orillas con la ayuda de dos cuerdas. El extremo del tronco que permanece — encima del primero hasta que el extremo alcance la orilla opuesta. Haga 
en la primera orilla debe asegurarse a otro tronco mas corto, que se caer el segundo tronco junto al primero y manténgalos juntos. 


mantiene en su sitio gracias a unas estacas. 


4 Deslice un 
tercer tronco 
junto a los otros 
dos. Coloque el 
tronco corto bajo 
sus extremos en la 
primera orilla y 
fijelos con estacas 
como hizo en el 
paso 3. Puede 
hacer un puente 
tan ancho como 
desee, aunque con 
tres troncos suele 
ser suficiente. 


3 Cruce al otro lado 
sobre los dos troncos 
y coloque un tronco 
mas corto bajo sus 
extremos para evitar 
que se entierren en el 
suelo. Fije los troncos 
con estacas para que 
no se separen. 


Mg 


ay | 


L in 
fy Nigh 
“ ih il Wa Wa] nif 





Extienda sus 
brazos y piernas 
para facilitar la 
flotact6n 







Apoyese sobre | aaa 
la mochila eee 
para repartir 
mejor SU Peso 4 a 
0 ET ta Me 


, + to be i iia ia 


Si esta solo, Las arenas movedizas y los pantanos no son mas que suelos Con ayuda. Si no esta solo cuando comienza a bundirse en las arenas 
con agua estancada, por lo que si cae en ellos debe ser capaz de flotar o movedizas 0 en un pantano, otra persona Puede recosiarse & OFIiayS UE be 
cruzarlos a nado, con tal de que logre repartir su peso sobre la mayor arena, pasarle el extremo de una rama larga y ayudarle a salir tirando de 
superficie posible y ast evitar bundirse. Trate primero de cruzarlos ella. Nuevamente, es intportante que no forcejee ni se asuste, ya que los 
corriendo, pisoteando las matas de bierba. Si comienza a hundirse, suelte movimientos rapidos agitdran la superficie y le baran bundirse mas 

la mochila y flote sobre su espalda. Extienda los brazos y las piernas y nade  rdpidamente que si se limita a flotar o a moverse lentamente. Si se apoya 
lentamente hacia la orilla (véase pagina 163). No se asuste ni forcejee. sobre su mochila, repartird su peso sobre una mayor superficie y evitard 


hundirse mds. 
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CONSTRUIR UNA BALSA 


S | DISPONE DE provisiones y equipo abundante y tiene que 
cruzar un riO, O Si quiere navegar rio abajo y no dispone 
de un barco, una balsa es la embarcaci6n mas sencilla que 
puede construir. Los troncos son los materiales tradicionales 
empleados en la construccién de una balsa, aunque puede 
utilizar también canas de bambi o bidones de aceite. EI 
principio basico de la construccion es hacer la menor 
cantidad posible de cortes en la madera de la embarcaci6n 
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para que permanezca a flote, y para que sea lo mas estable 
posible. Una balsa nunca debe utilizarse en un rio con 
rapidos, porque podria romperse y usted resultar herido. Si 
elige construir la balsa con maderos, es recomendable cortar 
arboles inclinados, va que puede estimar con certeza dénde 
caeran. Si es posible, pruebe la balsa en aguas poco 
profundas antes de botarla en un rio profundo. 





1 Para formar la eaibies ta, corte entre 12 y 14 troncos resistentes de la misma longitud. 
Corte seis troncos mds, cada uno unos 30 cm mas largo que la anchura prevista para la 
balsa. Estos actuaran como retenes, manteniendo unida la balsa, Antes de unir los maderos 


2 Con un cuchillo grande, corte una muesca a todo lo 
largo de cada uno de los troncos de retén, dejando unos 
30 cm én cada extremo, Las muescas deben tener una 


de la cubierta, coloque dos troncos largos debajo de dos d 
actuar como dicewaliiva de botadura (véase pagina 156 ). 


3 Asegtirese de que to- 
das las muescas tengan 
la misma longitud 4 
sean uniformes. Los 
maderos largos que 
formaran la cubierta se 
apovardn sobre estos 
troncos de retén; la 
cubierta debe ser lo 
mds plana y uniforme 
posible. 








5 Coloque el extremo de cada uno de los maderos en las muescas de 
los troncos de soporte, trabajando desde el exterior hacia el centro 
de la balsa. Alterne el grosor de los maderos para que su peso esté 
bien repartido, alineandolos de manera que se ajusten bien entre si. 


e los maderos mds cortos para 





profundidad de casi medio tronco, Tenga cuidado de no 
cortar con demasiada profundidad porque el tronco de 
retén podria ceder. 


4 Coloque dos troncos 
con muesca, con la cara 
tallada hacia arriba, en 
extremos Opuestos al 
dispositivo de bota- 
dura. Estos actuaran 
como soporte base. 
Comience a colocar 
los maderos largos entre 
estos dos soportes para 
formar la cubierta de la 
balsa. 
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6 E! ultimo tronco debe entrar bien ajustado, apretando a los otros 
troncos entre si para que la balsa se mantenga unida, Una vez en el 
agua, tendra que pisar los troncos para mantenerlos en posicidn, 
anadiendo ligaduras adicionales si es necesario, Es normal que algo 
de agua se filtre entre los troncos. 
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8 Los dos troncos de 
retén en cada extre- 
mo, por encima y por 
debajo de la cubierta, 
deben atarse firme- 
mente entrée Si, tensan- 
dolos tanto como le 
sea posible. Mantenga 
los nudos a la vista 
para que, una vez la 
balsa esté en el agua, 
pueda comprobarlos 
y ajustarlos si es 
necesario, 





1acia abajo, 
encima de los maderos de la cubierta. Estos actuaran como retenes. Recuerde que 
cuando la balsa esté en el agua, los troncos flotaran hasta estos retenes, que servirdn 
para mantener unidas todas las partes de la balsa. 


7 Coloque los dos ultimos troncos con muesca, con la cara tallada 





10 Cerci6rese de que 
las ligacuras estén bien 
sujetas y correctamente 
anudadas. Si dispone 
de tempo, ate 
hacer mas ligacuras 
entre cada uno de los 
troncos. 


— 





9 Ate los troncos de retén a ambos 
lados de los troncos de la cubierta 
utilizando nudos planos (véase 
pagina 35). 





11 Ate dos ramas de 
madera en forma 

de cruz. Debe ser lo 
suficientemente 
resistente para soportar 
el peso del timén. 





12 Encaje la cruz en 
la parte posterior de la 
balsa, entre dos de los 
troncos de la cubierta, 
y asegtirese de que 
queda sujeta. Ajuste 
las ligaduras Si es 
necesario. No la ate 
atin en esta etapa. 


13 Construya un 
remo (vease pegt- 
na 157). Este actuara 
como timén y le 
permitira guiar la 
balsa. Si quiere 
mantenerse de pie 
mientras gobierna, la 
balsa tendra que 
alargar la cafia del 
«timon» (el mango 
de la pala) anadién- 
dole una rama larga. 


CONRSIFUVE lun 
soporte para el 
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LAS BALSAS Y SU FORMA 
DE NAVEGAR 
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# En lugar de madera, puede utilizar 
gruesos tallos de bambu para construir la 
cubierta de la balsa. Debera unir dos capas 
de bambu porque una sola no soportaria 
su peso. En lugar de atar retenes por enci- 
ma y debajo de la balsa, puede hacer agu- 
jeros a ambos lados de los tallos y pasar 
unas ramas finas 0 cuerda:a través de ellos 
para unir los tallos entre si y formar la 
cubierta, Pase una cuerda alrededor de 
cada uno de los tallos como medida 

de seguridad adicional, 

® No sabra cémo flota su balsa hasta que 
la bote. Con algunos tipos de madera, una 
balsa cargada flotard ligeramente por 
debajo de la superficie del agua, aunque 


esto nO constituye un problema importante. 
@ Una balsa virata de lorma relativamente 
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14 Compruebe que el timon se ajuste al sopor- 
te y atelo firmemente. Para evitar que el tim6n y 
el soporte se rompan al botar la balsa, retirelos 
de la misma. Sujételos en su sitio cuando la balsa 





esté en el agua. La balsa debe ser lo suficiente- 
mente grande como para llevarle a usted 

v su equipo al otro lado del rio, o rio abajo. 
Compruebe si la balsa flota antes de cargarla. 


lenta. Téngalo en cuenta al maniobrar. 
® Evite las colisiones con la orilla o los 
objetos grandes, ya que pueden romper 
las ataduras y desmontar la balsa. 
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Department of Communications and the Arts October 2017 





How are countries preparing for 5G? 


In preparation for 5G, many countries have been taking steps to test the technology and review their 
spectrum arrangements. 





Examples of 5G work being undertaken by other countries 


The United States is clearing the 600MHz band through an incentive auction for the potential early 
deployment of 5G. The United States has also identified reforms to infrastructure deployment as a 
priority for 5G rollout. Mobile network operators are also conducting trials of low-band spectrum for 
use in 5G services. 


The Asia-Pacific Telecommunity (APT), the regional arm of the ITU, approved a recommendation for the 
use of the 70OMHz band for 5G, with 26 countries in the Asia-Pacific region identifying this band for this 
use, including Australia, Japan, South Korea and New Zealand. 


Korea and Japan have stated their intention to use some or all of the 26.5 to 29.5GHz range to trial 
enhanced mobile broadband applications ahead of the 2018 Winter and 2020 Summer Olympics 
respectively. It is expected that these trials will lead to commercial availability of 5G services. 


The European Communications Commission (ECC) identified the 3.4—3.8 GHz and 26GHz band (from 
24.25 to 27.5GHz) bands for the deployment of 5G in Europe. All European countries are expected to 
select at least part of this range to launch 5G by 2020. 


In the United Kingdom, the government launched its 5G strategy in March 2017. It is funding testbeds 
to understand the different deployment requirements and security considerations for 5G. The United 
Kingdom is also working to make suitable spectrum available in the high (24.25 GHz—27.5 GHz, and 
other bands above 30 GHz), medium (3.4—3.8 GHz) and low frequency (700 MHz) bands. 











Industry 5G preparations in Australia 


Australia is well positioned to harness the opportunities of 5G. Australia has an effective and 
competitive mobile communications market, with voice and data coverage available to more than 
99 per cent of the population. It is the top performer internationally in terms of having in place 
effective enablers—infrastructure, affordability, consumer readiness and content availability—to 
support mobile internet adoption.° 


5G trials have already commenced in Australia, with each of the main carriers working with mobile 
equipment suppliers in testing the application and limits of the technology. These trials will continue 
and will inform the communications sector on how 5G can be effectively deployed for the Australian 
environment. 


4 Department of Communications and the Arts, accessed 1 September 2017, ‘Mobile phone towers’. 
5 GSM Association, 24 June 2016, ‘Global Mobile Connectivity Index’. 
www.communications.gov.au 
5G—Enabling the future economy www.arts.gov.au Page 9 of 12 
www.classification.gov.au 
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EL EMPLEO DE BALSAS Y OTRAS EMBARCACIONES 


I’ N MUCHAS ZONAS silvestres, la vegetacién densa y el 

E terreno escarpado hacen recomendable el viaje por rio, 
lago 0 alo largo de la costa. Sin embargo, recuerde que 
aventurarse en el agua puede resultar peligroso, en especial 
si lo hace en una barca improvisada. Debe asegurarse, por lo 
tanto, de que su embarcaciOn sea la adecuada para las aguas 


que pretende cruzar, sea improvisada o no. El estado del 


agua puede variar rapidamente, convirtiendo una travesia 


segura en peligrosa. Por esta raz6n, no debe aventurarse a 
navegar a menos que tenga experiencia o no le quede otra 
opcidn. Lleve siempre algtin tipo de chaleco salvavidas. 


COMO BOTAR UNA BALSA — 


Una balsa solo debera utilizarse en aguas tranquilas. 
Constrttyala cerca del agua, ya que podria resultar ser muy 
pesada para arrastrarla hasta la orilla, Antes de meter la 
balsa en el agua, atela a un objeto inamovible, dejando 
suficiente cuerda libre para permitir botarla. 





% zarla al agiua. 


A flote. Una vez ha comprobado 
gue la balsa no se hunde en el 
agua, puede sujetar el timon y 
comenzar a Cargar sit equipo en 
la parte central. 


Haciendo palanca, Bole la 
balsa baciendo palanca con 
unos troncos en uno de los 
lados basta lograr destlt- 


APAREJAR UNA BALSA 


Para travesias prolongadas a lo largo de un rio recto, levante 
un mastil y una vcla para aprovechar el viento al maximo 
—siempre y cuando el viento sople en la direccién 
adecuada. Sin una quilla, el timon tinicamente controlara 

la direcci6n si el viento es muy suave, pero le permitira 
mantener la balsa recta. Si la proa se hunde en el agua, 
reduzca la superficie de la vela. Unicamente podra moverse 
rio abajo siguiendo la corriente. 


Los cabos evitan que 
la versa baja gire 





Pequenos troncos de madera 
en los cuatro costados de la 
balsa permiten la talla de 
muescas Para Insertar palos 


de refuerzo 


Un remo sujeta.a la 
popa bace las veces de 
fimor 
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Un cabo sujeto al mestil permite 
izar o arriar la vela segiin el viento 
que sople 
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La verga alta tiene urea 
muesca que permite subirla 
0 bajarla empleando el 
cabo que pasa por encima 
del mastil, y ast reducir la 
Utiliceunalonao  yela 

tela impermeable 

camo vela 


Los postes 

mantienen ef 

meastil vertical 

Levantar un 
madstil con vela. 
Sujete un méstil 
largo entre CUuaiTu 
troncos y asegtirelo 
con fuerza. Refuer- 
ce con cuatro palos, 
cada uno ligado a 
la cubierta. Utilice 
Mia manta O una 
lona impermeable 
como vela. 


Los soportes del mastil 
se inserfan en las 
muescas y' se sujetan 
con fuerza 
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LA ELECCION DE LA EMBARCACION 





Cualquier tipo de embarcaci6n menor tiene en condiciones que vayan mds alla de sus mientras que otras, como las neumaticas 
sus ventajas y sus inconvenientes, pero nunca _ posibilidades. Algunas embarcaciones, como modernas, pueden utilizarse en condiciones 


debe utilizarse para un prop6sito inadecuado, el coracora, son aptas para las aguas tranquilas, inadecuadas para otro ipo de embarcaciones. 


Neumdatica. Una neumdtica puede utilizarse en 
condiciones relativamente adversas, y es la 
embarcacion preferida por muchos cientificos 
exploradores. Resulita manejable incluso en mares 
agitados. Sin embargo, el bielo superficial y otros 
obstaculos pueden perforar los compartimientos 
de flotacion. Cuando utilice una neumadtica debe- 
ra mantener el peso en la proa para evitar que la 
barca se levante bacia atras 























Motor fuera borda, Una embarcacion 
de fondo plano con un motor fuera 
borda es ideal para los rios anchos de 
flujo uniforme. Es capaz de cubrir 
grandes distancias. Un motor fuera 
borda sobrecarga la popa de una 
embarcacion pequeria, en particu- 
lar durante el avance, por lo que 
debe equilibrarse con un peso en la 
proa. La longitud del ejfe de cola redit- 
cird el calado del barco basta cierto 
punto. 





Coracora. 
Un coracora requiere una gran babilidad para 
su construccion y! manejo. Consiste en un arma- 
zon de maderas flexibles en forma de media 
esfera, cubierto con piel o lona impermeable. 

lin coracora tinicamente es recomendable para 
las aguas muy protegidas y tranquilas 


CONSEJOS PARA IR EN BARCA 








® Lieve siempre un chaleco salvavidas, o 
improvise uno llevando botellas de agua 
vacias en sus bolsillos. 

= Ate cualquier articulo de su equipo a la 
embarcaci6n con una cuerda. 

= No sobrecargue la embarcacion. 

= Explore el rio que pretende recorrer an- 
tes de botar su embarcacién. 

= Si tiene un motor fuera borda, acelere 
hasta que la barca adquiera una posici6n 
horizontal, y reduzca después para mante- 
ner la marcha. 


Kayak. El tradicional kayak esquimal ba 
servido como modelo para la constriuccién 
de las resistentes canoas modernas capa- 
ces de sortear las aguas mds rdpidas. Las 
embarcaciones de piel o tela no son tan ro- 
hustas como las versiones en fibra de vidrio, 
pero son mas ligeras y pueden gobernarse 
fadcilmente por los rapidos demasiado diftci- 
les de pasar en barca. Se necesita una gran 
habilidad para controlar un kayak, en par- 
ticular cuando va cargado con el equipo, o 
cuando se utiliza en aguas bravas. Al care. 
cer de quilla, vuelcan facilmente. 












COMO CONSTRUIR UN REMO 








Li 
1 Para construir un remo, elimine 2 Ate dos ramas mds cortas y rectas 3 Ate una tercera rama en la parte Remo terminado. Es posible que 
todos los ramos de una rama fuerte a ambos lados de la cufa, que ac- central, forzindola en el hueco for- tenga que volver a atar el remo 
y verde con un cuchillo, Talle uno tuardan como pala del remo. mado por las otras dos, y apoyan- cuando se humedezea, ya que la 


de los extremos en forma de cufia. dola en la cufia al final del mango. cuerda puede aflojarse. 





An Illustrated, Scientific and Medicinal Approach 
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1. Abrus precatorius L. (Leguminosae) 


Rosary Pea, Indian Licorice, Precatory Bean 





Seeds of Abrus precatorius 


Description: Abrus precatorius L. is a perennial climber with a slender stem. 
Leaves are pinnate and 5-8 cm long. Leaflets are rhomboid, numbering 20-24 
or more, opposite and are 1.2-1.8 cm long. Leaf margin is entire. It bears pink 
flowers arranged in dense axillary racemes. Pods are oblong, cylindrical, inflated, 
5-6 cm by 1 cm and contains 3-6 round, glossy, black and red seeds. '1-3) 


Origin: Native to Pakistan, India, Ceylon and tropical A frica; and introduced 
widely in the New and Old World."! 


Phytoconstituents: Abrectorin, abricin, abridin, abrins A-D, (+)-abrine, 
abruslactone A, abrusgenic acid, abrusogenin, abrusoside A-D, precatorine, 
abruquinones, abraline, abrusic acid, abruquinone G and others, !2>-28! 


Traditional M edicinal Uses: A decoction of the leaves has been prescribed for 
scurvy, cough, bronchitis, sprue and hepatitis and as a refrigerant. They are also 
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1. Abrus precatorius L. 3 


applied on painful swellings, eye inflammation, cancer, syphilis and on leucoder- 
mic spots.'2! The leaves are also effective in the treatment of coryza, cough, fever, 
and jaundice resulting from viral hepatitis and intoxications."©! The seeds have 
been used to treat fever, malaria, headache, dropsy and to expel worms.!*! 
A decoction of the seeds is applied for abdominal complaints, conjunctivitis, 
trachoma and malarial fever.) Central Africans use powdered seed as an oral 
contraceptive.” It is also used to lower high blood pressure and relieve severe 
headache.'*! The seeds are very toxic and can be applied externally to treat 
bacterial infection and accelerate the bursting of boils and to cure mastitis and 
galactophoritis.'°! The seed has purgative properties and is used as an emetic, 
tonic, aphrodisiac, and for nervous disorders. The poultice can be used as 
suppository, abortifacient, or tonic for pregnant women and children and to 
treat severe headaches."!*! Water from the boiled roots is used to cure cough, 
bronchitis, sore throat and also applied as an emetic agent.!2°! 


Pharmacological Activities: A ntibacterial,'2°' A nthelmintic,4 A ntiviral,°”! 
Anti-inflammatory,°7273) A nticancer/A ntitumour,!2743°! A ntiplatel et, !27) 
Antiprotozoal,'*") |mmunomodulatory,'?”?2-3>! A ntioxidant,'?2! A ntiplasmodial,"7! 
Antitubercular®”! and M olluscicidal .!°° 


Dosage: In Central Africa, 200 mg powdered seeds are used as an oral con- 
traceptive which can last 13 menstrual cycles.! Approximately 14 g of 
powdered seeds are used as tonic for pregnant women and children.” A bout 
5-7 of seed grains are prescribed for pertussis.!?”! 


Adverse Reactions: | ngestion of Abrus seeds resulted in pulmonary oedema 
and hypertension.'3*) Abrine can cause coma, confusion, convulsions, 
dehydration, gastroenterosis and hypotension.!?”! 


Toxicity: The LD., of abrin in mice is 0.02 mg/kg body weight.) Ingestion 
of seeds causes severe stomach cramping accompanied by nausea, severe 
diarrhoea, cold sweat, fast pulse, organ failure, coma and circulatory 
collapse.!2°39! Oral administration of a 50% ethanol extract of A. precatorius 
seeds (250 mg/kg) in albino rats for 30 and 60 days induced infertility 
in males which was reversible." Dose-dependent degenerative changes in 
the testicular weights, sperm count, spermatogenesis and Leydig cells were 
observed in testes of rats treated with steroidal fraction of the seeds,!"! 
The methanol extract of the seeds caused a concentration-related impairment 
of percentage human sperm motility with an EC;, of 2.29 mg/ml.!*2! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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2. Adiantum capillus-veneris L. (Polypodiaceae) 


Black M aidenhair Fern, Southern M aidenhair Fern, 
Venus Hair Fern 





Adiantum capillus-veneris fern 


Description: Adiantum capillus-veneris L. is a perennial fern with short 
creeping stems. Leaf blades are lanceolate, pinnate, 10- 45 cm by 4-15 cm 
and glabrous. Ultimate segments are various but generally cuneate or fan- 
shaped to irregularly rhombic, about as long as well as broad with its base 
broadly to narrowly cuneate. Plant is delicate, brittle and has dark stalks.!*-®! 


Origin: Native to America, Mexico, West Indies and South A merica. It can 
also be found in temperate regions of Eurasia and A frica.!® 


Phytoconstituents: A diantoxide, adiantone, isoadiantone, isoadiantol, 
hydroxyadiantone, capesterol and others,!247"11) 
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Traditional M edicinal Uses: The fern is considered an astringent, demul- 
cent, depurative, diaphoretic, diuretic, emmenagogue, emollient, expectorant, 
laxative, stimulant, sudorific and a tonic. It is also used for alopecia, asthma, 
bladder ailments, catarrh, chest ailments, chills, cold, dropsy, dysmenor- 
rhoeal, fever, head ailments, hepatosis, labour, lung ailments, respiratory 
problems, rheumatism, sclerosis, snake bite, sores, sore throat, splenosis, 
stones and other urinary calcification."*! The plant expels worm, induces 
vomitting and relieves fever. Used externally, itis poulticed on snakebites and 
as a treatment for impetigo.'t?! The Russians use the herb for rhinitis while 
the French, with orange flowers and honey, uses it for pulmonary catarrh.”! 
A handful of leaves is made into a tea and drunk as an expectorant, astringent, 
tonic for coughs, throat afflictions and bronchitis. The plant is also used as 
a hair wash for dandruff and to promote hair growth in Latin A merica."! The 
ashes mixed with vinegar and olive oil is rubbed into the scalp to cure alope- 
cia.©! In Traditional Chinese Medicine, the leaves are used for bronchial 
diseases and as an expectorant;'?! and in Africa, the leaves are smoked to 
prevent head and chest colds." 


Pharmacological Activities: A ntibacterial."7! 


Dosage: Taken internally as a tea prepared from powdered dried fronds. The 
standard single dose is 1.5 g of drug to 1 cup of fluid per dose.!*! 


Adverse Reactions: N o known side effects with therapeutic dosages.!2! 
Toxicity: No information as yet. 

Contraindications: Should not be used during pregnancy."2”! 
Drug-Herb Interactions: No information as yet. 
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3. Allamanda cathartica L. (A pocynaceae) 


Allamanda, Common Allamanda, Golden Trumpet 





Allamanda cathartica flowers and leaves 


Description: Allamanda cathartica L. is a woody shrub that can grow up to 
4 m tall. The stems exude milky white sap when incised. Leaves are simple, 
exstipulate, glossy, leathery and glabrous. Leaf blade is oblong-lanceolate, 
8-15 cm by 4-5 cm and arranged in opposites of 3-5 sessiles. Flowers are 
large, tubular, bright yellow and 4-5 cm long.!?*! 


Origin: Native to South America; cultivated in China for medicine." 


Phytoconstituents: Allamandin, plumericin, plumieride, ursolic acid and 
others, 2.520) 


Traditional M edicinal Uses: The plant has been used as a purgative to induce 
vomiting at low dosage." Its leaves are cathartic and the bark is used as a hydra- 
gogue for ascites." 1n Surinam’s traditional medicine, its roots are used against 
jaundice, for complications with malaria and enlarged spleen." 


6 


b716_Ch_01-10.indd 6 & 1/8/2009 10:08:53 AM 


& FA 


3. Allamanda cathartica L. 7 


Pharmacological Activities: Anthelmintic,"?! Antifungal,!”!*2) A nti- 
neoplastic,!26 A ntivenom!!” and Wound healing."®! 


Dosage: No information as yet. 
Adverse Reactions: N o information as yet. 


Toxicity: Every part of the plant was reported to be poisonous.'2! The sap of 
the plant was reported to cause mild and occasional oral irritation and slight 
nausea when sucking cut stems. Rash or dermatitis were also reported when 
sap was in contact with sensitive skin.” 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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4. Aloe vera Mill. (Aloaceae) 


Aloe, Lidah Buaya 





Aloe vera Young and old plants 


Description: Aloe vera Mill. is a short-stemmed, up to 50 cm, succulent herb 
with thick green leaves that have a sharp and pointed apex, 15-50 cm by 
4-7 cm, arranged in a rosette around the short stem. Blade is green to 
variegate with small white or glaucous dots, irregular bands, lanceolate, 
tapering from base to apex, glabrous with green and spiny-toothed margins. 
The leaves contain a thick colourless juice. Flowers are yellow, orange or red, 
crowded into a rosette and in panicles.!?-*) 


Origin: Native to North Africa; cultivated in China for medicine and widely 
used as indoor ornamental plants.'?“! 


Phytoconstituents: Aloin (barbaloin), arabinose, aloe-emodin, aloetinic 
acid, emodin, aloeresin A-C, aloesone, aloeride and others.!2>-12) 


Traditional M edicinal Uses: The plant has been used in cosmetic prepara- 
tions for the treatment of pimples, acne and mouth ulcers.”2! It has also been 
used to control bleeding, itching of piles, and relief from arthritic pains.! 
The Chinese uses the plant juice as a mild laxative, wash for piles, abscesses 
and scabies. In the Philippines, it is used to treat dysentery and pain in the 
kidneys.”! The plant has been found to treat bacterial infection, as a cathartic, 
emmenagogue, purgative and vermifuge. It can be used in the treatment of 
burns, oedema, pain, swellings and wounds; treatment of leukemia, lung 
cancer; treatment of constipation, eczema, piles and pertussis.!!?2>! The whole 
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The Government’s direction for 5G 


The Government has made significant investments to improve telecommunications infrastructure in 
Australia, through the NBN and the Mobile Black Spot Program. The Government is also working to 
create a policy and regulatory environment that supports a competitive and innovative communications 
market. 


The Government recognises that 5G will enable innovation and productivity across industry sectors and 
can significantly contribute to Australian’s growth and future prosperity. Therefore, the Government 
will focus on enabling the early deployment of this new generation of mobile networks in Australia and 
encourage its use in delivering new services and applications. 


The Government will support the timely rollout of 5G in Australia to enable the next wave of broad- 
based industry productivity, and support the growth of Australia’s digital economy. 


Industry expects and needs to lead the deployment of 5G. However, the Government has a role in 
supporting network rollout by modernising policy and regulatory frameworks and removing barriers 
that would delay rollout and adoption unnecessarily. 


In the first instance, the Government will support the early deployment of 5G in Australia by: 


e making spectrum available in a timely manner 

e actively engaging in international spectrum harmonisation activities 

e streamlining arrangements to allow mobile carriers to deploy infrastructure more quickly, and 

e reviewing existing telecommunications regulatory arrangements to ensure they are fit-for-purpose. 


Making spectrum available in a timely manner 


A clear, efficient and flexible regulatory framework governing spectrum access will be essential to 
support the timely deployment of 5G networks in Australia. 


The Government is currently undertaking work to modernise Australia’s spectrum management 
framework to ensure it remains fit-for-purpose. In May 2017, it outlined its proposed reforms to the 
framework which are designed to simplify and streamline the processes for spectrum allocation and 
provide a transparent, efficient and flexible spectrum management framework. This will be the most 
significant change to the Australian spectrum management framework in the last 25 years. 


The reforms will remove barriers between licence types, and enable flexible licensing issue and 
allocation processes. This strategic approach will remove outdated processes and support the 
Australian Communications and Media Authority (the ACMA) to more effectively respond to market 
demands and new technologies, such as 5G. This will help Australia remain internationally competitive 
with a modern, innovative economy over the coming decades. 


The Government will put in place its new spectrum management framework by 2019. 


In addition, the ACMA will continue to work on making spectrum available for 5G. The ACMA has been 
investigating the use of 1.5GHz and 3.6GHz and high frequency mmWave bands in considering 
additional spectrum for mobile broadband services. The ACMA has decided to prioritise refarming of 
the 3.6GHz band over the 1.5GHz band, citing industry submissions noting this band is likely to be a 
pioneer band for early 5G deployments and the need to provide greater clarity and investment 
certainty for incumbents and potential new band entrants alike. The ACMA is currently engaging with 
industry on which parts of the 3.6GHz band should be reallocated and on what terms. This approach 
also follows international trends which have seen the 3.6GHz band commonly used for 5G trials. 


The ACMA will work to bring 3.6GHz spectrum to auction in 2018. 


www.communications.gov.au 
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plant has also been used for the treatment of rectal fissures and piles while 
the root is used to treat colic." The juice from the leaves is used to increase 
menstrual flow.'*! The jelly is used as aperient, for wounds, applied on 
the abdomen in fever, after confinement, on swelling and is especially useful 
in correcting constipation due to intake of iron medication.'”2® Fresh juice of 
the leaves is cathartic and cooling and used for various eye diseases." The 
dried juice is applied with lime juice for reducing swellings and promoting 
granulation in ulcers. In M alaysia, itis used for treating wounds, fever, swellings 
and put on the abdomen of women after confinement. The mixture of sugar 
with sap obtained from heated leaves is taken for asthma. The mucilaginous 
flesh and the sap are used for burns. The watery extract is used as a hair tonic. 
It is also used in cosmetics for decreasing wrinkles and other skin problems. 
It is mixed with milk and given for dysentery and pains in the kidney." It is 
used in Ayurveda to alleviate pain and is also mentioned in folk medicine of 
Arabian Peninsula for the management of diabetes.'2! 


Pharmacological Activities: A ngiogenic,”” A ntifungal,'*7! A ntidiabetic,*42>! 
Anti-inflammatory,!2?¢ 3°) A nticancer,2*38! A ntimicrobial,% A ntioxidant,224°-4) 
Antiproliferative,"*78! C hemopreventive,'*>“® G astric mucosal protection, !*7“*! 
H epatoprotective,'°495°! = Neuroprotective,°) | Hypolipidaemic,'5#! 
Immunomodulatory,!*+33°357]_ |mmunostimulatory,°® Antimutagenic,?4 
Alloantigenic,"* Antileishmanial,'°* Prevention of kidney stones,'®! 
R adioprotective!*! and Wound healing. ' ©! 


Dosage: Single dose of powdered Aloe, 50-200 mg at bedtime; tincture BPC 
1949 (1:40, 45% ethanol), 2-8 ml. Aloes should only be taken for short 
periods, maximum 8-10 days.!’°! Doses of 10-30 mg act as a bitter stomachic; 
60-200 mg as a laxative and 300-1000 mg as a purgative."®’ A dose of 
1 teaspoon after meals, or otherwise advised by manufacturers and practitioners 
has been reported.'’”! To prevent kidney stones, a dose of 2 to 3 tablespoon 
daily is reported. As a laxative, the recommended dose is 500 to 1000 mg 
daily. For burns or wound healing, fresh gel from plant may be applied 
topically and liberally. For haemorrhoids, as a stool softener, 0.05 to 2 g 
of dry aloe extract is administered. In the treatment of HIV, 800 to 1600 mg of 
acemannan daily (equivalent to 0.5 to 1 L of Aloe vera juice) is administered. 
To relieve constipation, 20 to 30 mg hydroxyanthracene derivatives daily, 
calculated as anhydrous aloin is prescribed.'7*! 


Adverse Reactions: Barbaloin was shown to have a laxative effect.!”! 
Ingestion of A. vera is associated with diarrhoea, electrolyte imbalance, 
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kidney dysfunction, and conventional drug interactions; episodes of contact 
dermatitis, erythema, and phototoxicity have been reported from topical 
applications.!’4! A. vera could also induce acute liver damage.!”! 


Toxicity: Severe gastrointestinal cramping can occur if the latex (which is 
just below the leaf surface) is taken internally.'”2! Toxic doses cause severe 
haemorrhagic diarrhoea and kidney damage, and sometimes death. The lethal 
dose of the dried plant extract is stated to be 1 g/day taken for a period of 
several days.'76 


Contraindications: C ontraindicated in intestinal obstruction, acute inflam- 
matory intestinal diseases (e.g., Crohn’s disease, ulcerative colitis), 
appendicitis and idiopathic abdominal pain. Should not be used during 
pregnancy. Should not be given to children below 12 years of age.'””! Should 
avoid application of Aloe topically on deep, vertical wounds. Contraindicated 
in menstruation and if the person has kidney complaints.!””! 


Drug-Herb Interactions: Increase the actions of cardiac glycosides and 
antiarrhythmic drugs (chronic use of aloe causes potassium loss), thiazide 
diuretics, loop diuretics, licorice and corticosteroids.!””! Aloe gel, when taken 
orally, can reduce the absorption of many medications. Thus, it should be 
taken two hours apart from all medications.'”/A study reported that Aloe vera 
preparations improved the absorption of both vitamins C and E.!7®! 
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5. Andrographis paniculata 
(Barm.f.) Nees (A canthaceae) 


Hempedu Bumi, Sambiloto, Chuan Xin Lian 





as) 


Andrographis paniculata plants Andrographis paniculata flowers 





Description: Andrographis paniculata (Barm.f.) Nees is an annual herb that 
grows up to 1 m in height. Stems are glabrous and articulated. Leaves are 
simple, opposite and exstipulate. Blade is dark green, bitter, glossy, simple, 
lanceolate, opposite and 4-8 cm by 1.3-2.5 cm. Its small and white flowers 
grow in terminal or axillary panicles. Both the bracts and the 5-lobed calyx 
are small. Fruits are upright, fusiform, capsular and contains 2-4 seeds.!! 


Origin: Native to Indian subcontinent and cultivated elsewhere.”! 


Phytoconstituents: A ndrographolide, andropanolide, andrographic acid and 
andrographidineA , andrographatoside, andropaniculosinA and andropanicu- 
losideA and others, '*4) 


Traditional M edicinal Uses: The plant is used orally to prevent and treat 
common cold, influenza, pharyngotonsilitis, allergies and sinusitis. Traditionally, 
itis used for many conditions including anorexia, atherosclerosis, insect and 
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snake bites, bronchitis, prevention of cardiovascular disease, diabetes, hyper- 
tension, cholera and as a tonic, !156 


Pharmacological Activities: Antiapoptotic,”) Antibacterial,!®?”! 
Antifungal,"® Anticancer,'*3" A ntidiabetic/H ypoglycaemic,!6 Anti- 
fertility,°”) Anti-inflammatory,38 Antioxidant,'*>" A ntiplatelet,2°?) 
Antiprotozoal,'5*°* A ntiviral,'°’°*! Cardioprotective,5?! Chemopreventive,'©! 
H epatoprotective,'°! Hypotensive,'©) |Immunomodulatory,'3>:47.°! 
Psychopharmacological activities,'°” Vasorelaxant'*! and Cytotoxic.!?! 


Dosage: For decreasing symptoms of common cold, doses of 400 mg of 
standardised andrographolide are required three times daily; for preventing 
common cold, a dose of 200 mg daily for 5 days in a week; for relieving fever 
and sore throat in pharyngotonsilitis, doses of 3 g and 6 g daily were used.!®! 
Use 6-9 g for influenza with fever, sore throat, ulcers in the mouth, acute or 
chronic cough, colitis, dysentery, urinary tract infection, carbuncles, sores 
and venomous snake bite. '®*! 


Adverse Reactions: Orally, large doses of Andrographis may cause gastrointes- 
tinal distress, anorexia, emesis and urticaria. Androgapholide taken orally at 
5 mg/kg three times a day may cause headache, fatigue, rash, abnormal taste, 
diarrhoea, itching, lymphadenopathy, anaphylactic reactions, etc.!® 


Contraindications: Contraindicated in pregnancy, likely to be unsafe due to 
abortifacient effect.!® 


Toxicity: No toxic effect was observed after administration of a decoction of 
Andrographis paniculata leaves to rabbits.!”” LD... of androgapholide in mice 
through oral route is > 40 g/kg body weight, which indicates low toxicity.!”4 


Drug-Herb Interactions: Simultaneous application of A. paniculata and 
warfarin did not produce significant effects on the pharmacokinetics of war- 
farin, and practically no effect on its pharmacodynamics.!72! 
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6. Ardisia elliptica Thunb. (M yrsinaceae) 


M ata Pelanduk/Ayam, Sea-Shore A rdisia, Shoebutton A rdisia 





Ardisia elliptica trees Ardisia elliptica fruits 


Description: Ardisia elliptica Thunb. is a small shrub that can grow up to 
10 m tall. The leaves are obovate, 6-9 cm long with smooth margins. They 
have an acute apex and a cuneate leaf base. The leaves have a leathery texture. 
The plant bears whitish pink axillary inflorescences and the drupes are 
globular, 1-1.2 cm in diameter and grow in clumps, pale red when immature, 
and turning dark purplish upon maturity.!*?) 


Origin: Native to tropical and temperate A sia."4! 
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Phytoconstituents: Rapanone,! bauerenol, a- and B-amyrin,'®” syringic 
acid, isorhamnetin and quercetin,'®! bergenin,'®! 5-(Z-H eptadec-4’-enyl)resor- 
cinol and 5-pentadecylresorcinol 2°! 


Traditional Medicinal Uses: The decoction of the leaves is used by the 
M alays to treat pain in the region of the heart."°! The K adazan Dusun tribes 
in Malaysia used paste made from the leaves of Ardisia elliptica to treat her- 
pes and measles."*"4) The fruits are used in Thai Traditional M edicine to cure 
diarrhoea with fever.!®! 


Pharmacological Activities: A ntiplatelet!°!” and A ntibacterial."®! 
Dosage: No information as yet. 

Adverse Reactions: N o information as yet. 

Toxicity: No information as yet. 

Contraindications: No information as yet. 

Drug-Herb Interactions: No information as yet. 
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7. Areca catechu L. (Palmae) 


Betel Nut Palm, Areca Nut, Pinang 





Fruit of Areca catechu Areca catechu tree 


Description: Areca catechu L. is a tall, slender palm that can grow up to 10 
m. Leaves are dark green, pinnate and up to 1.2-2 m long. Inflorescence is 
branched and male flowers grow in one row surrounding the female flower at 
the base of branch. Fruit is a one seeded ovoid berry about 5 cm long.'“) 


Origin: Originate from the Philippines.™ 


Phytoconstituents: A recoline, arecaidin, arecaine, catechin, glucides, guva- 
cine, guvacoline, arecolidine, isoguvacine, nicotine and others,!t*® 


Traditional M edicinal Uses: In Irian J aya, parts of this tree are used on 
wounds, swellings and other skin afflictions. The pericarp is effective in the 
treatment of flatulence, oedema, dysuria and hyperemesis of pregnancy. On 
the Finschhafen coast, Papua N ew Guinea, the inner seed is chopped, heated 
over fire and pressed on sores caused by sea urchins. Chewing the betel nut 
with lime and the leaves of catkins or Piper betel gives a stimulant effect as 
well as an attributed sedative effect.'*! This may also be used to soothe a mad 
person. The red mixture is applied to ulcers in New Britain and to treat sores 
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caused by venereal disease in Northern Province; whereas in N ew Ireland, the 
scraped bark is mixed with sea water with a leaf of Indocarpus fagiferus and 
drunk to treat asthma.!) The M alays use a decoction of the leaves to treat 
diarrhoea in children." The dried ripe fruits have been used by the Chinese 
to expel tapeworms and roundworms, treat diarrhoea, indigestion, lumbago, 
urinary problems and increase menstrual flow.'!2° The kernel of the fruit is 
chewed as a narcotic, fresh or cured with slacked lime and betel leaves.'7! The 
fruits are also used for beriberi, dysentery, dyspepsia, dysuria, oedema and 
malaria.'©! The fruit can also be applied on venereal sores (ground fresh nut 
with betel leaf, Nigella sativa and roots of Gymnema hirsutus, cooked in 
mustard oil or butter and applied).!! 


Pharmacological Activities: A nalgesic,!2?!A nthelmintic,'®?*! A ntibacterial "4! 
Anticancer/A ntineoplastic,">29 Anticonvulsant,""”) Antidepressant,!®?9! 
Antihypertensive,°74) Antimitotic,") Antioxidant,'3!_ A poptotic,'*") 
Hypocholesterolaemic,'25! | mmunomodulatory,'2°2”! | mmunostimulatory,!& 3! 
Antihyaluronidase,*”!A ntivenom,'??! Cell growth inhibitor,°4!M olluscicidal!?>! 
and causes periodontitis.!%° 


Dosage: For the treatment of diarrhoea, 30 g areca powder in 200 cm? water, 
simmered for 1 hour is taken before breakfast. If expulsion does not take 
place within 9 hours, 50 cm? of 50% magnesium sulphate solution may be 
taken." A decoction of the pericarp has been prescribed in a daily dose of 
6 to 12 g to treat flatulence, oedema, dysuria and hyperamesis during preg- 
nancy. To treat diarrhoea and dysentery, a daily dose of 0.5 to 4 g of the 
kernel has been used.'”! For sore throat, the pressed juice is used as a gargle. 
2 g of fresh nut can be chewed for 15 min or more before spitting it out. 
Another reported usage is rolling the leaves and placing them between teeth 
and gums/lips.!37! 


Adverse Reactions: Excessive chewing can cause dizziness, nausea, vomit- 
ing, diarrhoea, and seizures.'°8! 


Toxicity: A dose of 8-10 g is toxic to humans."***! Heavy consumption may 
cause the development of cancer in the upper and middle third of the oesoph- 
agus respectively”! and chronic kidney disease.'*”! Betel quid (a mixture of 
areca nut and flavouring ingredients with or without processed tobacco leaves) 
chewing resulted in a statistically significant increase in the risk of total and 
cerebrovascular deaths in the elderly population.'*#! At higher doses, brady- 
cardia, reflex excitability, tremor, spasms and eventual paralysis may occur. 
Long term effect as stimulant causes malignant tumours of oral cavity 
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through formation of nitrosamines.'°*! Betel quid chewing during pregnancy 
has a substantial effect on a number of birth outcomes, including sex ratio at 
birth, lower birth weight and reduced birth length.'*#! It is toxic during preg- 
nancy!**5! as it also possesses cytotoxic and genotoxic activities.!°”! 


Contraindications: Should not be used during pregnancy and lactation. 
Should not be given to children. Patients with oral or oesophageal cancers, 
ulcers, oesophagitis, or renal disease should avoid its use.!37! 


Drug-Herb Interactions: Decrease action of antiglaucoma agents. Increase 
action of beta-blockers, calcium channel blockers, cardiac glycosides 
(digoxin, digitoxin). For neuroleptics, extrapyramidal symptoms can occur.!°”! 
Avoid taking alcohol and atropine.'°®! 
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8. Asplenium nidus L. (Aspleniaceae) 


Bird’s Nest Fern 
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Asplenium nidus growing on the ground Asplenium nidus on a tree 


Description: Asplenium nidus L. isa common epiphytic fern found growing 
on trees. Fronds are long, simple, green and grow from a central rhizome 
attached to the tree branch in the shape of a nest. Parallel lines of spores are 
found on the undersides of the fronds and radiate away from the midrib 
towards the leaf margin.!?! 


Origin: Native to tropical Africa, temperate and tropical Asia and 
Australasia.!7! 


Phytoconstituents: K aempferol-3-0 -gentiobiosie-7,4’-bisglucoside, 
kaempferol-3-0 -diglucoside, kaempferol-3,7-diglycoside and kaempferol-3- 
0 -vicianoside.”! 


Traditional M edicinal Uses: A. nidus is regarded as depurative. Infusion 
of the fronds is used to ease labour pains by Malaysia native tribes. The 
M alays pound the leaves in water and apply the resulting lotion to fever- 
ish head.) Two young fronds are eaten when they are still coiled, just 
after menstruation, in the morning as a contraceptive. Tea made from the 
fronds is recommended for general weakness.!>."! 


Pharmacological Activities: O xytocic activity. 
Dosage: No information as yet. 
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Actively engaging in international spectrum harmonisation activities 


There is already significant work underway globally with several countries trialling 5G, but standards for 
this new generation technology are yet to be finalised. The formal, international process to define 5G is 
led by the ITU. The ITU’s Working Party 5D is responsible for shaping the standard for “futuristic mobile 
technologies” to support International Mobile Telecommunications (IMT) for 2020 and beyond.° This 
process is known as IMT-2020. 


Stakeholders such as regulatory and policy setting bodies, hardware manufacturers and governments of 
countries in which they are based will be seeking to influence the international dialogue. A key body is 
the industry-driven 3GPP which undertakes technology standardisation. Collectively, the ITU and 3GPP 
will drive spectrum harmonisation activities: the ITU, led by administrations, will focus on the spectrum 
requirements; and the 3GPP, led by industry, will concentrate on equipment and device standards. 


Industry is well-placed to lead the standardisation process particularly given its role identifying the 
application of 5G technologies. However, there is also an important role for the Government in these 
processes. This is particularly the case in the harmonisation of international spectrum arrangements 
which will have significant impact on the availability and cost of 5G devices in Australia and can be 
strongly contested. 


In the past, Australia and the Asia-Pacific region have been influential in contributing to standards and 
spectrum plans that have been adopted across the world. This ensured that Australia was able to adopt 
new technologies quickly and that the Australian market could take advantage of the economies of 
scale and have a greater choice of mobile handset equipment. 


The Government will ensure strong participation by Australian in domestic and international 
discussions about 5G spectrum harmonisation. Our continued involvement provides the opportunity 
to contribute to this dialogue and secure outcomes that will benefit the adoption of 5G in Australia. 


Streamlining arrangements to allow mobile carriers to deploy infrastructure 
more quickly 


The design and deployment of mobile networks will be radically different from those of today. 5G is 
expected to require additional infrastructure in new forms, including smaller cells and more densely- 
located antennas, particularly in the use of high-band spectrum. 


Carriers have specific powers and immunities relating to telecommunications infrastructure 
deployment and installation. These laws help carriers to rollout telecommunications infrastructure 
quickly in a nationally-uniform way, rather than having to follow state, territory and local government 
requirements. These laws have existed in their current form since 1997. 


The Government has recently consulted on proposed new arrangements that take account of 
technology developments and changes in operating practices as well as identifying opportunities to 
streamline deployment processes. Under these new proposed arrangements, mobile carriers would be 
able to rollout new communications technologies such as 5G more efficiently. 


The Government understands that some members of the community have expressed concerns about 
the impact on public amenity from increased telecommunications infrastructure. The Government 
considers that telecommunications providers should work with local communities to address concerns 
about their infrastructure plans and is encouraging industry to consider consultation requirements for 
future 5G networks. 


The Government continues to work with stakeholders and will implement the first tranche of 
changes to carrier powers and immunities following the conclusion of the consultation process. 


5 ITU, accessed 1 September, ITU towards “IMT for 2020 and beyond.” 
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Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 


Drug-Herb Interactions: No information as yet. 
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9. Aster tataricus L .f. (Compositae) 


Tatarian A ster, Tatarian Daisy 





Aster tataricus flowers Aster tataricus shrub 


Description: Aster tataricus L.f. isa small shrub with abundant fibrous roots. 
Leaf blades are oblanceolate to lanceolate, margins serrate or entire, 4-18 by 
1-5 cm and acute. Flower heads are in large bunches with white petals and 
yellow centre,!-3) 


Origin: Native to Siberia."! 


Phytoconstituents: Shinone, friedelin, epifriedelinol, shinoside A -C, asteri- 
ninA-F, astins A-E, astertarone A &B and others,!* 7) 


Traditional M edicinal Uses: The underground rootstock is used as a purga- 
tive, treats colds, coughs with excessive sputum or with blood and painful 
menstruation.'2! It is also used as a bechic-expectorant.'”2! Used as an aromatic 
tonic in chronic gastroenteritis."*) 


Pharmacological Activities: A nticancer'*>! and A ntioxidant."! 
Dosage: No information as yet. 
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Adverse Reactions: No information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 


Drug-Herb Interactions: No information as yet. 
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10. Azadirachta indica A. J uss. (M eliaceae) 


Neem 





Fruits of Azadirachta indica Azadirachta indica tree 


Description: Azadirachta indica A. Juss. is a tall evergreen tree, growing up 
to 30 m in height. L eaves are pinnate with opposite or alternate, lanceolate, 
serrated and glabrous 8-16 leaflets, 20-32 cm long. Flowers are yellowish 
white. Fruits are small, ellipsoid, about 5 cm long and green.!?*! 


Origin: A native of India and China, cultivated and naturalised throughout 
India, Malay Peninsula, Indonesia and Pakistan."! 


Phytoconstituents: A zadirachtin O-Q, nimbin, deacylnimbin, salanin, nim- 
bidin, nimbinin, nimbidol, azadirone, melianol, meliacinol, nimbothalin, 
nimonol, azharone and others.!3:>-28 


Traditional Medicinal Uses: |t is used for the treatment of a variety of 
human and veterinary ailments including head lice, mange, fleas, fever, con- 
vulsions, leprosy, scrofula, rheumatism, asthma, worm infestations, treat 
bacterial infection, insecticide, local application for indolent ulcer and con- 
sumed as tonic after childbirth." It is used for boils, heart disease, fever, 
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tuberculosis, diarrhoea, jaundice, dysentery, to promote healing, measles, 
smallpox, sores, inflamed gums, syphilis, leprosy, piles, urinary diseases, to 
expel worms, purgative, emollient, local stimulant, treat fever (crushed leaves 
added to lemon), disinfectant (oil from nuts), astringent, contraceptive and 
tonic.'293°l |tis also used for dermatological problems in Nigeria.24 Neem has 
also been used to protect crops, stored grains and library books from insects. 
Neem leaves buried in grain bins are used to keep the stored crops insect-free. 
Crushed seeds soaked in water produce a potent pesticide that does not harm 
mammals, birds, earthworms and bees." 


Pharmacological Activities: General review.'?! Antibacterial,@*3” A nti- 
cancer,!3846) A nticarcinogenic,"4”°5! Anticonvulsant,'* A ntifertility,7°®! 
Antifungal ,'5°*® A nti-inflammatory,'©! A ntimalarial,'° ©! A ntimicrobial 
Antioxidant,'’*™ Antiproliferative,'’°”" Antipyretic,'’ Antiviral,!7%7% 
Gastroprotective,'®* ®! H epatoprotective,'**! Hypoglycaemic,'%° Hypo- 
tensive,'®®-°l | mmunostimulatory,'°8°!"°) N europrotective,'! A nthelmintic,'%! 
Antihaemorrhagic,°7! = Antileishmanial,' = Antimutagenic,'9” °°! 
M olluscicidal,!2° Insecticidal and Insect repellent.!0+ 220) 


Dosage: A pproximately 100 g of bark is soaked in 1 L of water and approx- 
imately 3 ml of this infusion is consumed daily for one month as a male 
contraceptive. °°! 


Adverse Reactions: Nausea, vomiting, anorexia, hypersensitivity, Reye's 
syndrome (infants) {22 


Toxicity: M ice injected with the tetranortriterpenoid fractions (>86 mg/feed- 
ing) into the tail vein died within 24 hours."*! Various acute, subacute and 
chronic toxicity tests of extracts of neem have been reported, especially on 
human and animal fertility.'!2! N on-aqueous extracts appeared to be the most 
toxic neem-based pesticide products.!2! 


Contraindications: Should not be used during pregnancy and lactation, and 
in children. Should not be used in persons with hypersensitivity to neem.!22! 


Drug-Herb Interactions: No information as yet. 


[Authors’ Note: An extensive review'”! on the safety of neem derived pes- 
ticides concluded that the use of neem derived pesticides as an insecticide 
should not be discouraged. ] 
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11. Barringtonia asiatica L. (L ecythidaceae) 


Beach Barringtonia, Fish-killer tree, Putat L aut 





Developing fruits of B. asiatica Barringtonia asiatica tree 


Description: Barringtonia asiatica L. is a large tree bearing large simple 
leaves, 20-30 cm long which taper to the leaf base. Flowers are large 
and white with several white stamens. The flowers are actinomorphic and 
have four petals. The fruit is oblong, green, large, 8-10 cm across and 
contains one seed, !-3} 


Origin: Native to Africa, temperate and tropical Asia and A ustralasia."! 


Phytoconstituents: A,-barrinin, ranuncoside VIII, A,-barrigenin and 
others, !4>7) 


Traditional M edicinal Uses: The plant is used to treat fungal infections,'®! 
burns and wounds.""! The leaves are heated and used to treat stomachache and 
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rheumatism in the Philippines. Its fruits are used as a fish poison and the fruit 
juice for controlling scabies while the seeds are used for the expulsion of 
intestinal worms and also as afish poison.”” They are also used to treat sores, 
cough, influenza, sore throat, diarrhoea, swollen spleen after malaria. In 
other provinces of Vietnam, the fresh nut is scraped and applied to sores; 
dried nut is ground into a powder, mixed with water and drunk to cure 
coughs, influenza, sore throat, bronchitis, diarrhoea and swollen spleen.!2! 
The bark is used in the treatment of tuberculosis.'"! In Yambio (Sudan), the 
inner bark is crushed and mixed with water and drunk to ease the aching 
associated with malaria. It is also used in combination with other plants as a 
medicine to treat tuberculosis in N ew Ireland and the Solomon Islands.!22! 


Pharmacological Activities: Insect repellent,'°! A ntibacterial and A ntifungal.! 


Dosage: To relieve the aching associated with malaria, inner bark is crushed 
and mixed with water and drunk, 2 cups per day for 2 days.!22! 


Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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12. Barringtonia racemosa (L.) K. Spreng 
(L ecythidaceae) 


Putat K ampong, Samundrapandu 





Barringtonia racemosa fruits Barringtonia racemosa tree 


Description: Barringtonia racemosa (L.) K. Spreng is a small tree with 
large, simple leaves about 20 cm long. Flowers are large with numerous pink- 
ish stamens. The fruit is ellipsoid, green, 8 cm long, and turns red upon 
maturity.!22! 


Origin: Native to Africa, temperate and tropical Asia, Australasia and the 
Pacific.) 


Phytoconstituents: Nasimalun A and B, barringtonin, R,-barrigenol, 
R,-barrigenol, barringtogenol, barringtogenic acid and others.!*-°! 
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Traditional Medicinal Uses: The plant is widely used in the form of a 
decoction in Sri Lankan traditional medicine."°! The leaves and bark are used 
for rat and snake bites, rat poisoning and on boils.'2°4 The fruits are used for 
cough, asthma and diarrhoea."*2! K ernels of the drupe are mixed with milk 
to treat bilious diseases and jaundice whereas the seed has been used as an 
insecticide and tonic.''"! The seeds along with other ingredients are employed 
in preparations for the treatment of itch, piles and typhoid fever, while 
the bark is also used for gastric ulcers."°! Its roots act as a coolant and 
deobstruent. 12) 


Phar macologicalA ctivities: A ntinociceptive,""'A ntibacterial,""7!Glucosidase 
and A mylase Inhibition,'2?! A nticancer "4! and Cytotoxic.!2! 


Dosage: No information as yet. 
Adverse Reactions: N o information as yet. 


Toxicity: Aqueous extracts (500, 750, 1000 or 1500 mg/kg) of B. racemosa 
bark in male rats did not produce any unwanted side effects or toxicity or alter 
fertility, gestational length, peri- and neonatal development and appeared to 
be non-teratogenic."°! B. racemosa seed extract was found to be devoid of 
acute and short-term toxicity to mice, when administered daily, intraperitone- 
ally for a fortnight up to a dose of 12 mg/kg. The treated mice showed 
conspicuous toxic symptoms only at 24 mg/kg. The LD«, of male mice for a 
single i.p. dose is 36 mg/kg.) 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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13. Bauhinia purpurea L . (Leguminosae) 


Butterfly Tree 





Flower of Bauhinia purpurea Bauhinia purpurea tree 


Description: Bauhinia purpurea L. is a deciduous tree. Leaves are simple 
and stipulate. Blade is butterfly shaped, coriaceous with 9-11 pairs of sec- 
ondary veins. Flowers are showy, pink and arranged in axillary. The fruits are 
darkish pods, 1.5 by 15 cm and woody. 2! 


Origin: Native to India and grown in the Asia-Pacific as ornamental plants.'?! 


Phytoconstituents: B auhiniastatins 1- 4, bauhinoxepin C-J, bauhibenzofurinA , 
bauhispirorin A, bauhinol E and others.'?*! 


Traditional M edicinal Uses: The root is grated with water and is drunk to 
treat common fever. The flowers are used as laxative and leaves applied to 
sores and boils, and for cough treatment.!2”! 
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Department of Communications and the Arts October 2017 





Reviewing existing telecommunications regulatory arrangements to ensure 
they are fit-for-purpose 


The pace of change in the communications sector is impacting on the effectiveness of the existing 
telecommunications regulatory framework. In response, the Government is progressively working to 
modernise the regulatory architecture to ensure that the regulatory and policy settings flexibly respond 
to the current and future needs of the communications sector. 


In undertaking reform, the Government is cognisant that the communications regulatory framework 
will need to be sufficiently flexible to address the emergence of new technologies and business models. 


5G deployment will benefit from the Government’s reform efforts, including updates to the regulatory 
framework for telecommunications and radio spectrum and modernising the ACMA. In these cases, the 
Government has been revising regulation to shift it away from the traditional vertical 
telecommunications sectors to principles based, flexible arrangements. This will provide the versatility 
necessary to account for 5G developments and services. 


The Government will continue to work with industry to modernise current telecommunications 
regulatory arrangements to ensure they encourage competition and innovation in the sector. 


As with previous mobile networks, cybersecurity will be a critical consideration as 5G is deployed. 
Security will be even more so a challenge for 5G, as the reliability of communications will be pivotal in 
the technology’s ability to deliver benefits, particularly in the case of critical communications. 


Additionally, in providing the architecture for automation, 5G networks will trigger an ever-increasing 
volume of data. While the bulk of data will be machine-to-machine communications, users will want 
assurance that their personal information is protected. User consent will be an area of growing 
complexity due to the intersection between autonomous systems and the individual. 


Industry has strong incentives to address cybersecurity risks in 5G’s new types of network deployments 
and systems. However, the Government will continue to assess cybersecurity and privacy issues as 
they evolve to ensure Australians have confidence in using 5G. 


Next steps 


The Government recognises the opportunities presented by 5G for economy-wide transformation, 
creating productivity benefits in sectors such as transportation, health, manufacturing and agriculture. 
However, realising the benefits of 5G in sectors other than communications will need the right sectoral 
regulatory settings. 


The Government will work to ensure that sectoral regulatory frameworks are updated to take 
advantage of 5G. The communications portfolio is well-placed to facilitate an ongoing strategic 
dialogue on 5G that will support sectors to identify and work towards unlocking the potential benefits 
of the technology. This dialogue would provide a starting point for greater engagement across 
Government and with industry and the community. 


To that end, the Government will establish a 5G working group that will bring together 
representatives from across Government and industry. The working group will create a platform for 
this strategic dialogue with a mandate to seek out opportunities and emerging issues on 5G. This will 
provide better coverage across Government of the evolving policy and regulatory challenges associated 
with 5G. 


www.communications.gov.au 
5G—Enabling the future economy www.arts.gov.au Page 12 of 12 
www.Cclassification.gov.au 
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Pharmacological Activities: Antibacterial," Antifungal, Antimalarial, 
Cytotoxic,'! Anticancer,'?) Anti-inflammatory®!)  Antinociceptive, 
Antipyretic!*?) and Thyroid hormone regulating."”! 


Dosage: No information as yet. 

Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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14. Bixa orellana L. (Bixaceae) 


Annatto, Lipstick Tree 





Bixa orellana flower Bixa orellana tree 


Description: Bixa orellana L. is a small tree with simple and spiral leaves, 
10-20 cm by 6.3-12.5 cm, dark green, ovate, acuminate, truncate at the base 
and glabrous. Flowers are large, 5 cm in diameter, pinkish or white, arranged 
in terminal panicles. Fruits are dehiscent, ovoid capsules containing 15-20 
trigonous seeds in bright red pulp.!?-*! 


Origin: Originate from tropical A merica. Cultivated Pantropically."! 


Phytoconstituents: Bixin, valencene, f-elemene, f-selinene, copaene, 
6-cadinene, spathulenol, y-cadinene, 5-elemene, ledol, a-muurolene, 
a-cadinol and others. 10) 
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Traditional M edicinal Uses: The leaves have been used to treat snakebites 
and jaundice and the seed is considered a good cure for gonorrhoea.'!!! The 
bark of the root is used to treat fever and as an aperient.!""! In Cambodia, the 
leaves are a popular febrifuge while in Indonesia, water in which the leaves 
are rubbed is poured over the head of children with fever. In Malaysia, the 
leaves are used in a postpartum medicine and in the Philippines the leaves are 
pounded in coconut oil and heated, then applied to the abdomen to relieve 
tympanites. Pastes of the fresh leaves are rubefacient and used in dysentery. 
In Vietnam, lotions or baths of leaves are used during fever. Its unripe fruits 
are emollient in leprosy.! Alcoholic extracts of seed coat are taenifuge and 
laxative.) Decoctions of barks are used for catarrh. Infusions of seeds are 
used to treat asthma and excessive nasopharynx mucus production.? 
Traditionally, it is also used as a gargle for sore throats and oral hygiene! 
In Trinidad and Tobago, the leaves and roots are used for hypertension, dia- 
betes and jaundice."7! Leaves and seed pods are used as a female aphrodisiac." 


Pharmacological Activities: Antibacterial,“?>1® Anticancer, 
Anticonvulsant,"® A ntidiarrhoeal,!2® A nti-inflammatory,'?97° A ntioxidant,!36 
Antiplatelet,'*2) Hypoglycaemic,"?2!_ Immunostimulatory,’?) Sedative,!2 
Antigenotoxic and Antimutagenic,'’?! Antifungal, Antileishmanial'4) and 
R adioprotective.!?! 








Dosage: A pproximately 9 seed pods are boiled in 3 cups of water for 10 mins 
and drunk as a diuretic before each meal. 10 g powdered seed/40 ml oil for 
topical pastes.'>! As a female aphrodisiac, 3 leaves in 0.5 L of water and red 
paste of seed pods. !4! 


Adverse Reactions: Urticaria and angiooedema are possible adverse reac- 
tions with annatto dye. A patient developed these symptoms and hypotension 
within 20 min of ingestion of annatto containing fibres.!?! 


Toxicity: Toxic to dogs dosed with 60 mg/kg trans-bixin.'?°! H owever, annatto 
containing 5% bixin was non-genotoxic and non-carcinogenic to rat livers 
even at the highest concentration tested at 1000 ppm (4.23 bixin/kg body 
weight/day).'27! A nnatto given through gavage to Wistar rats on days 6-15 of 
pregnancy showed no adverse effect on the mothers and foetus. '78 


Contraindications: Trans-bixin is hyperglycaemic and should not be 
ingested by patients with diabetes mellitus.!2>! 


Drug-Herb Interactions: No information as yet. 
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15. Calophyllum inophyllum L. (Guttiferae) 


Indian Laurel, Penaga Laut, Borneo M ahogany 





Flowers of Calophyllum inophyllum Calophyllum inophyllum tree 


Description: Calophyllum inophyllum L. is a large tree with broad, glossy, 
leathery, elliptic-oblong leaf blades, 8-16 cm by 4-8 cm, and with numerous 
parallel side veins. The tree bears sweetly scented white flowers in erect 
racemes. Fruits are globose, 2 cm across and are green in colour.!22! 


Origin: It is found in A frica, tropical and temperate A sia, A ustralasia and the 
Pacific.) 


Phytoconstituents: |nophynone, canophyllol, canophyllic acid, calophyl- 
lolide, inophyllolide, inophyllum B, C, P, and E, jacareubin, (+)-calanolideA , 
inocalophyllins A and B, calophinone, calophyllumin C, inophyllin A and 
others, '* 28) 


Traditional M edicinal Uses: The whole plant is used as a crude drug for 
curing rheumatism and skin affections in South I ndia."*! Its juice is a purga- 
tive and the seed oil is specific for rheumatism and various skin diseases (i.e., 
scabies, ringworm and dermatosis). The bark is used for internal haemor- 
rhage and as an astringent.'79! In Buso, Papua New Guinea, the milky latex 
from the leaves is diluted with water and the solution is applied to irritated 
eyes, The gum is emetic and purgative.!*! 
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Pharmacological A ctivities: A ntibacterial,'°"22!A nticancer/A ntineoplastic,"*! 
Anti-inflammatory,'*! A ntiplatelet,°*25! A ntipsychotic,*! A ntiviral {251836 38) 
Photoprotective,'?*! M olluscicidal'*” and Piscicidal."! 


Dosage: No information as yet. 
Adverse Reactions: N o information as yet. 


Toxicity: The unrefined oil is toxic. There was a significant difference 
in the plasma cholesterol levels of the rats fed with C. inophyllum oil 
when compared with the control. Mild, focal to severe and widespread 
lesions were found in the kidneys, hearts and livers of rats fed with 
C. inophyllum seed oil .!42! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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16. Cananga odorata (Lam.) Hook. f. & Th. 
(A nnonaceae) 


K enanga, Y lang-Y lang 





Flowers of Cananga odorata Cananga odorata shrub 


Description: Cananga odorata (Lam.) Hook. f. & Th. is a shrub which 
grows to a height of 4 m. Its bark is grey and smooth. Leaves are simple, 
alternate, exstipulate, oblong to broadly elliptic, large, 3-6.5 cm across, 
8.5-29 cm long, with distinct venation pattern. Flowers are fragrant, in clus- 
ters on older branches. Fruit turns black on maturity and has many seeds in 
two rows, !?3) 


Origin: Originates from Indochina, M alesia and tropical A ustralia.!”! 


Phytoconstituents: Acetogenin, aporphine, liriodenine, canangone, 
a-humulene, 6-cubebene, germacrene D, cananodine, y-eudesmol and 
others, 2°71 


Traditional M edicinal Uses: |t is used for asthma, malaria, fever, cholera, 
typhoid, scabies, dermatitis, ulcer and wounds."*!T he seeds are used for stom- 
ach complaints with fever and in Indonesia, the bark is used for scabies.!?! In 
M alaysia, a paste of fresh flowers is applied to the chest for asthma and to 
treat malaria. In Solomon islands, a paste of fresh flowers is applied to boils 
while in India, the essential oil from the flowers makes an external remedy 
for cephalgia, ophthalmia and gout.'3:! 
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Pharmacological Activities: A ntibacterial,"°!2) A ntifungal,'2?2! A ntihyper- 
tensive,3! A ntioxidant,!2” A ntineoplastic!”2*5) and A ntiprotozoal.!26 


Dosage: No information as yet. 
Adverse Reactions: N o information as yet. 


Toxicity: A 50% ethanolic root bark extract administered orally to male 
albino rats at the dose of 1g/kg body weight/day for 60 days resulted in 
decreased epididymal sperm motility and sperm count, and morphological 
abnormalities in the sperms.""”! However, it is non-toxic at the current level of 
intake as a food ingredient (0.0001 mg/kg/day). Although sometimes Y lang- 
Y lang oil has been reported to cause dermal sensitisation reactions in animals 
and humans, it is unclear what constituent(s) within the essential oil comprise 
the offending agent."®! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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17. Capsicum annuum L. (Solanaceae) 


Chilli, Red Pepper 





Capsicum annuum fruits Capsicum annuum plant 


Description: Capsicum annuum L. is a small herb that can grow up to 1 m 
tall. L eaves are oblong-ovate, ovate, or ovate-lanceolate, 4-13 cm by 1.5-4 cm 
with entire margin. Flowers are small, white or tinged purple. Fruits are 
mostly red, but can be green, orange, yellow and can grow up to 15 cm. Seeds 
are pale yellow, discoid or reniform and 3-5 mm.!*°! 


Origin: Native to Mexico and South America, widely cultivated throughout 
the world." 


Phytoconstituents: Capsaicin, capsicosides E-G, capsianosides 1- 4, capsia- 
nosides VIII, IX, X, XIII, XV and XVI, solanidine, solanine, solasdine, 
scopoletin and others.!* >! 


Traditional Medicinal Uses: The leaves are used to treat toothache. The 
fruits are used to stimulate gastric activities and increase blood circulation.”! 
Itis also a stimulant, carminative, and used locally for neuralgia and for rheu- 
matism."5! Uterine pain associated with childbirth is treated with soup 
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containing the fruit.©! The Commision E approved Capsicum annuum for 
painful muscle spasms in areas of shoulder, arm and spines. Preparations are 
used to treat arthritis, neuralgia, lumbago and chilblains."”! 


Pharmacological Activities: Antibacterial,"®!%) Antifungal,!2°74 
Anticancer,'?223! A ntioxidant,"°*6 A nti protozoal ,'?”! H ypocholesterolaemic/ 
Hypolipidemic,"978) |mmunomodulatory,'?9! Antimutagenic!°?" and 
Pesticidal.!°2! 


Dosage: Liquid extract is prepared by percolating 100 gm of the plant extract 
with 60 mg of ethanol, to be used as an antirheumatic. External daily dose of 
semi solid preparations containing maximum of 50 mg of capsaicin in 100 
gm neutral base is also used as an antirheumatic and applied to the affected 
area not more than 3 or 4 times daily.) 


Adverse Reactions: Internally, it may cause gastrointestinal cramping, 
pain, and diarrhoea. Topically, it may cause painful irritation of mucous 
membrane.!*4! 


Toxicity: Oral LD., values for capsaicin are 161.2 mg/kg (rats) and 118.8 mg/kg 
(mice), with haemorrhage of the gastric fundus observed in some of the 
animals that died. However, capsaicin is considered to be safe and effective 
as an external analgesic counterirritant.'>! Rabbits fed with C. annuum 
powder at 5 mg/kg per day in the diet daily for 12 months showed damaged 
liver and spleen. A rabbit skin irritation test of C. annuum fruit extract at 
0.1% to 1.0% produced no irritation but caused neoplastic changes in the liver 
and intestinal tumours were observed in rats fed red chili powder at 80 mg/kg 
per day for 30 days.'*>! High doses administered over extended period of time 
can cause chronic gastritis, kidney damage, liver damage and neurotoxic 
effects, 23) 


Contraindications: Should not be used during pregnancy and lactation, in 
people with hypersensitivity and in children. Should not be used on open 
wounds or abrasions, or near the eyes. '*) 


Drug-Herb Interactions: Reported with concomitant administration with 
aspirin and salicylic compounds." Decrease the actions of a-adrenergic 
blockers, clonidine (anti-hypertensive) and methyldopa (antihypertensive). 
Hypertensive crisis with monoamine oxidase inhibitors.'“! 
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18. Cassia fistula L. (Leguminosae) 


Golden Shower Tree, Indian Laburnum, Purging Cassia 
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Cassia fistula fruits and flowers Cassia fistula tree 


Description: Cassia fistula L. is a large tree, which grows to 10 m tall. 
L eaves are alternate, pinnate, 3-8 pairs of leaflets, broadly ovate and pointed. 
Flowers are dense, bright yellow and about 4-5 cm across. Fruit pods are 
long, 30-60 cm, cylindrical, brown in colour and contains many seed.!?"*! 


Origin: Native to India and Sri Lanka.'24! 


Phytoconstituents: Fistucacidin, chrysophanic acid, chrysophanol, clitorin, 
sennosides A and B, chrysophanein and others.!2*%! 


Traditional M edicinal Uses: The whole plant is used for anthrax, burns, 
cancer, constipation, convulsions, delirium, diarrhoea, dysentery, dysuria, 
epilepsy, fever, influenza, gravel, haematuria, pimples, syphilis, tumours and 
worms.'*°! T he leaf is used for skin diseases (juice), healing ulcers, for ring- 
worm and irritation of skin (juice of young leaves), facial paralysis and 
rheumatism (paste)."°! The raw black pulp found between the seeds is a 
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popular remedy for constipation.’ It is also used as a cathartic, for rheuma- 
tism and snakebite (pulp), treats bacterial infections (pulp mixed with leaves 
of Cassia angustifolia), liver complaints, heart disease, reduce fever, as abor- 
tifacient, demulcent and is useful in liver, throat, eye diseases, convulsions 
and sores. The seed is an emetic, carminative, appetiser, and is used for con- 
stipation, jaundice, cancer on face and syphilis." T he roots act as a purgative 
while the rootbark is used for cleansing wounds."! The root is also used as an 
astringent, tonic, febrifuge, for skin diseases, leprosy, tuberculous glands, 
syphilis and epilepsy.!22! 


Pharmacological Activities: Antimicrobial," Anticholinergic,* 
Antifertility,“© A nti-inflammatory,“” Antineoplastic," A ntioxidant,“%22! 
Depressant,'23!_ Hepatoprotective,'2*6 Hypocholesterolaemic,'?” Anti- 
leishmanial,'2°! L arvicidal!??! and Wound healing. '3032) 


Dosage: No information as yet. 
Adverse Reactions: No information as yet. 


Toxicity: In cases of overdose or prolonged administration, loss of elec- 
trolytes, especially potassium ions, aldosteronism, albuminuria, haematuria, 
inhibition of intestinal motility and muscle weakness may occur. Rarely, 
cardiac arrhythmia, nephropathy, oedema, and accelerated osteoclasis 
may arise. !32! 


Contraindications: Contraindicated with acute inflammatory diseases of 
intestine and appendicitis. Should not be used during pregnancy and while 
nursing. Should not be used in children under 12 years of age.'°2! 


Drug-Herb Interactions: Interaction with anthranoid laxatives,'>?! 
Enhancement of effects of cardioactive steroids may occur. Effects of antiar- 
rhythmics may also be affected.'>2! 
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19, Catharanthus roseus (L.) G. Don 
(A pocynaceae) 


M adagascar Periwinkle, Rose Periwinkle 





Catharanthus roseus flower Catharanthus roseus shrub 


Description: Catharanthus roseus (L.) G. Don is a herb, up to 80 cm tall. 
Stem is woody, slightly branched and all parts contain white milky latex. 
Leaves are simple, dark green, glossy, obovate-elliptic, 4-5 cm by 2-3 cm 
with prominent lateral veins on the abaxial surface. Flowers are bisexual, 
white, purple, pink, red or white with a red or pink centre. Fruits consist of 
pairs of greenish succulent follicles, 2-3 cm long and contain small oblong 
seeds, !27) 


Origin: Native to Madagascar. Cultivated or naturalised in all tropical 
countries. !27) 


Phytoconstituents: Vinblastine, vincristine, leurosine, akuammicine, 
carosine, catharanthine, catharicine, catharine, catharosine, cathovaline, 
catharanthiole, vindoline, vindolinine, vincaleucoblastine, secologanin, mau- 
ritianin, rosicine and others.! 12) 


Traditional Medicinal Uses: The plant is used as a remedy for diarrhoea, 
malaria, diabetes, astringent, diaphoretic, bechic, emmenagogue, menstrual 
pain, hypertension, insomnia and depurative after parturition in Indochina, 
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the Philippines, | amaica, West Indies, South A frica, Southeast A sia, India and 
Queensland.'2>-7123! The plant is also used for cold, cough, fever and bron- 
chitis.4! In M alaysia, the crushed leaves are applied to scalds, burns, sores, 
mumps, swollen neck, tonsillitis and insect bites.9! |n Puerto Rico and Cuba, 
the flowers are decocted and used as an eyewash. |” 


Pharmacological Activities: Anticancer/Antineoplastic,'122>?9) Anti- 
oxidant,!?°! A ntiangiogenic,'!) Chemopreventive,'“2! H ypoglycaemic’3-*8) and 
Wound healing.!°37! 


Dosage: L eaves are useful in treating oliguria, haematuria, diabetes mellitus, 
and menstrual disorders in a daily dose of 4 to 8 g as a decoction or liquid 
extract.'”) A decoction of 30 g of the plant is taken for diabetes, dysentery, 
enteritis, menstrual pains, hypertension, insomnia and cancer in M alaysia.!2) 
For the treatment of cold and sore throat, tea is made from 9 pink flowers in 
1 pint of water and sipped throughout the day." Dilute infusions of roots are 
used to treat diabetes, 2! 


Adverse Reactions: Catharanthus roseus pollen can trigger IgE-mediated 
respiratory allergy in the people living in close proximity.!*! 


Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 


[Authors’ Note: Clinically, vinblastine and vincristine are administered by 
intravenous injection as solutions of their sulphate salts.'°)] 
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20. Celosia argentea L . (A maranthaceae) 


Feather Cockscomb, Red Spinach 





Flowers of Celosia argentea Celosia argentea plant 


Description: C elosia argentea L. is an annual tropical herb, up to 1 m tall. 
Stems are cylindrical and the aerial part is branched. Leaves are simple, 
small, spirally arranged, about 5-8 cm by 1-3 cm, alternate and exstipulate. 
The blade is lanceolate and ovate. The apex is acuminate. It bears several 
pinkish or white flowers which are minute. The fruits are globose and seeds 
are black.!*">) 


Origin: Native to India." 


Phytoconstituents: Celosian, nicotinic acid, celogenamide A, celogentin 
A-D,H,J and K, moroidin and others.2°.7-12) 


Traditional Medicinal Uses: C. argentea is used internally for haemato- 
logical and gynaecologic disorders and externally to treat inflammation and 
as a disinfectant. The whole plant is used to treat dysentery and dysuria, and 
used externally as poultices for broken bones.!*! The plant is used for eye 
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and liver ailments in Yunnan, China"?! and also for the treatment of mouth 
sores and blood diseases and used as an aphrodisiac.'2?! The petioles are used 
to treat sores, wounds, boils and swellings.'*??) The seeds are used for the 
treatment of conjunctivitis and hypertension. In China, the seeds are used for 
haemorrhage, menorrhagia and opthalmia.!2! In Indonesia, the flowering 
tops are used for bleeding lungs whereas in M alaysia, the red flowering tops 
are prepared as decoctions which are given in cases of white discharges, 
excessive menstruations, haematuria, dysentery, proteinuria, bleeding piles 
and bleeding nose."! 


Pharmacological Activities: | Antibacterial,"°! Antimitotic,"© 
Antineoplastic,” Diuretic,! Hypoglycaemic,'® H epatoprotective,19! 
Immunomodulatory,'+”°! Cytoprotective!?!) and Wound healing.'22! 


Dosage: No information as yet. 

Adverse Reactions: No information as yet. 

Toxicity: No information as yet. 

Contraindications: L eaves should not be eaten by menstruating women.!?#! 
Drug-Herb Interactions: No information as yet. 
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21. Centella asiatica (L.) Urban (Umbelliferae) 


Indian Pennywort, Asiatic Pennywort 





Top view of Centella asiatica herb 


Description: Centella asiatica (L.) Urban is a creeping, perennial herb with 
long slender horizontal stolons, characterised by long internodes. Leaves are 
green, fan-shaped or round-reniform, 1-4 cm by 1-7 cm with a crenate or 
dentate margin. Flowers are umbels with white or light purple-to-pink petals 
and bear small oval fruit.!22! 


Origin: Native to India, found in tropical America, Africa, West Pakistan, 
China, Japan and the Pacific." 


Phytoconstituents: A siaticoside, asiatic acid, brahmic acid, brahmo- 
side, centellic acid, centellose, indocentelloside, madecassic acid, 
madecassoside, thankuniside, vellarin, bayogenin, centellin, asiaticin, 
and centellicin.!41>! 
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Traditional Medicinal Uses: The plant is used in cooling drinks when 
boiled, for diarrhoea, diuretic, gravel, leprosy treatment, stones, wound heal- 
ing and as a tonic.“ It is also part of a mixture to treat colic in Indonesia."® 
The Chinese uses it to improve appetite, aid digestion, treat sores and ulcers. 
In India, it is used to treat skin, nervous system and blood diseases.'*”2”! The 
plant is used to treat fever and rheumatism, as a detoxicant, sedative and 
peripheral vasodilator.'’2®! The plant is reported as treatment for cancer, cir- 
culatory stimulant, hypotensive, stimulant, tonic, cicatrizant (leaf), used for 
the treatment of haematuria, gonorrhoea, peptic ulcer and sore throat.! It is 
also used for tuberculosis, headache (decoction), dysentery (decoction with 
other ingredients), boils and tumours (paste applied), leucoderma, anaemia, 
urinary discharges, bronchitis, insanity, leprosy (decoction), mental deficiency, 
dysentery (juice or paste on empty stomach for 2-3 days), cough (decoction 
with ginger and black pepper), cooling (paste with pepper and salt), tonic 
(juice with palm jaggery given to women after childbirth), elephantiasis, 
enlarged spleen (ointment from leaves), cures stuttering or stammering, 
diuretic, small pox and as a local stimulant.'!*! External application in the 
form of poultices is prescribed for contusions, closed fractures, sprain and 
furunculosis.!28) 


Pharmacological Activities: Antibacterial,'"°’ Antidepressant,!?¥ 
Antiemetic,'??) A ntineoplastic,'®?*6! A ntioxidant,!’-*2) Antithrombotic, %! 
Anxiolytic,?*3>! Gastroprotective,’ Immunomodulatory,2739) Anti- 
genotoxic,'*! Nerve-regenerative,'*”) Radioprotective'?*?) and Wound 
healing, !43:44) 


Dosage: A pproximately 0.6 g dry weight of whole plant taken three times a 
day (condition not indicated).'*9) Larger amounts of fresh leaves are some- 
times eaten as vegetable and dietary supplement.'*! 60 mg of C. asiatica 
extract given daily for varicose veins."°! 30 or 60 mg of Total Triterpenic frac- 
tion of Centella asiatica (TTFCA) three times a day for improving venous 
hypertension.'*”! Titrated extract of C. asiatica given 60 or 120 mg daily for 
chronic venous insufficiency.'®! For the treatment of fever, measles, haemate- 
mesis, epistaxis, diarrhoea, dysentery, constipation, leucorrhoea, jaundice, 
dysuria, furunculosis, dysmenorrhoea, varices, daily dose of 30 to 40 g of 
fresh plant in the form of extracted juice or decoction is taken.!2®! 


Adverse Reactions: A |lergic contact dermatitis." Sedation, increased blood 
glucose and cholesterol levels, !°°! 


Toxicity: H epatotoxic.°4 
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Contraindications: Should not be used during pregnancy and lactation and 
not to be given to children,!”! 


Drug-Herb Interactions: Reported with ephedrine, theophylline, atropine 
and codeine.*! Decrease effectiveness of antidiabetic and antilipidemic 
drugs.!°"! 


[Authors’ Note: Topical creams containing the active component asiatico- 
side is available commercially for wound healing. ] 
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22. Cerbera odollam Gaertn. (A pocynaceae) 


Pong Pong Tree, Indian Suicide Tree, Sea M ango 
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Cerbera odollam leaves Cerbera odollam tree 


Description: Cerbera odollam Gaertn. is a medium-sized tree with smooth 
and grey bark. L eaves are simple, few, without stipules, 12-16 cm by 3-5 cm, 
arranged in a spiral. The blade is succulent, dark green, glossy and lanceolate. 
Flowers are white, large and bisexual with a yellow eye in the throat of the 
corolla tube and arranged in terminal. Fruits are round, waxy surfaced, large, 
5-10 cm across, with fibrous husk covering the single seed. The fruit turns 
from green to reddish brown upon maturity.!?-*! 


Origin: Native to Indian subcontinent, Indochina, M alesia and the Pacific.!>! 
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Phytoconstituents: Cerberin, cerleaside A, 17a-neriifolin, 178-neriifolin, 
thevetin B, acetyl-thevetin B, diacetylneriifolin, cerberoside, odollin and 
others, 36121 


Traditional Medicinal Uses: In Malaysia, rheumatism is treated with 
embrocations of the fruits.'!! The seeds are poisonous and have been used to 
poison rats and dogs.'3"4] The seeds are also narcotic. In Indonesia, oil 
obtained from the seeds is rubbed on the body as remedy for colds, scabies, 
and rheumatism. In the Philippines, oil of the seeds is also used to treat rheu- 
matism." It is used in Burma as an insecticide or insect repellent when 
mixed with other oils."3! The bark, latex and roots are used as purgatives and 
emetics in India.@2213) 


Pharmacological Activities: A ntineoplastic!®!° and Antipsychotic." 
Dosage: No information as yet. 
Adverse Reactions: N o information as yet. 


Toxicity: Seeds are poisonous and have been used to poison rats and 
dogs.?2] The seeds have a long history as an ordeal poison in M adagascar, 
due to the highly toxic cardiac glycosides they contain. The kernel contains 
cerberin, cerberoside and odollin which are toxins.') Humans poisoned 
by oral consumption of half to one seed kernel would result in sinus brady- 
cardia, wandering pacemaker and second-degree sino-atrial block and nodal 
rhythm."56 Other symptoms include nausea, retching and vomiting." The 
poisoning may result in hyperkalemia, which can cause death.7! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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Abstract—This paper includes design and implementation 
result of an adaptive beam forming antenna for upcoming 5G and 
Internet of Things (IoT). Switched parasitic array antennas are 
low cost, small sized and compact circular array antennas that 
steer beam in a desired direction by variation in switching pattern 
of parasitic elements. The proposed antenna design has an active 
center element, which is surrounded by several symmetrically 
placed parasitic elements. The designed antenna has a gain of 
8 dB and is capable of 360 degrees beam steering in steps 
of 60 degrees each. Simulations are validated with results of 
the fabricated antenna. Antenna beam is steered by controlling 
parasitic elements. Future application of Electronically Steerable 
Parasitic Array Radiator (ESPAR) antennas and switched para- 
sitic array antennas in next generation communication networks 
and methods for reducing size of the antenna are also highlighted. 


Index Terms—Internet of Things, 5G, circular array, re- 
configurable, smart antenna, adaptive beamforming, Switched- 
Parasitic Array 


I. INTRODUCTION 


Smart antennas are capable of adaptive beam forming in 
accordance with the environment. Over the last three decades 
wireless communication has made rapid progress due to bet- 
ter modulation schemes and better error correction schemes. 
Wireless communication systems are replacing the wired ones. 
Antenna is an integral part of wireless devices. To meet the 
ever-increasing demand of higher data rate, smart antennas 
capable of adaptive beam forming are introduced as a potential 
solution to increasing data rate and improving signal-to-noise 
ratio (SNR) in upcoming 5G and Internet of Things (IoT) [1]. 
By using smart antennas Equivalent Isotropically Radiated 
power (EIRP) can be increased. EIRP denotes product of the 
transmit power (P;) and transmit antenna gain (G;), i.e. 


EIRP=P, x Gi (1) 


From (1), it is observed that by using a smart antenna G; 
increases, which in turn leads to the increase in the EIRP. The 
beam of an antenna can be steered by means of mechanical 
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movement of a directional antenna or by electronic beam steer- 
ing. Electronic beam steering is resilient and provides more 
accurate approximation of the desired signal source. Moreover 
electronic beam steering antenna does not involve moving 
parts. Therefore, there is less wear and tear on the antenna as 
compared to mechanical beam steering. Generally electronic 
beam forming is achieved by using phase shifters coupled with 
an array of antenna elements. The phase of an individual phase 
shifter is varied such that there is net constructive interference 
in the intended direction of the antenna beam and destructive 
interference in all other directions [2]. Hence, electronic beam 
steering is preferred over mechanical beam steering. 
Electronically Steerable Parasitic Array Radiator (ESPAR) 
antennas use mutual coupling between antenna elements to 
steer the beams instead of phase shifters. Design of parastic 
array radiator antennas is discussed in [3], [4] in which there 
is a center active element surrounded by a circular array of 
passive elements, where each passive element is loaded with 
a specific reactance. ESPAR antennas are smaller in size as 
compared to phase array antennas because elements have to be 
placed at a quarter of wavelength or less distance from each 
other for effective mutual coupling. Hence, ESPAR antennas 
are cost effective and space efficient. In such antennas we 
have only one active element, therefore, only one feed is 
required. Consequently, ESPAR antennas have lower losses 
(due to single feed) as compared to phase array antennas [3]. 
Previously designed antenna Electronically Steerable Para- 
sitic Raidator(ESPAR) antennas have all cylindrical element, 
including the feed element [6], [7]. In this paper we have 
proposed design of seven element ESPAR antenna with conical 
center(active element)!. Length of conical element is opti- 
mized using optimetrics in HFSS. Our proposed antenna has 
higher bandwidth as compared to previously designed ESPAR 
antennas. [6], [7]. In multiple-input-multiple-output (MIMO) 
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23. Cissus quadrangularis L . (Vitaceae) 


Grape Leaf, Veld Grape 





Flowers of Cissus quadrangularis Cissus quadrangularis plant 


Description: Cissus quadrangularis L. is a herbaceous plant with a thick, 
quadrangular, succulent stem and is constricted at regular intervals. It has 
long, slender and simple tendrils. Leaves are ovate, entire, crenate-serrate, 
3-5 cm by 5-13 cm and glabrous on both sides. Flowers are pink and white, 
2 mm long, while the berries contain one or two seeds.!?! 


Origin: India, Pakistan, Indonesia, Malaysia, East Africa, Sri Lanka and 
Arabia.) 


Phytoconstituents: Quadrangularins A-C, 5-amyrin, 6-amyrone, resveratrol, 
piceatannol, pallidol, parthenocissine A and others.'?-7! 


Traditional M edicinal Uses: W hole plant is used for urinary schistosomiasis 
in Mali. 
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Pharmacological Activities: Antibacterial and Antioxidant,'! Analgesic 
and Anti-inflammatory,2° Antimalarial," Gastroprotective? 79 and 
Antiosteoporotic.7! 


Dosage: No information as yet. 

Adverse Reactions: No information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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24. Cocos nucifera L. (Palmae) 


Coconut Palm, K elapa 





Fruits of Cocos nucifera Cocos nucifera trees 


Description: Cocos nucifera L. is a tall palm with a ringed stem that can 
grow up to 30 m tall. L eaves are pinnate, 2-6 m long with numerous pairs of 
narrow leaflets. Flowers are arranged in large panicles among the leaves with 
female flowers near the base of the inflorescence. The fruit is symmetrical, 
ovoid and about 20-30 cm across. Thick fibrous husk encloses the hard shell 
(endocarp) in which the fleshy pericarp adheres.'*2) 


Origin: Native to the Pacific.” 
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Phytoconstituents: Trans-zeatin, dihydrozeatin, dihydrozeatin-O -glucoside, 
meta-topolin riboside, N °-isopentenyladenine, N °-benzylaminopurine and 
others, "9! 


Traditional M edicinal Uses: |ts fruit juice is used to treat poisoning, cholera 
and is a diuretic. Fresh coconut juice with rice flour is poulticed onto car- 
buncles, gangrenous sores and indolent ulcers.'°! Coconut water is also used 
for fever, urinary complaints and to stop vomiting.’ Juice of the green, 
unripe coconut is boiled and drunk to relieve diarrhoea. In Somoa, coconut 
oil is used as a laxative and to relieve stomach ailments.'®! The decoction of 
husk fibre has been used in northeastern Brazil traditional medicine for the 
treatment of diarrhoea and arthritis.°’ Coconut water has also been used as 
short-term intravenous hydration and resuscitation fluid in emergencies.!22! 
The rootbark is used as an astringent, styptic and in haemorrhages." It is also 
used for uterine diseases, bronchitis, liver complaints and dysentery." 


Pharmacological Activities: A nalgesic,'!) A ntibacterial,'°72! Antifungal," 
Antineoplastic,"*2>! Antioxidant," A ntiprotozoal,"” Antiviral") Hypo- 
glycaemic,"®! Hypolipidaemic,'??7°! Hypotensive,') Immunomodulatory!?! 
and A ntitrichomonal.!2) 


Dosage: No information as yet. 


Adverse Reactions: A case report of occupational allergic conjunctivitis due 
to coconut fibre dust has been reported. '4! 


Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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25. Coix lacryma-jobi L. (Gramineae) 


Job's Tears, Adlay 





Fruits of Coix lacryma-jobi Coix lacryma-jobi plants 


Description: C oix lacryma-jobi L. is a small herbaceous plant which grows 
up to 2.5 m. Leaf sheaths are glabrous and the leaf blades are narrowly lan- 
ceolate, 20-50 cm by 1.5-4 cm. The midrib is prominent. Fruit is tear-shaped, 
8 mm by 1.1 cm, with glossy berries which turn black upon maturity.!* 7) 


Origin: Native to tropical and temperate A sia.!*) 


Phytoconstituents: Coixol, coixenolide, a-coixins, y-coixins, syringaresinol, 
mayuenolide, coixan A-C, coixic acid and others." 


Traditional Medicinal Uses: A decoction is believed to benefit the blood 
and breath and used to wash newborns to prevent diseases."°! The kernels are 
used to treat lung and chest complaints, rheumatism, dropsy and gonorrhoea.!! 
Fruit is used for intestinal or lung cancers and warts. The fruit is also used as 
a vermifuge and for hypertension. As the seed is diuretic and refrigerant, a 
decoction is used for appendicitis, arthritis, beriberi, bronchitis, cancer, diar- 
rhoea, dryskin, dysuria, oedema, hydrothorax, inflammation, pleurisy, 
pneumonia, pulmonary abscesses, rheumatism and tuberculosis.'2°14) Seeds 
are also used for the treatment of enteritis, persistent diarrhoea in children, 
urinary lithiasis, rheumatism and acrodynia."27} An infusion of the seeds is 
prescribed for bronchitis, pulmonary abscess, pleurisy and hydrothorax."4 
The root is given along with roots of long pepper and other herbs for fever 
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with drying of saliva and intense thirst, for dysentery, diarrhoea and puerperal 
fever,!3) 


Pharmacological Activities: Anti-inflammatory,"*75) Anticancer/ 
Antineoplastic,“*22 A ntioxidant,'®® H ypoglycaemic,'°2! Hypolipidaemic!?2-4! 
and H ypotensive.'?°) 


Dosage: For the treatment of enteritis, persistent diarrhoea in children, 
oedema, urinary lithiasis, rheumatism and acrodynia, doses of 10 to 30 g 
daily in the form of powder or decoction are given.!?2! 


Adverse Reactions: N o information as yet. 


Toxicity: Embryotoxicity in pregnant rats was observed. Oral administration 
of 1 g/kg body weight of water extracts caused an increase in foetal resorp- 
tions and postimplantation mortality.'2® 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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26. Crinum asiaticum L. (A maryllidaceae) 


Crinum Lily, Spider Lily, Bawang Tanah 





Crinum asiaticum flowers 





Leaf blade of Crinum asiaticum Crinum asiaticum plant 


Description: Crinum asiaticum L. is a bulbous herb with a flowering stalk in 
the centre of the plant. The leaves are narrowly lanceolate, acuminate, 0.5-1.5 m 
long, greenish and have a hairy texture. The flowering stem is about 1-1.2 m. 
Flowers are white, 6-12 in an umbel. Filaments are reddish. The fruit is 
irregularly globose, 4-5 cm across, with one or a few large green seeds.!1"4! 


Origin: Native to Tropical Asia, introduced in Northern America.” 


Phytoconstituents: Crinamine, lycoricidine, hamayne, isocraugsodine, 
palmilycorine, lycoriside, ambelline, crinasiatin, hippadine, bakonine, prato- 
rimine, crinine, powelline, ungeremine, criasbetaine, crinasiatine, 
phenanthridone II and others.!* 17! 


Traditional M edicinal Uses: |n Southeast A sian countries, C. asiaticum has 
a considerable medicinal reputation as a potent folk medicine in the treatment 
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of injury and inflamed joints.”®! The plant has been used for carbuncles and 
cancer.!” In Indonesia, the oiled and heated leaves are useful to treat wounds 
by poisoned arrows, bites and stings. In M alaysia, poultices of the leaves are 
applied to swellings, swollen joints, lumbago, pains and in cases of headache 
and fever. The leaves are also an emollient. In Northwest Solomon Islands, 
the leaves make a topical treatment for inflammation." In Malaysia, the 
leaves are used as a rheumatic remedy and to relieve local pain.”®! On K arkar 
Island and in Simbu, Papua New Guinea, the latex from the leaves is applied 
to cuts. In India, the leaves are applied to skin diseases and inflammation.'2°! 
The crushed leaves are used to wash piles or mixed with honey and applied 
to wounds and abscesses.'?! Its seeds are considered purgative and emmenag- 
ogic.!” In the Trobriands, Papua New Guinea, the stem fibres are used to stop 
bleeding and in New Ireland, the milky sap from the stem is used for stone- 
fish wounds.’°! The bulb is an emetic and counter-irritant. In Papua N ew 
Guinea, juice obtained from bulb is ingested regularly for 2 months to treat 
gonorrhoea. In the Philippines, the bulbs are crushed and applied as an oint- 
ment."°! | uice from the fresh bulbs, taken several times per month induces 
vomiting. It is also instilled in the ear to treat otitis.!22) The root is also an 
emetic, diaphoretic and nauseant when fresh.'?2! In a Finschhafen area village, 
Papua New Guinea, the cut root is cooked in a banana leaf, then cooled and 
placed on an aching tooth. Roots are used in N ew Caledonia, Indonesia, and 
M alaysia in a poultice for wounds, ulcers and swellings.!2°! 


Pharmacological Activities: Analgesic and Antibacterial,"“°! Anti- 
inflammatory,"® A ntiviral,'2873) A nticancer,'324) Antitumour,"5! M ast cells 
degranulation,!2° A ntimitotic and Membrane stabilising.!® 


Dosage: No information as yet. 

Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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27. Cymbopogon citratus (DC.) Stapf. (Gramineae) 


Lemon grass 





Cymbopogon citratus plants 


Description: Cymbopogon citratus (DC.) Stapf. is a grass composed of dense 
leafy clumps that grows up to 1.8 m tall. Leaf sheath is tubular and acts as a 
pseudostem, 12-25 cm long, thickening towards the base and 1-2 cm in 
diameter. Leaf blades are sessile, simple, green, linear, glabrous, 60-90 cm 
by 1-2 cm, and possess parallel venation. Inflorescence is a raceme.'-3! 


Origin: Native to South Asia, Southeast A sia and A ustralia.”! 


Phytoconstituents: Citral, citronellal, cymbogonol, a-terpineol, citronellic 
acid, w-camphorene, geranial, isoorientin, isoscoparin and others,!24-®! 


Traditional Medicinal Uses: The plant is used to treat digestive problems 
and relieve cramping pains.) A decoction of the plant is used by the Chinese 
to treat coughs, colds and blood in sputum.'"! The entire plant is used to treat 
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bacterial infection and possesses fever-reducing and stomachic properties."! 
In many Asian countries, leaves in water provide a bath to reduce swelling, 
to remove body odour, improve blood circulation, treat cuts, wounds, bladder 
problems and leprosy.'*! Its oil is used as an insect repellent, for aerosols, 
deodorants, floor polishes and household detergents.'*°! T he oil is carminative 
for cholera, and is prescribed for dyspepsia, vomiting, fever, and headache, 
and used externally to treat eczema." Its roots are taken to induce sweating, 
increase flow of urine,'*! treat coryza and influenza.!>! 


Pharmacological Activities: Analgesic,'272 Anthelmintic,"%! A ntibac- 
terial,"*18) A ntifungal,64%-25! A nticancer/A ntineoplastic,!?6?”) Antimalarial ,'2%! 
Antioxidant,'*293°! A ntiplatelet,'?!) H epatoprotective,°2! Hypoglycaemic,!*?! 
Sedative,**! Vasorelaxant,'! Antimutagenic,"° Insecticidal?” and 
R adioprotective.'3%! 


Dosage: A dose of 10 to 20 g of roots is used for treating coryza, influenza 
and fever. It is also prescribed for dyspepsia and vomiting and as a carmina- 
tive, by using 3 to 4 drops of the essential oil diluted in water.'*! 


Adverse Reactions: A pplication of thick ointments with the volatile oil on 
the skin has led to rare incidence of allergy.% 


Toxicity: Alveolitis occurred as a result of inhalation of the volatile oil.°° It 
is also reported to be cytotoxic and genotoxic.!*”! 


Contraindications: Should not be used during pregnancy.!*! 
Drug-Herb interactions: No information as yet. 
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Fig. 1. Seven Element switched parasitic array antenna, ¢ is azimuth angle 
and @ is elevation angle. 


systems there are multiple transmit and and receive antennas. 
Each receive antenna receives signal over different propagation 
channels yielding diversity gain. The MIMO technique can 
increase system throughput and reduce propagation losses. 
Similarly diversity gain can also be achieved by using smart 
antennas. In particular, we can transmit the same signal in 
multiple directions through directional beams, such that they 
experience different propagation channels [4]. Our proposed 
antenna is more suited for MIMO applications compared to 
previously designed model because of its higher gain and 
improved bandwidth efficiency. 

This paper focuses on the design of a seven element 
switched parasitic array antenna. The antenna is first simulated 
and then it is fabricated. Simulation results are validated 
with the hardware results. Previously done work on ESPAR 
and switched array antennas involve cylindrical monopole 
elements mounted on a ground plain [8] due to cylindrical 
nature bandwidth of active monopole is confined, subsequently 
bandwidth of switched array and ESPAR antennas is limited. 
Instead on cylindrical monopole element we have used ta- 
pered conical monopole. Due to tapered design bandwidth is 
enhanced. 


Il. SWITCHED PARASITIC ARRAY ANTENNA CONCEPT 


The conceptual overview of the switched parasitic array 
antenna is given in Fig. 1. We have first simulated the antenna 
with seven monopole elements. There is one element at center 
which is surrounded by a circular array. Feed is applied to the 
center element and it is termed as active element, whereas 
elements in the circular array are parasitic elements. Parasitic 
array antennas do not involve phase shifters, so that the 
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Fig. 2. Z21 versus separation distance. 


manufacturing cost is less as compared to the phase array 
antennas. Each element is separated from other element by a 
quarter of wavelength, thus mutual coupling phenomena comes 
into account and there is a shift in phase of current in each 
element because of this mutual coupling phenomenon. Since 
switched parasitic array antennas offer adaptive beamforming 
solution with compact size and low cost, they are likely to be 
used in future communication devices to increase data-rates 
(6], [7]. Parasitic array antennas have vast potential for usage 
in laptops, cell phones, WLANs etc. 


A. Mutual Coupling 


Mutual Coupling is basically the interaction between an- 
tenna elements in an array. Since parasitic elements are placed 
closer to each other (at a distance of \/4) there will be mutual 
coupling.This mutual coupling phenomenon is responsible for 
a shift in phase of current induced in each element [8].The 
current induced by one antenna element in another antenna 
element [9] is given by (3) 








224 
Iib=a—xi 2 
2-7 x Io (2) 
V: 
Zn =|F (3) 
112,=0 
V; 
Zn =| (4) 
In =0 








Here Z 2 is constant as it is open-circuit output impedance. 
Zo, 18 open-circuit transfer impedenace from port 2 to port | 
and it can be approximated by graph shown in Fig. 2. From 
equation (3), beam can be steered in the desired direction by 
varying the phase of current [2 [10]. 


28. Dolichos lablab L. (Leguminosae) 


Lablab Bean, Hyacinth Bean 





Dolichos lablab leaves Dolichos lablab flowers and beans 


Description: Dolichos lablab L. is a woody climbing herb which can reach 
a length of 5 m. Leaves are pinnate and generally 3-foliolate. Leaflets are 
acute, entire, 6-12 cm by 5-9 cm. Flowers are white or purplish pink. Fruits 
are green pods, 6 cm long by 2 cm wide, flattened, contain 4-5 seeds and turn 
light brown when mature."-4) 


Origin: Native to Africa. 


Phytoconstituents: Dolichin, arabinogalactan 1 & 2, lablabosides A-F, 
phytin, pantothenic acid, saponin |, putrescine, spermidine, spermine and 
others. !3:°74) 


Traditional M edicinal Uses: The plant is decocted for alcoholic intoxica- 
tion, cholera, diarrhoea, globefish poisoning, gonorrhoea, leucorrhoea and 
nausea.'?*! Its seeds are used to stimulate gastric activities, as antidote against 
poisoning, to treat colic, cholera, diarrhoea, rheumatism and sunstroke.!*® 
The juice from the fruit pods are used for inflamed ears and throats. The fruit 
is also astringent, digestive, stomachic and used to expel worms. The seeds 
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are reportedly alexiteric, aphrodisiac, febrifuge, stomachic and used for 
menopause and spasms.'"*! The flowers are used to treat dysentery, inflamma- 
tion of uterus and to increase menstrual flow.'*!>! They are also used for 
leucorrhoea, menorrhagia, and summer heat disorders, as they have alexiteric 
and carminative properties.!2>! 


Pharmacological Activities: A ntifungal,'©!”) Antiviral’ and Haemag- 
glutinating activities. 20! 


Dosage: The reported dose of the seeds is 8 to 16 g daily in the form of pow- 
der or a decoction for the treatment of nausea, vomiting, diarrhoea, enteritis, 
abdominal pains and alcoholism.!2! 


Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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29. Elephantopus scaber L . (Compositae) 


Elephant’s Foot, Tutup Bumi, Tapak Sulaiman 





Elephantopus scaber flowers Elephantopus scaber herbs 


Description: Elephantopus scaber L. is a tropical herb that can grow up to 
30-60 cm tall. L eaves are simple, without stipules and when fully developed, 
form a rosette on the ground. Blades are obovate or oblong obtuse, hairy, 
large, 5-10 cm by 1.2-3 cm. The petioles are short, hairy, often crowded at 
the base of stem. Flowers are small and whitish pink.!2**! 


Origin: Native to Africa, tropical and temperate A sia and Australasia." 


Phytoconstituents: M olephantin, crepiside E, deoxyelephantopin, stigmas- 
terol, stigmasteryl, scabertopin, lupeol and others.'>! 


Traditional M edicinal Uses: |n Vietnam, the plant is considered diuretic and 
administered at parturition."° A decoction of whole plant is bechic, used to 
treat pulmonary disease and scabies. In India, it is used as a tonic, laxative, 
analgesic, aphrodisiac and to treat inflammation. In the Philippines, the plant 
is febrifuge, diuretic and emollient."°! In M alaysia, it is used as a preventive 
medicine after childbirth, to expel intestinal worms, for coughs and venereal 
diseases. In Chinese medicine, it is used to cure “dumpheat”, which includes 
indigestion, swollen legs and loss of appetite.") In Indonesia, the plant is pre- 
scribed when there is a yellowish discharge from the vagina."! The plant is also 
considered as diuretic, emollient, used for relief of anuria and blennorrhoea, 
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remedy for leucorrhoea and anaemia, to treat fever, inflammation and as a 
disinfectant.'?) The whole plant is decocted for abscesses, cold, dysentery, 
oedema, gastroenteritis, gonorrhoea, influenza, pharyngitis and snakebite.!!! 
In Burma, a decoction of the stem and leaves is used in cases of menstrual 
disorders."°! The roots are used for fever in children, on pimples, wounds of 
cattle, as an abortifacient, for urinary complaints, amoebic dysentery and 
other digestive problems."2! 


Pharmacological Activities: A ntibacterial,"%) A nticancer/A ntineoplastic,!4!>! 
Anti-inflammatory,"® A ntiviral”! and H epatoprotective.®2*! 


Dosage: No information as yet. 

Adverse Reactions: N o information as yet. 

Toxicity: M olephantin isolated from plant demonstrated cytotoxic activity." 
Contraindications: No information as yet. 

Drug-Herb Interactions: No information as yet. 
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30. Euphorbia hirta L. (Euphorbiaceae) 
Asthma Weed 





Euphorbia hirta herb 


Description: Euphorbia hirta L. is an annual herb, which can grow up to 
30 cm tall, and branched near the base. L eaves are elliptic-oblong, 2-3 cm by 
0.8-1.5 cm. Inflorescence is small, in axillary dense clusters, each with one 
female flower and 4-5 male flowers inside.” 


Origin: Native to the Pantropic.”! 


Phytoconstituents: Euphorbon, euphosterol, camphol, leucocyanidol, xan- 
thorhamnin, taraxerol, taraxerone, myricitrin, euphorbianin and others.!?-® 


Traditional M edicinal Uses: The whole plant is decocted for athlete’s foot, 
dysentery, enteritis, fever, gas, itch, and skin conditions." ! It is also regarded 
as anodyne, depurative, diuretic, lactogogue, purgative, and vermifuge. 
The plant is used for asthma, bronchitis, calculus, colic, cough, dyspnoea, 
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eruptions, excrescences, influenza, fractures, gonorrhoea, headache, hyper- 
tension, measles, nausea, ophthalmia, sores, splinters, stomachache, tumours, 
urogenital ailments, warts and wounds.” In Central Province of Papua New 
Guinea, the plant is boiled and the solution is taken by patients who pass 
blood in the urine. The Chinese use the plant to treat fever, dysentery and skin 
conditions. In the Philippines and Indonesia, the plant is used to treat bowel 
problems.'®! The latex is used on warts and abscesses. !7! 


Pharmacological Activities: Analgesic,'?! Antibacterial,“°7*! Anti- 
diarrhoeal,'®2>! A nti-inflammatory,'??°27! A ntiplatelet,"® A ntiprotozoal ,'1970! 
Antipyretic,'! A nxiolytic,'*2) Diuretic,'22! Sedative,'??! A ntianaphylactic!*4) and 
M olluscicidal.!57# 


Dosage: No information as yet. 

Adverse Reactions: No information as yet. 
Toxicity: Toxic to brine shrimp." 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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31. Eurycoma longifolia | ack (Simaroubaceae) 


Tongkat Ali, Ali's Umbrella, Pasak Bumi 





Eurycoma longifolia fruits Eurycoma longifolia tree 


Description: Eurycoma longifolia J ack is a small tree with compound leaves 
on branches that can grow up to 1 m long. The numerous leaflets are opposite 
or subopposite, lanceolate to ovate-lanceolate, 5-20 cm by 1.5-6 cm, with 
smooth margins. Flowers are tiny, reddish, unisexual and are densely 
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arranged. The drupes are ovoid with a distinct ridge, 1-2 cm by 0.5-1.2 cm 
and they turn dark reddish brown when ripe."-3! 


Origin: Native to M alesia and Indochina." 


Phytoconstituents: Eurycomalactone, eurycomanol, eurycomanone, eury- 
lactone, eurylene, laurycolactoneA and B, longilactone, pasakbuminsA to D, 
eurycomalide A and B, piscidinol A and others.'%>-19! 


Traditional M edicinal Uses: The plant is used to cure indigestion and |um- 
bago. It is used as a tonic after childbirth, to relieve pains in the bone and for 
treatment of jaundice, dropsy, cachexia and fever." Tongkat Ali is one of 
the most well known folk medicines for intermittent fever (malaria) in 
Southeast A sia." Decoction of the leaves is used for washing itches, while 
the fruits are used in curing dysentery. Its bark is used as a vermifuge."?! The 
taproots are used to lower high blood pressure, while the root bark is used for 
the treatment of fever and diarrhoea.'®! T he roots of this plant are used as folk 
medicine for the treatment of sexual insufficiency, aches, persistent fever, 
malaria, dysentery, glandular swelling and also as health supplements. "2°! 


Pharmacological Activities: Antianxiety,'’2 Antibacterial,'7) Anti- 
cancer, '681718.24-261 A ntitumour,'232”7) A ntimalarial/A nti plasmodial !°:13182328- 321 
Antischistosomal,'??! A ntiulcer,'?3) A phrodisiac!>?83*38 and Plant growth 
inhibitor.°% 


Dosage: 1 g daily is recommended to be the maximum dose for supple- 
mental use.!9! 


Adverse Reactions: No information as yet. 


Toxicity: One animal study found that the LD. in mice was 1500-2000 mg/kg 
of the alcohol extract and 3000 mg/kg of the water extract. A subacute 
toxicity study with the alcohol extract indicated that 600 mg/kg daily was 
associated with signs of toxicity while 200 mg/kg daily was not, and another 
study found no toxic effects at 270-350 mg/kg daily but toxic effects were 
observed at 430 mg/kg daily.°9! Eurycomanone was identified as the most 
toxic component from its butanol extract.!4°! 


Contradindications: Should be used with caution and preferably not for 
extended periods without taking periodic breaks from use when it is used as 
a supplement. Tongkat Ali should not be taken by methods other than oral 
administration.!39! 


Drug-Herb Interactions: No information as yet. 
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32. Hibiscus mutabilis L. (Malvaceae) 


Cotton Rose, Chinese Rose 





Hibiscus mutabilis flower Hibiscus mutabilis tree 


Description: Hibiscus mutabilis L. is a small tree that can grow up to 5 m 
tall. Leaf blades are heart-shaped, broadly ovate to round-ovate or cordate, 
5-7-lobed, 10-15 cm in diameter, and papery. Abaxially, they are densely 
stellate and minutely tomentose; adaxially they are, sparsely stellate and 
minutely hairytoothed, 8-15 cm wide. Flowers are solitary and with multi- 
petals, white colour in the morning, changing to pink in the afternoon.!?-*! 


Origin: Native to China." 


Phytoconstituents: |soquercitrin, hyperoside, rutin, quercetin, naringenin, 
tetracosanoic acid, daucosterol, salicylic acid, quercimeritrin, meratrin and 
others, 1°) 


Traditional Medicinal Uses: The plant is used for fistulae, pustules and 
tumours.'!!) The leaves and flowers are used as an analgesic, to expel phlegm, 
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treat excessive bleeding during menstruation, painful urination, inflammation 
and snake bites.'! The leaves and flowers are also used as demulcent, diuretic 
and treat bacterial infection. They are used to treat boils, particularly on the 
chin, in the form of a poultice made of powdered dried leaves and flowers 
mixed with concentrated tea infusion which makes the boils burst earlier and 
less painfully. They are also used for treating impetigo, prurigo, metritis, 
leucorrhoea, mastitis, nephritis, cystitis, dysuria and infections."”! The leaf is 
applied to swellings, crushed and compressed and applied onto abscesses, 
burns, and ulcers. It is also used as anodyne, alexipharmic, demulcent, expec- 
torant, and refrigerant.'!! The flowers are used for lung ailments, with leaves 
for burns, inflammation, and snake bite. They are also prescribed for cough, 
dysuria and menorrhagia." 


Pharmacological Activities: A nti-inflammatory."!”! 


Dosage: For the treatment of impetigo, prurigo, metritis, leucorrhoea, masti- 
tis, nephritis, cystitis, dysuria and infections, a dose of 5 to 20 g of leaves and 
flowers is taken daily in the form of a decoction.) 


Adverse Reactions: No information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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Fig. 3. RF PCB with Analog devices ADG 904 RF switches. 























TABLE I 
DESIGN PARAMETERS 
Parameters Values 
Ground Skirt length | lambda/4 | 
Monople Length lambda/4__| 
Frequency 2.45 GHz | 
Ground Radius lambda/2 | 
Monopole Radius lambda/200 _| 
Ground Thickness 3 mm 











B. Beam Steering Mechanism 


In this work the designed antenna is capable of 360° beam 
steering in steps of 60°. The beam steering is achieved by 
using two sets of 4:1 Analog devices multiplier switch ADG 
904. Fig.3 shows RF PCB designed for beam steering. Beam 
is steered towards an element which is open. The open element 
behaves as a director and shorted elements act as reflectors. 
In order to achieve a maxima at 0°, we make the element 
1 open by using RF switch IC while other elements (i.e., 
elements 2,3,4,5 and 6) are shorted. This mechanism is similar 
to Yagi-Uda antenna where elements with shorter lengths in 
front of feed element act as directors and elements at rear of 
feed element acts as reflectors [11]. In Yagi-Uda antenna feed 
element is often a dipole or folded dipole. 


II. PARASITIC ARRAY ANTENNA DESIGN 


Design parameters and mechanical design of antenna is 
included in this section. 


A. Design Parameters 


Antenna design parameters are tabulated and the results are 
optimized using antenna simulation tools. Ground is skirted, 
since skirted ground provides mechanically sound model for 
PCB assembly to mount at back of antenna [12]. Skirt is \/4 in 
length similarly each monopole element is lambda/4 in length 
and 4/200 is its radius.Table I shows the design parameters 
for the seven-element switched parasitic array antenna. 
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Fig. 4. Designed seven element parasitic switched array antenna. 





Fig. 5. Simulated antenna model. 


B. Mechanical Design 


Monopole elements are made by cutting copper wire of 
desired gauge i.e lambda/200 in radius [13] and these elements 
are soldered on pin of SMA connectors.Aluminum is used 
as ground plane. Electromagnetic waves are reflected by the 
ground. Instead of using seven dipole elements we have used 
seven monopole elements mounted on the ground plane [14]. 
Ground is made hollow in order to create space for mounting 
control circuitry [15]. Fig. 4 shows designed hardware. 


IV. ANTENNA SIMULATION AND PLOTS 


The antenna is first simulated and then simulated results 
are compared with the measured results of fabricated antenna. 
Simulated results were in line with the hardware results and 
8 dB gain was observed in simulated results as well as in 
fabricated antenna. In simulation each of the parasitic element 
is loaded with lumped port excitation, simulating opening and 
shorting [16] of monopole elements. Fig. 5 shows simulated 
model. 


33. Hibiscus rosa-sinensis L. (Malvaceae) 


Hawaiian Hibiscus, China Rose, Bunga Raya 





Hibiscus rosa-sinensis flower Hibiscus rosa-sinensis shrub 


Description: Hibiscus rosa-sinensis L. is a small evergreen perennial tree 
that can grow up to 3.6 m tall. It produces flower all year round. The large 
glossy leaves are ovate, alternate and vary in colour from pale green to dark 
green, with serrated edges. The flowers have five petals, and their colour 
varies but are mostly red.!2! 


Origin: Native to South Eastern Asia and cultivated throughout the world as 
decorative plants.!?) 


Phytoconstituents: Gossypetin, anthocyanin, myristic acid, palmitic acid, 
ambrettolide, campesterol, methy! sterculate, malvalate and others.'*® 


Traditional Medicinal Uses: In Suquang, Papua New Guinea, the whole 
plant juice is applied directly to sores, to treat headaches and irregular 
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periods.'”! In Central Province, the plant is used to treat eye sores whereas in 
Northern Province and North Solomons Province, it is used to induce labour. 
In Indonesia, it is used as a purgative, an abortifacient and to regulate men- 
struation."”! The juice also provides a soothing effect on mucous membrane 
that line the respiratory and digestive tracts.'! The flowers and leaves are used 
to treat skin diseases, mumps, to relieve fever,'’?! as well as to be used as 
emollient, anodyne and laxative." The flower is also used as an astringent," 
for excessive menstruation, fever and skin diseases. Its roots are used to treat 
gonorrhoea.'®! In Finschhafen, the roots and leaves are crushed and the juice 
is drunk to treat diarrhoea."”! 


Pharmacological Activities: A ntianxiety,'”! Anticancer," A nticonvulsant,'*! 
Antifertility,2-14! A ntioxidant,">! H epatoprotective,"® H ypoglycaemic,"7"?9! 
Hypolipidaemic!?®2°] and Wound healing.!2! 


Dosage: No information as yet. 
Adverse Reactions: No information as yet. 
Toxicity: No information as yet. 


Contraindications: N ot to be taken by small children, and during pregnancy 
and lactation. !2! 


Drug-Herb Interactions: No information as yet. 
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34. Hibiscus tiliaceus L. (Malvaceae) 


Linden Hibiscus, Sea Hibiscus, M ahoe 
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Leaves of Hibiscus tiliaceus Hibiscus tiliaceus flowers 


Description: Hibiscus tiliaceus L. is an evergreen coastal tree that can grow 
up to 10 m tall. Leaves are heart-shaped, 10-15 cm long and wide, leathery 
and green. The large showy flowers are yellow with maroon centre. Fruit is 
capsular, subglobose to ovoid, about 2-3 cm long and wide, surrounded by 
the calyx. Seeds are reniform, smooth and glabrous.!!-4! 


Origin: Native to the Pantropic."! 


Phytoconstituents: Hibiscones A-D, hibiscusin, hibiscusamide, friedelin, 
epifriedelanol, pachysandiol A and others.!2.>-7! 


Traditional M edicinal Uses: |n M alaysia and Indonesia, the leaves are con- 
sidered cooling and are used to treat fever. They are also used as a soothing 
agent and to remove phlegm from the respiratory passages.’2! The flowers are 
widely used as a means of birth control in traditional medicine in Asian and 
African countries." In the Philippines, the mucilaginous water obtained by 
soaking the fresh bark in water is prescribed for dysentery’! while the root is 
an ingredient of embrocations and is used as a febrifuge.!®! 


Pharmacological Activities: Tyrosinase inhibitory," Antioxidant? and 
Cytotoxic. 


Dosage: No information as yet. 
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Adverse Reactions: No information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 


Drug-Herb Interactions: No information as yet. 
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35. Impatiens balsamina L. (Balsaminaceae) 


Balsam Plant 





Impatiens balsamina plants 


Description: |mpatiens balsamina L. is an annual, erect, succulent plant, 
which is about 30-90 cm tall. Leaves are simple, alternate, 15 cm long, 
serrated and arranged spirally. Flowers are white, pink, purple or variegated 
and usually in leaf axils. Fruits are capsular, tomentose and contain several 
seeds, !t-5) 


Origin: Native to India. 


Phytoconstituents: |mpatienol, pelargonidine, delphinidine, cyanidine, 
balsaminones A and B, hosenkosides F-O and others.!461° 


Traditional M edicinal Uses: A lotion of fresh leaves is used to treat eczema, 
itches and insect bites."! In Vietnam, decoctions of leaves are used to stimu- 
late growth and to wash hair."! The juice is also used for warts, cancer 
treatment and expectorant."] A decoction of flowers is taken for infections, 
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vomiting, urine retention and as a tonic. In India, flowers are regarded as 
cooling, tonic and useful when applied to burns and scalds."! The flowers are 
also used for lumbago and intercostal neuralgia, snakebite, improves circula- 
tion and relieves stasis.!"2) In Japan, juice squeezed from the white flower 
petals are applied on the skin to alleviate dermatitis." In China, the seeds are 
prescribed for difficult labour, puerperal pains, difficult menstruation, cough, 
hiccups and poisonings. The seeds are mixed with arsenious acid for remov- 
ing teeth.'! In Malaysia, the seeds are taken for gastrointestinal tract cancer, 
and to dislodge fish or chicken bones in throat."! 


Pharmacological Activities: A ntibacterial,"15! Antihypotensive,°”! 
Antifungal,'2®! A nti-inflammatory'*® and A ntipruritic.!°1%! 


Dosage: No information as yet. 

Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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36. Imperata cylindrica (L.) P. Beauv. (Gramineae) 


Lalang, Alang-alang, Speargrass 





Imperata cylindrica 





Inflorescences of Imperata cylindrica Imperata cylindrica fruits 
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Description: |mperata cylindrica (L.) P. Beauv. is a perennial erect grass 
about 0.6-1.5 m tall. Leaf blades are linear to lanceolate, long, 0.5-1 cm by 
15-30 cm, narrow, with sharp margins and prominent nerves. Inflorescences 
are white and fluffy. Rhizome is hard, coriaceous and deep within the soil "7! 


Origin: Native to China and Africa but this widespread weed can be found 
throughout the world.) 


Phytoconstituents: Arborinione, arundoin, anemonin, isoorientin, imper- 
anene, cylindol A and B, graminones A and B, cylindrene, isoarborinol, 
impecyloside and others.'?10! 


Traditional M edicinal Uses: Rotted grass from thatch boiled with wine is 
used to treat bug bite, haemoptysis, severe constipation and vaginismus. It is 
also used for drug withdrawal symptoms.'?! Besides being used to quench 
thirst, its flowers and rhizome are also used to treat blood in the sputum, nose 
bleeds, lung and kidney diseases, jaundice,'?”) haemorrhage, wounds, hae- 
moptysis, epistaxis, haematemesis, haematuria, nephritic oedema, high fever, 
and urinary tract infections.'?) The roots are used to treat fever, cough with 
phlegm,"4) asthma, cancer, dropsy, epistaxis, haematuria, jaundice, nephritis, 
diarrhoea, gonorrhoea’?! and dysuria.!?! 


Pharmacological Activities: Antidiuretic,"*! Anti-inflammatory,'©! 
Neuroprotective’! and A ntibacterial.!*! 


Dosage: Rhizome is used for the treatment of urodynia, pollakiuria, haema- 
turia and fever. The recommended usual daily dose is 10 to 40 g in the form 
of a decoction, to be administered orally." 


Adverse Reactions: Allergic contact dermatitis“! and sensitivity to grass 
pollen (Type | allergy). 


Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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37. |pomoea pes-caprae (L.) Sweet (Convolvulaceae) 


Beach Morning Glory, Goat's Foot Creeper, Bayhops 





Ipomoea pes-caprae plants |pomoea pes-caprae flower 


Description: |pomoea pes-caprae (L.) Sweet is a seaside trailing herb. The 
stems are long and the roots are found at the nodes. L eaves are simple, ovate, 
quadrangular or rounded, 2.5 cm by 10 cm, with slender petioles. Cymes 
are 1-3 flowered; the 5 sepals are ovate and blunt. The flower funnel is about 
3-5 cm long. The plant bears dehiscent capsules (1.2 cm) containing hairy 
seeds that break up easily.“ 


Origin: Native to the Pantropic.™! 


Phytoconstituents: Pescaproside A & B, pescapreins I-IX, stoloniferin III, 
E-phytol, 6-damascenone and others,'*°”) 


Traditional M edicinal Uses: The juice squeezed from the plant is used by 
the M alays to treat fish stings.'?! In Burma, infusions of the plant with rusted 
iron are used to cure gynaecologic haemorrhages. ™! In India, the plant is 
known to be cooling, astringent and laxative. It is used internally as an emol- 
lient in Vietnam.2! T he plant has also been administered for headache. In 
Thailand, it is used to treat dermatitis caused by jellyfish (e.g., Portuguese 
man-of-war).'"! The leaves are used in Indonesia to hasten the bursting of 
boils and used externally for injured feet. Sap from the young leaves are 
boiled in coconut oil and used to treat sores and ulcers. In the Philippines, the 
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boiled leaves are used to treat rheumatism and fungal infection.'3*7! 1n Papua 
New Guinea, decoctions of the leaves are applied to sores. On the Solomon 
Islands, preparations of the leaves are ingested for digestive troubles. The 
seeds are chewed with areca nut to sooth abdominal pains and cramps or 
consumed alone as a purgative.'*4! D ecoctions of the tubers are also ingested 
to treat bladder problems."! 


Pharmacological Activities: Analgesic,"° Antidiabetic,“” Anti- 
inflammatory,'!768! A ntiplatelet aggregation,'” Antiviral,"! A ntivenom,'*! 
Collagenase inhibitory activity,"2! Muscle relaxant'**5! and Prostaglandin 
synthesis inhibition.” 


Dosage: No information as yet. 

Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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TABLE II —al 
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Azimuth Element | Element | Element | Element | Element | Element é 
Angle 1 2 3 4 5 6 4 
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o -24 - 180 Qo 
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18 Fig. 7. Anechoic chamber results for ¢=0°. 
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Fig. 6. Anechoic chamber results for @=90° (Beam in elevated because we 12 
are using monopole elements with finite ground). 180 0 
12 
Two dimension polar plots depicts the beam steering in the 5 20 500 
direction of given elevation angle, theta (#) and azimuth angle, 
phi (@). Anechoic chamber results for 9=90 and ¢=0 and 30 aa a 


degrees are shown in Fig. 7 and 8 respectively. Using large 
ground plane angle of elevation is reduced closer to 90°. Fig. 
6 shows anechoic chamber result for 9=90 one can observe 
small elevation form desired x-y axis because of ground skirt 
[17].In simulations elevation angle of 85° is observed. Fig. 
6(a) shows antenna simulated plot for elevation angle @ and 
Fig. 6(b) shows anechoic chamber results.Anechoic chamber 
plot of Fig. 7 shows maxima at ¢=0°, in order to get maxima 
at 0° elements from element number 2-6 are shorted and the 
element | is opened. Similarly Anechoic chamber plot of Fig. 
8 shows maxima at ¢=30°, in order to get maxima at 30° 
elements from element number 3-6 are shorted and element 1| 
and element 2 are open. 

Traditional ESPAR antenna and switched parasiric array 
antenna have all cylindrical elements, including the active 
element [3], [4]. We have made center element conical instead 
of cylindrical. Due to conical nature of active element response 
our frequency range and improved. In order to validate the 
gain enhancement both models were simulated and results 
were compared. Fig 9. (a) shows conventional design and 
Fig. 9(b) shows simulated antenna with conical center ele- 
ment. Fig. 10 shows $4; plot for cylindrical active element. 
Considering —8ag as cut off point bandwidth range from 
2.358 GHz to 2.51 GHz (0.152 GHz). Fig. 11 shows S$ — 11 
plot for centre conical element, considering 8g, as cut off 
point bandwidth ranges from 2.36 GHz to 2.555 GHz (0.195 
GHz). Therefore my making center element conical we have 
improved bandwidth as compared to traditional switch array 
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Fig. 9. (a) Conventional ESPAR antenna model with cylindrical Center 
Element, Fig. 9 (b) Designed ESPAR antenna with conical element for 
Bandwidth Enhancement. 


parasitic antennas. Low profile design for switched parasitic 
array antennas in also highlighted in [18]. 


V. FUTURE WORK AND CONCLUSION 


5G networks will be designed for device to device, device 
to human and human to human interactions. High data rates 
are required to meet demands of 5G systems. One of proposed 
bands for 5G is in mm-Waves range i.e from 30GHz to 60GHz 
for such high frequencies path losses are considerable and 
beam steering antennas are way forward to overcome path 
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38. Ixora chinensis Lam. (Rubiaceae) 


Chinese |xora 





Ixora chinensis flowers Ixora chinensis shrub 


Description: |xora chinensis Lam. is a small, dense shrub that can grow up 
to 2 m tall. Leaves are short-stalked, obovate-oblong, waxy, 6-10 cm long. 
Flowers are densely arranged, with 4 petals in bright red.” 


Origin: This common garden flower is native to China and Thailand.” 


Phytoconstituents: |xoric acid, ixoroside, ixoside, geniposidic acid and 
others. !2-4) 


Traditional Medicinal Uses: |t is used for hypertension.©! The whole plant 
is used to treat rheumatism, abscesses, bruises, and wounds. It is also used as 
an anodyne, and resolvent. It is beneficial to bone marrow and pregnant 
uterus as well. !©7! 


Pharmacological Activities: No information as yet. 
Dosage: No information as yet. 
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Adverse Reactions: No information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 


Drug-Herb Interactions: No information as yet. 
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39. Jatropha curcas L. (Euphorbiaceae) 


Barbados Nut, Physic-nut 





J atropha curcas leaf J atropha curcas shrub 


Description: J atropha curcas L. is a woody shrub, 2-5 m tall. Stems are 
smooth and leaves are ovate, 5-15 cm long, green and glabrous. The blade is 
thin and 5-lobed-cordate. The flowers are 6 mm by 7 mm, hermaphrodite, and 
with fragrance. Fruit is 3-lobed fleshy capsule of about 2.5 cm in length, 
containing black seeds."*! 


Origin: Native to Mexico,’ widely cultivated and naturalised in New and 
Old World Tropics." 


Phytoconstituents: Curcain, curcasin, curcacyclineA, jatropholoneA andB, 
heudelotinone, nobiletin, jatrocurin, curcin, curcusone B and others.'*14) 
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Traditional M edicinal Uses: The leaves are used to treat scabies, parasites 
and as a rubefacient for paralysis and rheumatism."°! The fruit is used for 
dropsy and anasarca."°! The seed oil is emetic, laxative, purgative and for skin 
ailments." The latex is applied to bee and wasp stings, to dress ulcers, sores 
and inflamed tongues. It is also used as a haemostatic agent,'!>! and to treat 
whitlow, carbuncle and sores in mouth." The roots are used in the form of a 
decoction as mouthwash for bleeding gums and toothache.!*! 


Pharmacological Activities: Antidiabetic,"”) Anti-inflammatory,'®! 
Anticancer,"?1479! A ntiprotozoal,!° Antiviral,'222)_ Coagulant,'??! A borti- 
facient,'24! H aemolytic,'?>! Lipolytic,'29 Insecticidal,'2”2% M olluscicidal®” and 
Wound healing.!?! 


Dosage: Two seeds have been used as a purgative.'%! 
Adverse Reactions: No information as yet. 


Toxicity: H uman poisoning may lead to amnesia, convulsions, delirium, diar- 
rhoea, nausea, vertigo, visual disturbances, acute abdominal pain, nausea, 
depression and collapse may also occur.'*2! Intake of 4-5 seeds may cause 
death. It is toxic to rats, chicks and human.'32-40) 


Contraindications: No information as yet. 


Drug-Herb Interactions: M ay have interactions with other drugs that are 
metabolised by cytochrome P450 enzymes.'2! 


[Authors’ Note: | atropha curcas is also cultivated as a source of biofuel. ] 
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40. Juniperus chinensis L. (Cupressaceae) 


Chinese J uniper 





Leaves of | uniperus chinensis Juniperus chinensis tree 


Description: | uniperus chinensis L. is conical shaped tree that can grow up 
to 25 m tall. Leaves are both scale-like and needle-like. Needle-like leaves are 
present on both young and adult plants, decussate or in whorls of three, 
loosely arranged, ascending, nearly lanceolate whereby scale-like leaves are 
present only in the adult. Seed cones are brown when ripe, usually glaucous, 
subglobose and 4-9 mm in diameter." 


Origin: Native to M yanmar and temperate A sia.'! 


Phytoconstituents: Chinensiol, yatein, podophyllotoxin, thujopsenal, wid- 
drol, sandaracopimaric acid, hinokiic acid and others.2-1) 
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Traditional M edicinal Uses: The leaves are used as a tonic to treat bleeding 
resulting from coughs." It is also used for cold and haemorrhage. Liquor 
brewed from fresh leaves is used as a tonic and to treat hemoptysis. Others 
include treatment for convulsions, excessive sweating and hepatitis.) Its 
roots are used on burns, scalds and to promote hair growth on scars.!?! 


Pharmacological Activities: Antibacterial,"?! Antifungal,"?"" A nti- 
neoplastic,!2>! A ntioxidant,'*! H ypoglycemic”® and H ypolipidaemic.'®76 


Dosage: No information as yet. 

Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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41. Kaempferia galanga L. (Zingiberaceae) 


Galangal, Sand Ginger, K encur 





Kaempferia galanga herbs 


Description: K aempferia galanga L. is asmall herb with short underground 
stems. L eaves are usually in pairs, oval, glabrous, pointed, 6-15 cm long, and 
spread out above ground with prominent veins. Flowers are in short stalked 
spikes. The corolla is white or pinkish, with violet spotted lip." 


Origin: Native to tropical Asia.'! 


Phytoconstituents: Ethyl cinnamate, 1,8-cineole, 5-3-carene, a-pinene, 
camphene, borneol, cyene, a-terpineol, a-gurjunene, germacrenes, cadinenes, 
caryophyllenes and others.!?-®! 
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Traditional M edicinal Uses: The whole plant is used as a postpartum pro- 
tective medicine, treatment for stomachache, diarrhoea, dysentery, treatment 
for rheumatism, swellings, fever, coughs, asthma and as a tonic/lotion. In 
M alaya, the leaves and rhizomes are chewed to stop cough. In Indonesia, it is 
used for abdominal pain, for swelling and muscular rheumatism. In the 
Philippines, the rhizome is used for boils, chills, dyspepsia, headache and 
malaria. The Indians also use the rhizomes as lotions, poultices for fever, 
rheumatism, sore eyes, sore throat and swellings.®! The rhizomes are stimu- 
lant, used to treat toothache, chest pains and constipation.'! They are also 
used as carminative, prophylactic, stomachic, for dandruff and scabs. A 
decoction of the rhizome is used for cholera, contusion, dyspepsia, headache, 
lameness, lumbago, and malaria. It is also roasted and applied to rheumatism 
and tumours.!?! To facilitate delivery during birth, it is mixed with the juice of 
Curcuma montana, C. aromatica and ginger rhizomes and consumed. !2! 


Pharmacological Activities: Antibacterial,"!17) Antifungal,"“*! Anti- 
hypertensive,'"! A nti-inflammatory,'® A ntineoplastic,">1®) A ntioxidant,"%! 
Antiprotozoal,'?°) Depressant,'2) Immunomodulatory,'?) Vasorelaxant,!22! 
Antiallergy,'?*! Insect repellent,'?*?>! |nsecticidal!?*-?®! and Wound healing.'2%! 


Dosage: Oral doses range from 3 to 6 g of the rhizome per day, administered 
in the form of decoction, powder or pill for the treatment of pectoral and 
abdominal pains, headache, toothache and cold.'2! 


Adverse Reactions: N o information as yet. 


Toxicity: The ethanolic extract injected intraperitoneally in increasing doses 
of 25, 100, 250 and 800 mg/kg body weight resulted in a decrease in motor 
activity, respiratory rate, loss of screen grip and analgesia in rats. A dose of 
2000 mg/kg body weight was observed to be lethal. A cute and subacute oral 
toxicity test of Kaempferia galanga produced neither mortality nor signifi- 
cant differences in the body and organ weights between controls and treated 
rats, (24) 


Contraindications: No information as yet. 


Drug-Herb Interactions: No information as yet. 
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42. Lantana camara L. (Verbenaceae) 


Common Lantana, Bunga Tahi Ayam, Wild Sage 





Lantana camara flowers 


Description: Lantana camara L. is a small shrub with long, weak branches. 
Leaves are opposite, ovate, 5-12 cm long with a pungent scent. Flowers are 
in dense spikes, with salver-shaped corolla, 1-1.2 cm long, orange, red, pink 
or variegated. Fruit is bluish, globose and 4 mm in diameter."?! 


Origin: Native to M exico and Southern A merica.”! 


Phytoconstituents: L antadeneA and B, lantanic acid, lantanilic acid, ictero- 
genin, lantanoseA & B, lamiridoside, geniposide, 5-guaiene, camarinic acid 
and others.!?"4) 


Traditional M edicinal Uses: The whole plant is used as a bath for scabies 
and leprosy.'3>! The entire plant is also a carminative, diaphoretic, vulnerary, 
used for fistulae, pustules, tumours, treating malaria, rheumatism, tetanus and 
spasms." In B udiope county, U ganda, the leaves are used for treating malaria.!® 
The root and leaves are decocted to treat fever, mumps, neurodermatitis and 
traumatic injuries,1® 
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Pharmacological Activities: Anthelmintic,'!’2” Antimutagenic,'??! 
Antibacterial,'23*24) A nticancer/A ntineoplastic,'2273) A ntifertility,!24 A nti- 
inflammatory,'?> Antimicrobial,!&8 Antimotility,'° Antioxidant,” 
Antithrombotic," Antiviral, Antifilarial,?! Insect repellent,'34>! 
Insecticidal 3! Larvicidal,” M olluscicidal!°*) and Spermatotoxic.'*2! 


Dosage: No information as yet. 
Adverse Reactions: N o information as yet. 


Toxicity: Ingestion of green berries had been reported to cause human 
fatalities.) L. camara is harmful to animals'*>*! and causes teratogenicity in 
rats, 59 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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Fig. 10. 11 plot for conventional switched array antenna. 





Fig. 11. 511 plot for center conical element switched array antenna. 


losses [19]. ESPAR and switched parasitic array antennas 
provide a cost effective way of incorporating adaptive beam- 
forming in future 5G and internet of Things (IoT) devices [20]. 
However for the efficient use of ESPAR antennas in mobile 
terminals the size of the antenna system must be reduced, 
for this further research on dielectric switched parasitic array 
antennas is underway. Seven element switched parasitic array 
antenna is designed that is capable of dynamic beam steering. 
Gain of 8dB is achieved practically. Simulated results are 
in line with the anechoic chamber results. Designed antenna 
increase the channel capacity by improving signal to noise 
ratio. Gain of 8dB was achieved in specified directions of 
elevation angle ,theta (@) and azimuth angle, phi (¢). Antenna 
is optimized in terms of interference reduction for its use 
in wireless ad hoc networks, operating at frequency of 2.45 
GHz. Bandwidth of designed antenna is 450 MHz and beam 
is steered in 360°. 
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43. Lonicera japonica Thunb. (Caprifoliaceae) 


J apanese Honeysuckle, Jin Yin Hua 





Lonicera japonica shrub Lonicera japonica leaves 


Description: Lonicera japonica Thunb. is a climbing shrub having tomen- 
tose young leaves and stems. Leaves are simple, opposite and exstipulate. 
Blade is elliptic, 3-8 cm by 2-3 cm, truncate at base, obtuse and chartaceous. 
Flowers are axillary, white, and turns yellow upon maturity. Fruits are 
globose and black."™! 


Origin: A native of East Asia, widely cultivated and naturalised throughout 
the world.!! 


Phytoconstituents: Linalool, luteolin, geraniol, aromadendrene, eugenol, 
loniceroside A, B, C, L-phenylalaninosecologanin, (Z)-aldosecologanin, 
(E)-aldosecologanin and others.'?-®! 


Traditional Medicinal Uses: |n China, the flowers are used for influenza, 
boils and carbuncle.®! In Malaysia, decoctions of dried flowers are used for 
cooling, flu, fever, headache, and boils. Distilled flowers are used to produce 
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a medicine for treating postprandial stomachaches."! F lower tea is prescribed 
to treat fever, sore throat, mouth sores, headache, conjunctivitis, keratitis, 
corneal ulcers, breast infections, muscle and joint pain, stomach problems, 
diarrhoea, and painful urination."! They are used in the treatment of arthritis 
and inflammation.”°! Flower buds are used in infusions for cutaneous infec- 
tions, scabies, as diuretic and treat bacterial infection. Decoction is used for 
bacterial dysentery, cold, enteritis, infected boils, laryngitis, lymphadentitis, 
rheumatism and sores. The flowers and stems are regarded as cooling and are 
used to treat aching bones and boils. Other uses include intestinal inflamma- 
tion, stomach ulcers, painful haemorrhoids, sore throats and intoxication.) 


Pharmacological Activities: A ntibacterial,'"!2! A nticancer/A ntineoplastic,"?" >! 
Antifungal," Antihypertensive,” A nti-inflammatory,'°?®25! A ntioxidant,!”! 
Antiplatelet,'2° A ntiviral,!?”) H epatoprotective’®! and A ntiatherogenic.'2! 


Dosage: In China, 10-60 g of dried floral buds are used for decoction. A 
combination of 10 g of honeysuckle, 10 g of forsythia, a little mint and bam- 
boo leaf is a prescription for a bad cold from a drugstore in China.) A bout 
9-15 g dried flowers has been used in decoction, pills, powder or poultice of 
the powder.24 The recommended daily dose is 4 to 8 g of flowers or 10 to 
20 g of stems and leaves in the form of a decoction, infusion, extract or 
alcoholic maceration for the treatment of boils, impetigo, urticaria, allergic 
rhinitis, fever, malaria, erythema, measles, diarrhoea, dysentery, syphilis, 
rheumatism and lichen tropicus.') For carbuncles, boils, erysipelas, acute 
dysentery, pharyngitis, upper respiratory infection and epidemic febrile dis- 
eases, 6-15 g of dried flowers are used.'**! 


Adverse Reactions: Linear, itchy, raised blisters on the skin may occur on 
contact.!3) 


Toxicity: No sign of acute and subacute toxicity was observed.'*5! 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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44. Mangifera indica L. (Anacardiaceae) 


M ango, M angga 





M angifera indica tree Fruits of Mangifera indica 


Description: M angifera indica L. is a fruit tree which grows up to 8 m high. 
Bark is grey and fissured. L eaves are simple, 12-30 cm by 4-9 cm, narrowly 
elliptic, pointed, and slightly leathery with wavy edges. Flowers are very 
small, greenish-yellow or white, fragrant and arranged in panicles. The fruit 
is kidney-shaped and the yellow to orange flesh is edible. Seed is elongated, 
fibrous and flattened." 


Origin: N ative to India and Indochina.! 


Phytoconstituents: Mangiferin, ambolic acid, ambonic acid, arabinan, 
mangiferonic acid, quercitin, violaxanthin and others.!*7! 


Traditional Medicinal Uses: The leaves are used in the form of ashes for 
burns and scalds; chewed to strengthen the gums, while the burning leaf 
smoke is inhaled for hiccups and other throat ailments. T hey are also used for 
skin ailments, asthma and cough.) Paste of leaves is applied to warts and 
used as styptic ointments.'?) The leaves are also used in the treatment of 
malaria in Budiope county, Uganda."*! The fruits are used to treat pain in 
abdomen, diarrhoea, and to quench thirst (with A egle and salt).'®! Pulp of the 
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fruit is used in China to promote blood circulation, the fruit rind as tonic in 
Burma and dried slices of young fruits are used for septicaemia in Palau."!1ts 
seeds are used for stubborn colds, coughs, diarrhoea, vermifuge and menor- 
rhagia."") They are also used for asthma.!?! In the Philippines, raw seeds are 
used to expel worms and the roasted ones are for diarrhoea.!?!T he bark is used 
for the treatment of fever or sunstroke, cholera, rheumatism, sty in eye, ulcer- 
ated tongue (with roots of Ichnocarpus and bark of Zizyphus rugosa), 
haemiplegia, diarrhoea (with bark of Streblus asper, roots of Oroxylum indi- 
cum and Helianthus annuus), dysentery (with bark of Streblus and Spondias 
pinnata), poisoning, uterine haemorrhage and jaundice.'*! 


Pharmacological Activities: A nalgesic,"°! A nthelmintic,"" A ntibacterial 22-14! 
Anticonvulsant,'!*! A ntidiarrhoeal,'23! A ntifungal,"® A nti-inflammatory,!202227-29) 
Anticancer,'2°23} Antioxidant,'2*3®! A ntiviral,°%4" Gastroprotective,'422! 
Hepatoprotective,'43“4! A ntiprotozoal,'5! Hypoglycaemic,'*” H ypolipidae- 
mic,'*°48! | mmunomodulatory,'**! Larvicidal®® and R adioprotective,!°!=2) 


Dosage: As an anthelmintic, it is recommended to take 20-30 g of powdered 
seed, 53) 


Adverse Reactions: A naphylactic reaction following ingestion of fruit." 


Toxicity: Intraperitoneal LD) (50% ethanolic extract) is > 1000 mg/kg in 
mice.!>! 


Contraindications: No information as yet. 
Drug-Herb Interactions: M odulation of P450 isozymes,!°657! 
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45. Manihot esculenta Crantz (Euphorbiaceae) 


Tapioca, Cassava 





Leaves of Manihot esculenta Manihot esculenta shrub 


Description: Manihot esculenta Crantz is an erect woody shrub that can 
grow up to 5 m tall. Leaf blades are palmately 3-9-lobed, 5-20 cm. Lobes are 
oblanceolate to narrowly elliptic, entire, 8-18 cm by 1.5-4 cm. Root tubers 
beneath the ground yield tapioca, which is fleshy, starchy and edible.!22) 


Origin: Native to Brazil, cultivated throughout the tropics”! 


Phytoconstituents: Linamarin, esculentoic acidA and B, esculentin, esculin, 
scopoletin, scopolin, oxalic acid, saponins and others.'*-®! 


Traditional M edicinal Uses: Rhizome is made into a poultice and applied to 
sores, > 


Pharmacological Activities: Antifungal,'® | Antineoplastic,!7! 
Hepatoprotective,'®! H ypercholesterolaemic,'®! A ntithyroidal,"°! N eurotoxic!!! 
and Superoxide dismutase inhibition."2! 


Dosage: No information as yet. 
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Adverse Reactions: Several minor acute intoxications were seen, with com- 
plaints of nausea, vomiting, abdominal pain and headache following a meal 
of cassava, 22! 


Toxicity: Hydrocyanic acid — oral, human LD., 570 yxg/kg; Oxalic acid — 
oral, human LDs) 700 mg/kg; Saponin — oral, mouse LD; 3000 mg/kg; 
Tryptophane — oral, rat TD;) 1100 mg/kg. Bitter cassava juice can cause 
death due to cyanide poisoning.'?! H aemorrhage, necrosis, fibrosis and atro- 
phy of the acinar tissue and fibrosis of the islets of Langerhans of the pancreas 
occurred in dogs fed on cassava.'*! Epidemic spastic paraparesis (konzo) is 
known to be due to long-term intake of cassava (M. esculenta)."° Tropical 
ataxic neuropathy, a polyneuropathy with sensorineural hearing loss and 
optic atrophy can also result from intake of cassava in humans. !™*! 


Contraindications: No information as yet. 


Drug-Herb Interactions: C o-administration of cassava rich diet and alcohol 
is found to reduce the alcohol induced toxicity in rats."”! 
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46. Melaleuca cajuputi Roxb. (M yrtaceae) 


Gelam, Paper-bark Tree, K ayu Puteh 


Leaves of Melaleuca cajuputi 





SS 


Melaleuca cajuputi flowers Melaleuca cajuputi tree 


Description: M elaleuca cajuputi Roxb. is a medium sized tree with an often 
twisted trunk when the tree is very old. Bark is light brown, flaky and peeling. 
Leaves are simple, slightly curved, with 5-7 longitudinal veins. Flowers are 
white and borne in dense spikes. Seeds are borne in a capsule,!?"?) 
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Origin: Native to tropical Asia and A ustralasia.!"! 


Phytoconstituents: Cajeputol, cineole, 6-pinene, eugenol, phellandrene, 
a-terpineol, eugenetin, isoeugenetin and others.'254 


Traditional M edicinal Uses: In M alaysia, it is used for the treatment of colic 
and cholera. It is also used externally for thrush, vaginal infection, acne, ath- 
lete’s foot, verruca, warts, insect bites, cold sore and nits.) Cajuput oil is 
distilled from the leaves and used by the Burmese to treat gout. The 
Indochinese uses cajeput oil for rheumatism and pain in the joints and as an 
analgesic.) The oil is used externally in Indonesia for burns, colic, cramps, 
earache, headache, skin diseases, toothache and wounds. When administered 
internally, it can induce sweating and act as a stimulant and antispasmodic. 
In the Philippines, the leaves are used to treat asthma. 


Pharmacological Activities: A ntibacterial.!° 


Dosage: For treatment of coryza, influenza, cough, asthma, dyspepsia, 
earache, toothache, rheumatism, osteodynia, neuralgia, wounds, burns, post 
partum haematometra. The reported dose for the above ailments is 20 to 
40 g of fresh leaves or 5 to 10 g of dried leaves in the form of a decoction or 
infusion," 


Adverse Reactions: Contact dermatitis may occur. Glottal spasms or bron- 
chial spasms or asthma-like attacks may occur if the oil is applied to the facial 
areas of infants and small children.!®! 


Toxicity: Due to the high cineole content, life-threatening poisonings can 
occur with overdoses of cajuput oil (more than 10 g). Symptoms of poisoning 
are reduction in blood pressure, circulatory disorders, collapse and respira- 
tory failure.'®! 


Contraindications: Do not consume orally in severe liver diseases and pres- 
ence of inflammatory condition of gastrointestinal tract or of the biliary 
ducts. Cajuput oil preparations are not to be applied to the faces of infants or 
small children." 


Drug-Herb Interactions: No information as yet. 
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47. Melastoma malabathricum L. (M elastomaceae) 


Sendudok, Singapore Rhododendron 





Fruits of Melastoma malabathricum Melastoma malabathricum shrub 


Description: M elastoma malabathricum L. is asmall shrub that can grow up 
to 1m tall, densely clothed with tiny scales. L eaves are simple, ovate, elliptic, 
4-14 cm by 1.7-3.5 cm, and stiffly papery. Flowers are purple with five petals 
and fruits are urceolate-globular, 6-15 mm by 6-12 mm and succulent.!27! 


Origin: Native to tropical and temperate A sia and the Pacific |slands.!2! 


Phytoconstituents: M alabathrinsA -F, nobotanins B, G, H and], kaempferol 
and others.'?-9! 


Traditional M edicinal Uses: | n |ndonesia and M alaysia, the leaves and roots 
are used as a remedy for diarrhoea and dysentery. The leaves are also used to 
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wash ulcers, to treat piles and for small pox pustules to prevent development 
of scars."°! |ts bark is used to treat skin diseases.!14 


Pharmacological Activities: Analgesic,"*) Anti-inflammatory,!??! 
Antineoplastic,4! Antinociceptive,"?! Antiviral,"*45! Antioxidant®! and 
Antiplatelet.!2° 


Dosage: No information as yet. 
Adverse Reactions: N o information as yet. 


Toxicity: M. malabathricum was reported to be an aluminium (Al) 
accumulator (with up to 10 g Al/kg of dry weight in old leaves and up to 
7 g Al/kg dry weight in new leaves) and could lead to accumulation of 
aluminium in the bone and brain, leading to neurotoxicity, when consumed 
in large amount.!2”! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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Selected Papers: Advanced Antenna System Technology 





Recent Antenna System Technologies for 
Next-generation Wireless Communications 


Koichi Tsunekawa‘* 
Abstract 


This paper describes the requirements of the antennas or antenna systems in recent high-speed and 
high-capacity wireless communication systems and the key technologies for satisfying them. It also 
explains the antennas and antenna systems being researched and developed for next-generation wireless 
communication systems. The antenna in such a system requires high gain, high-efficiency antenna ele- 
ments and a multi-antenna design. This paper introduces a high-efficiency antenna created by integrat- 
ing it with a monolithic microwave integrated circuit (MMIC) in a millimeter-wave frequency-band sys- 
tem, a multi-antenna system for the multiple-input multiple-output (MIMO) technique that enables mul- 
tiple data transmission for land mobile communication systems, and a beam-scanning antenna for satel- 
lite communication systems. It also explains the general research and development trend of antenna sys- 
tems and technical problems in each wireless system as an introduction to the other selected papers in 


this issue. 


1. Introduction 





Wireless access technologies have advanced rapid- 
ly [1] and broadband wireless communication sys- 
tems have become popular in our daily lives. An 
antenna is a very important component of a wireless 
system because it acts as the input and output inter- 
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face for wireless equipment, as shown in Fig. 1. How- 
ever, system performance is determined by the total 
performance of each component, such as the antenna 
and the radio-frequency (RF), intermediate-frequen- 
cy (IF), and baseband (BB) units. For recent high-per- 
formance wireless systems, overall system design has 
been essential. Accordingly, the antenna must not 
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Fig. 1. Wireless and antenna system. 
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48. Mimosa pudica L. (Leguminosae) 


Touch-me-not, Sensitive Plant, Rumput Simalu 





Mimosa pudica leaves and flowers 


Description: Mimosa pudica L. is a prickly, herbaceous weed. L eaves bipin- 
nate, very sensitive, fold together when touched, in rain or at night. Leaflets 
are 15-20 pairs, small oblong, nearly sessile. Flowers are pink and fruits are 
flat pods covered with bristles.-3! 


Origin: Native to Brazil.!?! 


Phytoconstituents: Mimosine, 2-Hydroxymethyl-chroman-4-one and 
others. '* 


Traditional Medicinal Uses: The plant is used on cuts and wounds.'*” It is 
also used for childbirth and infertility in Trinidad and Tobago."! Bath with 
plant decoction relieves insomnia." The leaves are used for hydrocele, dress- 
ing for sinus, sores, piles and swelling of feet. In M exico, aqueous extracts 
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from dried leaves are employed to alleviate depression.'*! In the Philippines, 
the leaves soaked in coconut oil is used for ulcers."! 


Pharmacological Activities: Anthelmintic.“° Antibacterial ,!! 
Anticonvulsant,"7! Antidepressant,' Antifertility,"%! Antifungal," 
Hyperglycaemic,"*!A ntioestrogenic!*! and A ntivenom.!627) 


Dosage: No information as yet. 
Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 


Drug-Herb Interactions: No information as yet. 
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49. Mirabilis jalapa L. (Nyctaginaceae) 


Four O'Clock Flower, Bunga Pukul Empat 





Flowers of Mirabilis jalapa 


Description: Mirabilis jalapa L. is an erect herb that can grow up to 1 m tall. 
Leaves are simple, heart-shaped, 3-12 cm long, opposite, tapering to a 
pointed end. Flowers are bisexual, red, pink, yellow or white, with perianth 
distinctly constricted above, and they bloom late in the afternoon. Fruits are 
black and globose, 5-8 mm in diameter.!*! 


Origin: Native to tropical A merica, introduced in China and in many tropical 
areas.) 


Phytoconstituents: Trigonellin, 2’-O-methylabronisoflavone, 6-methoxy- 
boeravinone C and betaxanthins.°! 


Traditional M edicinal Uses: | ts leaves are used as a decoction for abscesses, 
juice for wounds and cooked with pork as tonic."! The leaves are also placed 
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on boils, blisters, and to relieve urticaria." In Indochina, the seeds are used 
as a purgative.'?! The flowers release a strong odour at night which will stu- 
pefy or drive away mosquitoes.’ The roots are used as a laxative in a 
decoction, with or without pork, for colds, inflammation and leucorrhoea.!*! 
In Malagassy, M adagascar, they are used to treat intestinal pains. In South 
Africa, the roots are used as purgative agents."”! 


Pharmacological Activities: A ntibacterial,'®?! A ntifungal,'*?° A ntineoplastic 
and A bortifacient.04 


Dosage: A pproximately 8-10 g of roots are taken as a purgative.!2! 
Adverse Reactions: N o information as yet. 

Toxicity: No information as yet. 

Contraindications: No information as yet. 

Drug-Herb Interactions: No information as yet. 
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50. Morinda citrifolia L. (Rubiaceae) 


M engkudu, Indian M ulberry, Noni 





Flowers and fruits of Morinda citrifolia Morinda citrifolia tree 


Description: Morinda citrifolia L. is a tree that grows up to 9 m. Leaves are 
simple, large, 10-15 cm by 20-30 cm, decussate and stipulate. Blade is 
broadly elliptic to obovate, glossy, soft and succulent. Flowers are small, ses- 
sile, white, 1.5-2 cm across, terminal and axillary. The fruit is succulent, 
oval, 5-7 cm across, light greyish green and turns yellow upon maturity." >! 


Origin: Native to tropical and temperate A sia and A ustralasia.!® 


Phytoconstituents: M orintrifolins A and B, morindin, morindone, rubiadin, 
morindadiol, morindicone, morinthone, morindicinone, morindicininone, 
noniosides E-H, morinaphthalenone and others, !!47-28) 


Traditional M edicinal Uses: The whole plant is used to treat aching bones 
and arthritis. In M alaysia, the heated leaves are applied to the chest and abdo- 
men to treat coughs, nausea, colic and enlarged spleen. In Japanese and 
Chinese medicine, M. citrifolia is used to treat fever and as a tonic whereas 
in Indochina, the fruit is prescribed for lumbago, asthma and dysentery.” A 
decoction of the leaves taken orally is effective for the treatment of fever, 
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dysentery and diarrhoea. Poultice of fresh leaves can be used to cure furun- 
culosis. The fruit when consumed together with a little salt is stomachic, 
aperient, and active on dysentery, uterine haemorrhage, cough, coryza, 
oedema and neuralgia. The root bark has beneficial effects in hypertension, 
osteodynia and |umbago."”! The fruit is also used for throat and gum com- 
plaints, dysentery and leucorrhoea while the root is used as a cathartic and 
febrifuge.*! The processed fruit juice is also in great demand for various ail- 
ments such as diabetes, high blood pressure, headaches, heart disease, AIDS, 
cancers, gastric ulcers, mental depression, senility, poor digestion, atheroscle- 
rosis and drug addiction." 


Pharmacological A ctivities: A nalgesic,!°!A nthelmintic,'°°A nti angiogenic, 2! 
Antibacterial ,!+°75! A nticancer/A ntineoplastic,2*3” A ntitumour,®” A ntihyper- 
tensive,2" Antiviral, Anti-inflammatory,!247>38) A ntioxidant,'*163%%4) 
Antiprotozoal,'*! A ntidiabetic,'?® Sedative/A nxiolytic,'>! Chemopreventive,'4! 
Insecticidal,'*! Wound healing'*®! and H epatoprotective.!””! 


Dosage: For treatment of hypertension, osteodynia and lumbago, 10 to 20g 
of rootbark is prescribed daily as a decoction or alcoholic maceration of tor- 
refied material." 


Adverse Reactions: Sedation, nausea, vomiting, anorexia, hypersensitivity, 
hyperkalemia may occur.!* “9! 


Toxicity: The lyophilised aqueous extract of M. citrifolia roots did not 
exhibit any toxic effects but did show a significant, dose-related, central anal- 
gesic activity in the writhing and hotplate tests.° Chemical analysis and 
genotoxicity tests revealed that noni juice does not have a genotoxic potential 
and that genotoxic anthraquinones do not exist in noni juice!!! However, 
according to some, anthraquinones are the most likely hepatotoxic compo- 
nents found in M. citrifolia.*! Hepatitis induced by Noni juice had been 
reported, 394) 


Contraindications: Should not be used during pregnancy and lactation. 
Contraindicated in people with hyperkalemia or with hypersensitivity to 
M. citrifolia.®! 


Drug-Herb Interactions: No information as yet. 
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51. Nelumbo nucifera Gaertn. (Nymphaeaceae) 


Sacred Lotus, East Indian Lotus, Oriental Lotus 





Nelumbo nucifera plants with flowers 


Description: Nelumbo nucifera Gaertn. is an aquatic plant that grows in shal- 
low waters. Leaves are green, round, 30-60 cm across and with long petiole. 
Flowers are pink, white or red, 10-30 cm and solitary. Fruits are non-edible 
and non-fleshy.!2! 


Origin: N ative to tropical and temperate A sia, Australia and E astern Europe.”! 


Phytoconstituents: Nuciferin, nornuciferin, nelumboroside A & B, nelum- 
stemine, dotriacontane, ricinoleic, roemerin, liensinine, neferine, lotusine, 
liriodenine, asimilobin, pronuciferine and others.'?-®) 


Traditional M edicinal Uses: The leaves are used to treat sunstroke, diar- 
rhoea, dysentery, fever, dizziness and vomiting of blood.'*! The plant is used 
as an antidote for mushroom poisoning"! and for smallpox.) In Ayurveda, 
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the plant is used to treat cholera, diarrhoea, worm infestation, vomiting, 
exhaustion and intermittent fever.'! The fruits are used in decoction for agita- 
tion, fever, heart and haematemesis while the stamens are used to “purify the 
heart, permeate the kidneys, strengthen virility, to blacken the hair, for hae- 
moptysis and spermatorrhoea”."°! They are also used to treat premature 
ejaculation,'"! as astringent for bleeding,'?! excessive bleeding from the 
uterus,'?! abdominal cramps, bloody discharges, metrorrhagia, non-expulsion 
of the amniotic sac," and as cooling agent during cholera.'") The seeds are 
believed to promote virility, for leucorrhoea and gonorrhoea."°! Powdered 
beans are used in treating digestive disorders, particularly diarrhoea.!?! T hey 
are also used as a tonic,'! for enteritis, insomnia, metrorrhagia, neurasthenia, 
nightmare, spermatorrhoea, splenitis and seminal emissions." T he roots are 
for the treatment of diarrhoea, dysentery, dyspepsia, ringworm and other skin 
ailments and as a tonic as well ,!2012) 


Pharmacological Activities: Antianxiety,"?) Antiarrhythmic,!?! 
Antibacterial,'*! A nticonvulsant,"*) A ntidiarrhoeal,"*! A nti-inflammatory,!?® 
H epatoprotective,'® A ntioxidant,'81”2 A ntiplatelet,’22) A ntiproliferative, 22! 
Antipyretic,'?224 A ntiviral,'?>76! Hypoglycaemic,'?”78! H ypolipidaemic,'2% 
Immunomodulatory®”! and Insecticidal." 


Dosage: A daily dose of 10 to 30 g of the ripe seeds as a decoction or powder 
is used for the treatment of neurasthenia, spermatorrhoea and metrorrhoea. 
The pericarps should be removed before using the seeds. Decoctions of 15 to 
20 g and 2 to 4g of dried leaves and seed cores respectively have been used 
for treating insomnia, haemorrhage and haematemesis. 6 to 12 g of plumules, 
5 to 10 g of filaments, or 15 to 30 g of the receptacles in the form of a decoc- 
tion, are used in the treatment of bloody stools, haematuria, uterine 
haemorrhage and haematemesis.°"! A daily dose of 5 to 8 g of rhizome or 
seeds taken by mouth is recommended.'*2! 


Adverse Reactions: Stamen, receptacle, rhizome node, leaf, and embryo can 
be safely consumed with proper usage.'?7! No known side effects with appro- 
priate therapeutic dosages.'*! 


Toxicity: No information as yet. 


Contraindications: Seed is contraindicated in constipation and stomach 
distention.!3) 


Drug-Herb Interactions: No information as yet. 
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52. Nephelium lappaceum L. (Sapindaceae) 


Rambutan, Hairy Lychee 





Nephelium lappaceum fruits Nephelium lappaceum tree 


Description: N ephelium lappaceum L. is an evergreen tree that can grow up 
to 10 m tall. Leaves are pinnate, 25- 40 cm long, compound with 2- 4 pairs of 
leaflets. Blades are elliptic or obovate, 6-18 cm by 4-7.5 cm, thinly leathery, 
glabrous, with 7-9 pairs of lateral veins. Flowers are greenish white, fragrant 
and with no petals. The fruit is hairy, turning from green to red when mature 
and contains one hard seed.'1-) 


Origin: Native to Indonesia, M alaysia, Philippines and Thailand.” 


Phytoconstituents: Type || and II! cyanolipids, 6-caryophyllene, monoter- 
pene lactones 1 & 2, paullinic acid and others.!*7! 


Traditional Medicinal Uses: The fruits are used to treat diarrhoea and 
fever,'! and also for the treatment of dysentery and dyspepsia."®! Its seeds are 
narcotic'®! and the bark is used to treat disease of the tongue while the roots 
are used for fever.!! 


Pharmacological Activities: A ntiviral,'?) Antifungal,'® Antibacterial,” 
Antioxidant’! and Cytotoxic,!9! 


Dosage: No information as yet. 
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Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 


Drug-Herb Interactions: No information as yet. 
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only have antenna elements with high-performance 
characteristics, but must also perform effectively as 
an antenna system in conjunction with the RF, IF, and 
BB units. New functions can be added through anten- 
na system design: for example, appropriate radiation 
pattern control provides a large system capacity by 
using baseband signal processing and an antenna ele- 
ment with an integrated RF circuit provides high gain 
without feeder loss. 

The selected papers in this issue describe the latest 
antenna and antenna system technologies for achiev- 
ing high performance. Two of the papers present 
beam-scanning antenna systems in satellite broad- 
band communication. Beam scanning is carried out 
using by two methods: one [2] uses a variable active 
device or tunable reactance device incorporated into 
the antenna element, which has high-speed electron- 
ic control while the other [3] uses mechanically con- 
trolled antenna movement, which has a very precise 
direction control function. Another paper [4] intro- 
duces an active integrated antenna system with an RF 
circuit, which provides high gain and high efficiency, 
for a high-capacity millimeter-wave transmission 
system. And two papers describe a multiple-input 


multiple-output (MIMO) antenna system for obtain- 
ing high-speed transmission and high system capaci- 
ty in the land mobile communication system from the 
viewpoints of beamforming techniques [5] and 
implementation methods [6]. 

As an introduction to these advanced antenna tech- 
niques, this paper provides a general explanation of 
the requirements of antennas and antenna systems in 
recent high-speed and high-capacity wireless com- 
munication systems and the key technologies for sat- 
isfying these requirements. It also describes current 
antenna systems and NTT’s antenna research results 
for typical wireless systems. 


2. Antenna requirements in recent wireless 
communication systems 





The trend of wireless systems is shown in Fig. 2. 
This indicates the typical system transmission speed 
and number of antennas needed to achieve a particu- 
lar system performance for each operating frequency. 
Wireless communication systems are moving towards 
high transmission speeds and high capacity by using 
higher system frequencies to enable a wide frequency 
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Fig. 2. Advances of terrestrial wireless communication systems and their relationship to antenna technologies. 
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53. Nerium oleander L. (A pocynaceae) 


Oleander 





Flowers of Nerium oleander Nerium oleander shrub 


Description: Nerium oleander L. is asmall shrub up to 2 m high. L eaves are 
very narrowly elliptic, 5-21 by 1-3.5 cm, dark green, without stipules, leath- 
ery and arranged in whorls of three. Flowers are showy and fragrant. Sepals 
are narrowly triangular to narrowly ovate, 3-10 mm. Corolla is purplish 
red, pink, white, salmon, or yellow. Fruits consist of cylindrical follicles, 
12-23 cm. Seeds are oblong, coma, about 0.9-1.2 cm,!t! 


Origin: Native to southern Europe,”! and widely cultivated and naturalised in 
Asia, Europe and North A merica.!! 


Phytoconstituents: Oleandroside, kaneroside, neriaside, nerigoside, neriu- 
moside, neridiginoside, nerizoside, neritaloside, proceragenin, neridienone 
A, cardenolides N-1 to N-4 and others, 


Traditional M edicinal Uses: The plant is used in Ayurveda to treat scabies, 
eye disease and haemorrhoids.©! It is used to treat parasitic infection 
in Calabria (Southern Italy)."2! Leaf decoction is used to treat diabetes in 
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southeastern M orocco."! Bark, leaf, flower are used medicinally as a cardio- 
tonic and diuretic."! 


Pharmacological Activities: Analgesic,"°! Anti-inflammatory,!®?5! 
Antibacterial,“® Anticancer/A ntineoplastic,'91772) = Antifungal,'??) 
Depressant,'**?>! A ntimitotic,'2°! Insecticidal,'?”! L arvicidal,'?®! M uscle stimula- 
tory'2?3° and inhibits Nuclear factor-kappa B (NF-«B) activation. 


Dosage: No information as yet. 


Adverse Reactions: Depression, dizziness, stupor, headache, nausea, vomit- 
ing, anorexia, abdominal cramps, spontaneous abortion, hypersensitivity, 
contact dermatitis, hyperkalemia and tachypnea.'%! 


Toxicity: Toxic to humans!?-3"! and animals.!"°4*! The plant contains numer- 
ous toxic compounds, many of which can be deadly to people.'?* 3! Ingestion 
can cause both gastrointestinal and cardiac effects and also affect the central 
nervous system, !333*! 


Contraindications: Should not be used during pregnancy and lactation, in 
children and in persons with hypersensitivity to oleander.°2! Should not be 
taken internally.!*?! 


Drug-Herb Interactions: Fatal digitalis toxicity can occur with concurrent 
usage of cardiac glycosides such as digoxin and digitoxin.'3?! Concurrent use 
of quinidine, calcium salts, saluretics, laxatives or glucocorticids increases 
efficacy as well as side effects.) 
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54. Ophiopogon japonicus K er-G awl. (Liliaceae) 


Dwarf Lilyturf, Mondo Grass, M ai M en Dong 





Ophiopogon japonicus herb 


Description: Ophiopogon japonicus Ker-Gawl. is an evergreen, stemless, 
rhizomatous herb. Leaves are sessile, long, 10-50 cm by 2-4 mm, linear, 
grass-like, 3-7 veined, and have pointed tips. Flowers are either solitary or 
paired, !1) 


Origin: Native to J apan and K orea."?! 


Phytoconstituents: Ophiopogonin D and E, ophiopogonin C’ and D’, bor- 
nanol, ophiopogonanone A, C, E and F, ophiopojaponin D and others.'?-*! 

Traditional M edicinal Uses: The roots are used to cool the body system, as 
a tonic, purgative, thirst quencher, treatment for sore throat, cough and fever. 
[101 | China, the roots are also used to treat bronchitis, cold, dysuria, haemop- 
tysis, laryngitis, restlessness, thirst, tuberculosis, stress, as an aphrodisiac, 
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promoting fertility and memory, also as a sialogogue, to treat cancer and 
frequently included in polyherbal prescriptions for diabetes mellitus. The 
Indochinese uses the rhizomes to treat fever and inflammation, as a febrifuge, 
galactagogue, and also for intestinal, kidney and liver ailments." 


Pharmacological Activities: Antiarrhythmic," A nti-inflammatory,!?7*) 
Antithrombotic,"*2>) |Immunomodulatory,"© |mmunostimulatory,!*”28 
Cardioprotective!??"! and Chemoprotective.!”! 


Dosage: The daily dose of tuberous roots of 6 to 20 g in the form of a decoc- 
tion, pills or syrup consumed as an expectorant or antitussive.!22! 


Adverse Reactions: No information as yet. 


Toxicity: LD. value of O.japonicus in mice was more than 2 g/kg 
intraperitoneally."22! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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55. Peltophorum pterocarpum B acker 
ex K. Heyne (Leguminosae) 


J emerlang Laut, Yellow Flame, Yellow Flamboyant 








Peltophorum pterocarpum tree 


{St we 


Peltophorum pterocarpum flowers Fruits of Peltophorum pterocarpum 
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Description: Peltophorum pterocarpum Backer ex K. Heyne is a large tree 
with dome-shaped crown that can grow up to 24 m tall. The main rachis are 
15-30 cm long and the pinnae are 6-20 paired with each pinna having 20-30 
pairs of oblong leaflets. Flowers are yellow and in large bunches. The tree 
bears pods which are oblong, 5-10 cm long, flat and thin.!*"?) 


Origin: Native to Malaysia, Ceylon, the Andamans and North A ustralia.!?! 
Phytoconstituents: R hamnetin, hirusitidin, bergenin and others.!*! 


Traditional Medicinal Uses: The bark extract is used internally to cure 
dysentery and externally as a lotion to treat sprains, muscular aches, ulcers, 
and as an eye lotion, gargle and tooth powder.””! 


Pharmacological Activities: Antibacterial” and A ntifungal.!”! 
Dosage: No information as yet. 

Adverse Reactions: No information as yet. 

Toxicity: No information as yet. 

Contraindications: No information as yet. 

Drug-Herb Interactions: No information as yet. 
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56. Persicaria hydropiper L. (Polygonaceae) 


Water Pepper, Laksa Plant 





Persicaria hydropiper herbs Persicaria hydropiper top view 


Description: Persicaria hydropiper L. is an erect herb that can grow up to 
30-50 cm tall. Leaves are oblong-lanceolate, short petioled, tapering to a 
pointed end, ciliate on the under surface. Flowers are white, in sparse, thin 
and with hanging false ears. Fruit is black, nut-like and has a flat and domed 
side. 


Origin: Native to Northern A frica, tropical and temperate A sia, A ustralia and 
Europe.?! 


Phytoconstituents: Rhamnazin, hydropiperoside, polygoidal, warburganal, 
isopolygodial, isodrimeninol, drimenol, confertifolin and others.!!3->) 


Traditional M edicinal Uses: The liquid extract of the plant is used as a con- 
traceptive and a haemostatic.'?! The plant is also used alone or with other 
herbs decocted for diarrhoea, dyspepsia, dysentery, enteritis, diuretic, expel- 
ling worms, heat stroke, itching skin, haemorrhage, jaundice and cancer as 
well.'7) In folk medicine, it is used internally for uterine bleeding, menstrual 
bleeding, bleeding of haemorrhoids, gastrointestinal bleeding, rheumatic 
pain, as a diuretic, for bladder and kidney disease, and gout. It is used exter- 
nally for poorly healing wounds, sprains and contusions."! The leaves are 
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pounded and applied to skin diseases, for uterine disorders,'”! while its seeds 
are used as carminative, diuretic and stimulant."”! 


Pharmacological Activities: A nalgesic,'® A nthelmintic,'! A ntifertility,0°!! 
Antifungal,"2" A ntineoplastic,"5! Antioxidant,22! A ntimutagenic! and 
Insect repellent.!718) 


Dosage: A tea prepared by pouring 0.25 L of hot water over 1 heaped tea- 
spoon of the dried plant extract and strained after 10 min is to be drunk 
3 times a day.') Homeopathically, it is used to treat varicose veins, 5 drops, 
1 tablet or 10 globules are to be taken every 30 to 60 min in acute cases, 
or 1 to 3 times daily for chronical cases."2! 


Adverse Reactions: No known side effects with therapeutic dosages. Larger 
amounts can cause gastroenteritis. Skin irritation may occur if applied 
externally,!! 


Toxicity: Toxic to animals!!*" and the LD.» for its chloroform leaf extract 
was 758.58 mg/kg in male albino mice.!22! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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57. Phyllanthus amarus Schum. & Thonn. 
(Euphorbiaceae) 


Pick-a-back, Carry Me Seed, Ye Xia Zhu 





Phyllanthus amarus herbs 


Description: Phyllanthus amarus Schum. & Thonn. is a small herbaceous 
annual plant that can grow up to 60 cm tall. Leaves are simple, alternate, 
green and stipulate. The blade is 3-8 mm by 2- 4.5 mm and oblong-elliptic. 
The fruits are green, depressed globose in shape, 3-lobed and smooth. Both 
the flowers and fruits are borne under the branches.!2! 


Origin: N ative to M exico and South A merica.!®! 
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Phytoconstituents: Phyllanthusin D, geraniin, corilagin, elaeocarpusin, ama- 
riin, amariinic acid, amarosterol-A and B, phyllantin, hypophyllantin and 
others,!14) 


Traditional M edicinal Uses: The aerial part of the plant is used for various 
conditions. In Chinese medicine, the plant is made into a tea to cure kidney 
problems, venereal diseases, stones in the kidneys and bladder. The M alays 
use it to increase menstrual flow, reduce fever and cure colic. It is used by the 
Indians as a fish poison."! Indians also use the plant as liver tonic to treat liver 
ailments, ascites, jaundice, diarrhoea, dysentery, intermittent fever, condi- 
tions of the urogenital tract, eye disease, scabies, ulcers and wounds." In 
Vietnam, it is used to induce sweating, and increase menstrual flow. It is also 
prescribed for toothache, muscle spasms and gonorrhoea. It is considered a 
diuretic, colic remedy and abortifacient in Southeast Asia." It is also com- 
monly used in Benin, Africa, as folk medicine against malaria."”! 


Pharmacological Activities: Analgesic,'4! Antibacterial,'>!® 
Antidiarrhoeal,”” A ntifertility,“® Antifungal,"% A nti-inflammatory,!?> 2) 
Antineoplastic,'>29! A ntioxidant,'3*>2! A ntiplasmodial,'?39) A ntiviral,2*3! 
Diuretics,'*°! H epatoprotective,'***3! H ypoglycaemic,"23°) Inhibition of gas- 
tric lesion, '?2! A ntimutagenic,'2”**! I nsecticidal'*! and R adioprotective.'*”! 


Dosage: A decoction may be prepared with 10 plants in 1 L of water.) 
Adverse Reactions: N o known side effects with therapeutic dosages.!22! 


Toxicity: Non-toxic to mice at a dose of 100 mg/kg body weight"® but at 
doses of 400 mg/kg, 800 mg/kg and 1000 mg/kg body weight in rats. '"®! 


Contraindications: No information as yet. 


Drug-Herb Interactions: An alcoholic extract of P. amarus was found to 
inhibit cytochrome P450 enzymes both in vivo as well as in vitro,!*! 
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band and using advanced system technology to 
achieve high quality and signal multiplexing. The 
antenna requirements for these system properties are: 

¢ High-gain and high-efficiency technology 

¢ Multi-antenna technology 

Increases in the gain and efficiency of an antenna 
are offset by higher propagation loss at high frequen- 
cies, so the received signal level needs to be higher. 
High gain is an age-old problem in antenna research 
and development. Multi-antenna technology 
improves the receiving signal quality and provides 
multiplexed signal transmission by using an antenna 
system that includes RF circuits, BB units, and anten- 
na elements. 


2.1 High-gain and high-efficiency antenna 
Theoretical and experimental antenna gain and effi- 
ciency characteristics are shown in Fig. 3. The depen- 
dences of gain and beamwidth on horn dimension 
L(A) in a relatively large antenna are explained in Fig. 
3(a) [7]. When L is more than 0.5 times the wave- 
length, the antenna’s efficiency is about 100%; a larg- 
er antenna provides higher gain. However, the high- 
gain radiation pattern leads to a narrow beamwidth. 
Therefore, a mobile terminal needs to use beam-scan- 
ning or beam-tracking techniques to follow the trans- 
mitter while the terminal moves. On the other hand, 
the efficiency decreases if the antenna size is less than 
0.5 wavelengths. The bandwidth of a linear dipole 
antenna versus its efficiency for various antenna sizes 
(D: diameter) is shown in Fig. 3(b). This graph was 
estimated from theoretical limits [8] and many exper- 
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imental results. The antenna efficiency becomes 
approximately —5 dB when antenna bandwidth of 
10% is provided using a linear dipole antenna with a 
length of 0.3 wavelengths. This figure shows that the 
efficiency and bandwidth have a tradeoff relationship 
and that the efficiency drops greatly as the antenna 
size decreases. Therefore, some clever ideas for the 
antenna element structure are needed to overcome 
these weak points. 


2.2 Multi-antenna system 

A multi-antenna system has several antenna ele- 
ments, but it does not merely work as an ordinary 
array antenna. The performance requirements are sat- 
isfied because the antenna system includes RF cir- 
cuits, BB units, and antenna elements. The antenna 
element technologies and the multi-antenna system 
are shown in Fig. 4. In the antenna element, a high 
gain can be achieved by improvements to the antenna 
element structure, for example, by using a new mate- 
rial, adding a parasitic element, or integrating an RF 
circuit (Figs. 4(a)-(c)). The antenna shown in Fig. 
A(c) is called an integrated antenna. It can control the 
radiation pattern as well as provide high gain by elim- 
inating feeder loss. In a multi-antenna system (Fig. 
4(d)), the radiation pattern is controlled by baseband 
signal processing, so the pattern of each wireless 
channel can be controlled by each baseband channel. 
Furthermore, it is possible to get multiplexed signal 
transmission in the space domain by baseband signal 
processing. Multi-antenna systems are generally 
called smart antennas or active antennas [9]. 
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Fig. 3. Antenna gain and efficiency characteristics. 
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58. Piper nigrum L. (Piperaceae) 


Pepper, Lada 





Leaves and fruits of Piper nigrum Piper nigrum herbs 


Description: Piper nigrum L. is a perennial woody vine with aerial roots at 
the stem nodes. L eaves are shiny, broad, alternate and heart-shaped. Flowers 
are small and white. The fruits are globular berries, about 5 mm in diameter, 
green when unripe but turn bright red upon maturity and each bears a single 
seed, !2] 


Origin: Native to Southeast A sia.! 


Phytoconstituents: Piperine, sabinene, nigramides A-S, pipertipine, piper- 
citine; pellitorine, guineensine, piperettine, pipericine, dipiperamides A-C, 
pipnoohine, pipyahyine and others.!?2”! 


Traditional M edicinal Uses: The plant is used in many Asian countries as a 
stimulant, for the treatment of colic, rheumatism, headache, diarrhoea, dys- 
entery, cholera, menstrual pains, removing excessive gas and increasing the 
flow of urine.” It is also used in folk medicine for stomach disorders and 
digestive problems, neuralgia and scabies. In Ayurveda, itis used for arthritis, 
asthma, fever, cough, catarrh, dysentery, dyspepsia, flatulence, haemorrhoids, 
urethral discharge and skin damage. In Chinese medicine, it is used for 
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vomiting, diarrhoea and gastric symptoms. Homeopathically, it is used for 
irritation of mucous membrane and galactorrhoea.'?! A heavy dose of pepper 
with wild bamboo shoots is said to cause abortion." In Assam, a method of 
birth control include Cissampelos pareira in combination with Piper nigrum, 
root of Mimosa pudica and Hibiscus rosa-sinensis.'”! The fruits are used to 
remove excessive gas in system, increase flow of urine, treat colic, rheuma- 
tism, headache, diarrhoea, dysentery, cholera, and menstrual pains."! White 
pepper is used for cholera, malaria, stomachache while black pepper is used 
for abdominal fullness, adenitis, cancer, cholera, cold, colic, diarrhoea, dys- 
entery, dysmenorrhoea, dysuria, furuncles, headache, gravel, nausea, 
poisoning due to fish, mushrooms or shellfish.""! 


Pharmacological Activities: Antibacterial,'*1" Antidiabetic,“” Anti- 
fungal,"®! Anti-inflammatory,"%) Antineoplastic,'° A ntioxidant,'?-6 
Gastroprotective,'”! Hepatoprotective,'8?9! = Hypolipidaemic, 272) 
Antimutagenic,'?2!A ntithyroidal'??! and Insecticidal. 38! 


Dosage: A single dose ranges from 300-600 mg of the berries is taken inter- 
nally for stomach disorder.'?! Homeopathic recommendations for irritation of 
mucous membranes and galactorrhoea are 5-10 drops, 1 tablet or 5-10 glob- 
ules 1-3 times daily.©! For the treatment of haemorrhoids, 5-15 whole 
peppercorns are recommended to be taken.'?*! For congestion, cold, head 
cold, chicken soup with black pepper can be taken."*"! The average daily dose 
of the berries is stated to be 1 to 3 g as a decoction, powder or pills, for the 
treatment of dyspepsia, vomiting, diarrhoea and colic resulting from cold.!! 


Adverse Reactions: No known side effects with appropriate therapeutic dos- 
ages." Hypersensitivity may occur in certain people. The fruit can be safely 
consumed with proper usage."47) However, when taken in large amounts in 
children, apnoea can occur.'42! 


Toxicity: P. nigrum did not cause any adverse effects when tested with rats at 
doses 5 to 20 times normal human intake.'*! 


Contraindications: Not to be taken during pregnancy and lactation or by 
children and people who are allergic to it.!*?) 


Drug-Herb Interactions: P. nigrum extracts inhibits the activity of cyto- 
chrome P450 enzymes.!®45-*9! Piperine enhanced the bioavailability of beta 
lactam antibiotics, amoxycillin trihydrate and cefotaxime sodium signifi- 
cantly in rats.°°! Piperine potentiated pentobarbitone sleeping time in a dose 
dependant manner, with peak effect at 30 min."°! Piperine enhanced the 
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bioavailability of phenytoin significantly, possibly by increasing the absorp- 
tion.) Piperine from black peppers increased the AUC of phenytoin, 
propranolol and theophylline in healthy volunteers and plasma concentra- 
tions of rifampicin in patients with pulmonary tuberculosis.!”! Avoid 
concurrent use with drugs metabolised by cytochrome P450 enzymes.!*”! 
Avoid concurrent use with anticoagulant agents as well,!2! 
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59. Piper sarmentosum Roxb. (Piperaceae) 
Wild Pepper, K adok, Sirih Tanah 





Close up of Piper sarmentosum flowers and fruits 
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59. Piper sarmentosum Roxb. 123 


Description: Piper sarmentosum Roxb. is a climbing herb that can grow up 
to 10 m long with long runners that can develop into plantlets. Leaves are 
alternate, simple, 7-14 cm by 6-13 cm, heart-shaped and young leaves have 
a waxy surface. Flowers are bisexual or unisexual, in terminal or leaf opposite 
spikes. Fruit is small, dry, with several rounded bulges. Plant has a character- 
istic pungent odour.!!>! 


Origin: Native to Cambodia, India, Indonesia, Laos, Malaysia, Philippines 
and Vietnam."! 


Phytoconstituents: Sarmentosine, sarmentine, (+)-sesamin, horsfieldin, 
brachystamide B, sarmentamide A, B, and C, (+)-asarinin, methyl piperate 
and others.'© 12) 


Traditional Medicinal Uses: The whole plant can be used to treat fever 
and aids digestion."! The fruit is used as an expectorant!® while the roots are 
used to treat toothache, fungal dermatitis on the feet, coughing, asthma and 
pleurisy."622) 


Pharmacological Activities: A ntibacterial,'°°1*! Antineoplastic," A nti- 
protozoal,!°*5! Antipsychotic," Hypoglycaemic,"” Antifungal,” 
Insecticidal,'®1°! A ntituberculosis,""2! Antimalarial! and A ntioxidant.!2! 


Dosage: No information as yet. 

Adverse Reactions: No information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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60. Plantago major L. (Plantaginaceae) 


Common Plantain, W hiteman’s Foot, Daun Sejumbok 





Plantago major herbs 


Description: Plantago major L. is a small perennial herb. L eaves are nearly 
all basal, exstipulate, lanceolate to ovate, 5-20 cm long and rosette. Flowers 
are small, white, in dense spike-like inflorescence. Sepals are broadly elliptic, 
oblong to rounded obtuse or subacute and corolla are greenish or yellowish, 
with four lobed and imbricate. Seeds are dull black and endospermous.!2! 


Origin: It is found in Europe, Northern and Central Asia, and introduced all 
over the world.”! 


Phytoconstituents: Aucubin, catalpol, scutellarein, nepetin, chlorogenic 
acid, neochlorogenic acid, hispidulin, homoplantaginin, nepitrin, ursolic acid 
and others,2:4) 
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Traditional Medicinal Uses: The Greeks and Romans used it as an 
astringent, to heal wounds, asthma, fever and eye disorders." In Brazil, 
it has been used to treat skin ulceration (cutaneous leishmaniasis) caused 
by Leishmania braziliensis.'© P. major has been used in Turkey in the 
treatment of ulcers by taking the powdered dried leaves together with 
honey daily before breakfast.'”) Infusion of the leaf has been taken for 
diarrhoea, ulcers, bloody urine, digestive disorders, and excess mucous 
discharge. The American Indian groups make use of a poultice of the 
leaves for pain, swelling, cuts, wounds, sores, infections, blisters, insect 
bites, snakebites and haemorrhoids."! Its seeds are used to induce sweating, 
increase flow of urine, treat diarrhoea, dysentery, rheumatism, malaria, 
asthma, kidney problems, bladder diseases, gonorrhoea and piles."?! Its 
roots are used to treat fever, respiratory infections and constipation.!The 
Commision E approved the internal use of plantain for catarrhs of the 
respiratory tract and inflammatory alterations of the oral and pharyngeal 
mucosa while its external application is approved for inflammatory reac- 
tions of the skin.'® 


Pharmacological Activities: Analgesic,') Antibacterial,“°." Anti- 
diarrhoeal,"2! A nti-inflammatory,'*7*45! A nticancer,!°7*28) A ntioxidant,”*! 
Antiprotozoal,!°?4 Antiviral,'"7) Immunomodulatory,'?374) |mmuno- 
stimulatory,'?°?9) Proliferative,“ A ntiulcerogenic,'® Antimutagenic, 2778! 
Uterotonic!”*! and Wound healing.°°! 


Dosage: A daily dose of 8 to 16 g of the whole plant or seeds in the form 
of a decoction or extract is used to treat oedema, dysuria, haematuria, 
persistent cough, bronchitis and ophthalmia.°" A pproximately 2 to 4 ml 
of the fluid extract taken orally three times daily serves for general well 
being.) As a rinse or gargle, 1.4 g of cut herb is immersed in 150 ml of 
cold water for 1 to 2 hours.'®! For internal use, 1.4 g of herb is immersed 
in 150 ml of boiled water for 10-15 min, drunk as infusion, for 3 to 4 
times daily.!%! 


Adverse Reactions: N ausea, vomiting, diarrhoea, anorexia, bloating, hyper- 
sensitivity and dermatitis may arise. Life threatening anaphylaxis may occur 
in more serious cases. !?! 


Toxicity: The 70% ethanol extract was found to be toxic to shrimps!) 
but P. major possesses a low toxicity in rats after oral and intraperitoneal 
administration!) 
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Contraindications: Should not be used during pregnancy and lactation. 
Should not be used in persons with intestinal obstruction or those who devel- 
oped hypersensitivity to plantain.'2! 


Drug-Herb Interactions: Decreases the effects of carbamazepine and 
enhances the effects of cardiac glycosides, B-blockers and calcium channel 
blockers, '°2! 
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61. Punica granatum L. (Punicaceae) 


Pomegranate, Delima 





Punica granatum fruit Punica granatum tree 


Description: Punica granatum L. is a small woody shrub that can grow up 
to 3- 4.5 m tall. Leaves are opposite, oblong-lanceolate, 3-8 cm and branches 
are spiny. Flowers are large, trumpet-shaped, and bright orange-red in colour. 
Fruit is globose, with waxy surface, tough leathery skin, turns deep pink or 
red upon maturity, and contains numerous seeds with fleshy covering.!! 


Origin: N ative to temperate and tropical A sia.!! 


Phytoconstituents: Punicafolin, punicalagin, friedelin, betulic acids, estrone, 
estradiol, piperidine, pomegranatate, pseudopelletierine and others.!*7! 


Traditional Medicinal Uses: The plant is used in folk medicine to expel 
worms, for diarrhoea, dysentery, as an abortifacient, astringent, for haemor- 
rhoids (when used externally) and as a gargle for sore throat. In Ayurveda it 
is used for diarrhoea, dysentery, vomiting, and eye pain. Used in Chinese 
medicine for chronic diarrhoea and dysentery, it is also used to treat blood in 
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stools, worm infestation, and anal prolapse. Homeopathically, it is used for 
gastrointestinal disturbances.'>! The leaves are used to relieve itch. The peri- 
carp is used to treat diarrhoea, rectocele and to expel pinworms.!®! The dried 
pericarp is decocted with other herbs for colic, colitis, diarrhoea, dysentery, 
leucorrhoea, menorrhagia, oxyuriasis, paralysis and rectocele,'?! to treat piles, 
yellowish discharge from the vagina, sore throat, bad breath and nose 
bleed.'*! The stem bark is used as an emmenagogue and for dysentery.) 


Pharmacological Activities: A nthelmintic,2°A ntibacterial,"*27A nticancer/ 
Antineoplastic,'2?36 A ntidiabetic/H ypoglycaemic,?’"") Antidiarrhoeal,'*2! 
Antifertility,"“?) Antifungal,!*45) Anti-inflammatory,!“64”) Antimalarial, '*®! 
Antioxidant,'°*4*-! A ntiviral,'*°! G astroprotective,'©*°”! H epatoprotective,'*! 
Hypolipidaemic,'?°*! Immunomodulatory,'’”*’!) Neuroprotective,!”2"-7>! 
Antiatherogenic,!”© 7°! Wound healing,'”?®! L arvicidal'®! and M olluscicidal.!°2*9! 


Dosage: Daily dose for the treatment of tapeworm is one part pericarp, root, or 
stem bark boiled with 5 parts of water. Bark juice extract is recommended for 
tapeworm at a single dose of 20 g. Otherwise, 250 parts powdered bark are 
boiled in 1500 parts water for 30 minutes."! Doses of 4-5 g of powdered dried 
flower are used in haematuria, haemorrhoids, dysentery, chronic diarrhoea, and 
bronchitis. Either 1.5-3 g of root and bark powder, 100-200 ml of bark decoc- 
tion (for children, 28-56 ml) is used for anthelmintic purposes.'®! 7 g flower in 
300 ml water is prescribed for inflamed mouth and throat; 5-12 g root or stem 
bark boiled in 240 cm? water until 1/3 has evaporated and taken on a 3 hourly 
basis on empty stomach 2 hours after taking 40 ml castor oil.!! A daily dose 
of 20 to 50 g of dried root bark or stem bark as a decoction is used in the treat- 
ment of taeniasis (tapeworm infection). Daily dose of 15 to 20 g fruit rind in 
the form of a decoction is taken to treat dysentery and diarrhoea.!® 


Adverse Reactions: No known side effects with appropriate therapeutic dos- 
ages. In some cases, gastrointestinal disturbances may occur due to high 
tannin content.') Pomegranate fruits have rarely been reported to cause 
immediate hypersensitivity.!°”! 


Toxicity: The bark'>*889! and peel!®°*! are toxic. 


Contraindications: Contraindicated in the elderly, children and pregnant 
women.!! Pericarp is contraindicated in diarrhoea. Should not be taken with fats 
or oils when it is used for killing parasites."°®! Should not be used by patients with 
hepatic diseases or asthma, and who are hypersensitive to pomegranate.!°! 


Drug-Herb Interactions: Inhibition of cytochrome P450 enzymes,!9%4) 
interaction with carbamazepine! and interaction with tolbutamide.'°° 
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\- 
High-gain and high-efficiency antenna 


An example of a mobile 
communication system 
using a smart antenna in 
the base station is shown in 
Fig. 5. Independent infor- 
mation can be sent to the 
terminals, which are spa- 
tially separated, using the 
same frequency at the same 
time because each beam is 
generated for a specific ter- 
minal by using the space 
division multiple access 
(SDMA) technique. Fur- 
thermore, N multiplexed 
transmissions can be sent 
to a terminal with N anten- 
nas by utilizing the slight 
difference in antenna loca- 


Fig. 4. Antenna elements and system. 





Fig. 5. Smart antenna system (land mobile telecommunication). 


tions in the terminal. MIMO is representative of this antenna systems can achieve very high performance 
kind of technology. The latest smart antenna systems with high-level functions corresponding to the wire- 
can increase the antenna gain even in a mobile system less system requirements. 

and expand the service area. The designed system 

capacity can be increased by using multiplexing tech- 2.3 Key antenna technologies 

niques based on baseband signal processing. Multi- The key technologies for achieving a high-gain, 
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62. Rhodomyrtus tomentosa (A it.) Hassk 
(M yrtaceae) 


Rose M yrtle 





at 


Rhodomyrtus tomentosa plants Flowers of Rhodomyrtus tomentosa 


Description: Rhodomyrtus tomentosa (Ait.) Hassk is a bushy shrub with 
woolly young parts. Leaves are simple, oblong, 4-10 cm, opposites with 
three main longitudinal veins. Flowers are large, showy and pink, 3-4 cm 
wide, solitary and auxillary. Berries are oblong, 1-1.25 cm long, dark purple, 
fleshy and aromatic.!*-3) 


Origin: Native to tropical and temperate A sia.!*! 


Phytoconstituents: Rhodomyrtone, casuariin, castalagin, friedelin and 
others, 


Traditional M edicinal Uses: The leaves are used by the Chinese as a pain- 
killer. They are also used in Indonesia to heal wounds."! In Malaysia, the 
plant, including the roots, are decocted to treat diarrhoea and heartburn.'?*! 
The buds and young leaves are used for treatment of colic, diarrhoea, dysen- 
tery, abscesses, furunculosis and haemorrhage. Concentrated decoction of 
leaves is used as a disinfectant for wounds, impetigo and abscesses."7! The 
seeds are used as a digestive tonic and to treat snake bites." 


Pharmacological Activities: A ntibacterial.'° 


129 


b716_Ch_61-70.indd 129 & 1/8/2009 11:42:35 AM 


FA & 


130 A Guide to M edicinal Plants 


Dosage: Daily dose of 10 to 30 g of fresh buds or young leaves in the form 
of an extracted juice or dried for use as a powder or in a decoction is used 
for the treatment of colic, diarrhoea, dysentery, abscesses, furunculosis and 
haemorrhage.) 


Adverse Reactions: No information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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63. Rhoeo spathacea (Sw.) Stearn (Commelinaceae) 


Purple-leaved Spider Wort, M oses-in-the-Cradle, Oyster Plant 





Rhoeo spathacea plants Flowers of Rhoeo spathacea 


Description: Rhoeo spathacea (Sw.) Stearn is a short-stemmed herb with 
underground rhizome that can grow up to 90 cm tall. L eaves pointed upwards, 
fleshy, hard, long, narrow, 15-25 cm by 3-5 cm, pointed, dark green on the 
adaxial surface and purple on abaxial surface. Flowers are small, white, and 
concealed within a boat-shaped envelope of two bracts."*2! 


Origin: Native to Central America and West Indies, widely cultivated as 
ornamental plants in most tropical countries.'2! 


Phytoconstituents: No information as yet. 


Traditional Medicinal Uses: They are used to treat intestinal bleeding, 
blood in the sputum and dysentery.!?! 


Pharmacological Activities: Anti-inflammatory,'*! Antiadrenergic®! and 
Uterostimulatory.!® 


Dosage: No information as yet. 

Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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64. Ricinus communis L. (Euphorbiaceae) 


Castor Oil Plant, Castor Bean 





Fruits of Ricinus communis Ricinus communis plant 


Description: Ricinus communis L. is an erect herb, growing up to 3.6 m high, 
having pinkish succulent stem and large alternate palmate leaves that are 
green or reddish brown. Leaves are lobed, consisting of 6-8 radiating leaflets 
with serrated edges and prominent central veins. Flowers are green, pink or 
red and inconspicuous, with no petals. The fruits are capsular, with three 
lobes, prickly and green, containing three seeds.!! 


Origin: Native to Africa, naturalised throughout tropics and subtropics.”! 
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Phytoconstituents: Ricin, ricinoleic acid, ricinine, p-coumaric acid, ferulic 
acid, 0-coumaric acids, syringic acid, cinnamic acids, stigmasterol, fucosterol 
and others.'?"8) 


Traditional M edicinal Uses: | ts leaf poultice is applied to boils and sores in 
India; to treat headaches and fever in Hawaii.'®! The leaves and roots are used 
in a decoction for anal prolapse, arthritis, constipation, facial palsy, lymph- 
adenopathy, strabismus, uteral prolapse, cough, and also as a discutient and 
expectorant. The heated leaves are applied to gout and swellings as well.!! 
The leaves and oil are used for dermatological purposes in Nigeria."° Its 
seeds are used to treat abscesses and skin eruptions, deafness, headache, skin 
problems, bleeding, constipation, boils, piles and to promote labour.) T hey 
are rubbed on the temple for headache, powdered for abscesses, boils, and 
carbuncles. The plant is also used for dogbite, scrofula and several skin infec- 
tions. The Chinese rub the oil on the body for skin ailments. The seeds are 
crushed and made into a pulp and rubbed into the palms for palsy, introduced 
into the urethra in stricture and rubbed on the soles of feet of parturient 
woman to hasten birth or expulsion of the placenta. The seeds are also used 
to treat colic, diarrhoea, dysentery, enteritis, acute constipation, for itching, 
ringworms, warts, dandruff, hair loss and haemorrhoids. It is also used as a 
laxative before X-ray examination of bowels.%°! Midwives sometimes use 
castor oil to induce labour.!72! 


Pharmacological Activities: A ntifertility,'2228! A ntioxidant,"! A ntipsychotic, 
Antiviral,“ Anti-inflammatory,"%! Convulsant,’° Hepatoprotective,!22! 
F ilaricidal,'?2! H aemaglutination!® and Insecticidal.!4! 


Dosage: For internal use in the treatment of constipation or to expel 
worms, at least five 2 g capsules or ten 1 g capsules are recommended.!?! 
Externally, a paste made of ground seeds may be applied to affected skin 
areas 2 times daily, up to 15 days.°! Homeopathically, 5 drops, 1 tablet or 
10 globules are recommended every 30-60 min for acute treatment or 1-3 
times daily for chronic cases."! Standard adult dose is reported to be 5.0- 
20.0 ml/dose, not exceeding 60.0 ml per day. Standard child dose is 
reported to be 4.0-12.0 ml/dose.""! The seed oil is recommended for use 
as a laxative in a dose of 2 to 5 ml and as a purgative in a dose of 20 to 30 ml. 
15 seeds may be crushed and applied to the plantar surface of the feet for 
the induction of labour at term and placenta delivery in cases of placenta 
retention.!?>! The woman’s feet are advised to be thoroughly washed after 


b716_Ch_61-70.indd 133 ic 1/8/2009 11:42:44 AM 


FA & 


134 A Guide to M edicinal Plants 


delivery of foetus and placenta.'?>! For constipation, it is reported that 15 to 
60 ml of castor oil may be taken orally a day.!7¢! 


Adverse Reactions: Gastric irritation, nausea, vomiting, colic, and severe 
diarrhoea may occur. Long term use may result in loss of electrolytes, espe- 
cially potassium, and causes intestinal motility inhibition.” 


Toxicity: Seeds are highly poisonous due to the toxic lectins, principally the 
albumin and ricin.'27! The seeds are toxic to both animals and humans.!2:12:6-35] 


Contraindications: Not to be taken by children under 12 years of age, 
patients with acute inflammatory intestinal diseases, inflammatory bowel 
disease and appendicitis.'?! contraindicated in pregnancy, intestinal obstruc- 
tion and abdominal pain.'?2! N ot to be given with potentially toxic oil-soluble 
anthelmintics." 


Drug-Herb Interactions: Effect of cardioactive steroids may be increased."! 
To prevent decreased absorption of castor, it is advised not to take within one 
hour of antacids, other drugs and milk.!3”! 
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65. Ruta graveolens L. (Rutaceae) 


Herb of Grace, Common Rue 





Ruta graveolens herb Ruta graveolens leaves 


Description: Ruta graveolens L. is a glabrous herb with stem that can grow 
up to 14-45 cm. Lower leaves are more or less long-petiolate with ultimate 
segments 2-9 mm wide, lanceolate to narrowly oblong. Inflorescence is 
rather lax; pedicels are as long as or longer than the capsule; bracts are lan- 
ceolate, leaf-like. Sepals are lanceolate and acute. Petals are oblong-ovate, 
denticulate and undulate. Capsule is glabrous; segments somewhat narrowed 
above to an obtuse apex." 


Origin: Native to Europe.”! 


Phytoconstituents: Rutoside, rutaverine, arborinine, rutin, elemol, pregei- 
jerene, geijerene, furocoumarins, bergapten, xanthotoxin, fagarine, 
graveolinine and others.!?*! 


Traditional M edicinal Uses: |t is frequently used to treat worm and parasitic 
infection.'® It has been commonly used for the treatment of psoriasis and 
vitiligo due to the psoralens and methoxypsoralens present.!”! It is also used 
to relieve muscle spasms, as carminative, emmenagogue, haemostat, uter- 
onic, vermifuge, to treat hepatitis, dyspepsia, diarrhoea, bug bite, cancer, 
cold, fever, snakebite, earache, toothache and as an antidote especially in 
malarial poisoning.’**! It is also used as an abortifacient to terminate preg- 
nancy.'*! The plant has been used for pain relief in M exico.!0! 
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Pharmacological Activities: A nalgesic,'!!! A ntibacterial,!??! A nticancer,!!31”! 
Antifertility,®° A nti-inflammatory,'>?4 A ntimicrobial,'?*-4! A ntiprotozoal!?>! 
and Cytotoxic. !4! 


Dosage: F or the treatment of earache, the oil is poured on cotton and inserted 
into the affected ear. For oral administration, 1 capsule or 0.5 to 1 teaspoon 
of extract is taken three times daily with meals. The topical cream may be 
applied to the affected area when necessary.'°! For delayed menstruation, 
2 cups of infusion per day is used.'®! 


Adverse Reactions: Hypotension, hypersensitivity, rash, erythema and blis- 
ters may occur when applied topically.'7°! Therapeutic dosages could bring 
about melancholic moods, sleep disorders, tiredness, dizziness and spasms. 7”! 
M isuse as an abortive during pregnancy can lead to vomiting, epigastric pain, 
kidney damage, depression, sleep disorders, feelings of vertigo, delirium, 
fainting, tremor, spasm and sometimes may end up with fatal outcome.'®! 


Toxicity: Toxic to humans’?”"33! and animals.) 


Contraindications: Should not be used during pregnancy.'®! Should not be 
used during lactation, in children and in person with hypersensitivity to rue. 
Patients with heart diseases should use it with caution.!?* C ontraindicated in 
patients with poor renal function."! 


Drug-Herb Interactions: Concurrent use of cardiac glycosides (e.g. digoxin, 
digitoxin) with rue may cause increased inotropic effects. Concurrent use of 
antihypertensives with rue may cause increased vasodilation.,!2° 
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66. Saccharum officinarum L. (Gramineae) 


Sugarcane, Tebu 





Saccharum officinarum plants Saccharum officinarum stems 


Description: Saccharum officinarum L. is a perennial plant that forms tall 
clumps that can grow up to 6 m tall. Stems are greenish, yellowish or dark 
purplish and juicy. Leaf blades are broadly linear, glabrous and 80-150 cm 
by 4-6 cm. Inflorescence is a large silky panicle.!2! 


Origin: Native to Southeast Asia and Pacific Islands, widely cultivated 
elsewhere.!”! 


Phytoconstituents: O ctacosanol, policosanol, orientin, tricin-7-0-glycoside, 
palmitic acid, oleic acid and linolenic acid and others.!?-°! 


Traditional Medicinal Uses: Consumption of beets (Beta vulgaris) com- 
bined with molasses from S. officinarum, is used by Dominican healers to 
shrink fibroids or to “strengthen and fortify the uterus after the fibroid had 
been drained from the body”."° T he cane juice promotes expulsion of phlegm 
from the respiratory passages, stimulates gastric activities, treats wounds, 
ulcers and boils.!2! 
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Pharmacological Activities: A nalgesic,'*! A nticancer,® A nti-inflammatory,2° 2! 
Antiosteoporotic,! Antioxidant,®13) A ntiplatelet,!>1”) Antithrombotic, 2% 
Hypocholesterolaemic,"*4! | mmunomodulatory,'7>7© I mmunostimulatory,'2”! 
Antiatherogenic'?®! and M yocardial protective.'*77! 


Dosage: Short-term studies have shown the efficacy and tolerability of poli- 
cosanol at 10 mg/day on hypercholesterolaemia in obese patients with Type 
2 diabetes, 290) 


Adverse Reactions: Pollen extract of S. officinarum showed strong sensitis- 
ing potential which induces allergy.'2% 


Toxicity: Studies on the toxicity of higher aliphatic primary acids (D003) and 
higher aliphatic primary alcohols (policosanol) isolated from S. officinarum 
did not show any toxic effects, 33) 


Contraindications: No information as yet. 


Drug-Herb Interactions: Pretreatment with high doses of policosanol sig- 
nificantly increased propranolol-induced hypotensive effects, while the 
effects of nifedipine remained unchanged. Policosanol does not antagonise 
the hypotensive effect of 6-blockers but it can increase the hypotensive effect 
of beta-blockers without modifying cardiac frequency.'**! Pretreatment with 
single doses of policosanol significantly increased the nitroprusside-induced 
hypotensive effect.'35! Warfarin alone and the combination of policosanol and 
warfarin induced a moderate, but significant prolongation of the bleeding 
time, 


[Authors’ Note: Freshly squeezed sugarcane juice is commonly consumed 
and sugar is commercially obtained from sugarcane. ] 
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high-efficiency, multi-antenna system are shown in 
Table 1. Antennas for the latest wireless communica- 
tion systems are required to achieve high gain and 
high efficiency. The multi-antenna systems are 
designed to make maximum use of system resources, 
especially space. 


3. Wireless systems and suitable antenna 
systems 





The kinds of wireless systems that we can expect to 


Table 1. 


find around us in the near future are illustrated in Fig. 
6. RF-ID (radio-frequency identification) tags will be 
attached to various kinds of objects in a ubiquitous 
network and a large quantity of information will be 
gathered to provide useful knowledge to each person. 
High-speed data transmission ranging from a few 
megabits per second to 1 Gbit/s will be possible in 
mobile satellite systems, land mobile systems, and 
wireless local area network (WLAN) systems. In 
home networks, individual items of electronic equip- 
ment will be connected to each other at very high 


Key technologies to meet antenna requirements. 





Requirements 


Key technologies 





1) High gain and 
high efficiency 


. Innovative materials (meta-material, high magnetic material, ...) 
. Element design (parasitic element, fractal element, ...) 

. Integrated antenna (antenna with RF circuit or RF device, ...) 

. Active antenna (antenna within variable reactance or switch, ....) 





techniques 
. Diversity antenna 
. SDMA antenna 
. MIMO antenna 








a 
b 
c 
d 

2) Multi-antenna a. Beam scanning antenna 
b. Sector antenna (fixed narrow multi-beam system) 
c 
d 
e 













Public land mobile 
communications 
networks 













Public broadband 
IP networks 
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Fig. 6. Wireless communication systems. 
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67. Sauropus androgynus (L.) M err. 
(Euphorbiaceae) 


Sweet Leaf Bush, Cekup Manis, Daun K atuk 





Leaves of Sauropus androgynus Sauropus androgynus plant 


Description: Sauropus androgynus (L.) M err. is a small shrub that can grow 
up to 3 m tall. Leaf blade is ovate-lanceolate, oblong-lanceolate, or lanceo- 
late, 3-10 cm by 1.5-3.5 cm and thinly papery. Flowers are small and borne 
in axillary clusters. M ature fruit is about 5 cm wide. Young branches and 
leaves are used as vegetable." 


Origin: Native to China and tropical Asia.!?! 


Phytoconstituents: Sauroposide, (—)-isolariciresinol, corchoionoside C and 
others, 41° 


Traditional Medicinal Uses: The fresh leaves or roots possess uterotonic 
activity and are used for the treatment of retained placenta. A mouth wash 
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made from the juice of the fresh leaves and honey, and applied to the tongue 
and gums cures thrush of the tongue in infants. The leaves are used for erythema, 
measles and dysuria. Its roots serve as a diuretic and relieve congestion."! 
The root decoction is used for fever and urinary bladder complaints.!?! 


Pharmacological Activities: A nthel mintic.7! 


Dosage: F or the treatment of retained placenta, a dose of 40 g, in the form of 
an extracted juice is administered in 2 subdoses at 10 minutes interval .!*! 


Adverse Reactions: Excessive consumption of the leaf reportedly caused 
dizziness, drowsiness and constipation.) 


Toxicity: Reported to cause bronchiolitis obliterans,“*2® ischaemic bronchi 
necrosis,” irreversible obstructive ventilatory defect,'!*?! breathing difficul- 
ties'2°4] and is cytotoxic, 2! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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68. Sesbania grandiflora Pers. (Leguminosae) 


Scarlet Wisteria Tree, Red Wisteria, Daun Turi 





Sesbania grandiflora leaves 





ON 
Fruit of Sesbania grandiflora Sesbania grandiflora tree 


Description: Sesbania grandiflora Pers. is a tree that can grow to 8-10 min 
height. The compound leaves are about 30 cm long with 12 to 20 pairs of 
rounded, narrow, oblong leaflets, 3-4 cm by 1 cm. Flowers are 5-10 cm by 
3 cm, in pale pink, red, purple or white. The pods are 25-50 cm, slender, and 
cylindrical with many light brown to red brown seeds.!?! 


Origin: Native to M alesia and cultivated in the tropics.'7! 


Phytoconstituents: Grandiflorol, (+)-leucocyanidin, oleanolic acid, lutein, 
beta-carotene, violaxanthin, neoxanthin, zeaxanthin and others.'?-9! 
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Traditional Medicinal Uses: In the Philippines, the plant is used for its 
hypotensive properties."2” It is used in Indian folk medicine for the treatment 
of liver disorders." The juice of the leaves and flowers are popularly used 
for nasal catarrh and headache when taken as snuff. Various leaf preparations 
are used to treat epileptic fits. Applied externally for treatment of leprous 
eruptions. A poultice of the leaves is used for bruises. The leaf juice is mixed 
with honey for congenital bronchitis or cold in babies."”! 


Pharmacological Activities: Antibacterial,'*?) Anticonvulsant,‘ A nti- 
inflammatory," A nxiolytic,"“! D epressant,"*! Diuretic,'2>! H epatoprotective,"4 
Hypoglycaemic,'*® H ypotensive!!>! and Haemolytic.!”8! 


Dosage: No information as yet. 

Adverse Reactions: N o information as yet. 
Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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69. Solanum nigrum L. (Solanaceae) 


Black Nightshade, Terong M eranti, Poison Berry 





Solanum nigrum flower Solanum nigrum shrub 


Description: Solanum nigrum L. is a small herb, up to 1.5 m tall. Leaves are 
ovate, ovate-oblong, glabrous, hairy, 1-16 cm by 0.25-12 cm. Inflorescence 
of 2-10 in an extra-axillary cluster, with white or purple corolla and yellow 
central protrusion. Fruit is globose, black in colour but is green when imma- 
ture, 0.5 cm in diameter, with many seeds," 


Origin: Native to Southwest Asia, Europe, India and J apan.”! 


Phytoconstituents: Solanidine, a-,B-,y-chaconine, desgalactotigonin, 
a-,B-solamargine, diosgenin, solanadiol, a-,B-,7-solanines, soladulcidine, 
solanocapsine, a-,B-solansodamine, solasodine, a-solasonine, tigogenin, 
tomatidenol, uttronins A and B, uttrosides A and B, solanigroside A-H and 
others, 9! 


143 


b716_Ch_61-70.indd 143 & 1/8/2009 11:43:04 AM 


FA & 


144 A Guide to M edicinal Plants 


Traditional M edicinal Uses: The stem, leaves and roots are used as a decoc- 
tion for wounds, tumours and cancerous growths, sores and as an astringent.!?>) 
They are also used as a condiment, stimulant, tonic, for treatment of piles, 
dysentery, abdominal pain, inflammation of bladder, relief of asthma, bronchi- 
tis, coughs, eye ailments, itch, psoriasis, skin diseases, eczema, ulcer, relief of 
cramps, rheumatism, neuralgia and expulsion of excess fluids. The roots are 
used as an expectorant.! The plant has yielded medicines for sore throats, 
coughs and digestive problems. It has also been used as an agricultural insecti- 
cide."2°! Europeans inA frica used the plant to treat convulsions. It is used by the 
Africans for treating headache, ulcers and as a sedative. The whole plantis used 
for the treatment of dermatitis, inflammation, heavy female discharge, diar- 
rhoea and dysentery.'!"! It is also used as a diuretic and febrifuge. W hole plant 
is decocted for abscesses, cancer of the cervix, inflammation, leucorrhoea and 
open sores. Young shoots are consumed as virility tonic for men and to treat 
dysmenorrhoea in females."! In Indochina, the leaves are used as purgative and 
high blood pressure lowering agents while the fruits are used as laxatives,!2! 


Pharmacological Activities: A ntibacterial,"°! A nticancer/antineoplastic,'®1* 3! 
Antiulcerogenic,'°3”! Antinociceptive,“*! Anti-inflammatory,*! Anti- 
oxidant, 43>! A ntiviral,'®! D epressant,?*! H epatoprotective,"°*! H ypolipidaemic,'*! 
Antimutagenic,"*! Enzyme modulation,"® Larvicidal,'*” M olluscicidal'4”*! 
and Parasiticidal.! 


Dosage: 10 drops of extract is taken internally 2 to 3 times a day or 5 to 10 g of 
tincture may be taken daily for gastric irritation, cramps and whooping cough. For 
external use as a rinse of moist compress, itis boiled in 1 L water for 10 minutes 
before usage for psoriasis, haemorrhoids, abscesses, eczema and bruising.) 


Adverse Reactions: No known side effects with appropriate therapeutic dosage."”! 


Toxicity: Harmful to rats. It is toxic to cattle as it can cause acute nitrate 
toxicity which leads to death in cattle. In chronic cases, decreased milk yield, 
abortion, impaired vitamin A and iodine nutrition can occur. The proposed 
LDs» for nitrate toxicity is 160-224 mg/NO,/kg for cattle.2! Overdoses can 
lead to headache, queasiness and vomiting, due to high alkaloid content. 
M ydriasis may also occur, although rare.'*>?! Solanine, in doses of 200-400 
mg, may cause gastroenterosis, tachycardia, dyspnea, vertigo, sleepiness, 
lethargy, twitching of the extremities and cramps. It is also teratogenic. >”! 


Contraindications: No information as yet. 
Drug-herb Interactions: No information as yet. 
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70. Swietenia macrophylla K ing (M eliaceae) 


Honduras M ahogany, Broad-leaved M ahogany 





A fruiting Swietenia macrophylla tree Seeds and fruits of Swietenia macrophylla 


Description: Swietenia macrophylla King is an evergreen tree, up to 30- 
35 m tall. Bark is grey and smooth when young, turning dark brown, ridged and 
flaky when old. L eaves are up to 35-50 cm long, alternate, glabrous with 4-6 
pairs of leaflets. Each leaflet is 9-18 cm long. Flowers are small and white; 
and the fruit is dehiscent, usually 5-lobed capsule, erect, 12-15 cm long, 
grayish brown, smooth or minutely verrucose. The seed is woody, glossy and 
possesses wing-like structure at the base that aids its dispersion by wind.” 


Origin: Native to South America, cultivated in the Asia-Pacific and the 
Pacific for its quality wood.” 


Phytoconstituents: Swietenine, swietenolide, andirobin, khayasin T, swie- 
temahonins E-G, swietenine acetate, swietenolide tiglate and others.'2-7! 


Traditional M edicinal Uses: The seeds of Swietenia macrophylla are tradi- 
tionally used in several indigenous systems of medicine for the treatment of 
various ailments such as hypertension, diabetes and malaria." The local folks 
of M alaysia believe that the seeds are capable of “curing” hypertension and 
diabetes. The seeds are usually consumed raw by chewing." A decoction of 
seeds of Swietenia macrophylla is reported to treat malaria in Indonesia.!! 
Among the Amazonian Bolivian ethnic groups, the seeds are traditionally 
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used to induce abortion by drinking a decoction of the seeds and to heal 
wounds and various ailments of the skin via external application of the 
mashed seeds, !20) 


Pharmacological Activities: Antimalarial,’ Antihypertensive®! and 
Antidiarrhoeal."2! 


Dosage: No information as yet. 

Adverse Reactions: No information as yet. 
Toxicity: U terine haemorrhage.'??! 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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71. Terminalia catappa L. (Combretaceae) 


Indian Almond, K atapang 





Fruits of Terminalia catappa 


Description: Terminalia catappa L. is a tall tree, up to 25 m tall. Branches 
are horizontally whorled, giving it a pagoda shape. L eaves are shiny, obovate, 
10-25 cm long, tapering to a short thick petiole. Leaves are yellow that turn 
red before shedding. Flowers are small and white. Fruits have smooth outer 
coat, 3-6 cm long, flattened edges, with a pointed end. Pericarp is fibrous and 
fleshy.!*-3) 


Origin: Native to tropical and temperate Asia, Australasia, the Pacific and 
M adagascar."! 


Phytoconstituents: Catappanin A, chebulagic acid, 1-desgalloylleugeniin, 
geraniin, granatin B, punicalagin, punicalin, tercatain, terflavins A & B, 
tergallagin, euginic acid and others,!2>-13) 


Traditional Medicinal Uses: Terminalia catappa has been used to treat 
dysentery in a number of Southeast A sian countries. In Indonesia, the leaves 
are used as a dressing for swollen rheumatic joints while in the Philippines, 
they are used to expel worms.) In K arkar Island, New Guinea, juice from 
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the squeezed leaves is applied to sores and the sap from the white stem pith 
is squeezed and drunk to relieve cough. In Nasingalatu, Papua N ew Guinea, 
the flower is crushed, mixed with water and drunk to induce sterility. In New 
Britain, the old yellow leaves are crushed in water and drunk to sooth sore 
throat. In Bougainville, the leaves are heated and placed on pimples and the 
bark is applied to sores. In Tonga, the juice from pounded leaves and bark is 
applied to mouth sore. In Irian Jaya, the leaves are applied to wounds and 
burns while in Somoa, it is used to cure cough and sore throat." The fruits 
are used after childbirth to strengthen the back. An enema made from the 
crushed fruit mixed with Trigonella foenum-graecum, animal fat and warm 
water is administered to the new mother after childbirth.">! The leaves are 
used for the treatment of scabies and skin diseases while the juice is used 
to treat headache and colic.'23"4! The bark is used as a diuretic, cardiotonic 
and for dysentery.'2® The leaves of this plant have also been used as a folk 
medicine for treating hepatitis in India and Philippines.!>! 


Pharmacological Activities: Antimicrobial,"“’"% = Anticancer/ 
Antineoplastic,2°*4) Anti-inflammatory,?2!_ Hypoglycaemic,'® Anti- 
oxidant,!61°11,2324) H epatoprotective,!7+>-29) A ntiviral 3°! Chemopreventive, >! 
Aphrodisiac’! and A ntimutagenic.'°! 


Dosage: 2 tablespoons of a decoction (few leaves in 200 ml water) is given 
every 2 hours to stop diarrhoea.!*! 


Adverse Reactions: N o information as yet. 


Toxicity: Preliminary oral LD, doses of petroleum ether, methanol and 
aqueous extracts of T. catappa in mice were found to be 343, 195, and 
210 mg/kg respectively.) Rats fed on T. catappa diet maintained their body 
weight but suffered from stomach, small intestine and pancreas hypertrophies 
as well as spleen atrophy.'*>! Larger doses enhanced liver damage.'°*! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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Table 2. Wireless systems and NTT’s antenna system approaches. 





Main technical trends 
System features 


(example system, standard, or equipment) 


NTT’s antenna approaches 
(using technologies in Table 1) 





Active tags 


iqui Multipl 
Ubiquitous ultiple access Sensor network 


RF-ID Low rate 


Mesh network (802.15.5) 


Compact high-efficiency tag antenna 
High-gain beam tilting base station antenna 
(1a, 1b, 1c) 





Short range 
Ultrahigh speed 
Link transmission 


Short-range 


cen Ultrawideband (UWB) 
communication 


Infrared rays (IrDA) 


High frequency band (millimeter-wave system) 


Active integrated antenna system 
(millimeter wave) 
(1b, 1c, 2a, 2b) 





Medium range 
High speed/capacity 
Many subscribers 


Land mobile 
and WLAN 


MIMO-OFDM (802.1 1n,802.16a/e) 
MC-CDMA (4G, Beyond 3G) 
HSDPA (3.5G,1xEV-DO/V) 


MIMO-OFDM antenna system 
Compact mobile terminal antenna system 
(1b, 1d, 2b, 2c, 2d, 2e) 





Very long range 


Medium to high (N-Star/ETS-VIII) 











S/Ku band high-speed mobile comm. 


Mobile satellite | speed Broadband (Internet) (WINS) 
Various mobile Millimeter wave/optical comm. (MILSTAR, 
stations GeoLITE) 


Multi-beam antenna 
Large deployable antenna 
Beam-tracking antenna system 
(1c, 1d, 2a, 2e) 











speed (several gigabits per second) wirelessly instead 
of by cables. In these wireless systems, highly func- 
tional and high-performance antennas will be essen- 
tial. Table 2 explains the main features and technical 
trend of the systems and also shows NTT’s approach- 
es to antennas and antenna systems for each high-per- 
formance wireless system. The technologies in Table 
1 that are used are indicated in parentheses. Each 
antenna system must satisfy severe specifications and 
also provide high functionality, as shown in Figs. 4(c) 
and (d). The antennas discussed in the selected papers 
in this issue are shown in blue in Table 2. The present 
status of each antenna system and research and 
development in NTT are explained below. 


3.1 Ubiquitous network antenna system 

Tag antenna elements have the same problems as 
pagers or portable telephone systems that use the LF, 
UHF, and VHF bands. The antenna element must be 
as small as possible and have high efficiency in a 
small volume and in the neighborhood of various 
objects. Most antennas for passive tags using the LF 
band (13 MHz) are spiral, helical, N-turn loop, or 
meander line antennas [10] for achieving an electro- 
magnetic induction area and their gains are consid- 
ered to be very low. Bent and spiral monopole or 
dipole antennas are used in personal computer card 
wireless communication systems or in small square 
film tags using UHF-band systems [11]. The 
approach is to design the antenna and RF-IC as one 
system; in other words, the connection impedance 
between the antenna and RF-IC is designed as a 
freely selectable value instead of being restricted to 
50 Q. The same kind of technique is currently being 
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(discussed in papers in this issue) 


investigated in NTT in a study of active integrated 
antennas [12]. On the other hand, the base station 
antenna can be designed by applying techniques 
developed for pagers or land mobile antennas 
because it has high-gain and beam-tilting characteris- 
tics. 


3.2 Millimeter-wave frequency band 
communication antenna system 

A high-speed wireless communication system is 
achieved by using wideband technology, so millime- 
ter-wave frequencies, which provide a very wide 
bandwidth, are attracting attention. The use of high 
frequencies also requires high output power to com- 
pensate for the huge propagation loss and passive cir- 
cuit losses, so high-gain and high-efficiency antennas 
are very important in system design [13]. Millimeter- 
wave systems mainly use horn, reflector [14], or lens 
antennas [15]. Horn or reflector antennas are used in 
relatively long-range communication where the range 
is several hundred meters. A lens type antenna, which 
is integrated with monolithic microwave integrated 
circuits (MMICs) to achieve high efficiency without 
a feeding line, is mainly used for short-range trans- 
mission, e.g., for a home link system. Active inte- 
grated antenna technology in which an amplifier for 
transmitting and receiving is mounted without using 
a connector or cables is suitable for a high-frequency- 
band system [16]. Typical antenna types for millime- 
ter-wave frequency systems are shown in Table 3. 
Horn or reflector antennas provide very high gain but 
cannot be integrated with MMICs. The lens antenna 
provides high gain and can be made into an integrat- 
ed antenna but requires adjustment to correct its 
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72. Thevetia peruviana (Pers.) K. Schum. 
(A pocynaceae) 


Yellow Oleander, Trumpet Flower 





” 





Thevetia peruviana flower and fruit Thevetia peruviana shrub 


Description: Thevetia peruviana (Pers.) K. Schum. is a shrub, up to 6 m tall. 
All parts contain highly poisonous milky latex. Leaves are simple, few, 
exstipulate and spirally arranged. Blade is linear, 7-13 cm by 0.5-1 cm and 
glossy. Flowers are large, yellow, 5 cm across, gathered in few flowered 
terminal cymes. Fruits are green, shiny, globose, 4-5.5 cm across with 4 or 
less poisonous seeds," 


Origin: Native to Central and South A merica.!! 


Phytoconstituents: Thevetins A and B, thevetosides, acetylperuvoside, 
epiperuviol, perusitin, theveneriin, thevebioside, thevefolin, pervianoside |-II| 
and others.'?"6 


Traditional Medicinal Uses: Used as an abortifacient, to treat congestive 
heart failure, malaria, leprosy, indigestion, ringworm, venereal disease and 
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even as a suicide instrument." Used in India as an astringent to the bowel, 
useful in urethral discharge, worms, skin diseases, wounds, piles, eye prob- 
lems and itch. Used in continental Europe and is considered particularly 
useful in mild myocardial insufficiency and digitalis intolerance." Its bark is 
used as an emetic, febrifuge, insecticidal, poison and for reviving patients 
with heart failure." 


Pharmacological Activities: A ntiarrhythmic,"! A ntifungal,'®! H epatotoxicity 
and Nephrotoxicity,'>! Larvicidal, '! M olluscicidal,"° and Cardiotonic.!! 


Dosage: No information as yet. 


Adverse Reactions: Vomiting, dizziness, and cardiac dysrhythmias such as 
conduction block affecting the sinus and AV nodes may occur.!2?! 


Toxicity: Toxic to humans,'2*19 fishes”?! and animals.®2° Ingestion of 
half to fifteen seeds may cause a varying degree of vomiting, palpitation, 
arrhythmia including sinus bradycardia and could also lead to death.'’!) The 
kernels of about 10 fruits may be fatal to adults while the kernel of one fruit 
may be fatal to children.'22! 


Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 


[Authors’ Note: The purified glucoside thevetin, extracted from the seeds, is 
prescribed as a cardiotonic drug in a 0.1% solution orally, in a dose of 1 to 
2 ml daily, or in 1 mg/2 ml ampoules parenterally. 1 to 2 ampoules have been 
given daily for its cardiotonic property.'73!A dose of 2.4 mg followed by aver- 
age maintenance dose of 600 jg has been shown to be effective in 22 patients 
with congestive heart failure.) The herb has been administered as a thevetin 
tablet of 0.25 mg/tablet. A maintenance dose consists of 0.25 mg/day. For injec- 
tion administration, an injection ampoule is prepared from 0.25 mg/ml diluted in 
a 5% glucose solution.'“! However, note that thevetin is not conventionally 
used in clinical practice and its dosage is not found in pharmacopoeial 
monographs. ] 
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73. Tinospora crispa (L.) Diels (M enispermaceae) 


Akar Putarwali, Batang Wali 





Tinospora crispa shrub Flowers of Tinospora crispa 


Description: Tinospora crispa (L.) Diels is a woody climber with numerous 
protrusions on the stem. L eaves are oblong-ovate, cordate, 8-9 cm by 7-8 cm and 
tapering to a pointed end. Flowers are small, with 6 petals, 2 mm in length 
and 8-27 cm racemes. Male flowers have yellow sepals whereas female 
flowers have green sepals. Drupelets are red, juicy and 7-8 mm long."*! 


Origin: Native to Malesia, Indochina, Indian subcontinent and China."*! 


Phytoconstituents: Boropetol B, borapetoside B, C & F, jatrorhizine, mag- 
noflorine, palmatine, protoberberine, tembolarine, diosmetin, cycloeucalenol, 
cycloeucalenone and others.!*-®! 


Traditional M edicinal Uses: It is used for hypertension, diabetes mellitus,'*! 
to treat malaria, remedy for diarrhoea and as vermifuge.'® In Malaysia, 
T. crispa extract is taken orally by Type 2 (non-insulin-dependent) diabetic 
patients to treat hyperglycaemia.!22! 


Pharmacological Activities: Anti-inflammatory,") Antioxidant,!”! 
Antimalarial ,'*77! A ntiprotozoal'*! and Hypoglycaemic. 20156 
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Dosage: No information as yet. 


Adverse Reactions: The plant may result in an increased risk of hepatic 
dysfunction due to marked elevation of liver enzymes but is reversible upon 
discontinuation of T. crispa.!2” 


Toxicity: No information as yet. 
Contraindications: No information as yet. 


Drug-Herb Interactions: T. crispa extract showed 61.3% increase of cyto- 
chrome P450 3A 4 (CY P3A 4) enzyme inhibition after 20 min of preincubation 
with human liver microsomes."®! 


[Authors’ Note: In a randomised double blind placebo controlled trial”! to 
determine the efficacy of T. crispa as an additional treatment in patients with 
Type 2 diabetes mellitus who did not respond to oral hypoglycaemic drugs 
and refused insulin injection, 20 patients received T. crispa powder in capsule 
form at a dose of 1 gram three times daily for six months. Twenty patients 
received a placebo. The results showed no evidence to support the use of 
T. crispa for additional therapy in such patients. Two patients had elevated 
levels of liver enzymes, which was reversible on discontinuing T. crispa. 
Patients receiving T. crispa had significant weight reduction and cholesterol 
elevation. Note that the study only included patients that did not respond to 
oral hypoglycaemic therapy. ] 
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74, Vitex rotundifolia L. f. (Verbenaceae) 


Round Leaf Chastetree, B each Vitex 





Vitex rotundifolia leaves Vitex rotundifolia tree 


Description: Vitex rotundifolia L. f. is an evergreen woody tree, densely 
covered with short hairs. L eaves are opposite, simple, ovate, broadly oblong- 
elliptic, 2-5 cm long by 1.5-3 cm wide, rounded or abruptly acute at the base. 
Inflorescence panicles are at the terminal, densely flowered, 4-7 cm long 
with purple corolla. Fruits are globose, 5-7 mm." 


Origin: N ative to Temperate and Tropical Asia, Australasia and Pacific.”! 


Phytoconstituents: R otundifuran, prerotundifuran, vitexilactone, previtexi- 
lactone, vitexicarpin, vitricine, vitetrifolins D-G, vitexifolins A-E, 
isoambreinolide and others,!!3-°! 


Traditional Medicinal Uses: In Malaysia, various parts of the plants are 
considered panacea for illnesses ranging from headache to tuberculosis.2% In 
China, the plant has been used for the treatment of cancer.'"2)A poultice of the 
leaves is used to treat rheumatism, contusions, swollen testicles and as a dis- 
cutient in sprains. In Indonesia, leaves have been used in medicinal baths, as 


153 


b716_Ch_71-75.indd 153 & 1/8/2009 11:44:32 AM 


FA & 


154 A Guide to Medicinal Plants 


a tincture or for intestinal complaints." In Papua New Guinea, sap from 
crushed heated leaves is diluted with water and drunk to relieve headaches. 
The fruits are used to expel worms and in Vietnam, a decoction of dried fruits 
has been used to treat colds, headache, watery eyes and mastitis." In 
Thailand, fruits have been used for asthmatic cough and haemorrhoids."°! 
Infusion of the boiled roots is regarded as diaphoretic and diuretic, drunk for 
fever, after child-birth and for liver diseases,” 


Pharmacological Activities: A nalgesic,"2! A ntibacterial,">2") A ntifungal,"*! 
Anti-inflammatory,"® Antineoplastic,%51720 A ntinociceptive,'® 
Antioxidant," Antiprotozoal,'* Hypotensive,'”! Immunomodulatory,"2”! 
Antimutagenic'??! and Insect repellant.) 


Dosage: No information as yet. 


Adverse Reactions: V. rotundifolia may trigger various allergic reactions 
such as sneezing, respiratory problems, dizziness, headache and nausea."2”! 


Toxicity: No information as yet. 
Contraindications: No information as yet. 
Drug-Herb Interactions: No information as yet. 
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75. Zingiber officinale Roscoe (Zingiberaceae) 


Common Ginger 





Zingiber officinale rhizome Zingiber officinale plant 


Description: Zingiber officinale Roscoe is an herbaceous plant that grows up 
to 1.2 m high and with an underground rhizome. The stem grows above 
ground and leaves are narrow, long, lanceolate, with distinct venation pattern 
and pointed apex. Flowers are white or yellowish-green, streaked with purple 
and fragrant. 


Origin: Originate from tropical Asia, widely cultivated in the tropics.!! 


Phytoconstituents: Gingerol, zingiberene, farnesene, camphene, neral, 
nerol, 1,8-cineole, geranial, geraniol, gerany! acetate and others.'*-7! 


Traditional M edicinal Uses: Ginger is the folk remedy for anaemia, nephri- 
tis, tuberculosis, and antidote to Arisaema and Pinellia.!! Sialogogue when 
chewed, causes sneezing when inhaled and rubefacient when applied exter- 
nally. Antidotal to mushroom poisoning, ginger peel is used for opacity of the 
cornea. The juice is used as a digestive stimulant and local application in 
ecchymoses.'®! Underground stem is used to treat stomach upset, nausea, 
vomiting, nose bleeds, rheumatism, coughs, blood in stools, to improve 
digestion, expel intestinal gas, and stimulate appetite.'*! The rhizomes are 
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used to treat bleeding, chest congestion, cholera, cold, diarrhoea, dropsy, 
dysmenorrhoea, nausea, stomachache, and also for baldness, cancer, rheuma- 
tism, snakebite and toothache."*! It is also used as postpartum protective 
medicine, treatment for dysentery, treatment for congestion of the liver, 
complaints with the urino-genital system/female reproduction system and 
sinus.'2°) Besides that, it is used to alleviate nausea, as a carminative, circula- 
tory stimulant and to treat inflammation and bacterial infection.) The 
Commision E approved the internal use of ginger for dyspepsia and preven- 
tion of motion sickness." The British Herbal Compendium indicates ginger 
for atonic dyspepsia, colic, vomiting of pregnancy, anorexia, bronchitis and 
rheumatic complaints.""7) European Scientific Cooperative on Phytotherapy 
(ESCOP) indicates its use for prophylaxis of the nausea and vomiting of 
motion sickness and to alleviate nausea after minor surgical procedures.!2) 


Pharmacological Activities: A nalgesic,!*2A nthelmintic,"”A ntiarthritic,"®! 
Anticancer,"33] Antidiabetic,'*35! A ntidiarrhoeal,'® A ntiemetic,?’->) 
Antihyperlipidaemic,©*! Antihypertensive, A nti-inflammatory,!24155® 6) 
Antimicrobial,'°”7®! A ntioxidant,'®”’*®! A ntiplatelet,'®*®” A ntispasmodic,'®*! 
Antiulcer,'8%9 Antiviral,!*°9! Anxiolytic,!! Hepatoprotective,'%?%7! 
Hypocholesterolaemic,'°”%89_ Hypoglycaemic,!442020)_ H ypolipidaemic,"! 
Hypotensive,"°)_ |mmunomodulatory,!2°*?°) Neuroprotective,°7 Insect 
repellent!©°8! and Radioprotective,!20% 444 


Dosage: A tea is prepared by pouring boiling water over 0.5 to 1 g of the 
coarsely powdered ginger for 5 min and passing through a tea strainer, taken 
to prevent vomitting.!2!”! 


Adverse Reactions: Fresh rhizome can be safely consumed with proper 
usage.'!3! Contact dermatitis of the fingertips has been reported in sensitive 
patients, !24) 


Toxicity: It is nontoxic when tested in rats'5! but overdose may cause cardiac 
arrhythmia and CNS depression. !22¢ 


Contraindications: Consult physician before using ginger preparations in 
patients with blood coagulation disorders, taking anticoagulant drugs or with 
gallstones. Avoid dried rhizomes during pregnancy.!) 


Drug-Herb Interactions: Interacts with anticoagulants such as heparin, 
warfarin, drugs used in chemotherapy and ticlopidine. Ginger taken prior to 
8-M OP (treatment for patients undergoing photopheresis) may substantially 
reduce nausea caused by 8-M OP.""”! Ginger appears to increase the risk of 
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bleeding in patients taking warfarin.'®! However, ginger at recommended 
doses does not significantly affect clotting status, the pharmacokinetics or 
pharmacodynamics of warfarin in healthy subjects.'*! Ginger also signifi- 
cantly decreased the oral bioavailability of cyclosporine.22! 


[Authors’ Note: Ginger is widely eaten as a food ingredient and used in 
many different cultures as traditional medicine. Ongoing scientific research 
has shown diverse pharmacological activities. ] 
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Table 3. Antenna types for millimeter-wave systems. 
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Fig. 7. Active integrated antenna for 25-GHz system. 


mounting error. The patch antenna is a good element 
for integration with MMICs because it can be made 
on the same material substrates, so it does not need 
antenna adjustment. We have developed an active 
integrated antenna designed for broadband mobile 
wireless access systems using the 25-GHz band, as 
shown in Fig. 7 [12]. It exhibited output power of 
14.6 dBm and a noise figure of less than 5 dB. The 
only weakness of this integrated antenna is that high 
gains cannot be provided with one patch antenna. The 
third selected paper in this issue describes a high-gain 
integrated active antenna and high-efficiency RF cir- 
cuit for the millimeter-wave frequency band for a 
millimeter-wave communication system [4]. A high- 
gain integrated patch antenna is investigated as a par- 
asitic element to obtain a wide antenna aperture. The 
millimeter-wave frequency-band link system was 
first proposed for application to the transmission of 
uncompressed HDTV (high-definition television) 
signals in the home or in a studio. 


3.3. Land mobile and WLAN antenna systems 
The number of subscribers to land mobile systems, 

especially cellular systems, has increased rapidly, and 

users are now demanding high-speed transmission 
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for broadband Internet access. To meets these 
demands, many improvements to the land mobile sys- 
tem have been proposed such as wideband code divi- 
sion multiple access (W-CDMA), adaptive modula- 
tion, and ad hoc transmission. Recently, the utiliza- 
tion of space has become as desirable as frequency 
and time utilization [17]. Space utilization is achieved 
using a multi-antenna system with a radiation control 
mechanism, which is accomplished by a smart anten- 
na system. 
3.3.1 Typical multi-antenna techniques for 
mobile systems 

The application areas of multi-antenna techniques 
depend qualitatively on the system characteristics, as 
shown in Fig. 8. A fixed high-gain beam antenna does 
not always need antenna elements, but the other tech- 
niques are achieved through various combinations of 
antenna elements, so they are provided by adaptive or 
integrated multi-antenna systems, as shown in Figs. 
A(c) and (d). A narrow-beam or high-gain antenna is 
used in the line-of-sight situation (where there are no 
obstacles between the transmitting and receiving 
antennas and there are few paths in the multipath 
transmission), so a beam-scanning mechanism is 
needed when a terminal moves fast, and multiple 
beams or sector beams are required when there are 
many terminals in the service area. The diversity 
antenna technique can provide a stable signal level in 
a multipath mobile environment. Beam scanning 
(with a sector beam or multiple beams) and diversity 
antenna techniques have been used fairly extensively 
from the early days of mobile communication service 
because they use only simple signal processing. How- 
ever, with the rapid progress of signal processing 
technology, a desired signal can now be distinguished 
from a mixture of many signals in a multipath envi- 
ronment. The SDMA technique distributes signals 
among the terminals communicating in the service 
area. MIMO techniques enable very-high-data-rate 
communication with multiplexed transmission in 
each antenna of the multi-antenna system of the base 
station or mobile terminal. These techniques require 
more calculation as the movement speed of the 
mobile terminal increases. In these wireless systems, 
signal processing ability and superior algorithms are 
more important than the performance of antenna ele- 
ments. 
3.3.2 Research results and developed antenna 

systems 

A very small and thin planar six-sector antenna 
using a patch Yagi-Uda array with common directors 
for mobile terminals has been proposed (Fig. 9) [18], 
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Section 1: The Big Picture Approach 


Big-Picture Rule One: Locate a Distant Reference Direction First 


Until you Orient yourself to the bigger picture, by finding an unchanging direction to latch on to, 
eSmall-scale pictures and large-scale mental layouts cannot come together. eAnd the local features won't fit into the bigger perspective. 
eYour mental photographs will float around in chaos, like so many loose jigsaw pieces, or letters in an alphabet soup. 
In choosing a Reference Direction, your first choice should be... 
eASTRONOMICAL — Sun, Moon, stars, planets, satellites—e.g. Locate the direction of the North Pole Star. There is an astronomical overview p32f 
Then eGLOBAL — Compass or Botanical or Geomorphological North e.g. find Canada’s North Magnetic Pole. 
Next eCONTINENTAL — Weather Systems, radio transmitters, powerline networks, highways, sea-coast—e.g. notice the Sydney to Hobart flight path. 
Then eDISTANT landforms — Lie, Lay, Lines, Hills; Lights, etc.—e.g. the direction of the main river valley draining to the sea. 
Last of all comes: eWhat you can see in front of your nose! I.e. don’t let your mind latch on to some unreliable or meaningless reference like 
how the car is parked, or where the wind is, or the initial direction of the track/the drive in/the main street, or uphill, or the way you got out of bed... 
elf you can’t see a thing beyond a few metres, and have no compass, you will need to “keep a straight line” (see p. 87b) by lining up markers. 
Now that you have a reference direction, you can implement the other “Rule One”s 
eMatch what you see in front of your nose to the reference; 
ePredict your overall trend before you start; eNotice your start-off direction as you start. 





Visualisation is your Key Skill 


This is most especially relevant to orienting your nose, in your mind’s eye, to the Bigger or Invisible Pictures, but is needed at all scales. 


Imagine where the Southern Cross is during the day; or where the cars are, now; how you got here. 

Visualise the Earth’s invisible spin-axis and the weather map you saw, yesterday 
Mentally picture the Galactic spiral! — which clock-sense is it? or the turnoff you need — will it be uphill? 
Remember the tropical countries under the Sun and the way back 

Describe the path of a shadow-tip in mid-Winter or what makes this place recognisable 

Picture sunrise in Antarctica tomorrow morning or old blazes, in your mind, so you don't miss any 
Interpret numbers, labels and words into reality e.g. what the shape of the night-sky has to do with your global position 
Express visually what each clue means e.g. what “high noon” means to you right now 

Mentally photograph the map as you study it beforehand and how the climb opened out onto the plateau 


Mentally match _ the invisible landscape trends to the reference direction and to what you see in front of your nose 
At night, and in the rain, navigation gets to be ‘all in the mind’. 


By recreating the reality you can't see, you can navigate what is in front of your toes, by intelligent imagination. 


Big-Picture Orientation is a Mental Layout Acquired Beforehand 


Because the invisible picture is so large, you can do your global and continental orientation at home before you start. 
Travelling all day to go walking somewhere else, will hardly alter it. 


You use: a globe; an atlas; a roadmap of the continent — to learn the lay beforehand. These are layout maps... The relative positions shown are fixed. 
But layout views — as seen from above — will hardly ever be seen in your reality, first-hand. 
(In contrast, when you come to putting yourself in the middle of the big-picture, you see the landscape first-hand, and you will need 
“Nose Navigation” — as seen from the ground — which is all about the apparent relative directions. ) 
The global constants won't change as you walk, e.g. the behaviour of the Sun and stars, because everything is so distant. 





You need extra care to visualise the Big Picture, and its meaning, because it is (a) Round (global) (b) Layout (i.e. mental only) (c) Invisible (d) Big! 
Do this before you attempt to nose your way through the local scenery. 


Smaller-scale clues can then 'fit-in', sensibly, to the larger context. 


Compass Navigation Robs You of a Global Perspective 


Flat maps must distort the true picture. Only a globe is true. Mercator-projection maps (diagram 1) distort land areas and longitude lines, 
in order to “preserve the straightness” (!) of a compass course, which never was straight! 


If you glue your nose to a compass needle, to follow a compass-course, 

the course which looks straight on a flat Mercator map will actually take you ona spiral, Width or 
into either the South or North Pole (as when you keep any landmark at a diagonal). latitude 
The sense of the spiral (turning to your right/left) changes as you cross the Equator... on the 
Because you do need a big-picture approach, you need a global perspective. map’s side 
(Here’s a good place to set out the basics... 














Remember: “Latitude equates to the distance from the Equator” — the short dimension. A 3D spiraling helix 
“Longitude turns upon the time — how long has the globe turned since midnight") < long for longitude > 


Here’s a test: Imagine the midsummer sunset from well Down Under, looking even further South. Do you think of a tropical country in that direction? 
The following section — about Sun Moon Earth and Stars — aims to restore a true perspective to people who can hardly think except with a flat diagram, 
and can hardly visualise anything without divorcing it from the real landscape in front of their nose. (There is always a tropical country under the Sun.) 
Think of this ‘global orientation’ section as a global Re-Orientation and don't forget, that... Global means Round! 


The Big Picture is Invisible — Your Job is to Visualise It! 


As a matter of principle, we should work top-down 
i.e. from a framework down to the detail, from general to specific, large to small, overall to local, unchanging to changeable. 

As a matter of fact, we are lazy. The point of doing “useless” grand-scale orientation exercises is to: 

make global orientation second nature — easier next time around; 

to make you forget flat pictures of a round Earth and to imagine it properly; 

to give your struggling memory some comprehensive and relable framework to work within; 

to integrate what you can't see with what you can, e.g. to link different walks and areas; 

to orient to, and to understand, the Sun's movement, and to orient to the Moon and stars and planets as a bonus; 

to make extra clues and techniques available, e.g. to open up astro-navigation techniques; 

to work “top-down” — to avoid jumbling up your mind. 





The idea is to read the following double-pages horizontally, as one topic, i.e. Sun-Sun; Stars-Stars; Clockwise-Anticlockwise. 
To follow one topic through, flip over the pages and look in the corresponding positions. 
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Section 1: Big Picture; Top Down 


a««e  olobal Re-orientation — Light-Half/Dark-Half 


horizon Step 1. Always Position Yourself on Top of the World. ..whether in a diagram or mentally or in reality. 
This makes your reorientation realistic, doesn’t it? 
Look at your feet and imagine you are standing on a huge basketball in the sunlight. 
To visualise the light-half/dark-half of the globe, carry a real ball with you, preferably a globe of the world. 
Imagine that everything which you see, this side of the horizon, is the tiny top-fraction of a huge ball. 
Step 2. Face the Sun, but imagine it low down, setting, with horizontal rays coming to you. 
Notice the circle which divides day from night, passing to left and to right underneath your feet. 
“He divided light from darkness by a circle drawn on the face of the sea.” Job 26:10 
Step 3. ‘Raise’ the Sun, and its sunbeams, to their actual height. 
And as you do, let the dark-half fall back behind you by the same amount 
i.e. degree for degree around a round globe—one degree of fall-back for one degree of Sun-rising. 
After this you can do your best to answer: (Help will follow soon) What countries are seeing the Sun as horizontal? 
i.e. Which countries does the ‘circle’ pass through at the moment? Which ones are seeing the Sun rise? 
Which ones see it setting? Which parts see a 24-hour sunset, with the Sun skimming the horizon? (Use a globe) 








Your Best Reference Direction: Imagine the Sun at High Noon — Always 


(This won’t work so well in the tropics) 

Night or day, your mental reference direction is North or South by the Sun. So imagine the Sun North of you (Southern Hemisphere) rain or shine. 
It is the natural interpretation... of looking at your watch, and 

of looking at the Sun, when it is not North of you. (Warning: Don’t look directly at the Sun! It will blind you!) 

of looking at the compass. (You don’t want to locate ‘Canada’s magnetic pole’, after all!) 

of judging botanical North/South (p.74a); 

of using a map in conjunction with the landscape, 

and even when using the Moon 
Imagine the high-noon Sun in a real landscape — this one here! 
— at all times of day or night. 
— at the correct height, on its circular path, 
— which is tilted at its rise-set angle. 
Warning: horizon 
You will get disoriented 
when you cross the Equator! 


< Noon height (Southern Hemisphere) 
i.e. your best guide to “North” 











..North 


The 4 Bright Outer Stars of Orion Point out Where the Pot is Going 


Rigel = ms 


=Find N/S E/W & Equator * ? Saiph 
Ww Hold this chart over your head 
N * 
TO Veiner Wet in aaah pee ee aati epee tec * 
Anticlockwise around Polaris Equator —__ * : 
The middle of Orion’s belt will follow through the Arrow point. : 
? 0630 hrs 


The north-west star of the belt — ‘Mintaka’ — lies ‘on the Equator’ (i.e. over the real one) 


The N-S position of a star is called its ‘declination’, equivalent to the latitude of a point on Earth closest to it. Betelgeuse * 
This is a Southerner’s view in Summer. The stars will be moving to your left 6°N Bellatrix * ——~ 
The Pot handle down through Meissa points to Polaris .:Meissa 


Look for the Line Joining Sun, Moon, Planets & Zodiac Stars—the Ecliptic 


2 planets are Zodiacal Stars Mars (Red) 

always near the Sun Sie — * ————— O Moon 

Venus (very bright whitey* THE he Earth is moving poe Ss Jupiter (very bright white) 

Mercury (reddish) * ECLIPTIC through space, East-around the Sun, * * /Saturn (Bright; yellowish) 
7 +——\— Asteroid away from this high point at sunset; (SH view is shown 

_ | 4 Sun glow towards it, at sunrise. (e.g. if this is a NH view looking S) 





The solar system — Sun and planets — is flat, and the Zodiac marks that plane, by design. It’s the ‘edge-on’ view, which we see, from within. 
The Moon orbits within 5° of that plane, and so is never far off line. The line is called the Ecliptic — a great circle. 

(It looks as straight as the horizon, unlike the diagram. See ‘Optical illusion’ in the Moon box, p.8d) 

During the day, you can orient, not by the Sun only or the Moon only, but by the line joining them. Sometimes Venus may be visible too. 

You have to imagine the rotation of that line (more on this soon). It does not move in the same direction in which it points, but its path is 

up to 23°% tilted from that. 








Mnemonic: “Clock-wise Northern Hemisphere SWiNES” 





top view N Europeans make chronometers to follow their Sun. NH O clockwise 
w|% They see, looking South (diagram top right)... rise in the East ; South at noon ; set in the West. East__-_ ——~p» West 
E That’s ‘clockwise’ (seen from above; East to South to West) for them South 
r The swines! They force us, down under, to place our clocks on the southern wall and think behind us! 
Rs (We see, looking North: rise East, to North at noon, to West i.e. SH; anti-clockwise)...... <— 
W Ne Se 
OO 
S 


S to the noon Sun 
clockwise top view 


Anyway, changing your direction “Clockwise”, as seen from above, is turning to your right, and, ignoring the i, the mnemonic is: 
South, to West, to North, to East, to South or “clockwise: SWiNES” 


Section 1: Big Picture; Top Down 


A mnemonic for global orientation: “True Polarity” 
“True” courses refer to the Earth’s Poles — i.e. the axis of rotation of the Earth — the single most directional thing on our spherical Earth. 


“True” bearings measure the angle between the course and the longitude line — a North/South line which connects the poles, 
and which passes through your location. 





N.P. N Course 
pe a this way 
The angle is measured clockwise from ‘North’ 
Longitude lines p to 360° e.g. 065°T 
“Oh Six Five degrees True (-polarity)”! 
WL S 
S.P. Remind yourself, whenever you use “True”, by saying “True Polarity”! 


M NeEMONIC: “noon sun Passes North of My Nose Down Under”— It Rhymes in* n ’ (dow-nun-der) 

(Now, Keeping your nose to North, say...) (The second parts work for both hemispheres provided you face North, not noon) 

“Sun Rises on My Right (to the right of North)” —It Rhymes in‘ ri’ 

“Sun Sets on My Left (in the West)” —It Rhymes in‘e’ 

“That’s Anticlockwise around the North Pole Star, if you are facing North from the SH; [Clockwise around the South Pole Star”, if facing S from NH] 
“The SH horizon shifts to the right” 

“The NH horizon Never Heads right, it moves left” 


ra 





Paper Diagrams aren’t Enough. 






For Southerners, lookifig at the noon Sun i.e. from South _of the tropics Imagination isn’t enough. 


Go outside and take a look. 


Athis horizon really moves to the right % (You will need to shield your eyes from the Sun, e.g. with your hand) 


West/Set/Left North/Nose/Noon/Down Under East/Rise/Right Let the reality sink in. 


The Two Brightest Stars Point out the South Pole Star 


Canopus and Sirius line up almost South/North. A 
Use the star next to Sirius (‘Mirzam’) and the line-up is perfect. SINE | ere * . Mirzam 
The ‘Dog Star’ Sirius is the brightest star in the sky. 17 degrees S. : GOOD 
The Big Dog seems to have a front leg and back leg and a tail... s3 H 
* : SOUTHERN 

Aludra, in the tail i* = The Big Dog = 7” ‘ SUMMER 

3 [_— ' 0620 RA 
Wezen, where he wees from = ,**———*_ a : (Right Ascension’ SIGN 


or star-time) 
Adhara, the hind leg e * *B Mirzam 
This” 


is the nearest v 


bright star to Sirius * Canopus 53 degrees S. 


(Go another 37 degrees to South polestar) 


Mnemonic: “Wind? Weather Map!” 


For navigating by the wind, don’t just leave it at the level of “The wind is from over there”. 


* Look at the skyline “from Bruce Valley” 

* Look at the Sunshine “from 30° to the left of the Sun at the moment” (Don’t look at the Sun!) 

¥ Look at the Sun-path “a ‘sunset’ breeze” i.e. from sunset (Simply imagine its rise-set path.) 
* Imagine the continent beyond the skyline “from the West Coast” 

* 


Meld that reality to the weather map you remembered. 


Don’t stop interpreting the wind until you can fit it into a Big Invisible Picture connected to that skyline over there. 


Mnemonic: Down Under, The Sun Moves ANTI-BigBENWISE ice. anti-clockwise 


Look at the ‘“ENWiSE’ in the mnemonic. 


Anticlockwise is East to North to West to South to East. a O ae 
Ignore the i. Look down from above onto the horizontal directions involved... a Kw 
Anticlockwise is turning to your left. “ Anti-clockwise is ENWISE ” W N E 
(If you put a clockface on the north wall and look at the Sun’s movement, (Don’t look at the Sun!), 

N you will see that the Southern Hemisphere’s second-hands tick backwards! i.e. against the Sun’s movement. 
x LN So put it on the south wall facing North, and the clock hands will move ‘with’ the Sun.) 
WwW E In the tropics, the Sun will pass somewhere near overhead. To make it seem “anti-clockwise” anyway, face North. 

top view 
Ss Don’t get mixed up and think of Big Ben wise as clockwise. Down here our Sun moves anti- , and that is ENWiSE. 


Section 1: Big Picture; Top Down 


Mnemonic: “Time Tells Turning” 


What’s the use of looking at your watch and spouting numbers! At least, glance at the Sun, or rather at its shadows (don’t look directly at the Sun) 
and then, imagine the Sun’s direction at high noon as a reference direction. 

That’s what time tells you! — the Sun’s position relative to its noon direction, North/South, called the “meridian”. 

A.m. says “ante meridiem” i.e. “before noon”, and p.m. says “post meri-diem” i.e. “after mid-day” 
Midday = 12 noon (but only in an ideal world, because noon is only approximately at 12) 
One pm = one hour past 12md, and so on. 
24-hour time tells you how far around the Earth has turned, since the Sun was opposite you i.e. since midnight. 
(And then don’t forget that the local significance of the time is: progress — distance made good — “watch” your pace) 
Mnemonic: 


“Watch” the SuN without looking at t, WHenNever you watch your watch 
(and “watch” your steps too, for progress) 














Notice th ese, Yesterday — to Guess the Time Today 


e Sunrise time (and direction) ..If you know the time, you can guess at the directions. 

e Sunset time (and direction) .. These first 2 are symmetric around North. 

e The horizontal angle of separation between sunrise and set 

e Midday time (and direction, and height) .. This is halfway between. Memorise how short your shadow is. 

e When did it get light enough? To see. To walk. 

e When did it get too dark? To cook. To walk. 

e How long is the usable daylight? .. The day-length, between dawn and dusk. 

e How many hours of dark? 

e When did the Sun reach due East and due West? (How high?) .. This won’t happen in winter. They are symmetric around midday. 

e Times for the Sun at magnetic East, noon, West? .. These don’t depend on guessing or calculating the magnetic variation. 


Update yourself every week. 


The Seng Earth Makes Circular Paths for the Sun, Moon, Etc. 


Sun, Moon, stars, planets — they all move only slightly in vation to 25ch other during 1 day/night 
— but they all zoom around at about 15° per hour from East to West. 





Ne Ithough I can draw this on flat paper as a circular path, the Equatorial path actually looks as 
straight as the horizon, in reality! (Southern Hemisphere view) 


You can now guess at time or direction by your familiarity with the circular ‘orbits’ e.g... 

The highest point of the path will be North-South of you, if you can guesstimate it: 

Latitude determines the rise/set angle of the Equatorial path. : 
Rising and setting places are symmetrical around North. 








Polaris 






Although individual rising and setting is symmetrical about North, 
whole constellations that rise vertically in mid-latitude may set hor 
and vice versa e.g. The Big Dog or Scorpio rise flat enlly 

but dive vertically into the western horizon. 





The Moon; Rule 4: Look for It 


You have a 1 in 4 chance of finding it during the day. Provided you remember to look! 
Rules 1 and 2 (like so many other navigational clues) are... 
e PREDICT when and where it should be visible 
e GUESS where to look And Rule 3 goes with the guess: 
e LEARN from that mistake. 


Keep looking for it. It’s easy to miss. E.g. through the tree canopy; or rising through the horizon haze. Polaroid glasses help; you need to twist them 


You will then have clues to... North, East, and West 
Time of night (i.e. later) 
Ocean tides 


Tomorrow’s Moon — Phase; rise, set, direction, height 
Upper-level winds, if there are clouds about. 
Hint: Measure the Sun-Moon separation with a piece of string (Don’t look directly or indirectly at the Sun!) so you know exactly where to look later. 


“VEERING” with the Sun is “Clockwise” only in the Northern Hemisphere 
“BACKING”, against the Sun’s movement, is “Anticlockwise” 
— but only in the Northern Hemisphere. 


(The terms refer to horizontal directions changing either with or against the Sun’s movement) 
“Veering and Backing” are Eurocentric images, so they can be very confusing Down Under. Don’t use those words in the Southern Hemisphere! 


Say “Clockwise” and “Anticlockwise” instead 
..for both hemispheres, as a matter of habit. Although these meanings too are Eurocentric, they are not confusing! 
(the terms refer to a bird’s-eye view looking down from above as if onto a clock-face) 
Meteorologists and mariners still use the terms ‘veering’ and ‘backing’ and they do mean ‘clockwise’ and ‘anticlockwise’ 
But the Sun-based image is backwards, south of the tropics. 





Section 1: Big Picture; Top Down 








yew The Earth rotates once a day. Yes? That’s 360° in 24 hours, yes? 
oo } Well that works out at 15° per hour — the sky spins 15°/hour to the West. 
IS : That calls for recognising 15° E.g. (diagrams left, and right) “one hour of sunlight left” (SH): 
7 ae eel For Accuracy: : 
Less (0) Measure each handspan along the Sun’s ‘circular’ path, not horizontally. 
‘ than 7 (1) Use constant stretch — of arms and fingers — ‘just strained’ — for consistency. 
15° (2) Use constant chest-arm geometry. It is best to use two hands squarely in front of you... — 
(3)Test for 15°, horizontally, against the full 360° horizon — “24 spans go around the rim os “eae? ona 
Span off, 24 times, from point-to-point right around the horizon. 2 au 
Adjust your hand configuration until you find one that fits the “24 Hours” recipe. > < 


(4) Try gripping one hand with the other, or touching one, at a specified point, with the other 
, or, (5) Look along your shoulder, sideways, at one hand. 
My recipe for accuracy fits my arms:"4 spread fingers, wrist bent back fully (at arm’s length in front=60cm or icm/degree”) 
What do your arms require for 24 spans = 360°? 


Mnemonic: The Southern Summer Sun Sets Somewhat South 


Surprising perhaps. (If you equate North with ‘hot’ you get caught on this.) (for Northern Hemisphere substitute ‘North’ for ‘South’) 
When the Sun comes South for summer its sunrise and sunset places also shift South with it. 
Memory hexagon for Mid-Winter and Mid-Summer Down-Under at 37° S... 








(top view) N. (the Sun moves anti-clockwise through North) 
300° T. 60° T. ... In Mid-Winter, Down-Under, at 37°S., sunrise is at 60°T. and sunset is at 300°T. ... A 9% hour day. 
In Winter the Sun will never show East or West of you. 
We oes At Equinoxes — Mid-Autumn, and Mid-Spring — rise and set are East and West... a 12 hour day. 
240° T. 120° T. ... In Mid-Summer, Down-Under, at 37°S., sunrise is at 120°T., and sunset is at 240°T. ... A 14% hour day. 
The Sun will be East and West at mid-morning and mid-afternoon respectively, and mid-high — about 45°. 
180° T. Your main aim is to get familiar with the Sun’s circular path. 


Sta rs Lea ve Sta r-Tra i Is ..if you photograph them with time-exposure... 


Star-trails are bits of circles, because... ..Stars circle around the North and South Pole-Stars... 

i.e. the Earth rotates on an N-S axis, which points to the Pole-stars. The pole star stays fixed in position all night (if you do). 
Southern Stars Circle Clockwise, once per night-and-day, around the South Pole Star. 

Northern Stars Circle Anticlockwise, around the North pole star, Polaris. These clock senses are the same in both hemispheres. 
But Note: low Southern stars will move anti-clockwise around you, (i.e. to your left around the horizon, anti-clockwise as seen 
from above you). (Clockwise — to your right in the NH) (More on this later) 


It helps you with global orientation to use ‘sta r com pa sses’. 


One of the clearest compasses is to blur the star circles into full circles then take vertical tangents to those circles. 
In the following diagram, the left-hand direction is “30°” to the left of the Earth’s axis (or to 60° maximum latitude). 
The right-hand one is “20°” to the right (or to 80° maximum latitude). They are global. 
If you follow these star directions, they will take you right around the earth in a ‘straight’ line — a big circle. 
You will pass through places equal in latitude to the star which is overhead (p.11c), so you can already see the 
maximum latitude that such a ‘great circle course’ would take you to; then it takes you back towards the equator. 
HINT: You won't get far in star-navigation, without a detailed star list and star chart. See p. 123 for a list. 














Mnemonic: “Wind in Your Face” 


The Southern Hemisphere version of Buys Ballot’s Law... [Try to use unobstructed wind i.e. not in a valley nor in a mountain eddy] 
¢ “Face the Wind [N.H. rule uses ‘Back to the wind, Sun-twist...] 
¢ Sun-twist yourself 15°-30° [i.e. anti-clockwise in S. H.] 


— to counteract landscape friction on the surface winds. 

[When the winds are impeded, they slow down, and so stop circling around the pressure centres, 

and start to cross the isobars, toward the low pressure (a ‘sink’ hole) at an angle of 15°-30°, SiAs 
less at sea and over flat land; more over rough terrain. ] 


¢ Rhyme: “Low on My Left &/or___High on My Righ-t” 





S.H. [L 


Top view of you, in the square, facing the top of thé page. 


Southerners Need Anticlockwise Systems 


Our clocks seem to run backwards, compared to the Sun. 
Our compass-bearings are measured ‘backwards’. (see p.10e) 
‘Veering’ and ‘Backing’ seem to mean the wrong clock-sense. 
When the Sun moves forwards, all the other systems seem to push backwards. 
We lose the global perspective. 
And this section is all about aiming to put that right. 
Consequently, we need a Southerner’s viewpoint... 


I hope you find that the anticlockwise systems which will follow soon are much more workable than Eurocentric systems. 
Some of the other systems given on this right-hand side of the page, are universal — they can be used in either hemisphere. 


Section 1: Big Picture; Top Down 


Global Orientation: Latitude and Polar Distance 


i 


Step 1. Stand up on the globe again (in your mind and in reality). Backviews... S | I 
Step 2. Put your left shoulder to the Equator i.e. Face East (sunrise). Facing E. i ae 
(If you are in the northern hemisphere: face west, sunset.) ee 25 
Step 3. Mnemonic: EQUATOR on My Left equals My LATITUDE is on My LEFT, Equator Latitude P.D. on 
RISEN POLE on My RIGHT equals My POLAR DISTANCE is on My RIGHT. on left your right 


Since the South Pole is 90° latitude, it is further South from the Equator than you are, and will be on your Right, as you face East. 
Step 4. Measure the degrees of distance around the Earth’s circumference as an angle at the centre of the Earth (by slicing the globe in two). 

The two angles mentioned must add up to 90° i.e. they are “complementary” angles (spelt with an ‘e’). 

If you are, say, 45° south of the Equator, then the closest pole must be 45° further south. The ‘distance’ to the Pole is 45°. 

If you are 30° south, then the South Pole will be 60° away from you. Your ‘colatitude’—or 90° minus /atitude—or “Polar Distance”—is 60°. 
The goal is to imagine those two angles — Latitude and Polar Distance — at the Globe’s centre beneath your feet, and around the circumference. 





Mnemonic: “Sun at High Noon — How High?” 


When you navigate by the Sun, think: “Sun”: the mnemonic is: “Sun at high noon — how high?”. 

You look: North, there, then up there, that high.— Southern Hemisphere (cf Noon will be South in NH) (Don’t look at the Sun, if it is already there!) 
It might be morning : “It is going up there” 
It might be noon : “See how high it gets!” 
It might be afternoon: “It came from up there” 

Visualising the height and path of the Sun also helps you to interpret plants for ‘bush noon’ (p.74a). 

“Walking Stick North” depends on knowing the Sun’s maximum height. (See page 30b) 





On Overcast Days, Average the Brightest Sky over 1/4 hour 


If the clouds are moving fast enough, and not entirely uniform, sit still for long enough to see many clouds pass over. Keep pointing at the brightest 
patch of sky using some reference like a tree, and watch to see whether you can confidently locate the average position of brightness. 


RISE and SET Directions for a (Local) STAR COMPASS 


H / f ae At \ \ \ The star directions don’t change night by night or 
with longitude, but they do change with latitude. 








\ | \ ee, } | | The circles in the diagram will rise from the 

\ \ \ ee ss ys / f / horizon as you travel further south, 
\ A \ Se “ a a A and so change their intersections with the horizon. 
Nn Nn Nn nN Nn nN 
This star You need to i Stars which share Sun-set and Moon-set Just make sure to mark sunset to a landmark 
rises here know your i the same star path (examples only) on the skyline horizon 
every night stars and i indicate the same can be fitted in and carry it over into night-time. 
for the seasons visualise : direction at staggered to the scheme 
when it is their circular: times during the night to span the day 
visible paths i (SH view) 


(Some stars stay up all night every night; these don’t move far either, and so are good orientation value too) 


From the Moon, Locate the Sun-Moon Direct Line, Carefully. 


) Z The line is the Approximate Ecliptic, and being a great-circle is a straight line. 

= C) = OPTICAL ILLUSION! @) 
7 | \ The Moon seems to be lit from above the ‘direct’ line to the Sun. 

ut that may only prove that the Sun is “up” and shining down 











Bust the illusion with a piece of string... “2 
Caution: Don’t look directly at the Sun! 
horizon = 








— horizon 





Prove it in 3 dimensions, by using a torch and a ball. 
When the ball, in line with the Moon, looks right, the torch direction mimics actual sunlight. 

By locating the Sun, you can guess the time of night, and guesstimate North more reliably, 
Below horizontal = at night because the path of the Sun is more predictable and familiar than that of the Moon. 








Mnemonic: (when you say) “COMPASS” (say) “CANADA” 


Compass needles point to Northern Canada. That’s where the North Magnetic Pole lives. Lat. 75° N.; long. 100° E. N 
E.g. from Australia, Canada lies to the East of North... 


Check it out on a globe. Locate the Queen Elizabeth Islands. 


To find the Southern Magnetic Pole, (but this doesn’t work so well) 
locate the Antarctic coast south of Adelaide, at Lat. 65° S.; long. 140° E. S 


Section 1: Big Picture; Top Down 


The Angle of Rising and Setting — is Determined by Your Latitude 
To post-dict sunrise or pre-dict sunset direction, you can use your latitude to visualise the tilt at which the Sun rises 


(or the rise-angle of a near-Equatorial Star/Moon/planet) and the deviation from straight down, at which it sets. 
Remember to use vertical, not horizontal as the expected norm. (To judge vertical correctly, see p19c. To practise, see 30b) 





At Equator at 45° Lat. N. at 45° S. at 90° S. At 90° N. at 30° .N. At 30°S. At30°S. At30°N. 
This one is especially 
useful in Tasmania. 
The Sun’s path is very nearly a straight line, despite the illusion of being circular—see p.15a. 
Hint: Whenever you see the shadow of your head, provided the Sun is not too high, you can make the “anti-Sun” rise or set positions obvious, by 
following up from that shadow, to the horizon at the correct angle. In midwinter the anti-Sun will be in a midsummer position and vice-versa. 


High Noon — How High? 


Answer one: the same as last week. Take a look. It changes only slowly. 
Answer two: within 2312 degrees of your co-latitude (or ‘polar distance’) high 
i.e. 90° - Lat., plus or minus 2312 degrees, depending on the season. 
Mid-Summer... co-lat+23.5° (very high in the sky) 
Mid-Winter... co-lat-23.5° (very low in the sky) Latitude \ 
Equinoxes...  co-lat (average height). 
Why? At 0° Latitude, i.e. at the Equator, the average Sun is 90° high at nooni.e. overhead. Yes? 
At the Poles, 90° Lat., the Sun skims the horizon at equinoxes. Yes? 
If you need further proof (that its height is 90° minus Lat.) draw it. 


\y S.P. and two 
parallel rays 





“Polar distance angle 

= elevation 
of the 

average Sun 






See how the height of the average Sun is ‘latitude degrees below vertical’. 
That’s an angle of elevation of 90° minus lat, isn’t it? Now adjust for the Sun’s seasonal movement 
which is 232 degrees each side of that. \ ay 
Seed 


Global Star-Compasses_ e.g. ‘Perpendicular to’ rise and set 


This is one step harder and three steps better. It allows ‘great-circle’ course keeping. 

A global Star-compass yields ‘direct’, global, ‘straightest path’ courses — ones which take you around the globe and back to your starting point. 

E.g. You take a rise or set compass-point and head at right angles to it, and the new horizontal direction is global—no longer tied to one latitude. 
That’s easier to imagine by visualising the light half/dark half of the Earth: All who see the Sun on the horizon could point to it, but each would be 
pointing in a different “direction”. But if they all pointed horizontally at right angles to the Sun, they would all be pointing in truly the same way 
—around the Great Circle which divides day from night. The same goes for any horizontal star. Imagine the star as a pole star, and use its Samaras 
There are many alternative star appearances, besides rise or set & you don’t have to ‘go at right angles to’ these to set nyOgy course.. 








E.g. aim at one star above another x x 
The midpoint of One star level with another | » eer ere x 4 i eee 
One star rising or falling vertically. x (high in the sky : x 


Toward a star which has a 2nd star off to one side at right angles i.e. lower. You would pass under the point you kept aiming for. 
You don’t need a clear sea horizon — the stars are high, and a plumb-line will suffice. 
These guides occur every night, in the same global direction, for several seasons, then disappear for a while due to daylight, but reappear. 
They will occur at the same times next year. They are always worth learning more of, adding to your familiarity of favourite ‘Star directions’. 
These global directions are labelled by saying how close to the poles they would take you, and you can see or guess that from the stars, see p. 7c. 





‘Low’ Clouds Come Clockwise Down Under 


In the Southern Hemisphere 






e Low-pressure-system winds spiral clockwise around. I.e. into your face from your left as you face their winds... 





e ‘Low clouds’ (i.e. below freezing level) follow the surface level isobars i.e. the weather-map lines. L H 
The double-meaning for * Low ’ in the mnemonic reminds you of this. 
‘Lows’ cause more clouds than ‘Highs’, so you focus on ‘Lows’. 
I.e. when you see the low clouds; you say ‘low clouds come clockwise’ and automatically imagine............. ‘Low On My Left’ Plus ‘High On My Right’ 
The Alternative Southern Hemisphere version of Buys Ballot’s law. This new version goes like this : 
Face the low clouds (unaffected by friction—winds at 600m high are considered unimpeded), Low surface 
then rhyme: L— L ;igh—igh. (Don’t Suntwist yourself.) clouds winds (SH) 
[Cf “Face the wind, (In the northern hemisphere you have to say “back to the wind”) ¥ 
Sun-twist yourself up to about 30° to counteract friction (which makes the surface winds spiral inward to the low centre)] 


Surface winds could also be expected to be half the speed of unimpeded winds, less impediment over sea, more over land—about one third. 


A Compass-Needle Continent—Swinging the Continent 


Mentally glue a miniature continent under the compass needle, to swing with it. 





The idea is twofold: 1. To reprogram your mind — “The continent is not swinging, so... I must be!” 
2. To orient yourself meaningfully — to the invisible picture 
3. To remind yourself of compass variation 


When using a compass you could: just stare at the compass-needle, like a lone night sailor in a fog. 
Or: look at what the compass is pointing to — that bump! 
Even better: also ‘see’ the needle lying across the whole continent 
Keep going: pointing to Northern Canada 
p Don’t forget: the map you are using — the real one, not this imaginary one — 


should also line up properly — twist it around until it does. 


Section 1: Big Picture; Top Down 


Global Orientation: Point to the South Pole... 
.half its polar distance below horizontal 


If you had to point “South” you need to point horizontally. 

But when you have to point out “the South Pole”, you must point below horizontal. 
(It is similar when Northerners use the North Pole) 

Imagine the true scale... you are on the circumference, not above it... 








The question is: “What is the exact angle below horizontal?” 
The answer is : “The South Pole is HALF its polar distance below South.” 


Example: at 45° S., you point 222 degrees below the horizon. (90-45) /2 
Example: latitude 30°; colatitude = 90-30 = 60°; half that equals 30° Down There! WA 


Example: latitude 60°; polar distance 30°; 15° below horizontal. See SP 





Optical Illusion — Beware! — Use Your Shadow Not the Sun, For Direction 


When the Sun is directly behind you, it seems to be behind on the left when you look over your left shoulder, ce ae 
and behind on the right when you look over your right shoulder! And when the Sun is exactly to the side, 

it nonetheless seems to be ahead of you. (Every sports coach knows that when you turn your head, your body follows it.) <— 
Don’t rely on where the Sun seems to be... USE A SHADOW INSTEAD! It is also easier on your eyes. 


And then don’t get fooled by the shadow of your finger, when you throw a shadow onto your map to find the Sun’s direction. es 
It may look straight but it doesn’t point to the Sun, until you line it up with your fingertip while looking from directly above. 


The shadows will always be parallel, but the Sun’s rays will always join object to image, fingertip to fingertip-shadow... 
The first diagram is illuminated from behind you...... 


To avoid looking at the Sun, try this: ff ae ae - 
Point your walking stick from somewhere beneath your eyes, oe: = - Pirate 
outwards, and rotate yourself until it is in line over its own S, Wro ng Ri cH 

aS 


shadow. $$ 


Right Around the Horizon, Stars Move to Your Left, Down South 


Looking South, all the lower stars move left. It is only the high Southern stars which move to your right. 
Looking East all the stars rise to the left Looking West all the stars set to the left 
(i.e. we see the bottom half of the circles 
down at horizon level, looking South) x x ¥ ¥ 
East West 
Looking North, all the stars move left. The same goes for Sun, Moon, Planets. 
(we see the top of the circles) 
West East 
Looking directly overhead, or behind your head, will not work! (it is all opposite in the northern hemisphere) 


Mentally Rotate the Sun-Moon Line Around Polaris 


A whole line through the sky gives a better ‘feel’ for direction than a single point — than either the Sun or the Moon alone — 
So join the two and watch them rotate together during the rest of the day. 


(Southern Hemisphere view) 








North Pole Star, 


When you can see both, and you know where North is, you watch them. 
When you see only the one, you look for the other, and so find north more exactly than by using either one’s path by itself. 
Add in any planets to continue the process at night, then from planet to planet or to Zodiac stars, after moonset. 








“Bears Circle Clockwise” 
Compass Bearings are Clockwise, A Full Circle, and Eurocentric, Cee? 


In EUIOee the Sun moves clockwise... from North (Where the Sun is at idniahe 0 hours) = 0° as far as the horizontal angle volved is concerned. 


180 East is at about 06 hours (sunrise) or 90° True — Sun-wise or Clock-wise from North 
South at about 12 hours or 180° T (noon) 
270 West at about 18 hours or 270° T (sunset) — so you see, the bearings circle clockwise, from North, 360°. 





Looking S. / from above 
A Southerner, of course, would prefer to go 360° anti-clockwise, from South, but they didn’t get a vote. 
Everyone in the world is expected to submit to the (NH) rule: compass bearings should be measured in degrees, up to 360°, from North, clockwise 
around through East — like the ancient Babylonians; like the Northern temperate Sun. 
Not many people consider using 400 grads (4 right-angles of 100 grads make up the circle), or consider going left-around, through West, 
Or even think of starting at South. So don’t you dare (unless you don’t call it “a compass bearing”). 
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Section 1: Big Picture; Top Down 





sunrise . . 
The North Pole is Perpendicular to the South Pole 
North + South 
; Since the poles are 180° apart — opposite — you see them as 90° apart — half the arc distance. 
i“ \ The numbers can’t work out any differently. 
NN 
North Pole ‘\\| South Pole Example: 10° S. Lat. = Equator is 10° North of you. South Pole is 80° away — the “Polar Distance”. 
a A —e = So S.P. = 40° below S. 


North Pole is another 90° past the Equator. 


ae aa So N.P. = (90 + 10)/2 = 50° below N. And the gap is 90°. 





va 
di 
oe = A simple way of looking at it is to say 
NP ana “Diameters yield right-angles at the circumference” 
NM Now go outside and point to the Poles. 
\ 
Specs beck 


The Dark-Blue Polarisation Band Perpendicular to the Sun 


90° from the Sun there is a circle of darker sky. Bees navigate by this clue. The whole sky shows degrees of polarisation. 
You can see it naked-eye, but since it is due to polarisation, it is much clearer through Polaroid sunglasses or a camera filter. 
Point the top of your polaroid sunglasses toward the Sun for best effect. 
The dark blue band is narrowest highest up (in the direction of your shadow, and perpendicular to that sunbeam) and varies with visibility and haze. 
The sky is darkest away from the Sun and away from the horizon haze and 90° from the Sun. 
You can always guess where the Sun is, from the gradations of blue. After sunset the band is caused by the brightest part of sky. 
Example: You are in a forest at dusk. The sky is blue overhead, but the sunset direction is not visible. Find the Sun from the blue! 
See the “Sunny Skies System” (p.19e) for how to use the ends of the dark blue band, and its trend. 


The Centre of the Rainbow is Down-Sun 


The shadow of your head coincides with the centre of the rainbow’s circle. (Pilots often see the full circle of a rainbow) 
The radius of this circle is two wide hand-spans — spread out your 10 fingers fully, thumbs touching. 
Whenever you see a rainbow, treat it as a clue to ‘shadow-South’ (p.14b) i.e. relate its position to the time of day and to South. 
The shadow of your head is on the end of the shadow of you, of course, but when you can’t see it due to clouds, you might be able to see a rainbow. 


Identify the Stars That Pass Directly Overhead 


Each star has its own latitude, called “declination”, which is very nearly constant. 

So the same series of stars of the same latitude will pass overhead that latitude, each night, each in turn, each at some fixed star-time. 

This is true anywhere on the globe. 

Use a plumb-line. The top of the plumb-line points ‘up’ to overhead (when looked at from any side, so) where the ‘up’ lines cross is ‘overhead’. 
Look past it from 2 or 3 directions to find overhead, especially looking North/South for longitude-timing, and East/West for latitude-positioning. 
Then use a star-chart to identify “exactly overhead”, latitude-wise, at least. If you can do this, even without a watch, this will fix your latitude. 
Plus or minus a few kilometres is the expected maximum accuracy from using a plumb-line. 

For longitude, you need to determine the star-time at which one of these stars is overhead, or at least passing from East of you to West of you. 
Greenwich (absolute) star-time, not Local (relative) star-time, that is. To the nearest 20 seconds is okay. See p30c. A 4 min error is 1° error in long. 
Alternatively, set your reference star-time to some other longitude, e.g. home, or start, or destination, or a round number. 

This time & position data is life-long, give or take a few kilometres of predictable precessional drift per decade. 





You can get back to that place later — Match the appearance and timing. It’s easy to tell which way to move in order to “match up” (p22a,c; 23c). 
You need to know a star’s longitude, so you need an almanac or list. Look down the list for bright stars with your latitude, and go look for them. 
You will quickly learn about having to wait for the right ‘star-time’! 


Weather Fronts Distort The (Circular) Wind Circulation 


Buys Ballot’s law is only approximate, because of the sudden wind-shift at a cold front. 
Cols, Ridges and Troughs are likewise noncircular. E.g. ‘centres’ will sometimes split into two... 
! 


In the trough, crossing the ridge, 
the winds are turning right. 
Westerly (SH) This airstream is turning left (SH) 
around the High centre. 





Trough 
You can’t accurately say that these winds are ‘circulating’ around the Low or High! But you can say that 











Low in right-turning winds the clouds are forming, under the influence of a Low or a trough (SH), and 
(SH) left-turning winds are under the influence of a High or a ridge—the clouds are dissipating. Swap left and right in NH. 


Mnemonic: (Interpret a Compass Needle as) “RED HOT — WHITE FROST” 
F 


When southerners look South, it is to the “white, icy, Antarctica, frosty cold, in the shadow”... “gh Wis Red Tip 


Southerners are looking North to the “red, hot, tropics, dripping with sweat, in the Sun”... ........... 





So when you notice the red point of the compass needle you say to yourself “red-hot!” 

and try to feel boiled on that side (as if by a bon-fire), and then visualise the invisible tropics North of you. : 

And when you notice the white point (e.g. during a back-bearing) you say to yourself “white-icy cold-frosty- -Antarctica”” 5 

And then try to feel frozen on your ‘Shadow-South side’, and imagine the South Pole, e.g. point (down) to it. White end 


You can also remember that the Canadian flag is red (but it is not hot in Canada). 
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Fig. 8. Dependence of multi-antenna techniques on system characteristics. 


Dual-direction patch Yagi-Uda array 
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Parasitic director elements 


Radiation beam 
(at #1 feed) 


Fig. 9. Thin and small sector beam antenna. 


[19]. It has square parasitic director elements that are 
shared by two sector arrays that face in opposite 
directions, and it has a hexagonal central director ele- 
ment that is shared by all six sectors. These elements 
form three line arrays, which intersect at 60°. These 
shared elements enable the sector antenna to be com- 
pact. Experimental results showed that the fabricated 
antenna had a conical plane beam width of 63° and 
high front-back ratio of 17 dB. The creation of adap- 
tive (smart) antenna hardware has been investigated 
[20]. A novel beam combination method for wide- 


Vol. 3 No.9 Sep. 2005 


band digital indoor communication systems such as 
WLANs has been proposed [21] in NTT. Crossed fan 
beams are used at the base station and mobile termi- 
nal. The beam combination method provides better 
transmission quality than the traditional pencil-beam 
combination and eliminates the need for complex 
beam control in the base station. Maximum disper- 
sion distributions in the transmission frequency band- 
width have been calculated using a three-dimension- 
al indoor propagation delay simulation algorithm. A 
method of designing adaptive antennas including an 
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Section 1: Big Picture; Top Down 


Global Orientation: the South Pole Star, and Polaris 


(In the Southern Hemisphere... ) 
Polaris is below the northern horizon, by exactly as much as your South latitude. N 
E.g. at 45°S. lat. Polaris is below North by 45° Around it the northern stars circle anticlockwise...... : 





45° £: 45°S Lat. 
The equivalent “South Pole Star” (a dim pinprick in the midst of dim pinpricks) is : 
above the southern horizon by exactly as much as your South latitude. E.g. 30° S. = 30° above South x 
Around it the Southern stars circle clockwise, once per day-night. 

Locating the South Pole Star, helps you in the following... 


e You can use the bright stars — Cross, Pointers, Achernar — as hour-hands on a 24-hour clockface. x 

e Star-paths Circle around the Pole Stars B0e 4 30°S Lat. 
e So do the horizon, the Sun, the Moon and the planets — You can predict all their positions. i 

Finding the Pole Stars is Fundamental to Visualising Rotation. = 


e You r Shadow Rotates with the same clock-sense as the Sun — not surprisingly! 
e S hadow- Rise a nd Shadow-Set is opposite direction to the Sun — not surprisingly! Together they can 


e M nemonic: (Face the opposite direction as for the Sun mnemonic p.5b) surprise you! 
Face Shadowy South for Southern Hemisphere (Face Sunny South for Northerners) 





“Shadow Rise is on the Right; Set is on the Left” (Same rhyme as for sunrise and sunset, but facing South, both hemispheres) 
Your Shadow Passes South of Southerners At Southern Noon (compare: ‘The Sun is North of Your Nose at Noon’) 
(North of Northerners at Noon) 
Your Shadow Moves Anticlockwise — around to Your Left — Down Under 
(Clockwise — Around to Your Right — in N. H.) 
(The Southern Hemisphere Horizon still shifts to the right, in real terms. The Northern Hemisphere Horizon still Never Heads Right’) 
In addition, notice: The shadow tip moves due East, at around noon, and in a much straighter line than you expect, all during the day, 
as the shadow itself changes, from pointing to opposite sunrise, then to pointing to South of the object, then to lying opposite sunset. 


15 Ways to Locate the South Pole Star Or the N./S. Meridian 





Ls Halfway between Achernar and Epsilon Centauri (located from the six bright stars near it) Hadar 

2. Rigil Kentaurus to S., at right angles to Hadar............ 

ce Beta Crucis to S., parallel to gamma-to-alpha Crucis, 5 Cross lengths __... Use 2. and 3. together R.[K. South 
4. Beta Hydri to alpha Crucis, as far as the beta-to-gamma-Hydri length _... most accurate 

5. Mirzam through Canopus (“Crucis” says “of the Crux” i.e. of the Cross) 

6. Suhail through the top half of the False Cross through Miaplacidus (gamma looks a bit like a thin alpha twisted 90°) 
7: Make a triangle out of the two Magellanic clouds toward R. K. — very crude but useful 

8. Gamma Hydri to beta Triangulum Australe — the “back” star of the Triangle 

9. Alpha Hydri to Hadar 

10. Arcturus to between the two ‘Pointers’ (R. K. & Hadar) } These are used in reverse 

id. Spica to between the Cross and Pointers } — to locate Arcturus 

12. Middle of Corvus through middle of Cross } Spica and Corvus 

13. Atria to the star between Canopus and Achernar, alpha Dorado 

14. Peacock to Avior 

15. ‘Your Latitude’ degrees above horizontal, due South 


“Cusp North” — Approximate Direction from the Moon 


The Sun-Moon line marks the approximate Ecliptic. 
The “centre” of that circle of Sun-planets-asteroids is located in “Draco”, 
quite near “Polaris”, the North Pole Star. For a start, ignore the difference... 











Approx. 
e Join the Cusps, tip to tip : > 
e Drop the line diagonally é 
e Keep going down to (near) Polaris (latitude degrees below horizontal) 
e Come vertically back up to “Moon North” (in the worst-case +/-60° “accuracy”!) 
You have to do this only once or twice a day. Compare it with True North and automatically adjust it fo the rest of the day. (NH is similar) 


Mariner’s “Compass Points” work on Successive Halvings 





NNW , NNE 
N. N. NW. NE \ / N by E Start with the nearest 
major point; add ‘by’ 
W. E. NE by N 
45° ‘by’ means 
90° / x 11 1/4° ‘come 11 1/4° towards’ 
S. S. SW SE SSW: SSE NEb’E (or ‘one point’) 
180° difference fh There are 32 points 
altogether on the compass. 
Make your own emergency protractor (e.g. as a compass, sextant or plotter) 
by folding any piece of paper, and folding it again and again, matching line to line _—é b’N One Point is approximately 
so as to exactly halve it with every fold. One Palm wide 
One more halving and you get 64 divisions, each of “100 mils” (so named and used (32 around the horizon—test it) 


because 1mil is approximately 1 in 1000 e.g. 1 m in 1 km) i.e. 6400 mils around, clockwise, 17.7778 mils per degree. 
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Section 1: Big Picture; Top Down 


Pole Star Locations — “(Latitude)° above and below, South and North” 


Why? Think: at 0° Lat., they are 0° high. Yes? At 90° Lat., they are 90° above and below horizontal. Yes? 
If you need further proof: Draw a Diagram of two parallel rays to South Pole Star... 
all pole star 


Polar Distance 
W® (co-latitude) 


Sp. antes Cu = The elevation of South Pole Star above the horizontal ~ a 
se ee = the latitude = the arc-distance of Equator to you.. \ 
a” (the angle, adding up to 90° with the PD, must occur twice in the 180°) y) 
+ 


Equator 








Same arc-distances Same angles 


The Sun Passes Quickly Past North-South Nearer the Tropics 


Don’t get caught misjudging the Sun’s horizontal direction near midday. 
This pattern shows When it is high, it moves more than 15° per hour in horizontal direction. 
the hourly change 

in Sun or shadow direction 


at 30° latitude, Mid-Summer... 





The Sun is East/West 

at (noon -/+ 2 hrs 44% m.) ihr. 

at 52.9° high. At other latitudes the pattern will be different — more uniform 
away from the Equator, and with a different day-length, 
depending upon the season. 

I.e. You need to calculate each particular pattern from the 


Latitude and declination and season (as if calibrating a vertical stick sundial). 





This shows the 
seven hours’ sunlight 
(one side of North/South). 


Large cee ea South Pole 


; = all MageTl Cloud 
Magellanic ep ege cue es Star Chart 
Alpha Dorada Hvdrus * "Peacock 
Cloud ; 


: oS beta 
wre es ¥ rotation 
6 hrs. te ‘ 7 
Mirzam 6 si © Atria = Alpha Tri. Aust. 
Cano pus . Miaplacidus rae 





Sica Avior, . 
aint ‘= BE. 
False Cross. -\ "Hadar 


‘ epsilon Centauri. 


4 ‘to Corvus: Spica: Arcturus: respectivel 


Suhail 





Wind-Direction-Change Rule for Buys Ballot’s Law 


If “the Low is on Your Left Or the High is on Your Right”...and the wind is gradually changing: Add in this new information as follows... 

Imagine how the Low and High are moving across the ocean/continent as you reenact the wind change... 

Exaggerate the change as you twist yourself to follow the speeded-up movement of the wind change in your face. 

Point to the two choices (left & right) while you twist, then ask yourself which of your hands is moving to the east. 

Usually only one of the two options above — ‘Low’ or ‘High’ — will make sense of the general movement of the weather systems to the East. 
Temperate systems usually do move to the East from the West. (Both Hemispheres) 
..From 0 knots (stationary highs) to 15 (average) up to 25 knots (Lows in winter). 
Tropical cyclonic hurricanes move Westerly initially at 25-40 knots, then recurve to the pole, but the “re-enact” rule still works to show up its move- 
ment. 
In this way you can decide: “These winds are from a Low” or “from a High”. 
Don’t, of course, confuse local winds, e.g. a sea breeze, with the more general ‘synoptic’ circulation due to the large-scale pressure systems. 
To further help you decide where the wind has travelled from —from your right or from your left— check out the temperature and absolute humidity 
— i.e. the air-mass characteristics. Is the air hot and dry, or cool and moist, or warm and humid — which one is supported by the geography? 


Four Reference Directions — Name Them: “Rise, Noon, Set, Midnight” 


.notENWS 
The trouble with “North” is that it is sometimes behind you... then you have to think backwards. 
Use all four and you always have one in front of you... N., S., E., W. 
Give them meaningful names as in the title... and you can picture the meaning. 


Base it on the Sun’s daily movement and the effect is vivid. 
To flesh out the meaning even more, add in a second clue: “Rise/ Start; Noon/Hottest; Set/End; Midnight/Coldest”. 


What this does is to take the outside picture inside with you, when you enter a new building, a hospital complex, a shopping centre. 
E.g. “I’m now looking toward the mid-morning Sun direction, i.e. ‘after rise’ or ‘before noon’, which is ‘warming up’ ”. 


It is then up to you to 1) get to know the Sun’s daily movement. 
2) locate the Sun’s path outside, once. 
3) keep track of your twists and turns when the Sun is not visible e.g. at night. 
Ignore the time of day or night—it is the directions which you are imagining. You use the real Sun only as a start-up hint. 
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Section 1: Big Picture; Top Down 


Point to 2 Places on the Equator — Halfway between the Poles 


You can find the 2 Poles, apparently 90° apart, so that means you can point 45° — halfway — between the Poles, to find the Equator, 
then 90° to that for the opposite Equator (the “45°” is because the Equator is 90° from each Pole and we halve that arc). 
It locates (1) the furthest point on the Equator from you e.g. Brazil then... 
(2) the nearest point on the Equator from you e.g. New Guinea—ish. 


From central Australia... 


Closest Equator 0° 
(PNG) m vo .P. 





Farthest Equator. Notice that it lies to your South! (Brazil) 


S hortest Shadow South — Opposite Highest Noon. Always Imagine “Shadow-Noon” on your “Shadow South” Side 


i.e. Your shortest shadow is South of you at noon. Memorise how short it is (this week). S For the northern hemisphere use “North” 
(“shadowy-North”) 
..Noon-South” 

. right-around 


) 
(Shadow Noon is Opposite Direction to “Noon-North”) ' 
Imagine your shadow moving left around... ' 


| 


In the morning: South must be “ahead” of my shadow : wee .-North 

At midday : Look — see how short itis! .... Due South at noon ' awe! «North 

After noon : My shadow has “passed” South Megane ..North 

Clee 

To guess North from your own shadow, see “Walking stick North”. (p.30b) J a “i 
Try to feel the icy South, freezing that side of you! =" r ..North 
(As on a cold night facing away from a campfire). poo 
Mentally visualise: Antarctica below horizontal; an aurora above that horizon; Southern stars béhind that blue sky. ..Arctic; Aurora Borealis 
In the tropics, you'll have to be more observant, to know your shadow’s expected movements more accurately. ..Northern stars 


Find the Polar Axis by Star-Trail Bisection 
You need to imagine the centre of the star-circle. 


A Hypothetical Example: Lost in a stormy night! You want to find North-South. South Pole Star (latitude above horizontal) 
You catch the occasional glimpses of unknown stars. ” 4 








Lie down and line up one such star with a tree branch. (This star is moving to your left 
Maintain your exact position and wait for another glimpse. Anti clockwise around Polaris... 
It may only need a couple of minutes to see its direction of movement. 7 
You can also point something straight at the star and fix it in place, to see the star’s movement. / 
Bisect the result. It points to Polaris, or to the South Pole Star. e 


Clockwise around South Pole Star) 





You now need to know your latitude, roughly, to locate Polaris or South Pole Star. > 

The higher the star the clearer the result — it will be moving West. 

The only ambiguity is a low star moving horizontally (to your left). Polaris 

The Southern stars will be moving slowly; northern ones, quickly (latitude below horizontal) 

— so you may be able to guess which is which. (also polar distance or co-declination away from the star, 
Northern Hemisphere is similar — but Polaris is visible. if you know its North latitude, called ‘declination’) 


The Rabbit Looks up Ahead at Full Moon Using the Ecliptic 











When the ‘cusps’ disappear at full Moon, the Rabbit ears and face appear, approximate movement 
and let you know which way the Moon is moving. Pes 
These views are for the Southern Hemisphere — where the ‘Rabbit’ is upright. ‘ I iy 
In the first diagram, the cusps are difficult to distinguish, and so is the Rabbit. f 
In the second diagram, you don’t need the cusps, because the ears show. & 
The dashed arrows point down to near Polaris. ar" 
As an alternative to cusp-North, you can use the Ecliptic perpendicular to the cusps. — 4 
The other, solid arrow, falls roughly along the Ecliptic, with the light side of the Moon - \ Se 
pointing to the Sun and the dark side pointing to the anti-Sun. \ \ 
Therefore you can judge approximate sunrise or anti-sunrise, sunset or anti-sunset, 7 ae Zit f r 
just as soon as you see the Moon, either from its cusps, or from the Full Moon. Gibbous (‘hump pened Moony -” Full Moon 
Find the nearest horizon on the Ecliptic and picture which of those 4 directions it is. a 
A setting Moon in early daylight will show anti-sunrise, but after dusk will show up sunset. 
An eastern Moon before dawn indicates sunrise, but in the p.m. will point to anti-sunset. ay, 


“E. W. N. South” Of What! ? Rule: Say What 


e Say ‘True’ and you mean ‘degrees East of True North’ 270° T = due W. 

e Write “Gee” and you mean: relative to the map grid. 270°G # 270°T Both are clockwise around, but they start off from different directions 
e S20°E means ‘(Start at)South(;come)20°(toward the)East’ e.g.S20°E=20° to the right of the white end of the compass needle. (old system) 
Clockwise/to the Right/East-around-from-North is standard if not otherwise specified. 

x 270° M says ‘Magnetic’ — what a good compass should read. 
: 270° C says ‘Compass’ — what this compass does read. 


Note that these are standard: ‘G’ does not mean ‘Geographical’ or ‘Great Circle’ or ‘Grads’ but is recognised as ‘Grid’. 
‘M’ does not mean ‘Map’, ‘Map grid’ etc. 
xyz° can not mean anti-clockwise. 
The remaining problem is how to shift between different methods... See section 4: “East Least West Best” rule. (p.107b) 
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Section 1: Big Picture; Top Down 


Perspective Distortion — The Sun Moves in a Straight Line! 


The ‘horizon’ (at sea) seems “straight”, yes? but joins to itself! This is because you see it from the centre of a circle. That’s no problem yet. 
Two different great-circles circling around you do cut twice, but it certainly looks strange, since looking at the gap between them, 

you see “parallel straight lines”; Yet to the left and right of that you will see them both join! 

Great Circles Intersect Twice. Nowhere does either circle seem to ‘curve’, yet they manage to meet. 

The Sun ‘comes up and goes down’ but is actually ‘moving’ in a nearly straight line—as straight as the horizon... 


PUT YOUR HEAD INTO A HOOP; GET OUTSIDE; CHECK IT OUT; GET IT INTO YOUR HEAD: GET USED TO IT! 
Caution: Don’t look directly at the Sun. Watch your shadow and you will see that it moves in a nearly straight line from East to West. 
The Sun’s average path — the ‘Equator’ up in the sky — where the ‘Saucepan’ (Orion; the Pot) moves — is a great circle. 
It intersects the horizon due East and due West. At times of year other than at Equinox, the Sun’s path is still almost a great circle. 
The Milky Way is another maximum sized circle; and the Zodiac (i.e. the Ecliptic) is another such ‘Great Circle’. 
They hit the horizon twice, in opposite directions (not E/W). 
2 other ‘great circles’ you need to visualise are: Satellite paths; and the Dark Blue Band. (Star-trails are usually ‘small’ circles, and do look curved.) 


Locate Polaris (and Find North) by Imagining the Centre of Circling 


This works for the Sun, Moon, planets or stars. 
You find the centre of their circular paths by bisecting the chord. 
(Northerners locate the South Pole Star, South) 


Horizon The perpendicular bisector of an arc or chord 
passes through the centre of a circle... 


Horizontal Moonrise varies quickly from day to day 
— make sure you check its exact position. 


Don’t look directly at the Sun to do this! 





7 <——— Polaris is, in degrees, at ‘your south latitude below horizontal’ (not the horizon) — judge it carefully. 
and/or, ‘polar distance (co-declination) away from the Sun’: 90°-N dec, e.g. dec=10°S 90-(-10)=100° 


The Eagle Clips the Equator, South of Altair 


Find the star 40% along the southwest side of the rhombus... 


Finding the Equator helps you _ ees 


find the Ecliptic (not shown) 


* 






Equator 


and find where the Milky Way crosses the Equator... ‘ A 
' 
5 ' AQUILA (The Eagle, in the Milky Way) 
1x 
W E * Alta Ir (is flanked by two recognisable stars) 
* 
N as seen from the southern hemisphere 





Steering Winds 


Mid-to-high-level (upper) winds tend to push sea-level pressure-systems along 
at half the speed of the upper winds, and in the same direction. 





This rule is said to work best with small, weak, less well-developed systems; and with hurricanes. 


E.g. If the low is on your left And if the upper winds are coming from your left 
Then the storm centre might pass straight over you. 


Since the upper level winds often oscillate in the ‘Rossby Wave’, and tend to generate high and low pressure areas beneath them 
(because the ‘wave’ causes the upper winds to slow down or speed up) the High-pressure systems will on average be steered slightly toward the 
Equator, and the Lows will go slightly toward the Poles, as the systems move to the East — a rule of thumb worth remembering. 


But this extra steering-wind rule will alert you to non-average situations. 


“Rise-Noon-Set-Midnight” carries its meaning across the Equator! n.s.ew. doesn't. 


Name the directions according to the average outside picture... 

This is a visual system and addresses the disorientation of turning around. 

For back-bearings i.e. when you turn around: replace ‘rise’ with ‘set’, 
‘noon’ with ‘midnight’ (start with end, & hottest with coldest) (SH) : 
e.g. if the old direction was “after setting” the new one will be “after rising”. Anticlockwise 


When you turn right or left adjust by one of the four notches © The Setting The Rising 


After noon Noon After the rising 


e.g. ‘after midnight’ becomes ‘after rising’ if you turn ‘with’ the Sun. 
Note: ‘after the setting’ (or ‘before midnight’) is a direction of the evening Sun 
— S.W. — and can be bright sunlight, in midsummer ! : mn fe ae 
And ‘after midnight’ (‘before East’) is the direction of the South-East Sun. After the setting Midnight = After midnight 
At Mid-Summer sunrise it can similarly be very much bright ! 
Example: You enter a hospital with “setting” (i.e. due West) on your right, so you start 
at “midnight” (SH). You then navigate through look-alike wings, look-alike wards, and 
look-alike staircases, remaining oriented, and finally emerge, expecting “rise” on your right — having not looked out of a window for hours! 


(The Northerner’s version needs to go clockwise!) 
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Section 1: Big Picture; Top Down 


Global Orientation: Half the Arc-Distance below Horizontal 


Point out any country or place on Earth, by first finding the (arc-)distance there, and then pointing below the horizon... 
The method works from any place on Earth, in any direction, to any place on Earth. 
Step 1. Measure the angle around the circumference to it. E.g. guess from a globe of the world (This is an angle at the centre 0 
Step 2. Halve it. That is how far below horizontal it is. 
E.g. South Pole from 30° S. Point 30° below since it is 60° away eS 
E.g. Perth to Peking (which is directly North) is 32 S. to 40 N. Therefore the ‘arc’ to Peking/Beijing is 72°..." : 6° below N 
Try this (outside): Go through the motions of pointing out a whole circle of real places on earth, f : 
from the horizon ahead of you, to the horizon behind you, using your index finger. 
E.g. point North, then down a bit to below horizontal e.g. New Guinea, now onto the North Pole. 
Continue down until pointing down underneath you e.g. mid North Atlantic. 
At this stage you have pointed through 90°, but have pointed out 180° around the Earth. 
Turn around to continue, (Brazil, Antarctica) bringing your finger higher and higher until it is back to horizonta 
pointing at the hill on the Southern skyline. 
Your index finger has pointed out a 360° circle (as measured from the centre of the Earth) by traversing only 180°! 
Get Hold of a Globe. Go Outside. Point Out A Few Countries. 















“Noon ” is Not at 12 O'clock 


‘High Noon ’ is at ‘midday’ i.e. in the middle, between sunrise & sunset. And that is not ‘12 noon’ or ‘12 midday’ but at North — Noon North. (SH) 
e In summer-time ‘high noon’ may be near 1 or 1:15 p.m. or so. If you are on Summer Time, true noon is one hour late. 


e Even in winter-time it may be over half an hour away from 1200 hrs. This is because we use a one-hour time zone to cover 15° of longitude. 
i.e. you may be near the next time-zone, longitude-wise, and therefore be up to one half an hour ‘out’. 
You can check this up if you have a map with longitude on it. The middle of the time zone is at 712°, 22%°, etc, in steps of 15°. 
Then it will take 4 minutes to travel an extra degree westwards. Work out how early or late the Sun will be in your longitude. 


e Plus; the Sun speeds up in its ‘orbit’ ‘around’ the Earth when it is close in the Southern Summer, getting up to 20 minutes ‘fast’, by the end of 
summer; likewise it can be up to 20 minutes ‘slow’ at other times, in addition to the time zone effect. See the Equation of Time prediction opposite. 





The best thing to do about this, to predict when, exactly, it will be at ‘midday’ today, is to look at the Sun yesterday. 
(Don’t! Use a shadow instead. Notice when it is due South.) Or see 26a. 





Equatorial Stars Rise and Set Due East and West 


Always 
Globally 
e The Sun at Equinox — about March 21st, September 22nd 
e The Pot in Orion — Mintaka, the north-west star of Orion’s belt — the one that sets first — is right on the Equator 
e Various dull stars — like the one south of Altair 
e A Half Moon at solstice — give or take 5° or so — It must be 90° from the Sun which is at the solstice position, so that the Moon is at the 
ecliptic equinox (Equatorial) position. 
Other phases can be worked out, e.g. Full Moon at Equinox, but see p. 29d on how to predict an equinoxial Moon every fortnight. 
e Planets 90° from the Sun-at-solstice 
e The equinoctial points, if you can identify them yet. One is between Spica and Regulus; the other is between Diphda and Markab. 


The Moon Cusps Push and Pull the Hour Hand Backwards. Down South 





E.g. 9 p.m. 7pm. 4 p.m. 





p.m. 
Watch the Moon rotate during the day, and night. Tell the time from it. Update yourself once per day. 
The Moon rotates like this about 141% degrees or 15° per hour. So it is like a 24-hour clock hour-hand running “backwards”. N 
The correct vertical to use as a reference is not at the Moon, but at the Pole Star, if you want to be accurate. 

upright | . 
(NH — the Moon seems to turn clockwise) Read the relative time down here... | 


Back-Bearings Killed Sleepy Pilots 


Back-bearings are opposite directions — “going back home”. 
The Babylonian system of 360° in a circle has a lot to answer for, when you want to turn around! 


What is required, is to add or subtract 180° (groan)! 
But after an all-night mission, tired navigators can’t be relied upon to come up with the right answer. 
In World War II, many air-crews perished from following the wrong back-bearing back. 


Happy, relaxed, but lost. 
It was a problem requiring a solution, and a simple solution was found. What is it? (page 18e) 
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Section 1: Big Picture; Top Down 


Half the Arc-Distance below Horizontal — 2 Explanations Why 


K la. 2. (Isosceles triangle angles... (180 - 2a)/2) 





90-(90-a)=a 









A horizontal tangent =90-a 
36° angle below horizontal r 
\\ 72° ‘arc’ around the circumference — twice the angle from the tangent — but why? 
cae 1b. 
The angle at the centre 1c. 
(used for ‘arc-distance’) ..It doesn’t matter which point 
is always double the angle on the circle you use, 
at the circumference... as long as it is on the one side 1d. 


—on the larger arc here— tangent point 7 tangent 
you get the same angle each time. 
The tangent point is one such acceptable point — th last one. 


The “Equation of Time” Diagram 


The real Sun moves quicker through the sky near Christmas because it is closer to the Earth (i.e. we orbit it quicker, elliptically!). 
I.e. The Sun ‘gets ahead of’ its predicted average position, according to our clocks, in the New Year, 
And doesn’t come back to average until about the end of August. 
After that, during September to December, it will be behind average. But then, in addition, the details are complicated 
by how it also zips quickly past (gaining on) our longitude lines near solstice — summer or winter — when it is near +/-23%2° latitude. 
Here the longitude lines crowd together, if only slightly, giving the maximum effect in June & December, super-imposing upon the preceding scheme. 
The overall result may be graphed... Ocy¥ANov. +16 1/3m (both hemispheres) 
See the mnemonic on p. 86b 





Note that when the astronomers say ‘+’, the Sun is behind itself; 





April 15 +33%4m hristmas we look at the position of the Sun (not directly at it!); it comes up ‘late’ 
TM ay Pr and we have to add (about a “hr) to our guess at the apparent time, 
to find the clock-time. We say our clocks are ‘fast’ at predicting 
Jun <— New Year the Sun’s position, but it is really the Sun which is lagging! 
-14 1/3m ee a end of Jey -6%2 m cf Australia is in a“+10 hr time-zone” = 10hrs ahead, or fast on Greenwich 


Rigel-to-Capella is a good S./N. Pair 


RIGEL 


This pair points to | 
Polaris (and hence I 
to North, | 
when they are I 
‘Upright’ ) Nathl ~ 
(this view is for the | 
Southern Summer) | 
I 8: Auriga, The Charioteer 
1 pt .... The six o’clock stars are a useful N./S. pair — they are upright at 6 a.m. local star time. 
CAPELLA *# Menkalinan 
05:12 0600 ¢~— ‘Right Ascension’, or star-time, in hours of longitude East of the first point of Aries 


You can also see that the Pot handle points down through the middle of Orion’s belt 
to Meissa and on to Polaris. The Pot ‘handle’ is actually the scabbard of Orion’s sword—seen upside down (SH) 


If you cannot see Capella, then Bellatrix to Elnath, right alongside, is also a good guide to Polaris. 





Atmospheric Pressure Changes 


The air pressure falls before a front, and rises reasonably rapidly as the front passes. It falls in a trough; rises in a ridge; falls in a heatwave inland; 
falls with altitude (about one millibar per 10m). 

The atmospheric pressure normally fluctuates by a couple of millibars every day in a twice-daily cycle tied to the Sun (3mb in the tropics) and the 
wind speed may vary with it. The daily pressure on average peaks around 10 a.m. and 10 p.m., being lowest at 4 a.m. and 4 p.m.; This on average, 
is said to vary the wind speed by a couple of knots, lowest at 9 a.m., peaking at 3 p.m., but all of this is usually masked by other weather changes 
in the temperate latitudes. Pressure fluctuation is much more significant in the tropics, with any fall (or flattening) more than a few millibars during 
summer/autumn warning you of a possible hurricane (You then look for long wavelength ocean swells preceding the storm centre). Because we 
can’t feel atmospheric pressure changes, it is very helpful to use a barometer, to detect the longer-term pressure change trend. Test your barome- 
ter to see that it does not respond to temperature changes! 


Watch the Clouds Cross the Moon 


You can detect the upper wind direction most easily by watching clouds move past some fixed point in the sky. 
Look during the night but don’t forget to look during the day also. 
The stars, high buildings, high trees and mountain tops also work well. 


The O, 1, 2, 3, 4 Reference Directions 2 


Put these numbers onto the Rise-Noon-Set-Midnight System, so as to follow the Sun. 
0 = midnight, South (Southern Hemisphere) 
1 = rising, East 


2 = noon, North (use South for northern hemisphere) 3 1 
3 = setting, West 
4 = midnight, South -— use cycle 4i-e. call it “0” 

This corresponds to measuring anticlockwise! from South! in decimal degrees, that is, in grads! 

100 grads = 90° so “1” = 100 grads; “4” = 400 grads or zero grads — add or subtract “4” at any time. 0 


“0.1” in this system = 10 grads; 1/10 of a right angle; one fist at arm’s length. 
Example: In the thick bush, you see your destination but know you will soon lose sight of it. You can’t keep a straight line, so you decide to keep 
track with the O—1—2—3—4 system and your fist. With each change of direction you update e.g. “0.6, 1.6, 1.0, 0.9...” 
For a back bearing — when you turn around — add or subtract 2. 
Add 1.0 when you turn with the Sun (left), or subtract 1.0 when you turn against the Sun (right). (S.H.) 
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Section 1: Big Picture; Top Down 


Example: Point to Tahiti 











Sun 
It’s 9 a.m. summer-time, the Sun is, say, 20° high and over Tahiti (see time-zone chart). 
Firstly, point horizontally toward the Sun (not directly at the Sun!) — that is the direct path to Tahiti. 20° 
Secondly, point below the horizon, to locate the actual direction to Tahiti... horizontal 


Step1. Make a perpendicular from a sunbeam. Perpendicular to the Sun is ‘horizontal’ j 
Step2. Subtract its (present) height (20°) from 90° 

The arc from you to Tahiti is 70° 

Explanation: 

(90° - the height of the Sun), the ‘co-height’, must be the arc-distance 

from you to underneath the Sun. Think of it like this... 

If the Sun is 0° away from you, it will be 90° high — you are underneath \it. 

If the Sun is 10° away from you, it will be 80° high, overhead a point 10°\away from you, and so of. 
Step3. halve the remainder (70°/2=35°) Now add back on the 20° above the holzon... 
“Tahiti is 55° below the Sun” from your point of view. You didn’t need a globe or Me arc-distance to find it. 


the Sun is 
overhead Tahiti 


The Sun Oscillates Seasonally between +/- 231° Latitude 


To approximate the Sun’s “Declination”—or North Latitude—you approximate its variation as sinusoidal. 
Using a 365 day cycle: You approximate 360° as 1° per day, so for ease and accuracy of calculation you can 
and should approximate the day-number as 30 days per completed month + day of the month. 

E.g. March 21st is 2 lots of 30 days plus 21 = “81” days or degrees. Mar 21 


Max change 0.4° per day. 






Then to use a sinusoidal curve, you need to run from Equinox to Equinox — i.e. starting at March 21, Day 81 S 
Declination = 23.45° x sin (day number of the year — 81) 
E.g. 0° in September 21, six months or 180 days or degrees later; uses day no. 261. 
From solstice to solstice you can use a minus cosine curve... 
Declination = 23.45° x -cos (day number of the year + 9) De 
..since the solstice is around 10 days earlier than the New Year. 
Dec 21 solstice, is day no. 11x30 + 21 = 351 “-23°% in December” 
E.g. + 23% degrees on June 21, day no. 171. 
From this approximation you can predict noon-height (and, with the right formulae, sunrise & sunset time & direction and E./W. height, of the Sun). 


Use the Southern Cross as an Hour Hand 


You can visualise the rotation of the Southern Cross as a huge 24-hour clock hand. 
It is correct on April Fool’s Day i.e. upright at midnight (at 183°T), then it gains two hours a month, or 30°. (Use the correct vertical! — South.) 
As a learning aid, mark the ‘Southern Cross time’ on your calendar every month 
e.g. “two hours fast” at the start of May; and “four hours fast” at the end. 
Then, anytime you are out at night, you can ask: “What’s the time — by the Cross?” 


Picture the Southern Cross during the Day 


Yes it is there behind the blue sky... “If there were an eclipse now, it would show... there!” 

When you are navigating by the ‘spin’ of the Earth, and by the Big Picture, the proper reference direction is the North-South rotation axis, 
Which means: Polaris + South Pole Star. 

In practice, what we Southerners see, is the Southern Cross. 

So if you are imagining: sunrise — noon — set, or Moon position, or a star-compass course, or a shadow-south direction, 

you ought to be thinking: “North — Polaris down there; South — South Pole Star up there”, then you can picture the Southern Cross as well. 





The Moon is Lit By the Sun ——+ (| 


When the Moon is opposite the Sun, we must see its fully lit face... See diagram of the first man looking at the Moon, below. 

e.g. a full Moon rising at Sunset; Setting at Sunrise; Overhead at Midnight or at least highest in the sky. Sunlight 

(A fortnight later...) 

When the Moon is near the Sun, we see only its dark backside or at most a thin crescent... See the middle man below. 

e.g. a crescent Moon is only ever seen near sunrise or sunset. Wait until the Sun is below the horizon — Don’t look at the Sun! 

At other times the Sun has set, taking the Moon with it, or has risen, outshining the pale crescent nearby. 

(A week later...) | When the Moon is halfway between, we see half of each side... See the third figure... 
e.g. half a disk overhead — only at sunrise or sunset; half a disk setting — only at midday or midnight. 

A half full Moon is misleadingly called a Quarter Moon... since it takes four weeks to move between the four “quarters”. 


@ Sunlight ; Sanne 
Sun Earth ce 
Moonphase, Moon position and time of day 
are all tightly linked. “Full” “Crescent” “Quarter” 


Back-Bearing: Plus or Minus 200° Then Minus or Plus 20° 














(Or — for the very advanced sleepy student: adjust by 20° first (+/-20°) then -/+200°) a simpler solution 

Examples: 10° is small, so make it big, 210°, adjust back to 190° with a protractor 

290° is big, so make it small, 090°, then back up to 110° 
Advanced: 190° is middling, so boost it first, by 20°, to 210°, then remove 200° and use 10° compass, is to.. 

210° is middling, so try +20°, then -200° = 030° 
When you end up with numbers greater than 360°, remove 360°. When less than zero, add 360°. 
Difficult: -10° is small; first convert it, using +360° (= 350°) 

350° is big so -200° +20° = 170° Go this al 


185° + 200° -20° = 365°, so adjust it back to 005° 
(see page 109b) 
There is another solution to back-bearings — decimal degrees — but it hasn’t taken on yet. 
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Section 1: Big Picture; Top Down 


Use Latitude for a Distance Scale (Not ‘Long’-itude, Despite the Name) 


(Especially on marine charts, atlases and old maps—Newer maps are likely to have the mostly meaningless but well-scaled international map grid.) 

Latitude means “distance” from the Equator. Remember the polar “distance” 90° complement to latitude? which measured arc-distance, in degrees! 
1° of latitude = 60 nautical miles = 111 km The world is 360° around; or 360x60 = 21,600 nautical miles; or 40,000 km 

The circumference of the Earth determines how long a kilometre or a nautical mile is — at least in the somewhat outdated original definitions. 
(The N/S circumference of the Earth has proven to be closer to 40,007 km, and the E/W circumference is bloated by the Equatorial bulge.) 
One ‘kilometre’, comes from the decimal system: whereby one circle equals 400 ‘grads’; one grad has 100 divisions... 40,000 km 
Use the latitude scale on the left & right sides of a Mercator map to measure length or distance — but only at that latitude on the map. 
But do not use the longitude scales running across the top and bottom of the map — since the spacing of longitude lines should vary with latitude. 
Longitude lines must converge towards the Poles, to nothing. They span a variable distance = 1° x cos (latitude), but a Mercator map will (falsely) 
show a constant separation for longitude lines (this is to make compass courses look straight). A Mercator projection will also show a variable 
separation for latitude parallels, even though they ‘should’ be constant. This is to preserve the shape of land areas—The latitude stretching must 
match the longitude stretching. Therefore any scaling shown on the E/W spacing is only valid for the latitude at which it is subdivided. 
When a latitude scale says %2° or 30 n ml or 55 km, it means it, at that latitude, but when a longitude scale says 72°, the distance meaning is missing 





Using the Declination of the Sun 


e Noon Height = 90° - latitude + declination = (from horizontal) Convert “N.” to + ; “S.” to - e.g. 30° S. = -30 
E.g. Lat 30° S.; Decl. 20° N : Height = 90+30+20=140° or 40° (the two (opposite) heights must add up to 180°) 
i.e. The more the Sun ‘declines’ away from the Equator, and the more you decline on the other side of the Equator, the more the Sun drops 
in the sky. Alternatively, the colatitude (90-L) is the maximum height of the sky Equator... Then adjust for the declination. 


e Sunrise/Sunset — time and direction prediction 
Cosine (angle from North/South) = sine (declination) / cosine (latitude) Try dec =23°.5; lat =37°.1; 55°.67; 62°.6, for a different hexagon 
Cosine (time in degrees from noon) = -Tan (Lat.) x Tan (dec.) 1° of longitude = 4 minutes of time. 
E.g. measure the time between sunrise & set; divide by 2; solve for Lat. (make sure to use horizontal, not horizon.) 


e East/West Sun — Time and height prediction 
Cosine (E-W time in degrees, from noon) = Tan (dec.) / Tan (Lat.) e.g. 4 hrs each side of noon @ Lat 41° (Northern Tasmanian Summer) 
Sine (E-W height above horizontal) = sin (dec.) / sin (Lat.) e.g. 45° high E./W. from Lat 34 1/3°; +/- 3h21m; Mid-Summer 
e.g. take the time when the Sun is E. & W. (opposites — you need to remember to carry 60, not 10, & to interpolate carefully) and then solve for Lat. 
See p. 86b for a memorable laugh. Many more formulae and techniques are available, from books on astro-navigation. 


Perspective Distortion — Use the Correct Vertical 


Vertical is vertical, right? Wrong! To tell the time by the sky, take care. 

The higher a pair of points (e.g. stars) gets in the sky, the more you have to choose which vertical is needed for a reference, to judge ‘vertical’ by. 
Each different reference direction will give a different answer to “How vertical are those two points up there?” e.g. Moon cusps, Southern Cross 

A side view makes this clearer.... 

..a straight line which looks horizontal when looking south, 

looks diagonal in the East 





The top view also makes it very clear... a line XY high up in the sky cuts 
each different vertical at a different angle., 






Ss 


Don’t gauge the angle of rising/setting (p9a) at anywhere other than at the rise/set horizon in the rise/set direction. 
Don’t use the nearest horizon, as your reference for which way is up. 

To visualise a constant ‘rotation’ of the stars, use Polaris or the South Pole Star as the ‘centre’ of rotation. 

I.e. Use N-S longitude lines in the sky rotating in relation to vertical at North/South. 





To Determine Upper Wind Direction from the Clouds se een 


Walk in the reverse direction, while keeping a chosen cloud lined up 

on a chosen high point. You must walk across level ground to be accurate. 

Mark your starting point, then drag a line in the ground to mark your walking direction. 
This method works well for very slowly moving clouds. 





Other methods: Watch cloud shadows. 
Use the Moon, Venus or the Sun (only when it is very well obscured). 
Look in different directions at the moving clouds 
until their motion seems neutralised—they are moving directly toward you. 
Use binoculars, to magnify the movement (but never look towards the Sun). 


—> 


The Sunny Skies Quadrant System 
To orient yourself on a clear day... 


Use the two ends of the dark blue band — where it hits the horizon — and the trend of the middle bit of the band, (2.0) 
in conjunction with the Sun (but don’t look directly at the Sun!) and your shadow. Sun A (Moon) 





“ No matter which way you are facing, you can detect one or two signs to orient yourself by, (cusp North) 
Or at least imagine them if you can’t see the Sun just now. 
You don’t have to look over your shoulder, which is misleading anyway. 


The middle of the blue band is above your shadow, and at right angles to the sunbeams near you. 








The whole system rotates, during the day. Fortis 
If the Moon is up, add it into the system, Dark Blue 
and Moon-North too, which is off to one side of North, and changes slowly during the day. Band End 
Combine this system with the fixed systems, of 0, 1, 2, 3, 4 and m.n., rise, a.m., m.d., p.m., set. Shadow 





an 


E.g. In the diagram, the Sun is to the left of North, so “the Sun is ‘afternoon’, the Moon is ‘before noon’. 
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Section 1: Big Picture; Top Down 


The Horizon Rotates to Your Right in the Southern Hemisphere 


1.Face the High Noon Sun. (Imagine it, if you have to, when it is not midday.) It moves horizontally from Right to Left (S. H.) “aoe 
2.Reverse your perspective — let the Sun stand still and the horizon move, from Left to Right. KR 
Imagine the horizon sliding horizontally beneath the Sun (and you shifting sideways with it). 4 XK 
3.Now imagine the Sun rising from the eastern horizon — it moves up to your left — then reverse perspective... 
Imagine the eastern horizon moving diagonally down and away from the Sun, twisting down on the right as it goes. 
Face North. Grip the whole horizon on the East and on the West, and imagine a tilted steering-wheel, 
and rotate it around the Pole Stars. Imagine a “steer right” motion. 
The invisible steering wheel faces you diagonally upwards, while the horizon, as if fixed (diagonally) to the steering 
wheel, starts off horizontal and then rotates out of its horizontal. 
4. Keep rotating the horizon, sliding the northern horizon horizontally underneath the high noon Sun, 
and beyond, until the western horizon comes up diagonally to meet your now “setting” Sun. 
You need to do this outside to appreciate it in three dimensions, to have any chance of visualising it easily. 
So put your clock back on the Northern wall (see 5e) and say “See, we Southerners have it right, after all! 
— the real movement — of the solid stuff — is clockwise” 


Tell the Time by the Compass Protractor — Tilt It Toward the Equator 


Take a tilted bearing of the Sun. The answer comes back as so many degrees to one side of noon-North (or noon-South in the N. H.). 
You then use 15° per hour to convert that to hours before or after noon-time (‘noon’ will be nearer one o’clock during daylight savings time). 


Step one: align the compass to True North 1. Top View = 2. Side View 

Step two: tilt it upward to the ‘Equator’ in the sky (the Sun’s average path) 

Step three: rotate the compass arrow to point toward the Sun N The reason for tilting is because 

Step four: make the edge of the compass cast no shadow KR CS a level sundial/upright gnomon 
This avoids looking at the Sun i} will not give a 15°/hr linear reading 


Step five: measure the degrees away from high-noon North, on a tilt (See “The sun passes quickly”) 


It is more accurate than using a finger-span 


to measure 15° per hour ‘7 
i.e. Use the compass protractor to make a 24-hour clock face 
To use the compass protractor as a 12-hr clockface, see the box opposite. Pole Star 


The Southwest Corner of the Great Square is N. S. E. W. 


The Great Square of Pegasus only has one really good right angle but it shows N. S. E. W. perfectly. 
In the Southern Hemisphere, it is the first star of the Square to rise. 
23 hours Right Ascension 
Note: When you hold a star chart over your head : Equator — Double the Square, 
‘East and West’ reverse! ; to locate it 





This is the view for the Southern Hemisphere... 


i Algenib 
Markab O T * 415° N, 
Movement to the West <———_ W- 
: Alpheratz 
Scheat B be N * +28°N. (Southern Hemisphere view) 


The Moon Rises and Sets 50 Minutes Later Each Night 


The Moon moves quickly to the West, but... 

It progresses Eastward through the night skies, night by night, by 12% degrees a day — it ‘lags’ the Sun or ‘moves backwards’ during the month. 

So that after 29% days it is back in the same place. It moves about 27 diameters’ worth East through the stars, per 24 hours 

or about a diameter an hour to the east in relation to the Sun. One ‘diameter’ is half a degree, and the same as the Sun’s. 

Sun, Moon, Planets and Stars rise in the Eastern half and set in the Western half, but some are quicker than others. The Moon is the slowest of all. 

E.g. (twice-daily) tides get 25 minutes later each tide, on average — half a day + 25 mins apart. 

E.g. the 12 month lunar year gains 11 days on the 12-calendar-month year, or “one day per month except for February, on average”. 

(a calendar month equals 30.4 days; a lunar year equals 354 days. Months 1,3,5,7,8,10,12 have 31 days—1¥2 extra; 2 extra in 30 day months) 

The explanation for the Moon’s “slowness” in rotating westwards with all the rest of the sky, i.e. from moonrise to moonset 

(it rotates only 141% degrees per hour, not 15° like the Sun) is that it slowly revolves around the Earth to the East, 

in the same clock-sense as the Earth revolves around the Sun, nahaa ease ROE 

and so must complete 13 revolutions star-wise, to the East while we see only 12 Moon months... T tonth’s change — the Moon goes full 

By the next full Moon, its backside is toward a more easterly star... ar k circle + 1/12, while the Earth orbits 1/12. 
For an anti-clockwise rotation system, viewed from the North... soon 7 aa 


Turn 90°? “+/-100° —/+10°” ! —> 





Turning right is turning clockwise; turning left is turning anti clockwise. #90" 
Clockwise increases the count of degrees East of North. So that requires +100° -10°. E.g. 257° changes into 347° Go this way 
Anticlockwise, when turning left needs -100° +10°. E.g. 257° changes into 167° 
Or use +/-10° first, then -/+100° if that is easier (near 0°). Adjust by 360° if necessary. 

There is no convenient choice as there was with a back-bearing, so you must remember whether to use + or - 100°. 
Remember to look at the Sun’s clock-sense to judge ‘anti-clockwise’ 

— anticlockwise in the southern hemisphere — to your left. ‘With’ the Sun implies - 90° - 90° goes this way 

— clockwise — to your right — (‘With’ the northern hemisphere Sun) implies + 90°. 


Hint: When sailing, you can always temporarily head either towards or away from, or side-on to, on the left or the right, a landmark from which you 
want to take a bearing, without having to change tack. Therefore you can use +/-180° or +/-90° from the boat’s compass-heading. In heavy 
weather this means that you do not need to leave the helm to use a hand-bearing compass, but merely sight along the lines of the boat, or cross- 
wise along the lines of the cockpit, stern or cabin. Simply remember that the more clockwise heading is bigger than the left-hand direction 
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Section 1: Big Picture; Top Down 


Global Perspective — Rotation of the Horizon 


Each point on the horizon rotates... 

In a circle 

Around in an Eastwardly sense, like all the real matter in our anticlockwise spiral galaxy 
Around the North-South Earth rotation axis 

Along a fixed sky-latitude circle (i.e. declination circle) 

At a fixed angle of rising/setting (one or the other) in relation to the fixed stars 

Once per day 


Example: The “Sugarloafs” were on the left of the Sun at sunrise, but six hours later they had moved to be underneath it, by rotating around Polaris 
and now, at the end of the day, they have moved way over to its right, and will keep going around for the next 12 hours of night-time. 


To further help you visualise the motion, remember that the ground under your feet is twisting you clockwise in relation to the sky, in the SH, 
so that the stars, etc, near the horizon all move only to the left as they rise or fall. For the Northern Hemisphere use “anti-clockwise... right”. 


Or Judge the Time By Sight — by Mirroring the Sun Around North 
(To Make an Hour Hand on a 12 Hr Clockface) 


Actual 
“Hour hand’ High Noon Sun = ‘Noon’ position on the Clockface (i.e. ignore real Noon-North after you align the compass properly) (SH) 
® 4 (Here, the ‘hour hand’ is showing 2% hours until ‘noon’, judging it by sight) 
\ , (For the Northern Hemisphere, you have to reverse things... hour hand — Sun — South see p.28b) 
‘ i Of course this method is really just helping you to GUESS! 


’ Alternative: Line up a pencil tip with Polaris, while making the pencil cast no shadow. With your shadow-side hand, 
make your index finger (“The Hour Hand”) touch the pencil tip, and look identical on the other side of Polaris. 
You can make it work on the Moon or a star or a planet if you know when they are North/South of you. 
You can make it work for magnetic noon, to avoid using magnetic variation. 
It works because the Sun moves at half the speed of an hour hand, 
but the doubled-angle shown, doubles that rate of change, to match a clock’s hour-hand. 
Don’t forget to tilt the compass, so that its axis lines up with the Earth axis. 





The Southern Summer Rectangle is Worth Looking for — since it has four N. S. E. W. guides 


™ Sirius 
a North: from Procyon, down through the Twins ware 
2. North: from Bellatrix down through Nath 
3. West to East: between Bellatrix and Betelgeuse to between Procyon and Gomeissa s 
4. West to East: Nath to between Pollux and Castor, closer to Pollux pa: 
he! OP. (adh ShginaO? = Equator 
(To remember the two Twins, say “Castor & Pollux, a & B, are North & South”) ‘ ea 
Bellatrix * .-#--3- —— - Procyon 
,  Betel. ; 
And a Triangle Pointing South Ve 
2! 11 
Betelgeuse, Procyon and Sirius. : N | 
: | Pollux +30°N 
Nath Fae RC mee 3 


Clouds and Con-trails and Their Winds 


e Fog, which is cloud clinging to the ground, usually oozes downhill. Now, working upwards... 


e Topographic cloud banks — may indicate e.g. the plateau edge or a mountain range. I.e. They cling to the topography. 
Also look for eagles soaring along otherwise invisible cliff edges. 
e Low clouds — they follow the weather map isobars. Also look for sideslip of flying birds and aeroplanes. 
As a rule of thumb (clenched fist!) low cloud puffs are at least three knuckles wide, alto puffs are two, and cirro puffs are one, from sea level 
e Middle (‘alto’) cloud — the puffs look smaller, the shading, less dense, but no ‘iciness’ seems apparent. The clouds obscure the Sun’s outline 
somewhat. Their wind-direction is usually different from both higher and lower clouds. This wind will ‘steer’ low level pressure systems. 
(An 850 mb level chart helps) When a change is due, the middle clouds often betray what low wind direction to expect soon. 
e High (‘Cirrus’) cloud — thinner; smaller puffs if puffy; icier i.e. fleecier, silky, filamentous; transparent, with halos & no shading. 
The Sun’s outline remains crisp when seen through cirrus. Don’t focus on the Sun! 
The cirrus-level cloud-direction in the subtropics is usually westerly +/-45°. 
Be sure to test this in your latitude. (A 500 mb chart helps) Try to catch glimpses of upper clouds through gaps in the low clouds. 
e Jet Con(-densation) Trails — are usually in the high band. Look for them according to a timetable, each day. 


The “SWEETHEART” Method of Orientation 


We are human, and ‘reference directions’ are not. So make them more human, more personal, more emotional. 


“Home” is not bad. “Sweetheart” is better. University 
Find something lovely about each cardinal direction. E.g. ‘our favourite holiday spot on the coast’ 
Something you love or hate, want, or fear, about each reference direction... Big Smoke Girlfriend 
You will find it easier to maintain awareness of bends Holiday Spot Home 
and to interpret meaning onto the skyline — what lies beyond and behind that horizon! 
Where we got Shopping 

During one walk, these highlights are unlikely to change direction much. Fined spree 

Country 

Cousins 
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Selected Papers 


antenna configuration that is suitable for street 
microcells, considering the propagation environ- 
ment, has been described. An automatic calibra- 
tion method at the transmitters and receivers 
using the transmitting signal (ACT), which 
enables realtime calibration, has been presented 
[22]. An SDMA technique using polarization has 
also been studied [23]. The transmission quality 
of an SDMA scheme that uses vertical pattern 
and polarization control was investigated in an 
actual cellular environment. For a sector cell sys- 
tem, this configuration was shown to be effective 
based on an evaluation of the spatial correlation 
characteristics. We also found that the output car- 
rier-to-interference-plus-noise power ratio (CINR) of 
the proposed configuration was from 10 to 17 dB 
higher than that of the conventional SDMA configu- 
ration when the number of users was greater than 
four. The proposed configuration can reduce the 
antenna size compared with conventional SDMA. 
Moreover, MIMO techniques enable very-high-data- 
rate transmission using a limited frequency band. We 
have studied technologies based on the eigenmode- 
space division multiplexing (E-SDM) [24] scheme 
because it provides the theoretically maximum chan- 
nel capacity and reduces the terminal’s calculation 
load. The selected papers in this issue introduce both 
theoretical and practical technologies. The fourth 
paper describes new MIMO methods with beam- 
forming to overcome problems of calculation com- 
plexity and low MIMO effect in the line-of-sight sce- 
nario [5]. The fifth paper describes the configuration 
of an 8 X 4 MIMO-OFDM transceiver and presents 
experimental results for the propagation characteris- 
tics, bit error rate (BER), and frequency utilization 


[6]. 


3.4 Satellite broadband communication system 
If we want to create a seamless and flexible wire- 
less network system, then a satellite communication 
system is very important because it provides a wide 
service area. However, it has the inherent problem 
that the distance between the transmitter and receiver 
is long, so the terminal needs a larger antenna than 
ones in the land mobile system to provide high-speed 
transmission. The effective solution is to make the 
satellite dish larger to provide high gain and multi- 
beam transmission. We have studied multibeam com- 
munication satellite technology and onboard large 
deployable antennas for creating a broadband mobile 
satellite communication system [25]. An MMIC- 
based beamforming network equipment for a multi- 
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Table 4. Typical antennas in earth stations. 





Satellite 
category 


Typical satellite 
system 


Current typical earth station antenna 
(size or length, gain) 





Iridium Helical (0.1 m, 2 dBi) 
oe Globalstar Linear whip (0.1 m, 0 dBi) 
Patch (0.1 m?, 3 dBi) 








Parabola (0.6 — 0.9 m, 18 — 21 dBi) 
ICO Phased patch array (0.5 m?, 14 dBi) 
N-STAR Helical (0.3 m, 2 dBi) 

INMARSAT Patch array (0.3 m?, 12 dBi) 

Patch (0.1 m?, 3 dBi) 


MEO 
GEO 














LEO: low earth orbit 
MEO: medium earth orbit 
GEO: geostationary earth orbit 


beam feeder whose weight is only 1/3 that of the con- 
ventional type was developed. We are also develop- 
ing a large, highly precise deployable antenna with a 
diameter in the over-10-m range. The mobile terminal 
acting as an earth station is also an important compo- 
nent of a broadband mobile satellite communication 
system. Typical existing antennas in earth stations are 
shown in Table 4. Various mobile terminals are 
accommodated in the satellite communication system 
by different transmission rates, and these terminals 
use various antenna methods and locations. A com- 
paratively large terminal antenna is required to han- 
dle high data transmission rates in a satellite system 
to mitigate the huge propagation loss. The high gain 
and narrow beam of a large antenna make a beam- 
scanning mechanism necessary to enable the antenna 
to follow the satellite direction as the terminal moves. 
The sixth selected paper describes a highly accurate 
and cost-effective auto-tracking antenna system for 
earth stations onboard vessels, using a novel incli- 
nometer that is highly accurate in acceleration distur- 
bance environments and a new systematic stabiliza- 
tion controller design process based on H. control 


[3]. 


4. Conclusion 





This paper gave an overview of the requirements of 
antennas and antenna systems in recent high-speed 
and high-capacity wireless communication systems 
and the key technologies for satisfying these require- 
ments to create next-generation wireless communica- 
tions. It also described current antenna systems and 
NTT’s antenna research results for typical wireless 
systems. 

Antennas for next-generation wireless communica- 
tions require high gain, high efficiency, and a multi- 
antenna design. A high-gain antenna can be made 


NTT Technical Review 


Section 1: Big Picture; Top Down 


How to Shift Your Horizon — Its Timing and Height in relation to the sky. 


You can navigate by the “shape” of the sky, back to a spot where you have been before, by noticing the “position” of the moving horizon. 
On a round earth you can shift your position and horizon 1°, or 360°, by travelling 1°, or 360°, around the circumference. (111 km, or 40,000 km) 
The line where the horizon cuts across the sky, varies with the latitude & longitude & the time of day. Using the Sun as an example... 
Note: The “1° for 1°” rule for your own movement, only applies after you neutralise the other motions, so as to be as if the sky is standing still. 
E.g. You need to neutralise the Sun’s daily motions, by looking at the same time of day — sunrise, noon, 6 a.m., or 12:22 a.m., or whatever. 
E.g. You also need to neutralise the Sun’s seasonal motion by looking at the same date every year — Christmas morning, June 25, or whatever. 

(Leap years can only make a difference of up to 1° — you could improve accuracy by looking only every four years.) 
Rule one: for West/East travel, remember that events like Moonrise seem to happen later to an observer further west, and... 

Earlier in the East; four minutes of time (early) for every 1° of longitude (East). (these rules work in both hemispheres) 

E.g. “Christmas Day Sunrise at camp 4 was at 6 a.m. last year, but now I see the Sun already up at 6 a.m., so to get to where we spent Christmas 
last year, we would have to go further west to make the Sun lower (the horizon higher) at 6 a.m.” (Assume you are at the correct latitude) 
Rule two: The horizon drops to reveal new sky as you travel onwards — 1° for every 1° of travel — this works in any direction. 
E.g. “The Sun rose to 75° high, but here it reaches only 7412 degrees — so I would need to travel a half-degree toward the Equator 

for it to be 75° again.” (This example has deliberately chosen a North South change.) 
Then you can shift your horizon, its timing and its height, by moving around the earth, in order to match a previous timed snapshot of the sky. 


Walking in Phase with the Sun, Wind and Moon 














e In a hot climate, walking into the Sun is unpleasant, hot and glary, especially in the afternoon, Cc 
especially if you wear glasses, so... Simple West-East Hairpin DayWalk. 
e The morning wind can be very uncomfortably cold, and it is best to plan to walk away from it, too. 
e Beach walks are more pleasant when you don’t have to battle back into the afternoon sea breeze or prevailing wind; 
so assess the forecast before you choose a start point. 
e Night walks and late camps are best done in bright moonlight — simply predict the phase. 
e Spotlighting is the easiest on a waning Moon — since the dark period is in the evening, not before dawn. 
e Spectacular pink full-Moons only rise at sunset, so it is best to predict such a moonrise and plan an early camp with a view. /N 


E.g. Up inthe afternoon shade; down in the morning warmth... 
Similar considerations apply to sailing—e.g. aim to make landfall in the pre-dawn. You can identify the harbour, or the coast, ef 
by its light-houses, then soon after be able to enter the harbour in daylight. \ 
E.g. Aim never to cross the sandbar on an outgoing tide—with steep breaking waves, in shallow water, getting shallower! 
Coordinate Your Route, Pace, Campsites & Timetable To the Prevailing Conditions. 


Navigating by the Shape of the Night Sky 


Since the star-map — the background to our view of the sky — is unchanging, the ‘shape’ of the sky involves only the position of the horizon 
across the background of fixed stars, and the rotation of that horizon with time. 
The sky gives a false impression that the sky itself is spinning, but it is we who are turning upside down! It is our horizon which is changing. 





Just as you can neutralise the Sun’s motion by looking at the same time every day (which will show up only its seasonal and longer term variations) 
and just as you could neutralise the Moon’s motion, by looking at the same phase and Moontime every month (e.g. full moon rise), to show up its 
unpredictable motion, so too with the stars. You must look at the same star-time every night. If, in addition, you look at the stars from the 
same spot you will notice no change at all in the ‘shape of the night sky’ or the position of the horizon — star motion is all predictable, with no sig- 
nificant variations. 
This makes the stars excellent for navigation — you simply locate the horizon in terms of the heights of the stars, the tilts of star 
groups, and the star-time of night. E.g. what star appears overhead and at what star time. 
Thus, to find that spot again, even much later, you need to make your horizon look identical at the identical star time. 
CAUTION: Don’t go star-navigating; rather only imagine doing so, until you become an expert. Understanding it is more useful than doing it! 

All figures, formulae and theories should be checked before you trust your safety to them. 


The Moon is “in Phase” with the Sun — Watch for It 


The Moon progresses (12% degrees per day) contrary to the general rotation, so... 

A new Moon, first seen after sunset, must grow from a crescent, in the after sunset part of the sky, as it separates from the Sun, Eastwards, night 

by night, more and more so after the new Moon. I.e. a ‘waxing’ (growing) Moon means Moonlit evenings. After full, the Moon continues Eastwards... 

A full Moon must diminish, to a crescent, in the before sunrise time of night. I.e. a ‘waning’ Moon leaves the evenings dark, until Moonrise, predawn. 

In other words, the predawns are moonlit for the second half of the Moon month, after Moonrise. In the first half, the predawns are dark, after Moonset. 
The whole night is dark in the ‘no Moon’ changeover of months. 

During the day, you ask “Is the Moon ahead of or behind the Sun?” I.e. Is the Moon predawn (waning) or post-sunset (waxing)? 























Evening spotlighting — is best in the dark before the waning Moon rises — late in the Moon month. (SH wiew) 
Night-walking—is best in Moonlight after Sunset i.e. on a full Moon, or a waxing, almost full Moon. (early-mid month) ee - Ww. 

(Think of the Moon as prouder of its nighttime role as it moves away, and ashamed as the Sun gets closer) mare asia ¢€ 
Highest and lowest (‘Spring’) tides occur on or soon after a new or full Moon. wo Waning Waxing A” W.. 
‘Neap’ tides occur (when the Sun and Moon pull at right-angles to each other) at “half full Moon”. ~ (to the East) i 





(Shallow waters introduce a lag of a day or three, due to friction and resonance effects. ) 
Make it your aim to see these things all happen in phase with the Moon month. 


The Clock-Face Method for Direction 


Quicker than 360° — it only counts up to 12! — it communicates relative directions easily. 
E.g. “3 o’clock high” = “on our right — up in the sky” “9:30 from Rigel” = to the left and just above (that star) 
Or, for horizontal directions, “ 5 o’clock from the Sun ” = looking down-Sun, and slightly to the left “six o’clock true” = South 


At 30° per “hour” it is easily compatible with 360° — both are Babylonian systems. 
(But don’t confuse it with a 24-hour clock face, which is only 15° per hour. Unfortunately our clocks do not use a 24-hour system, which would 
make them nicely travel around once per day — as fast as the Sun.) 
For shifting between clock face directions and 360° directions... 
— First convert to or from the hour: Multiply hours by 30, for degrees. Use 12hrs=0 : 0 30 60 90; 120 150 180; 210 240 270; 300 330 360 
— “5° extra” = “add 10 minutes” e.g. 255° = 0830 hrs (240° = eight hours; 15° = +10+10+10) 
— “1° extra” = “add 2 minutes” e.g. 258° = 0836 hrs 
When using the clock-face for compass directions, for NE, SE, SW, NW use 1:30, 4:30, 7:30, 10:30. 
Translate 1, 2 o’clock as “(roughly) NNE, ENE,” etc. 
Don’t use the minute marks on the clock-face because every 6° is not very user-friendly 
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Section 1: Big Picture; Top Down 


Latitude without Numbers 


When all you want is the latitude, the shape of the sky can tell you, without numbers, without calculations, without a watch. 
E.g. ‘Canopus overhead’, or ‘the Pot sets at 30° off vertical’. 


If all you want is to recognise appearances locally, you don’t need to set your Star watch to Greenwich Time, or to know a star’s longitude relative to 
Greenwich. 
E.g. ‘I set my watch to the Dog Star passing North, from home last month’. 


If you don’t want calculators and trigonometry, you don’t need to use them. 
E.g. ‘The sky is behaving the same as last year, we must be within sight.’ 


I am about to give you the star time and star longitude information, only for those who wish to work with the easiest benefits from them. 
E.g. ‘That must mean that our longitude is 150° E.’ 







Sunset Note that clockwise circuits and half-day walks 


must alternate between up-Sun and down-Sun. 








Advanced 


x 


predawn start 






























Down-Sun Summer 
Circuit Winter finish after dusk or start at no ‘nasty cold wind’ How not to 
Sunrise circuit starts the 3 o'clock in your face umnavigate 
at the 2 pm 4 position away ( a lake — 
position ‘nice cool breeze’\from the wind from the 
This Assumes Southern Hemisphere in your face finish 9 p.m. 
position 
The Sun shinesttryour eyes all day! 
How_not to climb a hill — at the end of the day How to climb a hill eA 
On a sunbaked hill face — with a morning-fresh climb How to climb a mountain 
Afternoon Sun in your eyes in the shade. Vy \ in the outback heat — 
Dawdle on top Up the west face; long lunch on top 


You walk always in the shade. 


Matching Sky to Sky — Move Only Your Horizon 
Se 


. Move towards a star and it will climb 
5 ‘Ne __ high’ _p e.g. move toward the pole star 
° to a higher latitude 
and it is higher 
For stars other than the pole star 


B. Move sideways and baie Heneo8 tilts with you 
e.g. a star pair ze x 
may not be upright 
as expected — 
move sideways. 


x Polaris 


The pole star is too low 





Assume a certain fixed star time Or perhaps 
or a very high-speed—to stop the stars moving. a star pair 
\ w <—. sets before it becomes upright 
C. Because the Earth spins to the East, it leaves the stars behind in the West. You need to tilt your horizon x 
If you move west with the star it will slow down, so... down to the right = 
Move East and the stars will get there Earlier x N/S by moving to your right.. x 
e.g. 2 stars become upright too late? eS 
You need to move easterly. x id 


You may need a combination of A., B. and C. 


Prevailing Winds on Creek Banks 


One of the two Creek banks will often have a mud- or rock- cliff due to prevailing wave-action, with the other bank being a mud flat. 
E.g. If prevailing winds are westerly, the west bank will show less erosion. 

For more on finding the prevailing wind direction when the wind is not blowing, see section 3: “Nature’s Norths”. 

Because prevailing wind is almost continental in scale, navigating by it is a sort of Big Picture technique. 


Tips for calm weather 


Listen for the wind! Sounds will carry better downwind e.g. surf or traffic. Remember this, at night when all else is still and quiet. 
Watch the angle of mist droplets falling. (Stop still for this one) Or smoke rising. 

Huff into the air to make a fog. 

Watch the flimsiest vegetation. 

Look at the leaves which dangle down from the topmost leaf clusters of a tree. 


GLE whe 


Go Overseas! 


This is a one-off effort, so go to the trouble of getting a globe, 


Mnemonic: “North; Coast” 


That’s what you should say, whenever you say ‘North’. 

“North (Coast) is over there” — it reminds you to think, 

or rather to picture, the invisible picture. 

You should make it your business to name the North-Coast town north of you, 
before you go, by consulting a roadmap 








Then of course, there is the East Coast, and the South Coast and the West Coast. 


Next, of course, the same must go for “North-West” 
— think of the North-West Coast township, and so on. 
You are not functioning properly unless you mean something when you talk! 
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to sort out what is truly “East” and “West” of you, 
in a Great Circle straight line. 
It will surprise you what East and West should mean to you. 


India Fiji 


England! Wellington N. Z. 





South Africa! Macquarie Island Aus. 
e.g. from Australia... South"Georgia (UK) 


Section 1: Big Picture; Top Down 


Mnemonic “The Sun Travels the Tropics” 


I.e. Imagine the tropical countries and oceans which are ‘underneath’ the Sun as it moves East to West during the day — The Equatorial band. 
For Australia that means from Central America Across the Pacific Ocean Past New Guinea 

On to the Indian Ocean And on toward Africa 
When we in Australia see the Sun rise, it is past noon in the Americas. At our sunset, it is approaching noon in Africa. 
See the Reference List of Tropical Places (for The Eastern Australian Time Zone) opposite. As a help to global orientation, make it your aim to 
memorise these time zones in sequence. Check it out with an atlas. See the tear-out clockface diagram in the appendix. 
The same sequence holds for any planet, or star near the Equator e.g. for the stars listed ‘opposite the Sun’ (below), but with different timing. 
You can also imagine which country the Sun is overhead while it is night-time near you, 
or which country the star opposite the Sun is overhead while it is daytime near you. 
Now, with this in mind name the general North/South directions, according to the height of the Sun: To the Sun = “Hot”; To noon = “Hottest”; 
and the Shadow direction = “Cold”; Shortest shadow = “Coldest”. 
eAlthough the Moon, by comparison with the Sun, has a “cold” feel to it, make sure you apply the same list of hot tropical countries to it also. 
When you see any Zodiacal body, you should think: “That is a Hot direction; It is over a Hot country.” and try to name the country. 











Tell the Time of Night by the Star Opposite the Sun 





Such a star will be up all night — whether the night is long in winter, or short in summer — look for it. Write them on your calendar. 
This yields the solar time, i.e. with respect to local noontime, but not the daylight-savings or summer-time, so adjust by one hour in summer. 
January Sirius Castor, Pollux, Procyon 

February Suhail, Miaplacidus Alphard Regulus This list is arranged time-wise 

March Pointers (Dubhe-Merak) Denebola Phecda Southern Cross the earlier stars are correct 

April Southern Cross Alioth Spica Arcturus, Pointers (R.K./Hadar) at the beginning of the month, 

May Zubenelgenubi, Kochab Alphecca Antares the last stars, near the end. 

June Antares Atria Rasalhague Scorpion Sting Kaus Australis Vega Use each as a 24 hour-hand around the South Pole Star 
July Vega Nunki Altair (Aquila) Peacock Deneb The Zodiacal stars 

August Deneb Enif (¢ Pegasus) Alnair (the ones on the Ecliptic) 

September Fomalhaut Middle of Great Square are in italics. 

October Diphda Mirach Achernar Hamal-Almach Only they are truly opposite the Sun. 
November Mirfak This chart is true for 

December Alderbaran Capella-Rigel Saucepan Six O’clock Stars; Canopus both Hemispheres, permanently. 


Two Different Back-and-Forth-Star-Directions Give You a Position Fix 


.-Yes, it’s just like two bearings (which are not opposite each other) from two landmarks. But because these ‘landmarks’ are so distant, 

the accuracy is only to within seeing distance. For better accuracy you would need a theodolite or sextant. 

E.g. when two stars look upright, that locates a global star-direction; a second upright pair gives you the second direction, and a position fix. 

To fix your latitude. you have to measure the time-lapse between the two star pairs. (Simultaneous is simplest.) So you need a plumb-line 
and also a watch. And for accurate (Greenwich) longitude fixing, you need to work in (Greenwich) star-time — otherwise you have only latitude 
which is fixed. So you need either an almanac, or calculator, or star-watch, or a work-it-out-at-home-later approach. 

This is equivalent to fixing which star is exactly overhead and when. To see this, look up past the top of the plumb-line to ‘overhead’ from the two 
different directions—one for each pair—to see that they must cross exactly overhead. 

The ‘fix’ is repeated accurately over years, and every night at the same star-time, with some very small predictable drift in location and timing. 
No one else on earth can see exactly what you see right now. That’s what gives you a unique position fix. 

People at the same latitude see something very similar earlier or later than you do. 

The best two directions to cross are Northwest/Southeast and Northeast/Southwest. Top-view... 

This is because East/West star directions are time-wastingly difficult to determine. 

This method is most helpful, of course, at sea, or in the desert, or as a hobby, or when lost. 


Predict the Full Moon Path According to the Time of the Year 


The full Moon is opposite the Sun, and is near the Ecliptic, i.e. in the Zodiac (the Sun’s path through the stars) so that... 
When the Sun is in midsummer position—high, and up for a long time—the full Moon will be in a midwinter position—low, and setting again quickly 
When the Sun is in the midwinter position—short days—the full Moon will be high and up for a long time — long nights. 
The two complement each other, since when one comes up the other goes down, and when one goes down the other comes up. 
Both Sun and Moon are on the Ecliptic—not usually on the Equator—but, at the Equinoxes, the Sun is on the Equator, so the full Moon is too. 
Near Equinox, of course, the Sun and Full Moon will rise and set in almost the same positions — East and West — and follow similar paths — 
about 12 hours each, along the Equator. The Equator and the Ecliptic intersect in two opposite points — the equinoctial points. 
In other words, you can use the full Moon to visualise the Ecliptic, and to guess where the Sun is, i.e. to guess the time of night, 
Or you can use the Sun to visualise the Ecliptic, and to guess where the full Moon will be, how high, and for how long. 


Finding North from the Moon, by its height & phase 


The Moon will follow a Midsummer Sun’s path, or a Midwinter Sun’s path, or an average height path, according to where on the Ecliptic it lies. 
Because the phase of the Moon is determined by its relative position to the Sun, the combination of the time of day, the phase, and cusp-Ecliptic 
gives you an unmistakable sense of where North should be, when you see the Moon. When you see the Moon surprisingly low in the sky, and the 
cusps confirm that the Ecliptic lies fairly horizontal, you know that it is somewhere near North (SH), following a low and horizontal trajectory, rather 
than a Moon ‘just now rising’ on a high trajectory, like a summer Sun in the East. 





One Degree is about One in Sixty Lin 60 


And n° is about n in 60. e.g. 10° is 1 in 6 (p96a), and 6° is 1 in 10 (3 fingers wide, or 3%2 knuckle-centres, at arm’s length, or ‘blink your eye’). 
These are handy rules of thumb for navigators. If you use an isosceles triangle, the rule is remarkably accurate for most acute angles. 
Example: “Oh I forgot magnetic variation! I’ve been 5° off!! Oh well, I will simply adjust sideways. Isosceles 

I have come 12 km; 1/60 of that = 0.2; times five = 1 km off” 


Actually 1° is 1 in 57.3 (1.75:100), predictably slightly more than 1 in 60, but as the angle increases so does the accuracy of the 1:60 mere 
r A : r 





The rule (n° = n across at 60 away) is based on: the third side of the isosceles triangle (is twice the sine of half the angle). 

(If you don’t like numbers, try this other “handy” rule...) 6 (equilateral) lots of 60° 

Rule of Finger: point your index finger at something — the fingernail is 1°. 

Why is 1° slightly more than one in 60?... 60° 

Six equilateral triangles go all around the circle, but, as you know, 6 1/4 radii go around the circle. 

This is because the circumference, longer than the hexagon, is 2pi times the radius, or 6.283r one radian=57.3° r ee r 
So one ‘radian’ of arc, which is one radius long, but curved, will be slightly less than 60° i.e. 57.3°. ¢ 
So if the radius is 60, one sixtieth of a radian will be “one in 60”, and slightly less than 1°. 1/60 of 1S =1in60 r i 
377 of them go around the circle. For 360 degrees around the circumference, the radius needs to be 57.3. 

The equivalent is ‘5/3 across at 100’ (5 at 300, 167 at 1000; above 10°) 54 with the more exact figure for up to 10° = 7/4 in 100 





Section 1: Big Picture; Top Down 


Tropical Countries and Places Under the Sun — Arranged in Time Zones Relative to Eastern Australian Time — 10 hrs ahead of Greenwich 


-12hrs. The mid North Atlantic (is opposite Australia) 0 Rockhampton, Tropic of Capricorn 23%2° S. (Canberra 36° S.) 
-1ihrs. Brasilia 16° Sao Paulo/Rio de Janeiro 23%2° S. 1 Alice Springs, Tropic of Capricorn 

-10 hrs. Trinidad and Tobago 10° N. 2 Sulawesi 0°; Manila 15° N.; Port Hedland 20° S. 

-9 Cuba/Haiti 20° N.; Bogota 5° N. 3. Christmas Island 10° S.; Jakarta 7° S.; Singapore 1°N. 
— Panama 8¥2 hrs ahead of Australia — Cocos Islands 

-8 Galapagos 0°; Guatemala 15° N. 4 Calcutta Tropic of Cancer 231%2° N. 

-7 Gomez 26° S.; Mexico 231° N. 5 Maldives Equator 

-6 Pitcairn Island — Easter Island 25 to 27° S. (L.A. 34°N). 6 Gulf of Oman Tropic of Cancer 

— Tip of Californian Peninsula 23%2°N; IDR Gigego 20°N — Seychelles 

-5 Mangareva Tropic of Capricorn 7 Port of Aden 12° N.; Mogadishu 3°; Madagascar 232° S. 
-4 Tahiti 17°% S. 8 ~The north of South Africa on the Tropic; Lake Victoria 0°; 
—Cook Islands 11° S. Sudan/Egypt on the Tropic; Aswan High Dam 

-3 Hawaii Island, Tropic of Cancer 9 Namibian Desert coast on the Tropic; Lake Chad 14° N. 
-2 Fiji 15° S. 10 Timbuktu 17° N.; Accra 5° N. 

-1 Noumea 21° S. See pp 132f 11 West Africa coastal bulge 15° N. 


Tell North from The Time By Using a Protractor 


Reverse the method for telling the time from the compass protractor and North. To make the zero point North... 
Make the sundial (protractor) show the correct time (one side of ‘noon’ time). Simultaneously make sure the sundial face is tilted to be parallel to 
the Equatorial Plane... I.e. For best results the tilt of the protractor according to the latitude, needs to be accurate. 
Consequently, you may find it an interesting exercise to mockup a large (bigger = better) cardboard multi-protractor 
— e.g. by marking the sides of a cardboard carton. 
Use a plumb-bob to accurately tilt the protractor, according to your latitude. E.g. pin the plumb-line to the top, side corner, 

and mark 90° on the flat face... 
This instrument may be used to find North if you know the local time, or to find the local time if you know North. 
One side of the carton is used for the latitude protractor in conjunction with the plumb-bob, a second side can be marked as a sun- 7 
dial protractor. / 
E.g. use another (long, straight, perpendicular) pin at the top corner of the side facing you, to cast a shadow across a 90 degree scale 
(— this is for accuracy, rather than make a full 180° or 360°). 
Morning and afternoon then require separate scales; Winter-time requires that you face away from the Sun. 





Boe Land-Navigation, Choose the Plumb-Line Star-Pair Method tree 





Use a smooth constant diameter line, preferably thick. Make the plumb-line tall and stand far back. 
Make the cord either white or black to stand out against the sky, then maybe flash a torch onto it. * 
e Pour sand around the plumb, to anchor it to the ground. Avoid wind, especially if you hang the line from a tree branch! 
e “ Blink ” the stars “on” and “off” behind the plumb-line, both on its left and on its right, by moving your head. 
e Average the “start” & “finish” times. I.e. “It seems to line up now for the first time”... “definitely finished now”. One accurate set of meas- 
urements is better than several rough ones. One star will gradually move over the top of the other star, and you have to pick exactly when. 
e Choose well-separated stars (e.g. Rigel & Capella) 
e If you want the timing to give you your longitude immediately, choose a North/South pair (e.g. Rigel & Capella) — (you need to know the 


star’s longitude or its timing elsewhere, i.e. from a known longitude). 


e An East/West pair will give you your latitude (without the need for a watch). The observation here is not the time but whether or not the 
given pair will attain to uprightness, after the first glimpse or before the last glimpse. Beyond a certain latitude, a given star pair will always 
remain tilted, less than vertical. This latter process can be time-consuming. Use a hand-held plumb-line occasionally, to check the progress. 


Predict the Moon Phases by “ N minus M ” 


“N “is a number (you calculate) for one particular year (e.g. For 2004 it was “24”, in Australia’s time zone, for the New Moon) 
“M "is the month number (e.g. April is “4”) 
“N-M “is the day of the month for a certain fixed phase (e.g. in April 2004: 24 - 4 = 20th April 2004 for the New Moon) 
April 20 was dark all night. New Moon seems to show the most regularity. The ‘new Moon’ is more accurately ‘no Moon’. 
Other phases happen one week later, two weeks later, three weeks later — ‘quarter’ by quarter — 29% days for the whole cycle. 
(The number, N, in 2004, would be 2; 9; 17; 24, 32 approximately, for 1st; 2nd; 3rd; final and ist quarters respectively.) You can add 29% to N. 
Then in 2005, the number, N, for the new Moon was 13... (i.e. in April 2005, 13 minus four equals... the ninth of April — no Moon). 
And in 2006 I used N = 32; 21 in 2007. The number N for the New Moon must be close to any New Moon date + M, e.g. December New Moon+12 
Check your diary’s calendar each year for the Moon phases; test and tweak a number N which works to within plus or minus one or two days. 
The prediction is fairly crude, but with trial and error you can come up with the best number and phase combination for that year. For 2010, itis 18. 
—usually 11 days less than the year before (12 for leap year) because the lunar year of 354 days is 11 days shorter than the ordinary solar year 
I.e. a good mnemonic is: the Moon gains one day a month for every month except February (which has only 28 days). 
Hints: Subtract " M ” twice for January and February, for more accuracy on non-leap years. Alternatively, to cope better with leap years... 

Start the year in March (after the short month, February). Call January & February “months 13 & 14”, but subtract 1 more for their accuracy. 
Note: The “Full Moon” is when the Moon is nearest to “opposite the Sun” and it may not be exactly on the horizon when the Sun is. 











Walk across Australia! 


(Substitute whatever continent is appropriate) 
Mentally line up a wall-poster size map of the whole continent (or bigger) with the track. 
When you approach a bend, place the map on the bend, then walk all over it! 
It’s hard to miss the meaning of the bend if you bother to do this. 
Your mind may not believe that it is not still going ‘straight ahead’ until you force it to catch up with the facts! 


English! 
“East-around” from North, is West-around from South, in a horizontal clock-sense. An “Easterly” course means East-wards — moving to the East. 
An “Easterly” motion means East-wards. E.g. an “Easterly spin’-motion = “orbiting in an Easterly sense” = moving E around the N/S spin-axis But... 
An “East(erly)” wind means flowing Westwards, from the East. An “Easterly” current might be flowing Westwards, from the East, but 
an easterly tidal “set” is an offset to the East. (Set is how far the tide “sets” you off track. The speed is called the tidal “drift”. ) 
“ Due ” East means “exactly” East, as when a loan is “due” — “right now!” Always double-check what someone means! 
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Section 1: Big Picture; Top Down 


North/South and Noontime by Bisection (of Rise and Set) 


Rise and set are symmetrical around North/South, provided you use horizontal, and not the horizon. 
In hilly country, instead of ‘rise and set’, you should use equal height of the Sun (e.g. in NE and NW). gd knot to cast a shadow 
“Equal height” translates as equal length shadows of an upright, straight stick or cord, onto flat ground............ 
Or, better, use a bush sextant, p.27c, set to a fixed reading. 

There are four ways to bisect two directions to find North/South — so don’t muck it up by 90° or 180°! ...sand settles the bob 
The second diagram will work in both hemispheres — but double check the results for sense. 
There are also two ways to bisect the time — so don’t mix up ‘just before midnight’ with ‘just after noon’. 
It is also hard to ‘bisect the time’ to find noon, which of course, is not at 12 noon exactly, nor at 1300 hrs exactly in summer. Sunset 
To work with hours, you need to carry 60 minutes, not 10 or 100! So be careful and crosscheck your figures. N shadow 
Be accurate or your results will not be worth the effort. : yesterday; 
E.g. rise: 0529 hrs; set: 1820 hrs Add... = 2349 hrs Halve... = 1100+(60 +49)/2 = 1154% hrs = noon. Ri? lle 
Check: total elapsed time: 1820 -0529 = 1251 = 2x0625%; 0529 + 06252 = 1154% = correct : 

1820 - 0625% = 1154% = correct 








Sunrise Today 


Longitude and Latitude from the Sun 
Longitude... 


Try timing the Sun for equal height each side of noon e.g. NE & NW (SH) to calculate the time of noon. 
This can tell you your Greenwich longitude, provided you know the Sun’s longitude, that is, its G. H. A.— from an almanac or calculator. 
The Sun shifts predictably at a rate of near 15°/hour westerly. Almanacs make it their business to predict its West longitude exactly. 
Of course the Sun’s longitude at the time of your noon is your longitude too — since it is north of you. 


Now try timing the Sun in two opposite directions at the same heights i.e. East and West. 
You could try using the shadow of a plumb-bob on flat and level ground. Mark the shadow carefully. 
This will be most accurate in the season when the Sun reaches high — in the summer sky. 
By a series of early observations you can guess at when to make a final observation. 
Using a theodolite or bubble sextant allows you to graph the rise & fall of the Sun (or a star) and see when ‘same height again’ happens. 
See the ‘Bush Theodolite’ for an alternative measuring method. 
Latitude (There are easier ways!)... 
You can now solve the E/W formulae for your latitude — e.g. try the formula that predicts the timing of East and West for the Sun. 





Equal-Height Stars Can Be Useful When the Sea Horizon is Visible 


(or with a bubble sextant) 


For direction, use the mid-point, of two stars which appear to be of equal height. — a great circle direction 
For longitude, the timing is the important bit. — these stars should be approximately north or south of you 
For latitude, the test is whether or not the stars do attain to equal height. — these stars will be approximately East or West of you 


For a position fix, try to get two pairs, one north-west, the other north-east of you, for instance. 

A bush quadrant is easy to make with a string tied to a stick! — just pull the string to length to measure or compare star heights. 

Rest your hand and chin on something solid if possible. Use your full arm’s length for best accuracy. — — To the star 
You can fix your latitude by measuring the timing of two separate star-pair events 

— the relative timing — e.g. ‘5% minutes apart’ (is unique to that latitude). 

Simultaneous events are simplest, but separated events are easier for one person to time. 
You don’t ‘get on the map’ with this simple method unless you have been there before. 
Unless you want a lot of trigonometry no calculations are required, 

only the observation of re-recognisable appearances. 

You can fix your longitude, too, by measuring any absolute timing — an exact star time — and so get on the map. 


- —To the sea horizon 





Anticlockwise, to the East, is Your Best Spin-Reference Direction 


Because we use our North-South axis as our reference direction, we have to learn the spin-sense as something separate. See ‘Orientation’ p 35a. 
The standard viewpoint for any spiral system (e.g. a weather system, a clock-face) is ‘from the top’, “as seen from above”. Horizontal directions 
are measured “clockwise around” as you look down on them. For our spiral galaxy & solar system, the correct viewpoint is therefore ‘from the North’ 
Looked at ‘from the top’, i.e. from the North, our Galaxy spins anti-clockwise. Or more simply, ‘to the East’. ‘Up North’ is ‘on the left’ of East. 
This means that the real motions are East-around the North/South spin axis—opposite to the familiar idea that everything sets in the West. 

Because Northerners have their back to the North Pole when they see the Sun Down South of them, they see their horizon spin anti-clockwise 

— that is, the hills and trees on the horizon move to the left of the Sun. They are looking “from the top” i.e. from the North further South. 

Their Sun only appears to move clockwise (to their right, to the West), because it is their horizon moving—anti-clockwise (to their left, to the East). 
To avoid confusion, always make the distinction between real mass movement and apparent virtual rotation. And think: We spin East. 
Because we think of ‘clockwise’ and ‘right-hand’ motion as ‘standard’, and setting “in the West” as ‘normal’, it’s a bit of a shock, to rethink! 








When you are Down Under, on the South side, looking North at the noon Sun, you see the bottom of our Galaxy, and Solar System, and Earth. 

The three ‘North’ spin-axes are all very roughly aligned together, all lying in our “Northern” Hemisphere — not too much tilted from each other or 
from our own spin-axis. You mentally lift yourself further out (not “up”) into space to look at (but not really ‘down’ on) the spiral motions 
Remember that from a ‘standard’ (Northerner’s) point of view, the Southerner’s view is really “a bottom view looking upwards” — from the South 
half, and you have moved out further South, for a better view — with the South Polestar behind you. You should see clockwise real movements. 
Turn around and look Southwards at the Southern sky and you will see as if ‘from the top’—or at least ‘from within’, but looking South. Anticlockwise 
Remember to rethink “Up” as “to the North Pole of the spin”. 

e It should now be easy for you to visualise, in either hemisphere, your Southern horizon spinning anticlockwise. 

e Look also at the Moon—visualise its orbit and its spin—‘anticlockwise’ from N.H., but clockwise-around if you are seeing it from e.g. Australia. 

e Find the bright planets — can you ‘see’ them moving ‘anticlockwise around the Sun’ in orbit? The Ecliptic marks their path. 

e And, go further, visualise the real Sun spinning much like the Earth does, on its own N-S axis. The Sun is North of you in the Southern hemisphere, 
spinning on its own axis ‘clockwise from below’, or in the Northern hemisphere, South of you ‘anti-clockwise from above’. Use the Ecliptic’s N-S spin 
axis as a good guide for the Sun’s, or simply use the Earth’s own axis as a rough guide — Don’t look at it, but imagine its sunspots moving. 

e Keep going: The Earth hurtles through space in orbit around the Sun ‘to the left, while looking to the Sun, around a N-S axis of spin’ (Down Under, 
looking North) ‘to the right, relative to the Sun’ (NH) ‘anticlockwise, looking South’ (NH)—‘with’ the apparent movement of the Sun, in both cases. 
That makes the noon horizon move in opposition to the movement of the whole Earth through space. Like the slow ‘inside’ of a spinning ball circling. 
e Imagine the whole Earth-orbit in the sky. It’s easy when you get the hang of it. New Zodiac stars seem to emerge (invisibly) on the Sun’s West 
side, in seasonal procession, because “the Sun is edging Eastward along the Ecliptic in a yearly cycle” i.e. we move to the West side of the Sun and 
see behind it to the background Zodiac stars. Don’t look at the Sun, but you should be able to ‘see’ this happening as if there were a star chart be- 
hind the blue sky! Try just before dawn. 

e Now, at night-time, find the centre (thickest part) of the Milky Way near Scorpio/Sagittarius and visualise the whole Solar System orbiting it per- 
pendicular to that, the Sun/Earth/Moon all moving as a unit, to your left (SH) or right (NH) towards Suhail, away from Deneb. 

The Milky Way marks the plane of the spiralling galaxy (from which you can determine its N-S axis, tilted differently from ours). 
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Section 1: Big Picture; Top Down 


Finding Magnetic Variation by Bisecting Rise and Set 


Accuracy is needed. 


Measure the compass directions of the morning and evening Sun at equal heights e.g. rise & set on a flat Horizon 
Bisect the result. E.g. Rise: 079° Compass Set: 271° Compass 





Add: 350° Halve: 175° Use the Opposite: +200-20=355° (See p.18e) 
So the Compass North must be 5° to the East of geographic North. Draw diagrams to avoid getting confused. 5°E 
Check all numbers! E.g. 355°-271°=084° 355° to 360°=5° + 079° more=84° Correct. 10°E 
350°C ,0°C 10°C Or 271 - 79 = 192° spanning = 2x96° 0 
79+96 = 175° 345 
= opposite to (375 - 20)° 5°W 15°E 
271° 079° Correct. 84 84 T 
The compass readings are “Least”, by 5° (see p 107b) 
E.g. 079°C is really 084°T. (see p 14e) 96 \96 Approximate MagNetic\Valiationg iso- lines 


A Bush Theodolite for Overnight Equal Height Observations 


This is for accuracy in calculating... True North, Noon time and Compass variation 
And for any equal-height paired observations — Sun/stars/etc. 
Find a large bent stick. (Or bend it with a bowstring) Ley ot 
Hold it up by a loop-knot e.g. hang it on a twig. 
(If it is early or late i.e. a long shadow, the stick will not need to be bent much.) 
Late afternoon, at camp, 
Mark where the shadow of the knot (or the other end of the stick) falls on the stick; 
take the time; line up the landmark it points to; and find its compass direction. 
Early morning, next day, 
Hold it up (in reverse); wait until the shadow again falls in its proper place; 
get the time, direction and compass reading again. 
For a Bush Bubble Sextant, arrange a water filled clear tube on a triangle of lashed walking sticks 
so that there is a trapped bubble in a tube section with an ever so slight convex-upwards bend. 
Make the bubble always stay at one marked place when you are using it. 





Great-Circle Reference Star Directions 


You need some familiar reference points. It’s a simple matter of going out at night, waiting around, and tracking down a few of these... 

Look for stars which are closer to the pole than you are, and see where they rise and fall vertically. It happens once or twice a night, per star. 
This gives you a series of great-circle star directions, already labeled, because the ‘maximum latitude’ is equal to that star’s ‘declination’. 

E.g. Acrux is about 30° from the pole, or “60° latitude”. If you steered towards one of its vertical-motion directions you would end up underneath it. 

So as it rises or falls vertically (once each per night, if visible at the time), as it circles the South Pole Star, it lures you to 60°S latitude. 

E.g. A star overhead, as the extreme limiting case, is moving East to West, rising vertically from the East and falling vertically to the West, 

meaning that you are a/ready at the maximum latitude of that course, if you had been heading towards that star guide, now travelling E-W also. 

You then have to head directly away from it (e.g. the next night) to further pursue that course. 

Heading away from that star either East or West would take you eventually back towards the Equator, like the way you travelled down there. 
The stars further from the pole, than you are from the Equator, make a complementary set of reference directions, by using the horizontal 
direction ‘at right-angles to where stars rise and set’. The declination is a measure of how close to the pole you would pass. 

The stars close to the pole are unavailable. The co-declination labels ‘the maximum latitude’. 
E.g. Sirius is 17° South, so rising from the horizon, somewhere to the South of East, it would send you to within 17° to the left of the South Pole. 

Turn around and it would guide you (part way) to cross the Equator and to within 17° of the left of the North Pole. 


Ma ke a Bush Psych rometer ..for absolute humidity and dew-point-temperature measurements 


Carry a wettable piece of material — dip it in water — hang it up to dry (in the shade out of the breeze) — time how long it takes. 
Measure the air temperature at the same time, and cross correlate the two, to find the absolute humidity. If you calibrate the method at home, by 
graphing the results for a whole range of different temperature and humidity conditions, you will get to recognise a dry air mass from a moist one. 
The piece of material needs to be non-porous, non-rotting and dark coloured — to show the drying process clearly, and to yield repeatable results. 
Night-time minimum temperature more or less bottoms out as soon as an air mass starts to dew. The ground then wets down further instead of 
cooling down further. The normal method of measuring absolute air humidity—the percentage of water vapour—is by evaporatively cooling a water 
drop in it. It requires wetting a thermometer bulb, fanning it vigorously (trying hard not to break it) and measuring how far you can make the “wet 
bulb temperature” “dip” below the “dry bulb (air-)temperature”. The water temperature won’t get all the way down to “dew point”—the temperature 
at which dew or frost will form in that air mass—unless it already is dripping wet outside. It may get a bit more than half-way, and then only when 
only dew is expected—DP above 3° C. If frost is possible, i.e. when the dew point temperature is 3° or less, it will dip at most half way down 
to the dew point. Why 3°? Well, when the air is very dry, dewing will further reduce the water vapour content of still, cold air, from a dew-point 
temperature of a few degrees above zero, down to 0°—resulting in ‘frozen dew’. Rule of thumb for calculating dew-point from dip: 

When the DP is 40°C/30°/20°/10°/5°/0° then add to the ‘dip’ 0/1/2/3/4/5 quarters of the dip, to get down to the real dew point. 
If the night is long enough and calm enough to cool down enough, & the sky is clear enough, a DP near zero will result in a frost. 
E.g. 15° to 10° = 5° dip, 5°DP. 15° to 13° = 2°dip, 11°DP. 19° to 18° = 1°dip, 17°%DP. (Remember that you can’t go far wrong anyway.) 








South is a Triply Better Reference Direction than North, in the South 


1. The closest geographic Pole in the Southern hemisphere is just over the horizon in Antarctica. Globally seen, all directions pointing South are 
convergent, whereas directions pointing North are initially divergent, and lengthy and less meaningful... Travelling North you first cross the Equator 
before it gets colder — so the gut-feel meaning is less clear. The meaningful direction, when you are in South latitudes, is to go further South to get 
much colder. (It is the same as in the Northern hemisphere, where going further North makes it much colder.) 

You may find that in a place like Tasmania for instance, the maps seem to be upside down, because although North is at the top of the map, the 
logical reference direction is toward the bottom of the map, where the cold place gets colder. You don’t think: “This is a warm place. In which direc- 
tion does it get warmer?”. 

As a result it is easy to get disoriented by 180°, if you insist on using North as your reference direction. In addition... 

2. When you put South at the top, and look South, then the Sun will move to your right, as if seen from the N.H., across the map as time passes, 
for both hemispheres—and that will make the clock-to-Sun link obvious (like putting a Southern clock on the S. wall to match the Sun’s motion). 
Northerners especially, would find that a more natural way to view any map—as if from further North, looking South, to the Sun moving right. 

3. Putting South at the top, with the Sun & Tropics behind you, looking down onto a map, is the mathematically standard viewpoint 

— like looking from the top of the Galaxy — from North to further South — the land South of you moves Anti-clockwise, to your left, to the East. 
You can still orient your map normally and correctly, but there is no law against habitually viewing it from its Northern edge, looking South. Try it. 





27 


Section 1: Big Picture; Top Down 


Find East/West By Delayed Bisection of the Sun and the Full Moon atrise or set 


To find due East (+/-10°): Bisect the sunrise and the full Moon rise — since they are of opposite declination. 
For due West (+/-10°): Bisect the sunset and the full Moon set — since they set each side of due West. 


Obviously, you need to wait about 12 hours for this method — it is really just for your background comfort level about where things are. 
There is a slop of 5°, since the Moon’s plane of orbit is about 5° away from the Ecliptic. 

There is also a slop of about 24 hours, since the full Moon occurs at some time other than Moonrise or Moonset, 

plus it is hard to pick an exactly full Moon, and the Moon varies in declination, i.e. North/South position, from day to day. 


( ) East ( ) 


Find North by your (non-digital) Watch-Hands 
Point the noon on the watch (not the 12!) to the Sun. 
Tilt the watch axis toward Polaris as best you can judge. N A » N 
This tilt matters a lot, but is not usually mentioned! 
Southern hemisphere: North is in between the Sun and the hour hand. Si Q Lou oy 
Northern hemisphere: The Sun is in between the hour hand and South. 
Why?: Clocks Go Clockwise; at 30° per hour — twice around per day. 
For the Southern Hemisphere that means: — twice as fast as the Sun and opposite. 
So ‘in between’ moves neither clockwise nor anticlockwise — it stays N/S. At real noon-time, the hour hand and the Sun cross over. 
For the Northern Hemisphere, the hour hand overtakes the Sun at noontime, at South. 
It’s easy to visualise in fast motion, once you catch the idea — it’s like the hare overtaking the tortoise. 
Remember to tilt the watch-face up to be parallel to the Sun’s orbit, not horizontal, because a sundial shadow is not linear. 


You could use the middle of sunrise/sunset times to find the local actual high-noon midday time, which is needed for “point noon at the Sun”. 
The same method can be applied to the stars, the Moon or the planets — provided you know when the one you want to use is north of you. 











Leo the Lion Looks like a Lion or Sphinx Squatting ASL AS AA 
It Has Four Lines which Show N./S. E./W. HER EE MUBI 


20S LEI 
Two in the ‘hindquarters’; one along the ‘back’; one as the stem of the ‘question mark’ (Leo’s mane). ae oo 
(You have to turn the ‘?’ around.) For the Southern Hemisphere, turn it all upside down. a 1 aan 
gCHORT pee 
This is a good sign in Northern spring/Southern autumn. DERMEBOLE op eaeee 
- oe he 
a 
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= 
(NH view — LEO is upright) ae sy 
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To Predict the Moon’s Path, Visualise the Eclip ic Minimum declination 


For more clues on how to visualise the Ecliptic, first see the overview at the end of this section. “-23°'% N” i.e. 23°% S 

The Moon stays within 5° of the Ecliptic. That helps you see where the Ecliptic should be, or alternatively, of the Ecliptic (Solstice) 

where the Moon should be. The Full Moon is easy, and has been covered on p. 24d. 

A half-Moon, for example, is 90° from the Sun; so if one is on the Equator the other is not and vice versa. 

E.g. a half Moon in mid-winter will rise and set due E./W. +/- 5° or so. 

Secondly, recall that the Earth’s spin-axis is tilted 23% degrees from the solar system. North to the left 
This is how it would look from Sydney (*), at midday, in Midsummer, i.e. at Southern Summer Solstice... 

The two great circles intersect at 23°’. The whole double-circle rotates West over 24 hours. i.e. sunset is at X... 

To visualise the Ecliptic (see also p. 30d & 33b), from the Sun... (Southern Spring Equinox) 

..Since the Sun moves eastwards seasonally through the stars you can know that O° dec. 

the part of the Ecliptic which the Sun was recently on must ‘lead’ the Sun to the West. 

E.g. after solstice in Southern Summer, the most Southerly part of the Ecliptic is ahead of the Sun 

to the West, and so a waning crescent Moon (to the West of the Sun) will be higher in the sky, on average, than the Sun. (SH) 

E.g. A crescent Moon at sunset at spring equinox will look extraordinarily high over the sunset glow, because of the 23°% tilt. Ecliptic 







un’s yearly path E 






horizontal 











Bearings & Tracks: “If it is Right, it is Big, in my sight” 


= Anything on my Right is Bigger than ‘ahead’. I.e. If I am heading 100°, something on the right has a bearing bigger than 100°, e.g. 200°. 
And “Any track on my Left is too Little to look at” = Anything on my Left is Less than ahead, e.g. 20°. 
These mnemonics compare fixed tracks or directions, and their ‘Big and Little’ measure in degrees, East-around-from-North i.e. clockwise bearings. 


[The changeover from 360° to 0° can give you trouble. Where ‘ahead’ was say 355°, 15° bigger should be ‘big’ e.g. 370° but will look really small, 
10°. Because it is nowhere near 355 in number, there should be no possible confusion, provided you think of 10° as 370°. 

‘Little’ may look really big, if 360° gets in between. E.g. where ‘ahead’ was 005°, 15° smaller would be -10°, which is the same as 350°, which is 
nowhere near 5 in number. ] 


Furthermore, if A sees B on his right, relative to a fixed direction, B sees A on his right, 


provided that they use acute angles, or they look in opposite directions e.g. facing each other. 
This could all get confusing if you don’t remember those two provisos. See pi08c for how to put this mnemonic into practice. 
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Section 1: Big Picture; Top Down 


Find North from the Combination of the Sun and the Moon 


When you are familiar with the path of the Sun and of the Moon, and with their seasonal movements, and with the Equator and Ecliptic, 
then whenever you see the Moon up during the day, imagine where the Sun’s path lies in relation to the Moon’s, and vice versa. 





This gives you two concentric circles to visualise, which of course allows you to locate Polaris (at the centre of those paths), and from there, North. 


O 





North/South O a See box d/e below, to know where the Moon should be. 





Find Any Other Direction Too — Using the Hour Hand 


This method works, in theory (there are easier methods!), for any other body — star, Moon or planet — or for any other direction. 

For instance, you may notice when the Sun is due East, and how high it is; or again, when it is in the direction in which you wish to head. 

Or again, you may be following a star, and of course it will move and of course you will wish to compensate for its movement. 

In these cases you substitute the time of that body being in the chosen direction for “noon”, and substitute the chosen direction for “North”. 
Keep the watch axis pointed to Polaris as best you can judge it. 

For example: you know the Sun is West at 4 p.m. At midday it will look like this... (SH version) West Sun e.g. at midday 


.-“Point the four to the Sun; West (or the chosen direction) is between the Sun (or star etc) and the hour hand” * 
The catch here is that you must imagine the height of the body accurately, before the direction can be found. 


This is because the method only shows the rotational position of the body — longitude wise, Hour han 
not its height declination wise — and with the clockface being tilted, the horizontal direction 
being pointed out is not obvious until you choose a height. Side-on 


Of course, the accuracy of the method depends also upon aligning the clockface to the Equatorial plane. 


String North 


Carry a piece of string, about one metre long, to measure the angular height of the Moon, planet or star which you intend to use later. 
You measure it once, as a matter of preparation, then use it many times. The Moon goes out of date the most quickly, but the stars are permanent 
Put a loop knot at one end, to hold the bottom knot, level with the horizon or horizontal. You may have to wait, until the height is clear. 
Hold the string at arms’ length in a vertical plane to the North-South, which is where the star will reach its highest point. 
Put a second knot to show the maximum height. This is equivalent to the ‘noon’ height for the Sun. 
For the Sun you could use the shadow, and hold the string down from the horizontal. It will be accurate for a week. 
Better still, use the shadow methods soon to be described, to avoid the temptation of looking at the Sun. 


Now at other times of the day/ night, first hold the string in a vertical plane to reconstruct the expected height, then hold the string horizontally 
from that same high angle above you. Lastly, twist and turn, so that the horizontal string apparently points to the body used — Moon, star, planet. 
You have to twist yourself until the string is horizontal, and at the right height, and points to the chosen body. Then you are facing N-S. 
Actually the method approximates a slightly curved small-circle star-path with a great-circle straight course. 

You can find approximate North with the string, then adjust it slightly by imagining the actual star-path as a small circle around the Pole Star. 

The straight string will then appear to point to just above the star, but in your imagination, it curves down to match the guesstimated star-path. 
This is the direct sighting equivalent to the ‘shortest-shadow South’ methods on the next page. 


A 4 Week Position Cycle of Moonrise/set, to Find East/West 


The Moon, like the Sun, lies close to the Ecliptic (in the Zodiac), and completes a cycle along it (within 5°) in 27% days (not quite 28 days). So... 
The Moon changes position in a four-week cycle, like a speeded up year. It spends a week in each ‘seasonal’ position: High; mid; low; mid; hi... 
The Moon crosses the Equator every fortnight, rising due East and setting due West that day. Find it! Use p9c to find E/W on those days/nights. 
In alternate weeks it will rise & set in the Midsummer then Midwinter positions for the Sun. Get to know them, and expect each one every 4 weeks. 
e Its change of rise/set position day to day is most sensitive near the equinox position, due E/W (be careful), and is least critical a week later. 
In between times, the rise/set positions can be guessed by the day of the week, by interpolation, as a good direction guide on any day. 
The cycle runs fast by only 1 day in 37 1/3 days. So it is a continuous guide to E/W, for a month at a time, as it moves through 13 Zodiac signs. 
e The best way to set your Moon-watch is by observation. If Moon-rise/set is too late at night, then look for Moon-set/rise during the day. 
Sunset Full Moon is a good starting point for estimating the nightly-cycle; Sunrise New Moon, for the daytime. Midsummer or Midwinter or Equinoc- 
tial full Moon are very good starting points, because the Moon will be in the anti-Sun position. Visualise the Ecliptic (through the Sun and perpen- 
dicular to the Moon cusps joined) and its shape in relation to the Equator, and use a compass. Say the full Moon is opposite the Sun on Saturday, 
but by Monday the Moon sets due West. Every Monday for up to 5 weeks the Moonset will be in a recognisable position. E.g. W, N-W, W, S-W, W. 
On a later Monday, you will need to step back one day and say “every Sunday, for five weeks” the Moon will repeat those four positions. Adjust 
yourself by one day, as it shows itself necessary. You can simply say “It is a Thursday Moon at the moment”, expecting to have the change to “a 
Wednesday Moon” in a fortnight or 2. Keep your finger on the Moon-pulse to keep up-to-date. E.g. Say: “It’s a Spring-type Moon next Tuesday”. 
¢ To keep track of the weeks, here is a recipe: Call the new year e.g. ‘a Friday Winter Moon’ and adjust 1 day every 37 days, 10 days over 1 
full year, or by 4/5 of the completed months. 7, 8, 9, 10 days for after 7-, 8-, 9-, 10-ber, using the Latin names; 0-7 days while jn the rest, 1-8. 
e Perhaps you lose track of a ‘Wednesday Moon’ for a couple of months, and try to start again. Track the Moon’s Motion along the Ecliptic. 
The Moon overtakes the Sun at No Moon, gets one season ahead of the Sun within a week, at ‘the first quarter’, is opposite it in another week 
(‘full’), and is one season behind the Sun in the 3rd quarter. There are 12 and a third months in a year, so the Moon is moving 12 1/3 times more 
quickly around than the Sun, in its seasonal cycle. What takes the Sun one month will take the Moon only 21/2 days. (31=2.5x12.3). 

Step 0: Visualise the cycle. — I.e. imagine where the lines of the Ecliptic and Equator must be in relation to the Sun and Moon. 

Step 1: Place the Sun on the Ecliptic — I.e. estimate the time of year, and from that, the time before/after the next/last solstice/ equinox. 

Step 2: Try to visualise where on the Ecliptic the Moon must be, according to its phase. 

Step 3: Interpolate for the exact phase, and label it a*‘Monday Moon’ or whatever. Check your guess with a compass if possible. 
E.g. There was an eclipse of the Sun on Tues July 22 2009, 1 month after solstice. The ‘Winter Moon’ must have been ‘Sat night’; and for 2009 ‘Mon’ 
E.g. 23 November is one month before the SH Summer solstice (2/2 days worth of Moon motion through the stars). You can work out, for any 
phase, which phase and position to expect in 2% days. For instance, Nov 23 is late Spring, almost Summer, Southern hemisphere (with the Sun 
South of the Equator and moving further South). The Sun is high and getting higher. Opposite that, is a Fu// Moon position (North of the Equator 
moving further N). It stays low in the N, getting lower. Or if it is a ‘First-Quarter half-moon’ at that time, it will be in the ‘late-Summer-almost- 
Autumn’ position (approaching the Equator from the S, midhigh in the sky). Or if the Moon is a third quarter half-moon, it will be in an ‘almost 
Spring’ position (approaching the Equator from the N). You would therefore know that, taking the last example, over the next 3 weeks, a Waning 
Crescent/ New Crescent/ Waxing Gibbous/ Past-Full Moon, will rise E/SE/E/NE, and set W/SW/W/NW, in approximately 22/9/16/23 days. 
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Section 1: Big Picture; Top Down 


Sun Path Norths — Summary 


“ Noon-time: You look at your watch to see how far the Sun is away from Beparent nopu Hime, then look at how far your shadow must be 
from shadow-South. Near noon, the (untimed) shortest-shadow methods below aren’t accurate, but this timed method can fill in the gap. 





: Chord bisection: This works for any body e.g. the Moon. 

. Sundial methods: You set the sundial to the right time. E.g. tilt the compass protractor to the equatorial plane. 

: Shadow bisection: This can work for the Moon too. Just remember to use a vertical stick on level ground, e.g. a dry puddle. 

- Equal-height: You can use an improvised sextant/quadrant/bubble sextant. Don’t forget to bisect both the time and the direction, carefully. 

- Sun at East/West: You need to be familiar with the height &/or the time when the Sun is East or West. 

ol Equinoctial sunrise/sunset: You keep track of how far off East/West the sunrise/sunset is, at this time of year. 

. Equinoctial rise/set angle: You can extend the Sun’s path to noon, rise or set, in a straight line, using the latitude angle. 

" Equinoctial East: Where the shadow moves to, with slight adjustments at other times of year. 

. The Noon-shadow path is always to due East. This is useful for anytime near noon, say +/- 2 hours. 

. When the Sun is very high near noon, you need to see the direction of movement of any point shadow on flat ground — West to East. 
Locating Anti-sunrise or Anti-sunset ant / sunrise 

Imagine a line from your head-shadow, opposite the Sun’s path, cutting the horizon at the correct rise/set angle p.9a. (S.H.; a.m.) 

(The Sun’s path is approximately a great-circle, so now imagine a plane, edge-on along that line, cutting the level ground. p.m. would be 

Look for where the shadow would be closest to you. This approximates the Shortest Shadow South...) anti-sunset and up to the right 


Shortest Shadow Souths ..from calculating, memorising or knowing the angle of high noon shadows. 


e Walking-Stick North: You lean your walking-stick, so that at noon it would cast no shadow, and so that right now it casts a shadow 
at right angles to itself, a direction which is nearly West-East. Adjust (all these methods) slightly for the season, afterwards. verti 
e¢ Body-shadow South: You use your own shadow tip joined at right angles to your shortest-shadow tip (guess at its length and position). 
This works best in the early morning and late afternoon, where a guess as to your shortest-shadow is sufficient. 

¢ Cardboard Triangle East/West: You cut it to point to high-noon height, like the walking stick & body methods combined. 













e Plumb-line North: You tie a string triangle instead, to the right shape, and maybe attach it to your walking stick. plumb 

e Notebook North: You flip open one page from horizontal, so that it casts no shadow, and also points straight to high-noon height A, 

simultaneously. I.e. the page should be held at the correct angle, mimicking the Sun’s maximum height. 

You can discover the correct angle by observation, yesterday, on a horizontal surface, x 

or you can calculate that angle as “latitude degrees minus declination degrees away from vertical” perpendicular is approximately East/West 
/ 


“Star-Time” Gains Four Minutes a Day 


3 minutes 56 seconds actually, by appearances; (3m 56.555s if you use the almanac, and ‘the first point of Aries’, because “Aries” as it is known for 
short, is not a real star, and it drifts slowly through the Zodiac) 
Stars complete one extra orbit — 360° — than the Sun in one year — 366% in 365% days — so that’s about 1° per day which is 4 minutes of time. 


By “time” we mean Sun-time “15° per hour on average”, in ordinary usage — a slightly varying rate in practice. 
By “star-time” we mean “15 and a bit degrees per hour spin rate — a constant rate” 


The stars outrun the Sun, night by night, by 1° on average, so the Sun seems to migrate ‘backwards’—to the east—through the Zodiac belt of stars. 
You could say: “The Sun drags its future after it!”, meaning that the Sun sets in the West, but its future star-position shows up just to the East. 


You can zero your star-time, by timing when a bright star (preferably one near the Equatorial belt) passes overhead, or north or south of you ona 
particular night from a known particular longitude. You then calculate star-time from “Sun-Time plus 3m56s per day since then” including part-days 
in your detailed calculation, at a rate of 10 seconds’ time per extra hour — 1 second per six minutes. 

Your reference longitude becomes like Greenwich to you — or, alternatively, you can adjust everything back to Greenwich longitude and Greenwich 
star time. You can also buy quartz controlled star-watches or calculators. 


Adjusted Moon-Cusp North: To the Left or Right, By Moving the Sun 


“Cusp-North” can be improved, by mentally moving the Sun away from the Ecliptic onto the sky Equator. Do the adjustment once a day. Guess the 

declination of the Sun, from the season; then shift it onto the nearest bit of the Equator and the Sun-to-Moon illumination angle may tilt a little. 

Instead of pointing to the pole star for the Ecliptic, in Draco, the new cusp-North will point more to the pole star for the Equator — Polaris. 

E.g. the midwinter Sun needs to climb 232 degrees higher — which would tilt the cusps of the Moon (due to the shift in illumination). Diagram 1. 
Caution: The illumination angle of the Moon does not change much when the Moon is shifted onto the Equator, and not at all for a half-Moon. 
E.g. a half Moon (90° from the Sun) at Equinox could be adjusted by 231° to bring it onto the Equator (It is like the Sun at Solstice), (diagram 2) 
but cusp North does not change. Being 90° from the Sun the cusps outline one and the same great-circle. 

Half Moon For the Southern Hemisphere mali be Oe The Early Summer Sun 

looking into the sky... Equator (it also creeps east 

— ‘backwards’ — 

along the Ecliptic) 











Caution! 
Equinoctial Sun 





A 
Spring Equinox 
—The Winter Ecliptic ‘leads’ the Summer Sun. 

Cusp North moves to the left. 


Eclipti 
Cusp North does not move to the right. @) 
Beware of perspective tricks 





“By the Nose” Navigation 


Our Mental Map is a Nose-Eye View — not at all like the bird’s-eye-view given by a layout map. (See “Strip Map Navigation” p.95c) 
Oh yes, our mind eventually fills out a (spatially-solid) layout map, but initially we collect a set of (spatially confused) mental photographs 
from all different perspectives taken from ground level. Our mind doesn’t deal in map symbols or contour lines! 
Rather it has search images, image enhancement, image recognition, three-dimensional images, and memorised relative angles. 
Consequently, a more natural method of finding your way is what I call ‘Nose Navigation’ — almost opposite to mapwork. 
Nose navigation uses ‘strip maps’ (Section 4), relative angles, and a couple of special mnemonics... 
“Because (my shadow) seemed to shift right just now; Therefore I must have turned left” 
Now substitute in the (...): Ayer’s Rock/Uluru; That distant cloud; The Sun; The Moon; Compass Needle; East Wind; The RDF Null; That bright star 
In other words: “My Nose Turns EVERYTHING Away!” i.e. when I turn my nose, everything else seems to turn oppositely. 
This simple rule attacks head-on your insistent illusion that you have been walking “straight” ahead! 
And your illogical belief that “Ayer’s Rock has moved”! Neither has your shadow ‘turned right’ just now, simply because your nose ‘hasn’t moved’! 
It is not as easy as you think to apply, e.g. when you are reenacting where you thought you had gone, in your (already confused) head. 
The second nose mnemonic is on the opposite page. 
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Section 1: Big Picture; Top Down 


Seasonal Adjustments For Equinoctial East 


Shadows move due East at Equinox, all-day. At other times of year, when sunrise/sunset is not due East/West, the Shadow path curves slightly at an 
angle away from sunrise/sunset, an angle which you should become familiar with each week. Start by assuming that the shadow is moving “East”... 
Verify this Rule: Shadow Paths Bulge toward the Hot Pole, even in the tropics, in both hemispheres. (The Sun crosses at Sept 22 & March 21.) 
Adjustment: The first guess at “Hot Pole” Needs to be Adjusted Slightly, less near noon, little or none nearer equinox, to “un-bulge” the path. 
mid-Winter path Remember that “the Southern Sun Sets Somewhat South in Southern Summer”, so that 





TS opposite-Sunrise & opposite-Sunset need to come back South to point out E & W correctly 
TT eauinoctial path E.g. You guess East (or West in the a.m.) from the shadow’s movement over 1 minute, 
ae a mid-Summer path (It will roughly be opposite sunset/sunrise direction if you are late/early in the day) 
Equator then twist your guess a little back to the true hot pole, and to due East (or West). 


Let’s say it is midwinter in the Southern Hemisphere, so your shadow is somewhere ae 


SH 
Se Summer _ S of you. The ‘hot pole’ is the North Pole, so twist ‘North’, as gauged from your 


equinoctia-pat————___——_______», shadow tip, away from the shadow, back toward you (i.e. North, to the hot North pole) A 
am tip 


Winter Visualise the bulge, then straighten it out at each end, back toward the hot pole. 


North-Finding from Two Paper Triangles or even from only one 








Cut out a back-to-back triangle shape and fold it along the join. Line it up as shown and ‘N’ will point to Polaris... N 
‘1’ is your South latitude (For the Northern Hemisphere use the North Latitude and swap N & S) 
‘2’ is the polar distance of the Sun (from the ‘depressed’ pole, N) horizony4 


i.e. its co-declination, or 90°-N dec. See p. 18b. 
You can set it by observation or calculation; and can fold it to the correct angle, rather than cutting it. 
(‘3’ is a right-angle, but ‘1’ and the horizontal is what really matters) 
This two-triangle method works best away from noon, but nearer noon simply find the way shadows move 
The ‘N-S’ edge is parallel to the Earth’s axis and acts as a hinge around which the Sun revolves. (ven 
Sun and shadows move at right angles to that axis. 
You only need one of the two angles if you find the direction of shadow movement Point this edge to the Sun 
and swivel ‘N-S’ to be perpendicular to that. (You don’t even need one angle, near noon) Ss (so it casts no shadow) 
E.g. Poke a straight stick into the ground, pointing at the Sun, casting no shadow; (Or use any point-shadow rotating around its point) 
By waiting a short while, find the direction of movement at a half-way point, in mid-air, i.e. maintaining an equal distance to the tip, 
and manoevre your ‘N-S’ axis (index finger), to be perpendicular to how shadows move, then at the correct angle to the Sun and/or Horizontal. 


Working the Star-Longitude Numbers 


The reference star point, a non-star, is O°N/S;0°E/W, and is called “The First Point of Aries” or “the Vernal Equinox” where the ‘northern spring’ Sun 
crosses the ecliptic (on March 21). Other stars are measured from that (imaginary) star, like latitude and longitude are measured from 0,0 a name- 
less spot of ocean — each star has an almost fixed longitude in relation to Aries. 
N/S ‘latitude’ is called +/- ‘ Declination ’ 
E/W ‘longitude’ is called (a) Right Ascension — R.A. — or ‘Star Time’ — It is measured Easterly, in hours at 15° per ‘hour’, from “Aries” 
Or (b) Hour-Angle — H.A. — It is measured Westerly, in degrees, like longitude, but 360° around, from “Aries”. 
The first, RA, is designed to tell us the time — when the star will show — since all the stars move around westward with Aries. 
The second, HA, is designed to track the West longitude of the star in reference to the Earth, as the star progresses West around. 
We need them both, but they are entirely equivalent to each other. 
(The only trouble is that a star ‘hour’ of 15° is slightly faster than a Sun hour of 15° of progress to the West.) 
Next you need to know that the first point of Aries was at 100° W. Earth longitude at the beginning of the millennium, 
and at every turn of leap-year thereafter, at January 1.0 (midnight). Then it gains at a rate of 1.002737909, or about 1° per day on the Sun, (3m 
56s time), so that the stars turn full circle during four seasons. “1°” is adequate accuracy in the short term for us but not for yacht navigators. 
E.g. January 31.5= 100+30°+0.5° W., then you add the H.A. (or subtract 15 x the R.A. hours) for a particular star — that’s the longitude where the 
star will be overhead. For exact numbers consult an almanac, but I am concerned here with giving you an overview. 


Topographic-Level Winds 


This is what you feel in your face at ground level, or close to it. 

Fog; Smoke; Valley Winds; Sea Breeze; Eddies; Catabatic Winds; Forest Winds; Scree-Slope Winds; Mountain Winds; Glacier Winds; Lake Winds. 
The various thermal winds listed will of course be very variable. The thermal winds flow from cooler areas, before rising in the warmer region. 
Nevertheless they may betray the slope of the land, for instance at night. For example, fog forms on calm cold nights then drifts slowly downslope. 
Being dense, fog will drift down-valley, down-stream, and off-shore. You can see the location of creek outlets from the early morning beach fog. 


The ground-winds due to pressure systems, are affected by overall friction and therefore average out slower and less Sun-twisted than upper-winds. 
Ground-level winds form waves, foam ‘streets’, sand ripples & dunes, drag marks, snow ripples & drifts, which all may persist beyond the winds, 
and they cause lopsided bushes and salt-spray-‘cut’ bushes. See Section 3 for more details. 


Gusts are at different directions to lulls since upper winds penetrate to lower layers. 


__ et 


“Nose-Navigation Needs an ‘Anti’ Mnemonic”: “Nor-West, Not-Least” 


N.O.R. West: “North on Right = Going West” or “Needle on Right = Going West” i.e. going into the westerly half (top diagram) 

N.O.T. L.East: “North on the Left = Going East” or “Needle on the Left = Going East” = to the easterly half (bottom diagram) 
This is always true when you are relying on “Needle North”. You don’t have to think any further. But, 0° 

It is equivalent to ANTI-CLOCKWISE BEARINGS, which you can’t read from a clockwise-marked protractor! Needle on the Right 
The following numbers refer to an ordinary compass — marked clock-wise, and set to 0° as straight ahead use “NORWest” 
(not North) so North swings left and right instead... The compass needle might point to “045° NE” 

Example: in the rain or fog; the needle swings meaninglessly but your nose is pointing NW = North-West NO45°W 
Example: deep in a cave network 

Example: on a yacht, with a fixed hand compass The compass protractor numbers say “North-West, 315°” N Needle on the Left 
Example: with a fixed car-compass, not marked anticlockwise but your nose is pointing NE use “NOTLEast” 
Example: making a strip map; or using one 

Example: using a compass-holder, which fixes 0° as straight ahead Interpret “Anti-clockwise, West from 0” = North-East N315°W 
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Selected Papers 


using a relatively large antenna aperture, but a beam- 
scanning mechanism is needed for mobile communi- 
cations. A high-efficiency antenna can be made using 
an active integrated antenna, which integrates an 
MMIC with the antenna element. Multi-antenna tech- 
nology is the innovative technology that enables mul- 
tiple data transmission in space. In MIMO-type 
multi-antenna systems, the most important key tech- 
nologies are the beamforming algorithm and the 
implementation method. The solution technologies 
for NTT’s advanced antenna systems are explained in 
detail in the following selected papers in this issue. 
The technological background and the current 
research and development situation are also described 
to make the papers easy to understand. 
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Section 1: Big Picture; Top Down 


Top Down Orientation 


The Big Bang Universe bloated over billions of years; and broke into bubbles of turbulence; all bits in each bubble orbiting each other; in millions of 
galaxies, with 20 or so galaxies in our little local cluster; 

Local galaxies, like the Magellanic Clouds or Andromeda, glow milky (just as ‘galact-ose’ says ‘milk-sugar’). 

Our galaxy is a great spiral, swirling slowly, anti clockwise from above i.e. Eastwards around its North-South spin-axis 

— flat like a fried egg — a ‘great circle’, glowing as the Milky Way. The thickest milkiness, in Sagittarius, marks the Galaxy Centre. 

The Milky Way is like the ‘Equatorial plane’ for the whole spiral, seen from within, with its northern pole star in ‘Berenice’s Hair’ (28° N. 168° W.) 
and its Southern pole star in ‘Sculptor’ (28° S. 348° W. 012° E.) and our milky galaxy is, in its own turn, full of spinning, gyrating gyroscopes. 

You know how a spinning top will pirouette with a slow-motion gyration when it tilts slightly? Well, precession, as it is called, causes slow changes. 
Stars are Suns, especially shiny in our own spiral arm of the galaxy (i.e. closest) and seemingly set solidly in space by their extremely slow motion. 
So the constellation shapes are chartable for centuries. Their apparent positions are gridded out in relation to the first point of Aries, which in turn is 
fixed each year by our Northern Spring Equinox—not a star in the sky, but a point which creeps along the Ecliptic, to the West. 

Hint: When you are wondering whether a rule holds in both hemispheres or not, ask yourself whether you are down at the level of the spinning 
Earth or up beyond that in a larger scale. Try to imagine looking at the whole globe from an outside perspective. E.g. the appearance of the Moon 
— its phase, eclipses, tidal forces, etc — is mostly independent of where we look at it from Earth — and will be the same for both hemispheres. 

But it’s apparent path — ‘noon’ direction; rise/set angle; etc — is seen down at Earth level — it changes with the hemispheres. 


Revision, Overview and Explanations 





Closer to Home 


The solar system is also spinning flat, anticlockwise, but slanted — tilted like a top, in relation to the Galaxy, and faster. 

Its ‘top’ star is currently in Draco, in the North. Its bottom star, in the South, is the larger Magellanic cloud. 

Its ‘Equator’ is called the ‘Ecliptic’ — marked by the stars in the Zodiac, and the planets. In our lifetime we won't notice the Ecliptic stars change. 
Our Sun circles the centre of the galaxy every 225 million years—heading toward Suhail. 

To our sight, because we orbit it Eastwards, i.e. around its N/S axis, not ours, it swings seasonally, and also edges Easterly along the Ecliptic circle, 
revealing new zodiac stars to the West of it, and placing itself diametrically opposite a series of anti-Solar stars, 

so giving us a star calendar to look for. 

It also spins easterly, on its own axis, showing its sunspots for some days at a time. 

The planets lie planar, ‘wandering’ (as the Greek word plan-et says), in the Zodiac plane, circling easterly around the Sun, over a timescale of 
decades, and only ever seen very close to the Ecliptic. 

Mnemonic: Son, my very earnest mother ’as just served us 19 platefuls. Sun, Mercury, Venus, Earth, Mars, asteroids, Jupiter, Saturn, Uranus, Nep- 
tune, Pluto. 

The earth is an inner planet, circling the Sun, easterly, so that the stars seem to out-run the Sun in setting West — star-time spins more speedily 
than solar time. Planets closer to the Sun than we are, are never seen far from the Sun, but outer planets can move right away from it. 


The Moon 


«moves mostly on the Ecliptic but might miss that mark by as much as 5°. This 5° slant causes a precessional change taking 19 years to cycle. 
The Moon moves around the Earth monthly in an easterly ellipse, 
and ever eyeing us, each full Moon, is the Rabbit, because the Moon also spins easterly, on its own axis, exactly once a month, so it stays facing us. 


The Moon moves slowest to set Westwards, since it migrates eastwards in the sky each day. 12°%. Or 50 minutes later per day. 
And as it pulls the tides with it, they too are later each day, almost an hour, on top of normal locally fixed delays due to friction. @ 
A full Moon rises and sets fully opposite the Sun, give or take 5°. Vy 


The Moon is most responsible for tidal forces, but the Sun plays some part too, reinforcing or diminishing the Moon’s effect and chant hg the timing. 
Tidal force attracts the nearest water the most, and the farthest water the least, resulting in two tidal bulges... é 

When the Moon is eccentric from our Equator, there is one big Northern bulge every 24 hours, 

and a smaller high tide every 24 hours, as the Earth spins through the bulges. a 

There are equal bulges every 12 hours on the Equator. In between are the low tides, every 12 hours. 

You should be able to tell which bulge is ‘nearest’ the Moon despite delays due to friction. 

Southern latitudes will have one big bulge every 24 hours, and one ‘small high tide’ every 24 hours, offset /b from the NH. 

Try to correlate the Moon’s phase, declination and height with the local tides—timing, inequality, range—e.g oon rises with the tide” 


The Moving Horizon 


Since it is the Earth which is spinning, not the Universe, it is the horizon which rises, in the West — where it eclipses the Sun, 

so that the Sun only seems to set in the West. 

The horizon slumps in the East, so that all the sky things — Sun, Moon, planets, stars — seem to ‘rise’ in the East. 

Any spots on the Northern half of the horizon, circle to the east around Polaris — clockwise through the sky — i.e. ‘seen from below’. Or, seen from 
above, that is from the North, looking South, spots on the Southern horizon circle anticlockwise around South Pole Star i.e. seen as if ‘from the top’ 
looking down on the Earth and its South Pole star. They hit the same stars each night, at the same angle, which is related to latitude, 

so that the fixed stars none-the-less seem to trail ‘small circle’ tracks through our sky, and they always hit their favourite horizon spots when they 
set, always at the same angle, 

and those same stars will rise later in mirror image to that around North/South, giving rise to north-south-east-west finding by bisection. 

And Equatorial stars will rise/set due East/West. 

The southern-hemisphere horizons move to the right, the northern-hemisphere ones to the left. Looking South though, from either hemisphere, it 
will be seen as the horizon circling anti-clockwise around the South-pole star. How come? Well, the southerners see the bottom of the star-circles, 
around an elevated pole-star, the northerners see the top of the same circles, around a depressed pole-star. 





The Spinning Earth 


The earth is spinning like a top, on its own axis, easterly, half as fast as a ‘12 hour’ clock. 

This gives us the single most dominant direction clue on the otherwise uniformly round Earth—the North-South spin axis of the Earth. 
Spot its Equatorial Plane by the Pot. The ‘top’ is always pointed to Polaris. Spot the South Pole Star by the Seven Superstars surrounding it. 

The spin generates a magnetic core more or less North/South — Find magnetic North in far northern Canada. 

The magnetic field poles generate auroral displays, anywhere near the poles. 

The earth is also tilted like a top, at 20 odd degrees. 

The tilt gives rise to seasonal Sun height shifts, somewhat like a sinewave (just imagine the Earth’s tilted spinaxis not changing as we orbit the Sun) 
and it turns on un-twinned top-of-the-tide bulges, twice in 24 hours. The Pole Stars are latitude° down/up @ 0°/180° T. 

Any tilted top will precess the equinoxes — this generates a precessional gyration of 26,000 years, 

but this time, retrogradely, i.e. to the West, along the Ecliptic (3° in 200 years) — i.e. the stars ‘move’ to the East through our star-map-grid. 
Longitude has a lot to do with spin-time, seen from above the spin-axis. E.g. West longitude is how long after Greenwich, a place meets the Sun. 
When we want to mark the apparent place of the Sun in the sky, or anything else, at any particular time, 

we can just record the latitude and longitude of the point on Earth directly ‘under’ it i.e. closest to it. 

But visualising that in reverse, we simply project the Equator and poles, latitude and longitude up onto the heavens to grid them out. 
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Section 1: Big Picture; Top Down 
Revision, Overview and Explanations 


Time is counted in cycles 


The larger the distance scale of any motion — pulsation or precession, orbit or rotation — the larger the time scale of the cycle of change. 

The Universe has been expanding its size and condensing its matter for many billions of years (and perhaps it will not ‘cycle’) It appears static to us. 
Geological history spans billions of years, like the existence of our spiral arm. In our lives we see only a frozen frame of our spiralling Galaxy. It 
cycles, but we can’t see it. The timescale of the rotation of the galaxy is in hundreds of millions of years. 

In our lifespan we see only the slightest change in relative star positions, through telescopes, due to the ‘proper’ motions of the nearest stars. 

It is in the nature of spiral turbulent motion that the larger rotation replicates itself in the smaller scale, but at a faster rate. 

Each of the components of our solar system are also rotating and orbiting in the same rotation sense as the Galaxy. (Uranus is an exception) 

For example, the Earth is rotating eastwards, orbiting the Sun eastwards, and has a Moon rotating eastwards and orbiting us eastwards. 
“Anticlockwise, as seen from the North” is the single best spin you can put upon all that you see—including the N/S Earth spin-axis as 
‘the single best direction clue on our spherical Earth’. The tilt of the Earth’s spin-axis gives us the year, and the Moon’s orbit gives us the month, 
independent of our rotation. The Earth’s rotation gives us our day. Star time outstrips solar time slowly. The Southern Cross clocks it correctly at the 
close of March, and the Centaur soon follows. The first point of Aries gains a touch over the stars, migrating 50 seconds of arc along the Ecliptic per 
year. The vernal equinox arrives 59 seconds late for its 366th “orbit”, after 365 days, requiring 24 leap years in 100 years. 365.242 days per year. 
Atomic time, used for astronomy, is independent of all these tilted rotations, orbits and precessions, which are all independent of each other too. 








The Precession of the Equinoxes 


The actual or ‘proper’ motions of the stars are only of cosmological interest, because they change relative positions only over centuries. 

But history, actually our slowly gyrating Earth-spin axis, rewrites our star charts (improperly, as it were) with precessional revisionism, so that stars 
‘move’ slowly easterly through our star-map-reference-grid—an Earth-centred way of seeing the sky — with 26,000 years needed to complete a full 
circle precessionary Earth-wobble. This artificial motion is called “the precession of the equinoxes”— which means that our reference grid readjusts 
just as quickly as our earth axis of spin precesses — by five arc minutes in six years. That’s why we need an almanac to predict the ‘fixed’ star posi- 
tions!! A good analogy would be the slow drift of the north magnetic pole, if we set our latitude and longitude by it — that would yield a false or 
‘improper’ ‘continental drift’ in addition to the proper continental drift. See the appendix at p. 123. 

To visualise the Ecliptic, consider the Equator in the heavens to be geostationary, although invisible, but the Ecliptic to be like a sinewave moving 
daily to the West along it, on the video display unit of the sky—as on a cathode ray oscilloscope—with a period of 24 hrs & an amplitude of 23°. 
The Sun appears fixed somewhere along the Ecliptic, creeping ‘backwards’ on it (against the setting sky)—to the East—during the whole year 

To visualise the precession of ‘the Equinoxes’, imagine that the points where the Ecliptic sinewave crosses the Equator (the x-axis), move 

‘forwards’ (‘with’ the setting sky) — to the West, very very slowly — during the millennium. At the moment these ‘equinoctial points’ are between 
Regulus & Spica (the Autumnal Equinox), and between Diphda & Markab (the Vernal or Spring Equinox, or the 1st point of Aries, (0,0) for the stars). 
You might say that the Sun and the Moon and the outer planets all move West through our sky but East through the starry heavens. 


Global Weather Patterns 


The spinning globe makes the climate zones, and weather belts, follow the latitude bands. When the wind tries to blow, from a High, into a Low, 

in the Northern Hemisphere/Southern Hemisphere you see huge anticlockwise/clockwise spirals instead, by Coriolis force. E.g. the wind, tries to go 
straight ahead from the hot spin-equator to the cold spin-pole while the spinning Earth slows down beneath it (it moves slower nearer the Poles). 

In the North the wind therefore seems to “move to the right” as we see it, and in the Southern hemisphere “to the left”. Circulation is the result. 
Note: Winds around a Low go against the Coriolis force. To visualise the pressure system winds at low level, imagine placing two flat-headed screws 
pointing up, one on Japan and one on Sydney, an ordinary right-handed screw for Japan but a left-handed spiral screw for the Southern Hemi- 
sphere. Run your fingers over the threads and a right-hand thread is like screwing a screw in or out, a left-hand thread is opposite. 
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The Spherical Earth 


The earth is curved round, like a globe, 360° round — 40,000 km around (by definition of a kilometre) 21,600 nautical miles, by definition. 

© at 400 grads in a circle that’s 100 km/grad © at 360° in a circle that’s 111.1 km/degree. 

The Equator is a ‘great circle’. Longitude circles are ‘Great Circles’ — passing through opposite poles, and perpendicular to all latitude lines. 
Longitude counts 360° around East or West, or 180° East and 180° West from Greenwich. 

Its North/South dividing lines mark out 24 one hour time zones of 15° each, and those North-South lines must converge on the poles, so that longi- 
tude degrees are of unequal arc-length at different latitudes. 

Latitude has 90 equal degrees from the Equator to pole around the surface, which, by definition of the nautical mile, as one minute of arc, makes 
60 nautical miles per degree of ‘arc-distance’. 21,600 nautical miles must be the same as 40,000 km, so that’s 10 km to 5.4 nautical miles. (2 to 1) 
Latitude circles are ‘small circles’. 

We use them to divide the polar regions from the temperate regions (with the Arctic Circle, for instance, marking the limits of 24-hour nights); 

and to divide the temperate regions from the tropics (for instance with the Tropic of Capricorn, which marks the limit of ‘high noon’ fully overhead). 
‘Polar Distance’ complements the ‘Latitude’ and reminds us that arc-distance is real distance. 


Moving the Horizon 


At the spin-equator, on a globe, the polestars must lie horizontally, and the Equatorial spin-plane must pass East/West overhead. 

But move north/south to another latitude, and the earth being round, the horizon — which follows you, like ‘up’ changing with you — must fall and 
rise latitude-degrees, so that one pole star falls latitude-degrees out of sight behind you and the other one, ahead, elevates latitude-degrees above 
the horizon. The Equatorial plane must also fall latitude-degrees, behind you as you move, from being overhead. Other star-latitude (declination) 
circles in the sky (e.g. star-trail circles) must also rise or fall the same amount — latitude degrees. 

Now this same thing happens if you move in any direction, say ex degrees away, but for this let’s just temporarily freeze the spinning of the globe. 
‘Horizontal’ and ‘up’ must follow with you exactly ex degrees, and so the horizon now blocks out ex degrees of sky behind you, and reveals ex de- 
grees of new sky ahead of you. 

Looking side on, you will see the horizon tilt by ex degrees in relation to the old skyscape, lifting behind and falling ahead, of your direction of travel 
Looking at the same star-time any night, will “temporarily freeze the nightly spinning of the Earth” for you, for star navigation. 


Spherical geometry also means that if a place is 2° or 20° away from you, then it must also be 1° or 10° below your horizon — half the arc distance 
E.g. the North Pole on Earth is %2 x (90° minus latitude°) below horizontal, and at 0° True. 
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Section 2: The Inside Story—Mental Manoeuvres 
Navigation is More Than Navigating 


Properly done, navigation is your chance to fit yourself in to the experience of walking through the land. 

Why are you there walking?... Navigation zeroes in on the land. Do you want to see the landscape?... Navigation opens your eyes. 

Don’t you want to appreciate ecology and geography?... Navigate by them! Navigation stops you “drifting off” into mindless incompetence. 
Do you want to remember the views and special places?... Navigation forces you to improve such memories. 

So, achieve confidence when you are alone; tackle more difficult trips; lead others; call yourself “experienced”— navigation is the key. 


Common Sense 


Navigation skills invite you into the wilderness. The wilderness is a wild place! — a world of dangers. Don’t go. But if you do... 
..at least make sure your navigation skills are up to the task. 

Likewise: Don’t venture to sea with approximate star navigation techniques until you know exactly what you’re doing. 

Learn much more about standard astronavigation, before you experiment with new techniques. 


Your Subconscious is Superior to Science! 


Your natural abilities will do a better job at keeping you oriented. Your brain is a supercomputer. 
That makes it subject to the “rubbish in; rubbish out” truism. Your job is to feed relevant data to your subconscious, not to feed, say, a calculator. 








As far as important detail goes, your mind will ‘go for the jugular’. Exact science will go for unimportant decimal places. 





E.g. I can immediately guess “about 8 km away” far more quickly than any triangulation. 
E.g. Will any numbers ever tell you how to recognise where you are? Or how to imagine what that peak might look like from behind? 


So feed clues into your brain. It is portable, waterproof and teachable. 


Don’t leave your mental map behind. 


Visual Assessment is Your Main Clue — Rely on It More 


Since noone navigates well when they “can’t see where they are going”, we must be relying on visual assessment most of the time. 
The idea is to run with that fact of life, and make sure you have a good look when you can 
(e.g. from the lookout; while driving up; at the crest of a ridge; at the waterfall; on the bridge; in the riverbed) 
Further, bring to conscious focus what is normally subconscious, in what you see. 
And aim to remember what you saw. (Draw it; take notes; talk it out; use visual memory skills) 
A What-to-Look-for Checklist: How far is it to the skyline? Where are the Sun, sunrise, Moon, wind and North in relation to the skyline? 
How does the weather interact with the land — wind, cloud base, Sun shadow, wind shadow, cloud shadows, haze? 
Talk the skyline through — name its features. What do you recognise already? What does it remind you of? 
What landmarks are visible? What distances to landmarks? What sizes of hills? What is the strike or trend of the ridges, ranges & valleys? 
What angles between landmarks? What alignments? What valleys will your current path take you through? 
What lies in between? What slopes & shapes are showing, especially for your route? Can you see the path ahead? Is it curved? 
What difficulties lie ahead? What easier paths are there? What clear lines of sight are there? What alignments will become visible? 
Can anyone see where you have come from? Could you recognise ‘here’ again? Can you see your destination or departure point? 
How many different vegetation types? How high is it to the skyline in each direction? How does what you see mesh with the map? 


Integrate: Jetstream, Earth Rotation & Heaven Rotation 


Imagine your global motion. Tilt yourself and try (futilely) to oppose the supersonic speed of the Earth’s rotation, as if walking upon a treadmill. 
Aim for a Big Picture ‘feel’ for each local direction. 
The idea is to go outside and walk through each of these motions until you know what it feels like. 
(Both hemispheres) 


When you are........0008 standing still or moving Westwards or Eastwards or Northwards or Southwards 
(read down these lists, each in turn) 

The Earth rotates Eastwards rotates against you rotates with you to your right to your left 

The Heavens move Westwards slowly forward quickly upwards to your left clockwise 

The high clouds jet Eastwards zoom toward you creep ahead of you move to your right to your left 


oppose the heavens 

outrun the Earth 
You are being tilted to the East backwards forwards to your right to your left 
Lean oppositely to the West forwards backwards to your left to your right 


Measuring angles at 1 cm per degree 


Hold the loop-knot below your eyeball 
Make the total distance 57cm to 60cm Use a ruler marked in centimeters 


57.3 works best for small angles 
60 works best beyond 10° 
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Orientation 


Orientation = Direction Sense 


Oriental means “the rising” i.e. in the East (i.e. East from Europe!). Occidental means “the setting” i.e. in the West. 
Because most ancient temples faced the midyear sunrise and there were no North-pointing magnetic compasses, and since all the world 
can agree on where equinoctial sunrise is, most of the rest of the world has used East, for most of Time, as their method of “orientation” 
— as their cardinal direction. Imagine putting East at the top of maps, so the Sun “falls down” the page. 
Before magnets, East was the sensible choice for a standard direction. 
This is no coincidence: “To the East” is also the watchword for the spin-sense of all our solar system parts. “North” and/or “South” is inferior 
The direction of the axis of rotation doesn’t tell you the sense of rotation; But the direction of rotation, gives you the axis of rotation as well. 
East was the more sensible choice. You didn’t lose orientation when you crossed the Equator; the Sun still rose in the East. 
I recommend that you concentrate on this when changing hemispheres, and even now, to maintain your global ‘orientation’. 
Orientation means direction sense, direction finding, direction recognition, placing yourself in relation to over-the-horizon landmarks, 
Or twisting anything (e.g. your map) to the right orientation. 
Then again, it means starting off by getting your bearings straight. 
Orienteering means athletes running through the bush. 
Disorientation means... possible death. 


The Navigator’s Top 10 Problems; and Band-aid Solutions 


sl Not staying alert to navigation; not doing all you need to do...... Talk navigation; love navigation; practise navigation; interpret all clues 
2. Few Clues — E.g. Rain/Fog/Blizzard/Nighttime/Tall grass or Sit still, until you cansee; go prepared 

dense vegetation/Look-alike landscapes e.g. with a contour map; a compass; learn how to keep consistent courses 
3. Getting Lost Remember the start direction 
4. Getting Disoriented Be able to reorient; imagine the Sun in all situations; work top-down 
De Forgetting the Way, the bends, etc. Take a notebook and pencil; talk it out loud 
6. Losing track of direction Predict the trend; use a compass; a notebook; integrate all direction clues 
7. Losing track of distance Predict the timing; use a watch; use the map scale; and notebook 
8. Inadequate Map-Work Learn how to use a map; study it first 
9. Not learning how to navigate Take this booklet. Practise. 

Not knowing what to look for e.g. bush north Practise being observant, at the expense of other preoccupations. 

Not understanding e.g. the lie, contours, heavens Teach what you do know 
10. Choosing a wrong or difficult route Get directions 

E.g. a long “shortcut” across a dense gully Don’t ‘shortcut’. 
Reorientation 


Reorientation is not an automatic body sense — it is an ongoing action. 

“Orientation” in navigation is a misnomer, since it suggests some sort of initialisation, not to be repeated, rather than a continuous reprocessing. 
“Re-orientation” is a more accurate description of what the navigator is involved in. Continuous reorientation. 

Whether it is subconscious or conscious, it is something which must be done and redone, or else you are simply not oriented, now. 

It is not good enough simply to be “good at navigation (theory)” — you must be putting it into practice, continuously, or else each bend will disori- 





ent you. 
The essence of reorientation is conscious interpretation of the meaning of what you are doing. 
This is, at the best of times, a bit difficult — like mental arithmetic — but it must be done, or else your brain will remain confused. 


You may hope that direction sense would “become automatic with practice”, but the last step of conscious interpretation must remain conscious. 
And that is the process which should become second-nature. You must be aware, or you are fooling yourself into a false sense of security. 
Delegating to your subconscious, is abdicating your responsibility. So bring yourself up-to-date, continuously, and... 

Do not be overconfident. You are not oriented when you think you know where you are and where other things are—but only when you are right! 
There are so many ways to make silly mistakes: confusing alternative systems; mistakes in numbers; forgetting your lessons; optical illusions; 
instrument errors; flawed theories; trusting approximations; misidentifying a star; making a logical blunder; and, of course... being overconfident. 











Lost? Rule One: Stop! ..getting More Lost 


STOP — so that you don’t get deeper into trouble. (“When you get yourself into a hole, stop digging”) 

DON’T PANIC — Look for reasons not to panic “I can always walk all night, or sleep under that ledge, 
or wait out the weather, or go hungry, or enjoy it...” 

PRAY — He really does want to help the helpless. ———t 

SIGNAL — Shout ‘Help!’, ‘Cooee’, Whistle, Smoky fire, Heliograph, 3 of anything, SOS, CQ, Fire at night, Flashlight 

LISTEN — for a reply. 

THINK p. 37d 

RETHINK — your journey 









ere ee 


360° SOS 


SIT It Out — = The Simplest Way to Beat the Fog. Gather fuel for a fire. Don’t try to move — you may not win. Three quick turns 
CAMP — choose a place that will be a good ‘base’ for further exploration. three slow turns 
SLEEP ON IT three quick turns 


STAY — in the area, where you can be found, e.g. on the track, at a hut or intersection. (with the stick vertical) 
PLAN — Implement a pre-thought-out plan e.g. Stop, Think, Navigate, Camp, Retrace, EPIRB, Stay. 


For a Start: Slow down — almost to a stop. Be slow, cautious and thoughtful, not impulsive. 


Point and Blink = 10% Shift 


In the field you simply point and blink—If you focus in the distance, the shift is about 6 degrees, which is 10% sideways. 

6° or 1 in 10 is a very useful angle to guesstimate. Point with one eye and finger, then swap eyes, to see what a 6° shift looks like in the distance. 
For repeatability you should touch your two index fingertips as you point. 

For accuracy, use a pencil tip, and know the exact figure. The instructions below will show you how to hold the pencil to get an exact result. 
To put the Point and Blink method on an accurate footing, measure your Inter-Pupillary Distance at Arm’s Length. 

Stand behind a window, pointing through it at some distant mark on the horizon, with both your finger-tips just touching the windowpane. 

Use one eye and the same-side finger; Press your fingerprint onto the window; Swap eyes and fingers, back and forth, moving only your eyelids; 
Check your alignment—both your fingertips should appear to exactly overlap when focussed on the distant object. Press your second fingerprint 
onto the glass; Measure the separation carefully. 

Because the pupil is not pinpoint, it matters that you measure the practical separation at the working distance. Measure that working distance 
carefully— from the corner of your eye to the window when your pointing fingers just touch it. 

Compare the two distances; i.e. divide the interpupillary distance by the armslength; expect about 1:10 or 6°; Find the arcsine of that ratio for 
better accuracy. Try it out on the length of the Southern Cross. Compare it with 3 fingers, and 4 knuckles, and your binoculars’ field of view. 
Measure again on a middle-ground object, as when measuring the sideslip of a yacht by pointing at the wake. Measure out the distances as a check 
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Section 2: The Inside Story—Mental Manoeuvres 
The “Good” Navigator. You. 


If you like exploring, you can use that to advantage. Or maybe you are a good photographer, well then you will understand ‘mental photos’. 
Use your creative writing streak, in creating memorable names, or else, appreciate the action ‘direct’, carefree and spontaneously. 


Perhaps you are the obsessive type — well then, it’s map and compass detail which will suit you. 
So whether you are the artistic type, using your visual dominance, or the cool calculating logical sort, 


or maybe a ‘thinker’ doing a good job at planning, or a ‘doer’ doing, you already have many useful skills for navigation. 
Don’t talk yourself down. 





Those handful of useful traits which are already within you, you can develop into an orientation sense. 


Think out Loud 


Your subconscious will be telling you “That’s odd”. 
Your conscience will be whining “Something is wrong”. 
Your mind will notice, before you do, “That’s new”. 


When you notice something talking inside you, you need to talk back. Out loud. Don’t leave it ‘inside’. 


Internal Problem Antidote 
“Shouldn’t we be there by now?” Ask the others. 
“Have we missed the junction?” Discuss it. 
“Why is the Sun over there now!” Name the lurking enemy! 


You Need Excuses to Stop and Have a Good Look 


If it is a local peak, say “Let’s look for a minute while we have the opportunity” 





Declare a chocolate stop! 

Take off your pack, adjust the padding. Adjust your socks, air your feet, put on a Band-Aid. 

Get out the maps; Identify the landmarks. Draw the relative angles to other lookouts, for future reference. 
Get out the camera and tripod. Unpack your pack on any pretext — noone can move until you repack! 
Make a sketch, compose a poem. Start an interesting conversation. 

Go for a swim or wash some clothes. 


Cook your main meal at midday & keep the biscuits for the late meal. 


Camp there. 
You Can’t Easily Revisit Places Left Behind — unless you first spend memorable times there. 


Visualise Familiar but Invisible Landscape in Relation to the Sun 


You need to ‘fill in the void’ between the very distant reference, and what you can see, with what you know, but can’t see. 

I.e. When you get a clear view, mentally plot and remember the sky-to-land layout for later use. “If the hill disappeared, the hut would be there.” 
Mentally reconstruct any view which is helpful. E.g. as seen from camp, or from the start, or the peak... 

Concentrate on knowing and revisualising landscape direction trends. “If I were at home, I’d see the coast... across there” 

Do this at various times of day, paying particular attention to direction trends in relation to the Sun’s path. 

After all, that’s what our direction sense consists of—a confidence in the real directions just out of sight, based on what we can see. 

Then, when you are ‘bushed in’ and you see the Sun through the canopy you can say... 

“Ah! the road is running sideways to the Sun, the valley lies entirely off to the right, I must have swung around left, parallel to the ridge...” 





Section 1 dealt with the Sun/noon/North in the global abstract—unrelated to the local detail. 

Section 3 deals with the local detail in relation to the Sun. 

“Land to Sky” (soon, p 38d) is specially for one time of day, and concerned mainly with particular landmarks, not whole trends. 

But now catch up with the overall game—the Sun’s path, the local skyline, and the local layout are one piece for a substantial local area, 
and you need to mentally integrate them, and carry them with you, to avoid disorientation. 


Guesstimating Angles at 1 degree per cm 


First find how to make your arm’s-length 57 cm, e.g. by touching your fists together in front of you. 

Next, start measuring in centimetres. 

Find a icm wide fingernail—1°. Check that your fingers are 2° wide, for 2°, 4°, 6°. Are your knuckles 2 cm apart? 242° for the big ones. 
A small fist, with the thumb tucked in is 9°; 10° with the thumb showing; a palm is one ‘point’. 

15° and 16° may require experimentation. 20° can be spanned with the fingers. 


Heat OS GARE 


The ‘Blink of eye’ method also yields 6° — point to something with your finger at arm’s length or with something narrower, with one eye, and blink. 
Larger horizontal angles can be visualised from between your feet of from overhead. 
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Orientation 


Initial Orientation is the Single Fundamental — The Get-Back Path 


“Which way do I go?” is more important than “Where am I?/How far?/Where is North?” 

“How do I get back to a familiar path home?” is the real need. That means you need to orient yourself before getting lost. 

The single most important direction is Start to Finish i.e. Which way did you leave the car park? From what recognised point? 
“Which way have I been going?” (if I had to backtrack) 
Which direction did you head off in — toward what identifiable point? 

E.g. “Downhill”. The direction need not be horizontal. We function on ‘paths’ more than on straight lines. 

E.g. “to the lake”. The direction need not be relative to North; It does need to be something you can reverse. 

E.g. “with the Moon ahead on the left” “the long way around” “to the opposite side” “away from the mid-morning Sun” 





Taking a map and compass is good; A watch is nice; But the only really necessary bit of navigation you must take with you on a walk, to get you 
back when lost or disoriented, is... what direction you have travelled out. 


Initial Orientation is the Single King Principle — and the rest may not be much help without it. See the mnemonic p. 111c for some help. 
Which way you went is also the single biggest help for searchers—tell someone where you are going! 


How I Manage to Get Lost or Disoriented 


.. Starting off without paying attention ... blindly following the track or the leader ... taking a minor junction 

.. choosing a hard route — thick vegetation ... going without a compass, or map ... trapped by a peak or clearing (p.45b) 

.. falling asleep during a journey — a gap in my reckoning ... waking up in a new place .. Not noticing the “end of track” marker 

.. Inside a hospital complex, or a shopping centre; coming out ... in look-alike landscape e.g. suburbs; losing the car on city streets. 

.. getting out of bed the wrong way or entering a town by a last-minute bend... talking; inattention; not noticing bends & junctions; losing track 
.. misinterpreting “directions”; forgetting them; being given wrong directions — ... hurrying; “short-cuts”; leaving the track 

.. on river-flats near river junctions and bends ... preoccupied — with map-making! or any other task 

.. inadequate memory e.g. in caves, the way back, the many bends ... stubborn psychological disorientation syndrome 

.. miscommunication between parties e.g. about how & when to meet .. confusion; blunders (see list p. 39b) 

.. not enough knowledge of what to look for & how to interpret what you do see ... visiting the Northern Hemisphere 

.. minimal input technique of navigation e.g. ‘just follow the signs’; overconfidence _ ... misinterpreting the map—especially the scale 

.. New tracks, not on a map .. false identification of landmark features ... losing confidence just short of my goal 

.. unsure of distance covered __... navigating by creek junctions or minor dirt roads... blinkered by fog, darkness or thick forest 

.. wrong turnings; walking in an unintentional circle; overlooking junctions; not looking back _ ... waking up on a dark night, 180° disoriented. 
.. too much new territory too quickly ... negotiating thick bush without keeping orientation 


Voice Your Thoughts — Don’t Suppress Important Clues 


When your silent auto-pilot notices something and tries to tell you... Say it out loud. That’s the trick to it. 
Tell someone. If you are alone, yes, talk to yourself. Bring it to light. 
You can’t remember the jigsaw bits later, unless you look at them now! Subconscious thoughts flit away like dreams, so express them first. 


“Oh I didn’t expect to reach this so soon!” ? Misidentified 
“North seems to have changed. It shouldn’t be out there!” Disoriented! 
“Hasn’t the wind swung? Does anybody agree?” ? Are the others asleep!! 
“The shape’s not quite right” Most probably because it’s wrong! 
“The markers have stopped” ? Off the main track 


The same goes for run-of-the-mill clues. A forgotten clue is a missing jigsaw piece when you need it, so say them all out loud. 
“We're crossing a divide — see — we are now going downhill” 
“Creek number... four” “Marker!... Blaze!... Cut Branch!...” 


Back-track in Your Mind before You Back-track on Your Steps 
Lost? 


“Don’t Be Afraid to Think” 

Spend time rethinking. 

Try to reconstruct where you might have erred. Have I overrun my goal, or am I not there yet? Or am I simply off course to left or to right? 
Did anything ‘not make sense’ on the way out? 





. Work backwards from now, before you forget. 

. Assess how successful back-tracking might prove. 

" Don’t ask “Where do you think...” but shoot for the details — ask “Why do you think...” 

. Each of you should draw a mud-map separately, then come together, to compare recollections. Argue out the sequence. 
. Back-track on your presumptions. 


Detail the facts with a cool head and many problems will dissolve. 


Distance using Apparent Size & 6° 


The visual size of people, cars, houses, as measured at arm’s length, varies with distance. You know how big they are already. 
Blink your eye or otherwise guesstimate what fraction of 6° it makes, and multiply its size up by 10, plus for the fraction, to get the distance to it. 
E.g. something one knuckle space wide is 3 times further away than if it were 6° big, and therefore is 30 times further away than its absolute size. 


Visual Angle, Size and Distance 
Find the angle, and multiply the size up by 60 in 1-per-degree. E.g. If something 1m wide looks 5° across, = it is 12m away. 0.5° means 120m. 


Find the distance from the map, and work out the size from the apparent angle, by 1 in 60. Something 10km away, 10° wide is 10/6 km across. 
Using 7/4 in 100, for accuracy because the angle is small, something 10km away and 10° across should be 1750m wide. 


Side-wise Offset 


Blink your eye at something in the distance, and it will shift across the background skyline. 
Walk sideways, pacing out the distance, until it lines up with the new skyline mark. Multiply by 10 for the distance to the something. 
Alternatively, mark the new position alongside the object, which the ‘blink’ indicates, then walk up to it and pace out the offset distance & ten-tuple 


37 


Section 2: The Inside Story—Mental Manoeuvres 
Don’t Just ‘Get By’ and ‘Make Do’ 


We all have a handful of techniques we feel comfortable with. We all get lost. 


Most “How to” books necessarily are telling you how to battle uphill — against your natural incompetence. 
This is doubly true for a “How to Improve” (your navigation) book! 
E.g. ‘Improve your memory skills’! Easily said; hard to digest. 
Get used to the idea, and therefore embrace it — the idea that you, as a good navigator, should want to extend your familiar range. 


Navigation is inherently a problem (of not being able to see around corners; of not having a magnetic sense; of not having excellent memory; etc.). 
However humans inherently do have the potential skills to cope. But do you have the guts? 


Memories are Made of Landscapes, Not Compass Needles! 


What to look for is detailed later, but for now consider... 
How to ‘look’ ... 


Use your compass and map vaguely! Approximately! Lightly! 
It is safer to be aware of their meaning, rather than to be accurate but disoriented. 


Imagine you had no map, no compass. No signposts. No highways. 
“How did the pioneers do it!?” You learn how to not get lost; how to ‘see’ what you are looking at. 


Once you get oriented, then you can bury yourself in the instructions on decimal places, for accuracy when you need it. 
Otherwise numbers and recipes have an ability to preoccupy your mind and numb your thinking. 


Treat your map and compass as shy — self-deprecating — and turn your piercing stare away from them to what they are pointing out to you. 





You Need a Road-Map To Climb a Hill! 


It is a waste of effort to realise your mistakes at the top of a hill. 
“I wish we had brought binoculars” is all too common a regret. 
“We must remember next time to bring all our maps” 


You have few such opportunities to positively identify landmarks, 
and so you should take the chance to familiarise yourself with what each hill looks like from every other hill. 


But often, it is only your smallest-scale map — the roadmap — which will show you the big layout. 
“Didn’t anybody bring the compass??” 


It’s up to you to plan ahead, to plan on making the most of your efforts. 


‘Land to Sky — Sky to Land’ Navigation Sun, To 





Step Zero: Leave yourself out, and your compass, of the scheme of things — so that the whole lifeless picture only changes slowly. Ai 
The result is s licity itself — You see how the Sun shines across the landscape. Remember the angles. 
Step One: “The Tower is \f by angle, from the Sun as I see it” Both change only slowly (or rather, seem to) as you move. 


The Big Bonus is: You can keep track of all your bends, twists & turns, by the Sun & Land working in conjunction with eadt othen, 
You can locate a landmark easily through the vegetation — you know where to expect it when it shows itself occasionally. 
i.e. You can always easily locate the tower/peak/etc, from kilometre to kilometre, in relation to the (now slightly shifted) Sun (or Moon, wind, dona) 








Step Two: “The Tower is from my shadow” This allows you to walk away from the Sun, yet still stay oriented to the landmark. 
Step Three: “The Anti-Tower is \ ..from the Sun” These allow you to walk away from the landmark, 
Step Four: ..from my shadow” yet still “see” where it is. 


Step Five: Mnemonic: “The Landscape on the Left Lingers Longest in the Light” — its apparent movement as you walk, follows the Sun 
& the Shadow’s anticlockwise shift. (SH only) i.e. you don’t need to worry much about time passing, and angles changing. 


“But Landscape on the Right... soon goes wrong” — it ‘moves’ against the clock-sense of the Sun. (Southern Hemisphere rules) 
i.e. you need to refresh your angles more often during the day. (NH: Left Loses the Light; Right is all right) 


Step Six: Rule of Thumb: “15 km away changes at 15°/hour (i.e. at about the same rate as a low midday Sun) as you walk past it at 4 kph”. 
The Sun shifts at less than 15°/hr when it is rising or setting — so try “20 km away/12°” to match it; and “10 km/25°” if the Sun is very high. 
Yes, you should convert the angle to “ESE” or rename it “just S. of sunrise” for later, but the idea is to use the Sun as it is now, not North. 


Grid-line Walk — Explore in a Square Grid Pattern 


This only adds 20% walking effort, but lets you know where you are, and how to get back, 

and along a route of your choice, among many choices. 
You need to judge a given distance, well, e.g. 100 double-paces; one minute; or 100m; or by pedometer. 
Choose a reference direction as ‘Up’ or ‘ahead’. Sun-North; Compass Needle North. 

Up-weather by clouds; down-clouds. A strong wind. Distant Hill. If needed, keep a straight line by marks 
Choose a scale to suit your ambitions, e.g. 100m squares (so that each 10m is an extra 0.1). 

Try to cover a whole square at a time. Use 0.5, if needed, or you can cross at a diagonal, 140m long. 
Count forward and back progress in whole chunks, as A-Z. G.5 means 7¥2 squares. 

After Z comes AA, AB, AC. See p84b for making suitable mnemonics. Don’t lose count! That’s the worst of it. 
Count right and left progress as +/- 0-10, etc. Minus simply means ‘backwards’ or ‘to the left’ of the reference. 
When you have definitely decided to head back to base, remember the grid-reference. Stop counting. 

Reset the count to Zero. This is easier than trying to count backwards, using subtraction, to get back. 
Reverse the reference direction, e.g. to downwind, shadow South, compass South, and continue. 
When you arrive at the original grid-count, you should be within sight of home-base. E4gA0 






BO Guess the right-angles, well 
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Orientation 


Disorientation is More Dangerous than Being Lost 


...because the same disorientation that will get you lost, may then get you more lost. 

Orientation is primarily a mental picture — therefore — Disorientation is a wrong mental picture. It is one and the same principle. 

So Disorientation really extends to cover more than direction sense, into bewilderment and logical debilitation! 

You can be disoriented, deluded, bewildered and irrational about more than direction or position. E.g. You may misjudge which way is up/out/back. 
E.g. you may be mistaken about the time of day, or the existence of a road, or whether the promised weather front has passed you or not. 





‘Lost’ is ‘I don’t know where I am’ which is different from disorientation, since position sense is independent of direction sense. 

Again, you can know where you are on the map, but still be bewildered on the ground — not ‘fitting in’ even if direction-wise oriented. 

Then again, you can be oriented, but lost — yet not necessarily worried or in difficulties — because you are oriented. 

You can be disoriented unawares — even when you know where you are — i.e. not necessarily aware of the danger of loss of direction sense. 
To be both disoriented and lost is most dangerous, but it is orientation which stops you from getting lost. 





Orientation keeps your finger on the pulse. It stops you getting disoriented. In many ways it gives you a position sense too e.g. that you are ina 
particular catchment, downwind of a known landmark, up-Sun of the overall course. Orientation of the map puts the map onto the landscape— 
aligned to reality—so that the map can point out its riches to you. Orientation lets you know where you are, recognise places, & know the way back 


Logical Blunders — Examples 


Mistakes of category: “The last stream was flowing to the left” (Oops!) 
“We have crossed the main road” (Now, the main access road is dirt, whereas the main through road is bitumen, 
but you muddle them up. Or maybe you are unaware of a fork in the main road.) 
Mistakes of number: “We have passed two lakes” (which were joined behind the intervening vegetation). 
Mistakes of quantity: “We haven’t changed direction” (except for one hairpin bend!) 
Ironstone may have swung the compass, when you put the map and compass on the ground ‘for extra certainty’! 
Mistakes of quality: “From the peak to the lake was 090°” — but the false peak you were on, gave you a false sense of accuracy, in the mist! 
“See those houses ‘across’ the river?” — Rather, see the bend on the left — they are on this side! 
“The island should poke out from behind the far point. Why isn’t it there?” (It is ‘the far point’, of course) 
“But we have crossed the River” No, only a main tributary, or only onto an island. 
Gaps in knowledge: “We haven’t seen the junction” — because you short-cut past it; around one bush is enough! 











Unexpected: E.g. there are sometimes two parallel roads — the old & the new. E.g. a stream sometimes goes underground “Mole Creek”. 
E.g. A water canal may cross catchments. E.g. “Remember the creek junction at the base of the hill” — The ‘hill’ was only an island. 
Assumption: “That will be the ridge we want up ahead, let’s turn off here” — Unproven! 


“Ah, we are back to the road!” Yes, but not the same road! 


Trust the Untrustworthy 


It’s like people. ‘You can’t trust anybody’, but you have to trust your life to them sometimes. 


A compass has dozens of potential faults, but in a fog, you trust it, implicitly. 

You yourself are less trustworthy than a compass. 

When all you have outside your own opinions are reasonably reliable external clues (like where the Sun is!) you had better trust your life to them, 
not to yourself. 

For instance, sometimes that ‘external clue’ is someone else telling you that you are disoriented, when you don’t think so — you had better listen! 


A disoriented person may not want to trust the ‘untrustworthy’. Don’t let that be you. 

E.g. You may find yourself twisting the map to make it line up with a mountain which doesn’t really line up, except to your expectations. 
You prefer to believe that the map may be distorted! 

It takes practice to believe. I once spent a whole week wondering why all the trees were pointing too much to the sunset side of noon. 

I was trusting myself, not the trees, and was simply wrong about where North was. I didn’t realise which was the more trustworthy. 


Lost? Rule 2: Start! Getting Unlost. Find yourself. Regain confidence. 


(After you STOP getting lost — Rule 1) It is time to START NAVIGATING — Rule 2. (You can practise this ahead of time, without getting lost.) 
E.g. What can I see & recognise? E.g. Can I interpret the wind or sky or trees or drainage for direction? 


. First: Mark your spot e.g. tie up a hanky. Mark your Trail—so you can get back here, as ‘base’. Retrace your steps, if that is the best option. 
Act out a Search & Rescue, looking for your ‘lost’ starting point. (If you can see your surroundings, you don’t have to feel ‘lost’.)... 

“ Explore in all directions systematically. 

- Make a map. ‘You’ in the centre. Locate yourself in the landscape. Climb a high point, to orient yourself; at night too, for lights. 

Let others find you... 

= Leave notes about your plans. Especially at ‘findable’ places e.g. a hill top. 

“ Leave clues so that searchers will not give up for ‘lack of clues’. Make some marks visible from the air. 


Search out a track... 
Ask: “Where should there be a track?” E.g. to... that peak?, a fishing spot?, any low pass through the range?, the main access valley? 


Mental Grid Map 


This is the square grid method, where you simply walk, along a path of choice, and rather than following the grid lines, 
guesstimate your decimal position in the grid scheme. 
The beauty of it is that it constantly forces you to orient yourself to a reference direction, to notice distance, and to be aware of position, 
yet it takes nothing more than mental equipment. You should aim to practice it properly, once, and you may not want to discard it. 
It causes less mental strain if there are two or more of you. Delegate the left/right to one person; the forward/back to another. 
The one person guesstimates distances by one method, their way; The other gauges perhaps a different distance and with different accuracy. 
It doesn’t really matter if your guesstimation mismatches, provided you remain consistent and imagine a rectangular grid. 
In addition you need a feel for triangle lengths, for a 1 in 10 slope, up to a 10 in 10 slope, so you can guesstimate decimals. 
«You need to divert 5 in 10 to add more than 10% to the length walked. E.g. from ZO to AO.5 takes 112m across 100m squares. 
«Maximum extra length is a 45 degree diagonal, at 141%. __E.g. from ZO to Al takes 141m. These two set the feel for guessing distances 
1 in 9 adds one third. For 6 in 10 to 8 in 10, triple the first figure as the extra %. E.g. from AO to BO.7 takes 122m. 
If in doubt draw a 10x10 square, draw in the diagonals to each of 18 opposite points, and label the lengths as the square root of 100+n2 
This lets you see the direction of each nin 10 slope, and know its length. 
«You could use degrees, up to 45, and call them percent extra distance, with fair accuracy, but there’s no need for such figures. 
When I simply guessed, by eyeballing distances and directions, it brought me back home without noticeable error, after a few kilometres. 
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Section 2: The Inside Story—Mental Manoeuvres 
Walk Where the Navigators Talk — if you want to learn navigation 


Not out of earshot. 
Navigation is a learning experience. 
It works better when you can share the process of learning with someone. 


Explore 


Explore the unexpected — the side tracks. You walk to explore, usually, not to exercise. 


It’s No Fantasy 


Navigational know-how is not “If I were lost I could do this...” but is “What I am doing right now, all the time, will stop me getting lost”. 
Learning new skills and how to interpret all the clues is the practice of navigation here and now. 
Continuously pointing out new clues to yourself, and to others willing to listen, is the process of not losing yourself. 


Feed Your Subconscious through Your Conscious Focus 


E.g. To improve distance guesstimation, focus on the finest visible distant detail. Notice the haze level, the shadow hue, the sizes you can see. 


To train your direction ‘sense’ (which is entirely lacking in humans) feed it all the clues you can — 
Sun & shadows, wind & weather, compass & landmarks, trends & bends... Don’t just look at them! Put words and meanings onto what you see. 


To extend your memory of a sequence of turnings... use pencil and paper ‘memory’. 


A working rule of thumb: Bring to conscious note 

what you hope to keep track of subconsciously. 

Don’t expect to be able to remember what you haven’t noticed or thought about consciously. 
So learn what to look for, and how to see it. 


Look into the Far Distance 


..for Trig. Points; Towers. They are there to be seen, by definition. ..for Roads; Houses 
..at night, for City glow; Auroral Lights ..for the dip and strike of the underlying geology 
Assess the difficulties ahead, whenever you glimpse them e.g. a steep bank on the other side of a lake. Use binoculars. 


Look through the Haze 


What are you looking for? You want to pick: intervening ridges, hidden gorges, distant cliffs, overhangs, false peaks, mountains or islands, the 
Moon, and the trail ahead. Those cloudy lumps are not always clouds. Those invisible peaks are there to be found. 


If you don’t see them right away... Wa it ..it is the changing light conditions which show up the contours. 
E.g. Look at night, when the whole emphasis shifts, and light sources show up. 
E.g. Wait for the haze to shift — it moves with the Sun. 
E.g. Wait for the haze to thicken — to show up the valleys — weather is changeable 
A rain shower may show up a valley; a cold front might clear the air of haze. 
E.g. Wait for a cloud shadow or patch of sunlight to drift across — it will disappear into any hollows, and highlight any foreground. 


Join the Invisible Big Picture To the Visible Landscape 


The Big Picture might be invisible — e.g. the South Pole Star is “Over the South Pole in Antarctica” — but geographic “South” is quite different and 
is visible — “that knoll there!”. Join the two! 
The first principle to practise, is to work top-down; but the second and more important need, is to integrate everything. 


When you put a continental or global picture onto the landscape, you have a full-scale map of the world in front of you. 
e.g. Point just beneath ‘that Knoll’ and put your imagination into gear...Down over that horizon are icebergs separating from glaciers with 
a huge splash! Can’t you feel the chill? Up there is the night-time aurora. Down there, anti-polar bears look straight up and see 
the Southern Cross whirling around overhead! And we must be on the south side — the cold dark side — of this hill behind us. 


You say: “The destination lies beyond that valley.” “Mount Saddleback marks sunrise” 
“The track winds around behind this hill.” “The Sun skims those treetops” 
“Porpoise Bay must be yonder; Melbourne that way; and my girlfriend, 50km in that direction...” 

Integrate as you walk — in real time and place 


Cyclical Motion Divided into 12ths 
Any back-and-forth motions or cycles which are caused by circular orbits or sinusoidal oscillations are easily understood and followed in units of 30°. 
This is because 30° of rotation will swing half way across a radius from top-dead-centre, or half-way up/down from right/left extremities. 
E.g. quick rising for 4 twelfths, then 2 twe/fths in the top half of the swing, 4 quickly reversing itself, and wallowing for 2 at the bottom. 
You may not see the ‘circular’ nature of a one-dimensional oscillation, yet it will still conform to this rule. 


Tidal Height Sun’s Seasonal Latitude (or Moon’s monthly position cycle; use 2/2 days) 3 
1 hour falling slowly from the top 1 month at Northern solstice slowly coming South 
2 hours dropping rapidly to midway 2 months rapidly moving back to the Equator — to the South 
2 hours dropping rapidly from midway 2 months rapidly moving South of the Equator 


1 hour dropping slowly to minimum height 1 month slowly approaching Southern solstice 


1 hour at bottom rising slowly 1 month slowly turning back to the North 
2 hours rising rapidly to midway 2 months rapidly returning to the Equator — toward the North q 
2 hours rising rapidly from midway 2 months rapidly moving North of the Equator wa 





1 hour rising slowly to top 1 month slowly approaching the Northern solstice 
You can simplify that into sixths, saying: “1 sixth at the extreme; 2 on each change; 1 at the other extreme 
Or say: “twice as long on the change”. That makes ‘the change’ sound ‘slower’ but it actually goes faster and for longer. 
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Orientation 
Which Way Did I Come In? Which Way Do I Go on? 


Have you ever interrupted your pleasant journey at a roadside picnic area and driven out the wrong way — back the way you came — and not 
onwards? Or you turn left instead of right when you drive “out” of a local dead-end network, into another dead-end maze? 

Or you sat down for a rest on the track and when it’s time to go, both directions look identical to you? 

It’s embarrassing on the road. It’s nerve-racking in the bush! You feel struck with insanity. But it’s normal enough. 


Or when you come back to visit a familiar place, it’s on the ‘wrong’ side of the river! Every time you come back?! 
An extra external clue, like the Sun, is needed, and needed to be believed, but it is really needed before you make a fool of yourself. 
And you may have to undergo ‘re-orientation’ to dis-illusion yourself. 


Don’t let it happen to you deep inside a cave system! 


Logical Presumption Leads to Utter Delusion 


Think about those example ‘logical blunders’, about your own fallibility, about the dependence of logic upon its basic assumptions. 
Being twitted by a logical mistake leaves you with a horrible ‘lost’ feeling, plus a pathetic ‘helplessness’ about how to reorient. 


These are not simply mistakes of guesstimation, subject to fine-tuning! 
Once you subconsciously make a decision about how the world is, then your mind will close to the possibility of error. 
False assumption is presumption, so I say “Presumption Means Delusion” 
Such Left/Right, Yes/No, crossed/uncrossed, 2, or was it 1? -type mistakes lead to utter bewilderment, so I add 
“and errors involving discrete categories can be especially indiscreet!” 


Being aware of the phenomenon of logical blunders, is half the battle in overcoming them, when they bite. 
Keep an Open Mind about the truth of your assumptions! 


Trust Less and Prove More 


Don’t trust yourself At numbers 
Or remembering accurately 
At judging time or distance 
Or walking in a straight line 
At identifying landmarks properly, 
Or walking back upstream, and so on. 
Don’t trust A compass to be dead accurate 
A map to show North reliably 
The weather forecast 
Old track markers 
A navigational ‘fix’ 
Complicated or finely adjusted instruments. They can easily go out of adjustment, without letting you know. 
The point is not so much to double-check and cross-check, as to: back-up with an alternative; interpret for sense; understand; and be wary. 


The Simplest Way to Get Unlost is to Retrace Your Steps 


The sooner you go back to where you went wrong, the sooner you can relax. Yes that might be uphill. Yes it might be a long way. 
“Oh I wish I had retraced my steps earlier, while I had the chance!” 

You still have the chance, you probably just don’t want to. 

For instance, if you have been pushing on, hoping to find the way, you should be doubly aware of exactly where you have come, 
since you doubly anticipate the need to retrace, if you fail. 

“Short” cuts have a habit of surprising you at just how long they can turn out to be, repeatedly. 

A track naturally avoids gullies and obstacles, so a ‘shortcut’ is almost guaranteed to hit one square on! 


Retracing your steps may be something you can’t short-cut. It is the shortcut. It short-circuits many other possibilities. 


Caution: Sometimes retracing your mistakes will only compound them—more of the same! 
You may sort yourself out better if there is an alternative system to try e.g. to walk back upridge if you got lost going downstream. 


Approximate Sine-Wave Values 97% accurate 


(From school you could have memorised that sin 30° is 0.5 and sin 60° is 0.866, and perhaps sin 45° =0.707 ???) 
The first twelfth of an oscillation takes something half-way (0.5) to its peak amplitude (1.0) from the middle ground (0), by the rule of twelfths. 
«The motion is virtually linear for that first 30 degrees. So to convert those first 30 degrees to a sine-value, Divide by 60. 
I.e. add at a rate of 0.5 in 30, or 1 in 60. E.g. 25°/60 = 5/12 (or 0.417). Sin 25° is actually 0.423, which means we had a -0.006 error. 
Sin 15° is 0.259, but we get 0.25 (-.009 error). Sin 20° is 0.342, but we would guess 0.333. That’s about the maximum error, 0.01 low 
The next twelfth carries the motion from half-way to 86.6%, in a curve; The extra is 36.6% or a slope of 1.22 per degree. Let’s use 87,36,1.2 
A linear fit cuts the curve twice, and so is close to most of it. If we could add 36%, over 30°, to 0.51, to arrive at 0.87, we get +/- 0.01 
«To the extra degrees, Add 20% ; Add 1; Call it a percentage (divide by 100). (To add 20%, add 1 tenth, 2 times, e.g. 55+ 5.5 + 5.5 = 66) 
E.g. 60 degrees = 30 plus an extra 30; so start with 0.5 and add 0.3 then 0.03, 0.03, 0.01 to get 0.87, which is 0.004 too much. 
E.g. 40 gives 0.5 + 0.1 + 0.02 +0.01 = 0.63, instead of 0.643, or a -0.013 error. Sin 45 is about 0.5 plus 0.15 + 0.04 =0.69 or -0.017 
To make the next approximation, use 0.87 for the first 60 degrees, then worry about any extra degrees. 
The last 12th is the flattish top of the curve, building up to the crest. It climbs only 13.6% from 0.866 to 1.00 in 30 degrees, in a curve. 
We start at 0.87 and finish at 1.02 cut the curve twice and best-fit to within 2%. 
«For the last 30° degrees Divide by 2, then 100, to gain 15%, from 0.87 to 1.02. 
E.g. 80 degrees moves to 0.5 then to about 0.87, then an extra 20 degrees or 0.1, yielding 0.97, 0.015 below the real value, 0.985. 
75 yields 0.5 + 0.37 + 0.075 = 0.945, 0.021 below the true value 0.966. 70 gives 0.87 + 0.05 = 0.92, 0.02 below 0.940. I.e. +/- 0.02 
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Abstract 


The fast technology development of 5G mobile broadband (5G), Internet of Things (IoT), Big Data 
Analytics (Big Data), Cloud Computing (Cloud) and Software Defined Networks (SDN) has made 
those technologies one after another and created strong interdependence among one another. For 
example, IoT applications that generate small data with large volume and fast velocity will need 
5G with characteristics of high data rate and low latency to transmit such data faster and cheaper. 
On the other hand, those data also need Cloud to process and to store and furthermore, SDN to 
provide scalable network infrastructure to transport this large volume of data in an optimal way. 
This article explores the technical relationships among the development of IoT, Big Data, Cloud, 
and SDN in the coming 5G era and illustrates several ongoing programs and applications at Na- 
tional Chiao Tung University that are based on the converging of those technologies. 


Keywords 
5G, Internet of Things (IoT), Software Defined Networks (SDN), Big Data Analytics, Cloud Computing 


1. Introduction 


The roles of SDN, Cloud, IoT, and Big Data in 5G Networks have raised great interest recently [1]. According 
to the IEEE Computer Society (IEEE CS 2022 Report [2]), Cloud Computing (Cloud), Big Data Analytics (Big 
Data), Internet of Things (IoT), and Software Defined Networks (SDN) are among 4 of 20+ emerging technolo- 
gies as illustrated in Table 1. In the meantime, based on the report in IEEE Communications Society (IEEE 
ComSoc Technology News [3]), among top 10 trends in 2015 as listed in Table 2, 5G, Virtualization (SDN & 
NFV), everywhere connectivity for loT & IoE, and Big Data are also included. Combining both reports, we can 
identify 5G, Cloud, IoT/IoE, Big Data, and SDN as the five most worthwhile ICTs (information & communica- 
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Section 2: The Inside Story—Mental Manoeuvres 


Self-Motivation is Fundamental 


For a sense of direction to become “second nature” you need to train your second nature. 
Improved navigational ability boils down to... putting new ideas into practice. 
(Not perfecting old mistakes! Nor leaving the right technique on the shelf) 


Don’t just know about a good idea; make it yours. 

For this you need to want to improve your skills. 
to force yourself to practise your weaker points. 
to push yourself to develop new habits. 








Which is fun. 


Enjoy the trip! 


How to Feed Your Brain 
When and where does the Sun get up? 


Get up and look (not at it!). Don’t make it an academic question. 

You don’t need an academic answer, either. You measure it with your eyeball. Perhaps draw it. 

That doesn’t mean “ignore the details” but “memorise the feel”. 

You do ‘measure’ it, but not with numbers. There! This early! 





Star navigation? It doesn’t have to be a “trigonometrical nightmare”. 
For us it means: Find the Southern Cross. 

Guess the time of night. 

Find the Pot. Get to know the stars. 

Project their movement forward into the daytime. 


Let your brain do the calculations. Show it what to work on. 





Wait for a Change in Perspective... 


..to reveal the hidden shapes and layout. 


As you drive up, keep re-examining the changing skyline. Continue the process as you walk. Look for ridges & valleys showing up through the 
vegetation as well as on the skyline. 
E.g. Use parallax to reveal a deeper horizon behind a hidden valley... 
Keep your eye on particular bumps on the skyline. 
If there is a deeper background, i.e. more distant, then a lump on it will show up by moving with you — 
more quickly than a ‘foreground’ horizon. You may have to look through the deep haze to even locate particular bumps. 


Climb a tree, ora hill. 
Use binoculars. Look especially for the trail ahead, in relation to the terrain. 


It is the Changing Parallax which Shows Up the Landform and its Relative Distances. 


Landmark to Landmark Network Navigation 


This is a permanent, unchanging, top-down, whole-region method, prepared at home, fora particular walks. NE 
1. Choose only prominent landmarks from the map. e.g. peaks with transmitters 
Add in major ports, mouths & coastal extremities, lighthouses, around the coast. 
Draw the network of triangles between them. (“Which one am I inside?”) 
Draw the circumscribed circle for each triangle. (“Am I inside or outside?”) 
Label each line in kilometres. (“What does 20km look like?”) 
Label each horizontal angle in degrees. (“Does it look larger (inside the circle) ar smaller (outside 
Label each line with its trend-direction. (“Am I to left or to right of track? Which is this river parallel 
On the right of a line you will be looking to the left of its trend to see one of the landmarks. 
2. Keep a notebook for local peaks — smaller but locally prominent lookouts. 
The idea here is to navigate only by landmarks, not by (favourite) low spots. Larger angles inside 
You don’t have to worry about whether one landmark is visible from another. Smaller angles outside 
The idea is that even when you can’t see a landmark (as well as when you can), 
you can know where it is and how it lies in the land layout, how other trends line up with it and with other visible lines, and how you fit in. 

















Campi t 205°T 


Notebook 







ap (Part of the network) 
(See Section 4) 


Name Each Clue — with solid ground 


“That’s Pacific Sunlight shining” — a mid-morning Sun, for Australia 

“I have an Anti-American Shadow at the moment” — pointing away from North America 
“It’s a West Coast Cloud Flow” — you can’t lose your orientation 

“I love a Tropical Moon” — when the Moon is North of you (SH) 
“That wind would blow straight in our back door” — ‘Back-Door Blow’ 

“Downstream from here is uphill from Port Stevens” — ‘Steven’s Stream’ 

“This cliff sees the Southern Lights” — ‘Cold Cliff’ 


“Topple-Tree Trunk would take us to True North” 


The next step is to add something in line with that — see the next page. 
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Orientation 
Disorientation — A Killer Syndrome 


Pilots have been known to fly upside down, or rigidly leaning to one side according to their mistaken belief about “up”! 
If even our natural senses are unreliable we certainly can’t afford to believe in any ‘sixth sense’ of direction, or on any unproven magnetic inbuilt 
direction-sense in humans! A trudge can dull & distort our senses. Your mind tries valiantly to maintain mental orientation—that is the problem. 
Several times each year pilots die, scuba divers get lost in sea caves, cavers fail to find the way up and out, boatmen falsely navigate the fog, 
and bushwalkers get lost in the bush, fatally. They were not just careless; they were probably trying hard, but in the wrong direction, stubbornly. 
Belief is an irrational master. Its force is stronger than reason. The conflict, combined with physical tiredness and sensory deprivation, is stressful. 
We prefer to get lost rather than to rethink wrong assumptions! 
We become willfully blind to strong contrary clues in view (including signposts, instruments, buoy colours and numbers!). 
We magnify weak clues, to justify our delusion. This heightens the stress, because our sub-subconscious knows that we are wrong. 
We actually lie to ourselves about what the clues do say! (e.g. we change the number, colour, reading or wording in our mind!) 
Such irrational behaviour is explained as defending our psyche from hurt pride and from being devastated by confusion, fear and panic. 
Don’t laugh it off as “Oh, that’s only for the worst case” because it is the less obvious self-delusion which will likely trap you. 
Being human includes you — you definitely are vulnerable to being even less sensible than trained pilots! 











Casual Outings Catch You Out 


..unprepared e.g. without a map or compass or weather forecast. 
Casual outings also have a habit (because exploring is interesting) of “I'll go just a little bit further”; and turn into longer than expected full-scale 
safaris. Exploring is built into the genes of a small fraction of any animal population—it’s a group-survival insurance. But don’t let it catch you out. 


Serious trips go more reliably because you know what is needed, but you rarely prepare well for a casual trip. 
e.g. you have no pedometer or notebook and so don’t keep a good enough log of distance or direction. 
So Lesson Zero: Make some precaution (to avoid getting lost) every time you wander off. 
Another unexpected casual mistake is to decide to leave the track without thinking what precautions may be required. 
Try this. Look up and repeat after me: “God, have I forgotten anything? Is there anything I should do first?” 
Let someone know the single biggest clue: “I’m going exploring that way”, 
but then don’t forget the unobvious catch—that person might also go exploring & not tell anyone where you went. 
(Being disabled by an injury is one thing, but dying of exposure or thirst or wild animals, simply because no-one knows where you are, is another 
whole added dimension—that is probably the strongest reason for bothering to let someone know.) 
So before you go off, pass on any vital information about others, as well as about yourself. 








Trust Yourself Less 


..when the compass and you disagree, for example. 
When the map shows the junction there, but you reckon it should be here, for some reason such as ‘but we’ve come too far!’ 
Or similar cases, of confusion. 


Your reasoning sense has holes in it, big enough to outsmart yourself. 
In the end you will usually conclude “Well, I was wrong, due to this very good reason(!), and it was how the map and compass told me it was.” 


But you don’t want to admit it, at the time, until you are proven wrong, yet again. 
Your reasoning is not, despite your worship of it, the highest god in the Universe. You need to be able to criticise it freely. 





Unreliable as map and compass can be, at times, it is better to trust them more and yourself less. 


More is Better — Thought, Time Care 


A simple principle to apply is to do a better job at what is marginal. 


For instance, “flat” ground nevertheless does have a slope which you can determine with care. 

The wind may be gentle but a little extra time could make the difference between success or failure at determining its direction. 

You can always double-check a casual decision, e.g. about which way the dry creek-bed flows. 

Instead of wandering in an unrecorded meandering fashion, you can mentally log your changes in direction by lining up pairs of marks. 
Just before you leave the track, a quick checklist can bring a few necessaries to mind, but only if you take the trouble. 


A little extra thought; an adequate time-allocation to each task; more faith; and that bit of extra care—will solve a lot of problems. 


Moveable Position vs Fixed Orientation 


e It helps to park the car in a cardinal direction, or pitch the tent North/South, since we all rely on such clues to revisualise what we left behind. 


e But when you do try to orient yourself to something invisible such as how the car was parked when you walked off, there is a simple trap to avoid 
Don’t imagine the car/tent as ‘behind’ you and twist its imagined orientation to suit the Sun or compass; 
Instead change its position — move it to somewhere other than ‘behind’. 
Mentally manipulate its placement, not its orientation only. Or else the ‘correct’ orientation will confuse you — nothing will make sense. 
Don’t let the Sun ‘change its direction’ — that is a tell-tale that you are keeping the reference position fixed behind you rather than moving it as 
you swing to left and right. 
Because we have no good tools to log changes of position or distance, we tend to neglect that half of the story in favour of maintaining orientation. 


e As another hint on how to use a fixed orientation, e.g. North-South, so as not to let it ‘change’ in your mind, imagine it as a long, huge, high, iron 
girder bridge overarching you and your car/campsite, in the appropriate direction. Whichever way you imagine it, e.g. through-bolted to the conti- 
nent, or from one peak to another, make it so solidly fixed to the ground and impressively immovable that you feel so insignificant yourself that 
you feel you must turn yourself around in order to pass under it. 
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Section 2: The Inside Story—Mental Manoeuvres 
Routine Mind-Shut-Down Procedures 


You know how you become dull and passive — when being over-taught, lectured at, just entertained, occupied in repetitive tasks, sitting in front of 
the television, failing to solve too-difficult maths problems, or being proved to be a perverse idiot against your own opinion... 
Automatic self-defence from constant attack... involves shut-down — into a semi-hypnotic trance. 


Similarly, 

Walking becomes a “trudge” after about an hour without a break, depending on the load, the heat, 
and how many trudges have preceded on that day, and previous days. 

Pain-relieving opiate levels rise. Conversation takes a dive. The path sliding under your feet gets stared at a lot. 
Your mind is passive, plus your body is on auto. It is physiologically involved in the hypnotism. 


Mental Torpor is a navigator’s constant enemy. 
Keep the Different-to-Same-Ratio up, for both yourself and your companions, so that you can stimulate each other into full consciousness! 


Feed Your Subconscious Subconsciously 


E.g. Open your Atlas to a map of the world. Orient it and leave it open, oriented, and in view. 

E.g. Place a magnetic compass somewhere in view at home. 

E.g. Develop a habit to Orient your watch N-S each night when you take it off, wherever you happen to sleep. 
E.g. Sleep with your head to the north each night if possible. 

E.g. Clearly visualise what direction your feet are facing before going to sleep each night. 

E.g. Imagine your body lying across a map of the continent. 





New Habits Open up New Horizons. 


u “ . . 7 a” 
Retracing is Re-preciating 
.. This memory-aid is something you have to tell yourself — to avoid blinding yourself and missing the goodness of the walk back. 


If you are only titillating your senses for the passing instant, by constantly seeking “new” experiences, you will develop the mind-deadly 
“Bin there — Dun that” attitude 
Familiarity breeds contempt... “I know the way” doesn’t guarantee that you know much else about the way. 
The return journey degenerates into a dull, silent, often over-fast, boring, mindless trudge, even if you drove all day to come and see this top- 
quality location! In effect, you have walked the track twice, but looked at it only once. 


Two solutions: 
Take an interest in your surroundings, to overcome passive mindlessness. 
Questions on your mind overcome boredom. If you have asked questions about a new place, you should be able to answer them on the way back. 


Remind yourself of the opportunity to “re-preciate”. 


Aim to Integrate... 


7 ..Integrate daytime clues with night-time orientation—use the Moon, the place of sunset, the sunset glow later (which is further South— 
SH), the twilight Blue Band, Venus, the Ecliptic, the skyline — anything to carry you over from daytime to night-time, 
during that awkward twilight changeover phase. 








: ..Integrate invisible landscape with visible landscape—work out what lies behind each hill, to picture the outside world against that skyline. 

. ..Read the “map check-list” and specify what each item means from your point of view—if you didn’t have a map, for example. 

: ..Integrate the changing, with the unchangeable. E.g. the Sun’s daily rotation needs to be followed, by naming its current direction. 
Same with the track; and your nose; and the wind. 

. ..Integrate one walk with another — don’t just carry two separate mental maps, add a third overall view. 

“ ..Integrate each system with each other one. E.g. don’t let the map be one “world”, while the walk is another, and the night sky a third. 
Join them into one whole. 

‘ ..Integrate each direction clue with each other direction clue — E.g. “The tower is just before magnetic noon from here” (3 pictures in 1) 


E.g. the boat-radar may fail in the heaviest weather, unable to penetrate the rain squalls—you need a boat-compass too. 
It is the combination of clues which stops you getting disoriented — if you mistake one, the others will alert you. 


Notice and Match Up 


‘Notice the clues’ is the easy half of navigation. 

Sometimes it is as simple as seeing that the track is curved. 

However, a slight curve due to a river bend can turn you in a hairpin without you realising, even if you do notice the curve. 

Until you also notice the extent of the curve, you are at the mercy of disorientation. Something more than looking is needed. 

You need something to orient to, like the wind or clouds or landscape. 

Again, it does you little good to have seen the clouds steaming by if you forgot to see where they came from. 

‘Notice and Interpret’ is the catch-cry, which never stops. 

But when the wind stops, will you know what direction you have been going? And ‘heading for the mountain’ is fine, unless you lose sight of it. 
Something more than single-clue orientation and interpretation is needed. 


Do Notice; Do Interpret; Do Orient; Then Match up; Link it to something else. And to something else. E.g. the clouds are from the mid-morning 
Sun; The mountain is on my shadow’s port bow; The river has bent from ‘towards the coast’ around to ‘away from the coast’. 
For special examples, see ‘3 in line’, opposite 
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Orientation 
Un-Dis-Oriented 
You don’t need to be perfectly and continuously oriented! 


In fact it is quite hard to maintain an exact direction-sense, as soon as you turn your head, move a few steps, divert a few degrees, etc.** 
You only need to be realistically confident of position & direction. 
Hence it is better to be roughly aware of many clues, than to aim for perfection, say, in location or direction. 

E.g. ‘Moon North’ is approximate, +/-60°, but awfully comforting! — It adds to a complete picture. 

E.g. You may not even look at your map again, after studying it once, if by now you already know what it is telling you. 
Don’t aim to be perfectly oriented — just undisoriented. 


E.g. Hold the conversation on how to judge range; what’s behind the hill; where to find moss; why you can’t yet interpret lichens; and so on... 
and you can hardly miss seeing the walk. 
E.g. Run through the Start—Stop—Rest Mnemonic, p.110, as a memory challenge to all... “What’s next in it?”... 
which has the benefit of practising all its clues too. 
**As an exercise, guess, from a distance, diagonally, where the side of your house or car points to on the horizon, then go and line it up to find out 
Or guess which point is opposite that hillock or tree, then establish how accurate your guess was. My results: +/- 10°; +/- 30° when not trying. 


Trapped! By Not Looking Back 


A fish funnelled into a fish trap may never again find the narrow entrance hidden somewhere in the large perimeter. 
Converging tracks and sudden clearings trap bushwalkers too, when they walk through an irreversible change without noticing. 
“Where did our small track join onto the main route?” “Where did we hit the fence/road/pipeline/track, and turn along it?” 
E.g. stepping into the creekbed, to explore upstream, is a one-way move—you may not recognise it coming back, and could overshoot. 





“ Beware of all sudden clearings. 
“Where did we emerge from the bushes: outinto the clearing, onto the peak, onto the riverbank, out onto the beach”? 
Look for footprints — anyone’s, but especially your own. 





‘ Remember the phenomenon — and mark those junctions in your mind! Or even mark the junction on the ground. E.g. place a rock there. 
. “Which tributary did we follow down?” 

“Which ridge did we come up on?” More on p.63b 
x Log the distance and directions involved at such changes/junctions/clearings, before you walk on and ‘lose track’. 


Disoriented? Stop. Say So. Reorient! 


Be prepared to voluntarily switch from ‘certainty’ to uncertainty. 
Learn to live with fallibility. 
As soon as you suspect a disorientation episode, admit it. Say so, out loud. Don’t miss the chance. 
Tell your brain off! 
“You know you’re just guessing! You made some mistake and won’t admit it! Let’s work this thing out together” 


If you don’t know that you are disoriented, that can be worse than being lost but oriented. 
You don’t even have to be lost — Even if you know where you are now, if you are disoriented, you may walk on into trouble, rather than be looking 
to walk out of trouble. 


Recall how often you have experienced a hard-to-shake feeling of disorientation. 


Lost? Rule 3: Do a Good Job — of walking out or staying put 


It may not be safer to stay. Well, if you decide not to stay, don’t be aimless in what you do decide to do... 


: E.g. Retrace your steps. 

. Keep a straight course — e.g. downstream; along the road; toward the mountain; to night lights; to the traffic noise; a chosen direction 
a Be single-minded — purposeful, but not stubborn 

Leave a Trail — you may need to retrace. Yes, it consumes valuable time, but “don’t get more lost” 

: Leave clues; notes — for others 

. Walk quickly if you must, to cover sufficient ground, but ‘rescuers’ may not be able to keep up! 

. Yes, your exit strategy may need to be aborted, but at least nominate an exit strategy for the exit strategy beforetime. 


In-Line Integration 


Put your preparation into something useful by using the ‘3-or-more-in-line’ interpretation method... 


“The wind is blowing from Port Bluster, over Hot Hill, past the carpark, to us, and on towards the Sun. 

“The Pacific Moon is shining parallel to the highway” 

“The Mountain has Montague behind it, that cleared paddock in front of it, and that hillock in the opposite direction” 

“The compass needle points past the Northern airport to the mainland” 

“My anti-American shadow is pointing past Penstock to Point West at the moment” 

“The stream is flowing from Mt. Big, down over Lake Low towards Mersey Mouth” 

“That Tropical Sun is over New Guinea, shining Past Alice Springs, over the intersection to me, and into the teeth of the wind” 
“The Nor’Easter clouds are flowing from Noumea, over the Main range, to here” 

“That persistent pigeon is cooing from behind camp” 


The effect is to turn your reference orientation directions into fixed tracks (see p71bi), making interpretation easy. 
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Section 2: The Inside Story—Mental Manoeuvres 
Navigation is Mental Work — Stay Alert 


The tools to work with may be “map and compass” “line and direction” “time and distance” 

But any workman needs, and needs to practise... 

Attention Observation Analysis Interpretation Preparation Concentration Memory Visualisation 
Specialist knowledge Deft application Reliability Right attitudes A store of safe and useful habits Coordination 
In other words: you get lost by lapses in applying your skills, not through lack of skills. 


Mental Equipment is Very Light to Carry — You already have it; Don’t forget to use it! 


Instruments Instruct the Intelligent 


Don’t let the instruments — compass, clock, protractor, map — do the navigating for you. 
Rather, let them teach you, how to get by without them. 


E.g. practise finding North by everything except the compass; then check your guesses with the compass. Try bush North repeatedly. 
E.g. Guess at “adjusted Moon North”, then consult the compass. 
E.g. with a watch you can practise telling the time by the Moon. 
E.g. before you use a protractor, guess the angle. 
E.g. gauge the distance by eye, then check it on the map. 
E.g. attach a sundial compass to your magnetic compass, for the sole purpose of practising & checking your use of the sundial. 
In general, predict and guess before observing, and learn from the results. 
You should always check an observation for good sense, and check any instrument, or any calculation — but prediction forces you to think first 
(rather than the go-to-sleep-first alternative — which is to always check afterwards). 
Control your instruments — don’t put yourself onto auto-pilot — or you will hypnotise yourself into blindness. 





Look Back Regularly 


Look At how you got here — so that you can recognise the way back if you need it — and can make sense of your walk. 
At the change from one terrain type to another i.e. at the link between natural sections of a walk — after you walk through the change. 
At the directionality of the sky haze down low — the change in thickness and colour. 
At the colours of the leaves, lichens & flowers — they change dramatically upsun/downsun, and therefore forwards/backwards. 
Look Back... At tracks joining in at an acute angle — which otherwise you won’t see until you come back — which will confuse you. 
At the bending of the track. 
At what you may have dropped or left behind! (Check each other. Anyone carrying loose items should walk in front.) 
At the distance come, compared to the distance yet to go. 
At the weather clouds stalking up on you from behind. 
Can you see your starting point, and get a bearing on it? What is opposite that — i.e. the landmark which now shows you your exact trend to date? 


Look Around 


Since turning your head while concentrating forwards, taking your eye off the ball or turning a smooth corner are all enough to thwart your direc- 
tion sense, the anti-dote is to deliberately turn your head! Keep looking around at the wider context, including behind, so you don’t lose sight of it. 


Imagine an Aerial Photograph of the Continent 


Visualise exaggerated shadows lying parallel across your imagined photograph — connect those with your shadow and tree shadows. 
Visualise the Sun shining like a flashlight upon your imagined continent map — connect that Sun with the Sun you see (Don’t look at it!). 
Visualise the cloud shadows moving across it — there’s one! See? 

Draw the isobars across it, lined up with the low clouds wind direction — feel it in your face. 

Superimpose a huge compass needle across the continent map — look at your needle. You should be aligned. 


Usually you avoid using any small-scale map, since it is the real and full-scale world you want to see or visualise. 

But sometimes, imagining a map helps, e.g.... 

al Your navigational map (i.e. remember what you studied!) 

The mental continent glued to your compass needle, to help you ‘(not) swing the map’ 

The continental map you walk over at bends, to help you take in the new orientation 

The bird’s eye/satellite view e.g. when reconstructing where you might have gone wrong and when re-enacting it in miniature 
Sleeping on a map, with your atlas open, and your compass needle showing 

The Road Map marked out in Regional Triangles from peak to peak. 


On 


Making a M.U.D. M.A.P.-m.a.p.-m.a.p. For a more accurate job, see Mapmaking p101c,103c,106ab,109c. 


Mudmap your trip onto paper, because paper remembers better than you do. Use any scrap of paper. Take a pencil and draw you meanderings. 
Orient the paper to your expected trend (p51a Rhumb Line & p11ic S.T.A.R.T.), so as to give you most room to map your journey. 

Mark a dot where you start from — probably on the edge closest to you. 

Up-arrow for a reference Direction; draw in a long one, Up-Sun is good. e.g. Up-wind; Up-shadow; Up-peak to a prominent landmark; Up-Weather 

Direction. (the Cloud flow); Up-North, by compass needle, or Up-Moon. Interpret the reference-orientation-Direction(s) before you leave. 

U-pD-ate the arrow direction(s) or interpretation as needed, e.g. as the Sun shifts slowly, in relation to the wind, or as you walk past the peak. 

Maintain a trend, a straight-line ‘leg’ p73b. Use the reference direction if possible. E.g. use the anti-peak. 

Or pick a distant mark and walk up to it somehow; Or line up two points and keep them in line (p85e,87e,89e); Or just guess. 

Align the Arrow when you stop (See Map Alignment 97a-105a, 103b). Turn Around to see where you have come from, to map the directions well. 
If all other direction references fail you, Align the next leg carefully to the last leg. Be careful, because this will accumulate errors. 
A-lignment is the magic ingredient. But it is the extra reference A-rrow which keeps you straight and avoids those accumulated errors. 
Interpret the new alignment before you disorient yourself: “Where then is the starting-point now?” — or else you have a map but no sense. 
Don’t forget to use the map on the way back keeping track of the bends and where the start point is, and the finish point. 

Pencil in the Progress Parallel to the last leg; Pencil in the last leg distance. Turn around again and pencil in the next leg direction. 

Guess at the distance, or pace it as you go, or use a pedometer, or a stopwatch. Add helpful notes as needed — p95c, 122 might help. 
Repeat the m.a.p. for each new leg. 46 


Orientation 
Avoid Disorientation: OverNavigate 


Your aim is surely not: ‘how to read a compass’ etc. But: ‘how to avoid a disorientation episode’ 

Being ‘lost’ is no panic, although you try to avoid that. Being ‘disoriented’ is panic (even when there is no real need). 

To avoid the psychological syndrome and the real dangers of being disoriented, and lost, the most sensible attitude is... 
Avoid getting disoriented in the first place Maintain orientation 
Navigate carefully e.g. learn ‘how to read your compass’ etc.! Overnavigate — don’t rely on one theory, one skill, one faculty 
Don’t give in to panic, or even to anxiety. 


Over-navigating when you can, makes it easier when you can't, e.g. sea-sick or injured, bushed-in, exhausted or confused. 


It is a rule in life (Murphy’s Law) that things go wrong very quickly, not just one thing at a time, but all at once, compounding the difficulty. 

As soon as you realise you are disoriented, you'll probably also realise that you also don’t know the time, the position of the sun, the direction of 
the wind, the direction of the clouds, or whether you can interpret the bushes for noon. Then it begins to rain, go dark, and out come the leeches, 
and you sprain your ankle too. You could learn this law the hard way, or take my advice and do your ‘emergency’ navigating before the emergency! 





How to Get Lost — Follow the Track— A Track is a Trap-Door 


A track will lure you into the middle of the wilds. You end up depending upon it completely. 
I suppose tracks know where they are going, but you may not, and they can’t think. They are mute guides of the blind. 


Antidote: Over-navigate. Do more than you need to. Don’t just follow the track mindlessly. Don’t let it do the navigating for you. 


Keep your finger on the pulse e.g. How far have I come? What speed am I averaging? What landmarks can I see? 
Have I checked the compass lately? The weather? 

STAY ALERT 

STAY SKEPTICAL 


Reorientation; And a Fresh Start 


Step 0. Admit it: “I am dis-oriented!”. Say So. Stop. Decide to ‘reorient’. Discuss it out loud. 

Step 1. RETHINK where you might have gone wrong. 

. IMAGINE the true situation. 

. IMAGINE A BIRD’S EYE VIEW of how it ‘must’ be. Lay it all out, on the ground, in your re-enactment. 

USE THE MAP; and all the clues — the time, the clouds, the distance... 

ACT IT OUT on foot, in miniature. “I left this way, turned...” 

SAY OUT LOUD a) Well that’s where I thought it was b) But it is really over there (e.g. that Sun there). 
. Imagine the stars circling where they ought to; the coasts trending the way the compass tells you; etc. 

. Aim for a NEW START “I don’t know what happened, but now I divorce the past”. 





ONAUAWN 


Only when “the ground shifts under your feet’, do you know that your brain has got hold of the new situation. 


How to Leave a Message 


- Put it in a prominent place (e.g. a hilltop; a campsite; a rock face) with a prominent marker — bright and colourful for instance. 

. Make it helicopter-visible e.g. in a clearing; large 

s Use international distress symbols e.g. ‘V’; Fire; 3 lots. At sea, a white flag or white stroboscopic (flashing) light. 

. Any bit of metal may help you scratch out a message e.g. a zipper runner; a coin; a key; e.g. onto a tree trunk. 
If not, try a rock, or stick, to scratch with. Next time, have paper and pen with you. 

- Use spittle, or urine, to make mud, then cover the mud message, but prominently — e.g. when searchers remove the coat from the tepee 
they see the message. E.g. make a flat mud pie; press in twigs to form letters; keep the rain off it. 

" A freshly dead leaf is like paper, to write on. 

- A piece of charcoal makes a handy black chalk. 

s Brittle Yakka gum makes a bright orange powder splotch, to attract attention, and can also be used as a somewhat waterproof crayon. 


Disorientation in new territory 


Familiar territory does not disorient you, so you must have the mental faculties to ‘know where you are’ when you can ‘see where you are’. 

The overload of nove/ surroundings must overwhelm your normal abilities to mentally keep track of small diversions and accumulated progress. 
These suggestions aim to make an exploration more ‘familiar’ and less ‘new’. They come from all over this book. I suppose the message is: 

‘Don’t just read about the methods, take extra time and care to put them into practice; extra ‘bother’. Slow down; try harder. Remember more’. 
Look back very regularly, to increase your familiarity of already explored territory. If you had eyes in the back of your head, it should a// look 
‘familiar’. Walk back over that territory before continuing, p 68b. It will feel like old familiar ground if you bother. You could find your way through, 
and back through, an obstacle course at night without a torch, if you went forward three legs and back two as a matter of habit or necessity. That’s 
5 whole journeys. Talk to the obstacles along the way, and use a mnemonic to recognise them, and what you did about them, and how you turned. 
Leave visible markers behind you, so looking back is more helpful to orient you. Leave a trail. It boosts your confidence, even if you don’t use it. 
Look through the foreground into the distance to maintain contact with reference directions. Fix what you can see, especially ahead, in your 
mind, in relation to the Sun, shadow, wind, etc, until you can point to them from behind visual obstacles. Remember more of what you see. Inter- 
pret each clue for its relationship with your memories of how things looked. Integrate the bits into a whole. Use some distance measure. 

Maintain a straight line if convenient, so the interpretation of where you are is transparent. Use long straight ‘legs’ so you can interpret your accu- 
mulated path more easily. Notice and remember the angles between legs especially. Create a mudmap, so you remain oriented to your start posi- 
tion, and to your current position, and to landmarks sighted along the way. Practise these and other techniques, when it doesn’t matter, for later. 
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Section 2: The Inside Story—Mental Manoeuvres 


To Work Harder, Rest Harder 


“Mental alertness” may involve 


e A siesta nap! 
e An early night (not a late-night campfire party or sing-song). 
e Regular rests during the walk. 


Tiredness, Exhaustion, Constancy — these stop you thinking efficiently, and affect your memory badly too. So do nicotine, alcohol and drugs. 


e When you are in difficulties, sleep on the problem, or take your mind off it with a diversion, occasionally. 
e For the sake of having stimulating conversation, the whole party ought to guard their mental alertness too. 
e Navigation games do more than orient you, they wake you up. 


Be alert to your biorhythms—daily, monthly, seasonal—they affect your alertness or make you depressed—all your mental faculties can be affected. 


Minds Work Best with Intelligent Questions on Them 


Where would the animals drink, and shelter? 


e Am I judging the scale on the map properly? How high and steep is the next climb? 

e How many creeks have we crossed? How many more to come? What is our next position-check landmark? How soon? 
e What direction will the next creek be flowing in? Could we see Mount X from here? 

e What is the nearest escape route? To where? What side-trips would people make? 

e What does this place remind me of? Why is it sandy soil? 

e Will it frost tonight or not? How fast are those cloud shadows going? 

e 

e 


What is this place’s own special uniqueness, and why? 
Anticipate, with questions, the things you want answers to. 


Look Through the Vegetation, to the Contours 


e Bushes cloud your vision. If, for example, you want to ‘stick to the ridge’, or want to memorise a junction, then 
look for the more permanent clues... 
..like slope, creeklines, direction trends, terrain, soil & rock types, alignments, distances, context. 
Of course, look at the vegetation too, but not only at the vegetation. 


e Trees cloud the skyline. But there are gaps and lines of sight that open up as you pass by. Look through the forest for the ridgelines, 
slopes, and horizon. As you move sideways watch the parallax—to reveal otherwise hidden contours. 


e Look through the trees, to the most distant, largest, tallest features to navigate by — you will undoubtedly catch glimpses of these much 
more often than you think, if you are looking. They may be other trees, so get used to recognising individual trees. 


e Examine the height of the sky beneath the canopy. 
E.g. the lowest sky is ‘downhill’, but the lowest sky uphill is toward a pass or gap, & the highest sky downhill shows up the ridge. 


e Forest-bound river beds are often clear of trees and give you a rare distant view. 
Stop in the middle of that rope bridge! And hang around, to look around. 


Connections to the Outside World — You Don’t Need to Feel Isolated 


Ruins connect you to the past. Earthworks and mineworkings also. Even the landscape engraves its history for you to see. 

A GPS connects you to satellites; a radio to a radio transmitter direction; a TV antenna points to the transmitter; a phone connects to the grid. 
The Sun, Moon, stars, planets + time + vertical can give you an astro-fix to connect you to latitude and longitude — globally. 

The magnetic field connects you to magnetic poles, as do the aurorae. The deep blue polarisation band finds the Sun for you. So does a rainbow. 
Navigational antennae link to flight paths. Flight paths indicate airports; pipelines indicate water supplies; electricity lines go to substations. 

Paths point to points of interest. Recent tracks betray traffic. Track-markers put you on track; tracks connect to roads; roads to highways; to cities 
Nightlights betray townships and cities; traffic noise links you to highways; surf noise, to the beach. Tides tell you about the Sun and the Moon. 
River gravel shows up the upstream geology. East West gully shape shows up North; rivers connect you to the coast; ridges to peaks. 

Air pressure here depends upon altitude; and upon the polar front and the pressure systems. Air temperature relates to the size of the landmass. 
Absolute humidity tells about the proximity of oceans. Cirrus clouds show up the (westerly) upper winds. Low clouds and winds remind you of 
the isobars on the pressure map. Ground winds telegraph the topography. The radio links you to weather information. Waves, to distant storms. 
Fence lines connect you to farms; boundary lines to survey grids; trig points to maps. Smells to camp fires, marshes, farms, abattoirs, toilets, 
seaweed, water. Stock trails lead to water; seed eating birds lead to waterholes; the plant and insect types are tied to their range and the region. 
Vegetation is tied to altitude, latitude and aspect. Bush north indicates noon. Bush slant indicates the prevailing wind. Recent wind leaves tracks 
of yesterday. Deep soil temperature is related to altitude. Why feel “lost”? 


48 


Orientation 
OverNavigate: Equals Over-Familiarise 


Overfamiliarise yourself with your route as you walk it, the first time you walk it. 


Familiarity is the navigator’s best friend, next time. 
I.e. Years later you can more easily retrace your steps. Even when the track has overgrown. 
It is an investment opportunity now, not to be wasted. 
The extra time and effort will pay dividends, but like all good investments you must have an interest in the future. 





E.g. Notice how and where you went wrong — mentally photograph it. 
E.g. Lay to heart the most permanent features — the landscape and trends — not the track, its signposts, or bushes, 
which may change with time, or with a bulldozer. 
E.g. Mentally photograph the lie of each junction, as if a fire might burn up the signpost. 
E.g. Describe out loud your short-term memory about how you got here, lest that familiarity flits with the passing of the day. 
E.g. Have your own ‘track-notes’ book. 





How to Get Lost — Follow the Leader 


A leader is like a track. You can follow him mindlessly. He ends up being a seeing guide for the willfully blind. 
Ask yourselves, often, this hypothetical question: What would happen if the navigator dropped dead? 
Could anyone else navigate competently? 
Do others know where we are? On the map? 
Could I find my own way back? Where are the cars? 

If the ‘leader’ himself gets disoriented or lost, noone will know where they are! 





Antidote: Teach. Learn. Test each other. Involve each other. 
Demystify the magic art. Share it. Talk about it. 
Listen to the debate. Look at the landmarks. Contribute. 
Don’t walk fourth in line. (Rotate regularly) 


“Here, you find the way — I already know it” 


“As Solid As the Rocks in My Head” 


“Who am I to argue with the Sun? to say to it ‘You should be over there — not where you are!’ ” 


Telling your head off is the sort of attitude you need... when you find yourself walking uphill to the campsite which you know is down by the river! 
... When the clues are shouting at you “Something is wrong here!!” 


Navigators who are disoriented prefer to believe in such remote but real possibilities as a compass error or a mistake on the map, signpost or buoy, 
or to believe in the majority opinion being wrong, rather than to believe in the closer and more real possibility: “Perhaps it is ME who has made 
some mistake”. 


True, compasses & maps are notoriously prone to error, but your internal feelings, vague recollections, position/time/direction senses 
are more notoriously unreliable. 


Lost? Rule 4: DON’T Do It Again! 


Make resolutions. E.g. ‘I will always take a compass.’ (I tie a key ring compass to my hat string and I always take my hat.) 
(I also tie a whistle to my keyring) 
E.g. ‘I will buy a map/mobile-phone/EPIRB’ 
E.g. ‘I will always leave my itinerary with friends’ 
E.g. ‘I will learn more about navigation; take pencil and paper; practise’ 
E.g. ‘I will never go on a walk unless I have asked: “Which way am I leaving; Going in what direction?” ’ 





Even better... Don’t wait to be forced into a sensible habit. Declare your present attitudes to be ‘not yet fit for human navigation’ 
and put it right, now. 
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Section 2: The Inside Story—Mental Manoeuvres 
A Three-Track Mind 


Here is a trick to avoid attention-deficit syndrome in your navigating: 
Practise concentrating on two things at once. 
Your feet find the path by themselves. 
Your mouth talks about how good the meal will be. 
Your mind sees the scenery without missing it. 





Dual tracking your mind is like many other good things — just a little bit too hard to persevere with under normal circumstances, 
but possible to achieve, with extra dedication. 


Don’t automatically get lost into only one train of thought. 
Slate this down for practice, for the rest of your life. 


Interpret! 


E.g. If you wear a face mask in these days of extreme UV radiation, or sunglasses, you become aware of when you are walking into the Sun. 
The obvious interpretation, hanging on to this piece of otherwise subconscious information, is: “I must be travelling toward the Equator”. 
It’s a chance to orient yourself to the new orientation. Can you see your shadow ahead of you?—you are getting closer to the pole. 
E.g. You might be in a deep dark forest and see a rare bit of sun-dapple piercing the dense canopy. 
That means you can go over there and see the sunbeams for a direction check. 
E.g. The ‘crunch crunch’ underfoot changes to a ‘clop clop’ — “Oh, if this is rocky, maybe I’ve passed a break of slope.” 
E.g. Exotic plants betray human occupation — you could look for an old access track. 
As a general rule: Look for any asymmetry, and interpret it — usually for direction. E.g. When swimming with goggles, twinkly bubbles mean 
“upSun” — dull ones, “down-Sun”. The wave and ripple pattern indicate wind direction. Sunbeams show up the down-Sun direction. 
E.g. Scuba-diving: The anchor rope shows up-/down- current; alternating current is the swish/swash from the longest wavelength waves—note 
their direction. Direct current equates with “away from my starting point”. Bubbles show “up” (with some adjustment for current if needed). 
Interpret the whole story of settlement: Valleys attract farms, dams, fences, boundary roads, houses, access roads. I.e. you see a lonely fence post 
on a mud flat, and you say “once several paddocks probably converged onto this old watering place—look for old tracks near the fence post”. Look 
for old nail-holes in the post, to find out the direction of the fenceline. 


Play the Field-Scientist 


Vary your focus-distance. 
A herpetologist will see snakes at his feet & frogs at 10 metres. 
A geologist will see the skyline, and the creekbed outcrops. 
An ornithologist will look upwards, a botanist downwards. 


Scientists see more, because they know what to look for, and how. 

The more they look, the more they see, observe, discover, and learn i.e. the more they learn what to look for. 
You can begin the self-reinforcing cycle in yourself by: wanting an explanation, by trying an interpretation. 
And, of course, don’t forget to look into the topic, into books about it and field guides for instance. 

Be interested in all levels, in all scales and directions. 





Focussing keenly will improve your navigation. 


Orientation is More Fundamental Than Position Sense 


We all carry mental recollections of recognisable spots—like a mental photo album. 
But try to mentally picture whole stretches of a country—roads, coast, range, river—with a sense of direction & relative location & linkage. 
Better is to carry a library of whole mental maps—walks, paths & layouts—not just photos of isolated spots or isolated linear features. 
But Best is to keep all those maps in right relation to each other in your mind. 
As your ability improves, you focus less on spots and more on the links between spots; 
less on position fixing and more on trend analysis; 
less on separate techniques, more on integration. 


Direction clues are only helpful if you can coordinate them with what else you need to locate. 
Positions only make most sense if you can say how they lie, in distance & direction, in relation to other positions. 





Think in Pairs, in lines, trends and tracks 


Two landmarks lie on a line, of known direction, and fixed track. 
We tend to see things individually, and not see the join between them. 
So try instead to get to know 

the direction of ‘camp to that moored boat’, 

the bearing of ‘Mt Big to Tower Hill’, 

the angle between ‘sunset and the headland’ 

the trend of ‘Razorback Ridge’ 

the pointing of ‘tree one to tree two’ 

the /ine from ‘start to finish’ 

the track from ‘Lake Low to River Junction’ 

the ti/t of a star-pair 

the join of two subsections 
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Needle-North, -South, -East & -West. Identify them on the Landscape 


One of the major problems of navigating in bush, is keeping log of estimated side-slip, distance-wise, even if you are oriented, direction-wise. 

But you can see your sideways movement, see p53a, if you plot known directions onto known points on the skyline, (E.g. Magnetic N,S,E,W require 
no numbers; E.g. your initial forward bearing is already there waiting to be used). Or better, use points in the middle foreground landscape — 
about as far away as you intend to walk. E.g. local hillocks, towers, houses—things which will be visible from time to time during the whole walk, 
the closer the better. Make a note of their directions. Use these spots later to find home or your starting point. When you see them later, in relation 
to compass, you can visualise how much distance out there you have moved and in what direction. Page 106c “Tom Thumb Parallax” shows you 
how. 











Orientation to Your Start-Finish (Rhumb) Line—by sight or compass 


Work out the start-to-finish visual bearing to the destination if it is prominent, or to a landmark or point on the skyline beyond the destination. 
Whenever you can see that point, you can see your left-to-right sideways positioning, in relation to the fixed track from start to finish. 

A simple way to keep track of your sideways movement, at least in open country, is to choose an approximate rhumb line compass course (from 
start to finish) and watch it move across the landscape in front of you. E.g. “The follow-me arrow is now pointing more to the /eft of that gulch”. 


Orientation to Your Finish Point, by the Parallax Method 


If you are making a one-way journey, use the same “parallax method” as above, to keep a log of the estimated sideslip, but use your destination, 
not your start point, for your reference set of bearings. As the walk progresses, you can see yourself closing in on the correct destination. 


Exponential Anxiety — the 11:59 syndrome 


Your fear of being ‘lost’ rises in inverse proportion to the need for fear, as you approach your goal in unfamiliar terrain. 
Will it be there as expected? Why haven't I got there already? Surely it should have shown by now! 
Have I overrun it?? Maybe I just didn’t recognise it? Has it disappeared? 
When will this track ever end? Will it end at all?? Will I have to walk all the way back! And so on. 


Now, obviously, if you have done your homework well, it will be there, where you thought it was, but maybe not exactly when you thought, so 
optimistically, you ‘ought to’ arrive. 
Distance guesstimation is our weak point. 


Don’t add needless anxiety to your background worries. Wait and see it sort itself out. 


Anxiety, fear and panic work against good navigation. 


Explore Junctions, While You Can 


It only adds a few minutes’ pleasant diversion to travel the branch tracks which you don’t want. (Especially if you can dump a heavy pack) 
You may never get to find out about them any other way. 
This includes natural junctions—of creeks & ridges—and canal junctions. 


When you are exploring, you may never retrace those exact steps, so don’t say “I'll explore that on the way back”. 

The other reason not to say that, is that you will be even more tired later. 

When you are uncertain of your position, such exploration ought to be considered “essential”, now — not later when you realise your mistake. 
Later you may speculate about what it might lead to, but now you can prove it. 


In any case, as a matter of principle, explore far enough so that you don’t have to repeat the foray 
E.g. walk left, until you are sure you should not go left. 


“Meet back here in 10 minutes” is one way to investigate in all directions at once. 


Separated? An Agreed Plan Helps 


Example: Where did I park the car? Is it stolen or am I lost? Are the others worried yet? What will they expect me to do? 
Example: Our driver has driven off! Why? What will we do? What will he do? 
Example: She has not returned on time! She was exploring that way. 


Try these out... 
“We will, for at least one hour and at most two hours, try to rejoin each other before changing to panic-plan” 
“Where we were last together, is the agreed rendezvous now” 
“After that we check our intended destination for messages” 
“We know to communicate via a 3rd party—a 3rd person, a 3rd place, or a message bank... ” 
“,.the nearest post office/petrol bowzer/pub/police station/emergency service/Fire Brigade/bank/Red Cross/Salvation Army” 
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Table 1. IEEE computer society 2022 report. 


Technology & Indexing Terms 





1. Security Cross-Cutting Issues 9. Multicore 17. 3D Printing 
2. Open Intellectual Property Movement 10. Photonics 18. Big Data and Analytics 
er : _ 19. Machine Learning and 
3. Sustainability 11. Networking and Interconnectivity Intelligent Systems 
4, Massively Online Open Courses 12. Software Defined Networks 20. Life Sciences 
, , : 21. Computational Biology and 
5. Quantum Computing 13. High Performance Computing Bioinformatics 
6. Device and Nanotechnology 14. Cloud Computing 22. Robotics 


7. 3D Integrated Circuits 


8. Universal Memory 


15. Internet of Things 


16. Natural User Interfaces 


Table 2. IEEE communications society top 10 trends 2015. 





1) 5G 

2) FIBER EVERYWHERE 

3) | VIRTUALIZATION, SDN & NEV 

4) EVERYWHERE CONNECTIVITY FOR IoT & IoE 

5) BIG DATA, COGNITIVE NETWORKS 

6) | CYBERSECURITY 

7) GREEN COMMUNICATIONS 

8) | SMARTER SMARTPHONES, CONNECTED SENSORS 
9) NETWORK NEUTRALITY, INTERNET GOVERNANCE 
10) MOLECULAR COMMUNICATIONS 





tions technologies) to watch out up to 2020 in term of their potential, convergence and applications. Figure 1 
depicts the overlapping of these five major ICT trends. It also illustrates how the infrastructure deployment of 
5G mobile broadband and the architectural integration of Cloud Computing strongly impact the development of 
IoT, Big Data, and SDN. This paper explores the technical relationships of these five areas and discusses several 
ongoing programs and applications currently under development at NCTU based on these technologies. 


2. The Roles of 5G, IoT, Big Data, Cloud, and SDN till 2020 


Although so far the 5G mobile broadband requirements and standard specifications are not ready yet, 5G tech- 
nology research & development are already started and some 5G features or subsystems are readily available. 
By Year 2020 the commercial 5G will be available and IoT applications will be deployed everywhere with mo- 
bile broadband technology. Moreover, the Big Data generated by IoT applications will become a norm and 
Cloud will be largely utilized to compute, store and virtualize network functions (NFV). Also, the underlying 
network infrastructure will adopt SDN to reduce both capital expense (CAPEX) and operational expense 
(OPEX). Figure 2 further illustrates the roles of 5G, loT, Big Data, Cloud and SDN and their relationships. This 
figure is modified based on the reference [4] by inserting 5G mobile broadband in the center. 


3. Technical Relationships among IoT, Big Data, Cloud, & SDN in 5G Era 


Based on Figure 2, we develop Figure 3 to better explain the technical relationships among IoT, Big Data, 
Cloud, and SDN in the 5G mobile broadband services (5G MBS) [5]. First, loT is capable of generating Big 
Data with four Vs: volume, velocity, variety and veracity. Then, Cloud is brought in for Big Data storage and 
processing. Finally, SDN is employed to provide more efficient and flexible networks for inter-Cloud data 
transport. Out of Big Data, Cloud, and SDN, advanced technologies such as machine learning analytics, Cloud 


Section 2: The Inside Story—Mental Manoeuvres 
Concentrate Outwards 


Both introversion and extroversion belong elsewhere. 
If you cogitate inwardly, you become blind to the surroundings. 
When you chatter away about other things, that’s equally distracting. 


Don’t spoil the special time of being outdoors. 


While it is there in front of you, look to see what is to be seen — and talk about that — about the history of the place, 
or something about it that helps to keep you oriented, to its unique nature. 


Learn not to be distracted from the main game. 


SPELL Out Numbers — Into Words 


The idea is to express, in words, what numbers measure. Humans hate hearing numbers! So translate mathematics into user-friendly words. 
e.g. 270° is “West”. That’s much more meaningful. 
10 past One — “Oh, it’s midday!” (in your locality, for summer-time) 10.5 km — “almost half-way” 
45° South — “sub-tropical, even temperate; halfway to the Pole” 020°T — just to the right of magnetic North. 


PAINT your Words’ -— Into Pictures 


E.g. To make it even more meaningful, “West” = “Sunset!” (a word-picture)...or even better. 


“019°” = “Where the Sun is just before it reaches magnetic North” | 

(This translates numbers into a familiar and visual time of day.) Here! — ae 
“Midday” = “High noon!” (How high?) “Half-way” = “Within sight of the Gorge” (Picture it; 
“Halfway to the Pole” = “The Sun rises and sets at 45°. The pole star is halfway up” Don’t look at it!) 





‘Meaning’ usually means a ‘picture’ a 
Words without meaning are like looking at the brushstrokes of an oil painting through a a a 
magnifying glass, missing the painting! 


Look at the Ground 


Soil types; rock types (p. 79a) 
Animal runs; animal footprints 
Fallen track markers; toppled-over cairns 


Human footprints e.g. yours, on the way back 


Examine each other's boot treads, then the boot prints. Talk them through — expressing the recognisable peculiarities. 
Practise also on car-tyre treads and prints. (p. 6 


e If you see a deep trench or a dry mud-hole in Tasmania, that may mean ‘an old track’ i.e. where constant traffic had refused to let the 
vegetation grow back. 


Look for Foreshortening & Overlap & Parallax 


Looking flat on to a shoreline e.g. the other side of the lake, means that any slight inlet or headland is probably a major and very sinuous feature. 
Focus sharply on it, looking for clues to depth. Don’t just run on past it. Move sideways e.g. 20m, to show up the depth, by parallax. 


Make Common Sense of the Various Direction Clues 


Maybe the navigator has his eyes glued to the compass — but you, you can say “Oh we’re just going upwind”. 
Perhaps you can see six landmarks — but the sensible way to see them is e.g. “We are heading halfway between Mount William and our shadows”. 
Cloud direction is a good clue, but changeable from hour to hour, so there is no loss in saying “Diagonal to the Sun” which is also changeable. 


Don’t Degrade the Point of a Clue or System 


E.g. The point of a watch, is to tell you where the Sun is. (Don’t look at the Sun!) 
The purpose of a mnemonic is to remind you to think, not just to remember or to recite. 
The reason for a “midnight-rise-noon-set” system is to work with the full-circle—even when you turn corners or turn around. It images the sky 
The benefit of a skyline method, is for when you can’t see the skyline. You will glimpse it 10 times more often, if you are trying to use it. 


The aim of a practical method, is to practise it, not just to know about it! 


The Aurorae 


The Southern and the Northern Lights are especially frequent during high sunspot years (maximum every 11 years.... 2000, 2011, ...). 
They are most prominent after midnight. They are best seen in ‘high’ latitudes (> 40°). One to three days after a solar magnetic storm is best. 
The most common aurora is the most easily overlooked — it is dismissed as a ‘pale glow’ in the North or South, low above the horizon. 
But it is not dawn — that is East. It is not from a city — because it changes. Sometimes the sky will be pale green below and rosy above (between 
the clouds) and pierced by ‘searchlights’ which move left and right, slowly but visibly. Sometimes ‘curtains’ appear, shimmer and disappear slowly. 
All the rays seem to emanate from somewhere near the North or South Magnetic Pole, and it spans 30° each side or more. 

It is an interesting direction guide. 
You can estimate current magnetic activity by analysing sunspot activity. Never look at the Sun. Instead, throw only an image of the Sun onto 
white paper, as follows... Point your binoculars at the Sun, without looking through them! Then, as if you were throwing a minimum shadow of 
one binocular barrel onto paper, and as if you will let the paper look at the Sun through the binoculars, from a distance of say half a metre 
from the eyepiece, point the big lens at the Sun. Adjust its alignment until the sunbeams go right through it and come out at the other end where 
the smaller eyepiece lens is. Steady the binoculars properly, and focus the bright, circular, white, image of the Sun so produced, carefully on the 
paper, by using the focusing mechanism and/or altering the paper distance, so as to reveal tiny pairs of black dots, on the paper. The larger the dots 
the bigger the storm. Caution! Looking at the Sun will damage your eyes and even looking at the bright image on white paper requires sunglasses. 
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Orientation 


Orientation to Your Start Point, by the Parallax Method 


Step 1: Start off Aligned: Make a note of Needle-NSEW, bearings of any other recognisable points, initial-bearing landmark, rhumb-line landmark. 
Step 2: “The Direction Has Changed Its Mountain!” Instead of saying: “The landmark has changed its direction”, first say: “The direction has 
changed its landmark”. I.e. retain in your mind the initial bearing, then, whenever you glimpse that landmark again, you can see how far sideways 
you have moved off that track—by locating which landscape point that direction now points to. You estimate the sideways disparity across the land, 
because your compass needle now points to a certain distance to one side of the original mark. Your job is to estimate that distance out there. 

Step 3: “I’m moving through the landscape, out there”. Imagine a thousand of you dotted all over the landscape, all moving parallel, and at 
the same speed, say, at 4 km per hour. All your initial bearings to all those recognisable spots out there, are moving with you, leaving those spots 
behind at a rate of 4 km per hour, and now those bearings point to new spots a calculable distance ahead. In reverse, this lets you see how far you 
have moved sideways to any direction. Bring those distances back to your feet, and see how far away from “start” you are, and how to get back. (At 
15 km range, if you are walking at 4 km per hour, you will leave the landscape each side of you, behind at a rate of 15° per hour, but...) From the 
satellite’s point of view, you and your directions are (all) simply moving through the whole landscape at 4 km per hour, no matter at what distance. 
An alternative viewpoint is to say that every bit of the landscape always moves “equal, parallel and opposite" to your motion, relatively speaking. 
Step 4: Estimate the gap between parallel tracks—See “Advancing Position Lines” p.108a. I.e. from the initial bearing (a track) to the new one. 
—by taking a new bearing & using sin(change in direction) x new range. This converts the distances you can see, to a number of kilometres. 

The answer, if you want an answer in numbers, is how far you have to travel at right-angles to the original bearing to restore the original bearing. 




















Nervous Nellie Navigation — Not Necessary 


Anticipate a problem. Do something crisp about it. Clear your mind. 


Examples: Continually looking at a compass needle — can be short-circuited — by dividing the route into short legs, p. 73b. 
Continually gauging the distance covered — can be short-circuited — by making one prediction before you start, and waiting for it, p92b 
Getting lost trying to keep track of many bends — is a symptom of not knowing the overall trend in the first place. 
Continually guessing where that junction might have led to, is avoided, by exploring it when you meet it. 


You never know when you may be totally distracted from your normal pattern of thinking — it is then that you will need a cleared mind. 
Plus, if you habitually allow your mind to move on to the next problem, by dealing with the last problem, you avoid ongoing confusion. 
Forethought can see the normal problems coming, and pre-empt them. 


Look for the Essentials — the ‘Directions’ 


You can’t afford to miss them! 
E.g. ‘Turn left at the Y-junction’ means someone has to be looking for it! 
E.g. ‘Head uphill after you cross the creek’ means: notice the creek bed! 
E.g. ‘If you hit the main road you have gone too far’ means that you were talking about lunch instead! 


Directions are worth writing down as soon as you hear them: “First right, third left, 6 km, look for the track” 
Try to give directions more sensibly: e.g. “Up Fish River Valley from the Park Boundary” 

Try to use fixed directions e.g. “North West” “from the lake to the Peak” “between sunrise & Mount William” 
Not variable or relative ones e.g. ‘turn left’ 





A Whistle-Code for Contact Calls 


Example: The track splits. It’s probably just a detour. “I'll go left; You go right”. You keep in contact by whistling, cheerfully & tunefully. 
Use your favourite tunes agreed between you... 








To signal: “It’s me” Try: “I did it My Way” 
“You Come to me” = “Oh Come All Ye Faithful” 
“I’m coming” “I’m Coming; I’m Coming... ..Old Black Joe” 
The rhythm is... 
Radio Morse: CQ = Please Contact Me = “ Dah-dit-dah-dit Dah-dah-dit-dah” “Cis Seasick, Q Forms a Queue” “Calling Calling, All radiOs” 
R = Roger — Received = “ Dit-dah-dit ” “An R dits” 
Wait = “ Dit-dah-dit-dit-dit ” “aWait f’r a bit” 
S&R: Come Back i.e. Recall of Party Dah — Dah — Dah — Dah “Ree-Call-All-Souls” 
Other: International Distress = XXX = Dah-dit-dit-Dah — 3 times. “all X’s hurt, all ex’s hurt, all ex’s hurt” 


SOS — real emergency — di-di-di-dah-dah-dah-di-di-dit — repeated “A bit of Save Our Souls isn’t it?” 
See appendix for the full code. 


City Glow 


From out in the bush you can usually see the direction of about three cities or towns, by their night-time glow. 
This works best in hazy atmosphere — virtually any night! — and especially on overcast nights and when no skylight will show. 


You need to check a map before you go — for the nearby townships — then check the theory against the facts, 
then you can find it useful when you need it. 
E.g. you can hold a straight line at night — relative to any recognised glow. 


Don’t confuse it with aurorae, sunset afterglow, predawn Sunglow, Milky Way, asteroid belt (Zodiacal lights), headlights, local floodlights, bushfires. 


Just remember to get up and look for what you normally don’t notice. 
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Section 2: The Inside Story—Mental Manoeuvres 
Come to your Senses 
..And it will be surprising what comes to your senses. 


Smell the air — for seaweed, marshes, farms, abattoirs, smoke, smog, civilisation, scent trails, fresh wombat dung, humid air, perfume. 
Listen occasionally. To help you hear, cup your hands to your ears. Selectively tune out the high-frequency noises to listen to the low frequencies; 
and vice versa. Listen through the white noise, and through the silence of night. 

For occasional vehicles, trailers bumping, boats thumping, jets overflying, thunder rumbling 

For constant traffic rumble of a highway 

For ocean rollers thumping on shore. You can also often hear the difference between high and low tide, from the wave noise. 

For running water, frogs 

For wind noise 

For generators, pumps, machinery 

For farm stock 

For the crunch under your feet, changing 
Look carefully. “It is amazing what you can see, if you look”. It is a most important habit for the navigator and is very rewarding. 
E.g. you read what others have scratched over the sign that says “5 hours” and discover “8 hours”; or find old track markers almost overgrown. 


TRANSFER Your Pictures into Reality 


E.g. “Sunset” = “THERE!” even after sunset! 


Find the red glow afterwards, further to the left e.g. at 8:30 p.m. 
“High noon” = Look at how short your shadow is. 
“Within sight” = “Well, can you see it yet?” 
“The Pole Star is halfway up” = Do you see how the Cross doesn’t set? 
Living in the realm of theory is like an absent-minded professor — who can’t find his way home, or remember which way he was travelling. 


Put That Experience in Your Memory Bank 


E.g. “The Pot will go down behind “Pot Hill”.” 
“I didn’t realise how high the Sun can get at 45° latitude!” 
“You can see the Gorge from the halfway mark, provided you climb the ridge” 
“The Southern Cross keeps correct time at the end of March” — the beginning of Winter. See opposite for the next step... 


Look, with Vengeance Aforethought 


A bird observer doesn’t just stumble into birds, he runs them down. 
A native tracker doesn’t simply ‘notice’ the clues, he searches for them. 
Your task is to track down navigational clues, then bail them up. 


Your enemy is: losing conscious grip on your task i.e. when the trudge gets the better of your brain. 


For Practice: Express the unexpressed. It’s no good to be only half aware of what is going on. 
Interpret the meaning of each clue. It is no good staring at a compass needle, unless you realise where you are going! 
Look outwards, to see what you can see. 
Change ‘a cursory look’ into a specific search. 
But, what exactly should you be looking for (once you have exhausted your repertoire of clues)?? 
Answer: Find out! I.e. Teach yourself. Don’t wait until someone tells you. 


Preparation is the Key to Difficult Navigation 


Marine navigators in rock-strewn waters, or battling seasickness in heavy weather, or short-handed, know that the only way to cope with seat-of- 
the-pants reflex navigation is to have already prepared clear instructions about danger-bearings; back-bearings; lines of sight and distances to 
run, so that they don’t need to leave the helm. 


It is the total picture, beforehand, which orients you, later. 
They need to plan the entire passage (so as to make landfall just before dawn, for instance) according to the tidal streams and ocean currents that 


they expect to meet (since it is the current much more than the winds which affect boat-speed-made-good, even for yachts). Their key desire is to 
sail with the current, and preferably with the wind and the weather systems, avoiding the storm-season. See “Aiming-off” p96a. 





An hour seem such a long time to spare when you are busy at home; But when you get out on foot, relaxed, with hours to walk but no opportunity 
for desk-work, it seems that every hour not spent in preparing what could have been prepared, was a wasted hour, as far as being useful now. 


Helpful Symbols for Standardising your Chart-—Work 





“The Deduced Reckoning Position” —________-§& Lines of possible position should have the arrow on the end 
from course and distance information e.g. pointing to a landmark 
(“Ded. reckoning, or D.R.) a A central arrow means a course. i.e. travelling, not pointing. 
One Arrow signifies the course steered through the water 
“The Estimated Position” SSA Transferred Position Line, i.e. advanced across the chart 
taking into account currents and leeway >) 
to distinguish it from simple D.R. Two arrows is the course made good over the ground 
() A known position, or a Fix Ps (A doubly transferred position line, for a three-way fix) 
——— >>> Three arrows is for the stream or the current. 
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Orientation 


Look Backwards; Think Forwards. 


You sometimes, with only a mud-map to go by, have to follow a straight line by compass or landscape, to a low-lying, invisible feature, e.g. a tarn, 
hoping to come across it without bypassing it. Well, success will often make you feel that that is the end of the matter; “Mission Accomplished”. 
Until next time! 

But look back, if you can, to a recognisable starting point, then take a compass or landscape bearing, backwards to the start. 

You then convert that to a forward bearing for next time. Place 2 pebbles on the ground in line, turn around and line up the landscape mark needed 
The result is a “track”, not just a direction — see p.71b — a ‘can’t-go-wrong’ guide. 

If your beginning point is not visible, turn around and take a forward bearing on the skyline feature you think you should have headed towards 
(and probably did). E.g. “One span to the left of Mt. Visible”. The result is only a direction from the start—a guessed-at track—but nearly right. 











On p.42d I said only to use bearings from high points to high points, for a general navigational framework. 
But add to that, a mental or notebook entry of the bearing from a low destination point back to visible possible starting points, when you arrive 
successfully, or of the forward course you used — preferably by the landscape itself. They are “How-to-get-to (a low point)” tracks. 


(Interpret) Extend Visible Reality into the Invisible Picture 


E.g. “It’s boiling hot in Baghdad” 
“The Sun is over Townsville” 
“From the ridge the water flows down to the Gorge and eventually out to the Murphy Mouth” 
“The Earth must be rotating Easterly, from West” 


Don’t be satisfied with half a meaning. 
Until the interpretation leaves you oriented, and able to remember something, you haven’t gone far enough. 


See p. 71b(1) for the last word on interpreting 270T. 


To Get There Quicker, Go Slower 


We all prefer to run ahead of necessary preparations, i.e. we prefer instant gratification to wisdom. 
We also prefer to get something unpleasant, finished, and quickly, once we have started, e.g. “can we make this bad “shortcut” work out?”. 
Don’t rush! “More haste, less speed” = More care, less fluster. 
Slight panic makes you hurry. Hurry is a recipe for carelessness in navigation, and for blunders. 
E.g. over-running the junction 
E.g. missing most of the clues 
E.g. taking a foolish “shortcut” 
Common causes for hurry, other than anxiety, include... 
“Let’s beat the rain/the dark” 
“Let’s get back on time/for lunch” 
“Let’s sort this out quick-smart as to where we are” 
“Let’s explore one more kilometre before we admit we’re lost and turn back” 


Search and Rescue Signals — Noises Repeated Regularly 


One = Weare searching for someone. (Is it you?) 

Two = I acknowledge your signal. “Okay; Roger received-and-understood; I heard that” 
Three = “Search for me. I need help.” 

Four = Recall of Search Party 


E.g. rifle shots; loud whistles or horns; two boards clapped together 


End of Section 2. 
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Section 3: Interesting Stuff—Bush Navigation 


Nature’s Norths 


Learn these when the sky — the astronomy Norths — is clear, so that you can lean on them later. (Assume S. Hemisphere 1,2,3,5,6) 


“Dew” North — Dew, moist soil & roads stay wetter in the shade. Frost will persist in the shadiest places, e.g dew South-West. 
Snow South — Snow remains higher on the shady side of an obstacle. 
Mud North — Half-dried mud-crusts betray the hot, wind-exposed cracked edges, with the damp mud in the shadowed places. 
Rock Noon — a whole mountain, or a crack in a rock, can show up the sunny and the shady sides. (See next box) 
— Also, in the evening, after a sunny day, you can feel the colder side of a boulder or gully. 
5. Gully South — The shady bank of a creek is steeper than the sunny side, at least on average, all around the world. 
The side facing the noon Sun is flatter. The side facing the pole is steeper. This results in roads, railways and buildings etc, 
being more common on one side—the flatter side—of an East-West river than the other. In other words, creeks tend to cling to 
the Pole-facing slope of a ridge, as if they migrate equator-wards. Perhaps this is a remnant of a past geological age when the 
erosion was more marked e.g. hot days eroding the sunny side flat, with ultra-violet light; and constant moisture and icy nights 
eroding the shady base steeply; therefore suitable mnemonics are: “lying down flat sunbaking” or “steeped in ice” (i.e. 
South-facing in the S.H.). Lakeshores have steeper or flatter banks according to the same principle. 
6. Animal Orientation — “Barnacle South” (SH), on dark intertidal rocks — it shows up the wetter i.e. shadier side. 
‘Anthills’ (Termite mounds) sometimes orient to avoid the heat, so the length of them is North-South. 
Insects prefer the warmer side of a trunk in winter e.g. spider cocoons, ant colonies, boring grubs. 
Some spiders spin their orbs to face noon, like satellite dishes but more vertical; others face sunrise. 
Migratory flight-paths may be North/South &/or upslope/downslope. Animals flee in predictable directions, 
e.g. inland, uphill, North, upwind e.g. when faced with a fire. They often lie with their backs to a cold wind. 
Siesta South: Farm animals find the midday shade in a paddock. You can smell the urea. You can see the dung piles. 
(7—10 will be expanded soon) 


a a es 


% Wind West — part of the W in the ‘WEATHER’ mnemonic. It is designed for windswept places when the wind is not blowing. 
The prevailing wind leaves its signature in the visible growth history of the plants, and in the landscape. 

8. Wave West — if, in the Roaring Forties, you can see the accumulated effect of ocean rollers. 

9. Botanical Asymmetry — where you sort out the competing effects of wind, light, salt, exposure. 

10. Bush Noon — you never need to be disoriented in the thick bush. 


This works best in temperate latitudes — where the sunlight is directional. 


Of course, anything to do with nature, refers to averaging continual observations. The most variable signs are the least reliable. 
Less Natural Norths 


11. Magnetic North; And don’t forget magnetic dip — the downward tilt of the magnetic lines of force, varying with latitude. 

12. Solar Panel Noon — Observe how we set up solar panels, and verandahs. Nature gives us the Sun, and we all follow it. 

13. Satellite Dish Noon — Geo-stationary satellites are, by nature, Equatorial. 

14. Microwave dish to microwave dish — Peaks ‘naturally’ point to each other! See “landmark to landmark network navigation”p42d 


Instead of feeling bored, or getting lost, or being ‘bushed in’, you can have the valuable bonus of feeling at home in the bush, having a 
hobby, and being oriented to the slope, Sun, vegetation, ecology, weather patterns... 
Bush skills are a good investment for future bushwalks. So go for some experimental walks in the bush on overcast, foggy, rainy days. 


Don’t Forget to Remember, Your Way! 


Long-term memory is your best friend — so feed it. You aim for recognition, years later, through familiarity now 
e.g. Have you walked the track at night? both ways? twice? 
e.g. Collect as much first-and-second-hand information as you can. 
e.g. Reread your track-notes occasionally before you lose the memories. 
Photographs, Maps, Track guides, Track notes, etc are all permanent on paper! but you aim for permanent memories, not records. 
I.e. Mental photographs, Memorised records, What the locals call “knowledge”. 
Use memory methods so you don’t waste your efforts. Use the paper records to help you consolidate your local knowledge. 
To that end: Make drawings. Make your own map. Keep a diary. Make your own track directions, names & comments. Tell somebody. 
Use biro not pencil. Make a neat copy of your notes and file it. 
“Look at...” means “Notice...” means “Take note” means “Take notes” i.e. Take a notebook. 


Unlock Memorable Chapters in Your Life 


Memory is fundamental in navigation (alongside direction, distance, position sense, visualisation and alertness). 

Medium-term memory is how you find your way back, but aim also for long-term recall. 

We remember best in definite ‘bites’ — location by location. 
“Right, team; We have to remember this. Help me. We need to discuss it, describe it, mentally photograph it, draw its skyline, 
make it a memorable stop, time it, note it, put it in its logical place in sequence.” 


Go for the Jugular. Zero In on What Matters 


Concentrate on the crucial and take-away information 





— the crucial “directions” E.g. the sequence of junctions 
— the details that have direct orientation value E.g. the visual angle between North and Start-off 
— which give relevant memories E.g. the hill-top view laying it all out for you 


— track notes e.g. the bearing to follow, the “directions” 
— the overall trend — top-down, top priority pieces of information 











— the perspectives that fit everything into the context. E.g. the surrounding trends in relation to Sun-North. 

E.g. Amental map _ is better than a ‘position’ on paper. A map diverts you from the real picture. 
Recognition outvotes names; Zero in on the most peculiar visual peculiarity 
names outvote position fixes. 





The overall details — What you need to know in three years’ time, when you try again, 
are the time, distance and difficulty. 


The Sequence (of subsections & features) ought to be remembered... ..rather than e.g. ‘bearing 035° magnetic’ 
Recognising Sections of the walk... ..iS more relevant than having a series of map positions. 
Surrounding landmarks last longer... ..than “turn left at the red tin-can-marker”. 

Appreciate the plants and animals; the soils, geology and climate. Instead of “Bin there; Dun that” you aim for familiarity. 
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Lie of the Land; Tracks 
The “Lie” of The Land 


Think of this as the up-down part of geography. Think “Lie-Down” (versus “Lay-Out” i.e. a map layout). 
Think of — Drainage, Watersheds, Catchments & Divides—the accumulated results of Ages of uplift, drainage, erosion & deposition. 
— Geomorphology — it determines the shapes 
— Ecology — it responds to the shapes, the slopes & drainage 
— and how they all fit into each other. 
E.g. “This north-facing slope supports warmth-loving vegetation” 
“These foothills of the main range drain Westerly” 
“The basalt uplift has generated these clayey mud flats” 
“This is an isolated hillock within the main valley” 
Think of the ‘lie’ as ‘down toward what general direction?’ 
and ‘rise’ as ‘up toward what encircling range?’ 
I.e. Put a general trend on major rivers and ridges. Imagine the coast, where all the (now nearly parallel) ridges & rivers run offshore. 


Lift your eyes to the “Big Picture” scenery. Interpret it; Memorise its detail; Put it to good use. 


Listen to the Pioneers 


I.e. listen to the place-names 


“The Great Dividing Range” I suppose this one is obvious 
“Blackbird Flat” This means there is a river nearby 
“Stockyard Creek” A flat clearing is promised 

“North Ridge” This is related to the North Arm of the River 
“Huon Valley” It houses the longest tributary 
“Boggy Plains” Down on the flats! 

“Eliza Plateau” Up on the boggy flats! 

“Bright Pass” Means a change of catchment 
“East Pillinger” It ought to be East of West Pillinger 
“Pelion Gap” A saddle — between catchments 
“StrathGordon” It says “the Valley of” Gordon River 
“-Dale” Also says “Valley” 

“Mole Creek” Burrows underground 


Lie Has To Do with Water Drainage 
Look for dips in the skyline. 


If you find a ‘soak’—where water soaks out—look for a ridge-bound marsh uphill—where water soaks in. 
Carry an artificial horizon, to reveal slight down-slopes, e.g. a flat plastic jar lid suspended on three strings, adjusted to horizontal. 
Or lay your clear plastic drink bottle on the ground. Maybe even pour out some water to see where it runs off to. Listen for frogs! 


Stick to the Track 


i If you are waiting for the rescue party 

x When a “shortcut” looks inviting 

. If you have told someone exactly where you are going 

- When you are nursing an ailment 

x When sacred or heritage sites are at risk from tramping and erosion, rubbish, pollution, desecration, etc. 

“ When you are one more tourist in the constantly invading hordes, and “Please keep to the track” is aimed squarely at you 
‘ When you are in a greedy hurry for more of the same elsewhere 

3 If you can’t find your way out of a wet paper bag. 


Reasons for Leaving the Beaten Track 


‘ Tracks often fail to meet the needs of birdwatchers, botanists, photographers and bushwalkers. Remember why you are there. 
Talk to the ranger about whether the “No Camping” sign refers to drunken car-based parties, or to scientists and bushwalkers 
too. 

. You sometimes want to search out the worst routes! Easy slopes have one sort of ecosystem/niche/microclimate; 


Difficult terrain has the more unusual biology. 


s Interaction with a bare-dirt strip is not exciting. Fan out, Tread Carefully, Go Slowly, Keep your party size small 
— then you can appreciate the flowers, lizards, lichens. Each step is watchful — which forces you to see these things. 


. A fast-track through a nice place robs you of appreciation-time. 
The experience passes just as quickly as the tramping to get there! 


- Designed tracks will often steer you clear of exactly what makes a place interesting to see — cliff-edge views, water-edges, 
botanical hot-spots, refuge habitats,... 
Isolated places often don’t have tracks, and you will need to choose, navigate and negotiate your own route. 





Cross-Country Routes 


All routes are ‘cross-country’ but some don’t have tracks to follow. 
There are two sorts of tracks — Un-natural ones—artificial paths (man & animal made) which form a simple network, 
and often stick close to the contours — gently upslope or gently downslope 
And -— natural routes (following the geomorphology) which cross the contours at right angles and 
which form a double network. 
I.e. Natural routes are determined by an interleaved network of ridges and rivers... 


You are well advised to stick to these routes if only for ease of route finding. ee 
Then there are three sorts of off-track navigation to consider... rv. rz 
— departing from the artificial paths wa 


— departing from the natural routes (to follow a trend to a destination) and 
— trying to keep a dead straight line cross-country... 


\ 





Py 
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Section 3: Interesting Stuff—Bush Navigation 


Rock Noon 


Rocks blister and crack in the heat. In addition, ultra-violet light hastens all other erosion processes. The top sunny sides erode easily. 
Conversely, the shady side is subjected to lichen growth, icing, and moisture, especially at the base. 
Differential erosion results in tilted rocks, in asymmetry of cracks and gullies, and in various light and vegetation effects. 










angular On the hot, rounded side, look for fissures, cracks, furrows, blisters and 
pock-marking — as signs of heat stress resulting in more rapid erosion. 
rounded steep e.g. Blistered flakes leave a patch of bare rock with no lichens on it. 
sharp Such patches are hard to find on the shady side. 
eroded flat Algae grow in the protected fissure under an almost blistered-off flake of rock. 


The green stain on the underside of the flake is greener on the sunny side! 
Caution: This is unreliable unless the rocks show a clearly interpretable pattern. 
Of course, use bedrock or larger boulders, since they are going to be in their original position — not shifted about regularly. 


| 4 | | rey | Examine the cracks — The shady side is sharp and steep; the sunny side is rounded. 
Just like “Gully South” but in miniature. 


se ge g Examine the steps — sharp step-downs indicate a ‘dip’ in the layers down to noon. 
is iy con — rounded step-downs show a geological dip away from noon. 


Examine the colours — looking down-Sun you see pale, bare rock 
(where it has recently blistered). 
bare rock lichen clad — looking up-Sun you see multicoloured lichens 
on a darker background. 
— diffuse lichen grows better on crumbly rock. 


grass The sunny side will grow such lichens. 
— thicker-bodied, textured lichens grow older 
Feel the topside vs the backside for a difference in temperature. on the shady, non-eroding side. 


Look for green grass and moss in the shade of the rock. These are often far more reliable than the rocks themselves. 
Beware that a fire-storm will kill lichens, moss & grass, and will blister the rock, crumble it and split chunks off. 

i.e. some of the effects you will notice may be due to a recent fire, e.g. a firestorm from a particular direction. 

Rock noon only needs to be reliable enough to tell you which end of your improvised compass points North. 





Don’t Try to Memorise Details without an Overall Framework 


It’s a recipe for confusion — to try to keep track of every bend, every hillock, every weather change, every creek bed, every channel. 
There are too many of them. They all look alike in close-up. 

So start with the map: Learn the major rivers and the divides first. 

Go for the big names, the overall trends. 

Fit the details in by retrospect, after the big picture shows itself. 


Don’t Try to Remember Anything You Haven’t Memorised 


i.e. put the effort in first—don’t fool yourself. There is a process to memorising something, e.g. establishing a framework first. 
And... 
Don’t try to remember anything you haven’t made memorable. Don’t battle uphill—make it enjoyable or emotional and it will be easier. 
And...Don’t write down anything you haven’t memorised. First make it memorable, then write it down. 
Notes are not an excuse to forget to memorise something! 

Like most short-cuts, they are an enticing alternative, but they, like shortcuts, short-change you as well. Memories are precious. 
And...Don’t try to remember anything you haven’t expressed or named. It is a fact of life that we refer to memories by name, in words 
And...Don’t expect to remember details you haven’t understood, or organised, structured, or reduced to a bare minimum—a prompt. 

It always helps to interact with, analyse and process anything you want to remember. E.g. investigate it with questions on your 

mind; criticise it; teach it. It also helps to visually set it out in your notebook with colour, shape, balance and symmetry. 











If you relax, because there is a track, or because you have a map, or you have ‘directions’ for the trip, 
and maybe someone else is with you who is familiar with the area, then you cease to build up your own memories and familiarity. 
Again you have short-changed yourself. 





Write down What You Memorise! 


Does that sound like over-kill? It isn’t. It’s just good sense. 


s Memory isn’t perfect. So help it along. Do so before you forget. 

¥ You will want to write down your track notes, for years later, anyway. 

" Writing helps your memory — it “involves” you more — it stimulates your expression, revises your experience, adds time spent 
thinking about it, involves your physical participation and your verbal and visual faculties. 

* You never know when slight stress (I’m lost!) will distract and divert you for an unknown time. 

7 To write it all down clears your mind of the previous task — you can concentrate elsewhere. 

- On the way back you can easily glance through your notes and then know what to look for. 





E.g. DRAW a picture of where the Sun sets on the skyline. LABEL it e.g. “Sunset @239°T @5:29 p.m.” 
Or was it 229°C @5:39? That’s why you write it down. 


Set aside a notebook for a “TRACK DIARY” (SH) 
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Lie of the Land; Tracks 


Major Rivers & Ridges, vs Minor Ones 


Obviously, all water, falling on one side of a catchment-dividing ridge, runs to the sea, via a single river mouth; Conversely, river- 
mouth headlands are dividing ridges. Followed inland, all headlands must reach right around the river catchment—they are the two 
ends of the dividing ridge. The rivers and ridges form a sort of geometrically inverse pair of systems. 

The catchments with the shortest creeks occur between named River mouths, and are called ‘coastal’. 

I.e. All other coastal land rises to some different, more local, dividing ridge; you may have to undulate up and down along it on the way 
Not all creek-lines from a ‘major ridge’ (a catchment divide), descend all the way i.e. although the water may go all the way to the sea, 
the creek carrying it may not: the creek might only be a tributary, ending where it empties into a river. Similarly not all ridges running 
off the catchment-dividing-ridge reach all the way to the coast—some are “dead ends”—they end in a “shoulder”, cut off between two 
creeks joining, or at a river bend. All valley-dividers are ridges, but not all ridges divide whole valleys, or even minor catchments. Those 
that come to a dead-end before they reach the coast are not dividing ridges, and may be called “minor”. 

All creek lines do not necessarily start on a dividing ridge: The creek itself might attach to a minor ridge, within the valley area. 

Those ridges and rivers that transect or divide whole catchments are called ‘major’. The named river ought to be a major line. 
Unless you look for them on the map you may not be able to notice anything special about them. 

Major ridges & rivers do however tend to stay higher and lower for longer, and often provide you with the gentlest climbs, 

And they attract roadways. 

Main ridges also tend to run parallel to the main valleys and vice versa. 


Sort it out on the Map 








. You cannot see catchment layouts from ground level! 

- If you walk around a slope, half-way up, e.g. following an aqueduct, then you cannot easily know when you cross a major 
catchment. There are many minor ridges to cross and any one of them could turn into a saddle which divides valleys. 

, Around peaks and plateaus, valleys spawn in all directions — it is hard to identify the right ones. High marshes may drain in 
several directions. 

: Near a major river junction, travelling along the dividing shoulder can give a confusing alternation of views, 
between one valley and then the other. 


Catchment Divisions Snake from Coast to Coast 


Ridgetops fit parallel to and between the two highest contours marked on your map, and can be very sinuous. 
They mark neighbouring catchment edges; & so theoretically you can cross the continent on highest ground without crossing any creek. 
Major catchment divisions must reach the coast at a point each side of the river mouth (except, of course, for inland salt lakes). 


A Catchment-Division* Separates Whole Valleys 


*called a “watershed” in Australia, unlike in USA 

Hint 1: Mark catchment divisions on your map with a pink highlighter — pink is opposite to blue-green for creeklines. 
Hint 2: Now forget about those new pink delineations on your map. They refer only to the layout, as seen from above. 

You need to imagine real, high ridges inbetween deep valleys. 
Hint 3: Now forget about those razor-back ridges in your mind. You need to know that they could be remarkably flat paddocks. 

— not very eye-catching — look for them carefully. 
A catchment division will follow the highest flattest ground and consequently have a few marshes and puddles on it 
A metre-high bump in a paddock might separate two raindrops into two different 1000 km journeys in each direction. 
So you can’t simply “walk downstream” — not until you know where you might end up! 





Tracks are like Naughty Children 


If you take your eye off them for a moment, they will split “ _» shortcut ——_____» 
as soon as they are out of your sight. ety a Cee oe 
SE ee 
A shortcut is often the result of a junction. 
This is because tracks often bend at aT or Y junction. — Fork in the track 
Shortcutting is constantly encouraged at any bend, — missed! 


So there will likely be an inviting well-worn shortcut there. 
You can always split the party to explore both routes. 


The same is true for creeks & ridges 


Unless you stick to the bank of the riverbed, you cannot count on seeing the tributaries, and if you do stick to one side you miss the 
other side tributaries. Also, where a stream is “braided” into parallel interconnecting branchlets, and you follow one gutter, you are 
easily blinded to its tributaries joining in from side-valleys. 

If you don’t stick to the main gutter or crown, you miss seeing junctions on the far side of the river or ridge and can follow a wrong 
one. But side ridges are harder to see from the crest, just like tributaries are hard to see from the central channel! 


Explore Branches While You Can 


As a matter of principle, it is easier to explore something if you are there, than if you are not! no, 2? ~yes 

Be quick to remember that before you walk on past. 

Remember... that you are there to enjoy the country. So put down your pack & amble off for a minute or delegate someone to explore. 
You may surprise yourself by discovering a helpful signpost at a second nearby junction or a new access point and car park, 

Or even, that it is the track you should have taken just now. Bends Breed Shortcuts: A shortcut may look like ‘the junction we don’t 
take’ which means that you may mistake the real junction anyway. 

Avoid endlessly having to wonder later... “But if that other junction turned east, then it might have been the link...” etc. 

When you are there, find out for certain. 


Convergent Tracks Lead to Civilisation _________ 


For example, you get lost, stumble across the track and meet a T-junction — which branch do you take? less wider 
You can examine any Y-junction for signs of splitting into two or more minor branches. worn better 


The most acute angle of a Y-junction usually points to a focus point (e.g. downstream; car-park) 
rounder 
Down-Track vs Up-Track 


This one is not obvious, and so it may trap you. 

You seem to be following a well-worn path down, until you turn around and try to find your way back up. 

It is then that you discover a multitude of other tracks joining into yours at an acute angle! 
You see, people walking downhill, downstream, get channeled into the paths of least resistance, converging just like the creek lines do. 
But people walking upstream or uphill are faced with choices and tend to spread out into all possibilities, until they find the right one. 
The best path is worn in from down traffic, but that may not make it obvious to up-traffic. 
























Allow extra time when going up-stream, or climbing a steep peak, for eliminating false leads. 
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Section 3: Interesting Stuff—Bush Navigation 


Wind West 


Assume you are in a wind-swept place in medium to high latitudes e.g. southern Australia, where strong Westerlies prevail. 


‘W’ in the ‘WEATHER’ mnemonic (p.114b) then reminds you 
of the prevailing Westerlies in the high 30s, the Roaring 40s, the Furious 50s and the Screaming 60s. 


‘W’ for ‘Weather systems come from the West’ in temperate latitudes. 
and ‘Wind in your face’ locates these weather systems for you. 
and ‘Upper-level Westerly Wave’ steers these systems to the E/NE/SE in a waving pattern. 
A common pattern is to have a warm nor-westerly storm preceding a strong cold sou-westerly change (SH). 
and ‘Wind-West’ reminds you to look for the lower-level prevailing Westerlies, and their effect on the bushes, landscape, etc. 


You don’t have to be in the Roaring 40s to find a windy place and look for tell-tale signs of the prevailing wind. 
— Onshore winds near the coast, being laden with salt, leave unmistakable clues imprinted in the bushes, and on the seashore. 
— High plateaus and wide open clearings are usually windswept. 
— Gullies produce up-gully breezes and down-gully gusts. 
— Hilltops are windy. To get an undistorted picture of the prevailing wind direction, go to a hillock. 








To navigate by the local prevailing wind may be more preferable locally, than to navigate by bush north. 
The prevailing wind is not as universal or reliable as bush-noon, but it can be easily visible, audible and tangible. 


In general, the tallest trees are the best tell-tales. 
Look for wind-induced asymmetry, especially at the tree tips and the oldest tree trunks, when you are in a wind-sheltered zone. 


Think Wind 


Distinguish in your mind the various causes of wind damage... 


x Storm Winds — brief but furious, as a weather change hits. They may uproot trees. They are often hot and dry. 

. Fire-storms—from the hot dry inland, or sweeping uphill. They can leave a trail of dead black fallen trees lying parallel. 

* Cold Change Winds — Cold, Gusty, Strong, Persistent for a day or three; Usually south to southwesterly (S. H.). 

‘ Persistent Prevailing Winds — Westerlies ‘Waving’ between northwest and southwest in between ‘changes’. 

a Salt Laden Onshore Winds — They ‘cut’ the exposed vegetation back to size. 

* Cold Blast Winds — These kill off the less hardy competitors. 

- Hot Dry Blast Winds — These leave only the waxy/succulent/woody species. 

. Sand Blast Winds — They remove vegetation, carve out sandstone sculptures, and remove lichens from the exposed side. 
* Windy Season Winds — Ask the locals what to expect at each time of year. 


Anything is Memorable 


Make it personal “Where I found the pocket knife!” 
anticipated Study the map beforehand to imagine the sections 
active Do something; involve yourself 
important Draw attention to why it should be remembered 
associated It looks like a ... ; sounds like my middle name ; uphill from the mine 
creative Make up an enjoyable name 
emotional Expect to notice, then remember, decision points & anxious times 
visual e.g. symmetric, colourful, shapely 
geometric This triple-trunk matches the triangle of paths here 
noticed Draw attention to it “See how we have just entered tea-tree ?” 
peculiar That tree looks like a traffic policeman! 
prominent The tallest tree here, see? 
liked What aspect about it interests you? 
named e.g. “Midnight Junction” 
fitting “Power Point” where the electricity line crosses the lake 
funny ‘Willy Willy Waterhole’ where we saw the dust-devil 
human “Betty’s” 


Make Individual Memories Memorable! 


The problem is an excess of information, with a shortage of enough meaning to go with each detail. 
e.g. hillocks and creeks have endless detail — you can’t hope to remember all. 

Visual memory is not the problem — pictures are perfect — but recall is difficult. 

(And sorting pictures out later, into the original sequence is also hard.) 

You need to add memory handles, worthwhile meanings, specific focus, etc. 

Hint: Do something memorable there. Dance, Sing, Jump, Shout, Throw stones into the puddle. 

Make a cairn. Sketch a tree. Have a meal — Chewing is said to aid memory! 

Leave something of ‘yours’ there — something peculiar — e.g. lean a stick against a tree trunk; scratch the ground. 
Insert it into a larger scheme — time & sequence; lie & surroundings; an acrostic poem. 
Make a game of it. E.g. “Who can say what’s peculiar about this creek?” 
Make it ‘yours’ e.g. Discover it. Climb it. Explore it. Study it. Explain it. Draw it. Map it. Show it to someone. Name it. 
Spend time there, looking. 





Remembering Trees 


Simply spend time looking. It may only be 10 seconds, but that is 2000% more than the usual 2 second! 
Look at the branches, the shape, the trunk, until something strikes you 

E.g. “Oh, these two branches grow across each other” 

E.g. “The bark is right-hand spiral” 

E.g. “See that ant-highway going up into the hollow—it might have water in it” 

Walk around it, to see the shape from side-on. Characterise it & its context 

E.g. “entirely shorter than that old stag’s first branch” 

E.g. “three tufts on top” 


You get better with practice. 
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Lie of the Land; Tracks 
Ridges 


Ridges have gentler slopes up/down ridge i.e. provided you stick to the crown. 
The slope ‘makes’ rapidly on each flank. It is only the ridge-line which is flatter. 
Ridges have nicer views. But these views are easily halved unless you walk right on the crest. 
have nice breezes, provided you are right on the crest. 
have more open and stunted vegetation plus shallower soil and more exposure to the elements. 
are wider and flatter than a creek bed, and their rocks are firmer underfoot and dry. 
Their run-off slides off downhill to each side. 
These advantages are also lost as soon as you slip off the ‘crown’ of the ridge. 
Off the ridge is steep, vegetated, narrow, loose, windless, hot, humid. 
The steepest but best way up a ridge is... up the ridge because (1) it gets even steeper off the ridge 
& (2) contouring is ‘easier’ but it doesn’t get you ‘up’ but only into more difficult terrain. 


Ridge Names 


. Mountain to Mountain e.g. Mount Ossa to Legges Tor (trace it on the map) 
s Mountain to Mouth e.g. Mount Ossa to Arthur River South Head 

x Mountain to Headland e.g. Mount Wellington to Wrest Point 

- Catchment Division e.g. The Arthur-Pieman Divide 

s Tributary Divide e.g. The South Arm Ridge 


A ridge may not be “major” but if it divides your walk, you do want to know about it—so make up an appropriate name for it. 


Mnemonic: “Ridges Rise” 


Whenever you cross a ridge don’t forget to ask: “Which way does this ridge rise, in trend terms — to the left or to the right?” 
It is like asking which way water is flowing, but the truth can be obscured by local undulations in the ridge. 

Ask: “Does this ridge, if followed to the (right), end further inland i.e. upstream, or further downstream?” 

It must correlate with the overall corresponding drainage. 


Uphill — Which Hill? Upstream — to which Divide? 


To Which ridge? Which plateau? Which highest ground? Just as surely as rivers reach the sea, so ridges reach a peak. 
Which peak? is the question which orients you. 
Until you know which catchments you are climbing out of and in to, you don’t have a grasp of where you are. 





Sympathy and Understanding with Track Markers 


Take time out to explore (e.g. leap-frog fashion) from one track marker to another. 

Always guess where a track ought to go. 

When you come across a marked trail—maybe poorly marked and/or difficult—the question arises: ‘Should we follow it or not?’ 
Intelligent guesswork helps here 


a Where would J put a track? 

. What is the direction trend of the new trail? 
* What is the slope trend of the trail? 

. What tracks & routes might you expect? 

. What alternative access routes exist? 


E.g. uphill, heading West, may well mean: ‘to Lake West from the lower car park’ 


If you leave the track behind, because it is unclear, you may never get back onto it. 
But if you work with what you have (a bad track) it may be quicker in the long run. 


Old Track Markers 


Practise noticing them, before you need to. 





* Old axe-cut blazes on tree-trunks — from the original surveyors 

: Very old paint flecks in the blazes — search for them 

‘. Blazes and markers on the far side of the tree — look back 

7 Old nail holes or nails or rust stains — the marker has fallen off 

: Fallen markers — on the ground 

Fallen rock cairns — the rocks blend in, but show their pale underbellies 
. Arrows on wet rock-faces — the wetness obscures the scratches 

: Sawn branches, trunks and logs from when the path was cleared 

- A clear line-of-sight through the trees 

a Thick young growth — an unused road 

s Smooth or shiny rocks with less lichen — worn smooth by feet 

“ Fallen trunks with a gutter worn across them — betraying foot traffic 
“ Broken branches of varying ages; bent stems e.g. bracken fronds 

s Stumps cut off at ground- or eye-level. 
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ICT : Information & Communication Technology 


Figure 1. ICT major trends for 2015-2020. 
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Figure 2. Relationship among 5G, IoT, Big Data, Cloud and SDN based on [4]. 


RAN and softwarized 5G then are developed. 

As illustrated in Figure 4, 5G will serve as a better gateway and transport network for IoT applications so that 
IoT data can be delivered more efficiently and economically. In addition, IoT will become one of the major 
sources of Big Data by producing large volume, fast velocity, and many varieties of data [6] as illustrated in 
Figure 5. 

Finally, Figure 6 shows that Cloud can be adopted in the 5G Radio Access Network (RAN) and turns it to a 
Cloud-based RAN (C-RAN). Both SDN and NFV have been applied to data center in the cloud to enable better 
load balance and resource allocation of the cloud. SDN has also been applied to 5G mobile broadband core net- 
works to enable smart routing, better traffic management and improve network resource utilization. 
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Section 3: Interesting Stuff—Bush Navigation 


Be Wind-Wise: Listen 


Listen directionally — the wind-noise will be mainly from up-wind. 

When you think you are navigating by the beach noise, you are probably navigating by the onshore wind, and should keep track of it. 
Listen through the noise — You may distinguish three frequency bands, as the rumbles emerge from the hiss. 
Listen through the silence — of night, in the stillness. Up-wind sounds carry a long way. 
Listen to the sounds (birds, traffic, house, factories) — They carry clearly from up-wind only, especially the high frequencies (whistles) 
Listen to the beach noise — The ‘hiss’ will be from a direction more up-wind, and closer, location-wise. 

The ‘rumble’ will be from further away from you and further away from up-wind direction. 

Listen to the thunder — Air temperature zones create directional effects, so that approaching storms, which are preceded by 


low level cold bursts of air, have their noises refracted up and out of earshot. 
(See “Tips for Calm Weather” p.23d & “Topographic Level Winds” p.25d) 


Obvious Tell-Tales: Landscape 


a E/W coastal asymmetry e.g. Temperate West Coast ocean beaches might have a kilometre of surf, but East Coast beaches are 
narrower and calmer. Trade-wind East coasts are surf beaches, but headlands with West facing shorelines will be sheltered. 





‘ Bays end in exposed points. Look for tall, steep, bare sandhills on the weather side. If there are tall sandhills at a narrow 
point, you will see sandhills from both sides, so ask ‘am I seeing the green (sheltered) backside?’ 

- Sand dunes. There are variations, but bare dunes tend to be cross-wind and vegetated dunes tend to trend down-wind. 

. Puddles, Lagoons, Lakes, Creeks, Beaches — Look for wind & wave action effects e.g. dark mudflats up-wind & white sand- 
steeps downwind. Shallow puddles often occur on the downwind end of a flat drainage. 

i Sand ripples show steep backsides downwind, as the wind driven grains topple over the eroding crest. 

. Clumps in sand-stretches show a long tail downwind. E.g. behind dead seaweed deposited on the dry beach. 

. Grass-clump erosion is the reverse of sand ripples — look for steep bare dirt and exposed roots on the exposed side. 

= Camps & campsites, picnic tables & fireplaces, bird nests & animal shelters all avoid the un-sheltered side of vegetation. 

” Wind-shadow growth—plants grow taller in the lee of a mountain range, or of a pebble, sand ridge or house. 

Obvious Tell-Tales: | Windblown Objects 

* Flotsam collects on the downwind side of a lake (but on the sheltered side of a coastal point!). 

- Trunks fall downwind in storms; branches fall downwind in gales; leaves, nuts and flowers fall downwind in strong winds. Look 
for ribbon bark hanging in a tree downwind from its source. Pon 

. Rubbish (old dead twigs & leaves) collects behind a clump. | Sti 

- Dead long leaf blades lie cross-wind when blown against an obstacle e.g. a clump... ‘ oS 

- Dead long leaf blades lie down-wind when blown from a source e.g. a tussock... 

7 Broken off branchlets lie with their big spread-out twiggy end downwind. Meadow-grass tufts pulled up by grazing animals also. 

- Feathers catch in bushes, usually on downwind branches, and mat against the up-wind side of those branches. 


The Difference between Looking at, and Seeing 


..has a lot to do with involvement. 
e.g. a seed-collector will see the vigour of the plants and their stage of fruiting. Would you even see the plants! 
e.g. a hunter will see a route for stalking from behind cover. 
e.g. a photographer will see the contrast in light. 


Would you as a navigator care to notice footprints, or their absence? What about the flight-paths & contrails, or gems in the river 
gravel? 
Navigation is your opportunity to see more. 


Search-Image 


It is possible to stare at something obvious and not see it! e.g. the pattern of wind-blown grass stems, or the peculiar geometry of a 
tree. But after some practice, you can’t miss it. So train your brain to the search images before you need them. When you are flustered 
and hurried you will not feel confident in your abilities to see something difficult, and will likely give up too soon. 


We Recognise ‘Sameness’ But Need to Describe the Differences 


A gum-tree is a gum-tree; but this gum tree has three trunks! 
A ‘bend on the road’ is just a bend; but this one bends away from sunrise. 
A ‘hillside’ looks much like all hillsides; but this one is regrowth with wattles dominant. 





Don’t just gaze at “the view” or “the landscape” or “vegetation”. Look past the fuzzy ‘sameness’ to the unique peculiarities. 


Unfortunately that often means: ‘Focus on the boring detail’ 
e.g. ‘This hillock has five dead tree trunks, totalling nine main branches’ which makes this hillock recognisable and unique. 
So. Hint: When all else fails, COUNT! (The same goes for botanical species identifications. ) 


There is often no way around a detailed look. There will not be anything unexpected to hit you in the face — you must keep looking 


until the interesting peculiarities emerge. 
E.g. “No other dirt road junction I have seen has an Acacia sapling growing in each corner.” 
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Lie of the Land; Tracks 
“Shoulders Stop” 


A huge mountain range may end in a “shoulder” i.e. a ‘shoulder’ amounts only to a ‘minor ridge’ stopping within the valley. 
You will not get to the coast by following it down. (If you are on the very last ridge next to the coast it would be called a headland). 


There may also be isolated high ground within a valley, a lot like an island, and this too is doomed to end in only ‘shoulders’. 
Such high ground is drained by one river only, but via several tributaries. 
It will have one, often low, flat connection (a saddle) ‘uphill’ to the main Divide. 


Shoulders are Not Easy (like Ridges) To Walk on 


1. They end a spur, and so are likely to be steep, as the ridgeline plunges down to the creek bend or junction below it. 
2. They are wetter than ridge tops. Although they shed water, being convex, they are still fed with run-off from above, as ona 
hillside. So the vegetation can easily become very thick. 


Saddle — A Flat between Hills, Sitting Astride a Ridge 


They are so named for their resemblance to the two-bumps-two-gutter horse-saddle shape, designed for two legs astride a sway-back. 
When a flat area is drained by three creeks and so has three ridges lifting from it, it is called a “monkey saddle”. 
The third gutter accommodates the tail. This can cause uncertainty-of-choice for navigators! 








A “col” is a saddle. 
A “pass” is usually a low point in a high ridge i.e. it is a saddle. 
A “gap” however may simply be a river gorge. 


Every undulation and flattening of a ridge leaves a saddle. In forest, there will be a puddle. It may also attract a campsite or a road. 
A saddle may look like a valley crossing—a muddy dip in the path—but the two sides both drop away, if you look carefully through the 
wall of vegetation. 


Weather maps show pressure ‘saddles’ between two High’s and two Low’s—p. 11d. 


You can also picture a saddle as a U-shaped valley going up and over a gap between two hills and continuing down the other side. 
Saddles make creek sources, but not every creek source begins as a flat saddle—any ridge or slope may spawn drainage gutters with- 
out necessarily flattening out. 


Track Markers 


— Decode the colour-code. Separate tracks often have separate colours. Reverse track markers may be of a different colour. 
— Successive generations of track marking may be evident, or several colour-coded tracks may share one leg of the journey. 
— Triple marking, often means “End of Markers” or “End of Track”. 
— Big cairns mark junctions, campspots, features. Cairns with a stick may also indicate a junction. 
— Side-tracks are marked with something extra or different. 
— Sticks over the track, or especially crossed sticks say “No Entry. Wrong Way. Go Back”. 
At an unexpected junction, if you have to step over some branches you have probably missed the intended message. 
— Un-needed signposts — often mark the entrance of disused tracks. They may (or may not) be at an unexplained bend in the route. 


When You Lose the Track-Markers 


Be suspicious! Start by over-navigating beforehand — search for all track markers as a habit, even when the track is well-worn and 
plainly visible. It gives you the practice for when the track marking does get patchy. 
Also, only then will you notice whenever the track takes an unofficial shortcut (e.g. following vehicle tracks, not the walking track). 
Or maybe you have taken a wrong turning off the marked track and need to realise it, no matter how good the new track is. 
Whenever you lose the markers or whenever you lose the track, explore in these directions: straight ahead and straight behind. 


One or two markers may simply have fallen off — so maintain the trend ? 
You may be approaching a main track junction with the first few sidetrack markers 
removed to conceal the sidetrack you are on. 








An unexplained bend, which deteriorates, may be explained by a missed junction/bend... behind — ~ eg ahead 
w “sl 
Where a tree has fallen nearby, try to pick up the trend of the old track, on the far side... ee A ae 
Backtrack to where you went wrong — to the last bend & from the last certain marker. ~ P 
Next, explore the unexpected directions. ~ 
Very often a marker will be placed at a bend, because of the bend, or even because of a Y junction. ere fax 
Then explore in all directions — “Meet back here in five minutes” might save 50 minutes. a 


Notice (with Alarm!) When... 


.. The track itself deteriorates. You may be on a false track, made by people doing just what you have done 
e.g. you overran a junction or bend; you sidestepped a fallen tree without noticing. 
..Boot prints, that were there before, cease. Especially on a ‘through’ track. 
.. The track gets better! This means that in back-tracking you may miss your small track and follow the other track which joins in there 
..The country abruptly clears e.g. a beach, a peak, a clearing, a road. There may be no way to find the single small track you used. 
By the time you remember to look back, you may have lost the way back out. There may be too many paths to choose from. 
..Any barrier e.g. a beach, a road, a fence, a riverbank — clear or not. 
When you hit the barrier you do a right-angled bend, but later you may not remember exactly where you met that barrier. 
..Any catchment change i.e. crossing a ridge, or even a creek crossing—into “another part of the catchment”. 














Name the enemy: Be the first to say out loud “Abaracadabara! Peek behind you! because it’s a...(fill in the blank)” A Barrier; 
A Ridge/River/Road Junction; A Clearing; a Down-track (or focus point); A Better/worse track; A Ridge/River crossing; A Peak. 
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Section 3: Interesting Stuff—Bush Navigation 


Light & Colour Effects 


This is one of the delights of nature! Chances are that you will be startled, even if you know what to expect, but only if you look for it. 
You need to wade out into a uniform reed-bed, preferably when the Sun is side-on to the prevailing wind, then look up- & down- wind. 
Up-wind, the tussock tips are pointing toward you. You then see between them into the deeper shaded body of the plant. 


The view up-wind is dark & colourful. The best effect is from rich brown or dark green, drooping, chest-high reeds. 


Down-wind the tips lie flat and reflect the sky shine at you — faded & bright. 
The prevailing wind may result in permanent sunbleach on one side of the grass blades. 


On a windy day you will see gusts causing bright patches in a dark background, due to the same flat blade effect. 

To neutralise the directional lighting of the Sun, look down-Sun — to your left & right will show pale vs colourful. 

The combined effect of the Sun and the wind result in four quadrants — darkest up-wind; shiniest downwind; greyest up-Sun. 
This happens even with ordinary green plants — look for it in any low, flat, wind-swept vegetation. 

The prevailing wind doesn’t need to be blowing to see its permanent effect on the plants. 


At sunrise in the reed-bed, you should notice a ‘funnel-web’ effect on your right — like the circular scratches showing up 
through a sunlit window. 


At other times you may simply notice that any shiny leaves on the left of the Sun tilt left, and on the right of the Sun tilt right. 


Looking up-wind anywhere is greener. Downwind looks more bleached — due to leaf-tip scorch, leaf fading and leaflessness. 


* Weather-side sandhills are white. Lee-side sandhills are greener, due to thicker growth. 

x Exposed lake banks are steeper & eroded. So, sandy lagoons show white sandy vs dark muddy ends. 

. In sandy heaths, downwind shows up as windblown sand patches of erosion. Up-wind shows up as continuous plant cover. 
" Rocks in sandy places are sandblasted pale on the up-wind side and darkened with lichens on the downwind side. 


Seg of (_) sun 


Downwind 





Nei “funnel-web” on right 
\ a a 
ed pele fee J J 4 es gured 
dark — ~ shiny. } 4 < oe Upwind 
Soe arn wee ee Shiny leaves Expect some variations 


Place Recognition 
You Recognise What You See, By What You Can’t See 


Every locality fits into a context — the invisible surroundings. 


How long did I take to get here? How far from the turnoff? In what direction from home-base? Uphill or down or contour? 


How many creeks have we crossed up to now? 


To know where you are, you can’t ignore where you are not. 
e.g. ‘It was an all-day slog to get there, we finished the day worn out’ 
is part of where you were, and fundamental to your memory of it. 


Landscape recognition is relative. 
That involves your senses of time, direction, distance, difficulty, slope, topography, layout, number and network. 


Aspects, invisible to the eye, which surround a place, live in your mind’s eye. 


Description Requires Words 
Can You Describe All That You Can Recognise? 


E.g. a magpie. What pattern is on the head? What colour legs? 
E.g. your brother — what colour eyes? what voice accent? 


“Recognition” means “I need to see it before I can recognise it” 
“Description” is “I can recall it to my mind and describe it” 


If you don’t deliberately memorise something you can only recognise it but can’t describe it. 

So thoughtful examination, notes and practice, can fill in a lot of blanks. 

Repeated visits build up a subconscious picture, but you can speed up that familiarisation process by deliberate scrutiny. 
Expressing the description in explicit words, forces your subconscious ‘recognition’ powers, into a new dimension. 


Hint: Open your mouth; say: “The place where...” and see what comes out spontaneously. 
try: “In between...” “Running alongside the... ” 
“You probably would remember it as the time when... ” 
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Lie of the Land; Tracks 
Notice When You Cross a Catchment! 


It is a major method of navigation 


e.g. at night; or in a blizzard; or when you are lost; or in a forest; or descending from high ground; or exploring upstream. 


But you need to get used to noticing ridges and to counting creek crossings and to matching the catchments to the map. 
Notice also, when you cross from one side to the other side of a catchment. 
Ask: Is this riverbed likely to be the lowest, largest channel in the whole catchment? 
Look for creek-line vegetation, as sometimes the only clue to the drainage pattern. 
Look for any darker patch in the road or track or beach, as a tell-tale sign of a dry creek bed. 


Look at the track ruts. If the rocks are exposed, water flows over it. If the ruts flatten out, water drains away from the track there. 


A subtle rise, dip or bend in the track can be traced to an obvious ridge or drain crossing it. Look sideways to appreciate the lie. 


Assess any puddle, marsh or mud hole — Is it a creek line or a saddle top? — Is it in a dip or on a crest? — Can you trace a gutter?; 
Notice any crest; Trace ridges to a nearby peak. I.e. Don’t get caught whingeing about the government, instead of noticing the lie. 


Ridges divide: they shed water. Creeks collect: they catch water. Valleys drain: they empty into the sea. 
Rivers cut the catchment in two. 
See “Understanding Contours” for some hints — later in this section. See also p.83b. 


The Giveaway! A Change of View — Mnemonic: “Catch the View” 


The new panorama is the tell-tale sign that you have changed catchments. 

Perhaps you are contouring around a headland and catch the new view around the corner, or you are sidling around a ridge, 
or you are breasting the saddle, or reaching the peak, or cresting a paddock... It is the new vista that greets your eyes 
which tells you that something has changed. It is also the loss of the old valley view. 


Well, maybe you can’t see the view, but you may now be able to see the skylight or even blue sky down through the trees below you. 


When climbing, you find yourself looking down instead of looking up. Your muscles, of course, tell you the same story. 
The deeper the new valley, the more far-reaching, on average, the new view. 


You Can’t Cross a Creek Twice from the Same Side 


If you make two successive creek crossings in the same flow-sense, you have crossed a creek divide into a different creek catchment. 


f 2 
Alternating crosses=same creek... ¥ “Different creek” 
4 I “Same creek” 


Up-creek is on your left both times 


The same rule can hold for ridges, but only those which slope uniformly down from high ground. 


Otherwise an unexpected crest slope, instead of being a ‘different ridge’, may alert you to ‘a local up-trend’ on a down-sloping ridge. 


Mark Your Trail a pair of stones... 
Two principles are needed 1. Trail marking takes extra time — budget for it. 
And this one is widely applicable... 2. It’s easy when you know how, so think how! a gumnut on a rock 


Mark Your Trail Non-Permanently 


E.g. when you could otherwise get lost 


- Use what is available — pebbles, leaves, tussocks — throughout the area, for ease and consistency. 

e.g. “always look for a pair of stones”; “tie a grass blade on the top shoot of any shrub” 
“ Leave your mark in a visible place. E.g. “look for freshly broken twigs at the base of each trunk on the path”; 

“check the topmost leaves of anything chest-high for a mark” 

sy Leave your mark in an expected place. E.g. cross-country: Zig-zag in straight lines between prominent features, 

so coming back you know exactly where to look for the next markers, and searchers do too. 

E.g. hillock, to tall tree, to clearing, to outcrop. a cut leaf... 
“ Do something only slightly unnatural: (see diagrams) A gumnut on a rock; a twig through a leaf; a pair of torn leaves; 


grass stems bent in a consistent direction; or tied in a knot; or crumpled; a scissor-cut dead leaf; a scissor-cut fresh 
leaf; bark hanging from a barkless branch e.g. gum bark in a Banksia; a twig drilled into the ground; 

a leaf wedged into bark at eye level; a triangle of twigs; a half broken bent twig hanging in a shrub; 

an opposing pair of gum leaves; a trail of sticks; windblown debris which is reversed; upturn a rock onto leaf litter 


‘ Deliberately plant your boot print when you can. Step on top of older footprints, deliberately. dead twig... 
Use fresh material so that your trail may be ‘aged’ according to the fading or drying e.g. of green leaves or mud. 
: Position markers so that time, animals, wind & rain will disrupt them (at a recognisable rate). E.g. a teepee of sticks. 
. Try a snow cairn; chalk marks on rocks; cotton tied around a branch; a stick dragged in the dirt; a scratch on a rock; 
balls of mud; charcoal or charcoal marks; tiny shreds of paper. 
* Choose one method and stick with it, with a backup method in reserve. 
. Double-mark a trail e.g. when doubling back, by duplicating it. 
Tracking Someone Else 
- Look for the absence of: spider webs across the path; dew on overhanging branches. To discern a foot-path look for 


the absence of fallen branches; leaf litter; lichen & moss; old wombat dung on prominent rocks; unbroken sticks; un- 
trampled seedlings; undisturbed soil 


x Look for the presence of freshly disturbed stones/soil crust/puddles, plus footprints. 


Examine puddles: for wet edges — indicating a recent forward swash; examine for muddy water; look for muddy water 
in the deepest layers — indicating disturbance some time ago; for wet stems above the water — they have been trod- 
den in and have sprung back 


" Overlapping fronds across a path — they ‘remember’ which way they were last pushed through. 
. Don’t step on the boot-prints or tracks you are trying to decipher—you often need to look at them again. 
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Section 3: Interesting Stuff—Bush Navigation 


Botanical Tell-Tales 


permanent lean tilted clumps dead stalk dead tussock-grass fall 


e.g. Bracken fern e.g. Yakka dead leaves 5 ty 
“ curve of stem Zz 
fallen fronds downwind 


The dead sterissnap in the wind 


initial trunk lean e.g. Banksia tree - final lean double curve (exaggerated) 
e.g. Yakka flowering stem 
: Y aft m 
Nia 























, ‘battle back up-wind’ 





‘go with the flow’ dowowina J) 
asymmetrical 
tree-tip 











alternating bush ‘streets’ \| Wf 
and blowout channels oe 
ae ao 


climber- & parasite- 
load downwind ety FL 
top-view.. 
..grass ‘streets’ in the wind-wake of a fallen branch 
1|! : = (ope _ jer aa J 
ee Wind exposure on 
: F leading edge causes 
leaf-kill, leaf-strip, 


and leaf-scorch some flowers open downwind 





Discuss It 


Let others open your eyes: “What can you see about this?” “Where does it remind you of?” 


Ask Questions: “How do you know where you are?” “Could you get back here again next year?” 
Make a game of it: “What else can you notice from here?” 
Express the specifics: e.g. “That boot-print has zed-shaped ripples on the right and ess-shaped ripples on the left. 


Many aspects of navigation yield to these simple tricks... 
discuss it express it out loud make it the topic of conversation 
delegate the tasks between yourselves 
keep yourself alert 
make up your own names 
collect the details integrate them 


The heel patten is a smaller version of the front half, as per normal.” 
e.g. “This tributary lies northwest/southeast and points to the left of the peak.” ; 





Collect the Details 
Identify a Specific Place by its Specific Collection of Details 


E.g. “A low conical hill in flat terrain south of Mount Cameron” 
That is not ‘interesting’. The bits are not ‘peculiar’. But the collection of the bits is unique. 
E.g. Plant and insect species are often so similar to other family members that no one character is ‘characteristic’ enough. 
The species will be identified by a set of characters. 
E.g. Is this our old road?? Does anybody recognise it from last year?? but it has... 
trend e.g. toward sunrise 
slope e.g. mostly uphill 
straightness e.g. can’t see for more than 20m mostly! 
traffic intensity e.g. many fallen trees across it, and encroaching bushes 
length e.g. it goes on and on and gets nowhere! 
vegetation e.g. set amongst old gums with yakkas under 
ends e.g. it came from the saddle and ends up behind the peak 
If you think you recognise it, by the combined characters, you will probably be right. 
E.g. Make one name for the big tree on the crest; another to name that crest; another to describe its relative position... 
and soon you can’t mistake it...“the big tree with the south facing hollow on the port-side Dam-wall Ridge downstream of Tree-fern Crk. 
The add-on bits are part of the name of each bit i.e. “the Big-tree Crest” (downstream of Tree-fern Creek) (near the dam wall). 





The smallest collection is two, but that is a powerful combination, e.g. a peculiar log, plus a recognisable hollow trunk, is almost unique. 
The combination is the peculiarity to remember — a third peculiarity. 
The geometry of the combination is a fourth and even more powerful memory aid... “This log points to that hollow”. 


Include What You Can’t See 


For instance, have you noticed that there is no bare ground showing? That you can’t see farmland? That there are no intervening 
ridges? 
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Lie of the Land; Tracks 
Break of Slope/Make of Slope 


The ‘make’ of slope is the stg@epening as you go downhill ie the “slope” is a down-slope. The best views are at the most abrupt ‘make’s 
The ‘break’ of slope is the first flattening out as you descend. The thickest soils occur below the ‘break’. 
The make and the break refer to points which separate different ‘slopes’. 
There is a difference between a making, or eroding slope 
and a breaking, or sedimenting slope... 
A ridge-top is a make of 2 slopes, in cross-section, but any abrupt steepening 
can also be called a make of slope. 
..Making — convex out-wards. Convexities shed water (usually in all directions) and shed silt 
and are poor sites to locate a dam or to dig one — there is bedrock below. 
The water table will often break the surface at the more abrupt breaks. 
..Breaking — concave up-wards. Concavities collect water and collect silt from above. 
You can locate and dig a dam in silted up areas. 
Constant slopes lie in between deposition and erosive scouring 
“Ma...slope so on a constant flat slope the streamlets can ‘braid’ together 
ee a make of next slope constant slope 


— 


Beginning of ero if 29 in ; 
ean deposition...’ . .. break 


Paddocks are often cleared up to the break—the rocks: River—erosion on the banks = convex 


A band of moisture-loving vegetation will often separate the/Slopes. = <7. — ‘break’ at water level; concave 
Eero below it 
ae deposition 


What you see in three dimensions can often be more complex i r / 
than what you see in cross-section! 
— When convexity changes to concavity there is a momentary straightening — a ‘break of slope’. 
This is also called a ‘point of inflection’ in the curve. 
It’s not just a meaningless mathematical quirk; it betrays a set of real changes, resulting from the erosion history > 


Scree Slopes — Tread Carefully! 


The boulder-field at the base of a cliff, gives you a false sense of security! 
Each rock seems so solidly jammed in place, but the whole field could ‘slump’ and slide all the way down, if given too much of a shake. 
That is why there are no old trees growing in landslide-prone slopes! 
















Flat ridge top... 
. Abrupt make p 


f e 
.-Abrupt bri tp 
f 


ve 


Deposition 











The essence of a scree slope is, like a pile of gravel: It is in a continual state of critical instability, as evidenced by the straight-edged 
slope (flat but not level), about 36°. 36° doesn’t sound like much, but up a sandhill, it puts you on all fours! 

The rock surfaces look ‘fresh’. Soil doesn’t accumulate. 

Tread carefully. Distribute your weight on all fours. Tread on bigger rocks. 

Choose the cliff-base — it has hand-holds — or the scree-base — it has a solid bottom. 





Mark Your Trail More Permanently and Ostentatiously 


E.g. when you are lost or in trouble or in doubt { 






. A teepee 

s Mud upon a tussock — quite unnatural; A tussock upon a tussock! ARS - 
. Hang a piece of clothing from a prominent tree limb SWE 
. Dig a hole and make a hump 


pr fon (Direction of travel is ———® ) 
LAF ELEE 


Mark Your Trail Invisibly 


E.g. so that other walkers who are not lost, don’t disrupt your markers, out of a sense of bush etiquette. 


* “One mark every 50 paces”. E.g. one pointed pebble. You may like to use double-paces. 
It is almost impossible to notice accidentally, but impossible to miss if you look. 
- “Every 10 paces, as an option” added to your scheme — to cope with junctions and bends. 
- Place a pebble on the ground, on the onward side of an existing cairn. You can recognise it, and scatter it, when you come 
back through the fog among a maze of similar cairned routes. 
. Put a small mark at the base of each track marker (e.g. under blazes-on-a-trunk or ribbons-on-a-branch) 
— you can easily find it, and know that you have been along that track. 
. “Half way between (2 markers)” or “10m North (of a juncture)”, can remove the marks from obvious view or significance. 


A pebble Code — Keep It Simple 


All codes have to be memorable to all users — complications never survive the years of disuse. 


I.e. use ‘one’ to ‘four’ only, preferably only ‘two’ and ‘three’. ® —> 
Tread the pebbles into the ground for clarity & permanency. oS 
Upturn the pebbles for visibility, and point the stones appropriately. C% (eae i __ Use the smaller pebbles at the front. 


One: “I woz ‘ere, going that way” i bvo- 
Two: “Me go that way” © @:- 


Three: “I’m lost, exploring that way” Si 
Four: “Look for a message, there” 


Five: “Someone has seen this message” 





Square: “Don’t go this way” 

Circle: “Oh” for “I’m OK” 

Bull’s-eye: “I will be back here soon” 

Junction: “I have turned off (and returned, then continued)” 





IY 
Double marking: Close the pebbles up the second time past, until they touch. me (oo —_ 
a 
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Section 3: Interesting Stuff—Bush Navigation 


Combined Effects of Wind, Salt and Light 


When assessing wedge-shaped shrubs, leaning trunks, tilted canopies, etc., try to distinguish wind-cut from salt-cut and from light- 
lean. But beware, in any natural system, it would be easy to over-generalise from a few known specifics, 
or falsely extend an inadequate interpretation. 


Here is a typical wind-ramp. The leading edge consists of dead twigs. 
The vegetation gets greener and thicker and taller downwind. 


But you cannot easily tell whether it is the result of salt-laden wind, or strong wind only. 





Salt-cut will show you the direction of the prevailing onshore wind only. 
Inshore, wind-ramping will show you the direction of the prevailing wind, which may be significantly different in direction. 


Botanical Asymmetry 
Plants must respond to the wind. 


If they did not deliberately push up-wind, we would be walking through a landscape of leaning-over plants. 
Therefore it must be possible to ‘read’ the effect of strong wind written into the branching history of a plant. 











The branches of a bush may grow according to the strong wind, but the leaves will still respond according to the asymmetrical light. 
The two effects may or may not be independent and you will need to examine them carefully to see the difference. 

Look for asymmetry in the green parts of a plant to show up bush-noon and look for asymmetry in the other parts for bush-West. 

If there is a macro response to the wind, which will confuse the macro light-response, look for micro signs of a light response, on indi- 
vidual branchlets. 





You don’t “need to know your plants” beforehand. Instead you examine the species which present themselves. 
You assess what responses they make to light, wind, shelter, etc. 

E.g. Do the stems colour up in sunlight? If so keep looking at that. 

Do the branches throw out more leaves on one side? If not look for something else. 


Extend Your Familiar Range Systematically 


Explore in every direction, in ever longer legs, radially. Leave recognisable marks alongside recognisable things. 
Then explore in concentric circles to make sure that you can recognise individual trees and rocks. 
You know you can explore further within the endless sea of scrub, if you have ‘familiar friends’ which you have seen repeatedly. 


oR “ O “ AK “ ¢ 


Markers for future recognition e.g. on your own property... 


Plant a tree Graft two branches together Suspend a forked branch into a forked trunk 

Arrange logs e.g. a parallel heap Arrange rocks e.g. a cairn, or a rock on a stump, or a rock 10 m south of the biggest tree 
Dig a trench Etch a mark Paint a rock Leave something solid behind 

A stake A signpost A numbered metal tag A path A Campfire-place or Barbecue 


Hints 


It’s the Campsites You Don’t Use, that are Easiest to Forget 


I’m forever asking: “Can anyone remember” whether we can camp between here and there? 
Take notes of potential campsites. It makes your trip-planning more flexible, next time. 


In general, take the opportunity to spy out and note down potential future trips — side-tracks, ridges, climbs... 


Leap-Frog Walk in New Territory 


I like to walk a new track twice, anyway. It is no big difficulty to take your time, once, and achieve better familiarity, by leap-frogging. 
Explore 2 legs forward then one leg back, and you cover the ground 3 times on the way out, once more on the way back. 

4 legs forward, 2 legs back, and it’s like walking a return track 3 times, but it gives you a much more solid handle on each section. 
You gain what you want, appreciation and re-preciation, and what you need, familiarity and sequence memory. 


The best way is to combine this with a mnemonic for each leg. See AA to ZZ for an excellent method. 
Its also a good time to mark each new leg discretely. 
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Lie of the Land; Tracks 


Break of Slope — And Route-Finding 


- The first signs of an approaching ridge-top when climbing include: the change from deposition (breaking) to erosion (making); 
i.e. onto outcrops; into exposure to the wind. 


- Take a rest at the break of slope — before climbing upwards. 

. Get your bearings at the most abrupt make of slope, where the view is clearest. 

Look up- and down-hill for the lowest skylight beneath the trees, to reveal the change of slope. 

- Avoid contouring around the break of slope — it is tempting, but — it is steep and unstable. 

. In rocky gorges, or on any creek-bank, or around any permanent water, look for a break of slope just beneath water-level. 


It may be safer, than rock-climbing higher up, to get your feet wet, and use such ledges. The slope near the water may be less 
steep, at least on average on jagged slopes; you can’t fall as far; your landing is softer (wet) — if you ‘keep as low as possible’. 


“ On steep gravelly roads, stick to the ‘crown’, or the ‘gutter’, to avoid slipping. 
The crown will snake from side to side as the road turns. 


. Slopes are awkward to walk on—steeper than the ridge or creek, so, 
when you drift up onto the sides of the creek you want to follow, you will be forced further up — onto the ridge. 
When you drift off the crest of the ridge you want to follow, you will be forced further down — into the creek bed. 
In this way ‘minor’ detours (e.g. around an outcrop, on the ridge or in the creek bed) may result in major redirection orders! 


..Avoid the steep bits. 


Steep shoulder 





Keeping Track of the Bends 


Don’t just follow your nose — follow the bends! 
There have already been some hints on keeping direction sense:“Walk across Australia!” & “Integrate the Jetstream and Earth rotation” 
Plus the “Sky to Land” and “Land to Land” navigation systems (p.29e,34d,38d,42d). 
Following a track can be mindless. But following the bends in the track means that you understand 
— that you have changed direction, and by how much. 
We have an ingrained bad habit — that we walk ‘away from’ the starting point, which is therefore ‘behind’ us. 
Only when we ‘turn around’ is it ‘ahead’ of us on the track. 
We usually only notice junctions, features & hunger, not distance or direction or exact time. 
The commonest mistakes of guesstimation, are failing to notice a track curve, 
and underestimating exactly how far a gentle but insistent bend will turn you around _ i.e. simple disorientation. 


Hints: Notice the bends, with your eye on the sky or the skyline. Establish the habit of looking back. 





Desired Equipment 


: Compass — look at it often and interpret it 

: Polaroid sunglasses — look for the dark blue band 

“ Radio — use it to keep orientation if you don’t have a compass 

: Map  — orient the map to the landscape, and it acts as a rough compass 


— lay a rhumb-line through the bends, as an average course, as a reference ‘track’... 


Logging Constant Diversions 


A stick or string helps you measure direction changes... 

Held at arm’s length, you add or subtract, as you decide to change course left and right. 
Thus you can revert to an intended course after a short ‘blind’ section, 

and average out the course changes even without a compass, or being able to see the Sun. 
You could use the skyline as a reference direction, or lineup two tree trunks for each change. 


A rougher method is to counterbalance your diversions. 
If you go left-around the rock; next time, go right-around the tree. 


Keeping track of countless bends is one of the few major problems in navigation 


— like keeping a log of distance covered, having no location sense, and trying to stay alert. 
So aim for an independent cross-check e.g. a landscape fix or a distance log. 


69 


Section 3: Interesting Stuff—Bush Navigation 


Think like a Plant 


E.g. Imagine you are a small ground-cover plant. In a desperate attempt to not be eaten or trampled to death you will probably branch 
and leaf out in all directions to simply survive... So don’t expect much botanical asymmetry underfoot. 


The idea is to become an amateur ecologist. For instance, you could work out the pollinators available, the dispersal mechanisms used, 
the biogeographical zones and overlaps, and the associations between species. 
Therefore think about the geology, geoform, latitude, altitude and soils. 


Temperature & Relative Humidity explain a lot of botany. 
E.g. very cold morning winds are also very drying when they warm up later in the day. 


Altitude, for instance, affects the species mix, so that with practice you can gauge your elevation above sea level. 
You notice when sub-alpine species kick in e.g. Telopea (Waratah), then when true alpine species begin e.g. Richea (Scoparia). 
Individual members of genera have altitude preferences and so are helpful to distinguish altitude 
e.g. various Coffee berries (Coprosma) or Pink Berry (Cyathodes). 
N.B. Since the prime effect of altitude is to drop the temperature, this is really a latitude-dependent temperature effect. 
I.e. Going further polewards, the altitude preferences will change. 


‘Aspect’ (i.e. South sloping or North facing) will be important in interpreting the presence of particular species. 


Living stresses explain simple botanical systems. 
E.g. In the desert, late afternoon is the baking-hot-sunlight side (cf noon in forest). Trees will be shiny leafed — to shed excess 
light (cf searching for more). 
So consider the prevailing winds, salt spray, max. and min. temperatures, wet season, disturbance, trampling, fire, clearing, 
introduced competition or diseases, grazing, salinity, mineralisation. 
Pioneer Species — These are the easiest to identify, because they are lonely. 
Their preference is the saltiest, hottest, driest, highest, coldest, poorest, windiest, sand-blown, most flood-prone, ... 
If life becomes too easy, other species will smother them out. Hence, look for those that don’t mind the hot baking Sun, etc. 





There is a height-succession of plantforms grading from lowest to tallest and deepest rooted. 
Ground lichen; moss; grass; herbs; creepers; shrubs; trees; ‘ emergents ’ 

The depth of soil is crucial. The taller ones shade out the humbler ones, and their deeper roots seem to starve out the shallow- 
rooted ones from below. E.g. mosses need no soil and not much light, but will quickly be overgrown if these are provided. 
Other factors keeping plants humble are trampling & grazing, fire frequency and dry season. Grasses survive all these stresses 

well. 





Competition between species explains the more diverse vegetation. 
E.g. Lichens overrun each other, and leave the rock surface, to become ‘leafy’ or fibrous or pendulous. 
Lush growth betrays the most comfortable living conditions. E.g. rainforest; the underside of a rock in the desert; sheltered 
microclimates — crowded with species. This is opposite to pioneer species. 
E.g. Where excess sunlight is the ‘living stress’, lush growth will show up on the shady side. 


Draw the Skyline, the Ridge-lines, the Outlines 
Label it with the 8 main directions 








Talk the panorama into words. “Nor-Norwest Hillock, in front of a larger hill on the left, runs down into a gully behind NE- Plateau. 
East Mountain is behind NE Plateau and drops away behind the vegetation south of us. 
Distant Peak pokes up behind in the SW, and the closer skyline reappears in the West, 
falling steadily to the NW Dip before the larger hill.” 


That took one minute. You do have time to look, notice, talk it through, and even draw it. 
Marine navigators know that they have to. 
Don’t just imagine doing it, or do it silently, or do it half-heartedly — actually do it. 
Unlike an avigator who uses a layout map to recognise roads, rivers, ranges, coastlines, etc, from the air, 
a walker needs a nose-eye view... 
MAPS DON’T DRAW YOU A NOSE-EYE VIEW — SO YOU HAVE TO! 


Examine the Skyline BEFORE You Walk up to It 


That might mean looking behind you, six hours ago, or to left or right, right now, 
because the skyline ahead of you rapidly disappears behind foothills, just when you want a clear view of it! 








A clear view of the skyline is uncommon, so you need to take advantage of any skyline view while you have it 
— and that is often anywhere else except where you want to look — ahead. 


Circuit walks and return trips mean that, if you haven’t habitually looked at the surroundings abreast of you & behind you, 
you won't be able to recognise what you are walking up to later. 


One way to recognise the skyline later, is to use it 
e.g. use it to keep track of bends; to keep track of progress; to disclose hidden valleys (by parallax or haze). 


Another way is to name what you use e.g. “the hill behind the dam wall from camp 2—Dam Hill” 
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Lie of the Land; Tracks 
Mnemonic: “Down in the Mouth” 


“Downstream” is “Down to the Coast”. “Which coast? Which river mouth?” 
Until you have answered that, you are disoriented. 


You pass a creek-bed or a flowing stream: “Which way is it flowing?” is only half a question. “Where is it going?” is the other half. 
You turn and head ‘downhill’: You think ‘Down’ — then say: ‘Down in the Mouth — Which mouth?’ 





If you also ask “Upstream? To which ridge?” there are many possible answers because upstream is divergent. 
Nonetheless it is good to know whether a river reaches to the very edge of the valley — whether it is a ‘major’ tributary. 





Which way is the flow? 
In dry, flat creek-beds, examine the tilt of the rocks... If any rock ever tilted up into the flow, it would be flipped over. 
Examine the silt build up — on the sheltered downstream side of any obstacle. 
Look for flood debris — matted against the upstream side of branches. 
Consult your artificial horizon, if you have one. 


few eee ee 
——> 


Side-view Top-view = ——_— 
scoured ee 2 
clean 
(This is much like grass tussocks in the wind.) 
H int Don’t think “this side” & “the other side”. It only makes sense for the one main lowest riverbed. 


Think: Up-catchment/down-catchment/cross-catchment, overall, & Port half/Starboard half of the whole catchment in question. 
(as seen from the coast, looking upstream) 
Think plural: “the other sides”/ “another side” in the network... 


hich ‘side’ of the river are you now? “I have crossed to another part of the drainage system” 
Another possible answer: Examine the map for the contour heights of each channel for the lowest one. 
“We are now in the starboard half of the catchment” 


The Difference between ‘Direction’ and ‘Track’ 


‘North’ is a general orientation reference direction. But ‘North from here to there’ is a specific route 

— a ‘bearing’, ‘line’ or ‘track’. 
| ‘This road points toward that Gap’ will never change 
| — itis a fixed ‘track’. 


‘Stick to a direction’/a ‘heading’ means e.g.‘toward sunset’| 
| 
It can start from any point, | cf. | ‘Stay 5 miles off the lighthouse’ is a (curved) line of position 
| 
| 





| —a track. 
and sidesteps around obstacles, | ‘From this stump, past that tree, to the rock’ 
without bothering to return to track — sticks to a fixed straight line, despite detours. 


So the final practical ‘interpretation’ of, say 270°T., 
is not ‘West’, not ‘sunset’, nor ‘Pot-set’, not ‘THERE!’, not a drawing in your notebook, Not ‘How hot it must be in Baghdad!’ 
but is a navigational track... “From this place to... that particular tall tree” “Then we will get a line on another point directly West” 


I.e. Interpret a ‘compass course’ , finally, into accurate, achievable ‘legs’—‘on track’. 


Continuous bends 


Riverside tracks are especially sinuous, yet slowly so, so that they are deceptive. 
Beaches near headlands, and lake edges, are especially insistent in their constant bending. 
Contours, constant horizontal angles, and constant distance-off, are all continuously curved. Aqueducts follow contours. 
Consequently we are necessarily continually disoriented, in following them. 
No sooner do we get our bearings straight, than we lose them. 
Logically then, you need to orient, not by a direction e.g. the Sun, but if at all possible, to orient by a ‘track’ 
i.e. a particular path on the ground — it doesn’t have to coincide with your own track, but it often will 
e.g. from headland to headland. (The beach will then lie wholly on one side of this shortest distance ‘track’.) 
A visible, noticeable, landscape track is best e.g. the biggest river valley around. 
You now can feel continuously oriented to something fixed, something which you can see & ‘feel in your bones’. 
As a second best choice, choose a fixed compass course e.g. a rhumb line, and watch where it intersects the landscape. 


Follow the bends by anticipating the trends 


Before you drive off, or plunge into the twists and turns of endless undulations, examine the map for your average course 

— to give you some overall reference track ahead of you. It may be mental, or visual, or by compass. 

You can see when you turn to the left or right of it, direction-wise. You can feel it when you drift too far to one side, track-wise. 
Interpret each leg meaningfully. E.g. “toward the morning Sun” 

(the time of day doesn’t matter). 

E.g. “Keep Mt Wellington on my port quarter”. 

E.g. “From the pine trees to the river mouth”. 

Divide the journey into recognisable sections, if it helps... 


Make this a first priority, before studying any details. 
Preferably, mark them lightly on the map. 
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Section 3: Interesting Stuff—Bush Navigation 


“Mosses Mop up Moisture” 


° “Mosses grow best on the shaded side of a tree” or a rock, ° where there is not enough light for competitors 

° where there is little soil to hold the moisture, ° and it doesn’t dry out ° and often there is too much moisture for other plants. 
Mosses actually monopolise the moisture 

In hot places it is the late afternoon which is driest, so it is the sunrise side, in a sunny climate, which is the moister side. 


No noon 
Note: Dead moss is black and brittle. a 
afternoon morning a 
Examine fallen logs — the shady side has a sheltered dark crevice... \\ 





Summer sunset Sunrise 
In a hot climate, it may be more accurate to say, 
(SH) “Mosses grow best on the sheltered side” 


Examine ditches — One side might be scorched, the other, lush. 

Examine bumps in the ground — One side is greener, with more moss and taller grass. 
Examine underneath shrubs — for the moister, mossier, greener side under the bush. 
Examine intertidal rocks — for moss-like seaweed growths on the shady, wetter side. 


“Lichens Like Light” 


Lichens don’t mind being dried out, so sometimes they are opposite to the mosses. However, not all lichens are so robust. 
Lichens are fungi which live off algae entrapped and protected within (“Fungi Feed on Food”). They may live on mineralised substrates. 
They are therefore very colourful. So the best way to learn lichen-likes is to open your eyes to the colours of each direction... 
You may see white blotch lichens looking downSun but not upSun. 
Yellow blotches may all be only looking uphill, not downhill. Leafy lichens like the shady enclaves, not the Sun-drenched flats. 
Crusty greys and fibrous green might cohabit the underside of branches. “White paint” may only grow an the top of any rocks. 
Orange granite might be just above high tide level, etc. 
Diffuse lichens colonise the crumbly side of a sunbaked rock. Flat-topped rocks are trampled and won’t have thick lichens. 
Look closely at surface colours of rocks and barks and soil-crusts— they may be due to diffuse lichens. 
Look on the branches of shrubby growth — the lichens will grow best on one side or the other. 
The idea is to start looking locally, before you need them. It’s a nice hobby. And hobbies keep you awake and observant. 








“Fern Fronds Face the Front” i.e. the sunny side 


Looking down-Sun, you'll see an array of green topside fronds flat on. 

Looking up-Sun, you'll see more undersides & yellowness & edge-on fronds. It may not always show, but is clear when it does. 
Tree ferns retain their lower branches longer on the sunlit side, and so seem to tilt toward the light. 

(But in a windy place you will notice that the permanent lean, curve & frond-fall of ferns are downwind.) 


Make a Mental Movie 


Memorise a spectacular cliff looming closer overhead. 

Watch the shape change. See the foreground shift. Notice the colours and contrasts. Look at the landscape flow. 
Describe the silhouette. Peer into the deep shadows. Scan the skyline, looking at each interruption or change in trend. 
Appreciate the hazy distance. 

Follow a complete outline around, naming its shape. 


Don’t forget to “record” the sound-track! 


Initially try a full production only for beautiful memorable scenes. 
With practice you may find that your memories stick for more and more locations. 


Take Mental Photographs 


Familiarity and Recognition are primarily visual. Your visual impression is adequately vivid, but your recall of it is faulty. 

So put handles on the memory and you will be able to revisualise e.g. “where we found the weather balloon”. 
To give your memory something to recall, take a detailed look. 
The tricks are simply to give it a go, and to notice the specifics: 

The colours, shapes, skyline, peculiarities, sequences — Talk about them. 

Play a game: “Your turn: what else can you add to the picture” 

Overlay some geometry on what you see — e.g. the log is parallel to the path and as far from it as the log itself is long. 
Now close your eyes and see what you can reconstruct. Open them again and notice where you were wrong or were lacking detail. 
Repeat this a few times until you could picture it in bed the next night. 





Mental photographs are, after all, your take-away memories. 
They are what names name; what “directions” talk about, what ‘recognition’ and ‘familiarity’ is based upon. 


Take a Mental Photo of Each Change of Track 


Where one subsection ends and another starts 
— Look forward onto it, with the old terrain in the foreground and the new terrain joining on to it. 
Now walk past the join, Look back, take in another view, with the old terrain now in the background. 





This adds visual sequencing information to individual memories. 
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Lie of the Land; Tracks 
The Inside of a River Bend is Flatter Ground 


The inside of a meander may be wider, sandier, marshier or of different vegetation. 
On the outside of a meander, cliffs form, through ongoing undercutting. See also p.56a about the steeper North bank of a river (SH). 
Consequently plan ahead and work out when to swap sides to find the easiest walking. 





If the track becomes steeper underfoot, that would mean that you could be on the outside of a bend. 
Check to see whether your heading has changed with the bending river. 
If the track becomes flatter underfoot, this may indicate an inside bend (or a river junction) 


Rivers Bend! Don’t Forget to Look Backwards 


Obstacles cause creeks to change direction. Outcrops of bedrock and creek junctions, for instance, cause bends, and this may be shown 
up ahead of time, by ridgelines pushing in closer, as you follow a riverbed. 
Expect to meet a new creek clinging to the base of any ridge or shoulder which crosses your path, and also expect to change trend. 


In addition, to that cause of bending, rivers follow contours and so usually are on a curved course anyway. 
Furthermore, in the flats, rivers never follow a straight course but will ‘meander’. 


So if, while following a creek valley, you notice the slope underfoot changing, or the vegetation altering, watch out that the creek 
doesn’t leave you, by bending away from you! 


If you find yourself in the middle of a larger than normal river flat, suspect a river junction, and be very careful interpreting the trends. 
E.g. you may meet ‘the river’ ‘coming back toward you’ when you were trying to go downstream! 


So you can easily lose orientation while the winding river-track follows the lie of the land and gradually wends its way around corners! 


Look ahead to catch the trend — and interpret it. 
Look back, to see the extent of the curve. 


Rivers Meander. Ridges Run Straighter 


A ridgetop route will often prove shorter than following a winding river. 


Keeping a Compass Course, by Legs 
You can’t see far ahead, but you can line up a rock or a bush which is in the right compass direction, then walk up to it. 
It doesn’t matter how you get there, as long as you get there. 
Repeat the procedure, even if you can see far ahead — because, if you are merely following a compass needle or a distant landmark, 
you can “side-slip” off track. 
Your eyes are freed from the compass needle while you walk. 






Across the creek; Up the hill; Down the ridge; Through the tussocks 


a NLL 


‘Straight’ forward! 


Required course 


Turn Smooth Bends into Sharp Jumps 


Your brain wants something to “latch on to”. A smooth bend is just the opposite! So make a series of straight-line “legs”. 
You “let go” of the last leg, and make a definite jump, to “latch on to” the next leg, and your subconscious smiles, and remembers. 


E.g. ‘compass North’; then ‘to the tree’; ‘to the peak’ 
N 







Cut the corners as much as you can and extend as far as you can. 


Mind Which Way You Go 


The related problem for your brain is: “nothing critical is happening” 

— no Junction, no decision, no dilemma, no emotion, no change — 

Try imagining “Oh I hate veering left; I do hope the track tends right” 

— to give you some reason to judge the overall trend, to notice the bends, to remember them. 
Lay a bet as to which way a track will trend! Keep a tally, with pebbles, or by counting with the 0, 1, 2, 3, 4 system, 
— and have a good argument about it. 

“Will it reach 100°?” “Will it drop past 0°?” 


tree 
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Section 3: Interesting Stuff—Bush Navigation 


Bush Noon— The Sun is Always out, If You Know How to Look 


Trees & shrubs live in the light, day in, day out. You would expect that they should respond to the light, and lean or reach out to the 
strongest light, and throw out more branches and more leaves to the bright side. 

The disposition of branches and leaves stays in view even when the Sun isn’t out, and it lasts longer than a cloudy spell. 

Although the Sun is a huge factor in explaining foliage asymmetry, be aware of other factors... 





7 A lake or sea can double the light intensity on one side, pulling the foliage toward it. 

. A clearing will let more light in on one side. 

# Down slopes allow the trees to see more skylight on the down-side, and less skylight on the up-side. 

. Other trees can shield a tree from the Sun. Look especially for recently fallen ones on the ground, to explain standing branches 
7 The tree itself shields its own branches, so that most growth is simply outwards. 

- Unrelated factors like gravity, wind, and wood collecting, alter the shape of a tree. 


However, if you average out all the other influences, you should be left only with the noon-side Sun’s influence — “Botanical Noon”. 
With adequate practice you should never again be “lost in the bush” because it is the thick bush itself which will tell you where North is. 
You may have an initial hopeless feeling of “I can’t see any meaningful asymmetry!” but the feeling will be temporary (eventually!). 


Of course, this works best only where the Sun is always one-sided—in nontropical latitudes. 
Hint: If a tree confuses you by pointing in the wrong direction, go over to it to learn why. 


False Asymmetry 


The slope of the ground False (“Chalk and Cheese”) comparisons 

may be forcing the asymmetry, abound in Nature. True asymmetry is there too 
rather than the differential in the lighting. Your task is to sort it all out. 

In the second diagram, there is asymmetry: 

A is ungrassed; B is grassed. E.g. Shaded foliage sees mostly blue skylight, 


which should make it long and lanky, 
compared to the red-end light from the Sun 


Fa Ise Sym metry E.g. the West side shadow is frostier for longer 
C and D are both grassed. and the East side shade is cooler in the p.m. 
True Symmetry E.g. the North side soil will be warmer deeper 
B and C are both grassed. than the South side of a thick hedge 


Dirt road wheel ruts... 






alti 





True Asymmetry 


A and D are differentiated from each other. 





B c Look on the ground beneath a shrub, or log, 


for asymmetrical shade and shadow effects. 


Remembering the Sequence, Needs More Than Logic 


Logic is logical and helpful e.g. The bridge was after lunch because we were worried about the crossing over lunch. 
The red rock was after that, because the second creek was dry — it had all those beautiful red lichens in it. 
Then the funny tree was where we had chocolate, i.e. 3 o’clock stop. 
But logic by itself is not ‘sexy’ enough to be emotive and memorable. 
So deliberately add some emotion... 
E.g. “lunch”, “worried”, “beautiful”, “red”, “funny”, “chocolate” 
You may need to add a song and dance, a gimmick, a clue to the time or sequence, distance or linkage. 
The trouble with a memory gimmick, is that you focus on the gimmick, not on the memory itself. 
E.g. If you use an acrostic, remember to feel the sequence of it, as well. 


DO Something NUMERICAL 


E.g. Lean one stick against “Walking-Stick Cliff” at one o’clock. 
Sing two songs at “Sing-Song Pond” at two o’clock. 
Make three cairns at three o’clock at the “T(hr)ee Junction” 
Make four arrows on “Four Arrow Slope” during four o’clock. 
Do it. Don’t just imagine yourself doing it. 
E.g. Scratch numbers in the ground, in sequence, as you pass points of interest. 
e.g. “SFF” (the 5th stop, with the flat floor); “6SS” (six sizzling sausages—the fireplace). 


Make a SHAPE; Match the SHAPE 


Every or location in a forest track or in open country can be recognised from its peculiar shapes. Every bend or fork can be matched 
to the forest, or the shrubs and stones, so both the bend or clearing and the surroundings can be remembered, with joy. 

Locations: What does this fallen log point to? What is parallel to it. Place something so it does make a shape. 

How many shrubs do these three trunks enclose? What face or picture can you make out of the bushes, rock, clearing and the creek? 
Do you see that line of tussocks; that clump of trees half-way up the slope; those parallel gutters; that oval of sand-dunes? Where 
does it drain? What direction between those paired stags? 

Bends: ~Look for a tree trunk leaning over at the same angle as the bend of the track, preferably leaning over the track or bend and 
in the right direction. The tree stands out from all the others because of that. (Any lean at any angle in any direction will suffice.) 
~Look for a branch pointing in the new direction, or curling, or bending in a way which mimics the track-bend. 

~Look for a log lying parallel to the new direction, or any ditch, or line of rocks, or outcrop. (It doesn’t have to match.) 

~Look for a large rock nearby which fits the shape of the bend, or orient it until it does. (Matching shapes are always the best) 
~Look especially at the tree trunk, or the shrub which blocks the straight line of sight ahead, or the shape of the fallen-over trunk in 
the way. E.g. “I'll fall into that black hole in the trunk if I keep going straight ahead! I’ll have to swerve”. “I need to go around that 
round stump”. A tree right at the bend will be visible from both directions. 

~Look for a forked branch which matches the angle of a fork in the track. A series of parallel branches at the fenceline. A couple 
of trunks leaning towards each other over the gateway. A tri-parallel set for a creek with two banks. 

~Look for a branch which points downstream. Watch it for the next 50 years as it grows. A tree recognised is a friend for life. 

~At a noticeable uphill pitch, find a leaning tree trunk and imagine climbing up it. 

~Some leaning trunks can be interpreted in reverse... from top to bottom, to indicate the new direction. 

The more you latch on to a peculiar shaped feature and the more you study its peculiarities, the better your recognition will stick. 

Try to double up on the first peculiarity to clinch the recognisability. A matching pair of branches. A second confirmatory log. 

You will have to look backwards at each bend if you want it to work well for the return trip. 

Every bend and feature is a good chance to recognise another couple of trees. You stop at the bend and look around for your “friends”. 
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Lie of the Land; Tracks 
Land-Form 


Work downwards from a ‘Big Picture’ understanding. Start with a small-scale geology map, showing overall elevations. 
Continental-scale domes (anticlines) & depressions (synclines) explain the overall drainage and watersheds. 

Fault lines — shown by escarpments & cliffs — and individual ranges, interrupt the overall scheme. 

The geological layers may be visible connecting across large distances. 

E.g. = - - 







Range Range 


‘asy walking on this side—don’t walk = 
‘against the grain’ of the en 


Plain Plain 





Layers become hardened and resistant to erosion when they are bent concavely upwards. They are compressed rather than fissured. 
Convex layers are fractured and easily eroded, because they have been stretched. They will have been eroded away. 
The present landform is a result of the erosion history on the previous landforms. 


Hint 
Most peaks have a steep side and a gentle side. Don’t forget to make a mental note of that trend 


in relation to the rest of the land and the other visible peaks 
— you may notice a pattern, or simply keep your overall bearings better, or recognise the peak later, from afar. 


What Makes a Cliff and an Overhang? 


Reverse slope at the beach The outsides of river bends 


Resistant top layer 









Water seepage at the change 


Wave action undercutting 





The cliffs migrate outwards 
Waterfalls form at hard layers, at fault lines and at escarpments. 
Look for outcrops striking across the land. 


“End the Bend” i.e. Notice the Un-Bends 


A bend is not simply a sharp corner, not just a change in direction: ‘end of story!’. 

It has a start, a curve, and a finish, where it straightens out again. 

The curve needs to be named as a whole, measured as a whole, and thought of as a whole bend. 
Look for the dividing points between successive curves Z S 


The arrows show where a curve to the right changes into one to the left, 
(a Z bend), & vice-versa (an S bend). These are “points of inflection” 





— a straightening out, and remaining straight, is the other possibility. 
Incorporate half of the straight section into each adjoining ‘bend’. 
At the end of each bend, reorient yourself — look behind, at the compass, at the Sun and your shadow. Point to ‘home’. 


Name the Bend, By the Trend, of its End 








Trend: Left, toward Mt Michael e.g. “Viewmont Bend” ee 
Right away from camp e.g. “The Long Right Leg” eae aN ee 
Left into Lake Jordan e.g. “Left it down the Drain” a eo eee 

Handedness: Hard left around the spur e.g. “The West Bank Left Bank” ————"_ a 7 
Half left from the creekbed e.g. “The Left Contour” = = 
“Clockwise Climb” ea, 
“Right around the Bend” Bends will often alternate. 

Direction: “Ending with Sunset in our face — Sunset Slap” 
“Turning until the Full Moon Rises on our Right — Werewolf Way” 

Compass: “North Now, to Alaska” 


“Left-Sou-West” 
Add some description 
to seal the uniqueness e.g... Skyline: “Lone Pine Ridge” “Three Tree Hill” 
Detail: “Uphill; On the Left Bank; Just past the river crossing; at 10 a.m.” 


Notice and Name Perverse Bends 


Unexplained bends, or ones which buck the trend, deserve a name. 
Most bends are predictable — around obstacles — at creeks — around shoulders & outcrops — shortcutting 
— contouring around sloping ground — at Y-junctions — joining with disused overgrown tracks 
E.g. Seaside roads will hug the coast, go diagonally downhill but upstream (into a valley) and climb diagonally out of it, downstream 
— as a compromise between shortness and flatness. 
E.g. For the same reason, tracks will often change direction at a creek crossing. 


So name the curves that go against the flow... 

E.g. “Sinister Switch” (Latin for left) “A Dextrous Diversion” (Latin for right) “Unorthodox Twist” (Greek: not “right” = left) 
“A Wandering a Way” “Aimless Avenue” “It shouldn’t’ve gone left!!” “The I’m-going-on-strike Uphill Bend” 
“Mind Bender” “Morally Bent” 
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Section 3: Interesting Stuff—Bush Navigation 


From underneath, next to the trunk, you can look up in all directions and see which side is leafier. 
Looking side-on you may see one solidly green side and the opposite side patchier in its cover. 
|| [ Trying to look through the foliage to the back of a shrub, you will have most difficulty on the North. 


The Lowest Leafy Branches are on the Noon-Side 


Looking from the sunny side you see a lower branch or even a wall of greenery, right to the ground. 


SV Vee Low branches on the shady side are often short, dead or only thinly covered with foliage. 


; = Higher Density of Leafiness on the Noon Side 
3 


Looking toward noon, you see more trunks, dead wood & grey-brown sticks. 


“It’s the Shady Side that Shrubbery Shows up” 


In practice you don’t look for the noon side, but for the absence of leaves low on the pole side. 
Looking toward noon, you see ill-developed shapes. Many plants will throw out branches and leaves 
in profusion in all directions, but you seek out the one direction which is different — the one less 
densely green — where the light is in short supply. It is the ‘light null’ for solar direction finding. 
Look for where no vegetation leans: “No stems, plants, branches point in that direction”. 


Tall, Steep and Ragged Backside 


Shade-side branches often reach for the sky, and are more vertical on that side, making it steep. 
-_ The noon side will be more of a smooth continuous wall of greenery from low-down upwards. 


Wedge-Shaped 
Looking away from noon, you see smooth and continuous foliage, slanted down toward you, 


/. often clinging right to the ground, like a wedge. 
Looking toward noon you see flat tall backsides of the bushes. 


Hollow under the Shady Side 


You can stand closer to the trunk, or at least see more of the trunk more clearly from one side. 
Down low on the shady side is where the light matters most. There may be space enough for a 
A> branch but not light enough. On the sunny side you will see leafiness deep into the low recesses. 
I m pe rfect S ha pe on the Shady Side 


he te i Many shrubs seem to adopt a perfect dome shape, until you look more closely. 


c rays 4, Ga ps on the Shady Half. 


The backside of shrubs is often tall, untidy, and lacking leafy branches, close to the ground especially. 


Dead Branches 


The overall shape may be perfect, but one side is alive and green, while the other side lacks leaves. 
“Dead” South. There is a scale-effect to dead-south: The larger bushes have more depth of foliage. 
The more foliage up-sun, the darker down-sun. Only the larger or thicker bushes work best. 


} 
fe 








Use a Type of Memory which you are Good at 
Combine the methods for the most memorable effect. 
E.g. pictorial — join images. Make them touch or glue onto, squash or hold hands, follow logically or overlap a (=e 
— use a Stack of pictures to put incidents into sequence. 
“After the bridge we came to a red rock and then sat down for a snack at the funny tree” 


E.g. ditties — A Capital Tee of Tall Trees at Three O'clock. ae ; 
E.g. invented “associations”— a vivid or absurd image like a Tasmanian Tiger eating that hill. ta 
Paint it in partly related colours, with shapes and other senses involved, to give extra “handles”/clues. si Bee 
E.g. Imagine successive scenes in an invented journey/building/furnished room/street scene/pattern points. a 
Emphasise movement, and links between stages. Make it visual, simple, exaggerated and appropriate. 
e.g. “I went inside the cave and talked to the sleepy bear (Ranger) about the bearing to follow, and he i. 
said “Seek the morning sun”, so coming back out I turned to the east until I met the keeper of the ae 
bridge who said “over my dead body lies the path to right; and left”. So climbing up over him... 
E.g. numbers — One Wooden Bridge, Two Red Rocks, Three Funny Tree... to reflect the hours of the day tt 
Make up a story with rhyme, from e.g. 1, bun for lunch, 2, through the dew, 3, see the sea... 7 rhymes Ss4 bee: x 
with leaden/Heaven/redden, 11 with Aladdin/pelican/caravan/a raven, 12 with elves/shelve/delve/selves hy MY 
E.g. shapes — Make a 10-rock pyramid at the 10 o’clock stop; an 11 stick teepee at 11; a 12 leaf hexagon 
— e.g. see-saw on a log at 7 and draw a see-saw in your notes—it has 7 corners. 
E.g. You can weave a story, of invented images to go with the times of day. A 
e.g. each digit looks like a... 0 hole/ball/eye, 1 stick/pen, 2 cobra/sphinx/swan, 3 bosoms/camel, 4 yacht/picnic chair 
5 measuring scoop/wheelchair, 6 bomb with a fuse/yo-yo, 7 arrow/step, 8 shotgun/glasses, 9 balloon/comma, 
10 ball bouncing off a wall/golfball off its tee, 11 jail/stump/goalpost, 12 jail-break/caged lion. 
E.g. acrostic — 7 a.m. Z. for Zero Rule Zero: Don’t forget to pack the lunch!....7:15 A Bend Ain the Creek 
7:30 B Bridge across the River at Bend B. 7:45 C We didn’t Cee the third bend on the map! 
Using this method, elapsed hours happen at Z,D,H,L,P,T,X i.e. every four letters. 


Use the Name of the Track for the Acrostic 











L ying down tree *Every quarter of an hour, look for things beginning with that letter to remember that kilometre by. 
E ee! There’s a bull! *four letters make up one hour *Use stepped word pairs, ‘Lying East-west; Exciting Exit; Extra Searches 
E e-normous bracket fungus *Do Something Alphabetical 
S wim E.g. Lie down at L; Scream at E; Examine the fungus at E; SPlash at SP 
*Make all your names begin with that letter e.g. Pot-holes, Pines, Possum trees, Possible campsite, Photo 
P addled Across *Write them all down, but try to memorise the best one. 
A Iternative Detour *You can attempt to improve the sequencing, by taking the letters two or more at a time e.g.... 
D LE In the Lee of the lying down tree 
D EE EEE! 
oO ES E.S.P. told us to find the track next to the E-normous bracket fungus 
Cc SP Splash Splash. Had a Swim 
K *Try also to relate picture to picture in sequence e.g.... 
S Look at the Long horns on the Lying down tree; Enormous bull!; Enormous bracket fungus, 


dripping with water... Swim! 
Acrostics combine individual memories with a clear sequence — firstly by letter, and secondly, by overlapping one pair of letters 
with the next, and thirdly by overlapping one picture with the next. 
You have already memorised many long sequences of letters, e.g. the words of a song, which could be used as a unique acrostic. 
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Lie of the Land; Tracks 


Headlands, Bays, Prevailing Winds, Longshore Drift of Sand, Creeks 


Headlands are ridges. Bays are valleys. 
The ridges determine the headlands, bays, creeks, and — look for this — the position of offshore rocks and islands, 
especially where a ‘point’ marks a change in the trend of the coastline. 











Island Reef wtyiy' 

ee ie ale ll ee 
Seana drift =" 

—, JE sand spit Prevailing wind 






Bay (Valley) 





Lagoon 









Flat; dunes This creek changes course near its mouth 


The creek clings to the due to the longshore drift of sand 


Pole-facing side of the 


headland 
TS One main creek per bay 
Beaches — Slope, Particle Size, and Wave Energy 
Energetic erosion washes away any small particles. A flat beach reduces the energy of breaking waves. 
A steep beach is a high energy beach with big particles. A low energy beach is flat with small particles. 
When it is deep offshore the waves break with high energy. Sandbars and shallow sandy offshore seabeds 


make the waves break over a long-distance. 


o 2 5 er, Stree) Up ee high energy well offshore 
- e .-. =e, = 2 © ee 
Sy flat onshore BONEN a 
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flat offshore wide overall 


Much the same seems to happen on land slopes — the flatter slopes have fewer rocks. I.e. the accumulated silt which is not washed 
away by surface water, covers up the larger rocks. 


Sea-levels have been much higher in the past, so that there will almost always be buried boulders just above the present seashore. 


Look Through the Trees, to the Sky and Skyline 


This is a habit which stops you being befuddled by bends. You focus on the most distant thing you can see... 
: E.g. the farthest tree trunk 





“ E.g. the skyline — ridges, gullies, peaks, light/dark division 

E.g. the clouds — but do stop to examine their movements occasionally! 

- E.g. the Sun, the Moon — obviously the best, but they move too, and... don’t look at the Sun! 

. E.g. the dark blue polarisation band — Use Polaroid sunglasses if you are walking a forest track and can see only the sky. 


Don’t forget what is abreast of you e.g. a particularly tall tree. If you need to, look behind for some reference point. 


Habits take practice to develop. This one is easy, because once you appreciate it, you won’t want to give it up. 
— It turns many small bends into a few major trends — 


Periscope 


Climb a tree. Climb a hill. Stand on somebody’s shoulders. Or try this... 
Attach a mirror (bigger = better) at 45° (try to be exact) to one end of a long stiff stick (e.g. a fishing rod) 
— then scan the tree top horizon for landmarks. 


Navigating by Trees 


Tall trees on high ridges stand out against the sky and are visible for miles around. 
Get to know the biggest, tallest, most visible ones. 

Individual trees, gum trees especially, are wonderfully fingerprinted, by their branching pattern, outline, position & orientation. 
E.g. look for the direction between the two largest branches. This stands out like a weathercock whenever you glimpse that tree again. 
E.g. locate the relative positions of a handful of the best trees, so as to cover a wide area. 
E.g. try to note the relative direction of pairs of trees. 
Most big trees will have large branches to noon. So look for big branches which are not pointed to noon. 





If you keep looking through the immediate green barrier for more distant (unmoving) skyline trees — 
you will notice them and recognise them surprisingly often. 
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ae 
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Section 3: Interesting Stuff—Bush Navigation 


‘Solar-Panel’ Tilting of the Canopy Top 


Some trees may be ‘flat-topped’, but they are not ‘level’. They tilt toward noon. Best seen from side on. 


Wedge Shaped 


Branches seem to know when to stop growing, and so manage to display 
a fairly uniform, slanted flat wall of leaves toward the outside and especially toward the light. 


ya 
wiht 
” 





eat aly 


Lopsided Lean 


Branches on the backside usually reach higher to bask in the skylight. 
Branches on the front side are more horizontal, lower and longer. 
Some trees don’t seem to try to compensate and simply leave their trunk behind, on one side. 


Half-Dome 


| — an extreme case of a steep back side 


' 
ee. NOTE that all these signs work best in open woodland, not in forest understorey, but not always... 


One-Sided Leafiness 


E.g. Banksia trees 
Such extreme asymmetry often only occurs in the understorey — where light is limited. 
E.g. After a bushfire a gum tree revegetates from the trunk — most leafiness survives on the sunny side. 


Individual Branchlets 


— show similar shapes to whole trees 
— tilted, asymmetrical twig patterns, one-sided leafiness, etc 
The effect will show up best on the east and west sides of a plant, where the lighting is most asymmetrical. 








Bare Backbone 


~ Look for it on individual branchlets, on the rear-side of main branches, and sometimes on whole trees. 
You could run your finger up the entire length on one side of many shady-side branches. 


Group Several Related Images into One 


This is a standard method of making your memory ability efficient. 
You have less items to remember—they become a few memory prompts, each to a handful of items. 
E.g. 4 groups of 4... 6,7,8,9 a.m. / 10,11,12,1 / 2,3,4,5 / 6,7,8,9 p.m. 
Write each group out visually shaped e.g. at the points of a square for a group of four 
with 2 opposite squares for a group of eight 
inside an infinity sign for a pair of items 
List the hardest to remember items, first and last. 
Group the shapes i.e. the groups, into another visual structure. 
Use symmetry wherever possible—it makes it easy to recall. 








The Start-Stop-Rest mnemonic (see Section 5. p.110) is a good example of this “clumping” technique—never more than a handful of things to 
remember, yet it leads you into hundreds of points. 
Put the S for Sky at the top, and use a hexagon for the six start up points. Use a clock-face for TIME, and the compass-rose for NSEW. 
Balance it all on a triangle, for the 6 a.m. start 

Sky on Skyline (see p 110) 

T 


A 
R 
T 





P.R.E.P.A.R.E.D. 





PRAYER 





T.I.M.E. N.S.E.W. 
UP 
& Watch your Progress Forward & W.E.A.T.H.E.R. 
LEFT RIGHT 
Show the 6 directions in 3 dimensions... Back 
DOWN 
3 parts for “6/A/M”... 
AAAAAA MMMMMM 
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Lie of the Land; Tracks 


Rock Typing 


Hardness — how easily eroded. Keep trying to scratch it until you find something just harder than it e.g. your pocket knife. 
Colour — what colour silt. Scratch it against harder rock and look at the colour of the crumbs. 

Sedimentary — the components are not of local origin. Layers — sedimentary origins. Melted sediments — crystalline bands 
Sand content — grano-diorite — pale & silica rich. Clay content — basalt — dark & mineral rich. Mineral crystals in it. 
Crystallisation — small crystals mean rapid (surface) cooling; large crystals means slow (deep earth—'‘plutonic’) cooling. 


Mineral content — what sort of soils does it produce? Flakiness. Behaviour in fire (Caution!)— it cracks, blisters or explodes! Melting pt. 
Density, Magnetism, Fracture Pattern, Transparency, Permeability, Acid Solubility—evaporites and marine deposits may be limey. 
Understanding these details is a key memory aid, since it gives you more meaning to look for, to memorise and recognise. 

E.g. in basalt areas expect a more diverse & rich flora & fauna. 

E.g. in the sandy plains, expect rivers to run underground, trees to have deep tap-roots and to line only the dry watercourses. 

E.g. in dry sedimentary areas, look for a harder ‘evaporite’ layer underneath. 

You don’t have to identify the mineral, but you should characterise the rock type. 


Soil Typing 


Climate drives soil typing. What is the climate? 

Latitude drives climate. What is the latitude? 

High altitude mimics high latitude. What is the altitude? 

How is the local climate modified? Look especially for temperature and rainfall factors. 

E.g. ranges upwind? A cold landmass? Warm ocean currents up-weather? 

5. Evaporation produces salty limey evaporite deposits, whenever the evaporation rate exceeds the rainfall rate. High-temperature 
and wind, speed up evaporation. Flat inland areas receive less rain. Where rainfall exceeds evaporation, the soils are acidic, 
leached, and deep. Does the evaporation rate exceed the rainfall rate annually? 

6. Climate drives vegetation as well as soil types. Soil types drive vegetation. The three go together. What is the vegetation type? 

7. What is the parent bedrock? Granodiorite produces pale, sandy, friable, well-drained, mineral poor soils. 

Basalt produces dark, clay, dense, waterlogged, mineral rich soils. 
Warmth & rainfall aid chemical weathering and erosion rates of the parent bedrock, and so produce deep soils. 

8. What are the relative constituents? Shake some soil and water together in a glass jar and leave it to stand until it is layered. 
Organics & charcoal float. Heavy minerals, pebbles & sand sink. Silts lie on top of them; then clays. Colloids remain suspended. 
Organic remnants accumulate in soil when it is warm enough to grow plants, but cold enough not to rot them away quickly. 
The decay of organic materials then provides acids for leaching, provided that high rainfall doesn’t dilute the organic acids. 

Can you see from the sort of soils how cold and wet it has been? 

9. What are the depths & layers of soil? It is leaching which transports poorly soluble salts to lower layers, until the water table 
dilutes the acidity. Subsoil clays also accumulate where leachates are deposited. Evaporites accumulate just below the surface 
and above the water table. Dry areas have poor soil depth due to slow bed-rock weathering and erosion rates. 

10. What is the soil colour? Red indicates partly leached soil — iron and aluminium salts remain. Paler, ash-coloured soils are left 

behind after further acid leaching. Black soils result from poorly drained unleached soils. The importance is that leaching 

reduces fertility due to the lack of soluble plant foods. Leaching is aided by warmth (except in the case of limestone which 
dissolves better in colder climates). 


PWN 





Bush networks 


The bush roadmap is made up of a network of interleaved ridges and rivers. 

Instead of a major road or a minor road, you have a main ridge or river, shorter ones, and dead-end ones e.g. a ‘shoulder’. 

A ‘cross roads’ is where two creeks & two ridges meet — a saddle. 

The seashore corresponds to a boundary fence; Peaks and islands act like townships — they are a focus of ‘roads’ and ring-routes. 


Don’t Navigate by Networks Only 


Networks are fractal — big creeks have little creeks running into them; walking tracks have side tracks branching off from them; 
big ridge lines have little ridge lines running off from them; 

dirt roads have smaller dirt roads which have still smaller dirt roads joining in. 

That is why it is difficult to recognise the scale of any map just by looking at the networks on it. The more detailed the map, the more 
detail there is to show up. The smaller scale the map, the more detail has to be left off. 


So there will always be small creeks, unmarked roads, minor tracks and minor ridges to tempt you into thinking 
“This one is what is marked on the map”. 

You will likely find one “exactly” where you look for it, but it may not be the right one. 
Don’t navigate simply by expectations of network junctions. 
E.g. the next creek-line has a 50% chance of being “just as I expected it — a creek-line coming in from the right” 

or if not expected, the 50% chance is that you will say “probably just not marked on the map”! 

If by chance it is actually correct, it will only encourage you to continue navigating by network, 

but you won't always pick the correct one. 





Antidotes For Guessing at Network Junctions 


“ Distance covered. Accurate measurements of progress can eliminate some minor junctions which are “almost” where you 
expect the desired junction to be. 

* Trend — of the junction branches. I.e. the directions must match your expectations too. E.g. “Each side of North” 

. Landmark bearings. Try to separate identical looking junctions by cross-checking their position in relation to skyline features. 

a Care. 

s Count. Look-alike branches are nonetheless unique, when numbered. 

“ Recognition, from last time, if you had bothered to identify its peculiarities. I.e. bother now, for next time. 
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Section 3: Interesting Stuff—Bush Navigation 


Branching Patterns ae Examine Them for thickness, length, angle, curvature 


At each node some branches The choice of branchlet Side branches 
grow better than others can curve a whole branch can curl around 
usually toward the light toward noon. 
i.e. stretching outwards or stiffen it bottom view Examine the ends 
or up-wind upwards against the wind... looking up..} of the branches. 
or downwind down low. 
Check the spacing. 
This enhances the ‘bare backbone’ appearance 


A well-leafed branchlet will usually hormonally of the dark side of a trunk or branch. 
%\ dominate one without buds, by active biochemical suppression. 
In this way growth can be regulated. 
E.g. horizontal decurvature 
can search out extra light Double curvature can fight gravity or wind. 


rey underneath the canopy 
ae i ety Branches 
OE Leee te can also bend, 





leaving tell-tale ‘wrinkles’ 
in the skin. 





Gum trees show asymmetry especially easily, since they do not try hard 
to be symmetrical in the first place! 


Examine the main trunk itself. Or the trunk may be overbalanced, by its branches 

It may curve away from the light lengthening, thickening and curling toward the light. 
to act as a counterbalance 

to the heavy light-side branches \ 


a \ 
<< 
Length: > r 
Some trees ‘reach’ for the light Look for wrinkles 


becoming lopsided Angle: “sy , under the ‘armpit’ 
Ns To get out from under the canopy,i' #- ~“ where it has bent... 
on The branches oa noon-side branches often ied 
find the ee reach out a long way 
horizontally. 





es most light 
= a, thicken most... Shady side branches 


usually reach upwards 
(except maybe in a windy place). 


Working Names — Invent Them 


E.g. Past the ‘Little Castle Rock’ 
Up the ‘Yellow-Crowned Tree’ trail 
Under the U-shaped rock face 
Between the Big-Boulder Bluffs 


“40 minutes in” is a handy name — when you recognise it, coming back out. 


Stupid gawky names help you remember, but even better is to do something stupid to match. 
E.g. Gallop like a galah, through the pass, and call it “Gallop Gap with Galahs Galore!” 


Standard Name Plus Personal Name 


Actual names last longer and are widely known. Use them. 
But make up a personalised name too. 





E.g. “Oh it is actually called ‘Boomer Hill’, but we call it Porridge Hill, because it lies halfway between Oatlands and the Table Tier! 
E.g. We call Wollongong “Kaus Australis” ‘coz that’s where we watched Kaus Australis go straight overhead. 
E.g. Kaus Australis becomes “The Wollongong Star” 


Remembering Names 


To help you later, when the name is ‘on the tip of your tongue’, 

Count the syllables, consonants, short vowels, long vowels, now. 

Rhyme it with something appropriate e.g. Condominium Creek has a pond of minimum seep. 
Look at the spelt visual shape... for ascenders, descenders, double letters, symmetry. 


Then later run through the alphabet for a guess at the first letter, then at the second, and so on. 

Think about anything related, like why you went, what you ate, who you met, what you saw, the weather, the season, the news at the 
time... 

Ask each person for these recollections. Recreate the full scene. 





80 


Lie of the Land; Tracks 
Contour Lines 


Contour lines mark horizontal ground. 
A simple trick to match up the map contour lines and the landscape, is to point horizontally parallel to the ground. 
E.g. if you are in a valley, point along both creekbanks, using both hands. The steeper the valley sides, the narrower the contour angle. 


Ne, Contour lines on the map 


Horizontal ground on the creek beds 


Contour lines are like water-marks on the bank of a reservoir, lake or swimming hole, visible after the water-level has dropped. 
But bigger like a global flood drying up 10m at a time, leaving water-marks. 
like a photograph of it, from above. 
like horizontal slices progressively taken off from the top of the mountains, as when you slice clay with a thin wire 
and you look at what is left. 
like building up a model landscape one layer of cardboard at a time, from below, with progressively smaller shapes 
cut out according to the map contours. 
Then you draw the results on a map. 
They show the path you have to walk to go ‘around the contour’ so that you neither climb nor descend. 


Contour Navigation: Practise It, Before you Need It 


At night, or in fog, or in a blizzard, you may have no other clues, but the contours, on the map, and underfoot. Try to match them up. 
Hint: Don’t expect every little bump to show up on the map, but only the average smooth slope. 
Hint: Keep good track of compass direction, time & distance as your best crosscheck. Assess the wind. Use an altimeter (,GPS, radar...). 
Hint: Delegate tasks — map reading; course holding; distance logging; slope assessment; exploration; memory... 
Hint: To go quicker, go slower — so as to be Sure. Explore the slopes to left and to right. (But don’t get lost or disoriented!) 

Hold regular conferences to check your judgments. 
Hint: Assess slopes by looking sideways, across them. They always seem so steep when you look up! 





Boat navigators in a fog, can sail toward land until they reach a predetermined depth, then sail along parallel to the coast, using the 
depth contours marked on their chart, and some method of finding the depth. Marine depth sounders rely on a good echo, but you can 
always toss a weighted line over the side to find the actual depth. Make sure to make corrections for the depth of the depth-sounder, 
the depth of your keel, and the height of the current tide! 


Sticking to the Bush Network 


. Walking up-ridge may perch you on an isolated hillock. 

. Walking down-stream must get you to salt water; or at least to water, civilisation, flats, roads; but also to thicker vegetation 
and a loss of view; and sometimes to impassable waterfalls and gorges. 

: Walking upridge, uphill, upstream lands you in steeper, drier, more jagged terrain with more open vegetation, a better view 
and maybe an along-ridge track. 

Walking down-ridge will “take you to the lake”, but simply walking downhill may lead you into a heavily vegetated creek-valley 


which then drains into the lake. 


Natural Routes Naturally Converge 


That means that, in reverse, they must also diverge — which is dangerous, open to mis-navigation. 


. Provided you don’t cross catchment divides, walking downstream or up-ridge is convergent and so is safe for a one-way trip, 
but un-safe as a means of retracing your steps back to base. E.g. it is easy to climb a hill, hard to retrace exactly. 


“ Walking down-ridge is divergent — deceptive and dangerous. 
You cannot easily see ridges peeling off below, and the map won’t mark all the creeks you can see. 
If you are trying to retrace your steps or navigate from the map, you will have to be very careful. 

7 Ridges converge to hilltops — so walking downridge leads you widely astray. 

“ Upstream is divergent — you don’t know where you will end up, but at least you can find your way back, 
because creeks converge toward the river mouth. 


. Tracks & trails converge to: popular features, bridges, car parks, waterholes, homesteads, campsites, clearings, etc. 
So leaving a focal point faces you with multiple choices “How on earth do I get outta here!” 


Coping with Divergence 
The result of “directions” such as “You can’t go wrong. You can’t miss it” is that the truer that is, the easier it is to go wrong 
— after you have found it. Retracing your steps, or finding the desired way out, onward, can become a nightmare. 
. Ask directions for the onward bit, not just how to get there. 
For backtracking... 


“ Pay attention on the way in, despite your excitement at arriving. Note the direction of your arrival. Look back regularly. Mark 
the junctions you used, especially from minor out onto major paths. Retrace your own tracks. 


Reverse logic 
Be like yachtsmen, who should always explore harbours, shallows and tributaries at low tide “in case we do get stuck”. 
: Explore upstream — a divergent labyrinth — so that you can walk downstream to return. 


Provided you don’t cross water-divides, or overshoot your starting point, “you can hardly go wrong”. 
Ahah! There’s the hint: Before you set off upstream, peek behind you, to see when to stop “coming back downstream”! 


‘ Explore downridge, and climb back upridge later. Only don’t climb down anything you can’t climb back up. 
- Explore away from a focus, so that you can converge back to it. 
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5G Core 
Network 





Figure 6. C-RAN architecture in 5G mobile network. 


4. Ongoing Programs and Applications at National Chiao Tung University (NCTU) 


In this section, we describe five ongoing programs and applications at NCTU that are closely related to the SDN, 
Cloud, Big Data, IoT, and 5G technologies [7]-[17]. 


4.1. Program on SDN-Enabled Cloud-Based Broadband and Wireless Network 
Technologies and Services 


This program is a national program to support the SDN Industry-Academia Cooperation, led by both NCTU and 
CHT (Chunghwa Telecom, the largest mobile & telecom operator in Taiwan) with 5 other networking and 
communications companies in Taiwan. This is a multi-year program with the target to set up a testbed for end- 
to-end testing and to help establish an ecosystem for local SDN industry. 

Figure 7 shows the scope of this program that covers mobile access, WiFi access, broadband core and data 
center cloud end-to-end application systems. 

Figure 8 further shows both the structure of the program and its network configuration across NCTU, CHT 
and another university National Tsing Hwa University (NTHU).The program includes research and development 
involving 4G/LTE, B4G/5G, SDN, Cloud, SDN for Wi-Fi, and SDN for WAN technologies. There are five 
sub-programs: 1) SDN broadband network technologies and services, 2) SDN mobile/wireless network tech- 
nologies and services, 3) SDN and cloud integration services and management, 4) SDN switch-related devices 
and systems and 5) SDN system integration and field trials. 

The program is intended to construct an SDN network in NCTU, CHT and NTHU, respectively. These SDN 
networks then will be interconnected to form a wide area SDN network in Taiwan. Eventually, we plan to have 
this end-to-end system connected to the global network. The SDN switches deployed in this testbed will be 
mostly small or medium scale due to their experimental nature. Also included in this testbed are SDN-based 
Wi-Fi access points. Cloud-based data centers will be deployed in each location of NCTU, CHT and NTHU. 
Three types of SDN controllers including OpenDaylight, Ryu and Floodlight are currently under trial in the 
experimental network. Our architecture assumes the scenario of multiple SDN controllers with a hierarchical 
topology on which useful SDN APPs such as load balancer, network optimizer for video delivery, network co- 
ordinator (including visualization), dynamic flow configuration, end-to-end service configuration, dynamic policy- 
based traffic engineering, and multitenant network automation can be developed and deployed. 


4.2. Program on Big Data Analytics for Network Traffic and Management Data 


In this program, we address the network performance issues with two experimental networks: BML at NCTU 
campus and ITRINET of ITRI. 

The architecture of the BML experimental network is illustrated in the lower part of Figure 9 that consists of 
a 4G RAN, a 4G Core and a Cloud environment. For the 4G RAN, both indoor and outdoor environment are 
taken into consideration. The left upper part of Figure 9 shows the scope of the ITRINET experimental network 
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Section 3: Interesting Stuff—Bush Navigation 


Isolated Vegetation Shows the Clearest Asymmetry 


E.g. Look in any clearing for downwind debris/erosion, 
and for up-Sun/down-Sun asymmetry at the edges. 
E.g. an isolated tree in a paddock... 
E.g. an open creek will give the bushes a clear view across the water... 
E.g. a roadway will exaggerate the light asymmetry on one side 
and suppress it on the other... 
E.g. Look in the wheel ruts of bush tracks for asymmetries due to wind & light... 





Examine the tallest trees — The emergent ones have a clear view of the Sun. ae 


At the edge of a clearing, subtract the effect of wind... 


Closed Canopy — Look for Gaps cee TAs 


Each tree canopy might look uniform, but be blown back on the upwind side, r 
leaving a gap there, with dead branches, where it has tried to fill the gap. 

But look for a gap without dead branches and without other explanation 

— It might be ‘shady south’, which gives the tree little incentive to cover. 

The tree could have spread that far by now, if it had wanted to, but hasn’t. 


Tall and quick growing Sa plings show the most asymmetry... more vertical branching 
on the shady side 

They can be the best tell-tales of all, and the worst! 

Because they respond to clearings, slope, water-shine, nearby trees — be careful! 

Take extra care to average out their message. 

Any one tree gives you too definite an impression! 

Back-to-back saplings may show opposite asymmetry, by shading each other... 

Treat the overall shape as one tree. 


The sapling effect, arises from young forest trees shedding branches more often 
and more easily than mature trees. 

Roadsides & Ca m psites Reverse Some Effects! 

Examine trunks for broken or lopped boughs before interpreting! 

The bigger lower branches are easiest and best firewood pickings! 


Trimmed! before camper 
after campfire 


Se 


Name the Subsections 


Heart-Attack Hill Bust-me-gall Bend Starve-gut-Ridge : Be Vivid 
On-the-Double Decline Cross-the-Creeks Roller-Coaster Blackberry Bank : Be Descriptive 
Left-hand Loop Clockwise Climb Right-around Contour The Zed Bend : Be Cheiral 

N-E Straight Into the Sun Slog West Bank Downwind Dunes : Be Directional 
Long Leg Short Stretch The Middle Mile : Tell the Distance 
Last-legs Leg Dinnertime Creek Sunset Strip : Tell the Time 

On the Left of Third Hill Nine Mile Beach Five Ways Fourth Island : Count 

The Bush Blocks The Rock Band Turning Point The Up-Part The Trip down : Be Clever 
Rubble Ramble Possum Passage Flower Flats : Alliterate 

The Birdwatching Bit The Deer Park The Gloriously Green Glade : Be Observant 
The Monkey Saddle (three creeks) The Big Bulge Round Shoulder Tight Turn Tongue : Be Shapely 

The Breakaway The Hither Side of the Hill Round the Rim Unto the Brink : Be Literary 
Brown Beach Bay Wobbly Shacks (= Mount Wobbly behind the shacks) Zigzag Track : Be Visual 
Perverse Reverse Inland Cusp Round the Back Out to Sea and Back : Name Whole Curves 


Name the Sequence 


Fit Each Subsection into a Larger Scheme. 


7 Name the Links : The Cuvier Track The Mount Barker Road The East West Ridge 

. Name the Junctions : Point Pass Steppes Junction Tee -tree Junction 

- Contextualise : Beyond Burrowing Crayfish Ridge Cross Catchment Climb 

7 Overlap Sections : Deer Sally to Sandy’s Shore to All-Terrain Trek } these are simultaneous 
Sherwood Forest to Bumpy Flat to Uphill Haul } and overlapped 50% 


I.e. halfway through one section, think about how it is changing character 
into the next obvious section, and anticipate it. 


- Time-Distance Clues : Lunchtime Lookout The Approach’ Thither Heather Tea Junction Ten-Mile Dam 
: Lie-Linkage : Downstream from Dusty Waterfall Wind-Shadow Plateau 

. Numbers : Fourth Bump Fifth Creek Tee Junction # Three 

" Acrostic : Short Steep Step in the Southern Subdivision after the Shallow Segment 
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Lie of the Land; Tracks 


Contour Curves: Your Job is to Imagine the Shapes into Life 
And to Match the Lines to the Landscape 


Deep Vee ‘Ditches’ wnt wenn nent The sharp points, point up-river. (sharp/up rhymes in p) 
— they gather water. 


es Round ‘Shoulders’ — they shed water.” "" c The round points point down-ridge. (round/down rhymes) 


— being higher ground, they separate gullies 


Peak or Depression — you can’t easily tell which. Peaks are much more common. 


Hairpin ‘Ridges’ — they can look parallel, like ‘a slope’, if the edge of the map cuts them off. 
Ridges usually show much rounder than this. 





Parallel ‘Slopes’ —be careful about which way is ‘up’. Check that they are not the same height—on a ridge or river 





Here is a typical confusing array of parallel lines. 
The first two are ambiguous, but seem to lead down into a valley... 
The valley is shown as lines 3, 4 & 5... 





The three corners here are all sharper than the corresponding ridges. 
Downstream is to the left... 
Imagine a deep-vee ditch. 


\ 


The shoulders and peaks shown here are all much rounder... 


..Uphill is ——_-» peak «saddle —_pridge or peak .......... 
Imagine a circular mound with a spur down to left and right. 


Down here, upslope to higher ground = er ee ae 


——S 


Trackless Navigation 


When you leave the bush network to cut across the natural routes, you still navigate by them, by noticing when you cross them. 
You choose a route in relation to the framework — of ridges, rivers, and the contours that cross them at right angles. 
E.g. “I am now going diagonally right, uphill, on the left bank, to the Ridge, then...” 
You describe the sort of route you are following, and start a new subsection whenever that sort of route changes in quality. 
E.g. A dry shallow creekbed marks a change from downhill to uphill. 
E.g. The major break of slope—on the “hillside”’—marks the change between being on the “hill/crest/ridge” or in the “valley”. 
Don’t forget to ask, as you cross each ‘road’, what that ridge or creek is doing, to the left & to the right e.g. joining, splitting, rising, 
falling, dividing major valleys. 








The method of Names 


The point of this method is to bring your normally subconscious memory into conscious focus. 

You put a name i.e. an essential description, onto each subsection. This is in addition to naming the creeks and ridges you cross. 
That is equivalent to supplying your own signposts & flashing lights to the landscape. But write down the other details also. 

As with memorising any journey there are a handful of steps: Notice; Recognise; Describe; Name; Remember; Put it into Sequence. 


Bush Networking Essentials 


Answer up to six backbone questions about each leg, before deciding on an appropriate name for that subsection... 





ee Hill-wise — What Peak? — Is your direction trend in relation to it Uphill or Downhill; towards or away? 

2. Hillside-wise — Slope — Choose between Upslope/Downslope/Flat/Contouring. 

3. Ridge-wise — Rise — Upridge/Downridge/Crossridge? 

4. Drainage-wise — Lie — Upstream/Downstream/Crossstream? 

5. Side-wise — using the standard names* — Left bank/Right bank (below the break of slope); Right flank/Left flank (above). 
*As a yachtsman going up-stream sees it — Port and Starboard. Use these terms in your names to remind you. 
As a traveler going up-ridge sees it. 
I.e. the standard directions are up-stream; up-ridge; up-north; up-wind; up-hill, up-slope. 
Be careful! The ‘right bank’ is the ‘left flank’. You can climb to the right on the left flank (of a ridge which falls to your right). 
Walking diagonally ‘downslope’ can be ‘upstream’. 

6. Hand-wise — Tack — Clockwise around or Left around/On the left diagonal or Right diagonal? 


Mnemonic: (With your right index finger) touch your head (the peak); 

forehead (the slope); 

bridge of your nose (the break of slope); 

down the ridge of your nose (the ridge); 

nostrils (the drainage); 

right cheek (the side); 

and now look at your hand in wonderment (What is my tack?) 

Then point out some peculiarities... 
Now add the non-essential — exact measurements e.g. direction/length/time/steepness/count —and descriptions, sequence, context. 
(Remember: don’t navigate only by networks.) See opposite, for descriptive names. 
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Section 3: Interesting Stuff—Bush Navigation 


) Flowers Respond to Sunlight 


Examine the stalk-lean and flower-head tilt 
e.g. of daisies. 
Look up-Sun and down-Sun to see the striking difference, whenever the Sun is low. 


Look for the first flush of flowering on the sunny side of a flower spike 
E.g. Yakka (Xanthorrhoea). The mid-morning sunlight direction gets the earliest flowers. 


Examine closed flowers to see whether they betray where the Sun last came from. 
Many flowers ‘follow’ the Sun around. 


Some leafy stems seem to tilt to the noon, perhaps to point their terminal flowers into the Sun. 
E.g. Sea Spurge 


(Top view) 
Banksia pistils sprout earlier on the sunny side. 


Banksia stamens deepen in colour on the sunny side. 


Fruit Distribution and Ripening 


Some bushes will fertilise more flowers in the sunlight because pollinators can see them better. 


Fruit are fertilised flowers. So some species ‘set’ more fruit on the sunny side. 
Look in all directions to see which aspect presents the most flowers or fruits to view. 





‘Ripe’ colours are a result of sunlight e.g. apple, peach. 

Sun-ripened colours aren’t confined to fruits. 

Mushrooms are often old enough to have seen some sunlight. 

One mushroom in the open may not help you much, but they do come in flushes, so look for a pattern. 


Remember the Sequence from AA to ZZ 


— A Ready Made Acrostic of memorable unique items, with endless extension if needed. I recommend it as the pick of the mnemonics. 


You may need to remember each tree in a forest walk, or every twist in a path, or every choice in a maze, or every square in a grid. 
AA to ZZ supplies 676 differently named and sequenced letter pairs. 


If you turn the letter pairs into appropriate two word phrases, there is no limit to the useful memory aids. 

E.g. I could call this system the Alphabetic Zygote (of ‘letters paired’ A-Z). 

As with all gimmicks, it only works best if you study and memorise the object receiving the label. 
Examine the tree for anything which could attract the label DF (damp foliage; dendritic form; downpointing flowers), 
or mentally photograph the MS munch-stop, or actually bird-watch at BW. 


It’s up to you to use the letter pair in a memorable way. Don’t forget to use visual, emotional, sequenced and appropriate words. 
Consistent rules help. 

On a pure sequence walk, begin with double letters, rather than with A-Z single letters. This makes two word phrases the consistent rule. 
In fact begin with any double letter, but especially the initials of the walk, e.g. BL for Blackmans Lagoon. 

Two word Phrases e.g. AA = Ask Again, avoid the ambiguity about which other letter in the word or phrase might be emphasised. 

E.g. is Aeroplane, AE or AR or AP or AN? Was ‘Anabolic steroids’ A or AS? 

Add a third word to the phrase as needed, to spell out what it means, e.g. Backwater Island turnoff. 


The trick is to make the mnemonic match the feature. 

E.g. if there is a plague of mosquitoes which you attack with a stick, Aaron’s Almond-tree walking stick might be appropriate for AA. 
Then the need is to somehow link the previous with the next. 

E.g. AB Aaron’s Budded walking stick (if you know that story), might focus your attention on the buds in the next gum-tree. 

Without a ‘theme’ it is difficult to pluck out your memory what ‘DF’ might have been. But ‘Doctor’s Emergency’ where you stubbed your 
toe, leads on to ‘Doctor’s Ferari’ when you walk on quickly anyway, and on to ‘Doctor’s Gasoline’ where you topped up with lunch. 


If you do a ‘grid-line walk’, you use A-Z to begin with, and say you move from AO to C4; you might go through A1, A2, B2, B3, C3, C4. 
The memory aid goes AO, then Ahead on 1 leg, hopping, then Across, on 2 legs, Ban-tu, Ban-three, See the three cattle?, Count to 4... 
‘Minus’, in cases of ambiguity, might come out as ‘which was 4 metres deep’, or ‘where I left 4 pebbles behind’, or ‘and Not 4 blisters’ or 
‘at anything but 4pm’. 

When you get into AD you look for a-d peculiarities to remember like ‘Add 4+6 wattles (to get 46)’ or ‘33AD crucifixion tree’ or ‘Adder- 
Death, two score of them’. 

As an alternative, name all grid squares with /etters, e.g. D-G, and look for things to name, such as Dark Green; Discarded Gaiter. 


In a maze, you could choose Long words for turning Right; Short words for turning Left, a mixed phrase for Straight Ahead. These match 
the meaning-words in length of sound. 

Maybe you need some variations: 

One, two, three or four syllables for left, right, through, reverse. 

Long first vowel sound vs short vowel sound. 

Begin with one /etter and end with the other sound, e.g. Amanda, Abib, Ace, Add, Abbey... 

Let sounds take priority where needed. E.g. few words start with K, but many start with a hard C. X is hard unless you allow Ex-. 


Memorised sequences are most effective if revised almost on the spot, e.g. via a leap-frog walk (2 forward, one back), and on the return. 
Equally, other methods are enhanced by adding this mnemonic, such as when marking a trail, writing track notes, or making a mudmap. 
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Lie of the Land; Tracks 
Contour Heights: Read the Numbers! 


Determine the Contour Interval — and interpret which way is ‘up’ from the numbers... Note: On maps, the numbers are printed 
to be read as if looking uphill. 


ee 500 ~=—odThis first diagram is “every 50 m”. 04_________7 
And ‘up’ is toward the top. In the second diagram, the 
contour interval is every ‘10 m’ 
400 Zero means “sea level” 06 ——— 20 
Read the absolute numbers! ‘Up’ is now downwards. 
2 eee es 
Q Note that major contours may be marked as thicker 60 


e.g. every 50 or 100 m 


.. The first is a peak; the second is a hollow... 


Marine charts show spot-depths, ‘soundings’, in metres and decimeters, below lowest water, with offshore depth-contours. 

If the “depth” is underlined, it refers to a “drying height” of intertidal rocks. 

At sea, keep a record of the soundings as you sail in to land, preferably in a straight line. Plot them onto tracing paper or mark them on 
the edge of a ruler, and try to match the pattern to charted depths. 


Contour Spacing: Close = Steep Slope 


Wide spacing = flat land Examples: mountain plateaus; valley floors; paddocks; dunes 
Irregular contour shapes (meandering all over the map; not shown here) = very flat land 


500 
Slope 
520-— 
Ridge — carefully notice when numbers are identical. The rule “Closer Equals Steeper” only holds 
520 for different height levels, not for hairpin 


contours around ridges or rivers. 
In fact, “close” might equal “flat” i.e. on a ridgetop 
ls S| 0 [2 
Cliff — Very close = Very steep 


440. 
Slope; have you worked out downhill? 


Walking “Straight” through the Bush 


- ‘Straight’ downstream; upstream; down-ridge; up-ridge; uphill; downhill 
‘ ‘Straight’ around the contour 

- ‘Straight’ along the path of least resistance 

: ‘Straight’ through the obstacle course, dodging to left and right 

: The Line ‘of Best fit” — to a chosen trend cross-country 


None of these are straight, but most are easier than ‘straight across a slope’ — crossing innumerable ups and downs! 
Most are predictable. 
The navigator simply goes last in line with a compass and logs the twists and turns, whatever course that takes. 


Why last in line? It is a fact of life that following your nose through the bush quickly disorients the leader of the party, 
while those following behind maintain their bearings easily. 
Also, to clearly show up the trend of a sinuous course, the last person can drag a long smooth string loosely behind him. 





Straight around 


At a... 
a Constant Angle—to the (changing) Sun, Moon, star, planet, landmark e.g. keep the peak “ahead on your left” — a spiral course. 
. Constant Distance Off — as judged by the rule of thumb — you keep a prominent landmark appearing to be a constant size 
— from base to peak. The course is circular, concentric to the landmark. E.g. offshore, around a lighthouse. 
: Constant Horizontal Angle — between two prominent features. This gives a cusp-like circular course. 


You can retrace these courses, but the going may well be difficult — crossing many streams and ridges. 


How to Walk in an Unintentional Circle 


Haven’t you heard of people walking in a large circle when they are lost? 
They thought that they were walking in a straight line, but some hours later they recognise the same scenery! 
I’ve done it; it’s no myth. Discover your natural drift... 


Blindfold yourself. Try to walk straight across a flat. I bet you can’t. 
Most people have one slightly shorter leg, usually their left leg. 


Now try to walk across a slope, blindfolded of course, in a straight line. I bet you drift. 
But once you realise it, you are just as likely to head uphill too much, in overcompensation. 


Don’t trust your senses in a fog. Find out by trials at home — before you find out the hard way — how far ‘off’ you are. 
Also find out how to properly walk in a straight line in a fog! 
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Section 3: Interesting Stuff—Bush Navigation 


Stem and Leaf Colouring 


noon gave es See 





red 
red 
Samphire saltbushes ‘ 
colour up Look from the top i 
on the bright side and sway side to side Succulent leavés redden up 
to find the deeper colour The colour deepens on _ on the bright side. Look one 
Many other plants the bracts higher up way over the flats & it is 
show red stems on the sunny side pinker than the other way, 
or leaves etc especially just after sunset! 
Look for a paler side. 
N.B. Older stems may show a reverse trend! The colour fades on the sunny side after having deepened more while young. 


Beware: When flower-stalks twist as they grow, the colouring or fading effect is unreliable. You can detect the twisting by the fading. 


Example: Blackberry stems and leaves redden in sunlight, staying green on the shady side. 


New Growth is Colour Differentiated 


Looking up- or down-Sun (on a cloudy day) will show up new growth as yellowish or brownish or bluish (depending on the species) 
in one direction more than the other. 

The sunny side will ‘green up’ the new leaves more quickly and will look more normal coloured. 

But test it out first — it may go the other way — sunlight might promote new growth, before it colours it up. 

When new growth is distributed throughout the shrub, the sunny side will often show deeper green (i.e. more of the same pigment) 
and be more vari-coloured e.g. some leaves take on a red blush or red margins in response to the Sun. 








Revise your Memories 


..after a 10 minute distraction 
..after an hour, a day, a week, a month, a year e.g. for an acrostic which you wish to remember permanently 
..and whenever after, when you begin to have trouble remembering 

Choose undistracted, mindless times 
e.g. while trudging or being driven, waiting or relaxing, or last thing before sleep, to run over things in your head. 
Overpractise your mistakes. Out loud is always better. Take any opportunity to tell someone. 


To Remember Formulae such as those at p. 19b 


(1) Make up memorable ditties, and refresh your memory, as above, before you lose them. 

(2) ‘Read’ the formulae for sense — They are just shorthand for how things must behave. If you don’t like maths, it’s probably because 
you never understood the common sense behind it, and that is probably because you never had the opportunity to see it, or developed 
the skill to read formulae. 

E.g. ‘Sin, Sin, Sin! It’s High Latitudes which Declines it, for both Easterners and Westerners’ 

for: the three sine ratios in the formula... ‘sin (height E-W) sin (latitude) = sin (declination)’ 

i.e. as the latitude increases, the height must decrease, and vice-versa, to preserve any sin (dec) figure as constant. 

The formula should return zero height for zero declination, and 90° height for dec=lat. 


This next one assumes that you measure the angle away from East-West (rather than from the ‘elevated pole’, as on p 19b). 
You can use ‘sine of the variation from E-W’ instead of ‘cosine of the angle from the pole’, because ‘co-sine’ says ‘sine of the co-angle’. 
‘The sin of the increasing the sunset angle, by cause of increasing latitude, is a sign of decline’. 

sin (sunset angle) (multiplied by) cos (lat) = sin (dec) 
Read this as: For any specific declination, as lat increases (=the cos reduces), the angle must increase, to preserve a constant sin (dec). 
You can also put in dec=O and expect a 0° answer no matter what the lat. 
At the Equator, declination directly determines the direction of set N or S of E-W. 


‘Why bother with the E-W Sun? Because of its E-W timing! It’s today or too late’ t for tan; d for dec; late for lat; 

90° = 6hrs each side of noon cos (time of E-W) = tanD / tanL, ‘or’ for “o’er” for ‘over’ 

Lat = 0 throws the calculation into a spin, because any declination other than 0 can’t be E or W. Dec = 0 must return 90° for any lat. 
Dec = 90 must be impossible (it’s N or S!), but so must any dec > lat, since cosine doesn’t go above 1. Those stars stay polewards. 


‘One New Day at a Time? Not quite, ‘cause for tomorrow’s sunrise time, today’s time’s not too late!’ 

It changes only slowly, as dec changes. cos (time of sunrise) =tanD x —tanL 15° = 1 hr. each side of noon 
0,0 must return 90°. Opposite hemispheres must return a large positive cos and hence a smaller angle, and a short day. 

Same hemispheres must return a negative cos, which means a long day. 

Too much lat, and the tropical bodies disappear altogether, as expected. Too much dec, like a circumpolar star, and it won’t even set. 


Try the Equation of Time, p.17b. 

The First FFive months, From FFebruary, Fence-sit Four Features (halF-each side). The next 7 finish at four more features. 

-14,0,4, 0, -6,0,16, 0 Makes nice mirror patterns of the two sets of four features. Minus means a fast Sun, up early; a ‘slow’ clock. 
FFFebruary Founders at FFFourteen; Marches up again; April crosses (its hot-cross buns); May turns 4; June double-crosses; 

July finishes work at six; August rises augustly, to zero; SSSeptember and October get up to SSSixteen; 

November and December decline a lot; December crosses at Cross-mass; January Sun decends from the cross, fast, for a new year. 
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Lie of the Land; Tracks 


Contour Slopes: Work Out 1 mm and 1 cm Contour Spacing 





slope rise Example: a Rise of 10 mina Run of 100 m is a Slope of one in 10 and an angle of 5.7° 
Ang [ Tangent(angle)=rise/run Angle=Arctan(rise/run) ] 
Run rise/run is technically called the “gradient” i.e. an up-slope. 
1) Example of 1 mm contour spacing: A 1:100,000 map-scale says: 1mm equals 100m (See ‘map scaling factors’ p.92a) 
with 50m contours the slope must be 50m every 100m orlin2 or 26°%. 
2) Example, with 1 cm contour spacing: 10 times less slope, in the same example, or one in 20, or 3° 


Using these 2 reference spacings (work them out again for every new map) fit the actual contour spacing (eg 3mm) between them. 
E.g. map scale: 1:25,000 (1mm = 25m); for 10m contours, 10m rise in the 1mm run, on the map (=25m in reality) is, 

“imm contour spacing = 1 in 2.5”; (10mm contour spacing) = 1 in 25; (20mm contour spacing) = 1 in 50; 

So... 3mm means 1 in 7.5 


Reference Slopes — To Imagine the Climb with! 


One in one; 45°; One up / one across; On all fours! 
One Degree is ‘one in 57’ (or approximately 1 in 60) So 10° is ‘one in 5.7’ — maximum for public roads 
One in Four is 14° — a neat coincidence to memorise. So One in 40 is 1.4° — maximum for railways 
36° slope — 8 in 11 — more or less maximum for sand, gravel, scree, or any loose material. 
Small slopes may be multiplied with approximate linear accuracy, but in an inverse fashion... 
Examples: 2° is one in 30 — from the one in 60 rule 

1 in eight is 7° — from the one in four rule 








5° is one in 11 — either from 57/5 or from 5.7 x 2 or 1/8 of 36° see also “sine-cos chart” p.106b 
The Beaufort Wind Scale — Modified for Bushwalkers 
One in 40 contour lines absent or rare; pleasant ambling; wind whistles through the lips; grey hair relatively common 
One in 30 car engine quieter than road noise; perambulators plentiful; locomotives absent. 
One in 20 car engine noise louder than road noise; walkers plentiful 
One in 15 skin moist despite cold conditions; heavy breathing is heard above background noise 
One in 10 eyes sting from sweat; bicycles experience difficulty staying upright 
One in eight flies are constant companions; car smoke exits parallel to the ground; mountain bikers walk 
One in six cigarette butts become less frequent; 2 wheel drives mostly absent 
One in five walkers experience difficulty making forward progress 
One in four cannot hear the sound of a cigarette being lit; leaf litter easily lifted off ground 
One in three sturdy walkers stagger and sway; frequent rests; slow progress; loose soil swept away 
One in two large trees tilt at a noticeable angle to the ground; rocks experience difficulty staying in place; walkers remain upright 
only by zigzagging 
One in one toenails begin to bleed; trail bikes begin to bleed 
Two in one fingernails begin to bleed; small trees are pulled up by their roots 


Three inone — contour lines begin to merge; danger of severe falls; you are in danger of being completely... winded! 


Walking an Exact Straight Line in Open Country 


Assume the visibility is limited, or the terrain difficult, or the vegetation is closed in... 


= Lengthen the Whole Party—In Single File. Shout to the leader, if he wanders to left or right. Stop still if you lose sight of the 
person behind you, i.e. do something to make sure that no one gets lost in the fog. 


. Drag a flat object (or a person) on a long string. Tie your end of the string onto a stick, and hold it forward above your head. 
Alternatively, pivot the stick in your hand at its halfway point, and it will point in the right direction. 


atch that the wind doesn’t blow it sideways; Stop the flat object rolling; Stop it sliding downhill;Don’t let it drag at an angle 
Watch th h indd n’t bl it sid S he fl bj Ili S it sliding d hill. t let it d | 
to ge cee Try just a slippery fishing line with no object. = 














ee . a, = 
SU iu ——_—__, = care 
aN re v 

- \ rain a ee ie i 
. Harness the leader in a pair of reins! — + fog oo a 

Tie one string to either arm of the leader, and steer him properly. snow 
= Hold the rear end of the string over a compass. Ey 
: Leave a trail of visible markers lined up exactly. 


You need to look back frequently and drop a new marker. 4 

— stones, sticks, stumps, tree trunks 

Leapfrog with only three marker sticks — take them with you. 

Leapfrog people!—leave someone behind; send someone ahead; line them up with each other & with a compass if available. 





: Scratch a line into the dirt. Look back frequently. Readjust yourself 
“ Use the radio for radio direction finding. 
. Orient by Sunset glow, the wind on your cheeks, the blue band, town lights, distant noise, etc 






To keep to a fixed “track”, manoeuvre around obstacles in a rectangular fashion, 


- Leap-frog a Straight Line by Looking Ahead 


A. A straight line course is easily achieved visually — like keeping a hundred fence posts in a dead straight line. 

In clear open country, you simply walk toward a new mark halfway between you and your destination — no problems. 
Keep the 2 lined up. When you get halfway choose another halfway point in line. If you can keep sight of the more distant destination, 
this method means you only use the magnetic compass once, to locate the distant destination—then keep a fixed ‘track’ visually. 
When obstacles force you sideways off track, you can easily regain track, visually. 

B. In more difficult circumstances, you cannot see far ahead and usually rely on looking back, as above. 

But leaving markers behind you slows you down and keeps you looking around. 

This method does not require you to look back, but requires a simple discipline — leapfrogging visible marks exactly ahead of you. 
Step one: Choose two distinct marks exactly in line with your desired direction 

Step two: On reaching the first mark, choose a third, still in line. And so on. 

You can do this while following a formed track. The track will bend from the average straight line, but you'll notice that immediately. 
I.e. when you don’t get to the third mark, and have to start again, you are well aware of the change in trend. 


or reverse any | diversion. 








You The end result accumulates errors 
x= a oO > (despite the averaging process). 
~ oUt 
oS 
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Section 3: Interesting Stuff—Bush Navigation 


Noon-Sunlight is More Vertical 


Examine needle bush (e.g. Hakea) needles, one by one. 














top side 
faded 


Some effects will be more noticeable in winter, and in higher latitudes. 
the bush In summer, the ‘shady’ side is actually bathed in horizontal sunlight twice a day! 


in Winter 
(S,E & W) 


The Shedding of Bark on the Sun-Baked Side 


The patchwork of coloured fresh new bark shows that 
the bark strips an extra layer deep on the sunny side. 
Look also at the coloration of the freshly exposed bark, for asymmetry. 
The bark ‘stocking’ clings higher on the shady side. 
It is older, deeper, darker and allows more and older lichens. 
Look for the ‘curl’ of bark ribbons — the pipe-like shapes peeling off — 
as there may be more curling shown up on the dry side, 
din but it depends on the species. 


Where to Look for Fading or Lack of it 


**Turn leaf blades around to compare the greenness in each direction. 
Find a pair facing the same direction, and twist one of them, then 
make a comparison to see which side is more faded. 

**Twist an untwisted vertical reed stem, to detect the more faded side. 

Look at stumps and old posts, tree trunks and fallen sticks. 
E.g. Sunlight bleaches the sunny side of bark and dries out any secretions 
E.g. The dark side of the trunk will often be darkly stained 

e.g. with cider-gum secretions. 

Leaves dropped into the shady zone will not fade and dry out so quickly. 

The shady zone is offset toward the pole, 

because the sunlight penetrates deeper on the noon side. 















E.g. Acacia 


The broken faces of lying timber may be more coloured 
and less bleached in the shade. 





Bumps and slopes, diggings and burrows, may show dead dark moss on the 
hot side, or grass which has dried up. 





_ Look for a very subtle pink glow on the shady side of dead timber, which is absent or greyer and paler on the exposed side. 
Once your brain sees a hint of it, it becomes easier to see—so persevere. 





Bracken fronds die off from their tips, but the fronds that retain their greenness the longest are on the lowest, shady side. 
Dead thistle stems fade on the Sunny side. 


The topsides of grass blades fade more due to being blown over flat by strong winds, and so are exposed to sunlight, wind & drying. 
Upwind edges of green bushes often show a brown wind-scorch. 


Fresh diggings (echidna, bandicoot, wombat) expose soil to bleaching. Look at the steepest sides for the least faded soil. 

Some fading is due to oxidization (exposure to air), some to dessication (loss of humidity), some to sun-bleaching (exposure to 
ultra-violet). Again it will pay to study the various effects before you need to rely on them. 

Also be aware that diffuse lichens will give a covering colour to dirt, wood, rocks, etc, which may complicate the appearances. 


Button-grass flower-stalks fade but darken on their exposed side, perhaps due to fungus. One side is dark grey; the other pale yellow. 
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Lie of the Land; Tracks 
Make a Clinometer — a Slope Measurer 


One person holds the loop knots apart under slight tension. He barely touches both plumb-bobs onto the ground, to settle them. 
Their identical lengths ensure a parallelogram. 

The second person alters the middle string until it just touches the plumb-line. 

The identical lengths ensure an isosceles triangle. 

The 5 cm marks represent whole degrees of slope. Use 6 m of non stretchy cord. Measure and constru 

loop knot 












1.45m E.g. the slope is 11°% here... 


f' Accurate from 0° up to 20° or so 
The method is based on the isosceles triangle rule 
(double the half-angle sine; nearly linear for small angles) 
and on 1 in 56. You can use 1.40 to 1.50, 
but the lengths must be exactly equal. 
Approx 1.5m 1.5m 
The one-man version has two foot-loops. 
Spread you feet and hold up the plumb bob. 
See which side the plumb leans to. 


plumb-bob 


Sa, —T 


1 ior 
Use it occasionally, to refresh your judgment of slight slopes. 
It may also be used to gauge the height of landmarks or stars. (Hang the second loop knot from a sky hook; Sight along the top string; 
Steady the bobs). Used horizontally, it yields horizontal angles. (Complete the string parallelogram; Sight along the two ‘top’ strings; 
and double the reading) 
Of course this is only for a hobby, for interest’s sake, for mathematical curiosity, not for absolute accuracy! 
The more you play, the more you learn. 






Just Draw It 


The question is... 
Can I see the peak from camp? 
Draw three lines of 5, 3, 2 units... 


On the map... Peak, 500 m elevation 






High ground, 300 m 


Camp, 200 m elevation 





Radio Direction Finding — As Good As a Compass 


AM stations — Amplitude Modulated — the older style, for medium distance transmissions 
— also called Medium Wave; Medium Frequency — MW; MF 


Your portable radio has an internal aerial for AM stations, which is direction sensitive. 
It usually lies lengthwise inside the radio, as a long ferrite rod wrapped in a wire coil. 
To make that ferrite rod horizontal, you probably need to lay the radio down flat. 

Now twist the radio to change its horizontal direction. 


When the internal ferrite rod points at the medium wave transmitter, 
the reception drops off — you have detected a “null”. 


This occurs at two opposite orientations — pointing away from the transmitter as well. 
(Good reception is by pointing the radio 90° away from that null direction.) 


FM stations — Frequency Modulated — the newer style, of shorter distance transmission 
— Very high, Ultrahigh frequencies — VHF; UHF — It does not use a ferrite rod. 
With a whip aerial, or an extensible aerial, or a long wire aerial, 
you can detect a null by pointing the aerial at the transmitter. 
This is for horizontally polarised transmissions. Some stations are polarised vertically. 


Shortwave stations — Amplitude Modulated — higher frequencies, for longer distance transmission 
— SW; High-Frequency, HF — It usually requires an external aerial. 


Use a long wire aerial; keep the ferrite rod perpendicular to the long aerial. 
The null occurs when the long aerial does not point to the transmitter — but it is perpendicular to that direction. (Opposite to FM) 
Point the long-wire aerial perpendicular to the transmitter, for a ‘null’. 


Weak AM stations can also be used, provided you have a long wire aerial to pull them in. The exact length sometimes matters—you 
will notice the volume rise and fall in cycles as you wind the aerial back in. 


THE RADIO “NULL” ACTS AS A COMPASS NEEDLE — it keeps a constant angle to the distant transmitter tower or repeater. 

You swing the radio aerial each side of the null to keep checking its direction. 

To avoid having to give the radio constant attention, break your course into separate lines of sight (‘legs’) as with a compass. 

Marine navigators know that radio signal direction can be distorted by mountains, or by the signal crossing the coast at an angle, or by 
reflections off the rigging, but bushwalkers seldom have to worry about that, because they only want a constant reference direction, 
not an exact bearing. 


You could consider setting up a radio beacon so that you can always say: e.g. “The car is that way” or “Home-base is yonder” 
End of Section 3. 
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Distance 


Distance Guesstimation is a Major Problem for Walkers 


Because distance measurement is a major problem, we find it easier to ignore. 
We resort to some other method of navigation. 
If we simply, out of laziness, give up on logging our pace & distance-already-come, we waste a sensible cross-check. 





The first of these three sub-sections will look at the amount of distance you have covered — progress — distance made good... 


. Elapsed distance — puts you on the map precisely — unless you are not very sure of your progress! or the map scale! 


” Map scale — “It looked so easy on the map!” — Judging time, distance & difficulty is a question of reading the map- 
scale properly. “How far could we get by lunchtime?”. Guessing at a curved distance is always a bit of a bluff. If you 
hear yourself saying “On the map that’s about 5 km” stop and measure from the map-scale more accurately! 

ig Sideways drift — is a matter of trigonometry, when you discover an error in your direction heading 

" Up/down progress — is in another dimension. You don’t need an altimeter, but it helps. (If you do take a portable 


altimeter/barometer, make sure to test it to see whether or not it reacts falsely to temperature change—put it in the 
fridge then in a warm place; then don’t forget to keep adjusting it according to the atmospheric pressure changes) 


The second sub-section is about the rate of covering distance — pace — and distance-yet-to-go. 


The third sub-section is about the distance you can see, but don’t cover — estimating the ‘range’. How Far to That Landmark? 
E.g. You can identify a peak on the map — but only if you are certain enough of the distance from you to it. 


Distance = Speed x Time 


E.g. 4 km per hour x 3 hours = 12 km 

Hint: Measure only elapsed, ‘walking’ time; Delegate someone to keep track of accumulated time out for stops and diversions. 
Hint: Mentally bring forward your starting time e.g. “(as if) we started at 10a.m.” (You started at 9, but had two, 2 hour stops) 
E.g. foam takes % a second to pass your 10 m yacht; speed equals 10/.5 = 20/1= 20 m per second. 

E.g. I seem to have drifted 12 km in one day = % kph current. E.g. The cloud shadows cover 5km in 2minutes = 150kph wind. 


Keep a Log! 


That’s how mariners keep track—they write it down in the special book. Do you carry a notebook? 


Add ing Two Speeds 3 kph current half as fast... 





Convert speed to a length (e.g. 4 kph = 4 cm) and direction to an arrow. ASwimming 
Add the two arrows, tail to tip, in either order. 4| across 4 ie 
Complete the triangle or quadrangle tail-to-tip. a river cf 





Note that it is faster to swim a river by pointing straight across and letting yourself be swept downstream, than by frying to 
stem the flow by pointing upstream. Only when the two speeds are perpendicular do they not affect each other e.g. the 4 km 
per hour is not affected by the current in the first example. Or e.g., If your boat speed is 4kph ahead, and the tidal flow is 5kph 
against you, your actual movement is backwards! (with any sideways component added in independently). 


Example: Three air-speeds ae: wine = aetal BiUgl esse very fast across the ground, slightly to your right. 


I.e. Your speed & direction through the medium (air/water), relative to the ground + the medium’s movement, 

over the ground (the medium carries you when it moves) = your total speed and direction, over the ground. : 
Lastly, to analyse apparent wind speed, to avoid confusion, draw only the three winds involved. I move this way... v 
First convert your progress over the ground (top arrow) to an opposing apparent wind (right-hand arrow opposing it). Val 








Don't try to add wind to your motion—that's not a sensible question/answer. The medium (air) doesn't carry you when it 
moves. Answer: I feel the actual ground-wind, a cross-wind ( ——p) in my face, diagonally as shown... 


Range: Rule One: Guess 


Then don’t trust any calculation which doesn’t agree with your initial guesstimation. 
But remember that distance is deceptive over featureless terrain e.g. water/beach — we underestimate it. 
Birds bob their heads to see how much an object shifts against foreground and background. It’s worth some practice. 


“Range” of Visibility — Two Halves to the Picture 


“Extreme visual range” must be calculated in two bites — So Don’t Forget To Add! 

— e.g. when asking “Should we be able to see Ben Nevis from Brady’s Peak?” range one range two 
— e.g. at sea when you can first see the lighthouse lens, not just its loom. 

From a kilometre high you can see 1° of latitude 


before the curvature of the earth cuts your line of sight. 1km ie LS. 1km 
— e.g. you can see a 1 km high mountain from two degrees away high 
if you are ona 1 km high mountain — see diagram... 222km 


“Range Squared is Dee Height” 


This is an easy mnemonic. “Dee” is dee Earth’s Diameter i.e. Extreme Range = vV(D x H) see p.92c 
H is your height above the intervening horizon e.g. the wave tips, or a 250m plateau. 
Since the Earth is 40,000 km around, divide by Pi to get 12,700 km diameter. 
range The formula is a theorem in geometry, 
about the geometric mean (the tangent) of an extended diameter and the extension length (H). 
The formula states: the square (range x range) = the rectangle (not shown: H x D+H). 
(i.e. the range substitutes for both parts of the product, ‘geometric-’ or area-wise) 
but since the height H, in reality, is very small, therefore range? = D x H 
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Map and Compass Work 


To “Read” a Map — Rule One: Don’t Lose Your Place! 


Get the geometry fixed in your vision — of where you are on the map e.g. “in the top right grid square, next to that lake”. 
And then don’t keep losing your place every time you look at the map again! 
..Whether the map is now upside-down, side-on, or whatever. 


Rule Two: Imagine Arrows, for the Sun, & Your Movement 


Again, visualise them geometrically, in relation to the whole map shape, from one corner of the map, for the Sun, and from 
where you are on the map, for your movement. When your map is properly oriented, the movement arrow will point in front of 
you, ahead, matching the trend of your movement onwards. 


Rule Three: Get Used To Any New Map Scale 


Maps are “Fractal” They show “self-similarity across scale” 
i.e. A river system will look the same on a small-scale or large-scale map — there is always finer detail to show. 
A road network is the same — the smaller the scale, the more roads are left out, leaving a similar looking network. 
A coastline shows such self-similarity. Magnify the details and it still looks like ‘a coastline’. 
New Map-Scales are Hard to Adjust to 
It takes time and testing to get used to a map scale, because they all look alike no matter what the scale. 
To get used to the new ‘feel’ of a map, check up regularly on your map-progress, until you are no longer surprised by how far 
you have or haven’t come. 





Rule Four: Don’t Give Up! 


Don’t let the combination of difficulties bluff you! 
E.g. You misjudge the scale, misjudge the Sun’s direction by optical illusion, you see turns & bumps not marked on the map, 
doubt the accuracy of the map, fail to assess the slope accurately,... and so eventually... give up in confusion! 
Problems are normal, and solving them by the map is normal too — don’t give up trying. 
—Also See “Map Checklist” p.113— 


“L.M.N.Or P.” 


L for Landscape; M for Map; N for Compass Needle: Or for Either/Or (the big point of the mnemonic); P for protractor 
Either/Or means: Each component of map&compass work can be used alone and independently for some tasks, if desired. 
Plotting compass bearings can seem complicated. This mnemonic is designed to smooth the way. 

A navigational compass has a protractor independent of its needle. The trick is to remember that! 

The protractor has 2 parts too (p.93b). Note that some compasses have the magnet one-piece—glued onto—the protractor card. 
If you get used to using each component separately, you will find ‘map and compass work’ to be simpler. 

The trick is to isolate each of “LMNOrP” in turn, to avoid confusion. That includes the 2 moving parts of the protractor. 

It is hard to use more than two at a time! so know which two you need to use at each stage. 

E.g. A ‘prismatic’ compass will let you see both Land & numbers (P) at the same time—to take an accurate bearing e.g. at sea. 
E.g. You can align the Map to the Landscape, without ever using a number. Or you can point the Needle to the horizon likewise. 
E.g. The Protractor may be used to assess slopes, to measure the Sun’s height, to take a map bearing, to draw an angle on the 
map, to take a horizontal angle between two landmarks, to sight a vertical angle like a sextant (this may need two people), to 
find North from Sun-time, or to set a course to the left of the Sun. 

So don’t forget to use the Protractor to its full potential, quite independently of that funny little piece of metal rattling around 
inside it. (N). 

E.g. An emergency ‘compass’ is just a floating sewing Needle, or a suspended magnet. So the protractor has little to do with 
orienting the map by the magnetic field, or with heading North by the compass needle. 


If your navigational compass has a magnifying glass, a set-square and a graduated ruler, you should hardly get confused by 
thinking they had something to do with the magnetic field! — so don’t worry when you see some numbers marked around your 
compass needle — I think you learnt how to use a protractor in elementary school, didn’t you? 


Working from land to compass is called “Taking a Bearing” (L+P1,N+P2) You use the protractor to put a number on the direction 
..from map to compass is called “Getting a Heading”. (M+P). You then use the needle (P+N) to find then follow that heading (L). 
Working from compass to map is called “Plotting a Fix”. (P+M). I.e. You use the protractor, ruler and set square to draw angles. 


Maps Mean: Imagine Me! — Making Mental Maps 


The meaning of using a map is that it lines up 

— with what you see; with what you saw; with your mental maps; with what you know; with what you can’t see & don’t know. 
E.g. You glimpsed the coastline as you drove in, the lie of the valleys, the drainage of the creeks, and of course you know the 
highway that you drove in on! You can no longer see them, but it is normal to orient yourself by imagining the invisible. 

And then, your mental map is still incomplete, so that you need to use the map to add to your imagination... 





“Map To Mind” Navigation 


Transfer from the map both visible and invisible features back into your mental model and mental layout. 
1. Start with the Invisible Big Pictures — visible on the map but not to you. 

Look at the sky and the skyline as you interpret the map for what lies out of sight. 
2. Add in the local visible features — visible both on the map and to you. 
These two steps work together like lock and key — each is not very useful without the other. 
Yet both steps are often neglected and seldom put together as a whole. 

“The cars are now behind that notch in the skyline” 

“The highway runs behind that hill then turns South-East” 

“That low spot marks the river we want” 

“Our camp tonight is in line between Mount Socks and the pine plantation yonder” 
When you become temporarily bushed in, or blinkered by the rain, or shut in by the dark — then you see whether you can 
maintain proper orientation — by the invisible — or whether you just feel lost — “I can’t see where I am!”. 
If you do not make a mental map and orient yourself by imagining the invisible—you will be disoriented, 
even if you “can see where you are”. 











+ Part of the job is to look at the map in order to join your several local mental maps into one regional map. 
Remember that a map is a great memory aid, or a great memory bypass — take your choice. 
+ Rather than “put yourself on the map”, put the map in you! 
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that covers a much greater area of Hsinchu County than NCTU and includes additionally ITRI (Industrial Tech- 
nologies Research Institute), HSIP (Hsinchu Science Industrial Park) and THR (Taiwan High-speed Rail, Hsin- 
chu station). The right upper part of Figure 9 illustrates how ITRINET covers various R&D buildings in the 
corporate campus of ITRI such as B11, B12, B51, etc. 

Figure 10 illustrates how Big Data analytics based on InfoSphere or Spark is performed on ITRINET for the 
purpose of network optimization. First, network traffic measurement and network management data are collected. 


Distance 


Use the Map Scale — Don’t Just Look at It! 


Many errors of judgment result from guessing at the map distance, even when the map scale is clearly marked. 

The scale is not much good down in the bottom corner of the map, fixed in place! So copy the map scale onto cardboard. 
Somehow attach it to the map e.g. into a separate paper-pocket; onto a string; in the map bag. 

The string is useful for measuring distance accurately. You place it over a curved path then stretch it out straight to measure it. 
Point the corner of the cardboard at the starting position; position the string from there; then stretch the result along the scale. 


The Jargon 


“Large-Scale” is like a “Full-Scale Model” It shows all the details. 
Like a ‘large-scale simulation’ — it leaves out nothing. Picture a magnified ‘Large’ map 

“Small-Scale” is like a “Small-Scale Model”. You can’t see the small details. \ 
It is like a ‘small pilot study’ — not full scale. Imagine a very hard to read small map-scale in the distance. No Details. 
“Full-Scale” is “1 to 1” like the Cosmos. “Half-Scale” is “1 to 2”. “Small-Scale” is “1 to a million” like Cosmological diagrams. 
The bigger the second number, the smaller the fraction. The bigger the big number, the bigger the span on the map. 


Map-Scaling-Factors are Meant to be Interpreted 


1:100,000 means “One unit represents 100,000 units” 

Split this into two parts: (a) 100 & (b) 1000 and use centimetres i.e. 1/100 m — 1 cm: 100,000 cm 

Say (a) 1 cm represents 100 cmi.e. 1m — drop off two zeros and call centimetres ‘metres’ 

And (b) 1 m, from part a, represents 1000 mi.e. 1 km — drop off another three zeros and call metres ‘kilometres’ 

So the answer is: “1 cm to 1 km” 

1: 1,000,000 1mm =1km _ I.e. You can also drop off three (or 6) zeros and call millimetres ‘metres’ (or km) 
50,000 units makes you calculate ‘1/50th of a metre’ (=2cm), so 1:50,000 must be ‘2cm to 1km’. Or multiply to 2:100,000. 
1: 250,000 Turn this into 4:1,000,000 by multiplying both sides by four. 4mm to a km (since 1mm is 1/1000m) 

or (a) +100: cm to m (i.e. 4cm to 10,000m no longer cm tocm) (b) +10: cm to lots of 10m (c) +1000: cm to 10km 

the grid should be marked in 10 km squares, of 4 cm each 
Your compass will be marked in centimetres, but perhaps also in special scales e.g. 1 inch to a mile (1: 63,360) 








Pace Your Progress — Pre-Dict It, Don’t Post-Dict It! 


To avoid looking at the map continually, to locate yourself continually, predict the estimated time of arrival once, 

and relax. 

We are normally lazy about looking at our watch often, poor at calculating, on the hop, distance covered, and lazy about 
locating ourselves on the map often. Mental arithmetic is clearly noxious, so we try to avoid it. Working abstractly from time to 
distance to map, after the event is too hard for us. But we usually only resort to the watch after we begin to doubt our position. 
(See “the 11:59 syndrome” — we do doubt.) 

Something needs to be done about this! 








Consequently, the antidote to us refusing to log our distance, is to anticipate the timing instead 
i.e. to work more concretely, from map (I can see that) to distance (I can visualise that) to time (I can calculate that). 


. Examine the map beforehand — as a first step not a last step. You will have to do the calculation later anyway, on the 
trot! Why not do it now, calmly. 

. Guesstimate the time needed to cover the distance ahead — to the next recognisable milestone. E.g. use 4kph, “%4hr/km 

* Look at your watch, as the last step, when you near your goal. 


In this way the landscape ‘means’ time to you; “When we reach the bridge, we turn left — and that should be in 25 minutes” 
Your guesswork will get better too. 
You will find yourself looking at your watch more frequently, with the question: “Should I be there yet?”. 


Anticipation Is Exciting. Back-Calculation is as exciting as the washing-up. 


N eee . " 
Range Squared is: Dee Height” «vee is piameter 
i.e. Extreme Range of Visibility = V(D x H) on this side of the horizon. Don’t forget to add the ‘beyond the horizon’ range. 
Five round-number rules are highlighted. By playing around with some approximations, we can find some rules of thumb... 
127 is close to 128 and 125 and 11.37; Pi (3.14) is close to V10 (3.16);... I hope these tricks will make the square roots easier 


40,000/pi x 40/pikm = 400 km range from 12.7 km Notice the two related doubling sequences I have given. 

40,000/pi x pi km high = 200 km range from 3.14km You can only see twice as far from four times the height 

12,500 km x 4/5 km = 100 km range from 800 m high 125 is five cubed 

1137 x 92/102 = 100 kmrange from 810m 34 km from 90 m; 11.2 km from 10 m — 1/3 from 1/9 height 

12,500 km x1/5km = 50 km range from 200 m high “Rule of (lesser) fives: 50 km from 1/5 km”; 

12,500 km x 1/20 km = 25 km range from 50 m high Multiply or divide H by four to double or halve the range 
12%/km range from 12%m e.g. from the top of a beach 


12,700kmx.0127km=12.7km from 12.7m—from a ship’s deck, to the horizon, when estimating distances across open water. 
12,700 km x 1.27 km 127 km range from 1.27 km high 1/10 from 1/100. Remember the number 127 must be 400/Pi; 
100,000/8 x 10/8 km 125 km range from 1.25 km 0.125 is 1/8 





12,800 km x 1/2 km 80 km range from 500 m high or “Rule of (greater) fives: 50 miles from 500m” 


12,800 km x 1/23 km 40 km range from 125 m high You can also derive 160 km from 2 km; 800 km from 50 km 
40,000/V10 x 0.4/V10 = 40 km range from 127 m high = “400km from 12.7 km” = 1/10 range from 1/100 the height. 
12,800 km x 1/2° km = 20 km range from 31 m high = 200 from 3.14 above. 

12,800 km x 1/2’ 10 km range from 7.8 m high ..if you bother to halve 1000m seven times! 


12,800 km x 1/500 5 km range from 2m high From a dinghy/beach. 1/5 range from 1/25 height cf 50m high. 


21,600 nautical ml/pi = 150 nautical miles from Pi n.ml high approximately, because 150 squared is 22500. 


832 n.ml x inml. = 83n.ml. 150km from 1 n.ml. 60 x 360 / Pi is approximately 83 squared nautical miles 
12,300 km x 1 km = 111 kmrange from 1 km height 1° of latitude, from 1 km high, approx. “55 from 1/4” = 250m 
1112 km x 1/9 km 37 km range from 111 m high 1/3 of the range from 1/9 of the height 
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Map and Compass Work 


Look Carefully at the Fine Detail on the Map 


E.g. a kink in the track, just before a junction, may make it look “not like the map!” until... you re-examine the map... 


“Oh yes, it is marked like that after all, I just didn’t look closely enough” ee ee 


E.g. that maze of fine blue watercourses marked — don’t be a-maze-d by it — look at its detail! 
For a stronger magnifying glass, reverse your binoculars. For an even stronger magnifier, remove the eyepiece and use it. 









There is usually a magnifying glass on the compass. 


Look Carefully at the Fine Print 
E.g. date of compilation ..1864? 
E.g. “adjust all longitudes by + 2 minutes of arc” 
E.g. yearly magnetic drift 
E.g. Contour interval — 10 m or 100 m? 


Some Map Details are Not to Scale! 


E.g. Two wheel ruts might look like a 100 m wide road on a map (if you took it seriously). 
Consequently...“ ed 





..may be a 100 m Zig-zag! And... — —..is nota 
| cross-road 


E.g. A “cascade” symbol... I 

naw ..might equally mean two huge waterfalls, 300 m apart. VI and the hut is not 
E.g. ‘Smooth’ bends a ee 11 “at the junction” 
Pon See ..probably hide many small extra sinuous ones. E.g. in a river. VI 


Moral: Keep an Open Mind. Keep your eyes open for alternative interpretations. 


Using the Protractor by Itself 
The protractor has two sets of lines — the lines on the movable 0-360 protractor-circle, and the fixed “follow me” arrow, taken 
together with the edges. Line up one set with horizontal, or North, or whatever; line the other up with the slope or angle to be 
measured. The angle in degrees clockwise is the space between the zero and the “follow me” arrow, not the other way around. 
This may be used when the magnetic field 


t 
RK Mountain slope 
= Horizon x BS 
is locally anomalous or untrustworthy. 


Pocket sextant 
Point the edge of the compass body directly at the Sun (Tilt the compass axis to Polaris) 
until it casts no shadow. (Don’t look at the Sun) Reverse this to get the time from North. 
If your compass fluid has a bubble in it, 
it can be used as an artificial horizon. 






North by sundial When the angle of the Sun 

(SH) (it moves around at 15°/hr) 
corresponds with the time of day, 
you must be facing North/Polaris. 











horizontal angle 





Keeping a course relative to a landmark. Peak Measuring 
for a circle o 

Draw an angle 

or measure it 


Measuring a TaN 


vertical angle or ‘distance off’ 








Mental Networks 


Our mental maps seem to run on networking — junctions and joins; choices and destinations; routes and ‘directions’ 
Consequently mental maps are prone to logical-type blunders 


- Missed junctions e.g. of creeks or paths 

" Misidentifications e.g. of segments, features or forks 

* Poorly judged measurements of lengths or direction e.g. hairpin bends which aren’t noticed 
. Mistakes of number 


If you reread the section “Logical Blunders” (p.39b) you will notice that most can be seen as a wrongly imagined network. 
That’s one more reason to study the real map, in order to bring your mental map up to speed. 
When we function on short term memory of mental branching directions, any shock or daze can be crucially disorienting. 


The Most Valued Map 


..Is one which you have made yourself. A do-it-yourself job makes it “yours”. Practise with a MUDMAP, p46e. 


When you copy important detail from other maps onto your map e.g. peak elevations; track notes; waterholes, 

then your map becomes more valuable than a replacement map. 

You add extra details e.g. campsites; walking times; side-tracks & old tracks and suddenly you prefer the old dog-eared version 
to a brand-new map! 

Sometimes it is even better to start with a blank sheet of paper. 

But since it does you no good to pinpoint your position on a blank map, unless you are at sea, 

you proceed to add in the important local details so that you can tell where you are... 





To copy a map: Copy the Grid First. ..if there is one. Add in many diagonals as guidelines. 
The next rule is: Get the Landmarks in their correct relative position first i.e. work top-down. 
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Distance 


The Psychological ‘Half-Way Point’ 


You have to judge and juggle several factors before you decide that you are ‘half-way’. 
E.g. The “Unknown Territory” Scare-Factor (Ambition versus Safety Margin). In planning your time-budget, you can’t 
relax in a one-way journey through unknown territory, until you know you have a reasonable safety margin in hand 
So 2/3 the distance along, might be ‘half-way through the test’. Other examples... 
The “Point of No Return” — You tend to speed up, once committed to the next goal. 
The “Downhill Run” — It is the quicker half. 
The “Back-Track Return” — tends to be quicker i.e. the turnaround point can be after lunch. 
The Morning Spurt-Afternoon Hurt Syndrome — puts ‘halfway’ before lunch. 
The Side-Track Scheduling — if you don’t explore side tracks on the way in, when you are fresh, 
you may not want to tackle them on the return journey. 
The “My Feedbag is That Way” Home-run spurt on the last day. 


When You Meet Other Walkers 


“When did you leave this morning?” = how far to your next camp. 
“Anything about the track that we should know?” E.g. slow sections 
“Any deep water crossings” or other hold-ups 
Other questions, less related to walking progress and pace, are... 
Anyone else ahead of us? (Will there be room for us all?) 
Do you carry a track guidebook? (Can I read it?) Do you know the forecast? 
Any good water available on the way? Can you recommend a camp site? 
Did you pass our tents? (Are they still there!) 
Pluck up your courage to ask what you want to know, and be prepared to share what you know. 





Advice about Walking Times — Double & Halve! 


E.g. Brochures seem to add “return” or “one way” by guesswork sometimes. 
So “6 hrs” means 3 to 12 hours until proven otherwise. 
E.g. Fit young rangers saying “six hours” may mean “for me; double it for you” or “for you; halve it for me” 
E.g. “walking time” may mean “excluding stops, rests and meals” — you could find yourself pushed for time. 
E.g. “Not far, you can’t miss it, it’s easy all the way” could prove disastrous. E.g. (provided you find the right track’) 


20 Minutes per Kilometre — Double & Halve — Easygoing Maths 

It means 3 km per hour —an easy-going overall walking pace when you include short rests, difficult vegetation (within reason) 
and lack of any hurry — tourists on track, walkers off track. 

Obviously you need to multiply and divide by 20 to convert kilometres to minutes, or minutes to kilometres. 





If the number is small — kilometres — multiply it up to the larger number — minutes — double it and add a zero. 
If the number is big — minutes —divideitdown — to the smaller number — kilometres — halve it and subtract a zero. 
You could also express it as a “half a kilometre every 10 minutes” but the “20” makes the maths easy; 


And even simpler, to cope with the zero, express yourself in ‘lots of 10 minutes’. 
E.g. 5% kilometres will take about... (double it, to get many minutes)... 11 lots of 10 minutes 
E.g. “We’ve been going 50 minutes — (five lots of 10 minutes) — ; that’s about... (halve it, to get a few km)... 22 kilometres” 


4 km per hour — Normal Walking Pace — Double and Halve! 


You can easily double or halve your pace. Start with 4kph as a sustainable rate of progress, and use the doublings 1,2,4,8... 
8 km per hour is someone tall walking in a hurry. 2 km per hour is someone small dawdling. 1kph is for very difficult going. 
Coincidentally 4 km per hour is 10 miles in four hours or 2% miles per hour. 
Incidentally also, at 4 kph, a landmark 15 km on your left will change direction at 15° per hour as you walk past it. 


Double, the Acute Angle, off Your Nose — For the Distance Off 
This double-angle method puts numbers on a very “natural” method of gauging distance... 


In the first diagrams you walk from the bottom left to the top, and watch a landmark, ahead on the right, pass you by. 
The distance walked = the distance off if you walk far enough to double the original angle (away from straight ahead). 





The initial angle must be acute. You need to maintain a straight course throughout. AN120° 

The simplest case uses the diagonal of a square. 45° changes into 90° T ee 

The next simplest example is the equilateral triangle. 60° changes to 120° ae > 

Followed by the 30° isosceles triangle. 30° changes to 60° oa 
90° = . | 

But the general case is made clear by the geometry of two equal radii in a circle. i 

It is because the angle at the centre of a circle is double the angle at the circumference. 1 oF 

The angle at the centre is the final angle—double the initial one. top view... sr 


45° @ 30° 
Ahead of you, the angle is always less than 90°. 
In the second diagrams, below, the landmark may not be ahead of you and the initial angle may not be acute... 





BOX 
If you walk backwards, from top to bottom, using the top method in reverse, you get... 
Halve, Any Angle, from your Stern—For Distance Off, 
.ie. In Retrospect The initial distance off, not the final distance off is what must be travelled. : 
The initial angle is now the double angle, and need not be acute. ase, 
I.e. turn the bow-angle diagrams upside-down... : 
E.g. 90° becomes 45°; or 120° becomes 60° becomes 30°... 
120° 
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Map and Compass Work 


Permanent Landscape is More Trustworthy Than Surface Detail! 


When what you see “doesn’t match what is on the map” have the sense to distinguish between 100 m deep contours which 
would take an atom bomb to shift, and walking-track junctions which a fire could reshape. 

Professional map-makers and satellite photos rarely make mistakes — in landscape positioning. 

But when they add the local details, it is another story. 

Time changes such details also. New roads, cleared bushland, second bridges — these will mislead and confuse you. 

When your mind says: “The map is wrong!” remember that what the map says — about landscape — is not wrong. 


Details Added on to a Map Are Prone to Error 


Notorious for errors are: Map North; Map Scale; Roads. 
So beware of anything other than a good-quality official government map. 


Expect The Map To Be Unhelpful 


Many important details will not be shown on the map — you just have to expect that. 
You can often trust what is on the map; You can often trust that what you want, won’t be on the map. 


Maps Do Give You 10 Times More Detail Than You Can Notice 


After you get lost and finally sort it all out on the map, you notice... “Oh yes, silly me, those contours are upslope not 
downslope! And they do show a creek-line, by those sharp bends! Oh, of course, there is a peak on the right, and that 
fenceline opposite — I missed both of those when I first studied the map. You can see Mount Bruce, lined up with the lake, 
from there, but not at all from over there. And that squiggle in the blue line, is the hair-pin bend that tricked me, but I should 
have realised that all rivers must drain to the north-west eventually...” 

Try to reduce your ten-fold folly to five-fold folly for next time! 





Using the Needle Alone — Emergency Magnetic Compass 


Magnetise your repair-kit sewing needle; It will probably already be magnetised somewhat. Stroke it with a South Pole 
toward the sharp end, so that the North-seeking pole is at the pointy end 


. Float the needle in calm water, on the surface tension (no detergent!) ) 5S N+ 


(a) lay the needle on toilet paper = 
(b) lay both on a bowl of clean water eT 
The paper will wet and sink, leaving the needle afloat. You could also try sticking it through a piece of foam. \ of 
. Hang any magnet horizontally, from hair or fine thread. It helps if you know which end is North-seeking. f % 


f 


4 


In the field, test it against a Natural North, eg, Bush Noon. At home, test it on a compass. Like poles repel... 


H int Understand that magnetic poles should be called ‘North-Seeking’ and ‘South-Seeking’ 
and that our “North Pole” is a South-seeking pole! 
N.P. (so that North-Pole seeking poles point to it — Unlike poles attract) 


The Earth’s internal magnet is as shown (It is slightly off-line with the rotation axis!) 


A compass needle on the Earth’s surface has a red end labeled ‘N’ i.e. North-Seeking 


The white end is labeled ‘S’ 





Strip Map Navigation — Follow-Your-Nose Navigation 


Our mind definitely prefers a strip map — a sequence of “directions” to follow. (None-the-less, make a MUDMAP in conjunction) 
Our eyes definitely prefer a strip map — “up” is “straight ahead”! (See “N.O.R.West/N.O.T.Least” “Nose Navigation” p31e) 
A strip-map is simply a way of formalising your track notes—every navigator really ought to do it this way... 
There are two good ways to make a strip map as you go: with a sheet of graph paper, working from bottom to top, and 
in a track notebook, working from top to bottom, but... 

Both assume that progress arrows are up-page. You could turn your notebook side-on or upside-down to write in it. 
In either case you set aside several vertical lines for each type of information, 

and set aside one horizontal line for each subsection of the journey, 

and a second line for descriptions and for comments, 

and a line for overall information e.g. trend, drainage, season; totals: time, climbing and distance. 
The trick is to use symbols. One vertical line for one sort of symbol e.g. compass needle direction 
(See the Symbol appendix p 122) Another line for another sort of symbol e.g. slope-direction, and steepness 
This way you can cram a lot of information into a small space, in a consistent and regulated manner, and be able to read it! 





track compass up landmark time leg leg distance comments eg... Saddle 
feature needle slope direction al time distance check 


Aa Peak by lunchtime 4 
Climb 6km 
O Stop 
A 1pm|20m |ikm cliffy Fr 
o™ 
QVY 


Crest 


Turn 
Pt eee |_| munch stop overlooking creek 


End Bend 
Start Bend 
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Distance 


AIMING OFF by 10° — 10° is 175m per kilometre 


1° is one in 57.3, so one in 5.73 is about 10°, (and 1 / 5.73 = .175) or 175 in 1000. (For bigger angles use the 1 in 60 rule) 
Alternatively, 2sin5° = 0.174 isosceles chord, yielding “0.174 per one” or 174 per 1000. (167m per 1000m / degree for >10°) 
This is easier than working in sixes using “one in 60”. |Hint: Express any ratio as “something in 1” or “in 10, 100, 1000” 





E.g. ‘1 in 50’ becomes ‘2 in 100’ or ‘200 m in 10 km’ 
Example: “The T-junction is somewhere ahead — about 017°, 5 km. But so that we can’t miss it, we must aim off to the right 





e.g. 027°. We therefore expect to hit the road 875m to the right of the Junction” (5 lots of 175m). 

This is how ocean navigators find an island in an ocean: Step 1: sail N/S to the right latitude. Step 2: sail E/W to the right long. 
Don’t just head straight toward something. If it doesn’t show, you won’t know which way to turn! 

Remember that a 10° error is fairly easy to make when using a compass over rough terrain (or trackless shifting ocean)! 


5 km 


one kilometre 


Aiming-off at Sea.. 





875m 

Aim-off to arrive up-current & up-wind of your destination—to make it easy to turn and sail to it. 
- Aim-off 6° to counteract leeway when sailing into the wind; 10° in stronger winds; 15° in a storm. 

Measure the appropriate angle from the wake e.g. 6° is how much your pointing-finger-tip shifts when you change eyes 
* Aim-off 6° (1 in 10) to counteract a 10% (1 in 10) cross-current. This refers to the perpendicular component, compared 

to your speed. The rule works +/-1° up to 36°—up to 60% cross-current. To avoid judging components... 
. Aim-off 1°,2°,3°,4°,5°,6°, to counteract a 10% current at 10°,20°,30°,45°,60°,90° to course, either ahead or behind. 
“ Aim-off to avoid GPS-induced collisions caused by very accurate course-holding. You should plot a course off to one 


side of the obvious line on the chart, to avoid vessels coming the other way on the same line! 


Aim Off 6° or 10% 


Blink your eyes at the destination, and when you get there, pace off the 6° offset. Ten-tuple the result for the distance there. 


1 Metre per Second is 3.6 kph 


This is merely a logical reference point for your calculations. (And slightly faster than “20 minutes/kilometre” (3 km per hour)) 
60 minutes x 60 secs per min is 3600 seconds in one hour, at 1 m per second, is 3600 m in one hour, or 3.6 km per hour. 


One metre is Up to your belly button A child’s double pace One strong fast stride 


One second is the time it takes to pronounce “Alligator One” in a normal fast voice—don'’t let it drag. Follow it with “Parramatta 
two”, “Oodnadatta three”, (or “a thousand and four”, but “alligator” keeps its speed more consistently when drowsy). 

Get used to the rhythm of tapping your finger in time with the seconds — your mind subconsciously remembers the timing. 
Take a Watch, Perhaps a Stopwatch 
1 m per second is very nearly 2 knots. 





“1 Hour Extra per 5 Hours” 


You can normally walk at 5 km per hour, on a track, on a short walk. 
But you will sustain an average 4 km per hour, when you include fatigue, and rest stops. 


“1 Hour Extra per 500m easy climbing” 


Gentle up-climbing is tiring—allow this extra time. (We are not concerned here with how long it takes to rock-climb!) 
Down-slope walking may speed you up, or slow you down, depending on the slope. 

Dense tussock country (e.g. snow grass; button grass) is the equivalent of a climb, in its up-down-up steps. Crossing the 
drainage can also be as tiring as climbing, in its regular climb-descend-climb-descend path. 


Distance by Optical Rangefinder — Accurate up to a Kilometre or Three 


We are woeful at guessing distance in that range, so there are focussing devices available which are designed for it. 


Range by Parallax and a Piece of String — pw rangerinding 


Animals shift their heads to see how much an object shifts. Blink you eyes to see the effect; walk sideways to practice it. 
For more distant objects, the very slight sideways offset can be magnified then measured... 
The landmark you are measuring appears in a slightly different direction from each of two different viewpoints. 

Pack a long non-stretch string e.g. a polymer kite-string. Know its length. Mark it every 5 m before you go. 

Use it as a giant pair of eyes—a long baseline—& to mark out a large square or rectangle on the ground, one side at a time. 
Guess at the right-angles — they don’t need to be accurate. Just make sure to use equal tension when you stretch the string. 
But use a plumb-bob to mark the corners of the square on the ground accurately — with a pebble. 

Use the plumb-line also for accurate sighting of the landmark. (You can pack up the string once you have placed the pebbles.) 
Twice as big = four times as accurate (in measuring d) If you have enough room to move, aim for over 10 m sides. 
Range = ab/d or a’ /d if a = b; from the similar triangles involved. Measure the shortfall, d, at the front, or the 
distant landmark parallax overfall, d, at the baseline. 
parallelogram An easy way to remember the formula 
d is to say that the area Rd =the areaab 
r/a = b/d because if you shear the ab rectangle, 
yee it becomes a long thin parallelogram 
d Als R long, and d wide, preserving its area. 
= —_ 














d b As a result, the formula becomes... 
~ b Range = Area / parallax offset, d 
km sq.m mm 


Be The Range=ab/d formula also makes sense 
The range should so depend ona & b and d 
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Map and Compass Work 


“Maps Grip the Universe” 


When you swing the map in your hands, around with you as you turn, the whole Universe doesn’t follow it! — it doesn’t twist! 
Instead your map gets disoriented. 
Leave the map behind, as you twist! — leave it lined up. 


The map is designed to lock into the landscape, to ‘map onto’ it, and should be used like that, not twisted out of alignment. 


You need to swing the map an equal and opposite amount to neutralise what you do. 
It’s called “swinging the map” (when you leave it locked onto true North while you swing to left and to right). 


It should not be called that! 
It should be called “NOT Swinging the Map with you” 


Map work includes ‘not swinging the map’. See “Magnets Grip Maps”. The most common method is to match the map to 
a compass needle p.103b 


Maps mean landmarks — those landmarks there! Open your eyes — and line the map up with the visible landscape. p101a. 
i.e. orient the picture of the land — the map — to map onto the actual land. 
Line the Grid North up with North e.g. by compass or by Sun. 


You may have to twist yourself, or put ‘North’ at the bottom left, but to always put ‘North’ up the top, is to divorce your eyes! 
Yes, you may have to read names upside down! Yes, it is a bother, to keep changing its ‘up’ every time you turn. 

But it means that you can just lift your eyes from the map to see what it points out. And can know what lies beyond that. 

If your map is not consciously oriented, how can you be oriented, to other than what you can see in front of your nose? 





Think “+/- 5°” For Compass Bearings; 
“+/- 10°” For Following a Compass; 
“+/- 15°” For Using a Compass! 
Compass bearings “+/- 5°” 


Test yourselves: Ask each person in turn to nominate where “magnetic North” is on the skyline 


using one particular compass, handheld. My results:+/- 5° “User Inaccuracy” 
Now try putting that compass on the ground. My results: +/- 3° “Needle Instability, friction” etc 
Try stretching a fishing line over the needle. My results: +/- 1° “We still can’t agree!” 

Next try that best method for different compasses. My results: +/- 3° “Calibration and Zero Errors” 


Now try not being very careful, with an untested compass, at night, when you are tired! 


Following a compass blind: Walk on a fixed compass bearing for 100 m or so in a fog i.e. eyes glued to the compass. 
Repeat it e.g. turn around & see where you come back to. Give the next person a try at doing better. 

I think it matters which eye you use and which hand you hold the compass in. 

We don’t necessarily walk ‘straight ahead’ when we try. We don’t necessarily point the ‘follow me’ arrow straight ahead. 

We don’t do very well at integrating and averaging out any diversions around obstacles. 

Slopes play havoc with your sense of a ‘straight’ line ahead. 

i ——— eG vi The front person finds the route. 

j\ — i *y’ The back person guides the route-finder. 


Try this... / \ The navigator logs the route directions taken. 


Re if 





Using a compass: You may plot a single line on the map, or as +/- 5°, but mentally allow an extra +/- 10°, i.e. think +/- 15° 
(for accumulated errors, possible blunders about magnetic variation, etc.). Keep the possibility of error in the back of your mind 





Caving Strip-Maps — Come in Books 


A “cave-directory” booklet records each separate section of a cave on a separate page. 
E.g. Make your own... 2C 


Book 


small high hole; go to page 6 
You may need separate booklets for different levels of the cave system. 
Main corridor 
lower level channel p.10 
Use the same symbols as before, for needle, slope, turns, etc. 
Use Abbreviations: E1, E2, E3... for Exits; L1, L2, L3... for Light sources; Parentheses (L1) = “Can see L3 from here” 
Make up names for each section e.g. “Chamber of Horrors” 
Add copious notes e.g. “water level up to ’2m deep” 
Forethought and cooperation is required to quickly and effectively map a warren or a labyrinth. 


Initially you make a muddy map, as you go, but then you add a neat copy into the book later. 
(But keep your muddy copies, for next time.) 
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Distance 


Up-down Progress 


In the first diagram you can see that you are halfway up the mountain 
bs alongside of you — use the horizon to gauge your altitude. 
pe Note: the horizon drops below true horizontal as you go higher. 
In the second diagram your shadow is obviously halfway up the shadow 
of the hill you are on — use the shadow of the mountainside. 
To find your tiny shadow: 
Close one eye — to line up more accurately. 
Look past the shadow of your head falling onto your hand 
Look for a ‘halo’ — a bright spot directly down-Sun on the plain 
Wave your raincoat around 
Well, you know where the shadow should be by now! 
i eds oe a So you don’t even need to see your shadow! 











a Ce Keep count of height in body-lengths 
rs 6  Square-topped Walking stick (3) Walk up to a stone which was horizontal from you before. 
—— 


(4) Downhill can be counted by leapfrogging with two people. 
NG eee Plastic drink bottle Half-Way across? Provided you stay in one position... 


y, SS Looking parallel from half the height gives you half the distance 
ee Reversible stick (5) E.g. when someone is swimming across a lake 
4 Artificial horizons allow you to maintain parallel gaze (6) 
aN AQ String parallel E.g. “The edge of the lake is ‘two fingers low’ 


A (herd bah eee. S to the horizon ote <hHOrizon (or any distant landmark) 
Clear plastic tube E> 
with water 


The bubble in your compass Me ake edge (now, halve your height 
ae above water e.g. by squatting down) 


Adjust Your Expected Pace 


! Three hours up, two hours down — are typical proportions, except in very steep or loose descents — 6 hours up, 6 hrs down. 
! You walk more briskly while fresh, in the morning, than after a whole morning’s walk. Pace yourself with this in mind. 

! Groups travel slower. Allow the slowest person to set the pace, because stragglers may battle or even panic if left behind. 

! Retracing your steps is quicker, since it has fewer diversions, less interest, and no unknowns. Allocate less time to return. 


! Carrying packs is not necessarily slower, on flats. If your pack is uncomfortable, you won’t dawdle, or even want to sit 
down, and can’t stop to look at insects or flowers or to chase birds. 


! River crossings chew up enormous amounts of “fussing around” time — organising and reorganising afterwards. 


! Beware of smoothed out “routes” marked on maps. The actual terrain may involve many obstacles and consequent slow 
going and detours. The words “route only” are trying to tell you that. 


! Your pace quickens surprisingly when the party falls “into the groove” of walking (without talking, noticing things or relaxing 
often). 


! Path finding can make you nervous especially in unfamiliar territory, which tends to quicken your pace without you knowing it. 
The same person, following a leader, is relaxed — and slows down. 


So when you take the lead and you wonder why the others seem to fall behind, realise that you are too keen. 


Don’t Overcompensate for Slopes And Meanders 


The worst case for slopes is about 36° for rock scree. But that adds only a quarter to the distance shown on the map. It is far 
more relevant to say “It’s the climbing and the awkwardness which will slow us down more”. 


The worst case for obstacles is grass-tussock negotiation — but that only adds a maximum of 50% to your distance covered. 


An ordinary zigzag may only add 10% 
1/cos of 25° = 1.1 1/cos of 36° = 1.24 
Top view — 25° zigzag 


Distance by averaging Maximum & Minimum Guesses 


Yes it is worth doing, because it reduces the slop in your individual guesses. 
E.g. “More than a kilometre, for sure. Less than 3 km surely! Split the difference & say 2 km 


Distance by Comparison with Some Length You Know 


E.g. The central business district—1 square mile or whatever 

E.g. old-fashioned ‘chains’ i.e. cricket pitch lengths 

E.g. 100 m race; playing fields 

E.g. “a day’s walk” 

E.g. that island which you can see, which the map says is 1 km long. 


Distance by Cloud Shadows — Look for Them 
Notice how quickly the cloud shadows move here (use distance/time), then look how slowly they are moving over there 
Time how long they take to get there. We 
See how large they look here, and how large there. * 
meeartetas ; : bate | pg a ey 

Look how high the cloud base is here, then compare the size of hills fin 

in relation to that ground-to-cloud gap, over there. fin. 

al ae A Ww 

Hint: To see which shadow attaches to which cloud, hold a string, 

to pass from Sun to shadow (past its cloud) but... Don’t look directly at the Sun! 


Sound Travels Three Seconds to the Kilometre 


This tells you how close the lightning storm is. “(Flash), Alligator One, Alligator Two, Alligator Three, Boom!, One Kilometre!” 
If you see a flash to ground, you can find the distance there. 


Otherwise, the distance is to the nearest part of the lightning flash overhead. 








steep 


2060-0. 


baseline run 









Pixr 
57% further 







er 


=e 
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Map and Compass Work 


Align the Track 


Line the map up with what you see! Often that is the road ahead, or a well-marked track. 

This is a great trick for the car navigator when using a road map — it’s so easy to see the line! 

It’s equally helpful when following any marked track on the map with the map aligned to the landscape 
— it locates you on the map — on that bit of the map which lines up with the track. 


If you were landing a fighter jet onto an aircraft carrier in the fog, you would not want to miss the runway! 

Well, think of the real track as the runway on the aircraft carrier, the land as the sea around it, & the tiny map-picture of the 
track as the jet plane. 

Twist and turn your ‘jet plane’ until it can come in to land properly. Even when you are in the fog! 


Assuming you have a properly oriented map.. 


You can find where you are on it... | 


If you know where you are on the roadmap... | ..Now the map is properly oriented. 


Compass Errors — Be Impressed! Be Careful! 


Electrical currents swing the needle e.g. reading the compass by torchlight; untwisted pairs of DC wires e.g. marine compass 
lights; Mobile phones; GPS; radio. “Impressed (DC) current” anti-corrosion systems in marinas. 

Magnets e.g. other compasses, motors, loudspeakers, clocks, ironstone. Note: Iron-rich dolerite doesn’t look rusty. 

Iron & Steel e.g. your pack, pocket knife, keys, wrist watch, cutlery, steel-capped boots, glasses, geology hammer, batteries, 
torch, studs, zips, pens, trig points, shed, fence, car, ironstone, buried machinery, coils of old fencing wire half-buried in the 
ground, tools, fuel stove, internal springs, reinforced concrete, railway lines, power pylons, pipelines. Navigating in a mineshaft. 
any of these might have permanent magnetism too. Stainless steel is often magnetic. 


User error 
Parallax — viewing the needle from one side; viewing the scale from side-on. 
isreading — e.g. any scale marked every 2° is easily confused. Mis-setting the movable scale. 





iscalculations — especially applying the variation the wrong way — adding it instead of subtracting. Confusing left and right. 
Out of date chart of deviation. Deviation is the general name for any compass error—apart from expected, normal variation. 
Quality of Construction 

Needle instability; under-damping; over-damping; motion. Let it settle. Put it on the ground. 

Vibration — has unpredictable effects e.g. twisting the needle clockwise. Walking provides regular slow vibration! Motors. 
Sticky pivot — Tap the compass Un-centred pivot 

Zero-error — the needle doesn’t match the ‘zero’ Mis-calibration of the protractor 

Needle mis-magnetisation — not quite longitudinal; amateur attempts at re-magnetisation. 

Reversed polarity — Poor quality needles can pick up remagnetisation from nearby strong magnets without you knowing it! 
Variation The difference between True North and Magnetic North changes with time and place. The map is out of date. 
agnetic drift of the magnetic pole — we only have ‘predictions’ or ‘trends’ of an unpredictable variation. Are you up to date? 
Latitude change — alters the magnetisation of surrounding fixed iron e.g. a car body or a boat’s motor or hull. 

Local anomalies e.g. Tasmania is full of ironstone dolerite. Many rocks preserve ancient magnetism. 

External magnetic fields e.g. which way a boat moors, or who moors next to it. Competing fields change or capture each other. 
Lightning strike after-affects. 

Correcting mechanism out of adjustment. 





Map Folding and Map Holding 
Maps aren’t forever — they blow over waterfalls, tear & get unreadable. 
Pack a spare 
Cover the whole surface with (non-shrinking) clear plastic film 
With good-quality laminating plastic & cutting, taping and sealing, maybe it will last forever! 


Folds and Corners lose details, and wear through. 
Cut along the fold lines cleanly e.g. to A4 size 


Use a photocopy of your own map to use in the field, to keep your original map in good condition. 


Wet maps lose details when rubbed. 
Get an A4 plastic sheet protector for the map. Tape it closed. Hang it around your neck. 


Mapwork requires bearing-lines to cross the whole map. 
Tape the (A4 or other) sections back together with wide clear tape, leaving wide gaps, as shown. 
— you can butt the edges closely when needed; the tape will crease out of the way 
— you can refold it at will, as often as you like, and show the two most useful sides out of the many sections. 


Bieta 
UL 
LL 





large gaps 
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Distance 


Distance by Double Pace — Test Yours 


A ‘mile’ (or “thousand” in Latin) is a thousand double-paces, on forced march i.e. 5.28 feet (Romans were small people) 
My dawdle double-pace is 5.25 feet. What is yours? In metres? 
Answer: Test it. Test it again and again. Average it. Each person is different. Relax, don’t push yourself. 
Test it again uphill, downhill, laden, unladen, tired, in a hurry. 
Test it at one double-pace per second — walking by the clock. 
It helps to make a 10 m cord. Use a tape measure to make the cord, then use the cord. 
E.g. I know I use 12.5 paces (single steps) per 10 m i.e. alternating 12 & 13 double places per 20 m. 
and I walk at 4.5 kph; 1 1/4 metres per second; eight seconds per 10 m. The timing varies more easily than the distance 
While watching the seconds tick over on my watch, and striding out in time with them, I manage 1.5m/sec, get tired, 
and step further out. 
You Can Be As Accurate As You Have Been Careful. If you are full-grown, working this out once can set you up for life. 





Tie Your Ankles Together! 


For a well-measured pace (heel to heel) use a 50 cm cord, for instance. 
Count double-paces, and don’t lose count — see ‘finger math’ 





Test your pedometer 


Pedometers work in different ways, so test yours on different terrain. Your knee-lift is higher on uphill sections, and your pace 
is shorter in rocky terrain. You can make your own pedometer from an old odometer, working off the flex of your boot, your 
hip, your walking stick, or whatever, or you can roll a small bicycle wheel along the ground, fitted with an odometer. 


Don’t Lose Count! Use Finger-Math 


Finger counting is a silent and number-free counting method — you only pronounce the number after you have finished 
counting. Count automatically, by placing your fingers down, each in turn, onto a hard surface. 
A thumb counts for five fingers, and the left-hand counts 10 per finger. 
When you run out of digits you have 99, so you next say aloud “A hundred” and start over again with no fingers down. 
Place each finger down onto a surface, in a definite sequence: Right Index ("1"); Middle (two fingers down); Ring (3); Little 
(4); Lift all four and put down the thumb (“5”); Leave the thumb down and put and leave down the index finger (6); middle 
(7); ring (8); little (9); Lift all five and put down the left index finger (“10”); Then put down the right index finger again (11), 
and so on, until you need to put down the left middle finger in place of the other five (two ‘tens’ down). 
With practice, you can count, add, subtract, multiply and divide — almost thoughtlessly — as quickly as with an abacus. 
We are concerned here with counting single or double paces, e.g. in a fog, and doing so in lots of 10m (or 20m or 40m for 
double paces). I.e. you count up to about 12 or 25 single or double paces mentally, and add “one more lot” to your finger tally. 
If you are in a group, you can check each other’s counting by stopping where you think every hundred metres is. 

+10 +10 


+10 +10 Lift all your fingers off 
4] +1 +1 
A +1 BY and nod your head down 
fa} +1 

for‘100’, then start again. 

+50 

+5 100 lots of 10m equals ikm 

100 lots of 20 m equals 2 km 
100 lots of 40m equals 4 km 

99 


or 100 double paces is 1/10 of your mile 


Lighting Conditions & Eyesight 


Make allowances for optical effects... 

Looking up-Sun, especially in the afternoon, you see haze (backlit dust & insects) which gives a false impression of ‘distance’. 
Looking down-Sun on a clear morning after rain or after a cold change (i.e. minimal haze) things ‘look close enough to touch’. 
As your eyesight begins to fail in mid-life, everything seems ‘distant’ but turns out to be surprisingly close 

i.e. you have been judging distance by crispness of detail all your life... 





Visual Acuity is about One Minute of Arc 


..which means that you can spot a 1 m object at 3.6 km on a clear day (since one minute of arc is (1/60)° or ‘1 in 3600’). 
I.e. You can see details several thousand times smaller than the distance to them. 


This is how seamen can judge distances over open water, to land, even though there are no other clues to go by. 
They ask: “Can I see trees? What about tree trunks? Or branches? Or leaves!” 


Lighting, Contrast, Haze and Eyesight play havoc with accuracy; But experience is a great teacher. 

Feed your mind and memory by deliberately looking through the haze to the finest details you can pick up. 
Use binoculars as a cross-check. Have competitions with your family. 

Children have better eyesight, but the idea is to judge the distance according to how it looks to you. 





100 


Map and Compass Work 


Align the Map to the Landmarks 


Make the Map Match the Marks — if you know where you are on the map you need only one landmark... 


A 


The easiest way to keep the map aligned to the landscape is by then using the direction of the Sun now, a very visual method. 
The commonest method uses a magnetic compass to find North. 
This one-landmark method can be used whenever you can see something in the distance. 


If you don’t know where you are on the map you can still orient it to match the landscape, but you will need two or more 
landmarks identified to do this. 


Compass Use — Master It, but Be a Good Master. 


. Use it to orient yourself, then put it away! 
* Use it to orient the map or to choose a route, then put it away! 
. Use it as a protractor. Use it as a ruler. Use it as a map scale measurer. Use it as an artificial horizon. As a set-square. 
" Use the set square for a back-course or a side-course without altering the forward-set-course. 
- Don’t rely on it — use other methods of direction-holding. 
* Let it point your eyes outwards, to the horizon. 
5 Use NORWEST/NOTLEAST, if you have to stare at it — e.g. in a cave. 
. Hold it 1%m above rocks; 10m away from cars, sheds, etc; several item ‘lengths’ away from small items — test it. 
7 Let it point out a foreground mark as a destination, then follow a visual line of sight 
e.g. ‘leapfrog’ or manoeuvre by ‘legs’ 
” Don’t consult it again until you need to check or choose another point. 
ig Don’t trust it, but trust yourself to it, when you need to. 
. CHECK ITS ERRORS. Check it against the map by taking a bearing from a known point to a distant landmark 
" Take a pair of forward and reverse bearings—to and from a chosen mark, to check for local magnetic field anomalies. 
ig Check your errors in using it, e.g. on the move; against someone else. 
. Interpret it for orientation value, not just for route-finding. 
” Consult it more often than you want to, when you are ‘not using it’. 
- Check your guesswork as to e.g. ‘Gully North’ or ‘Wind-West’ by it. 
. Take it. 


Layout Map — Blind 


* This project requires a pedometer to measure every hundred, metres or paces or something. A stop-watch could do. 


7 Use graph paper, so that each square on the graph paper represents one ‘leg’ of 100 (or ‘1 minute’s walking’). 
(Hint: Graph paper is a handy thing when making a casual mud-map of your progress, for this very reason.) 
Try it at least once. Without triangulation and cross-checks you can build up the layout just by reading the compass. 
i.e. Beware: This is a bottom-up method, prone to inaccuracy. After one accurate practice-run, you can do a better casual job. 
I achieved over 90% efficiency at coming back to my starting point after a 24 km circuit on my first try! 
(In fact I know that the 8% error was mainly only due to a few blunders in marking the wrong direction. 
Also, I only measured ‘direction’ to +/-15° since I was also testing the ‘clockface method’ of direction — to the nearest Yzhr.) 


When the compass read “2:30”, I needed a reverse clockface on the map, and I needed to mark... 


one unit long 





(Hence I made a few left-right blunders which I had no record of!) 
You don’t need a map for position-sense, if you make your own as you go. Position sense is hard to come by, otherwise. 
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Figure 9. Greater Hsinchu 4G/LTE & Future 5G experimental network ITRINET (include ITRI, NCTU, THR & HSIP). 


Then, data analytics methods based on machine learning, data mining and statistical modeling are applied to 
analyze the collected data. Finally, we apply the results thus generated to network performance evaluation and 
optimization by providing a feedback loop for system re-configuration. The whole operational cycle includes the 
technologies of 4G/LTE, B4G/5G, Big Data Analytics, Cloud, and Traffic Engineering. 


4.3. Application on IoT Platform Integrated with Data Generation and Data Analytics 


This is an application where we set up an IoT platform integrated with data generator and data analytics capabil- 
ities as illustrated in Figure 11. A common challenge for IoT/M2M service providers is how to test their large 
scale IoT/M2M applications with the near realistic data that the system will handle in a production environment. 
As such tests may involve not only a large number but also a large variety of sensors, deploying a testing envi- 
ronment that contains all the necessary sensors turns out to be an infeasible, if not impossible job. To tackle this 
problem, we develop a data generation method (illustrated in the lower part of Figure 11) based on streams 
generation capabilities of IBM InfoSphere and Spark to emulate data from a large number and a large variety of 
sensors. Such generated data will be sent into and processed by the applications residing on the loT/M2M 
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Distance 


Line of Sight Can Be Extremely Accurate 


..But is often neglected, for far inferior methods. ‘position line’ 
E.g. locate yourself on a ‘position line’ as a means of marking your progress... Me! 
E.g. keep a straight line by walking to a point /2 way between you and your next destination 


E.g. 100 fence posts can be positioned to look like one when seen end on. - 
E.g. fishermen can locate their offshore fishing spot again track 
— “The jetty is underneath Mount Lofty, and the tower is behind the Town Hall” 


You can sometimes consult a map to fix your position... 
E.g. You may notice that “this part of the track runs directly toward” a peak. 
see below 
Un-mappable lines abound. Choose the nearest objects in front for best accuracy. 
E.g. “That far rock lines up with this bush. Remember them!” 


Use mapped features and the accuracy is still extraordinary. 

E.g. “The peak lines up with the intersection, but if you step only three paces left you can see the difference!” 

The alignment doesn’t need to be accurate, provided you can memorise the exact inaccuracy e.g. 1° to the left of the hillside. 
Two such alignments are needed for a fix. Look around: “What is in front of Mount William? What is behind the lighthouse?” 








Two Opposite Landmarks 


It more than doubles the alignments available to you if you have eyes in the back of your head! 

With two people, separate some distance, for accuracy, then look past each other’s heads. 

Walk slowly around in a circle looking at the horizon for possible line-ups. 

With one person, place a rock on the ground then circle it, scanning the horizon. Place a pebble to mark each feature. 
The good thing about this method is that one landmark cannot ‘blot out’ another — all the visible features are available to you. 
You may use this method to stick to a direct ‘track’ between two landmarks. 


A Slow Kilometre Cancels out Three Quick Ones 


Let’s try to keep up an average of 4 km per hour... 

First we travel 2 km in half an hour, but then we hit a slow section and manage only 1 km in the next half-hour (2 kph). 
To counteract this we would need to triple our slow speed to 6kph for the next half-hour! 

So we then decide to stop and catch our breath for half an hour. 
To counteract that we would need to double our desired average speed (to 8kph) for the next Y2hr!! Or 6kph for 6km. 
i.e. a wasted hour takes several hours of catch-up, to regain. 

(2kph for ¥2 hr + 6kph for Y2 hr = 4kph; Okph for 2 hr + 8kph for Y2 hr = 4kph; Okph for Y2hr+ 6kph for 1hr= 6km in 1¥2hr) 





Slow sections chew up the time available, so don’t dawdle. 

Quick sections can’t easily repair the damage, because they don’t last long. 

You may try to be time-efficient and walk more quickly on the easy sections i.e. hurry along the flats, 
but you can’t gain much time that way. 


To Progress Faster More Easily 
Pace Yourself — Slow Down, but Don’t Stop 


i.e. Pace yourself so that you don’t need rest stops, since they ruin your time budget, and it is time which determines pace. 
It is better for your overall pace to keep walking slowly than to stop completely. 
Go slowly on the hard sections. Pick up your pace, maybe, on long flat easy sections. 
Shorten your rest stops e.g. don’t remove your packs. 
The old rule to cover a lot of ground quickly is: run 50, walk 50 (paces or double paces). 
Catch the paradox of it — to keep going faster, go easier. 


Approximate Figures for Visual Acuity 


At 1:1,000 “I can just count my grandchildren” You need to supply figures which work for you. 

At 1:2,000 you can count individual items. Multiply the size of the smallest objects you can count by 2,000 
At 1:3,000 you can’t count them. E.g. people/shrubs/birds Multiply the size of the largest objects you can’t count by 3,000 
At 1:4,000 you can see items, but can’t count them. Multiply the smallest items you can see by 4,000. 

At 1:5,000 you can’t see them individually. Multiply the largest details you can’t see by 5,000. 

At 1:6,000 you can read unfamiliar letters Multiply the letter-stroke widths you can read by 6,000. 

At 1:7,000 you can’t read unfamiliar letters. Multiply the letter-stroke widths you can’t read by 7,000. 


At 1:8,000 you can read familiar signs. 
At 1:9,000 you can’t read familiar signs 
At 1:10,000 you cannot see that there are individual letters. 
At 1:15,000 you can see single objects e.g. trig points against the sky. 
Of course it’s rough! I told you so in Rule 1: Guess! 
Adjust the numbers to your eyesight e.g. “I can only count to 1500”. 
The idea is to build up your subconscious guesswork. 
E.g. “I can count to 3000 and can count house windows” try 1 m x 3,000 
“I can’t quite see heads” try 25cm x 4,000 


Test Your Own Visual Acuit 
Y go 
Walk up to a signpost until you can read it. Pace the remaining distance. 


Measure the size of its letter strokes. | | 

When do you lose sight of a dollar coin?! Can you count heads in a crowd at 600 m? 

Set up a 1 cm test pattern of squares (for others) to count. Try yellow squares too. 

Test yourself in different conditions — on an overcast day, in direct sunlight, in glare, on a hazy day, and at a large distance. 


3 km away 
1 km away 
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Map and Compass Work 


Align the Map to Identify Landmarks 


Lift your eyes from the properly aligned map back onto the landscape... “There should be a peak in the distance over that way.” 
“Look for an outstation in this direction” “Can you see the transmitter structure??” 






This is “Map To Land” navigation. 


If you are on a peak, you may want to keep a copy of these relative directions in a notebook 
é a (especially the ones which go off your map). 


“Magnets Grip Maps” 


This mnemonic is meant to remind you to twist the map to the north — the map should be one piece with the compass needle. 


” Place the compass on the map 
. Grip both the map and the compass in one hand 
. Turn the whole map, or yourself, or both — so that the magnetic needle points to the map’s magnetic North 


The result is that the map is aligned to the landscape. 
Keep it that way! 


Even while you walk, and twist, and turn... This is called “Swinging the Map”. The Magnetic North 
A one-off effort is called “Orienting the Map”. marked on the map 
Swinging all three of you is called “Orienting yourself” e.g. to North. is crying out 


to be matched up with... 


Align Your Map in the Dark the m 


The commonest way to align the map to the landscape is by a magnetic compass. 
The magnet — the compass needle — must ‘grip the map’, magnetic North to magnetic North, 
in order to keep the map oriented. 
One method is to set the compass protractor to zero — true North — and 
set the compass edge to grid North/true North (see diagram) and then 
set the magnet needle to magnetic North — as marked on the compass rose on the map 
Another method is to line the edge of the compass up with the magnetic North mark on the rose. 
Then you simply keep the needle point pointing to zero on the protractor. 
A third method is to set the compass to the correct compass heading then line the protracto 
with the desired course on the map, and the needle to the protractor, then follow the compass‘a 
A fourth method is to set the compass to the correct true course on the map, then line the compass needle 
up with magnetic North on the map, then follow the arrow. But always line up the two magnetic Norths! 


gnetic needle 
but check 














A Compass Holder 


Rather than hanging the compass around your neck, where you hardly ever see it, you can make it constantly visible. 
For map making, it is indispensable. 
for your head 
Version 1: Aluminium wire around your neck and around the compass, like a bib or harmonica holder... 
The compass circle is grasped by a circle of non-magnetic wire. 


Version 2: Hang a flat map board from your neck, and blue-tack the compass on to the map board... 

Drill holes in the four corners of a light board. 

One string loop goes around your neck and through the two close corners. 

Another string loop goes around your neck and through the other two corners 

and has an adjusting knot in it (rolling hitch). 
The compass protractor is set to 0° i.e. Use Magnetic North 

or it is set to x° i.e. Use True North 

To orient the map, or yourself, turn around and face North. 
For a back-bearing, turn around and use the white end of the needle to read your direction — where you have come from. 
Use the “NORWEST; NOT LEAST” mnemonic to keep you in touch with normal orientation. See p.101ic & 106b for how to build 
up a map, or keep track, blind, using such a compass holder. 
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Distance 


“Changeover Lines” of Progress — Relative Apparent Sizes 


All visual elements which surround you have an apparent size, each of which changes as you progress. 
E.g. “The hut behind us seems so tiny now, poking out from the sea of snow” 
E.g. “That hill now seems to loom high above the plain” (a vertical angle). 
Two apparent sizes will, at some stage, become equal, at e.g. as you move away from one object, which shrinks, and toward 
another, which expands. Simply notice “the changeover” and you have “a line of position’ to log your progress. 
“The hill is the same size as the leaning over gum tree” (a vertical angle, a diagonal angle, and a changeover line) 
You don’t need to remember what size you measured — just compare them for equality! 
“The width of the patch of forest is much less than the island is across” (horizontal angles) 
“But the island alongside us is about the same width as the gap between the two” (another “changeover point”) 
You don’t get a single point fix, only a line of separation. The third and fourth diagrams each show an example. 
A measurement without numbers is like saying “We are halfway there” instead of saying “4.5 km on” 
or like waiting until you are “Exactly East of Mount Big” rather than measuring “079°C” at any time 
or somewhat like “These two line up, if you put a hand span in the gap” 
The closer the objects, the better. The more distant, the more careful you need to be! 


Use the Landscape Itself to Measure & Mark Progress 


Example: “Where I came out onto the beach, 
Sloop Rock was one island to the right of Gannett Island” A RB Cc 
| 
| 
| 





A top view shows that this is simply a line of sight, locating a point next to the island. 








| 
an | horizontal angles: AB>BC n AB<BC 
| / 
Island = gap; ae / 
An apparent-size Rule of Thumb for counting | changeover/line, AB=BC 
changeover line A ye 


Distance-Off by Vertical Angle 


The simplest range finder is a piece of grass held at arm’s stretch, (if your fingernails are too small). 

Measure the apparent height of something which you can recognise later, 

then measure how many millimetres of grass was needed! 

You can relocate that distance-off later by its apparent height e.g. distance from a prominent peak; 

from a lighthouse seen from offshore; from any recognisable tree; or from a cliff with a clear base to measure up from. 

This is how our mind analyses the skyline heights — it is a very ‘natural’ method. 
Yacht navigators will find out the height of a lighthouse from a chart, 
measure the angle with a sextant, and calculate the range by trigonometry.. 








To fix your position requires two separate measurements e.g. two different vertical features horizontal distance 
In theory, the plotting looks like two circular arcs intersecting, because any distance-off must give you a circle of possible 
positions. 


The closer the features, the smaller the circles, and the more accurate the fixing of the location. 
Confuse your friends with: “1 inch away from the windmill, and 13 mm from the pine tree”... 


Safe Distance Off 


You might be sailing around a headland or reef, and want to maintain safety... 

Without needing to know where you are you can maintain a minimum distance off. 
E.g. “no higher than 1° apparent height by vertical angle” * 
E.g. “keep the horizontal angle acute, between those two points” Windmill 
E.g. “stay outside the apparent radar range of 5 km” 
E.g. “deeper than 20 m” Discard one of the two possible positions. 





Circle-of-Position by Horizontal Angle 


Here you keep track of the horizontal space between two prominent points; or any noticeable gap; or the apparent width of an 
island. Use a string stretched across your line of sight, or a stick gripped between two fists. 


——— 


In this horizontal case though, unlike the vertical angle, the ‘circle’ of position is really only a cusp — part of a circumference, 
which must pass through the two points, and your position. 
If you are closer — a wide angle — the arc is flatter; a narrower angle means you are further away — a larger part of the circle 


lies on your side of the landmarks. 
There is a constant angle 
at anywhere on the circumference 
when looking at the two points. 
You don’t need to draw this though. 


Only memorise or note the angle. 

To fix your position make two separate measurements e.g. one vertical angle and one horizontal angle too; or two horizontal 
angles—using three landmarks (or two vertical angles; or a radar range & direction from a single landmark; or use any other 
line(s) of position e.g. a compass bearing or line of sight or an advanced position line). 

Now you can relocate that buried treasure, that fishing spot, waterhole, rare plant, good campsite... simply through making a 
couple of notches in your walking stick. 





The best range-finder 


..iS a theodolite/sextant — designed to measure angles very accurately. You can use them horizontally. 


104 


Map and Compass Work 


Align the Map to Fix Your Position 


Match the map to the landscape visually. 

(The first result is to show you geographical (true) North.) 
(The second result is to show up other landmarks.) 

The third result is to show up where you must be. 

(The fourth result will be to indicate which way to continue.) 


co 






I.e. Work backwards — from Land to Map. 

One method is as follows... 

Place a small pebble on the ground. 

Place other pebbles in a circle around that, 

each one lining up with some landmark. 

Now place the map over that centre pebble. 

Twist and shift the map until it lines up. 

Get down behind the map and visually sight over it. 

When everything lines up you must be at the centre of the circle 
— over the central pebble. 


Your position should look obvious! 


A Horizontal Angle between Features Yields a Position Circle 


There is no need to draw this position circle (diagram 1), and it is somewhat awkward to construct, but there are two cases which 
are well worth drawing (permanently) on the map... 


Diagram 2. A right-angle between two peaks — it means that those two peaks mark the diameter of the circle — easy to draw. 
Diagram 3. The ‘circumscribed’ circle of three peaks — you can see whether you are inside or outside of that circle. 
To find the centre of the circle, use perpendicular bisectors. 


The angle seen from the circumference is constant. Horizontal angles are larger on the inside. 





Smaller outside 


“Two Horizontal Angles’ Usually Fixes Your Position 


Mount Near Mount Far Gulch Gully 





Record the information on a piece of string at arms’ length 


Or drawn onto paper BE Ch he FO 
Or onto tracing paper (<= || 
Or by compass bearings* 


Or with a pair of compasses; Fold the paper against your e 
Or by angles cut into a leaf; drawn on the ground; folded into paper; etc 
*you could plot back-bearings, or simply record the three directions for reference. 
This is a quick, natural, accurate method which uses no numbers or circles. It is how our mind judges the horizontal layout. 

Only one position on the map will produce such a pair of horizontal angles. 

If you draw the angles onto tracing paper, you can place it directly down over the map, to fit it on properly. 

If you make a three-arm trio of compasses with a locknut at the pivot, you can also place this directly onto the map. 
Coastal yacht navigators find the method useful, and to measure angles very accurately they use a sextant horizontally. 
In theory it plots as two intersecting circles — only one intersection makes sense. 





The nearer the landmarks, the smaller the circles, and the better the fix. Place your eye 
Just don’t choose three landmarks which are already on one circle along with you! directly over the 
Wron Right 


You don’t have to draw these circles 
Also, if you want to find an angle from the map 
you can just read it from the map without drawing any circle 
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Distance 


The Sine-Cosine Tally Method of Keeping Track, Blind 


This project is only “for experience” — i.e. you are unlikely to want to do it twice! — but you should do it once. 

The idea is to keep a running total of your ‘Northing’ and ‘Easting’ from a starting point. 

I scored 97% efficiency in getting back home, on an 11 km circuit, on my first try, with an unreliable home-made pedometer! 

It is a ‘bottom-up’ method — for when you are walking blind — when you cannot work down from the Big Picture. 

With pen and paper you record your pedometer readings & directions, and update the numbers, say every hundred double 

paces. 

E.g. “Current Pedometer Reading: 1400; (time-check 1 1/4 mins; pacing check 140 m) efficiency: 90% (slightly indirect path) 
Recent Direction 005°; adjustment needed +90, +8; new tally: 419, -45; (comments: crossed a wet ditch)” 


The chart of ‘adjustments’ follows this box, with an example. 

200% efficiency would mean “I missed the last 100 reading” 

50% = “I had adiversion” 110% ="“I stopped at 110 — make the next reading 90% efficient” 
> Set it all out with headings and long columns. 
© Your judgment and arithmetic don’t need to be accurate, because the errors are likely to cancel (!) 
© Check your pedometer for each type of terrain, by time and by pacing. 
© Avoid blunders e.g. check that the direction and the adjustments are similar between two legs. 


It is quite pleasant to stop every minute or so — at every 100 on the pedometer — It keeps you alert, rested and oriented. 
Making a full map (see ‘Layout Map—Blind) is more satisfying and just as quick. 


Mariners can (either draw their tacks, or, using this method) calculate an overall course-made-good from their many compass 
legs, by first adding up (distance x sin true course) East, and then adding up (distance x cos true course) North, from each 
individual distance and course. 

Their overall distance is V(sum1?+sum27) at an angle of arc-tan(sum1/sum2). Then correct for magnetic variation. 











Rise and Run Adjustments — Sine and Cos — North and East 





Caution: These are COUNTER-Clockwise Bearings! — as seen from a compass holder... Change 
I.e. The needle swings to left and to right while you point straight ahead. Actual direction...(NE SE SW NW) N E 
E.g. when the needle points to “20° East of 0°”, as in the diagram, Adjustments... + + oe cos sin 
“N(orth) O(n) R(ight)-West” reminds you that you are heading NNW-ish, ap Sale 

not to the East. N20°W is your anti-clockwise heading. Protractor Readings... 360 180 180000 100 0 

Don’t let this unusual method of measuring bearings confuse you N nnn? W... 355 185175005 100 9 

about normal clockwise bearings. 350190 170010 98 17 

There are really only 10 pairs of adjustments used in the whole table Ahead 345 195 165015 97 26 

I have made East positive, only to match normal bearings and 340 200 160 020° 94 34 

Map grids, which use East as positive (West as negative). i) 335 205155025 91 42 
Here, West is negative; East is Positive. VY 20 330 210 150030 87 50 

South is negative; North is positive 325 215145035 82 57 

Examples: North East is + + N315°W; 320 220 140040 77 64 
South West is - - N135°W; 315 225 135045 71 71 
North West is +- N45°W; The next figures rerun the previous ones... 
South East is - + N225°W 310 230 130050 64 77 

The + and - signs tell you 34W__(sin20 = 34 per 100) 305 235125055 57 82 

how to change your tally of North and East. 300 240 120 060 50 87 
E.g. 295 245115065 42 91 

100 paces to the NNW ish, as in the diagrams is... 94N (cos20 = 94 per 100) 290 250110070 34 94 
94 paces of Northing and 34 of Westing 285 255 105075 26 97 
Or +94, -34 20° to the West of North 280 260 100 080 17 98 


275 265095085 9 100 
270 270 090 090 O 100 
e.g. Asa different example, a tally of -640 +770 means that you are 640 paces South 
and 770 paces East of your starting point, which means that you are now N230°W from home, according to the table. 


Rule of Fingernails 


Your pointing fingernail should be about 1°, one in 60, when you stretch your arm. fXG 
Your thumbnail at arm’s length, held upright, might be one in 50. 


A pencil in your fist will be about one in 100. 

Check it out with a tape measure and calculator. E.g. 1.2 cm (width) / 69 cm (distance from eye) = one in 57 = 1° 

Adjust how you hold your arm (e.g. square in front, diagonally- or fully- on the side) and which fingernail, etc, until you find 
suitable combinations which you can remember. 

But the trick to making this useful in range guesstimations is to guess the distance away first, then estimate the height of a 
mountain, as follows... 60 km away — use one in 60. One full nail means 1 km showing; 

30km away—use 1 in 60 =%2km showing; 50km away—use 1 in 50 = 1km showing; 10km away—use 1 in 100 = 100m showing 
Reverse logic can give you the distance away, if you can see the base clearly e.g. from sea, and know the full height. 


Rule of Tom Thumb ————— 


At various times you have to judge parallax. fies 
And the trick is to project the needed sideways movement onto the intervening landscape. 
Tom Thumb 
Imagine yourself over there on that ridge — Are you as thick as that tree trunk? Are you as tall as that bush? 
To make the two landmarks line up, imagine the distance over there in the distance. 
“I would have to walk that far sideways over there” = “I would have to walk the same distance sideways over here” 





Apparent Size 


The size of people, cars, houses, as measured at arm’s length, varies with distance. You know how big they are already. 
To get a good gauge of very small angles, compare their width & height with a key or knife-blade or toothpick, held edge-on. 
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Map and Compass Work 


Which Way is North? 


Left Edge of Grid North ..... True North; Due North; Geographical North 
Star North SBN 
Botanical North te aR aca Grid North 
Bush Noon (SH) cr Grid North Right Edge 
Adjusted Cusp North Magnetic North on Map 
Moon North Magnetic North currently 
Psychological North Compass North 
(Person A) Compass North near my boots 
Upper Westerlies North Snow North 
Wind North today Landscape (Skyline) North 
Gully North (if my map is dis-oriented) 
Rock North Prevailing Wind North 
ap North (on a bad map) Yesterday’s-Wind North 
Wave North i} Previous Landscape North 
Dew North y 
Barnacle North = These are only the horizontal Norths 
Low-Cloud North Galactic North; Ecliptic North; Polaris 
Noise North are not horizontal. 


Neither is the North Pole. 
Calculated North 

Reversed polarity needle 

Not included are Coast North and other mental Norths. 





Psychological North 
(Person B) 
A Northern Hemisphere Person naudaing North by the Southern Hemisphere Sun 


‘East-least; West-Best’ Rule — Tells You Which Bearing is ‘Best’ 


This rule works only for horizontal directions, measured clockwise. 
It is for shifting between True, Grid, Magnetic & Compass bearings 0-360°. 
“Least” really means “Less than the other alternative number” “Best” really means “More than the other choice” 
The following wording (“the North which is”) is important, since you need to choose correctly between a right and wrong choice! 
The “North” which is East (clockwise) | of another “North” gives the Least bearing. 
Any “North” to the West (anticlockwise) of an alternative “North” yields the Best & Biggest numbers. 
Specifically, it is most used to shift back and forth between magnetic North and true North bearings. 
The wording may then be rendered: “Compass error West; compass heading best”. Memorise that wording. 
Because this mental arithmetic is a difficult ask, you need to draw a diagram to make the conversion clear. 
Learn this reminder “Check-up-on-yourself!” diagram... And visualise it, on the real landscape in front of you. 


orth ‘A’ 









North ‘B’ North ‘A’ is West of North ‘B’: it yields the Best of the two bearings. 
(e.g. if A is true North, and B is magnetic North, the ‘magnetic variation’ is ‘To the East’ 
and “the compass heading is Least”) 
Bearing A is Best (It yields a bigger number — East-around) 
(e.g. if the magnetic bearing is 085°, the true bearing is bigger... 120°) 


Beaving B is Least North ‘B’ is East of North ‘A’: it gives the Least clockwise angle. 


It is the North which is “East” or “West”; The bearings from it are “least” or “best”. 
Numbers are meant to make sense — your job is to look for that sense, visually. 

Landmark 

E.g. Compass Deviation......... If my compass North points too far East e.g. by 10°, 050°M = 040°Compass (-bearing is Least) 

E.g. Grid Convergence Correction...If Grid N is 2° tilted to E of true N, 070°T = 068°G (Grid is Least, since Grid N is East) 

E.g. Map to Compass............ 090° on the map means: set your compass to 100°M, when magnetic variation is 10° West (Best) 

E.g. Compass to Map.... 205°M as a compass bearing = draw 220°T on the map, when magnetic variation is 15° Least 

E.g. Add the GridtoMagnetic Convergence clockwise F angle to magnetic N to get Grid N “MAG=Magnetic, Add(the GMC)=Grid” 








String Map 


This is a fun-project. As you un-do each knot later, you relive the journey! 
A suitable string is builders’ twine — long, thin & strong. 
An extraordinary number of code variations are possible, provided you can “read” the different knots afterwards! 
Keep it simple, for a start. 
Example: Start with a slip knot. Half-hitch it every hundred paces, to keep track of distance. 
Tie a special knot at any change — to remember it by. 
E.g. a strangler hitch around some bark for “thick forest”!; a thumb knot around a feather for “Water Bird Lake” 
Chain the slip loop to keep it going. Or thumb knot the loop to lock it all up. 


A simple numerical code is: slip knot; + n half-hitches; chain on; m half-hitches; chain on; ongoing tally... 
n might mean something like ‘direction’ by clockface 
m could be ‘terrain type’ 

Here are some variations... 


OQ 


SHH SB xe @ 
right and left 
half-hitches saifenr twisted hitch = 


twisted hitch crossed hitch _ figure-of-eight loop 
multi-turn hitch 


slip knot; two half-hitches; chain-on reef knot chain-on 
thumb knot 


ea a 


Distance 


Progressing A Position Line across the Map 


Situation: You catch sight of one landmark; plot a back bearing; then travel — say for 
two hours, West — before you catch sight of a cross-bearing. You can still plot a ‘fix’! JAyer’s Rock Mount Connor 
Example (fictitious): You lose sight of Mount Connor in the Northeast; and later see 
Ayer’s Rock. Your pace is 4kph. From the bearing of Mount Connor, you plot a position 
line (by a back bearing running back from Mount Connor). You must label this ‘10 a.m.’ 
Now shift the whole position line 2 hours to the West i.e. 8 km, and label it ‘12md’. 
To do this choose any two points on it; shift those points 8 km West; 

draw a new line parallel to the old. You are now ready to plot another back bearing 
— this time from Ayer’s Rock — to cross the advanced position line, for a ‘pinpoint fix’. 
Alternatively, you could ‘shift’ only Mt Connor on the map, first. 








Pinpoint “Fixes” are a Myth! 
(Rule: Don’t suppress uncertainty, nor reject any unwelcome information! ) 
Any ‘line’ of position looks exact. But it comes with unavoidable uncertainty 
and should be plotted (mentally at least) as a wide band of * likely position’. +/- 
Potential inaccuracies abound. E.g. lining up the compass; 
reading the compass; plotting that angle; : 
grid north variation across the map; map distortions; 
errors in magnetic variation; protractor inaccuracy... 








You can now advance your “area of uncertainty” 
across the map, expanding it with each blind move! 
‘Deduced Reckoning’ navigation at sea (i.e. “intelligent gudss*y ‘ 


is more a matter of keeping track of accumulated errors 
due to tides, leeway, inaccurate course- holdinafrecording/plotting, inaccurate instruments. So too on land. 





Getting Started in the Dark 





The task is to know what direction to head off in, when you can’t necessarily see the landscape... North_of me 
You need a Map & Compass. my,dest}nation 
TAKE A MAP-BEARING- — Find the desired angle, on the map, in relation to the North-South grid............... 

— “About 60°, as a guess” 


— Use the edge of the protractor 
— Measure the angle — only the protractor is needed for this! 
Line up both sets of parallel lines — mapgrid lines, 
and the lines on the needle-holder-circle. 
— The protractor will display the angle between the two sets of its parallel lines 
“55° E. of N.” (It is marked clockwise) 
(This is Called Working from Map to Compass) 
SET THE COMPASS — Using 5° East magnetic variation, and ignoring compass deviation... 
Compass bearings should be ‘Least’ 
i.e. O50°C 
— adjust the ‘Follow Me’ Arrow to point to 50° (to the East of North) 
Twist the circle on its mounting. 
— Don’t alter the protractor again! 
FOLLOW THE COMPASS — Now turn your attention to the needle 
— Line it up with the ‘zero’ on the protractor, by twisting the whole instrument, 
And by using the grid lines on the movable circle as a guide. 
— Twist yourself this time, to line up with the ‘follow me’ arrow. And off you go! 


Mnemonic: Map to Compass (= Map to Compass Course) Means Map Grid to Compass Zero; 

Angle the Arrow to the course target; 

Put on the correction; To Get it, use the East Least West Best Rule; 

Compare the Compass Zero to the Compass Needle; Past the Follow Me Arrow is the Course Target. 





Thinking Backwards 


“Danger bearings” allow you to stay safe, without knowing your position accurately, but you need to think accurately... 
As seen from the lighthouse, you must stay on the right of 315° (and to the left of 060°). That much is clear from the chart. 
Anything ‘to the right’, is clockwise from the observer, so for the keeper to keep something (e.g. you) ‘on the right’ means to 
keep its bearing bigger than ahead. ‘Ahead’ is parallel to the 315° track shown, since the lighthouse keeper is wishing to see 
you ‘on its right’. He will be happy to see you on any bearing bigger than 315° and less than 060° i.e. 315 to 360, 0 to 60. 
From your point of view, that means, that you must use back bearings, of 135° and 240°, and then keep those tracks on your 
right and on your left respectively, as you look in. ‘Ahead’ is parallel again, but opposite to the track shown on the chart, if you 
are trying to keep the track ‘on your right’. Looking in, moving yourself to the left will place the track further to the right, and 
make bearings to things on it bigger. That means, in numbers, the lighthouse will bear more than 135° and less than 240°, 
i.e. It is safe to approach at anything between 135° and 240°. Notice that the more/less sense is preserved with such use 


of backbearings. _ 
~ a white light (safe) sector 


red light (dangerous) sector + _ oa F. 
a“ red (dangerous) sector 




















~ 
“li rocks 315° 


Point 060° 





Safe Harbour 
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Map and Compass Work 


Taking a Bearing from the Landscape 


* Start with a guess e.g. “That hill is about 060°T from me” 

. Point the ‘follow me’ arrow to the landmark 

* Grip and twist the movable protractor circle until the grid marks on it — i.e. the zero — line up with the compass needle 
a Read the resulting angle off — between the zero (which is “North” —Compass North in this case), and the landmark. 


The result should agree with your guess e.g. “The landmark lies at 065°C” i.e. East of Compass North i.e. clockwise from. 
Take a B.E.A.Ring Mnemonic: Bearings are Tracks; Expect to have to plot a back-bearing; 
Arrow to Landmark; Ring to Needle and Read It off. (Think: “Arrowing” to remember A) 





If it helps you sight the landmark, hold your compass string vertically upwards from underneath the tip of the follow me arrow. 
The ‘Zero’ is meant to be used for ‘North’! But if you point the follow-me arrow to North and the ‘zero’ to the landmark, 
then (a) it is more awkward and (b) it is an anti-clockwise “bearing”. 


If you are about to use a map, you must now convert the compass bearing to a ‘True bearing’. 
Firstly mentally change the compass bearing to a magnetic bearing if you are aware of any compass deviation i.e. compass 
errors. (You usually do not worry about compass deviations when bushwalking.) 
Next mentally convert the magnetic bearing to a true bearing using the East-least, West-best rule. 

Example: “6° variation West” (The Magnetic North is West of True) “Compass Best” so... 065°C = “059° True” 
Lastly, physically change the protractor to read 059° when you want to draw on the map, at an angle to the map’s True North. 


See opposite & above Plotting a (‘Compass-to-Map’) Back-Bearing 


Draw a line on the map from the landmark in an opposite direction. Use the protractor to get the angle xi 
If you see a landmark North of you, you must be South of it. = 
Or, what looks ‘South-West of me’ must mean that you are ‘North-East of it’. 
Think backwards! See “Back bearings: +/-200° then -/+20°” p.18e  E.g. 059°T from me to it... 
Note that I have already converted Compass to True. 239°T from it to me. 
One bearing yields one line of position (from a back-bearing plot — diagram 1)... 
Two bearings from two different directions cross for a ‘fix’ — diagram 2... 
Three bearings don’t cross. They form a ‘cocked hat’ and keep you humble — diagram 3... 
In this case, you could be anywhere nearby (which is also true for any “Fix”). 
Expand your possible positions, don’t try to pinpoint a “better” one. 
Take more care next time, especially on the closer i.e. the more reliable landmarks. 
Check your compass for fixed errors e.g. “always 3° too much”. 
Choose directions which are quite different from each other, to get the clearest crossing. 
Compass to Map Mnemonic: (Compass B.E.A.Ring, then) Compass to Grid (or True) Correction; 
Make it a Back Bearing; Angle to Grid; Pencil to Paper—Draw It in. (Think: “Mangle” to remember A) 


No-Number Back-Bearings 


Method 1. Use the white-tipped (South) end of the compass needle, when you take the bearing. 
Method 2. Point the “follow me” arrow back toward you, when you take the bearing or follow the compass. 
Method 3. Line the protractor zero up with Map South, when you plot the bearing. 
Method 4. Point the compass edge to the landmark on the map and draw your back-bearing line backwards from the landmark. 
You don’t need to alter the compass setting at all (except for the magnetic variation or grid/magnetic convergence angle). 
Warning 1. Don’t mix back-bearing shortcut-methods, or you may get a ‘double negative’! 
Warning 2. Check all you do, against reality, for sense. 
Warning 3. Don’t try to shortcut Compass-to-True conversions at the same time as shortcutting the back-bearing, 
or you will get confused. 














Parallax While You Walk — JUST DRAW IT! 


Most hand-made maps start with a known baseline scale — a straight segment of a known distance. 
I.e. “I walked from here to there in a straight line for 1 km” — for this you may need a pedometer. 
Or if you are Captain Cook or Matthew Flinders “We sailed on (this) bearing at (this) speed for (this amount of) time” 








You can then add cross-bearings at any time to fix the position of distant landmarks 

— obviously at the beginning and end of the baseline are the preferred places, 
perhaps combined with one from the middle... 

The longer the baseline the more accurate the fix on distant marks. 


Next 


To Mount Far 





You really only need a protractor for this running base-line triangulation. 
(And on a Mudmap, you just eyeball the direction and draw an arrow in freehand.) 


Here is an example of the easiest sort, and the reverse of a double-angle... 
After a week at sea, with no sight of the sky to navigate by, I was understandably over-anxious about my position, and 
“needed” a “fix”! I decided to sail toward an isolated lighthouse-island, in the hope of passing close enough to see it, perhaps, if 
we weren't too far off course. The winds were hurricane force, of course, and the sky was filled with salt-spray lifted off from 
the water’s surface. It was dusk. Suddenly, above the mist, dead ahead, the lighthouse turned on! Alarmingly high, and close. 
Too close! 
Were we “found” or about to be “lost”!? (See “Aiming Off”!) After the cheers: “What do we do? How far off are we?!” 

“Turn at right angles to it; Maintain that course; Take regular bearings until it is diagonal; Keep track of the distance run. 

Then resume your course. That way we can tell how far away it is.” 
“How can you do that!” said the bewildered, inexperienced navigator. 

I replied: “I’ll just draw it” pen oO “We will pass as far away 

“as the sideways distance we have run” 
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Section 5. Navigation Mnemonic 


A “Start-Stop-Rest” Navigation Mnemonic overview 
START 


“Start” has six points, as illustrated in the diagram below... 
These mnemonics, e.g. S.T.A.R.T. or S.T.O.P., will be expanded in the rest of this section—they summarise the book. 


© Start with a Prayer — “What more do I need to do to avoid getting dead?” 
> P.R.E.P.A.R.E.D. — What have I forgotten to do or to take, to practise or remember? Start off oriented before you go! 
> S.T.A.R.T. — with your start-off-trend-direction, which is the single most important navigational item. Start off aligned! 
© Start on T.I.M.E. — Read your watch, and benchmark your trip. Say: “Time & Tide” as well, because sometimes tide levels are crucial. 
— Check pace & progress. Estimate the Range, because time is all about distance. 
> Start time is 6 a.m. — It’s always time to look in 6 directions, plus 2—Time to Look All Around, Appreciatively, plus time to look at the Map 
> Start with N.S.E.&2W. —4 sets of 4 directions. The final W is for W.E.A.T.H.E.R. 


The final R signals that you are Ready to go. Don’t start until you R! 


S.T.O.P. A Stop is a Signal—Interpret the Why? of your stop: Does it Signal a change in watershed, catchment or view; 
in Trend or Terrain or ‘Time & Tired’; 
in Orientation (embarrassment—if lost, rule one: Stop); 
in Progress/Position/Placement—campsite, junctions, features? 


REST is best remembered as a mnemonic of 5 RE’s... 
R.E.-O.R.1I.E.N.T. — using these letters as a mnemonic. E.g. RI re-Visualise the Invisible Big Picture, and ENT Relate yourself to Nature. 
RE-RE.L.A.T.E. — re-interpret all directions to relate to each other and to the skyline, as explained below. Now don’t forget... 
RE-MEMBER — the WAY and the SEQUENCE and especially to NOTE down (in the NOTEBOOK) the NAMES, and DRAW what you need to. 
RE-LAX — Play the Navigational Game—teach it—and 5 other games. 


There is a final ‘-art’ to ‘stop and rest-’ 
RE-ST-ART 1.1 re-pray; 1.2 re-prepare; 1.3 re-s.t.a.r.t; 1.4 re-t.i.m.e.; 1.5 re-look (6 a.m.); 1.6 re-direct (NSEW), (which includes re-weather) 


... @.g. 1.3 Re-S.T.A.R.T. after a rest, on the next leg—to relate it to the last & to the start-finish trend. 





Summary: “Start” 6 times; “Stop, and Re-st-” (with 4 new “Re-”"s) 


(The Start mnemonic is a good example of the “clumping” technique 

—never more than a handful of things to remember, yet it leads you into hundreds of points.) 
Put the S for Sky at the top, where it should be. 

Use a hexagon for the 6 START up points. 

Use a clock-face for TIME, 

and the compass-rose for NSEW. 

Show the 6 directions in 3 dimensions. 

Balance it all on a triangle 

—for the “6 a.m. start” , since it has 3 parts. Sky and Skyline 


Toward what Target; through what Terrain 
Away in what Anti-direction 

Rain catchment; Region; Ranges 

Trends 


See the boxes to follow 





PRAYER P.R.E.P.A.R.E.D. 
T.I.M.E. N.S.E.W. 
UP 
Watch your progress Forward & W.E.A.T.H.E.R. 
LEFT RIGHT 
Back 
DOWN 
AAAAAA MMMMMM Now read the boxes to follow, downwards... 


P. R. E. P.A. R. E . D.—A Before-You-Go Checklist ..so that most of your navigating is already done, from home! 


P.ractise Global orientation. Get a blow-up globe. Teach others. Learn (what to learn, look for, do etc.). E.g. predict the Sun. 
Learn the Mnemonics, Codes & standards e.g. S&R signals, compass directions 
Pace your paces — metres per minute; steps per 10 metres. Left-right bias (blindfold). 

R.esearch History. Ruins. Artifacts. Mines. Geology. Get a geological map from the library. Landform. Soils. Climate. Windy season. Prevailing 
winds. Wet season. Vegetation analysis. Rare species. Biogeography. Geography — global neighbours; time zones; local coasts & river 
mouths. Catchments. Cardinal features — places N,S,E,W from you. Land lines on map. Place names — their meanings and history. 

E.quipment See the next box. 

P.lace names __ See the box after that. 

A.stronomical orientation Sleep on a map, and with a compass nearby. Point the map North. Times and directions and heights of Sunrise & set, 
Moonrise & set. Southern Cross. Pot. Sun at noon, at magnetic North/South, when East, when West, at magnetic East and West. 
What landscape markers (from the map) for these directions? The star opposite the Sun. Time zone. Local noon — its exact time. 
The Sun’s coordinate predictions. Your longitude. The “Equation of Time”. Moon-phase, -number and —day of week. Tide times. 

R.eminder Note your intentions—and tell someone where you are going and when you expect to be back. 

E.xpectations of the Weather Barometer reading. Get the Weather forecast. Follow the Changes. Buys-Ballot’s law. Steering winds. 

D.irections & Familiarity Ask someone who has been there. Read track guides. Look at an aerial photograph. Go beforehand! Find your old track 

notes. Look closely on the way in. Choose a route. Plan your strategies. Coordinate the cars, the car keys, any food drops, shuttles or codes 
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Section 5. Navigation Mnemonic 


Equipment — A What-You-Might-Like-to-Take Checklist 


(E. in PREPARED, for “Equipment”...) 


: A Map A compass A clock 

: A notebook and pen — for track notes. A track guide. An aerial photograph. A navigator’s handbook. 

. For map making — graph paper, paper, pencil, a compass-holder. A map-holder (string around neck to a...), clipboard, stopwatch. 

- Polaroid glasses — to orient by the dark blue sky band. Radio — for RDF, weather. Mobile phone. GPS. Camera. 

a Binoculars. Pedometer. Rangefinder. Calculator. Altimeter. A sine-cosine table. 

. A map cover. A spare map. A navigational protractor. A magnetised needle. A sundial compass. A two-flap cardboard compass. 

“ Marker tape; Chalk; Scissors (for cutting leaves!). A clear plastic tube. A clear plastic drinking bottle (for an artificial horizon). 

- A long piece of string (e.g. for a range-finder). Short pieces of string (e.g. for a plumb-bob). A walking stick. Someone who knows the way. 


(P in PREPARED) Place-Names —Learn Them—You Navigate by the Local Features! 


“Look. That’s Big Split Rock and that’s Little Split Rock. Wild Dog Tier is that range over there, and this plain drains out over there, into the Ouse River 
You can find your way anywhere around here from those.” 


Suddenly I was unforgettably oriented, just like he said he was, when his dad told him. 
For me, the funny names on the map now meant something worth knowing. 


Place-names are not just names you don’t know; they name places, which you ought to know. 


More accurately, place names ‘place’ you in the landscape, as well as ‘orient’ you to it. 

A sense of location is almost independent from your sense of direction, and is rarer to come by. 

Direction-sense places you in relation to very distant background references i.e. it doesn’t ‘place’ you at all! 

Location-sense places you in relation to the immediate foreground — visible landmarks, catchment basins, fixed ‘tracks’, etc. 
Place Names Place You 


S.T.A.R.T. off Oriented 


— Start-off Direction? (e.g. “upstream”) — the Single most important navigational knowledge — it tells you the return path, and the search path. 

Sky/Skyline i.e. especially according to the Sky (e.g. “toward the Moon; into the sunset”) and related to the Skyline. 

Start-off directions for the parallax method, pp. 51a,53a, e.g. to magnetic NSEW skyline or recognisable middle-ground points, or rhumb-line point 

and another set of such bearings, taken from the map, as seen from the finish, if you are on a one-way trip. 

— Toward what Target? Specify a 

Track (e.g. “downhill to the lake”) or a Trend. A rhumb-line bearing is best—from start to finish. 

Through what Terrain? (e.g. especially see what the land-shapes would look like without vegetation) 
— Away from What Point? (e.g. “from the lookout carpark), and in what 

Anti-direction (e.g. toward that other peak”—a skyline direction) 
— Rain Catchment — In what major 

Region? — as can be gauged by the surrounding 

Ranges. (e.g. “on the main spur dividing North from South arm, downstream of...”) 
— Trend: Read the Trend off the map, for starters; then continue to Read the Trends & bends and the progress as you go on. 

Read (your compass; map; watch) in Relation to the Trend, i.e. in order to follow the trend, which is the focus of this mnemonic. 
Plus: Read any other Trends, from any other places, from memory, in relation to the sky. Be able to revisualise them at will. 

— Re-s.t.a.r.t. on the next leg, to relate it to the start-finish trend, and to relate it to the previous leg. 











T.ILM.E. & Distance — that’s the point 


TIME to Look at your Watch — PACE YOUR PROGRESS — the point of this T.I.M.E. mnemonic is distance. 
— “Watch” your steps—i.e. calculate your pace from the elapsed time; 
— “Watch” the Sun without looking at it, because your watch tells you where it should be. 
— TIDE times may be necessary. 


Instrument Check — watch, stopwatch, pedometer, odometer, rangefinder — for progress 
— compass: Double the bow angle, or halve the stern angle p.94c; parallax readings on landmarks. 
— (and other instruments — barometer, altimeter, GPS, radio null, radar, depth-sounder) 


Map-Scale Check — are you judging the scale well? — What is the next goal? (This M is not for Map in general, but only for distances. ) 


Estimate the Time of Expected Arrival — guess each milestone ahead of time to set you free from a nervous TIME. Nominate an E.T.A. 


Distance 


PROGRESS: can also be gauged by lines of sight and changeover lines. Use a stopwatch, or pedometer. Read the scale. 


PACE: distance divided by time; 20min/km, double and halve = 3kph; imps = 3.6kph; 4kph normal walking pace; 
finger-math helps; pace yourself evenly. 


RANGE: Use the letters of RANGE & FACULTIES as a mnemonic to remember the different ways of gauging distance in the distance... 

Range squared = dee height; Area divided by offset; New direction parallax; Grass-leaf vertical angle, horizontal angles too; Educated guess 

Familiar lengths, and Fingernail Rule; Acuity of vision and Apparent sizes; Cloud behaviour; Upper and lower guesses, averaged; Landscape lengths; 
Tom Thumb Parallax; Intervening detail & haze alters your perception of distance; Extreme range comes in two bites; Sound travels at 1 km/3secs and 
Sidewise offsets with blinking. 


150km from 1 nautical mile high; 1° latitude from 1km; 50 miles from 500m; 50km from 1/5 km; 5km from 1/500 km (2 m); 12.7km from 12.7m. 


B.-S. P. Lin et al. 
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Figure 10. Big Data analytics for Traffic engineering of ITRINET. 


Analyzing Results from IloT/M2M Applications 
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Section 5. Navigation Mnemonic 


Look in These 6 Directions — in 6 ways — Up and DOWN part of “start at 6 a.m.”) 


6 Directions ,to Look in UP — Astronomy — Sun Moon Calendar-Stars 
— Sky — Clouds, Contrails — Blue Band 


Up/Down — What's up with the Weather? 
Ahead/Behind then DOWN —Geology — Soil Type; Rock Type 
Right/Left —Clues — Animal Trails; Bootprints; Fallen markers 
——_——> 
meen? — Up-Sun — haze & glare 
— Over what tropical country? Then —Down-Sun_ — haze, shadows, colour changes 
— Wind-wise — Up-Wind — Where on the skyline? — Down-Wind — Around what obstacle? 


— Around what pressure system? (Wind in your face) 

— From what coast/ocean? Listen; Smell 

— Up-Breeze — To what cold surface? — Down-Breeze — To what warm surface? 
— What's up-Weather? Where are the steering winds coming from? 


— Land-wise 
— Up-Hill — To what dominant peak? 
— Point to the dominant peak, even when it is invisible, 
— Down-Hill — antidirection? 

turn around to see what lies away from the peak — the “anti-peak”, 
especially in relation to your shadow — this anti-direction has a lot to 
do with a compass back-bearing—a visible line of position, you see 

— Up-Ridge — To what hill/hillock? — Down-Ridge — Down which ridge? — To what headland? 
— what offshore/underwater topography e.g. shallow reefs; islands? 

Since this mnemonic is about direction, try to point to them. 








— Up-Slope — To what ridge? — Down-Slope — Into what valley? Name them. 
At what angle across the gradient? 
— Where is the lowest upslope skyline, under the canopy? — Where is the highest downslope skyline, under the canopy? 
— Up-Stream — To what distant divide? — Down-Stream — What stream? To what distant mouth? 


— to what sedimented shelf; or deep-water channel? 


Summary: Above & Below (twice each) + Sun & Wind (above eye-level) + Land & Water (below eye-level) = 6 ways for “Up & Down” 


4 More Slopes 
1 in 4, is 14°; 
10° (aim off, 1 in 6) is 175 m per km; 
1 in 60, is 1° (1 in 57.3 is the exact figure, but it doesn’t multiply up linearly after a few degrees, whereas 1 in 60 does well after a few degrees) 
& n° is nin 60 
(1 in 6 is 10°; 1 in 10 is 6°); 
The equivalent is 5/3 in 100, 5 in 300, 167 in 1000, for use with multiplying up with the isosceles triangle angle method. 


36°, 8 in 11, is critically unstable. 


Multiply them up, inversely. 


Look in These 6 Directions — in 6 ways — Ahead and Behind 
Look Back Regularly: Is bad weather sneaking up behind you? (p.46c) “Abracadabara Peek behind you” (p.63b) 
How much has the track bent around behind you? Any acute track junctions? Can you remember this way back? 
Compare Forwards with Backwards: Do you need a back bearing? Are you half-way? Is your starting point visible, to get an anti-track forwards? 


Are there any changes in the terrain, to photograph, in your mind? Have you memorised the transition, from the far side? 
Look forward -— in time — the forecast! What is the Estimated Time of Arrival? Look Back — in time — How far have I come? 





Look ahead and behind in Upper case Time — Could you recognise this place much later, in hindsight? — What is the history of this place? 





Look AHEAD — Has the view changed — into a new catchment? Look BEHIND — Have you left the old view behind — crossed a divide? 
— at the terrain, the track showing up ahead, and the difficulties — Do you remember the way? Could you recognise it again? 
— Look for track markers, and for trails ahead — Look behind for hidden, reverse track markers. 
— Line up two (new) marks exactly ahead to keep your direction sense. — Look for the old lined up mark left behind. 
Is it time to choose another leg, and a pair of marks lined up to it? Do I need to find new ones behind me? 


Mnemonic: R,S,T-U,V,W,X-Y-Z Regularly Reverse your nose. Start/antiStart bearing & Snapshot-Sequence your transitions 
time (+Upper case Time); The View; Way (remember it?); XYZ: X marks the Track (Markers); the (Y&Z) Leapfrog Marks =6 ways for Ahead & Behind. 


Look in These 6 Directions — in 6 ways — Right and Left 


Look RIGHT Through! 1. — the bushes, to the land-form underneath; to the contours & bedrock 
2. — the canopy, to the skylight beneath it 
3. — the trees, to the most distant marks, including other trees 
4. — the treetops, to the sky — the Moon, clouds and the blue band 
5. — the foreground, to the most distant skyline horizon, whenever you can glimpse it 
6. — the haze, to the skyline details beyond the land horizon—use binoculars too. 
E.g. to barely visible mountain peaks, or a second skyline & its parallax, or to islands in the haze, or the rising Moon. 
Look LEFT 1. — to the most distant thing you have LEFT BEHIND on each side! i.e. Have you left it behind yet? Is it time to choose another one? 
2. — Have you left behind your: handbook; air photos; track guide; track notebook? — No, well, don’t just carry them — Look at them! 
3. — Have you left anything behind at the rest stop? It’s an important habit, to ask this each time you move. 
4. — Look to the right and left, for the contours, the natural ‘tracks’, and the behaviour of the network you are crossing and leaving behind. 
5. — Things on the right have big bearings; things on the left are lesser; than straight ahead, even less as you leave them behind. 
6. — NORWest & NOTLEast — North needle ‘on the left’, means you are heading roughly East. (N. On your Right = West-ish) 
Summary: Right Through & Left Behind. 
In summary for all the 6 directions make sure you Check Each One Out—Thoroughly! (6 ways each) 
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Section 5. Navigation Mnemonic 


.Plus in 2 More Directions — (1.) All, Around, Appreciatively, And At 6 L's 


. All your senses: Listen, Smell. Look around with your other senses. 
. Look 360° Around for the best & worst showings of colour, shine, flowers, greenery, new growth, fern fronds, lichens, trunks, branches, dirt. 
Compare Ahead with Behind, & Left with Right, & upSun with down-Sun, & up-wind, uphill, etc. for direction-dependent light and colour effects. 
. APPRECIATE — the scenery; the colours; the contrasts; the shapes, outlines and silhouettes; the foreground movements. 
. An Environmental Notice Time (see later box E.N.T. in REORIENT) 
. Any LOCAL PECULIARITIES to remember. 
. And At — the six L’s... — Landmarks — distances, sizes (apparent Largeness), altitudes | Use binoculars. 
— Are any familiar, from other walks you have done elsewhere? 
— Do the place names make any sense? — interpret them! 
— Layout — relative angles, compass bearings. Am I inside or outside of major landmark circles/triangles? 
— Lie — slope and terrain, catchment and drainage, contours and altitude 
— Lines Catchment Dividing Ridges and Rivers; Contours at right angles to the slope; Flight Tracks 
— Ligns — ‘Same direction’ Lines of Sight, or nearly so; and ‘Opposite directions’ alignments: Am I in between? 
— the fixed A-lignments . Am I left or right of major ‘ligns’? 
— Sky-Line — talk it through; draw it. Cross-relate all directions to each other, and to the skyline 
Summary: ‘A’ for ‘a.m.’: 6 A’s, with 6 L’s 


..(2.) Look at the Map: a Systematic Checklist. (What ‘System’? ?) 


The system is to examine top-down. From general to specific detail. From large-scale to small-scale. Look for the downward progression in these... 
3-D location: Latitude, Longitude, Elevation. Centre of the time-zone. The inset map showing where you are on the continent. Scale & size. The overall 
width- and breadth- distance of the map coverage. Grid size e.g. 10 km squares. Where you are on the map, geometrically too. The Starting Point. The 
Relative Location—over the horizon landmarks; coastal towns N.S.E.W. of you; something NE,NW,SE,SW of you. Radio stations. Highways. Light 
sources. Powerlines. Pipelines. Place names. Visible Landmarks. False peaks. Lines of the land — between landmarks. Recognisable hill-hill reference 
distances. Recognisable elevations e.g. towers. Grid North; True North; Magnetic North; Magnetic Variation; Yearly Drift in Variation. 

Catchments & Divides; Catchment Size; Adjacent Catchments; River Drainage. Land shapes i.e. interpret the slopes, contours, the contour interval. 
Trends and Bends — of the coast; rivers; roads; ridges; ranges; the track. Notice any creeks which flow backwards i.e. against the trend, and why. 
What rising ground will be visible in each direction? Perimeter features surrounding your walk e.g. a river, a range, a road, the coast, a forest. Escape 
routes — unplanned exits. What are the ridge-line limits of the sub-catchment which most encloses your possible location? What high points are on it? 
Possible routes. Clockwise or anticlockwise? Distances. Overall distance of your route. Milestone features. “ Wake-Up ” landmarks. 

Initial bearings to landmarks. Initial angles to landmarks. Initial horizontal angles to landmarks. Final bearings. Rhumb-line trend from start to finish 
Around what Obstacles? Fine details of the route. Don’t forget the fine print — the date and reliability of all the map details; the grid datum for GPS 
use; the legend of symbols; colour codes; contour line thicknesses. 
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Mark the Lines-of-the-Land On Your Map 
6 M’s for Map: 


Map Checklist (above); Map-Lines (this box); (all below...) Map Alignment; East-Least West-Best Mnemonic; Map & Compass; Map-Making Methods. 


Pre-prepare your map — Mark in the navigational lines which the mapmaker has left out. Most of these are permanent. 


Flight Paths — if you can get hold of an aeronautical chart — it forms a second triangular network. 
Catchment divisions. 


A. Cardinal Tracks — NSEW lines. Across the whole map, from the very prominent peaks; or simply covering a local area, from the local peaks 
B. Alignments — e.g. from Peak to Peak; Tower to Town; Point to Point — You may see two in line, or walk in between two landmarks. 

on Directions to major distant features — (for orientation purposes) — e.g. capital cities; coastal towns 

D. The Overall ‘Track’ — the RhumbLine — from start to finish. Mark this lightly; &/or two or three obvious overall ‘legs’ 

E. Circles of Distance Off — e.g. 5, 10, 15 km from Mt. X. 

EF; Circles of 90° horizontal angle — i.e. make two landmarks the diameter of a circle 

G. Circumscribed circles around (i.e. which just include) the triangles in the triangular grid of landmarks 

H. Transmitter to Transmitter networks — i.e. a triangular network of major peaks; include the distances and bearings on each line. 

I. 

J: 


Mnemonic: Four Straight Lines; Three Circles; Two Sets of Triangles; And One Very Sinuous Set. 


Mnemonics for Map and Compass Work 

e Map Alignment 

A.L.1.G.N. the M.A.P: 
. Align the map to Sun with an imagined Arrow, and to your course with Another Arrow; 
Le: to the Landscape; 
I... To Identify Landmarks and to get a Fix; 
G... Grip the Magnet to the Map, and the Map to the Universe; 
... Not “Swinging the Map” As You Turn; 
Magnetic Needle to Magnetic North (in four variations, “O°” to North or arrow to course, Magnetic or True); 
Angles Horizontal, fit over the map; 
P... Align the Path like landing a Plane, or align the map by aligning the Path. 


— 


e Mnemonic East least, West best 
East is Least and West is Best, tells you the North which gives the bearing that is best. i.e. the biggest in number; or lesser in number. 


e Map & Compass 
LMNOrP: Landscape; Map; Needle; Protractor; either one Or two at a time, but not all three. 


M.A.P. To Com.Pass, = Map to Compass Course, Means... 
Map Grid to Compass Zero; Angle the Arrow to the course target; Put on the correction; 
To Get it, use the East Least West Best Rule; 
Compare the Compass Zero to the Compass Needle; Past the Follow Me Arrow is the Course Target. 











Take a B.E.A.Ring: Bearings are Tracks; (Expect to have to plot a back-bearing); Arrow to Landmark; Ring to Needle and Read it off. 
Compass to M.A.P.; Compass bearing, then Compass-to-True Correction; Make it a Back Bearing; Angle to Grid; Pencil to Paper—Draw it in 


° MUDMAP: 
Mudmap on paper; Mark the start point on one edge; Up-arrow for orientation (Update it); by a Reference Direction (UpDate it); 
Maintain a trend, a long straight leg; Align the Arrow when you stop; Pencil in the Progress, and a new leg direction. 


° Other Mapmaking Methods — Use the letters of COMPASSES: 
Copy a Map Top-Down; Own Map is Valued; Mental Map—Map to Mind Navigation; Parallax onto a Running Baseline; Accumulate the Layout Blind; 
Sine-Cosine Tally of Accumulated Eastings and Northings; String Map; Exploring a Cave System Needs a Book, of Strip Maps. 
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“N.S.E.& W.” — the four cardinal directions, is a mnemonic of fours 


N for “North Coast” — all about visualising the invisible directions... 


Name which coastal towns are N. S. E. W. 

“Sweetheart” features Name your favourite spots NSEW of you 

Encircling horizon features — Horizon North; Skyline South; Environmental East; Landscape West. 
Which-way-am-I-going trend (rhumb-line), from the map, then marked onto the terrain—e.g. to behind that hillock 


S for “Shortest Shadow South” — all about the path of the Sun (and Moon)—the 1234 system 
— and the Sunny Skies quadrant system 
— How the Sun, Blue Band trend & ends, and your Shadow, currently lie in relation to... 


N Highest Noon (How High?) 

S Shortest-Shadow Souths (SH) & the two-flaps South. Coldest South is the best reference in the SH. String South using the Sun’s Shadow. 
E Sunrise (Where?) Anti-sunrise from a string-line to the horizon. 

W Sunset (When?); Bisect them. Anti-sunset from a string-line in the afternoon. 


E for Equinoctial East—i.e. other things astronomical, Etc. 


Needle-North-Seeking-Northern-Canada—over Red Hot tropics! 

South Pole Star (How High?) & Southern Cross (Where?) & Star-Chart octants & Star Compasses & Star Fixes 
Ecliptic & Equator & Equinoctial Precession 

W for the motion of the Pot, setting in the West (rhyme), at the latitude angle 


W for Wind West, i.e. Natural Directions. 


N for Nature’s Norths: Rock Noon; Botanical Noon; Solar Panel Noon; Satellite Dish North 

S for Snow South; Frost South-East; Steep Gully South; Mud-in-the-Shadow South; Dead South; Siesta South. 

E for Moss East-South-East 

Wind: Upwind: scorch, erosion & flats, Downwind: shelters, debris & steeps; Noise & colour from up-wind; Rumble & skyshine from downwind. 
& Weather Directions (& see below)—Where is Wind West? What is Upwind? Upper Winds Steer the Weather (from the West?) What is Upweather? 


Summary: 4 directions with 4 variations; Then finish with W.E.A.T.H.E.R. After a rest, re-direct yourself. 


W.E.A.T.H.E.R. — Check for Change 


W. for Wind. Has it changed — in strength, direction, gustiness? 
for Wind — in Your Face — Low on Your Left. Low winds bring the rain, clockwise. 
for “Weather systems come from the West” — in temperate latitudes — can you make a prediction? 
for the upper level steering Westerly-Wave Winds — are they deviating much from average? Are they steering a storm toward you? 
for “Wind-West” showing up in the vegetation, for when the prevailing wind is not blowing. 
for the prevailing Westerlies (or whatever). 
E. for Ephemerals — i.e. the clouds and contrails (don’t forget this E.!) 
Have they changed? — in height, type, wateriness, thickness, darkness — in directions — steering wind directions? In relation to the Sun? 
— Examine them carefully for dissipation (i.e. thinning, soft edges, layering) or for building up (hard edges and heaping). 
A. for Atmospheric Pressure Change — imagine the isobars across the land from the forecast. 
Sometimes you can see a lowering atmospheric pressure when marsh gas starts to bubble in cold weather i.e. not due to warming. 
T. for Temperature — of the air-mass 
H. for Humidity — the absolute one (measure the dew point — will it frost?). For the relative humidity try huffing to produce a fog, or onto metal. 
Does the air mass humidity & temperature, speed & turbulence let you know which direction the wind must be from? 
for Expectations — i.e. the weather forecast — test it — is it coming true? 
. for Rain — Will it? R.ight? Are you R.eady to move? Grab your R.aincoat and let’s go... Keep looking until it is time to S.T.O.P. for a rest... 
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Oriented? No? 
Rule one: Stop! getting more lost. 
Rule two: Start! getting unlost. Start navigating! Trend And Terrain—Has it changed? 
Rule three: Stay, or Steer a Straight course. Time & Tired—Does that explain your stop? 
Rule four: Don’t do it again! 


Position/Placement/Progress—has it changed? 
Have you arrived somewhere? 
Is it a named feature? A campsite? A junction? 


Have you changed view? 
Have you changed catchment? 
Interpret the Why of your stop... 


Stop -Signal: Why have you stopped? 


REST and R.E.O.R.1.E.N.T yourself 


Take 5; a 5 minute rest; REST is a mnemonic of 5’s. 
RE-RELATE; RE-ORIENT; RE-member; RE-lax; (= the 4 new RE-’s before you) RE-start. = 5 RE’s 
RE-RELATE to the skyline. 
RE-RE for Re-Read the map, 


L for Re-Late the Map to the Landscape 

A for Astronomy—relate the Sky to the Skyline 

T for Trends—imagine the Trend of invisible landscapes, in relation to the Sun, and relate your current trend to a point on the skyline 
E for Each direction clue Re-lated to Each other direction clue, especially to the landscape/skyline shapes. 


RE.O.RI.ENT — RE for Re-Orient the Map to the landscape, 
— O. for Oops! Don’t make logical blunders; Have questions on your mind; notice; speak up; integrate; connect; interpret. 
Observe the Overall trends and bends. 
— R.I. for Re-Visualise the Invisible (Next checklist; and see Section 1 Astronomical Overview; Include the clock-sense mnemonic here) 
Re-late yourself to the Big Picture 
— E.N.T. for an Environmental Notice Time — Re-late yourself to Nature — coming up. 
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R.I. For Revisualise the Invisible (and then Relate It to the skyline!) 


Work down from the Biggest Picture. Work most on the ones you can’t yet visualise. 
Astronomy — Visualise the paths of Sun/Pot/Moon/Stars; Point to the South Pole Star; North Pole Star; the Clock-sense of stars around each Pole 
— The star opposite the Sun during the Day & during the night; the Southern Cross during the day; the Ecliptic; the Milky Way 
— Earth rotation; Horizon rotation; horizon trails; clock-sense of Horizon rotation; clock-sense of low stars’ movement around horizon 
— the Moon-Sun, and Ecliptic line; The Moon phase explaining the present tidal force. See the overview at the end of section 1. 
Global — Latitude; Polar distances; Equators; Earth Poles; Seasonal Sun height; Shadow South — visualise the aurorae; Antarctica; 
— North Magnetic Pole in Canada, as a ‘South-seeking’ Pole; Aurorae; Unequal Tidal bulges. “Go Overseas” p.25e. 
— Tropical countries — corresponding to sunrise, noon, noon height, sunset, the country under the Sun now, the time zones 
— Light & Dark halves — Sunrise-/sunset-circle countries; Half the arc-distance; How the horizon is shifting due to your movement. 
Continental — Weather map isobars—visualise them across the continent — the one in front of your eyes, and on a continental aerial photo. 
— Latitudinal wind system and pressure system helices. 
— North Coast; N-S-E-W townships; NW-NE-SW-SE features. “Walk across the Continent” p.29e. “Compass-needle Continent” p.9e. 
Local — Catchments; Divides; Mouths; Mounts; Radio Transmitters; Night Lights 
— Nearby landmarks & places & highways; Home; Car 
— Perimeter features; Escape targets & Routes — Bird’s-eye layout of your route. 








The standard viewpoint is “seen from above”; ° Clockwise is to your right; Compass Bearings Circle Clockwise; 
Wrong Way Go Back! Anti clockwise is ENWIiSE ° ° SWiNES That’s how the Sun moves in the northern hemisphere 
Unscrewing is an anticlockwise motion (on a right-hand helix) ° ° Screwing in is a ‘right-hand’ motion (for a right-hand screw) 
24 hour clockfaces have only 15° per hour, like the Sun ° ° one hour = 30° clockwise, on the 12 hr clock face method 
High pressure systems circle anticlockwise in the SH ° ° ‘Low’ winds come clockwise, in the SH. 
Things on the Left have a Lesser Bearing - eThings on the Right have a Bigger Bearing 
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Clock-Sense 
Mnemonic 


6 All the solids rotate anti-clockwise, seen from the N. ° c Low stars all around the horizon follow the Sun-sense 


The ground under your feet shifts anti-clockwise in NH > 
7a&b So the hoRIzon Never Heads RIght in the NH - 
8 Wind-shift due to ground friction opposes the Sun-sense ° 
9 North lies between the SH Sun and the hour hand ° 

(actual noon points to Sun; clockface tilted parallel to Equator) 


e The ground under your feet turns clockwise (SH) 
° The hoRIzon SHifts RIght in the SH 

° Coriolis forces follow the Sun sense 

° The NH Sun is between the hour-hand & South 
(noon-time to Sun; axis to Polaris) 





13 pairs of points 


10 The SH Sun seems to move anticlockwise e The Moon goes backwards, night by night (clockwise, in SH) 
11 Nose Nav’n turns everything away NOTLEast Nth on the left=E ° c NORWest — Needle-North on the right = heading West 
12 Shadows Follow the Sun-Sense. ou can’t cross a stream twice in the same flow-sense 


E.N.T. for Environmental Notice Time —Orient yourself to Nature 


Take a top-down approach... 
Geology; geo-trends; geo-morphs i.e. landforms; geo-Norths 
Dividing ridges; dominant peak; upstream catchment size; wind shadow; rain shadow 
Season; climate type; prevailing wind; average rainfall 
Rocks; bedrock; outcrops; parent rocks e.g. upstream 
Soil types; nutrient availability 
Soil Drainage — good or poor; Water Sources; groundwater? salinity 
Aspect i.e. which direction does the slope face, in relation to high noon? 
Living stresses? — salt, minerals, wind, exposure, frost, heat, low humidity, fire, flood, wet roots, pests, diseases, competition, grazing, trampling, 
disturbance, rock instability. 
Vegetation type; the overall density of green, and of cellulose, and the height; dominant species; associations of plant types; diversity; 
individual species; individual plants. Pollinators available; seed dispersal mechanisms operating. 
Mammals; Birds; Reptiles; Insects. Drinking water availability, cover for animals, hunting pressure 
The ‘Natural Norths’ — Gully North; rock North; Bush North; insect North; Dew North; snow North; ripple North; prevailing wind North 


RE-MEMBER to Note down the Names in the Notebook 


Remember the Way, and the Sequence. 

Remember to take a Notebook. Make a neat permanent copy of your notes i.e. in ink, maybe sometime later on, in your master track notebook. 
Be Bit-wise! 

Name the subsections, junctions & links. Name the peculiarities. In the name, try to include... 


The Why, When & Where of your stop. Link & Sequence information — time, distance, context 
Lie of the Land Words to indicate the direction trend, & curves — left or right 
Visual words — colour, shape, alignments, curves Descriptive words. Collect the details. Enlist the others to describe and name it. 


Give yourself something to remember — create an acrostic; craft a creative name; sit down and write up your track notes 
Update any acrostic alliteration. And the count e.g. of the creek crossings. Do something numerical. Do something alphabetical. 
Be vivid, clever, memorable. Do something Shapely or Geometrical there Do something Memorable there. Do something there. 
Draw the shapes, outlines & skylines. Draw the directions of other landmarks from any high viewpoint. Take reference photographs. 


Remember most of all to do it all — don’t just recite the reminders to do it all! 
Mnemonics of Fives: Remember the Way; the Sequence; Make Notes; Invent Names; Draw What You Need to. 





Re-lax, and Play — Navigation Games and Activities (5 pairs to recatt) 


Walk & Talk — a night walk — a fog walk — a walk off the track — climb a hill with a small scale map & binoculars & compass. 
“Track My Trail” (“If you want lunch, you'll have to find me — give me a quarter of an hour, then track me down”). 
Keep a compass course, blind — keep a straight course, blind — ona slope? “Let’s all make an acrostic to remember this track by”. 
Try Orienteering — Try making a map of a maze of trails — then a string map — a strip map — or a sine/cosine tally map. 
Look & Learn — “Go to the front of the line if you spot a track marker which the others have missed” In a windy place look for wind clues, etc. 
Take it in turns to name a navigational or orientation clue which is visible, until you have to drop out. 
“I notice... (fill in the blank). Your turn. What extra can you add (to the description, or to the clues)?” 
Guess & Test — Each of you estimate the time of arrival; the direction to the car; the distance to a landmark — then check the map. 
Guess the time from the Sun, Moon, Southern Cross, or other stars, then check your watch. Use your compass to check your guesstimation of North 
from the bush, gullies, rocks, a star-trail, a star-set etc. Predict the tide, or the time & direction of moonrise — then sit down and wait for it. Predict a 
star-set position. Find your ‘shortest shadow’ angle today & use it tomorrow. 
Make & Use — an odometer from a wheel, a pedometer, a sundial/declination compass, a portable sundial, a string rangefinder, a slope-meter. 
Measure — Try some star navigation observations — Rise & set bisection; Use a plumb-line; a bush quadrant; a bush sextant. 
Test how accurately you can each use a compass. Test each compass against the others. 
& Memorise — yesterday’s acrostic. Remember all the mnemonics! Can you add to any of my checklists? Have a star identification evening. 
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Moon-Phase & Tide-Time Dial 


This is a handy tide-predictor, based on the assumption that tides will follow the moon. It shows you where the moon will be, at high 
tide. It also tells you what the moon is doing if you know the date but haven’t seen the moon for a while. The deluxe version can pre- 
dict tides and phases years ahead of time. It consists of a series of dials rotating on a single pin. 


© The idea is that many of these concentric cardboard/plastic dials rotate together once properly adjusted, and as quickly as the Moon 
orbits the Earth. They show the Moon Phase, the Sun, the Earth and the resulting astronomical tide-producing forces. 


Each disk is loosely fixed to a neighbour with friction (e.g. a smear of dried silicone glue) or a clip or tape or a pin, to allow adjustment. 


Set it up by observation, or by tide-table predictions. Add notes, as you accumulate information about locations, tidal range, etc. 

It can be especially useful for travellers, e.g. when fishing an unknown coast. 
If the dials are correct for any one tide (spring-tide is best), they should be correct for all the tides thereafter * 

* give or take a couple of hours for the smaller effect of the position of the Sun. 

The effect is 43% of that of the Moon, and can be estimated with practice—change the hour reading to toward the Sun, or the anti-Sun, 
a little, if the Moon is near the Sun-anti-Sun line (no more than 45° from). Local shallow water resonance effects will also alter the 
actual effect of the Sun. When in doubt, around neaps, try averaging the tide-time for one or two days ahead and 1 or 2 days after. 
The theory is that slosh resonance, or the Moon alone, or the Sun alone, might predict the difficult tides better. 


e The hanger (outline not fully shown) is hung from the wall and also folds down behind to receive the pin on which the dials rotate. 

It doubles as an indicator window, and should mark five consecutive high tides (ignoring a.m./p.m.). 
e The clockface is 24-hours i.e. 15° per hour clockwise, (markings not fully shown). Think “a.m./p.m.” for the two high tides per day, no 
matter what the reading says. 
Each new location visited may need the clockface to be twisted slightly to allow for local tide delays. Keep a note of such settings. 
Daylight saving requires a +/- ihr change — to relocate the Sun forward in summer, back to normal in winter. 


oe 6am Tx 
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° Friction-fix the Moon-window dial (white with grey window) to the hanger, so that it maintains its position. It covers over all the other 
Moon phases. 

e The Moon-phase diagrams (29 of them) underneath that, on a separate dial of the same diameter, should look right for the Southern 
Hemisphere—i.e. the Sun rising in the East, illuminating the Moon; all the phases parallel. Make the Moon-shape highly visible from a dis- 
tance. Attach the Sun to the No-Moon phase, Day 0, via a transparent link; then set the Sun to the Clockface, to indicate true noon—when 
the Sun is exactly North. 

° The optional tide-type ring (showing “neaps”), set to the Moon-phases, allows you to adjust the delay after new/full Moon, before spring 
tides. 

If you also indicate which high tide is dominant—the one nearest the Moon or the one farthest—then that will need adjustment when the 
Sun crosses the Equator. I suggest that you set the top tide for the tide when the Moon is visible, to give you a visual feel for the tide pro- 
ducing forces. 





° The date-dial is 29.5(30526805) days around—the complete lunar month—and marked clockwise from 1 to 32 (only one date is shown in 
the diagram). Dial up the date, by rotating the Sun. (For a 12-hour clockface, you would need to double the 12.19077473° per day). 
Since the next high tide will (if you are looking in the daytime) be on average that afternoon, I suggest you think of the date number as 
“the middle of the 23rd”—to avoid adjusting the date hand minutely for how far through the day the next tide will be. 


° The month window is attached to the date dial, at Day 1 of the month, if you include a month setter. 

° The optional but useful month-setter dial (markings not all shown) starts at March 1, to avoid leap-year adjustments; It makes March 32 
= April 1, April 31 = May 1, and so on—spanning approximately 11 days for the year. Restart every March 1, and reset it every month. 
Calculate the monthly positions by the day number since March 1, avoiding an off-by-one error 
(17.9°;23.6;41.6;47.3;65.2;83.1;88.8;106.7;112.5;130.4; 148.3). Set the month name to the first day of the date dial. 

You can also calculate and indicate a one-year increment, 129°.6327779, a leap year, 141°.82355, and a four-year increment, 
170°.7218865. To make an adjustment, make the old date indicated by one mark on the month dial, now line up with the increment mark 
selected, so as to indicate a date in a new month/year/leap year cycle. 


e An optional Earth ring in the very centre, can show the entire Southern Hemisphere map (not illustrated, or NH on the reverse side), and 
be set to the right longitude. It is fixed to the hanger, and to the tide-bulge ring... 

° A second ring just behind the earth can indicate two tidal bulges, one pointing upwards (or otherwise if you want to indicate the local tidal 
delay compared to the actual ocean bulge). 


Mock it up in paper, until you understand the functioning. 
Glue those paper discs onto cardboard to trial the thing for a while. 
After deciding on improvements, make it neatly, to last for decades. 
E.g. Try getting the computer to print the dial markings onto acetate, and glue that to sheets of stiff plastic. 


You can experiment with different dial orders, e.g. the date-dial on the outside of the phase-dial. 


You can make room for comments, 

e.g. by expanding the dial area showing, to say when the moon rises and sets; e.g. “light from midnight onwards”—beneath each Moon- 
phase diagram 

e.g. when and where the Sun rises and sets; Mark three horizontal lines in the background for Summer, Equinoxes and Winter. 
I.e. mark them on the backfold of the hanger piece, or on the wall. Try to match midwinter sunrise time to where the “winter horizon” cuts 
the clockface, which will also suggest the approximate direction of sunrise. 

e.g. when and where the first, second and third quarters set in each season; Full Moon opposite the Sun, i.e. 6 months different; Half 
Moon Waxing is one season ahead of the Sun; Half Moon Waning is one season behind the Sun (as far as which horizon line to use). 


You will discover that an invisible connection needs to be made between the outer top window and the inner window and dials, so that they 
do not rotate with the other dials. One way to do this is to push the pin through a piece of rubber eraser, and glue that rubber to the dial. 
Another method is to have a square pin, and key the inner dials to it, while using round holes for the rotating dials. A third and simpler 
method is to have a transparent link from the centre, over the top of the other dials. You do not want the hanger to obscure any diagrams 
or dials which need to be visible. 


The Time and Date dials are the indispensable ones. Instead of dialing up the date, you can use a normal clockface (12md always on top) 


and an hourhand to point out the next tide; you point the pointer at the date. On a 24hour clock-face it can be made like a + sign, to point 
out all 4 tides that day. 


Here is the simpler alternative version, showing an 11:30 high tide on the 19th... 





Appendix 


Divide the Star Globe into 8 Octants—and Learn the Stars in Each 


The three dividing great circles are the Equator, the Ecliptic, and the Milky Way Galactic Plane. 

A star may be North or South of each line, or on one or more of them. The lines on the backside of the globe are shown dashed. 

The labels refer to the three lines in the order given. Six of the octants show in the front view with the two in parentheses on the back. 
Verify each label before you start. E.g. NSN = North of the Equator, South of the Ecliptic, North of the Milky Way. 

Compare with a good star chart e.g. out of a large atlas, as this is only a memory aid. 


Polaris The Milky Way Crosses the Equator 
at the centre of 
Procyon-Sirius-Betelgeuse 










Galactic Plane 
NNS—The Great Square, etc. 


Summer (Northern) Solstice 
Elnath to Gamma Geminorum 


NSS 

Aldebaran 

Betelgeuse NSN 
Bellatrix Procyon 
Menkar Gamma Geminorum 
sss SSN 

Pot The Centaur 
Big Dog Antares 
Canopus Spica 
Diamond Cross Corvus 
False Cross Suhail 
Acamar Alphard 


Achernar (central) 
Magellanic Clouds 
South Galactic Pole 
South Pole Star 
Diphda 

Ankaa 

Fomalhaut 

The Crane 

Peacock 

The Archer 
Scorpion’s Tail 
Atria 







between SSS & SSN 
Southern Cross 
Southern Pointers 


South Pole Star 


The Southern Figure of Eight—Two Star-Circles—joined by the backbone of Canopus—Achernar—Fomalhaut, a straight line 
(not to scale; consult a star chart to verify each star, then find them in the sky) 


Fomalhaut Canopus 

Achernar Achernar (find Acamar on the way) 
Canopus Fomalhaut (find Ankaa on the way) 
Sirius Great Square (find Diphda) 


Orion’s belt | these 3 are also straight 
Aldebaran | 

Pleiades 

Aries 

Great Square 


Aries, the Ram 

Pleiades, The Seven Sisters 
Aldebaran, in the Bull 

The Pot, Orion’s belt 

Sirius, in the Big Dog 


Around the South Pole Star 
Canopus (find Acamar next) 
Achernar (find Ankaa next) Ach. -Fom. -Pck 


Milky Way 
Cn=Pointers (alpha and beta Centauris) 


Southern Cross Fomalhaut form a triangle 
Diamond Cross Grus, the Crane, with Alna’ir to find AlNair 
False Cross ¥ 4 Peacock then Atria (find Scorpio) & Ankaa 
4 v q Centaur, the two Pointers (find Arcturus) 
(find Spica) 
Southern Cross (find Corvus, the Crow) 
Visible in its entirety in October plus or minus a few months. (find Leo) 


Diamond Cross, False Cross, Canopus 
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Divide the Star Globe into 8 Octants—and Learn the Stars in Each 


The smaller groups, and the crossover points, are worth learning, because they show you the three lines best. 


NNN 
Alkaid (central) 
Capella 
Twins 
North Galactic Pole 
Big Dipper 
Little Dipper 
Polaris 
Arcturus 
Alphecca 
Rasalhague 
Draco 
Vega 
Deneb 
Most of Leo Polaris The Milky Way Crosses the Equator 
(Regulus adjoins NSN) at the extension of 
Beta-Delta Aquila (see p.15c) 







Summer Solstice 
Between Aldebaran & Pollux 


Autumnal Equinox 
Between Spica 
and Regulus 


NNS 
Altair AE Galactic Plane NNS Spring Equinox 
Enif between 

Great Square 1 Diphda & Markab 
Mirach 

Almach 

Algol, Mirfak 

Aries 

Pleiades 

Elnath 

(Caph, Schedar, Ruchbah) 


SNS 
Beta Aquarius 


Winter Solstice 
Nunki to Sabik 


SNN 
Zubenelshemali 
Sabik 
(Zubenelgenubi adjoins SSN) 


South Pole Star 


The Zodiac i.e. the constellations along the ecliptic. In order of appearance. Not all of them are bright or obvious in shape to look at. 


Mnemonic: Are Tall Twins Cancerous Leo? Virginal Liberated Scorpions Shoot Capricious Aquarium Fishes. 
i.e.: Aries, Taurus, Gemini, Cancer, Lion, Virgo, Libra, Scorpio, Sagittarius, Capricornus, Aquarius, Pisces 
Ram Bull Crab Scales Archer Goat Water-Carrier 
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Apprendix 


Morse Code & Rhythm Mnemonics 


Dit/Dah/Pause is an extremely flexible system. Adapt it to torchlight, sounds, sewing stitches, body movements... A lot of fun for all the family. 
if dit = one time unit; then Dah = three dits long; the di-Dah separator = one time unit; letter separator = three units long; word-separator = 6 


Say... Write... Signal... Special Meanings (only for reference) 
A anA ak di Dah 
B B bi-bi-bips ee Dah di di dit Fog Horn: I am under tow 
Cc C is Sea-sick Dah di Dah dit Between ships manoeuvring: I acknowledge your signal 

(Capital letters for a Dah syllable; lower case fora dit) i.e. You may overtake on the side you indicated 
D Dee did it ro Dah di dit Fog Horn: restricted manoeuvrability; deep draught; sailing; etc. 
E egg ; Dit I am altering my course to... Starboard 
F f’ f’ Forfeit f’ f’ Fore foot VG # di di Dah dit 
G Gee Gee git Go Go get rae Dah Dah dit I intend to overtake you, to Starboard 
H h’-h’-h’-hit eres di di di dit I intend to turn completely around to... 
Fog Horn: Pilot vessel on duty 
I is it 43 di dit I am altering my course to... Port 
J a J Goes Jay wrk di Dah Dah Dah 
K K for Kay Dah di Dah 
L an ELL leph’nt /in ELLement /inELLegant . ak di Dah di dit (draw out the Ell sounds) 
M My My — Dah Dah Fog Horn: “under power, not making way” 
N No en 22 Dah dit 
fe) Oh Oh Oh eae Dah Dah Dah 
P a P Goes pip ae di Dah Dah dit 
Q Q Forms a Queue sasiey Dah Dah di Dah (to the tune of “Here Comes the Bride”—Queue up to get married!) 
R an R dits Soa di Dah dit 
S S-S-S ess ess ess seit 2 di di dit I am under Astern propulsion 
a Tea te Dah Fog Horn: “under power, making way” 
U itis U aay. di di Dah 
Vv vv’ v’ Vee ee di di di Dah_ (to the tune of Beethoven’s V) 
WwW a White Wine a World War Ro di Dah Dah 
Xx EX mimics P All ex’s Hurt re Dah di di Dah (drawl the EX, to lengthen it in the first, not in the second) 
Y Why is Y Y? Se Dah di Dah Dah (Say the ‘is’ quickly) 
Zz Zee Goes Zi-zit Zees Go zi-zit __.. Dah Dah di dit I intend to overtake you, to Port 
U it is U too (this pairs to Zed) ieac di di Dah Dah (U umlaut or U diaresis. Invent a meaning for it.) 
Hint: For Learning, repeat each letter thrice. 
By the time the other person recognises the first, the second has finished and he is waiting to check it out against the third. 

0 NoNoNoNONO } } 7 2 
1 it Carts Four More Dahs no Rh 
2 it is Two Two Two 2 $= 4 
3 di di di Makes Three es 
4 di di di di Four pitter patter 4 (your puppy’s feet) S 
5 fit‘em in a mit (your five fingers, thatis) = ..... 
6 Five si- si- si- six 
7 Five Seeks seven dits (=567dits drawled on the 6) 
8 8 8 8 bi bits (8 binary bits in a byte) dette 
9 9999 nips 2. 

Long dash Daaaaaaaash e.g. (Fog Horn or car horn) before you enter a blind bend! 

Error itisn’tabitofit  ....... Between yachts: “I do not understand/agree with your intention/action” 


: Colon Now Here Comes in a list 
Learn the next ones in pairs i.e. swap dit for dah _ 


: a STOP a STOP a STOP (i.e. don’t pronounce ‘stop’ as short) es 
; SEMi SEMi SEMi (i.e. drawl the first syllable) rai lay Sins 
These 2 shapes are convex to the right 
‘ Go Go comma Go Go Dah Dah di di Dah Dah hoe pi A 
? did he Dah Dah did he? did ’e Blah Blah did ’e 2 
These 2 come in pairs normally 
ond a Quote is a Speech bit di Dah di di Dah dit xine 
Q Here’s the Blah Blah bit Here There’s the Blah Blah bit There Se yk: 
These 2 are in the middle of a word ..hyphen and apostrophe 
- ‘Aitch in the middle Daash (Hyphen’ starts with an ‘aitch) _ _ 
7 it Saves All Those Hard bits di Dah Dah Dah Dah dit 
ri Slaash t’ diVide it (Drawl the first vowel) Slaash is a Slaash bit There was the Whole bit _ 
A an A Sharp anA You could use it for “Repeat”: re Peat Whole re Peat Be 
E it is E a-cut(e) by Sina taaed cute is cut short (You could use it for “Bad Reception”: cannot Hear the bits) 
N Nya Nya ny’ Nya Nya nar eee (with thumb to nose, fingers waving) “ny” sound (I use enya for “Do You reCeive Me”) 
SOS a bit of ‘Save Our Souls’ isn’t it? (no letter breaks; repeat regularly) : os (Life & death only) 
XXX Come quickly Come, Come quickly Come, Come quickly Come All ex’s Hurt All ex's “Hurt All ¢ ex's Hurt (When you Need urgent help) 
Signals procedures, developed by hard experience, short circuit a world of miscommunications — stick to them. I.e. learn them too. 
I’m Looking For Talk; CQ CQ CQ; Calling Calling All Radios; Hear ye Hear ye All AuditOrs; Tune in Tune in Lend Me y’r Ears 
From; D, E; De = French for ‘from’ Heard of it ; fr’m Dah-di-dit dit 
Go Ahead; invitation for anyone to transmit; K Call in Now 
Break In B, K Break in to it; Make a Break (“BK DE (identify ana = “let me use this channel”) 
Starts; Attention; Message Coming Start it Start it Now Start of My bit Now Sane 
End of Paragraph; Pause; new thought; double dash Pause if it is New 
Wait a Wait f’r a bit You could invent “Speed | up “AIL Your Work” to pair with it. 
Over; invitation for your contact to transmit Over YourTurnstop _. _-_. (to start a person-to-person contact: ###DE### Over) 
End of Message in traffic; not end of contact; not clear of station the End of My bit; con Clude con Clude it 
R; Roger; Received and Understood all of Message 
End of Work; but still on air; clear of contact it is the End of Work (to the tune of... here we go Out to Play) ee 
Clear of all contacts; shutting down; Clear of Station; C, L Clear it Clear it, b’ Clear of it 
Add your own signals for procedural or other matters. E.g. “Please repeat my message back to me for a check” “Adjust the beam left” 
A anAanA ee ae anA‘mLaut It pairs toC Invent a use for it like “i Don’t a-Gree” to be opposite to C, I Agree 
R an A an A too Rey an A an Aang Strom 
Xhi Khi Khi Khi Khi Leee: K-H-Like-H soft Kh sound (I use it for “to” i.e. T+O, after DE “from”) cf Ree Call All Souls 
(e) Oh Oh Oh dit Ace Goe- Goe- Goethe It pairs to V You could use it to say Sorry 


North American Morse is somewhat similar. There is also a Japanese version. Morse is no longer supported as International. 
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Semaphore Signalling Code & Mnemonics for it 


Semaphore is a clockwise system, as viewed by the decoder, and it starts from below. 3 5 
When the two hands can’t be seen, that is the neutral position, used for a... Pause 

The black square represents the signaller’s body; the line(s) are his arm(s). 

The numbers 1-9 and 0 are the same as A-I and J. The first 7 single-arm positions are shown... 2 6 
You can tell the difference, because the signal ‘numbers coming” precedes a number, 

and a “pause” follows the end of the numbers. 





One arm, pointing up, therefore is either D or 4, D 
Think of God as the 4th Dimension to your life, and remember ‘up’ as “4D” 
Or if it sticks in your memory, think perversely, that “Up is fo(u)r D.own!?” 

Learn the letters in symmetrical pairs. 





Here is a “B Flat” mnemonic. One arm flat is either a B (-flat) or an F (-flat) B 
“2 be or not 2 B?” and a “F Sixth chord” might help you remember the numbers. 


Wave the C to say “Replying”. Wave the E to signal “Error” C 
(cf Morse “C” for “Acknowledge”) 
The odd number positions are diagonals. 








1,3,5; 7... One is an ACE isn’t it? And Diagonal has a G in it doesn’t it? 
a G7 chord to follow the F Flat minor 6 
ABC = 123 is easy enough to see, and 5E follows 4D makes the E position easy 


2 Hands... 


“Roger” is simply an indispensable signal to learn... it means “Yes, I understand, OK, 
For Learning: Acknowledge every letter understood, with a Roger 


Receive 










2 Hands Straight: Slash 


Think “Long, then Left down = Slash down or Left up = Lift up” (referring to their Left arm)... 


ae 


2 hands in a catching formation, above the head... 
Shout “Catch iT...” and think “..Tee—numbers coming” 


2 Hands in a slip-catching formation, to one side... 
Shout: “HOWZ"at! 


You are meant to wave black and white flags around, 
but usually you make do with opening your palms. 


Only be careful to position yourself against a good Ps 





uniform background. 


‘aitch rhymes with eight 
2 hands at a right-angle... 


“Ya gotta have the Right PyJamas” (“PJ”s) 
J, the tenth letter, is used for Zero ABCDE FGHIJ 
PJ is not in alphabetical order, because in the Semaphore Alphabet J comes after # P J 0 


2 hands at a right angle, Vee-shaped, up or down... 
Can you see the shapes of the lower case letters n and u in them? 
To attract attention wave U, to say “Message Coming” N U 


2 hands, like a Roman Numeral Five on its side... 





I and X are Roman Numerals too. The I is used for numeral 9 (IX) in semaphore 
The X looks like the right-half of the X 
So it sort of goes, left to right “nine, ten” 9 I X 


2 hands flapping and banking. I.e. a shallow Vee formation... 
“MY QueueS” is the clockwise mnemonic 


But YQ is not in alphabetic order (like PJ, the only two cases). 


You can use Q for “Query” - What did you say/mean? , i 


From the sky, down to earth come... “KiloVolts” (or “KillerVolts’”’) 


You can follow the clockwise logic of Semaphore if you leave out the JVWXzZ till last 
Pause, ABCDEFG, HIKLMN, OPQRS, TUY/, #3V, WX, Z 





Make each in turn to see the progression. K 
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platform (illustrated in the middle part of Figure 11). Finally, the data sets produced by the IoT/M2M applications 
are analyzed by data analytics engines in IBM InfoSphere and Spark (illustrated in the upper part of Figure 11). 

The effectiveness of our data generation methodology is first verified in a people management system of a 
large factory environment. With our methodology, we are able to test our factory management IoT/M2M appli- 
cation more efficiently without actually deploying a large number and a large variety of sensors. This applica- 
tion development uses both IoT and Big Data Analytics. 


4.4. Application on Data Analytics for Traffic Generated by Testing & Measurement 


The automatic Testing & Measurement (T&M) of DUT (Device under Test, including 4G/LTE SD, UE/CPE) 
for 4-Stage (namely, conformance, interoperability, operator-IOT and field trials) testing is shown in Figure 12. 

We apply the data analytics learning techniques for the classification of the DUT types by series numbers or 
id. Once the type is identified, the parameters for feature extraction can be measured by the testing and mea- 
surement equipment. An example for DUT classification is shown in Table 3. In this example, the DUT type 
relational table is a 4 x 4 table with 4 fields: 1) DUT Device Type, 2) UE capability Information (FGI), 3) DNS 
(TTL), and 4) HTTP (User Agent). This device relational table is created by applying multivariate statistical 
analytics on the network traffic flow and LTE UE connection related information. Then by extracting specific 
features, we are able to identify the types of DUT such as Dongle, Smartphone, CPE, etc. 


By Seynaanes 


nviror 4G RAN Access Network 


© Four Stage 


<M of BML/NCTU 


Network Testing & 
Measurement 
Equipment 





Figure 12. Data generation by endpoints from testing & measurement. 


Table 3. DUT relational table. 





DUT Device Type UE FGI DNS-TTL HTTP-User Agent 





Mozilla/5.0 (Windows NT 6.1; WOW64) 
Dongle A mee ee es a a 128 AppleWebKit/537.36 (KHTML, like Gecko) 
Chrome/43.0.2357.134 Safari/537.36\r\n 


Mozilla/5.0 (Windows NT 6.1; WOW64) 
Dongle B “ ane iene pe aes 63 AppleWebKit/537.36 (KHTML, like Gecko) 
Chrome/43.0.2357.134 Safari/537.36\r\n 
0101 1110 0000 1101 1101 ; 
Smart Phone 1000 1000 0000 43 iPhone6,2/8.3 (12F70)\r\n 
Mozilla/5.0 (Windows NT 6.1; WOW64) 
CPE am ee nie Be _ 127 AppleWebKit/537.36 (KHTML, like Gecko) 
Chrome/43.0.2357.134 Safari/537.36\r\n 





Appendix: More symbols for map-making Useful for mud-maps, or for track notes. 


The first symbol in a strip map column should show the reason for the stop. This saves a lot of words and is instant to read. 


’ \ 
GP FN are FA oy Pts if. au S : ae on 
fat MAX Ff HL WV crea, Te ek ee al 5 cara Wee EN he 4 
eS INS NON Ln fey | ‘ a8 oh Naw. pcre ARB \ I\/ fp fs fo 
f — \ ™ NS “ 
é 


Ber f \ / : \ PRN. INS ff \ = Z 
| } \ ” F iy, eh hf \ f Ve c 

In turn these are: 
A Context Entry; Surroundings; Overall Perspective. E.g. catchment and drainage. It’s a chance for a general note. 
A Stop. Expect a reason like ‘Lunch’. 
A Location. Expect a description. 
Crossing. This might be a crossing of a ridge, river, road, canal, boundary. Expect notes on what is to left and right. 
Leg. The first of the 2 main reasons for an entry: either a new subsection (leg) or the location between two sections in its own right (next symbols). 
Overlap-section between legs. This is a memory aid, to sequence subsections, to remind you how individual sections join to each other. 
Change of legs; new subsection; = notes on the changeover, rather than on the next section. 
Junction (Y for Y junction, but used also for other junctions). This might be a ‘natural’ junction between ridges or creeks; or an intersection of paths. 
Viewpoint; Change of view; First glimpse; Last glimpse (I for ‘Eye’) 
Corner 
Bend 


Curved section beginning; Arrow shows clock-sense. This one is a Right-hand bend. 

Curved section ending; Arrow should show same clock-sense as previous one. This one ends a left-hand bend. 
Change from left-curve to right-curve 

Break of slope 

Feature 

Special feature 

Ridge; Crest 


Saddle; 
Valley; creek-bed; Gutter 
Tent; Campsite 4 


Peak 

Fix 

Cliff Boundary walks: fenceline; railwayline; road; path; circumnavigation; shoreline 
Creek Use symbols which work for you, e.g. Rise or Set direction. Add your own, e.g. Hut 


New grid square 


The second symbol ought to show the main direction clue, followed by subsidiary ones as a third symbol 





| | = J | ary ea an a aa. ! Of 
= —e A Vv 10@% A y = 5 ee y y 4 WV 
i eal _ Te ch if f \ Aw O 
cA el Ne 7 
¢ ae mn | fi { 
Trending half left from that landmark (write the name of the landmark next to the arrowhead). Useful when following a windy path. 
Maintaining half right of downwind; 
Walking the crest down ridge — Progress is assumed to be ‘Up’wards on the page. 
Leg. 
Trend direction (for when the terrain is up and down, left and right) (‘T’ for Trend). 
Named landmark; General purpose arrowhead; add the name and the bearing 
Peak 
Anti-peak direction (e.g. as mentally marked on the skyline opposite the peak) 
Up-Slope. 
One arrow for ‘below average’; Two arrows for ‘average’; three arrows for ‘above average’ — low; medium; high. Use this for other things too. 
Compass needle North, modelled after the symbol for North 
Up-Sun 
Shadow; Down-Sun 1 
Wind source; Upwind. Use the 1-2-3 code for strength. This one is ‘above average’. 1,2,3 for size and importance 
Down-stream river flow of junctions... 3 


Up-stream (to a peak) (useful when ‘downstream’ is behind you) 

Moon direction 

Up-Ridge; The direction of the highest skyline through the vegetation, if that is all you can see. 
Down-valley. The direction of the lowest skyline when that is all you can see. 

General Drainage trend (down the valley to the river mouth) 

Up-Weather; Low cloud source direction; Cloud Source (when only one set of clouds is visible) 
Down-clouds 

Alto Clouds source direction (make the circles fluffier than I can show) 

Cirro-clouds source direction 

Glow at night 

Radio-null (from the symbol for an antenna) 

Trend of some feature like the coast — write in the details. 


The notebook might be set out as follows: The first line across a narrow notebook is in informal columns; the second is for written notes. 


Time ; Reason ; Trend H Directions ; Times ; Distances ; Grid 
Fill in a number Use the top symbols Use the main clue make a rose of others elapsed time total elapsed e.g. A5 
if you don’t leg time last leg length 
have a watch Start with an ‘Overall’ lost time lost distance 

total time out total diversions 
Sequence isa net walking time net progress 
primary need (Use abbreviations, e.g. NWT, or dedicated columns) 


(Do your calculations here at leisure) 
Now write across the next line(s) the name; mnemonic; description; comments 
The description of a cross-country leg could include the side or flank, hand, clock-sense, break, steepness, difficulty, curviness, hilliness, perversity, ter- 
rain, contours, topography, view, what you can’t see, skyline, traffic intensity, track-markers, their age, rock type, soil type, vegetation, biology, colours, 
peculiarities, reference to another page of the notebook to a diagram. 
The more you include in the symbols, the less you need to say, and the easier it is to read later. 
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Appendix: A List of Star Coordinates. 


Common Name (s) Dec. 

Miaplacidus -69.72 
Atria -69.03 
Acrux -63.10 
Rigil Kentaurus/Toliman -60.84 
Hadar /Agena -60.37 
Mimosa -59.69 
Avior -59.51 
Aspidiske /Tureis -59.28 
Achernar -57.24 
Gacrux -57.11 
Peacock -56.74 
k Velorum -55.01 
d Velorum -54.70 
e Centauri -53.47 
Canopus 2nd brightest -52.70 
Muhlifain -48.97 
Regor -47.34 
Alna’ir -46.96 
b Gruis -46.88 
Suhail /A\ Suhail -43.43 
Akrab/ Sargas /Rastaban Sc. -43.00 
Ankaa -42.31 
eta Centauri -42.16 
Naos -40.00 
k Scorpii (not Akrab) -39.03 
Shaula -37.10 
pi Puppis -37.10 
Menkent (not Menkar) -36.37 
Kaus Australis -34.38 
e Scorpii -34.29 
Ascella /Nushaba -29.88 
Fomalhaut -29.62 
Aludra -29.30 
Adhara -28.97 
Antares -26.43 
Wezen -26.39 
Nunki -26.30 
Dschubba -22.62 
Diphda /Deneb Kaitos -17.99 
Mirzam /Marzim -17.96 
Arneb /Arnebo -17.82 
Sirius /Dog (brightest)-16.72 
Sabik -15.72 
Spica -11.16 
zeta Ophiuci -10.57 
Saiph -09.67 
Zubenelschemali -09.38 
Alphard -08.66 
Rigel not Rigil K. -08.20 
Alnitak S. belt -01.95 
Alnilam Mid belt -01.20 
Mintaka N. belt -00.30 


S.H.A. 


221.70 
107.83 
173.35 
140.10 
149.04 
168.07 
234.37 
220.72 
335.56 
172.21 
053.60 
219.46 
228.82 
155.02 
264.01 
169.62 
237.61 
027.95 
019.34 
223.01 
095.67 
353.43 
141.12 
239.10 
094.38 
096.60 
250.71 
148.33 
083.96 
107.46 
074.36 
015.59 
248.97 
255.34 
112.65 
252.90 
076.18 
119.91 
349.11 
264.33 
276.82 
258.72 
102.41 
158.70 
110.72 
273.06 
130.75 
218.10 
281.37 
274.80 
275.94 
277.00 


Constellation 


b Carinae 

a Trianguli Australis 
a Crucis 

a Centauri 

b Centauri 

b Crucis 

e Carinae 

i Carinae 

a Eridani 

g Crucis 

a Pavonis 

k Velorum 

d Velorum 

e Centauri 

a Carinae 

g Centauri 

g Velorum 

a Gruis 

b Gruis 

| Velorum 
theta Scorpii 

a Phoenicis 

eta Centauri 

z Puppis 

k Puppis 

| Scorpii 

pi Puppis 

th Centauri 

e Sagittarii 

e Scorpii 

z Sagittarii 

a Piscis Austrinis 
eta Canis Majoris 
e canis Majoris 
a Scorpii 

d Canis Majoris 
s Sagitarii 

d Scorpii 

b Ceti 

b Canis Majoris 
a Leporis 

a Canis Majoris 
eta Ophiuci 

a Virginis 

zeta Ophiuci 

k Orionis 

b Librae 

a Hydrae 

b Orionis 

z1 Orionis 

e Orionis 

d Orionis 


Precession of the equinoxes: 


100 brightest stars 


Declination is equivalent to Latitude. -nn = South; +nn = North 
Siderial Hour-Angle is equivalent to Longitude West of Zero. 


Common Name (s) 
Polaris N. Pole Star 
Kochab 
Alderamin 
Duhbe 
Navi 
Ruchbah 
Caph 
Schedar 
Merak 
Alioth 
Mizar 
Phecda 
Eltanin 
Mirfak 
Alkaid 
Capella 
Deneb (not Denebola) 
Menkalinan 
Almak 

Algol 

Sadar 
Vega 

theta Auriga 
Mirach 
Aljanah 
Castor 
Alpheratz 
Elnath 
Scheat 
Pollux 

Izar 
Alphecca 
Hamal 
Sheratan 
Zozma 
Algeiba 
Arcturus 
Aldebaran 
Alhena 
Markab 
Denebola 
Rasalhague 
Regulus 
Enif 

Altair 
Betelgeuse 
Bellatrix 
Procyon 


/Cih 
/Ksora 


/Schedir 


(+Alcor nearby) 
/Etamin 


/Benetnash 


/Alamac 


/Sadir /Sadr 


N. twin 
/Sirrah 
/Nath 

/Schert 
S. twin 


/Gemma 


/Sheratain 
/Zosma 


Dec. S.H.A. 


Constellation 


+89.26 (322.06) a Ursa Minoris 


+74.16 137.32 
+62.59 040.35 
+61.75 194.07 
+60.72 345.82 
+60.24 338.55 
+59.15 357.70 
+56.54 349.87 
+56.38 194.53 
+55.96 166.50 
+54.93 159.01 
+53.69 181.54 
+51.49 090.86 
+49.86 308.92 
+49.31 153.12 
+46.00 280.83 
+45.28 049.64 
+44.95 270.12 
+42.33 329.02 
+40.96 312.96 
+40.26 054.45 
+38.78 080.76 
+37.22 270.07 
+35.62 342.57 
+33.97 048.45 
+31.89 246.34 
+29.09 357.90 
+28.61 278.43 
+28.08 014.06 
+28.03 243.67 
+27.07 138.75 
+26.71 126.33 
+23.46 328.20 
+20.81 331.33 
+20.52 191.47 
+19.85 205.00 
+19.18 146.08 


(not Alderamin) +16.51 291.01 


+16.40 260.56 
+15.21 013.82 
+14.57 182.73 
+12.56 096.27 
+11.97 207.90 
+09.88 033.96 
+08.87 062.31 
+07.41 271.20 
+06.35 278.71 
+05.22 245.17 


b Ursa Minoris 
a Cephei 

a Ursa Majoris 
g Cassiopeiae 
d Cassiopeiae 
b Cassiopeiae 
a Cassiopeiae 
b Ursa Majoris 
e Ursa Majoris 
z Ursa Majoris 
g Ursa Majoris 
g Draconis 

a Persei 

eta Ursa Majoris 
a Aurigae 

a Cygni 

b Aurigae 

g Andromedae 
b Persei 

g Cygni 

a Lyrae 

th Aurigae 

b Andromedae 
e Cygni 

a Geminorum 
a Andromedae 
b Tauri 

b Pegasi 

b Geminorum 
e Bootis 

a Coronae Borealis 
a Arietis 

b Arietis 

d Leonis 

gi Leonis 

a Bootis 

a Tauri 

g Geminorum 
a Pegasi 

b Leonis 

a Ophiuci 

a Leonis 

e Pegasi 

a Aquilae 

a Orionis 

g Orionis 

a Canis Minoris 


Vernal Equinox, defined as fixed 00.00 000.00 ‘the first point of Aries’ 


Figures are from Epoch 2000.0. 


Stars drift about 1° of position relative to the (0,0) reference star, in 72 years, because it moves to the WNW along the Ecliptic. See p 33b 
The third figure will therefore become off by one after 10-20 years. E.g. Mimosa used to be -59.59; Atria used to be 108.3W 
One degree of latitude or declination = 60n.ml. =111km; so a maximum change in 0.1° over 18 years represents 11km, or about 0.6km per year, max. 
(The actual change in Declination depends on its relationship to the Northern Spring Equinox point — see below.) 
One degree of SHA = 60n.ml. at the Equator; half that at 60° Lat. ; 1° reduction in 80 years is about 3 seconds later in timing per year, or 1.4 km 


max, at the Equator. 


_- Ecliptic The first point of Aries moves along it at about 50 seconds of arc per year (5/6° in 60 Years) 
23°% triangle 7-7 


_50”" 40” Declination change of 1/3 minute of arc per year (20 secs of arc) 
Equator ——-»——46”" "—__ SHA change of 46 seconds of arc per year 202 + 462 = 502 
~~ (0,0) 


If you set your star watch by the actual visible stars each year, you eliminate E-W ‘precession’ component, and are left with only the drift in declination. 
So it is of some worth to be able to predict how that rate of change in declination depends on SHA. 
Obviously Stars to the North of Aries lose Northern dec, at the full rate. Stars to the South must gain Southern Dec. 


Stars opposite Aries (SHA=180°) do the opposite. Stars exactly in between are unaffected (SHA=90° or 270°). 


The rate for all cases follows the cosine of the SHA. E.g. stars at 60° SHA will have 50% of the full dec adjustment (of 1/3 n. ml. per year). 
Take care with Polaris, since it is too close to the Pole. 
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Appendix: Drawing Great Circles 


First, bisect a globe. (NT ee aay 
Two equal halves. 


Put the halves back together. \ 
Notice the ellipse. \ 
The backside is dashed. : 





Draw it symmetrically around the centre. 
Use flat ends to the ellipse. 


Choose the clearest perspective 

E.g. 1. Rising/ setting is 90° away, so put yourself in the centre, surrounded by a 90° circle. Z is used for your Zenith — overhead. 
E.g. 2. Look at the Equator side-on to make it and the latitude circles straight. 

E.g. 3. Centre on the pole, to show up the polar distance. P is used for the Pole. 

E.g. 4. Curve away from the centre. If in doubt, draw the whole ellipse and discard the unwanted parts. 

5. A Great-circle can be drawn as a straight line. X is used to mark the position of the Star/ Sun/ Moon/ Planet 

6. Draw the ‘Vertex’ of the course as a tangent to the maximum latitude small-circle. 

7. The vertex can be drawn side-on. 











The PZX spherical triangle 


8. Deliberately avoid straight lines to show up the curve of the triangles. 

8a. ZX is the angular distance from you to the star, or the co-height. 

8b. PX is the polar distance or co-declination to a point directly underneath the star. 

8c. PZ is the polar distance or co-latitude of your position, 90° — lat. 

8A. The angle ZPX, or ‘t’, is a longitude difference — between the SHA of the star and your West longitude. A longitude difference is a time delay. 
8B. The angle PZX is a horizontal direction relative to P, towards X. Technically called an ‘azimuth’. 

8C. The angle PXZ is similar but only meaningful if there were someone under the star, looking toward you. 

9. A, B, C and a, b, c are used to label angles and sides of any spherical triangle; It’s up to you to know which ones label what. 

10. Draw a full 180° to show up the supplementary angles. 

11. Draw the Equator cutting East and West of you, 90° away. Mark any right angles, and the complementary angles. 
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The PZX navigational triangle conforms to a handful of standard fundamental spherical trigonometrical formulae... 


The Angle Sum: a+b and A+B are both greater than, or both smaller than, or both equal to, 180° 
The Sine Rule: sina/sin A = sin b/sin B = sin c/sin C = constant. Ambiguity (about obtuse angles) can be resolved by the angle sum rule. 
The Polar Triangle Rule: abcABC can all be swapped for the supplement of the opposite members. 
E.g. ‘a’ becomes ‘180°—A’; ‘B’ becomes *180°—b’, and the resulting formula is still valid. E.g. the sine rule simply inverts. 
The Cosine Rule: cos a=cos bcosc+sinbsinccosA 
The Polar Cosine Rule: cos A = — cos BcosC + sinB sin C cosc 
The Four Parts (in a row) Rule: e.g. AbCa or aBcA in the triangle aBcAbC or aCbAcB. You can find the 4th (outer) part from the first 3. 
cos (inner side) cos (inner angle) = sin (inner side) cot (other side) — sin (inner angle) cot (outer angle) 
If you want an inner part, use the sine rule and angle sum rule to find the 5th part, then go to the half-angle rules. 
The Five Parts Rule: sin 1 cos 2 = sin 3 cos 5 + sin 5 cos 3 cos 4, where 4 is a side. It gives you any but part number 3, from the other 4. 
The Polar Five Parts Rule: sin 1 cos 2 = — sin 3 cos 5 + sin 5 cos 3 cos 4, where 4 is an angle 
The Half-Side Rule, to find the middle of 5 parts, when the middle part is a side: halve each side and angle first: 
tan (half side) = tan (half sum) cos (half sum) / cos (half difference) ; tan refers to sides, sin and cos to angles 
= tan (half difference) sin (half sum) / sin (half difference) but this introduces order-ambiguity because of the sines. 
The Half-angle Rule to find the middle of 5 parts when it is an angle 
cot (half angle) = tan (half sum) cos (half sum) / cos (half difference) 
= tan (half difference) sin (half sum) / sin (half difference) 


Make North and West positive, and East and South negative, and the formulae automatically work on PZX for angles up to 360°. 


The formulae simplify where a side or an angle is 90°, since sin 90°=1 and cos 90°=0. 

Napier’s Rules... 

The rules for right-angled triangles and right-sided triangles are simplified when the 5 other parts of the triangle laid out in a pentagon, 

and the 3 parts not adjacent to the right angle are changed to their complement. 

In addition the part opposite a 90° side must have an extra negative sign. 

E.g. if A is the right-angle, use (90°—a) as part 3, (90°—B) and (90°—C) for parts 2 and 4; if ais a 90° side, use A-90° for part 3. 

Then... Sin of any one part = tan tan of adjacent parts or = cos cos of opposite parts (in the pentagon of changed parts). 

Ambiguity must still be resolved by special rules: Problems occur when there are 2 or more right-angles in the triangle. 

‘A’ and ‘a’ (opposite parts in the triangle, with matching letter names) are both less than or both more than 90°. Likewise for Bb and Cc. 
If one part and any part not opposite it (i.e. not A and a, as above) are on the same side of 90°, so are all the other mismatched pairs. 
If one part and any part not opposite it (i.e. not A and a) are not on the same side of 90°, neither are any of the other mismatched pairs. 
These refer to the triangle parts, not the altered pentagon parts. 
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Appendix: Calendars in the Sky — the first glimpse and last glimpse of stars 


« Firstly, What’s wrong with sunrise/sunset time? 
¢ To know what time of year it is, you could note the ordinary standard Sun time of sunrise/set at that place (e.g. from home). 
—But this is insensitive (maximum shift is about 1 minute a day), useless around solstice, latitude & longitude dependent & requires a watch 


~ You need to use apparent star time; no watches, to locate the Sun’s position on the Zodiac relative to the stars. 
— i.e. ‘what stars are up’ at midnight, or at twilight, or what stars are invisibly up at mid-day or sunrise or sunset. 
e The Sun creeps Eastward about 1° per day along the Ecliptic (through the middle of the Zodiac belt). 
e That quadruples the sensitivity to 4 minutes change a day, steady year-round. 
It is only affected by the Equation of Time, which is a minor variability, 1/4 min a day, max. 
e The Sun will ‘blot out’ each Ecliptic star for about a month at a time. 
That’s a rough way of finding the month: ‘I can’t find The Twins’ (July). 
e ‘Nautical twilight’ is when the Sun is 10° below the horizon (about 1 hour, in Tasmania), dark enough for the bright navigational stars to 
be visible while the horizon still shows clearly enough to be used with a sextant; 
So bright stars 10-15° away from the Sun begin to be visible. That means that a bright Ecliptic star might only be invisible for 3 weeks. 
[Civil twilight is 5° below, requiring lighting; and astronomical twilight is 15° below, dark enough to be called ‘night’, and to use a telescope] 
E.g. ‘What stars are up at midnight’, uses the ‘apparent star time’ of the anti-Sun, as it were. You need to bisect sunrise and sunset, and be up then 
e Find which star is N-S of you (the ‘local apparent star time’) at ‘local apparent midnight’ (= opposite noon — i.e. the anti-Sun stars). 
But that is difficult — you need to know the apparent noon (which is longitude dependent), not the clock noon — and it still requires a watch. 
So how can you do better? 
e You could note the clock-time of any particular star event. E.g. follow ‘Rigel over Capella’ during Summer. E.g. Antares at 10° high. 
This is simple, and accurate, but it would only work for that location, no other, since longitude alters the clock-time of appearances. 
e You could note the clock-time delay between any particular star-event and either sunrise or sunset. This is a good method, 
since it pinpoints sunrise or sunset more accurately than saying ‘At twilight, when the stars come out, or when they fade out’. 
For best results, choose which star-event directions to use, as explained below, so that people at all latitudes see the same appearances. 
e This pinpoints the star-time—it tells you where the stars are—in relation to the apparent Sun-time (by tying it to sunrise or set). 
e For Rise/Set observations, you need a good horizontal horizon (or other fixed height-of-star) for star-rise/set to be latitude- 
independent, and location independent; but at home you simply need a repeatable point of view of a given horizon. 
~ But to get back onto the main topic: The use of a watch can be eliminated by using twilight ‘glimpses’... 
e For Twilight observations, you need dependable eyesight; & a clear sky, with no Moon or light pollution, or haze, to be repeatable. 
The idea of a ‘glimpse’ is that it is positively there or not. And it doesn’t need a watch. There are 10 or so varieties... 
e If you see a star before dawn, it’s positively there, or if you can’t see it after dark, it’s not there. 
e Look to the East before dawn and you will see a new star appearing for the first time in the season — a first glimpse. 
You will then lose sight of it due to daylight. This is the standard star-calendar event. 
e Look to the West after sunset and a star will have disappeared for the rest of the season — a last sighting. 
You glimpse it briefly, before it moves into the sunset glow, and is lost to sight for weeks. 
e Examples: The last glimpse of Spica is just after the September Equinox; Regulus is first seen just ahead of the September Equinox; 
The Equinox is between the two, and both are on the Ecliptic, about 25° each side. That’s 25 days for the Sun’s movement. 
The first glimpse of Antares is around Christmas time, since it is about 20° ahead of the solstice; 
Aldebaran reappears around the winter solstice; The Twins disappear soon after it. 
The solstice is between these two, 25° away from each. 
You need to check the exact dates of appearance and disappearance because they vary with the exact latitude—this is a semi-local calendar. 
e If a star-pair has tilted out of alignment by the time the stars come out, you simply don’t see it occur; 
or if it doesn’t align before dawn, you can’t see it ‘happen’. 
e Look pre-dawn for the first date on which you can glimpse a star pair reach its proper alignment, before dawn takes over. 
e Look post-sunset for the /ast date on which you can see a star pair attain its right alignment, after which it is lost for a month or so. 
e Each day a Western star gets closer to the Western horizon from above. Each day a rising star gets earlier to the Eastern horizon, from below. 
e Look for the first glimpse of a star clearly rising or setting pre-dawn 
e Look for the last glimpse of a star clearly rising or setting post-sunset. 
If you see it setting, you know it; if you see it rise, you have seen it happen. 
e Wait to see whether a star reaches a known fixed height (e.g. not too far above the horizon), to make observation easier. 
e Looking at a reflection of a star in smooth water or oil, will double its height ‘above horizontal’, if you want a method to work anywhere. 
e Wait until a star coincides with a known fixed direction (e.g. ‘over the tower’). This makes it location-specific, but may be useful. 
These all have the effect of describing the height or tilt or direction of the horizon ‘at twilight’. 
e A star overhead at twilight will show up as a first/last glimpse. You look for it, but it may not ‘happen’. This is latitude-specific. 
~ You could now combine the ‘glimpse’ methods and ‘crisp timing’ to avoid the indistinctness of twilight (but this is more latitude dependent). 
Look ‘exactly 1 hour from sunset/rise’ to crisp up the timing of the ‘events’. Any exact time-span at least that long, would suffice. 
~ To clinch the star-time, in a latitude-independent way, use Great-Circle type directions (‘at right-angles to sunset/sunrise’ ‘a star near the Sun 
at twilight’ ‘opposite it’) to ensure that people over a wide range of latitudes more or less agree in their observations. 
The standard direction is not sunrise/sunset itself but ‘where the Sun is at twilight’ which is 1 hour to the left (SH); the brightest part of the horizon. 
e identify star-pairs at right-angles to the Sun’s direction at twilight. 
¢ or examine the rise/set of stars near the Sun, especially those ahead or behind it, in its rising and setting path. 
¢ or look for stars rising, setting or simply being visible, opposite the Sun at twilight. 
e You can use any other ‘star direction’, but it will only apply to that latitude. The best great-circle directions are between NW/SE & NE/SW. 
~ But the sensitivity can be further improved, by choosing which twilight gives the most daily change... 
e The nightly change (averaging 4 mins) is not the same amount through the year. 
It can be reduced to 3 or increased to 5 in a place like Tasmania, as the seasonal day-length varies by several hours. 
The change in sunrise or sunset time by up to a minute a day is overlaid onto the steady star progression. 
Look at the time of day when the most rapid change is taking place, since you want the most accurate discrimination: 
After mid-summer, look for ‘first glimpses’ in the pre-dawn ; 
e Nights lengthen after the summer solstice — more stars rise in the East than set in the West as the night-time gradually dominates 
At dawn, the Sun lingers a little longer under the horizon allowing more stars to rise, in their creeping ahead of the Sun. 
But at sunset, the Sun goes down earlier, like the stars do, and you don’t notice much change as to which stars are up. 
¢ So when the nights lengthen, look before dawn and try to see any first glimpse this season. 
Luckily the pre-dawn in Summer/Autumn is mild, but it can be quite early. Use the clock-time delay method ‘from sunset’, not ‘to sunrise’. 
After mid-winter, look for ‘last glimpses’ post-sunset ; 
e Conversely, after the winter solstice, the increasing day length dominates over the night sky — more stars set and fewer stars rise. 
You will lose sight of stars setting in the West, quite easily, as the Sun will linger before setting, because of the season, 
but find it hard to see a new star rising in the East for the first time that year, because the Sun pops up early. 
e So when the days lengthen, to pinpoint the time of year, look after sunset for any last glimpse. 
That’s not too late at night in Winter/Spring, and it should not be too cold. Or use the clock-time ‘until sunrise’, to maximise the daily gap. 
The overall idea works in both hemispheres, but the optimal choices of when to look are tied to the seasons, not the date. 
Use either method, when near to the solstice, or near the Tropics, or at any time you want to. 
e Around mid-winter and mid-summer, you can happily use any of the 10 glimpses, or any of the clock-time methods. 
e Near the Tropics, also, there is little differential advantage, compared with temperate latitudes, since day-length is fairly constant 








~ Keep a special perpetual calendar (a 365 day chart with no days of the week specified) to note down your observations; with room for related 
seasonal changes, like bird migrations, frosts, plantings. 
All this has little to do with navigation, directly, but gives you practice in following the seasonal movements of Sun and stars. 
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About the Author. 


I have a big bushy beard from too much bushwalking and 
ocean sailing, but now that it has grown too grey, it is time to 
hang up my boots and write it all down. 

My dad was a ‘plane navigator during World War 2 and as a 
child I studied his manuals. Then at University I spent more 
time in studying naval navigational manuals and in bushwalk- 
ing off track, finding my way over the snow or canoeing across 
lakes, than in studying for my exams. I used the library to 
learn spherical trigonometry, then, as soon as I finished Uni, 
set out across the trackless ocean. I soon found myself invent- 
ing techniques to plug the holes in my normal abilities. I re- 
turned home years later, not Knowing what I was meant to do 
in life, but as I lay there on my old bed, I knew that if I was to 
be a navigator I would like to be one like Captain Cook. He ex- 
perimented with new techniques, and with old — he described 
native sea-navigation expertise. How did they do it? Even now, 
no-one seemed to know. I immediately had a vision of one star 
above another, which kept me busy for years on great-circle 
navigation methods. 

I had honed my skills trying to teach boaties and would-be 
ocean sailors, but my biggest challenge was to teach my wife 
and children. We became a feral family for a while and walked 
every track we came across, here and overseas. Only then did 
I appreciate how much more there is to orienting yourself to 
your surroundings, than simply having a compass. 

My next inspiration came while walking the forest on a foggy 
day. I simply asked how the trees themselves would hold the 
secret to which way is which. Years of observation and testing 
later again, and this is the result. I don’t want it to die with 
me. 

I hope you too can now enjoy the magic of the science and 
love the art of exploring, even teaching yourself, before you 
too have to stop still, inside the bounds. 

Learn a little before it is too late. 
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Outline 


“Navigation Down-Under” is your complete manual of bush 
navigation and outdoor orientation for when you go off the 
well-worn track. A free pocket guide to take with you bush- 
walking is part of the pack. 

Do you know how to predict and find direction from the Moon 
by memorising just two simple numbers? Can you interpret the 
Australian bush plants for direction? You will find some never- 
before published new techniques, as well as all you need to 
know about traditional methods like Lie-of-the-Land. 

If you come from the Northern hemisphere, you'll need the 
top-down global approach, and can try some special Southern 
Hemisphere methods of direction keeping. 

Sailors will find here a valuable beginning into celestial naviga- 
tion. 

A lot of it is about how to navigate without a compass, how to 
stay oriented and how not to get lost. It is an essential course 
in basic bush awareness and orientation, for surety and safety, 
plus it also throws out the challenge that you can improve your 
already existing competence very quickly and easily. 

For Scouts or emergency search-and-rescue workers, it is a 
thorough course, advancing beyond the map and compass. Or 
perhaps you are a tour-guide and need more than course and 
distance — You'll get something more, something more like 
biogeography or ecology. 

Each page is a carefully arranged lucky dip of interesting tid- 
bits. 


Keywords 


Navigation; Orientation; Celestial Navigation; Bushwalking; 
Map and Compass; Without a Compass 
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Section 1. BIG-PICTURE TOP-DOWN pp 3-33 


General Introductory Points Big-Picture Rule One: 
3 Locate a Distant Reference Direction First 
3 Visualisation is your Key Skill 
3 Big-Picture Orientation, a Mental Layout Acquired Beforehand 
3 Compass Navigation Robs You of a Global Perspective 
3 The Big Picture is Invisible — Your Job is to Visualise It! 
Global Perspective; Earth 
3 Compass Navigation Robs You of a Global Perspective 
4 Global Re-orientation — Light-Half/Dark-Half 
5 A mnemonic for global orientation: “True Polarity” 
6 Mnemonic: “Time Tells Turning” 
7 The sky turns 15° per hour —Use your thumb and forefinger 
8 Global Orientation: Latitude and Polar Distance 
9 The Angle of Rising and Setting—is Determined by Your Lat. 
10 Global Orientation: Point to the South Pole... 
..half its polar distance below horizontal 
11 The North Pole is Perpendicular to the South Pole 
12 Global Orientation: the South Pole Star, and Polaris 
13 Pole Stars—“(Latitude)° above and below, South & North” 

Point to 2 Points on the Equator — Halfway between the Poles 
15 Perspective Distortion — The Sun Moves in a Straight Line! 
16 Global Orientation: Half the Arc-Distance below Horizontal 
17 Half the Arc-Distance below Horizontal—2 Explanations 
18 Example: Point to Tahiti 
19 Use Latitude for a Distance Scale (Not ‘Long’-itude) 

20 The Horizon Rotates to Your Right in the S. Hemisphere 
21 Global Perspective — Rotation of the Horizon 

22 How to Shift Your Horizon —Its Timing and Height 

23 Latitude without Numbers 

24 Mnemonic “The Sun Travels the Tropics” 

25 Tropical Countries and Places Under the Sun 

— Arranged in Time Zones Relative to Eastern Australian Time 

— 10 hrs ahead of Greenwich 
26 North/South and Noontime by Bisection (of Rise and Set) 
27 Finding Magnetic Variation by Bisecting Rise and Set 

Find E/W by Delayed Bisection of Sun & Full Moon At Rise/Set 
28 Find North from the Combination of the Sun and the Moon 
29 Eastern Australian Standard Time Zone 

10 hours ahead of Greenwich 

Showing Tropical countries and places underneath the Sun 
32,33 Overview 
128, 129 Tropical countries and places underneath the Sun 
Sun Your Best Reference Direction: 
4 Imagine the Sun at High Noon — Always 
5 Mnemonic: Noon Sun Passes North of My Nose Down Under 
6 Notice these, Yesterday — to Guess the Time Today 
7 Mnemonic: The Southern Summer Sun Sets Somewhat South 
8 Mnemonic: “Sun at High Noon — How High?” 
8 On Overcast Days, Average the Brightest Sky over 1/4 hour 
9 High Noon — How High? 
10 Optical Illusion — Beware! 

— Use Your Shadow Not the Sun, For Direction 
11 The Dark-Blue Polarisation Band Perpendicular to the Sun 
11 The Centre of the Rainbow is Down-Sun 
12 Your Shadow Rotates with the same clock-sense as the Sun 

Shadow-Rise and Shadow-Set is opposite direction to the Sun 
12 Mnemonic: Shadow Rise is on the Right; Set is on the Left 
12 Mnemonic: Your Shadow Passes South of Southerners 

at Southern Noon 
13 The Sun Passes Quickly Past North-South Nearer the Tropics 
14 Shortest Shadow South—Opposite Highest Noon. 

Always Imagine “Shadow-Noon” on your “Shadow South” Side 
15 Locate Polaris (& Find N) by Imagining the Centre of Circling 
16 “ Noon ” is Not at 12 O'clock 
17 The “Equation of Time” Diagram 
18 The Sun Oscillates Seasonally between +/- 232° Latitude 
19 Using the Declination of the Sun 
20 Tell the Time by the Compass Protractor—Tilt to the Equator 
21 Or Judge the Time By Sight—by Mirroring the Sun Around N 

(To Make an Hour Hand on a 12 Hr Clockface) 

22, 23 Walking in Phase with the Sun, Wind and Moon 
24 Tell the Time of Night by the Star Opposite the Sun 
25a Eastern Australian Standard Time Zone 10 hours ahead 
25 Tell North from The Time By Using a Protractor 
26 Longitude and Latitude from the Sun 
27 A Bush Theodolite for Overnight Equal Height Observations 
28 Find North by your (non-digital) Watch-Hands 
29 Find Any Other Direction Too — Using the Hour Hand 
29c String North 
30 Locating Anti-sunrise Shortest Shadow Souths 
30 Sun Path Norths — Summary 
31 The 2 Flaps Method for N.—Lat. & Dec. Angles Separately 
31 Seasonal Adjustments For Equinoctial East 
32, 33 Overview 
132, 133 Eastern Australian Standard Time Zone 
10 hours ahead of Greenwich 
Showing Tropical countries and places underneath the Sun 


Stars 
4 The 4 Bright Stars of Orion Point out Where the Pot is Going 
4d The Ecliptic 
5 The Two Brightest Stars Point out the South Pole Star 
6 The Spinning Earth Makes Circular Paths for the Sun, Moon 
7 Stars Leave Star-Trails 
8 RISE and SET Directions for a (Local) STAR COMPASS 
9 Global Star-Compasses e.g. ‘Perpendicular to’ rise and set 
10 Right Around the Horizon, Stars Move to Your Left, Down S. 
11 Identify the Stars That Pass Directly Overhead 
12 Ways to Locate the South Pole Star Or the N./S. Meridian 
12a&13a Global Orientation: the South Pole Star, and Polaris 
13 Pole Stars—“(Latitude)° above and below, South and North” 
13 South Pole Star Chart 
14 Find the Polar Axis by Star-Trail Bisection 
15 The Eagle Clips the Equator, South of Altair 
16 Equatorial Stars Rise and Set Due East and West 
17 Rigel-to-Capella is a good S./N. Pair 
18 Use the Southern Cross as an Hour Hand 
18 Picture the Southern Cross during the Day 
19 Perspective Distortion — Use the Correct Vertical 
20 The Southwest Corner of the Great Square is N. S. E. W. 
21 The Southern Summer Rectangle And a Triangle Pointing S. 
22 Navigating by the Shape of the Night Sky 
23a Latitude without Numbers 
23 Matching Sky to Sky — Move Only Your Horizon 
24b Stars Opposite the Sun 
24 2 Different Back-and-Forth-Star-Directions for a Position Fix 
25 For Land-Navigation, the Plumb-Line Star-Pair Method 
26 Equal-Height Stars When the Sea Horizon is Visible 
27 Great-Circle Reference Star Directions 
28 Leo the Lion Looks like a Lion or Sphinx Squatting 
It Has Four Lines which Show N./S. E./W. 
29 String North Latitude without Numbers 
30 “Star-Time” Gains Four Minutes a Day 
31 Working the Star-Longitude Numbers 
32, 33 Overview 
118,119 Appendices: Divide the Star Globe into 8 Octants 
—and Learn the Stars in Each 
The Southern Figure of Eight 
The Zodiac 


122 A List of Star Coordinates 

124 Drawing Great Circles 

125 Calendars in the Sky 

Moon 

4 Look for the Line Joining Sun, Moon, Planets & Zodiac Stars 


— the Ecliptic 
6 The Moon; Rule 4: Look for It 
8 From the Moon, Locate the Sun-Moon Direct Line, Carefully. 
10 Mentally Rotate the Sun-Moon Line Around Polaris 
12 “Cusp North” — Approximate Direction from the Moon 
14 The Rabbit Looks up Ahead at Full Moon Using the Ecliptic 
16 The Moon Cusps Push and Pull the Hour Hand Backwards, 
Down South 
17 Watch the Clouds Cross the Moon 
18 The Moon is Lit By the Sun 
20 The Moon Rises and Sets 50 Minutes Later Each Night 
22 The Moon is “in Phase” with the Sun — Watch for It 
24a The Moon Moves Over the Tropics 
24 Predict the Full Moon Path According to the Time of the Year 
24d Finding North from the Moon, by its height & phase 
25 Predict the Moon Phases by “ N minus M ” 
28a Find E/W By Bisection of Sun & Full Moon At Rise or Set 
28 To Predict the Moon’s Path, Visualise the Ecliptic 
29a Find North from the Combination of the Sun & the Moon 
29 A 4 Week Position Cycle of Moonrise/set, to Find E/West 
29e Keeping Track of the Moon’s Motion along the Ecliptic 
30 Adjusted Moon-Cusp North: 
To the Left or Right, By Moving the Sun 
32 Overview: The Moon 
116,117 Appendix: Moon-Phase & Tide-Time Dial 
Wind See also pp. 60a-68a 
5 Mnemonic: “Wind? Weather Map!” 
7 Mnemonic: “Wind in Your Face” 
9 ‘Low’ Clouds Come Clockwise Down under 
11 Weather Fronts Distort The (Circular) Wind Circulation 
13 Wind-Direction-Change Rule for Buys Ballot’s Law 
13 Steering Winds 
15 Atmospheric Pressure Changes. 
17 Watch the Clouds Cross the Moon 
19 To Determine Upper Wind Direction from the Clouds 
21 Clouds and Con-trails and Their Winds 
23 Prevailing Winds on Creek Banks Tips for calm weather 
27 Make a Bush Psychrometer 
31 Topographic-Level Winds 
33 Overview: Global Weather Patterns 


52e The Aurorae 
53e City Glow 
128 
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Clockwise See also Map & Compass Work 
4 Mnemonic: “Clock”wise Northern Hemisphere SWiNES 
6 “VEERING” with the Sun is “Clockwise” 
only in the Northern Hemisphere 
“BACKING”, against the Sun’s movement, is “Anticlockwise” 
— but only in the Northern Hemisphere. 
8 Mnemonic: (when you say) “COMPASS” (say) “CANADA” 
10 “Bears Circle Clockwise” Compass Bearings are Clockwise, 
A Full Circle, and Eurocentric, Cee? 
12 Mariner’s “Compass Points” work on Successive Halvings 
14 “E. W. N. South” Of What!? Rule: Say What 
16 Back-Bearings Killed Sleepy Pilots 
18 Back-Bearing: Plus or Minus 200° Then Minus or Plus 20° 
20 Turn 90°? “+/-100° -/+10°” ! 
22 The Clock-Face Method for Direction 
24 One Degree is about One in Sixty 
26 Anticlockwise is Your Best Spin-Reference Direction 
28 Bearings & Tracks: “If it is right, it is big in my sight” 
30 “By the Nose” Navigation 
32 Overview 
Anticlockwise 
5 Mnemonic: Down Under, The Sun Moves ANTI-BigBENWiSE 
i.e. anticlockwise 
7 Southerners Need Anticlockwise Systems 
9 A Compass-Needle Continent—Swinging the Continent 
11 Interpret a Compass Needle as “RED HOT—WHITE FROST” 
13 Four Reference Directions—Name Them “Rise, Noon, Set, Midnight” 
15 “Rise-Noon-Set-Midnight” carries its meaning across the Equator! 
N.S.E.W. doesn’t. 
17 The 0, 1, 2, 3, 4 Reference Directions 
19 The Sunny Skies Quadrant System 
21 The “SWEETHEART” Method of Orientation 
23 Mnemonic: “North; Coast” 
23 Go Overseas! 
27 Walk across Australia! English! 
29 South is a Triply Better Reference Direction than North, in the Sth 
31 Nose-Navigation Needs an ‘Anti’ Mnemonic: “Nor-West, Not-Least” 
32 Overview 
Revision, Overview and Explanations 
Top Down Orientation 
Time is counted in cycles 
Closer to Home 
The Precession of the Equinoxes 
The Moon 
Global Weather Patterns 
The Moving Horizon 
The Spherical Earth 
The Spinning Earth 
Moving the Horizon 


pp. 32,33 


Section 2. THE INSIDE STORY—Mental Manoeuvres __ pp.34-55 
Learn 

34 Navigation is More Than Navigating 
36 The “Good” Navigator. You. 

38 Don’t Just ‘Get By’ and ‘Make Do’ 
40 Walk Where the Navigators Talk — if you want to learn navigation 
40 Explore It’s No Fantasy 

42 Self-Motivation is Fundamental 

44 Routine Mind-Shut-Down Procedures 

46 Navigation is Mental Work — Stay Alert 

48 To Work Harder, Rest Harder 

50 A Three-Track Mind 

52 Concentrate Outwards 

54 Come to your Senses 

Think; Interpret 

34 Your Subconscious is Superior to Science! 

36 Think out Loud 

38 Memories are Made of Landscapes, Not Compass Needles! 

40 Feed Your Subconscious through Your Conscious Focus 

42 How to Feed Your Brain 

44 Feed Your Subconscious Subconsciously 

46 Instruments Instruct the Intelligent 

48 Minds Work Best with Intelligent Questions on Them 

50 Interpret! 

52 SPELL Out Numbers — Into Words 

52 PAINT your Words’ -— Into Pictures 

54 TRANSFER Your Pictures into Reality 

54 Put That Experience in Your Memory Bank 

55 Extend Visible Reality into the Invisible Picture 

Angle: 

34 Measuring angles at 1 cm per degree 

35 Point and Blink = 10% Shift 

36 Guesstimating Angles at 1 degree per cm 

37 Distance using Apparent Size; 

37 Visual Angle, Size and Distance & 6°; Side-wise Offset 

(38, 39 Grid-line Walk & Mental Grid Maps) 

40 Cyclical Motion Divided into 12ths 

41 Approximate Sine-Wave Values 


Common Sense 


129 


Look 
34 Visual Assessment is Your Main Clue — Rely on It More 
36 You Need Excuses to Stop and Have a Good Look 
38 You Need a Road-Map To Climb a Hill! 
40 Look into the Far Distance Look through the Haze Wait 
40 Wait for a Change in Perspective... 
42”Retracing is Re-preciating” 
44 Look Back Regularly. Look Around 
46 Look Through the Vegetation, to the Contours 
48 Play the Field-Scientist 
50 Look at the Ground 
52 Look for Foreshortening & Overlap & Parallax 
54 Look, with Vengeance Aforethought 
Integrate 
3 Visualisation is your Key Skill 
34 Integrate: Jetstream, Earth Rotation & Heaven Rotation 
36 Visualise Familiar Landscape Trends, Under the Sun 
38 ‘Land to Sky — Sky to Land’ Navigation 
40 Join the Invisible Big Picture To the Visible Landscape 
42 Landmark to Landmark Network Navigation 
44 Aim to Integrate... 
46 Imagine an Aerial Photograph of the Continent 
48 Connections to the Outside World 
—You don’t need to feel isolated 
50 Orientation is More Fundamental Than Position Sense 
52 Make Common Sense of the Various Direction Clues 
52 Don’t Degrade the Point of a Clue or System 
54 Preparation is the Key to Difficult Navigation 
42e Moveable Position vs Fixed Orientation 
43e Name Each Clue — with solid ground 
44e Notice and Match Up 
45e In-Line Integration 
50e Think in Pairs, in lines, trends and tracks 
Orientation 35 Orientation = Direction Sense 
37 The Get-Back Path is the Single Fundamental 
38e Grid-Line Walk 
39 Disorientation is More Dangerous Than Being Lost 
39e Mental grid Map 
41 Which Way Did I Come In? Which Way Do I Go on? 
43 Disorientation — A Killer Syndrome 
42e Movable Position vs Fixed Orientation 
45 Un-Dis-Oriented; 
47 Avoid Disorientation: OverNavigate 
46e Making a M.U.D. M.A.P.-m.a.p.-m.a.p. 
49 OverNavigate: Equals Over-Familiarise 
51 Needle N, S, E & W. Identify them on the Landscape 
51 Orientation to Start-Finish Rhumb Line—by sight or compass 
51 Orientation to Your Finish Point, By the Parallax Method 
53 Orientation to Your Start Point, By the Parallax Method 
55 Look Backwards, Think Forwards 
Disorientation 
35 The Navigator’s Top 10 Problems; and Band-aid Solutions 
37 How I Manage to Get Lost or Disoriented 
39 Logical Blunders — Examples 
41 Logical Presumption Leads to Utter Delusion 
43 Casual Outings Catch You Out 
45 Trapped! By Not Looking Back 
47 How to Get Lost—Follow the Track—A Track is a Trap-Door 
47e Disorientation in new territory 
49 How to Get Lost—Follow the Leader 
51 Exponential Anxiety — the 11:59 syndrome 
53 Nervous Nellie Navigation — Not 
Reorientation 
35 Reorientation 
37 Voice Your Thoughts — Don’t Suppress Important Clues 
39 Trust the Untrustworthy 
41 Trust Less and Prove More 
43 Trust Yourself Less 
45 Disoriented? Stop. Say So. Reorient! 
47 Reorientation; And a Fresh Start 
49 “As Solid As the Rocks in My Head” 
51 Explore Junctions, While You Can 
53 Look for the Essentials — the ‘Directions’ 
55 To Get There Quicker, Go Slower 
Lost? 
35 Lost? Rule One: Stop! ..getting More Lost 
37 Back-track in Your Mind before You Back-track on Your Steps 
39 Rule 2: Start! Getting Unlost. Find yourself. Regain confidence 
38e Grid-line Walk — Explore in a Square Grid Pattern 
39e Mental Grid Map 
41 The Simplest Way to Get Unlost is to Retrace Your Steps 
43 More is Better — Thought, Time Care 
45 Lost? Rule 3: Do a Good Job—of walking out or staying put 
47 How to Leave a Message 
49 Lost? Rule 4: DON’T Do It Again! 
51 Separated? An Agreed Plan Helps 
53 A Whistle-Code for Contact Calls 
55 Search and Rescue Signals — Noises Repeated Regularly 
120 Appendix: Morse Code and Rhythm Mnemonics for it 
121 Appendix: Semaphore Code and Mnemonics for it 
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Section 3. REALLY INTERESTING STUFF 
—Bush Navigation pp56-89 See Also ‘Wind’ 


Nature’s Norths 
56 Nature’s Norths 
58 Rock Noon 
60 Wind West 
62 Think Wind 
64 Be Wind-Wise: Listen 
64 Obvious Tell-Tales: Windblown Objects 
64 Obvious Tell-Tales: Landscape 
66 Light & Colour Effects 
68 Botanical Tell-Tales 
70 Combined Effects of Wind, Salt and Light 
70 Botanical Asymmetry 
72 Think like a Plant 
72 “Mosses Mop up Moisture” “Lichens Like Light” 
72 “Fern Fronds Face the Front” i.e. the sunny side 
74 Bush Noon— The Sun is Always out, If You Know How to Look 
74 False Asymmetry & Symmetry True Symmetry & Asymmetry 
76 Higher Density of Leafiness on the Noon Side 
76 The Lowest Leafy Branches are on the Noon-Side 
76 “It’s the Shady Side That Shrubbery Shows up” 
76 Tall, Steep and Ragged Backside | Wedge-Shaped 
76 Hollow under the Shady Side & Imperfect Shape 
76 Gaps on the Shady Half Dead Branches 
78 ‘Solar-Panel’ Tilting of the Canopy Top 
78 Wedge Shaped Lopsided Lean Half-Dome One-Sided Leafiness 
78 Individual Branchlets Bare Backbone 
80 Branching Patterns 
—Examine Them for thickness, length, angle, curvature 
82 Isolated Vegetation Shows the Clearest Asymmetry 
82 Closed Canopy — Look for Gaps; Saplings 
82 Roadsides & Campsites Reverse Some Effects! 
84 Flowers Respond to Sunlight Fruit Distribution and Ripening 
86 Stem and Leaf Colouring New Growth is Colour Differentiated 
88 Noon-Sunlight is More Vertical 
88 The Shedding of Bark on the Sun-Baked Side 
88 Where to Look for Fading or Lack of it 
Memory & Naming Skills See Sect.5, Navigation Mnemonic 
56 Don’t Forget to Remember, Your Way! 
56 Unlock Memorable Chapters in Your Life 
56 Go for the Jugular. Zero in on What Matters 
58 Don’t Try to Memorise Details without an Overall Framework 
58 Don’t Try to Remember Anything You Haven’t Memorised 
58 Write down What You Memorise! 
60 Anything is Memorable 
60 Make Individual Memories Memorable! 
60 Remembering Trees 
62 The Difference between Looking at, and Seeing 
62 Search-Image 
62 We Recognise ‘Sameness’ But Need to Describe the Differences 
64 Place Recognition 
64 You Recognise What You See, By What You Can’t See 
64 Description Requires Words 
64 Can You Describe All That You Can Recognise? 
66 Discuss It 
66 Collect the Details 
66 Identify a Specific Place by its Specific Collection of Details 
66 Include What You Can't See 
68 Extend Your Familiar Range Systematically 
68 Leap-Frog Walk in New Territory 
70 Draw the Skyline, the Ridge-lines, the Outlines 
70 Label it with the 8 main directions 
72 Examine the Skyline BEFORE You Walk up to It 
72 Make a Mental Movie 
72 Take Mental Photographs 
72 Take a Mental Photo of Each Change of Track 
74 Remembering the Sequence, Needs More Than Logic 
74 Do Something NUMERICAL 
74 Match the SHAPE 
76 Use a Type of Memory which you are Good at 
76 Use the Name of the Track for the Acrostic 
78 Group Several Related Images into One 
80 Working Names — Invent Them 
80 Standard Name Plus Personal Name 
80 Remembering Names 
82 Name the Subsections 
82 Name the Sequence 
84 Revise your Memories To Remember Formulae 
86 Remember the Sequence — from AA to ZZ 


See also Wind, Section 1 


Hints 


See also p. 110 
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Lie of the Land 

57 The “Lie” of The Land 

57 Listen to the Pioneers Lie Has To Do with Water Drainage 
59 Major Rivers & Ridges vs Minor Ones _ Sort it out on the Map 
59 Catchment Divisions Snake from Coast to Coast 

59 A Catchment-Division Separates Whole Valleys 

61 Ridges Ridge Names Mnemonic: “Ridges Rise” 

61 Uphill — Which Hill? Upstream — to which Divide? 

63 Shoulders Stop. Shoulders are Not Easy (like Ridges) to Walk on 
63 Saddle — A Flat between Hills, Sitting Astride a Ridge 

65 Notice When You Cross a Catchment! 

65 The Giveaway! A Change of View—Mnemonic: “Catch the View” 
65 You Can’t Cross a Creek Twice from the Same Side 

67 Break of Slope/Make of Slope Scree Slopes — Tread Carefully! 
69 Break of Slope — And Route-Finding 

71 Mnemonic: “Down in the Mouth” Which way is the flow? 
71Hint: Don’t think “this side” & “the other side”. 

73 The Inside of a River Bend is Flatter Ground 

73 Rivers Bend! Don’t Forget to Look Backwards 

73 Rivers Meander. Ridges Run Straighter 

75 Land-Form. — Hint. What Makes a Cliff and an Overhang? 
77 Headlands, Bays, Prevailing Winds, Longshore SandDrift, Creeks 
77 Beaches — Slope, Particle Size, and Wave Energy 

79 Rock Typing Soil Typing 





Contours and Slopes 

81 Contour Lines 

81 Contour Navigation: Practise It, Before you Need It 

83 Contour Curves: Your Job is to Imagine the Shapes into Life 
And to Match the Lines to the Landscape 

85 Contour Heights: Read the Numbers! 

85 Contour Spacing: Close = Steep Slope 

85 Contour Slopes: Work Out 1 Mm and 1 Cm Contour Spacing 

85 Reference Slopes — To Imagine the Climb with! 

85 The Beaufort Wind Scale — Modified for Bushwalkers 

87 Make a Clinometer — a Slope Measurer 

89 Just Draw It 


Tracks and Bends 

57 Stick to the Track 

57 Cross-Country Routes 
59 Tracks are like Naughty Children 

59 The same is true for creeks & ridges 

59 Explore Branches While You Can 

59 Convergent Tracks Lead to Civilisation 

59 Down-Track vs Up-Track 

61 Sympathy and Understanding with Track Markers 

61 Old Track Markers 

63 Track Markers When You Lose the Track-Markers 
63 Notice (with Alarm!) When... 

65 Mark Your Trail Mark Your Trail Non-Permanently 
65 Tracking Someone Else 

67 Mark Your Trail More Permanently and Ostentatiously 
67 Mark Your Trail Invisibly 

67 A pebble Code — Keep It Simple 


Reasons for Leaving the Beaten Track 


Bends 

69 Keeping Track of the Bends 
69 Logging Constant Diversions 
71 The Difference between ‘Direction’ and ‘Track’ 

71 Continuous bends 

71 Follow the bends by anticipating the trends 

73 Keeping a Compass Course, by Legs 

73 Turn Smooth Bends into Sharp Jumps 

73 Mind Which Way You Go 

75 “End the Bend” i.e. Notice the Un-Bends 

75 Name the Bend, By the Trend, of its End 

75 Notice and Name Perverse Bend 

77 Look Through the Trees, to the Sky and Skylines 

77 Periscope Navigating by Trees 

79 Bush networks Don’t Navigate by Networks Only 

79 Antidotes For Guessing at Network Junctions 

81 Sticking to the Bush Network Natural Routes Naturally Converge 
81 Coping with Divergence Reverse logic 

83 Trackless Navigation The method of Names 

83 Bush Networking Essentials 

85 Walking “Straight” through the Bush 
85 How to Walk In an Unintentional Circle 
87 Walking an Exact Straight Line in Open Country 
87 Leap-frog a Straight Line by Looking Ahead 

89 Radio Direction Finding—As Good as a Compass 


Desired Equipment 





Straight around 
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Section 4a. DISTANCE pp. 90-108 left-hand pages 

See also ‘Angle’ 

Progress 

Distance Guesstimation is a Major Problem for Walkers 

Use the Map Scale—Don’t Just Look at It The Jargon 
Map-Scaling-Factors are Meant to be Interpreted 

Psychological ‘Half-Way Point’ When You Meet Other Walkers 
AIMING OFF by 10° — 10° is 175m per kilometre 

Aiming-off at Sea; Aim Off 10% or 6° 

Up-down Progress 

100 Distance by Double Pace—Test Yours Tie Your Ankles Together 
100 Don’t Lose Count! Use Finger-Math 

100 Test your pedometer 

102 Line of Sight Can Be Extremely Accurate 

102 Two Opposite Landmarks 

104 “Changeover Lines” of Progress — Relative Apparent Sizes 

104 Use the Landscape Itself to Measure & Mark Progress 

106 The Sine-Cosine Tally Method of Keeping Track, Blind 

106 Rise and Run Adjustments — Sine and Cos — North and East 
108 Progressing A Position Line across the Map 

108 Pinpoint “Fixes” are a Myth! 

Pace 

90 Distance = Speed x Time Keep a Log! Adding two Speeds 
92 Pace Your Progress — Pre-Dict It, Don’t Post-Dict It! 

92 Advice about Walking Times — Double & Halve! 

92 20 Minutes per Kilometre — Double & Halve — Easygoing Maths 
92 4km per hour — Normal Walking Pace — Double and Halve! 


94 1 Metre per Second is 3.6 kph “1 Hour Extra per 5 Hours” 
94 “1 Hour Extra per 500 m easy climbing” 

96 Adjust Your Expected Pace 

96 Don’t Overcompensate for Slopes And Meanders 

98 Don’t Lose Count! Use Finger-Math 


100 A Slow Kilometre Cancels out Three Quick Ones 
100 To Progress Faster More Easily Pace Yourself 
— Slow Down, but Don’t Stop 
102 Distance-Off by Vertical Angle Safe Distance Off 
104 Circle-of-Position by Horizontal Angle 
105b A Horizontal Angle between Features Yields a Position Circle 
105c ‘Two Horizontal Angles’ Usually Fixes Your Position 
106 Rise and Run Adjustments — Sine and Cos — North and East 


Range 
24e One Degree is about One in Sixty 
34-36e Estimating angles 
37e Distance using Apparent Size & 6° 
37e Visual Angle, Size and Distance Side-wise Offset 


51a & 53a Parallax methods 


90 Range: Rule One: Guess 

92 “Range” of Visibility — Two Halves to the Picture 

92 “Range Squared is Dee Height” 

92 “Range Squared is Dee Height” 

94 Double, the Acute Angle, off Your Nose — For the Distance Off 
94 Halve, Any Angle, from your Stern—For Distance Off 

96 __ Distance by Optical Rangefinder 

96 Range by Parallax and a Piece of String DIY Rangefinding 
98 Distance by averaging maximum & minimum Guesses 

98 Distance by Comparison with Some Length You Know 

98 Distance by Cloud Shadows — Look for Them 

98 Sound Travels Three Seconds to the Kilometre 

100 Lighting Conditions & Eyesight 

100 Visual Acuity is about One Minute of Arc 

102 Approximate Figures for Visual Acuity 

102 Test Your Own Visual Acuity 

104 Circle-of-Position by Horizontal Angle 

105b A Horizontal Angle between Features Yields a Position Circle 
105c ‘Two Horizontal Angles’ Usually Fixes Your Position 

104 The best range-finder 

106 Rule of Fingernails Rule of Tom Thumb ~~ Apparent Size 


Section 4b. MAP and/or COMPASS pp. 91-109 right-pages 
Map Use 
54e Helpful Chart Symbols 122 Appendix: Symbols 
38,39e Grid-line Walk & Mental Grid Maps 
46e Making a M.U.D. M.A.P.-m.a.p.-m.a.p. 
91 To “Read” a Map — Rule One: Don’t Lose Your Place! 
91 Rule Two: Imagine Arrows for the Sun, & Your Movement 
91 Rule Three: Get Used To Any New Map Scale 
91 Rule Four: Don’t Give Up! 


93 Look Carefully at the Fine Detail on the Map 
93 Look Carefully at the Fine Print 
93 Some Map Details are Not to Scale! 


Permanent Landscape is More Trustworthy Than Surface Detail! 
Details Added on to a Map Are Prone to Error 


95 Expect The Map To Be Unhelpful 

95 Maps Do Give You 10 Times More Detail Than You Can Notice 
97 “Maps Grip the Universe” 

99 Align the Track 


101 Align the Map the Landmarks 

103 Align the Map to Identify Landmarks 
105 Align the Map to Fix Your Position 
107 Which Way is North? 


Magnetic Compass Use _ See also “Clockwise”, Section 1 
37e Chart symbols 
91 “L.M.N.Or P.” 


93 Using the Protractor by Itself 
95 Using the Needle Alone — Emergency Magnetic Compass 
95 Hint Understand that magnetic poles should be called 
‘North-Seeking’ and ‘South-Seeking’ 
97 Think “+/- 5°” For Compass Bearings “+/- 10°” 
For Following a Compass; “+/- 15°” For Using a Compass! 
99 Compass Errors — Be Impressed! Be Careful! 


101 Compass Use — Master It, but Be a Good Master. 
103 “Magnets Grip Maps” 
103 Align Your Map in the Dark 
107 ‘East-least; West-Best’ Rule—Tells You Which Bearing is ‘Best’ 
108b Getting Started in the Dark 
108c Thinking Backwards 
109a Taking a Bearing from the Landscape 
109 Plotting a (Compass-to-Map’) Back-Bearing 
109 No-Number Back-Bearings 
124 Appendix: Map Symbols 
Mapmaking 
38e Grid-line walk 
39e Mental Grid Map 
46e Making a M.U.D.M.A.P.-m.a.p.-m.a.p. 
91 Maps Mean: Imagine Me! — Making Mental Maps 
91 “Map To Mind” Navigation 


93 Mental Networks 

93 The Most Valued Map 

95 Strip Map Navigation — Follow-Your-Nose Navigation 
97 Caving Strip-Maps — Come in Books 

99 Map Folding and Map Holding 

101 Layout Map — Blind 


103 A Compass Holder 

106a The Sine-Cosine Tally Method of Keeping Track, Blind 
106b Rise and Run Adjustments—Sine and Cos—North and East 
107 String Map 

109 Parallax While You Walk — JUST DRAW IT! 


Section 5. Navigational Mnemonic 

78b Group Several Related Images into One 
110 A “Start-Stop-Rest” Navigation Mnemonic 
110 P.R.E.P.A.R.E.D.— A Before-You-Go Checklist 

111 Equipment—A What-You-Might-Like-to-Take Checklist 

111 Place-Names; Learn Them; You Navigate by Local Features 
111 S.T.A.R.T. off Oriented 

111T.I.M.E. & Distance — that’s the point 

111 Distance 

111 Progress; Pace; Range 

112 Look in These 6 Directions — in 6 ways — Up and Down 

112 4 More Slopes 

112 Look in These 6 Directions — in 6 ways — Ahead and Behind 
112 Look in These 6 Directions — in 6 ways — Right and Left 

113 ..Plus in Two More Directions 

113 (1) All, Around, Appreciatively, And At 6 L’s 

113 (2) Look at the Map: a Systematic Checklist. What ‘System’? 
113 Mark the Lines-of-the-Land On Your Map 

113 Mnemonics for Map and Compass Work 

114 N.S.E.& W.—the 4 cardinal directions, is a mnemonic of fours 
114 W.E.A.T.H.E.R. — Check for Change 

114 Stop-Signal: Why have you stopped? 

114 REST and R.E.O.R.1.E.N.T yourself 

115 RI For Revisualise the Invisible & then Relate It to the skyline 
115 Clock-Sense Mnemonic 

115 ENT for Environmental Notice Time—Orient yourself to Nature 
115 REMEMBER to Note down the Names in the Notebook 

115 Re-lax, and Play — Navigation Games and Activities 
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Another example of applying data analytics in T&M traffic is to evaluate LTE QoS. When evaluating LTE 
QoS, it is required to setup testing scenarios with different QoS levels. Traffic Flow Template (TFT) (as shown 
in Table 4) is designed to filter packets into correspondent bearers, either a default bearer or dedicated bearer, in 
LTE network. Each bearer has its own QoS level. We can establish a dedicated bearer of guarantee bit rate 
(GBR) for applications such as VoIP, or a default bearer of basic QoS level for applications like file transfer. 

What TFT does is to filter packets into correspondent bearers according to packets’ IP address, port number, 
protocol, direction. The information, however, is insufficient to differentiate among web file download, FB news 
browsing, and Line chat. We are unable to give different QoS levels to these applications. To tackle this problem, 
we propose a new architecture which integrates deep packet inspection (DPI) with TFT to provide a higher gra- 
nularity of QoS levels for applications. When some traffic flow has been identified as a certain application type, 
TFT will be informed to update rules of packet filters. With this improved method, the traffic flow can be deli- 
vered through the bearer of suitable QoS level. 


4.5. Applications on Data Analytics for Traffic Flow Created by APP’s of SD 


To fulfill the Quality of Service (QoS) requirements from users, it is important to make effective use of the net- 
work resource. We can optimize the performance of a network by applying data analytics to traffic engineering. 
In particular, it is important to classify mobile applications traffic intended by the user with data analytics. 

We propose a HMM-based (Hidden Markov Model) model to classify the mobile applications. By surveying 
related work, we have realized that there are different handshake patterns of well-known application protocols. 
Also, according to the observation of some specific mobile applications, we discover that every mobile Internet 
service has its unique negotiation process at the beginning when service starts. HMM was widely used to recog- 
nize time-dependent sequences and find out unknown patterns of data, such as speech recognition, handwriting 
recognition. 


Table 4. Traffic Flow Template (TFT): Use to specify the packet filters associated. 








Protocol Single ee 
UL Packet Number Remote Single Re ae Remote IPSec py4)y/ Flow 
Packet Filter (IPv4)/ Address Local Local Port Port : 
: d Port SPI Traffic Label 
Filter Evaluation Next and Subnet Port Range (UE) Range 
Range Range Class _ (IPv6) 
ID Precedence Header Mask (UE) (NW) 
(IPv6) (NW) (IPv6) and 
Mask 
IPv4: 172.168.8.0 
[255.255.255.0] 
1 DRB2 6 6 (TCP) IPv6: 60051 - - - - - - 
2001:0ba0::[ffff:ffFFf:: | 
2 DRB2 2 17 (UDP) - - - 60201 - - - - 
IPv4: 172.168.8.0 
3 DRB3 7 6 (TCP) a 60100:60200 - - - - - 
2001:0ba0::[ffff: fff: : | 
17 60300: 
& RE? a (UDP) ° ° ° ° 60400 ° ° 
50 IPSec 
5 DRB3 5 (ESP) - - - - - Ox0F80F0000 - - 
00101000, 
6 DRB3 1 - - - - - - - Mask = - 
11111100 
7 DRB3 6 - : : : = = - : - 
DRB1 6 
8 (default 255 - - 7 - 7 Z . = 
bearer) (EF) 





Appendix 


Eastern Australian Standard Time Zone 


10 hours ahead of Greenwich 
Showing Tropical countries and places underneath the Sun 


p24a,25a 


(CANBERRA 36° S.) 
ROCKHAMPTON 23°12 S. 
NEW BRITAIN 5°S 


12 


21° S. NOUMEA 1 3 ALICE SPRINGS 23° S 






14 MANILA 15° N. PORT HEDLAND 20° S.. 
SULAWESI 0° 


15°s. F171. 10 








WEST SAMOA 14° S. 
9 


OOK ISLANDS 11° S. 


23°V2 N. HAWAII 5SJAKARTA 7° S; SINGAPORE 1° N.; 


CHRISTMAS IS. 10° S. 












COCOS ISLANDS 12° S. 


17°%2 S. TAHITI 8 16 CALCUTTA 23°% N. 








SUMMER TIME 
Rotate this for ofher time zones 


23°%2S. MANGAREVA/ 17 MALDIVES 0° 


/MARQUESAS 


18 Gulf of OMAN 
23° %N, 


PITCAIRN/Easter IsO 
25° S.-27° S. 
(34° N. Los Angeles) 
Tip of Californian Peningula 23° 2 N 
Is. De Revilla Gigedo 










Seychelles 5° S 


19 Port of Aden 12° N. 
Mogadishu 3° N. 
Madagascar 23°'% S. 


Gomez 26° Ss. 5 
Mexico Guadalahara 
23°%”N. 


20 Lake Victoria 0° 
N limit of S Africa 23°'%S. 


Sudan/Egypt; 23°% N. 
Aswan Dam 


1 Lake Chad 14° N. 
Namibian Desert Coast 23° S. 


Galapagos Islands 0° 
Guatemala 15° N. 


Cuba/Haiti 20° N. 3 
Bogota 5° N. 


2 Accra 5° N. 
Timbuktu 17° N. 


Trinidad and Tobago 10° N. 2 





Brasiliai6°s. 1 3 
Sao Paulo / Rio de Janeiro 23°% S. 0 West African Coastal Bulge 15° N. 


Mid North Atlantic 23°'% N. 


Places in capitals are less than 6 hours away from Australia. The others are on the other side of the world. 
View this as if from above the North Pole—the Sun ‘moves’ clockwise, but the Earth spins anticlockwise. 
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Eastern Australian Standard Time Zone 


10 hours ahead of Greenwich 
Showing Tropical countries and places underneath the Sun 


Cut this one out and post it on your wall until you have learned most of it. 


(CANBERRA 36° S.) 
ROCKHAMPTON 23°12 S. 
NEW BRITAIN 5°S 


12 





21° S. NOUMEA ALICE SPRINGS 23°%2 S 






4 MANILA 15° N. PORT HEDLAND 20° S. 
SULAWESI 0° 


15°s. FIT 10 













EST SAMOA 14° S. 


1 SIAKARTA 7°S; 
SINGAPORE 1°N; 
CHRISTMAS IS. 10° S. 


23° N. HAWAII Y, 





COOK ISLANDS 11° S. COCOS ISLANDS 12° S. 


17°%2 S. TAHITI 8 16 CALCUTTA 23° 2 N. 


Rotate this for other time zones 


23°%2 S. MANGAREVA 7 17 MALDIVES 0° 


/MARQUESAS 


18 Gulf of OMAN 
23° %N, 


PITCAIRN/Easter Is 6 
25° S.-27° S. 
(34° N. Los Angeles) 
Tip of Californian Penin§ula 23° %2N 
Is. De Revilla Gigedo 2 


Seychelles 5° S] 









19 Port Aden 12°N. 
Mogadishu3° N. 
Madagascar23°S. 


Gomez 26° Ss. 5 
Mexico Guadalahara 23°V2N. 










4 20 Lake Victoria 0° 


N limit of S Afr. 23°%S. 


Sudan/Egypt; 23°2N. 
Aswan Dam 


21 Lake Chad 14° N. 
Namibian Desert Coast 23°'%2S. 


Galapagos Islands 0° 
Guatemala 15° N. 





Cuba/Haiti 20° N. 3 
Bogota 5° N. 


22 Accra 5° N. 
Timbuktu 17° N. 


Trinidad and Tobago 10° N. 2 






Brasilia 16°s. 1 23 
Sao Paulo / Rio de Janeiro 23°% S. 0 West African Coastal Bulge 15° N. 


Mid North Atlantic 23° %N. 


Places in capitals are less than 6 hours away from Australia. The others are on the other side of the world. 
View this as if from above the North Pole—the Sun ‘moves’ clockwise, but the Earth spins anticlockwise. 
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his book is about beekeeping as practised in Kenya. Wikipedia (a free 

online encyclopaedia) defines it as “the practice of intentional 

maintenance of honeybee colonies, commonly in hives, by humans. A 
beekeeper (or apiarist) may keep bees in order to collect honey and beeswax, or for 
the purpose of pollinating crops, or to produce bees for sale to other beekeepers. A 
location where bees are kept is called an apiary”. We also know beekeeping as 
apiculture, from the Latin apis or bee. 


The purpose of beekeeping is to produce and sell as much honey as possible. Beekeeping 
is a means to expand livelihoods and make the best use of available resources, in 
this case, floral nectar and pollen. A diversified livelihood is a more secure one. 
Beekeeping also has immense benefits in terms of provision of pollinators, which 
enhance crop yields. Scientists estimate that one in every three bites of food we eat 
is a result of active pollination of plants in which bees play a very important role. 
Bees are environment-friendly and so are beekeepers. Many beekeeping groups initiate 
tree nurseries as they realise the importance of enhancing the environment to improve 
honey yields. Beekeepers are also the most active in safeguarding natural 
environments, as they know honey crops are dependent on local vegetation, mostly 
trees, as their source of nectar. Teach people to keep bees and they will plant 
trees themselves. 


Better beekeeping requires good management of bees and hives. Anyone—young or 
old, men or women—can keep bees. Beekeeping needs very little land, time, or 
equipment. It is an ideal activity for small-scale farmers in Kenya and other African 
countries. 


Farmers who want to keep bees generally have two challenges: Big 


1. LACK OF INFORMATION ABOUT 
BEEKEEPING 

This is acommon problem: where can 

beekeepers in Kenya and other African 

countries get relevant information? 

Information from other continents such 

as Europe and America is useful but 





not always applicable. African bees and 
conditions are different and require 
appropriate information on local 
beekeeping constraints as well as 
opportunities. 





2. A FEAR OF BEES 

Many people start beekeeping only to 
run into problems with excessive stings 
that result in the farmer getting rid of 
the bees. This is also a common 
difficulty in Kenya as Kenyan bees are 
unpredictable and sometimes very 
aggressive. Knowledge on how to keep 
and handle bees properly can overcome 


a fear of bees. 





This book assists with information on beekeeping, which helps overcome fears. It 
also directs to sources of further information. All beekeepers need to keep learning 
and improving their craft. Learn from bees themselves, neighbours and fellow 
beekeepers, the local beekeeping officer/extension worker, and all the books and 
other resources obtainable. 


A Glossary is available after Part Six to assist you with definitions for the more 
important terms used in this guide. 


(N. B. On exchange rates: KSH refers to the Kenyan shilling. Exchange rates at the 
time of writing are USD1=KSH72; GBP1=KSH186; EUR1=KSH92.) 


Part One 
INTRODUCTION TO 
BEEKEEPING 





WHAT I$ BEEKEEPING? 


Beekeeping is the art of managing honeybees in order to obtain honey, beeswax, 
and other bee products for food, income, and sometimes, even medicine. Men and 
women of any age can carry out beekeeping, but there are taboos against women 
handling bees in some Kenyan communities. 


It is an ideal income-generating activity for groups such as those for women, youth, 
men, church, etc. We have seen a number of very active youth groups involved in 
beekeeping. They can generate income without owning land, a major constraint to 
other lucrative endeavours. Beekeeping requires little space; it complements other 
farm activities. Beekeeping does not need good soil. 


GETTING TO KNOW BEE SPECIES AND RACES Big) 
A. HONEYBEES 


There are many different species of bees in the world, most of them solitary. A 
few species of bees are kept to produce honey. In Africa, America, Australia, and 
Europe, we have Apis mellifera, which is a very important species for honey 
production. Recent research has shown that all races of Apis mellifera have 
origins in Africa. In Kenya, we also have Apis mellifera or the species most 
familiar to everyone: the honeybee. This book is mostly about the honeybee. 
Within this species, there are a number of bee races in Kenya that have their 
particular characteristics and adaptations to our environmental conditions: Apis 
mellifera scutellata, Apis mellifera monticola, Apis mellifera yeminitica (nubica), 
and Apis mellifera littorea. 


1. Apis mellifera scutellata 

These are small with relatively short tongues. The bee is highly aggressive and 
has great tendency to reproduce (swarm) and abscond (migrate). It is found in 
plains. Massive flowering attributes to their high reproductive rate, which occurs 
in plains just before rains. Scutellata is able to nest in a broad range of sites: 
from cavities to open nests. 





2. Apis mellifera monticola 

This bee is called the mountain bee. Monticola are a large dark gentle race with 
longer hairs than other African bees. The bee inhabits places where clouds, mist, 
and nocturnal ground frosts obscure the sun. It is the largest bee in Africa. It 





has a tendency to reduce brood rearing at the first sign of forage decline and 
may not migrate. It is less productive and less vicious than other species. 
Monticola is found in Meru and Mt Elgon. 





3. Apis mellifera yemenitica (formally, Apis mellifera nubica) 

This is the smallest race in Africa. It has the most slender abdomen and the 
largest yellow abdominal colour band of all African races. It withstands and 
survives drought conditions by excessive migration. It is found mostly in the 
northern parts of Kenya. 


4, Apis mellifera littorea 

The bee inhabits lowlands of the Kenyan coast. It does not migrate as much as 
scutellata. It has a tendency to rear brood throughout the year due to availability 
of forage along the coast. 





Bee races I am most familiar with are A. m. monticola and A. m. scutellata. A. m. 
monticola tend to be in the highlands and more docile. We probably have these 
around Molo. A. m. scutellata are smaller and more aggressive bees found in the 
lowlands of Kenya. In my immediate vicinity, we have them in Nakuru and 
Baringo Districts. We may also have hybrids of these two types. Much research 
has yet to be done in Kenya and Africa as a whole on mapping various bee races 
and their characteristics. 


(Reference: Beekeepers’ Guide Book, National Beekeeping Station, Nairobi) 
B. STINGLESS BEES 


There are also species of stingless bees in Kenya. Beekeeping with stingless bees 
is called meliponiculture. These bees produce honey prized as medicine. The 
honey is very sweet and liquid compared to Apis mellifera honey. Stingless bees 
may be kept in small hives but are not yet kept commercially in Kenya. There is 
renewed interest in these bees with the discovery of a new species in Kakamega 
by a scientist working for the National Museums of Kenya. Beekeepers in other 
African countries keep stingless bees. There is even a very fascinating webpage 
about someone in Moshi, Tanzania, who keeps them. Stingless bees are not, 
however, the main focus of this book; honeybees are. 


(N. B. See Annex 2 for more information on stingless bees in Kenya.) 


WHAT BEES DO “iggy 


e Bees forage on floral nectar and pollen. They don’t compete with livestock for 
food such as grass. 
Bees help the pollination of flowers, plants, and crops. 
Bees increase the quantity and quality of flowering crops, e.g., coffee, papaw, 
banana, avocado, macadamia, mangoes, etc. 

e Bees fly three to five kms from the hive to collect nectar, so you benefit from 
other people’s flowers. 


B.-S. P. Lin et al. 


In our method, we extract the packet size sequence and packet transmission direction sequence of the first 20 
packets to train the HMM model. Figure 13 shows our designed model structure of HMM. X, is the hidden 
variable. It represents the transmission states which cannot be observed directly. Because of the unknown trans- 
mission states, we need to use observation variable O} and O* as training features to build the mobile appli- 
cation models. Here, “n” is the sequence number of packets in a traffic flow. O} is the observation symbol of 
packets transmission direction. O? is the observation of packet size that quantizes to a certain range of packet 
size. We quantize smallest packet size to number 1 and largest packet size to number 8. The rest of packet sizes 
are then divided into six groups. 

Figure 14 shows the main process of our classification system. First, we process the collected packets by 
reading from original PCAP files, and extract the necessary field of packet header, including source IP, destina- 
tion IP, source port number, destination port number, packet timestamp, and packet size. Second, we use packet 


the nt packet the (n+1)" packet 


X,, : state of the n™ packet (Hidden Variable) 
0; :the packet direction (Observation Varlables) 


02 : that packet size quantizes to corresponding group 
(Observation Variables) 





Figure 13. Classification model of Internet application traffic. 
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Figure 14. The process of our proposed classification system. 


Bees produce honey, beeswax, and propolis (used in medicines) as well as other 
products such as royal jelly, pollen, bee venom, and bee brood. Honey, beeswax, 
and propolis are the three products currently exploited in Kenya. They are 
discussed in this book because of their importance. 


ALL ABOUT HONEY “fpigg 


Honey contains sugars (80-85%) that are easily absorbed by the body—good for 
young, old, and sick. It is made from nectar, a sugary secretion of flowers. Nectar 
contains 70-80% water. To make honey, bees add enzymes and reduce the water 
content to that of honey. (Good honey contains less than 19% water.) 

Honey is very good energy food. Use it as sweetener for food (cake, chapati, 
bread, etc.) and drink. Try some in your tea. 

Honey has medicinal properties. Use it for coughs, ulcers, wounds, and sore 
throats. (See recipe for honey cough syrup in Annex 4.) 

Honey has a high market value. It is used to make local beer and is also a food 
preservative. 

Honey is always in demand. It is a good source of cash. 


INFORMATION ON BEESWAX 


Beeswax is the substance bees use to make their combs. Worker bees secrete 
it from special wax glands on the abdomen (underside). 

Beeswax is used in cosmetics, soaps, leather and wood preservation, candles, 
ointments, batik, shoe polish, and foundation sheets for Langstroth hives. 
You can turn honeycombs into wax. Simple instructions and recipes for using 
the wax are found in Annex 4. 

With a little training, you can make and sell candles, body cream, and shoe 
polish made with beeswax. Farmers trained by the Baraka Agricultural 
College/SHDI beekeeping outreach project sell homemade body creams and 
generate additional income for themselves. 


WHAT I$ PROPOLIS? 


Propolis is a resin that bees collect from plants. It is black and sticky. 

Bees use propolis to cover the inside of the hive and fill in the cracks. 

It has medicinal value, e.g., as an antibiotic. 

If you chew propolis, it tastes bitter but is good for the throat and chest. 
There is an export market for propolis. Annex 4 has a recipe for making 
propolis ointment. 


RESIDENTS OF THE BEEHIVE 


In the beehive, there are three types or castes of bees. It is important for all 
beekeepers to recognise them. The first caste is called the Queen: a sexually 
mature female. The second caste is called the Drone: male bees. The third caste 
is the Worker: an immature female. Details of all three castes plus the brood are 
given below. 





Figure 1: Types or Castes of Bees 
Only the worker bee does all the work in the hive! 


1. The Queen Bee 

The queen is a sexually mature female. There is only one queen in the hive. Her 
job is to lay eggs that hatch into other bees. She can lay up to 2,000 eggs per day. 
Queens can live for up to five years, but the most productive period of their life 
is the first two years. 





The queen may be hard to find in the hive, but you can recognise her by her 
length. She is long and slender and her wings reach only halfway down her 
back. She is far bigger than the numerous workers but must not be confused 
with drones, which have a square body and very large eyes. 


2. The Drone 

There can be several hundred drones in a hive depending on the time of year. In 
times of food shortage, workers throw drones out of the hive. When a new queen 
starts life, she mates only once with up to ten drones outside the hive, high up in the 
air. 


Drones have very large eyes used to spot the queen during mating. Their major task 
is to mate. They have no sting. Drones look large and square. They make a loud 
buzzing noise when they fly. 


3. The Worker 

Most bees in the hive are worker bees. As their name suggests, they do all the work. 
Workers feed the young, feed the queen, guard the hive, and collect honey/pollen/ 
propolis and water. Workers undertake different tasks in the hive depending upon 
their age after hatching. Worker bees have a sting and use it to defend their nest. 
Workers can number up to 60,000 in a very strong colony of bees. The lifespan of a 
worker bee depends on colony activity: during times of high activity, e.g., when 
collecting nectar to make honey, they can wear out in a few weeks. In the dormant 
season when there isn’t much work, they can live for up to six months. 


4, The Young or Brood 

The queen lays an egg that looks like a grain of rice. To see eggs, hold combs from 
the centre of the brood nest (centre of the hive) up to the light. Look carefully at 
seemingly empty cells; they usually have eggs at the bottom. 





The eggs develop into larvae that look like white maggots. The larvae are fed on 
brood food (produced in glands on the head of nurse worker bees) and some pollen/ 


honey. (Pollen is the powdery substance produced by the anther of flowers and is 
rich in protein. It is the coloured substance seen on bees’ legs and stored in combs.) 
Larvae are later sealed in the comb where they turn into adult bees. During the 
changing process, they are called pupae. Thus there are three stages to adulthood: 
egg, larva, and pupa. 


Figure 2: Bee Egg 


Figure 3: Bee Larva 





Figure 4: Bee Pupa 
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Table 1: Duration of Development Stages 
Table shows time spent in each stage of development for African bees, 
specifically Apis mellifera scutellata. 
(Source: Kigatiira, K. I., Beekeeping for Beginners. See Annex 9 for more details.) 


Part Two 
GETTING STARTED: 
THE BASIC$ 





TYPES OF HIVES 


A hive is the box or some other container where bees live. Without a hive, you 
cannot be called a beekeeper! 





Photo 1: Wild colony of bees 
Wild colony of bees nests under a manhole cover. 


Different types of hives are used in beekeeping. Some are: 


e Pot hives or clay pots (See Photo 2.) 

e Log hives (See Photo 3. They are made from hollowed-out tree trunks. 

e Basket hives (See Photo 4. They are made from woven sticks smeared with 
mud.) 

e Kenya Top Bar Hive or KTBH (See Photo 5.) 

e Langstroth hives (See Photo 5. These use frames.) 











Photo 2: The pot hive 
The pot hive has a super or honey chamber on top. 


Photo 3: Traditional log hive 
A traditional log hive located in Koibatek District. 

















Photo 4: Ugandan basket hive 
The lid is removed to harvest honey. Care in harvesting yields top quality honey. 














Photo 5: Examples of KTBH (left) and Langstroth hive (right) 
Hives in Turkana District. Beginners should go for the simpler and cheaper KTBH. 


In this book we will give you measurements of the KTBH and a cheaper mud/ 
stick hive, which also has top bars. These two hives are relatively easy and 
inexpensive to make. They are very good hives to start with in beekeeping in 
Kenya. The Langstroth-type frame hive is more complicated and expensive to 
make/purchase. It has been promoted in Kenya the past few years. Each type of 
hive has advantages and disadvantages. 


ADVANTAGES OF TRADITIONAL HIVES 
(e.g., logs, pots, and baskets) 


They are relatively easy and inexpensive to make. 

You can use local materials and traditional knowledge for making them. 
Bees often prefer these hives to more ‘modern’ types. 

With care in harvesting and handling, honey quality can be very good. 





Photo 6: Crudely constructed box hive 
This box hive is located in Londiani, Kericho District. 


DISADVANTAGES OF TRADITIONAL HIVES 


Bee management is difficult. 

Logs are no longer readily available to make hives in Kenya. 

They can be difficult to harvest. 

Yields and quality of honey can be lower than top bar and frame hives. 


ADVANTAGES OF TOP BAR HIVES 


Bee management is possible, making it easy to harvest and manipulate 
colonies to maximise honey production. 

They are easier and cheaper to make/buy than frame hives. 

They are easier to harvest than traditional hives, creating the potential for 
better honey quality. 

Honey extraction is easy compared to frame hives, as there is no need for 
specialised equipment. 


DISADVANTAGES OF TOP BAR HIVES 


Combs in the top bar hive are not supported. They can break if not handled 
carefully. 

Wax is harvested with honey forcing bees to build more wax to replace 
harvested combs, which results in lower honey yields but more harvested 
wax. 

The volume of the KTBH, like the traditional hive, is fixed, so the hive can 
fill very quickly in the honey season. An overcrowded hive can swarm leading 
to reduced honey crops. 


ADVANTAGES OF FRAME HIVES 
(e.g., Langstroth) 


It has frames that make the combs very strong especially when transported. 
The honey is extracted by centrifuge, returning wax to bees with potentially 
much greater honey yields. 

The space of the hive can be added to easily by adding more supers. Additional 
space is important during honey flow. Supers can be removed when the honey 
flow is over to contract hive size. 

Using a queen excluder between the bottom brood box and the honey supers 
means honey is separated completely from the brood and is of high quality. 








Photo 7: The Langstroth frame hive 


DISADVANTAGES OF FRAME HIVES 


Frame hives are more expensive to make than traditional or top bar hives. 
They are more complicated to make and manage, as they require more spare 
parts such as frames, foundation starter sheets, and supers, which are costly 
and not readily available to beekeepers in Kenya. 

e Extracted/unextracted honey supers are prone to damage by wax moths, 
ants, and rodents. 

e Frame hives need a centrifugal extractor to extract honey. Extractors are 
not readily available in Kenya and are expensive to purchase. Beekeepers 
are often forced to cut honey from frames just as in top bar hives. 

e Frame hives require a greater level of investment (time and money) as well 
as beekeeping skills to make them pay off. 


In recent years, Langstroth frame hives have been promoted in Kenya. There 
has been considerable hype around their use with many people automatically 
believing they are the best hives. Frame hives are not necessarily better than 
either traditional or top bar hives. Frame hives have the potential to be better in 
terms of higher yields and better quality honey if managed well! Unfortunately 
in many cases, too much emphasis is placed on the technology and not on building 
beekeeping skills and capacities. 


Photo 8: Beekeeper in Kitui District 
Beekeeper poses in front of Langstroth hives. 
Donor support provides many such hives in Kenya. 





As a beginner, you can easily start beekeeping in Kenya using the intermediate 
technology top bar hive such as the KTBH—unless someone donates a Langstroth 
to you! Once you have beekeeping experience, understand why you should 
purchase a frame hive, and have money to do so, and then use the frame hive by 
all means, but you should be aware that there are no automatic increased yields 
from having a Langstroth. The hive is only as good as you manage it. I have 
produced up to 40kgs per KTBH while many people who purchased Langstroths 
have produced little or nothing! So understand bees and bee management and 
you will produce good crops of honey no matter the type of hive you have. When 
you have better skills and knowledge, move to the more expensive hive, which 
can then give better yields. 


This book deals primarily with top bar hives because they are the easiest for 
beginners in Kenya who often do not have a lot of money to spend for starting 
up. The principles of beekeeping are, however, the same for both top bar and 
frame hives and issues of bee management are very similar. 
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THE KENYA TOP BAR HIVE 





Photo 9: The Kenya top bar hive 
The Kenya top bar hive or KTBH was developed in Kenya 
and is now used around the world. 


The Kenya Top Bar Hive (KTBH) was developed in Kenya and is a good option 
for many Kenyan beekeepers and other beekeepers from around the world. KTBH 
are also used outside Africa, e.g., the United States of America. Its big advantage 
is its simplicity and low cost. You also get to produce beautiful comb honey for 
home consumption or for sale. Figure 5 shows the construction drawing of a 
KTBH. Remember to follow the measurements—the top bars, in particular! 


Very important: You must copy exactly the measurements we give you. When 
it comes to bee management, it is important that all your hives are the same size 
so you can move top bars from one hive to another. This allows better bee 
management. In particular, watch the dimensions of the top bar: 3.2cm wide 
and 48.3cm long. The ridge at the centre of the top bar is coated with beeswax to 
give bees a line to follow when they build their comb. The smell of beeswax also 
attracts bees to enter a new hive. 











Photo 10: Top bar 
There are two views provided for the top bar: top view (top) and side view (bottom). 
Notice the ridge protruding from centre in side view. 
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header information (5-tuple: source IP, destination IP, source port number, destination port number, and proto- 
col) to process packets with the same 5-tuple information into a unit of mobile application traffic flow, and ex- 
tract the features of each application flow. Third, in learning process, we use the extracted features which are 
quantized into corresponding symbol sequence to training the HMM-based application models for different ap- 
plications. Finally, we can identify the new traffic flow by finding out the maximum value of log likelihoods de- 
rived from different application models. 


5. Conclusion 


This paper presents a forward looking view of the convergence of IoT, big data, cloud, SDN technologies along 
with the arrival of 5G mobile broadband networks. We intend to demonstrate the technical relationships of those 
technologies and the compelling programs and applications that can be created when two, three or more of those 
technologies converge. Due to the nature of fast evolution of ICT and the ongoing innovation of those five 
technologies, this paper should be updated on annual basis to keep the related information up to day with the 
ICT major trends. 
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Figure 5: Construction Drawing of KTBH 
Measurements are in millimetres. 
(Source: Baraka Agricultural College Workshop) 
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Figure 6: Assembly of KTBH 
(Source: Baraka Agricultural College Workshop) 
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TIPS FOR MAKING A GOOD KTBH 


Use timber % inch thick (19mm) to make the hive. 

Utilise dry timber to prevent cracking and warping. 

Make use of whatever timber is inexpensive and available locally. Pine, cypress, 
and Grevillia robusta are commonly used, but if you have your own wood, use 
it. 

¢ Get the right size for the hive body of the KTBH though some drawings show a 
slightly longer hive. The measurements given are those used at Baraka 
Agricultural College. 

e Follow the measurements of the top bars exactly. It is very important. Top 
bars are made a specific measurement to ensure that bees build one comb per 
top bar making combs easy to inspect. 

e Top bars should be the right width and fit the hive body well. 

e Don’t forget to wax top bars to attract bees. Use a paintbrush to apply melted 
beeswax onto protruding ridge at the centre of the top bar. The strip of wax 
guides bees to build straight combs that are easy to inspect and harvest. 

e All parts of the hive should fit together properly. There should be no holes. 











we ite it 

Photo 11: Working with bees ina KTBH 
Notice one comb per top bar, which allows modern bee management by the ability 
to move combs without breaking them. 
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THE MUD/STICK HIVE 


A mud/stick hive is the answer to all of you who say you have no money to start 
beekeeping. No excuses allowed. Beekeeping is about skills and knowledge. Even 
with very little money, you can start beekeeping by making your own equipment. 
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Photo 12: Mud/stick hive inside a bee house 
The bee house is also made from mud and sticks. 
The hive body is made from sticks with gaps between them filled with mud. 


For the mud/stick hive, use the same dimensions (length, width, and height) as 
the body of the KTBH, but make the body square. For the body, use about 50 
long and 30 short straight sticks. First, make a frame of sticks for the bottom. 
You can also make a timber frame and add sticks as shown in Photo 11. To this 
frame, tie/nail on other sticks. Use wires or nails to do this. If you bind them 
tightly, you can have a very strong frame. Plaster the inside of the hive with 
mud and cow dung and leave to dry. Top bars fit along the top of the hive just 
like the KTBH. Remember to make some small holes at one end of the hive as 
the entrance. As a roof, you can use mabati (tin). The mud/stick hive works best, 
however, under shelter, e.g., a bee house, because of potential damage from 
heavy rains. If inside one, just use a sack for a cover. 
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Photo 13: Bee house at Baraka Agricultural College 
Baraka Agricultural College is in Molo. 


TIPS FOR MAKING A GOOD MUD/STICK HIVE 


e Shelter hive from heavy rains. 
¢ Important: make top bars the same measurement as that of the KTBH, 
which allows transfers from one type of hive to the other. 


The two hive designs mentioned are an improvement of the traditional log and 
basket hives because with top bars, combs are moveable, which allows 
management of bees. Top bar hives are not as expensive or difficult to manage 
as Langstroth hives making them more suitable for use by small-scale farmers. 


You can also be innovative and use other materials to make the hive body. In 
Zambia, beekeepers use a concrete KTBH hive, which works very well. The body 
is made from concrete and set on a stand. Top bars are added on top of the hive 
and covered with sacking material. The Zambian concrete hive is placed under 
grass shade cover to keep out rains and the hot sun. 


APIARY LOCATION 


An apiary is a place where hives are kept. Keep a limit of not more than 20-25 
hives per apiary depending on availability of bee forage. Bees forage in a radius 
of about three to five kilometres from the apiary, so if you want to keep more 
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than 20 hives, find another site three or more kilometres away from the existing 
one. Plant a good high hedge around your apiary using a shrub such as kei- 
apple. As you wait for the fence to grow, you can use off-cuts—waste timber from 
sawmill—to make a fence. The hedge separates bees from people and animals, 
which is important in Kenya as our bees can be aggressive. Apiary siting is very 
important on small farms to ensure safety and comfort living with bees. 








Photo 14: Apiary fenced with off-cuts 
The fence, made of waste timber, is to screen bees away 
from people and animals. (Nakuru) 


Choosing a good site to hang your hives is very important. 

If you choose a poor site, bees may sting people and animals. 

If the site is insecure, hives and honey may be stolen. 

If you live in a hot area, your hives will need shade as well as water. 

If you live in a cool area such as the highlands, only minimal shade is required 
or the bees will be cold and damp. 

Get a good balance between light and shade. A bright apiary without direct 
sunshine appears to be best. Bees are most active then. 


An ideal site to establish an apiary would be: 


Away from humans and livestock, dwelling areas, roads, and public areas. 
Safe from strong direct sunshine, windy areas, and theft. 

Accessible to nearby water and bee plants, i.e., provide water and bee forage 
shrubs, trees and/or crops. 
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e Away from swampy areas and smelly places. 
e Near a good source of nectar, e.g., forests, trees, or nectar-bearing crops. 


So now you have made a hive or two. Did you follow instructions carefully? Are 
your top bars the right measurement? Have you chosen the site for the apiary? 
If you are still not sure, ask someone who knows. Remember: once bees enter 
hives, it will be more difficult to change things. The bees may become aggressive 
or the hive will be heavy with brood and honey. We now come to the procedure 
for putting hives in the apiary. 


HIVE PLACEMENT 
A. HANGING HIVES 


(N. B. Not recommended for mud/stick hive, as it is not strong enough. See 
below for placement.) 











Photo 15: KTBH hanging in foreground 
Another one is on a stand, background left. 


Use two strong and heavy posts, each of about 2.5 to 3 metres long. 
Dig two holes about % metre deep and 2 metres apart—or take two strides. 
Pack soil and stones around posts. Make sure posts are very firm. Think 
ahead to when the hive will be heavy with honey. If they are not firm, they 
will fall over later. 

¢ Remember: once bees enter the hive, it will be difficult to make changes! 

e Now that holes are dug and posts are in position, use wires to hang the hive 
between the two posts. 

¢ Remember: put wire around the back of the posts as shown in Figure 7. 

e Remember: hang the hive at waist height and keep it level to ease work 
and not strain your back. 


Take time to do things properly and you will be happy later on! 
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Figure 7: Hanging KTBH Posts 
The posts are two metres apart and the hive about one metre from the ground. 


You can also hang hives between two trees or a post and a tree. Follow the same 
instructions, but remember to use strong heavy nails. When hanging more than 
one hive, you can follow some of the patterns below: 
























































Figure 8: Hanging patterns for KTBH 
Above are the line pattern (top), cross pattern (middle), and T-pattern (bottom). 
(O = hive, O = hanging post) 
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B. HIVE PLACEMENT 


e If you don’t want to hang hives, you can place them on stands. It is best to 
use this method for the mud hive, as it is not strong enough to hang. 

¢ Remember: the stand should be sturdy and high enough for the hive to be 
at waist level. 

e Put legs of the stand in cans of used engine oil to prevent pests from getting 
into the hive. 

e Hives on stands are more prone to attack by the honey badger. (See list of 
pests and diseases in Part Three.) 


(N. B. Putting a number of hives under a shelter or into a bee house is also an 
option. Just make sure that bees have a way of getting in and out of their hives. 
A bee house is useful because you can lock it to prevent thieves from stealing 
honey or children from interfering with hives. A bee house can be a simple mud 
hut with holes in the walls for bees to come and go. From my experience with bee 
houses, get a balance between shade and light: no strong direct sunshine but 
also plenty of light. The balance of light and shade will depend where you are. In 
a cold highland area, you need less shade than in the hot lowlands.) 











Photo 16: Newly constructed bee house 
Farmers in Koibatek and Ministry of Livestock staff inspect the structure. 
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GENERAL APIARY MANAGEMENT 


Keep apiary clean: cut grass short and trim branches that reach hives to 
prevent pests, e.g., ants, from crawling into hives and disturbing bees. 
Grease wires holding hives to keep off crawling pests, particularly ants. 
Do not make noise around the apiary as it can agitate bees. 

Supplement the bee’s source of nectar by cultivating certain plants around 
the apiary, e.g., bananas, sunflower, mangoes, citrus, coffee, eucalyptus, 
pawpaws, passion fruits, croton, acacia, bottlebrush, Calliandra, etc. Trees 
will also give shade to bees and provide a screen between bees and nearby 
people and animals. 

Remove old combs from the hive to prevent wax moth damage. 

Do not spill honey near the apiary. It will attract pests and cause bees to 
fight with their neighbours, i.e., bees from adjacent hives. 

Inspect hives regularly to monitor bee progress and ensure no pests are 
attacking them. (See list of pests and diseases in Part Three.) 

When bees are making honey, inspect hives once a week by opening them 
up. This is important, so you ensure bees have enough space to store honey. 
With the KTBH hive, remove honey to make space; with the Langstroth, 
add an extra super. At other times, inspect hives once a month. You can also 
simply look at hives almost daily without opening them. 

Observing bees for a few minutes can tell you a lot. Are the bees collecting 
pollen? If they are, it indicates that bees are feeding the young. It also shows 
they are healthy and have a laying queen. 

Provide a permanent source of water for bees near the apiary. This is 
important as lack of water can contribute to absconding in the dry season. 





Photo 17: Water for bees 
Provide water slightly away from apiary and not in their flight path to avoid bees 
defecating in the water, which spreads disease. Place sticks for bees to stand. 
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BEEKEEPING EQUIPMENT AND HOW TO USE THEM 


1. Hive 

The hive is for housing bees. (KTBH and other types have already been 
mentioned.) It is the most important piece of beekeeping equipment. Without a 
hive, you cannot be a beekeeper! 


2. Bee Suit 
The bee suit consists of the following items that give protection from stings: 


Veil: for covering head and face 

Overall: for covering the rest of the body 
Gloves: for covering hands 

Gumboots: for covering feet 





Photo 18: Good gloves 
Good gloves are essential when working African bees. 


(N. B. Farmers are able to improvise their own bee suits and make them out of 
sacking material, which cost about KSH800 or US$4.17 to assemble.) 





Photo 19: Farmer in Nakuru wears an inexpensive bee suit 
It is made from used sacks combined with rubber gloves. 


3. Smoker 

The smoker is a vital piece of equipment as smoke is used to control bees and 
keep them from becoming aggressive when handled. When lighting a smoker, 
use dried grass to light it. When burning well, put in some damp grass, so that it 
produces a thick cool smoke. Do not allow the smoker to spark or flame, which 
will burn bees. An alternative smoker fuel is dry cow dung. Be careful when 
extinguishing the smoker that you do not start a fire! 





Photo 20: Smoker 


(N. B. A simple smoker can be made from a tin can punched with holes and with 
a wire handle attached. The beekeeper blows smoke onto bees with his/her breath.) 








Photo 21: Lighting the smoker Photo 22: Lighting a tin can smoker 
Use cool smoke from damp grass. Beekeeping trainees in DR Congo light an 
Do not use toxic materials, alternative smoker. In beekeeping, all 


e.g., rubber or plastics. equipment can be improvised at low cost. 
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The hive, bee suit, and smoker are the most important pieces of equipment. The 
following items can also help: 


4, Catcher Box 
It is used for catching swarms and transferring bees from one place to another. 
It is a miniature hive. 


5. Hive Tool 
It is for lifting top bars. You can improvise the hive tool by using a strong knife. 


6. Bee Brush 
It is for brushing bees from combs when harvesting honey or at any other time 
you need to remove bees. You can use a feather as an alternative. 





Photo 23: Bee brush (left) and hive tool (right) 


A harvesting bucket is also essential as well as a knife for cutting combs when 
harvesting honey. 


HANDLING BEES 





Photo 24: Mick, my son 
My eight-year-old son works African bees in Nakuru. He wears a full suit, gloves, and 
gumboots. If a young boy can handle bees without fear, adults should be able to do the 
same. When you understand bees, fear goes away! 
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Many people are afraid of bees because they sting. Many of us in Kenya hear of 
stories where bees attack and even kill people and livestock. (African bees can be 
very aggressive. Handle them carefully.) Like other forms of livestock, bees must 
be handled with respect and care. If managed properly, bees will not cause any 
problems. 


Some bee types tend to sting less than others. A beekeeper who frequently inspects 
his/her hives can easily tell those bees, which are better and more docile. He/she 
can then eliminate more aggressive bees and breed from docile ones. (Not all 
African bees are aggressive. I have worked bees in Northern Somalia, which 
were very docile and didn’t require a veil! Our bees in Molo are also generally 
docile.) 


With frequent handling, bees appear “used” to inspection so less aggressive. A 
beekeeper will come to know the character of his bees. If you have many hives, 
number them and keep records of the bees’ behaviour at each inspection. 
Eliminate aggressive colonies. 


When handling bees: Big 


e Always wear a bee suit and take the time to put it on properly. Many people 
do not do this and get stung when hives are open. If you don’t know how to 
put on a bee suit, get someone to help you—maybe your experienced friend. 

e Avoid wearing woollen clothes as they agitate bees, which can be stuck in 
them. 

e = Avoid drinking alcohol and using strong smelling soaps or sprays all of which 
may aggravate bees. 

e Always use a smoker when handling bees. Smoke makes bees suck honey 
from the combs. It calms them down and masks alarm smells the bees use 
for communication. Do not let the smoker go out during the operation or the 
bees can become aggressive. Keep plenty of smoker fuel handy as you work. 
It is always better to have two smokers alight in case one goes out. 

e Start with the least aggressive colonies always. This allows you to work in 
peace with the pleasant colonies first. 

e Work gently and quietly. Do not knock or bang the hive as this makes bees 
angry. 

e Always handle bees in the evening between 5.30pm and darkness. (Be careful 
initially. Once you know your bees and their aggressive tendencies, you will 
know the best time to handle them.) If bees become aggressive during evening 
hours, they have a chance to cool down before the following morning. They 
seem to be less aggressive in the cool of evening. For bees you’ve never handled 
before or for very aggressive bees, take extra precaution in handling them at 
dusk. Use a torch to see them. 

e When handling, avoid crushing bees or making sudden movements. Work 
carefully and with confidence. Remain calm even if bees become aggressive. 
If bees appear to be getting out of control, close up the hive and try another 
day. If bees get into your veil, remain calm. Walk to a safe distance before 


rectifying the problem. 
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e Work hives with two or more people at a time. One person can lift out combs 
while the other uses the smoker. This allows better control of bees. 

e Do not stand in front of hive entrance when examining hive. Bees flying in 
and out may become agitated to find their way blocked. Always cut down 
disturbance to bees in every way you can. 

e Advise any onlookers to move away quietly if stung, covering their eyes. No 
running about waving arms as this can annoy bees. 

e Remove bee stings from skin as soon as possible using a hive tool or your nail 
to scrape it off. Trying to pull it out tends to squeeze in more venom. Use 
smoke to cover the scent of a sting. When a bee stings, the scent attracts 
other bees to sting you again if you do not use smoke. 

e On finishing the job, close up the hives. Do not go directly to where you 
are to remove your bee suit. Take a route via bushes or tall maize, 
sugarcane, etc., if these are in the vicinity. Rub against leaves to rid yourself 
of bees, which might be following or on you. 

e If you are with a fellow beekeeper, check each other and see that there are 
no bees on yourselves before removing bee suits. 








As you gain beekeeper experience, you will be able to judge the mood of bees 
more accurately and handle them calmly. For the first few times, it is better to 
get a friend to help you. I have a short video online to demonstrate how I handle 
bees in Nakuru. You can view it from the following address: www.apiconsult.com/ 
video. htm. 





Warning: Some people get an allergic reaction to bee stings. The normal response 
in most people is localised swelling and pain. Bee sting allergy symptoms often 
begin with a dry cough. The eye area begins to itch and swell. As symptoms 
progress, the patient begins to sneeze and wheeze and develops itchy skin 
irritation. These symptoms are warning signs of a dangerous condition called 
anaphylaxis. Anaphylactic symptoms include sudden anxiety and weakness, 
breathing difficulty, chest tightness, very low blood pressure, loss of consciousness, 
and shock. Anaphylactic shock can occur within minutes and result in death. A 
patient in shock needs immediate medical treatment. 


People who are allergic to bee stings should avoid situations in which they are 
likely to get stung. Anaphylactic shock is treated with an injection of epinephrine 
(also called adrenaline), a hormone that stimulates the heart and relaxes the 
airways. You may combine it with an injection of antihistamine, which counteracts 
the histamine produced by immune cells during an allergic reaction. Those known 
to have severe bee sting allergies should carry a self-injection kit, including 
antihistamine tablets, for emergency treatment; however, they should still seek 
medical care after self-medication. 


For most people, a few stings may actually be beneficial. Bee venom is used to 
treat arthritis and can be extracted from bees commercially. Contact ICIPE 
Nairobi for further information on bee venom. (See address in Annex 6.) 


(N. B. The health information on bee sting allergies is intended to supplement 
the care provided by your doctor. It is not intended or implied to be a substitute 
for professional medical advice.) 
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WHAT IF NO BEES ENTER THE HIVE? 


It often happens that bees do not enter the hive for quite a while. The new hive 
you have worked so hard to build stays empty. An empty hive does not produce 
any honey! A survey of beehives in Kakamega and Kirinyaga revealed that hive 
occupation varied between 40 to 70%. A recent survey in Kitui by DANIDA (2005) 
showed occupation rates of between 30 to 75%. At a farmers’ research meeting at 
Baraka Agricultural College in 2006, three different groups of farmers working 
separately said low hive occupation rates was their biggest threat to beekeeping. 


When this occurs, check the following: 


e Have you waxed your top bars? + 

e Is the hive clean and pest-free? Bg 

e Are there any ants or rats nesting in it? If so, clean it out and re-grease 
wires. Bees do not like a dirty hive. 

e Isit the swarming season? Ask a friendly beekeeper in your area. Swarming 
occurs when bees reproduce themselves and fly out of the old hive looking 
for a new home. During the swarming season, it is easier for hives to be 
occupied quickly. In Kerugoya town in 1995, bees occupied two hives at our 
extension office before we even had time to hang them. 

e Have you chosen a good site for hanging the hive? 


What will happen if it were not the swarming season? If it was but bees still did 
not enter the hive, what could you do? The beekeeper can put bees into the hive. 
There are different ways to do this: 


A. CATCH A WILD SWARM OF BEES™ j Big) 


For this operation, it is best to seek help from an experienced friend. The swarm 
has a better chance of staying in its new hive during a nectar flow. Don’t waste 
time with swarms smaller than a person’s head as they are more trouble than 
they are worth. 


1. First, prepare your hive by smearing it with some melted beeswax, so it 
smells nice for bees. 

2. Use your smoker and bee suit. Some swarms may be hungry and difficult to 
manage. Always be careful with strange bees! 

3. Look for a swarm of bees clustering on a branch where you can catch them. 
Wear your bee suit and smoke bees very gently so as not to disturb them. 
(Don’t smoke if you can avoid it.) Shake bees into a catcher box or similar 
container, e.g., cardboard box. If the queen falls into the box, the rest of the 
bees will follow. Wait 20 minutes or so. If bees return to the original site, try 
again. 

4. Once you have the bees, leave the box in a shady place until evening. Make 
sure they do not become hot in the container, so covering with a damp cloth 
helps. 

5. When evening comes, take home the bees. Shake them into your empty hive. 

6. If you have other hives, give bees a comb with some uncapped honey and a 
brood comb with eggs from another hive to encourage them to stay. 
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(N. B. At any stage in this operation, the bees may decide they don’t like being 
disturbed and fly away. African bees frequently abscond.) 








Photo 25: Catcher boxes for trapping passing bee swarms 
This location trapped 17 swarms in 1 season alone. (Nakuru District) 


B. TRANSFER BEES INTO YOUR HIVE 


You can transfer bees into a top bar hive from a wild nest or from a traditional 
hive with fixed combs, which are not moveable. To do this, cut out combs one by 
one and tie them to the top bars of your hive. Get help on this one as it is not easy 
for the beginner. 


C. MAKING A DIVISION OF AN EXISTING COLONY 


You can make a division of an existing colony, explained later under the section, 
“The Beekeeping Year”. 


(N. B. In many countries, you can purchase a starter bee colony called a nucleus 
or package of bees: a queen and worker bees with or without wax combs on frames. 
In the USA, you start most new beehives by ordering a package of live bees, usually 
in a three-pound size [1.8kgs]. Bee breeders supply these packages. In Kenya, we 
currently dont have bee breeders or suppliers of nucleus hives so the beekeeper is 
on his/her own at the moment in getting hives occupied.) 
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CAUSES OF ABSCONDING AND IT$ CONTROL 


Absconding happens when bees leave the hive completely. It is very frustrating 
for the beekeeper that has done so much to get the hive occupied. 


BELOW ARE SOME CAUSES OF ABSCONDING AND ITS PREVENTION 


e Lack of food and water for bees. Leave food for bees when harvesting. If necessary, 
feed them with sugar syrup. Provide a source of water in the apiary. 

e Frequent attacks by pests. Check hives frequently. Grease hanging wires to 
control ants. 

e Unfavourable weather conditions, e.g., cold and rain. Make sure the bees have 
enough food. 

e Careless handling by beekeeper, e.g., breaking combs, over-smoking, etc. Be 
more careful in handling them. 

e Genetic character of bees. Some bees are prone to absconding, so don’t breed 
those with this trait. 

e Excessive heat on the hive—no shade in very hot sun. Put hives in a well- 
shaded place when in hot areas. 

e Extreme cold and damp. Don’t put hives under dense trees in high altitude 
areas. Give them a sunny place with minimal shade. 
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Part Three 
THE BEEKEEPING 
YEAR 





CONDITIONS FOR MAXIMUM HONEY PRODUCTION 


We have seen how to get started in beekeeping: how to make the hive, choose 
the apiary site, hang the hive, and get bees. Now let’s look at the bigger picture: 
how bees change throughout the year. You will get to know about the bee colony 
cycle. It is important for the beekeeper to understand this, so he/she can 
manipulate the bee colony to produce larger amounts of honey. 


Nectar flow 


Adult bee population 





Time 


Figure 9: Conditions Required for Maximum Honey Yields 


The chart shows that, if peak colony strength occurs at the time of nectar flow, 
a good honey crop results, providing nectar flow is good and weather conditions 
are right. 


Your chief aim as a beekeeper is to get peak colony strength at the right time, 
i.e., during main nectar flow. Imagine this: peak strength of the colony comes 
when flowers are finished, which means bees will sit in the hive with little work 
to do. Manipulating the colony to be at peak strength at the right time is 
fundamental to good beekeeping. Good flying conditions, i.e., dry weather, for 
bees are also important during nectar flow to get maximum yields. This factor is, 
however, beyond your control as beekeeper. 


Figure 9 also shows that colony size changes over time. When food is plentiful, 
there are more bees because workers feed the queen bee more food and she lays 
more eggs. When food is scarce, workers feed the queen less and the number of 
bees in the colony shrinks. 
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The bees’ behaviour is very sensitive to their environment. When there is plenty 
of food, bees make more honey for eating when there is less food. The beekeeper 
shares in this stock of food. When harvesting, always remember to leave some 
for the bees. Don’t be too greedy! 


EXAMPLE ONE: KIRINYAGA 


As with most parts of Kenya, Kirinyaga District has huge variation in climate. It 
stretches from the snow-capped peaks of Mt Kenya to the semi-arid Mwea 
Division. In between, there are tundra, bamboo, montane forest, tea, and coffee 
zones. Conditions for bees vary widely in all these areas. Things as climate and 
vegetation can change totally over a few kilometres. As with the changing 
environment, yield potentials and harvesting seasons for bees differ broadly. It 
is, therefore, very important for a beekeeper to be knowledgeable of the 
environment where he keeps bees because circumstances change dramatically 
over short distances. 


In Kirinyaga, there are two harvesting seasons: March/April and September/ 
October. The yield of honey obtained in Kerugoya averaged 7.5kgs/hive per 
harvest or 15kgs/hive per year. The main nectar-bearing trees in the area are 
coffee (Coffea spp), bananas (Musa spp), Grevillia robusta, avocados (Persea 
americana), macadamia (Macadamia tetraphylla), mangoes (Mangifera indica), 
croton, pawpaw (Carica papaya), and beans (Phaseolus vulgaris). Flowering maize 
is an important source of pollen. 


Hive occupation can vary depending on the time of year. Swarming season was 
observed to be in July. Bee swarms have been noted to migrate from Mwea 
Division to areas of higher altitude and vice versa, based on the annual period. 


Mwea Division 

My. Kariuki is new to Mwea Division and 
has bought three acres of land. He has 
never owned a beehive. At one of the 
beekeeping field days, Mr. Kariuki 
observed that most apiaries were sited 
under trees. He said he had no trees on 
his new farm but asked which tree 
species he should plant to act as bee 
forage. He was given the following 
advice: 





Grevillia robusta: mukima (Gikuyu), 
silky oak (English). This is the most 
abundant tree in the district. It grows 
very fast and produces a lot of nectar. It 
flowers from March to April thus 
ensuring honey flow in May and June. 





Photo 26: A tree in flower 
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The Internet of Things (IoT) is evolving with the connected objects at an unprecedented rate, bringing about enormous 
opportunities for the future IoT applications as well as challenges. One of the major challenges is to handle the complexity generated 
by the interconnection of billions of objects. However, Social Internet of Things (SIoT), emerging from the conglomeration of IoT 
and social networks, has realized an efficient way to facilitate the development of complex future IoT applications. Nevertheless, to 
fully utilize the benefits of SIoT, a platform that can provide efficient services using social relations among heterogeneous objects is 
highly required. The web objects enabled IoT environment promotes SIoT features by enabling virtualization using virtual objects 
and supporting the modularity with microservices. To realize SIloT services, this article proposes an architecture that provides 
a foundation for the development of lightweight microservices based on socially connected web objects. To efficiently discover 
web objects and reduce the complexity of service provisioning processes, a social relationship model is presented. To realize 
the interoperable service operations, a semantic ontology model has been developed. Finally, to evaluate the proposed design, a 
prototype has been implemented based on a use case scenario. 


1. Introduction 


The Internet of Things (IoT) envisions billions of objects 
connected to the Internet that continuously generate data 
about the physical environment. Several state-of-the-art 
applications can be built using the information and services 
provided by the pervasive and heterogeneous IoT objects. 
However, building applications based on these objects raises 
some challenges. Examples include how the growing number 
of objects will interact or coordinate to render valuable 
services, how the complexity generated by the coordination 
of objects can be handled, and how a large amount of diverse 
data sensed from the surroundings can be managed properly. 

Numerous promising solutions have been provided to 
handle the complexity and the heterogeneity of IoT objects. 
One of the prominent approaches is to develop virtual envi- 
ronments to resolve the issues caused by the heterogeneous 
objects. Virtualization has become a key component in many 
IoT architectures, in the form of either virtual objects or 


virtual entities. A virtual object (VO) is defined as a digital 
representation of a real-world object [1] and provides a way 
for the IoT services to discover and compose features that 
cannot be achieved directly with a real-world object (RWO). 
It has been realized that issues such as heterogeneity of 
dissimilar objects and scalability can be effectively resolved 
using VOs. Hence, a crucial role of a VO is to bridge the gap 
between the physical world and the virtual world by hiding 
the physical characteristics of an IoT device and acquiring 
and interpreting its data and context. 

Another way to reduce the complexity caused by a 
large number of objects is to link these objects in a social 
network [2], which provides a more exact solution than 
using a sole individual object. This principle has given birth 
to the concept of Social Internet of Things (SIoT), which 
is emerging as a new paradigm with the merger of social 
networks and IoT [3-7]. It has been realized as an efficient 
way to facilitate the development of complex future IoT 
applications. It supports sharing of information generated by 


It is also a source of fodder and timber as well as coffee shade, mulch and green 
manure. Wildings and seedlings propagate the tree. 


Acacia mellifera: muthigira (Gikuyu), hook thorn (English). It is a low shrub 
propagated by direct sowing, seedlings, coppicing, and wilding. It flowers before 
the rains. The flowers produce quality honey. Other uses are as fodder (pods, 
twigs, leaves, and flowers), live fence, and fuel wood. 


Others of the same genus are A. lahai (Mugaa), A. seyal (Mugaa), A. abyssinica 
(Mugaa), A. brevispica a.k.a. wait-a-bit-thorn (Mwikunya), and A. Gerardo 
(Muthi). 


Eucalyptus saligna: muringamu, Sydney blue gum. The tree grows at an altitude 
of 1200 to 2400m except in arid areas and those infested with termites. Seedlings 
and direct sowing propagate it. It flowers in June and July. You should not plant 
the tree near crops but in a woodlot. 


Other useful trees and shrubs are: Big 


e Croton megalocarpus (mukinduri): flowers in March to April, useful for 
boundary marking, timber, and shade. 

e Azadirachta indica (mwarubaini): flowers in March to April with seeds in 
June; useful as medicine, insecticide, shade, fertiliser, and de-wormer. 

e Calliandra calothyrsus (calliandra): used for shade, windbreaks, and fodder. 
The shrub flowers in February to March. 

e Callistemon citrinus (bottlebrush): very fast growing; both useful and 
ornamental. 

e = Cajanus cajan (njugu): drought-resistant food crop with other uses as nitrogen 
fixation agent and fodder (leaves and pods). 

e =6©Kigelia africana (muratina or sausage tree): flowers in January to February. 
The unripe fruit is poisonous. It does well in arid areas. The Kikuyu do not 
plant it near homesteads as they used it to mark gravesites. It is a slow- 
growing tree, a non-prolific seeder with poor germination rate. 


Cultivated bee-forage trees include: 


Papaw (Carica papaya) 

Bananas (Musa sp) 

Beans (Phaseolus sp) 

Muembe (Mangifera indica) 

Mubera (Psidium guajava) 
Mukandamia (Macadamia tetraphylla) 


EXAMPLE TWO: KAKAMEGA 


The following is a brief description of beekeeping practices, potential yields, 
flowering trees, and seasonality of honey production around Kakamega. 
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There are three different types of hives used in the area, namely: 
e Traditional log hives 
e Kenya top bar hives (KTBH) 


e = ©6Basket hives 


Log hives are made from trees species such as munga, likoro, munuku, and 
mukomari (Luhya terms). 


KTBH are reputed to be very productive if managed well, but they may get too 
hot in the dry season and too cold in the wet season, so you need to insulate 


them. Using grass for heat retention in the wet season works well. 


Basket hives are least favoured by beekeepers. 


Quantity Harvested 





Ease of Harvest 





Heat Properties 





Least Expensive 





Rain Resistance 


Durability 




















Total Score 


Table 2: Beekeepers’ Preferences for Different Hive Types 
(The ranking was as follows: 1 = best, 2 = second best, 3 = last.) 


(N. B. Table 2 shows a good lesson for those of us who promote improved hive 
designs. The log hive comes out the best with the KTBH second and the basket 
hive last. If the KTBH is not managed to maximise its advantages [e.g., moveable 
combs], it can be outperformed by the log hive. Advantages of the KTBH are 
many, e.g., ability to manipulate bees for increased honey production and ease of 
harvesting that allows collection of comb honey, which obtains a significantly 
higher price in the market. But if you don’t manage a KTBH or Langstroth and 
it produces crude honey, it is actually worse than a log hive because of its higher 
purchase cost.) 


The swarming season in Kakamega is reported to be in November. 


Hives are normally harvested only once a year. Bees produce honey from 
November to April, but production is highest between December and March. 
(See Figure 10.) You can get 30 to 40kg/hive of crude honey harvesting in 
February/March. Harvesting can take place more than once during this period. 
As the weather becomes cooler when rains start in March/April, bees become net 
consumers of honey. If you don’t harvest before the rains, yields will go down. 


Honey production is reliant on the flowering of forest trees and other plants, 
including Leucaena leucocephala, bananas, isungusa (Luhya), isirimoi (Luhya), 
and iludolio (Luhya). The flowering of Croton megalocarpus (musine, Luhya) is 
an indicator of when to harvest. 
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Figure 10: Seasonality of Honey Production in Kakamega 


(Reference for Kakamega section: Beekeeping in Kakamega Core Target Area, ABLH 
Report No.15 of 1996.) 


EXAMPLE THREE: MOLO 


Molo is an example of beekeeping in a highland area where potential is lower 
than other areas due to high altitude. With good management of bees combined 
with good weather conditions, however, yields of up to 20kg/hive are achievable— 
very good yield for this area. In poor seasons and under poor management, 3kg/ 
hive yields have been obtained. 


Beekeeping in the area has lagged behind for many years. The following are 
major problems: 


There are few flowering plants and shrubs to produce nectar. 

Vast acreages have been turned into large-scale farming, thus reducing 
natural flowering vegetation. 

There is lack of knowledge on the management of beehives. 

Cold climate in the area makes bees abscond the hives. 

Farmers are reluctant to get into beekeeping probably because of the above 
factors. 
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Dombeya goetzentii 


September/October 





Bottle brush (Callistemon citrinus) 


June/July/August 





Sagebrush 


August/September/October 





Dahlia 


February to April 





Maize 


August to September (pollen only) 





Eucalyptus saligna 


February to April 





Vernonia 


July/August/September 





Pawpaw 


August/September 





Wild rape 


July/August 





Croton megalocarpus 


March/April 





Fuchsia (ladies’ eardrop) 


year-round except April/May and June 











Daisy February/March and August/September 


Table 3: Plants Suitable for Bees in Molo 


Please note that the above table is only a guide. Depending on the season, plants 
may flower late or not at all. The honey harvest season in Molo is towards end of 
September/October from the dombeya tree, which flowers around this time. 
Beekeeping at Baraka Agricultural College in Molo has improved since I came 
in 1994. We planted extensively a fuchsia hedge known as ladies’ eardrop around 
the college grounds. Over the years, the problem of absconding bees has dropped 
as bees now have forage all year round. Honey yields from Baraka hives have 
also increased. This proves that planting bee forage has a very positive impact 
on beekeeping. In particular, if communities can come together and plant 
collectively, the impact can be much greater. 


EXAMPLE 4: TRANSMARA 


This is a good beekeeping area. There are many trees and shrubs, which have 
not been cultivated, that grow in the district. Natural vegetation remains 
relatively undisturbed. Farmers are organised into groups and they own most of 
the hives, not individuals. An umbrella body called Transmara Association of 
Beekeepers coordinates them. 


Beekeepers usually harvest three times a year: March, July, and November. 
From each harvest, about 10kgs/hive of honey is expected. The main honey flow 
is in November. Apart from these times, you may also harvest honey in other 
months. 
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Oskett May to September 





Ogilai May to September 





Olmolongina May to September 





Oltorioi June to August 





Orkikeorgos June to August 





Olkinyei November to February 





Okilenyai November to February 





Olkel November to February 





Olchartuyian June to August/November to February 





Olmesuli June to August/November to February 





Olea africana (wild olive) June to August/November to February 





Thurnbegia atela June to August/November to February 





Scutia myrtina June to August/November to February 





Cardia moncica June to August/November to February 





Acacia seiberiana June to August/November to February 








Table 4: Plants Suitable for Bees in Transmara 
Maasai names may not be spelled correctly. 


Thanks to Baraka Agricultural College for the Molo and Transmara sections. 
EXAMPLE 5: NANDI HILLS 


Some of the major flowering/honey-producing trees and plants in Nandi Hills 
are: 


Avocado: March/April 

Dombeya: April, September to December 
Grevillia robusta 

Banana: all year round 

Pawpaw: all year round 

Beans: April/May and September/October 
Weeds: always 

Coffee 

Sydney blue gum 

Tebesuet (Nandi) 

Croton macrostachyus: November to February 


Honey Harvesting 
April to June is the best season. It is also possible to harvest honey from October 
to February. 








A Sample Harvest Season 
(J. Muemah, beekeeper) 


“In April, I harvested 33kgs of crude honey from 
one hive. After two months, in June, I harvested 
a further 15kgs of crude honey from the same 
hive, which gave a total of 48kgs of crude honey. 
After refining the honeycombs, I got 24kgs 
refined honey and 1.5kgs of beeswax. From the 
24kegs of honey, I filled 48 500g jars for sale. I 
sold each of the 48 jars at KSH120, which gave me revenue of KSH5,760 
(US$80) from just one hive. This yield per hive is, however, not always 
obtained. 





“Another time, I harvested 16 colonies and only got 67kgs of crude honey. 
Eight of the colonies were strong and eight were weak. This is why it is very 
important to manage bees properly. With proper knowledge and management 
of all colonies, it is possible to have them give maximum yield”. 











(N. B. The above example is an interesting one. Eight colonies in the apiary were 
strong and eight were weak. This situation is common. In many apiaries, only a 
few colonies out of many give significant yields. Beekeepers should aim to ensure 
that all colonies are strong and producing honey if the enterprise is to maximise 
profits. Get rid of weak and unproductive colonies and divide productive colonies 
to replace them. Combine this selection of the best bees with good bee management.) 


For more information on beekeeping in Nakuru District, see www.apiconsult.com, 
our website where you can find regular updates on what is happening in my 
apiary through past editions of the Apiconsult e-newsletter. Click on the news 
and articles section. 





BEEKEEPING MANAGEMENT DURING THE YEAR 


From the above examples, we realise that conditions for bees vary widely 
throughout the country. You can also see that management of bees depends on 
where you find them. It is very important that the beekeeper gets to know the 
area in which he/she lives. What plants and trees do bees use? When do they 
flower? When are the swarming seasons? Which trees/plants give the best honey 
and which give bitter honey? When are the correct times of year to expect honey? 
Which are signs of harvesting? What factors such as rainfall and temperature 
affect plant flowering and nectar secretion? 


Collect and write down information. It is very important in helping you become 
a good beekeeper. Be observant always of your bees and the environment in 
which you live. Such knowledge will allow you to make timely and sound decisions 
on bee management. In essence, all beekeepers in Kenya must become their own 
researchers! Research (systematic investigation to establish facts) should not 
only be seen as the preserve of academics but also that of ordinary people, 
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including beekeepers. See Annex 5 for more information on Participatory Action 
Research. 


Most beekeepers in Kenya do not manage their bees at all. Every time a beekeeper 
is seen to go near a hive with a bee suit, he/she is said to be going for harvest. 
“Unakwenda kuvuna?” (Are you going to harvest?) 


In this book are highlighted simple and achievable management practices. If 
you have invested money in more expensive equipment, e.g., Langstroth, then 
you also need to manage bees better to get good returns on your investment. 


Traditional hives with a fixed comb make management very difficult. A top bar 
hive makes management far easier as does the frame hive Langstroth. Seek 
further advice on management of bees and read as much as you can on the 
subject. Outlined below are some simple practices that you can carry out to help 


you improve your honey yield. Bs 


SWARM PREVENTION AND CONTROL “GE Sak 


Swarming is what happens when bees divide themselves to reproduce. If 
swarming occurs when bees are building up in numbers or during nectar flow 
(when there is an abundance of flowers around), the beekeeper will not get much 
honey because the bee population in the hive will have reduced dramatically 
when they are required to collect nectar to make honey. (Look again at Figure 
9). The beekeeper should try, therefore, to keep his/her bees from swarming. It 
is impossible to prevent all swarming, but with proper management of bees, it 
can be minimised and controlled. 


You can take some simple steps to help stop swarming: 


If possible examine the bees every 7 to 10 days during the honey period, when 
flowering season is about to start, until after harvest. Make sure that the queen 
has enough room to lay eggs by making extra space around the brood nest. If the 
queen runs out of cells to lay eggs in, the bees will want to swarm. Make extra 
space by exchanging empty combs with those filled with honey around the brood 
nest. This is important as African bees build up quickly and can easily become 
crowded in the hive and want to swarm. Give the queen plenty of space to lay 
eggs and space for bees to store honey. 





If the bees are building queen cells (long thumb-shaped cells protruding from 
the edge of combs) to make a new queen then you know they are going to swarm. 
To prevent swarming you can do one of the following: 


e Destroy all queen cells in the colony wanting to swarm and switch hive 
locations with a weaker colony. Foraging bees of the strong colony will return 
to the original site of the hive and strengthen the weaker colony. As the 
weaker colony becomes stronger, the strong colony becomes weaker. This 
may control the swarming urge of the strong colony. 
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e Destroy all queen cells and give brood combs without bees to the weak colony. 
This may get rid of the swarming urge in the strong colony. 
e §=6Artificially swarm the bees. (See “Making a Division” below.) 


MAKING A DIVISION iggy 


Break down all queen cells except one. 


Transfer comb with the queen cell, one other comb of brood, and two combs of 
food (honey and pollen) into a catcher box/new hive. Include bees on all combs. 
Shake in bees from other combs as well. Remember to put brood combs in the 
middle and honeycombs on either side to insulate the brood nest. 


If possible move the catcher box/new hive to a new site at least two kilometres 
from the old site. (It is not always practical to move the new colony two kilometres 
away. The division can still work if you move it a short distance, but you can 
expect adult foragers to return to the old site and weaken the new colony. Give 
extra bees to compensate for those that will return to the old site.) These bees 
will become a new colony. The rest of the bees will continue working and a new 
queen will hatch out in the new colony. 


Most of the adult bees will remain in the old hive and continue making honey; 
however, avoid making divisions during honey season because it reduces honey 
production. Make divisions after honey flow to increase colony numbers. You 
can make a division without queen cells as long as the new colony has eggs in 
the combs transferred. They will be able then to make a queen cell and raise a 
new queen. Bees can make a queen from worker eggs or worker larvae less than 
three days old (i.e., very small larvae). 


Feeding bees is not recommended in Kenya unless you are sure as to why you 
are feeding them and the benefits you are likely to get. You waste money to buy 
sugar for feeding bees when you need it for yourself and your family. People 
often feed when it is unnecessary and they get no return for their money. Bees 
can also abscond and your money is wasted. 


If want to feed bees, however, the best time to do so is: 


e Before nectar flow (stimulatory feeding) when the queen bee will lay eggs 
and the colony will build up in numbers before honey flow. Start six to eight 
weeks before the date of flowering because it takes about 40 days from egg to 
adult foraging bee. 

e In times of food shortage, e.g., drought or an excessively wet and cold period. 


Feeding at such times may prevent bee migration and keep bees alive. 


To feed bees, dissolve white sugar in water by heating gently in a sufuria or pot, 
stirring all the time. 
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To stimulate bees: use 1:1 solution by volume of sugar and water. 
To feed bees to store: use 2:1 solution by volume of sugar and water. 


Place the sugar syrup in a feeder box in the hive when it cools. Place some twigs/ 
grass on the surface of the floating syrup to prevent bees from drowning. 


Warning: Never spill sugar syrup or honey around the apiary as it can start 
robbing: bees attacking each other to raid stores of honey. Weak colonies are 
prone to robbing by strong ones. 


PESTS AND DISEASES AND THEIR CONTROL 


For the most part, beekeepers in Kenya need only worry about the following 
major pests: 


Wax moths 

Safari and other ants 
Honey badgers 
Human beings 


(N. B. Other pests such as birds and wasps can be problematic in some areas of 
Kenya.) 


Wax Moth 

e Destroys wax comb and damages hive parts. 
Control by having a strong colony. 
Remove old combs that bees are unable to cover in time of food scarcity when 
colony size shrinks. 

e Avoid holes and cracks in top bars and hive body where wax moths can lay 
eggs. 


The wax moth is a very difficult and 
destructive pest to control particularly 
with frame hives when supers have to be 
stored after honey extraction. 


Photo 27: Hive infested with wax moths 
Wax moths infested this hive after bees 
absconded during the dry season. 
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Safari and Other Ants 





Hang hives and grease hanging wires regularly. 


e Spread ashes around posts holding hives. 

e Keep grass short and branches from touching hives. 

e = Make hive parts fit together without gaps. 

e If hives are on stands, place legs of stands in tins of old engine oil. 
Termites 


Treat posts used for hanging. 


Hive Beetles 


Use holes instead of slits for the entrance. 

Keep strong colonies. 

Hand pick or destroy them if found in hive. African hive beetles, particularly 
the small hive beetle (Aethina tumida), are not serious pests in Kenya but 
are now causing problems for beekeepers in the USA, Europe, and other 
parts of the world where they have been introduced accidentally. 


Birds (Honey Guides) 





Don’t leave brood combs exposed. Scare birds away. 





Honey Badger 


Hang hives securely to prevent the badger from knocking them down. Hives 
placed on stands are prone to attack by the honey badger. 

In Transmara, log hives are suspended two metres from the ground by means 
of a twisted bark rope to prevent damage from the honey badger. 

In Kitui, beekeepers put mabati around tree trunks bearing hives to prevent 
the badger from climbing them. 





Photo 28: Tree encircled by mabati 


The mabati is to prevent honey badgers from climbing and attacking bee colonies. When 


the badger encounters the tin, he cannot grip and falls down! 
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the people and the devices based on the social relationships. 
These relationships further promote efficient discovery of the 
objects and effective service compositions. 

Let us have a glimpse of the application scenarios in which 
SIoT will make a profound effect on our daily life in the 
near future. Imagine a group of vehicles that form a mobile 
social network on the move when heading towards the same 
location or when they are bound in a common relationship. 
Vehicles may form diverse social communities; for example, 
small cars create a social network to share available parking 
space information or bicycles share information about the 
vacant paths using a network [8]. Vehicles commuting from 
home to office can join a social network to share traffic 
congestion experience, accident warnings, or other common 
information (e.g., a meeting plan) with colleagues by access- 
ing their vehicles’ social network. Let us analyze another SIoT 
use case where a user enters a public museum with an IoT 
environment, which incorporates smart objects that exploit 
social relationships to share information. At the entrance 
to the premises, the user’s smartphone is prompted with a 
beacon signal to recommend a service app installation. When 
the user grants the permission, an app is installed and a 
social agent acquires his profile and friendship details. The 
app incorporates a microservice which uses a smartphone 
object to establish a social relationship with the museum 
visit service. The museum is equipped with a network of 
smart objects that monitor the user’s location and provide 
services to enhance his/her experience such as personalizing 
the displays, assisting in the navigation, and recommending 
the relevant services. 

To support the above-mentioned use cases, most of the 
current IoT architectural approaches are not suitable as they 
are based on the traditional monolithic approaches, which 
further hinder the development of efficient, modular, and 
independent services that cannot scale well with the increas- 
ing user’s service demands, as already witnessed in many 
studies [9-12]. Using monolithic approaches, we cannot 
fully achieve the benefits offered by SIoT including efficient 
information discovery, improved scalability, and simplified 
interconnection of objects. 

These limitations motivate the current paper to define 
a design for the development of SIoT based services with 
efficient and lightweight mechanisms to exploit SIoT features 
for improved service provisioning. The proposed design is 
based on the microservices concept which promises a more 
solid practice of SOA. There is no particular definition of 
microservices architectural style; however, it is explained 
in [13] by Martin Fowler as “an approach to developing a 
single application as a suite of small services, each running 
in its own process and communicating with lightweight 
mechanisms, often an HTTP resource API.” Following the 
microservices based proposed design, SIoT applications can 
be developed, deployed, and maintained more efficiently and 
independently, which will promote system modularity and 
interoperability. 

Moreover, a SIoT design needs to facilitate the efficient 
information discovery based on the social relationships 
among objects. To achieve this, incorporating the existing 
social relationship models in the proposed design can be 
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useful. However, applications with intelligent service features 
require dynamic object selection. Therefore, objects need to 
acquire the ability to infer new relationships for intercon- 
nection with other objects in the system. This view further 
motivates the present article to develop a social relationship 
model based on the semantic ontology. The utilized ontology- 
based approach is highly useful to dynamically infer new 
social relationships for efficient service provisioning. 

Furthermore, to fully achieve the benefits of both, the 
SIoT and microservices, selecting an IoT environment is nec- 
essary where not only can the social interconnection among 
heterogeneous objects be utilized but also the lightweight 
services can be developed to apply these relationships for 
effective IoT service provisioning. To fulfill this goal, the 
Web of Objects (WoO) [14] platform has been selected. 
According to the ITU recommendation (ITU-T Y.4452) [15], 
“the Web of Objects (WoO) is a realization way of the 
IoT services, where virtualized objects (ie., virtual objects 
(VOs) and composite virtual objects (CVOs)) are connected, 
controlled, and incorporated with resources to facilitate the 
development, deployment, and operation of IoT services on 
the World Wide Web.” 

To exploit the opportunities provided by the above dis- 
cussed technological advancements, the main contributions 
are highlighted as follows: 


(i) This article contributes a novel design based on the 
microservices concept with lightweight and modular 
services to support the development of SIoT applica- 
tions. The proposed design involves mechanisms to 
enhance object discovery and to reduce the magni- 
tude of complexity generated due to the huge number 
of objects. 


(ii) A social relationship ontological model is developed, 
which helps identify the hidden and unidentified rela- 
tionships among objects with reasoning mechanisms. 


(iii) A use case with the implementation prototype based 
on the WoO platform is developed to exploit the social 
relationship model, supporting the proposed design 
for efficient IoT service provisioning. 


Further, to support the above contributions, virtual objects, 
serving on real-world objects, have been developed, which 
can be reusable in other services as well. CVOs are imple- 
mented, where each update of the information in the real- 
world object is reflected in the VO and propagated to the 
CVO. Also, the Social IoT notion is incorporated into virtual 
objects to provide easy discovery and efficient execution 
while maintaining collaboration using social connections. 
Moreover, an experimental analysis has been carried out to 
evaluate the discovery time of VOs and the time required for 
service execution, with or without social relationships among 
virtual objects. 

The remainder of this article is organized as follows. In 
Section 2, the related work is described. Section 3 presents the 
proposed design of the social web objects accompanied by the 
social interaction model. In Section 4, an IoT environment 


Pirate Wasp 
e Attacks and eats bees. 


e Place a dish of water below hive entrance, which has a mirror in the bottom. 
Wasps fly in and drown. 


Bee Louse Big) 


° Negligible damage. 


Man 

In parts of Kenya, people cause a lot of damage to hives. They often steal hives 
and honey, making it difficult to keep hives in areas where security is poor. 
Children often antagonise bees by throwing stones at beehives, which often results 
in bees stinging people and livestock. Always keep your hives where you can 
supervise them. The problem is worse with modern hives kept close to the ground. 


Note on Varroa Mites (Varroa destructor) 

Varroa is a parasitic mite, which causes bee colonies to die out. This pest causes 
havoc to bee populations in many parts of the world, including Africa. Varroa 
mites are now in many southern African countries and may spread to Kenya in 
the future. Kenya currently is varroa-free and we should try to keep it that way. 
Bee importations into Kenya are prohibited and should never happen to prevent 
the accidental introduction of this destructive mite or other bee pests and diseases 
into our country. 





MAJOR NECTAR-BEARING PLANTS IN KENYA 


I have written about many trees, shrubs, and crops useful for bees in Kenya 
elsewhere in this guide, but below is a consolidation of the major ones. Planting 
multipurpose bee forage trees is a good idea for farmers as you can benefit from 
bee forage plants in other ways such as fencing posts and firewood. Suitability of 
tree species for planting varies widely in Kenya due to variation in climate. To 
find out which are the best species to plant, seek advice from your local Beekeeping 
Officer or Forest Officer. 


Major nectar-bearing plants in Kenya: acacia spp, banana, citrus, dombeya, 
eucalyptus (gum), croton spp, jacaranda, kei-apple (Albera caffra), sunflower, 
vetch, rape, and coffee. 


It helps if you have what people call a flowering calendar for the area. Make one 
by noting the major nectar-bearing trees in your area and the times they flower. 
Record this information carefully. It is then easy to predict the flowering of trees 
and the dates. (They may vary from year to year.) 
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Photo 29: Citrus fruit in bloom 




















Photo 30: Banana in flower 
It is a good source of nectar in banana-growing areas. 
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Photo 31: Acacia senegal in bloom 
Acacia species are very important nectar sources in arid areas of the country. 








Photo 32: Acacia persiciflora in flower 
This is in Nakuru. 




















Photo 33: Kei-apple 
It makes a great fence and is a good forage plant for bees. 





























Photo 34: Cordia africana. 
It is very attractive to bees. 
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oe Part Four 
THE HONEY 
HARVEST 





TIME OF HARVESTING 


Harvest honey during dry spells, i.e., January, February, March, July, August, 
September, November, and December. The harvest time in each area differs, so 
check the right time in your area. In areas where there are dominant bee plants 
like coffee, sunflower, etc., you should harvest after the flowers wither. 


Regular inspection of hives during nectar flow will ensure that the beekeeper 
harvests as soon as honey is ready. Do not harvest unripe honey. (See below.) 


Ideal harvesting time of the day is from 5.30pm to 7.30pm. 


HARVESTING PROCEDURE 


Ensure you are sting-proof by putting on protective clothing. 
You will need a smoker in good working condition and a plastic bucket with 
lid—must be clean and dry—for storing honey. 

¢ Smoke the entrance of the hive with about eight to 10 puffs and then gently 
lift the lid and smoke again. Leave hive for a minute or two before opening 
lid to allow smoke to affect bees. Smoke causes bees to engorge themselves 
with honey making it difficult for them to bend and sting. (They become too 
full!) 

e §6Very gently tap top bars with a hive tool. A hollow sound will indicate where 
there is no comb. 

¢ Remove top bar from the hive that has no comb attached, so you can examine 
the rest of bars in the hive. Honeycombs are usually at the end of the hive 
opposite the entrance. Select combs that are % or more sealed or capped full 
of honey. (These combs are said to be ripe or have a low moisture content, 
<19%, which ensures that honey will not ferment later when bottled. Leave 
combs with brood and pollen for future production of honey.) 
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Photo 35: Harvesting white combs 
Harvest white combs that are at least % capped, as shown above, for the best honey. 


When harvesting a comb: 


e Brush bees gently from the comb using a bee brush. You can cut the harvested 
comb from the top bar to fall into the bucket. 
Replace lid of bucket to prevent bees from entering with the honey. 
Return top bar, minus comb, to the hive. 
As an alternative, place the whole comb and top bar (after brushing bees off) 
in another empty hive or catcher box where you can take it away later for 
comb honey. Fix spare top bar in place of the one removed. 


Gentle smoking is a continuous process during harvest time to control bees. It is 
important to avoid smoking the honey directly or excessively because it can 
damage honey flavour. After harvesting, replace the first bar and cover hive 
with the lid. Make a final smoke before you leave to keep bees away from the 
harvester and to prevent them from following him/her all the way home. 
Remember to move through a bushy area first to get rid of bees. 
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Photo 36: Harvesting traditional log hive in Tabora, Tanzania 
The hive is lowered to the ground for harvest and the two halves of the log separated. 


(N. B. Two people are better than one when harvesting or carrying out any bee 
operations. Two smokers in operation are also better than one to ensure a 
continuous supply of smoke for subduing bees. Sufficient smoke is very important 
when working aggressive bees.) 





Photo 37: Harvested honey 
Honey harvested from the log hive is placed in clean bucket to ensure its high quality. 
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HONEY REFINING 
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Photo 38: Simple honey refining method for small-scale beekeeper 


STEPS 


— 


Remove wax capping from combs using a knife to cut off the capping. 

2. Break combs into smaller particles and sieve them through a net or nylon 
fabric into a plastic container (See Photo 36.) The sieving process can take a 
few days. Cover sieved honey with a lid and keep in a dry room away from 
bees. 

3. You can place the bucket in sunshine for two or three hours to heat honey 

gently so it flows freely. 


A word of warning: NEVER boil honey as this destroys its flavour and medicinal 
characteristics! 


Once honey has drained through the cloth and settled at the bottom of the bucket 
(usually after 2 days or so), use a jug to pour it into honey jars for sale. For wax 
remaining behind on the straining cloth, squeeze out any remaining honey and 
process leftover wax. (See below.) 
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Photo 39: Centrifuge 
Centrifuge that handles honey from the KTBH (in wire baskets) 
as well as frames from the Langstroth hive. 











Photo 40: Uncapping frame full of honey 
It is done with an uncapping knife in preparation for extraction with a centrifugal 
extractor. 


EXTRACTION OF BEESWAX 


Beeswax is a product of the beehive. (For every 100kgs of honeycomb, you can 
get about eight to 10kgs of beeswax.) Honeybees secrete beeswax in the form of 
thin scales. 12- to 17-day-old worker bees produce them through glands on their 
ventral (stomach) surface. Honeybees use beeswax to build honeycomb cells in 
which they raise their young and store honey and pollen. 


To produce wax, bees must consume about eight times as much honey by mass. 
Estimates are that bees fly 150,000 miles to yield one pound of beeswax or 530,000 
km/kg. 


PROCEDURE TO EXTRACT WAX FROM COMBS 


1. Mix combs and water in a sufuria (aluminium pot) and heat. Wax melts at 
about 62 to 64° Celsius, so there is no need to boil. Boiling damages the wax 
and can be dangerous. Overheated wax can burst into flames. Do not use 
iron, brass, zinc, or copper containers for heating wax as it can discolour the 
finished product. 

2. Pour melted combs and water into an extraction bag. You can use cotton for 
sieving. (You can also use the small bags maize seeds come in after you clean 
thoroughly.) 

3. Smear sides of a second sufuria with soapy water to prevent wax from sticking 
to its sides. 

4. Filter wax into the second sufuria. Use two sticks (such as two top bars) to 

squeeze the bag containing melted combs to extract wax. The yellow wax 

will come out along with water; waste will remain in the filter bag. If the 
combs contained bee brood, you can feed these to poultry as they would be 
cooked by then. 

After filtering, wax separates from water and floats to the top. 

6. Remove wax after leaving it to cool in the sufuria, with lid on to keep away 

dust, for 12 hours. 

Scrape dirt from the bottom of wax cake when cooled. 

8. Store wax blocks in a cool dry place. Never store near pesticides/chemicals 
as it may absorb them. 


on 
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Your wax block is now ready for sale or for further use. Wax currently sells in 
Kenya at a price of about KSH100 to 150 per kilogramme or more depending on 
the demand. 
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use case is explained with the details of the prototype imple- 
mentation and discussion of the performance evaluation. 
Finally, Section 5 provides a conclusion of this paper. 


2. Related Work 


This section presents the related work with respect to the 
SIoT and microservices. Further, the significance of both 
technologies pertaining to the IoT environment has been 
discussed. 


2.1. Social Internet of Things (SIoT). The concept behind SIoT 
is to enable smart objects to create a social network similar 
to a human social network. The objective is to exploit the 
social relationships among objects in an IoT environment 
to facilitate the effective information discovery, to promote 
the scalability, to enhance the interactive communication 
between objects that are friends, and to achieve trustworthi- 
ness [3]. 

The initial notion of a social network of objects was 
proposed by [16], which discussed how the wireless devices 
form social connections on the temporary bases that are 
controlled by the node owners. As the work was carried 
out before the introduction of IoT, it did not consider 
the SIoT concept. Later studies [5] investigated the objects’ 
social interaction where objects formed social networks and 
communicated with each other based on the rules already set. 

The idea of using the Web of Things in a social ecosystem 
was presented by [17, 18], where things were shared using 
the social network infrastructures, for example, Twitter, 
Facebook, and LinkedIn. These implementations consisted 
of objects that communicated either through the built-in 
embedded servers or through smart gateways. Further, in 
these settings, the web-enabled things owned by a person 
provided an interface to his/her social group of friends so that 
they can interact with the things using a social network. 

Lysis [19] is another good example of Social IoT platform 
based on cloud infrastructure. It uses the platform as a service 
(PaaS) model and focuses on the deployment of applications 
in the cloud space. However, dynamic inferencing of new 
social relationships from existing relationships is not sup- 
ported by this system. Moreover, making a modular interop- 
erable design by employing concepts like microservices and 
semantic web technologies is not considered in this work. 

Paraimpu [20] provided a social Web of Things platform 
to connect virtual and physical things to the web. In this 
system, the social concept only relates to humans by provid- 
ing them with the capability to share things with each other 
using a human social network. Also, virtual things are not 
considered as VOs but rather viewed as services on other IoT 
platforms. 

Using SIoT at the edge of the network was investigated by 
[21]. In this system, an approach was proposed to cope with 
the communication delay due to the objects being remotely 
located in the cloud. This approach exploits the computing 
resources at the network edge to deploy virtual objects. 

The ThingSpeak solution was used as the basis for the 
implementation of an early SIoT platform [22]. This platform 
provided the object social behavior functions incorporated at 


the centralized server. In this implementation, functions such 
as the creation and the management of the social relationships 
were developed. However, VO concept was limited only to the 
records in the remote database. 

Another featured SIoT framework was contributed by [4]. 
This work presented how to combine services, devices, users, 
and their social interaction to enable interactivity, discovery, 
and recommendation of services. Social relationships have 
also been investigated in communities [23], where a proposed 
framework enables the identification of communities in the 
social networks. 

Although most of the research contributions in the SIoT 
domain incorporate a notion of the social association of 
objects, however, limited information has been provided 
about the social relationship model and the details on how 
that can be used by IoT services. Furthermore, existing 
approaches are lacking lightweight and modular mechanisms 
which can be utilized by services to exploit social rela- 
tionships efficiently. In our approach, we have developed 
a semantic ontology-based social relationship model that 
provides the capability to infer new connections in a network 
of social objects. Another distinction of the proposed system 
is a microservices based design that utilizes the developed 
social model to provide lightweight, modular, simple, and 
interoperable IoT services. 


2.2. Microservices. The microservices architecture is emerg- 
ing as a new trend among the practices of developing 
distributed web applications. To develop SOA based systems, 
microservices have become a prominent approach in real- 
world settings [24]. In the microservices based architectural 
pattern, each application incorporates a collection of small 
services which execute independently and use lightweight 
communication mechanisms [9]. The microservices are tar- 
geted for doing one thing well at a time based on the 
principle of single responsibility [25], as defined by Robert 
C. Martine: “Gather together those things that change for 
the same reason and separate those things that change for 
different reasons” [26]. Also, the microservices are conceived 
as autonomous entities, which means they can be changed 
and deployed independently of each other without requiring 
their consumers to change [24]. 

In the last few years, several IoT architectural designs 
were proposed and developed. Some of these designs pro- 
vided innovative features such as the European FP7 project 
iCore [27] which proposed a cognitive framework for IoT 
application development. This project provided an architec- 
ture with the concept of virtual objects and their composites. 
However, in iCore, services are designed using a traditional 
SOA based monolithic style, whereas the microservices 
based architecture provides a better option to develop IoT 
services. Furthermore, in iCore, VOs lack the mechanisms 
to semantically represent real-world objects (RWOs), which 
limits extensibility and interoperability. 

To support IoT applications, microservices based archi- 
tectures are being proposed in many research initiatives and 
applied in several research projects. In [28], microservices are 
used for M2M applications, realizing the fact that monolithic 
approaches for M2M cannot provide a real solution. Another 





Photo 41: Solar wax melter used to extract beeswax 
It is most efficient for use with new combs/cappings instead of brood comb. 
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Part Five 
THE MARKET FOR 
BEE PRODUCT$ 








Photo 42: A sampling of honey products. 
Most people enjoy honey! 


There is currently a very high demand for honey both in Kenya and overseas. 
Kenya is now licensed to export honey to the European Union. Market opportunity 
exists for beekeepers but lack of production is at present the main constraint in 
Kenyan beekeeping. Good quality honey can fetch a high price. Any farmer who 
has the good fortune and skill to obtain honey should have no trouble selling it. 
In general, if you present honey to the consumer in a clean, unspoiled condition, 
the price will be higher. Beekeepers should aim for the highest grade of honey to 
maximise returns from beekeeping. Honey in Kenya is sold in the following 
grades: 


CRUDE HONEY 


This is a mixture of ripe and unripe honey. At harvesting time, the wax, 
honeycomb, and bee-and-brood comb are all mixed into one container. This 
container is often an old tin. Crude honey is used mainly for brewing local beer 
because quality requirements are not very strict. The demand for this type of 
honey is high. 
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SEMI-REFINED HONEY 


Semi-refined honey is generally the liquid honey that remains when you skim 
wax off the top of crude honey. Honey sinks to the bottom as it is heavier. Semi- 
refined honey still contains particles of wax and other debris such as bees’ legs. 
It can be stored for the beekeeper’s own use or it can be refined further and 
packed for sale. It gains a higher price than crude honey. 


REFINED HONEY 


Refined honey is clean. You strain it to remove all particles of beeswax and other 
materials. Remember: refined honey is unchanged, it is only strained. Nothing 
else is added so it is still the pure honey that bees made in the hive. 


CHUNK HONEY 


Whole combs of capped honey can be harvested carefully from the beehive. You 
can cut up pieces of the comb and put them into jars of liquid honey. This gives 
the consumer a feeling that the honey is real and not adulterated with sugar. 
Chunk honey can fetch a higher price than refined honey. 


COMB HONEY 


Honeycombs of capped honey that have a nice white capping can be cut up, 
placed on small trays, and covered with cling film. These are very marketable in 
Kenya and command a very high price in the market, particularly in affluent 
Nairobi suburbs and other towns. This product should be the ultimate aim of all 
beekeepers with access to these markets. This product is priced per gram. 


PACKAGING AND LABELLING 


Package honey in either plastic or glass jars, which should be clean and dry. 
454¢ jars are available in Kenya from Nairobi suppliers as are plastic trays for 
selling comb honey. (See Annex 6 for contacts of suppliers.) 


Labelling of honey must include: 


net weight of honey, 
name and address of producer, 


country of origin (Kenya), and = 
description of contents, e.g., “pure honey” Big} 
Initially you can make a simple label by hand or on a computer, which you can 


then photocopy. You can have a more attractive label printed later, but this is 
costly and requires many jars to spread the cost. 


Some people use Kasuku/Kimbo plastic containers or tree top bottles (700ml) to 
sell honey. Metal paint tins (mikebe ya rangi) are not good. Honey is acidic and 
can eat the metal and spoil the honey. 
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WHERE TO SELL HONEY 


You can sell your bottled and labelled honey directly to shops. Build up a name 
for supplying the right quality, in the right quantity, at the right price, on time. 
Many beekeepers develop a reputation for beekeeping and people flock to their 
homes to buy honey directly. If you are enterprising, you can even set up a shop 
of your own selling bee products. You could also buy and sell honey from other 
beekeepers. 


A shop or kiosk located in the right place such as the market or along a busy 
route can attract many customers. 


You can also consider the option of forming a beekeeping association to market 
products of farmers in your area. Examples are the Kakamega Forest Beekeepers 
Association and the Transmara Association of Beekeepers. You can also consider 
the option of starting a cooperative. An example of a successful beekeeping 
cooperative is Ruai Beekeeping Cooperative Society in Naru Moru, which markets 
eight tonnes of honey per annum collectively. (See Annex 6.) 


The advantage of farmers marketing together is fixed costs, e.g., transport, can 
be spread over a larger quantity of honey reducing cost. Collective selling gives 
farmers access to higher priced markets such as Nairobi. 


Whatever type of honey you produce, you can easily find a market for it in Kenya 
and the price you receive will compare favourably with that available elsewhere 
in the world. 


BEESWAX 


Most people in Kenya throw away wax combs upon harvesting or after honey 
extraction. Beekeepers do not know its value. Local villages use beeswax in very 
limited ways, e.g., for shoe repairs by cobblers. Some companies such as Bata 
(shoe company) and Kiwi (shoe polish company) purchase beeswax, which they 
often obtain from miti ni dawa (honey beer) brewers. You leave the wax after 
brewing beer from crude honey, which contains honeycombs. 


Baraka Agricultural College buys clean beeswax cakes from other buyers. (See 
Annex 6 for college contacts.) You can also use your beeswax to make some of 
the recipes in Annex 4. 


Propolis TPs 


Export markets for propolis exist. People use it as medicine, selling it as capsule, 
ointment, or tincture (dissolved). You can chew propolis raw as medicine for the 
throat. It is on sale in this form in very limited quantities in Nairobi. When 
harvesting, simply scrape off propolis and store in an airtight container. You 
can also try making medicine from propolis, e.g., propolis ointment. Try the 
recipe in Annex 4. 
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Part Six 
STARTING A BEEKEEPING 
ENTERPRISE: CO$ST$ & PROFITS 





have based these figures on 20 KTBH hives per farmer. On the other 
hand, I have calculated equipment costs from the Baraka Agricultural 
College Workshop bee equipment price list. All figures are valid for 2007. 


The farmer can add significant value if he/she sells honey in jars or bottles. This 
is realistic in many parts of Kenya where there is a very strong local demand for 
honey with high prices. In other parts of Kenya where local production is high, 
bulk sale of semi-refined honey at a lower price to middlemen is the norm. In 
remote areas of the country, honey prices tend to be low but hive numbers are 
much higher, particularly in semi-arid areas where individuals can own hundreds 
of traditional fixed comb hives. An average production figure of 20kgs per occupied 
hive is achievable for most farmers; however, this can increase to 30kgs or more 
depending on the area and the management of bees, especially if you control 
swarming and maximise honey production. An occupation rate of 80% means 16 
hives out of 20 are in production, which is a good occupation rate by Kenyan 
standards. That said, there is no reason why the farmer cannot achieve 100% 
occupation rates with some effort. 


In this example, we take an average farmer with 20 KTBH hives, with an 80% 
occupation rate, producing an average of 20kgs per occupied hive. The farmer 
harvests and sells honey in bulk at a price of KSH100/kg with no value addition. 
This example is not the best or worst but an average situation. 


20 Kenya top bar hives @ 2,000/hive 40,000 
Bee suit @ 3,270 3,270 








Smoker @ 800 800 
25 Hanging posts @ 150/post 3,750 


Grease and miscellaneous items 500 











Total 48,320 








Table 5: Costs of Starting a Beekeeping Business 


ai 


Estimated honey production from one colony = 20kgs 
Total honey production from 16 occupied hives = 320kgs 
Estimated price of 1kg honey in 2007 = KSH100/kg 
Estimated income from 16 occupied hives = KSH32,000 
Net income year one = KSH82,000 — 48,320 = (16,320) 


A negative of KSH16,320. 


Equipment will have a lifespan of up to ten years or more depending on how one 
cares for them, so in subsequent years, capital costs will be paid off and net 
income will be much higher. The question is how do poor farmers finance capital 
costs to get started? The important thing in beekeeping is that a farmer can 
start by using simple hives made from local materials. It is not necessary or 
advisable for you to take a loan to get started unless you are absolutely sure you 
can make the hives produce. This certainty comes from experience. Start slowly. 
Learn as you go along. Once you understand what you are doing, expand. Many 
farmers in Kenya who purchased expensive frame hives on loan had ended up 
repaying through other means as the hives failed to produce anything—very 
demoralising. In particular, with the recent promotion of the Langstroth hive, 
people are misled by the belief that it will automatically produce honey and lots 
of it. Be warned: this is not the case! It will only yield well with good 
management. 


GROSS MARGIN ANALYSIS 


The following is an analysis of beekeeping versus a major source of livelihood in 
Kenya: maize production. The table below looks at the same beekeeping enterprise 
above minus capital costs. It also looks at the enterprise at different production 
levels: low, medium, and high. Low is 10kgs per occupied hive/annum. Medium 
is 20kgs per occupied hive/annum. High is 30kgs per occupied hive/annum. The 
sale price of honey is estimated at KSH100/kg. Through packaging, one can 
easily add value and increase the price of honey. Many farmers in Kenya can 
sell honey in raw form for KSH150/kg or more to their neighbours, e.g., beekeepers 
in the Lare area of Nakuru District. 


Production Low (10kgs) Medium(20kgs) High(80kgs) 
Yield per hive x 16 160 320 480 
Price per kg honey 100 100 100 








Gross Output (a x b) 16,000 32,000 48,000 





Variable Costs 
Grease and miscellaneous 500 500 500 


Total Variable Costs 500 500 500 
Gross margin/16 occupied hives 15,500 31,500 47,500 




















Table 6: Gross Margin Analysis of Beekeeping 


Production Low Medium 
Yield of maize (90kg-bag) 20 50 
Price of maize 1,300 1,300 


Gross Output (a x b) 26,000 65,000 


Variable Costs 
Total variable costs 18,000 32,500 


Gross margin/hectare 8,000 32,500 


























Table 7: Gross Margin for Hectare of Maize 


(Source: Baraka Agricultural College) 


From the above comparison, a beekeeping enterprise of 20 KTBH compares very 
favourably with returns from a hectare of maize, particularly at low levels of 
efficiency in maize production. In addition, a beekeeper has the option of adding 
value to his/her honey to increase returns while a maize farmer is more at the 
mercy of market forces where gluts in production frequently depress prices. The 
bee enterprise takes up very little space in comparison to maize and the time 
input is much less. The most important but often overlooked inputs for successful 
beekeeping are skills and knowledge, so develop them very well. 


, 
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GLOSSARY 
OF 
TERMS 





‘ocomen - third posterior section of a bee’s body. 


/.osconcine - when a colony of bees abandons the hive or nest site due to 
infestation of pests or lack of food. (It happens with African bees). 


/\\ereic - in beekeeping, refers to the severe bodily reaction to bee venom 
following a sting. 


nthner-the part of a flower’s stamen that produces pollen. The male part of the 
flower. 


/.piary - bee hives grouped together. 


‘see space - gap large enough for bees to walk and work, e.g., the space between 
two parallel combs or between a comb and the wall of the hive. 


.eeswax - material produced by honeybees for building combs. 
srooc nest - the centre area of the combs of a colony where brood is reared. 
Cappec soney - ripe honey in the comb, sealed with a wax capping. 


Cappines - thin wax covers of cells full of honey, particularly after they have 
been removed from the surface of the comb prior to honey extraction. 


Caste - different types of mature honeybees (and other social insects). 


Com) - beeswax structure of two plates of cells arranged back to back on a 
midrib and used to rear brood or store honey and pollen. 


‘Jvone - male honeybee. Drones undertake no work within the hive. Their sole 
function is to fertilise the queen. 


“eecer oo» - box used to feed bees artificially with sugar syrup. 
/ouncation - thin sheet of beeswax usually embossed with a hexagonal pattern 


of cells placed in each wooden frame that serves as a base upon which honeybees 
build their comb. 
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‘yame jive - hive containing frames. The honeybees are encouraged to build 
their combs within these frames. The frames enable combs to be lifted from the 
hive for examination. 


(and - an organ that produces and releases one or more substances. 


| ive - artificial structure for housing a colony of bees. It is also a verb to denote 
the process of introducing a swarm into a hive to house it permanently. 


lLanestrota vive - a design of frame hive. The inventor, Rev L. Langstroth, 
recognised the importance of bee space and this allowed him to design the movable 
frame hive. 


\.arve - an insect in the first stage of development after hatching from the egg. 
(plural: larvae) 


\V\ieration - seasonal movements of whole honeybee colonies, leaving no brood 
behind in the nest. 


‘ectar - Sweet liquid secreted by flowers. Watery solution of various sugars. 


Participatory Action Aesearcy - PAR has emerged in recent years as a 
significant methodology for intervention, development, and change within 
communities and groups. It is now promoted and implemented by many 
international development agencies and university programmes as well as 
countless local community organisations around the world. PAR involves people 
working together to solve their problems through learning in a systematic way. 
As the name implies, the output of the research is action. 


olen - fine dust-like substances, which are the male reproductive cells of 
flowering plants collected by bees as a source of protein. 


Vropolis - an aromatic, resinous, antibiotic plant material collected by bees for 
blocking holes, waterproofing, and generally protecting the hive from intruders 
and diseases. 


-upe- final stage of development of the bee in which it is sealed into its cell and 
from which it will emerge it as an adult. (plural: pupae) 


Queen - female parent of the colony. The only sexually developed female. 
‘tace - biological definition of race is a categorisation of organisms with differing 
characteristics while maintaining enough similarities to be a part of a common 


genus and species. In this context, it is synonymous with subspecies. 


‘{ipe honey - capped honey in the comb, i.e., bees have added enzymes and 
dehydrated it to an acceptable moisture level below 19% before sealing. 
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work [10] provided an analysis of using microservices archi- 
tecture for large-scale distributed applications. This work 
demonstrated that significant benefits can be achieved as 
compared to generic SOA approaches when using microser- 
vices in an JoT platform for smart city applications. 

Moreover, Almanac FP7 EU Project [29] provides smart 
city services based on the IoT environment. The project 
uses microservices to employ scalability in a horizontal and 
vertical fashion. Also, in the industry, microservices have 
become a solution for developing large-scale applications. 
Netflix, Pivotal [30], and Amazon use microservices in their 
software bases. 

The increased importance of microservices for the IoT 
applications is due to the fact that they simplify complex 
systems. By dividing a system into smaller parts, higher 
cohesion and lower coupling can be achieved, which makes 
it highly scalable. In scenarios where requirements keep 
changing continuously, microservices can help make a system 
easily modifiable. Moreover, the major benefits that are 
envisaged when using microservices in an IoT environment 
are as follows: Microservices leverage scalability to provide a 
highly decoupled pattern and can allow scaling individually. 
Their usefulness can be realized as when the demand for the 
requirement increases the system complexity also rises. In 
this case, a system can be supported by creating new instances 
of existing services. Microservices scalability [9] fits in three- 
dimensional space, that is, horizontal scalability (typical 
scalability), vertical scalability (splitting different individual 
microservices), and z-axis scalability (splitting similar things, 
suchas DB partitioning). Microservices architecture supports 
a plug-and-play behavior where system components become 
loosely coupled. To acquire new functionality or replace a 
failed service, pull the plug from one microservice and plug 
into a new microservice [31]. One of the major problems that 
IoT is facing today is how to deal with the heterogeneity 
of incompatible solutions. To harmonize the heterogeneity, 
semantic web technologies with microservices are leveraged 
to provide interoperable exchange and communication of 
data. Microservices realize a decentralized and autonomous 
behavior, operating on their own priorities and schedule. This 
way, they provide several benefits for being utilized in an IoT 
design. 


3. The Proposed Design of Social Web Objects 


Recently, there have been several research efforts [3-6, 17, 20, 
32] for defining the Social IoT. This new aspect minimizes 
the complexity generated by the communication of billions 
of real-world objects and enables sharing of information. The 
social notion can be incorporated into the WoO platform 
to provide a semantically rich base for IoT applications 
that can utilize real-world object relationships for efficient 
information discovery. Moreover, this section provides a brief 
introduction of WoO reference architecture in Section 3.1. 
A classification of social relationships among web objects 
(virtual objects and composite virtual objects) is discussed 
in Section 3.2 and a social relationship model is presented in 
Section 3.3. Further, the details of functional components for 
the proposed architecture are explained in Section 3.4. 


Wireless Communications and Mobile Computing 


3.1. Web of Objects (WoO) Reference Architecture. To enable 
the deployment of IoT services on the World Wide Web, 
WoO provides a reference framework. In other words, it 
realizes the IoT services in such a way that virtualized objects 
are interwoven with resources to support the development, 
deployment, and operations of IoT services [33, 34]. The WoO 
platform provides service functionality by merging VOs and 
features of web applications. Moreover, the WoO platform 
uses semantic web technologies to enable interoperability 
among heterogeneous resources. This realization provides the 
basis for the composition and harmonization of objects to 
provide smart services in an IoT domain. Building services 
based on WoO platform using diverse technologies, including 
microservices [35], social networks, and semantic web, helps 
reduce the complexity and fosters the easy and efficient 
development of IoT applications. 

Virtualization has become a major concept in IoT to 
address the heterogeneity of diverse types of physical objects. 
VO is a digital representation of a real-world object that 
can be anything, living or nonliving, mobile or stationary, 
concrete or immaterial. In WoO, VO is defined as domain- 
specific semantic ontology based on the VO information 
model [36]. It is uniquely identified using URI and provides 
information updates on the representative real-world object. 
On the other hand, WoO also provides a notion of CVO 
which aggregates one or more VOs to enable service fea- 
tures that satisfy the application requirements. CVOs chain 
semantically interoperable VOs together. The WoO platform 
incorporates features to efficiently reuse existing VOs and 
handles the complexity generated by self-management and 
control mechanisms [37]. In the WoO, service level decides 
which CVOs and VOs will take part in creating an object 
mashup to fulfill service objectives. The service logic is saved 
in the form of templates and stored in the template repository 
[38-40]. The domain expert or knowledge engineer defines 
the service templates that are used to instantiate new services. 

WoO reference architecture is shown in Figure 1. In 
this architecture, the service layer handles requests and 
provides several management functions, whereas the CVO 
level consists of functions to manage and instantiate CVOs 
or reuse the existing ones based on the provided service 
execution logic. New objects such as sensors are registered 
in the WoO platform using a registration function and their 
templates are generated to make them digitally available 
in the form of VOs. Another most important aspect is 
the semantic representation of data at three-layered WoO 
architecture [23, 39]. The database at each layer is supported 
with semantic web technologies. 


3.2. Types of Social Relationships. Previous research [3] on 
SIoT has derived some basic relationship types among 
objects. These relationships are characterized as follows. 
Parental Object relationship (POR) exists between the objects 
that belong to the same batch, such as objects that are created 
in the same production process or at the same time by a 
common manufacturer. Cowork object relationship (CWOR) 
is the relationship among objects that are grouped together 
based on some commonly shared job to be done by them. 
Similarly, colocation object relationship (CLOR) is established 


Species - in biology, a species is a group of related organisms that, more or less, 
share a distinctive form and are capable of interbreeding. 


Stamen - male reproductive organ of a flower. It consists of a stalk on the end of 
which is the anther. 


Starter - narrow strip of wax foundation fastened in a frame or under a top bar 
for the bees to start building comb in the desired position. 


Super - any hive box placed above the brood nest or chamber. Usually contains 
combs in which bees will store honey. 


Sustainable ivelihooc - occupation or employment enabling someone to provide 
for his/her basic needs and to be secure in its continuation in the future. 


Swarmine - when a honeybee colony becomes large enough to divide into two. 


‘Yop bar ive - intermediate technology hive in which bees are encouraged to 
build their combs suspended from bars placed across the top of the hive. 


‘nripe honey - honey in cells not fully processed by hive bees, i.e., when still 
thin and not capped. 


\Vorker bee - female honeybees that make up the bulk of the colony and 
undertake all the work of the colony except for mating and egg laying. Workers 
are sterile females. 
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IR% ANNEX 1 
Current Status of the Kenyan 
Beekeeping Industry 





BRIEF HISTORY OF BEEKEEPING IN KENYA 


In the late 1960s, the Kenyan Ministry of Agriculture, the International Bee 
Research Association (IBRA), and Oxfam collaborated on the development of an 
appropriate hive for Kenya. The result of this joint effort is the Kenyan Top Bar 
Hive (KTBH). In the 1970s, the Ministry of Agriculture began introducing the 
KTBH to Kenyan farmers supported by the Canadian International Development 
Agency (CIDA). Beekeeping cooperatives were set up in many parts of Kenya to 
facilitate marketing of bee products. All of these marketing structures collapsed 
later. Many have made numerous attempts to develop beekeeping in the country 
since the 1960s, but production of honey is still very low in relation to its potential. 
In recent years, people have promoted Langstroth frame hives as the answer to 
Kenya’s beekeeping problems but with limited success. Neither the Langstroth 
frame hive nor KTBH have had much impact on Kenyan beekeeping, as about 
80% of all beehives in Kenya are still traditional type hives. In spite of the 
production potential, Kenya does not export honey. The European Union has 
licensed Kenya to export to their region. 


BACKGROUND TO THE KENYAN BEEKEEPING INDUSTRY 


Kenya relies heavily on agriculture like other East African countries. 75% of its 
people live in rural areas and 60% of these live in absolute poverty. Kenya is a 
nation of small holders with over five million small-scale farmers and pastoralists. 
Cutbacks in public services and the free market philosophy of recent years have 
hit rural communities very hard. As this is unlikely to change, the future of such 
rural communities will depend on developing their capacities from within to 
meet the challenge. Beekeeping is an opportunity to harvest and add value toa 
local resource (floral nectar) to generate wealth and employment and beat poverty. 


80% of Kenya’s land area is either semi-arid or arid land. Beekeeping is suitable 
for these areas due to prevalent plant species, e.g., acacia trees, and also due to 
limited livelihood options available in these areas. About 80% of Kenyan honey 
is produced in arid and semi-arid areas. (Muya 2004) 


Majority of Kenyan beekeepers still use traditional systems of beekeeping: simple 
fixed combs, mostly hollow log hives, in spite of over 30 years of beekeeping 
extension carried out by the government and non-governmental organisations 
(NGOs) to promote improved hives, e.g., the Kenya Top Bar Hive, which is an 
intermediate technology hive. 
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In the last five years, there has been a major push by some NGOs and private 
companies, supported by major donors, to introduce the Langstroth frame hive 
used in Europe and America. There is conflicting information between the actual 
impact of these hives and the claim of success by its promoters. Information 
collected in a number of recent beekeeping studies indicates limited impact on 
enhanced production of bee products and on improvement of livelihoods. 
Conflicting information on different production technologies results in confused 
farmers who receive different messages from different extension agents. 


In relation to bee product marketing, research indicates that the Kenyan honey 
market is underdeveloped due to low volumes. Volumes and quality have not yet 
been reached for export though Kenya has been licensed to export honey to the 
European Union since 2008. The shortage of bee product production also means 
that local demands are not met sufficiently. Significant quantities of imported 
honey, mostly from Tanzania, abound in the Kenyan market, but some people 
repackage them as Kenyan honey. Opportunities exist for the development of 
fair trade and organic honey export markets due to Kenya’s largely pollution- 
free environment and disease-free bees. 


Some quarters report that local production of honey has improved in recent 
years due to reduced official honey imports; however, one can explain it by an 
increased cross-border trade in honey marketed as Kenyan honey in local markets. 


Other issues of importance affecting the Kenyan beekeeping industry include: 


e Lack of a clear government beekeeping policy but which is now under 
development. Different agencies take different approaches to beekeeping with 
no national coordinating body resulting in a disorganised and fragmented 
industry. 


e Environmental degradation, mostly forest destruction/charcoal burning that 
results in reduced beekeeping potential in Kenya. 


e =©Little or no beekeeping research in Kenya. 


e Fragmentation and disorganisation of beekeepers. Beekeepers are difficult 
to reach due to poor infrastructure resulting in difficulties in bulking honey 
for marketing. 


OPPORTUNITIES IN KENYAN BEEKEEPING 


e There is a strong local demand for honey with current production unable to 
meet local demand. 

e There is a ready export market with a strong international demand for honey 
and bee products. The European Union allows Kenya to export to their region. 
The bee population is relatively disease-free. 

There are considerable existing skills and knowledge in beekeeping. 
Kenya is a big country with space for a much larger beekeeping industry. 
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ANNEX 2 
More Information on 
$tingless Bees 





Apart from honeybees (Apis mellifera), there are other types of bees in Kenya that 
collect nectar and make honey. These are stingless bees, which usually live in holes 
in the ground. There are many species of stingless bees (Meliponinae) in Kenya and 
these are yet unexploited on a commercial basis. In Brazil and India, these bees are 
utilised because of their ability to make good quality medicinal honey. People prize 
this honey as acure for baldness and impotence. These bees can yield up to five kgs 
per season. Stingless bees are the best pollinators as they penetrate deeper into the 
flower. Baraka Agricultural College in Molo and the National Beekeeping Station at 
Lenana in Nairobi have started keeping stingless bees. Beekeepers can keep them 
in small hives. They store honey in small pots that you can harvest daily with a 
clean syringe! 





Photo 44: Hive with 
shaded glass cover. 
Bees require darkness. 











Photo 43: Simple box hive 
for stingless bees. 
(Baraka Agricultural College, Molo) 
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ANNEX 3 
Hive 
Recordkeeping 



































































































































Table 8: Hive Recordkeeping 
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You can copy the previous table in a hardback notebook, which you should fill 
out after each hive inspection. You can also photocopy it. In the remarks section, 
you can specify the inspection date and any information of use such as the tem- 
perament of the bees, i.e., if they are docile or difficult to handle. This informa- 
tion is useful when selecting bees in the future. You can record any manage- 
ment activities here such as: (a) amount of food fed to bees (if any), (b) the cost, 


(c) action taken to control swarming, etc. 


Below is a table for marketing records. 




























































































Table 9: Marketing Recordkeeping 
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ANNEX 4 
Recipes/Uses for Beeswax, 
Propolis, and Honey 








Photo 45: Kenyan National Beekeeping Station exhibition stand 
The stall displayed many excellent bee products. 


BEESWAX FURNITURE/WOOD POLISH 


Ingredients 
200g Beeswax 
100g Turpentine 
50g Baby oil 


Procedure 
Grate beeswax into flakes. Gradually add turpentine to soften wax. Add oil and 
mix. Store in a tin with a tight-fitting top or in a jar. 


Tip for sewing shoes, leather, and other thick materials: 


Pull thread through small block of beeswax. The wax stiffens and smoothes the 
thread making it easier to sew. 
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Photo 46: Cake of beeswax for making candles 
(Baraka Agricultural College, Molo) 


BEESWAX CANDLES 


Requirements 

Beeswax 

Wick (use cotton thread) 

Bottle top 

Plastic pipe that fits into bottle top 
Cooking oil 


Procedure 

Smear inside of plastic pipe with soapy water or cooking oil. Thread wick through 
pipe. Punch hole in the middle of the bottle top. Thread wick through hole and 
knot it. 


Melt beeswax indirectly, i.e., use a double pan (one sufuria sitting in hot water 
inside another sufuria). Do not boil the wax. 


Cover bottom end of pipe to prevent wax flowing away by pushing it down into 
bottle top. You can also stick end of pipe in the ground. Tie wick to suspension 
wire. Pour melted wax into mould making sure wick is in the middle of the 
candle. Wait for wax to cool before filling the rest of the mould with molten wax. 
Leave candle to solidify. (It should come out easily from mould because you had 
greased it with cooking oil.) 


Candle is now ready for use. Vary wick to get a good candle that burns well. Use 
many plastic pipes to make many candles at the same time. 
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Suspension wire 





Wick attached to suspension wire 


Plastic pipe 


Bottle top 
Wick 


Figure 11: Candle Making 
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Photo 47: Beautiful beeswax candles made using plastic pipe mould 
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Wireless Communications and Mobile Computing 
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Ficure 1: Web of Objects reference architecture. 


between objects belonging to the same location such as 
home or office. Different or same types of objects can be 
combined based on the common location or premises. On the 
other hand, Ownership Object Relationship (OOR) is formed 
among objects belonging to the same owner. Social Object 
Relationship (SOR) is another kind of relationship that is 
created among objects when they come close to each other, 
either random in time or periodically. This relationship can 
be envisaged when the owners of objects come into contact 
with each other. Apart from the above relationships, in [41], 
the authors define the Guardian Object Relationship (GOR) in 
the Internet of Vehicles (loV) scenario where on-board units 
of vehicles become children in relation to the super nodes 
of Road Side Units. This child and parent association gives 
a special meaning to a new hierarchical relationship. 

In addition to the relationships defined in other studies, 
we have identified few more relationships suitable for some 
diverse scenarios. These include Sibling Object Relationship 
(SIBOR) that is created among objects that belong to a 
group of friends or family members. This relationship among 
objects extracts the property of trustworthiness based on the 
relationship of their owners. Another relationship type is the 
guest object relationship (GSTOR) which is formed between 


objects that belong to the users in the guest role, for example, 
when a person visits a friend’s home and gets the privilege 
as a guest. The same can be applied to the objects that move 
in guest relation (GSTOR) from one place to another; they 
will have some privilege of accessibility of information as 
compared to other objects. Stranger Object Relation (STGOR) 
applies to objects that encounter the presence of each other 
in an anonymous environment such as on the go or in the 
public environment. Similar to people who meet each other 
sometimes regularly but are anonymous to each other or are 
not fully aware of each other, this relationship can be used 
among objects to form different trust levels or to form strict 
restrictions to promote secure connections. Moreover, in 
service object relationship (SVOR), objects form a relationship 
while coordinating in the same service composition to fulfill 
a service request. Generally, in the proposed scheme, service 
request execution generates a mashup of objects, and objects 
that belong to the same mashup are assumed to be in SVOR. 

We believe that the above defined new social relation- 
ships are beneficial in several distinctive scenarios. For 
example, SIBOR is more useful in scenarios where trust 
is highly important for establishing a connection. Unlike 
the more generalized relation POR, SIBOR is established 
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PROPOLIS HEALING OINTMENT 


The first stage is to make propolis granules: 


Step 1 
. Scrape off the propolis from hives putting scrapings in a tin. 


. Add enough water to cover scrapings and heat. 
. Wax will melt and float to surface. 

. Propolis will stick to bottom of can. 

. Stir often to help release wax. 

. Remove from heat and let cool. 


aOo»rONnr 


Step 2 
1. Remove waxy layer formed on water surface. 


2. Pour off water and save coloured mass beneath. 


Step 3 
1. Place can in cool place to harden propolis andmake it brittle. Freezer is best. 


2. Dry and store in sealed container. 


Ingredients 
1 tablespoon Beeswax 


4 tablespoons Mineral oil (e.g., baby oil) 
1 tablespoon Propolis granules 
1 tablespoon Honey 


Procedure 

Melt ingredients in double boiler. Stir until it cools. It should have the consistency 
of cream. You can pack in small containers and sell. Use cream as a skin ointment 
for sores, rashes, blisters, etc. Many farmers’ groups we work with are now 
making and selling beeswax and propolis creams and making good money from 
this activity. For more information, contact Baraka Agricultural College. (See 
contacts in Annex 5.) 


HONEY COUGH SYRUP Big) 


Ingredients 
6 tablespoons Pure honey 


Juice of 2 Lemons 
Mix ingredients together well before taking in spoonfuls for coughs. 
Warning: Be careful when working with hot wax and other ingredients used to 


make these recipes. I cannot be held responsible for adverse effects resulting 
from the use of methods or ingredients mentioned in this publication. 


ANNEX 5 
Approaches to 
Beekeeping Extension 





In this section, we outline experiences of Baraka Agricultural College that has been 
involved in beekeeping extension services to farmers since 2002. An Irish development 
agency, Self-Help Development International (SHDI) funded the extension project. 
Since 2002, the college has been working with beekeeping groups to develop beekeeping 
mostly in Rift Valley Province but also in other parts of Kenya/Eastern Africa. 


INNOVATIVE ASPECTS OF THE BAC/SHDI PROGRAMME 


1. Participatory Action Research (PAR) Approach to Beekeeping 





As a country, Kenya covers a very large area presenting a huge diversity of 
climates and vegetation within its borders. Beekeeping extension workers can 
only make general recommendations. There is enormous need for beekeepers to 
adapt and try out ideas for themselves at local level. The basis of the PAR approach 
is the importance of learning from what we do in a systematic way. Every aspect 
of life can benefit from this kind of approach. The Baraka/SHDI project encourages 
farmers to innovate/solve their own problems in beekeeping. This approach comes 
in light of an inadequate government beekeeping extension service as well as 
little or no formal research in Kenya beekeeping. In November 2006, farmers 
researched reasons why they have low hive occupation rates, so they can make 
decisions on what to do about their problem. 


The PAR approach to beekeeping development takes into account and builds on 
farmers’ indigenous technical knowledge. 
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Photo 48: Bee forage tree seeds 
BAC/SHDI farmer researchers collected and documented these seeds. 


2. Bee Multiplication 





There is considerable shortage of bees and many hives are unoccupied. The project 
works with farmers to ensure bees occupy hives. This is done through training 
and support in colony division and swarm trapping. The project has started 
training farmers in queen rearing in response to one of Kenya’s biggest beekeeping 
problems: low hive occupation rates. 


3. Farmer-to-Farmer Trainers 





The project works with beekeeping groups in different geographic areas. A cluster 
of groups has a farmer beekeeping extension worker that the project trained 
and supported. In turn, he/she trains other farmers in beekeeping. This has 
proved a very effective beekeeping promotion method and builds local capacity 
in beekeeping. 


4, Artisan Training 





The Baraka Agricultural College/SHDI project trains local carpenters and tailors 
in making beekeeping equipment. This has assisted beekeeping development as 
beekeepers can access beekeeping equipment at affordable prices. This approach 
also encourages self-reliance amongst local communities. 


(N. B. For further information on the Baraka Agricultural College/SHDI project, 
please contact the college. See Annex 6.) 
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ANNEX 6 
Sources of 
Further Information 





KENYA 


You can contact the following organisations as a starting point for further 
information on beekeeping in Kenya. Many others are involved in beekeeping; 
the number changes all the time. This list is not exhaustive and is just to establish 
a place for further networking. 


Apiculture Division 

Ministry of Livestock and Fisheries Development, Hill Plaza Building 

P.O. Box 34188-00100 

Nairobi 

Telephone: (254) (0)20 2722601/2722637 

Fax: (254) (0)20 2728609 

Remarks: Contact for information and advice or get in touch with your local 
District Beekeeping Officer. There’s one in every district. 


Baraka Agricultural College 

P.O. Box 52 

Molo 

Telephone: (254) (0)51 721091 

Email: baraka@sustainableag.org 

Website: www.sustainableag.org 

Remarks: Contact for bee equipment, advice, training courses, honey, and 
beeswax marketing 








The Kenya Honey Council 

P.O. Box 271-00606 

Sarit Centre, Nairobi 

Telephone: (254) (0)20 4183120 

Email: info@kenyahoneycouncil.org 

Website: www.kenyahoneycouncil.org 

Remarks: An umbrella body representing different stakeholders in the Kenya 
beekeeping sector. 








National Beekeeping Station 

Apiculture and Emerging Livestock Division 

Ministry of Livestock and Fisheries Development Lenana 

P.O. Box 34188-00100 

Nairobi 

Telephone: (254) (0)20 564302 

Remarks: Check out for its library, bee equipment, and advice. 
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The Kenya Beekeepers Association 
c/o The National Beekeeping Station 
P.O. Box 34188-00100 

Nairobi 


Self-Help Development International Kenya 
24 Floor, Catholic Diocese of Nakuru Building 
Stadium Road off Kenyatta Avenue 
Telephone: (254) (0)51 2212291 

Email: kenya@shdi.org 


Remarks: The agency currently promotes beekeeping in the Gilgil area. 


Ruai Beekeeping Cooperative Society 

P.O. Box 8 

Naru Moru 

Remarks: This is a great example of collective marketing of bee products in Kenya. 
It markets up to 8 tonnes of honey per annum. 


ICIPE (International Centre for Insect Physiology and Ecology) 

P.O. Box 30772-00100 

Nairobi 

Telephone: (254) (0)20 8632000 

Fax: (254) (0)20 8632001/8632002 

Remarks: It has a commercial insect section dealing with beekeeping 


E-mail: dg@icipe.org 


African Union 

Maendeleo Ya Wanawake House 

Nairobi 

Remarks: It has an interesting collection of beekeeping books in its library. 


General Plastics Limited 

P.O. Box 10032 

Nairobi 

Enterprise Road off Mombasa Road 

Industrial Area near Hillock Inn 

Telephone: (254) (0)20 530032/3/4/5 

Remarks: It supplies plastic jars and lids for packing honey. 


Honey Care Africa Limited 

Muringa Avenue, Jamhuri Park 

Nairobi 

Telephone: (254) (0)20 574448 

Remarks: It promotes Langstroth hives. It also buys and markets honey. 
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African Beekeepers Limited 

Industrial Area 

P.O. Box 3752-00506 

Nairobi 

Mobile: (254) (0)722 700226 

Remarks: It manufactures equipment and markets honey. 


Kerio Valley Development Authority 
KVDA Plaza 

P.O. Box 2660 

Eldoret 

Telephone: (254) (0)53 2063361 
Email: kvda@kenyaweb.com 





Strengthening Informal Sector Training and Enterprise (SITE) 

Telephone: (254) (0)20 2718155 

Jabavu Road, Nairobi 

Remarks: It deals in training and support to beekeeping and bee equipment. 


REST OF AFRICA 


Bee Natural Products Ltd 

PO Box 5318 

Pan Africa House 

Plot 3 Kimathi Avenue 

Kampala, Uganda 

Telephone: (256) (0)41 234676/ 253844 
Mobile: (256) (0)77 907045 

Fax: (256) (0)41 259052 

Website: www.beenaturalproducts.com 





Tanzanian Ministry of Natural Resources and Tourism 

P.O. Box 9372 

Dar-es-Salaam, Tanzania 

Telephone: (255) (0)22 130091 

Email: fordev@africaonline.co.tz 

Remarks: It has very good publications on beekeeping in English and Swahili. 





The National Honey Show Limited 

P.O. Box 71826 

Dar-es-Salaam, Tanzania 

Telephone: (255) (0)22 2126280 

Email: epictanzania@email.com 

Remarks: It organised the first Tanzanian honey show in Dodoma in 2006. 





Tawiri Njiro Wildlife Research Centre 

Ministry of Natural Resources and Tourism, Forestry and Beekeeping Division 
c/o P.O. Box 246 

Dar-es-Salaam, Tanzania 

Email: fordev@africaonline.co.tz 

Remarks: Tawiri runs beekeeping courses and carries out beekeeping research. 





Alternative Contacts: 

P.O. Box 661 

Arusha, Tanzania 

Telephone: (255) (0)27 7677 

Telefax: (255) (0)27 2548240 

E-mail: tawiri@habari.co.tz or info@tawiri.org 





Plant Protection Research Institute South Africa 

Private Bag x134 

0001 Pretoria, South Africa 

Website: www.arc.agric.za 

Remarks: It has a very good book, Beekeeping in South Africa. 





TUNADO (The Ugandan National Apiculture Development Organisation) 
c/o Bee Natural Products Limited (See above.) 


INTERNATIONAL 


Bees for Development 

Troy, Monmouth NP25 4AB 

United Kingdom 

Telephone: (44) 016007 13648 

Fax: (44) 016007 16167 

Website: www.beesfordevelopment.com 

Remarks: It produces a very nice magazine. People may pay for subscriptions 
with beeswax. It also sells beekeeping books. 





Bee Support 
Email: micha el@dds.nl 
Remarks: It undertakes promotion of beekeeping for development. 





Hives Save Lives 

Saltdean, Brighton BN51 9AB 

United Kingdom 

Website: www.hivessavelives.com 

Remarks: This organization has current projects on Uganda. 





Bees Abroad UK 

Website: www.beesabroad.org.uk 

Remarks: A UK-based charity supporting beekeeping development. Bees Abroad 
also has projects in Kenya. 
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International Bee Research Association (IBRA) 

18 North Road, Cardiff CF1 3DY 

United Kingdom 

Website: www.ibra.org.uk 

Remarks: It has a good library on beekeeping around the world and publishes 
the Journal of Apicultural Research and Bee World. 





CTA/Agromisa 

P.O. Box 41 

Wageningen, The Netherlands 

Remarks: It has booklets on agriculture and bees. 


Bee Vital Big) 


Website: www.BeeVitalPropolis.com 
Remarks: A UK-based company that purchases propolis. 
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ANNEX 7 
Baraka Agricultural College 
$hort Courses on Beekeeping 





The following one-week short courses in beekeeping are currently on offer from 
Baraka Agricultural College. It offers courses both in Swahili and English, 
depending on the needs of the group. For further information on course timings 
and costs, please get in touch with the Short Courses Coordinator at Baraka 
Agricultural College. See contact details below. 


An Introduction to Beekeeping (Establishing a Beekeeping Enterprise) 
This course is about starting a beekeeping enterprise in Kenya. The college aims 
the course at beekeeping beginners, but experienced beekeepers can also benefit 
by attending. The course covers an introduction to bee biology and behaviour 
(African bees, Apis mellifera scutellata), beekeeping equipment, apiary 
establishment, bee and hive management, harvesting, and handling and 
marketing honey. 





Processing of Bee Products 

This course covers in detail how to process and add value to bee products, including 
honey, beeswax, propolis, bee brood, and pollen. Local and international markets/ 
marketing for these products is also covered. One spends much time in practical 
lessons, i.e., making a variety of value-added recipes, which one can market and 
sell in Kenya and overseas. Recipes include a variety of candles and creams, 
polishes, and medicinal/nutritional products from the beehive. 





Making Bee Equipment 

Making bee equipment is a specialised course aimed at artisans and those 
interested in making their own beekeeping equipment to quality standards. Both 
beekeeping staff and Baraka Agricultural College workshop staff, who 
manufacture beekeeping equipment, facilitate the course. The course covers 
making a Kenya Top Bar Hive, Langstroth hive, smoker, bee suits, hive tools, 
and bee brushes. They also give details on how to make a simple honey extractor. 
Much of the course held at Baraka Agricultural College workshop is actually 
making the equipment. 





Bee Breeding and Multiplication 

This is a new course on offer for 2007. The course is designed to assist beekeepers/ 
beekeeping extension workers occupy the many empty beehives in Kenya. 
Research shows hive occupation rates as low as 30% in some areas of the country. 
The course covers details of bee genetics, selection, and breeding. Simple methods 
of bee multiplication such as swarm attractants, making divisions, and queen 
rearing are covered in detail, including the Demaree, Miller, Jenter, and Grafting 
methods of rearing queens. 





81 


Further details of Baraka Agricultural College beekeeping courses are available 
from the college website: www.sustainableag.org. You can also contact the Short 
Courses Coordinator at telephone number: (254) (0)51 721091; or send email to 
shortcourses@sustainableag.org. 

















Photo 49: The teaching apiary at Baraka Agricultural College 
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6 Wireless Communications and Mobile Computing 
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(i) Sibling Object Relationship (SIBOR) 
(ii) Service Object Relationship (SVOR) 
(iii) Stranger Object Relationship (STGOR) 
(iv) Guest Object Relationship (GSTOR) 


(v) Parental Object Relationship (POR) [3] 
(vi) Colocation Object Relationship (CLOR) [3] 
(vii) Ownership Object Relationship (OOR) [3] 


FiGuRE 2: Ontological model representing web objects’ relationships. 


among objects from the same manufacturer having similar 
features but different behaviors. Similarly, GSTOR is suitable 
in scenarios where objects use relationships for privileged 
services. Imagine a person as a guest speaker in a conference 
with his smart devices, where he can connect to the network 
easily, and his personal devices are recognized as a guest 
(with GSTOR) in the venue network to avail free services 
like high-speed Internet, special notifications, and others. 
Stranger Object Relation (STGOR) is used in scenarios where 
objects are on the go, and to get some information, they have 
to compromise with a limited trust level. For instance, in a 
public transit system, one mobile node on the move wants 
to use crowdsourced information from another mobile node 
which is not fully trusted. Also, SVOR is useful in service 
composition specific scenarios, where object mashups are 
formed to facilitate service requirement, and it is also useful 
in a particular orchestration of objects. 

To model information about microservices, social web 
objects, and their relationships, a semantic ontological model 
has been developed as depicted in Figure 2. Conceptual- 
ization of objects and their social relationships in semantic 
structures are highly beneficial to infer new connections 
among a network of objects with the help of reasoning 
techniques. The ontology facilitates the representation of 
objects, as well as what they measure in terms of observations, 
their processing, and functions. Web objects’ relationship 
ontology contains the concepts that define each object in 
terms of a class. The data properties are used to represent 
object values and the object properties are defined to identify 
the link between two objects in the ontology. Major concepts 
in the ontology are microservices, CVOs, VOs, and their 
social relationships. Further, microservices have an indi- 
vidual instance that uniquely defines a microservice object 
and associated data with it. Similarly, CVOs and VOs are 
also instantiated and contain data properties to retain their 
values. With the increasing number of objects, a semantic 
ontology model is used to perform reasoning function that 
helps identify new connections. Further, to analyze the social 
relationship among objects (such as VOs and CVOs), their 
properties are provided in Table 1. 


3.3. Social Relationship Model for Web Objects. At each level 
of service life cycle, objects form a social relationship with 
each other to accomplish a service task. Codifying the rela- 
tionship among web objects can provide many benefits, such 
as efficient information discovery from related objects and 
better composition and reuse. To perceive social interaction 
between web objects, we assume every service is based on one 
or more microservices and other objects including CVOs and 
VOs. At VO level, VOs create several relationships with each 
other based on the RWO they represent. CVOs associated 
with microservices are incorporated in relationships as well. 

Object-to-object associations are categorized as either 
vertical associations (interobject relations) or horizontal 
associations (intraobject relations) as shown in Figure 3. 
The relationships that flow from the bottom to the top in 
WoO based architecture are known as interobject relations 
(i.e., from VO to CVO or vice versa). On the other hand, 
relationships are known as intraobject relations if they are 
generated within objects at each level such as between one 
VO and another, or within one CVO to a relative CVO. The 
newly defined relationships among objects are maintained at 
different levels, which enables information discovery more 
efficiently. It is considered that not only will the relationships 
be maintained when two objects (ie., VOs) are used in the 
same CVO or service, but also they will be maintained if 
objects are used in different CVOs or services. 

As depicted in Figure 3, VOl and VO2 bind in the 
SIBOR relationship, considering the fact that they belong 
to the same family of CVO1. Similarly, VO4, VO5, and 
VO6 are combined in a CWOR, as they are used in the 
same service. However, all of them do not have a common 
family relation that makes their trustworthiness restrictive 
to some level as compared to SIBOR. Moreover, though 
VO7 and VO8 are not used together in a service setup, 
still they form a STGOR relationship. This relationship also 
helps codify those VOs that have similarity in premises 
during a certain point in time regularly but they had never 
combined in any service scenario before. For example, if a 
person visits a subway regularly but stays very shortly, in such 
scene, the user’s smartphone VO and subway station point 


ANNEX 8 
Beekeeping Resources 
on the Internet 





There are a number of websites, which are of interest to beekeeping in Kenya and 
Africa. They offer a large variety of resources and information. It is well worth 
checking out internet resources. There is a list of beekeeping resources suitable for 
Africa on the links page of Apiconsult. See www.apiconsult.com/beekeeping-links.htm. 
This page is updated regularly. 





In addition, the Apiconsult website has a discussion forum on African beekeeping 
where beekeepers on the African continent share information. Please join the 
discussion and share your experiences. 


As of November 2006, I consider the following websites useful: 





www.apiconsult.com 


www.apiservices.com (loads of information on world beekeeping) 





www.beesfordevelopment.org (UK-based site promoting beekeeping in 
development) 





www.gsu.edu/~biojdsx/main.htm (beekeeping in top bar hives) 





www.honeybadger.co.za (South African site on beekeeping) 





www.honeycareafrica.com (beekeeping with Langstroth hives in Kenya) 





www.topbarhive.com (information on top bar hives in the USA) 





en.wikipedia.org/wiki/Top-bar hive (online encyclopaedia with information on 
top bar hives and general beekeeping to which you can edit and add your own 
ideas and information to the articles presented) 





There are many more. 


A good way to generate more beekeeping links is to search with a search engine 
such as Google (www.google.co.ke ) on “beekeeping Africa” or “top bar hives”, etc. 





Happy surfing! 
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Accessory Glands 


Diana E. Wheeler 


University of Arizona 


he accessory glands of reproductive systems in both female 

and male insects produce secretions that function in sperm 
maintenance, transport, and fertilization. In addition, accessory 
glands in females provide protective coatings for eggs. Accessory 
glands can be organs distinct from the main reproductive tract, 
or they can be specialized regions of the gonadal ducts (ducts 
leading from the ovaries or testes). Typically, glandular tissue is 
composed of two cell types: one that is secretory and the other 
that forms a duct. The interplay between male and female 
secretions from accessory glands is a key element in the design 
of diverse mating systems. 


ACCESSORY GLANDS OF FEMALES 
Management of Sperm and Other Male Contributions 


Sperm management by females involves a wide range of 
processes, including liberation of sperm from a sperma- 
tophore, digestion of male secretions and sperm, transport of 
sperm to and from the spermatheca, maintenance of stored 
sperm, and fertilization. 

Accessory gland secretions can have digestive functions 
important in sperm management. First, digestive breakdown 


of the spermatophore can free encapsulated sperm for fertil- 
ization and storage. Second, male contributions can provide 
an important nutritional benefit to their mates. Female secre- 
tions can digest the secretory components of male seminal fluid 
to facilitate a nutritive role. In addition, females can digest 
unwanted sperm to transform it into nutrients. Third, female 
secretions in some species are required to digest sperm cover- 
ings that inhibit fertilization. 

‘Transfer of sperm to and from the spermatheca is generally 
accomplished by a combination of chemical signals and mus- 
cular contractions. Secretions of female accessory glands in some 
species increase sperm motility or appear to attract sperm 
toward the spermathecae. Transport of fluid out through the 
wall of the spermatheca may also create negative pressure that 
draws in sperm. 

Sperm can be stored for some length of time in sperma- 
thecae, with the record belonging to ant queens that 
maintain sperm viability for a decade or more. Secretions of 
spermathecal glands are poorly characterized, and how sperm 
is maintained for such extended periods is not known. 
Spermathecal tissue seems to create a chemical environment 
that maintains sperm viability, perhaps through reduced 
metabolism. A nutritional function is also possible. 

Transport of sperm out of storage can be facilitated by the 
secretions of the spermathecal gland, which presumably activate 
quiescent sperm to move toward the primary reproductive 
tract. One potential function of female accessory glands that 
has been explored only slightly is the production of hormone- 
like substances that modulate reproduction functions. 


Production of Egg Coverings 


Female accessory glands that produce protective coverings for 
eggs are termed colleterial glands. Colleterial glands have 
been best characterized in cockroaches, which produce an 
oothecal case surrounding their eggs. Interestingly, the left 


2 Accessory Glands 


and right glands are anatomically different and have different 
products. Separation of the chemicals permits reactions to 
begin only at the time of mixing and ootheca formation. Other 
protective substances produced by glands include toxins and 
antibacterials. 


Nourishment for Embryos or Larvae 


Viviparous insects use accessory glands to provide nourish- 
ment directly to developing offspring. Tsetse flies and sheep 
keds are dipterans that retain single larvae within their repro- 
ductive tracts and provide them with nourishment. They give 
birth to mature larvae ready to pupate. The gland that produces 
the nourishing secretion, rich in amino acids and lipids, is 
known as the milk gland. The Pacific beetle roach, Diploptera 
punctata, is also viviparous and provides its developing embryos 
with nourishment secreted by the brood sac, an expanded 
portion of oviduct. 


ACCESSORY GLANDS OF MALES 


Accessory glands of the male reproductive tract have diverse 
functions related to sperm delivery and to the design of 
specific mating systems. 


Sperm Delivery 


Males of many insects use spermatophores to transfer sperm 
to females. A spermatophore is a bundle of sperm contained 





FIGURE 1 Male reproductive system of ZT’ molitor, showing testes (T), 
ejaculatory duct (EJD), tubular accessory gland (TAG), and bean-shaped 
accessory gland (BAG). [From Dailey, P. D., Gadzama J. M., and Happ, G. 
M. (1980). Cytodifferentiation in the accessory glands of Tenebrio molitor. VI. 
A congruent map of cells and their secretions in the layered elastic product of 
the male bean-shaped accessory gland. J. Morphol. 166, 289-322. Reprinted 
by permission of Wiley-Liss, Inc., a subsidiary of John Wiley & Sons, Inc.] 


in a protective packet. Accessory glands secrete the structural 
proteins necessary for the spermatophore’s construction. 
Males of the yellow mealworm, Tenebrio molitor, have two 
distinct accessory glands, one bean-shaped and the other 
tubular (Fig. 1). Bean-shaped accessory glands contain cells 
of at least seven types and produce a semisolid material that 
forms the wall and core of the spermatophore. Tubular 
accessory glands contain only one type of cell, and it 
produces a mix of water-soluble proteins of unknown 
function. Spermatophores are not absolutely required for 
sperm transfer in all insects. In many insects, male secretions 
create a fluid medium for sperm transfer. 


Effects on Sperm Management and on the Female 


The effects of male accessory gland secretions in the female 
are best known for the fruit fly, Drosophila melanogaster, in 
which the function of several gene products has been 
explored at the molecular level. Since insects have a diversity 
of mating systems, the specific functions of accessory gland 
secretions are likely to reflect this variation. 

In Drosophila, the accessory glands are simple sacs 
consisting of a single layer of secretory cells around a central 
lumen (Fig. 2). Genes for more than 80 accessory gland 
proteins have been identified so far. These genes code for 
hormonelike substances and enzymes, as well as many novel 
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FIGURE 2 Accessory gland of D. melanogaster. (A) The cells in this normal 
accessory gland express b-galactosidase driven by a promoter of a gene for an 
accessory gland protein. (B) A transgenic accessory gland, cells expressing the 
gene have been selectively killed after eclosion. These flies were used to explore 
the function of accessory gland secretions. In transgenic males, accessory glands 
are small and translationally inert. [From Kalb, J. M., DiBenedetto, A. J., and 
Wolfner, M. FE (1993). Probing the function of Drosophila melanogaster 
accessory glands by directed cell ablation. Proc. Natl. Acad. Sci. USA 90, 
8093-8097. Copyright 1993, National Academy of Sciences, U.S.A.] 


proteins. The gene products or their derivatives have diverse 
functions, including an increased egg-laying rate, a reduced 
inclination of females to mate again, increased effectiveness 
of sperm transfer to a female’s spermatheca, and various toxic 
effects most likely involved in the competition of sperm from 
different males. A side effect of this toxicity is a shortened life 
span for females. Other portions of the reproductive tract 
contribute secretions with diverse roles. For example, the 
ejaculatory bulb secretes one protein that is a major 
constituent of the mating plug, and another that has 
antibacterial activity. 


See Also the Following Articles 
Egg Coverings « Spermatheca ¢ Spermatophore 
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A estivation is a dormant state for insects to pass the summer 
in either quiescence or diapause. Aestivating, quiescent 
insects may be in cryptobiosis and highly tolerant to heat and 
drought. Diapause for aestivation, or summer diapause, serves 
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not only to enable the insect to tolerate the rigors of summer 
but also to ensure that the active phase of the life cycle occurs 
during the favorable time of the year. 


QUIESCENCE 


Quiescence for aestivation may be found in arid regions. For 
example, the larvae of the African chironomid midge, 
Polypedilum vanderplanki, inhabit temporary pools in 
hollows of rocks and become quiescent when the water 
evaporates. Dry larvae of this midge can “revive” when 
immersed in water, even after years of quiescence. The 
quiescent larva is in a state of cryptobiosis and tolerates the 
reduction of water content in its body to only 4%, surviving 
even brief exposure to temperatures ranging from +102°C to 
270°C. Moreover, quiescent eggs of the brown locust, 
Locustana pardalina, survive in the dry soil of South Africa 
for several years until their water content decreases to 40%. 
When there is adequate rain, they absorb water, synchronously 
resume development, and hatch, resulting in an outburst of 
hopper populations. The above-mentioned examples are 
dramatic, but available data are so scanty that it is difficult to 
surmise how many species of insects can aestivate in a state of 
quiescence in arid tropical regions. 


SUMMER DIAPAUSE 
Syndrome 


The external conditions that insects must tolerate differ 
sharply in summer and winter. Aestivating and hibernating 
insects may show similar diapause syndromes: cessation of 
growth and development, reduction of metabolic rate, 
accumulation of nutrients, and increased protection by body 
coverings (hard integument, waxy material, cocoons, etc.), 
which permit them to endure the long period of dormancy 
that probably is being mediated by the neuroendocrine system. 

Migration to aestivation sites is another component of 
diapause syndrome found in some species of moths, butter- 
flies, beetles, and hemipterans. In southeastern Australia, the 
adults of the Bogong moth, Agvotis infusa, emerge in late spring 
to migrate from the plains to the mountains, where they aes- 
tivate, forming huge aggregations in rock crevices and caves 


(Fig. 1). 


Seasonal Cues 


Summer diapause may be induced obligatorily or facultatively 
by such seasonal cues as daylength (nightlength) and tem- 
perature. When it occurs facultatively, the response to the 
cues is analogous to that for winter diapause; that is, the cues 
are received during the sensitive stage, which precedes the 
responsive (diapause) stage. The response pattern is, however, 
almost a mirror image of that for winter diapause (Fig. 2). 
Aestivating insects themselves also may be sensitive to the 
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FIGURE 1 Bogong moths, Agrotis infusa, aestivating in aggregation on the 


roof of a cave at Mt Gingera, A. C. T., Australia. [Photograph from Common, 
I. (1954). Aust. J. Zool, 2, 223-263, courtesy of CSIRO Publishing.] 


seasonal cues; a high temperature and a long daylength (short 
nightlength) decelerate, and a short daylength (long night- 
length) and a low temperature accelerate the termination of 
diapause. 

The optimal range of temperature for physiogenesis during 
summer diapause broadly overlaps with that for morphogenesis, 
or extends even to a higher range of temperature. Aestivating 
eggs of the brown locust, L. pardalina, can terminate diapause 
at 35°C and those of the earth mite, Halotydeus destructor, do 
this even at 70°C. The different thermal requirements for 
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FIGURE 2 Photoperiodic response in the noctuid M. brassicae controlling 
the pupal diapause at 20°C. Note the different ranges of photoperiod for the 
induction of summer diapause (dashed line) and winter diapause (solid line). 
[From Furunishi e¢ al, 1982, reproduced with permission.] 


physiogenesis clearly distinguish summer diapause from winter 
diapause, suggesting that despite the superficial similarity in 
their dormancy syndromes, the two types of diapause involve 
basically different physiological processes. 


See Also the Following Articles 
Cold/Heat Protection ¢ Diapause ¢ Dormancy ¢ Migration 
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he study of all economically important insects is the 

object of the subdiscipline “economic entomology.” 
Agricultural entomology, a branch of economic entomology, 
is dedicated to the study of insects of interest to agriculture 
because they help increase crop production (e.g., pollinators); 
help produce a commodity (e.g., honey, silk, lacquer); cause 
injury leading to economic losses to plants grown for food, 
feed, fiber, or landscaping; cause injury to farm animals; or 
are natural enemies of agricultural pests and, therefore, 
considered to be beneficial. Study of all fundamental aspects 
of the ecology, life history, and behavior of insects associated 
with agricultural crops and farm animals falls within the 
realm of agricultural entomology. These studies provide the 
foundation for the design and implementation of integrated 
pest management (IPM) programs (Fig. 1). 
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FIGURE 1 A bridge metaphor: agricultural entomology is conceived as one of the main pillars, together with plant pathology and weed science, of supporting 


the “integrated pest management bridge.” The bridge connects two-way “traffic” between crop production and crop protection. The other pillar is provided 


by the social sciences of economics and sociology. The main tension cables, which are system integration and information systems, hold the vertical lines that 
together give stability to the bridge; these are the tactical components of IPM. Under the bridge runs the “river” of ever shifting societal needs and demands. 


ECONOMIC ENTOMOLOGY 


Insects are regarded by some as the main competitors of 
humans for dominance on the earth. Humans depend on 
insects for pollination of many crops, for production of honey 
and silk, for the decomposition of organic matter and the 
recycling of carbon, and for many other vital ecological roles. 
But it is the negative impact of insect pests that has been of 
greatest concern to humans. There are no reliable estimates of 
aggregate losses caused by insects as vectors of pathogens and 
parasites of humans and domestic animals, as agents causing 
direct damage to dwellings and other human-made structures, 
and as pests of crop plants and farm animals, but the amounts 
run to probably hundreds of billions of dollars annually. Losses 
caused by insects and vertebrate pests worldwide in the pro- 
duction of only eight principal food and cash crops (barley, 
coffee, cotton, maize, potato, rice, soybean, and wheat) between 
1988 and 1990 have been estimated at $90.5 billion. 

In the late 1800s and early 1900s, entomology became 
established in many academic and research institutions as a 
discipline equal in rank with botany and zoology. The 
diversity of insects and their economic importance was the 
justification for ranking the study of a class of animals 
(Insecta) as being equivalent to the study of two kingdoms of 
organisms (plants and animals other than insects). Through 
the first half of the twentieth century, there was a schism 
between basic and applied (or economic) entomology. Since 
then, common use of the expression “economic entomology” 
has declined, being replaced by designations of its principal 
branches, such as agricultural entomology, forest entomology, 


urban entomology, and medical and veterinary entomology. A 
detailed historical account is beyond the scope of this article, 
but Table I provides a chronology of some landmarks in the 
development of agricultural entomology through the ages. 

The realm of agricultural entomology includes all basic 
studies of beneficial and pest insects associated with agricultural 
crops and farm animals. This article deals mainly with crops, 
but the general principles and concepts are equally applicable 
to farm animals. The starting point of such studies is a correct 
identification of the insect species, in accordance with the 
science known as biosystematics. 


BIOSYSTEMATICS 


Scientific nomenclature is a powerful tool for obtaining infor- 
mation about the basic biology of closely related species within 
a genus. When systematic studies have been extended beyond 
the naming of species (taxonomy) and contain detailed 
information on geographic distribution, host records, and 
biology of one or more species in a genus, it is often possible 
to extrapolate the information to other closely related species 
of that genus. Although details of the biology must be ascer- 
tained for each individual species, biosystematics offers a blue- 
print to follow when dealing with a new pest. For example, 
the genus Cerotoma (Coleoptera: Chrysomelidae) contains 10 
to 12 species distributed from southern Brazil to the north- 
eastern United States. All seem to be associated with herbaceous 
plants in the family Fabaceae (bean family). The biology of two 
of the species, C. trifurcata in North America and C. arcuata 
in South America (Fig. 2), has been studied extensively. Based 
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TABLEI Some Landmarks in the Historical Development of Agricultural Entomology” 
Significant events Years ago from 2000 Date 
Beginnings of agriculture 10,000 8000 B.C.E. 
First records of insecticide use 4,500 2500 B.C.E. 
First descriptions of insect pests 3,500 1500 B.C.E. 
Soaps used to control insects in China 900 1100 
Beginning of scientific nomenclature—10th edition of Linnaeus, Systema Naturae 242 1758 
Burgeoning descriptions of insects 100-200 18th and 19th centuries 


First record of plant resistance to an insect 169 1831 
Charles Darwin and Alfred Wallace jointly present paper on the theory of evolution 142 1858 
First successful case of biological control: the cottony cushion scale, on citrus, in California, 

by the vedalia beetle 112 1888 
First record of widespread damage of cotton in Texas by the cotton boll weevil 106 1894 
First record of an insect resistant to an insecticide 86 1914 
First edition of C. L. Metcalf and W. P. Flint’s Destructive and Useful Insects 72 1928 
Discovery of DDT and beginning of the insecticide era 61 1939 
First report of insect resistance to DDT 54 1946 
Term “pheromone” coined by P. Karlson and P. Butenandt, who identified first such substance in 

the silkworm moth 45 1959 
First edition of Rachel Carlson's Silent Spring 48 1962 
Expression “integrated pest management” first appears in the press 32 1968 
Rapid development of molecular biology 20 1980s 
Release of Bt transgenic varieties of cotton, corn, and potato 5 1990s 


“ Based in part on Norris et al. (2003). 


on information for these two species, it is possible to infer 
that the other species in the genus share at least some of the 
following features: eggs are laid in the soil adjacent to growing 
leguminous plants; larvae feed on nitrogen-fixing root nodules 
and pupate in soil inside pupal cases; first-generation adults 
emerge when seedlings emerge, and second-generation adults 
emerge when plants are in full vegetative growth, feeding first 
on foliage and, later on, switching to feeding on developing 
pods. The biosystematic information on the genus allows 
students of agricultural entomology in South, Central, or 
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FIGURE 2 Morphological diversity and biological similarities in the genus 
Cerotoma: four of the dozen known species are illustrated by male and female 
specimens. The species are clearly distinguishable by morphological 
characters, but they have similar life histories and behaviors. (From 
unpublished drawings by J. Sherrod, Illinois Natural History Survey.) 


North America to understand, at least in general terms, the 
role of any other species of Cerotoma within their particular 
agroecosystem. 

The flip side of this notion is recognition that closely 
related and morphologically nearly undistinguishable 
(sibling) species may have many important biological 
differences. Examples of the critical need for reliable 
biosystematics studies are found in the biological control 
literature. The present account is based on studies conducted 
by Paul DeBach, one of the leading biological control 
specialists of the twentieth century. The California red scale, 
Aonidella aurantii, is a serious pest of citrus in California and 
other citrus-producing areas of the world. Biological control 
of the red scale in California had a long history of confusion 
and missed opportunities because of misidentification of its 
parasitoids. The red scale parasitoid Aphytis chysomphali had 
been known to occur in California and was not considered to 
be a very effective control agent. When entomologists dis- 
covered parasitized scales during foreign exploration, the 
parasitoids were misidentified as A. chrysomphali and there- 
fore were not imported into California. It was later 
discovered that the parasitoids were in fact two different 
species, Aphytis lingnanensis and A. melinus, both more 
efficient natural enemies of the California red scale than A. 
chrysomphalt. Now A. lignanensis and A. melinus are the 
principal red scale parasitoids in California. Further 
biosystematics studies have shown that what was once 
thought to be single species, A. chrysomphalt, parasitic on the 
California red scale in the Orient and elsewhere, and acci- 
dentally established in California, is in fact a complex 
including at least seven species having different biological 
adaptations but nearly indistinguishable morphologically. 


Knowledge of the name of a species, however, is not an 
indication of its true potential economic impact or pest status. 
A next important phase in agricultural entomology is, there- 
fore, the assessment of benefits or losses caused by that species. 


PEST IMPACT ASSESSMENT 


The mere occurrence of an insect species in association with 
a crop or a farm animal does not necessarily mean that the 
species is a pest of that crop or animal. To be a pest it must 
cause economic losses. The assessment of economic losses 
from pests is the subject of studies conducted under 
conditions that match as closely as possible the conditions 
under which the crop is grown commercially or the animals 
are raised. Much of the methodology used in crop loss 
assessment has been established under the sponsorship of the 
Food and Agriculture Organization (FAO) of the United 
Nations as a means of prioritizing budget allocations and 
research efforts. Key data for these studies relate to the 
determination of the yield potential of a crop. The genetic 
makeup of a crop variety determines its maximum yield in 
the absence of adverse environmental factors. This is known 
as the attainable yield. To determine the attainable yield, the 
crop is grown under nearly ideal conditions; the actual yield 
is what occurs when the crop is grown under normal farming 
conditions. The difference between attainable and actual 
yields is a measure of crop loss (Fig. 3). 

To assess crop losses and attribute the losses to a specific 
cause (e.g., the attack ofa pest) requires setting up experiments 
to isolate the effect of the pest from all other constraints. 
Methodologies vary with pest category—whether the pests 
are insects, vertebrates, plant pathogens, or weeds, for 
example. The quantitative relationship between crop losses 
and pest population levels is the basis for computing the 
economic injury level for the pest. The economic injury level 
is a fundamental concept in IPM. 
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FIGURE 3 Factors impacting the yield potential of a generic crop. (Adapted 
from information on a Web site originated at IMI/University of Miami, 
Summer Institute.) 
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LIFE HISTORY AND HABITS 


Once the identity and pest status of a species have been well 
established, it becomes essential to extend the informational 
base on the life history and habits of the species to the 
conditions under which the crop is grown. Economically im- 
portant life history traits include information on develop- 
mental threshold temperatures and temperature-dependent 
developmental rates. These data are used in modeling the 
phenology of the pest. Other essential studies include the 
orientation, feeding, host selection, and sexual behavior of 
the species. Many of these studies provide the foundation for 
strategic planning in IPM and for the development of target- 
specific control tactics. For example, the study of sexual 
behavior involves the definition of the role of pheromones in 
mating and the identification of those pheromones. These, in 
turn, may be used for monitoring pest incidence and abun- 
dance or in mating disruption, both valuable components of 
IPM systems for many crops. The study of host selection 
behavior often leads to the identification of kairomones, 
equally important in IPM development. 


PHENOLOGY 


The life cycle of different insect species varies greatly, although 
all insects undergo the basic stages of development from egg 
to reproductive adult (or imago). Depending on the length of 
the life cycle, there is considerable variation in the number of 
generations per year, a phenomenon called voltinism. A uni- 
voltine species has one generation per year; a multivoltine 
species may have many generations per year. The range of 
variation in the Insecta is evident when one considers that the 
17-year periodical cicada has one generation every 17 years, 
whereas whiteflies or mosquitoes may complete a generation 
in about 21 days. Under temperate climate conditions, 
generations often are discrete, but under warmer subtropical 
conditions they frequently overlap. The definition of temporal 
periodicity in an organism’s developmental cycle is called 
phenology. The relationship between the phenology of the 
crop and the phenologies of its various pests is of interest in 
agricultural entomology. Figure 4 shows an example of such a 
relationship for soybean grown under conditions typical for 
the midwestern United States. 


POPULATION AND COMMUNITY ECOLOGY 


Population and community level studies are within the scope 
of insect ecology. Although the species is the focal biological 
entity for agricultural entomology, for management purposes 
it is essential to understand population and community level 
processes. Populations are assemblages of conspecific 
individuals within a defined geographical area (e.g., a crop 
field, a river valley, a mountain chain). Many insects have a 
large reproductive capacity. As calculated by Borror, 


Triplehorn, and Johnson, a pair of fruit flies (Drosophila), for 
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FIGURE 4 Crop phenology and pest phenology: relationship between the phenology of soybean in the midwestern United States and three of its most 
common insect pests, the bean leaf beetle, C. trifurcata (Coleoptera: Chrysomelidae); the green stink bug, Acrosternum hilare (Hemiptera: Pentatomidae); and 


the green cloverworm, Hypena scabra (Lepidoptera: Noctuidae). 


example, produces 100 viable eggs, half of which yield 
females that in turn will lay 100 eggs and so on for 25 
possible generations in one year; by the end of the year, the 
25th generation would contain 1.192 x 10*! flies, which, if 
packed tightly together, 60,000 to a liter, would form a ball 
of flies 155 million km in diameter or a ball extending 
approximately from the earth to the sun. Obviously, such 
unlimited population growth does not occur in nature. 
Normally, populations are regulated by the combined actions 
of both physical (or abiotic) and biological (or biotic) factors 
of the environment. An understanding of the mortality 
factors that help regulate insect populations is one of the 
most active areas of research in agricultural entomology. 
The set of species coexisting in an area and interacting to 
varying degrees form what is known as an ecological com- 
munity. In a crop community, the crop plants and the weeds 
that persist within the crop field or grow along the borders 
are the primary producers. The animals within the crop com- 
munity maintain dynamic trophic relationships: some feed 
on living plants, others on the decaying plants, and still others 
on animals. Those that feed on the plants are the herbivores, 
or primary consumers. Pests are primary consumers on the 
crop plants. Parasitoids and predators are the secondary 
consumers. Those that feed on the pests are beneficial natural 
enemies. Finally, decomposers and detritivores feed on 
decaying organic matter. All biotic components of the com- 


munity are interconnected by “food webs.” An understanding 
of food webs and trophic interactions in crop communities is 
important because it provides a basis for interpreting the 
nature of disturbances in crop ecosystems. Disturbances in 
trophic relations may lead to outbreaks of pest organisms and 
the need for control actions. 


LINKS TO IPM SYSTEMS DEVELOPMENT 


With the advent of integrated pest management and its 
success in the last third of the twentieth century, it has 
become difficult to separate agricultural entomology from 
IPM. In entomology, the two fields of endeavor are 
inextricably interconnected. A reliable database of biological 
information provides the means to design and develop IPM 
strategies. For example, there is growing interest in methods 
of enhancing biological control through habitat manage- 
ment. The technique requires information on source-sink 
relationships among pests and natural enemies across crop 
plants, neighboring crops, natural vegetation, and especially 
managed vegetation in the form of cover crops and field 
hedges. Theoretically, diversification of the crop ecosystem 
leads to an increase in natural enemies and to greater stability 
of the system. The complexity of interactions, however, 
makes it difficult to interpret conflicting results of experi- 
ments designed to test working hypotheses. The analysis of 
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TABLE 1: Social relationship attributes. 





Social object relationships types 


Attributes/properties 





Sibling object relation (SIBOR) 


Service object relationship (SVOR) 
Stranger object relation (STGOR) 

Guest object relationship (GSTOR) 
Parental object relationship (POR) 


Colocation object relationship (CLOR) 


Ownership object relationship (OOR) 


O,, has relationship with O,, — SIBOR, if objects’ ownership is defined as: == SameFamily 
O,, has relationship with O, — SVOR, if objects’ serviceStatus is defined as: == 


SameServiceComposition 


O,, has relationship with O,, > STGOR, if objects’ authentication is defined as: == 


Anonymous 


O,, has relationship with O,, + GSTOR, if objects’ ownership is defined as: !=SameFamily 


&& == GuestFriend 


O,, has relationship with O, — POR, if objects’ creation is defined as: == SameBatch || == 


SameProduction 


O,, has relationship with O,, > CLOR, if objects’ proximity is defined as: == Neighborhood 


|| location is defined as: == SameLocation 


O,, has relationship with O, > OOR, if objects’ proprietorship is defined as: == SameOwner 





Vertical association (Interobject relation) 
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Figure 3: Hierarchical social relationships of web objects. 


VO or subway security camera VO may establish STGOR. 
This may help reuse VOs in service scenarios where only 
for short duration a VO object is required. At CVO level, 
CVO2 forms two different relationships, which increases 
the level of connectivity of the CVO. CVO2 first shares a 
CLOR with CVO1 and CVO3, CVO4, and CVO5 together. 
Secondly, CVO2 is combined in a SIBOR with CVO3 and 
becomes in the same service family. Further, in the selected 
use case scenario described in Section 4, several other social 
interactions have also been elaborated. 


3.4. Social Web Objects Architecture. SIoT envisages a system 
where the social framework will bring smart devices and 
people to interact with each other. By incorporating web 
technologies like SOA based microservices, IoT services can 
be rendered on top of the social framework. The proposed 
social web objects architecture (as shown in Figure 4) has 
been decomposed into three levels: service level, object 


virtualization level, and aggregated object virtualization level. 
At the service level, to support social relationships within 
web objects, several microservices have been designed, which 
are discussed further in the following section. Moreover, 
the data management function in the proposed design helps 
each layer to interconnect with semantic databases. The 
SPARQL endpoints have been defined at the service and the 
object virtualization levels that expose interfaces to retrieve, 
store, and modify RDF graphs. Several interfaces allow the 
knowledge engineer, domain expert, and the developer to 
create service templates and VOs, as well as update the RWK 
model, user profile, and policies. 


3.4.1. Service Level Functional Components. The service level 
functions handle operations from the request inception to 
the execution of services. This level is supported by some 
core functions common to be used in each service life cycle. 
These include the management function to handle service 


within-field and interfield movement, the host selection 
behavior of phytophagous and entomophagous insects, 
multitrophic interactions among community members, and 
the dynamics of populations, all under the scope of 
agricultural entomology, are only a few of the many com- 
ponents of the knowledge base necessary to develop 
advanced IPM systems. 

The advent of the World Wide Web has had a major 
influence on accessibility to basic information on agricultural 
entomology. Most major agricultural research centers have 
developed Web pages that organize information and make it 
available to students worldwide. More importantly, the 
dynamic nature of the Web offers the opportunity to provide 
weather-driven modeling capabilities that greatly increase the 
scope and applicability of studies about the phenology and 
population dynamics of major pest organisms. Two sites that 
offer such capabilities are http://www.orst.edu/Dept/IPPC/ 
wea/ and_ http://www.ipm.ucdavis.edu/PHENOLOGY/ 
models.html. 

Entomologists in the late 1800s and early 1900s studied 
the biology of insect pests in great detail. Articles and 
monographs published during that period remain valuable 
sources of information. These early entomologists recognized 
that deep knowledge of the life history of an insect and its 
habits could provide insights useful for the control of 
agricultural and other pests. The advent of organosynthetic 
insecticides in the mid-1940s created the illusion that pest 
problems now could be solved forever. Many entomologists 
redirected their efforts to testing new chemicals and neglected 
basic insect biology studies. The failure of insecticides to 
eradicate pests and the environmental problems engendered 
by the misuse of these chemicals led to the advent of IPM. 
For IPM to succeed, entomologists have had to return to the 
basics and again refocus their efforts on the study of insect 
biology. Agricultural entomology has come full circle as new 
generations of entomologists endeavor to refine knowledge 
of the group of animals that remain humans’ most serious 
competitors. 
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mber is a fossilized resin ranging from several million to 

300 million years of age. This material is a gold mine for 
the entomologist because it contains a variety of insects 
preserved in pristine, three-dimensional condition. Fossils in 
amber provide evidence of lineages dating back millions of 
years (Table I). External features are preserved so well that 
taxonomists can make detailed comparisons with living taxa 
to follow evolutionary development of genera and even 
species. Amber has a melting point between 200 and 380°C, 
a hardness of 2 to 3 on the Mob’s scale, and a surface that is 
insoluble to organic solvents. Aside from providing direct 
evidence of an insect taxon at a particular time and place, 
amber insects give clues to past distributions and phylogeny, 
as well as indirect evidence of plants and vertebrates and the 
establishment of symbiotic associations, and clues for 
reconstructing ancient landscapes. 


TABLEI Significant Amber Deposits in the World 


Approximate age 





Deposit Location (million years) 
Baltic Northern Europe 40 
Burmese Burma (Myanmar) 100 
Canadian Alberta, Manitoba 70-80 
Chinese Fushun Province 40-53 
Dominican Dominican Republic 15-45 
Hat Creek British Columbia, Canada 50-55 
Lebanese Middle East 130-135 
Mexican Chiapas 22-26 
New Jersey Northeastern United States 65-95 
Siberian (Taimyr) Russian arctic 78-115 
Spanish Alava, Basque country 100-115 
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FIGURE 1 Origins of the honey bee lineage are provided by this primitive 
bee, which possesses characters of both modern Apis and extinct apids. Its 
presence in Baltic amber suggests a European origin of Apis, thus challenging 
the current view that honey bees originated in Asia. 


USE OF AMBER IN TRACING INSECT LINEAGES 


As a result of the excellent preservation of amber insects, 
specific genera (the majority, if not all, amber insects are 
extinct at the species level) can be recognized and compared 
with modern ones. In this way, lineages can be traced back 
tens of millions of years. An example is a small parasitic 
wasp of the genus Aphelopus (Hymenoptera: Dryinidae) 
trapped in Lebanese amber. This genus is still extant, and 
the fossil demonstrates a lineage that has survived for 130 to 
135 million years. 

The origin of genera can also be obtained from amber insects 
owing to their high degree of preservation. A recent example 
from Baltic amber, which contains a variety of bees, deals with 
the origin of the common honey bee. This fossil contains basic 
features characteristic of the genus Apis as we know it today, 
including pollen-collecting apparati on the hind legs and a 
barbed stinger (Fig. 1). This appears to be one of the most 
primitive Apis ever discovered, thus indicating a time (40 mya) 
and place (northern Europe) for the origin of the honey bee. 


PROVIDING INDIRECT EVIDENCE 
OF OTHER ORGANISMS 


There are size and habitat limitations to the types of organism 
that can be trapped in amber. For example, many plants would 
not normally leave flowers or leaves in the resin, and when they 
did, the remains would likely be difficult to identify. Vertebrates 
might leave hairs, feathers, or scales but these structures would 
also be difficult to identify. However, arthropods that are spe- 
cific to certain hosts (e.g., ticks and mammals) can provide 
clues to other organisms that existed at that time. This use of 
fossils relies heavily on the principle of behavioral fixity, which 
asserts that, at least at the generic level, the behavior of a fossil 
organism would have been similar to that of its present-day 
descendants. 





FIGURE 2 The unique morphological features (smooth, flattened body) of 
this fossil palm bug (Paleodoris lattini) in Dominican amber not only 
characterize it systematically but also provide clues to its lifestyle of living in 
confined spaces between the unopened fronds of pinnately leafed palms. 


Many insects form specific associations with plants. Such 
associations can often be deduced by the morphological features 
of the insect (functional morphology). One extremely flattened 
hemipteran in Dominican amber (Fig. 2) that was identified as 
a palm bug displayed characters similar to those of an existing 
species in the same subfamily. The extant species lives between 
the closed leaves of royal palms (Roystonea spp.) in Cuba. This 
fossil provided indirect evidence that pinnately leafed palms, 
quite likely an extinct species of Roystonea, existed in the origi- 
nal amber forest. Other plant-specific insects, such as fig wasps 
and palm bruchids, provide evidence of figs and palms in the 
original ecosystem. 

Insects that require a blood meal to complete their develop- 
ment can also be used as indirect evidence of a vertebrate group. 
Evidence of birds in the original Dominican amber forest is 
implied by the presence of a female Anopheles mosquito in 
amber because extant species of this subgenus normally attack 
birds. The presence of other vertebrate groups is implied by 
fleas (Siphonaptera), horseflies (Diptera: Tabanidae), biting 
midges (Diptera: Ceratopogonidae), and other bloodsucking 
arthropods such as ticks. 


PROVIDING INDIRECT EVIDENCE 
OF SPECIFIC HABITATS 


Amber insects can provide evidence of specific habitats. Diving 
beetles (Coleoptera: Dytiscidae), caddisflies (Trichoptera), and 
damsel flies (Odonata) all provide evidence of aquatic habitats. 
The Anopheles mosquito belongs to a group that normally 
oviposits in ground pools. Other insects can provide evidence 
of phytotelmata (standing water in plant parts), wood, moss, 
bark, and detritus. 


PALEOSYMBIOSIS 


Because of the sudden death of captured organisms in amber, 
symbiotic associations may be preserved in a manner unlikely 
to occur with other types of preservation. Also, the fine details 
of preservation may reveal morphological features characteristic 





FIGURE 3 Documentation of paleophoresis is provided by a pseudoscorpion 


grasping the tip of the abdomen of a platypodid beetle in Dominican amber. 
Similar rider—carrier associations occur today, suggesting that this behavior 
is mandatory for survival of the pseudoscorpion. 


of symbiotic associations. Cases of paleosymbiosis in amber 
include inquilinism, commensalism, mutualism, and parasitism. 

Paleoinquilinism involves two or more extinct organisms 
living in the same niche but neither benefiting nor harming 
each other. Numerous insects form inquilinistic associations 
under tree bark, and many pieces of amber contain flies and 
beetles common to this habitat. 

Phoresis (one organism transported on the body of another 
organism) is probably the most typical type of paleocom- 
mensalism in amber. This usually involves mites and pseu- 
doscorpions being carried by insects. The arachnid benefits 
by being conveyed to a new environment, where the food 
supply is likely to be better than the last one. The carrier 
generally is not harmed and only serves as a transporting 
agent. An example of this category in Dominican amber 
consists of pseudoscorpions being carried by platypodid 
beetles (Coleoptera: Platypodidae) (Fig. 3). The method of 
attachment of the pseudoscorpion to the beetle was the same 
then as it is today. In fact, these ancient records lead scientists 
to believe that such behavior is mandatory for the survival of 
the pseudoscorpions that live in beetle tunnels and require 
effective dispersal mechanisms for survival. 

In paleomutualism, both organisms benefit and neither is 
harmed. Amber bees carrying pollen provide evidence of 
insect—plant mutualism in which the bee obtains a food supply 
and the plant is pollinated. An example of insect—insect mutu- 
alism is demonstrated by a rare fossil riodinid butterfly larva 
in Dominican amber. Specialized morphological features of 
this Theope caterpillar indicative of a symbiotic association 
are balloon setae and vibratory papillae in the neck area, and 
tentacle nectary organ openings on the eighth abdominal 
tergite. Extant caterpillars in this genus have similar features 
and are associated with ants. The tentacle nectary organs pro- 
vide nourishment for the ants, whereas the vibratory papillae 
(which beat against the head capsule and make an audible 
sound) and balloon setae (which emit a chemical signal) are 
used to attract ants when the caterpillar is threatened by an 
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FIGURE 4 Paleoectoparasitism is shown by two thrombidid mites attached 
to the mouthparts of a long-legged fly (Diptera: Dolichopodidae) in Baltic 


amber. 


invertebrate predator or parasite. This fascinating association 
between butterfly larvae and ants was established at least 20 mya. 

Paleoparasitism is very difficult to verify in the fossil record. 
There are many records of amber insects (especially wasps and 
flies) whose descendants today are parasitic on a wide range of 
organisms, but to discover an actual host—parasitic association 
is quite rare. 

Paleoectoparasitism is the most obvious of all parasitic 
associations found in amber. The ectoparasite is often still 
attached to its host, and systematic studies can be conducted 
on both organisms. In amber, ectoparasites are usually parasitic 
mites, such as the larvae of Thrombididae attached to the 
mouthparts of a fly in Baltic amber (Fig. 4). These larval mites 
were feeding on the host’s hemolymph, and their mouthparts 
are still in place. After molting to the nymphal stage, the para- 
sites would leave the fly and become free-living predators. 
Large infestations could kill the host. These mites are not to be 
confused with phoretic ones, which are simply carried around 
by insects. 

Paleoendoparasitism is extremely difficult to verify because 
internal parasites are rarely preserved as fossils. However, some 
parasites attempt to leave their hosts when they encounter 
resin. Mermithid nematodes (Mermithidae: Nematoda) and 
hairworms (Nematomorpha) that have nearly completed 
their development and are almost ready to emerge from their 
host will often reveal their presence (Fig. 5). Under normal 
conditions, they would enter soil or water and initiate a free- 
living existence. 


BIOGEOGRAPHICAL STUDIES 


In many instances amber insects provide evidence of a more 
extensive distribution in the past for various insect genera and 
families as well as indicating a warmer climatic regime in many 
parts of the world. Perhaps the most spectacular examples of 
this phenomenon are insects discovered in amber sites located 
far from their descendants’ current habitat. Examples from 
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FIGURE 5 Paleoendoparasitism in amber is exemplified by a mermithid 
nematode (Nematoda: Mermithidae) emerging from the body of a 
planthopper (Homoptera: Fulgoroidea) in Baltic amber. Such records set 


minimum dates for the establishment of host—parasite associations. 


Dominican amber include Mastotermes termites (Isoptera: 
Mastotermitidae) and Leptomyrmex ants (Hymenoptera: 
Formicidae) that obviously were part of the insect fauna some 
millions of years ago in the Caribbean but occur nowhere in 
the New World today. Both genera are represented today by a 
single relict species in the North and East Australian Region. 

A North American example is the presence of the tropical 
arboreal ants of the genus 7echnomyrmex in Hat Creek amber 
in British Columbia, Canada, living 50 mya, hundreds of 
kilometers north of their present-day range. These tropical 
ants in Eocene Hat Creek amber provide evidence that the 
climate in that region of the world shifted from tropical to 
temperate. Other examples of past distributions involve the 
palm bug shown in Fig. 2, which has no present-day 
descendants in the Dominican Republic, with only a single 
living Cuban species in the subfamily. Similarly, there are no 
members of the genus Theope in the Dominican Republic or 
the Greater Antilles today, all living representatives being 
restricted to Mexico, and Central and South America. 
Further evidence of climatic shifts over time are clear with 
many of the Baltic amber insects, many of whose descendants 
occur in the Old World tropics today. The primitive honey 
bee shown in Fig. 1 evolved under subtropical conditions that 
characterized most of northern Europe in the Eocene. Thus, 
it is not surprising that most of the species and varieties of the 
genus Apis live only under tropical conditions today. 


RECONSTRUCTING ANCIENT LANDSCAPES 


Every amber fossil tells a story and is a piece of a jigsaw puzzle 
that can be used to reconstruct the natural environment at the 
time the amber was being produced. The challenges are to 
identify the inclusions, determine their biology and ecology 
by researching the habits of their extant descendants, and then 
make inferences regarding the original environment. There 
will always be gaps in the puzzle because there are many life- 


forms that are too large to become entrapped in amber or 
have a lifestyle that does not normally bring them into contact 
with the sticky resin. However, the habitat that existed in that 
ancient world can, in large part, be reconstructed by studying 
select insects that can be typified as phytophagous, soil-loving, 
bark inhabitants, or parasites, and identifying the associated 
predators, vertebrates, and special habitats. 
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A natomy is a subdiscipline of morphology concerned with 
naming and describing the structure of organisms based on 
gross observation, dissection, and microscopical examination. 
Morphology and anatomy are not synonyms. Morphology is 
concerned with the form and function of anatomical struc- 
ture; because anatomy is an expression of organic evolution, 
morphology seeks to investigate possible explanations for 
organic diversification observed in nature. Before 1940 insect 
morphology focused on naming and describing anatomical 
structure. The need for this activity has not diminished, as 
much about insect anatomy remains to be revealed, described, 
and understood. This article focuses on the anatomical struc- 
tures of the three major tagmata of the insect body: head, thorax, 
and abdomen, and on the external genitalia. A hypothetical 
ground plan for major structures is given, followed by themes 
in anatomical variation based on adaptation observed in the 
Insecta. 


CONTEXT OF ANATOMICAL STUDY 
Terms of Orientation and Conventions 


Terms to describe orientation are not intuitive for insects. Most 
orientation terms are derived from the study of the human 
body—a body that stands upright—and their application to 
insects causes confusion. Some standard terms used with insects 
include anterior (in front), posterior (behind), dorsal (above), 
ventral (below), medial (middle), and lateral (side). Anatomical 
description usually follows in the same order, hence, we begin 
our discussion with the head, move on to the thorax and then 
the abdomen, and finish with the genitalia. Description of the 
relative placement of anatomical features can be cumbersome, 
but they are critical elements in the study of anatomical struc- 
ture because relative position is one of the three basic tenets of 
homology, including size and shape, and embryology. 


Measures of Success 


The design of the insect body can be described as successful 
for many reasons: there are millions of species, they range in 
size over four orders of magnitude, their extensiveness of 
terrestrial and aquatic habitat exploitation (the diversity of 
resources), and once a successful form has been developed, 
there appears to be relatively little change over evolutionary 
time (Fig. 1). The basic insect design allows for adaptation to 
a variety of environmental requirements. The success of the 
design is rooted in the nature of the main material used for 
its construction. 


The Building Material 


When we look at an insect, it is the integument that we see. 
Structurally, the integument is a multiple-layered, composite 
organ that defines body shape, size, and color. The ultra- 
structure of the integument is composed of living cells and the 
secretory products of those cells. Each layer is of a different 
thickness and chemical composition, and each displays 
physical properties different from those of the surrounding 





FIGURE 1 Fossil insects are easily recognizable today, indicating an early 
establishment of a successful design. Left to right: Heplagenes (Late Jurassic 


150 mya, Liaoning, China); cricket (Eocene, 50 mya, Green River 
formation, Utah); fulgorid (Eocene, 50 mya, Green River formation, Utah). 
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layers. Perhaps more importantly, the integument also is the 
organ with the greatest diversity of structure and function. 

There are two common misconceptions about the integu- 
ment. First, some believe chitin is responsible for integument 
hardness. Actually, there is proportionally more chitin found 
in the soft and flexible membranous parts of the integument 
than in the hard, sclerotized plates. Integument hardness is 
attributed to an increased number of cross-linkages between 
protein chains contained in the integument layers. Second, 
some believe that the integument is rigid and that growth is 
incremental and limited to expansion during molting; yet 
some endopterygote insects are able to grow continuously 
between molts. 

The integument determines the shape of the insect body 
and its appendages. One of the most captivating features of 
insects is their seemingly infinite variation in body shapes— 
everything from a simple bag (Hymenoptera grub) to a mimic 
of orchid flowers (Mantidae). Similarly, appendage shape is 
exceedingly plastic. Terms such as “pectinate,” “flabbate,” and 
“filiform” are among more than 30 terms taxonomists have 
proposed to describe antennal shapes. Leg shapes are similarly 
highly variable and express functional modifications. Among 
these shapes are “cursorial,” “gressorial,” “raptorial,” “fosso- 
rial,” and “scansorial.” Again, these modifications of shape 
reflect the function of structure. Finally, wing shapes are highly 
variable among insects and are determined by body size and 
shape as well as by aerodynamic considerations. 


Tagmata 


Most people recognize the three tagmata—head, thorax, and 
abdomen—as characteristic of insects. The way they appear 
is rooted in a division of responsibilities. The head is for 
orientation, ingestion, and cognitive process; the thorax for 
locomotion; and the abdomen for digestion and reproduc- 
tion. But even casual observations reveal further divisions of 
these body regions. 


Segmentation of Tagmata 


Two types of segmentation are evident among arthropods, 
primary and secondary. Primary segmentation is characteristic 
of soft-bodied organisms such as larval holometabolans. The 
body wall in these organisms is punctuated by grooves or 
rings that surround the anterior and posterior margin of each 
somite. These rings represent intersegmental lines of the 
body wall and define the limits of each somite. Internally, the 
grooves coincide with the lines of attachment of the primary 
longitudinal muscles. From a functional standpoint, this 
intrasegmental, longitudinal musculature permits flexibility 
and enables the body to move from side to side. 

More complex plans of body organization exhibit struc- 
tural modifications. Secondary segmentation is characteristic 
of hard-bodied arthropods, including adult and nymphal 


insects. Secondary body segmentation is an evolutionarily 
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FIGURE 2 Secondary segmentation. Top: diagram of sagittal section of dorsal sclerites of thorax. Bottom: ventral view of abdominal sternites showing overlap 


due to secondary segmentation (Coleoptera: Scarabaeidae). 


derived anatomical feature. The musculature we see in 
secondary segmentation is intersegmental, or between 
segments (Fig. 2). The acquisition of secondary segmentation 
represents a major evolutionary step in the development of 
the Arthropoda. The soft-bodied arthropod has primary 
segmentation and muscles that are intrasegmental, or within 
each segment. Movement of the body and its parts is 
relatively simple because the body wall is flexible. However, 
when the body wall becomes hardened, flexibility is restricted 
to the articulation between hardened parts or the extension 
provided by intersegmental membranes. The arthropod is, in 
a metaphorical sense, clad in a suit of armor; most movement 
is possible only if soft and flexible membranes are positioned 
between inflexible (hardened) body parts. Exceptions may be 
seen in the indirect flight mechanism of pterygote insects. 

In all probability secondary segmentation evolved many 
times, and it probably continues to evolve in response to 
specific problems confronting insects today. Secondary 
segmentation is most evident and most readily appreciated in 
the insect abdomen. It is less apparent in the thorax and 
almost totally obscured in the head. 


Sclerites 


The hardening of the body wall contributes significantly to 
the external features observed in insects. Sclerites are 
hardened areas of the insect body wall that are consequences 
of the process of sclerotization. Sclerites, also called “plates,” 
are variable in size and shape. Sclerites do not define anatomi- 
cal areas and do not reflect a common plan of segmentation. 
Sclerites develop as de novo hardening of membranous areas 


of the body wall, as de novo separations from larger sclerotized 
areas of the body, and in other ways. 

The hardened insect body displays many superficial and 
internal features that are a consequence of hardening. 
Understanding the distinction between these conditions and 
the terms applied to them is critical in understanding insect 
anatomy and its application in taxonomic identification. 
These features are of three types. First, sutures (Latin, sutura 
= seam), in the traditional sense of vertebrate anatomists, 
provide seams that are produced by the union of adjacent 
sclerotized parts of the body wall. On the insect body, sutures 
appear as etchings on the surface of the body and form lines of 
contact between sclerites. Second, sulci (Latin, sulcus = furrow) 
represent any externally visible line formed by the inflection 
of cuticle. Biomechanically, a sulcus forms a strengthening 
ridge. In contrast, lines of weakness are cuticular features that 
are used at molting. Lines of weakness are frequently named 
as if they were sutures, but they should not be viewed as such. 
For instance, the ecdysial cleavage line is a line of weakness 
that is sometimes considered to be synonymous with the 
epicranial suture. The two features are similar in position and 
appearance, but structurally they may have been derived 
from different conditions. Finally, apodemes (Greek, apo = 
away; demas = body) are hardened cuticular inflections of the 
body wall that are usually marked externally by a groove or 
pit. Structures called apophyses (Greek, apo = away; phyein = 
to bring forth) are armlike apodemes. Apodemes have been 
defined as a hollow invagination or inflection of the cuticle 
and an apophysis as a solid invagination. Functionally, 
apodemes strengthen the body wall and serve as a surface for 
muscle attachment. 
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FIGURE 3 (A) Anterior view of the head of a grasshopper (Orthoptera: Acrididae). (B) Larval pterygote head showing epicranial and frontal sutures 
(Lepidoptera: Noctuidae). (C) Posterior aspect of the head (Orthoptera: Stenopelmatidae). 


Sclerites receive different names depending upon the region 
of the body they are located. Tergites (Latin, tergum = back) 
are sclerites that form a subdivision of the dorsal part of the 
body wall (tergum). Latrotergites are sclerites that form as a 
subdivision of the lateral portion of the tergum. Sternites 
(Latin, sternum = breast bone) are sclerites that form as a 
subdivision of the ventral part of the body wall (sternum), or 
any of the sclerotic components of the definitive sternum. 
Pleurites (Greek, pleura = side) are sclerites in the pleural 
region of the body wall that are derived from limb bases. 


HEAD 


The head is a controversial area for anatomical nomenclature, 
but it provides some of the best examples of evolutionary 
trends in anatomy. Most insect morphologists believe that 
the head of modern insects represents the fusion of several 
segments that were present in an ancestral condition. However, 
the number of segments included in the ground plan of the 


insect head has been a contentious issue among morphologists 
for more than a century. Any argument that attempts to explain 
head segmentation must take into account comparative 
anatomical, embryological, and paleontological evidence, and 
must examine modern forms of ancestral insects. 


Ground Plan of the Pterygote Head 


Given the difficulty in homologizing anatomical features of 
the head, we describe regions associated with landmarks of a 
ground plan or an idealized hypognathous insect head. In 
terms of modern insects, the Orthoptera probably come 
closest to displaying all the important landmark sutures and 
sclerites that form the head (Fig. 3A). 

The vertex (Latin, vertex = top; pl., vertices) is the apex or 
dorsal region of the head between the compound eyes for 
insects with a hypognathous or opisthognathous head. This 
definition does not apply to prognathous heads because the 
primary axis of the head has rotated 90° to become parallel 
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to the primary axis of the body. The vertex is the area in 
which ocelli are usually located. In some insects this region 
has become modified or assumes different names. 

The ecdysial suture (coronal suture + frontal suture, epicra- 
nial suture, ecdysial line, cleavage line) is variably developed 
among insects. The suture is longitudinal on the vertex and 
separates epicranial halves of the head (Fig. 3B). Depending 
on the insect, the ecdysial suture may be shaped like a Y, a U, 
ora V. The arms of the ecdysial suture that diverge anteroven- 
trally, called the frontal sutures (frontogenal sutures), are not 
present in all insects (Fig. 3B). Some of these complexes of 
sutures are used by insects to emerge from the old integu- 
ment during molting. 

The frons is that part of the head immediately ventrad of 
the vertex (Fig. 3A). The frons varies in size, and its borders 
are sometimes difficult to establish. In most insects the frons 
is limited ventrally by the frontoclypeal suture (epistomal 
suture), a transverse suture located below the antennal 
sockets. As its name implies, the suture separates the dorsal 
frons from the ventral clypeus (Fig. 3A). 

The face is a generalized term used to describe the antero- 
medial portion of the head bounded dorsally by the insertion 
of the antennae, laterally by the medial margins of the com- 
pound eyes, and ventrally by the frontoclypeal suture. In some 
insects the area termed the face is coincident with some, 
most, or all of the frons. 

The clypeus (Latin, shield) is a sclerite between the face 
and labrum (Fig. 3A). Dorsally, the clypeus is separated from 
the face or frons by the frontoclypeal suture in primitive 
insects. Laterally, the clypeogenal suture demarcates the 
clypeus. Ventrally, the clypeus is separated from the labrum 
by the clypeolabral suture (Fig. 3A). The clypeus is highly 
variable in size and shape. Among insects with sucking 
mouthparts the clypeus is large. 

The gena (Latin, cheek; pl., genae) forms the cheek or scle- 
rotized area on each side of the head below the compound eye 
and extending to the gular suture (Fig. 3). The size of the gena 
varies considerably, and its boundaries also often are difficult to 
establish. In Odonata the gena is the area between compound 
eye, clypeus, and mouthparts. The postgena (Latin, post = after; 
gena = cheek; pl., postgenae) is the portion of the head imme- 
diately posteriad of the gena of pterygote insects and forms the 
lateral and ventral parts of the occipital arch (sensu Snodgrass) 
(Fig. 3). The subgenual area is usually narrow, located above 
the gnathal appendages (mandible and maxillae), and includes 
the hypostoma (Figs. 3 and 4) and the pleurostoma. The pleu- 
rostoma is the sclerotized area between the anterior attachment 
of the mandible and the ventral portion of the compound eye. 
The hypostoma is posteriad of the pleurostoma between the 
posterior attachment of the mandible and the occipital 
foramen. The subgenal suture forms a lateral, submarginal 
groove or sulcus on the head, just above the bases of the 
gnathal appendages (Fig. 4). The subgenal suture is continuous 
anteriorly with the frontoclypeal suture in the generalized ptery- 
gote head. Internally, the subgenal suture forms a subgenal 
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“Principles of Insect Morphology,” 


ridge that presumably provides structural support for the head 
above the mandible and maxillae. In some instances, the sub- 
genal suture is descriptively divided in two. The part of the 
suture that borders the proximal attachment of the mandible to 
the head (Fig. 4) is called the pleurostomal suture (the ventral 
border of the pleurostoma). The posterior part of the subgenal 
suture from the mandible to the occipital foramen is called the 
hypostomal suture (the ventral border of the hypostoma). 


Head Size and Shape 
The size and shape of the head and its appendages reflect 


functional adaptations that can be used to explain biological 
details of the insect—the realm of morphology as opposed to 
anatomy. 


SIZE Upon casual observation, the size of any given 
insect’s head appears to be in proportion to the size of its 
body. A head that is disproportionately small or large relative 
to body size suggests that some adaptation has taken place 
that serves a functional need. Proportional head size varies 
considerably in the Insecta. Some fly families have very tiny 
heads in relation to their body size (e.g., Diptera: 
Acroceridae). Among Orthoptera, grass-feeding species 
typically have larger heads than herbaceous-feeding species. 
The large head is filled with powerful adductor muscles 
because grasses (monocots) are more difficult to chew than 
dicotyledonous plants. Furthermore, the postseedling stages 
of grasses are nutrient poor, meaning that more grass must be 
bitten, chopped, or ground to provide adequate nutrition. 


SHAPE Head shape varies considerably among insects. 
Many unusual shapes seem to be influenced by behavior and 
may be used to illustrate examples of structural form and 
function. The functional importance of head shape may be 
difficult to determine in preserved specimens. A few hours of 
observation with living insects can provide considerable 
insight into the importance of shape. Globular heads are seen 
in some insects, including the burrowing crickets (e.g., 


stenopelmatines and gryllids). This form of head is adapted 
for pushing soil. Hypercephalic heads are seen in the males of 
some Diptera (Sepsidae, Diopsidae, Drosophilidae, and 
Tephritoidea) 


Eurytomidae); the broad heads of the males are featured in 


and Hymenoptera (Pteromalidae and 


various aspects of courtship behaviors. 


Topographical Features of the Head 


Morphologists experience considerable difficulty in defining 
regions and determining homologies of structure on the insect 
head. We cannot unambiguously characterize topographical 
features of the insect head because more than a million species 
are involved in the definition, and they show incredible 
diversity in head anatomy. Shape alone is not adequate or 
suitable because there are many head shapes, and often a 
head shape can be derived independently in several unrelated 
lineages. Some head shapes are influenced by behavior. 


AXIAL POSITION The posture or orientation of the head 
in its resting position relative to the long axis of the body can 
be important in providing definitions of the anatomical fea- 
tures of the head. Axial position in insects typically falls into 
three basic categories: hypognathous, prognathous, and 
opisthognathous. 

In general zoological usage, the word “hypognathous” 
(Greek, Aypo = under; gnathos = jaw) serves to designate 
animals whose lower jaw is slightly longer than the upper jaw. 
In entomological usage, “hypognathous” refers to insects with 
the head vertically oriented and the mouth directed ventrad. 
Most insects with a hypognathous condition display an occip- 
ital foramen near the center of the posterior surface of the 
head. The hypognathous condition is considered by most insect 
morphologists to represent the primitive or generalized condi- 
tion. The hypognathous position is evident in most major 
groups of insects and can be seen in the grasshopper, house 
fly, and honey bee. Other conditions are probably derived from 
ancestors with a hypognathous head. 

In general zoological usage “prognathous” (Greek, pro = 
forward; gnathos = jaw) refers to animals with prominent or 
projecting jaws. In entomological usage, the prognathous con- 
dition is characterized by an occipital foramen near the vertexal 
margin with mandibles directed anteriad and positioned at the 
anterior margin of the head. When viewed in lateral aspect, the 
primary axis of the head is horizontal. Some predaceous insects, 
such as carabid beetles and earwigs, display the prognathous 
condition. In other insects, such as cucujid beetles and 
bethylid wasps, the prognathous position may reveal a solution 
to problems associated with living in concealed situations such 
as between bark and wood or similar confined habitats. 

In general zoological usage, “opisthognathous” (Greek, 
opisthos = behind; gnathos = jaw) refers to animals with 
retreating jaws. In entomological usage, the opisthognathous 
condition is characterized by posteroventral position of the 
mouthparts resulting from a deflection of the facial region. 
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The opisthognathous condition is displayed in many fluid- 
feeding Homoptera, including leafhoppers, whiteflies, and 
aphids. 


SUTURES OF THE HEAD Head sutures are sometimes 
used to delimit specific areas of the head, but there are 
problems. Establishing homology of sutures between families 
and orders is difficult. From a practical viewpoint, standards 
have not been developed for naming sutures among insect 
groups. Some names are based on the areas delimited (e.g., 
frontoclypeal suture); other sutures are named for the areas in 
which the suture is found (e.g., coronal suture). Sutures 
frequently have more than one name (e.g., frontoclypeal 
suture and epistomal suture are synonymous). 

The compound eye is an important landmark on the insect 
head. An ocular suture surrounds the compound eye and 
forms an inflection or an internal ridge of the integument 
(Figs. 3, 4). The ocular suture is not present in all insects and 
is difficult to see in some insects unless the head is chemically 
processed for microscopic examination. When present, the 
ocular suture probably provides strength and_ prevents 
deformation of the compound eye. 

A subocular suture extends from the lower margin of the 
compound eye toward the subgenal suture. In some species 
the subocular suture (Fig. 4). may extend to the subgenal 
suture; in other species it may terminate before reaching 
another landmark. This suture is straight and commonly 
found in the Hymenoptera, where it may provide additional 
strength for the head. 


POSTERIOR ASPECT OF THE HEAD The entire poste- 
rior surface of the head is termed the postcranium (Fig. 3). 
The surface may be flat, concave, or convex, depending on 
the group of insects. The occiput (Latin, back of head) of 
pterygote insects is the posterior portion of the head between 
the vertex and cervix (Latin, neck). The occiput is rarely present 
as a distinct sclerite or clearly demarcated by “benchmark” 
sutures. When present, the occiput signifies a primitive head 
segment. In some Diptera the occiput forms the entire 
posterior surface of the head. In other insects it forms a 
narrow, horseshoe-shaped sclerite. 

The occipital suture (hypostomal suture sensu MacGillivray) 
is well developed in orthopteroids, but it is not present in 
many other groups of pterygote insects (Fig. 3C). When pre- 
sent, the occipital suture forms an arched, horseshoe-shaped 
groove on the back of the head that ends ventrally, anterior to 
the posterior articulation of each mandible. Internally, the occip- 
ital suture develops into a ridge, providing strength for the head. 

The postoccipital suture is a landmark on the posterior 
surface of the head and is typically near the occipital foramen 
(Fig. 3C). The postoccipital suture forms a posterior 
submarginal groove of the head with posterior tentorial pits 
marking its lower ends on either side of the head. Some 
morphologists regard this suture as an intersegmental 
boundary (labium) between the first and second maxillae. 
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FIGURE 5 Occipital closures (diagrammatic): (A) hypostomal bridge, (B) postgenal bridge, (C) gula and (D) ventral view of gula of adult ground beetle 


(Coleoptera: Carabidae). 


Internally, the postoccipital suture forms the postoccipital 
ridge that serves as an attachment for the dorsal prothoracic 
and cervical muscles of the head. The absence of the post- 
occipital suture in pterygote insects is a derived condition. 

The postocciput of pterygotes forms the extreme posterior, 
often U-shaped sclerite that forms the rim of the head behind 
the postoccipital suture. The postocciput is interpreted as a 
sclerotic remnant of the labial somite in ancestral insects. 

In pterygotes such as Orthoptera the occipital foramen 
and the mouth are not separated. More highly evolved insects 
have developed sclerotized separations between the 
mouthparts and the occipital foramen. At least three types of 
closure have been identified (Fig. 5): the hypostomal bridge, 
the postgenal bridge, and the gula. An understanding of 
these structures provides insight into the operation of the 
head and suggests evolutionary trends in feeding strategies. 

The hypostomal bridge is usually developed in adult heads 
displaying a hypognathous axial orientation. The bridge is 
formed by medial extension and fusion of hypostomal lobes 
(hypostoma) (Fig. 5A). The hypostomal bridge is the ground 
plan condition of closure for the posterior aspect of the head, 
but it is not restricted to primitive insects. The hypostomal 
bridge is found in highly developed members of the 


Heteroptera, Diptera, and Hymenoptera. In Diptera the 
hypostomal bridge also has been called the pseudogula. 

The postgenal bridge is a derived condition from the 
hypostomal ground plan and is developed in adults of higher 
Diptera and aculeate Hymenoptera. The bridge is character- 
ized by medial extension and fusion of the postgenae, follow- 
ing a union of the hypostoma (Fig. 5B). The posterior tentorial 
pits retain their placement in the postoccipital suture. 

The gula (Latin, gullet; pl., gulae) is developed in some 
Coleoptera, Neuroptera, and Isoptera. Typically, the gula is 
developed in heads displaying a prognathous axial orientation 
and in which posterior tentorial pits are located anteriad of the 
occipital foramen. (Fig. 5C, D). The median sclerite (the gula) 
on the ventral part of a prognathous head apparently forms 
de novo in the membranous neck region between the lateral 
extensions of the postocciput. The gula is a derived condition 
that is found in some but not all prognathous heads. 


Endoskeletal Head Framework 


Although the hardened integument of the head forms a 
structurally rigid capsule, this design is insufficient to solve 
the problems associated with muscle attachment and 
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maintaining structural integrity during chewing. Thus, 
insects have evolved a tentorium (Latin, tent; pl., tentoria): a 
complex network of internal, hardened, cuticular struts that 
serve to reinforce the head. The tentorium forms as an 
invagination of four apodemal arms from the integument in 
most pterygote insects. The tentorium strengthens the head 
for chewing, provides attachment points for muscles, and 
also supports and protects the brain and foregut. 

Anatomically, the tentorium consists of anterior and 
posterior arms. In most insects, the anterior arms arise from 
facial inflections located just above the anterior articulations 
of the mandibles. Externally, the arms are marked by anterior 
tentorial pits positioned on the frontoclypeal or subgenal 
(pleurostomal) suture (Fig. 4). Internally, the anterior region 
may form a frontal plate. Posterior arms originate at the 
ventral ends of the postoccipital inflection. They are marked 
externally by posterior tentorial pits (Fig. 4). The posterior 
arms usually unite to form a transverse bridge or corpus 
tentorii (internally) across the back of the head. Dorsal arms 
(rami), found in many insects, arise from the anterior arms. 
They attach to the inner wall of the head near antennal 
sockets. The dorsal arms are apparently not an invagination 
of cuticle, because pits do not mark them externally. 


Mandible Articulation and Musculature 


The hypothetical ancestor of insects is thought to possess a 
mandible with one point of articulation. Later, insects 
acquired a second point of articulation. The basis of this 
assumption comes from a survey of the Hexapoda in that the 
modern Apterygota have a monocondylic mandible and the 
Pterygota have a dicondylic mandible. 

The term condyle (Greek, kondylos = knuckle) refers 
specifically to a knoblike process. For the mandible, the 
condyle is the point of articulation with the head. On the 
head itself is an acetabulum (Latin, acetabulum = vinegar 
cup), a concave surface or cavity for the reception and articu- 
lation of the condyle (Fig. 6). 

The dicondylic mandible is the derived condition and is 
found in the Lepismatidae and Pterygota. The dicondylic 
mandible has secondarily acquired an articulation point ante- 
rior to the first point in the monocondylic mandible. These 
attachments form a plane of attachment. In the monocondylic 
mandible there is no plane of attachment, and the mandibles 
move forward or rearward when the muscles contract. The 
two points of articulation create a plane of movement that 
restricts the direction of mandible movement. 


THORAX 


The thorax represents the second tagma of the insect body. 
The thorax evolved early in the phylogenetic history of 
insects. In most Paleozoic insects the thorax is well developed 
and differentiated from the head and abdomen, and the three 
distinct tagmata probably developed during the Devonian. 
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FIGURE 6 Mandible articulation. Top: lateral view; bottom: posterior view 
(Orthoptera: Stenoplematidae). 


In terms of insect phylogeny, the thorax of Apterygota is 
strikingly different in shape compared with the head or 
abdomen. Of modern apterygotes only the Collembola display 
taxa in which thoracic tagmatization and segmentation are 
not obvious. 

Apparently, the primary, functional role of the thorax has 
always been locomotion, since the primary modifications of 
the thorax have been for locomotion (first walking, and then 
flight). Modification for locomotion probably developed 
before other morphological adaptations, such as metamor- 
phosis. Diverse independent and interdependent mechanisms 
for locomotion have evolved throughout the Insecta, includ- 
ing walking, flight, and jumping. Active participation in flight 
by insects is unique among invertebrates. 


Anatomy of the Thorax 


The cervix is the connection between the head (occipital 
foramen) and the anteriormost part of the thorax 
(pronotum) (Fig. 2). Typically, the area between the head and 
pronotum is membranous. The ground plan for the insect 
cervix contains two cervical sclerites on each side of the head 
that articulate with an occipital condyle of the head and the 
prothoracic episternum. Musculature attached to these 
sclerites increases or decreases the angle between the sclerites, 
and creates limited mobility of the head. 

The thorax of modern insects consists of three segments 
termed the prothorax, mesothorax, and metathorax. The last 
two collectively are called the pterothorax (Greek, ptero = wing 
or feather) because extant insects bear wings on these segments 
only. The individual dorsal sclerites or terga of the thoracic 
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segments are also known as nota (Greek, notos = back; sing, 
notum). The nota of Apterygota and many immature insects 
are similar to the terga of the abdomen with typical secondary 
segmentation. The nota of each thoracic segment are serially 
distinguished as the pronotum, mesonotum, and metanotum. 

The size and shape of the prothorax are highly variable. The 
prothorax may be a large plate as in Orthoptera, Hemiptera, 
and Coleoptera, or reduced in size forming a narrow band 
between the head and mesothorax as in Hymenoptera. The 
prothorax is usually separated or free from the mesothorax. 
The sclerites are separated by a membrane that may be large 
and conspicuous in more primitive holometabolous insects 
such as Neuroptera and Coleoptera, or reduced in size in 
more highly evolved holometabolous insects such as Diptera 
and Hymenoptera. 

The pterothorax includes the thoracic segments immediately 
posteriad of the prothorax. In winged insects the relationship 
between thoracic segments involved in flight can be complicat- 
ed. In contrast, the thorax of larval insects and most wingless 
insects is relatively simple. The mesothorax and metathorax of 
these insects are separated by membrane. Adult winged insects 
show a mesothorax and metathorax that are consolidated (i.e., 
more or less united) to form a functional unit modified for 
flight. 

The development of the pterothoracic segments varies 
among winged insects. When both pairs of wings participate 
equally in flight, the two thoracic segments are about the same 
size. This condition is seen in Odonata, some Lepidoptera, and 
some Neuroptera. When one pair of wings is dominant in 
flight, the corresponding thoracic segment is commensurately 
larger and modified for flight, whereas the other thoracic 
segment is reduced in size. This condition is seen in Diptera 
and Hymenoptera, where the forewing is large and dominant 
in flight. The reverse condition is seen in the Coleoptera, 
where the hind wing is large and dominant in flight. 

In more closely related insect groups, such as families 
within an order, that are primitively wingless or in which wings 
have been secondarily lost in modern or extant species, many 
modifications to the thorax occur. Many wingless forms can be 
attributed to environmental factors that promote or maintain 
flightlessness. For instance, island-dwelling insects are 
commonly short winged (brachypterous), or wingless, 
whereas their continental relatives are winged, presumably 
because for island species, flight increases the likelihood of 
being carried aloft, moved out to sea, and subsequently lost 
to the reproductive effort of the population. The anatomical 
consequences of flightlessness can be predictable; in the 
Hymenoptera, short wings bring a disproportionate 
enlargement of the pronotum and reduction in size of the 
mesonotum and metanotum. 


Sutures and Sclerites of Wing-Bearing Segments 


The wing-bearing segments of the thorax are subdivided into 
a myriad of sclerites that are bounded by sutures and 
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FIGURE 7 Diagram of the pterygote pterothorax. 


membranous areas. These sutures and sclerites are the 
product of repeated modification of the thorax in response to 
various demands placed on the insect body by the 
environment. Similar modifications have occurred 
independently in many groups of insects; some modifications 
are unique. Generalizations are difficult to make, given the 
large number of sutures and sclerites, coupled with the 


number of insects that there are to consider. 


Dorsal Aspect 


The nota of the pterothorax are further subdivided into the 
prescutum, scutum, and scutellum; again, serially distinguished 
as mesoscutum and mesoscutellum, and metascutum and 
metascutellum (Fig. 7). Additionally, there are sclerites anterior 
and posterior to the notum, as discussed shortly. 

The prescutum is the anterior portion of the scutum, 
laterally bearing prealar bridges separated by the prescutal 
suture from the mesoscutum. The scutum is the largest dorsal 
sclerite of the notum and is bounded posteriorly by the 
scutoscutellar suture, which divides the notum into the 
scutum and scutellum. The scutellum is generally smaller 
than the scutum. In Heteroptera it is a small triangular 
sclerite between the bases of the hemelytra. In Coleoptera the 
scutellum is the small triangular sclerite between the bases of 
the elytra. In Diptera and Hymenoptera the scutellum is 
relatively large, forming a subhemispherical sclerite, sometimes 
projecting posteriad. The posteriormost sclerite of the notum 
is the postnotum, separated from the notum by secondary 
segmentation. In some insects there is a postscutellum 
(metanotal acrotergite) that forms the posteriormost thoracic 
sclerite of the metanotum, or the posteriormost sclerite of the 
thorax. In Diptera the postscutellum appears as a transverse 
bulge below the scutellum. 

The acrotergite and postnotum deserve further 
explanation. Again, the anteriormost sclerite is an acrotergite, 
the anterior precostal part of the notal plate. The postnotum 
is an intersegmental sclerite associated with the notum of the 
preceding segment. The postnotum bears the antecosta, a 
marginal ridge on the inner surface of the notal sclerite 


corresponding to the primary intersegmental fold. The 
postnotum also usually bears a pair of internal projecting 
phragmata. The antecostal suture divides the acrotergite from 
the antecosta, the internal ridge marking the original 
intersegmental boundary. Thus, when the antecosta and 
acrotergite are developed into larger plates and are associated 
with the notum anterior to them, they are referred to as a 
postnotum. The final structure associated with the dorsal 
aspect of the pterothorax is the alinotum (Greek, a/a = wing; 
notos = back; pl., alinota). The alinotum is the wing-bearing 
sclerite of the pterothorax. 


Wing Articulation 


The thoracic components necessary for wing movement 
include the prealar bridge, anterior notal wing process, and 
posterior notal wing process. The components of the wing 
itself that articulate with the thoracic components are the 
humeral and axillary sclerites; they form the part of the wing 
closest to the body and are not treated in this article. 

The prealar bridge is a heavily sclerotized and rigid 
supporting sclerite between the unsclerotized membrane of 
the pterothorax and the pleuron; it supports the notum 
above the thoracic pleura. The prealar bridge is comprosed of 
cuticular extensions from the anterior part of the prescutum 
and antecosta. The anterior notal wing process is the anterior 
lobe of the lateral margin of the alinotum supporting the first 
axillary sclerite (Fig. 7). The posterior notal wing process is 
a posterior lobe of the lateral margin of the alinotum that 
supports the third axillary sclerite of the wing base (Fig. 7). 


Lateral Aspect 


The pleuron (Greek = side; pl., pleura) is a general term 
associated with the lateral aspect of the thorax. Adults, 
nymphs, and active larvae all display extensive sclerotization 
of the pleural area. Sclerites forming this part of the body 
wall are derived from the precoxa, subscoxa, or supracoxal 
arch of the subcoxa. 


PLEURAL REGIONS OF THE THORAX 

Apterygota and Immature Plecoptera The anapleurite 
is the sclerotized area above the coxa (supracoxal area) (Fig. 8). 
The coxopleurite is a sclerotized plate situated between the coxa 
and the anapleurite (Fig. 8). It bears the dorsal coxal articu- 
lation, the anterior part of which becomes the definitive 
trochantin. The sternopleurite, or coxosternite, is the 
definitive sternal sclerite that includes the areas of the limb 
bases and is situated beneath the coxa (Fig. 8). 

Pterygota The basalare is a sclerite near the base of the 
wing and anterior to the pleural wing process (Fig. 9). The 
basalare serves as a place of insertion for the anterior pleural 
muscle of the wing. The subalare is posterior to the basalare 
and the pleural wing process (Fig. 9). It too serves as a place 
for insertion of the wing’s posterior pleural muscle. The tegula 
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FIGURE 8 Pleural aspect of the apterygote thorax: diagrammatic. 


is the anterior most independent sclerite associated with the 
wing base. The tegula is typically scalelike, articulates with 
the humeral sclerite, and protects the wing base from 
physical damage. The tegula is absent from Coleoptera and 
from the metathorax of most orders. The pleural wing 
process is located at the dorsal end of the pleural ridge and 
serves as a fulcrum for the movement of the wing (Fig. 9). 
The parapteron is a small sclerite, articulated on the dorsal 
extremity of the episternum just below the wings (Fig. 7). 

The pleural suture is an easily visible landmark on the 
pterothoracic pleura (Fig. 9). It extends from the base of the 
wing to the base of the coxa. The pleural ridge is formed inter- 
nally by the pleural suture and braces the pleuron above the leg. 
The episternum is a pleural sclerite anterior to the pleural suture 
and sometimes adjacent to the coxa (Fig. 9); the episternum is 
typically the largest lateral thoracic sclerite between the 
sternum and the notum. The epimeron is the posterior 
division of a thoracic pleuron adjacent to the coxa and 
posterior to the pleural suture (Fig. 9); it is typically smaller 
than the episternum and narrow or triangular. The episternum 
and the epimeron of many insects have become subdivided 
into several secondary sclerites bounded by sutures. The 
simplest condition shows the episternum divided into a dorsal 
anepisternum and a ventral katepisternum (Fig. 9). Similarly, 
the epimeron is divided into an anepimeron and katepimeron. 
The trochantin is a small sclerite at the base of the insect leg of 
some insects (Figs. 7, 9). Some workers theorize that the 
trochantin may have developed into the pleural wall. The 
trochantin is often fused to the episternum or absent. 

The precoxal bridge is anterior to the trochantin, usually 
continuous with the episternum, frequently united with the 
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FIGURE 9 Lateral aspect of the pterygote thorax (Orthoptera: Acrididae). 
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basisternum, but also occurs as a distinct sclerite (Fig. 9). The 
postcoxal bridge is the postcoxal part of the pleuron, often 
united with the sternum behind the coxa (Fig. 9). The 
sclerite extends behind the coxa and connects the epimeron 
with the furcasternum. The meron is a lateral, postarticular 
basal area of the coxa and is sometimes found disassociated 
from the coxa and incorporated into the pleuron. The meron 
is typically large and conspicuous in panorpid and 
neuropteran insects. In Diptera the meron forms a separate 
sclerite in the thoracic pleuron. 


Ventral Aspect 


The ground plan of the sternum (Greek, sternon = chest; pl., 
sterna) consists of four sclerites, including an intersternite 
(spinasternite), two laterosternites (coxosternites), and a 
mediosternite (Fig. 10). The mediosternite and the lateros- 
ternite meet and join, and the line of union is called the 
laterosternal sulcus (pleurosternal suture) (Fig. 10). 

Paired furcal pits are found in the laterosternal sulcus 
(Fig. 10). A transverse sternacostal sulcus bisects the ventral 
plate and thereby forms an anterior basisternite and posterior 
furcasternite (Fig. 10). The basisternite (basisternum) is the 
primary sclerite of the sternum (Fig. 10). It is positioned 
anterior to the sternal apophyses or sternacostal suture and 
laterally connected with the pleural region of the precoxal 
bridge. The furcasternite (furcasternum) is a distinct part of 
the sternum in some insects bearing the furca (Fig. 10). The 
spinasternum is a “spine-bearing” intersegmental sclerite of 
the thoracic venter, associated or united with the preceding 
sternum. The spinasternum may become part of the 
definitive prosternum or mesosternum, but not of the 
metasternum. The sternellum is the second sclerite of the 
ventral part of each thoracic segment, frequently divided into 
longitudinal parts that may be widely separated (Figs. 7, 10). 


ABDOMEN 


The abdomen is more conspicuously segmented than either 
the head or the thorax. Superficially, the abdomen is the least 
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FIGURE 10 Ventral aspect of the thorax (Orthoptera: Acrididae). 


specialized of the body tagma, but there are notable exceptions 
such as the scale insects. The abdomen characteristically lacks 
appendages except cerci, reproductive organs, and pregenital 
appendages in adult Apterygota and larval Pterygota. 


Ground Plan of the Abdomen 


The ground plan abdomen of an adult insect typically consists 
of 11 to 12 segments and is less strongly sclerotized than the 
head or thorax (Fig. 11). Each segment of the abdomen is rep- 
resented by a sclerotized tergum, sternum, and perhaps a pleu- 
rite. Terga are separated from each other and from the adjacent 
sterna or pleura by a membrane. Spiracles are located in the 
pleural area. Modification of this ground plan includes the 
fusion of terga or terga and sterna to form continuous dorsal or 
ventral shields or a conical tube. Some insects bear a sclerite in 
the pleural area called a laterotergite. Ventral sclerites are some- 
times called laterosternites. The spiracles are often situated in 
the definitive tergum, sternum, laterotergite, or laterosternite. 

During the embryonic stage of many insects and the 
postembryonic stage of primitive insects, 11 abdominal 
segments are present. In modern insects there is a tendency 
toward reduction in the number of the abdominal segments, 
but the primitive number of 11 is maintained during 
embryogenesis. Variation in abdominal segment number is 
considerable. If the Apterygota are considered to be 
indicative of the ground plan for pterygotes, confusion 
reigns: adult Protura have 12 segments, Collembola have six. 
The orthopteran family Acrididae has 11 segments, and a 
fossil specimen of Zoraptera has a 10-segmented abdomen. 

Anamorphosis is present among some primitive ancestral 
hexapods such as the Protura—they emerge from the egg 
with eight abdominal segments and a terminal telson. 
Subsequently, three segments are added between the telson 
and the last abdominal segment with each molt. In contrast, 
most insects undergo epimorphosis in which the definitive 
number of segments is present at eclosion. Given the extent 
of variation in abdominal segmentation, morphologists 
conventionally discuss the abdomen in terms of pregenital, 
genital, and postgenital segmentation. 


Abdominal Anatomy 


Typically, the abdominal terga show secondary segmentation 
with the posterior part of a segment overlapping the anterior 
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FIGURE 11 Insect abdomen (Orthoptera: Acrididae). 


part of the segment behind it (Fig. 11). Such overlap prevents 
damage or injury to the animal while it moves through the 
environment, particularly in confined spaces. 

The pregenital segments in male insects are numbered 1 
through 8; the pregenital segments in female insects are 
numbered 1 through 7 (Fig. 11). Among the Apterygota, 
male genitalia in Collembola are positioned between 
segments 5 and 6 and in Protura between segments 11 and 
the paraproct. Genital segments of Pterygota include 
segment 9 in males and segments 8 and 9 in females. 
Postgenital segments of pterygote insects are 10 and 11 in 
females and 9 and 10 in males. 

In general there is little modification of the pregenital 
sclerites. A notable exception is found in the Odonata. Male 
Odonata do not have an intromittent organ on segment 9. 
Instead, the male moves the abdominal apex forward and 
deposits sperm in a reservoir along the anterior margin of the 
third abdominal sternum. Other modifications of the 
pregenital sclerites are not related to sexual behavior. Some of 
these modifications are glandular. 

Modification of the genital sclerites from the ground plan 
is frequently observed among insects. Adult Pterygota are 
characterized by a well-developed reproductive system, 
including organs of copulation and oviposition. This duality 
of function has resulted in considerable differentiation of 
associated segments and contributed to difference of opinion 
regarding homology of genitalic parts. Among pterygote 
insects the male genitalia are generally positioned on segment 
9. The ninth sternum is called a hypandrium (Greek, /ypo = 
beneath; aver = male; Latin, -ivwm = diminutive) in many 
insects, including Psocoptera. In Ephemeroptera, the tenth 
sternum is called a hypandrium. Fusion of segments 9 and 10 
in Psocoptera results in a structure called the clunium (Latin, 
clunais = buttock). 

The gonopore (Greek, gone = seed; poros = channel) of the 
female reproductive system serves as the aperture through 
which the egg passes during oviposition. The gonopore 
usually is located on segment 8 or 9. Enlargement of sternum 
8 in some female insects is called a subgenital plate. 

Modification of postgenital sclerites is frequently observed 
and seems to be a functional response to adaptations associated 
with copulation and oviposition. Some modifications include 
fusion of the tergum, pleuron, and sternum to form a 
continuous sclerotized ring. The phenomenon is notable in 
apterygota and pterygote insects. 

The eleventh abdominal segment forms the last true 
somite of the insect body. Frequently, this segment is found in 
embryonic stages of primitive insects even when it cannot be 
observed in postemergent stages. When the eleventh segment 
is present, it forms a conical endpiece that bears an anus at the 
apex, flanked laterally by cerci (Greek, kerkos = tail) (Fig. 12). 
The dorsal surface of the eleventh segment is called an epiproct 
(Greek, epi = upon; proktos = anus); the ventrolateral surface 
is called a paraproct (Greek, para = beside; proktos = anus) 
(Fig. 12). A longitudinal, medial, membranous area connects 
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FIGURE 12 Abdominal segmentation: diagrammatic. 


the paraprocts ventrally. Primitive groups of extant insects such 
as Thysanura and Ephemeroptera, and some fossil groups such 
as Paleodictyoptera, display a conspicuous, long, median 
filament that apparently projects from the apex of the 
epiproct. This is called the appendix dorsalis or caudal style. 
The appendage appears annulated and similar in shape to the 
lateral cerci, but the function of the appendix is unknown. 
The twelfth abdominal segment is called the periproct in 
Crustacea, and it forms a telson in some embryonic insects. 
The periproct appears in adult Protura and naiadal Odonata. 


Abdominal Appendages 


Presumably, the hypothetical ancestor of the Insecta was a 
myriapod with one pair of appendages for each body 
segment. Among contemporary insects the head appendages 
are represented by the antennae, mandibles, and the first and 
second maxillae. Thorax appendages are represented by legs, 
whereas the wings are considered to be secondary in origin. 
In most Apterygota, paired abdominal appendages are 
apparent. In most true insects embryological appendages are 
formed and lost before eclosion. The appendages found in 
embryos apparently represent ancestral conditions that are 
not expressed in postembryonic stages of modern insects. In 
modern insects, most pairs of appendages have been lost, and 
the irregular distribution of the remaining appendages makes 
a summary evaluation difficult. Abdominal appendages do 
not resemble the structure of thoracic legs of any insect. 

Appendages are common among some entognathous 
hexapods, and some ancestral forms display unique 
abdominal appendages. Collembola are highly specialized 
entognathous Hexapoda. The abdomen of Collembola bear 
saltatorial appendages, which gives the group its common 
name of springtail, and a ventral tube, the collophore, which 
is the basis of the ordinal name. 

The collophore (Greek, kolla = glue; pherein = to bear) is 
found on the first abdominal segment of Collembola. The 
collophore forms a ventromedial tube that is eversible with 
hydrostatic pressure and is drawn inward with retractor 
muscles. Some morphologists believe the collophore 
represents the fusion of paired, lateral appendages of an 
ancestor. An early explanation of the collophore function 
noted it was an organ of adhesion. The collophore also is used 
as a grooming organ in some Collembola. The collophore is 
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connected to secretory glands in the head, and the median 
longitudinal channel on the venter of the thorax extends 
from the head to the base of the collophore. 


OTHER APPENDAGES | Protura maintain short, cylindrical 
appendages on each of the first three abdominal segments. 
Each of these arises from membranous areas between the 
posterolateral angles of the terga and sterna. The position 
suggests a pleural origin. 


APPENDAGES OF PTERYGOTA The aquatic neuropteran 
larva Sialis has long, tapering, six-segmented appendages on 
each of the first seven body segments. These appendages 
articulate to pleural coxopodites. Similar appendages are 
found on the abdomen of some aquatic coleopteran larvae. 

The tenth abdominal segment is present in most larval and 
adult Holometabola. As noted earlier, it is sometimes fused 
with segment 11. Segment 10 displays paired appendicular 
processes called pygopodia in Trichoptera, Coleoptera, and 
Lepidoptera. Pygopods form terminal eversible appendages in 
some beetle larvae. Pygopodia are bilaterally symmetrical, with 
eight podia, or feet, per side. Control of the podia is apparent 
because they are not always everted or inverted. Podia are 
withdrawn into the segment and have a common or median 
stalk. Each podium has several rows of equally spaced acanthae 
that apparently serve as holdfasts. Functionally, the acanthae 
enable the larvae to attach to and move on different substrates. 
When the larva walks on a flat substrate, the pygopodia are 
retracted into the body. When the larva walks on the edge of 
a leaf, the pygopodia are everted and used as holdfasts. 

The larval prolegs of terrestrial Lepidoptera and 
Symphyta are not well developed, but they are adapted to 
grasping substrates. These structures are considered to be 
serially homologous with legs, but they also are referred to by 
some as adaptive structures with no relation to legs. 

The adult pterygote abdomen has appendages that are not 
generally observed. These appendages are grouped for discus- 
sion based on the segments of the abdomen on which they 
are found. 

Pregenital appendages are rare among insects. Adult white- 
flies have a curious structure on sternum 8 that propels honey- 
dew away from the body. Genitalia are segmental appendages 
and are treated in the next section. Postgenital appendages 
include cerci (Latin, circle), which are thought to represent 
primitive appendages because they are found in the Apterygota 
(except Protura) and many Pterygota. Cerci originate on 
abdominal segment 11 in a membranous area between the 
epiproct and the paraproct (Fig. 12). In insects that have lost 
segment 11, the cerci appear to originate on segment 10. 
Cerci occur in all orders among the Hemimetabola except for 
hemipteroids; among the Holometabola, they are found only 
in the Mecoptera and Symphyta. 

Cerci are highly variable in size and shape and function. 
They are longer than the body in Thysanura, and in some 
Orthoptera cerci may be indistinct. Cerci resemble forceps in 


Japygidae and are annulated in Dictyoptera. In Dictyoptera 
they detect air currents, are sensitive to sound, and may be 
chemoreceptive. Some Ephemeroptera use cerci to propel 
themselves through water. Japygidae and Dermaptera 
probably use cerci to subdue prey. In some groups such as 
Embioptera and Orthoptera, cerci are sexually dimorphic 
and may serve a role in copulation. 

There are some features on the insect body that appear as 
appendages but are not. Urogomphi (Greek, oura = tail; 
gomphos = nail; sing., urogomphus) are fixed or mobile 
cuticular processes on the apical abdominal segment of some 
coleopteran larvae. They may or may not be homologous 
with cerci, or other true appendages. 


GENITALIA 


The examination of the reproductive anatomy of different 
insect orders helps to develop an appreciation for the 
evolutionary trends in the formation of the external genitalia. 
The male genitalia are derived from the ninth abdominal 
segment. The female genitalia are derived from the eighth and 
ninth abdominal segments. In the female, the aperture through 
which the egg passes is called a gonopore. The gonopore serves 
as a boundary between the external and internal genitalia and 
is usually independent of the anus. Exceptions include some 
flies, such as the Tephritidae, where a common lumen termed 
a cloaca serves for excretion, copulation, and oviposition. 
There is usually a single, medially located gonopore. The 
Dermaptera and Ephemeroptera are ancient groups of 
hemimetabolous insects. Both orders display a condition in 
which the lateral oviducts do not combine to form a median 
oviduct. Instead, the lateral oviducts independently connect 
with paired gonopores on the conjuctival membrane along 
the posterior margin of the seventh abdominal segment. 
Many female insects with a genitalic opening on the 
posterior margin of the eighth abdominal segment display an 
appendicular ovipositor (Fig. 13). The ovipositor is a 
develops 
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placement of eggs. It is commonly assumed that insects that 
do not show an ovipositor have ancestors that had an 
ovipositor. Thus, the structure has been lost during the 
course of evolutionary adaptation to a particular lifestyle. 
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FIGURE 13 Appendicular ovipositor (Orthoptera: Tettigoniidae). 


Female insects with a genitalic opening on the posterior 
margin of the ninth abdominal segment typically display a 
rudimentary or suppressed appendicular ovipositor. These 
insects lack special provisions for egg placement, but 
sometimes they reveal other abdominal modifications 
intended to facilitate oviposition. 


Female Genitalia 


Morphologists often use the Thysanura as a starting point for 
developing a generalized model to explain the evolution of 
the external reproductive system of pterygote insects. The 
thysanuran abdomen has basal sclerotized plates called 
coxopodites on which styli are attached. These plates are 
serially homologous along the abdomen, and the pregenital 
plates are regarded as identical with the genital plates. The 
plates located on segments 8 and 9 are considered to be 
genital plates. The styli associated with these segments are 
called gonapophyses. There are four gonapophyses on 
segments 8 and 9 (i.e., a pair of styli on each segment). The 
gonapophyses are medially concave and directed rearward. 
The basal sclerite is called a gonocoxa, and in some 
Thysanura it may be fused with the style. 

The primitive pterygote with a gonopore on segment 8 has 
an appendicular ovipositor that consists of three components. 
A basal apparatus corresponds to the basal plate or primitive 
gonocoxite of the thysanuran abdominal appendage. The 
second part is the first valvifers (on the eighth sternum), and 
second valvifers (on the ninth sternum) are responsible for 
providing support and points of articulation for the tube 
through which the egg passes (Fig. 14). Interpolated between 
the first and second valvifers is a small sclerite called a 
gonangulum, which articulates with the second gonocoxite 
and tergum 9. The gonangulum is present in Odonata and 
Grylloblatoidea. It apparently is fused with the first valvifer 
in Dictyoptera and Orthoptera. In the remaining orders 
these structures are highly variable. 

The shaft of the ovipositor consists of two pairs of 
elongate, closely appressed sclerites called the first and second 
valvulae (Fig. 14). The first pair of valvulae is positioned on 
the eighth abdominal sternum. The second pair of valvulae is 
located on the ninth abdominal sternum and is dorsal in 
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FIGURE 14 Female genitalia (diagrammatic), based on orthopteran female. 
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position. Third valvulae are positioned on the posterior end 
of the second valvifers. These valvulae usually serve as a 
sheath for the shaft of the ovipositor (Figs. 13, 14). 


Male Genitalia 


The primary function of the male genitalia in insects is 
insemination of the female. Methods of achieving 
insemination that involve special functions of the external 
genitalia include clasping and holding the female, retaining 
the connection with the female gonopore, the construction 
of spermatophores, and the deposition of spermatophores or 
semen into the female genital tract; in some insects the 
injection of semen takes place directly into the female body 
(traumatic insemination of some Hemiptera). Other 
functions of the male genitalia include excretion and various 
sensory functions. 

The genitalia of male insects exhibit such an enormous 
variety of shapes and constituent parts, often further 
complicated by structural rotation or inversion of all or some 
of the parts, that determination of a ground plan is virtually 
impossible. Examination of ancient orders shows highly 
variable and specialized conditions. In general, the coxites of 
the eighth segment in most apterygotes are reduced and 
without gonapophyses, and they are absent altogether in the 
Pterygota. Thus, the male external genitalia are derived from 
the ninth abdominal coxites. 

Again, the Thysanura have genitalia that closely resemble 
that of the pterygote orders: a median intromittent organ or 
phallus, and paired lateral accessories (the periphallus of 
Snodgrass). The phallus is a conical, tubular structure of 
variable complexity (Fig. 15). Primitive insects may not 
display differentiated parts, and the entire structure may be 
long, sclerotized, and tapering apicad. In a ground plan 
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FIGURE 15 Male genitalia (diagrammatic). 
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condition for pterygote insects, there is a sclerotized basal 
portion termed the phallobase and a distal sclerotized portion 
called the aedeagus (Fig. 15). The phallobase in insects is 
characterized by highly variable development: sometimes 
sclerotized and supporting the aedeagus, sometimes forming 
a sheath for the aedeagus. The phallobase often contains an 
apodeme, which may provide support or a point for muscle 
attachment. The phallobase and aedeagus are joined by a 
membranous phallotheca (Fig. 15). The external walls of the 
phallobase and aedeagus are called the ectophallus (Fig. 15). 
The gonopore is positioned at the apex of the ejaculatory 
duct and is concealed within the phallobase. The gonopore is 
connected to the apex of the aedeagus via a membranous 
tube called the endophallus (Fig. 15). In some insects the 
endophallus may be everted through the aedeagus. The 
circular aperture at the apex of the aedeagus is called the 
phallotreme (Fig. 15). In some insects the endophallus and 
the gonopore may be everted through the phallotreme and 
into the female’s bursa copulatrix. Genital lobes referred to as 
phallomeres form at the sides of the gonopore in the 
ontogeny of some insects. Usually the phallomeres unite to 


form the phallus. 
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AC are segmented appendages that function primar- 
ily as chemosensory and mechanosensory structures. An 
insect typically has a single pair of antennae located on its 
head. Antennae in juvenile insects are often very different in 
morphology from antennae in adult insects, typically being 
larger or more elaborate in the adult stage. Adult antennae 
may be sexually dimorphic, appearing very different in the 
males and females. Antennae are absent in the wingless 
insects belonging to the order Protura and may be extremely 
reduced in size in some holometabolous larvae. 


STRUCTURE 


The overall shape of most insect antennae is elongate and 
cylindrical (Fig. 1, top), although elaborations into plumose, 
lamellate, or pectinate forms have arisen many times in 
different insect lineages (Fig. 1, bottom). An elongate, 
cylindrical morphology, probably the ancestral condition for 
insect antennae, is found in fossil insects and many other 
arthropods. There are three parts to an insect antenna: the 
scape, the pedicel, and the flagellum. The scape is the first 
segment (most proximal) of the antenna, and it is attached to 
the head by a rim of flexible, intersegmental cuticle. Thus, 
the scape (and the rest of the antenna) can move with respect 
to the head. All the antennal segments are similarly joined to 
each other by thin, flexible cuticle. 

The movements of an antenna are controlled in part by 
one or two pairs of muscles that attach inside the head (such 
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FIGURE 1 Insect antennae exhibit a variety of shapes including elongate 
morphologies (top) and those with lateral elaborations (bottom). [After 
Romoser, W. S., and Stoffolano, J. G., Jr. (1998). “The Science of 
Entomology,” WCB/McGraw-Hill, Boston, and Loudon, C., et al. (1994). 
J. Exp. Biol. 193, 233-254, published by McGraw-Hill, with permission of 
the McGraw-Hill Companies.] 


as on the tentorium) with the other end attached inside the 
scape. An additional pair of muscles runs from the scape to 
the next segment of the antenna, the pedicel. The combined 
action of these two sets of muscles is capable of moving an 
antenna in almost any direction. The final (most distal) 
segment of the antenna, the flagellum, is the most variable in 
morphology among insects. The only insects that have 
intrinsic muscles in the flagellum (joining adjacent segments) 
are members of the wingless orders Collembola and Diplura. 
In all other insects (the majority), there are no muscles in the 
flagellum. Many specialists prefer “annulus” or “subsegment” 
to “segment” for an individual part of a flagellum in this latter 
group of insects, because “segment” is reserved for parts with 
their own musculature. Movements of an annulated flagellum 
without intrinsic musculature may still occur, such as the 
spreading and closing of the lamellae or lateral extensions in 
an antenna (Fig. 1, bottom), but these movements are driven 
by changes in the pressure of the hemolymph (blood) inside 
the antenna and thus are hydraulic rather than muscular. 

In most insects, circulation of hemolymph through an 
antenna is facilitated by muscular pumping by an accessory 
heart located in the head near the base of the antenna. This 
antennal heart pumps the hemolymph into a blood vessel that 
discharges the hemolymph at the distal end of the antenna. 
The return flow of the hemolymph back to the head (and the 
general open circulatory system of the insect) is not inside a 
blood vessel. The lumen of an antenna also contains tracheae 
and nerves, which branch into any lateral extensions of the 
flagellum. Sensory neurons that send action potentials in 
response to chemical or physical stimuli sensed by the anten- 
nae terminate in the deutocerebrum of the brain. The deuto- 
cerebrum is also the site of origin for the motor neurons that 
stimulate the muscles associated with the antennae. 


GROWTH AND DEVELOPMENT 


Antennal growth and development in holometabolous 
insects (those that undergo complete metamorphosis) differs 
greatly from that in other insects. In holometabolous insects, 
adult antennae form from imaginal disks, which are clumps 
of undifferentiated cells that will develop into adult structures. 
The antennal imaginal disks may appear in the embryonic (fly) 
or late larval (moth) stage of the immature insect. Properties 
of the antennal imaginal disks determine to a large extent the 
chemical stimuli to which an adult will respond, as is seen 
from experiments in which antennal imaginal disks were cross- 
transplanted between larvae, which were then reared to adult- 
hood and assayed. 

In hemimetabolous and apterygote (wingless) insects, the 
nymphs are very similar in overall form and habit to the 
adults, and their antennae resemble smaller, shorter versions 
of the adult antennae. As with all external structures that are 
replaced at each molt, a new antenna is formed inside the old 
antenna. The primary morphological change that occurs at 
each molt is that the flagellum lengthens with the addition of 
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more segments or annuli, either at the distal end (orders 
Collembola and Diplura), the proximal end (most other 
insects), or along the length of the flagellum (some members 
of the orders Orthoptera and Odonata). 

Antennae are serially homologous to mouthparts and legs, 
reflecting the ancestral condition of a single pair of 
appendages per body segment shared by arthropods and 
related groups. Common developmental features between 
legs and antennae can be seen, for example, in the action of 
the homeotic gene called Antennapedia, which results in the 
substitution of leglike appendages for antennae on the head 
when expressed ectopically in mutant Drosophila. Leglike 
appendages appearing in the antennal location in adult 
insects have also been observed after regeneration of 
antennae following injury during the larval stage (Fig. 2). 


FUNCTION 


The primary function of antennae is the assessment of the 
chemical and physical characteristics of the environment. 
Detection is made with innervated chemosensory and 
mechanosensory organs that are arrayed on the antennae. A 
single antenna usually has sensory organs of several types, with 
different properties. Most of the chemosensory organs are 
located on the flagellum and often take the form of micro- 
scopic chemosensory hairs (sensilla) each only 1 or 2 Um in 
diameter. Some antennae, such as the feathery pectinate 
antennae of silkworms (Bombyx mori), have tens of thousands 
of sensilla, which are capable of very thoroughly sampling the 
air that passes in the small spaces between them. A cockroach 
antenna may have hundreds of thousands of sensilla. The 
chemicals that may be detected by chemoreceptors on the 





FIGURE 2 Left: head of an adult Indian stick insect (Carausius morosus) with 
a normal antenna on the left and a regenerated antenna with leglike mor- 
phology on the right. Right: head of adult C. morosus with two regenerated 
antennae with leglike morphology. [After Fig. 78 in Wigglesworth, V. B. 
(1971). “The Principles of Insect Physiology.” Chapman & Hall, London, 
with the kind permission of Kluwer Academic Publishers.] 
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antennae are usually biological in origin and airborne 
(volatiles), although (depending on the insect species) the 
sampled chemical compounds are sometimes in a liquid or 
associated with a solid surface. The chemicals intercepted by 
antennae may alert the insect to the presence of prospective 
mates, food, suitable places to lay eggs, or predators. 

The physical stimuli detected by mechanoreceptors on the 
antennae may be used by the insect to indicate air speed 
during flight, to detect vibrations of the air, or to detect solid 
boundaries in its environment by touch. While a single 
mechanosensory hair will send information to the brain 
about the local physical conditions existing at its microscopic 
location, an antenna also has mechanosensory organs that 
evaluate the physical forces acting on the antenna as a whole. 
These mechanosensory organs, located near the base of the 
antenna, include Johnston’s organ, Bohm bristles, hair plates 
(groups of mechanosensory hairs), and campaniform sensilla 
(thin flexible patches of cuticle that are innervated). 
Johnston’s organ is located in the pedicel and responds to 
changes of location or vibrations of the whole antenna. In 
contrast, the Béhm bristles, located near the scape—pedicel 
boundary, send information to the brain about the antennal 
position, rather than its movements. The variety of 
mechanosensory organs associated with the first two 
segments of the antennae are believed to act together to 
inform a flying insect about its air speed, because greater 





FIGURE 3 A worker ant (Formica polyctena) cleans one of its antennae by 
dragging it across the specialized comb of right foreleg. (Reprinted by per- 
mission of the publisher from THE INSECT SOCIETIES by Edward O. 
Wilson, Cambridge, MA.: The Belknap Press of Harvard University Press, 
Copyright 1971 by the President and Fellows of Harvard College. Original 
drawing by Turid Hélldobler.) 


flying speed will cause greater deflection of the antennae by 
the air rushing past. Contact chemosensory hairs, so called 
because the chemical compounds are usually detected when 
the insect is touching a liquid or solid surface with the 
antennae, often have mechanosensory capabilities as well and 
are usually located near the distal ends of antennae. 

The function of the antennal sensory organs will be 
affected by their arrangement on the antennae. For example, 
sensory organs on the distal tip of a very long antenna will 
permit chemical or physical sampling of the environment far 
from the body of the insect. Close packing of sensory hairs 
will decrease the airflow in their vicinity, and hence will modify 
both the chemical and physical sampling of the environment 
by those hairs. The function of the antennae will also be 
dependent on the behaviors of the insect that will affect the 
airflow around the antennae, such as flying, wing fanning, 
postural changes, or oscillating the antennae. A structure 
projecting into the environment is liable to collect debris that 
might interfere with its sensory function; both antennal 
grooming behaviors and modifications of leg parts against 
which an antenna is scraped are common in insects (Fig. 3). 
In some insects, antennae are modified for nonsensory func- 
tions such as clasping mates during copulation (fleas and 
collembolans), holding prey items (beetle larvae), or forming 
a temporary physical connection between an underwater air 
reservoir and the atmosphere (aquatic beetles). 


See Also the Following Articles 
Chemoreception ¢ Imaginal Discs e Mechanoreception e 
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requests and initiate service provisioning processes, the 
service discovery function to select the available services, the 
composition engine to enable service mashups, and the Real- 
World Knowledge (RWK) and situation management func- 
tion to acquire RWK and continuously maintain it. Besides 
these core functions, several microservices have been used 
to provide the plug-and-play feature in the proposed design; 
that is, in case of service failure, it is replaced with another 
one. These services include the Request Evaluator microser- 
vice which interprets a service request and matches a request 
query to the service template. The registration microservice 
registers newly added service objects to the registry. When 
a new template is instantiated, objects are put in service, 
and to know the existence of available service instances, they 
are recorded in the service registry. The lookup microservice 
is defined to search for the required service objects using 
the semantic representation. The representations available 
in RDF/OWL format are queried from the registry based 
on the request parameters. Service life cycle management 
keeps track of the states of service objects during their life 
cycle, whereas RWK management microservice is a semantic 
data processing service which processes facts about user 
preferences, profile, and situational information. 

To realize service provisioning, it is always not possible to 
satisfy the service requirement with a single service function. 
Service composition and harmonization features are required 
to fulfill a demanding service request. Service composition is 
not a single operation; many microservices are used to com- 
pose the individual features. One of the major components 
of the composition is the Workflow Management (WFM) 
microservice which is responsible for decomposing the ser- 
vice requirement if no single service is available to satisfy 
the task. WFM microservice identifies the service objects 
using input and output interfaces. In this concern, it uses 
the matchmaking microservice to identify the approximate 
matches that can serve the required service functionality. 
Here, service objects are semantically represented in the form 
of ontologies. The semantic ontology alignment algorithm is 
used to match the service up to a certain threshold level that is 
defined by the matchmaking microservice. The reuse tracker 
microservice is used to identify the current service instance 
usage by the application; it incorporates a coordination 
mechanism before instantiating any new instance, and this 
helps in service reuse by many clients. Binding microservice 
enables tying of services selected by WFM; this function 
synchronizes input and output of services in a workflow 
to produce a single service output based on the generated 
composition plan. 

Furthermore, user characterization is another important 
element to support the IoT services by matching user require- 
ments more closely. The User Profile Manager microservice 
handles many facts related to the human user. These include 
user profile, preference, context, and policies. Semantic Con- 
text Collector microservice organizes the services requested 
by the user and the context in which these services were 
requested. This helps in identifying user interest with respect 
to the service context. User context or situation helps in 
service selection more efficiently if a user requests again 
with a similar service requirement. Some microservices have 


been designed to handle user situation information; these 
microservices include situation discovery, classification, and 
recognition functions. Situation discovery is used to process 
sensor data that is provided by CVOs to prompt a situation, 
whereas machine learning algorithms are applied to remove 
the false values and data normalization is performed in case 
inappropriate triggers in the data exist. Situation classification 
incorporates the reasoning methods and rules to generate 
a relationship over detected events and refine the missing 
knowledge between the events. Situation projection analyzes 
the events data with the help of machine learning methods 
and provides an output in the form of predicted facts that 
are related to the situation being detected. Moreover, all 
the microservices coordinate using a communication hub to 
share information with each other. 


A flow of service inception to service execution in the pro- 
posed architecture is depicted in Figure 5 where service man- 
agement is responsible for initiating the above-mentioned 
functionalities and instantiating the microservices. This pro- 
cess further results in the generation of CVO/VO mashup 
graphs to be handled by CVO management (discussed in 
Section 3.4.2). Situational information has also been used to 
improve request analysis and service provisioning, whereas 
VO management (discussed in Section 3.4.3) acquires and 
aggregates data from sensors and other RWOs. 


Social Relationship Management Microservices. To support the 
social relationships among web objects at each layer of the 
proposed system, relationship management microservices 
are defined, which support the codification of relationships 
among web objects (VOs and CVOs) and their management. 
These microservices are defined as follows. Group manage- 
ment microservice identifies the grouping of objects into 
specific sets based on the type and interaction of objects; it 
builds a social graph of the object relationships. Link man- 
agement microservice incorporates mechanisms to maintain 
relationships among different objects and it includes several 
other subfunctions. The first subfunction is object selection 
which involves choosing candidate objects that are likely 
to form a particular association. The second subfunction 
is matchmaking service which provides exact relationship 
match based on the type of objects. The third subfunction 
is the association life cycle manager, which maintains the 
relationship status between objects; it checks whether they are 
in active relation or not. It keeps track of relationship validity 
and also the duration of relationships. Relationship observer 
microservice enables the object activities to be observed, 
and it also handles the mutual sharing, which defines what 
information an object is allowed to share or use of another 
object based on the relationship among them. Relationship 
dependability recognizer microservice identifies, maintains, 
and continuously improves the level of reliability among 
objects. If objects A and B are frequently interacting and 
always perform a task together that leads to successful 
execution of an application to serve the requirements, then 
they are more likely to form a reliable relationship with each 
other. The consistency of the relationship allows objects to 
share their information with fewer constraints as compared 
to unpredictable association among objects. Relationship 
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he ants comprise a single family, the Formicidae, within 

the superfamily Vespoidea and the order Hymenoptera. 
There are 16 extant subfamilies of ants with a total of 296 
extant genera. Some 9000 to 10,000 species of ants have been 
described, and it is estimated that there may be 15,000 species 
of ants alive in the world today. The earliest known fossil ants 
are from the Cretaceous (ca 105-110 mya), but ants probably 
did not become common until the Eocene (ca 45 mya). 


EVOLUTION AND ECOLOGICAL SUCCESS 


Ants are now extremely successful ecologically. There may 
even be an equal biomass of ants and humanity in the world 
today. They dominate, at their size scale, many terrestrial 
ecosystems from latitudes north of the boreal tree line to such 
southern climes as Tierra del Fuego, Chile. In certain tropical 
forests the contribution of ants to the biomass is spectacular. 
In Brazilian rain forests, for example, the biomass of ants has 
been estimated as approximately four times greater than the 
biomass of all of the vertebrates combined. 

One of the reasons ants are so successful is that their 
colonies have extremely efficient divisions of labor: they 
evolved factories millions of years before we reinvented them. 
Another reason is that they can modify their immediate 
environment to suit themselves, much as we do. Leafcutter 
ants (Atta), for example, evolved agriculture tens of millions 
of years before humanity developed agronomy. Furthermore, 
leafcutter ants also use antibiotics and symbiotic bacteria to 
protect the crop of fungi they grow on the leaves they collect. 
By contrast, weaver ants (Oecophylla) fashion homes from 
living leaves by sowing them into envelopes, using their 
larvae as living shuttles and the silken thread they produce as 
glue. Ants can also dominate areas by mobilizing large 
numbers of well coordinated foragers; indeed, an ant colony's 
foragers can be so numerous and well organized that they 
give the impression of being everywhere at once. 

Ants can also be important as seed distributors and as seed 
harvesters, in the turnover of soils, and in the regulation of 
aphid numbers and the minimization of outbreaks of defoli- 
ating insects. Economically important pest species include 
the imported fire ant (Solenopsis invicta) in North America 
and leafcutter ants (such as Atta) in the neotropics. There are 
also many ecologically destructive “tramp” ants or invasive 
species that have been distributed to alien habitats by human 
commerce. 

Ants and plants often have closely coupled ecological rela- 
tionships. Certain plants even encourage ants by producing 
rewards such as energy-rich elaiosomes on their seeds to 
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encourage seed dispersal, nutritious Beltian bodies and extraflo- 
ral nectaries to entice ants to visit their leaves and shoots 
(hence to remove the plant’s natural enemies while there), or 
even by supplying preformed homes (domatia) to invite ants 
directly to inhabit and thus better protect them. Although 
many ants are hunter-gatherers, very many species tend 
aphids for the excess honeydew they excrete. By “milking” 
aphids in this way, ants can in effect become primary con- 
sumers of plant products and by thus operating at a lower 
trophic level they can build up a larger biomass than obligate 
carnivores would be able to do. Yet most ants mix their diet 
by also consuming animal protein; for example, they will 
devour their own aphid milk cows if the latter become suffi- 
ciently abundant. 

Arguably, the best evidence of the ecological success of 
ants is that their worst enemies are other ants. 


EUSOCIALITY, SOCIAL ORGANIZATION, AND 
SOCIAL DIVERSITY 


Except for a few species that have secondarily lost the worker 
caste, all ants are eusocial: they have an overlap of adult 
generations, cooperative brood care, and reproduction 
dominated by a minority of the colony's members. Typically, 
an established ant colony consists of one or more queens 
(each of which may have mated with one or more winged 
males on a nuptial flight), an all-female set of wingless 
workers, and the colony's brood of eggs, larvae, and pupae. 
The majority of queens mate only before they establish a 
colony. Thereafter, they store the sperm they have received. 
All ants have haplodiploid sex determination. This property 
probably had a major role in the evolution of their eusociality 
through kin selection. Males are haploid, having only a single 
set of chromosomes, and thus the sperm that individual males 
produce is genetically homogeneous. Hence, the (diploid) 
daughters of the same mother and father are unusually closely 
related to one another, a circumstance likely to have favored 
the evolution of female workers. Nevertheless, there can be 
continuing conflicts within colonies between the workers 
and the queen (or queens) over the sex ratios they produce 
and which colony members produce the males. Queens can 
choose to produce either unfertilized (haploid) eggs destined 
to become males or fertilized (diploid) eggs. The latter may 
develop into workers or potential new queens (gynes) generally 
depending on how much food they receive as larvae. The 
workers may or may not be sterile. Fertile workers produce 
viable (unfertilized) haploid eggs that can develop into males. 
Hence, there can be conflict both among the workers and 
between the workers and the queen over whose sons the 
colony produces. Indeed, in many species of ants with only 
small numbers of workers in their mature colonies, there are 
dominance hierarchies among the workers, who fight one 
another over egg production. Sometimes the queen moves 
with active aggression against the most dominant worker to 
curtail its production of sons in favor of her own. In addition, 
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even when workers are sterile and serve one, singly mated 
queen, they may prefer to raise more of the queen’s daughters, 
to whom they are more closely related, than the queen’s sons. 
For all these reasons, the study of ants has had a major impact 
in recent pioneering evolutionary biology because these 
insects provide test cases by which the evolutionary 
resolution of the tension between cooperation and conflict 
can be explored. It is clear, though, that the apparent social 
cohesion of ant colonies is often partly an illusion. 

Among ants, there is a diversity of mating systems and 
social organizations. So even though it is tempting to think 
of the typical ant colony as having a single, singly mated 
queen and occupying a single nest site, the diversity of social 
systems among the ants is in fact huge. For example, many 
ant species consist of facultatively multiqueened (polygynous) 
colonies. Indeed, roughly half of European ant species exhibit 
polygyny, and there seems to be no reason to regard this as an 
unusual proportion. Some ant colonies are founded by solitary 
queens; some by groups of unrelated queens that may later 
fight over who will be the one to succeed. Other colonies 
simultaneously occupy multiple nests (polydomy), a habit 
often associated with polygyny, while others exhibit colony 
fission, with both daughter colonies usually being monogy- 
nous. Most persistent polygyny is associated with the secondary 
adoption of queens. Unusual social systems include queenless 
ants, workerless ants (inquilines), and slave-making ants. In 
certain queenless species, the workerlike females produce 
other diploid females through a parthenogenetic process 
called thelytoky. By contrast, certain inquilines have dispensed 
with the worker caste, and queens infiltrate and exploit 
established colonies of other species. Slave making may occur 
both intraspecifically and interspecifically. Interspecific slave 
making is also associated with nonindependent colony foun- 
dation in which slave-maker queens infiltrate established 
colonies of their host species, kill the host queen or queens, and 
produce workers that are reared by currently available host 
workers. The slave-maker workers raid other neighboring 
host colonies to capture large larvae and pupae. Such raids 
thus replenish the stocks of slave workers, which do all the 
foraging and brood rearing for the slave makers. There are 
also ant species in which there are polymorphic queens, 
others in which there are polymorphic males, and many in 
which there are polymorphic workers. 

One of the outcomes of eusociality is that established 
colonies can be well defended by the workers against enemies. 
Thus, ant colonies are relatively K-selected; that is, they are 
selected to hold onto resources and to persist for long periods 
rather than being ephemeral, here-today-gone-tomorrow, r- 
strategists. Associated with this trait is the extreme longevity 
of ant queens. It is estimated that they can live 100 times 
longer than other solitary insects of a similar size. Worker 
populations in mature, well-established monogynous 
colonies range from a few tens of millions to 20 million, and 
certain so-called supercolonies consist of a huge network of 
linked nests each with many queens. One supercolony of 


Formica yessensis in Japan may have as many as 300 million 
workers. Given such longevities and densities, it is clear that 
ants may also prove to be important model systems for 
understanding the spread of disease or the evolution of 
mechanisms to minimize the spread of disease among viscous 
populations of close kin. It is even possible that polygyny and 
multiple mating (polyandry) have evolved, at least in part, to 
promote genetic heterogeneity within colonies and thus help 
to minimize disease risks. 


DIVISION OF LABOR 


The relatively large biomass of ants in many ecosystems can 
be attributed not just to the way in which the ants interact 
with other organisms but to the way in which they interact 
with their nestmates in general and, in particular, to 
efficiencies that accrue from divisions of labor. One of the 
most dramatic traits associated with the division of labor 
among the workers is physical polymorphism, which is the 
presence of different physical worker forms within the same 
colony. In the African army ant, Dorylus wilverthi, for 
example, the smallest workers at 0.12 mg dry weight are only 
1% of the dry weight of the largest workers (soldiers), and this 
relatively great size range is exceeded in certain other species 
(e.g., in Pheidologeton diversus, the smallest workers have a dry 
weight that is about 0.2% that of the largest majors). It is not 
just the size range that is impressive in such species but also the 
degree of polymorphism among the workers. Darwin, writing 
in The Origin of Species, seemed well aware not only of the 
phenomenon but also of its implications. Indeed, one of 
Darwin’s most penetrating insights in his 1859 masterpiece 
was his suggestion that sterile forms evolved in social insects 
because they are “profitable to the community” and that 
“selection may be applied to the family, as well as to the 
individual.” He further suggested that once such colony-level 
selection had begun, the sterile forms could be molded into 
distinct castes “Thus in [the army ant] Eciton, there are 
working and soldier neuters, with jaws and instincts 
extraordinarily different” (Fig. la, b). 

Such worker polymorphism is now known to be associated 
with the differential growth rates of different putative tissues 
and body parts during the preadult stages. Indeed, the study 
of ants made a major contribution to the development of the 
concept of allometric growth (Fig. 1c, d). Notably polymorphic 
genera include the army ants Eciton and Dorylus, leafcutter 
ants (Azta), carpenter ants (Camponotus), and members of the 
genera Pheidole and Pheidologeton. Indeed, Camponotus and 
Pheidole are the two most species-rich ant genera. 

However, genera with polymorphic workers are in the 
minority. Approximately 80% of ant genera consist entirely 
of species with monomorphic workers, most of the 
remaining genera consist of species in which there are at most 
only two easily recognizable worker morphs, and only about 
1% of genera have species in which three or more worker 
morphs can be relatively easily recognized within colonies. 
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FIGURE 1 The army ant, Eciton burchelli. (a) Head of major worker. (b) 
Head of minor worker. (c) Head width vs ponotum width allometry for 
workers. (d) Frequency—dry weight histogram for a large sample of workers. 
The allometrical relationship has a slope greater than 1, so larger workers 
(such as majors) have disproportionately large heads. The size frequency 
distribution is skewed to the right so relatively few of these very large majors 


are produced. (Drawings © Nigel R. Franks.) 


Polymorphism among the workers is mostly associated with 
extreme physical specialization. Thus, Eciton majors have ice- 
tong-like mandibles and are specialist defenders of the colony 
against would-be vertebrate predators or thieves (Fig. la). It 
has been shown that colonies of Pheidole pallidula can produce 
more defensive majors in response to stresses induced by 
conspecific competitors. Majors are not always for defense: 
large-headed majors in Pheidole and Messor serve as specialist 
grinders of harvested seeds. Even among such polymorphic 
species, however, the majority of workers belong to castes of 
generalists, which give their colonies an ability to respond 
rapidly to changes in the environment. Such generalists show 
behavioral flexibility not possible with the extreme morpho- 
logical specialization of certain physical castes. Nevertheless, 
divisions of labor also occur within the majority generalist 
caste. Such workers typically specialize in different tasks at 
different times during their lives. This is known as temporal 
polyethism, in contrast to physical polyethism. 

The sophisticated divisions of labor in monomorphic ants 
are being investigated. In Leptothorax albipennis, the workers 
show very little size variation, and colonies consist of, at 
most, a few hundred such workers living in flat crevices 
between rocks. Such crevices can be only 2 or 3 cm wide and 
deep and may have an internal cavity height of only 1 or 2 
mm. Individual workers could easily roam all around such 
nests within a minute, but instead they have spatial fidelity 
zones; that is, they remain faithful to certain parts of the nest 
and the segregated tasks within such areas for months on 
end. The workers can even reconstruct their own spatial 
fidelity zones relative to one another if, and when, their 
colony is forced to emigrate to a new nest site because of the 
destruction of the old site. In this (and many if not all) ant 
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species, younger workers tend to work deep within the nest 
at its safe center, tending the queen and the eggs. As they get 
older, workers tend to move progressively out from the center 
of the nest, and toward the end of their lives they eventually 
engage in the most dangerous task of foraging in the outside 
world, where they are likely to meet predators and other 
hazards. However, the correlation between age and task is 
often very weak, and in an increasing number of species it has 
been shown that the division of labor among monomorphic 
workers is extremely flexible. Workers can respond to the 
removal of other workers by reverting to tasks that they did 
earlier in their lives or, if need be, they may begin foraging 
even when they are very young. Thus, though age may 
influence what workers do, it is unlikely to be the organizing 
principle of the division of labor in many species. Rather, it 
seems that workers are continuously monitoring their 
workloads and the delays they experience while waiting to 
interact with their nestmates and will flexibly change their 
tasks accordingly to maximize their productivity. 


COMMUNICATION AND PHEROMONES 


Ants have diverse systems of communication, but by far the 
most important medium for signaling involves the chemicals 
known as pheromones. Ants can deposit chemical trails to 
recruit nestmates to discoveries of food. Many ants can also 
produce highly volatile chemicals to signal alarm when they 
encounter dangerous predators or other hazands. Different ants 
in different subfamilies use a remarkable diversity of glandular 
structures even just to produce recruitment pheromones. These 
may be produced from cloacal glands, Dufour’s glands, the 
hindgut, poison glands, pygidial glands, rectal glands, sternal 
glands, or even tibial glands on the back legs. Furthermore, 
many pheromones appear to be complex mixtures of many 
chemical compounds. 

Pheromones can be effective in minute quantities; it has 
been estimated that one milligram of the trail substance of 
the leafcutting ant, Atta texana, if laid out with maximum 
efficiency, would be sufficient to lead a colony three times 
around the world. 

Nestmate recognition is another important aspect of com- 
munication in ants. A pleasing metaphor for the ant colony 
is a factory inside a fortress. Ant colonies are dedicated to the 
production of more ants; but workers need to “know” that 
they are working for their natal colony, and colonies also need 
to be well defended against other ants and against infiltration 
by other arthropods, which might tap into their resources. Ant 
colonies employ colony-specific recognition cues as one of 
their defense systems. These are often in the form of cuticular 
hydrocarbons that can be spread throughout the colony both 
by grooming and trophallaxis (the latter is usually associated 
with liquid food exchange). Slave-making ants circumvent the 
recognition cues of their slaves by capturing them as larvae 
and pupae—these captives are not yet imprinted on their natal 
colony odor but later become imprinted on the odor of the 





FIGURE 2 Scanning electron micrograph of a worker of Lasius flavus with a 


kleptoparasitic mite, Antennophorus grandis, gripping on its head. The mite 
steals food when two workers exchange nutritious liquids during trophallaxis. 
(Photomicrograph © Nigel R. Franks.) 


colony that kidnapped them after they have metamorphosed 
into adult workers. Sometimes colony-specific odors also can be 
influenced by chemicals picked up from the colony’s environ- 
ment. Nevertheless, countless species of arthropods from mites 
to beetles have infiltrated ant colonies. For example, more than 
200 species of rove beetle (Staphilinidae) are associated with 
New World army ants alone, and other groups such as mites 
are probably even more species rich. Often these infiltrators are 
called “guests” simply because their relationships with their 
host ant colony and to its resources are unknown (Fig. 2). 


SELF-ORGANIZATION, COLLECTIVE 
INTELLIGENCE, AND DECISION MAKING 


A rapidly developing approach to the study of ants and other 
social insects is the application of self-organization theories. 
Here self-organization can be defined as a mechanism for 
building spatial structures and temporal patterns of activity 
at a global (collective or colony) level by means of multiple 
interactions among components at the individual (e.g., 
worker) level. The components interact through local, often 
simple, rules that do not directly or explicitly code for the 
global structures. The importance of studies of such self- 
organization is that they can show how very sophisticated 
structures can be produced at the colony level with a fully 
decentralized system of control in which the workers have no 
overview of the problems they are working to solve. 

A simple and very intuitive example of how ants use self- 
organization is found in their ability to select short cuts. 
Certain ants can select the shortest paths to food sources. 
Indeed, where there is a short and a long path to the same food 
source, the decision-making mechanism can be surprisingly 
simple. The ants that happen to take the shorter path get there 


and back more quickly than the ants that happen to take the 
longer path. All the ants lay attractive trail pheromones, and 
such pheromones are reinforced more rapidly on the shorter 
path simply because that path is shorter and quicker. In such 
cases, individual ants do not directly compare the lengths of 
the two paths, but the colony is able to choose the shorter 
one. Sometimes the shorter path is used exclusively, while at 
other times a small amount of traffic may continue to use the 
longer path. Having some traffic that continues to use the 
longer path is likely to be costly in the short term, but it may 
represent a beneficial insurance policy if the shorter path 
becomes blocked or dangerous. Self-organization also has a 
major role in such phenomena as brood sorting, rhythms of 
activity within nests, and building behaviors. This new 
approach may help to answer, at least in part, the age-old 
challenge of how ant colonies are organized. 


See Also the Following Articles 
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A phids are remarkable, evolutionarily exquisite creatures, 
and among the most successful insects. Aphid evolution 


has been shaped through nutrient-driven selection and by the 
host plants on which they feed, and aphids have responded by 
developing intricate life cycles and complex polymorphisms. 
These sap-feeding hemipterans have coped with a hostile 
world through developing an exceptionally high reproductive 
rate and passive wind-borne dispersal, a strategy in which 
individuals are quite expendable, but survival and prosperity 
of their genes are guaranteed. Because of their intriguing 
evolutionary adaptations, aphids were among our most 
worthy competitors as humans entered the agricultural era. 


MAJOR GROUPS AND HOST AFFILIATIONS 


Aphids, as the superfamily Aphidoidea, belong to the 
Sternorrhyncha within the Hemiptera, a group they share with 
Aleyrodoidea (whiteflies), Psylloidea (jumping plant lice), 
and Coccoidea (scale insects and mealybugs). Aphidoidea has 
three families: Adelgidae (adelgids), Phylloxoridae (phyllox- 
orids), and Aphididae (aphids), although some workers place 
the Adelgidae and Phylloxoridae in a separate superfamily, 
Phylloxoroidea. Adelgids and phylloxorids are primitive 
“aphids” and older groups, each with about 50 species. They 
differ from Aphididae by having an ovipositor and by 
reproducing by means of ovipary. Adelgids are restricted to 
conifers (Pinaceae), and some form characteristic galls (e.g., 
Adelges piceae, balsam woolly adelgid). Phylloxorids, which 
may also form galls, occur on plants of the Salicaceae (willow 
family), Fagaceae (oak family), Juglandaceae (walnut family), 
and Rosaceae (rose family). An exceptional species, 
Daktulosphaira vitifolae, grape phylloxera, feeds on grapes 
(Vitaceae), damaging European grape cultivars unless they 
are grafted to resistant rootstocks developed from American 
grape species. 

Aphids originally evolved on woody plants in the 
Northern Hemisphere and are functionally replaced by 
whiteflies and psyllids in the Southern Hemisphere. As a 
group, they evolved and began their diversification with 
angiosperms, over 140 mya during the lower Cretaceous. 
While most fossil aphid groups became extinct during the 
Cretaceous—Tertiary boundary, most modern aphid groups 
radiated during the Miocene. Aphids have siphunculi, which 
vary by group from being mere pores on the abdominal 
surface to being very elongate tubes. They also have a cauda, 
which varies by group from rounded and hardly noticeable to 
knobbed or long and fingerlike. Aphids lack an ovipositor 
and are viviparous, bearing young parthenogenetically. 

Aphid taxonomy is difficult; their subfamily classification 
has been argued and confused with nearly as many 
classifications as aphid taxonomists. Remaudiere and 
Remaudiere’s 1997 classification, followed here, recognizes 
about 25 aphid subfamilies, with tribal groupings for about 
600 genera and 4700 species of aphids. Many aphid lineages 
coevolved with, and radiated among, their host plant groups. 
Often during their phylogenetic history, however, aphid 
groups opportunistically switched to radically unrelated host 
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groupings, driven by developmental requirements but tempered 
by evolutionary constraints. 

Many aphid subfamilies are small, but several are larger and 
important: Chaitophorinae (e.g., Sipha flava, yellow sugarcane 
aphid), on Salicaceae and Gramineae (grass family); the closely 
related Myzocallidinae (e.g., Therioaphis trifolii £. maculata, 
spotted alfalfa aphid), Drepanosiphinae (e.g., Drepanaphis 
acerifoliae, painted maple aphid), and Phyllaphidinae (e.g., 
Phyllaphis fagii, beech aphid), often considered to be one 
subfamily and usually on dicotygledonous trees, but also 
Fabaceae (legume family) and bamboo; Lachninae (e.g., 
Essigella californica, Monterey pine aphid), mostly on Pinaceae, 
but also Fagaceae, Rosaceae, and Asteraceae (composite family) 
roots; and Pemphiginae (e.g., Pemphigus bursarius, lettuce 
root aphid), often on roots and host alternating to dicoty- 
ledonous trees forming galls. Other noteworthy subfamilies 
include Pterocommatinae, on Salicaceae; Greenideinae, on 
Fagaceae; Mindarinae, on Pinaceae; and the host-alternating 
Anoeciinae and Hormaphidinae, the latter causing galls. 

The largest and most evolutionarily recent subfamily, 
Aphidinae, has two large, diverse, and agriculturally impor- 
tant tribes. The first tribe, Macrosiphini (e.g., Aulacorthum 
solani, foxglove aphid), is diverse in genera, which often lack 
attendance by ants but may alternate hosts. The second tribe, 
Aphidini, is diverse in species but less so in genera; these are 
often attended by ants. Tribe Aphidini has two important 
subtribes. Subtribe Rhopalosiphina (e.g., Rhopalosiphum padi, 
bird cherry—oat aphid) host alternates between Rosaceae to 
Gramineae or Cyperaceae (reed family). Subtribe Aphidina 
(e.g., Aphis fabae, bean aphid) host alternates mostly among 
Rosidae and Asteridae and is home to genus Aphis, which 
alone contains well over 1000 species. 


NUTRITION-DRIVEN EVOLUTION: LIFE CYCLES 
AND POLYMORPHISM 


Aphid life cycles are complex and may be either monoecious 
or dioecious, involving holocycly or anholocycly. Because of 
this, aphids have evolved many specialized morphs; a 
multitude of confusing, often synonymous names have risen 
among aphid biologists, but these are minimized here. 

In the simple and generalized monoecious holocyclic 
aphid life cycle (Fig. 1A), a single host plant species is used 
throughout the year and sexual morphs are produced in the 
fall, usually in response to decreasing daylength. The males 
and oviparae mate, producing genetically recombinant eggs 
that overwinter on the host plant and often experience high 
mortality. In the spring, the fundatrix emerges from the egg, 
matures parthenogenetically, and gives live birth to nymphs 
that become viviparae and continue in that reproductive 
mode through the summer. If the aphid group produces 
plant galls, the fundatrix is responsible for their production. 

The viviparae may be apterae or alatae (Fig. 2), but in 
some groups (e.g., Drepanosiphini, some Myzocallidinae) all 
viviparae are alatae. The parthenogenetic reproduction of 
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FIGURE 1 Evolutionary development of generalized aphid life cycles. Initially, 
aphids developed monoecious holocycly (A) on an ancestral woody primary 
host, where aestivation occurred because sap amino acids were unavailable 
during summer growth cessation. Next, multiple subfamilies independently 
evolved dioecious holocycly (B), where viviparae moved to summer-growing 
herbaceous secondary hosts but returned to their ancestral host in autumn. 
In some aphids, secondarily monoecious holocycly (C) developed on the 
secondary host when the primary host was lost. Often in warm areas, where 
selection for an overwintering egg is not imposed, some populations of 
dioecious and secondarily monoecious holocyclic aphids may lapse into 
facultative anholocycly (D) on their secondary hosts; this condition may 
become obligate anholocycly if the ability to produce sexuals is lost. 


viviparae allows very rapid buildup of numbers and collapse 
of generation time. When a viviparous nymph is born, it has 
the embryos of both its daughters and granddaughters within 
it, creating a “telescoping” of generations. Apterae have lost 
their wings and associated musculature to optimize repro- 
duction. They produce more offspring per female than do 
alatae, which must invest resources in their flight apparatus. 
However, alatae produce progeny earlier in life than do 
apterae, giving their relatively reduced number of offspring a 
better generational turnaround time than apterae mothers 
can. Apterae are selectively produced when the host plant is 
a good source of nutrients. Once an aphid population has 
built, either inducing a crowding effect among apterae or 
stressing its host to the level of impacting nutrient levels, the 
population usually switches to produce alatae, which migrate 
to better situations. However, the risks of successful migration 











FIGURE 2 Aptera (top) and alata (bottom) viviparae of M. persicae. Shown 
in split images with ventral (upper half) and dorsal (lower half) aspects with 
heads to the right. [Drawings by Tokuwo Kono, modified from Kono, T., 
and Papp, C. S. (1977). “Handbook of Agricultural Pests, Aphids, Thrips, 
Mites, Snails, and Slugs.” California Department of Food and Agriculture, 
Sacramento. ] 


are great, especially for monophagous aphids that feed on 
uncommon hosts, because the flight of alatae is wind-borne 
and relatively passive. Alatae can be blown over 1600 km, 
often across an ocean, and survive the trip. Upon successfully 
alighting on their proper host and feeding for a short time, 
alatae begin autolysis of their flight musculature, precluding 
further flight but self-cannibalistically providing nutrients for 
their offspring. The production of viviparae continues until 
fall conditions trigger production of the sexuals. 

A second, more complicated dioecious life cycle (Fig. 1B) 
has independently evolved among several different aphid 
groups that show seasonal alternation between differing 
hosts. This dioecious cycle probably evolved in response to 
the seasonally inadequate supply of nitrogen-based nutrients, 
especially amino acids, on their primary host. The phloem 
sap that aphids feed on has limited nitrogen availability, and 
nitrogen is the limiting nutrient in aphid development. 
Woody deciduous plants normally translocate amino acids in 
quantity only during the spring, when they are foliating, and 
in the fall, when leaf senescence breaks down leaf protein and 
nitrogen is translocated to the roots for overwinter storage. 
Aphids groups evolving on and restricted to such plants face 


a nitrogen deficit during the summer, when active plant growth 
ceases and phloem sap is low or devoid of nitrogen. Such 
groups (e.g., Periphyllus spp.) may develop an aestivating 
nymph that halts growth until fall. Other aphid groups (e.g., 
Aphidinae) whose ancestors originated on deciduous woody 
plants, have evolved to leave those primary hosts during the 
late spring, after the nitrogen flush associated with foliation 
has ceased. In doing so, their spring alatae, as emigrants, 
migrate to herbaceous secondary hosts that actively grow and 
transport nitrogen during the summer. In the fall, however, 
as their secondary hosts die back, the aphids return to their 
woody primary host by producing migrating males and 
gynoparae. There, the aphid’s sexuals, its males and oviparae, 
capture that host’s fall nitrogen flush and mate to lay their 
overwintering eggs in anticipation of the spring nitrogen flush. 
Depending on the aphid or its group, the secondary hosts may 
vary from quite specific to a broad number of botanical groups; 
but the primary hosts are often specific to a plant genus. Most 
aphid lineages have adapted specific types of secondary hosts, 
such as grasses (e.g., Metopolophium dirhodum, rose-grain 
aphid), roots (e.g., Smynthurodes betae, bean root aphid), 
other woody plants (e.g., Hormaphis hamamelidus), or herbs 
(e.g., Macrosiphum rosae, rose aphid). Some aphids specialize 
on secondary hosts of a particular environmental ecotype; for 
example, Rhopalosiphum nymphae, waterlily aphid, uses 
aquatic plants in many plant families. 

Some aphid lineages (e.g., Schizaphis graminum, greenbug) 
have evolved beyond dioecious holocycly, entirely leaving 
their primary host to remain on their secondary host, in 
secondarily monoecious holocycly (Fig. 1C). However, an 
important form of year-round residence on the secondary 
host occurs in warmer climates, where populations do not 
require an egg for overwintering survival. Under such 
conditions, otherwise holocyclic dioecious or monoecious 
populations may lapse facultatively into anholocycly on their 
secondary hosts (Fig. 1D). If such populations remain 
anholocyclic long enough, they may eventually evolve into 
obligate anholocycly by losing the ability to produce sexual 
morphs, despite undergoing environmental conditions that 
normally trigger their production. Depending on the aphid 
lineage and its adaptation to its host(s) or their alternation, 
nearly all aphid morphs may be winged or wingless, but the 
morph’s wing condition is specific to the aphid group. 


APHID BEHAVIOR 


Aphids feed by inserting their rostrum-borne stylets into a 
plant and ratcheting them between plant cells, seldom 
penetrating any until they enter the phloem sieve tubes and 
extract sap. Stylet advancement is lubricated by saliva 
containing a pectinase that loosens the bonding between 
plant cells. The saliva forms a stylet sheath that is left in the 
plant when the stylets are withdrawn. To cope with a sap diet, 
aphid guts have specialized groups of cells, mycetomes, 
containing rickettsia-like symbiotic bacteria, mycetocytes, 
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which aid in synthesis of nutrients. These bacteria, which are 
passed from mother to embryonic daughter, have coevolved 
with aphid lineages, differing among them. 

Whereas aphids largely rely on a high reproductive rate 
and great dispersive ability to maximize survival in a hostile 
environment, morph-specific behaviors exist to promote 
genetic survival of the individual or its clone. Behavior of 
alatae optimizes dispersion and finding a successful host. 
When alatae initially take to flight, they are attracted to the 
short wavelengths of light that predominate in a clear or cloudy 
sky, and fly up toward them. After flying a while, however, 
they come to prefer the longer light wavelengths reflected 
from plants, and they descend, moving to them. In some 
species, alatae have shown a preference for colors characteristic 
of their host plant’s leaves. Generally alatae are attracted to 
yellow, a predominant hue in growing or senescent plants, 
which are better nitrogen sources. Upon alighting on a plant, 
they briefly probe below the epidermis with the rostrum to 
locate specialized secondary plant compounds that are of no 
nutritional value but are specific to the aphids’ given host. If 
these feeding triggers are not found, the alatae move on. 

In contrast, apterae usually move only when necessary to 
procure a better feeding site or if a predator or parasite molests 
them. Ants tend apterae in many aphid groups in a form of 
facultative mutualism; in some relationships, ants actively 
“farm” their aphid “cattle” by moving them among locations. 
Generally, however, aphid groups with elongate siphunculi 
are less likely to be tended by ants. In exchange for the 
aphid’s sugary honeydew waste, the ants protect them from 
predators, such as coccinellid, lacewing, and syrphid fly 
larvae, or specialized aphid parasites, such as chalcidoid and 
braconid wasps. When stroked by the ant’s antennae, the 
aphid will raise the tip of its abdomen, extruding a honeydew 
drop, which may be retracted if not accepted by the ant. If an 
ant does not accept honeydew after a while, the aphid will 
revert to its normal behavior of flicking the honeydew drop 
away with its hind leg or cauda, to prevent an accumulation of 
honeydew from fouling the aphid colony. 

Aphids communicate by chemicals and sound. Parasites 
and predators are often foiled by the use of an aphid alarm 
pheromone, such as ¢rans-B-farnesene. When molested, 
aphids exude microdroplets of alarm pheromone from their 
siphuncular pores, and in response adjacent aphids quickly 
withdraw their stylets from their host and drop to the ground. 
Shortly thereafter, the fallen aphids visually orient to vertical 
lines or structures and move toward them in an attempt to 
climb the plant stem. Aphid sexual pheromones are also used 
as male attractants by oviparae, being released from specialized 
pores on their hind tibiae. Sound communication is used by 
Toxoptera spp., which have a stridulatory mechanism con- 
sisting of a row of short pegs on the legs, which are rubbed 
against filelike ridges on the lower epidermis of the abdomen, 
just below the siphunculi. When disturbed, colonies of T 
aurantii emit an audible high piercing stridulatory sound, to 
which their apterae respond. 
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Fundatrices of gall-forming species use species-specific 
patterns of feeding or probing behavior to induce charac- 
teristically shaped galls on their specialized hosts, in which 
their progeny can safely develop. The fundatrix of P bursarius 
climbs the developing leaf petiole on Populus nigra about 
halfway and probes its rostrum around the petiole to create 
an array of punctures oriented perpendicularly to the petiole 
shaft. This induces a swollen globular gall with a slit oriented 
perpendicularly to the petiole shaft. In contrast, on the same 
host, a Pemphigus spyrothecae fundatrix probes the petiole 
shaft in an upward spiral array of punctures, yielding a cork- 
screw-shaped petiole gall. Not only do plant galls provide a 
protective encasement for aphid development, but aphids of 
even nongalling species do better on galled tissue, probably 
because of a local increase in plant nutrients in that tissue. 

Many aphid species have some lower degree of sociality, 
especially among apterae, which is expressed as a gregarious- 
ness within colonies and probably confers better protection 
or response to attacks by natural enemies. Alatae of 
Drepanosiphum platanoides, sycamore aphid, are more likely 
to be distributed in a clustered manner among sycamore 
leaves, in groups in which the tips of their antennae and legs 
touch among the aphids. Some aphids have evolved a higher 
degree of sociality, however. The tribe Cerataphidini of the 
Hormaphidinae has genera in which species produce a soldier 
morph with enlarged forelegs, which defend their relative 
clones differentially. Soldiers discriminate between soldiers 
and nonsoldiers but do not attack soldiers of their own 
species. The investment in soldier production by the colony 
is related to areas needing defense, such as a gall’s surface. 


AGRICULTURAL IMPORTANCE 


While aphids are among the most serious agricultural problem 
insects, only about 250 species are considered to be agricultural 
pests. Pest aphids may affect only a very specific host (e.g., 
Brachycorynella asparagi, asparagus aphid), or group of related 
hosts, such as crucifers (Brassicaceae) (e.g., Brevicoryne brassicae, 
cabbage aphid). Some, however, are quite polyphagous (e.g., 
Aphis gossypii, cotton aphid; Myzus persicae, green peach aphid), 
with an extremely wide host range. Some common polyphagous 
pest aphids represent sibling species complexes that are mor- 
phologically identical but differ in karyotype. They comprise 
anholocyclic clones, or biotypes, that differ in host prefer- 
ences, ability to transmit diseases, or resistance to pesticides. 

Aphids cause damage in several ways. They can build to high 
population densities and damage plants directly, by removing 
enough sap to cause withering and eventual plant death. If 
not washed off, aphid excrement, or honeydew, can build up 
enough on plants to serve as a medium for the growth of sooty 
molds, impairing photosynthesis and plant development, and 
eventually promoting other fungal diseases. Salivary secretions 
of some aphids are phytotoxic, causing stunting, leaf defor- 
mation, and gall formation. Even if the feeding effects of 
aphids are not apparent, they may affect plant hormone 


balances, changing host metabolism to their advantage, thus 
essentially hijacking the plant’s physiological functions. 

The aphid vectoring of stylet-borne and circulative plant 
viruses is the most serious problem to agriculture posed by 
aphids. Stylet-borne viruses occur on the aphid’s epidermis and 
are not aphid specific. These viruses are acquired quickly and 
transmitted during the aphid’s probing of the plant’s epidermis. 
They are nonpersistent, however, and the aphid’s infectiousness 
is lost upon molting. Circulative viruses, in contrast, live inter- 
nally in the aphid’s gut. The aphid must feed for a while to 
acquire these viruses, which require an incubation period before 
they can be successfully transmitted. They are persistent, 
however, and once infected, the aphid remains a vector 
throughout its life. The virus—aphid—plant linkage is fairly 
specific for circulative viruses, and a given virus is transmitted 
by only one or few aphid species. Virus-infected plants often 
show an aphid-attractive yellowing and have increased free 
amino acids, so aphids benefit by virus transmission. 


APHID CONTROL IN AGRICULTURAL CROPS AND 
HOME GARDENS 


Agricultural control of aphids best uses an integrated pest 
management (IPM) strategy, where species are identified and 
tactics reflect the allowable tolerance level on a crop. Within 
fields, aphids may be monitored by means of yellow water 
pans or sticky traps, which attract them. In some agricultural 
regions, especially seed-growing areas with plant virus sensi- 
tivities (e.g., the Netherlands, Idaho), specialized agencies run 
aerial trapping networks in which large suction traps are used 
to detect alates and forecast population levels. Proper aphid 
IPM emphasizes sustainable control, maximizing organically 
compatible methods to minimize effects on nontarget species, 
such as biological control agents, or vertebrates. IPM tactics 
include cultural control methods, such as minimizing weed or 
ant populations that promote aphids, using ultraviolet-light- 
reflecting or colored films near plants to repel alates, or inter- 
planting pollen and nectar plants among crop rows to promote 
aphid natural enemies. Biological control agents include small 
wasps (e.g., Aphidius sp.) that parasitize aphids and disperse 
well within populations. Predators, which as immatures 
voraciously consume aphids, can be released. These include 
lacewings (e.g., Chrysopa spp.), aphid midges (e.g., Aphidoletes 
spp.), and ladybird beetle larvae (e.g., Hippodamia convergens). 
Predators may, however, disseminate when released as adults. 
One can apply entomopathic fungi (e.g., Beauveria bassiana), 
whose spores attach to the aphid’s exoskeleton, penetrate it, 
and kill the aphid. Insect growth regulators applied by spray 
act through various means to prevent maturation of aphids. 
These may act in conjunction with biological control agents 
if the latter fail to provide adequate control. Use of chemical 
poisons in aphid IPM should be minimized because of the 
effect on nontarget species. While poison use may sometimes 
be necessary, heavy usage promotes insecticidal resistance in 
aphids, as well as secondary resurgence of aphid populations, 


once biological control agents have been hampered. Chemical 
poisons range from less toxic pyrethroids to more toxic 
organophosphates. They may be applied directly as contact 
insecticidal sprays or dusts, or indirectly as plant systemic 
insecticides that are ingested with the plant's sap. Cultivation 
of aphid-resistant crop varieties is also important. 

In home gardens and yards, nontoxic controls should be 
emphasized. Aphid detection involves inspection of buds, 
stems, fruits, and the underside of leaves, where the insects are 
most likely to congregate. Effective control can simply involve 
frequently hosing aphids off plants with water, being careful to 
hit the leaf undersides. Spray applications of a mixture of garlic 
and water may repel aphids. Sprays of cuticle-disrupting 
insecticidal soaps, which cause fatal desiccation, often give 
control. Under overhanging trees, problems from aphid sooty 
molds on driveways, patios, and walkways are best controlled 
by hosing the surfaces. Control for aphid galls or leaf distortion 
on deciduous trees can be problematic, sometimes requiring 
the winter application of a dormant oil to kill overwintering 
eggs. Ultimately, elimination of the tree to may be required 
to solve problem, so tree species in yards should be carefully 
selected and placed, in view of their potential aphid pests. 


See Also the Following Articles 
Ants ¢ Biological Control e Rostrum e Sternorrhyncha 


Further Reading 

Blackman, R. L., and Eastop, V. E. (1984). “Aphids on the World’s Crops: 
An Identification Guide.” Wiley, New York. 

Blackman, R. L., and Eastop, V. FE. (1994). “Aphids on the World’s Trees: An 
Identification and Information Guide.” CAB International, Wallingford, 
U.K. 

Dixon, A. E G. (1985). “Aphid Ecology.” Blackie & Son, Glasgow, U.K. 

Minks, A. K., and Harrewijn, P. (1987). “Aphids, Their Biology, Natural 
Enemies and Control,” Vols. A, B , C. Elsevier, Amsterdam. 

Moran, N. (1992). The evolution of aphid life cycles. Annu. Rev. Entomol. 
37, 321-348. 

Remaudiere, G., and Remaudiere, M. (1997). “Catalogue of the World’s 
Aphididae.” INRA Editions, Paris. 

Stern, D. L. (1995). Phylogenetic evidence that aphids, rather than plants, 
determine gall morphology. Proc. R. Soc. Lond. B. 260, 85-89. 

Stern, D. L., and Foster, W. A. (1996). The evolution of soldiers in aphids. 
Biol. Rev. Cambridge Philos. Soc. 71, 27-79. 





Apis Species 
(Honey Bees) 


Eva Crane 
International Bee Research Association 


oney bees (genus Apis) are social insects in the family 
Apidae, order Hymenoptera; they are among the 
Aculeata (i.e., those having stingers). They evolved after the 
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separation of the Americas and Australia from Eurasia/Africa 
and are native only in the Old World. The genus Apis 
probably first appeared in the Eocene, about 55 mya. 
Tropical species A. dorsata and A. florea existed by the end of 
the Oligocene 25 mya, and cavity-nesting A. mellifera and A. 
cerana, which can also live outside the tropics, were separate 
species by the end of the Pliocene about 2 mya. Therefore, 
the highly advanced cavity-nesting species have existed only 
perhaps a tenth as long as the open-nesting species, which 
were confined to the warmer tropics. The most important 
species to humans is A. mellifera, which has been introduced 
all over the world for use in beekeeping. 


THE GENUS APIS 
Known Species 


The genus Apis contains 11 known species. A. mellifera (Fig. 1) 
is the source of most of the world’s honey. It is native 
throughout Africa, the Middle East, and Europe except for 
the far north regions. All other Apis species are native to Asia. 
A. cerana, which is kept in hives in the temperate zone as well 
as the tropics, is smaller than A. mellifera, and it makes 
smaller colonies. Other Asian species that build a multiple- 
comb nest in a cavity are A. koschevnikovi and A. nuluensis 
reported in Borneo, and A. nigrocincta in Sulawesi. 

Other Apis species native in parts of the Asian tropics 
build a single-comb nest in the open. The most important to 
humans is A. dorsata, a bee much larger than A. cerana. A. 
laboriosa, which is even larger, lives in parts of the Himalayas 
too high for A. dorsata. Much smaller than A. cerana, A. 
florea is widespread below around 500 m and can live in drier 
areas than A. dorsata. 


Mating, and How Reproductive Isolation Is Achieved 


Honey bees mate in flight; the process has been studied in 
detail in A. mellifera, and involves three stages. A queen flies 
out when only a few days old, and drones that are flying in 
the area, attracted by the pheromones she produces, follow 
her. If a drone succeeds in clasping the queen with his legs, 





FIGURE 1 Worker honey bees (Apis mellifera) on honeycomb. (Photograph 
courtesy of P. Kirk Visscher.) 
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his endophallus is everted and mating occurs. When they 
separate, part of his genitalia remains in the queen, and he 
falls away and dies. She may mate more than once (usually 
on the same flight), and the semen she receives is stored in 
her spermatheca for use throughout her egg-laying life. 

The main component of the pheromone attracting drones 
to the queen seems to be the same for all Apis species (9-oxo- 
trans-decenoic acid). In an area with more than one species, 
reproductive isolation can be achieved if the drones of different 
species fly at different times of day. 


APIS MELLIFERA 
Colony Life 


The reproduction of individual bees takes place in the colony, 
and each colony normally contains a single mated female (the 
queen), many nonreproductive females (workers) and, during 
the reproductive season, a smaller number of reproductive 
males (drones). Colonies reproduce by swarming during a 
season when much food is available. The workers rear several 
young queens, each in a special queen cell. The old queen 
and perhaps half the workers of the colony leave as a swarm, 
which finds a new nest site. One of the young queens mates 
and heads the parent colony; the others are killed. 

Many aspects of the beekeeping cycle and social behavior 
of honey bee colonies have been studied in detail (see Further 
Reading). 

In the tropics, temperatures are never too low for plants to 
flower or for bees to fly, and colony activity is governed by 
rainfall rather than temperature. There are two seasonal 
cycles in the year, so colonies do not grow as large, or store as 
much honey, as they do in temperate zones. If the stores of a 
colony of A. mellifera become low in a dearth period, the 
colony may leave its hive and fly to a nearby area where 
plants are starting to bloom, rebuilding its combs in a nest 
site there. Such movements are referred to as absconding or 
migration, and preventing them is an important part of 
beekeeping in tropical Africa. 


Subspecies and Their Distribution 


During the Ice Ages, geographical features in Europe such as 
mountains confined A. mellifera to several separate areas, where 
they diversified into a number of subspecies or races. The most 
important in world beekeeping, and their native areas, are A. 
mellifera ligustica (Italian) in northwestern Italy south of the 
Alps, A. mellifera carnica (Carnolian) in the eastern Alps and 
parts of the Balkans, A. mellifera caucasica (Caucasian) in Georgia 
and the Caucasus mountains between the Black Sea and the 
Caspian Sea, and also A. mellifera mellifera north of the Alps. 
The first introductions of A. mellifera from Europe to new 
continents, after 1600, enabled future beekeeping industries 
to build up and flourish in many countries. Some of the sub- 
sequent introductions of A. mellifera carried diseases or parasites 


not previously present, and these caused much damage. From 
the late 1800s, after the movable-frame hive was devised, 
there was great interest in breeding more productive honey 
bees, and colonies of many races were transported from the 
Old World to other continents. Italian bees, especially, could 
store much honey in warm regions with consistently good 
nectar flows. During the 1900s, scientists introduced exotic 
species and races of honey bees into Europe for experimental 
purposes, but none is known to have survived in the wild. 

Moving honey bees to new areas in tropical or subtropical 
environments can have wide-reaching effects. In 1956 a 
number of honey bee queens were transported from southern 
Africa to Brazil in an attempt to improve the beekeeping in 
that South American country, where bees of European origin 
performed poorly. Through an accident, a few of the African 
queens escaped with swarms, and this led to hydridization 
with bees of European origin. The consequent “Africanized” 
bees had characteristics that enabled them to become 
dominant over the “European” bees already in the American 
tropics, and they spread rapidly, reaching the Amazon by 
1971, the north coast by 1977, Mexico by 1986, and then 
several southern U.S. states. 

In warm regions, many native plants may be pollinated by 
small bees (Apoidea) whose populations are reduced if 
colonies of the larger A. mellifera are introduced, which in 
turn can endanger the reproduction of such native plants. 
This problem has been reported in Australia and Brazil. 

A. mellifera is now used in beekeeping in almost every 
country in the world. 


APIS CERANA AND RELATED SPECIES 


Of the subspecies of A. cerana, the Asian hive bee, A. cerana 
indica is present from Yunnan in China through India to the 
Philippines. A. cerana cerana is in much of China, also the 
Himalayas, Afghanistan, and the Russian Far East, and A. 
cerana japonica in Tsushima Island and Japan. 

After A. mellifera was introduced in eastern Asia, A. cerana 
became restricted to areas with native flora. Then in 1985-1986 
colonies of A. cerana were taken from one of the Indonesian 
islands to Irian Jaya, also Indonesian but part of New Guinea. 
The bees reached Papua New Guinea by 1987 and islands in 
the Torres Strait by 1993. By 2000 they were found (and 
killed) in Brisbane, Australia, and strenuous efforts are being 
taken to prevent any further entry and spread of this bee in 
Australia because it would probably carry the varroa mite, a 
pest that is of serious economic importance to beekeepers. 


APIS DORSATA AND RELATED SPECIES 


The large single-comb nests of the giant honey bee, A. 
dorsata, built in the open, are still the most important source 
of honey in India and some other tropical Asian countries. A. 
dorsata is present in most of the Indo-Malayan region, from 
the Indus River in the west to the eastern end of the 
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Ficure 5: Request initiation and service execution flow in the proposed architecture. 


lookup microservice incorporates the discovery algorithm 
(as given in listing of Algorithm 1) to discover the social 
relationships and maintains the list of all objects and their 
potential association rating. The rating defines the opportu- 
nity for objects to form a relationship with each other. 

Moreover, the operation flow of social microservices has 
been illustrated in Figure 6, where VO management retrieves 
the social relationship among objects this is queried using 
link management, which uses a lookup service. Associations 
are maintained in a social relationship graph using semantic 
ontology and queried using the relation observer service. The 
social graph is also updated and maintained continuously 
with respect to changing links among objects, on the basis 
of which VOs are selected. 


3.4.2. Functional Components in Aggregated Object Virtual- 
ization Level. Aggregated object virtualization (AOV) level 
involves all the necessary functions to instantiate, manage, 
and continuously monitor CVOs. Besides, it includes the 
interface required by the service level to interact with CVO 
components. Service level provides the mashup graphs of 
CVOs and VOs that are required to fulfill a service request. 
Aggregation level also supports some core functions; these 
are categorized as CVO configuration and management to 
decompose requests from service level and manage CVO 
instances, CVO generator to instantiate CVOs, composition 
function to form CVO and VO mashups, reuse management 


to select existing CVOs that approximately match service 
requirement, and system knowledge engine to grow knowl- 
edge for the optimal use of CVO resources. Further, other 
aggregation level functionalities are as follows: registration 
function records the CVO entry into the semantic CVO 
registry in the form of RDF/JSON format. CVO includes 
ontologies that specify conditions to be applied on the 
VO data. Also, at this level, templates are created by a 
domain expert or knowledge engineer, which consist of 
functionalities associated with each CVO type. Template 
management module provides an interface to include tem- 
plates to the CVO template repository and also supports 
the modification mechanism. CVOs are discovered using 
their semantic annotation via the discovery function. CVO 
selection analyzer function provides estimated selection of 
a CVO for reuse if there is no single CVO that can exactly 
provide the required service. This is supported by similar- 
ity checking mechanism to analyze the level of similarity 
before recommending for reuse. At aggregation level, another 
important function is event processing; event streams gen- 
erated by object virtualization level are highly valuable to 
infer situational awareness and building RWK that is used 
by high-level functions. Event processing module facilitates 
processing of events and provides generated facts as output. 
Event processing is supported by CVO hypothesis analyzer 
that incorporates several hypotheses which are trained over 
data to build system level knowledge. Aggregation level also 


Indonesian chain of islands, and from the Himalayas to Java 
in the south. A. dbreviligula is in the Philippines, and A. 
binghami in the Celebes. In the high Himalayas, A. 
laboriosa—a species even larger than A. dorsata—nests up to 
3000 m, whereas A. dorsata rarely nests above 1250 m. 


APIS FLOREA AND RELATED SPECIES 


The area of the smaller A. florea extends as far northwest as 
Iran. It has also been reported around the Persian Gulf in 
Iran and Iraq, and in the Arabian peninsula. It reached parts 
of this last area, and also Sudan, by the aid of humans, and 
people may also have facilitated its spread along the coast 
west of the Indus Valley. It is characteristically found in hot 
dry areas at altitudes below 500 m; in some localities it is the 
only honey bee that could survive. Its eastern range does not 
extend as far as that of A. dorsata, possibly because A. florea 
could not cross wide sea channels. 

A. andreniformis, rather similar to A. florea, occurs in 
southern China, Myanmar (Burma), Palawan in the 
Philippines, Thailand, Indonesia, Laos, and Vietnam. It is 
likely that some early statements about A. florea in these areas 
refer instead to A. andreniformis. 


See Also the Following Articles 
Beekeeping ¢ Caste « Hymenoptera e Neotropical African Bees « 
Pollination and Pollinators 
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Aposematic Coloration 
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nsects attract collectors’ attention because they are extremely 
diverse and often bear spectacular colors. To biologists, 
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FIGURE 1 Pseudosphinx tetrio hawk moth caterpillar from the Peruvian 
Amazon, showing a combination of red and black, classical colors used by 
aposematic insects. These larvae feed on toxic latex-sapped trees in the 


Apocynaceae. Length 14 cm. (Photograph © M. Joron, 1999.) 


however, bright coloration has been a constantly renewed 
puzzle because it makes an insect a highly conspicuous prey 
to prospective predators. Charles Darwin understood that 
bright colors or exaggerated morphologies could evolve via 
sexual selection. However, he felt sexual selection could not 
account for the conspicuous color pattern of nonreproduc- 
tive larvae in, for example, Pseudosphinx hawk moth caterpillars 
(Fig. 1). In a reply to Darwin about this puzzle, Alfred R. 
Wallace proposed that bright colors could advertise the 
unpalatability of the caterpillars to experienced predators. 
Indeed, prey that are not edible to predators are predicted to 
gain by exhibiting conspicuous and very recognizable colors; 
experienced predators can then correctly identify and 
subsequently avoid attacking such prey. E. B. Poulton later 
developed this idea, expanded it to other warning signals (i.e., 
sounds or smells), and coined the term “aposematism” to 
describe this phenomenon (from the Greek “away” and “sign”). 

Aposematic color patterns are found everywhere through- 
out the insects, from black- and yellow-striped stinging wasps 
to black and red, bitter-tasting lady beetles, or brightly colored, 
poisonous tropical butterflies. Although warning coloration 
has involved fascination, empirical and theoretical studies for 
some time, the puzzle of aposematism still motivates much 
debate today. First, although there is little doubt that bright 
coloration is often an antipredatory strategy, how aposematism 
evolves is far from clear. This is because brightly colored 
mutants in a population of cryptic (camouflaged) prey are 
more exposed to predators. How can a warning coloration 
evolve in a prey if the very first mutants exhibiting such 
coloration in the population are selected against? Second, the 
reasons for the brightness and conspicuousness of warning 
colors are not always clear and may be multiple. Are apose- 
matic colors “road signs” that help predators learn better to 
differentiate inedible from edible prey, or are bright colors 
more easily memorized and associated to bad taste by 
predators? Did yellow and red colors, often borne by 
poisonous insects, evolve because of innate biases against 
these colors in the predators’ brains, or are more complex 
cognitive, behavioral, frequency-dependent, or coevolutionary 
mechanisms involved in the evolution of warning patterns? 
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Finally, why are warning patterns highly diverse in the insect 
world, whereas all toxic prey would gain by bearing the same 
color, thus reducing the probability of being sampled by a 
naive predator? 


WHAT TO ADVERTISE 


“Aposematism is quite simply the correlation between conspic- 
uous signals, such as bright coloration, and prey unprofitabil- 
ity,” Candy Rowe wrote in 2001. But why should some prey 
become unprofitable in the first place, while others do not? 

Unprofitability is difficult to define, and even more difficult 
to measure. It is certainly contextually defined, because the 
propensity of an animal to eat something is highly dependent 
on its level of hunger and its ability to use the prey for energy 
once eaten. Palatability (i-e., the predator’s perception of prey 
profitability) greatly determines whether the predator will or 
will not eat the prey. Predator—prey coevolution led predators 
in part to rely on proximal perception to gauge the prey prof- 
itability. In particular, taste sensitivity may well have evolved 
in predators as an assessment of food toxicity: indeed, predators 
usually consider toxic chemicals to be distasteful. Some insects 
have external defenses such as horns, or spines, many of which 
cause irritation. Such physical defenses may be coupled to 
venom, as with the irritant hairs of many caterpillars or 
hymenopteran stingers. These insects may be otherwise 
perfectly profitable, and some predators evolve ways around 
the physical defenses, such as bee-eaters that are able to remove 
a bee’s stinger and venom sac. Other insects have passive chemi- 
cal defenses that predators discover upon consumption, such as 
chemicals in the hemolymph or sequestration glands of lubber 
grasshoppers or monarch butterflies. Such insects usually 
develop extra signals such as powerful smells, at least when 
handled, to advertise their toxicity before being consumed. 

Toxicity is not the only way an insect can be unprofitable 
to predators. Difficulty in capturing prey (due to fast escape, 
erratic flight, breakable wings, etc.), or difficulty in handling 
prey (due to toughness or a hard cuticle) are other ways that 
insects can bring no net reward to the predators that spend 
energy chasing them, even if the chase results in the prey 
being seized. However, multiple unprofitability traits might 
be important in the evolution of warning signals. 

Predators can have three kinds of response to a prey depend- 
ing on their perception of prey profitability. If consuming a 
prey leads the predator to be more likely to attack similar prey 
in the future, perhaps even using the prey’s appearance as a 
search image, the prey is called palatable. In feeding experi- 
ments, this usually leads birds to attack nearly 100% of the 
palatable prey offered. Of course, the predator may satiate after 
consuming a number of prey, and consequently the propensity 
to attack may decrease at high prey densities. In contrast, if 
experienced predators are less likely to attack similar prey, the 
prey is called unpalatable. Of course, predators’ memorizing 
capacity, and the strength of the prey unpalatability, may all 
influence how fast information regarding prey is acquired 


and how long it is retained. However, a distasteful prey will 
inevitably lower the predators’ instantaneous propensity to 
attack this prey further, an effect analogous to an immediate 
satiation. Finally, eating the prey may have no effect on the 
predator's subsequent behavior, which means that the prey is 
effectively neutral. This category is mainly derived from 
theory; there is little evidence that it exists in nature. 

Variations in unpalatability among prey species, along 
what is called the “(un)palatability spectrum,” affect the rate 
at which predators modify their behavior with experience. 
Predator’s perceived toxicity is likely to be a sigmoid function 
of actual toxin concentration per unit prey mass, meaning 
that little of the palatability spectrum may fall into interme- 
diate perceptions between “unpalatable” and “fully palatable.” 
Although how predators learn is still under debate, experi- 
ments and theory suggest that they respond to a large extent 
to the (perceived) concentration of nasty chemicals they can 
tolerate per unit time. 

The distastefulness of insects is generally linked to the host 
plants they utilize. Indeed, many distasteful or defended insects 
are herbivorous; most defended nonherbivorous insects are 
Hymenoptera. Some plant families, like the Solanaceae and the 
Passifloraceae, which are hosts to many chemically defended 
insects, contain alkaloids and cyanogens, respectively, as 
secondary metabolites. Some insects, like monarch butterflies 
(Danaus plexippus) that feed on Asclepias plants (milkweeds, 
Asclepiadaceae), sequester the compounds of such plants and 
store them; these insects thus avoid the toxic effects of the 
toxic compounds altogether. In soft-bodied insects (e.g., 
larvae), toxins are usually stored near the teguments or in 
special glands, ready to release their contents upon handling. 
The toxicity of insects that extract and sequester plant chem- 
ical compounds is dependent on the concentration of these 
compounds in the host plant. Sawfly larvae (Hymenoptera: 
Tenthredinidae), for example, reflex-bleed drops of hemolymph 
when touched; the unpalatability of such larvae is shown to 
be directly dependent on the glucosinolate concentration of 
their crucifer host plant over 24 h before “bleeding.” 

Other insects, however, synthesize their toxins de novo, like 
many chrysomelid beetles; they probably use the same enzy- 
matic machinery that serves (or has served, in their ancestors) 
to detoxify the plant’s secondary compounds. Although many 
of these species still use precursors derived from their food 
plant, these insects are usually less dependent on the plant's 
toxicity to develop their own noxious compounds. Some 
groups like ithomiine or heliconiine butterflies also get toxin 
precursors in their adult diet. 

Whatever route to distastefulness is taken, we observe a 
general correlation between clades of distasteful insects and 
toxicity in host plant families. In butterflies, the distasteful 
Troidinae (Papilionidae) tend to feed on Aristolochiaceae, 
monarchs (Nymphalidae: Danainae) usually feed on milkweeds 
(Asclepiadaceae), longwing butterflies (Nymphalidae: Heli- 
coniinae) feed on Passifloraceae, and clearwings (Nymphal- 
idae: Ithomiinae) mainly on Solanaceae and Apocynaceae. In 


contrast, butterfly clades feeding on chemical-free mono- 
cotyledonous plants, like browns (Nymphalidae: Satyrinae) 
on grasses, or owl-butterflies (Nymphalidae: Brassolinae) on 
palms or Marantaceae, did not evolve distastefulness. Thus 
toxicity in insects may frequently have evolved as a mere by- 
product of adaptation to utilize new kinds of food, particularly 
toxic plants. The costs of detoxification or toxin production 
could be covered by the benefits of invading competition-free 
hosts, perhaps assisted by the increased survival afforded by 
chemical protection. 


DISGUSTING, BRIGHT, SIMPLE, AND 
CONTRASTED: WHY AND HOW TO ADVERTISE 


Why should unprofitable prey advertise? Instead of parading 
with gaudy colors, why should all prey not try to escape preda- 
tors’ detection altogether through camouflage? Although the 
initial steps to aposematism are not obvious, the advantage of 
aposematic signals once established is clear. Indeed, numer- 
ous studies have shown that most predators are able to learn 
and recognize, and subsequently avoid, prey they associate 
with a bad experience. 

Some distasteful prey, such as the transparent ithomiine 
butterflies found in the forest understory in tropical America, 
are not particularly conspicuous. The rampant mimicry found 
in this group of inconspicuous butterflies demonstrates that 
predators are able to learn and avoid such prey (although 
other stimuli, e.g., motion, might also be important). Still, 
most distasteful insects are brightly colored. Why should 
aposematic signals usually be conspicuous, and use simple 
color patterns of red, yellow, or black? Most of the answer is 
likely to be found in the cognitive behavior of the predators 
that selected for such colors. Several hypotheses have been 
put forward to explain the correlation between bright colors 
and unprofitability in insects. Bright contrasted colors are 
thought to be (1) easier to learn, (2) more difficult to forget, 
and (3) as different as possible from edible prey, thereby 
facilitating the avoidance of recognition errors. All these 
mechanisms are supported by experimental data to some 
extent (e.g., Fig. 2). Because both predators and aposematic 
prey benefit from correct identification, aposematic colors 
are believed to take advantage of any bias in the predator's 
cognition system. Likewise, predators in turn gain in being 
biased in the same direction as that taken by the prey. 
Therefore, prey signaling and predators’ cognition are likely 
to have coevolved, which, incidentally, makes experimental 
evidence for any of the foregoing hypotheses generally hard 
to establish independently. Hypothesis 3 is the most likely to 
involve interactions between perception and cognition in the 
predators, leading to fast evolution of the prey’s signals. 

Many aposematic insects simultaneously send signals of dif- 
ferent kinds, and some argue that such “multimodal” warn- 
ing signals may reveal unconditioned biases that are absent 
when each sensory modality is examined alone. Assuming that 
predators would rely solely on color and not behavior, motion, 
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FIGURE 2 Schematic outline of the “novel world” experimental design 
developed by R. Alatalo and J. Mappes (University of Jyvaskyla, Finland) to 
study the mechanisms of predator's selection on conspicuous prey. Great tits, 
Parus major, are trained to forage in a room covered with small black symbols 
(e.g., crosses) on a white background, some of which are actual prey. Almond 
crumbs are placed between two 1-cm‘ pieces of paper glued together that bear 
a symbol on the outside. Black-squared prey items stand out conspicuously on 
the black-crossed background and represent potential warning signals, whereas 
black-crossed prey items are cryptic. The novelty of all symbols ensures that 
innate or previously learned prey recognition does not interfere with the 
predator's response during the experiment. This setup also partly resolves one 
drawback of garden experiments, where the local food abundance for 
predators is artificially increased, making the searching costs, search images, 
and other predatory behavior unrealistic. By playing on the palatability of 
the prey items, it is possible to monitor how the birds learn to avoid the 
conspicuous signal. Mimics can also be incorporated in the environment at 
varying frequencies to study the dynamics of Batesian mimicry. 


or sounds is perhaps simplistic, and it is sometimes argued that 
multiple signals could even be a prerequisite for the evolution 
of warning coloration. In fact, the reason for the apparent 
importance of multimodality probably lies again in the coevo- 
lutionary history of predators and their prey, which shapes 
innate biases. Predators are generally good entomologists for 
the potential prey they encounter often, and predators integrate 
various sensory modalities to make decisions regarding a par- 
ticular action. Most aposematic insects are mimicked by edible 
species (Batesian mimics) that parasitize the warning function 
of the signal. The presence of these Batesian mimics reduces 
the reliability of the warning signal and means lost prey for the 
predators. Model species may therefore escape being mimicked 
by evolving new dimensions for signaling, in addition to the 
established one (i.e., in different sensory dimensions). 

Many warningly colored insects live in groups, which 
enhances the warning function of their signal for three reasons 
(Fig. 3). First, predators tend to associate and retain noxiousness 
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FIGURE 3 Examples of gregarious warningly colored insects. (A) Gregarious 


Chromacris \ubber grasshoppers nymphs (Orthoptera: Romaleidae) feeding on 
a toxic Solanum mite. Although it is not a bright color, black is often used as 
a warning color by insects, presumably because it increases conspicuousness by 
contrast against green foliage. (B) Gregarious Morpho sp. caterpillars spending 
the day in a dense cluster. They disperse at night for feeding. Clusters of 
aposematic prey often create an emergent, enhanced pattern presumably 
perceived as a supernormal stimulus by the predators and therefore better 
memorized. Caterpillars about 10 cm long. (Photographs from the Peruvian 


Amazon, © M. Joron, 1997.) 


and a warning signal more quickly when presented with 
multiple copies of the same signal. Second, all unpalatable 
prey get an individual advantage in living in groups by the 
immediate avoidance, similar to the immediate satiation 
discussed earlier, caused in the individual predator that 
avoids the group altogether. Third, at the population level, 
clustering spatially also reduces the number of individual 
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FIGURE 4 Peak shift mechanism applied to prey conspicuousness. The 
curve describes a fitness function that relates pattern conspicuousness to the 
probability of suffering predation. Predators are assumed to have knowledge 
of prey ranging from crypsis (open square: zero conspicuousness, tastefulness, 
high probability of predation) to aposematism (solid circle: high conspic- 
uousness, A!; distastefulness, low probability of predation, p): From this 
knowledge, predators extrapolate the palatability of prey with higher con- 
spicuousness they have not yet experienced, hence the curve beyond the solid 
circle. In particular, slightly more conspicuous prey (open circle) elicit a 
stronger rejection response than the known aposematic prey (solid circle), and 
therefore suffer an even lower probability of predation, P- Consequently, 
selection should cause the conspicuousness of the distasteful prey to shift 
gradually from A! to A’. In contrast, cryptic distasteful prey cannot drift away 
from crypsis (open square) toward higher levels of conspicuousness because 
they are more likely to be preyed upon when they become more conspicuous. 
An initial phenotypic jump is necessary to get to levels of conspicuousness 
where birds can categorize the prey as warningly colored, avoiding confusion 
with the normal staple of cryptic tasteful prey. 


predators the population of prey is exposed to and has to 
educate, which again enhances the benefit of signaling. In 
short, it pays to be sitting right next to the toxic individual 
that is being sampled by a predator, because this is where the 
probability of predation is lowest, hence the advantage to 
living in groups. However, many solitary prey also exhibit 
warning coloration, and gregariousness does not necessarily 
evolve prior to aposematism. 

One common mechanism leading to fast divergence in 
signals throughout the animals, known as peak shift, hinges 
here on the coupling of prey coloration, predator experience, 
and predator innate aversion. Prey can be placed on a 
conspicuousness axis (Fig. 4), with cryptic edible prey at one 
end (close to 0 conspicuousness) and incipient aposematic 
prey or new color pattern mutants at some distance down the 
axis. More conspicuous prey usually elicit stronger aversion in 
educated predators, which extrapolate the idea that stronger 
conspicuousness should mean stronger noxiousness. Therefore, 
stronger signals (away from edible prey appearance) lead to a 
supernormal response in the predators that thereby select for 
increased conspicuousness in the prey. This mechanism is a 
special case of a runaway process and could be an important 
route to the evolution of aposematic prey that are bright and 


contrasted. It is thought that the coupling of such cognitive 
biases with the ability to learn leads to the selection of more 
strongly exaggerated warning colors and patterns in noxious 
prey than is expected in purely nonlearning predators. 


EVOLUTIONARY ROUTES TO 
APOSEMATIC COLORATION 


The Problems 


There are obvious benefits to bearing warning colors in a pop- 
ulation of warning-colored prey. As noted by early naturalists 
like A. R. Wallace and later E. B. Poulton, experienced preda- 
tors avoid warningly colored prey, and presumably the number 
of prey killed during the predators’ education is lower than in 
the absence of signaling. These benefits are clear at the group 
level but are not so clear at the individual level, because the 
first warningly colored individuals in a population of cryptic 
(and noxious) prey suffer strongly increased predation. Indeed, 
novel warningly colored prey not only suffer increased detec- 
tion by prospective predators, but also elicit 70 avoidance in 
the predators. Consequently, there is strong positive frequency 
dependence, putting novel rare warning signals at a dispro- 
portionate disadvantage against an established strategy (crypsis, 
or another already established warning signal). 

How could warning signals evolve at all if the first mutants 
using this strategy are killed? Laboratory experiments using the 
“novel world” design (Fig. 2) show rather unequivocally that 
aposematic patterns cannot evolve gradually in unpalatable prey. 
Indeed, small increases in visibility in cryptic prey increased 
attack rates without enhancing learning. Similarly, deviant 
phenotypes in established warning patterns suffered stronger 
predation. Finally, rare conspicuous prey suffered dispropor- 
tionate predation, even when presented in groups. Therefore, 
a gradual increase in conspicuousness towards aposematism 
seems unlikely. This means that the evolving population must 
undergo a sudden jump, both in phenotype (to get a pattern 
that predators categorize as a different item) and in numbers 
beyond a threshold frequency (to allow the local predators to 
learn about the new pattern). Once the new pattern has 
achieved the minimum frequency and phenotypic thresholds, 
positive frequency dependence helps the new mutant to spread 
in the population. Peak shift or other processes can then occur, 
increasing the conspicuousness or adding other components 
to the signal. How can these evolutionary leaps be achieved — 
or circumvented—by an incipient aposematic prey? 


Deterministic Evolution via Immediate Benefits 


NEOPHOBIA A new aposematic form could in theory 
escape the disadvantage of being rare and novel by causing 
immediate avoidance without having to be tasted at all by the 
predator. Indeed, predators are somewhat reluctant to sample 
novel-looking prey, particularly if novelty is associated with 
bright colors. This phenomenon is called “neophobia,” a kind 
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of diet conservatism in predators. Neophobia could arise from 
various foraging biases, such as the formation of search images 
in the brains of predators as they search for edible-looking 
prey and ignore other prey, or via cultural inheritance, as with 
nestlings that tend to prey upon what they were fed by their 
parents. Neophobia is sometimes presented as a potential 
route toward aposematism. However, it does not really resolve 
the frequency dependence problem, because it is essentially a 
transient phenomenon involving no information acquisition 
by predators. Therefore as soon as numbers grow, however 
slightly, neophobia tends to vanish. Neophobia should best be 
classified as a predator’s bias, like other innate biases against 
colors, smells, or sound, evolved by predators in response to 
their prey environment. Such biases are likely to channel the 
ultimate form taken by the aposematic signal (to the benefit 
of both preys and predators), but it is unlikely that they cause 
its evolution in the first place. 


INDIVIDUAL ADVANTAGE One obvious way around 
initial obstacles is not to be killed by predators’ attacks. Then, 
prey could both educate the predators and be avoided in 
subsequent encounters. Indeed, most birds taste-test their 
prey before ingesting them, and many aposematic prey have 
noxious compounds in their outer parts, making it possible 
to be tasted but not injured by predators. For instance, ithomi- 
ine and danaine butterflies concentrate alkaloid in their wings. 
Day-flying pericopine moths let a voluminous and bitter 
hemolymph froth out of their body, likely tasted (or smelled) 
by a predator before it has profoundly injured the moth. 
Moreover, most unpalatable butterflies have very elastic bodies, 
which resist crushing. Strong smells that predators take as a 
warning for bad taste or toxicity, like those of stinkbugs, are 
another way by which prey can gain immediate advantage 
without having to be effectively tasted by the predators. 


PREY ALREADY CONSPICUOUS Another way by which 
prey can overcome the difficulty of evolving conspicuous 
color is not to suffer any cost (i.e., avoid the necessity of a 
phenotypic leap) as a result of increased conspicuousness. 
Indeed, most flying insects are rather conspicuous in flight 
and rely on their difficulty of capture to escape predation. 
They may not suffer any cost to bearing conspicuous colors, 
and indeed many butterflies, if not most, irrespective of their 
palatability, display bright patches of colors on the upper side 
of their wings, visible in flight, while having cryptic 
underwings making them inconspicuous when sitting. Such 
bright dorsal colors might initially evolve as sexual signals in 
male—male or male-female interactions long before unpalat- 
ability evolves. Once noxiousness has evolved, predators can 
learn an already conspicuous pattern without making 
recognition errors because of the resemblance to the palatable 
prey they have as search images. In a way, conspicuous flying 
insects can be said to be “preadapted” to evolve warning colors. 
But such patterns can then also change or drift according to 
predators’ biases. In particular, already bright color patterns 
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can be enhanced toward brighter coloration through processes 
like peak shift, as described earlier. According to James Mallet, 
examples of this mechanism are the unpalatable Zaenaris and 
Hyantis (Nymphalidae: Morphinae), which have evolved 
strikingly conspicuous warning spots via the enhancement of 
some of the less conspicuous eyespots that are still found on 
the undersides of their palatable relatives, the well-known blue 
Morpho butterflies. 


MULLERIAN MIMICRY The easiest way to avoid the cost 
of rarity and conspicuousness altogether is to jump to an apose- 
matic pattern already present in the habitat and known by 
the local predators. The shared appearance between several 
defended prey is called Miillerian mimicry, and it is likely 
that most aposematic species evolved via this route. Indeed, 
mimicry rings usually include a large number of Miillerian 
species (all of which are noxious). Of these, only one evolved 
the pattern first, followed by the other species that colonized 
an already protected pattern. This pattern of evolution is 
detectable by examining the biogeography and phylogeny of 
the species in question. For example, Heliconius erato and H. 
melpomene are Miillerian mimics throughout their distribution 
range. However, the H. melpomene was shown to have much 
younger color pattern races, with a clearly distinct genealogy, 
than H. erato, suggesting that H. melpomene is a Miillerian 
mimic that adopted the established color patterns of H. erato. 


Population Processes: Kin Selection, Drift, and 
Shifting Balance 


Because many unpalatable prey are indeed gregarious, it is 
easy to conclude that gregariousness allows the evolution of 
aposematism. The evolution of aposematism through 
gregariousness relies on the predator rejecting the whole 
group after sampling only one or few individuals. This 
extrapolation from one prey to the whole group is analogous 
to a superfast learning in the predator, which can be enhanced 
by conspicuousness. However, it also pays for aposematic 
preys to live in groups, thereby increasing their apparent 
density to the local predators. It is therefore not clear whether 
gregariousness or aposematism should evolve first to trigger 
the evolution of the other. Groups of gregarious larvae (Fig. 3) 
are usually family groups, suggesting that kinship might allow 
a new mutation quickly to get to a locally high frequency in 
such little-dispersing insects through kin selection. However, 
one should be aware that relatedness per se is not what favors 
the local rise in frequency of the gene here, but simply the 
local founding event by one or few family groups. 

In fact, many adult aposematic adult insects are either not 
gregarious at all or do not aggregate in family groups. Besides, 
some of the most gregarious insect larvae come from the joint 
oviposition of several unrelated females. Although these exam- 
ples could have arisen after the initial evolution of warning 
color through kin selection, it is more parsimonious to infer 
that non-kin-selection arguments can also explain the evolution 


of aposematism. Drift alone, particularly, followed by positive 
frequency dependence, is a good candidate mechanism (and in 
fact kin founding is only a special case of genetic drift). Indeed, 
when the ratio of predators to prey decreases in a locality, 
selection for antipredatory strategies is greatly diminished, 
allowing the exploration of other color pattern possibilities 
by the local population. Using release—recapture techniques 
of different warningly colored forms of H. cydno in Ecuador, 
D. Kapan showed that selection was relaxed when the butter- 
flies were released in larger numbers. Therefore, the prey popu- 
lation could move via genetic drift above the required threshold, 
after which the new warning color invades the population. 
Positive frequency dependence has the interesting property 
that although it hinders the initial evolution of new patterns, 
it hinders the removal of any pattern once it has been estab- 
lished. If genetic drift in prey populations matches the fluc- 
tuations of selection pressures in time and space, new local 
aposematic patterns can be established frequently in different 
locations. These are essentially the first and second steps of 
the shifting balance theory of S. Wright. Competition between 
geographically adjacent warning color types then allows one 
pattern to spread to neighboring populations, like the 
traveling waves of color races documented in South America 
for H. erato or H. melpomene. 


CONCLUSIONS 


Despite the advantages of bearing a warning coloration 
established in the locality, the evolution of aposematism is 
not straightforward because proximal mechanisms seem to 
represent obstacles to its initial evolution. However, 
aposematic patterns are extremely diverse at all geographical 
and taxonomic levels, and this major discrepancy between 
theory and nature clearly suggests that positive frequency- 
dependent arguments are not as restrictive against the rise of 
novel warning colors. Similarly, predator generalization, 
which should not allow gradual shift of cryptic prey toward 
bright warning colors, does not seem to be efficient in 
restricting the rise of new conspicuous patterns. 

In fact, both population dynamics and psychological argu- 
ments might well explain such spectacular diversification. First, 
positive frequency dependence would allow new local forms to 
be established through drift, relayed by other processes involving 
predator's cognitive biases. Second, the initial steps toward 
warning color are determined largely by which cognitive biases 
in the predators are exploited. That is, the initial pathway 
taken toward the evolution of warning coloration probably 
profoundly affects the aposematic phenotype that eventually 
evolves. Similarly, positive frequency dependence prevents 
deviations from the evolutionary pathway that is taken. In 
short, although aposematism is not expected predictably to 
evolve via Fisherian selection, it is such a powerful strategy 
once evolved that it is possibly inevitable in a contingent and 
varying world, where the nature and the height of the initial 
obstacles to its evolution fluctuate. It may thus follow a 


ratchetlike pattern of evolution, where more routes may lead 
toward aposematism than routes away from it. 
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Apterygota 


pterygota is a subclass of the class Insecta in the phylum 
Arthropoda. It contains two orders, the Archaeognatha 
and the Thysanura. 
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ess than 3% of the world’s total water occurs on land, and 
most of this is frozen in polar ice caps. Streams and rivers 
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are one of the more conspicuous features of the landscape; 
however, their total area is about 0.1% of the land surface, 
whereas lakes represent about 1.8% of total land surface. 
Some authors have questioned whether insects have been 
successful in water because aquatic species represent only a 
small portion of the total hexapod fauna. However, 13 orders 
of insects contain species with aquatic or semiaquatic stages, 
and in five of these (Ephemeroptera, Odonata, Plecoptera, 
Megaloptera, and Trichoptera) all species are aquatic with 
few exceptions (Table I). Few aquatic insects spend all of 
their life in water; generally any insect that lives in water 
during a portion of its development is considered to be 
“aquatic.” Usually, but not always, for most “aquatic” species, 
it is the larval stage that develops in aquatic habitats, and the 
adults are terrestrial (Table I). The pupae of some taxa 
undergoing complete metamorphosis (i.e., holometabolous) 
remain within the aquatic habitat; in others the last larval 
instar moves onto land to pupate, providing the transition 
stage from the aquatic larva to the terrestrial adult. 

The success of insects in freshwater environments is 
demonstrated by their diversity and abundance, broad 
distribution, and their ability to exploit most types of aquatic 
habitat. Some species have adapted to very restricted habitats 
and often have life cycles, morphological, and physiological 
adaptations that allow them to cope with the challenges pre- 
sented by aquatic habitats. One aquatic environment in 
which insects have not been very successful is saltwater 
habitats, although some 14 orders and 1400 species of insects 
occur in brackish and marine habitats; only one group occurs 
in the open ocean. One of the most widely accepted attempts 
to explain why more insects do not live in marine environ- 
ments is that successful resident marine invertebrates evolved 
long before aquatic insects and occupy many of the same 
niches inhabited by freshwater insects. Thus, marine inverte- 
brates, such as crustaceans, have barred many insects from 


TABLEI Occurrence of Life Stages in Major Habitat Types 
for Aquatic and Semiaquatic Representatives of Insect Orders 
(A, adult; L, larvae; P, pupae) 





Order Terrestrial Freshwater 
Collembola A,L A,L 
Ephemeroptera A di, 
Odonata A L 
Heteroptera A Aj. 
Orthoptera A,L A,L 
Plecoptera A G 
Coleoptera A, L, P A,L 
Diptera A, P L,, P 
Hymenoptera A A; LP 
Lepidoptera A L, P 
Megaloptera A, P L 
Neuroptera A,P L 
Trichoptera A LP 


Modified from Ward, J. V. (1992). “Aquatic Insect Ecology,” Vol. 1, 
“Biology and Habitat.” Wiley, New York. 
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marine habitats by competitive exclusion. Problems with 
osmoregulation have been given as another reason for the 
paucity of saltwater species; however, one of the two 
multicellular animals found in the Great Salt Lake is a 
member of the order Diptera (see later: Unusual Habitats), 
providing evidence that some insects display a strong ability 
to osmoregulate. 

The first aquatic insects are believed to have inhabited 
flowing water as early as the Permian and Triassic. It was not 
until the late Triassic and early Jurassic that evidence of 
abundant lentic, or still-water, fauna arose, accompanied by 
rapid diversification of water beetles, aquatic bugs 
(Heteroptera), and primitive Diptera. On the basis of several 
lines of evidence including osmoregulation, fossil evidence, 
secondary invasions to water of many taxa, and great 
variation in gill structure among and within orders, some 
authors have suggested that the first insects may have lived in 
water rather than in terrestrial habitats. However, the general 
consensus is that an aquatic origin for insects seems unlikely 
and that aquatic insects may not have shown up until 60 to 
70 million years later than their terrestrial counterparts. 

Freshwater systems are often divided into standing (lentic) 
and flowing (lotic) waters. Although such a division is useful 
for indicating physical and biological differences, habitat 
diversity can vary tremendously within these two broad cat- 
egories, and some of the same taxa may be found in both 
lentic and lotic habitats, depending on the physiological 
constraints of a given habit. Many factors influence 
successful colonization of aquatic insects to a given habitat; 
however, most of these would fall under four broad categories: 
(1) physiological constraints (e.g., oxygen demands, respira- 
tion, osmoregulation, temperature effects), (2) trophic consi- 
derations (e.g., food acquisition), (3) physical constraints 
(e.g., coping with harsh habitats), and (4) biotic interactions 
(e.g., predation, competition). However, these categories are 
so interrelated that detailed analysis of each factor separately 
is very difficult. 


HABITAT, HABIT, AND TROPHIC 
CLASSIFICATION SYSTEM 


The classification system used here for lotic and lentic 
habitats stresses the basic distinction between flowing water 
(i.e., streams, rivers) and standing water (i.e., ponds, lakes, 
swamps, marshes) habitats (Table IH). This separation is 
generally useful in describing the specific microhabitats (e.g., 
sediments, vascular hydrophytes, detritus) in which aquatic 
insects may be found. Both stream/river currents and lake 
shoreline waves often create erosional (riffle-type) habitats 
and may resemble each other in their physical characteristics, 
whereas river floodplain pools and stream/river backwaters 
create depositional (pool-type) habitats that may resemble 
lake habitats as well (Table II). Within a given habitat, the 
modes by which individuals maintain their location (e.g., 
clingers on surfaces in fast-flowing water, sprawlers on sand 


or on surfaces of floating leaves, climbers on stem-type 
surfaces, burrowers in soft sediments) or move about (e.g., 
swimmers, divers, surface skaters) have been categorized 
(Table IIL). The distribution pattern resulting from habitat 
selection by a given aquatic insect species reflects the optimal 
overlap between habit and physical environmental 
conditions that comprise the habitat, such as bottom type, 
flow, and turbulence. Because food in aquatic habitats is 
almost always distributed in a patchy fashion, the match 
between habitat and habit is maximized in certain locations. 
This combination will often result in the maximum 
occurrence of a particular species. 

In view of the complex physical environment of streams, 
it is not surprising that benthic invertebrates have evolved a 
diverse array of morphological adaptations and behavioral 
mechanisms for exploiting foods. Throughout this article we 
will follow the functional classification system originally 
described by K. W. Cummins in 1973, which is based on the 
mechanisms used by invertebrates to acquire foods (Table IV). 
These functional groups are as follows: 


e Shredders, which are insects and other animals that feed 
directly on large pieces of organic matter (e.g., decomposing 
leaves and fragments of wood >1 mm in size) and their 
associated fungi and bacteria, and convert them into fine 
particulate organic matter (FPOM) through maceration, 
defecation, and physical degradation; 

¢ Collector-filterers, which have specialized anatomical 
structures (e.g., setae, mouth brushes, fans, etc.) or silk and 
silklike secretions that act as sieves to remove fine particulate 
matter less than 1 mm in diameter from the water column; 

¢ Collector-gatherers, which gather food, primarily 
FPOM, that is deposited within streams or lakes; 

e Scrapers, which have mouthparts adapted to graze or 
scrape materials (e.g., periphyton, or attached algae, and the 
associated microbes) from rock surfaces and organic substrates; 

e Predators, which feed primarily on other animals by 
either engulfing their prey or piercing prey and sucking body 
contents. 


These functional feeding groups refer primarily to modes of 
feeding or the means by which the food is acquired, and the 
food type per se (Table IV). For example, shredders may select 
leaves that have been colonized by fungi and_ bacteria; 
however, they also ingest attached algal cells, protozoans, and 
various other components of the fauna along with the leaves. 


LOTIC HABITATS 


Streams vary greatly in gradient, current velocity, width, depth, 
flow, sinuosity, cross-sectional area, and substrate type, depend- 
ing on their position in the landscape with respect to geology, 
climate, and the basin area they drain. Anyone who has spent 
much time around or wading in streams is aware that these 
can be extremely diverse habitats, often manifesting great 


TABLE II Aquatic Habitat Classification System 


General category 


Specific category 
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Description 





Lotic—erosional (running-water riffles) 


Lotic—depositional (running-water 


pools and margins) 


Lentic—limnetic (standing water) 


Lentic—littoral (standing water, 


shallow-water area) 


Lentic—profundal (standing water, basin) 


Beach zone 


Sediments 


Vascular hydrophytes 


Detritus 


Sediments 
Vascular hydrophytes 


Detritus 
Open water 


Erosional 

Vascular hydrophytes 
Emergent zone 
Floating zone 


Submerged zone 
Sediments 


Sediments 


Freshwater lakes 


Marine intertidal 


Coarse sediments (cobbles, pebbles, gravel) typical of stream riffles. 


Vascular plants growing on (e.g., moss, Fontipalis) or among (e.g., pondweed, 
Potamogeton pectinatus) coarse sediments in riffles. 


Leaf packs (accumulations of leaf litter and other coarse particulate detritus at leading 
edge or behind obstructions such as logs or large cobbles and boulders) and debris 
(e.g., logs, branches) in riffles. 


Fine sediments (sand and silt) typical of stream pools and margins. 


Vascular plants growing in fine sediments (e.g., Elodea, broad-leaved species of 
Potamegeton, Ranunculus). 


Leaf litter and other particulate detritus in pools and alcoves (backwaters). 
On the surface or in the water column of lakes, bogs, ponds. 


Wave-swept shore area of coarse (cobbles, pebbles, gravel) sediments. 


Rooted or floating (e.g., duckweed, Lemna) aquatic vascular plants (usually with 
associated macroscopic filamentous algae). 

Plants of the immediate shore area (e.g., Typha, cattail), with most of the leaves above 
water. 


Rooted plants with large floating leaves (e.g., Nymphaea, pond lily), and nonrooted 
plants (e.g., Lemna). 


Rooted plants with most leaves beneath the surface. 
Fine sediments (sand and silt) of the vascular plant beds. 


Fine sediments (fine sand, silt, and clay) mixed with organic matter of the deeper 
basins of lakes. (This is the only category of “lentic—profundal.”) 


Moist sand beach areas of large lakes. 


Rocks, sand, and mud flats of the intertidal zone. 


After Merritt, R. W., and Cummins, K. W. (1996). “An Introduction to the Aquatic Insects of North America.” Kendall/Hunt, Dubuque, IA. 


TABLE III Categorization of Aquatic Insect Habits: That Is, Mode of Existence 


Category Description 





Skaters Adapted for “skating” on the surface where they feed as scavengers on organisms trapped in the surface film (e.g., Heteroptera: Gerridae, 
water striders). 

Planktonic Inhabiting the open-water limnetic zone of standing waters (lentic; lakes, bogs, ponds). Representatives may float and swim about in the 
open water but usually exhibit a diurnal vertical migration pattern (e.g., Diptera: Chaoboridae, phantom midges) or float at the 
surface to obtain oxygen and food, diving when alarmed (e.g., Diptera: Culicidae, mosquitoes). 

Divers Adapted for swimming by “rowing” with the hind legs in lentic habitats and lotic pools. Representatives come to the surface to obtain 
oxygen, dive and swim when feeding or alarmed; may cling to or crawl on submerged objects such as vascular plants (e.g., 
Heteroptera: Corixidae, water boatman; Coleoptera: adult Dytiscidae, predaceous diving beetles). 

Swimmers Adapted for “fishlike” swimming in lotic or lentic habitats. Individuals usually cling to submerged objects, such as rocks (lotic riffles) or 
vascular plants (lentic) between short bursts of swimming (e.g., Ephemeroptera: Siphlonuridae, Leptophlebiidae). 

Clingers Representatives have behavioral (e.g., fixed retreat construction) and morphological (e.g., long, curved tarsal claws, dorsoventral 
flattening, ventral gills arranged as a sucker) adaptations for attachment to surfaces in stream riffles and wave-swept rocky littoral 
zones of lakes (e.g., Ephemeroptera: Heptageniidae; Trichoptera: Hydropsychidae; Diptera: Blephariceridae). 

Sprawlers Inhabiting the surface of floating leaves of vascular hydrophytes or fine sediments, usually with modifications for staying on top of the 
substrate and maintaining the respiratory surfaces free of silt (e.g., Ephemeroptera: Caenidae; Odonata: Libellulidae). 

Climbers Adapted for living on vascular hydrophytes or detrital debris (e.g., overhanging branches, roots and vegetation along streams, submerged 
brush in lakes) with modifications for moving vertically on stem-type surfaces (e.g., Odonata: Aeshnidae). 

Burrowers Inhabiting the fine sediments of streams (pools) and lakes. Some construct discrete burrows that may have sand grain tubes extending 
above the surface of the substrate or the individuals may ingest their way through the sediments (e.g., Ephemeroptera: Ephemeridae, 
burrowing mayflies; Diptera: most Chironominae, Chironomini, bloodworm midges). Some burrow (tunnel) into plants stems, 
leaves, or roots (miners). 


After Merritt, R. W., and Cummins, K. W. (1996). “An Introduction to the Aquatic Insects of North America.” Kendall/Hunt, Dubuque, IA. 
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TABLEIV General Classification Systems for Aquatic Insect Trophic Relations 


Subdivision of function group 


Functional 
group* 
Shredders 


Dominant food 


Living vascular hydrophyte 
plant tissue 


macrophytes 


Decomposing vascular plant tissue 
and wood—coarse particular 
organic matter (CPOM) 


Collectors 


Decomposing fine particular 
organic matter (FPOM) 


Detritivores—gatherers or 
deposit (sediment) feeders 
(includes surface film feeders) 


Scrapers Periphyton—attached algae 


and associated material 


Predators Living animal tissue 


(engulfers) 


Living animal tissue 


animals (or parts) 


Feeding mechanism 


Herbivores—chewers 
and miners of live 


Detritivores—filterers or 
suspension feeders 


Herbivores—grazing scrapers or 
mineral and organic surfaces 


Carnivores—attack prey, pierce 
tissues and cells, suck fluids 


Carnivores—ingest whole 


General particle size 


Examples of taxa range of food (lim) 


Trichoptera: 
Phyrganeidae, > 103 
Leptoceridae 

Trichoptera: 
Limnephilidae 


Plecoptera: 
Pteronarcyidae, 
Nemouridae 

Diptera: 
Tipulidae, 
Chironomidae 

Trichoptera: 
Hydropsychidae 

Diptera: < 10° 
Simuliidae 

Ephemeroptera: 
Ephemeridae, 
Baetidae, 
Ephemerellidae 

Diptera: 
Chironomidae 


Trichoptera: 
Glossomatidae 

Coleoptera: < 10° 
Psephenidae 

Ephemeroptera: 
Heptageniidae 

Heteroptera: 


Belostomatidae, > 10° 
Odonata, 


Plecoptera: > 10° 
Perlidae, 
Perlodidae 
Coleoptera: 
Dytiscidae, 
Megaloptera 
Trichoptera: 
Rhyacophilidae 


After Merritt, R. W., and Cummins, K. W. (1996). “An Introduction to the Aquatic Insects of North America.” Kendall/Hunt, Dubuque, IA. 


“General category based on feeding mechanism. 


differences over short distances. In the upper reaches of a 
catchment or drainage basin, small streams often display a 
range of habitats characterized by areas that are shallow, with 
fast flow over pebbles, cobbles, and boulders. There are also 
areas with steep gradients, cascades, or waterfalls when the 
underlying substrate is bedrock. There also may be areas of 
slow velocity in pools of deeper water. 

In many streams draining forested watersheds, pools are 
found. Pools are depositional areas during normal flow as 
organic and inorganic particles settle to the substrate, and a 
similar settling process often occurs in side channels or back- 
water areas of streams. Pools are also created upstream of large 
instream pieces of wood, which may form obstructions known 


as debris dams. Because pools are generally characterized by 
reduced water velocity, many of the small particles normally 
suspended in fast flows settle to the bottom. In many low- 
gradient streams, including large rivers, bottom substrate often 
consists of silt, sand, and gravel-sized particles that are 
frequently moved by the force of the flowing water. In such 
systems, large pieces of woody debris entering the river from 
bank erosion or from adjacent floodplain or upstream areas 
may represent an important habitat for invertebrate 
colonization. 

Substratum characteristics are often perceived as a major 
contributor to the distribution of many invertebrates; 
however, many other factors, including water velocity, food, 
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Ficure 6: Sequence of operation required to establish a social relationship among objects. 


provides composition function which provides the basis for 
merging multiple VOs to generate single service feature and 
validation function to validate the compositions of multiple 
VOs. Moreover, the coordinator helps in resolving conflicts 
in case of simultaneous access of single CVO by multiple 
services together. 


3.4.3. Functional Components in Object Virtualization Level. 
Although IoT middleware virtualizes sensors and actuators 
in some form of virtual entities, however, in WoO, every 
living or nonliving thing can be represented in the virtual 
world. VOs are supported by an information model [14, 
15] which includes the representation of RWO that can 
be ICT or non-ICT. In the proposed architecture, object 
virtualization level includes functions to create, maintain, 
and coordinate VOs such as VO generator, VO management, 
and optimization engine. VO registration function provides 
an interface to register VOs with the help of VO ownership 
management function where the VO ownership is main- 
tained. Template management function handles templates 
or loads updated ones as provided by the domain expert. 
Metadata management maintains data associated with VOs; 
as VO is a digital representative of real-world entities, there 
is a high need to store metadata information to recognize 
the class of sensed data. Use of metadata provides the real 
value of the data in the form of the context stored within 
it. Furthermore, VO data synthesizer service handles the 


discrepancies if found in the data corresponding to VO; this 
includes data manipulation and missing value rectifications. 
Conflict resolution function helps in case the same VO is 
used by multiple service instances, to resolve the conflicts. 
Also, VO access management function controls access for 
VOs in case access right information has been defined by 
the VO owner, whereas identification management module 
maintains identification information about VOs so that each 
VO can be uniquely identified in the system. 


3.4.4, Social Relationship Discovery and Composition. To 
identify associations among web objects within a social 
relationship graph, an algorithm is elaborated briefly. In the 
following algorithm, the microservices that are in execution 
are retrieved first, represented as UMuy; next, all the CVOs 
associated with each of those microservices are recovered 
in &2Mc and, further, the corresponding VO model 2Mv 
is iterated. In the next step, executing the query statement 
routine returns the results denoted as T. The process of 
finding the relationships is carried out through lines (6)-(19) 
in multiple nested iterations as shown in the pseudocode of 
Algorithm 1 listing. 

Algorithm 2 facilitates the composition of objects based 
on social association types. This algorithm takes as input the 
set of object social relationships denoted by Z and registry 
entries of the objects that are currently available in the 
system, represented as Re. After the object model denoted 


feeding habits, refuge, and respiratory requirements, can be 
associated with specific substrates. Substratum particle size is 
influenced by several items, including geology, physical 
characteristics of the rock, past and present geomorphic 
processes (flowing water, glaciation, slope, etc.), climate and 
precipitation, and length of time over which the processes 
occur. These in turn influence landform, which exerts a major 
influence on various hydrological characteristics of aquatic 
habitats. Unlike many lentic environments, in lotic systems 
the velocity of moving water is sufficient to pass the water 
around the body of an insect and turbulence provides 
reaeration; thus, dissolved oxygen is rarely limiting to stream 
inhabitants. Local transport and storage of inorganic and 
organic materials by the current may be either detrimental 
(e.g., scouring action) or beneficial (as a food source). For 
example, most aquatic insects in flowing waters are passive 
filter feeders and depend on the water current for delivery of 
their food. Scouring flows may therefore remove from the 
streambed large organic particles (e.g., leaves) as well as 
smaller ones, creating temporary reductions in food supplies. 
In contrast, moderately rapid flows may facilitate feeding of 
some scraper or grazer insects by preventing excessive 
sedimentation buildup on the surfaces on which they feed. 


Some Insects and Their Adaptations 
to Erosional Habitats 


Adaptations of aquatic insects to torrential or “rapid flow” 
habitats include the dorsoventral flattening of the body, which 
serves two purposes: it increases the organism's area of contact 
with the surface substratum, and it offers a mechanism by 
which animals can remain in the boundary layer when water 
velocity diminishes, thereby reducing drag under subsequent 
exposure to high velocities. However, this second idea may be 
an oversimplification. Indeed, some authors have suggested 
that the dorsoventrally flattened shape may actually generate 
lift in the insect. Examples of animals inhabiting stones in 
habitats 
(Ephemeroptera) belonging to the families Heptageniidae 


torrential include a number of mayflies 
(Fig. 1A) and Ephemerellidae; some Plecoptera, such as 
Perlidae (Fig. 1G); some Megaloptera (i.e., Corydalidae) 
(Fig. 1D); and caddisflies (Trichoptera), such as Leptoceridae 
(Ceraclea). 

In addition to body shape, many mayflies and stoneflies 
have legs that project laterally from the body, thereby 
reducing drag and simultaneously increasing friction with the 
substrate. Most of these taxa are either scrapers or gatherers 
on surfaces of stones or predators on other aquatic insects. 
Undoubtedly, the diverse physical forces encountered in 
aquatic environments, especially streams, influence the array 
of morphologies found among aquatic insects. 

In some caddisflies (e.g., Glossosomatidae), the shape of 
the case rather than the insect is modified. The larvae of 
Glossosomatidae in their tortoiselike cases are frequently seen 


grazing on the upper surfaces of stones in riffle areas. Another 
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FIGURE 1 Typical insects inhabiting lotic environments. (A) Ephemeroptera: 
Heptageniidae (Rhithrogena). (Photograph by H. V. Daly.) (B) Diptera: 
Simuliidae (Simulium), (C) Trichoptera: Limnephilidae (Dicosmoecus), (D) 
Megaloptera: Corydalidae (Corydalus), (E) Diptera: Tipulidae (Zzpula), (F) 
Plecoptera: Pteronarcyidae (Pteronarcys), (G) Plecoptera: Perlidae, (H) 
Coleoptera: Psephenidae (Psephenus). 


curious caddisfly grazer on stone surfaces is Helicopsyche, 
whose larvae construct coiled cases of sand grains shaped like 
snail shells. Both glossosomatids and helicopsychids reach 
their greatest abundances in sunny cobble riffles, where they 
feed on attached periphyton or algae. Another lotic insect 
that relies on a rather streamlined case is the limnephilid 
caddisfly Dicosmoecus (Fig. 1C). 

Larvae of the dipteran family Blephariceridae are unusual 
in that they possess hydraulic suckers. A V-shaped notch at 
the anterior edge of each of the six ventral suckers works as a 
valve out of which water is forced when the sucker is pressed 
to the substrate. The sucker operates as a piston with the aid 
of specialized muscles. In addition, a series of small hooks and 
glands that secrete a sticky substance aid sucker attachment 
as the larvae move in a zigzag fashion, releasing the anterior 
three suckers, lifting the front portion of the body to a new 
position, and then reattaching the anterior suckers before 
releasing and moving the posterior ones to a new position. 
These larvae are commonly found on smooth stones in very 
rapid velocities and are usually absent from stones covered 
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with moss and from roughened stones that interfere with 
normal sucker function. Several other aquatic insects have 
structures that simulate the action of suckers. The enlarged 
gills of some mayflies (e.g., Epeorus sp. and Rhithrogena sp.: 
Fig. 1A) function as a friction pad, and Drunella doddsi has a 
specialized abdominal structure for the same purpose. Some 
chironomids have “pushing prolegs” represented by circlet of 
small spines that function as a false sucker when pressed to 
the substrate. Mountain midge larvae (Deuterophlebiidae) 
possibly use a similar mechanism to attach their suckerlike 
prolegs. Most of these animals are primarily grazers on thin 
films of epilithon (algae, associated fine organic matter, and 
microbes) found on the surface of stones. 

Flowing water usually carries many organic (and inorganic) 
particles and a number of insects exploit these suspended 
particles. Filter-feeding collectors (Table IV) exploit the 
current for gathering food with minimal energy expenditure. 
For example, certain filtering collectors exploit locations where 
flows converge over and around substrates, thus allowing the 
animals to occupy sites of greater food delivery. Examples 
include caddisfly larvae belonging to the families Hydro- 
psychidae and Brachycentridae. Silk is used for attachment 
by a number of caddisflies (e.g., Hydropsychidae, Philopota- 
midae, and Psychomyiidae), which build fixed nets and retreats 
(Fig. 2A). Although the Philopotamidae are found in riffle 
habitats, their fine-meshed, tubelike nets are usually found in 
crevices or undersides of stones in low velocity microhabitats 
(Fig. 2C). The nets of the caddisfly, Neureclipsis, are limited 
to moderately slow (< 25 cm s“) velocities and the large (up 
to 20 cm long), trumpet-shaped nets (Fig. 2D) are used to 
capture small animals drifting downstream. Neureclipsis 
larvae are often very abundant in some lake outflow streams 
where drifting zooplankton are abundant. 

Some case-making caddisflies (e.g., Brachycentrus sp.) also 
use silk for attaching their cases to the substrate in regions of 
moderately rapid flow. Many chironomid larvae construct 
fixed silken retreats for attachment or silken tubes that house 
the larvae, with a conical catchnet spun across the lumen of 
the tube. Periodically, the larva devours its catchnet with 
adhering debris that has been swept into the burrow by the 
water currents. Meanwhile, other chironomid larvae such as 
Rheotanytarsus spp. construct small silk cases that are 
attached to the stream substratum with extended hydralike 
arms. The arms project up in the current and are smeared 
with a silklike secretion to capture particles. 

Larval blackflies (Simuliidae, Fig. 1B) use a combination 
of hooks and silk for attachment. The thoracic proleg 
resembles that of chironomids and deuterophlebiids, 
described earlier, and the last abdominal segment bears a 
circlet of hooks, which it uses to anchor itself to substrates. 
The larva moves forward, inchwormlike, spins silk over the 
substrate, and attaches the proleg and then the posterior 
circlet of hooks to the silken web. Most blackfly larvae 
possess well-developed cephalic fans, which are used to filter 
small particles from suspension. These attached larvae twist 





FIGURE 2 Representative lotic insects in their environment: (A) Caddisfly 
larva (Macrostenum) in its retreat grazing on materials trapped on its capture 


net, (B) mayfly larva of Hexagenia (Ephemeridae) in its U-shaped burrow, 
(C) tubelike nets of philopotamid caddisfly larvae (Philotamidae) on the 
lower surface of a stone, (D) the caddisfly larva and cornucopia-shaped net of 
Neureclipsis (Polycentropodidae). [Habitat drawings modified and taken from 
Wallace, J. B., and Merritt, R. W. (1980). Filter-feeding ecology of aquatic 
insects. Annu. Rev. Entomol. 25, 103-132, (B); Merritt, R. W., and Wallace, 
J. B. (1981). Filter-feeding insects. Sez. Am. 244, 131-144 (A, C, D).] 


their bodies longitudinally from 90° to 180° with the ventral 
surface of the head and fans facing into the current. The 
fusiform body shape of blackfly larvae reduces turbulence 
and drag around their bodies, which are often located in 
regions of relatively rapid flow. Blackfly pupae are housed in 
silken cases that are attached to the substrate. 

Although unidirectional current is the basic feature of 
streams, most lotic insects have not adapted to strong currents, 
but instead have developed behavior patterns to avoid 
current. Very few lotic insects are strong swimmers, probably 
because of the energy expenditure required to swim against a 
current. Downstream transport or drift requires only a move- 
ment off the substrate to enter the current. Streamlined forms, 
such as the mayflies Baetis spp., Centroptilum, Isonychia spp., 
and Ameletus spp., are capable of short rapid bursts of 
swimming, but most lotic insects move by crawling or passive 
displacement. One characteristic of these latter mayflies is the 
possession of a fusiform, or streamlined, body shape: examples 
include several Ephemeroptera such as Baetis, Centroptilum, 
and. Lsonychia, as well as a number of beetle (Coleoptera) 
larvae. A fusiform body shape reduces resistance in fluids, 


and within the mayflies the shape is often associated with 
excellent swimming abilities. 

The benthic fauna in streams often can be found in cracks 
and crevices, between or under rocks and gravel, within the 
boundary layer on surfaces, or in other slack-water regions. 
Another method of avoiding fast currents is living in debris 
accumulations consisting of leaf packs and small woody 
debris. This debris offers both a food resource and a refuge 
for insects and contains a diverse array of aquatic insects 
including stoneflies such as Peltoperlidae and Pteronarcyidae 
(Fig. 1F), caddisflies such as Lepidostomatidae and some 
Limnephilidae, as well as dipterans such as chironomids and 
tipulid crane flies (Fig. 1E). 

In some streams with unstable sandy or silt substrates, 
woody debris can represent a “hot spot” of invertebrate 
activity. Wood debris provides a significant portion of the 
stable habitat for insects in streams when the power of the 
flowing water is insufficient to transport the wood out of 
the channel. In addition to the insect component using wood 
primarily as a substrate, there is often a characteristic 
xylophilous fauna associated with particular stages of wood 
degradation. These include chironomid midges and scraping 
mayflies (Cinygma spp. and Ironodes spp.) as early colonizers, 
and larvae and adults of elmid beetles. In western North 
America, an elmid (Lara avara) and a caddisfly (Heteroplectron) 
are gougers of firm waterlogged wood, chironomids are 
tunnelers, and the tipulids, Lipsothrix spp., are found in 
wood in the latest stages of decomposition. Woody debris is 
most abundant in small, forested watersheds, but it is also an 
important habitat in larger streams with unstable beds. In the 
southeastern coastal plain of the United States and in low 
gradient mid- and southwestern streams and rivers with 
unstable bottom substrate, woody debris or “snags” often 
represent the major habitat for aquatic insect abundance and 
biomass. High populations and biomass of filter-feeding 
animals such as net-spinning caddisflies (Hydropsyche spp., 
Cheumatopsyche spp., and Macrostenum) (Fig. 2A), and 
blackflies occur in these streams and rivers. In addition to filter 
feeders, other groups such as odonates, mayflies, stoneflies, 
elmid beetles, nonfiltering caddisflies, and dipteran larvae 
can be locally abundant on large pieces of woody debris. 
Invertebrate shredders and scrapers promote decomposition 
of outer wood surfaces by scraping, gouging, and tunneling 
through wood. In fact, wood gouging habits of some net- 
spinning caddisflies have been blamed for the failure of 
submerged timber pilings that had been supporting a bridge! 

Sand and silt substrates of rivers and streams are generally 
considered to be poor habitats because the shifting streambed 
affords unsuitable attachment sites and poor food conditions. 
An extreme example of this instability is the Amazon River, 
where strong currents move the bedload downstream, resulting 
in dunes of coarse sand up to 8 m in height and 180 m in 
length, thus largely preventing the establishment of a riverbed 
fauna. However, sandy substrates do not always result in poor 
habitat for all aquatic insects: some sandy streams are quite 
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productive. Blackwater (i.e., high tannic acid concentrations 
from leaf decomposition) streams of the southeastern United 
States have extensive areas of sand, with some of insects, such 
as small Chironomidae (< 3 mm in length), exceeding 
18,000/m~ in abundance. Their food is derived from fine 
organic matter, microbes, and algae trapped in the sandy 
substrate. Numerically, the inhabitants of sandy or silty areas 
are mostly sprawlers or burrowers, with morphological 
adaptations to maintain position and to keep respiratory 
surfaces in contact with oxygenated water. At least one insect, 
the mayfly Ametropus, is adapted for filter feeding in sand 
and silt substrates of large rivers. Ametropus uses the head, 
mouthparts, and forelegs to create a shallow pit in the 
substrate, which initiates a unique vortex (flow field in which 
fluid particles move in concentric paths) in front of the head 
and results in resuspension of fine organic matter as well as 
occasional sand grains. Some of these resuspended fine 
particles are then trapped by fine setae on the mouthparts and 
forelegs. Many predaceous gomphid (Odonata) larvae actually 
burrow into the sediments by using the flattened, wedge- 
shaped head and fossorial (adapted for digging) legs. The 
predaceous mayflies Pseudiron spp. and Analetris spp. have 
long, posterior-projecting legs and claws that aid in anchoring 
the larvae as they face upstream. Some mayflies (e.g., Caenidae 
and Baetiscidae) have various structures for covering and 
protecting gills, and others (e.g., Ephemeridae, Behningiidae) 
have legs and mouthparts adapted for digging. The predaceous 
mayfly Dolania spp. burrow rapidly in sandy substrates and 
have dense setae located at the anterior—lateral corners of the 
body as well as several other locations. The larva uses its hairy 
body and legs to form a cavity underneath the body where the 
ventral abdominal gills are in contact with oxygenated water. 

Dense setae also are found in burrowing mayflies belonging 
to the family Ephemeridae that are common inhabitants of 
sand and silt substrates. They construct shallow U-shaped 
burrows and use their dorsal gills to generate water currents 
through the burrow (Fig. 2B), while using their hairy 
mouthparts and legs to filter particles from the moving water. 
Hairy bodies seem to be a characteristic of many animals 
dwelling on silt substrates, which include other collector 
mayflies such as Caenis, Anepeorus, and some Ephemerellidae. 

Many dragonflies (e.g., Cordulegaster spp., Hagenius spp., 
and Macromiidae) have flattened bodies and long legs for 
sprawling on sandy and silty substrates. Some caddisflies, 
such as Molanna, have elongate slender bodies but have 
adapted to sand and silt substrates by constructing a flanged, 
flat case. They are camouflaged by dull color patterns and 
hairy integuments that accumulate a coating of silt. The eyes, 
which cap the anterolateral corners of the head, are elevated 
over the surrounding debris. The genus Ap/ylla (Gomphidae) 
is somewhat unusual in that the last abdominal segment is 
upturned and elongate, allowing the larvae to respire through 
rectal gills while buried fairly deep in mucky substrate. Some 
insects burrow within the upper few centimeters of the 
substratum in depositional areas of streams. This practice is 


52 Aquatic Habitats 


found among some dragonflies and a number of caddisflies, 
including Molanna, and various genera of the families 
Sericostomatidae and Odontoceridae. 


Specialized Flowing Water Habitats 


The hyporheic region is the area below the bed of a stream 
where interstitial water moves by percolation. In gravelly 
substrates or glacial outwash areas, it may also extend 
laterally from the banks. In some situations an extensive 
fauna occurs down to one meter in such substrates. Most 
orders are represented, especially taxa with slender flexible 
bodies or small organisms with hard protective exoskeletons. 
Some stoneflies in the Flathead River of Montana spend 
most of their larval period in this extensive subterranean 
region of flow adjacent to the river. Stonefly larvae have been 
collected in wells over 4 m deep, located many meters from 
the river. Rivers draining glaciated regions where there are 
large boulders and cobble appear to have an exceptionally 
well-developed hyphoreic fauna. 

Other specialized flowing water habitats include the 
madicolous (or hygropetric) habitats, which are areas in 
which thin sheets of water flow over rock. These often 
approach vertical conditions (e.g., in waterfalls) and have a 
characteristic fauna. Among common animals in these 
habitats are caddisflies, including several microcaddisflies 
(Hydroptilidae), beetles 


Psephenidae, and a number of Diptera larvae belonging to 


Lepidostomatidae, such as 
the Chironomidae, Ceratopogoniidae, Thaumaleidae, 
Tipulidae, Psychodidae, and some Stratiomyiidae. 

Thermal (hot) springs often have a characteristic fauna, 
which is fueled by algae and bacteria adapted to high 
temperatures. The common inhabitants include a number of 
dipteran families such as Chironomidae, Stratiomyiidae, 
Dolochopodidae, and Ephydridae, as well as some coleopter- 
ans. A number of these survive within rather narrow zones 
between the thermal spring and cooler downstream areas. 


LENTIC HABITATS 


Lentic or standing-water habitats range from temporary pools 
to large deep lakes and include marshes and swamps, as well 
as natural (i.e., tree holes, pitcher plants) and artificial (ie., 
old tires, rain barrels) containers. The available habitats and 
communities for insects in a pond or lake were defined in 
Table II. These habitats include the littoral zone, which 
comprises the shallow areas along the shore with light 
penetration to the bottom and normally contains macrophytes 
(rooted vascular plants). The limnetic zone is the open-water 
area devoid of rooted plants, whereas the deeper profundal 
zone is the area below which light penetration is inadequate 
for plant growth, water movement is minimal, and 
temperature may vary only slightly between summer and 
winter. The aquatic and semiaquatic insect communities 
inhabiting these zones are known as the pleuston (organisms 


associated with the surface film), plankton and nekton 
(organisms that reside in the open water), and benthos 
(organisms associated with the bottom, or solid—water 
interface). Nektonic forms are distinguished from plankton 
by their directional mobility, and the latter are poorly 
represented in lentic waters by insects; the majority of insects 
found in standing-water habitats belong to the benthos. 
Their composition and relative abundance is dependent on a 
variety of factors, some of which are integrated along depth 
profiles. The overall taxonomic richness of benthic insect 
communities generally declines with increasing depth. 

Among the aquatic communities of lentic habitats, the 
following orders of aquatic and semiaquatic insects are 
commonly found within the littoral, limnetic, and profundal 
zones: the springtails (Collembola), mayflies (Ephemeroptera), 
true bugs (Heteroptera), caddisflies (Trichoptera), dragonflies 
(Anisoptera) and damselflies (Zygoptera), true flies (flies, gnats, 
mosquitoes, and midges) (Diptera), moths (Lepidoptera), 
alderflies (Megaloptera), and beetles (Coleoptera). Not all 
these groups occur in lakes, and many are associated with 
ponds or marshes; examples of typical lentic insects are 
shown in Figs. 3 and 4. 


The Pleuston Community 


The unique properties of the water surface or air—water 
interface constitute the environment of the pleuston 
community. The Collembola, or springtails, are small in size, 
have a springing organ (furcula), and a water-repelling cuticle 
that enables them to be supported by and move across water 
surfaces. Among the true bugs, the Gerridae (water striders) 
and related families, the Veliidae (broad-shouldered water 
striders) and Hydrometridae (water measurers), are able to 
skate across the water. Adaptations for this habit include 
retractable preapical claws to assist in swimming, elongate legs 





FIGURE 3 Typical insects inhabiting lentic environments. (A) Diptera: 
Chaoboridae (Chaoborus), (B) Trichoptera: Limnephilidae (Limnephilus), 
(C) Coleoptera: Dytiscidae (Agabus), (D) Coleoptera: Dytiscidae. (Photo- 
graphs in A, B, and C by M. Higgins.) 





FIGURE 4 Typical insects inhabiting lentic environments (A) Coleoptera: 
Hydrophilidae (Hydrochara). (Photograph by M. Higgins.) (B) Diptera: 
Chironomidae (Chironomus), (C) Odonata: Libellulidae (Pantala). 
(Photograph by M. Higgins.) 


and body to distribute the insect’s weight over a large area of 
the surface film, and hydrofuge (nonwettable) hairpiles for 
support on the surface. Some gerrids also are capable of 
detecting surface vibrations caused by potential prey. Adult 
whirligig beetles (Gyrinidae) live half in and half out of water 
with each eye divided into upper and lower halves, permitting 
vision simultaneously in both the air and the water; glands 
keep the upper portion of the body greased to repel water. The 
middle and hind legs of adult gyrinids are paddle shaped, 
enabling them to be one of the most effective swimming 
invertebrates. Among the Diptera, only the mosquitoes 
(Culicidae) may be considered to be permanent members of 
the pleuston of lentic waters. The larvae and pupae of most 
species use the underside of the surface film for support. Larval 
Anopheles lie horizontally immediately beneath the air—water 
interface, supported by tufts of float hairs on each. Larvae of 
most other genera (Aedes, Culex, Culiseta) hang upside down, 
with an elongated terminal respiratory siphon penetrating 
the surface film. Feeding adaptations associated with 
pleuston specialization include predation by the Hemiptera 
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and Coleoptera, to practically all functional feeding modes 
by different mosquito larvae, including collecting-filtering 


and gathering, scraping, and shredding (Table IV). 


The Nekton and Plankton Communities 


The nekton are swimmers able to navigate at will (e.g., 
Coleopera, Hemiptera, some Ephemeroptera), whereas plank- 
ton are floating organisms whose horizontal movements are 
largely dependent on water currents. The phantom midge 
Chaoborus sp. (Chaoboridae) (Fig. 3A) is normally regarded as 
the only planktonic insect and is abundant in many eutrophic 
(nutrient-rich) ponds and lakes. The tracheal system in these 
larvae is reduced to kidney-shaped air sacs that function 
solely as hydrostatic organs, and the larvae slowly descend or 
rise by adjusting the volume of the air sacs. Chaoborus remains 
in benthic regions during the day but moves vertically into 
the water column at night. These journeys are dependent on 
light and oxygen concentrations of the water. The larvae 
avoid predation by being almost transparent, and they have 
prehensile antennae that are used as accessory mouthparts to 
impale zooplankton (Fig. 3A). The only other group of 
insects that may be considered to be planktonic are the early 
chironmid instars, which have been reported in the open 
water column. 

Among the Heteroptera, nektonic species are in the 
Notonectidae (back swimmers), Corixidae (water boatman), 
and Belostomatidae (giant water bugs), all of which are strong 
swimmers. Many of these rise to the water surface unless 
continously swimming or clinging to underwater plants. 
Notonectids have backs formed like the bottom of a boat and 
navigate upside down. They hang head downward from the 
surface or dive swiftly, using their long hind legs as oars. On 
the underside of the body, they carry a silvery film of air, 
which can be renewed at regular intervals, for breathing while 
submerged. Two genera of backswimmers (Anisops and 
Buenoa) use hemoglobin for buoyancy control, and this 
adaptation has enabled these insects to exploit the limnetic 
zone of fishless lentic waters, where they prey on small 
arthropods. They have been considered for use as biological 
control agents for mosquito larvae in some areas of North 
America. In contrast to notonectids, corixids always swim 
with the back up, using their elongate, flattened oarlike legs. 
Although some water boatmen are predators, they are the 
only group of semiaquatic Heteroptera that have members 
that are collectors, feeding on detritus and associated small 
plant material. The Belostomatidae are strong swimmers, but 
probably spend most of their time clinging to vegetation 
while awaiting prey, rather than actively pursuing their food 
in the open water. They are masters of their environment and 
capture and feed on a variety of insects, tadpoles, fish, and 
even small birds. The eggs of many belostomatids are glued 
to the backs of the males by the females and carried in this 
position until nymphs emerge, a remarkable adaptation for 
protection of the eggs. 
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Although most aquatic beetles (Coleoptera) are associated 
with the substrate, members of the Dytiscidae (predaceous 
diving beetles) and the Hydrophilidae (water scavenger 
beetles) are often found swimming in the water column and 
together constitute the majority of all species of water beetles. 
The dytiscids are mainly predators in both the adult and 
larval stage (Fig. 3C, D), while adult hydrophilids are 
omnivorous, consuming both living and dead materials. The 
larvae of hydrophilids are predaceous. (Fig. 4A). To respire, 
hydrophilid adults, having their largest spiracles on the 
thorax, break the surface film with their antennae; dytiscids, 
having their largest spiracles on the abdomen, come up tail- 
end first, as do the larvae of both families. Overall, there are 
actually few truly nektonic insects, and most of them pass 
through the limnetic zone when surfacing for emergence. 
This may be, partly, because with no resting supports in the 
limnetic zone, maintaining position requires continuous 
swimming or neutral buoyancy. The vast majority of lentic 
insects occur in shallow water with emergent plants and are 
considered to be part of the benthos. 


The Benthos Community 


Benthos, derived from the Greek word for bottom, refers to the 
fauna associated with the solid—water interface and includes 
insects residing on the bottom or associated with plant sur- 
faces, logs, rocks, and other solid substrates. In lentic habitats, 
many insects fall into this category as mentioned earlier, par- 
ticularly the Chironomidae, which often represent over 90% 
of the fauna in the profundal (deep-water) zone of lakes and 
ponds. These inhabitants are mostly burrowers that feed on 
suspended or sedimented organic materials and are capable of 
tolerating low dissolved oxygen or even anaerobic conditions. 
Chironomid larvae build U- or J-shaped tubes with both 
openings at the mud—water interface. Body undulations cause 
a current of water, providing conditions under which oxygen 
and particulate food can be drawn through the tube. Some 
midge larvae found in sediments (mainly Chironomus sp.) are 
bright red and are known as bloodworms (Fig. 4B). The red 
color is caused by the respiratory pigment hemoglobin, 
which enables a larva to recover rapidly from anaerobic 
periods because the pigment takes up oxygen and passes it to 
the tissues more quickly than is possible by diffusion alone. 
Other members of the benthos of deeper waters include 
the mayfly, Hexagenia (Ephemeridae), which inhabits the silt 
and mud of nearshore lake bottoms and has legs modified for 
digging to construct U-shaped burrows (Fig. 2B). Mayfly 
numbers have been increasing because of improved water 
quality standards for lakes and streams. Exceptions to the 
main constituents of the profundal zone are some immature 
mayflies, stoneflies, and caddisflies that have been collected at 
depths from 30 to 100 m in Lake Superior, Michigan. Also, 
astonefly, Utacapnia lacustra (Capniidae), occurs at depths of 
80 m in Lake Tahoe, Calfornia—Nevada, and completes its 
entire life cycle at this depth, never needing to surface. 


Several orders of aquatic insects reach their greatest 
abundance and diversity in the shallow littoral zone of ponds 
and lakes as benthos typically associated with macrophytes 
(macroalgae and rooted vascular plants). The occupants are 
burrowers, climbers, sprawlers, clingers, swimmers, and divers 
(Table III) and include the Ephemeroptera, Heteroptera, 
Odonata, Trichoptera, Megaloptera, Lepidoptera, Coleoptera, 
and Diptera. The same groups occupy marshes and some 
swamps, which generally tend to be shallow, with an associated 
plant zone across the entire surface. Mayflies belonging to the 
families Baetidae and Siphlonuridae are generally swimmers, 
clingers, and climbers in vegetated ponds and marshes and 
mainly feed by means of collecting-filterering or -gatherering 
(Table IV). Heteroptera include the water scorpions 
(Nepidae), which have long slender respiratory filaments and 
are well concealed by detritus and tangled plant growth 
because of their sticklike appearance. These sit-and-wait 
predators capture organisms that frequent their place of 
concealment. Other families of Heteroptera adapted for 
moving through vegetation in ponds are the Pleidae or pygmy 
back-swimmers and creeping water bugs, the Naucoridae. 

The Odonata, particularly the Gomphidae, are all predators 
and usually conceal themselves by either burrowing in sub- 
strate, sprawling among fine sediment and detritus, or climbing 
on vascular plants. Sprawlers are more active hunters and 
include the Libellulidae (Fig. 4C) and Corduliidae. Numerous 
setae give them a hairy appearance to help camouflage the 
larvae, and color is protective in patterns of mottled greens 
and browns. Most Zygoptera (damselflies) and the dragonfly 
(Anisoptera) family Aeshnidae are mainly climbers or clingers, 
lurking in vegetation or resting on stems of aquatic plants. 
The larvae stalk their prey, and both dragonfly and damselfly 
larvae have a unique lower lip (the labium) armed with hooks, 
spines, teeth, and raptorial setae that can extend to seize prey 
and then bring it back into the mouth, holding the food 
while it is being eaten. The food of larval odonates consists of 
other aquatic insects such as midges, semiaquatic bugs, and 
beetles, as well as small fish. Predators of larval odonates 
include aquatic birds, fish, and large predaceous insects. 

In the order Megaloptera, which includes the hellgram- 
mites or dobsonfly larvae of streams, only the predaceous 
larvae of the alderfly (Sialis) is common in ponds and lakes. 
They are generally found in sand or mud along the margins, 
but occasionally in deeper water, and they prey on insect 
larvae and other small animals. The only aquatic family in 
the related order Neuroptera is the Sisyridae (the spongilla 
flies), and these are found feeding on freshwater sponges that 
occur in some streams and the littoral zones of lakes and 
ponds. The larvae, which occur on the surface or in the 
cavities of the host, pierce the sponge cells and suck the fluids 
with their elongated mouthparts. 

Although most caddisflies are observed living in lotic 
waters, several families of caddisflies are either associated with 
temporary ponds in the spring, aquatic vegetation in perma- 
nent ponds, lakes and marshes, or wave-swept shore lines of 


lakes. The Hydropsychidae (net spinners), Helicopsychidae 
(snail case makers), Molannidae, and Leptoceridae are often 
found along wave-swept shorelines of lakes, and their feeding 
habits range from those of scrapers and collector-filterers to 
predators. The Phryganeidae and several genera within the 
Limnephilidae are climbers, clingers, and/or sprawlers among 
vegetation in temporary and permanent ponds and marshes; 
generally, they are shredders of vascular hydrophytes and other 
decaying plants. The cases of lentic caddisfly families vary with 
the environment they are found in. Some cases consist of narrow 
strips of leaves put together in spiral form around a cylinder 
(Phryganaeidae: Phryganea sp.), others consist of plant materials 
such as leaves and bark arranged transversely to produce a bulky 
cyclindrical case (Limnephilidae: Limmnephilus) (Fig. 3B). 

Both aquatic and semiaquatic moths (Lepidoptera) occur 
in lentic habitats, and several genera form close associations 
with vascular hydrophytes. Larvae of the family Pyralidae 
(Parapoynx sp.) spend the first two instars on the bottom and 
feed on submerged leaves of water lilies, whereas older larvae 
generally become surface feeders. Silk spun by the caterpillars 
is often used to build protective retreats, and pupation usually 
takes place in silken cocoons or silk-lined retreats. Larval 
habits of aquatic and semiaquatic moths include leaf mining, 
stem or root boring, foliage feeding, and feeding on flower or 
seed structures. One semiaquatic lepidopteran called the 
yellow water lily borer (the noctuid Bellura gortynoides), 
mines the leaves as a young caterpillar and then bores into the 
petioles of lilies as an older caterpillar. Within the petiole, 
larvae are submerged in water and must periodically back out 
to expose the posterior spiracles to the air before submerging 
again. The larvae swim to shore by undulating their bodies 
and overwinter under leaf litter in protected areas. 

In addition to the water scavenger and predaceous diving 
beetles that may occur as nekton swimming through the water 
column, larvae and adults of other beetles are considered to be 
part of the benthos of ponds and marshes. These include the 
Haliplidae (crawling water beetles), which are clingers and 
climbers in vegetation, and the Staphylinidae (rove beetles), 
which are generally found along shorelines and beaches, as 
well as in the marine intertidal zone. The Scirtidae (marsh 
beetles) are generally found associated with vascular 
hydrophytes but also are a prominent inhabitant of tree holes. 
The aquatic Chrysomelidae (leaf beetles) occur commonly 
on emergent vegetation in ponds, especially floating water 
lily leaves. The larvae of one genus, Donacia, obtain air from 
their host plant by inserting the sharp terminal modified 
spiracles into the plant tissue at the base of the plant. Water 
lilies can be heavily consumed by larvae and adults of the 
chrysomelid beetle, Galerucella sp., and some of the aquatic 
herbivorous beetles belonging to the family Curculionidae 
(weevils) include pests of economic importance such as the 
rice water weevil (the curculionid Lissorhoptrus). 

The Diptera is clearly one of the most diverse aquatic insect 
orders, inhabiting nearly all lentic habitats and representing 
all functional feeding groups and modes of existence. Although 
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the benthic Chironomidae may reach their highest densities 
in the profundal zone of eutrophic lakes and ponds, they also 
are largely represented in the littoral zone associated with 
submergent and emergent plants, where they often graze on 
the algae attached to leaf surfaces or are vascular plant miners. 
Other dipteran families that occur in the littoral or limnetic 
zone, along with their specific habitat, habit (mode of locomo- 
tion, attachment, or concealment), and functional feeding 
mode are summarized in Table V. Among these, a few are of 
particular interest because of their high diversity and/or 
abundance in these habitats, namely the crane flies 
(Tipulidae), the shore and brine flies (Ephydridae), and the 
marsh flies (Sciomyzidae). The Tipulidae, the largest family 
of Diptera, are found along the margins of ponds and lakes, 
freshwater and brackish marshes, and standing waters in tree 
holes. A few littoral species inhabit the marine intertidal 
zone. To these are added the large numbers of species that are 
semiaquatic, spending their larval life in saturated plant 
debris, mud, or sand near the water’s edge or in wet to 
saturated mosses and submerged, decayed wood. Ephydridae 
larvae have aquatic and semiaquatic members and occupy 
several different lentic habitats ranging from salt water or 
alkaline pools, springs, and lakes to burrowers and miners of 
a variety of aquatic plants in the littoral margins of these 
freshwater lentic habitats. All larvae utilize a variety of food, 
but algae and diatoms are of particular importance in their 
diet. The Sciomyzidae share some of the same habitat with 
the shore and brine flies, particularly fresh- and saltwater 
marshes, and along margins of ponds and lakes among 
vegetation and debris. The unique aspect of their larval life is 
that they are predators on snails, snail eggs, slugs, and 
fingernail clams. The aquatic predators float below the 
surface film and maintain buoyancy by frequently surfacing 
and swallowing an air bubble. Prey may be killed 
immediately or over a few days. 


MARINE HABITATS 


As noted earlier, insects have been largely unsuccessful in 
colonizing the open ocean, except for some members of the 
heteropteran family Gerridae. Most marine insects live in the 
intertidal zone (ie., between high and low tide marks), 
especially on rocky shores or associated with decaying seaweed 
on sandy beaches (Table I). Although several orders have rep- 
resentatives in the intertidal zone, only a few orders, notably 
the Diptera, Coleoptera, and Collembola, have colonized these 
habitats in any numbers. The harsh physical environment of 
this area has forced these groups to occur buried in sand or 
mud and to hide in rock crevices or under seaweed. 


UNUSUAL HABITATS 


Because of adaptive radiation over evolutionary time, insects 
have colonized virtually every aquatic habitat on earth. 
Therefore, it is not surprising that these organisms are found 
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TABLEV Summary of Ecological Data for Benthic Aquatic and Semiaquatic Diptera Larvae Inhabiting Lentic Habitats 


Family Habitat 


Habitat Functional feeding mode 





Ceratopogonidae (biting midges, Littoral zone (including tree holes 


“no-see-ums’ ) and small temporary ponds 
and pools) 
Chironomidae (nonbiting midges) All lentic habitats including marine, 


springs, tree holes 


Corethrellidae 
Psychodidae (moth flies) 


Limnetic and littoral margins 


Littoral detritus (including 
tree holes) 


Ptycopteridae (phantom crane flies) Vascular hydrophytes (emergent 


zone), bogs 


Tipulidae (crane flies) Littoral margins, floodplains 


(organic sediment) 


Dolichopodidae 


Littoral margins, estuaries, 
beach zones 


Stratiomyidae (soldier flies) Littoral vascular hydrophytes; 


beaches (saline pools, margins) 


Tabanidae (horseflies, deerflies) Littoral (margins, sediments and 
detritus); beaches, marine 
and estuary 


Canacidae (beach flies) 
Ephydridae (shore and brine flies) 


Beaches—marine intertidal 


Littoral (margins and vascular 


hydrophytes) 
Muscidae Littoral 
Scathophagidae (dung flies) Vascular hydrophytes 


(emergent zone) 
Sciomyzidae (marsh flies) Littoral—yvascular hydrophytes 
(emergent zone) 
Littoral (sediments and detritus), 
tree holes 


Syrphidae (flower flies) 


in the most unusual of aquatic habitats. The title of most ver- 
satile aquatic insect must be shared among members of the 
dipteran family Ephydridae, or shore flies. Shore flies can breed 
in pools of crude petroleum and waste oil, where the larva 
feed on insects that become trapped on the surface film. 
Other species of this family (Ephydra cinera), known as brine 
flies, occur in the Great Salt Lake, Utah, which has a salinity 
six times greater than that of seawater. Larva maintain water 
and salt balance by drinking the saline medium and excreting 
rectal fluid that is more than 20% salt. Another related family 
of flies, the Syrphidae, or “rat-tailed maggots,” occur in sewage 
treatment lagoons and on moist substrates of trickling filter 
treatment facilities. Both families have larvae with breathing 
tubes on the terminal end, which permits the larvae to 
maintain contact with the air while in their environment. 
Some Stratiomyiidae, or soldier flies, live in the thermal hot 
springs of Yellowstone National Park with temperatures as 
high as 47°C! Other members of this family inhabit the 
semiaquatic medium of cow dung and dead corpses. A few 
species of insects have invaded caves and associated subter- 
ranean habitats, as mentioned earlier (see Lotic Habitats). 


Generally sprawlers, burrowers or Generally predators some 


planktonic (swimmers) collector-gatherers 


Generally burrowers, sprawlers 
(most are tube builders); some 


Generally collector-gatherers, 
collector-filterers; some shredders 


climber-clingers and scrapers 


Sprawlers Predators 
Burrowers Collector-gatherers 
Burrowers Collector-gatherers 


Burrowers and sprawlers Generally shredders, collector-gatherers 


Sprawlers, burrowers Predators 


Sprawlers Collector-gatherers 
Sprawlers, burrowers Predators 
Burrowers Scrapers 


Burrowers, sprawlers Collector-gatherers, shredders, 


herbivores (miners), scrapers, 


predators 
Sprawlers Predators 
Burrower-miners (in plant stems), Shredders 


sprawlers 


Burrowers, inside snails Predators or parasites 


Burrowers Collector-gatherers 


Another unsual aquatic habitat that several insect orders 
occupy is referred to phytotelmata or natural container 
habitats and include tree holes, pitcher plants, bromeliads, 
inflorescences, and bamboo stems. Synthetic container 
habitats, such as old tires, cemetery urns, rain gutters, and 
similar natural habitats such as hoofprints also harbor similar 
insects. Some of these habitats are extremely small and hold 
water only temporarily, but nevertheless can be quite diverse. 
The most common order found in these habitats is the 
Diptera with more than 20 families reported. Over 400 
species of mosquitoes in 15 genera alone inhabit these bodies 
of water and some of these species are important vectors of 
disease agents. 

Insect communities inhabiting pitcher plants (Sarracenia 
purpurea) in North America are exemplified by a sarcophagid 
or flesh fly (Blaesoxipha fletcheri), a mosquito (Wyeomyia 
smithii), and a midge (Metriocnemus knabi). The relative 
abundance of these pitcher plant inhabitants is related to the 
age, inasmuch as each of the three species consumes insect 
remains that are in different stages of decomposition. 
Specifically, the larvae of the flesh fly feed on freshly caught 


prey floating on the pitcher fluid surface. The mosquito 
larvae filter feed on the decomposed material in the water 
column, and the midge larvae feed on the remains that 
collect on the bottom of the pitcher chamber. Temporary 
habitats are important because they are populated by a 
variety of species, often with unique morphological, 
behavioral, and physiological properties. 


See Also the Following Articles 
Cave Insects ¢ Marine Insects « Mosquitoes © Soil Habitats 
Swimming 
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Arachnida 


see Scorpions; Spiders 





Archaeognatha 


(Bristletails) 


Helmut Sturm 
University Hildesheim, Germany 


he Archaeognatha (Microcoryphia; part of the subdivided 
order Thysanura) are apterygote insects with a body size 
between 6 and 25 mm and a cylindrical shape (Fig. 1). The 
eyes are large and contiguous, and there are two lateral and 
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FIGURE 1 A male archaeognathan (Machilis germanica), body length ca. 


12 mn, lateral view; for details see Fig. 2. 


one median ocelli (small single eyes with a single beadlike 
lens). The flagellate (whiplike) antennae extend one-half to 
three times the length of the body. The mouthparts are 
ectognathous (freely visible) and the mandibles are linked 
with the head by a monocondylic joint (i.e., one point of 
attachment). Some authors believe that this feature 
distinguishes the Archaeognatha from all other ectognathous 
Insecta. The seven-segmented maxillary palps are longer than 
the legs. The thoracic tergites II + HI are in lateral view 
strongly arched, and the two or three tarsal segments of the 
legs are rigidly united. Some taxa have additional scopulae 
(dense brushes of specialized hairs) on the distal end of the 
third tarsal segment. There are mostly pairs or double pairs of 
eversible vesicles on the coxites of the abdomen (Fig. 3). On 
each of the abdominal coxites II to IX, styli (pointed, 
nonarticulated processes) are present (Fig. 3). 

Females have two long gonapophyses on each of the 
abdominal segments VIII + IX, forming the ovipositor. The 
penis of the males on abdominal segment IX varies in length, 
and in Machilidae it is fitted with paired parameres on 
abdominal segments IX or VIII + [X. The three filiform and 
scaled caudal appendages (one long filum terminale and two 
laterally inserted cerci) are directed backward. Tergites, cerci, 
and coxites are always scaled. The molts continue in adult 
stages. Many species are petrophilous (living on and under 
stones). The order comprises about 500 species in two 
families (Machilidae and Meinertellidae). 
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FIGURE 2 General structure of Archaeognatha, semidiagrammatic. (a) Lateral 
view. (b) Dorsal view, color pattern of dorsal scales intimated. (Reprinted 
from Deutsche Entomologische Zeitschrift 48, p. 4, © 2001 by Wiley-VCH, 
with permission.) 
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FIGURE 3 Abdominal coxites III of M. germanica, ventral view. The eversible 
vesicles can be exserted by increasing the inner pressure and retracted by muscles. 


FOSSIL RECORD, SYSTEMATICS, 
AND BIOGEOGRAPHY 


The fossil record of Paleozoic and Mesozoic apterygotes is 
poor, and many of the fossils of ectognathous representatives 
cannot be clearly assigned to extant orders. From the 
Mesozoic, the only archaeognathan fossil is Cretaceomachilis 
libanensis from the lower Cretaceous of Lebanon. For the 
Cenozoic period, there are many fossils of Archaeognatha, 
most being amber inclusions. For example, from Baltic amber 
(ca. 35 mya) seven species of Machilidae are known. All extant 
forms and the fossils from the Cretaceous and the Tertiary can 
be included in the superfamily Machiloidea. This group includes 
two families, the more primitive Machilidae (46 genera and 
some 325 species), with three subfamilies (Machilinae, Petro- 
biinae, Petrobiellinae), and the more derived Meinertellidae 
(19 genera and some 170 species). 

The Machiloidea are distributed worldwide. Only the 
Meinertellidae occur in South America, the Caribbean, 
South Africa, Australia, and Melanesia. Both Machilidae and 
Meinertellidae occur in the United States. 


BEHAVIOR AND ECOLOGY 


The mating behavior of archaeognathans is unique. There are 
three different modes of sperm transfer. In the most wide- 
spread and unique mating behavior, a carrier thread is used. 
In Machilis germanica, for example, the male approaches the 
female and drums on her with his long maxillary palps. The 
female shows “willingness” to mate by moving toward the 
male and bending up the tip of her abdomen. The male then 
attaches a secreted thread to the ground with his parameres. 
While the thread is being drawn out, the male secretes three to 
five sperm droplets onto the thread (Fig. 4). The male curves 
simultaneously around the female, preventing her from 
moving forward. Finally, the male places the sperm droplets 
onto the ovipositor of the female. The indirect transmission 
of sperm droplets, which are deposited on a thread stretched 
between parameres and the ground, is unique within the 





FIGURE 4 Mating position of M. germanica, dorsal view. The male has 


drawn out a secreted thread, deposited three sperm droplets on the thread, 
and taken up a U form. The ovipositor of the female is touching one of the 
sperm droplets. 


animal kingdom. At least two other possibilities of indirect 
sperm transfer are known. In Petrobius (Machilidae), the sperm 
are moved directly from the penis onto the ovipositor of the 
female and in all Meinertellidae sperm are transferred by 
stalked spermatophores deposited on the ground. 

Archaeognatha are found in habitats with very different 
climates. Representatives of the genus A/lopsontus (Machilidae) 
are found up to 5000 m in the Himalayan region. In contrast, 
two meinertellid species live in the Amazonian forest. Some 
genera (e.g., Petrobius) are found near the seacoast. In tropical 
forests, meinertellid genera are found on the leaves of bushes 
and trees. Most Archaeognatha feed on green algae, lichens, 
and dead leaves. Several species of spiders probably are their 
principal predators. 

Their protection against enemies is probably provided by 
three main factors: (1) the presence of long appendages with 
sensilla (filum terminale, cerci, antennae); (2) a dense scale 
cover on the relatively thin and flexible tergites and coxites; 
and (3) their ability to jump, which is fully developed in all 
free-living stages and in all recent representatives, and 
probably is their most effective defense. 


PHYSIOLOGY 


The cuticle of the Archaeognatha is generally thin and flexible 
and bears a multitude of sensory setae and other sensory 
organs. The hypopharynx (a mouthpart between maxillae and 
labium) is well developed. The coxal vesicles absorb fluids; 
their number varies from none to two within a coxite. In all 
machilid males, coxite IX bears the penis (length from = of 
the coxite to 15 in Machilidae, in Meinertellidae ca. + of the 
coxite length). In females, the paired gonapophyses on coxites 
VIII and IX form the ovipositor. It is of different length and 
has generally a specific chaetotaxy in each species. 


DEVELOPMENT 


The eggs (diameter 0.7—1.3 mm) are deposited into crevices of 
rocks or bark, and this stage lasts 60 to 380 days. Developmental 
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Require: (X@), (R,) 

(1) Output: § (social relationship graph of objects) 

(2) uM, — Load Microservices in model 

(3) mM, — Load CVOs in model 

(4) 2M, <— Load VOs in model 

(5) T — executeQueryStatement (M,,3 M,, M,, Q) 

(6) for All u in vT do (iterate Microservice instance being used) 
(7) for AO € ut do (check CVO and VOs used by the Services) 





(8) if O,; == output of Cp ina relationship set R. then 

(9) add C, to II, 

(10) else 

(11) if O; == output of Vz in relationship set R, then 

(12) add V, to II, 

(13) N; < tag (Assign relationship tag to each object entry) 
(14) else 

(15) add O; to II, 

(16) end if 

(17) end if 


(18) end for 
(19) end for 





ALGORITHM I: Social relationship discovery. 





Require: (X), (R,), (Z) 


(1) 


Output: C (Composite Service) 





(2) &M < List all objects available (Microservices, CVOs, VOs) in model 


(3) T — executeQueryStatement (XM, Q) 
(4) Z — executeQueryStatement (XM, Q') 


(5) for All oi € T do 

(6) for All Ai € o do 

(7) if Ai == any z in Z then 
(8) add Ai to II, 

(9) store 
(10) end if 
(11) end for 

(12) for All @i € 





Lm 














do 


Lm 


(15) add @i to II, 
(16) store Il, 

(17) end if 

(18) end for 

(19) for All oj € Il,, do 
(20) if oj(RO) > « then 
(21) add oj to Wf 
(22) Pq < assign to queue 
(23) Sort Pq 

(24) Formulate Wf 
(25) endif 

(26) end for 





(13) if @i == any @iinTI,,, then 
(14) 0 < ranking (Assign rank to each service) 








ALGORITHM 2: Composition of objects based on social relationship. 


as UM is loaded, the first step is to compose objects based 
on their relationship types. This way, the SPARQL queries 
are executed; the first query is denoted as Q to retrieve 
the available service templates and the second query is 
represented as Q’ to extract the relationships associated with 


the services. From line (5) to (11), first, the social relationship 
is searched among objects and then the found relative objects 
are composed in groups. The design philosophy employed 
over here is to assign a ranking to each selected group 
based on the relationship type that helps in a more efficient 


stage I (first free-living larva) has a distinct prognathy, a 
strong forward projection of parts of the maxillae (laciniae), 
which aids in emergence from the egg, and rod-like setae on 
the head and the terga. These features disappear after the first 
molt. From developmental stage III onward, a scale cover is 
present in all terga and on abdominal coxites and caudal 
appendages. The molts continue during adult life. 


See Also the Following Article 
Zygentoma 
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Arthropoda and Related 
Groups 


James H. Thorp 
University of Kansas 


ore than 75% of all described species in terrestrial, 

freshwater, and marine ecosystems are in the phylum 
Arthropoda. No other invertebrate phylum, with the possible 
exception of the nematodes, approaches their economic and 
ecological importance. This article briefly reviews all sub- 
phyla and classes of Arthropoda, with its nearly one million 
described species, and provides more details about major 
arthropod taxa not covered in other entries in the 
Encyclopedia. Aspects of arthropod evolutionary relationships, 
diversity, anatomy, physiology, and ecology are discussed. 


OVERVIEW OF THE PHYLUM ARTHROPODA 


The Arthropoda is a phylum more diverse than any other 
living or extinct animal taxon. Counted among this immense 
assemblage are beetles, butterflies, silverfish, centipedes, scor- 
pions, mites, sea spiders, crabs, sow bugs, and barnacles, and 
many other common names too numerous to mention. Arthro- 
pods are the numerically dominant metazoan on land and 
rank among the most prominent benthic (bottom-dwelling) 
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and planktonic members of freshwater and marine ecosystems. 
They colonize virtually every conceivable habitat—from the 
equator to the poles, from high mountains to deep ocean 
trenches, and from rain forests to deserts and hot springs—and 
fill all trophic niches above the level of primary producer. 
Parasitism, especially ectoparasitism, is common in some 
groups, but most species are free-living. They range in size from 
tiny gall mites (80 um) to Japanese spider crabs with leg spans 
of 3.6 m. While some arthropods are vectors for human disease- 
causing organisms and others are major agricultural competitors 
with humans, they are also vital to the functioning of most 
ecosystems and a boon to humans in many ways. In addition 
to deriving nutrition from some arthropods (e.g., directly or 
indirectly from bees, crabs, lobsters, and shrimp), humans 
probably could not survive without arthropods. 

The name “Arthropoda” is from the Greek, meaning “jointed 
foot.” The presence of jointed appendages is the primary feature 
distinguishing arthropods from other phyla. Advantages pro- 
vided by these appendages, a metameric or segmented body, and 
a hard skeleton are the three most important reasons for the 
phylum’s success. Arthropods are segmented like annelid worms, 
but the evolutionary trend has been to fuse several metameres 
into body regions (tagmata) with specialized functions. Spiders 
have two tagmata, insects have three, and many crustaceans 
have two; however myriapods (millipedes and centipedes) lack 
tagmata. Arthropods have chitinous and proteinaceous exoskele- 
tons that are frequently strengthened with calcium salts. A 
modest, nonchitinized endoskeleton of inwardly projecting 
apodemes aids muscular attachment. To allow for continued 
somatic growth, the exoskeleton is shed periodically during 
ecdysis, a relatively strenuous and often dangerous process. 
Modifications of the exoskeleton have permitted arthropods 
to fly, swim, run, and burrow effectively. 

Except for the molluscan cephalopods (e.g., the octopus), 
arthropods surpass all invertebrates in internal organ complexity. 
Although they are a phylum with a coelom, this structure no 
longer serves as a hydrostatic skeleton (as in annelids) but persists 
only as a cavity surrounding reproductive and/or excretory 
organs. The principal body cavity is instead the hemocoel, which 
is derived from the circulatory system. The open circulatory 
system consists of a dorsal heart, blood sinuses, and one or more 
discrete vessels. Hemocyanin and hemoglobin are the principal 
oxygen-carrying blood pigments. Respiration is achieved 
through the skin surface in some small species, but with gills 
in most aquatic organisms and tracheae and/or book lungs in 
terrestrial species. Excretory and osmoregulatory organs vary in 
type in accordance with the typical environmental moisture and 
salt content, as do the primary excretory products (ammonia in 
water and usually either uric acid or guanine on land). Cilia are 
absent externally and internally. The neural system is highly 
developed, with brain centers and complex sensory organs; 
indeed, next to vertebrates and cephalopods, the arthropod 
brain is the most complex on earth. 

Most species reproduce sexually and are primarily dioecious 
(i.e., with an individual being a single gender), although 
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parthenogenesis occurs in many taxa. Courtship and brood 
care are uncommon but are found in some members of all 
subphyla. Rather than possessing the spiral cleavage typical of 
many other protostomates, arthropods usually develop by 
superficial cleavage of a cytoplasmic layer above a yolky 
sphere. Larvae or discrete juvenile stages are common in 
terrestrial and aquatic taxa, but aquatic larvae never resemble 
the trochophore larvae that characterize related phyla. 


EVOLUTIONARY RELATIONSHIPS 
WITH OTHER PHYLA 


Arthropods were traditionally linked with the phylum Annelida 
in the phylogenetic clade Articulata because both are metameric 
phyla, but more recent molecular analyses provide no support 
for a particularly close relationship. Instead, arthropods seem 
to be linked with other phyla that must shed their cuticle 
during ecdysis to grow. This clade of “Ecdysozoa” also includes 
the phyla Tardigrada, Onychophora, Nematoda, and Nemato- 
morpha, along with the more distantly related Priapulida and 
Kinorhyncha. At a greater phylogenetic distance from 
Ecdysozoa is the other major protostomate clade consisting of 
the phyla Rotifera, Annelida, Mollusca, Bryozoa (Ectoprocta), 
Brachiopoda, and Phoronida. Pentastomida is listed by some 
authors as a separate phylum with links to Arthropoda through 
the clade Ecdysozoa, but here it is included as a class within 
the arthropod subphylum Crustacea. 

Within Ecdysozoa, the three closest phyla are Arthropoda, 
‘Tardigrada, and Onychophora. This conclusion is based in part 
on molecular studies using 185 rRNA. Fossil evidence from the 
mid-Cambrian (~520 mya) suggests that onychophoran-like 
limbs developed in aquatic invertebrates and may have served 
as a preadaptation for terrestrial life. Similarities in morphology 
and physiology also seem to link these phyla. For example, tardi- 
grades possess striated muscles, paired ventral nerve cords, and 
a large hemocoel. In addition to these characteristics, ony- 
chophorans have the following arthropod-like features: a tra- 
cheal respiratory system, mandible-like mouth appendages, 
cardiac ostia, an excretory system comparable to the green gland 
of crustaceans, one pair of antennae, and similar defensive secre- 
tions produced by repugnatorial glands. Both Onychophora and 
Tardigrada, however, have some decidedly non-arthropod-like 
characteristics (e.g., nonjointed legs). Onychophora, Myri- 
apoda, and Hexapoda are grouped by some systematists into 
Uniramia, a single phylum of arthropod-like animals having a 
single branch (ramus) of body appendages. According to this 
theory Uniramia is phylogenetically isolated from Crustacea 
and Chelicerata, but all are in the superphylum Arthropoda. 


TAXONOMIC DIVERSITY AND 
INTRAPHYLETIC AFFILIATIONS 


Arthropoda is treated here as a monophyletic clade of geneti- 
cally diverse but evolutionarily linked species. Some zoologists, 
however, maintain that this alleged phylum is actually an 


artificial, polyphyletic grouping of similar taxa evolving 
multiple times from different prearthropod ancestors. Much 
of this debate has centered on evolutionary relationships 
between the phyla Arthropoda and Onychophora. Classified 
within Arthropoda are one extinct subphylum (sometimes 
called super class), the Trilobitomorpha (trilobites), and four 
living subphyla: Chelicerata (spiders, mites, horseshoe crabs, 
and sea spiders), Myriapoda (millipedes and centipedes), 
Hexapoda (springtails, bristletails, beetles, flies, true bugs, 
etc.), and Crustacea (crayfish, barnacles, water fleas, pill 
bugs, etc.). Sometimes the number of extant subphyla is 
reduced to three (Chelicerata, Uniramia, and Crustacea) or 
even two groups (Chelicerata and Mandibulata). 

Molecular studies of arthropod phylogeny present a 
reasonably clear picture of relationships among three of the 
four living subphyla. Chelicerates are evolutionarily distinct 
from insects and crustaceans, and they differ from all other 
living arthropods in lacking a tagma for either a “head and 
trunk” or a “head, thorax, and abdomen.” Instead, they 
possess an anterior prosoma without a distinct head and a 
posterior opisthosoma. Another major clade evident from 
gene sequences is Mandibulata, composed of the other three 
extant subphyla. Morphological observations of appendages 
would seem then to link Myriapoda and Hexapoda into a 
group (Uniramia) of taxa with only one branch to each 
appendage and distinct from the biramous Crustacea, but 
molecular evidence is inconclusive on this point. In some 
gene sequence trees, myriapods are tightly linked with insects, 
while other molecular analyses show the millipedes and 
centipedes as deeply entangled within other genetic branches. 

Accurate estimates of both relative and absolute diversities 
of arthropods are often problematic because of the enormous 
species richness, large number of unexplored habitats, greater 
emphasis on studies of economically important taxa, and 
increasingly serious lack of qualified taxonomists. For those 
reasons, the literature is replete with divergent estimates of 
the total number of species in most groups, especially the 
insects and mites. Table I lists the classes of Arthropoda and 
includes estimates of taxonomic diversity. 


SUBPHYLUM TRILOBITOMORPHA 


Trilobites probably played a crucial role in the evolution of living 
arthropods. Members of the now extinct subphylum Trilobit- 
omorpha began roaming primeval seas in the Precambrian, 
reached their zenith in the late Cambrian with 4000-10,000 
species, and then slowly went extinct around 230 to 275 mya. 
They were flattened, bilaterally symmetrical arthropods with 
bodies divided by longitudinal and transverse grooves unlike 
living arthropods (Fig. 1). Most adults were 2 to 7 cm in length, 
but giants of 50 cm are known. Their organ systems probably 
resembled those in modern arthropods. Smaller species were 
probably planktonic suspension feeders, whereas most species 
and all larger species were probably benthic deposit feeders or 
facultative predators. Unlike most other arthropods, trilobites 
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TABLEI Estimates of Arthropod Diversity, with Comments on Certain Arthropod Taxa and Two Related Phyla* 


Estimated number of 





Taxon species (families) Biological features 
Phylum Arthropoda 1-5 million 

Subphylum Trilobitomorpha 4,000-10,000 Extinct marine trilobites 

Subphylum Chelicerata 77,0001 million Originally marine, but subsequent evolution has primarily been in terrestrial mites 
Class Merostomata 5 Marine horseshoe crabs and extinct sea scorpions 
Class Arachnida ~76,000 (550) Spiders, scorpions, and mites 
Class Pycnogonida 1,000 (8+) Sea spiders 

Subphylum Myriapoda 13,000 (140+) Terrestrial millipedes, centipedes, and others 
Class Chilopoda 3,000 (20) Predaceous centipedes 
Class Symphyla 160 (2) Small (1-8 mm), mostly herbivorous; live in forest litter 
Class Diplopoda 10,000 (120) Millipedes 
Class Pauropoda 500 (5) Minute (< 1.5 mm) dwellers in forest litter 

Subphylum Hexapoda 1-4 million Insects, springtails, bristletails, etc. 
Class Ellipura 6,000+ Wingless, entognathous (orders Protura and Collembola, or springtails) 
Class Diplura 800 (9) Blind, wingless inhabitants of forest litter; entognaths 


Class Insecta 
Subclass Apterygota 
Subclass Pterygota 
Subphylum Crustacea 
Class Cephalocarida 
Class Malacostraca 
Class Branchiopoda 
Class Ostracoda 
Class Mystacocarida 
Class Copepoda 
Class Branchiura 
Class Pentastomida 
Class Tantulocarida 
Class Remipedia 


Class Cirripedia 
Phylum Onychophora 
Phylum Tardigrada 


1-4 million species 
600 (5) 

~1 million+ (906) 
~50,000 

9 (2) 

29,000 (103) 
1,000 (29) 

6,650 (46+) 

11 

8,000 (97) 

125 (1) 

100 (7) 

10+ (9) 

9+ 


1,000 (20) 
70 (2) 
800 (17) 


Winged and wingless insects; all adults with six pairs of legs 

Primitive, wingless insects (order Thysanura with bristletails and silverfish) 

Mostly winged insects (grasshoppers, true bugs, beetles, flies, butterflies, ants, etc.) 

Shrimp, crabs, waterfleas, barnacles, copepods, etc. 

Primitive; live in soft marine sediments 

Crabs, water scuds, isopods, mantis shrimp, etc. 

(= Phyllopoda) water fleas and brine, clam, pea, and tadpole shrimp 

Seed shrimp enclosed in a bivalved chitinous carapace 

Interstitial species living in shallow water or intertidally 

Dominant crustaceans in zooplankton; a few parasites of marine fish and invertebrates 

Fish lice (ectoparasites) 

Highly modified parasites of tetrapod vertebrates 

Deep-water parasites of crustaceans; some sources estimate diversity up to 1200 species 

Ancient, vermiform crustaceans found in marine caves; some estimate diversity as high 
1200 species 

True barnacles and small groups of parasitic taxa 

Velvet worms; most confined to tropical habitats 

Water bears in aquatic and moist terrestrial habitats 


“Estimates of species richness are for living taxa only, except for the subphylum Trilobitomorpha. The reliability of these estimates varies widely among taxa. 





proceeded gradually through a life with three larval stages, 14 
or more juvenile steps in the first year of life, and multiple adult 
stages lasting a maximum of 3 more years. 


SUBPHYLUM CHELICERATA 


Few invertebrates on land or sea are so often miscast in a 
sinister role as the spider, which along with mites, sea spiders, 
and horseshoe crabs comprises the 77,000 described species in 
the subphylum Chelicerata. Indeed, most arachnids and all 
other chelicerates either are harmless to humans or are actually 
quite helpful in their roles as predators and parasites of insects 
or as decomposers of terrestrial litter. Although the subphylum 
evolved in the sea, the ocean now supports only the five 
species of horseshoe crabs (class Merostomata), a thousand or 
so species of sea spiders (class Pycnogonida), and a few mites. 


Class Merostomata: Horseshoe Crabs 


FIGURE 1 Asaphiscus wheeleri, an extinct trilobite in the subphylum 
Trilobitomorpha. (Photograph courtesy of Sam M. Gon, III.) 


During the full or new moons of late spring and early summer 
when tides are the highest, vast numbers of horseshoe crabs 
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FIGURE 2 Representative of the subphylum Chelicerata: ventral view of an 
adult horseshoe crab, Limulus polyphemus (class Merostomata). 


(all Limulus polyphemus; Fig. 2) come ashore in eastern North 
America to breed in bays and estuaries. The five Asian and 
North American species of this class are remnants of this 
strictly marine class. Although formidable looking and up to 
60 cm in length, horseshoe crabs are harmless to humans. 
When not breeding, these chelicerates reside on or in soft 
bottoms in shallow water. They are scavengers and predators 
on clams and worms. Although they can swim weakly by 
flapping their book gills (modified abdominal appendages), 
their primary locomotion is walking. Extinct merostomates 
(order Eurypterida) may have been the largest arthropods ever 
to have evolved (nearly 3 m long) and seem to have given rise 
to terrestrial arachnids. Despite their name, horseshoe crabs 
are not closely related to true crabs (subphylum Crustacea). 


Class Arachnida 


During the middle Paleozoic, chelicerates made the rigorous 
transition from water to land; only later did over 5000 
species of arachnid mites adopt a secondary aquatic existence. 
Arachnids then rapidly radiated in form and species richness 
in association with their predaceous and_ parasitic 
exploitation of insects. One crucial factor in this success has 
been the diverse uses of silk by spiders, pseudoscorpions, and 
some mites. Although some degree of “arachnophobia” 
afflicts many people, relatively few of the 76,000 described 
species are directly harmful to humans because of their 
venom, link with diseases and allergies, or competition for 
plant resources. More than balancing their negative attributes 
is the substantial role in biocontrol of insect pests. 


SCORPIONS, SPIDERS, AND HARVESTMEN 
The 1500 to 2000 species of true scor- 
pions (order Scorpiones) are elders of the arachnid clan (Fig. 3). 


True Scorpions 


In addition to the true scorpions, several other arachnid orders 
are called “scorpions”: false scorpions (Pseudoscorpiones with 
2000 species), wind scorpions (Solifugae with 900 species), 
whip scorpions (Uropygi with 85 species), and tailless whip 
scorpions (Amblypygi with 70 species). All are much smaller 
than true scorpions, but are also typically carnivorous. 





FIGURE 3 Desert hair scorpion, Hadrurus arizonensis. (Photograph by Jim 
Kalisch, courtesy of University of Nebraska Department of Entomology.) 


True Spiders (Order Araneae) Most arachnids lack 
biting mouthparts and must, therefore, partially digest prey 
tissue before sucking it into their bodies. Prey are subdued 
with poison injected by fangs present on each chelicera. 
Arachnids reproduce with indirect fertilization (without a 
penis), often after elaborate courtship rituals. Their leglike 
pedipalps are used by males to transfer spermatophores. Eggs 
are wrapped in a protective silken cocoon, and brood care is 
common. Silk is produced normally by caudal spinnerets and 
by a small platelike organ (cribellum) in cribellate spiders 
only. Uses for this silk include cocoons, egg sacs, linings of 
retreats, and capture webs. Locomotion is typically by 
walking or jumping, but aerial dispersal through the process 
of “ballooning” with long silken threads is common in most 
spiderlings and adults of some smaller taxa. Most spiders are 
terrestrial and are found anywhere insects are located. All are 
carnivorous, and ecological divergence in prey type and 
capture method has led to the wide evolutionary radiation. In 
addition to insects, spiders attack other spiders, small arachnids, 
and a few other prey taxa including small vertebrates. Several 
spiders are poisonous to humans, such as the black widow 
and the brown recluse. 

Harvestmen The order Opiliones includes arachnids 
known as “daddy longlegs,” a name reflecting its enormously 
long walking legs. They are also called “harvestmen” because 
some species undergo a seasonal population explosion each 
autumn around the farm harvest. They have “repugnatorial 
glands” that produce an acrid secretion to repel predators. 
The 5000 species are more closely related to mites than to 
true spiders. Most are tropical, but taxa are known from 
colder subarctic and alpine zones. Opilionids frequent humid 
forest floors, being less arboreal than true spiders. Although 
carnivory on small arthropods and worms is common, 
harvestmen are notable as the only arachnids other than 
mites that consume vegetation. 


MITES AND TICKS At least 30,000 species of arachnid 
mites and ticks have been described in the order (or subclass) 
Acari. The major habitat of mites is on land, where they are 


either free-living or parasites of plants and animals, but lakes, 
streams, and even hot springs support 5000 taxa, with the 
marine fauna being less diverse. 

Many acarines are ectoparasitic in larval and/or adult stages. 
Animal parasites attack mammals (including humans and 
domestic animals), birds, reptiles, amphibians, fish, aquatic 
and terrestrial insects, other arachnids, and some other inver- 
tebrates, including echinoderms, mollusks, and crustaceans. 
They are vectors for several human diseases, and some (e.g., 
chiggers) have annoying bites. Many people develop allergies 
to mites living on household dust. On the other hand, micro- 
scopic mites commonly consume dead tissue and oily secre- 
tions on human faces, and they are used to control harmful 
insects and mites. Their feeding habits and role in spreading 
viruses make them severe pests of natural and agricultural 
plants. A great diversity of mites, however, are free-living, 
mostly in forest and grassland litter, where they feed directly on 
litter or on microorganisms decomposing detritus. Many 
mites prey on other mites, nematodes, and small insects. 


Class Pycnogonida: Sea Spiders 


The body shape and gangling legs of sea spiders call to mind 
their terrestrial namesakes. Most of the thousand species live in 
shallow benthic zones at higher latitudes. They are predomi- 
nantly predators of hydroids, bryozoans, and polychaetes, but 
some consume microorganisms, algae, and even detritus. Food 
is either macerated with chelae or externally predigested and 
then sucked into the digestive tract with a proboscis. 

Sea spiders have a barely perceptible head and a body 
comprising four pairs of long legs joined by a narrow, seg- 
mented trunk. Most are small (1-10 mm), but some deep- 
water behemoths reach 6 cm in body length with a 75-cm leg 
span. Their eyes are mounted on an tubercle to give them a 
360° arc of vision. 


SUBPHYLUM MYRIAPODA 


Myriapoda (“many feet”) is a subphylum of elongate arthro- 
pods with bodies divided into a head and trunk with numer- 
ous segments, most of which have uniramous appendages; no 
pronounced. tagmatization is evident. Myriapods range in 
length from 0.5 to 300 mm and are primarily terrestrial. Most 
live in humid environments, commonly in caves. Some have 
invaded arid habitats, but few are aquatic. Four classes are 
recognized: Diplopoda (millipedes), Chilopoda (centipedes), 
Pauropoda, and Symphyla, with 10,000, 3000, 500, and 160 
species, respectively. The last two are minute dwellers of the 
forest floor that consume living or decaying vegetation. 
Symphylans look somewhat like centipedes but the adults 
have 14 trunk segments and 12 pairs of limbs; the posterior 
end of the trunk has two conical cerci and spinning glands. 
Members of the class Pauropoda are soft-bodied, blind 
myriapods with 9 to 11 leg-bearing trunk segments and 
branched antennae. 
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Class Chilopoda: Centipedes 


Centipedes are dorsoventrally flattened with 15 to 173 
segments, each with one pair of legs (Fig. 4A). Poisonous 
forcipules (fangs) enable centipedes to kill and consume 
insects, other centipedes, annelids, mollusks, and sometimes 
small vertebrates; under most circumstances, the poison is 
not lethal to people. The body is partially hung beneath the 
legs to increase stability and to allow hind legs to step over 
front ones, which allows the insects to run swiftly in search 
of prey or to escape predators. Centipedes are found in most 
terrestrial environments including the desert fringe; the latter 
is surprising given their chitinous, noncalcified exoskeleton, 
which is relatively permeable to water. 


Class Diplopoda: Millipedes 


Millipedes have a somewhat cylindrical body with 11 to 90 
segments (which are really fused “diplosegments”) and two 
pairs of legs per segment. Segmental plates are constructed to 
prevent “telescoping” as the body bulldozes through forest 
litter, while still allowing the animal to roll up or coil when 
threatened (Fig. 4B). Millipedes are slow moving and 
herbivorous by nature, eating decaying leaves and wood. 
They lack poisonous fangs and instead repel predators with 
volatile poison produced by repugnatorial glands. Millipedes 
are relatively long-lived, with some surviving 7 years. 


SUBPHYLUM HEXAPODA 


Hexapoda (“six feet”) includes a tremendous diversity of 
winged insects (class Insecta, subclass Pterygota) and many 
fewer wingless insect (subclass Apterygota) and noninsect 
classes (Diplura and Ellipura, orders Collembola and Protura). 





FIGURE 4 Members of the subphylum Myriapoda. (A) Centipede (class 
Chilopoda). (Photograph by Jim Kalisch, courtesy of University of Nebraska 
Department of Entomology.) (B) Millipede (class Diplopoda), coiled in a 
defensive posture. (Photograph by D. R. Parks.) 
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Hexapods have three major body regions (head, thorax, 
abdomen) and six thoracic legs. 


Entognathous Hexapods: Collembola, Protura, 
and Diplura 


Entognathous hexapods include two small taxa (class Diplura 
and Ellipura, order Protura) living in moist forest litter and a 
large group of springtails (class Ellipura, order Collembola) 
with at least 4000 species in terrestrial and semiaquatic envi- 
ronments. Most springtails live in moist terrestrial environ- 
ments, but some colonize the surface film of quiet fresh and 
marine waters. They occur at densities much higher than 
almost any other invertebrate in soil litter. Unlike insects, 
springtails have only six abdominal segments, and cleavage of 
their eggs is total. Their name is derived from their ability to 
spring forward several centimeters when a forked structure (the 
furcula) flexed under the abdomen is rapidly uncocked. They 
have indirect fertilization, the young closely resemble adult 
Collembola, and adults continue molting throughout their 
lives (2-50+ molts). Springtails feed on decomposing organic 
matter or on microorganisms at the water surface. Proturans 
are completely terrestrial, their antennae have nearly atrophied 
away, and their front legs function somewhat like antennae. 
Diplurans are primitive hexapods whose ancestors may have 
given rise to both Protura and Collembola, and they are more 
closely related to insects than are ellipurans. Diplurans are 
blind and have two prominent abdominal cerci. 


Class Insecta: Winged and Wingless Insects 


The million or so species in the subclass Pterygota include all 
winged invertebrates and some insect species that have 
secondarily lost wings during evolution. They include two 
orders of ancient winged insects (Ephemeroptera and 
Odonata) and some 25 to 30 (depending on the classification 
system) orders of modern folding-wing insects. Most have 11 
abdominal segments. The head features two antennae and 
compound eyes. Respiration is generally with internal tra- 
cheae, but aquatic species may use external, tracheate gills or 
other means to obtain sufficient oxygen. Fertilization is usually 
direct, distinct developmental stages are common, and molting 
generally stops with attainment of reproductive maturity. 
Their most prominent features are two pairs of wings, but a 
great many insects (e.g., fleas) lack wings or have dispensed 
with either the hind (e.g., flies) or fore pair (beetles). Among 
their beneficial attributes are pollination of most flowering 
plants, production of honey and silk, predation on harmful 
insects, decomposition of animal wastes and carcasses, and 
facilitation of ecological processes at all trophic levels above 
primary producer. Negative attributes include transmission 
of diseases, annoying bites, and damage to crops, stored food, 
ornamental plants, forests, and wooden structures. 

All insect species that did not evolve from a winged 
hexapod and whose adults all lack wings are in the subclass 


Apterygota, order Thysanura. This small group of 600 or so 
primitive species includes bristletails, silverfish, and rock 
jumpers. These are small to medium-sized insects (5-25 mm) 
without compound eyes. They have an 11-segmented 
abdomen with a prominent caudal filament between two 
terminal cerci. Fertilization is indirect, and molting 
continues after the reproductive state has been reached 
(unlike insects). No pronounced metamorphosis is evident 
from subadult to adult stages. Thysanurans are swift, agile 
runners (probably to avoid predators) and are omnivorous 
scavengers of animal and plant matter. Most live in litter of 
forests and grasslands, but silverfish also infest houses, where 
they can extensively damage clothing and books. 


SUBPHYLUM CRUSTACEA 


Crustaceans surpass all other invertebrates in their direct 
contribution to human diets (from crabs, shrimp, lobsters, 
and crayfish) and are vitally important to many ecosystems, 
especially planktonic food webs. Unfortunately, they also 
foul boat hulls (barnacles) and destroy wooden piers in 
coastal waters (burrowing isopods). 

Distinguishing characteristics of adults include the follow- 
ing: five-pairs of cephalic appendages (two mandibles, four 
maxillae, and two antennae), two to three tagmata, a chitinous 
cuticle often elaborated as a shieldlike carapace, more than 
11 abdominal segments, and jointed, biramous appendages. 
Evolutionary trends involved specialization of mouthparts, 
body segments, and appendages for locomotion, sensory recep- 
tion, and reproduction. Respiration is typically with gills, and 
hemocyanin is the principal respiratory pigment. Excretion of 
ammonia generally occurs through modified nephridia. Sexes 
are mostly separate, but hermaphroditism is common. Develop- 
ment always includes triangular nauplius larvae (with six appen- 
dages and a median eye), which are commonly planktonic. 
Many crustaceans have a relatively sophisticated behavioral 
repertoire and communicate visually, tactilely, and chemically. 

Most of the roughly 50,000 species are marine, but crus- 
taceans are ubiquitous in freshwater habitats and a few species 
have colonized saline lakes and terrestrial environments. Crus- 
taceans are most often scavenging predators or have a generally 
omnivorous diet. They range in length from minute to truly 
gigantic (0.25 mm to 360 cm). 


Class Malacostraca: Shrimp, Crayfish, and Others 


About 60% of crustacean species are malacostracans, including 
all species consumed by humans (mostly decapods) and many 
important benthic crustaceans in marine and freshwater 
ecosystems (e.g., amphipods and isopods). 

Most orders and the 29,000 species in this class are domi- 
nated by crustaceans that live near the bottom. Ecologically 
important exceptions include planktonic krill (order Euphau- 
siacea), a vital prey of baleen whales. Parasitism is relatively rare 
and is confined mostly to ectoparasites of fish, crustaceans 


(both mostly in the large order Isopoda), and marine mammals 
(small component of the large order Amphipoda). 


Class Branchiopoda: Water Fleas, Brine Shrimp, 
and Others 


Nearly 25% of all freshwater crustaceans are branchiopods 
(“gill feet”), and almost all crustaceans in saline lakes are in 
this class; only 3% of the species occur in oceans. The class 
contains about 800 species of water fleas (in four orders of 
cladocera), 200 species of fairy and brine shrimp (order 
Anostraca), and a few taxa of clam (order Spinicaudata), pea 
(Laevicaudata), and tadpole shrimp (Notostraca). Most taxa 
other than cladocerans are restricted to ephemeral pools, and 
most branchiopods are suspension feeders. Branchiopods are 
noted for producing dormant embryos resistant to adverse 
environments. 


Class Ostracoda: Seed Shrimp 


The 6650 species of seed or mussel shrimp are minute 
crustaceans characterized by a protective, dorsal, bivalved 
carapace of chitin heavily impregnated with calcium 
carbonate. Freshwater species rarely exceed 3 mm in length, 
but marine taxa can reach 30 mm. Ostracodes are especially 
prevalent in freshwater habitats (particularly benthic areas) 
but are common in marine environments. A few genera have 
adapted to damp humus habitats of the forest floor. 
Ostracods are typically suspension feeders on benthic and 
pelagic detritus, and almost all are free-living. 


Class Copepoda 


In relatively permanent freshwater and marine environments, 
the 8000 species of copepods are the most important plank- 
tonic crustaceans, and other species contribute to the benthic 
fauna. Herbivory on microalgae prevails, but raptorial feeding 
on other zooplankton is common. Although freeliving cope- 
pods predominate, bizarre forms, barely recognizable as 
copepods, have evolved as parasites of fish and invertebrates. 


Class Cirripedia: Barnacles 


The name “barnacle” evokes a rugged image of the sea in the 
minds of many people, but few recognize this taxon’s kinship 
with familiar crustaceans like shrimp and crabs because the 
barnacle’s body is hidden inside calcareous plates and free- 
living species are sedentary. The 1000 species in the class 
Cirripedia include free-living species that live directly on a 
hard surface or are raised on a stalk (peduncle). This surface 
may be an inanimate object (e.g., rocks, floating refuse, ship 
hulls) or the outer layer of a living whale, turtle, invertebrate, 
or other larger organism. Barnacles usually cement the head 
to hard surfaces and employ setose legs to capture plankton. 
Other species, barely recognizable as barnacles, are ecto- and 
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endoparasites of echinoderms, corals, and other crustaceans, 
especially crabs. 


Pentastomida and Other Crustaceans 


The remaining 264 to 1500 species of crustaceans are divided 
among six classes. Of these, only the ectoparasitic fish lice 
(class Branchiura), with 125 species, were recognized more 
than a few decades ago. Three classes closely resemble 
copepods—Cephalocarida, Mystacocarida, Tantulocarida— 
with the first two living in marine sediments and the last 
being ectoparasites of deep-water crustaceans. The class 
Tantulocarida is usually listed with 10 to 20 species, but 
some scientists believe that the true diversity is greater than 
1000. Members of the class Remipedia are presently 
restricted to tropical underwater caves. Their long bodies 
with abundant lateral appendages call to mind segmented 
polychaete worms. 


CLOSELY RELATED PHYLA: TARDIGRADA 
AND ONYCHOPHORA 


Tardigrada: Water Bears 


Tardigrades are called “water bears” because of their slow 
lumbering gait and relatively massive claws on lobopodous 
legs. The permeability of the cuticle limits tardigrades to 
aquatic habitats (often interstitial), the surface film of terres- 
trial mosses, and damp soil. About 800 species have been 
described, but many more undoubtedly exist in unexplored 
habitats. Faced with inhospitable microhabitats from envi- 
ronmental changes, both terrestrial and aquatic species may 
undergo cryptobiosis, where the body becomes dehydrated 
and metabolism is greatly reduced until favorable conditions 
return. Some water bears have been “resuscitated” from this 
state after decades! These normally dioecious organisms can 
also reproduce by parthenogenesis. Tardigrades typically feed 
on plants cells pierced by a pair of mouth stylets and sucked 
into the gut, but a few species are carnivorous. 


Onychophora: Velvet Worms 


Velvet worms are giants compared with tardigrades, for some 
individuals reach a length of 15 cm, but they share many 
characteristics with this sister phylum of Arthropoda. They 
are generally nocturnal and move by extending their legs, 
with hydrostatic pressure generated by muscular contraction 
within the legs. 

Though most are herbivores or omnivores, many species 
consume small arthropods in a rather unique manner. They 
attack their prey and also defend themselves from predators 
by expelling a sticky, proteinaceous substance that entangles 
the target. This glue is produced by slime glands within oral 
papillae. The onychophoran then bites and secretes toxins to 
kill and partially liquefy the victim. 
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Auchenorrhyncha 


(Cicadas, Spittlebugs, 
Leafhoppers, Treehoppers, 
and Planthoppers) 


C. H. Dietrich 
Illinois Natural History Survey 


he hemipteran suborder Auchenorrhyncha is the group of 

sapsucking insects comprising the modern superfamilies, 
Cercopoidea (spittlebugs, Fig. 1), Cicadoidea (cicadas, Fig. 2), 
Membracoidea (leafhoppers and treehoppers, Fig. 3), and 
Fulgoroidea (Fig. 4) Together, these groups include over 
40,000 described species. Morphologically, Auchenorrhyncha 
differ from other Hemiptera in having the antennal flagellum 





FIGURE 1 Cercopoidea: spittlebugs and froghoppers: (1) Yomaspis sp. 
(Cercopidae), Mexico, (2) Machaerota sp. (Machaerotidae), Vietnam, (3) 
Paraphilaenus parallelus (Aphrophoridae), Kyrgyzstan, (4) Clastoptera obtusa 
(Clastopteridae), Illinois, U.S.A., (5) spittle mass of PR spumarius nymph, 
Illinois, U.S.A. 





FIGURE 2 Cicadoidea: cicadas: (6) a hairy cicada, Tettigarcta crinita 
(Tettigarctidae), Australia, (7) Melampsalta calliope (Cicadidae), Illinois, 
U.S.A., (8) a periodical cicada, Magicicada cassini, with a 13-year life cycle, 
Illinois, U.S.A., (9) a dog day cicada, Tibicen sp., molting into the adult 
stage, Illinois, U.S.A. 


hairlike (aristoid), the rostrum (modified, beaklike labium) 
arising from the posteroventral surface of the head, a complex 
sound-producing tymbal apparatus, and the wing-coupling 
apparatus consisting of a long, downturned fold on the 





FIGURE 3. Membracoidea: leafhoppers and treehoppers: (10) a brachypterous, 
grass-feeding leafhopper, Doraturopsis heros, Kyrgyzstan, (11) Pagaronia triunata 
(Cicadellidae), California, U.S.A., (12) Eurymeloides sp. (Cicadellidae), 
Australia, (13) fifth instar of Neotartessus flavipes (Cicadellidae), Australia, 
(14) female Aetalion reticulatum (Aetalionidae) guarding egg mass, Peru, (15) 


ant-attended aggregation of treehopper adults and nymphs (Membracidae: 
Notogonia sp.), Guyana. 





FIGURE 4 Fulgoroidea: planthoppers: (16) female Stenocranus sp. 


(Delphacidae) covering oviposition site with wax, Illinois, U.S.A., (17) 
Chanithus scolopax (Dictyopharidae), Kyrgyzstan, (18) Metcalfa pruinosa 
(Flatidae), Maryland, U.S.A., (19) Biolleyana sp. (Nogodinidae), Mexico, 
(20) Tettigometra sp. (Tettigometridae) nymphs tended by ants, Greece, (21) 
unidentified planthopper nymph completely covered with wax filaments, 
Guyana. 


forewing and a short, upturned lobe on the hind wing. 
Auchenorrhyncha are abundant and ubiquitous insects, 
distributed worldwide in nearly all terrestrial habitats that 
support their host plants, but they are particularly diverse and 
speciose in the tropics. Some are important agricultural pests, 
injuring plants either directly through feeding and oviposition, 
or indirectly through the transmission of plant pathogens. 


PHYLOGENY AND CLASSIFICATION 
Nomenclature 


The monophyly of the four existing superfamilies of 
Auchenorrhyncha has long been accepted, but controversy 
persists regarding the relationships of these lineages to each 
other and to various other fossil and extant hemipteran line- 
ages. Consequently, no single classification scheme has gained 
universal acceptance, and the nomenclature of the various 
groups is presently unstable. Traditionally, Auchenorrhyncha 
were treated as one of three suborders of the order Homoptera. 
Fossil evidence, as well as phylogenetic analyses based on DNA 
sequences of extant taxa, suggest that Heteroptera (true bugs; 
Hemiptera, sensu stricto) arose from within Homoptera and, 
possibly, from within Auchenorrhyncha. Thus, many recent 
workers have combined Homoptera and Heteroptera into a 
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TABLEI Classification of the Hemipteran Suborder 
Auchenorrhyncha (synonyms and common names in 
parentheses) Excluding Extinct Taxa 


Auchenorrhyncha (Cicadinea) 
Infraorder Cicadomorpha (Clypeorrhyncha, Clypeata) 

Superfamily Cercopoidea (spittlebugs, froghoppers) 
Aphrophoridae 
Cercopidae 
Clastopteridae 
Machaerotidae 

Superfamily Cicadoidea (cicadas) 
Cicadidae (Platypediidae, Plautillidae, Tettigadidae, Tibicinidae) 
Tettigarctidae (hairy cicadas) 

Superfamily Membracoidea (Cicadelloidea) 
Aetalionidae (Biturritiidae) 
Cicadellidae (Eurymelidae, Hylicidae, Ledridae, Ulopidae, 

leafhoppers) 
Melizoderidae 
Membracidae (Nicomiidae, treehoppers) 
Myerslopiidae (Cicadellidae, in part) 
Infraorder Fulgoromorpha (Archaeorrhyncha, planthoppers) 

Superfamily Fulgoroidea 
Acanaloniidae 
Achilidae 
Achilixiidae 
Cixtidae 
Delphacidae 
Derbidae 
Dictyopharidae 
Eurybrachidae 
Flatidae 
Fulgoridae (lanternflies) 
Gengidae 
Hypochthonellidae 
Issidae 
Kinnaridae 
Lophopidae 
Meenoplidae 
Nogodinidae 
Ricaniidae 
Tettigometridae 
Tropiduchidae 


single order. This order is usually referred to as Hemiptera 
(sensu lato), but some entomologists advocate using the ordinal 
name Rhynchota to avoid confusion with the more restricted 
definition of Hemiptera (Heteroptera) widely used in the lit- 
erature. Some recent workers have further proposed dividing 
the Auchenorrhyncha into two suborders: Clypeorrhyncha 
for the lineage comprising Cicadoidea, Cercopoidea, and 
Membracoidea, and Archaeorrhyncha for Fulgoroidea. The 
older names Cicadomorpha and Fulgoromorpha, respectively 
(usually treated as infraorders within suborder Auchenor- 
rhyncha), are more commonly used for these two groups. For 
convenience, and because the phylogenetic status of the 
group has not been elucidated satisfactorily, Auchenorrhyncha 
is retained here as the subordinal name with the caveat that 
this group may represent a paraphyletic assemblage rather 
than a monophyletic group. The current classification of 
families is presented in Table I. 
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Fossil Record 


Auchenorrhyncha arose in the Paleozoic, first appearing in the 
fossil record in the Lower Permian (280 mya) and, judging 
from the abundance of forms described from Permian strata, 
they diversified explosively. These early auchenorrhynchans 
had adults with well-developed jumping abilities and some- 
what resembled modern leafhoppers and spittlebugs, but 
nymphs (juveniles) associated with these insects were bizarrely 
flattened or biscuitlike, with short legs, foliaceous lobes on the 
head, thorax, and abdomen (similar to those of some modern 
Psyllidae) and elongate mouthparts, suggesting a sessile, 
cryptic lifestyle. The fulgoromorphan and cicadomorphan 
lineages (Table I) apparently diverged by the middle Permian. 
By the late Permian, Fulgoroidea appeared and Cicadomorpha 
(sensu lato) had diverged into the Pereboreoidea, comprising 
three extinct families of large cicada-like insects, and the 
smaller Prosboloidea, from which the three modern 
cicadomorphan superfamilies apparently arose. Cicadomor- 
phans with a greatly inflated frontoclypeus (Clypeata in the 
paleontological literature = Clypeorrhyncha) did not appear 
until the Mesozoic. Prior to that, the head of Cicadomorpha 
resembled that of modern Psyllidae in having the frontover- 
tex extended ventrad on the face to the antennal ledges and 
the lateral ocelli situated close to the eyes. This change in 
head structure is thought to have been associated with a shift 
from phloem to xylem feeding. Xylem feeding was apparently 
the predominant feeding strategy of the group throughout 
the Mesozoic, but in the late Cretaceous or early Tertiary the 
major lineages of phloem-feeding leafhoppers and treehoppers, 
which predominate in the recent fauna, arose. In these insects, 
the frontoclypeus became more flattened, probably because 
of the reduction in size of the cibarial dilator muscles. This 
was presumably in response to a shift from feeding on xylem, 
which is under negative pressure, to phloem, which is under 
positive pressure. Cicadoidea and Cercopoidea first appeared 
in the Triassic, and Membracoidea in the Jurassic. With the 
exception of Tettigarctidae, which arose in the late Triassic 
and is now confined to Australia, extant families of these 
groups do not appear in the fossil record until the Cretaceous 
or early Tertiary. Most Auchenorrhyncha from Baltic and 
Dominican amber of the Tertiary age are virtually 
indistinguishable from modern forms. 


LIFE HISTORY 
Courtship 


Adult male and female Auchenorrhyncha locate each other 
by means of species-specific acoustic courtship signals. These 
signals are produced by specialized organs at the base of the 
abdomen called tymbals, present in both sexes (except female 
cicadas). A few cicadas and planthoppers are also able to use 
the stridulatory surfaces of their wings to produce sound. The 
loud, sometimes deafening, calls of many male cicadas are 
well known. In noncicadoids, the courtship calls are usually 


inaudible, being transmitted through the substrate, and dis- 
tinct tympana are absent. The calls of some leafhoppers and 
planthoppers, audible only with special amplifying equipment, 
are among the most complex and beautiful of any produced by 
insects. Males move from plant to plant, signaling until they 
receive a response from a female. In addition to intensification 
of the vibrational signals, precopulatory behavior in some 
species may involve the male buzzing or flapping the wings, 
tapping the female with the legs, or repeatedly walking 
around or over the female. Copulation involves insertion of 
the male aedeagus into the female vulva at the base of the 
ovipositor and may last from a second or less to several hours, 
depending on the species. Females of most species seem to 
mate only once, while males often mate several times. 


Oviposition and Nymphal Development 


Females lay eggs singly or in batches, usually either by insert- 
ing them into plant tissue or by depositing them on plant 
surfaces [Figs. 3(14), 3(15), and 4(16)]. In some groups, eggs 
are deposited in the soil or in litter. Egg batches may be covered 
with plant debris, wax filaments, or secretions produced by 
various internal glands. Eggs may or may not undergo dia- 
pause depending on the species and climate. After hatching, 
the juveniles [nymphs, Figs. 2(9), 3(13), 3(15), 4(20), and 
4(21)] undergo five molts prior to reaching the adult stage. 
In most species the nymphs feed on aboveground parts of host 
plant, but in cicadas, Cercopidae, a few fulgoroid families, 
and a few leafhopper genera, the nymphs are subterranean 
root feeders. Formation of galls, common among aphids and 
psyllids, is known in only one Auchenorrhyncha species (a 
leafhopper). Nymphal development requires from a few 
weeks to several years (in cicadas), depending on the species. 
Some species exhibit parental care behavior (see later). 


BEHAVIOR AND ECOLOGY 
Feeding and Digestion 


Adult and nymphal Auchenorrhyncha feed by inserting the 
two pairs of feeding stylets (modified mandibles and 
maxillae) into the host plant tissue, injecting saliva, and 
ingesting fluid. Unlike Sternorrhyncha, in which the stylets 
pass between the cells of the host tissue (intercellular 
feeding), Auchenorrhyncha stylets usually pierce the cells 
(intracellular feeding). After selecting an appropriate feeding 
site based on visual and chemical cues, the insect presses the 
tip of the labium onto the plant surface and inserts the 
feeding stylets. Just prior to, and during probing of the plant 
tissue with the stylets, the insect secretes sheath saliva that 
hardens on contact with air or fluid to form an impervious 
salivary sheath surrounding the stylets. The sheath forms an 
airtight seal that prevents leakage of air or fluid during 
feeding. Stylet probing continues until a suitable tissue is 
found (xylem, phloem, or mesophyll, depending on the 
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FIGURE 7: Use case scenario. 


composition of service objects (from line (12) to (18)). The last 
part of Algorithm 2 will continue to iterate to compose the 
object composition workflow by checking first the assigned 
relationship ranking with the defined threshold, and then the 
selected composition workflow graphs are sorted and stored 
in queues for service execution. 


4. Use Case and Prototype Implementation 


In this section, first, to realize IoT service provisioning based 
on social web objects, a use case about IoT enabled museum 
environment has been presented and then the details on the 
prototype implementation are furnished. 


4.1. Use Case Scenario. This use case is based on a user 
experience in a public museum where the IoT environment 
is already set up with the WoO platform incorporating web 
objects that use social relationship model and a social agent 
which obtains the user’s profile and his friendship details 
from social media (as shown in Figure 7). The user enters 
the premises of the museum and his smartphone is prompted 
with a beacon signal to recommend service app installation 
where he accepts the request. The phone app incorporates a 
microservice which establishes a social relationship (GSTOR) 
with museum visit service objects. The system monitors the 
interaction of the user in the museum environment; the 
installed camera network and motion detectors detect the 
user presence and this feed is collected by the museum 
visit service. The user shares his current location with the 
system, which is used by the location navigator service to 
assist him in moving around the museum by providing the 
direction to the locations where different museum items are 
situated. It is worth noticing that the VOs for museum visit 
service and location navigator service are bound in CLOR 
relationship due to the same location points. The user shares 
his social network profile which is used to acquire the list 


of friends and choices for things the user is interested in. 
This information is acquired by the recommendation service 
which suggests the best things to do with respect to the user’s 
interests, making his visit most enjoyable. Recommendation 
service suggests facilities available in the museum such as 
places a user should visit, cafeteria food menu, and prices 
for the day. This service also shares with the user the past 
experiences of his friends at the museum to help him get most 
out of his visit. Moreover, personalization service provides 
special features such as adjusting contents on displays or 
optimizing the luminosity, to support users with disabilities. 
To enable these service features, objects exploit the SVOR 
relationship. Also, the fire management service maintains the 
status of all VOs that can detect an unusual fire situation in 
the museum. The temperature VOs acquire readings from 
temperature sensors and smoke detector VOs get a feed 
from smoke detection sensors. These VOs form a CLOR 
relationship with each other in the common proximity. Fire 
situation monitoring CVO acquires VOs data. One or more 
CVOs are managed by the fire management service. In case of 
a fire breakout, the fire management service executes with the 
data from the fire detection CVOs and the temperature and 
smoke detector VOs. Meanwhile, services incorporate high- 
level functionality to react on the data provided by virtual 
entities in the system. It is important to notice that sharing of 
information based on social relationships has become easy in 
the proposed use case. That is because the user information 
and device information are communicated with social links 
of web objects and are utilized by the services. 


4.2. Proof-of-Concept Details. To evaluate the proposed 
design, a proof of concept has been furnished, which realizes 
services based on web objects as considered in the above use 
case. These objects include, for instance, fire situation mon- 
itoring CVO to handle emergency fire breakout situations, 
location navigator CVO to find the shortest path to the user 


species), after which feeding can commence. During feeding, 
watery saliva is injected into the plant to aid digestion and to 
prevent clogging of the stylet opening. This is also the 
mechanism by which the insect may infect the plant with 
pathogens (see later). Feeding may last from a few seconds to 
many hours at a time, depending on the auchenorrhynchan 
species and the quality of the plant tissue. During feeding, 
droplets of liquid excretion are ejected from the anus, several 
droplets per second in some xylem feeders. 

Plant sap is a nutritionally imbalanced food source; phloem 
is high in sugar and xylem is, in general, nutrient poor and 
extremely dilute. Auchenorrhyncha have acquired various 
adaptations that enable them to convert the contents of plant 
sap into usable nutrients. Most Cicadomorpha have part of 
the midgut modified into a filter chamber that facilitates 
rapid removal of excess water. Fulgoroidea lack a distinct filter 
chamber but have the midgut tightly coiled and partially or 
completely enclosed in a sheath of specialized cells that 
apparently absorb solutes from the gut contents. A broad 
array of transovarially transmitted (i.e., from the mother 
through her eggs to her offspring) prokaryotic endosymbionts 
have also been identified in various Auchenorrhyncha 
species. The roles of these endosymbionts have not been fully 
elucidated, but presumably they function in the conversion 
of the nutritionally poor plant sap on which the insects feed 
into essential vitamins, amino acids, and sterols. The sym- 
bionts are housed either intracellularly in specialized fat body 
cells called mycetocytes, intracellularly in the fat body, or in 
the gut epithelium. Several distinct mycetomes, consisting of 
groups of mycetocytes, are often present. In Cicadomorpha, 
each mycetome may house up to six different kinds of endo- 
symbiont. In Fulgoroidea, only a single kind of endosymbiont 
is housed in each mycetome. 


Host Associations 


Nearly all Auchenorrhyncha are plant feeders; the few known 
exceptions (e.g., Fulgoroidea: Achilidae and Derbidae) feed 
on fungi as nymphs. Auchenorrhynchans use a wide variety 
of plants including mosses, horsetails, ferns, cycads, conifers, 
and angiosperms, but the vast majority of species feed on 
flowering plants. Most species appear to be restricted to a 
single genus or species of plants. Many species, particularly 
among the xylem-feeding groups, normally use a few or a 
single plant species but are capable of feeding and developing 
on a variety of alternate hosts if the preferred host is not 
available. A few xylem-feeding species have extremely broad 
host ranges. For example, the meadow spittlebug, Philaenus 
spumarius, with over 500 documented food plants, has the 
broadest known host range of any herbivorous insect. 
Phloem- and mesophyll-feeding species, comprising the 
majority of Auchenorrhyncha, tend to have narrower host 
ranges than xylem feeders, and many species appear to use a 
single plant family, genus, or species. Host associations 
appear to be conservative in some auchenorrhynchan 
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lineages. Delphacidae and Cicadellidae (Deltocephalinae) 
include large numbers of grass- and sedge-specialist species 
and are among the dominant herbivores in grasslands. Most 
of the major lineages of Auchenorrhyncha do not exhibit a 
distinct preference for any particular plant taxon and usually 
include both host-generalist and host-specialist species. Some 
species alternate hosts during different stages in the life cycle 
or in different seasons. For example, nymphs of many 
leafhoppers and treehoppers develop on herbs, but the adult 


females oviposit on a woody host. 


Migration 


Most species of Auchenorrhyncha are relatively sedentary, 
completing their life cycle within a small area. Although most 
species have well-developed wings and are strong fliers, few 
seem to move more than a kilometer from their birthplace. 
Many species, particularly those inhabiting grasslands and 
deserts, are submacropterous or brachypterous [short 
winged, Fig. 3(10)] and, thus, incapable of sustained flight. 
Some of these species occasionally produce macropterous 
(long-winged) females that move to new patches of suitable 
habitat. Other species produce both short- and long-winged 
forms either simultaneously or in alternate generations. The 
proportion of macropterous to brachypterous forms often 
varies in response to population density. Some Auchenor- 
thyncha species undergo annual migrations that may cover 
hundreds of kilometers. Not coincidentally, many of these 
accomplished migrants are important agricultural pests. 
Among the best studied of these are the brown planthopper 
(Nilaparvata lugens) and the potato leafhopper (Empoasca 
fabae). Neither of these species can normally overwinter in 
high latitudes. Populations build up in the tropical or 
subtropical parts of their range and migrate to higher latitudes 
each spring. They are assisted in their migratory flights by 
convection and favorable winds, and the initiation of migra- 
tory behavior is apparently triggered by favorable atmo- 
spheric conditions. Sporadic incidents of very-long-range 
migrations have also been documented. In one such incident 
in 1976, swarms of Balclutha pauxilla (Cicadellidae), 
probably originating from a source population in Angola, 
descended on Ascension Island, 2700 km away in the mid- 
Atlantic. 


Thermoregulation 


Most Auchenorrhyncha species appear to regulate their body 
temperature behaviorally, by seeking out microhabitats in 
which the ambient temperature remains within a narrow 
range and moving among alternate microhabitats as condi- 
tions change. In some cicadas, physiological mechanisms are 
also involved. Some species are facultatively endothermic, 
producing metabolic heat to facilitate calling, courtship, and 
other activities. This is usually accomplished by vibrating the 
flight or tymbal muscles until the body temperature rises to 
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an optimal level. Some desert cicadas cool themselves by 
evaporation of excess water released through pores on the 
thorax and abdomen. In this way they are able to remain 
active at ambient temperatures that would kill other insects. 


Defense and Escape 


Because they are among the most abundant phytophagous 
insects in many habitats, Auchenorrhyncha are an important 
food source for numerous vertebrate and invertebrate pred- 
ators (see next section: Natural Enemies). Species of 
Auchenorrhyncha exhibit myriad strategies for avoiding 
predation. These range from relatively simple behaviors, such 
as dodging around to the opposite side of a leaf or branch as a 
predator approaches, or hiding under a leaf sheath, to complex 
mutualistic associations and mimicry. Adults of many species 
are strong flyers and nearly all (except cicadas) are also excellent 
jumpers. Juvenile (nymphal) cicadas, spittlebugs, treehoppers, 
and some planthoppers are incapable of jumping and have 
adopted other strategies for avoiding predators. All cicada 
nymphs and many spittlebug and planthopper nymphs are 
subterranean; thus, their exposure to most predators is 
minimal. Spittlebug nymphs live within masses of froth and 
machaerotid nymphs live in calcareous tubes cemented to the 
host plant. The free-living nymphs of most other auchen- 
orrhynchans appear to rely on cryptic coloration and body 
forms to escape detection by visual predators such as birds. For 
example, many treehopper nymphs are strongly flattened with 
the ventral surfaces of the body concave, enabling them to lie 
flat against the bark or leaf surfaces of their host plant. Others 
resemble plant parts such as bud scales or leaflets. Many plan- 
thopper nymphs secrete copious quantities of wax [Fig. 4(21)], 
with which they coat themselves and, often, surrounding parts 
of their host plants. The wax may prevent parasites and preda- 
tors from grasping the nymphs, allowing them to leap away. 
Adults of some species mimic various venomous arthropods 
such as ants, wasps, robber flies, assassin bugs, and spiders. 
Some bear horns or spines on the pronotum [Membracidae, 
Fig. 3(15)] or scutellum [Machaerotidae, Fig. 1(2)] that make 
them physically difficult for some vertebrate predators to 
swallow. Many adult cercopids and membracids have con- 
spicuous (aposematic) color patterns, presumably indicating 
that they are unpalatable. Others have the forewing apices 
marked with false eyespots, and a few (e.g., Fulgoroidea: 
Eurybrachidae) have prolongations resembling antennae; the 
head and thorax of such species often bear transverse lines 
resembling abdominal segmentation. Adults of various 
planthopper species mimic lizards, flowers, and lichens. 
Another strategy involves complex mutualistic associations 
with ants and other social hymenopterans. Ant mutualism has 
been documented in numerous lineages of Fulgoroidea and 
Membracoidea and occurs universally in some groups [e.g., 
tettigometrid planthoppers Fig. 4(20) and eurymeline 
leafhoppers]. In such groups, the nymphs usually form 
aggregations that are tended by ants. The aggressive worker 


ants drive off predators and receive gifts of honeydew, a sugary 
excretion, from the nymphs. Ant mutualism may have 
facilitated the development of subsocial behavior in some 
groups (see Membracoidea section under Diversity). 


Natural Enemies 


Auchenorrhyncha are preyed upon by insectivorous 
vertebrates such as birds and lizards, as well as by invertebrate 
predators such as spiders, ants, assassin bugs, wasps, and 
robber flies. Auchenorrhyncha are also attacked by various 
parasitoids such as dryinid and chalcidoid wasps, epipyropid 
moths, pipunculid flies, strepsipterans, and nematodes. 
Because they feed on plant sap, cicadomorphans are not 
usually susceptible to infection by viral, bacterial, or 
protozoan pathogens. Thus, entomopathogenic fungi, which 
do not need to be ingested to infect insects, are the most 
important pathogens of Auchenorrhyncha. 


Economic Importance 


Although the vast majority of species of Auchenorrhyncha are 
benign, the group contains some of the most destructive pests 
of agriculture. Among the most important are the brown 
planthopper, sugarcane planthopper (Perkinsiella saccharicida), 
corn planthopper (Peregrinus maidis), meadow spittlebug, 
beet leafhopper (Neoaliturus tenellus), potato leafhopper, corn 
leafhopper (Dalbulus spp.), African maize leafhopper 
(Cicadulina spp.), green rice leafhopper (Nephotettix spp.), and 
various grape leafhoppers (Arboridia and Erythroneura spp.). 
Auchenorrhyncha injure plants directly through feeding or 
oviposition or, more often, indirectly through the transmission 
of plant pathogens. Economic injury to plants involving 
cicadas, which occurs rarely, is mainly due to oviposition, 
although some species occasionally inflict feeding damage 
(e.g., on sugarcane). Spittlebugs injure plants primarily through 
feeding and through transmission of xylem-limited bacterial 
pathogens. Species of Cercopidae are the most significant 
pests of forage grasses in pastures in Latin America and are also 
destructive of sugarcane. Interestingly, much if not most of the 
economic damage done by spittlebugs is due to native spittle- 
bug species colonizing nonnative hosts (e.g., introduced forage 
grasses, clovers, etc.). Presumably, such plants lack natural 
resistance to spittlebugs and are more susceptible to injury. 
Leafhoppers and planthoppers are among the most 
significant groups of vectors of plant pathogens, transmitting 
viruses, bacteria, and mycoplasma-like organisms. Over 150 
species are known vectors of economically important plant 
pathogens. The insects usually acquire the pathogen by feed- 
ing on an infected plant, but some pathogens may be trans- 
mitted transovarially from mother to offspring. Phloem- 
limited viral and mycoplasma-like pathogens typically 
multiply within the vector and enter the plant when the insect 
injects saliva during feeding. Some xylem-limited bacterial 
pathogens (e.g., Xylel/a) are apparently unable to travel from 


the gut to the salivary glands and require regurgitation from 
the foregut during vector feeding to infect the plant. Annual 
losses to maize, rice, and sugarcane attributed to pathogens 
spread by leafhoppers and planthoppers are estimated in the 
hundreds of millions of dollars. Xylem-feeding cicadelline 
leafhoppers are also the main vectors of Xylella fastidtosa, 
which causes X diseases of stone fruits (Prunus spp.), Pierce’s 
disease of grape, citrus variegated chlorosis, and alfalfa dwarf. 

Some Auchenorrhyncha species are considered to be 
beneficial. Cicadas are used as food by several human cul- 
tures. The use of Auchenorrhyncha in biocontrol of weeds has 
also begun to be explored. For example, a Neotropical tree- 
hopper species (Aconophora compressa) has been introduced 
into Australia for control of Lantana (Verbenaceae). 


Control 


Control of auchenorrhynchan pests has traditionally involved 
the use of conventional contact insecticides, but overuse of 
chemical insecticides has led to the development of resistance 
in many pest species and has suppressed populations of their 
natural enemies. Modern integrated pest management has 
promoted greater use of resistant plant varieties, cultural 
control (e.g., removal of litter to reduce numbers of overwin- 
tering individuals), and biological control by means of para- 
sitoids and pathogens, as well as more judicious use of pesticides. 


CAPTURE AND PRESERVATION 


Auchenorrhyncha are most commonly collected by sweeping 
vegetation with a heavy canvas net. Many species are also 
attracted to lights. Vacuum collecting is effective for 
collecting from dense grassy vegetation where many species 
reside. A gasoline-powered leaf blower fitted with a vacuum 
attachment can be used to suck the insects from dense 
vegetation. A fine-mesh insect net bag taped to the end of the 
intake nozzle will capture the specimens. Other effective 
collecting methods include Malaise trapping and insecticidal 
fogging of forest canopy. Auchenorrhycha may be killed in a 
standard insect killing jar containing potassium cyanide or 
ethyl acetate, or by freezing. 

Specimens for morphological study are usually mounted 
dry on pins or point mounts. Point mounts should be glued 
to the right side of the thorax. To identify the species of a 
specimen, it is often necessary to examine the male genitalia. 
To do this, the abdomen is removed and soaked in 10% 
potassium hydroxide solution for several hours (or boiled in 
the same solution for a few minutes) to clear the pigment. 
The abdomen is then rinsed in clean water containing a small 
amount of glacial acetic acid, rinsed again in pure water, and 
immersed in glycerine. After examination, the cleared 
abdomen is stored in a glass or plastic microvial pinned 
beneath the rest of the specimen. Auchenorrhyncha may also 
be preserved indefinitely in 80 to 95% ethanol, but this 
causes some green pigments to fade to yellow. 
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DIVERSITY 
Cercopoidea 


Cercopoidea (froghoppers and spittlebugs, Fig. 1) are charac- 
terized by the following combination of morphological char- 
acters: head with frontoclypeus inflated; median ocellus absent; 
ocelli on crown distant from margin; pronotum extended to 
scutellar suture; body clothed with fine setae; hind coxae 
conical, tibia without rows of setae but often with one or more 
conspicuous spines; male subgenital plate present. The super- 
family comprises four families Aphrophoridae, Cercopidae, 
Clastopteridae, and Macherotidae. The first Cercopoidea 
(Procercopidae) appear in the fossil record during the Lower 
Jurassic. These insects retained a median ocellus and apparently 
lacked the dense setal covering of modern cercopoids. 
Aphrophoridae and Cercopidae did not appear until the 
middle Cretaceous; Clastopteridae and Machaerotidae 
apparently arose during the Tertiary. 

Approximately 2500 species and 330 genera of 
Cercopoidea have been described. The classification has not 
been revised in over 50 years, and the phylogenetic status of 
most cercopoid genera and higher taxa remains unknown. 
Cercopidae [Fig. 1(1)], the largest family, differs from 
Aphrophoridae [Fig. 1(3)], the next largest, in having the 
eyes slightly longer than wide and the posterior margin of the 
pronotum straight (instead of emarginate). The small 
families Machaerotidae and Clastopteridae differ from other 
Cercopoidea in having a well-developed appendix (distal 
membrane) on the forewing. Machaerotidae [Fig. 1(2)] differ 
from Clastopteridae [Fig. 1(4)] in having two or more r-m 
crossveins in the forewing and in lacking an outer fork on the 
radial vein of the hind wing. 

Production of “spittle? is a unique characteristic of 
Cercopoidea [Fig. 1(5)]. Nymphs of Machaerotidae produce 
the froth during molts, while in other families nymphs live 
permanently surrounded by the froth. The lateral parts of 
nymphal abdominal segments are extended ventrally into 
lobes, which form an open or closed (in machaerotids) 
ventral cavity, filled with air. The nymphs introduce bubbles 
of air into their liquid excretion by bellowslike contractions 
of this device; periodically the tip of the abdomen is extended 
through the surface of spittle mass to channel air into the 
cavity. The same air supply is used for breathing via spiracles 
that open into the ventral cavity. The froth is stabilized by the 
action of the secretory products manufactured in the highly 
specialized Malpighian tubules of the nymphs and mixed 
into the main watery excreta. Wax secreted by plates of 
epidermal glands on the sixth through eighth abdominal 
terga (Batelli glands) may also help stabilize the froth. 

The function of the spittle mass is not completely 
understood. It is usually assumed that it protects the insect 
from predators and desiccation. Cercopoid nymphs are 
sessile and live within the spittle mass (or, in Machaerotidae, 
inside fluid-filled tubes). In some species, nymphs tend to 
aggregate, forming large spittle masses containing hundreds 
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of individual nymphs. Nymphs of Cercopidae apparently 
feed on roots, whereas aphrophorid and clastopterid nymphs 
occur on aboveground parts of their host plants. Nymphs of 
the Machaerotidae live immersed in liquid inside tubes 
cemented to the twigs of their host plants. The tubes are 
constructed from calcium carbonate and other salts secreted 
by the midgut and an organic matrix secreted by the 
Malpighian tubules. Adult cercopoids do not produce spittle 
and are free living. They cannot run, and often use only the 
front and middle legs to walk, dragging the extended hind 
legs. Consequently, they rely mostly on their strong jumping 
and flying abilities for movement. 

Species of Cercopoidea are often restricted to particular 
habitats, but many if not most seem to be capable of utilizing 
a variety of host plants. Many species seem to prefer actinor- 
rhizal and other nitrogen-fixing hosts, presumably because 
the xylem sap of such plants contains more amino acids and 
is more nutritious. Cercopoidea is a predominantly tropical 
group, occurring mostly in wet and mesic habitats. Neverthe- 
less, the genus Clastoptera, has radiated extensively in north 
temperate North America, and Aphrophora comprises 
numerous arboreal species throughout the Holarctic. Cerco- 
pidae are primarily grassland insects, feeding on grasses and 
other herbs. The family Aphrophoridae includes both grass- 
feeding and arboreal species. Machaerotidae and Clastop- 
teridae are primarily arboreal. 

Members of the superfamily Cercopoidea occur world- 
wide. Cercopidae and Aphrophoridae are pantropical in dis- 
tribution, with relatively depauperate faunas in the Holarctic. 
Machaerotidae are restricted to the Oriental and Australian 
regions. Clastopteridae are mostly New World animals, but 
one small genus, possibly misclassified, occurs in the oriental 
region. Most tribes are restricted to either the New or the 
Old World, and phyletic diversity seems to be highest in the 
oriental region. A few genera (e.g., Philaenus and Aphrophora) 
are widespread, partly as a result of human activities, but 
most are restricted to a single biogeographic realm. 


Cicadoidea 


Cicadoidea (cicadas, Fig. 2) are distinguished from other 
extant Auchenorrhyncha in having fossorial front legs (in 
nymphs) and three ocelli grouped in a triangle on the crown 
of the head; in addition they lack the ability to jump. They 
are conspicuous insects because of their large size (1.5—11 cm) 
and the loud courtship calls of the males. Most authorities 
recognize two families: Cicadidae and Tettigarctidae. 
Tettigarctidae [Cicadoprosbolidae in the paleontological 
literature, Fig. 2(6)], which differ from Cicadidae in having 
the pronotum extended to the scutellum and lacking distinct 
tympana, are a relict group with two extant species in 
southern Australia and Tasmania and several fossil taxa 
dating to the Lower Jurassic. Cicadidae [Fig. 2(7—9)], which 
do not appear in the fossil record until the Paleocene, comprise 
two main (possibly polyphyletic) groups, those with the 


tymbals (sound-producing organs) concealed and those with 
exposed tymbals. These two groups are sometimes given 
status as separate families, Cicadidae (sensu stricto) and 
Tibicinidae, respectively. Together these groups comprise 
approximately 1300 extant species. Phylogenetic analyses of 
the major lineages are in progress and it is likely that the 
classification of the superfamily will be substantially revised 
in the near future. 

Although cicadas almost always lay eggs on aboveground 
parts of their host plant, the nymphs drop to the ground 
soon after hatching and use modified (fossorial) front legs to 
burrow into the soil, excavating a subterranean feeding 
chamber adjacent to a root. They feed on the xylem of the 
roots of perennial plants, coating themselves and lining their 
burrows with “anal liquid” that appears to be similar to that 
produced by cercopoid nymphs. Development in most 
species requires from 2 to 6 years (13 or 17 years in the 
periodical cicadas of temperate North America). Larger 
nymphs of some species inhabiting wet habitats construct 
towers of mud that facilitate aeration of the burrow. Mature 
nymphs emerge from the ground and climb onto a vertical 
surface prior to molting into the adult stage [Fig. 2(9)]. As far 
as is known, all cicadas feed on xylem sap; hence the 
frontoclypeus is strongly inflated owing to the presence of 
strong cibarial dilator muscles. Like the Cercopoidea, cicadas 
do not walk or run well; instead they rely on flight to move 
over distances greater than a few centimeters. In some cicada 
species, males are sedentary, often forming aggregations and 
calling loudly in choruses to attract females. In others, the 
male calls are less audible, and males fly frequently from 
place to place in search of females. Male and female cicadas 
have auditory organs (tympana) at the base of the abdomen. 
Unlike other Auchenorrhyncha, female cicadas (except 
Tettigarcta) do not produce acoustic signals. Tettigarctidae 
differ from other cicadas in producing only substrate-borne 
signals (in males and females). 

Cicadoidea are the most ecologically uniform of the 
Auchenorrhyncha superfamilies. Nymphs of all species are 
subterranean root feeders, and adults feed on the aboveground 
parts of their host plants. Most cicada species tend to be 
associated with particular habitats, and many seem to be host 
plant specific. Sympatric species often call at different times 
of day or mature during different seasons, thus temporally 
partitioning their habitat. The cicada faunas of deserts and 
savannas are particularly rich in genera and species, but 
tropical rain forests also harbor a great diversity of species. 

Cicadoidea occur worldwide but, like the other two 
cicadomorphan superfamilies, are largely a tropical group. A 
few genera (e.g., Cicada, Cicadetta), occur on several 
continents, but most are restricted to a single biogeographic 
realm. Most species appear to have fairly narrow geographic 
ranges. The high degree of endemism in many groups has 
proven useful in studies of biogeography, particularly in the 
geologically complex island areas of the oriental and 
Australian regions. 


Membracoidea 


Membracoidea (leafhoppers and treehoppers, Fig. 3), by far 
the most speciose of the auchenorrhynchan superfamilies, are 
characterized morphologically by the narrow costal space of 
the forewing, the large, transversely articulated metathoracic 
coxae, the elongate hind femora, the longitudinal rows of 
enlarged setae on the hind tibiae, and the presence of 
scutellar apodemes. The superfamily includes Cicadellidae 
(leafhoppers), a paraphyletic taxon that apparently gave rise 
to a lineage comprising the three currently recognized 
families of treehoppers (Melizoderidae, Aetalionidae, and 
Membracidae). A fifth family, Myerslopiidae, consists of two 
genera of small, flightless, litter-dwelling insects found only 
in New Zealand and Chile and thought to represent a 
distinct, relatively primitive lineage. Together, these groups 
comprise nearly 25,000 described species, currently grouped 
into about 3500 genera. 

Membracoidea first appeared in the Jurassic, represented 
by the extinct family Karajassidae. These early membracoids 
were leafhopperlike insects with inflated faces (indicative of 
xylem feeding), and they retained a median ocellus and more 
primitive wing venation (forewing with CuA, free distally), 
but nevertheless had acquired the rows of enlarged setae on 
the hind tibia characteristic of modern leafhoppers. The first 
Cicadellidae appeared in the Lower Cretaceous. Treehoppers 
(Aetalionidae and Membracidae) make their first appearance 
in Tertiary age Mexican and Dominican amber. 

The largest family, Cicadellidae [Fig. 3(10-13)], is 
characterized by the presence of four rows of enlarged, spine- 
like setae on the hind tibia, a peg-and-socket joint between 
the hind coxae, and the production of brochosomes. 
Membracidae [Fig. 3(15)], the next largest family, differ from 
Cicadellidae in having three or fewer rows of enlarged setae 
on the hind tibia, the male genital capsule with a lateral plate, 
and the pronotum enlarged, usually extended posteriorly 
over the scutellum and frequently bearing spines, horns, or 
other ornamentation. Like Membracidae, Aetalionidae [Fig. 
3(14)]. have three or fewer setal rows on the hind tibia but 
differ in having the front femur fused to the trochanter, in 
having the scutellum completely exposed, and in having 
digitiform processes on the female genital capsule. 
Melizoderidae also resemble Membracidae but differ in 
having parapsidal clefts on the mesonotum. Myerslopiidae, 
thought to be the most primitive membracoid family, are 
bizarre, flightless insects with elytra-like forewings, vestigial 
ocelli, and a triangular mesocoxal meron resembling that of 
Cercopoidea. The phylogenetic status and relationships 
among the major lineages are only beginning to be 
understood. 

Cicadellidae are unique among insects in producing bro- 
chosomes, which are minute proteinaceous granules synthe- 
sized in a specialized segment of the Malpighian tubules. 
After each molt, leafhoppers spread brochosomes over 
external surfaces of the body in an act known as anointing. 
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Rows of modified setae on the legs of leafhoppers are used to 
distribute the brochosomes during anointing and subsequent 
acts of grooming. The brochosome coating of nymphal and 
adult leafhoppers makes the integument extremely 
hydrophobic and protects leafhoppers from becoming 
entrapped in drops of water and their own often copious 
excreta. 

Ant mutualism and parental care behavior are widespread 
among treehoppers [Membracidae and Aetalionidae, Fig. 3(15)]. 
Females of many species guard their eggs [Fig. 3(14)] and 
sometimes remain with the nymphs throughout their 
development. In the treehopper tribes Hoplophorionini and 
Aconophorini, ant mutualism was lost but parental care was 
retained. In these groups, females are often able to drive off 
invertebrate predators by buzzing the wings and/or using the 
hind legs to kick the intruder off the plant. Acoustic alarm 
signals produced by the nymphs trigger the mother’s 
defensive response. Female Aconophora coat the stem of the 
host plant on either side of their egg masses with a sticky 
secretion that traps predators and parasitoids. 

Most species of Membracoidea seem to have fairly narrow 
host and habitat requirements, and this has probably con- 
tributed to their remarkable diversity. Particularly notable are 
the large leafhopper faunas of temperate and tropical grass- 
lands, where they are, by far, the most speciose component of 
the grass-feeding herbivore fauna. Many leafhopper species in 
deserts and dry grasslands are flightless or only occasionally 
produce winged individuals. This trait has presumably reduced 
gene flow among populations and facilitated speciation in some 
lineages. In temperate forests of the Northern Hemisphere, 
the leafhopper subfamily Typhlocybinae has diversified exten- 
sively through specialization on individual tree genera and 
species. In tropical forest canopies, the treehopper family 
Membracidae and the leafhopper subfamilies Idiocerinae and 
Typhlocybinae are particularly diverse. In Australia, the 
endemic fauna has radiated extensively on Eucalyptus. The 
North American treehopper tribe Smiliini has radiated 
extensively on oak (Quercus spp.). 

Membracoidea are distributed worldwide. Among the five 
currently recognized families, Cicadellidae and Membracidae 
occur on all continents except Antarctica. Aetalionidae have 
a disjunct neotropical/oriental distribution, Melizoderidae 
are restricted to South America, and Myerslopiidae occur 
only in New Zealand and Chile. Most species and genera are 
restricted to a single continent; many tribes and subfamilies 
are also restricted to particular continents. 


Fulgoroidea 


Fulgoroidea (planthoppers, Fig. 4) differ from other 
Auchenorrhyncha in having the frons occupying most of the 
facial part of the head and usually with distinct longitudinal 
carinae, tegulae usually present at the base of the forewings, 
the second segment (pedicel) of the antenna enlarged and 
(usually) bearing conspicuous placoid sensilla, the forewing 
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anal veins confluent basad of the claval margin, and 
longitudinal carinae usually present on the head, pronotum, 
scutellum, and legs. Most have two ocelli dorsolaterally on 
the head, anterad of the compound eyes, but some Cixiidae 
also have a medial ocellus on the face. Fulgoroidea first 
appear in the fossil record in the middle Permian, and 
Cixiidae appear in the Jurassic. Other modern fulgoroid 
families apparently arose during the Cretaceous or early 
Tertiary. Twenty families are currently recognized, 
comprising approximately 1400 genera and 12,000 species. 
Fulgoroid families are distinguished from each other based 
mainly on the shape of the head, the spination of the hind 
tarsi, and the venation of the forewing. Fulgoroidea are the 
most morphologically variable of all auchenorrhynchan 
superfamilies, ranging from 1 mm to over 9 cm in length and 
exhibiting extensive variation in head shape, wing venation, 
and genital morphology. 

Unlike Cicadomorphans, nymphs of Fulgoroidea appar- 
ently do not coat themselves with specialized Malpighian 
tubule secretions. Instead, they produce wax from specialized 
glands on the abdominal terga and other parts of the body. 
The wax forms a hydrophobic coating and may conceal some 
insects from predators. Adult females of many fulgoroid 
families also produce wax, with which they coat their eggs 
[Fig. 4(16)]. In certain tropical fulgoroid species, adults of 
both sexes produce strands of wax up to 75 cm in length. 
Aggregation behavior with or without ant mutualism has 
been documented for nymphs and adults in a few fulgoroid 
families, but egg guarding is known only in Tettigometridae. 

In contrast to the ecologically similar Cicadoidea, the 
Fulgoroidea are the most ecologically diverse superfamily of 
Auchenorrhyncha. Nymphs of Derbidae and Achilidae live 
under bark or in litter, feeding on fungi, while nymphs of 
Cixiidae, Hypochthonellidae, and Kinnaridae are subterranean 
root feeders. At least four families include cavernicolous 
(cave-dwelling) species. Ant mutualism has been documented 
in several fulgoroid families and seems to occur universally 
among Tettigometridae [Fig. 4(20)], nymphs of which 
usually inhabit ant nests. Nymphs of most remaining families 
and nearly all adults feed on the aboveground parts of 
vascular plants and most seem to be host specialists. 
Planthopper species usually feed on woody dicotyledonous 
plants, but most Delphacidae are grass or sedge specialists. 
Several species of Delphacidae feed on emergent plants in 
marshes and are capable of walking on the surface of the 
water. Delphacidae primarily inhabit temperate and tropical 
grasslands, and diverse faunas of Issidae, Dictyopharidae 
(Orgeriinae), and Tettigometridae occur in deserts. 

Fulgoroidea occur throughout the temperate and tropical 
regions of the world but are most diverse in the tropics. The 
Old World tropics harbor the greatest numbers of described 
families, genera, and species, but the neotropical fauna is less 
well studied and may be comparable in diversity. The holarctic 
fauna is rich in Delphacidae and Issidae, but most other 
families are poorly represented or absent. Tettigometridae, 


Ricaniidae, Gengidae, Hypochthonellidae, and Meenoplidae 
are apparently restricted to the Old World. Some genera, par- 
ticularly in Cixiidae and Delphacidae, are also cosmopolitan 
in distribution, but most appear to be restricted to a single 
biogeographic realm. 


See Also the Following Articles 
Host Seeking, for Plants « Phytophagous Insects « Phytotoxemia 
e Plant Diseases and Insects « Prosorrhyncha e Sternorrhyncha 


Further Reading 

DeLong, D. M. (1971). The bionomics of leafhoppers. Annu. Rev. Entomol. 
16, 179-210. 

Denno, R. T., and Perfect, T. J. (eds.) (1994). “Planthoppers: Their Ecology 
and Management.” Chapman & Hall, New York. 

Hamilton, K. G. A. (1982). “The Insects and Arachnids of Canada,” Part 
10, “The Spittlebugs of Canada, Homoptera: Cercopidae.” Agriculture 
Canada, Ottawa, Ontario. 

Marmarosch, K., and Harris, K. F. (eds.). (1979). “Leafhopper Vectors and 
Plant Disease Agents.” Academic Press, New York. 

Metcalf, Z. P. (1960). “A Bibliography of the Cercopoidea (Homoptera: 
Auchenorhyncha [sic]).” Waverly Press, Baltimore. 

Metcalf, Z. P. (1960-1962). “General Catalogue of the Homoptera,” fascicle 
VIL, “Cercopoidea.” North Carolina State College, Raleigh. 

Metcalf, Z. P., and Wade, V. (1966). “A Catalogue of the Fossil Homoptera 
(Homoptera: Auchenorhyncha [sic]).” Waverly Press, Baltimore. 

Moulds, M. (1990). “Australian Cicadas.” New South Wales University 
Press, Kensington, NSW, Australia. 

Nault, L. R., and Rodriguez, J. G. (1985). “The Leathoppers and 
Planthoppers.” Wiley, New York. 

Oman, P. W., Knight, W. J., and Nielson, M. W. (1990). “Leafhoppers 
(Cicadellidae): A Bibliography, Generic Check-list and Index to the 
World Literature 1956-1985.” CAB International Institute of 
Entomology, Wallingford, Oxon, U.K. 

Ossiannilsson, E. (1949). Insect drummers. Opusc. Entomol. Suppl. 10, 
1-145. 

Shcherbakov, D. E. (1996). Origin and evolution of Auchenorrhyncha as 
shown by the fossil record. Jn “Studies on Hemiptera Phylogeny” (C. W. 
Schaefer, ed.). Entomological Society of America, Lanham, MD. 

Sogawa, K. (1982). The rice brown planthopper: Feeding—physiology and 
host—plant interactions. Annu. Rev. Entomol. 27, 49-73. 

Wood, T. K. (1993). Diversity in the New World Membracidae. Annu. Rev. 
Entomol. 38, 409-435. 





Autohemorrhage 


M any insects voluntarily discharge blood in response to a 
threat. This behavior, autohemorrhaging, may serve as a 
physical deterrent (e.g., by enveloping a potential predator or 
by exposing the predator to noxious substances). Many bee- 
tles in the Chrysomelidae, Meloidae, and Lampyridae are well 
known for this behavior, which is also called reflex bleeding. 
For example, the blood of blister (meloid) beetles exposes 
potential predators to the noxious substance cantharidin. 
Species apparently release blood through an increase in 


hydrostatic pressure. When the hydrostatic pressure returns 
to normal levels, much of this blood is withdrawn into the 
insect’s hemocoel, and so little is actually lost from the insect. 





Autotomy 


AC is a defensive response to attack involving the 
amputation or active breaking of a body part along a 
breakage plane and usually involves loss of a leg. Many inver- 
tebrates (e.g., crayfish, daddy-long-legs), including insects such 
as crickets, grasshoppers, and walkingsticks, and many verte- 
brates (e.g., salamanders) exhibit this ability. For example, walk- 
ingsticks (Phasmida) have weakened areas at the trochanter 
that break under stress, such as when an appendage is grasped 
by a predator. If the insect is not an adult, regeneration occurs 
at the next molt. The amputated leg of the walkingstick twitches 
after being detached, which may divert the predator’s atten- 
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tion away from the attacked insect. A grasshopper, when held 
by a hind leg, can voluntarily discard that limb by intense 
muscular contraction and rupture it at the trochanter-femur 
junction; autotomy can also be induced by mechanical 
pressure or electrical shock. The individual may benefit from 
the loss of limb by surviving the potential predator but loss 
of balance, reduced ability to forage for food, and reduced 
ability to escape from the next predator result as well. 

Sting autotomy, the self-amputation of the stinger and its 
glands, occurs in many social Hymenoptera as part of colony 
defense, especially against vertebrates, and may occur because 
of the size and shape of the sting barbs. Chemical cues 
released by the detached venom apparatus may enable other 
attacking individuals to orient themselves to the predator. 


See Also the Following Article 
Defensive Behavior 
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Beekeeping 


Eva Crane 
International Bee Research Association 


B eekeeping is the establishment and tending of colonies of 
social bees of any species, an activity from which the 
beekeeper obtains a harvest or reward. This reward is usually 
honey, but it may be some other bee product, or bees 
themselves (e.g., queens, or colonies for pollination). In 
beekeeping, each colony is usually in a hive, but some 
beekeeping is done with honey bees that build their nests in 
the open. Beekeeping is also done with certain nonsocial bees 
that are reared for pollinating crops. 


TECHNIQUES OF MODERN MOVABLE-FRAME 
HIVE BEEKEEPING WITH APIS MELLIFERA 


Most of the world’s beekeeping is done with A. mellifera. In 
past centuries, these bees were kept primarily for the 
production of honey and beeswax. Beekeeping is still done 
mainly to produce honey, but there are also other specialized 
types of operation. These include the rearing of queens or 
package bees for other beekeepers who are producing honey. 
Another type of beekeeping provides colonies of bees to 
pollinate crops, since in many areas of large-scale agriculture 
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the native pollinators have been destroyed. Since the 1950s 
specialized beekeeping has also been developed for the pro- 
duction of royal jelly, pollen, and bee venom. 

Each type of beekeeping requires the management of 
colonies to stimulate the bees to do what the beekeeper 
wants—for instance, to rear more young house bees to 
produce royal jelly, or more foragers to pollinate crops. 
During the 1900s, effective methods were developed for 
the commercial production of substances other than 
honey: bee brood, bee venom, beeswax, pollen, propolis, and 
royal jelly. 


Honey Production 


A colony of honey-storing bees collects nectar from which it 
makes honey. Nectar is not available continuously, and to 
store much honey a colony of bees needs many foraging bees 
(over, say, 10 days old) whenever a nectar “flow” is available 
within their flight range. Bees may fly 2 km if necessary, but 
the greater the distance, the more energy they expend in 
flight, and the more nectar or honey they consume. Thus, it 
is often cost-effective for the beekeeper to move hives to 
several nectar flows in turn during the active season. 

Figure 1 shows a movable-frame hive with two “deep” 
boxes. The hive in Fig. 2 also has two deep boxes for brood 
(i.e., immature bees, eggs, larvae, and pupae), and a shallow 
box for honey that is less heavy to lift. Any number of honey 
boxes (also called supers) may be added to a hive, but these 
are always separated from the brood boxes by a queen 
excluder, to keep the honey free from brood. Some empty 
combs in these supers may stimulate honey storage, but 
supers are not added far in advance of their likely use by the 
bees. 

It is essential that hives and frames have standard 
dimensions and that an accessory (spacer) be used to ensure 
that frames are always exactly the correct distance apart. 
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FIGURE 1 Vertical section through a movable-frame hive, showing a brood 


comb in each box, and the bee spaces. [After Crane, E. (1990). “Bees and 
Beekeeping: Science, Practice and World Resources.” Heinemann, London.] 


Queen Production 


Large-scale operations are done in five steps, which provide 
specific conditions for the successive developmental stages of 
the immature bees that will develop into mated and laying 
queens. 


1. The larvae from which queens will be reared are taken 
from worker cells of a colony that is headed by a breeder 
queen selected for chosen genetic characters. 

2. Very young larvae are transferred into cell cups 
mounted mouth down on wooden bars in a “cell-starter 
colony” that has been queenless for 2 to 4 h. This colony is 
made up of many (young) nurse bees, and little or no other 
brood for them to rear. Its bees build the cell cups further and 
feed the young larvae, and the colony can “start” the rearing 
of 45 to 90 queen larvae a day. 

3. As the larvae grow larger, they receive more food and 
are better cared for if the number of nurse bees per larva is 
high. So it is usual to put about 15 cells in each of a number 
of colonies, where they are separated from the colony’s queen 
by a queen excluder. 

4, When the bees have finished feeding the larvae, they 
seal each immature queen in her cell. The only requirements 
of an immature queen during the next 7 days are appropriate 
conditions of temperature and humidity, and these are 
provided in an incubator. Each queen must emerge from her 
cell as an adult in a separate cage, for protection from attacks 
by other queens already emerged. 

5. Finally each queen is placed in a “mating hive” con- 
taining a few hundred or more workers but no other queen. 
These hives are taken to a mating apiary, which contains a 
few strong colonies that include many drones (i.e., males) of 


Beekeeping 77 







roof 


— 


Sees 
ox 4... inner cover 


brood boxes 


fe 





frame 
runner 


} 
depth 
or height 
cot 
ap 5 Bag 
Hern ™ i” ae 
ot 


FIGURE 2 Top: exploded view of a movable-frame hive showing the 
component parts. Bottom: empty hive box showing one of the frame 
runners. [After Crane, E. (1990). “Bees and Beekeeping: Science, Practice 
and World Resources.” Heinemann, London.] 


a selected strain of honey bees. The apiary is located as far as 
possible from hives that might contain other drones; a 
distance of 15 km is likely to be safe, but it varies according 
to the terrain. When the queen is a few days old, she flies out 
and mates with drones, and a few days later starts to lay eggs. 
This shows that she is ready to head a colony. 
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Package Bee Production 


The term “package bees” is used for a number of young 
worker bees (usually approximately 1 kg) hived with a newly 
reared and mated queen; these bees together have the 
potential to develop into a honey-producing colony. 

Package bees are normally produced at relatively low 
latitudes where spring comes early, and are sold at higher 
latitudes where it is difficult to keep colonies over the winter; 
many northern beekeepers find it more cost-effective to kill 
some or all of their colonies when they harvest the season's 
honey, and to buy package bees next spring. (If they overwinter 
no colonies, they can follow another occupation for 6 
months or more; at least one beekeeper spends the Canadian 
winter beekeeping in New Zealand, where it is then 
summer.) The site where the packages are produced should 
be earlier weatherwise, by 2 months or more, than the site 
where the bees are used. A package bee industry is most likely 
to be viable where a single country stretches over a sufficient 
north-south distance (at least 1000 km, and up to 2000 or 
even 2500 km). But in New Zealand, package bees are 
produced at the end of the bees’ active season and sent by air 
to Canada, where the season is just starting. 

Package bees are prepared as follows. First, all the bees are 
shaken off the combs of three or four colonies into a specially 
designed box, taking care that the queens are left behind. The 
bees are then poured through the “spout” of the box into 
package boxes, each standing on a weighing machine, until 
their weight is either 1 or 1.5 kg, as required. Each box is 
given a young mated queen in a cage, and a can of syrup with 
feeding holes. (Enough bees are flying around to return to 
their hives and keep the colonies functional.) For transport, 
the package boxes are fixed by battens in groups of three or 
four, slightly separated; they may travel 2400 km, and the 
truck needs special ventilation. Air transport, though 
possible, presents various difficulties. 


Crop Pollination 


Colonies taken to pollinate crops should be strong, with 
many foraging bees, and also much unsealed brood (to 
stimulate the bees to forage for pollen), and space for the 
queen to lay more eggs. Hives should not be taken to the 
crop before it comes into bloom, or the bees may start 
foraging on other plants and continue to do so when the crop 
flowers. If the hives are in a greenhouse, four to eight frames 
of bees in each may be sufficient, but the beekeeper must 
check regularly that the bees have enough food; alternatively, 
each hive may be provided with two flight entrances, one 
into the greenhouse and one outside. Beekeepers who hire 
out hives of bees for crop pollination need to have a sound 
legal contract with the crop grower; they should also be aware 
of the risks of their bees being poisoned by insecticides. 

In addition to honey bees, certain native bees are especially 
efficient in pollinating one or more crop species, and several 


species are managed commercially for pollination. The 
following are quite widely used for the crops indicated: 
Andrena spp. for sarson and berseem in Egypt and India; 
Bombus spp. for tomato and red clover in Finland and 
Poland; Megachile spp. for alfalfa in Chile, India, South 
Africa, and the United States; Nomia melanderi for alfalfa in 
the United States; Osmia spp. for alfalfa in France; and 
Xenoglossa spp. for apple in Japan, Poland, and Spain, also 
cotton and curcurbits in the United States. 


Special Features of Beekeeping in the Subtropics 
and Tropics 


The subtropics (between 23.5° and 34°N, and 23.5° and 
34°S) include some of the most valuable world regions for 
honey production. Like the temperate zones, they have an 
annual cycle with a distinct seasonal rhythm and a well- 
marked summer and winter; however, the climate is warmer 
and the winters are mild, so the bees can fly year-round. All 
the major honey-exporting countries include a belt within 
these subtropical latitudes: China, Mexico, Argentina, and 
Australia. 

Between the Tropics of Cancer and Capricorn (23.5°N 
and S), the situation is different. The seasons (and honey bee 
colonies) undergo two cycles in the year because the noonday 
sun is overhead twice a year. So colonies do not generally 
grow as large as at higher latitudes, nor do they store as much 
honey. When forage becomes scarce, a colony may cease 
brood rearing, then fly as a unit to a nearby area where plants 
are coming into bloom; this flight is referred to as absconding 
or migration. So one beekeeper may lose colonies, while bee- 
keepers in the other area put out bait hives to receive the 
swarms. 

Beekeeping in the tropics using traditional hives has been 
well studied, and many development programs have been 
carried out to introduce more advanced methods. Francis 
Smith pioneered successful movable-frame hive beekeeping 
in tropical Africa. 

In the tropics, bee diseases are of less importance than at 
higher latitudes, but bees in torrid zones may be subject to 
attack by more enemies, certain birds, mammals, and insects. 
Tropical honey bees therefore defend their nests more 
vigorously than temperate-zone honey bees. For instance, 
tropical African honey bees (A. mellifera) are easily alerted to 
sting and, as a result of rapid pheromone communication 
between individuals, they may attack en masse. People in 
tropical Africa have grown up with the bees and are accus- 
tomed to them. But after 1957, when some escaped 
following introduction to the South American tropics, they 
spread into areas where the inhabitants had known only the 
more gentle European bees, and those from tropical Africa 
were given the name “killer bees.” But once beekeepers in 
South America had learned how to handle the new bees, they 
obtained much higher honey yields than from the European 
bees used earlier. 
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intended destinations, and user profile reader CVO which 
acquires user personal information from the social media 
profile. Several other CVOs have been developed that acquire 
diverse data and metadata from VOs where each represents a 
different RWO. These VOs include a user VO, smartphone 
VO, camera VO, wristband VO, motion detector VO, and 
others that are associated with the chosen environment 
(such as CO, sensor VO, humidity VO, temperature VO, 
and light VO). Each VO has several instances; for example, 
temperature sensor instances are represented as temperature- 
Sesor0001 and temperatureSesor0002. Further VO data is 
collected and analyzed by CVOs with the rules incorporated 
in the ontologies. CVOs composed in microservices help ana- 
lyze different situations and initiate inference over data using 
inference engines. Considering the system requirement, sev- 
eral aspects have been evaluated, including identification of 
web objects for effective IoT service provisioning, finding the 
social relationships among web objects, efficient discovery of 
web objects based on these relationships, and composition 
and harmonization of web objects. 


4.3. Prototype Implementation Details. To analyze the fea- 
sibility of the proposed architecture, a prototype on the 
discussed use case has been implemented. Figure 8 illus- 
trates the components of the prototype, which constitute 
social application server (SAS), ontology management server 
(OMS), and databases to hold VO and CVO graphs that are 
supported with SPARQL endpoints. The gateway connecting 
sensors and actuators has been incorporated in the imple- 
mentation. Additionally, user data management services are 


implemented to get user profile and preferences history along 
with social network data. 

The application server comprises five major compo- 
nents: social relationship manager (SRM), service manage- 
ment function (SMF), situation/context management func- 
tion (CMF), preference predictor, and virtual object man- 
ager (VOM). The SMF is an entry point for the service 
request; it interprets and evaluates the service request. It 
is also responsible for matching the service request with 
the available template. SMF communicates with VOM to 
check the VO or CVO availability. A compiled list of VOs 
is provided to SMF which generates object mashups to 
satisfy the service request. The execution of VO mashup 
graph is done using microservices. The second function, 
VOM, maintains instances of CVOs and associated VOs and 
coordinates with OMS to use available ontologies in the 
system. It records the association of services and VOs and 
enables the reuse of VOs by more than one service; it also 
resolves conflicts using conflict resolution mechanism. VOM 
is implemented using RESTful web services. Further, SRM 
is implemented to maintain object relationships in the form 
of RDF concepts represented in ontologies. It also involves 
several microservices, each implemented for a specific task. 
For example, group management microservice is developed 
to group objects that have similar characteristics. Similarly, 
other tasks are distributed in different microservices; for 
example, link management microservice is used to iden- 
tify the dependency among objects. Relationship observer 
microservice is implemented to monitor the objects when 
they change their state at runtime, whereas to search a web 


OTHER ASPECTS OF MODERN HIVE BEEKEEPING 
World Spread of A. mellifera 


In the early 1600s the bees were taken by sailing ship across 
the Atlantic from England to North America. They would 
have been in skeps (inverted baskets made of coiled straw), 
which were then used as hives. The first hives were probably 
landed in Virginia. The bees flourished and spread by 
swarming, and other colonies were taken later. By 1800 there 
were colonies in some 25 of the areas that are now U.S. 
states, and by 1850 in a further 7. The bees were kept in 
fixed-comb hives (skeps, logs, boxes). 

The bees may possibly have been taken from Spain to 
Mexico in the late 1500s, but they reached other countries 
later: e.g., St. Kitts-Nevis in 1720, Canada in 1776, Australia 
in 1822, and New Zealand and South America in 1839. They 
were taken later to Hawaii (1857) and Greenland (1950). 

In Asian countries where A. cerana was used for 
beekeeping, A. mellifera was introduced at the same time as 
movable-frame hives. Some probable dates of introduction 
were 1875-1876 in Japan, 1880s in India, 1896 in China, 
and 1908 in Vietnam. 

Between 1850 and 1900 there was widespread activity 
among beekeepers in testing the suitability of different races 
of A, mellifera for hive beekeeping. The most favored race was 
Italian (A. m. ligustica), named from Liguria on the west coast 
of Italy, south of Genoa. 


Origination and World Spread of 
Movable-Frame Beekeeping 


The production of a movable-frame hive divided the history 
of hive beekeeping into two distinct phases. This new hive 
type was invented in 1851 by Reverend Lorenzo Lorraine 
Langstroth in Philadelphia. He was familiar with the Greek 
movable-comb hive (discussed later under Traditional 
Movable-Comb Hive Beekeeping) and with some rectangular 
hives devised in Europe that contained wooden frames for 
the bees to build their combs in. These hives, however, had 
only a very small gap between the frames and the hive walls, 
and the bees built wax to close it. In 1853 Langstroth 
described how he had often pondered ways in which he 
“could get rid of the disagreeable necessity of cutting the 
attachments of the combs from the walls of the hives.” He 
continued, “The almost self-evident idea of using the same 
bee-space [as between the centerlines of combs in the frames] 
in the shallow [honey] chambers came into my mind, and in 
a moment the suspended movable frames, kept at a suitable 
distance from each other and from the case containing them, 
came into being” (author's italics). Framed honey combs 
were harvested from an upper box, and the brood was in the 
box below. A queen excluder between the boxes prevented 
the queen from laying eggs in the honey chamber. 

The use of hives based on Langstroth’s design spread 
rapidly around the world, dimensions often being somewhat 
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smaller in countries where honey yields were low. Some dates 
for their first known introduction are 1861, United 
Kingdom; 1870, Australia; 1878, South Africa; 1880s, India; 
and 1896, China. 


Beekeeping with A. cerana in Movable-Frame Hives 


Bees of most races of A. cerana are smaller than A. mellifera; 
they also build smaller colonies and are less productive for 
the beekeeper. Unlike A. mellifera, A. cerana does not collect 
or use propolis. A. cerana was the only hive bee in Asia until 
A. mellifera was introduced in the late 1800s; it had been 
kept in traditional hives (logs, boxes, barrels, baskets, 
pottery) since the first or second century A.D. in China and 
probably from the 300s B.c. in the upper Indus basin, now 
in Pakistan. 

The movable-frame hives used for A. cerana are like a 
scaled-down version of those for A. mellifera. Colony 
management is similar, except that the beekeeper needs to 
take steps to minimize absconding by the colonies. In India 
30 to 75% of colonies may abscond each year. To prevent 
this, a colony must always have sufficient stores of both 
pollen and honey or syrup, and preferably a young queen. 
Special care is needed to prevent robbing when syrup is fed. 
Colonies must also be protected against ants and wasps. 

The bees at higher latitudes are larger, and in Kashmir 
(altitude 1500 m, and above) A. cerana is almost as large as 
A, mellifera and fairly similar to it in other characteristics; for 
instance, the colonies do not abscond. 


Honey Bee Diseases, Parasites, Predators, 
and Poisoning 


The main brood diseases of A. mellifera, with their causative 
organisms, are American foulbrood (AFB), Paenibacillus 
larvae; European foulbrood (EFB), Melissococcus pluton; 
sacbrood, sacbrood virus (Thai sacbrood virus in A. cerana); 
and chalkbrood, Ascosphaera apis. Diseases of adult bees are 
nosema disease, Nosema apis; amoeba disease, Malpighamoeba 
mellificae; and virus diseases. Parasites are tracheal mite, 
Acarapis woodi; varroa mites, Varroa jacobsoni, and V. 
destructor; the mite Tropilaelaps clareae; bee louse (Diptera); 
Braula spp.; and the small hive beetle, Aethina tumida. 

Disease or parasitization debilitates the colonies, and 
diagnosis and treatment require time, skill, and extra expense. 
Most of the diseases and infestations just listed can be treated 
if colonies are in movable-frame hives, and in many countries 
bee disease inspectors provide help and advice. Colonies in 
fixed-comb hives and wild colonies cannot be inspected in 
the same way, and they can be a long-term focus of diseases. 
But by far the most common source of contagion is the 
transport into an area of bees from elsewhere. 

The parasitic Varroa mite provides an example. It 
parasitized A. cerana in Asia, where the mite and this bee 
coexisted. In the Russian Far East, it transferred to 
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introduced A. mellifera, whose developmental period. is 
slightly longer, allowing more mites to be reared. Because 
colonies could then die from the infestation, the effects were 
disastrous. In the mid-1900s, some infested A. mellifera 
colonies were transported to Moscow; from there, mites were 
unwittingly sent with bees to other parts of Europe, and they 
have now reached most countries in the world. 

Since the 1950s it has been increasingly easy to move 
honey bees (queens with attendant workers, and then 
packages of bees) from one country or continent to another. 
One result has been that diseases and parasites of the bees 
have been transmitted to a great many new areas, and to 
species or races of honey bee that had little or no resistance 
to them. 

The development of large-scale agriculture has involved 
the use of insecticides, many of which are toxic to bees and 
can kill those taken to pollinate crops. In California alone, 
insecticides killed 82,000 colonies in 1962; in 1973 the 
number was reduced to 36,000, but in 1981 it had risen 
again, to 56,000. More attention is now paid to the use of 
practices that protect the bees, including selecting pesticides 
less toxic to beneficial insects, using pesticides in the forms 
least toxic to honey bees (e.g., granular instead of dust), 
spraying at night when bees are not flying, spraying only 
when the crop is not in flower, and using systemic 
insecticides and biological pest control. Possible actions by 
the beekeeper are less satisfactory: moving hives away from 
areas to be treated, or confining the bees during spraying by 
placing a protective cover over each hive and keeping it wet 
to reduce the temperature. 

By 1990, legislation designed to protect bees from 
pesticide injury had been enacted in 38 countries, and a 
further 7 had established a code of practice or similar 
recommendations. 


TRADITIONAL FIXED-COMB HIVE BEEKEEPING 
A, mellifera in the Middle East, Europe, and Africa 


Humans have obtained honey and wax from bees’ nests in 
the Middle East, Europe, and Africa since very early times. 
Beekeeping with A. mellifera was probably initiated in an area 
when the human population increased so much that it 
needed more honey or wax than was available at existing nest 
sites, or when some change occurred that reduced the 
number of nest sites—for instance, when trees were felled to 
clear land for agriculture. 

In the Middle East, population increase was linked with 
the development of civilizations. The earliest known hive 
beekeeping was done in ancient Egypt, and similar 
traditional beekeeping is still carried out in Egypt. In Abu 
Ghorab, near Cairo, an Old Kingdom bas-relief from around 
2400 B.c. shows a kneeling beekeeper working at one end of 
hives built into a stack; smoke is used to pacify the bees, and 
honey is being transferred into large storage pots. Over time, 


the use of horizontal cylindrical hives spread throughout the 
Mediterranean region and Middle East, and also to tropical 
Africa, where hollow log hives were often fixed in trees, out 
of reach of predators. 

In the forests of northern Europe, where honey bees 
nested in tree cavities, early humans obtained honey and 
wax from the nests. When trees were felled to clear the land, 
logs containing nests were stood upright on the ground as 
hives. As a result, later traditional hives in northern Europe 
were also set upright. In early types such as a log or skep, a 
swarm of bees built its nest by attaching parallel beeswax 
combs to the underside of the hive top. If the base of the 
hive was open as in a skep, the beekeeper harvested honey 
from it. Otherwise harvesting was done from the top if there 
was a removable cover, or through a hole previously cut in 
the side. 

Skeps used in northwestern Europe were made small so 
that colonies in them swarmed early in the active season; each 
swarm was housed in another skep, and stored some honey. 
At the end of the season, bees in some skeps were killed with 
sulfur smoke and all their honey harvested; bees in the other 
skeps were overwintered, and their honey was left as food 
during the winter. 


A. cerana in Asia 


In eastern Asia the cavity-nesting honey bee was A. cerana, 
and it was kept in logs and boxes of various kinds from A.D. 
200 or earlier. But farther west in the upper Indus basin 
horizontal hives rather similar to those of ancient Greece are 
used, and it has been suggested that hive beekeeping was 
started in the 300s B.c. by some of the soldiers of the army 
of Alexander the Great, who settled there after having 
invaded the area. 


Stingless Bees (Meliponinae) in the Tropics 


In the Old World tropics, much more honey could be 
obtained from honey bees than from stingless bees, and the 
latter were seldom used for beekeeping. But in the Americas, 
where there were no honey bees, hive beekeeping was 
developed especially with the stingless bee, Melipona beecheii, 
a fairly large species well suited for the purpose. It builds a 
horizontal nest with brood in the center and irregular cells at 
the extremities, where honey and pollen are stored. The 
Maya people in the Yucatan peninsula in Mexico still do 
much beekeeping with this bee. The hive is made from a 
hollowed wooden log, its ends being closed by a wooden or 
stone disk. To harvest honey, one of the disks is removed to 
provide access to honey cells; these are broken off with a 
blunt object, and a basket is placed underneath the opening 
to strain the honey into a receptacle below. Many similar 
stone disks from the 300s B.C. and later were excavated from 
Yucatan and from the island of Cozumel, suggesting that the 
practice existed in Mexico at least from that time. 





FIGURE 3 Sir George Wheler’s drawing of a Greek top-bar hive. [After 
Wheler, G. (1682). “A Journey into Greece.” W. Cademan and others, London.] 


Nogueira-Neto in Brazil developed a more rational form 
of beekeeping with stingless bees. In Australia the native 
peoples did not do hive beekeeping with stingless bees, but 
this has recently been started. 


TRADITIONAL MOVABLE-COMB 
HIVE BEEKEEPING 


Movable-comb hive beekeeping was a crucial intermediate 
step between fixed-comb beekeeping, which had been done 
in many parts of the Old World, and the movable-frame 
beekeeping used today. 

In a book published in 1682 in England, Sir George 
Wheler recounted his journeys in Greece and provided 
details of the hives he saw there (Fig. 3). He described the 
wooden bars shown lying across the top of the hive as “broad, 
flat sticks” and said that the bees built a comb down from 
each top-bar, which “may be taken out whole, without the 
least bruising, and with the greatest ease imaginable.” So it 
was a movable-comb hive. The Greek beekeepers must have 
placed the bars at the bees’ natural spacing of their combs. 
They made a new colony by putting half the bars and combs 
from a hive into an empty one; the queen would be in one of 
the hives, and the bees in the other would rear a new queen. 

In the mountain range that separates Vietnam from 
China, some of the native peoples use a movable-comb hive 
for A. cerana; it is not known how old this method of 
beekeeping is. The bars are fitted across the top of a log hive 
at the correct spacing for A. cerana. This bee builds small 
combs without attaching them to the hive sides, and the 
combs can be lifted out by their bars. There seems to have 
been no development of a movable-frame hive from this 
movable-comb hive for A. cerana. 
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TRADITIONAL BEEKEEPING WITHOUT HIVES 
A. dorsata 


In tropical Asia, a nest of the giant honey bee, A. dorsata, 
which is migratory, can yield much more honey than a hive 
of A. cerana. In a form of beekeeping with A. dorsata 
practiced in a few areas, people use horizontal supports called 
“rafters” instead of hives. (A “rafter” is a strong pole, secured 
at a height convenient for the beekeeper by a wooden 
support, or part of a tree, at each end.) At the appropriate 
season, beekeepers erect rafters in a known nesting area for 
migratory swarms of the bees. Sheltered sites with an open 
space round one end are chosen, which the bees are likely to 
accept for nesting. After swarms have arrived and built combs 
from the rafters, the beekeeper harvests honey every few 
weeks by cutting away part of the comb containing honey 
but leaving the brood comb intact. When plants in the area 
no longer produce nectar, brood rearing ceases and the bees 
migrate to another site. 


A, florea 


The small honey bee, A. florea, builds a single brood comb 
perhaps 20 cm high, supported from the thin branch of a tree 
or bush. It constructs deeper cells round the supporting branch 
and stores honey in them. The whole comb can easily be 
removed by cutting through the branch at each side, and in 
some regions combs are then taken to an apiary where the two 
ends of each branch are supported on a pile of stones or some 
other structure. This is done, for instance, in the Indus basin 
near Peshawar in Pakistan, and on the north coast of Oman. 


RESOURCES FOR BEEKEEPERS 


There are various sources of information and help for 
beekeepers. Many countries publish one or more beekeeping 
journals, and have a beekeepers’ or apiculturists’ association 
with regional and local branches. Apimondia in Rome, Italy 
(http://www.apimondia.org) is the international federation 
of national beekeepers’ associations. 

In many countries, the ministry of agriculture or a similar 
body maintains a bee department that inspects colonies for 
bee diseases and often also provides an advisory service for 
beekeepers. Research on bees and/or beekeeping may be 
carried out under this ministry or by other bodies. 

The International Bee Research Association in Cardiff, 
U.K. serves as a world center for scientific information on 
bees and beekeeping, and publishes international journals, 
including Apicultural Abstracts, which contains summaries of 
recent publications worldwide. Information about access to 
the Association’ data banks can be obtained from its Web 
site (http://www.ibra.org.uk), which is linked to Ingenta. 


See Also the Following Articles 
Apis Species ¢ Honey * Rearing of Insects ¢ Royal Jelly 
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oney and beeswax are the main bee products used by 

humans. Bee brood has been eaten by humans since 
ancient times in some Asian countries, but until the 1900s 
only honey and beeswax were produced commercially. Then 
in the 1950s the price of honey on the world market was 
depressed. by surplus production, and beekeepers in certain 
technologically advanced countries, seeking ways of diversify- 
ing the sources of income from their bees, explored the com- 
mercialization of royal jelly, bee venom, pollen, and propolis. 


BEE VENOM 


Bee venom is a secretion from the venom glands of the 
worker or queen of a species of honey bee (Apis); it is not 
produced by stingless bees (Meliponinae). The main 
components of commercial freeze-dried venom from A. 
mellifera worker bees include 15 to 17% enzymes, including 
phospholipase and hyaluronidase; 48 to 58% small proteins, 


including especially mellitin; 3% physiologically active 
amines, including histamine; 0.8 to 1.0% amino acids, and 
numerous minor components. Queen venom differs 
somewhat from worker venom in its composition and its 
pattern of change with the age of the bee. A few studies have 
been made on the venom of other Apis species; for instance, 
toxicity has been reported to be similar in venoms from A. 
mellifera and A. dorsata, less in A. florea venom but twice as 
high in A. cerana venom. 

Bee venom is by far the most pharmacologically active 
product from honey bees. The general mechanism of its 
action on humans who are not hypersensitive is as follows. 
Hyaluronidase breaks down hyaluronic acid polymers that 
serve as intercellular cement, and the venom spreads through 
the tissue. (Protective antibodies that develop in the serum of 
most beekeepers can effectively neutralize hyaluronidase, pre- 
venting the spread of the venom.) A protease inhibitor prevents 
enzymatic destruction of the hyaluronidase. Simultaneously, 
the mast cell degranulating peptide penetrates the membrane 
of the mast cells, creating pores. This releases histamine, 
which (in combination with some small molecules of the 
venom) contributes to the swelling and flare, and the local 
itching and burning sensation. As venom penetrates blood 
vessels and enters the circulatory system, phospholipase A 
and mellitin (as a micelle, a colloidal-sized aggregate of 
molecules) act synergistically to rupture blood cells. 

When only a few stings are received, the action just 
described is mostly localized, and actual toxic effects are 
insignificant. After massive stinging (or injection of venom 
directly into the circulatory system), the action may become 
widespread and toxic effects severe, particularly when 
significant amounts of venom enter the circulatory system. 
Apamine acts as a poison to the central nervous system, and 
both mellitin and phospholipase A are highly toxic. Large 
concentrations of histamine are produced and contribute to 
overall toxicity. The role of other components is unknown. 

Only a very small number of people are allergic (hyper- 
sensitive) to insect venom, between 0.35 and 0.40% of the 
total population in one U.S. survey. In a person allergic to 
bee venom, the hyaluronidase may participate immediately 
in an antigen-antibody reaction, triggering an allergic 
response; both mellitin and phospholipase A can also 
produce allergic reactions. There may be antigen—antibody 
reactions to any or all of the components mentioned. Severe 
reactions can result in death from anaphylactic shock. 

Antihistamines can give some protection to a moderately 
hypersensitive person if taken before exposure to stings. 
Systemic reactions following a sting should be treated imme- 
diately with adrenaline; extremely prompt medical treatment 
is essential for acute anaphylaxis. 

Some allergy clinics provide carefully regulated courses of 
venom injection, which can decrease sensitivity to the venom; 
various types of immunotherapy (desensitization) have been 
used, involving the application of a series of graded doses of 
pure venom, and these can be effective in 95% of cases. If a 


beekeeper or another member of the household develops 
serious hypersensitivity to bee stings, an allergy specialist may 
be able to recommend a course of desensitization that will 
allow the beekeeper to continue. 

Germany was probably the first country to produce bee 
venom commercially. Between 1930 and 1937, girls stationed 
in front of hives would pick up one worker bee at a time and 
press it so that it stung into a fabric tissue that absorbed the 
venom; the venom was extracted from the fabric with a 
solvent (distilled water), which later was removed by freeze- 
drying, leaving the venom as a crystalline powder. 

A more recent method is to use a bare wire stretched to 
and fro across a thin membrane mounted on a horizontal 
frame placed directly in front of a hive entrance. When a low 
voltage is applied to the ends of the wire, a few “guard” bees 
are shocked; they sting into the membrane and also release 
alarm pheromone that quickly alerts other bees to sting into 
the membrane as well. The bees can withdraw their stings 
and are unharmed, and the drops of venom released are 
removed from the underside of the membrane; in hot 
weather they dry and can be scraped off. 


BEE BROOD 


Bee brood (immature bees) was probably a useful source of 
protein to hunter-gatherers in many parts of Asia and Africa, 
and honey bee larvae have now produced commercially, and 
marketed either raw or cooked. Mature A. mellifera larvae have 
been found to contain about 60% as much protein as beef and 
about 30% more fat (fresh weight). Pupae contain somewhat 
more protein and less fat. Both larvae and pupae contain 
vitamins A and D. Such bee brood is eaten in parts of Asia (e.g., 
Korea, China, Japan, Laos, Malaysia, Thailand, and Vietnam) 
but not in India, Pakistan, or Bangladesh. Some eastern 
Mediterranean religions forbade the eating of certain insects 
because these were regarded as unclean. One of the Dead Sea 
scrolls, from about 200 to 100 B.c., had the prohibition: “Let 
no man defile his soul with any living being or creeping thing 
by eating of them, from the larvae of bees [in honey] to all 
the living things that creep in water.” (The digestive system 
of any animal was considered to be unclean, and it was 
impractical to remove these organs from individual bees.) 


POLLEN 


Protein is required by young adult honey bees, and it is an 
important component of the food they give to larvae. It is 
obtained from pollen (microspores of seed plants) that older 
bees collect from flowers and store in the nest. In one study 
on A. mellifera in the United States, bee-collected (air-dried) 
pollens contained 7 to 30% crude protein and 19 to 41% 
carbohydrates (mostly sugars from honey that bees mixed 
with the pollen). Pollen also contains minerals (it has an ash 
content of 1-6%), vitamins, enzymes, free amino acids, 
organic acids, flavonoids, and growth regulators. 
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When a worker honey bee moves past the anthers of 
flowers, pollen becomes trapped by her body hairs. She leaves 
the flowers and, with special movements of her legs, passes 
the pollen backward to bristles on the tibiae of her hind legs. 
She packs it into a “pollen load” on each of these legs, 
moistening it with a little nectar or honey in the process. The 
pollen loads carried by a foraging bee have a variety of colors, 
which provide clues to the plant sources. 

It is relatively easy for a beekeeper to collect the pollen 
being brought into hives by bees: a pollen trap, fixed over the 
hive entrance, incorporates a grid (or two grids) through 
which incoming bees must push, and while they do this most 
pollen loads are knocked from their hind legs and drop into 
a tray below, although some bees get through the trap with 
their pollen loads. The beekeeper needs to ensure that the 
colony always has enough pollen to rear sufficient brood to 
maintain its population. (A colony can be made to collect 
more pollen by giving it extra combs of young brood to rear.) 
In 1990 pollen was known to be produced commercially in 
Europe (seven countries), the Americas (five), Asia (four), 
and Africa (one), and also Australia, where Western Australia 
alone produced 60 to 130 tonnes a year. 

Pollen is used as a dietary supplement for humans and 
domestic animals, as well as for feeding to a honey bee colony 
to increase its brood production. Pollen from specific plant 
species (or cultivars) is also used for fruit pollination, in plant 
breeding programs, and in the study and treatment of allergic 
conditions such as hay fever. 


PROPOLIS 


Propolis is the material that honey bees and some other bees 
can collect from living plants, which they use alone or with 
beeswax in the construction and adaptation of their nests. 
Most of the plant sources are trees and bushes. The material 
collected may be a wound exudate (resin and latex) or a 
secretion (lipophilic substances, mucilage, and gum). 
Propolis thus has a much more varied origin than any other 
material collected by honey bees. Analyses of various samples 
(mostly of unknown plant origin) have shown the presence 
of over 100 compounds, including especially flavonoids. 

A bee that collects propolis carries it back to the nest on 
her hind legs. She goes to a place in the hive where propolis 
is being used and remains there until her load is taken from 
her by bees using it. The propolis is mainly collected in the 
morning and used in the hive in the afternoon. 

Where propolis is available, A. mellifera uses it for 
stopping up cracks, restricting the dimensions of its flight 
entrance, and other minor building works. Observations on 
both tropical and temperate-zone A. cerana indicate that this 
species does not collect or use propolis, even in a region 
where A. mellifera does, but uses beeswax instead. Propolis is 
sometimes used by A. dorsata to strengthen the attachment of 
the comb to its supporting branch. It is probably essential to 
A, florea for protecting its nest from ants. These bees build 
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two rings of sticky propolis round the branch that supports 
the nest, one at each end of the comb attachment, and may 
“freshen” the propolis surface so that it remains sticky and 
ants cannot cross it. 

To collect propolis from a hive, the beekeeper inserts a 
contrivance, such as a flat horizontal grid having slits 2-3 mm 
wide that will stimulate the bees to close up the gaps with 
propolis. On removal from the hive, the contrivance is cooled 
in a freezer. The propolis then becomes brittle, and a sharp 
blow fractures it off in pieces, which can be stored for up to 
a year in a plastic bag. 

The total commercial world production of propolis may 
be between 100 and 200 tons a year. China produces more 
propolis (from hives of introduced A. mellifera) than any 
other country; some South American countries are next in 
importance. Most importing countries are in Europe. 

Propolis has various pharmacological properties, partly 
from its flavonoid content. It is used in cosmetic and healing 
creams, throat pastilles, and chewing gum. A few people (in 
the United Kingdom about one beekeeper in 2000), are 
allergic (hypersensitive) to propolis, and contact with it leads 
to dermatitis. 

Stingless bees mix much propolis with the wax they 
secrete before they use it in nest construction; the mixture is 
called cerumen. 


See Also the Following Articles 
Honey ¢ Royal Jelly « Venom 
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Bo is secreted by workers of most Apidae, which use 
it to build combs of cells in their nests, for rearing brood, 
and for storing food. Workers are female members of a 
colony of bees, active in foraging or nesting, but laying no 
eggs or only a few compared with a queen. The term “beeswax” 
is commonly used for the wax from honey bees (Apis), 


especially that from A. mellifera, which is the basis of the 
world’s beeswax industry. 


PRODUCTION, SECRETION, AND USE OF 
BEESWAX BY A. MELLIFERA 


Beeswax is secreted by four pairs of wax glands situated on 
the anterior part of the worker’s last four normal sternal 
plates (i.e., the ventral portion); the secreted wax hardens 
into thin scales. In A. mellifera workers, the glands increase in 
secretory activity during the first 9 days or so after the adult 
bee has emerged from her cell. They usually start to regress at 
17 days of age, but may be regenerated later if the colony 
needs new comb. Honey bees construct their combs of 
beeswax and also use this substance with propolis to seal 
small cracks in their nest structure or hive. The requirements 
of the colony largely determine the amount of wax secreted 
by its bees. Calculations have shown that an A. mellifera 
worker is likely to have the potential to secrete about half her 
body weight in wax during her lifetime. 


COMPOSITION AND PROPERTIES OF BEESWAX 


The major components of A. mellifera beeswax include 
monoesters, diesters, hydrocarbons, and free acids, which 
together make up more than half the total weight. Over 200 
minor components have also been identified. Of the physical 
properties of beeswax, its thermal properties are of special 
practical importance, particularly the wide temperature range 
between its becoming plastic (32°C) and melting (61-66°C). 
Its relative density at 15 to 25°C is 0.96 and its refractive 
index at 75°C is 1.44. 

Many pesticides used to control mites in the hive can 
contaminate beeswax. 


HARVESTING AND PROCESSING 


In the hive, the purest beeswax is that which has recently 
been secreted: in “cappings” with which cells have been 
sealed, and in recently built comb. Wax scraped from hive 
walls or frame bars may be mixed with propolis. Old, dark 
combs in which brood has been reared are of least value. 

When a beekeeper harvests combs of honey from the hives, 
the honey is first extracted from the combs. Then the wax is 
melted and the liquid wax separated from any contaminants. 
On a small scale, clean wax from hives may be melted and 
strained through cloth, or a “solar wax extractor” may be used, 
in which the wax pieces are spread out on a sloping metal 
base in a shallow container with a double glass top, to be 
melted by radiation from the sun. The liquid wax flows into 
a container; any contaminants settle at the bottom, and clear 
wax flows out through an outlet near the top. 

In some commercial wax extractors the wax is heated with 
water, floats to the top, and flows out through an appro- 
priately placed opening. More efficient devices use a steam 


press. The percentage of beeswax extracted from the initial 
material varies according to the source of the wax and the 
method of extraction. 


USES 


Beeswax has a very rich history, with a far wider range of uses 
than any other bee product. In the past, beeswax was 
especially valued for candles, because it has a higher melting 
point than many other waxes, and so the candles remain 
upright in hot weather. Beeswax was also used for modeling 
and for casting. Some of the world’s finest bronze statues and 
gold ornaments have been made by the lost-wax process, in 
which a beeswax model is made and encased in mud or 
plaster that is allowed to dry; the whole is then heated, the 
molten wax allowed to escape, and molten metal poured in. 
The metal solidifies in the exact shape of the original beeswax 
cast, and the casing material is then broken away. 

In the batik method of dyeing cloth, and in etching on a 
glass or metal surface, beeswax can be used as a “resist,” 
applied to certain areas of a surface to protect them from 
reaction during a subsequent process. 

One of the most important current uses of beeswax is in 
ointments, emollient skin creams, and lotions. It also is still 
used in polishes and other protective coatings, and as a 
lubricant in the armament and other industries. Its dielectric 
properties have led to its use in electrical engineering. 


WORLD PRODUCTION AND TRADE 


Beekeeping with modern movable-frame hives aims to maxi- 
mize honey production, and wax production is suppressed by 
providing the bees with sheets of ready-built wax comb 
foundation in frames. In experiments in Egypt, wax 
production in modern hives was only 0.4 to 0.6% of honey 
production, whereas in traditional hives it was 9 to 11%. 

Bees secrete beeswax more readily in hot than in cold 
climates, and most surplus beeswax is produced in those 
tropical regions where traditional hives are still used. 
According to export figures published in 1990, relating to the 
preceding decade, the three regions producing most beeswax 
annually were Asia, Central America, and Africa (15.9, 10.5, 
and 8.7 x 10° tonnes, respectively). Major importing 
countries (in 1984) were France, German Federal Republic, 
United States, and Japan. 


WAX FROM OTHER BEES 


Because the waxes of different species of social bees differ 
slightly, if A. mellifera wax is mixed with that of other bees, 
its characteristics are altered. Melting points have been 
reported as follows for wax from other species of honey bees: 
A, dorsata, 60°C; A. florea, 63°C; A. cerana, 65°C; stingless 
bees, Meliponinae: Trigona spp. (India), 66.5°C; T beccarii 
(Africa), 64.6°C; 7. denoiti (Africa), 64.4°C; and bumble 
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bees, Bombus, 34-35°C. The temperature in a bumble bee 
nest is much lower than that in a honey bee nest. 


See Also the Following Articles 
Beekeeping « Commercial Products from Insects 
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B iodiversity is a term created in the mid-1980s to represent 
the variety of life. It is a contraction of “biological 
diversity” and came into common usage following the signi- 
ng in 1992 of the Convention on Biological Diversity at the 
United Nations Conference on Environment and Develop- 
ment, in Rio de Janeiro. The convention defines biodiversity 
as “the variability among living organisms from all sources 
including terrestrial, marine and other aquatic ecosystems 
and ecological complexes of which they are a part: this 
includes diversity within species, between species and of 
ecosystems.” 

However, biodiversity encompasses not just hierarchies of 
taxonomic and ecological scale but also other scales such as 
temporal and geographical scales and scaling in the body size 
of organisms. Biodiversity represents different things to 
different people. To those working in museums and herbaria 
it perhaps represents a new thrust for efforts to describe 
Earth’s fauna and flora. To ecologists it may represent a 
growing concern about the balance of nature and how well 
ecosystems can function as biological diversity decreases. To 
economists and politicians it may represent a new and largely 
untapped source of needed income for developing nations. 
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To entomologists biodiversity is insects because more than 
half of all described species on Earth are insects. 

Biodiversity is crucial to the planet’s survival because as a 
result of it people have food, construction material, raw 
material for industry, and medicine, as well as the basis for all 
improvements to domesticated plants and animals. Biodiver- 
sity helps maintain ecosystem functions and evolutionary 
processes, and stores and cycles nutrients essential for life, 
such as carbon, nitrogen, and oxygen. Biodiversity absorbs 
and breaks down pollutants, including organic wastes, 
pesticides, and heavy metals. It also recharges groundwater, 
protects catchments, and buffers extreme water conditions. 

The “ownership” of biodiversity and who should pay for 
its conservation are emotive subjects particularly in 
developing countries. These and other issues that relate to the 
sustainable utilization of biological and nonbiological 
resources and the maintenance of well-nurtured populations 
of humans throughout the world, are extremely complex. 


GENETIC DIVERSITY 


The individuals that make up a population are rarely identical. 
Such variation in the outward appearance of individuals (i.e., 
in their phenotype) results from the interaction of their 
individual inherited genetic makeup (genotype) with their 
surrounding environment. Most natural populations 
maintain a high level of such genetic diversity. This inherited 
genetic variation is the basis upon which evolution operates, 
and without it adaptation and speciation cannot occur. 
Genetic diversity fundamentally occurs in the form of 
nucleotide variation within the genome, which originates by 
mutation (changes in the nucleotide composition of genes, in 
the position of genes on chromosomes, and in the chromo- 
some complement of individuals) and is maintained both by 
natural selection and by genetic drift. Other forms of genetic 
diversity include the amount of DNA per cell and 
chromosome structure and number. It is estimated that there 
are 10” genes in the world, although some of the genes for 
key processes vary little across organisms. 

The long-term survival and success of a species depends to 
a large extent upon the genetic diversity within species, 
which makes possible both a degree of evolutionary flexibility 
in response to long-term climatic and other environmental 
change and a dynamic ecological community. The long-term 
aim of any conservation effort must be to maintain a self- 
sustaining dynamic ecological community, with the 
minimum of human intervention. This objective cannot be 
attained without recognition of the genetic diversity of the 
member species of the community. 


SPECIES DIVERSITY 


In spite of immense efforts by 19th- and 20th-century 
taxonomists to describe the world’s fauna and flora, the true 


TABLEI Comparison of the Estimated Number of Species for 
Vertebrates and the Four Most Species-Rich Orders of Insects, 
Description Rates, and Publication Effort 





Average 
description 
Described rate (species Publication 
Order species year)” effort? 

Invertebrates 

Coleoptera 300,000—400,000 2308 0.01 

Lepidoptera 110,000—120,000 642 0.03 

Diptera 90,000—150,000 1048 0.04 

Hymenoptera 100,000—125,000 1196 0.02 
Vertebrates 

Birds 9,000 5 1 

Mammals 4,500 26 1.8 

Amphibians and 

reptiles 6,800 105 0.44 
Fish 19,000 231 0.37 


“Average for 1977-1988. 
’Number of papers per number of species per year. 


dimensions of species diversity remain uncertain. Understand- 
ing is hampered by lack of a consensus about the total 
number of species that have been named and described, with 
estimates ranging from 1.4 to 1.8 million species. This 
probably represents less than 20% of all species on Earth, and 
with only about 20,000 new species of all organisms being 
described each year, it seems that most species will remain 
undescribed for many years unless there is a rapid increase in 
species descriptions (but see http://www.all-species.org). 

About 850,000 to 1,000,000 of all described species are 
insects. Of the 30 or so orders of insects, four dominate in 
terms of numbers of described species, with an estimated 
600,000 to 795,000 species: Coleoptera, Diptera, Hymenop- 
tera, and Lepidoptera (Table I). There are almost as many 
named species of beetle as there are of all other insects added 
together, or all other noninsects (plants and animals). 

There is no complete catalog of names for all organisms, 
and for many groups it is often difficult to know what has or 
has not been named and described. It can sometimes be 
difficult for taxonomists to determine whether a series of 
individuals constitutes one or several species, or whether a 
new individual is the same species as others that have been 
described. On the other hand, a species may be described 
more than once. A taxonomist in one part of the world may 
not realize that a given species has already been described 
from elsewhere. Some species are so variable that they are 
described many times. For example, the ladybeetle, Adalia 
decempunctata has more than 40 synonyms. This species has 
many color morphs, and at various times during the last 200 
years different taxonomists have given names to the color 
morphs without realizing that they were all one species. The 
level of such synonymy in some groups of organisms may be 
extremely high: (e.g., 80 and 35% synonymy for Papilionidae 
and Aphididae, respectively). 


The question of how many species in total there are on 
Earth, including undescribed species, also remains a mystery. 
In 1833 the British natural historian John Westwood 
estimated that there might be some 20,000 species of insects 
worldwide. Today it is recognized that there are about this 
number of insect species in Britain alone. Estimates for how 
many species there are on Earth have continued to rise, and 
still it seems that the answer cannot be provided to within a 
factor of 100. Groups such as birds, large mammals, and some 
woody plants are well known, and estimates of their global 
numbers of species can be made with a fair degree of 
confidence. However, the scientific rationale for almost all 
estimates of global numbers of species for the remainder taxa, 
including insects, is surprisingly thin. Although estimates for 
global numbers of all species, from bacteria to vertebrates, 
vary from as low as 2 million to more than 100 million, 
much evidence seems to support estimates on the lower end 
of this scale: 5 to 15 million species. 

Much of the recent literature on global species estimates has 
focused on insects and in particular on tropical forest insects. 
Until the 1980s most entomologists thought that there might 
be about 2 to 5 million insect species on Earth. However, Terry 
Erwin of the Smithsonian Institution in 1982 calculated that 
there are 30 million species of tropical arthropods alone, based 
on his knockdown insecticide fogging samples of beetles from 
the canopy of Central American tropical forests. He sampled 
1200 species of beetles from the canopy of a single species of 
tree in Panama and suggested that 13.5% of these (162) must 
be specific to that tree. He arrived at his total of 30 million 
by suggesting that (1) all 50,000 species of tropical tree had 
the same level of insect host specificity, (2) beetles represented 
40% of canopy arthropods, and (3) the canopy is twice as rich 
in arthropods as the ground. Others have since criticized all 
the steps in Erwin’s calculation, suggesting that he overesti- 
mated the relative proportion of ground to canopy species, the 
relative proportion of beetle species to other groups of insects 
and, perhaps most important of all, the number of species that 
are host specific to a given species of tree. Another argument 
Stork and others have proposed is based on well-known insect 
faunas such as those for Britain and for butterflies. There are 
some 22,000 insect species in Britain and 67 of these are 
butterflies. It is also estimated that there are 15,000 to 
20,000 species of butterflies in the world. Therefore, if the 
ratio found in Britain of butterfly species to all other insect 
species is the same for the whole world, this would indicate 
that there are 4.9 to 6.6 million species of insects on Earth. 
These and other analyses indicate that lower estimates 
(5-10 million insect species worldwide) may be realistic. 

One of the reasons so few species have been described is 
that there are few taxonomists, and most of these are in the 
developed world. For example, 80% of insect taxonomists are 
found in North America and Europe. Another critical factor 
is that most of the type specimens on which species names 
depend are found in European and (to a lesser extent) North 
American museums. 
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It may seem that a great deal is known about the biology, 
distribution, and threatened or nonthreatened status of 
insects. In practice, this is far from the truth. For well-known 
insect faunas, such as those of Britain and other areas of 
Europe, virtually all species (but, surprisingly, not all) have 
been described. Even so, distribution maps for these species 
are often extremely poor, and the data used are often based on 
records more than 50 years old. For other parts of the world, 
particularly tropical regions, knowledge of the biota is largely 
nonexistent. Rarely are there even species lists for some of the 
better known groups, let alone taxonomic keys and field 
guides to identify these and other less well-known insects. 

Much of the information on the distribution and biology 
of species is housed in the museums, herbaria, and libraries 
of developed countries. Some of this information is on index 
cards. There is now a growing effort to place information 
associated with specimens in the collection into electronic 
databases and to make this information readily available. 
Similarly, the biology and conservation status of the vast 
majority of insect species remain unknown. For this reason 
the International Union for the Conservation of Nature's 
(IUCN) Red Data Books on the threatened status of 
organisms are mostly limited to groups of large vertebrates 


and higher plants. 


THE EVOLUTION AND EXTINCTION 
OF BIODIVERSITY 


Evolution, simply speaking, is change through time. In 
genetic terms, evolution is an alteration in the frequency with 
which different genes are represented in a population, and it 
results primarily from the processes of natural selection and 
random drift. Natural selection operates through differential 
survival and reproductive success of individuals in a popula- 
tion, which determines their contribution to the genetic 
composition of the next generation. Natural selection acts on 
individual phenotypes best suited to the environment. 
There has been life on Earth for at least 3.5 billion of the 
4.6 billion years that the planet has existed. Multicellular 
plants and animals have evolved in just the last 1.4 billion 
years. The earliest fossil insect, or insect relative, is a hexapod, 
the collembollan Rhyniella praecursor, from the Lower Devonian 
(about 380 mya) from Scotland. It is unlikely that insects 
existed before the Devonian, and there was extensive radiation 
during the Carboniferous. There are fossils from 300 mya of 
several nonextinct groups, such as Paleodictyoptera, 
Meganisoptera, Megasecoptera, and Diaphanopterodea. The 
only extant orders represented by Carboniferous fossils are 
Ephemeroptera, Blattodea, and Orthoptera. Orders of modern 
insects, except Hymenoptera and Lepidoptera, appear to 
have been established by the Triassic (225 mya), and some of 
the early groups had disappeared by the late Permian. The 
massive explosion of insect diversity appears to coincide with 
that of the flowering plants (angiosperms) in the Cretaceous 


(135-65 mya). 
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Numerous studies have shown that there have been 
periods of rapid evolution of biodiversity and even more 
dramatic periods of extinction. Four of the five big episodes 
of extinction in the last 500 million years of the fossil record 
saw the removal of approximately 65 to 85% of the animal 
species in the ocean that are preserved as fossils, and the fifth 
resulted in the loss of 95% or more. In spite of these huge 
losses, it is now estimated that through subsequent rapid 
evolution, the present-day diversity of organisms, at both the 
species level and higher taxonomic levels, is greater than at 
any other time. Some suggest that present-day diversity may 
represent roughly 1% of all the species that have ever existed. 

There have been many attempts to estimate the life span 
of species in the fossil record and these range from 0.5 to 
13 million, although a few species present today appear to be 
unchanged in the fossil record for up to 50 million. Some data 
suggest that the average life span for species is 4 to 5 million. 

The extinction of species, just like the evolution of species, 
is a natural process, and thus the extinction of existing species 
should occur at the same time as the evolution of new ones. 
The current list of all plants and animals that are recognized 
as having become extinct in the last few hundred years is 
relatively short. In total this amounts to just 600 plant and 
491 animal species, and of these only 72 are insects. It is not 
surprising therefore that the fate of many thousands of 
threatened species of insects, other invertebrates, and fungi is 
almost completely overlooked. The death of the last passenger 
pigeon, “Martha,” in 1914 is well known to many conser- 
vation biologists, yet the coextinction of two species of lice 
(Columbicola extinctus and Campanulotes defectus) that were 
host specific to this bird went unheralded. Some estimated ex- 
tinction rates would indicate that most insect species are more 
likely to become extinct than to be named by taxonomists 

Of the 72 species of insects listed on the IUCN’s Red 
Data List as extinct, more than 40 are from Hawaii, and 
many of the others are from other islands. Proving that a 
species as small as an insect has become extinct can be very 
difficult, and indeed one of the largest species of insects that 
was thought to be extinct, the 15-cm-long Lord Howe Island 
stick insect (Phasmatodea), was discovered surviving in a 
remote part of this small island 80 years after its extinction 
had been declared. Of the insect species that no longer exist, 
most were driven to extinction by the introduction of other 
animals such as rats or invasive insects, whereas the demise of 
most extinct species of birds and mammals resulted from 
overhunting or loss of habitat. 

It seems that there is a genetic or population threshold 
below which the survival of a species diminishes rapidly. For 
some species this “minimum viable population” may be 10 
individuals and for others, hundreds or thousands. Such 
species with numbers of individuals below this threshold, the 
“living dead,” although not presently extinct, appear to be 
doomed to extinction in the near future. A critical factor in 
the long-term survival of a single species or group of species 
is the maintenance of the intricate web of interacting species 


that are important in some way or other for each other's 
survival. For example, the Brazil nut tree, Bertholletia excelsa, 
relies on euglossine bees for pollination and seed setting, 
whereas the bees rely on the availability of other resources in 
the forest to complete their life cycle. Loss of these resources 
through forest fragmentation or disturbance could lead to the 
loss of the bees. The Brazil nut tree, however, might survive 
for many years before becoming extinct. This is just one 
example from the continuum of cosurvival of species, from 
those that are entirely dependent on the existence of one 
other species to those that are only in part dependent on one 
or a number of species. In this way, the survival or extinction 
of species or groups of species is linked to the survival of 
whole habitats or ecosystems. 


THE DISTRIBUTION OF BIODIVERSITY 


Life-forms of one kind or another are to be found in almost 
all parts of the surface of Earth, and insects are known to 
exist in most of these environments except the marine 
ecosystem. Clearly there is a strong latitudinal gradient in 
biodiversity, with few species occurring in higher latitudes 
and most species occurring in the tropics, peaking in tropical 
rain forests and coral reefs. Freshwater systems occupy a very 
small part of Earth’s surface. Only 2.5% of all water on Earth 
is nonmarine, and most of this is unavailable to life; 69% of 
all fresh water exists as ice, principally in the polar regions, 
and another 30% is present underground. Just 0.3% of 
Earth’s fresh water is freely available in rivers, streams, lakes, 
and freshwater wetlands, taking up only about 1% of the 
planet’s surface! Although occupying a tiny percentage of 
Earth’s surface, freshwater ecosystems support a rich and 
varied insect fauna. For some groups, the number of 
freshwater inhabitants is seemingly out of proportion to the 
representation of existing freshwater systems. 

Of the world’s open forest and shrubland, 75 and 42%, 
respectively, lie within tropical boundaries. At least two- 
thirds of all plant species are tropical, and thus, 6 to 7% of 
Earth’s surface may contain 50 to 90% of all species of plants 
and animals. The high species richness of tropical forests is 
illustrated by La Selva forest of Costa Rica, 13.7 km* of 
which harbors 1500 species of plants, more than the total in 
the 243,500 km? of Great Britain. This Central American 
area also contains 388 species of birds, 63 of bats, and 42 of 
fish, as well as 122 reptile species and 143 butterfly species. 
A single site in southeastern Peru has yielded more than 1200 
species of butterflies—almost a quarter of the 5000 species 
thought to be found in South America. 

Two strata in forests are particularly noteworthy, both for 
their important roles in the functioning of animal and plant 
communities and for their high insect species richness: the 
canopy and the soil. The canopy of trees has been called by 
some the “last biotic frontier” because of the immense 
diversity of insects, plants, and fungi found there. Forest 
canopies came to the attention of biologists largely through 
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Ficure 9: Ontological model of social web objects. 


object relationship, the lookup microservice is used. The 
CMF function has been developed to process the situational 
information and it selects the most suitable VOs based on 
the context. The situational information contains the current 
location of the user, location of the RWOs, and the area under 
observation. CMF helps form a VO configuration specific to 
the user current situation. Additionally, to incorporate the 
real-world facts about the user and the situation, RWK base 
has been developed which is updated continuously. This also 
helps in adapting services according to the current situation. 
VOs provided data is accumulated in RWK model and the 
reasoning engine is used to infer new facts based on the 
existing data. The last function of social application server 
is the preference predictor which provides predictions by 
using machine learning methods. To implement the learning 
function, Weka Library [42] has been used. For the objective 
of demonstration, user preference patterns are collected from 
the social data and user preference history is used to predict 
the future patterns. 

On the other hand, OMS deals with the semantic repre- 
sentation of VOs. The first functional component of OMS is 
the ontology management service, which is used to handle 
VO and CVO ontologies and provides an interface to use VO 
graphs. Further, to manage ontologies in the developed sys- 
tem, we have used Apache Jena framework [43], and to model 


VO and CVO ontologies, Protégé [44] has been used. Models 
generated in Protégé are utilized by ontology management 
service and stored in OWL format in semantic data stores. 
To take full advantage of ontology-based implementation, a 
reasoning engine has also been used to get extra facts related 
to the modeled concepts. Reasoning engine helps to grow 
RWK facts stored in VO and CVO ontologies. For the proof of 
concept, the prototype has used Apache Jena inference engine 
along with Jena provided reasoner. For the deployment of 
persistent storage of the RDF data, Jena TDB has been used 
in our prototype, which is the Jena native high-performance 
triple store with API support [43]. Query manager is another 
important component of OMS which provides an interface to 
query CVO and VO ontologies saved in RDF/XML format, 
using SPARQL. Also, web services are implemented for the 
execution of SPARQL queries such as extracting and updating 
RDF triples in the database. Other than SPARQL query 
processing, semantic matching of existing concepts is also 
performed. 

Moreover, to achieve interoperable relationships among 
web objects, a semantic ontology model has been developed 
as shown in Figure 9. The model constitutes the VO and CVO 
ontologies and their relationships. Several CVOs have been 
instantiated, for example, the location navigator, fire situation 
monitor, emergency notification, and many others that are 


the work of entomologists using knockdown insecticides to 
collect insects from the tops of trees. In 1982 Stork used 
knockdown insecticides released by a fogging machine 
hoisted in to the canopy of a 75-m-high rain forest tree in 
Borneo to collect canopy insects. When the collection had 
been sorted by taxonomists at the Natural History Museum 
in London, there were more than 1000 species, and yet the 
area of collecting sheets on the ground was only 20 m’. In 
total, 4000 to 5000 species of insects were collected and 
sorted in a similar way from just 10 Bornean trees. For one 
group, the Chalcidoidea wasps, 1455 individuals were 
collected, but after sorting it was found that this represents 
739 species. Because fewer than 100 chalcid species had been 
recorded before from Borneo, this indicates how little is 
known about the diversity of insects in some ecosystems. 

Elsewhere, 43 species of ants were collected by canopy 
fogging from a single tropical tree in Peru, a number 
approximately equal to the ant fauna of the British isles. 
Tropical forests may cover only a small percentage of Earth’s 
surface, but they are vital for the global cycling of energy, 
water, and nutrients. Most terrestrial life is found in 
temperate and tropical forests and grasslands. Some other 
vegetation types, such as the fynbos of South Africa, are also 
extremely species rich. This system supports more plant 
species per square meter than any other place on Earth, with 
more than 8500 species in total, 68% of which are endemic. 

Perhaps less attention has been paid to the diversity of life 
in soils and associated leaf litter and dead wood. It is probable 
that there are at least as many species of insects specific to the 
soil as to the canopy. The diversity of soil organism 
assemblages and their importance in ecosystem functioning 
is just beginning to be understood. Relatively obscure groups 
such as fungi, springtails (Collembola), mites, and 
nematodes are all rich in species in the soil and are extremely 
important in ensuring that organic material is broken down 
and the resulting nutrients made available for the growth of 
plants. Earthworms in temperate regions and termites in 
tropical regions are critical for the production, turnover, and 
enrichment of the soil. They also help to aerate the soil and 
increase the through flow of water, hence reducing water 
runoff and soil erosion. 


THE ROLE OF SYSTEMATICS IN 
BIODIVERSITY ASSESSMENT 


Systematics is the part of comparative biology that tracks the 
diversity of organisms with regard to specified relationships 
among those organisms. It is the branch of biology 
responsible for recognizing, comparing, classifying, and 
naming the millions of different sorts of organism that exist. 
Taxonomy is the theory and practice of describing the 
diversity of organisms and the arrangement of these 
organisms into classifications. 

Widely accepted as the most basic of natural taxa is the 
species. However, there is still some argument over what 
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FIGURE 1 Insecticide fogging being released from a knockdown insecticide 
fogging machine in a hardwood plantation in Cameroon. Note the circular 
catchment trays suspended above the ground to catch the falling insects 
released by the insecticide. (Photograph by N. Stork.) 


exactly a species is. A major problem stems from variation 
observed among individual organisms, and the species 
question is largely one of how biologists attempt to classify 
individual organisms, all of which differ to a greater or lesser 
extent when compared with one another, into discrete groups 
or taxa. There is a range of definitions that largely reflects the 
various theories of the origin of diversity. When biological 
classification was first developed, organisms were considered 
each to have a fundamental design and the task of the 
taxonomist was to discover the essential features of these 
“types.” Even after the publication of Darwin’s theory of 
biological evolution, this concept did not change. 

It was only with the emergence of a reliable theory of 
inheritance, and the development of the disciplines of genetics 
and population biology, that biologists began to develop 
rational explanations for the origin of diversity and then 
apply this knowledge to the species concept. The initial step 
forward was the recognition of geographical variation, first as 
“varieties,” then as subspecies. This led to the concept of the 
species as a group of populations that reflected both common 
ancestry and adaptation to local conditions. In turn, this 
view was developed into the biological species concept, which 
defined the species as “groups of interbreeding natural pop- 
ulations that are isolated from other such groups.” This 
species concept is perhaps the most widely accepted today, 
but it applies only to sexually reproducing species. 
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After the recognition of species, the next step in taxonomy 
is to classify the relationship of these species. A number of 
methods have been developed by which phylogenetic 
relationships can be estimated. Of these, cladistic analysis is 
now widely acknowledged as the best. Cladistic analysis rests 
upon three basic assumptions: features shared by organisms 
(termed homologies or apomorphies) form a_ hierarchic 
pattern; this pattern can be expressed as a branching diagram 
(cladogram); and each branching point symbolizes the 
features held in common by all the species arising from that 
node. Cladograms are the most efficient method for 
representing information about organisms, hence are the 
most predictive of unknown properties of those organisms. 

Once a cladogram of taxa has been established, the next 
stage is to formally recognize and name the species and higher 
taxa. Names are assigned to these taxa according to a system 
based upon that first developed by the Swedish naturalist 
Linnaeus in the mid-18th century. Species are grouped into 
genera, and these in turn are grouped into families, orders, 
classes, phyla, and kingdoms. The ultimate goal of this 
nomenclature is to produce a universal system of unambigu- 
ous names for all recognized taxa. Animals, plants, and 
bacteria each have a separate set of rules or codes, which are 
applied voluntarily by taxonomists and are designed to pro- 
mote stability and consistency in taxonomic nomenclature, 
and thus to biological science in general. Traditionally, life- 
form have been grouped into two kingdoms, Animalia 
(including the insects) and Plantae, but in the last few 
decades this view has been questioned by experts, with other 
kingdoms being recognized. Recent work using analyses of 
ribosomal RNA sequences has shown that the total genetic 
diversity of the traditionally well-known groups such as 
fungi, plants, and animals is only a tiny proportion of the 
genetic diversity shown by microorganisms. The term 
“domain” has now replaced “kingdom,” with the higher 
organisms (fungi, plants, and animals) being grouped in the 
domain Eukarya and a variety of microorganisms being 
included in two further domains, Archaea and Bacteria. 


THE ECOLOGICAL CONTEXT 


Ecology is the study of the relations between organisms and 
the totality of the physical and biological factors affecting 
them or influenced by them, or more simply, as the study of 
patterns in nature. Ecologists investigate the biology of 
organisms, looking for consistent patterns in their behavior, 
structure, and organization. Although a relatively new field 
in comparison to systematics, ecology has already provided 
considerable insights into the organization of taxa. 
Ecosystem function refers to the sum total of processes 
operating at the ecosystem level, such as the cycling of matter, 
energy, and nutrients. The species in a community influence 
its productivity, nutrient cycling, and fluxes of carbon, water, 
and energy. Ultimately, species may be responsible for such 
factors as the maintenance of atmospheric composition, the 


dispersal and breakdown of waste material, the amelioration of 
weather patterns, the hydrological cycle, the development of 
fertile soils, and even the protection of many coastal areas. 

Biogeochemical cycling is the movement of materials 
including carbon, nitrogen, phosphorus, and calcium 
through an ecosystem as individuals of different trophic 
levels are consumed by others at higher trophic levels. These 
nutrients are returned eventually to the abiotic “nutrient 
pool,” where they are again available to primary producers. 

Some of the important roles played by different species in 
biochemical cycling can be outlined briefly. 

By their photosynthetic activity, plants play a funda- 
mental role in the carbon cycle, introducing carbon into the 
food web. Microorganisms are also crucial. It is estimated 
that algae and cyanobacteria are responsible for 40% of the 
carbon fixed by photosynthesis on Earth. At the other end of 
the process, wood-decaying fungi release approximately 85 
billion metric tons of carbon into the atmosphere each year 
as carbon dioxide. Termites also play an important role in 
global carbon cycling (hence, potentially, in global climate 
change) through their production of methane. Earth’s 
nitrogen cycle is dependent on bacteria for nitrogen fixation 
and the release of nitrogen by denitrification. The microbial 
community thus controls the amount of nitrogen available to 
an ecosystem, determining ecosystem productivity in areas 
where nitrogen is limiting. By absorbing water from soils or 
other surrounding media, plants have a fundamental effect 
on the water cycle. 

There is an ongoing debate between those who believe 
that all species in a given ecosystem are important and those 
who say that some are “functionally redundant.” That is, if'a 
species is removed from an ecosystem, can other species fulfill 
the same role? Two factors influence the importance of a 
species in ecosystem functioning: the number of ecologically 
similar species in the community and the extent to which a 
species has qualitative or quantitative effects on the ecosystem. 


SPECIES INTRODUCTIONS 


The introduction of exotic species has been responsible for 
great perturbations in many ecosystems. The arrival of 
predators, competitors, pests, and pathogens has caused 
decreases in populations of native species in many areas. 
Native or endemic species often occupy narrow ranges, have 
small population sizes, and lack defenses, all of which make 
them vulnerable to species introductions. The arrival of alien 
species is generally a more serious problem on islands, 
especially remote islands than in continental areas. For 
example, dramatic changes have occurred on the Hawaiian 
islands as a result of species introductions since human 
colonization. Although introductions may increase local 
diversity, most colonizers are cosmopolitan and are not 
endangered, whereas many endemic species are potentially 
threatened. Ultimately, many local ecosystem types may be 
lost worldwide, leading to a more homogenous global biota. 
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B iogenic amines are important messenger substances and 
regulators of cell functions. In insects, these small organic 
compounds act as neurotransmitters, neuromodulators, and 
neurohormones. Biogenic amines control endocrine and 
exocrine secretion, the contraction properties of muscles, the 
activity of neurons, and the generation of motor patterns. In 
addition, certain biogenic amines are involved in learning 
and the formation of memory. Biogenic amines mediate 
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these diverse cellular and physiological effects by binding to 
specific membrane proteins that primarily belong to the 
superfamily of G-protein-coupled receptors. 


Specialized Terms 


Ca”* signaling Change in the intracellular Ca** con- 
centration, through the release of Ca’* ions from 
intracellular stores by the opening of ligand-gated 
ion channels or the entry of Ca”* ions into the cell 
through different types of Ca’*-selective channels 
located in the plasma membrane, that plays a role in 
the regulation of various cellular processes, including 
cell metabolism, gene expression, cytoskeletal 
dynamics, and neurotransmission. 

cyclic AMP Cyclic derivative of adenosine mono- 
phosphate that is synthesized from ATP by adenylyl 
cyclase. Intracellular second messenger involved in 
the regulation or modulation of ion channels, pro- 
tein kinase activity, and gene expression. 

G-protein-coupled receptors Integral membrane 
proteins that constitute a large family of neuro- 
transmitter, hormone, or olfactory receptors. 
Characterized by seven transmembrane regions. 
When agonists bind to these receptors trimeric 
GTP-binding (G) proteins are activated that then 
regulate the activity of intracellular secondary 
effectors, which change intracellular concentra- 
tions of second messengers or ion channel activity. 

neurohormone Small organic or peptidergic sub- 
stance that is produced in neurosecretory cells. 
Released into the hemolymph at special regions 
called neurohemal organs. Transported to target 
tissues with the hemolymph. 

neuromodulator Neuroactive substance that is 
released by synaptic terminals. Simultaneously acts 
on large numbers of cells in the proximity of the 
releasing cell and modifies the properties of synaptic 
transmission and the properties of target cells. 

neurotransmitter Chemical substance that is released 
from the presynaptic endings of a neuron. Transmits 
information across the synaptic cleft to specific 
receptors located on the surface of postsynaptic cells. 

phosphorylation Transient, reversible posttransla- 
tional modification of proteins in which the termi- 
nal phosphate group of ATP is transferred to 
specific residues of a polypeptide by kinases and 
often alters the properties of the protein. 

second messenger Intracellular substance, such as 
Ca”*, cyclic AMP, inositol-1,4,5-trisphosphate, 
that modifies or modulates cellular responses. 
Concentration changes in response to activation of 
G-protein-coupled receptors. 
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FIGURE 1 Biogenic amines of invertebrates. In insects five substances have 
been identified as biogenic amines: dopamine, tyramine, octopamine, 
serotonin, and histamine. 


BIOSYNTHESIS OF BIOGENIC AMINES 


Biogenic amines are involved in a variety of regulatory func- 
tions. Five primary amines are considered biogenic amines in 
invertebrates: histamine (HA), serotonin (5-HT), dopamine 
(DA), tyramine (TA), and octopamine (OA) (see Fig. 1). These 
small organic compounds are synthesized from three different 
amino acids by single to multistep enzymatic reactions. 


LOCALIZATION OF BIOGENIC AMINES 


Aminergic systems in insects and vertebrates are quite 
different. In insects, OA and TA are present in relatively high 
concentrations, whereas they appear to have only minor 
significance in vertebrates. In contrast, the catecholamines 
norepinephrine and epinephrine are important chemical 
messengers in vertebrates, whereas in the insect nervous 
system they are detected only in very low concentrations if at 
all. Several additional catecholamines are involved in the 
process of cuticle tanning, hardening, and sclerotization in 
insects. These catecholamines are cross-linking reagents for 
cuticle proteins and chitin. 

Considerable physiological, biochemical, and histochemi- 
cal evidence suggests that HA, 5-HT, DA, OA, and TA act as 
transmitters or modulators in the central and peripheral 
nervous systems of insects. Antisera to HA, 5-HT, DA, and 
OA often label interneurons that have wide branching 
patterns within the central nervous system, sometimes 
innervating neuropils bilaterally. The dorsal and ventral 
unpaired median neurons, which can contain OA, are well- 
known examples of such large-field cells. Amine-containing 





EL3 
extracellular 


intracellular 


IL3 


FIGURE 2 ‘Transmembrane topography of G-protein-coupled receptors. The 
polypeptide spans the membrane seven times. The transmembrane regions 
(TM 1-7) are depicted as cylinders. The N-terminus (NH) is located 
extracellularly and often contains glycosylated residues (0). The C-terminus 
(COOH) is located intracellularly. The membrane-spanning regions are 
linked by three extracellular loops (EL1-EL3) that alternate with three 
intracellular loops (IL1-IL3). Posttranslational palmitoylation of cysteine 
residues (C) in the cytoplasmic tail creates a fourth intracellular loop (IL4). 


neurons with large arborizations are well suited to act on 
large groups of other neurons simultaneously. In addition to 
these large-field cells there are small-field aminergic neurons, 
especially in the central complex and in the optic lobes. The 
neuroanatomy of these cells suggests that they communicate 
with a limited number of target cells. 


BIOGENIC AMINE RECEPTORS 


Biogenic amines bind to specific integral membrane receptors 
belonging predominantly to the superfamily of G-protein- 
coupled receptors. Physicochemical, biochemical, and 
immunochemical investigations show that these polypeptides 
share the common motif of seven transmembrane (I'M) 
segments (Fig. 2). The N-terminus is located extracellularly, 
whereas the C-terminus is located intracellularly. The N- 
terminus is the target of a common posttranslational modifi- 
cation. In this part of the polypeptide consensus sequence 
motifs are often glycosylated. The membrane-spanning 
regions are linked by three extracellular loops (EL) that 
alternate with three intracellular loops (IL). Cysteine residues 
in the C-terminus of the polypeptides are the target of 
posttranslational palmitoylation. This modification creates a 
fourth intracellular loop. 

A receptor is activated after binding of the specific 
biogenic amine in a binding pocket formed by the TM 
regions in the plane of the membrane. Individual residues in 
TM3, TMS5, and TM6 were shown to participate in ligand 
binding. Once the ligand is bound, the receptor changes its 
conformation. This structural alteration usually is registered 
by intracellular trimeric GTP-binding proteins (G proteins). 
Residues that reside in close proximity to the plasma 
membrane in IL2, IL3, and IL4 of the receptor proteins 
determine the specificity and efficacy of the interaction 
between receptor and G protein. 


GENERAL FUNCTIONS OF BIOGENIC AMINES 


Biogenic amines have diverse functions controlling all phases 
of the life cycle of an insect. They are important chemical 
messengers during embryonic and larval development and 
they participate in the synaptic organization of the brain in 
the adult. As neuroactive substances they act on sensory 
receptors, inter- and motoneurons, and muscles and other 
peripheral organs (fat body, firefly lantern, salivary glands, 
corpora allata and corpora cardiaca, oviduct, etc.). Biogenic 
amines can initiate or modulate different types of behavior 
and they are involved in learning and the formation of 
memory in insects. 

The effects of biogenic amines in the insect central nervous 
system are studied with the techniques of electrophysiological 
recordings, primary cell cultures, microinjections of amines 
and receptor ligands, and behavioral assays. Often the 
physiological responses to biogenic amines last for many 
minutes, which suggests that they can also act as 
neuromodulators. Biogenic amines modulate neuronal 
activity and the efficacy of synaptic transmission in all parts 
of the nervous system. The huge projection fields of many 
aminergic neurons support the idea of parallel modulation of 
entire neuronal circuits by just a few aminergic cells. In 
addition to synaptic neurotransmission, some aminergic 
neurons release the amine into the hemolymph. The 
substances are transported throughout the body and may 
thus have hormonal functions in specific target tissues. 

The physiological role of OA at different levels of the 
organism is well documented. As a stress hormone in the 
periphery and in the central nervous system OA prepares the 
animal for energy-demanding behaviors. This monoamine 
stimulates glycogenolysis, modifies muscle contraction, 
supports long-term flight, and regulates “arousal” in the central 
nervous system. OA and OA agonists can enhance behavioral 
responses, like escape or aggressive behavior in crickets and 
sucrose responsiveness in honey bees. Injection of OA can elicit 
flight motor behavior in locusts, even in isolated thoracic 
ganglia. It is assumed that in insects OA has functions similar 
to those of the adrenergic system in vertebrates. 

Both OA and 5-HT can modulate sensory receptors and 
receptor organs in insects. In many cases the sensitivities of 
the receptors are enhanced. Different funcions of OA and 
5-HT at the sensory periphery are not very well understood, 
because the two amines often differ only in the degree of 
modulation. The increased sensitivity of sensory receptors 
due to the action of OA can modify behavior and is part of 
the “fight or flight” function. Studies on the Drosophila 
tyramine receptor mutant /ono suggest that TA can also 
modulate the sensitivity of olfactory receptor cells, thus 
modulating behavioral responses to olfactory repellents. 

The modulation of interneurons or effector neurons by 
biogenic amines is another level of modifying signal 
processing. OA and 5-HT can have functional antagonistic 
effects in a number of different systems. In these systems OA 
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usually enhances the sensitivity or activity of single neurons 
and 5-HT usually has the opposite action. These effects, 
which can be measured at both the behavioral and the single- 
cell level, are dependent on the state of the insect. OA can 
induce a state of “arousal” in inactive animals and has only 
minor effects on very active animals, whereas 5-HT shows 
the largest effects in active animals. 

In addition to modulatory functions during the adult life 
of an insect, DA and 5-HT have important functions during 
development. In Drosophila, high DA concentrations 
coincide with larval and pupal molts. Reduced levels of DA 
during larval stages lead to developmental retardation and 
decreased fertility in adults. 5-HT similarly acts as a chemical 
signal during larval development in Drosophila. Impaired 5- 
HT synthesis can lead to abnormal gastrulation movements, 
cuticular defects, and even embryonic death. 

The neurotransmitter HA is released from photoreceptors 
in the compound eyes and ocelli in response to illumination. 
HA has also been detected in mechanosensory cells in 


Drosophila. 


FUNCTIONS IN LEARNING AND MEMORY 


Biogenic amines are involved in different forms of learning 
and memory formation in Drosophila and honey bees. 
However, it has not been unequivocally proven that the same 
biogenic amines serve identical functions in both species. 
Research on the neuronal and molecular bases of learning and 
memory over the past two decades in insects has focused on 
the mushroom bodies and antennal lobes of the brain. These 
two structures are involved primarily in processing of 
olfactory stimuli. Experimental evidence suggests that DA 
signals the presence of reinforcers and modulates intrinsic 
mushroom body neurons during conditioning in Drosophila. 
Thus DA could trigger signaling cascades that affect the 
storage of information about the conditioned stimulus. 

In the honey bee, OA appears to be the modulatory trans- 
mitter which conveys information about rewarding sucrose 
stimuli and induces medium- to long-term modifications in 
interneurons during associative olfactory learning. Electrical 
stimulation of an identified octopaminergic cell, the ventral 
unpaired median VUM,,,,; neuron, can substitute for the 
sucrose reward during olfactory conditioning. This neuron 
has extensive arborizations in different brain regions, 
including the antennal lobes and the mushroom bodies. 
Microinjections of OA into these two neuropiles of the bee 
brain confirmed that OA in fact induces associative learning. 
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B iogeography, which deals with the description and 
interpretation of plant and animal distributions, is linked 
with other sciences, especially ecology and (paleo-) geography; 
zoogeography is the branch addressing animal distribution. 

Most animal species inhabit restricted ranges, and only 
relatively few are cosmopolitan. A comparison of the areas 
inhabited by different species reveals common distributional 
patterns that are complex reflections of the ecology and of 
active and passive animal dispersal, but also of the evolutionary 
history of both the species and the earth’s surface. Zoogeo- 
graphy was sometimes divided into different disciplines, 
descriptive as opposed to causal zoogeography; the latter was 
then subdivided into ecological and historical zoogeography. 
Although studies may differ in their emphasis, the inter- 
relations among these disciplines are too close for a formal 
division. This article describes the major zoogeographical 
patterns and uses selected examples from among the insects 
to highlight the significance of some of the factors just 
mentioned. 

Insects are of great geological age, and most orders existed 
and were diverse when familiar vertebrates were only begin- 


ning to appear. Therefore, the distribution of most insect 
orders dates back much further than the distributions of 
many birds and mammals. 

Insects are generally absent from some habitats. For 
example, with the exception of a few littoral specialists for 
unknown reasons, the only insects in the sea are some high 
ocean surface skaters among the bugs. Therefore, marine 
distribution patterns need not be considered here. The salt 
content of seawater is not the cause of this absence; insects 
are well represented in epicontinental waters of all kinds: 
fresh, brackish, and even hypersaline. Aquatic insects played 
an important role in the development of modern insect 
zoogeography. Because of their specific habitat ties, aquatic 
insects are easily collected, and the distributions of many are 
exceptionally well documented. Their distributions resemble 
those of terrestrial insects, in part because most aquatic 
insects have terrestrial adults that disperse over land. 

The early explorers were struck by overall differences 
between the faunas of the lands they visited. The recognition 
of distinct faunal regions on a global scale thus has a long 
tradition and is briefly presented as an introduction. In 
addition to landmass topography, ecological conditions 
provide the basic setting for animal distributions; a brief 
outline of the major bioregions with similar overall ecology is 
therefore also presented. 

Reproductively isolated species are the only naturally 
defined animal taxa; subspecific taxa can interbreed, whereas 
supraspecific taxa such as genera or families are human 
abstractions that change with conventions. It is convenient to 
use extant species to explain some concepts related to ranges 
and to discuss insect dispersal. Next, distribution patterns 
shaped by Pleistocene events are used to illustrate the impor- 
tance of ecological change. The final focus is on disjunct 
(discontinuous, divided) distributions of monophyletic taxa 
that can best be explained by much older events, particularly 
continental drift. 


ZOOGEOGRAPHICAL REGIONS 


The major faunal regions (or realms) of the world only partly 
coincide with major landmasses (Fig. 1). Each region has a 
characteristic fauna distinguished by the particular 
combination of endemic taxa that exist in only this one 
region and those occurring also elsewhere. This early 
descriptive approach has long dominated zoogeography. 
The Holarctic region is the largest region and is composed 
of the Palearctic and Nearctic regions, with many animals 
distributed over all the entire Holarctic region. Although a 
narrow land bridge (i.e., Central America) connects the 
Nearctic with the Neotropical region, the faunal change is 
pronounced. This land bridge is recent and was available only 
intermittently in the past. The Sahara Desert separates the 
Palearctic region from the Ethiopian (or Afrotropical) region, 
which includes the Arabian peninsula; Madagascar is now 
recognized as a distinct subregion. In Southeast Asia, climatic 
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FIGURE 1 Terrestrial zoogeographical regions. [Modified from DeLattin, 
G. (1967). “Grundriss der Zoogeographie.” Gustav Fischer Verlag © 
Spektrum Akademischer Verlag, Heidelberg. ] 


and other ecological differences cause a rather abrupt change 
of the biota south of the Himalayas, where the Palearctic and 
Oriental regions meet. In the southeast, the Oriental region 
is in contact with the Australian region, which includes New 
Guinea, New Zealand, New Caledonia, and the Oceanic 
subregion. The Australian region is most distinct, but the 
change toward the Oriental region is nevertheless not abrupt. 
Depending on the animal group studied, different variants of 
a border line (named Wallace’s line after Alfred Russel 
Wallace, the earliest observer) were proposed in the past. The 
Oriental—Australian transition zone is sometimes called 
Wallacea. 

There are puzzling resemblances among the faunas of 
different zoogeographical regions that are not in physical 
contact, and related animals may live on widely separate 
continents. Examples are provided by similarities between 
the faunas of eastern South America and West Central Africa, 
between Madagascar and India, or between Andean South 
America and the Australian region. Also, the fauna of eastern 
North America has resemblances to the European fauna, and 
the Far East Asian fauna to that of northern and western 
North America, despite the intervening oceans. On the other 
hand, insects in western North America are more distinct 
from those in the east, and those in Europe differ more from 
those in Asia, than one would expect in view of the 
continuous landmasses. These inconsistencies cannot be 
explained from present geography or ecology but reflect 
histories of ancient landmasses. 


BIOREGIONS OR BIOMES 


Seashores, glaciers, high mountains, and deserts pose obvious 
physical limits to animal distribution. Even in the absence of 
physical barriers, however, most species inhabit only part of 
a major landmass, because of ecological constraints. It is rare 
that a single ecological factor, or a precise combination of 
factors, limits an insect’s distribution. However, most ranges 
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can readily be assigned to a particular biome or bioregion, 
that is, a large landscape with characteristic overall ecological 
conditions. Biomes can conveniently be described by general 
landscape physiognomy, mainly by reference to plant cover, 
which, among other things, determines the microclimate the 
insects experience. Biomes do not coincide with zoogeographic 
regions and each biome comprises separate areas on different 
continents. A particular biome may harbor animals that look 
similar or behave similarly but are not necessarily closely 
related. Instead, they may be characteristic life-forms exhibit- 
ing certain traits evolved independently, in response to similar 
ecological conditions; desert beetles offer examples. Authors 
differentiate and subdivide biomes to different degrees; some 
clearly distinct and almost universally recognized biomes are 
briefly discussed here (Fig. 2). 


Arboreal Bioregions 


The arboreal biome includes the areas supporting forests, as 
opposed to only individual trees. Patches of meadows, rocky 
outcrops, or swamps may occur because of local ecological 
conditions, and although they are mostly treeless, they still 
form part of the arboreal biome. Temperature and humidity 
mainly determine the type of forest occuring in an area. Only 
the large zonal types are briefly characterized; most are more 
or less disjunct today. 


HYLAEA A name orginally proposed for the Amazonian 
rain forest, Hylaea is now widely used to designate all tropical 
evergreen rain forests—dense, multi-storied forests, with 
little light reaching the forest floor. Animals and plants are 
adapted to favorable conditions such as temperatures, 
precipitation, and air humidity that are continuously high. 
Biodiversity is very high, probably partly because of the 
presumedly continuous existence of tropical rain forests over 
exceptionally long periods of time. Processing of shed plant 
material is fast, and little detritus accumulates on the forest 
floor. Recent studies using fumigation techniques have 
shown that most insects inhabit the tree crowns. From an 
amazingly large number of undescribed species discovered by 
this method, the total number of existing insect species 
would be 35 million; more broadly based estimates range 
from 10 to 30 million species of insects. 

The climate supporting the Hylaea is basically 
nonseasonal. However, seasonal snowmelt in the Andean 
headwaters of the Amazon results in a seasonal discharge 
regime that leads to months-long seasonal flooding of vast 
rain forest areas and drastic seasonal changes of conditions 
for all life. Similar situations may occur elsewhere. Evergreen 
tropical rain forests exist in parts of South America, in 
Central America, in a discontinuous belt across equatorial 
Africa, and in parts of Southeast Asia, from whence they 
extend into tropical northeastern Australia, where only small 
remnants remain. 
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SILVAEA The term “Silvaea” refers to summer green 
deciduous broad-leafed forests, which, like the Hylaea, were 
much more widespread in the Tertiary than they are today. 
They occur in oceanic-to-suboceanic subtropical-to-temperate 
areas, mainly in eastern North America, in central Europe 
and the northern portion of southern Europe and Asia Minor, 
and in eastern China, Korea, and Japan. Adequate humidity 
is permanently available, and the species-rich vegetation 
offers protection against wind and radiation. During the 
vegetation period, the biota experiences favorable tempera- 
tures. In autumn, insects withdraw and most are inactive 
during winter, which may be frosty, although the soil does 
not freeze to a great depth. Strictly seasonal leaf shedding 
provides enormous amounts of dead plant material. Because 
low temperatures reduce production less than decomposi- 
tion, much detritus accumulates, which provides habitat and 
food for many specialists among the diverse arthropod and 
insect fauna. 

The evergreen temperate rain forests are located in 
restricted areas of the Southern Hemisphere, especially in 
Patagonia, southeastern Australia (including Tasmania), and 
New Zealand. They are in many ways similar to the two 
previously mentioned types but geographically disjunct, 
except along the Australian east coast where tropical and 
temperate rain forests meet and intergrade. Large tropical 
and subtropical areas with monsoon climate support forests 
that are only seasonally green (Fig. 2). 


SCLERAEA Hard-leafed trees and shrubs dominate in 
the Scleraea in subtropical areas with rainy, mild winters and 
hot, dry summers. This evergreen forest type occurs not only 
along the western borders of the large landmasses, mainly in 
California and the European Mediterranean region, but also 
in middle Chile, the southwestern Cape of Africa, and south- 
western Australia. Thick bark, as well as hard, reflectant, and 
often wax-covered leaf surfaces, or feltlike, often rolled-in leaf 
undersides and other modifications protect the deeply rooted 
plants against summer heat and dryness; winters tend to be 
wet and cool, but frost is rare. Life cycles are fitted to this 
pronouncedly seasonal regime, and some specialized insects 
also move to protected underground habitats where there are 
minute, blind, soil-inhabiting ground beetles and rove 
beetles (Carabidae and Staphylinidae). Plant cover is diverse 
and sufficiently dense to provide food and protection so that 
overall conditions for insect life are good; insect diversity is 
therefore very high. 


TAIGA A small number of conifer species form a belt of 
northern evergreen forests known as taiga. The taiga ranges 
from North America through northern Asia to Scandinavia. 
Summer temperatures during the short vegetation period 
may be high, but the duration and severity of winters, and 
also the relative monotony of vegetation, limit the number of 
insect taxa. During the Pleistocene, the taiga was displaced 
southward; the more southern montane conifer forests in the 


Northern Hemisphere date back to this period. Biodiversity 
in the taiga is generally low; a few species dominate and may 
inhabit vast areas. 


Eremial Bioregions 


The large generally treeless arid areas on earth, mainly 
steppes, semideserts, and deserts, are collectively called 
“eremial.” An almost continuous belt extends through North 
Africa and Asia, from Mauretania to eastern Mongolia. The 
western portion, including the Indian Thar Desert, is hot 
and dry; the more northeasterly areas experience extreme 
winter cold. The Ethiopian eremial center and the Kalahari 
were originally separate but became more or less connected 
to Arabia and the northern Palearctic eremial belt via dry 
savannas in central and East Africa, after the Pleistocene. 
This permitted some exchange of eremial fauna, but the 
eremial centers on other continents remain isolated from 
each other. Therefore, the faunas are phylogenetically 
different, but all must be tolerant of lack of cover, as well as 
dryness, strong solar irradiation, extreme diel temperature 
changes, and often strong winds. Compared with other 
biomes, insect biodiversity is low, but even the most extreme, 
vegetation-free types of desert are not totally void of insects; 
several darkling beetles (Tenebrionidae), for example, survive 
on wind-transported organic material. 


Oreal and Tundral Bioregions 


High mountains above the tree line constitute the oreal biome, 
and treeless areas close to the poles form the tundral biome. 
The oreal and the tundral biomes are ecologically similar and 
often are considered together as oreotundral. This 
classification is particularly justified in view of contacts 
between the two realms during the Pleistocene. Treelessness 
is caused by cold temperatures and the short vegetation 
period, and sometimes also by exposure to wind. The Arctic 
tundral is a large zonal biome, and large areas have 
permafrost soil. During the short summer, the deeper soil 
never thaws; thus meltwater remains on the surface, leading 
to the establishment of extensive swamps and bogs. Low 
temperatures impede the rotting of dead plants, which are 
largely mosses, and peat formation is therefore common. 
Tundral areas in the Southern Hemisphere have no permafrost 
soil; they are highly fragmented and essentially restricted to 
the subantarctic islands. Insect biodiversity is low, especially 
in the tundral, and less so in the oreal. 


Dinodal Bioregions 


The overall agreement of the distribution of freshwater 
insects with terrestrial fauna is in line with the universal 
experience that freshwater bodies in many ways mirror the 
conditions in their catchments. This applies particularly to 
running waters that are largely allotrophic (i.e., depend on 
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inputs of organic material from the environment), most 
obviously in that members of the shredder functional feeding 
group depend on dead. leaves and other coarse organic 
material that only terrestrial inputs make available in streams. 
However, not all trophic groups are equally dependent on the 
terrestrial environment. Based on the presence of several 
endemic stream caddisflies in formerly glaciated or severely 
impacted areas in central Europe, swiftly and vehemently 
flowing streams (usually assigned to the arboreal biome) are 
believed to constitute a separate new biome, the dinodal, 
which would be largely independent of the biome in the 
catchment. (See work by Malicky, 1983.) 


INSECT RANGES 


The geographical area in which a species regularly occurs and 
maintains itself through natural reproduction is called its 
distribution area or range. Species ranges differ in size from 
individual small islands (or some other island habitats, like 
an isolated mountaintop, a particular lake, or some indi- 
vidual cave) to entire continents to the entire Northern or 
Southern Hemisphere or even to almost global distributions. 
The term “range” is also used to describe the distribution of 
geographical races (subspecies) and supraspecific taxa, such as 
genera and families. 

Within their ranges, insects are not randomly or evenly 
distributed. Specimens are usually clumped and restricted to 
habitats fulfilling the species’ particular ecological require- 
ments. Abiotic factors, or the presence of particular food or 
host plants, but also the absence of predators, parasites, 
competitors, and others, may be important in determining 
their occurrence. Where suitable habitats are at some distance, 
more or less isolated subpopulations, which only occasionally 
interbreed, result. However, as long as gene flow is not com- 
pletely disrupted there is a single, continuous range. Within- 
range aspects, such as fine-scale patterns of distribution and 
clinal or discrete variation in morphology, physiology, or 
other characters across ranges, occur but are not considered 
here. Similarly, seasonal or diurnal differences of specimen 
distribution, habitat changes between different life stages, 
and other intrinsic details occur but are not dealt with here. 

Species that occur in several spatially separate, 
reproductively isolated populations are called disjunct. 
Disjunctions arise because ranges experience extensions and 
restrictions that are often induced by a combination of 
factors. Active and passive animal dispersal, changing 
ecological conditions, and changes of the earth’s surface—for 
example, by sea transgressions (e.g., level changes), 
orogenesis (e.g., mountain building), or continental drift— 
may be involved. Because of this complexity, size and shape 
of ranges are not generally related to insect size and mobility. 
To provide some examples from butterflies that are strong 
flyers, the birdwing, Ornithoptera aesacus, is endemic to small 
Obi Island in the Maluku Islands, whereas the peacock, 
Inachis io, is endemic to Eurasia. 
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Dispersal 


ACTIVE DISPERSAL Random movement of individuals 
in a growing population leads by itself to some peripheral 
range extension until eventually the entire inhabitable space 
is occupied. Small-scale ecological change and normal insect 
activity lead to range extensions, or to restrictions, if condi- 
tions deteriorate. Although some active dispersal is involved in 
all range extensions, the term is most often applied to long- 
distance movements. These are often observed in migratory 
species, but only the area in which a species regularly repro- 
duces is called its range. The area in which it appears only 
during migration is separately recorded. Long-distance migra- 
tions may be by single specimens or by large numbers and 
may or may not lead to temporary or lasting range extensions. 

Under favorable conditions, the population density of 
some insects such as in the notorious migratory locusts, can 
become high enough to induce emigration of large numbers. 
Similar situations occur in dragonflies, for example, the 
European fourspotted chaser (Libellula quadrimaculata), and 
in other species. However, migrants usually move within the 
general range of the species, attaining only temporary and 
marginal range extensions. In Europe, some butterflies—for 
example, the painted lady and the red admiral (Vanessa 
cardui and V. atalanta)—regularly migrate to north of the 
Alps, and some Mediterranean moths (e.g., the death’s head 
hawk moth, Acherontia atropos, the convolvulus hawk moth, 
Agrius convolvuli, and Daphnis nerit) do the same in warm 
summers. However, photoperiodic cues or winter tempera- 
tures do not permit lasting establishment in central Europe. 
Seasonal mass migrations are performed by the monarch 
butterfly, Danaus plexippus, and long-distance dispersal of 
individual butterflies is often observed. Danaus established 
itself in New Zealand, Australia, and elsewhere but only after 
humans introduced milkweeds, the food plants that had 
originally been absent from these areas. 

Active dispersal is most easily noticed in spectacular forms 
such as those mentioned earlier. In most insects, the numbers 
moving and the distances traveled remain unknown but may 
be important. For example, many insects, such as hoverflies 
(Diptera: Syrphidae) and moths (Noctuidae) but also large 
numbers of dragonflies, were observed migrating across some 
high alpine passes in Switzerland. On most days, thousands 
were trapped in malaise traps or light traps. 


PASSIVE DISPERSAL Passive dispersal or transport of 
insects occurred naturally long before the involvement of 
human traffic. For range extensions, passive dispersal may be 
equally or more important than active movements. Transport 
in the pelt or plumage of larger animals occasionally occurs 
and may be important for the colonization of, for example, 
isolated ponds. Flooding streams and rivers move huge 
amounts of riparian organic debris plus the associated fauna 
downstream, sometimes over large distances. In large, 
tropical rivers, floating trees with a diverse fauna or entire 


vegetation islands have been observed traveling substantial 
distances, eventually also over sea. There is now also wide- 
spread agreement that the post-Pleistocene (re)colonization 
of parts of Scandinavia, Iceland, and Greenland was through 
drifting ice carrying soil and associated biota from refugial 
areas in western Europe. 

Species with limited flight capacity and strong flyers alike 
are exposed to air transport. Collections made on ships 
stationed on the open sea or from airplanes or the outfall on 
high mountains show that amazingly large numbers of insects 
and spiders travel as aerial plankton. These air-transported 
species are mainly small organisms and not only those 
spending part of their life in some resistant inactive state, 
such as rotifers and tardigrades. Apparently through passive 
aerial dispersal, some of the smallest animals have some of 
the largest ranges, and some very small species are even of 
global distribution. Air transport (“ballooning”) may form 
part of distributional strategies, for example, in spiders and 
also some first-instar Lepidoptera that produce silk strands, 
facilitating being caught and carried by moving air. Examples 
can be found in the arrival and partly the subsequent 
establishment of a number of butterflies and probably also 
other insects in New Zealand during the last 150 years. 

However, the importance of passive transport has 
sometimes been overestimated. For example, at a time when 
no other explanations seemed to exist, transport by westerly 
storms encircling the southern end of the world in the 
“Roaring Forties” latitudes was thought to have caused 
continental disjunctions that can today more convincingly be 
explained by continental drift. 

Various quarantine measures are presently taken against 
unintended human transport of insects, but the problem is 
an old one. For example, when the Vikings came to North 
America, they contracted human fleas. Preserved fleas were 
found in Viking settlements on Greenland whence they were 
apparently carried to Europe, where human fleas first appeared 
around the year 1000. Several soil-dwelling beetles were 
introduced to North America with ship ballast collected in 
Europe at sites where the particular beetles abound. Their 
survival today indicates suitable ecological conditions in 
America, but only some of the beetles dispersed widely. Others 
spread easily, such as the Colorado potato beetle (Leptinotarsa 
decemlineata), which expanded its restricted natural range 
over much of North America and over Europe, where it was 
also introduced. As with the monarch butterfly, the intentional 
introduction of the food plant had prepared its way. 


LARGE-SCALE ECOLOGICAL CHANGE: EFFECTS 
OF THE PLEISTOCENE 


The ecological relations of extant (i.e., existing) insects are 
assumed to have been the same in the past as they are now; if 
different assumptions are made, they must be explained. The 
drastic climatic changes since the end of the Tertiary and 
especially during Pleistocene glaciations profoundly 
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Figure ll: Smartphone VO used in the ontology. 


based on the composition of numerous VOs. This develop- 
ment has been supported by OMS and semantic web tools 
such as Jena. Using OMS, CRUD operations are performed 
like create, update, and delete on CVOs and VOs using 
SPARQL. In the developed semantic relationships, two CVO 
instances, namely, “FireSitMon0001” and “PathFinder0001,” 
have been used in the code snippet provided in Figure 10, 
for fire situation monitoring and location navigation, respec- 
tively. We can see the data properties and object properties 
associated with each object to maintain the relationship 
with other objects in the system. Further, to understand the 
VO representation, a smartphone VO “SmartPhone0001” is 
shown in Figure 11 with the defined properties. A list of VOs 
used in our prototype has been given in OWL description as 
shown in Figure 12. 

In the test bed environment, the sensor to the gateway 
connectivity is enabled using ZigBee and BLE. Another 
source of information that has been incorporated to provide 
user-centric service capability is SNS feed, which consists of 
Twitter and Facebook data collected using social media APIs. 
On the other hand, user profile and preferences are updated 
using data management service, and this information is used 
to grow RWK base. 

To test the prototype, an android application has been 
developed. After the user logs in to the app for WoO based 


assisted services, the app starts the configuration of services 
according to the user profile. A list of services is presented 
on the user’s screen from which the user can select any 
service. These services include museum visit service, location 
navigator service, recommendation service, and emergency 
notification. The selected service starts collecting information 
with the interaction of the user or when the devices start 
pushing values about any change in the observed envi- 
ronment. Based on these observed parameters, alerts are 
generated by the app; for example, the museum visit service 
generates alerts about the available facilities in the museum 
and the environmental conditions including the indoor and 
outdoor temperatures. On the other hand, the location nav- 
igator service helps the user to navigate around the museum 
by showing directions to several visitor attractions. Moreover, 
the emergency notification service triggers alerts when a 
temporary fire is created to mimic an unusual situation such 
as fire breakout. The resulting fire increases the temperature 
reading which is detected by the temperature sensor. This 
change in reading is forwarded through the gateway and 
analyzed by the fire situation monitor CVO which checks its 
threshold value and generates an emergency notification on 
the user’s app screen. Also, the recommendation service is 
used to generate suggestions about the museum events and 
the places to visit. 
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FIGURE 3 Transberingian and arctoalpine disjunctions in circumpolar Noctuidae of the genus Xestia; the Old World X. speciosa is represented in western 


North America by the subspecies ak/avicensis; the origin of the eastern North American X. mixta is thought to predate the Wisconsin glaciation. [From Mikkola, 


K., Lafontaine, J. D., and Kononenko, V. S. (1991). Zoogeography of the Holarctic species of the Noctuidae (Lepidoptera): Importance of the Beringian 


refuge. Entomol. Fenn. 2, 157-173.] 


impacted insect distributions. The north polar ice expanded 
south, leading to a southward displacement of zonal biomes 
in the Holarctic. The tops of major mountains further south 
also acquired ice caps. The Silvaea and its fauna were driven 
into southern refugia, whereas cold-adapted oreotundral 
insects became established in their former place. The process 
was reversed when the ice began to retreat. The zonal biomes 
and their associated biota then shifted again northward; they 
probably continue to do so today. 

The essentially north-south orientation of major mountain 
ranges in North America facilitated the displacements. In 
Europe, where major mountains run mainly from east to west, 
there remained an ice-free corridor between the polar ice front 
and the glaciated Alps, inhabited by a mixed fauna of north- 
ern and alpine origin, respectively. Many animals were driven 
further southwest, toward the Pyrenees, or southeast into the 
mountains of the Balkan peninsula. About 18,000 years ago, 
the ice began to retreat and cold-adapted insects followed it. 
There was a partial faunal exchange, and a number of fractur- 
ing of ranges, or disjunctions, resulted. Today, representatives 
of several insect orders exhibit boreoalpine or boreomontane 
(or arctoalpine and arctomontane, respectively) disjunctions 
(Fig. 3), but only rarely has this led to perceptibly divergent 


evolution, or even speciation. 


Because of European topography, Pleistocene refugia of the 
south-retreating Silvaea and its fauna were mainly on the three 
large Mediterranean peninsulas. Many of the present central 
European species can clearly be assigned to one particular 
refugium because their ranges tend to coincide and occupy all 
of the former refugium, even though postglacial climate change 
and human impact strongly fragmented the Mediterranean 
deciduous forests. In contrast, at the northern range limits 
the individual species returned, variably far into once devas- 
tated areas. Postglacial recolonization by European insects was 
apparently fast because not all insects were affected by barriers 
like the English Channel, which formed about 8000 years ago, 
or the Baltic Sea straits separating Jutland from Scandinavia, 
which definitely formed some 6400 years before the present. 
The foregoing scenarios, initially inferred from distribution 
patterns, were later backed up by fossils, especially well- 
sclerotized and easily preserved beetles. Today, molecular 
genetic studies in a new line of research, phylogeography, 
provide support to these historical reconstructions. 

The binding of much water as ice during the glacial 
periods lowered the sea level by about 100 meters during the 
last glacial period, which made important land bridges 
available. Tasmania was connected to Australia, which in 
turn established contact with New Guinea, which itself had 
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ties with the Oriental region. The latter included a large 
continuous landmass, the Sunda plate, where numerous 
separate islands remain today. Japan was connected to the 
Asian, and England to the European mainland. 

The Bering bridge connected East Asia and western Alaska, 
which were covered by tundra. Thus, there is a fair number 
of shared species or pairs of sibling species in East Asia and 
northern North America, mainly among tundral insects. 
Numbers of terrestrial as well as aquatic insect species are of 
circumpolar distribution (Fig. 3). Ecological demands seem to 
mostly prevent a southward spread of these northern species. 


ANCIENT DISTRIBUTION PATTERNS AND 
CHANGING EARTH SURFACE 


Changing Concepts 


Widely disjunct distributions of older origin than discussed 
so far are revealed when taxa of higher rank, for example, 
families, are considered. Mainly in the Southern Hemisphere, 
ranges of close relatives may be separated by wide oceans. 
Explanations proposed for these patterns changed in accor- 
dance with the developing understanding of animal evolution 
and of changes occurring on the surface of the earth. 

First, scientists proposed the former existence of numerous 
land bridges in early times to explain disjunctions. Most of 
the proposed land bridges never existed, but a few indeed did 
occur beyond those entirely caused by Pleistocene sea level 
fluctuations. Greenland, for example, was long connected 
with North America; the so-called DeGeer route connected 
northern Greenland with the extreme northwest of the then 
larger European continent. To the south, the Thule bridge 
connected Iceland, the British Isles, and the rest of Europe. 

Later, and for as long as continents were believed to have 
been stable, insect dispersal was the favorite explanation for 
disjunctions. Routes and corridors along which animals might 
have moved, and bottlenecks or filters allowing only the 
passage of selected taxa, were discussed. Dispersal over long 
distances and across major hazardous obstacles along so-called 
sweepstake routes, where only few taxa would succeed, and 
largely by chance, also was considered. Actually, some 
dispersal can never be excluded, but the phenomenon is by 
itself insufficient to explain many insect distributions. This is 
also obvious from the studies of L. Croizat in 1958, who 
developed a method that he called pan-biogeography. Croizat 
connected ranges of related animals by lines (or tracks) and 
observed similar patterns in quite different groups of 
animals, suggesting the existence of “generalized tracks.” 
Some of these tracks connected landmasses across oceans that 
all the many taxa with different dispersal capacities could not 
possibly have crossed; however, no general explanation of 
wide transoceanic disjunctions was offered. 

Major advances in both animal systematics and in the earth 
sciences profoundly changed the situation, and this occurred 
only a few decades ago. On the zoological side, the work of 
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FIGURE 4 Midoceanic ridges and continental plates: A, Arabic plate; Ca, 
Caribic plate; Co, Cocos plate; $, Somalian plate. Arrows indicate directions 
of plate movements. Double lines represent midoceanic ridges; transverse 
lines across them are faults. Subduction and compression zones are mainly 
along deep-sea rift valleys (dotted lines) or mountain chains (crosses). 
Figures and stippling identify million years of seafloor spreading. [Modified 
after Thenius, E. (1979). “Die Evolution der Saugetiere.” UTB 865. Gustav 
Fischer Verlag © Spektrum Akademischer Verlag, Heidelberg.] 


Willi Hennig was instrumental in the development of modern 
zoogeography. Henning showed how the degree of phyloge- 
netic relationship, or closeness of common ancestry (as 
opposed to some vague relatedness) between taxa can be rec- 
ognized and reflected in the animal system. He also explained 
that postulating former land connections is logically justified 
only if sets of phylogenetically related taxa (i.e., branched 
sections from the hierarchical animal cladogram) exhibit 
similar disjunctions. Otherwise, relic distribution from once 
wider ranges or, alternatively, chance dispersals, are no less 
probable, even among widely disjunct individual sister taxa. 

In the earth sciences, Alfred Wegener in 1912 suggested 
that continent positions are not stable but change over time. 
Evidence presented in support of continental displacements 
included the good fit of continental shelf lines, as well as 
observations of areas with particular deposits or minerals, 
traces of paleozoic glaciations, and particular mountain chains 
on separate continents. However, as long as no mechanism 
providing the power for movements of continents could be 
identified, this evidence remained unconvincing. 

The situation changed a few decades ago when midoceanic 
ridges on the seafloors (Fig. 4) were recognized as sources of 
magma from the fluid interior of the earth; ridges form a 
network delimiting the continental plates. As magma appears 
at the surface, it pushes sideward, and the seafloor is spreading. 
Magnetic particles in the magma become uniformly oriented 
in the global magnetic field. This orientation is preserved 
when the magma cools and hardens. Bands of seafloor 
differing in magnetic orientation (or in paleomagnetism) 
extend parallel to the midoceanic ridges; evidently, the global 
magnetic pattern is at times reversed. Several centimeters of 
new seafloor is produced per year. In combination with 
measurements of paleomagnetism, the age of seafloors was 
estimated and found to increase with distance from 
midoceanic ridges, from contemporary at the ridge to only 


about 65 mya at the distant sites. Seafloors are generally 
young, the most ancient ones are only about 200 mya old. 
Seafloor spreading provides the power that shifts the 
continental plates, which because of overall differences in 
elemental composition, are of lower specific weight than 
seafloor. Therefore, most of the continental material remains 
afloat while essentially excess seafloor is subducted back into 
the fluid center of the earth. Such subduction zones occur in 
deep-sea valleys, mostly along continental edges. Subduction 
zones coincide with arcs of major vulcanism and earthquake 
activities. Floating continents may slide past each other along 
friction zones, continents may collide and cause upfolding of 
mountains, or they may merge or break up. 


Overview of Continental Drift Pattern 


Once the mechanism driving continental movements had 
been recognized, continental drift was widely accepted. 
Continental plates are moving, merging, and breaking up 
since their formation. Using all available evidence, 
paleogeography can describe past changes of the earth's 
surface in fair detail (Fig. 5). The origin of life in general and 





FIGURE 5 Pictorial summary of continental drift, from approximately 330 
mya to present times: (A) 330 mya, (B) 300 mya, (C) a single landmass, 
Pangaea, 280-200 mya, (D) separation of Gondwanaland and Laurasia (180 
mya), (E) 40 mya, (F) the Americas reunited, 25 mya. [From Vickery, V. R. 
(1989). The biogeography of Canadian Grylloptera and Orthoptera. Can. 
Entomol. 121, 389-424.] 
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also of several insect orders dates back farther than the 
formation of a single supercontinent, Pangaea, but the 
methods of zoogeography cannot provide insight into earlier 
events. Zoogeography deals mainly with subsequent changes, 
in particular, the breakup of Pangaea into the northern and 
southern continents, Laurasia and Gondwanaland, respec- 
tively, and their further fates. 


Consequences for Biogeography 


Knowledge of seafloor spreading, plate tectonics, and conti- 
nental drift has profoundly affected zoogeography and 
increased the relative importance of its alternative approaches. 
The so-called vicariance approach, based on evolutionary 
theory and on phylogenetic systematics in combination with 
information on continental drift, gained great explanatory 
power. Closely related taxa inhabiting separate ranges are 
called vicariant. Splitting up of populations with disruption 
of gene flow, which are called vicariance events, becomes the 
starting point of divergent evolution, eventually leading to 
differences in species. Over geological time, different 
vicariant sister clades may evolve from the ancestral species. 
Today, one can understand how the breakup of super- 
continents led to wide disjunctions and induced separate 
evolution of related taxa, on separate continents. Continental 
drift actually provided for means of transport, and insects can 
now be seen rafting on drifting continents instead of 
dispersing between them, across wide oceans. Vicariance 
biogeography seeks for congruences between the evolution of 
landmasses and the evolution of animals living on them and 
envisions the first process driving the second. There are now 
elaborate methodological considerations as well and they are 
described in works by Humphries and Parenti, and Wiley. 


Ancient Disjunctions in Northern Hemisphere 


Intra-American faunal differences provide evidence that 
contemporary insect distributions are almost always the 
result of a variety of causes that were effective at different 
times. Most disjunctions between related groups inside 
North America occur along a line that runs through the 
central plains, from northwest to southeast. This separation 
line results from present ecological differences between the 
mountains that support mainly the arboreal biome and the 
essentially eremial plains, from the past existence of a 
midcontinental seaway in the area of the present plains, and 
from past affiliations of the mountainous eastern and western 
halves of North America with other continents. 

The areas adjacent to the present Bering Strait support 
tundras, and so did the ice-free areas on and around the former 
Bering bridge, but forest-dwelling insects had no access to this 
land bridge. Nevertheless, among the more southern arboreal 
insects, genera are often shared between eastern Asia and 
North America; species tend to differ between continents 
(Fig. 6). These disjunctions date back much further than the 
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Pleistocene. Because the Angara shield was separated from 
the Canadian shield only about 2 mya, by the opening of the 
northern Pacific Ocean, range disjunctions at the specific or 
generic levels between the Asian Far East and western North 
America are observed in many orders. 

The northern continents formed through fusion of the 
ancient Canadian (or Laurentian), Fennoscandian (or Baltic), 
and Angara continental shields that were subsequently again 
divided and reunited, until the present pattern appeared. 
North America and Europe were connected until the open- 
ing of the Atlantic Ocean, through seafloor spreading, about 
70 mya ago. Close phylogenetic relations between various 
insect groups in eastern North America and Europe are 
evidence of the past unity (Fig. 7). Europe was to the east 
long separated from Siberia by the Turgai Strait east of the 
Ural Mountains, which explains differences in the European 
and Asian faunas, despite the present continuity of land 


(Fig. 6). 


Southern Hemisphere Case Study 


The stepwise disintegration of Gondwanaland caused 
some of the most striking disjunctions and long unexplained 
“transantarctic” or “amphinotic” relations between animals 
living in Andean South America, Australia, and New 
Zealand. These landmasses are now known to have long 
remained connected with, or closely adjacent to, the then 
forested and inhabitable Antarctic continent. 

The fundamental change in views, from dispersalism to 
continental drift, is recent; the Plecoptera (or stoneflies) 
provide an example. In 1961 stonefly evolution was still 
explained entirely by long-distance dispersal involving trans- 
gressions of the equator, two in each of the two then recog- 
nized suborders. An initial movement of primitive taxa from 
south to north was assumed, followed by the return of evolu- 
tionarily advanced forms to the Southern Hemisphere. In 
1965 elements of cladistics and continental drift were added 
to this scenario. A few years later, a cladistic approach to 








FIGURE 6 America—Asian relations, and the distinctness of the European 
fauna: distribution of the genera of Chloroperlinae (Plecoptera: 
Chloroperlidae). The ranges of five genera (Alloperla, Haploperla, Plumiperla, 
Suwallia, and Sweltsa) indicated by 5 in northeastern Asia and northwestern 
America, largely overlap. Numbers of genera of this group decline east- and 
westward; figures in italics are numbers present in the respective areas. The 
other genera are A, Alaskaperla; B, Bisancora; C, Chloroperla; I, Isoptena; PR 
Pontoperla; R, Rasvena; S, Siphonoperla; T, Triznaka; X, Xanthoperla. 





Plecoptera systematics led to a widely accepted revised system, 
suggesting that continental drift steered stonefly evolution. 
The breakup of Pangaea into Laurasia and Gondwanaland 
seems to have caused the separation into distinct Southern 
and Northern Hemisphere suborders, the Antarctoperlaria 
and Arctoperlaria, respectively. When Gondwanaland fell 
apart, the ranges of the suborder Antarctoperlaria and its 
families became disjunct, distinct representatives that evolved 
on each of the distant landmasses (Fig. 8). 

However, continental drift alone can probably not explain 
all of the present Plecoptera distribution. Ecology and also 
dispersal remain important. Antarctoperlaria must have been 
present on Gondwanaland before Africa and India broke away 
from it. Ecological change, perhaps past dryness, is thought 
to have caused their disappearance from these lands. More 
difficult are two arctoperlarian families of which subordinate 
endemic groups are present also in the Southern Hemisphere. 
Contrary to widespread belief, not all Plecoptera are cool 
adapted. The Australian Gripopterygidae, Eustheniidae, the 
arctoperlarian Leuctridae, and the Nemouridae include 
many tropical species; they are most numerous in the large 
family Perlidae. The many Neoperla in the Ethiopian region 
are clearly of northern origin, but the origin of the diverse 
South American Perlidae is uncertain. Most problematic, 
however, is the so-called family Notonemouridae. Its mono- 
phyly is doubtful; it may represent independent early 
branches of the Nemouridae. Nevertheless, all notonemourids 
live in temperate parts of South America, Australia, New 
Zealand, South Africa, and Madagascar, but not in India. 
Dispersal seems to have contributed to these distributions 
that, admittedly, remain essentially unexplained. A practical 
test using the methodological refinements of vicariance 
biogeography proposed by Humphries and Parenti would 
require a better understanding of phylogenetic relationships 
among Plecoptera than is presently available. 





FIGURE 7 American—European disjunctions. Solid lines: range of the 
stonefly genus Leuctra (Plecoptera: Leuctridae); bold figures are total 


numbers of species per continent, figures in italics are regional numbers of 
species. A single species, L. fusca, occurs all over Europe and extends through 
Siberia to the southern portion of the Russian Far East. Broken lines: ranges 
of the extant ants Ponera pennsylvanica (America) and P coarctata (Europe); 
P. atavia (black square) is an amber fossil (Hymenoptera: Formicidae). 
[Range information after Noonan, G. R. (1988). Faunal relationships 
between Eastern North America and Europe as shown by insects. Mem. 
Entomol. Soc. Can. 144, 39-53.] 
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FIGURE 8 Phylogenetic system and distribution of the Plecoptera. The 
range of the family Gripopterygidae is shown on a map of Gondwanaland at 
the end of the Cretaceous, with dates of last possible faunal exchange (mya). 
Different shading indicates that each of the disjunct areas has an endemic 
fauna; no genus is shared. The Eustheniidae and Austroperlidae are 
distributed in the same way but have narrower ranges, the five species of the 
Diamphipnoidae are all South American. [Map based on Crosskey, R.W. 
(1990). “The Natural History of Blackflies,” copyright The Natural History 
Museum, London.] 


It is not common for the first step in the breakup of 
Pangaea to be clearly reflected in the phylogenetic system; 
otherwise, however, the Plecoptera have many parallels among 
other insects. Southern Hemisphere disjunctions suggesting 
a Gondwanian origin are widespread among aquatic (e.g., 
Ephemeroptera, Odonata, various dipteran midges) and 
terrestrial insects, for example, in the Hemiptera, Neuroptera, 
Mecoptera, and Coleoptera, to name a few. Some of these 
disjunct groups also comprise African representatives. The 
phylogenetic relationships within several of these groups of 
insects appear to reflect the proposed sequence of the dis- 
integration of Gondwanaland. The breakup provided series 
of vicariance events enabling phylogenetic divergence. 
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B iological control is a form of pest control that uses living 
organisms to suppress pest densities to lower levels. It is a 
form of ecologically based pest management that uses one 
kind of organism (the “natural enemies”) to control another 
(the pest species). Types of natural enemies vary with the type 
of pest. For example, populations of pest insects such as scales 
are often suppressed by manipulating populations of 
parasitoids, which are insects that develop in or on the pest 
insects they attack and kill. Populations of plant-feeding 
mites, such as the common twospotted spider mite 
(Tetranychus urticae) are often limited by predators, especially 
mites in the family Phytoseiidae. Populations of weeds can be 
suppressed by specialized herbivorous insects that feed on 
them. Finally, many insect populations have pathogens (e.g., 
bacteria, viruses, or fungi) that infect them. Such pathogens, 
whether they occur naturally or are applied artificially as 
microbial pesticides, can locally and temporarily suppress a 
pest’s numbers. 
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Biological control is thus about the relative numbers of 
pests and their natural enemies. Predators (or pathogens, 
parasitoids, herbivorous insects) increase in number over time 
and feed on the pest, whose population then declines, because 
of higher mortality or lower birthrates caused by predation by 
natural enemies. Biological control agents are living organ- 
isms that increase in number through reproduction in response 
to pests that are used for nutrition. Biological control, at least 
in some of its forms, has the potential to be permanent in its 
action, through the reproduction and spread of the natural 
enemies as they track target pest populations. 

There are four broad ways in which people have 
manipulated natural enemies to enhance their action: natural 
enemy importation, augmentation, conservation, and 
application of microbial pesticides. Each of these approaches 
has its own rationale, history, and level of past successful use. 
Biological control has important advantages compared. with 
other methods of pest control. Moreover, because pest 
control is relatively permanent and requires no further capital 
input, biological control through self-sustaining forms 
(natural enemy importation and conservation) is often 
cheaper than use of pesticides. Although there may be 
significant initial costs (especially for projects that import 
new species of natural enemies from the pest’s country of 
origin), costs drop to low or even zero levels in later years, 
whereas the benefits of the pest control achieved continue to 
accrue for years. For other forms of biological control 
(natural enemy augmentation and use of microbial 
pesticides), control is not permanent and costs recur 
annually, as with pesticides. For the latter two approaches, 
biological control may be either more or less expensive than 
other approaches depending on details such as the cost of 
natural enemy production by commercial insectaries that sell 
beneficial organisms, and the efficacy of other control tactics. 
In all four forms, biological control has the advantage of 
being virtually harmless to people and vertebrates, whereas 
pesticides must be actively managed for safe use to mitigate 
harm to humans and other nontarget organisms. 

Biological control as a scientific endeavor has a history of 
about 125 years of effective use (beginning in the 1880s), 
over which time new information, techniques, and tech- 
nologies have increased humankind’s ability to use biological 
control agents with increasingly greater understanding and 
effectiveness. Before this period of active use, there were 
several centuries during which ideas about predators, 
parasitoids, pathogens, and their links to pest populations 
evolved. These ideas had to be developed before biological 
control as an applied pest management activity could be 
conceptualized. 


HISTORICAL DEVELOPMENT 


Biological control is the deliberate attempt by people to make 
practical use of the capacity of predation, parasitism, 
herbivory, and disease to restrain the growth of plant and 


animal populations. The ability to make practical use of these 
processes depends on an understanding of how pest pop- 
ulation densities are controlled by natural enemies. Biological 
control also requires detailed knowledge of the biology of 
pests and their key natural enemies, because such knowledge 
often provides the means for their practical manipulation. 


Predation 


Predation by vertebrates on other vertebrates has long been 
part of human knowledge. Predation as a force affecting pest 
insects was recognized when people first saw individual acts 
of predation taking place on their crops. A close observer of 
an aphid colony, for example, cannot help but see the 
predatory action of ladybird beetles and cecidomyiid midge 
larvae as they devour their aphid prey. The predaceous effect 
of some species of ants on pest insects associated with citrus 
was recognized thousands of years ago by farmers in Yemen 
and China, who used the knowledge to suppress these pests 
by moving ant colonies into new orchards. In Europe during 
the Renaissance, the emergence of natural history as a subject 
worthy of observation and thought led keen-eyed naturalists 
to arrive at similar findings. The father of the classification of 
plants and animals, Caralus Linnaeus, observed in 1752 that 
“Every insect has its predator which follows and destroys it. 
Such predatory insects should be caught and used for 
disinfesting crop-plants.” By the early 1800s, such observa- 
tions led naturalists such as Erasmus Darwin and American 
entomologists such as Asa Fitch to suggest that predaceous 
insects should be used to suppress pest insects by making 
releases of the predators in places where they were lacking. 
These suggestions formed the fundamental basis for the 
modern use of augmentative biological control in green- 
houses, vegetable production, and various outdoor crops. 


Parasitism 


The action of insect parasitoids on their hosts has no direct 
analogue among animals that people could easily observe 
before the invention of magnifying lenses. Consequently, the 
concept of parasitism took longer to become recognized. 
Because many parasitoids feed inside their hosts, their 
presence was not easily recognized, and the detection of 
parasitoids required that insects be either reared or dissected. 
By the 1600s, European naturalists were noticing the 
occurrence of parasitoids. Aldrovandi, for example, in 1602, 
reared tiny parasitoid wasps from the pupae of a nymphalid 
butterfly and recorded what he saw in woodcut print. 
Because he misunderstood the process, however, he wrongly 
concluded that the tiny wasps were an alternate adult form to 
the usual butterfly. The first person to publish a correct 
interpretation of insect parasitism was the English physician 
Martin Lister, who in 1685 noted that the ichneumon wasps 
seen emerging from a caterpillar were a distinct kind of insect 
that originated from eggs inserted into the caterpillars. No 


one thought of any way to make practical use of such 
parasitoids, however, until 1855 when Asa Fitch proposed 
the importation of parasitoids from Europe to America to 
help suppress a nonnative invasive pest of wheat, the wheat 
midge Sitodiplosis mosellana. Fitch’s ideas provided a clear 
plan for the modern practice of biological control through 
natural enemy importation, but they were not acted on for 
nearly 30 years. The first importations of exotic species of 
parasitoids between continents occurred in the 1880s, when 
Cotesia glomerata was brought to the United States from 
Europe to suppress Pieris rapae, a European pest of cabbage 
that had invaded North America in 1860. 


Insect Diseases 


The study of the diseases of insects started not for purposes 
of killing pest insects, but rather for protecting economically 
important species such as silkworms and honey bees. In the 
mid- to late nineteenth century, microscopes made it possible 
to observe bacteria and microscopic fungi, and the study of 
these organisms as pathogens of domesticated insects 
initiated insect pathology. The infectious nature of insect 
diseases was first demonstrated by Agostino Bassi of Italy, 
who in 1835 studied a fungal disease of silkworm larvae 
caused by the fungus Beauveria bassiana. Louis Pasteur 
continued work on silkworm diseases in France in the 1860s. 
The first attempt to use pathogens to destroy pest insects was 
made in 1884 by the Russian entomologist Elie Metchnikoff, 
who reared Metarhizium anisopliae, a fungal pathogen, and 
attempted to suppress the sugar beet curculio, Cleonus 
punctiventris, with application of the fungal spores. In 1911 
the German scientist Berliner observed a bacterial disease of 
larvae of the flour moth, Anagasta kuehniella, and by 1938 
this bacterium, Bacillus thuringiensis, was being marketed as 
a microbial pesticide for control of some species of cater- 
pillars. These early efforts established the concepts that insects 
were subject to infectious diseases and that the causative 
agents could be reared in quantity artificially. Technical 
methods to use reared pathogens to reliably infect insects in 
crops, hence to achieve biological control, came later. 


Use of Insects to Suppress Weedy Plants 


Although humans have known for millennia that insects 
damage and even kill plants, the idea that specialized herbiv- 
orous insects could be manipulated to suppress plants con- 
sidered to be weeds is a relatively new concept. The first 
person to suggest such use was Asa Fitch. In 1855, Fitch 
noted that some European plants that had invaded North 
America, such as toadflax (Linaria vulgaris), had no American 
insects that fed on them. He suggested that importation of 
insects from Europe might help suppress these invasive 
plants. In 1863 this concept was implemented when a scale 
insect was moved from northern to southern India for the 
purpose of damaging an invasive nonnative species of cactus 
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(Opuntia vulgaris). Two related cacti, O. stricta and O. inermis, 
were introduced as ornamentals to Australia and became 
highly invasive and damaging. By 1925, these plants occurred 
in dense stands over approximately 20 million hectares of 
land. The Australian government began a survey of South 
America (the home of these cacti) looking for specialized 
insects attacking the ornamentals and a moth, Cactoblastis 
cactorum, was released into Australia in 1926. By 1932, the 
cacti were killed over most of the infested area and native 
vegetation and crops were able to reclaim the cleared ground. 

These early suggestions and projects laid out the concepts 
that many plants are limited in number by specialized insects 
and that plants moved to new regions often become separated 
from these specialized insects because they are not moved 
along with the seed or nursery stock used to import the plant. 


IMPLEMENTATION METHODS 


The observation that nonnative insects and plants could be 
suppressed by importing missing specialized natural enemies 
from their homelands led to the first successful method for 
practical use of biological control. This approach is called 
classical biological control (because it was the first deliberate, 
successful application of biological control as a technology), 
or importation biological control, or simply natural enemy 
introduction. 

After World War II, the chemical industry began the rapid 
development and marketing of chemicals to control pest 
insects by poisoning them. Pesticides became very popular and 
were used on a large scale in the second half of the twentieth 
century, such that the frequent application of insect-killing 
poisons to crops became routine. Widespread pesticide use 
led to a substantial reduction in the level of natural control 
provided by predators and parasitoids of pest insects, 
necessitating the further use of pesticides to suppress pest 
insect populations. However, many pests became resistant to 
one or more pesticides. This resistance sparked an interest in 
restoring natural control by reducing the use of insecticides 
in crops and making their use less damaging to natural enemies 
by manipulating their timing, placement, or formulation. 
The effort to restore natural control while making judicious 
use of pesticides formed the basis of the integrated pest 
management (IPM) movement in the late 1950s. Efforts to 
restore and protect natural controls by removing damaging 
influences such as pesticides are referred to as conservation 
biological control. A more recent, and less successful, mode 
of conservation biological control has been the attempt to 
increase natural enemy numbers by actively providing them 
with better food sources or habitats. Ideas that have been 
investigated include a variety of vegetation manipulations in 
or near crop fields, including ground covers between crop 
rows and unmowed field borders, where flowering plants 
provide nectar and pollen for natural enemies. 

In the 1970s farmers in Europe producing vegetables in 
greenhouses were also interested in enhancing natural control 
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of pests such as whiteflies in tomato and cucumber crops, 
because frequent development of pesticide resistance had 
rendered pesticides alone unreliable. The desire to reduce or 
even completely avoid the use of insecticides in tomato and 
cucumber crops was further stimulated in the 1980s when 
growers began the practice of placing colonies of bumble bees 
inside their greenhouses for crop pollination. Inside 
greenhouses, however, there were very few natural enemies 
because natural enemy immigration from outdoors is 
difficult in the indoor, sealed crop environment. Placing 
whitefly parasitoids, such as Encaria formosa, or predatory 
mites, such as Phytoseiulus persimilis, in the crop shortly 
after planting allowed natural control to develop and act on 
incipient pest populations. Once there was demand by growers 
for natural enemies, it became possible for specialized 
businesses (insectaries) to rear and sell natural enemies. This 
kind of pest management is called augmentative biological 
control, because the goal is to augment or initiate a natural 
enemy population. 

In some crops, pests that feed directly on the edible part 
of the plant may not be adequately controlled by natural 
enemies before damage occurs. For example, cabbageworm 
larvae feed on cabbage heads and codling moth (Cydia 
pomonella) larvae burrow into apples. A faster acting form of 
biological control that can be applied when and where needed 
may be necessary in these situations. Microbial pesticides can 
be used in this way and were developed to meet immediate 
needs without resorting to disruptive chemical pesticides. 
The most successful of these products are those containing B. 
thuringiensis, a bacterium that produces toxic proteins that 
kill insects within a few days of ingestion. There are many 
subspecies of this bacterium that can be used to control the 
larvae of some moths, butterflies, beetles, and flies. 


CLASSICAL BIOLOGICAL CONTROL 
Ecological Justification 


People routinely move species such as crop plants and 
ornamentals across natural barriers such as mountain ranges 
or oceans that would otherwise limit their spread. These 
plants may carry with them small, unrecognized infestations 
of pest insects. In some cases, the plants themselves may 
spread and become damaging. Both invasive plants and 
insects often escape their specialized natural enemies when 
they cross geographic barriers and establish in new locations. 
This allows these species to reach abnormally high densities 
and become damaging pests. Classical or importation 
biological control is based on the premise that the pest was 
originally limited to lower densities in its area of origin by 
specialized natural enemies, that these control agents are 
missing in the invaded area, and that densities of the pest in 
the invaded area can be reduced by importing the missing 
specialized natural enemies. Two recent biological control 
success stories from Africa, the control of cassava mealybug 


(Phenacoccus manihoti) and water hyacinth (Eichhornia 
crassipes) illustrate these processes. 


CASSAVA MEALYBUG Cassava (Manihot esculenta) is a 
tropical shrub that produces starchy tubers used much like 
potatoes, as a staple food source. The crop is a native of the 
Americas, but it is now a basic crop in all tropical countries, 
from Asia to Africa. In the 1970s, an unknown species of 
mealybug appeared on cassava in West Africa and spread 
rapidly throughout the cassava belt of tropical Africa. In this 
region, cassava was a basic food for some 200 million people. 
Within a few years, cassava crops began to fail as plants 
suffered extreme damage from high-density mealybug 
populations. Because the pest was clearly an exotic invader in 
Africa, importation biological control was seen as a means to 
suppress it. Furthermore, this method was chosen because it 
offered the possibility of providing permanent control that 
would not require the region’s cash-poor farmers to 
repeatedly buy expensive pesticides and application 
equipment. 

Cassava mealybug was believed to be from the Americas, 
the area of origin of the crop plant. The pest, however, was 
initially an unknown species. Therefore, no one knew where 
it could be found in South or Central America. With 
international funding, a cassava mealybug control project 
was organized. Crop protection laboratories in Africa (the 
International Institute of Tropical Agriculture in Benin) and 
South America (Centro International de Agricultura, in 
Colombia) worked with the Commonwealth Institute of 
Biological Control in Trinidad (now CABI-Bioscience, a 
private biological control organization in the United 
Kingdom) to find the pest, locate specialized natural enemies 
attacking it, import natural enemies to quarantine 
laboratories in the United Kingdom, and ship pure cultures 
of natural enemies on to Africa for release and evaluation in 
the effort to control the cassava mealybug. 

Initial efforts were frustrated by an inability to find the 
pest in the Americas. Eventually, cassava mealybug and its 
parasitoid, the encyrtid wasp Epidinocarsis lopezi, were found 
in Paraguay. Upon release of this parasitoid, control was 
rapidly achieved. The parasitoid has spread (both naturally 
and from releases made by entomologists) throughout the 
cassava region, covering more than 26 countries. In 95% of 
the region, this single parasitoid has achieved stable, 
permanent control of this pest. 

The net result of this project has been to increase food 
security in a region that frequently experiences food 
shortages. A pest has been controlled permanently (for nearly 
20 years now in some areas), at no recurring cost, with no use 
of contaminating pesticides, and no damage to native plants 
or wildlife. 


WATER HYACINTH = E. crassipes is both a plant used in 
ornamental fish ponds and the world’s worst aquatic weed. 
Its beautiful lavender flowers have led people to take it far 


from its native range in the Amazon basin of South America. 
Wherever water hyacinth has been introduced into 
subtropical or tropical climates, it has escaped into the wild, 
forming gigantic mats that clog rivers and cover over bays 
and ponds. Among the many places invaded by water 
hyacinth is Lake Victoria in East Africa. The pest was first 
recorded there in 1980 and by the mid-1990s some 12,000 
ha of weed mats had clogged bays and inlets around the lake. 
Economic losses resulted for fisheries (the mats impede the 
launching of boats and the use of nets) and for waterworks 
and hydroelectric power plants. Ecologically, the weed 
threatened one of evolution’s greatest products—the 
radiation of cichlid fishes in the lake, some 200 to 400 
species of endemic fish that have evolved in the lake. These 
fish, often separated by mating habits based on bright colors, 
were threatened by hybridization among species induced by 
low light under weed mats, where color-based visual 
recognition mating systems could not be sustained. 

Controls efforts recommended to the governments of the 
affected countries (Uganda, Kenya, and Tanzania) included 
applying herbicide to the mats, using harvester boats to cut 
the mats, and releasing specialized herbivorous insects. Two 
weevils, Neochetina eichhorniae and N. bruchi, known to be 
specialists on water hyacinth from earlier work in Florida, 
were chosen for release. In 1995 Uganda was first to release 
biological control insects against the weed, followed by the 
other two countries in 1997. On the Ugandan shore, weed 
mats began to show damage and disappear by late 1998. By 
1999 some 75% of the mats had died and sunk into the lake. 
Neochetina weevils also produced dramatic results on a water 
hyacinth infestation in Kenya in only a few months in 1999 
(Figs. 1 and 2). 





FIGURE 1 Water hyacinth infestation at a yacht club in Kisumu, Kenya, 
May 6, 1999. (Photograph courtesy of Mic Julien.) 
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Description of the Process 


The following steps are typical of importation biological 
control projects. 


1. Choice of the target pest. There should be broad 
social agreement that the species chosen as targets of 
importation biological control are pests and need to be 
reduced in density. Targets should be species that are strongly 
regulated by natural enemies in their native ranges, and these 
species should be missing in the areas invaded by the pest. 

2. Pest identification and taxonomy. Correct identifica- 
tion of the target pest is essential. Mistakes at this stage cause 
project delays or failure. If the pest is an unknown species, its 
nearest relatives need to be identified, for this information 
can provide clues to the pest’s likely native range. 

3. Identification of the native range. The region in 
which the pest evolved needs to be identified to facilitate the 
search for specialized natural enemies that evolved with the 
pest. Several criteria can be used, including the center of the 
geographic range of the pest, the area where the principal 
host plant of the pest evolved, regions where the pest is 
recorded to occur but remains at low densities, and regions 
with the largest numbers of species closely related to the pest. 

4. Surveys to collect natural enemies. Natural enemy 
collection, or foreign exploration, needs to be done 
extensively over the range of locations and habitats where the 
pest is found naturally, and in the proper seasons. Surveys of 
natural enemies in the invaded area are unlikely to locate 
effective natural enemies but are needed to identify any 
natural enemies that may already be present because of their 
own natural invasion of the region. 





FIGURE 2 Reduction of the water hyacinth infestation by Neochetina 
weevils at the yacht club in Kisumu, Kenya, December 16, 1999. 


(Photograph courtesy of Mic Julien.) 
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5. Importation to quarantine. Promising natural 
enemies collected in surveys need to be shipped to 
quarantine laboratories, where they can be colonized and 
maintained on the pest for further study. 

6. Host specificity and biology studies. To promote 
selection of safe species for importation, the biology and 
degree of host specificity of each candidate biological control 
agent must be determined through a mixture of field 
observations in the area of origin and laboratory studies in 
quarantine before release into a new area is approved. 

7. Release and colonization in the field. Releases need 
to be made at numerous locations where the target pest is 
present, and over extended periods, until efficient means to 
establish the natural enemies in the invaded area have been 
discovered or until it is clear that the agents are unable to 
establish. Once established, natural enemies are further 
redistributed throughout the range of the pest. 

8. Evaluation of efficacy. Field experiments in the 
invaded area comparing pest density in plots having and 
lacking the introduced natural enemy are needed to measure 
the degree to which the natural enemy is able to reduce the 
density of the pest. 

9. Documentation of benefits. 
ecological consequences of the project need to be recorded 


and published. 


Economic and 


Extent of Successful Use 


Following introductions of natural enemies, pest densities 
may be reduced, sometimes by 90 to 99% or more. This has 
been achieved for a variety of kinds of pest insects, including 
caterpillars, sawflies, aphids, scales, whiteflies, and mealybugs. 
Over the past 125 years, some 1200 projects of insect 
biological control have been attempted. Of these, 60% have 
resulted in a reduction of the pest’s density. In 17% of 
projects, no further controls were needed and control was 
complete. Introductions of specialized herbivores have been 
attempted against about 133 species of invasive plants and, of 
these, 41 species (31%) have been completely controlled. 


Economics 


Importation biological control is an activity conducted by 
governments for the benefit of society. Funds for such work 
are typically provided by governments but may come from 
grower organizations representing particular crops in a 
region. Costs of projects are concentrated at the beginning of 
the work, as costs to search for and study new candidate 
natural enemies are high. Use of biological control agents of 
proven value in new locations (where need arises because of 
the continued spread of the pest into new regions) is cheaper, 
as much of the initial work need not be repeated and known 
natural enemies can quickly be introduced. Benefits of 
successful projects accrue indefinitely into the future, and 
benefit-to-cost ratios of past projects have averaged 17:1, 


with some projects reaching as high as 200:1. In successful 
programs, control is permanent and does not require 
continued annual investments to sustain the benefits, in 
contrast to other forms of pest control (e.g., pesticide 
applications). This makes the method particularly attractive 
for the protection of natural areas and of crops in countries 
with resource-poor farmers. Biological control also promotes 
good environmental stewardship of farmlands in developed 
countries. 


Safety of Natural Enemy Importations 


Insects may be released as natural enemies of either invasive 
plants or invasive insects. Both biological weed control and 
biological insect control show a very high level of safety to 
human health and to the health of all other vertebrates. 
There are three safety issues when insects (herbivores, 
predators, or parasitoids) are imported to a new region: 
identification of unwanted contaminants, recognition of 
organisms damaging to other biological control agents, and 
potential damage to nontarget species (e.g., native insects or 
plants) in the area of release by natural enemies with broad 
host ranges. 

The first two safety concerns are addressed by the use of 
quarantine facilities, which are designed to prevent the 
unintentional release of new species into the environment 
following importation. In quarantine, desired natural 
enemies are separated from miscellaneous insects that might 
have been accidentally included in the package by the 
collector, as well as from extraneous plant materials and soil 
inadvertently sent along. 

A taxonomist then confirms the species identification of 
the organism and ensures that all individuals collected are the 
same species. Voucher specimens are deposited with an 
entomological museum for possible future reference. Natural 
enemy identification indicates either the name of the 
organism or, sometimes, that it is a species new to science 
and has not yet been described. New species can usually be 
placed in a known genus, for which some biological 
information may exist. A sample of the natural enemies is 
also submitted to a pathologist to determine whether they 
carry any microbial or nematode infections. If they do, they 
are either destroyed or, if possible, treated with antibiotics to 
cure the infection. This group of field-collected, healthy 
individuals is then bred in the laboratory on the target host. 
This series of steps eliminates any undesirable parasitoids (for 
herbivores attacking weeds) or hyperparasitoids (for insect 
agents) that might exist in the collected material and, if 
established, could damage the biological control project by 
reducing the efficacy of imported natural enemies. For insect 
parasitoids, rearing for one generation on the target host 
excludes the possibility that a hyperparasitoid has been 
obtained by mistake, since such agents typically do not breed 
on the host itself because they use the natural enemy as 
nutrient source. 
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Figure 12: List of VOs used in the ontology. 
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Ficure 13: VO discovery time with the increasing number of virtual 
objects. 


4.4. Performance Evaluation. The proposed architecture has 
been analyzed from two different perspectives: system scala- 
bility and resource consumption. The results with respect to 
the experiments and the performance criterion are discussed 
in this section. The first experiment involves the analysis 
of the time required to discover the virtual objects in the 
proposed system with or without social relationship criterion 
as shown in Figure 13. As it is apparent from the results, 
initially, to form a social graph, VO discovery process incurs 
delay due to the communication for establishing social 
relationship links. However, direct lookup for VOs in the 
registry at the start of the discovery process comparatively 
requires less time, but as the number of VOs increases, the 
delay rises. Traversing the social links to discover objects as 
the number of virtual objects grows considerably reduces the 
total lookups in the registry database. 

The second experiment provides an analysis of the exe- 
cution time required for the CVOs as shown in Figure 14. 
To test this in a real environment, an android application 
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Ficure 14: Service execution time with the increasing number of 
virtual objects. 


has been developed. The app allows access to the parameters 
from the available VOs. When the app requires retrieving 
observations, it iterates through VOs in the repository using a 
query interface. This requires high CPU utilization with more 
execution time required to retrieve the sensor values against 
each app generated request. This is due to the fact that the 
decision for the selection of VOs has been done at runtime; 
it requires more time to select the VO graphs, execute them, 
and get the relevant data from the VOs. However, when object 
interaction is based on the social relationship, it requires 
less time for the retrieval as friends in the social network 
share the data on other friends’ requests, which results in less 
computation as compared with the previous scheme. 
Moreover, Figure 15 depicts the time to discover VOs 
in four different types of services. These services are the 
museum visit service, the location navigator service, the 
emergency notification service, and the recommendation 
service. The discovery time varies from one service to 
another depending on the number of VOs used. However, 
as compared with the impact of social connections, it can be 


The third safety concern—potential attack on nontarget 
species after release—requires that scientists estimate the host 
range of the natural enemy proposed for release and that this 
information be carefully evaluated as part of the decision 
whether to release the species from quarantine. For both 
weed and insect biological control agents, estimation of an 
agent’s host range is based on several sources of information, 
including the hosts known to be attacked by the agent in the 
region from which it is collected, any species of interest that 
occur with the agent in its home range but are not attacked, 
and data from laboratory tests. For herbivorous insects 
released for weed biological control, these laboratory tests 
include studies of the adult’s preference for where it lays its 
eggs, the immature feeding stages’ preferences to eat various 
plants, and the ability of these plants to sustain normal 
growth of the agent’s larvae to maturity. Similar tests can be 
applied to the study of parasitioids (i.e., both oviposition 
preferences and survival of the immature stages on a given 
host). For predators, oviposition preferences may sometimes 
exist; feeding preferences of both adults and larvae must be 
measured. 

Estimation of host ranges of herbivorous insects used 
against weeds began in the 1920s, evolving from initial 
testing of local crops only to a phylogenetically based attempt 
to define the limits of the host range by testing first plants in 
the same genus as the target weed, then plants in the same 
tribe, and finally plants in the same or other families. This 
process has been highly successful in avoiding the 
introduction of insects whose host ranges are wider than 
initially thought. Attacks of introduced herbivores on 
nontarget plants have largely been limited to other species in 
the same genus. Also, some attacks were forecast by 
quarantine studies and judged acceptable by agencies 
granting permission for release, rather than being unforeseen 
attacks. Of 117 species introduced into North America, 
Hawaii, or the Caribbean for biological weed control, only 
one species (the lacebug Téleonemia scrupulosa, introduced 
into Hawaii in 1902 against the shrub Lantana camara) has 
attacked nontarget plants that were neither in the same genus 
as the target weed, nor a very closely related genus (for the 
lacebug, the native shrub Myoporum sandwicense). 

Estimation of host ranges of parasitoids and predators 
introduced for biological control of insects began in the 
1990s, in response to changing views on the ecological and 
conservation value of native nontarget insects. Techniques for 
making estimates of arthropod natural enemy safety are less 
well developed than those for herbivorous biological control 
agents. A few examples of harm from parasitoids or 
predaceous insects to nontarget insects have been reported. 
Importation of generalist species that have broad host ranges 
should be avoided because of such potential to harm native 
insects. 

Laws governing biological control importations exist 
principally in New Zealand and Australia. Laws in the 
United States regulate importation of herbivorous insects 
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used against weeds but do not currently regulate importation 
of parasitoids or predators. 


NATURAL ENEMY CONSERVATION 
Concept of Natural Control 


All insects and plants, to various degrees, are attacked by 
natural enemies independent of any deliberate manipulations 
by people. Such natural control is rarely sufficient to suppress 
an invasive species: the local natural enemies lack specialized 
relationships to the invader, since by definition, the new pest 
is outside the evolutionary experience of the prey species. For 
native species, however, natural control may suppress plants 
and insects below pest levels. Also, for invasive species against 
which specialized natural enemies have been imported and 
established, the latter become part of the fauna, providing 
naturally occurring control. Thus, for all species, apart from 
invaders not yet subject to natural enemy importations, 
natural control exists and may be sufficient to suppress such 
pests adequately for human needs. However, in crops and 
other artificial landscapes, people can disrupt natural control, 
particularly with the application of pesticides that kill, 
sterilize, or repel important natural enemies. Conservation as 
a form of biological control aims to avoid this loss of natural 
control either from the use of pesticides or habitat 
simplification. Sometimes active intervention on behalf of 
natural enemies to provide them with key missing foods or 
hosts is necessary. 


Effects of Pesticides on Natural Enemies 


Before 1947, few synthetic pesticides were used in crops. 
Most available materials were stomach poisons based on heavy 
metals such as lead and arsenic, which kill only if eaten. Some 
botanical extracts, such as rotenone and pyrethrum, both of 
which quickly degrade in the environment, were also used. 
After World War II, a business revolution occurred when it 
became recognized that a variety of compounds that could be 
artificially synthesized in laboratories were highly effective in 
killing insects by mere physical contact. Beginning with DDT 
in 1947, many types of chemicals were marketed to kill 
insects. One of the undesirable consequences of this change 
in farming practice was the mass destruction of beneficial 
insects in crops, resulting in a substantial decrease in natural 
control. Indeed, insecticides often killed natural enemies 
more efficiently than they killed the target pest. This unin- 
tended consequence was due to the smaller body size, greater 
relative surface area, and lower levels of detoxification enzymes 
possessed by parasitic Hymenoptera and other natural 
enemies, compared with herbivorous pests. 


PEST RESURGENCE Occasionally, farmers found that 
pests for which they applied pesticides were, within a few 
months, more numerous than they had been before the 
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application of insecticide. This population rebound has been 
termed pest resurgence. The steps in resurgence are as 
follows: 


1. The pest population is reduced by the insecticide. 

2. The same insecticide application destroys most of the 
natural enemies that were partially suppressing the pest 
before the application. 

3. Natural enemies are slower to increase in number than 
the pest after the pesticide residue from the application has 
degraded to levels unable to kill insects. 

4, In the absence of the pesticide and with few remaining 
natural enemies, the survival and reproductive rates of the 
pest population increase, leading to higher densities. 


In rice crops in Asia, outbreaks of a sucking insect called 
rice brown planthopper (NVilaparvata lugens) were rare before 
the 1960s. In the 1970s, outbreaks occurred with greater 
frequency and intensity, as insecticide use increased to control 
this pest. Research conducted at the International Rice 
Research Institute in the Philippines demonstrated that this 
was a classic example of pest resurgence and that pesticide 
applications were destroying spiders and other generalist 
predators that were otherwise usually able to suppress rice 
brown planthopper. As farmers used pesticides more often, 
outbreaks became larger and more frequent. This 
phenomenon led to a pesticide treadmill for rice brown 
planthopper control. A program of grower education was 
supported by the Food and Agriculture Organization of the 
United Nations to help rice farmers to understand pest 
resurgence, natural enemy recognition, and the beneficial 
role of natural enemies in rice paddies. This outreach 
program successfully reduced pesticide use on rice crops in 
Asia, ending a cycle of damaging pesticide use and crop loss. 


SECONDARY PEST OUTBREAK A related population pro- 
cess occurs when insecticides applied to suppress a primary pest 
induce a different species, formerly not damaging, to become 
a pest. This is called a secondary pest outbreak. In apple crops 
in the eastern United States, growers must control two serious 
direct pests of the fruit, apple maggot (Rhagoletis pomonella) 
and plum curculio (Conotrachelus nenuphar). These species 
are most often controlled by repeated application of insec- 
ticides to foliage with chemicals that have long periods of 
residual activity. These applications destroy the parasitoids of 
leafminers and predators associated with spider mites. 
Outbreaks of these two foliar pests later in the summer are a 
direct consequence of grower efforts to control these two key 
fruit pests. 


SEEKING PESTICIDES COMPATIBLE WITH NATURAL 
ENEMIES ‘To reduce the destruction of natural enemy 
populations caused. by insecticides, there are two potential 
solutions: using pesticides that have intrinsically selective 
action or using application systems that are ecologically 
selective. 


Selective Pesticides Three kinds of insecticide have 
shown the greatest compatibility with natural enemies: 
stomach poisons, systemic pesticides, and insect growth 
regulators. Stomach poisons are materials that must be 
ingested to kill. Materials such as the microbial pesticide. B. 
thuringiensis and some mineral compounds such as kryolite 
are examples. Pests eating foliage with residues of these 
materials are killed, but natural enemies walking on treated 
foliage are not affected. 

Systemic pesticides are materials that enter plant tissues 
and are translocated through the plant. These compounds 
may be applied to soil and absorbed by roots, or they may 
move translaminarly into leaves after application to the 
foliage. Because residues are available only to insects that feed 
on the crops’ tissue or sap, natural enemies resting or walking 
on plants are not affected. 

Insect growth regulators are chemicals that mimic or 
disrupt insect hormones, preventing normal molting. These 
compounds kill only when the insect tries to molt. Such 
materials can be selective if only the pest is likely to be 
exposed in a susceptible stage. In principle, screening 
programs could identify specific insecticide—natural enemy 
combinations in which any contact pesticide might turn out 
to be selective relative to some particular natural enemy. 
However, because such materials tend to be rare and screening 
trials to discover them are costly, only a few are available. 

Ecologically Selective Methods of Pesticide Use 
Manipulation of a pesticide’s formulation, timing, or method 
of application is another method for achieving selectivity in 
control. Granular formulations of pesticides that fall to the 
soil, for example, are unlikely to damage natural enemies that 
forage for hosts or prey on the foliage. Thus, a granular 
material may be applied at transplant into a cabbage field to 
protect the roots of young plants from feeding in the soil by 
larvae of cabbage maggot (Delia radicum) without injuring 
the braconid parasitoids that search the leaves to find and 
parasitize cabbage aphids (Brevicoryne brassicae). More 
complex methods of separating the pesticide from the natural 
enemies exist, such as monitoring the emergence of key 
natural enemies and applying pesticides either earlier or later 
than the peak activity period of the natural enemy. However, 
methods that require effort on the part of growers, or are at 
all complex, tend not to be used. 


Loss of Natural Control through Simplification of 
Crop Fields 


Natural control of pest insects and mites in crops has also 
been reduced by habitat simplification and physical changes 
in crop plants used in commercial, large-scale agriculture. To 
sustain their populations, parasitoids need hosts, carbohy- 
drates, and secure places to live that are not subject to 
insecticide application or physical destruction by plowing, 
flooding, or fire. Predators need prey and can benefit from or 
even subsist on alternative nonprey foods such as pollen. 


Natural control in crops can be maintained or improved by 
considering the degree to which these basic necessities of 
natural enemies are provided within or adjacent to the crop. 
A few examples illustrate the process. 


ADDING POLLEN TO ENHANCE PREDATOR MITES 
Phytoseiid predatory mites are often important in control of 
pest spider mites. In some crops, numbers of such 
phytoseiids may be too low to provide effective control. One 
approach to increasing phytoseiid numbers is to provide 
pollen as an alternative food, especially for periods when 
spider mite densities are low. Levels of pollen on foliage of 
citrus and other orchard crops may be increased by use of 
species of trees in windbreaks around orchards or species of 
grasses as ground covers within orchards that are prolific 
pollen producers. Effective use of this approach has been 
made in South African citrus orchards for control of citrus 
thrips (Scirtothrips aurantii) with the phytoseiid Euseius 
addoensis addoensis. 


KEEPING USEFUL STRUCTURES ON PLANTS Many 
plants, such as cotton, have sugar-secreting glands called 
nectaries both inside and outside of flowers. Many species of 
natural enemies feed on these sugars. Plant breeding has made 
it possible to eliminate such nectaries in some crops, and this 
is sometimes done to deny pests access to the carbohydrate 
resources. The decision to eliminate or retain necataries needs 
to be based on studies of the net benefit to pest control of 
these structures. Plants (e.g., grapes) also often have on their 
leaves pits or pockets, called domatia, that provide physical 
refuges for phytoseiid mites. Varieties with domatia often 
have higher phytoseiid densities and fewer pest mites. 
Retention of such structures in new crop varieties may be 
important and should be an explicit part of plant breeding. 


ENHANCING SPACES BETWEEN CROP ROWS OR 
AROUND CROP FIELDS AS REFUGES Natural enemies of 
some species remain tightly linked to the plant and are little 
affected by the larger environment. Parasitoids of scales on 
citrus trees, for example, have all their needs met on citrus 
trees, provided insecticides are not used and some scales are 
present year-round for parasitism, host feeding (feeding on 
host body fluids), or production of honeydew (a sticky 
carbohydrate waste product produced by homopterans that 
parasitoids use for food). Other species of natural enemies 
move about more, passing through the spaces between crops 
rows, or moving back and forth between crops and noncrop 
vegetation in uncultivated borders. Species such as spiders 
and carabid beetles are generalist predators of value in 
vegetable plantings. However, bare or plowed soil between 
rows often becomes too dry and hot to favor these predators. 
Reduced tillage, through greater use of herbicides, or use of 
cover crops between rows, can enhance populations of these 
predators. Plants between crop rows, however, must not 
compete with the cash crop for water or nutrients, or crop 
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yield may be reduced. In cereal crops in the United Kingdom, 
populations of ground beetles, generalist predators that eat 
cereal aphids, can be increased by leaving low dikes through 
fields that are not plowed. These dikes produce perennial grass 
and herb communities that act as refuges for carabid beetles, 
which then forage in the cereal plots and consume aphids. 
Also, in crops that are sometimes treated with pesticides, 
nontreated patches of noncrop vegetation along crop borders 
can act to reinoculate crops with natural enemies. 


Extent of Successful Use of Natural 
Enemy Conservation 


Natural control is ubiquitous and contributes extensively to 
pest control in most settings. Conservation of natural enemies 
through reduction of conflicts with pesticides is a major 
focus of integrated pest management (IPM) philosophy and 
practice, and many studies have been conducted that have 
led to better conservation of natural enemies in crops such as 
citrus, avocados, apples, and greenhouse tomatoes. Because it 
is often associated with reductions in out-of-pocket costs, 
this form of conservation is particularly acceptable to 
growers, who often are asked to reduce or stop altogether a 
costly practice (such as applying a pesticide). In contrast, 
practices that require positive action, such as providing a 
resource or manipulating vegetation in or near the crop, have 
been adopted much less often. To be valued by growers, such 
measures must clearly produce pest control benefits that 
significantly exceed the costs of undertaking them. Practical 
use of these ideas presently is limited to organic growers and 
others who wish to produce crops with little or no use of 
synthetic pesticides. 


Safety 


Conservation biological control is universally considered to 
be a very safe activity. Measures to reduce insecticide use, or 
to convert to selective or compatible materials, both reduce 
risks to people working on or living near farms and minimize 
environmental contamination. 


BIOLOGICAL CONTROL THROUGH 
AUGMENTATION 


Pros and Cons of Augmenting Natural Enemies 


Entomologists and farmers, working together, have developed 
methods to rear some species of predators and parasitoids 
that attack pest insects. This approach of deliberately rearing 
natural enemies and releasing them against target pests has 
been applied against insects and mites of both greenhouse 
and outdoor crops. 

The use of this practice in greenhouse-grown tomatoes 
was begun in the 1920s with the rearing by English growers 
of Encarsia formosa, a parasitoid of the greenhouse whitefly 
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(Trialeurodes vaporariorum). This control program died out 
because of grower use of pesticides. Biological control was 
revived in the 1970s by Dutch greenhouse tomato growers 
because whiteflies had developed resistance to pesticides. In 
greenhouses that are closed up against the cold early in the 
crop cycle, natural enemies may be scarce or absent. 
Augmentative biological control was seen as a way of 
correcting this natural enemy absence. Natural enemy 
rearing for the greenhouse industry started when one grower 
began producing natural enemies for his own use, but soon 
he was selling surplus parasitoids or predators to other 
growers, and the operation became a separate business (an 
insectary). From 1970 to 2000, the number of commercial 
insectaries grew from just a few to several dozen firms, which 
collectively produce about 100 species of natural enemies for 
sale. A few species (mainly the parasitoid E. formosa and the 
predatory mite Phytoseiulus persimilis), however, make up 
most of the sales. Today, a variety of natural enemies are used 
in indoor settings that include greenhouses, plant conserva- 
tories, mushroom houses, and animal holding buildings such 
as dairies, hog-rearing facilities, poultry barns, and zoos. 

Outdoor releases of several species of predators and para- 
sitoids are regularly made by growers in various countries. 
Egg parasitoids in the genus Trichogramma (Hymenoptera: 
Trichogrammatidae) have been used extensively throughout 
the twentieth century to suppress pest weevils and caterpillars 
in cotton, corn, and sugarcane, especially in China, Russia, 
and tropical sugar-producing countries. Predators of 
mealybugs for release on citrus crops in parts of California 
have been reared by a growers’ cooperative since 1926. One 
of the more common current uses of augmentative biological 
control on outdoor crops is the release of various species of 
predatory phytoseiid mites for control of pest spider mites, 
an approach that has been used most often with strawberries 
and with foliage plants grown outdoors in shade houses. 

There are two different approaches to augmentative 
biological control. Most indoor releases of natural enemies 
intend only to seed the crop with a founding population of 
the natural enemy, which then reproduces and eventually 
suppresses the pest after its numbers have increased naturally 
in the crop. This approach is called inoculative biological 
control. Cost of this approach is minimized. because smaller 
numbers of the natural enemy are needed. In contrast, with 
inundative biological control, an attempt is made to release 
enough natural enemies to control the pest immediately. 
Because much higher numbers are released, this approach is 
economical only against natural enemies with very low 
production costs, and use has been most successful on crops 
with a high cash value per hectare. 


How Insectaries Turn Natural Enemies into Mass 
Market Products 


To profitably market a natural enemy, an insectary must 
succeed in a series of activities. 


1. Find a suitable natural enemy. Commercial augmen- 
tative biological control starts with the discovery of a natural 
enemy that research suggests may be effective. The natural 
enemy must attack an important pest efficiently, be able to be 
reared under mass production conditions, be easily harvested 
and able to survive transit stress, and be competitive in price 
with other forms of pest control available to growers. 

2. Develop a mass rearing system. To commercially 
produce a natural enemy, insectaries must be able to make a 
financial profit on the species. Successful production systems 
vary. For some species, such as whitefly parasitoids, 
production can use natural hosts on their favored plants. E. 
formosa, for example, is reared in greenhouse whitefly 
produced on tobacco plants. Similarly, the important 
predatory mite. P persimilis is grown on the spider mite 
Tetranychus pacificus on bean plants in greenhouses. In other 
examples, costs of production or the scale of production are 
improved by rearing species other than the target pest. Most 
Trichogramma wasp species are grown on the eggs of moths 
that feed on stored grain, rather than on eggs of the target 
moths themselves, because colonies of grain-feeding moths 
can be reared much more cheaply, allowing the production of 
Trichogramma in huge numbers at low cost. 

3. Develop harvest, storage, and shipping methods to 
get the product to customers. Most predators and 
parasitoids must be used within a few days or weeks of 
production. For some species, induction of an arrested state 
called diapause can be used to store immature parasitoids 
inside parasitized hosts for months. Shipping to customers 
must use rapid transport (1-3 days) and avoid delays at 
international borders. Longer delays invariably result in the 
deaths of natural enemies due to heat, desiccation, continued 
development, or starvation. 

4. Provide clear instructions on effective release 
methods and rates for customers. The final step in the 
effective use of natural enemies reared in insectaries is their 
release by the farmer at the right rate and in the correct 
manner. Effective rates are discovered by controlled trials in 
universities and government laboratories, and by ascertaining 
the experience of growers who have used products in 
accordance with advice from producers. 


Extent of Successful Use 


INDOOR CROPS The use of augmentative biological 
control has become widespread in greenhouses in northern 
Europe and Canada that produce vegetables, with over 5000 
ha using E. formosa for whitefly control and over 2800 ha 
using P persimilis for spider mite control. These amounts, 
however, still represent only a small percentage of the world’s 
protected culture because these biological control agents are 
used much less often in southern Europe and Japan, areas 
with extensive greenhouse vegetable production but with 
differences in temperatures and open rather than closed 
greenhouses. Similarly, use of biological control is very 


limited in greenhouses producing bedding plants or floral 
crops, the major focus of greenhouse production in the 
United States. 


OUTDOOR CROPS The scientific use of augmentative 
natural enemy releases in outdoor crops is best established in 
northern Europe for control of European corn borer 
(Ostrinia nubilalis) in corn. Use is greatest in Germany and 
France, where over 3200 ha is protected annually with 
Trichogramma releases. This fraction is, however, small 
compared with the total corn acreage in Europe, and use of 
biological control is concentrated principally where pesticide 
use is not allowed because of concern for health of people 
living near cornfields. Natural enemy releases for mite 
control have been successful in strawberries in California, 
Florida, and the northeastern United States, and in outdoor 
shade houses used for production of foliage plants in Florida. 
In Mexico, Russia, China, and other countries, large-scale 
releases of Trichogramma spp. have been made for a variety of 
moth and beetle pests of corn, sorghum, and cotton, but the 
efficacy of these releases has not been well demonstrated. 
Some of these activities have been state supported, and their 
actual economic value for pest control is not clear. 


Safety 


Release of parasitoids and predators replaces pesticide 
application and thus enhances human safety. For workers in 
insectaries, handling of large quantities of insects or mites 
constitutes an allergy risk. Where problems arise, risk can be 
reduced through air exchange or filtration to reduce 
concentrations of airborne particles and through use of 
gloves and long-sleeved shirts to reduce skin contact with 
arthropod body fragments. Risk to native species posed by 
releases of nonnative natural enemies can be of concern, as 
well. Generalist, nonnative species released in large numbers 
may establish outdoors and attack or suppress populations of 
native species, or they may reduce densities of native natural 
enemies through competition for resources. Consequently, 
some governments, such as those of Hawaii, Australia, and 
New Zealand, restrict importation of natural enemies used in 
augmentative biological control. For example, importation of 
North American green lacewing species (Neuroptera: 
Chrysopidae, Chrysopa spp.), used in greenhouses as 
predators of aphids, might lead to establishment of such 
species in the wild, increasing competition with the endemic 
native lacewings in Hawaii, which have conservation value as 
unique native wildlife. 


MICROBIAL PESTICIDES 
Using Microbes as Tools 


Insects suffer from diseases caused by pathogens of several 
kinds, including bacteria, viruses, fungi, nematodes, and 
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protozoa. Sometimes natural outbreaks of disease occur that 
locally and temporarily influence the density of pest 
populations. Microbial control seeks to use pathogens as 
tools to suppress pest insects. This process involves finding 
pathogens able to kill pest species of concern, followed by 
development of methods to rear pathogens economically. 
Methods must be developed to store the pathogen’s infective 
stages without loss of viability and to apply the pathogen to 
the target in ways that result in high rates of infection and 
thus control. Details of the biology of each pathogen and the 
effects of environmental conditions on infectivity after 
application are crucial in determining whether any given 
pathogen can be used effectively as a microbial pesticide. 


Bacteria 


Many of the bacteria that infect insects are lethal only in 
stressed insects because the bacteria, lacking effective means 
of escaping from the host’s gut after ingestion, are unable 
to enter its body cavity. Species in the genera Bacillus (B. 
thuringiensis, B. sphaericus, and B. popililae) and Serratia (S. 
entomophila) are the main bacteria that have been used as 
microbial pesticides. Of these, only B. thuringiensis has been 
widely successful. This species produces toxic crystalline pro- 
teins inside its spores. Crystals from different strains of this 
bacterium vary in their ability to bind to the gut membranes 
of different species, thus shaping the host ranges of each 
subspecies of the pathogen. If crystals are able to bind to the 
gut membranes, these tissues are degraded, allowing bacteria 
to penetrate the body cavity and kill the host. 

Strains discovered in the 1920s infected only some species 
of caterpillars. Later, new strains were discovered that were 
able to infect mosquito larvae, chrysomelid beetle larvae 
(such as the Colorado potato beetle, L. decemlineata), and 
scarabs (such as the Japanese beetle, Popillia japonica). 
Commercial use of this pathogen is possible because it can be 
successfully mass-reared in fermentation media without any 
use of living hosts. This makes its production inexpensive. 
Applications of B. thuringiensis have advantages for use in 
forests, where residues of conventional pesticides are 
objectionable because of potential harm to native wildlife, 
and in IPM programs in crops where conservation of natural 
enemies is desired. B. thuringiensis is compatible with most 
natural enemies because it must be ingested to have any effect 
and because its toxic proteins are selective in their gut 
binding properties. Genes from B. thuringiensis that code for 
toxic proteins have been isolated and inserted into plants 
where they are expressed and produce insecticidal proteins in 
plant tissue and pollen. Transgenic varieties of such major 
crops as corn, soybeans, and cotton exist and are widely 
planted in the United States. 

Other species of bacteria have had limited commercial 
use. B. sphaericus is formulated for use against some species 
of mosquito larvae. B. popilliae was once commercially pro- 
duced for use against larvae of Japanese beetle (an important 


114 Biological Control of Insect Pests 


pest of turf), but this bacterium must be reared in living host 
larvae, which has made its production uneconomical. In New 
Zealand, S. entomophila causes an infection known as amber 
disease in a native turf grub (Costelytra zealandica), and its 
commercial use is being promoted. As with B. thuringiensis, 
the ability of S. entomophila to be reared in fermentation 
media apart from living hosts has been a key feature in 
promoting its commercial use. 


Fungi 


Species of Deuteromycotina fungi in several genera, including 
Beauveria, Metarhizium, Verticillium, and Hirsutella, infect 
insects and can be grown on fermentation media in solid 
culture. The spores of these species, when applied, adhere to 
the bodies of insects, and special hyphae from the spores use 
enzymes and mechanical pressure to penetrate through the 
insect’s cuticle to cause infection. Infection requires spore 
germination, a process that is sensitive to environmental 
conditions. In general, many fungal strains or species require 
a minimum number of hours (often 12—24) of high relative 
humidity (often above 80%) to germinate. However, these 
requirements vary within species and among isolates from 
different locations and hosts. Spore germination require- 
ments, if not met, can lead to control failures. Successful 
commercial use of entomopathogenic fungi has focused on 
ways to either meet these requirements by manipulating the 
formulations of the product applied (e.g., adding oils when 
used in arid climates), using these products in inherently 
favorable climates (e.g., greenhouses), using them in favorable 
habitats (e.g., soil), or finding strains or species with less 
stringent environmental requirements for spore germination. 
Commercial use of these fungi is also affected, but not pre- 
vented, by the inability of most species of fungi to produce 
spores under water. This prevents the use of liquid culture 
methods, requiring the use of solid media (like boiled rice) or 
a diphasic system in which mycelial growth takes place in 
liquid culture, followed by plating out of fungi on solid 
media for spore production as a second production step. 
Successful use of microbial pesticides based on fungi has 
been achieved by an international consortium (LUBILOSA) 
in Africa, which has developed the fungus Metarhizium 
anisopliae vat. acridum (Green Muscle) for control of locusts 
in Africa. This locust control project is highly beneficial to 
the environment because this selective, naturally occurring 
fungus replaces the use of highly toxic, often persistent, 
pesticides such as dieldrin. Field trials in a number of African 
countries have demonstrated both high levels of efficacy and 
costs competitive with the use of conventional pesticides 
(about U.S. $12 ha™!). Success in this effort involved 
screening over 160 isolates of fungi to find the best fungus 
and the development of formulations for both storage 
(without refrigeration in hot climates) and application. Field 
trials demonstrated high initial levels of mortality and 
pathogen recycling, leading to persistence of suppression. 


Similar success of fungal pesticides in general agriculture has 
not yet occurred. In the United States, for example, only one 
species, Beauveria bassiana, is commercially available, and its 
use is extremely limited. 


Nematodes 


Nematodes are multicellular organisms as opposed to uni- 
cellular microbes, but they are formulated and applied like 
microbial pesticides. Nematodes in more than 10 families 
infect insects, but only those in the families Steinernematidae 
and Heterorhabditidae have been commercially employed for 
insect control. These species, unlike those in other families, 
can be reared in fermentation media apart from living hosts. 
Techniques for large-scale production in liquid broths 
containing ingredients from dog food can be used to rear 
about six species in these families. Entomophagous nematodes 
actively penetrate insect hosts through the insect integument 
or natural body openings (spiracles, mouth, anus). Once inside 
the insect body cavity, the nematode defecates specialized 
bacteria that it carries symbiotically. These bacteria (in the 
genera Xenorhabdus and Photorhabdus) quickly kill the host 
with toxins. Nematodes then reproduce as saprophytes in the 
decaying host tissues. Entomopathogenic nematodes are 
sensitive to desiccation, which has limited their use in pest 
control. Applications made to dry foliage are ineffective 
because nematodes usually die before encountering hosts. 
Successful use of these nematodes has been limited to control 
of pests in moist habitats, such as fungus gnats and scarab 
grubs in soil, and lepidopteran borers in plant stems. 


Viruses 


Insects are subject to infections by viruses in a number of 
families. However, only those in the highly specialized 
Baculoviridae have been considered for use as microbial 
pesticides. Viruses in this family infect only insects and are very 
safe to people and wildlife. However, all viruses are obligate 
parasites of living cells, and none can be grown in fermenta- 
tion media. Currently, they are produced in live host insects, 
which themselves must be mass-reared. This makes viral pro- 
ducts relatively expensive, although the governments of some 
countries, notably Brazil, have promoted their use. A further 
aspect of the biology of viruses is their high level of host 
specificity. Extreme specificity of viruses reduces the economic 
value of products because they kill very few species of pests. 
Because of these economic factors, no virus products have 
been economically successful in the United States or Europe, 
although a few have been developed and briefly marketed. 


Safety of Microbial Pesticides 


In the United States and many other countries, microbial 
preparations (but not nematodes) sold for pest control are 
considered to be pesticides that require government approval 
and product registration before sale. Requirements for 


registration have been modified to reflect differences between 
chemical and microbial pesticides. Manufacturers are 
required to specify the exact identity of the microbe in their 
products, the production process, including controls to 
prevent contamination, and safety data on infection and 
allergenic properties of the pathogen and the product as a 
whole. The safety record to date suggests that risks from such 
products are either nonexistent or too low to detect. 


Degree of Use 


Except for genetically transformed plants that express the B. 
thuringiensis toxin (which are not microbial pesticides, but a 
related development), microbial pesticides are niche 
products. In no control programs have microbial pesticides 
widely displaced synthetic pesticides from pest control 
markets. B. thuringiensis is the most widely used organism, 
but B. thuringiensis products represent 1 to 2% of the pes- 
ticide market. These products do, however, have important 
value as pesticides because they are more readily incorporated 
into IPM programs that include natural enemies. 


FUTURE USE OF BIOLOGICAL CONTROL 


Biological control can be implemented through four different 
approaches: conservation of existing natural enemies, impor- 
tation of new species for permanent establishment, temporary 
natural enemy augmentation, and use of microbial pesticides. 
The first two methods are most widely applicable and have 
produced the greatest benefits. Conservation biological control 
is the foundation of all insect control. Importation biological 
control is the method that is appropriate to combat exotic 
invasive pests (whose numbers are large and increasing). 
Augmentative biological control is limited by cost factors and 
largely restricted to high-value crops in greenhouses. Microbial 
pesticides are niche market tools useful in IPM programs but 
are limited by high production costs or the narrow host ranges 
of the pathogens. Biological control’s greatest strengths are in 
public sector applications (conservation, importation) rather 
than private sector approaches (augmentative, microbial 
pesticides). Expanded use of biological control will require 
increased commitment of public resources and recognition 
that publicly supported programs are more effective for 
biological control implementation. 


See Also the Following Articles 

Agricultural Entomology ¢ Genetically Modified Plants 
Host Seeking by Parasitoids ¢ Integrated Pest Management e 
Physical Control of Insect Pests ¢ Predation 
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Bioluminescence 


James E. Lloyd and Erin C. Gentry 
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L ight that is produced in a chemical reaction by an organ- 
ism is called bioluminescence. This “living light” is most 
commonly produced in tissues or organs within and shines 
out of the emitters body, but luminous secretions are 
produced by some organisms and oozed or squirted out, even 
smeared on attackers. Chemiluminescence is but one of 
several forms of light emission collectively known as 
luminescence, which occurs when atoms of a substance emit 
photons (packets of light energy) as their electrons return to 
their stable state after being lifted to a higher and unstable 
energy level by input energy. 

The best-known insect bioluminescence is that of beetles 
of the family Lampyridae. They are known as fireflies, 
lightningbugs, blinkies, and many other local and colloquial 
names around the world. 


TAXONOMIC OCCURRENCE (PHOTIC 
BIODIVERSITY) 


Bioluminescence occurs “everywhere” among organisms, 
with self-lighting species appearing in all kingdoms of a 
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four-kingdom classification—Monera, Fungi, Plantae, and 
Animalia—in 11 of 29 phyla. In the phylum Arthropoda, 
luminescent forms also are found among the sea spiders, 
crustaceans, millipedes, and centipedes. Self-luminescent 
insects occur in the families Poduridae and Onychiuridae 
(Collembola), Mycetophilidae (Diptera), and coleopterans 
Lampyridae, Phengodidae, Elateridae, and Staphylinidae 
and, possibly, the Telegeusidae. 


CHEMISTRY AND EVOLUTIONARY ORIGIN 


Bioluminescence chemistry varies widely among organisms. 
Bacteria use riboflavin phosphate, the sea pansy uses 
diphosphoadenosine, and fireflies use adenosine triphosphate 
(ATP) in the oxidative decarboxylation of substrates 
generically known as luciferins, with enzymes termed 
luciferases. The present, cautious conclusion would be that 
bioluminescence has evolved from many separate biochemical 
origins. 

Molecular structures and their alterations along light- 
producing pathways of some systems are illustrated in general 
references, but many systems have not been investigated. 
Many use oxidative mechanisms that involve two major 
stages: the first creates an energy-rich molecule (“large energy 
quantum”) by combining molecules, the second then excites 
a luminescent molecule that unloads this energy as a photon 
of light when it returns to its stable state. Among insects, 
photons range in color from an unbelievable bright, ruby red 
in the headlight of the railroadworm (Phrixothrix tiemanni, 
Phengodidae, Coleoptera) to the demure blue of glowing 
Appalachian glowworm larvae (Orfelia fultoni, Mycetophi- 
lidae, Diptera). In twilight-active fireflies, longer wavelengths 
(orange-yellow), with appropriate filters in the eyes, may be 
connected with enhancing signal reception against (noisy) 
backgrounds of green foliage. The different colors are caused 
by alterations in the amino acid composition of the luciferase 
that shift the emission peaks. 


ANATOMY OF EMISSION 


The ultrastructure of the flashing lantern was first seen in the 
1960s, when the electron microscope revealed that a 
miniature and new type of structure, the tracheal end organ, 
occurred throughout the flashing lantern, and that each 
microunit was obviously involved in controlling the 
photocytes associated with it. The light-emitting layer of a 
flashing lantern is organized into a sheet of rosettes, each 
with a central channel (cylinder), through which air-supply 
tubes and nerve trunks pass, and surrounding photocytes, 
which abut the photocytes of neighboring rosettes (Fig. 1). 
The flashing lantern of adult fireflies does not develop 
(ontogenetically) from the glowing lantern of juveniles. The 
difference in the light output of these two lantern types is 
remarkable. On the one hand, larval lanterns require perhaps a 
full second to reach their full but much lesser intensity, and in 
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FIGURE 1 Diagram of part of a single rosette (“unit”) in the flashing 
lantern. The central channel (cylinder) is ringed by photocytes, which are 
differentiated into inner and outer regions. Within the cylinder are two 
tracheal trunks and two tracheal end organs, one cut longitudinally, one 
transversely. Note within the end organ the intimate contact of the air 
supply, nerve ending (arrows), tracheal end cell, and tracheolar cell (the last 
two indicated by lightly and densely stippled structures, respectively). 
Original “magnification” approximately 1800x. (Reproduced, with 
permission, from H. Ghiradella, 1983, Permeable sites in the firefly lantern 
tracheal system: Use of osmium tetroxide vapor as a tracer. J. Morphol. 177, 
145-156. See Ghiradella 1998.) 


an array of lantern types their behavior is little removed from 
the granules in subdermal fat cells or excretory tubules that 
glow continuously or in a simple circadian (daily) rhythm 
(Keroplatus, Orfelia), which is perhaps controlled by changes in 
hormone level. On the other hand, a flashing lantern is capable 
of photic finesse that can be appreciated only with electronic 
detector systems—the flashes of male fireflies of some species 
have very sharp om transients, and field recordings of flying 
males reveal that a flash can reach its bright peak in 20 ms 
(Figs. 2A and 2B), the flicker signal of a Florida Photuris 
species is modulated up to 45 Hz (Fig. 2C), and the four 
subliminal peaks of what appears to the eye to be a single flash 
of an Andean Mountain Photinus occur at 25 Hz (Fig. 2D). 

The triggering of such light emission is currently thought 
to be connected with the release or gating of oxygen into the 
photocytes. This occurs in response to patterned volleys from 
the central nervous system, delivered by neurons that 
connect to or are closely associated with other key elements 
within the tracheal end organ (Fig. 1). A recent study 
suggests that nitric oxide gas plays a key role in the release of 
oxygen into the photocytes. 


DESCRIBING/QUANTIFYING EMISSIONS 


Humans have observed and written about light-emitting 
insects for more than 2 millennia, but early in the 20th 
century they began to give careful scientific attention to 
different colors and forms of firefly emissions, noting glows, 
flashes, flickers, tremulations, scintillations, and so on, and 
they borrowed descriptive terms from other senses, such as 
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FIGURE 2 Flash patterns of fireflies as displayed for examination and 





measurement from electronic (frequency-modulated) field recordings, as 
described in the text, with standard display convention: horizontal axis, 
time; vertical axis, relative intensity (not total photon flux, which would be 
virtually impossible to measure from the entire surface of a flying light 
organ, but intensity change through time as detected from a single position 
in space, as visible to another firefly). Bars show time scale in seconds; 
horizonal grid in A, 0.02 s. (A) Nearly symmetrical flash of Photuris salina, 
photographed from the CRT screen of a storage oscilloscope. (B) Same flash 
scanned from ink tracing of a chart recorder. (C) Crescendo flash of Photuris 
unnamed species “D”, with subliminal (to human eyes) modulations at the 
light organ. (D) Flash pattern of a Colombian Photinus, with subliminal 
modulations. (E) Crescendo flash of Photuris cinctipennis. (F) Visibly 
flickering flash pattern of a New Guinea Luciola species. 


“crescendo” and “ramp” (Fig. 2E)—both describing a flash 
that begins dimly and gradually rises in intensity. 

The simplest form of light emission is a glow of 
indeterminate length, as produced by fungus gnats, some 
Collembola, beetle larvae, adult fire beetles (elaters), 
phengodid beetle larvae and adult females, and lampyrid 
glowworm firefly females. A useful description of glows 
requires only a statement of apparent brightness (distance 
visible) and, cautiously, apparent color. In contrast, an 
adequate description of many adult lightningbug emissions 
often requires a chart, such as first published by Frank 
McDermott in 1914, with relative-intensity/time on the axes 
and notes of variations among flash patterns, from pattern to 
pattern, and at different ambient temperatures. 

In the 1930s electronic technology, with photocells, string 
galvanometers, and ocillographs, made it possible to 
electronically chart firefly flashes in the laboratory. A 
generation later photomultiplier-tube systems permitted 
recording of the flashes of fireflies flying in the field. With 
today’s miniaturized solid-state, digital circuits, detectors, 
and tape recorders flash detecting/recording systems can be 
hand-held. The flash patterns shown in Fig. 2 were all 
recorded in flight in the field, with a photomultiplier tube as 
detector, whose output was frequency modulated (fm) to 
encode intensity information; the fm conversions were 
recorded on magnetic tape. In the laboratory the recorded fm 
patterns were demodulated and fed into an oscilloscope (Fig. 
2A) and chart recorder (Figs. 2B to 2F), for display and 
measurement. Video cameras add yet another dimension to 
observation and flashing behavior analyses. 

There is no evidence that bioluminescent insects make use 
of color discrimination—it should be noted that the color a 
human observer perceives in the field often errs because of 
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the intensity of the luminescence, its background (sky, street) 
lighting, and the degree of dark adaptation of the viewer's 
eyes. For example, dim green light may appear white because 
color vision apparatus (cone vision) is not stimulated, and 
the yellow flashes of roadside Photinus pyralis may appear 
green when under a sodium-vapor streetlight. 


BEHAVIORAL ECOLOGY 


Behavioral ecology is the analysis of behavioral features of the 
phenotype as ecological and reproductive adaptations. Insect 
bioluminescence offers remarkable opportunities for 
applying the “adaptationist’s program” of behavioral ecology, 
observation, speculation, systematic observation, and experi- 
mentation, in the laboratory and field. The experimenter can 
enter these informational transactions with a penlight or 
computer-driven light-emitting diodes. Further, interactions 
often occur quickly and can be photographed, videotaped, 
and electronically recorded for precise analysis. 

The mating signals of lightningbug fireflies are the most 
commonly seen example of insect luminescence, but others 
are easily found if sought in their habitat: prey-attracting 
glows of larval Appalachian glowworm flies (O. fultoni) in 
beds of impatiens at roadside springs and under overhanging 
mossy banks of streams along dark mountain roads; glowing 
Arachnocampa luminosa \arvae hanging from ceilings of New 
Zealand caves, attracting midges from streams below and 
tourists from around the world; and prey-attracting glows of 
larval termitophageous click beetles (Pyrearinus termitillum- 
inans), which make termite mounds look like high-rise 
buildings of a metropolis seen from the air, in the dry-scrub 
region (open-formation cerrado) of northeastern Brazil. 

The significance of many luminosities remains problematic: 
why do sparkling, galaxy-like arrays of flashing Collembola 
result when rotting forest litter under damp logs is scratched 
with a hand cultivator? Is each individual, when stimulated 
by our invasive touch, warning relatives, or a predator, say, a 
firefly larva? Several firefly knowns and unknowns are 
illustrated in Fig. 3, in which black circles, teardrops, stripes, 
and beads represent emissions of different forms. Coordinates 
on the axes guide attention to specific locations in the 
scene—near 3M an armadillo views a flashing firefly under 
its nose, perhaps retrieving memory data that flashing lights 
taste terrible or, previously when eaten, vomiting followed. 
The blood of some fireflies has been found to have cardio- 
glycosides that can be deadly for some animals. (Recently, to 
the regret of pet owners, several exotic lizards died after 
eating North American fireflies.) This fact makes a warning 
(aposematic) function of luminosity a testable explanation. 

The most often seen and best understood bioluminescent 
emissions are the mating flashes of lightningbug fireflies. 
Nearly all flying emissions seen afield are the mating signals 
of males, signaling over and over, advertising, with their 
species’ sexual-recognition flash patterns. The male flash 
patterns of many species are distinctive and diagnostic in a 
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FIGURE 3 A graphic scene of firefly emissions, with alphanumeric coordinates to index text discussion. The diagram illustrates flash patterns, response flashes, 
a warning flash (3N), an attack flash (7E), illumination flashes, a flash pattern default (9D), some (probably?) meaningless flashes of “stressed” fireflies (6J, 


7N, 9F), and a Photuris larval glow (8L-10L). 


given location. In Fig. 3 several examples are illustrated. A 
male Photinus macdermotti flies from 2E to 7E, repeating his 
two-flash pattern every few seconds; a Photinus collustrans 
presents several of his low arcing flash patterns behind the 
fence 9F-12F; Photuris frontalis males fly low in the woods 
beyond the fence at 3E-7D; a Photinus pyralis repeats his J- 
stroked flash pattern diagonally across the view between 1F 
and 11K, and three or possibly four Photuris species cruise 
over the forest canopy where high-flying one-short-flash 
patterns are often difficult to identify without attracting the 
emitters to view them in the hand, but the crescendo flash at 
3B-9A is that of Photuris lucicrescens. Low in the woods at 
the upper right (10E-12D) two glowing males of the 
glowworm firefly Phausis reticulata cruise low over the 
ground emitting their green light continuously. 

In the signal system used by most North American 
lightningbugs, perched females flash responses to the flash 
patterns of males of their own species. The response signals 
of females are single flashes in most cases, emitted after a 
slight delay (<1 s) and, after a brief dialogue of flash patterns 
and responses, males reach and mount answering females. 
However, the female delay in the common Photinus pyralis is 
distinctive and varies between 2 and 4 s, depending upon 
temperature. A female Photinus pyralis is answering her male 
from a perch up a spike of grass near 12L. 

After mating, males return to mate searching and females 
turn to ovipositing and/or hunting (Photuris); this explains 
why males nearly always greatly outnumber females during 


their mating-time window, although the sex ratio at egg laying 
and at adult eclosion is expected to be 1:1. The operational sex 
ratio is reversed in some species toward the end of the season. 
Under such circumstances males theoretically are expected to 
become the more discriminating (i.e., the choosier) of a court- 
ing pair. Individuals may receive information that influences 
their flashing and mating behavior from the number of other 
flash patterns they observe around them. 

Among the dangers that flying, signaling males encounter 
in the dark are the predaceous firefly females of the genus 
Photuris. These versatile femmes fatales mimic the flash 
responses of females of other species, attract males, and eat 
them (Fig. 4; termed variously aggressive, Batesian—Wallacian, 





FIGURE 4 A predatory female of the genus Photuris (Florida member of the 


Photur. versicolor complex) devouring a male Photinus tanytoxus she has 


attracted with false mating signals. When hunting females of this species are 
presented with simulated “hovering” male flash patterns they sometimes 
launch aerial attacks. 











18 
1200 : 
F 1000 989 
853 
= 798 
2 800 
g 
oe 488 496 
> 2 
3 400 386 599 
Sah : 218 
es Eas. §.©:. aah. 
> : [J 
4 


Without social relationships | With social relationships 


= Service 3 
= Service 4 


= Service 1 
m Service 2 


Ficure 15: VO discovery time for four different services with or 
without social relationship utilization. 
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Ficure 16: Task completion time required for each service with or 
without social relationship exploitation. 


realized that the services can considerably reduce the time 
of object discovery and execution by using the relationship 
model. This is due to the fact that with social association 
among web objects a service does not have to query the 
registry for all VOs and rather VOs in the same social graph 
are utilized. Also, VOs collected observations are shared to 
save the service time for probing each VO. To view this, 
Figure 16 shows the overall time required for services to 
execute their tasks. An important factor to notice here is that 
the overall task completion time is also affected when social 
links are used to collect observations from VOs that are used 
in the service execution. 


5. Conclusion 


The Internet of Things is bringing the next technological 
revolution by connecting billions of objects on the earth and 
providing intelligent loT services. However, it also carries two 
most important challenges: the first one is the complexity of 
handling a huge number of heterogeneous objects and the 
second one is how to deal with the monolithic approaches 
for providing services over existing IoT infrastructure. To 
address these challenges, we have proposed an integrated 
design based on the principles of SIoT, where the complexity 
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has been handled using socially connected web objects; 
to overcome the monolithic approaches, microservices that 
can compose new service features independently have been 
adopted. In the proposed design, a social relationship model 
has been presented, which enables the efficient discovery of 
web objects and reduces the complexity of service provision- 
ing process with the algorithms to discover and compose web 
objects. A semantic ontology model has also been developed 
to realize the interoperable social interaction among hetero- 
geneous objects. Finally, a prototype implementation based 
on a use case scenario has been demonstrated; to evaluate the 
system with respect to the performance issues, experimental 
results pertaining to the VO discovery and service execution 
time have been rendered. 


Details of Notations Used in Algorithms 


x: Service object ontologies based on 
semantic representation where ¢p is a 
replacement for M,, which represents 
microservices M. which represents CVO 
and M,, are VO ontologies 

z: Collection or list of all relationships that 
are retrieved from service objects 

y: List of the objects that do not have a 
relationship or are not associated 

S Social relationship graph of objects 

U: — Correlation union of templates 

ut: All service objects returned in response to 

~ the query request 

T: All objects returned in response to the 

query request 

u: The single instance iterated from the 

collection of microservices 

M: Data model based on the specified 

ontology, where XM, represents service 
data model, 1M. represents context data 
model, and user profile model is 
represented as UM,, 

Q: SPARQI query to retrieve the available 

service templates for user rating 

Q': SPARQL query to retrieve the relationship 

associated with services 

Registry entries of service objects 

Cr: Relationship associated with CVO 

Vp: Relationship associated with VO 




















R,: _ All possible relationships that can be 
associated with CVO 

R,: All possible relationships that can be 
associated with VO 

O;: Iterator object instance for iterating the list 
of CVO and VO objects 


Z: — Set of objects’ social relationships 

oi: Iteration item of the list of service objects 

Xi: An instance of iteration items in the list of 
service objects 

I,m: List of all matched service items 

@i: An instance of iteration items in the list of 
matched service items 


or Peckhammian mimicry); they also launch aerial attacks on 
flying, flashing males, aiming at their luminescent emissions. 
In Fig. 3, the flash pattern of the Photinus macdermotti male 
is answered (6F) but he flies on, then is attacked in the air 
(7E) by the Photuris female. Such predators may be expected 
to have had a strong evolutionary impact on both the signal 
coding (countermeasure trickery) of prey species and the 
flight paths and bioluminescent signals of mate-seeking 
males. Predaceous females obtain the defensive steroidal 
pyrones called lucibufagens from some firefly prey, which 
they incorporate into their own and their eggs’ defenses. 

The hawking Photuris female (7E) flashes just as she 
reaches the male, and they fall glowing into the shrub; 
possibly illuminating her attack so she could seize him. 
Photuris females use what appear to be illumination flashes in 
other situations: as they approach the ground or vegetation 
for landing (2J—6L); as they climb vegetation and take flight, 
when their flashes gradually become less frequent, then stop 
altogether as the females disappear into the night (7L-6I); 
and as they walk around in tangles of vegetation on the 
ground (SM-6M, 9L), perhaps seeking oviposition sites. 
Other flashes of unlikely if any behavioral-ecological 
significance are those emitted by fireflies in spider webs (6]), 
water puddles (7N), and tangles of Spanish moss (9F). 

Males of many Photuris species use two or more flash 
patterns during mate search. Several species in one species 
group use a flicker with modulations timed exactly like those 
in the flash pattern of Pyractomena angulata (similar to the 
flicker shown in Fig. 1F), in addition to their species’ own 
identification flash pattern. For example, Photuris tremulans 
males usually emit a single short flash every 2 s (20°C; Fig. 3, 
2C-3C), but occasionally several or all males in a local popu- 
lation will emit the described Py angulata flicker pattern 
(except it is green, not amber). When a short-flashing 
Photuris tremulans male is answered with a short flash, he 
approaches the respondent (female or penlight), maintaining 
a dialogue, and lands near; but, when a flickering male is 
answered, he switches (defaults) to his short flash pattern and 
then approaches as described (11C-9D). 

When males of a related Photuris species receive an answer 
to their Py. angulata flicker (supernumerary) pattern, they 
default to their species’ identification pattern, which is a 
pulsed pattern like the one seen above the trees at 2B—4B, or 
a variation of it. This firefly demonstrates another twist in the 
use of supernumerary flash patterns that will be important 
for understanding bioluminescent communication. For a few 
minutes at the onset of evening activity all males begin with 
the pulsing pattern but soon some, then more and more of 
them use their Py. angulata flicker pattern, until in an hour 
or so a peak of 50 to 80% flickering is reached; then, the 
proportion of males using the flicker pattern gradually 
decreases across the midnight hour. 

Contrasting behavior of Photuris lucicrescens may be 
helpful for understanding signals of other Photuris species. 
They also use two flash patterns, a short flash and a crescendo 
flash (5B—7B), but they apparently do not switch patterns 
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FIGURE 5 Male fireflies of two Photuris species flashing over an oldfield in 
Connecticut seeking mates. One species is responsible for nearly all of the 
patterns seen here. 


(default) during approach, and a nocturnal changeover has 
not yet been recognized. There is much to be learned about 
the behavioral ecology of Photuris fireflies and, in particular, 
the sexual selection aspects of their bioluminescent signals 
(Fig. 5). Note that the supernumerary patterns of several 
Photuris species are copies of flash patterns of known prey of 
the males’ own females. In other words, pattern-copying 
Photuris males use a signal that hunting conspecific females 
will answer. This suggests a possible evolutionary origin of 
these prey-mimicking mate search patterns. Without this 
information the behavioral ecologist cannot understand 
selection pressures that have influenced the evolution of the 
bioluminescent signals we see today. 


HUMAN APPLICATIONS OF FIREFLY CHEMISTRY 


Bioluminescent insects are choice subjects for behavioral 
studies, but of equal or greater significance is the human- 
serving use that molecular and cellular biology and medicine 
have made of firefly bioluminescence chemistry. As one of the 
few known instances in which ATP is involved in light pro- 
duction, firefly light has been used as a research tool for 
understanding the machinery of cellular energy conversion 
and a variety of other applications, including medical diagnoses. 
ATP, the energy currency of life, is produced, stored, and used 
by living cells, and each photon of firefly light requires the 
energy released “from” (the terminal phosphate of) one ATP 
molecule. Light is easily quantified in the laboratory at 
extremely low levels by photo detectors (luminometers) and 
recorders that do not intrude into an ongoing living or 
chemical systems. Thus, photon monitoring (of ATP) in real 
time can reveal even subtle variations in reaction rates and 
enzyme kinetics under different experimental conditions. 

Glow intensity of an extract or culture will vary directly as 
ATP is produced or used (“up”) by a cellular reaction and can 
reveal the diurnal rhythmicity, quiescence or torpor, and 
health and vigor of living tissue, the last being of particular 
interest when exploring a bacterial culture’s sensitivity to 
antibiotic substances. Firefly genes whose products are 
involved in this reaction have been put into the genomes of 
bacteria, mammals, and plants. 
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CULTURE AND LITERATURE 


The Aztecs combined science and humanities with a firefly: 
“A firefly in the night’ the Nahuas called their songs: a tiny 
light in a great darkness, a little truth within the ignorance 
surrounding them.” It is a culturally impoverished American 
who has not heard of Wah-wah-taysee, the firefly in a 
memorized passage from Longfellow’s Song of Hiawatha or 
does not know where to find reference to a glowworm in 
Hamlet, or what Robert Frost said about fireflies, or what a 
glowworm did for the Mills Brothers. There are firefly books 
in English for children, but nothing to compare with the 
literature available in Japan, especially in connection with the 
Yokosuka City Museum and their dynamic firefly program. 


See Also the Following Articles 
Chemical Defense « Coleoptera ¢ Mating Behaviors ¢ Mimicry 
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B iotechnology can be broadly defined to include all practical 
uses of living organisms. As such, biotechnology has been 
practiced since the beginning of recorded history through 
endeavors such as fermentation of microorganisms for 
production of beer, selective breeding of crops, beekeeping 


for the production of honey, and maintenance of silkworms 
for the production of silk. Laboratory techniques developed 
within the last 20 years that enable transfer of genes from one 
organism to another have resulted in tremendous scientific 
and commercial interest and investment in biotechnology. 
The word “biotechnology” is now commonly used to refer to 
manipulation of organisms at the molecular level. This article 
reviews insect-derived tools used for biotechnological 
research and the use of recombinant DNA technology for 
management of insect pests and insect-borne disease. 


INSECT-DERIVED TOOLS USED FOR 
BIOTECHNOLOGICAL RESEARCH 


Expression of Foreign Proteins in Insect Cells 


Production of large amounts of a particular protein is 
extremely valuable for both research and industrial purposes. 
Baculoviruses, which are double-stranded DNA viruses that 
infect mainly insects, have been developed as baculovirus 
expression vectors (BEVs) by genetic modification to include 
a gene of interest. BEVs can replicate in lepidopteran cells 
and larvae, thereby efficiently transferring foreign genes into 
eukaryotic cells. The foreign gene is usually under 
transcriptional control of a viral promoter so that the gene is 
transcribed by the virus, but translated by the host cell 
biosynthetic machinery. The BEV system is one of the best 
tools for recombinant protein expression in a eukaryotic host 
and has been used for the production of many different 
proteins for research purposes. The BEV system also has 
potential industrial application for the production of 
proteins used in vaccines, therapeutic agents, and diagnostic 
reagents. Advantages of this protein production system 
include production of large quantities of foreign protein, and 
eukaryotic protein processing allowing production of more 
authentic eukaryotic proteins. The BEV expression system is 
only transient, however, because the baculovirus ultimately 
kills the host cells. Baculoviruses do not infect vertebrates 
and therefore provide relative safety for laboratory 
manipulation. The use of a baculovirus for production of a 
foreign protein was first demonstrated by expression of 
human f-interferon and Escherichia coli B-galactosidase. 

Insect cells can also be engineered directly to express the 
recombinant protein, without the baculovirus expression 
vector intermediate. Such insect cells are stably transformed 
to constitutively express a foreign gene. Expression levels are 
usually lower than for the BEV system, but stably transformed 
cells produce recombinant proteins continuously and process 
them more efficiently than infected cells. 


Insect-Derived Genes Used in Biotechnology 


Reporter enzymes allow monitoring of gene expression in 
living tissues and cells. The gene encoding the reporter enzyme 
is typically inserted under control of the promoter of the gene 


of interest, and production of the enzyme is monitored by 
means of an enzyme assay. Luciferases belong to a unique 
group of enzymes that produce light as an end product of 
catalysis. The luciferases derived from the North American 
firefly Photinus pyralis (Coleoptera) and the Jamaican click 
beetle Pyrophorus plagiophthalamus (Coleoptera) have been 
used as genetic reporter enzymes in virtually every experi- 
mental biological system, including prokaryotic and eukary- 
otic cell cultures, transgenic plants and animals, and cell-free 
expression systems. These luciferases, which evolved for the 
nocturnal mating behavior of the beetles, use ATP, oxygen, and 
D-luciferin as substrates in the catalysis of a light-producing 
reaction. The ease and reliability with which luciferase can be 
assayed, combined with the sensitivity of the technique, has 
made this enzyme a highly valuable research tool. 


USE OF BIOTECHNOLOGY FOR MANAGEMENT 
OF INSECT PESTS IN AGRICULTURE 


The ability to move genes from one organism to another has 
enabled scientists to develop insect-resistant transgenic crops 
and insect pathogens with enhanced insecticidal properties. 
The technology also has the potential to protect beneficial 
insects from chemical pesticides. 


Insect-Resistant Transgenic Plants 


Despite the progress made in recent years, a significant 
proportion of the world’s food supply is lost to the activities 
of insect pests. The deleterious impact of chemical pesticides 
on the environment, combined with the emergence of 
technologies enabling plants to be transformed with foreign 
genes, has driven the seed industry to develop transgenic 
plants as novel, environmentally benign means of pest 
control. Insect-protected crops were among the first products 
of biotechnology to have a significant impact on crop 
protection, and at times their use has resulted in decreased 
application of classical chemical pesticides. 

The bacterium Bacillus thuringiensis (Bt) kurstaki has 
served as a microbial insecticide for many years, but wide- 
spread use was limited by its instability when exposed to 
ultraviolet light and its poor retention on plant surfaces in wet 
weather. The high toxicity of the Bt toxins to a variety of insect 
pests, and the ease with which the gene could be isolated from 
bacterial plasmids, made it an obvious choice for development 
of the first insect-resistant transgenic plants. The active Bt 
toxin binds to a receptor in cells lining the insect gut and 
creates a channel allowing free passage of ions. The cells 
lining the gut die, and very soon, the insect dies, too. 
Different strains of Bt contain plasmids encoding different 
toxins with different specificities of action against insects. A 
particular toxin is generally effective against only a limited 
range of closely related species. Bt toxins are used in a variety 
of transgenic crops in the United States, including cotton, for 
protection against various lepidopteran pests, corn (maize), 
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for protection against the European corn borer Ostrinia 
nubilalis (Lepidoptera), and potatoes, for protection against 
the Colorado potato beetle Leptinotarsa decemlineata. 

Industry has expended enormous effort to identify new 
isolates of Bt. with different specificities and increased 
virulence for development of insect-resistant crops. Other 
bacteria also provide a resource for identification of insect- 
specific toxin genes such as those derived from Bacillus cereus 
and the entomopathogenic nematode-associated bacterium 
Photorhabdus luminscens. 

Plants have a variety of strategies to avoid or survive attack 
by insects, and genes encoding endogenous plant defensive 
compounds are also candidates for enhancing the resistance 
of crops to insect pests. Such factors include inhibitors of 
digestive proteinases that disrupt digestion by phytophagous 
insects. However, expression of serine protease inhibitors 
rarely results in high mortality of the insect pest, and the 
levels of mortality achieved were below what is required for 
commercial viability. A variety of lectins that bind specifically 
to carbohydrate residues have also been expressed in 
transgenic plants for protection against insects. A gene 
encoding the snowdrop lectin has been engineered into 
transgenic plants, and it confers protection against a variety 
of pests, including aphids and planthoppers. As with 
proteinase inhibitors, the levels of protection conferred by 
the foreign lectins are not sufficient for commercial viability. 


Transgenic Arthropod Natural Enemies 


Recombinant DNA methods may be applied to produce 
improved. strains of natural enemies such as predatory 
arthropods and parasitoids, but techniques are in the early 
stages of development. For example, the western predatory 
mite, Metaseiulus occidentalis (Acari), is among a group of 
mites that are mass-reared for the control of spider mites. 
However, pesticides applied for control of other pest species 
often wipe out the predatory mites. Engineering beneficial 
insects such as the western predatory mite with insecticide 
resistance genes would in theory provide protection from 
chemical sprays applied for control of insect pest species. 


Engineered Insect Pathogens for Pest Control 


Insect pathogenic bacteria, viruses, fungi, and nematodes 
have been used for the management of insect pests in various 
niche markets. However, each agent suffers from at least one 
major limitation, such as susceptibility to environmental 
stresses, temperature extremes, desiccation, or solar radiation. 
Most work has been done on the genetic enhancement of 
bacteria and viruses, in part because of the relative ease of 
genetic manipulation of these organisms. Genetic engineering 
to enhance the insecticidal properties of entomopathogenic 
nematodes and fungi is in its infancy. 

Genetic engineering has been used to enhance the insecti- 
cidal efficacy of various strains of Bt. by increasing virulence, 
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extending host range, and increasing field stability, and by 
introducing alternative toxins to facilitate resistance manage- 
ment. Techniques have been developed for production by 
genetic means of new strains of Bt. with new combinations 
of toxin genes. 

Considerable progress has been made toward optimization 
of entomopathogenic viruses at the genetic level. The 
baculoviruses are arthropod-specific viruses that have been 
studied extensively both as protein expression vectors and as 
insect pest control agents. These viruses have been genetically 
engineered with genes encoding insect-specific toxins that are 
active within the hemocoel of the insect. Upon infection of 
the insect host, the toxin is produced as the virus replicates, 
and the infected insect dies from the effects of the toxin 
delivered by the virus. Baculoviruses have been engineered 
with genes encoding a variety of insecticidal proteins and 
peptides. The most effective enhancement of insecticidal 
properties of the virus was achieved by introduction of genes 
into the virus genome that encode insect-specific neurotoxins 
derived from scorpion venom. Recombinant baculovirus 
insecticides have been developed that now approach the 
efficacy of the classical chemical insecticides. 


USE OF BIOTECHNOLOGY FOR MANAGEMENT 
OF INSECT PESTS AND INSECT-BORNE DISEASE 


Transgenic Insects 


Transposable elements are mobile segments of DNA that 
can move from site to site within a genome and can be used 
for delivery of foreign DNA into the genomes of insects. 
Although the vinegar fly Drosophila melanogaster (Diptera) 
was, in 1982, the first organism to be transformed, leading to 
tremendous advancements in genetics research, the applica- 
tion of this technology to other insects has been slow. Recent 
successes however indicate that stable transformation of 
insects may become more routine in the foreseeable future. 
Transformation using transposable elements has been 
achieved for relatively few species, mostly within the 
Lepidoptera and Diptera (Table I). Other gene transfer 


systems using viruses or gene expression from transformed 
bacterial endosymbionts (so-called paratransgenesis) have 
been used for some species that are not amenable to direct 
transformation. The genomes of bacteria and viruses are also 
significantly easier to engineer than eukaryotic genomes. 
Bacteria and viruses have been used as vectors for both 
transient and stable foreign gene expression in insects. For 
example, the bacterial symbionts of the kissing bug, Rhodnius 
prolixis, were successfully engineered to reduce the quantity 
of Trypanosoma cruzi, the parasitic protozoan that causes 
Chagas disease and is carried by this vector. The bacterial 
endosymbionts were engineered to express an antimicrobial 
peptide or antibodies that specifically target the parasite. 
Similar methods are being developed to prevent transmission 
of the malaria parasite Plasmodium by its mosquito vectors. 


GENETIC APPROACHES FOR MANAGEMENT OF 
INSECT PEST POPULATIONS 


The sterile insect technique (SIT) relies on release of large 
numbers of sterile male insects that mate with wild females, 
thereby reducing reproductive potential or, if sufficient 
numbers of males are released over time, resulting in 
eradication of the pest population in a given area. Successful 
SIT programs have been conducted against the screwworm, 
Cochliomyia hominivorax, the Mediterranean fruit fly, 
Ceratitis capitata, and the tsetse fly, Glossina spp. One of the 
problems associated with SIT is that laboratory rearing and 
sterilization of males results in reduced fitness of the insects. 

Alternative genetic control systems include use of natural 
sterility such as cytoplasmic incompatibility induced by 
infection with the bacterium Wolbachia, and conditional 
lethal traits. For a conditional lethal release, insects are 
engineered to carry a lethal trait that is active only under 
certain conditions, such as certain temperatures, or at 
diapause. Since the trait is not lethal immediately, it can 
spread in a population. Genetic techniques have also been 
developed that allow induction of female-specific lethality. 
These autocidal control strategies have been demonstrated 
only in the model organism Drosophila thus far. The ability 





TABLEI Genetic Transformation of Nondrosophilid Insects 
Order Species transformed Common name Pest status 
Diptera Anopheles stephensi Disease vectors 
A. albimanus 
Aedes aegypti Yellow fever mosquito 
Culex quinquefasciatus Southern house mosquito 
Musca domestica House fly 
Stomoxys calcitrans Stable fly 
Ceratitis capitata Mediterranean fruit fly Horticultural pests 
Bactrocera tryont Queensland fruit fly 
B. dorsalis Oriental fruit fly 
Anastrepha suspensa Caribbean fruit fly 
Coleoptera Tribolium castaneum Red flour beetle Stored-product pest 
Lepidoptera Bombyx mori Silkworm None 


Pectinophora gossypiella 


Pink bollworm Cotton pest 


to insert the desired genes into insect genomes will be critical 
to the success of these genetic approaches for management of 
insect pests in the future. 


See Also the Following Articles 
Genetically Modified Plants ¢ Genetic Engineering ¢ Pathogens 
of Insects ¢ Sterile Insect Technique ¢ Wolbachia 
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C ockroaches are an ancient and highly successful form of 
insect life. They were among the groups of insects that 
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evolved during the first great radiation of insects and have been 
in existence for at least 350 million years, or since early 
Carboniferous times. They seem to have achieved an optimum 
body form and other features early in their evolutionary 
history. Fossil specimens are relatively abundant; some that are 
at least 250 million years old are easily recognizable as cock- 
roaches and could pass for modern species. Among the features 
that allowed them to escape the extinction that claimed many 
of the earlier insect groups was the ability to fold their wings 
over the body. This allowed them to more easily hide from 
predators and escape other dangers. They also evolved early 
in their existence an ootheca that could be hidden, hence 
offering some measure of protection for their eggs. 

Cockroaches are referred to as generalized orthopteroid 
insects, which classifies them with the true Orthoptera 
(crickets, katydids, grasshoppers, locusts), Phasmatodea 
(walkingsticks), Mantodea (praying mantids), Plecoptera 
(stoneflies), Dermaptera (earwigs), Isoptera (termites), and a 
few other minor groups. The phylogenetic relationships 
among all these groups are not firmly established, although 
several theories exist. The closest relatives of cockroaches are 
believed to be the mantids, and some modern taxonomists 
prefer to place these two groups, as well as termites, in the 
order Dictyoptera. Indications are that termites evolved out 
of the cockroach stem or that cockroaches and termites both 
evolved from a common ancestor. One family of cockroaches 
(Cryptocercidae) and one extant relic species of termite 
(Mastotermes darwiniensis) have certain characteristics in 
common. Among them are the segmental origin of specific 
structures in the female reproductive system and that both 
deposit their eggs in similar blattarian-type oothecae. They 
also share a system of fat body endosymbiotic bacteria that is 
common to all cockroaches but is unique to Mastotermes 
among the termites. 


THE SPECIES OF COCKROACHES 


Between 3500 and 4000 species of cockroaches have been 
identified, with one relatively simple classification scheme 
dividing this group into five families as follows: 


e Cryptocercidae is the most primitive family and consists 
of one genus with fewer than 10 species. These cockroaches 
live as isolated family groups in decaying logs and occur in 
the United States, Korea, China, and Russia. They are large, 
reddish brown insects that are wingless at adults. 

e Blattidae is a diverse family with many genera and 
hundreds of species. Those classified as Periplaneta and Blatta 
are widely distributed, while other genera are more regional. 
They are large insects that tend to live outdoors. Several 
species are referred to locally as palmetto bugs. 

e Blattellidae is also a diverse family with many genera 
and around 1000 species. These cockroaches are widely 
distributed in the world but are concentrated in the tropics 
and subtropics. Blattellids are mostly small outdoor 
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cockroaches, including those called wood cockroaches. The 
genus Biattella contains the German cockroach. 

e Blaberidae is the largest family of cockroaches, with 
dozens of genera and more than 2000 species. These insects 
are widely distributed outdoors in tropical and subtropical 
regions. Some members of the genus Blaberus are extremely 
large, reaching more than 80 mm in length. These are the 
most highly evolved cockroaches, having developed the 
ability to incubate their eggs internally and, in some species, 
to nourish them. 

e Polyphagidae is a small family with only a few 
described genera and 100 to 200 species. Females of most 
species are wingless. These cockroaches are widely distributed 
in harsh environments, such as deserts and other arid 
climates. Some members of the genus Avenivaga have evolved 
structures that can absorb moisture from humid air. 


Other, more complex, classification schemes for cock- 
roaches also exist, indicating that the subject is not entirely 
settled. In addition, insect collections from formerly 
unexplored locations often include many undescribed 
cockroach species. Thus, it is likely that the total number of 
extant species is much higher than the figures just given. 
Indeed, the vast majority of cockroaches live in the tropical 
regions of the world, many of which have not been 
adequately assessed to establish the diversity of insect life, 
including cockroaches, occurring there. 

Cockroaches, being hemimetabolous insects, have egg, 
nymph, and adult stages and grow through a series of molts. 
They vary greatly in size, ranging from a few millimeters to 
over 100 mm in length. Many cockroaches are dark brown, 
but some are black or tan, and others show a surprising 
amount of color variation and cuticular color patterns. Most 
species have four wings as adults, and some are capable of 
rapid, sustained flight; others are wingless or have wings that 
are variously reduced in size. The majority of species are 
either nocturnal (or are hidden from view because of where 
they live), but some are diurnal. Cockroaches occupy diverse 
habitats, such as among or under dead or decaying leaves, 
under stones or rubbish, under the bark of trees, under drift 
materials near beaches, on flowers, leaves, grass, or brush, in 
the canopy of tall trees, in caves or burrows, in the nests of 
ants, wasps, or termites, in semiaquatic environments, and 
burrowing in wood. Thus, the common view of cockroaches 
as pests is not representative of the group as a whole. 


COCKROACHES AS PESTS 


The most important of the several reasons for considering 
some cockroaches to be pests is based on the species that 
invade people’s homes and other buildings and become very 
numerous. Most people find such infestations to be 
objectionable, in part because the important pest species also 
have an unpleasant odor and soil foods, fabrics, and surfaces 
over which they crawl. However, on a worldwide basis less 





FIGURE 1 German cockroach. From left: adult male, adult female, nymph, 
ootheca. 


than 1% of all known cockroach species interact with 
humans sufficiently to be considered pests. The actual 
number varies depending on location, because some pest 
species are greatly restricted in their global distribution. It is 
also true that more pest species are encountered in tropical 
locations than in the colder parts of the world. Of the 25 to 
30 species that can be a problem, more than half are only 
occasionally of importance and should be rated as minor or 
even incidental pests. Of the remaining species, only four or 
five are of global importance as pests, with the other nine or 
ten species having regional significance only. 

The most important pest species is the German cockroach, 
Blattella germanica (Blattellidae) (Fig. 1). It has a worldwide 
distribution and can survive well in association with any 
human habitation that provides warmth, moisture, and food. 
It is small, measuring 10 to 15 mm in length. Adults are 
yellowish-tan but nymphs are black, with a light-colored 
stripe up the mid-dorsum. There are two longitudinal, black, 
parallel bands on the promotum of both nymphs and adults. 
The wings cover most of the body in adults of both sexes. 
This is a nocturnal species that lives mainly in kitchen and 
bathroom areas. When a person enters the kitchen of an 
infested house at night and turns on a light, the cockroaches 
scurry out of sight—a startling experience that adds to the 
desire to eliminate them. There are three or four generations 
per year. Each egg mass (ootheca) contains from 30 to 50 eggs, 
and each female can produce three to six oothecae. The 
potential for rapid population expansion is obvious. 

The oriental cockroach, Blatta orientalis (Blattidae) (Fig. 2), 
the next most important pest species, is restricted to the more 
temperate regions of the world. It is large, measuring 20 to 
27 mm in length. All stages are dark brown to black. Females 
are essentially wingless, but in males the wings cover about 
two-thirds of the abdomen. This cockroach frequents base- 
ments and crawlspaces under buildings, where temperatures 
are cooler, and often lives outdoors. It is a long-lived insect 
and may require 1 to 2 years to complete its life cycle. The 
ootheca contains 16 eggs, and one female may produce eight 
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FIGURE 2 Oriental cockroach. From left: adult male, adult female, nymph, 
ootheca. 


or more oothecae. Under favorable conditions B. orientalis 
can become very numerous. 

There are five or six species belonging to the genus 
Periplaneta (Blattidae) (Fig. 3) that are important pests. The 
American cockroach, P americana, is the most notorious. It 
measures 35 to 40 mm in length and is a chocolate-brown 
color in all stages. Adults of both sexes are fully winged and 
may undertake a weak flight. P americana is widely distributed 
around the world but does not extend into the temperate zones 
as far as does the German cockroach. It requires 6 to 9 months 
to complete its life cycle. Among other Periplaneta species of 
importance are the Australian cockroach, P australasiae, the 
smoky-brown cockroach, P fuliginosa, and the Japanese cock- 
roach, P japonica. Each has a more restricted distribution, 
with P japonica, for example, being found in Japan and 
China. They are all large cockroaches with a long life cycle but 
can become numerous under certain conditions. Although 
tending to be outdoor cockroaches, they often occupy build- 
ings in which food is stored, prepared, or served. 

The brown-banded cockroach, Supella longipalpa 
(Blattellidae) (Fig. 4), is a nearly cosmopolitan pest. It is small, 





FIGURE 3 American cockroach. From left: adult male, adult female, 
nymph, ootheca. 


Blattodea 125 





FIGURE 4 Brown-banded cockroach. From left: adult male, adult female, 
nymph, ootheca. 


measuring 10 to 14 mm in length. As its common name 
indicates, there are two dark, transverse stripes or bands on 
the dorsum. The pronotum lacks the two black bands found 
on the German cockroach. Nymphs are light colored. Females 
produce numerous oothecae and glue them in inconspicuous 
places. Each one has about 16 eggs. The life cycle requires 
approximately 3 months to complete. This cockroach 
occupies homes and other buildings but unlike the German 
cockroach is not restricted to the kitchen and bathroom. 

Other pest species include the Turkistan cockroach, Blatta 
lateralis (Blattidae), two species in the genus Polyphaga 
(Polyphagidae), the Madeira cockroach, Rhyparobia maderae 
(Blaberidae), the lobster cockroach, Nauphoeta cinerea 
(Blaberidae), the Suriname cockroach, Pycnoscelus surinamensis 
(Blaberidae), the Asian cockroach, Blattella asahinai 
(Blattellidae), the harlequin cockroach, Neostylopyga 
rhombifolia (Blattidae), and the Florida cockroach, Eurycotis 
floridana (Blattidae). Most of these species are of regional 
concern as pests. 


COCKROACHES AND HUMAN HEALTH 


Cockroaches harbor many species of pathogenic bacteria and 
other types of harmful organism on or inside their bodies, 
but they do not transmit human diseases in the same manner 
as do mosquitoes. They acquire the harmful organisms because 
of their habit of feeding on almost any type of organic matter, 
including human and animal wastes. These cockroach-borne 
organisms can remain viable for a considerable period of 
time. If the cockroach next visits and soils food intended for 
human consumption, it is likely that harmful organisms will 
be deposited on the food. Consuming such food can lead to 
gastroenteritis, diarrhea, and intestinal infections and 
pathogenic conditions of other types. 

Cockroaches have been shown to harbor pathogenic 
bacteria belonging to the genera Mycobacterium, Shigella, 
Staphylococcus, Salmonella, Escherichia, Streptococcus, and 
Clostridium. They also harbor pathogenic protozoa in the 
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genera Balantidium, Entamoeba, Giardia, and Toxoplasma, and 
parasites in the genera Schistosoma, Taenia, Ascaris, Anclyostoma, 
and Necator. From these lists of organisms it is clear that 
cockroaches are important as potential disease vectors. 
Cockroaches are also important because people can 
become allergic to them, especially under conditions of 
constant exposure. These reactions usually involve the skin 
and/or respiratory system. Studies have shown that people 
who exhibit skin or bronchial responses to cockroaches have 
elevated levels of cockroach-specific antibodies. These 
responses can be severe and may require treatment. The 
species most commonly involved in producing allergic 
reactions are the German and American cockroaches. 


COCKROACH CONTROL 


There are several considerations that come into play in any 
discussion of cockroach control. The first is understanding 
how infestations arise. The usual modes of entry for German 
and brown-banded cockroaches are through infested parcels 
containing food or other materials, and by movement from 
abutting dwellings. Most of the other, larger pest species tend 
to live outdoors and can move from one building to another. 
They can also be introduced in parcels. Thus, the next 
consideration is prevention of entry. All entering parcels 
should be inspected to be sure they do not contain cock- 
roaches, and dwelling defects should be corrected to exclude 
invaders. Finally, human living space should be kept free of 
clutter, which can act as hiding places for cockroaches, and 
food left on dishes, in sinks, or on floors, which can feed a 
population of cockroaches, should be disposed of properly. 

When infestations occur, there are two main methods of 
control. Nonchemical methods include trapping and vacu- 
uming cockroaches, both of which can significantly reduce 
the size of an infestation. In addition, freezing, overheating, or 
flooding structures with a nontoxic gas can be used to kill the 
pests. Some of the latter procedures require specialized equip- 
ment and are best done by professional pest control operators. 

The most common method of control is the use of 
chemical poisons. A large variety of insecticides exist that will 
kill cockroaches. Some of them are contact poisons that are 
absorbed as cockroaches walk over treated surfaces. The most 
common of these belong to the chemical classes called 
pyrethroids, organophosphates, and carbamates. They kill by 
disrupting the insect’s nervous system, each in a specific 
manner. Other insecticides are administered in bait 
formulations that must be eaten by the cockroach. Among 
them are avermectin and fipronil, which also attack the 
nervous system, hydramethylnon, which disrupts cellular 
respiration, and boric acid, which destroys the cells lining the 
insect gut wall. Each of these materials, as well as others not 
mentioned, has its own chemical characteristics and must be 
used in accordance with label instructions. 

New insecticides are regularly being introduced that can kill 


cockroaches, and older ones are being phased out. A critical 
goal is to develop safer chemicals and safer methods of apply- 
ing them. For example, the older practice of applying insecti- 
cides to surfaces over which cockroaches are expected to crawl 
is being used less frequently and, as a consequence, the 
organophosphate and carbamate insecticides especially are 
being phased out. The practice of dispensing chemicals as baits 
has largely replaced the surface application method. With baits, 
the insecticide is more confined and the safety (of humans 
and pets) is thereby enhanced. The use of baits has become 
practical in recent years because some of the newer chemicals 
are highly palatable for cockroaches in bait formulations. 

Cockroach control in the future will likely depend on the 
availability of new insecticides as well as the development of 
better methods of applying them. Among the approaches 
that are possible is searching for chemicals that act on sites 
not previously exploited. For example, a combination of two 
chemicals is known that prevents cockroaches from 
producing uric acid. Previous research has shown that storing 
and recycling the chemical constituents in uric acid is critical 
to the survival of cockroaches. The functioning of this system 
is dependent on the fat body endosymbiotic bacteria, 
mentioned earlier. Other points of metabolic vulnerability 
will also probably be found in the future. 

Another reason for the need for new chemical approaches 
is that the most important cockroach pest, B. germanica, has 
become resistant to many of the older insecticides. When this 
occurs, either the effectiveness of those chemicals is greatly 
reduced or they become useless against resistant populations. 
With continued use of the newer chemicals, resistance to 
some of them will probably develop. A steady supply of new 
chemicals with new modes of action will greatly alleviate this 
problem and facilitate continued control. 


See Also the Following Articles 
lsoptera ¢ Medical Entomology * Orthoptera « Phasmida e 
Urban Habitats 
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f the 1 million described insect species, only 300 to 400 

species feed on blood. The best known groups of blood- 
sucking insects are the lice, fleas, mosquitoes, sand flies, black 
flies, and bugs. But there are also several lesser known groups 
such as the nycteribiids and streblids, two families of cyclor- 
thaphous flies found exclusively on bats; the Rhagionidae or 
snipe flies, a little-studied group of brachyceran flies; some 
lepidopterans (e.g., Calpe eustrigata); and even some coleop- 
terans (e.g., Platypsyllus castoris) that appear to have started 
on the evolutionary road to hematophagy. 

Blood-sucking insects are of immense importance to 
humans, primarily because of the diseases they transmit. They 
also cause huge losses in animal husbandry because of disease 
transmission and because of direct losses linked to the pain and 
irritation they cause to animals. The most spectacular example 
of this agricultural loss is the prevention of the development of 
a cattle industry worth billions of dollars a year through much 
of sub-Saharan Africa because of tsetse fly-transmitted try- 
panosomiasis, although some argue that this has been Africa’s 
savior because it has preserved wildlife and prevented deser- 
tification. Blood-sucking insects also cause serious losses in the 
tourist industry in areas as diparate as the French Camargue, 
the Scottish Highlands, and the state of Florida. We cannot 
ignore the sheer annoyance they can cause to us all. 


EVOLUTION OF THE BLOOD-SUCKING HABIT 


Although blood-sucking insects are poorly represented in the 
fossil record, it seems probable that they emerged along with 
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the first nesting or communal dwelling vertebrates (reptiles) 
in the Mesozoic era (65-225 mya). Evolution of the blood- 
sucking habit probably occurred in two main ways. The first 
route involved the attraction of insects to vertebrates, with the 
attraction being either to the protection of the nest environ- 
ment or for the utilization of vertebrate-associated resources 
such as dung. The second route involved morphological 
preadaptations that permitted the rapid adoption of the 
blood-sucking habit. 

Many insects would have been drawn to vertebrate nests 
because of the protected environment and abundance of food 
there. Gradually, some would have progressed to feeding on 
cast skin or feathers. Phoresy also would have permitted easy 
travel from one nest to another. Once phoresy was adopted, 
the insects may have begun to feed directly on the host animal 
and thus established an even more permanent association 
with the host; mallophagan lice make a good example of this 
type of association. Regular accidental encounters with blood 
may then have led rapidly to the evolution of the blood- 
sucking habit because of the highly nutritious nature of 
blood compared to skin, fur, and feather. 

Other insects are attracted to vertebrates outside the nest 
situation to utilize other vertebrate-associated resources, notably 
dung. Dung is used by a wide variety of organisms and there 
is strong competition to be the first to lay eggs in it. So, for 
example, the female horn fly Haematobia irritans lays its eggs in 
dung within 15 s of its deposition. To do this, the insect must 
remain permanently with the vertebrate; to do that, it must 
feed on the vertebrate. The high nutritional content of blood 
will then make hematophagy a favored evolutionary route. 

Some insects also had morphological preadaptations for 
piercing surfaces, facilitating the relatively easy switch to 
blood feeding. Entomophagous insects (those that feed on 
other insects) and plant-feeding insects are prime candidates. 
For example, the Boreidae are a group of small apterous 
scorpion flies who are capable of jumping. They live in moss 
and feed on other insects by piercing them with their 
mouthparts. They are commonly found in nests because of 
the moss content and abundance of insects found there. It is 
easy to imagine such a lineage developing into fleas. 

Insects that feed on plants may also have switched to the 
blood-feeding habit. An unusual example is a blood-feeding 
moth, C. eustrigata. This moth belongs to a group of noctuids 
having a proboscis that is hardened and modified to allow 
them to penetrate fruit rinds. C. eustrigata has used the mor- 
phological preadaptation to feed on vertebrate blood. 


HOST CHOICE 


The question of host choice is an extremely important one 
because it defines patterns of disease transmission and 
economic damage caused by blood-sucking insects. Blood- 
sucking insects in general feed on a range of different hosts, 
including birds, reptiles, mammals, and amphibians. Even 
invertebrates such as annelids, arachnids, and other insects 
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are sometimes included in the diet. But any particular blood- 
sucking insect generally feeds only from a small segment of 
the available hosts. This segment of choice is preferred but it 
is not immutable. This can be clearly seen around zoos where 
the exotic animals are quickly incorporated into the diet of 
the local blood-sucking insects. 

The determinants of host choice are complex, but probably 
one of the most important factors is simply host availability. 
Changes in host availability because of more intensive animal 
husbandry, coupled with decreasing rural populations of 
humans and improved, mosquito-free housing, were a major 
factor in the disappearance of autochthonous malaria from 
Northern Europe in the past century. Despite our poor unders- 
tanding of the factors determining host choice, there is a direct 
relationship between the number of hosts that blood-sucking 
insects utilize and the insects’ locomotory abilities (which is 
often reflected in the amount of time they spend with the host). 
Thus, ectoparasites (which have poor locomotory abilities and 
usually remain permanently on hosts) are often restricted to a 
single host species. A good example is the louse Haematomyzus 
elephantis, which is restricted to elephants. At the other extreme, 
those flying blood-sucking insects such as mosquitoes that 
make contact with the host only long enough to take a blood 
meal often display a very catholic host choice. For example, a 
sample population of the mosquito Culex salinarius was shown 
to take 45% of its blood meals from birds, 17% from equines, 
and 15% from canines; moreover, 13% of the meals was a 
mixture of blood from more than one host! 

In general terms, the most common hosts chosen are large 
herbivores. Large, social herbivores present an abundant, 
easily visible food source that is reliable and predictable from 
season to season. Carnivores in comparison are fewer in 
number, often solitary, and range unpredictably over wide 
areas. Another reason large herbivores are chosen is that they 
are poor at defending themselves from attack compared to 
small, agile animals that will often kill and/or eat attacking 
blood-sucking insects. 


HOST LOCATION 


For lice and other blood-sucking insects that are permanently 
present on the host, finding a new host is simply a matter of 
moving from one to the other when the hosts are in bodily 
contact. For blood-sucking insects that are only in temporary 
contact with the host, finding a host is a more difficult 
proposition. The following host-seeking behaviors are not 
rigidly patterned but they probably typically follow one 
another in a loose sequence. For most blood-sucking insects, 
olfactory stimuli are the first host-related signals perceived, 
and visual signals from the host probably are apt to become 
important at a later stage in host location. Blood-sucking 
insects make use of this predictability by permitting the 
current behavioral response to lower the threshold required 
for the next host signal to elicit the next behavioral response 
in the host location sequence. The increasing strength and 


diversity of host-derived signals that the blood-sucking insect 
receives as it moves closer to the host are thereby enhanced. 

Host location is usually restricted to particular times of the 
day for each species of blood-sucking insect. Thus, tsetse flies 
tend to be crepuscular, Anopheles gambiae (the most important 
vector of malaria) is a night feeder, and the stable fly Stomoxys 
calcitrans bites during the day. As hunger increases, bouts of 
host location behavior intensify. For many blood-sucking 
insects such as the tsetse, the first behavior is often to choose 
a resting site where they have a good chance of encountering 
a host-derived signal and once there to remain motionless 
and wait for a host-derived signal. This strategy combines 
minimal energy usage with a good chance of encountering a 
host. Other blood-sucking insects use more active strategies. 
If a gentle wind is blowing from one direction the optimum 
strategy can be to fly across the wind so that the probability 
of contact with a host odor plume is enhanced. 

Host-derived olfactory clues used include carbon dioxide, 
lactic acid, acetone, octenol, butanone, and_ phenolic 
compounds found in urine. These are probably used in 
combination by each insect’s sensitivity to different com- 
binations of smells. For example, we can look at the power of 
phenolic components found in bovine urine to draw tsetse 
flies to a bait. Used singly, 3-7-propylphenol draws roughly 
equal numbers of Glossina pallidipes and G. m. morsitans. In 
contrast, when 3-n-propylphenol is used in combination 
with 4-methylphenol catches of G. pallidipes increase 400%, 
whereas catches of G. m. morsitans decrease. The explanation 
for this may be that first, mixtures of odors are a stronger 
guide to the presence of a host than a single odor alone and 
so will minimize energy consumption from chasing false 
trails. Second, mixtures may help in host choice by guiding 
blood-sucking insects to particular host species. 

‘Tracking the source of an odor plume while in flight is a 
major task. It is believed that many blood-sucking insects 
achieve this by using upwind optomotor anemotaxis. During 
flight, insects will be blown off course by any wind that is 
blowing. They can use this fact to determine wind direction. 
To do this, they observe the perceived movements of fixed 
objects on the ground and by comparing this to the direction 
in which they are trying to fly determine wind direction. The 
suggestion is that the insect flies across wind until an odor 
plume is encountered, when it turns upwind. If the odor 
plume is lost, it recommences flying across wind until it 
refinds the odor and turns upwind once more. This proceeds 
until the insect comes into the immediate vicinity of the 
host. It is believed that hosts can be detected by odor at about 
90 m by tsetse flies and at 15 to 80 m by some mosquitoes. 

Vision is also used in host location by the majority of blood- 
sucking insects and is used most extensively by day-feeding 
insects in open habitats. In general, blood-sucking insects can 
detect and discriminate between objects on the basis of color 
contrast, relative brightness (intensity contrast), movement, 
and shape. Insects are quite sensitive to movement and their 
color vision stretches up into the UV but not down to the red. 
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Myr’ List of all matched ranking 
Ranking value assigned to a service object 

oj: Iterator item for the ranking list 

«x: Threshold to rank a service object 

Wf: Workflow for the composition of service 
objects 

Pq: Priority queue to store ranked object 
instances 

Rd: Assigned relationship ranking. 
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Night-feeding blood-sucking insects have relatively better 
intensity contrast than color contrast, whereas for day-biting 
blood-sucking insects movement perception and color contrast 
may be particularly important. Large individual herbivores (as 
opposed to herds) are thought to be detected by vision at about 
50 m by tsetse flies and at 5 to 20 m by some mosquitoes. 

Once the blood-sucking insect is in proximity to the host, 
heat and humidity become important factors in location in 
addition to the continuing importance of vision and odor. 
Temperature is probably a useful guide from about 5 cm to a 
meter or so from the host depending on insect species. Even 
when they have contacted a host, blood-sucking insects will 
imbibe a blood meal only if it provides the correct 
biochemical characteristics (i.e., taste). 


THE BLOOD MEAL 


Blood-sucking insects take huge meals. Temporary ectopar- 
asites such as the tsetse fly typically ingest more than their 
own unfed body weight in blood. The reasons are twofold. 
First, taking a blood meal is a very dangerous activity and 
taking huge blood meals minimizes the number of times an 
insect must associate with the host. Second, locating the host 
is often difficult and huge blood meals are a way of making 
the most of each encounter. Mouthparts are adapted to the 
blood-feeding habit. Typically, they are either of the piercing 
kind seen in mosquitoes, bugs, lice, and fleas or the cutting 
kind seen in tabanids, black flies, and biting flies. 

The host usually responds to feeding activity, particularly 
the injection of saliva, by mounting an immune response that 
includes pruritis (itching). Typically this begins to occur 
about 3 min after feeding commences. Thus, there is a 
selective advantage in completing the blood meal within this 
3-min “safety period” after which the host will be alerted to 
the presence of the insect. To help achieve this, blood- 
sucking insects have produced a range of antihemostatic 
molecules in the saliva, one of the major functions of which 
is to minimize host contact time. 

Antihemostatic molecules produced by the blood-sucking 
insect include anticoagulant molecules working variously, for 
example, on thrombin or factors VIII and X. However, platelet 
plugging of small wounds is probably of more importance to 
blood-sucking insects than blood coagulation. Consequently, 
they also produce anti-platelet aggregating factors such as 
apyrase. These are used to impede the plugging of the 
penetration wound in capillaries and to prevent clogging of 
the insect mouthparts. The insect saliva also contains 
powerful vasodilatory substances to increase blood flow to the 
wound and anti-histamines that will minimize inflammation 
and itching, possibly extending the “safe period.” Salivary 
components are also important as they can facilitate the 
transmission of arthropod-borne pathogens. For example, 
the production of Leishmania-enhancing factor in the saliva 
of the sand fly Lutzomyia longipalpis enhances the establish- 
ment of the parasite Leishmania major in the vertebrate host. 
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It has also been shown that such effects may be limited to 
naive hosts, suggesting that the history of exposure to vector 
saliva may influence the outcome of potentially infectious 
inoculations. Parasites can also manipulate the salivary glands 
to their own advantage. Thus, malaria sporozoites damage 
the salivary glands of mosquitoes, reducing antihemostatic 
effectiveness, and thus extend probing time and increase the 
chances they will be transmitted to a new host. 

Some blood-sucking insects feed only on blood during 
their entire life. Examples include the tsetse flies, streblids, 
hippoboscids and nycteribiids, triatomine and cimicid bugs, 
and lice. Blood is deficient in certain nutrients such as the B- 
group vitamins and pantothenic acid, and the insect cannot 
make these itself. To make up for this deficiency, these obligate 
hematophages harbor symbiotic microorganisms that produce 
these extra nutrients. These symbionts are often housed in a 
specialized body compartment, traditionally called a mycetome 
or, more recently, a bacteriome. For example, the tsetse fly 
Glossina harbors three symbiotic microorganisms, including 
Wigelesworthia glossinia, which is from the y-subdivision of 
the Proteobacteria, in the bacteriome of the anterior gut. 


HOST-INSECT INTERACTIONS 


There are several evident morphological adaptations for a 
blood-sucking life. Piercing or cutting mouthparts are the 
clearest example. In addition, many periodic and permanent 
ectoparasites such as fleas and lice are laterally or dorsoventrally 
flattened and are wingless, which are adaptations allowing them 
to move easily through the pelage or feathers and to avoid being 
groomed by permitting them to flatten themselves against the 
skin. Most of these ectoparasites also have cuticular extensions 
in the form of spines and combs. These are longer and spinier 
in bird-infesting forms than in those found on mammals. The 
combs in particular are found covering weak spots in the body 
such as the articulations between body segments. The spacing 
of the tips of the combs correlates well with the diameter of the 
hairs on the body of the host. This suggests that these combs 
have a dual function: protecting the body from abrasion and 
acting as an anchoring device for the ectoparasite. 

The host regulates the numbers of permanent ectoparasites 
by grooming, usually with both the toes and the teeth. This 
often limits ectoparasite distribution on the host to those 
areas the host can groom least efficiently, such as the head and 
neck. The immune response mounted against these blood- 
sucking insects is often very localized. It makes feeding on 
these protected areas of the skin difficult, with the result that 
the insects feed less well or move to less affected areas of the 
body where they are more easily groomed. The result is that 
the host regulates ectoparasite numbers. 

The host also shows behavioral defenses to temporary 
ectoparasites such as mosquitoes. The level of defensive 
behavior is usually density dependent and thus can have 
important consequences for disease transmission. For 
example, the arbovirus eastern equine Encephalitis (EEE), 
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which is naturally found in birds, is transmitted in the United 
States by the mosquito Culiseta melanura. During spring and 
early summer, these mosquitoes feed almost exclusively on 
passerine birds, transmitting the virus among them. Later in 
the season, as mosquito numbers increase, bird defensive 
behavior increases and mosquitoes are more willing to feed 
on other vertebrate hosts. This is when EEE is transmitted to 
other vertebrates including horses and humans. 
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B ecause of its structure, the environment offers many more 
niches for small organisms than for large ones. The 
relatively small size of insects, which is one of the reasons for 
their success, has therefore made them very diverse, a 
characteristic that has resulted in a high number of species. 
In spite of their generally small size, limited by their method 
of gas exchange, insects show as large a range in size as other 
groups of organisms. 


SIZE VARIATION 


Size varies tremendously among and within orders, families, 
and species of insects. The smallest extant insects known are 
about 0.2 mm in length and can be found among beetles of 
the family Ptiliidae and wasps of the family Mymaridae, 
which are egg parasitoids. Insects of this minute size are 
smaller than the largest one-celled protozoans. The largest 
extant insects are phasmid (walkingstick) species (up to 30 
cm long), sphingid moths (wingspan of up to 30 cm), and 
some beetles of the genera Megasoma, Dynastes, or Goliathus 
(up to 100 gr). The high number of possible runners-up for 
the title “largest insect on earth” highlights another difficulty 
when dealing with size: What measure should be used? 

Although insects are not as large as some other organisms, 
the range in size among insects is almost as large. For example, 
the difference in volume between the largest mammal (the blue 
whale) and the smallest (a minute shrew) is about 1:2 x 10°. 
This is comparable to 1:1.5 x 10° for the two extremes 
among insects (ptiliid beetle and Goliath beetle). 


HOW TO MEASURE INSECTS 


Body length (measured from tip of head to tip of abdomen) 
is probably the most often used measure of size and the easiest 
to comprehend. Weight (or biomass) is a measure of size that 
interests many ecologists because it often correlates well with 
fecundity. Fecundity, in turn, is often a major fitness compo- 
nent and may be a key feature in population dynamics. For 
practical reasons, traits that are correlated with weight are 
used instead, such as hind tibia length, front wing length, 
elytra length, head capsule width, or body volume. The ratios 
between these and other morphological traits are often used 
in taxonomic descriptions of insect species. These ratios give 
descriptions of shape. The main objective in describing size is 
to identify traits that are easy to measure (e.g., does not have 
a curved shape) and are stable on prepared specimens. 


SOME EXPLANATIONS FOR VARIATIONS IN SIZE 


The size of an insect individual is determined by its genes 
and by the environment in which it grows. Temperature, 
crowding, food quantity, and food quality are examples of 
environmental factors that affect size, but insects may make 
up for such effects by compensatory feeding. 

The size of female insects often determines their 
fecundity, which may be manifested in giving birth to many 
small offspring or a smaller number of large ones. To be able 
to produce many large offspring, which may be adaptive for 
survival in a harsh environment, the female herself must be 
large. The importance of size for female fecundity can often 
be seen in the sexual dimorphism of insect species, in which 
males typically are much smaller than females. 

Although the primary role of male insects is to fertilize the 
eggs, males may benefit from being large because they 


contribute to the realized fecundity of females by providing 
resources through their ejaculate or in competing with other 
males to obtain mates. An example of the latter characteristic 
is provided by some species of digger wasps (Sphecidae), in 
which males compete intensely with each other for females 
only half their size. 

Sometimes, adult or larval foods come in packages or 
shapes that allow only very small insects to use them. Such 
foods include very small items like seeds and insect eggs, or 
very thin items like pores of fungi. Many insect families that 
use these foods [e.g., bruchid beetles, mymarid parasitic 
wasps, and nanosellin (Ptiliidae) beetles, respectively] have 
been adapted to and have radiated into several species under 
such living conditions. 

Insects smaller than 1 mm operate in a world where 
gravity and molecular forces are in the same order of 
magnitude. This can be advantageous when, for example, 
insects find it easier to climb vertical surfaces. However, it 
can also lead to problems when, for example, an insect is 
trapped in a drop of water by the water’s surface tension. 


FACTORS THAT LIMIT SIZE 


The smallest insects will have difficulty making room for the 
internal organs that are necessary for their existence. For exam- 
ple, some ptiliid beetles can lay only one egg at the time because 
their eggs may be up to 0.7 times the size of the whole insect. 

The largest size an insect can reach is limited by the tracheal 
system. In insects, gas exchange with air is mediated directly to 
the tissues by a highly branched system of chitin-lined tubes 
called tracheae. No cells in the insect body are more than 2 
to 3 um from a tracheole. Diffusion along a concentration 
gradient can supply enough oxygen for small insects, but forms 
that weigh more than about a gram, or are highly active, 
require some degree of ventilation. Most insects have venti- 
lating mechanisms to move air in and out through the tra- 
cheal system, but the need to allow enough oxygen to reach 
the tissue by diffusion imposes limits on tracheal length. Most 
large insects present today have long slender bodies, a trait that 
also limits tracheal length. Furthermore, elaborations of the 
tracheal system could not be made without destroying the 
water balance in large insects. However, there are exceptions: 
some of the heaviest extant beetles have bulky bodies, but these 
insects are not (or do not have to be) very quick and do not fly. 


CHANGE OVER TIME 


It has been suggested that organisms increase in size over an 
evolutionary time scale. However, there is no evidence to 
support this suggestion, and perhaps natural selection acts on 
correlated traits that constrain the evolution of increased size. 
In fact, fossils reveal that some insects in the past were much 
larger than their extant relatives. For example, many winged 
Carboniferous and Permian insects, existing about 300 mya, 
had wingspans exceeding 45 cm; the largest was the Permian 
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dragonfly Meganeuropsis schusteri, which had a wingspan of 
71 cm. These insects certainly also had long, narrow bodies, 
to reduce the length of the trachea. During these prehistoric 
times, the atmospheric oxygen concentration was much higher 
(up to about 35%) than the present level (20.9%), which may 
have allowed sufficient oxygen to reach the innermost tissues 
of very large insects. However, such an oxygen-rich atmosphere 
also would have augmented aerodynamic properties in early 
flying insects. It has been suggested that later appearing 
insects could not evolve to a large size because of competition 
for niches with birds and other later appearing animals. 


OTHER RELATIONSHIPS 


Ectotherms, including insects, in contrast to endotherms, 
seem to follow the converse of Bergmann’s rule: that is, they 
are smaller toward higher latitudes and altitudes. A high 
degree of genetic determinism seems to underlie this pattern. 
A possible reason could be an evolved response to geographic 
patterns in season length. 
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FIGURE 1 Relationship between insect size (body volume) and (A) species 
richness and (B) number of individuals for five insect orders. [Redrawn from 
Fig. 2 in Siemann, E., Tilman, D., and Haarstad, J. (1996). Insect species 
diversity, abundance, and body size relationships. Nature 380, 704-706, 
with permission from Nature.] 
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Insect assemblages are thought to be structured by 
competition, with most of the insects found in medium-sized 
classes. Thus, the size of a particular insect is governed by its 
living habits and its feeding guild, in which competition with 
similar insects has forced some to evolve a larger or smaller 
body size. Empirical data show that species diversity in any 
taxonomic group of insects peaks at some intermediate body 
size (Fig. 1). For some authors, this implies that there may be 
fewer undescribed small insect species than previously 
suggested, which in turn, suggests that global biodiversity 
probably is lower than the highest estimates (30-50 million 
species). However, it is not clear whether such a pattern 
results from biological processes or from statistical or 
sampling properties. The size distribution of cars parked at 
Heathrow Airport also shows a peak in diversity at an 
intermediate size. Nevertheless, more knowledge about the 
causes behind size distribution patterns among insects and 
other organisms may provide key information in the effort to 
preserve biodiversity. 
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Boll Weevil 


R. Nelson Foster 
United States Department of Agriculture 


he boll weevil, Authonomus grandis grandis, is a beetle 

belonging to the family Curculionidae. A native of Mexico 
or Central America, it was first described in 1843 by the 
Swedish entomologist Boheman. Boll weevil is a new world 
pest of cultivated cotton and occurs in all Central America 
countries where cotton is cultivated, Mexico, the United 
States, Cuba, Hispaniola, Colombia, Venezuela, Brazil, and 
Peru. Where established, it is probably the most serious pest 


of cotton. Since its arrival in the United States, it is estimated 
that actual damage loss combined with control costs attributed 
to boll weevil exceed $16 billion (consumer-price-index- 
adjusted value of $91 billion). The boll weevil is important to 
examine in detail because of its destructive impact in cultivated 
cotton, use of aggregation pheromone, overwintering 
diapause, existence as three different but difficult-to- 
distinguish forms of the species, and status as the target of 
successful, area-wide eradication efforts in the United States. 


MIGRATION AND DISPERSAL IN THE 
UNITED STATES 


Boll weevil is a migratory pest, and its movement is largely 
dependent on wind direction and speed. It has been known to 
travel as far as 272 km and can hitchhike on cars, trucks, and 
trains. Boll weevil was first reported in the United States in 
the fall of 1894 from Brownsville, Texas, and may have been 
established as early as 1892. By 1895, the weevil had spread 
north to San Antonio and eastward to Wharton, Texas. The 
weevil reached Louisiana in 1903, Mississippi in 1907, and 
Georgia by 1916; by the 1920s it had infested cotton 
throughout the Mississippi Delta and the southeastern 
United States, and by 1922 had become established almost to 
the northern limits of cotton production. Northern and 
western portions of Texas became infested as a result of a 
sequence of expansions of the pest range between 1953 and 
1966. Arizona was plagued with problems from the boll 
weevil beginning in the late 1970s, and in 1982 the weevil 
was detected in the southern desert valleys of California. The 
weevil became established in New Mexico in the early 1990s. 


DESCRIPTION 


Eggs of the boll weevil are pearly white, usually elliptical, and 
approximately 0.8 mm long by 0.5 mm wide. Legless white 
grubs hatch from eggs; they have light brown heads 
approximately 1 mm long. The larva, as it feeds and grows 
for 7 to 14 days, exhibits a ventrally curved, crescent form, 
with the dorsum strongly wrinkled and the venter smooth. 
The pupa is white at first but turns brown as it develops for 
3 to 5 days. The adults are initially light in color but darken 
with age to colors from reddish brown to gray; depending on 
abundance and nature of food, they range in size from about 
2.5 to 7 mm. The dark snout of this weevil is about half as 
long as the body (Fig. 1). Three forms (Mexican boll weevil, 
southeastern boll weevil, and thurberia weevil) have been 
separated by using characters ranging from morphological 
profemoral width/length ratios and spermatheca shapes to 
analysis systems relying on molecular biology. 


LIFE HISTORY 


The boll weevil belongs to a family of insects that is strictly 
phytophagous. This group is highly host specific and 





FIGURE 1 Boll weevil on cotton leaf. 


generally prefers flower buds for feeding. Cotton (Gossypium 
spp.) is the principal host plant of boll weevil, but it also 
develops on certain species of the related genera Thespesia, 
Cienfuegosia, and Hampea. The boll weevil passes the winter 
in diapause in the adult stage sheathed beneath brush and 
ground litter and in other protected locations in or around 
cotton fields. In arid areas, overwintering sites may be 
associated with increased moisture habitats such as near 
irrigation canals and rivers. Winter survivors emerge from 
overwintering sites in the spring and begin feeding on the 
tips of cotton seedlings and squares (i.e., the cotton flower 
buds). Weevils that emerge before cotton plants have begun 
to form squares, feed on leaf buds and growing terminals, 
and live for only a week or two; those that emerge later 
produce eggs for 3 to 6 weeks. Later generations survive the 
winter in a diapause state. The female deposits eggs singly in 
the bottom of punctures she makes in the cotton squares and 
later in the season in bolls. Overwintered females produce 
fewer than 100 eggs, but later generations produce 300 or 
more eggs. The average female’s rate of reproduction is 5 or 
6 eggs a day. Depending on the temperature, larvae hatch in 
3 to 4 days. Larvae feed for 7 to 14 days and pupate. Adults 
emerge 3 to 6 days later. 

A sex pheromone facilitates mating, after which the 
females begin laying eggs in 3 to 5 days. Two to seven 
generations can occur in a season. However, as many as 10 
generations may develop under favorable conditions. Late in 
the season as cotton ceases to produce fruit, boll weevils 
move in large numbers from cotton fields to overwintering 
sites. Only 1 to 20% of weevils survive the winter. Reduced 
survival is seen after unusually cold winters, and unusually 
dry summers also cause some mortality through loss of 
moisture in overwintering sites. 


CONTROL AND ERADICATION 


Sound cultural practices combined with chemical control 
relying on numerous compounds has been the traditional 
practice for combating boll weevil. Coordinated eradication 
efforts in the United States have been quite effective. The 
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eradication effort in the United States is based on three major 
activities: mapping all cotton fields, evaluating weevil presence 
in each field with pheromone traps, and applying control 
treatments. The program consists of a series of sequential 
expansions and usually lasts 3 to 5 years in any particular area. 
The program relies on intensive, carefully coordinated, ground 
and aerial treatments of ultra low volume malathion (almost 
exclusively), concentrated over one to three seasons, in response 
to predetermined numbers of weevils caught in pheromone 
traps. The program started in 1983 in the Carolinas and has 
expanded to parts of all of the cotton-growing states in the 
country. Active eradication has been completed in Virginia, 
North Carolina, South Carolina, Georgia, Florida, Alabama, 
Arizona, California, and in some parts of the other cotton- 
growing states. It is projected to be completed in 2005. In the 
southeastern states, where active eradication has been 
completed, a remarkable increase in cotton production has 
occurred. When completed, nationwide eradication will 
result in substantial economic and environmental benefits 
throughout the areas once plagued by the boll weevil. 
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he silkworm, Bombyx mori, is used for sericulture and is 

one of the most economically important insects in the 
world (Fig. 1). The species of silkworm usually raised by 
sericulturists is B. mori (Lepidoptera: Bombycidae). A closely 
allied species is the mulberry wild silkworm, B. mandarina. 
Its morphology does not differ markedly that of from B. 
mori, and hybrids are highly fertile. 

Along with Drosophila melanogaster, B. mori larvae have 
been used as a model for various biological studies for many 
years. These two insect species have greatly contributed to the 
progress of research in several scientific fields. 
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FIGURE 1 Larva of the silkworm, B. mori. Larva at 4 days of fifth instar. 


LIFE CYCLE OF B. MORI 


Silkworms undergo complete metamorphosis (Fig. 2). Larvae 
feed on the leaves of the mulberry (family Moraceae, genus 
Morus); they will consume other genera in this family, but 
growth rate is reduced. At 23 to 25°C the five instars require 
25 to 30 days to hatch. Toward the end of fifth instar, B. 
mori spin a cocoon over a 3-day period and pupate within 
that cocoon; the pupal stage lasts for about 10 days. After 
molting to the adult has occurred inside the cocoon, the moth 
emerges. The moth softens the cocoon by orally excreting a 
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FIGURE 2 Life cycle of B. mori reared at 23 to 25°C. [From Mori, T. 


(1970). Life cycle of Bombyx mori. In “The Silkworm—New Experimental 
Tool in Biology” (T. Mori, ed.), p. 17. Sanseido Press, Tokyo.] 





special enzyme, cocoonase, and then emerges from the end of 
the cocoon. The female moth mates the same day as 
emergence and begins egg deposition. One generation of B. 
mori spans 40 to 45 days. 

Voltinism (i.e., the number of generations occurring in a 
single year) has a genetic basis, but it is also strongly affected 
by environmental factors. Some races are univoltine (only 
one generation a year); others are bivoltine (two generations 
a year) or polyvoltine (three or more generations a year, as 
seen in tropical silkworms that do not undergo diapause). 
Voltinism is closely tied to the geographic distribution of 
silkworms, which are divided into Japanese, Chinese, 
European, and tropical races. Typically, the silkworms 
distributed in the cold regions are univoltine, those 
distributed and adapted to warm regions are bivoltine, and 
those in tropical regions are polyvoltine. 


EMBRYONIC DIAPAUSE OF B. MORI 


Silkworms undergo diapause, during which the embryo within 
the egg stops growing. In the B. mori embryo, diapause is 
primarily determined by the temperature, light, nutrition, 
and other conditions of the lifetime of silkworms. Of the 
various factors, temperature and light during the egg (embryo) 
stage have the greatest influence. When the eggs of bivoltine 
silkworms were incubated at relatively high temperatures 
(25°C) with long days (> 13 h of light), all silkworms that 
grew from these eggs laid diapausing eggs. When the eggs were 
incubated at 15°C with short days (< 13 h of light), adults of 
all these silkworms subsequently laid nondiapausing eggs. 
The subesophageal ganglion, located just below the brain, 
secretes a peptide hormone that induces the embryonic 
diapause of B. mori. In 1951, K. Hasegawa and S. Fukuda, in 
separate studies, demonstrated that the subesophageal ganglion 
plays role in induction of diapause. The diapause hormone is 
composed of 24 amino acids and is produced and secreted by 
six pairs of neurosecretory cells of the subesophageal ganglion. 


SILK PRODUCTION BY B. MORI 


B. mori larvae have a unique metabolic system for producing 
a large amount of cocoon protein and efficiently using 
dietary nitrogen. Both male and female silkworms digest and 
absorb about two-thirds of the nitrogen in the mulberry 
leaves they consume, and high percentages of the digested 
and absorbed nitrogen (66% in females and 70% in males) 
are utilized in the production of cocoon protein. 

During the last larval stage (fifth instar), the silk gland 
produces the silk for the cocoon from a pair of curved glands 
found on the ventral side of the digestive tube. The weight of 
this organ accounts for about 25% of the weight of larvae in 
the late fifth instar. 

The silk gland can produce massive amounts of fibroin 
and sericin, the proteins constituting silk. Sericin surrounds 
a fibroin core. The ratio of fibroin to sericin is approximately 


3:1. Fibroin is rich in four amino acids: glycine (Gly), alanine 
(Ala), serine (Ser), and tyrosine (Tyr). The fibroin molecule 
contains repeats of a section composed of a regular arrange- 
ment of three amino acids, Gly, Ala, and Ser. Major amino 
acids constituting sericin are Ser, aspartic acid, glutamic acid, 
and glycine. A characteristic of sericin is that, unlike fibroin, 
it is soluble in hot water. Therefore, when cocoon threads are 
reeled, most of the sericin is removed, and the remaining raw 
silk is composed of fibroin alone. 

Studies on B. mori greatly contributed to early discoveries 
in insect endocrinology and to the isolation and analysis of 
insect peptide hormones in 1980s and 1990s. The large size 
of these insects made experimental morphological studies 
easier, and because of the importance of this species to the 
sericultural industry, large quantities of materials for 
hormone extracts were made available. 

In silkworms, larval ecdysis is induced by a molting 
hormone secreted by the prothoracic gland, which is located 
inside the first thoracic spiracle. The role of the prothoracic 
gland in ecdysis was discovered in 1944, and the molting 
hormone, ecdysone, was structurally determined in 1954 in 
studies that used large amounts of silkworm pupae as 
material. Ecdysone was the first hormone to be isolated from 
an insect species. In addition, the function of the corpora 
allata in Lepidoptera was also first discovered in silkworms in 
1942. The corpora allata, which are small organs located 
adjacent to the brain, secrete juvenile hormone, which 
controls silkworm development together with molting 
hormone. Among the peptide hormones, the molecular 
structures of prothoracicotropic hormone (initially named 
“brain hormone”), which controls the secretion of molting 
hormone, and the diapause hormone, which induces 
silkworm egg diapause, were elucidated by using silkworms. 


TRANSGENIC SILKWORMS AND 
INSECT FACTORIES 


The National Institute of Sericultural and Entomological 
Science in Japan created transgenic silkworms with a jellyfish 
fluorescent protein gene as a marker. Prior to this, there were 
only a few transgenic insects in the Diptera (e.g., Drosophila, 
Aedes). This success resulted from development of a microin- 
jector to introduce DNA into silkworm eggs, and the use of 
an effective transposon vector. The transgenic silkworms are 
expected to provide new opportunities for silk production. 

A promising use of silkworms outside the clothing industry 
is in so-called insect factories, where silkworms are used for 
biological production of peptides or proteins useful for 
humans. Silkworms are infected with nuclear polyhedrosis 
virus (one species of baculovirus) to enable them to produce 
useful substances on a large scale. 


See Also the Following Articles 
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Borers 
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| nsects that are borers belong to a wide range of taxonomic 
groups, but they all share a common life history trait: they 
spend all or part of their larval life feeding within the tissues 
of their host plant. Some borer species deposit eggs within 
host plant tissues, whereas other species oviposit on the 
external surface and the larvae bore into the plant. Although 
there may be some feeding activity within the phloem and 
cambial tissues the larvae typically excavate feeding galleries 
within the woody tissues of perennial plants, within the 
stems of annual plants, and within the stalks or stems of 
grasses. Adult borers are free-living outside the host plant. 


TAXONOMIC AFFILIATIONS 


Insect orders that include species commonly referred to as 
borers include Lepidoptera, Coleoptera, Hymenoptera, and 
Diptera. The most varied and numerous representatives are 
among the moths and the beetles. The primitive wasps, which 
include the horntails (Siricidae), wood wasps (Xiphydriidae 
and Syntexidae), and sawflies (Tenthredinidae and Cephidae), 
are the only representatives of the Hymenoptera. The 
horntails and wood wasps prefer to colonize weakened hosts 
and the larvae construct feeding galleries in the wood. Larvae 
of boring sawfly species often feed within the center of tender 
shoots, twigs, and stems of their host plants. There are a small 
number of fly species in the family Agromyzidae with life 
history strategies that leave injury patterns that could be 
characterized as boring, but the larvae actually mine the 
cambial tissue, and the trees overgrow the galleries and the 
mine remains in the wood. 
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There are many moth families in the Lepidoptera that 
include species of larval borers. Among the most important 
families comprising only species that have a boring life 
history or having large numbers of boring species are the 
Hepialidae (ghost moths or swifts), the Sesiidae (clearwing 
moths), the Cossidae (carpenterworm and leopard moths), 
and the Tortricidae (leafroller and olethreutine). Larvae of 
the Hepialidae and the Cossidae tunnel extensively into the 
wood of their host plants and can cause substantial damage. 
Larvae of many species of Tortricidae bore through the twigs 
and tender terminals of vigorous trees and shrubs, whereas the 
life histories of species of Sesiidae can be highly variable and 
may include boring in bark, cambium, wood, roots, or gall 
tissues. Other families of Lepidoptera with at least some species 
that can be characterized as borers include the Agonoxenidae, 
Argyresthiidae, Gelechiidae, Momphidae, Nepticulidae, 
Noctuidae, Pterophoridae, Pyralidae, and Thyrididae. Larvae 
of one important agricultural pest, the European corn borer, 
Ostrinia nubialis (Lepidoptera: Crambidae), bore into the 
stems of woody host seedlings as well as the stems of grasses, 
grains, and herbaceous host plants. 

The Coleoptera include a large number families composed 
exclusively of species with larvae that are boring or having 
very few representatives that have evolved alternative life 
history strategies. Although not an entirely comprehensive 
list, the families include Anobiidae (deathwatch and 
drugstore beetles), Bostrichidae (false powderpost beetles), 
Brentidae (brentid beetles), Buprestidae (metallic or 
flatheaded wood borers), Cerambycidae (longhorned or 
roundheaded wood borers), Lyctidae (powderpost beetles), 
Lymexylidae (timber beetles), Platypodidae (ambrosia 
beetles), and Scolytidae (bark beetles). The Curculionidae 
(snout beetles or weevils) is a very diverse family that includes 
a number of species with larvae that bore into plant tissues. 


FEEDING STRATEGIES 


Many different plant parts serve as sites of insect feeding 
activity. In general terms, borers can be distinguished from 
miners. Typically, larvae of miners feed within plant foliage, 
whereas larval borers may feed within other plant tissues, 
including roots, stems and twigs, meristems, fruit, 
conductive tissues, galls, and bark. The variety of plant 
tissues that are used by borers also spans an array of plant 
groups that range from the ferns and gymnosperms to the 
grasses and dicotyledonous angiosperms. 

All plant tissues may be subject to borer colonization. 
Larvae of a number of families (e.g., Cerambycidae and 
Hepialidae) may construct feeding tunnels, or galleries, 
within the large roots of broadleaf trees and conifers, which 
may weaken the trees directly or provide entry points for 
invasion by pathogenic fungi. At the other extreme, there are 
many species of insects that colonize the meristematic tissues 
at branch terminals, tips, twigs, and canes. Some of these 
insects feed in the phloem tissues girdling the twigs, whereas 





FIGURE 1 Adult pairs of the European elm bark beetle S. multistriatus 
excavate parental galleries in the cambium and phloem of host elm trees. 
Larvae eclose from eggs laid in niches cut into the margins of the parental 


galleries and construct feeding galleries that extend laterally into the same 
host tissues. 


larvae of other species burrow through the growing tips and 
into the elongating stems. These types of larval feeding can 
reduce plant growth, apical dominance, and plant form. 

Between the twigs or apical tips and the roots is the main 
stem or trunk of the tree. The woody xylem tissues, cambial 
layers, phloem tissues, and bark may all have different groups 
of specialist borers. For example, larvae of a few species of 
clearwing moths feed within the bark of their host plant. 
Scribble-barked gums are species of Eucalyptus in Australia 
that derive their common name from the twisting galleries 
constructed in the outer bark by lepidopteran larvae. In 
different feeding strategies, bark beetle larvae feed within the 
cambial and phloem tissues of their hosts (Fig. 1), whereas 
larvae of many species of longhorned and flatheaded borers 
feed in the outer layers of phloem and cambium but then 
bore deep into the wood to pupate. Alternatively, many other 
cerambycid and buprestid species feed almost entirely within 
the wood of their host trees. Larvae of cossid moths also feed 
entirely within woody tissues and may take several years to 
complete their larval development. Woody plant tissues are 
not as rich in nutrients as the cambial tissues and the quality 
deteriorates as the tissues age. Consequently, many wood 
borers may have prolonged larval development and long 
generation times. 

Not only the larvae bore into woody tissues but also the 
adults in a number of species within a variety of families (e.g., 
some species of Scolytidae and Platypodidae) bore into the 
plant. The larvae of ambrosia beetles are found in galleries 
excavated within the wood, but they feed on a fungus inoc- 


ulated into the tissue by the parental adults rather than on the 
plant itself. The fungi acquire nutrients from a large volume 
of plant tissue as the hyphae ramify throughout the wood. 


PLANT CONDITION 


Plants in a wide range of physiological conditions may be 
subject to colonization by borers. Although some species of 
borers use healthy hosts or healthy host tissues, plants that are 
suffering from some type of stressful condition either attract 
or inhibit further dispersal behavior by many other borer 
species. Insects that bore into tender tips and stems frequently 
colonize young and vigorously growing plants. Consequently, 
younger plants may suffer more damage than mature plants. 
Open wounds or stressed, damaged, or weakened plant 
tissues may be subject to invasion. Weakened or stressed host 
plants may result from chronic growing conditions (poor- 
quality site) or from acute detrimental changes (e.g., fire, 
flood, drought, lightning strikes). Infections by pathogens, 
particularly plant pathogenic fungi, nematodes, and parasitic 
plants, weaken host plants and increase their susceptibility to 
subsequent borer infestations. In addition, previous infestation 
by other insect herbivores may weaken the host plant and 
increase susceptibility to subsequent borer colonization. 
Recently killed and dying trees are particularly suitable for 
colonization by a range of borers. For example, there are 
several species of wood wasps and flatheaded wood borers 
that are attracted to trees that have been recently killed by 
fires. A wide range of borers have developed complex 
relationships with tree-killing pathogens and are responsible 
for transmitting the pathogens into the host trees. Scolytid 
bark beetles transmit species of pathogenic Ophiostoma and 
Ceratocystis fungi into a variety of hosts (e.g., Scolytus scolytus, 
S. multistriatus, and Hylurgopinus rufipes transmit Ophiostoma 
ulmi, the causal agent of Dutch elm disease). Cerambycids in 
the genus Monochamus are responsible for transmitting the 
nematode, Bursaphelenchus xylophilus, the pathogen causing 
pine wilt disease, into susceptible host pines. Females of the 
European woodwasp, Sirex noctilio, inject a phytotoxin and 
spores of the pathogenic fungus Amylostereum areolatum into 
susceptible host trees during oviposition. Borers that are 
adapted to colonize the woody tissues of dead or dying plants 
may also colonize trees that have been cut during commercial 
logging or even timber that has been milled into lumber. It is 
not unusual for adult borers to emerge from products or 
materials constructed from infested wood that has not been 
kiln dried or otherwise treated to kill the infesting insects. 
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aie variously use the term brain either to include all 
neuropils located within the head capsule or, restrictively, 
to refer to only those neuropils (called preoral neuropils) that 
lie dorsal to the esophagus. These are considered to lie anterior 
to the mouth. Preoral neuropils are also known as the supra- 
esophageal ganglion, which comprises three fused ganglia: 
the protocerebrum, deutocerebrum, and tritocerebrum. The 
preoral brain of the larger Hymenoptera, such as the 
predatory wasp Pepsis thisbe, can contain well over a million 
neurons, with more than a third of a million neurons in each 
mushroom body. The extreme density of neurons packed 
into a small volume, and the likelihood that single nerve cells 
can be functionally divided into several discrete elements, 
suggests that the largest insect brains have impressive 
computational power. 

The first definition of the brain includes neuropils of the 
subesophageal ganglion, which is composed of the fused 
ganglia from three postoral segmental neuromeres. These are 
located ventrally with respect to the digestive tract, as are 
ganglia of the thorax and abdomen. In most hemimetabolous 
insects, and in many paleopterans, the subesophageal ganglion 
is connected by paired circumesophageal commissures to the 
supraesophageal ganglion. In many crown taxa (those 
representing more recent evolved lineages) the subesophageal 
and supraesophageal ganglia are fused, as is the case in honey 
bees or the fruit fly Drosophila melanogaster, which is the 
taxon here used to summarize the major divisions of the 
brain (Figs. 1-6). A consequence of fusion is that tracts of 
axons that would otherwise form the circumesophageal 
commissures are embedded within a contiguous neuropil. 

In insect embryos, the three preoral segmental neuromeres 
providing the proto-, deuto-, and tritocerebrum are contiguous 
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FIGURES 1-6 Summary diagrams of the brain of the fruit fly D. melanogaster. The reader is referred to these searchable figures in the atlas of the Drosophila 
brain at http://www.flybrain.org/Flybrain/html/atlas/schematic/index.html. The higher centers of the mushroom bodies and central complex are shown in reds 
and oranges. Optic lobe regions are yellow. Antennal lobes are light green and their axon projections are dark green. The median bundle is shown in light blue. 
Other neuropil areas are gray/pink. (1) Posterior aspect, vertical section. According to the neuraxis (see Fig. 7), up is rostral in Figs. 1-3. (2) Middle aspect, 
vertical section, at the level of the central body and associated regions. (3) Frontal aspect, vertical section, at the level of the antennal lobes (green) and 
mushroom body lobes (red). Dark green profiles in Figs. 1-3 are the antennocerebral tracts. (4) Top-down view, looking onto the mushroom bodies and central 
complex. One mushroom body only is shown to the left, with the antennocerebral tracts from the antennal lobes to the lateral protocerebrum shown to the 
right. The front of the brain is down, the rear of the brain is up. (5) Top-down view of the deutocerebrum/tritocerebrum and the root of the ventral nerve 
cord. (6) Side-on view of the brain, emphasizing the ascending tracts (blue) from the subesophageal ganglion to the rostral protocerebrum via the medial 
bundle. Note the disposition of the mushroom body and central complex. Abbreviations used: 0, of, oc, (B, B’,Bc, ¥) lobes, subdivisions of the mushroom 
body medial (8, B’,Bc, y) and vertical (&, «’, Oc) lobes; ant n, antennal nerve; ant lob, antennal lobe; a op tu, anterior optic tubercle (optic glomerulus); ase 
t vnc, ascending tracts of ventral nerve cord; ca, calyx of mushroom body; deu asc neu, deutocerebral neuropil receiving ascending terminals; d m pr, dorsal 
median protocerebrum; e b, ellipsoid body of the central complex; fb, fan-shaped body of the central complex; g d n, giant descending neuron (typifies 
descending pathways); inf 1 deu, inferior lateral deutocerebrum; i act, inner antennocerebral tract; int act, intermediate antennocerebral tract; | lob i pr, lateral 
lobe of the inferior protocerebrum; lat deu fasc, lateral deutocerebral fascicle; lab lob, labral lobe; lab com, labral commissure; lo, lobula; lo p, lobula plate; 
1 ho, lateral horn; max su oes c, maxillary subesophageal connective; me, medulla; mech sens | deu, mechanosensory neuropil of the lateral deutocerebrum; 
mech sens, mechanosensory strand and neuropil supplied by the antennal nerve; m bdl, median bundle; no, noduli of the central complex; op lo eff, optic 
lobe efferents; ocl n, ocellar nerve; 0 act, outer antennocerebral tract; pr br, protocerebral bridge of the central complex; p | fasc, posterior lateral fascicle; p 
op fo, posterior optic focus (glomerulus); r act, root of antennocerebral tract; s a, superior arch of the central complex; s 0 g, subesophageal ganglion; s | pr, 
superior lateral protocerebrum; s m pr, superior median protocerebrum; s 0 g nerves, nerve bundles of subesophageal neuromeres; spur, spur of mushroom 
body; trito, tritocerebrum; tr str m bd], tritocerebral strand of the median bundle; trito r m bdl, tritocerebral root of the median bundle; VS, HS, axons of 
giant vertical and horizontal cells (movement sensitive neurons); vs ax, visual interneuron axons; v bo, ventral body (also known as lateral accessory lobes); v 
sat MB, d sat MB, ventral and dorsal satellite neuropils of the mushroom bodies. 
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with the three postoral neuromeres that will give rise to the 
subesophageal ganglion. These neuromeres are, in turn, 
contiguous with fused neuromeres of the thorax and 
abdomen. In many species of hemimetabolous insects, such as 
locusts and cockroaches, the sub- and supraesophageal ganglia 
separate postembryonically and are connected by paired tracts. 
In cockroaches, each segmental ganglion is separate from the 
next, except for the last three abdominal ganglia, which are 
specialized to serve receptors of the cerci and contain the 
dendrites of giant ascending neurons and local networks of 
interneurons that mediate escape reactions. However, in 
many holometabolous insects there are various degrees of 
ganglion fusion, one of the most extreme being in certain 
Heteroptera such as the water strider Gerris sp. In Gerris, the 
supraesophageal, subesophageal, and thoracic-abdominal 
ganglia comprise a contiguous mass perforated by the gut. This 
arrangement is reminiscent of the nervous systems of another 
group of arthropods, the chelicerates. In adult cyclorrhaphan 
flies the three thoracic ganglia and all abdominal ganglia are 
fused into a single mass connected to the sub- and supra- 
esophageal ganglion by long neck connectives (this has also 
been achieved in the nervous systems of crabs). 

The subesophageal ganglion, which comprises the 
mandibular, maxillary, and labial neuromeres, has a ground 
pattern organization comparable to that of the thoracic and 
abdominal ganglia. The roots of motor neurons (the exit 
point of motor neuron axons) are generally dorsal with 
respect to incoming sensory axons. This arrangement is the 
opposite of that in the vertebrate spinal cord. 

The names of the subesophageal ganglia reflect the 
appendages that their motor neurons control and from which 
they receive sensory supply. However, this relationship is not 
a strict one. For example, in flies mechanosensory neuropil 
extending into the subesophageal ganglion also receive 
afferents from mechanosensilla on the head, including 
between facets of the compound eyes, around the margin of 
the eyes, the frons, between and flanking the ocelli, and at 
various positions on the rear of the head capsule. As on the 
thorax and abdomen, or on the limbs, wings, and halteres 
(modified wings in Diptera that are organs of balance), 
sensilla on the head provide receptor neuron axons to defined 
locations in their target ganglia. Principles underlying the 
development and organization of the central representation 
of sensilla are best known from Walthall and Murphey’s 1988 
studies of cricket cerci or studies on the central projections of 
receptors to discrete regions of the thoracic ganglia of 
dipterans, also by Murphey and colleagues in 1989. In flies, 
groups of receptors encoding different modalities at a segment 
supply axons to modality-specific regions within the ganglion. 
In such regions, the peripheral locations of receptors within 
a sensory field can be represented as a map of axon terminals 
onto the dendritic trees of postsynaptic neurons. Burrows 
and Newland have shown that such maps play important 
roles in the activation of the postsynaptic elements that 
participate in circuits controlling limb actions and position. 
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THE PREORAL BRAIN 


Although there has been in the past endless debate about how 
many segments contribute to the head and to the brain, 
expression of homeobox genes now confirms three embryonic 
brain segments only. The main issue of contention focused 
on the neuromeric identity of the optic lobes, which were 
claimed by some to have a distinct segmental origin. Devel- 
opmental studies, which are summarized by Meinertzhagen 
and Hanson's 1993 review, showed that the inner optic lobe 
neuropils in the adult insect brain develop from a lateral 
outgrowth of the protocerebrum. George Boyan and his 
colleagues at the University of Munich have provided crucial 
evidence supporting a three-neuromere origin of the 
supraesophageal ganglion from studies of the segment 
polarity gene engrailed, which is expressed in cells (including 
neuroblasts) in the posterior compartment of each segment. 
The expression of engrailed in the first wave of neuroblast 
generation shows the delineation of the tritocerebrum from 
the first (maxillary) subesophageal neuromere, as well as the 
delineation between the tritocerebrum and the deuto- 
cerebrum and the delineation between the deutocerebrum 
and the protocerebrum, the last being the most rostral seg- 
mental neuromere. Crucially, the expression of engrailed shows 
the latter to be segmentally indistinct from the developing 
optic lobes. 


THE PROTOCEREBRUM 


The ground structure of the protocerebrum suggests its 
ancestral affinities with segmental ganglia. In the 
protocerebrum, as in postoral ganglia, ascending sensory 
interneuron tracts enter it ventrally, whereas premotor 
interganglionic interneurons exit dorsally. Afferents (here the 
optic lobe output neurons; see later) distribute to local 
interneurons in a manner reminiscent of sensory afferents 
within postoral ganglia. 

Despite its basic similarities with segmental ganglia, the 
protocerebrum contains neuropils that are not normally 
found in other segments and appear to have no counterparts 
in other ganglia, unless generated ectopically by genetic 
manipulation. Unique protocerebral neuropils comprise: (1) 
the central complex and (2) the mushroom bodies and some 
satellite neuropils belonging to both of these. A midline 
indentation between the two protocerebral lobes, called the 
pars intercerebralis, with its accompanying populations of 
neuromodulatory neurons, may also be unique to the 
protocerebrum. But without the relevant developmental 
studies on thoracic ganglia, it is not clear whether any of the 
unique clusters of neurons at their dorsal midlines are 
segmental counterparts of neurons at the pars intercerebralis. 

The structure of the protocerebrum is best approached by 
understanding the basic organization of major axon tracts 
that extend between its two halves. Studies of Drosophila 
embryos show that major cerebral tracts appear early in 
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development and pioneer the trajectories of interneurons 
linking later developing neuropil regions. Again, research by 
Boyan and colleagues on the development of locust embryos 
provides important insights into early brain development 
and demonstrates that neurons developmentally ascribed to 
the protocerebrum can actually end up distant from it in the 
adult. For example, studies of engrailed expression show that 
in locusts the first episode of neuroblast generation in the 
protocerebrum includes three neuroblasts that migrate 
caudally to lie beside the glomerular antennal lobes, which 
are structures usually ascribed to the deutocerebrum. The 
segmental origin of these three neuroblasts, which contribute 
neurons to the antennal lobe system, cautions against 
uncritically ascribing segmental identities to neurons in the 
adult brain. 

Nevertheless, many of the tracts and neuropils described 
from the adult have been both ascribed to one of its segments 
and named, even though only a few are yet understood at a 
functional and developmental level. The reader is referred to 
two brain atlases, one by Strausfeld and the other an 
electronic publication, FLYBRAIN (www.flybrain.org), both 
of which focus on the adult structure of dipteran brains (the 
housefly Musca domestica and the fruit fly D. melanogaster). 
The basic divisions of the Drosophila brain are shown in Figs. 
1-6. The following neuropils, or neuropil groups, comprise 
the salient regions of the adult protocerebrum. 


The Central Complex 


Insect and crustacean protocerebra contain unique midline 
neuropils and, in more advanced taxa, satellite neuropils 
associated with them. These structures and their inter- 
relationships have been described by several authors, one 
cardinal study being by L. Williams in 1975. This and other 
studies summarized here are described in some detail in a 
recent article by Strausfeld published in 1999. 

The midline component of the central complex, called the 
central body, is similar to a unique midline neuropil in the 
brains of chilopods, branchiopod crustaceans, and archaeog- 
nathan insects. Comparative studies suggest that these 
neuropils have become elaborated through time. In the 
flightless Zygentoma (e.g., “silverfish”) as well as in the 
Palaeoptera (e.g., mayflies and dragonflies), several paired 
satellite neuropils are reciprocally connected to two midline 
neuropils: the columnar ellipsoid body and, above it with 
respect to the brain’s neuraxis, the fan-shaped body, which is 
usually recognized by its scalloped profile. Further 
elaboration has occurred in the Neoptera, in which a distinct 
stratum called the superior arch is attached to the fan-shaped 
body anteriorly. A bridge of neuropils, called the 
protocerebral bridge, connects the two protocerebral lobes 
and provides axons that extend into the fan-shaped body and 
to the ellipsoid body behind it. In many taxa (e.g., locusts, 
flies, wasps) the protocerebral bridge is divided into 16 
discrete modules, 8 each side of the midline. These connect 


to the 16 modules of the fan-shaped body and ellipsoid body. 
The most lateral module on one side of the bridge is linked 
to the most medial module of the other side. The next most 
lateral module is linked to the next most medial one, and so 
on. These connections provide an elaborate pattern of 
chiasmata between the bridge and the fan-shaped and 
ellipsoid bodies. Some of these neurons also extend to a pair 
of ball-like structures, called the noduli, situated caudally 
with respect to the fan-shaped and ellipsoid bodies. Two 
synaptic zones in the noduli, a core and an outer layer, receive 
connections from the fan-shaped body such that one-half is 
represented in the core of the contralateral nodulus, whereas 
the other half is represented in the outer layer of the 
ipsilateral nodulus. A recent account by Renn and colleagues 
(see FLYBRAIN database) uses genetic markers to dissect 
these various components and trace their development. 

The protocerebral bridge receives a system of elongated 
fibers from the medial protocerebrum, which is itself supplied 
by terminals of ascending interganglionic interneurons that 
originate in thoracic ganglia. These elongated protocerebral 
fibers extend through dendritic trees that contribute to the 
modules across the bridge and are assumed to provide inputs 
to their dendrites, although this awaits confirmation. 

The superior arch appears to be distinct from protocerebral 
bridge inputs and is connected heterolaterally to neuropils of 
the protocerebral lobes, themselves receiving terminals from 
the median bundle, a midline tract originating from the 
subesophageal ganglion and ventral cord and ascending along 
the midline of the ventral surface of the protocerebrum. The 
superior arch shares local interneurons with the fan-shaped 
body and ellipsoid body. 

The fan-shaped body and ellipsoid body each receive fan- 
like terminals from axons that originate at dendritic trees in 
various lateral neuropils of the protocerebrum. Both the 
ellipsoid and the fan-shaped bodies supply outputs that 
extend to lateral protocerebral neuropils, particularly a 
ventrocaudal region called the ventral bodies, known also as 
the lateral accessory lobes. These lobes are invaded by the 
dendritic collaterals of many of the descending neurons 
leaving the brain for thoracic and abdominal ganglia. 

The central complex is strictly a higher center that is 
distant from sensory inputs. Dye fills fail to demonstrate any 
sensory interneuron inputs to central complex neuropils nor 
do the antennal lobes or optic lobes provide direct 
connections to the central complex. The central complex has 
no direct connections with the mushroom bodies. Instead, 
various regions of the protocerebrum that are connected to 
the central complex are also connected to the mushroom 
bodies and to higher level sensory neuropils, such as the 
lobula of the optic lobes and antennal and vertical lobes of 
the deutocerebrum (see later). 

As described in Nassel’s 1993 review, the central complex 
is richly supplied by peptidergic neurons that originate from 
the pars intercerebralis. The pars also provides a wealth of 
peptidergic neurons whose axons leave the brain for the retro- 


cerebral complex (the corpora allata and corpora cardiaca) via 
the corpora cardiaca nerve NCC1. Other neurosecretory cells 
sending axons out of the brain lie lateral and rostral with 
respect to the protocerebrum (NCC2) and in the lateral 
tritocerebrum (NCC3). An exquisitely detailed enhancer trap 
analysis of these systems has been published by Siegmund 
and Korbe. The central complex is implicated in the control 
of motor actions, although exactly what it controls is not yet 
known. Studies of motor-coordination-defective Drosophila 
show that certain behavioral mutants have midline lesions of 
their protocerebral bridge or the fan-shaped bodies. Roland 
Strauss, at the University of Wiirzburg, has shown that these 
mutant flies are incapable of adjusting step length during 
turning. A similar disruption across the midline occurs in 
nature: certain rowing Heteroptera, such as the water strider 
Gerris, have split protocerebral bridges, minute noduli, and 
reduced modules in their fan-shaped and ellipsoid bodies. In 
contrast, insects that show sophisticated asymmetric but 
highly coordinated limb actions, such as are employed in 
grooming, object manipulation, or cell construction, possess 
elaborately modular central complexes and complete 
protocerebral bridges. 

Prominent connections between the fan-shaped and the 
ellipsoid bodies with the lateral accessory lobes of the 
protocerebrum are of functional interest. The lateral 
accessory lobes are visited by dendritic collaterals from many 
of the interganglionic descending interneurons that send 
axons from lateral protocerebral regions to neuropils of the 
thoracic and abdominal ganglia. One interpretation of this 
organization is that the central complex plays a role in gating 
outgoing information from the brain. 

The central complex is richly supplied from protocerebral 
regions involved in sensory discrimination. This organization, 
with the elaborate arrangement of repeat units (modules and 
chiasmata) within and between the protocerebral bridge and 
midline neuropils, might suggest that the central complex 
assesses the context and occurrence of sensory stimuli around 
the animal and that this plays a crucial role in modifying 
descending information to motor circuits. 


Mushroom Bodies 


The mushroom bodies, discovered by Félix Dujardin in 1850, 
were the first brain centers to be recognized as distinct entities. 
Dujardin’s suggestion that mushroom bodies supported 
intelligent actions was with reference to social insects, in which 
mushroom bodies are largest and most elaborate. Since his 
1850 paper, the mushroom bodies have been considered to 
be centers crucial to learning and memory. 

The mushroom bodies are paired lobed neuropils. 
Comparative studies by Strausfeld, Ito, and others have 
identified mushroom bodies in all groups of insects except 
the archaeognathan. In zygentoman and palaeopteran insects, 
mushroom bodies comprise two sets of lobes, one set 
extending medially toward the midline (medial lobes), the 
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FIGURE 7 Neuraxis. Many descriptions in the literature rarely make the 
point that the brain’s orientation is not that of the body. During 
postembryonic development, the brain undergoes morphogenic movements, 
tilting upward and back. This brings the dorsal surface of the brain to face 
caudally with respect to the body’s axis. The front of the brain is its ventral 
side according to the neuraxis. The top part of the brain is rostral. Likewise, 
the antennal lobes are ventral, not frontal. 


other extending ventrally, with respect to the neuraxis. 
However, because most brains are tilted upward (Fig. 7), 
these lobes can point forward or even upward. They are thus 
collectively referred to as the vertical lobes. 

The mushroom body lobes comprise many thousands of 
approximately parallel-running processes. These originate 
from clusters of minute globuli cells situated dorsorostrally in 
the protocerebrum’s cell body rind. In neopteran insects, these 
neurons have distal dendritic trees that contribute to rostral 
neuropils called the calyces. Each mushroom body has a pair 
of calyces, each of which is divided into two halves. A crucial 
study by Kei Ito and colleagues demonstrated that each half is 
generated by one of a quartet of embryonic neuroblasts. The 
four half-calyces are supplied by four lineages of globuli cells, 
all of which provide dendrites in the calyces and long axon- 
like processes in the lobes. These “intrinsic neurons” of the 
mushroom bodies are known as Kenyon cells, named after 
their discoverer. Lineage analysis of the Drosophila mushroom 
bodies has shown that each of the four neuroblasts generates 
the same sequence of Kenyon cells, certain types of which 
differentiate before others. Different types of Kenyon cells 
contribute to different and discrete subdivisions of the lobes. 
Farris’s studies on the mushroom bodies of the cockroach 
Periplaneta americana and the worker honey bee Apis 
mellifera have shown that the sequence of Kenyon cell 
production and segregation to subdivisions is similar to that 
in Drosophila described by Lee et al. in 2001. 

Observations of the cockroach and honey bee calyces 
show these neuropils as organized into nested zones, each of 
which is defined by the types of afferents supplying it. The 
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most up-to-date study on the honey bee demonstrates that 
an outer region called the lip comprises three zones, each of 
which receives axon collaterals from neurons that project 
from glomeruli of the antennal lobes (see later) to regions of 
the lateral protocerebrum. A second region of the calyx, 
which comprises the collar, is further divided into discrete 
zones, each of which is defined by visual and other afferent 
endings, such as from gustatory neuropils of the subeso- 
phageal ganglion. However, in many other insect orders, the 
calyces receive sparse inputs, if any, from the visual system. A 
central region of the calyx called the basal ring is similarly 
divided into modality-specific zones. 

Kenyon cells having dendrites in one of these zones send 
their axon-like processes into a specific stratum that extends all 
the way through the vertical and medial lobes. Each stratum 
thus represents a zone of the calyces. However, a special class 
of Kenyon cells that is generated earliest in development 
supplies axon-like processes to a separate division of the 
mushroom bodies, called the gamma lobe. Depending on the 
taxon, this lobe lies parallel to the medial (flies), vertical 
(honey bees), or both (cockroach) lobes. Important studies 
by Zars and Heisenberg on gene expression in different parts 
of the mushroom body of Drosophila have implicated the 
gamma lobe in supporting short-term memory. 

One pervasive misconception is that the calyces are the 
“input region” of the mushroom bodies, whereas their lobes 
are their output regions. This view of the mushroom body 
does much to confuse and mislead theoretical considerations 
about how the mushroom bodies might work. Palaeopteran 
insects lack calyces supplied by sensory interneurons, yet 
their lobes both receive afferent endings from other 
protocerebral neuropils and provide efferents that extend 
back to protocerebral neuropils. In neopteran insects, the 
lobes likewise receive inputs and provide outputs, with the 
axon-like processes of Kenyon cells providing local circuits 
between them. However, in neopterans, Kenyon cells also 
supply calyces with dendrites that are visited by sensory 
interneurons. The role of the calyces is not fully understood. 
Possibly, afferents ending on Kenyon cell dendrites serve to 
modify the activity of local circuits in the lobes that are 
supplied by the processes of Kenyon cells, thereby providing 
sensory context dependence to computations that occur via 
Kenyon cell processes between inputs and outputs at the 
mushroom body lobes. It is also possible that inputs to the 
calyces provide persisting memory-like alterations of groups 
of Kenyon cells. Peptidergic and other modulatory neurons 
(e.g., octopaminergic, dopaminergic) associated with the 
mushroom bodies have been implicated in memory 
formation, and genetic disruption of vesicle recycling in a 
modulatory neuron of the Drosophila mushroom body 
shortens memory. It is still somewhat of a mystery why there 
are two sets of lobes, with most Kenyon cell processes 
dividing into each of them. However, as shown by Pascual 
and Préat, working at the CNRS in France, if the vertical 
lobes are absent, as in one type of Drosophila mutant, then 


long-term memory cannot be established. A role for the 
mushroom bodies in learning and memory has also been 
suggested by chemical ablation of the mushroom body 
neuroblasts, and a consequent lack of the mushroom body 
abolishes olfactory associative learning by the adult fly. 
However, such ablations also remove a set of local circuit 
neurons in the antennal lobes, complicating the 
interpretation of such experiments. A further complication 
in interpreting the mushroom body’s role in memory 
acquisition is Dubnau’s recent finding that synaptic 
transmission by mushroom body neurons is necessary only 


for memory retrieval and not for memory formation. 


The Rostral Lateral Protocerebrum and Lateral Horn 


The protocerebrum is composed of many discrete centers, 
most of which do not have obvious order and neat 
geometries, as in the mushroom bodies and central complex. 
Nevertheless, each protocerebral center is a unique entity and 
specific centers can be identified across different species. It is 
likely that studies of enhancer trap lines, as well as genetic 
labeling of clonally related neurons, developed by Liqun Luo 
and his colleagues, will in the near future reveal many new 
features of the cellular organization of the protocerebrum. 
But, so far, few studies have been done on these neuropils 
even though they together impart great complexity to the 
brain. This section focuses on just two neighboring regions, 
the lateral protocerebrum and lateral horn, which are now 
known to be second-order olfactory neuropils. 

Antennal lobe projection neurons relay information from 
olfactory glomeruli to various areas of the brain, via three 
axon bundles called the inner, intermediate, and outer 
antennocerebral tracts. Axons of the inner antennocerebral 
tract provide axon collaterals to the mushroom body calyces. 
However, olfactory projection neurons providing input to 
the calyces do not terminate there but end in a region of the 
protocerebrum called the lateral horn and, caudally adjacent 
to it, the lateral protocerebrum. Axons of the intermediate 
and outer antennocerebral tracts also invade these neuropils, 
which therefore must be considered second-order olfactory 
processing centers of the brain. In honey bees, certain axons 
of the intermediate tract also target some neuropils that lie in 
front of and beneath the calyces as well as neuropils 
enwrapping the vertical lobes. Studies from Liqun Luo’s 
laboratory at Stanford University have now shown that 
discrete fields of endings in the lateral horn and lateral 
protocerebral areas lying immediately caudal to it are 
supplied by specific groups of antennal lobe glomeruli, thus 
showing that the olfactory map that occurs among antennal 
lobe glomeruli is partially maintained within this lateral 
protocerebral area. With the exception of the calyces, 
neuropils targeted by antennal lobe projection neurons are 
second-order olfactory centers. These neuropils are not, 
however, unimodal olfactory centers as they also receive 
inputs from the optic lobes via large ascending fascicles. 


The lateral horn and lateral protocerebrum give rise to sys- 
tems of local interneurons as well as long-axoned interneurons, 
certain of which terminate in the mushroom body lobes. 
However, the relationship of the lateral protocerebrum with 
descending pathways is not yet known. A further area of 
ignorance is its relationship with the central complex. 


OPTIC LOBES 


Studies on the fly visual system dominate the literature on 
insect vision, and descriptions of visual regions have been 
mainly from dipteran insects, whose structure and physiology 
have been described in great detail in numerous papers. 


Retinotopic Organization 


The optic lobes of palaeopteran and neopteran insects consist 
of three retinotopic neuropils. These are the lamina, medulla, 
and lobula complex. In certain orders of insects (e.g., Diptera 
Lepidoptera, Coleoptera) the lobula complex is divided into 
two separate neuropils: a lenticular lobula that is mainly 
composed. of columnar neurons and a tectum-like lobula 
plate that is hallmarked by wide-field tangential neurons. 
However, in insects with an undivided lobula, deeper layers 
comprise tangential neurons that probably have the same 
functions as tangential neurons in the lobula plate. 
Connections between the medulla and the lobula plate in 
Diptera are homologous to connections between the medulla 
and the deep lobula layers in honey bees. The lobula plate or 
its equivalent supports achromatic motion vision, whereas 
the lobula is thought to support object and color vision. The 
lobula plate sends axons to dorsal neuropil of the lateral and 
medial protocerebrum from which descending neurons 
supply neuropils belonging to the neck and flight motor 
systems. The lobula supplies bundles of axons to discrete 
glomerular-like neuropils of the ventrolateral protocerebrum, 
certain of which retain retinotopic organization. These optic 
glomeruli (also called optic foci) are invaded by processes of 
local interneurons and relay neurons. 


The Lamina 


The lamina is the first neuropil of the optic lobes and the best 
known with respect to its cellular organization, synaptology, 
and development. It consists of relatively few types of 
neurons whose relationships achieve surprising complexity. 
These have been reviewed by several authors, including 
Nassel and Strausfeld and Meinertzhagen and Sorra. The 
following summary focuses on the fly’s visual system because 
of its preeminence in vision research. 

Each ommatidium of the compound eye contains eight 
(in honey bees nine) receptor cells. As summarized in 
Hardie’s 1986 review, the axons (called short visual fibers) of 
six blue-green sensitive photoreceptors (termed R1—R6) end 
in the lamina, whereas the axons (long visual fibers, termed 
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R7 and R8) of the other two photoreceptors (blue and UV 
sensitive) terminate in the medulla. In insects equipped with 
apposition eyes or neural superposition eyes, a set of six short 
visual fibers terminate at each columnar subunit of the 
lamina, called an optic cartridge. The six endings belong to 
six photoreceptors that share the same optical alignment and 
thus “look” at the same restricted area of visual space even 
though, in neural superposition eyes, the optically coherent 
photoreceptors are distributed among six ommatidia, a 
discovery made by Kuno Kirschfeld in 1967 and elegantly 
explained from a developmental view point by Meinertzhagen 
in his 2000 review article. Nicholas Franceschini has termed 
an optically coherent set of receptors a visual sampling unit 
or VSU. 

Each VSU is associated with several classes of interneurons, 
the most prominent of which are cells known as large 
monopolar cells or LMCs. In Diptera, LMCs include the 
pair of radial monopolar cells (also called L1 and L2) that are 
postsynaptic to all six terminals of a VSU. A third monopolar 
cell (the brush or unilateral monopolar cells, also called L3) 
is postsynaptic to all six receptors of a VSU but has about 
two-thirds fewer dendrites than either L1 or L2. This triplet 
of neurons sends axons to the medulla, alongside the axons 
of the R7 and R8 receptor neurons that originate from the 
optically relevant ommatidium. In insects with superposition 
eyes, the lamina is not obviously divided into cartridges and 
the dendrites of second-order neurons (monopolar cells) 
extend across many photoreceptor terminals. 

In addition to the L1-L3 monopolar cells, the lamina 
contains two types of amacrine neurons whose processes 
provide local interactions between receptor terminals of 
several cartridges and the dendrites of other efferent neurons 
that leave each cartridge. These are the types L4 and L5 
monopolar cells and the basket cell, referred to as the T1 
efferent neuron. Amacrine cells, which are local interneurons 
that lack axons and provide local circuits, are postsynaptic to 
receptors from many VSUs and are presynaptic onto the 
dendritic trees of T1 and dendrites of L4 neurons. Each L4 
neuron contributes axon collaterals to a rectilinear network 
of connections beneath the lamina. These collaterals are 
presynaptic to the axons of L1 and L2 and reciprocally pre- 
and postsynaptic to the L4 neuron collaterals of neighboring 
cartridges. A fifth species of efferent neuron, called the 
midget monopolar cell, or L5, has one or two minute tufts of 
dendrites that are visited by a second species of amacrine cell. 
A comprehensive review by Strausfeld and Nassel 
demonstrates that similar types of neurons have been 
identified in crustaceans and in honey bees. 

Four distinctive types of centrifugal cells visit the lamina. 
Two are associated with each cartridge. One is the type C2 
centrifugal cell, which is presynaptic onto the L1 and L2 
monopolars at a level above their dendrites. The second is the 
type C3 centrifugal cell, which is presynaptic to the L1 and L2 
monopolar cells at the level of their dendrites. Both C2 and 
C3 are GABAergic and both have dendrites at various levels 
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in the outer and inner medulla. Two wide-field centrifugal 
cells, called the types 1 and 2 lamina tangential cells, have 
bistratified and concentric dendritic fields in the medulla and 
send axons back out to the lamina, where their terminals 
provide isomorphic plexi of presynaptic endings. 


The Optic Chiasmata 


Axons originating from the front of the lamina end in the 
back of the medulla; axons from the back of the lamina end 
in the front of the medulla, so reversing the horizontal order 
of vertical rows of VSUs. The order is rereversed in the lobula 
by a second chiasma beneath the medulla. 


THE MEDULLA The arrangement of retinotopic 
columns in the medulla is defined by pairs of long visual fiber 
endings, each pair accompanied by the sextet of endings of 
neurons leaving the optically corresponding optic cartridge 
(L1-L5, T1). These endings terminate at specific levels of the 
medulla where they coincide with the processes of amacrine 
cells, the dendrites of relay neurons, and dendrites and 
terminals of tangential neurons. The medulla is immensely 
complicated. Each column may contain as many as 40 relay 
neurons and many strata of amacrine cells intersect these. 
Thus, the medulla has one of the highest densities of nerve 
cells outside the mushroom bodies. 

A broad layer of incoming and outgoing axons belonging 
to tangential neurons separates the outer two-thirds of the 
medulla from its inner third. Tangential cells have dendritic 
trees or terminal fields that extend across many retinotopic 
columns. Axons of centripetal tangential cells project 
centrally via the posterior optic tract, to reach ipsi- and or 
contralateral regions of the dorsal protocerebrum. Some 
tangentials connect the medullae of the two lobes. Tangential 
endings in the medulla derive from dendrites within the 
medial protocerebrum. These neurons carry processed 
information about motion stimuli back out to peripheral 
layers of the visual system. 

Retinotopic columns may each consist of as many as 40 
different morphological types of axonal neurons. These 
neurons have dendrites at characteristic levels, spreading 
through defined fields of neighboring columns. Each 
morphological cell type sends its axon to a characteristic 
deeper level of the optic lobe. The class of neurons called 
transmedullary cells (Tm cells) sends its axons to various 
depths of the lobula. A subset of transmedullary cells, whose 
dendrites are restricted to within a retinotopic column, 
supplies a special sheet of synaptic neuropil over the surface 
of the lobula where they end among quartets of bush-like 
dendritic trees called T5 cells. These neurons were shown by 
J. K. Douglass to be the first in the system to exhibit 
directional- and orientation-selective responses to moving 
visual stimuli. Their axon terminals segregate to four levels in 
the lobula plate where they end on layered systems of 
tangential neurons. Pioneering studies by Klaus Hausen, at 


the Max Planck Institute in Tiibingen, demonstrated that 
these large-field neurons respond selectively to wide-field 
directional motion across the retina, relaying this 
information to the midbrain and to the contralateral optic 
lobes so that signals from both eyes can be integrated. 

A second class of transmedullary cells (called intrinsic 
transmedullary neurons) serves to link the outer layer of the 
medulla with its inner layer. A third class of transmedullary 
cells, called Im Y cells, consists of neurons whose axons 
branch, one tributary reaching the lobula plate and the other 
reaching the lobula. Retinotopic neurons also originate from 
the inner layer of the medulla. These must derive their inputs 
from other transmedullary cells because their dendrites lie 
beneath afferents from the lamina. Neurons from the inner 
medulla send axons to the lobula or provide bifurcating 
axons to the lobula plate and lobula. 

The lobula contains ensembles of tree-like neurons 
organized retinotopically. The spacing of their axons coarsens 
the original retinotopic mosaic so that an oval ensemble of 
retinotopic inputs from the medulla visits the dendritic tree 
of a single lobula neuron. The size of the dendritic fields of 
these columnar neurons varies, however, depending on the 
cell type. The smallest lobula neuron has a dendritic field 
equivalent to an approximately oval array of nine VSUs. 
However, it cannot be assumed that such fields are the 
physiologically receptive fields because the functional 
organization among their inputs is not known. 

Columnar neurons in the lobula are likely to be tuned to 
highly specific visual features although few recordings have 
been made from medulla neurons supplying the lobula. 
Those that have been recorded suggest that the lobula 
receives information about orientation but not about wide- 
field motion. However, the presence in the lobulas of male 
flies of sex-specific neurons that respond to movement of 
small objects in the visual field must imply that a class of 
directionally selective neurons from the medulla supplies at 
least a part if not all of the lobula. 

Each ensemble of identically shaped columnar neurons 
provides a coherent bundle of axons that targets a circum- 
scribed region of neuropil in the lateral protocerebrum. Such 
neuropils are called optic foci and are reminiscent of and may 
be functionally equivalent to olfactory glomeruli of the 
antennal lobe. 


OUTPUTS FROM THE OPTIC LOBES The now classic 
studies by Walter Gehring and his colleagues on the ectopic 
expression of compound eyes in Drosophila by genes 
controlling eye formation have demonstrated that super- 
numerary eyes are formed on limbs. If the ancestral origin of 
the compound eye was a limb, it would follow that the 
arrangements of sensory neurons leading centrally from the 
compound eye neuropils (comprising the optic lobe) should 
reflect arrangements of sensory neurons and interneurons that, 
in other ganglia, serve the appendages. Cell tracer studies 
indeed suggest that central projections from the optic lobes 


are reminiscent of sensory-interneuron arrangements in 
thoracic ganglia. Afferents from the optic lobes do not appear 
to terminate directly onto descending neurons, as was once 
assumed. Rather, optic lobe outputs end on systems of local 
interneurons and some appear to map the retinotopic mosaic 
into optic glomeruli, suggesting further high-order visual 
reconstruction. Certain local interneurons connect optic 
glomeruli. Others have long axons that connect glomeruli on 
both sides of the brain. Yet others project anteriorly, via a thick 
fascicle of axons, to end rostrally in the lateral protocerebrum 
where they meet the terminals of olfactory projection neurons. 

Optic glomeruli are also associated with neurons that 
reach the fan-shaped and ellipsoid bodies of the central 
complex or extend to the mushroom body lobes. Thus, optic 
lobes supply protocerebral centers from which interneurons 
extend to higher centers. Descending neurons mainly receive 
their optic lobe inputs via intermediate local interneurons. 
Thus, organization in the protocerebrum between sensory 
inputs (that is, lobula and lobula plate outputs) and interneu- 
rons is reminiscent of sensory-to-interneuron arrangements 
in a segmental ganglion. 

Exceptions to this general arrangement include the giant 
vertical motion-sensitive neurons of the lobula plate, which, 
with neurons from the ocelli, establish mixed electrical and 
chemical synapses onto descending neurons that are involved 
in the stabilization of roll and pitch during flight and the 
control of visually induced head movements. 


ACCESSORY MEDULLA AND CIRCADIAN RHYTHM 
The optic lobes also support pathways involved in circadian 
rhythms. The most important of these, described from 
Drosophila and the locust by Helfrich-Forster and others, 
involve systems of neurosecretory pacemaker cells associated 
with a small satellite neuropil in the optic lobes, called the 
accessory medulla. 


DESCENDING OUTPUTS FROM THE BRAIN Dye fills 
into the ventral nerve cord of flies reveal large numbers (>200) 
of cell bodies on each side of the brain. These belong to 
descending neurons that carry information from the brain to 
thoracic ganglia circuits that control flight, walking, and other 
motor actions. Descending neurons that have their dendrites 
in dorsal neuropils of protocerebrum and receive inputs from 
the lobula plate terminate dorsally in thoracic ganglia where 
they contribute to the visual and mechanosensory stabilization 
of flight. Descending neurons with dendrites in more ventral 
protocerebral neuropils terminate in ventral thoracic and 
abdominal regions. 

Electrophysiological recordings from locusts, dragonflies, 
and flies have all shown that descending neurons are 
multimodal, carrying integrated information about visual, 
olfactory, mechanosensory, and acoustic stimuli. Descending 
neurons are activated by correlative information from 
different modalities. Thus, descending neurons involved in 
controlling the direction of flight, and which respond 


Brain and Optic Lobes 145 


selectively to panoramic movement around the vertical axis 
of the body (yaw motion), also relay information about the 
corresponding displacement of head hairs that occurs when 
the body undergoes a yaw displacement. 

Among descending neurons are systems of axons that 
provide extremely fast motor actions in response to defined 
visual stimuli. These comprise the class of “escape circuits,” the 
best known of which is the lateral giant motion detector and 
descending contralateral motion detector system of the locust 
and the Col A-giant descending neuron system in flies. In both 
locusts and flies optic lobe neurons (LGMD, Col A) provide 
mixed chemical and electrical synapses onto large axon diameter 
descending neurons (DCMD, GDN). In flies the paired 
GDN are electrically coupled and are electrically contiguous 
with the tergotrochanteral motor neurons that provide sudden 
midleg extension. At the same time, the direct (power) muscles 
of the wings are activated by electrically coupled local inter- 
neurons relaying signals from the GDN terminal to axons of 
motor neurons supplying the longitudinal flight muscles. A 
comparable connection between the DCMD and the hind- 
leg extensor muscles is found in locusts. 


ASCENDING SUPPLY TO THE BRAIN Sensory afferents 
supplying segmental ganglia distribute outputs to intergan- 
glionic interneurons. Many of these interneurons extend only 
locally, between neighboring or next-to-neighbor ganglia, 
and serve functions in regulating leg movements and posture. 
However, a large number of ascending neurons have axons 
that ascend through ganglia to reach the brain via ventrally 
disposed tracts of axons. Dye filling these axons demonstrates 
their terminals in ventrolateral and ventromedial protocere- 
bral neuropils and in neuropils of the deutocerebrum, 
tritocerebrum, and subesophageal ganglion. Ascending axons 
do not, however, terminate in any of the mushroom body 
neuropils nor in neuropils of the central complex. 

Functional studies of ascending pathways, exemplified by 
the recent studies of Nebeling, have mainly focused on 
ascending acoustic interneurons in crickets, which terminate 
in specific caudolateral and caudomedial protocerebral neu- 
ropils. However, the distribution of terminals in many proto- 
cerebral neuropils, including those receiving inputs from the 
optic lobes and antennal lobes, adds weight to the idea that a 
large volume of the protocerebrum is involved in multimodal 
integration. That such areas provide inputs to, and receive 
outputs from, the mushroom bodies adds credence to these 
paired centers being higher integration neuropils. Likewise, 
the relationship of the fan-shaped and ellipsoid bodies with 
protocerebral neuropils also suggests their crucial role as a 
higher integrator for the control of motor actions. 


THE DEUTOCEREBRUM 


The second preoral neuromere is called the deutocerebrum. 
It consists of sensory and motor neuropils and is constructed 
along the ground pattern typical of postoral ganglia. 
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Ventrally its neuropils comprise two paired sensory centers: 
the antennal lobe and, caudal to it, the vertical lobe. Three 
recent reviews by Vosshall, Hildebrand, and Hansson provide 
useful summaries of how olfactory receptors wire into the 
antennal lobes, how the lobes themselves are structured, and 
how these structures relate to the rest of the brain. Antennal 
lobe neuropils consist of discrete islets, called glomeruli. 
Most of these receive mainly olfactory receptor endings from 
the antenna’s funiculus, although certain glomeruli receive 
inputs from the maxillary palps. Studies on Drosophila and 
the moth Manduca sexta, which are reviewed, have 
demonstrated that as a rule glomeruli have unique identities 
and positions in the antennal lobe. 

The vertical lobes receive mainly mechanosensory 
terminals from the scapus and pedicellus. Some glomeruli 
situated caudally in the antennal lobe, bordering the dorsal 
lobe, receive inputs from antennal thermoreceptors, receptors 
responding to water vapor, and some mechanoreceptors. 
Motor neurons controlling antennal musculature originate 
lateral to and dorsal to these sensory regions. However, there 
is little information about the arrangements of interneurons 
and relay neurons supplying antennal lobe motor neurons. 

Glomerular antennal lobes appear to be typical of 
neopteran insects. The antennae of primary apterygotes and 
palaeopterans supply columnar and layered neuropils of the 
vertical lobes, as do mechanosensory axons from the first two 
antennal segments (scapus and pedicellus) in neopterans. 

Cellular arrangements in the antennal lobes are reminiscent 
of arrangements in malacostracan crustaceans and in vertebrates. 
Whether these similarities are a consequence of convergent 
evolution is debatable. However, in both phyla olfactory 
receptor neurons tuned to a specific odor molecule converge 
to the same address (glomerulus) in the antennal lobe. These 
addresses are then represented as a coarser map in the neuropils 
of the lateral protocerebrum by the axons of projection 
neurons originating in glomeruli. Antennal lobes also integrate 
olfactory information by virtue of complex connections 
provided by local inhibitory local interneurons. Sexual 
dimorphism also occurs in the antennal lobes, particularly in 
the Lepidoptera, in which receptors encoding components of 
the female pheromone blend send their axons to discrete 
glomeruli of the male-specific macroglomerular complex. 


THE TRITOCEREBRUM 


The tritocerebrum is the third and structurally the most 
discrete of the three preoral neuromeres, with sensory motor 
connections with the third metamere of the head. An analysis 
using expression of the segmentation border gene engrailed 
has demonstrated the appendage-type identity of the labrum, 
which supplies a major input into the tritocerebral ganglion, 
thus establishing its sensory supply and metameric 
relationships. The tritocerebrum also supplies motor neurons 
to labral muscles. The tritocerebrum receives a substantial 
supply of terminals from interganglionic interneurons with 


dendrites in the anterior medial protocerebrum (according to 
the neuraxis), which itself receives inputs from the median 
bundle originating in the subesophageal ganglion with some 
additional elements recruited from the thoracic ganglia. The 
tritocerebrum gives rise to descending neurons to the 
thoracic and abdominal ganglia, as does the deutocerebrum. 
However, even though Rajashekhar and Singh have described 
its general architecture and relationships with the protocere- 
brum, relatively little is known of the tritocerebrum’s 
relationships to other brain regions or about its intrinsic 
connections. In all neopteran insects it is the protocerebrum 
that shows the greatest elaboration. 


THE POSTORAL BRAIN (SUBESOPHAGEAL 
GANGLION) 


Various functions have been ascribed to the subesophageal 
ganglion, including arousal prior to motor actions and sensory 
convergence from the brain. Generally, the three neuromeres of 
the subesophageal ganglion relate to the metameric identity of 
the mouthparts. Edgecomb and Murdock describe from flies 
that the labial neuromere of the subesophageal ganglion receives 
sensory axons from the dorsal cibarial organ, labellar sensilla, 
and labral sense organs and possibly some intersegmental inputs 
arrive from the tarsi. Stocker and Schorderet have supplied 
evidence from Drosophila that mechanosensory and gustatory 
chemo- (taste) receptors segregate out in the labral neuromere 
into discrete modality-specific zones. In honey bees, inputs from 
the mandibles invade the mandibular neuromere, which has 
been suggested to be absent in flies. However, it is unlikely that 
an entire neuromere has been eliminated and anatomical 
evidence for it is indeed present. In 1992 Shanbhag and Singh 
made the attractive suggestion that taste receptors segregate 
into chemospecific zones, because horseradish peroxidase 
uptake by the tips of functional species of receptors identified 
seven arborization areas in the subesophageal ganglion. 
Shanbhag and Singh suggested that these areas correspond to 
seven types of gustatory sensilla. These findings have not been 
contradicted and in larvae such receptor-specific zones appear 
to be substantiated by genetic markers of specific chemosen- 
sory axons to target neuropils. What is uncontroversial is that, 
at any neuromere of the subesophageal ganglion, neuropils are 
divided into a number of discrete synaptic regions. Some of 
these clearly belong to interneuron—motor neuron assemblages. 
In flies, local interneurons responding to sucrose reflect the 
discrete partitioning of lateral subesophageal neuropils. 
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ubonic plague, a devastating bacterial disease most com- 
monly transmitted by fleas, has produced profound 
changes in human societies throughout history. 
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THE DISEASE IN HUMANS 


During the last 2000 years, three great plague pandemics, 
including the Black Death of the 14th century, have resulted 
in social and economic upheavals that are unmatched by 
armed conflicts or any other infectious disease. Plague, 
caused by the rod-shaped, gram-negative bacterium Yersinia 
pestis (Pasteurella pestis was the name used before 1970), is a 
zoonotic infection, transmitted by any one of several species 
of fleas, that predominantly affects small mammals such as 
rodents; humans actually are accidental hosts. 

At present, most human cases of the plague are of the 
bubonic form, which results from the bite of a flea, usually 
the common rat flea Xenopsylla cheopis, that has fed on an 
infected rodent. The bacteria spread to the lymph nodes 
(armpits and neck but frequently the area of the groin) that 
drain the site of the bite, and these swollen and tender lymph 
nodes give the classic sign of bubonic plague, the bubo (from 
the Greek word boubon meaning groin). Three days after the 
buboes appear, there is a high fever, the infected individual 
becomes delirious, and hemorrhages in the skin result in 
black splotches. Some contend that these dark spots on the 
skin gave the disease the name Black Death, whereas others 
believe “black” is simply a mistranslation of “pestis atra” 
meaning not black, but a dark or sinister disease. 

The buboes continue to enlarge, sometimes reaching the 
size of a hen’s egg, and when these buboes burst there is ago- 
nizing pain. Death can come 2 to 4 days after the onset of 
symptoms. Sometimes, however, the bacteria enter the 
bloodstream. This second form of the disease, which may 
occur without the development of buboes, is called septicemic 
plague. Septicemic plague is characterized by fever, chills, 
headache, malaise, massive hemorrhaging, and death. 
Septicemic plague has a higher mortality than bubonic plague. 

In addition, the bacteria may move via the bloodstream to 
the alveolar spaces of the lungs, leading to a suppurating 
pneumonia or pneumonic plague. Pneumonic plague, the 
only form of the disease that allows for human-to-human 
transmission, is characterized by a watery and sometimes 
bloody sputum containing live bacteria. Coughing and 
spitting produce airborne droplets laden with the highly 
infectious bacteria, and by inhalation others may become 
infected. Pneumonic plague is the rapidly fatal form of the 
disease, and death can occur within 24 h of exposure. It is 
likely that this form of transmission produced the devastating 
Black Death. The nursery rhyme “Ring around the rosies, a 
pocket full of posies, Achoo! Achoo! We all fall down” refers 
to plague in 17th-century England: the rosies are the initial 
pink body rash, posies the perfumed bunches of flowers used 
to ward off the stench of death, “achoo” is the coughing and 
sneezing, and death is signified by “we all fall down.” 

Y. pestis is one of the most pathogenic bacteria: the lethal 
dose that will kill 50% of exposed mice is only a single 
bacterium that is injected intravenously. Typically, ¥. pestis is 
spread from rodent to rodent by flea bites, but it can also 


survive for a few days in a decaying corpse and can persist for 
years in a frozen body. 


THE DISEASE IN THE FLEA 


The disease in fleas also has a distinctive pattern. Small 
mammals, such as urban and sylvatic (or wood) rats, as well 
as squirrels, prairie dogs, rabbits, voles, coyotes, and domestic 
cats, are the principal hosts for ¥. pestis. More than 80 different 
species of fleas are involved as plague vectors. Fleas are 
bloodsucking insects, and when a flea bites a plague-infected 
host (at the bacteremic/septicemic stage) it ingests the rod- 
shaped bacteria; these multiply in the blood clot in the 
proventriculus (foregut) of the flea. This bacteria-laden clot 
obstructs the flea’s bloodsucking apparatus and, as a conse- 
quence, the flea is unable to pump blood into the midgut, 
where normally it would be digested. The flea becomes 
hungrier and in this ravenous state bites the host repeatedly; 
with each bite, it regurgitates plague bacteria into the wound. 
In this way, infection is initiated. Y pestis can also be patho- 
genic for the flea, and fleas with their foregut blocked 
rapidly starve to death. If the mammalian host dies, its body 
cools down, and fleas respond by moving off the corpse to 
seek another live warm-blooded host. However, if there is an 
extensive die-off of rodents, the fleas move on to less preferred 
hosts such as humans, and so an epidemic may begin. 


HISTORICAL 


Plague outbreaks occurred prior to the current era (i.e., 2000 
years ago), but the numbers affected and the societal impact 
of the events remain unrecorded. During the current era, 
however, there have been three well-documented plague 
pandemics. The first, the plague of Justinian, arrived in 542 
and raged intermittently until 750. It came to the 
Mediterranean region from an original focus in northeastern 
India or central Africa and was spread by infected rats 
hitchhiking on ships. It is estimated that a million people 
died. In Constantinople, the capital of the Roman Empire in 
the east, plague contributed to Justinian’s failure to restore 
imperial unity because of a diminution in resources, which in 
turn prevented Roman and Persian forces from offering more 
than token resistance to the Muslim armies that swarmed out 
of Arabia in 634. 

In the year 1346, the second pandemic began, and by the 
time it disappeared in 1352 the population of Europe and 
the Middle East had been reduced from 100 million to 80 
million people. It is estimated that in cities such as Siena, 
Marseilles, and London, at the height of the pandemic, 
approximately 1500 people died each day from the plague. 
This devastating phenomenon, known as the Black Death, 
the Great Dying, or the Great Pestilence, put an end to the 
rise in the human population that had begun in 5000 B.c., 
and it took more than 150 years before the population 
returned to its former size. 
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Providing the source of the second pandemic were 
bacteria from the first pandemic that had moved eastward 
and remained endemic for seven centuries in the highly 
susceptible black rats (Rattus rattus) of the Gobi Desert. 
Plague-infected rats and their fleas moved westward along the 
Silk Road, the caravan routes between Asia and the 
Mediterranean; plague traveled from central Asia around the 
Caspian Sea to the Crimea. There the rats and their fleas 
boarded ships and moved from port to port and country to 
country, spreading plague to the human populations living in 
filthy rat-infested cities. Indeed, the story of the Pied Piper of 
Hamlin may have had its roots in the plague-ridden cities of 
Germany. 

By 1347, there were plague outbreaks in Kaffa, 
Constantinople, and Genoa. By 1348 it had spread via North 
Africa to Spain, and it was also present in France, Germany, 
Switzerland, and Great Britain. In 1349 a ship from London 
carrying its crew, wool cargo, and infected rats landed in 
Bergen, Norway. In this way plague came to Scandinavia. In 
1351, it was in Poland and when, in 1352, it reached Russia, 
the plague had completed its circuit. 

Because no one in medieval times knew that microbes cause 
infectious diseases, any public heath measures were crude and 
generally ineffectual: ships were restricted in their entry into 
ports and sailors had to remain on board for 40 days while 
their vessels were tied up at the dock, a practice that gave rise 
to the term quarantine (from quarant, meaning 40 in French). 
But the disease continued unabated because flea-bearing 
rats left the ships by means of docking lines. Cordon sanitaires 
(ie., quarantine zones) may have had some effect, but 
oftentimes infected individuals were shut up in their homes 
with the uninfected members of the family and the flea- 
infested rats, conditions that actually led to higher mortality. 
More effective measures included the burning of clothing 
and bedding, and the burying of the dead as quickly as 
possible. 

The public, unable to identify the real source of the 
plague, used Jews, prostitutes, the poor, and foreigners as 
scapegoats. The Black Death led to societal and religious 
changes: feudal institutions began to break down; the 
laboring class became more mobile; merchants and craftsmen 
became more powerful; and guild structures were strength- 
ened. There was also a decline in papal authority, and people 
lost faith in a Catholic Church that was powerless to stem the 
tide of death. The horrors of the plague during this time are 
depicted in Pieter Brueghel’s 1562 painting Triumph of 
Death and graphically described in the introduction to 
Giovanni Boccaccio’s classic collection of short stories, the 
Decameron. “Plague doctors” who ministered to the dying 
wore special costumes depicted in drawings and engravings 
(Fig. 1), as seen in popular movies such as The Seventh Seal, 
directed by Ingmar Bergman. 

Though the Black Death was undoubtedly the most 
dramatic outbreak of plague ever visited upon Europe, it did 
not disappear altogether after 1352. Between 1347 and 


Bubonic Plague 149 





FIGURE 1 During the plague physicians wore protective clothing in an 


attempt to avoid acquiring the disease from their patients. The beaklike 
mask was supplied with aromatic substances and perfumes to ward off the 
stench of death, the stick was used to touch the afflicted. To prevent the 
disease vapors from entering the body of the “plague doctors,” a hat was 
worn, as well as a coat impregnated with a waxy material. (Illustration from 
Der Pestarzt Dr. Francois Chicoyneau. © Germanisches National Museum, 
Munich. Reproduced with permission.) 


1722, plague epidemics struck Europe at infrequent intervals 
and occurred without the introduction from caravans from 
Asia. In England, the epidemics occurred at 2- to 5-year 
intervals between 1361 and 1480. In 1656-1657, 60% of 
the population of Genoa died, half of Milan in 1630, and 
30% in Marseilles in 1720. In the Great Plague of 1665, 
which was described in the diary of Samuel Pepys (and 
fictionalized in Daniel Defoe’s Journal of the Plague Year), at 
least 68,000 Londoners died. 

The third and current pandemic began in the 1860s in 
the war-torn Yunnan region of China. Troop movements 
from the war in that area allowed the disease to spread to the 
southern coast of China. Plague-infected rodents, now 
assisted in their travels by modern steamships and railways, 
quickly spread the disease to the rest of the world. By 1894, 
plague had arrived in Hong Kong, and there Alexander 
Yersin (1863-1943) and Shibasaburo Kitasato (1852-1931), 
by taking material from buboes, independently discovered 
the occurrence of the bacillus in humans. Yersin also isolated 
the same bacterium from dead rats, thus demonstrating the 
importance of these rodents in transmission. Four years later, 
during the phase of the epidemic that swept over India, Paul- 
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Louis Simond and Masanori Ogata independently deter- 
mined that the flea was the vector of plague. 


THE BACTERIUM, Y¥. PESTIS 


Y. pestis has been subdivided into three phenotypic 
biovarieties—Antiqua, Medievalis, and Orientalis. Based on 
epidemiological and historical records, it has been 
hypothesized that Antiqua, presently resident in Africa, is 
descended from bacteria that caused the first pandemic, 
whereas Medievalis, resident in central Asia, is descended 
from bacteria that caused the second pandemic; those of the 
third pandemic, and currently widespread, are all Orientalis. 
It is believed that Y pestis probably evolved during the last 
1500 to 2000 years because of changes in social and 
economic factors that were themselves the result of a 
dramatic increase in the size of the human population, which 
was coincident with the development of agriculture. 

This increase in food supply for humans allowed rodent 
populations to expand as well. Increased numbers of rodents 
coupled with changes in behavior (i.e., living in and around 
sylvatic rodents and human habitation) triggered the 
evolution of virulent Y. pestis from the enteric, food-borne, 
avirulent pathogen Y. pseudotuberculosis. This occurred by 
means of several genetic changes. For example, development 
of a gene whose product is involved in the storage of hemin 
resulted in the ability of the bacteria to block the flea 
proventriculus, enhancing flea~-mediated transmission. Other 
gene products (phospholipase D and plasminogen activator) 
facilitated blood dissemination in the mammalian body and 
allowed for the infection of a variety of hosts by fleas. 


DIAGNOSIS, TREATMENT, AND VACCINE 


Mortality and morbidity from plague were significantly 
reduced in the 20th century. However, the disease has not 
been eradicated. Plague remains endemic in regions of Africa, 
Asia, and North and South America. From 1983 to 1997, 
there were 28,570 cases with 2331 deaths in 24 countries 
reported to the World Health Organization (WHO). In 
1997 the total number of cases reported by 14 countries to 
the WHO was 5419, of which 274 were fatal. Epidemics 
occurred in Madagascar in 1991 and 1997, in Malawi, 
Zimbabwe, and India in 1994, and in Zambia and China in 
1996. In contrast, there were four cases and only one death 
in the United States in 1997. 

Though human disease is rare, a feverish patient who has 
been exposed to rodents or flea bites in plague endemic areas 
should be considered to be a possible plague victim. 


Diagnosis can be made by Gram stain and culture of bubo 
aspirates or sputum. The bacteria grow aerobically and form 
small colonies on blood and MacConkey agar. 

Unless specific treatment is given, the condition of a 
plague-infected individual deteriorates rapidly and death can 
occur in 3 to 5 days. Untreated plague has a mortality of more 
than 50%. A variety of antibiotics including streptomycin, 
sulfonamide, and tetracycline are effective against bubonic 
plague. Tetracycline can be used prophylactically, and 
chloramphenicol is used to treat plague meningitis. No 
antibiotic resistance has been reported. 

Two plague vaccines have been approved for use in 
humans. One is a formaldehyde-killed, whole-cell vaccine 
first used in 1942, and the other is a live vaccine used in the 
former Soviet Union since 1939. A new subunit vaccine that 
uses the bacterial capsular antigens F1 and V for immunization 
is under development. 
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he term “caste” refers to long-term, stable differences among 

insect colony members that affect the roles played by 
individuals in their social group. It was the existence of distinct 
morphological castes in insect colonies that led Charles Darwin 
to identify social insects as a major challenge to his theory of 
evolution by natural selection. Few topics are more central to 
the study of social insect biology than caste. It is ironic, then, 
that few topics have generated more controversy and debate 
among social insect biologists. Beyond the deceptively simple 
definition just offered, there is little agreement on how the 
term should be defined, or on what characteristics should be 
used to identify the castes of individual insects. In part, the 
controversy exists because published definitions of caste are 
often not operational. For example, some definitions do not 
specify whether caste differences must be developmentally 
fixed and permanent or, alternatively, whether individuals can 
exhibit caste flexibility. As a result, “caste” has been applied 
to a wide array of physiological and behavioral phenomena. 

The diversity of caste systems between and within evolu- 
tionary lineages of social insects may preclude a simple, uni- 
versal definition of caste. Rather than advocate a single defi- 
nitional point of view, this article explores the diversity of ways 


in which the concept has been used and the array of important 
phenomena caste encompasses in different insect societies. 


REPRODUCTIVE CASTES 
Differences in Reproductive Function 


A fully social or eusocial group is generally understood to 
exhibit reproductive division of labor. This means that eusocial 
groups must include some individuals that forgo direct 
reproduction and instead aid the rearing of the offspring of 
others in their group. In eusocial insects, the helpers comprise 
the worker caste and reproductive females are referred to as 
queens. Termite colonies possess long-lived royal couples (a 
queen and a king), whereas in eusocial Hymenoptera, males 
are sometimes referred to as drones. Males in the order 
Hymenoptera (bees, ants, and wasps) rarely work for their 
colonies and typically die soon after mating. In contrast, male 
eusocial thrips (Thysanoptera) and termites (Isoptera) comprise 
part of the worker force and participate fully in colony labor. 
Social insect species vary according to whether the group’s 
members are permanently relegated to reproductive versus 
worker roles and in the degree of fecundity differences between 
reproducers and workers. There is a general evolutionary 
trend toward increased reproductive caste specialization as 
more complex, larger societies evolve from smaller, simpler 
ones. In some ants, workers lack reproductive organs and are 
permanently sterile. In most species, however, workers can 
achieve limited direct reproduction under some conditions. 


Morphological Differences 


Some species are reproductively monomorphic, and repro- 
ductives do not differ significantly in body structure from 
workers. Many sweat bees and bumble bees, some paper wasps, 
and even some primitive ants are examples of reproductively 
monomorphic species. Workers in monomorphic species are 
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often smaller than reproductives, but there can be considerable 
overlap in body size distributions among the reproductive castes. 
In some cases, clear physiological differences distinguish workers 
from reproductives when morphology does not. For example, 
temperate Polistes paper wasp colonies produce gynes (potential 
female reproductives) at the end of the summer. Gynes possess 
enlarged, nutrient-laden fat bodies, not present in female 
workers, that permit them to overwinter in a quiescent state. 

In contrast, consistent reproductive caste differences in 
body size and shape have evolved in several lineages of social 
insects. Most eusocial insects with wingless workers, such as 
ants and termites, retain a morphologically distinct 
reproductive caste with wings. In species with flying workers, 
developmental allometry can still result in the production of 
distinct, nonoverlapping body forms for reproductives and 
workers. Morphologically discrete reproductive castes are 
found among honey bees, stingless bees, and some paper 
wasps. Reproductives are often larger than workers, but also 
differ in body proportions (hence shape) in ways that suggest 
specialization in egg laying, such as relatively enlarged 
abdomens. The degree of morphological differentiation 
between reproductive castes probably evolves in response to a 
complex array of natural selection pressures. For example, the 
degree to which the colony occupies a defensible, long- 
lasting nest site may in part determine the whether queens 
can afford to adopt relatively immobile body forms. 


Caste Determination: Immature Development and 
Adult Interactions 


Other than an interesting exception in the ant Harpagoxenus 
sublaevis, there are no well-documented cases of genetic 
differences that affect reproductive caste differentiation. 
Often caste differentiation must depend in part on 
differential patterns of gene expression during development, 
particularly in species with distinct caste morphology. 

Differences in environmental conditions during immature 
development can have strong effects on an individual’s caste. 
Nutritional effects on reproductive caste have been docu- 
mented in numerous taxa and appear to be widespread, if not 
universal, among eusocial insects. Differences in the amount 
of food provided to larvae may underlie many of the dif- 
ferences between reproductives and workers, especially in 
species exhibiting the common pattern of larger body size for 
reproductives. However, differences in food quality, possibly 
including the addition of glandular secretions and 
pheromones, cannot be ruled out. Especially interesting in 
this regard are those eusocial wasps whose reproductives are 
smaller than workers (genus Apoica) or identical in size but 
different in shape (genus Pseudopolybia). 

Social interactions among adults may also influence 
reproductive caste, particularly in species without apparent 
morphological caste differences. For example, dominance 
interactions among paper wasp (Polistes) females, which often 
cooperate to start new colonies, determine which female acts 


as the sole reproductive. Subordinate Polistes females function 
as workers. 


CASTES IN THE WORKER FORCE 
Morphological Castes 


DISCRETE WORKER MORPHOLOGY In all termites and 
in approximately 10% of ant species, workers exhibit 
developmental allometry resulting in body shape variation 
within the worker caste. Interestingly, this type of 
morphological caste has not been documented in social 
insects with flying workers, such as bees and wasps. There is 
typically some association between a worker’s body form and 
the tasks that she performs. One of the most common types 
of morphological specialization is the assignment of large 
workers, called soldiers, to the special role of colony defense. 
When the colony is threatened by an animal, the soldiers 
advance and attack, while other workers flee. Often the 
soldiers uniquely possess heavily armored exoskeletons and 
some type of weaponry, including enlarged muscular heads, 
long, piercing mouthparts, or glands that produce defensive 
chemicals. In other cases, worker body shape variation affects 
the performance of more mundane tasks such as food 
collection. In army ants (Eciton spp.), longer-legged workers 
select larger food items to carry back to their colonies. In 
leafcutter ants (Azza spp.), the largest workers are soldiers, the 
medium-sized workers cut and transport leaves, and the 
smaller workers usually remain in the nest to tend the 
colony’s fungus garden. An ant worker’s body size and shape 
are fixed upon adult emergence; further growth is not 
possible. In contrast, some termite workers (Zootermopsis 
spp.) exhibit considerable caste plasticity, potentially molting 
among different body forms, and even switching from soldier 
to nonwinged reproductive castes under certain conditions. 


BODY SIZE EFFECTS Even in monomorphic species, 
body size differences can influence the tasks that workers 
perform. In some species, larger-bodied workers dominate 
their smaller nestmates (Polistes metricus, P fuscatus, and PR 
dominulus), and dominance status in turn affects the tasks a 
worker performs. In some bumble bees (Bombus spp.), 
however, larger workers are more likely to perform certain 
tasks such as foraging to collect food for the colony, 
independently of obvious worker aggression. 


Behavioral Castes 


Workers can be assigned to behavioral castes when they 
specialize on a subset of the tasks that the colony needs. In 
some eusocial insect species such as Bombus and Polistes, 
workers exhibit a great deal of flexibility, switching among 
tasks often, and behavioral castes are weakly defined. In honey 
bees (Apis mellifera) and swarm-founding paper wasps (Polybia 
spp.), on the other hand, workers specialize more consistently. 


AGE OR TEMPORAL POLYETHISM Changes in task 
specialization as workers age are among the best-studied 
factors that influence workers’ behavioral caste. “Age” or 
“temporal polyethism” refers to an ordered, predictable 
sequence of task specializations through which an adult 
worker passes as it ages. Typically, species with temporal 
polyethism exhibit centripetal development: workers begin 
by working deep inside the nest, close to the queen(s) and 
brood; they later perform tasks at the nest periphery; and 
they finally move further out to perform risky tasks such as 
foraging and nest defense (Fig. 1). This centripetal pattern of 
development is remarkably similar among the diverse 
eusocial insect species that exhibit well-developed temporal 
polyethism. Workers usually follow the same sequence of task 
specializations, but individuals vary in their rate of passage 
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FIGURE 1 Temporal or age polyethism in the paper wasp Polybia 
aequatorialis. Data were collected on 130 individually marked, known-age 
workers. Two measures of worker activity at three task sets are plotted against 
worker age (solid lines: mean rate of task performance; dashed lines: number 
of workers performing the task). Note the typical centripetal developmental 
sequence: in-nest tasks (mostly nest cleaning) are followed by building on 
the nest exterior, and later by foraging (leaving the nest and returning with 


food and building materials). 
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through the sequence. Changes in hormone titers, such as 
juvenile hormone, have been implicated in determining the 
rate of temporal polyethism in Apis and Polybia. 

Workers’ relative age influences social status and task 
performance in some species. In the paper wasps PR 
exclamans, the first-emerging (and consequently the oldest) 
workers in the nest tend to socially dominate their nestmates, 
a pattern referred to as gerontocracy, which is independent of 
body size variation. In this case, age influences workers’ 
behavioral caste in a static way, rather than in a dynamic way 
as in temporal polyethism. 


INDIVIDUAL DIFFERENCES AND SPECIALIZATION 
Superimposed on broader patterns of division of labor, such 
as body size or age effects, workers sometimes exhibit 
idiosyncratic specialization on tasks. For example, Apis and 
Polybia foragers often specialize by collecting one of the 
several materials their colony needs to function. Such 
specialization may be benefit the colony by increasing the 
efficiency or reliability of task performance. 

Genetic Effects | Genetic relatedness among the offspring 
in the worker force is highest when the workers are born to a 
single reproductive female, which has mated with a single 
male. Some social insect species exhibit mating behavior or 
social structure that decreases the genetic relatedness among 
the offspring workers within colonies. When queens mate with 
several different, unrelated males (polyandry), or when several 
reproductive females are present in the colony (polygyny), 
workers can find themselves sharing a nest with a combina- 
tion of more closely and more distantly related individuals. 
Ina number of polyandrous and polygynous species, including 
Apis spp. and stingless bees (genus Partamona), several species 
of ants, and Polybia spp., workers that are more genetically 
similar have been found to specialize on similar tasks. 

Experience and Learning A predicted benefit of task 
specialization is that workers can improve performance as 
they gain experience. There is evidence that some insect 
workers learn to perform tasks more effectively with 
experience. Bumble bees collecting nectar and pollen from 
complex flowers learn to do so more rapidly after repeated 
attempts to handle a given type of flower. Polybia foragers are 
less likely to return from foraging trips empty-handed as they 
gain foraging experience. 


COLONY-LEVEL INVESTMENT 


Investment in Growth and Maintenance 
versus Reproduction 


One of the major challenges that faces growing organisms is 
the developmental decision of how many resources to invest 
in growth and how many to invest in reproduction. Insect 
colonies can be treated as organisms in this sense, since each 
colony must decide how much it will invest in different castes 
(i.e., in workers vs reproductives). To the extent that colonies 
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are reproductive units, optimality theory predicts that natural 
selection will favor colonies that allocate their limited 
resources efficiently into different castes. Many insect 
societies segregate the production of workers (early in colony 
development) from the production of new queens and males 
(later in colony development). 


Worker Caste Ratios 


Insect colonies appear to behave in an adaptive manner by 
adjusting their worker caste ratios to meet current colony 
needs. Production of different worker castes reflects a trade-off 
between the costs and benefits of producing and maintaining 
workers of different kinds. As ant colonies with morphologically 
specialized workers grow in size, their amount of investment 
in large-bodied workers increases, and many eusocial insects 
produce tiny nanitic workers early in colony development. 
Colonies of the ant Pheidole pallidula increase their rate of 
production of soldiers when exposed to potential competitors. 
Similar colony flexibility is apparent in age—caste distributions. 
In honey bees and paper wasps, if the level-of-colony need for 
foragers changes, some workers accelerate or reverse their 
behavioral development, performing the age-atypical tasks that 
are in greatest demand. Identifying the mechanisms that link 
individuals’ developmental plasticity with the level of colony 
need remains as a central challenge in the study of caste. 
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he larvae of butterflies, skippers, and moths of the order 
Lepidoptera are generally known as caterpillars. Caterpillars 





FIGURE 1 Caterpillar of the polyphemus moth, Antheraea polyphemus, 
showing the five pairs of prolegs bearing crochets (hooks). (Photograph by 
Joseph L. Spencer, Illinois Natural History Survey.) 


come in a diversity of sizes, shapes, and colors. The most 
common form has a conspicuous head, a thorax with three 
pairs of legs, and an abdomen with five pairs of prolegs that 
bear crochets (hooks) (Fig. 1) that enable the caterpillar to 
cling tightly to or wedge itself between materials. In fact, 
some of the giant silk moth caterpillars (Saturniidae) can 
cling so tightly to a twig that a proleg can be ripped from the 
body if they are pulled too hard. A few other orders of insects 
contain larvae that are caterpillar-like, but only the larvae of 
the leaf-feeding sawflies (Hymenoptera) are commonly 
encountered, They are easily mistaken for caterpillars, but 
they usually feed in groups (as do some caterpillars), rear up 
when disturbed, have more than five pairs of prolegs on the 
abdomen, and never have crochets on the prolegs. 





FIGURE 2 Twig-mimic inchworm caterpillar of a moth (Geometridae). 


(Photograph by Fred Stehr, Department of Entomology, Michigan State 
University.) 





FIGURE 3 “Bird dropping” mimicry by the caterpillar of the orangedog, 
Papilio cresphontes. (Photograph by J. Mark Scriber, Department of 
Entomology, Michigan State University.) 


Caterpillars are commonly encountered because many are 
leaf-feeders and are not concealed feeders, although they may 
be cryptically shaped or colored. The realistic twig mimicry 
(Fig. 2) and behavior found in some inchworms 
(Geometridae) are complete with body markings that 
resemble bark irregularities, scars, and stipules. Another 
excellent mimic is the caterpillar of the orangedog, Papilio 
cresphontes, whose black and white larvae resemble bird 
droppings in all instars (Fig. 3). Some other swallowtail 
caterpillars resemble bird droppings in the early instars, 
whereas the later instars change to a greenish color (with 
black and orange, or yellow, markings) that camouflage them 
on their host plants. One of the most unsual diet-induced 
camouflage systems is that of the geometrid moth, Nemoria 
arizonaria. This moth has two generations, the first feeds on 
oak catkins in the spring and takes on the shape and colors 
of the catkins; the second generation hatches when the 
catkins are gone and only leaves are available for food, 
resulting in the caterpillar being a twig mimic. 

Nearly all species of plants are fed upon by caterpillars, 
and many caterpillars are important pests. They also form 
galls; are scavengers on dead plant materials, fungi, and 
animal materials such as feathers, wool, or fur (clothes 
moths, Tineidae); and some are important pests of stored 
products (meal moths, Pyralidae). Some larvae of the family 
Pyralidae are truly aquatic and have gills, and some 
caterpillars of other families feed in or on aquatic plants. A 
few caterpillars are predators such as the lycaenid butterfly, 
Feniseca tarquinius, which feeds on and among clusters of 
wooly aphids. Some tropical lycaenids are predators on ant 
larvae in their nests. The ants benefit from this arrangement 
by obtaining sweet secretions from the dorsal abdominal 
glands of the caterpillars. For other lycaenid caterpillars that 
feed on plants above ground, the relationship is clearly 
symbiotic, with the larvae providing secretions for the ants 
and the ants protecting the larvae from predators and 





A slug caterpillar, Ewclea delphinii (Limacodidae), showing the 
lack of prolegs and the sucker-like discs. (Photograph by Jane Ruffin, 


Rosemont, Pennsylvania.) 


parasitoids. Probably the most unusual predators are the 
Hawaiian geometrids in the genus Eupethecia, whose larvae 
strike backward with their enlarged thoracic legs, seizing any 
prey that touches their rear end. 

Most caterpillars move by a wavelike movement of the 
legs from rear to front. However, those with reduced 
numbers of prolegs or none at all proceed in a different 
manner. The inchworms (Fig. 2), which usually have two 
pairs of prolegs, and the looper cutworms of the Noctuidae, 
which have only three or four pairs of prolegs, move by 
pulling the hind end close to the thoracic legs and then 
looping the body forward. Caterpillars of the Limacodidae 
(Fig. 4), the slug caterpillars, have no prolegs and move on 
sucker-like discs, gliding along in a manner similar to slugs. 

Caterpillars may be aposematically colored to advertise that 
they are distasteful or poisonous. They may also bear diverse 





SURE 5 The ill-smelling, eversible, dorsal, prothoracic glands of a tiger 


swallowtail caterpillar, Papilio glaucus. (Photograph by J. Mark Scriber, 
Department of Entomology, Michigan State University.) 
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FIGURE 6 The snake-mimicking behavior of the spicebush swallowtail 
larva, Papilio troilus. (Photograph by J. Mark Scriber, Department of 
Entomology, Michigan State University.) 


lobes, spines, horns, knobs, and urticating hairs or spines that 
may or may not be irritating in some way. Most caterpillars 
that feed in protected or concealed locations do not possess 
such structures or defenses. The ill-smelling secretions of the 
eversible, dorsal prothoracic glands (Fig. 5) of swallowtail 
butterfly caterpillars (Papilionidae) are well known, as are the 
stinging properties of saddleback caterpillars (Limacodidae). 
Some papilionid and sphingid caterpillars have large eye-like 
spots on the thorax and rear up their head and expanded 
thorax, thereby mimicking small snakes (Fig. 6). The 
distastefulness to birds of many monarch larvae and adults that 
feed on toxic species of milkweeds is common knowledge, 
but monarch larvae that have fed on the relatively nontoxic 
species of milkweeds are quite edible, as are their adults. 

Caterpillars spin silk through a conspicuous labial 
spinneret. Species use silk in diverse ways, from webbing 
together leaves or other materials (Tortricidae, Pyralidae, and 
many others) to constructing webs [fall webworm (Arctiidae)], 
large “tents” of the tent caterpillars (Fig. 7) (Lasiocampidae: 
Malacosoma), or silken tube shelters (some Pyralidae, Tineidae). 
Some, such as the casebearers (Coleophoridae), the bagworms 
(Psychidae), and the sackbearers (Mimallonidae), make tough, 
complex shelters that they carry with them. The “sack” of the 
mimallonid caterpillars is particularly interesting because it is 
extremely tough, with an opening at both ends that can be 
blocked by the caterpillar’s head or its hard anal plate, either 
of which fits tightly against either opening. 

Many caterpillars spin cocoons in which they pupate, 
ranging from the tight and commercially valuable cocoons of 
the silkworm, Bombyx mori, to those of the gypsy moth, 
Lymantria dispar, which are at best a loose net of silk (even 
though it was originally brought to the United States because 
it was believed to be a good prospect for silk production). 
Other common caterpillars, such as those of sphinx moths, 





FIGURE 7 Tent of the western tent caterpillar, Malacosoma californicum 
(Lasiocampidae). (Photograph by Fred Stehr, Department of Entomology, 
Michigan State University.) 


cutworms, and some saturniids, pupate in the ground or 
litter where they form cells that can be silk lined. 

Caterpillars are occasionally an item of commerce. 
Canned caterpillars (gusanos) are eaten in (and sometimes 
imported from) Mexico. Tequila worms, usually in the family 
Megathymidae (giant skippers), were formerly imported in 
bottles of tequila from Mexico. If the tequila worm was well 
preserved, presumably the alcohol concentration was 
satisfactory. 
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leas are small (2 mm), dark, reddish brown, wingless, 

bloodsucking insects. Their bodies are laterally compressed 
(i.e., flattened side to side) and covered with many hairs and 
short spines directed backward, permitting forward movement 
through hairs on the host’s body. Their hind legs are long and 
well adapted for jumping. Adult flea mouthparts are 
equipped for sucking blood from the host. 

In North America, the cat flea, Ctenocephalides felis felis, is 
the most common ectoparasite of dogs and cats. In tropical 
areas it is a year-round pest, whereas in temperate climates its 


season varies. Because they attack a range of warm-blooded 
hosts, including humans and pets, cat fleas are both a 
veterinary problem and a household pest. 


SIGNIFICANCE OF FLEAS 


Fleas are important to humans because of their potential as 
disease vectors, in addition to the annoyance they produce 
merely by biting. Pathogen transmission is facilitated by their 
habit of feeding sequentially on several hosts. The best known 
disease associated with fleas is bubonic plague; the plague 
bacterium, Yersinia pestis, is transmitted almost exclusively by 
rodent fleas. Murine typhus is another disease for which cat 
fleas have been implicated in the transmission cycle. The flea- 
borne typhus causative agent, Rickettsia typhi, is transmitted 
from its rodent reservoir by several flea species, including C. 
felis. Fleas probably play a role in maintenance and transmis- 
sion of several other disease organisms such as Bartonella 
henselae, causing cat scratch disease. The cat flea is the inter- 
mediate host for the dog tapeworm, Dipylidium caninum, 
which can affect small children as well as dogs and cats. 

Pets infested with fleas bite and scratch themselves 
repeatedly. In situations in which flea numbers are high, 
veterinarians occasionally see kittens and puppies near death 
from flea-produced anemia. Sensitized people suffer from 
flea bites, which can cause intense itching, with scratching 
opening the skin to infection. 

Flea allergy dermatitis (FAD) is a severe condition found 
primarily in dogs, but also occasionally seen in cats. In a flea- 
allergic animal, flea salivary antigens initiate a cascade of 
symptoms, resulting in intense pruritus accompanied by 
scratching, biting, and self-inflicted trauma. An affected 
animal typically displays obsessive grooming behavior, with 
accompanying depilation, leaving the skin with weeping 
sores, often resulting in secondary infection. FAD is treated 
with corticosteroids, which possess undesirable side effects, 
especially when continuous use is required as in chronic FAD 
cases. Until development of FAD immunotherapy, successful 
treatment involves flea elimination from the animal’s 
environment and flea bite prevention. 

Fleas and their associated diseases can constitute over half 
a veterinary practice’s caseload in some areas of the country. 
More energy and money are spent battling these insects than 
any other problem in veterinary medicine. 


LIFE HISTORY 


The cat flea is a cosmopolitan, eclectic species, having been 
recorded from more than three dozen species, including 
opossums, raccoons, kangaroos, and even birds. This wide 
host range explains this flea’s ability to repopulate domestic 
animals after suppression efforts. Because it lacks host 
specificity and tends to feed on humans, the cat flea is a pest 
of both companion animals and humans with whom they 
share their abode. 
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FIGURE 1 Cat flea life cycle: adult (top), eggs, larva, and cocoon (enclosing 
pupa). (Illustration by Cara J. Mitten.) 


Adults 


Once adult cat fleas locate a host, they tend to remain on that 
animal unless dislodged. They feed readily and mate on the 
host. Female fleas lay eggs while on the host and because the 
eggs are not sticky, they readily fall off into the host’s envi- 
ronment, with large numbers accumulating in areas fre- 
quented by the animal. Each female flea can produce more than 
two dozen eggs per day. Adult fleas are about 1 to 4 mm in 
length and are strongly flattened from side to side. They are 
equipped with relatively long legs armed with strong outwardly 
projecting spines. Cat fleas have a collar of spines (ctenidium) 
on the back and another row of spines above the mouth. 
These characteristics allow for rapid movement through the 
host’s hairs and also serve to resist removal from the fur. 

Once the adult flea finds a host, it begins to feed. 
Typically the female mates and begins oviposition within a 
couple of days. On the host, a female flea averages about one 
egg per hour and, as a female flea can live on the host for 
several weeks, potential production can amount to hundreds 
of eggs in her lifetime. Only the adult stage is parasitic; all 
other life stages develop off the host (Fig. 1). 


Eggs 

Cat flea eggs are approximately 1 mm in length, with little 
surface structure other than aeropyles (permitting gaseous 
exchange for the developing embryo) and micropyles (for 
sperm entrance during fertilization). Typically, the larvae 
hatch within 24 to 48 h after oviposition, with more rapid 
hatching at warm temperatures. 
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Larvae 


From the eggs emerge small, white, eyeless, legless larvae with 
chewing mouthparts. Because they seldom travel far from 
where they hatch, cat flea larvae are usually found in furniture, 
carpeting, or outside in areas frequented by flea hosts. Flea 
larvae have three instars that, under favorable conditions, can 
be completed in as little as 10 days. Larvae will develop only in 
protected microhabitats in which the relative humidity exceeds 
75%. Cool temperatures, food shortages, or other unsuitable 
environmental conditions may extend larval developmental 
time to several weeks or a month. The third instar voids its 
gut approximately 24 h before initiation of cocoon 
construction. The white prepupa wanders until it locates an 
appropriate site for pupation and then begins to spin a silk 
cocoon. Frequently, environmental debris is incorporated 
into the cocoon, adhering to the sticky silk fibers, so that the 
cocoon may appear as a small dirt clod or lint ball. 


Pupae 


Within its cocoon, the prepupa molts to the pupa and 
continues metamorphosis to the adult flea within about 
4 days, under favorable conditions. Length of the preemerged 
adult stadium is the most variable in the flea life cycle, ranging 
from less than a day to several months (or perhaps over a year). 
The mechanisms are not completely understood, but it appears 
that some individuals are programmed to delay emergence. 
Likely this is an evolutionary strategy whereby offspring emerge 
over an extended interval, ensuring that some successfully 
achieve hosts. Stimuli such as pressure, carbon dioxide, and 
warmth (triggers associated with mammalian hosts) serve as 
releasers, causing the adult flea to emerge from the cocoon. 
Upon emergence, if the flea does not locate a host immedi- 
ately, it can survive for approximately 7 to 10 days (or longer 
under high-humidity and low-temperature conditions). 


FLEA SUPPRESSION 


Because fleas must have blood from a mammalian host to 
survive, treating host animals is the most efficient and 
effective means of suppressing fleas. There are several on- 
animal products that are effective for flea control. Many 
contain pyrethrins, which are safe, effective products but kill 
only fleas on the animal at the time of treatment and do not 
provide residual control. Other over-the-counter compounds 
include spot-on permethrin products, which are limited to 
canine use because they can be lethal to cats. 

Veterinarians can recommend products that provide 
several weeks of control with a single application. Products 
prescribed by veterinarians for on-animal flea control are 
applied in a small volume (a few milliliters) on the back of 
the animal’s neck. The material distributes over the body 
surface in skin oils. In addition to spot-on formulations, 
some products are available as sprays. These adulticides kill 


fleas on the animal within a few hours, then provide residual 
flea suppression for several weeks. 

To forestall flea infestations, pets can be started on flea 
developmental inhibitors early in the season. Products 
containing insect development inhibitors can be applied 
topically, given orally (once monthly as a pill for dogs or a 
liquid added to a cat’s food), or given as a 6-month injectable 
formulation for cats. Female fleas that feed on blood of 
treated animals subsequently are unable to reproduce. 

Once pets have been treated, it will take a while for fleas in 
the environment to die off. Meanwhile, as they emerge, fleas 
will hop onto the animal; the host will continue to “harvest” 
fleas from the surrounding environment until they have been 
killed and no more are emerging. Insect growth regulators can 
be used to break the flea life cycle. Although these compounds 
do not kill adult fleas, they do prevent eggs and larvae from 
completing their development, ensuring that any fleas brought 
into the area will not establish a sustaining population. 

Sanitation is an important flea suppression tactic; by 
eliminating larval developmental sites and destroying 
immature stages before they develop to the pestiferous adult 
stage, pets and people can be protected from fleas. Areas 
frequented by pets accumulate flea eggs and larval food, so 
these microhabitats should be vacuumed and treated to 
prevent flea infestations. These might include areas under 
furniture, animal bedding and sleeping quarters, and utility 
rooms or other areas where the pet spends time. 
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( aves and associated subterranean voids harbor extraordinary 
ecosystems inhabited by equally remarkable animals. Insects 
and arachnids dominate terrestrial habitats, whereas crustaceans 


Multiple Antenna Technologies 


Manar Mohaisen | YuPeng Wang | KyungHi Chang 


The Graduate School of Information Technology and Telecommunications 


INHA University 


ABSTRACT 


Multiple antenna technologies have 
received high attention in the last few 
decades for their capabilities to improve the 
overall system performance. Multiple-input 
multiple-output systems include a variety of 
techniques capable of not only increase the 
reliability of the communication but also 
impressively boost the channel capacity. In 
addition, smart antenna systems can increase 
the link quality and lead to appreciable 
interference reduction. 


I. Introduction 


Multiple antennas technologies proposed 
for communications systems have gained 
much attention in the last few years because 
of the huge gain they can introduce in the 
communication reliability and the channel 
capacity levels. Furthermore, multiple 
antenna systems can have a big contribution 
to reduce the interference both in the uplink 
and the downlink by employing smart 
antenna technology. 

To increase the reliability of the 
communication systems, multiple antennas 
can be installed at the transmitter or/and at 


the receiver. Alamouti code is considered as 
the simplest transmit diversity scheme while 
the receive diversity includes maximum 
ratio, equal gain and selection combining 
methods. Recently, cooperative 
communication was deeply investigated as a 
mean of increasing the communication 
reliability by not only considering the 
mobile station as user but also as a base 
station (or relay station). The idea behind 
multiple antenna diversity is to supply the 
receiver by multiple versions of the same 
signal transmitted via independent channels. 

On the other hand, multiple antenna 
systems can tremendously increase the 
channel capacity by sending independent 
signals from different transmit antennas. 
BLAST spatial multiplexing schemes are a 
good example of such category of multiple 
antenna technologies that boost the channel 
capacity. 

In addition, smart antenna technique can 
significantly increase the data rate and 
improve the quality of wireless transmission, 
which is limited by interference, local 
scattering and multipath propagation. 
Through shaping the antenna radiation 
pattern and adaptively adjusting the antenna 
weight vector, smart antennas improve the 
communication link quality by increasing 
the received signal power and suppressing 
the interference. 


dominate aquatic systems. This article describes the 
subterranean biome, highlighting terrestrial systems and the 
insects that are obligately adapted to live permanently in 
underground voids. 


DISCOVERY AND CHARACTERIZATION 
OF CAVE ARTHROPODS 


Why an animal would abandon the lighted world and lose 
such adaptive characters as eyes, pigment, and dispersal 
ability to live permanently in perpetually damp, dark, barren 
caves has long fascinated both biologists and laymen. In fact, 
it is these pale, blind obligate cave species that one usually 
envisages under the rubric of cave animal, and it is this group 
that is featured in this article. However, numerous other 
animals live all or part of their life cycles in caves or are 
regular visitors. Although some cave insects were known in 
ancient times, the first scientific writings on this topic began 
in northern Italy in the mid-16th century with the discovery 
of blind aquatic crustaceans in cave streams. The science of 
cave biology (biospeleology) was founded in the mid- to late 
19th century with studies of limestone caves in southern 
Europe by Schinner and continued into the early 20th 
century by Racovitza and colleagues. They devised the 
currently used classification scheme for cavernicoles, based 
on the degree of association with caves. Also, in the mid- 
1800s, obligate cave animals were discovered in Mammoth 
Cave, Kentucky, and in a few other North American 
limestone caves, but the study of North American cave 
faunas generally lagged behind Europe for the next century. 
The loss of eyes and other apparently adaptive characters led 
to a revival, circa the turn of the 20th century, of Lamarckian 
(i.e., acquired rather than inherited characteristics) theories 
to explain their evolution. During this period several major 
expeditions went to tropical regions to search for obligate 
cave faunas, but for a variety of reasons none were found or 
recognized. The apparent absence of tropical troglobites 
(obligate cave species) and the relictual nature of temperate 
cave animals led to the development and general acceptance 
of the theory that these animals evolved only after popu- 
lations were stranded in caves by changing climates that 
extinguished their surface relatives. 


Troglobitic Adaptations 


The most conspicuous aspect displayed by obligate cave 
arthropods is the reduction of structures normally considered 
adaptive (e.g., eyes, pigment, wings, and cuticle thickness). 
Compare the closely related surface and cave insects shown in 
Figs. 1A and 1B. Cave species also often lack a circadian 
rhythm and have relatively low metabolic and reproductive 
rates. A few characters are often enhanced, including modified 
structures such as increased hairiness, enlarged sensory organs, 
longer appendages, and specialized tarsi. These morphological, 
physiological, and behavioral changes allow the animals to 
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FIGURE 1 Cave and surface cixiid planthoppers. (A) Rain forest Oliarus 
species from Maui Island; note large eyes, dark color, and functional wings. 
(B) Adult female cave-adapted Oliarus polyphemus from Hawaii Island; note 
absence of eyes, enlarged antennae, and reduced wings and pigment. 


(Photographs by W. P. Mull, used with permission.) 


maintain water balance, breathe unusual gas mixtures, 
disperse, reproduce, and locate food and other resources in 
their environment. The remarkable convergent evolution of 
troglomorphy (adaptations to caves) among unrelated cave 
species in different regions of the world indicates that 
selective pressures must be similar in all such environments. 


Taxonomic Overview of Troglobites 


TERRESTRIAL CAVE ARTHROPODS Insects, arachnids, 
and millipedes are the dominant terrestrial groups living in 
caves. Not all orders are represented, however. Among the 
Hexapoda, the orders Collembola, Orthoptera, Hemiptera, 
Coleoptera, and Diptera predominate. The springtails 
(Collembola) are represented by many troglophilic (facultative 
cave residents) and troglobitic species and are important 
scavengers in many caves. Most cavernicolous orthopterans 
are troglophilic or trogloxenic (roosting in caves), with the 
cave crickets (Rhiphidophoridae) being the best known. As 
more tropical caves are studied, many new species of troglobitic 
true crickets (Gryllidae) are being described. Among 
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Hemiptera, both suborders occur in caves: true bugs 
(Heteroptera) and planthoppers and allies (Auchenorrhyncha 
or Homoptera of some classification systems). Thread-legged 
bugs (Reduviidae) are common troglophiles in warmer caves, 
and a few troglobitic forms are known from the tropics. Most 
species are cryptic, and many new cave species await 
discovery. Several other hemipteran families contain 
troglophilic species. Planthoppers, especially Cixiidae (Fig. 
1B), are common in tropical caves. Ongoing surveys for 
cixiids indicate that each isolated cave system may harbor one 
or more cave-adapted species, and the group may be among 
the most speciose families in caves, rivaling even the carabid 
ground beetles in temperate caves. 

Beetles (Coleoptera), especially the families Carabidae, 
Leiodidae, and Staphylinidae, are especially well represented 
in the temperate caves. For example, the endemic North 
American ground beetle genus Pseudanophthalmus contains 
at least 250 species, which, with one exception, are found 
only in caves. Flies (Diptera) are dominant troglophiles in 
both tropical and temperate caves, but only a few blind, 
flightless troglobitic species are known. 

Troglobitic species are also found in the orders Diplura, 
Thysanura, Blattodea, Dermaptera, Grylloblattodea, Psocoptera, 
and Lepidoptera. Troglobitic bristletails (Diplura) occur 
mainly in temperate caves. Cockroaches (Blattodea) are well 
represented in tropical caves, and many new species await 
description. Only a few cave-adapted earwigs are known, and 
most are from oceanic islands. Grylloblattids are restricted to 
glaciated mountains in northwestern North America and 
eastern Asia. They characteristically inhabit caves and 
crevices; however, most species also venture outside to feed in 
damp surface habitats. Many moths habitually roost in caves, 
and some are troglophilic scavengers or root feeders. A few 
are blind and flightless troglobites. 

The arachnids are second only to the insects in numbers of 
terrestrial cave species. The spiders are common denizens of 
caves, with numerous troglobitic forms known from temperate 
and tropical caves. In many tropical caves, spiders instead of 
ground beetles are the top predators. Pseudoscorpions are also 
well represented in temperate and tropical caves, and over 300 
cave-adapted species representing most families are known. 
Harvestmen (Opilionida) are more restricted in distribution, but 
most of the 26 families contain troglobitic species. Some surface 
species roost in caves in huge numbers. Mites (Acari) are often 
abundant and diverse in caves, especially species associated with 
guano. Most terrestrial cave species are troglophilic, but a few 
families, such as the Rhagidiidae, contain many troglobites. 
Cavernicolous species are also known among the palpigrades, 
schizomids, amblypygids, scorpions, and ricinuleids. 

Myriapods are also well represented in caves. The millipedes 
are the third major group of cavernicolous arthropods, espe- 
cially in temperate caves, where they are often the dominant 
scavengers in the ecosystem. The orders containing the most 
cave species are Julida, with numerous troglobites in Europe 
and North America; Chordeumatida and Polydesmida, with 


troglobites in Europe, North America and Japan; and 
Callipodida, with troglobites in Europe and the Near East. 
Four other orders (Polyxenida, Glomerida, Spirobolida, and 
Spirostrepida) each have a few cave-adapted species. Cave 
millipedes from the tropics are still poorly known, and many 
new species undoubtedly await discovery. Many ground- 
inhabiting centipedes regularly enter caves. Whether they can 
live and reproduce underground is unknown for most species, 
but a few are troglophilic or troglobitic. The rock centipedes 
(Lithobiomorpha) are widespread and include several troglobitic 
species. A few troglobitic giant centipedes (Scolopendromorpha) 
are known from the tropics. An undescribed 8-cm-long 
Scutigerimorpha from North Queensland, Australia, is one 
of the largest terrestrial troglobites known. 

Two groups of terrestrial Crustacea are found in caves. 
Isopods in the suborder Oniscidea have adapted to caves 
many times, especially in the Mediterranean region and in 
the tropics. Fourteen of the 34 recognized families contain 
cave species. In contrast, only a few terrestrial amphipods 
(Talitridae) are found in caves, and most are from islands. 


AQUATIC CAVE ARTHROPODS Aquatic subterranean 
habitats include underground lakes and streams, perched 
pools of water, water films, and water-filled phreatic aquifers. 
These aquatic habitats support diverse faunas of troglobitic 
(or stygobitic) arthropods. By far the dominant group is the 
crustaceans, with about 2700 cave-adapted species known 
worldwide. Water mites (Acari) are also well represented, 
especially in smaller interstitial habitats. Few insects have 
invaded subterranean aquatic habitats. The most successful 
group is the dytiscid diving beetles, several species of which 
are known from aquifers in Africa, Europe, North America, 
and Japan. Two troglobitic water bugs are known: a blind 
water scorpion (Nepidae) from a cave in Romania and a 
terrestrial water treader (Mesoveliidae) from Hawaii. 


Zoogeography of Cave Arthropods 


Until recently, obligate cave species were thought to occur 
mainly in temperate limestone caves, and the cave faunas of 
temperate Europe and North America are well characterized. 
Diverse cave faunas are also known from Japan, Tasmania, 
and New Zealand. However, in the past few decades 
discoveries of significant cave faunas in tropical caves, lava 
tubes, and even fractured rock layers have revolutionized our 
understanding of cave biology. These findings suggest that 
troglobites have evolved wherever suitable subterranean voids 
are available for sufficient time. They are now known from 
most regions that have been appropriately investigated. Thus 
rather than being exceptional, cave adaptation must be a 
general and predictable process among animals adapting to 
exploit underground resources. 

In hindsight, the early expeditions to the tropics missed 
troglobites for three main reasons. (1) The environment of 
caves: Troglobites are restricted to deeper, constantly moist 


passages. Because cave temperatures are usually near the 
mean annual surface temperature (MAST) over the cave and, 
in the tropics, the surface temperature rises above and falls 
below MAST almost every day, most tropical caves are 
subjected to drying winds created by the sinking cold 
nighttime air. (2) Accessibility: The higher solution rate of 
limestone in the tropics creates large open cave systems, 
exacerbating the effects of the daily drying winds and making 
the deeper moist cave passages, where the troglobites are 
found, beyond the limits of safe exploration using the 
equipment available at that time. In addition, the caves 
found and explored were often bird and bat roosts, and the 
biologists could fill their containers with new species without 
going deeper. (3) Systematics: Ironically, many troglobites 
were collected, but the species belonged to groups unrelated 
to the animals found in temperate caves, and in fact 
unrelated to anything the temperate-based taxonomists had 
seen, so their status in the cave went unrecognized. As in all 
fields in biology, evolutionary biology is only as good as the 
systematics research upon which it is based. 

Each cave region is inhabited by representatives of the 
surface fauna currently or historically living over the caves. 
Only a few surface taxa within each region successfully 
invaded caves. In general, the surface ancestors possessed 
characters that facilitated their shift into underground 
environments; i.e., they were already adapted to live in dark, 
moist rocky habitats and utilized food that was relatively 
common in caves. The chief ancestral habitats for terrestrial 
cave species include rocky margins of rivers, lakes, and 
seashores; leaf litter and moss in wet forests; and moist rocky 
terrains. Each cave system harbors relatively few species of 
troglobites; even the most diverse known fauna—that in the 
Postojna—Planina System, Slovenia—totals only 84 species. In 
North America, Mammoth Cave supports the most species 
(41). Among lava tubes, Bayliss Cave (North Queensland, 
Australia) contains the highest number (25). Because of the 
restricted distribution of each species, cave habitats are often 
likened to islands. Despite the few species found in each cave, 
the overall number of troglobites is quite large since subter- 
ranean habitats are much more extensive and widespread 
than is often assumed. Karst landscapes cover about 15% of 
the earth’s surface, and cavernous lava and fractured rock 
habitats have not been mapped but may cover another 5% or 
more. Submarine caves have barely been investigated, but the 
diverse fauna derived from marine ancestors found in 
anchialine systems along seacoasts indicates that caves and 
cave-like habitats below the seafloor may harbor diverse 
ecosystems at least in shallow coastal areas. 


SUBTERRANEAN BIOME 
Caves and Voids 


Caves are subterranean voids large enough for humans to 
enter, but intermediate-sized voids (i.e., mesocaverns) smaller 


Cave Insects 161 


than caves but larger than capillary spaces are also important 
for terrestrial cave insects. Terrestrial animals rarely exploit 
capillary-sized spaces underground, but water-filled pore 
spaces (i.e., interstitial habitats) are often inhabited by 
numerous tiny species of stygobites. Caves and voids can 
form in three ways: solution, erosion, and volcanism. The 
largest and best known caves are dissolved in limestone, 
calcium carbonate. Limestone is structurally strong yet 
readily dissolves in weak acid, such as the small amounts of 
carbonic acid normally found in groundwater. The process is 
slow, but over millennia large interconnected systems of caves 
and voids can form in limestone exposed to weathering. 
Caves created by solution can also form in other soluble 
rocks, such as gypsum (hydrated calcium sulfate) and 
dolomite (magnesium calcium carbonate), but the caves 
formed are usually less stable than those in limestone. 
Erosional caves form during landslides and tectonic events, as 
well as by groundwater removing loose material from under 
a cap rock. Erosional caves are usually ephemeral but, in 
some areas, they are re-created continuously and so remain 
available for colonization. Tectonic caves are common on 
volcanoes, but lava tubes are more familiar cave features. Lava 
tubes form by the roofing over of lava channels during an 
eruption. Because the roof insulates the flow, lava tubes 
become efficient transporters of lava away from the vent, and 
long complex caves can be built over time by long-lived 
eruptions. Mesocavernous habitats are more extensive than 
caves and can be found in rock strata not suitable for 
supporting cave-size passages. Mesocaverns also occur in 
fractured rock strata and in cobbles deposited by rivers. 


Environment of Caves 


The terrestrial cave environment is strongly zonal (Fig. 2). 
Three zones are obvious: (1) the entrance zone where the 
surface and underground environments meet; (2) the 
twilight zone between the limits of vascular plants and total 
darkness; and (3) the dark zone. From biological and 
environmental perspectives, the dark zone can be subdivided 
into three zones: (a) the transition zone where short-term 





FIGURE 2 Profile view of a representative cave showing the five 


environmental zones. Not shown to scale; length and depth are compressed. 
Key: D, deep zone; E, entrance zone; S, stagnant air zone; TR, transition 
zone; and TW, twilight zone. [Illustration by N. C. Howarth. Reproduced, 
with permission, from E. C. Dudley (ed.), 1991, “The Unity of Evolutionary 
Biology,” Dioscorides Press, an imprint of Timber Press, Portland, OR.] 
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climatic events on the surface are still felt; (b) the deep cave 
zone where the atmosphere remains saturated with water 
vapor; and (c) the stagnant air zone where decomposition 
gases, especially carbon dioxide, can accumulate. The bound- 
ary between each zone is often dynamic and is determined by 
size, shape, orientation, and location of entrances in relation 
to the surface environment and size and shape of the cave 
passages, as well as to the climate on the surface and avail- 
ability of water. Because air exchange is reduced in smaller 
spaces, the environment within most mesocaverns probably 
remains in the stagnant air zone. Each zone often harbors a 
different community of organisms, with the obligate cave 
species found only in the inner two zones. The deep cave and 
stagnant air zones contain a harsh environment for most 
surface-dwelling organisms. It is a perpetually dark, wet, three- 
dimensional maze without many of the cues used by surface 
species and with often abnormally high concentrations of 
carbon dioxide. In many caves in temperate regions, the 
transition zone is evident only in winter when the outside 
temperature is below cave temperature. 


Energy Sources and Nutrient Cycling in Caves 


Unlike capillary spaces typical of soils, which act as filters 
capturing water and nutrients near the surface, caves and 
mesocaverns act as conduits for water and nutrients. In 
cavernous regions, a significant amount of organic material 
sinks or is carried into deeper underground voids where it is 
inaccessible to most species adapted to surface habitats. The 
principal mechanisms that transport material underground are 
sinking streams, percolating rainwater, trogloxenes, animals 
blundering into caves, and deeply penetrating plant roots. A 
few cave communities are known to rely on food energy created 
underground without the aid of sunlight by chemoautotrophic 
microbes. Sinking streams are more important in transporting 
food into limestone caves than in lava and other caves, because 
streams are important in creating and maintaining solution 
caves. Plants growing on barren rocky substrates such as lava 
and limestone often must send their roots deep into crevices 
and caves to obtain water and nutrients. Because higher 
temperatures result in higher rates of water loss from leaves 
and higher rates of leaching of tropical soils, and because there 
is a continuous growing season without a spring recharge of 
water, plant roots must penetrate deeper underground 
(sometimes in excess of 100 m) and are, therefore, generally 
more important in tropical caves than in temperate caves. 
Most troglobites are detritivores or scavengers feeding on 
decaying organic matter and the associated microbes. Living 
tree roots provide food directly for several obligate cave insects. 
A relatively large percentage of troglobites are predators, 
attesting to the role of lost surface animals in bringing in 
food. It is these available food resources that enable the 
evolution of troglobites, which are highly specialized to 
exploit resources within medium-sized subterranean voids. 
They colonize or temporarily exploit cave-sized passages only 


where the physical environment is suitable. Most caves 
appear barren and therefore often are believed to be food- 
poor environments. However, food can be locally abundant, 
and exploiting such a patchy resource in a harsh, maze-like 
environment is probably more critical than paucity per se. 

In addition to troglobites many other organisms enter 
caves. Many arthropods seek out caves for estivation or hiber- 
nation sites during periods of harsh weather. Some, such as 
agrotine moths and cave crickets, use caves for daytime retreats 
and sometimes oviposition sites and emerge at night to forage 
in the neighboring forest. Troglophilic arthropods enter to feed 
on guano and other organic material deposited or brought in 
by roosting bats, birds, crickets, and other trogloxenes. 
Parasites and other associates of trogloxenes also live in caves, 
and some of these, such as nycteribiid and streblid flies on 
bats, show some troglomorphies. Many leaf-litter and soil 
arthropods living in caves feed on accumulations of organic 
material left by sinking streams. These resources are usually 
more abundant near entrances and in the transition zone. 
Only a portion of the surface-inhabiting species in each 
region can cope with the environment and exploit these food 
resources. Some troglophiles apparently leave caves only to 
disperse to new sites, but most show no morphological 
adaptations to living in caves. 


CONSERVATION OF CAVE LIFE 


The fantastic adaptations displayed by obligate cave animals 
have long intrigued biologists. Their often narrow environ- 
mental tolerances, coupled with their island-like habitats, 
have reinforced the view that these animals are fragile, lead an 
endangered existence, and are in need of conservation. How- 
ever, development of conservation programs is hampered by 
a severe lack of data about the species present and their status. 
Discoveries in the past few decades of cave ecosystems in a 
variety of cavernous rocks in diverse regions have revolutionized 
our understanding of cave life. We now believe that cave 
colonization and adaptation are general phenomena and occur 
wherever there are suitable underground voids available for 
evolutionary time. Most cave species remain undiscovered; in 
fact, the cave faunas of large areas containing caves, especially in 
the tropics, remain unsurveyed. and unknown. Unfortunately, 
many cave systems are being destroyed before their faunas 
become known. The major anthropogenic threats to cave faunas 
include (1) mining of the surrounding rock, (2) changes in 
land use over subterranean habitats such as deforestation and 
urbanization, (3) alteration of groundwater flow patterns, (4) 
waste disposal and pollution, (5) invasion by nonindigenous 
species, (6) disruption of food inputs, and (7) direct human 
disturbance during visitation. Biological surveys are urgently 
needed. Also, recent systematic studies reveal that cave 
arthropod faunas are far more diverse than previously thought, 
indicating that priority should be focused on recognizing and 
protecting each distinct population rather than protecting a 
single population of each conventional species. 


Conservation efforts must mitigate threats affecting the 
system, as well as recognize emerging threats. Generally, species 
extinctions result from novel perturbations, e.g., new stresses 
with which a species has had little experience during its evo- 
lution. Ecological studies are needed that improve our under- 
standing of the functioning ecosystem, as well as understanding 
of natural successional processes. However, experimental eco- 
logical studies in caves are problematic because in few other 
habitats are humans so dramatically intruders as in caves. 
Not only do researchers affect the environment of the passages 
they study, but also they cannot sample the medium-sized 
voids where the major activity usually occurs. Caves are a 
fragile window through which we can see and study the fauna 
living within cavernous rock. Protected areas must include a 
sustainable portion of the ecosystem as well as suitable source 
areas for food and water resources. This usually represents an 
area larger than the footprint of the known cave. 


RESEARCH OPPORTUNITIES 


The bizarre adaptations displayed by troglobites make them 
excellent animals for evolutionary research. Recent advances 
in phylogenetic methods and molecular techniques provide 
important new tools for deciphering relationships among 
cave animals and their surface relatives. The discovery that 
close surface relatives are still extant for many tropical and 
island troglobites allows more appropriate comparative 
studies between species pairs adapted to wildly different 
environments. These studies should provide more critical 
understanding of how certain adaptations correlate with 
environmental parameters, as well as a better understanding 
of evolution in general. Some of these studies are in progress, 
for example, the work of Culver and colleagues on 
Gammarus minus in springs and caves in the eastern United 
States. Individual species of troglobites frequently have 
restricted distributions even within a given area of caves. 
Usually such a limited distribution indicates the existence of 
a barrier to subterranean dispersal, but not always. Critical 
morphological and behavioral studies, corroborated by 
modern molecular techniques, are showing that some 
troglobites thought to be widespread actually are composed 
of several more or less reproductively isolated populations. It 
has been assumed that cave adaptation was a dead end and 
that each of these populations evolved separately from the 
same or closely related surface ancestors that independently 
invaded caves. However, recent research by Hoch and 
colleagues on Hawaiian cixiid planthoppers suggests that 
some troglobites can disperse to new caves through 
underground voids and diverge into new species. 

Caves are island-like habitats that support distinct 
ecosystems composed of communities of highly specialized 
organisms. Because the environment is discrete, rigorous, 
and easily defined, it provides an ideal system in which to 
conduct ecological studies. The number of species is usually 
manageable. The physical environment is rigidly constrained 
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by the geological and environmental setting, and the 
environmental parameters can be determined with great 
precision because the habitat is surrounded and moderated 
by thick layers of rock. However, it is a rigorous, high-stress 
environment and difficult for humans to access and envision 
because it is so foreign to human experience. Also, one 
cannot enter or sample the mesocaverns where perhaps most 
cave animals live. These disadvantages can be overcome by 
comparing passages differing in the parameter of interest or 
by designing experiments that manipulate the parameter 
being studied in the natural environment. Biospeleology is 
still in the discovery phase. Although our understanding of 
cave biology has progressed substantially, results of future 
studies on evolution and ecology will be exciting and add 
significantly to our fascination with caves. 
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Cell Culture 


Dwight E. Lynn 
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ell culture is the technique in which cells are removed 
from an organism and placed in a fluid medium. Under 
proper conditions, the cells can live and even grow. The 
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FIGURE 1 Typical appearances of insect cells in culture by phase contrast 
microscopy: (A) spindle shaped (fibroblast-like), (B) epithelial shaped, and 
(C) round. 


growth can be characterized by cell division (mitosis) or by 
other processes, such as differentiation, during which the cells 
can change into specific types that are capable of functions 
analogous to tissues or organs in the whole organism. The 
practice of cell culture (and its close cousins, tissue culture 
and organ culture) originated in a Yale University laboratory 
in 1907, when Ross Harrison removed nerves of a frog and 
maintained them in a simple salt solution for several days. 
Within a very few years a visiting scientist in Harrison’s 
laboratory, Richard Goldschmidt, reported on the first cell 
cultures from an insect. For the next half-century, insect cell 
culture was used periodically in a variety of experiments, such 
as studying the pathogenesis of viruses, but the field received 
a great boost when the Australian Thomas D. C. Grace 
succeeded in obtaining four cell lines from the emperor gum 
moth, Antheraea eucalypti. These lines were capable of 
continuous growth, requiring periodic subculturing. 

In the years since Grace’s report, numerous other 
continuous insect cell lines have been developed—over 500 
lines from more than 100 different insect species. Under 
microscopic examination, cells take on one of several distinct 
morphologies, including spindle shaped, epithelial, and 
round to oval (Fig. 1). Cell cultures are frequently used in 
research and biotechnology. 


USES IN PHYSIOLOGY AND 
DEVELOPMENTAL BIOLOGY 


Harrison's earliest work was designed to examine the physiology 
of a nerve outside the living organism, and similar uses have 
been made of insect cells and tissue. By removing the tissue 
or cells from the insect, it is possible to delineate how individual 
compounds affect them. Some of the most useful work has 
been with ecdysone, the insect molting hormone. In 1972 
Anne-Marie Courgeon showed that exposing a cell line from 
Drosophila melanogaster to B-ecdysone (a particular form of 
ecdysone now known as 20-hydroxyedysone) caused rounded 
cells to change to aggregates of highly elongated cells. Lynn and 


FIGURE 2 Cell shape change in response to treatment with the insect 
molting hormone: (A) Untreated cells. (B) Cells treated for 2 weeks with 20- 
hydroxyecdysone. Arrows point to cells that were contracting in the culture. 


Hung found that a cell line from a small wasp can undergo a 
similar morphogenesis with the added feature that the elon- 
gated cells are highly contractile, like muscle cells (Fig. 2). 


USES IN PATHOLOGY 


Certain disease-causing organisms, such as viruses, rickettsia, 
and certain protozoans are obligate pathogens. Cell cultures 
can be extremely useful with such pathogens because this is 
often the only way to grow them outside a whole animal or 
plant and make them much easier to study. Some of the early 
work with insect cell culture was initiated with a group of 
viruses known as nucleopolyhedrovirus. These viruses cause 
diseases in a large number of pest insects and thus are 
potential biological control agents. Cell cultures grown in 
large volumes can be used to produce these viruses for 
biologically based. pesticides. 

Some insects are also notorious for their ability to 
transmit diseases (such as malaria and yellow fever) to higher 
animals and plants. Cell cultures from mosquitoes and other 
insects can also be used to study these pathogens. 


USES IN MEDICINE AND PHARMACOLOGY 


Decades ago, researchers showed that a gene in baculoviruses 
could be replaced through genetic engineering with genes for 
other proteins. When insect cells are infected with these 
modified viruses, the cultures can produce a large quantity of 
the protein. This technique—the baculovirus expression 
vector system—has facilitated a new use for insect cell 
cultures for the production of vaccines, growth factors, and 
other materials useful in medicine. Over 1800 articles have 
been published on the use of insect cells to produce various 
recombinant proteins. 
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Chemical Defense 
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B iologists have become keenly aware that insects possess a 
remarkable ability to biosynthesize a large variety of com- 
pounds for use as agents of chemical defense against their 
omnipresent enemies. Many of these compounds are unique 
products (e.g., cantharidin, or Spanish fly, produced by 
blister beetles) with diverse modes of toxicity against a variety 
of vertebrate and invertebrate predators. These defensive 
secretions often originate from unlikely sources that appear 
to optimize the effectiveness of the chemical defensive systems. 
Ultimately, for countless species of insects, chemical defense 
and survival are synonymous. 


ECLECTIC ORIGINS, FUNCTIONS, AND 
RESERVOIRS OF DEFENSIVE COMPOUNDS 


It would be no exaggeration to state that the tremendous 
abundance of insects constitutes the primary food source for 
diverse vertebrate and invertebrate predators. For insects in a 
variety of orders, blunting the attacks of their omnipresent 
predators is identified either with the production of defensive 
compounds in exocrine glands or with the acquisition of these 
compounds from external sources. These deterrent allomones 
sometimes represent novel natural products that have a very 
limited distribution in the Insecta. In short, exocrine com- 
pounds, characteristic of species in orders or genera, have 
evolved to function as versatile agents of chemical defense. 
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It has been generally assumed that de novo biosynthesis 
characterizes the origins of insect defensive compounds. 
However, recent investigations suggest that novel insect 
defensive allomones, including the complex amide pederin 
from staphylinid beetles (Paederus spp.) and unique steroids 
from dytiscid beetles, are biosynthesized by endosymbiotes. 
These results raise the question of whether other novel insect 
allomones, including cantharidin and steroids in chrysomelids 
and lampyrids, may have microbial origins. 

Often, however, the deterrent allomones constitute 
ingested allelochemicals such as cardenolides (milkweeds) 
and toxic pyrrolizidine alkaloids (asters, heliotrope). 
Furthermore, some of these plant natural products have been 
metabolized after ingestion into products that are suitable for 
sequestration and use as deterrents, as for ingested steroids 
from milkweeds by the monarch butterfly, Danaus plexippus. 
These compounds are also transferred to eggs to function as 
effective predator deterrents. In addition, these allelochem- 
icals may be added to the secretions of exocrine glands, 
further increasing the deterrent properties of these exudates. 
The dependence on ingested plant natural products of some 
insect species is further emphasized by the utilization of 
“stolen” defensive exudates that essentially represent mixtures 
of pure plant allelochemicals that have been appropriated, 
unchanged, from the host plants. 

In some species, ingested allelochemicals are sexually 
transmitted by the male as a copulatory “bonus” for the 
female. For example, the sperm-rich spermatophore of 
ithomiine butterflies is accompanied by pyrrolizidine 
alkaloids that provide protection for the female and her eggs. 
Importantly, this very adaptive system is functional because 
the spermatozoa are resistant to the well-known toxic effect 
of these alkaloids. 

Some allelochemicals also possess great selective value for 
insects as antibiotic agents. Alkaloids such as O-tomatine, a 
constituent of tomatoes, reduce the infectivity of bacteria and 
fungi for lepidopterous larvae. Other compounds reduce the 
activity of viruses and in some cases are highly toxic to insect 
parasitoids. 

Insects have adapted for defensive functions a variety of 
glands not identified as defensive organs. For example, 
salivary glands have been converted into defensive structures 
that deliver deterrent compounds biosynthesized in these 
glands. Even respiratory structures have assumed the role of 
deterrent organs as further testimony to the insect emphasis 
on defensive adaptations. For a variety of insect species, 
chemical defense is clearly identified with survival. 

The defensive value of insect allomones has been further 
enhanced by the ability of these arthropods to adapt a variety 
of these natural products to subserve a surprising variety of 
multiple functions. This phenomenon, semiochemical parsi- 
mony, has been particularly emphasized by insect species such 
as fire ants, whose alkaloidal venoms possess a dazzling variety 
of pharmacological activities. The same may be said of can- 
tharidin, the potent vesicant from blister beetles (Spanish fly). 
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Things are seldom what they seem. The sting-associated 
glands of bees and wasps are obvious candidates for the 
production of compounds with considerable deterrent activ- 
ities. These glands have evolved as biosynthetic centers clearly 
dedicated to the biogenesis of pharmacologically active com- 
pounds that can be delivered by the sting in an unambiguous 
act of defense. On the other hand, some glands clearly iden- 
tified with nondefensive functions have been adapted by a 
variety of insect species to function as defensive organs with 
varied functions. Furthermore, the deterrent efficiency of these 
secretions may be considerably enhanced by adding repellent 
plant natural products to the exudate. And insects have not 
neglected adapting enteric products to discourage their 
omnipresent predators. If all else fails, many insects eject 
blood, sometimes fortified with toxic allomones, at their adver- 
saries with startling results. It is no exaggeration to state that 
for these species, bleeding has often provided an extraordinary 
means of deterring a variety of aggressive predators. 


VARIETY OF SALIVARY DEFENSIVE FUNCTIONS 
Salivary Venoms 


The spitting cobra, Naja nigricollis, has an insect parallel, 
both in terms of the general chemistry of the saliva and the 
ability to accurately “fire” the venom at a moving target. For 
example, Platymeris rhadamanthus is a black and orange 
assassin bug (Reduviidae) that is very conspicuous because of 
its aposematic (warning) coloration. This insect can eject its 
saliva for a distance up to 30 cm, and if this enzyme-rich 
solution (proteases, hyaluronidase, phospholipase) strikes the 
nose or eye membranes of a vertebrate, intense pain, edema, 
and considerable vasodilation may follow. The saliva of P 
rhadamanthus is admirably suited to deter vertebrate 
predators, including birds and reptiles. This salivary venom 
has clearly been evolved for predation on invertebrates, and 
rather than a specific site of action, it is reported to attack 
many organs simultaneously. Its speed of paralytic action is 
very pronounced: an American cockroach (Periplaneta 
americana) can be totally immobilized in about 4 s. 


Entspannungsschwimmen (Chemically Induced 
Aquatic Propulsion) 


The proteinaceous saliva of the hemipteran Velia capraii has 
been adapted to promote escape from potential predators in 
aquatic environments. This aquatic true bug will discharge 
its saliva onto the water surface, a reaction that results in 
lowering the surface tension of the water behind the bug. 
Under these circumstances, V. capraii is rapidly propelled 
across the water surface, putting considerable distance 
between itself and the source of the disturbance. Discharge 
of saliva posteriorly from the rostrum may project the bug 
10 to 25 cm on the contracting water surface on which it is 
riding. 


Allomonal Pheromones 


Male bumble bees (Bombus spp.) scent-mark territorial sites 
with cephalic products that are very odoriferous. The secre- 
tions, which originate in the cephalic lobes of the salivary 
glands, are dominated by terpenes, some of which are well- 
known defensive compounds. This appears to be an excellent 
example of semiochemical parsimony, with the males 
utilizing the compounds both as territorial pheromones and 
as defensive allomones. 


Salivary “Glues” 


Termite workers in both primitive and highly evolved genera 
secrete defensive exudates that are rapidly converted to rub- 
berlike or resinous products that can rapidly entangle small 
predators such as ants. This conversion frequently reflects the 
polymerization of salivary proteins that have reacted with 
p-benzoquinone, a highly reactive salivary defensive product. 
Similar systems for generating entangling salivas have been 
detected in a diversity of termite genera, including Mastotermes, 
Microtermes, Hypotermes, and Odontotermes. 

Termites in other genera discharge cephalic exudates that 
are fortified with toxic terpenes. Species of Nasutitermes and 
Tenuirostritermes secrete mixtures of compounds that rapidly 
form a resin that entangles ants and other small predators. 
The presence of monoterpene hydrocarbons is probably 
responsible for killing ants and, in addition, may function as 
an alarm pheromone for recruiting termite soldiers. 


NONSALIVARY ENTANGLING SECRETIONS 


The posterior abdominal tergites and cerci of cockroaches in 
a variety of genera are covered with a viscous secretion that 
can act as an entangling glue for small predators. Species in 
genera as diverse as Blatta and Pseudoderopeltis produce 
proteinaceous secretions on the abdominal tergites that 
would be readily encountered by predators pursuing these 
cockroaches. After seizing the cockroaches, predatory 
centipedes, beetles, and ants rapidly release their prey while 
cleaning their mouthparts. The fleeing cockroaches generally 
have more than ample time to effect their escape. 

Aphid species in many genera also utilize an entangling 
secretion as a primary means of defense. In this case the 
exudate is discharged in response to a confrontation, often 
hardening to a waxy plaque on an adversary within 30 s. This 
defensive behavior, which appears to be widespread in the 
Aphididae, uses tubular secretory organs, the cornicles, on 
the fifth and sixth abdominal tergites. The secretions, which 
are dominated by triglycerides, have been characterized in a 
range of genera, including Aphis, Myzus, Acyrthosiphon, and 
Therecaphis. The cornicular secretions are clearly more 
effective against generalized predators (e.g., ants) than they 
are against specialized predators (coccinellids, nabids). The 
secretions also contains alarm pheromones, E-B-farnesene 


and germacrene A, which release dispersive behavior that 
may cause aphids to drop off plants. 

A variety of glands have been evolved by ants as sources of 
viscous defensive secretions. Many species in the subfamily 
Dolichoderinae discharge a pygidial (anal) gland secretion 
that is dominated by cyclopentanoid monoterpenes such as 
iridodial, compounds that rapidly polymerize on exposure to 
air. The viscous polymer effectively entangles small predators 
such as ants. Myrmicine species in the genus Pheidole also use 
the pygidial glands as a source of an entangling glue and in 
addition, an alarm pheromone. In contrast, a myrmicine 
species in the genus Cvematogaster secretes a potent viscous 
deterrent from the hypertrophied metapleural glands. On the 
other hand, minor workers of a Camponotus sp. (Formicinae) 
produce a secretory “glue” in the capacious mandibular glands 
that extend through the entire body. Mechanical disturbance 
of the workers results in contraction of the gaster and eventual 
altruistic rupture, liberating the mandibular gland contents, 
which are very sticky and readily immobilize attacking ants. 


DEFENSIVE FROTHS FROM DIVERSE GLANDS 


A surprising diversity of defensive secretions has been con- 
verted to froths that may literally bathe small adversaries with 
compounds that seem to adversely stimulate the olfactory 
and gustatory receptors of their predators. The independent 
evolution of deterrent froths by moths, grasshoppers, and 
ants demonstrates that this form of defensive discharge can 
be highly efficacious in adverserial contexts. 

Species in moth genera in the families Arctiidae (apose- 
matic tiger moths), Hypsidae, and Zygaenidae secrete froths, 
the production of which is often accompanied by a hissing 
sound and a pungent odor. The aposematism of these moths 
is enhanced by secretions discharged from brightly colored 
areas on or near the prothorax. These secretions do not seem 
to contain plant natural products but rather, toxic de novo 
synthesized compounds such as pharmacologically active 
choline esters. Some arctiid froths contain blood, but its 
importance is unknown. 

Frothing is highly adaptive in the ant genus Crematogaster. 
Workers in this very successful myrmicine genus do not 
possess a hypodermic penetrating sting, but rather, a 
spatulate sting that is enlarged at the tip. Venom accumulates 
at the tip and can be smeared onto small adversaries such as 
ants as if with a paintbrush. This mode of administration of 
venom is obviously identified with a topical toxicant that can 
penetrate the insect cuticle much as an insecticide does. 
There is no indication that tracheal air is added to the venom 
to generate the discharged froth. 

Two grasshopper species produce froths that are derived 
from a mixture of tracheal air and glandular secretion. Both 
species are eminently aposematic, and this warning coloration 
is enhanced by a powerful odor emanating from the froths of 
the pyrgomorphid Poekilocerus bufonius and the acridid 
Romalea guttata. 
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P. bufonius, a specialized milkweed feeder, is brilliantly 
colored, exhibiting a dark bluish gray background with 
contrasting yellow spots and orange hind wings. From a 
bilobed gland opening between the first two abdominal 
tergites, disturbed grasshoppers discharge a viscous secretion 
that is converted to a froth when it mixes with air while 
passing over the second abdominal spiracle. The froth 
enhances the aposematism of P bufonius by appearing to be 
rainbow tinted in contrast to the dark background. This 
grasshopper is well protected from predation because its 
exudate contains de novo synthesized toxins and sequestered 
plant natural products that are strongly emetic. 

In contrast to P bufonius, R. guttata is a generalist feeder 
but as with P bufonius, its defensive exudate is discharged as 
a froth that contains plant natural products as well as 
compounds synthesized by the grasshopper. If R. guttata 
temporarily specializes on a plant species rich in 
allelochemicals (Allium spp.), its defensive froth can be 
highly repellent. The aposematism of this acridid rivals that 
of the pyrgomorphid, and the warning coloration of the 
former is considerably enhanced by a loud hissing that 
accompanies the very odoriferous secretory froth. 


EXTERNALIZING ALLOMONES 
BY REFLEX BLEEDING 


Many insect species, particularly beetles, externalize their 
distinctive defensive compounds in a blood carrier rather than 
discharging them as components in an exocrine secretion. 

Cantharidin, the terpenoid anhydride synthesized by 
adult beetles in the families Meloidae and Oedemeridae, is 
externalized in blood discharged reflexively from the 
femorotibial joints. The repellent properties of cantharidin 
were established more than 100 years ago, and the ability of 
amphibians to feed on these beetles with impunity has been 
long known, as well. Cantharidin possesses a wide spectrum 
of activities, including inducing priapism in the human male, 
and it has been reported to cause remission of epidermal cancer 
in mammals. Although its role as a repellent and lesion pro- 
ducer certainly documents its efficacy as a predator deterrent, 
its potent antifungal activity may be of particularly great 
adaptiveness in protecting developing meloid embryos from 
entomopathogenic fungi present in their moist environment. 

Autohemorrhage, from the femorotibial joints, is wide- 
spread in many species of ladybird beetles (Coccinellidae), 
most of which are aposematic. The blood is generally 
fortified with novel alkaloids that are outstanding repellents 
and emetics (i.e., inducers of vomiting) as well. 

Adult fireflies (Photinus spp.) produce novel steroids 
(lucibufagins) that are effective repellents and inducers of 
emesis in invertebrates and vertebrates. Reflex bleeding from 
specialized weak spots in the cuticle along the elytra and 
antennal sockets externalizes these steroids. 

Sometimes, rapidly coagulating blood, free of allomones, 
is used defensively. 
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BLOOD AS PART OF A GLANDULAR SECRETION 


Often the secretions of defensive glands are fortified with 
blood. The mechanism by which blood penetrates the 
defensive gland preparatory to being discharged remains to 
be determined, and indeed, the exact function of the blood 
itself is not known. 

Arctiid moths (e.g., Arctia caja) discharge odoriferous froths 
from prothoracic glands, and these exudates contain pharma- 
cologically active choline esters that are accompanied by blood. 
A similar system characterizes the pyrgomorphid grasshopper 
P. bufonius. Nymphs of this species possess abdominal defen- 
sive glands that sequester two of the six compounds ingested 
from their milkweed hosts and, in addition, synthesize high 
concentrations of histamine. These compounds are accom- 
panied by blood as a normal component of the secretion. 


NONGLANDULAR DISCHARGES OF PLANT ORIGIN 


Certain insects have evolved storage reservoirs for plant 
natural products that can be discharged in response to 
traumatic stimuli. This evolutionary development reflects the 
insect’s appropriation of plant allelochemicals (defensive 
compounds) for subsequent utilization as defensive 
allomones. In essence, the insects have sequestered the plant's 
defenses and stored them in reservoirs, where they are 
available as defensive agents. This defensive system does not 
require the evolution of any biosynthetic pathways for the 
storage of compounds in nonglandular reservoirs. 

Adults of hemipterous species in the family Lygaeidae 
possess dorsolateral (reservoirs) and abdominal spaces that 
contain a fluid very similar to that of the proteins in the 
blood. This fluid sequesters steroids (cardenolides) present in 
the milkweeds on which these species feed. The cardenolides 
are about 100-fold more concentrated in the dorsolateral 
fluid than they are the blood, and they thus constitute a 
formidable deterrent system. 

Sequestration of plant natural products in nonglandular 
reservoirs also characterizes larvae of the European sawfly, 
Neodiprion sertifer. Feeding on pine (Pinus spp.), these larvae 
sequester both mono- and sesquiterpenes in capacious diver- 
ticular pouches of the foregut. Young larvae, feeding only on 
pine needles, sequester only three terpenes, whereas older 
larvae also ingest resin acids. These acids also serve to entangle 
would-be predators, thus providing a dual protective function. 


PLANT NATURAL PRODUCTS IN 
EXOCRINE SECRETIONS 


Herbivorous insects may incorporate plant natural products 
into exocrine and nonexocrine defensive secretions. By 
selectively adding proven plant repellent compounds to their 
own deterrent secretions, insects can increase the effectiveness 
of their chemical deterrents. These plant-derived compounds 
are generally unrelated to the constituents in the defensive 


exudates of their herbivores. In all likelihood, these plant 
additives may augment the repellency of the deterrents by 
reacting with olfactory chemoreceptors different from those 
targeted by the insect-derived repellents. 

The large milkweed bug, Oncopeltus fasciatus, in common 
with many species of true bugs, uses the secretion of the 
metathoracic scent gland as an effective defensive exudate. 
Nymphs of this species generate defensive secretions with 
midorsal glandular fluid. The repellent secretions also 
contain cardenolides derived from the milkweed host plants 
of this species. These toxic and emetic steroids undoubtedly 
augment the deterrent effectiveness of the de novo synthesized 
compounds in the glandular exudates. 

Similarly, R. guttata sequesters in the metathoracic 
defensive glands plant allelochemicals that can considerably 
augment the deterrent effectiveness of the secretion. Unlike 
O. fasciatus, R. guttata is a generalist that feeds on and 
sequesters a potpourri of plant natural products. As a 
consequence, the compositions of the glandular exudates can 
be variable, sometimes resulting in secretions that are 
considerably more repellent than those derived from insects 
that had fed on a limited number of host plant species. 


REGURGITATION AND DEFECATION 
OF ALLELOCHEMICALS 


Enteric defense may be widespread in insects as a means of 
using the proven repellencies of a variety of plant natural pro- 
ducts. In a sense, the intestine is functioning as a defensive 
organ once repellent plant products have been ingested, and 
it is likely that the presence of pharmacologically active plant 
compounds in the intestine renders the insect distasteful or 
emetic. Therefore, transfer of gut contents to the outside by 
either regurgitation or defecation could actually constitute 
the externalization of the internal enteric defenses. 

When tactilely stimulated, acridid grasshoppers readily 
regurgitate, and this discharge, fortified with plant natural 
products, is very repellent to ants. Similarly, larvae of the 
moth Eloria noyesi regurgitate when molested. The enteric 
discharge, which contains cocaine extracted from the larval 
food plant, is very repellent to ants. 

Defecation can also serve to externalize deterrent plant 
natural products. The large milkweed bug defecates readily 
when subject to traumatic stimuli, the discharge being fortified 
with emetic and distasteful cardenolides (steroids) derived 
from the milkweed host plants. The anal discharge, containing 
concentrated cardenolides, is very repellent to ants. 
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Fig. 1. Multiple antenna technologies. 


Besides, on-line calibration technique is 
also adopted to correct the errors due to the 
distortions and nonlinearity of the radio 
frequency components in the antenna array 
system. 


Fig. | summarizes the different multiple 
antenna technologies and gives some 
examples of these technologies. 


This paper is organized as follows: in 
section II we present multiple antenna 
diversity schemes employed at _ the 
transmitter or/and at the receiver. Spatial 
multiplexing presented by BLAST schemes 
is detailed in section II. Section IV is 
dedicated to some advanced multiple input 
multiple-output (MIMO) systems including 
multi-user MIMO and __ cooperative 
communications. While techniques related 
to the smart antennas such as_ phased 
antenna array, switched beam antenna array, 
and adaptive antenna array are described in 
Section V. Finally, we conclude in Section 
VI. 


II. MIMO Diversity 


In communication systems, we have to 
increase the reliability of the communication 
operation between transmitter and receiver 
while maintaining a high spectral efficiency. 
The ultimate solution relies in the use of 
diversity, which can be viewed as a form of 
redundancy [1]. There are many diversity 
techniques that can be applied to 
communication systems; we mention herein 
time diversity, frequency diversity, and 
spatial diversity or any combination of these 
three diversities. In time diversity, the same 
information-bearing signal is transmitted in 
different time slots where a good gain can be 
achieved when the duration between the two 
slots, in which the same symbol is 
transmitted, is greater than the coherence 
time of the channel. In frequency diversity, 
the same information-bearing signal is 
transmitted on different subcarriers where a 
good diversity gain can be achieved when 
the separation between subcarriers is greater 
than the coherence bandwidth. 
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nsects are acutely aware of many aspects of their environ- 

ment, as anyone knows who has tried to catch a fly perched 
on a slice of pizza. In the chemical realm, and depending on 
the chemicals and insects involved, insects are often outstand- 
ingly sensitive. The most famous and best-studied aspects of 
chemoreception in insects are mate recognition and finding. 
Like many, if not most animals, insects produce chemicals 
called pheromones that allow individuals of one sex in a 
species to recognize and find individuals of the opposite sex. 
Usually the female produces a mixture of chemicals to which 
the male responds. Other important, life-or-death decisions 
largely based on chemicals include choice of site for egg 
laying, decisions about what to eat and what to avoid, and 
communications about immediate danger. How insects taste 
and smell is therefore of great interest and, given that many 
insects are serious agricultural pests and vectors of disease, 
research in this area is both fundamental and practical. 

As with most physiological systems, model animals are 
vitally important for scientists who explore the specific 
workings of what is always a complex series of interactions. 
For studies of insect chemoreception, adult moths and 
caterpillars, flies, cockroaches, and leaf beetles have provided 
some of the best models. Large moths such as the silkworm, 
Bombyx mori, and the tobacco hornworm, Manduca sexta, 
have been essential in studies of pheromones, whereas flies 
such as the black blowfly, Phormia regina, caterpillars such as 
the cabbage butterfly, Pieris brassicae, and M. sexta, and 
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beetles such as the Colorado potato beetle, Leptinotarsa 
decemlineata, have helped unravel the role of chemoreception 
in food and oviposition-related behavior. 

For an insect to sense and respond appropriately to the 
presence of a chemical, or more often a mixture of chemicals, 
requires a large number of cuticular, cellular, and molecular 
processes. Because insects are covered in cuticle, it is 
appropriate to begin there. The cells involved include the 
sensory cells themselves and closely associated accessory cells 
whereas the molecules include a wide array of extracellular, 
intracellular, and membrane-bound proteins. The processes 
involved in tasting and smelling include sampling the 
environment, transport of stimulus molecules to receptors, 
reception, transduction, coding, and transmission to the 
higher brain centers. This article looks at both gustation 
(taste) and olfaction (smell), though in many areas detailed 
knowledge is more complete for smell than it is for taste. 


ROLE OF CUTICLE IN TASTE AND SMELL 


Insects, like all arthropods, are covered with a chitin—protein 
complex called cuticle, which in turn is covered with wax to 
prevent desiccation. For the creature to taste or smell 
anything, there must be a pathway from the outside to the 
sensory cells inside. On various parts of the insect body, but 
particularly on the antennae, mouthparts, legs, and 
ovipositor (egg-laying structure) insects possess a variety of 
cuticular elaborations in which are housed chemically 
sensitive cells. These cuticular structures take the form of 
hairs (trichoids), pegs, pegs in pits, flat surfaces, and several 
other shapes. Common to them all is a modified cuticular 
region that will provide one or more pores through which 
chemicals can gain entrance. For water conservation, and to 
keep the important sensory cells functional, these pores 
cannot allow direct contact of the sensory cell membrane 
with air. All these pores are small (in the submicrometer 
range), and there is always a water—protein pathway from the 
pore to the cell membrane. The cuticular structures plus the 
associated cells collectively are referred to as sensilla. 

Figure | represents a reconstruction of a typical mouthpart 
gustatory sensillum in a caterpillar. All caterpillars so far 
investigated have this type of sensillum, and it is always 
important in the food selection processes. The reconstruction 
is based on careful observations of hundreds of images taken 
with the electron microscope. The cellular details shown in 
the drawing cannot be seen with the light microscope. Most 
of the parts of this drawing below the cuticle could be 
mistaken for those in an olfactory sensillum. This is because 
chemosensory cells in insect sensilla are modified cilia and the 
accessory cells are also basically the same in both types. This 
involvement of cilia is not surprising, because most of the 
sensory cells of animals, including light, touch, and hearing, 
as well as chemical sensors, are modified cilia. Only the 
sensory cells are modified cilia. The accessory cells are more 
ordinary, although still specialized, epidermal cells, and they 
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FIGURE 1 Reconstruction of a taste sensillum of the type typically found on 
the mouthparts of caterpillars. Associated with the maxilla there are four 
such sensilla, each with four gustatory cells, and it is clear that caterpillars 
rely heavily on the information provided by the cells to make food choices. 
The cuticular modification, accessory cells, and sensory cells are all necessary 
for the sensillum to function properly. In addition to providing the sense of 
taste, these sensilla are also sensitive to touch. [From Shields, V. D. C. 
(1994). Can. J. Zool. 72, 2016-2031, as modified by Mitchell, B. K., et al. 
(1999). Microsc. Res. Technol. 47, 401-415.] 


have two very different functions. During the development 
of a sensillum (i.e., between molts) these cells are involved in 
secreting all the cuticular elements of the sensillum, including 
the base, the shaft, the cuticular pore or pores, and the 
dendritic sheath surrounding the dendrites (above the cillary 
rootlets) of the sensory cells. Once the dendritic sheath is in 
place, the dendrites are physically separated from the rest of 
the sensillum lumen, though chemicals can pass through. The 
dendritic sheath is much longer in taste sensilla, as depicted 
in Fig. 1, running all the way to the single pore in the tip. 
The dendritic sheath in olfactory sensilla stops nearer the 
base of the sensillum, and the dendrites are free in the lumen. 
In both types, the dendritic sheath provides mechanical 
stabilization for the sensory cells. When development is 
complete, the accessory cells provide the particular chemical 


Pore canal 






Pore tubule __— Pore 


Cuticle Dendrite 


FIGURE 2 Schematic view of a section of a pheromone sensillum in a moth. 
The features are those revealed in an electron microscopic examination. 
Olfactory sensilla may have as few as two sensory dendrites, as here, or many 
more. The arrangement shown is typical of many moth pheromone sensilla. 
[Relabeled from Keil, T. A. (1999). Jz “Insect Olfaction” (B. S. Hansson, ed.), 
Fig, 17a, p. 39. © Springer-Verlag GmbH & Co. KG, Berlin.] 


ionic mix that surrounds the dendrites (note the microvilli in 
the outer sheath cell). The fluid surrounding the dendrites is 
very different from the general body fluid (hemolymph), and 
its high cation concentration is critical in allowing the cell to 
signal its contact with an appropriate chemical stimulus. This 
signal is in the form of a potential change across the dendritic 
cell membrane that is eventually turned into normal action 
potentials near the sensory cell body. 

The structural features discussed so far are shared by olfac- 
tory and gustatory sensilla. The major differences between the 
two types have to do with the way chemicals get into the 
system and the underlying cuticular modifications. Chemicals 
enter gustatory sensilla via the single pore in the tip. This pore 
contains a sugar—protein complex (mucopolysaccharide) that 
protects the dendrites from desiccation and probably limits 
the types of chemicals that can pass (though this latter point 
is in need of further study). Once past this barrier, the 
chemical enters the solution around the dendrites and poten- 
tially can interact with the cell. Olfactory sensilla typically 
have many pores, and they are different in origin from those 
in gustatory sensilla. Figure 2 illustrates a section of a typical 
olfactory sensillum from the pheromone system of a moth. 
To understand the nature of the numerous pores on this 


structure requires knowledge of insect cuticle in general. The 
surface of insect cuticle is in constant communication with 
the inside of the animal for the purpose of wax renewal. This 
communication is provided by numerous pore canals, 
microscopic and tortuous passages through the cuticle. These 
canals are filled with a water—wax mix. In olfactory sensilla, 
the pore canals are taken over for the function of providing 
access of stimuli to the sensory dendrites. On the inside end 
of some pore canals are structures called pore tubules; these 
delicate structures can be seen only in electron micrographs 
of carefully prepared tissue. It was once thought that pore 
tubules provided a hydrophobic route for odor molecules to 
pass from the outside waxy surface of the sensillum to the 
surface of the dendrite (which is surrounded by water and 
salts). Discovery of additional molecular components of this 
system replaced this long-standing and attractive hypothesis. 


THE ODOR PATH 


Substances animals taste are usually much more water soluble 
than those that they smell, and the sensory dendrites of both 
gustatory and olfactory sensilla are in an aqueous medium. 
Thus, the problem of getting the stimulus to the receptor has 
received much more attention in olfactory research. In 
insects, odor molecules first contact the cuticular surface, and 
because it is waxy, they easily dissolve. From here they move 
in two dimensions, and some find their way into the opening 
of a pore canal. Since the pore canal contains wax, passage 
through it is probably easy, and passage in pore tubules may 
be similar. Eventually, however, before it arrives at the 
receptor surface of a dendrite, the hydrophobic odor 
molecule will encounter water. Recent work, particularly 
with the antennae of large moths, has uncovered at least two 
types of protein in the extracellular spaces of sensilla. One 
type specifically binds chemicals that are part of the moths’ 
pheromone mixture, and are therefore called pheromone 
binding proteins (PBP). The other type binds less specifically 
a variety of nonpheromone molecules (e.g., food odors) and 
are called general odorant binding proteins (GOBP). 

The odorant binding proteins (OBP) act as shuttles and 
carry odor molecules through the aqueous medium to the 
surface of the dendrite. In the membrane of the sensory cell 
are receptors for various odors, depending on the specificity 
of the cell. Cells that respond to only a single pheromone 
would be expected to have only one type of receptor 
molecule. More typically, a cell that is sensitive to food odors 
has a variety of related receptors covering various stimuli. In 
either case, the odorant binding protein, now carrying the 
odor molecule, comes in contact with a receptor. What 
happens next is now under investigation, and there are two 
competing hypotheses. The OBP may simply deliver the 
stimulus, which itself then interacts with the receptor 
protein; or, the stimulus-OBP complex may be the actual 
stimulus. That is, the receptor site may be configured as to 
recognize only the combined stimulus and OBP; either alone 
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will not fit. The latter hypothesis may also explain how these 
systems can turn on and off so quickly: namely, because 
moths can follow a discontinuous (patchy) odor trail, making 
minute adjustments in flight pattern on a millisecond scale. 
This precise behavior is corroborated by electrophysiological 
measurements showing that the sensory cells can follow an 
on-and-off pattern of odor stimulation, also in the 
millisecond range. It is possible that the OBP-stimulus 
complex, when first formed, is the effective stimulus for the 
receptor. During the interaction with the receptor, however, 
the OBP-stimulus complex changes slightly, becomes 
inactive, and immediately leaves the receptor. Later, it is 
broken down by other proteins (enzymes) in the sensillum 
lumen. Figure 3 summarizes this complex series of events and 
emphasizes the second hypothesis. 


CHEMICAL-TO-ELECTRICAL TRANSDUCTION 


In almost all studies of animal sensory systems, the stimulus 
being sensed is in a different energetic form than the 
chemoelectrical transmission used by the nervous system. 
Thus, in eyes, light (photon) energy needs to be transduced 
into chemoelectrical energy via photo pigments. Similarly, with 
a chemical stimulus—receptor complex, once binding between 
stimulus and receptor has occurred, the event must be com- 
municated to other parts of the sensory cell to ensure that the 
end result is a message, composed of action potentials, trans- 
mitted to the brain. Understanding of chemical transduction 
in insects is far enough along to permit the statement that the 
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FIGURE 3 Schematic summary of the movement (arrows) of an odor 
molecule (solid circles) from the surface of a sensillum to the dendritic 
membrane. Specialized proteins (various shapes) act sequentially as carriers, 
receptors, and hydrolytic agents to make precise detection of the odorant 
possible. See text for details. [Relabeled, from Stengl et al. (1999). In “Insect 
Olfaction” (B. S. Hansson, ed.), Fig. 1, p. 66. © Springer-Verlag GmbH & 
Co. KG, Berlin.] 
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basic elements are probably very much like the arrangement 
in the vertebrates. There will be differences in detail, but 
these will continue to be the subjects of active research for 
some time. Basically, most chemotransduction requires (1) a 
more or less specific receptor molecule (thus the stimulus— 
receptor complex can be formed), (2) an amplification step 
(involving a series of membrane-bound and intracellular 
molecules) that turns a few stimulus—receptor events into a 
significant, momentary elevation of some chemical (often 
calcium) inside the cell, (3) at least one ion channel that senses 
the rise in calcium and opens, allowing depolarization, and 
(4) a braking (deactivation) system, composed of more molec- 
ular interactions, so the system can be precisely controlled. 

Parts of a complete transduction system are beginning to 
emerge from electrophysiological (patch-clamp) studies of cul- 
tured olfactory cells, pharmocological experiments on these cells 
and on whole-sensillum studies of fly taste sensilla, and from 
genetic work with Drosophila fruit flies. The fruit fly work used 
specific searches of the now complete D. melanogaster genetic 
database to find some likely candidates for sugar receptor pro- 
teins. Carlson has used this information to make specific 
fluorescent probes, and some of these probes bound only with 
cells in gustatory sensilla. Combinations of genetic analysis, 
molecular biology, electrophysiology, and pharmacology will 
be needed to define all the necessary components. 


CHEMOSENSORY CODING AT THE PERIPHERY 


In the real world, animals encounter thousands of chemicals. 
Most of these are meaningless, in the sense that no behavioral 
response is required, whereas some are critical. A sensory 
system thus serves two opposing functions. First, the effective 
sensory system must act as a filter, allowing the animal to 
ignore most potential stimuli so that it can concentrate on 
the important ones. Second, the same system must be 
sensitive, sometimes exquisitely sensitive, to biologically 
relevant stimuli and must continuously transmit a 
“summary” report to the brain or central nervous system. 
The receptor proteins and associated transduction molecules 
provide the specificity (only some things are adequate 
stimuli) and sensitivity (the effectiveness of the amplification 
step in transduction). The nature of the summary neural 
message is the problem addressed in studies of peripheral 
sensory coding. In insect chemosensory coding, the problem 
can be as simple as a few highly specific receptor proteins 
recognizing a three- or four-component blend of pheromone 
molecules all housed on a pair of cells found in each of many 
thousand antennal sensilla. At the other extreme, a leaf beetle 
may be faced with a food choice of two closely related plants, 
each with many chemicals to which its tens of gustatory cells 
are capable of responding. When one is comparing these two 
scenarios, it is not the number of sensory cells that 
constitutes the relative scale of the coding problem, but the 
number of chemical compounds that can be sensed by these 
cells, and the combinations of compounds that are possible. 


In the pheromone example, there are two cell types (each 
sensillum has one of each type). They respond differently to, 
for example, four pheromone molecules and not much else. 
Also, one or two of the pheromone molecules may be 
completely nonstimulatory to one of the two cells. In 
addition, only two of the four compounds in the blend may 
be sufficient to stimulate a full array of behaviors necessary 
for the male to find the female. The coding problem, though 
overly simplified to make the point, could thus be reduced 
to the following: cell A responds only to compound A, and 
cell B responds only to compound B. Both cells continu- 
ously signal to the antennal lobe the levels of compounds A 
and B detected in the air. If cell A is firing at twice the rate 
of cell B and both cells are firing at some rate, then the moth 
flies upwind. Thus the code is a simple comparison, and the 
large number of cells involved is a kind of amplifier, 
reflecting the overwhelming importance of the pheromone 
system to the animal. The two cells, A and B in this example, 
can be thought of as labeled lines, each sending unique 
information about the concentration of compound A or B. 
The central nervous system uses a simple hardwired rule to 
compare this paired input, and, accordingly, behavior is or is 
not released. 

The beetle, potentially, has a more difficult coding 
problem. Many experiments have shown that gustatory cells 
of plant-feeding insects are affected by numerous single plant 
compounds. Ubiquitous compounds such as water, salts, 
amino acids, and sugars are sensed by some cells on the 
mouthparts of all such insects. Less widely distributed 
chemicals such as alkaloids, terpenes, glucosinolates, and 
other so-called secondary plant compounds, are stimuli for 
cells that are variously scattered throughout the class Insecta. 
To exemplify this coding problem, consider a Colorado 
potato beetle facing the choice of a potato leaf (host plant) or 
a tomato leaf (marginal host) (Fig. 4A). The gustatory cells in 
the beetle’s mouthpart sensilla (on the galea), are all sensitive 
to different compounds. Both direct stimulation by some 
molecules and inhibition of one molecule by another are 
known, as are some injury effects in the presence of when too 
much glycoalkaloid (compounds in potatoes and tomatoes). 
Not surprisingly, the summary report such a four-cell system 
sends to the brain comprises two kinds of message, one for 
potato and one for tomato (Fig. 4B). The complex array of 
stimuli represented by potato actually stimulate a single 
cell—the others may well be inhibited. The tomato leaf juice, 
on the other hand, causes several cells to fire in an 
inconsistent pattern. The first is another example of a 
labeled-line type of code; while the second is an across-fiber 
pattern. In the latter type of code, the brain is receiving 
information from several physiologically distinct cells, and it 
is the pattern that is important. It is thought that the across- 
fiber code pattern prevails in many situations involving 
complex chemical mixtures. Progress in this area is impeded 
by the inherent variability of the types of recording possible 
in the across-fiber pattern (see, e.g., Fig. 4B). 
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FIGURE 4 (a) Summary of the behaviors exhibited by newly emerged 
Colorado potato beetle adults when provided with either potato (host plant) 
or tomato (nonhost plant); numbers of beetles indicated inside heavy arrows. 
Beetles first examine the leaf, then they squeeze it between their mandibles 
(macerate) before taking a small bite, which they taste for only a short time. 
If the plant is acceptable, they very quickly move to sustained feeding. If the 
plant is less acceptable, few beetles will feed. The decision to not feed is made 
after considerable time has been spent in examining, macerating, taking 
small bites, and sometimes repeating one or more of these steps. [Modified 
from Harrison, G. D., (1987). Host-plant discrimination and evolution of 
feeding preferences in the Colorado potato beetle, Leptinotarsa decemlineata. 
Physiol. Entomol. 12, 407-415.] (b) Taste sensilla are important in making 
the kinds of decisions shown in (a). If potato leaf juice is the stimulus, four 
cells in nine sensilla on the mouthparts respond by sending a clear, almost 
labeled-line (cell 1), message to the central nervous system. When tomato 
leaf juice is the stimulus, a mixed message is provided from the four cells 
housed in each of the nine sensilla, and this message varies considerably 
across the available sensilla. The result is a type of across-fiber pattern that 
signals “do not eat.” [Modified from Haley Sperling, J. L., and Mitchell, B. 
K. (1991). A comparative study of host recognition and the sense of taste in 


Leptinotarsa. J. Exp. Biol. 157, 439-459. © Company of Biologists LTD.] 


CENTRAL PROCESSING OF 
CHEMOSENSORY INPUT 


Over the past 20 years, studies of insect olfactory systems have 
produced a rich literature on the topic of central processing, 
particularly for pheromonal systems. Work on gustatory systems 
is far less advanced. The section on insect pheromones provides 
more information on olfactory processing. This section simply 
contrasts the gross morphology of the two systems. Both 
olfactory and gustatory sensory cells are primary neurons; that is, 
they connect the periphery (sensillum) directly with the central 
nervous system. Olfactory cells, on the antennae as well as on 
the palpi, send their axons directly to the antennal lobe, which 
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FIGURE 5 In insects, both olfactory and gustatory cells send axons (afferents) 
directly to the central nervous system. The first synapse (information relay 
point) is in a particular part of the central nervous system for each sensory 
modality. (a) Olfactory afferents go to the antennal lobe, where the input is 
organized in a manner resembling a bunch of grapes—glomerular organization. 
[From Anton, S., and Homberg, U. (1999). Zz “Insect Olfaction” (B. S. 
Hansson, ed.), Fig. 6a, p. 110. © Springer-Verlag GmbH & Co. KG, Berlin.] 
(b) Gustatory afferents from mouthpart sensilla go to the subesophageal 
ganglion, where they project into a discrete space that is not organized into 
glomeruli. For both (a) and (b), subsequent processing is done by first-level and 
higher interneurons. [From Edgecomb, R. S., and Murdock, L. L. (1992). 
Central projections of axons from the taste hairs on the labellum and tarsi of 
the blowfly, Phormia regina Melgeri. J. Comp. Neurol. 315, 431-444. Reprinted 
by permission of Wiley-Liss, Inc., a subsidiary of John Wiley & Sons, Inc.] 


is a part of the insect brain. Gustatory cells, for the most part, 
send their axons to the ganglion for the segment in which the 
sensory cell occurs. Figure 5A shows a typical innervation 
pattern for antennal and mouthpart olfactory cells in a mos- 
quito, and Fig. 5B shows innervation from the gustatory cells 
in the mouthparts of a blowfly. A striking difference in the 
organization of the two parts of the central nervous systems 
receiving these imputs is repeated across many animal phyla. 
Olfactory systems are characterized by a glomerular 
arrangement (like a bunch of grapes) of the neural centers 
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(neuropile) that receive olfactory afferents (input), but 
gustatory systems have no such patterned arrangement. The 
distribution of olfactory inputs into glomeruli suggests a 
strong association of structure with function, and this is most 
clearly seen in the macroglomeruli, which receive only 
pheromonal afferents in male moths. There is undoubtedly 
an association of structure with function in the way gustatory 
inputs are arranged, but the lack of a glomerular substructure 
makes any such system far less obvious. The two ways of 
organizing chemosensory input, throughout animals, may also 
point to important differences in coding and or evolution. 
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Chiggers and Other Disease- 
Causing Mites 


Larry G. Arlian 
Wright State University 


he Acari (mites and ticks) represent a large array of 

organisms that exhibit very diverse lifestyles. This article 
deals with the acarines that are of importance to human 
health, a group that includes human parasites, natural parasites 
of other mammals and birds that in particular situations may 
bite humans, and acarines whose fecal matter, body secretions, 
and disintegrating bodies are sources of potent allergens. 


The parasitic Acari of vertebrates are physiologically 
dependent on their host and must obtain nourishment from 
tissue fluids, blood, and cytoplasm from the host to survive, 
complete the life cycle, and reproduce. Thus, these are obligate 
parasites. Some species are temporary parasites (e.g., ticks), 
which visit and feed on the host intermittently. In contrast, 
other species of parasitic Acari (e.g., scabies and follicle mites) 
are permanently associated with the host and perish if they 
become separated from the host. For some species, only one 
life stage in the life cycle is a parasite (e.g., chiggers), whereas 
for other species each life stage must feed from a vertebrate 
host to complete the life cycle (e.g., scabies mites and ticks). 

There is usually an intimate interrelationship between 
acarine parasites and their hosts. Specific host factors, such as 
carbon dioxide, body odor, and temperature, allow the parasite 
to locate a host. For example, scabies mites are attracted to 
the host by body odor and temperature. Permanent parasites 
may be directed to specific areas of the host body by factors 
in the skin. The host—parasite interactions for most parasitic 
acarines have not been well studied and thus are not well 
understood. This article discusses mites that bite humans, 
live in the skin of humans, or produce substances that induce 
immune and/or inflammatory reactions. Because acarine 
parasites can induce inflammatory and adaptive immune 
responses, an understanding of the relationship between 
these two responses is important if one is to understand the 
symptoms associated with bites from parasitic mites or 
reactions to body parts, secretions, and fecal matter. 


INFLAMMATORY AND IMMUNE RESPONSES 


When feeding from the host skin surface, acarine parasites 
inject or secrete into the host an array of immunogenic and 
pharmacokinetic molecules. Likewise, acarine parasites that 
live in the skin, hair follicles, sebaceous glands, and respiratory 
tree and lungs release immunogenic molecules both while 
living and after death, from their disintegrating bodies. 
Substances injected or released may induce an inflammatory 
(i.e., innate) and/or immune (i.e., adaptive) response by the 
host. Pharmacokinetic molecules can modulate specific aspects 
of the host immune or inflammatory responses. 


Innate Immune Response 


After a person has been bitten by a parasitic acarine, a red (or 
erythematous) swollen (i.e., edema), and irritated (i.e., painful) 
lesion may develop at the bite site. These symptoms may be 
the result of a localized innate inflammatory reaction and not 
an adaptive immune reaction. In an inflammatory reaction, 
components of the saliva and body secretions of mites that feed 
from the skin surface or in tissue (e.g., follicle or scabies mites) 
cause cells of the skin (epidermis and dermis) such as ker- 
atinocytes, fibroblasts, and antigen-presenting cells (Langer- 
hans, macrophages, natural killer cells) to release an array of 
chemical mediators (cytokines, kinins, and others). These 


substances cause arterioles to dilate, which results in increased 
blood flow to the tissue. Increased blood flow to the skin where 
a mite has bitten or is located imparts a red appearance. In 
addition, the tight junctions between endothelial cells of the 
capillary wall become less tight, which allows fluid from the 
blood to leak from the capillary lumen into the surrounding 
tissue, causing it to swell. These cytokines also cause local 
endothelial cells in the capillaries and white blood cells that 
pass by in the capillaries to express or increase expression of 
adhesion molecules (i.e., the receptors) in their surface 
membranes. White blood cells in the blood vessels stop and 
adhere to the endothelial cells of the capillary. These cells 
(cellular infiltrate) then migrate out of the capillary space 
between endothelial cells to the source of the molecules that 
induced the reaction. The infiltrating cells may include neu- 
trophils, eosinophils, macrophages, and lymphocytes. The 
molecules from damaged or stimulated cells and secreted 
cytokines from the infiltrating cells stimulate pain receptors 
in the vicinity, causing an irritating sensation. This type of a 
host response is referred to as innate immunity, and it is not 
altered with repeated exposure to a particular mite or tick. 
The time and intensity of the response reaction is the same 
each time the individual is challenged. 


Adaptive Immune Response 


In contrast, the molecules introduced into the body by 
acarine parasites may induce an adaptive immune response 
that is highly specific for a particular epitope (sequential or 
structural) on an immunogenic molecule (antigen) from the 
parasite. An epitope is the part of the antigen that receptors 
on B and T lymphocytes recognize. The adaptive immune 
response is stronger and quicker with successive exposures and 
involves T and B lymphocytes and memory cells of each type. 
It may be accompanied by an inflammatory reaction too that 
can be delayed. With the help of type 2 T-helper cells (Th2) 
B cells become plasma cells that produce antibody directed at 
the offending molecules from the mite. Activated Th1-type 
helper cells activate cytotoxic T cells (Tc) that perform func- 
tions that kill the parasite directly or damage it. Helper T cells 
release specific cytokines such as Interleukin 2 (IL-2), inter- 
feron y (IFN-y), and other interleukins (IL-4, IL-6, IL-10, 
and IL-13), which act as signals to activate Tc and B cells. 


PARASITIC MITES 
Family Trombiculidae 


Chiggers are the parasitic larval stage of prostigmatid mites 
that belong to the family Trombiculidae (Fig. 1). Chiggers 
are also known as harvest bugs in Europe and scrub-itch 
mites in Asia and Australia. Trombiculid mites are prevalent 
in moist, warm temperate climates and in tropical climates 
worldwide. These mites live in moist soil covered with 
vegetation such as grassy and weedy areas. More than 3000 
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FIGURE 1 Tromicula alfreddugesi, the mite that causes chiggers. (Photograph 
© David Scharf.) 


species of chiggers are known, but only about 15 species 
frequently bite humans and cause a cutaneous reaction. 

Unlike many mites, male and female chiggers do not 
copulate directly. Instead, males deposit a stalked sper- 
matophore (sperm packet) on the substrate. Females insert it 
into their genital pores to fertilize the eggs, which are then 
deposited on moist soils. Larva emerge from the eggs and 
complete development into an active hexapodal (six-legged) 
larva (chigger). The larva is parasitic and must feed from a 
mammal, bird, or reptile host before development can 
progress to the nymphal stages and the adult. The active 
nymphal stages and adults are predators and prey on small 
arthropods (insects and mites) or their eggs. The larval stage 
(chigger) generally feeds on rodents, mice, birds, and reptiles, 
and some species bite humans. 

Chiggers can cause dermatitis and transmit the agent 
Rickettsia tsutsugamushi, which causes scrub typhus in 
humans. Scrub typhus is characterized by an ulcer at the site 
of the bite, high fever, and headache. Scrub typhus is present 
in tropical climates such as parts of India, Pakistan, Southeast 
Asia, Philippines, Indonesia, Korea, Japan, China, some Pacific 
Islands, and coastal Queensland, Australia. The principal 
vectors are species of the chigger genus Leptotrombidium. The 
reservoir hosts for this disease are rodents (mainly rats). In 
nature, the pathogen is transferred from rodent to rodent by 
many chiggers species. Humans become infected when they 
venture into an enzootic area and are bitten by infected larva. 
The larval stage feeds only once and acquires the pathogen 
from infected moles, mice, rats, and other small rodents. 
Therefore, chiggers can only acquire the rickettsia or, if they 
were already infected, transmit it, but not both. The 
rickettsia acquired by the larva is carried (trans-stadially) 
throughout the developmental stages to the adult. Rickettsia 
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acquired by the larva multiply in the subsequent develop- 
mental life stages and infect the ovaries of the adult, from 
which they are passed to the egg (transovarially) and then to 
the larva of the next generation. The rickettsia in transovarially 
infected larva infect the salivary gland and are transmitted to 
humans when the larva feed. 

The chigger feeds from the surface of the skin much like a 
tick. Its piercing mouth-parts (chelicerae) are inserted through 
the epidermis into the dermis. Saliva is introduced into the host 
during feeding. In humans, these salivary components induce 
both an innate inflammatory reaction and an adaptive immune 
response. These reactions are characterized by the production of 
circulating antibody and by cellular infiltration into the feeding 
lesion. Repeated exposures result in a more rapid and intense 
adaptive immune response. It is unclear whether chiggers 
induce an innate inflammatory response independent of the 
immune response. Clinically, however, the bite manifests as a 
reddish (erythematous), swollen (edema), and epidermally- 
thickened papular and irritating lesion. Histologically, the 
feeding lesion appears as a cylinder of tightly packed cells 
surrounding a strawlike channel that extends from the dermis 
to the skin surface where the chigger is located. The chigger 
sucks fluids from the surface of the channel until it is engorged, 
and then it drops off the host. Chiggers do not feed on blood; 


rather, they feed on extracellular fluid from the dermis. 


Family Demodicidae 


The prostigmatid mites of the family Demodicidae are small 
(approx. 100 Um in length) and have an elongated, wormlike 
body. The podosoma bears retractible, short, stumpy, telescop- 
ing legs. The opistosoma is transversly striated and elongate. 
Two species, Demodex folliculonum and D. brevis, parasitize 
humans and are commonly called follicle mites. Both species 
are most often obtained from the face, particularly along the 
nose, forehead, scalp, and eyelids. D. folliculonum lives in the 
hair follicle alongside the hair shaft and is positioned with its 
capitulum (mouthparts) down in the follicle. D. brevis resides 
in the sebaceous gland off the follicle. The entire life cycle is 
completed in the follicle and sebaceous gland. Generally, these 
mites cause little pathology in humans who practice good 
facial hygiene and are not immunocompromised. However, 
they may be associated with acne, blackheads, and acne rosacea. 


Families Laelaptidae, Dermanyssidae, 
and Macronyssidae 


The Mesostigmata contains many species of mites that are 
parasitic on reptiles, birds, and mammals. Included are 
hematophagous (blood-feeding) species in the families 
Laelaptidae, Dermanyssidae, and Macronyssidae. Among 
these are Dermanyssus gallinae (chicken mite), Ornithonyssus 
bacoti (tropical rat mite), O. bursa (tropical fowl mite), O. 
sylviarum (northern fowl mite), Echinolaelaps echidninus (spiny 
rat mite), Liponyssus sanguineus, Haemogamasus pontiger, and 


Eutaelaps stabularis. These species are attracted to warm objects 
and usually live on their host or in the nest of their host. Some 
of these species will attack humans if their normal hosts are not 
available. This situation may result after roosts and nests of 
birds (e.g., pigeons, sparrows, starlings) and nests of rodents 
(mice, rats, squirrels) in homes (attics, behind shutters, etc.) 
are destroyed. In the absence of a natural host, the mites invade 
homes and attack humans. Also, species that infest poultry (O. 
sylviarium, O. bursa, O. gallinae) can be a problem for workers 
who handle infected chickens and turkeys. Bites of these 
mesostigmatid mites can cause an irritating inflammatory 
reaction. There may also be an allergic reaction in some indivi- 
duals, but this remains to be confirmed. Siponyssoides sanguineus 
parasitizes house mice and rats and can transmit Rickettsia 
abari, which causes rickettsial pox in humans. Western equine 
encephalitis and St. Louis encephalitis viruses have been 
isolated from D. gallinae, but there are no documented cases of 
transmission of these viruses to humans. 

Species in the families Rhinonyssidae, Entonyssidae, and 
Halarachnidae live in the nasal cavity and lungs of birds and 
some mammals (e.g., dogs, monkeys, seals, baboons). 
Human infections by these mites have not been reported. 


Family Sarcoptidae 


The astigmatid mites, (e.g., Sarcoptes scabiei) are permanent 
obligate parasites that live in the stratum corneum of the skin 
of at least 17 families of mammals. These mites cause a 
disease known as scabies. Scabies is a common contagious 
disease of humans. There is little morphological difference 
between the strains of S. scabiei that parasitize different host 
mammals, and at this time, the strains from different host 
species are not considered to be different species by most 
experts. However, the strains from different host species are 
host specific and generally cannot permanently infest an 
unnatural host. For example, the strain from dogs causes only 
temporary self-limiting infestations in humans, cats, pigs, 
cattle, goats, and mice, yet scabies naturally occurs on these 
host species. The host factors and physiological differences 
between mite strains that do not allow one strain to establish 
an infestation on strange hosts are not known. 

Scabies mites are small. The male and female are 213 to 
285 Um and 300 to 504 Um in length, respectively. The life 
cycle, consisting of egg, larvae, protonymph, tritonymph, 
and adult males and females, is completed in about 10 to 13 
days on the host. All active stages are oval, with a 
characteristic tortoise like body with stout dorsal setae, 
cuticular spines, and cuticular striations. 

When separated from the host at room temperature, 
scabies mites must infest a new host within 24 to 36 h to 
survive. Under cool (4 or 10°C) and humid conditions, 
females of the strain that infests humans (var. hominus) 
remain infective for at least 4 days. Therefore, fomites (i.e., 
clothing, bedding, and furniture that harbor dislodged mites) 
can be important sources of infection for humans. Body odor 


and temperature attract these mites to a host. Once on the 
host skin, females begin to burrow into the skin within 
minutes, and they can be completely submerged within the 
stratum corneum within a half-hour. Males, nymphs, and 
larval stages penetrate more quickly than females. 

Scabies is common in nursing homes, day-care centers, and 
among the general population in the United States. It often 
mimics other skin diseases and is difficult to diagnose. Scabies 
is prevalent in some populations in Africa, Central America, 
South America, Egypt, India, and Australia. Human scabies 
infestations are manifested in the vicinity of the burrowing 
mite by itching, red, papular and vesicular lesions. These 
symptoms generally develop in 6 to 8 weeks after a primary 
(first) infestation, but they are evident within a few days of a 
subsequent infestation. Lesions most commonly occur on the 
interdigital, elbow, and chest (breast area) skin. However, 
other areas that may be infested are the penis, buttocks, knees, 
soles and insteps of the feet, wrists, waistline, and axillae. 

Scabies mites induce both cell-mediated (Th1) and circu- 
lating antibody (Th2) immune responses and an associated 
inflammatory reaction. The cell-mediated/inflammatory 
response is characterized by a mixed cellular infiltrate in the 
skin lesion that consists of plasma cells, lymphocytes, mast 
cells, neutrophils, Langerhans cells, and eosinophils. 

An infestation with scabies induces some immune 
resistance to subsequent infestations. The balance between the 
Th1 and Th2 responses appears to be a key aspect in protective 
immunity. Hosts that develop protective immunity exhibit 
up-regulated Thl and weaker Th2 responses. In contrast, 
hosts that do not develop protective immunity exhibit 
strongly up-regulated Th2 response (circulating antibody) but 
a weaker Th1-cell-mediated response. Infected hosts produce 
serum antibodies to at least 12 antigens from sarcoptic mites. 
Some of these antigens are cross-reactive with antigens from 
the related house dust mites Dermatophagoides farinae, D. 
pteronyssinus, and Euroglyphus maynei. In some humans, 
antigens from S. scabiei can also induce an IgE-mediated 
allergic reaction and circulating IgE-type antibody. 


Family Pyemotidae 


Pyemotid mites are prostigmatids that have an elongate 
cigar-shaped body with the first two pair of legs widely 
spaced from the posterior two pair of legs. They have 
stylettiform (needlelike) chelicerae and are usually parasitic 
on the larvae of insects. Unlike other mites, pyemotid female 
mites retain internally the eggs from which the immatures 
hatch and pass through all developmental stages. As a result, 
the female’s opisthosoma (region behind the last pair of legs) 
becomes enormously swollen before the offspring are born. 
Pyemotes tritici (straw itch mite) and P ventricosus (grain 
itch mite) are parasitic on the larvae of grain moths, boring 
and stored grain beetle larvae, and other insects. Humans 
may contact these species when working with grain and hay. 
Also, hordes of these insects may emerge from the flowers of 
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cattails brought into a home to make a floral arrangement. 
These mites will attack humans and cause red, itchy 
inflammatory dermatitis. 


Families Tetranychidae and Eriophyidae 


Many species of prostigmatid mites such as those in the 
families Eriophyidae and Tetranychidae parasitize plants and 
can become an economic problem on food crops (e.g., fruit 
trees; vegetable and grain crops) and yard/garden and green 
houseplants. Humans come into contact with these mites 
when working in fields, orchards, greenhouses, gardens, and 
yards, when handling infested food crops/produce, or by 
living near an area in which food crops are grown. The 
importance to human health of most of these pest species has 
yet to be determined. However, it is clearly documented that 
a few species are the source of allergens that induce allergic 
reactions in predisposed individuals. Farmers working in 
apple orchards and children living around citrus orchards 
have become sensitized and/or had allergic reactions to 
Tetranychus urticae (two-spotted spider mite) and Panonychus 
ulmi (European red mite) and P citrilis (citrus red mite). 


Family Phytoseiidae 


Humans come into contact with predaceous mites that are used 
for biological control of pest species such as the tetranychids 
just mentioned. The predaceous mite Phytoseilus persimilis, 
which feeds on spider mites, can cause allergic reactions. 


Family Hemisarcoptidae 


Hemisarcoptes cooremani is an astigmatid mite that is a 
predator of scale insects that parasitize woody plants. The 
body of this mite is the source of at least two allergenic 
proteins. Close contact with these mites can result in 
production of serum IgE and allergic symptoms. Therefore, 
gardeners and nursery workers may become sensitized to this 
mite and have allergic reactions. 


NONPARASITIC MITES 
Family Pyroglyphidae 


The family Pyroglyphidae contains mainly species of 
astigmatid mites that live in the nests of birds and mammals, 
where they feed on the epidermal detritus (skin, feathers) left 
by the host. Three species, Dermatophagoides farinae, D. 
pteronyssinus, and Euroglyphus maynei, are commonly found 
in homes of humans. In homes, these mites are most 
prevalent in high-use areas, where shed skin scales collect and 
serve as their food. Therefore, the greatest densities are found 
in carpets around sofas and easy chairs, in fabric-covered 
overstuffed furniture, and in mattresses. However, they may 
also be found in bedding, on pillows, on clothing, on 


178 Chiggers and Other Disease-Causing Mites 


automobile and train seats, and sometimes in schools and in 
the workplace. Each species is the source of multiple potent 
allergens that sensitize and trigger allergic reactions in 
predisposed people. These allergens cause perennial rhinitis, 
asthma, and atopic dermatitis. 

Ambient relative humidity is the key factor that determines 
the prevalence and geographical distribution of these mites. 
This is because water vapor in humid air is the main source of 
water for their survival. They survive and thrive well at relative 
humidities above 50% but desiccate and die at relative 
humidities below this. Therefore, dust mites and the allergies 
they cause are a significant problem only for people who live 
in humid, tropical, and temperate geographical areas. D. 
farinae and/or D. pteronyssinus are prevalent in homes in the 
United States, Europe, South America, and Asia. Most homes 
are coinhabited by multiple species. However, the most 
prevalent species varies both between homes in a geograph- 
ical area and between geographical areas. For example, in the 
United States, both D. farinae and D. pteronyssinus are 
prevalent in homes. However, in South America, D. 
pteronyssinus is prevalent in homes, whereas D. farinae is not. 

In temperate climates, population densities of D. farinae 
and D. pteronyssinus exhibit pronounced seasonal fluctuations 
that parallel the seasonal fluctuations in indoor relative 
humidity. High densities occur during the humid summer 
and low densities during winter. 

The life stages of the dust mites are egg, larva, protonymph, 
tritonymph, and adult male and female. Length of the life 
cycle is temperature dependent when relative humidity is 
above 60%. At 23°C the life cycle takes 34 and 36 days to 
complete for D. farinae and D. pteronyssinus, respectively. 
Females produce 2 or 3 eggs daily during the reproductive 
period at 23°C. D. pteronyssinus takes 23 and 15 days to com- 
plete development at 16 and 35°C, respectively. D. farinae 
does not develop well at 16 and 35°C. 

A desiccant-resistant quiescent protonymphal stage can 
develop that allows survival during long periods (months) 
under dry (low relative humidity) conditions. When relative 
humidity conditions become optimal, the quiescence is 
broken and development continues. 

Allergens from these mites are associated with fecal material, 
body secretions, and body anatomy. Fourteen different groups 
of mite allergens have been characterized. The frequency of reac- 
tivity to most of these allergens is above 40% among patients 
sensitive to dust mites. Sensitivity to allergens varies both within 
and between individuals. Allergens from one species may be 
species specific, or they may cross-react with allergens from 
another mite species. Most patients with sensitivities are allergic 
to multiple allergens of a species and to multiple mite species. 


Families Acaridae, Glycyphagidae, Carpoglyphidae, 
Echimyopididae, and Chortoglyphidae 


Many species of the astigmatid families Acaridae, Glycypha- 
gidae, Carpoglyphidae, Echimyopididae, and Chortoglyphidae 


are medically important because they are the sources of potent 
allergens. Many species of these mites are often referred to as 
“storage mites” because they occur in stored hay, grain, and 
straw, in processed foods made from grain (flour, baking 
mixes), and in dust in grain and hay at storage, transfer, and 
livestock feeding facilities. Humans may be exposed to 
storage mites, and their allergens, occupationally and in the 
home. Inhalation or contact on the skin with allergens from 
storage mites can induce allergic reactions. These mites and 
their allergens can also occur in bread, pancakes, cakes, pizza, 
pasta, and bread made from ingredients contaminated with 
mites. Humans have had anaphylactic reactions after eating 
these mite-contaminated foods. 

Species known to be the sources of allergens include 
Blomia tropicalis (Echimyopididae); Acarus siro, Tyrophagus 
putrescentiae, T. longior, and Aleuroglyphus ovatus (Acaridae); 
Lepidoglyphus destructor and. Glycyphagus domesticus (Glycyph- 
agidae); Carpoglyphus spp. (Carpoglyphidae); Chortoglyphus 
arcuatus (Chortoglyphidae); and Swidasia medanensis 
(Suidasiidae). 7’ putrescentiae is the source of 14 allergens, 
with the number recognized as allergens by individuals 
ranging from 5 to 11. B. tropicalis, which is common in 
house dust in tropical climates and may be more prevalent 
than pyroglyphid mites, has been reported in small numbers 
in some homes in the southern subtropical United States. 
Several allergens from B. tropicalis have been characterized 
and/or produced by recombinant technology. There is little 
cross-reactivity between storage mites and house dust mites. 
However, many patients are sensitive to both storage mites 
and the pyroglyphid house dust mites. 
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Finally, in spatial diversity, the same 
information-bearing signal is transmitted 
or received via different antennas where 
the maximum gain can be achieved when 
the fading occurring in the channel is 
independent (or low correlated). In the 
receiver, diversity gain can be achieved by 
combining the redundant signals arriving 
via independent (or lowly correlated) 
channels. 


Fig. 2 shows some possible combinations 

of transmit diversity which can be 
achieved when employing multiple 
transmit antennas. 


In the following section, we present some 
famous space-time block codes applied at 
the transmitter side. We present also the 
combining techniques used when different 
versions of the information-bearing signal 
are received. Finally, we present a scheme 
that includes transmit and_ receive 
diversities. 


2.1 Space Diversity at the 
Transmit Side 


The basic idea of the use of transmit 
diversity is to reduce the mobile station 


Frequency 


(MS) receiver complexity while improving 
the detection performance. 

The pioneering work in the transmit 
diversity was done by Alamouti where he 
proposed his famous 2*1 space-time code. 
Alamouti scheme achieves diversity gain 
while requiring only a linear decoder. 

Later on, Tarokh et al. proposed a 
generalized theory of the complex 
orthogonal space-time codes. Based on 
Tarokh work, more than two antennas can 
be used and the code rate can be fractional. 

In the following we present the two 
different types of space-time codes. 


2.1.1 Complex Orthogonal Space- 
Time Codes 


For this type of space time codes, the 
following conditions must be satisfied 


# Square transmission matrix (number 
of transmit antennas N, equal to 
number of used time slots m) 

# A unity code rate (number of used 
time slots m equals to number of 
transmitted symbols /) 

# Orthogonality of the transmission 
matrix in the time and _ space 


domains (SS" =S"S ) where S" is 


the conjugate transpose of S. 


Frequency Frequency 





Space-Time Diversity 


Space-Frequency Diversity 


Space-Time-Frequency Diversity 


Fig. 2. Transmit diversity. 
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hitin is a globally abundant biopolymer, second only to 

cellulose and possibly lignin in terms of biomass. Owing 
to extensive hydrolytic activity mainly by soil and marine 
chitinolytic microorganisms, chitin is not accumulated in the 
biosphere, because it is similar to cellulose and unlike lignin. 
Chitin, which is absent from plants and vertebrates, is 
present to a small or large extent in most invertebrates, 
notably in cuticles of arthropods, in primary septum and scar 
buds of yeast, and in cell walls of most filamentous fungi. 
Chemically detectable chitin has been verified in 25-million- 
year-old insect fossils. Chitin is almost invariably covalently 
or noncovalently associated with other structural molecules in 
contact with the external environment; examples include 
carbohydrate polymers in fungi and the cuticular proteins 
that comprise up to 50% by weight of arthropod cuticles. 
The chitoprotein supramolecular matrix occurs in 
peritrophic membranes of insects and in the arthropod 
exoskeleton, where the rigid chitin microfibrils contribute 
greatly to its mechanical strength. 


STRUCTURE 


Chitin is a large water-insoluble, linear aminocarbohydrate 
homopolymer composed of B,_,-linked N-acetyl-p-glu- 
cosamine units with a three-dimentional o-helix configu- 
ration (Fig. 1). Intramolecular hydrogen bondings stabilize 
the o-helical configuration of the macromolecule. In nature, 
chitin polymers coalesce extracellularly by intermolecular 
hydrogen bonds to form crystalline microfibrils that may 
appear in various polymorphs (a, B, and y). The most 
abundant one in insects is the antiparallel arrangement of the 
o-chitin polymorph. 
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FIGURE 1 The dimer unit of chitin polymer. 


CHITIN SYNTHESIS 


Chitin synthesis occurs throughout the insect’s life cycle and 
is under hormonal control of ecdysteroids. Bursts of 
synthetic activity that are associated with the buildup of the 
new cuticles occur in particular at the last phase of 
embryonic development, and as larvae or pupae molt. Chitin 
synthesis is the end result of a cascade of interconnected 
biochemical and biophysical events that link the mobilization 
of substrate molecules, polymerization by the enzyme chitin 
synthase, and translocation of the nascent amino polymer 
across the plasma membrane (Fig. 2). Individual chitin 
chains coalesce outside the plaama membrane, forming fibril 
crystallites by intramolecular hydrogen bonds. The UDP-/N- 
acetyl-D-glucosamine substrate is the end point of a series of 
biochemical transformations that include successive steps of 
phosphorylation, amination, and acetylation of starting 
precursors such as trehalose or glucose. Chitin synthase is a 
relatively large membrane-bound enzyme with multiple 
transmembrane segments. The active site of the enzyme faces 
the cytoplasm, and the catalysis involves linking together 
dimer amino sugar substrates. The question of how chitin 
polymers are translocated across the cell membrane remains 
unresolved. Hydrophobic transmembrane segments of chitin 
synthase are implicated in this process. 

The complete chitin synthase cDNA and deduced amino 
acid sequences of the insects Drosophila melanogaster and 
Lucila cuprina, and the nematode Caenorhabditis elegans have 
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FIGURE 2 Polymer formation and deposition. 
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FIGURE 3 Chemical structure of the acylurea compound diflubenzuron 
(Dimilin). 


been described. The deduced amino acid sequence revealed a 
protein (about 180 kDa) with a large number (15-18) of 
potential transmembrane segments that may be involved in 
the translocation of chitin polymers. 


CHITIN DEGRADATION 


Degradation of chitin is physiologically crucial for normal 
growth and development of insects. Chitin is degraded by the 
joint action of chitinase, which yields oligomeric fragments, 
and exochitinase, or B-/N-acetylglucosaminidase, which 
hydrolyzes terminal polymers or dimers. These hydrolytic 
enzymes are widespread in plants, vertebrates, invertebrates, 
and microorganisms. During the complex molting process in 
arthropods, the chitin in the cuticular region (the endocuticle), 
which is close to the epidermal cells, is degraded. Since chitin 
microfibrils are tightly associated with various cuticular 
proteins, proteolytic activity accompanies and _ facilitates 
chitin hydrolysis. Hydrolysis of chitin does not occur in the 
exocuticle, where sclerotization of the cuticular protein takes 
place. Formation and secretion of chitinases by epidermal 
cells, processes that are under hormonal control, are vital for 
the molting process. The mono- and disaccharide degradation 
products are absorbed by the epithelial cells and may be 
recycled to serve for biosynthesis of the new chitin. 


INHIBITION OF CHITIN SYNTHESIS 
AND DEGRADATION 


Because chitin is present in invertebrates (abundantly in 
arthropods) and absent from vertebrates and plants, it is a 
logical target for selective pest control. Acylurea compounds, 
discovered serendipitously by Dutch scientists in 1972, 
inhibit chitin synthesis, resulting in deformed and weak 
cuticles that cause molting failure and death by desiccation. 
Acylureas do not inhibit the catalytic step of polymerization, 
and their exact biochemical lesion is unresolved. It appears 
that the mode of action is associated with the process of 
chitin translocation from site of catalysis across cell 
membranes to the region of deposition and fibrillogenesis. 
The first commercial product reaching the market was 
diflubenzuron (Dimilin) (Fig. 3), which was followed by a 
large number of structurally similar bioactive molecules. The 
acylurea compounds, which act as insect growth regulators, 
are widely used in integrated pest management (IPM) 
programs. 


See Also the Following Articles 
Cuticle ¢ Exoskeleton  Integument ¢ Molting 


Further Reading 

Cohen, E. (1987). Chitin biochemistry: Synthesis and inhibition. Annu. 
Rev. Entomol. 32, 71-93. 

Cohen, E. (1993). Chitin synthesis and degradation as targets for pesticide 
action. Arch. Insect Biochem. Physiol. 22, 245-261. 

Muzzarelli, R. A. A. (1977). “Chitin.” Pergamon Press, Oxford, U.K. 

Stankiewicz, B. A., Briggs, D. E. G., Evershed, R. P. Flanerry, M. B., and 
Wauttke, M. (1997). Preservation of chitin in 25-million-year-old fossils. 
Science 276, 1541-1543. 

Tellam, R. L., Vuocolo, T., Johnson, S. E., Jarmey, J., and Pearson, R. D. 
(2000). Characterization of insect chitin synthase: cDNA sequence, gene 
organization and expression. Eur. J. Biochem. 267, 6025-6042. 

Verloop, A., and Ferrell, C. D. (1977). Benzoylphenyl ureas—A new group 
of larvicides interfering with chitin deposition. Jn “Pesticide Chemistry 
in the 20th Century” (J. R. Plimmer, ed.), pp. 237-270. ACS 
Symposium Series 37, American Chemical Society, Washington DC. 





Chromosomes 


Graham C. Webb 
The University of Adelaide, Australia 


hromosomes in insects display almost the whole range of 

variation seen in the chromosomes of higher plants and 
animals. In these groups the deoxyribonucleic acid (DNA), 
which contains the genetic code determining development 
and inheritance, is contained in a nucleus in each cell. At 
interphase, the DNA is organized into the complex linear 
structures that are chromosomes, which can be seen in a 
conveniently condensed state when the cell is dividing. 

The study of insect chromosomes is less intensive now than 
formerly for three possible reasons: (1) the thoroughness of the 
early investigators, (2) the commercialization of science, which 
has pushed the study of chromosomes (cytogenetics) in 
animals toward more lucrative mammalian, and particularly 
human, fields, and (3) the replacement of cytogenetic with 
molecular methods. The third point was predicted by Michael 
White in the conclusion to his famous 1973 textbook, Animal 
Cytology and Evolution. Through his work, almost entirely on 
insects, White is widely regarded as the founder of the study 
of evolutionary cytogenetics in animals and one of its 
foremost authorities; his book remains a most comprehensive 
authority on most aspects of insect chromosomes. 

In 1978 White was firmly convinced that evolution is 
essentially a cytogenetic process, and he did much to demon- 
strate this at the level of speciation. At a higher evolutionary 
level, the integrated chromosomal characteristics of the 
various insect orders seem to support this view. However 
more recently authors such as King have de-emphasized the 
importance of chromosomal changes in species evolution. 


SOURCES AND PREPARATION OF 
CHROMOSOMES FROM INSECTS 


Mitotic chromosomes undergoing the familiar stages of 
prophase, metaphase, anaphase, and telophase can be 
prepared from any insect somatic tissues with dividing cells. 
Embryos are the best sources of mitotic divisions, but they 
are also seen in the midgut ceca of adults and juveniles and 
in the follicle cells covering very early ova in females. 

Insect cytogeneticists now usually use colchicine or other 
mitostatic agents to arrest the chromosomes at metaphase of 
mitosis by inhibiting the formation of the spindle fibers 
required for the cells to progress to anaphase. Squashing, 
under a coverslip, spreads the chromosomes, and for squash 
preparations the cells are usually prestained. Insect 
cytogeneticists now often use air-drying to spread the 
chromosomes, since this process has the advantage of making 
the chromosomes immediately available for modern banding 
and molecular cytogenetic methods. 

Male meiosis is very commonly used to analyze the 
chromosomes of insects and to analyze sex-determining 
mechanisms. The structure of the insect testis is very favorable 
to chromosomal studies because each lobe has a single apical 
cell that divides by a number (s) of spermatogonial divisions 
(Fig. 1A) to yield 2° primary spermatocytes, which then 
undergo synchronous first and second meiotic divisions to 
yield 2° + 1 secondary spermatocytes and 2° + 2 sperm. 

First meiotic prophase in insects involves the usual stages 
(Fig. 1). Replication of the DNA is followed by the prophase 
stages of leptotene (strand forming), zygotene (chromosome 
pairing to form bivalents), pachytene (crossing over to yield 
recombinants), diplotene (repulsion of the homologues), 
diakinesis (completion of repulsion), and premetaphase 
(bivalents fully condensed). 

Metaphase I is followed by first anaphase, which can be a 
very informative stage and, in contrast to mammals, is readily 
available in insects. Second meiotic division is also readily 
observed in insects (Fig. 1) and can be useful for confirming 
events in earlier stages. 

Meiotic chromosomes in insect females are difficult to 
prepare and are usually studied only in special cases, such as 
parthenogenesis. 


TYPES OF CHROMOSOME IN INSECTS 


Autosomal chromosomes are usually represented as two 
haploid sets, one from each parent, in the diploid tissues of 
insects. With the addition of the sex chromosomes from each 
parent, the haploid set is known as “n” and the diploid set as 
“2n.” Major exceptions to diploidy in both sexes occur, such 
as in almost all species in the the orders Hymenoptera (ants, 
bees, and wasps), Thysanoptera (thrips), and some species of 
Heteroptera and Coleoptera, where the females are diploid, 
the males being normally haploid (i.e., derived from unfer- 
tilized eggs, arrhenotoky). Arrhenotoky determines the sex of 
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FIGURE 1 Mitotic and meiotic holocentric chromosomes in an earwig, 
Labidura truncata. Orcein-stained squash preparations, B, L, M-P 
colchicine-treated. (A) Spermatogonial division in prophase with the Y at 
bottom left and the X to the right, both more condensed than the autosomes. 
(B) Spermatogonial metaphase with the small Y chromosome obvious. 
(C) Leptotene, with the sex chromosomes at the top very condensed and the 
heterochromatic ends of some autosomes also condensed. Two nucleoli are 
visible, one at 11 o'clock and the other at 5 o'clock. (D) Zygotene—pachytene 
with the heterochromatic ends of the autosomes more obvious. (E) Diplotene 
displaying the four autosomal bivalents and the condensed sex chromosomes 
separately. (F) Diakinesis, one autosomal bivalent showing a chiasmata that 
is quite interstitial. (G, H) First metaphases with the larger X seem to be 





paired with the smaller Y. First anaphase with the neocentromere actively 
moving the chromosomes apart. (J, K) Second metaphases; J shows the X 
dyad, K shows the smaller Y dyad. (L-P) Female mitotic chromosomes, late 
and early prophase in L and N, respectively; M—P show metaphases, with O 
and P showing secondary constrictions. The primary constrictions of fixed 
centromeres do not show, and uninterrupted chromatids, characteristic of 
holocentric chromosomes, are particularly obvious in M. [From Giles, E. T., 
and Webb, G. C. (1973). The systematics and karyotype of Labidma 
Truncata Kirby, 1903 (Dermoptera: Labiduridae). J. Aust. Entomol. Soc. 11, 
Plate 1, with permission.] 


about 20% of all animal species. This mechanism has allowed 
one species of Australian ant, Myrmecia croslandi, to achieve 
the lowest possible chromosome number, 7 = 1, in the 
parthenogenically derived male. 

Chromosomal imprinting has not been demonstrated in 
insects, so gametes from both sexes are not necessarily 
required. Indeed, accidental development of unfertilized eggs 
(thelytoky) can form a parthenogenetic insect if sufficient 
double-haploid cells arise in critical tissues in the 7/27 mosaic. 

Sex chromosomes are usually involved in sex determina- 
tion in insects, but by a variety of genetic mechanisms. The 
male is usually the heterogametic sex in insects, the exceptions 
being the orders Lepidoptera (butterflies and moths) and 
Trichoptera, in which the females are heterogametic. The 
mammalian system of having genes determining the sex and 
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other male functions on the Y chromosome almost certainly 
does not occur in insects. In the earwigs (Dermaptera), male 
determination by the presence of a Y chromosome seemed to be 
the rule, until XO/XX mechanisms were found in two species. 

As in other animals, the insect heterogametic male has 
half the number of X chromosomes as the female; most 
commonly the sexes are XO male and XX female, but 
multiple X-chromosome systems frequently occur. Fusions of 
autosomes to the X chromosome can cause the formation of 
XY/XX and further fusions to form X,X,Y/X,X,XX) 
systems. X,XjY males are almost the rule in the mantids 
(Mantodea). In the most of the Hymenoptera, sex is 
determined by the diploid females being heterozygous, and 
the haploid males hemizygous, for multiple alleles at a single 
genetic locus on one chromosome; that might still be 
regarded as an X chromosome. 

The karyotype is the set of chromosomes, both autosomes 
and sex chromosomes, in an organism. The karyotype found 
in 90% of the large family of short-horned grasshoppers, 
Acrididae, is usually given as 2nd = 23 [22 + X (or XO)], the 
female karyotype, 23 (22 + XX), being usually inferred from 
the male. Some authors carefully confirm diploidy and 
subdifferentiate the autosomes and the sex chromosomes, for 
example, for the earwigs Chaetospania brunneri 2n 3 = 31 
(13AA + X,X:X3X,4Y) and Nala lividipes, with one pair of 
autosomes being exceptionally long, 2nd = 34 (A'AY + 
15AA + XY). Since in insects, the karyotypic nomenclature is 
variable and somewhat confusing, it would seem preferable 
to adopt the simple karyotypic nomenclature used for 
mammals [e.g., human: 27d = 46,XY]. 

Monocentric chromosomes are the norm in most insect 
orders (Fig. 2), with the single centromere characterized by a 
primary constriction, a structure seen in many other animals 
and in plants. After replication of the DNA and other chro- 
mosomal constituents during interphase, the chromosomes 
at metaphase show two identical chromatids. Following the 
discovery that each chromatid must be terminated by a 
telomere, geneticists concluded that it is highly probable that 
a chromosome must always have two arms, one on each side 
of the centromere. If these arms are of appreciable length, the 
chromosomes are called metacentric (arms of about equal 
length), or submetacentric (arms of unequal length). If one 
of the arms is very short, perhaps invisible under normal 
microscopy, the chromosome is said to be acrocentric. It is 
now widely accepted that a chromosome cannot normally be 
telocentric (terminated by a centromere). The sequence of 
nucleotides repeated many times to make up the DNA of the 
telomeres of most insects is TTAGG, but it is not universal. 

Holocentric chromosomes occur in the insect orders 
Heteroptera, Dermaptera (Fig. 1), Mallophaga, Anoplura, 
and Lepidoptera. The centromeres are elongated across much 
of the length of the chromosomes, although not usually 
extending to the telomeres. During mitotic anaphase, the 
spindle fibers pull equally on most of the length of the 
chromosome so that only the distal ends can be seen to be 
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FIGURE 2: Monocentric chromosomes of the locust Chortoicetes terminifera, 
mostly acrocentric with some of the smaller ones submetacentric. (a) With 
one B chromosome, which is distinctively G-banded by a trypsin treatment 
that has produced comparatively minor effects in the A chromosomes. (b) 
with two B chromosomes showing positive C-banding for most of their 
length. The A chromosomes mostly have small centromeric C bands, but 
they show variable interstitial and distal C-banded segments. 


trailing. Operation of an elongate centromere during first 
meiosis would break the crossovers, or chiasmata, which have 
formed between the the paired chromosomes. Apparently to 
preserve this chromosomal bivalent, the holocentric chromo- 
somes develop neocentric activity at one telomeric end only. 
The neocentromeres behave like those of monocentric chro- 
mosomes, and they persist through second metaphase of 
meiosis (Fig. 1). Broken holocentric chromosomes seem to 
be able to retain attachment to the spindle fibers: in earwigs, 
each piece of a broken chromosome forms a bivalent with a 
neocentromere during meiosis. Breakage of holocentric chro- 
mosomes probably also explains the wide range of chromo- 
some numbers seen in butterflies, from 2” = 14 to 2n = 446, 
and the extreme of 27 = 4 to 2 = 192 found by Cook in a 
single genus of scale insect, Apiomorpha. Breakage probably 
also accounts for the common finding of multiple X chromo- 
somes in insects with holocentric chromosomes. The addition 
of telomeres to the broken ends of holocentric chromosomes 
might be a function of the complex enzyme telomerase. 
Polytene chromosomes are large chromosomes formed by 
the repeated replication, without intervening division, of 
chromatids that remain uncondensed as in interphase (Fig. 3). 
Polytene chromosomes often contain thousands of chromatid 
strands, and the homologous chromosomes are usually closely 
somatically paired, so that inversions in them are accommo- 





FIGURE 3 Polytene chromosomes in the salivary glands of the larvae of two 
species of chironomid midge. Orcein-stained squash preparations. (a) From 
the North American species Chironomus decorus, species b; (b) From the 
Australian species C. oppositus. For both species, labels A-F indicate arms of 
metacentric chromosomes, with arrowheads indicating the centromeres. The 
acrocentric chromosome G shows some breakdown of somatic pairing at the 
distal end in both species. Chromosomes AB and EF in C. decorus b have 
undergone whole-arm exchanges to form AE and BF chromosomes in C. 
oppositus. N and BR indicate nucleoli and Balbiani rings, respectively. Loop 
pairing, resulting from heterozygosity for paracentric inversions, can be seen 
in arms D and F in C. decorus b and in arm D in C. oppositus (Images kindly 
supplied by Dr. Jon Martin, University of Melbourne.) 


dated by the formation of loops. Transcription of ribonucleic 
acid (RNA) from the DNA is accomplished at expanded 
regions called Balbiani rings, (BR in Fig. 3B), and the 
attachments of the polytene chromosomes to the nucleoli (N 
in Fig. 3B) by the nucleolar organizing regions are obvious. 
Polytene chromosomes have been most famously studied in 
the salivary glands and other glandular tissues in insects of 
the order Diptera, particularly in the fruit fly, Drosophila 
melanogaster. They display a large number of bands without 
any special staining, and the detail revealed is most useful for 
the localization of DNA sequences of various types, 
including single gene probes. 

Supernumary or B chromosomes occur occasionally in 
insects of most orders. B chromosomes, when present, are in 
addition to the always present A chromosomes. Certainly the 
most variable and spectacular B chromosomes ever seen were 
found in the Australian plague locust, Chortoicetes terminifera 
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(Fig. 2). These B chromosomes display over 20 different 
banding patterns after treatment with trypsin, and this 
treatment allowed the harmless identification of carriers of B 
chromosomes using interphase cells in the hemolymph, thus 
facilitating breeding experiments. These breeding experiments 
showed that single B chromosomes in males of C. terminifera 
were distributed into the sperm with a 50% frequency, but in 
females single B chromosomes were driven into the egg with 
a frequency of 80%. This meiotic drive in females should 
have ensured that every individual in the population carried 
a B chromosome. Since, however, they were found in only 
10% of individuals, the B chromosomes must have been 
lowering the fitness of carriers. The situation supported a 
“parasitic” mechanism for the maintenance of B chromosomes 
in the population. 


SUBCHROMOSOMAL ORGANIZATION IN INSECTS 


Euchromatin and heterochromatin can be distinguished in 
insects in various ways. Euchromatin contains the active 
genes, and heterochromatin, contains mainly repetitious, 
transcriptionally inactive DNA. Heterochromatic segments 
of the chromosomes can be observed in meiosis because of their 
high degree of condensation during first prophase (Fig. 1). 
Heterochromatin may also be detected by hybridization in 
situ of repetitous DNA sequences, such as satellite DNA, to 
the chromosomes. The DNA of heterochromatin is replicated 
later in the S phase of the cell cycle than the DNA of the 
euchromatin. Examples of DNA replication that is both late 
to start and late to finish has been seen in the B chromosomes 
of C. terminifera, and in the sex chromosomes of the common 
earwig, Forficula auricularia. The C-banding technique 
(described shortly) can also be used to stain heterochromatic 
segments. 

In most cases the heterochromatin of insects is constitutive 
(i.e., in a permanent state), but in some insects with peculiar 
life cycles, such as the Cecidomyidae, individual chromosomes 
or sets of them may be made facultatively heterochromatic 
before being eliminated from the soma or the germ line of 
one of the sexes. 

Chromosome banding in insects is largely limited to C- 
banding (Fig. 2b), originally named because the repetitious 
DNA proximal to the centromeres was stained. The position 
of the C bands is often procentric in insects, but these bands 
can be procentric, terminal, or interstitially distributed on 
the chromosome arms in different races of the same species, 
as in the grasshopper Caledia captiva. 

The results of treating insect chromosomes with trypsin 
or other reagents that induce the narrow G bands, which are 
distributed all over the chromosomes of vertebrates, are 
disappointing in insects. The dark G bands correspond to the 
chromomeres, regions of the chromosomes that are 
contracted during meiotic prophase, and since insect 
chromosomes display chromomeres during meiosis, it is 


surprising that they do not show typical G bands. The bands 
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revealed by trypsin treatment of the B chromosomes of C. 
terminifera seem to be exceptional, and they are a reflection 
of the C-banding patterns of these chromosomes (Fig. 2). 


POLYPLOIDY 


Polyploidy occurs when the zygote, or first cell, has more 
than two sets of haploid chromosomes. In insects, polyploidy 
is mainly restricted to parthenogenetic species and is largely 
limited to 37 and 47. Chromosomal sex determination is 
regarded as a major barrier to the formation of polyploids 
among bisexual species of insects because duplicated sex 
chromosomes, such as XXYY, would lead to uniformly XY 
sperm and therefore no possibility of sex determination. 

Endopolyploidy is the occurrence of a multiplicity of the 
ploidy in the zygote in the somatic tissues of an organism. The 
term “endomitosis” is used if the chromosomes appear during 
cycles of endoreduplication but with no formation of a mitotic 
spindle and no cell division. Endopolyploidy, including 
endomitosis, is commonly seen in the somatic tissues of most 
insects. In a special case of endoreduplication, involving only 
one round of replication under a variety of treatments, the 
chromosomes that subsequently appear may remain closely 
associated at the centromeres, forming diplochromosomes, 
which were first seen in a locust. The formation of polytene 
chromosomes (Fig. 3) is also a special form of endoredupli- 
cation. Endopolyploid cells are very common in the tissues of 
all insects, and the phenomenon seems to reflect a tendency 
for insects to increase the bulk of certain tissues by increasing 
cellular size rather than cell number. 


CHROMOSOMAL REARRANGEMENTS 


Rearrangements occur in the chromosomes of insects when 
they occasionally break and rejoin in an irregular fashion. If 
any chromosomal rearrangement is maintained heterozygously 
in a population at a frequency greater than can be explained by 
recurrent chromosomal mutation, it is said to be polymorphic. 
There are a number of chromosomal rearrangements. 


Paracentric Inversions 


Paracentric inversions result when two breaks in one 
chromosome arm rejoin after the excised piece has inverted. 
These rearrangements are commonly recorded in polytene 
chromosomes, where the presence of them is shown by the 
formation of a loop allowing the homologues to be closely 
paired (Fig. 3). The presence of a chiasmata at meiosis within 
paracentrically inverted segments results in a dicentric 
chromosome and an acentric fragment, which cannnot be 
regularly transmitted. Paracentric inversions survive for long 
periods in many dipteran species because there is no chiasma 
formation in males and because the products of female 
meiosis are organized to ensure that a nonrecombinant for 
any paracentric inversion is deposited in the egg nucleus, 
with recombinants being placed in the unused polar bodies. 


Because they have the capacity to lock up long 
combinations of syntenic genes, it has been assumed that 
inversion polymorphisms can be adaptive. For paracentric 
inversions, many studies with dipterans have been undertaken 
to link paracentric inversion polymorphism to aspects of the 
environment in which the particular insect exists. 


Pericentric Inversions 


Pericentric inversions result from breaks in each arm of a 
chromosome that rejoin after the excised piece containing the 
centromere has inverted. Pericentric inversion polymorphism 
was perhaps most famously studied in the morabine 
grasshopper, Keyacris scurra. White and coworkers used this 
rearrangement to develop adaptive topographies (defined by 
Sewell Wright) for various populations of K. scurra, that were 
on a saddle between adaptive peaks. The duplications and 
deletions that are the consequences of recombination within 
mutually pericentrically inverted segments seem to be largely 
avoided in insects bearing them at polymorphic frequencies. 
This is because the chromosomes are able to pair during 
meiosis without the inverted regions undergoing synapsis: so- 
called “torsion pairing.” 


Translocations 


Translocations result from breaks in two chromosomes that 
allow exchange of pieces between the chromosomes. For breaks 
that are interstitial on the chromosome arms, a reciprocal 
translocation results, and in heterozygotes the translocated 
chromosomes synapse together at meiosis to form a quadri- 
valent (or a multivalent, if exchanges are more frequent). 
Multiple translocation heterozygosity has been observed, with 
resulting ring multivalents, in the cockroaches (Blattodea). 


Centric Fusions 


Centric fusions, or Robertsonian translocations, are special 
cases of translocation in which two breaks are very close to 
the centromeres of acrocentric chromosomes, causing the 
formation of a large metacentric or submetacentric chromo- 
some and a very small remnant, which is lost. Centric fusions 
commonly distinguish chromosomal races or species in 
insects, but they are not seen to be maintained polymorphic 
in populations as frequently as they are in mammals. Centric 
fusions between sex chromosomes and autosomes results in 
the formation of neo-XY and X, X; Y systems in insects. 


Dissociation 


Dissociation, the reverse of fusion, involves the formation of 
two acrocentrics from a metacentric chromosome. Dissocia- 
tion is rare because a donor centromere, a short arm, and a 
telomere are required; however this rearrangement was 
shown to occur in the dissociation that formed the two 
chromosomal races of the morabine grasshopper K. scurra. 


Whole-Arm Interchanges 


Whole-arm interchanges occur when chromosomal breaks and 
rejoinings near the centromeres of metacentric chromosomes 
result in the exchange of whole chromosome arms (Fig. 3). It 
has been noted that such exchanges distinguish races and 
species more frequently than reciprocal translocations, perhaps 
because the former maintain a sequence of coadapted genes 
in the arms concerned. 


Complex Rearrangement 


Complex rearrangements such as insertions, involving three 
or more breaks, have been noted in insect chromosomes, 
particularly after damage induced by radiation. Such work, 
particularly by H. Miiller in D. melanogaster, led to each arm 
of the chromosome being defined as oriented from the 
centromere to the telomere. 


See Also the Following Articles 
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Chrysalis 
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A chrysalis (plural chrysalids) is the pupa of a butterfly, 
usually belonging to the family Papilionidae, Pieridae, or 
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FIGURE 1 Pupa of the butterfly Papilio cresphontes, showing the strand of silk 
that holds some butterfly pupae in an upright position. (Photograph from the 
Teaching Collection, Department of Entomology, Michigan State University.) 


Nymphalidae. It is commonly found suspended or hanging 
from a leaf, twig, or branch, or even a windowsill, arbor, or 
other suitable structure. Not all species in these families form 
chrysalids. For example, the parnassians in the Papilionidae 
and the wood nymphs (Satyrinae) in the Nymphalidae 
pupate in a minimal cocoon in grass, leaves, or litter. The 
pupae of the families Lycaenidae and Riodinidae are also not 
suspended and usually are concealed in leaves or litter. 

In forming the chrysalis, the prepupal caterpillar has to 
perform the seemingly impossible maneuver of spinning the 
silk pad to attach its cremaster (caudal pupal hooks) while 
maintaining its grip; it then must molt the larval skin as it 
attaches to the silk pad. Members of the Pieridae and 
Papilionidae (except Parnassinae) secure the chrysalis in an 
upright position with a band of silk around the middle 
(Fig. 1). 

Chrysalids are usually angular, with projections, tubercles, 
spines, and sometimes gold or silver flecks. They are often 
cryptically colored so that they blend into the surrounding 
materials but some, like the monarch chrysalis, are smooth 
with gold flecks. In emerging from the chrysalis the adult 
splits the chrysalis ventrally and dorsally at the anterior end, 
crawls out, and suspends itself from the pupal skin while its 
wings expand. 


See Also the Following Article 
Pupa and Puparium 
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Cicadas 


M. S. Moulds 
Australian Museum, Sydney 


C icadas form a small part of the order Homoptera, a diverse 
group of insects whose mouthparts comprise a jointed 
rostrum for piercing and sucking up liquid food. They make 
up the superfamily Cicadoidea, distinguished by having three 
ocelli, an antennal flagellum usually of five segments, and a 
complete tenorium (internal development of the head for 
attachment of muscles); nymphs burrow and develop 
underground. The family arrangement for cicadas remains in 
a state of flux but is now generally accepted as being two 
families, the majority falling within the Cicadidae, and just 
two extant species plus some fossil species in the Tettigarctidae. 
There are almost 2000 named species, with perhaps as many 
again awaiting description. 

Cicadas are mostly tropical or subtropical insects, but 
many also inhabit temperate regions. Some are minor pests 
of sugarcane, rice, coffee, and fruit trees, either reducing the 
vigor of the plants by nymphal feeding or weakening 
branches by oviposition, which in turn may cause the 
branches to break under crop load. 


STRUCTURE AND FUNCTION 
Cicadas typically possess a broad head delimited by a pair of 


large compound eyes, a large pro- and mesothorax housing 
mostly wing and leg muscles, a small metathorax, an abdomen 





FIGURE 1 Mature nymph of Cyclochila australasiae, \ateral view. 


that in the male is highly modified to accommodate the 
organs of sound production and reception, and two pairs of 
membranous wings that are usually held tentlike over the 
body at rest. 

The head is dominated by a large, noselike postclypeus 
that houses muscles for sucking sap through the rostrum; the 
three jewellike ocelli detect the direction of light sources and, 
if asymmetrically covered, cause erratic flight. 

The foreleg femora are characteristically enlarged and 
swollen. On the nymph these are even more enlarged (Fig. 1), 
serving the nymph for subterranean tunneling. 

The abdomen carries the organs of reproduction and of 
hearing and, in males, also sound production. 


SOUND PRODUCTION AND RECEPTION 


Cicadas are best known for their ability to produce loud 
sound. No other insect has developed such an effective and 
specialized means of doing so. The calls are mating songs 
produced only by the males. Each species has its own dis- 
tinctive song and attracts only females of its own kind (Fig. 2). 

The organs of sound production are the tymbals, a pair of 
ribbed cuticular membranes located on either side of the first 
abdominal tergite (Fig. 3). In many species the tymbals are 
partly or entirely concealed by tymbal covers, platelike 
anterior projections of the second abdominal tergite. 
Contraction of internal tymbal muscles causes the tymbals to 
buckle inward, and relaxation of these muscles allows the 
tymbals to pop back to their original position. The sound 
produced is amplified by the substantially hollow abdomen, 
which acts as a resonator. 

Many species sing during the heat of the day, but some 
restrict their calling to semidarkness at dusk. Often the 
species that sing at dusk are cryptic in coloration and gain 
further protection from predatory birds by confining their 
activity to dusk. The loud noise produced by some communal 
day-singing species actually repels birds, probably because the 
noise is painful to the birds’ ears and interferes with their 
normal communication. The American periodical cicadas 





FIGURE 2 A mating pair of northern cherrynose, Macrotristria sylvara 


(family Cicadidae). This large and colorful species is found in tropical 
northeastern Australia. (Photograph by Max Moulds.) 
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FIGURE 3 Transverse section of male abdomen of Tamasa tristigma at the 
first abdominal segment with the thorax removed. Exposed are the large 
tymbal muscles anchored basally to a chitinous V and attached dorsally via 
an apodeme to the sound-producing tymbals. Sound received by the 
tympana is transferred to the auditory capsules. 


have mass emergences, and although their song is not suffi- 
ciently loud to repel birds, the number of individuals is so 
large that predatory birds soon lose their appetite for them. 

Both sexes have organs for hearing. Sound is received by a 
pair of large, mirrorlike membranes, the tympana, which are 
often concealed below the opercula (Fig. 3). The tympana are 
connected to an auditory organ by a short slender apodeme. 
A singing male creases the tympana to avoid being deafened 
by his own song. 


LIFE CYCLE 


Eggs are laid in branches of trees and shrubs or in the stems of 
grasses (the nymphal food plants) in small slits cut into the 
surface by the female's spearlike ovipositor. The number of eggs 
laid in each slit varies between both species and individuals. 
Usually it is about 10 to 16, although the number laid per slit 
by a single female can range from 3 or fewer to more than 20. 

A female makes many egg slits and often distributes her 
eggs at more than one site. A batch of eggs can number 300 
or more. Some species, such as many Cicadetta, select only 
living tissue for oviposition, whereas others choose only dead 
or dying tissue. Many days, often in excess of 100, may pass 
before the nymphs hatch. 

On hatching, the young nymphs are encased in a thin 
transparent skin that encloses the appendages separately but 
restricts their function. These pronymphs quickly wriggle 
their way along the egg slit to its entrance. A spine at the apex 
of the abdomen probably assists this exit and also in casting 
off the pronymphal skin. The young nymphs fall to the 
ground, whereupon they immediately seek shelter in the soil 
and later search for a root from which to feed by sucking sap. 

Cicadas spend most of their life underground, slowly 
growing to maturity through five instars (Fig. 1). The length 
of life cycle is known only for a small number of species. 


Cicadas 187 


Some grass-feeding species mature within a year. The 
American periodical cicadas, Magicicada species, have a life 
cycle spanning 13 or 17 years, the longest known for any 
insect. Periodical cicadas are consistently regular in their life 
cycle length, but most other cicadas change by a year or two, 
and even individuals from a single egg batch can mature at 
different rates. 

For most species, emergence from the final nymphal skin 
occurs during the first few hours after dark; the laborious 
process can last an hour or more. The adult life usually lasts 
2 to 4 weeks, but some grass-dwelling species possibly live 
only 3 to 4 days. Some of the larger tree-inhabiting species 
probably live 8 or more weeks. 


FAMILY CICADIDAE 


The family Cicadidae includes all but two extant species. 
Two subfamilies are widely recognized, the Cicadinae, which 
have tymbal covers present, and the Tibicinae, with tymbal 
covers absent. 


FAMILY TETTIGARCTIDAE 


The family Tettigarctidae includes the other two extant 
species, Téttigarcta crinita and T. tomentosa, both found only 
in Australia. This family also includes 13 genera known from 
Cenozoic fossils. 

The Tettigarctidae differ from other cicadas in several 
features. Most notable is the presence of tymbals in both 
sexes, but instead of producing airborne songs, they create 
low-level vibrations of the substrate below the adult. These 
substrate vibrations are detected by sensory empodia between 
the claws on all legs; the tympana used for hearing in other 
cicadas are lacking. 


See Also the Following Articles 
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Vibrational Communication 
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Circadian Rhythms 


Terry L. Page 
Vanderbilt University 


ircadian rhythms are daily oscillations in physiology, 

metabolism, or behavior that persist (or free run) in 
organisms that have been isolated from periodic fluctuations 
in the environment. These rhythms are under the control of 
innate regulatory systems that are based on internal 
oscillators (or pacemakers) whose periods approximate those 
of the naturally recurring 24-h environmental cycles. The 
oscillators are subject to control by a limited number of these 
environmental cycles that synchronize or entrain the period 
to exactly 24 h and establish specific phase relationships 
between the rhythms and the external world (Fig. 1). Light 
cycles are virtually universally effective in the entrainment of 
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FIGURE 1 Event recording of the wheel-running activity of a cockroach, 
L. maderae. Data for successive days are placed one below the other in 
chronological order. The bar at the top of the record indicates the light cycle 
to which the animal was exposed during the first 14 days of the recording. 
Then animal was then placed in constant darkness (DD) and its 
endogenously generated, free-running circadian rhythm was expressed for 
the remainder of the record with a period of about 23.5 h. 


circadian rhythms, and in insects, daily cycles of temperature 
are also effective. 


FUNCTION OF THE CIRCADIAN SYSTEM 


In insects, the circadian system is responsible for imposing 
daily rhythmicity on a variety of processes, including 
locomotor activity, stridulation, oviposition, hatching, 
pupation and pupal eclosion, pheromone release, retinal 
sensitivity to light, and daily cuticle growth. This list is by no 
means exhaustive. It is generally accepted that the functional 
importance of this control is to restrict processes that are best 
undertaken at a particular phase of the environmental cycle 
to a particular time of day. It has also been suggested that a 
secondary role of the circadian system is to provide for 
internal temporal organization, coordinating the timing of 
various processes within the individual. 

In addition to its role in generating daily rhythms, the cir- 
cadian clock has been shown to be involved in photoperiodic 
time measurement for seasonal regulation of reproduction, 
development, and diapause in many insects. In honey bees 
(Apis mellifera), it is also involved in time measurement 
necessary for time-compensated sun orientation and in 
Zeitgedachtnis, which is the ability to return at the appropriate 
time to a food source that is available only at particular times 
of day. Thus the circadian system functions as a biological clock, 
capable of providing the individual with information on the 
time of day and with the ability to measure lapse of time. 


PHYSIOLOGICAL BASIS OF CIRCADIAN 
ORGANIZATION 


The study of the anatomical and physiological organization 
of circadian systems of insects has a long and productive 
history. The heuristic model generally used in these studies is 
illustrated in Fig. 2. There are four essential elements: (1) a 
pacemaker or oscillator that generates the primary timing 
signal, (2) photoreceptors for entrainment, and two coupling 
pathways, (3) one that mediates the flow of entrainment 
information from the photoreceptor to the pacemaker and 
(4) another that couples the pacemaker to the effector 
mechanisms that it controls. The model identifies several 
basic questions. Can the anatomical location of the circadian 
clock be identified? What are the pathways and mechanisms 
by which inputs to the pacemaking system regulate its phase 
and period? Finally, what are the neural and endocrine signals 
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FIGURE 2 Functionally defined model of the circadian system. An entrain- 
ment pathway that consists of a photoreceptor and coupling mechanism 
(input) synchronizes a self-sustaining oscillator (pacemaker) to the external 
light/dark cycle. The output of the pacemaker regulates the timing of various 
processes (e.g., activity) via coupling to the effector mechanisms. 
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Fig. 3. Alamouti scheme example with QPSK modulation. 


As said before, the simplest complex 
orthogonal space-time code is_ the 
Alamouti code which uses two transmit 
antennas and one _ receive antenna. 
Furthermore, Alamouti scheme requires 
that the fading channel envelope remains 
constant over two time slots. 


Fig. 3 shows an example of the encoding 
process of Alamouti scheme with QPSK 
modulation [2], [3]. 


Fig. 4 shows the receiver structure used 
for decoding the combined received 
symbols. 
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Fig. 4. Alamouti code receiver. 


At the receiver the following signals are 
received (with applying the complex 
conjugate to the received signal at t) 
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The linear combiner multiplies the 
received symbols by the Hermitian 
transpose of the channel matrix (for 
simplicity, we consider that channel is 
perfectly estimated). The output of the 
linear combiner is then given by 
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Maximum-Likelihood (ML) decoder is 
then applied to get the transmitted symbols. 
As one can see, the simplicity of the 
receiver is due to the spatio-temporal 
orthogonality of the transmission matrix. 


A complex orthogonal space-time code 
using 4 or 8 antennas was proposed by 
Tarokh et al. in [4]. 


2.1.2 Generalized Complex 
Orthogonal Space-Time Codes 


The search for space-time codes with more 
than two antennas was started by Tarokh, 
Jafarkhani, and Calderbank. Their work 
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Circadian Oscillations Are Generated by Discrete, 
Localized Populations of Cells 


Studies on pacemaker localization in insects have largely 
focused on behavioral rhythms (locomotor activity or eclosion) 
and their control by the nervous system. Compelling 
evidence that the brain is the site of generation of circadian 
timing signals for rhythms in behavior has been obtained in 
several species, with much of the early work involving studies 
on the locomotor activity rhythm of the cockroach. 

In 1968 it was first discovered that surgical removal of 
both optic lobes or disconnecting them from the rest of the 
brain by section of the optic tracts abolished the activity 
rhythm of the Madeira cockroach, Leucophaea maderae. 
Results of lesion studies on other cockroach species, several 
species of crickets, and beetles have also suggested that the 
optic lobes might contain the pacemaker. Compelling 
evidence arose from the observation that it is possible to 
transplant optic lobes between cockroaches whose activity 
rhythms had quite different free-running periods. Animals 
that received transplanted optic lobes recovered rhythmicity 
in a few weeks with regeneration of the optic tracts, and the 
preoperative period of the donor and the postoperative period 
of the host were strongly correlated. Thus, the transplantation 
of the optic lobes not only restored the rhythm of locomotor 
activity but also, critically, imposed the period of the donor 
animal’s rhythm on the activity of the host. Other studies 
involving small electrolytic lesions indicated that the cells 
responsible for generating the circadian signal have their 
somata and/or processes in the proximal half of the optic lobe, 
likely in a group of cells located ventrally near the medulla. 

In contrast to cockroaches, crickets, and beetles, in a 
variety of other insects the optic lobes do not appear to be 
required for rhythmicity and the pacemaker appears instead 
to reside in the cerebral lobes (midbrain). In a classic series of 
experiments by James Truman and colleagues it was shown 
that the circadian pacemaker that controls the timing of 
eclosion in two silkmoth species, Hyalophora cecropia and 
Antheraea pernyi, is located in the cerebral lobes of the brain. 
The time of day at which eclosion occurs is different for the 
two species. When the insects are maintained in a 
photoperiod of 17:7 (L:D) hours, H. cecropia emerges shortly 
after lights-on while A. pernyi emerges just before lights-off. 
Removal of the brain did not prevent eclosion, but did disrupt 
its timing. However, if the brain was reimplanted in the 
abdomen, normal rhythmicity was restored under both 
entrained and free-running conditions. When brains were 
transplanted between species, individuals exhibited normal 
species-specific eclosion behavior, but the phase of the rhythm 
was characteristic of the donor and not the host. The 
demonstration that the transplanted brains restored rhyth- 
micity and determined the phase of the rhythm left little 
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doubt that the circadian pacemaker that regulates the timing 
of the eclosion rhythm is located in the brains of these moths. 
The fact that the pacemaker was located in the cerebral lobes 
and not the optic lobes was demonstrated by subdividing the 
brain prior to transplantation. It was found that the optic 
lobes were unnecessary and that transplantation of the 
cerebral lobes alone was sufficient to restore rhythmicity. 

Similarly, in a variety of dipterans, including the fruit fly, 
the house fly, the blow fly, and the mosquito, regions of the 
nervous system controlling locomotor activity rhythms have 
been dissected with both surgical and genetic lesions, and in 
each instance the pacemaking oscillation appears to be 
generated in the cerebral lobes. In the fruit fly, Drosophila 
melanogaster, extensive behavioral and genetic evidence 
demonstrates a crucial role for the period (per) gene in the 
circadian pacemaker controlling locomotor activity and 
eclosion rhythms (see later). The per gene is widely, and in 
some cell types rhythmically, expressed in the fly, including 
the head, thorax, and abdomen; thus, its spatial expression 
pattern in wild-type flies provided no definitive localization 
of the central pacemaker. However, the expression pattern 
has been altered by numerous genetic and molecular manip- 
ulations and it has been possible to determine the identity of 
the pacemaker cells in Drosophila by correlating per 
expression in specific cell types with the presence or absence 
of behavioral rhythmicity. The results suggest that only a few 
neurons between the lateral protocerebrum and the medulla 
of the optic lobes, the lateral neurons, are necessary for the 
generation of a circadian rhythm in locomotor activity. 

The potential for further cellular identification of 
pacemaker neurons in insects was provided by an observation 
that in cockroaches and crickets optic lobe neurons that 
fulfilled the predicted anatomical criteria to be pacemaker 
cells were labeled by an antibody to crustacean pigment- 
dispersing hormone (PDH). When anti-PDH was applied to 
Drosophila brains, it labeled a ventral subset (LNv) of the per- 
expressing lateral neurons that were identified as pacemaker 
neurons in genetic studies. Taken together, the results 
indicated that the PDH-immunoreactive neurons are strong 
candidates for pacemaker neurons in insects and raise the 
possiblity that the insect version of crustacean PDH (called 
pigment-dispersing factor or PDF) may be an important 
temporal signaling molecule. 

Interestingly, the numbers and projection patterns of PDF 
neurons in cockroaches and crickets are strikingly similar to 
those of the LNv of Drosophila, suggesting that they are 
functionally homologous. The most salient difference in the 
morphology of these neurons is in the locations of their 
somata: between the lobula and the medulla of the optic 
lobes in cockroaches and crickets, as opposed to between the 
medulla of the optic lobes and the lateral margin of the 
cerebral lobes in fruit flies. This difference may be sufficient 
to account for the fact that the lesion and transplant studies 
suggested different anatomical organizations for pacemaker 
structures in the central nervous system in different insects. 
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Circadian Pacemakers Are Also Found in Tissues 
outside the Nervous System in Insects 


The localization of circadian pacemakers that regulate behav- 
ioral rhythms to the brain raised the question of whether 
other rhythms are controlled by the same clock. In crickets, 
beetles, and cockroaches studies indicate that the pacemaker 
regulating the daily rhythm in retinal sensitivity to light as 
measured by electroretinogram (ERG) amplitude is located 
in the optic lobe and suggest that the same pacemaker 
controls both the ERG amplitude and the activity rhythms. 
However, in other cases rhythms have been found to be 
regulated by pacemakers outside the nervous system. These 
include rhythmic secretion of cuticular layers in newly 
molted cockroaches, the release of sperm from the testis into 
the seminal ducts in gypsy moths, and the timing of ecdys- 
teroid release from the prothoracic gland of the cynthia 
moth, Samia cynthia. In each of these examples the rhythms 
were shown to persist im vitro in the absence of neural 
pacemaking structures. 

These results indicate that the distribution of circadian 
pacemaking centers may be widespread in insects. In support 
of this view, one recent study by Plautz and co-workers with 
Drosophila, in which the per promoter was coupled to the 
coding sequence for luciferase, indicated that rhythmic 
promoter activity could be detected in a variety of tissues, 
including the wing, leg, proboscis, and antennae maintained 
in isolation in tissue culture. 

The fact that the circadian system in the individual may 
be composed of several widely distributed oscillators raises 
the question of whether there is communication between 
component oscillators. In general the answer is uncertain. 
Work on cockroaches has shown that the bilaterally 
distributed oscillators in the two optic lobes are connected to 
one another (mutually coupled) and suggested that the 
coupling was relatively strong. In contrast, both in the beetle, 
Blaps gigas, and in crickets the data indicated that coupling 
between optic lobe pacemakers is either absent or weak. 
Coupling relationships among other oscillators have not yet 
been systematically explored. 


Photoreceptors for Entrainment 


Extraretinal photoreceptors are typically involved in 
entrainment of behavioral rhythms. The classical example is 
the silkworm, in which it was shown that the photoreceptor 
for entrainment of the eclosion rhythm resides in the brain. 
Brains were removed from silkworm pupae and were either 
replaced in the head region or transplanted to the abdomen. 
The pupae were then placed in holes in a partition that 
separated two chambers in which the light/dark cycles were 
out of phase. Whether the pupae entrained to the light cycle 
to which the anterior end of the pupae was exposed or 
entrained to the light cycle at the posterior end corresponded 
to the location of the brain. 


Additional evidence for extraretinally mediated entrain- 
ment of pacemakers that are located in the nervous system 
has been obtained in a variety of other insects, including 
other lepidopterans, dipterans, and orthopterans. In those 
instances in which there is evidence on the location of the 
photoreceptor, the brain appears to be the most likely site. 
However, more precise identification of the cells involved in 
the phototransduction has not been accomplished. 

Even though the compound eyes may not be necessary for 
entrainment, they may nevertheless participate. In 
Drosophila, for example, genetic lesions to the eyes or the 
phototransduction pathway can alter the entrainment 
pattern. Further, there are at least two insects, the cockroach 
and the cricket, in which the compound eyes appear to be the 
exclusive photoreceptors for entrainment because sectioning 
the optic nerves between the eyes and the optic lobe or 
painting over the compound eyes eliminated entrainment of 
the locomotor activity rhythm to light cycles. 

As noted above, there are several instances in which there 
is convincing evidence for circadian pacemakers outside the 
nervous system. In the case of the moth testis, since the 
rhythm measured 77 vitro responds to light, some cells in the 
testis-seminal duct complex must be photosensitive. 
Similarly, in the saturnid moth S. cynthia, the photoreceptor 
for entrainment of the pacemaker in the prothoracic glands 
appears to be in the gland itself. 


Signals to Communicate Timing Information 


Another important issue is how circadian oscillators impose 
periodicity on the various physiological and behavioral 
processes they control. A priori, several alternative mechanisms 
are plausible. Timing information within the individual 
could be represented by the level of a circulating hormone, 
impulse frequency in specific neural circuits, changes in 
general levels of neural excitability through neuromodulation, 
or, as the weight of the available evidence suggests, some 
combination of these mechanisms. 

There are a large number of studies that suggest that 
secretion of a variety of insect hormones, including ecdysone, 
prothoracicotropic hormone, and eclosion hormone, is under 
the control of the circadian system during development. The 
experiments involving the transplantation of the silkworm 
brain, described above, provide the clearest demonstration of 
a hormonal link in the control of behavior by the circadian 
system. The signal for the eclosion behavior is the eclosion 
hormone that is produced in neurosecretory cells located in a 
region near the midline of the brain, the pars intercerebralis, 
and released via the neurohemal organs, the corpora cardiaca. 
The release of the hormone triggers release of two other 
peptide hormones, pre-ecdysis-triggering hormone (PETH) 
and ecdysis triggering hormone (ETH). PETH and ETH act 
on the central nervous system to initiate a stereotyped 
sequence of behavior that ultimately results in the emergence 
of the adult moth from the pupal case. 


The role of humoral factors in the regulation of adult 
behaviors in insects (e.g., locomotor activity) is less clear. In 
cockroaches and crickets, the timing signal that originates in 
the optic lobe is transmitted to the brain via the optic tracts, 
and transmission from the brain to the activity centers in the 
thorax requires that the connectives of the ventral nerve cord 
be intact. Nerve impulse activity is rhythmic in both the 
optic tracts and the cervical connective. 

In summary, the mechanism by which circadian phase 
information is transmitted to behavioral effectors in insects is 
generally not well understood. The emerging picture is that 
temporal regulation of behavior involves a modulation of 
excitability in the central nervous system. Axonal connections 
between the brain and the lower elements of the central 
nervous system are clearly required for the maintenance of 
some behavioral rhythms (e.g., cockroach locomotor activity), 
whereas others appear to rely heavily on hormonal mecha- 
nisms (moth eclosion). An important step in understanding 
how temporal information is transmitted will be the 
identification of the signal molecules involved. 


MOLECULAR BASIS OF CIRCADIAN 
ORGANIZATION 


There has been remarkable progress in the past 15 years in 
identifying the molecular basis of circadian clocks in a variety 
of organisms. In animals, much of this progress has resulted 
from pioneering work with the fruit fly. In 1971 the first 
clock gene, the period gene, was discovered in a mutagenesis 
screen in D, melanogaster. A decade later the gene was cloned, 
paving the way for studies of the gene’s regulation. This work 
led to the discovery of several other genes in D. melanogaster 
that appear to be part of the clock mechanism, including 
those involved in entrainment. 


Molecular Basis of the Clock 


Four genes, the transcriptional regulators period (per), timeless 
(tim), cycle (cyc), and clock (clk), have been shown to be 
critical components for generating the basic circadian 
oscillation. Of the four, three, per, tim, and clk, are 
rhythmically expressed and circadian oscillations in both 
mRNA and protein levels are well documented. The fourth 
gene, cyc, is expressed at relatively constant levels throughout 
the day. Both CLK and CYC proteins are transcription 
factors that utilize basic helix-loop-helix domains to bind to 
E boxes, and both contain protein-protein interaction 
domains (PAS domains) that likely mediate the association of 
the two proteins with each other, thus forming heterodimers. 
The fundamental mechanism for generating the oscillation 
involves a transcription/ translation negative feedback loop. 
The basic loop is illustrated in Fig. 3. A heterodimer 
composed of CLK and CYC binds to promoters of per and 
tim, leading to an increase in transcription of these two genes 
that continues throughout the day. Levels of mRNA for the 
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FIGURE 3 Molecular model of the circadian pacemaker of Drosophila 
showing the proposed negative feedback loop of the oscillation. CLK and 
CYC heterodimers bind to E boxes of nuclear DNA promoting 
transcription of per and tim genes. TIM and PER proteins heterodimerize 
and are phosphorylated by DBT. The heterodimer enters the nucleus and 
inhibits the positive regulation by the CLK/CYC heterodimer. Light enters 
the system through CRY and promotes turnover of TIM and PER (modified 
from Dunlap, 1999). 


two genes peak in the early night. Protein products of these 
two genes increase as well, but peak levels of protein are 
delayed by several hours, peaking after the middle of the 
subjective night. PER and TIM themselves form a 
heterodimer, interacting through PAS domains. The 
heterodimer moves to the nucleus and functions as the 
negative element in the feedback loop, acting on the positive 
regulators CLK and CYC to suppress their activation of the 
per/tim promoters. This leads to a decline in the per and tim 
mRNA levels that continues throughout the night. The 
degradation of PER and TIM allows the cycle to start over. 

The time delay between mRNA synthesis and the 
accumulation of PER and TIM is likely to be a critical 
element in the generation of the oscillation. PER is unstable 
in the absence of TIM. The dimerization stabilizes PER and 
promotes nuclear entry. In addition, both PER and TIM are 
phosphorylated, probably through the action of a homolog 
of casein kinase identified as double-time (dbt). This 
phosphorylation appears to be involved in regulation of PER 
turnover. 


Mechanism of Entrainment 


In Drosophila, light acts to cause a rapid decrease in the levels 
of TIM, and because TIM stabilizes PER, PER levels also 
decline. In the late day and early night when levels of these 
proteins are increasing, their destruction delays the progress 
of the oscillation, whereas in the late night and early day PER 
and TIM levels are decreasing, and hastening their demise 
advances the oscillation. Interestingly, genetic ablation of the 
eyes or mutations in the visual phototransduction pathway, 
although reducing sensitivity of the circadian clock to light, 
do not block its entrainment. The altered sensitivity to light 
observed with mutations that affect the visual system 
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indicates that an opsin-based photoreceptor can contribute 
to entrainment of the circadian rhythm of locomotor activity, 
but the persistence of entrainment in these mutants 
implicates an extraretinal photoreceptor. Action spectra for 
entrainment have suggested a flavin-based photoreceptor. 
Cryptochrome (CRY), is a member of a family of flavo- 
proteins, which includes photolyases and plant blue-light 
receptors. A mutant allele of the cry gene disrupts normal 
light responses of the locomotor activity rhythm, whereas 
flies overexpressing CRY are hypersensitive to light pulses. 
Further, in the periphery, CRY is required for light- 
dependent TIM degradation. These results suggest that CRY 
is a central element in the phototransduction pathway for 
entrainment. 

The extent to which the molecular mechanisms detailed 
for Drosophila are applicable to other insects is not yet clear. 
However, there has been considerable progress in identifying 
homologous proteins in mammals, and although there are 
differences in detail, the basic framework of the oscillator 
seems to have persisted through the evolutionary process, 
giving confidence that the story will be broadly applicable to 
other insects as well. 


Output of the Molecular Clock 


The general supposition is that the clock ultimately regulates 
rhythms through the regulation of gene expression. This view 
is supported by the observation that there are several clock- 
controlled genes (CCGs) in Drosophila. However, at this 
point there are no examples in which a CCG has been linked 
directly to an overtly expressed physiological or behavioral 
rhythm, and this is an area of research that is likely to receive 
increased attention as researchers work to further elucidate 
the molecular details of the circadian system. 


See Also the Following Articles 
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aes have an open circulatory system. This means that 
the internal organs and tissues are bathed in hemolymph, 
which is propelled actively to all internal surfaces by 
specialized pumps, pressure pulses, and body movements and 
is directed by vessels, tubes, and diaphragms. Without such 
constant bathing, tissues would die. The internal organs and 
tissues depend on the circulatory system for the delivery of 
nutrients, both to carry away excretion products and as the 
chemical communication pathway by which hormone 
messengers coordinate development and other processes. So 
vital is this function that it can be equated to the umbilical 
cord of a human fetus during development (Fig. 1). 

Gas exchange in insects occurs via the tracheal system, 
which supplies all internal organs with tracheole tubules 
from spiracular openings in the body wall of terrestrial insects 
or from gill structures in aquatic insects. However, the 
hemolymph has the capacity to dissolve carbon dioxide gas in 
the form of bicarbonate ions. A few insects live in low oxygen 
environments and have a type of hemoglobin that binds 
oxygen at very low partial pressures, but for the most part 
oxygen is supplied and carbon dioxide is removed by 
ventilation through the tracheal system via the same system. 

Besides the functions already mentioned, the circulatory 
system provides a medium in which battles are fought 
between the insect host and a myriad of invading disease 
microorganisms, including viruses, bacteria, fungi, and insect 
parasites. Principal participants in these interactions are the 
blood cells or hemocytes. 





FIGURE 1 Delivery of the hemolymph to all tissues is so vital that a number 
of structures have evolved to ensure complete circulation including accessory 
pulsatile organs (APO), aorta (A), dorsal vessel (DV), dorsal diaphragm 
(DD), ostial valves (OS), and septa (S). Perfusion of the abdominal ventral 
nerve cord (N) is associated with a ventral diaphragm (VD). [Modified from 
Wigglesworth, V. B. (1972). “Principles of Insect Physiology.” 7th ed. 
Chapman & Hall, New York, London, with kind permission of Kluwer 
Academic Publishers. ] 


While maintaining the body tissues, the circulatory 
system is the medium in which homeostasis is ensured, 
including the regulation of pH and inorganic ions, as well as 
the maintenance of proper levels of amino acids, proteins, 
nucleic acids, carbohydrates, and lipids. Any change in the 
hemolymph immediately affects all organs bathed. The time 
for complete mixing of the hemolymph depends on the size 
of the insect, but it can be up to 5 min in a resting adult 
cockroach weighing about a gram. Any substance injected 
into a healthy insect will eventually appear at the extreme 
ends of all appendages in a few minutes, emphasizing the 
efficiency of the delivery mechanisms, which can be marvels 
of microhydraulic engineering. 


DORSAL VESSEL 


The principal organ of hemolymph propulsion is the dorsal 
vessel, or at least it is the most visible organ associated with 
hemolymph movement. By tradition, the abdominal portion 
of the dorsal vessel is called the “heart” and the thoracic and 
cephalic (head) portion the “aorta.” Both terms are borrowed 
from better-known vertebrate structures and give an 
inaccurate impression of the roles of those structures. 

The dorsal vessel, especially in the abdomen of insects, is 
suspended in the pericardial sinus, which is delimited by the 
dorsal cuticle and the dorsal diaphragm (when present). 
Contractions of the dorsal vessel operate against the pull of 
lateral connective tissues, which are responsible for dilating 
or opening the vessel (in diastole) following each contractile 
stroke (called systole or systolic contraction). In most larvae 
of holometabolous insects (insects that possess a pupal stage) 
and in most primitive insects, the dorsal vessel is a simple 
tube running from the rear of the abdomen to the head, 
where it becomes closely associated with the top of the 
foregut and then travels under and opens just underneath or 
in front of the brain. This arrangement ensures a constant 
supply of nutrients and removal of waste products to and 
from the brain mass. In addition, the dorsal vessel is often 
intimately associated with the retrocerebral nervous system 
(including the hypocerebral ganglion, corpora cardiaca, and 
corpora allata complex) just behind the brain, which may 
deliver neurohormones and possibly other hormones into the 
aorta by way of specialized release sites. 

The dorsal vessel has openings called ostia along the sides 
and ventral surfaces of each segment of the abdominal heart. 
The most common ostia allow the flow of hemolymph into 
the dorsal vessel and contain valves to prevent backflow. 
These are called incurrent ostia. Some insects have openings 
without valves through which the hemolymph moves 
constantly; these are called excurrent ostia and are common, 
for example, on the ventral side of the grasshopper heart, 
which also has a full complement of paired incurrent ostia 
associated with each segment in the abdomen. 

Occasionally, insects have structures that branch out from 
the dorsal vessel. In the American cockroach (Periplaneta 


Circulatory System 193 


americana) and some other orthopteroid insects (e.g., crickets 
and mantids) there are paired segmental vessels diverging 
from the heart laterally. In the cockroach, these vessels are 
simple sacs of connective tissue and have no inherent 
musculature, thus providing a simple channel to the lateral 
aspects of the pericardial sinus in the middle segments of the 
abdomen. These specialized vessels ensure lateral perfusion of 
the pericardial sinus in moderate to large insects. Lateral 
tubes and vessels are not known in small insects. 

The dorsal vessel is composed of muscle cells (collectively 
called the myocardium) that lie sometimes as opposed pairs and 
sometimes as spiral bands to form the cylinder of the dorsal 
vessel. The myocardium in all insects is spontaneously active, 
usually beginning in the embryonic stages. This type of heart 
is termed myogenic because the electrical activity underlying 
contractions arises in the myocardium itself. This is in contrast 
to a neurogenic heart present in, for example, crustaceans such 
as crabs and lobsters, in which a barrage of nervous impulses 
drives the heartbeat from a discrete cardiac ganglion center. 

In the pupae (and sometimes in resting adults) of 
holometabolous insects, the heartbeat exhibits reversal during 
which peristaltic contractile waves first push hemolymph 
from back to front (anterograde peristalsis) then at other 
times exclusively from front to back (retrograde peristalsis). 
Because heartbeat reversal is characteristic of even highly 
mobile mosquito pupae, reversal of hemolymph flow is 
thought to be an adaptation to an insect body that is rigid (the 
front end of a mosquito pupa is a rigid structure in which 
internal tissue and organs are undergoing drastic changes in 
shape to form adult structures, including the wings). 

Nervous stimulation or mechanical disturbance causes the 
anterograde pulsations to revert to retrograde peristalsis. 
Because substances that block nerve impulses can cause the 
anterograde peristalsis to disappear, nervous signals (possibly 
inhibitory signals) are assumed to be responsible for 
alternating between the two peristalsis conditions, with 
retrograde being the basic condition. 

Until recently, little was known about the innervation and 
control of heartbeat activity. Although the basal heartbeat 
rate of most insects is around 60 beats min! at room 
temperature and at rest (American cockroach and the locust, 
Locusta migratoria), the heartbeat of adult house flies (Musca 
domestica) is extremely unusual in that it fluctuates seemingly 
at random from over 300 beats min”! to zero regardless of 
activity of the insect, flying or at rest. 

The central nervous system of the adult house fly is 
composed of the brain and a thoracic ganglion mass. No 
ganglia are present in the abdomen. Because of this unusual 
anatomy, the dorsal vessel in the abdomen can be separated 
from all innervation from the central nervous system simply 
by cutting between the thorax and abdomen. After this 
operation, the heartbeat of the fly becomes quite regular at 
around 60 beats min’. This indicates that the house fly heart 
is innervated by both inhibitory and excitatory motor 
neurons from the central nervous system. Recently Ruthann 
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Nichols demonstrated inhibition caused by one or more 
neuropeptides in the fruit fly, Drosophila melanogaster. 


VENTRAL DIAPHRAGM 


The ventral diaphragm plays a prominent role in perfusing 
the ventral nerve cord of insects (Fig. 1). Nearly 40 years ago 
Glenn Richards surveyed the ventral diaphragms in insects 
and found that insects with a well-defined ventral nerve cord 
in the abdomen also had a well-developed ventral diaphragm. 
In contrast, insects with the ventral nerve cord condensed 
into a complex ganglion structure in the thorax invariably 
lacked a ventral diaphragm. This correlation suggests that the 
role of the ventral diaphragm is inexorably tied to perfusion 
of the ventral nerve cord in the abdomen. 

The thorax of most insects is so packed with muscles 
involved in locomotion that other tissues are greatly reduced. 
Thus, the foregut is a simple tube passing through a small 
opening in the middle of the thorax and a well-defined 
ventral diaphragm (if present) is reduced. When present, the 
ventral diaphragm loosely defines a perineural sinus below 
and the perivisceral sinus above containing the gut. 

In some insects, the ventral diaphragm is a strong muscular 
structure with a great deal of contractile activity. The activity 
of the ventral diaphragm is dictated by innervation from the 
central nervous system. In some large flying insects, the ventral 
diaphragm assists in hemolymph flow during thermoregu- 
lation by facilitating the removal of warm hemolymph from 
the hot thoracic muscles to the abdomen for cooling. 

The intimate association between the ventral diaphragm 
in insects and perfusion of the ventral nerve cord is 
strengthened by considering the structure in the American 
and Madeira (Leucophaea maderae) cockroaches that takes 
the place of a proper diaphragm. In these two insects, four 
strips of muscles are attached at the back of the thorax and 
inserted on the ninth sternite. This structure has been called 
the hyperneural muscle because it does not form a true 
diaphragm above the ventral nerve cord and therefore is 
given a distinctive name. The hyperneural muscle is attached 
near the back of each of the abdominal ganglia, and the 
muscles contract slowly but not in a rhythmic order. 

The hyperneural muscles are electrically inexcitable, 
which means that they do not contract myogenically, as the 
myocardium does, but instead are neurally driven by motor 
neurons located in the ventral ganglia. Thus each of the ventral 
nerve cords in these two cockroach species (2 americana and 
L. maderae) has its own muscle supply that pulls the ganglia 
back and forth along the midline of the abdomen upon 
demand. This entire structure is designed to increase the 
mixing and contact between the ganglia and the hemolymph. 


DORSAL DIAPHRAGM 


A cross section of the abdomen of insects reveals a pericardial 
sinus near the dorsal cuticle. The dorsal diaphragm can be a 


thin sheet of muscular tissue, or it can be fenestrated (Fig. 1). 
In most cases, there are muscles present in the diaphragm, 
which are called alary muscles because when vitally stained 
they give the appearance of “wings” projecting laterally from 
each abdominal segment of the dorsal vessel. The presence of 
paired alary muscles and paired ostia in each segment of the 
dorsal vessel in the abdomen reinforces the concept of 
“chambers” of the dorsal vessel in each abdominal segment. 

Although mistakenly sometimes thought to play a key role 
in heartbeat, the alary muscles are more properly called mus- 
cles of the dorsal diaphragm. Whereas the myocardium is spe- 
cialized to contract rapidly and constantly, the ultrastructure 
of the alary muscles is compatible with muscles that contract 
infrequently and slowly, having long sarcomeres and few 
mitochondria to provide only moderate amounts of energy. 

In some insects, such as the tsetse fly and some moths, the 
alary muscles of the vestigial dorsal diaphragm extend from 
lateral cuticular attachment to join the dorsal vessel in the 
abdomen, turn, and travel along the dorsal vessel for some 
distance. Where this occurs, it is more difficult to determine 
the role of such alary muscles in the heartbeat. 


ACCESSORY PULSATILE ORGANS 


Because the circulation of hemolymph is vital to all insect 
tissues, several intricate structures ensure circulation of 
hemolymph through the appendages. Collectively, these are 
termed the accessory pulsatile organs (APOs), but 
modifications to ensure circulation in the appendages also 
include diaphragms and directed channels. When present, 
APOs occur at the bases of wings, antennae, legs, and cercal 
appendages at the back of the abdomen. 

Early studies of the neuromusculature of the locust leg 
revealed a proximal bundle of muscles in the extensor tibia 
(jumping muscle) of the hind leg that exhibited rhythmic 
contraction. Amputating the hind leg of the grasshopper or 
locust very near the connection with the thorax, and 
attaching the femur to a convenient substrate with the tibia 
pointing straight up, demonstrates this rhythmic activity. 
After a delay of several minutes, the tibia will move back and 
forth spontaneously. 

A small patch of muscles (called a “leg heart”) near the 
coxal-trochanter—-femur joint generates rhythmic pulsations 
thought to assist in the movement of hemolymph in the large 
femur of the jumping leg. To ensure hemolymph supply to 
the entire leg, there is a delivery route out and a collecting 
route back. Movement of hemolymph in an open circulatory 
system may be assisted by gross movement of internal organs, 
such as contractile activity of the Malpighian tubules and of 
the mid- and hindgut. 


EXTRACARDIAC PULSATIONS 


First described in 1971, extracardiac pulsations of insects are 
the simultaneous contractions of intersegmental muscles, 


usually of the abdomen of insects, that cause a sharp increase 
in the pressure in the insect body. The amount of movement 
accompanying each pulse is too small to be seen, but it can 
be readily measured as a slight shortening or telescoping of 
the abdomen as measured from its tip. The extracardiac 
pulses should not be confused with larger overt movements 
of the abdomen, especially in bees and bumble bees, that 
accompany ventilation during times or high activity or 
exertion such as flight. 

Either the extracardiac pulsations occur in coordination 
with openings of certain of the spiracles, and therefore can 
play a role in ventilation, or they occur when all the spiracles 
are tightly closed, hence affecting hemolymph movement. 
The extracardiac pulsations become suppressed only in 
quiescent stages of insect development, such as during 
diapause, but they can be evoked immediately upon 
disturbance or stimulation. 

The extracardiac pulsations are driven by a part of the 
nervous system for which Karel Slama coined the name 
“coelopulse nervous system.” The pressures induced by 
extracardiac pulsations are 100 to 500 times greater than 
pressures caused by contractions of the dorsal vessel and are 
transmitted by the hemolymph throughout the entire body 
of the insect, influencing hemolymph movement at some 
distance from the dorsal vessel and APO structures. 


TIDAL FLOW OF HEMOLYMPH 


To keep body weight to a minimum, large flying insects 
decrease the amount of water in the hemolymph. The 
remaining amount of hemolymph is first delivered into the 
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thorax and directed into the wing veins. To make room for 
the hemolymph in the wing veins, an accompanying tracheal 
tube collapses as the hemolymph is pumped into the vein. 
Thus, the space in the wing veins is first taken up by 
hemolymph at the expense of air in the tracheal tube and 
then, as the hemolymph is pumped out, the air reenters the 
wing vein. Lutz Wasserthal called this periodic exchange of 
air and hemolymph a “tidal flow” of hemolymph. 

The entire circulatory system of the insect is recruited to 
operate the tidal flow of hemolymph in large flying insects. 
Thus both the dorsal vessel and the ventral diaphragm are 
recruited to direct the hemolymph in the proper direction 
during each tidal cycle. This implies a very sophisticated 
control mechanism that must operate from the central 
nervous system. 


THERMOREGULATION 


Before the extracardiac pulsations were reported and before 
the tidal flow of hemolymph had been described in insects, 
Bernd Heinrich wrote about the use of the hemolymph in 
thermoregulation of flying insects. The optimum temperature 
for flight muscle contraction in many insects, such as the 
tobacco hornworm, Manduca sexta, is surprisingly high, up 
to 45°C. Before this moth can fly, it must warm the thorax 
to near this temperature, which it accomplishes by means of 
a series of simultaneous isometric contractions of the 
antagonistic pairs of flight muscles that appear to the casual 
observer as “shivering,” or vibrations of the wings (Fig. 2). 

in the thoracic ganglia detects the 
proper temperature. When the thoracic temperature is below 
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FIGURE 2 Control of thoracic temperature by central nervous control of dorsal vessel contractions during external heating of the thorax (Heat). At the 


optimum temperature, hemolymph is pumped at maximum frequency and amplitude through the dorsal vessel to conduct heat from the thorax to the 


abdomen, where is it dissipated. [From Heinrich, B. (1970). Nervous control of the heart during thoracic temperature regulation in a sphinx moth. Science 
169, 606-607, Copyright 1970 American Association for the Advancement of Science.] 


196 Circulatory System 


optimum, the central nervous system signals the dorsal vessel 
to circulate hemolymph slowly. When the thoracic 
temperature rises above optimum, the central nervous system 
brings about maximal amplitude and rate of heartbeat to 
drive hemolymph through the thoracic muscles. The 
increased hemolymph flow pulls heat away from the flight 
muscles in the thorax and eventually delivers hot hemolymph 
to the abdomen, where the heat is dissipated. Then relatively 
cool hemolymph is redelivered to the thoracic muscles by the 
dorsal vessel, completing the thermoregulation cycle. 

The warm hemolymph is then delivered to the head and 
percolates back past the ventral ganglia in the thorax to the 
abdomen, where the heat is dissipated. The cooler 
hemolymph is then delivered again to the thorax. The dorsal 
vessel and the very strong ventral diaphragm in the tobacco 
hornworm act together to move hemolymph in this analogy 
to an automobile radiator. When the thorax is too warm, 
both the amplitude and the frequency of heartbeat 
contractions are increased, and the rate of delivery of 
hemolymph increases. When the thorax is too cool, 
amplitude and frequency of contraction of the dorsal vessel 
are decreased. The activity of the ventral diaphragm acts in 
concert with that of the dorsal vessel. 

Thermoregulation of the flight muscles of the tobacco 
hornworm implies a sophisticated nervous control. The 
overall nervous control can be easily demonstrated by severing 
the ventral nerve cord between the thorax and abdomen. 
When this is done, the moth can no longer thermoregulate 
because the feedback loop of temperature detection by the 
thoracic ganglia has been destroyed, and control over ventral 
diaphragm and dorsal vessel contractions has been lost. An 
extreme form of modified circulatory system to accommodate 
thermoregulation is shown in Fig. 3. 





AUTONOMIC NERVOUS SYSTEM 


The tidal flow of hemolymph, the extracardiac pulsations, 
heartbeat reversal, and thermoregulation all imply a very 
sophisticated control of circulation by the central nervous 
system. The central nervous system also plays a role in regula- 
tion of the respiratory system. It seems increasingly clear that 
the activities of circulatory and respiratory systems are 
coordinated by the central nervous system, perhaps to an 
extent not fully appreciated, but strongly implied by the tidal 
flow of hemolymph concept of Lutz Wasserthal. 

It would be convenient and satisfying to be able to point 
out a particular part of the central nervous system and related 
peripheral nerves in insects that might comprise this regu- 
latory system; however, outside existing evidence that the 
meso- and/or metathoracic ganglia play a major role in certain 
of these functions, entomologists know of no such discrete 
structure or structures, possibly because these interregulatory 
functions have been undertaken by different parts of the 
nervous system in different insects. It is known that insects 
have a number of regulatory mechanisms that can be recruited 
to achieve such control, from motor and sensory neurons to 
neurosecretory neurons to neurohormonal organs located all 
over the insect hemocoel. 


See Also the Following Articles 
Hemolymph ¢ Immunology Respiratory System e 
Thermoregulation 
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FIGURE 3 Circulation under precise nervous control of the dorsal vessel (DV) keeps the flight muscles (red) warm in the noctuid winter moth with the aid 


of two strategically placed countercurrent heat exchangers (TE and AE). [Modified from Heinrich, B. (1987). Thermoregulation in winter moths. Sci. Am. 


256, 104-111. Illustration by Patricia J. Wynne.] 
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Cocoon 


Frederick W. Stehr 
Michigan State University 


[aes is commonly believed to be the silken protective 
covering within which the caterpillars of many moths 
and a few butterflies pupate. Other orders of insects also spin 
silk and form cocoons, including Siphonaptera (fleas), 
Hymenoptera (ants, bees, and wasps), Neuroptera (lacewings 
and antlions), and Trichoptera (caddisflies). 

Lepidoptera cocoons can be very thick and tough, such as 
that of the silkworm, Bombyx mori, or they can be limited to 
a relatively few strands of silk that keep the pupa from falling 
or that hold materials together to form a shelter. Cocoons such 
as those of the silkworm are composed of a single continuous 
strand of silk that is unwound in commercial silk production. 
Other lepidopteran cocoons may also be composed of a 
single strand, but the strand is usually intertwined in a way 
that is very difficult to unwind. 

There are many kinds of lepidopteran cocoons. Some are 
formed from substrate materials held together by silk, others are 
so tough and juglike that they have a special escape lid woven 
at the end for the emergence of the adult (slug caterpillars, 
Limacodidae). Some lepidopterans such as the cecropia moth, 


Cocoon 197 


Hyalophora cecropia (Saturniidae), spin an elongate cocoon 
with a one-way escape hatch at the end. The tent caterpillars, 
Malacosoma (Lasiocampidae), spin a complete cocoon that is 
infused with a yellow or whitish powder that can be irritating 
to predators. Emergence is accomplished by secretion of a 
fluid that softens and dissolves part of the cocoon. Many 
woollybear caterpillars (Arctiidae) incorporate the caterpillar’s 
spiny setae (which can also be irritating) into the cocoon. 

Emergence from a pupa in the soil is usually by the adult 
crawling upward and often occurs after a rain softens the soil. 
Other adults emerge by cutting or forcing their way through 
the wall of the cocoon with sharp structures on the pupal 
head that are moved by the adult inside the pupal skin. 
Generally, if the pupa is capable of forward movement, it 
only partially protrudes from the cocoon, because it is held 
in place by forward-projecting spines near its rear that anchor 
it within the cocoon, enabling the adult to pull out of the 
pupal skin more easily. 

Caterpillars that live in bags or cases attach the bag firmly 
with silk to the host (or some other substrate) and pupate 
within these structures. Winged male bagworms (Psychidae) 
emerge from the bag but the females of most species are 
wingless and remain inside the bag where they are fertilized by 
the males’ insertion of their long abdomens into the open end 
of the bag. Females usually lay their eggs inside the bag and die. 

Hymenopteran cocoons are highly variable in appearance, 
ranging from the tightly spun cocoons of some parasitic 
ichneumonid wasps that are suspended on a long silken thread 
to the more loosely spun cocoons of some braconid wasps 
such as those found clustered on the outside of caterpillars 
(Fig. 1). Ants also spin cocoons. When ant nests are opened, 
many ants rush off carrying larvae and cocoons (the larger, 
smoother objects that look like short hotdog buns and are 
thought to be eggs by some). Sawfly larvae spin cocoons that 
are similar to ant cocoons, and most bee and wasp larvae spin 
cocoons inside the cells provided by the adults. 

Flea (Siphonaptera) larvae spin cocoons covered with debris 
in areas where the larvae have been feeding. Lacewing larvae 





FIGURE 1 Multiple parasitic wasp cocoons (Braconidae) formed by larvae 


after emerging from the slug caterpillar, Lithacodes fasciola. (Photograph by 
David J. Wagner, University of Connecticut.) 
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(Neuroptera: Chrysopidae) spin tight, egg-shaped cocoons in 
some snug spot near where they have been feeding. Caddisfly 
larvae (Trichoptera) are aquatic; many use their cases made of 
silk or materials spun together with silk as cocoons by 
attaching them to the substrate and sealing off the ends. 


See Also the Following Articles 
Caterpillar « Larvae Pupa and Puparium 





Codling Moth 


Stephen C. Welter 
University of California, Berkeley 


C odling moth, Cydia pomonella (Fig. 1), is a key insect pest 
of apples, pears, and walnuts nearly worldwide. Codling 
moth acquired its name because of its attacks on a greenish, 
elongated English cooking apple referred to as a “codling” 
apple. The codling moth was noted to be a pest in Europe as 
early as 1635, well before the development of large-scale 
planting of apples or pears; the first report of codling moth 
in the United States was in 1750. 


IMPORTANCE AND DAMAGE 


Codling moth spread from its presumed site of origin in 
Eurasia, along with the cultivation of its hosts, particularly 
apples; other agricultural hosts include quince, apricot, 
plum, peach, and nectarine, although codling moth is less of 
a problem in these crops. Damage results from shallow 
feeding wounds that cause scarring of the fruit, from direct 
feeding damage to the fruit pulp or seeds, or from indirect 
contamination of the fruit by larval feces. 


LIFE HISTORY 


Codling moth has between one and four generations per 
year, depending on temperature and other climatic factors. 





FIGURE 1 Codling moth (Cydia pomonella). (Photograph by Mark 
Skevington, Whetstone, Leicestershire, U. K.) 


Adult codling moth females lay single eggs on the fruit or 
leaves of their host. Although some larvae feed on the surface 
of the fruit, most larvae bore directly into the fruit within 24 
h, continue to feed briefly under the surface of the skin, and 
then move through the flesh of the fruit to feed on the seeds. 
There are five larval instars. Mature larvae exit the fruit and 
most frequently pupate under the bark. As daylength 
shortens with the approach of winter, mature fifth instars spin 
overwintering cocoons under bark, in debris, or wood fruit. 
The mature larvae spend the winter in a state of arrested 
development until spring conditions trigger development. 


MANAGEMENT 
Insecticides 


Management of codling moth populations in orchards 
traditionally has relied on synthetic pesticides. Although 
newer, more selective pesticides provide effective control of 
codling moth, older pesticides have been associated with 
nontarget environmental and human health risks. In 
addition, the evolution of resistance in codling moth to many 
different groups of insecticides (the chlorinated hydrocarbons, 
organophosphates, carbamates, pyrethroids, and newer insect 
growth regulators) has made the long-term reliance on these 
compounds more problematic. 


Pheromone Mating Disruption 


A recent alternative to insecticides relies on the disruption of 
codling moth mating using sex pheromones. Artificial emitters 
of the female attractant interfere with the male’s ability to find 
females. The most common dispensers are variations on dif- 
ferent reservoir designs, which are tied or placed in orchard 
tree canopies. Synthetic pheromone from these emitters then 
permeates the orchard canopies. Although the exact mech- 
anisms explaining this approach are unclear, program efficacy 
has been demonstrated in almost all growing regions of the 
world. However, mating disruption is often not efficacious 
initially in orchards with high pest densities, so that some use 
of conventional insecticides may be required. Mating disrup- 
tion has been widely implemented in some areas such as the 
western United States, where up to 40 to 50% of the pear and 
apple acreage (e.g., in northern California) uses this technique. 


Biological Control 


Although management of codling moth based on control by 
natural enemies has proven elusive, significant reductions in 
population densities have been made by using both native 
and introduced natural enemies of codling moth. One of the 
more thoroughly studied natural enemies in North America, 
Europe, or the former Soviet Union is the Trichogramma egg 
parasitoid. Large numbers of these minute wasps are 
periodically released into an orchard to seek out and kill the 


has built the basis for a theory of 
generalized complex orthogonal designs. 

Generalized complex orthogonal designs 
are distinguished from Alamouti code by 
the following 


* A non-square transmission matrix 
(number of used time slots # number 
of Tx antennas) 

@ A fractional code rate (number of 
transmitted symbols < number of 
used time slots) 

* Orthogonality of the transmission 
matrix is only guaranteed in the time 
sense. 


As a consequence of these characteristics, 
the spectral efficiency is reduced and the 
number of time slots over which the 
channel should be constant is increased. 


The transmission matrix of a generalized 
complex space-time code with 3 antennas, 
4 transmitted symbols and 8 used time 
slots is given by [5] 
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In the literature, more research was done 
to increase the rate of the space-time codes. 
For more details refer to [6]. 

Table 1 summarizes the difference 
between Alamouti and space-time code 
characterized by the transmission matrix 
G3. 

These shown coding schemes can be 
transmitted in the space-time domains, 
space-frequency domains or in space- 


frequency-Time domains. These coding 
schemes are thus known as ST, SF, and 
STF coding, respectively [7]. 


2.1.3 Cyclic Delay Diversity (CDD) 


CDD can be considered as a very simple 
transmit diversity scheme. CDD can 
achieve transmit artificial frequency 
diversity by selecting appropriate transmit 
delays. In this method, multiuser diversity, 
obtained by scheduling based on 
frequency domain channel response, can 
be improved by adjusting the delay spread 
(at the transmitter) which is done by 
controlling the delay values dependent on 
the channel condition [8], [9]. 


2.2 Space Diversity at the 
Receive Side 


In space diversity at the receive side, 
multiple antennas are used in the receiver 
with sufficient spacing between antennas 
in such a way mutual correlation between 
antennas is reduced and as consequence 
diversity gain is increased [10]. To get 
diversity gain at the receiver, received 
signals from different antennas are 
combined. There are four combining 
methods, namely, select combining (SC), 
maximal-ratio combining (MRC), equal- 
gain combining (EGC), and square-law 
combining. The first three schemes are 
linear while the last requires a non-linear 
receiver. 


Fig. 5 shows a simplified block diagram 
of the linear combining schemes which 
differ in the weighting vector w. In SC, the 
signal at the branch with maximum signal 
to noise ratio (SNR) is selected and other 
received signals are discarded. 

The weighting vector w = (W, Wo, ..., 
wm) is the N” column of the identity 
matrix of size M where the N” branch has 
the maximum SNR. 


eggs of codling moth. The eggs of Trichogramma are laid into 
the eggs of codling moth; the death of the egg occurs as the 
Trichogramma larvae develop. Other parasitoids that attack 
larval or pupal stages have also been introduced or accidentally 
released into new regions, including Pimpla pterelas and 
Ascogaster quadridentata. However, parasitism levels rarely 
reach more than 5%, except for some regions in central Asia 
where levels are as high as 50%. Nonspecialized parasitoids of 
egg, prepupal, or pupal stages comprise the majority of the 
natural enemies in North America; more specialized larval 
parasitoids are found in Europe and Central Asia. 

General predators such as birds, predaceous insects, and 
spiders have been reported as suppressive agents of codling 
moth; these include woodpeckers, carabid beetles, and mirid 
bugs. 

Although codling moth is susceptible to several diseases, a 
granulosis virus that can be applied in water, similar to 
insecticide applications, can cause significant reductions in 
codling moth densities. However, problems with production, 
formulation, and the short residual activity of the virus restrict 
its usage. Some reductions in codling moth populations also 
have been associated with applications of the bacterium 
Bacillus thuringiensis, but its efficacy is limited. 


See Also the Following Articles 
Agricultural Entomology ¢ Biological Control of Insect Pests 
Integrated Pest Management ¢ Pheromones 
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he term “coevolution” usually refers to the joint evolution 
of two or more species or genomes, owing to interactions 
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between them. These interactions include interspecific com- 
petition, mutualism, and interactions between “consumers” 
and “victims” (encompassing predator/prey, herbivore/plant, 
and parasite/host relationships), as well as other interactions 
such as mimicry. Although it is often difficult to prove that 
true coevolution has occurred, it has probably had profound 
effects on the diversity of organisms and the evolution of 
their characteristics. Insects have figured prominently in 
research on coevolution. 


CONCEPTS OF COEVOLUTION 


Coevolution refers to several processes. One possible form of 
coevolution is cospeciation, the coordinated branching 
(speciation) of interacting species (such as host and parasite). 
To the extent that this has occurred, concordant (or 
matching) phylogenies of host and parasite clades (or 
evolutionary lines) would be expected. Cospeciation might 
be caused by the interaction between species, but it could 
also result from a joint history of geographic isolation, 
assuming that divergence and reproductive isolation evolve at 
similar rates in the two groups. Concordance of the two 
phylogenies implies a longer history of association, and of 
opportunity for reciprocal adaptation, than, for example, 
when parasites or symbionts have frequently switched from 
one host to another. Host switching can be inferred from 
certain patterns of discordance between host and symbiont 
phylogenies. Both cospeciation and host switching have been 
revealed in herbivorous insects, symbiotic bacteria, and 
parasites. For example, lice associated with gophers and with 
certain seabirds appear to have cospeciated to a considerable 
extent, and endosymbiotic, mutualistic bacteria (Buchnera) 
display almost complete phylogenetic concordance with their 
aphid hosts, from the family level down through relationships 
among conspecific populations. 

In its most frequent usage, coevolution refers to genetic 
changes in the characteristics of interacting species resulting 
from natural selection imposed by each on the other—i.e., 
reciprocal adaptation of lineages to each other. Such changes 
are referred to as specific or pairwise coevolution if the 
evolutionary responses of two species to each other have no 
impact on their interactions with other species. Diffuse or 
guild coevolution occurs when the genetic change in at least 
one species affects its interaction with two or more other 
species. For example, cucumber genotypes with high levels 
of the chemical cucurbitacin have enhanced resistance to 
mites but also enhanced attractiveness to cucumber beetles; 
this is an instance of a negative genetic correlation in 
resistance. Early season attack by flea beetles makes sumac 
plants more susceptible to stem-boring cerambycid beetles, 
and so resistance to the former would also reduce the impact 
of the latter. 

In one of the seminal papers on coevolution, Ehrlich and 
Raven postulated in 1964 what has since been named “escape 
and radiate” coevolution—a process in which evolutionary 
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changes temporarily reduce or eliminate the ecological 
interactions between species. Applying this concept to plants 
and herbivorous insects, Ehrlich and Raven postulated that 
in response to selection by herbivores, a plant species may 
evolve new defenses that enable it to escape herbivory and to 
flourish so well that it gives rise to a clade of descendant 
species with similar defenses. At some later time, one or more 
species of herbivores adapt to the defenses and give rise to an 
adaptive radiation of species that feed on the plant clade. In 
this scenario, the evolutionary diversification of both 
herbivores and plants is enhanced by their interactions. 

Despite a common misconception, coevolution need not 
promote stable coexistence of species, and it certainly need 
not enhance mutual harmony. For example, parasites may 
evolve to become more virulent or less, depending on their 
life history. The Darwinian fitness of a genotype of parasite is 
measured by the average reproductive success of an 
individual of that genotype. Extracting more resource from a 
host, thereby reducing its chance of survival, often enhances 
the parasite’s reproductive success, as long as the parasite 
individual, or its offspring, can escape to new hosts before the 
current host dies. Evolution of the parasite, by individual 
selection, may result in such high virulence that the prey or 
host population is extinguished. Extinction of prey popula- 
tions does not alter the relative fitnesses of individual parasite 
genotypes and so does not select for reduced virulence. 
However, group selection may favor lower virulence or profi- 
ciency. If populations of more virulent parasites suffer higher 
extinction rates than less virulent populations, the species as 
a whole might evolve lower virulence. Although individual 
selection is likely to be stronger than group selection in most 
species, the population structure of some parasites may 
provide an opportunity for group selection to affect their 
evolution. 


COEVOLUTION OF COMPETING SPECIES 


Darwin argued that competition is an important agent of 
natural selection for adaptation to different habitats or 
resources by different species. Indeed, a common theme in 
community ecology is that coexisting species differ in food or 
other components of their ecological niches and that such 
differences are ordinarily necessary for species to coexist in 
the long term. 

Quantitative genetic models of the evolution of 
competitors assume that in each of two or more species, a 
heritable, continuously varying trait, such as an animal’s 
body size or mouth size, determines the mean and variance 
of resources (e.g., size of prey) consumed. Because 
competition for limiting resources decreases an individual’s 
fitness, genotypes of species 1 that use a resource different 
from that used by species 2 are likely to increase in frequency, 
so that the mean phenotype (and resource use) shifts away 
from that of the other species. At evolutionary equilibrium, 
the species will still overlap in resource use to a greater or 


lesser extent, depending on the abundance of different 
resources, but the variance in each (the breadth of resources 
used) is likely to be lower than in a solitary species. Three or 
more species may evolve differences from each other in 
phenotype (e.g., size) and resource use. Such coevolutionary 
changes should promote coexistence. However, if 
competition between species is asymmetrical (e.g., if larger 
individuals reduce the fitness of smaller ones more than the 
converse), a species may converge toward the other, use its 
resources, and “chase” it to extinction. 

Considerable evidence, mostly from vertebrates, supports 
this coevolutionary theory. For example, closely related 
sympatric species of Darwin's finches, woodpeckers, and 
some other animals each use a narrower variety of food types 
or microhabitats than do species that occur singly on islands. 
Evidence for evolutionary response to competition is 
provided by some instances of character displacement—a 
greater difference between two species where they occur 
together than where each occurs alone. Some lakes left by 
retreating glaciers in northwestern North America are 
inhabited by a single species of stickleback fish (Gasterosteus 
aculeatus complex), which feeds both near the bottom and in 
open water. In other lakes, two coexisting species have 
evolved. Relative to the solitary form, the coexisting species 
have diverged and specialized in morphology and behavior: 
one feeds on benthic prey and the other on plankton. Experi- 
ments have shown that competition among similar 
phenotypes reduces growth of juveniles more than among 
dissimilar phenotypes. In one of the few cases of ecological 
character displacement reported for insects, sympatric 
beetles 
(Scarabaeidae: Chalcosoma) overlap less in altitudinal range 


populations of two species of rhinoceros 
and differ more in size than allopatric populations. However, 
it has not been shown that these differences stem from 
competition for resources. 

Coevolution of competitors may explain some patterns in 
community structure. For example, differences in body size 
or trophic structures among sympatric pairs of species of 
bird-eating hawks, carnivorous mammals, and seed-eating 
Galapagos finches are greater than if the species had been 
assembled at random. In a remarkable example of 
coevolutionary consistency, ecologically and morphologically 
equivalent sets of species of Anolis lizards have evolved 
independently on each of the four islands of the Greater 
Antilles. 


COEVOLUTION OF CONSUMERS AND VICTIMS 


We might expect predators and prey, herbivores and plants, 
and parasites and their hosts to evolve in an “arms race,” 
whereby the victim evolves ever greater resistance, defense, or 
evasion, and the consumer evolves ever greater proficiency in 
finding and attacking the victim. However, the coevolu- 
tionary dynamics may be more complex than this, because of 
factors such as costs of adaptation and diffuse coevolution. 


Considerable evidence supports the assumption that greater 
elaboration of a defensive or offensive feature imposes costs 
resulting from the character’s interfering with another function 
or simply from the energy required for its development. 
The population dynamics and the course of character 
evolution depend on many parameters and are often sensitive 
to starting conditions. An indefinitely extended arms race or 
escalation of the two species’ characters is unlikely, because the 
cost of a sufficiently elaborated character eventually exceeds 
its benefit. Rather, the characters of both the prey and the 
predator may evolve to an intermediate stable state. Perhaps 
counterintuitively, species may become less proficient in 
attack or defense; for instance, a prey species may evolve a 
lower level of defense if it is so well defended that the 
predator becomes rare and thus becomes a weaker agent of 
selection than the energetic cost of defense. In some models, 
both the population densities and the character means of 
both species may change indefinitely, either in stable limit 
cycles or chaotically, and may even result in extinction. 
When the consumer feeds on multiple species of victims, 
or a victim is attacked by multiple consumer species, diffuse 
coevolution may affect the outcome. For example, if there 
exists a negative genetic correlation between a host’s resistance 
to different species of parasites, then resistance to each carries 
a “cost,” selection will vary in time and space, depending on 
the relative abundance of the two parasites, and resistance to 
each parasite is constrained. Diffuse coevolution can be very 
difficult to document and might often be sluggish. Because 
prey species have characteristics (e.g., cryptic coloration, dis- 
tastefulness, speed of escape) that provide protection against 
many species of predators, and predators likewise have 
characteristics that enable them to capture and handle many 
prey species, changes in the relative abundance of different 
predators (or prey) may not greatly alter selection. During 
the “Mesozoic marine revolution,” lineages of crustaceans 
and fishes capable of crushing hard shells evolved, and many 
groups of molluscs evolved features (e.g., thicker shells, 
spines) that made them more difficult to crush. Surely these 
changes reflect diffuse coevolution, but our inability to 
ascribe changes in any one species to changes in any other 
one species makes it hard to discern a coevolutionary process. 


Predators and Prey 


Geographic variation in the identity and strength of inter- 
actions among species provides some of the best evidence of 
coevolution. For example, the shape of the cones of lodgepole 
pine (Pinus contorta) differs among populations, depending 
on whether its major seed predator, the red squirrel 
(Tamiasciurus hudsonicus), is present or absent. In mountain 
ranges without red squirrels, red crossbills (Loxia curvirostra 
complex) are abundant seed predators. In these areas, the 
pine has evolved modifications of the cone that reduce seed 
extraction by this species of bird, and the shape and size of 
the crossbill’s bill have evolved to enhance seed extraction. 
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Such evidence of coevolution, however, is rare, compared with 
evidence of unilateral adaptation. For example, Mediterranean 
populations of the braconid parasitoid Asobara tabida have 
higher “virulence” (capacity to survive host defenses) than 
northern European populations. Although one of its hosts, 
Drosophila melanogaster, shows a somewhat parallel geographic 
pattern in defense, the cline in Asobara appears to be most 
parsimoniously explained not by coevolution, but by the fact 
that D. melanogaster, its major host in the south, has stronger 
defenses than the major northern host, D. subobscura. 


Parasite—Host Interactions 


The evolution of interactions between hosts and parasites 
(including pathogenic microorganisms) can differ from 
predator—prey interactions in several respects. Whereas 
improvement in a predator or prey trait (such as size or 
fleetness) is likely to enhance fitness regardless of the specific 
genotype in the opponent species, parasite—host interactions 
are more likely to be affected by “gene-for-gene” interactions, 
in which each allele for host resistance is matched by a para- 
site “virulence allele” that enables the parasite to overcome 
resistance. Such gene-for-gene relationships have been 
described for several plant—fungus interactions and for the 
relationship between the Hessian fly (Cecidomyiidae: 
Mayetiola destructor) and resistant genotypes of wheat. 
Selection in gene-for-gene systems may be frequency- 
dependent: as a parasite allele that matches the most 
common host allele increases in frequency, rare host alleles 
acquire a selective advantage by conferring resistance against 
most of the parasites and so increase in frequency and 
initiate selection for a currently rare virulence allele. The 
genetic composition of local populations is likely to differ 
at any one time, because these oscillatory genetic dynamics 
may be out of phase unless the populations are connected by 
high gene flow. Geographic variation in genetic composition 
has been reported for trematodes and snails, trematodes and 
fish, microsporidians and Daphnia, and fungal parasites and 
plants. In most of these parasite—host pairs, populations of 
the parasite are best adapted to their local host populations, 
suggesting that the parasites adapt faster than their hosts. 
The fitness of a parasite genotype may be approximately 
measured by the number of potential hosts it infects, com- 
pared with other genotypes. Often, the rate of transmission 
to new hosts is proportional to the parasite’s reproductive 
rate, which in turn often (though not always) determines the 
parasite’s virulence to the host. For example, the probability 
that progeny of a virus are transmitted by a mosquito is a 
function of the density of viral particles in the host’s blood. 
However, the probability of transmission is reduced if the host 
dies too soon, i.e., if the parasites die before transmission. Such 
conflicting factors result in an evolutionary equilibrium level 
of virulence that is determined by several factors, especially 
the mode of transmission. If transmission is “vertical,” i.e., 
only to the offspring of infected individuals, then parasite 


202 Coevolution 


fitness is proportional to the number of surviving host 
offspring, and selection favors benign, relatively avirulent 
parasite genotypes. If transmission is “horizontal,” i.e., 
among hosts of the same generation, the equilibrium level of 
virulence is likely to be higher, because (a) an individual 
parasite’s fitness does not depend on successful reproduction 
of its individual host and (b) the likelihood is higher that an 
individual host will be infected by multiple parasite 
genotypes that compete for transmission to new hosts. As 
predicted by this theory, among species of nematodes that 
parasitize fig wasps (Agaonidae), those that are mostly 
horizontally transmitted cause a greater reduction of their 
hosts’ fitness than those that are vertically transmitted. 


Herbivores and Plants 


Most of the many thousands of species of herbivorous insects 
are fairly or highly specialized, feeding on closely related 
species—sometimes just a single species—of plants. At a 
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proximal level, this specificity is largely the result of 
behavioral responses to plant features, especially the many 
“secondary chemicals” that distinguish plant taxa. Insects 
often react to compounds in nonhost plants as deterrents to 
oviposition or feeding and to certain compounds in host 
plants as stimulants. Phytochemicals may not only deter 
feeding but also reduce insect fitness by acting as toxins or 
interfering with digestion. It is generally thought that 
chemical and other differences among plants select for host- 
specificity in insects, on the supposition that physiological 
costs impose trade-offs among adaptations to different plant 
characteristics; however, only a minority of genetic and 
physiological studies has supported this hypothesis. Other 
proposed advantages of host specificity include use of specific 
plants as rendezvous sites for mating, greater efficiency of 
finding hosts, and predator escape by several means, such as 
sequestering defensive plant compounds. 

Phylogenetic studies show that associations between some 
insect clades and plant clades are very old, often dating to the 
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FIGURE 1 (a) Phylogenies, based on DNA sequence data, of leaf beetles in the genus Op/raella (left) and their host plants (right). Arrows join each beetle species 
to its host plant. Different shading patterns represent the four tribes of Asteraceae into which the host plants fall; the shading of branches is a parsimonious 


inference of the tribes with which ancestral Ophraella lineages were associated. Note that most host shifts associated with beetle speciation have been between 


plants in the same tribe. The incongruence between the phylogeny of the insects and that of their host plants is one of several indications that the beetles and 
plants did not cospeciate. These plant lineages represent only a few of the tribes of Asteraceae and of the genera within each tribe. [After D. J. Funk et al. 
(1995). Evolution 49, 1008-1017. The Society for the Study of Evolution.] (b) The leaf beetle O. sexvittata, which feeds on Solidago species, tribe Astereae. 


(Original illustration by author.) 


early Tertiary and in some cases to the Cretaceous or even 
Jurassic. Nevertheless, only a few instances of cospeciation 
and phylogenetic concordance have been described. In most 
cases, much of the speciation within an insect clade has 
occurred after the host plants diversified, but new species 
have shifted to plant species closely related to the ancestral 
host (Fig. 1). That these host shifts have been facilitated by 
chemical similarity of related plants is supported by instances 
in which phylogenetic relationships among insect species 
(e.g., Blepharida flea beetles, melitaeine butterflies) more 
closely match the hosts’ chemical similarities than 
phylogenetic relationships. Patterns of genetic variation in 
the ability of host-specific Ophraella leaf beetles to feed and 
develop on nonhost plants, all within the Asteraceae, 
indicated greater genetic potential to adapt to those plants 
that were most closely related to the insect’s normal host. 

Although physiological, morphological, behavioral, and 
phenological adaptations of insects to host plants are many 
and obvious, demonstrating that plant characters have 
evolved because of selection for their defensive functions has 
been more difficult. Many chemical and morphological fea- 
tures of plants have the effect of reducing attack or damage by 
some or many insect species, but some authors have argued 
that they actually evolved for physiological reasons or as 
defenses against mammalian herbivores rather than insects. 
However, both phytochemicals (e.g., furanocoumarins) and 
morphological features (e.g., trichomes) have been shown to 
determine fitness differences among genotypes due to their 
effect on insect herbivores, and the distribution of many 
plant compounds among tissues conforms to what we should 
expect if they were adaptively deployed defenses. Still, there 
have been few demonstrations of adaptive geographic 
variation in plant defenses in relation to the abundance or 
identity of particular herbivorous insects. In one of the few 
examples of probable coevolution at the population level, 
populations of wild parsnip (Pastinaca sativa) have diverged 
in their profile of toxic furanocoumarins, and parsnip 
webworms (Depressaria pastinacella) are adapted to their local 
host population. 

Ehrlich and Raven’s escape-and-radiate model of 
coevolution between plants and herbivorous insects has 
found some support. Most lineages of plants that have 
independently evolved latex or resin canals (potent deterrents 
to most insects) are richer in species than their canalless sister 
groups, supporting the hypothesis that new plant defenses 
enhance the rate of diversification. Likewise, herbivorous 
clades of insects are generally more diverse than their 
nonherbivorous sister groups. Clades of phytophagous 
beetles that are thought to be primitively associated with 
gymnosperms have fewer species than sister taxa that have 
shifted to angiosperms, perhaps because the latter are so very 
diverse. The diversity of several moth taxa that feed on 
Apiaceae with presumably “advanced” chemical defenses is 
greater than that of those that feed on Apiaceae with 
“primitive” defenses, paralleling the differences in plant 
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diversity, but phylogenetic analysis is needed to confirm that 
the diversification rate has been enhanced by novel plant 
defenses and insect counteradaptations. 


EVOLUTION OF MUTUALISM 


In mutualistic interactions between species, each species uses 
the other as a resource. That is, each exploits the other, and 
the degree of exploitation may determine whether an 
interaction is mutualistic or parasitic. Mutualisms include 
interactions both between free-living organisms, such as 
plants and pollinating animals, and between symbionts, one 
of which spends most of the life cycle on or in the other. 
Microbes are partners in many symbiotic mutualisms. 
Mutualists often have adaptations for encouraging the 
interaction or even nurturing the associate, such as foliar 
nectaries in plants, which attract ants that defend the plants 
against herbivores, or the root nodules of legumes, which 
house and nourish nitrogen-fixing rhizobial bacteria. In some 
intimate symbioses, the symbiont functions as an organ or 
organelle, as in the case of host-specific bacteria that reside 
within special cells in aphids and supply essential amino acids 
to their host. 

For each mutualist, the interaction has both a benefit and 
a cost. Legumes, for example, obtain nitrogen from rhizobia, 
but expend energy and materials on the symbionts. Excessive 
growth of the rhizobia would reduce the plant’s growth to the 
point of diminishing its fitness. Likewise, excessive 
proliferation of mitochondria or plastids, which originated as 
symbiotic bacteria, would reduce the fitness of the eukaryotic 
cell or organism that carries them. Thus, selection will always 
favor protective mechanisms to prevent overexploitation by 
an organism’s mutualist. Whether selection on a mutualist 
favors restraint depends on how much an individual’s fitness 
depends on the fitness of its individual host. When a 
mutualist can readily move from one host to another, as 
pollinating insects can from plant to plant, it does not suffer 
from the reproductive failure of any one host, and selfishness 
or overexploitation may be favored. For example, many 
pollinating insects “cheat.” The larvae of yucca moths 
(Tegeticula) feed on developing yucca seeds in flowers that 
their mothers actively pollinated. However, several species of 
Tegeticula have independently lost the pollinating behavior, 
having evolved the habit of ovipositing in flowers that other 
species have already pollinated. Moreover, the pollinating 
species lay only a few eggs in each flower, so that the few 
larvae do not consume all the developing seeds. This 
reproductive restraint has evolved in response to a defensive 
tactic of the plant, which aborts developing fruits that 
contain more than a few eggs. However, the “cheater” species 
of Tegeticula circumvent the plant’s defense by laying eggs 
after the developmental window for fruit abortion, and they 
lay so many eggs that the larvae consume most or all of the 
seeds. Deception and cheating has also evolved in some 
plants, such as orchids that provide no reward to the naive 


204 Cold/Heat Protection 


bees that visit them; other orchids mimic the female sex 
pheromone of an insect species, the males of which effect 
pollination by “copulating” with the flower. 

Vertical transmission of a symbiont favors restraint and 
reciprocal benefit, just as it favors lower virulence in 
parasites, because the fitness of the individual symbiont is 
then proportional to its host’s reproductive success. This 
principle can explain why internal symbionts such as aphids’ 
bacteria or corals’ zooxanthellae (or eukaryotes’ mito- 
chondria) divide at rates commensurate with their host's 
growth. It is conceivable that hosts may evolve mechanisms 
to prevent horizontal transmission (mixing) of symbionts 
and thus maintain conditions under which “selfishness” 
would be disadvantageous to the symbiont. By extension, 
such principles explain the conditions for the evolution of 
coordination versus conflict among different genes in a single 
genome, i.e., the evolution and maintenance of integrated 
organisms. 


CONSEQUENCES OF COEVOLUTION 


Coevolution has undoubtedly had major effects on the 
history and diversity of life. Many of the adaptive differences 
among organisms—the many thousands of toxic defensive 
compounds in different plants, insects, and fungi, the many 
forms of flowers, the diverse growth forms of plants, the 
sometimes astonishingly specialized diets of animals—have 
issued from interactions among species. The numbers of 
species, too, may have been augmented by coevolution, as 
Ehrlich 


competitors can also augment the species diversity in 


and Raven proposed. Coevolution among 


communities, producing suites of specialized species that 
finely partition resources among them. In theory, such 
coevolution may result in ecosystem-level effects such as 
higher productivity and resource consumption, but the 
evidence on this subject is very sparse. 


See Also the Following Articles 
Insectivorous Plants ¢ Parasitoids « Plant—Insect Interactions « 
Predation ¢ Symbionts 
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A: poikilotherms, insects are largely at the mercy of 
environmental temperatures. There are a few exceptions: 
some moths, bees, and flies do have the capacity to elevate 
their body temperature by vigorously contracting their flight 
muscles to generate heat, and a few species of cicadas, 
grasshoppers, and other desert species exploit evaporative 
cooling to lower their body temperature on hot days. The 
majority of species, however, have a limited capacity to alter 
their body temperature. Insects survive, perform, and 
reproduce across a broad temperature range, but they do so 
with varying levels of success at different temperatures. A 
thermal performance curve (Fig. 1) can be generated for 
nearly any quantitative trait. The curve delimits the body 
temperature at which a certain activity can be performed 
(tolerance zone). The low extreme is the critical thermal min- 
imum, and the upper extreme is the critical thermal maximum. 

Construction of such a curve will demonstrate that any 
activity has a temperature at which performance is optimal 
(optimum body temperature). Characteristically, the drop in 
performance outside the optimum body temperature is more 
precipitous at the high end of the temperature scale than at 
the low end. When given a choice, insects will readily select 
temperatures at which performance is maximized. But, the 
extremes of the daily temperature cycle and the dominant 
temperatures that prevail during major portions of the year 
pose significant obstacles for insect growth, development, 
and performance. This review describes the nature of the 
injury inflicted by high and low temperatures and discusses 
the protective mechanisms used by insects to counter these 
forms of injury. 
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FIGURE 1 Hypothetical performance curve delineating the tolerance zone, 
critical thermal minimum temperature, optimum temperature, and critical 
thermal maximum temperature at which any quantitative trait can be 
performed. Note that the decline in performance above the optimal 
temperature is usually more precipitous at the high end of the temperature 
scale than at the low end. 


PROTECTION AGAINST HIGH-TEMPERATURE 
INJURY 


Heat Injury 


Lethality at high temperature is a function of both 
temperature and time; the higher the temperature, the 
shorter the exposure time needed to kill the insect (Fig. 2). 
But, injury can manifest itself in more subtle forms at less 
extreme temperatures. For example, temperatures that 
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prevent reproduction are lower than the temperatures that 
cause immediate mortality. At still less severe temperatures, 
adults are reproductively functional but emergence may be 
delayed or occur at the “wrong” time of day. 

Heat shock can also produce developmental abnormalities 
known as phenocopies (developmental abnormalities resem- 
bling mutations but caused by environmental conditions), a 
phenomenon especially well known for the fruit fly, Drosophila 
melanogaster. Flies heat shocked during embryogenesis or 
metamorphosis yield interesting phenocopies with aberrant 
adult bristle shapes, colors, and wing formations. Which 
defect is observed is dependent upon the age of the fly at the 
time of exposure. The sensitive period for the production of 
each phenocopy is brief, usually less than 2 h. The various 
phenocopies are generated by disruption of a heat-sensitive 
developmental process that is specific to a particular devel- 
opmental window. For example, heat shock can shut down 
phenol oxidase, the enzyme needed for melanin production. 
If heat shock is thus administered during the interval when 
this enzyme is needed to generate the black color normally 
associated with bristles, the blond-bristle phenocopy will be 
produced instead. 

At the cellular level, a number of abnormalities are elicited 
in response to heat stress. These include declines in 
hemolymph pH; disruption of the normal pattern of protein 
synthesis; loss of conformational integrity of RNA, DNA, 
and protein; and deformation of the cellular membrane. 
Many cell processes are thus vulnerable to injury. Which cell 
process is the primary site of thermal wounding is still not 
clear, but two models have been proposed. One model 
suggests that the plasma membrane is the primary site of 
thermal wounding. In this model, disruption of the plasma 
membrane sets in motion a cascade of events involving 
inactivation of membrane proteins and subsequent leakage of 
K* out of the cell and movement of Ca** and Na* into the 
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FIGURE 2 Mortality is a function of both temperature and duration of exposure, as demonstrated by the survival curves for S. crassipalpis. The flies were 
exposed to four different temperatures for various durations several days before adult emergence and survival was based on success of adult emergence. 
[Reproduced, with permission, from Yocum and Denlinger, (1994). Copyright Blackwell Science.] 
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cell. This loss of the cell’s bioelectrical properties leads to a 
breakdown in cell metabolism, loss of homeostasis, and 
finally death. An alternative model also focuses on the plasma 
membrane but suggests that the subsequent protein 
denaturation is the critical cause of death. Denatured protein 
adheres to the chromatin and restricts enzymatic access to the 
DNA. The cell eventually dies as a consequence of an 
increase in DNA damage. But, it is also evident that an 
enzyme will lose its metabolic function at a fairly low level of 
heat stress, long before denaturation is complete. Thus, it is 
difficult to point to any single factor as the cause of death 
because high temperature adversely affects many aspects of 
the cell or organism’s physiology simultaneously. 


Thermotolerance 


Thermotolerance (tolerance of high temperature) can be 
increased several ways. (1) Genetic adaptation: Differences in 
thermotolerance can be detected in diverse geographic 
populations, as well as in laboratory lines that have been 
selected for heat-shock survival. (2) Long-term acclimation: 
Rearing individuals for long durations at high temperatures 
can result in a striking increase in thermotolerance. (3) Rapid 
heat hardening: A brief exposure to an intermediately high 
temperature provides protection from injury at a more severe 
temperature. 

Rapid heat hardening is the best studied response. Heat 
shock is the thermal injury caused by a sudden increase in 
temperature. This form of injury can be reduced dramatically 
if an organism is first exposed to an intermediate temperature 


(rapid heat hardening). For example, the flesh fly, Sarcophaga 
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FIGURE 3 Thermotolerance can be demonstrated by the higher survival rates 
noted in flies that were first exposed to a moderately high temperature. In 
this example, based on S. crassipalpis, flies reared at 25°C and then transferred 
directly a few days before adult emergence to 45°C (open circles) survived 
poorly as indicated by success of adult emergence. By contrast, flies that 
were first exposed to 40°C (solid circles) survived exposure to 45°C much 
better. [Reproduced, with permission, from Chen et al. (1990), copyright 
Springer-Verlag. ] 


crassipalpis, can tolerate only a brief time at 45°C if it is 
transferred there directly from 25°C, but survival at 45°C is 
greatly extended (Fig. 3) if the flies are first exposed to 40°C 
for 2 h. The thermotolerance that protects against heat-shock 
injury is acquired quickly, within minutes, reaches a 
maximum within a few hours, and then decays rather slowly 
over several days. 

Heat-shock proteins are the best known contributors to 
thermotolerance. In response to heat stress, the normal 
pattern of protein synthesis is suppressed, and concurrently 
several new proteins, the heat-shock proteins, are 
synthesized. These proteins are classified according to their 
molecular mass and in D. melanogaster include a high- 
molecular-mass protein (82 kDa), members of the 70-kDa 
family, and small heat-shock proteins with molecular masses 
of 22, 23, 26, and 27 kDa. The most highly expressed heat- 
shock proteins, members of the heat-shock protein 70 
(Hsp70) family, are highly conserved. The gene that encodes 
Hsp70 is over 50% identical in bacteria and D. melanogaster. 
In response to heat stress Hsp70 levels in the cell may 
increase more than 1000-fold. 

Though heat shock was the first stress known to elicit 
synthesis of these proteins, it is now evident that many other 
forms of stress (e.g., heavy metals, alcohols, metabolic 
poisons, aberrant proteins, cold shock, desiccation) can elicit 
synthesis of these same proteins. It is thus clear that these 
proteins are involved in diverse stress responses. 

For years the linkage between heat-shock proteins and 
thermotolerance was based strictly on correlation between 
the presence of the proteins and the expression of thermotol- 
erance, but more recently the linkage has been strengthened 
with new experimental evidence. Cultured D. melanogaster 
cells and whole flies transformed with extra copies of the 
Hsp70 gene acquire thermotolerance more rapidly than 
normal cells or flies, while cells transformed with Hsp70 
antisense genes acquire thermotolerance more slowly. 

How do the heat-shock proteins contribute to 
thermotolerance? Members of the Hsp70 family function as 
molecular “chaperones” that facilitate the process of protein 
folding and assembly. Hsp70 can reduce high-temperature 
damage by interacting with susceptible proteins to prevent 
their interactions with other reactive surfaces, thus helping to 
maintain the integrity of proteins present in the cell. 

Although heat-shock proteins have received the most 
attention in studies of thermotolerance, other molecules, 
including sugars such as trehalose and polyols such as 
glycerol and sorbitol, are also suspected of contributing to 
the protective mechanism. 


Thermosensitivity 


While it is widely appreciated that previous exposure to an 
elevated temperature can generate tolerance to high 
temperature (thermotolerance, as discussed earlier), it is less 
well appreciated that some high temperatures can decrease an 


insect’s ability to survive a subsequent high-temperature 
exposure. It is this loss of tolerance that is referred to as 
thermosensitivity. For example, S. crassipalpis appears to 
readily survive a 1-h exposure to 45°C, but if the fly is 
subjected to a second high-temperature pulse 1 day later, the 
effect will be lethal, even if the second pulse is considerably 
less severe, e.g., 35°C. Such observations suggest that some 
form of injury caused by the first challenge made the flies 
considerably more vulnerable to the second heat pulse. 
Without the second challenge, the initial injury can 
apparently be repaired, but the problem arises if the insect is 
challenged a second time before it has fully recovered. The 
temperatures that produce thermosensitivity are generally 
above the temperatures that generate thermotolerance. 

An intriguing practical implication of thermosensitivity is 
that the pattern of administering a thermal stress has 
important consequences for an insect’s survival. Two 
relatively modest pulses of high temperature may be just as 
effective in causing death as a single pulse of a higher 
temperature. From an economic perspective, this type of 
wounding may require less energy input than needed to 
administer a single pulse of a higher temperature. 


PROTECTION AGAINST LOW-TEMPERATURE 
INJURY 


Insects are frequently classified as being either freeze tolerant 
or freeze susceptible. Freeze tolerance implies that the insect 
can actually survive ice formation within its body. Relatively 
few insects have this capacity, but it is well documented in 
some insects such as the goldenrod gall fly, Eurosta solidaginis. 
By contrast, most insects are freeze susceptible, which means 
that they cannot tolerate internal ice formation. This, 
however, does not mean that all freeze-susceptible species can 
survive temperatures approaching the point at which their 
body will freeze. Many such species are fatally injured at 
temperatures well above their freezing point. 

Within a single species, huge differences in cold tolerance 
may be evident in different stages of the life cycle. For example, 
in S. crassipalpis, the adult is the stage most susceptible to 
cold injury, while the pupa is least susceptible. If the pupa is 
in diapause, the overwintering state of dormancy, the pupa is 
even more cold tolerant. Characteristically, diapausing stages 
are highly tolerant of low temperature and are capable of 
withstanding far lower temperatures, and for much longer, 
than nondiapausing stages. In the flesh fly, diapausing pupae 
can tolerate temperatures of —20°C (a few degrees above their 
supercooling point) for many months, while nondiapausing 
pupae will be killed with an exposure of just a few hours to 


-10°C. 


Supercooling and Ice Nucleation 


Understanding the nature of supercooling and ice nucleation 
is critical for understanding the strategies used by insects to 
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survive at subzero temperatures. One might assume that an 
insect will freeze when its body temperature reaches 0°C, but 
this does not occur. Instead, the body water supercools, a 
process that is enhanced in many cases by the production of 
cryoprotectants that dramatically reduce the freezing point 
and thus enable the insect to remain unfrozen at 
temperatures down to —20°C or lower. The temperature at 
which the body liquid turns to ice is called the supercooling 
point or the temperature of crystallization. This point is 
easily detected by monitoring body temperature and noting 
the appearance of an exotherm, the burst of heat given off by 
crystallization as the body water freezes. The insect body 
contains a number of agents that can affect the supercooling 
point. Cryoprotectants are capable of lowering the 
supercooling point, whereas ice-nucleating agents elicit the 
Opposite response. Ice-nucleating agents act as catalysts to 
promote ice nucleation at higher temperatures than would 
occur in their absence. Formation of ice at rather high 
temperatures is especially common in freeze-tolerant species. 
In such cases it is advantageous to initiate ice formation at a 
rather high subzero temperature, a feature that enhances 
survival by slowing down the processes of ice formation. By 
contrast, freeze-susceptible insects exploit the use of 
cryoprotectants to suppress the supercooling point and thus 
avoid freezing. 


Cold Injury 


In addition to lethality, cold injury can be manifested in 
failure of reproduction and the appearance of developmental 
abnormalities. A cold shock can induce an extra molt in some 
species such as the greater wax moth, Galleria mellonella. 
Phenocopy defects, like those noted in D. melanogaster at 
high temperature, can also be elicited by low temperature: 
The incidence of aristapedia (in which antennae are 
transformed into legs) increases at low temperature. Sex 
ratios can be distorted, in some species favoring females and 
in others, males. 

Many freeze-susceptible species are killed at temperatures 
well above their freezing points. The mechanism involved in 
this form of nonfreezing injury is poorly understood but may 
result from a decline in the rate of enzyme function at low 
temperatures or to irreversible changes in tertiary structure of 
critical proteins. Nonfreezing injury resulting from low 
temperature is frequently associated with damage to the 
plasma membrane. At some point chilling induces fluid to 
gel phase transitions in cell membranes that result in major 
alterations in membrane permeability and reduction in 
activity of membrane-bound enzymes. 

Among freeze-tolerant species it is commonly assumed 
that survival of freezing requires that ice formation be 
restricted to extracellular spaces. This, however, is not always 
the case. Intracellular freezing does occur in some tissues such 
as the fat body cells of the goldenrod gall fly. Ice formation 
normally is initiated outside of the cell. Only water is added 
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to the ice lattice, thus the remaining body fluids become 
more concentrated. This, in turn, causes osmotic removal of 
water from the cells. Although mechanical injury due to ice 
formation can be a deleterious effect, it is likely that the 
primary initial stress results from cell dehydration and the 
accumulation of excess amounts of solutes in the body fluid. 
The high concentrations of solutes, particularly electrolytes, 
can cause protein denaturation and extreme shifts in pH that 
result in irreversible membrane damage. 

Certain systems are more vulnerable to injury than others. 
The neuromuscular system appears to be particularly 
vulnerable. As temperatures decline insects gradually lose 
their ability to fly, and at still lower temperatures they lose 
their ability to walk. Chill coma, the point at which the 
insect loses its ability to walk, coincides with the temperature 
at which the muscles and nerves lose their electrical 
excitability. 

The reproductive system is also quite vulnerable to cold 
injury. Insects may appear normal but fail to reproduce 
following a cold shock. Both the number of eggs produced 
and the fertility of the eggs may be lowered by cold injury. 


Cold Hardiness 


The injury caused by low temperature can frequently be 
mitigated by prior exposure to less severe low temperatures. 
Like the acquisition of thermotolerance at high temperatures, 
cold hardening enables an insect to survive at low temper- 
atures that would otherwise prove lethal. Cold hardening can 
be either a long-term process attained after weeks or months 
at low temperature or a very rapid process (rapid cold 
hardening) invoked within minutes or hours after exposure 
to low temperature. 

The traditional view of cold hardening depicts a slow pro- 
cess that gradually increases the insect’s tolerance to low tem- 
perature. As seasonal temperatures drop in the autumn, many 
insects become progressively more cold hardy. Thus, a field- 
collected insect from the north temperate region evaluated in 
January is likely to be more cold tolerant than one collected 
in September. In contrast, rapid cold hardening is a very fast 
process that allows an insect to respond to daily changes in 
temperature. For example, S. crassipalpis, when reared at 
25°C cannot survive an immediate transfer to —10°C, but if 
the fly is first placed at 0°C for as short a time as 10 min, it 
can readily survive a subsequent 2-h exposure to —10°C. The 
capacity for rapid cold hardening appears to be common 
among insects and presumably functions in enabling them to 
track daily and other forms of rapid temperature change. 

Several diverse physiological mechanisms contribute to 
cold hardiness. For freeze-susceptible insects, one of the most 
important mechanisms involves the elimination of ice 
nucleators. The presence of ice nucleators limits the insect’s 
ability to supercool; thus getting rid of potential nucleators is 
a critical feature of cold hardiness. Food particles present in 
the gut are among the most powerful ice nucleators; thus it 


is perhaps no surprise that many insects purge their gut prior 
to overwintering. 

Another common cold-hardening mechanism used by 
freeze-susceptible insects is the synthesis and accumulation of 
high concentrations of low-molecular-mass polyols (glycerol, 
sorbitol, mannitol) and sugars (trehalose). Like a classic 
antifreeze, the polyols and sugars reduce the supercooling 
point and thus allow the insect to avoid freezing at 
temperatures well below 0°C. Hemolymph concentrations of 
polyols sometimes reach multimolar levels. 

Thermal hysteresis refers to a difference between the freez- 
ing and the melting point of the body fluid. At equilibrium 
one would expect these two points to be nearly identical, but 
this relationship can be altered by thermal hysteresis proteins, 
also known as antifreeze proteins. Thermal hysteresis 
proteins depress the freezing point while leaving the melting 
point unchanged. This lowering of the freezing point can 
thus expand an insect’s low-temperature tolerance. Such 
proteins were first discovered in cold-water, marine fish but 
were found more recently in several species of beetles. 

Ice nucleator proteins function in a manner opposite to 
that of thermal hysteresis proteins. Rather than inhibiting 
freezing, these proteins promote freezing. Ice nucleator pro- 
teins facilitate the organization of water molecules into 
embryo crystals, which, in turn, seed the supercooled solution, 
causing freezing at relatively high temperatures. As discussed 
above, this is advantageous for freeze-tolerant species. 

Synthesis of heat-shock proteins is a well-documented 
response to high temperature, but some of the same proteins 
are also synthesized in response to low-temperature shocks. 
As with heat-shock, the most prominent heat shock protein 
elicited by cold shock is a member of the 70-kDa family of 
heat-shock proteins. These stress proteins are most evident 
following the cold shock, thus suggesting they may play a 
role in the recovery process. 

Insects thus have at their disposal an array of mechanisms 
to counter the adverse effects of low temperature. Cold 
hardening can entail a complex suite of responses and should 
not be regarded as a process driven by a single biochemical 
event, but species differences are likely to dictate that one 
particular process may be more important in one species than 
in another. 


PRACTICAL IMPLICATIONS 


Exploiting temperature for pest management is an attractive 
alternative to the use of pesticides. The manipulations can be 
safely administered and no harmful residues remain. Heat 
and cold treatments are emerging as the treatment of choice 
for quarantine treatment of fresh fruits and vegetables. 
Temperature treatment is especially popular in this industry 
because the major fumigant, methyl bromide, is being 
removed from the market due to its role as an ozone depleter. 
Soils and planting beds are being treated with heat, and both 
high and low temperatures are being used to treat houses and 


Table 1. Comparison between Alamouti and generalized complex space-time codes. 
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As one can see, the SC scheme does not 
require any channel information except 
that of SNR. On the other hand, MRC 
and EGC schemes require the channel 
state information (CSI) or a part of it 
(channel envelope, phase, delay). MRC 
scheme weights the received signals 
according to their reliability; a more 
reliable signal has a high weight while a 
less reliable signal has a small weight. 
Also, the channel phase distortion is 
compensated. Finally, signals are aligned 
then combined. On the other hand, EGC 
scheme can be viewed as a simplified 
version of MRC where signals are 
weighted equally (i.e. the weighting vector 
w = [1, 1, ...,1]m) then aligned before 
being combined coherently. In practice, 
the phase at different branches can’t be 
often estimated. So, EGC and MRC can’t 
be employed. In such situations, square 
law combining (SLC) can be applied to 
obtain spatial diversity without requiring 
phase estimation. Unlike linear combining 
schemes, SLC scheme can only be applied 
to modulation schemes which preserve 
some sort of orthogonality including 
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Fig. 5. Simple block diagram of linear 
combining schemes. 


2.3 Combined Transmit/Receive 
Diversity 


Spatial diversity schemes explained in 
the previous two sections can be combined 
together to achieve diversity at both 
receive and transmit sides. An example of 
such a hybrid spatial diversity scheme is 


other structures. Stored grain can be effectively protected 
from insects with temperature treatments, and even some 
field crops can be protected with novel applications of heat 
applied directly to the plant. 

Cold storage is used extensively to increase the “shelf life” 
of parasitic wasps and other biological control agents, as well 
as the hosts on which they are reared. The cryopreservation 
of embryos of D. melanogaster and other insects is a goal 
sought by numerous researchers. This ability could facilitate 
the long-term maintenance of valuable genetic stocks and 
reduce the care and expense required to continuously 
propagate insects used for research. 

Insects have a wealth of behavioral and physiological res- 
ponses to counter the effects of high- and low-temperature 
stress, and if temperatures are to be exploited for use in inte- 
grated pest management systems, these mechanisms must be 
either overridden or disabled. For example, the generation of 
thermotolerance can be prevented by applying heat stress in 
a nonoxygenated environment. Combination treatments that 
simultaneously apply both heat and anoxia or thermosen- 
sitization (application of two temporally separated treatments 
at moderately high temperatures) are especially attractive 
because they can cause mortality with less energy input. The 
low temperatures that prevail during winter are frequently 
just a few degrees above the insect’s lower limit of tolerance. 
Attempts to further reduce the insect’s body temperature by 
destroying the insect’s protective winter habitat offer promise. 
Recent discoveries of ice-nucleating bacteria and fungi that 
are active on insects suggest new tools for manipulating the 
supercooling point. The diverse protective responses 
operating in insects suggest a similar richness of targets that 
could be rendered vulnerable to heat or cold injury. 


See Also the Following Articles 
Diapause « Hibernation « Temperature, Effects on 
Development and Growth ¢ Thermoregulation 
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eetle diversity so characterizes Earth that instead of telling 

future extraterrestrial colleagues we come from the “blue 
planet,” we might better state that we come from the “beetle 
planet.” Beetles comprise 25% of all described animals and 
plants, single-handedly making them the primary contributor 
to earth’s biodiversity. The 350,000 described beetle species 
are members of largest order of life on Earth, Coleoptera. 

Familiar beetles are known by various names including 
fireflies, ladybugs, june bugs, and weevils. The vast number 
of beetle species is reflected by a bewildering array of 
anatomical and biological diversity in the order. Coleoptera 
are represented in nearly all biogeographic regions and 
nonmarine habitats. Most adult beetles can fly; when not in 
use, however, the delicate flight wings are usually concealed 
beneath protective shell-like elytra, permitting beetles to 
utilize diverse resources and engage in a broad range of 
activities that otherwise would be restricted to either winged 
or wingless insects. Most beetles are herbivores, fungivores, 
or predaceous carnivores in the larval and adult stages. Many 
are considered to be serious pests of our homes, forests, crops, 
and. stored products, whereas some beneficial species are 
regularly employed as biological control agents. Countless 
curious youngsters, including Charles Darwin, Alfred Russel 
Wallace, and Henry Walter Bates, have started their broader 
studies of biology through beetle collecting, as beetle species 
often are consistently found in specific sorts of habitats. 

The technical name, Coleoptera, was coined by Aristotle 
to signify the hardened, shieldlike forewings (coleo = shield + 
ptera = wing). Although several other insect orders possess 
hardened. forewings, beetles are considered to be a mono- 
phyletic assemblage based on their sum of shared evolutionary 
derivations that include the following: 


1. A holometabolous life cycle, wherein the larval stages 
are developmentally separated from the adult by the pupal 
stage. 

2. Possession of hardened forewings, called elytra, that 
abut medially. Flight is powered predominantly by the 
metathoracic wings, which are folded longitudinally and 
usually transversely to lie under the elytra when the beetle is 
walking or at rest. The mesothoracic scutellum is visible as a 
triangle situated medially between the bases of the two elytral 
halves. 
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3. A prothorax that is distinct from, and most often freely 
articulating with, the following mesothorax. The meso- and 
metathoracic segments are fused to form the pterothorax. 

4, A generally depressed body shape, whereby the legs are 
situated on the ventral surface of the body. The leg bases, or 
coxae, are recessed into cavities formed by heavily sclerotized 
thoracic sclerites. 

5. Abdominal sternites that are much more heavily 
sclerotized than the tergites. These sternites may close tightly 
against the lateral edges of the elytra, protecting the hind 
body from the attentions of predators and parasitoids. 

6. Antennae usually with 11 or fewer segments. 

7. Terminal genitalia that are not visible when in repose; 
that is, the male aedeagus and the female ovipositor are 
retracted into the abdominal apex when not in use. 


Insects in several other orders may appear superficially 
similar to beetles. For example, various Hemiptera in the 
superfamily Pentatomoidea possess an enlarged triangular 
scutellum and heavily sclerotized forewings. However, these 
bugs can be distinguished by their beaklike suctorial mouth- 
parts, whereas beetles retain the more generalized mandibu- 
late mouthparts seen throughout orders such as Odonata, 
Orthoptera, and Hymenoptera. In addition, the forewings of 
Hemiptera always retain an apical membranous portion, 
whereas beetle forewings are consistently sclerotized through- 
out their length. Also, Dermaptera, or earwigs, exhibit quadrate 
forewings, looking much like the foreshortened elytra of 
staphylinoid, or rove beetles. Earwigs, however, exhibit a 
radial wing folding mechanism versus the transverse folding 
system of beetles, retain the presence of abdominal cerci, 
represented by large tonglike forceps at their abdominal apex, 
and do not undergo complete metamorphosis incorporating 
the pupal stage. 


BEETLE DIVERSITY 


Although beetles share characters supporting their common 
evolutionary origin, remarkable variations have evolved on the 
beetle theme. For example, adult body size ranges from the 
0.4-mm-long Nanosella fungi ptiliid feather-winged beetles of 
North America to the 200-mm-long Titanus giganteus ceram- 
bycid long-horned beetles of South America. A rough estimate 
based on maximum dimensions for adult length, breadth, and 
depth puts the disparity in volume at a factor of 2.8 x 10’. Life 
cycles also can vary in extraordinary ways, depending on the 
larval food resources used for development. The mushroom- 
inhabiting aleocharine staphylinid Phanerota fasciata 
completes three instars in 3.2 days at room temperature. 
Even more impressive, Anisotoma round fungus beetles of the 
family Leiodidae can complete larval development on short- 
lived slime mold fruiting bodies in as little as 2 days, making 
them arguably the fastest developing beetles yet recorded. 
Conversely, C. V. Riley, the first entomologist of the U.S. 
Department of Agriculture, reported that a larva of the 


dermestid carpet beetle, Trogoderma inclusum, survived for 
3.5 years in a tight tin box. These larvae feed on the dried 
proteinaceous matter in animal remains, and even if Riley’s 
larva had started with a tin full of insect specimens, the feat of 
solitary confinement is remarkable. Trogoderma larvae can even 
molt to a smaller size under starvation conditions, then regain 
size by progressively molting when food returns. Stan Beck 
found that mature larvae molted retrogressively eight times 
during a year of starvation, dropping from an initial weight 
of 9.24 mg to a final, svelte 1.38 mg (an 85% weight loss!). 

Dramatic variation in reproductive capacity is also observed 
across the Coleoptera. An abundant plant pest such as the 
chrysomelid northern corn rootworm, Diabrotica barberi, 
can colonize cornfields and build populations quickly, since 
each female lays on average nine clutches of eggs, spaced 6 
days apart, totaling 274 eggs over the reproductive period. At 
the opposite extreme we once again find the diminutive, 
feather-winged Ptiliidae. In eight species of Bambara ptiliids 
from Sri Lanka, the males produce spermatozoons that range 
in length from 220 to 600 Um; the largest size being more 
than two-thirds the length of the adult male producing them. 
After mating, these giant sperm pack the female spermatheca, 
with up to 28 spermatozoons recorded filling this structure. 
The length of the female spermathecae of various Bambara 
species is consistent within species and varies in proportion 
to the length of the complementary male sperm, whereas the 
diameter of the spermathecal duct varies in proportion to the 
diameter of the sperm. The female also invests heavily in her 
progeny, maturing one relatively giant egg in her abdomen at 
a time. The highly complementary male spermatozoons and 
female spermathecae ensure reproductive isolation because of 
biomechanical incompatibilities associated with any attempted 
interspecific matings. 

Beetles are among the earliest diversifying groups of the 
Holometabola. Together with the orders Megaloptera, 
Raphidioptera, and Neuroptera, they are classified in the 
superorder Neuropterodea. The order Coleoptera is divisible 
into four major lineages, which are recognized as the subor- 
ders Archostemata, Adephaga, Myxophaga, and Polyphaga 
(Table I). Present-day diversity among the four coleopteran 
suborders is highly skewed toward the Polyphaga. Taking the 
numbers of beetle species estimated for Australia, John 
Lawrence and Everard Britton calculated that Archostemata 
(9 species) make up 0.03% of the Australian beetle fauna, 
Adephaga, with 2730 species comprise 9.6%, Myxophaga, 
with 2 species (0.007%), and, with 25,600 species, Polyphoga, 
dominates at 90.4% of the fauna. Extrapolating these figures 
to the estimated world total of 350,000 described beetle 
species suggests that Polyphaga would account for more than 
300,000 species. 

Consensus concerning the phylogenetic relationships 
among all four suborders has yet to be achieved. Recent 
summaries of morphological data and separate efforts using 
molecular sequence data reach different conclusions based on 
the character types and sets of taxa included. Recent studies 
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TABLEI Classification of Beetle Suborders, Series, Superfamilies, and Families of the Order Coleoptera 


Suborder Archostemata 
Cupedoidea 
1. Ommatidae 
2. Cupedidae 
3. Micromalthidae 
Suborder Adephaga 
Caraboidea 
4. Gyrinidae 
5. Haliplidae 
6. Hygrobiidae 
7. Amphizoidae 
8. Dytiscidae 
9. Noteridae 
0. Trachypachidae 
. Carabidae (incl. Rhysodini, Cicindelini) 
Suborder Myxophaga 
2. Torridincolidae 
3. Cyathoceridae 
4. Hydroscaphidae 
5. Microsporidae 


— 


Suborder Polyphaga 
Staphyliniformia 
Hydrophiloidea 
6. Hydrophilidae 
7. Sphaeritidae 
8. Synteliidae 
9. Histeridae 
Staphylinoidea 
20. Hydraenidae 
21. Ptiliidae 
22. Agyrtidae 
23. Leiodidae 
24. Scydmaenidae 
25. Silphidae 
26. Staphylinidae 
Sciritiformia 
Scirtoidea 
27. Scirtidae 
28. Eucinetidae 
29. Clambidae 


Scarabaeiformia 





Scarabaeoidea 
30. Lucanidae 
31. Passalidae 
32. Trogidae 
33. Glaresidae 
34, Pleocomidae 
35. Diphyllostomatidae 
36. Geotrupidae 
37. Ochodaeidae 
38. Ceratocanthidae 
39. Hybosoridae 
40. Glaphyridae 
41. Scarabaeidae 
Elateriformia 
Dascilloidea 
42. Dascillidae 
43. Rhipiceridae 
Buprestoidea 
44. Buprestidae 
Byrrhoidea 
45. Byrrhidae 





46. Dryopidae 

47. Lutrochidae 

48. Elmidae 

49. Limnichidae 

50. Heteroceridae 

51. Psephenidae 

52. Callirhipidae 

53. Eulichadidae 

54. Ptilodactylidae 

55. Chelonariidae 

56. Cneoglossidae 
Elateroidea 

57. Artematopidae 

58. Rhinorhipidae 

59. Brachypsectridae 

60. Cerophytidae 

61. Eucnemidae 

62. Throscidae 

63. Elateridae 

64. Plastoceridae 

65. Drilidae 

66. Omalisidae 

67. Lycidae 

68. Telegeusidae 

69. Phengodidae 

70. Lampyridae 

71. Omethidae 

72. Cantharidae 

Bostrichiformia 

Derodontoidea 

73. Derodontidae 
Bostrichoidea 

74. Jacobsoniidae 

75. Nosodendridae 

76. Dermestidae 

77. Endecatomidae 

78. Bostrichidae 

79. Anobiidae 

Cucujiformia 

Lymexyloidea 

80. Lymexylidae 
Cleroidea 

81. Phloiophilidae 

82. Trogossitidae 

83. Chaetosomatidae 

84. Cleridae 

85. Acanthocnemidae 

86. Phycosecidae 

87. Melyridae 
Cucujoidea 

88. Protocucujidae 

89. Sphindidae 

90. Nitidulidae 

91. Monotomidae 

92. Boganiidae 

93. Helotidae 

94. Phloeostichidae 

95. Silvanidae 

96. Passandridae 

97. Cucujidae 

98. Laemophloeidae 

99. Propalticidae 
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TABLE I (Continued) 


100. 
101. 
102. 
103. 
104. 
105. 
106. 
107. 
108. 
109. 
110. 
Lid, 
112. 
113. 
114. 
115. 
116. 


Phalacridae 
Hobartiidae 
Cavognathidae 
Cryptophagidae 
Lamingtoniidae 
Languriidae 
Erotylidae 
Biphyllidae 
Byturidae 
Bothrideridae 
Cerylonidae 
Discolomidae 
Endomychidae 
Alexiidae 
Coccinellidae 
Corylophidae 
Latridiidae 


Tenebrionoidea 


117. 
118. 
119. 
120. 
121. 
122. 
123. 
124. 
125. 
126. 
127. 
128. 
129. 
130. 
131. 
132. 
133. 
134, 
135. 
136. 
137. 
138. 
139. 
140. 
141. 
142. 
143. 
144. 
145. 


Mycetophagidae 


Archaeocrypticidae 


Pterogeniidae 
Ciidae 
Tetratomidae 
Melandryidae 
Mordellidae 
Rhipiphoridae 
Colydiidae 
Monommatidae 
Zopheridae 
Perimylopidae 
Chalcodryidae 
Trachelostenidae 
Tenebrionidae 
Prostomidae 
Synchroidae 
Oedemeridae 
Stenotrachelidae 
Meloidae 
Mycteridae 
Boridae 
Trictenotomidae 
Pythidae 
Pyrochroidae 
Salpingidae 
Anthicidae 
Aderidae 
Scraptiidae 


Chrysomeloidea 


146. 
147. 


Cerambycidae 
Chrysomelidae 


Curculionoidea 


148. 
149. 
150. 
151, 
152. 
153. 
154. 
155. 
156. 
157. 
158. 


Source: Modified from Lawrence, J. E, and Britton, E. B. (1994). 
“Australian Beetles.” Melbourne University Press, Melbourne, Australia. 


Nemonychidae 
Anthribidae 
Urodontidae 
Oxycorynidae 
Aglycyderidae 
Belidae 
Attelabidae 
Caridae 
Ithyceridae 
Brentidae 
Curculionidae 


agree that the Archostemata are the sister group to the other 
three suborders. The position of Myxophaga remains 
ambiguous, though Beutel and Haas’s comprehensive mor- 
phological analysis places them as the sister group to Polyphaga. 

The burgeoning discoveries of beetle diversity throughout 
the course of modern scientific endeavor has begged the 
question, “Why?” The noted geneticist J. B. S. Haldane, in a 
lecture on the biological aspects of space exploration, stated 
that “the Creator, if he exists, has a special preference for 
beetles, and so we might be more likely to meet them than any 
other type of animal on a planet that would support life.” No 
single answer provides the definitive biological explanation for 
the present-day preponderance of beetle diversity. A number 
of answers are consistent with the pattern of diversity, with 
some better supported by the comparative totals of species in 
the different suborders and the major families. 

First, the origin of Coleoptera, relatively early in the 
Triassic compared with other holometabolous orders, 
provided ample time for diversification. Having been in 
existence throughout the breakup of Pangaea, which started 
in the Jurassic, distinct beetle biotas have evolved in place on 
the various continental fragments of that supercontinent. 

Second, beetle diversification has been explained as the 
result of a successful body plan incorporating protective 
elytra and a flexibly articulating prothorax. Although beetles 
are generally not regarded as fast or agile fliers, representatives 
of various beetle families have routinely colonized the most 
remote island systems in the world. In many families, the 
outward appearance and function of the walking beetle has 
been maintained, while the metathoracic flight wings have 
been reduced to nonfunctional straps or vestigial flaps. This 
brachypterous condition eliminates the possibility of winged 
dispersal by individuals and is associated with increased 
speciation and endemism, most often in ecologically stable, 
geographically isolated montane, desert, or island habitats. 

Third, as representatives of the Holometabola, the larval 
and adult beetle life stages have been morphologically 
decoupled via the intervening pupal stage. Larvae may 
exhibit morphological specializations not observed in the 
adult stages, and may live in particular microhabitats not 
primarily occupied by the adults. 

Fourth, the early diversification of beetles in the Jurassic 
placed many lineages in prime position to exploit ecological 
Opportunities associated with the Cretaceous diversification 
of flowering plants. Many of the largest families of Polyphaga 
(e.g., Buprestidae, Scarabaeidae, Chrysomelidae, Ceramby- 
cidae, and Curculionidae) include lineages that are intimately 
associated with angiosperms. These host plant associations 
are based on the use of various portions of the particular 
species or sets of species of flowering plants as larval or adult 
food. In addition, many other beetle groups use fungi as a 
food source, and fidelity to fungi of particular types is not 
atypical. The ability to specialize along with their larval and 
adult hosts has clearly been associated with extensive 
speciation across the Coleoptera. 








FIGURES 1-2 Fossil beetles. (1) Moravocoleus permianus (Tshekardocoleidae: 
Protocoleoptera, Permian). (© Czech Geological Survey.) (2) Notocupes 
picturatus (Cupedidae: Coleoptera, Triassic). 


EVOLUTIONARY HISTORY 


The earliest beetlelike insects are known from Lower Permian 
(280 mya) fossil deposits in Moravia, Czech Republic, and 
the Ural Mountains of Russia. These insects, classified in the 
family Tshekardocoleidae, order Protocoleoptera, resemble 
present-day species of the archostematan families Ommatidae 
and Cupedidae. They differ from true beetles in having 13- 
segmented antennae, elytra with more well-developed venation 
and more irregular longitudinal ribbing, and an abdomen and 
ovipositor extending beyond the apex of the elytra (Fig. 1). 
We now date the origin of true Coleoptera as Triassic, about 
240 mya. These fossils exhibit the coleopteran 11-segmented 
antennae, have more regular longitudinal ribbing on the elytra, 
and possess internal genitalia (Fig. 2). The earliest fossil beetle 
faunas have been described from Queensland in Australia, 
South Africa, and central Asia. The four lineages now recog- 
nized as suborders appear to have been extant at this time. 
The Archostemata were represented by species assignable to 
Ommatidae and Cupedidae, plus others belonging to families 
not lasting past the Mesozoic. The Adephaga included species 
sharing enlarged hind coxal plates such as are seen in present- 
day Haliplidae, plus other ground beetle-like species of 
Trachypachidae. Myxophagan ancestors included a variety of 
genera in the extinct families Catiniidae and Schizophoridae. 
The currently dominant suborder Polyphaga was represented 
in these faunas by members of the Elateroidea and 
Curculionoidea. These earliest beetles inhabited a world 
made up of early forked-leaved pteridosperms, lycopods, 
cycads, gingkos, and early conifers. The large animals of these 
communities included therapsid reptiles and dinosaurs; 
however, neither birds nor true mammals had yet evolved. 
During the Jurassic period (210-145 mya), known 
family-level beetle diversity increased dramatically. Among 
the Adephaga, first appearances are documented for the 
whirlygig beetle family Gyrinidae, the ground beetle family 
Carabidae, and the predaceous diving beetle family 


Coleoptera 213 


Curcullonvidea 
7 Asemum 
Spanidytix 
10% Acmaeops 
Gaurotes 
10 bburia 
1 Dendrobius 
Meyacyllene 
‘4 2 Cheysoprasix 
Stenygyed 
45 Phoracantha 
Banle 
Moneilema 
was Trachysanius 
Tetraopes 
Dorcadion 
Prienus 
> Purandra 
ot Mastostethus 
Zeugaphora 
Putophageides 
Aulacoscelis 
Orsodacne 
Caryobruchis 


Jurassic 


iano 


1p South Temperate 


Jurassic 1v100 
Ammblyoerus 
< med 12/77 Stator 
Merobruchus 
LS Liliocerns 
Lb Crioceris 
Ma Plateumaris 
Paleocene Donacia 
6 mi tnisesten 
2 Octotoma 
2. Microrhopala 
Sb Alurnus 
Chelymorpha 
Jmmutidium 
L Phratera 
Chrysomela 
Cretaceous ? Oides 
8 Dercetina 
- tyelustica 
Phyllobrotica 
tulacophora 
Galerucella 
2 Portontia 
5 Orthocrepis 
town ry Nisetra 
6 Aagacsa 
« 2 Hyphasis 
2 Chabria 
Chactocnema 
2 Crepidatera 
= Chatcoides 
Altica 
Manvbidia 
2164 Neochlamisus 
seo 2 Saxinus 
42 Anomoca 
Pachybrachis 
Oomorpholdes 
6 Eumolpus 
Colaspis 
Chrysochus 
Megascetis 
Syneta 


FIGURE 3 Strict-consensus estimate of the phylogeny of Chrysomeloidea 
and outgroups, with host groups mapped onto the cladogram. Numbers of 
synapomorphies/bootstrap values exceeding 50% shown along branches. 
Colors indicate major host group attributable to common ancestor of each 
group (green, Coniferae; mustard, Cycadales; red, dicotyledonous 
angiosperms; blue, monocotyledonous angiosperms; black, do not feed on 
living plants). Approximate ages of Mesozoic and early Tertiary fossils only 
are indicated where known, since almost all subfamily groups are present in 
the mid-Tertiary fossil record. [Redrawn with permission from Farrell, B. D. 
(1998). “Inordinate fondness” explained: Why are there so many beetles? 
Science 281, 555-559. © 1998 American Association for the Advancement 
of Science.] 


Dytiscidae. In all three families, the predaceous habit would 
be considered to be the ancestral condition. Among 
Polyphaga, the major families Staphylinidae, Scarabaeidae, 
Tenebrionidae, and Chrysomelidae are first documented. 
Other earliest occurrences include members of the scaveng- 
ing water beetles (Hydrophilidae), carrion beetles (Silphidae), 
ovoid bark-gnawing beetles (Trogossitidae), tumbling flower 
beetles (Mordellidae), sap beetles (Nitidulidae), and false 
blister beetles (Oedemeridae). Of these, Scarabaeidae, 
Chrysomelidae, Oedemeridae, Mordellidae, plus the 
Triassic-aged Curculionoidea are strictly phytophagous or 
saprophagous. Members of the large, diverse present-day 
assemblage of Chrysomelidae use a broad diversity of plant 
hosts, ranging from cycads to conifers to angiosperms. Based 
ona phylogenetic hypothesis derived from extant species, the 
basal chrysomelid lineages are associated with primitive 
conifers (Araucaria spp.) and cycads (Fig. 3). The 
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FIGURE 4 World distribution of Derodontidae. Areas supporting species 
include North America, Europe, Siberia, Japan, the Valdivian forest of Chile, 
and the South Island of New Zealand. [From Crowson, R. W. (1981). “The 
Biology of Coleoptera,” p. 349, Fig. 2. Academic Press, London.] 


Curculionoidea, the sister group to chrysomeloids, also 
exhibits this ancestral association with conifers and cycads. 
Third, the larvae of present-day Oedemeridae are borers in 
conifers. Thus it appears that at least several lineages of 
phytophagous Coleoptera were in place before the 
evolutionary advent of the angiosperms. 

The Cretaceous witnessed initiation of the most recent 
round of southern landmass fragmentation, via the opening 
of the southern Atlantic Ocean and the isolation of New 
Zealand. South America and Antarctica plus Australia 
became progressively isolated from Africa, although they 
maintained contact with one another. Beetle families 
responded to this pattern of vicariance, with relictual 
distributions of several extant taxa supporting their origin 
during this time (Fig. 4). Continuing vicariance of the 
southern portions of Gondwana continued into early 
Tertiary, with progressive isolation of Australia, and finally 
the separation of Antarctica and South America at the start of 
the Oligocene (38 mya). This last event permitted formation 
of the circum-Antarctic current, helping plunge the world 
into a latitudinally zonated climate similar to that of today. 

Preservation of beetles in amber has provided unparalleled 
levels of information about extinct taxa. The deposits of Baltic 


amber dated at 35 to 50 mya, and Dominican amber dated 15 
to 40 mya, open windows onto the transition from the tropical 
world of the Eocene to the climatically zonated world of today. 
Most often, amber fossils (Fig. 5) indicate historically broader 
distributions for taxa presently known from only one conti- 
nent (Fig. 6). This range contraction, continuing from the 
Eocene until the present day, suggests one explanation for the 
current latitudinal pattern of biodiversity. Many of the tropically 
adapted groups of organisms, of which beetles count signifi- 
cantly, have been progressively excluded from higher latitudes 
through the advent of cool to cold higher latitude climes, 
followed by the dramatic climatic perturbations associated 
with Pleistocene glaciation. G. Russell Coope goes so far as to 
argue that Pleistocene glaciation has put a halt to speciation 
of beetles in the temperate zones most influenced by the 
glaciation. His argument is based a simple fact: as he and his 
students studied subfossil beetle bits interred in wetland 
peats throughout various portions of Europe and North 
America, they found that all species taken from deposits 
younger than Pliocene could be identified as currently 
extant. These findings contrast starkly with those from 
tropical island systems, where speciation may have occurred 
in far younger areas. In Hawaii, for example, cave-adapted 
carabid beetles with reduced eyes and elongate legs have 
evolved from fully eyed, short-legged, epigean ancestors on 
the younger volcanoes of East Maui and Hawaii Island, 
which respectively broke the ocean surface no earlier than 
750,000 and 430,000 years ago. Numerous Hawaiian beetle 
radiations in the Carabidae, Anobiidae, Nitidulidae, 
Cerambycidae, and Curculionidae demonstrate the many 
rapid and extensive bouts of speciation that occur in newly 
evolving tropical island communities. 


ADULT SPECIALIZATION 


It is impossible to argue for or against the proposition that 
possession of elytra has helped beetles’ evolutionary success 
because possession of elytra is a defining character of “beetle- 




















FIGURES 5-6 Protopaussus pristinus (Carabidae), described from Dominican amber. (5) Reconstruction of adult, dorsal view. (6) Distribution of Protopaussus: 
F, P pristinus fossil; @ localities of extant Protopaussus. [From Nagel, P. (1997) New fossil paussids from Dominican amber with notes on the phylogenetic 


systematics of the paussine complex. Syst. Entomol. 22, 345-362. © Blackwell Science Ltd.] 


ness,” and beetle families vary so dramatically in their diversity. 
For example, one of the earliest evolving beetle groups, the 
Cupedidae, is currently represented by only 26 species 
worldwide. Possession of elytra thus is only one step among 
many leading to successful diversification of Coleoptera. 
Nonetheless, functional study of the beetle body plan illustrates 
many instances in which “beetleness” has predisposed lineages 
to enter and proliferate in particular habitats. 

Most generally, the organization of beetle bodies that has 
permitted entry into confining, laminar microhabitats 
involves (1) thick hard cuticle on the head and prothorax, (2) 
a prothorax flexibly articulating with the pterothorax, and (3) 
a pterothorax topped by elytra that cover folded flight wings 
and soft, expansible abdominal tergites. Carabid beetles utilize 
wedge-pushing locomotion to move through leaf litter and 
under loose tree bark. In these beetles, a rounded projection 
on the base of the hind femur impinges on the meta- 
trochanter, which articulates only in a horizontal plane with 
the immobile hind coxa. Pulling the hind leg forward pushes 
the apex of the femur away from the body, thereby elevating 
the carabid’s dorsum (the wedge). This upward motion is 
then followed by a thrust of the hind legs, forcing the beetle 
body forward (the push). Using this mechanism, rhysodine 
carabid beetles can move through dying or even living wood 
without leaving a trace; the wood simply closes up behind 
them! Their goal in this unlikely activity is foraging on the 
amoeboid plasmodia of slime molds (Myxomycetes). 

For beetles to both fly and move through confining spaces, 
their wings must be stowed under the elytra while walking or 
wedge pushing, yet quickly unfurled for flight. All wing 
folding is controlled through muscles attached to the wing 
base; as long as tension is applied so that the radial and cubital 
veins are pulled apart, the wing surface remains flattened. 
However, relaxation of this tension brings natural folds into 
play, so that, with the wing apex folding in upon itself (Fig. 7), 
the medius comes to lie above the radius posterior (Fig. 8). 

Numerous variations on wing folding have evolved 
depending on elytral configuration. In the archostematan 
Cupedidae, the wing apex rolls up longitudinally (Fig. 9). 
Wing folding can proceed even given the evolutionary 
reduction of wing venation observed in tiny beetles such as 
Microsporidae or Ptiliidae (Figs. 10-11). In addition to the 
folding characteristics of the wings, setose binding patches 
occurring on the wing surface, inner elytral surface, and 
abdominal terga are used to manage the wing folding, thus 
ensuring safe stowage of the wing membranes (Fig. 12). 

The generalized thickening of cuticle characteristic of 
archostematans, adephagans, and many polyphagans results 
in an adult insect that is highly constrained in internal 
volume. Abdominal sutures between ventrites allow these 
segments to move against one another so that well-fed or 
gravid individuals will exhibit an abdomen extending beyond 
the elytral apex. Nonetheless, longitudinal abdominal 
extension can be minimized and external structural integrity 
maintained if the body is allowed to expand in another 


Coleoptera 215 





FIGURE 7 Paper model of right wing of Cantharis sp. arranged to 
demonstrate wing folding. Cross-hatched areas face ventrally in fully folded 


wing. In the extended wing (A) the principal veins—radius (R) and cubitus 
(C)—are apart by muscular action from the wing base. When this action 
ceases, the wing apex automatically folds (B, C) until wing is fully folded 
(D). [From Hammond, P. M. (1979). Wing-folding mechanisms of beetles, 
with special reference to investigations of adephagan phylogeny. Jn “Carabid 
Beetles: Their Evolution, Natural History, and Classification” (T. L. Erwin, 
G. E. Ball, D. R. Whitehead, and A. L. Halpern, eds.), p. 122, Fig. 1. Junk, 
the Hague. With kind permission of Kluwer Academic Publishers. ] 


direction. Beetles accomplish this increase in body volume 
through dorsoventral expansion of the abdomen. 

In a newly eclosing beetle, the lateral reaches of the 
abdominal tergites lie both between and below the lateral 
portions of the abdominal sternites. The tergites and sternites 
are joined by extensive membranes, within which the 
spiracles are situated. These membranes may stretch, and the 
tergites may move dorsally relative to the stationary lateral 
margins of the sternites, dramatically increasing the volume 
of the abdomen. This volumetric expansion is accomplished 
without any compromise to the external armor represented 
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FIGURES 8-11 Hind wings of Coleoptera. (8) Omma stanleyi (Ommatidae): AA, anal anterior; AP, anal posterior; C, costa; CuA, cubitus anterior; J, jugal; 


MP, medial posterior; R, radius; RA, radius anterior; r-m, radial-median crossvein; RP, radius posterior; r-r, radial crossvein; Sc, subcosta. (9) Adinolepis 
mathesoni (Cupedidae). (10) Open hind wing of Microsporus vensensis (Microsporidae). (11) Folded wing of M. ovensensis (Images provided by copyright 


holder, CSIRO Entomology, Canberra, ACT, Australia.) 


by the cuticle. The soft, flexible abdominal tergites are 
protected by the elytra, except when the beetle is flying. At 
this time the soft membranes and flexible tergites are 
vulnerable to attack by predators or parasites. 





FIGURE 12 Wing-folding spicule patches on abdominal terga, Xylodromus 
concinnus (Staphylinidae) (see Fig. 7). [From Hammond, P. M. (1979). 
Wing-folding mechanisms of beetles, with special reference to investigations 
of adephagan physiology. In “Carabid Beetles: Their Evolution, Natural 
History, and Classification” (T. L. Erwin, G. E. Ball, D. R. Whitehead, and 
A. L. Halpern, eds.), p. 122, Fig. 1. Junk, the Hague. With kind permission 
of Kluwer Academic Publishers. ] 


In the floricolous, day-flying Buprestidae and scarab beetles 
of the subfamily Cetoniinae, flight is undertaken without 
significant separation or lifting of the elytra, with the metatho- 
racic wings extended under the lateral elytral margins. In the 
buprestids, this posture allows the aposematic coloration of 
the elytra to be visible both in flight and at rest. In other 
polyphagans and the Archostemata, the elytra are held at an 
angle during flight, beating synchronously with the flight wings, 
and thereby providing some degree of aerodynamic lift. 

Given the need to exchange oxygen and carbon dioxide at a 
liquid interface on the surfaces of the tracheolar cells, respiration 
represents the major activity through which an insect can lose 
water. This source of water loss is of particular importance for an 
animal of small body volume. The beetle respiratory system 
opens via large metathoracic spiracles and up to eight pairs of 
abdominal spiracles, all of which open onto the subelytral cavity. 
Thus, in addition to controlling gas exchange via the spiracular 
openings, a beetle can modulate respiration by the position 
of the abdominal venter relative to the elytra. Reduction of 
the elytra to the quadrate condition seen in Staphylinidae has 
resulted in secondary exposure of the abdominal spiracles. 

Beetles have invaded freshwater aquatic habitats several 
times during their evolutionary history. In all instances, adult 
aquatic beetles retain the spiracular respiratory system of 
their terrestrial relatives, requiring that they regularly have 
access to atmospheric gases. The subelytral space provides the 
means to hold an air bubble while the beetle is active 
underwater. This bubble can be replenished by periodic 
surfacing of the beetle, during which the tip of the abdomen 
breaks the water surface, permitting exchange of gases. 


Because of the makeup of our atmosphere (79% nitrogen, 
21% oxygen), the subelytral air bubble serves as a compressible 
gill, permitting extended underwater sojourns. As the beetle 
uses oxygen, more oxygen diffuses into the bubble from the 
surrounding water. The carbon dioxide produced through 
the beetle’s respiration, being highly soluble in water, quickly 
leaves the bubble. Because nitrogen dissolves slowly into the 
water, there is a gradual reduction in bubble size. The beetle 
can use up to eight times as much oxygen than was in the 
original bubble before being required to surface to replenish 
its air supply. Swimming beetles using these simple subelytral 
compressible gills include various Adephaga (e.g., Haliplidae 
and Dytiscidae). 

In other families of the aquatic realm, oxygen is supplied 
to the subelytral bubble by a plastron composed of microfuge 
hairs or other columnar evaginations of the cuticle that are 
close together along their outer surface, excluding water by 
its surface-filming qualities. Oxygen diffuses into the 
plastron without any change in plastron gas volume, allowing 
the beetle to remain indefinitely below the water’s surface. 
Nonetheless, plastron respiration can work only in highly 
oxygenated water, so beetles with plastrons are usually found 
in moving waters. Plastron breathers also are less active than 
the adephagan compressible gill breathers, because the 
plastron cannot provide the high levels of oxygen required for 
intense activity. This type of structure has evolved repeatedly 
in the order, being found in the Hydrophilidae, Dryopidae, 
Elmidae, and some Curculionidae. 


LARVAL SPECIALIZATION 


Among the four suborders of Coleoptera, life histories of the 
predaceous Adephaga most closely resemble those of the 
beetles’ phylogenetic sister group, the neuropteran orders. 
Adephagan larvae are generally campodeiform, that is, elon- 
gate and slightly dorsoventrally flattened, with long thoracic 
legs and a posteriorly tapered, dorsally sclerotized abdomen 
(Fig. 13). They typically have anteriorly directed mouthparts 
that often include elongate, sickle-shaped mandibles with a 
reduced mola (Fig. 14). The legs are six-segmented (coxa, 
trochanter, femur, tibia, tarsus, claws) as in the Megaloptera, 
Raphidioptera, and Neuroptera. The ninth abdominal tergite 
usually bears a pair of dorsolateral appendages (urogomphi) 
that may be short and unsegmented, or longer and variously 
segmented. These are secondarily evolved structures of the 
Coleoptera, and not homologous with the cerci of, for 
example, the orthopteroid orders. Adephagan larvae usually 
develop through three instars before pupation. 

The larvae of Archostemata deviate from this generalized 
configuration by representing the syndrome that has evolved 
repeatedly in taxa characterized by the larval wood-boring 
habit. In these groups, the larvae are lightly sclerotized, more 
or less tubular, with shortened or reduced legs, and various 
ampullae on the thoracic and abdominal segments (Fig. 15). 
The archostematan family Micromalthidae exhibits probably 
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FIGURES 13-14 (13) Abaris bigenera mature larva (Carabidae), dorsal view 
(larval length, 8.3 mm). (Image © E L. Fawcett.) (14) Right larval mandible, 
ventral view, Platynus sp. (Carabidae). Note absence of basal mola, and 
presence of large retinacular tooth and serrate incisor. [From Lawrence, J. E. 
(1991). Order Coleoptera. Jv “Immature Insects,” Vol. 2 (F. W. Stehr, ed.), 
Fig. 34.19. Kendall/Hunt, Dubuque, IA.] 


the most bizarre set of larval forms and associated life cycle 
seen in Insecta. The campodeiform first instar is an active 
triungulin. It molts to become a legless, feeding cerambycoid 
larva, which in turn may undergo four types of molt. It may 
pupate directly to become an adult diploid female. Alternatively, 
it may develop into one of three kinds of larviform reproductive: 
a thelytokous pedogenetic female that parthenogenetically 
produces viviparously a number of diploid triungulins; an 
arrhenotokous pedogenetic female that lays a single egg, from 
which hatches a stump-legged curculionoid larva that in turn 
devours the mother, pupates, and then emerges as an adult 
haploid male; and an amphitokous pedogenetic female, which 
may produce either form. The hormonal controls of this system 
are not known, although production of the various larval types 
seems to be affected by environmental conditions. 

The demographic consequences of this life cycle include 
the ability to quickly multiply and to use available rotting 
wood in the production of numerous dispersive adults. The 
triungulin larvae (Fig. 16) can expand the infestation to adja- 
cent portions of the rotten log or timber. The cerambycoid 
larvae (Fig. 17), more typical of other archostematan larvae, 
can efficiently feed in confined galleries in rotting wood. The 
pedogenetic form (Fig. 18) can itself produce many more 
triungulins, enhancing the rate of increase of the population. 
The adults (Fig. 19) are produced in massive numbers, with 
these winged colonists establishing new colonies. Natural 
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FIGURES 15-19 (15) Yenomerga concolor mature larva (Cupedidae), dorsal 
view. [From Lawrence, J. E (1991). Order Coleoptera. Jn “Immature 
Insects,” Vol. 2 (FE W. Stehr, ed.), Fig. 34.67a. Kendall/Hunt, Dubuque, IA. 
Figures 16-19, Micromalthus debilis (Micromalthidae), dorsal view. (16) 
Triungulin first instar larva. (17) Cerambycoid larva. (18) Pedogenetic larva. 
(19) Adult female. (Drawings, Figs. 16-19, courtesy of the copyright holder, 
the Royal Entomological Society, London.) 


infestations have been reported in large Quercus (oak) or 
Castanea (chestnut) logs across the beetles’ native range in 
northeastern North America. Other human-associated 
infestations have been reported from timbers deep in a South 
African diamond mine, and in thick oak paneling used to 
line the vaults of the Federal Reserve Bank in New York City. 
The small suborder Myxophaga is characterized by adults 
and larvae of extremely small size, with both larvae and adults 
living interstitially in riparian areas, where they feed on algae. 
As opposed to the Archostemata and Adephaga, the larval legs 
are five-segmented, with the tarsus and claws fused into a 
single segment, the tarsungulus. The abdomen may or may 
not bear urogomphi on the ninth tergite. Like many other 
beetle species that feed on small particulate matter (pollen, 
spores, conidia, etc.), the larval mandibles bear a basal mola. 
Because they are aquatic in all stages, the adults bear a 
plastron, and the larvae may breathe by means of a plastron 
that covers the spiracles or via vesicular gills (i-e., a balloonlike 
expansion of the spiracular peritreme with an apical opening). 
It is in the order Polyphaga that divergence of larval and 
adult lifestyles becomes evolutionarily significant. Among 
basal polyphagans in the superfamilies Staphylinoidea and 
Hydrophiloidea, larval anatomy remains generally of the 
campodeiform type, although mouthparts may be specialized 
for feeding on fungal food through development of broadly 
papillate molar regions on the mandible (Figs. 20-21). As in 
the Myxophaga, the larval leg has five segments. Aquatic forms 
may bear lateral gills on the thorax or abdomen (Fig. 22). 
Urogomphi of various configurations also may be present. 
The larvae of the superfamilies Dascilloidea (Fig. 23), 
Byrrhoidea, and Bostrichoidea exhibit a dorsally convex body 





FIGURES 20-21 Anisotoma errans larva (Leiodidae). (20) Head capsule, 
anterior view. (21) Right mandible, ventral view. Note large asperate mola at 
base. [From Newton, A. F, Jr. (1991). Leiodidae, pp. 327-329. In 
“Immature Insects,” Vol. 2 (F. W. Stehr, ed.), Figs. 34.152a and 34.154. 
Kendall/Hunt, Dubuque, IA. 


configuration that has evolved into the much more exagger- 
ated C-shaped grub characteristic of the Scarabaeoidea 
(Fig. 24). Scarab grubs can develop in a variety of microhab- 
itats. Primitive scarabaeoids such as stag beetles (Lucanidae) 
and bess beetles (Passalidae) develop as saprophagous larvae 
in rotting wood. Larvae of the Geotrupidae and scarab 
subfamilies Scarabaeinae and Onthophaginae develop in 
mammalian herbivore dung where they also feed on fungi. 
Flowering plant roots are fed on by larvae of species in the 
more highly derived scarab subfamilies Melolonthinae, 
Rutelinae, and Dynastinae. Many species in these subfamilies 
are of economic concern, because they feed on commodities 
such as corn, small grains, vegetable crops, grasses, turf, 
fruits, and nursery stock. The C-shaped larval configuration 
results in an increased abdominal capacity relative to the 
head and thoracic forebody. This increased capacity is 
directly connected to the scarab larva’s penchant for feeding 
on large amounts of food in order to pupate at a large size. 
Scarabs are well represented among the largest beetles, with 
the impressive Goliathus beetles of Africa and Asia attaining 
the greatest body mass of any beetle known. 
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FIGURES 22-24 Beetle larvae. (22) Berosus metalliceps (Hydrophilidae), 
dorsal view. [From Spangler, J. P. (1991). Hydrophilidae, pp. 355-358. Jn 
“Immature Insects,” Vol. 2 (E W. Stehr, ed.), Fig. 34.296. Kendall/Hunt, 
Dubuque, IA.] (23) Dascillus davidsoni (Dascillidae), lateral view. [From 
Lawrence, J. F (1991). Order Coleoptera. Jn “Immature Insects,” Vol. 2 (E 
W. Stehr, ed.), Fig. 34.323a. Kendall/Hunt, Dubuque, IA.] (24) Popillia 
japonica (Scarabaeidae), lateral view. (© New York Entomological Society.) 


the 2x2 Alamouti/MRC MIMO system 
[12]. 


IIL. Spatial Multiplexing 


As shown in the previous section, 
MIMO diversity can be used in the 
transmitter or the receiver sides or in both 
to increase the reliability of the 
communication. In this section we talk 
about spatial multiplexing schemes which 
are for goal to increase the channel 
capacity. 

The most known spatial multiplexing 
schemes are the BLAST family which 
includes Vertical-BLAST, Diagonal- 
BLAST, and Turbo-BLAST. The acronym 
BLAST stands for 
Layered Space-Time’’. 
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3.1 Diagonal-BLAST 


D-BLAST was originally proposed by 
Foschini [13]. In D-BLAST, the symbols 
to be transmitted are arranged on the 
diagonals of the space-time transmission 
matrix where elements under the diagonal 
are padded with zeros. Fig. 6-a depicts the 
structure of the D-BLAST transmitter for 
four transmit antennas. At first, the bit 
stream is de-multiplexed into four parallel 
streams which are encoded and modulated 
independently. Encoded-modulated 
streams are cycled over time. Equation (4) 
is an example of the transmission matrix 
when using four transmit antennas. 
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Fig. 6. Transmitter block diagrams for BLAST family using four transmit antennas. 
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FIGURES 25-28 Larvae of phytophagous Chrysomeloidea and Curculionoidea. (25) Donacia sp. (Chrysomelidae), lateral view, sharp respiratory horns (rh) 


insert into underwater stems of water lily, providing air to the spiracles located at base of horns. (© New York Entomological Society.) (26) Neocimberis pilosus 
(Nemonychidae), lateral view (sp, spiracle). [From Anderson, W. H. (1947). Ann. Entomol. Soc. Am. 40, 489-517. © Entomological Society of America.] (27) 
Apion griseum (Apionidae), lateral view. (28) Hypera nigrirostris (Curculionidae), lateral view. 


A C-shaped larva has evolved independently in another 
phytophagous group with concealed larval stages; the Curcu- 
lionidae. The curculionid sister group, the Chrysomeloidea, is 
primitively characterized by larval stages superficially similar 
to those of Eucinetoidea and Dascilloidea, that is, larvae of 
moderately convex dorsal habitus (Fig. 25). Primitive weevils 
retain evidence of thoracic legs (Fig. 26); however, all evidence 
of thoracic appendages has been evolutionarily erased in higher 
weevils (Fig. 27). As phytophagous weevils have specialized, 
taxa have moved from being internal feeders to foraging on 
the external surfaces of their hosts. External feeders such as the 
lesser clover-leaf weevil gain a foothold on their host plant 
through ventral abdominal ampullae (Fig. 28), analogous to 
the prolegs of Hymenoptera and Lepidoptera. A parallel 
transition from hidden feeders to exposed foliage feeders has 
also evolved in the weevil sister group, the Chrysomeloidea. 

The Cerambycidae comprise one basal division of the 
chrysomeloids, with all their larvae internal feeders. The 
Palophaginae represent the earliest divergent lineage of 
Chrysomelidae, based both on late Jurassic fossils (> 145 
mya), and phylogenetic analysis of living species. Larvae of 
this subfamily attack the male strobili of Avaucaria 
(Coniferales: Araucariaceae). 

The subfamily Aulacoscelinae represents another early- 
diverging chrysomelid lineage. Larvae of this group are internal 
feeders on cycads. From this syndrome of hidden feeding, 
leaf beetle larvae have evolved to live on open plant tissues of 
many of the world’s angiosperms. Where plants have evolved 
the ability to incorporate secondary chemical compounds in 
their tissues, herbivorous chrysomelids have evolved to use 
these chemicals to recognize food and stimulate oviposition. 
They have also evolved the ability to sequester these broadly 
toxic chemicals into their tissues to gain protection from 
predators. Today it is commonplace to observe brightly colored 
larvae and adults of protected leaf beetles congregated on 
exposed plant surfaces, serving as a communal warning to 
predators regarding their unpalatability. 


The wood-boring larval body plan of the Archostemata is 
well represented in the Polyphaga, having independently 
evolved in the Buprestidae (Fig. 29), Eucnemidae, and 
Cerambycidae (Figs. 30-31). Larvae in all these families can 
bore through freshly dead or dying wood by using their well- 
developed, anteriorly directed mandibles. Laterally expanded 
thoracic segments or abdominal ampullae serve to anchor 
these larvae in their tunnels, facilitating purchase by the 





FIGURES 29-32 Larvae of wood-boring beetles. (29) Agilus anxius 
(Buprestidae), dorsal view. (30) Unidentified lepturine larva (Cerambycidae), 
ventral view, scale unknown. [Figs. 29, 30 from Béving, A. G., and Craighead, 
E C. (1930). An illustrated synopsis of the principal forms of the order 
Coleoptera. Entomol. Am. 11, 1-125. © New York Entomological Society. ] 
(31) Platyzorilespe variegata (Cerambycidae), lateral view. [From Gardner, J. 
C. M. (1944). On some coleopterous larvae from India. Ind. J. Entomol. 6, 
111-116. © Entomological Society of India.] (32) Hemicrepidius memnonius 
(Elateridae), dorsal view. [From Dietrich, H. (1945). Cornell University 
Agricultural Experiment Station Memoir 269, plate IV.2. © Cornell 
University. ] 
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mandibles on the wood surface. Leg reduction has proceeded 
during diversification of cerambycid borers, with larvae of 
more basally divergent subfamilies such as the Prioninae and 
Lepturinae having shortened thoracic legs (Fig. 30), whereas 
larvae of the highly derived subfamily Lamiinae (Fig. 31) are 
legless. 

Where wood-boring beetles have gone, similarly shaped 
predatory beetles have followed. These tubular larvae in the 
Elateroidea and Cleroidea may be highly sclerotized, and 
they bear well-sclerotized head capsules and/or urogomphal 
plates (Fig. 32) that armor them appropriately for their 
habitats (e.g., under bark, within wood-boring beetle 
galleries). Elaterid larvae have diverse feeding habits, with 
many groups being phytophagous or saprophagous. 
However, all forms, regardless of food habit, imbibe their 
food as an extraorally predigested liquid. 

Other elateroid larvae, such as fireflies (Lampyridae) and 
soldier beetles (Cantharidae), lack the heavy armor of the 
concealed gallery feeders, and prey on other arthropods among 
leaf and ground litter. These larvae use grooved mandibles to 
suck up the liquefied contents of their prey. In Elateridae, and 
independently in Phengodidae and Lampyridae, larval and 
adult stages have evolved the ability to produce light using 
organs composed of modified cuticular cells. The significance 
of larval luminescence has been variously explained. For 
example, night active Pyrearinus larvae in the elaterid 
subfamily Pyrophorinae use light organs to attract flying insect 
prey to Brazilian termite mounds where they make their home. 
Phengodid larvae of the genus Phrixothrix possess medial 
photic organs on the head that use red light to illuminate 
potential prey. But they also possess lateral abdominal light 
organs that emit green light. These abdominal light organs are 
homologous with those of Lampyridae and most likely serve to 
advertise that the larvae are chemically protected. Increasingly 
complicated light communication systems have evolved in the 
adult stages of various phengodid and lampyrid taxa. 

Cucujoidea and Tenebrionoidea are diverse superfamilies 
whose larval forms blend imperceptibly into each other 
morphologically and biologically. It is in these groups that 
saprophagous and mycophagous feeding habits are associated 
with extensive larval diversification. Primitive larvae of both 
superfamilies are similar and typical of Polyphaga in many 
ways (e.g., five-segmented legs, urogomphi, moderate degree 
of sclerotization, etc.) Evolutionary trends in one often are 
mirrored in the other. Cucujoid and tenebrionoid larvae are 
usually small to moderate in size, and somewhat dorsoventrally 
compressed. Many are cryptozoic, occurring in leaf litter, 
under bark, in fungus, or in rotting wood, where they feed 
on fungi or on fungus-altered plant matter. Groups 
specialized for feeding on spores, conidia, loose hyphae, or 
other small particles exhibit various specializations correlated 
with microphagy. Most notably, these include a well-formed 
mandibular mola and prostheca (Fig. 33). 

Extreme dorsoventral compression of the body has 
occurred repeatedly in response to the selective pressures of 





FIGURE 33 Left larval mandible, ventral view, of Anchorius lineatus 
(Biphyllidae), showing basal mola (lower left) and prostheca with comb 
hairs; mandible width, 0.16 mm. [From Lawrence, J. E (1989). Mycophagy 
in the Coleoptera: Feeding strategies and morphological adaptations. Jn 
“Insect—Fungus Interactions” (N. Wilding, N. M. Collins, P. M. Hammond, 
and J. EF Webber, eds.), p. 6, Fig. 6. Academic Press, London.] 


occupying subcortical and interstitial leaf litter habitats. 
Sometimes (Fig. 34), the body form is simply flattened, with 
a reorientation of the head to a protracted, prognathous 
condition and a migration of the leg articulations to more 
lateral positions. Flattening, however, may be accompanied 
by an additional transition to an onisciform (or pie-plate- 
shaped) body through extensive development of tergal 
flanges, resulting in a broadly oval body outline in some 
Cerylonidae, Corylophidae (Fig. 35), Discolomidae, and 
Nilioninae (Tenebrionidae). Larvae specialized for life under 
bark, in fungi, or in rotting wood typically have short, stout, 
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FIGURES 34-35 Flattened beetle larvae, dorsal view. (34) Dendrophagus 
americanus (Cucujidae). [From Lawrence, J. F. (1991). Order Coleoptera. Jn 
“Immature Insects,” Vol. 2 (E W. Stehr, ed.), Fig. 34.527. Kendall/Hunt, 
Dubuque, IA.] (35) Corylophidae, genus unknown [From Lawrence, J. E 
(1991). In “Immature Insects,” Vol. 2 (FW. Stehr, ed.), Fig. 34.628a. 
Kendall/Hunt, Dubuque, IA.] Figures 36-37 Larvae of Coccinellidae, dorsal 
view. (36) Predaceous Stethoris histrio. (37) Phytophagous Epilachna 
varivestis: sc, scolus; ve, verruca. [From Le Sage, L. (1991). Coccinellidae, 
pp. 485-494. Jn “Immature Insects,” Vol. 2 (F. W. Stehr, ed.), Fig. 34.570. 
Kendall/Hunt, Dubuque, IA.] 


unarticulated, and unsegmented urogomphi. The apex is 
typically recurved to point dorsally. This form of urogomphi 
is thought to help larvae move about in cramped habitats. 

Several tenebrionoid and cucujoid groups experienced 
parallel transitions to a parasitic lifestyle, including Meloidae, 
Rhipiphoridae, and some Cucujidae and Bothrideridae. The 
Rhipiphoridae provide a glimpse at parasitism involving both 
externally and internally feeding stages. In Rhipiphorinae, the 
triungulin first instar locates and attaches itself to an adult of 
a suitable hymenopteran host. After being carried back to the 
host’s nest, the triungulin detaches itself and searches for a host 
larva. Once the host has been located, the larva burrows inside, 
where feeding continues (endophagy) until the parasitoid 
becomes greatly swollen. As the host larva reaches maturity, 
the parasitoid exits from its thorax, switching to feed externally 
(ectophagy), eventually killing it. 

In Rhipidiinae, the reverse sequence of internal and 
external feeding occurs: the triungulin locates a cockroach as 
a potential host, inserts its head and thorax into a 
membranous region on its venter, and begins to feed while 
most of its body remains outside the host. Later, the larva 
transforms into a less mobile, legless form and moves entirely 
inside the host, where it begins to grow rapidly. Near the end 
of its development, the larva molts to a form with legs and 
emerges from the host to pupate. 

Cucujoid and tenebrionoid taxa that are adapted for 
external feeding typically have a more eruciform (caterpillar- 
like) shape resulting from elongation of the legs, reorientation 
of the head to a more hypognathous position, and dorsoven- 
tral inflation to a more cylindrical shape. These external feeders 
also tend to exhibit defensive modifications. Aposematic 
coloration is common in these groups. Tergal and pleural 
armature, which is absent or modest in most cucujoids and 
tenebrionoids, becomes exaggerated in some predators (e.g., 
stethoris, Coccinellidae, Fig. 36), surface feeding herbivores 
(e.g., the coccinellid genus Epilachna, Fig. 37), and fungus 
feeders (e.g., the erotylid genus Aegithus), to form various 
structures such as setose, tuberculate verrucae, and complexly 
branched scoli. 

Within Cucujoidea and Tenebrionoidea there is a recurring 
evolutionary transition from mycophagy/saprophagy to a 
lifestyle of true phytophagy as a borer in healthy herbaceous 
stems or wood. This entire sequence can be observed within 
individual families (e.g., Melandryidae), where there is a range 
of larval feeding that extends from boring in fungus 
sporophores to boring in fungus-infested wood and finally to 
boring in sound wood. Cucujoid and tenebrionoid wood 
borers tend to have fleshy bodies with conspicuous 
sclerotized plates usually restricted to the anterior end of the 
body. The head capsule tends to be prognathous and often 
bears a median endocarina, an internal keel on the dorsum 
associated with the development of especially powerful 
mandibular muscles. 

Predatory larval forms have arisen repeatedly within 
Cucujoidea and Tenebrionoidea, most notably in the 
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Coccinellidae. Accompanying this trophic transition is a suite 
of morphological changes to produce a campodeiform body 
(Fig. 36). The head typically has a more prognathous orienta- 
tion. The mandibles are more prominent and lack a mola. 

The beetle pupa is adecticous and usually exarate (i.e., the 
mandibles are fixed in position, and the head and thoracic 
appendages are free). Several groups have independently 
evolved the obtect condition; among them staphylinine 
Staphylinidae, Ptiliidae, and Coccinellidae, and the hispine 
Chrysomelidae. If the pupa rests concealed in a pupal 
chamber, it lies on its dorsum elevated from the substrate by 
numerous thoracic and abdominal setae. Pupae may be 
enclosed in a cocoon made of silk (aleocharine Staphylinidae, 
Tenebrionidae, Curculionidae), fecal material (Passalidae and 
some Scarabaeidae), or the larval fecal case (cryptocephaline 
Chrysomelidae). 

Exposed pupae, as in Coccinellidae, Chrysomelidae, and 
Erotylinae (Erotylidae) may remain attached to their host 
plant or fungus via the sloughed-off last larval cuticle, which 
encircles the anal portion of the pupa. Such exposed. pupae 
may be protected by defensive secretions remaining in the 
shed larval skin. Beetle pupae retain the ability to move the 
abdomen by using the flexible abdominal intersegmental 
membranes. Sclerotized processes on opposing margins of 
the abdominal segments, called gin traps, have been 
suggested as defensive devices used to pinch and drive off 
mites and other predators. 


ECOLOGICAL SPECIALIZATION 


One means of estimating the ground plan feeding habits of 
Coleoptera uses observations of extant taxa, interpreted in 
context of phylogenetic hypotheses for the various lineages 
making up the order. By this method, we would deduce that 
the most primitive beetles were either saprophagous wood 
borers as larvae, such as extant Archostemata, or that they 
were campodeiform predators, such as the Adephaga and the 
sister group to Coleoptera, the Neuroptera+Raphidioptera+ 
Neuroptera. Examining the fossil record of Coleoptera as well 
as suggestive damage to fossil plants of the Triassic and Jurassic 
formations containing the earliest beetle fossils provides a 
second means of making such an estimation. By this method, 
we find that archostematans and primitive weevils predate 
fossils of all other types, suggesting that the earliest feeding 
habits were either saprophagous or herbivorous. Of course, 
fossil evidence of predation is not likely to be preserved, nor 
interpretable as such if it were. These two viewpoints, 
phylogenetic and paleontological, represent the diversity of 
opinion about how the first beetles lived their lives. 

The two viewpoints can be reconciled if we view fossil 
data drawn from the various periods in light of phylogenetic 
estimates based on a diversity of taxa and characters. To do 
this, we must assume that the lifestyles of recent taxa 
represent those of their related fossil relatives. By this 
reasoning, it is very apparent that herbivorous taxa have 


222 Coleoptera 


7 
i=J 
o 


ow 
o 
o 


fA Herbivores 
O Carnivores 
Mf Saprophages 


Number of beetle genera 
he 
i—J 
oa 





Recent 


Permian Triassic Jurassic Cretaceous Tertiary 


FIGURE 38 The number of beetle genera of each of three trophic levels 
from Permian to recent epoch. Permian genera represent Protocoleoptera. 
[Redrawn with permission from Farrell, B. D. (1998). “Inordinate fondness” 
explained: Why are there so many beetles? Science 281, 555-559. © 1998 
American Association for the Advancement of Science.] 


constituted a majority of the major life-forms, measured by 
their recognition as genera, for coleopteran faunas from the 
Jurassic and Tertiary to recent times (Fig. 38). Even before 
the advent of the flowering plants, more than half the variety 
of beetle life-forms had evolved to focus their feeding 
attentions on plants. We can investigate the impact of the 
origin and diversification of angiosperms on beetle diversity 
by looking at beetle sister taxa in which one group is 
restricted to gymnospermous plants, whereas its sister is 
found on angiosperms. Brian Farrell examined lineages within 
the Chrysomeloidea and Curculionoidea. He found angio- 
sperm-feeding taxa to be far more rich in species today than 
their gymnosperm-feeding sister groups. Clearly, angiosperm 
feeding has enhanced the species-level diversification of 
beetles living on them. 

In addition to internal feeding on stem tissue, and feeding 
on saprophagous growth in decaying cambium, the angio- 
sperms offer floral resources unavailable from gymnosperms. 
Adult beetles of many families characterized by phy- 
tophagous, saprophagous, or scavenging larvae may be found 
feeding in or on flowers, associated exudates, or pollen. 
Melolonthine and cetoniine scarab beetles, whose larvae are 
subterranean root feeders or rotten wood feeders, respec- 
tively, often feed on flowers. Dermestid beetle larvae scavenge 
dead animal matter, then move to flowers to feed on pollen 
after they have eclosed as adults. Once a female dermestid has 
fed, she becomes negatively phototactic and searches for 
cavities containing animal remains, where she will oviposit. 
Other families well represented among the pollen-feeding 
adults include Buprestidae, Lycidae, Nitidulidae, Mordellidae, 
Rhipiphoridae, Meloidae, Anthicidae, and Cerambycidae. 
Meloids and rhipiphorids not only feed at flowers but 
oviposit there, with their hatching triungulin larvae waiting 
in the flower to climb on passing bees and wasps, which they 


parasitize. Feeding on hard pollen grains is facilitated by 
possession of mandibles bearing a well-developed mola. Such 
mandibles are also associated with fungal feeding, and families 
such as the Nitidulidae, Tenebrionidae, and Oedemeridae 
contain species representing both adult feeding habits; 
individual oedemerid species have been reported to feed on 
both fungi and pollen. 

Coleopteran relationships with fungi are widespread 
throughout the order and diverse in form. Approximately 25 
extant families of beetles are primarily mycophagous. Greatly 
unappreciated, however, are the less obvious trophic 
relationships between fungi and many beetles that are 
ostensibly saprophagous or phytophagous. Many beetles eat 
plant tissue only after it has been partially broken down by 
fungi. Some harbor endosymbiotic fungi that allow digestion 
of plant tissue or provide essential nutrients. Others are 
thought to ingest and acquire fungal enzymes that are 
essential for their existence as herbivores. John Lawrence 
estimated that as many as half of all beetle families either are 
truly mycophagous or feed on plant matter that has been 
altered by fungal enzymes. 

Ancient Greeks believed fungi were merely homes of 
insects. A rich insectan fauna often dwells in larger fungi, and 
much of it comprises mycophagous and predaceous beetles. 
Through evolutionary time few fungus taxa have escaped the 
interest of beetles. Mycophagous families seem to be 
especially concentrated in the polyphagan superfamilies 
Cucujoidea, Tenebrionoidea, and Staphylinoidea. However, 
fungivory arose repeatedly in various other lineages within 
the order as well. 

Fungi are tremendously diverse physically, chemically, 
behaviorally, and ecologically. Mushrooms, woody conks, 
puffballs, truffles, yeasts, smuts, rusts, and molds present 
separate special challenges as food sources. In addition, a 
single fungus often represents a composite of resources. For 
example, a single polypore shelf on a log may provide a 
delicate layer of spore-bearing tissue on the underside, a hard, 
woody context, and an area where its hyphae penetrate 
decaying wood. Some mycophagous beetles have a broad 
range of acceptable hosts; however, many are more selective, 
feeding only on some portions of fruiting structures from a 
few species at a particular stage of development or decay. 
Host specificity tends to be narrower for immature stages. 
Specialization of beetles has occurred in response to the 
various resources and challenges that fungi present. 

Woody polypore shelves offer large, persistent sources of 
food for mycovores. There are many different strategies for the 
use of the soft spore-bearing tissue of wood polypore fungi. 
Species of Ellipticus (Erotylidae) have robust mandibles capable 
of gouging off chunks of hymenium and its supporting tissues 
(Fig. 39). Larvae of Holopsis (Corylophidae) have found 
another method of tapping this resource. They use a slender, 
snoutlike elongation of the head to graze on the inner surface 
of individual spore tubes (Fig. 40). The Nannosellinae 
(Ptiliidae) exhibit another evolutionary solution, namely, 





FIGURES 39-42 Feeding structures of fungus-feeding beetle larvae. (39) 
Larval mandible, ventral view, of Ellipticus sp. (Erotylidae); multidentate 


apex and setose lobe near base (lower left) are used to bite large chunks off 
fungal substrate, which are then swallowed whole (scale, 100 um). [From 
Lawrence, J. FE. (1989). Mycophagy in the Coleoptera: Feeding strategies and 
morphological adaptations. Jn “Insect-Fungus Interactions” (N. Wilding, 
N. M. Collins, P. M. Hammond, and J. E Webber, eds.), p. 16, Fig. 21. 
Academic Press, London.] (40) Holopsis sp. (Corylophidae), lateral view, 
with long feeding rostrum bearing apical mandibles, allowing feeding inside 
pore tubes of sporocarp fungi (scale, 100 um). [From Lawrence, J. F. (1989). 
Mycophagy in the Coleoptera: Feeding strategies and morphological 
adaptations. /v “Insect—Fungus Interactions” (N. Wilding, N. M. Collins, P. 
M. Hammond, and J. E Webber, eds.), p. 16, Fig. 17. Academic Press, 
London.] (41) Larval head, anterior view, of Dasycerus sp. (Staphylinidae), 
showing brushy mandibular apices used to remove spores or hyphae from 
the substrate to the mouth (scale, 50 1). [From Lawrence, J. FE. (1989). 
Mycophagy in the Coleoptera: Feeding strategies and morphological 
adaptations. /v “Insect—Fungus Interactions” (N. Wilding, N. M. Collins, P. 
M. Hammond, and J. E Webber, eds.), p. 11, Fig. 12. Academic Press, 
London.] (42) Larval right mandible, ventral view, of Nosodendron unicolor 
(Nosodendridae), showing food press near base (lower right) that 
concentrates particulate food while ejecting liquid (scale, 100 [tm). [From 
Lawrence, J. FE. (1989). Mycophagy in the Coleoptera: Feeding strategies and 
morphological adaptations. /n “Insect-Fungus Interactions” (N. Wilding, 
N. M. Collins, PR M. Hammond, and J. F Webber, eds.), p. 6, Fig. 6. 
Academic Press, London.] 


miniaturization: fully grown adults, only 0.4 mm in length, 
crawl inside individual spore tubes to feed directly on the soft 
spore-bearing tissue. 

Specialists on fleshy mushrooms [e.g., Oxyporus 
(Staphylinidae),] face different challenges. Unable to fly 
around to look for new mushrooms, larvae must complete 
their feeding on their ephemeral host before it decays. Many 
of the fungus beetles that specialize on soft mushrooms 
exhibit greatly accelerated development. Their mandibles are 
more bladelike and are capable of slicing through large 
chunks of soft fungal tissue. 

Beetles preferring small, scattered fungal spores or conidia 
as food often have a suite of features related to their 
microphagous habits. The mouthparts tend to be brushy and 
capable of sweeping tiny particles from the substrate into 
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their mouth. These modifications often involve the maxillae, 
but in larval Dasycerus (Staphylinidae) the mandibular apices 
are modified for this function as well (Fig. 41). The 
mandibular mola is also commonly modified in spore 
feeders. Spores are ground between opposing molar grinding 
surfaces on each mandible, with an action much like that of 
a millstone grinding wheat into flour. Nosodendridae, which 
feed partially on yeasts that occur in sap fluxes, use their 
brushy mouthparts to filter the fungal cells from the fluid 
(Fig. 42). 

Less exploitative symbiotic relationships with fungi also 
are widespread and diverse within Coleoptera. The best- 
studied examples of mutualism with fungi are the 
relationships occurring in the bark and ambrosia beetles 
(Platypodinae and Scolytinae of the Curculionidae). Perhaps 
the most familiar case is that of Dutch elm disease. At the 
corners of this “ecological triangle” are the bark beetles 
(Scolytus spp.), the fungus (Ceratostomella ulmi), and the host 
elm trees (Ulmus spp.). Adult beetles nibble on tree twigs and 
thereby inoculate them with fungal spores. Following 
germination of the spores, the fungus attacks the tree and 
ultimately kills it. The beetles prefer to oviposit on recently 
killed U/mus trees, many of which were recent victims of C. 
ulmi. Upon hatching, their larvae bore about, feeding on 
fungus-infested wood. The final link in the cycle is 
completed when newly emerging adults pick up fungal 
spores as they move around the gallery before flying off to 
dine on some living elm twigs. 

A broad range of variants stems from the basic pattern 
observed in Dutch elm disease. In some cases the link 
between the fungus and the beetles weakens to the point of 
being merely incidental. In Lymexylidae and at least some 
Platypodinae, the relationship is a tighter, obligatory one in 
which the beetles farm a fungus to feed their brood. The 
wood of the host tree is important to the beetle only as a 
substrate for the fungal garden. In these evolutionarily linked 
relationships, the beetles often have specialized pockets called 
mycangia on their body to aid in the transportation of spores 
or conidia to new substrates (Figs. 43-44). Mycangia 
sometimes have associated glands that help to keep the fungal 
tissue viable until it is needed to start a new garden. There 
also is a tendency for these ambrosia fungi to be less invasive 
and destructive to the tree, instead staying near the galleries 
in which they are cultivated. Neither the fungi nor the beetles 
in these closer relationships can exist independently. 

Another solution to digestion of plant matter is seen in 
some Cerambycidae and Anobiidae. Instead of using fungi to 
externally convert plant matter to digestible food, they rely 
on endosymbiotic yeasts and bacteria to accomplish the feat 
internally. Although yeasts and bacteria are common 
inhabitants of the gut in many insects, the relationship 
between some yeasts and beetles is one of obligatory 
symbiosis. Endosymbiotic yeasts may be harbored in the 
lumen of the gut, in diverticula (Fig. 45), or in specialized 
cells in the cytoplasm called mycetocytes. Clusters of 
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FIGURES 43-45 Beetle mycangia and mycetome. (43) Scolytoplatypus sp. 
(Curculionidae), transverse section of front part of adult pronotum, showing 


mycangial cavity filled with spores. [From Crowson, R. A. (1981). “The 
Biology of Coleoptera,” p. 562, Fig. 286. Academic Press, London.] (44) 
Eurysphindus hirtus (Sphindidae), left adult mandible, dorsal view, showing 
spores of myxomycete inside dorsal cavity that is presumed to serve as a 
mycangium. [From McHugh, J. V. (1993). A revision of Eurysphindus 
LeConte and a review of sphindid classification and phylogeny. Syst. 
Entomol. 18, 57-92. © Blackwell Science Ltd.] (45) Foregut (F) and 
anterior portion of midgut of Lixus sp. larva (Curculionidae), showing 
mycetomes (M). [From Crowson, R. A. (1981). “The Biology of 
Coleoptera,” p. 562, Fig. 286. Academic Press, London.] 


mycetocytes can form small organs called mycetomes. Yeasts 
may permit the breakdown of cellulose and provide various 
nutrients to their host. In the drugstore beetle, Stegobium 
paniceum, endosymbiotic yeasts are credited with providing 
riboflavin, niacin, pyridoxine, pantothenic acid, folic acid, 
and biotin. 

To perpetuate endosymbiotic relationships, the gut of 
offspring must be charged with endosymbionts early in 
development. Yeasts are passed from adult beetles to larvae in 
various ways. The egg chorion may be inoculated with yeast 
so that the young are charged upon chewing out of egg and 
ingesting the chorion. In some Cucujidae, Silvanidae, 
Lyctidae, and Curculionidae, yeasts migrate into the egg 
within the female before the chorion is secreted. A third 
method of yeast transmission results following migration 
into the testes of the father. The yeast and sperm then enter 
the egg through the micropyle. 

Formerly classified as fungi and studied by mycologists, 
the Myxomycetes are now recognized as protozoan animals. 
Despite their phylogenetic position, Myxomycetes are similar 
to fungi in some respects, and as a result beetle-myxomycete 
interactions share parallels with beetle—fungus interactions. 
In the plasmodial stage, Myxomycetes flow around their 


FIGURE 46 Anisotoma basalis (Leiodidae) feeding on a Stemonitis 
myxomycete fruiting body. [From McHugh, J. V., and Wheeler, Q. D. 
(1989). Cornell Plantations Q. 44(3), cover figure. © Cornell Plantations. ] 


environment, consuming bacteria. Rhysodine Carabidae and 
Cerylonidae feed, at least facultatively, on the plasmodial 
stage. When these colonial protozoans well up as plasmodia 
to form a sporocarp, they take on many funguslike features. 
This stage has attracted specialist beetles from no fewer than 
seven families: Leiodidae (Fig. 46), Staphylinidae, Clambidae, 
Eucinetidae, Cerylonidae, Sphindidae, and Lathridiidae. Pits 
in the mandibles of Sphindidae, an entirely myxomy- 
cophagous family (Fig. 44), and the venter of slime-mold- 
feeding latridiid species have been found to house 
myxomycetan spores. 

Whereas other holometabolous insect orders such as the 
Hymenoptera and Diptera include parasitoid lineages of great 
diversity, the Coleoptera have not diversified to any great extent 
via parasitism on animal hosts. In addition to meloid and 
rhipiphorid hymenopteran parasites, parasitism of single host 
individuals has been infrequently observed. Aleocharine 
Staphylinidae parasitize the pupae of higher flies (order Diptera, 
suborder Cyclorrhapha). Within the Carabidae, the bom- 
bardier beetles, or Brachinini, parasitize the pupae of Gyrinidae, 
and species of the genus Lebia parasitize chrysomelid leaf 
beetles. Lebia beetles imitate various alticine flea beetle species 
with which they co-occur. The quick-jumping alticines are 
protected from predatory birds by their ability to disappear 
via a jump, suggesting that the Lebia have evolved a similar 
appearance through mimetic evolution. Coccinellid predatory 
larvae approach the specialization seen in some parasitoids, as 
some of the smaller species require only one to several 
homopterous prey individuals to complete larval development. 
Nonetheless, these species can switch prey species depending 
on the density of various hosts. 

Platypsyllus castoris beetles of the family Leiodidae are 
specialists on beavers, with both the flattened, highly 
modified adults (Fig. 47) and the larval stages living in the 
animals’ fur. Related leiodids in the subfamily Leptininae live 





FIGURE 47 Platypsyllus castoris (Leiodidae), parasitic on beaver (Castor 
spp.). [From Crowson, R. A. (1981). “The Biology of Coleoptera,” p. 549, 
Fig. 280. Academic Press, London.] 


on the bodies of rodents, though they exhibit much less 
extreme body forms, and a lower level of host specificity, than 
the beaver beetles. The highly specific host relationship of 
Platypsyllus probably evolved from a more general predaceous 
habit. Such nest inquilines are found in a variety of lineages 
within the Staphylinidae, with adults and larvae variously 
preying on flea larvae or other nest-associated scavengers. 


INTRASPECIFIC INTERACTIONS 


The newly eclosed adult beetle faces the various tasks of 
dispersing from the pupal habitat, finding a mate, mating, 
finding a suitable larval habitat, ovipositing, and possibly 
guarding or facilitating the development of its young, all the 
while avoiding natural enemies. To beetles, flight may be a rare 
event. Many species undergo only a nuptial flight from the 
larval habitat to a new habitat, where mating and oviposition 
occur. Others may move from a breeding habitat to a drier 
microhabitat for overwintering, and thence back to the 
breeding habitat the next spring, making three flight periods 
in their lifetime. Others, such as the floricolous cerambycid 
long-horned beetles, buprestid jewel beetles, herbivorous 
Chrysomelidae, and Homoptera-feeding Coccinellidae may 
fly more or less continuously during their adult life span as 
they move from plant to plant. Beetle flight always requires 
the unfolding of the flight wings. Typically, beetles will climb 
some sort of prominence, use their antennae as “windsocks” 
and orient their body so that their initial liftoff is against the 
wind, and then open their elytra and unfold their flight 
wings prior to takeoff. During the nuptial flight, beetles are 
likely to be reproductively incompetent. In some scarab 
beetles, vast amounts of air are swallowed prior to flight, 
resulting in a distended gut unsuitable for feeding. 

Mate finding may be facilitated by aggregation on host 
plants. The crushed leaves of host- and non-host-plant 
species are attractive to both male and female scarab beetles. 
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Adult emergence occurs as synchronous mass flights. Once 
near or on the host plants, female pheromones attract male 
scarabs. Ruteline scarabs utilize sex pheromones derived via 
fatty acid biosynthesis, whereas scarabs in the not distantly 
related Melolonthinae utilize amino acid derivatives and 
terpenoid compounds. The compounds of different classes 
are released from glands on different parts of the body: ruteline 
pheromones from epithelial cells lining inner surfaces of the 
abdominal apical segments, for example, or melolonthine 
pheromones from eversible glands on the abdominal apex. 
Pheromones used in the other beetle superfamilies span these 
scarab pheromone classes (e.g., terpenoids in the Curcu- 
lionidae, fatty-acid-derived aldehydes and acetates in the 
Elateridae, esters in the Dermestidae). 

Beetles use the other sensory modalities in mate finding, 
outdoing diversity observed in any other insect order. The 
anobiid deathwatch beetle acquired its ominous name through 
the predisposition of its males to bang their head capsules on 
host wood, telegraphically inquiring whether a receptive 
female is in the vicinity. This rapping was thought to foretell 
an imminent death. A males initially taps an average of five 
times, and if a female responds with a single tap, he moves a 
short distance and taps once. If he determines that the second 
female tap is fainter than the first, he turns at various angles to 
attempt to approach the female. Males receiving no returning 
female tap to their five-tap overture move greater straight-line 
distances between tapping bouts, searching greater expanses 
of wooden habitat for a responsive female (Fig. 48). 

The use of light for mate finding has been evolutionarily 
refined in the Elateroidea, with the Lampyridae using flashing 
signals produced in abdominal light organs to engage in 
complex male-female dialogue before mating. These light 
organs are modified fat body cells with transparent outer 
surfaces, backed with highly reflective uric acid crystals. The 
light is highly efficiently produced via the oxidation of 
luciferin by the enzyme luciferase in the presence of adeno- 
sine triphosphate (ATP) and oxygen, producing oxyluciferin, 
carbon dioxide, and light. Male flashes are composed of species- 
specific series of flashes of varying duration, composition, 
and in some instances intensity. Males of different species fly 
in different patterns and at different heights, while females 
respond with a simpler flash that encodes species identity by 
the response delay to the male flashing sequence, by the flash 
duration, and in several species by a multiple-flash sequence. 
This sexual communication has been co-opted as a predation 
mechanism in Photuris fireflies. Males and females of these 
adult-feeding lampyrids use a typical male-female light 
dialogue to mate, whereupon the female’s nervous system is 
affected so that she sends species-specific mating responses 
coded for sympatric, smaller Photinus species. Photinus males 
who venture too near the faux-Photinus female responses sent 
by the Photuris females are eaten. 

Males and females may undertake various types of precop- 
ulatory behavior before mating. These may involve the sensing 
of species-specific alkene aphrodisiacs related to cuticular 
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FIGURE 48 Paths taken by male deathwatch beetle, Xestobium rufovillosum 
(squares indicate positions at which male stopped to tap). (A) Female 
responded to male head tapping and was successfully found by male. (B) 
Male tapped in absence of any responding female. [Redrawn from Goulson, 
D., Birch, M. C., and Wyatt, T. D. (1994). Mate location in the deathwatch 
beetle, Xestobium rufovillosum DeGeer (Anobiidae): Orientation to substrate 
vibrations. Anim. Behav. 47, 899-907.] 


hydrocarbons, as in aleocharine Staphylinidae. Males or 
females may stridulate as part of their behavioral repertoire. In 
Meloidae, a male will climb onto the dorsum of the female and 
antennate her head, palps, or antennae. In Eupompha 
meloids, the males draw the antennae of the females along a 
longitudinal sulcus on the male vertex (Fig. 49). Genitalic 
insertion by the male is successfully attempted only after 
antennation of the female. The passage of a nuptial gift of the 
highly toxic compound cantharidin has been incorporated into 
mating behavior in the pyrochroid fire beetles. In Neopyrochroa 
flabellata, the female samples an exudate from a transverse 
sulcus on the male vertex. If the exudate contains the terpenoid 
cantharidin (better known as the mammalian “aphrodisiac” 
Spanish fly), the male successfully mates, whereupon he 
transfers to the female, along with his sperm, about half the 
cantharidin stored in the accessory glands of his reproductive 
tract. The female translocates this cantharidin from her 
spermatheca to the developing eggs, which are thus chemically 
protected from predation by cantharidin-sensitive predators. 
Although meloids are known to produce cantharidin, transfer 
of this compound during meloid mating has not been 
documented. Conversely, although pyrochroids utilize this 
chemical in their mating behavior, they do not seem to be 
able to synthesize it, and the natural source of cantharidin 
that facilitates their behavior remains to be discovered. 
Precopulatory behavior may involve more than a male 
and a female, especially in species in which male-specific 
structures have evolved in elaborate fashion. The enlarged 
male mandibles of stag beetles, Lucanidae, and prominent 
horns on the heads and pronotum of scarab beetles, are used 





FIGURE 49 Eupompha fissiceps (Meloidae), male antennating female while 


rubbing his tarsi under her head; male antennae bring female's antennae 


alternately into his cephalic sulcus. [From Pinto, J. D. (1977). Ann. Entomol. 
Soc. Am. 70, 937-952. © Entomological Society of America.] 


by males to joust for advantageous mating sites with females. 
Dynastine and other scarabs seek out branches of shrubs and 
low trees upon which to mate. Males competitively maneuver 
for the top position on the branch, which is favored by 
females entering the fray for mating. 

Copulation occurs with male dorsal to the female, the 
male grasping the female with the fore- and midlegs, and 
sometimes the mandibles, as in the tiger beetles or 
cicindeline Carabidae. The male aedeagus is inserted into the 
female gonopore. An aedeagal internal sac may be everted to 
place the male’s gonopore near the entrance to the female 
spermatheca, and a spermatophore may be passed that 
encloses the sperm. Most beetles exhibit a monotrysian 
female reproductive tract: that is, the eggs pass out of the 
same structures used for copulation. However, in the dytiscid 
water beetles, a ditrysian configuration has evolved whereby 
copulation and oviposition occur via parallel, though 
connected, passages in the female. 

The necessity for mating and copulation has been 
obviated in various groups of Curculionidae, Chrysomelidae, 
and Carabidae through thelytokous parthenogenesis. Species 
may be composed entirely of parthenogenetic populations, 
or such populations may be restricted to peripheral portions 
of the range. Parthenogenesis may also be associated with 
polyploidy, especially in weevils. 

Although most mated female beetles oviposit into 
appropriate microhabitats where the larvae will develop, some 
families are characterized by eggs being laid in masses (e.g., 
Coccinellidae). Some tortoise shell chrysomelid females, 
Cassidinae, will lay eggs in a mass and then hover over the mass 
through hatching and the early days of the larvae. Female 
pterostichine carabids of the genera Abax and Molops similarly 
guard their eggs, although only until hatching. Females of 
several staphylinid species of Oxyporus, voracious mycovores 
with large sicklelike mandibles, have been reported to oviposit 
several eggs within a cavity in a soft mushroom, then stay with 
the larvae as they quickly develop to pupation over 3 to 6 days. 

Ovoviviparity, or the holding of eggs until larvae hatch, has 
evolved several times across the Coleoptera. Typically it occurs 
in beetles occupying marginal environments dangerous to egg 


development. Chrysomelid females of montane or subarctic 
species hold developing eggs in the reproductive tract while 
basking on sun-drenched leaves to hasten egg development 
before larviposition. In Pseudomorpha hubbardi carabid beetles, 
females hold developing eggs until the larvae can be deposited, 
whereupon the larvae complete development as inquilines in 
an ant nest. 

Male and female cooperative brood rearing has evolved 
repeatedly in various groups of Coleoptera. The long-known, 
and. oft-revered dung-rolling Scarabaeidae provision nest 
burrows with rolled dung balls, upon which the eggs are laid. 
Females undertake this activity alone in some species, 
whereas the sexes work together in others. Burrows may be 
dug before dung balls are cut from mammalian dung pats, 
requiring navigation from the dung pat to a predetermined 
burrow location, or the burrow may be dug after the dung 
ball has been constructed. 

In the Australian Cephalodesmius armiger, males and females 
pair up, with males actively foraging for decomposing leaves, 
flowers, fruit, and seeds, which are brought back to the female, 
staying in the nest. The female works the plant materials into 
a compressed ball, to which she adds her fecal material. The 
microbiological action of fungi from her feces causes fermen- 
tation in this external rumen after larval brood balls have 
been made from the mass. As the larvae develop, they feed on 
the brood ball from the inside out. When the thickness of the 
walls of the brood ball drops to about 2 mm, the increased 
volume of larval stridulations sensed by the female stimulates 
her to add more decaying material to the brood ball. Four to 
ten brood balls are made per nesting pair. When the larvae 
finish their development, the female seals the brood ball with 
a combination of larval and female feces, the larva having 
ejected its fecal material through cracks in the brood ball 
before pupation. Both parents die before adult emergence of 
their young. The new adult beetles feed on the walls of the 
brood ball, inoculating their gut with the fungi used by the 
mothers to produce fermentation in the external rumen. 

Like the nest-building scarab, beetles of the silphid carrion 
beetle genus Nicrophorus raise their young on a concealed, 
highly desirable resource, a decaying carcass. Adult Nicrophorus 
actively fly long distances searching for a carcass. If a male 
discovers one, he emits a pheromone that attracts a female, 
with mating occurring on the carcass. Male and female then 
cooperatively bury the carcass by digging underneath it, and 
maneuver the corpse into a ball. Their activities isolate the 
corpse from competing silphids, and insulate it from 
microorganisms in the soil. After repeated mating, the female 
lays eggs in the surrounding soil. Upon hatching, the larvae 
crawl to the carcass, attracted by olfactory cues and adult 
stridulation. The adults precondition part of the carcass for 
larval feeding by chewing on it. They first feed the young 
larvae by regurgitating predigested carrion. Older larvae feed 
on their own, developing in 1 to 3 weeks, during which the 
female stays on the carcass. Upon maturation, the larvae 
crawl into the adjoining soil to pupate, and the female leaves 
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to search for a new carcass. Variations on this scenario 
include more than one pair of adults supported by a larger 
carcass, mated females raising their larvae alone when they 
discover a carcass without a resident male, and larger 
Nicrophorus species usurping a carcass through killing the 
original colonizing adults and their larvae. 

True sociality, wherein more than one generation of adult 
lives together, and reproduction is restricted to a portion of 
the individuals, is likely to be rare in Coleoptera. This 
behavior has been reported only twice, and conclusive studies 
to completely document interactions among adults and 
larvae have not been fully documented for either family, 
represented by the wood-inhabiting bess beetles (Passalidae) 
and the ambrosia beetle Austroplatypus incompertus 
(Curculionidae: Scolytinae). There is no doubt that adults 
and larvae live together, and that fungi are passed from 
generation to generation. For this arrangement to qualify as 
eusociality, the existence of individuals that assist 
reproductives but do not themselves reproduce, at least 
during a portion of their life, must be documented. 


INTERSPECIFIC INTERACTIONS 


Beetles exhibit defensive behavior that is mostly rooted in the 
attributes of their cuticle. Many beetles living an exposed 
portion of their life cycle on vegetation will use the “drop- 
off” reflex if disturbed (i.e., simply close the legs and tumble 
off the leaf or branch and fall to the ground, where their 
often cryptic coloration helps protect them from visually 
oriented predators). The drop-off reflex can be combined 
with thanatosis, in which the beetle lies still with legs 
appressed to the body. Alternatively, the legs may be held at 
irregular positions by muscular tetanus (catalepsy), or the 
individual may roll up into a ball with the antennae, 
mouthparts, and legs hidden from view. More brightly 
colored species do not use the drop-off reflex. Chrysomelid 
flea beetles have enlarged hind femora containing strong 
tibial extensor muscles; a cuticular femoral spring releases the 
stored energy, catapulting them into the air. 

Defensive chemical secretions that protect beetle adults 
from predators have evolved numerous times. Toluquinone is 
a defensive constituent common to several major terrestrial 
families (Carabidae, Staphylinidae, and Tenebrionidae), 
suggesting that this was one of the earliest defensive secretion 
types to have evolved. Since quinones are used in the tanning 
process of new cuticle, they would have been evolutionarily 
available in large quantities in well-sclerotized ancestral 
lineages of these families. Their tanning nature is not restricted 
to insect cuticle, as attested by the darkly stained fingertips of 
anyone who picks up an oozing Eleodes tenebrionid beetle. 

Perhaps the most famous defensive chemical reaction in 
beetles is observed in the crepitating bombardier beetles of the 
carabid tribe Brachinini. These beetles, like other carabids, 
possess pygidial defensive glands that empty from the lateral 
edges of the intersegmental membranes between the seventh 
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and eighth abdominal segments, Brachinine bombardier 
beetles plus carabid beetles of several other tribes (Metriini 
and Paussini) eject a combination of hydroquinones plus 
hydrogen peroxide held in one chamber of the gland, and 
catalases plus hydrogen peroxidase held in a second chamber. 
These chemicals combined result in an explosive ejection of 
hot (100°C) secretion, with liberation of the oxygen of 
H,O;, thus reducing hydroquinone to quinone, with the 
released O, propelling the spray (Fig. 50). 

In addition to quinone compounds, beetles have evolved to 
use a variety of other defensive chemicals. The more recently 
evolved carabid beetle groups spray formic acid, a chemical also 
utilized as a defensive agent by their omnipresent antagonists, 
the ants, or Formicidae. Brightly colored or starkly patterned 
beetles are candidates for chemical protection via defensive 
gland secretions. The buprestid jewel beetles are often colored 
in black and yellow stripes to appear like the Hymenoptera 
with which they cohabit in various flowers. Jewel beetles are 
highly protected by bitter chemicals named buprestins. Not 
only are these chemicals distasteful to mammals (viz., organic 
chemists!), but ants reject sugar solutions laced with 
buprestins. Jewel beetles form mimetic complexes with lycid 
beetles, themselves protected by defensive secretions composed 
of various substituted parazines, reportedly among the most 
powerful odorous substances known (Fig. 51). 

Various other beetle families regularly contribute members 
to lycid-based mimicry rings, including Cerambycidae, 
Meloidae, and Oedemeridae. Given that the meloids and 
oedemerids can synthesize cantharidin, it is likely that most 
beetles in such rings are distasteful, making Miillerian 








FIGURE 50 Cross section of pygidial defense gland of Brachinus bombardier 
beetle adult (Carabidae): L, secretory lobes; B, collecting vesicle; M, 
sphincter muscle; E explosion chamber; G, ectodermal glands that secrete 
catalase; O, outlet. Vesicle B contains mixture of hydroquinone and 
hydrogen peroxide, exploded by catalase, when it passes into E. [From 
Crowson, R. A. (1981). “The Biology of Coleoptera,” p. 502, Fig. 265. 
Academic Press, London.] 


mimicry the dominant basis for such common color patterns 
(Fig. 51). Other mimicry rings center on the dangerously 
toxic Paederus staphylinid beetles (Fig. 52), the cuticle of 
which exudes pederin. When such a beetle is scraped or 
crushed, contact with the pederin released results in human 


whiplash dermatitis (Fig. 53). 


INTERACTIONS WITH HUMANS 


Throughout history, humans have had diverse interactions 
with and perceptions of beetles. Coccinellid beetles were 
once perceived to have a close association with the Virgin 
Mary, hence their common name “ladybugs.” Ancient 
Egyptians recognized dung beetles (Scarabaeidae) as a symbol 
of Ra, the sun god, because of parallels between the beetles’ 
behavior and cosmic activities credited to the deity. Much as 
the scarabs rolled dung balls across the desert, Ra was 
thought to guide the sun across the sky each day. The 
symbolism of sacred scarabs has continued until today, as 
scarab images are still incorporated into jewelry, signifying 
good luck to the buyer or wearer. 

The mystery and aesthetic beauty of beetles has been 
captured in paintings, sculptures, dances, poems, songs, and 
other art forms. Beetles have been used by many cultures for 
decoration. The brilliant metallic elytra of Buprestidae serve 
as natural sequins on textiles, and as biological gems in 
jewelry. In some cultures, beetle horns are included in jewelry 
because they are thought to increase sexual potency. 

Live stag beetles (Lucanidae) are prized as pets in Japan, 
where a considerable amount of study has been given to their 
care in captivity. In Thailand the practice of “fighting” male 
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FIGURE 51 Five Australian beetles and a moth forming part of a mimicry 
ting: (A) Metriorrhynchus rhipidius (Lycidae), (B) Eroschema poweri 
(Cerambycidae), (C) Timesidera rufipennis (Meloidae), (D) Rhinotia 
haemoptera (Belidae), (E) Stigmodera nasuta (Buprestidae), (F) Snellenia 
lineata (Lepidoptera: Oecophoridae). (Images provided by copyright holder, 
CSIRO Entomology, Canberra, ACT, Australia.) 


Table 3. MIMO systems diversity orders. 


MIMO Configuration 


STBC 
BLAST 





The first diagonal of S' is transmitted via 
the first antenna; the second diagonal is 
transmitted via antenna 2, and so on. 


3.2 Vertical-BLAST 


A simplified version of D-BLAST was 
proposed by Wolniansky known as 
Vertical-BLAST or V-BLAST [14]. In V- 
BLAST, incoming data stream is de- 
multiplexed into N; streams each of which 
is encoded and modulated independently 
and sent on an antenna of its own. V- 
BLAST high-level diagram is depicted in 
Fig. 6-b where four antennas are used at 
the transmit side. Compared to D-BLAST, 
V-BLAST does not include cycling over 
time, the complexity is significantly 
reduced. In addition, unlike D-BLAST, V- 
BLAST does not include any space-time 
wastage. At the receiver, transmitted 
symbols can be decoded using ordered 
serial interference-cancellation (OSIC) 
detector. For the OSIC to work properly, 
the number of receive antennas N, must be 
at least as large as the number of transmit 
antennas. 


3.3 Turbo-BLAST 

Turbo-BLAST was first described by 
Sellathurai and Haykin [15]. The Turbo- 
BLAST transmitter structure is depicted in 
Fig. 6-c. The data stream bits are firstly 
demultiplexed into AN, parallel streams 
which are encoded independently using 
the block encoder (outer encoder) (i.e. 
channel coding). The output streams of the 
outer encoder are interleaved 
independently and passed to the inner 
encoder. The mission of the outer encoder 
is to achieve random-layered space-time 
(RLST) coding. 


The structure of the RLST encoder, with 
periodical cyclic space-time interleaving is 
depicted in Fig. 6-d. For optimal 
performance of the RLST code, the 
receiver should employ the maximum a 
posteriori probability (MAP) decoding 
algorithm. Nevertheless, the complexity of 
the MAP decoding algorithm is very high 
(increases exponentially with WN,). To 
decrease the complexity of the receiver, 
the near-optimal turbo-like receiver can be 
used. This near-optimal turbo-like receiver 
is known as iterative detection and 
decoding (IDD) receiver. 

Before going further, we list in Table 3 a 
comparison between diversity order of the 
different space-time coding and the 
BLAST family schemes. 


IV. Advanced Topics 


4.1 Single and Multi CodeWord 
MIMO 


In single codeword (SCW) MIMO, an 
encoded packet is distributed across many 
streams to form the MIMO transmission. 
Feedback is used to control the rank of the 
MIMO transmission (number of streams 
used) as well as the overall rate of 
transmission. In multiple codeword 
MIMO, several separately encoded 
packets are transmitted independently over 
the multiple streams. Here the rate of each 
stream can be controlled with feedback 
[16] and [17]. 


4.2 Single-User MIMO and 
Multi-User MIMO 


In single-user MIMO, already explained 
techniques in previous sections are used 
where the channel capacity grows linearly 
with min(Nt, Nr) [18]. 
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FIGURES 52-53 (52) Paederus cruenticollis (Staphylinidae) exhibiting warning 
coloration observed in many species of this genus. (Image provided by copy- 
right holder, CSIRO Entomology, Canberra, ACT, Australia.) (53) 
Dermatitis linearis on human forearm at 66 h after an adult Paederus beetle 
had been crushed on volunteer's skin. (Photograph courtesy J. Howard Frank.) 


Hercules beetles (Scarabaeidae) is a traditional source of 
entertainment. With a referee controlling the action, two 
males are introduced into an arena. When a female is placed 
nearby, her mating pheromones trigger the combatants to 
engage each other. The match ends and a victor is declared 
when one male becomes exhausted or backs down from the 
advances of his opponent. In Central America local craftsmen 
blur the distinction between “pet” and “jewelry” by gluing 
rhinestones, glass beads, and a small chain to the dorsal 
surface of zopherid beetles. When the tiny chain is pinned to 
clothing, the tethered beetle becomes living jewelry. 

Entomophagy, the eating of insects, is common in many 
parts of the world, and beetles often make up part of the 
menu. Larvae of palm weevils (Curculionidae) are considered 
to be a delicacy on the islands of the South Pacific. Similarly 
the fleshy, sausagelike larvae of various long-horned beetles 
(Cerambycidae) and scarabs are relished by people around 
the world. Mealworms, the larvae of some tenebrionid 
beetles, are easily reared and have become standard fare for 
culinary demonstrations of entomophagy. 

Beetles attract the most attention when they become 
economic pests of agriculture, horticulture, and forestry. Two 
families, the snout beetles (Curculionidae) and the leaf 
beetles (Chrysomelidae), include many serious pest species. 
In the middle to late 1800s, the Colorado potato beetle, 
Leptinotarsa decimlineata (Chrysomelidae) abruptly expanded 
its range across North America and then colonized Europe 
and neighboring regions. Great efforts were made to thwart 
the invader each time it appeared, but ultimately the beetles 
succeeded. Throughout the 20th century an epic battle was 
waged against the notorious boll weevil, Anthonomus grandis 
grandis (Curculionidae), in the Cotton Belt of the southern 
United States, where it inflicted great financial losses. A 
sustained and coordinated effort to control this pest 
succeeded in eradicating the boll weevil from portions of 
several states by the turn of the millennium. 

Predaceous ladybugs are often used in biological control 
to suppress populations of homopterous crop pests (i.e., 
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FIGURE 54 The jewel scarab, Chrysina cusuquensis, known only from a 


restricted fragment of forest in northern Guatemala. (Photograph courtesy 
of David Hawks.) 


aphids and scales). In the first successful biological control 
introduction, an Australian ladybug, Rodalia cardinalis, 
suppressed the cottony cushion scale (Hemiptera) on citrus 
crops in California. Phytophagous beetles have been employed 
to control weeds. In the 1960s the cattle-rearing industry in 
Australia faced a dilemma: because cows are not native to the 
continent, no natural bovine dung entomofauna was 
available to use their feces. Therefore cow patties persisted for 
months, during which time they served as breeding grounds 
for pestiferous horn flies. After careful study, Australian 
entomologists introduced South African Onthophagus dung 
beetles (Scarabaeidae). The measure was successful, and the 
problem quickly abated. 

Perhaps the least appreciated human—beetle interactions 
are those in which human population pressure inflicts a 
negative impact on beetle populations. Coleopteran diversity 
is largely attributable to their specialization for particular 
geographic locales, microhabitats, and food. As human 
populations grow and people alter the Earth for their needs, 
destruction of spatially restricted resources is an inevitable 
result, leading to extinction of species associated with those 
resources. Ironically, a characteristic that helped Coleoptera 
to attain the astounding degree of diversity that it exhibits 
today also predisposes many beetle species to anthropogenic 
extinction (Fig. 54). 


See Also the Following Articles 
Boll Weevil ¢ Cultural Entomology « Dung Beetles « 
Hymenoptera ¢ Japanese Beetle * June Beetles * Ladybugs 
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[" collecting often begins in youth, when one discovers 
the love of making specimens for school, scouts, 4-H clubs, 
and other projects or as a fascinating pastime in its own right. 
The great diversity and numbers of insects, plus their rapid life 
cycles, usually mean insect populations can afford to give up 
some of their numbers and not be adversely affected by most 
collecting activities. 

As one becomes engaged in various facets of insect biology 
as a researcher, the collection of specimens is important for 
taxonomic research, ecological studies, bioassessment and 


biomonitoring, and physiological and genetic studies. 
Because each labeled specimen is a historical record of that 
species’ occurrence in time and place, proper methods of 
collecting, preparing, labeling, and storing are vital. 

The general habitats, collecting equipment needs, and 
methods of collection and storage for the major insect orders 
and order groupings are presented in Table I. Below, a 
description of each type of equipment and its use are given. 
For more extensive illustrations and descriptions consult the 
books listed under Further Reading. 


BASIC EQUIPMENT FOR COLLECTING INSECTS 


1. Aerial net—A net bag made of translucent netting so 
one can see what's inside; it can be used as a beating net if 
needed. The net is used to grab insects off plants or to cover 
them on the ground. Since insects tend to crawl or fly 
upward, hold the net so they move toward its closed end once 
they are inside. 

2. Beating (or sweeping) net—A heavy cloth bag, perhaps 
with small netted area at the bottom; it is used to sweep “like 
a broom” through vegetation many times. To use, strongly 
wave the net to concentrate insects in bottom of the net 
before placing net with insects into a killing jar until 
movement ceases. Then pick out what is desired and allow 
the rest to revive and go free. 

3. Aquatic net—A heavy-duty metal hoop that can be D- 
shaped or round supports the netting. The former type is best 
for stream bottoms. The mesh and heavy cloth skirt have to 
be strong enough to take a beating. To use, hold the net 
against the bottom of the stream riffle and disturb the 
substrate upstream to allow insects to flow into net, or 
“work” the net among plants or debris to catch pond insects. 

4, Malaise trap—A tent-like structure made of netting and 
designed to direct insects that encounter it to climb upward 
and follow the seams to a collecting container into which they 
fall. Container can be designed for live capture or killing in 
alcohol or by means of a dry poison such as cyanide powder. 

5. Lights and light traps—A battery-powered light bulb 
such as a 15-W fluorescent “black light” or self-ballasted 
mercury vapor lamp can be hung from a tree limb or other 
support about one-half meter in front of a white sheet strung 
between two trees in the forest. The collector then picks the 
desired insects off the sheet. Various trap designs are available 
from supply houses, in which lights attract the insects that hit 
one of four vanes (or baffles) surrounding the bulb and above 
a funnel, into which the insects fall when they hit a vane. 
Ethyl acetate in tins with “wicks” of cloth provide a killing 
agent; crumpled paper also can be used in the bucket below 
for live capture. 

6. Pitfall traps—Tin cans, jars, or pails can be placed in 
holes dug in the ground and filled with earth to the outside 
rims. One may bait with dead animal matter or other 
attractants. Ethylene glycol (antifreeze) is often used as a 
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Preparation 





Protura, Diplura, 
and Collembola 


Thysanura and 


Microcoryphia 


Ephemeroptera 


Odonata 


Plecoptera 


Orthoptera and other 
orthopteroids 


Hemiptera, 
Homoptera, 
and other 
hemipteroids 

Phthiraptera 

Thysanoptera 


Neuroptera and 
Megaloptera 


Coleoptera 


Mecoptera 


Lepidoptera 


Trichoptera 


Diptera 


Siphonaptera 


Hymenoptera 


Leaf litter, rotten logs and 
stumps, birds’ nests, other 
detritus 


Buildings (silverfish), leaf 


litter, logs, seashores 


Naiads: streams, rivers, lakes 
Adults: fields and forests 


Naiads: streams, lakes, ponds 


Adults: fields, near streams 
and ponds 


Naiads: streams 
Adults: along streams, 
at lights 


Fields, forests, gardens, and 
other terrestrial habitats 


All terrestrial habitats 


Avian and mammalian hosts 


Plant axils, flower parts, 
and other plant parts 


Larvae aquatic (mostly 
streams) or on plants 


All habitats 


Woodland glades, 


understories 


All habitats, esp. fields 
and woods 


Running water, esp. streams 
for larvae 


Adults may be near or far 
from breeding sites 


All habitats; larvae most 
common in aquatic or 
moist habitats in water 
and land or animal hosts 


Bodies and nests of birds 
and mammals 


All terrestrial habitats 


Berlese funnel, aspirator, 
wet brush 


Forceps, Berlese funnel 


Dip nets, grab samplers 
Aerial nets, light traps 


Dip nets 


Aerial nets 


Aquatic nets 

Light trap, aerial and sweep 
nets, light trapping 

Sweep nets, light traps, 
aerial nets, hand capture 


Sweep nets, beating sheet, 
examine plants, light traps 

Forceps, aspirator 

Aspirator 


Aquatic nets, sweep nets 


and light traps 


Aquatic, aerial, and sweep 
nets: light, malaise and 
pitfall traps 


Sweep and aerial nets, 
light trap 


Aerial net, sweep net, bait, 
malaise and light traps 


Aquatic, sweeping, and 
aerial nets 


Malaise and light traps 


All kinds of nets, dippers, 
light traps, malaise traps 


Aspirator or moistened 
brush, sweep net 


Nets, all trap types 


Place in funnel for several 
days, jar of alcohol 
beneath, light above 


Same as above 


Kick samples, pick off stones 
Pick off plants or from light 
sheet 
Dredge or kick sample 
with net 
Sweep fast from behind 


with net 


Kick-netting in riffles, pick 
off stones, sweep shore 
vegetation 

Sweep and aerial netting, 
light trap sampling 

Sweep and aerial netting, 


light trap sampling 


Scrape fur and feathers 


Examine plants and 
aspirate 

Kick sampling in riffles, 
sweep vegetation, 
examine trap samples 

Bait pitfall traps with 
rotting animal flesh, 
other methods as above 

Follow and net individuals 
seen, use light trap 
(Meropeidae) 

Net resting butterflies, bait 
traps with rotting animal 
flesh and excrement or 
fermenting fruit, sweep or 
examine plants for larvae 

Kick samples for some larvae, 
others must be picked in 
cases off rocks in stream 

Adults come to lights or can 
be swept from streamside 
vegetation 

Examine plant and animal 
hosts, capture in net, traps 


Comb animal, break up nest 
over white background, 
sweep grassy areas around 
infested buildings 

Collect from flowers, sweep, 
extract from light, 
malaise, pitfall, and 
other traps 


70% EtOH, mount on 
microslides 


70% EtOH 


70% EtOH 


70% EtOH, place in 
envelope, wings folded 
over back, and card with 
collecting data; spread for 
display 

70% EtOH 


Mount on insect pins, support 
body until dry 


Pin large bugs, small ones on 
card points or store in 
70% EtOH, scales on 
microslides 


70% EtOH, mount on 
microslides 


70% EtOH, mount on 
microslides 


70% EtOH or pin 


Pin or mount on card points 


Pin or place in 70% EtOH 


Relax, and then spread on 
spreading boards, use 70% 
EtOH or special fluids for 


larvae 


Store all stages in 70% EtOH 


Pin, place on card points, or 
store in 70% EtOH 


Place in 70% EtOH, mount 
on microslides 


Mount on pins; on card 
points or in 70% EtOH 
if small 
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killing agent. Walls of boards can also be erected narrowing 
to the opening of the pitfall to direct arthropods to the pit. 

7. Beating sheet—A square of bed sheet or similar white 
cloth placed under a bush or tree to catch insects when they are 
knocked off after the plants are struck with a large stick, such as 
an axe handle. Insects are then collected by aspirator or forceps. 

8. Aspirator—A tube plugged with a rubber cork in 
which are inserted two tubes: one bent and used to point at 
tiny insects; the other connected to a rubber tube for 
inhaling quickly to suck the insect into the tube. The latter 
one has a tiny screen attached to the inside end to prevent 
insects from getting into one’s mouth. 

9. Berlese funnel—A commercial funnel of any size is 
needed, equipped with a screen inserted just above the 
narrow spout to prevent material from falling out. Leaf litter, 
birds’ nests, and other organic matter are put into the funnel, 
which is mounted on a rack or ring stand. A light bulb is 
placed over the top to dry out the organic material, driving 
arthropods downward as they seek moisture. Insects then fall 
through the screen and into a jar of 70% alcohol placed 
under the spout. The Berlese funnel is left in place until the 
organic matter is completely dried out. 

10. Relaxing box—A tight container (plastic refrigerator 
boxes are excellent) is chosen in a size needed. Cut or fold 
paper toweling to line the bottom of the box at least 1 cm 
deep. Moisten the paper thoroughly with water, but leave no 
water standing. Add a small amount of an anti-mold 
chemical such as paradichlorobenzene or carbolic acid 
(phenol). Place a piece of stiff cardboard above the wet paper 
as a platform for the specimens. Freshly killed insects, or 
dried ones you wish to pin or spread, can be softened in the 
box. If left in the “relaxer” too long, however, they may mold 
or turn mushy and disintegrate. 

11. Killing jar—A glass or plastic jar of desired size can be 
made into a killing jar by putting about a 1-cm layer of 
plaster of Paris in the bottom, or use just a pad of absorbent 
material such as cellucotton, cotton, or soft tissue. A fluid 
killing agent such as ethyl acetate or fingernail polish 
remover containing acetone is added to be absorbed by the 
plaster or other material. Be sure not to have any fluid on the 
walls of the jar, or specimens will be spoiled. If you use 
cotton or other absorbent material, cut a cardboard disk to 
separate the insects from the pad of killing agent. 


METHODS 


Insects are prepared for study and storage in three basic ways: 
pinning, fluid storage, and mounting on microslides. Adult 
insects or the immature forms of hard-bodied insects such as 
those with incomplete metamorphosis are pinned through 
the thorax of the body, unless too tiny, and then they are 
mounted on card points (see later). Insect pins, available 
from supply houses, are long and very sharp. They range from 
tiny headless “minuten nadeln” for mounting specimens on 
tiny blocks of foam, which in turn are put on regular insect 


pins, to pins that are numbered to match the general size of 
the insect. Size 000 is the smallest made and bends very 
easily. Most small insects that can be pinned are at least 5 mm 
in length, with a thorax big enough to hold the pin. Most 
medium and large insects are pinned on sizes 1 to 3. Sizes 4 
to 7 are sometimes available for large specimens. 


Preserving Insect Specimens in Fluid 


Insects that are too small, or the bodies of which are too brittle 
or soft, should not be pinned. They should be stored in glass 
vials in 70% ethyl alcohol (EtOH). Other special fluids, 
especially those that preserve colors, can be learned from the 
works under Further Reading. Actually collecting in alcohol 
can be done using traps of any type (light, malaise, pitfall, and 
some bait traps). The larger insects can be dried out later and 
pinned. However, collecting in fluid is NOT recommended 
for collecting Lepidoptera (butterflies and moths) or 
Culicidae (mosquitoes) because they have patterns formed of 
colored scales and those may be ruined by the fluid. 

Vials used are often of the “patent lip” type with neoprene 
stoppers. The author prefers to use 4-dram vials with size 0 
stoppers and store them in plastic racks and cardboard boxes 
with partitions available from supply houses. A better 
alternative is the screw-cap vial, which should be equipped 
with “polyseal” plastic sealing inserts. One of the biggest 
problems with liquid-stored specimens is the drying out of 
the fluid. I believe the latter storage to be superior because 
the alcohol does not discolor with years nor does the cap 
change shape (stoppers swell or stick to the glass). 

Many tiny insects such as lice, fleas, and thrips can be 
stored in EtOH until such time as they can be made into 
permanent microslide mounts with Euparol, Canada balsam, 
or some other mounting medium. 


Pinning Insect Specimens 


1. Be sure the insects to be pinned are soft enough so that 
they will not crumble when you handle them and attempt to 
pierce them with the pin. These can be just-caught, or they 
can be softened, if dry, in a relaxing box (see earlier). 

2. Select the pin and pierce the high point of the thorax 
with the point. Push the pin straight through the thorax. 
Check straightness by observing from front and side to see if 
the pin is perfectly perpendicular to both the transverse and 
the longitudinal axis of the insect. 

3. When the insect, such as a grasshopper, has a middorsal 
ridge in the thorax, pin just to the right of the ridge. 

4. For beetles, insert the pin in the right elytron (front wing) 
close to the midline. Do not pin beetles through the prothorax. 

5. Push the pin on through when you are satisfied with 
the position. One-third to one-fourth of the pin should be 
showing above the insect’s thorax. 

6. If the abdomen or legs are drooping, push the pinned 
insect into a block of foam plastic or a cardboard box to 


support these parts until they are dry. Then remove the insect 
and label it. 

7. Most museum specimens do not have legs and antennae 
adjusted to a life-like position when they are pinned. However, 
for display purposes or personal satisfaction one may move 
these body parts into desired positions on the foam or 
cardboard support and fix them temporarily with pins over 
or against them. 


Placing Insects on Card Points 


A card point is a small wedge of high quality (100% cotton 
content) cardstock, punched from the sheet with a special 
punch obtainable from a supply house. There are several 
different shapes, but the author prefers the ones with the 
wide end rounded. 

Card pointing is used for tiny insects that are hardbodied 
enough not to lose shape when dried. Size usually ranges 
from 1 to 5 mm or slightly larger in length. The author 
normally selects from large samples of dried specimens 
collected in sweep samples or light traps. 


1. Punch out a number of card points. Place them on top 
of a firm foam plastic or cardboard surface. 

2. Push the point of an insect pin into the wide end a 
short way from the very end, and push the card point up the 
pin by inserting the pin with the card point into the top hole 
of a 3-step pinning block (wooden block with three fine 
holes of different depths to provide uniform heights of labels 
on pins) and pushing the point up until it stops. It should be 
about 1/3 the distance from the top of the pin. 

3. Use forceps to turn the very tip of the card point 
downward at a right angle to form a vertical surface. 

4, Put a tiny dab of glue on the vertical surface you have 
made with the forceps. When doing a number of specimens, 
put a small drop of glue on a piece of card or paper to use 
(although it will tend to harden on the surface after a minute 
or two). 

5. Position the insect so that the right side of the thorax is 
accessible, and touch the glue-covered surface of the card 
point to the right side of the thorax. (The insect should 
appear to be “holding onto the card point with its right 
hand”). Use forceps to position the insect firmly against the 
glued surface and have it positioned so that its orientation to 
the ground is as it would be in life. 

6. Fill out your insect label with locality, date, and 
collector’s name. Trim it to be as small as possible (avoid 
large, oversized “barn door” labels). Labels should be printed 
on 100% cotton light card stock in permanent black (India) 
ink or can be done on a postscript laser printer. 

7. Position the label on the pin and push it up the pin at 
the middle hole of the 3-step pinning block. As you read the 
label, the card point and insect should be projecting to the 
left of the pin shaft. Make sure both card point and label are 
not tilted or crooked. 
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8. Place the specimen in a temporary holding unit tray 
until it can be identified and put in the collection. Identifica- 
tion labels should be affixed below the collecting data label 
and in a position so that both labels can be read from the 
same angle. The lowest step on the 3-step pinning block is 
normally used for the identification label. 


INSTRUCTIONS FOR SPREADING BUTTERFLIES 
AND MOTHS 


1. Have all needed items ready: well-softened specimens 
(stored in relaxing box or freezer after collecting), spreading 
boards of proper sizes, straight strips of tracing or waxed 
paper or other material, setting needles or picks, insect pins 
for specimens, glass-headed pins for holding paper in place 
(insect or dressmaker’s pins okay). See Fig. 1. 

2. Fix paper strips along the side boards of spreading 
board, slightly back from the notch to allow you to work the 
wings into place. Use two or three pins at the top of board to 
hold the paper even down its length. 

3. Push a proper sized insect pin straight down through 
the thorax of specimen, so it is not tilted in any direction. 
Push the pin far enough that the top of the thorax is one-third 
to one-fourth the distance down from the pin head (Fig. 1A). 

4. Push the pin down into the soft material in the notch of 
the spreading board so that it is not tilted in any direction. Also, 
push it far enough that the wings, when out straight to the 
side of the insect, rest flat on the side boards of the spreading 
board. Be sure you do not place the insect too close to the top 
of the board (leave room to pull wings into proper position). 

5. Push an insect pin down along the left rear of the 
thorax, behind the base of the left hind wing, to keep the 
body from swinging left as you position the wings. 

6. Place paper over the wings. Hold the left-hand paper 
strip in the thumb and forefinger of your left hand while you 
now begin to position the wings. 

7. Insert a sharp insect pin or setting pick behind the 
costa vein close to the base of the left forewing. Swing that 
wing upward until the inner (anal) margin is at a right angle 
to the plane of the body (Fig. 1B). Be sure not to let the hind 
wing pop out from below the forewing. Insert a glass headed 
pin into the paper above the costa near the base and inner 
margin near the anal angle to hold the wing secure. 

8. Pull the left hind wing forward by inserting a setting 
pin or pick behind the radial vein near the wing base, and 
swinging it forward. Leave a small triangular space between 
the outer margin of the hind wing and the inner margin of 
the forewing. Fasten paper over the left hind wing by putting 
a pin below it near the wing base. 

9. Repeat procedures 6 to 8 on the right side, and be sure 
you have produced symmetrical results (Fig. 1C). 

10. Position the antennae with pins to look as shown in 
Fig. 1. The abdomen may need to be supported with crossed 
pins beneath it or held down straight with crossed pins above 
it. 











XE 1 (A) Orange sulfur butterfly (Colas eurytheme) with insect pin inserted at proper height, ready to place in groove of spreading board. (B) Insect pin 


inserted behind thick costa margin and pulled forward so that inner margin of forewing is at right angle to groove. (C) After left hindwing is pulled forward 


and secured, right forewing and hindwing positioned to match left. (D) Glass-headed pins in proper position to hold tracing paper tight for at least one week, 


until the insect dries and can be removed; label ready to add. 


11. Write data (where, when, and by whom collected) on 
the paper strip holding down the wing or make a label and 
tuck it under the paper strip until the specimen is taken off 
the board (Fig. 1D). 

12. Add other specimens below, as close together as you 
can, if you have many specimens to spread. 

13. Make a notation of the date of spreading on the paper 
strip to remind you of how long the specimens have been on 
the boards. 

14. Store the board in a pest-free, dry place such as a steel 
or wood cabinet. Fumigation of the storage enclosure is 
recommended. 

15. Allow specimens to dry for at least a week, longer if 
possible. If the abdomen is completely dry and stiff, the 
specimen should be ready to remove. 





Specimens that you would normally pin or spread after 
pinning can be placed in envelopes. This is known as 


“papering.” Glassine stamp envelopes are excellent, but any 
kind will do. To make triangular paper envelopes, cut 
rectangles of paper, one side about a half-inch longer than the 
other. Fold into a triangle and then fold down the remaining 
“flaps” after putting the insects inside. Be sure butterflies and 
moths have wings folded over their backs for best results. 
They can be softened in the relaxing box at any later time. 
Dont forget to put collection data on the envelope. 

Storage of pinned and papered specimens must be in tight 
containers so that museum pests such as Dermestidae (carpet 
beetles) and booklice (Psocoptera) cannot get to them. These 
can also be repelled by fumigants such as napthalene (moth 
flakes or moth balls), PDB (paradichlorobenzen), or 
dichlorvos-impregnated “strips” cut into blocks. However, the 
trend is away from museum fumigants because of possible 
health problems from exposure to them. The better method 
is freezing. Whole boxes can be left in a freezer for a few days 
on an annual basis to kill any pests that may have entered. 

Drawers and boxes housing pinned specimens must have 
tight-fitting lids with inner flanges higher than the outer 


walls of the unit. Thus, a tight seal can be achieved, which 
usually keeps pests out. Equipment dealers offer high quality 
“Schmitt” boxes and standard cabinet drawers of different 
dimensions (Cornell, U.S. National Museum, and California 
Academy types are most common), as well as cabinets to 
house them. Homemade boxes and cigar boxes will do in a 
pinch; just add a foam plastic lining. However, one cannot 
expect such boxes to be pest-proof without fumigation. 

Vials with alcohol-preserved specimens and microscope 
slides can be stored in special boxes or cabinets also available 
from dealers or built yourself. 


See Also the Following Articles 
Museums and Display Collections ¢ Photography of Insects 
Population Ecology 
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ollembola or springtails comprise one of the most 
widespread and abundant groups of terrestrial arthro- 
pods. They are found everywhere, to the utmost reaches of 
multicellular animals in the Antarctic and Arctic and in all 
habitats except the open oceans and deep areas of large lakes. 
These all-wingless hexapods range in adult size from 0.4 to 
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FIGURE 1 Variety of Collembola forms (not to scale). (A) Sminthuridae. 
(B) Entomobryidae. (C) Onychiuridae. (D) Neanuridae. (E) Hypogastruridae. 
(F) Neelidae. (G) Isotomidae. (H) Tomoceridae. (I) Odontellidae. (J) 
Oncopoduridae. (K) Paronellidae. 


over 10 mm. Their small size generally results in their being 
overlooked, but they display an enormous range of body 
forms (Fig. 1), habitats, and habits. While most feed on 
fungi, bacteria, and decaying vegetation, some are carnivores, 
others are herbivores, and a number are fluid feeders. There 
are many commensal but no parasitic forms. They are most 
common in soils and leaf litter, but many species live in 
vegetation, littoral and neustonic habitats, caves, and ice 
fields or glaciers. Collembola have been classified with the 
insects but are now generally considered to belong to an 
order closely related to the Diplura and Protura. There are 
approximately 9000 described species belonging to about 27 
families (Table I). 


ANATOMY 


All Collembola are primitively wingless hexapods. All have 
three thoracic segments and six or fewer abdominal 
segments, including a telson consisting of a dorsal and two 
ventral valves surrounding the anus. 

There are typically four antennal segments, each with 
musculature (this distinguishes them from true insects, with 
three, and Diplura, with many antennal segments). Collembola 
vary enormously in form and somewhat in internal anatomy, 
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TABLEI Families and Numbers of Species of Collembola 
Family Number of species 
Suborder Arthropleona 
Hypogastruidae 800 
Odontellidae 50 
Brachystomellidae 30 
Neanuridae 500 
Onychiuridae 800 
Poduridae 
Isotogastruridae > 
Isotomidae 500 
Coenaletidae 2 
Actaletidae 9 
Entomobryidae 800 
Microfalculidae 
Paronellidae 450 
Cyphoderidae 85 
Oncopoduridae 50 
Tomoceridae 200 
Mackenziellidae 
Suborder Symphypleona 
Sminthurididae 70 
Katiannidae 350 
Sturmiidae 
Spinothecidae 8 
Dicyrtomidae 220 
Bourletiellidae 300 
Sminthuridae 270 
Suborder Neelipleona 
Neelidae 30 


but all lack Malpighian tubules and most have paired labial 
nephridia that empty into the ventral groove at the base of 
the labium. One universal and unique feature is the ventral 
tube or collophore (Fig. 2)—a distally weakly paired projection 
from the first abdominal segment with membranous, some- 
times eversible, distal margins. Probable functions include 
imbibition, excretion, respiration, and adhesion to smooth 
surface. Collembolan mouthparts are said to be entognathous, 
being concealed by the head capsule, and typically adapted 
for chewing. The mandible usually has apical teeth and a molar 
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FIGURE 2 Typical Collembola anatomy. 
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FIGURE 3 Collembolan mouthparts. (A) typical mandible and (B) maxilla; 
(C) reduced mandible and (D) maxilla of Cyphoderidae; (E) piercing and 
sucking mandible and (F) maxilla of Neanura. (G—I) Various mandibles of 
Neanuridae and (J-L) various maxillae of Neanuridae. 


plate, and the maxilla varies greatly and bears a number of 
complex lamellae. 

In some Neanuridae and a few other groups, the 
mouthparts are simplified and the mandible may be lost (in 
connection with adaptation for specialized, including liquid, 
diets). In other Neanuridae the mandibles and maxillae show 
an inexplicable complexity (Fig. 3) and diversity of form 
equal to that seen in any other order of insects. The mouth 
opening is connected to the anterior surface of the ventral 
tube by a ventral groove through which fluids may flow. 

Collembola are equipped maximally with 8 + 8 
ommatidia but often have a supplementary light sensory 
organ between the antennae on the dorsum of the head. A 
few Collembola possess rudimentary trachea; however, 
respiration is normally through their thin cuticle and the 
membranous surface of the ventral tube. The reproductive 
system consists of paired ovaries or testes opening on the 
venter on the fifth abdominal segment. Collembolan legs 
consist of one or two apparent subcoxal segments, a coxa, 
femur, trochanter, fused tibiotarsus, and distal, normally four 
bladed, unguis. An opposable smaller lamellate unguiculus is 
usually present. 

Most Collembola have a forked ventral jumping 
apparatus or furcula on the fourth abdominal segment, 
consisting of a single basal manubrium and paired distal 
dentes and mucrones. It is held in place by the latch-like 
tenaculum on the third abdominal segment. When the 
tenaculum releases, the furcula catapults the animal, as much 
as 10 cm. All Collembola are covered with setae but their 
number, size, and structure vary greatly from group to group. 
The cuticle of Collembola is extremely varied and often has 
elaborate surface structures. 


FOSSIL HISTORY 


The first fossil Collembola occur in the 400 million-years- 
old Rhynie chert deposits of the Devonian, although there 
are secondary fossil hints of earlier Collembola occurrence. 
These fossils display very modern collembolan features, 
including typical entognathous, chewing mandibles; ventral 
tube; and, probably, a furcula. The single described species— 
Rhyniella praecursor—has been placed in a variety of families, 
including recently Isotomidae; however, all family placement 
must be considered very tentative and it is likely that one or 
two additional species are in this deposit. A single specimen 
of a very probable member of the family Entomobryidae was 
found in Permian shale of South Africa but extensive 
collembolan fossils are limited to amber of the Cretaceous, 
Oligocene, Miocene, and Pliocene. Collembola represent 
only a small fraction of the hexapods found in amber, and 
they are absent from many amber deposits; however, there 
are over 70 specimens from late Cretaceous Canadian amber, 
over 160 from the Baltic Eocene amber, about 130 from 
Miocene amber of Chiapas and the Dominican Republic, 
and 16 from Pliocene Japanese amber. The Cretaceous 
material has no identifiable specimens of extant genera and 
most specimens can be placed in one of eight extinct genera. 
All the remaining amber specimens can be placed in extant 
genera and in a few cases in extant species. Since the Eocene, 
generic extinction appears to have been absent, a unique 
feature among hexapods well represented in Eocene deposits. 


VARIETY OF BODY FORM 


Although the generally considered primitive Collembola 
(Fig. 2) display most of the features described above, most 
genera differ from this. All families have some forms with 
reduced numbers of eyes, and Neanuridae, Hypogastruridae, 
and Isotomidae (Figs. 1E and 1G) often have reduced or no 
furcula. The Neanuridae (Fig. 1D) often have large spines on 
the body as well as spectacularly complex mouthparts. 
Indeed these are so complex and varied (Fig. 3) that species 
can be identified by their mouthparts alone. The Onychi- 
uridae (Fig. 1C) all lack eyes and almost all lack pigment and 
a furcula. They are characterized by the presence of pseudocelli 
through which defensive toxic and/or repulsive fluids are 
secreted. These along with the Hypogastruridae, Poduridae, 
and Neanuridae have well developed, seta bearing, first 
thoracic segments; the remaining families all have greatly 
reduced, nonsetaceous, first thoracic segments (Fig. 2), and 
some families have fusion of abdominal segments. The 
Neelidae and Sminthuridae have the first four abdominal 
segments fused and more or less fused with thoracic seg- 
ments. Some Entomobryidae and Sminthuridae (as well as 
most Tomoceridae) have antennal subsegmentation, giving 
the appearance of more than four antennal segments. The 
largest species are found in the Neanuridae, Entomobryidae, 
and Tomoceridae, often reaching 5 mm and occasionally over 
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10 mm in length, but the Neelidae and Mackenziellidae 


rarely reach 1 mm. 


HABITATS AND HABITS 


Most Collembola in temperate and arctic zones live in the 
soil or ground litter, but there are several groups, most notably 
the Sminthuridae, that largely inhabit vegetation. In tropical 
regions Collembola are abundant in trees and epiphytic 
plants. In rain forests, they are rare in soils but abundant in 
trees. Collembola are abundant in many caves and are 
frequent in marine littoral zones. They are also common in 
the interstitial sand regions of marine beaches and the surface 
of standing fresh water. In all these examples there are many 
species specialized for these habitats. Collembola have 
recently been discovered at depths up to 20 m in both fresh 
and salt water, but nothing is known of the habits of such 
forms. Many species are found in bird and mammal nests, 
and microcavernicole habitats are frequently exploited but 
such forms show no particular specializations, being also 
found either in litter or in soil habitats. Ant and termite nests 
are frequently occupied, and one family, the Cyphoderidae, 
consists largely of species limited to and highly adapted for 
life in these habitats. Some of the most striking examples of 
presumed commensalism occur in the genus Axelsonia 
(Isotomidae), of which one species lives in the gill chamber 
of land crabs, and in the family Coenaletidae, of which all 
species are confined to the shell of terrestrial hermit crabs. 
The forms living in the different habitats often display a 
suite of morphological characteristics correlated to their 
habitat. Thus, forms that have reduced furcula, reduced or 
no eyes, weak pigment, and reduced pointed tenent hairs are 
characteristically found in soil. Forms with no eyes or 
pigment; well-developed furcula; elongate, slender untoothed 
ungues; and reduced, pointed tenent hairs (troglomorphic) 
are almost always cave dwelling. Almost all species with well- 





Podura aquatica (Poduridae), from the surface of a garden pond. (B) 
Kalaphorura burmeisteri (Onychiuridae), from soil. (C) Dicyrtoma fusca 


(Dicyrtomidae), from leaf litter. (D) Entomobrya nicoleti (Entomobryidae), 
under surface debris. (Photographs by Steve Hopkin.) 


238 Collembola 


marked color patterns and well-developed furcula are either 
litter or vegetation dwelling (Fig. 4). 


REPRODUCTION AND DEVELOPMENT 


Fertilization is internal; however, exchange of sperm occurs 
in a variety of fashions. Sexual receptivity is associated with 
adult molting and in some species pheromones to facilitate 
aggregation of sexes. The sperm is produced in a packet, 
often with a stalk holding it above the substrate. In some 
groups (most Onychiuridae) these packets are produced 
randomly and fertilization occurs by accidental contact of the 
female with the packet of sperm. In a number of species the 
packets are produced only in the presence of females, but the 
most elaborate procedures are seen in Podura aquatica and 
the Sminthuridae. Here, often, there are elaborate courtship 
and maneuvering associated with fertilization. This is often 
accompanied by modifications in male anatomy, which 
ensure the appropriate species response and/or positioning 
for sperm packet uptake. Most of these species are brightly 
colored and patterned, which may also be associated with 
species recognition. In these forms, sexual dimorphism is the 
rule and often extreme. This is also true of many marine 
littoral species, but in these, the method of sperm transfer is 
still unknown and the function of the dimorphic structures 
(usually male) is unclear. 

In some members of the family Isotomidae secondary 
sexual characters alternate with molts, being expressed in stages 
in which the animals are sexually receptive and not expressed 
in stages in which they are not receptive. In most Collembola 
there is little or no sexual dimorphism and sexes can be sepa- 
rated only by the difference in their genital openings. Both 
males and females occur in most species but parthenogenesis 
is common, especially in some genera of the Tullbergiidae. 

Development is direct, with the young generally very 
similar to the adults except for the absence of sexually 
associated features and body ratios and some aspects of the 
setae clothing. The main exception to this generalization is in 
the Tomoceridae, whose juveniles have been assigned to genera 
different from those of the adults. Collembola continue to 
molt after reaching sexual maturity and some species can molt 
very large numbers of times (the record is 52). They stop 
reproducing at some point and later molts result in reduced 
rather than increased size. Although some Collembola have 
been known to live more than 5 years in captivity, their life 
span in the wild is undoubtedly much shorter. 


UNUSUAL FEATURES 


One remarkable feature of some members of the family 
Onychiuridae is that some male-only specialized setae on the 
venter of the abdomen achieve full development only several 
molts after sexual maturity. Their function is unknown. 
Many species of Collembola, almost entirely of the 
families Isotomidae and Hypogastruridae, go through a 


period of reduced activity, wherein they develop a unique 
morphology, often associated with the development of heavy 
abdominal spines and wrinkled surface and reduced 
mouthparts and digestive systems. When this is associated 
with particular ecological conditions (most commonly 
drying or elevated temperature), it is termed ecomorphosis: 
feeding ceases and the structural changes are usually striking. 
The cessation of the causal conditions results in a quick molt 
and return to normal anatomy and activity. When these 
conditions are part of a regular cycle the process is called 
cyclomorphosis. 

A number of Collembola are also capable of anhydrobiosis, 
that is, they can become completely dry without dying. In 
some (but not all) instances these animals forms small ball- 
like capsules around themselves before entering this state. If 
wetted, the animal resumes normal activity in an hour or 
two. Recent studies with sand dune Collembola suggest that 
this capacity may be more widespread than currently 
established. Another unusual feature of Collembola is the 
ability of some species to live very long periods without food. 
This characteristic appears to be best developed in some cave 
forms, and in several instances animals reproduced after not 
being fed for 30 weeks. The longest survival was a specimen 
of Onychiurus, which lived over a year without food and was 


then accidentally killed. 


ECOLOGY AND ROLES IN ECOSYSTEM 


Because Collembola are found in all habitats, from the 
coldest to the hottest supporting multicellular life, and from 
treetops to the deepest soil layers supporting multicellular 
animals, it is clear that their responses to various abiotic 
conditions must vary enormously. Humidity is usually the 
most important factor in determining Collembola 
distribution. High humidity is seldom a problem for 
Collembola but desiccation is often serious. Collembola 
resist desiccation by moving into microenvironments of high 
humidity (under stones or into deeper soil layers) and/or 
limiting activity to nights and by morphological adaptations 
(such as cuticular thickening, ornamentation, and scales). 
Some species, as already discussed, change form radically and 
cease feeding, while others go into anhydrobiosis. Many 
species lay eggs that are much more resistant to drying and 
they survive desiccation in this stage, often accompanying 
this with short postembryonic life cycles. 

Collembolans have vastly different temperature tolerances 
and preferences, ranging from a species of Sminthurides 
found in volcanic vents with temperatures as high as 48°C to 
an Antarctic species shown to survive temperatures below 
—30°C. Survival (and activity) in low temperatures has been 
studied extensively. Some Collembola are primarily inhabi- 
tants of glaciers and ice fields and others are dominant mem- 
bers of the arthropod faunas of high latitudes. Winter-active 
Collembola in temperate climates often build up large 
numbers under snow and on suitable warm days pour out 


For multi-user MIMO, which is of high 
interest research topic, it was shown that 
for N, transmitting antennas (at the base 
station) and N, users, the same overall 
capacity can be achieved. This later work 
was encouraged by applying dirty paper 
coding [19] where results showed that if 
the transmitter knows the interfering 
signal, then the channel capacity will not 
be affected by the presence of the 
interference [20]. On the other hand, 
multi-user MIMO can integrate 
beamforming to apply spatial division 
multiple access (SDMA). 


4.3 Cooperative Communication and 


Virtual MIMO 


In cooperative communication, a mobile 
can act as both a user and relay. As 
consequence, mobile sends to the base 
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station its own data bits and some of other 
mobiles (sometimes called partner) 
information bits. Fig. 7 shows a 
cooperative cellular system where for 
simplicity we consider three cooperative 
users and one base station [21]. As 
depicted in Fig. 7, user 1 cooperates with 
users 2 and 3 to send its own information. 
As a result, the overall cooperative system 
can be seen as virtual-MIMO (V-MIMO) 
and in the above example it is 3xNgps5 
MIMO system (for the uplink) where Ngs 
is the base station’s number of receive 
antennas. Users 2 and 3 can simply 
amplify and forward user 1 received 
information or detect and forward [22]. 
Another method of cooperation is the 
coded cooperation where different coded 
portions are sent via different fading 
channels [23]. 


Independent 
Channels. 


Fig. 7. Cooperative communication and virtual-MIMO. 


4.4 Pre-Coded MIMO with Rank 
Adaptation 


4.4.1 Per Antenna Rate Control 
(PARC) 


PARC can be considered as a closed-loop 
MIMO system where transmitter uses 
channel quality indication (CQI) fed by 
the receiver to select the best modulation 


and coding schemes per antenna. Fig. (8) 
shows a general PARC transmitter 
structure with 4 transmit antennas [24]. 


4.4.2 Per Group Rate Control 
(PGRC) 


In PARC, a CQI feedback is necessary for 
each transmit antenna. This increases the 
uplink overhead. 


onto the snow in vast numbers as snow fleas. Extreme cold 
tolerance always involves supercooling with the accumulation 
of cryoprotective substances. 

Oxygen requirements of Collembola also vary enormously. 
The greatest tolerances discovered are in the Antarctic 
Cryptopygus antarcticus, which has a 30% survival rate after 
30 days in pure nitrogen atmosphere. In many Collembola, 
respiration when submerged is via air films surrounding the 
animals as a result of their hydrophobic cuticle, but this 
apparently not necessary in all forms. In many forms the eggs 
are more resistant to immersion than in other stages. 

Collembola, even in uniform soils, are never randomly 
distributed, but show strong clumping because of pheromones 
or local food abundance or simply as a result of limited dis- 
persion after founding events and subsequent population 
growth. 

Competition between Collembola species in cultures has 
in at least a few instances shown that there is no evidence for 
competitive exclusion, even under long-term clearly compet- 
itive conditions. In addition it has been shown that interac- 
tions between two species can be either positive or negative 
depending upon the nature of the interaction (airborne 
allomones, substrate-transmitted allomones, or direct contact). 

While most soil- and litter-inhabiting Collembola feed 
primarily on decaying vegetation and fungi (and appear to 
be general feeders), experimental studies have shown that, 
given a choice, they may be very selective as to both the 
decay state and nature of the vegetation and the species of 
fungi. A number of Collembola are occasionally or primarily 
(and in a few species exclusively) carnivores, different species 
feeding on a variety of organisms, ranging from rotifers to 
other Collembola. Probably the most commonly eaten prey 
is nematodes. Vegetation-inhabiting Collembola eat primarily 
unicellular algae, pollen, and soft parts of vegetation and 
fungal spores. Many Collembola are coprophagic, feeding 
largely on arthropod feces. Some littoral species appear to 
feed largely on diatoms or unicellular algae, and forms with 
piercing—sucking mouthparts feed largely on fungal hyphae 
juices. Thus their primary role in the environment is that of 
reducer; however, another major role is that of prey. The 
ability to jump is the major defense mechanism of 
Collembola; however, many Poduromorpha, particularly 
those with the furcula short or absent, have body fluids that 
are repellent to predators, and they may release these by 
reflex bleeding when attacked. Most carnivorous soil 
organisms feed on Collembola, and many beetles, ants, and 
wasps are specialized for feeding on them. 


HUMAN INTERACTIONS 


Collembola rarely interact overtly with humans. There are few 
agricultural pests and, except for the introduced Lucerne flea 
(Sminthurus viridis) in Australia, which is a pest in pastures and 
horticultural crops, these are of little economic importance. 
There are no parasitic Collembola and they are not known to 
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transmit any diseases. Mass emergences occur and may cause 
a temporary problem with household infestation but they are 
generally short lived there. The true household Collembola 
are unobtrusive and generally overlooked. Collembola play 
an important role in the development and maintenance of 
healthy soils, but this is not generally appreciated. Here they 
are usually abundant and may reach densities up to a trillion 
per square meter. 


See Also the Following Articles 
Arthropoda ¢ Diplura e Protura 
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Colonies 


Sean O’Donnell 
University of Washington, Seattle 


S ome species of insects spend much or all of their life living 
in organized social groups called colonies. Insect colonies 
have long fascinated biologists because they resemble 
superorganisms. Although insect societies are composed. of 
distinct individuals, they possess group organization and 
coherence. Colonies exhibit emergent developmental 
properties, which are characteristics that cannot be explained 
or predicted by examining the behavior of their component 
parts. Insect colonies can serve as useful models of biological 
processes that occur in other complex living systems. One 
powerful analogy has been to compare the initiation, growth, 
and reproduction of an insect colony to the process of 
development of multicellular organisms. 

Like individual plants and animals, insect colonies are 
initiated by propagules that are produced by parents (mother 
colonies); they then grow, reproduce, and often decline in old 
age. However, a wide array of developmental patterns have 
evolved in insect societies. Some of this variation can be 
explained by abiotic factors, such as the climate that prevails 
in the geographic range of a given species. Seasonality of 
temperature, daylength, and rainfall appear to have far- 
reaching effects on colony development. Climatic variables 
are not the whole story, however, since a diversity of colony 
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cycles can be found among closely related species that live in 
the same area. Pressure from natural enemies, such as preda- 
tors and parasites, as well as pressure from social competitors, 
has shaped the evolution of colony development. 


MODES OF FOUNDATION: INDEPENDENT, 
SWARMING, AND BUDDING 


Parent Colony Investment Decisions 


SIZE VERSUS NUMBER OF PROPAGULES 
colonies vary widely in the amount of investment they make 


Insect 


in each of their offspring colonies. At the low end are 
independently founded colonies, wherein single inseminated 
females (such as eusocial thrips and aphids and some 
Hymenoptera) initiate new colonies alone. In these species, 
the colony passes through a solitary phase. Examples of 
independent founders include sweat bees (Halictidae), 
bumble bees (Bombus), several genera of paper wasps [most 
Vespinae (hornets and yellowjackets), Parapolybia, some 
Ropalidia, Mischocyttarus, and Polistes], and many ants 
(Formicidae). In some species, the lone foundress may be 
later joined by one or more conspecific cofoundresses. In 
other species, cofoundresses are not tolerated. In many 
termites, the smallest possible social group founds the new 
colony: a single reproductive male-female pair. At the other 
extreme, the relatively large colonies of some species issue 
discrete colony-founding swarms. Swarms are made up of 
reproductives and workers that migrate to a new nest site as 
a coordinated unit. Swarms often include a sizeable portion 
of the worker force, and they represent a large investment. 
Swarm-founding lineages include honey bees (Apis), swarm- 
founding wasps (tribe Epiponini), and army ants (Eciton). 

There is an inherent trade-off between the size of the 
offspring colony propagule and the number of propagules 
that a given parent colony can produce. Large propagules are 
logically restricted to species with large colony sizes, but not 
all large-colony species reproduce by swarming or budding. 
Vespula paper wasps, higher termites (Termitidae), and 
leafcutter ants (Atta) achieve mature colony sizes of 
thousands or millions of adults, yet reproduce by issuing 
solitary dispersing reproductives. Production of new colonies 
by swarms has evolved independently in bees (honey and 
stingless bees), paper wasps (Neotropical Epiponini, some 
Ropalidia, Provespa, and Polybioides), and ants (Eciton army 
ants). Some species of ants produce new colonies by 
budding, wherein portions of the colony that occupy discrete 
nests gradually reduce interchange of members and 
eventually become independent. 


SURVIVAL OF PROPAGULES: PREDATORS AND 
ENVIRONMENTAL EFFECTS One important set of selective 
pressures that may explain variation in propagule size is 
negative biotic interactions. These can take the form of 
predation, attack by other natural enemies such as parasites, 


and conflict with conspecific competitors. Larger incipient 
colonies result from swarming and budding. These larger 
groups possess a defensive worker force and are more likely to 
resist destruction or consumption by enemies. 

Abiotic challenges may also select for larger numbers of 
participants during incipient colony formation. Larger social 
groups may be better able to resist desiccation and 
temperature fluctuations, especially when they nest in 
enclosed spaces. Interesting in this regard are ant colonies 
that exhibit seasonal polydomy. Polydomy occurs when a 
single colony occupies several distinct nest cavities or 
structures. Leptothorax ants nest in small cavities in the leaf 
litter, such as hollow twigs. The colonies of some Leptothorax 
species divide themselves among several nests in summer 
when milder weather prevails, later coalescing into a single 
nest cavity as winter approaches. 


Independent Foundation and Options 
for Social Cooperation 


TO JOIN OR NOT TO JOIN In some species of 
independent-founding eusocial Hymenoptera, reproductives 
have the option of joining an already-initiated nest as a 
cofoundress, rather than starting one of their own. The degree 
of division of reproductive rights among the cofoundresses 
can be analyzed as a type of social contract. Often, the 
cooperating females are closely related. Differences in social 
status and reproductive capacity may be influenced by the 
degree of genetic relatedness among the cofoundresses. 
Dominant females can attempt to monopolize reproduction, 
or they can share a portion of reproduction as an incentive to 
stay and help on the part of subordinates. Kin selection 
theory predicts that the incipient society should be more 
equitable if the social partners are less closely related, since a 
greater incentive to help is required of nonrelatives. 
Cooperative colony founding may also represent a form of bet 
hedging and may be favored irrespective of genetic relatedness. 
If lone nest founders have little chance of succeeding, then 
cooperating can be favored by all individuals, even in the face 
of complete reproductive division of labor. In some cases, 
such as bull-horn Acacia-inhabiting Pseudomyrmex ants, 
female reproductives of different species may occupy a young 
plant, even though only one colony will eventually emerge to 
monopolize the tree. 


USURPATION AND SOCIAL PARASITISM Another 
option for reproductives of some species is to steal or usurp a 
young colony from a conspecific or from another species. 
Social parasitism occurs when an invading reproductive uses 
the workers of a nest she did not construct to rear her 
reproductive offspring. A range of degrees of integration of 
social parasites into their host colonies can be observed in a 
diversity of insect lineages. Good examples occur in 
yellowjacket wasps (Vespinae), European Polistes paper wasps, 
bumble bees and their Psythris parasites, and ants. In the 


simplest cases, queens attack conspecific colonies and kill the 
resident reproductive, taking over the worker force. Simple 
heterospecific parasitism is similar to conspecific takeovers, 
in that the invading queen kills the resident queen. Often, 
females of socially parasitic species exhibit adaptations to 
improve their chances of winning queen vs queen combat, 
such as enlarged heads and mandibles. Parasitic species are 
often incapable of producing workers of their own, so the 
colony switches to producing new parasite reproductives 
after a takeover. In some species of ants, the socially parasitic 
queens are better integrated into the host society (e.g., 
Teleutomyrmex invading Tetramorium colonies). The parasitic 
queens coexist with the host queen and allow her to continue 
to produce a worker force, while the parasites produce 
reproductive offspring. 


Social Groups as Founding Units 


DIVISION OF LABOR When new colonies are founded 
by swarms or by buds, a worker force is always present. One 
potential advantage to this strategy is the increased efficiency 
of the colony resulting from division of tasks among the 
group members. An important form of division of labor, 
which swarm-founders generally exploit, is the removal of the 
reproductives from the need to perform such risky and 
expensive tasks as food collection and nest defense. Division 
of labor is often weaker in independently founded colonies 
and is absent by definition for solitary foundresses. 


DEFENSE A group of workers can protect incipient 
colonies from natural enemies. New nests that are left 
unattended when solitary foundresses leave to forage are 
often attacked by parasites and predators. Survival of colony 
propagules 
particularly in areas where negative biotic pressures are most 


increases dramatically with group _ size, 
intense. Several studies of independent-founding paper 
wasps (Polistes and Mischocyttarus spp.) have shown that 
young colonies with cofoundresses fare dramatically better 
than singly founded nests. 


THE NEED FOR COMMUNICATION A special challenge 
facing swarm-founding species, and perhaps to a lesser extent 
budding species, is the need to coordinate movement from 
the parent nest to the offspring nest site. Special 
communicative mechanisms are used, such as the dance 
language in honey bees (Apis spp.), and trail pheromones in 
stingless bees and epiponine wasps. The need to evolve 
communicative mechanisms may constrain the evolution of 
swarming as a mode of colony foundation. 


COLONY GROWTH 


Social insects provide interesting and accessible models for 
testing life history theory because workers are roughly 
equivalent to the soma or body of a metazoan organism, while 
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the reproductives can be treated as the germ or reproductive 
line. This analogy becomes weaker when the workers have 
some opportunity for direct reproduction. Nonetheless, 
insect colonies often develop in ways that suggest a trade-off 
between growth (i.e., worker production) and reproduction 
[i.e., production of gynes (new queens) and males]. 

One important decision that colonies make is the size at 
which to reproduce. This varies widely among even closely 
related species. For example, average size for mature colonies 
varies over at least five orders of magnitude among eusocial 
paper wasps (Vespidae). 

Another important concern is the timing of reproduction. 
In some species, colonies exhibit a big-bang pattern of 
reproduction. The worker population of the nest increases as 
the growing season progresses, often exponentially. At some 
critical point in development the colony ceases to produce 
workers, switching entirely to the production of gynes and/or 
males. Colony decline or senescence follows reproduction. 
Temperate bumble bees and yellowjackets often approximate 
a big-bang approach to reproduction, and their life cycles 
resemble those of annual plants. Other species produce 
workers and reproductives simultaneously. In the extreme 
case, some males and gynes may emerge among the earliest 
offspring from the nest. For example, some Neotropical 
paper wasps (Mischocyttarus spp.) exhibit a great deal of 
overlap of worker and reproductive production. Swarm- 
founding species frequently undergo several bouts of 
reproduction, issuing reproductive swarms sequentially over 
a long period without undergoing parent colony decline. 

For eusocial Hymenoptera, production of male offspring is 
potentially costly to the colony, and selection for labor effi- 
ciency may act to delay male production. Male Hymenoptera 
rarely work for their colonies and are often thought to rep- 
resent a drain on colony resources. This cost does not accrue 
to termites, both sexes of which participate fully as workers. 


REPRODUCTION 
Timing and Synchrony 


In seasonal habitats, the proper conditions for nest 
foundation can be constrained to a narrow window of time. 
This can select for a high degree of synchrony among colonies 
in a population in the timing of release of reproductives. In 
some species, reproductive offspring that depart from their 
natal nest must mate and either overwinter or initiate a new 
nest or perish. This pattern is apparently common to many 
ants and termites. In other species, reproductive females 
(honey bees, some bumble bees) and males (other bumble 
bees, some tropical Mischocyttarus wasps) can leave to find 
mates, but then return to the natal nest. 


Sex Ratios and Sex Allocation 


Beyond the germ line vs soma distinction, investment in the 
different sexes is an important consideration facing many 
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insect societies. This is especially important for eusocial 
Hymenoptera, the males of which perform little or no labor 
for their colonies to offset their production and maintenance. 
Sex allocation theory, which attempts to predict the optimal 
investment an organism should make in the proportion of 
male compared to female offspring, has been applied to ant 
colonies. There is some evidence to suggest that, as predicted, 
colonies alter their relative amount of investment in males 
and gynes, depending on such environmental conditions as 


food availability. 


COLONY SENESCENCE 
Seasonal Effects versus Programmed Senescence 


Colonies of many temperate eusocial insects are annual and 
appear to exhibit a programmed decline and senescence. 
Colony decline appears to be related to queen longevity and 
queen condition. For example, late-season colony breakdown 
appears to follow a decline in the queen’s ability to suppress 
worker reproduction or the queen’s death, in temperate 
bumble bees, Polistes paper wasps, and yellowjackets. The 
queen is not the whole story, however. Queens lost early in 
the season can be replaced or supplanted by reproducing 
workers without colony decline. The larger worker forces 
that are present late in colony development may be harder for 
the queens or their replacements to suppress. However, 
closely related species in less seasonal habitats do not exhibit 
time- or stage-determined colony decline. The plasticity of 
colony development exhibited in subtropical and tropical 
habitats by temperate invaders, such as German yellowjackets 
(Vespula germanica), may provide valuable insights into the 
factors that cause colony decline. German yellowjacket 
colonies in invaded sites (e.g., Hawaii and New Zealand) can 
be polygynous, accepting new queens into established nests, 
and are often perennial. These colonies can grow to much 
larger sizes than occur in temperate habitats, and the 
invading populations have become serious pests. 


Can Colonies Be Immortal? 


When abiotic forces do not terminate colonies, their 
longevity can be determined by the longevity of the 
reproductives. Queens and nests of Arta leafcutter ants may 
survive a decade or more in the wild. If colonies can replace 
dying queens, there is no inherent limit on colony longevity. 
The polygyne (multiple queen) of the imported fire ants 
Solenopsis invicta in the United States is an example of a 
species that accepts new, young queens into active nests. In 
this case, colonies may not senesce, and the observed upper 
limit on colony longevity will be set by the background rate 
of colony mortality. In other words, the chance of colony 
termination may be independent of colony age. Particularly 
interesting in this regard are some unicolonial invasive ant 
species, such as the Argentine ant, Linepithema humile. In 


habitats outside their native South American range, such as 
the western United States, these ants fail to show internest 
aggression. Colony boundaries are fluid, and workers, brood, 
and reproductives are freely exchanged among nests. The 
entire population, which at present extends over a range 
greater than 1000 km in length, functions as a single colony. 
Colony longevity therefore equals the time to population 
extinction, and these may prove to be the longest lived insect 
colonies. 


See Also the Following Articles 
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Colorado Potato Beetle 
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he Colorado potato beetle, Leptinotarsa decemlineata 

(Coleoptera: Chrysomelidae), is the most devastating, 
defoliating, insect pest of potato (Solanum tuberosum). 
Uncontrolled, it is capable of causing complete crop failure. 
The potato beetle is important because of the damage it causes 
to potato and some related crops, as well as its extraordinary 
ability to evolve resistance to insecticides used in its control. 


GEOGRAPHICAL SPREAD AND HOST RANGE 


The Colorado potato beetle is native to Mexico. It was first 
recorded in the United States in 1811, feeding on a native 
plant, buffalo bur (Solanum rostratum) near the lowa/Nebraska 
border. It was first reported as a pest on potato in Nebraska 
in 1859. The expansion of its host range to include potato 
allowed the beetle to spread rapidly eastward, moving among 
farm and garden plantings of potato. By 1874, it had 
expanded its geographic range to the East Coast of the United 
States. The potato beetle now occurs in North America 
throughout Mexico, the United States, and Canada, except 





FIGURE 1 Adult female Colorado potato beetle depositing eggs on foliage 


of potato. Note evidence of feeding by the beetle at the leaflet tip. (Image © 
2001-2003 www.arttoday.com.) 


California, Nevada, and the coastal area of the Pacific 
Northwest, between 15 and 55° N latitude. It was accidentally 
introduced into France in 1922 and subsequently spread 
throughout Europe (except Great Britain) and the former 
Soviet Union; it now occurs in China, Greece, Turkey, and 
northern Iran. 

The host range of the Colorado potato beetle is largely 
restricted to plants in the genus Solanum but includes some 
plants, such as tomato (Lycopersicon), in related genera. 
Although geographically isolated potato beetle populations 
vary in their ability to utilize particular plant species as hosts, 
potato is the preferred host for most populations. 


LIFE HISTORY AND CROP INJURY 


Colorado potato beetles overwinter as adults in the soil 
within potato fields or in field margins. There are typically 
one to three generations per year, depending on latitude and 
the availability of host plants. Adult Colorado potato beetles 
are oval and approximately 9.5 mm in length and 6.4 mm in 
width. They are yellow-orange with 10 narrow, black, 
longitudinal stripes on their elytra (Fig. 1). Adults typically 
consume 130 to 1200 mm” of foliage per day and are highly 
fecund, depositing up to 3000 yellow eggs in clusters of 10 
to 50 eggs on the lower surface of host leaves over a period of 
several weeks. All larvae within an egg mass hatch 
simultaneously, typically within 4 to 14 days, depending on 
temperature. There are four instars, and larvae have a 
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distinctive “hunchbacked” appearance, a black head capsule, 
and two rows of black spots on each side of the body. Instars 
1 and 2 are brick red, whereas instars 3 and 4 are pink to 
salmon. The larvae are voracious feeders, with fourth instars 
consuming as much as 500 mm‘? of potato foliage per day. 
Larval development requires as little as 8 days or as long as 28 
days at average temperatures of 29 and 14°C, respectively. 
Mature fourth instars burrow into the soil where they 
pupate. The pupal stage typically lasts 8 to 18 days, 
depending on temperature. 

The Colorado potato beetle is primarily a pest of potatoes, 
but in some locations is also a pest of tomato (L. esculentum) 
and eggplant (Solanum melongena). Damage results from 
defoliation by adult and larval feeding. In potato, yield 
reductions are related to both the amount of defoliation and 
the stage of plant growth during which it occurs. Yield 
reductions in tomato and eggplant result from feeding injury 
to the fruits, as well as from defoliation. 


MANAGEMENT 


Although a number of cultural measures, including crop 
rotation, isolation from previous potato crops, planting of 
nonpreferred and early maturing potato varieties, and use of 
trap crops, were recommended measures for potato beetle 
control, hand removal of adults, eggs, and larvae from 
infested plants was the primary means of control prior to the 
introduction of the insecticide Paris Green (copper 
acetoarsenite) in the late 1800s. Arsenic-based insecticides 
remained the primary means of control until DDT replaced 
them in the late 1940s. Resistance of the Colorado potato 
beetle to DDT was first reported in New York in the early 
1950s. Resistance to other chlorinated hydrocarbon 
insecticides soon followed throughout much of the potato- 
growing region of the eastern United States. A series of 
insecticides was used to control the beetle during the 
succeeding decades and the potato beetle developed 
resistance to each. By the early 1980s, insecticide resistance 
had reached a crisis level. In many locations, potato beetle 
populations could not be controlled using insecticides. This 
stimulated a burst of research activity, which resulted in the 
development of more holistic pest management approaches. 
These involved foliar applications of the bacterial pathogen 
Bacillus thuringiensis tenebrionis, crop rotation, naturally 
occurring biological control, scouting and the use of 
economic thresholds, and the use of narrow-spectrum 
insecticides. By the late 1990s, several new, highly effective, 
narrow-spectrum insecticides had become available to 
control resistant potato beetle populations. Currently, potato 
beetle management relies on these new insecticides but 
heavily emphasizes their use within a pest management 
context, which is designed to minimize selection for 
insecticide resistance and negative environmental impacts. 
During the mid-1990s, transgenic potato varieties were 
commercialized that expressed a protein from B. thuringiensis 
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tenebrionis, which is highly toxic to the Colorado potato 
beetle. These varieties produce high-quality potatoes and are 
highly effective in controlling the potato beetle. Nonetheless, 
they have received only limited use because of their inability 
to compete with insecticides that controlled other insect 
pests (aphids and leafhoppers) in addition to the Colorado 
potato beetle and because of concern that consumers would 
not buy potato products made from transgenic potatoes. It is 
not clear at this time whether transgenic potato varieties will 
play a significant role in the future management of the 
Colorado potato beetle. 
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oloration is, as the word implies, the tapestry of hues with 

which an organism arrays the surfaces that it presents to 
the world. The signals thus produced may aid in species 
identification, camouflage, warning, and temperature 
regulation; all in all, they serve as a mute “language” with 
which an individual organism may communicate its place in 
the community within which it lives. 

Insects are master chemists whose virtuosity is particularly 
evident in the design of the cuticle, the nonliving material 
that makes up the exoskeleton and serves as the boundary 
between the living animal and the outside world. Cuticle, a 
composite of chitin fibrils and various proteins and lipids, 
can be tailored for strength, rigidity, flexibility, permeability, 


or elasticity, as needs dictate. It is also a technical and artistic 
medium with which insects, who are also master physicists 
and optical engineers, manipulate light to attire themselves 
with brilliant color on their bodies and wings. This article 
briefly reviews the bases of this ability. It begins, however, 
with an overview of the physics of color production, 
particularly with respect to structural colors, because only 
with this background can the reader really appreciate what a 
biological system, in its handling of light and color, can do. 


TYPES OF COLOR 


“Light” by definition involves wavelengths within the visible 
part of the electromagnetic spectrum. For humans it consists 
of wavelengths ranging from approximately 400 nm (violet) 
to approximately 725 nm (red). Many organisms, including 
insects, extend this range into the near ultraviolet (300-400 
nm). “White” light for a particular organism consists of all 
wavelengths visible to that organism. Colored light has an 
incomplete spectrum in which only some wavelengths are 
represented. 

Matter interacts with white light in various ways to produce 
color. One way is by selective absorption of particular wave- 
lengths by a chemical, or pigment. The absorbed wavelengths 
(which are determined by the pigment’s molecular structure) 
are essentially subtracted from the total spectrum, whereas 
the rest are reflected or transmitted to produce the visible 
color. Because pigments subtract colors, as additional 
pigments are added to a mix, additional wavelengths are 
absorbed and lost to view, changing the perceived color. 
When all wavelengths of the visible spectrum are absorbed, 
we call the sensation “black.” (This is a somewhat simplified 
view: visual physiologists and psychophysicists would point 
out that additional processing by the visual system tempers 
what humans actually “see.”) Pigmentary colors may be 
found in the cuticle or, if that be transparent, in the underly- 
ing tissues and even in the gut contents. 

A second basis for color is structural, caused by the 
interaction of white light with minute and precise arrays on 
or in the material. The effects depend on the architecture, 
rather than the chemical makeup of the material. Light may 
be reflected, refracted, or scattered, but it is not absorbed, 
and so structural colors are “additive”: if two are combined, 
both sets of wavelengths are represented in the final effect. If 
all wavelengths of the visible spectrum are reflected, we call 
the sensation “white.” (Technically, white, even if caused by 
a pigment, is always a structural color, because it is the 
absence of any absorption of light.) Because the underlying 
architecture must generally be precise and stable, most 
structural colors are typically produced by stiff, nonliving 
materials, and of these insect cuticle is literally a brilliant 
example. 

In biological systems, pigmentary colors are more 
common in the “warm” range—red, orange, and yellow— 
although green and blue pigments do exist. Biological 


= 
FIGURE 1 Uranus riphaeus, portion of hind wing, showing the typical 


lepidopteran investiture of shingle-like scales (on the surface) and bristles (at 
the edges). The scales in the black areas are colored by a pigment, probably 
melanin, whereas the iridescent scales and the white bristles are structurally 
colored. 


structural colors, in contrast, are more likely to be “cool” — 
green, blue, violet, and ultraviolet. Figure 1 shows part of a 
butterfly wing: the dark colors are pigmentary, whereas the 
iridescent colors and the whites are structural. Many insects 
display both types, which are sometimes used together to 
produce yet additional effects. For example, a structural blue 
may be added to a pigmentary red to make a luminous violet, 
or a structural color may be “deepened” or intensified by a 
“backing” pigment that absorbs stray light leaking in from 
the “wrong” direction. 

This article considers both pigmentary and structural 
colors. The following is a review of insect pigments, abstracted 
from the reviews of Chapman, Fox, and Nijhout. 


INSECT PIGMENTS 


Insects can make most of their pigments (some apparently 
from waste products that were historically simply stored or 
excreted), whereas others must come from their diets. Several 
general classes of pigments are recognized. These differ in the 
color ranges they generate and in the precursors used to 
produce them. As they share the same underlying mechanism 
of color production (selective absorption of some wavelengths 
of light), they can be reviewed with a simple list. 

Melanins are black, brown, tan, or reddish brown 
pigments whose production and deployment involve a 
complex system of gene products and biochemical pathways. 
They are often present as granules in the exocuticle, although 
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in lepidopteran scales they may be diffusely distributed, and 
they are responsible for most of the dark patterning in the 
body and wings. Eumelanin, the black form, commonly 
requires dopamine and tyrosine as precursors, while the 
chemistry of phaeomelanin, the brown, tan, or reddish 
brown form, is less well understood and may require the 
incorporation of additional kinds of molecules into the 
compound. 

Pterins are white, yellow, or red pigments derived from a 
purine, guanosine triphosphate. Some function as cofactors 
of enzymes important in growth and differentiation; they 
may help control these processes. They are also cofactors in 
ommochrome (see later) production and often occur with 
these latter pigments, for example in the screening-pigment 
cells in the ommatidia of the eyes. 

Ommochromes are red, yellow, or brown pigments 
derived from tryptophan, which they may serve to use up if 
it is in excess supply during times of high protein turnover 
(e.g., in metamorphosis). They usually occur in granules 
coupled with proteins and, as mentioned above, are present 
as screening pigments in the eyes as well as in the colors on 
the body. In insects displaying Tyndall blue (see later), they 
may serve as background pigments to absorb extraneous 
light. 

Tetrapyrroles are pigments commonly classified into two 
groups. The first, the ring-shaped porphyrins, may add and 
incorporate iron to become hemes, which in turn may link to 
proteins to become (1) cytochromes, proteins important in 
cellular respiration in all higher organisms, or (2) hemoglobin, 
the protein that vertebrates and other organisms use to facil- 
itate oxygen transport to their cells. Of necessity, all insects 
make cytochromes. Some that live in habitats of very low 
oxygen tension may make hemoglobin as well. 

The other class of tetrapyrroles, the bilins, may in 
themselves be green or may link with proteins to make blue 
chromoproteins. These may in turn link with carotenoid 
pigments (see later) to make many insect greens. 

Papiliochromes are yellow and red/brown pigments found 
only in butterflies of the family Papilionidae. 

Quinone pigments are pigments of uncertain origin 
found in the Homoptera. Anthraquinones are found in 
members of the family Coccidae, in which they give red and 
sometimes yellow coloration; these include cochineal dye of 
historical importance. Aphins are characteristic of aphids, to 
whom they impart a purple or black coloration. 

Carotenoids are yellow, orange, red, and, if bound to the 
appropriate protein, blue pigments that are made from dietary 
carotenes and their oxidized derivatives, xanthophylls. In 
combination with blue pigments (often bilins) they may 
produce an insect green, insectoverdin. They are also sources 
of retinal, a component of the photopigment of the eye. 

Flavonoids are plant-derived pigments that produce 
cream or yellow colors, particularly in the Lepidoptera. Like 
the carotenoids, they cannot be synthesized but must come 
from the diet. 
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FIGURE 2 Scattering of light to produce Tyndall blue. When full-spectrum 
(white) light encounters structures or particles of the right dimensions, the 
shorter wavelengths are preferentially scattered in all directions, including 
toward the eye of the observer, who sees a blue color. The longer wave light 
passes through unscattered (and therefore bypasses the observer). 


STRUCTURAL COLORS 


There are many mechanisms by which structural colors can 
be produced. All depend directly or indirectly on the fact that 
a particular piece of material scatters or refracts different 
wavelengths of light to different degrees. This property of the 
material can be expressed in terms of its index of refraction, 
m, a measure of the degree to which a given wavelength of 
light entering the material is “retarded” or slowed down. For 
insect cuticle, 7 typically ranges from 1.5 for long-wave (red) 
light to 1.6 for short-wave (UV) light, although in special cases 
n less than 1.4 has been reported (for comparison, 7 for air is 
by definition 1). Structural colors described so far in biological 
systems fall into two general classes, scattering and interference. 


Scattering 


Scattering of light occurs when white light encounters a 
distributed cloud or array of molecules, particles, or other 





FIGURE 3 Diffraction (in this example, from a grating). Light hitting an 
edge or discontinuity gets bent or refracted to different degrees, depending 
on its wavelength. When it is then reflected, which of the component 
wavelengths are reinforced varies with the position of the observer, so that 
from one angle shorter wave light (SW) predominates, whereas from 
another, longer wave (LW) light predominates. 


structures (Fig. 2). At least some of the component wave- 
lengths of the beam will be reflected in random directions, 
including toward the observer. If the scattering agents are 
relatively large (700 nm or more), all visible wavelengths are 
scattered, and the resulting color is a matte white (the color of 
whole milk is an example of such scattering). If the particles 
are smaller (in the 400 nm range), the short wavelengths are 
scattered to a much greater degree than the long ones, which 
tend to pass on through the system and not reach the eye of 
the observer. The resulting color, Tyndall blue, is commonly 
seen in blue eyes and bluejay feathers; in insects it occurs in 
blue dragonflies and in some blue butterflies. Often, the blue 
structure is underlaid by a layer of ommochrome pigments, 
which, as mentioned above, deepen and intensify the color 
by absorbing stray light. Lacking such pigment backing, the 
blue is a dilute “powder” blue. 


Interference 


The general category of interference includes those situations 
in which the rays of a beam of white light are temporarily 
separated and then brought back together in such a manner 
that some have traveled a longer path than others. 
Depending on geometry, when the rays recombine, certain 
wavelengths are in phase and reinforced (“constructive 
interference”), whereas others are out of phase and cancel 
each other (“destructive interference”). The results are the 
brilliant, shimmering colors we call “iridescent.” There are 
many ways of producing iridescence; this article considers 
only those of known importance in insects. 
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FIGURE 4 Two forms of interference from layers. (a) Thin film. A thin film 
can be described in terms of its optical thickness, its index of refraction, 7, 
times its actual thickness, ¢@. When white light encounters such a film, part 
of the light reflects from the top surface and part from the bottom. When 
these two beams recombine, those wavelengths four times the optical 
thickness of the film are constructively reinforced and the others not. If 
many films are stacked, light not reflected by the first film may be so by the 
others; if the films are alternated with others of equal optical thickness but 
of a different refractive index (so that md, = md), the stack reflects 
essentially all light of the reinforced wavelength. (b) Lattice. A lattice of 
points, spheres, or other structures reflects light in a manner analogous to 
that of a crystal. Each plane reflects part of a beam and transmits the rest 
(transmitted light not diagramed here). If the planes are evenly spaced, they 
reflect light the wavelength of which is twice the spacing, i.e., they will form 
a half-wave reflector. As in the case of thin films, with enough reflective 
planes, essentially all the light of the reinforced wavelength will be reflected. 


DIFFRACTION Diffraction occurs when light strikes the 
edge of a slit, groove, or ridge. Different wavelengths bend 
around the edge to different degrees and the spectrum fans out 
into its components. If many such grooves or ridges occur in 
a regularly spaced array (for example, a “diffraction grating” 
such as that in Fig. 3) light of different wavelengths is rein- 
forced at different angles so that the colors change with the 
position of the viewer (e.g., consider iridescent bumper 
stickers and other shimmering plastic labels). Many insect 
cuticles have fine gratings etched into them; these and the 
ridge and crossrib structures (see later) of some lepidopteran 
scales and bristles produce diffraction colors. 


THIN-FILM INTERFERENCE Thin-film interference 
involves, as the name implies, the interaction of light with 
ultrathin films of a material (e.g., iridescence from soap 
bubbles and oil slicks). Light reflecting from the top surface 
of such a film interacts with that reflecting from the bottom 
surface (Fig. 4a) and depending on the optical thickness of the 
film (its index of refraction, 7, times its actual thickness, d), 
some wavelengths are reinforced and others not. Because the 
wavelengths of the reinforced light are four times the optical 
thickness of the film (i.e., a film of 100 nm optical thickness 
results in reflected light of wavelength 400 nm), such films 
are commonly called “quarter-wave interference reflectors” or 
“quarter-wave films.” Because a slanted beam of light has to 
penetrate a greater thickness of film, thereby changing the 
effective optical geometry, thin-film colors shift toward the 
shorter wavelengths when the films are tilted with respect to 
the light source (e.g., the familiar blue of the morpho 
butterflies becomes more violet). 

Of course any film thin enough to act as a quarter-wave 
reflector can catch and reflect only a portion of the incident 
light; the rest passes through. The presence of other films 
below the first increases the likelihood that light will be 
reflected, and in fact the most efficient of these reflector 
systems are stacks of thin films of the material in question, 
separated by other films with a different refractive index or 
by air (z = 1), so that the light is reflected from layers of 
alternating high and low z. If all the films are equivalent in 
nd, their optical thickness, the emerging colors are relatively 
pure, whereas varied spacing produces a less intense but 
broader range of reflection. As in all these systems, there may 
be behind the “mirror” a layer of pigment that intensifies the 
color by eliminating stray light that would otherwise 
interfere with the efficiency of the interference and thereby 
dilute the color. 


LATTICES Many iridescent colors are produced, not by 
thin films per se but by thin-film analogues, systems that 
achieve similar effects without actual discrete films. One such 
mechanism is the “Bragg” or space lattice (Fig. 4b), a highly 
regular array of spheres or other units. Light entering such a 
lattice is reflected from the various layers, and the beams 
interfere in a manner analogous to that in thin-film stacks. In 
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FIGURE 5 This beetle shows the metallic coloration typical of many beetles 
and flies. The colors have at least two possible origins: they may be caused by 
a thin-film stack in the exocuticle (or sometimes the endocuticle) (Fig. 6d) 
or they may be the result of a helicoidal arrangement of chitin fibrils in the 
exocuticle (Fig. 6e). The latter effect is analogous to that produced by certain 
types of liquid crystal in common technological use. The red and black 
coloration in the eyes, on the other hand, is almost certainly pigmentary. 


this example, the wavelength reinforced is twice that of the 
spacing between the layers of the lattice, which therefore acts 
as a half-wave reflector. The familiar brilliance of the mineral 
opal is an example of this type of interference, caused in this 
instance by a lattice of tiny silica spheres. These lattices are 
very common in the biological world; those described so far 
in insects are “reverse” lattices, consisting of spheres of air in 
a matrix of cuticle. 


HELICOIDS The metallically colored cuticles of many 
beetles and flies (Fig. 5) either are thin film (Fig. 6d) or owe 
their iridescence to yet another mechanism, one analogous to 
that shown by the familiar and brightly colored liquid crystal 
displays in our electronic world. Cuticle is of course a 
composite of chitin fibrils in a complex matrix that is laid 
down sequentially in what can be considered a series of 
layers. If the fibrils in a particular layer are lined up in the 
same direction, the layer exhibits form birefringence, i.e., 
different indices of refraction parallel to and normal to the 
fibrils. In many cuticles, the layers precess, that is, each is laid 
down slightly rotated relative to the previous one (Fig. 6e). In 
essence, the structure can be considered a helicoid, and like 
all helical structures, it repeats itself with a certain spacing 
(called a “pitch”). As the layers precess, so does the difference 
in refractive index, so that viewed from a given direction a 
helicoidal array displays what are essentially layers of 
alternate high and low n, reminiscent of those in thin films. 
(Unlike thin films, helicoids also circularly polarize light, 
which insects may be able to see and which may therefore 
carry additional information to them.) If the spacing is 
regular and the pitch is appropriate, the helicoid behaves like 
a half-wave interference reflector, ie., it reflects light of 
wavelengths twice the pitch. In the typical metallic cuticles, 
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FIGURE 6 How to make an interference color. A block of hard insect cuticle (bottom center) typically consists of a relatively thin epicuticle (here represented 


as a featureless covering layer) and an inner procuticle, which in turn consists of a distal exocuticle and an inner endocuticle (this diagram also shows the 
attendant epithelial cells). The layering of the procuticle is common in most (but not all) cuticles and is the visible manifestation of the helicoidal architecture 


of the chitin fibrils. Such a block of cuticle may be modified in any of several ways to manipulate light: (a) The surface investiture (the scales and/or bristles) 


may be modified to produce scattering or iridescent colors (see Fig. 7). (b, c) The cuticle surface may be sculpted into fine protuberances that serve as an 
antiglare coating (see Figs. 8 and 9) or into fine parallel grooves that act as diffraction gratings. (d) Part of the procuticle may be elaborated into a quarter- 


wave thin-film reflector stack. (e) The chitin fibrils of the exocuticle may be arranged in a “helicoidal” array, analogous to that in a liquid crystal and producing 


color by a similar mechanism. (The apparent parabolic bending of the fibers is an optical illusion.) 


the helicoids of the exocuticle are so tuned, and because the 
helicoidal arrangements of their fibrils resemble that of the 
molecules in one iridescent class of liquid crystals, they are 
often referred to as “liquid crystal analogs.” Some insects 
intensify the effect by doping the cuticle with uric acid, 
which increases its birefringence. 


BASES OF STRUCTURAL COLORS IN INSECTS 


As mentioned above, because scattering colors (whites and 
Tyndall blues) can be produced by granules or droplets as 
well as hard structures, these may come from the epidermis 
and internal tissues, as well as from the integument. 
Interference colors, which require stable structures to 
produce them, are limited to the cuticle and its investiture. 
Figure 6 shows diagrammatically a patch of cuticle with its 
two basic layers, the thin outer epicuticle and the inner 
procuticle. The procuticle commonly shows the helicoidal 
arrangement described above, which results in a banded or 
layered appearance in section. In hard or stiffened cuticle, the 
procuticle is commonly further subdivided into a cross- 
linked, more tightly woven distal exocuticle and a basal, more 
loosely structured endocuticle. 

The cuticular surface and the exocuticle are most likely to 
be modified to produce structural colors, although in some 


insects the endocuticle may be as well. Several possibilities 
exist (Fig. 6). For example, the surface may be invested with 
layers of scales and/or bristles (Fig. 6a), which carry the color, 
especially in the Lepidoptera (see later). Alternatively, it can 
be sculpted into a series of nipple-like protuberances (Fig. 
6b—more about this later) or into the fine grooves that 
characterize diffraction gratings (Fig. 6c). In the exocuticle 
(and sometimes the endocuticle) metallic colors can be pro- 
duced by stacks of thin films of alternating refractive indices 
(m = 1.58 alternating with 7 = 1.38 has been measured in one 
of these systems) (Fig. 6d) or by appropriately tuned helical 
rotation of the chitin fibrils (Fig. 6e). (As yet another 
example of insect command of light, in many corneas, the 
helicoidal architecture of the cuticle is tailored not to 
produce structural colors but to control refractive index, so 
that incoming light is appropriately focused as it enters the 
ommatidia.) 

Scales and bristles are particularly impressive in the variety 
and complexity of their architecture (Fig. 7). They commonly 
exist in two and sometimes three layers on the body or wing 
surface (Fig. 7a), and each layer may be modified in shape 
and color. A typical scale consists of a flattened sleeve of cuticle 
whose lower surface (that toward the wing) is relatively 
featureless, whereas the upper surface is elaborated into a 
reticular network of longitudinal ridges joined at intervals by 
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Fig. 8. Per Antenna Rate Control (PARC). 


To solve this problem, PGRC is used 
where a feedback is required per group of 
antennas. This reduces the feedback 
information while maintaining almost the 
same performance of PARC [24]. 


4.4.3 Per User Unitary Rate Control 
(PU’RC) 


PU’RC is a multi-user closed-loop MIMO 
system. Each user feeds back the CQI to 
the base station. The base station uses the 
CQI to determine the modulation and 
coding schemes per user. In addition, base 
station can apply unitary pre-coding and 
adaptively select the number of transmit 
antennas (rank adaption) [25]. 


V. Smart Antennas 


5.1 Introduction 


Smart antenna was born in the early 
1990s when well developed adaptive 
antenna arrays originate from Radar 
system. Later, Smart antenna technique is 
applied in wireless communications 
system. Recently, Smart antenna technique 
has been proposed as a promising solution 
to the future generations of wireless 
communication systems, such as the 
Fourth-Generation mobile communication 
systems, broadband wireless access 
networks, where a wide variety of services 
through reliable high-data rate wireless 
channels are expected. Smart antenna 
technique can significantly increase the 
data rate and improve the quality of 


wireless transmission, which is limited by 
interference, local scattering and multipath 
propagation [26], [27]. Smart antennas 
offer the following main applications in 
high data-rate wireless communication 
systems [28], [29]: 


® Spatial Diversity 

* Co-channel interference reduction 

* Angle reuse or space division 
multiple access (SDMA) 

* Spatial multiplexing 


Smart antenna system can be 
categorized into three main groups: 
Phased antenna array system, switched 
beam systems, and adaptive antenna array 
system. To match the characteristics in 
each radio frequency chain of the 
transmitter and 
calibration is required in smart antenna 
systems. On-line calibration technique 
can compensate the errors such as the 
distortions of radio 
components due to small environment 
changes, the nonlinear characteristics of 
mixer, amplifier and attenuator, I/Q 
imbalance errors, etc. 


receiver, on-line 


frequency 


5.2 Phased Antenna Array System 


Phased antenna array is a group of 
antennas in which the relative phases of 
the respective signals feeding the antennas 
are varied in such a way that the effective 
radiation pattern of the array is reinforced 
in a desired direction and suppressed in 
undesired directions. 





FIGURE 7 Closer look at the investiture (scales and bristles), which in the 
Lepidoptera typically carries the color. Scales and bristles are complex 
cuticular structures each elaborated by a single cell, and they are often both 


pigmentarily and structurally colored. (a) As in Fig. 6a, a patch of cuticle 
surface showing several overlapping scales and one empty socket. (b) 
Diagrammatic view of a small fragment of a more or less typical 
unspecialized scale. The scale may be thought of as a flattened sac, the two 
surfaces of which are joined by fine pillars. (A bristle would be cylindrical, 
rather than flattened, but it is essentially the same type of structure.) The 
upper surface is a rectangular grid made up of longitudinal ridges (R) joined 
at regular intervals by transverse crossribs from which, in some species, hang 
pigment granules (arrows) (in other insects, pigment is incorporated into the 
cuticle itself). Ridges and crossribs together frame a series of windows 
opening into the interior of the scale. Virtually any part of this basic scale 
may be elaborated into a reflective structure. In the following examples, 
scales have been fractured to show their interior structures; lines indicate 
which basic scale structures have been elaborated to produce each structural 
color. [Modified from Ghiradella, H. (1998). Hairs, bristles and scales. Jv 
“Insecta.” (M. Locke, ed.), vol. 11A of “Microscopic Anatomy of 
Invertebrates” (FE. W. Harrison, ed.) pp. 257-287. Wiley, New York. 
Copyright 1998 John Wiley & Sons. Reprinted by permission of John Wiley 
& Sons.] (c) Papilio zalmoxis, fragment of upper scale surface. The ridges are 
low and unornamented, but the crossribs have “filled in” the windows with 
a network of “alveolae” that scatter light to produce a Tyndall blue color 
(compare Fig. 2). Bar, 1 um. (d) Morpho menelaus, fragment of deep blue 
iridescent scale, fractured longitudinally to show a side view of a ridge (R), 
together with the pillars that join it to the bottom layer of the scale. The 
ridge (and those behind it) has been elaborated into stacks of slanting thin 
films that reflect the characteristic blue of this butterfly. Bar, 1 um. (e) 
Urania riphaeus, fractured green iridescent scale (see Fig. 1). The ridges and 
crossribs are not particularly elaborate, but the interior of the scale is filled 
with a stack of thin films that produce the color. Bar, 1 [im. (f) Zeinopalpus 
sp., fractured green iridescent scale. The scale interior is filled with a space 
lattice that produces the color. Bar, 1 um. 
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FIGURE 8 Effects of an antiglare coating. Even though the wing of this 
clearwing moth is somewhat wrinkled and parts of it would therefore be 
expected to reflect light, its matte surface (Fig. 9) allows the text to be read 
through it with minimal loss. 


transverse crossribs (Fig. 7b). Fine flutings or microribs line 
the sides of the ridges and sometimes run out across the 
crossribs. Slender pillars join top and bottom surfaces. 
Pigments in some groups (typically the Pieridae) may exist in 
discrete granules, whereas in other insects they are laid into 
the scale cuticle itself. 

Virtually any part of this basic scale can be elaborated to 
produce a structural color. The spacing of the ridges and/or 
crossribs may be appropriate to produce diffraction colors. 
The crossribs and microribs may extend to fill in the windows 
with a network of “alveolae” that reflects Tyndall blue (Fig. 7c). 
The scale ridges may bear stacks of thin films (examples known 
so far reflect green, blue, or ultraviolet) (Fig. 7d). The interior 
of the scale may be filled with stacks of thin films tuned to 
produce green or blue (Fig. 7e), or it may contain a space 
lattice that reflects iridescent green (Fig. 7f). And, as men- 
tioned earlier, these structural colors may be combined with 
pigments to give yet additional colors and effects. 

More detailed study of some of these systems is revealing 
yet more complicated and sophisticated optical effects. For 
example, in blue Morpho butterflies, the deep blue iridescent 
scales (whose color comes from thin-film iridescence on the 
ridges—Fig. 7d) are overlaid by a layer of “glass scales,” 
which, though otherwise transparent, do have iridescent 
ridges. The apparent function of the glass scales is to broaden 
the effective angle of reflection (see Vukusic et al, 1999). The 
iridescent scales of Papilio palinurus have stacks of internal 
thin films, but rather than being flat, the stacks are puckered 
into shallow cup-shaped depressions whose bottoms reflect 
yellow light, whereas the sides reflect blue, giving the human 
observer the sensation of green (see Vukusic et al., 2000)—it 
is not known why these animals have developed this 
mechanism to produce green scales when other iridescent 
greens are produced by more conventional thin films or by 
lattices. There are other intriguing scale and bristle types 
whose optics are now being studied, and from these insect 
systems new and sophisticated insights into the effective 
control of light can be expected. 


ANTIGLARE COATINGS 


Insect handling of light does not stop with the production of 
colors. Figure 8 shows the clarity with which light may be 
transmitted through the wing of a clearwing moth. Although 
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FIGURE 9 (Top) Podesesia syringae, patch of wing fractured to show its 
internal structure as well as the fine protuberances or nipples that form the 
antiglare coating. A few of those on the wing reverse show through the break 
at bottom center. Bar, 1 um. (Bottom) Basis of the antiglare effect. The 
tapered shape of the protuberances produces a gradual change in refractive 
index from that of air (7 = 1) to that of cuticle (7 = 1.5 in this example), so 
that at the interface there is neither refraction nor reflection to disturb the 
passage of light. 


the cuticle is somewhat rippled and one would expect some 
of its surfaces to show glare, they do not. Figure 9 shows why: 
the wing surface is covered by fine arrays of protuberances 
that are commonly found on cuticles that are engineered. not 
to maximize the reflection of light but to minimize it (besides 
the wings of these clearwing moths, such arrays have been 
reported on the eye corneas of nocturnal moths). The arrays 
provide a gradual transition in refractive index from that of 
air (7 = 1) to that of cuticle (typically 2 = 1.5 to 1.6) so that 
there is no sharp interface to refract or reflect light as it passes 
from one phase to the other (the basis for antiglare coatings 
on eyeglasses). 

In summary, the complexity associated with insect colors 
extends, for pigments, to the sophisticated biochemistry with 
which insects make (and often recycle) the compounds that 
characterize their chemical colors and, for structural colors, 
to the production and control, often by single cells, of the 
precise cuticular architecture reviewed here. Other effects 
abound; for example, many insects are capable of 
physiological color change, by reversibly hydrating or 
dehydrating their cuticles to change the optical thickness of 
the layers or by moving pigment about. 


PERSPECTIVE 


An easy question is why such arrays of color? Insects share the 
same challenges as humans and so they use color and 
patterning for species and mate recognition, camouflage, 


startling potential predators, and mimicry. Energy is also 
almost certainly a factor: dark colors absorb more heat, and 
butterflies, for example, may use pigments and_ possibly 
interference mechanisms to increase the absorption of 
infrared. It can only be speculated as to why structural colors 
predominate at the short end of the visible spectrum. As a 
biological material, cuticle is assumed to have a limited range 
of refractive indices and if so, only shorter wavelengths may 
be refracted and scattered effectively enough to produce the 
needed effects. It could also be that short-wave structural 
colors are metabolically “cheaper” (i.e., require less energy to 
produce) or easier to make than short-wave pigments, which 
do seem relatively rare in biological systems. Further study 
may enlighten both biologists and engineers. 

How are these structures and color patterns made? On 
one time scale the question is developmental: how can an 
animal transform its genetic information into the 
complicated structures observed? This is the general question 
of pattern formation, the nested series of instructions that 
must be carried out by a developing organism on many levels 
at once. A developing butterfly must specify, for example, the 
general shape of its wing, the precise venation pattern, the 
distribution of scale and/or bristle types on both sides and on 
all edges of the wing, the distribution of pigment(s), and 
finally whether scales are to be structurally colored and if so, 
what type of structure they are to have. Nijhout has presented 
a compact and authoritative review of pattern formation in 
butterfly wing systems; many other researchers are currently 
studying the molecular and genetic mechanisms underlying 
pigment formation and deployment. Common themes are 
emerging, but much still remains to be done, especially on 
the role of physical forces that almost certainly work along 
with the biochemical ones to bring forth the final form. 

The formation of the microarchitecture underlying 
structural color systems is less well understood. Ghiradella in 
1998 reviewed what was known about development of 
structural colors in scale systems, and Neville in 1993 
presented a comprehensive review of the formation of 
helicoidal and other fibrous composite systems. However, 
despite their value as potential models for human research 
and development, particularly of optical systems, very little is 
known about these systems. There surely are lessons to be 
learned here. For example, Bragg lattices are of interest to 
engineers seeking more efficient transmission of information 
along optical fibers, and scale optics is becoming of interest 
to the photonics research community, which is seeking to 
develop structures and materials that can control light for 
purposes of communication, paints, surface coatings, 
electronic displays, etc. Again, the insect systems have a lot to 
teach us, especially since their structures are made at room 
temperature and without toxic solvents. 

On the longer time scale, how did these systems evolve? In 
some examples there are grounds for speculation. As 
mentioned above, many pigments may have originally been 
metabolic by-products that, because of actual or potential 


ability to absorb some wavelengths of light, were somehow 
co-opted for purposes of display. The helicoidal arrangement 
of chitin fibrils in cuticle is part of a larger structural 
adaptation of cuticle as a building material. As in all 
skeletons, fibril orientation in cuticle is tailored to local 
challenges. Helicoidal arrangements, with their multidirec- 
tional fibril orientation, are well equipped to to provide 
toughness and strength in the face of multidirectional stresses 
and are common in areas exposed to such stresses. Having 
evolved such a helicoidal arrangement to confer a particular 
type of strength, the animals needed only to make the pitches 
of the helices regular and to tune them to have fine iridescent 
reflectors at the same time. 

The evolution of the thin-film, diffraction, and other 
systems is at present a very open question. They appear to be 
of great antiquity. Parker reported diffraction and antiglare 
structures in Burgess shale fossils and suggested that the 
emergence at the beginning of the Cambrian period of image- 
forming eyes (to quote Parker, “...the lights were effectively 
turned on...”) may have produced extreme selection pressure 
for potential prey animals to develop rigid armor (with its 
inherent potential for forming structural colors) and at the 
same time a need for, and an opportunity to develop, 
camouflage, recognition patterns, and all the other common 
uses and expressions of biological color. While there is no 
question about the utility of these color mechanisms, it is still 
hard to imagine how so much can have been accomplished, 
even with millions of years of research and development in a 
competitive and presumably highly selective world. 

To this point coloration has been considered in terms of 
passive and static displays on the surfaces of insects. But in 
living insects, the color-producing structures are situated on 
a moving body with moving appendages, and so the displays 
are modulated over time. The resulting signals are four 
dimensional, which adds to them a richness of information 
that we cannot begin to appreciate, especially because the 
true capabilities of the insect eye (which is much “faster” than 
that of the human) in its processing of either color or 
movement are not known. 

The subject of insect mastery of light must also include 
bioluminescence. Lantern types and flash patterns come in a 
variety of forms; superficially, the mechanisms by which they 
are produced seem to differ radically from those already 
discussed. But here too, the insect displays mastery of 
architecture—in the design of the lantern cells themselves— 
and of chemistry to create light signals that can be controlled 
in space and time, but at those times of day when sunlight is 
not available to power the display. In doing so, the insects 
have truly made “the lights come on,” replacing in their 
signaling the warmth of sunlight with their own cold light. 
As researchers continue to learn about these systems, they are 
exploring worlds within worlds of complexity and can only 
gain in appreciation of the enormous capabilities of 
biological systems in their communication with their 
environments ... and with each other. 
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hen people contemplate how insects are marketed as 

consumer products, images of novelties, gimmick 
foods, cuddly toys, odd adornments, and cartoon images are 
invoked, calling forth a range of emotions from repugnance 
to warmth. But that is just the tip of the iceberg. Insects can 
be very big business. They and their products are sold for 
crop pollination, pharmaceuticals, health and agricultural 
protection, and human, pet, and livestock nutrition, as 
implements for conducting research, and for a host of other 
uses. This article focuses on commercialization of insects and 
their products. 
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FIGURE 1 Bees hired out for pollination of apple orchard. (Photograph by 
Eugene Killion.) 


MARKETING LIVING INSECTS 


Crop Pollination 


Flowering plants are fertilized by several groups of insects. By 
far the most common pollinators are bees, and the honey bee, 
Apis mellifera, plays the dominant role in pollinating large 
tracts of agriculture. The domestication of the honey bee for 
pollinating crops had its beginnings at least 4000 years ago. 
Since that time, beekeeping has flourished and is now a 
thriving industry. In the United States alone, $15 billion 
worth of crops (fruits, vegetables, flowers) are pollinated by 
domesticated honey bees each year. Commercial apiaries lease 
their beehives to growers who need their crops pollinated. The 
keepers manage the hives, moving the bees from field to field 
to ensure crop pollination (Fig. 1). Although worker bees are 
not sold as such, their labor is. Moreover, the commercial 
interdependency of the honey bee industry is complex. 
Keepers buy high-quality queen bees from specialized 
suppliers, who, along with the keepers, purchase bee-tending 
equipment from other specialized suppliers, and the entire 
industry is dependent on information contained in 
specialized books, journals, and magazines. 

A number of crops are more efficiently pollinated by bees 
of other kinds. Leaf-cutting bees, or mason bees, are a good 
example. These “solitary” bees, unlike honey bees, do not live 
in colonies. Solitary bees produce no honey or wax but are 
relatively docile and not likely to sting. One species of leaf- 
cutting bee, Osmia cornifrons, is widely used in Japan for 
apple pollination. It was imported to the eastern and 
midwestern United States for the same purpose. Another 
leaf-cutting bee, O. lignaria, a native to parts of the United 
States, is also widely used for orchard pollination. Pollinating 
a hectare of apples requires on average either 750 female 
hornfaced bees (O. cornifrons), 600 female blue orchard bees 
(O. lignaria), or 50,000 honey bee workers. Other mason 
bees, bred and sold to alfalfa growers in the western portions 
of the United States, ensure the production of high quality 
alfalfa seed. Not only are mason bees better pollinators of a 


number of crops, they are also immune to the devastating 
effects of tracheal and varroa mites, which can decimate 
honey bee colonies. 

Another crop pollinator is the bumble bee, which is less 
affected by extreme weather than the honey bee and is better 
adapted to perform under confined greenhouse conditions. 
By vibrating as they extract nectar and pollen, bumble bees 
efficiently pollinate flowers and encourage high fruit set 
under greenhouse conditions. Bumble bees are bred, reared, 
and packaged for sale to growers for pollinating vegetable 
crops (particularly tomatoes) grown under greenhouse and 
plastic tunnel conditions. Entire industries are founded on 
the production and sale of bumble bees, especially in the 
Mediterranean region, from Spain to Israel. 


Agricultural and Human Protection 


One who has never witnessed the devastation of a crop by 
insect pests would be alarmed by the rapidity with which it 
can occur. One of the best ways to counter the buildup and 
devastation caused by insect pests is to unleash on them their 
own natural enemies. A vibrant industry is built on supplying 
the natural enemies or “beneficials” needed to manage pests 
and pest outbreaks, both for protecting agriculture and for 
preserving human health. These beneficials can take the form 
of insect pathogens, insects that prey on the pests (predators), 
insects that parasitize them (parasitoids), or insects that 
destroy weeds. This industry is increasingly in demand as 
growers, horticulturists, home gardeners, and vector control 
organizations alike turn from chemically oriented pest 
suppression measures to the principles of integrated pest 
management (IPM) and practices more attuned to organic 
farming. Many companies are in the business of rearing and 
supplying beneficial organisms, not just for agriculture and 
health in their broadest senses, but also for parklands, green 
corridors, and home gardens. This challenging industry must 
take into account knowledge of the systematics of the pests 
and the beneficial organisms that attack them, methods to 
efficiently and inexpensively mass-produce the desired 
beneficials, ways to maintain genetically viable and aggressive 
beneficial organisms, procedures to efficiently transport 
beneficials to targeted release sites, and knowledge to ensure 
that the habitats of the release sites are conducive to optimal 
utilization by the beneficials for controlling the pest. This last 
point is especially critical because the beneficials can simply 
move from the release site and take up residence elsewhere, 
providing a neighbor, instead of the grower who purchased 
them, with pest suppression. 

Although the mass rearing and marketing of beneficial 
insects is an expanding business, the mass irradiation and 
release of sterile males is of a considerably larger scale. The 
Mediterranean fruit fly, New World screwworm, tsetse fly, 
and boll weevil have been successfully controlled through 
inundative releases of sterile males. The technology of 
irradiation is so notably complex, the scale of releases so 


great, and the costs of mass irradiation so high that these 
services are almost always provided by a governmental 
agency. The International Atomic Energy Agency (IAEA), 
the Food and Agriculture Organization of the United 
Nations (FAO), and the U.S. Department of Agriculture 
(USDA) have been instrumental in pioneering sterile male 
irradiation and release. The equipment needed to mass-rear, 
irradiate, and release sterile males is costly. Industry, its major 
supplier, is exploiting the need for this technology by 
developing and marketing specialized products. 


Live Insects and Human Therapy 


The thought of using live insects to treat human ailments 
would make most pale, but the results can sometimes 
outperform drugs and surgery typical of more traditional 
Western medicines. Honey bees, fly maggots, ants, and 
Plasmodium-carrying mosquitoes have all been used in 
human therapy. 

The venom of honey bees is used to ameliorate 
inflammatory and autoimmune conditions such as multiple 
sclerosis, arthritis, rheumatism, chronic pain, neurological 
diseases, asthma, and dermatological conditions. The venom 
can be administered by humans or injected via the sting of a 
bee. Venom therapy is widely used in China, Korea, Bulgaria, 
Romania, Russia, Brazil, and the United States. Much of the 
research with venom therapy in the United States focuses on 
treatment of multiple sclerosis and chronic pain. Of the more 
than 40 components identified in bee venom, 18 are 
considered to be active. One of these, melittin, is among the 
most powerful anti-inflammatory substances known. 
Although not a conventional form of treatment in the United 
States, anecdotal evidence of its efficacy is accumulating, and 
companies market bees and bee products for therapeutic 
purposes. This form of therapy should be undertaken only 
with qualified supervision and, since some people go into 
anaphylactic shock when stung by bees, should be 
administered with adequate precaution. 

Maggot debridement therapy uses maggots of Phaenicia 
sericata to cleanse wounds of necrotic tissue without 
attacking healthy underlying tissues. Maggots have been used 
to treat abscesses, burns, cellulitis, gangrene, ulcers, 
osteomyelitis, and mastoiditis. Their use has lessened the 
need for amputations and has been especially useful where 
diabetes is a complicating factor. Therapy involving the 
cleansing effect of these maggots dates to the 16th century. 
Despite the pioneering work in the early part of the 20th 
century, the practice of debridement therapy fell to disuse 
with the advent of antibiotics and new surgical techniques in 
the mid-1940s. The increase in resistance to antibiotics in the 
late 1980s elicited a resurgence of interest in debridement 
therapy. The mechanisms underlying success of this 
treatment remain poorly understood to this day. 

Live ants, particularly Amazonian army ants and carpenter 
ants of Africa, India, and the Mediterranean region, have 
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been used to close wounds and surgical incisions. The sharp 
mandibles of the soldiers lock when their jaws are closed, 
irrevocably fastened in place even if the bodies are severed 
from their heads. Although these live suturing instruments 
are unlikely to grace surgical theaters in modern hospitals, 
they have long been used by native peoples. 

Another use of live insects for therapy has fallen to disuse 
now that better alternatives are available. Before other 
treatments were available, it was known that the progress of 
syphilis could be halted when the body temperature was 
raised above 40°C. Because the effects of syphilis were so 
devastating, mosquitoes bearing a relatively mild strain of 
malaria were used to infect such patients. The Plasmodium 
pathogen caused high fevers that exterminated the syphilis 
pathogen. Although the patients were then infected with 
malaria, the cure was deemed worth the consequences. 


Living Insects on Parade 


There is little doubt that insects fascinate. Perhaps that is why 
they are so often featured in zoos and living museum 
displays, sold as pets, bred and released to celebrate special 
events, filmed and videotaped for movie and _ television 
productions, and ubiquitously adopted for live entertainment 
and education. 

Why anyone would purchase live immature insects and 
rear them to adulthood may baffle some, but marketing 
immatures for that purpose is a thriving industry. Hobbyists 
in the United Kingdom and around the world order exotic 
butterfly chrysalids for the sheer joy of observing the 
spectacularly adorned adults emerge. Ant farms, butterfly 
houses with living chrysalids, a wide variety of butterfly 
immatures, exotic live tropical stick insects, praying mantid 
and cockroach oothecae, pea aphids, Drosophila, mealworms, 
and lady beetles are sold directly by suppliers or by auction. 
Rearing these insects is both fun and educational. For insect 
collectors, it offers a way to obtain exotic species. 

Insect zoos, petting zoos, live museum displays, and 
insects in botanical gardens provide a sometimes exotic 
backdrop for educating the curious. Staged cricket and beetle 
fights are popular pastimes in Japan and elsewhere in 
Southeast Asia. Entomology departments at universities and 
museum and entomological societies in a number of 
countries have sponsored insect expositions (insect expos) 
that draw school groups and families from great distances to 
view these fascinating creatures firsthand. Cockroach races 
are regular features at insect expos. The human flea, Pulex 
irritans, was the center of attraction in American flea circuses, 
where their antics would attract Depression-era audiences to 
see a show at more than the cost of a double-feature movie. 

Butterflies are a charismatic group of insects that are 
recognized and appreciated by almost everyone. The 
butterflies’ spectacular, often iridescent beauty has caught the 
eye of naturalists and collectors alike. In Victorian times, 
Lord Rothschild employed more than 400 explorers to seek 
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out and collect butterflies for what became the largest 
personal butterfly collection in the world. Although rearing, 
buying, and trading butterflies has been a popular pastime in 
Europe since the days of Queen Victoria, one of the first 
butterfly houses was inaugurated only relatively recently, in 
1977, to attract tourists to Britain’s island of Guernsey, whose 
poor weather left little to recommend it. After Guernsey’s 
commercial tomato industry failed and the plastic growing 
houses were abandoned, someone thought to plant tropical 
gardens in those plastic houses and populate them with 
exotic butterflies. The idea was a success and was copied 
elsewhere well into the 1980s. In 1977, exotic butterfly 
suppliers were unknown, but the industry has since spread to 
Thailand, Malaysia, the Philippines, El Salvador, Costa Rica, 
Taiwan, Kenya, Madagascar, and the United States. 

Why not release butterflies at your wedding ceremony or 
next celebration? Environmentally correct, butterflies can be 
impressive when they take flight. Forget the rice, birdseed, 
and confetti. Painted lady (Vanessa cardui) and monarch 
(Danaus plexippus) butterflies are bred and sold for such 
releases. One particularly poignant use of butterfly releases 
took place at a fund-raising event in Costa Rica, where each 
member of the legislature released a butterfly and simulta- 
neously called out the name of a street child to whom the 
release was dedicated, lifting the children’s hopes and 
aspirations skyward. 

Who can resist the calming effects of sounds emanating 
from nature? Many commercial stores play bird, frog, and 
other nature sounds as a means of enticing customers to 
come in and shop. Compact discs (CDs) are recorded and 
sold for commercial use and for households wishing to bring 
that calming quality into the home. Among the insect sounds 
recorded and marketed are those of cicadas, grasshoppers, 
tree crickets, mole crickets, ground crickets, and katydids 
singing; June beetles flying; honey bees, bumble bees, 
yellowjackets, and midges swarming; and medleys of insects 
communicating or otherwise sounding off in nature. These 
recordings are sometimes played at insect expos to help bring 
a sense of reality to those who come to imbibe the amazing 
presence of the insect world. 

The entertainment industry takes advantage of fascinating, 
educational, scary, and exciting properties of insects by fea- 
turing them in movies and on television. Insects are topics of 
education and wonder on various television series. The cost of 
producing these documentaries, largely filmed in the wild, is 
covered by sponsorship. Like early films with insect subjects, 
children’s movies rarely film living insects; instead they use 
graphical characterizations and cartoon images. Fictional 
films made for more mature audiences, however, usually 
present the frightening or horrifying aspects of insects, and 
for this purpose, people are hired as “insect wranglers” to 
supply and manage live insects on the set. Such management 
demands a basic understanding of insect behavior, including 
knowing how to influence the insects to “act” in the way 
desired by the film director. Discovering that dead insects 


were easier to manipulate than live ones, Wladislaw Starewicz 
wired dead specimens and manipulated them frame by frame 
to simulate desired actions in his early short, The Fight of the 
Stag Beetles. In the 1978 film, The Swarm, killer bee invasions 
were depicted by filming actual bees. 


Waging War with Insects 


Insect-borne diseases have taken the lives of countless soldiers 
throughout the ages. Millions have fallen to malaria, yellow 
fever, dengue, and a host of other diseases transmitted by 
mosquitoes. The purposeful waging of war with living insects 
dates to at least the 14th century when the Tartar army 
catapulted bodies of bubonic plague victims into Kaffa. 
Although knowledge that fleas spread this dread disease 
would not come until much later, the tactic nonetheless 
served its purpose. 

Using insects to destroy agricultural crops seems to have 
emerged as a weapon of war only in modern times. 
Harlequin bugs, Murgantia histrionica, were introduced into 
the South, presumably in an effort to destroy the crops of the 
Confederacy during the American Civil War. Insects were 
used in both world wars as purposeful weapons. During 
World War II, the Japanese undertook the first large-scale use 
of insects as weapons of war by mass-producing an 
astonishing 500 million fleas bearing plague bacilli per year! 
In 1950, during the Cold War, the United States was accused 
of dropping Colorado potato beetles over East Germany. The 
Korean War brought to the Far East theater some 14 
additional insects purportedly propagated in the United 
States as agricultural and medical warfare agents. The 
Vietnam War introduced additional entomological agents of 
war, especially as vectors of anticrop agents like plant viruses 
(e.g., beet curly top and Fiji disease), and fungi, (e.g., fire 
blight, cornwilt). 

It was not until 1972 that insects were explicitly banned 
as weapons of mass destruction by the Biological Weapons 
Convention. Even though the mass production of these 
biological weapons was carried out exclusively by govern- 
mental agencies acting in secret, the trickle-down effects on 
local economies of producing entomological “weapons” must 
have been notable. 

Entomological warfare does not stop with wars, where 
humans square off against each other. In 1990, another 
relatively large-scale war was waged, this time on the illicit 
drug trade. In fact, the U.S. government allocated $6.5 
million to investigate, breed, and air-drop lepidopterous 
caterpillars to devour fields planted to coca in tropical Peru. 


Insect Identification Services 


There are so many insects in this world that it is difficult to 
identify them. Only by having authoritative determinations 
can many of the various insect-oriented industries succeed. 
Because of this demand, identification services have sprung 


up around the world. Some are geared toward the 
identification of agriculturally or medically related insects, 
but many focus on identifying insects in the context of 
biodiversity, especially of benthic invertebrates. 


FARMING INSECTS FOR THEIR PRODUCTS 
AND BY-PRODUCTS 


Not only living insects are marketed. Dead insects and 
products derived from them can also be of high commercial 
value. In fact, insect products and by-products probably 
account for the lion’s share of insect commercialization. 


Implements for Research 


Insects provide critical basic tools for studying a great many 
aspects of biology. Because Drosophila melanogaster, a common 
fruit fly, is small, has a short life cycle, and is inexpensive and 
easy to rear, it is an extremely valuable organism for 
biological research, particularly in the fields of genetics and 
developmental biology. Drosophila has been used extensively 
and intensively as a model organism for research for almost a 
century, primarily to uncover the relatedness of genes to 
proteins and to study and map the underlying mechanisms of 
genetic inheritance and gene expression. More recently, the 
field of developmental biology, especially embryology, has 
relied on Drosophila in explorations of how a complex 
organism arises from a relatively simple fertilized egg. The 
genome of Drosophila, recently sequenced, maps the gene 
structure of that seminal organismal model. Gene products 
such as Drosophila polypeptides and transcripts, and 
investigative tools such as the Drosophila Activity Monitor 
for circadian rhythm research, provide highly marketable 
products for the scientific supply industry. Moreover, 
specific, even mutant strains of Drosophila may be purchased, 
as well as supplies for rearing and maintaining cultures, and 
specialized equipment for conducting experiments. 

Insect products are also marketed for other research 
functions. For instance, they are used for genetic and molecular 
markers. The enzyme luciferase, derived from fireflies, is an 
excellent marker for assaying gene expression. These markers 
are produced and sold commercially. Indeed, specialized 
equipment for detecting the expressed bioluminescence is 
also marketed. Cell lines derived from insects is another 
powerful research tool. For example, protein-based human 
and veterinary vaccines and therapeutic proteins are 
produced by using baculovirus expression vector systems in 
insect cell lines. Human and animal protein products derived 
from insect cell lines are marketed for a number of purposes, 
including drug screening and clinical trials. 


Food Products 


Insects are an extremely rich source of high-quality proteins, 
fats, essential vitamins, and minerals. It is therefore not 
surprising that dead insects and products derived from them 
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are marketed for their nutritional value. These products can 
take the form of human food, pet food, and livestock feed. 


HONEY One can hardly think of insects as a source of 
human food without envisioning honey, diligently produced 
by worker bees. Honey was used as a sweetener in ancient 
Egypt and continues to be popular today, both in cooking 
and for sweetening foods to be consumed immediately. 
Entire industries are built around honey bees both as crop 
pollinators and as master producers of honey. The latter 
industry ends with the sale of honey products on the 
supermarket shelf, but the intermediaries are varied and 
include, beyond those involved in rearing honey bees, 
equipment for extracting honey from combs, devices for 
straining and clarifying honey, and beekeeping books and 
magazines that keep the honey producer up to date on the 
latest developments in the industry. 


HUMAN FOOD One often thinks of insects as human 
food in a novelty context, like being dared to eat fried 
mealworms, crickets, or chocolate-covered ants at the county 
fair. But insects have been a serious source of human 
nutrition for a very long time. This association substantially 
waned. as urbanization and “westernization” spread, but in 
the less developed corners of the globe it continues unabated. 
Accordingly, about 500 species in some 260 genera and 70 
families of insects are used for human food somewhere in the 
world, especially in central and southern Africa, Asia, 
Australia, and Latin America. Even in the West, insect foods 
need not be a novelty. Where they are consumed, insects 
provide 5.10% of the annual animal protein of indigenous 
peoples. Some Native American peoples consumed saturniid 
moth larvae as a main part of their diets. Currently, more 
than 100 species of insects are sold as human food at local 
markets in rural Mexico, where they constitute a regular part 
of the local diets. In Thailand, the specialized sex pheromone 
gland from giant water bugs provides a flavoring to shrimp 
paste. Thus, marketing insect-derived foodstuffs in selected 
regions of the globe contributes to local economies, but 
repugnancy of insect foods in western cultures continues to 
thwart economic opportunity for mass-producing and 
marketing these products in the West. 


PET FOOD Birds, lizards, fish, caiman, crocodiles, 
turtles, and a host of other insectivorous pets survive and 
breed much better if supplied with protein and nutrients that 
are available from live or dead insects. Rearing and selling 
these insects to the public is a thriving business (Fig. 2) 
Madagascar hissing roaches are sold as reptile food, whereas 
crickets are marketed for consumption by a variety of pets. 


LIVESTOCK FEED Beyond pet food, insects can provide 
a highly nutritious food source for domestic animals and 
livestock. Although low in such amino acids as methionine- 
cysteine, arginine, and tryptophan, when supplemented by 
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originating from South America available in pet stores for reptile and 


amphibian food. (Photograph by Gail Kampmeier.) 


these, insect protein forms an excellent feed. Under clinical 
trials, white rats (the universal experimental animal for testing 
new medical and pharmaceutical findings) fed Mormon 
cricket meal demonstrated the great potential of insects as a 
major source of protein for rats. China recognizes the 
potential nutritive value of insects as feed for fish, poultry, 
pig, and farm-grown mink. There, experiments have 
demonstrated that insect-derived diets are cost-effective 
alternatives to more conventional fish meal diets. House fly 
larvae and pupae, silkworm pupae, and mealworm larvae are 
the major source of these insect-based diets. Fly larvae fed on 
poultry manure have been experimentally incorporated back 
into poultry feed. When this system is in place, it will take 
the concept of recycling to a whole new level. 


Secretions and Dyes 


A number of insects have the ability to secrete substances 
such as waxes and resins through specialized glands. Dyes too 
can be extracted from insect tissues. Many of these products 
are of high commercial value. 


SERICULTURE Among fine fabrics made of natural 
products such as wool, cotton, linen, and leather, silk is 
almost always the most highly prized. Silk cloth is woven 
from a secretion of the silkworm, Bombyx mori. In the 
Orient, sericulture, a 4700-year-old industry, has built up 
around this insect and its precious secretion. The silk is a 
continuous-filament fiber consisting of fibroin protein, 
secreted from two larval salivary glands in the insect’s head, 
and a gum called sericin, which cements the two filaments 
together. Silkworm larvae secrete this substance to weave 
cocoons within which they pupate. To obtain the fibroin 
protein filaments, cocoons are softened in hot water to 


remove the sericin. Single filaments are drawn from cocoons 
in water bowls and combined to form yarn, which is drawn 
under tension and wound onto reels, dried, packed according 
to quality, and sold as raw silk. It was once believed that 
silklike synthetic fibers would replace silk, thus decimating 
the silk industry, but that has not occurred. In fact, world silk 
production nearly doubled over the last 30 years. Together, 
China and Japan manufacture more than half of the world 
production. Other countries, like Nepal, are intensifying 
their silk production. The sericulture industry is complex, 
and many suppliers commercially produce and sell products 
to culture silkworms, obtain the raw silk, refine the silk, 
weave it, produce clothing from it, and sell the products on 
the market. Wild sericulture also exists: that is, fibers from 
cocoons other than the silkworm are used, often by native 
peoples, in a similar manner. This industry is less relevant to 
the modern world of commerce, but it fuels local industry 
and provides clothing and other needs of native peoples, 
especially in India. 


SPIDER SILK Spider silk, like that of silkworms, is 
composed of fibroin. However, unlike silkworms, which 
secrete silk from salivary glands in the head, spiders secrete 
silk from glands at the tip of the abdomen. Depending of the 
type of silk that is to be made, the spider mixes the fluid from 
up to six different glands and regulates the speed and volume 
of release. Spider silk is an extraordinarily strong and elastic 
material. On a weight basis, it is stronger than steel; a pencil- 
thick strand of silk is strong enough to snare a Boeing 747 
airplane in midair. DuPont advertises that the company’s 
researchers are studying biopolymer structures of the 
spiderwebs. They have used recombinant DNA technology 
to produce analogues of spider silk in yeast and bacteria and 
are planning to promote this synthesized material for all 
manner of construction purposes. 


ROYAL JELLY Royal jelly, a substance secreted by the 
salivary glands of worker honey bees, stimulates the growth 
and development of queen honey bees. It is one of the most 
difficult of all foods to harvest, commanding astronomical 
prices because of its scarcity and high demand, fueled by 
belief in its healing properties. What royal jelly can do for 
humans is controversial, but it purportedly reinvigorates the 
body and extends the life span. Pantothenic acid, a major 
ingredient, is useful in treating some bone and joint 
disorders. Rheumatoid arthritis symptoms may subside with 
the injection of this acid. When pantothenic acid is 
combined with royal jelly, even better results are reported. 
This product is sold by many health food companies. 


BEESWAX Glands on the underside of young worker 
honey bee abdomens secrete small wax platelets, which are 
masticated and molded inside the hive into a comb of 
hexagonal cells that are then filled with honey. Additional 
wax is used to cap the cells for honey storage. Of all the 


primary products of the honey bee, wax has been, and 
remains, the most versatile and most widely used material. 
For centuries, beeswax has been regarded as the best material 
for making candles. An excellent wax for polishing woods 
and floors, it is also an ingredient in general-purpose 
varnishes. It has uses in packaging, processing, and preserving 
foods, and as a separation agent in the confectionery industry 
and in cigarette filters. Textiles and papers are waterproofed 
with products containing beeswax. Emulsions containing 
beeswax clean and soften leather goods. 

Batik, an Asian method of coloring cloth, is based on the 
principle that wax (traditionally beeswax) protects areas that 
are not to be stained when the cloth is immersed in the dye 
solution. This protection feature is used for waterproofing and 
as an anticorrosion rust inhibitor to prevent dissolution of the 
metal in steel drums used to store and ship honey. Materials 
for embedding or electrically insulating circuits of high and 
ultrahigh frequency include beeswax. Beeswax is used as a 
binder when lubricant characteristics are desired or if mix- 
tures are to be ingested. It is an ingredient in slow-release 
pellets of pyrethrum pesticides. Glass can be etched with 
hydrofluoric acid when areas that are not to be etched have 
been protected with beeswax. Various inks, pens, markers, 
and even carbon paper often contain small amounts of beeswax. 
Ancient jewelers and artisans formed delicate objects from 
wax and cast them later in precious metals. Colors of 2000- 
year-old wall paintings, as well as wrappings of Egyptian 
mummies, contain beeswax. Beeswax has long found use in 
medicines and body lotions. As a coating for pills, beeswax 
facilitates ingestion. Other products in which beeswax is a 
traditional ingredient are grafting wax, crayons, sealing wax, 
protective car polishes, and thread for sewing sails and shoes. 


RESINS Shellac has been in use for 3200 years and is 
made from an insect native to India and Myanmar, the lac 
scale, Laccifer lacca. Lac females infest branches of fig trees 
and cover their bodies with a resinous secretion that hardens 
into a shield. Between 17,000 and 90,000 insects are needed 
to produce a pound of lac. The resins are ground to free the 
lac granules, which are then crushed and boiled in water. The 
floating lac is skimmed off, dried, and placed in burlap bags, 
which are stretched over a fire. As it is heated, the bags are 
twisted and the melted lac drips out. Before hardening, the 
lac is stretched like toffee. After hardening, the lac is broken 
into pieces and sold. Lac is the basic ingredient of a vast list 
of products besides shellac, including stiffening agents in the 
toes and soles of shoes and felt hats, shoe polishes, artificial 
fruits, lithographic ink, glazes in confections, phonographic 
records, playing card finishes, and hair dyes. 


INKS _ Iron gall ink is arguably the most important ink in 
the history of the Western civilization. It is made of vitriol, 
gum, water, and, most notably, tannin extracted from Aleppo 
galls. Oaks produce Aleppo galls in response to a chemical 
substance secreted by larvae of the cynipid wasp, Cynips 
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gallae-tinctoriae. The gall provides both food and protection 
for the larva. Tannin content of the gall is highest before the 
wasp exits. Iron gall ink is still sold and used for many 
purposes. Because iron gall ink is indelible, it was the ink of 
choice for documentation from the late Middle Ages to the 
middle of the twentieth century. It was very popular with 
artists as a drawing ink, used with quill, reed pen, or brush. 
It is now used by the U.S. Treasury in the ink for printing 
money. The range of objects that contain iron gall ink is 
enormous. It was used for most manuscripts, music scores, 
drawings, letters, maps, and official documents such as wills, 
bookkeeping records, logs, and real estate transactions. 


DYES Historically, adult female Mediterranean scales 
(Kermes iticies and K. vermilio), Oriental lac insects (Kerria 
lacca), central European scales (Porphyrophora polonica), and 
New World cochineal scales (Dactylopius coccus) were used in 
the preparation of red dye by a number of indigenous 
populations. Today, cochineal dye is the most important. It is 
obtained from an extract of the bodies of scale females found 
feeding on a cactus native to Mexico and Central America. 
The insects’ bodies contain the pigment called carminic acid, 
which is effective in repelling potential predators such as 
ants. This substance is obtained by subjecting a mass of the 
crushed insects to steam or dry heat. Because 70,000 scale 
bodies are needed to produce a pound of cochineal, the dye 
is extremely expensive. Once commonly used as a scarlet-red 
mordant dye for wool and as a food coloring, cochineal has 
been largely replaced by synthetic products. It continues to 
be used as a coloring agent in cosmetics and beverages. 
Furthermore, the art of cochineal dying is practiced by 
natives in southern Mexico. The cochineal scale is still widely 
cultivated as a source of commercial dye in the Canary 
Islands and in parts of Central and South America. It is sold 
and chiefly used now as a biological stain. 


Pharmacology 


Even 3600 years ago, insects, their parts, and toxins derived 
from them were used to alleviate a number of human ills. 
Some of the remedies were less than effective (e.g., notably 
hirsute flies and bees used to treat baldness). Other insect- 
derived remedies were more credible because they have at 
their core a chemical property that today confirms their 
efficacy. For example, the hemolymph of cicadas has a high 
sodium ion concentration and was recommended in 
preparations to treat bladder and kidney dysfunction. 
Hemolymph is known to possess antibacterial properties and 
has thus been recommended in prescriptions to treat bacterial 
infections and sepsis. Traditional Chinese medicine includes a 
wealth of insects and other arthropods in its pharmacopoeia. 
Dried cockroaches, blister beetles, maggots, silkworm larvae, 
cicada exuviae, cicada nymphs and adults, and recipes using 
mole crickets, mantid oothecae, and silkworm frass can be 
purchased at traditional Chinese drugstores. 
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Aside from bee venom therapy described earlier, products 
from honey bees have long been used to promote health and 
as a food source (Fig. 3). Honey, royal jelly, bee pollen, and 
propolis are all sold to treat a variety of ailments from 
anorexia to insomnia to cardiovascular diseases, and to 
promote wound healing. More information can be obtained 
from the American Apitherapy Society. 

Blister beetles are the major source of cantharidin, the 
active ingredient of “Spanish fly.” This chemical has been 
used to topically treat warts and can be ingested for its 
aphrodisiac properties. Acute renal failure and death can arise 
from overdosing on cantharidin. These findings have prompted 
the removal of cantharidin from use in the United States, but 
Chinese researchers have discovered that beetles (e.g., 
Mylabris phalerata and M. cichorii), long used in traditional 
medicines, contain antitumor properties. Researchers are 
attempting to balance the potential cancer-fighting properties 
with undesirable side effects by testing less toxic analogues of 
cantharidin. 


Adornments and Displays 


Certain insects lend themselves or their products to the 
making of spectacular jewelry. Beetles are probably the most 
notable because of their durable, often iridescent, hardened 
forewings, called elytra, and interesting body shapes. They can 
be made into brooches or encased in plastic for key chains and 
paperweights; many tropical species are reared specifically for 
this purpose. Beetle elytra have also been woven into textiles. 
Insect galls and morpho butterfly and dragonfly wings have 
been incorporated into jewelry designs. Caddisfly larvae glue 
together tiny stones, grains of sand, and bits of litter to form 
cases that protect them in their aquatic environment. 
Furnished specific materials such as gold nuggets, shells, or 
semiprecious stones, they will incorporate these materials into 
their protective cases, which can then be harvested and made 
into earrings, necklaces, tie tacks, and pins. Insects trapped in 
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FIGURE 3 Honey, skin care products, and cough lozenges all make use of 
products from honey bees. (Photograph by Ann Coddington Rast.) 


fossil amber also are sold for jewelry and displays. Although 
butterflies and beetles are commonly encountered in displays, 
a wide variety of insects are sold for those purposes, as well 
whether as decoration or for educational uses. 


Party Favors and Pranks 


For the prankster, live Madagascar hissing cockroaches are 
sold as party favors and “stocking stuffers” for the holidays. 
Honey bees embedded in plastic cubes shaped like ice can be 
purchased to be placed in a guest’s drink. Mexican jumping 
beans, which are bean seeds containing larvae of a small moth 
Carpocapsa saltitans, have been popular as novelties for decades. 


MARKETING INSECTS IN THE ENVIRONMENT 


A more nebulous category of insect commercialization 
surrounds the marketing of insects in the wild. Bioprospecting, 
ecotourism, and conservation enhancement are modes through 
which insects are marketed in an environmental context. 
These modes frequently interact to serve the broader intent 
of environmental protection. 


Biodiversity Prospecting 


Biodiversity prospecting involves the exploration, extraction, 
and screening of commercially valuable genetic and bio- 
chemically active compounds of plants, arthropods, and 
microorganisms for pharmaceutical development and agri- 
cultural and industrial use. That some 200 pharmaceutical 
corporations and biotechnology companies are now stalking 
the wilds in search of biological riches is convincing evidence 
of the economic potential ascribed to bioprospecting. The 
vast array of insect compounds that are being discovered, 
reexamined, and put to new uses in disease treatments lags 
behind that of the botanicals currently being exploited. In 
combination with the tendency of many insects to sequester 
or change plant compounds they have ingested, there is an 
enormous untapped source of potential insect or insect derived 
compounds for medicine in the biodiversity of this planet. 

With advances in molecular biology and the availability of 
more sophisticated diagnostic screening tools, it is increasingly 
cost-effective for commercial organizations in search of new 
pharmaceuticals to seek out natural products. This trend has 
resulted in a soaring market for candidate biological specimens, 
a market that currently tops $40 million per year for the 
pharmaceutical industry alone. Because of the difficulty many 
governments have encountered in maintaining sovereignty 
and control over their resources, there has been a surge of 
interest in legislation governing access to resources and in 
ensuring that host countries benefit from the commercial 
products fashioned from their native species. 


Ecotourism 


Tourism is the leading economic sector in several tropical 
countries. It is dependent on the lure of a warm climate, 


Phased antenna array system is usually 
utilized in radio frequency (RF) or 
intermediate frequency (IF) with the 
system central frequency larger than 10 
GHz, such as satellite communication 
system [30]. There are two main different 
types of phased arrays, also called 
beamformers. There are time domain 
beamformers and frequency domain 
beamformers. 


5.3 Switched Beam System 


The switched beam method is considered 

as an extension of the current sectorization 
scheme. In the switched beam approach, 
the sector coverage is achieved by 
multiple predetermined fixed beam 
patterns with the greater gain placed in the 
centre of a beam [30]. When a mobile user 
is in the vicinity of a beam, then the 
signals at the output ports will be given as 
in (5). This enables the switched beam 
system to select the signal from the output 
port corresponding to that beam. As the 
mobile moves to the coverage of another 
beam during the call, the system monitors 
the signal strength and switches to other 
output ports as required. A basic switched 
beam antenna architecture is shown in Fig. 
9. And Fig. 10 illustrates the produced 
antenna pattern with 4 antennas. 


yO) =5,(NG,(Q)>°1,(0G,(4) (5) 


where y,(t) is the total signal appearing at 
port i, s,(t) is the signal source, /)(t) is the 
interfering signal source located at 
arbitrary angles 0, G; is the transfer 
function between signal source along the 
main beams and their corresponding 
output ports, G); is the transfer function 
between interference signal / and port i. 





Fig.9. Functional block diagram of 
switched beam system. 
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Fig.10. Produced antenna pattern of 
switched beam system with 4 antennas. 


Switched beam systems can offer 
several advantages, including 


* Low complexity and cost. Since 
switched beam system only requires a 
beamforming network, RF switches, 
and simple control logic, they are 
relatively easy and cheap to 
implement. 

# Moderate interaction with base 
station receivers. In __ practice, 
switched beam system can simply 
replace conventional sector antennas 
without requiring significant 
modifications to the radio base 
station antenna interface or the 
baseband algorithms implemented at 
the receiver. 

# Coverage extension. The antenna 
array aperture gain will boost the link 


relatively low prices, and perceptions of relaxation, 
excitement, and even educational appeal. Ecotourism takes 
advantage of the attractiveness of adventure by offering the 
enticement and wonder of nature in an exotic setting. 
Insects, too, provide tourist attractions, and perhaps the best 
example involves the monarch butterfly, a popular insect in 
North America. A tropical species, it extends its range 
northward well into Canada during the growing season but 
cannot overwinter there. Individuals retreat southward for 
thousands of kilometers each autumn to take up residence in 
climes more amenable to their survival. These butterflies are 
attractive to ecotourism enterprises precisely because of this 
pattern of movement accompanying the remarkable biology 
of the insects. Almost anyone can view these beautiful 
butterflies flitting around meadows and parklands during the 
summer months. But as autumn approaches, they begin 
remarkable journeys southward and westward towards one of 
two destinations, depending on where they grew up. Those 
east of the Rocky Mountains migrate to the Monarch 
Butterfly Biosphere Reserve at the high-altitude oyamel fir 
forests of Michoacén, in central Mexico, where they 
overwinter in extraordinary aggregations of millions of 
individuals. Those born west of the Continental Divide 
migrate southwestward and take up residency in the 
monterey pines, cypress, and introduced eucalyptus trees of 
Natural Bridges State Park and Monarch Grove Sanctuary in 
Pacific Grove, on the Monterey Peninsula of California, 
where they too overwinter in large aggregations. These two 
localities are ecotourist destinations. Entire tourist industries 
surrounding each locality are based on this amazing insect 
and its habitat. Accommodation, guided tours, and, in the 
case of Pacific Grove, considerable emphasis on fine dining, 
are featured. Organizations like Friends of the Monarch in 
Pacific Grove promote this ecotourism. 


Conservation Pursuits 


Conservation efforts fold together the concepts of 
ecotourism and bioprospecting in an effort to protect the 
landscape and the biota it contains. One intent of ecotourism 
is to sustain the environments that attract the tourists, 
permitting the business to remain viable. The indigenous 
Ejido community of central Mexico, for example, depended 
on income from logging in the buffer zone of the Sierra 
Chincua sanctuary, the largest and most pristine monarch 
butterfly overwintering area in the world. Through a leasing 
contract, the community agreed to cease logging sanctuary 
forests in exchange for compensation of lost income from 
ecotourism profits. When agreements are made with the care 
of the earth as a goal, bioprospecting can also be an 
instrument for conservation. 

Although not big business, conservation efforts can involve 
the production and sale of insects. Indigenous populations 
that use natural areas will maintain them if profitable 
industries, based on gathering and selling renewable resources 
of the system, can be developed. Jewelry made from beetle 
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elytra and sold at local tourist markets is an example. Insects 
are sometimes bred and released into the wild to enhance the 
preservation of the species. A butterfly breeding industry has 
emerged in many corners of the world where pupae are sold 
to collectors and accumulated for release into habitats where 
the species is, for one reason or another, becoming rare. In 
Papua New Guinea, participants in a butterfly farming 
project sell live and preserved butterflies to collectors around 
the world. They earn between $2500 and $5000 per year, 50 
to 100 times the average per-capita income of $50. Residents 
who gain from this industry have a stake in protecting the 
local environment where wild butterfly stocks originate. 
Conservation groups encourage the sale of reared butterflies 
because that reduces the pressure on threatened and 
endangered species in the wild. Furthermore, by releasing a 
portion of the reared specimens back into the wild, the 
industry encourages ecotourism, which, in turn, brings 
added wealth to the community. A butterfly ranching project 
in Barra del Colorado in northeastern Costa Rica, is an 
example. It provides sustainable income for its participants 
and assigns a portion of the stock bred from wild and captive 
butterflies for release back into the wild. 


See Also the Following Articles 
Bee Products ¢ Food, Insects as ¢ Honey * Medicine, Insects in 
Silk Production 
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nsect conservation includes two main contexts. Insects may 

be conservation “targets,” whereby particular species 
become the focus of concern because of their perceived 
decline in abundance or distribution, or insects may be 
conservation “tools,” in which they are incorporated into 
broader aspects of conservation concern through their 
sensitivity to environmental changes and used as “signals” to 
monitor or herald changes to natural environments. This role 
is facilitated by their high richness and diversity in most 
terrestrial and freshwater environments. Both contexts reflect 
concern over human intervention with the natural world and 
the desire to sustain both components (i.e., species and 
equivalent entities) and processes in natural ecosystems. The 
major roles of insects in sustaining ecosystem services and 
processes acknowledge their immense richness and biomass 
and are reflected in E. O. Wilson’s famous characterization of 
invertebrates as “the little things that run the world.” 

Nevertheless, with few exceptions, ideas of conserving 
insects are difficult for many people to accept. In contrast to 
higher vertebrates and many vascular plants, which people 
accept readily as objects worthy of conservation, insects have 
a poor image and are more commonly viewed as objects for 
suppression or elimination. They are regarded broadly as 
pests or nuisances or by some disparaging epithet such as 
“bird food” (however important that categorization may be 
in sustaining community integrity). 

Insect conservation has a long history, mainly through 
focus on the more popular groups, such as predominantly 
butterflies, dragonflies, and some showy beetles. These insects 
are accepted widely as “worthy,” simply because people like 
them and regard them as harmless. It is also revealing to see 
the commonly polarized perceptions of “a butterfly” and “a 
moth” despite these being artificial segregates of the same 
insect order. Concerns arose over decline of particular species 
from the mid-19th century onward. Initial concerns, and the 
foundations of modern insect conservation practice, were in 
western Europe and North America but have expanded to 
encompass many parts of the world. Conservation in practice 
includes application of biological knowledge to manage or 
sustain species and other higher ecological levels, which 
reflects the total biodiversity and linkages that occur within 
the complex, imposed framework of regulation and socioe- 


conomic needs that provides for ever-increasing human 
populations. “Biodiversity” encompasses both taxonomic 
and genetic diversity, with conservation aiming, broadly, to 
prevent its loss—either by the extinction of threatened or 
rare entities or by preventing other entities from decline to 
that state. As major components of biodiversity, in terms of 
species richness, ubiquity, and ecological variety, insects are 
an important and increasingly appreciated component of 
global conservation need. 


PROBLEMS WITH INSECT CONSERVATION 


Traditionally, most insects have been largely disregarded in 
conservation, on the premise that they may be secure under 
measures taken to conserve more charismatic taxa such as 
warm-blooded vertebrates. The latter are supposed widely to 
act as “umbrellas” for most or all coexisting species, but this 
idea is now recognized as oversimplistic, because many 
invertebrates are ecologically specialized and need detailed 
management to sustain them in the face of environmental 
change. However, without past emphasis on vertebrates, many 
habitats and sites recognized as of considerable importance 
for insects would surely have been lost. One attraction of 
basing conservation on groups such as birds or mammals is 
simply that they are relatively well known: their diversity is 
limited and tangible, most of the species are named, and 
many are recognizable without having to capture and kill the 
animals for detailed examination; their biology and habitat 
needs are reasonably well understood, and their distributional 
ranges and patterns defined; even the numbers and 
population sizes of many species can be evaluated reliably. 
Parallels with large showy butterflies and dragonflies have led 
to these being referred to as “birdwatchers bugs,” but they 
contrast dramatically with most other insect groups. 
Uncertainties over levels of species richness, that most species 
are still unnamed or even uncollected, and fragmentary or 
nonexistent ecological and distributional knowledge provide 
severe impediments to defining the patterns of diversity and 
distributions that may constitute the template for conserva- 
tion evaluation. For many insect habitats in most parts of the 
world, we have little idea of insect species richness and identity. 
Many insect species are known solely from long-dead museum 
specimens and may never be seen alive. Of the world’s 12 
“megadiverse countries” (collectively estimated to harbor more 
than 70% of earth’s animal and higher plant species), only for 
Australia can reasonably informed approximations of the 
extent, distribution, and ecological features of the insect fauna 
be deduced sufficiently to make conservation recommenda- 
tions above the universal need to safeguard natural habitats. 
For the far more species-rich tropical countries, the paucity 
of resident entomologists and differing priorities render such 
data very approximate and their accumulation a low priority. 
Costa Rica, recently subject to an internationally sponsored 
biodiversity inventory through its national Biodiversity 
Institute, is an important exception. It is salutary to reflect 


that a decline in individual insect species in well-known 
(predominantly temperate-region) faunas can arouse sub- 
stantial conservation interest and action, whereas tropical 
habitats supporting far more insect species than the total 
fauna of any European country disappear rapidly. 

There is little reason to doubt that numerous insect species 
have become extinct as a direct result of human activities 
during the past few decades, although most have not been 
documented, and that the process continues. Insects are a 
major component of what has sometimes been referred to as 
“the sixth great extinction,” considered likely to result in the 
loss of a substantial proportion of the world’s species within 
a few decades. Efforts in insect conservation are an important 
avenue to increasing the understanding of human impact on 
natural ecosystems and of the subtle steps needed to safeguard 
them in the face of accelerating losses. However, the 
complexity of the issues involved demands a clear perspective 
and allocation of priorities, so that limited funding and 
expertise can be deployed for the greatest benefit. 

Developing such perspective has involved: (a) increasing 
fundamental documentation of patterns of insect species 
richness on a variety of geographical scales, perhaps 
streamlining the process by concentrating on selected focal 
taxa because of the immense difficulty of enumerating all 
insect groups; (b) selecting the most deserving taxa for 
conservation targets, based on urgency of need to prevent 
extinction; (c) defining and alleviating threats to taxa and to 
their host environments; (d) public and administrative 
education to communicate the importance of insects in the 
natural world, and hence the need for their conservation; and 
(e) evaluating the contributions of insects in broader conser- 
vation activities. These parameters recognize that, despite 
ethical problems with any such selection, the diversity of insect 
species is such as to necessitate some form of “triage” in 
selecting the most deserving species for management and 
recovery action. One consequence has been a tendency to 
increase the scale of conservation concern; whereas single 
species are the most popular conservation targets, because they 
are defined tangible entities to which people can relate easily, 
their value as “flagships” or “umbrellas” for their habitats and 
other community members is of increasing importance in 
seeking wider benefits. Most fundamentally, support will never 
be sufficient to treat all deserving insect species individually 
as conservation targets needing expensive long-term recovery 
actions, and so any constructive shortcuts must be explored. 


RANKING TAXA FOR CONSERVATION PRIORITY 
The World Conservation Union (IUCN) has initiated 


schemes whereby species can be signaled as of conservation 
concern through being included on a global Red List of 
Threatened Animals and progressively allocated to a category 
of threat severity based on quantitative estimates of risk of 
extinction. The year 2000 Red List includes 747 insect 
species, including representatives of 15 orders, but is 
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dominated by Lepidoptera (284), Hymenoptera (152), and 
Odonata (137 species); daunting though this number may 
seem, it is no more than the detected tip of the iceberg of 
needy insect taxa. Many of the species included have not 
been evaluated critically in relation to their close relatives, for 
example; some are listed as the result of the zeal of individual 
nominators; and many insect groups have no such 
champions to promote their welfare. 

A number of regional red data books dealing with insects 
have established more local priorities, as have a greater 
number of Action Plans and similar documents arising from 
country- or state-based conservation legislations. In common 
with other taxa, the “listing” of an insect on a schedule of 
protected taxa often confers legal obligation to define and 
pursue the necessary conservation measures needed to ensure 
its well-being. It is important to recognize that simply being 
“rare” does not necessarily indicate conservation need. Many 
insects are known from single localities or otherwise very 
small areas. “Rarity” has connotations of one or more of small 
numbers, limited distribution, and ecological specialization, 
with the rarest species being ecological specialists occupying 
very small areas and occurring in very low numbers. 
However, rarity can be a stable condition. Conservation 
concern arises more properly from threats caused by human 
intervention increasing the level of rarity, such that a risk of 
extinction is imposed on a formerly stable balance or a 
trajectory of decline is accelerated. Conditions of rarity may 
predispose the species to stochastic effects and increase its 
vulnerability if the external threat spectrum increases. 

Unlike many conservation assessments for vertebrates, 
quantitative population data on insects are rarely available, 
and even large numerical fluctuations between successive 
generations may be entirely normal. Detection of numerical 
decline is thereby difficult, and the quantitative thresholds 
for allocating a species to the IUCN categories of “critically 
endangered,” “endangered,” and “vulnerable” generally 
cannot be met. For most insects for which any biological 
information is available, which is a small minority, even the 
basic pattern of population structure is generally unclear. 
Many butterfly species previously assumed to have closed 
populations, for example, are now known to manifest a 
metapopulation structure, wherein discrete demographic 
units (nominally subpopulations) occur disjunctly in patches 
of habitat across a wider area, and the whole population is 
maintained through rolling series of extirpations and 
recolonizations of the suitable habitat patches in the wider 
environment. Thus, even loss of whole apparent populations 
may be entirely normal, and the practical conservation 
dilemma is to distinguish these from declines and loss caused 
by imposition of external threats. 


THREATENING PROCESSES 


The following are the major threats cited in decline and loss 
of insect species and assemblages. 
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Habitat Loss and Change 


Many insects depend on very intricate and specialized 
ecological conditions for their survival, so that critical habitat 
and resource parameters can be very subtle. Whereas destruc- 
tion of a forest, for example, is an obvious form of habitat 
loss, relatively small changes in vegetation composition or 
microclimate may lead to decline of ecologically specialized 
insects. Many lycaenid butterflies, for example, depend on a 
tripartite association whereby their caterpillars have obligate 
mutualistic relationships with particular species of ants, as well 
as specific larval food plants, so that both of these are critical 
resources, in addition to the need for nectar sources for the 
adult butterflies. On a broader scale, many insects are limited 
to or associated with particular vegetation types, so that any 
process that diminishes forests, grasslands, heathlands, alpine 
meadows, mangroves, and many other habitats may harm 
them. The area needed for many insect populations to be self- 
sustaining is not large—colonies of many butterfly species 
can thrive on areas of less than a hectare—so that the 
widespread pattern of habitat fragmentation through agricul- 
tural and urban conversion so damaging to many other taxa 
may not necessarily be harmful for insects. But, by the same 
token, even limited habitat destruction or change might 
exterminate the entire population or species. 

Despite wide supposition to the contrary, many insects do 
not disperse readily or far. Some butterflies are reluctant to 
traverse even narrow bands of open ground between sheltered 
or shaded habitats, so even apparently unobtrusive habitat 
fragmentation (such as by construction of an access road) 
may have severe demographic and genetic consequences 
through promoting isolation. 

Habitat loss is the paramount threat concern in insect 
conservation and is potentially universal. Many insect 
conservation programs stress the need for habitat security 
and management as the most important single conservation 
measure. The latter aspect is critical; simply that an insect is 
represented in a high-quality reserve such as a National Park 
does not in itself guarantee its well-being, because conditions 
may continue to change through succession or management 
for other priorities. For example, in Britain, several butterflies 
declined following changed grassland management involving 
removal of grazing by domestic animals or rabbits. This led 
to the decline of attendant ant species because of changes in 
ground microclimates from denser overlying vegetation; 
particular grazing regimes are an integral part of habitat 
management for such taxa. Simply “locking up” a habitat in 
a reserve may be a vital first step in ensuring security, but is 
not an end point in conservation practice. 


Invasive Species 


Replacement of native flora by exotic plants has characterized 
much human endeavor. In Australia, native grasslands in the 
south east are regarded as among the country’s most 
endangered ecosystems, having been reduced to around 1% 


of their original extent. There is still “plenty of grassland,” 
but most of it is composed of exotic grass species introduced 
to improve pasture quality for domestic stock. Many insects 
(including wingless morabine grasshoppers and some 
Lepidoptera) that depend on native grass species are now of 
considerable conservation concern, as representing putative 
remnant populations confined to small patches of their 
original much wider range. Introduced plants, be they 
agricultural or forestry crops, weeds or ornamentals, provide 
opportunity for exotic herbivores to establish and thrive— 
often as insect pests demanding control in order to protect 
commercial interests. Classical biological control of introduced 
pest weeds and arthropods has led to numerous introduc- 
tions of insect consumers, be they herbivores, predators, or 
parasitoids. The practice has aroused concern among insect 
conservationists, because of the propensity of some such taxa 
to invade natural environments and attack native species, 
rather than being restricted to the (predominantly) 
agroecosystem environments where their impacts are needed. 
Protocols for screening for safety of biological control agents 
continue to improve, but some recent pest management 
practices need careful appraisal. Neoclassical biological 
control (whereby exotic natural enemies are introduced. to 
combat native pest species) is a highly controversial practice, 
for example, as witness the recent debate over the possible 
side effects of exotic wasp parasitoids against innocuous 
native grasshoppers coexisting with the few destructive 
rangeland species in North America. In such situations, lack 
of host specificity is a prerequisite, as the agent is to attack 
“new species’; the agents are thereby seen as predisposed to 
become invasive and attack a wider host spectrum. For 
classical biological control, much concern has arisen from 
isolated island environments such as Hawaii, where there is 
strong suggestion that extinctions of sensitive native insects 
have resulted from nonspecific agents invading natural 
environments. A tachinid fly, Compsilura concinnata, 
introduced to combat gypsy moth (an introduced major 
forest pest in North America), is known to attack a wide 
variety of native Lepidoptera, with recent concerns for its 
effects on some giant silkmoths (Saturniidae). 

Invasive social Hymenoptera, particularly ants such as the 
Argentine ant, Linepithima humile, and bigheaded ant, 
Pheidole megacephala, and vespoid wasps (such as Vespula in 
New Zealand), are known to outcompete native species and to 
disrupt the structure of natural communities in many parts of 
the world. As with other invasive taxa, many of these insects are 
extremely difficult to eradicate once they become established, 
and continuing spread is a major conservation concern. 


Exploitation 

Exploitation of insects as a threat revolves largely around 
issues of “overcollecting,” a highly controversial and emotive 
theme in insect conservation. Collector demands for rare 
butterflies and beetles, in particular, have led to the listing of 
a number of species on schedules of the Convention on 


International Trade in Endangered Species (CITES) as either 
prohibited in trade (a few species such as Queen Alexandra's 
birdwing butterfly, Ornithoptera alexandrae) or for which 
numbers in trade must be monitored. Much protective 
legislation for insects prohibits or restricts take of specimens. 
Individual rare insects can command sums of many 
thousands of dollars on the black market or more openly in 
dealers’ catalogs. Trade in insects is the predominant aspect of 
exploitation and has three main components (as nominated 
by Collins and Morris for swallowtail butterflies): the low- 
value high-volume trade (mainly in common species, for the 
souvenir trade and general collector supply), the high-value 
low-volume trade (of very rare species for collectors), and the 
live trade (mainly of long-lived showy species for display in 
butterfly houses). The second of these is the major 
conservation concern, with potential for illicit measures to 
circumvent protective measures for exceedingly scarce taxa 
and which has led to development of butterfly farming (or 
butterfly ranching) activities to help satisfy demand for high- 
quality reared specimens. This approach was pioneered in 
Papua New Guinea and has major conservation benefits in 
helping to reduce human pressures on primary forest habitats. 
Rearing butterflies for sale through a centralized government- 
supported agency has provided income sufficient to curtail 
needs for continued agricultural development in places and 
has allowed people to recognize forests as resources on which 
their sustainable incomes depend. 

However, and despite widespread assertion to the 
contrary, there is very little evidence that overcollecting is a 
common threat to insect species or populations. It is almost 
always subsidiary to changes to habitats. Very small, isolated 
populations of highly desirable species may indeed be “tipped 
over the brink” by imposition of any additional pressures and 
mortality, but measures to prohibit take must be seen as a 
responsible action. They should be balanced against the 
possible loss of information to be gained from hobbyists, 
who have contributed most of the information available on 
collectable insects such as butterflies. 


Pesticides and Pollution 


Pesticides are a special category of environmental pollutants, 
in that they are chemicals designed specifically to kill insects, 
rather than simply the by-product of industrial and other 
manufacturing processes. Pesticides can have nontarget effects, 
with the practice of greatest conservation concern being 
aerial spraying of insects in noncrop environments, either 
accidentally or purposely. Wiest’s sphinx moth, Euproserpinus 
weisti, was almost exterminated when its last known site in 
Colorado was sprayed with malathion, for example, and aerial 
use of fenitrothion against massing plague locusts in Australia 
before they reach cropping areas remains controversial and a 
stimulus to develop alternative management strategies. 
Other forms of chemical contamination, of both land and 
freshwater environments, have been documented as harmful to 
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insect assemblages, and the more widespread acid rains in the 
northern hemisphere have undoubtedly threatened insects in 
forest environments. Many local pollutant effects could be 
cited as occasional threats. Concerns have been expressed 
widely over effects of insecticides on dispersive pollinators such 
as honey bees that can forage 5 km or more from their hives. 


INSECTS AS CONSERVATION TARGETS 


The most familiar forms of insect conservation are associated 
with campaigns to conserve individual species, often “crisis- 
management exercises” stimulated by perception of decline 
or of current or impending threats from anthropogenic 
changes to the environment. Many are initially local 
exercises, but the species may also be of national or (as 
regional endemics) global concern. Detection and quantifi- 
cation of conservation need are followed, ideally, by well- 
designed and effectively coordinated management or 
recovery plans, with adequate monitoring to determine their 
effectiveness. Sound biological knowledge of the species 
underlies any such program, and in many programs an initial 
research phase to elucidate key ecological features must 
precede optimal management. However, for this to occur, the 
species may need interim regulatory protection, such as a 
moratorium on future despoiling of its habitat. 

With few exceptions, decline of insects has been difficult to 
quantify, because of lack of knowledge of population dynamics 
and absence of historical data on numbers and distribution. 
Many declines have been inferred from loss of habitat, on the 
basis of persistence in small remnant habitat patches and 
presumed losses elsewhere. For some well-known faunas, 
particularly for butterflies in western Europe, disappearances 
have been documented more effectively through a century or 
more of collector intelligence and accumulation of labeled 
specimens and information. The most complete example is 
for the British butterflies, a fauna of fewer than 60 resident 
species for which data are sufficient to plot reliable high- 
resolution maps of species incidence and change over much 
of the past century. Such “atlases” have been produced on a 
10 by 10-km? scale and have progressively spawned similar 
compilations for other insect groups and countries, together 
with numerous recording schemes to define current situations. 
In North America, the annual Fourth of July Butterfly Count 
developed through the Xerces Society is an important initiative 
helping to define the template for insect conservation needs. 
However, for most of the tropics, which is the most species- 
rich part of the world for insects, such schemes are 
impracticable because of the lack of sufficiently informed 
resident entomologists/hobbyists and the complexity of the 
faunas, as well as vastly different local priorities. 

Most concern for species, then, arises from perceived or 
anticipated declines to taxa considered rare or threatened in 
some way. For practical conservation the need is to define the 
severity of the threat(s), integrating this with knowledge of the 
species’ ecology, and to determine and pursue the measures 
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needed to alleviate the threat and either (a) prevent decline 
and/or loss or (b) enable recovery from decline to occur. 
Development of an Action Plan or Recovery Plan is often 
accompanied by listing the species on some form of legal or 
regulatory protection schedule, a step that commonly accords 
formal obligation to investigate and pursue conservation 
needs and confers priority for limited support over nonlisted 
species. However, listing has sometimes been seen as an end 
in itself, being considered as practical conservation rather 
than as a facilitating mechanism for practical conservation 
measures. Many legislations provide for eventual delisting of 
species as secure, and this can come about in two ways: 


1. The more intensive examination of the species that 
results from listing it reveals that it is more secure than 
supposed previously, so that continued categorization as of 
conservation concern is not warranted. 

2. Recovery (or broader management) measures are 
successful and render the species, and its habitat, secure. 


Either outcome is positive, but the process emphasizes the 
need. for periodic review of all listed species to determine 
changes in security and the effectiveness of conservation 
measures. The practical steps needed, as for a variety of other 
taxa, are varied but may include increasing habitat security, 
intensifying site management (for example, by enriching it 
with food plants and eliminating competitive weeds), 
increasing insect numbers and distribution through ex situ 
measures such as captive breeding and release, and 
translocations to sites within the historical range from strong 
donor colonies. Any such program should be monitored fully 
and coordinated and managed effectively by a species 
recovery team whose membership includes informed 
entomologists. Because of the novelty of insect species 
management in this way, many such teams still tend to focus 
on expertise derived from vertebrates rather than reflect 
invertebrate expertise strongly. 

In addition to species focus, assemblages or communities 
of insects are sometimes adopted as conservation targets, 
leading to a larger scale of consideration. 


INSECTS AS CONSERVATION TOOLS 


The high numbers of insect species and higher taxonomic 
and ecological categories (guilds) comprise a significant 
proportion of easily sampled biodiversity, with many easily 
categorized forms, in terrestrial and freshwater environments. 
They have attracted considerable attention in attempts to 
document communities and to measure the impacts of 
changes, whereby aspects of diversity, species composition, 
and ecological integrity can be evaluated by using insects as 
highly informative surrogates or indicators in various ways. A 
burgeoning literature on these topics reflects movements to 
conserve entities above single species and emphasizes the 
growing awareness of the key roles of insects in ecosystems 
and as “signals” of environmental health. Not all insects are 


amenable to use in this collective way; they are simply too 
poorly known. The desirable features of insect groups used as 
indicators include their high diversity and abundance, being 
widespread within the target ecosystems; being taxonomically 
tractable and recognizable (not always to species, and genera 
or families can be used instead of species in some groups, but 
it is highly desirable that adequate handbooks and 
identification keys suitable for use by nonspecialists are 
available); being easily sampled quantitatively or semiquan- 
titatively by simple methods; showing demonstrable changes 
in response to particular sets of disturbances or otherwise 
being ecologically responsive; and being sufficiently 
understood biologically that normal fluctuations in 
abundance, incidence, and distribution are not confounded 
with disturbance effects. The best documented insect groups 
have naturally attracted most attention, and it is sometimes 
difficult to distinguish the really useful insect groups from 
those that simply have strong advocates but less proven 
worth. One constructive approach is to focus on several 
different taxonomic groups simultaneously and so to 
incorporate additional ecological breadth. 

Another useful approach has been to determine the 
incidence of “functional groups” among ecologically diverse 
taxa (such as ants) in which different genera, tribes, or 
subfamilies coexist but have different trophic habits; respond 
to different physical, vegetational, or climatic cues; and 
interact in various ways. Local faunas can thus be 
characterized in functional terms and changes in balance of 
the different guilds used to evaluate environmental changes 
in, often, subtle ways. In freshwater environments, groups 
such as chironomid flies are diverse and have likewise been 
used to signal wider effects of pollution or temperature 
changes. In such contexts, insect indicators are the equivalent 
of the “miner’s canary,” with the strong implication that their 
responses may be sufficiently subtle to indicate environmental 
changes before the effects are reflected in other changes in 
biota. On a broader scale, the dependence of some insects on 
particular microclimates may provide a basis to monitor 
effects of longer term climate change. Thus, in Britain many 
insects are on the northernmost fringe of a broader European 
distribution and are confined to south-facing slopes with 
high insolation; with change in climate, their distribution 
may well also change. 

Insects also have values as flagship or umbrella taxa, much 
as with some vertebrates in the past. Selected popular insects 
can capture public sympathy and are of vital importance in 
spreading advocacy for insect conservation and the broader 
values of invertebrates. These need not be indicators, but 
species adopted as local or broader emblems for conservation 
have been one of the main imperatives in development of 
insect conservation through bodies such as the Xerces Society 
(United States) and the former Joint Committee for 
Conservation of British Insects (United Kingdom, most 
recently known as Invertebrate Link). Many leading 
entomological societies now have sections for members 


interested in conservation and conservation committees to 
help serve these wider interests. Even more broadly, 
characterization of community condition in terms of 
“representativeness” or “typicalness” or the principle of 
selecting nature reserves on their values as centers of diversity, 
evolution, or endemism can all benefit from incorporating 
insects in such evaluations rather than relying on low- 
diversity, sometimes atypical, vertebrate assessments alone. 
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C rickets are insects in the order Orthoptera that comprise 
the ensiferan family Gryllidae. Some authors regard them 
as the superfamily Grylloidae with four families: Myrmeco- 
philidae, Gryllotalpidae, Mogoplistidae, and Gryllidae. The 
group dates from the Triassic Period and today includes 3726 
known living species and 43 extinct ones, 22 extant sub- 
families and 7 extinct ones, 528 extant genera and 27 extinct 
ones. Most extant subfamilies are distributed worldwide. 
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DIAGNOSTIC FEATURES 
The Orthoptera also include katydids, long-horned and 


meadow grasshoppers, short-horned grasshoppers and locusts, 
pigmy locusts, and wetas. Orthoptera are related to stick 
insects (order Phasmatodea), cockroaches (order Blattodea), 
and mantids (order Mantodea), all of which lack jumping hind 
legs. Phasmatodea have three tarsal segments, Blattodea and 
Mantodea five tarsal segments. Crickets are further classified 
in the suborder Ensifera, the members of which share 
jumping hind legs, two pairs of wings (rarely one) or none, 
either three or four tarsal segments, and thread-like antennae 
that are longer than the body except in subterranean forms. 

Crickets all have long thread-like antennae, two slender 
tactual abdominal cerci, three tarsal segments, and some 
bulbous sensory setae basally on the insides of the cerci. No 
other insects share all these features; the last is closest to a 
single defining trait, shared by only certain Stenopelmatidae 
(Jerusalem crickets with four tarsal segments). 

Some Ensifera have been called crickets mainly because 
they resemble Gryllidae, lack established common names, or 
otherwise have obscure family connections. All of these, 
however, have four tarsal segments and are probably related 
more closely to one another, and to other noncrickets, than 
to crickets. Examples are bush crickets (a term used in 
Europe for certain Tettigoniidae), sand and stone crickets 
(Schizodactylidae), and camel crickets, cave crickets, wetas, 
and their relatives (Tettigoniidae, Gryllacrididae, Rhaphido- 
phoridae, Anostostomatidae, Stenopelmatidae, and Cooloo- 
lidae). Some caeliferan insects related to grasshoppers are 
called pigmy mole crickets and have two tarsal segments. 


VARIATION 


The smallest crickets are tiny, wingless forms comprising the 
subfamily Myrmecophilinae (ca. 1 mm); they apparently live 
and reproduce only in ant nests. The largest are the short- 
tailed crickets (Brachytrupinae) called bull crickets (ca. 5 cm); 
they excavate burrows a meter or more deep. Different 
cricket groups vary from having slender, fragile, whitish or 
greenish bodies with virtually transparent forewings (tree 





FIGURE 1 Adult male Gryllus pennsylvanicus. (Photograph courtesy of 
David H. Funk.) 
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FIGURE 2 Adult male Occanthus latipennis, with the forewings in singing 
position. (Photograph courtesy of David H. Funk.) 


crickets: Oecanthinae, Fig. 1) to heavy-bodied, aggressive 
brown and black defenders of burrows and territories (field 
crickets: Gryllinae, Fig. 2, short-tailed crickets: Bachytrupinae; 
mole crickets: Gryllotalpinae). James Thurber said of one 
grylline, the sturdily built European burrowing field cricket 
(Gryllus campestris), that it “has the aspect of a wrecked Buick.” 


HABITATS 


Crickets live in virtually all terrestrial habitats from treetops 
to a meter or more beneath the ground. Members of multiple 
subfamilies live in or near treetops and in bushes, grasses, and 
other herbaceous plants (Oecanthinae, Mogoplistinae, 
Eneopterinae, Podoscirtinae, Trigonidiinae) (Fig 3); on the soil 
surface (Nemobiinae, Gryllinae); in caves (Phalangopsinae, 
Pentacentrinae); and in shallow or deep burrows (Gryllotal- 





FIGURE 3 Adult male Orocharis saltator. (Photograph courtesy of David H. 
Funk.) 


pinae, Brachytrupinae). Some excavate burrows in logs or 
standing trees (Pteroplistinae). Some beach-dwelling species 
of Trigonidiinae run and jump readily on water. 

Females of different groups lay eggs in stems or twigs, in 
wood, under bark, in the ground, or in burrows. Apparently 
all females in the widely distributed burrowing subfamilies 
Brachytrupinae (short-tailed crickets, 223 species) and 
Gryllotalpinae (mole crickets, 76 species) are parental toward 
their eggs and also toward their juveniles. 


GEOGRAPHIC DISTRIBUTION 


Crickets occur almost everywhere on the earth between the 
regions of taiga vegetation that start at approximately 55° 
north and south latitude. Excellent dispersers, they are the only 
orthopterans that readily colonize far-flung Pacific islands. 
Some colonizers fly, others tend to lay their eggs in wood, 
which is carried by water far and wide. Flightless soil oviposi- 
tors are poor colonizers, except via human transport. The 
largest numbers of cricket species audible from a single 
location occur in tropical regions. In Malaysia, along about 
1 km of road northeast of Kuala Lumpur, the songs of 88 
species can be heard, including almost every extreme of struc- 
ture in cricket songs across the world. In the richest habitats 
of tropical Queensland (Australia), midwestern United States 
(southern Ohio), and some other tropical locations, up to 
about 25 species can be heard in single locales. Mute species, 
more difficult to locate, must be added to these numbers to 
obtain the number of cricket species in each region. 


WINGS AND FLIGHT 


The forewings of crickets, when present, are typically stiff and 
leathery; the hind wings are membranous and fold fan-like 
under the forewing when not being used. The hind wings 
can be miniature nonflying organs (microptery), longer than 
the forewings (macroptery), or absent. Some macropterous 
individuals shed their hind wings. The hind wings may also 
be pulled off and eaten by their bearer or by a female being 
courted by a macropterous male. Some macropterous crickets, 
such as the subtropical and tropical American species, Gryllus 
assimilis, take off, fly, and land so adeptly as to be wasp-like; 
others, such as mole crickets, fly in almost comically ponder- 
ous and slow manners, some with their abdomens hanging 
almost vertically. 


SONGS AND COMMUNICATION 


In most cricket species the males chirp or trill, producing 
clear, rhythmic, musical sounds distinctive to their family. An 
upturned scraper on one forewing is rubbed along a row of 
fewer than 10 to more than 1300 teeth, on the underside of 
the other forewing; tooth number, often species-specific, 
correlates with pulse rate and length. The dominant 
frequency in the sound depends upon the tooth-strike rate, 
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FIGURE 4 Drawings from audiospectrographs of the songs of 7 of the 17 
known species of Western Australian desert crickets in the genus 
Eurygryllodes. Top to bottom the species are warrilla (a), warrilla (b), 
warrami, wirangis, yoothapina, buntinus, and diminutus. £. warrilla (a) and 
(b) have not yet been treated as different species because too little is known 
about them, and the available specimens have not been distinguished 
morphologically (from Otte and Alexander, 1983, p. 81). 


ca. 1.5 to 10 kHz (Figs. 4 and 5). Sounds are pulses caused 
by the individual closing strokes of the wings and separated 
by the silent opening strokes. Pulse rates vary from one every 
3 s (a Hawaiian trigonidiine) to more than 200 per second (a 
Malaysian gryllotalpine). The communicative significance of 


the songs lies in the rates and patterning of the pulses; pitch 
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FIGURE 5 Teeth on the stridulatory files of field crickets (genus Gryllus) 
from the Galapagos Islands. 
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is important because the tympana on the forelegs are for each 
species tuned to the sounds of conspecific individuals. The 
calling song, best known, attracts females and challenges 
nearby males. The courtship or mating song induces the 
female to move into the copulatory position, and the fighting 
chirps (most obvious in surface-dwelling and subterranean 
species) challenge other males at close range. 

Cricket sounds vary with temperature. The North 
American snowy tree cricket (Oecanthus fultoni), sometimes 
called the thermometer cricket, chirps at a steady countable 
rate, such that degrees Fahrenheit is represented by the 
number of chirps in 15 s plus 40. Individuals of this 
nocturnal species also synchronize their chirps, so that a 
dense colony produces an intense, monotonous beat. Ralph 
Waldo Emerson said that if moonlight could be heard it 
would sound like this intense, beautiful cricket song. 

Tree- and bush-living crickets tend to sing only at night, 
those in grasses and on the ground both day and night; 
presumably this situation has come about because of a history 
of trade-offs between obtaining mates and avoiding predators, 
mainly birds. Some crickets are also parasitized by flies that 
locate males by song. In Europe and Australia certain sounds 
of nightjars (Caprimulgidae) are so similar to the songs of 
mole crickets in the same locations that it seems likely 
(though unproved) that these insectivorous birds attract mole 
crickets, both sexes of which respond to songs in flight. 

Crickets were among the first musicians on earth. The 
calling song of each species today—as with all so-called 
“singing” insects—is invariably distinct from the songs of all 
other species that breed in the same times and places. Species 
that mature and mate in different regions, or at different 
times in the same region, sometimes have songs so similar as 
to be unlikely to be distinguished by the crickets. 

Cricket acoustical communication evidently evolved but 
once, yet has been lost many times. In Australia the 
stridulum (file) has been lost at least 27 times, in Africa 17 
times. The auditory tympana are often retained after 
acoustical communication has ceased, but only in flying 
species, suggesting that the tympana are used to avoid bat 
predation (Fig. 6). 

Varying shapes and locations of the auditory tympana on 
the fore tibiae of crickets, and variations in the structure of 
the stridulatory device on the forewings of males, cause the 
morphological devices of crickets, as well as their songs, to be 
important to students of phylogeny and classification. Because 
of their species distinctiveness, cricket songs are unusually 
fine tools for locating previously unknown species and for the 
rapid study of geographic and ecological distribution, 
biogeography and phylogeny, species density variations, 
population size, seasonal and geographic overlap of species, 
character displacement, and the nature of the life cycle and 
overwintering stage from the seasonal distribution of adults. 

Biologists have analyzed cricket songs intensively for 
almost 70 years because they are audible, recognizable, and 
amenable to sophisticated acoustical, physiological, and 
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FIGURE6 The sound-producing and auditory apparatus of a tree cricket. The 
stridulatory file is located on the underside of the forewing near its base. Each 
time the forewings close during song the teeth are rubbed against a scraper 
located on the underside of the other forewing. The forewings are thus caused 
to vibrate, more or less as a whole, as fast as the teeth are struck, producing 
separated pulses of a whistle-like tone. The hearing organ, or tympanum, is 
located on the upper portion of the front tibiae. It is tuned to the frequency 
of its own species’ wing vibrations, causing it to transmit the rate and pattern 
of pulse production of all songs at that frequency to the central nervous 
system. The central nervous system is able to distinguish its own species 
songs from those of other species with songs of similar frequencies that sing 
in the same times and places. In some crickets the tympanum is exposed 
through openings on both the inner and the outer faces of the tibia; in others 
there is only one opening, most often on the outer surface of the tibia, but 
in some (typically burrowing) species on the inner surface only. 


behavioral analysis and because hybridization of different 
species provides insight into the genetics of song differences. 
As a result of the use of song to locate new species, during the 
past 50 years the number of known cricket species has more 
than doubled. With respect to genetic background, nerve 
and muscle physiology, and behavioral functions, the cricket 
acoustical system is almost certainly the most thoroughly 
understood of all animal communicative systems. 


EGG-LAYING 


Most female crickets inject their eggs into the soil or into 
plant stems through long, slender ovipositors. The oviposition 
slashes of tree crickets often seriously damage berry canes and 
small twigs. Females of the two subterranean subfamilies do 
not inject their eggs into the soil and have lost the external 


ovipositor; a few Brachytrupinae retain short ovipositors and 
inject eggs shallowly into burrow walls. Most subterranean 
forms lay only a few eggs in one place in an underground 
chamber. In those studied, such as the North American species 
Anurogryllus arboreus, plant materials are also stored in the 
burrow, and a special defecation chamber is excavated; juveniles 
eat stored plant materials, small unfertilized eggs produced 
by the mother after the young hatch, and eventually the body 
of the dead mother. A female may dig her own burrow or 
ferociously take over and defend the burrow of a courting 
male before allowing him to mate with her at the entrance. 


LIFE HISTORIES 


In northern (and probably southern) latitudes most crickets 
overwinter as eggs and mature in late summer. A few 
burrowers overwinter as partly grown juveniles and mature in 
early summer. There are 6 to 12 nymphal molts, and the 
adults usually live 6 to 8 weeks. In latitudes with significant 
winters, life cycles vary from one generation every 2 years in 
a mole cricket to two generations each year. Diapause occurs 
in the overwintering stage. Nondiapausing crickets such as 
the house cricket (Acheta domesticus) have a generation time 
of a few weeks, varying with rearing temperature. Diapause 
also occurs during droughts in some tropical countries. Eggs 
or adults live through droughts, with rain causing nymphs to 
hatch and adults to oviposit. 


FOOD 


Many crickets are omnivorous. Some seem to feed almost 
entirely on vegetable matter, yet sometimes consume carrion 
and even ferociously kill and eat other insects. Several species 
frequent human dwellings and refuse heaps, most notably A. 
domesticus and the decorated cricket, Gryllodes sigillatus. 
Subterranean species feed mostly on roots and can be 
injurious when abundant in crops, gardens, lawns, golf 
courses, and newly reseeded forests. 


HUMAN USE 


House and field crickets are reared and sold in large numbers 
as fish bait and food for laboratory animals in many parts of 
the world. In the Orient, male crickets are caged for their 
songs, and staged battles between aggressive males in surface 
and subterranean species have been a favorite sport for over 
1000 years. Males can be primed for serious fights—even to 
the death—by tickling them with brushes resembling 
antennae and by providing them with lairs made of small 
boxes that enhance their motivation to defend the site. 
Burrowing crickets can be extracted from their burrows by 
eliciting aggressive reactions to tiny pebbles rolled into the 
burrow followed by blades of grass used so as to imitate 
cricket antennae. Allowing a male to mate sets him into 
guarding the female for further mating, thus also priming 
him to fight ferociously. 


budget, which could be translated to a 
coverage extension. 


5.4 Adaptive Antenna Array 
System (AAA) 


Adaptive antennas date back to 1959. 
The original work was attributed to L. C. 
Van Atta’s work, Electromagnetic 
Reflection. Since then, adaptive 
beamforming techniques have been 
employed to remove unwanted noise and 
jamming from the output, mainly in 
military applications. With the thriving 
commercial wireless communication 
industry and the advancing 
microprocessor technologies, the adaptive 
beamforming techniques have found their 
applications in commercial wireless 
communications. With powerful digital 
signal processing (DSP) hardware at the 
base-band, algorithms could control 
antenna beam patterns adaptively to the 
real signal environment, forming beams 
towards the desired signals while forming 
nulls to co-channel interferers. Thus, the 
system performance is optimized in terms 
of link quality and system capacity [31]. 
Adaptive antenna array can be utilized in 
the transmitter side, which is known as 
transmit beamforming (TXBF) or in the 
receiver side, which is called receive 
beamforming (RxBF). 


5.4.1 Transmit Beamforming (TxBF) 


The implementation of adaptive antenna 
array technique in a handset is difficult 
with today’s hardware due to its 
limitations in size, cost, and energy 
storage capability, while it is feasible to 
adopt antenna arrays at base stations. 


Transmit beamforming provides a 
powerful method for increasing downlink 
capacity [32]-[35]. The idea of TxBF is 
similar to the pre-coded MIMO technique 
but with different strategies to calculate 
the transmit weight vector. TxBF adjusts 
the antenna main lobe towards to the 
desired user and reduce the interference to 
other users. A simple illustration of TxBF 
is shown in Fig. 11. 
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Fig.11. An illustration of TxBF. 


Eigenvector TxBF Algorithm 


Eignenvector TxBF algorithm is widely 
used for TxBF. The eigenvector of the 
spatial covariance channel matrix is 
calculated as 


R. =)H (6) 


where R,, is the autocovariance matrix of 
the desired user's signal, and H is the 
spatial covariance channel matrix. The 
eigenvector Amax Which corresponds to the 
largest eigenvalue will be selected as the 
weight vector [36]. One example of beam 
pattern for 4 uniform linear array elements 
is shown in Fig 12. 


MATING SYSTEM 


The long-range female-attracting songs and long tactual cerci 
of crickets are components of a unique mating system, some 
aspects of which evidently trace to the earliest instances of 
copulation in the insect line and help explain changes leading 
to the current major groups of insects. Thus, none of the 
primitively wingless modern insects copulate, while all winged 
and secondarily wingless insects do, the majority with the male 
mounting the female and in some way holding or forcing her. 
In primitively wingless insects, however, a sac or bulb con- 
taining the sperm (a spermatophore) is transferred indirectly 
to the female without direct copulation. Like crickets, some of 
these particular primitively wingless insects possess prominent 
tactual cerci (e.g., Thysanura), used to guide the female during 
spermatophore transfer, as also in cockroaches and mayflies. 
In all insect groups of ancient origin that have prominent 
tactual cerci, transfer of the spermatophore is a luring act in 
which the female either mounts (winged and secondarily 
wingless forms) or stands beside the male (primitively wingless 
forms). In some crickets, such as the field cricket genus Gryllus, 
the copulatory act appears unique among all animals in being 
entirely luring, with no evidence of controlling force by the 
male at any stage. The female is attracted initially by the long- 
range calling song and then by the male’s close-range courtship 
song and probably the fluttering touches of his antennae 
(Fig. 7). As in nearly all crickets, most close relatives of crickets, 
and most cockroaches and mayflies (the last aerially), the 
female mounts (or flies above) the male in the copulatory act. 
Apparently in correlation with the male field cricket having 
minimal ability to clasp the female’s genital parts, the 
spermatophore is transferred quickly, in 15 to 90 s. The 
spermatophore is osmotically self-emptying, so that sperm 
injection occurs largely after the female dismounts from the 
male. In forms related to crickets, such as Tettigoniidae and 
Caelifera, in which males have evolved terminal claspers on the 
abdomen, the tactual cerci have disappeared and copulation 
is much lengthier. In Caelifera the mating act has evolved 
such that the male mounts the female, though still reaching 
beneath her to attach the genitalia; here, unlike Tettigoniidae, 
the antennae have also become much shorter. Apparently 
luring copulatory acts in insects have repeatedly evolved into 





FIGURE 7 Adult female (left) and male (right) Phyllopalpus pulchellus, the 
latter with forewings in singing position. (Photograph courtesy of David H. 
Funk.) 
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acts involving significant force, but the reverse does not seem 
to have happened. Groups of features related to the history of 
insect mating acts have significance for interpreting changes 
in diagnostic features of major groups of insects, including 
cerci, antennae, genitalia, wing structure, long-range com- 
munication, and modes of pair formation. 

Distinctive morphological and behavioral features of 
crickets, especially those related to their methods of pair 
formation and mating behavior, make them a pivotal group 
in understanding insect evolution and phylogeny. 
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O rganisms with bright and conspicuous color patterns 
tend to attract the most attention both scientifically and 
aesthetically. However, the majority of insects and other 
animals rely on camouflage or crypsis for survival from 
predators that hunt them by sight. Furthermore, crypsis may 
extend to include the other senses, namely, smell, touch, and 
sound. Indeed, any stimulus or signal that can alert a 
potential predator could be expected to become part of a 





‘IGURE 1 Crypsis illustrated for different insects. (A) An individual of the dry season form of the evening brown, Melanitis leda, resting among dead leaves 


on the forest floor in the Shimba Hills, Kenya. The insect is at the center with head pointing to the right; forewing length is ca. 4.5 cm. (B) A small moth 
that resembles a dead patch on a large leaf in a forest in Costa Rica (wing span is ca. 3 cm). (C) The caterpillar of a moth of the family Lasiocampidae resting 


on a tree trunk in the Shimba Hills, Kenya; it is ca. 6 cm in length and is positioned horizontally, head to the right, in the center of the photo (image has been 


rotated 90 degrees). (D) The same larva when actively moving in the same direction along a twig. See text for further details. (Photographs by the author.) 


coordinated suite of cryptic traits. A form of crypsis is also 
shown by some predators that disguise themselves by 
assuming the same color and patterns as the background on 
which they hunt. H. B. Cott in 1940 wrote perhaps the best 
known book on animal color patterns, but many of the great 
entomologists of the 19th century had already considered 
insect camouflage. It is not usual to consider insect crypsis as 
a subject of applied biology but there are certainly many 
parallels with military expertise in either the hiding of or the 
searching for personnel and armaments in a landscape. 


An insect that is perfectly camouflaged is perhaps one of the 
most striking exhibitions of the power of evolution by 
natural selection to mold and adapt organisms to fit their 
environment and to maximize survival and reproductive 
success. Wonderful examples of camouflage are presented by 
many species of insects, including some butterflies in tropical 
forests (Fig. 1A), which rest on carpets of dead brown leaves. 
The apparent perfection of crypsis is emphasized in many 
such insects by a similarity of, and matching of, the color 
pattern of the wings, body, and appendages to the 
background on which they normally rest. The color pattern 
of these different body parts and structures must involve 


different genetic and developmental pathways, and yet 
evolution has led to a corresponding perfection of matching, 
albeit using entirely different mechanisms of pattern 
formation. Such an example of an underlying complexity of 
patterning is given by some caterpillars of the family 
Lasiocampidae that rest on the bark of trees and survive by 
resemblance to the background color pattern of the bark, 
including epiphytic lichens and algae (Fig. 1C). Such larvae 
are encircled by long hairs that are flattened around their 
margin when at rest. This breaks up their shape, smoothing 
their outline. These hairs are also patterned in a very specific 
way and one that is fully coordinated with the body cuticle, 
including the short bristles of the dorsal areas of the body 
segments. These elements are exposed, and the whole insect 
becomes highly conspicuous as soon as a larva is forced to 
move along a twig of fine diameter (Fig. 1D). 

Furthermore, color matching in cryspis is almost always 
only one component of the strategy for survival; both habitat 
choice and, frequently, the adoption of very specific patterns 
of behavior and activity are required for effective crypsis. 
One such example is shown by some species of moths that 
attain crypsis by appearing to be a dead patch of tissue within 
a large leaf on which they rest (Fig. 1B). They achieve this 
not only through the generally brown color of their wings 
and some details of patterning, which may resemble small 


patches of fungal-attacked leaf tissue, but also through a 
precise positioning on the leaf. For example, the moth in the 
photograph of Fig. 1B has rolled up the leading edge of its 
forewing, wrapped its abdomen along the trailing edge of one 
hind wing, hidden its appendages, and positioned. itself 
alongside the midrib of the leaf. 

Despite the potential fascination of understanding 
crypsis, it is only relatively recently that scientists have begun 
to analyze what is meant precisely when it is stated that an 
organism is well camouflaged. John Endler in 1978 stated that 
“a color pattern is cryptic if it resembles a random sample of 
the background perceived by predators at the time and age, 
and in the microhabitat where prey is most vulnerable to 
visually hunting predators.” There are several crucial 
components in this definition. First, a color pattern is cryptic 
only with respect to the specific environment in which the 
organism is potentially encountered by the predator or the 
guild of predators to whom the pattern is an adaptive 
response. What is a cryptic pattern on the resting background 
of that environment may be conspicuous and ineffective on 
any other background. Second, the effectiveness of a particular 
pattern is considered with respect to the normal time and 
lighting conditions under which crypsis is functional. Third, 
to be cryptic the color pattern of a prey organism must essentially 
reflect a random sample of the background on which it rests. 


INDUSTRIAL MELANISM AND CRYPSIS 


Perhaps the first analysis of crypsis and the evolution of a 
color pattern from the perspective of changes in camouflage 
involved industrial melanism in the salt-and-pepper moth, 
Biston betularia. Industrial melanism refers to an association 
of high frequencies of dark, melanic forms or phenotypes of 
a species with high levels of air pollution. The fundamental 
components of this classic example of the evolution of an 
adaptive trait also apply to numerous other species of moth 
and other insects that have evolved melanism as a response to 
environments influenced by air pollution. These components 
are: (1) the environment was changed by air pollution in such 
a way that the camouflage of the “typical” or wild type of 
color pattern was impaired, (2) a mutant phenotype occurred 
in this new environment that had a functional design or color 
pattern that improved survival from birds hunting the moths 
at rest, and (3) the dominant allele at the gene that specified 
this favored mutant phenotype then increased in frequency 
under the influence of natural selection, leading to the species 
exhibiting industrial melanism. 

In the salt-and-pepper moth, we know from museum 
collections that prior to the middle of the 19th century in 
northern England the moths had pale-colored wings with a 
speckling of dark dots (the typical form). Also, up until that 
time in the early industrial revolution the bark of trees was 
predominantly pale and covered in epiphytic lichens and algae. 
The salt-and-pepper moth rests on bark, and females lay their 
eggs under foliose lichens or in cracks in the bark. The moths 
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are active at night and rely on background matching and 
crypsis for survival from birds during daylight hours. Survival 
enables males to mate at night and females to lay their eggs 
over a number of nights. The gaseous (e.g., sulfur dioxide) 
and particulate (soot) air pollution produced by industry both 
killed the epiphytic communities on the trees and blackened 
the resting surfaces of the moths. The typical, pale-colored 
moths became more conspicuous. The fully black, melanic 
form known as carbonaria was not collected until 1848, near 
Manchester. It may have occurred shortly before through a 
mutation (producing a new allele of the gene), or perhaps it 
had already existed for some time in that region as a rare 
allele. Whatever its precise origin, the carbonaria form rose 
rapidly in frequency and spread extensively through the 
industrial regions of Great Britain over the following decades; 
the adult moth as well as newly emerged larvae can move 
long distances. Clear geographical associations were established 
between the amount of air pollution and the frequency of the 
fully melanic carbonaria and also of several intermediate 
melanic forms known as insularia. 

Up until the mid-20th century this remained a verbal, 
albeit persuasive, reasoning for the evolution of melanism as 
an adaptive response to a changed environment. It was only 
then that some classic early experiments in evolutionary 
biology began to add scientific rigor to this explanation. 
Several researchers performed a series of experiments that 
showed beyond doubt that, whereas the survival of the pale 
typical form was higher in rural, unpolluted regions of Great 
Britain than that of the carbonaria form, this relationship is 
reversed in the polluted industrial environments. Although 
there have been discussions about the precise details of some 
of these types of experiments, the fundamental finding of a 
switch in survival and relative fitnesses (reproductive success) 
of the pale and dark phenotypes across the extreme 
environments, principally the result of corresponding 
changes in crypsis, has been corroborated. Other differences 
in fitness among the phenotypes that are not directly related 
to the visual differences in color pattern may also be involved 
in determining the precise dynamics of the evolution. 

There has, however, more recently been an additional 
finding that proves beyond any doubt the role of evolution 
by natural selection. Great Britain and other countries in 
northern Europe have over the past few decades reduced 
levels of air pollution from soot and gases such as sulfur 
dioxide. This has in turn led to declines in the frequencies of 
the melanic forms and the coining of the phrase “evolution 
in reverse.” As the resting environment returns, at least in a 
qualitative sense, back toward the original, unpolluted state, 
the relative fitnesses are also reversed, leading to present-day 
declines in melanism. Although it has not been precisely 
quantified, the conclusion must be that in previously 
polluted regions, while the fully black melanic (carbonaria) 
has again become conspicuous and vulnerable to birds, the 
paler typicals have become well camouflaged on the changed 
background. 
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ANALYSIS OF CRYPSIS 


This example of the salt-and-pepper moth illustrates that 
crypsis still needed to be scientifically measured and fully 
quantified. In 1984 Endler began to use early techniques of 
image analysis to mathematically describe how well matched 
in terms of color patterning were moths in a North American 
woodland community with respect to different potential 
resting environments. If crypsis is “optimal” the patterning of 
the insect will represent a random assemblage of the pattern 
elements of the background. Endler also pointed out that 
there will be matching with respect to different components 
of the color patterns of both insect and resting background, 
namely, size, color, shape, and brightness. In some 
backgrounds, such as pine needles or bark with striations, the 
component of orientation should also be added. Failure to 
match with respect to any one of these components will lead 
to mismatching and ineffective crypsis. Because the color 
vision of many predators, including birds and insects, 
extends into the ultraviolet part of the spectrum, when color 
matching in crypsis is considered it often has to include the 
UV. Researchers have recently begun to use computer- 
generated patterns, image analysis, and “visual predators” to 
explore more fully the potential effects of interactions among 
predators and their prey that lead to the evolution of cryptic 
color patterns. 

Cryptic color patterns may also include an element of 
banding, which is disruptive and can serve to break up the 
outline of the prey. Usually, such an element also has to blend 
into the resting background in terms of the prey representing 
a random assemblage of its pattern. However, this restriction 
is perhaps relaxed when crypsis is used only to protect a prey 
from a distance, such as in the brightly colored, banded moth 
caterpillers, including the cinnabar, Tyria jacobaeae, and the 
strikingly striped forewings of some arctiid moths, for 
example, Callimorpha quadripunctaria. 


CRYPSIS AND NATURAL SELECTION 


Although testing of these ideas, at least in the context of 
animal color patterns and their camouflage, has not been 
completed, Endler has also performed experiments with 
guppies that dramatically illustrate the power of natural 
selection to lead to the evolution of effective crypsis. Male 
guppies can be very colorful with a patterning of bright 
spots and patches on their lateral flanks and fins. Laboratory 
experiments in which females can choose whether to mate 
with males of different patterns show that there is female 
preference for the more brightly colored males. In the wild 
in Trinidad, there is a correlation between the degree of 
color patterning on males in a population and the presence 
of predatory fish and invertebrates ranging from weak to 
strong mortality factors on guppies. Male fish are colorful 
and brightly patterned when either no predators or only 
weak predators are present, whereas they are drab and 


unpatterned brown fish when strong predators such as 
certain cichlids are present. A series of experimental pools 
with natural backgrounds in a greenhouse was established to 
examine the efficacy of natural selection on crypsis in this 
system. Endler showed that guppy populations with the 
weak predators showed no divergence over subsequent 
generations in their average color pattern; in contrast, in 
those pools to which strong predators were added the 
guppies showed a marked and progressive decline in the 
brightness and spottiness of the males. This result was highly 
consistent with selection favoring a more effective crypsis 
through a lower conspicuousness and improved background 
matching of the prey populations. In the absence of such 
strong predators, the balance of sexual selection through 
female choice and of natural selection by visually hunting 
predators favors colorful males because they survive to 
maturity and then achieve a higher mating success than their 
less colorful competitors. 

Such a balance of selection on animal color patterns is 
probably the norm in natural populations. Thus, in animal 
communication, a color pattern is usually a compromise 
between being conspicuous to conspecifics and being poorly 
visible to predators (or prey). Indeed, one of the potential 
disadvantages of adopting crypsis as the primary means of 
survival is that it almost inevitably ties the organism down to 
a sedentary style of life at least during the hours of daylight. 
In contrast, when organisms are distasteful and adopt a 
conspicuous, aposematic lifestyle or when they evolve 
Batesian mimicry to resemble such warningly colored species, 
there is no such disadvantage associated with daytime activity. 


INTERACTION OF CRYPSIS 
AND OTHER DEFENSES 


In many insects, an organism may not rely only on crypsis for 
survival. There may be some secondary means of defense 
once crypsis has failed and the prey has been detected by a 
potential predator. Insects that are cryptic at a distance but 
conspicuous when seen close up (including the banded larvae 
and arctiid moths mentioned above) are often chemically 
protected. This type of multiple defense is also illustrated by 
the moth caterpillar in Fig. 1C. If the caterpillar is disturbed 
and begins to move it can expose a series of glands in the 
dorsal cuticle of several segments toward the front of the 
body. These are visible as a pair of partial bands in Fig. 1D, 
the largest immediately to the right of the largest white- 
colored region. These produce a pungent odor and probably 
provide a potential chemical defense against birds and other 
predators. 

The effectiveness of crypsis will also show complex 
interactions with the visual processing abilities of the 
specialist predator or the guild of predators. Some insects 
that rely on camouflage for survival often exhibit extreme 
individual variation. One example is the tropical evening 
brown, Melanitis leda. This large brown butterfly is common 


throughout the Old World tropics. In wet-dry seasonal 
environments, the species shows classical seasonal polyphenism 
(ie., distinct color patterns that result from phenotypic 
plasticity), with a wet season form having conspicuous 
marginal eyespots and a cryptic dry season form without 
such eyespots. The latter form relies on survival through 
crypsis on a resting background of dead brown leaves (Fig. 
1A). In large numbers of the dry season form it is difficult to 
find two individuals with exactly the same color pattern. 
Dramatic variation across individuals is produced by high 
genetic variation in several different pattern elements across 
the wing (such as the contrast and brightness of particular 
patches and bands and the background wing color in 
different regions). This variation can be interpreted as an 
evolutionary response involving “apostatic selection” to make 
it more difficult for browsing predators in the leaf litter to 
form a specific “search image” for a particular form of dead 
leaf pattern corresponding to the color pattern of the prey. 
Although like many of the detailed ideas about the 
significance of crypsis and particular animal color patterns, 
this hypothesis remains to be tested rigorously, it does once 
again illustrate the fascination of crypsis. 
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ince the dawn of humanity, the organisms that share our 
world have captured our imagination and influenced our 
thoughts, dreams, and fears. This influence is particularly true 
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of insects, which impact nearly every facet of human activity. 
In addition to serving as objects of scientific inquiry, com- 
petitors for resources, carriers of disease, and food, insects 
have made a marked impact on the cultural aspects of human 
societies. Cultural entomology is the study of the role of insects 
in those human affairs that are practiced for the nourishment 
of the mind and soul, such as language and literature, music, 
folklore, religion, art, and recreation. These activities that 
pervade primitive and modern human societies are concerned 
primarily with life’s meaning rather than its function. 
Despite their extra appendages and different strategies for 
making a living, insects look and behave enough like humans 
to serve as models for friends, enemies, teachers, and 
entertainers. This status permits insects to act as objects on 
which to impart human qualities and as the source of 
qualities that can be incorporated into the framework of 
human ideology and social structure. It is not surprising then 
to find insects playing a host of roles in the oral and written 
traditions throughout human history, ranging from folk tales 
to the holy writings of the world’s most prominent religions. 


FOLKLORE, MYTHOLOGY, AND RELIGION 


The derivation of stories and myths is a universal tendency of 
all human societies. Both myths and folk tales differ 
enormously in their morphology and their social function. 
They are used to mediate perceived contradictions in phe- 
nomena observed in the natural world, they serve as vehicles 
of wish fulfillment, they may embody a lesson, or they may 
serve to preserve a piece of a culture’s history. Myth and 
folklore also differ from one another in their origin and 
purpose, but application of these distinctions is difficult to 
discuss here. Originally, mythology meant no more than 
telling stories, such as traditional tales passed from generation 
to generation. Later, some of these tales acquired new meaning 
and status and evolved more symbolic or religious functions. 
All tales, whether classified as folklore or myth, are not 
generated in isolation, but derive their inspiration, elements, 
and messages from the environment, including the host of 
other species that surround us. These tales are often used to 
derive commonsense explanations of natural phenomena 
observed in the environment. Conversely, such observations 
may also serve as the basis for the superstitious beliefs and 
tales surrounding aspects of human existence such as healing 
practices and other utilitarian activities such as agriculture. 

Entomological mythology commonly employs transfor- 
mations of beings between the insect and the human form 
(and combinations thereof), the acquisition of souls by 
insects, and ultimately the deification of insect forms. Insects 
are also used symbolically throughout the world’s religions in 
a variety of roles. 

Insects figure prominently in the creation myths of many 
cultures. The widespread recognition of insects in this role 
probably stems from an innate recognition of insects as 
ancient members of the living world that must have been 
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present at its creation or soon thereafter. Beetles, for example, 
play central roles in the creation myths of two native 
American tribes. According to the Cherokee of the southeast, 
the world was originally covered by water. The first land was 
brought forth by the water beetle that dived under the water 
and brought mud to the surface. 

The behavior 


(Tenebrionidae), which raise their abdomens in the air by 


of beetles in the genus FEleodes 
standing on their heads when disturbed, is explained by the 
role this beetle played in the creation of the universe 
according to the Cochiti of the American Southwest. The 
beetle was given the responsibility of transporting a bag of 
stars that would later be carefully named and placed into the 
sky. But the beetle’s carelessness resulted in most of the stars 
being spilled into what is now the Milky Way. He was 
punished with blindness and today expresses his embarrass- 
ment at his mistake by hiding his head when approached. 
Any hope of this beetle regaining its sight was apparently 
completely lost at a later date, as this seems to be the same 
beetle that lost his eyes in a bet with a spider; this is how the 
spider got its extra sets of eyes. 

Insects appear throughout Mayan codices and Aztec 
reliefs. The use of insects in this manner indicates an 
appreciation of their existence and their inclusion in cultural 
events. In addition to scorpions and some unknown bugs 
and worms, references to seven different insects are found in 
the Mayan book of the dawn of life, the Popul Vuh. These 
include lice, leafcutter ants, mosquitoes, fireflies, bees, 
yellowjackets, and another type of wasp. Yellowjackets were 
used as weapons by the Quiché against the enemy tribes 
during an attack on the Quiché citadel at Hacauitz. Fireflies 
were used by the brothers Hunahpu and Xbalanque, who 
later became the sun and the full moon, respectively. They 
placed these insects in the tips of cigars as false lights to 
deceive the Xibalban sentries of the underworld that watched 
over them during their night in the Dark House. 

Observations of metamorphosis led people throughout 
history and from various parts of the world to equate 
pupation with death of the earthbound larva and the 
emergence of the often beautiful, winged adult with 
resurrection. The adult insect is additionally equated with the 
soul in many circumstances. The equation of souls or spirits 
of the afterlife with imaginal insects may be why angels are 
traditionally depicted bearing wings. Insect analogies in 
descriptions of death, resurrection, and the journey to the 
afterlife continue to be used today. For example, a Doris 
Stickney book uses a story of growth and emergence of 
dragonflies to explain a Christian concept of death to young 
children. 

Insects have also been incorporated into the astrological 
and cosmological traditions of various societies. Aquatic 
insects were used as water symbols associated with the 
coming of rain by Chumash astrologers of southern 
California, who believed that rain was a gift from the sun. 
The guardians of the four cardinal points in Warao (Orinoco 


delta of Venezuela) cosmology are insects: arboreal termites, 
two kinds of stingless bees, and a paper wasp. There is even a 
constellation of the southern fly, Musca australis. 

In Aztec culture, Xochiquetzal, represented by the 
swallowtail butterfly, Papilio multicaudatus, was the goddess 
of beauty, love, and flowers; patron of domestic labor and the 
courtesans; and the symbol of the soul and the dead. The 
mother deity and goddess of human sacrifice, war, and 
travelers, Itzpapalotl (the saturniid moth Rothschildia), was 
also the personification of the earth and moon. Images of 
these and other deified insects are found in many Aztec and 
Mayan reliefs. 

The most famous deified insect is the scarab of ancient 
Egypt. The scarab is a symbol of the sun god Khepera (Fig. 1) 
and also equated with the creator god Atum. One 
representation of the scarab was as the agent responsible for 
moving the sun through the sky, in the manner that these 
beetles move balls of dung across the ground. Another 
prominent representation of the scarab was that of the soul 
emerging from the body, and it was commonly associated 
with mummies. Just as the actions of the beetles and balls of 
earth and dung give rise to new beetles, the buried human 
dead will rise again. Scarab figures are nearly always found on 
Egyptian mummy sarcophagi, and amulets and pendants 
bearing the scarab likeness were worn as jewelry by royalty 





FIGURE 1 Depiction of the Egyptian scarab god, Khepera. [Illustration 
modified from Bodenheimer (1928).] 


and included in funeral caches as symbols of new life. 
Another testament of the association of these beetles with life 
comes from Saint Ambrose, the Archbishop of Milan, who 
wrote of Jesus as “the good Scarabaeus, who rolled up before 
him the hitherto unshapen mud of our bodies.” 

Recent English translations of the Bible, based solely on 
the original texts, have shed new light on biblical references 
to insects, particularly with respect to the identity of the 
insects themselves. Of the 98 references to insects in the 
Revised English Version, most focus on negative aspects of 
their activities and as vehicles for God’s wrath. Three of the 
10 plagues (maggot infestation, swarming flies, locusts) 
visited upon Egypt prior to the Exodus were mediated by 
insects. Other references deal with more utilitarian or 
beneficial aspects of insect life. Insects are included as part of 
the instructions of what kinds of animals are permitted as 
food (Leviticus 11:22), some writings are merely observations 
of insects and their habits (Exodus 16:20), and other 
references use them as examples of virtuous characteristics 
(Proverbs 6:6—8 and 30:25—27). Sometimes insects are used 
metaphorically, as in Psalms 118:12: “They surround me like 
bees at the honey, they attack me, as fire attacks brushwood, 
but in the Lord’s name I will drive them away.” One or more 
kinds of scarab beetle may have even served as the inspiration 
for the prophetic visions of Ezekial. 


SYMBOLISM AND REVERENCE 


Throughout human existence, many insects have been 
admired for their ingenuity, beauty, fantastic shapes, and 
behaviors. In some instances, the use of insects as totemic 
figures that may symbolize ancestry or kinship of humans 
with these organisms leads to a deep sense of adoration and 
reverence. In other cases, the resultant admiration has 
developed into a reverence for their inspirational and 
historical nature and a medium for symbolizing a variety of 
aspects of human life. In these situations, characterizations of 
organisms, in both illustration and sculpture, act as vehicles 
to convey human feelings rather than as objective expressions 
of entomological facts. Insect symbolism is best developed in 
the most advanced ancient civilizations of Egypt, Greece, and 
especially Central America, where the people were 
surrounded by a multitude of insects. 

Of all the insect groups, the flies (Diptera) most 
frequently play negative roles in human symbolism. Flies 
typically represent evil, pestilence, torment, disease, and all 
things dirty. This association is likely a result of the fact that 
those flies most familiar to people have a close association 
with filth. Beelzebub, the Lord of the Flies, is a fallen angel 
who presides as a leader of demons and an agent of 
destruction and putrefaction. In the ancient lore of Persia, 
the devil Ahriman created an evil counterpart for every 
element of good put on Earth by the creator. Many insects, 
particularly flies, were thus formed and they continue to be 
associated with evil and filth. Some flies were considered so 
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bad that they became symbols of qualities revered by 
humans. The Order of the Golden Fly was a military 
decoration of the New Kingdom of Egypt (1550-1069 B.c.) 
awarded for valor. Derived from encounters with the stable 
fly, Stomoxys calcitrans, soldiers observed these flies to fiercely 
bite and return to bite again, even in the face of persecution. 

Because of the perceived similarities between human and 
insect societies, social insects figure prominently in the 
symbolic representation of insects. Social insects such as ants, 
termites, and some bees represent desirable qualities such as 
unity, cooperation, and industriousness. For example, ants 
represent the benefits of teamwork and cooperation for the 
good of all. Many symbolic depictions feature the ancient 
activities of honey hunting and beekeeping. In Europe, bees 
and hives also are widely used in various signage and as 
heraldic emblems, perhaps extolling various qualities of bees 
upon their bearer. A fine example of the latter is found on the 
coat of arms of Pope Urban VIII, Maffeo Barberini, who 
consecrated the present church in St. Peter’s Basilica in 1626. 
The three Barberini bees adorn various ornamentations at 
the church and many papal objects located in the Vatican 
museum, including the building itself. In the United States, 
honey bees are used to symbolize virtuous qualities. The 
designation of Utah as the “Beehive State” originates from 
the adoption of the beehive as a motif by the Mormon 
leaders in 1849 and may be based on impressions of the bees 
as hard-working, industrious creatures. 

Some insect groups have such wide representation in the 
symbolism of past and present human societies that it is 
impossible to make general statements about their meaning. 
Butterflies and moths, for example, are very common 
elements in symbolism of societies worldwide. Within the 
limited scope of Western art, Ronald Gagliardi describes the 
use of butterflies and moths in 74 different symbolic 
contexts. These insects adorn the artwork of many societies, 
not only because of their beauty but also because they are 
widely used to symbolize spirits. Butterflies are often equated 
with the souls of the dead or sometimes of souls passing 
through Purgatory (Irish folklore) and are thus often used to 
represent life after death. The Greek goddess Psyche, who 
represented the soul, is typically depicted bearing butterfly 
wings. Moths are depicted as a symbol of the soul’s quest for 
truth, and just as the moth is attracted to a light, so the soul 
is drawn to divine truth. 

Butterfly images are common adornments of pottery, 
featherwork, and the deeply religious characters hewn in 
stone in ancient Mexico. The Hopi of the American 
Southwest have a ritual called the “Butterfly Dance” and have 
kachina figures that anthropomorphize the butterfly spirit. 
The Blackfoot Indians of North America believe that dreams 
are brought to sleeping people by the butterfly. 

Symbolic depictions of insects also serve to bestow honor 
on the insects themselves. Insects have been featured on a few 
coins and on several thousand postage stamps worldwide 
(Fig. 2). One fifth century Roman coin bears a honey bee, 
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FIGURE 2 Postage stamps featuring a selection of moths. (Stamps from the 
author's collection.) 


the emblem of the city of Ephesus. Their “Great Mother” was 
also known as the Queen Bee and her priestesses were called 
“melissae,” from the Greek for honey bee, in analogous 
reference to worker bees and their servitude to the queen. 
There are currently 39 U.S. states that have designated an 
official state insect, chosen typically to represent something 
beautiful or inspirational from the state or merely an insect 
familiar to many. The honey bee is the insect of choice for 16 
states and has been nominated, along with the monarch 
butterfly, as a candidate for the national insect of the United 
States. 

Some insects, particularly those that symbolize aggression, 
have found their way onto the playing field in the form of 
sports team mascots. Teams often choose insects, such as 
wasps, that symbolize aggression (e.g., the Charlotte Hornets 
of the National Basketball Association and the Yellowjackets 
of Georgia Institute of Technology). 

Other forms of insect celebration involve periodical events 
of recognition or appreciation for the actions or beauty of 
local insects. Cities and towns celebrate the beneficial 
industry and products of some insects, such as honey bees, or 
the pestiferous activities of those insects that affect the local 
economy. Annual festivals are held to celebrate honey bees in 
Illinois and Georgia, woollybear caterpillars in Kentucky and 
North Carolina, and monarch butterflies in California. In 
other places, celebrations recognizing the local impact of 
pestiferous insects are held, including a fire ant festival in 
Texas, a phylloxera festival in Spain, and a permanent tribute 
to a weevil in Alabama. The monument to the boll weevil in 
Enterprise, Alabama, is a large statue of a woman holding a 
larger than life weevil high over her head. It was dedicated in 
1919 to honor the pest for the roll it played in the history of 
the town. The farmers were forced to switch from planting 
cotton to a diversity of other crops, particularly peanuts, and 
the town prospered as a result. 

A very successful type of organized celebration of insects 
that has become common in recent years is the insect fair. 
These events serve to congregate people with a common 


interest in insects where they can participate in and enjoy a 
variety of insect-based fun, contests, food, and dialogue. 
Insect fairs also provide opportunities to see and purchase 
nearly anything of entomological interest. 


ART, LANGUAGE, AND LITERATURE 


Art draws its inspiration from the environment of the artist. 
It is therefore not surprising that insects have pervaded all 
forms and aspects of art. Images of insects are found as 
adornment on all types of objects from textiles and pottery to 
weapons and jewelry and even the tattoos on human bodies. 
Insects are also found, either as the primary subjects or 
merely as curious elements of lesser status, throughout all 
types of paintings. 

Like the illustration of other animals, insect illustration 
began as a form of decoration. The earliest clearly identifiable 
drawing of an insect apparently dates to around 20,000 years 
ago. It is of a cave-dwelling rhaphidophorid cave cricket, 
inscribed on a piece of bison bone by Cro-Magnon people in 
southern France. From this humble beginning, depictions of 
insects have adorned everything from the walls of caves and 
temples of ancient societies to the paintings and textiles of 
modern artisans. 

Insects, particularly butterflies, were used for decorative 
purposes in the painted illuminations of medieval manu- 
scripts. By the 15th century, insects had become as important 
as birds in this respect. The rich iconographic use of insects 
at this time, often associated with folklore composed of a 
mixture of misinformation and factual representations, 
formed the basis on which the first scientific naturalists 
started their work in the 16th century. One insect painter, 
who was primarily an artist rather than a biologist, was Maria 
Sibylla Meriam. She reconciled the old aesthetic realism of 
medieval origin with the new tradition of practical 
engravings of the elaborately illustrated natural history 
treatises of the day and helped form the foundations of 
modern scientific investigations and writings on insect 
subjects. 

In addition to paintings and textiles bearing artistic 
depictions of insects, their bodies, parts, and products often 
serve as the media for art. The metallic, brightly colored 
elytra of some buprestid beetles have been used as decorative 
cover on sculptures and textiles and as accessories in jewelry. 
Similarly, pieces of the colorful wings of butterflies are used 
in various parts of the world in collages to create artistic 
images. Beeswax was used to fashion figures and was the wax 
used to make the positive images in the “lost wax” technique 
for casting metal figures that originated in the third 
millennium B.c. in the Middle East. 

One art form in which insects have been widely used as 
models is jewelry. Jewelry resembling insects has been used as 
aesthetic adornment around the world, throughout history 
and currently. The insects most commonly used as models 
for jewelry are beetles, flies, bees, butterflies, and dragonflies. 


Some of these, such as flies and bees, had symbolic 
significance in ancient societies. Others, such as dragonflies 
and butterflies, are more likely used because of their beauty. 
A particularly interesting form of insect-based adornment is 
living jewelry. In Mexico, small jewels, glass beads, and 
metallic ornaments are set or glued to the elytra and 
pronotum of living ironclad beetles (Zopheridae) that are 
then attached to a fine chain pinned to the blouse and 
allowed to act as a living brooch. Some brilliantly metallic 
buprestids are used in a similar manner in parts of tropical 
Asia, and living fireflies and luminescent elaterids are used as 
decorations in hair or attached to clothing. 

Many 15th and 16th century paintings include the motif 
of common-looking flies perched on various subjects, 
including people. The depiction of flies in this manner was 
done in mischievous jest or to invoke shock, perhaps to 
symbolize the worthiness of even the smallest objects of 
creation in association with the images of humans, as an 
expression of artistic privilege, or to indicate that the person 
in a portrait had died. Sometimes flies were included simply 
as imitation of such musca depicta done by previous painters. 

In addition to their roles in mythology and folklore, 
insects and their symbolic representations have been adapted 
into the language and philosophy of various cultures. 
Symbols are used to suggest some idea or quality other than 
itself. One example is insect symbols in ideographic or 
phonetic symbols in written language. Examples are found in 
Assyro-Babylonian cuneiform and the ideographic writing of 
the Chinese and Japanese. The Greek word for mosquito, 
“Konops,” is the source of the word for canopy, such as that 
made of mosquito netting. The medieval word “mead” refers 
to an alcoholic drink made from fermented honey and water 
that was used as an elixir. This word is the basis for the word 
“medicine” in recognition of its purported healing properties, 
and the word “madness” is in reference to the state of some 
people under the influence of mead. Insects even form the 
basis for geographical place names. Chapultepec, the hill of 
the grasshoppers, is where the castle of Aztec Emperor 
Montezuma stood in what is now part of Mexico City. 
Urubamba, which means the plain of the insect, is the sacred 
valley of the Incas near Cuzco in Peru. Japan was once known 
as Akitsushima, meaning dragonfly island. 

Insects have also lent their names and attributes to a variety 
of descriptors of people and their personalities. People may be 
described as “busy as a bee,” “nit picky,” or “antsy.” They may 
act “merry as a cricket” or feel as though they have “butterflies 
in their stomach.” Connotations associated with particular 
insects may be used to convey similar traits in people. In many 
parts of the world, the reference of someone as a cockroach 
signifies an utter contempt for the individual and implies that 
their life is without value. The Spanish word for butterfly, 
“mariposa,” is street slang for male homosexuals in Mexico. 
Lastly, insects enter language as metaphor. For example the 
self-ascribed desirable qualities of boxer Muhammed Ali are 
that he can “float like a butterfly and sting like a bee.” 
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Aside from purely scientific works, insects have been 
represented in word and verse in a variety of contexts. In 
literature, insects are found as subjects of humor, as examples 
of aesthetically interesting natural subjects of wonder and 
appreciation, and as characters in fairy tales and in science 
fiction, mystery, and fantasy novels. Insects sometimes even 
serve as the storytellers themselves. 

The essence of insects in literary humor typically involves 
the superimposition of insects into aspects of human behavior. 
The depiction of insects engaged in human activities is a 
common avenue of insect humor. This is particularly true of 
the role of insects in comic strips and cartoons, such as in the 
Far Side cartoons by Gary Larson. In other works, factual 
entomological information is cleverly presented in a 
humorous format. Such essays serve to popularize insects and 
their study, to educate, and, of most relevance here, to 
entertain. 

Insects with endearing qualities, such as beautiful 
appearance or song, are used in fanciful stories and celebrated 
in poetry and verse. In Roald Dahl’s James and the Giant 
Peach, a group of larger than life insects join a young boy as 
companions in a surreal adventure inside a monstrous fruit. 
A cricket and its song play a central role in Charles Dicken’s 
fairy tale of home, The Cricket on the Hearth. The people of 
the house are gladdened and cherish the pleasant voice of the 
cricket as they listen to its fireside music. The melodious tune 
made for a happy home and served as an inspiration for those 
that heard it. Selections of insect poetry are typically written 
to convey particular feelings or to celebrate insects 
themselves. A contemporary example comes from the late D. 
K. McE. Kevan, the author of many humorous entomocentric 
verses, who wrote An Embiopteran Epitaph (reprinted from 
the Bulletin of the Entomological Society of Canada 6(1), 29, 
1974). 


We embiid web-spinners, 

When seeking out our dinners, 

Run back and forth in tunnels made of silk; 
But, when we get the urge, 

We occasion ly emerge 


From beneath a log, or places of that ilk. 


We like our climates warm; 

We're of dimorphic form; 

We're soft and have a tendency to shrink. 
“One does not often see em!” 

Says the man in the museum, 

But we've really not so rare as people think! 


On the other hand, insects with undesirable qualities or 
strange traits are typically the subject of horror and mystery 
stories. Hundreds of science fiction and fantasy stories that 
use insects in a variety of prominent roles have been 
published. Franz Kafka’s short story The Metamorphosis is 
about a young man who awakes one morning to find out he 
has turned into a giant insect. In Edgar Alan Poe’s tale of the 
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hunt for a pirate’s treasure, The Gold Bug, an insect is used to 
find the buried loot. As per the directions on a coded map, 
the gold beetle, tied to the end of a string and passed through 
the left eye of a skull nailed high in a tall tree, indicates the 
spot of a landmark from which the location of the treasure 
can be deciphered. 

The role of insects in science fiction is particularly well 
established in film, where various insects appear as horrific 
creatures. Some of these insect fear films, e.g., The Hellstrom 
Chronicle (1971), merely embellish factual information in 
order to prey on the entomophobic tendencies of the general 
populace and the potential fleetingness of the future of 
humans on Earth in the face of the insect hordes. Others use 
fantastic representations of insects with supranormal 
characteristics, typically the result of science and technology 
gone awry, to instill fear and malevolence toward the insect 
characters, and as a lesson of what can happen when humans 
arrogantly fool with nature. Ants are common subjects in 
these roles and appear as giant mutants invading southern 
California in Them (1954) and a housing development in 
Florida in Empire of the Ants (1977). In The Naked Jungle 
(1954) and Phase IV (1974), the ant attackers are of normal 
size, but possess supernatural intelligence and aggression. 
Because they are widely despised by humans, cockroaches 
and flies are predisposed to be good villains in these films. In 
Bug (1975), hordes of carnivorous, self-combustible 
cockroaches wreak havoc on the population; and in the 
classic insect horror film The Fly (1958), the bodies of 
scientist and insect become inextricably combined with 
horrific consequences. 

Not all fiction films starring insects depict them in a 
negative light. Insects sometimes fill the role of funny or 
entertaining characters. For example, in Joes Apartment 
(1996), the singing and dancing cockroaches are crudely 
humorous roommates. The literary or cinematic use of 
insects in humor or as subjects of entertainment invariably 
leads to the creation of bugfolk. Bugfolk are humanized 
insects and other related arthropods that dress or talk like 
humans or are little people with wings, antennae, or other 
insect features. Bugfolk appear in nearly every literary and art 
form and are favorite characters for young audiences because 
of their teaching and entertainment abilities. 

Certainly the most familiar bugfolk to Americans and 
many others worldwide is Jiminy Cricket, of Walt Disney's 
1940 animated film Pinocchio. Like many of his kind, but 
unlike his true insect model, Jiminy Cricket bears only four 
limbs and acts and appears very human. Although morpho- 
logical correctness is commonly practiced in more recently 
derived motion picture bugfolk, four-leggedness continues to 
be seen particularly when a friendly character relationship is 
desired. Six leggedness, e.g., the evil “Hopper” and his gang 
of grasshoppers in Disney’s animated feature A Bug’ Life, is 
used perhaps to provide a farther-from-human image and 
invoke disdain. Many other bugfolk are featured in comics, 
as children’s toys, and as subjects in literature and art. 





FIGURE 3 Trio of bugfolk extolling the virtues of sociality. [Illustration 
from Episodes of Insect Life, by Acheta Domestica, M.E.S. (1851).] 


The use of bugfolk in literature and film enables people to 
see and learn something about themselves through these 
characters, in perhaps a different light than would be 
achieved through a strictly human relationship. For example, 
insect humor often involves a comparison of human behavior 
and what an insect might be supposed to do in comparable 
situations. In this manner, insects are found dressed as 
humans engaged in human activities, such as attending a 
festive party or dance, or as subjects in amusing or thought- 
provoking situations (Fig. 3). Particularly creative illustrations 
of anthropomorphized insects enjoying themselves are found 
in Grandeville’s Scénes de la vie privée et publique des animaux 


and in Aldridge’s Butterfly Ball and the Grasshopper’ Feast. 


MUSIC, ENTERTAINMENT, AND CEREMONY 


The songs, sounds, and other qualities of insects have inspired 
many musicians and songwriters. The sounds produced by 
various insects serve as songs for direct enjoyment or as the 
inspiration for man-made music. Singing insects have a rich 
social history in Asia where celebrations and festivals are 
routinely held. People in both Japan and China have long 
kept singing insects, chiefly crickets and katydids, in small 
cages, like birds, for the enjoyment of their songs. The 
inspiring influence of insect sound for human musicians is 
exemplified in Nicolas Rimsky-Korsakov’s famous musical 
composition the Flight of the Bumblebee and in that of 
another piece by Korsakov’s pupil Anatol Liadov, the Dance 
of the Mosquito. As subject matter in song, insects such as 
cockroaches are common in blues and folk songs such as the 
famous Mexican folk song “La Cucaracha,” about the 
troubles of a cockroach down on his luck. 
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Fig. 12. Example beam pattern of 4 antenna elements in a sectorized system for a single 


sector (main beam direction is 240° ). 


Transmit 
Algorithm 


Adaptive Array (TxAA) 


Transmit adaptive array (TXAA) is a 
technique in which the user periodically 
sends quantized estimates of the optimal 
transmit weights to the BS via a feedback 
channel. The transmitter weights are 
optimized to deliver maximum power to 
the user. The optimal transmit weights are 
given by 

w-H”"/HH" (7) 
where w is the transmit weight vector and 
H is the channel matrix. 

The weights are normalized so that the 
total transmitted power is not altered. In 
the case of multipath channels emanating 
from each antenna, the optimal weights 
will be given by the principal eigenvector 


of the channel correlation matrix H”H. 
5.4.2 Receive Beamforming (RxBF) 


Beamforming also can be applied in the 
uplink to improve the link quality and 
the co-channel interference, 
which is known as receive beamforming 


suppress 


(RxBF). Through RxBF, smart antenna 
system can receive predominantly from a 
desired direction (direction of the desired 
source) compared to some _ undesired 
directions (direction of interfering sources). 
This implies that the digital processing has 
the ability to shape the radiation pattern to 
adaptively steer beams in the direction of 
the desired signals and put nulls in the 
direction of the interfering signals. This 
enable low co-channel interference and 
large antenna gain to the desired signal. 
Based on the reference signals adopted 
in the beamforming algorithms, RxBF can 
be classified into reference 
beamforming (SRB), temporal reference 


spatial 


beamforming (TRB), and signal structure 
reference beamforming (SSRB). 


Spatial Reference 


(SRB) 


Beamforming 


Spatial reference beamforming method 
is sometimes referred as direction of 
arrival (DoA) method. SRB estimates the 
direction of arrival of the signal based on 
the spatial reference signal, using any of 
the techniques like signal 
classification or estimation of signal 


multiple 


Although insect collection and observation is generally 
done as an educational activity, many people find great 
enjoyment in capturing insects for specimens, to keep as pets, 
and to use in a variety of entertaining tasks. This is 
particularly true of children living in rural areas of Japan 
where insects have achieved a lofty cultural status. 

These activities support an entire industry devoted to 
providing the equipment used to capture, observe, and keep 
insects in captivity. Some insects, particularly large dynastine 
scarabs and lucanids, are even mass reared and sold in 
vending machines. 

Insects serve as the models for games or may be active, 
albeit unwilling, participants in a variety of six-legged 
sporting events. In the children’s game “Cootie,” the object is 
to be the first player to assemble a complete insect from a set 
of body parts such as antennae, proboscis, and six legs. In 
many parts of the world children fly insects instead of kites. 
Large insects, such as big beetles and dragonflies, are tethered 
to strings and allowed to fly for the amusement of people. In 
places where they occur naturally, large male dynastine 
scarabs or lucanids are collected and made to fight each other 
for sport. 

Bouts and games involving insects are a source of 
enjoyment as well as an opportunity for gambling, such as 
with cricket fighting in China and Thailand and water bug 
roulette. In the latter contest, water beetles or water bugs are 
released into the center of a circular container filled with 
water. The inside perimeter is bounded by a continuous 
series of marked slots into which the insect can enter. 
Entrance of a particular insect into a slot is analogous to the 
landing of the ball on a particular number on a roulette 
wheel and the appropriate prize is awarded. In addition to 
being pitted against each other in battle, insects are 
commonly matched in foot races. For example, caterpillar 
races are held in Banner Elk, North Carolina, during the 
Woolly-Bear Festival, and cockroach racing is popular in 
many parts of the world, particularly in China and India. 

Other forms of insect-based entertainment for humans 
include flea circuses and entertaining displays of both living 
and dead insects. Flea circuses use tiny performing fleas that 
are “trained” to perform a variety of circus acts for the 
amusement of the audience. Living insects are displayed in 
venues such as butterfly houses, where they can be viewed 
and enjoyed flying about their enclosures by an appreciative 
public. Dead insects have been similarly displayed as objects 
of aesthetic pleasure, sometimes with added adornments such 
as miniature clothing. Dead fleas are dressed in tiny costumes 
and displayed in folk art exhibits in Mexico. In Plano, Texas, 
the Cockroach Hall of Fame Museum features dead roaches 
dressed as famous people engaged in various activities. 

As is true for other organisms that are held in high regard 
and for those that serve some utilitarian function such as 
food, some insects fill symbolic roles in human ceremonies. 
For example, although insects are regularly eaten in many 
parts of the world for sustenance, the consumption of insects 
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FIGURE 4 Grasshoppers being carried to a feast to celebrate the Assyrian 
defeat of the Elamites, from a relief of Ashurbanipal at Ninevah. [Illustration 
modified from Bodenheimer (1928).] 


was sometimes reserved for ceremonies or other special 
occasions (Fig. 4). The Kaua of Brazil perform a dance 
known as the “Dance of the Dung Beetles” that is used to 
drive away demons. The dancers attempt to transfer powers 
to themselves from the spirit world by taking on the image of 
the beetles. They do this by imitating the actions of beetles 
rolling a ball of dung. Other insects play a more active role 
and are used for a particular ceremonial or ritualistic purpose. 
Because of their powerful stings, giant hunting ants are used 
by indigenous peoples in Amazonia in male initiation and 
virility rites ceremonies. Large numbers of ants are tied to a 
woven mat and the mat with the now enraged ants is applied 
to the initiate’s bare skin. Those who endure the excruciating 
pain without complaint, and live, are deemed worthy. 

The Indians of central and southern California also made 
ceremonial use of ants. Male youths of the Kitanemuk, 
Tiibatulabal, and Kawaiisu were taken by their elders for 
three days of fasting, after which they were given numerous 
live “red” or “yellow” ants to eat. The ants were consumed in 
order to gain power and induce a trance-like state during 
which spiritual insight would be gained. 


HISTORICAL EVENTS MEDIATED BY INSECTS 


Finally, insects have made their mark on human cultures by 
influencing events that shape history, such as wars, or by 
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changing the way societies can or cannot accomplish things. 
The Panama Canal was built and ultimately controlled by the 
United States in part because the earlier effort by France was 
thwarted by mosquito-borne yellow fever. As vectors of African 
sleeping sickness, Glossina spp. (Diptera) have made huge 
pieces of land in Africa uninhabitable by humans. Bubonic 
plague, spread by its flea vector, helped cause drastic changes 
in the social and economic structure in Europe during the 
14th and 15th centuries. The populations, and thus the sites, 
of more than one ancient eastern Mediterranean city moved 
because of the actions of insects, particularly flies. 

In many military campaigns, the number of casualties 
attributed to insects has exceeded that caused by actual 
fighting. The activities of insects, primarily by transmitting 
disease to troops in battle, have determined the outcome of 
entire wars. Napoleon’s invading army lost hundreds of 
thousands of men and was decimated by the louse-borne 
disease typhus during their eastward march across Europe in 
1812 and 1813. 

Insects have also served as important determinants in the 
fates of human societies and economies throughout human 
history. The survival of the Israelites during their extended 
journey through the Sinai Desert was apparently made possible 
by insects. The manna that they gathered, ate, and survived 
upon was most likely the excretions of scale insects. If not for 
the arrival and help of divinely inspired seagulls, a plague of 
mormon crickets in 1848 may have ruined the crops and 
doomed the Mormons soon after their arrival in their new 
home in Utah. The silk trade was central to the economy of 
the Chinese Empire as was cochineal to the Aztecs of central 
Mexico. This is also true on a smaller scale for producers of 
honey and shellac, and for the thriving modern-day trade in 
insects sold for scientific, educational, and hobbyist uses. 

The action of insects even helped to revolutionize the 
production of one product that has greatly shaped the whole 
of human civilization over the past 2000 years. Since the 
“invention” of paper was first proclaimed to the Chinese 
emperor Ho Ti in 105 A.D. by Ts’ai Lun, a variety of plant 
fibers were used in the production of paper. As writing 
flourished, supplies of raw materials for making paper 
became in short supply. Such was the situation in 16th 
century Europe, where paper was made from cotton and 
linen. It was here that observations of paper wasps inspired 
the French naturalist and physicist Rene Antoine Ferchault 
de Réaumer to suggest the use of wood as a papermaking 
fiber in 1719. These wasps, which chew wood and mix the 
fibers with saliva to make their nests, served as the inspiration 
for the use of the plentiful fiber on which modern 
papermaking is based. 


CONCLUSION 


The sources of published information dealing with the roles of 
insects in human culture have until recently been found in a 
diffuse body of literature. Such information is often hidden in 


historical documents, anthropological works, and ethnoento- 
mological notations in travel logs and journals. In the past 
20 years, a wider aesthetic and cultural appreciation for insects 
has been realized. The celebration of insects and their attrib- 
utes as they relate to the development of human societies is 
generally accepted as a worthwhile endeavor. This interest has 
spawned a number of review articles and books that summa- 
rize, synthesize, and sometimes popularize much of the 
previously diffuse literature and serve as a starting point for 
those interested in this fascinating subject. Some periodicals, 
namely, The American Entomologist, regularly publish cultural 
entomological articles, and the recently introduced periodi- 
cal, Cultural Entomology Digest (http://www.bugbios. 
com/ced/), is devoted entirely to this topic. 

Along with the modernization of the world, the perceived 
relevance of insects to human life is slowly eroded. As this 
happens, the various roles of insects in human cultural affairs 
may change or be lost. However, many people continue to 
carry mythological modes of thought, expression, and 
communication into this supposedly scientific age and others 
still find pleasure in observing and contemplating their six- 
legged companions on Earth. Therefore, the importance of 
insects as subjects of entertainment and aesthetic pleasure 
should continue to enter into the thoughts of future people 
and mold aspects of human culture. As some relationships 
between human and insect are lost, others are formed. 
Because of the dominant place in the function of the world’s 
ecosystems and their influence on human existence, insects 
have played and will continue to play a prominent role in our 
perception of life and pursuit of aesthetically pleasing 
activities and for the enlightenment of human societies. 
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Cuticle 


Svend O. Andersen 
Copenhagen University 


he cuticle is an extracellular layer that covers the complete 

external surface of insects, as well as the surfaces of their 
foreguts and hindguts, and acts both as a skeleton for muscle 
attachment and as a protective barrier between the animal 
and its environment. The cuticle is an integral part of a 
complex dynamic tissue, the integument, which also includes 
the cuticle-producing epidermal cells, and various glands and 
sense organs. 


GENERAL PROPERTIES OF CUTICLES 


The cuticular layer varies in thickness from a few micro- 
meters to a few millimeters, depending upon the insect 
species, developmental stage, and body region, but cuticles 
typically are between 100 and 300 um thick. Cuticles are 
highly diverse in their mechanical properties. They can be 
divided into two groups: stiff and hard cuticles, and soft and 
pliant cuticles. Intermediate degrees of stiffness also exist, 
and some types of cuticle have special properties, such as 
rubberlike elasticity or extreme extensibility. Cuticles differ 
in color and in surface sculpturing, but electron microscopy 
shows that all types of cuticle are built according to a 
common plan. The details in structure and properties of the 
various cuticular regions are such that for each species they 
are optimal for the functioning of the living insect in its 
natural surroundings. 


EPICUTICLE 


The outermost layer of a cuticle is called epicuticle; it forms 
a continuous layer covering the complete cuticular surface. 
Seldom more than 2 Lm thick, it is responsible for the 
waterproofing properties of the cuticle. Electron microscopy 
shows that the epicuticle can be subdivided into several 
layers, of which the inner epicuticle, also called the dense 
layer, is the thickest. It is covered by the thin, outer 
epicuticle, sometimes called the cuticulin layer, which is 
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assumed to be responsible for the mechanical stiffness of the 
epicuticle. The inner and outer epicuticle are composed of 
polymerized lipids and protein, and they contain no chitin. 
These two layers remain poorly characterized because they 
are difficult to purify, dissolve, and degrade. 

The outer epicuticle is covered by a waterproofing wax 
layer, containing complex mixtures of extractable lipids, 
secreted during the molting process from integumental 
oenocytes and epidermal cells. This layer is again covered by 
a protective cement layer, secreted immediately after ecdysis 
from glands in the integument. 

The extractable lipids in the wax layer have been 
characterized for several insect species. They appear to be 
species-specific mixtures of a wide range of lipids, including 
normal and branched, saturated and unsaturated hydro- 
carbons, fatty acids, alcohols, esters, sterols, and aldehydes. 
Differences in lipid composition have been used to discern 
closely related insect species. The epicuticular lipid composition 
also can vary between instars and sex of the same species, and 
these lipids often play an essential role in recognition and 
communication between insects. 


PROCUTICLE 


The region of the cuticle, located between epicuticle and the 
epidermal cell layer, is called procuticle; it constitutes the 
main part of the total cuticle. Histologically, the sclerotized 
regions (sclerites) are often subdivided into layers with 
different staining properties: (1) the outermost layer, the 
exocuticle, may be dark colored because of sclerotization, but 
is refractory to staining; (2) the innermost, uncolored layer, 
the endocuticle, stains blue; and (3) in between one often 
observes a layer of mesocuticle, staining red with Mallory 
triple stain. The flexible cuticle (arthrodial membranes), 
which connects the sclerites, stains blue with Mallory 
throughout most of its thickness. Exocuticle may correspond 
to the part of the procuticle deposited before ecdysis, 
stabilized by sclerotization. Mesocuticle plus endocuticle 
often correspond to the post-ecdysially deposited procuticle, 
and if these layers are sclerotized at all, it is only slightly. 

The procuticle consists mainly of chitin and proteins; 
water is an essential component, and other materials, such as 
lipids, phenolic compunds, salts, pigments, and uric acid 
may be present. Chitin (poly 1,4-B-N-acetylglucosamine) is 
a polysaccharide, present as long and nearly straight 
microfibrils, usually about 2.8 nm in diameter and of 
indeterminate length. The filaments tend to run parallel to 
the cuticular surface, but columns of chitin filaments 
running perpendicular to the surface have been described for 
some types of cuticle (lepidopteran larval cuticle). The 
function of such chitinous columns remains uncertain. 

The chitin microfibrils are organized in various patterns, 
and the organization seems to have importance for the 
mechanical properties of the cuticle. The most commonly 
observed patterns are the heliocoidal pattern, where the 
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microfibril direction changes by a small, constant angle 
between neighboring layers; the preferred, unidirectional 
orientation, where the fibrils run in the same direction in all 
layers, and the pseudo-orthogonal orientation, where 
unidirectional layers of chitin microfibrils alternate with 
layers running at nearly right angles to each other. In certain 
cuticles the pattern of chitin microfibrils depends on a daily 
rhythm: in locust tibiae, heliocoidal cuticle is deposited 
during the night and unidirectional cuticle is deposited 
during the day, making it possible to determine the number 
of days since ecdysis. 

The chitin microfibrils are embedded in a protein matrix; 
the protein content tends to equal the chitin content in 
flexible cuticles and is usually three to four times higher than 
the chitin content in hard cuticles. The number of different 
proteins present in a given type of cuticle can vary from 
about 10 to 100. Different types of protein are present in 
flexible and hard cuticles; the proteins are species specific, 
and some of them are also specific for certain cuticular 
regions. A characteristic amino acid sequence region, 
common to a large number of cuticular proteins, is supposed 
to have a function in the linking of proteins to the chitin 
microfibrils. The proteins are often extractable immediately 
after deposition. In many cuticular regions, however, they are 
later rendered inextractable by sclerotization, whereby low 
molecular weight phenolic compounds are covalently 
incorporated into the cuticular matrix, cross-linking the 
proteins, and making the cuticle harder and stiffer, and more 
difficult to digest with enzymes. 

Sclerotization may occur soon after a molt when the 
insect has expanded its new cuticle to a larger size, but the 
regions that are not enlarged may have been sclerotized in the 
pharate stage, which is the stage that is present before 
emergence from the exuvium, or old cuticle. The elastic 
protein, resilin, present in rubberlike cuticular regions, is cross- 
linked as soon as it is deposited extracellularly. The cross- 


linking process is different from that in sclerotized cuticle 
because no low molecular weight compounds are involved, 
but tyrosine residues in the protein chains are oxidatively 
coupled to each other, forming di- and trityrosine residues. 


SUBCUTICLE 


A narrow, histochemically distinct layer, called subcuticle, is 
situated between the procuticle and the epidermal cells. It 
stains positively for muco- and glycoproteins. It has been 
suggested that it serves to bind cuticle and epidermis together 
and that this layer is the deposition zone, where new cuticular 
material is assembled and added to the already existing cuticle. 
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Daddy-Long-Legs 


(Opiliones) 
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he Opiliones, commonly known as daddy-long-legs, 

harvestmen, shepherd spiders, or harvest spiders (among 
many other names), are a very interesting group of arachnids 
that are well known by farmerss. Opiliones constitute the 
third most speciose arachnid order (after Acari and Araneae), 
comprising approximately 1500 genera and 5000 species in 
45 families. They are the only nonmite or tick arachnids that 
ingest vegetable matter, but generally they prey on insects, 
other arachnids, snails, and worms and have the ability to 
ingest particulate food; this is unlike most arachnids, which 
ingest only liquefied substances. 

Opiliones are divided into four suborders: Cyphophthalmi, 


Eupnoi, Dyspnoi, and Laniatores. 


DESCRIPTION 


Daddy-long-legs present all the typical characteristics of 
arachnids, with the body divided into two regions, 
cephalothorax and abdomen, although these two regions are 
not clearly differentiated, giving daddy-long-legs the aspect 
of “waistless spiders.” The cephalothorax generally has a pair 
of median eyes on top of an ocular tubercle. The eyes are 
simple, i.e., not compound as in insects and crustaceans. The 
cyphophthalmids lack eyes entirely or have a pair of lateral 
eyes. The cephalothorax also bears a pair of chemical- 
secreting organs, known as repugnatorial glands. 

The cephalothorax has one pair of chelicerae for 
manipulating the food particles, one pair of palps of either 


tactile or prehensile function, and four pairs of walking legs, 
enormously long in some Eupnoi and Laniatores species, 
surpassing 15 cm in some species. The palps of most 
Laniatores are relatively large and have two rows of spines 
acting as a grasping organ. The second pair of walking legs is 
sometimes modified and acquires a tactile function. 
Another distinctive characteristic of the Opiliones is that 
the females have a long ovipositor with sensory organs on the 
tip that are used to check the soil quality where they will lay 
the eggs. Except for some mites, similar organs are not known 
for any other arachnids. The males have a penis or copulatory 
organ, which may be muscular or alternatively operated by 
hydraulic pressure. Copulatory organs are also unique among 
the arachnids, again with the exception of certain mites. 
Fertilization is thus internal and direct (unlike in spiders, 
which use the palps for the indirect internal fertilization). 
Figure 1 is an example of a typical daddy-long-leg, 
Odiellus troguloides, from the western Mediterranean. 





FIGURE 1 O. troguloides, one of the most typical daddy-long-legs from the 
western Mediterranean region, with an elongated body reaching almost 1 cm 
in length. This species has considerable sexual dimorphism, females being 


much larger and more globose than males. Juveniles of this species hatch in 
the spring, quickly reach maturity, and die in the fall. 
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LIFE HISTORY AND BIOLOGY 


Opiliones are oviparous and deposit between one (in 
cyphophthalmids) and several hundred (in phalangiids) eggs. 
Life cycles and longevity are variable. Many species live 1 year, 
with embryonic development occurring during the winter, 
with hatching in the spring, and reaching maturity in the fall, 
after five to seven molting periods. This is the typical seasonal 
life history of most Northern Hemisphere phalangiids. 
Others have an overlap of adults and juveniles throughout 
their life cycles during the favorable seasons, dying in the 
winter. Finally, cyphophthalmids and most laniatorids live 
several years, with cases recorded up to 5 years. 

Sexual dimorphism is evident in some species. All 
cyphophthalmid males have a spur on the tarsus of the fourth 
walking leg. This structure, named an adenostyle, possibly 
secretes a pheromone. The families Pettalidae and Sironidae 
in the Cyphophthalmi have male anal glands, and the 
pettalids may have extreme modifications of the male anal 
regions. 

Opiliones are generally small to medium in size (body 
measuring less than 1 mm to almost 2.5 cm in the European 
species Trogulus torosus), inhabit all types of moist to wet 
habitats, and occur on all the continents. The Laniatores 
include the large (up to more than 2 cm) and the most 
colorful Opiliones, and their distribution reaches a peak of 
diversity in tropical regions and in the Southern Hemisphere. 
The Eupnoi and Dyspnoi are more widely distributed, but 
especially abundant in the Northern Hemisphere. Finally, 
the Cyphophthalmi are distributed more uniformly world- 
wide, but are the smallest (down to 1 mm) and most obscure 
of the Opiliones. 

No Opiliones are harmful to humans, and they do not 
contain any type of venom or other substance. Some 
Opiliones are reported as highly poisonous although not 
having the capacity of biting humans. This myth seems to be 
a confusion with the highly neurotoxic venom of some 
spiders. These are differentiated from Opiliones by the 
presence of a waist that separates the prosoma from the 
opisthosoma, among many other characters. In fact, 
Opiliones are supposed to be beneficial, and they are good 
indicators of undisturbed environments. 


See Also the Following Articles 
Arthropoda and Related Groups ¢ Spiders 
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Dance Language 


P. Kirk Visscher 
University of California, Riverside 


he “dance language” of honey bees refers to patterned, 

repetitive movements performed by bees that serve to 
communicate to their nestmates the location of food sources 
or nest sites. 


RECRUITMENT 


If a saucer of honey is placed outdoors, many hours or days 
may go by before a bee finds it and feeds on it. Soon after this 
first visit, however, large numbers of bees will arrive. Interest 
in honey bees goes back to prehistory, because their colonies 
provided human ancestors’ most concentrated source of 
sugar. At least as far back as Aristotle, people have inferred 
that the bees that first discover a food source must recruit 
their nestmates to share in the collection of the food, thus 
accounting for the rapid buildup once a discovery has been 
made. The same kind of buildup occurs at flowers, bees’ 
natural source of their sugary food. 

Recruitment to food is one of the most important adapta- 
tions of nearly all social insects, and there are many forms of 
recruitment among them. Being able to recruit nestmates to 
food sources allows colonies of insects to realize one of the 
advantages of living in groups: the ability to harvest food that 
would not be as readily available to an individual foraging 
alone. Such edible items might include prey bigger than an 
individual could subdue, food resources that are rich but so 
widely scattered that an individual would not be likely to 
discover their source and sources that are ephemeral and thus 
more effectively harvested by means of group foraging during 
the short time the source is available. Cooperative foraging 
also is important to social animals in overcoming one of the 
inherent disadvantages of group living: since members of 
groups generally will compete with other members of the 
group for local food resources, without some compensating 
foraging advantage, solitary individuals would have better 
access to food than those in groups. 


SIGNIFICANCE OF THE DANCE LANGUAGE 


The best known of the mechanisms of recruitment in social 
insects is the honey bee (Apis spp.) dance language, in terms 


of both its fame outside the realm of specialists and the depth 
in which it has been studied. The dance language is famous 
for a number of reasons. It is frequently cited as the premiere 
example of symbolic communication among nonhuman 
animals, and it is one of the first and best examples of such 
communication aside from human language. The discovery 
that mere insects could perform such a complex behavior led 
to a reassessment of the behavioral complexity possible among 
these animals with relatively small nervous systems, which had 
formerly been regarded as simple automatons governed by 
instinct and reflex. Finally, the dance language has provided 
a tool for studying the perceptual world and behavioral 
response of bees that has illuminated our understanding of 
their vision, olfaction, memory, orientation, learning, and 
social organization, and has provided a model for under- 
standing these areas about insects in general. 


DISCOVERY OF THE DANCE LANGUAGE 


Observers of bees had repeatedly noted that sometimes a bee 
in a colony will perform repeated circular movements, closely 
followed by other bees, but it was Karl von Frisch who firmly 
established the connection between these movements and 
recruitment, and, in the course of a long career, discovered 
many aspects of communication by the dance language. 

Von Frisch began his studies of the dance language in 
1919, with the simple yet powerful approach of marking bees 
with paint as they fed at a flower he had enriched with a drop 
of sugar syrup (and in later experiments with a simple scented 
syrup feeder). He then watched their behavior when they 
returned to a glass-walled observation beehive. He observed 
his marked bees doing circular “round dances,” which were 
followed attentively by other bees in the hive. He then 
observed that bees, presumably those that had followed the 
dances, would investigate nearby flowers of the same type as 
those at which the marked bee had fed but did not investigate 
flowers of other types as much. Von Frisch inferred that the 
dance stimulated recruits to look for food, and that odor in the 
nectar, and on the body of the dancing bee, communicated 
to the recruits the scent to seek. He also described a “waggle” 
form of the dance in which a dancing bee rapidly waggles her 
abdomen laterally while moving in a particular direction on 
the comb, then turns back more or less to the starting point, 
repeats the waggle on the same course, turns back the other 
way, and so on, describing a squat figure-eight with the 
waggle in the middle. The artificially small scale of his early 
work, in a small, walled, Munich garden, caused von Frisch 
to mistakenly conclude that the two kinds of dance he saw 
indicated different types of food. The waggle dancers often 
had pollen on their legs, whereas the bees he provided with 
nectar did not, so he concluded that waggle dances indicated 
pollen and the round dances nectar. 

This error persisted for 25 years, but von Frisch himself 
discovered the full story when, during World War IIL, he was 
forced to take his studies away from the war-torn city to rural 
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Brunnwinkel, Austria. There, in 1944 and 1945, working 
under conditions that more accurately reflected the natural 
scale of bees’ foraging, he found that when bees fed at long 
distances from the hive they performed the waggle dances for 
nectar, as well. At the same time, he also made the startling 
discovery that the bees were communicating the direction 
and distance to the food source, as well as its odor. 


COMMUNICATION OF DISTANCE AND 
DIRECTION IN THE DANCE 


The waggle dance of honey bees can be thought of as a 
miniaturized reenactment of the flight from the hive to the 
food source (Fig. 1). As the flight distance to the food 
becomes longer, the duration of the waggle portion of the 
dance also becomes longer. The angle that a bee flies during 
the flight to the food, relative to the sun azimuth (the 
horizontal component of the direction toward the sun), is 
mirrored in the angle on the comb at which the waggle 
portion of the dance is performed. If the food is to be found 
directly toward the sun, a bee will dance straight upward. If 
the food is directly away from the sun, the bee will dance 
straight downward. If food is at 35° to the right of the sun, 
then the dance is performed with the waggle run at 35° to the 
right of vertical, and so forth. Bees make a transition from 
round dances for food sources near the nest to waggle dances 
at greater distance, with the transitional distance varying 
somewhat between different subspecies of A. mellifera. 
While the bee is waggling her abdomen, she also produces 
bursts of buzzing sound from her wings, which are perceived 
by dance-following bees with the Johnston’s organ at the base 
of the antennae. Recent work by Wolfgang Kirchner has 
shown that even the round dance contains directional 


In the field 





FIGURE 1 How direction to the food patch is encoded in the honey bee 
dance language. As a bee flies to flowers in the field (left), she learns the 
direction to the food patch relative to a reference direction of the sun 
azimuth (here the food is 115° to the left of the sun). When she dances on 
the vertical combs of the dark hive (right), she uses the direction upward as 
a reference and performs the waggling portion of the dance at the same 
angle, relative to this upward reference, to indicate that the food is to be 
found relative to the sun direction reference in the field (here, 115° to the 
left of upward). Dancing bees produce buzzing sounds during the waggle 
portion of the dance. In the round dance (far right), the dancing bee changes 
direction more randomly and does not waggle, but does buzz when moving 
in the direction that would indicate the direction to the food. 
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information, because these sounds are produced at the time 
in the round dance at which the circling bee is facing in the 
direction on the comb in which waggle runs would be 
performed for more distant food sources in the same 
direction. However, recruit bees seem to search the vicinity of 
the nest equally in all directions in response to round dances. 
This scatter in search area, however, is not really greater than 
the area searched at greater distances, though because of its 
proximity to the nest it includes all angles, whereas more 
distant searches are mostly within a restricted range of angles. 
Thus it is uncertain whether recruit bees can perceive the 
direction information in round dances. 


MEASUREMENT OF DISTANCE AND DIRECTION 


The ability to bees to communicate distance and direction to 
a food source requires that the recruiting bee and the recruits 
be able to measure these parameters. The study of how bees 
do this provides an example of how the dance language gives 
a readout of the perception of the bees. This in turn makes 
possible sophisticated analyses of the mechanisms by which 
bees acquire the information, analyses that are vastly more 
difficult to perform with insects that do not report their 
findings in a format entomologists have learned to decode. 
Von Frisch found that wind, height differences between 
the feeder and hive, or adding additional weights or airfoils 
to bees changed the tempo of their dances. This finding 
indicated that something about these conditions had 
changed the bees’ perception of distance to the food source. 
One aspect that was changed was the time of flight to the 
source, but the changes in dance tempo did not correlate well 
with the changes in flight time, and so this was rejected as the 
way the bees measured distance. Instead, it was concluded that 
the bees were measuring energy use, because all these condi- 
tions would affect energy use. This was consistent with obser- 
vations that, on the flight to the food source, either a headwind 
or flying uphill would increase perceived distance, whereas 
either a tailwind or flying downhill would decrease it. 
However, more recent work by Harald Esch and others 
suggests that it is not energy that is measured, but the 
movement of landscape objects across the visual field, or optic 
flow. Humans experience the apparent motion of landmarks 
as faster when riding in a car than when flying in an airplane. 
Similarly, when a bee flies close to the ground, she experiences 
rapid optic flow, whereas at greater altitudes the optic flow is 
less. In von Frisch’s experiments, the changing conditions 
also affected the height off the ground of the bees’ flight, so 
that energy use and optic flow were confounded. In experi- 
ments in which bees are trained to feeders at different 
distances from the ground, the distance that a bee perceives, 
as indicated by the tempo of her dances, is shorter for higher 
feeders, even though more energy is needed to fly to them 
and the length of the flight path is greater. The progress of 
entomologists’ understanding of the mechanism by which 
bees measure distance provides an excellent example of how 


the conclusions from an experiment may reject incorrect 
hypotheses, but may also accept incorrect ones, if the 
predictions of the latter are the same as another alternative 
hypothesis not considered in the design of the experiment. 
Martin Lindauer described the way in which bees measure 
the angle of their body with respect to gravity, using groups 
of sensory hairs in the joints between head and thorax and 
thorax and abdomen. When Lindauer severed the nerves to 
these hairs, bees were no longer able to do oriented dances on 
a vertical comb. When flying in the field, bees use their 
compound eyes to measure their angle of flight relative to the 
sun, searching out the patterns of polarized light in the blue 
sky itself, even if the sun is not visible. The polarized light is 
produced by a phenomenon called Rayleigh scattering; the 
angles of polarization occur in a pattern that is consistent 
relative to the position of the sun, and this pattern moves 
across the sky as the earth moves relative to the sun. Riidiger 
Wehner and S. Réssel discovered that the bees use a “celestial 
compass” to interpret the polarization patterns, which consists 
of the layout of ommatidia in the dorsal portion of the bees’ 
compound eyes. Each ommatidium is selectively sensitive to 
a particular angle of polarization of light, and each omma- 
tidium also gathers light exclusively from a particular region 
of the visual field of the bee. The layout of the ommatidia is 
such that when a bee is facing directly away from the sun, 
each ommatidium is looking at the region of the sky that 
contains the angle of polarized light to which it is most sensitive. 
Thus, as the bee rotates in flight, the summed response from 
these specialized ommatidia will reach a peak when the bee is 
aligned with the sun azimuth and fall away as she turns off it. 
Although the way in which a bee uses this system to hold a 
fixed course at a particular angle relative to the sun is not 
known yet, this compass provides a beautiful example of how 
a solution to a tremendously complex analysis can be built 
into the design of the sensory system, so that only relatively 
simple neural processing is needed to execute the behavior. 


USE OF THE DANCE LANGUAGE 


Honey bees are known to use the dance language to recruit 
nestmates in several contexts. In the context of foraging, bees 
dance to indicate the location of sources of nectar, pollen, 
water, and propolis (a resinous material collected from plants 
and used to seal cracks and waterproof the nest cavity). As far 
as is known, the dances for these different materials are the 
same, but this area has not been systematically investigated. 
When a swarm of bees leaves its natal colony to build a 
new nest elsewhere, scout bees report the location of cavities 
they have found by means of the dance, and other bees 
inspect the advertised sites and may dance in turn. Over the 
course of hours or days the swarm as a whole makes a choice 
among the alternative sites discovered by different scouts and 
arrives at a unanimous decision on a single site. The swarm 
then takes off and flies to the new nest site. Only a small 
minority of the bees in the swarm has ever visited the chosen 


cavity. Therefore, although the information transferred by 
the dance could be important in guiding other bees to the 
site, there are probably other mechanisms, perhaps visual or 
olfactory, involved as well. The question of how swarms find 
their way, and the question of just how the dance language is 
used in the course of the swarm coming to a collective 
decision on a single nestsite, are still being investigated. 

The sharing of information about food sources makes it 
possible for a honey bee colony to serve as an information 
center, pooling the reconnaissance of its many foragers, sur- 
veying a vast area around the nest, and focusing the bulk of its 
foraging force on the best sources discovered. In the 1980s a 
study by Kirk Visscher and Tom Seeley decoded the dances of 
a colony living in a deciduous forest in New York State to show 
the dynamics of colony food patch use that result from these 
interactions. Research by Seeley has shown that integration of 
foraging information via the dance language is quite flexible, 
and Seeley has worked out many of the mechanisms by which 
a honey bee colony responds rapidly to changes in the relative 
quality of food sources and colony need for food. 


THE DANCE LANGUAGE CONTROVERSY 


In the late 1960s Adrian Wenner, Patrick Wells, and Dennis 
Johnson challenged von Frisch’s interpretation of the bee 
dances. While they did not question that the dances contain 
correlations of distance and direction, they pointed out that 
many experiments claimed by von Frisch to show that bees 
actually used this vector information in their searches could 
also be interpreted as the bees simply orienting with respect 
to odors. These ambiguous results were recorded when the 
recruiters’ feeder was placed in the center of an array of 
scented bait stations and recruits were observed to come 
more frequently to stations near the center. This behavior, 
von Frisch’s critics argued, would be predicted regardless of 
whether bees were using distance and direction (and odor) 
information or just odor information. Johnson and Wenner 
performed experiments at relatively short distances and with 
strong odors, and the results followed the expectations of 
recruits relying strongly on odor produced by bees feeding at 
the bait stations, but not the expectations of the location 
information in the dance. 

Not all of von Frisch’s experimental results were readily 
reinterpreted in terms of the odor-only hypothesis. For 
example, when a hive is turned on its side, bees are unable to 
use gravity as a reference for their dances and so do 
disoriented dances, and von Frisch showed that recruits were 
less well oriented under these conditions, although odor cues 
would not have been affected. Several lines of subsequent 
work have indicated that the search distribution of recruits 
can indeed be influenced by distance and direction 
information from the dance alone. The challenge in such 
studies is that normally odor information and dance vector 
information is highly correlated, so definitive experiments 
required means of unlinking them. 
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In the 1970s James Gould unlinked the location (and 
odor) of the food source on which dancers had foraged from 
the directional information in their dances. To achieve this, 
he shined a bright light from the side as bees danced. In this 
situation, recruiters or recruits will normally perform or 
interpret dances using the position of the light as the “sun” 
angle reference, rather than the direction upward. However, 
if a bee’s ocelli are painted over with opaque paint, the bee 
becomes less sensitive to light, and so this shift in reference 
does not occur. By having recruiters with painted ocelli (and 
a reference of up) dancing, followed by recruits with 
unpainted ocelli (and reading the dances relative to a 
reference of the light, at some other angle), Gould was able 
to show that recruits could interpret a direction from the 
dance that was independent of the direction to the food 
source. The recruits then searched principally in the direction 
predicted by the modified dance information, rather than the 
true direction of the feeder, as would have been predicted by 
the odor-only hypothesis. 

In the early 1990s Axel Michelsen, Martin Lindauer, and 
Wolfgang Kirchner constructed a computer-controlled robot 
bee that mimicked the behavior of a dancing bee. Recruits 
followed this robot bee and searched for food preferentially 
in the directions indicated by the dance angles programmed 
for the robot. Changes in the length of the robot bee’s dances 
also changed the distribution of distances at which recruits 
were captured. The robot bee recruited rather imprecisely, 
with even more scatter than the rather large scatter of recruits 
from real bee dances. However, the demonstration that 
changing nothing but the computer programming was 
enough to cause significant shifts in the search distribution of 
recruits in the predicted manner was conclusive evidence that 
recruits were decoding distance and direction information 
from the dances. 


CURRENT QUESTIONS 


Although it is now quite clear that bees do decode the dances, 
odor does play a strong role in recruitment to food sources. 
It is appropriate to think of the dance as giving recruits a 
general idea of the direction and distance to the food source. 
Recruits then search in this area for sources matching the 
odors they have learned from the food carried by the dancing 
bee. Depending on the distribution of available food sources, 
the distance and direction information might be crucial in 
organizing a colony’s food collection, or relatively unimpor- 
tant. However, the relative importance of these two mecha- 
nisms in different habitats is just beginning to be investigated. 

The angular scatter in the dance itself decreases with 
increasing distance indicated, as von Frisch reported. This 
change in scatter may be the result of changing duration of 
the waggle runs of the dance, but it also may be an 
adaptation to recruit bees to patches of more or less constant 
size at varying distances. This idea is supported by Seeley and 
Burmann’s finding that the dances of scouts for nest sites, 
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which are always single points rather than patches, have less 
scatter than those of nectar foragers. However, these results 
differ from those reported by Will Towne on the same issue, 
and this remains a question of current research. 

The evolutionary origin of the honey bee dance remains 
incompletely discerned. All species of Apis perform 
recruitment dances, though there are interspecific variations 
in a number of the aspects discussed earlier. The stingless 
bees (Meliponini), the bumble bees (Bombini), and the 
orchid bees (Euglossini) are the closest relatives of Apis, but 
the phylogeny of these different taxa within the Apidae 
remains controversial. Stingless bees are highly social and 
have a variety of mechanisms of recruitment that may 
provide possible antecedents to the dance language, but a 
determinination of how the current form of the dance 
language might have arisen from these components must 
await both a greater understanding of recruitment 
mechanisms within the stingless bees and a more firmly 
established phylogeny within the family Apidae. 


See Also the Following Articles 
Apis Species ¢ Feeding Behavior ¢ Orientation « 
Recruitment Communication 
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DDT 


Fumio Matsumura 
University of California, Davis 


DT (dichloro-diphenyl-trichloroethane) is an old insec- 

ticide that has been banned from use in most countries 
of the world since the 1970s. However, DDT, its metabolites, 
and some of its derivatives, which are mostly produced as 
impurities in technical insecticide preparations, still con- 
taminate the environment. DDT residues continue to cause 
deleterious biological effects, most notably, environmental 
endocrine disruptions. 

From the viewpoint of environmental toxicology and 
chemistry, DDT is by far the best-studied chemical. Many 
models of bioaccumulation, atmospheric transport, transfer 
mechanisms within soil compartments, and from soil to air, 
and soil to water are based on data generated from studies of 
DDT residues in the environment. 


CHEMICAL CHARACTERISTICS 


DDT is one of several typical chlorinated hydrocarbon 
insecticides discovered in the early 1940s and known for 
their persistent insecticidal activities, their lipophilic 
attributes, and their stable chemical properties. The 
insecticidal properties of DDT itself were discovered in 1939 
by Paul H. Miiller of Switzerland, who later received the 
Nobel Prize for his work. Since DDT was the first organic 
synthetic insecticide that possessed advantages such as low 
mammalian toxicity, wide spectrum, long-lasting properties, 
and low cost in comparison to arsenicals and other inorganic 
insecticides, most entomologists embraced its use to such an 
extent that more than 100 million pounds of DDT was 
being produced annually by the mid-1950s. 

The insecticidal active ingredient of DDT preparations is 
pp-DDT (Fig. 1A). Its 1-dechlorination product, p,p~ 
DDD (Fig. 1B) retains reasonable levels of toxicity for some 
insects, but its dehydrochlorination product, p,p~DDE (Fig. 
1C), shows no insecticidal property, although p,p~DDE 
could still have a toxic effect in other organisms. Other 
components often found in insecticidal DDT preparations 
are 0,p-DDT, p,p-DDD, and 0,p~DDD. All these can be 
found as environmental residues. 

DDE (dichloro-diphenyl-ethylene) one of the residues 
derived from DDT most frequently found in the environ- 
ment, is produced mainly by metabolic activities in biological 
systems and is particularly prevalent in insects and in some 
mammalian species. Although both p,p~DDE and 0,p-DDE 
are found in the environment, the former is more abundant 
and more frequently encountered. In assessing residue levels 
of all DDT-derived compounds today, scientists express the 
entire spectrum of DDT-related (DDT-R) compounds or 
DDT-derived compounds as total DDT residue, or DDTs. 
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FIGURE 1 (A) 1,1,1-Trichlor-2,2-bis (p-chlorophenyl) ethane (p, p-~DDT). 
(B) p, p-DDD. (C) p, p-DDE. 
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Fig. 13. A general structure of SRB. 


parameters via_ rotational invariance 
techniques algorithms or their derivatives. 
They involve finding a spatial spectrum of 
the antenna/sensor array, and calculating 
the DoA from the peaks of this spectrum 
[37]. A general architecture of SRB 
algorithm is shown in Fig. 13. The general 
steps of SRB method are shown as 


follows: 


@ DoA Estimation 
e Arbitrary Array: MUSIC, etc. 
e Linear Array: ESPRIIT, etc. 
* Beam Synthesis 
e Gram-Schmidt, etc. 
* Combining 
e EGC, MRC, Wiener Filter, etc. 


Multiple signal classification (MUSIC) 
algorithm estimates the DoA of the 
desired signal by using an eigen-space 
method based on a spatial reference 
signal. MUSIC 
calculation of 


requires intensive 
eigenvalues and 
eigenvectors of an autocorrelation matrix 
of the input vectors from the receiving 
antenna array. A general step of MUSIC 


algorithm is shown below: 


* Collect received samples and 
estimate the covariance matrix of the 
received samples. 

# Perform eigen-decomposition of the 
covariance matrix. 

* Calculate spatial spectrum. 

# Estimate DoA by locating peaks in 
the spectrum. 


Estimation of signal parameters via 
rotational invariance techniques 
(ESPRIT) is also well known for the SRB 
method. In addition, ESPRIT has many 
important advantages MUSIC 
algorithm [38]: 


over 


# No knowledge of the array geometry 
and element 
required. 


characteristics are 


* Much less complex on computation. 


+ 


No calibration of the array is required. 
* The algorithm 
estimates the number of sources and 
DoA’s 


simultaneously 


EFFECTS ON INSECTS 


The main action mechanism by which p,p~DDT causes the 
death of insects is the destabilization of the sodium channel, 
the main vehicle that propagates excitation signals on the 
surface of neurons, so that affected neurons become easily 
excitable. Insects poisoned by DDT show typical hyperexci- 
tation symptoms that lead to exhaustion and death. This 
phenomenon may be better understood as an electrophysio- 
logical manifestation in which neurons affected by DDT show 
a typical excitation pattern called “repetitive discharges.” Such 
a neuron that has been excited by a stimulus remains in an 
excited state and continues to discharge for several minutes. 

The most well-known use of insecticidal DDT is probably 
for mosquito control in malaria eradication programs. The 
most frequently used technique was that of “wall painting” of 
the interior of buildings with DDT in areas where malaria 
was prevalent. Because mosquitoes transmit malaria directly 
from human to human (i.e., without going through other 
hosts), this method effectively cuts off the link to continued 
transmission. The two key properties of DDT responsible for 
its effectiveness are the extreme susceptibility of mosquitoes 
to DDT and the long-lasting nature of DDT, particularly in 
indoors and dry environments. 

DDT was also well known for its role in the control of 
cotton insect pests that posed a serious problem to cotton 
growers in the southern United States. The most commonly 
used formulation was a mixture of DDT and toxaphene. 
DDT was also used to control many other pests including 
the bark beetle vectoring Dutch elm disease, locusts, and 
forest pests (e.g., spruce budworm); these wider uses resulted 
in environmental loading of DDT-R. 


ENVIRONMENTAL EFFECTS 
Although p,p~DDT is really the only component of DDT-R 


potent enough to be an insecticidal ingredient (as far as 
environmental effects are concerned), all the DDT-related 
compounds are presumed to be potentially toxic. Perhaps the 
best example of the extreme toxicity of DDE is its effects on 
bird reproduction. Because DDT is slowly converted into 
DDE in the environment over many years, environmental 
samples of DD'T-R today are actually mostly DDE. 

Another important compound is 0,p~DDT, which is 
known to mimic the actions of estrogen in several vertebrate 
biological systems. The action of 0,9~DDT can be attributed 
to its ability to bind to the estrogen receptor as an agonist, 
like estrogen itself, and to activate estrogen signals in the 
organism. Interestingly, p,o~-DDE acts as an antagonist to 
the androgen receptor in males, thereby blocking male sex 
hormone signaling in many vertebrate species. 

Of all the effects of DDT-related compounds on wildlife, 
the biological damage cited most frequently is that of 
eggshell thinning. This phenomenon was originally reported 
by Ratcliffe in 1967 and verified by Anderson and Hickey in 
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1976 in North America. In addition to DDT, both DDE and 
polychlorinated biphenyls also have deleterious effects on 
eggshell production. Eggs affected by these chemicals crack 
easily and contribute to the decline of vulnerable bird species. 

Eggshell thinning is not the only harmful effect for which 
DDT-R has been implicated. DDT-R has also been shown to 
contribute to the increased mortality as well as myriad repro- 
ductive problems among a broad range of wildlife including 
birds, fish, and other aquatic organisms. Behavioral changes 
are also caused by exposure to DDT-R. 

A current view among scientists is to interpret many of 
these effects as “endocrine disruptions” caused by the hydro- 
carbon pollutants, with DDT-R being one of the prominent 
study materials. Certainly, DDT-R, particularly 0,9~DDT, 
acts in an estrogen-like manner, whereas p,p~DDE acts as an 
anti-androgen. Deleterious effects of such endocrine disrup- 
tions by DDT-R in birds are well documented. Because 
disruptions of endocrine actions, including those of some 
vitamins, are expected to cause serious effects on reproduction, 
development, and nutritional balance of animals, this topic is 
likely attract increased attention in the scientific community. 

Despite the difficulty of conducting and evaluating envi- 
ronmental effects studies, evidence for the harmful biological 
effects of DDT on wildlife and ecosystems has been over- 
whelming. Clearly, the decision to ban the use of DDT was 
sound. 


See Also the Following Articles 
Insecticides ¢ Integrated Pest Management e Pollution 
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D efensive behaviors are the responses of organisms to per- 
ceived threats by potential predators. The responses can 
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be active and obvious to an outside observer, including the 
predator; they can be subtle and difficult to observe; or they 
can be completely inapparent. Obvious responses might 
include escape flight or changing to a menacing posture, a 
subtle response might be the “freezing” of a slowly moving 
insect, and an inapparent behavior might be the warming of 
flight muscles by a large moth or beetle in anticipation of 
flight from a detected predator. The goal of this article is to 
describe the major types of defensive behaviors of insects and 
to illustrate how, when, and why these defenses are of 
survival benefit. 

All animals must eat. Food choices for animals are limited 
to materials derived from other life forms, with flesh from 
animals being among the richest food sources in energy and 
nutrients. This sets the evolutionary stage for fierce 
competition among organisms to eat others, yet not to be 
eaten themselves. Good defenses and defensive behaviors tip 
the balance from mere survival of a population (or its 
extinction) to success and domination of a niche. 

Survival and reproduction are the key elements of life. For 
both elements, defense is a paramount feature; without 
defense, survival, and therefore reproduction, is unlikely. 
Insects must defend against microorganisms, parasites, and 
predators and use different strategies against each. The 
defenses against these attackers differ. The ultimate defense 
against microorganisms, including bacteria, viruses, proto- 
zoans, and fungi, is the immune system. Parasites pose a 
different challenge. These multicellular organisms live in or 
on the insect body, sapping vital nutrients and reserves, 
sometimes damaging essential tissues or organs and causing 
death. Defenses against parasites are primarily behavioral and 
life history strategies, with backup from the immune system 
after parasite attack. Parasitoids are a curious group of attackers 
that share properties of both parasites and predators. They, 
like parasites, live in or on the body of the host insect and 
feed on its blood and tissues. Like parasites, they also do not 
immediately kill the insect. Parasitoids resemble predators, in 
fact some consider them predators, because their mode of 
delivery usually involves direct physical attack on the prey. 
Parasitoids differ from parasites because instead of directly 
killing the host, the parasitoid lays one or more eggs or larvae 
on or in the host and then the parasitoid larva(e) consumes 
and kills the host. Insect defenses against parasitoids are a 
combination of defenses used against predators and against 
parasites. Attacks by adult parasitoids are met with behavioral 
and morphological defenses similar to those used against 
predators. Deposited eggs and larvae are resisted by 
encapsulation by the immune system and other physiological 
defenses. Predators, in contrast to microorganisms and 
parasites, directly attack and kill or paralyze their insect prey. 
They also possess more complex nervous systems than para- 
sites and use this added ability to combine enhanced sensory 
awareness, decision-making, and learning to challenge the 
limits of the insect prey to detect, respond to, and defend 
against the predator. Consequently insects have evolved a 


myriad of defenses of dazzling form and complexity against 
their predatory enemies. 


FACTORS AFFECTING PREDATORS AND PREY 


The predator—prey equation is never constant. Age and size of 
respective predator and prey, hunger levels, population sizes, 
presence of alternative prey, and behavioral factors are ever 
changing. Size of a potential predator relative to prey size is an 
obvious factor affecting defensive capabilities of an insect. For 
example, an ant’s mandibles might be an effective defense 
against a small jumping spider, but likely are ineffective 
against an anteater. Hunger is an important, often overlooked, 
factor in the defensive equation. Investigators sometimes starve 
a potential predator for a period of time to ensure that it is 
hungry when presented with a potential prey. This often yields 
false impressions, because a starved predator is much more 
likely to try to attack almost anything that might be edible 
than would a well-fed predator. An analogy from human 
experience is instructive. Humans faced with starvation from 
war or other disasters have eaten rats or cockroaches in an 
effort to survive, but these same people would not consider 
such items when not starving. The effect of predator hunger 
can greatly affect the success of insect defenses. Hunger level 
can also affect prey insects by inducing them to forage for food 
during more dangerous times and for longer periods. 
Population levels also influence the success of insect 
defenses. Cryptic (concealed) caterpillars (Figs. 1 and 2) are 
at more risk of failure of their defensive concealment when 
high populations of paper wasps (Polistes) are present than at 
times of low wasp numbers. The opposite situation, high 
populations of prey, can turn the defensive tables in favor of 
the prey. The synchronous emergence of periodic cicadas and 
mayflies not only serves reproductive benefit but also 
saturates the predators in the environment, reducing the risk 
to each individual cicada or mayfly. Presence or absence of 





FIGURE 1 Looper caterpillar (Geometridae) with fleshy body projections 
whose shape and appearance closely match the vegetation of its host plant, 


Polygonella sp., providing excellent camouflage and protection from visually 


searching predators. (Author photograph, Florida, U.S.A.) 





FIGURE 2 Second instar of Eumorpha typhon cryptically matching 
background grape leaf as it rests. (Author photograph, Arizona, U.S.A.) 


alternative prey affects the success of various insect defenses. 
Some species of caterpillars exhibit several different color 
patterns. These color differences form the basis for “apostatic 
selection,” which confers protective benefit on the rare color 
morph (form). The rarer morph is safer because birds adopt 
search images or searching behaviors oriented toward 
discovery of the common-color morph and often miss rare- 
color morphs that do not fit the image. Predator behavioral 
factors can determine the effectiveness of the defensive 
behavior of prey. Prey speed and flight ability often provide 
excellent protection from predators that actively search for 
prey. Flies and bees rarely fall prey to roving spiders, but 
often are captured by ambush sit-and-wait crab spiders. In 
the examples of vinegaroons (whiptail scorpions, Mastigo- 
proctus giganteus) and tarantula spiders, which are classical 
ambush predators, fast and powerful prey such as sulpugids 
(wind scorpions) and centipedes are surprised by the ambush 
predator and fall prey. The element of surprise is crucial. 
Without surprise, the powerful jaws and quickness of alert 
sulpugids and centipedes make them formidable prey that 
would be difficult, if not impossible, to overcome by 
predators that have, at best, only equal equipment. 


OVERRIDING PRINCIPLES 


Predator—prey relationships are not chaotic, but are based 
upon time-tested principles with constant refining and 
generation of new approaches. Principles for prey include: 
(1) it is better to avoid attack than to defend against an 
attack; (2) the higher the cost or penalty suffered by a 
predator, the greater protection gained by the prey; and (3) 
avoid sharing time and space with as many potential 
predators as possible. Combinations of these principles form 
the basis for most successful defenses of insects. However, the 
story is complex: insects usually face not just one, or even a 
few, species of predators, but rather a whole suite of potential 
predators. And the biggest, fiercest predator usually is not the 
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one that poses the greatest risk. To be successful, insect 
populations must maximize their defensive success against 
the summation of all predator attacks encountered. This is 
the combination of the probability of attack by each 
potential type of predator and the probability of success in 
countering the attack. Herein lies the experimentalist’s 
dilemma: how can we know all of the predators that have 
impacted the evolution of an insect’s defenses, the frequency 
of the attacks by each predator type, the success of the attacks 
by each predator type, and whether “phantom” predators, 
predators that might have posed serious threats in the past or 
become threats only at very infrequent intervals, exist. In 
addition, to access accurately the role of predators, the effects 
of predators during both bottleneck and outbreak periods of 
the insect’s population must be evaluated. A clever 
experimentalist is an outstanding observer of natural history 
and the biology of the insect in question and successfully 
controls as many variables as possible to resemble nature. 


EVOLUTIONARY STRATEGIES AND 
DEFENSIVE BEHAVIORS 


Crypsis 

Crypsis, or avoiding detection by blending into the back- 
ground, is one of the most common and successful defenses. 
Classical examples of crypsis include stick insects in the order 
Phasmida, leaf-mimicking moths, and ambush bugs 
(Phymatidae) that resemble the flowers in which they hide. 
In the first two examples, crypsis functions to avoid detection 
by visually hunting predators such as birds and monkeys. 
The crypsis of ambush bugs serves dual purposes of conceal- 
ment from potential predators and from their prey, flower- 
visiting insects. Variations of the cryptic theme can take 
many forms. Many caterpillars, moths, and other insects are 
patterned and colored like the vegetation they eat or the 
twigs, bark, or other substrate upon which they rest (Figs. 1 
and 2). In this way they blend toward invisibility in the eyes 
of all but the best predators. Other cryptic specialists 
resemble dead objects ranging from bird droppings, for some 
swallowtail butterfly caterpillars (Papilio spp.), to stones, for 
some grasshoppers (Eremocharis insignis) and toad bugs 
(Gelastocoridae). Cryptic insects match behavior to lifestyle. 
To maintain their concealment cryptic insects tend to move 
little during the day, and when they do move it is slow and 
deliberate to avoid notice. Exceptions are cryptic predators 
that must move swiftly during the act of prey capture. Cryptic 
insects tend to select resting backgrounds, lighting conditions, 
and positions to match their own appearance. How they 
recognize and choose matching backgrounds is unclear. 


Aposematism 


The opposite of crypsis is aposematism, or a warning signal 
to predators. Aposematic insects usually appear and behave 
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FIGURE 3 Aposematic venomous caterpillar, Automeris metzli (Saturniidae), 
whose painful urticating hairs can cause a long-lasting burning rash. 


(Michael FE. Wilson photograph, Chihuahua, Mexico; used with permission.) 


very different from cryptic insects. These warning-colored 
insects sport bright pattern and color combinations of reds, 
yellows, oranges, whites, and blacks that are notably 
conspicuous within the background setting and advertise the 
insect’s presence (Fig. 3). Insects with warning coloration, 
like cryptic insects, tend to move slowly in their 
environment. Similarity ends there; the slow, deliberate 
movement of aposematically colored insects serves not to 
avoid detection, but to provide time for potential predators 
to detect and recognize the insect before acting. Warning 
coloration boldly signals that this insect is toxic, is bad 
tasting, or can sting or cause injury. 

Aposematic warnings have evolved for every sensory system 
used by predators. Acoustic stridulations, hisses, and other 
sounds advertise to potential predators that the emitting insect 
is dangerous. Toxic tiger moths (Arctiidae) send loud return 
sounds to approaching insectivorous bats. These sounds warn 
the bat that the moth is unpalatable and potentially harmful, 
and may also interfere with the echolocation capabilities of 
bats. Often aposematic sounds share similarities: they have 
broad frequency ranges, have low pattern complexity, and 
resemble “white noise.” Such signals are readily detected by a 
wide range of predators, differ from most nonwarning 
sounds produced by insects or other animals, and are poorly 
structured for precise intraspecific communication, e.g., 
courtship sounds. These are exactly the properties a good 
warning signal needs: they are readily detected, conspicuous, 
and generalizable and they indicate no form of communica- 
tion other than warning. Aposematic sounds are produced by 
a wide range of insects, including velvet ants (Mutillidae), 
bees and flies, assassin bugs (Reduviidae), moths, many groups 
of beetles, cockroaches, and grasshoppers. 

Aposematic odors and tastes serving as warnings need not 
be toxic, only readily apparent. Examples of warning odors 
include the strong, unpleasant fragrances of pyrazines 
produced by butterflies and a variety of other insects, ketones 


produced by velvet ants, and uncharacterized compounds 
produced in mandibular glands of tarantula hawks 
(Pompilidae, Pepsis). Warning tastes are probably widespread 
among noxious insects, but few have been investigated. 
Predators such as lizards, birds, fish, and spiders will often 
“taste” an insect before actually killing and eating it. If the 
sampled insect has a compound with an aposematic taste, it 
is often released unharmed. Tiger moths externalize some of 
their pyrrolizidines, which, when tasted by orb weaver 
spiders, cause the spider to cut its web to release the 
unharmed moth. 


Mimicry 

Aposematic organisms having effective defensive systems 
become models for biological copycats. Some of these 
mimicking organisms are cheaters who do not actually 
possess noxious or dangerous properties like those of the 
models they resemble. They “trick” predators into perceiving 
them as noxious and unpalatable. This kind of mimicry is 
called Batesian mimicry, in honor of the famous naturalist 
Henry Bates, who first recognized the phenomenon. The 
pipevine swallowtail (Battus philenor) is a toxic butterfly that 
serves as the model for several Batesian mimics, including the 
dark morph of the palatable female (but not male) tiger 
swallowtail (Papilio glaucus). In regions where model 
pipevine swallowtails are abundant, most tiger swallowtail 
females are mimics; but in areas where pipevine swallowtail 
models are rare, many female tiger swallowtails have patterns 
that are not mimics. Other mimicking species are “truthful” 
because they themselves are noxious or toxic and resemble 
other noxious or toxic insects. Such “Miillerian” mimicry 
abounds among butterflies, especially within the passion- 
flower-feeding butterflies in the genus Heliconius in South 
America or the queen butterflies (Danaus and relatives) of 
Africa. Between the extremes of Batesian and Miillerian 
mimicry exists a continuous gradation of mimicking species 
that possess varying degrees of noxiousness. 


Allomones 


Allomones are chemical defenses. Many hundreds of 
allomonal chemicals have been identified from insects, most 
being distasteful, damaging, or toxic to other animals or syn- 
ergizing the activity of other active chemicals in the secretion. 
Beyond their common properties for defense, allomones 
share little chemical similarity and contain compounds of 
almost all imaginable types, including organic acids, alcohols, 
ketones, aldehydes, esters and lactones, hydrocarbons, 
terpenes, phenolics, quinones and hydroquinones, amines, 
alkaloids, sulfurous compounds, steroids, polysaccharides, 
peptides, and proteins. Allomones are the defensive arsenal’s 
“backup artillery” used to blunt direct attack by predators. 
The effectiveness of allomones is embodied in the common 
names of some insects and their relatives: stink bugs, blister 


beetles, bombardier beetles, and vinegaroons. The aldehydic 
secretions of stink bugs spread over the body surface, providing 
a repellent odor barrier that doubles as a repugnant contact 
liquid when touched by a predator. Bombardier beetles 
(Brachinus spp.) and vinegaroons (Mastigoproctus spp.) spray 
corrosive quinones/hydroquinones and concentrated acetic 
acid solutions, respectively, at approaching predators, thereby 
actively extending protection to a distance and reducing the 
risks of physical attack by the predator. Insect venoms are 
effective specialized allomones typically consisting of water- 
soluble proteins and other components that are injected into 
the body of an assailant. The effectiveness of stings as 
defenses against large predators is evident from the names 
“killer bees,” “fire ants,” and “cow killers.” Other names, 
including hornet and wasp, have become terms synonymous 
with pain, power, and fear. 


DEFENSIVE PLOYS 


For virtually any sensory system and behavior used by preda- 
tors to detect prey, prey insects have evolved counterstrategies 
or defensive ploys. For predators relying mainly on vision, 
insects possess physical properties and behaviors either to 
avoid being seen or to maximize being seen. For predators 
that rely primarily on sound, prey have counterbehaviors to 
minimize sound generation, to evade sound-emitting 
predators, or to counter with effective sounds of their own. 
For predators using olfaction as their primary searching sense, 
prey have evolved systems to reduce their own odor, to mask 
it, to mimic the odors of unsuitable prey, or to blunt sensory 
orientation with allomones and aposematic odors. As a rule, 
insects supplement general defenses and behavioral strategies 
with multiple suites of defenses directed toward specific 
sensory systems. 


Concealment and Hiding 


Hiding from predators is a nearly universal tactic of insects. 
Even well-defended insects such as stinging wasps conceal 
their nests within dense vegetation, among roots, or in holes. 
Aposematic insects such as Dasymutilla occidentalis tend to 
rest in concealed places during periods of inactivity and run 
and hide under leaves or among vegetation when an 
approaching potential predator is sensed. Toxic butterflies 
often rest with wings folded and in among vegetation that 
hides them from view. Many other insects are masters of 
concealment and are so cryptically colored and patterned that 
finding them in a photograph has become an educational 
and entertaining challenge for children and adults alike. Some 
insects are concealed only during particular times. Caterpillars 
are commonly concealed on bark or in the ground while at 
rest, but are more apparent while feeding on leaves. 
Concealment and hiding take many forms. Less obvious 
than daytime concealment against visual predators, but an 
equally frequent and effective defense, is use of time for 
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concealment. Looper caterpillars (Geometridae) and others 
that are cryptically colored and concealed feed on leaves 
during daylight. At night when they are not cryptic or 
concealed from spiders, beetles, ants, and predators that 
search for prey mechanically and by olfaction and vibration, 
some conceal themselves by terminating feeding and hanging 
below the vegetation on long silken threads. An extreme of 
concealment is used by mayflies, which “conceal” their 
adulthood by reducing their adult life to only about a day, 
just enough time to mate, lay eggs, and die. 


Escape 


If an insect is capable of flying, jumping, running, crawling, 
or dropping to safety, escape is often the first response to 
detection by a predator. Nevertheless, not all insects can, or 
do, attempt to escape when approached by predators. Many 
larvae live in confined spaces and can move little or slowly, 
and none can fly. These individuals must rely primarily on 
other means of protection such as concealment, crypsis, or 
chemical defense. Other species rely first on their 
aposematism and/or noxious nature for protection and only 
attempt escape secondarily. 


Fighting Back 


When concealment and escape fail, most insects resist and 
fight back by biting with mandibles, kicking and struggling, 
stinging, and releasing allomones, with varying success. Leg 
spurs and spines are used effectively by some large moths, 
including sphinx moths in the genera Manduca and 
Eumorpha and cockroaches (Archimandrita marmorata), to 
defeat the grasp of even large potential predators. These sharp 
spines not only can painfully pierce skin but also can anchor 
strong kicks to free the slippery insect from grasp. Some male 
wasps possess either sharp genitalia or separate “pseudostings” 
that are jabbed into grasping predators. Jabbed predators 
might mistake pseudostings for actual stings of female wasps 
and release the male. 


Pain 


Pain is the early warning system to indicate that bodily 
damage is occurring, has occurred, or is about to occur. 
Bodily damage is a serious threat and risk to an organism's 
ability to survive, feed, and reproduce. When given a choice 
between a meal with accompanying pain (plus perceived 
bodily damage) and the loss of a meal, predators often opt for 
the latter. The venomous stings of wasps, bees, and ants are 
legendary for their abilities to cause pain and deter predation. 
Spiny caterpillars and an assortment of biting bugs and 
beetles, including assassin bugs (Reduviidae), giant water 
bugs (Belostomatidae), water scorpions (Nepidae), and 
predaceous diving beetles (Dytiscidae), also produce painful 
venoms. Allomones can be effective by causing immediate 
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pain. Examples are formic acid, sprayed by ants in the 
subfamily Formicinae, carabid beetles, and notodontid 
caterpillars, and quinones, released by tenebrionid and 
carabid beetles. Although bites and kicks might induce pain, 
their overall effectiveness relative to venoms and allomones 
suffers from lesser ability to produce pain and from predator 
familiarity with them and their expected effects. 


Warnings 


Stereotyped warnings are used to threaten and intimidate 
predators. Paper wasps (Polistes spp.) on their nest face large 
adversaries with raised wings, waving front legs, abdomens 
curved toward the predator, and wings flipped, fluttered, or 
buzzed. These threats inform the predator that it is spotted 
and an attack will ensue if the advance continues. Hissing 
cockroaches (Grophadorhina portentosa) threaten by hissing, 
which resembles the defensive hiss of a snake. Many flies and 
harmless bees and wasps buzz loudly when grabbed. These 
aposematic buzzes sound similar to those of painfully stinging 
honey bees and wasps and often serve as effective warnings. 


Surprise and Startle 


Insects that perceive an approaching predator can use the 
elements of surprise and startle to escape. Surprise combined 
with rapid escape flight are often a sufficient defense. If a 
predator is adept at pursuit, the execution of surprise and 
rapid flight, followed by instantaneous concealment upon 
landing, becomes a powerful defense. Startle is the 
combination of the elements of surprise and fright. Examples 
of startle are dull cryptic moths, which, when detected by a 
bird or monkey, flash their hidden hind wings, revealing 
bright colors (Fig. 4) or large frightening eyespots mimicking 
those of an owl or large predator (Fig. 5). Desert clacker 
grasshoppers, Arphia pseudoneitana, are grand masters of 
surprise and startle. When approached by a large animal, 
these inconspicuous desert grassland insects suddenly jump 
into the air, fly away amidst a confusion of bright red wing 
flashes and loud clacking noise, and disappear into distant 


vegetation as suddenly as they appeared. In addition to 
startle, this behavioral display provides the predator with a 
search image for red color, which can cause the predator to 
overlook the dull grasshopper. 


Confusion 


Individuals in schools of fish, flocks of birds, and herds of 
running African ungulates present difficult targets for 
predators. Use of confusion of predators via mass motion is 
little studied in insects but likely is an important defensive 
behavior in some situations. The constant movement and 
hopping of masses of migratory locusts and the seemingly 
erratic circling flights of flies disturbed from a fresh cow patty 
are likely examples of the use of confusion as a defense. 


Aggregations 


When many individuals aggregate in a group, each member 
receives protection through the presence of the others. Not 
only does a group present fewer locations with prey but also 
the individuals within a group gain protection through 
reduction in the chance of being the chosen prey by a 
discovering predator. Aggregation as defense is particularly 
effective if the individuals are toxic or are defended as are 
ladybird beetles (Coccinellidae), monarch butterflies, milk- 
weed bugs (Lygaeidae), or social wasps on a nest. In these 
insects, a potential predator need sample only one or a few 
individuals to learn the unsuitability of the whole. 


Association 


Protection can be achieved by living near or associating with 
a defended or noxious species. The tropical paper wasp, 
Mischocyttarus immarginatus, prefers to make its small nest 
with few individuals near the much larger nest of stinging 
Polybia occidentalis, a common social wasp. The arrangement 
seems to provide protection for the Mischocyttarus from 
vertebrate predators. No potential benefit to the Polybia has 
been demonstrated. Honey bees and some species of ants are 
known to nest in portions of termite mounds. The exact 





FIGURE 4 Underwing moth (Noctuidae) with cryptic leaf-mimicking front 
wings (note that the mimicry even includes “mold” spots) that normally 


cover the bright hind wings, which are exposed to startle predators. (Author 
photograph, Borneo.) 


FIGURE 5 Warning eyespots resembling the eyes of an owl or mammal are 
displayed as a threat by the leaf-mimicking silk moth, Automeris cecrops, 
when disturbed. (Michael F. Wilson photograph, Arizona, U.S.A; used with 


permission.) 


nature of these associations is unclear and the ants generally 
attack termites if given the chance. The benefits to the bees 
and ants are more obvious; they not only share the 
moderated temperature and humidity environments 
produced by the termites, but they also gain protection and 
reduced risk of discovery by being in the termite mound. 


Sociality 


Unlike a solitary individual that must detect and defend 
against predators alone, individuals of social species enjoy 
benefits of group defense. A group of many coordinated 
individuals can more readily detect predators than solitary 
individuals, can then recruit others via alarm pheromones or 
vibrational signals to the common defense, and can launch 
effective attacks en masse. Group attacks are particularly 
effective when individuals possess painful stings or bites and 
when the attackers are nonreproductive workers who can 
sacrifice themselves in battle with little reproductive loss to 
themselves or the colony as a whole. Predators confronted by 
a “cloud” of attackers cannot devote attention to defending 
against each attacker, and reduced predator vigilance enhances 
attacker chances of scoring an effective sting or bite. Sociality 
and defense are strongly synergistic and, when combined, go 
a long way toward explaining the success of social insects. 

Overall, insects as a class have taken defensive behaviors to 
levels unsurpassed in number, complexity, and creative 
diversity within animal life. 
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Dengue 


Thomas W. Scott 
University of California, Davis 


Dz: is a human disease caused by a virus that is 
transmitted from one person to another by the bite of 
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infected mosquitoes. Worldwide, dengue virus infections 
cause more human morbidity and mortality than any other 
arthropod-borne virus. It is estimated that 2.5 to 3.0 billion 
people are at risk of infection each year, and millions have been 
infected during recent epidemics. Dengue occurs throughout 
the tropics, where incidence rates have steadily increased since 
the 1950s. The most severely affected areas are urban centers 
of Southeast Asia, where dengue hemorrhagic fever and 
dengue shock syndrome (DHF/DSS) are among the leading 
causes of pediatric hospitalization. During the past 20 years 
dengue has emerged as a major international public health 
threat; during that time, changes in dengue epidemiology 
were most pronounced in the Americas. Epidemics in Cuba 
and Venezuela during the early 1980s have elevated concern 
that the progression of dengue outbreaks in the Western 
Hemisphere is following a pattern similar to that observed in 
Asia over the past 50 years, putting people in the New World 
tropics at increased risk for severe, life-threatening disease. 


HISTORY 


Dengue viruses are believed to have originated in tropical 
forested habitats, moved from there to rural environments, 
and finally invaded urban centers. The word dengue most 
likely originated from Swahili, and following a series of 
modifications in pronunciation and spelling the word 
evolved to its present form. The earliest recorded epidemics 
of a dengue-like illness were in China during the Chin 
dynasty (265-420 AD). During the 18th and 19th centuries 
sporadic epidemics were reported in Asia and the Americas. 
Following World War II, the pattern changed from one of 
periodic outbreaks to one of continuous transmission of 
multiple virus serotypes in Asian cities. It was from that 
situation that DHF/DSS surfaced in 1954 in the Philippines. 


DISEASE 


Dengue fever (DF), DHE and DSS are caused by four 
closely related but antigenically distinct single-stranded RNA 
viruses (DEN-1, 2, 3, and 4) in the genus Flavivirus, family 
Flaviridae. All four serotypes cause a range of human disease, 
including asymptomatic infections; undifferentiated fever; 
classic DE, an acute febrile illness with headache, body aches, 
and rash; DHF; and DSS. Sequential infections with 
different serotypes are possible because infection with one 
serotype provides lifelong protection from a homologous 
infection, but is only briefly cross-protective against 
heterologous serotypes. Even though most infections, 
especially in children under 15 years of age, are asympto- 
matic, it is estimated that annually there are between 50 and 
100 million DF cases and between 250,000 and 500,000 
DHEF/DSS cases worldwide. If untreated, the case fatality 
rate for DHF/DSS can approach 20%; however, with 
supportive therapy (fluid and electrolyte management and 
oxygen) fewer than 1% of severely ill patients die. 
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The etiology of serious illness is not completely 
understood. Risk of DHF/DSS is highest in places where two 
or more viral serotypes are simultaneously transmitted. 
People with preexisting dengue antibodies, which can be 
obtained actively from a previous infection or passively by 
infants from their mothers, are 100-fold more likely to 
experience severe disease following infection with a 
heterologous virus serotype than are people without 
preexisting anti-dengue antibodies. The mechanism most 
commonly attributed to severe dengue is immune enhance- 
ment. Preexisting nonneutralizing antibodies complex with 
the infecting heterologous serotype virus, which enhances 
phagocytosis (entry) and replication of virus in mononuclear 
cells, which then leads to increased vascular permeability and 
hemorrhaging. An alternative explanation for severe disease is 
that different serotypes or strains of virus vary in virulence. 
Severe disease and death have been reported following 
primary dengue infections. Recent studies in the Americas 
suggest that the two hypotheses are not mutually exclusive. 
Immune enhancement may require secondary infection by 
genotypes of virus from Southeast Asia. 


VIRUS TRANSMISSION 


Although other mosquitoes in the subgenus Szegomyia, 
including Aedes albopictus and Ae. polynesiensis, have been 
implicated as vectors in jungles and rural habitats, and on 
islands in the South Pacific, Ae. aegypti is the most important 
dengue vector. Although there is some evidence of sylvatic 
transmission cycles that include nonhuman primates and 
vertical transmission from an infected female mosquito to 
her progeny, the majority of dengue virus transmission is 
between mosquitoes and human hosts. Horizontal virus 
transmission begins when a mosquito imbibes viremic 
human blood. Virus enters and replicates in midgut 
epithelial cells, disseminates to the hemocoel, and infects 
secondary target tissues, including the salivary glands. 
Following replication in salivary gland acinar cells, virus is 
released into the salivary matrix and can be transmitted the 
next time the infective mosquito probes its mouthparts into 
a human host in an attempt to locate blood. Extrinsic 
incubation in the mosquito requires 10 or more days, 
depending on the ambient temperature. Once infective, Ae. 
degypti can transmit virus each time it probes its mouthparts 
into a host or imbibes a blood meal. Incubation in the 
human host typically ranges from 4 to 7 days, after which the 
person is viremic for ~5 days. Fever subsides in concert with 
the inability to detect virus in the blood. 


MOSQUITO VECTOR 


Ae. aegypti is uniquely adapted to a close association with 
humans and efficient transmission of dengue virus. Immature 
forms develop primarily in man-made containers. Highly 
anthropophilic adult females rest inside houses where they 


feed on human blood. Unlike most other mosquito species, 
which engage in a feeding duality of plant carbohydrates for 
synthesis of nutrient reserves and blood for egg development, 
female Ae. aegypti forego sugar meals and feed almost 
exclusively and frequently on human blood. Relatively low 
concentrations of the amino acid isoleucine in human blood 
are believed to be responsible for the ability of Ae. aegytpi to 
use only blood to meet their energy needs and to complete 
vitellogenesis. Females fed only human blood have higher 
measures of fitness (survival and reproduction), and thus a 
selective advantage, over those fed sugar and blood. Because 
females seldom disperse beyond 100 meters and consequently 
food, mates, and oviposition substrates are readily available 
within the human habitations where they reside, rapid 
synthesis of glycogen from sugar substrates for extended 
flight is not necessary. To meet their energy and reproductive 
needs, females must imbibe more than one blood meal in 
each gontorophic cycle, something that increases contact 
with human hosts and opportunities to contract or transmit 
a viral infection. Because of their unusual propensity to make 
frequent and preferential contact with humans, Ae. aegypti is 
an exceedingly efficient vector of dengue virus even though 
compared to other mosquito species they are not especially 
susceptible to virus infection. Relatively low Ae. aegypti 
population densities have been associated with virus 
transmission. It is expected that entomological thresholds for 
dengue virus are quite low. 


CONTROL 


Dengue control is dependent on control of Ae. aegypti 
because there is no licensed vaccine for dengue, which will 
need to be tetravalent because of the phenomena of immune 
enhancement, and no clinical cure has been found. Despite a 
history of detailed study of Ae. aegypti, vector control programs 
for dengue control are often nonexistent or ineffective. 
Outdoor applications of aerosol insecticides to kill adults have 
in most instances not been effective because the majority of 
females rest indoors where they avoid contact with the 
insecticide. Over any considerable period of time, control of 
immatures using chemicals, biological control, or community- 
based source reduction has been effective only in authoritative 
systems in which negative consequences are associated with 
noncompliance. Disease control based on genetic manipulation 
of mosquito vectors, rendering them incapable of transmitting 
virus, is currently being investigated but this method will 
require extensive evaluation before it can be deployed. Of 
great concern is the observation that explosive dengue 
epidemics occur even when Ae. aegypti population densities 
are low. This apparent paradox illustrates that aspects of Ae. 
aegypti biology other than population density, such as their 
blood-feeding behavior, duration of extrinsic incubation, and 
female survival, play an important role in defining virus 
transmission dynamics. Control of dengue constitutes a 


formidable challenge for public health officials. 
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Dermaptera 
(Earwigs) 


Susan M. Rankin and James O. Palmer 
Allegheny College 


he Dermaptera (earwigs) comprise a small, relatively old, 

hemimetabolous order of insects characterized in their 
external anatomy by paired cerci (forceps) at the posterior end, 
and (in winged forms) short tegmina incompletely covering 
hind wings that are also unique structurally (Fig. 1). 
Behaviorally, earwigs are thigmotactic, nocturnal, and 
subsocial, in a system whereby the female parent broods, 
grooms, and defends eggs and young nymphs (Fig. 2). 
Internal anatomy is typical of orthopteroids, except that the 
corpora allata have undergone fusion to a single median 
structure, and the paired ovaries are primitively polytrophic 
(i.e., each follicle contains an oocyte and a single nurse cell). 

Earwigs are members of the orthopteroid assemblage and 
have a strong sister-group relationship with the Dictyoptera; 
they also may be closely related to the Grylloblattodea. Four 
suborders are generally recognized, and of the three extant 
ones, the Hemimerina and Arixinina are small groups of vivi- 
parous ectoparasites of vertebrates; most species of earwigs 
are oviparous members of the third group, the Forficulina. 
Typically, classification schemes have relied on features of the 
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A 


FIGURE 1 European earwig (Forficula auricularia): (A) adult male and (B) 
his right hind wing. [Reprinted with the permission of Scribner, a Division 
of Simon & Schuster, from “College Entomology” by E. O. Essig 
(Macmillan, New York, 1942).] 


male genitalia. Earwigs are not of medical importance; they 
do not crawl in people’s ears (occasional anecdotal accounts 
notwithstanding), and they do not bite, although some may 
pinch with their forcepslike cerci. Some earwigs may be pests 
of gardens or households; alternatively, some species are 
important biocontrol agents, feeding on agricultural pests, 
such as aphids, armyworms, mites, and scale insects. 


GENERAL CHARACTERISTICS 


In 1773 DeGeer coined the term Dermaptera (but used the 
name for all orthopteroids). Kirby in 1815 introduced the 
name in its current sense, as a small insect order of about 
2000 described species. The oldest known examples of 
dermapterans are Jurassic fossils dating from about 208 mya. 
These elongate, slender, hemimetabolous (incompletely 
metamorphic) insects have chewing mouthparts, three- 
segmented tarsi (in extant groups), (usually) compound eyes, 
and no ocelli. The presence of abdominal cerci makes them 
easy to distinguish from beetles. The cerci are typically 
forcepslike (though they are filiform in at least some parasitic 
forms) and are sexually dimorphic (Fig. 1). The forceps are 
used for a variety of purposes, including prey capture, 





FIGURE 2 Female ringlegged earwig (Euborellia annulipes), brooding over 
her clutch of eggs. 
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defense, fighting, and as aids in copulation and in folding of 
hind wings. Earwigs are diploid (i.e., they have a double set 
of chromosomes); males are heterogametic (i.e., they produce 
gametes with different sex chromosomes, e.g., X and Y). 

Some earwig species are wingless as adults, but most have 
short front wings (tegmina) that do not cover the abdomen. 
The derivation of the name “dermaptera” (derma, skin, ptera, 
wing) refers to the thickened or “skinlike” front wings. The 
hind wings are unlike those of any other group of insects: they 
are semicircular and membranous, with radially arranged 
veins. They fold fanlike beneath the front pair when the insects 
are at rest (Fig. 1). The derivation of the common name 
(earwig) may be a corruption of “earwing,” in reference to the 
hind wing resemblance to a human ear. Alternatively, it could 
be a reference to the ancient Anglo-Saxon legend that these 
insects crawl in ears of sleeping humans. Additionally, the 
forceps of some species look like instruments once used for 
piercing women’s ears for earrings. 

Earwigs typically display parental care of offspring 
(although there are almost no observations of maternal care 
in the viviparous, ectoparasitic forms). Eggs are typically 
deposited in soil (or protected whorls of monocotyledonous 
plants); the females “roost” on the eggs until the young hatch 
and then they care for them (Fig. 2). The period of maternal 
care appears to be a time of nonfeeding of the brooding 
female; physiologically, her levels of both juvenile hormone 
and ecdysteroids (see later) are likely low during the period of 
egg care. 


INTERNAL ANATOMY 


The major elements of the neuroendocrine system are the 
brain, the subesophageal ganglion, three thoracic ganglia, 
and six abdominal ganglia (with thick, paired connectives 
between the ventral ganglia). Paired neurohemal corpora 
cardiaca are connected to the brain and frontal ganglion by 
strong nervous connections; the closely associated single 
median corpus allatum produces and releases juvenile 
hormone III and is in close proximity to the neurohemal 
dorsal aorta. The digestive system contains the typical regions 
of fore-, mid-, and hindgut (though gastic caecae are lacking); 
the midgut—hindgut junction is characterized by the presence 
of numerous long, slender (excretory) Malpighian tubules. 
The female reproductive system consists of paired ovaries, 
lateral oviducts, a median oviduct, spermatheca (for sperm 
storage), and genital chamber. Earwigs are unusual in that the 
female genital opening (gonopore) is just behind the seventh 
abdominal segment. The ovaries are primitively polytrophic; in 
some species the long ovarioles branch off the lateral oviduct, 
while in others, short ovarioles appear in series around the 
oviduct. The viviparous species are pseudoplacental, with egg 
maturation and embryonic development taking place in the 
greatly enlarged vitellarium. The male reproductive system is 
complex, with paired testes, paired vasa deferentia, paired or 
single vesicula seminalis (for sperm storage), and a paired or 


single common ejaculatory duct ending in the sclerotized 
virga (penislike structure). Anatomy of the male reproductive 
system has been used extensively in classification schemes of 
earwigs, as discussed shortly. 


RELATIONSHIPS TO OTHER INSECTS 


Earwigs are members of the informal orthopteroid assemblage 
and share a sister-group relationship with the dictyopterans 
(cockroaches). The Grylloblattodea (rock crawlers) may be 
linked to the Dictyoptera/Dermaptera. Alternatively, earwigs 
may be closer to the Grylloblattodea than to any other 
orthopteroid order. 


PHYLOGENY AND DISTRIBUTION 
OF DERMAPTERA 


Early in the 20th century, Burr established suborders of the 
Dermaptera recognized by most contemporary systematists. 
The four suborders (three of them recent) are as follows: 


1. Archidermaptera, represented by 10 fossil specimens 
from the Jurassic; they are characterized by unsegmented 
cerci and tarsi having four or five segments. 

2. Forficulina, the suborder containing most earwigs (i.e., 
1800 described species, in 180 genera); cerci are unsegmented 
(except in a few primitive larvae) and forcepslike. 

3. Hemimerina, composed of 10 species in one genus; 
they have filiform (segmented) cerci, and are wingless, blind, 
viviparous (pseudoplacental) ectoparasites of African rats. 

4, Arixenina, composed of five species in two genera; like 
the Hemimerina, they are viviparous (pseudoplacental), 
wingless, blind, and ectoparasitic of vertebrates. The Arixenina 
live on bats in Malayan—Philippine region; Popham considered 
this group to be a sister group of the Labiidae. 


Popham based his phylogeny of families on the structure of 
the male genitalia (Fig. 3). The Hemimerina consists only of 











Arixenidae Labiidae 
Chelisochidae Forticutidae 
Carcinophoridac 
Labiduridae 
Diplatyidae 


Fygidicranidae 


FIGURE 3 Phylogeny of the families of the Dermaptera. [Amended figure 
reprinted with the permission of Cambridge University Press from Popham, 
E. (1965). The functional morphology of reproductive organs of the 
common earwig (Forficula auricularia) and other Dermaptera with reference 
to the natural classification of the order. /. Zool. 146, 1—-43.] 
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Fig. 14. A general structure of TRB. 


Temporal Reference Beamforming 
(TRB) 


Temporal Reference Beamforming 
shown in Fig. 14, is a method used to 
create the radiation patter of the antenna 
array by adding constructively the phases 
of the signals in the DoA of the desired 
user, and nulling the pattern of the 
interfering users based on the temporal 
reference signal [39]. Based on the 
temporal reference signal and 
predefined adaptive weight calculation 
criterion, some adaptive algorithms such 
as LMS (Least Mean Square), RLS 
(Recursive Least Squares), and DSMI 
(Direct Sample Matrix Inverse) algorithms, 
are used to adjust the weight vector of the 
antenna array to improve the link quality. 
The general characteristics of TRB are as 


some 


follows: 


* Good performance in multipath 
channel environment 

* Computationally inexpensive 

Requiring Training sequence 

* Difficult to apply TxBF because of 
the absence of DoA information 


Criterion of 
Calculation 


Adaptive Weight 


In the minimum mean-square error 
(MMSE) criterion, the weights are chosen 
to minimize the mean-square error (MSE) 
between the beamformer output and the 
temporal reference signal. While in the 
maximum  signal-to-interference ratio 
(MSIR) criterion, the weights are chosen 
to directly maximize the  signal-to- 
interference ratio (SIR). And _ The 
minimum variance (MV) criterion chooses 
the weights that minimize the variance of 
the output power. All the above three 


criterions has the same form of 


Woy = BR-'v (8) 


where R;'is the inverse of the covariance 


matrix of the interference signals received 
in the antenna array and V is the antenna 
array propagation vector [40]. 

Let us that d(t) is the 
transmitted temporal reference signal and 
R, is the covariance matrix of interference 
signals at the output of the beamformer. 
The calculation of 6 for MMSE, MSIR 


assume 


the family Hemimerinidae. The Pygidicranidae are frequently 
regarded as the most primitive family of earwigs, in as much 
as the males have two functional penis lobes. The Carcino- 
phoridae also show less specialized, ancestral traits (and are 
typically treated as wingless, though some are fully winged). 
The Arixinidae and Labiidae are treated as sister groups 
(though this is not generally accepted). The Chelisochidae 
and Forficulidae are the most specialized families (i.e., 
display the most derived traits). The Forficulidae are 
considered to be “higher earwigs” (more recently derived) 
because the males have a single functional penis lobe. This 
family is the best-represented family in North America. 

The current geographical distribution of most families of 
earwigs was largely determined by continental drift, with two 
main centers of radiation before the Triassic opening of the 
Pacific ocean being the equatorial region of the eastern 
Pacific (Pygidicranidae, Carcinophoridae, Arixinidae, and 
Labiidae) and the Afro-Indian circumtropical center 
(Labiduridae, Chelosochidae, and Forficulidae). 

The distribution has also been largely affected by climatic 
conditions: earwigs were “discouraged” from spreading north- 
ward from the tropics by mountain ranges of southern Europe 
and Asia; only more specialized members have become estab- 
lished in the Palearctic region (and none have been reported 
in the polar regions). Although most earwigs have wings, they 
seldom fly. The cosmopolitan distribution of some species can 
be attributed to their habit of hiding in crevices, especially in 
timber or other material that is transported by commerce. 


NATURAL HISTORIES AND 
BIOTIC ASSOCIATIONS 


Development 


In oviparous species such as European earwig, Forficula 
auricularia, and ringlegged earwig, Euborellia annulipes, 
clutches of ovoid, creamy white eggs are laid in protected 
burrows; eggs can be up to 2 mm in length in larger species. 
Nymphs generally resemble adults but can be distiguished 
from them by lighter color, shorter antennae, a male-type 
10-segmented abdomen (rather than the 8-segmented 
abdomen of the adult female), and typically female-type for- 
ceps. Sexes are not easily distinguished externally in nymphs. 


Habits 


Most earwigs are thigmotactic and nocturnal, inhabiting 
crevices of various types, bark, fallen logs, and debris. 
Cavernicolous (cave-dwelling) blind species have been 
reported in the Hawaiian islands and in South Africa. Food 
typically consists of a wide array of living and dead plant and 
animal matter. Some earwigs have scent glands opening onto 
the dorsal side of the third and fourth abdominal segments, 
and from these they can squirt a foul-smelling yellowish- 
brown fluid some 10 or so cm, presumably for protection. 
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Reproductive Strategies 


Among the Forficulina, reproductive strategies range from 
oviparous iteroparity (many clutches, the likely ancestral 
condition) to semelparity (one clutch, a trait derived in 
colder climates). In contrast, the Hemimeridae are viviparous 
ectoparasites, residing in the fur of central African rats of the 
genera Cricetomys and Beamys and dining on the skin and 
body secretions of the host, while the viviparous Arixenina 
are ectoparasites of bats. 


Natural Enemies 


Some beetles, toads, snakes, birds, and bats have been reported 
as predators of earwigs. F auricularia can be parasitized by 
gregarines (sporozoans, which may be harmless) in the gut, as 
well as nematodes, cestodes, mites, and tachinid flies (a 
potential biocontrol agent). A fungal parasite has also been 
associated with several earwig species. 


MEDICAL AND ECONOMIC IMPORTANCE 


Earwigs are harmless to humans: they carry no known 
pathogens of humans, and their mouthparts are incapable of 
biting humans (although some species can pinch). 

Some genera (e.g., Forficula, Labidura, Euborellia) are 
repeatedly reported as a pest of homes, gardens, and 
orchards. Their thigmotactic nature, coupled with (known 
and. suspected) aggregation pheromones, can lead to high 
densities of earwigs in and around homes. In gardens, 
earwigs may attack seedlings and soft fruit. Management in 
backyard gardens can be accomplished by persistent trapping 
in bamboo tubes, rolled-up newspaper, or low-sided cans filled 
with vegetable oil. Removing refuge sites, such as ivy and piles 
of leaves, is also helpful. 

Some species are also of importance to commercial 
agriculture, being pests of ginger, maize, and of honey bee 
colonies. However, earwigs are also regarded as valuable 
biocontrol agents for crop pests, consuming armyworms, 
aphids (of various types), mites, scale insects, sugarcane 
rootstock borers, and tropical corn borers. Several dermapteran 
species are found in commercial egg houses and have potential 
as biocontrol agents for fly eggs and larvae. 


See Also the Following Articles 
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he majority of insects undergo embryonic development 

within an egg and then advance through a series of 
immature larval stages culminating in metamorphosis to the 
adult, reproductive form. It has been suggested by Lynn 
Riddiford and James Truman that the stunning evolutionary 
success of insects is attributable to complete metamorphosis, 
whereby the immature larva, essentially a gut covered with 
cuticle, is exquisitely adapted for resource exploitation, rapid 
growth, and avoidance of competition with its conspecific 
adult, reproductive stage. Metamorphosis is a magnificent 
transformation of one body form into a completely different 
one under the control of hormones. Upon reaching the 
requisite body size, precisely timed hormonal signals are 
released, committing the animal to a postembryonic rebirth. 
Carroll Williams summarized this basic developmental 
process with the following anecdote: 


The earth-bound stages built enormous digestive tracts and 
hauled them around on caterpillar treads. Later in the life-history 
these assets could be liquidated and reinvested in the construction 
of an entirely new organism—a flying machine devoted to sex. 


Conversion of the energy accumulated by the larval form 
into the adult during metamorphosis is a fascinating process of 
organismal remodeling. It is accomplished via programmed 
cell death of larval-specific cells, reprogramming of others, and 
postembryonic birth of new cells from imaginal disc tissues 
upon receipt of precisely timed and coordinated hormonal 
signals. 


INSECT BODY PLANS AND 
DEVELOPMENTAL PROGRAMS 


Three distinct patterns of growth are observed in insects, 
distinguished by body form and type of metamorphosis: 
ametabolous, hemimetabolous, and holometabolous. Insect 
orders exhibiting ametabolous development belong to the 
Apterygota, or wingless insects. Included in this group are 
the primitive orders Protura, Collembola, and Diplura, 
whose earliest stages are miniature adults in form, except for 


the absence of external genitalia. They grow continuously 
and lack metamorphosis. Attainment of reproductive 
competence occurs at an indefinite time in development, and 
they continue to molt even as adults. Little is known about 
the hormonal control of development in the Ametabola. 

The majority of insects are winged and have either partial 
or complete metamorphosis. The Hemimetabola, such as 
grasshoppers and crickets, emerge from the egg formed as 
small, immature versions of the adult and are called nymphs. 
They lack wings and functional reproductive organs. After a 
series of molts, the number usually constant from one 
generation to another, nymphs pass directly to the winged, 
reproductive adult stage in a single step. This mode of devel- 
opment is referred to as incomplete metamorphosis. The 
more advanced insect orders, including moths, beetles, flies, 
and wasps, develop as vermiform (wormlike) larvae during 
the immature stages. The complete metamorphosis of these 
groups is a two-step process in which a sessile, nonfeeding 
pupal stage is intermediate between larva and adult. The 
pupal stage allows for a complete change in body form from 
larva to winged, hexapod adult. This total transformation of 
body form during complete metamorphosis requires a high 
degree of postembryonic cellular programming under the 
control of hormones. Three types of cellular processes are 
dictated, mostly by hormonal signaling involving ecdysteroids 
and juvenile hormones. First, many larval-specific structures 
such as body wall muscles and neurons must be eliminated 
through a programmed cell death known as apoptosis. Second, 
some cells persist to the adult stage, but are extensively 
remodeled to serve adult functions. Finally, new cells derived 
from imaginal discs are born. 

The diversity of insect groups places limits on 
generalizations about hormonal control of development. The 
effects of hormones in one group may not be the same for 
other groups, because of different patterns of growth and 
cellular specification. In the Lepidoptera, for example, larval 
epidermal cells change their cuticle secretory program at 
metamorphosis and switch to production of pupal and 
subsequently adult cuticle. Exogenous juvenile hormone 
(JH) application at this time maintains the larval secretory 
program, resulting in supernumerary (extra) instars. 
Similarly, properly timed application of JH in the early pupal 
stage of moths causes a second pupal stage. However, the 
fruit fly Drosophila and other higher flies are largely resistant 
to such effects of JH. This may relate to differences in the 
developmental program of fly epidermal cells. The entire 
epidermis in the head and thorax is programmed for 
secretion of larval cuticle only and dies at metamorphosis. It 
is replaced by imaginal disc tissue, which remains 
undifferentiated throughout larval life in the presence of JH. 
Abdominal epidermal cells also die after pupation and are 
replaced by abdominal histoblasts. Thus the development 
program of epidermis in higher flies is entirely distinct from 
the Lepidoptera, and its lack of response to JH in the early 
stages may be a consequence of this very different design. 


These differences in responses to hormones complicate 
interpretation of many findings, especially because it has 
become fashionable to test overall hypotheses using the 
moth, Manduca, for physiology and endocrinology 
experiments, and Drosophila for genetic manipulations. 
Generalizing about common mechanisms for these two 
evolutionarily distant groups should be done cautiously. 


INSECT DEVELOPMENTAL HORMONES 
Ecdysteroids 


Ecdysteroids are relatively polar steroid hormones released by 
the prothoracic glands in immature stages and the gonads in 
adults. They are the chief regulators of gene expression in 
insect development and reproduction. The first structure to be 
elucidated was 0-ecdysone (QE), the immediate precursor to 
20-hydroxyecdysone (20HE), accepted as the main protago- 
nist in ecdysteroid actions. While 20HE indeed is associated 
with the majority of ecdysteroid actions, there is evidence to 
support OE as a signaling molecule in certain instances. Other 
suspected ecdysteroids are 20,26HE and makisterones. 


Juvenile Hormones 


JHs, sesquiterpenoid derivatives from the sterol synthesis 
pathway, are released by the corpora allata. Six types are 
known in insects, with JH HI being the predominant form. 
The chief action of JHs is to modulate ecdysteroid-mediated 
gene expression. No receptors for JH have been clearly 
identified, but it seems likely that the hormone interacts with 
intracellular receptors or proteins that modulate ecdysteroid 
signaling. The signature of JH action is to promote 
expression of the immature phenotype. 


Prothoracicotropic Hormone 


Prothoracicotropic hormone (PTTH) is a large peptide 
hormone released by brain neurosecretory cells from 
terminals in the corpora cardiaca or corpora allata. PITH 
stimulates the prothoracic gland to synthesize and release WE 
or, in some instances, 3-dehydroecdysone, which are both 
then converted to 20HE in the hemolymph or by target 
tissues. PTTH is a homodimer consisting of two 12-kDa 
subunits joined by a disulfide bond. Release of PTTH is 
regulated by sensory inputs to the brain, which convey 
information about body size and nutritional state. 


Bursicon 


Bursicon is a 30- to 40-kDa peptide that accelerates scleroti- 
zation of cuticle. It is released from neurosecretory cells in the 
brain and ventral nerve cord after each ecdysis. Since insects 
are particularly vulnerable to predation during and after 
ecdysis, rapid hardening of the cuticle maximizes survival. 
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Eclosion Hormone 


Eclosion hormone (EH) is a 62-amino-acid peptide hormone 
that mediates circadian-mediated eclosion to the adult stage 
and each larval ecdysis. Eclosion hormone is released into the 
blood from ventral median neurosecretory cells of the brain, 
causing release of ecdysis-triggering hormone (ETH) from 
Inka cells of the epitracheal endocrine system. It is also impli- 
cated in the elevation of cyclic GMP in a subset of neurons 
in the central nervous system that initiate ecdysis behavior. 


Ecdysis-Triggering Hormones 


ETHs are peptide hormones synthesized and released from 
Inka cells at the end of the molt. ETHs act directly on the 
central nervous system (CNS) to cause a behavioral sequence 
that leads to shedding of the cuticle. ETH release is caused 
by eclosion hormone, and the action of ETH on the CNS 
leads to release of eclosion hormone from VM neurons. It has 
been proposed that ETH and EH engage in a positive- 
feedback signaling pathway that results in depletion of ETH 
from Inka cells, which is necessary for the transition from 
preecdysis to ecdysis behaviors. 


MODES OF HORMONE ACTION 


Hormones are chemical messengers that travel throughout 
the body to effect responses in specific tissues. Targeted cells 
have receptors that, upon binding the hormone, transduce 
the signal into a cellular response. Insect hormones regulate 
development by activation of either intracellular receptors or 
receptors at the cell membrane. 


Ecdysteroids and Juvenile Hormones Activate 
Intracellular Receptors 


Ecdysteroids and juvenile hormones are relatively lipophilic 
signaling molecules able to easily traverse the cell membrane. 
Upon entry, they bind to intracellular proteins called nuclear 
receptors or nuclear transcription factors, which reside either 
in the cytoplasm or in the nucleus. Regardless of their initial 
location, hormone binding triggers passage to the nucleus, 
where the receptor forms a complex with other proteins and 
then binds directly to DNA, inducing or repressing gene 
expression. 

Several factors govern diverse, stage-specific responses of 
target cells to ecdysteroids. First, ecdysteroid receptors occur as 
multiple subtypes, including EcR-A, EcR-B1, and EcR-B2. 
The response to ecdysteroids is governed by the subtype 
expressed by target cells, as well as which subtype of USP 
(USP-1 or USP-2), the EcR partner, is expressed. The transient 
availability of receptors in target cells leads to sensitive 
periods at specific stages of development. For example, both 
EcR-A and EcR-B1 are present throughout larval life, but the 
ratio of the two favors EcR-B1. In contrast, levels of EcR-A 
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increase during metamorphosis. Second, the affinity of EcR 
subtypes can vary, as can the kinetics of a given response to an 
ecdysteroid peak. These patterns of receptor and dimer partner 
expression appear to mediate different cellular responses to 
ecdysteroids at different developmental times. 


Peptide Hormones Activate Cell-Surface Receptors 


Most peptide hormones bind to a class of integral membrane 
proteins on the plasma membrane of the target cell. The 
majority of these are G-protein-coupled receptors that trigger 
intracellular second messenger cascades. 


EMBRYOGENESIS 


Distinct patterns of embryonic development are observed in 
hemimetabolous and holometabolous insects. In both types, 
the embryo produces multiple cuticular layers, and the 
appearance of these coincides with pulses of ecdysteroids. 
Juvenile hormone levels are generally low during early 
embryogenesis, but climb later to program nymphal or larval 
cuticle formation upon appearance of an ecdysteroid peak. 
In the hemimetabolous grasshopper Locusta, four peaks of 
ecdysteroids are observed, corresponding to production of 
serosal cuticle and three embryonic cuticle layers (Fig. 1A). 
JH levels are elevated immediately after oviposition, because 
of maternal contribution to the yolk, but rapidly decrease to 
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FIGURE 1 Hormone levels during embryonic molts in a hemimetabolous 
insect, the grasshopper Locusta migratoria (A), and in a holometabolous 
insect, the moth, Manduca sexta (B). During Locusta embryogenesis, four 
peaks of ecdysteroid are observed, each corresponding to secretion of a layer 
of cuticle. The first peak of predominantly @E at 20% development initiates 
secretion of the serosal cuticle (not shown). A second peak prior to protho- 
racic gland differentiation (PG) causes secretion of the first embryonic 
cuticle (E1). Just after blastokinesis (Bla), a third ecdysteroid peak leads to 
secretion of the pronymph cuticle. Shading of the pronymph time line at the 
top of the plot indicates the pharate stage, which ends with ecdysis of the El 
cuticle (vertical dotted line). The fourth ecdysteroid peak, occurring for the 
first time in the presence of JH, contains approximately equal amounts of 
QE, 20HE, and 20,26HE. This causes secretion of the first-stage nymphal 
cuticle. At hatching the nymph sheds the pronymph cuticle upon escaping 
from the substrate. Secretion of the first embryonic cuticle in Manduca 
occurs in the absence of an ecdysteroid peak. The first larval cuticle is 
secreted in response to elevated ecdysteroids in the presence of JH just after 
dorsal closure (DC). Note that JH levels in Manduca rise earlier in 
development than in Locusta and that ecdysteroid signaling always occurs in 


the presence of JH. (Adapted from Truman and Riddiford, 1999, 2002.) 


low levels. At ~20% of embryonic development and before 
prothoracic glands are developed, the first ecdysteroid peak 
consisting exclusively of QE occurs in the presence of 
relatively low JH levels. This first peak comes from the release 
of maternal ecdysteroids stored as polar conjugates, and 
shortly thereafter the serosal cuticle is secreted. A second aE 
peak occurs at ~30% development, leading to formation of 
the first embryonic cuticle. A third ecdysteroid peak occurs 
just after differentiation of the prothoracic glands, and this 
coincides with the first appearance of 20HE and 20,26HE. 
Nevertheless, levels of ME together with 20,26HE predomi- 
nate at this time, leading to the secretion of the second 
embryonic cuticle, which Truman and Riddiford refer to as 
pronymphal cuticle. It is the first layer of cuticle tough 
enough to require shedding via ecdysis behavior. The 
coincidence of the early, GE peaks with cuticle secretion 
suggests that &E is not only a 20HE precursor, but also a 
biologically active hormone at certain times of development. 
At 70% development, the first embryonic cuticle is shed and 
followed quickly by a large peak of ecdysteroids. This is the 
first exposure of the embryo to substantial 20HE levels in the 
presence of JH, leading to synthesis of the first instar 
nymphal cuticle. This peak of ecdysteroids contains large 
amounts of GE, 20HE, and 20,26HE. 

At hatching, the grasshopper emerges from the egg under 
the ground, still surrounded by the pronymphal cuticle. 
Despite its hexapod body plan, the animal exhibits a classic 
vermiform (wormlike) locomotory pattern as it escapes the 
egg pod and maneuvers through the substrate to the surface. 
In a matter of seconds to minutes, the pronymphal cuticle is 
shed, and the animal stretches its legs and switches abruptly 
to hexapod behavior. Truman and Riddiford have called 
attention to many similarities between the hemimetabolous 
pronymph and the holometabolous larva, suggesting that the 
latter has resulted from a hormonal shift in embryogenesis, 
resulting in an extended postembryonic phase of pronymph 
development. The ancestral pronymph undergoes an 
extended, multistage developmental sequence as a larva in 
the Holometabola. 

The importance of a JH-free period during early embryo- 
genesis of hemimetabolous insects (grasshopper—Schistocerca, 
cricket—Acheta) has been demonstrated by treatment of eggs 
with JH analogs. This results in inhibition of blastokinesis, 
reduction in the number of embryonic cuticle layers produced, 
premature appearance of nymphal cuticle and mouthparts, 
and reduced body size. 

Embryogenesis in holometabolous Lepidoptera is 
somewhat simpler, with the secretion of only three cuticles, 
one serosal and two embryonic cuticles. Levels of both 
ecdysteroids and JH are undetectable early in embryogenesis, 
but rise earlier compared with the Hemimetabola, or at 
about 30% development (Fig. 1B), preceding the ecdysteroid 
peak. Therefore, unlike hemimetabolous embryogenesis, the 
first exposure to ecdysteroids occurs in the presence of JH, 
leading to production of the first larval cuticle. An 
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FIGURE 2 Hormonal regulation of development in postembryonic stages of 
the cockroach Nauphoeta cinerea, representing hemimetabolous development. 
During the immature stages of Nauphoeta, JH levels are elevated each time 
ecdysteroid levels rise to initiate a molt, resulting in secretion of nymphal 
cuticle. Following ecdysis to the last instar nymph, JH levels drop 
precipitously. Adult commitment is signaled by a biphasic ecdysteroid peak 
in the absence of JH. Incomplete metamorphosis occurs during the period 
between ecdysteroid elevation and ecdysis to the adult stage. (Adapted from 
Lanzrein et al., 1985.) 


embryonic ecdysis occurs at 70% development, and first 
instar larval hatching does not involve cuticle shedding. The 
importance of a JH-free period observed for hemimetabolous 
insects is not the case for embryogenesis in the Holo- 
metabola. Embryos are largely insensitive to exogenous JH 
treatment, suggesting perhaps the absence of receptors for 
these hormones until later in embryogenesis. 


LARVAL DEVELOPMENT 
The Intermolt 


Because the exoskeleton places limits on growth, insect 
development occurs in stages, each ending with molting and 
cuticle shedding, or ecdysis. During the intermolt, which 
follows ecdysis, JH levels are maintained around 1 to 10 
ng/ml in the blood (Fig. 2). It is presumed that these JH 
levels promote a high metabolic rate, active feeding behavior, 
synthesis of larval cuticle proteins, and continuous 
proliferation (but not differentiation) of imaginal discs. 
Growth during the immature stages is possible because the 
immature integument is predominantly unsclerotized 
procuticle, which is quite flexible compared with hard, 
sclerotized adult cuticle. Several mechanisms allow for larval 
cuticle expansion. The epidermal cells add new protein to the 
cuticle throughout the intermolt, increasing the surface area 
by intussusception. In addition, new cuticle in Manduca is 
deposited in vertical columns that are gradually reoriented 
during the feeding stage to allow for expansion. The increase 
in size during the larval stage can be quite impressive, as in 
fifth-instar Manduca, which increases its body weight from 
~1 gon the first day of development to 15 g by the end of 
the instar, and its cuticular surface area by approximately 
fivefold just prior to pupation. Blood-feeding insects such as 
Rhodnius are known to release serotonin after a blood meal, 
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which acts as a plasticizing agent, facilitating the enormous 
expansion of the body wall after a blood meal. 


The Molt 


At some point during each immature stage, growth results in 
a decision by the brain to initiate the molt. In Rhodnius, the 
simplest case known, stretch-receptor input from the 
abdomen to the brain causes release of PITH, which induces 
synthesis and secretion of ecdysteroids from the prothoracic 
glands. In most insects, the decision to release PITH is more 
complicated and less well understood, but it has to do with 
body weight, nutritional state, and time spent at that stage. 
The immediate effects of ecdysteroid elevation include 
cessation of feeding and apolysis, the detachment of the old 
cuticle from underlying epidermal cells. Apolysis of larvae 
results in head capsule slip, which occurs because the new 
head capsule is larger than the old one. This is the most 
visible sign that the molt has been initiated. If elevation of 
ecdysteroids occurs in the presence of JH, epidermal cells 
maintain the secretory program for immature phenotype, 
and larval cuticle is secreted (Fig. 2). Through the action of 
molting fluid, most components of the old cuticle are broken 
down and recycled into the new layer. 

During the period of new cuticle synthesis, ecdysteroids 
also orchestrate gene expression crucial to the synthesis and 
action of peptide hormones that control ecdysis behaviors. 
Ecdysis is a complex process in which the old cuticle is shed 
not only from the surface of the animal, but also from the 
lining of the foregut, the hindgut, and the inner walls of the 
tracheal system. Success in this process depends on 
completion of new cuticular synthesis, attachment of the 
musculature to this new cuticle, and digestion of the old 
cuticle. In addition, the animal prepares for a sequence of 
Houdini-like escape behaviors necessary to shed the old 
cuticle. These consist of preecdysis and ecdysis behaviors. 
The ability to perform these behaviors depends on 
orchestration of a peptide signaling cascade involving the 
central nervous system and the epitracheal endocrine system. 

For the ecdysis signaling cascade to be functional at the 
appropriate time, ecdysteroids orchestrate gene expression in 
four ways. Genes are activated in epitracheal glands to increase 
production of ecdysis triggering hormones (ETHs). Release 
of ETHs initiates ecdysis behaviors through direct action on 
the CNS. Although the CNS is not sensitive to ETHs during 
the feeding stage, acquisition of sensitivity occurs upon 
elevation of ecdysteroids, specifically around the time of 
apolysis. Third, the nervous system becomes competent to 
release EH, a peptide hormone that targets Inka cells to cause 
release of ETH. Finally, elevated ecdysteroids exert a negative 
influence on the secretory competence of Inka cells. As long 
as ecdysteroids remain high, Inka cells are unable to secrete 
ETHs in response to EH exposure. This latter effect of 
ecdysteroids, to block release of ETHs from Inka cells, 
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FIGURE 3 Hormonal regulation of development in postembryonic stages of the moth, M. sexta, exemplifying the Holometabola. Elevated JH levels occur 
throughout larval development in Manduca, in which metamorphosis is encoded by two ecdysteroid peaks. During the fifth instar, JH levels drop and an 


ecdysteroid pupal commitment peak (PC) signals a change in the way epidermal cells respond to the secretory program from larval to pupal phenotype. This 
peak also triggers cessation of feeding and wandering behavior. The next time epidermal cells are exposed to ecdysteroid and JH on day 6 leads to secretion of 


pupal cuticle. During the pupal stage, ®E and 20HE rise in the complete absence of JH, signaling adult commitment. Sensitive periods of epidermal cell 


commitment are shown as L/P (larval vs pupal specification) and P/A (pupal vs adult specification of imaginal disc tissue). Fluctuating levels of ecdysteroid 
receptor subtypes (EcR- B1, EcR-A) and USP subtypes (USP-1, USP-2) are shown below. (Adapted from Riddiford and Truman, 2001, and Baker et a/., 1987.) 


appears designed to ensure that ecdysis does not occur 
prematurely. The mechanism of block involves a crucial step 
in the EH-induced secretory mechanism of Inka cells. 
Declining ecdysteroid levels at the end of the molt provide 
the necessary signal permitting expression of one or more 
genes needed for secretory competence. 

It is believed that initiation of ecdysis behaviors occurs as 
a result of an ongoing conversation between EH neurons and 
Inka cells. When Inka cells become sensitive to EH, ETH 
release initiates preecdysis behavior, which is thought to loosen 
the remaining connections between the new and the old 
cuticle. The transition from preecdysis to ecdysis occurs upon 
depletion of ETH from Inka cells. It is thought that the action 
of ETH activates a downstream cascade of peptide signaling 
within the CNS to regulate each unit of the behavioral 
sequence. Included in this cascade is a neuropeptide called 
crustacean cardioactive peptide (CCAP), named for its initial 
discovery and biological activity. In the context of insect 
ecdysis, CCAP appears to be an immediate chemical signal 
within the CNS for activation of peristaltic ecdysis behavior. 
Upon escaping the old cuticle, the animal is surrounded by a 
new soft cuticle and is therefore extremely vulnerable to injury. 
Release of the neuropeptide bursicon from neurosecretory 
cells of the CNS accelerates sclerotization of the cuticle. 

In summary, ETH, EH, CCAP, and bursicon regulate 
ecdysis at all stages. This includes embryonic ecdysis in 
Manduca, and adult eclosion. 


METAMORPHOSIS 


The transition from immature to adult is signaled by the 
elevation of ecdysteroid levels in the absence of JH. This is a 
one-step process in hemimetabolous insects. During the last 


nymphal instar of the cockroach Nauphoeta, JH levels fall 
from 5 to 10 ng/ml to less than 1 ng/ml prior to the next 
ecdysteroid peak (Fig. 2). Appearance of ecdysteroids at this 
low JH level signals a commitment to an adult gene 
expression pattern. Some examples of cellular responses to 
this adult commitment peak include mitosis in wingpad 
tissue, development of flight muscles, competence of gonadal 
accessory glands to differentiate, formation of external 
genitalia, and reorganization of the nervous system to 
accommodate these new adult structures. Also included are 
more subtle alterations, such as the relative proportions of 
body parts and addition of secondary sexual characteristics 
such as acoustic organs for communication. 

In the Holometabola, complete metamorphosis requires 
an intervening pupal stage for remodeling of the larva into an 
adult. During the last larval instar of Manduca, ecdysteroids 
rise on two occasions, first in the absence of JH and later in 
its presence (Fig. 3). The first ecdysteroid pulse is a small one 
during days 3 to 4, referred to as the pupal commitment 
peak. This is the first time in the life history of the animal 
that a peak of 20HE occurs in the absence of JH. This 
triggers cessation of feeding and a wandering behavior aimed 
at locating a suitable site for pupation. The pupal 
commitment peak prepares the genome for its response to 
the next ecdysteroid peak. Although the second pulse of 
ecdysteroids occurs in the presence of JH, the commitment 
peak has changed the response of epidermal cells from a 
larval to a pupal secretory program. Similarly, imaginal discs 
respond to this peak by differentiating into adult tissues, 
something not observed in the previous larval stages. 

In the Lepidoptera, the new hormonal milieu that triggers 
metamorphosis produces striking changes in the CNS and 
musculature. These tissues must be drastically altered during 


construction of the adult body form. Simultaneously, un- 
differentiated cells in imaginal discs proliferate and differentiate. 
For these tissues, the pupal commitment peak sets the stage 
for three types of cellular responses to the subsequent 
ecdysteroid peak: programmed cell death (apoptosis), cellular 
remodeling, or differentiation of imaginal discs. For example, 
some motoneurons that innervate larval-specific structures 
such as prolegs die shortly after pupal ecdysis. Others persist 
because of their involvement in the motor patterns involved 
in adult eclosion and die soon thereafter. Most larval neurons 
survive, but are remodeled to play roles in adult behavior. 

The precise mechanisms governing cellular responses to 
the pupal commitment peak remain obscure, but the identi- 
fication of EcR and USP subtypes has allowed monitoring of 
their expression during metamorphosis, for example, the 
response of epidermal cells of Manduca to the ecdysteroid 
peak during days 2 to 3 of the fourth instar by up-regulation 
EcR-B1, no change in EcR-A, and down-regulation of USP-1 
(Fig. 3). However, during the fifth instar, the pupal commit- 
ment peak is correlated with sharply increased EcR-B1 and 
EcR-A expression, an altered USP-1 response. These altered 
patterns of expression apparently encode a change in down- 
stream gene expression, leading to a pupal phenotype as well 
as imaginal disc differentiation during this stage. 

During the pupal stage, ecdysteroid levels rise in the 
complete absence of JH (Fig. 3). This signals commitment to 
the adult phenotype and accelerated development of 
imaginal discs. It is remarkable that ®E begins to rise on day 
1 of the pupal stage, well before elevation of 20HE, and this 
is correlated with increases in both EcR-B1 and EcR-A 
expression. This suggests that ®E may have a hormonal role 
itself in programming the adult stage. Elevation of 20HE 
occurs in two phases, one beginning on day 3 and a second, 
steeper rise on day 7. The slow gradual rise coincides with the 
adult commitment phase, whereas the steeper rise beginning 
on day 7 is associated with differentiation of new tissues. 
This latter phase coincides with a rapid rise of ECR-B1 and 
USP-1 expression. 

The hormonal signaling mechanisms governing metamor- 
phosis are complex and include a diversity of hormones, 
receptors, and varying temporal patterns of hormone release 
and receptor expression. Ecdysteroid signaling in the presence 
or absence of JH can set the stage for changes in the 
programming of target tissues, such as epidermal cells that 
secrete cuticle. Depending on the responses of ECR and USP 
subtypes, qualitatively different cellular programs are initiated. 
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Diapause 


David L. Denlinger 
Ohio State University 


iapause is a form of developmental arrest in insects that is 

much like hibernation in higher animals. It enables insects 
and related arthropods to circumvent adverse seasons. Winter 
is most commonly avoided in temperate zones, but diapause 
is also used to avoid hot, dry summers and periods of food 
shortage in the tropics. Unlike quiescence, which represents 
a halt in development elicited immediately at any stage by an 
adverse condition, diapause is a developmental response that 
is expressed only during a specific developmental stage, which 
depends on the species of insect. For example, the commercial 
silkworm (Bombyx mori) always diapauses as an early embryo, 
the European corn borer (Ostrinia nubilalis) as a fifth instar, 
the cecropia moth (Hyalophora cecropia) as a pupa, and the 
Colorado potato beetle (Leptinotarsa decemlineata) as an adult. 
A few species are capable of entering diapause several times, 
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but this usually occurs only in species living at high latitudes 
for which several years may be required for the completion of 
development. If the diapause occurs in response to environ- 
mental cues it is referred to as “facultative diapause,” but if it 
occurs during each generation regardless of the environmental 
cues it receives, it is considered an “obligatory diapause.” 
Facultative diapause is by far the more common, but several 
important species such as the gypsy moth (Lymantria dispar) 
have an obligatory diapause. 

Embryonic diapauses are common in many of the 
Lepidoptera, in many Hemiptera, and in some Diptera such 
as mosquitoes. The arrest can occur at any stage of embryonic 
development, from shortly after fertilization (e.g., commercial 
silkworm) until after the first instar has already been fully 
formed (e.g., gypsy moth). Larval diapauses, especially com- 
mon in the Lepidoptera, are most frequent in the final instar 
but they sometimes occur in earlier instars as well, e.g., the 
second instar of the spruce budworm (Choristoneura fumi- 
ferana). Pupal diapause is well known for the Lepidoptera and 
Diptera. Usually the arrest of pupal development occurs in the 
true pupal stage, but there are a few examples of diapause 
occurring in pharate adults (after completion of adult differ- 
entiation but before adult eclosion). Adult diapause is common 
in the Coleoptera, Hemiptera and Homoptera, Hymenoptera, 
Orthoptera, and Neuroptera, as well as some Diptera and 
Lepidoptera. Adult diapause, sometime referred to as a repro- 
ductive diapause, represents a halt in reproduction. Ovaries of 
females remain small, and the oocytes within the ovarioles 
contain little or no yolk. In males of some species, the testes 
remain small during diapause, but in others the testes are well 
developed and contain sperm. Male accessory glands, the 
organs that produce spermatophores and factors responsible 
for sperm activation, usually remain small and inactive during 
diapause. Mating behavior is strongly suppressed during dia- 
pause. In wasps, mating takes place in the autumn; males die 
soon thereafter and only the females overwinter in diapause. 
In many other insects, both sexes overwinter and mating takes 
place in the spring, after diapause has been terminated. Some 
species, such as lacewings and weevils, mate both before and 
after diapause. 

In preparation for diapause, the insect usually sequesters 
additional energy reserves and moves to a site that is somewhat 
protected from the full onslaught of the inclement environ- 
mental conditions. Such sites may be underground, beneath 
debris on the soil, within galls and other plant tissues, or 
inside cocoons or other structures constructed by the insect. A 
migratory flight may be a preparatory step for diapause. This 
may include a short flight to a fence row or a local wooded 
area, but in the extreme it may be a long-distance flight, as 
made by the monarch butterfly (Danaus plexippus) when it 
leaves its summer habitat in Canada and the northern regions 
of the United States and flies to the highlands of Mexico or 
California to spend the winter in an adult diapause. 

Upon entering diapause, development (or reproduction if 
it is an adult diapause) is halted and metabolic activity is 


suppressed. Usually, feeding ceases during diapause; thus, the 
insect is forced to survive on the energy reserves it has 
garnered prior to the onset of diapause. It is not unusual for 
an insect destined for diapause to sequester twice as much 
lipid reserves as its counterpart that is not programmed to 
enter diapause. The economic utilization of these reserves is 
enhanced by the suppression of metabolism, and for 
poikilotherms such as insects, the low temperatures 
prevailing during winter further serve to conserve energy 
reserves. Another challenge faced by diapausing insects is the 
lack of access to free water. Although some insects may drink 
during diapause, certain stages such as embryos and pupae do 
not have this option. This lack of water poses special 
constraints for an organism as small as an insect. Their large 
surface-to-volume ratios make insects particularly vulnerable 
to water loss across the surface of their integument. Two 
features appear to be common adaptations for maintaining 
water balance during the long months of diapause. The 
cuticles of many diapausing insects are coated with extra 
thick layers of wax that are effective in retarding water loss. 
In addition, a number of diapausing insects are capable of 
absorbing atmospheric water vapor directly through their 
cuticle using a mechanism that is not yet clearly understood. 

Color changes are sometimes noted for diapausing 
individuals. For example, diapausing larvae of the 
southwestern corn borer, Diatraea grandiosella, are white, 
whereas their nondiapausing counterparts are brown. 
Reproductively active adults of a lacewing, Chrysopa carnea, 
are green but turn brown when they enter diapause in the 
autumn. In the spring, when the lacewings become 
reproductively active, they again turn green. Such changes 
presumably serve to camouflage the insect and help it blend 
with the dominant colors of the seasonal environment. 

Flight muscles in many beetles and bugs degenerate when 
the adults enter diapause. Flight muscles are particularly 
expensive to maintain, thus their degeneration presumably 
saves energy that would otherwise be expended for 
maintenance of this tissue. 

Several species that diapause as adults, especially beetles, 
bugs, and butterflies, are found in aggregations. For species 
that are distasteful, aggregations are likely to provide 
protection from predators. Such aggregations, however, may 
also provide another important function by providing a more 
stable microenvironment. In diapausing aggregations of a 
tropical fungus beetle, Stenotarsus rotundus, the beetle’s 
metabolic rate is inversely related to group size and relative 
humidity. By forming an aggregation the beetles create a 
stable, high humidity in their environment, a feature that 
serves to reduce metabolic rate. 

Being in diapause does not, by itself, ensure winter survival. 
The small size of insects implies that they quickly assume a 
body temperature close to that of the environment, and their 
body water is thus vulnerable to freezing. Diapausing insects 
that live in temperate and polar regions have a host of 
behavioral, physiological, and biochemical adaptations that 


enable them to survive at low temperature. A few insects such 
as the goldenrod gall fly, Eurosta solidaginis, are freeze 
tolerant, which implies that they can actually survive body 
freezing. But, the majority of insects cannot tolerate body 
freezing. Such freeze-intolerant or freeze-avoiding insects 
prevent body freezing by several mechanisms. For example, 
selection of a thermally buffered microhabitat is a first line of 
defense. Ice nucleators such as food particles or microbes are 
usually eliminated from the digestive tract to reduce sites for 
ice formation. Glycerol, sorbitol, or other polyols serve as 
classic antifreezes that are synthesized and released into the 
body to suppress the supercooling point. Several proteins, 
including thermal hysteresis proteins, ice nucleator proteins, 
and heat-shock proteins, also contribute to cold hardiness. In 
some insects, such as flesh flies (Sarcophaga), cold hardiness 
is directly linked to diapause, indicating that the same 
genetic program that dictates diapause also results in cold 
hardiness. In other insects, for example the European corn 
borer, the two programs are regulated independently: the 
European corn borer enters diapause without initially being 
cold hardy, but it becomes cold hardy later in the season in 
response to prevailing low temperatures. 

Diapause thus represents a syndrome of developmental, 
physiological, biochemical, and behavioral attributes that 
together serve to enhance survival during seasons of 
environmental adversity. 


ENVIRONMENTAL REGULATION 


Obligatory diapause is not elicited by environmental cues. It 
simply occurs in each generation when the insect reaches a 
certain developmental stage. In the example of the gypsy 
moth, diapause occurs when the embryo has completed its 
development and the first instar is nearly ready to hatch. 
With the exception of a few aberrant individuals, the gypsy 
moth always halts development at this time, regardless of the 
environmental cues they receive. In this example, environ- 
mental conditions, mainly temperature, determine when 
diapause should be terminated but play no role in program- 
ming the insect to enter diapause. 

This is in contrast to the majority of insects, those with a 
facultative diapause, which use environmental cues to decide 
whether to enter diapause. If a certain environmental cue is 
received during a sensitive period the insect will enter 
diapause, but if this cue is not received or not received at the 
correct time, development will proceed without interruption. 
This design feature enables an insect to track seasonal changes 
and regulate its development accordingly. Many insects can 
produce multiple generations each year, and insects with a 
facultative diapause frequently produce spring and summer 
generations without diapause and then produce a generation 
in late summer or autumn that enters an overwintering 
diapause. The environmental cue used most widely to signal 
diapause induction is photoperiod, but temperature, food 
quality, and other factors may contribute to the decision. 
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FIGURE 1 Photoperiodic response curves for pupal diapause induction in two 
populations of the flesh fly S. budlata from Illinois and Missouri. Fly cultures 
were maintained at 25°C under the range of daylengths indicated, and the 
incidence of pupal diapause was recorded. The critical daylength in this case 
is 13.5 h of light/day. (Reproduced, with permission, from Denlinger, 1972.) 


Photoperiod 


Seasonal change in daylength has all the design features that 
are desirable in a reliable indicator that can be used for 
predicting upcoming periods of inclemency. It is 
mathematically accurate and can be used to effectively 
foretell the advent of winter or other seasons that are to be 
avoided. The developmental period that is sensitive to 
photoperiod usually occurs far in advance of the actual 
diapause stage. Thus, diapause is not usually an immediate 
reaction to photoperiod but occurs in response to signals 
received at an earlier stage. Such early programming offers 
the insect a period to prepare for diapause by sequestering 
food reserves and making other preparatory adjustments 
prior to the actual onset of the developmental arrest. 

For many of the insects that overwinter in diapause in the 
temperate regions, short daylengths dictate the expression of 
diapause. In the example shown in Fig. 1, flesh flies reared at 
long daylengths, those longer than 13.5 h, develop without 
interruption, but at daylengths shorter that 13.5 h, the 
majority enter diapause as pupae. The daylength marking the 
transition, 13.5 h in this example, is referred to as the critical 
daylength. The shape of the photoperiod response curve 
shown in Fig. 1 is common for temperate species that 
overwinter in diapause, but the curves may have different 
forms. For some species, especially those that undergo a 
summer estivation and reproduce in the autumn, long rather 
than short daylengths may be used to program diapause. 
Other species may respond to only a narrow range of 
daylengths for diapause induction, whereas daylengths both 
shorter and longer avert diapause. 

Near the equator, seasonal changes in daylength are 
progressively less pronounced; yet insects living as close as 5° 
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north or south of the equator are still capable of using 
photoperiodic cues to regulate diapause. Diapause still exists 
in insects living in equatorial regions, but cues derived from 
temperature, rainfall, and food quality take precedence over 
photoperiod. 

The photoperiodic response controlling diapause varies 
among geographic populations. Populations living at lower 
latitudes characteristically respond to shorter critical 
daylengths. An increase in latitude of 5° results in an increase 
in critical daylength of approximately 30 min. This pattern 
of variation is closely related to the latitudinal temperature 
gradient and is well documented in species of Drosophila that 
inhabit the Japanese archipelago. The species that occur in 
the subtropical zone exhibit only a weak diapause or no 
diapause at all. As one moves northward in the archipeligo, 
the diapause response becomes more pronounced and the 
flies use longer critical daylengths for diapause induction. 

The period sensitive to photoperiod usually does not 
encompass the entire prediapause period, but instead a shorter 
interval, usually well in advance of the actual diapause stage. 
For example, the pupal diapause in the flesh fly S. crassipalpis 
is programmed during a photosensitive stage that includes the 
final 2 days of embryonic development and the first 2 days of 
larval life. In the tobacco hornworm, Manduca sexta, a 
species that also has a pupal diapause the photosensitive stage 
is much longer; it begins during embryonic development and 
continues through the feeding phase of the fifth instar. In the 
silkworm, B. mori, embryonic diapause is programmed during 
the mother’s period of embryonic development. This timing 
of the photosensitive stage thus facilitates the channeling of 
development toward diapause at an early stage and allows 
sufficient time for the preparative phase of diapause. 

The duration of diapause, often called diapause depth, also 
may depend on photoperiod. For example, in the lacewing, 
C. carnea, diapause depth is controlled by photoperiod in 
such a way that the adult diapause is deeper when it is 
induced earlier in the autumn, thus preventing an untimely 
termination of diapause before the onset of winter. And, in 
the tobacco hornworm, /. sexta, the duration of pupal 
diapause is a function of the number of short days the 
embryo and larva have received. Exposure to a few short 
days, such as would occur in mid- to late summer, results in 
a long diapause, while exposure exclusively to short days, an 
event that could occur only in early autumn, results in a short 
diapause. Such qualitative responses to photoperiod allow the 
insect to fine tune its development to fit the changing season. 

Photoperiodic information is perceived through a receptor 
in the brain, integrated and stored in the brain, and then 
translated into the endocrine events that control the induction 
and maintenance of diapause. The location of the photore- 
ceptor responsible for measurement of daylength has been 
studied in relatively few insects, but in most of them the 
compound eyes and ocelli are not the conduit for this 
information. Surgical destruction of these visual centers or 
coating the eyes with an opaque paint usually does not inter- 


fere with the photoreception involved in the programming of 
diapause. The photoperiodic signal appears to impinge directly 
on the brain, but the exact location of these extraretinal 
photoreceptors has not been elucidated. As in many other 
plants and animals, the photoperiodic response in insects is 
primarily a blue-light response. Cryptochromes, proteins 
involved in photoperiodic responses in a diverse array of 
organisms, are present in insects and are likely to be impli- 
cated in this response. Several important clock genes have 
been identified in insects, but thus far their involvement in 
photoperiodism has not been well established. 

The role for photoperiod in the environmental regulation 
of diapause is mainly in the inductive phase of diapause. There 
are a few species that use daylength as a direct environmental 
cue for diapause termination. More commonly, photoperiod 
may influence the rate of diapause development, which in 
turn does impact the duration of diapause, but frequently 
diapause development proceeds at a rate determined by 
temperature rather than photoperiod. 


Temperature 


Temperature provides another important seasonal cue for 
diapause induction, but the daily fluctuations in temperature 
mean that it is less reliable than photoperiod in this regard. 
Frequently, a short-day response is enhanced by low 
temperature. For example, the maximum diapause response 
observed for flesh flies shown in Fig. 1 is approximately 80%. 
But, this was for flies reared at 25°C, and if the temperature 
is lowered to 18°C, the diapause incidence is elevated to 
nearly 100%. In these flies the critical photoperiod is not 
influenced by temperature, but in some insects the critical 
photoperiod may shift as well. 

Near the equator, where seasonal changes in daylength are 
too subtle to be used as environmental cues, temperature may 
replace photoperiod as the primary environmental regulator 
of diapause, as it does for flesh flies living in East Africa: 
daylength has no influence on the expression of diapause, but 
instead low daytime temperatures experienced in July and 
August are used to program the flies for pupal diapause. 

A period of chilling may be essential for diapause termina- 
tion. Diapausing insects often cannot resume development 
or reproduction immediately upon transfer to favorable 
conditions but require a period of chilling. Although some 
insects do not absolutely require chilling before initiating 
development many will terminate diapause more quickly if 
they have first been chilled for a few months. 


HORMONAL REGULATION 


The juvenile hormones (JHs) and ecdysteroids, two of the 
major families of insect hormones that direct insect develop- 
ment, metamorphosis, and reproduction, are intimately 
involved in regulating diapause. The JHs, which are iso- 
prenoids secreted by the corpus allatum (CA), maintain the 
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Adaptive Beamforming Algorithm 


The /east mean square (LMS) algorithm 
uses the temporal reference signal to 
update the weights at each iteration. In the 
LMS algorithm, we are searching for the 
optimal weight that would make the array 
output either equal or as close as possible 
to the reference signal, which is the weight 
that minimizes the MSE. Since the MSE 
has a quadratic form, moving the weights 
in the negative direction of the gradient of 
the MSE should lead us to the minimum of 
the error surface. The weight update 
equation is shown in (9) [30]. 


w(t+l)=w(t)—ux(t+De (9) 


where iZ is a constant, called the step size, 


which determines how close the weights 
approach the optimum value after each 
iteration and it controls the convergence 
speed of the algorithm. And € is the error 
signal between the temporal reference 
signal and the received signal at the 
beamformer output. x(tt+1) is the received 
signal vector at the antenna array at time 
ttl. 

The main drawback of the LMS 
algorithm is that it is sensitive to the 
scaling of its input. This makes it very 
hard (if not impossible) to choose a step 
size t that guarantees stability of the 
algorithm. The normalized least mean 
square (NLMS) algorithm is a variant of 
the LMS algorithm that solves this 





problem by normalizing with the power of 
the input. The weights updating function 
of NLMS algorithm is shown as 
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Recursive least square (RLS) algorithm 
is derived to overcome the drawback of 
slow convergence speed in the LMS 
algorithm, when the eigenvalue spread of 
the correlation matrix R of received signal 
vector x is large. RLS algorithm replaces 
the step size yz with the inverse of R. The 


weights are then updated using (11). 


w(t+l)=w(t)-R'x(t+De™ (11) 
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Fig. 15. Performance comparison 
among LMS, NLMS, and RLS algorithms. 


Fig. 15 shows a simple performance 
comparison of the above three algorithms 
in OFDMA system under the Rayleigh 
fading channel with 8 antenna elements 
[41]. From this figure, we see that RLS 
algorithm performs best due to its faster 


juvenile characters during the premetamorphic molts, while 
the steroid hormones from the prothoracic gland (PG), 
ecdysone and related compounds, dictate the decision to molt. 
In turn, the CA and PG are regulated by both neural and 
humoral factors from the brain. Brain neuropeptides 
governing the CA can exert either a stimulatory (allatotropins) 
or an inhibitory action (allatoinhibins) on the CA. The 
dominant regulator of the PG is the brain neuropeptide 
prothoracicotropic hormone (PTTH). These hormones, 
together with diapause hormone, a unique neuropeptide that 
regulates the embryonic diapause of the commercial 
silkworm, are the key hormonal regulators of insect diapause. 
In certain situations, the presence of one or more of these 
hormones promotes diapause, while in others it is the 
absence of a certain hormone that causes diapause. 


Embryonic Diapause 


The best understood hormonal mechanism regulating 
embryonic diapause is based on the silkworm. In this species 
diapause intercedes early during embryogenesis, just before 
segmentation. The developmental fate of the embryo is 
determined by the presence or absence of diapause hormone 
(DH), a neuropeptide secreted by the mother’s subesophageal 
ganglion. In the presence of DH, the ovariole produces eggs 
that enter diapause, and when the hormone is not present the 
eggs develop without the interruption of diapause. Whether 
the mother releases DH is dependent upon the photoperiod 
she was exposed to as an embryo. Thus, the mother’s 
photoperiodic history dictates whether she will release the 
DH needed to influence the diapause fate of her progeny. 

The structure of DH has been defined, as well as the 
sequence of the cDNA that encodes the peptide. DH appears 
to exert its effect on diapause by influencing carbohydrate 
metabolism. In the presence of DH, the developing oocytes 
incorporate glycogen stores, which in turn are converted to 
sorbitol. Sorbitol was originally thought to function simply 
as a cryoprotectant, but recent work suggests that sorbitol may 
actually be involved in shutting down development in the 
embryo. The addition of sorbitol to an embryo that is pro- 
grammed to develop without diapause elicits a developmental 
arrest; in contrast, the removal of sorbitol from diapause- 
programmed embryos enables the embryos to develop without 
diapause. 

No other diapauses appear to rely on DH for diapause 
regulation. It appears to be a hormonal regulator unique to 
the silkworm. In the gypsy moth diapause occurs at the end 
of embryogenesis, just before hatching of the first instar. The 
diapause of this species appears to be regulated by main- 
tenance of a high ecdysteroid titer. As long as the ecdysteroid 
titer remains high, the pharate first instar remains locked in 
diapause. Only when the ecdysteroid titer drops in the spring 
is the gypsy moth free to terminate its diapause and hatch. 
Yet another mechanism seems to operate in the giant 
silkmoth, Antheraea yamamai. In this insect, an unidentified 
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repressive factor from the mesothorax inhibits the action of a 
maturation factor from the abdomen. The fact that all three 
species that have been examined display different endocrine 
control mechanisms suggests a wealth of mechanisms 
operating in the regulation of these early stage diapauses. 


Larval Diapause 


Larval diapause frequently intercedes at the end of larval life, 
just before the onset of pupation and metamorphosis, but it 
is not at all uncommon in earlier instars as well. Common to 
most examples of larval diapause is a shutdown in the 
brain—prothoracic gland axis. In the absence of ecdysteroids 
from the PG, the larva fails to initiate the next molt. The 
failure of the brain to release ecdysteroids can usually be 
directly attributed to the brain’s failure to release PTTH. Ina 
number of species, JH may also play a role. For example, in the 
southwestern corn borer, D. grandiosella, the JH titer remains 
elevated throughout diapause, and the diapause can be termi- 
nated only when the JH titer drops. In some other species such 
as the European corn borer, O. nubilalis, the JH titer is high in 
early diapause but then declines and remains low throughout 
the remainder of diapause. No role for JH is apparent in several 
other insects: the larval diapause of both the parasitic wasp, 
Nasonia vitripennis, and the blow fly, Calliphora vicina, can 
be explained strictly as an ecdysteroid deficiency. 


Pupal Diapause 


Pupal diapause is the consequence of a shutdown in the 
brain—prothoracic gland axis. Thus, in the absence of 
ecdysteroids from the PG the progression of adult 
differentiation is halted. At the termination of diapause 
ecdysteroids are again released, triggering adult development. 
In H. cecropia a period of chilling is required before the brain 
can stimulate the PG to release ecdysteroids. Pupal diapauses 
can usually be quickly terminated with an injection of 20- 
hydroxyecdysone. Usually the absence of ecdysteroids can be 
attributed directly to a failure of the brain to release the 
neuropeptide PTTH needed to stimulate the PG to 
synthesize ecdysteroids, but in some insects, e.g., Heliothis 
zea, PTTH is released shortly after pupation, but pupa fail to 
develop until the PG has been chilled adequately. 

Unlike larval diapause there is no evidence suggesting that 
JH regulates pupal diapause induction or termination, yet 
JH is indeed present during pupal diapause in some species. 
In flesh flies, cycles of JH activity apparently drive infradian 
cycles (4-day periodicity at 25°C) of metabolic activity that 
persist throughout diapause. 


Adult Diapause 


A shutdown in JH synthesis is a key feature in the regulation 
of adult diapause. The corpora allata, the endocrine glands that 
synthesize and release JH, are characteristically small during 
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diapause. Application of exogenous JH or implantation of 
active corpora allata into a diapausing individual usually 
prompts the termination of diapause. Conversely, the surgical 
extirpation of the corpora allata from a nondiapausing adult 
causes the adult to enter a diapause-like state. Measurement 
of the JH titer also supports the idea that adult diapause is 
the consequence of a shutdown of the corpora allata: the titer 
of JH typically drops as the insect enters diapause and 
increases again when diapause is terminated. 

It is the brain that regulates the corpora allata, and both 
nervous and humoral pathways are involved in its regulation. 
In the Colorado potato beetle, the brain exerts its control 
over the corpora allata by a humoral mechanism, but in the 
linden bug, Pyrrhocoris apterus, nervous control is also 
involved. Ecdysteroids may also be involved in some species. 
The ecdysteroid titer is nearly twice as high in Colorado 
potato beetles destined for diapause than in those that are not 
destined to enter diapause, and an injection of ecdysteroids 
can terminate adult diapause in Drosophila melanogaster. 


MOLECULAR MECHANISMS 


The environmental cues that regulate diapause have been 
well defined, and there is also a fairly good understanding of 
the downstream hormonal signals that serve to coordinate 
diapause. But, the molecular underpinning of diapause 
remains poorly understood. Is diapause simply a shutdown in 
gene expression or does it represent the expression of a 
unique set of genes? An examination of the synthesis of brain 
proteins in flesh flies suggests that far fewer proteins are 
synthesized in the brain during diapause but, in addition, the 
brains of diapausing flies synthesize a set of proteins not 
observed in brains of nondiapausing flies. This suggests that 
diapause represents both a shutdown in gene expression and 
the expression of a unique set of genes. 

One of the most conspicuous groups of genes that are 
diapause up-regulated is that of the heat-shock proteins. 
Both heat-shock protein 70 (Hsp70) and one of the small 
heat-shock proteins (Hsp23) are up-regulated in flesh flies 
during diapause. The Hsps are up-regulated upon entry into 
diapause, remain elevated throughout diapause, and then 
drop sharply at diapause termination. But, not all heat-shock 
proteins are up-regulated during diapause. Hsp90, by 
contrast, is actually down-regulated. The Hsps may offer 
protection from environmental stresses during diapause and 
possibly contribute to the cell cycle arrest that characterizes 
diapause. 

Genes that are diapause down-regulated are potentially of 
equal interest. Among the genes in this category is the gene 
that encodes proliferating cell nuclear antigen, a cell cycle 
regulator. The down-regulation of this gene during diapause 
may be important in bringing about the cell cycle arrest. As 
more genes are examined, it is evident that certain genes are 
expressed throughout diapause, others are turned off during 
diapause, while still others are expressed only during early or 


late diapause or may be expressed intermittently during 
diapause. 

It is still too early to know if common sets of genes are 
expressed during diapause in different species and different 
life stages, but preliminary data suggest that the expression 
patterns of at least some of the genes, those that encode 
Hsp70, may be shared across species and life stages. 
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igestion is the process by which food molecules are 

broken down into smaller molecules that are able to be 
absorbed by the gut tissue. Most food molecules requiring 
digestion are polymers such as proteins and starch, and are 
sequentially digested through three phases (Fig. 1). Primary 
digestion is the dispersion and reduction in molecular size of 
the polymers and results in oligomers. During intermediate 
digestion, these undergo a further reduction in molecular size 
to dimers, which in final digestion form monomers. 
Digestion usually occurs under the action of digestive 
enzymes from the midgut, with minor or no participation of 
salivary enzymes. In most insects, midgut pH is either mildly 
acidic or neutral. Lepidopteran and trichopteran larvae, 
scarabaeid beetles, and nematoceran flies have alkaline 
midguts, whereas cyclorrhaphous flies have a very acidic 
section in the middle of the midgut. The midgut is, as a rule, 
an oxidizing site, although in some wool-digesting insects it 
is a reducing site, a condition necessary to break disulfide 
bonds in keratin, thus facilitating enzymatic hydrolysis. 
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FIGURE 1 Digestion of important nutrient classes. Arrows point to bonds cleaved by enzymes. (A) Protein digestion; R, different amino acid moieties. (B) 
Starch digestion. (C) B-linked glucoside. (D) Lipid digestion; PL, phospholipase; R, fatty acyl moieties. 


DIGESTION OF PROTEINS 


Initial digestion of proteins is carried out by proteinases 
(endopeptidases), which are enzymes able to cleave the 
internal peptide bonds of proteins (Fig. 1A). Different 
endopeptidases are necessary to do this because the amino 
acid residues vary along the peptide chain (R is a variable 
group in Fig. 1A). Proteinases may differ in specificity toward 
the reactant protein (substrate) and are grouped according to 
their reaction mechanism into the subclasses: serine, cysteine, 
and aspartic proteinases. Trypsin, chymotrypsin, and elastase 
are serine proteinases that are widely distributed in insects 
and have molecular masses in the range 20 to 35 kDa and 
alkaline pH optima. Trypsin preferentially hydrolyzes (its 


primary specificity) peptide bonds in the carboxyl end of 
amino acids with basic R groups (Arg, Lys); chymotrypsin is 
preferential toward large hydrophobic R groups (e.g., Phe, 
Tyr) and elastase, toward small hydrophobic R groups (e.g., 
Ala). The activity of the enzymes also depends on the amino 
acid residues neighboring the bond to be cleaved. This may 
explain the differences in susceptibilities of insects to strains 
of Bacillus thuringiensis, because the deleterious effects 
depend on the previous proteolysis of the bacterial 
endotoxin. Related to this is the growing evidence that 
insects fed on trypsin inhibitor-containing food express new 
trypsin molecules insensitive to the inhibitors. These 
inhibitors are proteins and their binding to the enzyme has 
molecular requirements similar to those of the substrate. 
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Cysteine and aspartic proteinases are the only midgut 
proteinases in hemipterans and they occur in addition to 
serine proteinases in cucujiformia beetles. Their occurrence 
in Hemiptera is interpreted as a consequence of the loss of 
the usual digestive serine proteinases associated with the 
adaptation of hemipteran ancestors to a diet lacking proteins 
(plant sap), followed by the use of lysosome-like enzymes in 
adapting to a new predatory habit. The presence of cysteine 
and aspartic proteinases in cucujiformia beetles is likely an 
ancestral adaptation to circumvent proteolytic inhibition 
caused by trypsin inhibitors in ingested seeds. Cysteine and 
aspartic proteinases have pH optima of 5.5 to 6.0 and 3.2 to 
3.5 and molecular masses of 20 to 40 kDa and 60 to 80 kDa, 
respectively. Because of their pH optima, aspartic proteinases 
are not very active in the mildly acidic midguts of Hemiptera 
and cucujiformia beetles, but are very important in the 
middle midguts (pH 3.5) of cyclorrhaphous flies. 

Intermediate digestion of proteins is accomplished by 
exopeptidases, enzymes that remove amino acids from the N- 
terminal (aminopeptidases) or C-terminal (carboxypeptidases) 
ends of oligopeptides (fragments of proteins) (Fig. 1A). Insect 
aminopeptidases have molecular masses in the range 90 to 
130 kDa, have pH optima of 7.2 to 9.0, have no marked 
specificity toward the N-terminal amino acid, and are usually 
associated with the microvillar membranes of midgut cells. 
Therefore, the action of aminopeptidase is restricted to the 
surface of midgut cells. Because aminopeptidases are fre- 
quently active on dipeptides, they are also involved in protein- 
terminal digestion together with dipeptidases. Aminopeptidases 
may account for as much as 55% of the midgut microvillar 
proteins in larvae of the yellow mealworm, Tenebrio molitor. 
Probably because of this, in many insects aminopeptidases 
are the preferred targets of B. thuringiensis endotoxins. These 
toxins, after binding to aminopeptidase (or other receptors), 
form channels through which cell contents leak, leading to 
insect death. The most important insect carboxypeptidases have 
alkaline pH optima, have molecular masses in the range 20 to 
50 kDa, and require a divalent metal for activity. They are clas- 
sified as carboxypeptidase A or B depending on their activity 
upon neutral/acid or basic C-terminal amino acids, respectively. 


DIGESTION OF CARBOHYDRATES 


Initial and intermediate digestion of starch (or glycogen) is 
accomplished by -amylase. This enzyme cleaves internal 
bonds of the polysaccharide until it is reduced to small 
oligosaccharides or disaccharides (Fig. 1B). The amylases are 
not very active in digesting intact starch granules, making 
mastication prior to ingestion important. Insect amylases 
depend on calcium ions for activity or stability, they are 
activated by chloride ions (amylases in Lepidoptera are 
exceptions), their molecular masses are found in the range 48 
to 68 kDa, and their pH optima vary widely (4.8—9.8) 
depending on the insect taxon. As described for trypsin, 


insects feeding on amylase inhibitor-containing food express 
new amylase molecules insensitive to the inhibitors. 

The final digestion of starch chains occurs under o- 
glucosidases, enzymes that sequentially remove glucosyl 
residues from the nonreducing ends of short oligomaltosac- 
charides. If the saccharide is a disaccharide, it is named maltose 
(Fig. 1B). Because of that, o&-glucosidase is also called maltase. 
As a rule, sucrose (glucose 041,82-fructose) is hydrolyzed by 
c-glucosidase. If an enzyme is able to hydrolyze sucrose, but 
not maltose, it is likely a B-fructosidase, an enzyme attacking 
sucrose by the fructosyl residue. Sucrose is found in large 
amounts in nectar and phloem sap and in lesser amounts in 
some fruits and leaves. 

The important insect hemolymph and fungal sugar 
trehalose (glucose &1,01-glucose) is hydrolyzed only by the 
specific enzyme trehalase. This digestive enzyme occurs in 
luminal contents or immobilized at the surface of midgut cells 
and also as an enzyme at the midgut basal cell membrane, 
making available glucose from hemolymph trehalose. 

Although cellulose is abundant in plants, most plant- 
feeding insects, such as caterpillars and grasshoppers, do not 
use it. Cellulose is a nonramified chain of glucose units linked 
by B-1,4 bonds (Fig. 1C) arranged in a crystalline structure 
that is difficult to disrupt. Thus, cellulose digestion is unlikely 
to be advantageous to an insect that can meet its dietary 
requirements using more easily digested food constituents. 
The cellulase activity found in some plant feeders facilitates 
the access of digestive enzymes to the plant cells ingested by 
the insects. True cellulose digestion is restricted to insects that 
have, as a rule, nutritionally poor diets, as exemplified by 
termites, woodroaches, and cerambycid and_ scarabaeid 
beetles. There is growing evidence that insects secrete enzymes 
able to hydrolyze crystalline cellulose, challenging the long- 
standing belief that microbial symbionts are necessary for 
cellulose digestion. The end products of cellulase action are 
glucose and cellobiose (Fig. 1C); the latter is hydrolyzed by a 
B-glucosidase. 

Hemicellulose is a mixture of polysaccharides associated 
with cellulose in plant cell walls. They are B-1,4- and/or B- 
1,3-linked glycan chains made up mainly of glucose 
(glucans), xylose (xylans), and other monosaccharides. The 
polysaccharides are hydrolyzed by a variety of enzymes from 
which xylanases, laminarinases, and lichenases are the best 
known. The end products of the actions of these enzymes are 
monosaccharides and -linked oligosaccharides. The final 
digestion of those chains occurs under the actions of B- 
glycosidases that sequentially remove glycosyl (usually 
glucosyl, galactosyl, or xylosyl) residues from the 
nonreducing end of the B-linked oligosaccharides. As these 
may be cellobiose, B-glycosidase is frequently also named 
cellobiase. Thus, B-glycosidases complete the digestion of 
cellulose and hemicelluloses. 

A special B-glycosidase (aryl B-glycosidase) acts on 
glycolipids and in vivo probably removes a galactose from 


monogalactosyldiacylglycerol that together with digalactosyl- 
diacylglycerol is a major lipid of photosynthetic tissues. 
Digalactosyldiacylglycerol is converted into monogalactosyl- 
diacylglycerol by the action of an O-galactosidase. The aryl 
B-glycosidase also acts on plant glycosides that are noxious 
after hydrolysis. Insects circumvent these problems by detoxi- 
fying the products of hydrolysis or by repressing the synthesis 
and secretion of this enzyme while maintaining constant the 
synthesis and secretion of the other B-glycosidases. 


DIGESTION OF LIPIDS AND PHOSPHATES 


Oils and fats are triacylglycerols and are hydrolyzed by a 
triacylglycerol lipase that preferentially removes the outer 
ester links of the substrate (Fig. 1D) and acts only on the 
water-—lipid interface. This interface is increased by 
surfactants that, in contrast to the bile salts of vertebrates, are 
mainly lysophosphatides. The resulting 2-monoacylglycerol 
may be absorbed or further hydrolyzed before absorption. 

Membrane lipids include glycolipids, such as galactosyl- 
diacylglycerol and phosphatides. After the removal of galactose 
residues from mono- and digalactosyldiacylglycerol, which 
leaves diacylglycerol, it is hydrolyzed as described for triacyl- 
glycerols. Phospholipase A removes one fatty acid from the 
phosphatide, resulting in a lysophosphatide (Fig. 1D) that 
forms micellar aggregates, causing the solubilization of cell 
membranes. Lysophosphatide seems to be absorbed intact by 
insects. 

Nonspecific phosphatases remove phosphate moieties 
from phosphorylated compounds to make their absorption 
easier. Phosphatases are active in an alkaline or acid medium. 


See Also the Following Articles 
Metabolism ¢ Nutrition ¢ Phytophagous Insects 
Salivary Glands 


Further Reading 

Cristofoletti, P. T., and Terra, W. R. (1999). Specificity, anchoring and 
subsites in the active center of a microvillar aminopeptidase purified from 
Tenebrio molitor (Coleoptera) midgut cells. Insect Biochem. Mol. Biol. 29, 
807-819. 

Kerkut, G. A., and Gilbert, L. I. (eds.) (1985). “Comprehensive Insect 
Physiology, Biochemistry and Pharmacology.” Pergamon Press, Oxford. 
[See especially Vol. 4, Chaps. 5 and 7] 

Lehane, M. J., and Billingsley, P. E (eds.) (1996). “Biology of the Insect Midgut.” 
Chapman & Hall, London. [See especially Chaps. 3, 6, 7, 11, and 14] 

Silva, C. P, Terra, W. R., de Sa, M. E G., Samuels, R. I., Isejima, E. M., 
Bifano, T. D., and Almeida, J. S. (2001). Induction of digestive alpha- 
amylases in larvae of Zabrotes subfasciatus (Coleoptera: Bruchidae) in 
response to ingestion of common bean alpha-amylase inhibitor 1. /. 
Insect Physiol. 47, 1283-1290. 

Terra, W. R., and Ferreira, C. (1994). Insect digestive enzymes: Properties, 
compartmentalization and function. Comp. Biochem. Physiol. 109B, 1-62. 

Vonk, H. J., and Western, J. R. H. (1984) “Comparative Biochemistry and 
Physiology of Enzymatic Digestion.” Academic Press, London. 

Watanabe, H., Noda, H., Tokuda, G., and Lo, N. (1998). A cellulase gene 
of termite origin. Nature 394, 330-331. 


Digestive System 313 





Digestive System 


Walter R. Terra and Clélia Ferreira 
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he digestive system consists of the alimentary canal (gut) 

and salivary glands, and is responsible for all steps in food 
processing: digestion, absorption, and feces delivery and 
elimination. These steps occur along the gut. The anterior 
(foregut) and posterior (hindgut) parts of the gut have cells 
covered by a cuticle whereas, in the midgut, cells are separated 
from the food by a filmlike anatomical structure referred to 
as the peritrophic membrane. Salivary glands are associated 
with the foregut and may be important in food intake but 
usually not in digestion. Remarkable adaptations are found 
in taxa with very specialized diets, such as cicadas (plant sap), 
dung beetles (feces), and termites (wood), and in insects with 
short life spans, as exemplified by flies and moths. Digestion 
is carried out by insect digestive enzymes, apparently without 
participation of symbiotic microorganisms. 


GUT MORPHOLOGY AND FUNCTION 


Figure 1 is a generalized diagram of the insect gut. The foregut 
begins at the mouth, includes the cibarium (preoral cavity 
formed by mouthparts), the pharynx, the esophagus, and the 
crop (a dilated portion, as in Fig. 2A, or a diverticulum, like 
Fig. 2K). The crop is a storage organ in many insects and also 
serves as a site for digestion in others. The foregut is lined by 
a cuticle that is nonpermeable to hydrophilic molecules and 
in some insects is reduced to a straight tube (Fig. 2F). The 
proventriculus is a triturating (grinding into fine particles) 
organ in some insects, and in most it provides a valve 
controlling the entry of food into the midgut, which is the 
main site of digestion and absorption of nutrients. 

The midgut includes a simple tube (ventriculus) from 
which blind sacs (gastric or midgut ceca) may branch, usually 
from its anterior end (Fig. 2A). Midgut ceca may also occur 
along the midgut in rings (Fig. 2F) or not (Fig. 2H) or in the 
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FIGURE 1 Generalized diagram of the insect gut. 
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FIGURE 2 Major insect gut types: Ad, adult; AV, anterior ventriculus (midgut); C, crop; Co, colon; E, esophagus; F, fermentation chamber; FC, filter chamber; 


G, midgut (gastric) ceca; I, ileum; La, larva; M, Malpighian tubules; P, proventriculus; Pa, paunch; PV, posterior ventriculus (midgut); R, rectum; V, 


ventriculus. Not drawn to scale. [Based partly on Terra, W. R. (1988). Physiology and biochemistry of insect digestion: An evolutionary perspective. Brazilian 


J. Med. Biol. Res. 21, 675—734.] 


posterior midgut (Fig. 2Q). In most insects, the midgut is 
lined with a filmlike anatomical structure (peritrophic 
membrane) that separates the luminal contents into two com- 
partments: the endoperitrophic space (inside the membrane) 
and the ectoperitrophic space (outside the membrane). Some 
insects have a stomach, which is an enlargement of the 
midgut to store food (Fig. 2R). In the region of the sphincter 
(pylorus) separating the midgut from the hindgut, 
Malpighian tubules branch off the gut. Malpighian tubules 
are excretory organs that individually empty in the gut and 


may be joined to form a ureter (Fig. 2B); in some species, 
however, they are absent (Fig. 2O). 

The hindgut includes the ileum, colon, and rectum 
(which is involved in the absorption of water and ions) and 
terminates with the anus. The hindgut is lined by a cuticle 
(usually impermeable); although in some insects it is reduced 
to a straight tube (Fig. 2G), in others it is modified in a fermen- 
tation chamber (Fig. 2F) or paunch (Fig. 2D), with both 
structures storing ingested food and harboring microorganisms 
that have a controversial role in assisting cellulose digestion. 
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FIGURE 3 Diagrammatic representation of typical insect midgut cells: (A) columnar cell with plasma membrane infoldings arranged in long and narrow 


channels, usually occurring in fluid-absorbing tissues; (B) lepidopteran long-necked goblet cell; (C) columnar cell with highly-developed basal plasma 
membrane infoldings displaying few openings into the underlying space, usually occurring in fluid-absorbing tissue; (D) cyclorrhaphan dipteran oxyntic 


(cuprophilic) cell; (E) lepidopteran stalked goblet cell; (F) columnar cell with highly developed plasma membrane infoldings with numerous openings into the 


underlying space, frequently present in fluid-secreting tissue; (G) regenerative cell; (H) hemipteran midgut cell; (I) endocrine cell. Note particles (portasomes) 
studding the cytoplasmic side of the apical membranes in B, D, and E and of the basal plasma membranes in A. Abbreviations: Bl, basal plasma membrane 


infoldings; M, microvilli; Mi, mitochondria; MM, modified microvilli; N, nucleus; P, portasomes; PMM, perimicrovillar membranes; V, vesicles. 


The gut epithelium is always simple and rests on a basal 
lamina that is surrounded by conspicuous circular and a few 
longitudinal muscles, the organization of which varies 
according to species. Wavelike contractions of the circular 
muscles cause peristalsis, propelling the food bolus along the 
gut. The gut is oxygenated by the tracheal system, and 
whereas the foregut and hindgut are well innervated, the 
same is not true for the midgut. The gut is also connected to 
the body wall through the extrinsic visceral muscles. These 
act as dilators of the gut, mainly at the foregut, where they 
form a pump highly developed in fluid feeders (cibarium 
pump), exemplified by sap (Hemiptera) and blood 
(Hemiptera and Diptera) feeders. However it is also present 
in chewing insects (pharyngeal pump), which are thus 
enabled to drink water and to pump air into the gut during 
the molts. The gut sensory system includes the 
chemoreceptors in the cibarium and stretch receptors 
associated with muscles of the foregut and hindgut. 

Salivary glands are labial or mandibular glands opening in 
the cibarium. They are usually absent in Coleoptera. The 
saliva lubricates the mouthparts, may contain an array of 
compounds associated with blood intake, or may be used as 
a fixative of the stylets of sap-sucking bugs. Saliva usually 
contains only amylase and maltase or no enzymes at all, 
although in a few hemipteran predators it may have the 
whole complement of proteolytic enzymes. 

The epithelium of the midgut is composed of a major 
type of cell usually named columnar cell, although it may 
have other forms (Fig. 3A, C, F); it also contains regenerative 
cells (Fig. 3G) that are often collected together in nests at the 


base of the epithelium, cells (Fig. 31) whose purpose is not 
understood but are generally believed to have an endocrine 
function, and also specialized cells (goblet cells, Fig. 3B, E; 
oxyntic cells, Fig. 3D; hemipteran midgut cell, Fig. 3H). 

The peritrophic membrane is made up of a matrix of 
proteins (peritrophins) and chitin to which other components 
(e.g., enzymes, food molecules) may associate. This anatomical 
structure is sometimes called the peritrophic matrix, but this 
term is better avoided because it does not convey the idea of 
a film and suggests that it is the fundamental substance of 
some structure. The argument that “membrane” means a 
lipid bilayer does not hold here because the peritrophic 
membrane is an anatomical structure, not a cell part. 
Peritrophins have domains similar to mucins (gastrointestinal 
mucus proteins) and other domains able to bind chitin. This 
suggests that the peritrophic membrane may have derived 
from an ancestral mucus. According to this hypothesis, the 
peritrophins evolved from mucins by acquiring chitin- 
binding domains. The parallel evolution of chitin secretion 
by midgut cells led to the formation of the chitin—protein 
network characteristic of the peritrophic membrane. The 
details of peritrophic membrane formation are not known, 
although there is evidence that peritrophins are released by 
exocytosis (Fig. 4A) in Diptera or by microaprocrine 
secretion (Fig. 4D) in Lepidoptera and somehow interlocked 
with chitin fibers that are synthesized at the luminal surface 
of midgut cells. 

The formation of the peritrophic membrane may occur in 
part of the midgut or in the entire organ (type J), or only at 
the entrance of the midgut (cardia) (type II). The two types 
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FIGURE 4 Models for secretory processes of insect digestive enzymes; (A) exocytic secretion, (B) apocrine secretion, (C) microapocrine secretion with budding 


vesicles, (D) microapocrine secretion with pinched-off vesicles, and (E) modified exocytic secretion in hemipteran midgut cell. Abbreviations: BSV, budding 
secretory vesicle; CE, cellular extrusion; DSV, double-membrane secretory vesicle; GC, Golgi complex; M, microvilli; N, nucleus, PMM, perimicrovillar 


membrane; PSV, pinched-off secretory vesicle; RER, rough endoplasmic reticulum; SV, secretory vesicle. 


of membrane differ in their constituent peritrophins and in 
their supramolecular organization. Type I peritrophic 
membrane occurs in most insects, whereas type II is 
restricted to larval and adult (except hematophagous) 
mosquitoes and flies (Diptera) and a few adult Lepidoptera. 
Although a peritrophic membrane is found in most 
insects, it does not occur in Hemiptera and Thysa- 
noptera, which have perimicrovillar membranes in their 
cells (Fig. 3H). The other insects that do not seem to have a 
peritrophic membrane are adult Lepidoptera, Phthirap- 
tera, Psocoptera, Zoraptera, Strepsiptera, Raphidioptera, 
Megaloptera, and Siphonaptera as well as bruchid beetles and 
some adult ants (Hymenoptera). Most of the pores of the 
peritrophic membrane are in the range of 7 to 9 nm, 
although some may be as large as 36 nm. Thus, the 
peritrophic membrane hinders the free movement of 
molecules, dividing the midgut lumen into two com- 
partments (Fig. 1) with different molecules. The functions of 
this structure include those of the ancestral mucus 
(protection against food abrasion and microorganism 
invasion) and several roles associated with the compartmen- 
talization of the midgut. These roles result in improvements 
in digestive efficiency and assist in decreasing digestive 
enzyme excretion, and in restricting the production of the 
final products of digestion close to their transporters, thus 
facilitating absorption. 


DIGESTIVE PHYSIOLOGY 


Overview 


The study of digestive physiology involves the spatial 
organization of digestive events in the insect gut. Digestive 
enzymes that participate in primary digestion (cleavage of 
polymers like protein and starch), secondary digestion 
(action on oligomers exemplified by polypeptides and 
dextrans), and final digestion (hydrolysis of dimers as 
dipeptides and disaccharides) are assayed in different gut 
compartments. Samples of the ectoperitrophic space 
contents (Fig. 1) are collected by puncturing the midgut ceca 
with a capillary or by washing the luminal face of midgut 
tissue. Midgut tissue enzymes are intracellular, glycocalyx- 
associated or microvillar membrane-bound. In addition to 
the distribution of digestive enzymes, the spatial organization 
of digestion depends on midgut fluxes. Gut fluid fluxes are 
inferred with the use of dyes. Secretory regions transport 
injected dye into the gut lumen, whereas absorbing regions 
accumulate orally fed dyes. Upon studying the spatial 
organization of the digestive events in insects of different taxa 
and diets, it was realized that the insects may be grouped 
relative to their digestive physiology, assuming they have 
common ancestors. Those putative ancestors correspond to 
basic gut plans from which groups of insects may have 
evolved by adapting to different diets. 


A NEOPTERA ANCESTOR 
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FIGURE 5 Diagrammatic representation of water fluxes (dashed arrows) and of the circulation of digestive enzymes (solid arrows) in putative insect ancestors 


that correspond to the major basic gut plans. In Neoptera ancestors (A), midgut digestive enzymes pass into the crop. Countercurrent fluxes depend on the 


secretion of fluid by the Malpighian tubules and its absorption by the ceca. Enzymes involved in initial, intermediate, and final digestion circulate freely among 


gut compartments. Holometabola ancestors (B) are similar except that secretion of fluid occurs in posterior ventriculus. Panorpoid (Lepidoptera and Diptera 


assemblage) ancestors (C) display countercurrent fluxes like Holometabola ancestors, midgut enzymes are not found in crop, and only the enzymes involved 


in initial digestion pass through the peritrophic membrane. Enzymes involved in intermediate digestion are restricted to the ectoperitrophic space and those 


responsible for terminal digestion are immobilized at the surface of midgut cells. Cyclorrhapha ancestors (D) have a reduction in ceca, absorption of fluid in 


middle midgut, and anterior midgut playing a storage role. Lepidoptera ancestors (E) are similar to panorpoid ancestors, except that anterior midgut replaced 
the ceca in fluid absorption. Hemiptera ancestors (F) lost crop, ceca, and fluid-secreting regions. Fluid is absorbed in anterior midgut. 


Neopteran insects evolved along three lines: the Poly- 
neoptera (which include Blattodea, Isoptera, and Orthoptera), 
the Paraneoptera (which include Hemiptera), and the 
Holometabola (which include Coleoptera, Hymenoptera, 
Diptera, and Lepidoptera). Polyneoptera and Paraneoptera 
evolved as external feeders occupying the ground surface, on 
vegetation, or in litter, and developed distinct feeding habits. 
Some of these habits are very specialized (e.g., feeding wood 
and sucking plant sap), implying adaptative changes of the 
digestive system. Major trends in the evolution of 
Holometabola were the divergence in food habits between 
larvae and adults and the exploitation of new food sources, 
exemplified by endoparasitism and by boring or mining 


living or dead wood, foliage, fruits, or seeds. This biological 
variation was accompanied by modifications in the digestive 
system. Among the panorpoid Holometabola (an assemblage 
that includes Diptera and Lepidoptera), new selective 
pressures resulted from the occupation of more exposed. or 
ephemeral ecological niches. Following this trend, those 
pressures led to shortening life spans, so that the insects may 
have more generations per year, thus ensuring species survival 
even if large mortality occurs at each generation. Associated 
with this trend, the digestive system evolved to become more 
efficient to support faster life cycles. 

The basic plan of digestive physiology for most winged 
insects (Neoptera ancestors) is summarized in Fig. 5A. In 
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these ancestors, the major part of digestion is carried out in 
the crop by digestive enzymes propelled by antiperistalsis 
forward from the midgut. Saliva plays a minor role or no role 
at all in digestion. After a while, following ingestion, the crop 
contracts, transferring digestive enzymes and partly digested 
food into the ventriculus. The anterior ventriculus is acid and 
has high carbohydrase activity, whereas the posterior 
ventriculus is alkaline and has high proteinase activity. This 
differentiation along the midgut may be an adaptation to the 
instability of ancestral carbohydrases in the presence of 
proteinases. The food bolus moves backward in the midgut 
of the insect by peristalsis. As soon as the polymeric food 
molecules have been digested to become small enough to pass 
through the peritrophic membrane, they diffuse with the 
digestive enzymes into the ectoperitrophic space (Fig. 1). The 
enzymes and nutrients are then displaced toward the ceca 
with a countercurrent flux caused by secretion of fluid at the 
Malpighian tubules and its absorption back by cells (similar 
to Figs. 3A, C) at the ceca (Fig. 5A), where final digestion is 
completed and nutrient absorption occurs. When the insect 
starts a new meal, the ceca contents are moved into the crop. 
As a consequence of the countercurrent flux, digestive 
enzymes occur as a decreasing gradient in the midgut, and 
lower amounts are excreted. 

The Neoptera basic plan is the source of that of the 
Polyneoptera orders and evolved to the basic plans of 
Paraneoptera and Holometabola. Lack of data limits the 
proposition of a basic plan to a single Paraneoptera order, 
Hemiptera. Symbiont microorganisms may occur in large 
numbers in insect gut. For example, the bacteria Nocardia 
rhodnii may represent up to 5% of the Rhodnius prolixus 
midgut dry weight. The symbionts are believed to provide 
nutrient factors (such as B vitamins or fermentation end 
products) to the host. Microorganism symbionts have rarely 
been associated with digestion, and the few that are known 
are implicated with cellulose digestion only. 


Polyneoptera 


BLATTODEA AND MANTODEA = Cockroaches, which are 
among the first neopteran insects to appear in the fossil 
record, are extremely generalized in most morphological 
features. They are usually omnivorous. In spite of the lack of 
detailed data on midgut fluxes and enzyme distribution, it is 
thought that digestion in cockroaches occurs as described for 
the Neoptera ancestor (Fig. 5A), except that part of the final 
digestion of proteins occurs on the surface of midgut cells. 
Another difference observed is the enlargement of hindgut 
structures (Fig. 2C), noted mainly in wood-feeding 
cockroaches. These hindgut structures harbor bacteria 
producing acetate and butyrate from ingested wood or other 
cellulose-containing materials. Acetate and butyrate are 
absorbed by the hindgut of all cockroaches, but this activity 
is more remarkable with wood roaches. Cellulose digestion 


may be accomplished by bacteria, but there is evidence that 
wood roaches have their own cellulases. Mantids have a 
capacious crop, and a short midgut and hindgut. It is 
probable that the major part of digestion takes place in their 
crops. 


ISOPTERA ‘Termites are derived from and are more 
adapted than wood roaches in dealing with refractory materials 
such as wood and humus. Associated with this specialization, 
they lost the crop and midgut ceca and enlarged their hindgut 
structures (Fig. 2D). Termites digest cellulose with their own 
cellulase, and the products pass from the midgut into the 
hindgut, where they are converted into acetate and butyrate 
by hindgut bacteria as in wood roaches. Symbiotic bacteria are 
also responsible for nitrogen fixation in hindgut, resulting in 
bacterial protein. This is incorporated into the termite body 
mass after being expelled in feces by one individual and being 
ingested and digested by another. This explains the ability of 
termites to develop successfully in diets very poor in protein. 


ORTHOPTERA Grasshoppers feed mainly on grasses, and 
their digestive physiology clearly evolved from the neopteran 
ancestor. Carbohydrate digestion occurs mainly in the crop, 
under the action of midgut enzymes, whereas protein digestion 
and final carbohydrate digestion take place at the anterior 
midgut ceca. The abundant saliva (devoid of significant 
enzymes) produced by grasshoppers saturate the absorbing 
sites in the midgut ceca, thus hindering the countercurrent 
flux of fluid. This probably avoids excessive accumulation of 
noxious wastes in the ceca, and makes possible the high relative 
food consumption observed among locusts in their migratory 
phases. Starving grasshoppers present midgut countercurrent 
fluxes. Cellulase found in some grasshoppers is believed to 
facilitate the access of digestive enzymes to the plant cells 
ingested by the insects by degrading the cellulose framework 
of cell walls. Crickets are omnivorous or predatory insects 
with most starch and protein digestion occurring in their 
capacious crop (Fig. 2B). 


Paraneoptera 


HEMIPTERA The characteristics of the Paraneoptera 
ancestors cannot be inferred because midgut function data 
are available only for Hemiptera. The Hemiptera comprise 
insects of several suborders (e.g., cicadas, leafhoppers, aphids, 
and fulgorids) that feed almost exclusively on plant sap, and 
insects of the taxon Heteroptera (e.g., assassin bugs, plant 
bugs, stinkbugs, and lygaeid bugs) that are adapted to 
different diets. The ancestor of the entire order is supposed to 
be a sapsucker similar to present-day cicadas and fulgorids. 

The hemipteran ancestor (Fig. 5F) differs remarkably from 
the neopteran ancestor, as a consequence of adaptations to 
feeding on plant sap. These differences consist of the lack of 
crop and anterior midgut ceca, loss of the enzymes involved in 


convergence speed than LMS and NLMS 
algorithms. 


Signal Structure Reference 


Beamforming (SSRB) 


SSRB method is based on inherent 
structure of the transmit signal of the 
implicit kind reference signal. Algorithms 
such as blind beamforming, least squares, 
and constant modulus algorithms, are 
based on the SSRB method. SSRB method 
is robust against different propagation 
conditions and does not require the array 
manifold knowledge. But the convergence 
problem becomes the main drawback of 
the SSRB method. 


VI. Conclusions 


In this paper we introduced the multi 
antenna technologies which can _ be 
considered as one of the most vivid area of 
research. Multiple antenna technologies 
were categorized into two main groups 
where in the first group we introduced 
some techniques related to spatial 
diversity and spatial multiplexing by 
outlining the gain achieved by these 
schemes. Furthermore, we introduced the 
smart antenna techniques and the up-to- 
date research progress in this field. 

The advantages of multiple antenna 
systems make of them a very strong 
candidate to increase link reliability, 
increase channel capacity and reduce 
interference in both uplink and downlink. 
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initial and intermediate digestion and loss of the peritrophic 
membrane associated with the lack of luminal digestion, and, 
finally, the presence of hemipteran midgut cells (Fig. 3H), 
which have their microvilli ensheathed by an outer (perimi- 
crovillar) membrane. The perimicrovillar membrane maintains 
a constant distance from the microvillar membrane, extends 
toward the luminal compartment with a dead end, and limits 
a closed compartment, the perimicrovillar space (Fig. 3H). 
Ongoing research suggests that aphids have modified 
perimicrovillar membranes. 

Sap-sucking Hemiptera may suck phloem or xylem sap. 
Phloem sap is rich in sucrose (0.15—0.73 M) and relatively 
poor in free amino acids (15-65 mM) and minerals, whereas 
xylem fluid is poor in amino acids (3-10 mM) and contains 
monosaccharides (about 1.5 mM), organic acids, potassium 
ions (about 6 mM), and other minerals. Thus, except for 
dimer (sucrose) hydrolysis, no food digestion is necessary in 
sapsuckers. The major problem facing a sap-sucking insect is 
to absorb nutrients, such as essential amino acids, that are 
present in very low concentrations in sap. Amino acids may 
be absorbed according to a hypothesized mechanism that 
depends on perimicrovillar membranes. In phloem feeders 
such as aphids, this process may have an assimilation 
efficiency of 55% for amino acids and only 5% for sugars, 
whereas in xylem feeders such as leafhoppers, about 99% of 
dietary amino acids and carbohydrates are absorbed. 

Organic compounds in xylem sap need to be concentrated 
before they can be absorbed by the perimicrovillar system. 
This occurs in the filter chamber (Fig. 2P) of Cicadoidea and 
Cercopoidea, which concentrates xylem sap 10-fold, or in 
the filter chamber of Cicadelloidea (phloem feeders), which 
is able to concentrate dilute phloem about 2.5-fold. The filter 
chamber consists of a thin-walled, dilated anterior midgut in 
close contact with the posterior midgut and the proximal 
ends of the Malpighian tubules. This arrangement enables 
water to pass directly from the anterior midgut to the 
Malpighian tubules, concentrating food in midgut. 

The evolution of Heteroptera was associated with regaining 
the ability to digest polymers. Because the appropriate diges- 
tive enzymes were lost, these insects instead used enzymes 
derived from lysosomes. Lysosomes are cell organelles 
involved in intracellular digestion carried out by special 
proteinases referred to as cathepsins. Compartmentalization 
of digestion was maintained by the perimicrovillar membranes 
as a substitute for the lacking peritrophic membrane. 
Digestion in the two major Heteroptera taxa—Cimico- 
morpha, exemplified by the blood feeder R. prolixus, and 
Pentatomorpha, exemplified by the seed sucker Dysdercus 
peruvianus—is similar. The dilated anterior midgut stores 
food and absorbs water and, at least in D. peruvianus, also 
absorbs glucose. Digestion of proteins and absorption of 
amino acids occur in the posterior ventriculus. Most protein 
digestion occurs in lumen with the aid of a cysteine 
proteinase and ends in the perimicrovillar space under the 
action of aminopeptidases and dipeptidases. Many 
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Heteroptera feed on parenchymal tissues of plants. In some 
of these insects, excess water passes from the expanded 
anterior midgut to the closely associated midgut ceca, which 
protrude from the posterior midgut (Fig. 2Q). These ceca 
may also contain symbiont bacteria. 


Holometabola 


The basic gut plan of the Holometabola (Fig. 5B) is similar 
to that of Neoptera except that fluid secretion occurs in the 
posterior ventriculus by cells similar to Fig. 3F, instead of by 
the Malpighian tubules. Because the posterior midgut fluid, 
unlike Malpighian tubular fluid, does not contain wastes, the 
accumulation of wastes in ceca is decreased. There is an evo- 
lutionary trend leading to the loss of anterior midgut ceca in 
holometabolous insects and an increase in the use of anterior 
ventricular cells for water absorption. Ceca loss probably 
further decreases the accumulation of noxious substances in 
the midgut, which would be more serious in insects that have 
high relative food consumption rates, such as is common 
among Holometabola. Digestive systems may change 
remarkably between larvae and adults of holometabolous 
insects. Despite these changes, adult digestive systems probably 
evolved in parallel to larval systems because, except for minor 
differences, the compartmentalization of digestion in larvae 
and adults seems to be similar. 

The basic plan of Coleoptera and Hymenoptera did not 
evolve dramatically from the Holometabola ancestor, 
whereas the basic plan of Diptera and Lepidoptera 
(panorpoid ancestor, Fig. 5C) presents important differences. 
Thus, panorpoid ancestors have countercurrent fluxes like 
Holometabola ancestors but differ from these in the lack of 
crop digestion, in midgut differentiation in luminal pH, and 
in which compartment is responsible for each phase of 
digestion. In Holometabola ancestors, all phases of digestion 
occur in the endoperitrophic space (Fig. 1), whereas in 
panorpoid ancestors only initial digestion occurs in that 
region. In the latter ancestors, intermediate digestion is 
carried out by free enzymes in the ectoperitrophic space and 
final digestion occurs at the midgut cell surface by 
immobilized enzymes. The free digestive enzymes do not 
pass through the peritrophic membrane because they are 
larger than the peritrophic membrane pores. Immobilized 
enzymes may be either soluble enzymes entrapped in the cell 
glycocalyx or membrane-bound enzymes, which are those 
embedded in the lipid bilayer forming the microvillar 
membranes (intrinsic proteins). As a consequence of the 
compartmentalization of digestive events in panorpoid 
insects, there is an increase in the efficiency of digestion of 
polymeric food by allowing the removal of the oligomeric 
molecules from the endoperitrophic space, which in turn is 
powered by the recycling mechanism associated with the 
midgut fluxes. Because oligomers may be substrates or 
inhibitors for some polymer hydrolases, their presence 
should decrease the rate of polymer degradation. A fast 
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polymer degradation ensures that polymers are not excreted, 
hence increases their digestibility. Another consequence of 
compartmentalization is an increase in the efficiency of 
oligomeric food hydrolysis by allowing the transference of 
oligomeric molecules to the ectoperitrophic space and by 
restricting oligomer hydrolases to this compartment. In these 
conditions, oligomer hydrolysis occurs in the absence of 
probable partial inhibition (because of nonproductive 
binding) by polymer food and presumed nonspecific binding 
by nondispersed undigested food. This process leads to the 
production of food monomers only in the neighborhood of 
the midgut cell surface, causing an increase in the 
concentration of the final products of digestion close to their 
transporters, thus facilitating absorption. 


COLEOPTERA Larvae and adults of Coleoptera usually 
display the same feeding habit; that is, both are plant feeders 
(although adults may feed on the aerial parts, whereas the 
larvae may feed on the roots of the same plant) or both are 
predatory. Coleoptera ancestors are like Holometabola 
ancestors except for the anterior midgut ceca, which were lost 
and replaced in function by the anterior midgut. Nevertheless, 
there are evolutionary trends leading to a great reduction or 
loss of the crop and, similar to panorpoid orders, occurrence 
of final digestion at the surface of midgut cells. Thus, in 
predatory Carabidae most of the digestive phases occur in the 
crop by means of midgut enzymes, whereas in predatory 
larvae of Elateridae initial digestion occurs extraorally by the 
action of enzymes regurgitated onto their prey. The 
preliquefied material is then ingested by the larvae, and its 
digestion is finished at the surface of midgut cells. The entire 
digestive process occurs in the larval endoperitrophic space of 
Dermestidae. In Tenebrionidae, the final digestion of proteins 
takes place at midgut cell surface; in Curculionidae and 
Cerambycidae, the final digestion of all nutrients is carried 
out at midgut cell surface. It has been proposed that 
Cerambycidae larvae acquire the capacity to digest cellulose 
by ingesting fungal cellulases while feeding on fungus-infested 
wood. In contrast, Coccinellidae adults use their own cellulase 
to digest cellulose. The distribution of enzymes in gut regions 
of adult Tenebrionidae is similar to that of their larvae. This 
suggests that the overall pattern of digestion in larvae and 
adults of Coleoptera is similar even though (in contrast to 
adults) beetle larvae usually lack a crop. Insects of the series 
Cucujiformia (which includes Tenebrionidae, Chrysomelidae, 
Bruchidae, and Curculionidae) have cysteine proteinases in 
addition to (or in place of) serine proteinases as digestive 
enzymes, suggesting that the ancestors of the whole taxon 
were insects adapted to feed on seeds rich in serine proteinase 
inhibitors. 

Scarabaeidae and several related families are relatively 
isolated in the series Elateriformia and evolved considerably 
from the Coleoptera ancestor. Scarabid larvae, exemplified by 
dung beetles, usually feed on cellulose materials undergoing 
degradation by a fungus-rich flora. Digestion occurs in the 


midgut, which has three rows of ceca (Fig. 2F), with a ventral 
groove between the middle and posterior row. The alkalinity 
of gut contents increase to almost pH 12 along the midgut 
ventral groove. This high pH probably enhances cellulose 
digestion, which occurs mainly in the hindgut fermentation 
chamber (Fig. 2F), likely through the action of bacterial cell- 
bound enzymes. The final product of cellulose degradation is 
mainly acetic acid, which is absorbed through the hindgut 
wall. Whether scarabid larvae ingest feces to obtain nitrogen 
compounds, as described above for termites, is a matter of 
controversy. 


HYMENOPTERA Hymenoptera comprise several primi- 
tive suborders (including sawflies and horntails) and 
Apocrita. Apocrita are divided into Parasitica, which are 
parasites of other insects, and Aculeata, in which the piercing 
ovipositor of Parasitica evolved into a stinging organ. The 
first Apocrita were probably close to the ichneumon flies, 
whose larvae develop on the surface or inside the body of the 
host insect. Probably because of that, the larvae of Apocrita 
present a midgut that is closed at its rear end, and remains 
unconnected. with the hindgut until the time of pupation. 
Hymenoptera ancestors differ from the Holometabola 
ancestor in the lack of anterior midgut ceca, which are 
replaced by the anterior midgut in the function of fluid 
absorption, and in the absence of midgut enzymes in the crop. 
Wood wasp larvae of the genus Sirex are believed to be able to 
digest and assimilate wood constituents by acquiring 
cellulase, xylanase, and possibly other enzymes from fungi 
present in wood on which they feed. In larval bees, most 
digestion occurs in the endoperitrophic space. Counter- 
current fluxes seem to occur, but the midgut luminal pH 
gradient hypothetically present in the Hymenoptera ancestor 
was lost. 

Adult bees ingest nectar and pollen. Sucrose from nectar 
is hydrolyzed in the crop (Fig. 21) by the action of a sucrase 
from the hypopharyngeal glands. After ingestion, pollen 
grains extrude their protoplasm into the ventriculus, where 
digestion occurs. Worker ants feed on nectar, honeydew, plant 
sap, or partly digested food regurgitated by their larvae. Thus, 
they seem to display only intermediate and (or) final digestion. 


DIPTERA The Diptera evolved along two major lines: 
an assemblage of suborders corresponding to the mosquitoes, 
including the basal Diptera, and the suborder Brachycera, 
which includes the most evolved flies (Cyclorrhapha). The 
Diptera ancestor is similar to the panorpoid ancestor (Fig. 
5C) in having the enzymes involved in intermediate digestion 
free in the ectoperitrophic fluid (mainly in the large ceca), 
whereas the enzymes of terminal digestion are membrane 
bound at the midgut cell microvilli. Although these 
characteristics are observed in most nonbrachyceran larvae, 
the more evolved of these larvae may show reduction in size 
of midgut ceca (e.g., Culicidae, Fig. 2k). Nonhematophagous 
adults store liquid food (nectar or decay products) in their 


crops. Digestion occurs in their midgut as in larvae. Nectar 
ingested by mosquitoes (males and females) is stored in the 
crop, and digested and absorbed at the anterior midgut. 
Blood, which is sucked only by females, passes to the 
posterior midgut, where it is digested and absorbed. 

The Cyclorrhapha ancestor (Fig. 5D) evolved dramatically 
from the panorpoid ancestor (Fig. 5C), apparently as a result 
of adaptations to a diet consisting mainly of bacteria. 
Digestive events in Cyclorrhapha larvae are exemplified by 
larvae of the house fly Musca domestica. These larvae ingest 
food rich in bacteria. In the anterior midgut there is a 
decrease in the starch content of the food bolus, facilitating 
bacteria death. The bolus now passes into the middle midgut 
where bacteria are killed by the combined action of low pH, 
a special lysozyme, and an aspartic proteinase. Finally, the 
material released by bacteria is digested in the posterior 
midgut, as is observed in the whole midgut of insects of other 
taxa. Countercurrent fluxes occur in the posterior midgut 
powered by secretion of fluid in the distal part of the 
posterior midgut and its absorption back into the middle 
midgut. The middle midgut has specialized cells for buffering 
the luminal contents in the acidic zone (Fig. 3D), in addition 
to those functioning in fluid absorption (Fig. 3A). Except for 
a few bloodsuckers, Cyclorrhaphan adults feed mainly on 
liquids associated with decaying material (rich in bacteria) in 
a way similar to house fly adults. That is, they salivate (or 
regurgitate their crop contents) onto their food. After the 
dispersed material has been ingested, starch digestion is 
accomplished primarily in the crop by the action of salivary 
amylase. Digestion is followed in the midgut, essentially as 
described for larvae. The stable fly, Stomoxys calcitrans, stores 
and concentrates the blood meal in the anterior midgut and 
gradually passes it to the posterior midgut, where digestion 
takes place, resembling what occurs in larvae. These adults 
lack the characteristic cyclorrhaphan middle midgut and the 
associated low luminal pH. Stable flies occasionally take 
nectar. 


LEPIDOPTERA Lepidopteran ancestors (Fig. 5E) differ 
from panorpoid ancestors because they lack midgut ceca, 
have all their digestive enzymes (except those of initial 
digestion) immobilized at the midgut cell surface, and 
present long-necked goblet cells (Fig. 3B) and stalked goblet 
cells (Fig. 3E) in the anterior and posterior larval midgut 
regions, respectively. Goblet cells excrete K* ions, which are 
absorbed from leaves ingested by larvae. Goblet cells also 
seem to assist anterior columnar cells in water absorption and 
posterior columnar cells in water secretion. Although most 
lepidopteran larvae have a common pattern of digestion, 
species that feed on unique diets generally display some 
adaptations. Tineola bisselliella (Tineidae) larvae feed on wool 
and display a highly reducing midgut for cleaving the 
disulfide bonds in keratin to facilitate proteolytic hydrolysis 
of this otherwise insoluble protein. Wax moths (Galleria 
mellonella) infest beehives and digest and absorb wax. The 
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participation of symbiotic bacteria in this process is 
controversial. Another adaptation has apparently occurred in 
lepidopteran adults that feed solely on nectar. Digestion of 
nectar requires only the action of an o1-glucosidase (or a B- 
fructosidase) to hydrolyze sucrose, the major component 
present. Nectar-feeding lepidopteran adults have amylase in 
salivary glands and several glycosidases and peptidases in the 
midgut. The occurrence of the whole complement of 
digestive enzymes in nectar-feeding moths may explain, at 
least on enzymological grounds, the adaptation of some adult 
Lepidoptera to new feeding habits such as blood and pollen. 


ABSORPTION OF WATER AND NUTRIENTS 
Overview and Absorption of Lipids 


Absorption is the passage of molecules and ions from the gut 
lumen into the gut cells, thus traversing the cuticle (if 
present) and the cell plasma membrane. Absorption depends 
on the permeability of those barriers and on the concentration 
ratio of a compound in gut lumen and inside gut cells. The 
permeability of cuticles is variable, whereas that of the plasma 
membrane is greater for water (a fact not well understood) 
and for hydrophobic compounds, reflecting the ease with 
which they solubilize in the lipid bilayers characteristic of cell 
membranes. Thus, absorption of hydrophilic compounds 
requires special devices (transporters) to help the molecules 
find their way through the cell membrane. These transporters 
are transmembrane proteins that bind the molecule to be 
transported in a membrane face and, after suitable 
conformational changes, deliver the molecule from the other 
face. A uniporter is a transporter that carries a single solute, 
whereas symporters and antiporters are transporters that 
carry two solutes into the same and opposite directions, 
respectively. To transport molecules against a concentration 
gradient, the process must be energized by coupling with 
ATP hydrolysis or with cotransport of another molecule 
down its concentration gradient. Transporter-mediated 
absorption may be inhibited by molecules resembling those 
of the transported solute, and its velocity attains a maximum 
(transporter becomes saturated) at a high solute concentration. 
This behavior is not observed in the case of simple diffusion, 
exemplified by lipid absorption. 

The study of gut absorption in insects is difficult because 
of the small size of these animals, which frequently hinders 
the use of methods developed for studying vertebrates. 
Absorption sites in insect guts are identified by feeding 
groups of insects with known dye solutions and then 
dissecting insects at different periods of time. If the insect is 
large enough, absorption studies can go further, using gut 
sections mounted as a sac and measuring the rates at which 
compounds traverse it under different conditions. 

Tracer studies showed that lipid is absorbed more heavily 
in the anterior than in the posterior midgut of insects, thus 
following the tissue distribution of fatty acid binding 
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proteins. These proteins are thought to facilitate fatty acid 
uptake by cells, by decreasing their diffusion back from cells 
to the gut lumen and by targeting them to specific metabolic 
pathways. The fatty acids acetate and butyrate are absorbed 
in significant amounts by the hindgut of insects utilizing 
cellulose. 


Water 


Water absorption in the midgut occurs associated with 
midgut fluid fluxes, but in large amounts it is characteristic 
of insects feeding on dilute diets, of blood feeders, and also 
of insects in which salivation is important (e.g., grasshoppers, 
seed-sucker bugs). Water absorption in the hindgut is part of 
the water conservation mechanism that is important in all 
terrestrial insects. Frequently, special cell aggregates (rectal 
pads) are involved in this process. Water uptake is thought to 
depend on salt being pumped into spaces enclosed by the 
basolateral infoldings (Fig. 3A, C) of the absorbing cell. This 
creates an osmotic pressure that moves water into these 
restricted spaces. The resulting hydrostatic pressure drives 
water into the hemolymph, with salts being absorbed from 
the water on its way out. In insects feeding on dry diets in 
dry habitats (e.g., Z molitor, D. maculatus), hindgut water 
absorption is improved by the cryptonephridial system, 
which consists of an association of Malpighian tubules and 
rectal pads. Less sophisticated forms of this system are found 
in other insects. 


Ions, Amino Acids, and Sugars 


In insects, as is usual for all animals, most nutrient 
absorption occurs in the midgut through symporters, with 
ions being cotransported down the concentration gradient. 
Favorable ion gradients are maintained by ion pumps. The 
most ubiquitous of these pumps is the ATP-driven Na*, K*- 
antiporter (Na*-K*-ATPase) localized in the midgut cell basal 
membrane. Another important ion pump is the H’*, K*- 
ATPase found in the goblet cell (Fig. 3B, E) microvillar 
membranes of lepidopteran larvae. Those pumps maintain 
cell Na* and cell K* low in insects with Na*-rich and K*-rich 
diets, respectively. The midgut of lepidopteran larvae 
contains K*-dependent symporters for amino acids, 
consistent with the K*-rich plant diets of these larvae. Such 
symporters are relatively insensitive to amino acid sizes and 
shapes, but have narrow specificities towards charge. Thus, 
there are usually symporters for neutral, acid, and basic 
amino acids. Insects with high-Na* diets seem to have 
midgut amino acid symporters dependent on Na’, as shown 
in cockroaches. The absorption of glucose was shown in 
several insects to depend on a difference of concentration 
between midgut lumen and cells. This transport increases as 
the concentration of luminal glucose increases (no 
saturation) and is not inhibited by molecules similar to 
glucose, at least in the range of concentrations tested. This 
finding led to the speculation that, in insects, glucose is 


absorbed by simple diffusion. Nevertheless, this is probably 
false, since a hydrophylic molecule is not expected to pass 
through membranes without the help of a transporter. 

The primary urine produced in Malpighian tubules 
contains salts and amino acids, and passes into the hindgut 
together with food remains. Salts are absorbed in the hindgut 
by means of special pumps, like those for chloride and 
calcium. Amino acids, at least in locusts, are absorbed in the 
hindgut through a Na*-dependent amino acid symporter. 


MIDGUT SECRETORY MECHANISMS 


Insects are continuous (e.g., Lepidoptera and Diptera larvae) 
or discontinuous (e.g., predators and hematophagous insects) 
feeders. Synthesis and secretion of digestive enzymes in 
continuous feeders seem to be constitutive; that is, these 
functions occur continuously, whereas in discontinuous 
feeders they are regulated. It is widely believed (without clear 
evidence) that putative endocrine cells (Fig. 31) occurring in 
the midgut could, like similar cells in vertebrates, play a role 
in regulating midgut events. The presence of food in the 
midgut is necessary to stimulate synthesis and secretion of 
digestive enzyme. This was clearly shown in mosquitoes. 

Mosquitoes express constitutively small amounts of a 
trypsin called early trypsin. After a blood meal, early trypsins 
generate free amino acids and small peptides from blood 
proteins. These compounds are the initial signals that induce 
the synthesis and secretion of large amounts of late trypsins, 
which complete protein digestion. 

Like all animal proteins, digestive enzymes are synthesized 
in the rough endoplasmic reticulum, processed in the Golgi 
complex, and packed into secretory vesicles (Fig. 4). There 
are several mechanisms by which the contents of the 
secretory vesicles are freed in the midgut lumen. During 
exocytic secretion, secretory vesicles fuse with the midgut cell 
apical membrane, emptying their contents without any loss 
of cytoplasm (Fig. 4A). In contrast, apocrine secretion 
involves the loss of at least 10% of the apical cytoplasm 
following the release of secretory vesicles (Fig. 4B). These 
have previously undergone fusions originating larger vesicles 
that after release eventually free their contents by 
solubilization (Fig. 4B). When the loss of cytoplasm is very 
small, the secretory mechanism is called microapocrine. 
Microaprocrine secretion consists of releasing budding 
double-membrane vesicles (Fig. 4C) or, at least in insect 
midguts, pinched-off vesicles that may contain a single or 
several secretory vesicles (Fig. 4D). In both apocrine and 
microapocrine secretion, the secretory vesicle contents are 
released by membrane fusion and/or by membrane 
solubilization due to high pH contents or to the presence of 
detergents. 

Secretion by hemipteran midgut cells displays special 
features because the cells have perimicrovillar membranes, in 
addition to microvillar ones (Fig. 3H): double-membrane 
vesicles bud from modified (double-membrane) Golgi 


structures (Fig. 4E). The double-membrane vesicles move to 
the cell apex, their outer membranes fuse with the microvillar 
membrane, and their inner membranes fuse with the perimi- 
crovillar membranes, emptying their contents (Fig. 4E). 
Because apocrine and microapocrine mechanisms waste 
membrane and cytoplasm material, these mechanisms are 
preferred only when they present advantages over the 
exocytic mechanism. This occurs when a burst of digestive 
enzymes is needed, as in hematophagous flies after a blood 
meal, and when secretion occurs in a midgut region respon- 
sible for water absorption, a common situation in the 
anterior midgut of most insects. An exocytic mechanism in a 
water-absorptive region is not efficient, because the 
movement of fluid toward the cells would prevent uniform 
diffusion of the material secreted. Fluid movement has little 
effect on apocrine and microapocrine secretion because the 
enzymes are released from budded or pinched-off secretory 
vesicles far from cells. Since posterior midgut cells usually 
secrete fluid, no problem arises in the dispersion of material 
released by exocytosis by these cells. Microapocrine mecha- 
nisms seem to be an improvement relative to apocrine 
mechanisms, because they waste less material. This is 
consistent with the observation that apocrine mechanisms 
were found in less evolved grasshoppers and beetles, whereas 
microaprocine mechanisms were described in the more 
evolved moths. 
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he Diplura are a group of primitive Arthropods usually 

included in the class Insecta. Typically they live in the soil, 
under the bark of decaying trees, under rocks, and under 
decaying leaf debris. The majority of the species are small, less 
than 5 mm, but some members of the superfamily Japygoidea, 
Atlasjapyx atlas, may be 60 mm in length. The Diplura are 
worldwide in distribution, with about 1000 described species 
assigned to eight families. The name Diplura is derived from 
the presence of paired caudal appendages. 


CLASSIFICATION 


All Diplura possess the following defining characters: (1) 
elongate body, (2) 10th abdominal segment with a pair of 
caudal cerci or one segmented forcep-like pincers, (3) absence 
of eyes, (4) entognathous mouthparts, and (5) two pair of 
spiracles on the thorax (Fig. 1). 

There is no doubt that these organisms are primitive 
arthropods standing near the base of the evolutionary lineage 
that led to the class Insecta. Whether they should be included 
in the Insecta or merit a class unto themselves is debatable. 
Kristensen assigned them to their own class (class and order 
Diplura) in 1991. This suggestion, although it may be 
correct, has not been followed in general textbooks of 
entomology. The classification within the order Diplura has 
developed gradually over the past 100 years as our knowledge 
of the group increased. Table I lists the major taxa and their 
general distribution. 

The 1000 or so species that have thus far been described 
may represent only 50% or less of the actual world fauna. 
Distribution records of the known taxa are poor, with many 
species known from a single locality. A great deal of work is 
left to be accomplished before an accurate idea of the 
diversity and distribution of the Diplura is known. 





FIGURE 1 Dipluran (Parajapyx sp.). (Illustration by K. A. Justus.) 
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TABLEI Classification of the Diplura 
Class or order Diplura 
Suborder Rhabdura 
Superfamily Projapygoidea 
Family Anajapygidae (1 genus Anajapyx, 4+ spp. 
CA, MX) 
Family Projapygidae (2 genera Projapyx, 7 spp.; 
Symphylurinus, 19+ spp.; West AF, Brazil, 
Mx, AU, CH, IN) 
Superfamily Campodoidea 
Family Procampodeidae (1 genus, Procampodea, 2 spp.; 
CA) 
Family Campodeidae 
Subfamily Campodeinae (30+ genera, 160—200+ spp.; 
cosmopolitan) 
Subfamily Lepidocampinae (1 genus; tropical, 
cosmopolitan) 
Subfamily Hemicampinae (2 genera, 4 spp.; US, MX, SA) 
Subfamily Plusiocampinae (5 genera, 40+ spp.; 
cosmopolitan) 
Subfamily Syncampinae (1 genus, 1 sp.; China) 
Family Octostigmatidae (1 genus, 1 sp.; South Pacific) 
Suborder Dicellurata 
Superfamily Japygoidea 
Family Parajapygidae (cosmopolitan) 
Family Dinjapygidae (Peru, Bolivia) 
Family Japygidae 
Subfamily Heterojapyginae (AU, NZ, Mad., Pamit, Tibet) 
Subfamily Japyginae (cosmopolitan) 
Subfamily Evalljapyginae (NA, CA) 
Subfamily Provalljapyginae (NA, Brazil) 


Note. CA, Central America; MX, Mexico; AF, Africa; AU, Australia; CH, 
China; IN, India; SA, South America; NZ, New Zealand; Mad., 
Madagascar; NA, North America; US, United States. 


COLLECTING AND SPECIMEN PREPARATION 


Because of their small size and obscure living habitats Diplura 
are not well represented in most collections. They are, 
however, easily collected in most ecosystems. The collector 
needs small vials of ethyl alcohol, a size 00 or 000 camel hair 
brush, a small tool to turn rocks or pry away bark, and a keen 
eye. When a rock is turned over, the specimens may be on the 
underside of the rock or on the soil. They usually begin to 
move rapidly once exposed and it is necessary to act quickly. 
The brush is wetted in the vial of alcohol and then touched to 
the specimen. Usually the specimen will adhere to the brush 
and can then be transferred to the alcohol vial. Some of the 
larger Japygidae may be collected using the fingers or a pair of 
forceps. Once specimens are collected they must be mounted 
on microscope slides for study and identification. 

There is no single source that allows ready identification 
of Diplura. The sources listed under Further Reading will 
assist in keying specimens to families and genera and provide 
a guide to the numerous papers necessary for species 
identification. 


BIOLOGY 


Relatively few studies have been done on the Diplura, and 
thus we know very little about their habits. However, the 
studies that have been published have recorded the basic 
biological characteristics of the group. The males deposit 
sperm bundles in the soil and females pick up these sperm 
bundles and become fertilized. Eggs may be deposited 
randomly and in clusters. Some japygids suspend eggs at the 
end of a filimentous stalk. The prelarvae hatch in 7 to 16 
days depending on the species. The prelarva does not feed 
and moves very little. The prelarva molts in about 2 days. 
The newly molted immature is fully mobile and feeds readily 
on whatever food source is available. After the second molt 
the immature form possesses the major setae and other 
anatomical characters used for identification. During the 
fourth or fifth molt the individual becomes sexually mature 
as evidenced by the appearance of the sex organs along the 
posterior margin of sternum VII. Diplura continue to molt 
throughout their lives, adding clothing setae on the various 
sclerites and regenerating damaged body appendages. 

Both major groups of Diplura appear to be omnivores. 
Many species are predators as well as scavengers. Foods that 
have been recorded include other Diplura, mites, Collembola, 
Symphyla, Isopoda, fly and beetle larvae, small arthropods of 
any class, enchytraeid worms, fungal spores, and mycelia. 
Some species have been observed feeding on the roots of 
living plants, including peanuts, sugarcane, and melons. 
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he Diptera, commonly called true flies or two-winged flies, 

are a group of familiar insects that includes mosquitoes, 
black flies, midges, fruit flies, and house flies. The Diptera 
are among the most diverse insect orders, with approximately 
124,000 described species. These insects are diverse not only in 
species richness but also in their structural variety, ecological 
habits, and economic importance. The group is ubiquitous 
and cosmopolitan, having successfully colonized nearly every 
habitat and all continents, including Antarctica. Although 
brachyptery (wings reduced) or aptery (wings absent) are 
known in some Diptera (e.g., some Mycetophilidae, Tipulidae, 
Phoridae, and Hippoboscidae), adults usually are winged and 
active fliers. Depending on the group, adults can be nonfeed- 
ing or feeding, with the latter including diets of blood, nectar, 
and other liquefied organic materials. 

Larval Diptera are legless and found in a variety of terres- 
trial and aquatic habitats. Most larvae are free-living and crawl 
or swim actively in water (e.g., Simuliidae, Culicidae, Chi- 
ronomidae, Ptychopteridae, Blephariceridae), sediments (e.g., 
Tipulidae, Psychodidae, Ceratopongonidae, Tabanidae), wood 
(e.g., Tipulidae, Mycetophlidae), fruit (e.g., Drosophilidae, 
Tephritidae), or decaying organic material (e.g., Muscidae, 
Ephydridae, Sphaeroceridae, Sarcophagidae). Other larvae 
inhabit the tissues of living organisms (e.g., Oestridae, 
Tachinidae). 

As expected for a ubiquitous group with diverse habits 
and habitats, the Diptera are of considerable economic 
importance. Pestiferous groups can have significant impacts 
in agriculture (e.g., Agromyzidae, Tephritidae), forestry (e.g., 
Cecidomyiidae), animal health (e.g., Oestridae), and human 
health (e.g., Culicidae, Simuliidae, Psychodidae). Other groups 
can be a general nuisance if present in high numbers (e.g., 
Muscidae, Ceratopogonidae) or because of allergic reactions 
to detached body hairs (e.g., Chironomidae). Despite these 
negative impacts, flies can play a valuable role as scavengers 
(e.g., Mycetophilidae, Muscidae, Calliphoridae), parasitoids 
and predators of other insects (e.g., Tachinidae, Empididae, 
Asilidae), pollinators (e.g., Syrphidae, Stratiomyiidae, Bom- 
byliidae), food for vertebrates (e.g., Chironomidae, Tipulidae), 
bioindicators of water quality (e.g., Chironomidae, Blephari- 
ceridae), and tools for scientific research (e.g., Drosophilidae). 


MORPHOLOGY 


Because of the structural variety in Diptera, especially among 
larvae, it is difficult to generalize about morphology. Despite 
this variety, flies share a number of features. Except for 
certain forms (e.g., cave-dwelling species), adult flies usually 
possess large compound eyes. In some species, eyes meet or 
almost meet dorsally (holoptic); in other groups, eyes are 
widely separated (dichoptic). Further modifications include 
eyes that are divided into distinct dorsal and ventral 
components, a feature found in many Simuliidae, Blephari- 
ceridae, and other groups. These modifications are among 
many that might be related to swarming behavior. The 
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FIGURES 1-6 Adult head of (1) Tipulidae, (2) Blephariceridae, (3) Asilidae, 
(4) Empididae, (5) Tachinidae, (6) Syrphidae. (Photographs by G. Courtney.) 


regions of a fly head include the vertex, a dorsomedial area 
above and posterior to the eyes; the frons, an area extending 
from the vertex to the antennal insertions; and the face, 
which extends from the antennal insertions to the clypeus, a 
region intimately associated with the mouthparts. All of these 
areas can bear a variety of setae, the number and position of 
which often are useful in identification. 

Nearly all flies have well-developed antennae, with the 
flagellum being the most varied component. In nemato- 
cerous families, the antennae are usually composed of many 
segments and are filiform, plumose, or pectinate (Figs. 1-2), 
whereas brachycerous flies typically have the first flagellomere 
enlarged and the remaining flagellomeres stylate or aristate 
(Figs. 3-6). The mouthparts of adult flies also vary between 
groups, ranging from vestigial forms (e.g., Deuterophlebidae, 
Oestridae) to those that are well developed. The latter 
include two general types: (1) piercing and sucking, as seen 
in simuliids, culicids, and asilids, and (2) lapping and 
sucking, as seen in tipulids and most brachycerous groups. 
Typically, the proboscis comprises the unpaired labrum— 
epipharynx, labium, and hypopharynx and the paired 
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mandibles and maxillae. In most groups, the base of each 
maxilla bears a distinct palpus and the apex of the labium is 
modified into a labellum, which consists of membranous 
lobes derived from the labial palpi. 

Perhaps the most distinct feature of the adult fly is the 
single pair of wings (hence, the ordinal name, Diptera, 
meaning “two wings”). A related characteristic is the highly 
modified thorax, with a reduced prothorax and metathorax, 
and a greatly enlarged mesothorax. The latter includes several 
prominent dorsal and lateral sclerites and, internally, houses 
much of the wing musculature. Wing venation varies greatly 
throughout the Diptera and can be extremely important for 
identification. The metathoracic wings are modified into 
distinct club-shaped halteres, which are thought to play an 
important role as balancing organs. Interestingly, halteres are 
distinct in some groups that are otherwise wingless (e.g., 
Hippoboscidae). The legs of an adult fly are typical of most 
insects, each with a coxa, trochanter, femur, tibia, and, in 
nearly all groups, a tarsus comprising five tarsomeres. Beyond 
this basic arrangement, there is considerable diversity of leg 
structure in Diptera, with this diversity often providing 
useful taxonomic information. 

The adult abdomen also shows considerable variety. In 
basic structure, the abdomen consists of 11 segments, the last 
2 or 3 of which are highly modified for reproduction. Most 
abdominal segments consist of a dorsal and ventral sclerite, 
connected laterally by a pleural membrane of varying width. 
There is a general trend toward a shortening of the abdomen 
in Diptera (cf. Tipulidae and Muscidae). The terminalia of 
Diptera are complex, highly variable, and of considerable use 
in taxonomic and phylogenetic studies. Details of terminalic 
structure are beyond the scope of this article; however, the 
structural variety of Diptera terminalia and the controversy 
about interpreting their homologies can be found in some of 
the general references listed at the end. 

The dipteran pupa also varies considerably in form. Some 
fly pupae look like a cross between the worm-like larva and the 
adult, whereas others are relatively featureless and seed-like in 
appearance. The former are typical of the Nematocera and 
are described as obtect, or having the appendages fused to the 
body (Figs. 7-10). For instance, a crane fly (Tipulidae) pupa 
has identifiable head, thoracic, and abdominal segments, but 
the antennal sheaths, legs, and wing pads adhere to the pupal 
body (Fig. 9). Nematocerous pupae are frequently leathery to 
the touch. The exterior of the nematoceran pupa may be 
adorned with spines, gill-like respiratory devices, or 
locomotory paddles (Figs. 7-10). The Brachycera and 
Cyclorrhapha form the pupal stage in a different, more 
concealed manner. Families of the so-called higher Diptera 
form pupae that are described as coarctate, which literally 
means “compacted” or “contracted” (Figs. 11-15). These 
taxa (e.g., Syrphidae, Drosophilidae, Muscidae) form a 
puparium that is composed of the hardened skin of the last 
larval instar (Fig. 14). This relatively tough, desiccation- 
resistant structure houses and protects the pupa; the adult 
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FIGURES 7-15 Pupa of (7) Ptychopteridae, (8) Simuliidae, (9) Tipulidae, 
(10) Chironomidae, showing anal division below, (11) Tabanidae, (12) 
Empididae, (13) Syrphidae, (14) Muscidae, (15) Ephydridae. (All 


illustrations modified, with permission, from Merritt and Cummins, 1996.) 


also forms within the puparium. The enclosed adult must 
break through the puparial skin and does so by extruding a 
balloon-like structure from the frons called the ptilinum. The 
ptilinum is used to break the cephalic cap, a lid-like structure 
positioned anteriorly on the puparium, thus liberating the 
teneral (or newly emerged) adult. Very few external features 
are noticeable on the puparium, although careful examination 
will reveal the spiracles through which atmospheric air is 
obtained by the pupa. 

Diptera larvae can be distinguished from the larvae of 
most other insects by the lack of jointed thoracic legs. In 
other features, larval dipterans show tremendous structural 
variety. This variation is exemplified by cranial structure. 
Larvae of most nematocerous flies are eucephalic, i.e., charac- 
terized by a complete, fully exposed, and heavily sclerotized 
head capsule (Figs. 17-19 and 24). Larval tipulids are special 
among nematocerous flies, as the head capsule often is fully 
retracted into the thorax (Fig. 16) and the posterior cranial 
margin may possess small to extensive longitudinal incisions 
(Fig. 23). In contrast to the condition in nematoceran larvae, 
the cranial sclerites of brachyceran larvae are greatly reduced 
or absent. The hemicephalic head capsule of many 
orthorrhaphous Brachycera consists of slender arms and rods 
that are partly retracted into the thorax (Figs. 25-26). The 
culmination of cranial reduction is in the acephalic head of 
larval Cyclorrhapha, in which the external portions of the head 
are membranous, and much of the head is retracted into the 
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FIGURES 16-27 Larva of (16) Tipulidae, (17) Ceratopogonidae, (18) 
Chironomidae, (19) Simuliidae, (20) Tabanidae, (21) Syrphidae, (22) 
Ephydridae. Larval head capsule of (23) Tipulidae, (24) Chironomidae. 
Cranial sclerites and mouth parts of (25) Tabanidae, (26) Dolichopodidae. 
(27) Cephalopharyngeal skeleton of Sciomyzidae. (All illustrations 
modified, with permission, from Merritt and Cummins, 1996.) 





thorax (Fig. 27). The internal portion, or cephalopharyngeal 
skeleton, is thought to comprise the remnants of internal 
cranial sclerites (tentorium) and various mouthparts. 
Although referred to as “acephalic,” the primary difference 
between the head of a cyclorrhaphan larva and that of a 
nematoceran larva is that most of the constituent segments 
are withdrawn into the thorax and thus externally hidden 
(Fig. 22). Cranial modifications are accompanied by general 
changes in the shape and rotation of mandibles and other 
mouthparts. The mandible of larval nematocerans typically 
consists of a stout, toothed structure that moves in a horizontal 
or oblique plane and operates as a biting and chewing organ. 
The brachyceran larval mandible usually is more claw-like, 
has fewer teeth along the inner surface, moves in a vertical 
plane, and operates as a piercing or slashing organ. 

In most Diptera larvae, the thorax and abdomen are soft, 
flexible, and only occasionally provided with sclerotized plates. 
The thorax usually consists of three distinct segments and the 
abdomen usually eight or nine segments (Figs. 17-19). Body 
form varies almost as much as does cranial diversity and 
ecological habits. In many nematoceran groups (e.g., most 
Chironomidae, Tipulidae, and Simuliidae), the body is sub- 
cylindrical (Figs. 16, 18, and 19). Other groups are predomi- 
nantly fusiform (e.g., Cecidomyiidae) or elongated and 
serpentine (e.g., Ceratopogonidae) (Fig. 17). The latter body 


form is common in groups inhabiting soil and interstitial 
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aquatic habitats. The larvae of some groups (e.g., Culicidae) 
are unusual in that the thoracic segments are indistinctly 
differentiated and form a single large segment that is wider 
than the rest of the body (Fig. 48). The typical body shape of 
a cyclorrhaphan larva is that of a maggot (i.e., pointed at the 
anterior end, with the thoracic segments approaching the 
maximum body diameter). The variation in body form is 
particularly impressive in families whose larvae feed on a 
variety of substrates (e.g., Syrphidae). Cyclorrhaphan larvae 
can be dorsoventrally flattened, a feature often associated 
with the presence of segmental or branched body 
protuberances. The syrphid genus Microdon has one of the 
most unusual larvae, being ventrally flattened, dorsally 
dome-shaped, and sluglike in overall appearance. Larvae with 
parasitoid and parasitic life styles (e.g., Pipunculidae, 
Oestridae) are often extremely stout or pear-shaped, their 
body form being closely adapted to that of the host. 

Despite the absence of jointed thoracic legs, locomotion is 
highly diverse in fly larvae, reflecting the group’s diversity in 
habitat and habits. Locomotory appendages operate through a 
combination of turgor pressure and muscle action and include 
creeping welts, prolegs, and other specialized structures (e.g., 
suctorial discs). Creeping welts are transverse, swollen areas 
(ridges) that bear one to several modified setae or spines; 
creeping welts are characteristic of several groups, including 
many crane flies, dance flies, and deer and horse flies (Fig. 20). 
Among orthorrhaphous groups, ventral creeping welts are 
common in the larvae of Rhagionidae and Empididae. 
Cyclorrhaphan larvae typically use creeping welts as anchoring 
devices, with welts usually comprising bands of small spines 
on abdominal segments. The distribution and morphology 
of creeping welts vary considerably between families, species, 
instars, and segments. Prolegs usually are paired, round, 
elongate, fleshy, retractile processes that bear apical spines or 
crochets; prolegs come in a diversity of shapes, sizes, and 
positions and are typical of Chironomidae, Deuterophlebidae, 
Simuliidae, Rhagionidae, and various members of other 
groups (Figs. 16, 18, 19, 21, and 22). Other specialized 
structures used for locomotion or attachment include 
friction pads and suctorial discs. Several genera of 
Psychodidae possess friction pads, which are areas of 
modified cuticle on the ventral surface of the thorax or 
abdomen. Functionally similar structures may occur in 
certain Ephydridae, particularly in groups inhabiting 
waterfalls and thin films of flowing water. Suctorial disks are 
true suction devices on the ventral body surface of larval net- 
winged midges and are an obvious adaptation to life in 
torrential streams. 

Larval Diptera show a variety of respiratory adaptations, 
many a reflection of life in fluid or semifluid habitats. The 
basic respiratory system comprises an internal system of tra- 
cheae and the external spiracles. Respiration may be directly 
from the atmosphere, from plant tissues, or from oxygenated 
fluids. The presence of hemoglobin in the blood of some 
midges can assist the absorption of oxygen. Many aquatic 
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larvae, particularly those from well-oxygenated streams, are 
apneustic (lack spiracles) and absorb oxygen directly through 
the skin. Some families (e.g., Psychodidae) possess spiracles 
on the prothorax and last abdominal segment, whereas others 
(e.g., Culicidae and most cyclorrhaphans) have spiracles on 
only the last segment. In several groups (e.g., many 
Ephydridae and Syrphidae), the spiracles are at the end of a 
retractile respiratory siphon (Figs. 21 and 22). 


PHYLOGENY AND CLASSIFICATION 


Traditionally the Diptera have been divided into two or three 
suborders: Nematocera (“lower” Diptera) and Brachycera 
(“higher” Diptera), with the latter sometimes divided further 
into the Orthorrhapha and Cyclorrhapha. Although there is 
general agreement that the Diptera, Brachycera, Cyclorrhapha, 
and a few other subordinate groups are monophyletic, there 
is comparably general agreement that the Nematocera is a 
paraphyletic or grade-level grouping. No synapomorphies 
(shared, derived characters) unite the Nematocera, and the 
Brachycera are thought to have originated from some sub- 
group within the Nematocera. Despite this, it is useful to 
mention some of the primitive features shared by most nema- 
tocerans. The name itself (““Nematocera’) refers to the fact 
that adults of these flies typically have long, multisegmented 
antennae. Furthermore, adult nematocerans generally are 
slender, delicate, long-legged flies (e.g., Tipulidae and 
Culicidae); however, the group also includes some rather 
stout-bodied flies (e.g., Simuliidae and Ceratopogonidae). 
Larval nematocerans typically have a well-developed, 
sclerotized head capsule, and their mandibles usually rotate at 
a horizontal or oblique angle. Brachycera are characterized by 
the short, three-segmented antennae, the last segment of 
which is usually either stylate or aristate. Brachyceran larvae 
usually have a hemicephalic or acephalic head capsule, 
consisting mostly of slender, sclerotized rods that are partly 
or largely retracted into the thorax. Within the Brachycera, 
there are additional differences between orthorrhaphous and 
cyclorrhaphous groups. The former group, which includes 
Rhagionidae, Tabanidae, Stratiomyiidae, and a few other 
families, is similar to nematocerous Diptera in that it is 
considered a paraphyletic group. Finally, within the 
Cyclorrhapha are two major subgroups, the presumed 
paraphyletic Aschiza (includes Phoridae and Syrphidae) and 
the monophyletic Schizophora (includes the majority of 
Brachycera, such as Tephritidae, Drosophilidae, Ephydridae, 
Agromyzidae, Muscidae, and Tachinidae). 


ECOLOGY 
Life History 


As a holometabolous insect, or one that undergoes complete 
metamorphosis, the dipteran life cycle includes a series of 
distinct stages or instars. A typical life cycle consists of a brief 


egg stage (usually a few days or weeks, but sometimes much 
longer), three or four instars (typically three in Brachycera, 
four in nematocerous flies, and more in simuliids, tabanids, 
and a few others), a pupal stage of varying length, and an adult 
stage that lasts from less than 2 h (Deuterophlebidae) to several 
weeks or even months (some female Culicidae). The eggs of 
aquatic flies are usually laid singly, in small clusters, or in loose 
or compact masses in or near the water and attached to rocks 
or vegetation. In Deuterophlebiidae and certain members of 
some other groups, the female crawls beneath the water to 
select oviposition sites, a behavior that ensures eggs are placed 
in a suitable larval habitat. The latter also is typical of many 
terrestrial flies, such as calliphorids, which will lay their eggs 
near the body openings (eyes, nose, mouth, anus) of carcasses. 
Some tephritid fruit flies use a rigid ovipositor to pierce plant 
tissue. Oviposition in parasitic flies can be complex and 
may involve placement of eggs in or on the host or in areas 
frequented by the host. Some parasitoids (e.g., some tachinid 
flies) produce eggs that are ingested by a feeding host, then 
larvae hatch inside the host and penetrate the gut wall. 
Furthermore, some parasitic groups will oviposit on a blood- 
feeding arthropod (e.g., tick or another fly), with the heat of 
the next host stimulating hatching. 

All instars occur in the same habitat in most taxa. Excep- 
tions include flies that demonstrate hypermetamorphosis, 
which is characterized by an active, slender first instar (plani- 
dium) and grublike, endoparasitic later instars. Acroceridae, 
Nemestrinidae, and Bombyliidae are among the better 
known groups with hypermetamorphic representatives. In 
general, the duration of the first larval stage is shortest, 
whereas that of the last instar is much greater, often several 
weeks or even months. 


Habitat 


The diversity of Diptera habitats is partly a reflection of the 
different ecological roles of larvae and adults, with larvae 
generally adapted for feeding and growth and adults for 
reproduction and dispersal. Whereas fly larvae occur in both 
terrestrial and aquatic habitats, virtually all adults are 
terrestrial and capable of flight. Wingless and, therefore, 
flightless groups tipulids, 


chironomids, and phorids, as well as ectoparasitic adults of 


include certain marine 
Hippoboscidae and Nycterobiidae. Adult flies are arguably 
one of the most aerial of organisms. Swarms of flies, which 
usually consist primarily of males, are a common sight in 
many areas. These aggregations, often for the purpose of 
enhancing male visibility to prospective female mates, may 
be seen along roadsides, over certain trees or bushes, above 
sunlit pools along streams, at the summits of hills, in sunny 
gaps of forest canopies, or at any number of other swarm 
markers. Swarming is probably a primitive feature of 
Diptera, which might explain the prevalence of this behavior 
in nematocerous groups. These Diptera and other flies share 
a number of structural features that might be adapted for 
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swarming, including enlarged compound eyes and wings 
with well-developed anal lobes. These features and others are 
thought to assist flies in both maneuvering in flight and 
perceiving conspecific individuals in swarms. Swarming and 
related behaviors are especially developed in Bibionidae and 
Empididae. Males of the latter group are known for their 
predaceous habits and the elaborate behaviors and “nuptial 
gifts’ for prospective female mates. Other groups (e.g., 
Bombyliidae, Syrphidae) are among the most agile flying 
insects, being particularly adept at hovering. 

Diptera larvae have colonized a variety of terrestrial and 
aquatic habitats, including water (e.g., Simuliidae, Culicidae, 
Chironomidae), soil and damp sediments (e.g., Tipulidae, 
Ceratopogonidae, Tabanidae), rotting wood (e.g., Tipulidae, 
Mycetophilidae,), fruit (e.g., Tephritidae), decaying organic 
material (e.g., Muscidae, Sarcophagidae), and the tissues of 
living organisms (e.g., Sciomyzidae, Oestridae, Tachinidae). 
Despite this diversity of habitats, most larvae are in a broad 
sense aquatic. Even “terrestrial” groups from decomposing 
vegetation, carcasses, leaf litter, rotting wood, or soil often 
live in a rather aqueous environment. This requirement for a 
damp environment partly reflects that the larval cuticle is 
usually thin, soft, and susceptible to drying. Truly aquatic 
larvae occur in coastal marine, saline, and estuarine waters, 
shallow and deep lakes, ponds, cold and hot springs, plant 
cavities (phytotelmata), artificial containers, slow to 
torrential streams, groundwater zones, and even natural seeps 
of crude petroleum! Aquatic habits are most prevalent in 
larvae of nematocerous flies, including all or most Culicidae, 
Simuliidae, and Chironomidae. Among brachycerous flies, 
aquatic habits are most common in ephydrids, sciomyzids, 
and tabanids. In some groups, such as muscoid flies, only a 
few species are aquatic. 


Trophic Relationships 


Their trophic diversity and numerical abundance make the 
Diptera an important component in many ecosystems, both 
as primary consumers and as a food resource for other 
organisms. Trophic diversity is reflected in the wide range of 
larval feeding habits, which encompass nearly every category. 
In some groups (e.g., asilids, most empidids), larvae and 
adults belong to the same trophic category; in other groups 
(e.g., simuliids, tachinids) these life stages usually adopt 
different feeding strategies; in still others, feeding can be 
restricted to only the larvae or adults (e.g., chironomids, 
hippoboscids, and nycteribiids). The latter comprise 
primarily the so-called Pupipara, in which the females are 
hematophagous and do not lay eggs and instead give birth to 
fully formed larvae (i.e.,viviparous development). In addition 
to the above-mentioned variety of feeding habits, some 
groups may feed on multiple food resources during the same 
life stage (e.g., larvae that can be both saprophagous and 
predaceous and adults that are both nectarivorous and 
hematophagous). Larval sciomyzids may feed on dead or 
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living mollusks, and some ephydrid larvae may consume 
algal, bacterial, or detrital resources during the same instar. 

Saprophagous habits are among the most prevalent in 
Diptera, especially in brachycerous groups. Many fly larvae 
feed on decaying organic material or organic detritus, in which 
the resident bacteria and other microorganisms are the primary 
source of nutrition. Among the more common sources of these 
materials are animal carcasses, which are frequently colonized 
by callphorids, muscids, phorids, sphaerocerids, and others. 
The sequence of colonization is often quite predictable, which 
contributes to the use of Diptera in forensic studies. Decaying 
fruit and vegetable material also is colonized by many groups, 
including especially otitid, sphaerocerid, and muscid flies. 
Decomposing plant fragments can be an important food 
resource in aquatic habitats, where it is consumed by the larvae 
of tipulids, ephydrids, otitids, and other groups. These groups 
and others (e.g., Psychodidae, Syrphidae, Stratiomyiidae) 
also contain many species that feed on decaying, fine organic 
matter and associated microorganisms. Most Culicidae and 
Simuliidae consume fine particulate organic matter of 
varying size and quality, but use modified mouth-brushes or 
labral fans to extract particles from water. In most other 
saprophagous groups, including aquatic species, a sieve-like 
pharyngeal filter is used to concentrate microorganisms and 
other organic particles, whereas those feeding on carrion have 
well-developed mouthhooks for shredding and macerating 
raw meat. 

Phytophagous groups, which consume live plants 
(including algae and fungi), are well represented by the larvae 
of bibionids, cecidomyiids, mycetophilids, tipulids, phorids, 
tephritids, and agromyzids. Many of these flies can be serious 
agricultural pests. Aquatic habitats contain numerous flies 
that consume the thin films of algae and organic matter that 
occur on rocks and other substrata. Among the more obvious 
of these aquatic grazers are blepharicerids and certain species 
of psychodids, simuliids, and ephydrids. 

Most predaceous Diptera attack other invertebrates as 
their primary food. Many families (e.g., Chironomidae, 
Culicidae, Tipulidae, and Ephydridae) contain a few preda- 
ceous species, whereas other groups (e.g., Ceratopogonidae 
and nearly all noncyclorrhaphan Brachycera) feed primarily 
or exclusively on invertebrates. Vertebrate prey (frogs and 
salamanders) can be part of the diet of larval Tabanidae. 
Whereas predaceous larvae typically kill multiple hosts, 
parasitic and parasitoid larvae generally attack only one host. 
Parasitoids typically will kill that host, often after a long 
association with it. Twenty-two families of Diptera include 
parasitoid members, with tachinid flies perhaps the best 
known of these. Dipterans are parasitoids of other 
invertebrates, mostly other arthropods. Because other insects 
(some pests) often are attacked, parasitoids often are useful 
for biological control. The Diptera also includes several true 
parasites, which attack but do not kill the host, such as 
oestrids and various other groups that often exhibit distinct 
and complex migrations in vertebrate hosts. 
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FIGURES 28-31 (28) Female black fly adult (Simuliidae) taking a blood 
meal. (29) Female mosquito adult (Culicidae: Anopheles) taking a blood 
meal. (Photographs by R. W. Merritt.) (30) Female sand fly adult 
(Psychodidae) taking a blood meal. (Photograph by B. Chaniotis.) (31) 
Female horse fly adult (Tabanidae). (Photograph by R. W. Merritt.) 


ECONOMIC IMPORTANCE 
Injurious Families 


Several families of Diptera are of major economic importance 
and involved in the transmission of more disease pathogens 
to humans and other animals than any other group of 
arthropods. Biting flies cause annoyance that impacts 
tourism, recreation, land development, and industrial and 
agricultural production, whereas their effects on livestock can 
cause reduced milk, egg, and meat production. 

The adults have mouthparts that have very effective 
piercing stylets, enabling these flies to “bite” and suck blood. 
Some major families with this characteristic include members 
of Simuliidae (Fig. 28), Culicidae (Fig. 29), Psychodidae 
(Fig. 30), Ceratopogonidae, Tabanidae (Fig. 31), and the 
blood-sucking Muscidae (Figs. 32 and 33). The bites from 
these groups can often cause severe allergic reactions, 
resulting in intense itching, rashes, and local swelling or, in 
some instances, hospitalization as a consequence of toxemia 
or anaphylactic shock. 

Some of the major human and other animal diseases 
resulting from the transmission of causative organisms by 
Diptera include human onchocerciasis (river blindness) by 
Simuliidae; leishmaniasis (sand fly fever) by phlebotomine 
sand flies belonging to the family Psychodidae; several 
protozoan and viral diseases of domestic and wild animals, 
poultry, and waterfowl by Simuliidae and Ceratopogonidae; 
malaria, yellow fever, filariasis, dengue, dog heartworm, the 
encephalitides, and related viral diseases by Culicidae; and 
tularemia and animal trypanosomiases by Tabanidae. Several 
other species belong to the blood-sucking muscoid flies and 
include the tsetse fly of Africa, responsible for transmitting 
the pathogen causing human sleeping sickness, and the stable 
fly (Muscidae) (Fig. 32), whose vicious bites can annoy humans 
in recreational areas, and bother domestic animals such as 





FIGURES 32-35 (32) Female stable fly adult (Muscidae: Stomoxys calcitrans) 
taking a blood meal. (Photograph by E. Hansens.) (33) Horn flies 
(Muscidae: Haematobia irritans) resting and feeding on the back of a bull. 
(Photograph by R. W. Merritt.) (34) Adult male midge (Chironomidae). 
(Photograph by R. FE. Harwood.) (35) Adult blow flies (Calliphoridae: 
Phaenicia sericata) on a pig. (Photograph by M. J. Higgins.) 


horses, cattle, and sheep. The horn fly (Muscidae) (Fig. 33) is 
a well-established biting cattle pest throughout many tropical 
and temperate areas of the northern hemisphere, whereas its 
close muscoid relative, the buffalo fly, is particularly important 
to cattle and dairy industries of Australia. 

In addition to the biting habits and disease agent 
transmission of the above groups, flies can cause annoyance 
and interference with human comfort. Members of the genus 
Hippelates in the family Chloropidae are referred to as “eye 
gnats” because they frequently are attracted to the eyes of the 
victim, feed on secretions, and may assist in the entrance for 
pathogenic organisms. A muscoid fly having similar habits, 
known as the “face fly,” has been associated with the 
transmission of “pink eye” to cattle. Several other species of 
muscoid flies (e.g., house fly, bush fly, latrine fly) generally 
breed in excrement and at times can be economically 
important pests of humans and/or domestic animals. Two 
families of Diptera that can cause annoyance and constitute 
a nuisance by their sheer numbers emerging from ponds and 
lakes are the Chironomidae (nonbiting midges) (Fig. 34) and 
the Chaoboridae (chaoborid gnats). These are commonly 
mistaken for mosquitoes (Culicidae), but do not bite. When 
one encounters swarms of these midges or gnats, it is difficult 
to keep them out of one’s eyes or avoid inhaling them. 

The dipteran families Calliphoridae (blow flies) (Fig. 35) 
and Sarcophagidae (flesh flies) (Fig. 36) are the major 
producers of myiasis, i.e., the infestation of organs and tissues 
of humans or other animals by fly maggots. The larvae of these 
groups feed on necrotic tissue and may accidently be ingested 
or invade wounds of humans and domestic animals, causing 
severe discomfort and subsequent secondary infections. The 
primary and secondary screwworm flies (Calliphoridae) 





FIGURES 36-39 (36) Adult flesh fly (Sarcophagidae). (Photograph by R. W. 
Merritt.) (37) Secondary screwworms (Calliphoridae: Cochlimyia macelleria) 
on a pig. (Photograph by M. J. Higgins.) (38) Horse bot fly larvae 
(Oestridae: Gasterophilus intestinalis) attached to the stomach of a horse. 
(Photograph by R. W. Merritt.) (39) Human bot fly larvae (Oestridae: 
Dermatobia hominus) under the hide of an ox in Costa Rica. (Photograph by 
L. Green.) 


(Fig. 37) are attracted to the wounds and sores of animals, 
and the former was one of the most serious pests of livestock 
in the United States until it was eradicated through the sterile 
male release program. In recent times, the identification and 
aging of the larvae of some species of blow (Calliphoridae) and 
flesh flies (Sarcophagidae) have proved useful in establishing 
the time of death in forensic investigations. 

One other family, the Oestridae (cattle, sheep, horse, 
human, and rodent bot flies), is involved in enteric myiasis of 
animals and sometimes humans. Damage caused by horse 
bots (Gasterophilus spp.) (Fig. 38) varies from violent 
reactions by horses due to the flies ovipositing, to irritation 
by larvae when burrowing into the oral tissue and susequent 
interference with digestion. The larvae of cattle grubs 
(Hypoderma spp.) migrate through the host’s body and 
eventually reach the upper back where they cut a small 
opening in the hide and remain there for some time. 
Economic losses in cattle result from reduction in milk 
production, weight loss, and damage to hides. Another 
species of bot fly, the human bot or torsalo (Dermatobia 
hominis), is common in parts of Mexico and Central and 
South America. It parasitizes a wide range of hosts, including 
humans, but is a more serious pest of cattle and oxen in these 
areas (Fig. 39). 

Several families of Diptera are economically important to 
agriculture. The Cecidomyiidae or gall gnats “sting” the plant 
and make it grow a “gall home” for them (Fig. 40), within 
which they find not only shelter but also adequate and 
abundant food. Examples are the goldenrod ball gall and the 
pine cone gall. Some very destructive species in this family, 
such as the Hessian fly (Fig. 41), chrysanthemum gall midge, 
and wheat, pear, and cloverseed midge, feed on cultivated 
crops and do not always form galls. The Tephritidae, or fruit 
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FIGURES 40-43 (40) Cecidomyiid gall on grape leaves. (Photograph by R. 
Isaacs.) (41) Hessian fly (Cecidomyiidae: Mayetiola destructor). (42) Cherry 
fruit fly adults (Tephritidae: Rhagoletis cingulata) on cherry. (Photographs by 
Department of Entomology, Michigan State University.) (43) Onion 
maggot adult (Anthomyiidae: Delia antiqua). (Photograph by J. Spencer.) 


flies, contain some species whose larvae bore into the stems 
of plants; some produce galls, others are leaf miners, and 
most important of all are those that bore into the flesh of 
fruits and vegetables. The latter include some of the most 
important of all economic insects, specifically the apple 
maggot, cherry fruit flies (Fig. 42), walnut husk fly, and 
Mexican, Mediterranean, oriental, olive, and melon fruit 
flies. The Anthomyiidae, or root maggot flies, have larvae 
that feed on decaying vegetable matter from which a number 
have adopted the habit of attacking the roots of vegetables. 
These include the cabbage maggot, onion maggot (Fig. 43), 
seed corn maggot, and spinach leafminer. Larvae of the 
family Agromyzidae are known as leafminers and feed 
between the leaf surfaces, leaving light-colored, narrow, 
winding mines or large blotches that decrease photosynthesis 
and make produce unsalable. The leaves are weakened and 
the mines promote disease and decay. 


Beneficial Families 


The Diptera contain several families that can be considered 
beneficial to humans and their environment. First, and most 
important, is the role of all Diptera in food chains in nature. 
Groups such as Culicidae, Chironomidae, and Simuliidae 
occur in large numbers as larvae and adults and provide a 
major prey base for many other invertebrates as well as 
vertebrates such as fish, birds, bats, and amphibians. In turn, 
several families contain predators and parasitoids as larvae and 
adults, including the Asilidae, Empididae, Dolichopodidae, 
Syrphidae, and Tachinidae. Many families are important 
decomposers and recyclers of decaying organic matter of 
different types. Examples include the Psychodidae, Tipulidae, 
Stratiomyiidae, Mycetophilidae, Sciaridae, Sepsidae, 
Coleopidae, Muscidae, Calliphoridae, Sarcophagidae, 
Phoridae, Syrphidae, and Sphaeroceridae. Some Diptera are 
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important pollinators of flowers and include some species of 
Syrphidae, Bombyliidae, and even adult male Culicidae who 
visit flowers to imbibe nectar. 

Some families of aquatic Diptera have been important in 
water quality and bioassessment studies to classify the degree 
of pollution in a water body. For example, larvae belonging 
to the midge genus Chironomus in the family Chironomidae 
have been referred to as blood worms because of the 
hemoglobin in their blood. These and another group known 
as the “rat-tailed maggots” (Syrphidae: Eristalis) are often 
used as indicators of polluted water or water low in oxygen. 
The presence of Simulidae in a stream generally indicates 
clean well-aerated water. The Culicidae and Chironomidae 
have members that are associated with both polluted and 
clean water habitats. Finally, some Diptera have been the 
subject of study for scientists throughout the world. For 
example, chironomid midges are used in acute and chronic 
laboratory toxicity studies to compare toxicants and the 
factors affecting toxicity and to ultimately predict the 
environmental effects of the toxicant. The small fruit fly, 
Drosophila (Drosophilidae) (Fig. 44), has been the organism 
of choice in most genetic studies for years and has con- 
tributed significantly to studies ranging from neurobiology 
to evolutionary theory. Overall, the Diptera represent an 
order containing a variety of species that are economically 
very beneficial and equally injurious to humans. 


BIOLOGY OF SELECTED FAMILIES 
Suborder Nematocera 


TIPULIDAE Crane flies (Fig. 45) are a diverse group of 
14,000 species that inhabit a variety of freshwater and 





FIGURE 44-47 (44) Adult female small fruit fly (Drosophilidae: Drosophila). 
(Photograph by R. D. Akre.) (45) Adult crane fly (Tipulidae). (Photograph 
by Department of Entomology, Michigan State University.) (46) Ventral view 
of larva of Blephariceridae showing suctorial discs. (47) Adult net-winged 


midge (Blephariceridae). (Photographs by G. W. Courtney.) 


terrestrial habitats. Larvae are significant shredders (Tipula, 
Pedicia) of leaves that enter streams and are predators 
(Hexatoma, Dicranota) in aquatic habitats. The moist 
transition zone between aquatic and terrestrial areas supports 
a distinct assemblage of species (e.g., Erioptera, Ormosia). 
Terrestrial habitats are home to species that feed on 
coniferous (Limonia) and deciduous (Epiphragma) rotting 
logs or decaying organic material (Tipuda) and that may even 
be pestiferous consumers of sod (Tipula). A few species can 
tolerate high salinity and inhabit the rocky intertidal zones of 
marine habitats. The adults generally do not feed, although 
they are frequently mistaken for “giant mosquitoes.” A few 
taxa possess a long proboscis that presumably allows nectar 
feeding. Large and gangly, adult crane flies are easily taken by 
vertebrate predators such as birds. 


PSYCHODIDAE Sand flies (Fig. 30), drain flies, and 
moth flies are typical representatives of this family and 
contain 2500 species. Adult sand flies (Phlebotomus) are 
tropical hematophagous (blood-feeding) flies that can 
transmit leishmaniasis, a disease caused by parasitic protozoa 
spread by sand-fly bites. However, most psychodids do not 
bite and are harmless to humans and livestock. Drain flies 
(Psychoda and Telmatoscopus) and moth flies (Psychoda) 
resemble tiny moths (about 2-4 mm in length) with hairy, 
pointed wings. The former have larvae that develop on the 
rich organic material that builds up in domestic pipes and 
drains and can be abundant in households and public 
restrooms. Moth flies have aquatic to semiaquatic larvae that 
breathe atmospheric oxygen by maintaining contact with the 
atmosphere using hydrofuge hairs on their posterior 
spiracles. Eutrophic lakes, marshes, and wastewater 
treatment plants may produce large numbers of adults. As 
detritivores, the larvae of moth flies probably are significant 
nutrient recyclers in lentic ecosystems. 


BLEPHARICERIDAE The net-winged midges (300 
species) have peculiar larvae (Fig. 46) that use ventral suckers 
(suctorial disks) to maintain their positions on rocky 
substrates in torrential streams. A hydraulic, piston-like 
apparatus gives the larvae the ability to generate suction that 
allows their suckers to work—even waterfall habitats are 
occupied by blepharicerid larvae. The mouthparts are 
positioned ventrally on the head capsule and are specialized 
for scraping thin algal films off of rocks within fast-flowing 
environments. Diatoms and other unicellular algae are most 
often consumed, but fungi and bacteria may also be included 
in the larval diet. Pupae are also firmly attached to rocks 
within the flow with permanent suction pads. The adult (Fig. 
47) will emerge and maintain a brief grip on the attached 
pupal skin as the exoskeleton hardens prior to flight. Little 
deviation from these habits has been documented within the 
Blephariceridae. Adults are known as net-winged midges 
because of the finely divided venation of the wings. 





FIGURES 48-51 (48) Larva of mosquito (Culicidae: Aedes aegypti). (49) 
Pupa of mosquito (Culicidae: Anopheles quadrimaculatus). (Photographs by 
R. W. Merritt.) (50) Adult Ceratopogonidae. (Photograph by G. W. 
Courtney.) (51) Adult march fly (Bibionidae). (Photograph by Department 
of Entomology, Michigan State University.) 


CULICIDAE Mosquitoes (3000 species) (Fig. 29) are 
well-recognized for their roles in disease agent transmission 
and as pests to humans, livestock, birds, and a variety of 
other vertebrate hosts. However, adults may emerge in high 
numbers and provide ample food for avian, bat, and certain 
predatory invertebrate populations. Mosquitoes exhibit the 
ability to colonize new aquatic habitats quickly and can 
survive in confined container habitats. In terms of mosquito 
control, the ecological importance of the larvae, pupae, and 
adults is rarely considered. The larvae are mostly filter 
feeders, but some scrape organic material and algae from 
solid substrates in standing water habitats. The clearance rate 
of particles from standing water is impressive and may alter 
the characteristics, such as turbidity, of the water the insects 
inhabit. Larval populations are a major component of the 
neuston, or water-surface inhabitants, and maintain contact 
with the atmosphere with their spiracles. Larvae (Fig. 48) are 
known as “wrigglers” because of their frantic swimming 
action that allows them to dive when threatened; lessening of 
light intensity by a mere shadow will initiate the wriggling 
action in some Culex, making them difficult to collect. Some 
taxa, such as Culex, Culiseta, and Aedes, have their spiracles 
positioned apically on respiratory siphons; others, such as 
Anopheles, \ack this breathing-tube apparatus. Mansonia and 
a few other genera possess siphons that are specialized for 
piercing the roots of wetland plants such as cattails to obtain 
oxygen and therefore do not need to come to the water 
surface to breath. The mosquito pupa (Fig. 49) is free- 
swimming with respiratory trumpets that allow individuals 
to obtain atmospheric oxygen; pupae are known as “tumblers” 
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because of their tumbling action that propels them below the 
surface when disturbed. Emergence occurs quickly at the 
water surface as the pupal skin breaks to liberate the adult. 
Although females feed on sugar sources and may take a blood 
meal for the purpose of egg production, males feed only on 
nectar and lack bloodsucking proclivities. 


CERATOPOGONIDAE This family is known as biting 
midges, punkies, and no-see-ums and contains 5500 species. 
The adults (Fig. 50) are minute bloodsuckers that swarm 
(e.g., 
Culicoides, Lasiohelea). Certain taxa also feed on other 


around mammalian hosts, including humans 


invertebrates as ectoparasites, including crane flies, 
dragonflies, and mantids. The tiny black to gray adults 
frequently have darkly patterned wings and relatively long 
antennae. Larvae are encountered in a variety of standing 
water habitats, including saturated mud and sand, tree holes 
(Dasyhelea), rain pools, marshes, lakes, and even hot spring 
algal mats (Bezzia). The genus Leptoconops can be pestiferous 
and biting adults are encountered at ocean-side beaches. The 
larval feeding habits of biting midges consist mostly of 
scavenging and predatory behavior. 


SIMULIIDAE Although the general public is often aware 
of the pest nature of mosquitoes, knowledge of blood feeding 
by black flies (1500 species) is often restricted to anglers and 
those who recreate within or near aquatic systems. Like 
mosquitoes, the larvae play an important role as filter feeders; 
however, black flies are restricted to flowing water systems. 
Larval simuliids spin a patch of silken webbing on the surface 
of riffle rocks and maintain a hold on the webbing with 
hooks positioned on the posterior abdominal segment. The 
mouthparts are modified in many species (e.g., Simulium, 
Prosimulium) and resemble head fans that allow the larvae to 
capture organic particles, including materials as small as 
bacteria. Rocky substrates below dam spillways where 
organic-rich water flows may support tens of thousands of 
larvae per square meter. Other species are more mobile and 
scrape or collect food materials from benthic substrates 
(Gymnopais and Twinnia). The larvae are apneustic (i.e., lack 
spiracles) and therefore require moving water for cutaneous 
respiration. Pupae are firmly attached to areas of rocks 
exposed to current where thoracic pupal respiratory organs 
(gill-like structures) dangle in a downstream direction, 
supplementing spiracular respiration (Fig. 8). Most of the 
pupa is enclosed within a sheath-like cocoon. As in 
mosquitoes, males have weak mouthparts and may feed on 
nectar, whereas the females of most species have short 
probosci and cutting mouthparts for obtaining a blood meal 
from their vertebrate hosts. The adults are small and grayish 
black, lack distinct patterns on the wings, and have short 
antennae (Fig. 28). Some species can swarm in large numbers 
and are capable of causing shock in domestic animals (e.g., 
cattle) due to blood loss. 
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BIBIONIDAE March flies (700 species) are named for 
their early spring appearance in temperate habitats. The 
stout, dark-colored adults (Fig. 51) feed on flowers; in 
contrast, the worm-like larvae are general detritivores and can 
be found in organic soils and compost heaps in abundance. 
The common genus Bibio overwinters as larvae prior to 
forming pupae after being exposed to cold temperatures. 
One predaceous species, Plecia nearctica, was introduced to 
the southeastern United States to control mosquitoes. 
Although its impact on mosquitoes is questionable, its 
impact on human residents is very real. The adults appear for 
brief periods (about 2 weeks) in such large numbers as to 
smear automobile windshields and clog radiators. The 
smashed bodies may even damage a car’s paint if not washed 
off quickly. The adults are known as “love bugs” because 
males and females are frequently seen flying in copula. 


SCIARIDAE These are known as dark-winged fungus 
gnats (1000 species) because of their small, gnat-like size and 
smoky grayish-black wings. Sciara is the genus most 
frequently encountered by people, as the pale, slender larvae 
develop in a variety of materials, including potting soil used 
in greenhouses and household planters. In nature, larvae 
consume the fungus-rich detritus formed under the bark of 
rotting trees, as well as within the logs themselves. Organic- 
rich compost heaps and mushrooms are also inhabited by 
sciarid immatures. Although a few taxa are pests (e.g., Payxia 
attacks mushrooms), most species of this common family are 
harmless. 


CECIDOMYIIDAE Gall midges and gall gnats are minute 
flies that are abundant, species-rich (4500 species), and 
cosmopolitan. More than 1000 species occur in North 
America alone, and many undescribed species await 
taxonomic attention. Most species form distinctive galls 
within which the maggots develop (Fig. 40). Indeed, it is 





FIGURES 52-55 (52) Adult deer fly (Tabanidae). (Photograph by R. W. 
Merritt.) (53) Adult robber fly (Asilidae). (Photograph by R. W. Sites.) (54) 
Adult bee fly (Bombyliidae). (Photograph by R. D. Akre.) (55) Adult long- 
legged fly (Dolichopodidae). (Photograph by Department of Entomology, 


Michigan State University.) 


frequently easier to determine what species is attacking a 
plant based on gall morphology rather than adult or larval 
morphology. Many people are quite familiar with the plants 
that are affected, such as the damage from maple leaf spot 
(Rhabdophaga), or the attack of the Hessian fly (Mayetiola 
destructor), which can be a serious pest of wheat. However, 
the Cecidomyiidae as a family shows impressive breadth in 
the plant species it attacks. A few species (e.g., Miastor) 
exhibit paedogenesis, whereby the larvae reproduce. The 
“mother larva” produces a number of larvae within her body, 
which eventually consume the mother and then escape. 


Suborder Brachycera 


TABANIDAE The horse flies (e.g., Zabanus, Hybomitra) 
(Fig. 52) and deer flies (Chrysops, Silvius) (Fig. 52) contain 
3000 species and are a familiar insect group to people who 
frequent rural outdoor areas. The adults are rapid fliers; one 
species was estimated to fly over 150 km per hour! Eggs are 
normally laid in masses, frequently on vegetation 
overhanging water or saturated soils. The cryptic larvae are 
restricted to aquatic and semiaquatic habitats where most 
species are predators of other invertebrates. The life cycle 
generally takes about 1 year to complete, whereas some of the 
larger horse flies require up to 3 years. Although most species 
inhabit stagnant habitats, some are found at the margins of 
streams. Females are blood-feeders and may inflict a painful 
bite. Rather than puncturing a host’s skin and sucking blood 
like mosquitoes, tabanids create a laceration on the host’s 
skin and quickly lap up the pooling blood before retreating. 
The attack on livestock can be so severe as to reduce milk 
yields in dairy cattle. Like many other families of biting flies, 
females use visual cues to locate hosts and also sense plumes 
of carbon dioxide produced during vertebrate respiration. 
Horse flies tend to be large (about 10-25 mm) with nearly 
colorless or smoky wings, whereas deer flies are smaller 
(around 8 mm) and have yellow or black bodies that support 
darkly patterned wings. Human disease transmission by 
Tabanidae (i.e., tularemia, anthrax) is possible, but not 
significant in North America. However, transmission can be 
significant in other areas of the world (e.g., Africa). 


RHAGIONIDAE The snipe flies (500 species) superficially 
resemble some deer flies, but have a more slender body. Most 
common in woodlands, snipe flies are often dull yellow to 
brown (e.g., Rhagio), but the gold-backed snipe fly 
(Chrysopilus ornatus) of eastern North America has brilliant 
gold hairs adorning the thorax and abdomen. Most adults are 
nectar feeders, whereas a few taxa are predators of flying 
insects. Larval rhagionids tend to be predators of small 
invertebrates within masses of rotting wood, organic-rich 
soil, or compost. One genus (Symphoromyia) of western 
North America has blood-feeding adults that will bite 
humans in woodland areas. 


MYDIDAE The largest adult Diptera are the mydas flies, 
with 400 species. Some tropical species are over 50 mm. The 
adults are dark and have red to yellowish coloration on some 
abdominal segments. Little biological information is 
available on this family, although the larvae are predators 
found in decaying logs in woodlands. Pupae occur a few 
centimeters below the soil, and are adorned with heavy spikes 
for digging to the surface just prior to adult emergence. The 
adults are also thought to be predators that specialize in 
capturing other flying insects, but a fair number of species 
have vestigial mouthparts. The females of the latter may 
simply live on the accumulated fatty tissue in the abdomen. 


ASILIDAE The robber flies (5500 species) occur in a vast 
number of terrestrial habitats; most adult activity occurs in 
areas that are sunny or at least partially sun lit. Adults (Fig. 
53) may reach approximately 30 mm in length (e.g., 
Proctacanthus), whereas others are less than 10 mm in length 
(e.g., Holocephala). There is great morphological variation in 
this family among adults, but all species share in common a 
conspicuously sunken vertex. Adults are predators that are 
able to take larger prey such as dragonflies, but the selected 
prey size varies among species. The type of prey, whether 
stationary, crawling, or flying, is also species-specific among 
robber flies. The mouthparts contain a stout proboscis that 
the adult uses to exsanguinate prey species. Some species 
(e.g., Laphria) mimic bumble bees, which reduces predatory 
attempts on the adult. Most larvae live in soil or rotting wood 
where they hunt other insect larvae and nymphs; however, 
some species are ectoparasitic on Diptera, Coleoptera, 
Hymenoptera, and Orthoptera immatures. Very few life 
history studies have been done on the Asilidae. 


BOMBYLIIDAE Bee flies (5000 species) are stout, hairy- 
bodied flies and, as the name implies, adults are frequently 
mistaken for hymenopterans because of their bee-like 
appearance (Fig. 54). Furthermore, the adult behavior often 
involves hovering at flowers, beelike, and extending a long 
proboscis to obtain nectar while in flight! Some taxa have 
bold patterns on the wings (e.g., Anthrax, Exoprosopa) or have 
the anterior margin of the wing darkened (e.g., Bombylius). 
Although a widespread family, most species occur in arid 
areas. The biology of the immature stages remains unknown 
for most species, but it appears that all species for which the 
larval feeding habits are known are parasitic on Diptera, 
Lepidoptera, Hymenoptera, Coleoptera, and Neuroptera 
larvae or pupae. Many larvae have relatively large, tong- 
shaped mandibles, presumably suited to aid the parasitic life 
history. A few bombyliid species consume grasshopper eggs. 


DOLICHOPODIDAE The long-legged flies (5000 
species) are small to minute flies that are often brilliant green, 
blue, or copper colored (Fig. 55). Males have genitalia that 
are nearly as long as the other abdominal segments combined 
(e.g., Dolichopus). Adults participate in complex courtship 
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rituals, and males of some species have legs adorned with 
flattened hair-like scales used as flags to communicate with 
females during courtship. The family is impressively diverse 
in its habitat use, as adults can be abundant in freshwater 
marshes and lake edges, stream margins, woodlands, open 
fields, and coastal marine areas. Adults appear to be 
exclusively predaceous. Larvae have been taken from water, 
damp soil, grass stems, under bark, and other places. Most 
taxa are predaceous, but a few (e.g., Thrypticus) are 
phytophagous. One genus (Medetera) has predaceous larvae 
that feed on bark beetles. 


Suborder Cyclorrhapha 


PHORIDAE This family, also known as humpbacked flies 
and scuttle flies (3000 species), is another group of flies that 
exploits a wide range of habitats and exhibits diverse feeding 
habits. The humpbacked appearance and reduced venation 
make the adults easy to identify. Many species are consumers 
of decaying organic matter and can infest household garbage 
cans on occasion; the females are strongly attracted to the 
odor of decay. Other species are more unusual, specializing 
on the consumption of slug eggs (Megaselia) or parasitic on 
spiders, millipedes, and at least nine insect orders. Some 
species are currently targeted as potential biocontrol agents of 
fire ants, a serious pest in the southern United States. One 
species is known as the coffin fly (Conicera tibialis) because it 
was reported to maintain many generations on a single 
human body in the confines of a buried casket. 


SYRPHIDAE Like the bee flies, flower fly adults (6000 
species) resemble Hymenoptera and can mimic bees, bumble 
bees, hornets, and others (Fig. 56). Syrphids have the ability 


to hover (thus, they are also known as hover flies), and 





FIGURES 56-59 (56) Adult flower fly (Syrphidae: Eristalis sp.). (Photograph 
by R. E Harwood.) (57) Rat-tailed maggot (Syrphidae). (Photograph by R. 
W. Merritt.) (58) Adult stalk-eyed fly (Diopsidae). (Photograph by R. D. 
Akre.) (59) Adult picture-winged fly (Otitidae: Melieria similies). 
(Photograph by J. A. Novak.) 
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individuals are frequently found flying near flower heads 
where they obtain nectar. Adults are common near wetlands 
and lakes (e.g., Eristalis, Allograpta) but are also abundant in 
terrestrial areas (e.g., Merodon, Syrphus) where appropriate 
flowering vegetation grows. In aquatic habitats the larvae, or 
rat-tailed maggots, as they are called, are collector—gatherers 
and may use retractable siphons for respiration (Fig. 57). 
Emergent vegetation, or vegetation at the aquatic—terrestrial 
interface, may be infested with aphids and_ other 
homopterous herbivores that certain flower fly larvae devour 
upon discovery. Some aphids enter plant stems compromised 
by boring larvae of other orders (e.g., Lepidoptera) to feed on 
decaying plant juices; it is not uncommon to find flower fly 
larvae that have also entered the damaged areas of plants to 
obtain prey. Predatory habits are also seen in terrestrial 
habitats, where larvae of certain species will inhabit dung, 
rotting logs, and decaying vegetation, as well as the exterior 
of plants. Overall, larval habitats are diverse, including dung, 
rotting cactus, peat, and hymenopteran nests. Some species 
have also been implicated in intestinal myasis. 


DIOPSIDAE The stalk-eyed flies (Fig. 58) are one of the 
most aptly named and morphologically unusual dipteran 
families (150 species). Each eye and its antenna are positioned 
at the end of individual stalks that protrude laterally from the 
head; the distance from eye to eye may be approximately 
equal to the entire body length! North America’s one species 
(Sphaerocephala brevicornis) has very short eye stalks and 
breeds in decaying organic matter. The adults of this species 
exhibit no particular courtship displays, whereas highly 
adorned males of Afrotropical species (Diopsis) battle with 
one another using their stalks as levers during aggressive 
“wrestling matches.” The larvae of Diopsis are herbivorous, 
and some species develop within the stems of rice plants. 


OTITIDAE These flies are also known as picture-winged 
flies because their boldly patterned wings are used in courtship 
and species recognition (Fig. 59). Adults are commonly found 
walking along vegetation flashing their wings. Otitids are 
abundant in both aquatic and terrestrial habitats (800 species). 
In marshes and vegetated lake margins, picture-winged flies 
are herbivores (Eumetopiella), secondary invaders of damaged 
plants (Chaetopsis), and general scavengers (Seioptera). Herbi- 
vory also occurs in terrestrial species (Tetanops, Tritoxa), but 
scavenging of decaying organic material appears to be more 
common (Delphinia, Euxestra, Notogramma). Some species 
also attack fungi (Pseudotephritis). 


PYRGOTIDAE Although some species of certain fly 
families (e.g., Tipulidae) are attracted to collecting lights at 
night, pyrgotid flies are unusual in that they are exclusively 
nocturnal. These flies (200 species) are relatively large and 
usually have strongly patterned wings (Fig. 60). Adults (e.g., 
Pyrgota, Sphecomyiella) seek scarab beetles, most notably June 
beetles, and apparently attack flying beetles by laying a single 





FIGURES 60-63 (60) Adult of Pyrgotidae. (61) Adult marsh fly 
(Scromyzidae: Limnia). (62) Adult shore fly (Ephydridae: Ochthera mantis). 
(Photographs by The Cleveland Museum of Natural History.) (63) House 
fly adult (Muscidae: Musca domestica). (Photograph by R. W. Merritt.) 


egg on the dorsum of the thorax or abdomen that is exposed 
when a beetle’s elytra and wings are spread. The larva hatches 
from the egg and burrows into the body, acting as a parasitoid. 
The feeding larva eventually kills the host and consumes the 
remaining tissue. Larvae pupate within the hollowed host, and 
the adult exits the beetle exoskeleton to continue the life cycle. 


TEPHRITIDAE These true fruit flies (4000 species) are 
essentially entirely terrestrial in their habitat selection, 
although the host plants exploited by the family sometimes 
grow at the margins of lakes and marshes. Adults (Fig. 42) 
oviposit on the flower heads of the plant family Compositae 
or on fleshy fruits. Like the Otitidae, the wings of most 
adults are distinctly patterned, and adults flash their wings 
during courtship; this behavior has earned the Tephritidae a 
second common name, “peacock flies.” Species tend to be 
fairly specific in their host plant preferences or at least attack 
a narrow spectrum of plant taxa. Fruit fly species are also 
specific in the area of a plant that they infest. Some species 
are frugivorous (Ceratitis, Rhagoletis), seed-head predators 
(Euaresta, Trupanea, Tephritis), gallmakers (Eurosta), or 
leafminers (Euleia). Frugivorous larvae damage the host fruit, 
causing it to rot quickly; seed predators of select young, 
developing seeds. Galls may be formed on a variety of plant 
areas, including stems, leaves, and flower heads. 


DRYOMYZIDAE These are relatively uncommon flies 
(300 species), with the biology of only 2 of the 8 North 
American species known. Dryomyza anilis is a scavenger and 
breeds in decaying mammalian carcasses; it can be reared on 
raw ground beef. A contrasting life history is found in 
Oedoparena glauca, which preys on barnacles in the intertidal 
zone of western North American shorelines. This character 
makes O. glauca one of the truly marine insects, as it is tied 
intimately to an ocean-inhabiting invertebrate. Adults lay 
their eggs into the barnacle’s operculum when dropping tide 
levels expose them. Larvae consume the soft tissue, and 


mature larvae frequently move to new barnacles to continue 
feeding. Pupariation occurs within the final host. 


SEPSIDAE The black scavenger flies are fairly abundant 
in both aquatic (Enicomira, Themira) and terrestrial (Sepsis) 
environments (250 species), where the larvae are scavengers 
of decaying organic matter. Dung of a variety of mammalian 
animals, carcasses, rotting snails, and washed-up seaweed 
have been exploited. The adults of many species are easily 
recognized by their rounded heads and the presence of a 
black dot at the apex of each wing. 


SCIOMYZIDAE = Called marsh flies and snail-killing flies, 
neither name encompasses all the habits of this well-studied 
family (500 species). Some species (e.g., Dictya, Limnia) are 
found in marshes, but some species of certain genera (e.g., 
Sciomyza, Pherbellia) are fully terrestrial. Many species are 
larval parasitoids or predators of snails, and some attack slugs 
(e.g., certain Tetanocera, Euthycera) or fingernail clams 
(Renocera); the larvae of one genus (Antichaeta) prey on the 
eggs of aquatic and semiaquatic snails. The adults range in 
color from yellowish brown to brownish black, have 
antennae that may be long or short, and vary in size from a 
few millimeters to nearly 1 cm (Fig. 61). However, the 
trophic niche of exploiting freshwater or terrestrial Mollusca 
(i.e., snails, slugs, and clams) ties all Sciomyzidae together 
evolutionarily. Ovipositional habits vary from certain species 
that lay their eggs directly on the host (e.g., Sciomyza) to 
species that lay eggs on plants, thus requiring larvae to search 
for their hosts (e.g., Tetanocera). Only one species 
(Sepedonella nana) from Africa seems to deviate from the 
trophic tie to mollusks, as laboratory-reared larvae have fed 
and survived on aquatic oligochaetes in the laboratory. 


CHAMAEMYIIDAE Aphid flies are predators of aphids, 
mealy bugs, and other homopterous herbivores (250 species). 
Adults lay their eggs on plant surfaces, in galls, or in the egg 
sacs of scale insects, and the maggots can reduce homopteran 
populations (Leucopis). One report from Mexico showed that 
the adults of an aphid fly fed on the secretions of vertebrate 
animals and that the larvae may have developed in bird nests 
(Paraleucopis). Some taxa are found within emergent and 
shoreline vegetation of aquatic habitats, whereas others are 
encountered in woodland or open fields. 


PIOPHILIDAE These flies (70 species) are most 
commonly represented by the cheese-skipper fly (Piophila 
casei), a cosmopolitan consumer of proteinaceous materials. 
Larvae frequently infest cheese and exhibit the rather peculiar 
escape strategy of grabbing the posterior body segment with 
their mouth hooks to form a U shape and then releasing their 
grip, which causes the larvae to propel, or skip, away from their 
original location. These behaviors give them the name cheese- 
skipper, even though the larvae are also known to consume the 
drying tissues of aging mammalian carcasses and dung. While 
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most species appear to be scavengers of decaying materials 
and carcasses (Protopiophila) or mushrooms (Amphipogon), the 
larvae of some species are parasitic on avians (Neottiophilum). 


SPHAEROCERIDAE The small dung flies represent a 
speciose family (2500 species) that have predominantly 
scavenging larval feeding habits. One genus (Leptocera) 
consistently appears to be scavengers; however, the spatial 
niches inhabited by the larvae are highly diverse. Larvae have 
been found in decaying vegetable matter, sewage, dung, dung 
beetle broods, stranded masses of seaweed, fungi, slime 
molds, carrion, and the organic matter accumulated. within 
cups of bromeliads. Muddy, organic-rich margins of aquatic 
habitats, such as marshes and ponds, will support virtual 
clouds of adults. Some species are quite habitat-specific, such 
as those that inhabit bogs. The adults of common species 
have long, stiff bristles dorsally and are black to gray in color, 
and the arista is several times longer than the other segments 
of the antenna. 


EPHYDRIDAE These flies are also known as shore flies, 
and most taxa are associated with aquatic habitats. This is 
one of the most genera-rich families of Diptera (1300 species) 
and one of the most diverse in feeding habits. Larvae are 
consumers of decaying organic matter (e.g., Discocerina), 
secondary stem borers of damaged plants (e.g., Typopsilopa), 
primary herbivores (e.g., Hydrellia), generalist feeders of algae 
(e.g., Scatella), specialist consumers of algae and cyanophytes 
(e.g., Hyadina), diatom specialists (e.g., Parydra), predators 
(e.g., Ochthera), and consumers of spider eggs (Trimerina). 
Virtually all aquatic habitats, from flowing water to stagnant 
environments, temporary to permanent, fresh water to 
hypersaline, and cold water to hot springs, are occupied by 
ephydrids. Terrestrial environments are less likely to support 
ephydrid populations, but these flies are found in moist 
woodlands and even in sod from suburban areas. Shore flies 
can be abundant in human-made habitats, including 
constructed wetlands and sewage treatment plants. It is 
difficult to make generalizations about the overall morphology 
of this family, except that the adults tend to be small; the 
smallest adults (Lemnaphila), only a couple of millimeters 
across, mine the thalli of duckweed plants. Adult body color 
ranges from silvery gray to jet black, and the wings are 
completely colorless to highly patterned with various shades 
of gray and brown (Fig. 62). The species, habitat, and feeding 
diversity have led the dipterist Harold Oldroyd to state that 
the shore flies are currently “in the flower of their evolution.” 


DROSOPHILIDAE Pomace flies, vinegar flies, and small 
fruit flies are another highly species-rich family (3000 species). 
The latter name has led to some confusion as the Tephritidae 
are also known as fruit flies. The adults (Fig. 44) are small 
(generally only a few millimeters in length), but can disperse 
about 10 km in 1 day. Some drosophilids are frugivorous, but 
a vast array of food sources are used. For example, many feed 
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on fungi (e.g., Amiota, Mycodrosophila, Stegana, Scaptomyza), 
living flowers (e.g., Apenthecia, Styloptera) or are predaceous 
on other invertebrates (e.g., Rhinoleucophenga, Cacoxenus, 
Acletoxenus). Indeed, the genus Drosophila, mostly known for 
the experimental studies of D. melanogaster, in the wild 
exhibits a vast trophic ecology and includes species that 
develop in rotting vegetation, rotting fruit, tree sap, fungi, 
living flowers, and plant stems and that prey on other 
invertebrates. Two Drosophila species are commensal with 
crabs: larvae live attached to the crab exoskeleton and 
consume semiliquid excretions from the crab or develop in 
the crab’s branchial chamber and consume its microflora. 


CHLOROPIDAE Flies is this family are called chloropid flies 
or frit flies (2000 species). Larvae are generally scavengers of 
decaying organic matter, secondary invaders of damaged plants, 
or primary herbivores. Adults are common and. abundant 
among vegetation in terrestrial and aquatic situations. Species 
have been reared from dozens of different substrates around the 
world. Grasslands commonly support populations of certain 
genera (e.g., Meromyza, Parectecephala), and fungi are the sole 
food of others (e.g., Fiebrigella, Apotropina). However, a great 
diversity occurs in vegetated areas of aquatic habitats (e.g., 
Chlorops, Epichlorops, Eribolus, Diplotoxa) where most taxa are 
detritivores in decaying masses of vegetation, secondary stem 
borers, and primary herbivores of aquatic or semiaquatic plants. 
A few taxa are predatory on Homoptera (e.g., Thaumatomyia). 
Other, less common, larval food sources include dung 
(Cadrema), decaying wood, and bird nest debris (Gaurax), 
and one Australian genus (Batrachomyia) is subcutaneously 
parasitic on frogs and toads. The adults tend to have rounded 
flagellomeres and range from dull colored to bright yellow or 
green, and many species have a distinctly shiny triangle 
positioned at the vertex of the head. 


AGROMYZIDAE These are known as the leaf-miner flies 
because of their highly herbivorous nature. Like the 
Chloropidae, agromyzids are well represented in both aquatic 
and terrestrial environments (2000 species). Herbaceous and 
woody plants are both attacked, but larvae tend to feed on a 
single host plant, or a narrow spectrum as host plants as leaf 
miners, stem borers, or seed head predators. Wetland taxa can 
form large populations in which both monocot and dicot flora 
are used as host plants (e.g., Agromyza, Cerodontha, Liriomyza, 
Phytomyza). One species (Melanagromyza dianthereae) is a 
specialist stem borer of water willow, a flowering plant found 
at the edge of streams. The females of this fly lay eggs on the 
exterior of the plant, and upon hatching the larvae burrow 
into the stem to initiate feeding. Leaf mines are frequently 
seen as dead or brown areas on a leaf surface, and mine 
morphology is sometimes distinctive enough to determine 
which agromyzid species is responsible for plant damage. 


ANTHOMYZIDAE These common flies are an example 
about which little is known of their biology (50 species). One 


genus (Anthomyza) has small yellowish adults that may feed 
on the culms of wetland sedges, but it is unclear if they are 
herbivorous or act as secondary stem borers after plants have 
been attacked by other herbivorous insects. 


MUSCIDAE This large family (4000 species) includes 
anthropophilic species such as the house fly (Musca domestica) 
(Fig. 63) and the stable fly (Stomoxys calcitrans) (Fig. 32). The 
house fly is well known for its “filthy habits,” and the stable fly 
bites both humans and livestock. The reproductive rate of the 
house fly is noteworthy, as one female can eventually give rise to 
2 billion other female flies after several summer generations are 
produced (assuming all flies live, which is never the case). A 
short life cyle (12-14 days required for development from egg to 
adult in summer temperatures) is at least partially responsible for 
the success of this species and is necessary for developing in such 
ephemeral, human-made habitats such as dung heaps, garbage 
cans, and mammalian road kill. However, most muscid species 
are not directly associated with human populations. The larval 
feeding habits found among the Muscidae include herbivory 
(Atherigona, Dichaetomyia), scavenging (Graphomyia), and 
predatory behaviors (Coenosia, Lispe, Spilogona). A few taxa 
cause myiasis in birds (Muscina) or are avian blood feeders 
(Philornis). Some Muscidae form a cocoon prior to pupariation 
(formation of puparia), which is uncommon among Diptera. 
Adult muscid flies may be predaceous on other insects, but 
most are generalized scavengers or feed on pollen. 


OESTRIDAE These are commonly known as bot or warble 
flies (40 species). The larvae of all species are endoparasites. 
Species that attack livestock burrow into the host skin to feed 
on living tissue and either form their pupae under the skin, 
forming warbles (Hypoderma), or drop off the host and 
pupariate in soil (Oestris). Four species of the horse bot fly 
(Gasterophilus) infest the alimentary tract of horses (Fig. 38), 
donkeys, and mules. One genus (Cuterebra) (Fig. 64) infests 
lagomorphs and. rodents and is among the biggest bot flies 
(about 2.5 cm). The human bot fly (Dermatobia) lays eggs on 
mosquitoes and other biting flies. When a larva hatches, it 
hangs onto the bloodsucker’s leg until it lands on a human to 
take obtain a blood meal. The maggot then drops onto the host 
and burrows into the skin. Human bot flies are restricted to the 
Neotropical areas of the world and use a variety of mammalian 
hosts in addition to humans. North American vacationers and 
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FIGURE 64-65 (64) Adult rodent bot fly (Oestridae: Cuterebra jellisoni). 
(Photograph by C. Baird and R. D. Akre.) (65) Adult of Tachinidae. 
(Photograph by E. A. Elsner.) 


Introduction: the vision for 5G, creating an ultra-connected society 


5G wants to be the disruptive generation, the generation that no longer only caters to the needs of 
mobile operators and consumer communications, but which opens up new prospects and enables an 
extremely wide diversity of applications and use, unified within a single technology. 5G is setting 
itself up as an enabler of the digitisation of society and the economy. 


The idea that is starting to take shape behind the notion of 5G is that it will not mean just an increase 
in transmission speeds, as has been the case with previous generations. 


Consumer mobile communications, video downloads and the use of mobile apps account for the bulk 
of 4G networks’ radio resources usage today. With 5G, the goal will be to enable a much broader 
spectrum of uses and a much greater diversity of users. 


5G is targeting a wide variety of sectors, which will not necessarily have anything other than this 
technology in common, but which are central pillars in a society: energy, healthcare, media, industry 
and transportation. 
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Figure 1. 5G driving industrial and societal changes” 


The energy sector, for instance, has undergone a great many changes and developments over the 
past several years in terms of energy production, storage and transport. Rising fossil fuel costs, the 
introduction of renewable energy sources and markets being opened up to competition have all 
helped usher in new kinds of energy product and new stakeholders — both independent companies 
and ordinary citizens — to the energy marketplace. The objective with 5G will thus be to enable better 
management of these networks (smart grids, smart agriculture, factories of the future) and their 
interconnections, to achieve more efficient and more agile distribution. 


5G Empowering vertical industries. White Paper, 2016, https://5g-ppp.eu/wp- 


content/uploads/2016/02/BROCHURE 5PPP_BAT2 PL.pdf 
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workers visiting the fly’s home range frequently return home 
with a painful welt, under which lays a feeding maggot that 
respires through a small hole in the person’s skin. The 
experience is painful, and most infected travelers have the larva 
removed surgically prior to pupariation or adult emergence. 


NYCTERIBIIDAE Bat flies (250 species) are specialized 
ectoparasites of bats. The spider-like adults lack wings, which 
probably reduces the host’s chances of removing the fly. 
Females bear mature living young (i.e., they are pupiparous), 
which is uncommon among Diptera. Larvae receive nutrients 
produced by glands within the female abdomen. The female 
bat flies deposit the larva on the walls of bat roosts, and females 
of some species will sit on top of the larva and briefly press it 
to the wall to ensure good adhesion. Pupariation occurs 
quickly without larval feeding. The adult emerges, and then 
seeks a host to continue the bloodsucking habit. Therefore, 
larval feeding does not occur outside of the adult female fly. 


CALLIPHORIDAE The blow flies are thought to have 
been given their name from Homer’s classic book, The Iliad, 
in which he wrote about the “blows of flies” infesting the 
wounds of injured and dead soldiers. Most of the 1000 
species of this cosmopolitan family are attracted to rotting 
flesh and can sense the chemical scent of decay within 
minutes of death. In nature, the adults accelerate the 
decomposition of all types of vertebrate carcasses, and most 
blow flies (e.g., Calliphora, Cochliomyia, Lucillia, Phaenicia) 
are specialist scavengers. Because of the ability to find dead 
bodies rapidly, forensic scientists use the stage of larval 
development (i.e., age of a larva) found on corpses of people 
who died from suspicious causes as a way to determine the 
time between death and corpse discovery. It is well 
documented that by using this method, the time of death 
often can be estimated with a fair amount of accuracy. Other 
taxa of blow fly, however, exhibit other feeding habits, such 
as parasitism of land snails (Helicobosca), earthworms 
(Pollenia), and amphibians (Bufolucilia). The adults are also 
known as blue bottle and green bottle flies because some taxa 


have metallic brightly colored bodies (Figs. 35 and 37). 


SARCOPHAGIDAE Flesh flies have been given a name 
that often contrasts their biology. Only a few of the 2500 
species invade or consume carrion (Sarcophaga) or living 
tissue (Wohlfahrtia). Dung (e.g., Ravinia) is more commonly 
used. Many taxa are parasitic on other invertebrates (snails, 
earthworms, insects, and others), whereas some specialize in 
consuming the decaying bodies of insects found in the 
bottoms of pitcher plants of wetland habitats. Females are 
viviparous, young hatch within the female’s abdomen, and 
she deposits them as first instars on the desired substrate. 
This may give flesh flies an advantage over potential 
competitors for food because mortality of eggs by predation 
or parasitism is avoided, and larvae can feed immediately 
rather than waiting to hatch for some days prior to feeding. 


Diptera 339 


The adults of most genera are easily recognizable by the gray 
thorax possessing longitudinal black stripes (Fig. 36). 


RHINOPHORIDAE This is an unusual fly family in that 
nearly all of the 100 species for which biological details are 
known are specialist endoparasitoids of terrestrial isopods (also 
known as sow bugs, pill bugs, and potato bugs). This family 
represents the only dipterans that attack isopods. The larval life 
is tenuous, because larvae hatch from eggs laid in moist soil 
and must wait for a passing isopod. Perhaps the proleg-like 
apparatus present on the first instar is an adaptation to 
securing itself to a host. Both species of rhinophorids found in 
North America were probably introduced from Europe. 


TACHINIDAE These flies (9500 species) (Fig. 65) are 
important parasites of a variety of other insects and are used 
programs pestiferous 
Lepidoptera. Eggs are deposited on hosts or in areas where 


in biological control against 
hosts are common. Some species retain their eggs so that they 
will hatch almost immediately after being laid; this strategy 
prevents the loss of the egg if the host happens to molt shortly 
after oviposition. Insertion of the egg through the epidermis 
of the host has evolved in a few species (Phorocera). An 
alternative strategy used by some taxa is to lay many eggs on 
partially consumed plants; when a potential host returns to 
continue feeding, the eggs are consumed along with the plant 
material. A few eggs survive maceration by the mandibles, and 
the larvae hatch within the host’s foregut. Other genera 
broadcast their eggs, and the larvae burrow selectively into soil 
or rotting wood where they actively seek a host insect. Most 
often, tachinid flies attack only one species or a narrow 
spectrum of hosts; however, a small number (Compsilura) 
have been reared from some 200 different animal host species. 


See Also the Following Articles 
Drosophila melanogaster « House Fly Mosquitoes ¢ Tsetse Fly 
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D ivision of labor is fundamental to the organization of the 
insect societies and is thought to be one of the principal 
factors in their ecological success. Different activities are 
performed simultaneously by specialized individuals in social 
insect colonies, which is more efficient than if tasks are 
performed sequentially by unspecialized individuals. 

Division of labor is one of the defining characteristics of 
the most extreme form of sociality in the animal kingdom, 
“eusociality.” Eusociality is defined by three traits: (1) 
cooperative care of young by members of the same colony, 
(2) an overlap of at least two generations of adults in the same 
colony, and (3) division of labor for reproduction, with 
(more or less) sterile individuals working on behalf of fecund 
colony members. It is now recognized by many biologists 
that eusociality extends to taxa beyond the ants, bees, wasps 
(Hymenoptera), and termites (Isoptera). This article focuses 
on the societies of the classic social insects, particularly the 
Hymenoptera, because they have the most elaborate and 
well-studied systems of division of labor. 


DIVISION OF LABOR FOR REPRODUCTION 


Females dominate the functioning of insect societies, even in 
termite societies, in which males play more diverse roles than 
in hymenopteran societies. There are two types of females in 
an insect society, queens and workers. Queens specialize in 
reproduction and may lay up to several thousand worker eggs 
per day. Workers are either completely or partially sterile, 
engage in little if any personal reproduction, and perform all 
tasks related to colony growth and maintenance. Worker 
sterility occurs because the ovaries do not develop or because 
critical steps in oogenesis do not occur. Worker sterility 
occurs either during preadult stages or during adulthood. 

In many species of social insects, queens and workers are 
distinguished by striking morphological differences. A queen 
can have huge ovaries and a sperm storage organ that main- 
tains viable sperm for years. The most striking morphological 
differences between queens and workers occur as a result of 
caste determination, which occurs during preadult stages. 
Caste determination has an endocrine basis. Research on the 
honey bee, Apis mellifera, and the bumble bee, Bombus 
terrestris, has shown that a high hemolymph titer of juvenile 
hormone (JH) during a critical period of larval development 
induces queen development. JH and presumably other 
hormones trigger a variety of processes that ultimately result 
in the production of either a worker or a queen. For example, 
caste-specific apoptosis (cell death) occurs in the ovaries of 
worker-destined honey bees and is associated with low titers 
of JH and ecdysteroid. Molecular analyses of endocrine- 
mediated caste determination have just begun. Some of the 
first findings involve caste-specific differences in the 
expression of genes that are associated with metabolism and 
protein synthesis, reflecting the fact that developing queens 
are metabolically more active than developing workers. 

Little is known about how extrinsic factors act on 
endocrine-mediated developmental processes to influence 
caste determination. There is a strong circumstantial link 
between diet and JH in honey bee larvae, but how nutritional 
information acts to elevate JH levels is still largely unknown. 
In other species, extrinsic factors that influence caste deter- 
mination include temperature and social factors such as 
behavioral interactions and pheromones released by adult 
colony members. These might affect the larvae directly or 
might influence the treatment accorded them by a colony’s 
workers. 

In societies in which queens and workers have strong 
morphological differences, the major mechanisms for queen 
domination of reproduction appear to be primer 
pheromones produced by queens. However, only one queen 
primer pheromone has been well characterized, that being 
the mandibular pheromone of the queen honey bee. Workers 
exposed to queen pheromones show little or no ovary 
development or egg-laying behavior. In other species of social 
insects, the physical differences between queens and workers 
can be very slight. Division of labor for reproduction in these 


“primitively eusocial” species is achieved by a dominance 
hierarchy that is established and maintained by direct behav- 
ioral mechanisms, including pushing, biting, and physical 
prevention of egg laying. Behavioral domination is an 
ongoing process because some workers are physiologically 
capable of producing offspring and do, under some 
circumstances. 

Queen behavior and pheromones affect adult worker 
neuroendocrine systems to reduce reproductive potential. JH 
has been implicated in the regulation of division of labor for 
reproduction in some, but not all, species studied to date, 
especially B. terrestris; the paper wasp, Polistes gallicus; and the 
fire ant, Solenopsis invicta. This is consistent with the 
function of JH as a hormone promoting reproductive 
development. JH does not appear to play this traditional role 
in adult A. mellifera. Ecdysteroids and biogenic amines also 
are suspected of being involved in the regulation of division 
of labor for reproduction among adult queens and workers, 
but a clear picture has not yet emerged. 


DIVISION OF LABOR AMONG WORKERS 


In most insect societies there also is a division of labor among 
the workers for tasks related to colony growth and main- 
tenance. The evolution of a highly structured worker force is 
generally seen as an evolutionary consequence of the 
developmental divergence between queens and workers. 
Once workers were limited to serving largely as helpers, their 
characteristics could be shaped further by natural selection 
acting at the level of the colony to increase colony fitness. 
This perspective is consistent with the observation that the 
most intricate systems of division of labor among workers are 
found in species with the strongest division of labor for 
reproduction. 

Age-related division of labor is the most common form of 
worker organization. Workers typically work inside the nest 
when they are young and shift to defending the nest and 
foraging outside when they are older. In the more elaborate 
forms of age-related division of labor, such as in honey bee 
colonies, workers perform a sequence of jobs in the nest before 
they mature into foragers. Physiological changes accompany 
this behavioral development to increase the efficiency with 
which particular tasks are performed. Among these are 
changes in metabolism, diet, and glandular secretions. 

A less common but more extreme form of division of 
labor among workers is based on differences in worker 
morphology. This is seen in a minority of ant species and 
nearly all termites. Morphological differences among workers 
result from processes similar to worker—queen caste 
determination and morphologically distinct worker castes are 
recognized. For example, small ant workers (minors) 
typically labor in the nest, whereas bigger individuals 
(majors) defend and forage. Sometimes this form of division 
of labor also involves dramatic morphological adaptations in 
some worker castes, such as soldiers with huge and powerful 
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mandibles and the ability to release a variety of potent 
defensive compounds. 

A third form of division of labor among workers involves 
individual variability independent of age or morphology that 
results in an even finer grained social system. There are differ- 
ences in the rate at which individual workers grow; some 
show precocious behavioral development, while others 
mature more slowly. There also are differences between 
individuals in the degree of task specialization. For example, 
foragers may specialize in the collection of a particular 
resource, such as some honey bees that collect only nectar or 
only pollen. It also has been found that some workers simply 
work harder than others. 

The prevailing behavioral explanation for these three forms 
of division of labor among workers involves the application 
of the stimulus—response concept. Workers are thought to 
differ in behavior because of differences in exposure to, per- 
ception of, or response thresholds to stimuli that evoke the 
performance of a specific task. These differences can result 
from differences in worker genotype, age, experience, or 
morphological caste. There is some behavioral evidence for 
differences among workers in stimulus perception and 
response thresholds; challenges for the future are to more 
precisely define the nature of the stimuli and extend these 
analyses to the neural levels. 

Some endocrine and neural mechanisms regulating age- 
related division of labor have been discovered, primarily in 
honey bees. Changes in hemolymph titers of JH act to 
influence the rate and timing of behavioral development, but 
JH is not required for a worker to mature into a forager. 
Evidence for a similar role for JH has been found in the 
advanced eusocial tropical wasp Polybia occidentalis. JH also 
affects the activity of exocrine glands that produce brood 
food and alarm pheromones in honey bees, apparently acting 
to ensure that physiological changes are coordinated with 
behavioral development. As JH receptors have not yet been 
identified in any insect, it is not known whether JH exerts its 
effects on division of labor directly in the brain, on other 
target tissues, or at a variety of sites. Octopamine acts as a 
neuromodulator in honey bees. Higher levels of octopamine, 
particularly in the antennal lobes of the brain, increase the 
likelihood of foraging. Changes in brain structure also occur 
as a worker bee matures into a forager, particularly in the 
antennal lobes and mushroom bodies, but the functional 
significance of these changes is unknown. As with caste 
determination, molecular analyses of behavioral development 
have only recently been initiated. Differences in the expression 
of several genes have been detected in the brains of younger 
and older honey bee workers. The orchestration of the neural 
and behavioral plasticity that underlies age-related division of 
labor is undoubtedly based on changes in the expression of 
many genes in the brain and other tissues as well. 

Mechanisms underlying morphologically based systems of 
worker division of labor also have been studied. Morphological 
differences among adult workers have their origin in 
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pathways of development that diverge during the larval stage. 
Information on worker caste differentiation, drawn largely 
from studies of Pheidole ants, suggests mechanisms similar to 
those involved in queen—worker caste determination. Both 
larval nutrition and JH have been implicated in the 
differentiation of Pheidole minors and soldiers. 

Genetics is one factor influencing the third form of division 
of labor among workers, individual variability among workers 
that is independent of age or morphology. Genotypic variation 
within colonies arises as a consequence of multiple mating by 
queens or multiple queens in a colony. This genotypic variation 
is strongly associated with behavioral differences between 
individuals within a colony. Genotypic variation in honey bee 
colonies is known to influence how specialized a worker 
becomes on a particular task or the age at which it shifts from 
nest work to foraging. For example, quantitative trait loci have 
been found that are associated with variation in the tendency 
of honey bees to collect either nectar or pollen. These findings 
can lead to the identification of differences in specific genes 
that contribute to individual differences in behavioral spe- 
cialization. Genotypic effects on division of labor also have 
been documented in several ant and wasp species. 


PLASTICITY IN COLONY DIVISION OF LABOR 


Colony division of labor, though highly structured, also 
shows great plasticity. Colonies respond to changing needs by 
adjusting the ratios of individual workers engaged in different 
tasks. This is a consequence of the flexibility of the individual 
workers. For example, there is plasticity in age-related 
division of labor, with workers able to respond to changes in 
colony age demography with accelerated, retarded, or 
reversed behavioral development. Workers also can shift to 
emphasizing a different task that is part of their age-specific 
repertoire or they can simply work harder. Morphologically 
specialized workers can be induced to shift their behavior; 
majors, normally specialized in foraging or defense, can care 
for the brood in the absence of minor workers. This plasticity 
in division of labor contributes to the reproductive success of 
a colony by enabling it to continue to grow, develop, and 
ultimately produce a new generation of reproductive males 
and females during changing colony conditions. 

Plasticity in division of labor in advanced eusocial species is 
achieved by a variety of mechanisms of behavioral integration. 
These mechanisms enable workers to respond to fragmentary 
information with actions that are appropriate to the state of 
the whole colony. This makes sense because it is unlikely that 
any individual workers have the cognitive abilities to monitor 
the state of their whole colony and then perform the tasks 
that are needed most or direct others to do so. 

Mechanisms of worker behavioral integration often 
involve social interactions. For example, in many species, 
including Polybia wasps and honey bees, nest workers 
routinely relieve the foragers of their newly acquired loads, 
whether nest material or food. Foragers that are unloaded 


immediately upon their return to the nest are likely to 
continue foraging for the same resource, apparently because 
the quick unloading signals to them that they have brought 
something of high value back to the colony. In contrast, 
foragers that experience a significant time delay before being 
unloaded respond by changing their behavior, perhaps 
shifting to the collection of another resource. The nutritional 
status of a fire ant colony strongly influences the behavior of 
its foragers, with the relevant information transferred during 
social feeding. In colonies of the desert-dwelling red harvester 
ant, Pogonomyrmex barbatus, workers obtain information on 
the needs of the colony by changes in their encounter 
patterns with members of various task specialist groups. For 
example, red harvester ant foragers are more likely to leave 
the nest to forage when they encounter greater numbers of 
successful returning foragers. 

Social inhibition is a potent mechanism of integration in 
insect colonies. In colonies of honey bees, social inhibition 
acts to keep the division of labor synchronized with changes 
in colony age demography. Older workers inhibit the rate of 
maturation of younger workers. Some young workers in a 
colony deficient in older workers, for example, exposed to lower 
levels of social inhibition, respond by becoming precocious 
foragers. The specific honey bee worker factor that causes this 
inhibition has not yet been identified, but other sources of 
social inhibition have, emanating from the queen and the 
brood. The regulation of the size of the soldier force in Pheidole 
colonies also is based on a process of social inhibition. In this 
case, the presence of adult soldiers inhibits the production of 
new soldiers. Involvement of a pheromone is suspected, but no 
specific soldier inhibition pheromone has been identified yet. 

The integration of activity in primitively social insect 
societies appears to be more centralized than in advanced 
eusocial societies. Primitively eusocial colonies often contain 
only a few dozen individuals, making centralized control 
more feasible. Queens act as central pacemakers and 
modulate worker activity via behavioral interactions in sweat 
bees and polistine wasps. Queens do not appear to be able to 
get workers to shift to different tasks, but they do cause them 
to work harder at the tasks they are already doing. 

We are far from understanding how the behavior of indi- 
vidual workers is integrated into a well-functioning colony. 
Studies of behavioral integration are aided by various kinds 
of theoretical models. In some models, an insect colony is 
likened to a developing organism, ie., the “superorganism” 
metaphor. In other models, an insect colony is analyzed with 
perspectives from neural network theory, with individual 
workers serving as analogs of individual neurons. Still other 
models view an insect colony as a self-organizing entity and 
use complex systems theory to develop ideas on colony 
function. 
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Dog Heartworm 


Edward G. Platzer 
University of California, Riverside 


D og heartworm, Dirofilaria immitis, is an important filarial 
nematode infection of dogs and canids primarily, but can 
occur in other mammals and occasionally humans. It usually 
occupies the pulmonary arteries and the right ventricle of the 
heart. Dog heartworm is transmitted by mosquitoes. 


BIOLOGY 


D. immitis is a filarial nematode in the superfamily 
Filarioidea (order Spirurida, class Secernentea). The males are 
12 to 20 cm in length and 0.7 to 0.9 mm in diameter, with 
a spirally coiled posterior end. The females are 25 to 31 cm 
in length and 1.0 to 1.3 mm in diameter. D. immitis was first 
found in the United States, but it occurs globally, with a 
tendency for increased prevalence in humid warm regions 
conducive to abundant mosquito populations. In the United 
States, the prevalence can be as great as 45% in dogs within 
150 miles of the Gulf of Mexico coast, Atlantic coast north 
to New Jersey, and Mississippi River and its tributaries. The 
prevalence elsewhere in the United States is generally less 
than 5%. Although dogs are the primary host, D. immitis has 
been found in coyotes, wolves, dingoes, foxes, sea lions, harbor 
seals, wolverines, ferrets, and cats. The number of nematodes 
per dog is variable, ranging from single nematodes to as many 
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as 250. Cats are less tolerant, with maximum parasite loads 
of 1 to 3 nematodes. D. immitis can persist for 5 to 7 years 
in dogs and 2 to 3 years in cats. 

Mature female nematodes reproduce ovoviparously and 
the microfilaria are released from the uterus of the worm via 
the vaginal opening into the host blood. Microfilaria are 
220 to 330 Um in length and 5 to 7 Um in width. Under 
laboratory conditions, over 60 species of mosquitoes are 
competent hosts for D. immitis. When mosquitoes take a 
blood meal, microfilaria are ingested and reside in the 
mosquito midgut briefly and then migrate to the Malpighian 
tubules, where they enter the cells and shorten. After a short 
developmental period, the juvenile nematodes leave the cells 
day 6 to 7 postinfection and enter the lumen of the tubules 
where the first molt (day 10) takes place, with the formation 
of the second-state juveniles (J2). After further growth and 
differentiation, the J2 molts (days 10-14 postinfection) to 
the infective stage (J3), which reaches a length of 1.3 mm. 
The J3 migrate through the hemocoel to the proboscis sheath 
of the mosquito. Development of the juvenile stages ceases if 
ambient temperatures decline below 15°C, which constitutes 
a constraint on the distribution of D. immitis. When the 
infected mosquito takes a blood meal, the J3 escape from the 
proboscis sheath, dropping onto the host in a droplet of 
hemolymph; they enter the host through the wound made by 
the piercing mouthparts of the mosquito. The J3 enter the 
subcutaneous tissue where they undergo the third molt to the 
fourth-stage juveniles, which reside in subcutaneous tissues 
or muscle of the abdomen or thorax for about 60 days, at 
which time the last molt to the adult stage occurs. The 
nematodes are now 12 to 15 mm long and enter the 
pulmonary arteries and attain lengths of 3.2 to 11 cm by 85 
to 120 days postinfection. Fertilized females can be found 
120 days postinfection and microfilaria enter the blood 6 to 
9 months postinfection. Microfilaria can survive in the blood 
for 2'/, years. Host treatment with tetracycline leads to the 
loss of the endosymbionts and a concomitant reduction in 
survival and reproduction of D. immitis. 


HOST PATHOLOGY 


Usually no signs of infection are present in dogs until 8 to 9 
months postinfection. Symptoms are generally related to the 
intensity of infection. The presence of 25 worms may be 
tolerated by the dog with no signs of disease. Symptoms such 
as reduced exercise tolerance and coughing increase signifi- 
cantly when the nematode burden doubles and serious symp- 
toms, such as dsypnea (difficulty in breathing), hepatomegaly 
(enlargement of the liver), syncope (temporary loss of con- 
sciousness), and ascites (fluid accumulation in the abdomen) 
appear. At this level, death may occur. Pathogenesis is related 
primarily to inflammation of pulmonary arteries and lungs 
induced by the adult stage of D. immitis. This chronic 
inflammatory process in combination with the physical 
obstruction by the nematodes of blood flow leads to pul- 
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monary hypertension and heart failure. Diagnosis depends 
on an accurate history, recognition of symptoms, and diag- 
nostic procedures such as microfilarial detection, serology, 
clinical laboratory tests, radiology, ultrasonography, and 
angiography. Microfilaria are detected through concentration 
of the microfilaria from a small quantity of blood by the 
Knott’s test or filtration. In some dog heartworm infections 
(occult heartworm infection), microfilaria are not detectable 
and diagnosis relies on serology and other diagnostic tools. 


MANAGEMENT 


Treatment is effective. The goal is elimination of the primary 
disease agent, the adults. Two arsenical drugs are currently 
approved for use in dogs, melarsomine hydrochloride 
(Immiticide; Merial) and thiacetarsamide sodium (Caparsolate; 
Merial). Treatment requires concomitant restriction of exercise 
and use of anti-inflammatory support to reduce the possibility 
of pulmonary thromboembolism from the dead heartworms. 
Microfilaria are eliminated by secondary treatment with 
ivermectin or milbemycin. Prevention of heartworm infection 
is safer and more economical than treatment and_ is 
readily by 
diethylcarbamazine (daily in the diet) or one of the macrolide 


accomplished routine administration of 


anthelminthics (monthly treatment; ivermectin, milbemycin, 
moxidectin, selamectin) during the transmission season. 
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Dormancy 


Richard E. Lee, Jr. 
Miami University, Oxford, Ohio 


ormancy is an inactive state associated with metabolic 
depression and arrested development that promotes the 
survival of insects during periods of harsh environmental 
conditions, including high or low temperatures or moisture 
conditions and reduced food quality or availability. Diapause 
may occur in any life stage (egg, larva, pupa, or adult); how- 
ever, for a given species it generally occurs in only one stage. 
Dormancy may be manifested in a variety of forms that differ 
widely in their intensity and duration. Consequently, it has 


proved difficult to classify these forms into discrete categories, 
and general agreement on terminology is lacking. Nonetheless, 
dormant states range from a moderate depression of short 
duration (quiescence) to a profound and extended period of 
metabolic suppression and developmental arrest (diapause). 

Quiescence commonly refers to short periods of 
dormancy that are directly induced by adverse environmental 
conditions, principally low or high temperature. It also has 
the advantage of being quickly reversible upon the return of 
favorable conditions; this rapid response may be especially 
important in extreme environments, such as alpine regions or 
deserts, where access to food and favorable conditions are 
intermittent and unpredictable. 

In contrast, diapause is not directly induced, but is trig- 
gered by genetically programmed responses to environmental 
cues that occur in advance of adverse conditions. Anticipatory 
induction allows time for substantial physiological changes 
prior to the arrival of adverse conditions. These changes may 
include accumulation of lipid and glycogen reserves, deposi- 
tion of cuticular lipids that enhance desiccation resistance, 
suppression of gametogenesis, decreased metabolic rate, 
increased tolerance of anoxia, and low temperature. 

Although moisture conditions, temperature, and host- 
plant quality may serve as cues for the induction of diapause, 
photoperiod is the factor that has been identified most com- 
monly in this regard and is the one that has been the subject 
of the most investigation. Furthermore, these environmental 
conditions may interact to promote or inhibit the induction 
of diapause; an unusually cool autumn may induce diapause 
sooner than would be expected based solely on photoperiod. 
The cue for diapause induction need not be received by the 
life stage that enters diapause. For example, in many species 
adults that experience short daylengths produce diapause 
eggs, while those exposed to longer photoperiods do not. 
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Drosophila melanogaster 
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hen biologists refer to “Drosophila” they usually mean 

Drosophila melanogaster. This small, inconspicuous species 
has become one of the premiere model systems in modern 
biology. Research on D. melanogaster over the past century 
has led to better understanding of virtually every discipline of 
biology, especially genetics and developmental and evolutionary 
biology. This work has applications not merely to the biology 
of flies and other insects, but also into the causes of a variety 
of human diseases. The most powerful aspect of Drosophila 
as a model system is the ease with which its genome can be 
manipulated through a variety of genetic techniques, including 
germline transformation with transposons. The genomics 
revolution promises to expand the utility of D. melanogaster 
and make this species not only a pivotal tool in understanding 
the evolution and working of the genome but also an impor- 
tant model for bioinformatics and genome annotation. 


HISTORY OF DROSOPHILA RESEARCH 


D. melanogaster was first described by Meigen in 1830. 
Subsequent taxonomists described this species under at least 
five different names from 1830 to 1941. The profusion of 
names was likely due to the quick spread of this species 
throughout the world as a result of the fruit trade. 
Drosophila research began in the early 1900s when a 
number of scientists, most notably T. H. Morgan, began to 
use D. melanogaster as a model organism for studies of 
genetics. W. E. Castle was the first to bring this species into 
the lab and develop many of the culture techniques still used 
today. It was Morgan’s group at Columbia University, 
however, that fully took advantage of this species as a research 
model. Morgan, up to that time, had been experimenting 
with marine invertebrates in an effort to understand a 
number of developmental processes. He was looking for a 
small, rapidly developing species that produced large 
numbers of progeny and was both easy and inexpensive to 
maintain and manipulate in the laboratory. Early in these 
studies, it became clear that D. melanogaster was just such a 
model system. In 1912 Morgan’s group had isolated roughly 
two dozen mutants. Morgan and his colleagues began to use 
these mutants to provide experimental evidence for the 
chromosome theory of inheritance, and they devised 
methods for gene mapping that are still used today. 
Drosophila was an important model organism throughout 
the 20th century. Ed Lewis began working on homeotic 
mutants in the 1950s. His work focused on the bithorax gene 
complex. Most Diptera have only a single set of wings on the 
mesothoracic segment, but these mutant flies had two pairs 
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FIGURE 1 The ultrabithorax mutant. [From Lawrence P. A. (1992). “The 
Making of a Fly: The Genetics of Animal Design.” Blackwell Scientific 
Publications, Oxford, U.K., with permission of the publisher.] 


of wings, one each on the meso- and metathoracic segments 
(Fig. 1). This set of genes has since proved to be the major 
control switch for body axis development and is conserved in 
many organisms, including humans. The Niisslein—Volhard 
and Wieschaus screens of the early 1980s further advanced 
the use of D. melanogaster as a model system to study the 
development of more complex organisms. The future Nobel 
laureates elegantly showed the genetic control of develop- 
ment, mapping many of the genes involved in forming the 
major body axes in nearly all metazoans. 

D. melanogaster continues to be an important model system 
in biological research, and the Drosophila Genome Project has 
completed the entire genome sequence of Drosophila 
melanogaster. This work, described by Adams and colleagues in 
2000, has provided researchers with an immense amount of data 
that can be used to understand the mechanisms of development 
and the evolution of the genome. As of late 2002, a reference 
search of Flybase (http://flybase.bio.indiana.edu/) recovers about 
20,000 papers with the query terms “Drosophila melanogaster.” 
Furthermore, GenBank (http://www.ncbi.nlm.nih.gov/) 
currently contains over 322,000 nucleotide entries for this 
species. Several stock centers around the world are dedicated to 
maintaining live cultures of D. melanogaster and its relatives 
for research. For example, the Bloomington Stock Center 
(http://flystocks.bio.indiana.edu/) currently has about 8700 
different lines, mostly mutants of D. melanogaster, and the 
Tucson Stock Center (http://stockcenter.arl.arizona.edu/) 
maintains about 1300 cultures from nearly 300 species in the 
family Drosophilidae. 


ECOLOGY AND LIFE CYCLE 


Drosophila melanogaster originated in tropical west Africa and 
has spread around the world, primarily through its 
commensal associations with humans. This species is a 
generalist and breeds in a variety of rotting fruits in its 
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natural environment. It was first recorded on the east coast of 
North America in the 1870s following the end of the 
American Civil War and the expansion of the fruit trade. 

Like all other members of the family Drosophilidae, D. 
melanogaster is holometabolous and undergoes a complete 
metamorphosis. Development times vary, depending on 
temperature. Typical Drosophila laboratories maintain flies 
between 18 and 25°C. Stocks or infrequently used strains are 
usually kept at lower temperatures to slow development and 
reduce the amount of stock changing required. Complete 
development takes about 3 weeks at 18°C. At 25°C, 
embryonic development is completed roughly 1 day after the 
egg is laid. The fly then goes through three larval stages prior 
to pupation. Larvae are motile and work their way through 
the food media feeding on yeast and bacteria. After 4 days, 
the larvae enter a stationary pupal stage. Pupation takes 
approximately 4 days, after which time adults emerge from 
the pupal case. After they eclose, females require about 2 to 
3 days to develop mature eggs. Therefore, at 25°C about 10 
or 11 days is required to complete a cycle from egg to egg. At 
higher temperatures (29-30°C), pupal lethality and female 
sterility begin to have an effect on culture viability. 

After the adult ecloses, it takes between 6 and 12 h for 
both males and females to begin mating. Genetic crosses 
require known paternity. Females are collected prior to 
reaching sexual maturity and isolated from males, so 
controlled crosses can be made. Mean adult life span is 40 to 
50 days, although some individuals may live up to 80 days. 
A single female can lay as many as 75 eggs in a day, for a total 
of perhaps 500 eggs in a 10-day period. 


MORPHOLOGY AND PHYLOGENY 


The family Drosophilidae is divided into a number of genera, 
subgenera, species groups, and species subgroups; this system 
gives each species a “taxonomic address” that loosely defines 
relationships within the family. For example, D. melanogaster 
is placed in the genus Drosophila, subgenus Sophophora, and 
melanogaster species group and subgroup (Fig. 2). D. 
melanogaster is a typical drosophilid and possesses a number 
of the characteristics, such as red eyes and plumose arista, 
that delineate this family. Along with the other taxa in the 
melanogaster and obscura species groups, D. melanogaster 
bears a single sex comb on its first tarsal segment. These are 
7 to 12 thickened setae (hairs), which are closely set in a row, 
or comb. The number and position of the setae diagnose D. 
melanogaster from all but the most closely related species. 
Within the Afrotropical melanogaster species subgroup, D. 
melanogaster is most closely related to the triad of species 
containing D. simulans, D. sechellia, and D. mauritiana, the 
common ancestor of which is thought to have diverged 
between 2 and 3 mya. D. simulans, a closely related species 
that is also cosmopolitan, can be differentiated only by 
examining the characters of the male genitalia, namely the 
number of prensisetae and the shape of the epandrial lobes. 





~ 4,300 descrited species 











Family Drosophilidae 


+ +65 offer genera 


subgenus Sephophora | + ~id other sebgenera 





melanogaster 


¥ : 
species proup 5 other species graups 


melanogaster subgroup ) + ~/2 other sedgroaps 


$ species 

D. erecta, Do melanogaster, D. mauritiana, 
D. arena, 2. sechellia, D. simulans, 

D. teissieri, D. yakuba 


FIGURE 2 Placement of D. melanogaster within the family Drosophilidae. 
[Modified after Powell, J. R. (1997). “Progress and Prospects in Evolutionary 
Biology. The Drosophila Model.” Oxford University Press, New York.] 


DROSOPHILA MELANOGASTER AS A 
GENETIC MODEL 


Over the past 100 years, geneticists have built a large “toolbox” 
of specialized methods that allow them to manipulate the 
genome of D. melanogaster with more deftness than is possible 
with any other organism. These methods have largely taken 
advantage of some of Drosophila’s inherent characteristics, 
such as the lack of recombination in males. Some widely used 
techniques include polytene chromosome visualization and 
in situ hybridization, using balancers and other cytological 
aberrations for genetic crosses, and germline transformation 
using P elements and other transposons to examine gene 
expression and to tag genes for cloning. 

The chromosomes found in the larval salivary glands are 
highly duplicated, allowing a characteristic banding pattern 
to be visualized with a compound light microscope (Fig. 3). 
Polytene chromosomes, which allow researchers to observe and 
study large-scale genetic rearrangements such as inversions, 
duplications, translocations, and deletions, have been used by 
geneticists to answer a variety of questions. Early work focused 
on understanding chromosome mechanics and using deletions 
to map the location of specific genes. Molecular geneticists 
have used the polytene chromosome in conjunction with in 
situ hybridization to more specifically localize the chromoso- 
mal site of specific cloned genes or gene fragments. For example, 
small fragments of DNA can be amplified by using the 
polymerase chain reaction (PCR), incorporating radioactive 
or bioluminescent probes as labels and with hybridization to 
the polytene chromosomes. In addition, evolutionary and 
population geneticists have used inversion patterns to 
reconstruct the history of species and populations. 
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FIGURE 3 Polytene chromosome of D. melanogaster: X, X chromosome; 
2R, right arm of second chromosome; 2L, left arm of second chromosome; 
3R, right arm of third chromosome; 3L, left arm of third chromosome; 4, 
fourth chromosome; CH, chromocenter. [From Krimbas C., and Powell, J. 
R. (eds.) (1992). “Drosophila Inversion Polymorphism,” Fig. 2B, p. 344. 
CRC Press, Boca Raton, FL, with permission.] 


Balancers are multiply inverted chromosomes that repress 
recombination and are useful for making controlled genetic 
crosses as well as keeping homozygous lethal mutant genes in 
culture. In addition to being marked with a visible 
phenotype, such as curly wings, balancer chromosomes are 
often homozygous lethal, making crosses and the 
establishment of multiple mutant stocks much simpler. 

Transposable elements (TEs) are native components of 
the genomes of nearly all organisms. TEs typically encode a 
protein, called transposase (some also move via a method that 
is mediated by reverse transcriptase), which can catalyze the 
movement of the element throughout the genome. 
Transposons have been used to mutagenize and clone genes, 
as well as to study spatial and temporal patterns of gene 
expression. The P transposable element was isolated after 
several researchers noticed an aberrant syndrome of hybrid 
sterility when certain geographic strains were crossed. This 
sterility was caused by the introduction of P elements into a 
genetic background lacking these transposons. This 
transposon has become the most versatile and widely used 
tool in modern Drosophila genetics. 

Since their discovery, P elements have been heavily modified 
and are now used extensively to manipulate Drosophila germline 
DNA. The transposase coding regions have been removed and 
replaced with a wild-type marker gene, resulting in an inactive 
transposon with a dominant marker. It is possible to introduce 
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such a P element into the germline of mutant embryos by 
injecting the embryos with cloned P element DNA and a buffer 
containing the active transposase. The offspring carrying the 
P element construct will have a wild-type phenotype because 
the marker will rescue the mutant phenotype of the recipient 
strain. Such transformed lines can be used in mutagenesis 
screens by crossing the inactive P element construct line to a 
stock engineered to contain active transposase. Because P 
elements insert at random into the genome, they are very 
effective mutagenic agents and can insert into a gene, thereby 
disrupting its function. Once a phenotype has been observed, 
the transposase can be “crossed out,” leaving a stable P element 
insertion into a gene of interest. The mutagenized gene can 
be easily cloned by means of a variety of techniques (e.g., 
inverse PCR) because the sequence of the P element is known 
and a “transposon tag” is present in the gene of interest. 
Other powerful techniques that exploit transposons are 
enhancer trapping and the flipase recombination system. 


THE GENUS DROSOPHILA AS A MODEL SYSTEM 


In addition to referring to the single species D. melanogaster, 
“Drosophila” can also refer to the entire genus Drosophila, a 
spectacular radiation of roughly 1500 described species. This 
genus can be found throughout the world in every conceivable 
habitat, from tropical rain forests to subarctic regions. 
Generally, these species are saprophytic, feeding and ovipositing 
in rotting plant and, sometimes, animal material. Members of 
this genus have been used as a model system for understanding 
evolutionary biology. A number of Drosophila groups, such as 
the obscura, repleta, and virilis species groups, have become 
prominent model systems in evolutionary biology. Such studies 
include chromosome and molecular evolution, the mechanisms 
of species formation, phylogeny, ecology, and behavior. 


See Also the Following Articles 
Chromosomes © Diptera ¢ Genetic Engineering e 
Research Tools, Insects as 
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D™ beetles are specialized to feed and breed on an 
ephemeral and discrete food resource, namely, the piles 
of dung produced by herbivorous warm-blooded. animals. 
Adults are strong flyers and can search for some distance to 
find fresh dung. Most species make tunnels in the soil and 
remove dung from the pat, which is packed into the tunnel to 
form a brood mass in which a single egg is laid. Ecosystems 
contain many coexisting dung beetle species, particularly in 
tropical grasslands. Intraspecific and interspecific competition 
for dung is high, and beetles show diverse behavior to reduce 
its effects. Fecundity of dung beetles is extremely low, the eggs 
are relatively large, and adult investment in nesting behavior 
is high, as is illustrated in male/female adult reproductive 
behavior and in brood care by female beetles. 

Dung beetles have a place in history, in which the ball- 
rolling species, Scarabeus sacer (Fig. 1), was sacred to the early 
Egyptians (Fig. 2). The ability of large ball-rolling beetles to 
create a perfect sphere, which is then rolled along the soil 
surface, was taken to be representing Khepri, a great scarab 
beetle, rolling the globe of the rising sun. The scarabeus, 
symbol of the sun, is often depicted hovering with 
outstretched wings. The new beetle emerges from the inactive 
pupa, representing rebirth or reincarnation. Scarab amulets 
often were placed over the heart of the dead to simulate 
rebirth or worn widely by the living to bring good luck. 


BIOLOGY 
Dung as a Resource 


When scarabaeine dung beetles are abundant, numbers can 
be observed swarming upwind in the odor plume from fresh 
dung. Volatile compounds produced from the fresh dung 
attract adult dung beetles, and most arrive within the first 
few hours after the dung is deposited. Up to 16,000 beetles 
have been recorded at a single elephant dropping, to which 





FIGURE 1 Adult S. sacer. Unworn tibiae indicate a newly emerged beetle. 
(Photograph courtesy of CSIRO Entomology.) 


4000 beetles were attracted in 15 min. Beetles leave when 
most of the dung is buried or when feeding activity has 
removed most of the moisture from the dung (referred to as 
shredding). Adult beetles feed on the liquid “soup” in the 
dung. The incisor lobe of the adults is flattened and fringed 
for handling soft food, and the particulate components of the 
food are filtered out before being ingested. The galae and 
laciniae of the adults have special brushes for collecting food. 
Dung produced by herbivorous animals is highly variable in 
size and consistency and may range from mounds weighing 
over 1 kg from an elephant to pellets of about 1 g from a 
rabbit. The water content of dung is high at deposition (90% 
water), but dung dries out quickly, the rate depending on 
both temperature and the size of the dung pat. Typically, 
dung is used as a resource by dung beetles for 1 to 4 weeks, 
although small sheep pellets may dry out in 3 h in summer 
and are relatively little used by dung beetles after this time. 





FIGURE 2 Egyptian sacred scarabs. Top center is a winged scarab pectoral 
in blue faience with holes for attachment. Bottom left is a heart scarab in 
blue faience. Bottom right is an inscribed heart scarab in felspar. 
(Photograph courtesy of Ashmolean Museum, University of Oxford.) 


Healthcare, transportation and media are sectors that are bound up with our fellow citizens’ daily 
lives: any improvements in these sectors thus have a clearly visible impact. The introduction of 
robots to perform specialised surgical operations, of video on demand or the advent of new 
connected features in cars have already improved our daily lives. 5G is promising to go several steps 
further in all of these areas: it would enable remote medical diagnoses and operations in real time, it 
would democratise streaming of 360° 3D video, it would provide users with a vast selection of video 
content with a picture quality better than ultra high-definition (4K, 8K...). The automotive universe 
could rely on these new networks to help cars make decisions without human involvement, and also 
communicate with one another (this is already possible, for instance, with the first experimental fleet 
of fully autonomous taxis being tested on the streets of Singapore by the firms nuTonomy and 
Grab’), with reaction times that are compatible with the demands of high-speed travel. 


In terms of factories of the future, the improvements brought by 5G are primarily targeting the 
introduction of new generations of connected robots, the interconnection of production sites and 
the much heavier use of smart sensors to improve industrial processes. Generally speaking, the aim is 
to achieve ubiquitous communication between machines, a process that is already well underway. 


One thing that it is crucial to understand, through the few examples listed above whose demands 
might seem mutually incompatible, is that depending on the sector or the application, the network 
properties and the functionalities required will not be the same. Service providers — whether they are 
today’s mobile operators or other market players — will need to be capable of adapting their network 
to demand, occasionally in real time. 5G will thus be not so much a universal technology as a 
polymorphous, or multi-faceted technology, capable of adapting to any use, up to and including the 
most demanding ones. 


* http://nutonomy.com 
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Dung Burial for Brood Masses 


The behavior for which the dung beetle is best known is the 
removal of dung from the pat and burial in the ground as 
provisioning for their offspring. Three groups are distinguished 
based on their behavior in creating a brood mass, the 
compacted dung in which a single egg is laid. In teleocoprids, 
a sphere is made from pieces of dung at the dung pat or from 
pellets of dung (Fig. 3A). Beetles roll the ball away from the 
dung pat, usually with the hind legs. It is buried in the soil, and 
a single egg is laid in a small cavity. In paracoprids, the beetle 
digs a tunnel in the soil under a dung pat, cuts off pieces of 
dung using its front legs, head, and body, and carries them 
down the tunnel where they are packed into the end to form a 
compacted brood mass. As each brood mass is completed, a 
single egg is laid. Soil is then placed over the brood mass and 
another brood mass is made. Branching tunnels may be made 
containing many brood masses with eggs (Fig. 3B). The size 
and shape of the brood mass, and the depth of the brood 
mass in the soil, are characteristic for each species. These will 
be affected by soil moisture and soil hardness. Endocoprid 
species construct brood balls in cavities within the dung pat. 
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Life Cycle 


When a female beetle is ready to lay her eggs, she constructs 
a chamber in the top of the brood mass and lays an egg on a 
small pedestal, which prevents it from coming into contact 
with the surrounding dung (Fig. 3C). The larva hatches after 
a week or two and feeds on the dung of its brood mass (Fig. 
3D). Larvae have biting mouthparts, unlike the adults, and 
can use the fiber content of the dung. They typically 
complete three instars over about 12 weeks and then undergo 
a pupal stage (Fig. 3E) 1 to 4 weeks before turning into an 
adult (Fig. 3F). The adults emerge from the brood shells, dig 
their way to the soil surface, and then fly off and find fresh 
dung on which to feed. Depending on the biology of the 
individual species, there may be periods of diapause or 
quiescence by mature larvae, pupae, or adults during 
development. Such adaptations are usually related to 
enhancing survival over, for example, a dry summer or a cold 
winter and can delay the completion of the life cycle by 
several months. Dung beetle species are univoltine, 


completing one generation a year, or multivoltine, 
completing several. 


FIGURE 3 Dung beetle reproduction in cattle dung. (a) Dung pat with a teleocoprid species removing a ball of dung and burying it. (b) Dung pat with a 
paracoprid species producing brood masses in tunnels beneath the pat. Brood mass containing: (c) egg, (d) larva, (e) pupa, and (f) young adult. (Illustration by 


Tom Prentis from Waterhouse, 1974; reproduced with permission.) 
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Dung Quality 


Beetle egg laying is very sensitive to seasonal changes in dung 
quality. This quality is influenced by several factors, 
including rainfall, which affects the growth of plants on 
which grazing animals are feeding and hence the quality of 
dung they produce, and the plant species grazed upon. Under 
favorable laboratory conditions, the rate of egg production of 
Onthophagus binodis on dung collected from cattle grazing on 
dry summer annual pasture in winter rainfall regions of 
Australia is 7% of that on dung from cattle grazing on green 
spring annual pasture. Onitis alexis, a larger species, is 
somewhat less affected by the same seasonal changes in dung 
quality. The rate of egg production of Ewoniticellus 
intermedius on dung collected from cattle grazing on dry 
winter pasture in summer rainfall regions of Australia is 30% 
of that on dung from green summer pastures. 


Egg Laying 

The adult female reproductive system of Scarabaeinae has 
only a single ovary, consisting of a single ovariole. Newly 
emerged beetles have no differentiated oocytes in their single 
ovary. The eggs develop sequentially during a period of 
maturation feeding. The terminal oocyte is the only one 
ready to be laid at any one time. If conditions are unsuitable 
for oviposition, the oocyte is extruded from the ovariole into 
the hemocoele and nutrients are resorbed. 

Fecundity of scarabaeine dung beetles is very low, but they 
produce relatively large eggs. The length of an average egg is 
about 33% of the adult female body, and the volume of the 
egg is about 2.5% of that of the female. Most species 
probably produce as few as 20 eggs/female/year in the field, 
because weather conditions or dung quality are rarely ideal 
for adult reproduction, and some species produce 5 or fewer. 
Competition for dung at times beetles are ovipositing is high. 
Adult investment in nesting behavior is high to enhance the 
success of the offspring that are produced. This is illustrated 
here in terms of adult male/female reproductive behavior and 
in female brood care. 


ADULT REPRODUCTIVE BEHAVIOR 


Recognition of beetles of the same species as mates is important, 
as beetles are frequently present in large numbers in fresh dung. 
Male beetles court females by tapping them with their head and 
forelegs prior to successful copulation. The males of many 
species produce pheromones that are probably involved in 
close-range species recognition and in sexual attraction. 
Pheromones are released via pumping movements from 
forelegs, or from abdominal sternites, depending on the species. 

Male-to-male intraspecific competition occurs in tunnels 
in the soil for the possession of a female making a brood mass 
where she is to lay her egg. Of the two males, the larger is 
usually successful in pushing the smaller beetle away from the 





FIGURE 4 A pair of K. nigroaeneus rolling a brood ball. The female sits on 
the ball while the male rolls it backward (beetles approx 2 cm in length). 
(Reproduced, with permission, from Edwards and Aschenborn, 1988.) 


tunnel and the female. This behavior is widely reported in 
species in both the larger genera such as Scarabaeus, Kheper, 
and Typhoeus, and the smaller genera such as Onthophagus. 
The size of male beetles and of horns arising from their head, 
thorax, and clypeus can be very variable. In many of the 
smaller species, beetles exhibit dimorphic male morphology. 
Both large horned major and small hornless minor morphs 
(forms) coexist in the field. Females produce more brood 
masses, and the brood masses are larger, in the presence of 
horned males than in the presence of hornless males. 
Offspring size is determined by the size of the brood mass 
used to provision the larva. The horned males assist the 
females in dung provisioning, providing each egg with more 
dung. They also guard the tunnels where the females are 
producing brood masses from other males. The hornless 
males show alternative mating strategies, by sneak mating 
with unguarded females, but they do not assist the females in 
providing dung for brood masses after mating. 


BROOD CARE AND SUBSOCIAL BEHAVIOR 


Investment in nesting behavior that enhances the survival of 
offspring is evident in brood care by adult female beetles. The 
female remains underground with the brood ball, providing 
care of her offspring during its development. In Copris, a 
male and a female make a chamber in the soil and carry dung 
down to construct a large dung cake of about 100 g. The 
male then leaves and the burrow is sealed. The female cuts up 
the cake into about four brood balls and lays one egg in each. 
The mother then remains with the brood balls during the 
development of her larvae, caring for them, repairing damage 
to the balls by the larvae, and removing fungal growth from 
the outside. Such behavior doubles the survival rate of the 
offspring. The mother emerges from the soil after her 
offspring have emerged from their brood balls. 





FIGURE 5 Female K. nigroaeneus in a brood chamber with a single brood 
ball. Male has left and packed the chamber entrance closed. (A) Loose soil, 
(B) hard packed soil, and (C) chamber. (Reproduced, with permission, from 
Edwards and Aschenborn, 1988.) 


An extreme case of low fecundity occurs with Kheper 
nigroaeneus, a large ball-rolling species, which produces only 
a single offspring on each nesting occasion. A pair of beetles 
forms a single large dung ball over 4 cm in diameter. The 
male rolls the ball away from the dung pat while the female 
clings to the top of it (Fig. 4). The ball is buried via a 
diagonal tunnel to a chamber about 14 cm deep. The male 
then leaves the nest while the female beetle stays in the 
chamber and lays a single egg. She remains underground 
with the ball for the 12 weeks taken for egg and larval 
development (Fig. 5). As with Copris spp., the presence of the 
female greatly enhances offspring survival. After the new 
adults have emerged, the mother leaves the nest. 


ECOSYSTEM-LEVEL PATTERNS 
Species Richness and Competition 


Worldwide there are about 4000 species of scarabaeine dung 
beetles. Local species richness is generally related to the 
species richness of large mammalian grazing animals, 
although cattle dung does support a rich dung beetle fauna 
around the world. The most competitive assemblages of 
dung beetles occur in tropical grasslands, where up to 120 
species can be present in local areas; here, competition for the 
dung resource is high. 

Intraspecific competition for dung occurs in a range of 
beetle species, expressed as a reduction in the number of eggs 
laid/female at high densities. There is also evidence for 
interspecific competition in which the presence of beetles of 
one species reduces egg production of a second species. In 
these instances the competition is frequently asymmetric, 
and the larger species has a greater effect on the smaller 
species than the other way round, particularly at high beetle 
densities. The competitive advantage of larger beetles is 
associated with preemptive dung burial, whereby they bury a 
greater proportion of dung in the first day. 
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Interspecific competition is avoided where there are 
differences in patterns of dung use and reproductive 
strategies. Species can be allocated into functional groups on 
the way they use dung and where it is buried under the pats. 
Competition is reduced also by the occurrence of aggregated 
spatial distributions between the discrete dung pats as a result 
of timing of optimal flight activity and of dung or soil 
preferences. Of the species present in a region, only some will 
have a preference for the niche represented by each dung pat, 
including the time and place at which it is dropped. 


Australian Dung Beetle Program 


The arrival of farmers from Europe in the 19th century led 
to a major change in the Australian landscape, resulting from 
planting pastures and introducing domesticated grazing 
animals such as sheep and cattle. Native beetles, active only 
for restricted periods of the year, and occupying mainly heath 
and other undisturbed habitats, were unable to use effectively 
the large quantities of cattle dung in the newly created 
pasture habitats. Dung fauna in these pastures thus consisted 
of a high abundance of dung-breeding pest flies, but few 
dung beetles or predatory beetles. George Bornemissza of the 
Commonwealth Scientific and Industrial Research 
Organisation (CSIRO) suggested introducing to Australia 
exotic scarabaeine dung beetles adapted to open pasture 
habitats and active mainly at the time of year native beetles 
were not, to correct this imbalance in pastures, to improve 
nutrient cycling, and to control nuisance flies breeding in the 
dung. A total of 46 species of scarabaeine dung beetles were 
introduced into Australia between 1967 and 1995, of which 
26 species are established. The project has greatly increased 
the rate of dung recycling in Australia and reduced the 
population of at least one important dung-breeding nuisance 
pest, the Australian bushfly, Musca vetustissima. 


See also the Following Articles 
Coleoptera ¢ Cultural Entomology * Mating Behaviors e 
Parental Care 
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he ecdysteroids are steroid hormones that, in combina- 

tion with juvenile hormones, program gene expression 
appropriate for each stage of insect development. Beginning 
at embryogenesis, ecdysteroid levels rise transiently during 
each stage to initiate molting. Depending on the level of 
juvenile hormone, elevated ecdysteroids mobilize nuclear 
receptors of several types that bind directly to DNA to either 
promote or suppress gene expression. During the adult stage 
of some insects, ecdysteroids play important roles in repro- 
duction, principally in the development of gametes. 


DISCOVERY 


Early in the 20th century, scientists began to demonstrate 
roles for circulating hormones in the development and 
maturation of insects. Stefan Kopec, working in Poland, 
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observed that removal of the brain in gypsy moths 
(Lymantria dispar), caused developmental arrest. Amazingly, 
reimplantation of the brain allowed development to resume. 
In other experiments, Kopec used an experimental tool called 
a ligature to demonstrate the timing of hormone release from 
the brain. A ligature is applied with a loop of string that is 
pulled tight, like a tourniquet, interrupting blood flow 
between front and back blood compartments. If a ligature is 
tied around a last instar before the “critical period” of 5 to 7 
days, the front part of the animal will develop pupal cuticle, 
whereas development in the back part will be arrested (Fig. 1). 
However if the ligature is applied after the critical period, 
both sides will develop. These observations implied that 
something was released from the front end of the animal 
during the interval between days 5 and 7 of development. 
Consistent with Kopec’s earlier work, this signal was later 
shown to come from the brain. These ingenious experiments 
illustrated the surprising fact that the insect brain, in 
addition to its well-known function in electrical signaling, is 
a secretory organ, controlling developmental processes 
through release of a hormone into the bloodstream. 

The experiments of Kopec were published in two classic 
papers in the early 1920s, but little happened for about a 





FIGURE 1 Ligature tied prior to the critical period (arrow) leads to arrested 


development in the posterior part of the animal, where green larval cuticle is 
retained. The thorax synthesizes a new, dark pupal cuticle in response to 
ecdysteroid release by the prothoracic glands. [Modified from Farb, P. 
(1962). “The Insects.” Time, Incorporated, New York.] 


decade. The notion that hormones program _ insect 
development was not readily accepted because thinking was 
dominated by mid-19th century studies of reproductive 
hormones in birds. These experiments showed that 
implantation of the avian male testes causes masculinizing 
effects, whereas removal of the testes produced loss of male 
characteristics. Such experiments performed in insects had no 
apparent effect, and as a consequence it became accepted that 
insects did not engage in hormonal signaling. 

Nevertheless, Vincent Wigglesworth, S. Fukuda, and later 
Carroll Williams extended Kopec’s work, by providing 
evidence for a second signal located in the thorax of the 
insect that is released in response to the brain hormone. It 
became evident that implantation of the brain, as Kopec had 
done, worked only if the brain was placed in the thoracic 
area. When the brain was implanted into an isolated insect 
abdomen, developmental arrest persisted. The source of this 
second factor was the prothoracic gland. Williams showed 
that, if both the brain and the prothoracic glands were 
implanted into an isolated abdomen, development resumed. 
The prothoracic glands alone could accomplish this, 
provided they had prior exposure to the brain. It therefore 
became evident that the brain provides a hormonal signal 
that induces release from the prothoracic glands of a 
“molting hormone” that is critical to promoting growth. 


CHEMICAL NATURE OF ECDYSTEROIDS 


Attempts to isolate the molting hormone, or “ecdysone” as it 
came to be known, began in the 1940s and continued for the 
next 10 years, until the efforts of two German chemists, 
Butenandt and Karlson, yielded microgram quantities of pure 
ecdysone. Because of its water solubility, ecdysone at first was 
not recognized as a steroid. Soon X-ray studies of ecdysone 
crystals revealed it as a unique steroid with five hydroxyl sub- 
stituents, accounting for its ability to dissolve in water (Fig. 2). 





FIGURE 2 The structure of 20-hydroxyecdysone (20HE) and related 
ecdysteroids. The hydroxyl substituent of 20HE at position 20 confers 
biological activity to ecdysone. Many insects obtain phytoecdysones from 
plants and convert them to biologically active forms. These molecules differ 
from 20HE only in the number of carbons in the alkyl side chain, shown for 
(A) makisterone A (28 carbons), (B) makisterone C (29 carbons), and (C) 
ponasterone A, which lacks the hydroxyl group at position 25. 
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The first ecdysone structure soon was recognized as a pre- 
cursor to the biologically active material. Upon release from 
the prothoracic glands, ecdysone, or its 3-dehydro form in 
some insects, is converted to the active form upon arriving at 
target tissues. The tissues capable of responding to the hormone 
produce the enzymes needed to attach a single hydroxyl group 
to the carbon at position 20, making it 20-hydroxyecdysone 
(20HE). This substance had already been identified in 
crustaceans as crustecdysone. Identical molecules function as 
the biologically active hormone in insects and in crustaceans. 

Not long after the identification of ecdysone, phyto- 
ecdysones were discovered in plants. The first, ponasterone A, 
was discovered by Koji Nakanishi, and an identical molecule 
was later found in some crustaceans. Ponasterone A, which 
differs from ecdysone in lacking a single hydroxyl at position 
25, eventually proved useful in radiolabeled form for the 
characterization of ecdysteroid receptors. Hundreds of 
phytoecdysones have been identified, including 20HE itself. 
Reasons for the presence of phytoecdysones in plants are 
unclear, but they may serve defensive roles by disrupting the 
growth of herbivorous insects. 

As more insects were examined, additional configurations 
of the basic ecdysone structure were found. This group of 
molecules now is collectively known as ecdysteroids. Insects 
require cholesterol in the diet to synthesize ecdysteroids. 
Often phytosterols such as campesterol and f-stigmosterol 
are converted to produce hormonally active makisterones A 
and C, respectively (Fig. 2). 


SOURCES AND FUNCTIONS FOR ECDYSTEROIDS 


During the immature stages of development, the chief source of 
ecdysteroids is the prothoracic gland, a diffuse organ located 
in the thorax. In higher insects such as flies (Diptera) and 
bees (Hymenoptera), the prothoracic gland has become part 
of a composite structure called the ring gland. The precursor 
ecdysone or 3-dehydroecdysone is synthesized and immedi- 
ately released into the blood. Then 20-hydroxymonoxgenase 
is converted to 20HE in target tissues such as epidermal cells, 
salivary glands, fat body, nervous system, gut, and imaginal 
discs. 

During each stage of development, feeding and growth 
are followed by a sudden elevation of ecdysteroids, which 
induces animals to stop feeding and to engage in a new 
round of gene expression appropriate for the next stage. The 
epidermal cells begin to secrete a new layer of cuticle and to 
take back most of the old cuticle, recycling the chitin and 
protein recovered into the new layer. If the next stage is to be 
larval, ecdysteroids circulate with high levels of juvenile 
hormones, and a new set of larval characters is expressed. 
However, when larval development is complete, metamor- 
phosis is signaled by short ecdysteroid pulses in the absence 
of juvenile hormones. Completely new structures are created 
as the insect undergoes the process of changing from a 
caterpillar into a reproductive, winged adult. 
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The actions of ecdysteroids can be observed almost imme- 
diately after their release as “puffs” on the large polytene 
chromosomes in the salivary glands of some flies. Even before 
ecdysteroids were chemically identified, Clever and Karlson 
noticed puffs within hours of injecting the natural hormone 
and suggested that 20HE acted to regulate gene expression. 
This was an excellent insight, for it is now known that ecdy- 
steroids have direct actions to either activate or suppress the 
expression of many genes via nuclear receptors and that the 
puffs correspond to gene loci at which transcription takes place. 

A model explaining relationships between temporally 
distinct puffs was proposed by Michael Ashburner in the 
early 1970s. He found that just after ecdysteroid release, a set 
of early puffs could be observed, followed by early-late and 
late puffs. With the identification of ecdysteroid receptors, 
his model now views early and early-late puffs as evidence of 
transcriptional activity induced by ecdysteroid receptors 
(EcRs) and other nuclear receptors. The gene products 
resulting from these events then give rise to late puffs and 
also repress further transcriptional activity at early puffs. In 
this way, a complex but coordinated series of gene expression 
events occurs, initiated by EcRs. 

Having been present throughout larval development, the 
prothoracic glands degenerate during metamorphosis. 
Nevertheless, ecdysteroids persist in the adult stage, where 
they play important reproductive functions. The source of 
ecdysteroids in adults remained a mystery for many years, 
although anecdotal accounts implicated the mobile 
oenocytes as a possibility. In the 1970s, Henry Hagedorn 
provided a breakthrough, showing that mosquito ovaries 
produce large quantities of 20HE and that the hormone is 
required for vitellogenesis, or yolk deposition in developing 
oocytes. The precise source of ecdysteroids is the follicle cell 
layer surrounding the oocyte. Since Hagedorn’s initial 
finding, ecdysteroids have been identified also in the testes, 
where they are involved in sperm maturation. 


MOLECULAR BASIS OF 
ECDYSTEROID SIGNALING 


Ecdysteroids belong to a large class of steroid chemical 
signaling molecules. Because of their lipophilic character, they 
pass through the cell membrane easily. Whether they affect 
the cell upon entry depends on the presence or absence of 
specialized proteins belonging to a large class of soluble, 
diffusible nuclear receptors. Nuclear receptors get their name 
from the part of the cell in which they conduct their 
business, which is the regulation of gene expression. Early in 
the 1990s, David Hogness and colleagues discovered in fruit 
flies a class of nuclear receptors they called EcRs. Upon their 
activation by ecdysone binding, EcRs bind directly to DNA 
at “ecdysone response elements” (EcRs) to turn genes on or 
off. Further work showed that to bind with high affinity to 
DNA, the EcR first finds a partner protein to form a doublet, 
or “dimer” complex. It is this protein dimer that, together 


with coactivator proteins, binds to EcREs, resulting in 
regulation of gene expression. 

It is well known that EcRs affect cells in many different 
ways, causing some to differentiate into muscles and some 
into glands, and others to form particular kinds of cuticle 
and cuticular structures appropriate for a larva, a pupa, or an 
adult. The process by which ecdysteroid receptors encode 
this diversity of effects is very complicated, and many 
questions are under current investigation. But it is known 
already that several different types of ecdysteroid receptor 
occur in insects, including EcRA, EcrB1, and EcRB2. These 
receptor “subtypes” occur at different stages of development 
and can be specific to particular tissues. Thus at least some of 
the stage-specific effects seem to depend on this diversity of 
receptors. Another point is that the partners with which they 
bind to DNA probably vary substantially, providing a further 
level of combinatorial diversity. 


ECDYSONE-BASED INSECT CONTROL 


One way of managing pest insect populations is to target 
unique aspects of their physiology. Because molting is a 
particularly unique aspect of insect biology, scientists have 
attempted to learn more about hormonal control systems to 
be able to design “magic bullets” targeting only insects. The 
first complete synthesis of ecdysone was accomplished by 
John Siddall in the late 1960s, but development of such a 
complicated molecule has not proven to be commercially 
viable. As insecticides go, the ecdysone structure itself is 
rather complex and would be expensive to produce on a large 
scale; moreover, it is too unstable in the environment to be 
useful in field applications. 

Nevertheless, chemicals with unexpected biological 
activities are produced every year by the chemical industry, 
and it has become routine to test these compounds, using all 
available biological assays. This has led to unexpected 
successes on many occasions, including the serendipitous 
discovery of the first ecdysone agonists, or “ecdysanoids,” by 
Rohm & Haas in the 1980s. Keith Wing and colleagues at 
Rohm & Haas found that a series of bisacylhydrazines had 
astounding ecdysone-like activity, even though their 
structures were not recognizable as steroidlike. Application of 
these compounds caused premature insect molting, 
differentiation of cells, and death of insects due to improper 
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FIGURE 3 The structure of RH5849, one of the first ecdysone agonists 
developed at Rohm & Haas. 


programming of development. The ecdysanoids have been 
commercially developed for agricultural pest control and 
represent an encouraging example of how targeting basic 
insect physiological processes can lead to safer, more 
environmentally sound insect control agents. 
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ost insects use fertilized, nutrient-rich eggs to reproduce. 

In some insects, however, eggs can develop into 
embryos without fertilization or egg nutrients. And in a few 
insects, embryos develop directly inside the female insect’s 
body. Nutrient-rich eggs are a resource to parasitoids and 
predators, as well as to embryos, and so insects use a variety 
of methods to protect their eggs. 


TYPICAL INSECT EGGS 


Typical insect eggs contain nutrients to support embryo- 
genesis and produce newly emerged first instars. Most eggs 
contain large amounts of lipid, for use as building material 
and energy, and yolk proteins, for the amino acids needed to 
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build a larval insect body. Eggs also contain a cytoplasmic 
“starter kit” for development that includes cellular machinery 
such as ribosomes. In species with symbiotic bacteria or 
protists, eggs are inoculated with a small population of the 
mutualistic microbes. 

Insects typically have internal fertilization, and fertilized 
eggs contain one set of chromosomes from each parent. Eggs 
are laid in protected places in environments where young are 
likely to find food. For example, many butterflies lay their 
eggs on larval food plants, mosquitoes lay their eggs in water 
in which larval food grows, and parasitoids lay eggs in, on, or 
near a host insect. Because mature eggs are usually covered by 
a thin shell, there must be a way for sperm to penetrate the 
shell before it is laid, and a way to accommodate water 
balance and respiratory needs afterward. Sperm enter through 
an opening called the micropyle. Water and air can pass 
through specialized regions of the eggshell and embryonic 
membranes. Finally, some insect groups, remarkably, 
produce offspring without sperm, egg nutrients, or both. 


INSECTS FROM EGGS WITHOUT FERTILIZATION 


The sex of hymenopteran insects normally is determined by 
the number of sets of chromosomes. Unfertilized, haploid 
eggs have only their mother’s set and develop as males. 
Fertilized, diploid eggs have chromosome sets from both 
their parents and develop as females. Mated females have 
control over when sperm is released from the spermatheca to 
fertilize eggs. Therefore, they can adjust their offsprings’ sex 
ratio in response to a variety of cues. Hymenoptera are 
particularly susceptible to manipulation of sex determination 
by parasitic microbes. Wolbachia, for example, can alter sex 
determination so that haploid, and therefore unfertilized, 
eggs develop as females. 

Aphids have complex life cycles that often include female 
forms that reproduce parthenogenetically, producing female 
clones of themselves. In such aphids, diploid oocytes form in 
the germarium and begin development without fertilization. 


INSECTS FROM EGGS LACKING NUTRIENTS 


Stored nutrients are a major feature in typical insect eggs, but 
diverse insects have reduced amounts of yolk or lack it 
entirely. Obviously, if nutrients for embryonic development 
are not provided in eggs, they must come from another 
source. Two major alternate sources are the mother and other 
insects, which can serve as hosts for both embryonic and 
larval development. 

Females that provide nutrients to their embryos, in addi- 
tion to or instead of egg materials, are termed viviparous. The 
parthenogenetic aphids described earlier are viviparous: they 
produce first instars rather than eggs. Young aphid embryos 
shed their covering of follicle cells and break the strands of 
tissue that connect them to the germarium. Then, they absorb 
the necessary nutrients directly from the mother’s body. 
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The viviparous Pacific beetle cockroach, Diploptera 
punctata, produces eggs with insufficient yolk to support 
complete embryonic development. During pregnancy, 
females make a supplementary protein, termed roach milk, 
that is taken up by embryos. Females in a few groups, such 
as the order Strepsiptera, are neotenous. Neotenic insects do 
not go through a full metamorphosis, and they reproduce 
during the larval stage. Strepsipteran females lack oviducts, 
so that eggs produced in the ovaries are released into the 
blood. The eggs can contain some, but insufficient amounts 
of yolk. To fertilize these eggs, sperm must move from the 
genital canal into the blood. When embryogenesis is 
complete, larvae use the genital canals to leave the mother’s 
body. 

Some parasitoids also develop inside other insects, but 
here the insect is the parasitized host. Female parasitoids that 
oviposit directly inside other insect eggs, larvae, or adults are 
likely to produce small eggs with little or no nutrients. The 
parasitoid embryos, lacking their own supply of nutrients, 
then use the host’s body to supply materials for their own 
development. 


ECOLOGY OF EGGS 


Eggs, the first life stage of insects, can be important ecologi- 
cally. For example, eggs are the diapausing stage in many 
insects, with embryogenesis stopping at a species-specific 
point. Eggs of silkworms (Bombyx mori) have an obligatory 
diapause that coincides with winter under natural 
conditions. Embryonic diapause has been studied extensively 
in silkworms because delayed development can be a nuisance 
from an industrial perspective. Gypsy moth eggs also 
diapause during winter, but they arrest development at a later 
stage. Embryos complete embryogenesis and overwinter as 
unhatched larvae. 

Daylength is the most common cue for inducing 
diapause, but moisture, temperature, and food quality can 
also be important. The environmental cues that cause eggs to 
stop developing can be detected by females and then passed 
on to signal the eggs. Alternatively, the cues can be detected 
directly by the eggs and embryos. Later, eggs must break 
diapause in response to another environmental combination 
of daylength, temperature, and moisture. 

Eggs are rich sources of nutrients and therefore pose a great 
“temptation” to parasitoids, parasites, and predators. Insects 
protect their eggs in a variety of ways. For example, eggshells 
can be thick and protective, or cryptic (difficult to detect). 
Eggs can be laid in protected places. Primarily females, but 
sometimes males, can contribute chemical repellents or toxins 
to eggs to deter attacks. A variety of insects stay with their egg 
masses and actively protect them. 
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he protective coverings females provide their eggs reflect 

the full range of environments exploited by insects. Egg 
coverings fall into two major categories: those produced. by 
follicle cells and those produced by accessory glands of the 
reproductive tract. Follicle cells secrete the chorion, or insect 
eggshell. The design of the chorion is important in fertiliza- 
tion, egg respiration, and water balance. Coverings produced 
by accessory glands provide additional protection from the 
elements, predators, and parasites. 


THE EGGSHELL 
Layers of the Eggshell 


As the oocyte develops, follicle cells secrete structural proteins, 
along with other substances, as layers. The making of insect 
eggshell has been best documented in the fruit fly Drosophila 
melanogaster. The vitelline envelope, sometimes considered to 
be the first layer of the chorion, is the first and innermost layer 
produced. Next, a layer of wax is secreted, giving the egg 
greater resistance to desiccation. Then, several more chorionic 
layers are produced, commonly with sheetlike inner and outer 
layers separated by a pillared region enclosing air spaces. In 
insects such as Odonata and Ephemeroptera, which lack 
accessory glands for producing additional secretions, follicle 
cells may also produce gelatinous or adhesive coatings. Figure 1 
shows the chorionic structures of Antherea polyphemus, the 
polyphemus moth. 


Functions of the Eggshell 


The eggshell is a layer of armor protecting the egg and devel- 
oping embryo from the elements, predators, and parasites. 
Eggshell shape, texture, and color can also provide protection 
through camouflage and warning coloration. 

The protection must be breached, however, to allow for 
vital functions. First, sperm must be able to enter and fertilize 
mature eggs. Micropyles, which are openings allowing sperm 
access to the egg interior, often have distinct architecture, 
such as the conical protrusion in D. melanogaster. Some insect 
eggs have multiple micropyles. 


FIGURE 1 Chorionic structures of the polyphemus moth Antherea 


polyphemus. (A) Regional differences in chorion structures. Note micropyle 
(m) and aeropyle (ae) regions. (B) Micropyle region magnified. (C-E) 
Aeropyle region. [From Margaratis, L. H. (1985). Structure and physiology 
of eggshell. Zz “Comprehensive Insect Physiology, Biochemistry, and 
Pharmacology,” Vol. 1 (Kerkut, G. A., and Gilbert, L. I, eds.), Figs. 35 and 
72A-C, Pergamon Press, Oxford, U.K.] 


Second, the developing embryo is very active 
metabolically and must respire. Various architectural features 
of the chorion allow the embryo to exchange gases in both air 
and water. The interior chorion layer, with its pillared 
structure, harbors a thin layer of air that can connect directly 
to the atmosphere by openings termed aeropyles. In moist 
environments, when air trapped by the inner chorion cannot 
access atmospheric air directly, the trapped air layer functions 
as a plastron. Plastrons allow diffusion of gases between water 
and the air space based on differential partial pressures. The 
proportion of the egg surface that functions as plastron or 
aeropyle reflects moisture levels generally found in a 
particular habitat. To enhance respiratory capacity, eggshells 
may have extensions, called respiratory horns, that increase 
the surface area for gas exchange. 

Third, some insect eggs are able to absorb environmental 
water to replace that lost by evaporation. Hydropyles, which 
are regions specialized for water uptake, may include 
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chorionic layers in addition to the oocyte membranes interior 
to the vitelline envelope. 

Finally, the embryo itself must be able to emerge from the 
eggshell when development is complete. Lines of weakness 
built into the eggshell, based on the interruption of some of 
the chorionic layers, create a “door,” or operculum, through 
which the first-stage larva can emerge. 


OTHER EGG COVERINGS 


The colleterial glands (based on colle from Greek for glue) are 
accessory glands of the female’s reproductive system that 
produce egg coatings. Most simply, glue is produced to 
attach eggs to a substrate. In addition, some coatings deter 
predators or parasites chemically. 

Insects in the orthopteroid orders Blattodea, Mantodea, 
and Orthoptera, as well as some beetle taxa, secrete an egg 
case or pod surrounding the eggs, to give additional protec- 
tion from desiccation and predation. As with eggshells, these 
egg casings must be constructed to allow respiration and 
hatching. In cockroach eggs, the air space surrounding each 
embryo opens into a ventilated air duct in the keel. In 
grasshoppers, the colleterial gland secretions are churned 
into a froth in which the eggs are suspended. The entire 
oviposition hole is filled with the frothy material, which 
then hardens to form a plug. Mantids produce a similar 
substance from their colleterial glands, which they mold 
into an egg case that is attached to a flat surface or suitable 
vegetation. 

Beetles are also known to produce egg cases, with the 
most complex occurring in the cassidine Chrysomelidae. Less 
complex ootheca have been reported in a variety of other 
beetle groups as well. Colleterial glands in hydrophilid 
beetles produce silk that is used to form a cocoon for the egg 
mass. 

Various insect taxa use additional material to enhance 
protection for eggs. In some beetles, fecal material and/or 
secretions from anal glands apparently provide chemical 
defense. Some Lepidoptera use urticating (or irritating) hairs 
from the larval skin to protect eggs. As adult females emerge 
from the cocoons, they pick up discarded larval setae (hairs) 
with their anal tufts and later deposit them on eggs. 
Nonurticating adult scales, most commonly from the anal 
tuft, are also used by some species to create an effective 
physical barrier. 
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mbiidina (Embioptera, “webspinners,” “foot spinners,” 

“embiids”) are warm-climate-adapted insects. Only about 
300 species are named, but the order perhaps comprises 
about 2000 species. Embiids are perhaps most closely related 
to stoneflies and stick insects (Phasmida) but, probably since 
Carboniferous or Permian times, have followed their own 
specialized evolutionary line. The most peculiar feature of all 
embiids, regardless of developmental stage or sex, is an ability 
to spin hundreds of strands of silk with each stroke of the 
greatly enlarged, gland-packed basal segment of the foretarsi. 

The silk is formed into narrow galleries serving as 
protective runways in or on the food supply—weathered 
bark, lichens, moss, or leaf litter. In arid regions the galleries 
extend deep into soil and there serve as refuges from heat and 
desiccation. The primordial habitat is tropical forest, where 
predation-reducing galleries of most species radiate on edible 
surfaces of tree trunks. When disturbed, an embiid quickly 
darts backward into the depths of the labyrinth or into a 
crevice beneath such cover. 


HABITS AND SPECIALIZATION 


Except for short, hazardous dispersal of adults, embiids almost 
never leave the shelter of their self-created microenvironment, 
and most of the order’s anatomical and behavioral charac- 
teristics foster very smooth, rapid, reverse movement in 
narrow galleries. Such specializations include the following: 


1. A linear, short-legged, supple body with the head 
projected forward (Figs. 1 and 2). 
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FIGURE 1 Typical adult female: “Aposthonia” n. sp. (family Oligotomidae) 
of Thailand; body length, 18.00 mm. Females of all species are apterous, and 
neotenic. 





FIGURE 2 Typical adult male, wings in repose: Antipaluria caribbeana 
(family Clothodidae) of northern Venezuela; body length, 20.00 mm. Males 
of species inhabiting arid regions often are apterous, or subapterous. 


2. Rapid reverse movement aided by great enlargement of 
depressor muscle of the hind tibiae. 

3. Highly sensitive cerci serving as tactile guides during 
backward movement. 

4, Complete apterism, and thereby elimination, of pro- 
jecting structures in all females due to endocrinal arresting of 
development of adult anatomy (neoteny or pedomorphosis) 
at an early nymphal stage. Males of many species, especially 
in arid regions, also are apterous or subapterous. 

5. Flexibility and forward folding of wings of adult males 
(Fig. 3)—an advantage in reverse movement as a means of 
reducing the barb effect against gallery walls and thus a slow- 
ing of reverse movement and thereby increased predation. 

6. A compensating ability temporarily to stiffen wings for 
flight by increasing the blood pressure in the full length of the 
anterior radius (RA), the cubitus, and the anal vein (Fig. 4). 
This unique wing specialization must have early evolved in 
both sexes but has been supplanted in females by complete 
apterism through neoteny. 





FIGURE 3 Forward wing-flip during defensive, reverse movement of a male: 
‘Aposthonia’ n. sp. (family Oligotomidae) of Thailand. In repose, wings are 


flexible; when extended for flight they are temporarily stiffened by blood 
pressure, particularly in the full length of the anterior radius vein. 
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FIGURE 4 Typical embiid forewing: Pararhagadochir trinitatis (family 


Embiidae), Venezuela; wing length 10.0 mm. Most important are the blood 
sinus veins, especially the anterior radius (RBS, radial blood sinus); less 
important are the cubital blood sinus (CuBS) and the anal blood sinus 
(ABS). Hyaline stripes between veins also characterize embiid wings. 


In spite of the great antiquity of the order, one that must 
predate the fragmentation of Pangaea, embiids constitute a 
single adaptive type of organism, one with a single “ground 
plan.” As in earthworms, no great diversity of body form has 
occurred because of the physical uniformity of the galleries. As 
a result, it is difficult to sight-recognize various higher taxa. 
However, ages of evolutionary diversification are reflected in 
complex external genitalia of adult males, their head structures, 
and other characters useful in classification. Females and 
nymphs are difficult to identify without associated adult 
males. Adult females offer some anatomical characters in their 
paragenital sternites and hind tarsi; but size and coloration 
are most useful for species recognition of females. 


RANGE 


Embiidina are endemic to all continental landmasses 
presently in tropical latitudes. The principal evolutionary 
centers, in order of importance are Africa, the Americas, 
tropical Asia, and Australia. There also are natural extensions 
into adjacent temperate regions, such as southern United 
States and Europe. Several species, particularly of the Asian 
family Oligotomidae, have widely spread in both ancient and 
modern commerce and are the most frequently collected 
species of the order (males are attracted to lights). 

Recent extensive, worldwide collecting by Ross has greatly 
increased the number of known taxa, but most await descrip- 
tions now in progress. 

The most generalized species (family Clothodidae) occur 
in tropical South America. The large, diverse family 
Embiidae comprises a number of subfamilies found in South 
America, Africa and adjacent Palearctic regions, and Asia as 
far east as Myanmar. Southeastern Asia and Australia have 
the peculiar families Embonychidae and Notoligotomidae, 
and others soon to be described in the literature. 

Anisembiidae are confined to the New World tropics and 
adjacent warm regions. The peculiar family Australembiidae 
is restricted to the eastern portion of Australia. The 
Oligotomidae occur almost entirely in tropical Asia and 
Australia. The large family Teratembiidae is mostly 
Neotropical and Afrotropical; only a few of its species occur 
in tropical Asia. 
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mbryogenesis is the process by which a larva or a juvenile 

is built from a single egg. The fertilized egg divides to 
produce hundreds of cells that grow, move, and differentiate 
into all the organs and tissues required to form a larva or 
juvenile. Embryogenesis is extremely diverse in different 
insect species. For each generalization that can be made 
about some aspect of insect development, numerous 
variations and multiple exceptions exist. In some species a 
single egg gives rise to several thousand larvae, in others, 
embryos devour their mothers prior to hatching. The most 
extreme variations are found among insects that parasitize 
other insects. This article presents a generalized view of some 
of the more regular features of insect development. 


EGG MEMBRANES 


Most insects lay eggs in terrestrial environments. For the most 
part, an insect egg forms a self-reliant developmental system 
that is generally impervious to the external environment, 
although sensitive to temperature, which serves as an impor- 
tant cue for many developmental events. Insect eggs are 
typically quite large, both in absolute dimensions and relative 
to maternal body size, and well-provisioned with yolk. Eggs 
vary from about 0.02 to 20 mm in length. To prevent 
desiccation, they are covered by some of the most resistant and 
impenetrable egg coverings found in the animal kingdom. 
Egg contents are protected by a vitelline membrane and 
covered by an external hard shell, the chorion. The chorion, 
vitelline membrane, and egg membrane itself surround the 
internal contents of the fertilized egg: the zygote nucleus and 
two types of macromolecule. Nutritive material such as yolk 
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proteins, lipids, and carbohydrates are used for nourishment 
and growth of the embryo. Patterning molecules (such as 
specialized proteins and mRNAs) direct major events in 
embryogenesis including establishment of embryonic 
polarity, segmentation, and gastrulation. 


EGG CLEAVAGE 


Development in nearly all animals involves a period in which 
the egg is subdivided into increasingly smaller cells. Compared 
with other animals, insect eggs undergo an unusual type of 
cleavage. In most animals, cleavage involves subdivision of 
both cytoplasm and nuclear material, to form individual cells 
called blastomeres. In contrast, the early cleavages of most 
insects involve only nuclear subdivisions (karyokinesis) and are 
not accompanied by cleavage of the cytoplasm (cytokinesis). 
This type of cleavage is called syncytial cleavage and results in 
the formation of a common compartment (syncytium), 
where up to several thousand nuclei reside (Fig. 1). 

It is unclear how syncytial cleavage evolved in insects. The 
sister group to insects, the entognathans, has both total egg 
cleavage (Collembola) and syncytial cleavage (Diplura). Basal 
arthropods such as chelicerates, which include horseshoe 
crabs, spiders, and scorpions, have both syncytial and total 
cleavages. Even Onychophora, which are believed to be a 
sister group to Arthropoda, exhibit both syncytial cleavage 
(in oviparous species with yolky eggs) and total cleavage (in 
placental, viviparous species). However, it is reasonable to 
believe that syncytial cleavage in arthropods and insects 
evolved from total cleavage in the ancestor to the arthropods. 





FIGURE 1 Diagram of the basic pattern of early insect embryogenesis: 
ventral views of eggs, anterior poles at top, are shown above cross sections at 
the levels indicated by bars in top row. (a) Syncytial cleavage. (b) Formation 
of the cellular blastoderm: arrows show that the lateral cells are coalescing 
toward the ventral surface to form the germ anlage. (c) Gastrulation. The 
prospective mesoderm begins invagination along the midline of the germ 
anlage. (d) Germ band after gastrulation, with segment borders (dotted) and 
amniotic folds forming: arrows indicate the movement of the serosal cells to 
enclose and cover the developing germ band. (e) Advanced germ band stage, 
with appendage buds, and transient coelomic sacs formed by the mesoderm. 


[Adapted from Sander, K., et a/. (1985).] 


BLASTODERM FORMATION 


In most insects, the early syncytial cleavages proceed rapidly 
to form a syncytium with up 6000 nuclei. Syncytial nuclei 
are surrounded by islands of cytoplasm that separate the 
nuclei from one another. In general, these early cleavages are 
synchronized and, as the nuclei divide, they separate, such 
that there is regular spacing between them. Nuclei and 
associated cytoplasm are referred to as energids. Upon 
reaching a critical density, the energids migrate to the 
periphery of the egg. The arrival of the energids at the surface 
is sometimes visually apparent as bumps along the surface. At 
the periphery, the energids continue to undergo several 
rounds of division. In most insects, some of the nuclei 
remain in the yolk mass. These nuclei subsequently 
cellularize and become vitellophages, which serve to break 
down yolk to be used for embryo nutrition. Following the 
arrival of energids at the egg periphery, the egg membrane 
invaginates from the egg surface to surround each of the 
individual syncytial nuclei, marking the end of the syncytial 
stage of development. The single sheet of cells thus formed at 
the periphery of the egg is the cellular blastoderm (Fig. 1). 


FORMATION OF GERM CELLS 


In some species, distinctive granular inclusions can be found 
in the posterior cytoplasm of the egg. The cells that inherit 
these granules become the germ cells and eventually migrate 
into the ovaries or testes to become sperm and eggs. When 
the germ cells are ablated, the germline is missing and the 
individual is sterile, as noted in 1911 by Hegner. The nuclear 
energids (in some species, such as Drosophila) arrive at the 
posterior before reaching any other egg region, and the cells 
that will include this specialized cytoplasm cellularize earlier 
than any of the other cells. Germ cells rarely grow or divide 
during embryogenesis. The early segregation of these cells is 
thought to protect them from potential errors incurred during 
division and differentiation that might damage the genetic 
material necessary to build the next generation. In other 
species (e.g., most Lepidoptera), segregation of the germline 
occurs in the middle of the blastoderm; in other species no 
apparent germ cells can be detected at the blastoderm stage. 


SEROSAL FORMATION 


Only blastoderm cells destined to form the embryo coalesce 
to form the germ anlage, which later develops into the germ 
band. The cells that do not contribute to the germ anlage 
form an extraembryonic membrane called the serosa. In most 
species, the boundary between the future serosa and the future 
embryo ruptures, and the serosal cells migrate over and 
envelope the embryonic primordium and yolk cells (Fig. 1). 
However, there is variation in how the serosa is formed. In 
extreme cases like dipterans, the serosa cells do not migrate 
over the germ anlage but remain as a cluster of cells on one 


side of the egg. In addition to the serosa, a second protective 
membrane, the amnion, forms later from the cells 
immediately adjacent to the germ anlage. These cells 
proliferate, flatten, and elongate. As they extend over the 
germ band, they resemble a sleeping bag being pulled up 
from the posterior and down from the presumptive head 
lobes of the germ band. Ultimately, the amnion cells meet in 
the middle of the embryo and form a single cell layer that lies 
between the embryo and the now separate serosa. In some 
derived, holometabolous species (e.g., Drosophila), this 
membrane has become vestigial, and the cells never migrate 
over the germ band. 


GERM ANLAGE FORMATION 


The size of the germ anlage varies relative to the length of the 
egg. In nearly all species, the nuclei arrive at the periphery to 
form a blastoderm that encompasses the whole surface of the 
egg. In metamorphic species, such as fruit flies and honey 
bees, the germ anlage forms from nearly the entire 
blastoderm surface. However, in direct developing species 
(such as the grasshopper and cricket), after the formation of 
a uniform synctyial blastoderm, nuclei migrate and aggregate 
near the posterior pole, where the germ anlage forms. The 
germ anlage thus forms from a relatively small proportion of 
the blastoderm. In the former case, called long-germ-type 
embryos, the complete body pattern (head, gnathal, thoracic, 
and abdominal segments) is patterned at the blastoderm 
stage and all segments appear nearly simultaneously in 
development. In contrast, in short-germ-type embryos, the 
head lobes, the most anterior trunk segments, and the 
posterior terminus are patterned first. Additional segments 
are added progressively, through proliferative growth. Some 
insects develop with germ types intermediate between these 
two extremes. The pleisiomorphic condition for insects is 
believed to be an intermediate-sized germ anlage. 
Short/intermediate germ embryogenesis is predominant in 
direct-developing hemimetabolous insects; more derived, 
metamorphic insects exhibit long-germ development. 
However, this division is not clear-cut. In some insect 
families, closely related species can exhibit both short- and 
long-germ types of development. 


GASTRULATION 


Formation of the cellular blastoderm is followed by gastrula- 
tion, the process of cellular invagination that results in the 
formation of a layered embryo comprising two germ layers. 
Cells that remain at the blastoderm periphery will form the 
ectoderm, and cells that invaginate below the ectoderm will 
form the mesoderm. The presumptive mesoderm in most 
species consists of a strip of cells along the ventral midline 
(Fig. 1). Gastrulation can happen in any number of ways: by 
the mesodermal cells invaginating simultaneously, as in 
Drosophila, or by cells invaginating sequentially, beginning at 
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the anterior, while the gastrulation furrow progresses toward 
the posterior. Most often the presumptive mesoderm lies 
along the ventral midline, but in the apterygote thysanuran 
Thermobia domestica, cells migrate inward from every part of 
the germ band. Regardless of the mechanism of gastrulation, 
the end result is a bilayered embryo, with mesodermal 
precursors underlying the ectoderm. 


SEGMENTATION 


Segmentation refers to the process by which repeated units of 
similar groups of cells, the metameres, are created. Segmen- 
tation proceeds nearly simultaneously with gastrulation. 
Current understanding of the process of segmentation comes 
from the genetic dissection of development in Drosophila by 
Ed Lewis, Christiane Niisslein-Volhard, and Eric Wieschaus. 
These researchers used a large-scale mutant screen to uncover 
developmental defects in Drosophila. They found a complex 
genetic regulatory cascade that specifies the insect body plan 
(Fig. 2), which has since been shown to have many 
commonalties with molecular patterning in vertebrate 
embryos. The three were awarded the Nobel Prize for their 
efforts. However, even before the genetic dissection of 
segmentation, the elegant work of Klaus Sander had defined 
the basic mechanisms of embryo patterning that helped in 
the interpretation of the new genetic data. By analyzing the 
outcomes of embryonic manipulations of leafhopper embryos 
(Eucelis), Sander concluded that two morphogenetic gradients 
specify the pattern elements along the anteroposterior axis of 
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FIGURE 2 Simplified diagram of the segmentation gene cascade in Drosophila 
melanogaster and its relation to limb development. Diagrammatic represen- 
tation of some of regulatory interactions between genes in the Drosophila seg- 
mentation cascade: a maternal coordinate gene, a representative gap gene, a pait- 
tule gene, the segment polarity gene, a homeotic gene, and the limb-patterning 


gene Distal-less. [Modified from Nagy, L. (1998). Am. Zool. 38(6).] 
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the germ band: one gradient with a high point in the 
posterior pole and another with a high point at the anterior 
pole (Fig. 3). In 1976 Sander reviewed these experiments, 
and a large body of other experimental work on insect 
embryos, setting the stage for modern understanding of the 
molecular basis of insect development. 


MOLECULAR CIRCUITS THAT 
REGULATE SEGMENTATION 


In the cascade of gene activity that generates the segmental 
pattern of the embryo (Fig. 2), segmentation proceeds by a 
progressive refinement of positional information that will 
eventually specify groups of cells that form metameric units. 
Refinement is initiated with maternally provided proteins 
that form gradients from the anterior to the posterior of the 
egg and early cleavage stages. These gradients of maternal 
proteins provide the coordinates that position the front and 
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FIGURE 3 Double gradients. (A) Leafhopper embryo consists of head (red), 


thoracic (white), and abdominal segments (black). Posterior pole of the egg 
is marked by bacterial symbiont (green). (B) After early egg ligation, anterior 





and posterior fragments form fewer segments than in the normal embryo. 
(C) Late ligations result in more segments formed in anterior and posterior 
fragments. (D) Finally, when posterior material has been displaced anteriorly 
and the egg ligated just below the symbiont marker a mirror-image 
duplication was formed. Schematic of corresponding anterior (blue) and 
posterior (red) gradients and their overlap (yellow) below images illustrates 
possible anterior and posterior gradients and their interactions in each 
experimental intervention. 


back of the embryo; hence the genes that encode these 
proteins are called the maternal coordinate genes. The 
function of these maternal gradients is to activate the gap 
genes, which are so named because when their function is 
lacking, the segmental pattern of the embryo has large gaps 
in it (e.g., the three thoracic segments may be missing, or the 
first few abdominal segments. 

The proteins encoded by the gap genes in turn activate 
the pair-rule genes. The pair-rules genes are expressed in 
every other segment and represent the first apparent 
metameric pattern. It was somewhat surprising that the first 
metameres produced by the pair-rule genes during 
embryogenesis do not correspond to the adult segments, but 
rather consist of a unit with double-segment periodicity. 
When pair-rule genes are absent, the larva has only half the 
normal number of segments. The pair-rule proteins then 
activate the segment polarity genes, a set of genes expressed 
in a segmentally reiterated manner. Finally, the homeotic 
genes are activated in a region-specific manner. The homeotic 
genes are a well-studied group of genes that are responsible 
for conferring segment character. They provide information 
on whether an individual segment will be a specific 
mouthpart, thoracic, or abdominal segment. 

Much of what has been learned about the molecular 
process of segmentation is from Drosophila; how much is 
representative of a general process for all insects is not yet 
known. The segment polarity and homeotic genes, as well as 
their presumed functions, seem to be conserved in all insects 
examined so far; however, the activity of the maternal 
coordinate, gap, and pair-rule genes is more variable (Fig. 4). 
Because of the variation in the formation of germ anlage, it 
is not surprising that the earliest stages of the segmentation 
gene cascade established in Drosophila do not function in 
more ancestral insects. Exactly how short-germ-type embryos 
establish their segmental pattern remains to be discovered. 


THE GERM BAND AND DORSAL CLOSURE 


The germ band is a two-layered structure, comprising both 
ectoderm and mesoderm, that represents the outline of the 
final body plan along both axes. As the embryo grows, the 
germ band transforms from this essentially two-dimensional, 
two-layered sheet into a three-dimensional larva. From 
anterior to posterior, all the segments are represented. 
Individual segments first become visible near the anterior 
end, where the ectoderm differentiates into the brain and 
compound eyes. Protrusions develop anterior to the mouth 
opening that will eventually grow to form the labrum (front 
lip of mouthparts) and the antennae. The next segment, the 
intercalary segment, develops a transient limb bud, which is 
later retracted. This bud may be a remnant of a second pair of 
antennae found in this position along the anterior—posterior 
axis in crustaceans. Each of the first three segments behind the 
mouth form paired appendages that become the mouthparts: 
mandibles, maxillae, and labium. The next three segments 
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FIGURE 4 Comparative germ band and expression patterns of segmentation genes. [Modified from Nagy, L. (1994). Curr. Biol. 4, 811-814.] 


develop into the thorax and form appendages that become 
walking legs. During the remainder of embryogenesis, as 
organs develop and differentiate, the flanks of the germ band, 
both ectoderm and mesoderm, grow laterally and extend 
around the yolk. The two edges of the germ band meet and 
fuse along the dorsal midline, such that the mesodermal and 
ectodermal layers now enclose the yolk. 


ORGANOGENESIS 


When the germ band is fully segmented and gastrulation is 
complete, the remainder of embryogenesis involves the 
differentiation of the ectoderm and mesoderm into the organ 
systems of the larva or juvenile. The ectoderm gives rise to the 
bulk of the larval or adult form. Most obviously the ectoderm 
forms the “skin” of the larvae, marked by numerous bristles 
and hairs. In addition, the nervous system develops from the 
ventral ectoderm, and the tracheal system develops from 
invaginations of the lateral ectoderm. Ocelli, salivary glands, a 
prothoracic gland, corpora allata, molting glands, oenocytes, 
and silk glands also develop as ectodermal invaginations. 
Finally, two additional invaginations of the ectoderm occur: 


1. The stomadeum occurs in a central position near the 
anterior of the germ band, and once invaginated, these cells 
proliferate in a posterior direction to form the foregut. 

2. The proctodeal invagination occurs in the terminal 
segment, and these cells grow anteriorly to form the hindgut. 


Malpighian tubules, the insect excretory organ, develop 
from outpocketings of the proctodeum. The invaginated 
mesoderm initially forms a pair of transient coelomic sacs in 
each segment (Fig. 1E). From these, the dorsal vessel, or 


heart, the internal reproductive organs, muscles, fat body, 
subesophageal gland, and hemocytes will form. The midgut 
arises from a third germ layer, the endoderm, that develops at 
the edge of the fore- and hindgut invaginations and 
eventually fuses with them to complete the gut. During the 
remainder of development both the mesodermal and 
ectodermal organ primordia all undergo differentiation into 
tissue-specific cell types and cell rearrangements required to 
form the final organ structures. 


APPENDAGE DEVELOPMENT 


In direct-developing hemimetabolous insects, leg and wings 
develop as direct outpocketings from the lateral embryonic 
ectoderm. Leg buds appear early, just after the completion of 
gastrulation, whereas wing buds appear later in development, 
after the lateral ectoderm has grown dorsally. In many 
metamorphic insects, rather than outpocketing, a cluster of 
cells that will form the adult leg and wing invaginates below 
the ectoderm. These cells become the leg and wing imaginal 
discs and do not undergo any further differentiation until 
later larval stages. 

The molecular basis of positioning the limb primordia 
within the embryo is also well established in Drosophila and 
seems to be similar in many respects throughout both hemi- 
and holometabolous insects. The same information required 
to pattern the body axis (Fig. 2) is used to pattern the limb 
primordia. Every segment has the capacity to form a limb, 
and limbs appear at a discrete boundary formed at the 
intersection of the segment polarity genes, and the graded 
signals that are used to pattern the dorsal ventral axis of the 
embryo. Limb primordia are marked by the expression of the 
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Distal-less gene. The absence of Distal-less gene function 
results in the loss of distal limb structures up to the proximal 
limb segment, which is the coxa. The limbless abdomen 
characteristic of insects is created by a subsequent repression 
of Distal-less gene activity by several of the homeotic genes. 


HATCHING 


Upon completion of organ formation and histogenesis, the 
embryo begins to stretch and contract its newly formed 
muscles, and gas is secreted into the trachea. Embryogenesis is 
over when the maternally supplied yolk has been consumed. 
Hatching is achieved by any number of means, but typically, 
hatching is a mechanical process, in which the larva either 
chews its way out of the chorion, grows by imbibing air until 
the chorion cracks, or uses a special egg burster. There is 
sometimes an enzymatic digestion of the eggshell, but 
complicated hydrostatic mechanisms are used, as well. The 
hatchling emerges as a first instar (larva or nymph). 


See Also the Following Articles 
Eggs e Imaginal Discs e Segmentation e Vitellogenesis 
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he Xerces blue butterfly, Antioch katydid, Tobias’ caddisfly, 
Roberts’s alloperlan  stonefly, Colorado burrowing 
mayfly, and Rocky Mountain grasshopper all were driven 
extinct by humans, and all foreshadow the fate of the world’s 


endangered insects. With almost 1 million described species, 
insects eclipse all other forms of animal life on Earth, not 
only in sheer numbers, diversity, and biomass, but also in 
their importance to functioning ecosystems. However, 
human-induced changes to the natural environment 
endanger vast numbers of these organisms, threatening them 
and the vital services they provide with extinction. 


INSECT DIVERSITY AND IMPORTANCE 


As biologist J. B. S. Haldane noted more than 60 years ago, 
“The creator must have an inordinate fondness for beetles.” 
The more than 300,000 species of beetle to which Haldane 
referred are representative of the great diversity of insects. 
Measured by the number of formally described species, insects 
are by far the most diverse group of organisms on Earth. More 
than 950,000 species of insects have been described, com- 
prising 72% of the total identified animal species on Earth. 

Even more remarkable are the estimates of how many 
insects we have not cataloged. Most insect species that have 
been classified and named to date are from temperate zones, 
but tropical habitats harbor far more. Smithsonian Institution 
entomologist Terry Erwin has suggested that as many as 
30 million insect species may exist based on extrapolations from 
the number of beetles found in particular tropical tree species. 
The most conservative estimates suggest that 5 to 8 million 
insect species have not been discovered. This number contrasts 
sharply with the 5,000 to 10,000 species of vertebrates that 
may await discovery and description around the world. 

The sheer number and mass of insects reflect their 
enormous ecological impact. The world’s ecosystems depend 
upon insects for pollination, decomposition, soil aeration, 
and nutrient and energy cycling. As Harvard biologist E. O. 
Wilson wrote, “So important are insects and other land 
dwelling arthropods, that if all were to disappear, humanity 
probably could not last more than a few months.” 


INSECT ENDANGERMENT 


A report by the World Commission on Environment and 
Development noted, “there is a growing consensus that 
species are disappearing at rates never before witnessed on the 
planet” but that “we have no accurate figures on current rates 
of extinctions, as most of the species vanishing are the least 
documented, such as insects in tropical forests.” Scientists 
and conservationists agree that insect species are going 
extinct. But how many have been lost and how many more 
are at risk remains unclear. 


Extinct Insects 


The International Union for Conservation of Nature and 
Natural Resources (IUCN) lists 72 insects as extinct 
worldwide. In the United States, the Natural Heritage 
Program lists 160 insect species either as presumed extinct or 


as missing and possibly extinct. Many scientists believe that 
these numbers drastically underestimate actual insect 
extinction and that many hundreds, or perhaps thousands, of 
species have gone extinct unnoticed in North America and 
Europe in the past 2 centuries. The loss in tropical areas has 
probably been much greater. 

For example, the Antioch katydid, Neduba extincta, from 
California was described in 1977 from preserved specimens 
collected 40 years earlier. Searches of its sand dune habitat, 
now largely destroyed, have proved fruitless. The Tobias’ 
caddisfly, Hydropsyche tobiasi, was described in 1977 from 
specimens collected on the Rhine River in the 1920s. None 
have been seen since. 

In some instances, insects that at one time were very 
common have disappeared. During the mid-1800s, immense 
swarms of the Rocky Mountain grasshopper, Melanoplus 
spretus, periodically migrated from the northern Rocky 
Mountains and destroyed crops throughout the western and 
central portions of the United States and Canada. However, 
in the late 1880s this species began a precipitous decline. 
Some believe that a natural population crash combined with 
habitat destruction and introduced species led the Rocky 
Mountain grasshopper to extinction. If a widespread species 
can vanish because of human activity, the fate of many 
endemic tropical species must hang in the balance as their 
only habitat is destroyed. 


Endangered Insects 


Based on available information we can deduce that a very 
large number of insects are endangered. The majority of 
animals on the planet are insects and, if the factors that 
endanger other animals also affect insects, the number of 
endangered insects must be very large. 

According to the 2000 IUCN Red List of Threatened 
Species, 163 insects are listed as critically endangered or 
endangered worldwide. In 1987, West Germany classified 
34% of its 10,290 insect and other invertebrate species as 
threatened or endangered and, in Austria, this figure was 
22% of 9694 invertebrate species. More recent figures from 
2000 for Great Britain show that 10.8% of its 14,634 
described insect species are rare, vulnerable, or endangered. 
In the United States, both the U.S. Fish and Wildlife Service 
(USFWS) and the Natural Heritage Program track 
endangered species, including insects. The USFWS lists 44 
insects as either endangered or threatened, whereas the 
Natural Heritage Program lists 165 insects as either critically 
imperiled or imperiled. 

Are these figures on endangered insect species realistic? 
Because we lack an enormous amount of information on the 
taxonomy, life history, and distribution of insects and because 
endangered species documentation is biased in favor of 
vertebrates, we certainly are underestimating the number of at- 
risk insect species. To illustrate, only 7 and 4% of the 
endangered animal species listed by the [UCN and USFWS, 
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respectively, are insects, yet insects make up more than 72% of 
global animal diversity. Of all the vertebrates described in the 
United States, 17.9% are listed as threatened or endangered. 
If we assume that insects and vertebrates face similar destruc- 
tive forces at similar levels of intensity, then one should expect 
to find on the order of 29,000 at-risk insects in the United 
States alone. Although this assumption oversimplifies the sit- 
uation, it shows that the 44 insects listed as endangered and 
threatened by USFWS are a significant underestimate. The 
Natural Heritage Program may be closer to the mark for select 
groups of insects for which we have more information. It 
estimates that 43% of stoneflies, 19% of tiger beetles and 
butterflies, and 17% of dragonflies and damselflies are criti- 
cally imperiled or imperiled in the United States. In addition, 
according to the IUCN Red Book of Swallowtails, 10% of 
swallowtail butterflies are considered threatened. Swallowtails 
are the only group of insects to have been assessed worldwide. 


IMPORTANCE OF ENDANGERED INSECTS 


A rare and endangered species of insect is unlikely to 
determine the fate of a large ecological system, but as a group 
they may have a large effect. Ecosystem functions, such as the 
recycling of nutrients, often are done by specialists like the 
American burying beetle rather than generalists. There are 
innumerable specialized insects that feed on particular kinds 
of wood, dung, or carrion. For instance, the plates that cover 
the shells of tortoises are made of keratin, a protein few 
scavengers can digest. However, in Florida there is a moth, 
Ceratophaga vicinella, whose caterpillar appears to have 
specialized on a diet of dead gopher tortoise shells. 

Endangered species also can play a linchpin role in small, 
specialized systems, such as caves, oceanic islands, or some 
pollinator—plant relationships. For example, many plant species 
rely on one or a few pollinators. Decreased abundance or loss 
of any of these pollinators can have dramatic consequences, 
especially if a plant depends on a single, obligate pollinator. 

Some endangered species might provide useful products, 
such as new defenses against diseases and tools for studying 
various ecosystem or organismal processes, as well as direct 
material benefits. For instance, the conservation of several 
species of butterflies is helped by the market value of 
aesthetically pleasing specimens or of live specimens for 
butterfly houses that charge admission. 

In addition to these material reasons for conserving endan- 
gered insects, we also have the responsibility of caring for the 
rich biological heritage we leave to future generations. At this 
time, we cannot begin to grasp the full value of biodiversity 
and, thus, it is in our best interest to be conservative. 


CAUSES OF ENDANGERMENT 


Insects become endangered because of the same destructive 
forces faced by many other animals. According to the IUCN, 
the leading causes of animal endangerment are habitat 
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destruction, displacement by introduced species, alteration of 
habitat by chemical pollutants (such as pesticides), hybridiza- 
tion with other species, and overharvesting. Many at-risk 
insects are threatened by more than one of these causes. For 
example, according to the Natural Heritage Program there 
are six tiger beetles and 33 butterflies that are imperiled or 
federally listed under the U.S. Endangered Species Act. The 
major threat to all six tiger beetles is habitat degradation and 
loss. Two of these beetles also are threatened by overcollecting. 
For the 33 butterflies, 97% are threatened by habitat loss, 36% 
by alien species, 24% by pollution, and 30% by overcollecting. 

Insects as a group are not at risk because many species are 
generalists or widely distributed. A significant proportion of 
the total diversity of insects, however, is composed of species 
that are highly specialized or are restricted to one or a few 
small patches of habitat. The giant flightless darkling beetle, 
Polposipus herculeanus, for instance, lives only on dead trees 
on tiny Frigate Island in the Seychelles. The stonefly Capnia 
lacustra exists only in Lake Tahoe and is also the only stonefly 
in the world known to be fully aquatic in the adult stage. 
Another unusual stonefly, Cosumnoperla hypocrema, is known 
from only one intermittent spring in the Cosumnes River 
Basin in California. 


Habitat Destruction 


Agriculture, commercial development, outdoor recreation 
(including off-road vehicles), pollution, and water development 
rank as the most frequent causes of habitat degradation 
affecting federally listed endangered and threatened insect 
species in the United States (Fig. 1). Commercial and 
residential developments often are situated on sites that have 
naturally high diversity, such as along rivers or near bays and 
estuaries. Urban development in the southeastern United 
States and California has had particularly strong impacts on 
native insects because of the high rates of insect endemism 
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FIGURE 1 Percentages of the 43 U.S. federally listed threatened and 
endangered insect species affected by different causes of habitat destruction 
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habitats of most listed species are being degraded by more than one cause. 
(Bar graph format modified from B. A. Stein et al, 2000. Data modified 
from D. S. Wilcove et al., 1998, Quantifying threats to imperiled species in 
the United States. Bioscience 48, 607-615.) 


where these cities were built. The best known case is that of 
San Francisco, California, which now almost entirely covers 
what was once one of the major coastal dune ecosystems in 
western North America. Three dune butterflies, which were 
endemic to this region, are now extinct: Cercyonis sthenele 
sthenele, Glaucopsyche xerces (Fig. 2), and Plebeius icarioides 
pheres. Three other butterflies, Speyeria callippe callippe, 
Callophrys mossi bayensis, and Plebeius icarioides missionensis, 
are now limited to the San Bruno Mountains just south of 
San Francisco, the last remnant of the San Francisco hills 
ecosystem. 

Conversion of natural habitats for agriculture, particularly 
for planted food and fiber crops (e.g., cotton), is one of the 
most extensive land uses and, according to Robert Pyle (a 
noted lepidopterist and author), has resulted in the greatest 
loss of native insect populations. The most serious losses of 
endemic insects to agricultural conversion have taken place 
in the tropics, but because of the lack of knowledge of insects 
in these regions, it is impossible to know the extent of this 
destruction. 

Dams and other water development are implicated in the 
decline of 21% of federally listed insect species. Impound- 
ments destroy habitat for native aquatic organisms, such as 
stoneflies, as well as some terrestrial insects. For example, the 
damming of the Columbia River in Oregon and Washington 
resulted in the destruction of much of the sand bar habitat of 
the tiger beetle, Cicindela columbica. 

Although we have no numbers, insects most likely are lost 
to large-scale timber management. Studies have shown that 
there is higher invertebrate diversity, as well as endemism, in 
late successional forests than in younger stands, and less than 
10% of U.S. native forests remain intact. Widespread use of 
off-road vehicles also threatens some species. For example, 
vehicles have crushed the larval burrows of the tiger beetle, 
Cicindela dorsalis, along beaches to such an extent that this 





FIGURE 2 The Xerces blue butterfly (G. xerces), was one of the first 
butterflies in North America known to become extinct as a result of human 


interference. It was driven to extinction as San Francisco expanded over the 
butterfly’s habitat. (Photograph courtesy of C. B. Barr and the Essig 
Museum of Entomology, University of California, Berkeley.) 


once widespread, abundant species has been eliminated 
throughout most of its range. Wetland draining also has 
taken its toll. The draining of fens in England caused the 
extirpation of the butterfly Lycaena dispar in 1851 and 
possibly other insects as well. Capping of springs led to the 
loss of the fritillary butterfly, Speyeria nokomis coerulescens, in 
the U.S. portion of its range. 

The biggest unknown is, of course, the loss of tropical rain- 
forest. Tropical rain forests may hold the majority of terrestrial 
insect diversity and are being converted to agriculture and 
other uses at an alarming rate. As rainforests around the 
world are clear-cut, insects are bound to go with them. 


Alien Species 


The introduction of various exotic organisms (whether 
intentional or not) has affected native insects, both directly and 
indirectly. For example, introduced plants may out compete 
native plants and, thus, lead to the loss of insect host plants 
or habitat. Introduced plant diseases also can wreak havoc on 
insect populations. A classic example involves the American 
chestnut. Mature examples of the tree disappeared throughout 
its range following the accidental introduction of chestnut 
blight. At least five microlepidopterans, including the chestnut 
borer, Synanthedon castaneae, are believed to have gone extinct 
because of the loss of their host plant. Some aquatic insect 
species are restricted to small mountain lakes in the United 
States and have been impacted by introductions of nonnative 
fish. On the Island of Oahu, a species of Megalagrion damselfly 
is uniformly absent in stream reaches where nonnative mos- 
quitofish in the family Poeciliidae have been introduced. 

Intentional introductions of insects also many harm 
native insects. Over the past 50 years, nonnative insects often 
have been released to control nonnative pest insects. 
Although the damage to nontarget, native insects from these 
biological controls is rarely documented, some evidence is 
surfacing that it may be significant. For example, a parasitoid 
fly, Compsilura concinnata, that was released repeatedly in 
North America from 1906 to 1986 as a biological control 
against several pests, including the introduced gypsy moth, is 
implicated in the declines of four species of giant silk moths 
(Lepidoptera: Saturniidae) in New England. Another study 
in Hawaii found that 83% of parasitoids reared from native 
moths were former biological control agents. 


Overcollecting 


Although overcollecting has not been shown to harm healthy 
populations of insects, it may be an important threat to 
insect species with very small populations and is included in 
the list of threats to many of the federally protected insect 
species in the United States. The Endangered Species Act 
expressly forbids the collection of endangered or threatened 
species, and most insect conservationists feel that collecting 
from small populations should be done only for well- 
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designed, hypothesis-driven, scientific studies. It is not too 
much to ask that scientists rise to this standard when 
studying populations that are at risk. 


Other Potential Threats 


Pesticides and other pollutants are implicated in the decline 
of many native bees and some aquatic insects, although the 
degree of impact is not conclusive. Lights along streets and 
highways also have been implicated in losses of nocturnal 
insects, particularly large moths. Finally, even though we 
cannot specify the exact effects of climate change at this time, 
it could lead to endangerment of endemic insects with 
specific, narrow habitat requirements. A changing climate 
may be especially detrimental to species that cannot disperse, 
like the Uncompahgre fritillary butterfly (Boloria improba 
acrocnema), which is restricted to high mountain slopes in 
southern Colorado. 


PROTECTING AT-RISK INSECT SPECIES 


concluded that the current, 


widespread destruction of the earth’s biodiversity must be 


Conservationists have 


matched by a conservation response an order of magnitude 
greater than currently exists. 


Protecting Habitat 


Ultimately, to protect any species one must protect its 
habitat. Some insects need only small areas to thrive, and 
even backyard gardens may help some pollinator insects. 
Large swaths of land set aside as reserves, wilderness, national 
parks, and conservation easements ultimately may benefit 
insects and other invertebrates. Recent evidence, however, 
shows that some reserves, with management plans tailored to 
vertebrates, do little to protect insects such as butterflies. 

One important caveat for setting aside land for insects is 
that species often have subtle habitat requirements and can 
be lost even from reserves because of apparently minor 
habitat changes. For example, larvae of the large blue 
butterfly (Maculinea arion) are obligate parasites of red ant 
colonies (Myrmica sabuleti). In 1979, this butterfly went 
extinct in England because habitat was not managed for these 
red ants. The large blue subsequently has been reintroduced 
successfully to appropriately managed sites in England using 
a subspecies from Sweden. 


Federal Laws and Legislative Efforts 


Federal legislation is vital to the protection of endangered 
insects. In the United States, the formal listing of species as 
threatened or endangered under federal or state endangered 
species legislation has been an extremely effective habitat 
protection tool because (1) these species are protected by law 
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and (2) money is allocated for recovery efforts. In addition to 
this protection, a listing as “sensitive” or “indicator species” 
under U.S. Forest Service National Forest Management Act 
regulations, or even a formal listing from nongovernmental 
organizations such as IUCN and the Natural Heritage 
Program, raises visibility and an awareness of these species. 
This increased attention may lead to the stricter legal 
protection of a federal listing under the U.S. Endangered 
Species Act. 

Other countries also have legislative efforts to protect 
insects and other invertebrates. In 1986, the Committee of 
Ministers of the Council of Europe adopted a charter 
favoring the protection of invertebrates. This charter has 
raised awareness to the plight of endangered invertebrates 
and, in some cases, led to habitat protection. For most 
developing countries in the world, protective legislation for 
insects is either lacking or only sporadically applied. One 
exception is Papua New Guinea, where there is legislation, as 
well as a management program, that protects the rarest 
birdwing butterflies, allows only citizens to sell native insects, 
and protects some insect habitat. 


Research 


Before we can work to protect insects and other invertebrates 
we need to know, at least, what species are present, if 
populations are stable or declining, and the habitat needs of 
these populations. In the long run, more emphasis needs to 
be placed on invertebrate survey, systematics, taxonomy, and 
population ecology so that these species can be identified and 
cataloged and their life histories understood. Research needs 
to go hand in hand with conservation, for a catalog of extinct 
species is of little use. 


Insects as Commodities 


Conservation-based ranching of butterflies and other 
charismatic insects, like scarabs, can protect and conserve 
critical habitat for threatened species where the appropriate 
tropical forests remain intact and where live insect export is 
legal. The tropical forests of Central and Latin America, the 
Philippines, Madagascar, Kenya, Malaysian Borneo, Jamaica, 
and Indonesian Irian Jaya meet these criteria. These ranches 
not only offer protection to these charismatic insects and 
their habitat, but also serve as a sustainable means of 
economic development. 

We differentiate between butterfly farming and ranching. 
According to the Convention on International Trade in 
Endangered Species (CITES) “farming” operations are 
essentially closed systems, no longer dependent upon regular 
infusions of wild stock to produce successive generations in 
captivity. Ranching operations, on the other hand, are open- 
ended and depend upon a recurrent infusion of wild stock 
(such as by harvesting early instar larvae in the wild and then 


growing them out in controlled environments). Using the 
CITES terminology, butterfly ranching is preferable to 
farming because the viability of ranching efforts depends 
upon the continued availability of wild habitat from which to 
take the needed stock. This assumes, of course, that any 
harvest from the wild is sufficiently controlled so as not to be 
excessive. 


Education 


To conserve insects successfully, the general public, scientists, 
land managers, and conservationists need to understand the 
extraordinary value that these organisms provide. It is 
unlikely that very many people will develop an affinity for 
these animals, but it is plausible that a more compelling 
depiction of the contributions insects make to human welfare 
and survival will improve the public’s attitude toward these 
organisms. An ambitious public education program would 
enhance recognition of the positive values of invertebrates 
and, indeed, all biological diversity. 


THE TIME IS NOW 


The number of endangered insects is large and growing. The 
rate of destruction and degradation of natural habitats 
currently is so great that there are not nearly enough 
biologists to even catalog, much less study, the species that 
are suddenly on the edge of extinction. In Indonesia, 
approximately 1.3 million hectares of tropical forest were cut 
in 2001. In Argentina, 7964 metric tons of insecticides were 
used in 1998. In the United States, imported red fire ants 
have infested over 260 million acres in the southeast. These 
examples of threats to endangered insects continue to mount 
across the world. The time is now for agencies, scientists, 
conservationists, and land managers to promote the 
conservation of imperiled insects. 


See Also the Following Articles 
Biodiversity ¢ Conservation ¢ Greenhouse Gases, Global 
Warming, and Insects ¢ Pollution, Insect Response to 


Further Reading 

Bean, J. M. (1993). Invertebrates and the Endangered Species Act. Wings, 
Summer. 

Buchmann, S. L., and Nabhan, G. P. (1996). “The Forgotten Pollinators.” 
Island Press, Washington, DC. 

Collins, N. M., and Thomas, J. A. (eds.) (1991). “The Conservation of 
Insects and Their Habitat.” Academic Press, London. 

Deyrup, M. (2001). Endangered terrestrial invertebrates. /n “Encyclopedia 
of Biodiversity” (S. A. Levin, ed.), Vol. 2. Academic Press, New York. 
Deyrup, M., and Eisner, T. (2001). Interviews at the edge of a cliff. Wings, 

Fall. 

Hoffman Black, S. C., Shepherd M., and Mackey Allen, M. (2001). 
Endangered invertebrates: The case for greater attention to invertebrate 
conservation. Endangered Species Update 18, 41-49. 

Kellert, S. R. (1993). Values and perceptions of invertebrates. Conservat. 
Biol. 7, 845-855. 


1 5G objectives 


Ever since the first real mobile telephone call, 44 years ago’, mobile technologies have been evolving 
steadily and their performances have improved exponentially: as mentioned earlier, calling services 
and later texting and finally the mobile internet and the use of multi-service mobile applications have 
characterised the evolution of mobile networks and the transition from one generation to the next. 
The birth of LTE technology and the fourth generation (4G), coupled with the widespread use of 
smartphones and tablets, have driven a massive increase in the amount of mobile data traffic being 
relayed over the networks. 


The use of a mobile handset and its applications is now an integral part of our fellow citizens’ daily 
habits. Portable connected devices are increasingly powerful: in many instances they have replaced 
users’ landline telephones, cameras, computers and even televisions. Today, 5 million videos are 
watched on YouTube and 67,000 images uploaded to Instagram every minute (see Figure 3). 
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Figure 3. What we do over the network today in one minute” 


The latest Mobility Report® from Ericsson indicates that traffic on mobile networks almost doubled in 
a single year, and that over the next five years it will have increased to 10 times what it is today. New 
solutions must therefore be found to meet this demand, and to optimise how resources are used. 


The increase in the number of applications available, their diversification and the improved quality of 
mobile networks have all contributed to driving up demand, the emergence of new uses (connected 
objects, drones, etc.) and new users. 


“On3 April 1973, Motorola’s Martin Cooper made a call from the corner of 56" street in New York City with the first mobile 
phone. 


* https://www.ericsson.com/res/docs/2014/5g-what-is-it-for.pdf 
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Endopterygota 


| ala dant is a division of the class Insecta in the 
phylum Arthropoda. The orders of insects in this division 
have wing rudiments that develop internally, and external 
wings are not evident until pupal metamorphosis occurs. 
There are three superorders in this division: the Neurop- 
teroidea (which includes the orders Coleoptera, Megaloptera, 
Neuroptera, Raphidioptera, and Strepsiptera), the Mecop- 
teroidea (Diptera, Lepidoptera, Mecoptera, Siphonaptera, 
and Trichoptera), and the Hymenopteroidea (Hymenoptera). 
There is no morphological resemblance between larvae and 
adults, and habitats and biology of adults differ greatly from 
larvae. 





Entomological Societies 


Alan I. Kaplan 
East Bay Regional Park District, Berkeley, California 


E ntomological societies, as a category of learned societies, 
grew out of small, localized groups whose members lived 
less than a day’s carriage ride from each other. In an age when 
specimens could not be entrusted to an irregular (or 
nonexistent) postal service, visiting the “cabinet” (collection) 
of a fellow member to see an actual specimen was necessary. 
Today, international societies have hundreds to thousands of 
members; activities range from having only a journal 
subscription in common to annual meetings with thousands 
of participants. From a largely amateur base in the 19th 
century, entomological societies have grown increasingly 
professionalized, a pattern similar to the societies covering 
ornithology and botany, which also had their beginnings as 
organized sciences with broad, nonprofessional participation. 

In response to increased professionalization of entomology 
in the 20th century, a large number of regional and interna- 
tional specialized societies have arisen, to serve both pro- 
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fessional and amateur entomologists having particular 
systematic or disciplinary interests. From a time when all 
entomologists were amateurs (mid-19th century), through a 
period of increased professionalization resulting in marginal- 
ization of amateurs (early to late 20th century), amateur 
entomologists continue their contributions to the field today. 

Herbert Osborn, in his Brief History of Entomology 
published in 1952, wrote, “the origin of entomological societies 
is to me still a mystery.” We now know why: the first 
entomological society in the world was founded in London, 
sometime between 1720 and 1742. The exact date is uncertain 
because the collection, books, and regalia (and presumably 
the minutes) of this group, the (first) Aurelian Society, were 
destroyed in the Great Cornhill Fire of March 25, 1748. Its 
meeting place, Swan Tavern on Exchange Street, was burnt to 
the ground; the members, then in session, barely escaped 
with their lives. 


GENERAL FEATURES OF SOCIETIES 


Entomological societies share some common features: 
Membership requires payment of dues to maintain the 
organization, there is often a “pro forma” election to 
membership held at a meeting of the society, and prospective 
members are rarely refused. For example, the only person ever 
turned down for membership in the New York Entomological 
Society was “the author of a new version of the theory of 
spontaneous generation!” Honorary membership (usually 
limited to a small number) is offered to accomplished and 
distinguished entomologists in the home country of the society 
or from other countries. Distinguished Regular members 
may be elevated to Fellow status. There is often a category of 
nonlocal membership, usually referred to as “corresponding.” 
Regular meetings are held, at least annually, often more 
frequently, with guest speakers and the opportunities for 
members to provide a greater number of shorter presenta- 
tions. There are constitutions and by-laws, with officers who 
preside over business meetings. Field trips (“field days”) to 
collect insects were a major feature of 19th and early 20th 
century society meetings, and annual meeting circulars and 
programs will suggest collecting opportunities near to 
meeting sites. Some societies have a tradition of insect pro- 
tection: As early as 1896, the Royal Entomological Society 
(London) (RES) had a committee to look into protecting 
British insects from extinction. In 1988, the RES became the 
first entomological society to join the International Union of 
Conservation of Nature. But as far back as the second 
International Congress of Entomology, held at Oxford in 
1912, N. C. Rothschild spoke on steps taken to protect 
insects in Great Britain. The British Entomology and Natural 
History Society formed several Conservation Working 
Groups in 1994 to bring the expertise of its members to bear 
on matters relating to conservation of the invertebrate fauna 
of the United Kingdom and to express the field naturalists’ 
views of which species deserve special attention. 
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The publications of these societies—as proceedings, 
journals, memoirs, annals, bulletins, and newsletters—have 
been the main vehicle for dissemination of scientific infor- 
mation and more personal information about the work and 
lives of entomologists since the founding of the early societies. 
For example, many societies begin a publishing program the 
same year or soon after their founding (the French began 
Annales in 1832, the year the Société Entomologique de France 
was founded; the Royal Entomological Society (London) 
began its Transactions in 1834, a year after its founding). 
Publications have served as a medium of exchange with other 
societies in order to build up another feature, that of society 
library. The American Entomological Society library, with 
over 15,000 volumes, has been incorporated since 1947 into 
the Academy of Natural Sciences (Philadelphia, PA) library; 
the Pacific Coast Entomological Society does not maintain a 
separate library, but journals received in exchange for its 
publication, the Pan-Pacific Entomologist, and books received 
for review therein are deposited in the library of its host 
institution, the California Academy of Sciences. 

Several societies (for example, the Amateur Entomologists’ 
Society, Orthopterists’ Society, Entomological Society of 
America) have produced a series of handbooks and guides for 
identifying insects and have a regular publishing program 
outside of the usual journal- and memoir-type series. The 
Brooklyn Entomological Society (BES) took as a goal the 
publication of alphabetical lists of scientific terms used in 
technical descriptions in entomology. The first entomological 
vocabulary published in North America was 800 terms and 
definitions, in Vol. 6 of the Bulletin of the BES in 1886. This 
was followed in 1906 by the BES-sponsored Glossary, an 
Explanation of Terms Used in Entomology by J. B. Smith (4000 
entries). The BES published J. A. Torre-Bueno’s A Glossary of 
Entomology in 1937 (10,000 terms, 12,000 definitions), and 
a supplement to it in 1960 by G. S. Tulloch added 500 new 
terms and revised 160 others. The Entomological Society of 
America publishes the only society-sponsored list of insect 
common names; in other countries this is usually a function 
of the department or ministry of agriculture. 

Insect collections of societies and their members have 
become important components of the holdings of large insti- 
tutions: For example, the Academy of Natural Sciences in 
Philadelphia has the collection of the American Entomological 
Society; the New York Entomological Society collection has 
been incorporated into those of the American Museum of 
Natural History. Members of the Pacific Coast Entomological 
Society often deposit type specimens of species described in 
the Society's journal (Pan-Pacific Entomologist) with the 
collection of the California Academy of Sciences. Society 
collections have at times been controversial: The (third) 
Aurelian Society in England, founded in 1801, dissolved 5 years 
later because of the odious requirement that members donate 
their best specimens to a central society collection. Disagree- 
ments over the deposition and loan of specimens of the 
Entomological Society of Philadelphia collection led to its 


expulsion in 1862 of its first president, the eminent 
coleopterist John L. LeConte. 

Another feature of some societies is a youth program: 
Membership is offered to young people at a discounted rate, 
special publications are aimed at them, occasional exhibits are 
developed to tour schools or be displayed at annual meetings, 
and field days featuring insect collecting trips are planned. The 
New York Entomological Society formed a Junior Division in 
1958. The Entomological Society of America has had a Youth 
Membership category since 1989. The Young Entomologists’ 
Society (U.S.A.) traces its origin to the Teen International 
Entomology Group, founded in 1965 by a teenager as a 
worldwide correspondence club to exchange letters and 
specimens with like-minded teens around the world. 

These youth programs may take time to develop. For 
example, the Royal Entomological Society (London) Youth 
Development Scheme of 1990 had hopes of local and regional 
participation by its Fellows, which did not materialize, and 
the program failed a year later. But from it came the Bug 
Club, now a national organization in Great Britain. 


ORIGINS 


The earliest scientific societies were founded in Europe in the 
mid-16th and early 17th centuries, but the first entomological 
societies came about in England in the mid-18th century for 
the purpose of sharing knowledge of the Lepidoptera. These 
were the Society of Aurelians (also called the [first] Aurelian 
Society, formed sometime between 1720 and 1742) and its 
successor, the (second) Aurelian Society, formed in 1762. 
“Aurelia” is a classical name for the chrysalis of a butterfly; an 
aurelian is a butterfly collector. The (first) Aurelian Society was 
finished by the Great Cornhill Fire of 1748; the second ceased 
in 1767 because of personality clashes among members; a third 
Aurelian Society, founded in 1801, disappeared by 1806. 

The oldest entomological society still in existence—the 
Entomological Club of London, founded in 1826—has had 
only eight members at a time since its inception and meets 
one evening each month to dine at members’ homes or other 
places. It also hosts the annual Verrall Supper for 
entomologists, a tradition since 1887. The oldest existing 
national entomological societies are Société Entomologique 
de France (1832), the Royal Entomological Society (London) 
(1833), and the Nederlandsche Entomologische Vereeniging 
(1845). See Table I for a list of societies that are 100 years old 
or older and are still in existence as of 2001. 


NORTH AMERICAN SOCIETIES 


The first North American entomological society was the 
(first) Entomological Society of Pennsylvania which, from 
1842 to 1853, took as its only mission the taxonomic 
description of American insect species. It did not try to spread 
knowledge of insects to the general public, nor to encourage 
the study of economic (applied) entomology, nor to inves- 


TABLEI Entomological Societies Founded in 1901 or Earlier, 
Still in Existence in 2001 


Entomological Club (London), 1826 

Société Entomologique de France, 1832 

Royal Entomological Society (London), 1833 

Nederlandsche Entomologische Vereeniging, 1845 

Société Royale d’Entomologie de Belgique, 1855 

American Entomological Society, 1859 (as Entomological Society of 
Philadelphia) 

Russian Entomological Society, 1859 

Entomological Society of Canada, 1863 

Entomologisk Férening (Copenhagen), 1868 

Societa Entomologia Italiana, 1868 

British Entomology and Natural History Society, 1872 (as South London 
Entomological Society) 

Cambridge Entomological Club, 1874 

Lancashire and Cheshire Entomological Society, 1877 

Entomologiska Foreningen I Stockholm, 1879 

Internationaler Entomologischer Verein, 1884 

Entomological Society of Washington (Washington DC), 1884 

Entomological Society of America, 1889 (as Association of Official 
Economic Entomologists) 

New York Entomological Society, 1892 

Union des Entomologistes Belges, 1896 

Entomologischer Verein “Apollo” e.V., 1897 

Association de Coleopteristes de la Region Parisienne, 1901 

Pacific Coast Entomological Society, 1901 (as California Entomological Club) 


tigate insect natural history. Although there were between 40 
and 70 agricultural societies in the United States at this time 
(chiefly with the aim of county fair exhibitions), the first 
U.S. society's members feared that an association with this 
applied sphere of entomology would weaken the efforts of 
American entomologists to gain the respect of European 
entomologists. The Entomological Society of Pennsylvania 
had as its main project the publication of a catalog (a list of 
species with nomenclatural data, such as author names, dates 
of publication, synonyms, and taxonomic references) of 
American Coleoptera. It was defunct by 1853, when the 
Smithsonian Institution published the founding member 
and only president E E. Melsheimer’s Catalogue of the 
Described Coleoptera of the United States. 

The oldest North American entomological society still in 
existence is the American Entomological Society, founded in 
1859 as the Entomological Society of Philadelphia and 
renamed in 1867. For several years (1865-1867), this society 
published the first journal to be devoted to economic ento- 
mology, The Practical Entomologist. \ts Transactions have been 
published since 1867, and it has published Entomological 
News since 1890. 

The entomological societies of Canada began with the 
(first) Entomological Society of Canada, formed in Toronto 
in 1863 (an organizing meeting had been held the year 
before). Its journal, The Canadian Entomologist, has been 
published continuously since 1868. When support was 
obtained for this publication from the Council of Agriculture 
and Arts Association of Ontario, the society's name was 
changed to Entomological Society of Ontario in 1871 to 
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reflect this support, but it still served as something of a 
national organization. Autonomous regional societies grew up 
across Canada (for example, in British Columbia in 1902, in 
Nova Scotia in 1914, and in Manitoba in 1945). A (second) 
Entomological Society of Canada emerged in 1950 to link 
the provincial societies into a truly national organization. 

The current Entomological Society of America (ESA) was 
formed in 1953 from the union of the American Association 
of Economic Entomologists (AAEE) and the (first) Ento- 
mological Society of America. The AAEE was formed in 1889 
(originally for state and federal entomologists, its first title was 
Association of Official Economic Entomologists; “Official” 
was soon dropped and “American” added in 1909). It grew 
out of the Entomological Club, a subsection of the Natural 
History Section of the American Association for the Advance- 
ment of Science (AAAS), which itself originated at an AAAS 
meeting in Hartford, Connecticut, in 1874, the year when 
entomologist John L. LeConte was AAAS president. 

Dissatisfaction with the applied emphasis of AAEE and 
need for a societal home for academic and noneconomic 
entomologists led to the formation of the (first) Entomo- 
logical Society of America in 1906, with Professor J. H. 
Comstock of Cornell University as its president. In 1908, 
both societies began publishing journals that are still printed 
today: the Annals of the Entomological Society of America and 
the Journal of Economic Entomology. In addition, the merged 
ESA produces other journals, including (since 1972) 
Environmental Entomology and, since 1986, has owned and 
published the Journal of Medical Entomology (originally 
published by the Bishop Museum of Hawaii). 

Throughout the period 1906 to 1953, the two U.S. national 
entomological societies often held joint annual meetings, so 
members of both (and there was considerable overlap in mem- 
bership) could participate in each meeting. By the time of the 
1953 merger, membership in the AAEE was triple that of the 
ESA, reflecting the expansion of the applied entomology field 
in the age of modern insecticides. The strong regional (branch) 
divisions of the reorganized ESA closely follow the premerger 
AAEE structure, as do most of the subject sections within the 
organization (for example, sections for Regulatory and 
Extension Entomology and Crop Protection Entomology). 
Today’s ESA sponsors a unique program of board certification 
for professional entomologists. In the past, the ESA had been the 
institutional home of the American Registry of Professional 
Entomologists (about 15% of ESA members in 1989 were 
registered with ARPE). A code of ethics and education and 
experience requirements, plus testing and continuing education, 
are elements in the process of “professionalization” that have 
emerged in only a few scientific fields (medicine being the best 
example), but these are hallmarks of a technology-oriented 
profession (civil, structural, and geologic engineering, for 
example). Entomology’s unique status as a technology and a 
science emerged in the late 20th century, resulting in some 
confusion over status and prestige, which a process of 
professional certification clarified for some ESA members. 
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SOCIETAL GROWTH 


In 1956, Curtis Sabrosky published a near-exhaustive list of 
entomological societies that had existed and/or were still in 
existence. By 1956, at least 70 entomological societies had 
begun, blossomed (or not), and then faded away. That year, 
there were 96 active regional or national entomological 
societies (not counting those devoted to applied aspects such 
as apiculture or pest control). Only 10 specialty societies, 
devoted to a taxonomic group or some other special, non- 
applied aspect, were listed: 3 devoted to Coleoptera (in 
Austria, the United States, and Japan), 4 for Lepidoptera (3 
in Japan and 1 in the United States), and 1 international 
society for the study of social insects. The post-1956 period 
has seen a huge development of specialty societies. Today, 
there are at least 92 specialty societies (including 1 for 
conservation of invertebrates in general and 1 devoted to 
young entomologists). There has been increased worldwide 
interest in Lepidoptera; at least 22 new societies formed in 
the period from 1970 to 1999. Although there are specialty 
societies devoted to at least nine orders of insects, the 
majority are devoted to just three: Coleoptera (12), 
Lepidoptera (39), and Odonata (12). In addition, regular 
international symposia are held on other, smaller orders (for 
example, Trichoptera and Ephemeroptera). Just as improved 
optics (binoculars, spotting scopes, cameras) and better field 
guides stimulated the mid-20th century interest in bird- 
watching, similar improvements in entomological materials 
(for example, a recent series of books on identifying 
butterflies and dragonflies with binoculars) have made 
Lepidoptera and, more recently, Odonata popular subjects of 
observation and interest to larger numbers of people, who in 
turn have formed many new entomological societies devoted 
to their insect passions. 


ROLE OF AMATEUR ENTOMOLOGISTS 


Professionalization and an improved image as scientists has 
been an issue for entomologists since the 19th century. From 
their origin in amateur lepidopterist clubs and local societies 
of collectors interested in the taxonomic position of their 
specimens and little else, entomological societies grew into 
associations of applied scientists who recognized the 
contribution of a client base of agriculturalists but did not 
make a place for them or for hobbyist entomologists 
(amateurs) in their national organizations. Once applied 
entomologists in the United States organized into the AAEE, 
they neither encouraged nor discouraged nonprofessional 
participation, but instead created two classes of membership. 
One was a professional category, which required educational 
qualifications and vocational activity; the other was an 
“associate” category, which was a second-class membership 
for amateurs and others with inadequate qualifications. 

Yet, amateur entomologists, who had been the founders of 
the field and its earliest supporters as collectors and bene- 


factors, continued to make contributions. Early societies at 
times depended on wealthy amateurs for support. The best 
example is the support given to the American Entomological 
Society (AES) by one of its founders, Thomas B. Wilson, an 
executive of the Pennsylvania Railroad. He paid for the AES’s 
building and was patron of its library and collection. Wilson 
provided a sinecure for E. T. Cresson, Sr. (one of North 
America’s greatest hymenopterists), as his private secretary, 
which in reality supported Cresson as curator of the AES 
collection and its corresponding secretary for many years. 
When Wilson died, Cresson worked for an insurance 
company for the next 40 years (1869-1910). “The Wilson 
Fund” was still supporting AES publications in 1984, almost 
120 years after their provider's death. 

The first national Canadian entomological society was 
formed in 1863 by a 25-year-old divinity student, Charles J. 
S. Bethune, and a 28-year-old pharmacist, William Saunders. 
They founded its journal, The Canadian Entomologist, in 1868 
and were the sole contributors to its first two numbers. Each 
went on to distinguished careers in Canadian entomology 
(Bethune as Professor of Entomology and Zoology at 
Ontario Agricultural College, Saunders as the first Director 
of Experimental Farms [agricultural experiment stations] for 
the Dominion of Canada) but they both had begun the 
Entomological Society of Canada as amateurs. 

Amateur entomologists were always welcome to publish 
in the Journal of the New York Entomological Society. Annie T. 
Slosson was a NYES founder (in 1892) and the largest 
financial supporter of its journal—her donated specimens of 
Lepidoptera raised the most money at the Society’s auctions. 
She was a well-known collector and contributed many 
journal articles, though she did not publish new taxonomic 
names for the species she gathered; she preferred to send 
them to specialists to describe. 

The Cambridge Entomological Club was saved from 
extinction by an infusion of amateur members. The Club was 
founded at Harvard in 1874 with 12 members. It reached 48 
members by the time of incorporation in 1877, but had 
declined in 1902 to just 7 (of whom only 3 or 4 attended 
meetings at any one time). The Club combined with a local 
amateur society, The Harris Club, with its 38 members, in 
1903, and active amateur members have been an important 
component of the Cambridge Entomological Club ever 
since. The participation by amateurs was encouraged in these 
early days by ant specialist, Professor William M. Wheeler, 
who supported amateur naturalists and said, “We have all 
known amateurs who could make an enthusiastic naturalist 
out of an indifferent lad in the course of an afternoon's 
rambling, and, alas, professors who could destroy a dozen 
budding naturalists in the course of an hour’s lecture.” 

In the first volume (1908) of Annals of the Entomological 
Society of America, the Canadian entomologist H. H. Lyman, 
himself an amateur, urged the society “to secure the support and 
cooperation of the great body of amateur entomologists.” This 
has not been accomplished. Almost 80 years later, in 1986, a 


survey of the ESA’s 9111 members found only 31 (0.5% of the 
5505 respondents) who described themselves as amateurs. But 
amateur entomologists have found welcome and a home in 
regional and local societies devoted to taxonomic specialties 
(Coleoptera and Lepidoptera predominately, but Odonata have 
become popular) or geographically restricted. Since 1939, the 
Amateur Entomologists’ Society (United Kingdom) has been a 
flagship of the great amateur enterprise, publishing its bulletin 
and a large number of identification guides and handbooks. 

A survey of adult amateur entomologists in 1987 by Janice 
Matthews found that they often suffer from being stereotyped 
by professional entomologists as less qualified or educated 
and get a cool (or even hostile) reception from professionals. 
Amateurs actually produce the great bulk of educational 
outreach on entomological topics (for example, programs for 
school children, other amateur naturalists, and the public at 
large). Adult amateur entomologists’ professional lives align 
very closely with those of professional entomologists: Amateur 
entomologists are doing science and math in their daily work; 
they are in education; they are in service occupations (by 
comparison, pest control work is also a service occupation). 
The science background of amateur entomologists can be as 
strong as that of professionals, but is often in a related field. 
None of the respondents to Matthews’ study reported that a 
professional entomologist influenced their childhood interest 
in insects; the failure of the Youth Development Scheme of 
the Royal Entomological Society (London) in 1990 was 
attributed to just this kind of lack of interest on the part of 
its members toward young entomologists. 

That amateur entomologists have made, and continue to 
make, great contributions to entomology is unquestioned. From 
the great coleopterist P F M. A. DeJean (Napoleon's general 
and aide-de-camp at Waterloo), to 19th century lepidopterist 
William H. Edwards (a lawyer and coal company president), 
to civil engineer Richard H. Stretch (who first warned of the 
economic dangers of cottony cushion scale in California in 
1872), through a long list of physician—entomologists (for 
example, H. Bernard Kettlewell, who was a general practitioner 
while pursuing his studies of melanism in Lepidoptera), to the 
great student of leaf-mining flies, Kenneth Spencer (an elec- 
tronics executive, he published 74 papers before retiring in 
1969 and then published 45 more papers in the next 20 
years), to the Parisian taxi driver Pierre Morvan (honored with 
the Rolex Enterprise Award in 1987 for his biogeographic study 
of Asian ground beetles, he is a self-taught entomologist and 
author of over 50 scientific publications), entomology advances 
through the efforts of its many amateur practitioners. 
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M ayflies (order Ephemeroptera) date from Carboniferous 
and Permian times and represent the oldest order of the 
existing winged insects. They are unique among the insects in 
having two winged adult stages, the subimago and imago 
(Fig. 1). Adult mayflies do not feed; instead, they rely on reserves 
built up during their nymphal life. As adults they generally live 
from | to 2 h to a few days, and mayflies spend most of their 
life in the aquatic environment, either as eggs or nymphs. The 
nymphal life span in mayflies varies from 3 to 4 weeks to more 
than 2 years. The length of egg development varies from ovo- 
viviparity (i.e., the release of live offspring) to a period of up 
to 10 to 11 months in some arctic/alpine species. 

Because of their winged adult stage and a propensity for 
drift (i.e., downstream movements) as nymphs, mayflies are 
often among the first macroinvertebrates to colonize virgin 
habitats. However, over longer distances their dispersal 
capacity is limited, owing to their fragility and short adult 
life. Mayflies are found in almost all types of freshwater 
habitat throughout the world, although in the Arctic and in 
mountain areas above the tree line there are few species. 
Mayfly faunas on oceanic islands and isolated mountain areas 
have few species, and they are usually restricted to the 
Baetidae and/or Caenidae. Their greatest diversity is in lotic 
habitats in temperate and tropical regions, where they are an 
important link in the food chain, from primary production 
by algae and plants to secondary consumers such as fish. 
Mayflies are used extensively as indicators of pollution and 
environmental change. 
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FIGURE 1 Mayfly life cycle showing the alternation between the aquatic 
and terrestrial environments. Mayflies are unique in having two winged 
stages, the subimago and imago. The adult life is very short and most of the 
time is spent in the aquatic environment. 


ORIGINS AND EVOLUTION 


Ephemeroptera are among the oldest known winged insects still 
extant. Carboniferous fossils have been ascribed to mayfly pre- 
cursors or even mayflies. Permian data confirm that the order 
was already present at the end of the Paleozoic. Ephemeroptera 
reached their highest diversity during the Mesozoic, mainly 
in the Jurassic and Cretaceous. All these species belong to 
extinct families. The Tertiary fauna, as documented by for 
instance Baltic amber, is undeniably modern, with both the 
extinct and living genera of modern families. 

The relationship of Ephemeroptera with other modern 
winged insects is still a subject of debate. Together with the 
Odonata, mayflies were traditionally placed in the 
Paleoptera, which was considered the sister group of all other 
extant primarily winged orders. More recently, it was 
suggested that Ephemeroptera per se are the sister group of 
Odonata + Neoptera. This idea is based on a number of fea- 
tures unique to mayflies, such as the presence of a subimaginal 
stage, the nonfunctionality of the adult mouthparts, and the 
presence of only one axillary plate in the wing articulation. 
This hypothesis is also supported by anatomical data: female 
mayflies exhibit telotrophic meroistic ovaries instead of 
panoistic ones as found in Odonata. 


CLASSIFICATION AND PHYLOGENY 


The Ephemeroptera are numerically a small order of insects, 
with about 3000 described species within more than 375 
genera and 37 families (Table I). About 350 species occur in 
Europe, and 670 in North America. During the 1990s, partly 
as a result of the discovery of new taxa, especially in tropical 
areas, where the mayfly fauna is still poorly known, 10 new 
families, 75 genera, and more than 500 species were added. 
The expansion of the order is also the result of several 
phylogenetic analyses that led to a narrower concept of 
supraspecific taxa. As a consequence of these important 
changes, there is no real consensus about the higher 
classification of Ephemeroptera (superfamilies, suborders, or 
infraorders). Based on the structure of the nymphal wing 
pads, mayflies were traditionally divided into two suborders, 
Pannota (with fused wing pads) and Schistonota (with free 
wing pads). That the latter suborder is paraphyletic is now 
well documented, but there is no agreement about the 
composition and even the names of these higher taxa. 


ADULTS 


The adult mayfly has two main functions, mating and ovipo- 
sition, which produce a general uniformity in structure. The 
prominent turbinate eyes of males, especially well-developed 
in the Baetidae and some Leptophlebiidae, provide both high 
acuity and good sensitivity. This enables them to detect and 
capture single females in a swarm at low light intensities. 

The forelegs of most mayflies also show sexual differences; 
those of the male are unusually long for grasping and holding 
the female during mating. In the Polymitarcyidae, the middle 
and hind legs of the male and all the legs of the female are 
reduced, and in Dolania (Behningiidae) all the legs of both 
sexes are reduced. In Dolania and several members of the 
Polymitarcyidae and Palingeniidae, the females remain in the 
subimaginal stage. The reason for two winged stages has pro- 
voked much discussion. It has been suggested that this primi- 
tive trait is maintained because there has not been the selective 
pressure on the short-lived stages to produce just a single molt. 
Another explanation is that two molts are necessary to com- 
plete the elongation of the caudal filaments and forelegs of 
the adults. Most mayflies have two pairs of wings, but in the 
Caenidae, Tricorythidae, Baetidae, and some Leptophlebiidae, 
the hind wings are reduced or even absent. 


Fecundity 


Spermatogenesis and oogenesis are generally completed in 
the final nymphal instar, and the eggs and sperm are 
physiologically mature in the subimago. Most species 
produce 500 to 3000 eggs, but values range from less than 
100 in Dolania to 12,000 in Palingenia, and the fecundity 
values recorded for the females of the larger species of mayfly 
are higher than in most other insect groups except the social 
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TABLEI Overview of the Mayfly Families and the Approximate Number of Genera and Species 

Family Genera Species Biogeography 
Acanthametropodidae i: 6) Asia and North America 
Ameletidae 2 45 Asia, Europe, and North America 
Ameletopsidae 4 10 Australia, New Zealand, and South America 
Ametropodidae 1 5 Asia, Europe, and North America 
Arthropleidae 1 5 Europe and North America 
Baetidae 95 700 Worldwide 
Baetiscidae 1 12 North America 
Behningiidae 3 5 Asia, Europe, and North America 
Caenidae 13 100 Worldwide 
Coloburiscidae i) 5 Australia, New Zealand, and South America 
Coryphoridae 1 1 South America 
Dipteromimidae 1 if Japan 
Ephemerellidae “ 16 300 Worldwide except Australia and New Zealand 
Ephemeridae . 8 30 Worldwide except Australia 
Ephemerythidae 1 5 Africa 
Euthyplociidae 5 15 Asia, Madagascar, and South America 
Heptageniidae 28 500 Africa, Asia, Europe, and North America 
Isonychiidae 1 20 Asia, Europe, North and South America 
Leptohyphidae 7 120 North and South America 
Leptophlebiidae 120 900 Worldwide 
Metretopodidae a 10 Asia, Europe, and North America 
Neoephemeridae 3 10 Asia, Europe, and North America 
Nesameletidae 3 5 Australia, New Zealand, and South America 
Oligoneuriidae 11 45 Worldwide except Australia and New Zealand 
Oniscigastridae 3 10 Australia, New Zealand, and South America 
Palingeniidae 7 30 Asia, Europe, and Madagascar 
Polymitarcyidae ‘ 7 65 Worldwide except Australia and New Zealand 
Potamanthidae 3 25 Africa, Asia, Europe, and North America 
Prosopistomatidae 1 15 Africa, Asia, Australia, Europe, and Madagascar 
Pseudironidae 1 1 North America 
Rallidentidae 1 1 New Zealand 
Siphlaenigmatidae 1 1 New Zealand 
Siphlonuridae 4 30 Asia, Europe, and North America 
Teloganellidae 1 1 Asia 
Teloganodidae it 15 Africa, Asia, and Madagascar 
Tricorythidae @ 6 30 Africa, Asia, and Madagascar 
Vietnamellidae ‘ 2 5 Asia and Australia 
Total 376 3083 


“Including Melanamerellinae. “Including Pentageniinae and Ichthybotinae. “Including Exeuthyplociinae. “Including Dicercomyzinae and 


Machadorythinae. ‘Austremerellidae. 


Compiled with the assistance of Jean-Luc Gattolliat (Lausanne) and Jan Peters and Michael D. Hubbard (Tallahassee). 


Hymenoptera. In species with a long emergence period or with 
a bivoltine life cycle (having two summer emergence periods), 
early emerging females are larger and therefore more fecund 
than those emerging later. 


Mating and Swarming 


Swarming in adults is a male activity, apart from the Caenidae 
and Tricorythidae, where both males and females may par- 
ticipate. The females fly into these swarms, and mating occurs 
almost immediately and usually in flight. Swarming may take 
place over the water itself, over the shore area, or even away 
from the water. Most swarms are positioned according to 
terrain markers such as areas of vegetation, the shoreline, and 
trees. The time of swarming varies considerably, although 
dusk is the most common time of day in temperate regions. 


Parthenogenesis has been reported in about 50 mayfly species, 
although it is not obligatory as a rule. 


Oviposition 


The majority of mayflies, including most Ephemeridae, 
Heptageniidae, and Leptophlebiidae, oviposit by descending 
to the water and releasing a few eggs at a time by dipping their 
abdomen into the water. Species of Ephemerella, Siphlonurus, 
and. Centroptilum, however, release all their eggs in a single 
batch that separates immediately on contact with water. In 
Habroleptoides and some Heptageniidae the female rests on a 
stone above the water, and dips her abdomen into the water 
to lay the eggs. This is taken a stage further in several species 
of Baetis in which the female actually goes underwater and 
lays her eggs on suitable substrate, often under stones. 
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EGGS 


Mayfly eggs have a variety of attachment structures that enable 
them to adhere to submerged objects or to the substrate. 
Differences in egg morphology have enabled the construction 
of identification keys, purely on the basis of eggs. This has 
provided a useful complement, not only to studies of phy- 
logeny, but also to taxonomy, since identification of female 
adults by means of external characters is often difficult. 


Development 


Most nymphs hatch at temperatures in the range of 3 to 
21°C. However, in the North American Hexagenia rigida, the 
nymphs hatch successfully between 12 and 32°C and even at 
36°C if incubation is started at lower temperatures. In 
Tricorythodes minutus, nymphs hatch between 7.5 and 23°C, 
but mortality is least at 23°C. Hatching success is variable, 
ranging from over 90% in several Baetis and Hexagenia species 
to less than 50% in the Heptageniidae studied. Excluding the 
few ovoviviparous species, the total length of the egg develop- 
ment period varies from a week in H. rigida to almost a year 
in Parameletus columbiae. Temperature is the major factor 
determining the length of the period of egg development in 
mayflies. There is no indication that photoperiod influences 
egg development time. Ovoviviparity is rare in the mayflies 
and is restricted to the Baetidae. In North America, a number 
of species in the genus Callibaetis are ovoviviparous. 


NYMPHS 


In contrast to the adults, mayfly nymphs show considerable 
diversity in habit and appearance. Differences do not always 
follow taxonomic lines, and convergent and parallel evolution 
seems to be common (Fig. 2). 


Growth and Development 


Mayflies have a large number of postembryonic molts. Estimates 
of the number of instars vary between 10 and 50; most are in the 
range 15 to 25. The number of instars for a particular species 
does not seem to be constant, but probably varies within certain 
limits. Environmental conditions, such as food quality and 
temperature, may affect instar number. Because of its simplicity, 
by far the most common measure of development and growth 
in mayflies has been body length, although head width and 
other body dimensions also have been used. However, growth 
of the various body parts is not always isometric. Many authors 
have also used body weight, and the length—weight relation- 
ship is usually well expressed by a power function. 

Nymphal growth rates are influenced by several environ- 
mental factors, although the major growth regulator is mean 
temperature, the scale of diurnal fluctuations, or total degrees- 
days. Other factors, such as food and current velocity, may exert 
a modifying influence on growth rates. No true diapausing 


nymphal stage has been reported in the Ephemeroptera, 
although growth rates often are very low during the winter. 


Respiration 


The gills of mayflies are very diverse in form, ranging from 
a single plate in Ameletus to fibrillar tufts in Hexagenia. 
Respiratory tufts are sometimes developed on other parts of 
the body besides the abdomen, such as those at the base of 
the coxa in sonychia and Dactylobaetis. In several families 
the second abdominal gill has developed into an operculate 
(lidlike) gill cover for the remaining gills, and in certain 
Heptageniidae the gills are markedly expanded so that they 
together form an adhesion disc. In many of the Siphlonuridae, 
the gills are used as swimming paddles, which has been put 
forward as their original function. In respiring, the gills may 
function either as respiratory organs or as ventilatory organs 
for other respiratory exchange surfaces. 

High rates of oxygen consumption are often reported in 
association with emergence and gonad maturation. High 
water temperatures at that time may mean that low oxygen 
concentrations can be critical. Many burrowing Ephemeridae 
and pond-dwelling Baetidae are able to survive moderately 
low oxygen concentrations, especially for short periods. 
However, so far only one species, the European Cloeon 
dipterum, has been shown to survive long-term anoxia. 


Population Movements 


During the final stages of nymphal life there is a movement to 
and a concentration in the shallower areas of lakes and rivers. In 
running waters, springtime mass movements of mayfly nymphs 
along the banks of the main river and into slower flowing 
tributary streams or into areas flooded by spring snowmelt 
have been observed. In running water, mayfly nymphs may 
move down into the substratum in response to spates or as part 
of a daily rhythm. Generally, however, mayflies do not extend 
far down into the substratum (i.e., the hyporheic zone). 
Mayflies, especially Baetidae, are a major component of inver- 
tebrate drift in running waters. Their drift shows a strong diel 
periodicity, with a peak during the hours of darkness. Drift rates 
are not constant for a particular species, and the larger size classes 
are usually more in evidence. Other factors that have been shown 
to influence mayfly drift include changes in current velocity and 
discharge, increased sediment loading, temperature changes, 
oxygen conditions, density, food availability, and predators. 


EMERGENCE 


Emergence, the transition from the aquatic nymph to the 
terrestrial subimago, is a critical period for mayflies. Their 
movement up to the water surface makes them especially 
vulnerable to aquatic and aerial predators. Shedding of the 
nymphal skin usually occurs at the water surface on some 
object, such as a stone or macrophyte stem, or in midwater. 
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FIGURE 2 Mayfly nymphs: (A) Baetis subalpinus (family Baetidae), (B) Ephemera danica (family Ephemeridae), (C) Ephemerella mucronata (family 
Ephemerellidae) (D) Leptophlebia vespertina (family Leptophlebiidae), (E) Caenis robusta (family Caenidae) (F) Prosopistoma boreus (family Prospistomatidae), 
(G) Lepeorus thierryi (family Leptophlebiidae), and (H) Epeorus alpicola (family Heptageniidae). Illustrations show some of the large range in morphology, often 


related to habitat and food habits and not necessarily to family relationships. For example, L. thierryi and E. alpicola are morphologically similar and adapted 


to fast-running waters but belong to different families. 


The latter location is more typical of the burrowing species 
that inhabit deeper waters and of a number of river species. 
Genera such as Siphlonurus, Isonychia, and Baetisca crawl 
completely out of the water before they molt. 


Diel Patterns 


In temperate regions, the crepuscular emergence of mayflies 
is well known. However, dusk is not the only time of day that 
mayflies emerge, although most species exhibit clear diel pat- 
terns of emergence that are, with few exceptions, characteristic 
for a given species, genus, or even a whole family. For example, 
the emergence of the short-lived Caenidae invariably takes 
place either at dawn or dusk and seems to be controlled by 
light intensity. Several baetid and leptophlebiid genera emerge 
around midday. In temperate areas, the higher daytime air 
temperatures are less restrictive for flight activity, although 
the adults are probably more susceptible to predation. 


In the tropics and warm temperate regions, night air tem- 
peratures are less restrictive, and to escape from daytime 
predators it seems that most longer-lived forms emerge 
during the first two hours of darkness. The shorter-lived 
genera, such as Cuenis, are subject to fewer restraints on their 
emergence, and there are few constant differences between 
tropical and temperate species. 

The daily emergence of males and females is usually syn- 
chronous, especially in the short-lived forms, although there 
may be an excess of males at the start of the day’s emergence. 
In species in which the females oviposit as subimagos, the 
males, which molt to imago, emerge well before the females. 


Seasonal Patterns 


Mayflies have distinct and finite emergence periods, especially 
in temperate and arctic areas. In the tropics, emergence is 
often nonseasonal, although some species have clear 
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emergence patterns. The lunar rhythm of emergence from a 
number of lakes of the African species Povilla adusta, is well 
known. The burrowing mayflies of the Ephemeridae, 
Polymitarcyidae, and Oligoneuriidae are noted for their 
sporadic mass emergence. The mass emergence of Hexagenia 
from the Mississippi River has been well documented. There 
are latitudinal and altitudinal gradients in the timing of 
emergence. For example, in both North American and 
European Leptophlebia, emergence occurs progressively later 
as one moves northward. In a similar way, the onset of emer- 
gence is delayed with increasing altitude. In habitats with 
several mayfly species, peak emergence of the major species 
may be separated in time, especially in congeneric species. 

It has been suggested that emergence falls into two main cate- 
gories: synchronized and dispersed, and represents two 
approaches for reducing adult mortality. Synchronous emer- 
gence attempts to saturate a potential predator, and dispersed 
emergence seeks to lower the possibility of predator—prey 
encounters. However, emergence pattern can vary with abun- 
dance and locality, and from year to year within the same species. 

Water temperature thresholds, often in conjunction with 
rising temperatures, are important for both seasonal and daily 
emergence of many mayflies. Photoperiod has also been suggest- 
ed as a potential factor regulating seasonal emergence in mayflies; 
few concrete data are available, however, and successful emer- 
gence occurred when nymphs were reared in complete darkness. 
Other abiotic factors may also affect daily emergence totals. 


LIFE CYCLES 


There is an extensive literature on mayfly life cycles, although 
mostly from temperate areas in Europe and North America. 
However, care should be taken in the interpretation of mayfly 
life cycles, especially when only field observations are 
available. Particular care is necessary in interpreting the 
length of time for egg development from field data. 

Several authors have classified mayfly life cycles; most 
have used a combination of voltinism, duration of egg devel- 
opment, and nymphal growth rates as criteria. Multivoltine 
species usually have two or three generations in temperate 
regions, often a slowly growing winter generation and one or 
two rapidly growing summer generations. Limited data from 
the tropics, where many species are nonseasonal, indicate 
that some species go through about four and possibly up to 
six generations during the course of a year. 

In temperate areas, the univoltine life cycle is the most 
widespread type. Several authors have distinguished two 
main types of univoltine cycle: when overwintering occurs 
during the nymphal stage after a relatively short egg develop- 
mental period, and when hatching occurs in the spring after 
a long period of egg development. Semivoltinism, with generation 
times up to 3 years, is relatively uncommon in mayflies. 

Mayfly life cycles show a distinct trend from the tropics to 
the Arctic. In the tropics, nonseasonal multivoltine cycles 
predominate, with seasonality becoming more distinct in 


mountainous and continental areas. As one approaches the 
Arctic, univoltine cycles dominate. 

Many mayflies exhibit flexibility in life cycle, whereas some 
mayflies (e.g., the widespread species Leptophlebia cupida) 
have a univoltine winter cycle over a wide range of latitudes 
and climates. However, a number of common and widespread 
species display a considerable degree of life cycle flexibility 
throughout their distributional range. This is perhaps best 
exemplified by many Baetidae, which may switch from 
multivoltine to univoltine depending on climate. The North 
American Hexagenia show a similar flexibility. 


ABIOTIC AND BIOTIC RELATIONSHIPS 
Nutrition 


The majority of mayfly nymphs are herbivores, feeding on 
detritus and periphyton (algal communities on stones and 
plants). This explains their relative uniformity in mouthparts. 
The modifications that are present are a result of different 
food-gathering mechanisms rather than differences in diet. 
The herbivorous mayflies fall into two main categories, collec- 
tors and scrapers. Among the collectors, several genera are 
filter feeders, with setae on the mouthparts or forelegs acting 
as filters. Oligoneuriidae, Leptophlebiidae, Siphlonuridae, and 
the Heptageniidae have several genera that are probably filter 
feeders. By using their gills to produce a current of water 
through their burrows, several of the Ephemeridae and Poly- 
mitarcyidae may, at least for part of their food supply, be 
regarded as filter feeders. To supplement their diet, Povilla 
nymphs, especially the larger ones, leave their burrows at night 
and graze on periphyton. Most mayflies, however, are 
fineparticle detritivores. These include many Siphlonuridae, 
Baetidae, Leptophlebiidae, Metretopodidae, Ephemerellidae, 
Caenidae, and Baetiscidae, as well as some Heptageniidae. 
Members of the other major feeding group within the mayflies, 
scrapers, feed on the periphyton present on mineral and organic 
surfaces. These include representatives of several mayfly families, 
notably the Baetidae, Heptageniidae, Leptophlebiidae, and Cae- 
nidae. Shredders are probably also represented among mayflies. 

True omnivory is of limited occurrence in the mayflies 
and is restricted to some species in genera such as Jsonychia, 
Siphlonurus, Stenonema, and Ephemera. The predatory habit 
is also relatively uncommon in the mayflies. In North 
America, Dolania, Analetris, and the heptageniid, Pseudiron, 
Spinadis, and Anepeorus feed largely on chironomids. The 
baetid genera Centroptiloides and Raptobaetopus have 
carnivorous nymphs. Within the Prosopistomatidae there are 
also carnivorous species. Several species, such as Siphlonurus 
occidentalis and Stenonema fuscum, may change from a 
predominantly detrital diet in the early instars to one 
containing a significant proportion or even a dominance of 
animal material in the mature nymphs. 

The time for food to pass through the gut is often short, 
and in Baetis, Cloeon, and Tricorythodes it has been shown to 


5G is at the crossroads of these news uses; it aims to better and simultaneously satisfy this 
tremendous variety of needs and these new demands, through a unified technology that takes this 
diversity into account at the design stage. 


The advent of 5G could have a significant impact not only in the technical realm, but also on different 
countries’ economic and social development. As indicated in the introduction, 5G targets a very large 
number of sectors and, through society’s digitisation, is expected to contribute to countries’ 
economic growth. 


To give an example, according to a report produced by InterDigital Europe, Real Wireless, Tech4i2 
and Connect (Trinity College Dublin)’, this new technology will require a great deal of money and a 
great deal of work, but will generate €113.1 billion in profits per annum for the European economy 
by 2025. 


1.1 Technical specifications of 5G 


The specifications for a new generation of mobile telephony are set primarily by two bodies: 
ITU (International Telecommunication Union) and 3GPP (3 Generation Partnership Project). 


ITU is the United Nations agency devoted to information and communications technologies. It carries 
out research and studies through its Working Party 5D, the sub-group responsible for the overall 
radio system aspects of international mobile telecommunications (IMT). In 2013, this group began 
working on defining the characteristics of the new IMT standard, IMT-2020 (5G) (cf. 1.3), as it had 
done back in the early 2000s to define 4G (IMT-Advanced). Further details on the roadmap 
established for this work can be found in Annex 1, the objective set by ITU-R being to complete its 
analyses by 2020. 


Parallel to the work being done by ITU are the studies being conducted by 3GPP. The 3" Generation 
Partnership Project was created in 1998, and its members include seven standardisation bodies, 
several hundred industry players, associations and public organisations. It is responsible for 
developing and maintaining technical specifications for mobile telephony standards®. When a new 
standard is being defined by ITU, 3GPP works on the technical solutions that make it possible to 
achieve the objectives set by ITU. 


Although 5G is one of the most widely debated topics inside international and European bodies 
today, no standard has yet been defined by 3GPP. The draft of Release 15, the first 5G standard from 
3GPP, is still in the works: definition of the new architecture began in December 2016 and work on 
the New Radio (NR) interface is set to begin in March 2017. A first Release of the standard should be 
validated in September 2018 to meet the more urgent demands; a second Release (3GPP Release 16) 
will then be published in March 2020. All of these elements are addressed in more detail in Annex 1. 


It should also be said that the transition from one generation to the next takes place gradually. LTE 
will continue to evolve alongside NR, and these two standards will likely be very complementary 
initially. In particular, for pioneer 5G rollouts LTE shall probably remain the master of the network 
and control the NR antennae. Moreover, some of the objectives set for 5G could be achieved thanks 
to functionalities or technologies introduced in 3GPP Releases 13, 14 and 15 that will not be proper 
to 5G, but rather evolutions of 4G (which some refer to as 4.9G or LTE Advanced Pro). 


 http://ir.interdigital.com/file/Index?KeyFile=36051369 
8 GSM for 2G, UMTS for 3G and LTE for 4G 
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be only about 30 mins. Hexagenia nymphs feed continuously 
during the day and night, and at most temperatures they ingest 
over 100% of their dry body weight per day. In contrast, 
values for the surface-dwelling collector Stenonema are much 
lower and vary between 2 and 22% of dry body weight per 
day. The carnivorous Dolania, feeding more intermittently 
but on a higher energy diet, has consumption indices similar 
to those of Stenonema. Studies have shown little or no 
cellulase activity in mayflies, whereas the proteolytic activity 
of trypsin- and pepsinlike enzymes is very high. 


Predation 


Mayfly nymphs are eaten by a wide range of aquatic invertebrate 
predators, including stoneflies, caddisflies, alderflies, dragonflies, 
water beetles, leeches, triclads, and crayfish. Mayflies are also 
important food organisms for fish. Birds and winged insects, 
such as Odonata, also prey on mayfly adults. Birds may take 
both the aquatic nymphs and the aerial adults. Several other 
animal groups, including spiders, amphibians, marsupials, 
and insectivorous mammals such as bats and shrews, have 
been reported to take mayflies. Many parasites also utilize 


these food chain links. 


Symbiosis, Phoresy, and Parasitism 


There is a wide range of organisms that live on or in mayflies. 
They include the normal spectrum of protozoan, nematode, 
and trematode parasites, and phoretic and commensal 
relationships with other organisms occur, as well. Chironomids 
in the genus Symbiocladius are ectoparasites and may cause 
sterility, although ectoparasites in the genus Epoicocladius do 
not seem to be detrimental to their host. In fact the cleaning 
effect, especially of the gills, may facilitate oxygen uptake in 
the mayfly. Mayflies can also be commensal, and two baetid 
genera, Symbiocloeon from Thailand and Mutelocloeon from 
West Africa, live between the gills of freshwater mussels. 


DISTRIBUTION AND ABUNDANCE 


Because of their fragility and short adult life, mayflies are 
generally rather limited in their dispersal powers. Together 
with their ancient origin and the strict association of larvae 
with freshwaters habitats, Ephemeroptera represent an 
interesting group for biogeographical analyses. The 
Siphlonuridae and allied families, typically cool-adapted 
mayflies, are mainly distributed in the temperate Northern 
Hemisphere, except for the Oniscigastridae, Nesameletidae, 
Rallidentidae, and Ameletopsidae, which are confined to 
New Zealand, Australia, and southern South America. We 
can hypothesize that this lineage was already present on the 
Pangaea, and radiated later on in Laurasia (Northern 
Hemisphere continent). Gondwanian representatives 
(Southern Hemisphere continent) expanded over the 


transantarctic land bridge and were confined to cool habitats. 
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The weak dispersal power of mayflies also results in a high 
percentage of endemism. Many species colonizing cool 
running waters in the European Alps are found nowhere else, 
but have related species in the Pyrenees or the Carpathians. On 
some islands, such as Madagascar and New Caledonia, 
endemism in mayflies reaches 100%. In contrast, many species 
that are effective dispersers may have very wide distributions. 

Worldwide, two families, the Leptophlebiidae and the 
Baetidae, are especially important both in terms of abundance 
and diversity, representing half of the known species. In contrast, 
the Siphlaenigmatidae (New Zealand) and Dipteromimidae 
(Japan) encompass only one species apiece. 

The distribution and abundance of mayflies has received 
considerable attention. Within the basic zoogeographical limi- 
tations, abiotic factors, notably temperature, substratum, water 
quality, and, in running water, current speed, seem to be the 
most important. Other factors, such as ice, floods, drought, 
food, and competition, may also influence abundance and 
distribution. Generally, the number of mayfly species decreases 
with increasing altitude. 

Many lotic mayflies are either dorsoventrally flattened or 
streamlined as an adaptation to life in swift current. The physi- 
cal substratum also traps different amounts of detritus and silt, 
and this is a major factor influencing microdistribution. The 
richest mayfly community is often found in association with 
aquatic vegetation, which, as well as providing shelter, functions as 
a detrital trap and as a substratum for periphyton. For burrowing 
mayflies, the presence of the correct substratum is obviously a 
major determinant of both macro- and microdistribution. In 
lakes, the highest mayfly diversity occurs in the shallow littoral 
areas. At deeper levels, the mayfly fauna, although often reaching 
high densities, is usually poor in species. Mayflies are generally 
absent from the profundal (the deep waters where light does 
not penetrate) of lakes. Many mayflies can tolerate a wide range 
of salinities, and a few species within the Baetidae, Caenidae, 
and Leptophlebiidae occur in brackish water. 

Mayflies constitute a major part of the macroinvertebrate 
biomass and production in freshwater habitats. Seasonal varia- 
tion in density, biomass, and annual production are strongly 
influenced by life cycle parameters, indicating the importance 
of correct life cycle information in production studies. Most 
mayfly production values, expressed in terms of dry weight 
per square meter per year, are in the range of 0.1 to 10.0 g. 


HUMAN INFLUENCE 


Humans increasingly affect the distribution and abundance 
of mayflies and, by virtue of their widespread occurrence and 
importance in aquatic food webs and particularly in fish 
production, mayflies have been widely used as indicators of 
water quality. Mayflies often occur in habitats of a particular 
trophic status, and increased eutrophication due to human 
activities can lead to the reduction or even extinction of certain 
species. Baetis species are often among the most tolerant of 
mayflies to pollution. In North America, the use of mayflies 
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as indicators of water quality has not escaped attention. The 
mass emergence of burrowing mayflies from Lake Erie and 
the Mississippi River has provided a useful barometer of 
water quality. Organic and nutrient enrichment of Lake Erie 
in the 1940s and 1950s led to an increase in the intensity and 
frequency of mass emergence of Hexagenia until 1953, when 
prolonged periods of oxygen depletion in the hypolimnion 
(the lower layer of cold water in lakes that stratify) caused the 
population to crash to virtual extinction. However, improve- 
ment of water quality has now led to a resurgence of emerging 
swarms. Mayflies, particularly Hexagenia, have been used in 
numerous bioassays for various pollutants. Pesticides also affect 
nontarget organisms such as mayflies, and Canadian studies 
in connection with blackfly control have demonstrated cata- 
strophic drift and reduced biomass in mayfly populations over 
long distances in rivers treated with methoxychlor. Although 
most mayflies are adversely affected by petroleum products, a 
few species may show small increases owing to the extensive 
algal growth that often occurs on oiled substrates. 

Acidification of fresh waters is a major threat to mayfly 
communities. Many mayflies are affected adversely by low 
pH, and emergence is a particularly critical period. The 
genus Baetis seems to be particularly sensitive and is often 
replaced by less sensitive Leptophlebia and Siphlonurus. 

River and lake regulation (e.g., by impoundment in 
reservoirs) for water supply and power can have profound 
effects on the mayfly community, especially when there is a 
hypolimnion drain. For example, an increase in winter 
temperatures and a fall in summer temperatures may remove 
obligatory life cycle thresholds, leading to extinction. 
Fecundity may also be influenced by changes in water 
temperature. In reservoirs themselves, lentic (still water) 
conditions and increased water level fluctuations usually 
produce a reduced mayfly fauna, although there may be an 
increase in the abundance of burrowing and silt-dwelling 
species. The flooding of new areas can also create new habitats 
for mayflies, and in many of the large African reservoirs the 
mayfly Povilla adusta has developed large populations, which 
burrow into the submerged trees and play an important role 
in tree breakdown. It has recently been demonstrated that 
ovipositing mayflies are deceived by asphalt roads because the 
strongly polarized light reflected from the surface mimics a 
water surface, thus representing a threat to successful 
reproduction. Climate change scenarios involve changes in 
water temperatures, which in turn will affect many of the facets 
of mayfly biology and lead to changes in mayfly communities. 
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xcretion is the elimination from the body of excess ions, 

water, and metabolic wastes. As in all organisms, excretion 
in insects serves to promote the appropriate regulation 
(homeostasis) of the intracellular environment as the key to 
organismal well-being and survival. Regulation of the 
intracellular environment depends in turn on appropriate 
regulation of the extracellular fluids. In insects, these extra- 
cellular fluids are contained in the hemolymph and in the 
interstitial fluids surrounding the cells. Excretion therefore 
refers to the processes by which wastes, as well as excess ions 
and water, are eliminated from the hemolymph. Wastes 
produced in the cells and transported into the hemolymph 
are concentrated and excreted by the excretory organs. 


STRUCTURE OF THE EXCRETORY ORGANS 


The processes of excretion in insects are carried out largely by 
the organs of the insect gut. These include the midgut, the 
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FIGURE 1 A diagrammatic representation of the insect gut. 


Malpighian tubules, and the structures in the hindgut, 
namely the ileum and rectum (Fig. 1). 


Midgut 


The midgut is a tubular epithelium. Upon ingestion, food and 
fluids move through the esophagus and pass directly into the 
midgut. Because the cells in the midgut epithelium are derived 
from embryonic endoderm, the midgut is not lined with 
cuticle. Most of the cells in the midgut are involved in the 
secretion of digestive fluids and the absorption of nutrients 
from the midgut lumen. These secretory and absorptive cells 
have apical microvilli that greatly increase the surface area 
available for inward and outward transport. In insects that feed 
periodically (such as adult mosquitoes), the microvilli shorten 
during nonfeeding periods and lengthen following ingestion. 
Many insects have additional cell types termed goblet cells that 
are thought to be involved in the secretion of fluids that modify 
the acidity and alkalinity (pH) of the luminal fluid. These 
goblet cells have been intensively investigated in Lepidoptera, 
where they serve to produce a markedly alkaline pH. 

The basal surface of the midgut cells possesses a network of 
longitudinal and circular muscles that upon contraction can 
produce peristaltic waves. These contractions serve to move the 
food along the gut and stir the midgut contents during diges- 
tion. Many insects possess globular outpocketings in the anterior 
region of the midgut, termed ceca. The cells types in the ceca 
are generally differentiated from those in the midgut proper. 


Malpighian Tubules 


The Malpighian tubules are the site of urine formation in all 
insects except the Collembola, Thysanura, and aphids. The 
Malpighian tubules are tubular epithelia that are diverticulae 
(outpocketed extensions) of the gut itself. The tubules open 
into the gut near the midgut—hindgut junction, and the 
lumina of these two tubular epithelia are continuous. The 
contents of the tubules flow into the gut lumen; the ends of 
the tubules distal to the gut are closed. Fluid is produced in 
the Malpighian tubules by secretion; and because the tubules 
are closed at the distal end, hydrostatic pressure builds up 
and fluid flows through the tubules into the gut. 

The number of Malpighian tubules is quite variable 
depending on the insect species. Bloodsucking Hemiptera 
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FIGURE 2 A schematic diagram of the Malpighian tubules of E. hians. The 
Malpighian tubules are differentiated on the left and right side. The hindgut 
is composed, from anterior to posterior, of the ileum, colon, and rectum. 
[From Herbst, D. B., and Bradley, T. J. (1989). A Malpighian tubule lime 
gland in an insect inhabiting alkaline salt lakes. 7. Exp. Biol. 145, 63-78.] 


(e.g., Rhodnius prolixus) and higher Diptera (e.g., Drosophila 
melanogaster) have as few as four tubules, whereas the desert 
locust (Schistocerca gregaria) has hundreds. Attached to the 
Malpighian tubules of many insects are longitudinal muscles. 
When these muscles contract, the tubules are waved about in 
the hemolymph, presumably for the purpose of stirring the 
fluid adjacent to the tubules and promoting fluid and solute 
transport. These tubules may also serve the more general 
function of promoting hemolymph circulation throughout 
the abdomen. 

The Malpighian tubules of all species examined to date con- 
tain more than one cell type. In some cases, a single epithelial 
region contains two or more cell types (regions with heterol- 
ogous cell types) reflecting, presumably, separate physiological 
roles for each cell type. In other species, the tubules are 
divided into distinct regions, each consisting of a single cell 
type (regions with homologous cell types). In these insects, 
each tubule region has a distinct function in transport. Finally, 
in many insects, the tubules show regional specialization as 
well as multiple cell types within a region. It is presumed that 
each cell type in these tubules performs a distinct function. 

As an example of cell type heterogeneity, consider the 
Malpighian tubules of the larvae of the brine fly, Ephydra 
hians (Fig. 2). The tubules in this insect are differentiated on 
each side of the body, as well as along their length. On one 
side of the body is a pair of tubules called the lime gland 
tubules. The distal ends of these are secretory and contain 
two regions that can be differentiated on the basis of cell 
color: one white, one yellow. More proximal to the gut are 
expanded regions of the tubules that serve to store concentric 
concretions in the tubule lumen. Finally, two of these cells 
combine in a common ureter that empties into the gut. On 
the opposite side, the tubules have only the yellow and white 
regions of the tubules, with no storage section. This example 
illustrates the variety of cell types that can exist in a single 
tubule. The details of transport function in these and other 
highly complex tubules have not been fully elucidated. 
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FIGURE 3 Model of the transport processes occurring in the Malpighian 
tubules of adult mosquitoes, based on the work of Klaus Beyenbach using 
the species A. aegypti. Upon stimulation with mosquito natriuretic peptide 
(MNP), rates of transepithelial fluid secretion increase from an unstimulated 
rate of 0.4 nl min”! to 2.8 nl min”. In parallel, Na* concentrations in the 
secreted fluid rise, and K* concentrations fall. Electrophysiological studies 
reveal that MNP, working via cyclic AMP, induces an increase in basolateral 
membrane Na* conductance, presumably through the actions of Na* channels 
in the basolateral membrane of principal cells. The hyperpolarization of the 
transepithelial voltage and the decrease in transepithelial resistance are 
consistent with the activation of Na* channels in the basolateral membrane 
of principal cells. (Figure and legend provided by Klaus Beyenbach.) 


In most Malpighian tubules, formation of the primary urine 
occurs in a cell type often referred to as the primary cell (Fig. 3). 
This cell type has extensive apical microvilli, often containing 
a central core of microfilaments. Frequently, these microvilli 
contain fingerlike extensions of the mitochondria and even of 
the endoplasmic reticulum. The basal surface of the cells exhibits 
deep infolds, often again closely associated with mitochon- 
dria by means of structures termed scalariform junctions. 
The intercellular spaces are occupied apically by septate or 
continuous junctions. More basally, the intercellular space 
contains gap junctions or undifferentiated basolateral mem- 
branes indistinguishable from the basal membrane infolds. 

Numerous other cell types occur in the Malpighian tubules. 
It is presumed that each histologically distinguishable cell 
type performs a unique function within the tubules. In 
addition, distinct functions have been found in some cell 
types in the absence of histological or ultrastructural 
differentiation. A common cell type in Malpighian tubules is 
the stellate or secondary cell. This cell type possesses smaller 
microvilli than the primary cells, and these microvilli contain 
no mitochondria. As described later in the section on function, 
the secondary cells may be involved in modification of the 
primary urine produced by the primary cells. 


Tleum 


Posterior to the midgut, most insects possess a segment of gut 
referred to as the ileum. Because this region is part of the 
hindgut, it is covered on the apical surface by cuticle. The 


cells often show deep apical and basal membrane infoldings 
reflecting the role of these cells in fluid and solute transport. 
The basal surface of the cells is covered by layers of longitu- 
dinal and circular muscle that serve to generate peristaltic 
movements of the gut. These muscular contractions move 
the gut contents through the gut and may also serve an 
important role in reducing unstirred layers adjacent to both 
the apical and basal membranes of the epithelium. 
Historically, the Malpighian tubules and rectum have 
been assumed to carry out most of the fluid transport in the 
posterior regions of the gut. The ileal epithelium is smaller in 
diameter, with less highly developed apical and basal mem- 
brane infolds, and a lower mitochondrial density than is 
observed in rectum. Nonetheless, when the transport prop- 
erties of the ileum are investigated, this region of the gut is 
always found to be carrying out important transport functions. 


Rectum 


All insects possess an enlarged chamber called the rectum near 
the posterior end of the gut. The structure of the rectum can 
vary substantially from species to species. The rectal lumen is 
covered by a thick cuticle. Posterior to the rectum, insects 
possess an anal canal through which the feces and urine are 
eliminated. The strong bands of muscle surrounding the 
rectum contract during defecation, expelling the feces and 
urine into the external environment through the anus. 

The recta of terrestrial insects are large and very active 
organs. Regions within the rectum are highly differentiated 
and contain cells with deep membrane folds. If (as in many 
orthopterans and lepidopterans) these cells are contained in 
thickened ridges that extend into the rectal lumen, they are 
referred to as rectal pads. If (as in many adult Diptera) the 
cells extend into the lumen as fingerlike structures, often on 
a thin stalk, they are referred to as rectal papillae. The rectal 
pads and the papillae are the major sites of fluid resorption 
and urine concentration. The cells in the rectal pads have a 
complicated array of intercellular junctions associated with 
the active sites of ion secretion and resorption. The evolution 
of a rectal structure permitting the formation of a urine 
hyperosmotic to the hemolymph was, along with the 
evolution of a waxy cuticle, a major adaptive event 
permitting insects to invade drier terrestrial habitats. 

Both rectal pads and rectal papillae are covered with thick 
cuticle to protect the underlying epithelial cells from abrasion 
by the fecal material. Between the rectal pads, the rectum of 
terrestrial insects possesses a thin, cuticle-lined epithelium that, 
upon unfolding and stretching, permits rectal swelling during 
feces and fluid accumulation. In E. Aians, the rectum is merely 
a thin, distensible epithelium that expands upon filling with 
feces prior to defecation. In this insect, the task of modifying 
the urine is carried out by the colon, which lies just anterior 
to the rectum. The presence of a rectum without transport 
capabilities is very unusual. In most insects the rectum is the 
major organ responsible for osmotic regulation of the urine. 


Excretion outside the Gut 


Storage excretion of concentric concretions containing 
calcium salts of urate and carbonate occurs in the fat body 
cells of most insects. Some insects contain nephrocytes, cells 
in the head that also store wastes and toxic elements. Finally, 
in collembolans and thysanurans, cephalic nephridial glands, 
sometimes termed labial glands, are responsible for excretory 
function, including the excretion of nitrogenous waste. 


FUNCTION OF THE EXCRETORY ORGANS 
Midgut 


TRANSPORT The primary function of the midgut in 
insects is the digestion and uptake of ingested nutritive 
materials. There are two processes that occur in the midgut 
and contribute to excretion: pH regulation and storage 
excretion. The midguts of many insects secrete fluids that 
contribute to extreme alkalinity or acidity in the gut. In 
Lepidoptera, for example, the midgut epithelium consists of 
goblet and columnar epithelial cells. The goblet cells are 
responsible for transporting ions and creating a highly 
alkaline solution in the midgut lumen. The columnar cells 
contribute to digestion of the food and uptake of ions. 

The apical membrane of the goblet cell contains hydrogen 
pumps (H*-ATPases) that use adenosine triphosphate (ATP) 
as their source of energy. These pumps transport hydrogen 
ions into the cuplike apical crypt of the goblet cell. The 
resulting electrical and pH gradient is used in an exchange 
process (antiporter) to exchange potassium ions for the 
hydrogen ion. Potassium ions associated with hydroxyl ions 
remain in the lumen following the hydrogen/potassium 
exchange process. These ions diffuse from the goblet cavity 
into the midgut lumen, with the result that the potassium 
hydroxide (KOH) causes the lumen to be very alkaline. The 
high potassium concentration in the lumen is, in turn, used 
as an energy source for the uptake of amino acids from the 
digested foodstuffs. This uptake occurs by means of 
transporters (symporters) in the apical cell membranes of the 
columnar cells that use the potassium gradient to cotransport 
potassium ions and amino acids from the lumen into the cell 
interior. 

Various functions have been proposed for the highly 
alkaline pH in the midgut of Lepidoptera. Clearly, such an 
extreme pH would serve to kill pathogens and to saponify 
lipids in the ingested food material. It has also been proposed 
that this pH serves to reduce the solubility and activity of 
tannic acids in the food of Lepidoptera, protecting herbiv- 
orous larvae from the high concentrations of these toxic 
compounds found in the leaves of many plants. 

In other insects, for example, mosquito larvae, low-pH 
(acid) conditions are observed in the midgut. The precise 
mechanisms by which this pH is produced and maintained 
remain to be elucidated, but there is evidence in mosquitoes 
that the midgut epithelium is also energized by the H* -ATPase. 
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STORAGE EXCRETION IN THE MIDGUT The columnar 
midgut cells of insects often contain concentric mineralized 
concretions. The major cation in these concretions has been 
shown to be calcium. The anion can be quite variable and has 
been found to be largely urate or carbonate, depending on 
the cell type in which the concretions are located. In the 
midgut, the concretions have also been shown to play a role 
in the storage excretion of toxic cations such as copper, zinc, 
iron, and selenium. Each of these elements is toxic in high 
concentrations but plays a critical role in metabolism in trace 
amounts. The concretions may therefore play both a 
protective and a homeostatic role in insects by regulating the 
free concentration of these ions and metals in the body. They 
reduce toxic concentrations and serve as a reservoir for these 
elements, which can be used for physiological purposes when 
required. Storage excretion in the form of concentric 
concretions also occurs in the Malpighian tubules. 


Malpighian Tubules 


TRANSPORT The production of urine in insects occurs 
by the active transport of ions across the epithelium from 
hemolymph to tubule lumen. This process generates an 
osmotic concentration that drives the movement of water 
across the epithelium as well. Generally, Malpighian tubules 
have a high permeability coefficient for water (a low osmotic 
resistance), and as a result water moves rapidly across the 
response 
concentration gradients. These concentration differences 


epithelium in to relatively low osmotic 
across the epithelium are indeed so low that they have been 
difficult to measure. Recent experimental results have led to 
a general consensus, however, that an osmotic gradient of a 
few milliosmoles is sufficient to account for the observed 
rates of water movement across Malpighian tubules. 

Let us consider first the active transport of ions across the 
epithelium, and then the passive movement of water that 
follows. In insects, potassium is the predominant cation 
transported across the epithelium of the Malpighian tubules. 
Insects evolved as a distinct clade on land, feeding on plants 
and detritus. It may be that their dependence on potassium 
as the major cation used for fluid transport evolved at this 
time as well. Certainly, animals of marine origin, such as the 
vertebrates and crustaceans, rely on sodium as the principal 
cation for driving fluid movements. 

In the cell interior, the Malpighian tubule cells have a 
negative electrical charge relative to the hemolymph. This 
electrical potential facilitates the entry of potassium into the 
cells. Thermodynamically speaking, therefore, the most ener- 
getically costly transmembrane movement for potassium in 
the epithelium occurs as this cation crosses the apical mem- 
brane. The process by which this occurs has been very difficult 
to unravel, but in recent years it has been demonstrated that 
a very active hydrogen ATPase, related to vacuolar H*-ATPase 
found widely in eukaryotic cells, is located on the apical 
membrane of Malpighian tubule cells. This transporter 
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moves hydrogen ions from the cell interior into the tubule 
lumen, thereby setting up a large electrochemical gradient for 
hydrogen ions. Depending on the circumstances, this elec- 
trochemical gradient can be predominantly expressed as a pH 
gradient or as an electrical gradient. In either circumstance, 
this electrochemical gradient is thought to serve as an energy 
reservoir that can be subsequently used for a variety of 
coupled transport processes. 

For example, if the energy contained in the hydrogen ion 
gradient is used in an antiporter (a transporter that couples ion 
movement in one direction to ion movement in the opposite 
direction) that exchanges hydrogen for potassium at the apical 
membrane, the result of hydrogen transport with subsequent 
hydrogen exchange for potassium is a net active transport of 
potassium. Potassium is moved against its electrochemical 
gradient by the antiporter, using the energy contained in the 
transmembrane hydrogen ion gradient. In some Malpighian 
tubules, similar mechanisms may exist for the coupled transport 
of other cations, (e.g., sodium, calcium, or magnesium). In 
bloodsucking insects such as adult mosquitoes and the 
reduviid R. prolixus, the plasma portion of the blood meal 
also provides the insect with a substantial intake of sodium. 
Any amount of sodium that exceeds the physiological needs 
of the insect must be excreted. In these insects, a substantial 
active transport of sodium occurs accords the Malpighian 
tubules. This process is thought to be driven across the apical 
membrane by a hydrogen—sodium exchange mechanism. 

Cation transport across the epithelium also requires a process 
for entry of the ions into the cytoplasm from the hemolymph. 
In most insects, the basal membrane contains an enzyme (Na*- 
K* ATPase) that uses the energy in ATP to transport sodium 
actively out of the cell and potassium actively in. As a result, the 
cytoplasm is greatly enriched in potassium. The passive outward 
diffusion of this ion through barium-sensitive channels produces 
an electrical potential across the basal membrane, the inside of 
which is negatively charged. This potential can be used for a 
variety of transport functions; one that seems to be almost 
universally present in Malpighian tubules is the bumetanide- 
sensitive Na*/K*/2CI, cotransporter. This transporter uses the 
energy contained in the sodium gradient to move one sodium, 
one potassium, and two chloride ions simultaneously from the 
hemolymph into the cytoplasm. This process serves to provide 
chloride to the cell interior, as well as sodium in the cell types to 
which sodium is moved transepithelially. 

The movement of anions across the epithelium involves 
one or more of three distinct transport pathways, depending 
on the characteristics of the tubules. In the first, chloride is 
thought to move across the same cells as those in which the 
cations are transported. As mentioned earlier, the interior of 
the cells is electrically negative relative to the cell exterior. 
The movement of chloride into the cell is therefore a 
thermodynamically active process. As already discussed, it 
may be driven by the sodium electrochemical gradient in a 
cotransport process. In other insect species in which the 
Malpighian tubule cells in a single region of the tubule are 


differentiated into two or more cell types, chloride ions have 
been shown to enter the lumen via a cell type distinct from 
that involved in active cation transport. For example, in D. 
melanogaster, the fluid-transporting segment of the tubules 
contains both primary and stellate cells. The former cells are 
the sites of active potassium transport, the latter the site of 
chloride flux from the hemolymph to the tubule lumen. 
Although this movement of chloride into the tubule lumen is 
thermodynamically downhill, the precise mechanism of 
chloride transport is presently unknown. 

A third process has been described in the Malpighian 
tubules of adult mosquitoes. Although these insects also 
possess primary and stellate cells in the Malpighian tubules, 
it has been proposed that chloride moves into the lumen of 
the tubules via the intercellular junctions. In fact, this process 
has been shown to be under hormonal control. The 
movements of chloride into the Malpighian tubules may 
therefore be quite variable depending on cell types. The 
movements of anions are much less well characterized at this 
time, with regard to the molecules that drive the process, 
than are the movements of cations. A model of ion transport 
at both the apical and basal membrane of the Malpighian 
tubules of adult mosquitoes is shown in Fig. 3. 

Regardless of the mechanisms by which cations and 
anions enter the Malpighian tubules, it is clear that the types 
of ions transported can vary greatly with the species of insect 
and will depend on an individual’s physiological needs and 
demands. Thus since blood-sucking insects ingest a large 
amount of sodium compared with other insects, the 
Malpighian tubules of bloodsuckers contain specific 
mechanisms designed to reduce the large sodium load. 
Species of mosquitoes whose larvae can survive in salt water 
must ingest the medium and eliminate the ions as means of 
obtaining water. Those species that have been investigated 
can excrete magnesium and sulfate via the Malpighian 
tubules. The larvae of brine flies (ephydrids) generate crystals 
in the lumina of the tubules that are rich in calcium and 
carbonate. Both these ions must be transported across the 
epithelium, although the combination forms insoluble 
crystals that reduce the activity of these ions in the lumen. 

The Malpighian tubules of insects are also the site of 
excretion of the waste products of energy and nitrogen 
metabolism. Acid by-products of energy metabolism have 
been shown to be actively transported into the lumen from 
the hemolymph. The precise molecular mechanisms of the 
process remain unclear, but the process is of paramount 
importance for the insects in maintaining acid/base balance 
and energy homeostasis. The by-products of nitrogen 
metabolism are also excreted by the Malpighian tubules. 

In aquatic insects, ammonia may be excreted, but in most 
insects and certainly in terrestrial forms, urea and uric acid 
predominate. Both these compounds are actively removed 
from the hemolymph by the Malpighian tubules. The 
transport of uric acid has been investigated in R. prolixus, in 
which the blood meal provides a very protein-rich meal 


requiring intense capacity for the elimination of nitrogenous 
waste. In Rhodnius, the primary urine is produced in the 
most upstream portions of the Malpighian tubules, the upper 
tubule. This urine is modified in the downstream section (the 
lower tubule) through the resorption of potassium and 
chloride. This process serves to return potassium to the 
hemolymph, and to remove waste from the hemolymph, 
through the retrieval of an isosmotic fluid. Thus hemolymph 
volume is retained and the sodium in the urine is 
concentrated. In addition, uric acid is transported in the 
lower tubule from hemolymph to urine. Potassium urate is 
fairly insoluble, particularly at neutral to acid pH. As a result, 
crystals of uric acid form in the urine. This process further 
removes osmotically active compounds from the urine, 
allowing the additional movement of water from the urine to 
the hemolymph by osmosis. 


CONCENTRIC CONCRETIONS IN THE MALPIGHIAN 
TUBULES Concentric concretions occur in the midgut, 
where they are thought to contribute to excretion by storage 
in an insoluble form of salts containing calcium, magnesium, 
copper, Identical 
concretions are found intracellularly in the Malpighian 


manganese, cadmium, and zinc. 
tubules. These concretions are thought to perform an 
identical function, namely storage of ions in an insoluble 
form either for subsequent use or as a means of removing the 
ions from the body. In the Malpighian tubules, however, 
these concretions also appear in the tubule lumen, a location 
from which they can move into the gut and be eliminated 
with the excrement. It has been suggested by many authors 
that the intracellular concretions in the cells of the 
Malpighian tubules can be transported by exocytosis into the 
lumen of the tubules. Although there are occasionally 
physiological conditions in which the concretions disappear 
from the cells and appear in the lumen, it has not been 
unambiguously demonstrated that the crystals move from 
one location to the other intact. Instead, it is likely that the 
crystals are dissolved within the cells of the Malpighian 
tubules, that the soluble ions are transported into the lumen, 
and that the crystals are formed anew in the tubule lumen. 
Crystals are formed in some tubule segments (e.g., in the 
lower tubule of R. profixus) where no crystals exist in the cells. 

The crystals in the midgut, fat body, and Malpighian 
tubules are concentric and perfectly round. This is in marked 
contrast to the natural structure of the crystals formed by the 
same salts in solution. Uric acid crystals, for example, have 
sharp corners and sometimes take a needlelike form. It is 
thought that the concentric concretions avoid acicularity 
through the activity of organic compounds that are known to 
be a substantial component of the concretions. The com- 
pounds are thought to nucleate and direct crystal formation, 
leading to the formation of round concretions. This spherical 
shape is less damaging to the cells of the tubules and can be 
excreted from the tubules and gut with little tissue damage. 
Ultrastructurally identical concretions are observed in the 
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urine of birds, which is rich in uric acid. It has been proposed 
that organic compounds are excreted into the tubule lumen, 
where they nucleate and guide the formation of the con- 
cretions. The ions contained in the concretions can vary 
greatly, ranging from potassium urate in some tissues to cal- 
cium carbonate in others. Even though such crystals should 
be quite distinct in shape, the concretions produced by the 
insects all have the same distinct concentric, spherical shape. 
This set of properties argues that the organic compounds 
have a profound effect on crystal form and formation. 


Tleum 


The principal function of the ileum is to act as a tubular 
epithelium that serves to transport to the rectum the undi- 
gested remains of the food from the midgut and fluid from 
the Malpighian tubules. This transport occurs by peristaltic 
movements of the circular and longitudinal muscles surround- 
ing the ileum. The ileum also engages in important transep- 
ithelial transport functions. This has been investigated in 
considerable detail in the locust Schistocerca gregaria. In this 
species, potassium and chloride ions are transported from the 
lumen of the ileum into the hemolymph. This transport is 
iso-osmotic. It therefore does not contribute directly to 
osmotic regulation but serves instead to reduce the volume of 
the urine and to retain valuable ions and water in the 
hemolymph. This transport is under hormonal control, pre- 
sumably to allow the insect to modulate the return of water 
to the hemolymph depending on whether osmotic condition 
of the animal dictates a diuretic or an antidiuretic response. 

In some insects, an additional segment of the hindgut 
exists, which is termed the colon. Although this segment is 
hard to distinguish with the unaided eye, it is functionally 
and histologically distinct from the ileum. In larvae of E. 
hians, for example, an ileal segment occurs near the midgut, 
while a colonic segment of the hindgut lies between the 
ileum and the rectum. It has been shown that active ion 
transport occurs in the colon. The colon has a relatively low 
osmotic permeability, thus allowing the secretion in this 
segment of a fluid that is strongly hyperosmotic to the 
hemolymph. Production of hyperosmotic excreta is crucial 
for the osmotic regulation in this species because the insects 
live in the waters of a saline lake, the osmotic concentration 
of which is six times more concentrated than the hemolymph. 
The ions transported in the colon include sodium, chloride, 
and sulfate. Sulfate ions are large in comparison to other 
transported ions; therefore the transport of sulfate through 
an epithelium capable of maintaining a substantial osmotic 
gradient is unusual. The larvae of the blowfly, Sarcophaga 
bullata, have also been shown to engage in active transport in 
the colon. In this species, the colon is a major site for the 
excretion of nitrogenous waste in the form of ammonium 
ion. Because these larvae feed in rotting flesh, the active 
transport of ammonium is a critical adaptive feature in the 
physiology of the species. 
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Rectum 


In most insects, the rectum is the most active ion-transporting 
organ on a per-gram basis. All fluids and solids deriving from 
the midgut and Malpighian tubules pass through the ileum 
and enter the rectum before being excreted. The rectum is 
therefore the last location in the gut in which the ionic and 
osmotic concentration of the excreta can be modified to meet 
the regulatory needs of the insect. 

In terrestrial animals, the requirements for osmotic 
homeostasis vacillate between the production of a dilute 
excreta (diuresis) and the production of a concentrated excreta 
(antidiuresis). Control of the rectum is therefore a critical 
element in the maintenance of osmotic homeostasis in the 
hemolymph. None of the other elements of the excretory 
system discussed thus far are capable of producing a fluid 
differing in osmotic concentration from that of the hemolymph. 

The role of the rectum in terrestrial insects has been most 
intensively studied in S. gregaria. In this insect, the cells in 
the rectal pads serve to transport a hypo-osmotic fluid from 
the lumen into the hemolymph. This serves to produce 
excreta with a very high osmotic concentration and, in the 
process, conserve water in the hemolymph. 

The process by which the locust transports a hypo-osmotic 
fluid is complicated and, unlike a functionally analogous 
process in the kidney of mammals, it requires cells of only a 
single type, the cuticle-covered rectal pad cells. In the parts of 
the rectum differentiated into rectal pads, the cells underlying 
the cuticle have deep apical infolds associated with numerous 
mitochondria. The rectal epithelium in the regions of the 
rectal pads is thick, meaning that the rectal pad cells comprise 
a tall, columnar epithelium. The intercellular junctions in 
these cells are highly convoluted and contain open spaces or 
intercellular swellings in the clefts between the cells. 

The process of fluid resorption from the lumen begins 
with the active transport of ions across the apical membrane 
(i.e., from the lumen to the intracellular compartment). Once 
in the cytoplasm, the ions are transported across the intercellular 
membrane into the enlarged spaces in the intercellular clefts. 
The compounds transported are principally potassium and 
chloride, although other compounds including acetate and 
proline are actively transported out of the lumen as well. 
These transported compounds produce a fluid with high 
osmotic concentration. It is thought that water is drawn from 
the lumen into the intercellular clefts, probably through the 
apical septate junctions. As a result, fluid accumulates in the 
intercellular clefts and in the open spaces in the intercellular 
regions. From here, the fluid flows extracellularly between 
the cells in a basal direction toward the hemolymph. It is 
thought that as this fluid flows, transporters within the lateral 
cell membranes remove ions. If these membranes have a low 
osmotic permeability, ions can move across with little water 
following. As a result, ions are removed faster than water can 
follow, resulting in a fluid that is hypo-osmotic not only to 
the lumen but also to the hemolymph. 


Under conditions in which the insect is well hydrated 
(e.g., after eating lush vegetation), the rectum removes ions 
from the rectal lumen but little water follows, presumably 
because either the site or the rate of transport in the more 
lateral and basal membranes has been modified. This 
produces a dilute urine, the excretion of which serves the 
osmotic needs of the insect. 

Aquatic insects are similarly dependent on the rectum for 
the final modification of the urine prior to excretion. In 
freshwater insects, the fluid derived from the midgut and 
Malpighian tubules is iso-osmotic to the hemolymph. 
Excretion of this fluid would lead to rapid loss of ions and 
the death of the animal. The rectum serves to transport ions 
from this primary urine back into the hemolymph. 

Transport of potassium and chloride has been 
documented for number of freshwater insects. These 
transport mechanisms are relatively easy to demonstrate 
because the fluid entering the rectum from the Malpighian 
tubules is enriched in these two ions, and the excreted urine 
leaving the rectum much depleted. 

Rectal function has also been investigated in aquatic 
insects residing in hyperosmotic media, for example, in 
saline-tolerant dipteran larvae inhabiting coastal and desert 
saline waters. In species of Aedes inhabiting these waters, the 
rectum is differentiated into two segments. The anterior rectal 
segment is identical in function to the rectum of freshwater 
species and serves to remove ions from the urine under 
conditions in which the larvae find themselves in hypo- 
osmotic media (i.e., fresh water). When the larvae hatch in 
saltwater, or when the medium becomes concentrated because 
of evaporation, the posterior rectal segment becomes active. 
This segment has a single cell type, which is characterized by 
deep apical and basal infolds associated with numerous 
mitochondria. The cells actively transport ions from the hemo- 
lymph into the rectal lumen. Because the epithelium has a low 
osmotic permeability, ions are transported faster than water 
can follow. As a result, a concentrated urine is produced by 
secretion in this segment, which has been called the salt gland. 

The ions transported in the posterior rectal segment vary 
with the environment in which the larvae occur. In seawater, 
sodium, magnesium, and chloride predominate. In bicarbonate- 
rich waters, a concentrated fluid is secreted, and the urine is rich 
in sodium and bicarbonate. The precise molecular mechanisms 
of ion transport in the rectum, as well as their neuronal or 
hormonal control, are poorly known for aquatic insects. 


See Also the Following Articles 
Digestion « Fat Body « Hemolymph « Water and Ion Balance 
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Exopterygota 


xopterygota is a division of the class Insecta in the phylum 

Arthropoda. The orders of insects in this division have 
wings that develop externally during the maturation of the 
larva (which is variously referred to as a larva, nymph, or 
naiad). There are two superorders in this division: the Orthop- 
teroidea (which includes the orders Blattodea, Dermaptera, 
Embiidina, Grylloblattodea, Isoptera, Mantodea, Mantophas- 
matodea, Orthoptera, Phasmatodea, and Plecoptera) and 
the Hemipteroidea (Hemiptera, Phthiraptera, Psocoptera, 
Thysanoptera, and Zoraptera). Except for the developed wings 
and genitalia, there is a strong morphological resemblance 
between larvae and adults (although habitats and biology 
may differ greatly). 





Exoskeleton 


Svend O. Andersen 
Copenhagen University 


he exoskeleton is noncellular material that is located on 
top of the epidermal cell layer and constitutes the 
outermost part of the integument. The local properties and 
appearance of the exoskeleton are highly variable, and nearly 
all visible features of an insect result from the exoskeleton. 
The exoskeleton serves as a barrier between the interior of the 
insect and the environment, preventing desiccation and the 
penetration of microorganisms. Muscles governing the 
insect’s movements are attached to the exoskeleton. 
Although the exoskeleton is a continuous structure, its 
mechanical properties differ from region to region. Sometimes 
the transition between regions is gradual, but often it is quite 
abrupt; pliant and elastic regions can thus border on hard 
and heavily sclerotized regions. Most exoskeletal regions of 
soft-bodied larvae, such as larvae of moths and flies, are soft 
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and pliant, and only restricted regions of their exoskeletons 
are hard and stiff, such as legs, head capsule, and mandibles. 
Most of the body surface of adult, winged insects is covered 
by a stiff exocuticle, which can be somewhat flexible and 
bendable but also serves as a hard protective armor. The 
exoskeleton covering the dorsal abdomen of many beetle 
species is thin and easily flexed, whereas the ventral abdominal 
exoskeleton of the same animals is hard and resistant. The 
mechanical properties of all exoskeletal regions are precisely 
adapted to be optimal for the lifestyle of the insect. 


FORMATION OF THE EXOSKELETON 
The exoskeleton is produced and modified by the epidermal 


cell layer, and each cell in the epidermis must have the 
necessary information for producing and depositing the right 
amount of the right cuticular components at the right time; 
some of them will later have to modify the secreted products 
to give a mature material. The timing of the various events is 
often hormonally controlled, but the quantitative 
information on how much to produce must be inherent in 
individual epidermal cells. 

A new exocuticle is produced at each molt. A thin, lipid- 
rich epicuticle is initially secreted from the epidermal cells 
and deposited beneath the old cuticle, followed by secretion 
of a thicker procuticle, consisting of chitin and proteins. To 
allow growth, the total surface area of the new cuticle is larger 
than that of the old one, and expansion and stretching of the 
new cuticle take place during and after emergence from the 
old cuticle (exuvium). Some exoskeletal regions, such as the 
head capsule, mouthparts, and spines, may be sclerotized 
before ecdysis; this will aid emergence from the old cuticle. 
These regions cannot be further expanded but will keep their 
pre-ecdysial size and shape. Other exoskeletal regions are soft 
and pliant at ecdysis and are sclerotized soon after emergence 
when cuticular expansion is complete; as soon as the 
sclerotization process has started, these regions are 
irreversibly locked in their new shape. 

Sclerotization not only makes the exoskeleton harder and 
stiffer, it also makes the proteins inextractable and more 
resistant to enzymatic digestion. Before sclerotization, the 
exoskeletal proteins are bound to each other and to chitin by 
various noncovalent links, such as electrostatic interactions, 
hydrogen bonds, and hydrophobic interactions. Such links 
can be weakened by changes in pH and ionic strength, 
making the cuticle more pliant, because displacements of the 
cuticular components will be easier. During the sclerotization 
process the proteins are linked firmly to each other, 
polymerized sclerotizing material fills the voids between 
proteins and chitin molecules, the cuticle is dehydrated, and 
deformations of the material will be more difficult. 

The sclerotization precursors, N-acetyldopamine (NADA) 
and NV-B-alanyldopamine (NBAD), are synthesized from 
tyrosine in the epidermal cells. The tyrosine molecules are 
transformed by decarboxylation and hydroxylation to 
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dopamine, which is acylated to NADA and NBAD. These 
precursors are secreted from the epidermal cells into the cutic- 
ular matrix, where they encounter enzymes (phenoloxidases), 
which oxidize them to the corresponding orthoquinones. 
Oxidases of different types (tyrosinases, laccases, peroxidases) 
have been reported and characterized from cuticle. The 
quinones produced are highly reactive; they will react sponta- 
neously with histidine and lysine residues in the matrix pro- 
teins, resulting in cross-links between neighboring proteins, 
and they will also react with each other, resulting in complex 
phenolic polymer mixtures. Depending on the precise reaction 
conditions, the exoskeleton may remain colorless, or a lighter 
or darker brown coloration may appear during sclerotization. 

The water content of the exoskeleton decreases during 
incorporation of the sclerotizing precursors into the matrix, 
probably from a decrease in the number of positively charged 
amino acid residues in the cuticular proteins, which makes 
the matrix proteins less hydrophilic. Exclusion of water from 
the intracuticular voids from accumulation of polymerized 
material also presumably contributes to dehydration of the 
exoskeletal material. Often only the exocuticular layer of the 
sclerites is sclerotized, but in some insects the sclerotization 
process continues for extended periods after ecdysis, resulting 
in sclerotization of parts of the endocuticle, although to a 
lesser extent than the exocuticle. 

Both the loss in cuticular water content and the formation 
of cross-links between proteins contribute to a stabilization 
of the exoskeletal material. The amounts of sclerotizing material 
incorporated into the various exoskeletal regions varies from 
less than 1% to more than 10% of cuticular dry weight. 
These differences are assumed to be responsible for most of 
the variation in hardness and stiffness of the various exoskeletal 
regions. Exocuticle tends to be harder and more difficult to 
deform than endocuticle, presumably because of more extensive 
sclerotization. The endocuticular layer will tend to be com- 
pressed when a piece of exoskeleton is bent, whereas the stiffer 
exocuticle will be little deformed, although it will be in tension. 


MUSCLE ATTACHMENTS 


The muscles that act on the exoskeleton are connected to the 
basal surface of the epidermal cells by means of desmosomes. 
The muscular forces are transferred through the cells by a rich 
array of microtubules, running in parallel from the basal to 
the apical surface of the cells, where they attach to tonofil- 
aments stretching into the cuticular material. The muscles 
are often attached to infoldings of the exoskeleton, the 
apodemes, which can stretch deep into the body of the insect, 
allowing larger muscles to act on the same skeletal region. 


ELASTIC EXOSKELETONS 


Some small exoskeletal regions are characterized by a 
rubberlike elasticity; they can undergo considerable 
deformation when exposed to mechanical stresses and return 


to their original shape when unstressed. The amount of 
energy used for deformation is almost completely recovered 
during relaxation. Its elasticity is the result of the matrix 
protein resilin. Resilin-containing ligaments are used for 
energy storage when a fast release of mechanical energy is 
needed: for example, in the flight system of insects and in the 
jumping systems of fleas and click beetles. Most resilin- 
containing ligaments contain chitin microfibrils, making 
them inextensible, but readily flexible, but there are some 
ligaments that consist of nearly pure resilin and are devoid of 
chitin. Such ligaments can be reversibly stretched to three to 
four times their unstrained length before breaking. The 
protein chains in resilin are cross-linked by a mechanism 
different from that used for the solid cuticle; the chains are 
linked together by covalent bonds formed between side 
chains of tyrosine residues during the secretion of soluble 
resilin from the epidermal cells. The elastic properties of the 
cross-linked material are due to the flexibility and random 
coiling of the chain segments between cross-links. 


PLASTICIZATION 


Sometimes the mechanical properties of the exoskeleton can 
be changed rapidly and reversibly. In bloodsucking bugs 
(e.g., nymphs of Rhodnius prolixus), the abdominal cuticle is 
stiff and inextensible before a blood meal. When a meal is 
initiated, the abdominal cuticle is plasticized, enabling the 
animal to gorge itself with a volume of blood 10 to 12 times 
larger than the total volume of the animal before the meal. To 
do this, stretch receptors send nerve impulses via the central 
nervous system to axons terminating in the abdominal 
epidermis. A neurohormone is released from these nerve 
endings, and the epidermal cells respond by effecting a slight 
decrease in intracuticular pH. The water content of the 
abdominal cuticle increases simultaneously, probably owing 
to the pH change, and the interactions between cuticular 
proteins decrease, resulting in increased plasticity of the 
cuticular material. 

To facilitate emergence from the old cuticle during ecdysis, 
the stretchability of the new, pharate cuticle may be tem- 
porarily increased to make it easier for the animal to escape 
from the rather stiff exuvium and facilitate expansion of the 
new cuticle after emergence. In the tobacco horn worm 
Manduca sexta, and probably in many other insects, the plas- 
ticization of the pharate adult cuticle is triggered by release of 
eclosion hormone into the hemolymph. As in Rhodnius 
nymphal abdominal cuticle, the plasticization of Manduca 
pharate cuticle at emergence is probably due to an intracu- 
ticular pH decrease in combination with increased hydration. 

Newly emerged blowflies, which must dig free of the soil 
before they can expand to their proper size, have a relatively 
stiff cuticle until they have reached the surface and can begin 
to swallow air for expansion. For a brief period, their cuticle 
is plasticized, from release of the neurohormone bursicon. 
This hormone also plays a role in initiating sclerotization and 
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Figure 4. 3GPP timeline for 5G° 


This same momentum occurred when making the transition from 3G (Release 4) to 4G (Release 10, 
first Release of IMT-Advanced): the first LTE specifications (Releases 8 & 9) do not achieve all of the 
ITU targets for 4G, and reprised many of the characteristics of the most advanced form of 3G at the 
time. 


The synergies between the successive generations, the absence in most instances of a great initial 
jump in performances between generations, and the race between competitors to outperform one 
another and be the most innovative, can often lead operators and equipment suppliers to give a 
“commercial” name to each generation of mobile telephony. For instance, in the United States AT&T 
had called its HSPA network 4G, while in France it is a 3G+ network. 


So in all likelihood the first 5G networks deployed on a large scale will be 4.9G systems, using carrier 
aggregation, massive MIMO (Multiple-Input Multiple-Output) and Network Function Virtualization, 
or NFV (cf. trials conducted in in France, detailed in Section 1.5.3). These technologies, which will be 
explored in greater detail further on, represent more of an evolution of the fourth generation than 
an actual transition to 5G, which will occur when disruptive technologies such as NR carriers in 
millimetre bands, non orthogonal multiple access (NOMA) and mobile edge computing (MEC) can be 
put into place. 


In addition to this commercial race, equipment suppliers — often backed by their respective 
government at home, notably in the United States, Japan and South Korea — want to get a head start 
in defining and testing 5G technologies, in the hope of establishing themselves as the technological 
leaders in international standardisation bodies. Here, the precocity of the first rollouts announced in 
South Korea (5G deployment for the Winter Olympics in 2018 in Pyeongchang) and Japan (5G 
deployment for the Summer Olympics in Tokyo) would justify the supposition that only a small 
portion of 5G technologies will be used, and that these rollouts will be based more on 4.9G or pre-5G 
technologies. 
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deposition of endocuticle in the blowflies and probably in 
other insects. 


VISCOELASTICITY 


Most types of cuticle are more or less viscoelastic; when 
exposed to a deforming force for extended periods, they will 
suffer a slight, time-dependent elongation, and recovery after 
release of the force may not be complete. A special type of 
highly stretchable, viscoelastic cuticle is found in the 
abdominal intersegmental membranes of sexually mature 
female locusts. This stretchability allows elongation of the 
abdomen necessary for depositing eggs in the soil at a 
sufficient depth. The membranes in both male and female 
locusts are soft and pliable, but not very stretchable, as long 
as the animals are sexually immature. When sexual 
maturation is initiated in the females by resumed production 
of juvenile hormone, the organization of the chitin 
microfibrils in the intersegmental membranes changes from 
a helicoidal arrangement to one that is perpendicular to the 
long axis of the animal; at the same time, special hydrophilic 
proteins are deposited in the membranes. The fully mature 
intersegmental membranes stretch when loaded, but recover 
only partly when the load is released. When reloaded with 
the same load as before, they elongate significantly more than 
during the first load, and by repeated application of even 
small loading forces the females can elongate the membranes 
to about 10 to 15 times their relaxed length, corresponding 
to a threefold elongation of the total abdomen. Such 
stretching enables the female locust to deposit eggs in the soil 
to a depth of 10 to 12 cm. 


METAL REINFORCEMENT 


The mandibles of plant-eating insects are often extremely 
hard and abrasion resistant because of incorporation of 
metals, such as zinc and manganese, in the cuticular matrix 
of the cutting edge of the mandibles. Up to 5% zinc has been 
registered in some mandibles. 


PROTECTIVE BARRIER 


The exoskeleton serves also as a water-impermeable barrier, 
protecting the insect against desiccation. The main part of 
the barrier is located in the wax-covered epicuticle. 

An important function for the exoskeleton is to act as a 
barrier preventing microorganisms from access to interior of 
the animal. Soft, pliant cuticles are more easily damaged and 
penetrated by microorganisms than the sclerotized regions, 
but they contain a defense system of inactive precursors of 
phenoloxidases. When the cuticle is damaged, these 
precursors are activated by limited proteolysis to active 
phenoloxidases, which will oxidize tyrosine and other 
phenols to highly reactive quinones. The reaction products 
are toxic for microorganisms, and they will close minor 
wounds in the cuticular surface. 
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COLORATION 


Often the result of various pigments present in granules in the 
epidermal cells, the colors of insects can also be due to colored 
material in the cuticle, diffraction or interference of light 
caused by special cuticular structures, or the Tyndall effect. 

A brown coloration in the cuticle develops often during 
sclerotization of the exocuticle, especially when NBAD is 
used as precursor for the sclerotization agents, whereas 
uncolored and transparent cuticles results when NADA is the 
sole sclerotization precursor. The intensity of the color varies 
from very light brown over tan to a very dark brown, which 
can be difficult to discern from the genuinely black cuticles 
that contain melanins. Melanins are formed when free 
tyrosine or dopamine is oxidized to orthoquinones, which 
readily polymerize to complex, black, intractable materials. 
Melanins either are diffusely distributed in the cuticle or 
occur in discrete, membrane-bounded granules. 

Structural colors of the cuticle from interference of light 
can be caused by regularly spaced layers in the cuticle in, for 
example, the cornea of the compound eyes in many flies. 
Light reflected from the individual layers will interfere to give 
colors varying with the angle of reflection. Structural colors 
may also be produced by diffraction of light by regularly 
spaced microscopic structures on the cuticular surface. The 
brilliant colors of many beetle species are due to such surface 
diffraction. 

Light scattered by sufficiently small particles (< 0.7 Um in 
diameter) looks blue because of the Tyndall effect, as in the 
blue colors of many dragonflies. The light-scattering particles 
may be located in the epidermal cells underlying a 
transparent cuticle, or the light may be scattered by a very 
fine bloom of wax filaments deposited on the cuticular 
surface after emergence. 


SENSE ORGANS 


Several exoskeletal structures are involved in sense perception. 
Various types of mechanoreceptor are involved in registering 
the exact position of, and deformation in, the various exoskele- 
tal regions and body parts, movements of surrounding objects, 
currents of air or water, vibrations in the substrate, and sound 
oscillations. Chemoreceptors are involved in registering and 
discerning the presence of various chemical substances; these 
receptors can be contact chemoreceptors (taste) or olfactory 
chemoreceptors (smell). Many of the sense organs take the 
form of setae (bristles, hairs, etc.), which are sensilla 
consisting of an elongated cuticular structure in connection 
with the sensory cell(s). A trichogen cell in the epidermis 
produces a more or less elongated structure, which can be 
variously shaped, often as a flexible hair, a rigid spine, or an 
arched dome. The hairs are usually connected to the 
surrounding cuticle by a joint, flexible membrane, and the 
sensory cell responds to deformations of the cutaneous 
membrane. The campaniform sensilla are rigidly connected 
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to the surrounding cuticle, and they respond to tensions in 
the dome shaped cuticle. 

The cuticle covering the elongated sensilla of olfactory 
chemoreceptors contains numerous narrow pores, allowing 
access for the airborne stimulatory molecules into the interior 
of the sensilla, where they come in contact with and 
stimulate the dendritic membrane of the sensory cell. The 
contact chemoreceptors are constructed according to the 
same principle, but they often contain a single larger pore 
through which molecules can get access to the sensory cell. 

A characteristic feature of the visual system in insects is that 
both the compound eyes and the single eyes (ocelli) are covered 
by a transparent cuticle, the lens or cornea, through which 
light reaches the light-sensitive cells. Both the corneal cuticles 
and the cuticles used for construction of the other sense organs 
are constructed according to the common cuticular plan. 


See Also the Following Articles 
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L and-grant institutions have teaching, research, and out- 
reach (service) as their missions. Cooperative extension is 
the university’s face to the state’s citizenry, just as teaching 
faculty are the university's face to students and research faculty 
are the component visible to their academic peers around the 
world. In linking the university to the public, extension ento- 
mologists translate research results into practical applications 
and convey them to end users, while simultaneously apprising 
university researchers of real-world needs. 


HISTORY OF COOPERATIVE EXTENSION 


The Smith—Lever Act created the Cooperative Extension 
Service in 1914. However, several key legislative acts 
preceded Smith—Lever and these acts were critical in leading 
to the formation of the Cooperative Extension Service. The 
Morrill Acts of 1862 and 1890 (also known as the Land- 
Grant Acts) authorized that each state be granted 30,000 
acres (12,141 ha) of public land for each senator and 
representative of the states in Congress at that time. Revenue 
generated from these lands was to be used for endowment, 
support, and maintenance of at least one college to teach 
fields of study related to agriculture and mechanical arts “to 
promote the liberal and practical education of the industrial 
classes in the several pursuits and professions in life.” 

The second Morrill Act provided funding to establish the 
1890 land-grant institutions. Under the conditions of legal 
racial separation in the South during the late 1800s, black 
students were not permitted to attend the original land-grant 
institutions. Passage of the second Morrill Act expanded the 
1862 system of land-grant universities to include historically 
black institutions. 

The Hatch Act is often likened to a sturdy bridge between 
the Morrill Acts and the Smith—Lever Act. Signed on March 
2, 1887, the Hatch Act gave this nation its network of 
agricultural experiment stations. The Hatch Act states that 
experiment stations should “conduct original and other 
research, investigations and experiments bearing directly on 
and contributing to the establishment and maintenance of a 
permanent and effective agricultural industry.” These 
experiment stations were charged with conducting research 
for effective and efficient production of food and fiber. 
Research findings from systems across the country revised 
farming methods to fit America’s diverse geography, making 
farmers more productive. 

The federal-state research partnerships funded through 
the Hatch Act supported research that addressed “hunger 
and poverty and the drudgery of subsistence agriculture 
production.” From its inception, research stations created by 
the Hatch Act were designed to meet the needs of agriculture 
in the areas in which the experiment stations were located, but 
the research generated often has far-reaching applications. In 
fact, research supported by Hatch Act funding benefits every 
person in the United States and much of the world. 


The Smith—Lever Act of 1914 created the Cooperative 
Extension Service. Senator Hoke Smith (Georgia) and 
Representative Frank Lever (South Carolina) introduced this 
act “to aid in diffusing among the people of the United States 
useful and practical information on subjects relating to 
agriculture and home economics, and to encourage 
application of the same.” This legislation created a 
partnership between the U.S. Department of Agriculture, the 
land-grant universities, and the 1890 institutions that was 
charged to provide outreach education to the citizens of each 
state. In practical terms this legislation created the ability for 
1890 


institutions to work with farm families on their farms to 


representatives of land-grant universities and 


introduce research-based advances in agriculture, home 
economics, and other fields. 

Today, this educational system includes professionals in 
each of America’s land-grant universities (in the 50 U.S. 
states, Puerto Rico, the Virgin Islands, Guam, Northern 
Marianas, American Samoa, Micronesia, and the District of 
Columbia) and in 16 1890 historically black, land-grant 
universities plus Tuskegee University. 

The Cooperative Extension Service is a partnership 
between the U.S. Department of Agriculture, the land-grant 
institutions, and the 1890 institutions. Legislation in various 
states has also enabled local governments in the nation’s 
counties to become a fourth legal partner in this educational 
endeavor. Organization of the Cooperative Extension Service 
at national, international, state, regional, and county levels is 
discussed below. 


ORGANIZATION AT THE NATIONAL LEVEL 


At the national level, the Cooperative Extension Service is an 
integral part of the Cooperative State Research, Education, 
and Extension Service (CSREES). The CSREES is a national 
research and education network that links education 
programs of the U.S. Department of Agriculture with land- 
grant institutions, with 1890 institutions, with agricultural 
experiment stations, with Cooperative Extension Services, 
with schools of forestry, and with colleges of agriculture, 
colleges of veterinary medicine, and colleges of human 
sciences. CSREES, in cooperation with all these partners, 
develops and supports research and extension programs in 
the food and agricultural sciences and related environmental 
and human sciences. Examples of some program areas in 
which CSREES and its partners are currently working 
include improving agricultural productivity; protecting 
animal and plant health; promoting human nutrition and 
health; strengthening children, youth, and families; and 
revitalizing rural American communities. 

CSREES serves as a critical connection between research 
and extension. CSREES works with extension educators on 
identifying and communicating agricultural, environmental, 
and community problems (Table I). These problems are then 
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TABLEI Extension Educational Programs within CSREES 


1. Provide model education programs on food safety; sustainable 
agriculture; water quality; children, youth, and families; health; 
environmental stewardship; and community economic development in 
all 50 states, all U.S. territories, and the District of Columbia. 

2. Represent over 9600 local extension agents working in 3150 counties. 

3. Engage 5.6 million youth in 4-H programs for personal development 
and community service. 

4, Involve 3 million trained volunteers who work with outreach education 
programs nationwide. 

5. Provide farm safety education programs in all 50 states and Puerto Rico. 

6. Provide pesticide applicator programs that train over half a million 
people each year in safe and environmentally sound pesticide use. 

7. Participate in international education programs taught by over 200 
extension professionals in 17 countries. 


relayed to researchers at the land-grant institutions and 
agricultural experiment stations. Working together, these 
partners initiate and stimulate new research that provides 
solutions to real-world problems. 


INTERNATIONAL EXTENSION ORGANIZATION 


Although some industrialized countries have attempted to 
reduce costs by delegating extension responsibilities to the 
private sector, with varying degrees of success, most 
developing countries have modeled their extension systems 
on the U.S. paradigm. Frequently, extension outreach in 
third-world nations is funded by such agencies as the U.S. 
Agency for International Development, the World Bank, and 
the United Nations’ Food and Agriculture Organization. 
These technology transfer programs typically are most 
effective when closely linked with university research 
programs, permitting rapid transmittal and adoption of 
research results. Alternatively, the outreach may be handled 
by such governmental entities as the ministry of agriculture. 


STATE, REGIONAL, AND COUNTY ORGANIZATION 


Organizational structure of the Cooperative Extension 
Services varies greatly in size from state to state. In general, 
leadership of Cooperative Extension Services within each 
state is the responsibility of the dean and/or director of the 
agricultural college of the land-grant university and/or 1890 
institution within each state. These directors provide 
leadership to an administrative staff that often includes 
associate and/or assistant deans of extension, directors of 
county operations, department heads and/or extension 
program leaders within various scientific disciplines, and 
directors of units that support programming. In states with 
numerous counties, the organizational structure often 
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includes regional administrators that serve under the 
Cooperative Extension director. 

The extension director, along with administrators within 
each scientific discipline, also oversees a faculty of extension 
specialists. These specialists serve as educational resources to 
county agents and their clientele in various subject 
matter/disciplines. Extension specialists are most often 
administratively based within their academic department and 
may be located on the main campus of the land-grant 
university, at experiment stations or, occasionally, within 
county extension offices. 

The organization of an extension office at the county level 
also varies greatly from state to state and county to county. In 
areas of the United States that have very low populations 
there are county offices with only one county extension 
agent, responsible for the administration and delivery of 
programming in all subject areas. In more populated areas, 
county extension offices often house several agents with 
program areas divided among agents. 


Cooperative Extension at the County Level 


The interface between extension entomologists on the state 
and county staff tends to follow a similar model in the 
majority of states. At the state level the positions are usually 
tied to a university academic unit and filled with a Ph.D.- 
level entomologist. These persons would either be full-time 
extension or have a partial extension appointment combined 
with other duties, including teaching and/or research. At the 
county level, job responsibilities and qualifications may vary; 
however, some common models are evident. County-level 
extension entomologists usually are termed agents, advisors, 
or educators, terms used synonymously within this article. 
Additionally, entomology positions typically fall under either 
Agriculture and Natural Resources (ANR) or 4-H and Youth 
programmatic areas. 

County agents initially were itinerant teachers hired for 
their practical farm and home experiences. Today extension 
educators are highly trained, often specialized, professionals. 
Generally extension educator positions require a master’s 
degree or a bachelor’s degree with significant related 
experience. At least one degree in a discipline related to the 
specialty area is usually required. Specialty areas may include 
entomology but could be any related field such as botany, 
plant pathology, agronomy, horticulture, general agriculture, 
soil science, or animal science. Forty-one percent of 
educators have one-half or more of their job assignments in 
agriculture. County agents with agricultural backgrounds are 
expanding their roles to serve urban/suburban clientele as 
programs such as Master Gardeners become more successful. 

County-based extension entomologists, whether ANR or 
4-H and youth based, need to be highly skilled, technically 
based professionals with excellent people, writing, and 
presentation skills; multitasking abilities; and willingness to 
work flexible hours. 


Extension Specialists 


Although extension agents are located in the counties and are 
expected to have broad expertise, extension specialists typically 
are housed on university campuses and specialize in discipline 
areas. The position of Cooperative Extension Specialist is one of 
statewide leadership toward university colleagues, agricultural 
industries, consumers, youth, policymakers, and governmental 
and other agencies. The specialist keeps campus and county 
colleagues and clientele apprised of emerging issues and 
research findings and directions, works with them to develop 
applications of research knowledge to specific problems, and 
provides educational leadership and technical information 
support for county staft/clientele. 

A Cooperative Extension Specialist is a primary liaison with 
university research units, providing leadership, facilitating 
teamwork, developing collaborative relationships with col- 
leagues, and ensuring appropriate external input into research 
and educational program planning by the Agricultural 
Experiment Station (AES) and Cooperative Extension. 
Ideally, the AES-—extension relationship is a seamless 
continuum, with extension identifying timely research 
opportunities to AES colleagues and conveying research 
results to clientele. The specialist also defines and considers 
needs of relevant clientele groups in planning, development, 
and execution of applied research and education programs. 


EXTENSION TEACHING Specialists provide leadership 
for nonformal education of end users, intermediate users, and 
the public. In addition to directing planning and coordina- 
tion of statewide extension education and information trans- 
fer programs related to areas of responsibility, specialists 
facilitate coordination of work group activities with appro- 
priate internal and external organizations. Specialists serve as 
scientific and technical resources on work groups, providing 
disciplinary input and perspective. 

Specialists’ education efforts are directed toward four main 
clientele groups—county agents, producer/professional groups, 
public/private agencies, and the general public. They educate 
and serve as teaching resources in areas of responsibility for 
extension county/area personnel via individual consultations, 
conferences, and workshops. In addition to formal teaching 
at training sessions, specialists provide one-on-one consulta- 
tion in person, electronically, and by telephone. 

Specialists prepare and evaluate educational materials, 
such as publications, newsletters, slide sets, videotapes, 
computer software, and other learning aids, to extend subject 
matter information to county staff and the public sector. 
Because county agents are the main public interface, 
specialists focus on “training the trainers,” developing county 
skills to serve clientele. In addition, specialists assist agents in 
customizing materials for their clientele and disseminate 
industry-appropriate articles through relevant channels. 

Although term-length, resident classroom instruction is 
not the norm for full-time extension specialists, they may 


participate in teaching programs (via lectures and seminars) 
of relevant campus-based courses. Doing so permits 
specialists to serve as models for students developing careers 
in extension while fostering interactions with undergraduate 
and graduate students, providing these groups a vision of the 
third function of a university. In addition, specialists train 
graduate students, serve on advisory committees, and 
participate in other graduate education activities. 


APPLIED RESEARCH AND OTHER CREATIVE WORK 
Like their AES counterparts, specialists are expected to plan, 
conduct, and publish results of applied research/creative 
activity directed toward resolution of important issues or 
problems, independently or, more commonly, in collabora- 
tion with other research and extension personnel (including 
county agents). In addition, specialists provide leadership for 
planning and coordination of applied research activities 
related to areas of responsibility with departmental and other 
researchers, encouraging interdisciplinary collaboration and 
work-group participation. 

Research and creative activity include synthesis and 
interpretation of extant knowledge, an integral aspect of the 
Smith—Lever mission. Extension fulfills its role by assisting in 
formulating policy and establishing regulatory standards and 
mechanisms, providing science-based information upon 
which policy decisions are made, and serving as the 
university’s liaison with nongovernmental organizations and 
historically underserved groups. 


PROFESSIONAL ACTIVITY Specialists participate in 
appropriate professional societies and educational organiza- 
tions and serve on state, regional, national, and international 
committees; review panels; and editorial boards. Enhanced 
professional stature accrues to the reputations of specialists’ 
home institutions in addition to reflecting positively on 


CSREES. 


UNIVERSITY AND PUBLIC SERVICE As good university 
citizens, specialists participate in activities of committees 
within the department, college, campus, and other university 
entities. Serving as liaisons, specialists respond to regulatory 
and state and federal agencies, external groups, industry 
organizations, and the media on issues related to areas of 
expertise, as well as representing the university to producer 
groups and other organizations. 

The value of Cooperative Extension is its ability to design, 
develop, and deliver educational programs that meet the 
unique needs of people as they adjust to change. The 
Smith—Lever Act specifies that the main function of 
Cooperative Extension is synthesis of existing knowledge, 
ancillary to creation of new knowledge. The complemen- 
tarity of AES and Cooperative Extension is demonstrated not 
only in that extension takes AES’s discoveries to the people 
but also in extension’s conveying the needs of the citizenry to 
AES researchers, ensuring that these issues are addressed. 
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Eyes and Vision 


Michael E. Land 
University of Sussex, Brighton 


nsect eyes are of two basic types: compound (or 

multifaceted) and simple (or single chambered). In adults, 
the principal organs of sight are nearly always compound 
eyes, although simple eyes—often quite good ones—are 
frequently present in immatures. Despite the major differences 
in their form and construction, compound and simple eyes 
perform essentially the same job of splitting up the incoming 
light according to its direction of origin (Fig. 1). Compound 
eyes are of two distinct and optically different kinds: 
apposition eyes, in which each receptor cluster has its own 
lens, and superposition eyes, in which the image at any point 
on the retina is the product of many lenses. 


APPOSITION EYES 
History of Insect Optics 


The facets of compound eyes of insects are too small to be 
resolved with the naked eye, and it required the invention of 
the microscope in the 17th century before they could be 
properly depicted. The process of working out how 
compound eyes functioned took more than 2 centuries from 
Robert Hooke’s first drawing of “The Grey Drone Fly” 
(probably a male horse fly) in his Micrographia of 1665 to 
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FIGURE 1 The three types of eye found in insects. (A) Simple, or single- 
chambered, (B) apposition compound, (C) superposition compound. The 
receptors are shown stippled. (Reproduced, with permission, from Land and 
Nilsson, 2002.) 


the essentially modern account by Sigmund Exner in 1891. 
The first person to look through the optical array of an insect 
eye was Antoni van Leeuwenhoek, and his observations 
caused a controversy that was not fully resolved until the 
1960s. The following quotation comes from a letter from 
Leeuwenhoek to the Royal Society of London, which was 


published in 1695. 


Last summer I looked at an insect’ cornea through my microscope. 
The cornea was mounted at some larger distance from the objective as 
it was usually done when observing small objects. Then I moved the 
burning flame of a candle up and down at such a distance from the 
cornea that the candle shed its light through it. What I observed by 
looking into the microscope were the inverted images of the burning 
flame: not one image, but some hundred images. As small as they were, 
I could see them all moving. 


Evidently, each facet of the eye (at least in apposition eyes) 
does produce an inverted image, even though the geometry 
of the eye as a whole dictates that the overall image is erect 
(Fig. 1). What, then, does the insect see? Do the receptors 
(typically eight) beneath each lens resolve the inverted 
images, or do they just indicate the average intensity across 
the field of view of the ommatidium? (An ommatidium is the 
“unit” of a compound eye, consisting of the lens, receptors, 
and associated structures. See Fig. 2A). 






“Receptor axons 


FIGURE 2 (A) Basic structure of an apposition eye, showing its construction 
from ommatidial elements. (B) Definitions of the interommatidial angle, 
Ag, and rhabdom acceptance angle, Ap. (Reproduced, with permission, 
from Land and Nilsson, 2002.) 


Remarkably, the answer depends on the animal. By the 
1870s histological studies had shown that in most apposition 
eyes the eight receptor cells in each ommatidium contribute 
to a single radial structure, known as a rhabdom (Greek for 
rod; Figs. 2 and 3). Much later, in the 1950s, this material 
was found to be made up of photoreceptive membrane 
covering large numbers of long narrow microvilli, but even 
by the time that Exner wrote his monograph in 1891 it was 





FIGURE 3 Optical comparison of an apposition eye (A,B) and a neural 
superposition eye (C,D). In an apposition eye each rhabdom (hatched) views 
light from a slightly different direction (arrows), and the rhabdoms (B), 
although made up from eight receptors, have a fused structure that acts as a 
single light guide. UV, B, and G indicate the receptor elements that respond 
to ultraviolet, blue, and green in an ommatidium from the eye of a worker 
bee. In neural superposition eyes, light from a single direction is imaged 
onto different rhabdomeres in adjacent ommatidia (C). The axons from all 
receptors imaging the same point collect together in the first synaptic layer 
(the lamina, Fig. 5) so that here the image has the same structure as in an 
ordinary apposition eye. The section (D) shows the arrangement of the 
separated rhabdomeres in an ommatidium from a fly. The six outer 
thabdomeres (1-6) all send axons to different adjacent laminar “cartridges” 
(as in C). The central pair (7 overlying 8) bypass the lamina and go straight 
to the next ganglion, the medulla. (Reproduced, with permission, from 
Land and Nilsson, 2002.) 


clear that the rhabdom was the structure sensitive to light. 
Optically, each ommatidium works as follows. The inverted 
image that Leeuwenhoek saw is focused onto the distal tip of 
the rhabdom. Having a slightly higher refractive index than 
its surroundings, the rhabdom behaves as a light guide, so 
that the light that enters its distal tip travels down the 
structure, trapped by total internal reflection. Any spatial 
information in the image that enters the rhabdom tip is lost, 
scrambled by the multiple reflections within the light guide, 
so that the rhabdom itself acts as a photocell that averages all 
the light that enters it. Its field of view is defined, in 
geometric terms, by the angle that the tip subtends at the 
nodal point of the corneal lens (Ap; Fig. 2B), and in a typical 
apposition eye this acceptance angle is approximately the 
same as the angle between the ommatidial axes (the interom- 
matidial angle, A@ Fig. 2B). Thus the field of view of one 
thabdom abuts (or “apposes,” hence the name) the field of its 
neighbor, producing an overall erect image made up of a 
mosaic of adjacent fields of view. 

Although the eight receptors that contribute to the 
thabdom share the same visual field, it does not mean that 
they supply the same information. The labels UV, B, and G 
on the cross section of a bee rhabdom in Fig. 3B indicate the 
regions of the spectrum that the cells respond to best. Most 
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FIGURE 4 The spectral sensitivity curves for the three human cone 
mechanisms (and rods, dotted) and the corresponding three curves for a bee. 
The spectrum shows the colors as they appear to human eyes. (Reproduced, 
with permission, from Land and Nilsson, 2002.) 
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insects have trichromatic color vision, just as humans do, 
although their visible spectrum is shifted toward shorter 
wavelengths compared with ours (Fig. 4). Some butterflies 
and dragonflies have four-color vision. 

The second feature of the bee rhabdom (Fig. 3B) is that 
the microvilli making up the structure are arranged in 
orthogonal sets. It has been known since the work of Karl 
von Frisch in the 1940s that bees can navigate using the 
pattern of polarized light in the sky. This capacity arises from 
the way the photoreceptor molecules are arranged on the 
microvilli. A geometric consequence of the cylindrical shape 
of the microvilli is that there will be twice as many light- 
sensitive chromophore groups of the rhodopsin molecules 
aligned parallel to the long axis of each microvillus than at 
right angles to it. This, in turn, means that the receptors 
respond best to light polarized parallel to this axis. In fact 
bees use a special dorsal region of the eye (the POL area) to 
analyze sky polarization; in the rest of the eye the receptors 
are twisted to abolish polarization sensitivity, so that it does 
not interfere with color vision. Polarization vision is also used 
by some insects, such as the water bug Notonecta, to detect 
water surfaces, which polarize light strongly. 

The description of apposition optics given above holds for 
most diurnal insects (e.g., bees, grasshoppers, and dragonflies), 
but it does not apply to the true (two-winged) flies, the 
Diptera. Since 1879, when Grenacher observed that the 
receptors in fly ommatidia have separate photoreceptive 
structures (rhabdomeres) that do not contribute to a common 
thabdom, there had been suspicions that flies might actually 
be resolving the Leeuwenhoek images. In the focal plane of 
the lens of a fly ommatidium, the distal tips of the 
thabdomeres are separated from each other and form a 
characteristic pattern (Fig. 3D) that resolves the image into 
seven parts (there are eight receptors, but the central pair lie 
one above the other). This raises the obvious question: how 
are these seven-pixel inverted images welded together to form 
the overall erect image, if indeed that is what occurs? Kuno 
Kirschfeld finally solved this conundrum in 1967. It turns 
out that the angle between the fields of view of adjacent 
rthabdomeres within an ommatidium (about 1.5° in a blow 
fly) is identical to the angle between neighboring ommatidial 
axes. Furthermore, the fields of each of the six peripheral 
rhabdomeres in one fly ommatidium are aligned, in the space 
around the fly, with the field of the central rhabdomere of 
one of the neighboring ommatidia (Fig 3C). Thus, each 
point in space is viewed by seven rhabdomeres in seven 
adjacent ommatidia. What does this complicated and 
seemingly redundant arrangement achieve? To answer this it 
is necessary to know what happens to the signals from the 
seven receptors that view the same point, and that turns out 
to be the most astonishing part of the story. Beneath each 
ommatidium, the emerging receptor axon bundle undergoes 
a 180° twist before the individual neurons disperse to nearby 
regions of the first optic ganglion (the lamina) that correspond 
to the adjacent ommatidia. The net result of this impressive 
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FIGURE 5 The interchange of axons that occurs between retina and lamina 
of a blow fly (Calliphora), which makes possible the neural superposition 
mechanism of Fig. 3C. 


feat of neural knitting (Fig. 5) is that all the axons that “look 
at” the same point in space finish up making connections 
with the same cells in the lamina. Thus, as far as the lamina 
is concerned, the image is exactly the same as it would be in 
a conventional apposition eye, except that the signal, in terms 
of photon captures, is seven times stronger. One advantage of 
the extra signal is that it provides flies with a short period at 
dawn and dusk when they can see well, but when the eyesight 
of their predators and competitors is less sensitive and so less 
effective at detecting small objects. 

Kirschfeld called this arrangement “neural superposition,” 
because, as in optical superposition (see later), the contribu- 
tions of a number of ommatidia are superimposed in the 
final image. One might ask: could the signal not have been 
made stronger simply by increasing the diameter of the 
thabdom in a conventional apposition eye? Indeed it could, 
but that would mean increasing the rhabdom acceptance 
angle (Ap; Fig. 2B) at the same time, which in turn would 
mean a loss of resolution for the eye as a whole. The beauty 
of the fly solution, and undoubtedly the reason why it 
evolved, is that it involves no increase in acceptance angle, 
provided the rhabdomeres are properly aligned. There are 
strong hints that something like neural superposition occurs 
in other insect groups (some beetles, earwigs, water bugs, and 
crane flies) but it is only in the advanced flies that the perfect 
nearest-neighbors arrangement is known to be achieved. 


Imaging Mechanisms 


The structures that form the images in the ommatidia of 
apposition eyes are quite varied (Fig. 6). In terrestrial insects, 
as in terrestrial vertebrates, the simplest way to produce an 
image is to make the cornea curved (Fig. 6A). Ordinary 
spherical-surface optics then apply, and an image is formed 
about four radii of curvature behind the front face. In aquatic 
insects such as the water bug Notonecta, the external surface 
of the cornea has little power because of the reduction in 
refractive index difference (Fig. 6B). It is augmented by two 
other surfaces, the rear of the lens and an unusually curved 





FIGURE 6 Four mechanisms of image formation in apposition eyes. (A) 
Corneal lens (bee, fly). (B) Multisurface lens (water bugs). (C) Lens/lens- 
cylinder afocal combination (butterflies). Details in text. (Reproduced, with 
permission, from Land and Nilsson, 2002.) 


interface in the center of the lens whose function may be to 
correct one of the defects of spherical surfaces—spherical 
aberration. 

The eyes of butterflies, which resemble ordinary apposition 
eyes in nearly all respects, have an optical system that is 
subtly different from the arrangement in Fig. 6A. Instead of 
forming an image at the rhabdom tip, as in the eye of a bee 
or locust, the image lies within the crystalline cone. The 
proximal part of the cone contains a very powerful lens 
cylinder that makes the focused light parallel again, so that it 
reaches the rhabdom as a beam that just fits the rhabdom 
(Figs. 6C, and 17). This arrangement, known as afocal appo- 
sition because there is no external focus, has much in common 
with the superposition optical system of moths, to which 
butterflies are closely related, and will be considered later. 


Resolution 


For any eye, the resolution of the image seen by the brain is 
determined by the fineness with which the ommatidial mosaic 
samples the environment, represented by the interommatidial 
angle, Ag (Fig. 2B), and by the quality of the image received 
by each rhabdom, represented by the rhabdom acceptance 
angle Ap (Fig. 2B). (Although the eight receptors that 
contribute to each rhabdom usually have different spectral 
and polarization responses, they all share a common field of 
view.) In asymmetric eyes (which most are) A@ may be 
different along different axes of the facet array, but for present 
purposes A@ is taken to be the average of the angle measured 
along each of the three axes of the array. In the central region 
of a bee eye, A@ is about 1.7°. An extensive table of values 
can be found in a recent review by Land in 1997. 

One would expect that apposition eyes would show a 
rough match between the interommatidial angle and the 
acceptance angle (Ap) of a single rhabdom, the argument 
being that no individual rhabdom can resolve detail finer 
than Ap, so there is no point spacing the directions of view 
of ommatidia closer than this angle. The acceptance angle Ap 
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FIGURE 7 (A) The acceptance angle (Ap) of an ommatidium results from a 
combination of the Airy diffraction pattern (point-spread function), given 
by A/D (right), and the geometrical angular width of the rhabdom (d/f) at 
the nodal point of the lens (left). (B) Light is trapped in a rhabdom by total 
internal reflection, which occurs when the angle the light makes with a 
normal to the wall is greater than the critical angle, given by sin Oi: = 7/72, 
the ratio of the refractive indices outside and inside the rhabdom. A typical 
thabdom can trap a cone of light about 22° wide. (C) In narrow light- 
guiding structures some of the light is actually outside the fiber, and can 
potentially be caught by adjacent fibers and so spoil resolution. 


is actually a combination of the contributions of ray and 
wave optics (Fig. 7A). Geometrically, Ap,,, is the angle 
subtended by the rhabdom tip at the nodal point of the facet 
lens, i.e., the rhabdom diameter divided by the focal length 
(d/f radians). Typical values (for a bee) are 2 Um for d and 60 
um for f which makes Ap,,, 0.033 radians, or 1.9°. In wave 
optics, the limit to image quality is set by diffraction, 
specifically by the angle subtended by the Airy disk (the 
diffraction image of a point source), and this is given by A/D 
radians. If the wavelength (A) is 0.5 [tm and the facet 
diameter (D ) is 25 um, then Apy.,. is 0.02 radians, or 1.1°. 
To obtain the final value for Ap, Ap,,y and Ap yay. have to be 
combined, and unfortunately the proper way of doing this 
(convolution, taking the wave-guide properties of the 
thabdom into account) is very complicated. A simple 
approximation is given by Ap* = Laie + AP waves This is 
adequate for most purposes but tends to overestimate Ap 
slightly. Using this approximation, Ap for the bee data is 
2.2°, somewhat larger than Aq. Typically in light-adapted 
diurnal insects the ratio of Ap to A@ is about 1:1. 

The neural superposition eyes of dipterans have an 
additional constraint, namely that the separation of the tips 
of the rhabdomeres must match the interommatidial angle. 
In a house fly, A@ is about 2°, and with an ommatidial focal 
length of 70 Um, this means that the tip separation must be 
2.4 um, which does not leave a great deal of room (Fig. 3D). 
Because narrow light guides, such as rhabdomeres, tend to be 
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“leaky,” with a substantial fraction of the light energy outside 
the guide itself (Fig. 7C), there needs to be an adequate gap 
between one rhabdomere and the next to prevent cross talk. 
In flies there is a 1-4m gap between adjacent rhabdomeres 
(Fig. 3D), which means that the rhabdomeres themselves 
must be very narrow. They have a distal tip diameter that is 
also about 1 Um, making them among the narrowest 
photoreceptors in any animal. In most other respects, 
however, neural superposition eyes are optically similar to 
other apposition eyes. 


Diffraction and Eye Size 


In a short and remarkable article titled “Insect sight and the 
defining power of compound eyes,” published in 1894, 
Henry Mallock, an optical instrument maker, described 
insect vision in these terms: “The best of the eyes... would 
give a picture about as good as if executed in rather coarse 
wool-work and viewed at a distance of a foot.” 

Why is insect vision so poor? The problem, as Mallock 
recognized for the first time, is diffraction. Compound eyes 
have very small lenses compared with the lenses of single- 
chambered eyes, and because the size of the diffraction blur 
circle (the Airy disk) is inversely proportional to aperture 
diameter, the blur circles are large and the resolution 
correspondingly poor (Fig. 7A). A 25-{1m diameter facet of a 
bee produces an Airy disc that is just over 1° wide in angular 
terms. One degree is about the size of a thumbnail at arm’s 
length, so one can imagine a bee’s world made up of pixels of 
about that size. In terms of the acuity of our own eyes (A@ 
about 0.01°), this is not very good at all. 

Maallock’s article goes on to discuss what a compound eye 
with human resolution would look like, and he came to the 
astonishing conclusion that it would need to be more than 
20 m in diameter, or bigger than a house. The reason for this 
is clear: the human eye achieves high resolution by having a 
daylight pupil diameter of 2 mm, 80 times the diameter of a 
bee lens. For a bee to have the same resolution, diffraction 
requires that all its lenses would need to have this diameter, 
and to exploit all the detail in the scene they would need to 
be spaced at 0.5 arcmin angular intervals, the same as the 
receptors in our fovea. In a spherical eye, the interommatidial 
angle (Aq) is the angle subtended by one lens diameter at the 
center of the eye (D/r radians, where r is the eye radius), 
which gives r = D/Ag. With Ag = 0.5 arcmin of arc 
(0.000145 radians; 1 radian = 57.3° and 1° = GO arcmin), 
and D = 2 mm, the radius of curvature will be 13.8 m and 
the diameter twice this. (Kirschfeld has pointed out that this 
calculation is a little unfair because resolution in the human 
eye falls off dramatically away from the fovea, to a tenth of its 
maximum value at 20° from the fovea, and even less farther 
out. Taking this into account the “human” compound eye 
can be shrunk in size considerably, to an irreducible 1 m 
diameter, which still looks very clumsy). Dragonflies seem to 
approach the limit of what it is possible with an apposition 
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eye. Their eyes are 8 mm or more in diameter, have up to 
30,000 facets each, and resolve about 0.25° in their most 
acute region. This is still poor compared with what is 
achievable by any camera-type eye of the same diameter. 

The outcome of this discussion is that it is very hard for 
an apposition eye to improve its resolution; it simply gets too 
big. Space is thus at a premium; a little extra resolution here 
must be bought by a bit less there, and for this reason the 
different visual priorities of arthropods with different 
lifestyles show up in the distribution of interommatidial 
angles, and often facet sizes, across the eye. 


Sensitivity 

The sensitivity of an eye is the ratio of the amount of light 
received by a single photoreceptor to the amount emitted by 
the surface that eye is imaging. It can be used to work out the 
numbers of photons that individual receptors receive, and 
this determines the way in which the eye will perform under 
dim light conditions. Sensitivity can be calculated from the 
formula S = 0.62 D* Ap’, where D is the lens diameter and 
Ap the rhabdom acceptance angle (Figs. 2B and 7A) (we 
ignore the effect of receptor length here). Although D is 
roughly 100 times greater in a human eye than in a bee 
ommatidium, Ap is about 100 times smaller (approximately 
0.015° compared with 1.5°), so that the value of S is very 
similar in the bee and the human. Thus, the range of 
illumination conditions over which an insect with an 
apposition eye can operate is similar to that of a mammal 
using its cone system. Mammals can also see at much lower 
intensities, by pooling the responses of rods over quite large 
retinal areas (effectively increasing Ap). It is unlikely that 
pooling occurs to any great extent in insect eyes. 

When discussing sensitivity, “adaptation” can have two 
meanings. Different eyes may be adapted in the evolutionary 
sense to work permanently under conditions of high or low 
illumination, e.g., night or day, deep sea or surface. 
Alternatively, the same eye can be said to be light- or dark- 
adapted via reversible and temporary changes in its optical 
anatomy. In both cases, the above equation is the key to 
interpreting changes and differences. 


Light and Dark Adaptation 


Temporary light and dark adaptation mechanisms take a 
number of forms in apposition eyes. Some are illustrated in 
Fig. 8 and include the following: (A) an iris mechanism just 
above the distal tip of the rhabdom that restricts the effective 
value of Ap. In the case of crane flies (Tipulidae), which have 
an arrangement of six outer and two central rhabdomeres, 
the iris cuts off the outer six in the light, leaving only the 
central pair. (B) A “longitudinal pupil” consisting of large 
numbers of very small pigment granules that move into the 
region immediately around the rhabdom in the light and 
withdraw in the dark is a second form. The main effect of 
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FIGURE 8 Three mechanisms of dark adaptation in apposition eyes of insects 
(see text). (Reproduced, with permission, from Land and Nilsson, 2002.) 


this is to absorb the wave-guided light that travels just 
outside the rhabdom. This is replaced with light within the 
thabdom, and this is absorbed in turn, so that light is 
progressively “bled” out of the rhabdom. This mechanism is 
particularly important in higher Diptera (house flies, etc.) 
and in butterflies, and it can work in a matter of seconds. (C) 
The rhabdom dimensions may themselves change, usually 
over a period of hours. This mechanism may involve the 
resynthesis of photoreceptive membrane in the dark and its 
sequestration in the light. In addition to these changes there 
are electrical and enzymatic changes in the receptors 
themselves that alter the gain of transduction and increase 
response time in the dark. 


Ecological Variations in Apposition Design 


As we have seen, the optical design of apposition eyes means 
that there is no spare room on the head surface, and what 
there is needs to be used as efficiently as possible. A survey of 
the apposition eyes of insects and crustaceans leads to the 
conclusion that there are three main patterns of acuity 
distribution that one can identify fairly easily. These are 
identified in Fig. 9, which illustrates the ecological reasons 
for these patterns (Figs. 9A-9C) and examples of the 
distributions themselves (Figs. 9D—9F). Figure 9D shows the 
pattern related to the motion across the eye encountered in 
forward locomotion, especially flight. Figure 9E has an 
“acute zone” associated with predation or sex, these zones 
sometimes developing into separate components of a double 
eye. In Fig. 9F the narrow horizontal strip of high resolution 
is associated with environments such as water surfaces and 
sand flats, where almost all important activity takes place 
around the horizon. 


THE FORWARD FLIGHT PATTERN When an animal is 
moving through the world, the objects in the world appear to 
move backward across the eye. Objects to the sides move 
faster than those in front, and there is a point in the direction 
of the animal’s travel (the “focus of expansion”) where there 
is no image motion. Objects farther away move more slowly 


1.2 5G use cases 


Three main use cases (defined by ITU, under IMT-2020), with their respective — and potentially 
mutually incompatible — demands are in the process of taking shape, and will make it possible to 
meet the sector-specific needs referred to in the introduction. 


1. mMTC — Massive Machine Type Communications: A very large number of connected devices 
with disparate quality of service requirements. The objective of this category is to provide a 
response to the exponential increase in the density of connected objects; 


2. eMBB - Enhanced Mobile Broadband: ultra high-speed connection indoors and outdoors, with 
uniform quality of service, even on the edges of a cell; 

3. uRLLC — Ultra-reliable and Low Latency Communications: this use case has stringent 
requirements for capabilities such as latency and packet-loss, to ensure increased reactivity. 
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Figure 5. 5G use cases” 


The first group (mMMTC) primarily encompasses all Internet of Things related uses. These services 
require broad coverage, lower energy consumption and relatively slow transmission speeds. What 
5G will deliver compared to existing technologies is the ability to connect objects that are spread out 
in a very dense fashion across a given area. 


Enhanced mobile broadband (eMBB) concerns all of the applications and services that require 
increasingly fast connections, for instance to watch ultra high-definition (8K) videos or to stream 
virtual or augmented reality applications wirelessly. 


” http://5g.ieee.org/standards 
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FIGURE 9 (A-C) Three situations that lead to asymmetries in the 
distribution of resolution in apposition compound eyes. (A) Flight through 
vegetation. (B) Chasing mates or prey. (C) Flight close to flat surfaces. (D-F) 
Plots of the density of ommatidial axes around the eyes of three insects, 
corresponding to the three situations in A-C. (D) Locust (forward flight 
pattern). (E) Drone bee (chasing females). (F) Water strider (hunting on 
water surface). Contours show the numbers of ommatidial axes per square 
degree of space around the animal. (Reproduced, with permission, from 
Land and Nilsson, 2002.) 


than near objects. Clearly, near objects to the side are likely 
to move so fast across the retina as to cause blurring, and if 
this is the case it would be economical to use fewer receptors 
there, as high resolution is not usable. For a bee or butterfly 
flying half a meter from foliage, the blur streak can be 
estimated to be about 2.3° long. It follows that there is little 
point in having lateral-pointing receptors closer together 
than 2 or 3°, however good the resolution at the front of the 
eye may be. This seems to be borne out in practice. In the 
butterfly Heteronympha merope, for example, the horizontal 
interommatidial angle decreases from 1.4° in front to 2.6° at 
the side. Bees, butterflies, and acridid grasshoppers are flying 
insects, and their eyes all show decreasing horizontal 
interommatidial angles from front to rear, consistent with 
these ideas. Nonflying insects, e.g., many tettigonid 
grasshoppers, have more or less spherical eyes, without this 
gradient. In all the flying groups there is another, separate 
gradient of vertical interommatidial angles; they are smallest 
around the eye’s equator and increase toward both dorsal and 
ventral poles. This results in a band around the equator with 
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FIGURE 10 Eyes in which facet size reflects local resolution. Paradoxically, 
large facets produce high resolution. (A) Syritta (syrphid male), (B) Dilophus 
(bibionid male), (C) Aeschna (dragonfly), (D) Hilara (empid fly). See text. 
(Reproduced, with permission, from Land and Nilsson, 2002.) 


enhanced vertical acuity. The most likely reason for this 
vertical gradient is that the region around the eye’s equator 
contains the highest density of information important to the 
animal, especially if it is an insect that feeds on flowers. 

The combined effects of these two gradients on the overall 
density of ommatidial axes are shown for a locust in Fig. 9D, 
in which the contours represent the number of ommatidial 
axes per square degree on the sphere surrounding the animal. 
Worker bees and female blow flies (Calliphora) show a similar 
pattern, although in male flies and drone honey bees, this 
pattern is distorted to give a more pronounced acute zone 
concerned with mate capture (also Fig. 9E). 


ACUTE ZONES CONCERNED WITH PREY CAPTURE 
AND MATING Many insects have a forward- or upward- 
pointing region of high acuity, related either to the capture of 
other insect prey or to the pursuit in flight of females by 
males (Fig. 9E). When both sexes have the specialization 
(mantids, dragonflies, robber flies), predation is the reason, 
but more commonly it is only the male that has the acute 
zone (simuliid black flies, hover flies, mayflies, drone bees), 
indicating a role in sexual pursuit. The acute zones vary 
considerably. In male house flies and blow flies, they may 
involve little more than a local increase in the acuity of the 
“forward flight” acute zone common to both sexes (see 
earlier). However, in other insects the acute zone may be ina 
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separate eye, as is the case with the dorsal eyes of male 
bibionid flies (Fig.10B). In these more extreme double eyes, 
the upward-pointing part is often specialized for detecting 
other small animals against the sky. 

Good examples of forward-directed acute zones are found 
in the praying mantids, predators in which both sexes 
ambush prey. The eyes have large, binocularly overlapping 
acute zones that are used to center potential prey before it is 
struck with the spiked forelegs. Mantids provide the only 
known example in insects in which prey distance is 
determined by binocular triangulation. The interommatidial 
angle (A@) in Tenodera australasiae varies from 0.6° in the 
acute zone center to 2.5° laterally. Facet diameters decrease 
from 50 Um in the acute zone to 35 Um peripherally, but this 
is less of a decrease than would be expected from diffraction 
considerations alone. 

In many male dipterans an acute zone associated with 
sexual pursuit is typically situated 20 to 30° above the flight 
direction. In Calliphora flies it is characterized by a low value 
for A@ of 1.07° compared with 1.28° in the female. In house 
flies and probably in other flies there are also anatomical 
differences at the receptor level that suggest that this region 
(it has been called the “love spot”) is specifically adapted for 
improved sensitivity. This is no doubt caused by the very fast 
response times required for high-speed chasing. Male flies 
also have a number of “male-specific” interneurons in the 
optic ganglia, which are undoubtedly involved in the 
organization of pursuit behavior. 

In the small hover fly Syritta pipiens the sex difference is 
particularly striking. In the male’s acute zone, A@ is about 
0.6°, nearly three times smaller than elsewhere in the eye or 
anywhere in the female eye (Fig. 10A). Drone bees have a 
similar anterodorsal acute zone, where the density of 
ommatidial axes is three to four times greater than anywhere 
in the female eye (Fig. 9E). They use this region when they 
chase the queen and can be induced to chase a dummy queen 
on a string subtending only 0.32°, much smaller than the 
ommatidial acceptance angle of 1.2°. This implies that the 
trigger for pursuit is a brief decrease of about 6% in the 
intensity received by single rhabdoms. 

Most of the animals just discussed have to detect their 
prey or mates against a background of foliage, a far from easy 
task. However, many insects have simplified the problem by 
using the sky as a background, against which any non- 
luminous object becomes a dark spot. Thus, one finds not 
only upward-pointing acute zones but also double eyes with 
one component directed skyward (Figs. 10B and 10C). For 
example, dragonflies hunt other insects on the wing and have 
acute zones with a variety of configurations. Many in fact 
have two acute zones, one forward pointing, and presumably 
concerned with forward flight as discussed above, and 
another directed dorsally and used to detect prey. The 
migratory, fast-flying aeschnids have the largest eyes and 
most impressive acute zones. Exactly 28,672 ommatidia have 
been counted in one eye of Anax junius, which has the 


smallest interommatidial angles of any insect (0.24° in the 
dorsal acute zone) and facets of corresponding size (62 Lm). 
The dorsal acute zone takes the form of a narrow band of 
high resolution extending across the upper eye along a great 
circle, 50 to 60° up from the forward direction. The axis 
density (five per square degree) is twice that in the forward 
acute zone and five times higher than in a male blow fly. 
The dorsal acute zone is easily visible as a wedge of enlarged 
facets (Fig. 10C). Presumably the great high-acuity stripe in 
Anax is used to trawl through the air, picking out insects 
against the sky much as the scan line on a radar set picks up 
aircraft. 

Simuliid flies have divided eyes and use the upper part to 
detect potential mates against the sky. They can do this at a 
distance of 0.5 m, when a female subtends an angle of only 
0.2°. As in drone bees, this is a small fraction of an 
acceptance angle. The eyes of male bibionid flies are similarly 
divided (Fig. 


interommatidial angles in the dorsal eye (1.6° compared with 


10B), with larger facets and smaller 


3.7°, in Bibio marci). The upper eyes are used exclusively for 
the detection of females; movement of stripes around the 
lower eye evokes a strong optomotor turning response (the 
almost universal visual behavior used by insects to prevent 
involuntary rotation) but the dorsal eye is quite unresponsive 
to this kind of stimulus. 


HORIZONTAL ACUTE ZONES As we have seen, many 
flying insects have a zone of increased vertical acuity around 
the horizon, no doubt reflecting the visual importance of this 
part of the surroundings. The visual field of the locust in Fig. 
9A shows this clearly. There are environments where this 
region is even more important. 

Insects that fly over water have a similarly narrow 
equatorial field of interest. Empid flies hunt close to the 
surfaces of ponds, again looking for stranded insects, and 
they have a horizontal acute zone that can be recognized by a 
linear region of enlarged facets around the eye (Fig.10D). In 
Rhamphomyia tephraea, vertical interommatidial angles are 
only 0.5° in this 15°-high region, rising to 2° above and 
below it. 

Water surfaces themselves provide a similarly constrained 
field of view, and water striders (Gerris) that hunt prey 
stranded in the surface film have a narrow acute band 
imaging this region, as shown in Fig. 9F. This has a height of 
only about 10°, centered on the horizon, and within this the 
vertical interommatidial angle in the frontal region is only 
0.55°, which is close to the diffraction limit and impressive 
in an eye with only 920 ommatidia. 


SUPERPOSITION EYES 
The Nature of Superposition Imagery 


From the outside, apposition and superposition eyes are 
almost indistinguishable. Both are convex structures with 





FIGURE 11 Section through the superposition eye of a dung beetle (Onitis 
westermanni). c, cornea; cc, crystalline cones; cz, clear zone; rh, rhabdoms. 
(Photograph by Dr. S. Caveney. Reproduced, with permission, from Land 
and Nilsson, 2002.) 


facets of similar dimensions and are clearly variants of the 
same general design. But there the resemblance ends. 
Internally, there are several crucial anatomical differences: the 
retina is a single sheet, not broken up into discrete 
ommatidial units as in apposition eyes, and it lies deep in the 
eye, typically about halfway between the center of curvature 
and the cornea. Between the retina and the optical structures 
beneath the cornea there is a zone with very little in it, the 
clear zone, across which rays are focused—the equivalent of 
the vitreous space in a camera-type eye (Fig. 11). The optical 
devices themselves are complex—in insects they are nearly 
always tiny refracting telescopes—although to a cursory 
examination most do not look very different from the lens 
structures of apposition eyes. 

The real surprise is optical. All superposition eyes produce 
a single deep-lying erect image in the vicinity of the retina. 
This distinguishes them not only from apposition eyes, 
which have multiple inverted images, but also from camera- 
type eyes in which the image is inverted. Clearly, we are 
dealing here with something quite out of the ordinary. 
Around the turn of the 20th century there were a number of 
successful attempts to photograph these images. A recent 
attempt by the author to re-create this photographic feat, in 
a firefly eye, is shown in Fig. 12 (right), in which the single 
erect image should be contrasted with the multiple inverted 





FIGURE 12 Left: Apposition-type inverted images photographed behind 


the cleaned cornea of a robber fly (Asilidae). Right: Photograph of an 
influential 19th century naturalist, taken through the superposition optics of 
the cleaned cornea of a firefly (Photuris sp.) (Reproduced, with permission, 
from Land and Nilsson, 2002.) 
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images of an eye of the apposition type (Fig. 12, left). It turns 
out that it is important to use a beetle (such as a firefly) for 
this. Other insects, in particular moths, have superposition 
eyes but there the optical structures that create the image are 
not joined to the cornea, and they are swept away when the 
eye is cleaned to make a lens for photography. In beetles, 
however, the optical elements are continuous with the cornea 
and so survive the removal of the eye’s internal structures. 
The credit for the discovery and elucidation of this 
remarkable piece of optics is due to Sigmund Exner, who 
worked on the problem throughout the 1880s and published 
his complete findings in 1891. Exner showed that the only way 
an erect image could be formed was for the optical elements 
to behave in a rather strange way, as shown in Fig. 13A. 
Basically what each has to do is not form an image from a 
parallel beam as in a conventional lens, but redirect light back 
across the element’s axis, to form another parallel beam on the 
same side of the axis (Fig. 13B). Exner realized that although 
a single lens would not do the job, a two-lens telescope 
would, and he went on to demonstrate (as well as he could 
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FIGURE 13 (A) Sigmund Exner’s diagram of ray paths in a superposition 
eye. Note that the rays are bent in a “dog-leg” path by the optical elements. 
(B) An ordinary lens (left) will not produce the ray bending at the right, as 
required in (A). (C) A two-lens telescope is needed to redirect a light beam 
back to the same side of the axis, as in (A). (D) Exner proposed a lens 
cylinder equivalent to the telescope, in which rays are bent within the 
structure by a parabolic gradient of refractive index, highest in the center. 
(Reproduced, with permission, from Land and Nilsson, 2002.) 
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with the technology of the time) that such structures were 
indeed present in the superposition eyes of insects. 


Telescopes and Lens Cylinders 


In a lens-based superposition eye, the optical elements need 
to act as simple inverting telescopes that redirect the entering 
beam of light back across the axis, as shown in Fig. 13C. The 
most straightforward way to do this is to have two lenses 
separated by the sum of their individual focal lengths, with 
an image plane between them (Fig. 13C). Exner realized that, 
given plausible refractive indices and the curvatures of the 
structures revealed by histology, there was not enough ray- 
bending power in each element of a beetle eye to make this 
possible. He came up with the idea that structures must have an 
internal refractive index gradient similar to that in the Limulus 
horseshoe crab eye. The result would be that most of the ray 
bending would occur within the tissue, rather than at its 
external surfaces. The pure form of this structure, a flat-ended 
cylinder with a radial parabolic refractive index gradient, Exner 
called a lens cylinder. He showed that, depending on its length, 
it could act as a single lens or as a pair of lenses making up 
an inverting telescope of the kind required for superposition 
optics (Fig. 13D). Although Exner did not have the means in 
his time of establishing whether beetles and moths had 
optical elements with the required refractive index gradient, 
numerous studies since the advent of interference microscopy 
have shown that his brilliant conjecture was correct. 


Resolution and Sensitivity 


The geometry of a superposition eye is shown in Fig. 14. The 
peculiarities of this type of image formation mean that the 
nodal point of the eye (the point through which rays pass 
undeviated) is at the center of curvature, and the focal length 
is the distance out from the center to the image. The 
interrhabdom angle (Aq) is s/f where s is the rhabdom 


separation, just as in a camera-type eye. As in apposition eyes, 
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FIGURE 14 Optical definitions that apply to superposition eyes. D, facet 
diameter; A, superposition aperture; A@, interreceptor angle (compare Fig. 2B); 
d, rhabdom diameter; L, rhabdom length; f, focal length. (Reproduced, with 
permission, from Land and Nilsson, 2002.) 


the rhabdom acceptance angle is a combination of the 
geometrical subtense of a rhabdom (d/f) and the width of the 
blur circle provided by the optics (Fig. 7A). 

In the past, there has been a belief that superposition eyes 
suffer from poor resolution, mainly because of the difficulty 
of conceiving how the large numbers of ray bundles 
contributing to a single point on the image could be directed 
there with sufficient accuracy. However, this reputation 
seems not to be justified, except perhaps in extreme cases. A 
careful study by Peter McIntyre and Stan Caveney on the 
eyes of dung beetles that fly at different times of the day and 
night found that in the day-flying Onitis belial about 50 
optical elements (the effective superposition aperture) 
contributed to the image at any one point, and in the 
nocturnal O. aygulus the number was close to 300. O. belial 
had a calculated rhabdom acceptance angle (Ap) of 2.2°, 
which is comparable with values from many apposition eyes, 
and in O. aygulus Ap was somewhat larger, 3.0°, which is still 
quite impressive for an eye with such a huge aperture. These 
modeling studies have since been confirmed by 
electrophysiological recordings from single receptors. In the 
Australian day-flying moth Phalanoides tristifica, the image 
quality has been measured directly with an ophthalmoscopic 
method that uses the eye’s own optics to view the retina and 
images on it. The result was that Ap, the acceptance angle of 
a rhabdom when viewing a point in space, was 1.58°, of 
which optical blur contributed only 1.28°. This is itself only 
slightly larger than the half-width of the Airy diffraction 
image from a single facet. Thus, a superposition eye in which 
140 elements contribute to a point image has optics that are 
almost as good as is physically possible. (Although the 
superposition pupil is many times wider than an individual 
facet, it does not behave for diffraction purposes as a single 
large lens, and the Airy disk diameter depends on the 
diameter of single facets, just as in apposition eyes.) 

Size for size, superposition eyes are more sensitive than 
apposition eyes, which is why they are most commonly 
encountered in animals such as moths and fireflies that are 
active at night. For an apposition eye and a superposition eye 
of the same size and the same resolution, the sensitivity of the 
superposition eye (with an aperture 10 facets wide) is 100 
times that of the apposition eye, meaning that it will work 
just as well at light levels 100 times lower. 


Eye Glow and the Superposition Pupil 


Most moths have a reflecting layer (tapetum) behind the 
thabdoms. Its function is the same as the tapetum in the eye 
of a cat: to double the light path through the photoreceptors 
and so to improve their photon catch. In some diurnal 
moths, a reflector also surrounds each rhabdom, optically 
isolating it from its neighbors. In dark-adapted eyes, the 
tapetum causes the eye to glow when viewed from the same 
direction as the illuminating beam (Fig. 15). In some diurnal 
moths, such as the sphingid Macroglossum, the glow is always 





FIGURE 15 Left: Blue light reflected from the tapertum of the day-flying 
hummingbird hawk moth (Macroglossum). The bright area corresponds to 
the superposition pupil. Right: Superposition dorsal eyes of a male mayfly 


(Centroptilum). The yellow color is not from a tapetum, but results from the 
scattering of long wavelengths by screening pigment. (Photographs by Dr. 
D.-E. Nilsson. Reproduced, with permission, from Land and Nilsson, 2002.) 


visible. The mechanism is similar to that in a cat’s eye. The 
optical system forms a point image of the light source on the 
tapetum, or close to it, and this point acts as an emitter of 
light which, on passing through the optics again, emerges as 
a roughly parallel beam. 

If the optics are good, that is to say they really do bring a 
parallel beam to a point in the image, then the patch of glow 
seen at the surface of the eye will have the same diameter as the 
beam that entered the eye. This is the superposition pupil (ie., 
the amount of eye surface from which rays contribute to each 
point on the image (Fig. 15). Eye glow can also provide a use- 
ful test of image quality. If the glow can be seen only over a 
narrow angle (a few degrees) from the direction of the illumi- 
nating beam, then the retinal image must itself be very small. 
On the other hand, if the glow can be seen over a wide angle, 
this indicates either that there is a large blur circle on the retina 
or that the tapetum is situated a long way from the focus. 


Light and Dark Adaptation 


The high sensitivity of most superposition eyes means that 
they must protect their visual pigment in daylight and so 
need adaptation mechanisms that can reduce image 





FIGURE 16 Mechanism of dark and light adaptation (DA, LA) in 
superposition eyes. Screening pigment migrates inward, cutting off the outer 
rays in the image-forming bundle. (Reproduced, with permission, from 
Land and Nilsson, 2002.) 
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brightness by several orders of magnitude. The main 
mechanism of light adaptation in superposition eyes consists 
of pigment movements that result in the progressive 
interception of rays from the outer zones of the superposition 
pupil (Fig. 16). This reduction may ultimately result in light 
from only a single facet reaching a single point in the image, 
which is essentially the apposition condition. 

The eye glow (Fig. 15) provides a means of monitoring 
the process of light and dark adaptation. As oblique rays across 
the clear zone are cut off during light adaptation (Fig. 16), the 
brilliance of the glow and the size of the patch are reduced, 
often disappearing completely. In the dark, these slowly return. 
In insects with refracting superposition eyes, the main pigment 
movement is a longitudinal inward migration of granules in 
both the primary and the secondary pigment cells. In the 
dark, the granules are bunched up between the crystalline 
cones, and with the onset of light they extend inward, over a 
matter of minutes, to occupy much of the clear zone. 

Interestingly, the trigger for pigment migration in some 
moths is not provided by photoreception in the rhabdoms 
themselves. In the crepuscular sphingid moth Deilephila, a 
region immediately beneath each crystalline cone initiates 
pigment migration, when illuminated with ultraviolet light, 
and the much deeper lying rhabdoms are not involved. 
However, in the owl fly Ascalaphus, a day-flying neuropteran 
with double superposition eyes, the pigment movements can 
be triggered from both the region below the cones and the 
rhabdoms themselves. 


Single and Double Eyes 


In superposition eyes, major departures from spherical 
symmetry are rare because the geometry of the eye is 
constrained by the shared optics (the hummingbird hawk 
moth Macroglossum is an exception in this respect, with a 
visibly asymmetric eye, but excellent resolution everywhere). 
One way around this problem is the use of double eyes, in 
which each part is essentially separate from the other and has 
its own radius of curvature. Although common among crus- 
tacean groups such as mysids and euphausiids, double super- 
position eyes are uncommon among insects. As mentioned 
earlier, owl flies (Ascalaphus) have double superposition eyes. 
Male mayflies have a pair of dorsal superposition eyes, which 
they use for sighting females against the sky, in a way similar 
to that of bibionid flies (Fig. 10B). However, the lower eyes, 
present in both sexes and responsible for other visual 
activities, are of the apposition type. The field of view of the 
dorsal eye is small, and it is adjusted to the environmental 
circumstances of the species; those species swarming in woods 
with small gaps in the canopy have the narrowest fields. 


Afocal Apposition: The Eyes of Butterflies 


Butterflies and moths are classified together in the 
Lepidoptera and are undoubtedly very closely related. Most 
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butterflies [skippers (Hesperidae) are the exception] have eyes 
that behave in most respects as apposition eyes. They have 
long narrow rhabdoms abutting the bases of the crystalline 
cones, no clear zone, and complex pseudopupils. Many 
moths, on the other hand, have refracting superposition eyes 
with wide, deep-lying rhabdoms, clear zones, and eye glow. 
Transitions between the eye types must have occurred a 
number of times within the moths, as well as between moths 
and butterflies. A very similar picture emerges in the beetles, 
most of which have apposition eyes, but a substantial 
number of nocturnal and crepuscular groups, including the 
dung beetles and the fireflies, have superposition optics. 

It is not very easy to see how it is possible to get from one 
type of eye to the other, without going through an interme- 
diate that does not work. Apposition eyes use simple lenses 
and superposition eyes two-lens telescopes (or the equivalent 
lens cylinder devices), and there does not seem to be much 
room for compromise. In the case of butterflies we do know 
the answer: in 1984 Dan-Eric Nilsson and his colleagues 
discovered that their apposition eyes actually have an extreme 
form of superposition optics in the ommatidia, in which the 
proximal lens in each telescopic pair has become not weaker, as 
one might have guessed, but extremely powerful (see Fig. 6C). 

The way this works is shown in Fig. 17A. As in a normal 
superposition eye, a combination of the curved cornea and a 
weak lens cylinder in the distal region of each crystalline cone 
results in the formation of an image within the crystalline 
cone, about 10 Um in front of its proximal tip. This focused 





FIGURE 17 “Afocal” apposition in butterfly eyes. (A and B) Although each 
ommatidium acts independently, like an apposition eye, the optical elements 
function as telescopes with an internal image, as in superposition eyes (Fig. 
13). The wide beam of light reaching the cornea is reduced to “fit” the 
thabdom (see text). (C) A consequence of this arrangement is that the 
thabdom tip is imaged onto the cornea. I, image plane; Rh, rhabdom. 
(Reproduced, with permission, from Land and Nilsson, 2002.) 


light then encounters a lens with an extraordinarily short 
focal length, about 5 Um. The discovery of this lens involved 
taking thin frozen sections from the tiny region at the base of 
the crystalline cone and examining their image-forming 
properties. The last 10 um of the cone produced excellent 
images. The effect of this second lens is to bring the light 
focused by the first (distal) lens back into a parallel beam, just 
as in a superposition eye. The essential difference is that, 
whereas in a superposition eye the magnification of the 
telescopic pair of lenses rarely exceeds —2, here it is much 
greater. The large difference in the focal length of the distal 
and proximal lenses gives an overall magnification of —6.4 in 
the nymphalid butterfly Heteronympha merope. 

This high magnification has two important consequences, 
illustrated in Fig. 17B. The first is that the beam that emerges 
from the proximal tip makes an angle with the axis that is 6.4 
times greater than the beam that entered the facet from 
outside. A ray making an angle of 1° with the facet axis 
emerges at 6.4°, and similarly a beam 3° wide at the cornea 
emerges into the rhabdom as a 19.2°-wide beam. The 
significance of this is that a rhabdom with a refractive index 
of 1.36 will just contain (by total internal reflection; Fig. 7B) 
a beam 22° wide, which in turn means that the acceptance 
angle of the ommatidium will be limited to just over 3°: light 
making higher angles with the rhabdom wall will escape and 
be absorbed by the surrounding pigment. Thus, in this kind 
of eye, the ommatidial acceptance angle is limited principally 
by the refractive index of the rhabdom, not (as in a 
conventional apposition eye) by its diameter (Fig. 7A). The 
second effect of the magnification is to reduce the diameter 
of the beam leaving the base of the crystalline cone by a 
factor of about 9 (angular magnification X refractive index), 
compared with that entering the facet. The entering beam is 
limited by the facet diameter, typically about 20 Um. The 
beam leaving the crystalline cone and entering the rhabdom 
is squashed down to a diameter of 2.1 [m, which is indeed 
close to the diameter of a butterfly rhabdom. Thus rhabdom 
diameter and facet diameter are related and between them 
determine the effective aperture of the ommatidium and 
hence its sensitivity. Bright-light butterflies tend to have 
smaller facets (20 Um) and narrow rhabdoms (1.5—2 Um), 
whereas the crepuscular Australian butterfly, Melanitis leda, 
has 35-lm facets and 5-um rhabdoms. A_ further 
consequence of this optical system is that the rhabdom tip is 
imaged onto the cornea (Fig. 17C), which means that one 
can sometimes see magnified versions in the cornea of the 
wave-guide mode phenomena that occur in the rhabdom. 

What we have seen is that butterfly eyes behave as 
apposition eyes, because light entering a single facet is 
received by a single rhabdom. They are called afocal because 
light is not focused on the rhabdom tip as in most apposition 
eyes, but enters the rhabdom as a parallel beam. In their 
fundamental optical design, however, these ommatidia 
remain of the superposition type, constructed from two-lens 
telescopes. This makes it easy to understand how different 


lepidopteran groups managed to switch readily from the 
diurnal (apposition) version of the afocal eye to the nocturnal 
(superposition) version. To become nocturnal, the powers of 
the distal and proximal lenses must become more equal, the 
receptor layer moves to a deeper location, and gradually more 
and more facets contribute to the image. There are no blind 
intermediaries. 


SIMPLE CORNEAL EYES IN INSECTS 


Insect simple eyes, or ocelli, fall into two main groups: the larval 
eyes of holometabolous insects and the dorsal ocelli present 
in most winged adult insects. In both, the curved air/tissue 
cornea interface is the main refracting surface, although as in 
vertebrate eyes, a lens of some kind often augments the optical 
power of the system and aids in the formation of the image. 


Larval Ocelli 


In insects with a distinct larval stage, the ocelli are the only eyes 
the larvae possess. They vary greatly in size and complexity. 
The larvae of flies have no more than a small group of light- 
sensitive cells on either side of the head. Lepidopteran 
caterpillars, however, have ocelli with lenses and a structure 
resembling that of a single ommatidium from a compound 


Euroleon 





FIGURE 18 Simple eyes (ocelli) of increasing complexity in larval insects. 
(A) Lepidopteran, (B) Neuropteran, (C) Hymenopteran. Scale bars, 0.1 mm. 
(D-F) Large simple eyes of tiger beetle larvae (Cicindela). They are used to 
spot prey (usually ants), which they ambush from the burrow. (D) Head 
with six pairs of eyes. (E) Larva in ambush position. (F) Largest ocellus 
showing corneal lens and retina. Inset: Tangential section of retina. 
(Reproduced, with permission, from Land and Nilsson, 2002.) 
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eye. In each ocellus in the sia, seven receptors contribute to a 
two-tiered rhabdom containing the photopigment (Fig. 18A). 
There seems little possibility of spatial resolution within each 
ocellus, but as it appears that the fields of view of the 12 ocelli 
do not overlap, they are capable of providing a 12-“pixel” 
sampling mosaic of the surroundings. These ocelli do, 
however, resolve color; three spectral types of receptor have 
been found in butterfly larval ocelli. 

The ant lion Euroleon (Neuroptera) also has six ocelli on 
each side of the head, borne on a small turret (Fig. 18B). 
Unlike caterpillars, however, each has an extended retina of 
40 to 50 receptors, giving interreceptor angles (A@) of 5 to 
10°. Although this resolution is not impressive, it is 
presumably enough to allow the animals to detect their prey, 
e.g., moving ants, at a distance of about 1 cm. Sawflies 
(Hymenoptera) have larvae with a single pair of ocelli, each 
with an in-focus retina covering a hemisphere (Fig. 18C). 
The rhabdoms in Perga are made up of the contributions 
from eight receptors (much as in an ordinary compound eye) 
and are spaced 20 lm apart, giving an interreceptor angle of 
4 to 6°. These larvae are vegetarian, and it seems that the 
main function of the ocelli is to direct the larvae to their host 
plants. However, Perga larvae will also track moving objects 
with their head and defend themselves by spitting 
regurgitated sap. 

The most impressive of all larval ocelli are found in tiger 
beetles (Cicindela). These have a lifestyle similar to that of 
ant lions, ambushing insect prey as they pass their burrows 
(Figs. 18D—18F). There are again six ocelli on each side of 
the head, but two are much larger than the others. The 
largest has a diameter of 0.2 mm and a retina containing 
6350 receptors. The interreceptor angle is about 1.8°, 
comparable with or better than the resolution of the 
compound eyes of most adult insects. This raises the 
interesting question as to why the insects did not retain eyes 
like this into adult life. 
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FIGURE 19 Dorsal ocelli of adult locust. (A) Positions of frontal and lateral 
ocelli on head. (B) Section of an ocellus, showing the different layers and the 
positions of the focus in light- and dark-adapted states. The focus is a long 
distance behind the receptor layers. (C) Fields of view of the three ocelli 
straddling the horizon. (Reproduced, with permission, from Land and 
Nilsson, 2002.) 
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Dorsal Ocelli of Adults 


Adult insects that fly typically have three simple eyes on the 
top of their heads. These dorsal ocelli resemble larval ocelli in 
possessing a lens and (like sawfly larvae) an extended retina 
(Fig. 19), but they are not embryologically related to the 
larval eyes. Some dorsal ocelli have tapeta, and some a mobile 
iris. They each have a wide field of view of 150° or more and 
may have as many as 10,000 receptors. So far all this suggests 
that these are “good” eyes, like those of hunting spiders. 
However, they are profoundly out of focus, with the retina 
much too close to the lens. For example, in the blow fly 
Calliphora the receptors extend from 40 to 100 Um behind 
the lens, but the focus is at 120 um. 

What then are they for? Recent studies mainly support the 
idea that the ocelli are horizon detectors, involved in 
enabling an insect to make fast corrections for pitch and roll. 
The defocus then makes sense; high spatial frequency clutter 
such as leaves and branches will be removed, allowing the 
receptors to respond to changes in the overall distribution of 


light in the sky. The idea that these ocelli contribute to flight 
equilibrium is supported by the fact that the receptors 
converge massively onto a relatively few second-order 
neurons that project directly into the optomotor system. 


See Also the Following Articles 
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Fat Body 
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he insect fat body is a mesodermal tissue composed of a 

meshwork of loose lobes suspended in the hemocoel and 
bathed in the insect hemolymph. The tissue is composed 
primarily of vacuolated rounded or polyhedral cells called 
adipocytes or trophocytes, which commonly harbor stored 
inclusions of proteins, lipids, and glycogen. In certain insect 
species, mycetocytes (cells containing symbiontic microorgan- 
isms) and urocytes (cells containing nitrogenous waste product 
in the form of uric acid) are present. The fat body is also 
associated with connective tissue and various blood cell types. 
Being a major biosynthetic and storage organ in insects, the insect 
fat body is equivalent to the vertebrate liver. It is the prime 
location of intermediary metabolism and detoxification pro- 
cesses, as well as storage and excretion of glycogen, lipids, and 
proteins. Storage of reserves is characteristic of the larval fat body 
cells. Such reserves are subsequently used for metamorphosis in 
holometabolous insects and for flight and reproduction in adults. 


STRUCTURAL ORGANIZATION 


Although the insect fat body is widely distributed throughout 
the hemocoel, two major regions can be distinguished. Near the 
integument and musculature is the peripheral (subcuticular) fat 
body, which largely functions for storage. The second layer, the 
perivisceral (gut) fat body, which surrounds the alimentary 
canal, is more metabolically active than the previous layer. The 
fat body tissue surrounds other insect organs such as brain and 
nervous tissues, gonads, and muscles. It is noteworthy that the 
fat body is intimately associated with nearly all vital tissues and 
organs in the insect body, including the tracheal system, the 


musculature, the Malpighian tubules, and the hemolymph. This 
spatial organization is well adapted to the physiology and the 
open circulatory diffusion system of insects, thereby facilitating 
absorption and release of metabolites and nutrients. 


FAT BODY CELLS 
Adipocytes (trophocytes) are the predominant cell type associated 


with metabolic and storage functions. In young cells, a few 
inclusions can be detected and the nuclei are round. As the cells 
mature and accumulate nutritional reserves, they become vacuo- 
lated and the nuclei are compressed. The colors of adipocytes, 
which depend on the insect species and change with 
maturation, range from white, yellow, tan, and brown to blue. 
Urocytes are special cells common in cockroaches, which 
sequester uric acid (the main end product of nitrogen metabo- 
lism in terrestrial insects) for excretion and storage. They are 
degenerate cells, which unlike adipocytes, lack organelles such 
as mitochondria, ribosomes, or the endoplasmic reticulum. 
Mycetocytes are cells that harbor symbiontic microor- 
ganisms and may serve for nutritional purposes. Mycetocytes 
are in proximity to urocytes, a spatial organization that 
implies some sort of physiological—biochemical interaction. 
The adipocytes are arranged in two or three layers in the 
periphery of the fat body lobe, and the more metabolically 
active cells face the circulatory system. The mycetocytes are 
located in the center of the lobe surrounded by urocytes. 
Other cell types associated with the fat body, including 
various blood cells, can be found adhered to fat body cells. 
Oenocytes, which are large ectodermally derived cells, have 
also been observed to be attached to adipocytes. Their exact 
physiological role is unresolved. 


METABOLIC FUNCTIONS 


The fat body participates in myriad metabolic activities and 
functions. Absorption from hemolymph and buildup of 
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intracellular storage nutrients in the form of lipid droplets, 
carbohydrate (glycogen) deposits, and protein granules 
during the immature stages are aimed at accumulating 
reserves for later stages, and primarily to serve adult activities. 
Fat body cells, having homeostatic functions related to 
metabolism, respond to nutritional and hormonal cues that 
regulate and modulate blood sugars, lipids, and proteins at 
larval and mature stages. 

As in vertebrates, the oxidative metabolism is mediated via 
the tricarboxylic acid (TCA) cycle and the electron transport 
enzyme systems. The fat body contains enzymes mediating the 
gluconeogenesis process as well as enzymatic systems with a 
detoxification role to manage harmful endogenous metabolites 
and toxic xenobiotic compounds. Detoxifying enzyme systems 
include microsomal mixed function oxidases, in which the 
cytochrome P450 is predominant, various hydrolytic enzymes 
(esterases, phosphoesterases), and conjugating systems. 

The cells synthesize the various blood proteins (lipoproteins, 
glycolipoproteins), which include juvenile hormone (JH) 
carrier proteins (protecting JH from degradation), diglyceride 
carrier proteins, diapause proteins, and, particularly at the 
adult stage, production of vitellogenins (yolk proteins) that 
are absorbed by the maturing oocytes. Fat body cells also 
synthesize JH esterase, which regulates levels of JH in the 
insect blood, and enzymes involved in purine metabolism. 
Generally, proteins released into the insect blood during larval 
development are sequestered by the adipocytes, forming large 
intracellular granules until their use during metamorphosis. 
Triglycerides, which are the major form of stored lipids, are 
mobilized when needed and released into the hemolymph in 
the form of diglycerides accompanied by the production of 
specific carrier proteins. Trehalose, produced by the fat body, 
constitutes the major disaccharide in the insect blood. 
Glycogen, which is the principal form of stored carbohydrates, 
is mainly present in the peripheral fat body adipocytes. 
Glycogen is synthesized (by glycogen synthase) and hydrolyzed 
(by glycogen phosphorylase), by these enzymes active in the 
fat body cells. The hydrolytic products are mobilized at molting 
and metamorphosis to serve as precursors required for chitin 
synthesis and formation of the new cuticle. 


ENDOCRINE CONTROL OF 
FAT BODY METABOLISM 


Neuroendocrine secretions from brain and ganglia, ecdy- 
steroids (molting hormones), JHs, and the myriad corpora 
cardiaca neurosecretions affect the metabolic state of the 
adipocytes. These endocrine secretions are strongly influenced 
by stimuli from internal and external environments, and they 
function to coordinate and integrate crucial metabolic 
activities involved in molting, growth, metamorphosis, and 
reproduction. The fat body is a target tissue for endocrine 
regulation as is illustrated shortly. Stored glycogen and proteins 
are mobilized during the molting process to form the newly 
synthesized cuticular chitin—protein complex. The blood level 


of trehalose is regulated by a corpora cardiaca neurohormone. 
The adipokinetic hormone from the corpora cardiaca stimu- 
lates the adipocyes to release diglycerides and the accompanied 
lipoprotein carrier, and enhances lipid oxidation to fuel flight 
in favor of carbohydrate oxidation. Synthesis and release of 
vitellogenins by the female fat body cells usually are under 
the control of JH, although in certain insect species also the 
molting hormone is involved. 


FAT BODY DURING DEVELOPMENT 
AND METAMORPHOSIS 


During the period of metamorphosis the fat body tissue 
undergoes extensive morphological, histological, biochemical, 
and organizational changes. These processes are triggered by 
the molting hormone on the background presence of 
extremely low levels of the JH. Such alterations have been 
thoroughly studied in dipterans and lepidopterans. Two major 
strategies for transforming the larval fat body into an adult 
tissue exist: (1) the histolytic pathway, in which the larval fat 
body adipocytes in dipteran species are completely histolyzed 
and the adult new tissue is formed from undifferentiated stem 
cells, and (2) the remodeling pathway, in which adipocytes in 
the larval stage of lepidopteran insects dissociate at 
metamorphosis into individual cells before being reassociated 
into the adult new tissue. In certain holometabolous insect 
species, a combination of the two processes takes place. 
Dynamic exchanges of nutrients between fat body cells 
and the hemolymph compartments are evident throughout 
the life cycle of holometabolous insects (Fig. 1). Buildup of 
reserves and their partial use at the molting periods are char- 
acteristic of the larval stages. During the prepupal period, 
mass quantities of reserve material are accumulated in the fat 
body cells. Lysis of fat body cells in higher dipteran species at 
metamorphosis results in the discharge of stored reserves into 
the hemolymph. However, as the new adult fat body cells are 
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FIGURE 1 Exchange of stored reserves between fat body cells and 
hemolymph during the life cycle of holometabolous insects. Asterisk 
indicates that later, as stem cells are differentiated into adult fat body cells, a 
buildup of reserves occurs. 
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formed, nutrients are reabsorbed. In contrast, in lepidopteran 
species in which cell remodeling occurs, a status quo prevails 
in that fat body cells in adults are depleted of reserve materials, 
which are used for locomotion and reproduction. 


See Also the Following Articles 
Excretion « Juvenile Hormone ¢ Metabolism e Vitellogenesis 


Further Reading 

Dean, R. L., Locke, M., and Collins, J. (1985). Structure of the fat body. Jn 
“Comprehensive Insect Physiology, Biochemistry, and Pharmacology,” 
Vol. 3 (G. A. Kerkut and L. I. Gilbert, eds.), pp. 155-210. Pergamon 
Press, Oxford, U.K. 

Haunerland, N. H., and Shirk, P. D. (1995). Regional and functional 
differentiation in the insect fat body. Annu. Rev. Entomol. 40, 121-145. 

Keeley, L. L. (1985). Physiology and biochemistry of the fat body. Jn 
“Comprehensive Insect Physiology, Biochemistry, and Pharmacology” 
Vol. 3 (G. A. Kerkut and L. I, Gilbert, eds.), pp. 211-248. Pergamon 
Press, Oxford, U.K. 

Law, J. H., and Wells, M. A. (1989). Insects as biochemical models. /. Biol. 
Chem. 264, 16355-16638. 





Feeding Behavior 
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he most extensive studies of insect feeding behavior and 

its regulation have focused on two insects with completely 
different feeding habits: the adult black blow fly (Phormia 
regina), which is a fluid feeder, and the final nymphal stage 
of the migratory locust (Locusta migratoria), a grass-feeding 
insect. Although their feeding habits are different, there are 
many common features in their feeding behavior patterns 
and the mechanisms that control their feeding behavior. It is 
likely, though unproven, that similar principles are involved 
in other insects, and this article focuses on these two insects, 
making reference to other species and other feeding habits 
where data are available. V. G. Dethier initiated and guided 
the earlier work on the blow fly, summarized later by 
Stoffolano. The studies on the locust were initiated by R. FE. 
Chapman and developed by E. A. Bernays and S. J. Simpson. 


WHY INSECTS HAVE DISCRETE MEALS 


Although casual observation may give the impression that 
insects feed nonstop, many insects eat in discrete meals 
separated by periods of nonfeeding (Figs. 1A and 1B). This is 
most extreme in species that feed on vertebrate blood: larval 
Rhodnius prolixus take a single meal in each developmental 
stage, and adult female mosquitoes usually have a single 
blood meal associated with each vitellogenic cycle. Nectar- 
feeding insects and phytophagous insects also feed in discrete 
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FIGURE 1 Patterns of meals taken by a caterpillar and a locust. Periods of 
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feeding are shown by black bars. Notice that short pauses sometimes occur 
within meals, but the intervals between meals are markedly longer. (A) A 
final stage larva of M. sexta feeding on tobacco leaves. [Reproduced, with 
permission, from Reynolds, S. E., Yeomans, M. R., and Timmins, W. A. 
(1986). The feeding behaviour of caterpillars on tobacco and artificial diet. 
Physiol. Entomol. 11, 39-51.] (B) A final stage nymph of L. migratoria 
feeding on wheat. [Reproduced, with permission, from Blaney, W. M., 
Chapman, R. F, and Wilson, A. (1973). The pattern of feeding of Locusta 
migratoria. Acrida 2, 119-137.] 


meals, but the degree to which this is true in other insects has 
not been investigated. For predatory insects, a single prey 
item is commonly not sufficient to produce satiation, and it 
is likely that a “meal” would involve several prey, just as a 
“meal” for a nectar-feeding insect involves foraging from a 
number of flowers because no single flower contains 
sufficient nectar to produce satiation. 

The underlying causes of this behavior are probably both 
physiological and ecological. Energy is expended in acquiring 
food and initiating digestion so that, when food is first 
ingested, there is a net loss of energy. Subsequently, as food is 
digested and absorbed, there is a gain in resources and energy, 
but as the process continues the rate of gain declines and the 
net gain plateaus as digestion and absorption are completed 
(Fig. 2). Consequently, there is an optimal period for which 
an insect should retain food in its gut before replacing it with 
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FIGURE 2 Nutrient and energy returns associated with eating a discrete 
meal. At first, the insect expends energy in obtaining its food. As the food is 
digested, nutrients are absorbed increasingly rapidly but as the nutrients are 
removed from the food the nutrient return decreases. To optimize the rate of 
nutrient return, most insects have discrete meals, with intervals between 
meals that approximate to peak rates of return. [Reproduced, with 
permission, from Sibly, R. M., and Calow, P. (1986). “Physiological Ecology 
of Animals.” Blackwell Science, Oxford.] 
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newer, undigested food. Thus, it is advantageous for the 
insect to eat a discrete amount of food (a meal) and process 
it before taking more food. 

The risk of predation has almost certainly also had a major 
role in shaping feeding behavior. Predation risks are much 
higher during feeding presumably because of the movements 
made by the insect that can be detected visually or mechanically 
by potential predators. For example, genista caterpillars, 
Uresiphita reversalis, feed for only about 3% of the day, yet 80% 
of predation by anthocorid bugs occurs during this period. 
Similarly, although tobacco hornworm caterpillars (Manduca 
sexta) on tobacco plants in a greenhouse fed for only about 7% 
of the time, 20% of predation occurred during this period. 

Grasshoppers typically move away from a feeding site 
following a meal, sometimes backing down into the mass of 
vegetation and remaining unmoving and hidden until the 
time to feed again approaches. The caterpillars of U. reversalis 
move into silken shelters between meals. Most blood-sucking 
insects leave the host as soon as they are replete, usually 
moving to shaded places where they are inconspicuous, and 
it is probably true that most insects move away from the 
immediate area of feeding where food-related cues might 
reveal their presence to predators. 

As a consequence of feeding in discrete, relatively short 
meals, the time spent feeding by most insects is only a small 
proportion of the available time; for most of the remainder 
they remain inactive and presumably minimize predation 
risks. Blood-sucking insects, which commonly ingest more 
than their own weight of food in a single meal, feed for less 
than 1% of the time; nectar-feeding butterflies and flies 
(feeding on unlimited supplies of nectar in the laboratory) 
feed for up to 14% of the time and this is true also for 
grasshoppers, both in the laboratory and in the field. All 
these insects have part of the gut modified for temporary 
food storage. Final-stage caterpillars of the tobacco 
hornworm spend about 35% of the time feeding in the field. 
In grasshoppers, the reduction in activity after feeding is 
controlled, at least partly, by a hormone released from the 
corpora cardiaca at the end of a meal. Hormonal release is 
induced by distension of the crop at this time. 

Phloem-feeding homopterans appear to differ from most 
other insects. Planthoppers and aphids do not have discrete 
meals and ingest food more or less continuously. The phloem 
provides a continuous supply of sugars and free amino acids, 
requiring little or no digestion, so the availability of nutrients 
for absorption remains virtually unchanged over time. Under 
these circumstances the physiological necessity of eating 
discrete meals is eliminated. In these insects, the act of 
feeding is not associated with obvious body movements 
because once the feeding tube is plugged into a phloem sieve 
tube, the insect remains in one place for hours. This probably 
applies to xylem-feeding insects, which also need to process 
very large amounts of fluid because of the low concentrations 
of nutrients in xylem. Filter-feeding aquatic insects, such as 
some mosquito larvae, also probably feed continuously. 


THE START OF FEEDING 


As the time from the previous meal (the intermeal interval) 
gets longer, the likelihood that the insect will respond to food 
stimuli increases. A locust starts to move again and so the 
likelihood of encountering food is increased. Other factors, 
not related to the food, may also further increase the 
probability of feeding. In a locust, a sudden increase in light 
intensity or the act of defecation may have such effects. 
Conversely, an encounter with a highly unpalatable food 
source may delay the start of feeding and careless movements 
by an observer may have a similar effect. Simpson demon- 
strated that, in the migratory locust, there was in addition a 
tendency for meals to begin with some pattern of regularity 
which, in his observations, had a period varying from 12 to 
16.5 min in different individuals. This does not mean that 
feeding or some other activity occurred every 15 min, but 
when it did so it was usually at some multiple of 15 min from 
a set time, which he determined to be lights-on in his experi- 
ments (Fig. 3). There is now evidence for similar rhythms in 
the caterpillars of an arctiid moth, Grammia geneura, and the 
sphingid M. sexta. The evidence for the latter is based on field 
observations, and the rhythm had a period of 3 to 4 min. The 
discovery of these rhythms was dependent on detailed, long- 
term observations on individual insects. Such sets of observa- 
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FIGURE 3 Oscillation underlying the feeding behavior of the migratory 
locust, L. migratoria. (A) Feeding record of an individual during a 12-h light 
phase. Notice that each meal begins close to the peak of a 14.5-min 
oscillation. (B) Times at which feeding started relative to the peak of the 
oscillation for eight insects on one 12-h day. [Reproduced, with permission, 
from Simpson, S. J. (1981). An oscillation underlying feeding and a number 
of other behaviours in fifth-instar Locusta migratoria nymphs. Physiol. 


Entomol. 6, 315—324.] 


tions are rare, and the extent to which similar rhythms occur 
in other insects is not known because observations are 
lacking. 

The effects of these varying factors on feeding can be 
accounted for by an, as yet hypothetical, excitatory state in 
the central nervous system first postulated for the blow fly 
and subsequently elaborated for the migratory locust (Fig. 4). 
Only when the central excitatory state exceeds a certain 
threshold can feeding occur, but feeding is not an automatic 
consequence of reaching the threshold; it is a probabilistic 
event. At the end of a meal, the central excitatory state is 
assumed to be depressed below threshold. As time since the 
previous meal increases, so does the level of the central 
excitatory state so that it approaches and ultimately exceeds 
threshold. Rhythmic changes in the central excitatory state 
are presumed to account for the basic rhythmicity of feeding, 
and other events, such as defecation, may temporarily elevate 
it, while others (disturbance) may depress it. 


THE SIZE OF A MEAL 


The size of a meal, assuming the food supply to be unlimited, 
depends on the net phagostimulatory effects of the food and 
the nutrient requirements of the insect. Net phagostimu- 
latory effect is the balance between nutrient components of 
the food that stimulate taste receptors leading to feeding and 
any other factors, such as the presence of toxic compounds or 
undue hardness, that tend to inhibit feeding. For many 
insects, sugars are major phagostimulants and higher 
concentrations in the food result in larger meals. Amino acids 
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FIGURE 4 Model of the control of feeding in a locust eating wheat. Similar 
principles are believed to apply to other insects. The irregular line shows the 
level of feeding excitation (the central excitatory state). When this exceeds a 
threshold, the insect feeds. Notice that after a meal, the excitatory state 
declines sharply. Subsequently it rises slowly and the level oscillates with a 
period of about 15 min. Defecation (upwardly pointing arrows) causes a 
sudden rise in excitation. If this causes excitation to exceed the threshold, the 
insect may feed. Biting the food (oblique arrows) releases juices from the 
food and phagostimulants cause a sharp rise in the central excitatory state. 
(Reproduced, with permission, from Simpson, 1995.) 
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may also influence the phagostimulatory input. Plant 
secondary compounds, such as alkaloids, are often feeding 
deterrents even for insects, such as the blow fly, whose food 
does not normally contain them. Inorganic salts at higher 
concentrations are also deterrent although at low 
concentrations they may stimulate feeding. Phagostimulatory 
compounds do not just switch on feeding that then 
continues until the insect is replete; their continued input is 
necessary for feeding to continue and the behavior of some 
insects appears to reflect this. Chemosensory receptors 
usually adapt within a few seconds if continually stimulated, 
but the palpation behavior of grasshoppers and caterpillars 
appears to permit a continual flow of information by 
bringing the receptors into contact with the food for frequent 
very brief periods. The sensilla on the palp tips of a locust 
make about 10 contacts per second and each contact may be 
only 10 to 20 ms. As a result they remain largely unadapted. 

Although continual stimulation is important to maintain 
feeding, meal size seems to be determined by the level of 
phagostimulation when the insect first bites into its food and 
releases the internal fluids containing a mixture of 
stimulating chemicals. This was demonstrated by an 
experiment in which the mouthpart chemoreceptors of 
locusts were stimulated with a highly phagostimulatory 
solution that they were not allowed to ingest. These insects 
subsequently ate larger meals than others stimulated with 
water alone, despite the fact that during the meal the 
receptors of both sets of insects were equally stimulated. 
Events before feeding started determined how much was 
eaten. Comparable experiments have shown that distasteful 
compounds can reduce meal size. Such experiments are 
interpreted as reflecting changes in the central excitatory 
state. A high concentration of phagostimulant is believed to 
elevate the central excitatory state well above threshold and 
feeding continues, provided some level of input is 
maintained, until the excitatory state declines to threshold. 
Thus, the higher the initial level, the longer it takes the 
excitatory state to reach threshold and the larger is the meal. 
It is supposed that a high level of deterrent compounds 
would inhibit feeding by depressing the level of the central 
excitatory state below threshold. 

The elevated level of the central excitatory state is also 
believed to account for the “dances” of flies and the palpation 
behavior of locusts and grasshoppers following loss of contact 
with food early ina meal. When a fly loses contact with a drop 
of sugar it moves in an irregular path with frequent turns as if 
“searching” for the food. The more concentrated the solution, 
the more frequent the turns (Fig. 5A). Ifa locust loses contact 
with its food it palpates vigorously and such behavior lasts 
longer if loss of contact occurs earlier in a meal. Toward the 
end of a meal, loss of contact with the food results in only a 
limited period of palpation (Fig. 5B). The so-called searching 
behavior of other insects, such as that described for coccinellid 
larvae when feeding on aphids and temporarily losing contact 
with the prey, probably has a similar basis. 
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FIGURE 5 Searching for food after loss of contact during a meal. (A) Blow 
flies dance when they lose contact with a drop of sugar. After experiencing 
more concentrated sugar solutions the high rate of turning is much more 
sustained. [Reprinted, with permission, from Dethier, V. G. (1957). 
Communication by insects: Physiology of dancing. Science 125, 331-336. 
Copyright 1957 American Association for the Advancement of Science.] 
(B) The migratory locust palpates when it loses contact with a blade of grass. 
Each bar represents the percentage of time palpating after losing contact with 
the food at a different stage of the meal. Soon after the start of a meal it palpates 
for most of the time, but toward the end of a meal it is less persistent. The open 
bar represents the time palpating just before starting to feed. [Reprinted, with 
permission, from Bernays, E. A., and Chapman, R. E (1974). The regulation 
of food intake by acridids. Jn “Experimental Analysis of Insect Behaviour” 
(L. Barton Browne, ed.). Springer-Verlag, Berlin. Copyright Springer—Verlag.] 


THE END OF A MEAL 


The end of a meal is ultimately determined by the degree of 
distension of the part of the gut in which the food is tem- 
porarily stored. In grass-feeding grasshoppers and_nectar- 
feeding flies, this temporary store is the crop (part of the 
foregut). In R. prolixus, feeding on vertebrate blood, the food 
is stored in the anterior midgut. In each case, the degree of 
distension is monitored by some form of stretch receptor. In 
locusts, these receptors are multipolar cells on the wall of the 
foregut, and receptors on the most anterior part of the 
foregut, which is the last part to fill; these receptors are 
responsible for inhibiting further feeding. R. prolixus has 
chordotonal organs in the body wall. The input from these 
stretch receptors has an inhibitory effect on feeding, 
presumably by leading to a decline in the level of the central 
excitatory state to below threshold. If food quality and the 
nutritional and feeding status of the insect are constant, 


stretch receptor input determines that an insect ingests a 
similar amount of food at each meal. 


CHANGES IN FEEDING BEHAVIOR 


The pattern of feeding changes with the age of the insect, its 
previous experience, and its nutritional needs. Phytophagous 
insects in general tend to eat greater amounts in the middle 
of a developmental stage and more in the light than in the 
dark. The average meal size taken by the final-stage nymph 
of the migratory locust, for example, increases from about 50 
mg on the day of molting to almost 100 mg 4 days later, 
whereas the average interval between meals declined from 82 
to 71 min. At night, the insects take fewer meals even though 
the temperature may be constant. 

Some phytophagous insects become less selective if they 
experience a long period without food and this has given rise 
to some confusion in the literature. For experimental 
purposes, it is often convenient to use insects that feed readily 
when presented with food. This is achieved by depriving 
them of food, often for 24-h periods. However, because such 
insects are less selective than insects with continual access to 
food, grasshoppers, for example, were generally considered to 
be unselective in their choice of foods. More critical 
observations, however, show that this is not accurate. With 
increasing periods of food deprivation, several grasshoppers 
have been shown to accept a wider range of food plants. It is 
probable that this acceptance of previously unacceptable 
plants reflects a need for water rather than for other specific 
nutrients, although this hypothesis has not been thoroughly 
investigated. It is, however, clear that a well-hydrated locust 
actively moves away from wet filter paper, whereas a 
dehydrated one attempts to eat it. Similarly, dehydrated flies 
drink water, whereas hydrated ones do not. 

The tendency of grasshoppers and caterpillars, and 
probably other insects, that are deprived to sample food that 
would otherwise be rejected can play a major part in the sub- 
sequent acceptance of food. This becomes possible because 
taste receptors that initially signaled rejection because of 
some distasteful component of the food become habituated 
and are no longer stimulated by the distasteful compound. At 
the same time, detoxifying enzymes are probably mobilized 
within the insect, providing it with the capacity to minimize 
any harmful effects that the compound might have. 

The nutritional requirements of insects vary through life 
and this is reflected by changes in their feeding behavior. 
During larval development, the amount of food consumed is 
usually maximal in the middle of each developmental stage, 
falling to zero for a period before each molt. Changes also 
occur in adults in relation to somatic development and, in 
females of many species, in relation to egg development. This 
variation is illustrated for adult red locusts (Nomadacris 
septemfasciata) in Fig. 6. When the insect first becomes an 
adult the cuticle is soft and the flight muscles are poorly 
developed. During this teneral period, both sexes feed actively 
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FIGURE 6 Variation in feeding behavior during adult life. The red locust, NV. septemfasciata, in the field. (A) April. Soon after becoming adult both sexes feed for 
most of the day. This is a period of somatic growth when flight muscles and cuticle become fully developed. (B) September. Despite moderately high temperatures 
during the day, very little feeding occurs until late afternoon. The insects are in reproductive diapause. (C) October. Little feeding occurs in the middle of the day, 
perhaps because of the high temperature. The insects are beginning to become sexually mature. (D) December. Females eat much more than males during the 
period of egg development. All these samples were taken from the same generation and population of insects, which live for about 9 months as adults. Each 
graph shows the amount of food in the foreguts of a sample of insects taken at each time point over a 24-h period; 100% would indicate that all the locusts were 
full, 0% that they were all empty. When the temperature is 30°C or above, the foregut becomes more than half empty within an hour, so that crop fullness above 
50% during the day indicates recent feeding. At 25°C and below, the food takes several hours to leave the foregut so that night time values largely reflect feeding 
before dark. [Reproduced, with permission, from Chapman, R. E (1957). Observations on the feeding of adults of the red locust. Br. J. Anim. Behav. 5, 60-75.] 


during the day (Fig. 6A). Subsequently, the insects enter 
reproductive diapause and feeding is reduced to a single meal 
each day (Fig. 6B). During the reproductive period, females 
eat much more than males (Fig. 6D). 

Among some adult flies and grasshoppers, there is good 
evidence that mature females change their feeding behavior 
to acquire protein for the synthesis of vitellogenin. This is 
most obvious in blood-sucking flies, such as mosquitoes and 
tabanids, females of which use nectar as a flight fuel, but 
vertebrate blood as their primary protein source. Males of 
these same species feed only on nectar. This is also true of 
blow flies. Mature female grasshoppers, given the 
opportunity, tend to select food with a higher protein level 
than do males or immature females. Thus, they tend to eat 
the seed heads of developing grain rather than foliage. 

Under laboratory conditions, when fed on artificial diets, 


locusts and caterpillars are able to select from the foods with 
different amounts of proteins and carbohydrates to maintain 
an appropriate balance of the two classes of compound. 
Locusts can make the adjustment from one meal to the next, 
with an interval of less than an hour between meals. The 
extent to which insects can fine tune their nutritional balance 
when feeding on natural food with much smaller deficiencies 
of protein or carbohydrate has yet to be demonstrated. 


FEEDING BEHAVIOR UNDER 
NATURAL CONDITIONS 


In the field, feeding behavior is determined to a large extent 
by environmental factors, although relatively few extensive 
studies have been carried out. Temperature has a major effect 
on feeding behavior, as it does on other insect activities, with 
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FIGURE 7 Feeding is limited by temperature. Most caterpillars of G. 
groenlandica, living within the Arctic Circle, feed during a 2-h window when 
the sun is at its zenith. For most of the time, the insects bask to raise their 
body temperatures, enabling them to feed efficiently; during feeding their 
temperature falls rapidly. [Reproduced, with permission, from Kukal, O., 
Heinrich, B., and Duman, J. G. (1988). Behavioural thermoregulation in 
the freeze-tolerant Arctic caterpillar, Gynaephora groenlandica. J. Exp. Biol. 
138, 181-193. Copyright Company of Biologists.] 


little feeding occurring at low or at very high temperatures 
(Figs. 6A and 6C). The effects of temperature are most 
obvious in insects living under extreme conditions of low or 
high temperature. For Gynaephora groenlandica caterpillars 
living within the Arctic Circle, feeding is possible only when 
the insect has raised its body temperature by basking. As a 
result, most feeding occurs in a relatively narrow window of 
time around noon each day, when the sun is highest in the 
sky (Fig. 7). 

Darkness also tends to reduce feeding. For many visually 
foraging insects, finding food at night is impossible, although 
night-flying moths obtain nectar only during darkness and 
some blood-sucking insects, such as mosquitoes, feed most 
actively at night or in the crepuscular periods. These insects 
locate their host primarily by odor, although night-blooming 
flowers often also present conspicuous targets because of 
their size and whiteness. 

Biotic factors may also have a profound effect. For example, 
a caterpillar of M. sexta that has defended itself from the attack 
of a tachinid fly does not feed for some time after it has suc- 
cessfully repelled the attacker. 
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ost residents of the southeastern United States are very 

familiar with fire ants. These reddish brown ants are 
well known for their aggressiveness and stings that produce a 
burning sensation. The term “fire ant” actually applies to a 
group of New World ant species in the genus Solenopsis. Many 
people refer to them as “red ants,” although this term is also 
used to refer to the larger red harvester ants found in desert 
climates. In Spanish, the fire ant is sometimes called hormiga 
colorada, and in Portuguese it is formiga de fogo. In North 
America there are four native fire ant species, two introduced 
species, and two hybrid forms. The two imported species in 
the United States are the red imported fire ant, Solenopsis 
invicta, and the black imported fire ant, S. richteri. The former 
has spread throughout the southeastern part of the country, 
whereas the latter is restricted to northeastern Mississippi, 
northern Alabama, and northwestern Georgia. Seventeen fire 
ant species are currently described from South America. 


ORIGIN AND SPREAD 


There seems little doubt that the most important fire ant 
pest, S. invicta, traveled from South America to Mobile, 
Alabama, in ship ballast between 1930 and 1940. It spread in 
all directions from there, limited only by cold winters or 
desert drought conditions. S. richteri may have arrived earlier 
(perhaps in 1919), only to be largely displaced by S. invicta. 
The latter is currently established in 11 states (Florida, Georgia, 
Alabama, Mississippi, Louisiana, Texas, North Carolina, South 
Carolina, Arkansas, Tennessee, Oklahoma) and Puerto Rico. 
A new infestation was discovered in California in 1998, and 
eradication efforts are under way. 

It was predicted that imported fire ants could not survive 
a winter when the minimum temperature was below —12°C. 
However, infestations now occurring in southern Oklahoma 
and Tennessee have led to a revised estimate of —18°C. 
Another limiting factor is rainfall. The deserts of west Texas 


have proven a barrier to the fire ant’s progression westward. 
It is likely that annual rainfall of less than 25 cm precludes S. 
invicta from becoming established unless there is also 
irrigation. 


IDENTIFICATION AND BEHAVIOR 


All fire ants have two segments in their narrow waist and 
antennae with 10 segments. The workers range in size from 
small to large (for S. invicta, about 2-5 mm in length; queens 
are about 7 mm long). To be able to sting, fire ants must first 
gain leverage with their mandibles by biting; they then curve 
around the abdomen to insert the stinger. The fire ant injects 
venom consisting mainly of piperidine alkaloids that produce 
a burning sensation. Shortly thereafter, a red spot is usually 
visible. The burning sensation is short-lived, followed by 
itching. In most people, a white pustule will develop at the 
site within a few hours. These pustules are sometimes called 
“sterile pustules” because they are not produced by infectious 
bacteria. The pustules can last from days to weeks and. can 
become infected if they are scratched. The venom also 
contains a small amount of protein (about 1%) that can 
cause anaphylactic shock in susceptible individuals. Fire ants 
can sting repeatedly; therefore, stinging ants should be 


brushed off rapidly. 


Mounds and Foraging Behavior 


When undisturbed, the typically dome-shaped mounds of S. 
invicta can reach heights of 30 cm or more above the ground. 
These mounds allow the workers to respond to local 
conditions by moving up and down with their brood and 
queens according to temperature and humidity. Exit holes are 
usually not apparent on the mounds themselves, but foraging 
trails extend outward from the mound just below the surface. 
During floods, fire ants move to the upper parts of the 
mound. If the water gets any higher, the ants grasp each other 
to form floating rafts that carry the brood and queens 
downstream. During droughts, fire ants can extend their 
tunnels down 6 m or more in search of moisture. 

Fire ant workers can feed only on liquids: they have filters 
in their digestive tract that prevent the ingestion of solids. 
Only the fourth instar can digest solids directly, and it is the 
only path for processing of solid food particles in the colony. 
Workers deposit insect parts and other solids on the larva’s 
“food basket.” After feeding on these solid foods, the larva 
secretes liquids that are licked up by workers and distributed 
around the colony. 


Mating Behavior 


Like most other ants, fire ants have mating flights. In the 
southeastern United States, flights are most frequent in the 
spring following rain and subsequent sunshine. After the 
rain, workers fill the queens with food to prepare them for 
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the flight. Dissection of queens at this time shows a large 
drop of yellow oil in their crops. In midafternoon the 
workers open large exit holes in the mounds to allow quick 
exit of the males and females. Workers become very agitated 
and start chasing the reproductives, which then climb vertical 
objects nearby from which they fly. Mating occurs in the sky. 
The males drop to the ground and die shortly thereafter. The 
queens also land, quickly shed their wings, and search for a 
place to dig a tunnel. The queen will close the tunnel and 
start to lay eggs, producing her first workers in about one 
month. Queens typically live 6 or more years. Because they 
mate only once, they must store live sperm for the rest of 
their lives. For this purpose, they have a transparent sac in 
their abdomens called the spermatheca that is filled with over 
a million sperm after mating. When the queen lays an egg, 
she can open a valve on the spermatheca, allowing the escape 
of sperm to fertilize her eggs. These diploid eggs give rise to 
females, either workers or new queens. If she does not release 
sperm, the egg she lays is haploid and becomes a male, as is 
typical for all haplodiploid social Hymenoptera. 


Number of Queens 


There are two forms of S. invicta in the United States. 
Originally this species was thought to be monogyne, having 
one queen per colony. Polygyne, or multiple-queen fire ant 
colonies, were first described from Mississippi in the early 
1970s. In these colonies there can be dozens of fertilized 
queens. The queens are not aggressive toward each other and 
are frequently together in one part of the nest. One or more 
of these queens may be dominant, laying more eggs and 
receiving more food than the others. Polygyne queens in a 
colony are not closely related, suggesting that they are 
adopted from outside sources. They are also smaller on the 
average than monogyne queens and lay fewer eggs. However, 
the total number of eggs laid by all the polygyne queens in a 
colony exceeds that produced by a single monogyne queen. 
On the average, polygyne colonies also have smaller workers: 
there is a negative correlation between the number of queens 
and the average worker size. Furthermore, the polygyne form 
is not aggressive toward conspecifics, whereas the monogyne 
form will fight with nearby conspecifics. The polygyne form 
can bud off new colonies of queens and workers and is 
thereby able to quickly populate an area with fire ants. The 
polygyne form is now predominant in Texas and has also 
been found in Florida, Georgia, and even South America. 


IMPACT ON PEOPLE AND THE ENVIRONMENT 


Imported fire ants arrived in the United States without their 
native parasites and predators. In addition, few native ant 
species are able to compete with them. When fire ants 
encounter other ant species they vibrate their gasters 
(abdomens) and protruded stingers, spraying their venom 
and chasing away most other ants. They can displace native 


416 Flight 





FIGURE 1 A child’s arm showing many pustules after numerous fire ant 
stings. (Photograph courtesy of the U.S. Department of Agriculture.) 


ant species and quickly become the dominant ant species and 
significant pests. Fire ants will attack newly hatched birds 
both on the ground and in trees. Fawns and calves can be 
stung in their eyes and blinded if they are dropped on fire ant 
mounds. Soft plant tissue, such as okra, can be destroyed. 
Ants in mounds at the bases of trees can eventually girdle and 
kill trees. The sick and elderly, pets and children in back- 
yards, campers, and picnickers, all can become victims of fire 
ant stings (Fig. 1). One oddity about fire ants is their evident 
attraction to electrical fields. They frequently enter electrical 
boxes such as outside air conditioners, traffic boxes, and 
lights, where they chew wires and short out the circuits. 


POSSIBLE REMEDIES 


There are many insecticides that control fire ants. Baits are 
advantageous because it is not necessary to find the mounds; 
ants carry the bait back to their nests. Most fire ant baits 
consist of corncob grits coated with soybean oil as an 
attractant. Typically, a toxicant or insect growth regulator is 
dissolved in the oil. However, none of these solutions are 
permanent. Efforts are now under way to bring into the 
United States some of the fire ant parasites and predators 
from South America. Decapitating flies (Phoridae) are one 
promising predator now being released in Florida and 
elsewhere. These flies lay their eggs on fire ants. The grub 
that hatches invades the ant’s head, where it consumes its 
brain. Ultimately the ant’s head falls off and a new fly 
emerges. Although these flies parasitize only a small 
percentage of ants, they do interfere with the ant’s foraging 
behavior and may make fire ants less competitive with other 
ants. Other potential biocontrol agents include protozoal 


parasites, soil fungus, and even parasitic ants from South 
America. Ultimately a broad approach using chemicals and 
biological agents will best manage this invasive species. 


See Also the Following Articles 
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F rom their first appearance in the late Paleozoic, winged 
insects have emerged as critical components of nearly all 
terrestrial ecosystems. Many important behavioral features of 
insects, including evasion of predators, dispersal, and 
reproductive strategies, rely in some way on flight behavior. 
Wings themselves, as cuticular structures, have no intrinsic 
musculature and are moved instead via thoracic deformations 
and by muscles that insert directly at the wing base. The back 
and forth motion of the wing through the wingbeat, as well 
as the rotation about its longitudinal axis at the beginning 


and end of each stroke, creates unsteady aerodynamic forces 
of continuously changing direction and magnitude. Flight 
control relies on multiple sensory modalities to maintain 
stable trajectories and to maneuver via bilaterally asymmetric 
motions of the wings and body. Flight is energetically costly, 
and the delivery of oxygen to flight musculature is limited by 
diffusion in the fine branches of the tracheal system. Heat 
simultaneously produced by contraction of inherently 
inefficient muscles may be co-opted in the regulation of body 
temperature during flight to further enhance performance. 
Forces of both natural and sexual selection have contributed 
synergistically to the evolution of insect flight performance 
and maneuverability. Contemporary insect diversity largely 
comprises extensive radiations of miniaturized species. Flight 
biomechanics of these small insects is complicated by the 
viscous nature of airflows and depends in part on the high 
wingbeat frequencies enabled by a specialized muscle type 
termed asynchronous muscle. Asynchronous flight muscle 
has evolved independently more than eight times among the 
winged insects and enables muscles to generate increased 
mechanical power by trading sarcoplasmic reticulum for 
more contractile fibrils and mitochondria. The majority of 
insect species-level diversity appears to derive indirectly from 
this flight-related innovation that facilitates miniaturization. 


EVOLUTION OF FLIGHT 


Although many features have contributed to the radiation of 
insects in terrestrial ecosystems, the evolution of actively 
powered flight is almost certainly the key innovation 
responsible for their remarkable success. The relative 
abundance of extant winged (ptergygote) insects to wingless 
(apterygote) insects (a ratio of at least 500,000:1 in species 
richness) manifests the potent advantages of flight. Although 
the selective advantages of flight are obvious, the means by 
which ancestral hexapods evolved wings and associated flight 
behavior are not. Because flight is such a specialized form of 
behavior and is associated with morphological and 
physiological traits that represent extreme forms of the basic 
arthropod body plan, reconstructing the series of functional 
intermediates between flightless ancestors and flying insects 
continues to pose a challenging problem. The evolution of 
flight involves two distinct, but overlapping, questions. First, 
what is the morphological structure from which wings arose? 
And second, what suite of selective forces drove the evolution 
of wings as aerodynamic structures? 


Morphological Origin of Wings 


The morphological origin of the wing in pterosaurs, birds, 
and bats is unequivocal; in all these animals it arose from a 
modification of the forelimb. Insect wings are novel 
structures, at least in the sense that they are not homologous 
with the legs. Biologists have long debated which structure 
served as the anatomical precursor of insect wings. Of the 
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various theories that have been proposed, the dominant view 
until recently was that wings arose from rigid lateral 
extensions of the notum. Such a scenario seems at first 
plausible, given the structural plasticity of the thoracic 
exoskeleton in extant insects. When considering function of 
flight morphology as a whole, however, the most complicated 
feature of the wing is not the flat distal blade that serves as 
the aerodynamic surface, but rather the complicated hinge 
with its associated muscle attachments that enables the wing 
to flap and rotate during the stroke. Over the past 15 years 
an alternative hypothesis, that the wings evolved from basal 
branches of the leg, has emerged from work in a number of 
disciplines. This theory owes much to the work of the 
paleontologist Jarmila Kukalova-Peck, who challenged the 
widely held view that insects, as distinct from other 
arthropods, possess unbranched limbs. According to her 
alternative view, the ancestors of winged insects possessed 
biramous appendages and used a developmental-genetic 
program for limb development that they shared with 
crustaceans and other arthropods. The structure that gave 
rise to the wing may have been a dorsal branch, or exite, of a 
precoxal segment of the leg called the epicoxa. Whereas the 
epicoxa has been lost or incorporated into the pleurum of the 
thorax, its exite has been retained as a wing. However, rather 
than classifying the wings of extant insects as direct 
morphological homologues of epicoxal podites in ancestral 
apterygotes, it may be more precise to view both as arising 
from homologous morphogenetic programs. The leg podite 
theory of wing origin solves an enigmatic step in the 
evolution of functional wings, the formation of the wing 
hinge and its complex arrangement of muscles. As a leg 
branch, the protowing would have been endowed with joints 
and muscles long before it ever took on an aerodynamic role. 
Further, because legs are replete with various mechanosensory 
structures, the protowing would have inherited the campani- 
form sensilla, stretch receptors, or chordotonal organs that may 
have mediated the reflexes and motor patterns that presumably 
served as the foundation of flight control circuitry. Although 
several lines of evidence support a leg podite origin for insect 
wings, this intriguing issue is far from resolved and the con- 
sensus may change with additional fossil evidence and further 
comparative studies of arthropod development. 


Functional Origin of Flight Behavior 


Hindered by the inherent difficulty of extracting behavior and 
physiology from fossil evidence, the functional origin of flight 
remains enigmatic. The fact that wings arose from small struc- 
tures poses the same problem that Darwin first recognized for 
all organs of great complexity—it is difficult to reconstruct a 
series of functional intermediates between a tiny leg podite 
and an aerodynamic surface capable of sustaining active flight. 
The aerodynamic performance of a wing increases with length 
and surface area. Thus, a small wing is incapable of generating 
enough force to sustain active flight. Without a selective 
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pressure driving the wing to larger sizes, how did the structure 
initially attain the size required to support active flight? It is 
unlikely that any single selective pressure was responsible for 
the hypertrophy of the wings. For example, if the direct 
ancestors of pterygotes possessed an aquatic nymph stage, 
protowings might have served as gill covers or respiratory 
paddles. Given the high density and buoyancy offered by an 
aquatic medium, it is even possible that wings may have 
functioned as hydrodynamic structures for underwater 
propulsion. However, no matter what role they may have 
played in the aquatic stage of life history, the use of wings in 
air would necessitate a substantial increase in size. 

Hypotheses attempting to explain the early selective 
engine for true aerial flight segregate into two basic types. 
One set of hypotheses suggests that early selective pressures 
for an increase in wing size had nothing to do with aerody- 
namics per se, but rather with some other size-dependent 
selective force. For example, the use of wings as reflectors and 
conduits in basking butterflies has led to the proposal that 
wings first served a thermoregulatory role. Other possibilities 
include the use of wings in sexual displays or copulatory 
offerings by males. The second set of hypotheses asserts that 
protowings functioned aerodynamically before they were 
large enough to support active flight. For example, small 
wings might serve to increase glide angle or offer added 
stability during controlled descents. The utility of small 
protowings in gliding behavior might have been enhanced by 
their serial repetition, and fossil evidence indicates that pro- 
towings were present on the prothorax and abdominal seg- 
ments in some groups of early insects. Vegetation and surface 
topography would have served as the most convenient 
launching points for gliding or parachuting insects. Another 
possibility is that protowings may have prolonged jumps, 
thereby serving as an important anti-predator behavior in 
response to the coevolutionary radiation of terrestrial predators 
at the time. Recently, James Marden suggested that protowings 
may have served as aerodynamic structures used to either sail 
or flutter insects across the surfaces of streams and ponds. 
This intriguing hypothesis is based on the behavior of extant 
stoneflies that skim across streams in this manner when the 
temperature is too low for their flight muscles to generate 
sufficient mechanical power to sustain flight. The atmospheric 
composition at the time, in which both oxygen levels and air 
density were elevated by today’s standards, might also have 
aided the transition to active flight (see later). Whatever 
selective pressures led to the evolution of flight, analyses of 
insect phylogeny strongly suggest that flight evolved only 
once within the clade. However, no behavior that has been 
proposed as a model for ancestral pterygotes, such as sun 
basking or surface skimming, maps into the current 
phylogeny in a way that is entirely consistent with it being an 
ancestral trait. With no definitive means of excluding any of 
the proposed scenarios, the functional origins of insect flight 
are likely to remain alluring, controversial, and unresolved 
for years to come. 


AERODYNAMICS 
Conventional Aerodynamics 


The scientific study of insect flight is haunted by the widely 
told story of an engineer who proved that a bumblebee could 
not fly. Although the flight of insects is indeed more compli- 
cated than that of airplanes, the underlying physics is never- 
theless fully explicable within the rubric of modern fluid 
mechanics. To understand how insects fly by flapping their 
wings, it is useful to first consider the means by which fixed- 
wing aircraft create aerodynamic forces. The design of con- 
ventional airplanes is based on the steady-state principle that 
the flow of air around the wings and the resulting forces 
generated by that flow are stable over time. As the wing of a 
plane moves through the air, it meets the oncoming flow at a 
small inclination, termed the angle of attack. As the flow of 
air approaches the leading edge of the wing, it divides into 
two streams on the undersurface of the wing. Because of the 
viscous behavior of air (a general property of all “fluids,” includ- 
ing liquids and gases), the two streams meet again smoothly 
at the sharp trailing edge. For the flow to separate under the 
wing, but meet again at the trailing edge, the upper stream 
must travel faster than the lower because it covers a greater 
distance. By Bernoulli’ principle, this higher velocity generates 
lower pressure, which sucks the wing upward producing lift. 

Although the explanation of flight based on Bernoulli’s 
principle is sufficient for simple situations, engineers and 
physicists often use a mathematical transformation to quantify 
the velocity difference above and below the wing and analyze 
more complex situations. Subtracting the background flow 
caused by the speed of the airplane from the local flow near 
the wing uncovers a net circular movement of air around the 
wing called vorticity. Cohesive filaments or loops of vorticity 
are called vortices, a term that also applies to more familiar 
flow structures such as tornadoes, whirlpools, and smoke 
rings. Although the net circular flow of air around a wing is 
a mathematical abstraction, wings are, in effect, vortex 
generators. At a low angle of attack a wing creates a bound 
vortex, so named because the center of vorticity is located 
within the wing. The Kutta—Joukowski theorem, perhaps the 
most essential equation in aerodynamics, states that the lift 
generated by each section of a wing is proportional to the 
strength of the vorticity it creates, a quantity termed 
circulation. The simplest way of increasing the amount of 
circulation, and thus the lift, is to increase the angle of attack. 
At angles of attack above about 10°, however, the flow over the 
top surface separates as it rounds the leading edge, resulting in 
a catastrophic loss of lift known as stall. For a wing operating 
according to conventional aerodynamics, the stall angle places 
an upper limit on the amount of stable circulation, and thus 
lift, that a wing can continuously generate. Early analyses of 
insect flight aerodynamics applied conventional steady-state 
theory unto the complex motion of flapping wings. This 
approach, termed quasi-steady theory, is equivalent to 
“freezing” the wing at one position within the stroke cycle 


1.3 Jump in performance compared to 4G networks 
As mentioned in Paragraph 1.1, the deployment of 5G is likely to take place in two stages: 


1. The first 5G rollouts will deliver better performances, but as a continuation of what is being 
provided at the time by 4G systems which will continue to evolve as well (4.5G, 4.9G); 


2. Performances will continue to improve with the gradual introduction of disruptive 
technologies, such as the use of millimetre wave frequencies. 


This gradual rollout is very similar to the way in which 4G was introduced, as the performances 
obtained with pioneer deployments were relatively similar to those supplied by existing 3G networks. 


ITU defines the 4" generation of technologies, called IMT-Advanced, by the values for the eight KPI 
listed above, as indicated in the following chart. The 5 generation, called IMT-2020, is represented 
as well. Here, it should be noted that the official ITU definition of 4G in fact corresponds to what 
commercial rollouts supplied later on, under the name 4G+ or LTE-Advanced. 
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Figure 6. Comparison between 4G and 5G with respect to the eight key performance indicators 
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and then testing it at that particular velocity and angle of 
attack in a wind tunnel under steady flow. If conventional 
theory were sufficient, then a series of such measurements 
repeated for each point in the stroke cycle should sum up to 
the animal’s body weight. In most cases such simple quasi- 
steady approaches cannot account for the forces required to 
sustain flight, indicating that unsteady aerodynamic 
mechanisms play an important role in insect flight. 


Scaling Parameters 


Before discussing such mechanisms in detail, it is useful to 
introduce two important parameters that help organize the 
great diversity of flight patterns in insects. The first term, the 
Reynolds number, quantifies how changes in body size, 
wingbeat frequency, and atmospheric conditions affect 
aerodynamic mechanisms. The wing or body of an insect 
encounters two forces as it moves through the air, a shear 
force caused by fluid viscosity and an inertial force from the 
fluid momentum. The dimensionless Reynolds number is 
simply the ratio between these two forces and, for insects, is 
equal to the product of wing velocity, wing length, and air 
density divided by air viscosity. Reynolds numbers vary 
among insects from about 10 for the tiniest to 10,000 for the 
largest insect. At high Reynolds numbers, the inertial 
behavior of the air dominates and wings generate pressure 
forces acting perpendicular to their surface. At a Reynolds 
number less than 1, a viscous shear force dominates, acting 
parallel and opposite to the direction of motion. Recent 
measurements of force production by flapping wings indicate 
that aerodynamic performance is remarkably constant across 
a range of Reynolds numbers spanning from about 100 to 
5000—encompassing the operating range of most insects. 
Nevertheless, miniaturization is a common theme in insect 
evolution, and many species are so small that viscous forces, 
if not dominant, are large enough to greatly influence force 
production. The functional peculiarities of lower Reynolds 
numbers are manifest in the unique wing morphology of the 
smallest insects, including the brush-like wings of thrips and 
the whip-like wings of some miniaturized beetles. Although 
the kinematics used by these tiny insects is as yet unknown, 
it is possible that they flap their “wings” in such a way as to 
generate an excess of viscous drag during the downstroke, akin 
to the power strokes of aquatic plankton. Reynolds numbers 
are also used to construct large mechanical models of flapping 
insects for the purpose of directly measuring aerodynamic 
forces and visualizing flow. This technique, termed dynamic 
scaling, is based on the principle that the fluid-based forces 
acting on two geometrically similar but different-sized objects 
are the same as long as the Reynolds numbers are identical. 
Another important dimensionless parameter, called the 
advance ratio, is useful in coarsely assessing whether con- 
ventional steady-state aerodynamics is sufficient to explain 
force production. The advance ratio is simply the animal’s 
airspeed divided by the flapping velocity of its wings. At one 
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extreme, an infinitely high advance ratio indicates that an 
animal is gliding, and all the air flowing past the wings derives 
from the motion of the body as a whole, which is a condition 
amenable to conventional steady-state aerodynamics. Even if 
the wings flap up and down, steady-state approximations 
may be valid as long as the forward speed is substantially 
greater than the velocity of the wings. The situation is much 
more complicated for hovering or near-hovering conditions, 
in which the insect is essentially stationary and most of the 
airflow encountered by the wings is generated by their back- 
and-forth motion. Under these conditions, the flow of air 
around the wing changes substantially throughout the stroke, 
and the analysis of aerodynamic forces is more complex. Low 
advance ratio flight is typical of many insects, particularly 
those of small body size, and is characterized by a motion in 
which the wings flap back and forth in a roughly horizontal 
plane. During the two strokes (somewhat inappropriately 
named. the downstroke and upstroke), the wings translate 
through the air at high angles of attack creating elevated 
vorticity. At the end of each stroke, the wings rapidly flip over 
such that the dorsal surface of the wing faces upward during 
the downstroke, and the ventral surfaces faces upward during 
the upstroke. As it flips, the wing sheds the vorticity it 
created in the previous stroke, thereby adding to a complex 
vortex wake that forms underneath the stroke plane akin to 
the downwash beneath a hovering helicopter. Thus, at the 
start of each stroke the wing travels not through still air, but 
through its own wake. These three peculiarities of wing 
motion during flapping flight, (1) the high angle of attack 
during translation, (2) the rapid rotation between strokes, 
and (3) the influence of the wake on subsequent flow of air 
around the wings, all profoundly influence the manner by 
which insects create and modify aerodynamic forces. 


Aerodynamic Mechanisms 


The total force created throughout a stroke by a flapping wing 
may be conveniently separated into four main components: 
translational force, rotational force, wake capture, and inertial 
force (Fig. 1). Inertial force results from the acceleration of 
the wing back and forth during each stroke. Although the 
mass of the wings is small, the acceleration is great and the 
resulting inertial forces are substantial. Peak values during 
stroke reversal may be many times greater than the 
aerodynamic forces. However, because the flapping motion is 
largely sinusoidal, wing inertia averages close to zero over 
each stroke and thus does not contribute to the average forces 
acting on the body. Another component of inertial force 
derives from the acceleration of the air displaced by the wing 
as it accelerates, termed virtual mass. Although the precise 
volume of air disturbed by an accelerating or rotating wing is 
difficult to calculate, conservative estimates indicate that 
added mass inertia is relatively small compared with the wing 
mass inertia and other aerodynamic components. Thus, 
although wing and virtual mass inertia may complicate the 





C 


1 total 2 3 
_ force 
leading lift 


wing 
edge s_ 3 mae 
Vortex \ rotation 
—_> > > 
ee msl a Cr 


translation 


Delayed 


law Rotational ies 


downstroke —->> 


SMO? 


—<t—_ upstroke 


4 R) 


tO wake from C) lh 
att previous stroke _O 


i ™ 


C2 * 








Stall Lift 


Wake Capture ——————_____+ | 


FIGURE 1 Summary of aerodynamic mechanisms used by insects. (A) Under hovering or near-hovering conditions, insects flap their wings back and forth at 
a high angle of attack during each stroke. The wing path is shown by the dotted line; white arrows indicate wing motion. Between strokes, the wing rapidly 


rotates so that the dorsal surface faces up during the downstroke, while the ventral portion faces up during the upstroke. The total aerodynamic force (thick 


arrow) acts perpendicular to the surface of the wing and may be decomposed into orthogonal lift and drag components (thin arrows). (B) Diagram of wing 
motion indicating magnitude and orientation of the total aerodynamic force vector (black arrows) generated throughout the stroke. Gray lines indicate 


instantaneous position of the wing at temporally equidistant points during each stroke. Small circles indicate the leading edge of the wing. Time moves left to 


right during downstroke and right to left during upstroke. (C) Drawings indicate air flow around wing and resulting forces at points within the wing stroke 
(as indicated in B). Delayed stall (1) results from the formation of a leading edge vortex on the wing. Rotational lift (2 and 3) results from the rapid rotation 


of the wing at the end of the stroke. Wake capture (4 and 5) results from the collision of the wing with the wake shed during the previous stroke. 


precise time course of force production, they are typically 
ignored in biomechanical analyses of insect flight. 

The salient feature that distinguishes the translational 
forces of insect wings from those generated by airplanes, 
helicopters, and most birds is that the wings flap back and 
forth at relatively high angles of attack (30—45°). At such high 
angles, the stream of air separates from the leading edge of the 
wing, forming a characteristic flow structure called a leading 
edge vortex. The lift resulting from the leading edge vortex is 
much greater than that produced by the bound circulation 
generated at lower angles of attack. This transient increase in 
lift at the start of motion at high angles of attack, termed 
delayed stall, was first recognized by aeronautics engineers in 
England in the early 1930s, but is too brief to be of use to 
most aircraft. After only a few moments, the vortex structure 
grows too large and is shed into the wake, resulting in a 
precipitous drop in lift. Insects, however, can make use of the 
initial stages of stall because their wings strokes are so brief. 
At the end of each stroke the wing sheds the vortex, rotates, 
and develops a new leading edge vortex swirling in the 
opposite direction. In addition, complex three-dimensional 
aspects of the flow, such as a base-to-tip helical flow of air 


through the center of the vortex, may in some cases remove 
energy from the structure, enabling it to remain attached to 
the wing throughout the stroke. 

Rotating objects are themselves sources of circulation and 
concomitant lift production, which is why a tennis ball hit 
with backspin rises as it moves through the air. The physics 
of circular balls and flat wings is somewhat different because 
the wing has sharp leading and trailing edges, but in both 
examples the act of rotation serves as a source of circulation, 
creating a faster flow of air over the top surface resulting in 
an elevated pressure force. The direction of this rotational 
force is such that the wing generates positive lift if it flips over 
before stroke reversal and negative lift if the wing flip is 
delayed until after stroke reversal, which are kinematic 
conditions roughly analogous to backspin and topspin on a 
tennis ball. Thus, unlike the translational component of the 
total aerodynamic force, the rotational component is strongly 
dependent on the precise timing of rotation between strokes. 
For this reason, rotational forces may be particularly 
important for steering and flight control. 

After reversing direction, the wing does not move through 
undisturbed air, but rather collides with the wake generated 


during the previous stroke. Because the leading edge vortex 
moves downward after it is shed, its influence on the flow 
around the wing is maximal at the start of wing translation, 
but then rapidly diminishes. Nevertheless, the instantaneous 
air velocity experienced by the wing at the start of each stroke 
can be substantially greater than that caused by its own 
flapping speed. Under certain conditions, this increased flow 
can result in additional force by a mechanism called wake 
capture. Because a vortex wake represents the energy lost to the 
fluid by a moving object, wake capture is an aerodynamic 
mechanism that enables an insect to recover some of the 
energy otherwise lost to the air. As with rotational forces, wake 
capture may play a particularly important role in flight control 
and maneuverability. By changing the timing and speed of 
wing rotation, insects can manipulate the magnitude and 
direction of forces during stroke reversal, thereby manipulating 
force moments around the body’s center of mass. 

The wake generated by the wings influences aerodynamic 
forces in other ways. Vortices shed from the wings drive a 
column of air downward from the plane of wing motion, 
which is a change in fluid momentum that is equivalent to the 
average upward force on the wings. This downwash alters the 
flow around the wings, but reduces the effective aerodynamic 
angle of attack and thus attenuates the production of 
translational forces. In addition, flow interactions may occur 
among the wings on the same insect. For example, in some 
insects the close apposition and subsequent rotation of the 
wings at the beginning of the downstroke, termed the “clap” 
and “fling,” augment force production at the start of the 
stroke by enhancing the development of the leading edge 
vortex. In four-winged insects such as dragonflies, the wake 
of the forewing might under certain conditions increase the 
forces created by the hind wing. 

Although certain general aerodynamic principles apply to all 
insects, the precise details of flight aerodynamics likely vary 
in concert with the extreme morphological and behavioral 
diversity found among the species. The force-generating 
mechanisms described above, as well as additional mechanisms 
yet to be discovered, are best viewed as a palette from which the 
flight behavior of any given species is constructed. The long- 
term goal for the study of insect flight aerodynamics is not only 
to uncover the mechanism by which any particular species 
stays in the air but also to show how it manipulates various 
mechanisms to maneuver and accomplish the aerial behaviors 
that are necessary for its survival and reproduction. Recent 
work in elucidating specific aerodynamic mechanisms must be 
viewed as only a starting point toward a more comprehensive 
understanding of flight mechanics and behavior. 


NEURAL CONTROL 
Sensory Systems 


The extreme morphological adaptations associated with flight 
behavior in insects are paralleled by equally impressive special- 
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izations within the nervous system. Perhaps most extreme 
among these alterations relative to the basic neural organiza- 
tion of wingless insects is the hypertrophy of the compound 
eyes and associated visual ganglia. Large eyes capable of rapid 
response and broad adaptation to ambient light level are 
characteristic of diurnal insects such as butterflies, dragonflies, 
bees, wasps, and true flies. The visual system provides essential 
sensory feedback for flight control in most diurnal species 
and is used for a variety of tasks, including velocity and altitude 
control, obstacle avoidance, landing responses, target recog- 
nition, and spatial memory. Features of the anatomy and 
physiology of the visual system of individual species correlate 
well with flight behavior and habitat. The elevated transla- 
tional and rotational speeds characteristic of flight, particularly 
compared with those of walking and running, place a premium 
on rapid response time of the visual system. The enhanced 
visual processing speeds of insects is exemplified by the 
flicker fusion rate of house flies, which at roughly 300 Hz is 
the highest found among all animals. 

In addition to the eyes, several other sensory modalities 
on the head provide critical feedback during flight. Although 
incapable of extracting detailed spatial information, output 
from the three ocelli helps to stabilize pitch and roll. Because 
the associated neural computations are relatively simple, the 
ocellar system can detect and process changes in body 
orientation more rapidly than can the visual system. Hair 
cells on the head and mechanoreceptors at the base of the 
antennae are capable of measuring the magnitude and 
direction of airflow during flight. In conjunction with visual 
measurements of ground speed, the input from these wind- 
sensitive cells is crucial for calculating ambient wind 
direction, an important capability for flying upwind or 
tracking odor sources, which are detected in part by 
chemosensory sensilla on the antennae. 

Although sensory structures on the head provide relatively 
slow tonic cues used for modulating wing motion or body pos- 
ture over many wingbeats, sensory input from mechanosen- 
sory cells on the thorax provides fast phasic input that can 
alter wing movements on a cycle-by-cycle basis. These 
mechanosensory structures include the tegula, an organ below 
the wing that is stimulated during the downstroke, and stretch 
receptors embedded in the wing hinge that fire during the 
upstroke. Wing veins contain arrays of tiny campaniform 
sensilla that encode deformations of the wing surface 
throughout the stroke. In flies, these arrays are greatly 
elaborated at the base of tiny drumstick-shaped hind wings 
called halteres, which function as equilibrium organs. 
Associated sensory fields detect the Coriolis forces that deflect 
the beating haltere when the animal’s body rotates during 
flight. Remarkably, a similar specialization is found among 
stresipterans, but in these insects it is the forewing that has 
been transformed into an equilibrium organ, whereas the hind 
wings retain the aerodynamic function. Although the precise 
role of the thoracic mechanosensory organs varies from 
species to species, their general function is to tune the output 
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FIGURE 2 In insects using an asynchronous flight motor, the wing muscles are segregated into two anatomically, physiologically, and functionally distinct 


groups. (A) The large indirect power muscles, which fill the thorax, are arranged in two antagonistic groups. (B) A cross section through the thorax (as indicated 
by line in A) showing the action of the power muscles. The laterally placed dorsoventral muscles drive the upstroke, whereas the more medial dorsolongitudinal 


muscles drive the downstroke. The contraction of each muscle set stretches the antagonist group thereby activating the next phase of oscillation. The motion 


of the thorax is indicated by black arrows, motion of wings is shown by gray arrows. (C) The arrangement of direct steering muscles. (D) Illustration of how 
activity of a steering muscle changes wing motion (enlargement of rectangular region in C); as muscle becomes active (dark gray), wing trajectory changes. 


of interneurons and motor neurons that pattern the activity 
of the flight muscles. The phasic, phase-locked nature of this 
feedback is important because the mechanical properties of 
steering muscles are extremely sensitive to the precise time at 
which they are activated within the wingbeat cycle. 


Muscles 


As with sensory systems, motor systems of insects exhibit many 
specializations related to flight behavior. Unlike the wings of 
birds, bats, and pterosaurs, insect wings contain no intrinsic 
muscles. The wing is attached to the thorax by a complicated 
hinge structure that amplifies the tiny strains of the flight 
musculature into the large sweeping motions of the wing. 
The hinge is composed of a connected set of hard sclerotized 
elements (the wing sclerites or pteralia) embedded within a 
matrix of more compliant cuticle. Flight muscles may be 
segregated into two morphological groups according to how 
they transmit force to the wing. Direct flight muscles insert 
upon apodemes connected directly to the wing sclerites. In 


contrast, indirect flight muscles insert within the thorax some 
distance from the base of the wing. Odonates are distinct in 
possessing only direct flight muscles, whereas most insects 
possess some combination of direct and indirect muscles. In 
many of the most species-rich orders, including the Coleoptera, 
Hymenoptera, and Diptera, direct and indirect muscles differ 
physiologically and serve distinct functions (Fig. 2). 

Large indirect “power” muscles provide the mechanical 
energy to drive the gross up-and-down motion of the wings, 
whereas a set of small direct “steering” muscles controls the fine 
changes in wing kinematics during flight. Each contraction 
in a steering muscle is activated one for one, by action 
potentials in presynaptic motor neurons, but contractions in 
the power muscles are asynchronous with motor input. By a 
molecular mechanism not yet fully understood, rapid stretch 
activates the crossbridges in asynchronous muscles, causing 
them to shorten after a brief delay. The low-frequency drive of 
motor neurons is sufficient to elevate calcium concentration 
within the sarcoplasm of asynchronous muscle to a level that 
maintains crossbridges in a stretch-activated state. During 


flight, contractions within sets of antagonist downstroke and 
upstroke muscles provide the requisite mechanical stretch to 
activate each other. Stretch activation frees muscles from the 
requirement of an extensive sarcoplasmic reticulum (SR), 
which is necessary in synchronous muscle for the release and 
subsequent uptake of calcium during twitches. 

Asynchronous muscles are capable of generating elevated 
levels of mechanical power because their internal volume is filled 
almost exclusively with contractile fibrils and mitochondria. 
The advantage of stretch activation is especially strong at high 
frequencies for which typical twitch muscles would require 
an enormous surface area of SR, severely compromising their 
ability to generate power. Thus, asynchronous fliers can attain 
much higher wingbeat frequencies, and thus smaller body 
size, than can insects using synchronous flight muscles. The 
mechanical efficiency of asynchronous muscles should also be 
high because the normal costs associated with cyclic release 
and uptake of calcium through the SR are not incurred. 
Because their contraction is only partially controlled by the 
nervous system, indirect asynchronous muscles are ill-suited 
to mediating rapid changes in wing motion. The nervous 
system exerts its control of flight behavior primarily through 
the action of the direct synchronous steering muscles. 


Pattern-Generating Circuits 


The motor neurons that innervate insect flight muscles are 
driven by complex rhythm-generating circuits within the 
nervous system. Seminal studies by Don Wilson on locust 
flight led to the discovery of central pattern generators (CPGs), 
circuits consisting of interneurons and motor neurons capable 
of generating rhythmic patterns in the complete absence of 
phasic sensory feedback. Cells within CPGs excite and inhibit 
the motor neurons of upstroke and downstroke muscles so 
that they fire antiphasically during the stroke cycle. Even 
stretch-activated muscles are driven by CPGs, although the 
firing rate is roughly 10 times lower than wingbeat frequency. 
Although there is no doubt that insect nervous systems 
contain CPGs, research pioneered by Kier Pearson and 
colleagues has demonstrated that sensory feedback from 
thoracic mechanosensory structures plays an essential role in 
patterning motor output during flight. For example, 
electrical stimulation of wing stretch receptor cells can reset 
the timing of the flight rhythm in locusts—thus fulfilling a 
strict criterion that is used to test whether a neuron is a 
member of a CPG. The circuitry underlying flight behavior 
is best described as a distributed pattern-generating network, 
consisting of both central and peripheral neurons. 


ENERGETICS 
Fuel and Oxygen Delivery 


Metabolic rates during flight exceed resting values by a factor of 
50 to 200, and the thoracic muscles of flying insects exhibit 
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the highest mass-specific rates of oxygen consumption known 
for any locomotor muscle. Mitochondrial densities within 
flight muscle fibers are correspondingly high, ranging in some 
insects to values as high as 45% of the total muscle volume. 
Energy during flight is derived almost entirely from the oxi- 
dation of chemical fuels; anaerobic pathways are absent from 
flight muscles. Metabolic fuels diffuse from the hemolymph 
surrounding muscle fibers to the point of oxidation within 
mitochondria, whereas bulk movement of hemolymph within 
the body cavity transports fuels from the abdominal fat body 
to the thoracic musculature. The type and composition of 
the fuel used in flight (ie., lipids, carbohydrates, or amino 
acids) vary with phylogenetic association and may even 
change with time during a single flight duration in some 
species. Oxygen influx and carbon dioxide efflux during 
flight occur primarily via diffusion within tracheal pathways, 
but may be augmented by convective motion. For example, 
contraction of flight muscles and the associated deformations 
of the thorax can compress and expand internal air sacs and 
even first- and second-order tracheal branches. Although 
most higher order branches within the tracheolar network are 
unlikely to experience convective pumping, muscular 
contraction may augment diffusion by deforming tracheoles 
that invaginate muscle fibers. 

One important issue relating to flight energetics concerns 
the limits of insect body size. In dragonflies, studies of 
tracheal geometry suggest an upper limit to thoracic radius of 
about 0.5 cm if diffusion alone supplies oxygen during flight. 
The thoraces of many extant insects are well above this limit, 
however, and the relative contribution of convection to 
oxygen supply has yet to be determined for any insect. The 
existence of some flight-related constraint on maximum 
body size is supported by the observation that many large 
insects (e.g., the giant stick insects of Southeast Asia) are 
secondarily flightless. In a modern species of dragonfly, flight 
metabolic rates vary in direct proportion to ambient oxygen 
concentration, a result that is consistent with diffusion- 
limited oxygen transport. The existence of widespread 
gigantism in late Paleozoic insects (and among other 
arthropods) during periods of elevated atmospheric oxygen 
concentration provides further evidence for diffusive limits to 
flight metabolism, and thus body size, of flying insects. 


Energy Requirements for Flight 


Although selection has presumably acted to minimize 
mechanical power expenditure, most of the energy consumed 
during flight is lost as heat in the flight musculature. Estimates 
for the mechanical efficiency of insect flight muscle range from 
only 4 to 30%, depending on taxon and assumptions as to 
the amount of elastic energy storage within the thorax. Thus, 
a comparatively small fraction of the fuel an insect consumes 
is available as mechanical power to drive the wings. This 
mechanical energy must support three requirements: parasite, 
inertial, and aerodynamic power. Inertial power is the power 
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required to accelerate the wings back and forth during the 
stroke. Unless inertial power is substantially greater than aero- 
dynamic power, even moderate elastic storage within the thorax 
renders inertial costs small. Parasite power is the work required 
to overcome the drag on the animal’s body as it moves through 
the air. Thus, parasite power is negligible at low advance ratios, 
but increases with the cube of flight speed. The aerodynamic 
power is the rate of the work the wings perform on the air, 
which may be further subdivided into induced power, the cost 
of generating lift, and profile power, the cost of overcoming 
drag on the wings. Because the lift-to-drag ratio for most wing 
kinematic patterns capable of generating sufficient lift is quite 
low, profile power requirements may substantially exceed the 
induced power, especially in smaller insects. Also, recent 
measurements of drag on dynamically scaled model insect 
wings indicate that values of profile power may be two to three 
times higher than previously thought. Underestimates of aero- 
dynamic power resulting from unrealistically low values for 
wing drag may explain the low estimates of mechanical effi- 
ciency for asynchronous flight muscle. 

The variation in power requirements with forward airspeed 
is of ecological and evolutionary interest because of its impli- 
cations for optimal foraging and dispersal strategies. Both 
direct measurements and aerodynamic modeling of bumble 
bees in forward flight suggest that mechanical power require- 
ments are approximately constant over an airspeed range of 0 
to 4.5 m/s. In contrast, calculations for various lepidopteran 
and odonatan species show substantial increases in mechanical 
power expenditure, with forward airspeed due to the rise in 
parasite power. In situations in which parasite power is large 
relative to aerodynamic power, the choice of airspeed during 
flight has significant energetic implications. One study with 
dragonflies suggests, in fact, that maximum flight speeds are 
determined predominantly by the dramatic increase in body 
drag and associated power requirements at extreme airspeeds. 


Temperature Effects 


As with many features of flight muscle physiology, power 
production is strongly temperature-dependent, an effect that 
has several implications for overall flight performance. 
Measurements on isolated muscles show that mechanical 
power output typically increases with temperature and is 
maximal near muscle temperatures characteristic of the free- 
flying insect. However, the temperature dependence of power 
output differs greatly among taxa, and although some insects 
can instantly take off from the surface of glaciers, others must 
warm their thoraces to 40°C before their muscle generates 
sufficient power to sustain flight. In insects for which the flight 
muscles require elevated temperatures to attain adequate per- 
formance, the heat generated during flight that results from 
low muscle contractile efficiency is available as a source with 
which to regulate thoracic temperature. In small insects, most 
metabolic heat generated during flight is lost via convective 
cooling, and body temperature is close if not equal to ambient 


air temperature. In larger insects, however, metabolic heat gain 
is high relative to convective loss and body temperatures are 
correspondingly elevated. Many large insects regulate internal 
heat distribution via control of hemolymph circulation 
between the thorax and the abdomen, using the latter to 
radiate excess heat. The dramatic amounts of heat produced 
by muscular contraction are illustrated by the capacity of 
bumble bees and of some moths to maintain thoracic 
temperatures exceeding 30°C when ambient air temperature 
is only 2 to 3°C. Evolution of such thermoregulatory 
capacity in many insects is consistent with strong historical 
selection on muscle performance to meet the exacting energetic 
demands of flight. Further evidence supporting the link 
between thermoregulation and flight is the phenomenon 
known as preflight warm-up. In larger insect taxa, pronounced 
contraction of the thoracic muscles and low-amplitude wing 
vibrations precede flight. These actions elevate thoracic 
temperature to values at which the muscles yield sufficient 
mechanical power for takeoff. Ontogenetic variation in the 
temperature dependence of muscle power output can also be 
substantial. In some dragonflies, for example, thermal 
sensitivity of force production by flight muscle is correlated 
with changes in the expression of myosin isoforms through 
development. This finding suggests that physiological 
features of flight performance are matched to particular 
environmental conditions and selective demands. 


ECOLOGY AND DIVERSITY 
Wing Arrangement 


The origin of wings was followed by an explosive diversification 
of insect orders. Many Carboniferous insects possessed wings 
of approximately equivalent size, shape, and aerodynamic 
function that were probably limited to low-amplitude 
flapping. Equivalently sized fore- and hind wings persist to 
this day in at least seven orders. However, major differences in 
the sizes of meso- and metathoracic wings are evident in both 
contemporary fauna and fossils from the Paleozoic. With the 
exception of the Coleoptera and Strepsiptera, enlarged hind 
wings are for the most part confined to extant exopterygote 
orders. Many endopterygote orders (Hymenoptera, Lepidop- 
tera, Diptera), by contrast, reduce the aerodynamic role of 
the hind wings. In many insects in which the hind wings 
provide aerodynamic force, the forewings have been modified 
for supplemental function. Far from isolated events, the 
evolutionary transformation of the forewing into either a 
tegmen or an elytron has occurred at least three times at the 
ordinal level. Elytra of the Coleoptera have much reduced 
aerodynamic roles relative to the hind wings and provide for 
greater mechanical resistance to crushing in conjunction with 
increased sclerotization of the body as a whole. A similar 
functional role may be hypothesized for tegminized forewings 
(e.g., Blattodea and Orthoptera) and for the hemelytra of 


Hemiptera. Insect wings may also serve a variety of behavioral 


functions unrelated to flight, including sound production and 
visual communication. None of these functions are mutually 
exclusive, although the role of aerodynamic force production 
remains paramount for at least one wing pair. 


Flightlessness 


The behavioral and ecological advantages of flight notwith- 
standing, flightlessness has evolved independently many 
times in insects. Approximately 5% of the extant insect fauna 
may be classified as flightless, if all forms of variable wing 
expression and of reduced flight musculature are included. 
One common feature of the otherwise diverse manifestations 
of flightlessness is a reduced need for locomotor mobility. 
Selection for maintaining flight may be weak if this capability 
is not required for dispersal, reproductive behavior, or 
predator avoidance. Even in flying species, the costly 
development of wings and associated musculature may not 
occur under all ecological conditions. 


Flight Diversity and Body Size 


Changes in body size represent major trends in the evolution 
of winged insects. Although direct paleontological evidence 
is not available, body lengths of the first flying insects were 
probably in the range of 2 to 4 cm. Substantial increases in 
body length appear to have occurred by the mid- 
Carboniferous, and gigantism relative to today’s forms was 
typical of many late Paleozoic insects as well as of other 
arthropods. The most parsimonious explanation for Paleozoic 
gigantism is a contemporaneous increase in atmospheric oxygen 
concentrations, possibly to values as high as 35% relative to 
today’s 21%. Such high oxygen concentrations, together with 
higher diffusion constants due to an increase in total atmos- 
pheric pressure, would have relaxed diffusional constraints on 
flight metabolism and thus would have permitted the 
evolution of giant flying forms. Increased atmospheric density 
would also have yielded increased augmented lift production 
during flight, both effects possibly being advantageous during 
the initial periods of wing evolution. Furthermore, geophysical 
evidence suggests a decline in atmospheric oxygen concentra- 
tion through the mid- to end-Permian. As would be consistent 
with asphyxiation on a geological time scale, all giant terrestrial 
arthropod taxa of the late Paleozoic went extinct by the end 
of the era. 

In sharp contrast to the late Paleozoic giants, the 
contemporary insect fauna is characterized by a diversity of 
miniaturized forms. For example, mean adult beetle body 
length lies between 4 and 5 mm. Much of the wealth of 
dipteran and hymenopteran diversity is similarly associated 
with small body sizes, particularly among the parasitoid and 
hyperparasitoid taxa. Wingbeat frequencies vary inversely 
proportional to body size, and today’s small insects typically 
fly with wingbeat frequencies in excess of 100 Hz, rates 
achievable only with the use of asynchronous muscle. Thus, 
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FIGURE 3 Phylogenetic distribution of asynchronous flight muscle. The 
paraphyletic assemblage Homoptera is here represented at lower taxonomic 
levels of suborders and superfamilies. Equivocal branch designations indicate 
either an unknown (e.g., Zoraptera) or an unresolved character state. 


the acquisition of asynchronous flight muscle has played a 
major role in morphological diversification among different 
insect orders. Asynchronous flight muscle is phylogenetically 
derived relative to synchronous precursors and has evolved 
repeatedly among pterygote lineages (Fig. 3). Because flight at 
small body sizes mandates elevated wingbeat frequencies, this 
repeated evolutionary acquisition of asynchronous muscle may 
have facilitated taxonomic radiations of small insects. For 
example, systematic comparison of sister insect lineages that 
differ in muscle type statistically demonstrates a decrease in 
mean body size and an increase in species number if 
asynchronous flight muscle is present. Three-quarters of all 
described insect species and three of the four largest orders (i.e., 
Coleoptera, Diptera, and Hymenoptera) are characterized by 
asynchronous muscle. Because higher wingbeat frequencies 
yield increased aerodynamic force, asynchronous muscle may 
also permit a reduced wing area relative to body mass. This 
effect may help to explain how one wing pair in many insect 
groups evolved nonaerodynamic roles. 


Flight Behavior and Ecology 


Flight plays a central role in the life history patterns of most 
pterygote insects. A partial list of important insect behaviors 
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mediated by flight includes pollination, phytophagy, hema- 
tophagy, escape from predators, mate acquisition, and migration. 
Forces of both natural and sexual selection have demanded 
ever-increasing flight performance from insects through 
evolutionary time, whereas different selective agents are often 
mutually reinforcing. For example, intra- and intersexual 
selection often acts synergistically on maneuverability, as does 
escape from predation attempts by bats, birds, and other 
insects. Coevolutionary defensive responses among insects, 
including increased maneuverability and erratic flight styles, 
parallel the diverse radiations of insectivorous vertebrates 
worldwide. The morphological and behavioral mimicry among 
certain chemically defended insects provides wonderful 
testimony to the strength of such natural selection. 

Another major coevolutionary theme in the terrestrial 
biosphere concerns relationships between flying insects and 
plants. Phytophagy and pollination by insects are particularly 
influenced by three-dimensional aerial mobility, the capacity 
for which dramatically increases access to nutritional 
resources and suitable oviposition sites. The antiquity of such 
interactions is well demonstrated by fossil evidence for 
feeding on plants in the Upper Carboniferous, whereas high 
rates of herbivory imposed by insects characterize most 
present-day floras. The evolutionary presence of flying insects 
has similarly influenced the reproductive biology of many 
plants. Contemporary angiosperms are pollinated primarily 
by a broad diversity of insect taxa, most of which are 
miniaturized forms that can hover at flowers either before or 
during pollination. Small body size facilitates both incidental 
and intentional dispersal by wind, and as a consequence tiny 
insects can act as long-distance pollen vectors. 

Continuous aerial entrainment by winds interacts with 
the large individual numbers of insects worldwide to result in 
a transient but substantial population of insects moving at 
heights up to 10 km from the earth’s surface. Remarkably, 
insects from continental faunas have been captured in the 
mid-Pacific far from any land mass or island. The ability to 
decouple the flight trajectory from ambient winds depends 
on the relative magnitude of insect airspeeds, which but 
rarely exceed typical wind speeds. Thus, directed movement 
is likely only a few meters from the ground or within 
canopies of vegetation. Dispersal, on the other hand, is 
readily attained simply by flying upward into moving air 
masses. Even migratory flights of larger, more powerful 
insects (such as locusts and butterflies) are influenced by the 
directionality of prevailing winds. 


See Also the Following Articles 
Anatomy ¢ Migration « Muscle System ¢ Odonata « Swimming 
¢ Walking and Jumping ¢ Wings 
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AC integral part of any society’s cultural heritage is the 
collection of stories and traditions passed from generation 
to generation through the ages. Folklore serves to define a 
people’s identity by mirroring its beliefs, concerns, and 
fantasies. The passing on of traditional tales thus creates a 
lasting, tangible bond between the living and their ancestors 
and provides meaning to a people’s existence in the present. 
As with other aspects of human culture, the characters, 
lessons, and motivation of human folklore are greatly influ- 
enced by a people’s surroundings. It is therefore not surprising 
that ubiquitous insects are common elements in the variety of 
traditional stories told by people from both past and present 
societies. Among the variety of loosely categorized stories, 
traditions, and beliefs typically passed orally through time in 
human societies are folk tales and superstitious beliefs. 


Although such a medium for passing on information often 
results in inconsistent transmission across time, it provides an 
avenue for the creative embellishment of stories that reflects 
the ideals of the teller and the contemporary state of the 
particular culture. Other aspects of a people’s culture passed 
on in this way, such as religion or mythology, can be thought 
of as fundamentally different and thus treated separately. 


FOLKLORE AND MYTHOLOGY 


Although one certainly grades into the other and it is impos- 
sible to generalize across every situation, there are some 
marked differences between folk tales and stories classified as 
mythology. Myths are typically more infused with expressions 
of the unconscious and have more symbolic or religious signifi- 
cance than folk tales. Entire societies are grounded in myths, 
not folklore. Myths also accompany rituals and ceremonies 
much more so than folk tales. For example, myths are a 
common medium for reenactments of the past, such as the 
creation of the world or other significant events in a culture's 
history. This is true sometimes for stories treated as folklore, 
but they are much less engrained with ritual or any extended 
meaning much beyond the particular focus of the tale. In 
general, folk tales tend to be more for entertainment, whereas 
myths tend to be more for spiritual instruction. 

Folk tales and superstitions serve a variety of purposes, 
some of which reveal possible reasons for their origin. Some 
beliefs and tales deal with societal problems and incompati- 
bilities between culture and nature. Some are used as vehicles 
for wish fulfillment or as a means to speculate on explanations 
for phenomena observed in nature. They also may serve as 
mere tales for the enjoyment and entertainment of both the 
teller and the listener. Other tales serve to instill moral lessons 
or provide instructions for living one’s life in a particular way. 
Such tales, because they are inherently interesting and enter- 
taining, are particularly suited to providing historical or moral 
instruction to young minds that might otherwise be unre- 
ceptive to such teachings. 


TALES THAT EXPLAIN OBSERVED PHENOMENA 


Many folk tales dealing with insects are based on fanciful 
explanations of natural phenomena. The ancient tale of the 
bugonia apparently originated from such confusion. Bugonia 
comes from a Greek word that means ox progeny, and is based 
on the notion that a swarm of honey bees could be sponta- 
neously generated from the rotting carcass of an ox (Fig. 1). 
This was not merely a description of something perceived to 
occur in nature, but was a means whereby people could 
generate many new individuals of these beneficial insects. For 
this to be successful, precise instructions had to be followed 
regarding the proper methods and timing of the slaughter 
and preparation of the ox carcass. This European tale is also 
found in Chinese and Japanese folklore, and similar beliefs 
existed for the generation of other bee-like insects from the 
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FIGURE 1 A 16th century depiction of spontaneous generation of honey 
bees from a dead ox. [Illustration modified from Bodenheimer (1928).] 


carcasses of other animals, namely wasps from horses and 
hornets from mules. 

The bugonia tale originated in ancient Egypt, in a place 
and time at which the ox and the bee were revered as gods. A 
Biblical reference to this phenomenon (Joshua 14:8) attests to 
the antiquity of this belief. This tale of ancient times persisted 
well into the 1600s, when more careful observations of insect 
biology led to other explanations. In 1883, the eminent 
dipterist C. R. Osten Sacken proposed an explanation for the 
origin of the bugonia story that led to it being discredited. The 
supposed bees and wasps occurring in the carcasses of dead 
animals were in fact the drone fly, Evistalis tenax (Syrphidae). 
This fly, a Batesian mimic of honey bees, breeds in putrefying 
organic matter and could easily be mistaken for a bee by the 
untrained eye. 

The presence of particular forest clearings in western 
Amazonia is ascribed to the activities of forest gnomes known 
as chulla chaqui. These mischievous creatures live near the 
clearings and eat the fruits of the only shrub that grows in 
such places, Duroia spp. (Rubiaceae). Like many other figures 
in zoological folklore, these gnomes can take on the appear- 
ance of other forest creatures. They take particular delight in 
transforming into a brilliant blue morpho butterfly, whereby 
they attract the attention of human visitors and lure them 
into the forest, only to disappear and leave the disoriented 
humans lost. In reality, these clearings are formed and 
maintained by ants that live in a symbiotic relationship with 
Duroia. The ants clear potential competitor seedlings from 
areas around their myrmecophytic host plants in exchange 
for a place to live. This folk explanation is similar to that for 
small clearings in temperate forests or fields that serve as 


428 Folk Beliefs and Superstitions 





FIGURE 2 A typical insect-winged fairy. [Illustration by Ellen Edmonson 
from “Honey Bees and Fairy Dust,” by Mary Geisler Phillips (1926).] 


places where woodland fairies commonly gather. Fairies, 
those furtive, entomologically inspired imaginary beings of 
diminutive human form that typically bear insect-like wings 
(Fig. 2), are common figures in European folklore. In fields, 
the clearings known as fairy rings, supposedly caused by 
dancing fairies, are in reality caused by underground fungi 
that make their appearance in the form of an ever-expanding 
ring of mushrooms that encircles a bare patch among the 
surrounding vegetation. 

Another example of transformation surrounds the 
explanation for the name of a famous insect used by people 
as an object of adornment. In Mexico, the jewel-adorned 
ironclad beetles that serve as living brooches are known as 
MeaKech after a legend about a Mayan Prince of Yucatan who 
is said to have escaped his lover’s guards by transforming, 
with the help of the Moon Goddess, into this beetle. His 
lover was so impressed by his resolve that she uttered 
“MaKech.” This phrase not only means “you are a man” but 
also means “does not eat,” and refers to this insect’s and the 
Prince’s ability to go without food for long periods of time. 

The phenomenon of crypsis (imitating the background in 
form, color, pattern, or behavior by an organism to avoid 
detection) is explained by some indigenous peoples using yet 


another example of transformation. It is said that leaves can 
transform into insects such as katydids and mantids. This is a 
reasonable explanation given the striking leaf-like appearance 
of these insects. The transformation of plants into insects was 
also implicated by some early European naturalists in their 
explanation of the issuance of insects from galls, nuts, and 
fruit. This fanciful theory supposed that the various insects 
brought forth from these sources were generated by the 
“vegetative and sensitive soul” of the plant. The origin of 
another organism associated with insects is similarly explained. 
The elongate fruiting bodies of certain fungi (Cordyceps spp.) 
that commonly attack insects in the American tropics are 
thought to be the first stage in the development of particular 
jungle vines that are used for binding poles. 

Explanations for insect behavior often take the form of 
folk tales. Several stories and rhymes tell the tale of the origin 
of the katydid’s song. These short tales typically center on a 
girl or young woman named Katy who is accused of 
committing some bad deed such as deceiving or killing 
another person. The shameful act is immortalized by the 
singing insects in the trees that continue to debate whether 
“Katy did” or “Katy didn’t.” Some insects spend the greater 
part of their lives boring through and feeding upon living or 
dead wood. According to a story from the Tahltan of British 
Columbia, these insects were tricked into searching for their 
food in this manner by another insect. Long ago a beetle 
larva and a mosquito lived together. Every day, the larva 
watched his friend the mosquito come home engorged with 
blood. Upon being asked by the beetle larva where he was 
able to regularly find food, the mosquito, not wanting to give 
up his secret, replied that he sucked his meal out of trees. The 
next day the larva began boring into wood looking for food, 
an activity that continues to this day. 

In addition to biological phenomena, stories about the 
origins of some geophysical entities similarly incorporate 
insects. The origin of fire has been attributed to the actions 
of fireflies that were responsible for starting the mythological 
first campfire. According to the Yagua Indians of the upper 
Amazon, the origin of the river is a result of the misguided 
actions of insects. Before the existence of the river, the water 
used by people came from the “tree of water” that, when cut, 
would release some of this precious liquid. In an effort to 
liberate more water, wood-boring insects were deceptively 
used by some children in a plan that damaged the tree such 
that it released all its waters at once. This resulted in the 
formation in the mighty Amazon River. 


BENEFICIARY TALES AND 
ENTOMOPHOBIC LEGENDS 


Another force behind some folklore is a means of obtaining 
some diffuse or ancillary benefit for the originator or propa- 
gator of the tale. The tale of the Machaca among some 
inhabitants of Amazonia is a good example. The purportedly 
deadly consequences of the bite from the Machaca, which in 
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As the successor to 4G, the objective for 5G will also be to provide: 


- An extremely reliable network, with more consistent performances regardless of the user’s 
position with respect to the base station; 


- Astable connection, even when travelling (at speeds of up to 500 km/h); 
- Greater network energy efficiency (with batteries that consume up to 100 times less power). 


The following table summarises the target performances for 5G and those currently available with 


4G: 


1. 


2. 
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Peak data rate (Gbit/s) 


User experience data rate 
(Mbit/s) 


Spectrum efficiency 
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4G 5G 
1 20 
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1x 3x 
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Table 1. Comparisons between 4G and 5G performances 
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actuality is the harmless but menacing looking fulgorid Fulgora 
laternaria, can be thwarted by having sexual relations within 
24 h. These insects instill fear and should be avoided, but 
should the unfortunate happen, a cure is available. Such “sex 
antidotes” are fairly widespread among folk cures. The poten- 
tial benefits to those disseminating such tales are obvious. 

Other superstitious beliefs benefit particular insects by 
protecting them from undue harm from people. The Cornish 
believed that fairies were the souls of ancient heathen people 
that were too good for Hell but too bad for Heaven. These 
beings had gradually shrunk from their natural size to that of 
ants. It was therefore unlucky to kill ants. Similar tales of bad 
luck when people willingly or inadvertently step on or 
otherwise harm particular insects are found throughout the 
world. This is particularly true for insects perceived as 
beautiful or beneficial to human endeavors such as butterflies 
and ladybird beetles. 

Some insect folklore stems from a general dislike of insects 
by people and serves to pass this feeling on to others and 
propagate fright and ill will toward insects. In some stories, 
insects may be stigmatized with imagined, dangerous 
qualities. This is most common for insects that have a 
frightening appearance and gives reason for them to be 
despised and avoided. Dragonflies and damselflies, for 
example, are the bearers of nearly 100 English folk names 
related to their appearance or supposed behaviors. One of 
their names is “the devil’s darning needle,” referring to their 
ability to sew closed the mouth, nostrils, and eyelids of 
someone unfortunate enough to be the focus of their 
displeasure. Other examples focus on fanciful abilities of 
certain pestiferous species to invade nearly any aspect of 
human life. One fictitious tale describes the plight of an 
unlucky woman who kept her hair pinned up for such a long 
time that it became infested with cockroaches. 

A little known legend surrounds the comings and goings 
of body lice, Pediculus humanus humanus, an ectoparasite 
long associated with humans. There was a belief during the 
16th century that during trans-Atlantic voyages, lice on the 
heads and bodies of mariners would miraculously disappear 
from the westward traveler at a line of longitude roughly 100 
leagues west of the Azores. Furthermore, these parasites 
would return to the eastbound sailors at the same meridian. 
The basis of this sailor's tale is unclear, but it may be loosely 
related to the effects that the increase in ambient temperature 
and the associated shedding of clothing had on the number 
of observed lice as ships approached more tropical climes. 


INSECTS AS OMENS AND SOOTHSAYERS 


Insects that are most commonly featured in human folklore are 
those that most closely associate with humans or impact human 
affairs. It is not surprising then that insects such as cockroaches, 
mosquitoes, and bees are some of the most common subjects 
in stories and superstitions in which an insect’s presence or 
activity is related to significant events in people’s lives. 
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Because humans have practiced honey hunting and 
beekeeping for thousands of years, it is not surprising that 
there is much folklore surrounding these activities. The 
discovery and collection of honey is reason for merriment and 
joy in many hunter-gatherer societies and much significance 
has been attributed to the presence of bees and their role as 
makers of honey. The activities of foraging honey bees are 
used to predict the weather. When bees forage far from the 
hive, good weather is expected, but when they forage nearby, 
poor weather is sure to come. In ancient Rome, swarms of 
bees foretold impending misfortune. The significance of the 
timing of bee swarms is exemplified by the following rhyme: 


A swarm of bees in May, is worth a load of hay. 
A swarm of bees in June, is worth a silver spoon. 
A swarm of bees in July, is not worth a fly. 


This saying is relevant to the beekeeper whose summer 
swarms of bees heading off into the distance mean lost assets. 

In addition to bees, the presence and behavior of other 
insects are used to predict the weather. The most widely 
known insect-mediated weather forecaster is the larvae of 
some tiger moths (Arctiidae), known as woollybear 
caterpillars. These caterpillars, in particular those of the 
banded woollybear, Pyrrharctia isabella, are thickly covered 
with erect black hairs and have a band of reddish brown hairs 
encircling the middle of their body. The width of the central 
band supposedly predicts the weather conditions of the 
coming winter. Narrow bands indicate a long, cold winter, 
whereas wide bands indicate a short, relatively warm winter. 
Other insects associated with weather forecasts are butterflies, 
flies, wasps, and ants. The Zuni of the American Southwest 
say to expect rain when the white butterfly flies from the 
southwest. American folklore tells us that when the gnats 
swarm, rain and warmer weather are believed to be coming, 
and when hornets build nests near the ground a harsh winter 
is expected. Rain is expected when ants withdraw into their 
nests or if someone steps on an ant. The European stag 
beetle, Lucanus cervus, is supposed to be able to attract 
thunderbolts. This association is perhaps explained because 
these beetles were commonly found in old oak trees that were 
often struck by lightning. Because of this belief, these beetles 
were sacred to Thor, the Germanic god of thunder. 

The association of particular insects with common events 
in distant parts of the world sometimes depends on the 
characteristics of a particular taxon. Praying mantids are 
considered pious prophets or soothsayers in various parts of 
the world. There is also a considerable body of folklore 
associated with ladybird beetles. Named after the Virgin 
Mary (Our Lady), these beetles are widely equated with good 
luck and are often associated with the ability to portend 
happy events. These beetles are reputed to have been sacred 
to Freyja, the ancient Norse goddess of love. To harm one of 
these insects would certainly bring bad luck. That the most 
common European species of ladybird has seven spots is the 
basis for one explanation why this beetle is venerated in this 
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part of the world. The number 7 has long been considered a 
mystical, powerful, and “perfect” number. In southeastern 
France, a young girl can predict the year when she will marry 
by placing a ladybird beetle on her finger and counting the 
years aloud until the beetle flies away. In other instances, an 
insect’s significance depends on characteristics or behaviors 
shared between quite different taxa. 

In general, the insects found in the folklore of a particular 
place are drawn from the local fauna. Consequently, significant 
events common to people worldwide are associated with 
different species of insect. In British folklore, the presence of 
deathwatch beetles (Anobiidae) is correlated with the demise 
of someone in the household. These beetles that live in wood, 
such as that framing an old English house, send telegraphic 
messages to each other by tapping their heads on the tunnel 
walls. This tapping sound is audible to people when all else is 
quiet, such as in a silent room during a bedside deathwatch. 
In parts of the Neotropics, the activities of termites fulfill this 
role as a harbinger of death in a similar manner. Other insects 
associated with impending death include the appearance of 
lice in one’s dreams, cockroaches flying in one’s room, and 
the sighting of a death’s head hawk moth (Acherontia atropos). 
The scales on the dorsum of the thorax of this moth form the 
readily recognizable image of a whitish human skull against a 
dark background. The association of this moth with death in 
the minds of humans was inevitable. 

Often the appearance of a given insect conveys a different 
meaning in different places or at different times. For 
example, in some parts of the world, a cricket in the house 
means good luck, but in other places the presence of this 
insect means ill fortune. According to one superstition in 
Brazil, careless contact with fireflies can cause blindness, but 
in the hands of a curandeiro (folk healer or medicine man), 
fireflies can be used to cure blindness. 


INSTRUCTIONAL TALES 


In addition to being entertaining, some folk tales serve as a 
useful means of instruction. Many tales are told to convey a 
moral message or pass on useful information in an interesting, 
amusing, and hence more easily remembered format. An 
example is that of Aesop’s fable of the ant and the grasshopper. 
While the ant concerned himself all summer with gathering 
provisions for the upcoming winter, the grasshopper spent 
his time in leisure and song. The grasshopper even derided 
the ant for spending so much of his time at work instead of 
play. When winter came, the grasshopper was not prepared 
and suffered the consequences of his folly. The ant on the 
other hand, lived comfortably through the winter on the 
stores he gathered all summer. The activities of these insects 
in this story are used to show the importance of preparation 
for future times of necessity. In addition to ants, the behavior 
of other social insects such as termites, honey bees, and wasps 
is commonly used to exemplify the benefits of cooperation, 
diligence, and hard work. 


FOLK MEDICINE 


Folk remedies for the treatment of the innumerable ailments 
that befall humans and their animals are found worldwide. 
Although less important than herbal remedies, insects play a 
role in the folklore of healing and drug use. One of the most 
well-known insect-derived folk medicines is cantharidin. This 
powerful vesicant is derived from dried blister beetles, particu- 
larly Lytta vesicatoria. Although cantharidin can be extremely 
toxic to humans, as recently as the early 1900s cantharidin 
was used to treat a variety of ailments such as asthma, epilepsy, 
warts, sterility, and bedwetting. In Europe, where the drug as 
well as the beetle is known as “Spanish fly,” powdered 
cantharidin was taken orally for its purported qualities as an 
aphrodisiac. Cossinus, a close friend of the Roman Emperor 
Nero, reportedly died when an Egyptian doctor gave him 
“cantharis” to drink for treatment of a skin disease. 

Many other insects and insect-derived products have been, 
and sometimes continue to be, used to improve health and 
treat disease. One product of insects that is widely used today 
in the context of what might be called folk medicine is bee 
pollen. The consumption of bee pollen is said to improve 
general health and increase stamina. Tonics and teas derived 
from nearly every insect order, from bedbugs to beetles and 
cicadas, have found their way into the human apothecary. In 
China, exuviae left behind by newly emerged adults are used 
to prepare a tonic to treat eye disease and ailments of the lungs 
and liver and to soothe crying children. Another particularly 
interesting use of insect-derived pharmaceuticals in China 
has recently received much publicity. A tonic made from the 
fruiting body of the entomophagous fungus Cordyceps sinensis 
is considered a general-health and stress-relieving tonic. The 
fungus is collected in the wild from the dead caterpillar hosts 
of the hepialid moth Hepilus fabricius. In addition to the 
variety of ailments purportedly treated with this tonic, cater- 
pillar fungus is also used to improve stamina and endurance. 
The tremendous performances of Chinese female distance 
runners in the early 1990s were attributed in part to the use of 
this caterpillar fungus tonic as part of their training regimen. 

Although generally based on some empirical observation 
some time in the distant past, the validity of insect-based folk 
medicines should not be assumed, even on the grounds of 
widespread and long-term use. This is particularly true of 
aphrodisiacs. The symbolic, religious, and ceremonial asso- 
ciations common to the historical use of many drugs tend to 
obscure evidence on actual potency. On the other hand, the 
medicinal use of insects in folk remedies should not be 
dismissed. outright as untrue. Each insect species possesses a 
unique biochemistry that has the potential to perform any 
number of medicinal tasks. Some insect-based folk remedies, 
such as the use of bee venom to treat arthritis and rheumatism, 
may eventually find a place in modern medicine or may at least 
serve as the basis for the derivation of modern treatments. 

In addition to folk remedies that use insects to cure 
ailments, another body of insect folklore deals with ways to 


rid ourselves of pestiferous insects. Pliny the Elder wrote that 
one sure way to rid one’s fields of pests, particularly plagues 
of cantharid beetles, is to have a menstruating woman walk 
through the field. This treatment was said to cause the 
“caterpillars, worms, beetles, and other vermin to fall to the 
ground.” One widespread remedy for an infestation of 
cockroaches is to seal a few roaches and three coins in an 
envelope and leave it outside. Whoever picks up the envelope 
would not only be a little richer, but would also be the new 
owner of your roaches. A simpler remedy was to slip some 
roaches to some unsuspecting acquaintance to take home 
with them with the assurance that your roaches would soon 
follow. Problem ants can be dealt with in much the same way. 
By rolling several of the bothersome ants in a leaf and leaving 
it at a neighbor's house, you could be sure that the ants in 
your house would soon depart to take up residence with the 
neighbor. Similarly, some folklore deals with how other 
animals rid themselves of pestiferous insects. Scottish foxes 
infested with fleas were said to hold a lock of wool in their 
mouth and then slowly submerse themselves in water until 
only the nose and the wool were above water. In trying to 
escape the water, the fleas end up on the fox’s nose and the 
wool. To finish the job, the fox puts its nose under water and 
releases the wool along with its passengers of fleas. 


CONCLUSION 


The acculturation of indigenous peoples worldwide, the 
disconnection of people from the natural world, and the 
spread of scientifically based knowledge facilitated by 
modern means of communication all work in concert to 
diminish the generation and proliferation of folklore in 
modern societies. With the ongoing loss of folk traditions in 
the modern world, so goes the place of insects in traditional 
folk beliefs and superstitions. Some continue to live on in 
various forms among contemporary societies, especially 
among indigenous people in places where the impact of the 
modern world has yet to take hold. The tidbits of factual 
observations and the incorrect information that came from 
antiquity through folklore formed the basis on which the first 
truly scientific naturalists started their work in the 16th 
century and led to modern scientific investigation. What was 
once a way of dealing with problems of unknown nature in 
our world is now being supplanted by stories of mere 
curiosity, which although largely untrue, provide interesting 
insight into the origin and development of human societies, 
cultures, and religions and are aesthetically pleasing to study. 
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| nsects in certain taxonomic groups have played an important 
role in the history of human nutrition. Although their use 
as food has long been taboo in almost all Western cultures, 
their traditional use in tropical and subtropical countries 
continues to be widespread and to provide significant 
benefits—nutritional, economic, and ecological—especially 
for rural communities. The potential benefits of continued or 
wider use are obvious enough that there seems to be a 
lessening of the negative attitude in the West. 

The type of metamorphosis undergone by an edible species 
determines which life stage(s) is likely to be consumed. In the 
insect orders with simple or incomplete metamorphosis (i.e., 
the Hemimetabola), the life stages usually eaten are the nymphs 
and/or adults. These orders include the Orthoptera (grasshop- 
pers, locusts, katydids, crickets), Isoptera (termites), Heteroptera 
(true bugs), and Homoptera (cicadas). Legs, wings, head, and 
any other hard parts are usually removed before cooking. 
Orders having complex or complete metamorphosis (i.e., the 
Hemimetabola) include the Lepidoptera (moths, butterflies), 
Coleoptera (beetles, weevils), and Hymenoptera (bees, ants, 
wasps). The life stage usually eaten is the larva, but 
sometimes it is the pupa or, rarely, the adult. 

The insects used as food are, for the most part, clean- 
living in their choice of food and habitat. Most feed on leaves 
or other parts of plants. Some of the coleopterous and lepi- 
dopterous larvae are wood borers in either dead or living trees 
and bushes; some, such as cicada nymphs, feed on plant roots. 
Some hemipterans and coleopterans are aquatic, and some of 
these and other edible insects are predaceous. Some 
hymenopterans such as wasps provision their nests with insect 
prey upon which the young feed. Some edible species have 
other aesthetic qualities. Some African termites are architects, 
erecting earthen cathedral-like termitaria that may rise to heights 
of 3 or 4 m or more. Cicadas and crickets are songsters. 

To collect wild insects for use as food, one should be 
knowledgeable about which local species are edible, particu- 
larly in Western cultures in which insects are not among 
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traditional foods that are widely recognized. Some insects 
secrete toxins or sequester toxic chemicals from food plants or 
serve as a source of injectant, ingestant, contactant, or inhalant 
allergens. Bright colors, especially red, or showy behavior such 
as slow, deliberate flight may suggest that an insect contains 
toxins, or is unpalatable, and should be avoided. 

There are many environmental and ecological ramifications 
relevant to the use of insects as food. Because of the large 
number of insect species and the consequently wide variety 
of plants used as hosts, in general, insects are potentially 
capable of converting a much wider range of vegetation and 
waste substances into animal biomass than are the animals 
currently considered acceptable as food by Western cultures. 
Many plants that either are not used efficiently or are not 
used at all in food production serve as hosts for edible insects. 
In Mexico, it has been suggested that some plants that are 
widespread and characteristic of arid regions, but of limited 
food value, such as mesquite, madrono, and some cacti, 
could be used for cultivation of their associated insects, the 
weevil Metamasius spinolae and the larva of the skipper 
butterfly, Aegiale hesperiarus. The protein and fat content of 
these insects is many times higher than that of their plant 
hosts. In general, insects also are higher in their food 
conversion efficiency than are other food animals when both 
are fed diets of high quality (see the house cricket, Acheta 
domesticus). 


ORTHOPTERA (GRASSHOPPERS, LOCUSTS, 
KATYDIDS, CRICKETS) 


Family Acrididae (Shorthorned Grasshoppers) 


Grasshoppers and locusts are included among the foods of 
almost every culture having any history of using insects as 
food. In southern Africa, before there were crops to protect, 
the arrival of a locust swarm, some of which were dense 
enough to block out the sun, was hailed with rejoicing as a 
time of harvest. Villagers collected them in the evenings after 
the swarms had alighted and were benumbed by the cool of 
the night. The locusts were roasted or boiled or, when 
plentiful, dried and crushed in mortars to make a much 
appreciated flour. Sometimes the flour or porridge was mixed 
with honey to make a sort of cake. Early reports noted that 
indigenous populations with access either to these vast locust 
swarms or to winged termites soon grew “visibly fatter and in 
better condition than before.” Grasshoppers were also an 
important food of Indian tribes in western North America. 
Various methods of harvest were used, but, most frequently, 
the grasshoppers were encircled by a number of people and 
driven into a pit previously dug or onto a bed of coals. Thus, 
slightly roasted, they could either be eaten or dried and kept 
for winter food. 

In more modern times, within the past 20 years, grasshop- 
per harvest has at one time or another replaced insecticide 
spraying in parts of Mexico, Thailand, and the Philippines. 


Sphenarium is the grasshopper genus of greatest commercial 
food importance in Mexico. The rice grasshopper, Oxya 
velox, was formerly widely eaten in Japan and Korea. 
Following reduced use of pesticides on rice in both countries, 
it is again increasing in numbers. Known as inago in Japan it 
is now found in supermarkets as a luxury item; known as 
metdugi in Korea, it is considered a health food. 


Family Gryllidae (Crickets) 


Several species of crickets are important as food. In Southeast 
Asia, Brachytrupes portentosus lives in tunnels that are about 
30 cm deep, usually one cricket per hole, and comes out only 
at night. They feed on young plants and are an agricultural 
pest. They are collected by digging, by filling the holes with 
water, or as they fly around lights at night. After the wings are 
removed they are eviscerated, then fried, grilled, or put into 
curry as a substitute for meat. They are sold by villagers in the 
markets. In the market at Chiang Mai in Thailand, the 
shopkeeper takes the crickets live from a plastic bag and spits 
them longitudinally from head to abdomen on a bamboo 
stick, three or four crickets per stick. They are then fried in 
oil in front of shoppers. 

Another species of Brachytrupes, the sand cricket (B. 
membranaceus), occurs widely in eastern Africa. Like its 
cousin in Asia, its presence is indicated by a small heap of soil 
pushed out from its burrow. It is usually collected by the 
women and children, and as many as 100 can be collected in 
a day. It has been said of the sand cricket, “When well 
prepared it is considered a delicacy, for it turns an ordinary 
meal into a dinner.” In Zimbabwe and likely elsewhere, B. 
membranaceus is one of the species that has increased in 
numbers in recent years because it is particularly suited to the 
new kinds of agroecosystems. It is now a significant pest in 
sand-soil fields, and it is sold in urban markets. 

The cricket most readily available to Western insect 
gourmets is the cosmopolitan house cricket, A. domesticus 
(Fig. 1), which is widely reared commercially as food for pets 
and other small animals. Studies in the United States led to 
estimates that this cricket, when kept at temperatures of 





FIGURE 1 Mass-reared edible house crickets, A. domesticus. 


30°C or higher and fed diets equal in quality to those used in 
bringing conventional livestock to market condition, shows a 
food conversion efficiency about twice as high as those of 
broiler chicks and pigs, four times higher than sheep, and 
nearly six times higher than steers when losses caused by 
dressing percentage and carcass trim are taken into account. 
In addition, female crickets have much higher fecundity than 
beef animals; each cricket lays 1200 to 1500 eggs over a 
period of 3 to 4 weeks. In beef production, by contrast, four 
animals exist in the breeding herd for each market animal 
produced, thus giving crickets a true food conversion 
efficiency close to 20 times better than that of beef. 


ISOPTERA (TERMITES) 


Termites are a highly regarded food throughout sub-Saharan 
Africa. They are eaten raw, fried, or roasted and are found 
widely in village markets. The fungus-growing termites of the 
genus Macrotermes (family Termitidae) are the most widely 
used as food. 

The large winged adults (sexual forms) are collected as they 
emerge from the nests on their mating flights at the beginning 
of the rainy season. They are strongly attracted to light and 
this behavior is utilized in harvesting them. The high 
termitaria of some species of Macrotermes are a spectacular 
feature of the African landscape; they are even considered 
private property in some areas. In southern Congo 
(Kinshaza), the termitaria average three to five per hectare and 
may cover 4.3 to 7.8% of the miombo woodland. The flora 
of the mounds is characteristic and quite different from that 
of the surrounding miombo, thus increasing habitat diversity. 
This diversity is in danger of being lost, however, because in 
suburban regions and towns, the characteristic flora and fauna 
are being destroyed and the mounds converted to other uses. 

Winged termites are a rich source of fat; analysis of MV. 
subhyalinus in Angola yielded an energy value of 613 kcal/100 g 
and M. falciger in Zimbabwe a value of 761 kcal/100 g on an 
ash-free basis. Protein and fat content of the latter were shown 
to be 41.8 and 44.3%, respectively, on a dry weight basis. In 
addition to the winged adults, soldier termites are also eaten. 

The high regard in which winged termites are held in 
Zambia has been documented by Silow in 1983 and appears 
typical for other countries in Africa: “The Mbunda, 
Nikangala, Lucazi, Luvale, Cokwe, and Yauma generally agree 
that the meat of Macrotermes spp. [winged sexuals] is better 
than meat of animals, birds, [or] fish. Perhaps one or another 
of the edible caterpillars is comparable with them, but most 
of my informants are of the opinion that [Macrotermes] or 
honey is the best existing food.” Silow notes that there are a 
few people who simply do not like termites and that some 
missionaries have condemned termite eating as a heathen 
custom. But he further states that Bemba, Namwanga, 
Nyanja, and Nsenga whom he has met unanimously declare 
that Macrotermes winged adults “are more delicious than 
anything else, or at least among the most delicious dishes.” 
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HETEROPTERA (TRUE BUGS) 
Family Belostomatidae (Giant Water Bugs) 


A giant water bug, Lethocerus indicus, is widely eaten in 
Southeast Asia and is especially popular in Thailand, where it 
is known as ma-lang-da-na. The bugs are 5 to 8 cm in length 
and fierce predators on frogs, large insects, and small fish. 
They are caught using nets or at lights, to which they are 
attracted. There are many methods of preparation, including 
roasting, frying, steaming, and grilling. After cooking they 
may be pounded and used for flavoring sauces and curries. 
The males secrete a fragrant liquid from two abdominal 
glands and are made into a much-prized sauce to accompany 
meat and fish. In the markets, males sell for three or four 
times the price for females. Artificial water bug flavoring is 
now produced, but people still prefer to eat the real bugs. 

Imported bugs (known as mangda) from Thailand and 
extracts of the bug (known as “mangdana essence”) can be 
found in Southeast Asian food shops in California. They are 
popular with Thai and Laotian customers who use them to 
make a bug paste called nam prik mangda prepared by 
mashing a whole bug with salt, sugar, garlic, shallots, fish 
sauce, lime juice, and hot Thai capsicum peppers. The nam 
prik mangda is commonly used as a vegetable dip and as a 
topping for cooked rice. The extracts known as mangdana 
essence can be used as a substitute for a whole bug in the 
preparation of nam prik mangda, but they are considered 
inferior in taste to that prepared from a whole bug. 


Families Corixidae (Water Boatmen) and 
Notonectidae (Backswimmers) 


The famous Mexican “caviar,” also known as ahuahutle, is 
composed of the eggs of several species in these families. 
These insects formerly bred in tremendous numbers in the 
alkaline lakes of central Mexico and were the basis of aquatic 
farming for centuries. Lake water pollution has now reduced 
their numbers. The eggs are harvested by what amounts to 
setting oviposition trap lines. Bundles of shore grass are tied 
together and weighted with a stone and then distributed by 
canoe. They are left in place for about 3 weeks during which 
the adult bugs swim up and lay their eggs on the submerged 
grass. The bundles are then collected, brought to shore, and 
dried in the sun. When dry, they are shaken and the eggs fall 
off. The “caviar” is a true delicacy that appears on the menus 
of the finest restaurants in Mexico. 


HOMOPTERA (CICADAS AND OTHERS) 


When there is an emergence of one of the species of 
periodical cicadas (family Cicadidae), many Americans, for 
whatever reasons, seem to regard them as legitimate fun food. 
During a recent (1990) emergence in Chicago and northern 
Illinois, for example, the Chicago Sun-Times carried several 
articles, the second of which began: “Millions of tasty, 
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entrees-if-you-dare will be available for the gathering during 
the next month in northern Illinois, and some Chicagoans 
will want to know how cicada fanciers prepare them.” Several 
recipes were provided. Articles described cicada biology and 
how to prevent damage caused by egg laying on very young 
plants and urged Chicagoans to forego the use of insecticidal 
sprays. There were many radio reports, a cicada hotline, and 
even Time magazine published a recipe. 

There are six species of periodical cicadas (Magicicada) in 
North America, three with a 13-year cycle and three with a 
17-year cycle. The nymph remains in the soil, feeding on the 
roots of various plants until ready for the final molt. It then 
digs itself out of the ground, climbs the nearest tree or shrub, 
and attaches itself firmly. The adult lives for a month or 
longer. The so-called dog-day cicadas, such as those of the 
genus Tibicen, have shorter life cycles, but even they require 
at least 4 years. Cicadas are eaten in many countries, but 
probably most widely in the countries of southeastern Asia. 


LEPIDOPTERA (BUTTERFLIES, MOTHS) 


Lepidopterans reach their maximum food importance in 
Africa where, in many countries, more than 20 species are 
consumed. In the southern part of Congo (Kinshasa), for 
example, caterpillars of at least 35 species are consumed. 


Family Saturniidae (Giant Silkworms) 


In 1980, Malaisse and Parent analyzed 23 species (17 of 
which were Saturniidae) eaten by humans, using samples that 
were prepared in a manner identical to that preceding their 
culinary preparation and then dehydrated. Crude protein 
content averaged 63.5%, kcal per 100 g dry weight averaged 
457, and most species proved to be an excellent source of 
iron, 100 g averaging (in 21 species analyzed for iron) 335% 
of the daily requirement. In Angola, the saturniid caterpillar 
Usta terpsichore was found to be a rich source of zinc, iron, 
thiamine, and riboflavin. 

Probably the best known of the edible caterpillars is 
Gonimbrasia belina, the so-called “mopanie worm,” which is 
widely eaten in southern Africa. The South African Bureau of 
Standards has estimated annual sales of mopanie through 
agricultural cooperative markets at about 40,000 bags, each 
containing 40 kg of traditionally prepared, dried caterpillars. 
This total represents only those entering reported channels of 
commerce and does not include those privately collected and 
consumed or sold. The caterpillars, up to 10 cm in length, grip 
the host plant tightly and cannot be shaken off; they must be 
picked by hand. A good picker in an average infestation can 
collect 18 kg per hour. In areas where they are abundant and 
bulk-dried, they are first eviscerated and then roasted for 
15 min before being spread out to dry. About 2 days are 
required for the product to become dry enough for storage. 

The mopanie caterpillar is an important food item and is 
actively traded not only in South Africa but also in Botswana 


and Zimbabwe and is exported by the ton to Zambia. From 
extensive studies in South Africa, Dreyer and Wehmeyer con- 
cluded in 1982 that “the consumption of mopanie caterpillars 
can to a substantial degree supplement the predominantly 
cereal diet with many of the protective nutrients.” The amino 
acid composition of the dried caterpillars is relatively complete, 
with high proportions of lysine and tryptophan (which are 
limiting in maize protein) and of methionine (limiting in 
legume seed proteins). There is increasing concern in South 
Africa that the mopanie caterpillar might be collected to the 
point of extinction. 

In Malawi, G. belina and another saturniid, Gynanisa maia, 
still occur abundantly in Kasungu National Park; the larvae are 
in season from mid-October to December, a time of year when 
food stocks of families living near the Park are running low. 
The caterpillars are nonexistent outside the Park because of the 
absence of host trees, which have been displaced by extensive 
agriculture. A study has shown that opening Kasungu 
National Park to controlled sustainable use, such as caterpillar 
harvest, by local people can reduce the problems of poaching 
in parks and other protected areas. Similarly, of ecological 
benefit, observations in Zambia have shown that there are 
very few late bushfires in areas where the caterpillars of Gy. 
maia are found. Fires late in the dry season cause 
considerable damage by killing trees, reducing regrowth, and 
increasing erosion. The caterpillars are a highly prized food, 
and in areas where they are abundant they provide the 
incentive for people to burn early, thereby protecting the 
caterpillars and enhancing woodland regeneration. There are 
other examples in Africa where protection of caterpillars as a 
food resource enhances biodiversity. 


Family Bombycidae (Silkworm Moths) 


A by-product of the silk industry, pupae of Bombyx mori 
remain after the silk is reeled from the cocoons. These pupae 
are widely sold, often canned, in markets in Eastern Asia. In 
China, the pupae, along with waste materials from the 
reeling factories and from the silkworm rearing, are also used 
as fish food in pond-fish culture. Canned pupae are exported, 
especially from Korea, and can be found in Asian food shops 
in the United States. 


Family Cossidae (Carpenterworms, Leopard Moths) 


Many insects were important foods for the Aborigines of 
Australia and among the most prized were the witchety or 
witjuti grubs, several species of root-boring cossid larvae 
belonging to the genus Xy/eutes. Tindale conducted in 1953 
the definitive study on these insects and stated, “Aborigines 
with access to witjuti grubs usually are healthy and properly 
nourished. ...Women and children spend much time 
digging for them and a healthy baby seems often to have one 
dangling from its mouth in much the same way that one of 
our children would be satisfied with a baby comforter.” Over 


a period of several months spent observing nomadic 
Pitjandjaras in the Mann and Musgrave Ranges, it was noted 
that part of nearly every day’s diet consisted of these larvae. 
Tindale states elsewhere that the taste of witchety grub, “when 
lightly cooked in hot ashes, would delight a gourmet.” 
Recently in Australia there has been an explosion of 
interest in native, or “bush tucker,” foods, including witchety 
grubs and other insects such as bardi grubs (Cerambycidae) 
and honey ants. Bush food is increasingly found in restaurants 
frequented by tourists, and book stores are well-stocked with 
books on bush tucker. Witchety grubs are on the menu of the 
posh restaurant Rountrees on Sydney’s North Shore; the chef 
says of them, “They have a nice, nutty flavor when roasted.” 


Family Megathymidae (Giant Skippers) 


The larva of the giant skipper butterfly, Aegiale hesperiaris, 
known as gusano blanco de maguey, or the white agave or 
maguey worm, is in demand by people of all social classes in 
Mexico. Whereas campesinos with access to maguey plants can 
collect their own larvae to eat or to sell, restaurants in the larger 
towns and cities charge as much as U.S. $25 per plate. The 
gusanos are served fried or roasted in butter, chili, or garlic 
sauce. They are also exported as gourmet food. Two other 
edible insects are associated with the maguey. The pink worm 
of the maguey, Xyleutes redtenbachi (family Cossidae), also 
called the red agave worm or gusano rojo de maguey, is the larva 
used in bottles of tequila. They are sold in the markets and are 
also used to season sauces or they may be roasted or fried with 
salt and eaten in tacos. Along the maguey’s roots are often 
colonies of ants, which serve as a source of the prized escamoles, 
or so-called “ant eggs,” which actually are ant pupae. 


Family Pyralidae (Wax Moths, Grass Moths) 


Taylor and Carter wrote in 1976 as follows: “Larvae of the 
greater wax moth (Galleria mellonella) are tasty and, 
fortunately, easily reared, hardy and odorless. If only they 
were commercially available, we would probably have 
centered most of our recipes around them. They are our 
favorite insect. They are thin-skinned, tender, and succulent. 
They would appear to lend themselves to commercial 
exploitation as snack items.” The authors note that the 
larvae, when dropped into hot vegetable oil, immediately 
swell, elongate and burst, looking then not like an insect, but 
like popcorn, and having the flavor of potato chips, corn 
puffs, or the like. These larvae, known as wax moths, are now 
available from various dealers in North America. 


COLEOPTERA (BEETLES, WEEVILS) 
Family Curculionidae (Snout Beetles, Weevils) 


The larvae of palm weevils, several species of Rhynchophorus, 
also called palm worms, are widely eaten and greatly esteemed. 
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A modern cookbook on Cameroon cuisine includes a recipe 
describing “coconut larvae” as “a favorite dish offered only to 
good friends.” The major species are Rhynchophorus 
palmarum in the Western Hemisphere, R. phoenicis in Africa, 
and R. ferrugineus and R. bilineatus in southeastern Asia, 
Indonesia, and the western Pacific. All of these species have 
long been semicultivated or “farmed” by indigenous peoples 
and are excellent examples of how harvests of edible insects 
from natural populations can be increased by intentional 
creation of additional breeding sites. Cultivation consists 
basically of cutting down palms and leaving the logs in the 
forest with the expectation that larvae will be ready to harvest 
from the decaying pith 1 to 3 months later. The flavor of the 
sago grub (R. ferrugineus papuanus) in Papua New Guinea 
has been described as “tender and sweet with a slightly nutty 
flavor.” The insect not only sells regularly in local food 
markets and is bought by foreigners as well as Papua New 
Guineans, it also is the focus of annual “grub festivals.” 
Palm weevils are also destructive pests of palms and, in the 
Western Hemisphere, are vectors of the nematode 
Bursaphelenchus cocophilus, the causal agent of red-ring disease. 
Although insecticides have been used in attempts to control 
the weevils, emphasis is on cultural methods. With the palm 
worms considered such a delicacy, it has been suggested it 
might be possible to combine increased production with more 
efficient recycling of dead and diseased palms and as part of 
reduced-pesticide integrated pest management (IPM) pro- 
grams and disease control on coconut and other palms. 


Family Scarabaeidae (June Beetles, Dung Beetles, 
Rhinoceros Beetles) 


Of the several edible groups within this family, the most 
interesting is probably the subfamily Dynastinae or giant 
rhinoceros beetles, particularly the genus Oryctes. Three 
species, including two that breed mainly in dead standing 
palms, are eaten in Africa, whereas Oryctes rhinoceros is a major 
pest of palm in Asia and the western Pacific. Main hosts of the 
adult beetles are coconut, oil, and date palms, whereas the 
larvae live in a variety of dead but not yet decomposed plant 
material, including dead standing coconut palms, stumps and 
logs on the ground, and other types of decaying wood, as well 
as compost, dung heaps, rotting straw, rotting coconut husks, 
coffee and cacao pulp waste, refuse from sugar cane factories, 
ricemills, and sawmills, and other wastes from agricultural 
processing. Control of rhinoceros beetles is based on sanitation 
and cultural practices similar to those recommended for 
Rhynchophorus weevils, suggesting that Oryctes might also be 
incorporated into palm IPM programs, recycling an endless 
variety of tropical wastes into animal protein and fat. 


Family Cerambycidae (Longhorned Beetles) 


In this family, it is the larvae, primarily, that are used as food. 
They are wood borers in both living and dead trees and in 
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logs and stumps. They have long life cycles, a year or more, 
so would not be good candidates for mass-rearing under 
controlled conditions. A major genus, with edible species, is 
Batocera in Asia. 


Family Tenebrionidae (Darkling Beetles) 


Tenebrionids have a bad reputation as pests of meal, flour, and 
other stored and packaged cereal foods, but, despite this, the 
yellow mealworm, Tenebrio molitor, has been reared by zoos, 
aquaria, and commercial dealers as food for birds, fish, and a 
variety of small animals since at least the 18th century. Their 
easy availability makes them one of the insects most commonly 
recommended for inclusion in recipes in the West. There is a 
problem of quinone contamination in some tenebrionid- 
infested food products, but this appears to be much less a 
problem in 7 molitor than in species of the genus Tribolium. 


HYMENOPTERA (ANTS, BEES, WASPS) 
Family Apidae (Honey Bees) 


Honey is prized by many indigenous cultures, and bee 
pupae/mature larvae, sometimes called “grubs” or “brood,” 
are often as highly prized as the honey. In southeast Asia, 
three species of wild bees, Apis dorsata, A. florea, and A. 
indica, are important sources of honey, wax, and brood. A. 
dorsata is the largest species and its nests, in the higher 
branches of large trees, may be up to 2 m in diameter. Its 
honey is also the most expensive, but honey from A. florea is 
most commonly found in the markets. People often eat the 
grubs uncooked, but they are also fried or put into soup. In 
Latin America, the grubs of A. mellifera and of species in 
several genera of stingless bees (subfamily Meliponinae) are 
used as food, and some of the bees, in Brazil and Mexico, for 
example, are semidomesticated. Bees, including stingless 
species, are also important in Africa. In some places, such as 
the Congo (Kinshasa), honey and brood are still harvested by 
cutting down the tree although the practice has been much 
criticized. Apiculture in the United States is based on the 
introduced honey bee, A. mellifera, and it has been suggested 
that, because of its good public image, this species might be 
a valuable tool in helping to reshape attitudes toward insects 
as food in the United States. 


Family Formicidae (Ants) 


Many kinds of ants serve as food in different parts of the 
world and they are generally considered delicacies. In 
Colombia, for example, toasted leafcutter ants (genus Afta) 
are said to constitute the highest attainment of Colombian 
cookery. A campesino, by collecting and selling Afta ants, can 
earn during the 3-month season the equivalent of a year’s 
wages for the average rural worker. The genus is restricted to 
the Western Hemisphere. Only the alates are eaten, the large 


females being especially prized. They are collected as they 
swarm from the nest by the thousands on their mating flights 
during the early part of the rainy season. Two species, A. 
cephalotes and A. sexdens, are the most widely consumed, 
being relished across northern South America, with the 
former extending up into Mexico. 

Fungus gardens grown on chewed leaf fragments are 
tended in the underground chambers of the large nests of the 
leafcutter ants. The fungus converts cellulose into carbo- 
hydrates that can be metabolized by the ants, thus allowing 
them to tap the virtually inexhaustible supply of cellulose in 
their forest environment. Forest trees are able to survive the 
grazing pressure of the ants, but the ants are serious pests of 
many cultivated trees and other crops when nests are located 
at the edges of forests adjacent to cultivated areas. 

Escamoles are eaten by all social classes in Mexico and the 
ants have been described as the most enjoyable and expensive 
edible insect in the markets. Although called “ant eggs,” 
escamoles are mainly mature larvae/pupae of two species of 
the genus Liometopum, L. apiculatum and L. occidentale var. 
luctuosum. Digging out the underground nest where the 
escamoles are found is very labor intensive. After harvest of ants 
from the nest (two or three times per year between February 
and June), the nest is covered with nopal, dried grass, and fresh 
weeds to maintain an environment suitable for survival and 
regrowth of the colony. People who collect escamoles, known 
as escamoleros, sometimes make more money during the 
harvest season than other rural people make during the entire 
year. The Liometopum ant is considered such a special treat in 
Mexico that it is the subject of songs, dances, and festivities. 

Honey ants are a source of sweet treats in Mexico (species 
of Myrmecocystus) and Australia (several species in the genera 
Camponotus and Melophorus). Specialized worker ants, called 
repletes, store the honey in the abdomen, which may become 
the size of a small marble. They are eaten by grasping the 
head of the ant and sucking the honey from the abdomen. In 
Australia, Camponotus inflatus develops the largest repletes 
and they are considered a great luxury by the indigenous 
population. The repletes are found in galleries in the 
underground nests, where they are immobile and must be fed 
by the workers. Some aborigines expend much time and 
effort digging for the repletes but they only partially dig up 
the nests so as not to destroy the colonies and thus to preserve 
this valuable resource. 
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| n its broadest sense, forensic entomology includes any 
situation in which insects or their actions become evidence 
within the legal system. Medicocriminal entomology involves 
insects as evidence in a criminal case, most frequently homi- 
cide, and this is the area that has been most closely associated 
with the term “forensic entomology” by the general public 
and, in fact, most entomologists. The use of insects and other 
arthropods as evidence in criminal investigations dates from 
12th century China. Other records appear sporadically in both 
the forensic and the entomological literature from various 
parts of the world until a resurgence of interest in the field in 
the mid-1980s. Prior to this period, the primary application 
of entomological evidence was to determine the postmortem 
interval of decomposed bodies. Although this remains the 
primary application of forensic entomology in criminal 
investigations, it is now recognized that insects and other 
arthropods can provide insights into movement of a corpse 
following death, assessment of wounds (antemortem versus 
postmortem), characteristics of a crime scene, and abuse and 
neglect of children and the elderly, as well as serving as 
alternate specimens for toxicological analyses and sources of 
human DNA. 
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INSECTS AS INDICATORS OF THE 
POSTMORTEM INTERVAL 


Decomposing remains provide a temporary microhabitat 
offering a progressively changing food source to a variety of 
organisms, ranging from bacteria and fungi to vertebrate 
scavengers. The arthropods constitute a major element of this 
fauna, with the insects as the predominant taxa in terrestrial 
environments worldwide, in terms of both numbers of indi- 
viduals and species diversity. In North Carolina, for example, 
522 species in three phyla were recovered from decomposing 
pig carcasses, and of these, 84% were insects. In the 
Hawaiian Islands, 133 different kinds of arthropods were 
collected from pig and cat carcasses and of these, 83% were 
insects. There have been numerous decomposition studies 
conducted worldwide using different animal models, ranging 
from lizards and toads to elephants. There has been con- 
siderable variation in the numbers of different taxa recovered. 
These differences may be related to both geographic variation 
and differences in the animal models used. 


RELATIONSHIPS OF INSECTS TO THE REMAINS 


The use of insects to estimate the postmortem interval 
requires an understanding of the insect’s life cycle, the 
relationship of the insect to the remains, and the relationship 
of the remains to the habitat in which they are discovered. 
Insects pass through a number of distinct stages during their 
life cycle. Using a blow fly in the family Calliphoridae as an 
example, the female fly arrives at the body and deposits eggs 
in body openings associated with the head, anus, and genitals, 
or in wounds. After hatching, larvae or maggots feed on the 
decomposing tissues. There are three larval stages, with a 
molt in between each stage. Once the maggot is fully devel- 
oped, it ceases to feed and moves away from the remains before 
pupariation. The puparium is an inactive stage during which 
the larval tissues are reorganized to produce the adult fly. 

The insects encountered on a corpse in any given habitat 
consist of species unique to that particular habitat and those 
having a wider distribution. The unique components may be 
restricted to a particular geographic area or a particular habitat 
type within a given geographic area. Those taxa having wider 
distributions are frequently encountered in several different 
habitat types and are typically highly mobile species. Many of 
those taxa closely tied to carrion show this wider pattern of 
distribution. In estimating the postmortem interval, taxa 
from both components may, under given circumstances, 
provide essential information on the history of the corpse. 

Of those insects having a direct relationship to the corpse, 
there are four basic relationships, as described below. 


Necrophagous Species 


Those taxa feeding on the corpse compose this group. This 
includes many of the Diptera [Calliphoridae (blow flies) and 
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Sarcophagidae (flesh flies)] and Coleoptera (Silphidae and 
Dermestidae). These species may be the most significant taxa 
for use in postmortem interval estimates during the earlier 
stages of decomposition, defined here as days 1 to 14. 


Parasites and Predators of Necrophagous Species 


This is the second most significant group of carrion-frequenting 
taxa and includes Coleoptera (Silphidae, Staphylinidae, and 
Histeridae), Diptera (Calliphoridae and Stratiomyidae), and 
hymenopteran parasitoids of larvae and puparia of Diptera. In 
some instances, dipteran larvae that are necrophages during 
the early portions of their development turn into predators. 


Omnivorous Species 


Ants, wasps, and some beetles, which feed on both the corpse 
and associated arthropods, compose this group. Large 
populations of these may severely retard the rate of carcass 
removal by depleting populations of necrophagous species. 


Adventive Species 


This category includes those taxa that use the corpse as an 
extension of their own natural habitat, as in the case of the 
Collembola, spiders, and centipedes. Acari in the families 
Acaridae, Lardoglyphidae, and Winterschmidtiidae that feed 
on molds and fungi growing on the corpse may be included 
in this category. Of less certain association are the various 
Gamasida and Actinedida, including the Macrochelidae, 
Parasitidae, Parholaspidae, Cheyletidae, and Raphignathidae, 
that feed on other acarine groups and nematodes. 


DECOMPOSITION 


Although there have been many decomposition studies con- 
ducted in different parts of the world and under different 
environmental conditions, most studies have been conducted 
in temperate areas and fewer in tropical and subtropical 
habitats. Common to the majority of these studies has been 


an attempt to divide the decompositional process into a series 
of discrete stages. Decomposition is, in nature, a continuous 
process and so discrete combinations of physical parameters 
and arthropod assemblages do not occur. There is a value to 
these stages, however, in providing reference points when 
faced with the problem of explaining the events associated 
with decomposition to a jury. 

Regardless of locality, there are certain common patterns. 
The faunas involved tend to be regional, except for some 
widely distributed species of Diptera and Coleoptera, but the 
families involved are somewhat stable. The division of decom- 
position into five stages can be applied to most studies. 


Fresh Stage 


This stage begins at the moment of death and ends when 
bloating is first evident. The first insects to arrive at the corpse 
are flies in the families Calliphoridae and Sarcophagidae. 
Adult females investigate the corpse, frequently feed, and 
then, depending on the species of fly, deposit either eggs or 
larvae around the natural body openings associated with the 
head. (eyes, nose, mouth, and ears) and anogenital regions. 
Wounds are secondary sites of attraction to tropical species 
but also may be of major significance in temperate environs. 


Bloated Stage 


Putrefaction, the principal component of decomposition, 
begins. Gases produced by the metabolic activities of 
anaerobic bacteria first cause a slight inflation of the 
abdomen and, later, the corpse appears balloon-like and fully 
inflated. Internal temperatures rise during this stage as the 
result of bacterial decay and metabolic activities of feeding 
dipteran larvae. Calliphoridae are strongly attracted to the 
corpse during this stage. As the corpse inflates, fluids are 
forced from natural body openings and seep into the soil. 
These fluids combined with the by-products (ammonia, etc.) 
produced by the metabolic activities of the dipteran larvae 
cause the soil beneath the corpse to become alkaline and the 
normal soil fauna departs. 





FIGURE 1 Pig carcass during decay stage of decomposition. (A) Day 8: active maggot mass consists primarily of third instar Chrysomya rufifacies. (B) Day 13 


(end of decay stage): maggots have completed development and migrated away from carcass for pupariation. 


1.4 Network slicing and software-defined networks 


It is vital to understand that the set of indicators listed in Section 1.3 determine a set of peak 
performances for 5G. It will not, however, be possible to achieve all these peak values 
simultaneously: not every requirement or use case is compatible, so a trade-off will need to be made 
when defining categories of use that each have their own performance envelope, notably for the use 
cases described in Section 1.2 (mMTC, eMBB and uRLLC). This is the principle of network slicing: each 
slice has its own set of KPI, which is a trade-off tied to the target use. On a 5G system, the network 
properties will need to adapt to the chosen environment. 


The following diagram positions the three main use cases listed in Section 1.2. with respect to the 
eight key performance indicators listed above. 
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Figure 8. Key performance indicators for the three 5G use cases” 


So for applications that require enhanced mobile broadband (eMBB), such as 4K, 8K or 3D video or 
virtual reality, a certain number of performance indicators, such as spectrum efficiency, peak data 
rate and area traffic capacity, can be reached only at the expense of others, such as latency or 
connection density. 


On the flipside, when a massive simultaneous connection of connected objects (mMTC) needs to be 
managed, the network will concentrate its resources and use the technologies required to achieve 
this task, but will not be able, for instance, to use spectrum as efficiently or to guarantee low latency. 


Lastly, when ultra-reliable and low latency communications (uRLLC) are required, the number of 
simultaneous connections, data rates and spectrum efficiency may be reduced. 


This flexibility, or ability to adapt, that network slicing brings can only be achieved thanks to the 
softwarisation and virtualisation of a sizeable number of network components (cf. 1.5.2) — a process 
referred to as Software-Defined Networking (SDN) and Network Function Virtualisation (NFV). 
Behind these acronyms is a common idea, namely to use as many generic and reconfigurable 
components as possible, rather than bespoke ones that are permanently dedicated to very specific 
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Decay Stage 


This is the only stage in the decomposition process which has 
a distinct starting point. The decay stage begins when the skin 
is broken, allowing gases to escape and the corpse to deflate. 
Dipteran larvae form large feeding masses and are the predomi- 
nant taxa present (Fig. 1A). Although some predatory forms, 
such as beetles, wasps, and ants, are present during the 
bloated stage, both necrophagous and predatory taxa are 
observed in large numbers during the later portions of the 
decay stage. By the end of this stage, most Calliphoridae and 
Sarcophagidae have completed their development and 
departed the corpse for pupariation (Fig. 1B). Dipteran 
larvae will have removed most of the soft tissue from the 
corpse by the end of the decay stage. 


Postdecay Stage 


As the remains are reduced to skin, cartilage, and bone, 
Diptera cease to be predominant. In xerophytic and 
mesophytic habitats, various Coleoptera predominate 
throughout this stage, and the diversity of these taxa 
increases. Associated with this increase is an increase in the 
numbers of parasites and predators of beetles. In wet habitats 
(swamps, rain forests, etc.), however, other taxa, primarily 
Diptera, and their predator/parasite complexes predominate. 


Skeletal Stage 


This stage is reached when only bones and hair remain. No 
obvious carrion-frequenting taxa generally are present and 
there is a gradual return of the normal soil fauna to the area 
under the corpse. An examination of the soil during the early 
portions of this stage will reveal various acarine groups that 
may be of use in estimating the postmortem interval. There 
is no definitive end to this stage and changes in the soil fauna 
may be detectable months or even years following the death. 


BIOLOGY OF DIPTERA 


One of the major problems facing forensic entomologists is 
the accurate identification of the larvae collected from the 
remains. Too frequently, the entomologist must work with 
dead specimens collected by crime scene investigators and 
submitted in marginal states of preservation. Even when the 
local faunas are well known, identification of these specimens 
is difficult, especially for early instars. Work by Erzinclioglu 
in England and Liu and Greenberg in the United States has 
provided identification keys to larvae of forensically 
important taxa. Given the wide distributions of many of the 
sarcosaprophagous taxa, these keys have wider application 
than their regional nature implies. 

Seasonal variation in the populations of Calliphoridae 
have been documented in North America and Europe. There 
are also successional patterns in Calliphoridae. In northern 
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Mississippi, for example, Phaenicia caeruleiviridis was the 
first species to arrive during spring, whereas Cynomyopsis 
cadaverina was the first during the fall and winter months. 
Considerable emphasis has been placed on how 
temperature influences the duration of the various stadia for 
different species of flies. Accumulated degree hours (ADH) 
or accumulated degree days (ADD) can be used to estimate 
the postmortem interval. Ambient temperature data from 
weather stations in the vicinity of the corpses are used as an 
indicator of the temperatures at which larvae developed. 
These reflect the 


temperatures at which the larvae actually develop. Based on 


temperatures, however, may not 
a Hawaiian study, internal temperatures associated with the 
maggot masses can be as much as 22°C above ambient. 
Similar observations have been made for human corpses in 
the former Soviet Union. 

In instances of heavy maggot infestations, it is obvious 
that there is little, if any, direct relationship between ambient 
air temperature and the temperatures at which the maggots 
are developing. Although heat generated by maggot masses 
influences the rate of larval development, this heat 
generation may not occur immediately, but requires a period 
of several days to develop. Such a delay may be because of a 
lack of an organized maggot mass during the early instars. 
For corpses found during cool weather when colonizing fly 
populations are low, ADH or ADD calculations generally are 
more accurate than in higher temperatures with high fly 
populations. In addition to the rate of development, tem- 
peratures may also serve to limit the species that can use the 
corpse for development. Only some species of Calliphoridae 
can tolerate high temperatures inside a maggot mass during 
development. Thus, maggot-generated heat can influence the 
rate of maggot development, the nature of the corpse arthropod 
community, the character of the subcorpse community, and 
the validity of ADH or ADD calculation-based postmortem 


interval estimates. 


FACTORS DELAYING INVASION OF THE CORPSE 


The initial invasion of the corpse by insects and other 
arthropods starts the clock that is ultimately interpreted to 
give the estimate of the time since death. The basic 
assumption underlying this is that the invasion occurs soon 
after death. In decomposition studies, fly activity begins as 
soon as 10 min after death, but there are factors that may 
delay this invasion. Invasion can be delayed by wrapping of 
the corpse or submersion in water. Adverse climatic factors 
such as cloud cover, temperature, and rainfall may inhibit 
adult fly activity. Darkness has long been believed to inhibit 
calliphorid activity, but nocturnal oviposition has been 
observed in Calliphoridae commonly associated with 
decomposing human remains in North America and Hawaii. 
In these instances, temperatures during oviposition were 
above 20°C. Although nocturnal activity and oviposition may 
be expected for some species in tropical habitats, it appears to 
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be the exception rather than the rule in temperate regions. 
Clearly, care must be taken in forensic interpretations dealing 
with nocturnal activity of Calliphoridae. 


APPLICATIONS TO DEATH INVESTIGATIONS 


In the preceding sections, the biological basis for using insects 
as evidence in estimating postmortem interval (time since 
death), patterns of decomposition, and several of the problems 
have been presented. An understanding of insect biology and 
ecology is necessary as a template for determining post- 
mortem interval, but it does not always provide an accurate 
estimate. In processing insect data, a forensic entomologist 
must bear in mind that an estimate based on insect activity 
only determines the period of insect activity. This time frame 
may not correspond to the entire period of time since death. 
Each case is unique and must be analyzed on its own merits 
with careful attention to all data available. 

As noted earlier during discussions of decomposition, 
there is great geographic and seasonal variation in insect 
populations associated with a corpse. Even in areas where the 
species populations are similar, there may be seasonal changes 
in developmental patterns which may complicate the analyses. 

In addition to gathering and processing of entomological 
data, it is necessary to develop protocols for cooperation 
between the forensic entomologist and various law enforcement 
agencies, medical examiners, coroners, and the courts. As these 
individuals better understand the functioning of the forensic 
entomologist, the end results of the investigations will improve. 


COLLECTION PROTOCOLS 


Several workers have independently formulated their own 
protocols for collecting and processing entomological 
evidence. Among those published, Lord and Burger provide 
the best general procedures. 


ESTIMATION OF THE POSTMORTEM INTERVAL 


In the actual process of estimating the postmortem interval 
from entomological data, each case will be unique. Regardless, 
the process tends to follow the same general sequence of events: 


1. The stage or physical state of decomposition based on 
physical parameters for the corpse should be determined, and 
any indications of disturbance or dismemberment of the 
corpse that may have occurred following death are noted. If 
the community collected under the corpse does not conform 
to the observed stage during later analysis, the possibility of 
movement of the corpse following death must be considered. 

2. Specimens collected from the corpse and crime scene 
must be identified as completely as possible. Immature stages 
must frequently be reared to the adult stage for final species- 
level identifications. Representative samples of immatures 
(species and stages) must be preserved properly to provide a 


record of what was present on the corpse at the time of 
examination. 

3. For outdoor scenes, appropriate climatic data (tem- 
peratures, rainfall, cloud cover, etc.) from weather stations and 
on-scene observations must be obtained. Aspects of the scene 
that may serve to influence the effects of these climatic factors 
on arthropod invasion of the corpse should be considered 
(cover by vegetation, shading by trees, slope of the ground, 
burial of the corpse). For indoor scenes, the temperatures 
(automatic heating, thermostat settings, air conditioner) 
possible for the time period in question should be noted; 
positioning of the corpse relative to windows and doors may 
be significant in terms of both heat and solar radiation. 

4, From the autopsy report or one’s own observations, the 
sites of infestations by arthropods should be noted. 

5. The postmortem interval is estimated. In the earlier stages 
of decomposition, this estimate may be based on the devel- 
opmental cycles of dipteran larvae. In simplest form, the time 
required to reach the most mature stage of development of the 
earliest arriving species on the corpse under prevailing condi- 
tions would correspond to the minimum postmortem interval. 
Further consideration must be given to factors that could delay 
the onset of insect activity (climatic factors, wrapping of the 
corpse, seasonal variation). When these factors are considered, 
the final postmortem interval estimate may be greater than the 
estimated faunal ages. During this comparison, both presence 
and absence of taxa and developmental stage must be consid- 
ered. For this reason, it is essential that collections from the 
corpse and the surrounding area be as complete as possible. In 
general, the parameters for the postmortem interval estimate 
will become wider as the time since death increases. During 
the earlier stages of decomposition, the estimate may be 
expressed conveniently in terms of hours, whereas later it 
may be in days, months, or even seasons of the year. 


MOVEMENT OF THE BODY FOLLOWING DEATH 


Although insects and other arthropods are among the most 
widely distributed organisms on earth, they are often quite 
specific in their distributions. As noted earlier, the fauna of 
the decomposing corpse is composed of species having a wide 
distribution and species specific to the particular area in which 
the body is discovered. Presence of species not typically 
associated with the habitat in which the body is discovered is 
an indication that the victim died in one location and the 
body was exposed to insect activity for a period of time. 
Following this, the body was transported to another location 
where a second colonization by insects took place. 


ASSESSMENT OF TRAUMA 


The initial sites of fly egg-laying activity on a decomposing 
body will normally be the natural body openings associated 
with the head, anus, and genitals. For many species, the pre- 


sence of blood associated with wounds is also attractive and 
egg-laying occurs at those sites. A wound that occurs prior to 
death (antemortem), while the heart is still beating, produces 
blood, which is attractive to the flies. If the wound occurs 
following death (postmortem), similar quantities of blood are 
not associated with the wound and it will be less attractive to 
flies for oviposition. If a body is encountered during the 
earlier stages of decomposition with significant infestations 
of maggots in areas other than the natural body openings, the 
possibility of antemortem wounds must be considered. In 
like manner, if there are wounds present on the body, but 
infestations are primarily restricted to the natural body 
openings, these wounds may well be postmortem artifacts. 


ABUSE AND NEGLECT 


Although most of the applications of entomological evidence 
involve the dead, in some instances entomological evidence 
may involve living victims. In these instances, the maggots 
are encountered feeding on live tissues. This is a condition 
known as myiasis and is an obligate condition in the life 
cycles of many flies, primarily in the families Calliphoridae 
and Sarcophagidae. In other species of flies, myiasis may be a 
facultative situation. Stages of development recovered from 
wounds or sores on children, the elderly, or those otherwise 
unable to care for themselves can be used to document the 
period of abuse or neglect. 

An additional potential problem is in situations in which 
myiasis occurs prior to death. If the sites of infestations are 
not noted, the period of development of the maggots on the 
living individual may be added to the postmortem 
development, thus increasing the estimated time since death. 
Any departure from the normal pattern of arthropod 
invasion of a corpse should be a cause for care in 
interpretation of entomological evidence. 


ENTOMOTOXICOLOGY 


Over the past 2 decades, drug-related deaths have increased 
in the United States and other countries. In many instances, 
these deaths are not immediately reported and the remains 
may be undiscovered for several days. Because of decomposi- 
tional processes, estimations of the time of death or post- 
mortem interval are based on analyses of insects and other 
arthropods infesting the remains. The data most frequently 
employed are those associated with insect development rates 
and. successional patterns. Recently, the accuracy of these 
estimations has been questioned in deaths involving narcotic 
intoxication. Relatively few studies are currently available 
detailing the effects of drugs, such as cocaine and heroin, in 
decomposing tissues on the rates and patterns of develop- 
ment of carrion-feeding arthropods. Additionally, there are 
few data dealing with effects of other tissue contaminants, 
such as toxins and environmental pollutants, in decomposing 
tissues on rates and/or developmental patterns of arthropods 
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using such tissues as food. Interest also has focused on the 
potential use of arthropods as alternate specimens for toxico- 
logical analyses, in situations in which more normal specimens 
of blood, tissue, or body fluids are not available. These two 
areas now comprise entomotoxicology. 


Detection of Drugs and Toxins 


It is not unusual for remains to be discovered in a highly 
decomposed or skeletal stage, when there is insufficient tissue 
for toxicological analyses. There frequently are, however, 
arthropods or their cast larval or puparial skins still associated 
with the remains. Various toxic and controlled substances can 
be detected by analyses of these arthropods and their residues. 
Generally, arthropod materials have been homogenized and 
then processed in the same manner as other tissues or fluids 
of toxicological interest. Analytic procedures include radio- 
immunoassay, gas chromatography, thin layer chromato- 
graphy, and high-performance liquid chromatography—mass 
spectrometry. 


Effects of Drugs on Development of Insects 


Although many of the studies mentioned documented the 
potential for use of maggots and puparia as alternate 
specimens for toxicological analyses, few were concerned with 
the potential effects of these drugs on the development of the 
insects ingesting them. In providing an estimate of the 
postmortem interval, particularly within the first 2 to 4 weeks 
of decomposition, it has been assumed that the insects will 
develop at predictable rates for given environmental 
conditions. That this might not always be true was established 
by studies on the effects of cocaine on development of the 
sarcophagid Boettcherisca peregrina. In this example, maggots 
were reared on tissues from rabbits that had received known 
dosages of cocaine, corresponding to 0.5, 1.0, and 2.0 times 
the median lethal dosage by weight. Two patterns of develop- 
ment were noted. Control and sublethal-dosage colonies 
developed at approximately the same rate, as indicated by 
total body length. In contrast, the colonies fed on tissues from 
the lethal and twice-lethal dosages developed more rapidly. 
This difference continued until maximum size was attained 
and the postfeeding portion of the third instar was reached. 
Due to the increased rate of development during the feeding 
stages, pupariation occurred first in the lethal and twice- 
lethal colonies, but the actual duration of the puparial period 
was the same for all colonies and there were no detectable 
differences in puparial mortality. 

The potential significance of these alterations in the rates 
of larval and puparial development is illustrated in trying to 
establish the postmortem interval of a Caucasian woman, 
approximately 20 years of age, discovered in a pine woods 
area northeast of Spokane, Washington. The body was in the 
early bloated stage of decomposition and had. extensive 
populations of maggots on the face and upper torso. Maggots 
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were submitted to the entomologist after being refrigerated for 
5 days and reared to the adult stage. Two species were identified 
from the adults: C. cadaverina and Phaenicia sericata. Typically, 
P. sericata oviposits within 24 h following death, whereas C. 
cadaverina oviposits 1 to 2 days following death. Three size 
classes of maggots were present on the corpse. The first con- 
sisted of maggots measuring 6 to 9 mm in length that were 
consistent of a period of development of approximately 7 days. 
The second consisted of smaller maggots, consistent with 
continued oviposition by adult flies. The third consisted of a 
single maggot measuring 17.7 mm in length and indicative 
of a developmental period, under prevailing conditions at the 
scene, of approximately 3 weeks. Given the other data associ- 
ated with the case, this period did not seem possible. The 
possibility that this maggot had migrated from another nearby 
source was eliminated, as no carrion could be located nearby 
and the probability of only a single maggot migrating was 
low. The alternate explanation was that the maggot’s growth 
rate had been accelerated in some manner. It was learned that 
the victim had a history of cocaine abuse and that she had 
snorted cocaine shortly before her death. This maggot had 
most probably developed in a particular pocket in the nasal 
region containing a significant amount of cocaine. 


SOURCES OF HUMAN DNA 


Recent advances in technology have provided means to 
identify individual hosts from analyses of hematophagous 
arthropod blood meals. Using polymerase chain reaction and 
amplified fragment length polymorphism DNA characteriza- 
tion procedures, two human DNA genetic markers, D1S80 
and HUMT01, have been typed from human DNA material 
derived from excreta from the human crab louse, Pthirus 
pubis, fed on human volunteers. Although these results are 
preliminary, they demonstrate the potential for this 
technology to provide individual characterizations for cases 
of rape or homicide in which hematophagous arthropods are 
encountered by investigators at the scene. More recently, 
human mitochondrial DNA (mtDNA) has been isolated, 
amplified, and sequenced from crab lice fed on human 
volunteers. This study demonstrates the potential for 
mtDNA analyses to characterize individual hosts even from 
desiccated and frozen arthropod blood meals, and it is yet 
another example of the stability of mtDNA. 


CONCLUSIONS 


Applications of entomological evidence have increased 
significantly since the 1980s. Although the major application 
is estimation of the postmortem interval, entomological 
evidence also can be applied to toxicology, DNA analyses, 
and aspects of crime scene assessment. Although there have 
been many advances, there is still a need for much basic 
research. Questions remain with regard to the life cycles of 
many of the necrophagous arthropods, particularly 


Coleoptera. One problem in application of entomological 
evidence is the diversity of the insect fauna which changes 
from one geographic area to the next. Databases are still 
of the world where the 
sarcosaprophagous fauna is poorly known. Even in areas 


needed for many parts 


relatively well investigated, there may be significant 
microgeographic variation in the insect fauna. Additional 
investigations are needed in the areas of toxicological analyses 
and applications of DNA technology. A current underlying 
problem is the relative lack of trained forensic entomologists. 
Most individuals now working in the field are employed in 
academic institutions where only a small part of their 
research effort is assigned to forensic concerns. 
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F orest habitats exhibit extraordinary diversity. Within them 
are complex assemblages of species, and myriad interactions 


occur among these species. Forest habitats comprise not only 
forested landscapes but also associated lakes, streams, and 
meadows. All orders of insects can be found in forested 
habitats. Even insects that occur in salt water can be found in 
some forest habitats, such as in tropical mangrove forests. All 
feeding habits are thus represented, that is, scavengers 
(especially in soils and beneath the bark of dead trees) and 
phytophagous, entomophagous, and parasitic species. In 
California, over 5000 species of insect inhabit oak forests 
alone. In this article we give greatest emphasis to those orders 
that feed on trees and the predators and parasitoids that 
consume these phytophagous species. Insects found 
primarily in soils, lakes, and streams; those that feed on other 
vegetation found in forests; and those that parasitize other 
animals are considered elsewhere in this encyclopedia. 


THE DIVERSITY OF FOREST HABITATS 


Forest habitat diversity is a reflection of geographic location 
of the forest, as well as the influences of humans on the 
forest. The broadest definition of a forest habitat is that of a 
habitat in which trees are a significant component. Natural 
forests also vary in complexity based on species composition 
resulting from a combination of environmental factors. A 
number of classification systems for natural forests have been 
proposed, but perhaps the most useful is that developed by 
the Food and Agriculture Organization of the United 
Nations in the 1970s. This system divides the natural forests 
of the world into five broad categories: 


1. The cool coniferous forests are a circumpolar belt of 
boreal forests across northern latitudes. They occur between 
tundra to the north and temperate mixed forests to the south. 
Conifers are the dominant species in these forests, but they 
also include a few species of broadleaf trees. 

2. The temperate mixed forests are found south of the 
cool coniferous forests and also are found in parts of the 
southern hemisphere. Pines and deciduous and evergreen 
broadleaf trees tend to dominate these forests. 

3. Tropical moist evergreen forests are rainforests 
characterized by high annual precipitation (+2000 mm) 
evenly distributed during the year. Amazonia, western 
equatorial Africa, and the Indo-Malayan region are the three 
main regions for this forest type. 

4, Tropical moist deciduous forests are found in tropical 
regions with 1000-2000 mm annual rainfall and a dry season 
for 1 or more months. These forests include monsoon forests 
in Asia where a dry period of 2 to 6 months is followed by 
heavy rains. 

5. Dry forests are found in both temperate and tropical 
zones where annual precipitation is less than 1000 mm and 
are low and simply structured wooded areas. 


These forest types may be further subdivided according to 
dominant species types and climatic differences among other 
factors. Additional forest types can also be recognized, 
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including those heavily influenced by humans, such as urban 
forests and plantations. 

The species of host plants naturally influence the species 
of phytophagous insects present in a forest. Additionally, 
human influences affect the species and density of insects in 
a forest. Forest management in natural forests may involve 
fire suppression that may favor insects that can exploit shade- 
tolerant tree species. For example, the fir engraver, Scolytus 
ventralis, has increased in density in mixed conifer forests of 
the Sierra Nevada in California because fire suppression has led 
to a dense understory of white fir, Abies concolar. Regeneration 
of shade-intolerant pines is suppressed and this in turn leads 
to an overly dense forest dominated by white fir, Abzes concolar. 
Periodic logging or thinning may result in a build up of insect 
populations in cut material or associated waste. For example, 
neglect of forest hygiene following thinning operations in 
European pine forests may result in an increase in populations 
of the European pine shoot beetle, Zomicus piniperda, which 
subsequently may damage the shoots of standing trees during 
its adult feeding stage. Clear-cutting and replanting or natural 
regeneration of forests favors insects that feed in young trees. 
For example, the pine weevil, Hylobius abietis, is perhaps the 
most significant forest insect pest in Europe. Adults feed on 
the bark at the base of conifer seedlings, resulting in seedling 
mortality. In many locations, any efforts to establish a planta- 
tion or naturally regenerated forest must have a management 
protocol to reduce the impact of this weevil. 

In human-made forests, the species composition may be 
very simple, as in monocultures, or more complex, depending 
on the management goals of the plantation. Age and size 
classes of trees are frequently very limited. These plantations 
may comprise native or exotic tree species and may be on 
previously forested land or on previously unforested land. 
Perhaps the simplest forest habitat is a plantation monoculture 
of even-aged trees (such as in Monterey pine, Pinus radiata, 
plantations in New Zealand or loblolly pine, P taeda, planta- 
tions in areas of the southeastern United States). This habitat 
is nevertheless very diverse as a result of the array of different 
ecological niches present on the dominant tree species. Usually, 
plantation monocultures involve areas of forest that are even- 
aged and that therefore encounter pressure from phytophagous 
insects that are adapted to, or more pestiferous during, certain 
stages of forest growth. For example, the gouty pitch midge, 
Cecidomyia piniinopsis, is a pest of young ponderosa pines, 
Pinus ponderosa, in the Sierra Nevada but is less significant on 
mature trees. Plantation forestry may involve tree species that 
are not native to the location where a forest is planted. Any 
insects that occur in these forests, but which were not present 
prior to the existence of that forest, are therefore introduced. 
Often these insect populations are not under natural 
regulatory pressures that limit their numbers. For example, as 
spruce forests have been planted in areas of Europe, using 
spruce as exotic species, the European spruce beetle, 
Dendroctonus micans, has moved westward from Eurasia 
during the 20th century. Outbreaks of this bark beetle have 
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been most severe at the edge of its expanding range before 
natural enemies spread or are introduced into the areas now 
exploited by D. micans. In the creation of new forest habitats, 
the interactions among the species in the forest are unpre- 
dictable, because an essentially novel habitat has been created. 


DIVERSITY OF INSECTS IN FORESTS 


Among all plants, trees present the most diverse habitats for 
insects to occupy. Insects feed on all parts of the tree, ie., 
vegetative structures such as leaves, stems, and roots and 
reproductive structures such as flowers, fruits, and seeds. 
Some insects are specialized to feed on phloem and/or xylem 
tissues, dead sapwood, and heartwood. Insects that feed on 
these structures and tissues vary in size from 1-2 mm (scale 
insects) to 6 cm (longhorned beetles). Life cycles (from egg 
to adult) can be completed in a few days or weeks (aphids) or 
be prolonged for 50 years (metallic wood borers). 

Although all orders of insects are found in forest habitats, 
only a small number feed on the trees or are the predators and 
parasitoids of these taxa. Species from the following orders are 
generally referred to as “forest insects”: Hemiptera, Isoptera, 
Orthoptera, and Thysanoptera (in the Exopterygota, which 
undergo incomplete metamorphosis) and Coleoptera, Diptera, 
Hymenoptera, Lepidoptera, and Raphidioptera (in the 
Endopterygota, which undergo complete metamorphosis). 

Habitat diversity is greatly favored by the large size of 
trees, both in mass and in height. Thus, both the abiotic and 
the biotic environment can vary considerably from the roots 
to the upper canopy. For example, a bark beetle, Hylastes 
nigrinus, spends its life cycle feeding beneath the bark on the 
roots of Douglas-fir, Pseudotsuga menziesii, growing in 
California, whereas a cone midge, Contarina oregonensis, feeds 
in a gall in the seed coat within a cone. Old-growth Douglas- 
firs with a height over 100 m and a diameter of 3 m are not 
uncommon. Over 240 insect species from the above- 
mentioned orders are listed as feeding on Douglas-firs. 
However, only a few of these would be found at the same time 
on a large, living tree. Similar diversity of insects feeding on 
trees can be found in broadleaved deciduous forests and 
broadleaved evergreen forests. Deciduous oaks in England are 
fed upon by over 280 insect species, and some evergreen oaks 
in coastal California provide food for about 300 insect species. 

This complexity is magnified further when the guilds of 
insects in the canopy are considered. The phytophagous insects 
are represented by chewing, mining, gall-making, and sap- 
sucking species. Chewing insects are found in the Coleoptera, 
Lepidoptera, Hymenoptera, and Orthoptera; mining species 
in the Hymenoptera, Lepidoptera, and Diptera; gall-making 
species in the Diptera and Hymenoptera; and sap-sucking 
species in the Hemiptera (Homoptera and Heteroptera) and 
Thysanoptera. Predators are found in the Coleoptera, 
Diptera, Hymenoptera, and Raphidioptera and parasites in 
the Diptera and Hymenoptera. Insects that feed on epiphytes 
such as lichens, algae, and mosses are found in the Psocoptera 


(bark lice), Collembola (springtails), Dermaptera (earwigs), 
and Plecoptera (stoneflies). Mosquitos (Diptera) breed in water 
contained in tree holes, which are decayed cavities in the wood. 

Many detritivores are found in the canopy as well as on 
other parts of the tree. They feed on many food sources such 
as protozoa, bacteria, fungi, nematodes, and small particles of 
plant and animal tissues. These species are found for example 
in the Psocoptera, Collembola, and Blattoidea. 

Finally, many insects that do not feed on the trunk or foliage 
use them for a resting or hiding place, mating, pupation 
and/or hibernation, or estivation. These temporary residents 
have been classified as “tourists.” Many of these insects feed 
on the surrounding vegetation. Their predators and para- 
sitoids would be included as tourists also. For example, ants 
and spiders, which are very important predators of tree- 
inhabiting insects, use tree trunks as roadways from the forest 
floor to the canopy in search of prey. Another example, a 
sawfly, Strongylogaster distans, that feeds on bracken fern in 
the Sierra Nevada of California, pupates in the bark crevices 
of nearby ponderosa pines. 

In summary, about half of the insect orders are directly or 
indirectly associated with trees. As with humans, insects use 
trees for food, shelter, support, and travel. 


ROLE OF INSECTS IN FOREST SUCCESSION 


Although trees can live for thousands of years (e.g., giant 
sequoia, Sequoiadendron gigantea), natural forests are dynamic 
plant communities that can change very slowly over thousands 
of years or very quickly over a few days to a few years. Fires, 
volcanic eruptions, strong winds, and snow and ice often have 
dramatic effects on forest succession. Insects can also have this 
effect during outbreaks (referred to as epidemics or gradations). 
For example, bark beetles, together with their associated blue- 
stain fungi, are known to kill millions of trees over thousands of 
hectares. The forest shown in Fig. 1 may change from an old 





FIGURE 1 Mountain pine beetle, Dendroctonus ponderosae (Coleoptera: 
Scolytidae), killed lodgepole pine, Pinus contorta var. latifolia, in 1982 in 
Glacier National Park, Montana. [Photograph by Mark D. McGregor, 
www.forestryimages.org.] 


growth (ca. 80 years), even-aged, predominantly lodgepole pine 
forest to a younger forest of lodgepole pine if a fire occurs 
subsequent to the mountain pine beetle infestation. Lodgepole 
pine cones often remain closed for many years and thus can 
store a large seed crop on the tree. Following a fire, which 
opens the cones, an almost pure forest of lodgepole pine is 
established over very large areas. Thus, the stage is set for 
another mountain pine beetle outbreak in 80 to 100 years. 

Insects and fungi are the most important biotic agents that 
affect forest succession. In general, these organisms influence 
the number and growth rate of trees through space and time. 
Insects that feed on seeds influence reproduction of trees, 
shoot-feeding and defoliating insects influence growth rates of 
trees, and insects that infest the main stem of trees accelerate 
the mortality of trees in a forest. All of these effects occur 
through interactions with other biotic and abiotic agents as 
part of the complex forest cycle that involves gaps, building, 
and mature and degenerate phases. Insects therefore impact 
forest succession by influencing the forest cycle. The changes 
in these parameters affect the distribution and abundance of 
trees at a given moment in time and can be projected into the 
future using mathematical modeling techniques. 





FIGURE 2 Diagrammatic representation of the plant life cycle, illustrating a 
tree as a series of modular units (the shoots). There are four basic components 


in the life cycle: (I) the seed bank, (II) the recruitment and establishment of 
individuals of the population from the seed bank, (III) the growth of indi- 
viduals, and, (IV) reproduction and dispersal. (Reproduced from Coulson 
and Witter, “Forest Entomology: Ecology and Management. Copyright 1984. 
This material is used by permission from John Wiley & Sons, Inc.) 
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Insects affect the growth rate and mortality of trees by 
feeding on various parts of the tree. Thus they affect the life 
cycle of trees (Fig. 2) by influencing the size of the seed bank, 
the amount of recruitment, the growth of individuals in height 
and volume, and the reproduction and dispersal of the tree 
species. Insects consume seeds within fruiting structures or on 
the ground, thus reducing the size of the seed bank. They 
consume young seedlings, thus decreasing the recruitment of 
new trees into the population. They kill tips and shoots, suck 
plant fluids from the phloem and xylem, and consume the 
foliage, thus reducing the photosynthetic capacity of the tree 
and, as a result, reduce the growth of individuals. Insects also 
kill trees by reducing their growth rate so they cannot compete 
with other individuals of the same or different species for light, 
space, water, and nutrients. Trees are killed quickly, often in a 
few weeks, following severe defoliation by moths or sawflies 
and by bark beetles that introduce pathogenic fungi into the 
phloem and xylem. Direct and indirect interactions occur 
between insect species and between insects and forest 
pathogens. Root disease pathogens may indirectly affect bark 
beetle populations by weakening trees and thus predisposing 
them to attack by bark beetles. Direct interactions with 
pathogens may occur when, for example, insects transmit the 
pathogen, as with the pitch canker pathogen, Fusarium 
circinatum, in California and the Dutch elm disease pathogen, 
Ophiostoma novo-ulmi, in Europe and North America. 

The examples drawn upon in this article emphasize those 
insect taxa that affect the survival of trees and in turn influence 
successional patterns of forests. This treatment thus includes 
phytophagous species and their natural enemies. Some authors 
refer to this interaction between insects and plants as a 
predaceous or parasitic relationship. The predator kills the host 
but the parasite does not kill the host directly. Insects may also 
form commensalistic and mutualistic associations with trees. 
In a commensalistic interaction, the tree is not affected, for 
example, when it is used as a resting place, whereas the tree 
benefits in a mutualistic interaction, such as with a pollinator. 
Our objective then is to emphasize the negative interactions 
between insects and their host trees, in which only the insect 
benefits and the tree is debilitated or killed. The tree does, 
however, benefit in the long term at the population level, at 
which succession allows nutrient turnover and reproduction 
allows adaptation of the tree species to environmental changes. 


FEEDING GROUPS 


Insects can be assigned to feeding groups based on the part of 
the tree they attack and the method of feeding they use. In 
forest habitats, these feeding groups are: 


A. Insects that feed on cones and seeds 

B. Insects that feed on shoots and tips 

C. Insects that feed on foliage 

D. Insects that feed on the trunk and large branches 
E. Insects that feed on roots 
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In the following discussion, species have been selected 
from each feeding group to demonstrate the great diversity of 
insect adaptations to their tree hosts. An example is given 
from each of the major orders of insects associated with each 
feeding group. The examples are taken mostly from the Old 
(Palearctic) and New (Nearctic) World fauna that have 
received the greatest scientific attention to date. We select 
examples based on insect orders, knowledge base, and a 
diversity of biological attributes, all within each feeding 
group. This approach should give the greatest insights into 
the mechanisms of insect interactions with their host trees. 
Thus, the reciprocal responses of the host and the insect are 
considered at the level of the individual tree and how this 
affects forest successional patterns. 


Insects That Feed on Cones and Seeds 


Important species of cone and seed insects are found in the 
Coleoptera, Diptera, Heteroptera, Hymenoptera, and 
Lepidoptera. They damage the reproductive structures of 
trees, resulting in reduced seed production. These insects 
may feed on the seed itself or on structures associated with 
the seed. The number of insects feeding in conifer cones is 
very large when the small size of the feeding substrate is 
considered. For example, in western Europe, cone- and seed- 
feeding insects number some 59 species from 30 genera, 13 
families, and 4 orders. 

Conophthorus spp. (Cone Beetles); Coleoptera: 
Scolytidae (Bark and Ambrosia Beetles) Species in this 
genus colonize only pine species in North America. Morpho- 
logical divergence is greatly reduced and therefore, species 
separation is difficult. Thus, many species were described based 
on their host associations. Recent studies of pheromone compo- 
nents and DNA are helping to establish the status of these 
sibling (closely related and difficult to distinguish) species. 

Except for the time spent between emergence from the 
brood cone and colonization of a new cone, the entire life cycle 
is spent within the cone. A single female tunnels into a new 
cone in the spring through the cone scales near the supporting 
stem (as in the “hard” pines, e.g., ponderosa pine) or into the 
supporting stem of “soft pines” (e.g., eastern white pine, 
Pinus strobus). She excavates a gallery along the cone axis and 
deposits eggs in the gallery wall. The gallery is packed with 
frass, which is composed of uneaten fragments of cone tissues 
and excrement. The male mates with the female inside the 
cone prior to gallery elongation. One female can infest more 
than one cone. In general, infested cones from the soft pines 
fall prematurely from the tree, while infested hard pine cones 
remain attached to the branch until they drop in the fall. 
Beetle attacks cause the death of the cone before and after the 
cone reaches full size. New brood adults can overwinter in 
the cone or emerge and mine twigs on living trees (C. 
ponderosae on sugar pine, Pinus lambertiana) or mine first- 
year cones (C. radiatae on Monterey pine) and spend the 
winter as nonreproducing adults. 


Other insect species enter the galleries of the cone beetle. 
The dry twig and cone beetle, Ernobius punctulatus 
(Anobiidae), feeds in the drying cone tissues that follow cone 
beetle feeding activity. A parasitic wasp (Bethylidae: 
Cephalonomia species) enters the cone beetle tunnel to lay 
eggs. The wasp larvae then feed on the cone beetle larvae. 

Contarina oregonensis (Douglas-Fir Cone Midge); 
Diptera: Cecidomyiidae (Gall Midges) This midge 
infests cones of Douglas-fir in California, Oregon, 
Washington, and British Columbia. Eggs are laid in young 
female cones as they open for pollination in the spring. 
Larval feeding tunnels stimulate gall formation on the seed 
coat, which destroys the seed. Several galls may form on the 
seed coat. In the fall, the mature larvae leave the cone and fall 
into the litter beneath the tree where they spend the winter. 
There is one generation each year; however, some individuals 
remain in a resting stage in the litter for more than 1 year. 
Arrested development, termed diapause, is common in 
insects that infest cones and seeds. This mechanism permits 
the insects to survive through periods when few cones are 
produced. Many other species of insects can inhabit these 
cones with this midge, including moths, beetles, and wasps. 

Megastigmus spermatrophus (Douglas-Fir Seed 
Chalcid); Hymenoptera: Torymidae (Torymids) Most 
species in this family are parasites of gall-forming insects, 
which are usually other wasps or flies. However, in the 
Douglas-fir seed chalcid, the female inserts her long 
ovipositor through the cone scales and into the seed where 
she deposits an egg. The larva develops entirely within the 
seed coat. The seed coat continues to develop normally. In 
the spring of the following year the adult cuts a round hole 
in the mature seed coat and emerges to begin a new 
generation. Adult emergence may be delayed 2 to 3 years. 
Cones are harvested in the fall to extract seed for future 
plantings. Infested seeds cannot be distinguished from unin- 
fested seeds by external appearance. This species has been 
introduced into Europe and has become a serious pest in 
plantations of Douglas-fir. Parasites reared from infested 
cones in western North America have been introduced into 
France to help reduce populations of this seed chalcid. 
speculatris was also introduced from North America and now 
infests cones of Siberian fir, Abies sibirica and Nordmanns fir, 
A, nordmanniana in Europe. 

Leptoglossus occidentalis (Western Conifer Seed Bug); 
Heteroptera: Coreidae (Coreid Bugs) This insect is 
named the “leaf-footed bug” because the tibiae of the hind 
legs are broad and flat while the tibiae of the first two pairs 
of legs are tubular in shape. This insect feeds on the seed of 
many conifer species, including Douglas-fir, incense cedar, 
Libocedrus decurrens, and ponderosa pine. This bug sucks 
plant juices, which results in damage to the seed. The eggs are 
barrel-shaped and are deposited in rows on the needles. The 
adults overwinter in protected areas including inside buildings. 
The broad host range of this species favors survival during 
years with low cone production in one or more host species. 


Cydia strobilella (Spruce Seed Moth); Lepidoptera: 
Tortricidae (Tortrix Moths) The female spruce seed moth 
oviposits between the cone scales of spruce flowers. After 
hatching, the larvae feed on the central stalk of the cone 
before moving to the developing seeds. Each larva consumes 
several seeds to complete its development. Fourth instars 
return to the cone stalk to overwinter and may remain in 
extended diapause for 2 or more winters. Higher than 
average summer temperatures result in extensive cone 
production in the following year and also stimulate the larvae 
of spruce seed moth to break diapause. However, even in 
good years, not all larvae within a cone break diapause. In 
some European seed orchards, over 50% of cones may be 
damaged by this species. 


Insects That Feed on Shoots and Tips 


Insects feeding in or on shoots and tips are found in the 
orders Coleoptera, Diptera, Hemiptera, and Lepidoptera. 
These insects may feed externally or internally on these 
structures. In addition, they may induce the tree to produce 
a gall as a result of their feeding activities. This gall may have 
nutritional as well as protective benefits to the insect. Some 
insects that feed externally gain protection by, for example, 
producing a spittle mass, as in spittlebugs, or wax, as in 
woolly aphids. Feeding may be on foliage in addition to the 
shoot and/or tip. 

T. piniperda (Pine Shoot Beetle); Coleoptera: 
Scolytidae (Bark and Ambrosia Beetles) 
of the pine shoot beetle emerge from overwintering sites in 
the “duff,” the needle and bark litter on the ground. They 


also overwinter in short galleries below the litter layer. They 


In spring, adults 


attack trees weakened by root disease (e.g., annosus root 
disease caused by Heterobasidion annosum) and broken and 
cut trees, but are also capable of killing apparently healthy 
trees. There can be two or more early emergence periods that 
result in “sister” broods. This bark beetle infests several pine 
species, but Scots pine, Pinus sylvestris, is its principal host in 
Europe. The female excavates an egg gallery in the phloem, 
which is parallel with the grain of the wood. The male mates 
with the female in the egg gallery. She cuts niches in the gallery 
wall and deposits one egg in each niche. Larvae then tunnel 
laterally from the egg gallery. The larval gallery gradually 
becomes wider as the larvae develop. Pupation occurs in the 
early summer and emergence occurs in midsummer. These 
adults fly to living trees and tunnel into the axils of young 
shoots, which causes the shoots to die and break off. The 
feeding that occurs in the shoots is necessary for maturation 
of the gonads. The beetles emerge from the dying shoots and 
attack host material as described above. This habit has been 
termed “maturation feeding.” Death of the terminal shoot 
causes flattened canopies. The pine shoot beetle was 
discovered in Ohio in 1992 and has since spread to adjoining 
states and Ontario, Canada. It infests eastern white pine and 
Scots pine Christmas tree plantations. 
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C. piniinopsis (Gouty Pitch Midge); Diptera: 
Cecidomyiidae (Gall Midges) The gouty pitch midge 
feeds on a large number of pine species in North America. 
Only the hard pines are infested. It is usually found feeding 
on young, open-grown pines in both natural stands and 
plantations. Damaged shoots are first observed in early 
summer, when new shoots droop and turn yellow and then 
red. Repeated infestations in northern California slow tree 
growth and eventually kill the tree. Heaviest infestations 
occur on ponderosa pines exhibiting sticky twigs while 
lightest infestations occur on dry, powdery stems, suggesting 
that some genotypes are resistant to the feeding-induced 
damage caused by this midge. The bright red larvae over- 
winter in small resinous pits beneath the bark. In spring 
larvae migrate to the needles where they pupate. There is one 
generation per year. Dead shoots resemble frost-damaged 
tips. 

Adelges cooleyi (Cooley Spruce Gall Adelgid); 
Homoptera: Adelgidae (Adelgids) The Cooley spruce gall 
adelgid is distributed from coast to coast in North America 
where it infests many species of spruce, including Sitka, Picea 
sitchensis, Engelmann, P engelmannii, white, P glauca, blue, 
P. pungens, and Brewer, P brewerana. In the west, Douglas-fir 
is the alternate host. It was introduced into Europe along with 
Douglas-fir. In Great Britain, it is named the Douglas-fir woolly 
aphid. Infestations are also found on Sitka spruce, which has also 
been introduced into Europe as a plantation species. This aphid 
has a complex life cycle. When both hosts are present, there can 
be six life stages in addition to eggs and crawlers. The life cycle, 
which includes all life stages, is completed in 2 years. Immature 
females overwinter under bark scales near the tips of spruce 
twigs. In the spring, they develop into mature females, termed 
stem-mothers. They each lay up to several hundred eggs under a 
white cottony, waxy mass. The newly hatched nymphs feed at 
the base of needles. Light green to purple elongate galls are 
formed that enclose the nymphs. A chamber at the base of the 
needle may contain 3 to 30 wingless adelgids, which are covered 
with a white wax. A few winged adelgids may also be produced. 
The galls vary between 12 and 75 mm in length. After the 
nymphs leave the gall, it turns brown and hardens, often 
remaining on the tree for many years. Infestations kill branch 
tips, which stunts and deforms the trees. Nymphs transform to 
adults on needles and fly to Douglas-fir and lay eggs on newly 
developing needles, shoots, and cones. Infested needles are 
twisted and chlorotic and can drop from trees in large numbers. 
No galls are formed on Douglas-fir. Winged adults produced on 
this host fly back to spruce to oviposit. Where each host occurs 
independent of the other, continuous generations are produced 
on one host. In areas of western North America where spruce is 
rare or absent, two parthenogenetic generations are produced 
on the needles of Douglas-fir in one season. No galls are 
produced on spruce where Douglas-fir is absent. 

Rhyacionia buoliana (European Pine Shoot Moth); 
Lepidoptera: Olethreutidae (Olethreutid Moths) This 


moth occurs throughout Europe where it feeds on almost all 
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pine species. It was first discovered in America in New York 
State in 1914 and later was found in British Columbia, 
Washington, and Oregon. It has not spread into other 
western North American states. This moth is a serious pest of 
pine plantations in Europe and North and South America. 
Recently, it has spread rapidly throughout the extensive 
Monterey pine plantations in Chile. Lodgepole pine planted 
in France are often heavily damaged, as are red pine, Pinus 
resinosa, plantations in the states and provinces that border 
the Great Lakes in North America. In summer, the female 
lays yellowish, disk-shaped eggs in rows on needles as well as 
under and on bud scales and on small twigs. The larvae hatch 
from the eggs and feed on the needles where they are 
attached to the twig. The larvae then spin a silken web 
between the needle sheath and the twig. The web is usually 
coated with resin. The larvae tunnel into the bud, which 
produces a resinous crust. These larvae overwinter under this 
crust or within the bud. In the spring, they mine another bud 
and then feed on the base of needles. They pupate within 
mined shoots, but the pupal skin protrudes from the shoot so 
that adult emergence is not impeded by the shoot or resin. 
The mined shoots are killed and buds formed later produce 
new shoots that grow around the dead shoot. Repeated 
infestations produce a bush-shaped tree. A crook is formed 
on the main stem when the terminal bud is killed. 


Insects That Feed on Foliage 


The foliage is the predominant photosynthetic part of the 
plant. Loss of foliage results in loss of photosynthetic area 
with resulting reduction in the production of carbohydrate. 
Defoliation may be tolerated in some species of trees, but less 
so in others. Successive cycles of defoliation, however, are 
rarely tolerated and often result in tree death, usually in 
association with other insect groups. Insects that feed on the 
foliage of trees are predominantly found in the orders 
Coleoptera, Diptera, Hemiptera, Lepidoptera, and Orthop- 
tera. Most of these feed externally on the foliage, though 
some mine into the foliage for part or all of their feeding stage. 
Various larvae in the Coleoptera, Diptera, and Lepidoptera 
mine the leaves of broadleafed plants, including trees. This 
activity protects the insect from desiccation and from preda- 
tors. Many Hymenoptera induce galls to form on leaves as a 
result of oviposition into the leaf. These galls can take on 
many shapes and all protect the developing larva from desic- 
cation and predation. Additional protection from abiotic and 
biotic effects may be provided by webbing to hold needles 
together, leaf rolling, or producing a silken nest in which 
insects congregate for protection from predators, as in the 
case of tent caterpillars. 

Pyrrhalta luteola (Elm Leaf Beetle); Coleoptera: 
Chrysomelidae (Leaf Beetles) The elm leaf beetle is a 
native European chrysomelid beetle. It infests all species of 
elm. This beetle often causes severe growth loss, which 
weakens trees and, in turn, makes them susceptible to 


invasion by bark beetles and the Dutch elm disease fungus, 
which they carry into the tree. 

The elm leaf beetle overwinters as an adult in sheltered, 
dry habitats, such as inside houses and barns and under loose 
bark on trees. They can become a nuisance in fall and spring 
as they enter and leave hibernation sites inside residences. 
They can be active in houses during the winter. Adults 
emerge from overwintering quarters and fly to elms at the 
time leaves are beginning to emerge from buds in spring. 
They lay eggs (up to 800 per female) in groups or irregular 
rows, along the major leaf veins on the underside of leaves 
and on nearby twigs. Larvae emerge from eggs in late spring 
and feed on the underside of leaves, causing skeletonization, 
where small veins are visible between the major lateral veins 
that emanate from the midrib. The later instars consume 
some of the area between these lateral veins. The leaves soon 
become desiccated and turn brown. At high densities, the 
entire tree turns brown and appears to be dead. However, in 
late summer some trees refoliate with smaller leaves. 
Repeated infestations can kill trees. Two or more generations 
are produced each season. This insect was introduced into 
the United States in the late 1890s and has since spread to the 
west coast. It feeds on all species of elm; however, American 
and the introduced Siberian, U. 
pumila, and European elms are severely damaged by this 


elm, Ulmus americana, 


beetle. Introduction of parasites into the United States has 
met with mixed control results. 

Elatobium abietinum (Green Spruce Aphid); Homop- 
tera: Aphididae (Aphids) The green spruce aphid feeds on 
native and introduced spruce species in Europe and 
frequently occurs in forest nurseries. Introduced North 
American species such as Sitka spruce are most susceptible, 
whereas most European species, with the notable exception 
of Norway spruce, Picea abies, are less suitable as hosts. In 
parts of Europe a sexual as well as an asexual stage is found, 
and overwintering occurs as eggs. Elsewhere, such as in Great 
Britain, the sexual stage is absent, and parthenogenetically 
reproducing females remain on the needles during the 
winter. In North America, where this aphid is presumed to 
be an introduction, only the parthenogenetic form is known. 
Most feeding occurs when amino acid levels in the leaves are 
high in the winter and early spring. In late spring/early 
summer, longer day length coincides with a drop in amino 
acid levels, and winged individuals (alatae) are produced, 
which disperse to new hosts. Most outbreaks coincide with 
mild winters. The nymphs and adults feed on the lower side 
of older leaves where they use piercing mouthparts to access 
the phloem sap. They may completely defoliate trees and 
attack current-year needles later in the year. 

Pristophora erichsonii (Larch Sawfly); Hymenoptera: 
Tenthredinidae (Sawflies) 
European species. It was first recorded in North America in 
1880, in Alberta, Canada, in 1930, in Oregon in 1964, and 


in Alaska in 1965. Some strains are now believed to be native 


The larch sawfly is a native 


to North America. The prepupal stage overwinters in a 


tasks. This evolution towards software-based systems has been in the works for several years, but is 
now becoming possible thanks to improved performances from all of these reconfigurable 
components, including those that are the closest to the elementary tasks of wireless communications 
(detection, baseband coding, bitstream management, frequency handover, signal processing, etc.). 


1.5 Technological building blocks to achieve the objectives 
is ye Air interface 


Several, sometimes competing radio access technologies are currently being examined. Some have 
already been pre-implemented by equipment manufactures and can be used in trials, notably 
massive MIMO and NFV. Others, such as NOMA modulation and mobile edge computing (MEC), will 
no doubt take longer before they are ready to be used. In any event, a consensus — which could be 
painful for certain suppliers whose investments will be lost — will need to be found when defining 5G 
standards, to ensure the systems’ interoperability. 


The technologies currently being examined are the following: 


- Millimetre wave frequencies: the use of millimetre wave frequencies constitutes one of the 
disruptive 5G technologies. The term refers to the frequencies above 6 GHz which have 
never been considered for mobile fronthaul network rollouts, for reasons of technological 
maturity and propagation quality. To meet the demand for ever increasing data rates and 
traffic volumes, new bands with very wide channels (over 100 MHz per user) will need to be 
employed: millimetre wave frequencies could provide this spectrum resource, and in certain 
cases their use would make it possible to achieve the data rates listed in Table 1. 
Comparisons between 4G and 5G). In exchange, to be able to use these frequencies all of the 
required, miniaturised low-cost technologies will need to be developed, and ensure a level of 
energy consumption that is compatible with portable devices (amplifiers, coders, signal 
processing, antennae, etc.). In particular, because of millimetre waves’ poor propagation 
quality, each cell will have limited coverage and so require the use of beamforming 
(described below) to better focus the power transmitted by the antenna. 


- Massive MIMO (Multiple Inputs — Multiple Outputs): this technology involves the use of a 
large number of smart micro-antennae, located on the same panel (between eight and 128 
today, but the number will increase with the use of frequencies above 6 GHz). The appeal of 
using massive MIMO is twofold: first, the technology makes it possible to increase data rates, 
thanks to spatiotemporal multiplexing; second, it makes it possible to focus energy on a 
device to improve its link budget, thanks to beamforming. 
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cocoon in the ground or duff under defoliated trees. Adults 
emerge in spring and as late as late summer depending on 
location. They lay eggs in rows under the bark of newly 
elongating shoots. This oviposition behavior causes the 
shoots to droop. The common name of this family is derived 
from the saw-like ovipositor that females use to cut slits into 
the bark where they lay eggs. This species reproduces 
parthenogenetically. Larvae emerge from eggs and feed on 
the needle margins and then move to the older needle 
clusters. They feed gregariously and eat most of the needles 
on one shoot before moving to another. Between summer 
and fall, mature larvae drop to the ground and spin a paper- 
like cocoon in the forest litter. Here, they enter a diapause 
where they spend the winter. However, some individuals 
overwinter 2 or 3 years. 

Successive defoliation results in tree mortality, especially 
eastern, Larix laricina, and western larch, L. occidentalis, in 
North America, and European larch L. decidua. It has been 
most destructive in the states around the Great Lakes. Where 
black spruce, Picea mariana, and eastern larch co-occur, 
black spruce is favored in succession because the larch sawfly 
kills both larch seedlings and mature trees. In the Alps, when 
aphid densities are high, larch sawfly densities are low, due in 
part to predation by ants that are tending aphids seeking 
their honeydew. Biological control efforts in the western 
United States have been successful in lowering the overall 
average densities of the larch sawfly. This program is 
considered one of the most successful biological control 
programs aimed at a widely distributed forest insect. During 
studies of the parasitoids of this sawfly, encysted larvae were 
discovered in certain populations. A cellular layer 
surrounding the larva is produced by the hemolymph 
(phagocytosis), a rare phenomenon in insects. 

Lymantria dispar (Gypsy Moth); Lepidoptera: 
Lymantriidae (Tussock Moths) The gypsy moth is an 
important defoliator of hardwood trees in Europe and North 
America. It was introduced into Massachusetts in 1869. 
Since then it has slowly spread southward to North Carolina 
and westward into Wisconsin. Small populations have been 
eradicated repeatedly in California, Oregon, Washington, and 
British Columbia. In North America, massive defoliation has 
occurred over thousands of hectares. This species feeds on 
over 50 tree species, including mostly hardwoods, such as 
apple, beech, basswood, Tilia americana, elm, hornbeam, 
oak, poplar, and willow. During outbreaks, larch and pine are 
consumed. In southern Europe and northern Africa, outbreaks 
occur at irregular intervals. In North America, considerable 
resources are directed toward control and slowing the spread 
to uninfested areas. The Asian form of this species has been 
found in the western United States and Canada, but 
apparently has not become established. 

In spring, larvae emerge from overwintering egg masses, 
at about the time oak leaves emerge from buds. The young 
caterpillars move to the tops of trees where they feed on the 
bases of young leaves or they chew small holes in the leaf 
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surface. They also drop from trees on silken threads and are 
windblown. Older larvae feed mostly on the leaf margins. 
The larger veins and midribs of leaves are usually not 
consumed. At high densities (tens of thousands per hectare), 
the larvae literally “eat themselves out of house and home.” 
They move to new areas in search of food or pupate, often 
giving rise to small adults. The larvae are very colorful, 
exhibiting six longitudinal rows of tubercles. On the thorax 
and first two abdominal segments the tubercles are blue and 
on the rest of the abdomen they are red. Larvae crawl down 
the tree and aggregate in sheltered places. At night they crawl 
up the tree to feed. In June, larvae pupate on many 
substrates, including rocks, limbs and trunks of trees, picnic 
tables, automobiles, and forest debris. In North America, 
females are flightless, and after emergence from the pupae 
they crawl a short distance and emit a sex pheromone that 
attracts male moths. After mating, the females lay eggs in a 
mass and cover them with larval hairs and a frothy substance. 
These egg masses may be transported on vehicles or on lawn 
furniture and rocks that are moved inside vehicles. This 
means of dispersal gave rise to the common name, “gypsy” 
moth. The eggs overwinter in a diapause state. The Asian 
gypsy moth is of major concern because the females are 
excellent fliers. It has frequently been intercepted on the west 
coast of the United States, and flying females enhance the 
dispersal of this species if it becomes established. Many 
natural enemies of this moth, including parasitoids, 
predators, and protozoa, have been collected in Europe and 
introduced in North America. These biological control 
studies are among the earliest attempts to use indigenous 
natural enemies to lower densities of an introduced pest. 

Coleotechnites milleri (Lodgepole Needleminer); 
Lepidoptera: Gelechiidae (Gelechiid Moths) The 
lodgepole needleminer has a unique life history in the Sierra 
Nevada of California. The adults are synchronized to emerge 
in midsummer in odd-numbered years. Adults are not 
known from even-numbered years. However, another 
population of this species (or an undescribed species) that 
occurs in a nearby mountain range in western Nevada also 
has a 2-year life cycle, but adults emerge in even-numbered 
years. Another undescribed species feeds on lodgepole pine in 
central Oregon, but this species has a 1-year life cycle. 

After mating, females lay eggs in mined needles or on 
branches near the needle fascicles. First instars enter near the 
tip of a single needle and remain in the mine through the 
winter. During the even-numbered season, fourth instars 
mine several needles and overwinter in a single, mined 
needle. In spring of the odd-numbered years, fifth instars 
feed on many needles and finally pupate in a mined needle. 

The most severe outbreaks occur in mature lodgepole 
pine stands and occur over large areas. In the high-elevation 
forests (4000 m) near Yosemite National Park, many 
outbreaks have been recorded, some lasting 16 to 18 years, 
before returning to low densities. There does not appear to be 
a regular pattern to these epidemics. Severe defoliation 
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weakens trees, which predisposes them to infestation by the 
mountain pine beetle, Dendroctonus ponderosae. Thus these 
two insect species convert these extensive mature to overmature 
lodgepole pine forests to a young forest of lodgepole pine. 
The Sierra Nevada form of lodgepole pine, Pinus contorta vat. 
murrayana, produces largely nonserotinous cones that are 
opened by sunlight. Furthermore, lodgepole pine is moder- 
ately shade tolerant and can thus regenerate in the understory 
of larger trees. When needle miner populations increase to 
epidemic levels, young trees are released to grow and seeds 
germinate to produce new seedlings. 

The decline of outbreaks has been attributed to rain, and 
often snow, during the mating period, abundance of parasites 
and predators, and reduction in amount of host foliage for 
colonization. The biology of host-specific and generalist 
parasites has been investigated in an attempt to determine 
the basis for the 2-year synchronized life cycle. 

Diapheromera femorata (Walkingstick); Phasmatodea: 
Heteronemiidae (Walkingsticks) Walkingsticks are very 
unusual insects because, as their name signifies, they are long, 
slender, and oval and thus resemble a stick or defoliated 
branch. Most species are wingless. Their body color varies 
from gray to green to brown to red, which is similar to the 
leaves and branches on which they are feeding. Through this 
camouflage they may escape predation from birds. In late 
summer and fall they deposit their hard, seed-like eggs 
directly on the ground or by dropping them from trees where 
they are feeding. At high population levels, the large number 
of eggs falling on the forest floor literally sounds like rain. 
Most young hatch during the following spring throughout 
the southern United States, whereas in the northern portion 
of its range, the young hatch in the second spring. 
Occasionally, severe outbreaks occur in the northern United 
States that last several years, causing extensive tree mortality. 
Two defoliations can occur during the same season. They feed 
ona variety of hardwood species, including cherry, basswood, 
birch, aspen, elm, hickory, oak, locusts, and dogwood. 


Insects That Feed on the Trunk and Large Branches 


Insects that feed on the trunk and larger branches of trees are 
found in the Coleoptera, Hemiptera, Hymenoptera, 
Isoptera, and Lepidoptera. Insects that tunnel into the trunk 
and large branches of trees may exploit two resources: they 
may derive most of their nutrition from the phloem, or they 
may tunnel into the wood and derive their nutrition from the 
xylem. Insects that do not tunnel into the host, such as scale 
insects, are sucking insects and use nutrients in the xylem or 
phloem depending on the species. Many insects that infest 
the wood of trees, such as termites, serve as primary 
decomposers of the woody material. 

D. ponderosae (Mountain Pine Beetle); Coleoptera: 
Scolytidae (Bark and Ambrosia Beetles) The mountain 
pine beetle is one of the most important forest insects in 
North America. It is widely distributed in many pine species 


throughout western North America, from southeastern Alaska 
to northern Baja California, and eastward through the Yukon 
territory in Canada and the Rocky Mountains of both the 
United States and Canada to the Black Hills of South Dakota. 
The eight-toothed spruce bark beetle, Ips typographus, shows 
a similarly wide distribution in Europe and Asia but it has a 
more limited host range than D. ponderosae. During outbreaks, 
this bark beetle kills millions of trees over large areas. It 
infests some of the most widely distributed and important 
timber-producing species, including ponderosa pine, western 
white pine, P monticola, and sugar pine. Extensive mortality 
of ponderosa pine at the turn of the 19th century in the 
Black Hills of South Dakota attracted public attention that 
led to the establishment of the Federal Forest Insect Research 
Program in the United States. The effects of mountain pine 
beetle are greatest in climax lodgepole pine forests where 
lodgepole pine is self-perpetuating or in even-aged stands 
where shade-tolerant species are not abundant enough to 
replace lodgepole pine. These even-aged forests are usually 
created by a stand-replacement fire. Mountain pine beetle 
infestations kill the largest trees and leave behind small- 
diameter, low-vigor, and mistletoe-infested trees. Young 
seedlings that have survived in the understory because of 
their shade tolerance are then released. New seedlings appear 
in new openings where trees have died. The resultant forest 
following mountain pine beetle outbreak is uneven aged and 
multistoried. 

The life histories of tree-killing Dendroctonus (meaning 
“tree killers”) species are generally similar. The female emerges 
from overwintering sites beneath the bark of trees killed in 
the previous year. She penetrates the outer bark and begins 
feeding in the phloem. She releases a pheromone component, 
trans-verbenol, and a host monoterpene hydrocarbon, 
myrcene (in lodgepole pine) or O-pinene (in western white 
pine). The male joins the female gallery and releases exo- 
brevicomin, another pheromone component. This mixture 
of compounds is highly attractive to other mountain pine 
beetles and a massive aggregation of beetles occurs on the 
tree. The attracted beetles introduce a pathogenic bluestain 
fungus, Ophiostoma clavigerum, which, together with 
tunneling females, causes the death of the tree. The growth 
of this bluestain fungus in the sapwood interrupts water 
conduction (a vascular wilt) to the crown. As the tree begins 
to die, females excavate egg galleries that are positioned 
vertically in the trunk, 30 to 90 cm in length. The egg gallery 
etches the sapwood superficially and may be quite sinuous, as 
with the western pine beetle, D. brevicomis. Eggs are laid in 
niches cut in the phloem on both sides of the gallery. Larvae 
hatch from the eggs and they excavate lateral galleries that 
increase in size as the larvae grow. A pupal cell is excavated at 
the end of the gallery, and the larvae transform to pupae and 
then to adults in these cells. Both larvae and adults are 
known to overwinter. Depending on the latitude and altitude 
one generation may take 2 years to complete or there may be 
as many as two generations and a partial third in 1 year. 


Cryptococcus fagisuga (Beech Scale); Hemiptera: 
Eriococcidae (Eriococcids) The beech scale is a native 
European species that was introduced into Halifax, Nova 
Scotia, about 1890. Since then it has slowly spread eastward to 
Toronto, Ontario, and Ohio and south to West Virginia and 
western Virginia. Infestations are found in North Carolina, 
Tennessee, and Michigan. The beech scale in combination 
with the fungus Nectria coccinea vat. faginata causes beech 
bark disease, which has killed a large number of native and 
ornamental beeches in Europe and the northeastern United 
States. European beech, Fagus sylvatica, and American beech, 
E grandifolia, are severely impacted by this scale and its 
associated fungus, and it also infests other native as well as 
ornamental beeches from the Orient and Europe. 

In late spring and early summer, pale-yellow females 
deposit up to 50 yellow-colored eggs in groups of 5 to 8 that 
are coated with a white-colored wax-like substance. Only 
wingless females are known for this species. The newly 
hatched nymphs or “crawlers” search out a location on the 
bark to settle and insert their tubular mouthparts. During 
this crawler stage they can be dispersed by wind, often over 
100 meters. This sessile stage overwinters. After egg-laying 
the female dies. There is one generation produced each year. 
At high densities, the bark on the trunk and lower portion of 
the branches is completely white with scales. Under these 
conditions, the bark is killed and forms pits and ultimately 
ruptures, allowing entry of N. coccinea var. faginata. This 
fungus, along with the native species, N. galligena and N. 
ochroleuca, kills the cambium and sapwood in these areas, 
which results in interruption of water and food transport. 
The trunk often turns red with the fruit bodies produced. by 
this fungus. Tree mortality often ensues after a few years. 
Extended periods of drought increase the rate of mortality 
caused by the interaction of this scale and fungus with their 
host. Cold temperatures (-38°C) often kill the scales above 
the snow pack. In Europe, the ambrosia beetle, Trypodendron 
domesticum, attacks beeches weakened by this scale and its 
associated fungus. Several decay-causing fungi are also 
associated with dying trees. 

Sirex noctilio (Steely-Blue Wood Wasp); Hymenoptera: 
Siricidae (Horntails/Wood Wasps) _ S. noctilio is indigenous 
to Europe where it infests pines weakened by fire, insects, and 
diseases. In its native habitat it seldom causes tree mortality. 
However, this species was introduced into New Zealand in 
the late 19th century, where it became a serious agent of 
mortality in planted forests of Monterey pine. It has since 
been introduced into Monterey pine plantations in Australia 
and South Africa. Females have a long ovipositor that extends 
straight back from the anus and is often mistaken for a 
stinger. The female drills a hole about 12 mm deep through 
the bark and into the sapwood. As many as four side holes are 
drilled from the primary entrance hole. One hole is filled 
with mucus from the female’s accessory glands, as well as 
spores of the symbiotic fungus, Amylosterium areolatus, that 
reside in a specialized gland (mycangium) at the base of the 
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FIGURE 3 Female horntail, Urocerus gigas (Hymenoptera: Siricidae), 


ovipositing in the end grain of a European larch log. [Photograph by 
Andrew J. Storer.] 


ovipositor. Eggs are deposited in the other side tunnels. 
Adults tend to aggregate on weakened trees for oviposition. 
The mucus secretion has toxic properties that cause inter- 
ruption of water conduction in the sapwood (i.e., a vascular 
wilt). Needles are subsequently killed and they fall from the 
tree. Young larvae feed on the fungus growing in the egg 
chamber. Older larvae tunnel deeply into the sapwood and 
their finely divided frass (mostly woodchips) is tightly packed 
into their galleries. They pupate near the surface and excavate 
a round hole in the bark through which they emerge. 

Horntails occur in both hardwood and softwood species 
and they are found in forests throughout the northern hemi- 
sphere (Fig. 3). The life cycle can be completed in 1 year, but 
in some cases development is delayed for several years. 

A major biological control program for Sirex noctilio was 
undertaken and many species of hymenopteran parasitoids 
were collected from Europe and North America and 
introduced into New Zealand and Australia. Two species of 
nematodes, Deladenus siricidicola and D. wilsoni, were 
introduced into Australia where they have caused a 
significant reduction in tree mortality. These nematodes 
infect the reproductive system and prevent ovarian 
development. 

Reticulitermes flavipes (Eastern Subterranean Termite); 
Isoptera: Rhinotermitidae 
social insects that live in colonies in the soil. They feed on a 


Subterranean termites are 


variety of cellulosic materials as their principal energy source. 
Termites and fungi are the most important organisms that can 
digest plant cell walls and thus reduce cellulose from a complex 
polysaccharide to simple sugars. Symbiotic fungi and protozoa 
live in the hindguts of termites and possess the enzymes 
needed to digest cellulose. Thus termites play an important 
role in recycling nutrients in a forest. Subterranean termites 
coexist in soils with many other microorganisms, especially 
fungi. Some of these fungi have been shown to produce 
chemicals that are the same as the trail-following pheromones 
produced by the termites, as well as chemicals that act as 
feeding stimulants and deterrents to termites. 


distributed 
throughout the eastern and mid-western part of the United 


The eastern subterranean termite is 


States where it feeds on most species of wood found in 
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forested habitats. Related species of subterranean termites are 
found in western North America and in Europe and Asia. 
Subterranean termite colonies contain seven castes: larvae or 
immatures, workers, soldiers, nymphs, winged (alate) primary 
reproductives, wingless (dealate) primary reproductives, and 
supplementary reproductives. Workers feed all the castes. 
Supplementary reproductives can occur in colonies with 
primary reproductives. They take over the oviposition role if 
the primary “queen” reproductive dies. Soldiers have large 
hardened (sclerotized) heads and mandibles, which they use 
to defend the colony from invaders, especially ants. 

With the onset of warm rains in spring or fall (western 
United States), large numbers of winged females and males 
(termed swarmers) emerge from earthen tubes extending out 
of the ground or from the surface of logs, stumps, and 
wooden structures. These adults are weak fliers and soon drop 
to the ground where they lose their wings. Copulating adults 
paired end-to-end can be seen running about. The mated 
female seeks a damp piece of wood and excavates a chamber 
where she lays her first eggs. The young hatch into a worker 
caste and when large enough, they begin foraging for food to 
feed the queen and other castes as they are produced. 

Subterranean termites are a critical component of forest 
habitats because of their important role in recycling wood. 
However, they are also the most destructive pests of human 
habitations made from wood. They construct earthen tubes 
from the ground into wooden structures and thus can 
consume wood in dry habitats long distances from the 
colony in the ground. They often escape notice because they 
travel in hollowed out timbers and in tubes constructed in 
wall cavities. Their galleries parallel the grain of the timbers 
and are excavated first in the early wood (springwood) and 
later in the late wood (summerwood). This damage to 
structures can be extensive before it is discovered. A large pest 
control industry has developed to protect wooden structures 
from termites and other wood-destroying insects and fungi. 

Synanthedon sequoiae (Sequoia Pitch Moth); 
Lepidoptera: Sesiidae (Clearwing Moths) The sequoia 
pitch moth is attracted to the resin that flows from wounded 
pine trees. Larvae hatch from eggs deposited individually on 
the bark of limbs and the trunk and tunnel into the 
phloem—cambial layer beneath the outer bark. As they feed 
on the phloem, they excavate a chamber that fills with resin 
and frass. This material is deposited on the outer bark surface 
over the chamber and forms a white resinous mass that is 
interspersed with reddish brown fecal material. As this resin 
mass ages, the surface turns reddish brown. Resin streaming 
is occasionally observed from these masses. Larvae pupate 
beneath the resinous mass, but with the pupal integument 
extending through the mass. This enables the moth to 
emerge from the mass without contacting the resin. These 
resinous masses often exhibit two or three pupal cases, 
indicating that these areas are often recolonized by later 
generations of this species. Oviposition occurs in summer. 
The life cycle is completed in 1 or 2 years. 


Infestations of this species rarely cause tree mortality directly. 
However, heavy infestations may result in attraction of tree- 
killing bark beetles. This moth infests many native species of 
pines as well as European species such as Scots pine, Austrian 
pine, Pinus nigra, maritime pine, P pinaster, and Italian stone 
pine, P pinea. Pines growing in urban environments can be 
heavily infested around wounds caused by pruning and by 
vehicles. The sequoia pitch moth is distributed throughout 
western North America, including California, Oregon, 
Washington, Idaho, Montana, and British Columbia. Coast 
redwood, Sequoia sempervirens, is not a known host for this 
moth. Similar pitch masses are produced by a related moth, 
S. pini, which infests many pine and spruce species in eastern 
North America and in the midwestern states. 


Insects That Feed on Roots 


Insects that feed on the roots of trees may be sap feeders or 
may enter the host tissue and exploit the phloem, cambium 
and/or xylem. Representatives are found in the Coleoptera, 
Hemiptera, and Hymenoptera. The underground portion of 
the tree represents a protected environment for root-feeding 
insects. 

H. abietis (Pine Weevil); Coleoptera: Curculionidae 
(Weevils) 


ern Europe and Asia where it colonizes roots of weakened 


The pine weevil is native to the forests of north- 


and recently dead conifers. Larvae emerge from eggs laid in 
the bark and tunnel through the phloem and score the 
sapwood surface. They pupate in cells excavated in the outer 
sapwood. Its abundance has been increased dramatically by 
thinning and clear-cutting of large forested areas and 
replanting with pines. Under these conditions, the weevils 
breed in the stumps and emerge in the next season to feed on 
seedlings planted after logging. This species has the 
reputation of being one of only a few species of which one 
individual can kill one or more healthy trees, although they 
are small trees. Grasshoppers (Acrididae) and scarabs 
(Scarabaeidae) also have this capability. Adults feed on the 
tender young bark of most coniferous species. They are 
present from early spring through early fall. Control of this 
species is necessary in new conifer plantations. One 
generation is produced in 1 to 3 years, depending on 
latitude. The pales weevil, H. pales, has a comparable biology 
in the eastern United States. These insects are considered to 
be among the most destructive pests of conifer plantations in 
both Europe and North America. 

Pachypappa_ termulae (Spruce Root Aphid); 
Homoptera: Pemphigidae (Pemphigids) The spruce root 
aphid is cream colored and feeds in colonies on the fine roots 
of standing trees. These colonies are covered with waxy wool. 
Spruce trees are most commonly infested, though other 
conifers may also be affected. As with all aphids, this is a sap- 
feeding species that has sucking mouthparts. Aboveground 
symptoms are usually absent except in nursery stock, where 
an overall decline of plant health may be observed. Often 


these insects are noticed only during transplantation of 
nursery stock. This species can be found year round in parts 
of Europe and North America and is thought to be associated 
with dry conditions. 

Camponotus modoc (Carpenter ant); Hymenoptera: 
Formicidae (Ants) C. modoc excavates galleries in fire-scarred 
and rotted standing and fallen trees of many coniferous 
species growing in western North America, including pines, 
true firs, Douglas-fir, western redcedar, Thuja plicata, and 
giant sequoia. In a study of uprooting and breakage of over 
mature giant sequoia in the Sierra Nevada of California, 
carpenter ants and decay fungi were often associated with 
tree failure. Most of the roots of recently uprooted trees 
showed evidence of advanced decay. Carpenter ant galleries 
were observed in the few functional roots that were present. 
These roots showed evidence of early-to-moderate stage 
decay and carpenter ants were observed tunneling in these 
areas. This excavation activity is probably associated with the 
establishment of subsidiary colonies. These ants are found 
tending aphids, e.g., Cimara spp., in colonies on understory 
white fir and sugar pine trees. C. modoc was also observed 
excavating cavities in the bark of the root collar of young 
white firs. These cavities were later colonized by Ciara spp. 
that were tended by these ants. These shade-tolerant conifers 
have greatly increased in abundance because of fire exclusion 
in the old-growth giant sequoia groves. Thus carpenter ant 
abundance may have also increased as a result of increased 
aphid colonies on these understory trees. 


Many insect families are found almost exclusively in forest 
habitats and have not been mentioned above because of space 
limitations. These include, for example, the wood-boring 
beetles in the families Buprestidae, Cerambycidae, Platypo- 
didae, Micromalthidae, Anobiidae, Bostrichidae, and 
Lyctidae. In the Lepidoptera, the family Cossidae is almost 
entirely found infesting wood. Similarly, a very large number 
of species of moths, wasps, aphids, and leafhoppers feed on 
the foliage of trees. 


FOREST PEST MANAGEMENT 


Insect populations may reach levels in both natural and 
human-made forests where they are considered pests. High 
populations of cone and seed insects in a conifer seed 
orchard, mortality of seedlings resulting from feeding by 
weevils, defoliation of mature trees, and bark beetle 
outbreaks are all examples for which a management activity 
aimed at reducing the density of the insect population may 
be appropriate. These management activities all have a 
financial cost associated with them, which needs to be 
weighed against the anticipated benefit from the activity. 
With a few notable exceptions, the use of traditional 
insecticides to control forest insects is rarely practical, 
because of cost, or desirable because of impacts on nontarget 
organisms. Exceptions may be high-value urban trees and 
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trees in seed orchards. In these situations, the area being 
targeted with the pesticide is limited. Biological pesticides 
are, however, very useful in limiting the impacts of 
defoliating Lepidoptera. Extracts from the bacterium Bacillus 
thuringiensis (Bt) are used in aerial applications where 
defoliators threaten to kill large tracts of trees. Extensive areas 
in North America are treated with Bt to reduce the damage 
from the gypsy moth and to slow its spread. Insect outbreaks 
may be a result of fire suppression that creates an overmature 
forest that is susceptible to these insects. Long-term 
management strategies should therefore address this issue 
rather than use short-term solutions such as insecticides. 

In populations of native and introduced forest insects, 
especially defoliators, it has been possible to identify viruses 
that are specific to their host insect. Rearing and release of 
these viruses offer promise for pest control in some situations, 
especially for defoliating Lepidoptera and Hymenoptera. The 
nuclear polyhedrosis virus (NPV) of the European pine 
sawfly, Neodiprion sertifer, has been applied to thousands of 
hectares of forests in Europe over the past 35 years. An NPV 
that infects gypsy moth has also been used in efforts to slow 
the spread of this species in North America. The accidental 
introduction of an NPV in the 1930s, along with a parasite 
of the European spruce sawfly, Diprion hercyniae, into eastern 
Canada has reduced this species to very low densities. 

Biological control has achieved considerable success in 
managing forest insect populations. It is especially useful 
when addressing problems caused by introduced insects. For 
example, as the European spruce beetle spread westward 
across Europe during the 20th century, outbreaks were most 
severe on the edge of its range, in part because of the lack of 
natural enemies in newly invaded areas. Mass releases of the 
predatory beetle Rhizophagus grandis had some success in 
limiting the impact of this species in many European 
countries. Similarly, in urban forests where many tree species 
are introduced, management of exotic pests is often achieved 
by introduction of predatory or parasitic insects. In California, 
eucalyptus are widely planted in urban landscapes, and in the 
latter part of the 20th century, many new pests were 
introduced. Prompt identification and monitoring of pest 
populations coupled with introduction of appropriate 
biological control agents have successfully reduced the 
adverse impacts of many of these introduced insects, 
especially the eucalyptus longhorned beetle, Phorocantha 
semipunctata. 

Much scientific research has focused on the pheromone 
systems of forest insects, especially defoliators and bark 
beetles. Pheromones have been incorporated into manage- 
ment plans aimed at reducing the impacts of the target pest 
species. For example, mountain pine beetle pheromones are 
used to bait living lodgepole pines that are to be logged 
following infestation. This treatment attracts beetles into 
plots that will be harvested, and the beetles are removed with 
the logs. The treatment is aimed at reducing mortality in the 
unharvested areas. It prevents trees from dying at more 
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scattered locations in these unharvested areas where most 
trees would not be harvested because of cost and accessibility. 
Other techniques for reducing the impacts of target pest 
species can be achieved in a number of ways. Pheromones 
can be used to monitor insect populations as a guide for when 
to apply pesticides or embark on an alternative management 
strategy. They are also used to detect invasive pest species in 
new areas. Throughout the western states of North America, 
pheromone traps are placed to detect gypsy moth so that 
early detection can be met with rapid response eradication 
programs. Similar use of pheromone traps and traps baited 
with other behaviorally active compounds occur at ports to 
detect the arrival of exotic organisms. 

Attempts have been made to use pheromones to mass trap 
insects and thereby reduce their density to nonpestiferous 
levels. Because insect populations naturally decline at some 
point following an outbreak due to a range of factors, it is 
often difficult to determine whether such mass trapping 
efforts were in part responsible for a return of the insect 
population to endemic levels. In Scandinavia, mass trapping 
of the eight-toothed spruce bark beetle occurred during 1979 
and 1980, and billions of insects were caught. The subsequent 
drop in population size of this insect may have been in part 
a result of this intensive mass trapping effort. Mass trapping 
may be useful locally where a small-scale disturbance may 
have resulted in elevated activity of a particular insect. This 
situation may occur when management activities have 
produced a large amount of host material. Pheromone traps 
may be deployed in this situation to reduce populations. Trap 
logs that have become infested with bark beetles are removed 
from the forest in an attempt to lower population levels. 
Pheromones may be used to bait the logs or trees to enhance 
the effectiveness of this technique. 

Pheromones have also been used in larger doses to confuse 
or disrupt their natural function. Male moths following 
pheromone plumes to locate females for mating are not able 
to find the female if there is a large concentration of the 
pheromone present, such that the plume is effectively hidden. 
Western pine shoot borer, Eucosma sonomana, pheromone 
release of 10 to 20 g per hectare has been shown to reduce 
damage by over 65% in ponderosa pine plantations in the 
western United States. 

Many forest management practices are available for use to 
reduce the impacts of insect populations. Removal of 
susceptible trees, thinning of the stand to increase tree vigor, 
prescribed burning to eliminate susceptible host material, 
and enhancement of natural enemy populations are all tools 
available for the management of forest insect populations. 
The thinning of lodgepole pine stands reduces tree mortality 
from mountain pine beetle. Prescribed fire following 
harvesting operations in ponderosa pine forests reduces 
California five-spined ips, ps 
paraconfusus, that breeds in logging debris. This practice 


populations of the 


lowers the probability of these populations emerging and 
killing living trees in the area. 


THE FUTURE 


Insects perform essential roles in forests as part of these 
complex ecosystems. However, when transplanted from one 
forest habitat to another, or when the natural forest habitat is 
disturbed, their role in the ecology of the forest may change. 
For example, the eastern five-spined ips, L grandicollis, 
generally infests stressed or diseased trees in its native habitat 
in the southeastern United States and is not considered a 
primary agent of tree mortality. Its introduction into Australia 
in the mid-20th century has resulted in significant tree 
mortality. This beetle infests many pine species throughout 
the eastern United States but is now infesting a Californian 
pine, Monterey pine, in Australia. Efforts have been made to 
find biological control agents in North America that are 
effective in Australia. Increased global transport of forest 
products undoubtedly will result in introductions of both 
pestiferous and potentially pestiferous insects into different 
parts of the world. Ongoing efforts to reduce this occurrence 
are essential if we are to maintain forest habitats that meet 
environmental and economic goals. Furthermore, research 
that addresses environmentally sound methods for the 
integrated management of forest pests is essential if humans 
are to minimize their indirect impacts on forest habitats 
resulting from the introduction of new insect species. Some 
insect outbreaks are important natural processes in forests, 
whereas others are the product of human activities. 
Recognizing the causes of outbreaks, detecting signs of 
imminent outbreaks, and having appropriate management 
options available help to ensure the viability of forest habitats 
and the environmental and economic benefits they provide. 
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| nsects are the most evolutionarily successful group of 
organisms in the 4-billion-year history of life on earth, with 
perhaps 5 million species alive today and untold millions of 
extinct species. Although fossils of insects are not as abundant 
as has been found for some other types of organisms, the 
insect fossil record extends back for 400 million years, making 
them among the oldest terrestrial animals known, and the 
fossils contribute unique insight into the evolutionary history 
of insects. Particularly significant periods in the evolution of 





FIGURE 1 Various kinds of fossil insects, modes of fossilization, and degree 


of preservation. Different scales. (a-c) Iron hydroxide concretion of a 
heteropteran in Cretaceous limestone from Brazil, showing preservation of 
thoracic muscles [b, light micrograph; c, scanning electron micrograph 
(SEM)]. (d) Silvery carbon film of a belostomatid on fine-grained, Triassic 
shale (Virginia). (e) Nymph of + Herdina (in this article, + signifies an extinct 
group) in ironstone concretion from the Carboniferous of Mazon Creek, 
Illinois. (f) Trichopteran case of sand pebbles in volcanic shale from 
Florissant, Colorado (late Eocene/early Oligocene). (g) Part of the head of 
tabanid fly from Florissant, showing the eye facets. (h) Portion of the wing 
of + Zypus (“Protodonata”), from the Permian of Elmo, Kansas, with the wing 
fluting preserved. 
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insects are the Paleozoic, Triassic, and Cretaceous. Key 
features that gave rise to their spectacular success, notably 
flight and complete metamorphosis, originated at least 300 
and 250 million years ago (mya), respectively. 


FOSSILS 


Fossils are generally, but not necessarily, extinct species whose 
remains have been preserved for thousands to millions of years. 
The remains are most commonly mineralized replacements 
of original tissues (Figs. 1 and 2); in rare situations portions 
of the original organism are preserved (Figs. 2b—2e, 2g, and 
5d-5f). Remains of apparently existing (or extant) species 
that are thousands to several million years old are sometimes 
called subfossils. Earth’s fossils are dominated by organisms 
from marine continental shelves, where deep sediments 
efficiently preserved durable calcified parts such as shells and 
skeletons. Terrestrial life is less well known in the fossil record 
and largely is preserved as bones, leaves, and pollen in 
freshwater sediments. Well-preserved insects, by comparison, 
are rare; their occurrence depends on conditions under which 





FIGURE 2 Exceptional preservation of fossil terrestrial arthropods. (a) 


Centipede from Upper Devonian (New York). (Courtesy of William Shear, 
Hampton-Sydney College.) (b) Mycetobia woodgnat in Miocene amber 
(Dominican Republic), with parasitic nematodes bursting from abdomen. 
(c-e) Flight muscles of meliponine bee in Dominican amber, showing 
ultrastructural preservation of myofibrils (d) and even the fingerprint-like 
mitochondria (e). (f) Silicified replicas of early instar dytiscoid beetle, from 
Miocene of California (inset, photomicrograph; SEM is larger). (g) 
Cuticular remains of extant beetle species from the Wisconsin stage (ca. 
10,000-80,000 years ago) of Alaska (left, weevil head; right, carabid 
elytron). (Courtesy of Scott Elias, University of Colorado.) 
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the sediments were fine grained, anoxic (i.e., lacking oxygen), 
and deposited rapidly but without significant disturbance. 
Even amber is usually deposited in lacustrine or swampy 
sediments; it would otherwise completely decompose from 
oxidation and other processes. Insects preserved in such 
sediments were aquatic or semiaquatic and died im situ 
(autochthonous), or their bodies were transported via winds 
or water from surrounding habitats (allochthonous). 


SIGNIFICANCE OF FOSSILS 


There are at least five reasons why fossils are uniquely signifi- 
cant for understanding the evolutionary history of organisms: 


1. Fossils provide the only direct record of extinct lineages, 
such as giant dragonfly-like forms from the Carboniferous 
and Permian (e.g., }Meganeuridae) (in this article, + signifies 
an extinct group). 

2. Fossils reveal patterns and timing of extinctions and 
radiations. The mass extinction at the end of the Permian, for 
example, was the most cataclysmic event in the history of life 
and may have caused the extirpation of the +Paleodictyop- 
teroidea (known almost exclusively from the Carboniferous 
and Permian). The extinctions at the Cretaceous/Tertiary 
boundary that extinguished the remaining dinosaurs, 
ammonites, and other groups, appear to have had little 
impact on families of insects. Although insects have been 
affected by some mass extinction events, major lineages of 
insects appear particularly resistant to extinction. 

3. Fossils provide the only direct information on the ages 
of lineages. Because there is never assurance that a fossil is the 
earliest, original occurrence of a taxon, the age of the earliest 
fossil is the minimum age of a taxon. This information, in 
conjunction with the phylogenetic positions of all fossils in a 
group, can be used to estimate actual ages and significant gaps 
in the fossil record. Such information is further useful for cali- 
brating and then estimating rates of change, such as rates of 
genetic change among living species and dates of divergence. 

4, Fossils may assist in reconstructing the phylogeny of a 
group. While fossils are widely acknowledged to possess com- 
binations of characters unique from those of living species, 
their significance in reconstructing phylogenetic relationships 
is controversial. Nonetheless, fossils also provide the only 
direct evidence for the evolutionary sequence of character 
change. For example, in the fossil record of the Blattaria 
(cockroaches and their primitive roach-like relatives), 
tegminous forewings and a large, discoid pronotum appear 
well before the loss of an external ovipositor—a sequence not 
revealed by the study of living species alone. 

5. Fossils can provide evidence that a taxon is old enough 
for its distribution to have been affected, for example, by 
Cretaceous continental drift. Indeed, many families of insects 
extend to the Cretaceous or even earlier, whereas some large 
groups are apparently too young to have been affected by 
continental drift, such as the ditrysoan Lepidoptera and the 


schizophoran Diptera. Often, too, a fossil is found outside the 
present-day range of its group, indicating formerly widespead 
distribution. A famous example is the occurrence of 
Glossinidae (tsetse flies) in the Cenozoic of North America 
and Europe. 


PRESERVATION OF FOSSIL INSECTS 


The small size and external cuticle of insects are largely 
responsible for the many modes of fossilization, which are 
much more varied than for vertebrates and plants. Insect 
fossils are most commonly encountered as impressions or 
compressions in sediments (Figs. 1d, 1g, 1h, 5a and 5b), 
generally as disarticulated cuticle and particularly as wings 
because these are especially resistant to decay. Because wing 
venation has many systematically significant features, isolated 
wings often can be identified at least to family level. 
Generally, remains in sediments are highly compressed, but 
can still reveal microscopic structures such as flagellomeres, 
tarsomeres, microtrichia, wing scales, and even color 
patterns. Some are preserved as concretions, which are three- 
dimensional permineralized replicas of the original animal 
(Figs. lac, le and 2f). 

The finest preservation of insects is in amber (Figs. 2b—2e 
and 5d—5f). These formed when the resin was originally 
viscous and sticky, and small organisms became mired and 
then engulfed by the flows; they were embalmed so 
thoroughly as to preserve parasites, soft internal organs and 
tissues, and even organelles of cells (Figs. 2b—2e). The 
putatively most ancient DNA in the geological record is 
reported from insects preserved in amber, but authenticity of 
the DNA is disputed by those who unsuccessfully attempted 
to replicate these results. 

Exceptional preservation is also seen in some insects 
preserved free in sediments. Terrestrial arthropods in several 
Devonian deposits of eastern North America are preserved as 
original cuticle, with even microscopic sensilla and setae 
preserved (Fig. 2a). In several Miocene deposits from 
California, insects are preserved in nodules as perfect three- 
dimensional silicified replicas (Fig. 2f). Similar relief and 
microscopic fidelity are found in carbonized remains in 
Cretaceous clays, rendered by ancient forest fires that 
charcoalified small organisms buried in leaf litter. Traces of 
insects have also been preserved as tracks, burrows, nests, 
galleries, feeding damage, and larval cases (e.g., Fig. 1f). 
Lepidoptera, for example, are very rarely preserved in rocks, 
probably because they are so soft-bodied, but larval mines 
characteristic of various microlepidopterans occur in some 
fossil leaves. 

The various modes of fossilization each have their biases. 
Entrapment in amber is biased against larger insects that could 
extract themselves from the resin and against insects that live 
in open, nonforested habitats. Also, the earliest insects pre- 
served in amber are from only the Lower Cretaceous, some 
275 million years after the earliest known hexapods appeared. 
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FIGURE 3 Living and extinct orders of insects, their possible relationships, and chronology. Width of lineages is a rough approximation of diversity. Some 
groups with a meager or nonexistent fossil record (i.e., Phthiraptera, related to Psocoptera) are not included. 
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FIGURE 4 Representative Paleozoic hexapods. (a) Devonian. (c and d) 
Carboniferous. All others Permian. (a) +RAyniella (Collembola). (b) 
+Dasyleptis (Archaeognatha). (c, d) +Mischoptera adult (c) and nymph (d) 
(+Megasecoptera). (e) t+Meganeuropsis (“Protodonata’). (f) +Protereisma (near 
Ephemeroptera). (g) +Ziomopterum (Paraplecoptera). (h) +Lemmatophora 


(near Plecoptera). (i) +Dichentomum (near Psocoptera). (j) +Protelytron 
(}Protelytroptera). (k) +Permopanorpa (Mecoptera). (1) +Sojanoraphidia 
(Raphidioptera). (m) +Sy/vacoleus (Coleoptera). Not to the same scale. 
(Reproduced, with permission of the publisher, the Geological Society of 
America, Boulder, Colorado, from Carpenter, 1992.) 


Preservation in rock is biased against smaller insects, and 
microscopic features are usually not visible against the grain 
of the matrix. Collectively, though, the fossil record of insects 
is actually much better than most paleontologists realize. 


SUMMARY OF THE INSECT FOSSIL RECORD 


Figure 3 summarizes the chronology, approximate diversity, 
and possible relationships of major groups of living and 
extinct insects. 


Paleozoic (570-245 Mya) 


The earliest remains of terrestrial animals are arthropods 
from the Silurian, including primitive scorpions, millipedes, 
and 7Trigonotarbida (extinct, primitive arachnids). Two 
major hypotheses on the origins of the hexapods (including 
insects) are that they are most closely related to either the 





myriapods (centipedes and/or millipedes) (all comprising the 
Tracheata, or Atelocerata) or the Crustacea. Crustacea may 
actually have the oldest fossil record of all animals (formerly 
held by the trilobites) because some Precambrian fossils have 
recently been reinterpreted as crustaceans. If hexapods are 
closely related to crustaceans, it is most likely to be a group 
within Crustacea, and the earliest evidence of this stem group 
will probably be found in the Silurian. 


THE DEVONIAN (408-362 MYA) The Devonian was a 
period when the continents were largely inundated and 
joined into the large supercontinent Pangaea. Lycopods, 
lycopsids, and horsetails (Equisitoidea) were common 
terrestrial plants; primitive groups of fishes radiated, and 
amphibians first appeared. The earliest record of hexapods is 
from the Rhynie chert of Scotland, ca. 400 mya, and is the 
collembolan +Rhyniella praecursor (Fig. 4a), although a pair 
of mandibles in this chert is suggestive of dicondylic insect 
mandibles. The Rhynie chert also contains mites, 
trigonotarbids, and a primitive spider. 

Approximately 10 million years younger is an undescribed 
archaeognathan (=Microcoryphia) from the Gaspé Peninsula 
in eastern Canada. Apterygotes, each with a single, long 
caudal filament (“Monura” = Archaeognatha), occur in the 
Carboniferous and Devonian (Fig. 4b). Unidentified insect 
remains from 378 mya are known from Gilboa, New York, 
along with centipedes (Chilopoda) (Fig. 2a), true spiders 
(Araneae), trigonotarbids, oribatid mites, and pseudoscor- 
pions. The Gaspé and Gilboa remains are original cuticle. 


THE CARBONIFEROUS (362-290 MYA) The Carbonifer- 
ous period is famous for the wet, warm climates and extensive 
swamps of mosses, ferns, seed ferns, horsetails, and calamites. 
Remains of insects are scattered throughout Carboniferous 
coal deposits (particularly blattarian wings); two particularly 
important deposits are Mazon Creek, Illinois, and Commentry, 
France. The earliest pterygotes appear in the Carboniferous, 
including the Blattaria, }Caloneurodea, primitive stem-group 
ephemeropterans (Fig. 4f), Orthoptera, +Paleodictyop- 
teroidea (Figs. 4c and 4d), ¢“Protodonata” (Fig. 4e), and +“Pro- 
torthoptera’; the latter two are paraphyletic assemblages of 
primitive pterygotes. 

Hypotheses on the evolution of insect wings include their 
use originally as gills or gill covers, or for mating displays, but 
early outgrowths of the insect pleuron most plausibly served in 
gliding. Feeding damage on plants is also recorded first in the 
Carboniferous, in the form of punctures and deep holes proba- 
bly made by the long, beaked mouthparts of paleodicty- 
opteroid insects. Thus, insects have been evolving in close 
association with plants for at least 350 million years, which is 
longer than any other group of terrestrial animals. Arborescent 
plants appear in the Upper Devonian, and as Carboniferous 
insects increasingly dwelled in them to feed, gliding probably 
became so adaptive for escape and dispersal that flapping 
wings and powered flight evolved rather suddenly. 
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Figure 9. Example of the use of a beamforming antenna to connect Wi-Fi access points 


- Full Duplex: in classic systems, transmission and reception takes place either on different 
frequency bands, i.e. frequency division duplexing (FDD) used on all mobile network bands in 
France, or at different times: time division duplexing (TDD), the top contender for LTE 
wireless local loop networks in France. The full duplex is intended to enable the simultaneous 
transmission and reception of data, on the same frequencies, at the same time and in the 
same location.”° 
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Figure 10. Illustration of full-duplex, compared to FDD and TDD” 


- NOMA Multiplexing (Non Orthogonal Multiple Access): LTE uses what is referred to as 
orthogonal multiplexing, with each device using a portion of the resource blocks in a unique 
fashion at any given time. For 5G to provide improved spectrum efficiency compared to 4G, 
the plan is to use non-orthogonal multiplexing methods, whereby several users can use the 
same frequencies at the same time. A distinction can be made between several users by 
assigning different codes to each user — referred to as SCMA or sparse code multiple access — 
a combination of 3G’s code division multiple access (CDMA) and 4G’s orthogonal frequency 


° https://www.slideshare.net/100001290086432/massive-mimo 


*© The basic operating principle is the following: an antenna sends a signal at the same time as it is receiving signals coming 
from devices in the cell. However, the signal received by the antenna is a combination of the signal sent by itself and signals 
coming from the devices (everyone is “talking” at once). As it knows which signal it itself has sent, the antenna can subtract 
it during digital processing from the ones it received. So only the signals received from the devices remain. 


1” http://compeng.columbia.edu/biggest-component-full-duplex-wi-fi-radio-antenna 
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Putative Holometabola are recorded from the 
Carboniferous. One is a larva from Mazon Creek, Srokalarva 
berthei, many features of which are inconsistent with extant 
holometabolan larvae, including segmented abdominal legs, 
ocelli, and possible compound eyes. Legs and body segments 
of Srokalarva are undifferentiated, as in myriapods. Some 
tree fern galls (ca. 300 mya) are attributed to the 
Holometabola on the basis of size of frass pellets in the galls. 
Some Paleozoic arthropods were considerably larger than 
living relatives, and Carboniferous gall-making mites are also 
known, and so it is possible that large mites caused these 
ancient galls. The earliest definitive Holometabola occur in 
the Permian. 

Blattaria (Blattoptera) 
Dictyoptera (mantises, termites, and ovipositorless roaches) 


This group consists of the 


plus the Paleozoic and Mesozoic “roachoids” that possessed 
an ovipositor. Very early, Carboniferous blattarians possessed 
a large, discoid pronotum and coriaceous forewings with a 
distinctive CuP vein. From the Carboniferous to the 
Cretaceous there was a gradual diminishment in the length of 
the ovipositor. The first true, ovipositorless roaches as well as 
probable oothecae appeared in the Triassic. Thus, the 
common view that modern roaches are exceptionally ancient 
is inaccurate. 

tCaloneurodea and +Miomoptera Both orders are 
known only from the Upper Carboniferous to Permian and, 
with Orthoptera and Blattaria, were among the earliest 
known Neoptera. These insects had homonomous wings 
with small anal lobes. In Caloneurodea the wings had many 
crossveins that formed numerous square cells. Wing structure 
and unsegmented cerci (the latter known from only few 
genera) suggest relationships with the orthopteroids. The 
wings of Miomoptera were shorter and broader and had very 
reduced venation. A close relationship of Miomoptera is 
plausibly with the Psocoptera, but probably with the 
Hemiptera. With a wing length of 3 to 5 mm, these are the 
smallest Paleozoic pterygotes known. 

Orthoptera_ This is an ancient Recent order extending 
from the Carboniferous, from which time even the distinctive 
synapomorphy (advanced defining feature) of saltatorial hind 
legs is preserved ({Oedischiidae). By the Triassic, stridulatory 
organs on wings evolved, and some extant families had first 
appeared (Haglidae, Gryllidae). +Elcanidae and related 
families (Permian to Cretaceous) are distinctive for the 
reduced forewing venation with numerous parallel M and Cu 
veins; they were probably the most diverse and abundant 
orthopterans in the Late Paleozoic and Early Mesozoic. Many 
extant families do not appear until the Cretaceous (e.g., 
Eumastacidae, Gryllotalpidae, Tridactylidae, Tetrigidae) or 
even the Cenozoic (Acrididae, Tettigoniidae, Gryllacrididae). 

tPaleodictyopteroidea This group includes the orders 
tDiaphanopterodea, +Megasecoptera, and +Paleodictyoptera, 
which had very long cerci, an ovipositor, and wings with little 
or no anal lobe (all primitive features). It is the only 
definitively monophyletic group from the Paleozoic, defined 
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by a long, rigid beak with five stylets, as well as (primitively) 
a well-developed pair of possible maxillary palps. Nymphs 
were terrestrial, with large, free wing pads bearing 
rudimentary venation (Fig. 4d) and mouthparts similar to 
those of the adults. The group is among the most primitive 
pterygotes, and their distinctive parapronotal lobes (often 
with a rudimentary venation) probably are part of the ground 
plan of pterygote insects. The Paleodictyoptera are probably 
paraphyletic with respect to the other two orders, because 
they possess complete wing venation with an archedictyon. 
Diaphanopterodea folded wings over the abdomen at rest, an 
ability convergent with Neoptera. Megasecoptera had 
substantially reduced venation, often with a graded series of 
crossveins (Fig. 4c). Some had striking color patterns on the 
wings (e.g., Spilapteridae), and some were impressively large 
(e.g., Homioptera, approximately 40-cm wing span). 
+“Protodonata” 
of primitive pterygotes similar to true Odonata but lacking 


This group is a paraphyletic assemblage 


the derived features of modern, true Odonata, such as the 
nodus, pterostigma, and arculus. Some (i.e., Permian 
Meganeuridae) were the largest insects ever, with a 70-cm wing 
span (Fig. 4e). They existed from the Upper Carboniferous to 
the Permian and were clearly the dominant aerial predators 
for some 100 million years until flying reptiles appeared in 
the Triassic. Fossils with the venation of true Odonata did 
not appear until the Triassic. 

t“Protorthoptera” (={“Paraplecoptera”) (Fig. 4g) 
This is another paraphyletic assemblage of primitive 
pterygotes, with affinities not necessarily suggested by their 
name. Some refer to this group as the Grylloblattida (sensu 
lato), but there are no derived features that indicate a 
relationship of these extinct insects with this relict, extant 
order. Some had forewings that were coriaceous (i.e., 
sclerotized and leathery), but usually with an archedictyon. 
Unlike Orthoptera, most did not have hind wings with 
expanded anal lobes, and none are known to have folded 
their forewings roof-like over the abdomen (instead, folded 
flat and over each other), none had saltatorial hind legs nor a 
tarsomere number reduced to 3. Some had raptorial forelegs; 
+Geraridae had large pronotal spines. 


PERMIAN (290-245 MYA) The Permian was a relatively 
short but very important period, when extensive mountain 
ranges were formed, such as the Appalachians; this caused the 
interior climates of continents to become cooler and drier. 
Extensive glaciation of the Southern Hemisphere also 
occurred. Voltziales and glossopterid plants radiated. Insect 
orders from the Carboniferous extended into the Permian, 
and many even extensively diversified. Numerous new orders 
appeared in the Permian: the }Protelytroptera (Fig. 4j) and 
primitive relatives of the Plecoptera (“Paraplecoptera”) (Fig. 
4h), Psocoptera (Fig. 41), Mecoptera (Fig. 4k), Raphidioptera 
(Fig. 41), Neuroptera, and Coleoptera (Fig. 4m), the last four 
orders being the earliest definitive records of the 
Holometabola. The most significant and diverse Permian 
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insect deposit is from Elmo, Kansas (ca. 260 mya); others are 
from New South Wales, Australia (ca. 240 mya) and central 
Eurasia (ca. 250 mya). 

The Permian is biologically most notable for the mass 
extinction that marks the brief interval between the end of this 
period and the beginning of the Mesozoic. It is estimated that 
as much as 95% of all Permian life forms became extinct by the 
early Triassic, although this is based largely on the marine fossil 
record. It is difficult to estimate the impact of the Permo- 
Triassic extinction on insects because many of the Paleozoic 
orders are paraphyletic, and it is likely that particular lineages 
within each survived into the Mesozoic (Fig. 3). One definitive 
monophyletic group, the Paleodictyopterodea, may have 
become extinct at the end of the Permian, but a possible 
survivor of this group (T/uringopteryx) occurred in the Triassic. 
Otherwise, major groups of insects show few effects of the 
most cataclysmic extinction known. 

Hemiptera The earliest Permian records are the auchen- 
orrhynchan-like wings of tDunstaniidae, {Palaeontinidae, 
and }Prosbolidae, which also extend into the Mesozoic. True 
auchenorrhynchans from the Triassic are Cercopoidea, 
Cicadoidea, Cicadellidae, Cixiiidae, and Membracoidea. The 
earliest Sternorrhyncha are tArchescytinidae, Pincombeidae, 
tBoreoscytidae, and tProtopsylidiidae (all from the Permian 
into the Mesozoic). The first diverse records of true aphids 
and coccoids occur in Cretaceous ambers; psylloids are older. 
Heteroptera are slightly younger than homopterans. Presumed 
Permian heteropterans are }Actinoscytina (+Progonocimidae) 
and }Paraknightia (+Paraknightiidae). Venation of the 
former is barely different from Auchenorrhyncha; the latter 
had. expanded parapronotal lobes, a large ovipositor, and 
forewings with unusual venation (perhaps an aberrant 
roach). The earliest true Heteroptera are various predatory 
aquatic bugs (Nepomorpha) from the Triassic of Virginia 
(Fig. 1d). By the Jurassic, phytophagous pentatomorphs and 
cimicomorphs appeared, and modern families were 
widespread in the Cretaceous. 

Neuropterida 
ioptera and Neuroptera. Systematic position of the one 


This group includes the orders Raphid- 


Permian family of putative raphidiopteran ({Sojanoraphidiidae) 
(Fig. 41) has been considered doubtful, although it had a long 
ovipositor distinctive to this order and a series of short costal 
crossveins (distinctive to Neuropterida); the wing venation, 
however, is quite primitive. Jurassic and Cretaceous raphid- 
iopterans were diverse, belonging to the fAlloraphidiidae, 
{Baissopteridae, and +Mesoraphidiidae. Raphidioptera is 
relict today, with three genera in two families having a 
disjunct distribution in the Northern Hemisphere. The only 
Southern Hemisphere raphidiopterans are from the Lower 
Cretaceous of Brazil, indicating that the group was formerly 
more widespread. 

Definitive Neuroptera also appear in the Permian 
(tArcheosmylidae, +Palaemerobiidae, {Permithonidae, and 
tSialidopsidae). Triassic diversity is very poorly known (e.g., 
Psychopsidae), and by the Jurassic there appeared forms that 


are primitive relatives or members of the Chrysopidae, 
Coniopterygidae, Nymphidae, Osmylidae, and Polystoe- 
chotidae. An impressive Mesozoic family was the 
+Kalligrammatidae, with broad, patterned wings and a long, 
rigid proboscis. In the Cretaceous are the earliest records of the 
Ascalaphidae, Berothidae, Mantispidae, and Myrmeleontidae. 
Berothidae were particularly abundant and diverse in Cretaceous 
ambers. An unusual, dipterous mantispid (+Mantispidiptera) 
is known in Cretaceous amber from New Jersey. 
Coleoptera The 


+Tshekardocoleidae) had long, pointed, coriaceous forewings 


earliest Permian forms (i.e., 
with definitive venation and arrays of small cells and pits 
(Fig. 4m). Beetles similar to modern cupedoids were diverse 
in the Upper Permian and the Mesozoic. Cupedoidea today 
are a small, relict group. Fossil forms were probably all wood 
borers as larvae and adults, like modern relatives. By the 
Triassic, Adephaga appeared (Carabidae, Trachypachidae) as 
did some basal Polyphaga (definitive Staphylinidae). By the 
Jurassic the first Hydradephaga ({Coptoclavidae, Dytiscidae, 
Gyrinidae) appeared, as well as other living families 
(Elateridae, Hydrophilidae, Silphidae). The earliest records of 
many living families are from the Cretaceous and the lower 
Tertiary (especially Baltic amber). Interpretation of 
compression fossil beetles is greatly compromised by the lack 
of wing venation characters and restriction to the use of 
simple features such as elytral structure. 

Plecoptera Permian *{Palaeperlidae, +Perlopseidae, 
Eustheniidae, and Taeniopterygidae had venation consistent 
with this order. Several extant families are recorded from the 
Jurassic and Cretaceous. {Lemmatophoridae and +Liomop- 
teridae (Figs. 4g and 4h) had expanded parapronotal lobes 
(sometimes with distinctive venation like the wings) and 
have been placed in “Protorthoptera.” These families are 
probably related to the Plecoptera because they had nymphs 
with abdominal tracheal gills and so were probably aquatic. 

{Protelytroptera Found only in the Permian, this 
group is characterized by narrow, elytrous/tegminous 
forewings and with hind wings with an expansive anal lobe 
and radiating venation (the latter one reason they have been 
allied with Dermaptera) (Fig. 4j). The forewings of some 
species have very few veins; others have intricate reticulation. 
The tUmenocoleidae from the Cretaceous, formerly placed 
in this order, are actually blattarians. 

Psocoptera_ The earliest putative members of this order 
are the Permian {Psocidiidae, but these have cerci and five 
tarsomeres (vs lack of cerci and generally three tarsomeres in 
living species) (Fig. 41). +Psocidiidae do possess the areola 
postica (short, terminal branch of vein CuA), although this 
feature also occurs in the Zoraptera and Embioptera. 
Psocoptera are poorly known in the Triassic, but are diverse 
and abundant in Cretaceous ambers, which include many 
living families (e.g., Prionoglariidae, Lepidopscocidae). 
tLophioneuridae (Permian—Cretaceous) have traditionally 
been placed in this order, but the reduced wing venation 
(especially in Permian +Zoropsocus) and (where preserved) the 





FIGURE 5 Representative Mesozoic (a-f) and Cenozoic (g, h) insects (not 
to the same scale). (a) Primitive, oldest known thysanopteran (Triassic, 
Virginia). (b) +Protorhyphidae (Diptera) (Jurassic, Kazakhstan). (c) 
Sphecidae (Cretaceous, Brazil). (d) Oldest known zorapteran (Cretaceous 
amber, Burma). (e and f) Oldest definitive ants [Formicidae; Sphecomyrma 
(e), Kyromyrma (f)] (Cretaceous amber, New Jersey). (g) Large, extinct tsetse 
fly (Diptera: Glossinidae) (U. Eocene/L.Oligocene, Colorado). (h) Spoon- 
winged lacewing (Neuroptera: Nemopteridae) (Colorado). 


narrowed, projected mouthparts indicate relationship to the 
thrips (Thysanoptera). {Lophioneuridae lack extensive vein 
reduction, the marginal fringe, and the flagellum and tarsal 
structure distinctive to true thrips. 


Mesozoic 


The Mesozoic was an era when terrestrial ecosystems became 
modern, with the rise of cycads and ginkgos and the 
diversification of conifers in the Triassic and Jurassic. In the 
Lower Cretaceous there occurred what was probably the 
most profound evolutionary event: the explosive radiation of 
the angiosperms. 


TRIASSIC (245-208 MYA) This was a period when arid 
and semiarid savannas developed and when the first mammals, 
dinosaurs, and pterosaurs also appeared. Most deposits with 
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insects are from the Upper Triassic (especially Carnian, ca. 
230 mya), including South Africa; Virginia; Queensland, 
Australia; Tadjikistan; and France. The first evidence of a 
diverse freshwater insect fauna appears during the Triassic, as 
did the oldest living families: Cercopidae, Cicadellidae, Cixi- 
idae, and Membracidae (Auchenorrhyncha); Belostomatidae 
(Fig. 1d); Naucoridae (Heteroptera); Carabidae; Staphylinidae; 
Trachypachidae (Coleoptera); Anisopodidae, Chironomidae, 
and Tipulidae s.l. (Diptera); and Xyelidae (Hymenoptera). 
The first true Odonata, Heteroptera, Thysanoptera (Fig. 5a), 
Diptera, and Hymenoptera appeared during this time. The 
Triassic Hymenoptera consisted entirely of primitive 
symphytans; the Diptera consisted of diverse nematocerans. 
}Titanoptera were restricted to the Triassic and the size of 
some species fit their name (e.g., Gigatitan, ca. 33-cm wing 
span). Others were no larger than typical orthopterans, to 
which they are probably most closely related. They may have 
been Early Mesozoic analogues of the predatory mantises 
because their forelegs, when preserved, were spiny and 
apparently raptorial. 


JURASSIC (208-145 MYA) One of the more significant 
events during this period was the origin of birds in the Upper 
Jurassic. Birds and (much later) bats are the only other skilled 
fliers and are perhaps the most important predators of 
modern insects. Numerous Jurassic deposits of insects occur 
in Europe and Asia: Grimmen and Solnhofen, Germany (the 
latter famous for the earliest birds, Archaeopteryx); Dorset, 
England; Issyk-Kul, Kirghizstan; and, the most diverse and 
productive site of all, Karatau, Kazakhstan. Jurassic deposits 
of insects are barely known in North America and in the 
Southern Hemisphere. The earliest aculeate (stinging) 
Hymenoptera appeared in the Upper Jurassic and were of the 
family }Bethylonymidae. Diptera in the Jurassic were diverse 
nematocerans (i.e., Fig. 5b), and the oldest definitive 
brachycerans evolved, dominated by Rhagionidae. 


CRETACEOUS (145-65 MYA) In many respects, the insect 
fauna of the earlier part of the Cretaceous has more similarity 
to the Jurassic than to the later part of the Cretaceous. No 
doubt this is the result of the radiations of angiosperms 
120-100 mya. Today, insects pollinate some 85% of the 
angiosperms, and so pollinating Cretaceous insects must 
have helped spawn the diversification of angiosperms; also, 
the diversification of phytophagous insects (and probably 
their parasitoids) was promoted by angiosperms. Radiations 
of some very speciose insect groups began during the 
Cretaceous, including the Scarabaeoidea, Cerambycidae, 
Chrysomelidae, and Curculionoidea (Coleoptera) and the 
Lepidoptera (the largest lineage of phytophagous organisms). 
The Yixian Formation of China (Lower Cretaceous, ca. 130 
mya) has yielded important vertebrate fossils, as well as early 
angiosperms and nemestrinid flies with long proboscides; 
these are the earliest records of specialized insect pollination. 
Early sphecoid wasps (Fig. 5c), empidid and other flies, and 
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some beetles were probably very important, generalized 
Other 


Cretaceous deposits are from Koonwarra, Victoria, Australia; 


pollinators of early angiosperms. important 
Orapa, Botswana; Ceara, Brazil; Purbeck, Dorset, and 
Weald, England; Baissa, Russia; and Llérida, Spain. Isoptera 
appeared first in the Cretaceous, represented entirely by the 
primitive families Hodotermitidae, Termopsidae, Masto- 
termitidae, and Kalotermitidae. True, eusocial termites and 
ants existed for at least 50 million years before they became 
abundant in the Cenozoic. Eusocial wasps and bees did not 
first appear until the Upper Cretaceous. 

Cretaceous continental drift fragmented Gondwanaland 
and Laurasia into the continents seen today. One result was 
fragmentation of ancestral ranges, the areas most famous for 
this being disjunct temperate regions of the southernmost 
regions of Africa, South America, Australia, and New Zealand 
(the “Austral Region”). This region harbors many primitive, 
relict insect groups. 

Conifers were still diverse in the Cretaceous, which pro- 
duced virtually all of the amber found during the Cretaceous. 
The oldest amber with insect inclusions is from the Lower 
Cretaceous of Lebanon, Japan, and England. Highly fossil- 
iferous, somewhat younger amber deposits occur in northern 
Burma, western Canada, New Jersey, northern Spain, and the 
Taimyr Peninsula in northern Siberia. These have been excep- 
tionally important in the study of smaller insects, having 
revealed the earliest bee (Apoidea), ants (Formicidae) (Figs. 5e 
and 5f), Zoraptera (Fig. 5d), and Stepsipteran, as well as the 
oldest definitive Embioptera and Lepidoptera and many 
families of insects. All Cretaceous Lepidoptera belong to 
phylogenetically basal families. Cretaceous ambers have also 
revealed a great diversity of primitive parasitoid Hymenoptera, 
sternorrhynchan hemipterans (especially Coccoidea), and 
empidoid flies. Cyclorrhaphan Diptera were rare and 
primitive in the Cretaceous. 

Many of the oldest records of blood-sucking insects are 
from the Cretaceous: Ceratopogonidae, Culicidae, phle- 
botomine Psychodidae, Tabanidae, and a possible stem group 
to the Siphonaptera (+ Zarwinia, from Koonwarra). Unlike 
modern fleas, ¢ Zarwinia did not have jumping hind legs and 
had long antennae, and so it is at best a very primitive relative 
of fleas. Apterous mecopteroids from the Cretaceous of 
Baissa and Transbaikalia, Russia, are also believed to have 
been vertebrate ectoparasites, perhaps of pterosaurs or 
feathered dinosaurs. Simuliidae appeared first in the Upper 
Jurassic but were still scarce and primitive in the Cretaceous. 
Vertebrate ectoparasitism probably first appeared in the 
Jurassic, but were fully developed in the Cretaceous. 


Cenozoic (65 Mya—Recent) 


The sudden radiation of orders of modern mammals occurred 
in the Paleocene (65-56 mya). This period is very poorly 
known from the insect fossil record, the most diverse deposit 
being the Fur Formation from Denmark, which preserved 


giant ants, noctuid moths, and others. The first butterflies 
(Papilionoidea) are known from the upper Paleocene. 

The Eocene (56-35 mya) is far better known for insects, 
with extensive compression deposits from British Columbia, 
Canada (Horsefly, Merritt, Princeton); Green River, Wyoming; 
Gurnet Bay and Bembridge Marls, Isle of Wight, England; and 
Florissant, Colorado. Florissant (e.g., Figs. 5g and 5h) was an 
ancient lake inundated with volcanic ash and is probably the 
most diverse compression fossil insect deposit from the 
Cenozoic. The greatest diversity of fossil insects is preserved in 
Baltic amber, huge deposits of which occur throughout north- 
ern Europe (from Eocene to Oligocene). The Baltic amber 
has preserved the first diverse faunas of schizophoran Diptera, 
ditrysian Lepidoptera, advanced termites, bees, and ants, all of 
which are relatively young, very speciose groups whose greatest 
radiations occurred in the Cenozoic. At least 30 species of 
bees have been found in Baltic amber; paradoxically, the great 
majority of them are corbiculate bees belonging to extinct 
genera. The diversity of advanced eusocial bees was much 
greater than today. The oldest definitive muscoid flies and 
fleas occur in Baltic amber. Other important Eocene amber 
deposits are from Fushun, China, and Arkansas. 

Deposits from the Oligocene (35—23 mya) and the Miocene 
(23-5 mya) indicate that the insect fauna was essentially 
modern, with virtually all species (extinct) belonging to 
modern genera. Particularly rich Oligocene deposits are from 
the Ruby River Basin of Montana (compression) and Chiapas, 
Mexico (amber). Rich Miocene deposits occur in Oeningen, 
Switzerland (compression), and the Dominican Republic 
(amber). The age of the Dominican amber has been cited as 
Eocene but is definitively Miocene. The Dominican amber 
forest was very similar to contemporary neotropical forests, 
but there were some groups now extinct from the Caribbean 
(meliponine and euglossine bees, certain genera of ants, and 
others) or even from the Western Hemisphere (Mastotermes 
termites and some genera of ants, acrocerid and phorid flies, 
and others). Dramatic extirpation of ranges has also been 
found in other Cenozoic deposits, such as tsetse (now entirely 
African) (Fig. 5g) and nemopterid lacewings (Fig. 5h, now 
Southern Hemisphere) from Florissant and many currently 
austral taxa preserved in Baltic and Cretaceous ambers of the 
Northern Hemisphere. Although some specimens of insects 
preserved in Cenozoic ambers are very similar to modern 
species, it is unclear (especially genetically) if these are 
conspecific. The average duration of insect species is difficult 
to estimate, but the upper limit probably extends to 10 mya. 

Study of Pliocene (5-1.5 mya), Pleistocene (1.5—0.01 
mya), and Holocene (10,000 years ago—Recent) deposits has 
been extremely useful along with that of fossil pollen in 
reconstructing paleoclimates and ecological succession. 
These remains are preserved in existing or ancient lakebeds, 
bogs, and tarpits. Paleoclimatic use of these remains depends 
on the availability of indicator taxa or readily identified 
extant species whose distributions are well documented. 
Particularly persistent and abundant in lakebeds, and 


therefore commonly used, are fragments of beetles (Fig. 2g) 
and the larval head capsules of chironomid midges. 


See Also the Following Articles 
Amber ¢ Coevolution e Endangered Insects « Nomenclature 


and Classification * Phylogeny « Wings 


Further Reading 

Carpenter, F. M. (1992). “Superclass Hexapoda,” Vols. 3 and 4 of “Treatise 
on Invertebrate Paleontology,” Part R, “Arthropoda 4.” University Press 
of Kansas, Lawrence, and Geological Society of America, Boulder, CO. 

Elias, S. (1994). “Quaternary Insects and Their Environments.” Random 
House (Smithsonian Inst. Press), Washington, DC. 

Evenhuis, N. L. (1994). “Catalogue of the Fossil Flies of the World (Insecta: 
Diptera).” Backhuys, Leiden. 

Grimaldi, D. A. (1996). “Amber: Window to the Past.” Abrams/Am. Mus. 
Nat. History, New York. 

Grimaldi, D. A., and Cumming, J. (1999). Brachyceran Diptera in Cretaceous 
ambers and Mesozoic diversification of the Eremoneura. Bull. Am. Mus. 
Nat. Hist. 239. 

Hennig, W. (1981). “Insect Phylogeny.” Wiley, New York. 

Kukalova-Peck, J. (1991). Fossil history and the evolution of hexapod 
structures. Jn “The Insects of Australia,” Vol. 1. Cornell University Press, 
Ithaca, NY. 

Labandeira, C. C. (1998). Early history of arthropod and vascular plant 
associations. Annu. Rev. Earth Planet. Sci. 26, 329-377. 


Fossil Record 463 


Larsson, S. G. (1978). “Baltic Amber: A Paleobiological Study.” Scandinavian 
Sci. Press, Copenhagen. 

Rasnitsyn, A. P., and Quicke, D. L. J. (eds.) (2002). “History of Insects.” 
Kluwer Acad, Publ., Dordrecht. 

Rohdendorf, B. B. (1962). “Fundamentals of Paleontology,” Vol. 9. 
“Arthropoda, Tracheata, Chelicerata.” 1991 English translation of original 
Russian published by Amerind Pub., New Delhi. 





Freshwater Habitats 


see Aquatic Habitats 





Fruit Fly 


see Drosophila melanogaster 








Gallmaking and Insects 


Katherine N. Schick and Donald L. Dahlsten 
University of California, Berkeley 


lant galls, which are abnormal growths of plant tissue that 

often resemble plant organs, can be induced by a wide 
variety of different insect species. The gallmaking insect stimu- 
lates the host plant through a complex chemical interaction 
so that the resulting gall is much more than a simple response 
to wounding or feeding damage. The precise gall form and 
position of the gall on the host plant is consistent and 
characteristic for each species of gallmaking insect. 

Although cecidology, the formal study of plant galls, was 
initiated in 1679 with Malpighi’s study of gallmaking insects, 
humans have admired and utilized galls for thousands of 
years. For example, Gallic acid (3,4,5-trihydroxybenzoic acid) 
was first derived from an oak gall induced by the cynipid wasp 
Andricus gallaetinctoriae. These galls have been commercially 
traded from source trees in the Middle East and the gallic 
acid derived from them has been used historically as a dye as 
well as an antiseptic astringent skin medication. Derivatives 
are used as photographic developers and the ink base made 
from these galls has been used to make permanent inks for 
such purposes as printing the U.S. dollar bill. 

In 16th century England, the cynipid gall, Biorhiza 
pallida, was used for personal ornamentation. On May 29, 
the English parliament's official “Oak Apple Day,” sprigs of 
oak leaves and gilded galls were worn to commemorate 
restoration of the English monarchy. 


CECIDIA: PLANT GALLS 


Cecidia, or plant galls, are abnormal growths of plant tissue 
under the influence of a parasitic organism. Within the 
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growing cecidium, plant cells proliferate (hyperplasy) and 
enlarge (hyptertrophy) into a characteristic structure specific 
to that particular gallmaking organism. The organism 
inducing cecidogenesis (gall formation) receives nourishment 
and shelter while the host plant seldom benefits. Plant galls 
are induced by a variety of organisms including bacteria, 
fungi, nematodes, and arthropods. 

Insect gallmakers span seven orders (see Table I) within 
which two entire insect families (Cecidomyiidae, the gall 
midges, and Cynipidae, the gall wasps) are found only within 


TABLEI Insect Gallmakers 


Insect order 


Gallmaking insects: galls 


Thrips: roll and fold galls on leaves and buds, 
mostly tropical. 





Thysanoptera (thrips) 


Heteroptera (true bugs) — Tingidae (lace bugs): galls on flowers. 
Adelgidae, Aphididae, Asterolecaniidae, 


Cercopidae, Cicadellidae, Coccidae, 


Homoptera (aphids, 
hoppers, and scales) 
Diaspididae, Eriococcidae, Eriosomatidae, 
Kermidae, Phylloxeridae, and Psyllidae 
(leafhoppers, aphids, and scales): pouch and 
roll galls on leaf, stem, and root; mostly of 
woody plants. 


Coleoptera (beetles) Curculionidae (weevils): galls on Brassicaceae. 


Lepidoptera (moths) Aegeriidae, Coleophoridae, Cosmopterygidae, 
Gelechiidae, Heliozelidae, Lycaenidae, 
Orneodidae, Pterophoridae, and Tortricidae 
(mostly small moths): mostly fusiform galls 
on stems or petioles. 

Diptera (flies) Agromyzidae, Anthomyzidae, Cecidomyiidae, 
Chloropidae, Platypezidae, and Tephritidae 
(gall midges, fruit flies, and leafminers): a 
variety of galls on woody and herbaceous 


dicots and monocots. 
Hymenoptera (wasps) Agaonidae, Cynipidae, Eurytomidae, 
Pteromalidae, and Tenthredinidae (sawflies, 
fig wasps, seed chalcids, and gall wasps): 
galls on all plant parts of mostly woody 
plants and a few herbaceous plants. 


cecidia. While individual insect species make a characteristic 
gall on only one part of a single plant species, the thousands 
of gallmaking insects induce cecidia on nearly all plant parts 
of a wide variety of plant species worldwide. 


CECIDOGENESIS: MECHANISMS 
OF GALL INDUCTION 


The process of cecidogenesis (gall induction) involves increased 
levels of plant growth regulators (auxins, cytokinins, 
gibberellins, abscisic acid, etc.), the stimuli for which differ 
among taxa of gallmaking insect. For example, galls induced 
by tenthredinid sawflys (Hymenoptera) form in response to 
chemicals produced in the female accessory gland and placed 
on the plant at the time of oviposition. However, the 
chemical stimulus for galls induced by cynipid gall wasps 
(Hymenoptera) is released with larval feeding, and gall 
formation ceases if the larva dies. The exact mechanism by 
which insects induce gall structures characteristic to that 
insect species and markedly different from those of other 
gallmaking insects is still poorly understood. 

The plant tissue stimulated to form a gall is always unspe- 
cialized parenchyma. As these plant cells undergo hyperplasy 
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and hypertrophy, some cells may specialize to form the 
characteristic structures associated with that gall. However, some 
of the gall cells always remain unspecialized. These parenchyma 
cells sequester macronutrients (such as amino acids) and 
micronutrient minerals (such as calcium, iron, and magnesium) 
so that the galls act as physiological sinks in the host plant. 


ECOLOGY OF GALLMAKING 
Biology of Gallmakers 


Formation of the gall has an adaptive advantage to the gall- 
making insect, for nutritive gall tissues feed the growing larva 
and the gall structure hides it from natural enemies. These 
insect benefits of gallmaking are produced at a cost of photo- 
synthate and energy to the host plant. The majority of insect 
gallmakers are plant parasites with a notable exception: fig 
wasps in the family Agaonidae (Hymenoptera) form 
mutualistic associations with their host plant (in the genus 
Ficus) as pollinators. Agaonid wasps from male flowers are 
introduced into fig orchards in the ancient agricultural 
process of caprification to allow pollination of the female 
flowers necessary to produce the fruit. 
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FIGURE 1 Heterogeny in grape phylloxera. In October males and females of the bisexual generation emerge, mate, and lay eggs on leaves. Their offspring 
form blister galls on grape leaves. In April the all-female leaf gallers lay eggs on leaves or drop to roots to lay eggs. In June all-female root gallers lay eggs on 


roots. Their offspring form nodular galls on grape roots. In late August a winged generation of females crawls out of the soil to lay their eggs (of the bisexual 


generation) under bark. 
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A number of gallmaking insect species exhibit heterogeny, 
alternating generations that include both sexes with generations 
including only females. Alternate generations frequently 
make very different galls on different parts of a plant, as does 
the homopteran grape phylloxera, Daktulosphaira vitifoliae, 
of which one generation induces galls on the leaves and stems 
while another generation induces galls on the roots of grapes. 
(Fig. 1). Some alternating generations of gallmaking insects 
form galls on different host plants, as is found in the cynipid 
gall wasp, Andricus quercuscalicis, with the unisexual 
generation forming galls on acorns of Quercus robur (English 
oak) and the bisexual generation forming galls on staminate 
flowers of Q. cerris (Turkey oak). 


Other Insects in the Gall Community 


Although a plant gall would appear to offer a place for an insect 
to escape predators and parasites, it is also a sedentary structure 
where natural enemies can predictably locate insect larvae. 
Predators of hidden insect larvae, such as woodpeckers, regu- 
larly prey upon galls. Many parasitoids, insects which receive 
their nutrients from a single host insect, eventually killing the 
host, have adapted to the predictability of plant galls. 

In addition to gallmakers and parasitoids, the gall 
community also contains inquilines, which are insects which 
live in the gall and consume the plant gall tissue. Some 
inquilines deliberately kill the gallmaker, probably to prevent 
lignification of the gall tissues. However, many galls have 
both gallmaker and inquiline emerging as adults unless one 
or both have succumbed to parasitoids. The presence of 
inquilines, and the chemical stimulants they secrete, can 
sometimes alter the shape of the final gall, especially among 
cynipid gall wasps. 


ECONOMIC IMPACT OF GALLS 


The majority of plant galls harm the host plant only by 
diverting plant resources and thus have little economic 
impact. The economic impacts of gallmaking insects include 
the benefits of fig pollination as well as some negative 
economic effects in the form of crop losses. 

Three examples of gallmaking insects with negative eco- 
nomic impacts are the Hessian fly (Diptera: Cecidomyiidae), 
the grape phylloxera (Homoptera: Phylloxeridae), and the 
oriental chestnut gall wasp (Hymenoptera: Cynipidae). The 
Hessian fly, Mayetiola destructor, is well known for the 
damage it causes to wheat crops. This fly does not cause galls 
on wheat, but rather exhibits a kind of facultative cecido- 
genesis by inducing galls only when the eggs are laid on 
barley, where the galls are much more damaging to the host 
plant than the necroses it forms on wheat. Grape phylloxera, 
D. vitifoliae, nearly destroyed the wine industries of Europe 
in the late 19th century. Although the leaves of European 
vines are resistant and are not infested with the leaf- and 
stem-galling forms, generations of wingless females gall the 


roots, eventually killing the vines. The only successful treat- 
ment has been to graft grapes onto certain resistant root 
strains. The economic impact of the oriental chestnut gall 
wasp, Dryocosmus kuriphilus, results from the loss of nut crop 
as galls form on the buds and flowers of chestnut trees 
(Castanea spp.), although the trees remain healthy. 


See Also the Following Articles 
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Ithough there is no one absolute definition of a genetically 

modified (GM) plant, to some it is any plant that has had 
its genes deliberately altered by humans, by whatever means. 
This definition includes all plants produced by conventional 
plant breeding. Even though specific genes cannot be altered 
deliberately using conventional plant breeding, these conven- 
tional processes modify many genes simultaneously in statis- 
tically predictable ways. Hence conventionally produced 
plants can be considered GM plants, broadly speaking. 

To most others, a GM plant is more narrowly defined as 
a plant that has been produced using transgenic methods. 
These plants are also called transgenic or genetically engineered 
plants. Transgenic methods are molecular methods that 
enable the transfer of a gene or potentially a group of genes 
from an individual of one species to an individual or 
individuals of a different species. Currently, there are two 
common methods by which purified genes are introduced 
into plant cells: one uses the Ti plasmid of Agrobacterium 
tumefaciens to transfer the gene as a part of the plasmid; the 
other uses a metal particle or fiber or an electric pulse to 


pierce the cell wall and carry the gene into the nucleus (also 
called gene gun or electroporation). Transgenic methods 
enable humans to alter specific genes deliberately. The term 
transgenic is sometimes restricted only to genetic transfers 
across the species boundary, but usually includes molecular 
gene transfers within species as well. 

The European Union uses GM plants in the narrow sense 
in discussing the regulation of biotechnology. Within the 
Cartagena Protocol on Biosafety under the Convention on 
Biodiversity, the term living modified organism is defined as 
a GM plant (narrow sense) that is intended to be grown, 
which excludes grain shipments and most other trade from 
consideration. The U.S. Office of Science and Technology 
Policy, which authorized the Coordinated Framework for the 
regulation of biotechnology in the United States uses GM 
plants in the narrow sense, except that it is broadened slightly 
to include a couple of methods that would normally be 
considered conventional methods. All of these organizations 
have chosen a definition of GM plants to exclude 
conventional plant breeding, in part because they do not 
want to regulate conventional plant breeding. 

Although it has become less common, several others have 
used GM plants (broad sense) to blur the distinction between 
transgenic plants and conventionally produced plants. 
Because commercialized conventionally produced plants and 
their food products have generally been assumed to be safe 
for the environment and human consumption, blurring the 
distinction has often been a device to suggest that there are 
few legitimate concerns about transgenic plants. More recently, 
this argument has been reversed. Some conventionally produced 
plants are in fact potentially harmful to the environment or 
human health, and it may become useful to evaluate the poten- 
tial dangers associated with some of these plants. 
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WHY THERE ARE SO MANY BACILLUS 
THURINGIENSIS PLANTS 


The first commercial transgenic crops were planted in China 
during the early 1990s. These were primarily virus-resistant 
tobacco and tomato. In the United States, the first commer- 
cialized crop was Calgene’s FLVR SAVR tomato in 1994. This 
product was not a commercial success in part because it did 
not pack well for shipping. Initially, a variety of transgenic 
crops were planted (Table Ia); by 1999, however, four crops 
dominated: soybean, corn, cotton, and canola. The primary 
traits of these GM plants are herbicide tolerance and insect 
resistance (Table Ib). In 1999, herbicide-tolerant soybeans, 
Bt (Bacillus thuringiensis) corn, herbicide-tolerant corn, Bt 
cotton, herbicide-tolerant cotton, and_herbicide-tolerant 
canola accounted for over 99% of the commercial transgenic 
crops grown worldwide. All of the insecticidal-transgenic 
crops currently available are based on cry toxin genes from B. 
thuringiensis, and a few now under development are based on 
other toxin-coding genes from B. thuringiensis. The cry genes 
code for crystalline proteins that are toxic to some insects. 
Bt genes have been incorporated into broccoli, cabbage, 
canola, cotton, corn, eggplant, poplar, potato, soybean, tobacco, 
and tomato, and the commercially available crops during 2001 
in the United States are Bt corn and Bt cotton. Since their 
introduction during 1995, the cropping area of all of these 
transgenic crops has grown substantially (Table II). By 1999, 
Bt corn was grown on 9.6 million ha. Bt cotton lagged behind 
substantially in total area because about five times more corn 
than cotton is grown in the United States. Clearly, Bt corn in 
the United States is one of the dominant transgenic crops in the 
world today. Interestingly, Bt corn area has decreased during 
2000, probably in response to market uncertainty. In contrast, 


TABLEI Area of Transgenic Crops in the World from 1996 to 2000 (in Millions of Hectares) 





1996 1997 1998 1999 2000 
(a) Crop 
Soybean 0.5 5.1 14.5 21.6 25.8 
Maize 0.3 332, 8.3 an Pa 10.3 
Cotton 0.8 1.4 2.5 3.7 53 
Canola 0.1 1.3 2.5 3.4 2.8 
Tobacco 1.0 1.7 + + + 
Tomato 0.1 0.1 + + + 
Potato + + + + + 
(b) Trait 
Herbicide tolerance 0.7 6.9 20.1 31.0 35.8 
Insect resistance 1.0 4.7 8.0 11.8 11.5 
Virus resistance 1.1 1.8 + + + 
Quality traits + + + + + 
(c) Total 2.8 12.8 27.8 39.9 44.2 


Note. +, <100,000 ha were grown. The first commercial crops were planted in China during the early 1990s. The first commercial production in the United 


States was tomatoes during 1994. Several crops were first commercialized during 1995, including Bt corn. (a) Area by crop. Several minor crops are not listed. 


(b) Area by transgenic trait. Values do not always sum to the worldwide total because some crops have more than one transgenic trait. (c) Total area worldwide. 
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TABLE II 
World, Although Nearly All Was Planted in the United States 


Area of Bt Corn, Bt Cotton, and Bt Potato, 1995-1997 and 2000 for the United States Only; 1998-1999 for the 





1995 1996 1997 1998 1999 2000 2001 
Bt maize + 0.3 2.8 6.7 9.6 6.3 5.3 
Bt cotton + 0.7 0.8 na 22 22 2D 
Bt potato + 3650 10,000 20,000 23,000 na + 


Note. Corn and cotton data are in million hectares. Potato data are in hectares. na, data not available; +, <100,000 ha for maize and cotton and <1000 ha 


for potato. 


Bt cotton area increased, perhaps tied to increased demand 
for herbicide-tolerant cotton. 

Several factors probably account for the predominance of 
Bt genes in transgenic crops. First and foremost, transgenic 
technology is relatively new, and consequently the products are 
those that are technically feasible, are readily accomplished, and 
have a clear path to commercialization. The cry genes present in 
Bt have been technically easier to use than genes from plant or 
animal sources. The cry gene structure is simple, and Cry toxins 
require no posttranscriptional or posttranslational processing to 
be functional. Initially, cry genes did not express very well in 
plants, in part because bacterial DNA is A-T rich, whereas plant 
DNA is G-C rich. By directed mutagenesis, the “wobble” 
codon and other triplet redundancies were converted from A or 
T to GorC, and the resulting cry genes were expressed more 
consistently in plants. The commercialization path for Bt 
crops was believed to be relatively clear. Several Cry toxins 
have been used in commercial formulations of insecticides and 
these have been considered much safer for the environment 
and much less toxic to humans than nearly all other synthetic 
chemical insecticides. More recently, however, the differences 
between the Cry toxins in the insecticides and the Cry toxins 
in the transgenic plants have received increasing scientific and 
regulatory attention. Another reason for the predominance 
of cry genes is that as each particular Bt crop variety was 
approved for commercial use by U.S. regulatory agencies, the 
regulatory requirements became increasingly clear, making it 
increasingly easy to prepare for regulatory evaluation. Thus, the 
transformation technology, the regulatory environment, and 
the toxicological and insecticidal characteristics of Cry toxins 
have contributed to the present abundance of Bt crops. 


THE POTENTIAL OF THIS TECHNOLOGY 


There are many different kinds of transgenic crops under 
development, including some that are expected to be com- 
mercialized in the next few years, others that may reach 
commercial status on a midterm horizon sometime during the 
next decade, and finally others that are mere ideas that require 
significant research breakthroughs before they can be realized. 
Most of these aim to address one of four broad needs: improved 
agricultural characteristics, improved postharvest processing, 
improved food quality and other novel products for human 
use, and improved mitigation of environmental pollution. 


Among the transgenic traits near to commercial release are 
new Bt genes that provide protection against additional types 
of insect pests. One of these traits is a gene that protects corn 
against rootworm damage. Some traits are based on Cry 
toxins, but others are based on novel Bt toxins (a binary toxin 
requiring two components that are toxic to insects). Other 
agriculturally useful traits include tolerance to abiotic 
stresses, such as drought, salt, and cold. These traits, however, 
probably require significant research breakthroughs before 
they can become realities. 

‘Transgenic technology is also being applied to several com- 
mercially important tree species, including poplar, eucalyptus, 
aspen, sweet gum, white spruce, walnut, and apple. The first 
traits being genetically engineered into trees are herbicide 
tolerance and insect resistance, which may be useful for estab- 
lishing and maintaining young trees and protecting valuable 
fruits. Several traits are under development to better adapt trees 
to postharvest processing. For example, the lignin content of 
certain tree species is being engineered to improve pulping, 
the process by which wood fibers are separated to make paper. 
Reduced lignin may improve the efficiency of paper produc- 
tion and reduce pollution from the paper-production process. 

Transgenic technologies are being applied to alter 
macronutrients, starch, protein, oil, and micronutrients in 
several food crops, such as maize and soybean. For example, 
soy protein is deficient in the essential amino acids that 
contain sulfur. Increased production of these essential amino 
acids has been approached through genetic engineering by 
altering the activity of the enzymes that synthesize them, by 
overproducing a protein that contains them, or by blocking 
production of major proteins that lack them, which thereby 
increases the percentage of these amino acids in the 
remaining proteins. There are 17 minerals and 13 vitamins 
required at minimum levels to prevent nutritional disorders, 
and all of these have attracted biotechnology research. For 
example, increased levels of tocopherol, the lipid-soluble 
antioxidant vitamin E, has been engineered in the model 
plant Arabidopsis thaliana by overexpressing the gene 
responsible for the last step in vitamin E synthesis. Using a 
similar approach, current efforts are creating transgenic 
soybean and canola plants with enhanced levels of vitamin E. 

In the future, transgenic plants may be grown to mitigate 
pollution. For example, it has been proposed that transgenic 
plants could contribute to removing or detoxifying heavy 


division multiple access (OFDMA) or by playing on the difference in users’ signal to noise 
ratios (power domain NOMA”, illustrated below). These are the two methods chosen for NR. 
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Figure 11. Illustration de multiplexing power domain NOMA” 


- QAM256: as with many modern communication systems, 4G uses quadrature amplitude 
modulation (QAM). In 4G this modulation can achieve QAM64, which means that six bits of 
information are being transmitted (2° = 64) at any given time. On wireless systems, the main 
limitation on QAM order is the signal to noise ratio: when a large amount of information is 
sent all at once, its transmission will be very sensitive to disruptions (a bit like trying to talk in 
a noisy environment: it is easy to understand “yes” or “no” but harder to understand more 
complex sentences). Thanks to an improved link budget, via antenna or signal processing 
technologies, 5G modulation could reach QAM256, i.e. eight bits of information being 
transmitted at any given time, which translates into a 33% increase in maximum capacity 
under ideal conditions. This improved modulation will also be deployed on advanced 4G 
systems. 


- loT waveforms: new waveforms are being explored for the future deployment of 5G loT in 
mobile bands. But although mass market IoT is one of the main challenges put forth for 5G, 
no concrete results have yet been made public. Operators” are starting to deploy new 
standards (EC-GSM or Extended Coverage GSM, LTE-(e)MTC or enhancements for Machine- 
Type Communications, NB-loT or NarrowBand loT) which were defined by 3GPP in Release 
13 but, as they are based on 2G and 4G, they do not deliver the performance levels, notably 
in terms of autonomy, coverage and density, that are compatible with the targets set for 
future 5G networks. 


1.5.2 Network architecture 


As with air interfaces, new network architectures are also being explored: 


- Software-defined networking (SDN) and network functions virtualisation (NFV): these two 
functionalities extend beyond the scope of 5G networks per se. They are part of an overall 


*8 The basic operating principle is the following: either User 1 (U1) with a good signal to noise ratio and User 2 (U2) with a 
less good signal to noise ratio. The antenna sends a high power Signal 2 to U2, and superimposes a weaker Signal 1 aimed 
at U1. U2 will only see S2 as $1 is drowned out by the noise. U1 will decrypt S2 then delete it from the signal received, to 


create a higher quality S1, thanks to a better signal to noise ratio. 
19 
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metal pollutants in contaminated soils (“phytoremediation”). 
A particular problem in some locations is mercury. Plants 
have already been created that can accumulate mercury, and 
genetic engineering may be able to enhance this ability so 
that growing such plants could become a potential solution 
for cleaning up mercury pollution at despoiled sites. 

Few of these future potential applications are directly related 
to insects or insect control. However, each of them is likely to 
create significant needs for entomological investigations. 
Traits such as abiotic stress tolerance, altered lignin content, 
altered macronutrient or micronutrient content, and metal 
accumulation are all likely to have profound effects on plant 
physiology and growth. Because insect herbivores and their 
natural enemies are very sensitive to changes in plant 
physiology, growth rates, and morphological structure, these 
new transgenic crops are likely to create new kinds of pest 
control problems that will require entomological solutions. 
Indeed, it may become necessary to devise variety-specific 
pest management systems for some of these novel plants. 


THE LIMITS OF THIS TECHNOLOGY 


The rate at which new transgenic traits can be expected to 
appear in the near future depends largely on the number of 
genes encoding them. Traits controlled by single genes, or traits 
that can be altered or eliminated by the loss of expression 
through silencing of a single gene or group of related genes, 
have been the first developed and commercialized. Genetically 
complex traits probably will require additional years of 
research to understand them, let alone to express and regulate 
them in a genetically engineered crop species. Nevertheless, 
many complex traits, including those controlling adaptation 
to abiotic stresses such as drought and salinity, flowering and 
reproduction, and hybrid vigor, are being investigated, and it 
is possible that some of these traits could appear in transgenic 
crop plants during the next decade. 

The social acceptability of products from transgenic 
plants has affected and may continue to affect their adoption. 
Social acceptability has many components, including 
environmental and human health risks, food choices, the 
ownership of agricultural inputs and production process, the 
future structure of agriculture, and so on. This issue is 
extremely complex and volatile, and it may take several more 
years before it has stabilized sufficiently so that it will be 
possible to anticipate how various societies around the world 
might accept or reject transgenic plants. 

Although these and other factors are involved currently in 
limiting the application of transgenic plants, the central 
trade-off that may limit it ultimately may involve a classic 
gene—environment trade-off in crop production. A broadly 
adapted trait may not be able to be used optimally without a 
corresponding management system. For example, the short- 
statured rice varieties of the Green Revolution required an 
intensive management system oriented around high fertilizer 
and pesticide use to attain their high yields across vast areas 
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of Asia. These varieties, whether transgenic or conventional, 
are limited by the applicability of the attendant management 
system, which creates the environment in which they can 
flourish. Conversely, a plant with a trait adapted to specific 
environments associated with a single field or valley would 
not be broadly applicable to vast growing regions because the 
environment would not be equally suitable throughout. The 
scale of use of such locally adapted varieties depends on a 
system of seed production and distribution that reliably 
delivers the appropriate seed at the proper time. The system 
of self-propagated land races admirably meets these needs, 
but it remains to be seen whether a commercial seed 
distribution system is able to deliver varieties that are so 
locally adapted. Finally, as noted above, transgenic plant 
varieties are being developed for extremely specialized uses on 
areas of only hundreds of hectares. The scale of use of these 
specialty varieties will probably depend on how many 
different such uses are commercially successful as well as the 
intensivity of management needed to produce them. In 
conclusion, if technical factors and social acceptance do not 
limit the adoption of transgenic crops, the costliness of 
management associated with the specialty transgenic crops, 
the applicability of management of the broadly adapted 
transgenic crops, and the delivery of seed of locally adapted 
transgenic crops likely will limit their applicability, much like 
conventional varieties are limited today. 


POTENTIAL ADVERSE EFFECTS 


The risks associated with transgenic plants stem from, but are 
not directly caused by, the nature of the transformation process. 
First, transgenic methods enable traits to be expressed that have 
never before been expressed in a plant. This widened range of 
traits creates potential risks that should be evaluated. Second, 
the present transgenic methods cannot incorporate foreign 
DNA into precise locations in the plant genome. Because 
expression of genes can depend on where the gene occurs in the 
genome, and because the incorporation can be complex, the 
expression of the transgene cannot be predicted completely. 
The scope of potential traits and the uncertainty associated 
with trait expression create the circumstances requiring the 
evaluation of risks to human health or the environment. 
Because transgenes code for proteins, human health risks 
associated with these proteins and products produced by these 
proteins are possible. These potential risks include creation of 
novel toxicants, possible shifts in the nutritional content of 
food, and the possible creation of novel allergens. Most of the 
scientific attention has focused on allergens, because they are 
difficult to assess and there has been an increase in the incidence 
of food allergies. Novel proteins and their products can be 
altered after synthesis by alterations in amino acid sequence 
and by reactions with other chemicals, such as glycosylation. 
Assessing each of these possibilities will be challenging. 
Environmental risks stem from several types of potential 
effects: (1) effects associated with the movement of the 
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transgene itself and its subsequent expression in a different 
organism or species, (2) effects associated directly or 
indirectly with the transgenic plant as a whole, (3) nontarget 
effects associated with the transgene product outside of the 
plant, (4) resistance evolution in the targeted pest 
populations, and (5) indirect effects on human health that 
are mediated by the environment. The European Union 
(EU) recognizes affects on genetic diversity as a separate 
category of environmental effect in the modified 90/220 
directive. The United States government has not recognized 
this as an environmental effect because it believes that it is 
the effects of altered genetic diversity, such as increased 
extinction rate, a compromised genetic resource, inbreeding 
depression, or increased vulnerability to environmental 
stresses, that are the actual environmental hazards. The EU 
recognizes this category as a precautionary measure, because 
the effects of movement of the transgenes are uncertain and 
are at present incompletely characterized. By recognizing the 
more easily measured, intermediate effects on genetic 
diversity as a potential effect, the EU risk analysis will address 
all of the effects caused by movement of transgenes without 
having to assess them specifically. 


Hazards Associated with Movement of the Genes 


Horizontal transfer is the nonsexual transfer of genetic material 
from one organism into the genome of another. Although there 
are no cases of transgenes moving horizontally from plants to 
any other organism at rates higher than normal, new discoy- 
eries could change the assessment and significance of this risk. 
Pollen dispersal provides an opportunity for the sexual transfer 
of transgenes to relatives of the crop, including other varieties 
of that crop, related crops, and wild relatives. Potential effects 
include the evolution of increased weediness (i.e., more 
vigorous agricultural weeds, more invasive plants) or 
increased risk of extinction of native species by hybridization. 


Hazards Associated with the Whole Plant 


The transgenic plant itself may become an environmental 
hazard if the traits it receives improve its fitness and ecological 
performance. Although many crop plants may pose little 
hazard, insofar as they are unable to survive without human 
assistance, most crops have weedy and/or wild populations in 
some part of their global distribution. In these areas, trans- 
genes that improve fitness could increase weediness of the 
crop. In addition, because transformation includes forage 
grasses, poplars, alfalfa, sunflowers, wild rice, and many 
horticultural species, the risk of invasiveness may increase. 


Nontarget Hazards 


Nontarget organisms are any species that are not the direct 
target of the transgenic crop, and consequently, the list of 
potential nontarget species is very long. These organisms can 


be grouped conveniently into five categories: (1) beneficial 
species, including natural enemies of pests (lacewings, lady- 
bird beetles, parasitic wasps, and microbial parasites), and 
pollinators (bees, flies, beetles, butterflies and moths, birds, 
and bats); (2) nontarget pests; (3) soil organisms, which usually 
are difficult to study and identify to species; (4) species of 
conservation concern, including endangered species and 
popular, charismatic species (monarch butterfly); and (5) 
biodiversity, which is the entire group of species in an area. 


Hazards of Resistance Evolution 


Resistance evolution can occur in pests that are targeted for 
control by or associated with the transgenic crop. If the pest 
becomes resistant, then alternative, more environmentally 
damaging controls may be used. Insects, weeds, and 
microbial pathogens all have the potential to overcome most 
control tactics used against them. Insect resistance to Bt 
crops is considered inevitable, and efforts are being made to 
manage resistance evolution to these transgenic crops. 


Indirect Hazards 


‘Transgenic crops can have indirect environmental impacts, 
especially when scaled up for commercial production. Many 
of these effects are associated with changes in production 
practices or cropping systems. For example, transgenic maize 
resistant to corn rootworms may lead to an expansion of 
continuous corn (corn planted after corn) and its attendant 
environmental risks, such as soil erosion. In addition, it is 
possible that crops transformed to produce pharmaceutical 
or other industrial compounds might mate with plants 
grown for human consumption with the unanticipated result 
of novel chemicals in the human food supply. 
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T remendous progress has been made in the development of 
genetic engineering technologies in insects. This article 
emphasizes studies with the vinegar fly, Drosophila 
melanogaster, because, as a result of its successful use as a 
genetic model for eukaryotic genetic systems, developments 
in genetic engineering with this species establish a benchmark 
for what can, or could, be done in other insect species. The 
article also discusses the more recent use of transposable- 
element-based genetic transformation procedures in 
nondrosophilid insects and concludes that many of the tools 
required for genetic manipulations of nondrosophilid insects 
are now available. 

The term “genetic engineering” is typically taken to refer to 
the direct manipulation of genes. It has become synonymous 
with a more general term, “DNA technology,” which has come 
to encompass all contemporary molecular-based techniques. 
However, many insect geneticists were using “DNA 
technology” before the development of recombinant DNA 
technology in the 1970s and 1980s, Genetic control 
approaches applied to such insect pests as the Mediterranean 
fruit fly (Ceratitis capitata) (medfly), the mosquito (Culex 
tarsalis), and the Australian sheep blowfly (Lucilia cuprina) 
used. genetics to develop new strains that could be used in 
insect control and/or eradication programs. The tools of these 
pioneers were not DNA modification and restriction enzymes, 
thermocyclers, or DNA sequencers, but rather radiation 
sources, microscopes, and the knowledge that mutations and 
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chromosomal rearrangements could be created and selected 
for. These tools have now been surpassed, but one aim remains 
the same: the generation and application of new genetic 
strains of insects that can be used to control pest insect 
species. The development of sophisticated genetic tools, in 
conjunction with the rapid progress being made in genomics, 
will provide insect scientists with the ability to characterize 
and manipulate, in hitherto unimaginable ways, insect genes. 


GENETIC ENGINEERING IN DROSOPHILA 
MELANOGASTER 


Genetic Technologies Are More Advanced in 
Drosophila Than in Other Insect Species 


One cannot discuss the genetic manipulation of insects 
without describing the molecular genetic tools that are 
available in D. melanogaster. Traditionally, a gulf has existed 
between entomologists who view the harmless vinegar fly as 
being distant to the problems of insect control and 
Drosophila geneticists who utilize the many biological 
attributes of Drosophila to understand the basis of gene 
action. This gulf will close as comparative genomics reveals 
similarities and differences in the conservation of many genes 
and molecular pathways between Drosophila and other insect 
species. The power of this comparative approach to modern 
biology will offer insect scientists and traditional entomolo- 
gists exciting opportunities to bring the power of genetics and 
molecular biology to the control of insects. The development 
and application of these tools is what insect scientists seek to 
achieve in pestiferous and beneficial insects. 

Genetic engineering in D. melanogaster is an extremely 
mature technology. It is founded on several independent 
phenomena: 


1. The presence of a transposable element, called the P 
element, which is an efficient genetic transformation vector. 
This vector has been available and exploited since the early 
1980s. 

2. The ability to create and maintain genetic mutants by 
traditional techniques such as chemical- or radiation-induced 
mutagenesis or by transposon insertion mutagenesis, and the 
construction and availability of balancer chromosomes to 
maintain many of these mutants. 

3. The presence of strains that lack the P element, thus 
providing recipient strains suitable for P element 
transformation. 

4, The completion of the Drosophila genome project and 
the public availability of the data generated. 


These planks of achievement are a consequence of the 
intense and sustained research that has been invested into 
Drosophila over the course of the last 90 years. The picture in 
all other insect species is, by comparison, sparse. For 
example, transposable elements capable of transforming 
nondrosophilid species have been available only since 1996. 
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Also, traditional mutagenesis approaches have been used. to 
generate mutations in a handful of insect species. Many of 
these have been lost because of problems arising from the 
rearing of these species (it should be noted that what 
attracted T. H. Morgan to Drosophila was the ease with 
which it could be reared and mated in the laboratory) and, 
often, because it had been necessary to depend on a handful 
of dedicated workers to maintain these strains. (In 
Drosophila, by contrast, there are central repositories for 
strain maintenance as well as hundreds, if not thousands, of 
researchers who maintain even the most problematic genetic 
stocks.) Except for medfly, balancer chromosomes have not 
been constructed in nondrososphild insects. 

Two other factors are important. The interactions, if any, of 
the transposable elements so far known to transform non- 
drosophilids with components of the insect genome remain 
unknown, as do the molecular mechanisms by which these 
elements move both within and between insect genomes. 
Second, to date, no insect species other than Drosophila has 
had its entire genome sequenced. Some mosquito genomes 
are the target for current and future genomic projects. 


Transformation Technologies in D. melanogaster 


P ELEMENT TRANSFORMATION Population geneticists 
in the 1970s had observed that when males from certain 
strains of flies recently established from wild populations 
were mated to females from long-established laboratory 
populations, a number of abnormal traits were observed in 
the progeny. These traits included high rates of mutation, 
sterility, and recombination in males, traits that are not 
usually seen in this species. Collectively the traits that arose 
only when specific hybrid insects were created were thought 
to be manifestations of a single syndrome that became known 
as “hybrid dysgenesis.” Because the factors responsible for this 
syndrome were transmitted by males, they were referred to as 
paternal or “P” factors. Those working on P-factor-mediated 
hybrid dysgenesis quickly realized that there were multiple 
factors that mapped to many different locations within the 
genome. Some of the mutations that were induced during 
hybrid dysgenesis were very unstable and were themselves 
capable of mutating further to result in more extreme 
phenotypes or to revert to wild type. This instability as well 
as other genetic observations suggested that the P factors 
were mobile genetic elements or transposons. As long ago as 
1989, Engels gave a comprehensive description of the P 
element, P factors, and their use in genetic transformation. 

Concurrent with the efforts of population geneticists to 
understand the phenomenon of hybrid dysgenesis were efforts 
of molecular geneticists to clone genes from D. melanogaster. 
The eye color gene known as white was one of the first genes 
to be cloned from this species, largely owing to the great 
amount of genetic analysis that had been done on this locus. 
Having the white gene cloned provided a unique opportunity 
to isolate P factors. Because P factors were responsible for 


causing mutations, a genetic screen was performed to seek 
mutations induced by hybrid dysgenesis of the white gene. 
The reasoning behind this experiment was that once a P- 
factor-induced mutation of the white gene was obtained, it 
should, in theory, be readily cloned by conventional genomic 
DNA library screening using the wild-type allele of the white 
gene as a probe. By comparing the mutant allele with the 
wild-type allele, the nature of the P factor might be deduced. 
As expected, mutations of the white gene induced by hybrid 
dysgenesis contained insertions, and the insertion sequences 
had all the characteristics of a transposable element. In fact, 
P factors were transposable elements and became known as P 
elements. Complete P elements were about 3 kb in length and 
contained four open reading frames encoding for a protein 
essential for P element movement. The terminal sequences of 
P elements consisted of inverted repeat sequences of 31 bp. 
In structure, the P elements generally resembled other trans- 
posable elements that had been isolated from bacteria and were 
referred to as short, inverted repeat—type transposable elements. 

The physical isolation of an active transposable element 
from D. melanogaster provided researchers with a unique 
opportunity to integrate foreign DNA into the chromosomes 
of this species. Efforts to integrate exogenous DNA into the 
chromosomes of insects can be traced back to the late 1960s. 
While there was an interest in genetically transforming insects 
and a few reports of minor successes, there was no reliable 
method for creating transgenic D. melanogaster. The P element 
solved that problem. It was reasoned that if the terminal, 
noncoding sequences of the element, which serve as signal 
sequences directing the cutting and pasting of the element, 
were attached to any piece of DNA, that piece of DNA would 
acquire the mobility properties of a P element. Furthermore, 
if this altered transposable element could be introduced into a 
cell that was going to form gametes and the element jumped 
(i.e., transposed) onto one of the chromosomes of this cell, 
then the gametes arising from this cell would be transgenic and 
would give rise to transgenic progeny. This reasoning proved to 
be precisely correct. Under the appropriate conditions, genes 
to which the terminal noncoding sequences of a P element 
have been attached can readily integrate into the chromosomes 
of presumptive germ cells and lead to the efficient creation of 
transgenic insects (Fig. 1). 

This relatively simple technology helped fuel a revolution 
in the study of this model organism. Today, this transposable 
element forms the basis for a suite of technologies that allow 
researchers to identify and analyze genes in a variety of ways. 
The P element gene transformation system has also served as 
a paradigm for the development of similar technologies 
applicable to other species of insects. 


GENE TAGGING WITH TRANSPOSABLE ELEMENTS 
The key to the identification and isolation of P elements was 
the availability of the cloned white gene. The white locus was 
used as a trap; once the P element had been identified and 
cloned, it could be used as a way of identifying and isolating 
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FIGURE 1 P element transformation of D. melanogaster. Two plasmids, one 
containing a P element into which has been cloned a genetic marker (green) 





and a helper plasmid containing the P element transposase (white) placed 
under the control of an inducible promoter (blue) are coinjected into 
embryos. The P element inverted terminal repeats are shown as black 
arrowheads. Gy adults arising from injected embryos are not transgenic but 
some will contain a percentage of gametes containing the P transposable 
element. These adults are outcrossed and G, progeny are examined for the 
presence of transgenic individuals (green fly). 


genes. As already discussed, one of the prominent features of 
P element movement (as revealed by the phenomenon of 
hybrid dysgenesis) was the creation of mutations. These 
mutations are caused by the insertion of the P element into 
an essential region of a gene, thereby altering its level or 
pattern of expression. 

Mutations and their associated phenotypes define genetic 
loci. The existence of a mutant insect with an altered eye color 
defines a locus that plays some role in eye pigmentation. 
Although the existence of a mutant reveals the presence of a 
gene and its location, it does not provide researchers with a 
means of readily isolating the DNA containing the gene. If, 
however, the mutation is caused by the insertion of a sequence, 
such as a P element, and we know the sequence of the insertion 
sequence, we can use this information to isolate the DNA of 
the gene that was mutated. By making a genomic DNA 
library from the mutant insect, one can use conventional 
DNA hybridization techniques to identify sequences in the 
library that contain the P element. Because the mutation was 
caused by the insertion of the P element into a gene, the DNA 
adjacent to the P element is likely to be the gene responsible 
for the mutant phenotype. This methodology of transposon 
tagging is very powerful and has been used not only in D. 
melanogaster but in a number of other organisms as well. The 
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requirements for an effective transposon-tagging system that 
ensures unambiguous gene identification are an active 
transposon that has little integration site specificity and 
insect strains that contain few or only one transposon- 
tagging transposable element. Roberts has described the use 
of the P element for gene tagging and enhancer trapping. 


ENHANCER TRAPPING  Transposable element-based 
mutagenesis or transposon tagging is a powerful technology 
with one limitation: it can identify only genes that have a 
recognizable mutant phenotype following element integra- 
tion. Many of the genes that one mutates either do not result 
in a visible phenotype or cause the death of the organism. 
Such genes will never be recovered from a screen based on 
transposon tagging. 

A complementary methodology that does not rely on 
mutagenesis for gene identification is called enhancer 
trapping. Enhancers are gene expression regulatory elements, 
and they function to fine-tune the control of gene expression, 
temporally and spatially. They are quite distinct from gene 
promoters in that enhancers are not sites of RNA polymerase 
binding but are instead sites for protein binding that influence 
when and how often RNA polymerase will associate with a 
promoter. A remarkable and useful feature of enhancers is 
their ability to act over long distances by mechanisms that are 
not entirely clear. That is, an enhancer may be located hundreds 
or even thousands of bases away from its target promoter. If 
a new promoter is inserted near the enhancer, it too will 
become regulated by that enhancer. This phenomenon 
provides a clever, nonmutagenic method for gene iden- 
tification based on patterns of gene expression called 
enhancer trapping. 

Like transposon tagging, enhancer trapping relies on the 
movement of a transposable element. The element in this 
case has been engineered to contain a gene whose expression 
is readily detected. Today the green fluorescent protein from 
the jellyfish is a common choice. The reporter gene has been 
engineered to contain a minimal basal promoter, meaning 
that it contains an RNA polymerase binding site but no 
associated enhancers. Consequently, this enhancerless gene 
construct does not result in reporter gene expression unless 
the transposon in which it is contained integrates near an 
active enhancer. The presence of enhancers can be detected 
by moving the transposon around the genome and looking 
for expression of the reporter gene. By identifying enhancers 
with particular properties, one then has indirectly identified 
the genes controlled by these enhancers. Often, the genes 
regulated by enhancers identified by using this method are 
located in the proximity of the enhancer. The significant 
difference between this method of gene identification and 
transposon tagging is that enhancer detection does not 
require mutating the enhancer or its associated gene. 
Consequently, genes that may not have been detected by a 
transposon tagging screen might be detected using an 
enhancer trap (Fig. 2). 
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FIGURE 2 Example of enhancer trapping in insects: three pairs of 
chromosome with their centromeres (purple). One strain contains a MOS 
element into which the Hermes transposase has been cloned (orange). The 
MOS inverted terminal repeats are shown as pink arrowheads. A second strain 
contains a Hermes element containing a genetic marker (blue) placed under the 
control of a weak promoter. The two strains are crossed, whereupon the Hermes 
transposase causes the Hermes elements to move to new regions of the insect 
genome. Should a Hermes element insert near an enhancer element (black 
box), the genetic marker in the Hermes element would show the same tissue- 
and stage-specific expression of the gene controlled by the enhancer. The gene 
and the enhancer can then be cloned by standard gene tagging techniques. 


Transposon tagging and enhancer trapping are rather 
intense genetic methods for gene identification. Such 
methods require the ability to efficiently perform genetic 
crosses, to recognize mutants or desirable reporter gene 
expression patterns, and then to maintain large numbers of 
distinct genetic lines of insects. Although Drosophila is 
readily amenable to such manipulations, other insects may be 
less so. Nevertheless these methods will be of great value to 
those entomologists working on a variety of insect species. 


HOMOLOGOUS RECOMBINATION Transposon tagging 
and enhancer trapping are methods of identifying genes 
based on a phenotype: a mutant phenotype in transposon 
tagging, an expression phenotype in enhancer trapping. The 
availability of essentially the entire DNA sequence of the 
genome of D. melanogaster has permitted the identification 
of genes based entirely on DNA sequence patterns. Often the 
role of these genes is completely unknown because flies with 
mutations in these genes have not been identified. Without 
the ability to examine the phenotypes of flies with mutant 
alleles of the gene, gene function must be deduced entirely by 
other means, such as patterns of expression or analysis of the 
protein gene product. Today, however, it is possible for 
researchers who know the DNA sequence of a specific gene 
to create D. melanogaster with mutations in that gene. This 
method of targeted mutagenesis relies on the process of 
homologous recombination. 

Homologous recombination, the process of gene exchange 
that typically occurs during meiosis, depends on the associa- 
tion of DNA sequences that are identical or nearly identical. 
Breaks in one of the strands of a DNA duplex can result in this 
strand becoming associated with its homologue on another 
chromosome, leading to gene exchange. It is now possible to 
exchange a gene located on a chromosome of a fly with a nearly 
identical gene created in the laboratory. This somewhat involved 
process relies on the use of a site-specific recombinase and a 
site-specific endonuclease, but it is potentially a method that 


will be generally applicable to any insect. Rong and Golic 
have described this technology in D. melanogaster. 

The strategy behind using homologous recombination 
takes advantage of the high recombinogenicity of linear 
molecules of DNA. Such molecules will preferentially 
recombine with sequences homologous to the sequence at the 
end of the linear molecule. Gene targeting by homologous 
recombination in D. melanogaster is based on a clever method 
for generating the highly recombinogenic targeting molecule 
in vivo. The process begins by creating a transgenic insect 
using, for example, a P element gene vector that contains the 
targeting sequences flanked by site-specific recombination sites 
such as the FRT sites of the FLP recombinase system. When 
FLP recombinase is expressed (from a previously integrated 
transgene) in the insect, the FRT sites will recombine causing 
the targeting gene to be excised from the integrated gene 
vector. This recombination event results in the creation of 
extrachromosomal circular molecules in the nuclei of the 
insect. These extrachromosomal circles are then linearized by 
expressing a site-specific endonuclease (from a previously 
integrated transgene) that recognizes a DNA sequence that 
has been placed in the targeting gene in such a way that 
digestion results in the target gene sequences being located at 
the ends of the linearized circle. This highly recombinogenic 
molecule will then recombine with the chromosomal 
homologue, resulting in gene disruption. 

Homologous gene replacement has been achieved for two 
Drosophila genes, the yellow gene and the pugilist gene, and 
most likely will be applicable to a large number of D. 
melanogaster genes. In particular it should enable gene 
function to be assigned to the thousands of new genes 
identified in the Drosophila genome project through 
replacing the wild-type forms with nonfunctional mutations 
that have been created in vitro. 

A prerequisite for targeted gene replacement is a set of 
transgenic insects that can express the appropriate restriction 
enzyme and the FLP recombinase. This is readily achieved in 
D. melanogaster and now can also be accomplished, in 
principle, in other insect species because transposable 
elements exist that can be used to genetically transform them. 
The FLP recombinase system has been shown to function 
correctly in the yellow fever mosquito, Aedes aegypti, and 
most likely will function in all insects into which it is placed. 
Similarly, the ability of a yeast restriction enzyme to function 
in Drosophila suggests that it should also function correctly in 
a range of insect species into which it is placed. 


GENETIC ENGINEERING IN 
NONDROSOPHILID INSECTS 


Genetic Transformation of Nondrosophilid Insects 


The P element paradigm is successful in nondrosophilid 
insects. Despite many attempts, the P element was found to 
be unusable as a gene vector in nondrosophilid insect species. 


The reason for the narrow host range of P is unknown; 
however, it has been proposed that P is dependent for its 
mobility, in part, on the presence of host-encoded factors. 
These are thought to be absent, or at least sufficiently 
diverged, to prevent the mobility of P in these species. The P 
element is, however, not required for insect transformation 
because of the discovery and performance of four trans- 
posable elements, each from a separate family of transposable 
elements. Each of these is endowed with a broad host range, 
and each can transform D. melanogaster as well as a number 
of nondrosophilid species. They are briefly described below. 

What is conserved between drosophilid and nondrosophilid 
transformation has been described as the P element 
paradigm. This refers to the mode of transformation. The P 
element and the four elements described shortly are class 
transposable elements. They all transposase by a “DNA-only” 
type of mechanism—no production of an RNA intermediate 
is needed. These elements have an overall structure that is 
shared between them. They are short (< 4 kb), have inverted 
terminal repeated sequences, and encode a transposase 
enzyme that catalyzes the movement of the transposable 
element from one genomic location to the next. The same 
methodology is used to introduce these transposable 
elements regardless of species. Typically two plasmids are 
coinjected into preblastoderm embryos. One plasmid 
contains the transposable element, into which has been 
placed a genetic marker and an effector gene—a gene meant 
to alter the phenotype of the insect in a desired way. The 
placement of the marker gene and the effector gene 
interrupts and inactivates the transposase gene within the 
element, necessitating the use of a second plasmid containing 
the corresponding transposase, which is typically placed 
under the control of an inducible promoter such as the hsp70 
promoter of D. melanogaster. This transposase mediates the 
transposition of the transposable element from the donor 
plasmid to the genome of the developing germline cells. As 
for D. melanogaster transformation, the individual arising 
from the injected embryo is not transformed; rather, it 
contains genetically transformed gametes. Individuals are 
mated, and transgenic insects are screened for in the next 
generation. 


TRANSPOSABLE ELEMENTS USED FOR 
NONDROSOPHILID INSECT TRANSFORMATION Four 
transposable elements can be used to genetically transform 
nondrosophilid insects: pigeyBac, Hermes, Mariner, and Minos. 

piggyBac The 2.5-kb piggyBac element has 13-bp 
inverted terminal repeats and 4-bp direct repeats located 
proximally to these. It contains a 2.1-kb open reading frame 
that encodes a transposase enzyme. pigeyBac was discovered 
through its ability to transpose from the chromosomes of the 
Cabbage looper Trichoplusia ni into the genome of a 
baculovirus that had infected this TN368 cell line. 
Transposition of piggyBac into the baculovirus genome led to 
a mutation that resulted in few polyhedra being generated, in 
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turn causing a clear change in cell morphology. pigeyBac 
inserts only at TTAA sites and generates duplications of this 
sequence at the target site. Excision of piggyBac is precise— 
unlike other class II insect transposable elements, no 
deletions or additions of DNA remain at the empty excision 
site. pigeyBac has found wide use as a gene vector in insects 
and has been used to genetically transform the flies C. 
capitata, Bactrocera dorsalis, Anastrepha suspensa, Musca 
domestica, L. cuprina, and D. melanogaster; the mosquitoes 
Anopheles albimanus, An. stephensi, An. gambiae, and Ae. 
aegypti; the moths Bombyx mori and Pectinphora gossypiella; 
and the beetle Tribolium castaneum. Little is known about 
the distribution of piggyBac throughout insects, although 
highly similar elements have recently been found in three 
strains of B. dorsalis. Over the 1.5 kb of nucleic acid sequence 
examined, these B. dorsalis elements are 95 to 98% identical 
to the element originally isolated from 7! ni cells. Two of 
these B. dorsalis piggyBac-like sequences contain small 
deletions that interrupt the open reading frame, whereas the 
third has an intact open reading frame over the region 
examined. Conceptual translation of this region yields a 
sequence identity of 92% compared with the corresponding 
region of the T ni piggyBac tranposase. The basis of the 
distribution of piggyBac-like elements combined with the 
possible effect that incumbent piggyBac-like sequences may 
have on introduced elements in transgenic lines is a fertile 
field for investigation. 

Hermes Hermes elements are members of the LAT 
family of transposable elements that are widely dispersed in 
animals and plants. Some members of this family, such as the 
Ac element of maize and the Zam3 element of snapdragon, 
have a broad host range, and this attribute is shared with the 
Hermes element. Hermes was isolated from the house fly, . 
domestica, and was first recognized by its ability to cross- 
mobilize the related obo element when this was introduced 
into house fly embryos by microinjection. The 2.7-kb 
Hermes elements contain 17-bp inverted terminal repeats and 
a 1.8-kb open reading frame that encodes a transposase of 70 
kDa. Hermes elements exhibit a preference for inserting at 5’- 
GTnnnnAC 3’ sites and create 8-bp duplications of these 
sites upon insertion. They have been used to genetically 
transform D. melanogaster, C. capitata, Stomoxys calcitrans, 
Ae. aegypti, Culex quinquefasciatus, and T. casteneum. 
Plasmid-based transposition assays have shown that Hermes 
can transposase in several other insect species as well. Hermes 
transposes by a cut-and-paste mode of transposition in 
higher Diptera but seems to integrate by another, 
transposase-dependent mode in mosquito germlines. The 
molecular basis of this remains unknown. Hermes elements 
can interact with the related hobo element (and vice versa) 
when both are present in the genome of D. melanogaster. 

Mariner Mariner elements are widespread among 
arthropods. They are approximately 1.3 kb with inverted 
terminal repeats typically around 30 bp long. Mariner 
elements can be present in an extremely high copy number in 
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some species; however, it seems likely that only a handful (if 
any) of these may contain a single open reading frame that 
encodes an active transposase of approximately 33 kDa. 
Based on DNA sequence comparisons, five different 
subfamilies of Mariner elements exist in arthropods. The 
distribution of members of these subfamilies is inconsistent 
with the established evolutionary histories of their host 
species and it is now accepted that Mariner elements have 
been horizontally transferred throughout evolutionary time. 
At present only one naturally occurring, active Mariner 
element has been discovered. This is the MOS element from 
Drosophila mauritiana and has been used to genetically 
transform D. melanogaster, Ae. aegypti, and M. domestica. 
Indeed MOS displays a broad host range and has been used 
to genetically transform Leishmania, chickens, and zebrafish. 
The mobility characteristics of MMOS are preserved in these 
species; it transposes by a cut-and-paste mechanism and 
inserts at, and duplicates, TA nucleotides. A second active 
element, Himar, was constructed based on a consensus of 
Mariner sequences obtained from the horn fly, Haemotobia 
irritans. Himar is active in Escherichia coli but so far is 
inactive in insects. 

Minos 
family of transposable elements. The Tcl family of elements 


The Minos element is a member of the Jel 


is related in sequence and mobility properties to the Mariner 
family of elements, and both are grouped into a single 
superfamily of elements. Minos elements are approximately 
1.8 kb and possess long, 254-bp inverted terminal repeats. 
Minos contains two long open reading frames that are 
interrupted by an intron. Conceptual translation of the 
Minos transposase gene reveals a greater than 40% identity 
with the 7cl transposase of Caenorhabditis elegans. Minos has 
been used to genetically transform C. capitata, D. 
melanogaster, and An. stephensi. 


Transposable Elements in New Hosts 


These four transposable elements just discussed provide the 
means by which genes can be introduced into pest insect 
species. Although these elements represent four different 
transposable element families, the transformation frequencies 
achieved, with some exceptions, are in the range of 1 to 10%. 
It seems likely that all will enjoy use as gene vectors in a range 
of insect species, and all may well be subject to interactions 
with endogenous transposable elements or other host factors 
present in these species. This is an important point that is not 
encountered by geneticists working on Drosophila. The 
recipient strains used for P element transformation are 
devoid of P elements (and any other related elements) and 
are deliberately chosen for this reason. This is not possible in 
other insect species in which the composition of the target 
genome with respect to transposable elements is unknown. 
Whether interactions with endogenous transposable 
elements and/or host factors occur at levels that detrimentally 
affect transgenic stability is an issue that must be addressed. 


Central to this is development of a complete understanding 
of how these transposable elements are regulated both in 
their original host species and in species into which they have 
been introduced. 


Genetic Markers 


The development of universal genetic marker genes, together 
with the identification of promoters to drive their expression 
in heterologous species, has played a major role in the 
extension of genetic engineering into nondrosophilid insects. 
Natural and modified forms of the green fluorescent protein 
(GFP) gene of the jellyfish, Aequeria victoria, have enabled 
transgenic insects in several species to be easily identified 
from nontransgenic siblings at most stages of development. 
These include D. melanogaster, C. capitata, B. dorsalis, Ae. 
aegypti, An. stephensi, Cx. quinquefasciatus, P gossypiella, T: 
casteneum, and S. calcitrans. In these species, the GFP gene 
has been placed under the control of a promoter that enables 
either organelle-specific or tissue-specific expression of the 
marker gene to occur. Examples of the former are the 
actin5SC and polyubiquitin promoters of D. melanogaster. 
Examples of the latter are the Pax6 and actin88 promoters. 
The actin88 promoter is from D. melanogaster and is 
specifically expressed in the indirect flight muscles of the 
pharate adult and adults. Pax6 is a member of the Pax family 
of transcription factors and is specifically involved in the 
development of the eye and central nervous system. 

The enhanced GFP (EGFP), cyan fluorescent protein 
(CFP), yellow fluorescent protein (YFP), and Ds Red forms 
of the fluorescent protein genes can also function as genetic 
markers in insects. 


OTHER APPROACHES TO GENETIC 
ENGINEERING IN INSECTS 


FLP/FRT Recombinase in Nondrosophilid Insects 


The FLP/FRT recombinase system of the yeast Saccharomyces 
cerevisiae can also function correctly in at least one 
nondrosophilid species. Plasmid-based excision and 
integration assays showed that the FLP recombinase enzymes 
could recognize and recombine FRT sites in the soma of 
developing Ae. aegypti embryos. Excision at the FRT sites was 
high—60% of plasmids examined had undergone an 
excision event mediated by FLP recombinase. Integration, as 
measured by the formation of heterodimeric plasmids arising 
from the recombination between two plasmids each 
containing an FRT site, occurred at a low, but statistically 
significant, frequency. The ability of the FLP/FRT 
recombinase system to function correctly in Drosophila and 
Aedes suggests that it should function across a range of insect 
species. It cannot, however, be used to directly genetically 
transform an insect species because to achieve this, FRT sites 
must first be introduced into the target genome by some 


other means, such as transposable elements. When combined 
with transposable element technology, this yeast recombi- 
nation system should allow investigators to undertake precise 
manipulations of both introduced and host DNA. This 
ability will be of particular importance if DNA sequences 
necessary for the movement of transposable elements need to 
inactivated, (e.g., for regulatory reasons) following initial 
integration of the element into the target genome. 


RNA-Mediated Interference (RNAi) in Insects 


RNA-mediated interference (RNAi) refers to the targeted 
disruption of gene expression arising from the introduction of 
double-stranded RNA (dsRNA) into the cell. This disruption 
is targeted only to RNA molecules homologous to the 
invading dsRNA. It was initially characterized in plants and 
in the nematode C. elegans but is now thought to be a general 
phenomenon of eukaryotic cells that enables them to 
overcome invasions of RNA viruses. The mechanism by which 
RNAi works is unknown. It does not work through a simple 
titration of nascent or messenger RNA as would occur for an 
antisense RNA-based mechanism because the RNAi response 
can be elicited by far fewer dsRNA molecules per cell than, 
target RNA molecules. A catalytic mechanism in which the 
presence of dsRNA induces the destruction of homologous 
cellular RNAs has been recently proposed. RNAi technology 
has been harnessed to allow the targeted inactivation of specific 
genes and will prove to be a valuable component of genomics 
projects in those species in which nucleic acids can be 
introduced into cells. In its original experimental design, the 
effects of RNAi were not inherited. RNAi technology has 
recently been combined with P transposable element 
technology in D. melanogaster to produce heritable RNAi- 
mediated gene inactivation. Thus it is possible to examine the 
function of genes expressed in later stages of development of 
this insect and also the generation of genetically stable mutant 
lines in which production of the dsRNA can be induced or 
terminated based on the promoter used to drive expression of 
the extended hairpin loop RNA. RNAi technology should be 
extendable into other insect species in which transformation 
systems exist, and its exploitation in insects such as mosquitoes 
will enable the effects of the selective inactivation of specific 
genes to be quickly determined. This will represent a signifi- 
cant advance over traditional methods of creating and isolating 
mutants in these insect species that have not traditionally 
been amenable to genetic analyses. 


EXAMPLES OF INSECT GENETIC ENGINEERING 
FOR INSECT POPULATION CONTROL 


Transgenic technology in nondrosophilid insects has already 
been applied to examine promoter function and gene expres- 
sion in transgenic lines of Ae. aegypti and C. capitata. In 
addition, recent work performed in D. melanogaster illustrates 
how transgenic approaches may be applied to pest insect 


Genetic Engineering 477 


control in the foreseeable future. This approach involves using 
transgenic technology to develop new genetic sexing strains. 
Although these experiments have been performed in D. 
melanogaster, the concepts are applicable to any insect species 
in which transgenic technology has been developed, and the 
ability to generate and test novel genetic strains in pest insect 
species should result from such additional experiments. 

Both systems were centered on exploiting the tetracycline- 
controlled transactivator (rTA) gene, which is inactivated in the 
presence of tetracycline. As a dietary component, tetracycline 
can readily be administered to Drosophila larvae in measured 
doses. Both systems consist of two components, which are 
combined in a single strain when transgenic lines containing 
each component are crossed. The rTA gene was placed under 
the control of the enhancer from the yolk protein 1 (yp1) 
gene of D. melanogaster. This enhancer results in fat-body- 
and female-specific expression of the yp/ gene. The second 
component of their system was a proapoptosis gene (head 
involution defective—hid), the expression of which leads to 
apoptosis and the death of the organism. The /id gene was 
placed under the control of the tetracycline operator (tetO), 
which contains the binding site for the rTA protein. Thus, in 
females the yp1-rTA gene is induced and, in the absence of 
tetracycline in the diet, the rTA protein binds to the tetO 
sequence and so induces the expression of the /id gene. All 
transgenic females that were raised in the absence of tetracycline 
and possessed both components of this lethal genetic system 
died. When tetracycline was added to the diet, the rTA protein 
was inactivated, and there was no female lethality. Males 
containing both components were unaffected on either diet. 

These experiments clearly demonstrate that transgenic 
technology can be used to construct efficient genetic sexing 
strains in at least one species of insect—D. melanogaster. The 
genes, promoters, and enhancers chosen to do so are 
predicted to be of generic use in insects. The tetracycline- 
controlled transactivator system is from bacteria and, given 
that it functions correctly in Drosophila, will most likely be 
applicable to all insects in which tetracycline, or its 
analogues, can be delivered in measured doses. Female- 
specific enhancers would be expected to exist in 
nondrosophilids, should the D. melanogaster enhancers not 
function correctly in these species. Similarly, should 
conditional lethal alleles of Drosophila genes not function in 
other species, it should be possible to generate analogous 
mutants either by established procedures or by employing an 
RNAi-based approach. The extension of these strategies into 
nondrosophilid insects requires, in the end, genetic 
transformation procedures and, as already discussed, several 
of these now exist for nondrosophilid insect species. 


CONCLUDING REMARKS 


For many years the absence of genetic transformation 
techniques for nondrosophilid insect species was seen as 
bottleneck for the full extension into these important pest 
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species of strategies based on molecular genetics. The 
development of successful transposable-element-based 
transformation technologies enables the potential of these 
strategies to be tested at last. Insect geneticists have at their 
disposal gene vectors, universal genetic markers, promoters 
that can be utilized in heterologous insect species, and many 
target genes to test and manipulate. In addition, as outlined 
here, there is reason to be confident that generic techniques 
such as gene tagging, enhancer trapping, homologous 
recombination, FRT/FLP recombination, and RNAi-based 
gene silencing can now also be applied to insects other than 
D. melanogaster. Reports of sex-specific lethal genetic systems 
working in Drosophila have been published, and there is 
every expectation that similar systems will soon be 
established and tested in pest insects. All these technologies 
are precise—targeting only the genes that investigators seek 
to change—and the effects on a laboratory population can be 
predicted and are unambiguous. How successfully these 
technologies can be extended into pest insects, both in the 
laboratory and in the field, will be a matter of some interest 
in the years ahead. 


See Also the Following Articles 
Drosophila melanogaster « Sterile Insect Technique 
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Genetic Variation 
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he genome, the entire collection of an organism's genetic 

material, provides the blueprint containing information 
that dictates all biological forms and functions. Without 
change, this blueprint would be passed identically to future 
generations, preserving past genetic structures that have 
proven to be successful, but also constraining potential future 
adaptation to new situations. Only when genetic variability 
is present can processes such as selection, genetic drift, and 
migration act to change the frequencies of genetic variants 
and in so doing allow evolution that may lead to adaptation 
and ultimately even speciation. Thus, understanding genetic 
variation—its origins, maintenance, and pattern of change— 
is critical to understanding the diversity of life. 


GENETIC VARIABILITY: TYPES AND ORIGINS 


How much genetic variation exists in natural populations? 
Before easy access to DNA sequences themselves, genotypic 
variants or polymorphisms were examined at the level of 
chromosome banding, particularly in the salivary glands of 
Drosophila, and through genetically based variation in 
enzymes as revealed through allozyme electrophoresis. 
Studies of enzyme variation in the mid-1960s by Lewontin 
and Hubby working with Drosophila pseudoobscura showed 
that an unexpectedly high number of loci were polymorphic 
(two or more alleles were found in 30% of all loci examined) 
and that over all loci nearly every individual was genetically 
unique. This work prompted the question of what was 
responsible for all this genetic variation, and in particular, did 
natural selection maintain this polymorphism or was the 
variation selectively neutral, being influenced only by 
processes of random genetic drift? That many loci are in fact 
polymorphic has been confirmed more recently with 
information directly from DNA sequences of both protein- 
coding and noncoding regions of DNA. 

How is this variation then expressed in the observable 
phenotype? The link between the genotype and the phenotype 
is often relatively straightforward. Many phenotypic traits are 
determined by only one or a few genetic loci. However, other 
traits are influenced not by one or two loci, but by many loci, 
each with a relatively small effect; here, the link between 
genotype and phenotype is described by quantitative genetics. 
Usually such traits have measurable genetic and environmental 
components and frequently an interaction between the two. 
For such traits, the amount of variation that is “genetic” is 
described as the heritability, usually denoted 4’, which can be 
estimated through breeding studies or by examining relatives 
of known genetic relatedness. Crosses of inbred lines that 
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process of network upgrades taking place today and already available with 4G technology 
(4.9G). The nevertheless remain a key enabler of 5G: 


[e) 


SDN (Software-Defined Network) is designed to disassociate the network’s control 
plane from its data plane, these two planes traditionally being linked and distributed 
in a set fashion in the network (see diagram below). Controlling the network, a task 
previously assigned to specialised and unscalable hardware components, is 
centralised in the form of software on more powerful servers and, in theory, free of 
equipment manufacturer specifications. This enables the deployment of high value- 
added services (load balancing, smart routing, dynamic configuration, etc.) in 
disparate environments. 
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Figure 12. Centralisation of the control plane in a software-defined network™ 


NFV, which builds upon SDN, is used to virtualise, in other words to replace hardware 
designed specially to perform certain key network functions (firewall, network core, 
interfaces between different systems...) with software on a server, to accelerate 
rollouts and enable rapid changes and upgrades. 


CloudRAN: this functionality, also know as centralized-RAN, requires a very different network 
architecture to what we find today. It is an evolution of SDN: the base stations’ signal 
processing units, currently installed at the base station level, are moved to the cloud and 
centralised. They communicate with the network radio heads, located closer to the antenna, 
over an optical fibre network (Radio over fibre technology). This centralisation makes it 
possible to obtain a complete overview of all of the stations deployed and to coordinate 
signal processing and manage interference between cells and devices 


www-igm.univ-mlv.fr/~dr/XPOSE2014/software-defined networking/sdn.html 
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differ in traits of interest can be used to determine the inheri- 
tance, approximate number, and relative importance of loci 
responsible for variation in those traits. In such analyses, loci 
responsible for variation in quantitative traits are termed 
quantitative trait loci. 

The origins of genetic variability rest in the processes of 
mutation, which are typically classified by the type of change 
caused by the mutational event. Mutations can arise through 
substitution (one nucleotide is replaced by another), 
recombination (crossing over and gene conversion), deletion 
(one or more nucleotides are removed), insertion (one or 
more nucleotides are added), or inversion (180° rotation of a 
double-stranded DNA segment). In protein-coding regions, 
some nucleotide substitutions do not change the amino acid 
for which they code and such substitutions are termed 
synonymous or silent. Substitutions that change the amino 
acid are termed nonsynonymous. Rates of mutation vary 
widely and can be influenced by the internal genetic 
environment as well as by the external environment. Aspects of 
the genetic environment that have been shown to affect rates 
of mutation include the functional role of the region (whether 
coding or not) and, for a given base, its position within a gene 
(e.g., stems or loops of ribosomal DNA) or within a codon 
(e.g., third positions change much more frequently than first 
or second positions due to redundancy in the genetic code). 
Rates of mutation are also affected by genome size and type, 
ie., whether organellar or nuclear. For example, in insects, 
rates of mutation for protein-coding regions are typically 
higher for haploid mitochondrial DNA than for diploid 
nuclear DNA, a fact usually attributed to a lack of an 
efficient mechanism for DNA repair in insect mitochondrial 
DNA. Recent findings have shown that parts of the genomes 
of organisms may originate from other sources. For example, 
recent research on Orthoptera and Diptera has revealed 
nuclear DNA inserts of what were previously mitochondrial 
genes, and transposable elements, highly mobile pieces of 
DNA, are likely widespread in insect nuclear genomes. Of 
course, rates of mutation are also affected by external 
environmental variables, such as temperature and radiation. 


MAINTENANCE OF GENETIC VARIABILITY 


At equilibrium, the gene frequencies in a population will not 
change from one generation to the next. This important 
concept has been formalized in the Hardy—Weinberg 
Principle (H-W), which forms the foundation for the 
general understanding of population genetics of sexually 
reproducing organisms and, by extension, the understanding 
of the genetic theory of evolution. H—W is best thought of as 
a population genetic “null” model. The basic idea is that a 
single generation of random mating results in genotype 
frequencies that are directly predictable by the frequency of 
alleles in the population, no matter what history gave rise to 
the current mixture. This concept results in the familiar 
equation for a system of two alleles at one locus, 


Genetic Variation 479 


p+ 2q+¢ =1, (1) 


where p and q are the frequencies of the two alleles in the 
population and p’, q°, and 2pq are the frequencies of the 
three possible genotypes (two 
heterozygote, respectively). A number of assumptions are 


homozygotes and 


explicit in H—-W, including random mating, infinite 
population size (i.e., no random genetic drift), no gene flow 
or migration, no mutation, and individuals all having equal 
probabilities of survival and reproduction (i.e., no natural 
selection). It is the study of deviations from these 
assumptions that makes the principle so useful, particularly 
for examination of nonrandom mating, genetic drift (chance 
events), gene flow and migration, and selection. 


ADAPTATION 


Genetic variation is fundamental to Darwin’s theory of 
evolution through natural selection, although when the idea 
was initially developed the mechanisms of inheritance were 
not yet known. Selection acts to favor some phenotypes over 
others, resulting in differences in relative fitness. The extent 
to which these phenotypes have a genetic basis determines 
whether those phenotypes that survive will pass on their 
attributes to their offspring. This process of genetic change 
through natural selection is termed adaptation. It can most 
readily be studied in recognizably polymorphic species, i.e., 
those in which genetic variability can be monitored over 
space and time. Accordingly, perhaps the best known study 
of natural selection in the wild is that of industrial melanism 
in the peppered moth, Biston betularia, in Britain. The 
typical form (typica) of this moth is light colored with black, 
pepper-like spots and is well camouflaged on lichen-covered 
birch trees. Following industrialization of certain areas of 
England, a darker form (carbonaria) started to appear in great 
abundance. This prompted the question, were the typical 
forms more subject to bird predation where the lichen on 
trees was soot covered and darker, leaving the darker forms in 
greater numbers? This issue was addressed by Kettlewell, in 
the 1950s, who manipulated the relative frequency of 
morphs and monitored their success. His findings were 
consistent with the hypothesis of predation—typica are eaten 
from dark backgrounds much more often than from light 
backgrounds, and vice versa for carbonaria. Further, a more 
recent reanalysis has demonstrated that, associated with the 
postindustrial reduction in pollution, there has been a shift 
to a lower frequency of the darker carbonaria forms. Still, a 
number of issues remain unresolved, demonstrating the 
difficulty involved in studying such systems in nature. For 
example, the carbonaria form was been found to persist even 
in areas relatively unaffected by pollution and two melanic 
forms have been shown exist in nature. 

Adaptation has been studied using a number of other 
genetically determined polymorphisms in nature as 
indicators of variability. These studies include not only the 
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now familiar color polymorphisms, such as are found in 
butterfly wing patterns, ladybird beetles, walking sticks, and 
happy face spiders, but also behavioral polymorphisms such 
as caste structure in social insects. Because of the relative ease 
by which polymorphisms can be measured phenotypically, 
and the often relatively simple genetic basis that underlies the 
variation, studies of polymorphisms have contributed much 
to the general understanding of natural selection in the field, 
particularly in demonstrating that selection can be a very 
powerful force and that balancing selection can maintain 
genetic variability. 


SPECIATION 


How much genetic divergence is necessary for two populations 
to maintain themselves as separate species? In part, the answer 
to this question depends upon how the species themselves 
were formed. In a study of allozyme polymorphism in 
allopatric populations (those found in different localities) 
within the Drosophila willistoni group in Venezuela, Ayala 
and colleagues showed that isolated populations of the same 
species were very similar genetically, with a mean genetic 
identity (the proportion of loci identical in two samples) of 
I = 0.970. However, the genetic identity was lower in 
populations that were practically reproductively isolated 
(termed “semispecies”; J ~ 0.8) and even lower in well- 
recognized, reproductively isolated sibling species (/ = 0.517) 
and closely related, but nonsibling, species (J = 0.352). 

Species formed in sympatry (i.e., in the same locality) 
might potentially be more similar genetically than those 
formed in allopatry, particularly if only a small number of 
loci are important for initial divergence. Sympatric speciation 
is most commonly associated with true fruit flies 
(Tephritidae) in the genus Rhagoletis. Bush in the 1960s 
suggested that speciation in these flies may have occurred 
following shifts in host use within the same habitat. He 
offered as an example of the process the host shift of the 
apple maggot, Rhagoletis pomonella, from its native hawthorn 
host to introduced apples in New York State in the 1860s. 
There was considerable resistance initially to the concept of a 
nonallopatric mode of speciation. However, more recent 
work by Bush and colleagues has provided a convincing case 
for sympatric speciation in Rhagoletis, with differences 
between species being maintained through genetic control of 
emergence times on the different hosts. There also exists at 
least partial premating reproductive isolation associated with 
host-plant fidelity. Berlocher in 1976 measured the mean 
genetic identity between R. pomonella and two other 
different species of Rhagoletis that were likely formed in 
sympatry through host shifts and found the species to be 
nearly identical genetically (7 = 0.980 and J = 0.989) and 
significantly more similar than were Rhagoletis species formed 
in allopatry and the Drosophila species noted above. 

The conclusion from these studies is that the average 
genetic divergence itself is not critical for speciation, nor for 


the maintenance of reproductively isolated species, but rather 
that the effects of a small set of nonrandom loci may be 
important in species formation. Recent advances by Feder, 
facilitated through better understanding of the Rhagoletis 
genome, and by others studying Heliconius butterflies and 
pea aphids suggest that changes in only relatively few 
functional loci can lead to rapid speciation. 


THE IMPORTANCE OF GENETIC VARIABILITY 


How important is genetic diversity itself to the persistence of 
insect populations? This question is difficult to answer. Clearly, 
the presence of resistant alleles in pest populations has led to the 
development of resistance to numerous insecticides or to the 
development of virulence on resistant plant varieties. For 
example, it is not uncommon to find alleles for resistance in 
mass screening that takes place through field applications of 
insecticides or in the field use of transgenic plants expressing 
insecticidal proteins. By contrast, it is more difficult to detect 
such alleles in laboratory studies in which only a relatively 
small handful of individuals are sampled. Yet, for many 
species, genetic diversity seems to matter little. Many 
parasitoids, for example, are notoriously lacking in genetic 
polymorphisms, perhaps as a result of years of brother-—sister 
mating. Invasive species such as the Mediterranean fruit fly, 
Ceratitis capitata, have reduced genetic variability, likely as a 
result of successive population bottlenecks, yet survive well 
while expanding their range. Indeed, the lack of variability 
may explain the success of some invasive species. Invasive 
populations of the Argentine ant, Linepithema humile, for 
example, have lost the genetic ability to distinguish one 
colony from another, thus escaping from population control 
imposed by intercolony conflict. 

In these examples, high levels of genetic variability do not 
seem to be important for survival. However, it should be 
noted that the pests and invasive species that are the largest 
economic problems are only a very small sample of the 
diversity of insect species and that these species have 
experienced selection over many generations to be successful 
as pests or invasives. During this period such species may 
have overcome potential genetic obstacles associated with low 
levels of genetic variability. In natural populations of insects, 
however, the importance of genetic diversity still remains 
poorly understood. 


APPLICATIONS 


The genetic variability held within individuals and popula- 
tions can provide critical insights into the structure and 
dynamics of populations that would otherwise be difficult or 
impossible to study. For example, variation in allele frequencies 
among populations can be used to assess the genetic structure 
of populations, summarized by Fey (calculated as the variance 
in allele frequencies standardized by the mean) or related 
measures. From these measures, with appropriate assumptions, 


it is often possible to infer additional information on the 
biological dynamics in those populations, including attributes 
such as effective population size (/V.), degree of inbreeding, 
and rates of gene flow or migration. Genetic variability also 
provides the opportunity for tracing the history of 
populations, species, and their ancestors through methods 
that recognize the genealogical nature of genetic material. 

A second application that uses information on genetic 
variation is in the area of insect pest management. For 
example, an understanding of the genetic basis of resistance 
to chemical insecticides (whether administered externally or 
through genetic modification of plants) has been critical in 
the development of strategies to delay the evolution of 
resistance in herbivorous insects. Genetic variability is also 
important in the ability of insects imported for biological 
control to establish themselves, as well as in their potential to 
attack nontarget hosts. 

Finally, genetic information has been of great value in the 
area of conservation biology and biodiversity, as for example 
in efforts to determine which insect species or populations 
are most worthy of protection. Specific applications include 
genetic estimation of population sizes and spread and assess- 
ment of genetic or phylogenetic uniqueness for assignment of 
conservation priorities. The full value of such measures based 
on genetic variability has yet to be realized, and future 
developments will almost certainly provide further insights 
into both past histories and future trajectories. 
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G rasslands are plant communities that are based on grasses 
and herbs, and in which shrubs are rare and trees are absent. 
Perennial grasses represent the dominant species of grasslands, 
and make up the largest portion of their biomass, but not 
necessarily of their species richness. Grasses are often followed 
by legumes in abundance and herbs from many other plant 
families. Grassland is the natural vegetation in areas of low or 
strongly seasonal rainfall (250-1000 mm), but naturally 
occurring mammalian herbivory (e.g., by elephants) may also 
effectively suppress establishment of trees. Grasslands 
naturally encompass a wide range of habitat and vegetation 
types and span a large latitudinal gradient, from tropical 
grassland (savannas) to temperate grassland (the prairie in 
North America and the steppe in Eurasia) to the arctic tundra, 
totaling about 25% of the earth’s land surface. Herbivory in 
temperate grasslands is dominated by insects, whereas large 
ungulate herbivores dominate in tropical grasslands. The 
temperate meadows and pastures are seminatural grasslands 
growing in essentially deforested areas with a forest climate, 
and their succession to forests is inhibited by mowing, 
burning, and human-controlled grazing. 


INSECT COMMUNITIES ON GRASSLANDS 


Grasslands are habitats for many insects and may harbor an 
extraordinarily species-rich community. One temperate old- 
field grassland may be habitat for more than 1500 insect 
species, whereas cereal fields, which are monocultures of 
annual grasses, may contain 900 species. Compared to 
forests, the structural complexity of the grassland vegetation 
is obviously simpler, so that the insect diversity is reduced. 
Similarly, the litter layer of forests is larger and more 
heterogeneous, with a correspondingly richer decomposer 
community. Further features of grassland-specific insect 
communities include the dominance of species adapted to 
feed on grasses. 

Plant and insect communities of grasslands greatly differ 
depending on climate, soil type, and management practices. 
Some marked differences are apparent between the plant—insect 
communities of temperate and tropical habitats. Plant species 
richness, which determines much of the insect diversity, may 
be only 10 to 15 species in intensively managed and highly 
fertilized grasslands, but 50 to 70 in extensively managed and 
low-input temperate grasslands. In contrast, tropical grasslands 
may contain over 200 plant species. Chalk-rich temperate 
grasslands with abundant earthworm populations tend to 
support the highest faunal biomass (often >100 g fresh mass 
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per square meter), whereas arid and semiarid steppe and 
desert soils, dominated by microfauna such as protozoans 
and nematodes, may have a biomass of only 1 g/m. Tropical 
grasslands and tundra tend to be somewhere in-between. 
Termites and ants are dominant groups in tropical and sub- 
tropical grasslands, some surface-dwelling predatory arachnids 
such as scorpions and solifugids are restricted to warm, arid 
soils, and cold tolerance limits the range of many species in 
arctic and antarctic conditions. The ways in which insect 
communities of grasslands are influenced will be the subject 
of the remainder of this article. 

Which insect species attack grasses, and what are the typical 
plants of grasslands? Ectophages, which feed externally on 
leaf tissue by chewing, scraping, or sucking, are distinct from 
endophytic feeders, which include leafminers, gallers, and 
borers. Grass foliage-chewing insects belong primarily to the 
Orthoptera, Lepidoptera, Coleoptera (mainly Chrysomelidae 
and Curculionidae), Hymenoptera (Tenthredinidae), and 
Phasmida. Of the specialized grass chewers in Great Britain 
<2% are Coleoptera, 6% Lepidoptera, 6% Hymenoptera, 
and 41% Orthoptera (the grasshoppers). Specialization on 
grasses appears to be particularly important in grasshoppers, 
and their abundance in grasslands is high. Sap-feeders on 
grasses are Homoptera (Auchenorrhyncha, Sternorrhyncha, 
Pseudococcidae), Heteroptera (mainly Miridae), and 
Thysanoptera. The endophagous, mostly stem-boring 
herbivores belong primarily to the the Diptera (mainly 
Cecidomyiidae, Chloropidae, Agromyzidae), Hymenoptera 
(Cephidae, Eurytomidae), Lepidoptera (mainly Pyralidae, 
Noctuidae), Coleoptera (mainly Cerambycidae, Mordellidae, 
Chrysomelidae), and mites (Acari). 

The number of endophagous insect species associated with 
grass species can be predicted by (1) the annual—perennial 
dichotomy (annuals, in contrast to perennials, support almost 
no endophagous insects); (2) the mean shoot length; and (3) 
the abundance of the host plant. Annuals have impoverished 
communities and both shoot length and abundance are posi- 
tively correlated with insect diversity. Plant height is usually 
a surrogate for the complexity of the plant architecture and, 
generally, a well-known predictor of plant—insect ratios. 
Furthermore, the more widely distributed and abundant a 
plant is, the more insects it should encounter in its evolution- 
ary history. Annuals, which typically dominate in early- 
successional habitats, are characterized by a faster relative 
growth rate than perennials and, therefore, a short exposure 
time, so that they are a spatiotemporally unpredictable resource 
for insects. 

Grasses (which are monocots) are hosts of many 
specialized endophagous insects and a multitude of 
ectophagous insects, a pattern that shows no principal 
difference from that of dicots. Host-plant preferences of 
oligophagous grass feeders often differ between grass species. 
Even more, variability among the many commercially 
available strains of the perennial ryegrass Lolium perenne to 
frit fly (the stem-boring chloropid fly Oscinella frit) attack is 


greater than the variability between many pasture species. 
Attack of many species, such as frit fly, are negatively 
correlated with silica content, which presumably influences 
the females’ choice of oviposition site and larval performance. 
Further, wild biotypes are often better resources than grasses 
grown from commercially available seeds and support richer 
insect communities, which may be of importance for sowings 
with a nature-conservation background. 


GRASSES AS FOOD RESOURCE 


Grasses make up the largest portion of the grassland biomass; 
consequently, the insect communities of grasslands are 
determined more by the monocotyledonous Poaceae than by 
the dicotyledonous herb families. Grasses differ from the 
Dicotyledonae in that their architecture is simple, and the 
intercalary meristems, which substitute for growth from 
terminal buds, are protected by hard leaf sheaths. Most grasses 
lack the variety of secondary compounds that deter herbivory 
in most dicotyledons. For example, cyanogens and toxic 
terpenoids are rare, and alkaloids are present in <0.2% of grass 
species but in 20% of all vascular plants. Grass-feeding insects 
such as the oligophagous grasshoppers select their pooid- 
grass host plants in that they simply reject plant tissues 
enriched with secondary compounds (deterrents), while no 
phagostimulants characterizing grasses as a group have been 
found. Grasses are not toxic, but this does not mean that they 
are little protected from herbivory; just the contrary is true 
(see below). 

Endophytic fungi have been considered acquired chemical 
defenses in grasses, and the main mechanism is the produc- 
tion of mycotoxins, notably alkaloids. The presence of these 
seed-borne Neotyphodium endophyte fungi may cause dramatic 
toxicosis to grazing livestock, best known from L. perenne and 
Festuca arundinacea. \n addition to deterring vertebrate her- 
bivory, these endophytes are also well known for increasing 
resistance to insect pests, microorganisms, and drought. 
Endophytes may also alter attack of natural enemies in that 
they enhance larval development time of the herbivore (the 
slow growth-high mortality hypothesis) or directly affect 
immature enemies, e.g., parasitoids feeding on the toxic 
tissues of their hosts. 

Within and among grass species, a considerable chemical 
and morphological variability may be found. Nutrient avail- 
ability of grass shoots is greatly determined by the shoots’ 
age. Fresh internodes have high concentrations of the major 
nutrients (water, protein, minerals) and reduced concentra- 
tions of plant-resistance factors (raw fiber, silicate). High 
levels of plant nitrogen are generally associated with a high 
assimilation efficiency and density of phytophagous insects. 


HERBIVORE-PLANT INTERACTIONS 


Long-term experiments with chemical control to eliminate 
insect herbivores indicated an average annual yield loss of 


15%, and nematode control increased biomass by 12 to 
28%. The biomass losses appeared to be mainly the result of 
frit fly and other stem-boring Diptera, which kill the central 
grass shoots, root-feeding wireworms (Agriotes spp., 
Elateridae), root-feeding scarabeid grubs, the range 
caterpillar Hemileuca oliviae, armyworms (Spodoptera spp.), 
grass worms (Crambus spp.), the Mormon cricket (Anabrus 
simplex), and leatherjackets (Tipula spp., in wetter soils). 
Planthoppers (Auchenorrhyncha), grass bugs (genera Labops, 
Irbisia, Leptopterna) and grasshoppers (Acrididae), and plant- 
feeding nematodes may also be important pests. In Sweden, 
the grass-feeding antler moth Cerapteryx graminis may reach 
densities of 100 to 1500 individuals per square meter; their 
corresponding effects on grass biomass consequently enhance 
herb populations. In the years following C. graminis 
outbreaks, shifts from herb dominance to renewed grass 
dominance show effects of competitive release and the return 
to competitive exclusion. 

In temperate grasslands, the below-ground standing crop 
of insects is 2 to 10 times greater than the aboveground insect 
mass, although the effects of below-ground insects remain 
largely unseen, unless scarabeid beetle larvae or nematodes 
cause heavy decreases in shoot growth or even kill grass over 
large areas. In a latitudinal gradient across North American 
grasslands, root-to-shoot ratios vary from 2:1 to 13:1, with 
high values in cooler climates; tropical grasslands have even 
lower ratios (0.2:1 to 2.6:1). As can be expected from these 
data, the soil fauna is less abundant in tropical savannas and 
forests compared to temperate ecosystems. Earthworms 
usually dominate the soil biomass, but in the tropics, termites 
and ants are particularly important. These below-ground 
species can be a key in nutrient dynamics determining plant 
growth and aboveground plant—insect interactions. 

Grasses are well adapted to herbivory and, in general, 
tolerate grazing better than herb species; therefore enhanced 
grazing pressure increases the fraction of grasses in pastures. 
The high resistance, tolerance, and compensatory ability of 
grasses are the result of (1) the generally high silicate content, 
lignification of vascular bundles, and additional sclerenchyma 
in mature leaves that make foliage hard to chew and digest; 
(2) the rapid induction of dormant buds that develop into 
lateral shoots following defoliation or destruction of apical 
meristems, which is based on the below-ground nutrient 
reserves; (3) the location of meristematic zones that are in 
many instances near the ground and not at the top of the 
plant, where they would be better accessible to grazers; and 
(4) the compensatory photosynthesis and growth stimulation 
by bovine saliva, which may also play a role. However, the 
concept of a herbivore-optimization curve or even grass-grazer 
mutualisms overestimates the compensatory abilities of grasses 
and grasslands. 

Grazing causes much sprouting from dormant buds and 
converts tall canopies into shorter and denser grazing lawns. 
Heavily grazed pooid populations are smaller and have higher 
silicate concentrations, exhibiting ecotypic variation as a 
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result of different grazing histories. The mitigation of preda- 
tion by the highly silicified grasses is presumably not confined 
to mammals, because the mandibles of many grass-chewing 
insects are adapted to biting and grinding and are analogous 
to the teeth of grazing mammals. Although the evolution of 
siliceous grass leaves appears to be driven by many stress 
factors (including drought and fungal attack), both mammal 
and insect herbivory may have been important factors. 


CONSERVATION OF SPECIES-RICH GRASSLANDS 


Insect diversity in grassland ecosystems can be best predicted 
by floral diversity or related characteristics of vegetation 
structure, especially biomass and structural heterogeneity of 
the plant community. Species richness of butterflies, wild 
bees, phytophagous beetles, true bugs, etc., was found to be 
positively related to the species richness of plants. However, 
age of the habitat as well as fragment size is known to 
disproportionally enhance the number of species in higher 
trophic levels. The fraction of specialized predators and 
parasitoids increases greatly with area and age of grasslands, 
although the plant species richness may respond little. 

Intermediate levels of vegetation disturbance, caused by 
ants, rodents, foxes, rabbits, sheep, and other mammals, 
significantly increase species richness of vegetation with 
consequent effects on the insect community. For example, 
gaps reduce the likelihood of competitive exclusion in a plant 
community when space is monopolized by a few dominant 
species. The openings are rapidly exploited by seedlings. 
Rotational management also may enhance grassland 
heterogeneity, creating a mosaic of old and young, tall and 
short, early and late successional patches. 

Mineral or organic fertilization of meadows or rangeland 
increases biomass and may also enhance palatability of the 
nitrogen-rich foliage, resulting in higher insect densities. But 
the main result of continued grassland fertilization is a steady 
reduction in plant species richness with a corresponding loss 
of insect species. 

Grasslands established by sowing are colonized in the 
beginning by relatively few insects. As these grasslands age, 
communities become more species rich in both plants and 
insects, and the biotic interactions, such as between predators 
and their prey or parasitoids and their hosts, increase. Ants 
and subterranean insects are absent on newly created fields 
because establishment of nests and populations needs time, 
and their highest densities occur in mature grasslands. 
Percentage of macroptery (i.e., those with full wings) in 
dimorphic insects such as grass-feeding planthoppers is high 
in early successional habitats, whereas brachypterous (short- 
winged) species dominate in persistent habitats. 

The destruction and fragmentation of habitats has become 
one of the major threats to biodiversity. Not all insect species 
are equally affected by habitat fragmentation: species of higher 
trophic levels, rare species, species with specific habitat require- 
ments, species with greatly fluctuating populations, and species 
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with poor dispersal abilities are expected to be more prone to 
extinction. For example, butterfly communities on calcareous 
grasslands show positive species—area relationships, and the 
most specialized and endangered butterflies profit most from 
large grassland fragments. For a few butterflies, morpho- 
logical characters associated with flight ability have been 
shown to change with isolation of limestone habitat 
fragments. This indicates that habitat fragmentation in simple, 
human-dominated landscapes may also have evolutionary 
consequences for the life-history traits within populations. As 
a result of changes in community structure, interspecific 
interactions such as plant—pollinator interactions may be 
disrupted. Grasses are wind-pollinated, but most herbs, such 
as the many legume species that typically play a major role in 
nutrient-poor or extensively managed grasslands, depend on 
insect pollination. Populations of pollinating bees need nectar 
and pollen resources as well as suitable nesting sites. Both may 
be limiting in small grassland fragments, and so very small 
plant patches usually receive fewer pollinator visits. Plant 
ecologists have found clear evidence that pollination efficiency, 
gene flow by pollen dispersal, and seed set are reduced in 
small calcareous grasslands. Habitat fragmentation is known 
to also affect specialized populations of higher trophic levels, 
for example, in a plant—herbivore—parasitoid food chain. 
Communities of monophagous butterflies show a steeper 
increase with the area of grasslands than communities of 
plants. Theoretical models and empirical evidence show that 
specialized parasitoids (and predators) suffer even more, so 
that food chain length tends to be shortened and herbivores 
tend to become released from possible control of their 
natural enemies. 

Habitat quality of species-rich grasslands such as the 
calcareous grasslands mainly depends on the opposing forces 
of management (see below) and succession. Speed of 
succession may be related to fragment size because late- 
successional shrubs and trees often invade from the edge. 
Abandoned grasslands will often increase in species richness 
of both plants and insects, but they will certainly decrease on 
late-successional grasslands (for example after 10-20 years of 
abandonment), when shrubs and trees become dominant. 
Many specialized butterflies mainly occur on regularly mown 
or grazed calcareous grasslands as they appear to rely on 
warm microclimates and host plants associated with only 
sparse vegetation (Fig. 1). The rare British butterfly Hesperia 
comma prefers small plants of the grass Festuca ovina 
surrounded by sunny bare ground and nectar resources as 
oviposition sites. Death of rabbits from the myxomatosis 
virus appeared to enhance population declines of this 
butterfly, because the reduced rabbit populations caused less 
grazing. Ground-nesting species such as solitary bees are also 
more abundant on regularly mown or grazed grasslands, 
because the sparse vegetation and open soil provide nesting 
sites and thereby greatly enhance populations. In contrast, 
aboveground-nesting solitary bees are enhanced by dense, 
high, and woody vegetation that offers the necessary plant 





FIGURE 1 Calcareous grasslands belong to the most species-rich habitat 


types in Central Europe and depend on annual cutting or grazing (near 
Géttingen, Germany, photograph by Jochen Krauss). 


material for nest construction. Altogether, species will profit 
from early-, mid-, or late-successional stages depending on 
their life-history traits, and highest overall diversity should be 
conserved with a mosaic of different successional stages. 


MANAGEMENT OF GRASSLAND 


Cutting, grazing, and burning are typical methods of 
grassland management. As management alters plant growth 
and vegetation structure profoundly, the community of 
associated insects will also change. The insects’ responses 
greatly differ between functional and taxonomic groups, and 
consequently it is often difficult to decide which 
management strategy is best in the conservation of overall 
diversity. Closely cut (or grazed) grasslands typically have an 
impoverished insect fauna. This is partly the result of 
pronounced vertical stratification of species using different 
parts of the sward canopy during the growing season (Fig. 2) 
and has been shown for planthoppers and leafhoppers 
(Auchenorrhyncha) as well as phytophagous beetles 
(Coleoptera). In particular, cutting affects flower visitors, 
pollen feeders, and grass-seed feeders among the gall midges 
(Cecidomyiidae) and other groups (Miridae, Chloropidae, 
Thripidae). In general, vegetation height and, therefore, the 
structural complexity of grasses decrease with intensity of 
grazing or mowing, and the complexity of plant architecture 
is a good predictor of insect species richness. The positive 
correlation between aboveground plant biomass and insect 
species richness is well established, whereas root feeders and 
other soil invertebrates are often more abundant at 
intermediate levels of grazing or mowing (of temperate 
grassland) than on unaffected patches. When grassland has 
been left unmanaged for a few years, the hemipterous and 
coleopterous fauna quickly recovers. With increasing number 
of mowings per year, which may be best observed in the 
sometimes extremely often mown urban turf-grass areas, 
species richness of both plants and insects (e.g., planthoppers 
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FIGURE 2 The stem-boring insects feeding on pure stands of the grass 
Calamagrostis epigeios. Height of attack (arithmetic means and 95% confidence 
limits) is given for each of the 10 species. (Reproduced, with permission, from 


M. Dubbert, T. Tscharntke, and S. Vidal, 1998, Ecol. Entomol. 23, 271-280.) 


and true bugs) becomes extremely poor. Moderate cutting or 
grazing may promote grasshopper populations, possibly 
through tillering rejuvenation or through changes in the 
proportions of nutritious grasses. Because the quality of grass 
shoots as a food resource declines with age, the induction of 
tillers and side shoots by cutting make nutritious food 
available later in the season (for example, for the populations 
of many grasshoppers and enhanced infestations of stem- 
boring Diptera). In conclusion, the effects of cutting or 
grazing on insect communities can be divided into short- 
term effects (simplification of plant architecture, regrowth of 
young and nutrient-rich plants) and long-term effects caused 
by changes in the structure of plant communities. 

Grazing adds to the effects of cutting in that grazers feed 
selectively on the more palatable plants, compress or loosen 
the ground by trampling, and fertilize grassland patches by 
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urination and the deposition of dung. Accordingly, the 
changes in the plant community following grazing affect 
insect community structure in a complex way and make the 
habitat more heterogeneous than a homogeneous cutting 
regime. Further, grazing is a gradual form of vegetation 
removal, except at high stocking densities, and thereby differs 
from the large-scale disturbance of cutting (or burning). 
Cattle feed on taller vegetation than sheep and may open up 
tall vegetation. The cattle’s trampling effects are usually high 
compared to those of sheep and enhance vegetation 
heterogeneity with disturbed and bare areas that improve 
habitat quality of many invertebrates. High cattle densities, 
however, lead to short and uniform swards and create 
problems due to vegetation damage, especially on wetter soils 
and on slopes. Most of the nutrients removed by grazing are 
returned through the deposition of urine and dung. Cow 
dung harbors a unique and speciose insect community. The 
breakdown of ungulate dung in temperate environments is 
enhanced by fly maggots, such as Scatophaga sp. and dung- 
burying beetles such as the scarabeid Geotrupes sp. 
Deposition of bovine dung poses no problems where bovines 
have an evolutionarily associated fauna that exploits the fecal 
resources. However, in Australia, native detritivores could 
not process cow dung because cows were brought over by the 
first English colonists only at the end of the 18th century. 
The loss of pasture under dung has imposed a huge economic 
problem to agriculture in Australia, and only the decision in 
1963 to establish African dung beetles there led to a solution. 

Burning grassland is less common in Europe than in 
America or Australia, where burning is a widespread natural 
phenomenon. Burning, like cutting and grazing, tends to 
produce a greater floristic uniformity, and it is considered to 
be very detrimental to grassland invertebrates. Controlled 
burning has been suggested as an alternative to chemical or 
biological control of pest arthropods. Direct effects are 
diverse, depend on the intensity of the burn, and include the 
escape of many flying insects as well as few changes in many 
soil insects. Indirect effects are the xeric conditions after 
burning and the mineral-rich regrowth after burning, which 
for many animals is a superior resource quality. 


See Also the Following Articles 
Biodiversity ¢ Plant—Insect Interactions ¢ Soil Habitats 
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reenhouse gases, the gases involved in determining the 

Earth’s average temperature and climate, are accumula- 
ting at a rapid rate within the atmosphere. Such gases include 
carbon dioxide, methane, nitrous oxide, ozone, and chloro- 
fluorocarbons. By far the most important of these is carbon 
dioxide, CO;, whose contribution to the total greenhouse gas 
warming effect is at least 50%. For this reason, nearly all 
research pertaining to insects and greenhouse gases has 
focused on the response of insects to elevated levels of CO). 
Global atmospheric carbon dioxide levels are increasing at an 
astonishing rate, mainly because of the burning of fossil fuels. 
The atmospheric concentration of CO, has increased from a 
preindustrial level of about 270 ppm to a current level of 
about 365 ppm, an increase of nearly 100 ppm or 35%. 
According to some reports, the atmospheric concentration of 
CO, will likely stabilize at four times the preindustrial levels. 
Most studies indicate that CO, levels will at least double 
from preindustrial levels over the next five to ten decades. 
This increase represents one of the most large-scale and wide- 
reaching perturbations to the environment. 

Many of the changes in insect populations likely to result 
from elevated CO, will be brought about by changes in plant 
chemistry. The chemical changes in plants result from 
increases in plant carbon, decreases in nitrogen, and increases 
in levels of defensive compounds such as phenolics. In 
addition, global warming, which will result from elevated 
levels of greenhouse gases, may increase the reproductive 
capabilities of some insects and change their distributional 
ranges. This could change the abundance of some pest 
species and disease vectors. Some of the myriad effects of 
elevated CO, on insects are summarized in Fig. 1. 


STUDYING THE EFFECTS OF GREENHOUSE 
GASES ON INSECTS 


Most published studies on the effect of CO, on insects tell of 
experiments in which plants and insects are confined to CO, 
levels of 700 to 710 ppm, or about double the current level. 
Such experiments are typically conducted in the laboratory, 
where well-watered potted plants are grown in nutrient-rich 
soil and maintained under elevated CO, for several months. 
Insects are introduced onto these experimental plants, and 
their feeding rates and performance are measured. 

Studying the effects of elevated CO, on altered tempera- 
ture and rainfall patterns, and the effects on insects of these 


modifications of the environment is much more problematic. 
It is not easy to warm whole communities in the field, except 
through the use of greenhouses—which tend to change many 
other features such as precipitation patterns. Thus the effect 
of temperature is often studied on laboratory populations. In 
addition, mathematical models are used to determine the likely 
range alterations of plants and insects in the face of increased 
global temperatures and changes in precipitation patterns. 


CHANGES IN PLANT CHEMISTRY 


Plants commonly respond to elevated CO, by increasing 
their rates of photosynthesis. Higher rates of photosynthesis 
usually result in higher accumulations of carbon-rich 
carbohydrates. Furthermore, the increased atmospheric CO, 
levels mean that stomatal conductance is reduced because 
plants can get sufficient atmospheric CO), into their leaves 
even when their stomates are closed more often. A reduction 
in stomatal conductance results in greater efficiency of water 
use by plants, because less water is lost through transpiration. 
Both these factors have important effects on plant chemistry. 

First, increased carbon uptake by plants results in higher 
plant growth rates, with leaf area index, woody biomass, and 
below-ground biomass sometimes increased by as much as 25 
to 50%. Despite the increase in plant growth, there is usually 
no increase in the availability of soil nutrients, particularly 
nitrogen, and these nutrients must be spread further among 
the available plant biomass. The usual result is a decrease in 
total plant nitrogen because nitrogen is diluted over the entire 
plant. Herbivore growth is most often limited by nitrogen 
rather than by carbon, so that plants grown in atmospheres 
of elevated CO, become poorer quality forage. Plant—water 
content usually affects digestibility, so that the poorer quality 
diet is partly offset by an increased ease of digestion. 

The second major change in plants grown under conditions 
of elevated CO}, namely, is a change in the ratio of carbon to 
nitrogen (C:N), as described in the preceding section. This 
has major implications for the concentration of defensive 
compounds in the leaves, the so-called secondary chemicals. 
Carbon-based secondary chemicals often increase and deter 
insect feeding. The overall effect of increased CO, on insect 
herbivores is to decrease plant palatability because of decreases 
in nitrogen levels and increases in secondary chemicals. 

For secondary chemicals, the increases seem to be greatest 
for soluble phenolic compounds, especially condensed tannins, 
which are found in a variety of trees, especially oaks. These com- 
pounds are known to negatively affect many herbivorous insect 
species. Yet for other defensive compounds, such as linear fura- 
nocoumarins, found in celery, and monoterpenes and sesquiter- 
penes, found in peppermint, little increase has been noted. 


CHANGES TO INSECT HERBIVORE FEEDING 


There have been over 40 studies of the performance of insect 
herbivores of various types under conditions of elevated CO). 
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FIGURE 1 Schematic representation of the effects of elevated CO, on insects. 


The majority of these, over 80%, have been conducted with 
leaf-chewing insects, especially lepidopteran caterpillars. The 
most commonly reported change is that food consumption 
increases as the insects struggle to obtain sufficient nitrogen 
in their diet. The efficiency of food conversion to insect 
biomass (conversion efficiency) decreases, probably because 
of the increased concentration of secondary chemicals, such 
as tannins, which bind digestive enzymes and render them 
less effective. Thus, it takes insects much longer to develop, 
and their final weight is often reduced. Early instars seem to 
be more susceptible than late instars. Of course such changes 
in diet could, in theory, be partly offset by the increase in 
digestibility due to the increased water content. However, at 
least in the studies done so far, the net outcome of elevated 
CO, on herbivorous insect digestibility has been negative. 
The responses just outlined may vary somewhat according 
to the feeding guild of insects involved. Thus, chewing 
insects, which often digest the whole leaf and encounter both 
reduced nitrogen levels and increased defensive compounds, 
are particularly susceptible to changes in nitrogen and 
phenolics. Insects that feed in a different way may be less 
susceptible. Phloem and xylem feeders in particular may be 
less affected by CO, because they feed on plant sap, which is 
low in defensive compounds. Seed feeders also may be less 
affected by increased CO, because these plants try to 
maintain high levels of nitrogen in their reproductive parts. 
In cotton, for example, the C:N ratio of cotton balls is 
unaffected by elevated CO, and lepidopterans feeding there 
are unaffected. The concern is that pest insects could be 
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stimulated to feed on these reproductive parts when the 
quality of the remainder of the plant decreases, which in turn 
would increase the pest status of some insects. 

Of course CO, has also the direct effect of increasing 
temperature via the greenhouse effect, which may stimulate 
feeding activity because of increased metabolic rate in higher 
temperatures. Studies on the green peach aphid, Myzus 
persicae, a pest of many crops, suggest that elevated 
temperature increases aphid population growth rate and thus 
the likelihood that aphids will become more important pests 
in the future. In this case, both elevated CO, and elevated 
temperature increased aphid densities in experiments. Since, 
however, very few experiments have examined both CO, 
concentration and temperature in factorial experiments, the 
generality of the aphid results is unknown. It is also possible 
that the effects of elevated CO, and elevated temperature 
could cancel each other out for other insect species, especially 
leaf chewers. 


EFFECTS OF CHANGED PLANT CHEMISTRY ON 
INSECT DENSITIES AND MORTALITIES 


There has been relatively little research into how CO,- 
mediated changes in plant chemistry affect insect densities 
and mortalities. This is because most plant—insect work has 
been done in laboratory conditions, where insects are fed 
foliage grown in elevated or ambient CO), and insect weight 
gains, losses, and digestibility coefficients are measured. To 
predict the effects of elevated CO, on insect densities, a 
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population must be established on CO,-treated foliage. 
However, in the few cases where insects have been reared from 
first instars through to pupae and adults, a significant decrease 
has been found in resultant population sizes in over 30% of 
the cases. This is usually because nutritionally inadequate 
foliage kills the immature insects. In some species (e.g., 
leafminers), we can get a good estimate of host-plant-induced 
mortality. Here, larvae that die from nutritional inadequacy 
are entombed with the leaf and can be counted, permitting 
an accurate assessment of deaths induced by the host plant. 

To study the effects of elevated CO, on the interactions of 
insect herbivores with their natural enemies, such as 
predators and parasites, whole communities containing 
insect herbivores and their predators, parasites, and diseases 
are exposed to elevated CO;. Such community-wide 
exposure has proved to be very difficult to achieve in the 
laboratory. Only where whole communities of plants and 
insects are exposed to elevated CO, in the field is it possible 
to fully address the effects of CO, on natural enemies. 
Experiments like this are very costly to do because of the 
huge quantities of CO, needed to arrive at a large enough 
increase in CO, under field conditions. However, it is widely 
thought that the net result of increased plant consumption 
and slower growth by herbivorous insects in elevated CO, is 
likely to result in increased exposure to natural enemies. For 
example, consumption of additional foliage increases the 
probability of ingestion of viruses or pathogenic bacteria, 
such as Bacillus thuringiensis, which can cause death. Once 
again, leafmining insects are a valuable study organism with 
which to examine the effects of elevated CO, on attack rate 
by natural enemies. This is because the leafmines themselves 
leave a permanent record of the fate of the insect inside. 
Parasite larvae can often be found within a mine, or the 
emerging adult parasitoids leave characteristic small shotgun- 
like holes in the upper mine surface. A recent study by the 
author, at Kennedy Space Center, was able to examine attack 
rates of leafminers by parasitic Hymenoptera in field 
chambers under conditions of ambient and elevated CO). 
The open-topped chambers contained the full complement 
of herbivores and their natural enemies on naturally 
occurring oak vegetation. Leafminer density was reduced 
inside the chambers, and leaf nitrogen content was reduced. 
The leafminers died more frequently inside the mines in 
elevated CO, and the mine area was bigger, indicating that 
larval leafminers had to eat more. Attack rate by natural 
enemies, particularly parasitoids, was significantly increased 
inside the chambers in which CO, was elevated. Perhaps the 
leafminers had created bigger, more obvious mines. 
Alternatively, their developmental time might have been 
slower in elevated CO}, exposing them to natural enemies for 
a longer time, or they might have been physiologically less 
well able to resist attack. 

In other systems, aphids known to produce alarm 
pheromones show a reduced capacity to do so under elevated 
CO). Once again, the result is an increased susceptibility to 


natural enemy attack. Finally, increased global temperatures 
are also likely to increase parasite and predator abundance as 
a result of increased population growth rates. This in turn 
could also lead to higher insect herbivore mortalities. 


EFFECTS OF TEMPERATURE CHANGES ON 
INSECT DISTRIBUTION PATTERNS 


Greenhouse gases are likely to change insect distribution 
patterns both directly, via increases in temperature and 
rainfall, and indirectly, via changes in the distribution of host 
plants. Recent research on a sample of 35 nonmigratory 
European butterflies showed that 63% had ranges that 
shifted to the north by 35 to 240 km during the 20th 
century, while only 3% shifted to the south. Thus for many 
insects, global warming has already changed range 
boundaries. The data appear to be robust because for most of 
these species, northward shifts have been shown in more than 
one country. Furthermore, the data appear to be robust 
across families, with many members of the Lycaenidae, 
Nymphalinae, Satyrinae, and Hesperiidae showing such 
range shifts. The northward shifts of the butterflies are of the 
same magnitude as the shift in climatic isotherms, which 
have moved about 120 km north as Europe has warmed by 
about 0.8°C. 

Changes in rainfall, likely to have at least as big an impact 
as rising temperatures, have not been much studied. Global 
rainfall patterns clearly will change as a result of changes in 
global temperature, with many coastal areas becoming wetter 
and many interior continental areas becoming drier. This set 
of changes will affect the distribution of host plants and the 
insects that live on them. In addition, rainfall changes can 
directly affect the hatching of immatures from eggs laid in 
the soil, including eggs of many species of locust. Increased 
soil moisture increases the likelihood of locust outbreaks 
because it increases hatching and stimulates growth of host 
plants on which the locusts feed. The threat of locust plagues 
in new areas of the globe is therefore very real. 

Margaret Davis, a paleobotanist from the University of 
Minnesota, showed that in the event of a CO, doubling, 
beech trees, presently distributed throughout the eastern 
United States and southeastern Canada, would die back in all 
areas except northern Maine, northern New Brunswick, and 
southern Quebec. Of course favorable new locations would 
develop in central Quebec, but the trees would take a long 
time to colonize such areas. Presumably the animals that feed 
on beech trees, including insect herbivores, would suffer a 
severe range contraction too, though this has not yet been 
studied. 


EFFECT OF GREENHOUSE GASES 
ON SOIL INSECTS 


It is doubtful that soil-inhabiting insects will respond directly 
to increased levels of CO, because of existing high 
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Figure 13. Illustration of CloudRAN™ network architecture 


Optimised content delivery, using a mobile content delivery network (mobile CDN): 
corresponds to a set of servers working together in a transparent fashion to optimise the 
delivery of content to end users over wireless (mobile or Wi-Fi) networks, with high 
availability and performance. With 5G, the objective for these CDN is to cache content close 
to users, notably thanks to predictive algorithms, to offload traffic from the networks and 
decrease latency. 


MEC (mobile edge computing): MEC is an evolution of mobile CDN whose purpose, in 
addition to bringing data closer to devices, is to provide devices with an accessible computing 
power with very low latency, within a very specific area for demanding applications. This 
technology makes it possible to locate a portion of the network’s intelligence (managing local 
critical applications and performance analysis) at the base station level. The “antennae” will 
be capable of analysing a certain number of data, and so to make decisions very quickly. 


Device-to-device: D2D is a direct form of communication between two nearby devices, 
which does not require the data to travel over the cellular network. Device-to-device 
communication is not new, as technologies such as Bluetooth and Wi-Fi direct already enable 
it. But a new mesh networking technology will be introduced with 4.9G and later 5G network 
rollouts: LTE-direct. Far more energy-efficient than its predecessors, this technology will have 
a range of up to 500 metres and geolocation capabilities to enable communications. This 
technology will be very useful for low latency V2V (vehicle-to-vehicle) or \V2X 
(vehicle-to-everything) communications and for certain public-security related uses. 


5G: a multi-technology generation cohabitating with existing networks 


As stated earlier, 5G is not meant to replace 4G overnight. In practice, the devices will undoubtedly 
be multi-modal: still connected to the 4G network, which will provide extended coverage for pioneer 
rollouts, then transitioning to 5G networks when they become available. 


While 4G and 5G frequencies will probably be initially segregated, in all likelihood devices will rapidly 
become capable of aggregating 4G and 5G carriers and, further down the road, 4G carriers will be 
encapsulated in 5G ones. 


2 https://52- .eu/wp-content/uploads/2016/11/04 10-Nov_ Session-3 Takaharu-Nakamura.pdf 
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concentrations in the soil. However, there are many likely 
indirect effects of CO, on soil insects. Light interception by a 
larger canopy may lower soil temperature and moisture. The 
most important change, though, is likely to be increased 
litterfall. Soil organic matter is likely to accumulate, rendering 
grasslands and forests net sinks of carbon under conditions of 
elevated CO;. However, before senescence, most leaf nitrogen 
is reabsorbed by the plant, so that whereas living leaves in 
elevated CO) generally have a lower nitrogen content than 
leaves in ambient CO, conditions, litter quality remains 
unchanged. However, the increased volume of litter is likely 
to increase the number of litter-decomposing insects there. 
In addition, increased root production may benefit root- 
feeding insects. Total numbers of Collembola per kilogram of 
soil have been shown to be significantly higher in 
experimental laboratory-based mesocosms where CO, levels 
were 60% above ambient. Species composition of Collembola 
also changed. Part of these increases in Collembola may be 
due to changes in abundance of mycorrhizal and nonmycor- 


rhizal fungi on which they feed. 


AQUATIC COMMUNITIES 


Aquatic insect communities are unlikely to be directly 
influenced by increased CO, as much as terrestrial systems 
are. However, the increased litterfall associated with forest 
productivity is likely to increase allochthonous (i.e., leaf fall 
from riparian zones) litter input into forest streams and lakes. 
Such increased litter input is likely to increase stream insect 
populations. Litter quality itself, because it does not generally 
differ between ambient and elevated CO, treatments, is 
unlikely to affect aquatic decomposer communities. This has 
been verified by adding litter from ambient and elevated 
CO, to laboratory microcosms (simulated treeholes) and 
examining effects on eastern treehole mosquitoes, Aedes 
triseriatus. No differences in mosquito development time or 
survival were found. However, the elevated water 
temperatures and precipitation may increase the abundance 
of disease vectors such as mosquitoes. On the other hand, 


some cold water species may be reduced in abundance. 


ELEVATED CO, AND DISEASE VECTORS 


One of the main concerns voiced about global warming is that 
the delicate balance between diseases, their vectors, and humans 
might be upset as tropical climates that are so hospitable to 
spawning and spreading diseases move poleward. The spread of 
infectious diseases is controlled by the range of their vectors— 
mosquitoes and other insects. Increases in temperatures mean 
increases in the activity and ranges of these vectors. 

Data on recent trends support this observation. An increase 
of one degree Celsius in the average temperature in Rwanda 
in 1987 was accompanied by a 337% rise in the incidence of 
malaria that year as mosquitoes moved into mountainous 


areas they had not previously inhabited. Also, Aedes aegypti, 


Growth, Individual 489 


a mosquito that carries dengue and yellow fever, has extended 
its range high into the mountain areas of such diverse areas 
as Colombia, India, and Kenya. Although global warming is 
expected to deliver its most deadly punch in the tropical areas 
of the world, where over 500-million people are affected (and 
2.7 million die), the United States is not immune. A 
computer model by a Dutch public health team proposed 
that an average global temperature increase of 3°C in the next 
century could result in 50 to 80 million new cases of malaria 
each year. In the United States, public health facilities are likely 
to keep new incidences of disease in humans to a minimum, 
because of vaccinations. But disease outbreak in wildlife, 
which is not vaccinated, could be more severe. 


See Also the Following Articles 
Aquatic Habitats e Growth, Individual ¢ Malaria « Pollution « 
Temperature, Effects on Development and Growth 


Further Reading 

Bezemer, T. M. and Jones, T. H. (1998). Plant—insect herbivore interactions 
in elevated and atmospheric CO): Quantitative analysis and guild effects. 
Olkos 82, 212-222. 

Coviella, C. E., and Trumble, J. T. (1999). Effects of elevated atmospheric 
carbon dioxide on insect—plant interactions. Conserv. Biol. 13, 700-712. 

Drake, B., Gonzalez-Meler, M., and Long, S. P. (1997). More efficient 
plants: A consequence of rising atmospheric CO;. Annu. Rev. Plant 
Physiol. Plant Mol. Biol. 48, 607-637. 

Houghton, J. T:, Meira Filko, L. G., Callander, B. A., Harris, M., 
Kattenburg, A., and Maskell, K. (1995). “Climate Change 1995. Science 
of Climate Change.” Cambridge University Press, New York. 

Keeling, C. D., and Whorf, T. P. (2000). Atmospheric CO) records from sites 
in the SIO via sampling network. Jn “Trends: A Compendium of Data 
on Global Change.” Carbon Dioxide Information Analysis Center, Oak 
Ridge National Laboratory, U.S. Department of Energy, Oak Ridge, TN. 

Parmessan, C., Ryrholm, N., Stefanesu, C., Hill, J. K., Thomas, C. P, 
Descimon, H., Huntley, B., Kaila, L., Kullberg, J., Tammaru, T., Tennett, 
W. J., Thomas, J. A., and Warren, M. (1999). Poleward shifts in 
geographical ranges of butterfly species associated with regional warming. 
Nature 399, 579-583. 

Stiling, P. (2002). “Ecology: Theories and Applications.” 4th ed. Prentice 
Hall, Upper Saddle River, NJ. 

Stiling, P, Rossi, A. M., Hungate, B., Dijkstra, P. D., Hinkle, C. R., Knott, 
W. M., and Drake, B. (1999). Decreased leaf-miner abundance in 
elevated CO,: Reduced leaf quality and increased parasitoid attack. Ecol. 
Appl. 9, 240-244. 





Growth, Individual 


Martin B. Berg 
Loyola University Chicago 


Richard W. Merritt 
Michigan State University 


he growth of individual insects proceeds in a progressive 
manner throughout the immature period of development, 
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although the rate of growth can vary depending on a variety 
of factors such as molting frequency, temperature, and 
nutrition. Growth can be measured as an increase in biomass 
or body size, although biomass can be more variable than 
body size owing to differences in food and water intake. 
Growth usually is distinguished from development in that 
the latter refers to the various morphological and physiological 
changes that occur throughout the life span of an insect as it 
progresses toward maturation. 


HOW INSECTS GROW 


The limited ability of the rigid exoskeleton of insects to 
expand imposes a considerable constraint on individual 
growth resulting in the necessity to shed (i.e., to molt) the 
old exoskeleton, a process termed ecdysis, for growth to 
continue. Some insects (e.g., collembolans, diplurans, and 
thysanurans) exhibit indeterminate growth and continue to 
molt even after reaching the adult stage, although little if any 
increase in biomass occurs. In contrast, the majority of 
insects exhibit determinate growth in which both growth and 
molting cease upon reaching the reproductively mature last 
instar (i.e., the adult). 

The pattern of individual growth differs depending on 
whether growth is measured as an increase in biomass or as 
an increase in body size. When measured as an increase in 
biomass, individual growth occurs between molts and is 
more or less continuous in most insects, although decreases 
in biomass often occur at the time of molting. When 
measured as an increase in body size, however, individual 
growth is largely dependent on the amount of sclerotization 
of the insect or of a particular body part. Membranous body 
parts, and those insects that are not highly sclerotized, can 
continuously increase in size between molts as folds in the 
cuticle expand, whereas insects or body parts that are more 
highly sclerotized increase in size immediately following each 
molt and exhibit a more discontinuous pattern. 

Different body parts of insects may exhibit either 
isometric or allometric growth compared with the body as a 
whole. Isometric growth occurs when body parts grow at the 
same rate as the body as a whole, i.e., body length. Allometric 
growth occurs when body parts grow at rates different from 
that of the body and can be expressed as a power function of 
the form x = ky’, where x is the dimension of the whole, y is 
the dimension of the part, a is the growth coefficient, and & 
is a constant. Thus, a straight line results from a log—log plot 
of body part size vs body length (Fig. 1). 


INCREASES IN BIOMASS 


Biomass increase of insects during development can be 
appreciable, with immature final instars weighing as much as 
1000 or even 10,000 times greater than first instars. Changes 
in biomass can be expressed as either an absolute 
(weight/time) or a relative (weight/weight/time) increase in 


biomass. Absolute growth usually is greatest in later instars 
and for the tobacco hornworm, Manduca sexta, larval weight 
increases as much as 90% (10-fold) in the final two instars. 
Similarly, 90% of the growth of larval Paratendipes albimanus 
(Diptera: Chironomidae) occurs in the final 10% of the life 
cycle. In contrast, relative growth rates normally decrease in 
later stages of development as the insect increases in size. 


INCREASES IN BODY SIZE AND DYAR’S LAW 


In 1890, H. G. Dyar noted that the head capsule widths of 
lepidopteran larvae followed a geometric progression in 
growth. During development of an immature insect, increases 
in body size occur in discrete steps, with highly sclerotized 
body parts exhibiting predictable and regular increases by a 
relatively constant factor, subsequently known as Dyar’s Law 
(or Rule). Although initially based on observations of lepi- 
dopteran larvae, Dyar’s Law has been applied to immature 
insects in general and refers to the geometric progression in 
the size of sclerotized structures that is constant throughout 
development. Dyar’s Law has been widely used in entomo- 
logical studies to discern instars of immature insects and also 
has been used to predict the size of instars missing from 
samples. The ability to distinguish instars is crucial to 
accurately describe insect life histories and growth patterns 
and is widely used in secondary production studies. 

Because membranous portions of the less sclerotized 
cuticle (e.g., intersegmental membranes of the abdomen) 
allow the body to grow more or less continuously, overall 
body size is not considered a good indicator of instar. In 
addition, the increase in body size at each molt varies with 
different species and the growth of various body parts of many 
insects may differ from the growth rate of the body as a whole 
(i.e., allometric growth). In contrast, the rigid exoskeleton of 
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FIGURE 1 Allometric relationships between body part length and body 
length for P albimanus (Diptera: Chironomidae) (Data from Ward and 
Cummins, 1978.) 


immature insects prevents expansion and results in 
discontinuous growth of highly sclerotized cuticular parts 
(e.g., head capsule, legs). Thus, these structures increase in 
size incrementally in a stepwise manner following a molt. It 
is these distinct increases in the size of sclerotized structures 
that allows for the distinguishing of different instars with 
little overlap occurring between size classes. 

The publication of Dyar’s observations was in response to 
two previous papers that presented contradictory data con- 
cerning the number of molts in other species. Dyar studied the 
number of molts in 39 individuals of 28 species of caterpillars 
and chose the head capsule as the structure to measure for ease 
of measurement and because it was not subjected to growth 
during each stadium as was body length. The taxa chosen by 
Dyar ranged from 4 to 10 instars. Dyar calculated head-width 
ratios of successive instars and found that the progression was 
often nearly constant for a given species (mean = 1.5; range 
1.3-1.7), what one would expect from a geometric 
progression. Dyar then calculated expected head capsule 
widths of each instar by multiplying the width of the final 
instar by this ratio and then back-calculating to the first instar. 
To test the applicability of the ratio, Dyar compared calculated 
head widths to those observed from reared specimens. Using 
this approach, it was possible to detect whether some instars 
had been missed or mismeasured. The most common 
method for detecting these problems is to plot the logarithm 
of the head capsule width measurement (or a measurement of 
another highly sclerotized structure) against the appropriate 
instar (Fig. 2). Conformity to Dyar’s Law results in a straight 
line the slope of which is constant for a given species. 
According to Dyar’s Law, deviations from a straight line 
indicate potentially missed instars or errors in measurement. 

Although Dyar’s Law has been widely used in entomo- 
logical studies, the progression in the size of sclerotized body 
parts is not always constant and can be influenced by abiotic 
and biotic factors such as temperature and food. In addition, 
apparent contradictions to Dyar’s Law occur when two 
requisite conditions are not met: (1) the number of instars is 
constant and (2) head capsule growth occurs only at ecdysis. 
Despite these constraints, approximately 80% of the 
entomological studies published from 1980 to 2000 that 
have examined the validity of Dyar’s observations provided 
support for his law. 

There has been some disagreement as to whether Dyar 
should be credited with the findings of geometric progression 
in growth. In a paper published 4 years prior to Dyar’s article, 
Brooks reported that total larval length of a species of crus- 
tacean stomatopod (Stomatopoda: Squillidae) sequentially 
increased in size by a factor of 1.25 at each molt. Brooks also 
noted, as did Dyar, that this relationship could be used to 
determine whether larval stages were missing from the series. 
Thus, Dyar’s Law may occasionally also be referred to as 
Brooks’ Law (or Rule) in the literature. It is likely that ento- 
mologists were unaware of Brooks’ observations because they 
were documented in a specialized publication on stomatopods. 
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FIGURE 2 Conformity of head capsule width to Dyar’s Law for giant 


swallowtail (Pa. cresphontes, Lepidoptera: Papilionidae) and banded 
woollybear (Py. isabella, Lepidoptera: Arctiidae) (Data from Dyar, 1890.) 


EFFECTS OF TEMPERATURE ON 
INDIVIDUAL GROWTH 


Because insects are ectotherms, temperature can have a 
profound impact on individual growth. In general, insect 
growth is correlated with environmental temperature; 
however, the strength of this relationship may be species- and 
habitat-specific. For example, many terrestrial insects exhibit 
little to no growth at low temperatures (0—4°C) because of 
either reduced feeding rates or overall low metabolic activity. 
Aquatic insects, in contrast, particularly those whose 
evolutionary ancestral habitat was in cold streams or lakes, 
can exhibit high growth rates during winter, assuming the 
presence of an adequate food supply. Although feeding rates 
of these insects may be low at reduced temperatures, basal 
metabolic needs also are low and result in the ability of the 
insect to direct more of the energy derived from ingestion to 
growth. The interactions between food quantity and quality 
and temperature are complex. In some streams, water 
temperature can influence the growth of microbial 
populations attached to detrital particles that are ingested by 
filter-feeding aquatic insects, and in turn, this can enhance 
their growth rate. This type of indirect control on aquatic 
insect growth and survivorship is difficult to separate from 
the direct effects of temperature on insect metabolism. 

Elevated environmental temperatures also can result in 
either high or low larval growth rates because of the influence 
of temperature on larval ingestion, digestion, and development 
time. In general, larval ingestion and digestion are positively 
correlated with temperature and should result in increased 
growth rates at higher temperatures. The effect of temperature 
on growth rate, however, is confounded by an inverse rela- 
tionship between ingestion rates and assimilation rates. In 
contrast, high temperatures can accelerate developmental 
time, resulting in the inability of larvae to maximize absolute 
growth rates. 
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EFFECTS OF NUTRITION ON 
INDIVIDUAL GROWTH 


Individual growth of immature insects is strongly influenced 
by food availability, feeding selectivity, and food quality. 
Insect growth is often directly related to food availability, in 
that larval growth rates are highest in the presence of an 
abundant food supply. Because availability of food resources 
can vary temporally, growth responses also can be expected to 
vary throughout the year. For example, several species of 
stream chironomids (Diptera: Chironomidae) that feed 
primarily, but not exclusively, on attached algae, exhibit 
periods of maximal larval growth that coincide with times of 
the year when instream algal production is highest. 

Feeding selectivity and food quality, however, also 
influence the relationship between growth and food 
availability. Even in the presence of an apparently abundant 
food supply, larval growth rates may be reduced if that food 
resource is not preferred or if it is of low quality or lacking 
essential nutrients. For example, the leaf-shredding crane fly, 
Tipula abdominalis, shows a strong preference for hickory, 
maple, and American chestnut leaves and a low preference 
for American beech, white oak, and red oak leaves. Larval 
growth rates are highest on the more preferred leaf types and 
lowest on the less preferred leaves. The higher growth rates 
on more preferred leaves are not due to higher food 
conversion efficiencies, but rather result from increased 
consumption rates due to a more palatable food source. 

Although food availability may not be a limiting factor for 
growth in some insects, food quality may impose a substantial 
constraint to larval growth. Differences in food quality also can 
affect larval growth rates and the ability to complete develop- 
ment and reproduce. Absolute and relative growth rates of the 
caddisfly Clistoronia magnifica (Trichoptera: Limnephilidae) 
reared on diets differing in quality were significantly higher on 
a diet rich in triglycerides (conditioned alder leaves plus whole 
wheat grains) compared with diets of conditioned alder leaves, 
conditioned alder leaves with a fatty acid mixture, conditioned 
alder leaves plus hyphomycete fungi, or hyphomycete fungi 
alone. In addition, only larvae fed the high-triglyceride diet 
successfully completed development and reproduced. Some 
insects, however, even in the absence of higher quality food, 
can maintain a relatively uniform growth rate throughout 
development by increasing ingestion rates of lower quality food. 
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Grylloblattodea 


(Rock Crawlers, Ice Crawlers) 
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he Grylloblattodea, or ice crawlers, are a small group of 

soft-bodied, apterous, terrestrial and termitelike insects 
confined to the Northern Hemisphere. They occur under rocks 
in forest leaf litter or above the treeline in the high mountains. 
In parts of the United States, Canada, and China they are 
found under rocks in soil at or below freezing temperature. 
In Japan and Korea, they are active in midsummer in the 
deep leaf litter of mixed conifer and deciduous forests, where 
daily ambient temperatures approach 30°C. In Japan and 
Korea some have been found in caves; in the western United 
States, they are known from subterranean lava tubes. 
Grylloblattids are slender, depressed insects covered with fine 
hairs and having reduced eyes. Adults range from 2 to 3.5 cm 
in length. Ice crawlers appear to be primarily nocturnal. They 
are considered to be some of the most primitive of 
orthopteroid insects and have been thought to be related to 
cockroaches (Blattodea) and stick insects (Phasmida). 


CLASSIFICATION AND FEATURES OF THE ORDER 


The Grylloblattodea comprise a single family, Grylloblattidae, 
which includes only four genera. Grylloblatta occurs in North 
America and Canada, where at least 11 species are known. 
Grylloblattina is known from a few species from Siberia. 
Grylloblattella has species known from Korea, Japan, and 
Siberia. Galloisiana contains at least 10 species from Japan. 
The group, however, is undoubtedly larger, since new species 
are discovered every few years. 





FIGURE 1 Copulating pair of grylloblattids, G. nipponensis: the female is 
the lower individual (note ovipositor); the male has the eversible sac of the 
left phallomere exposed. [From Nagashima e¢ al. In Ando, H. (ed.). (1982). 
“Biology of the Notoptera,” p. 48, Kashiyo-Insatu, Nagano, Japan.] 


Grylloblattids are cryptic, ground-dwelling insects that 
prefer wet habitats and cool temperatures. They shun light 
and occur under stones or in dense leaf litter. Species of 
Grylloblatta that live under rocks under or near snowbanks 
emerge after dark and feed as scavengers or predators on dead 
or dying insects that have been blown onto the snow from 
lower elevations. During winter, the species probably occupy 
the airspace between the ground and overlying snowpack, 
where they remain active at temperatures of 0°C. Massive fat 
bodies build up prior to winter; during winter, the insects 
may feed on decaying plant material. Korean species live 
under debris on the floor of caves at only 200 m altitude and 
apparently never venture forth from the cave habitat. The 
most widespread species in Japan, Galloisiana nipponensis, is 
found at elevations ranging from 300 to 3000 m, where the 
insects live under stones and in the leaf litter of thick, mixed 
coniferous and hardwood forests. These species consume 
both insects and plant material day and night. 

The resemblance of grylloblattids to Dermaptera has been 
shown to be superficial and is associated only with the fact 
that both have a projecting head. The head, however, is 
typical of orthopteroid insects. The antennae are elongate 
and thin. The mouthparts are structured like those of a 
predator. Ocelli are absent, and the eye comprises fewer 
ommatidia in young instars than in adults. The legs are 
simple, slender, and not suited for jumping. The abdomen 
comprises 11 segments, with the cerci long and flexible and 
the male genitalia asymmetrical. The ovipositor comprises 
three pairs of slender, tapering, partly free valves. 

Although grylloblattids are normally considered to be cool- 
adapted insects, they cannot withstand temperatures much 
below 0°C. At —5.5 to 8.0°C they stress. Contrary to the 
popular belief that they can withstand very low temperatures, 
they can be killed by ice formation within the body as a result 
of their low levels of glycerol, sorbitol, or erythrol. 

Copulation has been observed in a few species. In G. 
nipponensis, the female is chased and seized by the male. The 
resulting copulation can last from 30 min to 4 h. Males 
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always assume a position on the right side of the female as a 
response to the male’s asymmetrical genitalia. Oviposition 
occurs 10 to 50 days after copulation. Females lay eggs with 
the elongate ovipositor in wood or under stones and decaying 
plant material. None have been found in moss. Oviposition 
for each egg takes about 3 min, and females lay 5 or 6 eggs 
per day to a total of about 30 eggs. A captive female laid 145 
eggs in her lifetime. The large, black eggs, develop over 
periods of from 5 months to 3 years. 
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he gypsy moth, Lymantria dispar, is one of the world’s 

most damaging defoliators of hardwood forest trees. It is 
native to Europe and Asia. It was introduced from Europe to 
North America near Boston, Massachusetts, in 1869 and has 
been spreading slowly south and west ever since. A large body 
of research has focused on the biology, management, and 
population dynamics of this species. 


GEOGRAPHIC RANGE AND SPREAD 


Gypsy moth occurs throughout much of the Northern Hemi- 
sphere. Its native range stretches from Japan, China, and 
Siberia across Russia to western Europe and as far south as 
the Atlas Mountains of North Africa. In North America, 
gypsy moth has spread over much of the eastern United 
States and Canada. Currently, the leading edge of the 
infestation stretches from North Carolina to Wisconsin and 
adjacent regions of Ontario. Because female gypsy moths 
from Europe have wings but do not fly, the rate of spread of 
this insect has been extremely slow. The spread occurs when 
newly hatched larvae spin down on silken threads and are 
blown in the wind. Most of this dispersal is less than 50 m, 
although some larvae are carried by wind currents for greater 
distances. Natural spread has been augmented by inadvertent 
human transport of egg masses laid on vehicles or other 
backyard objects, often to locations well outside the region 
infested by gypsy moth in the northeastern United States. 
Such new infestations have been eradicated at many sites 
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FIGURE 1 Life stages of gypsy moth. (1,2) Adult female; (3,4) adult male, 
(5) pupae; (6,7) larvae; (8) egg mass; (9,10) individual eggs. (Reproduced 
from J. Bridgham, 1896, 43rd Annual Report, Massachusetts State Board of 
Agriculture.) 


throughout North America. In recent years, attention has 
shifted to new introductions of gypsy moth from Asia, 
particularly the Russian Far East. Adult female gypsy moths 
from these regions are able to fly. Consequently, the rate of 
spread would be much faster, if they became established. 
These introductions have occurred at several locations in 
North America, mainly in the Pacific Northwest, but thus 
far, none have become established. 


LIFE HISTORY AND HOST TREES 


The gypsy moth female lays a single egg mass (Fig. 1), usually 
on the stems of trees, and she covers the eggs with her body 
hairs. The egg mass typically contains from 100 to 600 eggs. 
The eggs are laid in midsummer, but overwinter in this stage. 
Larvae developing within the egg enter diapause and hatch 


the following spring at the time of host-tree budbreak. 
Emerging larvae climb to the tops of trees, where many of 
them spin down on silken threads and are borne away by the 
wind. If larvae land on an acceptable host tree, they begin 
feeding. They develop through five instars for males or, 
frequently, six for females throughout May and June. 
Beginning in the fourth instar, larvae seek resting locations 
during daylight hours, either in the forest litter at the base of 
trees or under bark flaps on tree stems. They usually pupate 
in these same locations. The adults emerge after about 12 
days in the pupal stage. Soon after eclosion, the female 
releases a sex pheromone from a gland on the tip of her 
abdomen. Males locate females by flying upwind when they 
detect the pheromone. After mating, the female lays her egg 
mass, often just a few centimeters from where she eclosed, 
and dies soon thereafter. There is one generation per year. 

Gypsy moth larvae feed on a wide range of tree species. 
Favored tree species include oaks (Quercus spp.), aspen 
(Populus spp.), and, in Japan, Japanese larch, Larix leptolepis. 
Gypsy moth outbreaks occur in forests that are dominated by 
these species. Gypsy moth will feed on many other tree 
species, such as maple (Acer spp.) and many conifers, but 
significant damage to these trees usually occurs only in gypsy 
moth outbreaks, when more favored hosts have already been 
defoliated. If defoliation is complete, most deciduous 
hardwood trees will put out a new set of leaves. Most trees 
will survive one defoliation, but if outbreaks persist for 
several years in a row, a significant proportion of the trees 
may die. Trees that survive defoliation suffer growth loss in 
subsequent years. 


DISEASES OF GYPSY MOTH 


As with most insects, gypsy moths are host to a suite of 
natural enemies and these play a pivotal role in the dynamics 
of the gypsy moth populations. There are two major diseases: 
a nuclear polyhedrosis virus and a fungal pathogen. The 
virus, LAMNPY, causes epizootics that are largely responsible 
for the collapse of gypsy moth outbreaks. Similar viruses 
terminate the outbreaks of many defoliating Lepidoptera. 
High mortality from these viral diseases occurs only in dense 
populations, because transmission of the virus takes place 
when larvae feed on leaves contaminated by cadavers of 
larvae that have previously died from the disease. Encounters 
with cadavers are only likely in dense populations. 
Transmission of LdMNPV from one generation of gypsy 
moths to the next occurs primarily by way of external 
contamination of the egg mass; larvae become infected as 
they emerge from the mass in the spring. It is not entirely 
clear how the virus persists at low density, but it does survive 
in the forest litter for several decades. 

The fungal pathogen Entomophaga maimaiga was, until 
recently, known only in the Far East, especially Japan. In 1989, 
a dramatic epizootic of E. maimaiga occurred throughout the 
northeastern United States from Pennsylvania to Maine. In 


subsequent years, the fungus spread across the mid-Atlantic 
states and was introduced intentionally by researchers to 
Virginia and Michigan. It is now established throughout the 
region infested by gypsy moth in North America. E. 
maimaiga produces two kinds of spores: conidia and resting 
spores. The conidia are released from cadavers and are carried 
by wind currents to uninfected larvae, which they infect by 
penetrating the cuticle; these conidia are responsible for the 
rapid spread of E. maimaiga in North America. Late instars 
produce resting spores that overwinter in the forest litter, 
where they persist for up to 10 years before germinating to 
infect new gypsy moths. A. Hajek and colleagues analyzed 
the DNA of E. maimaiga and showed that the pathogen in 
North America is identical to E. maimaiga in Japan. How E. 
maimaiga was introduced into North America is unknown. 
Since 1989, it has continued to cause high levels of mortality 
in gypsy moth populations, particularly in years with high 
rainfall in May and June. A key difference from LAMNPV is 
that E. maimaiga causes substantial mortality in low-density 
as well as in high-density populations of gypsy moth. This 
means that EF. maimaiga can prevent outbreaks from 
occurring, whereas LdMNPV can only cause the collapse of 
outbreak populations. 


PARASITOIDS 


As with most insects, various parasitoid species attack the 
different life stages of gypsy moth. In North America, efforts 
to introduce parasitoids of gypsy moth from Europe and Asia 
began around 1905, and 10 species have been established. 
The egg parasitoid Ovencyrtus kuvanae (Encyrtidae) from Japan 
is frequently observed on gypsy moth egg masses in late summer 
and may cause as much as 30% mortality of the eggs. Larval 
parasitoids include Cotesia melanoscela (Braconidae) and the 
tachinids Blepharipa pratensis, Compsilura concinnata, and 
Parasetigena silvestris. The most common pupal parasitoid is 
Brachymeria intermedia (Chalcididae). The impact of these 
parasitoids on gypsy moth populations remains equivocal. Total 
mortality caused by parasitoids in North America is typically 
below 50% and is not consistently density dependent, so that 
their ability to regulate gypsy moth populations is in doubt. 
In Europe, on the other hand, parasitism of gypsy moth is 
often much higher than that observed in North America. 
European gypsy moths are attacked by several parasitoid 
species that were never established successfully in North 
America. It seems likely that parasitoids are responsible for 
preventing gypsy moth outbreaks, which are rare in western 
Europe, but more common in central and southern Europe. 


PREDATORS 


Compared with parasitoids, an even larger community of 
vertebrate and invertebrate predators feeds on gypsy moth. 
Very little is known about the impact of most predators, 
because predation is extremely difficult to measure. Many 


Gypsy Moth 495 


bird species worldwide feed on gypsy moth, but it is generally 
believed that most birds dislike the hairy cuticle of gypsy 
moths and avoid them. 

Research groups led by H. Bess in the 1940s and R. 
Campbell in the 1970s concluded that predation by small 
mammals, particularly the white-footed mouse, Peromyscus 
leucopus, has a major impact on low-density gypsy moth 
populations. The mice feed on late instars and pupae, 
particularly on the forest floor. Both research groups 
demonstrated an increase in gypsy moth survival in forest 
plots from which small mammals had been removed or 
excluded. More recently, J. Elkinton and colleagues showed 
that predation on gypsy moth pupae was strongly correlated 
with density of mice and that gypsy moth densities increased 
when mouse densities declined. The density of mice, in turn, 
was correlated with the abundance of acorns, which, in oak- 
dominated forests, are their principal overwintering food. 
Indeed, there are many studies that link forest-dwelling mice 
to abundance of acorn crops. Poor acorn crops, which occur 
on a regional scale and are caused by a variety of weather 
events, could thus be the ultimate trigger of gypsy moth 
outbreaks. C. Jones and colleagues provided further 
experimental proof of these ideas. They removed mice from 
experimental plots and observed an increase in gypsy moth 
and they augmented food in other plots and observed an 
increase in mice. 

There are a number of invertebrate predators of gypsy moth. 
One of these is the introduced ground beetle, Calosoma syco- 
phanta (Carabidae). R. Weseloh has shown that this insect 
becomes quite abundant in outbreak populations of gypsy 
moth and may cause substantial mortality. Several researchers 
have documented predation by ants as a significant source of 
mortality in low-density populations, but it is usually much 
less than predation by mice. 


POPULATION DYNAMICS 


In the 1970s R. Campbell developed the first comprehensive 
theory of gypsy moth dynamics, wherein populations 
alternate between low-density and high-density phases, each 
maintained by different factors and sources of mortality. At 
low density, predators, particularly mice, maintain gypsy 
moth populations indefinitely at a low-density equilibrium. 
The concept of an equilibrium implies that predation is 
density dependent, which means that it increases as gypsy 
moth density increases until total mortality balances 
fecundity of gypsy moth and the population density stops 
growing. The equilibrium is an unstable one, however, 
because the density-dependent response of most natural 
enemies is constrained by a variety of factors. For example, 
most predators or parasitoids have their own natural enemies. 
These constraints produce a threshold density above which 
gypsy moth population growth outpaces the mortality caused 
by natural enemies, and as a result densities of gypsy moth 
increase rapidly into an outbreak phase. At the much higher 
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outbreak densities, a different set of natural enemies becomes 
predominant. These natural enemies, coupled with 
competition among gypsy moths for available foliage, limit 
further increases in gypsy moth density. The outbreak 
population either persists for several generations at high 
density or collapses back to the low-density phase. The 
model is particularly appropriate when the principal 
mortality factors maintaining the low-density equilibrium 
are generalist predators, such as mice. Unlike specialist 
natural enemies, whose densities often track those of their 
hosts, the densities of mice are not determined by gypsy 
moths. Instead their densities are determined by their 
overwintering food supply, mainly acorns. Whether this 
conceptual model is an accurate description of the gypsy 
moth system remains to be demonstrated. 
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Gypsy moth outbreaks are spatially synchronized (Fig. 2). 
Outbreaks tend to occur simultaneously over a large region. A 
cause of this pattern may be acorn crops, which are heavy or 
meager over a region in response to regional weather patterns. 
Indeed, as indicated by P. Moran, populations of many species 
are synchronized by a variety of weather-related influences. 
Weather may synchronize gypsy moth populations by 
exerting a common influence across populations on many of 
the factors that affect gypsy moth growth and survival. Many 
gypsy moth researchers believe that there is a 10-year cycle of 
abundance of gypsy moth embedded in the erratic temporal 
pattern evident in Fig. 2. Analyses of these data by D. 
Williams and A. Liebhold provide some support for this 
view. If these cycles exist, the factors that cause them remain 
unknown. Analyses by P. Turchin of decade-long records of 
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FIGURE 2 Historical record of area defoliated by gypsy moth in each of five states in northeastern United States from 1924 to 1996. (Reproduced from 
Liebhold e¢ al., 2000, Pop. Ecol. 42, 257-266, © Springer-Verlag, with permission.) 


gypsy moth egg-mass density in Yugoslavia provide more 
convincing support for regular cycles in that region, evidently 
caused by fluctuations in parasitism. 

Adding to the complexity of gypsy moth dynamics in 
North America is the recent appearance of the fungal 
pathogen E. maimaiga. In the northeastern United States, 
epizootics of this fungus have occurred nearly every year since 
1989, except in years that were extremely dry. We still have 
much to learn about this agent, but it causes substantial 
mortality in both low- and high-density populations and 
appears to have prevented several incipient outbreaks. It 
appears that incidence of E. maimaiga, which is largely 
determined by rainfall in May and June, is now a prime 
determinant of whether outbreaks occur. 


MANAGEMENT OF GYPSY MOTH 


Management of gypsy moth in North America and elsewhere 
has evolved over time as different tools became available and 
as public attitudes toward pesticide use have changed. In the 
1960s, large areas were sprayed by air with DDT. DDT was 
banned in the late 1960s and was supplanted by other 
chemical pesticides, such as carbaryl. In the late 1980s, 
Bacillus thuringiensis (Bt), a bacterial pesticide, became a viable 
alternative to chemical pesticides and became the material of 
choice in many regions. The advantage of Bt is that it is more 
selective than most chemical pesticides; it affects only larval 
Lepidoptera that feed on Bt-contaminated foliage. In addition, 
government agencies in the generally infested region in north- 
eastern United States concluded that large-scale application of 
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pesticides against gypsy moth was neither ecologically accept- 
able nor worth the considerable expense. Most forest trees 
survive gypsy moth outbreaks, and the outbreak populations 
soon collapse on their own. Control activities in these regions 
generally aim at foliage protection on high-value trees, rather 
than suppression of gypsy moth populations. 


See Also the Following Articles 
Biological Control ¢ Forest Habitats « Pathogens of Insects 
Population Ecology 
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mong all terrestrial animals, only vertebrates and insects are 

richly endowed with a sense of hearing. By “hearing,” we 
usually mean the ability to detect minute, time-varying changes 
in air pressure that we familiarly experience as “sound.” Under 
this restricted definition, we can say that audition has evolved 
in at least seven orders of insects, including all of the major 
orders except the Hymenoptera (wasps, ants, bees). However, if 
we were to include under “hearing” the ability to detect sound 
waves in water and solids, or the displacement of molecules 
in a sound’s near field, then the number of “auditive” insects 
would expand enormously to include not only the 
Hymenoptera, but even small orders such as Plecoptera (stone 
flies) and Isoptera (termites). Initially, we focus on the form and 
function of tympanal ears, which are organs that are sensitive 
to sound signals that are propagated through the air or water 
as fluctuations in pressure and which come to mind when we 
(humans) use the term “hearing with ears.” Following this, we 
provide some examples of nontympanal hearing organs. 

Using sound, vertebrates and insects are often capable of 
sensing, identifying, and locating their predators, prey, 
conspecific rivals, and mates by hearing their intentional or 
unintentional acoustic signals. As might be expected, natural 
selection has shaped the form and function of hearing organs 
(“ears”) in insects over evolutionary time. In this respect, the 
ears of insects show much greater diversity than those of 
vertebrates, for reasons that will be apparent in our 
discussion. However, it must be emphasized that despite the 
scope of morphological diversity among insect ears, there is a 
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morphological “bauplan” (structural design) that underlies 
their great range in behavioral and physiological function. 


MORPHOLOGICAL REQUIREMENTS 


There is tremendous morphological diversity of insect ears 
(Fig. 1). The multitude of different ear designs and locations 
reflects the unique physical and behavioral challenges faced 
by each insect. Yet despite their many differences, most ears 
follow a similar morphological plan. Each typically consists 
of three identifiable substructures: a tympanal membrane, a 
tracheal air chamber, and a chordotonal sensory organ. 


Tympanal Membrane 


The tympanal membrane (eardrum) is a thinned region of 
exoskeleton, typically supported by a chitinous ring and 
stretched across an enlarged air-filled cavity. Sound impinges 
upon the membrane, setting it and its associated nerve cells 
into motion. The thickness of the membrane can vary from 
1 to over 100 um. The ultra-sound-sensitive ears of many 
nocturnal Lepidoptera (butterflies and moths), for example, 
are so thin that they are transparent. Such fragile membranes 
are typically protected within body cavities or by external 
flaps of cuticle. In contrast, the thicker, opaque tympanal 
membranes of some diurnal butterflies or grasshoppers are 
conspicuously positioned on the outer surface of the body. 


Tracheal Air Chamber 


The internal face of the eardrum backs onto an enlarged air- 
filled chamber, which forms part of the tracheal respiratory 
system. In some ears, the air chambers are connected directly 
to other sound input sources (spiracles or contralateral ears) or 
resonating chambers via the tracheal system. In a few rare cases 
[e.g., green lacewings (Chrysopidae) and some water bugs 


(Corixidae)] the tympanic chambers are largely fluid filled. 


4G is still being deployed, and its technological evolution and certain building blocks will be used by 
both the first 5G networks and advanced 4G networks. To wit, the latest trials conducted in France 
are allowing 4G networks to perform better thanks to the use of pre-5G technologies: 


- Bouygues Telecom, in partnership with Huawei, managed to achieve a peak data rate of 
1 Gbps thanks to the simultaneous use of four-carrier aggregation (800 MHz, 1800 MHz, 
2100 MHz, 2600 MHz) and more powerful modulation (256 QAM)”?; 


- Inthe coming weeks, Orange will be launching a massive MIMO (16x16) trial with Nokia”“. 


In addition to the strong integration between 4G and 5G, the new generation will no doubt also 
continue convergence efforts between frequency bands governed by exclusive licences — i.e. bands 
that are allocated exclusively to an operator, such as mobile operators — and unlicensed frequency 
bands, governed by a system of general authorisation (e.g. Wi-Fi bands), which already began in 4G 
with LTE-LAA (Long Term Evolution — License Assisted Access) and LTE-LWA (Long Term Evolution — 
Wi-Fi Link Aggregation). 


LTE-LAA is characterised by the aggregation of one or several LTE carriers, used in licensed bands, 
with other LTE carriers employing unlicensed 5 GHz Wi-Fi bands. To guarantee cohabitation with very 
widespread Wi-Fi networks whose deployment pattern is unpredictable, it uses LBT (Listen Before 
Talk) technology to listen to the radio channel before transmitting, in order to determine whether or 
not a frequency is available. 


LTE-LWA consists of an aggregation of LTE carriers in licensed bands with Wi-Fi traffic. To achieve 
this, the LTE cell and Wi-Fi access point need to be connected: the Wi-Fi traffic is sent to the cell 
which sends back the entire aggregated link on the 4G core network. This technology is particularly 
well suited to indoor environments with small cells, a system which, as detailed in paragraph 3.3 
below, will lend itself well to 5G deployments. 
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FIGURE 1 A schematic drawing of a generalized insect showing 15 body 
locations where tympanal ears have been identified. Each number represents a 
position on the body where an ear has evolved independently in one or more 


taxa, although all species within a taxonomic division do not necessarily pos- 
sess ears. (1) Lepidoptera: Sphingidae (Choerocampini, Acherontini). Location: 
palp-pilifer region. (2) Diptera: Sarcophagidae, Tachinidae. Location: ventral 
inflation of prosternum, between coxa. (3) Coleoptera: Scarabidae, Dynastinae. 
Location: dorsolateral region of prosternum. (4) Orthoptera: Ensifera: Gryllidae, 
Tettigoniidae. Location: tibia of foreleg. (5) Heteroptera: Hydrocorisae (water 
boatmen). Location: lateral mesothorax, ventral to wing base. (6) Lepidoptera: 
Papilionoidea, Hedyloidea; Neuroptera: Chrysopidae. Location: base of 
ventral forewing. (7) Dictyoptera: Mantodea. Location: within a deep groove 
between the metathoracic legs. (8) Lepidoptera: Noctuoidea. Location: within 
a cavity on the posterior metathorax. (9) Lepidoptera: Pyraloidea. Location: 
within a cavity on ventral surface of first abdominal segment. (10) Lepidoptera: 
Geometridae. Location: within a cavity on anterior side of first abdominal 
segment. (11) Lepidoptera: Drepanidae. Location: internalized tympanal mem- 
brane located between two air-filled chambers on first abdominal segment. 
(12) Orthoptera: Acrididae. Location: lateral surface of first abdominal segment. 
(13) Coleoptera: Cicindelidae. Location: dorsal surface of first abdominal 
segment, beneath the elytra. (14) Homoptera: Cicadidae. Location: within 
cavity on lateral second abdominal segment. (15) Lepidoptera: Uraniidae. 
Location: within cavity at the anterior (females) or posterior (males) end of 
the second abdominal segment. (Illustration by M. Nelson.) 


Chordotonal Organ 


Associated with the inner surface of the tympanal membrane is 
one to several chordotonal organs. Chordotonal organs are spe- 
cialized mechanoreceptors unique to insects and crustaceans, 
but not unique to ears. Each chordotonal organ comprises 
one or more individual sensory units called scolopidia, and 
each scolopidium consists of three cells arranged in a linear 
array: a sensory cell, a scolopale cell, and an attachment cell 
(Fig. 2A). The total number of scolopidia in an ear ranges from 
one in some moths (Notodontidae) to almost 2000 in the 
bladder grasshopper (Bullacris membracioides). A chordotonal 
organ may attach directly to the inner surface of the tympanic 
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FIGURE 2 Insect tympanal sensory receptors. (A) A typical tympanal 
scolopidial organ, consisting of three cell types. The dendrite of a bipolar 
sensory neuron projects into a fluid-filled space (lumen) formed by the walls 
of a enveloping scolopale cell. The distal tip of the dendrite inserts into the 
scolopale cap, an extracellular secretion of the scolopale cell. The attachment 
cell connects the sensory neuron and scolopale cell to the tympanal membrane, 
either directly or indirectly via a tracheal air sac. A chordotonal organ may 
have from one to several thousand scolopidia. (B) A schematic diagram 
depicting the hypothetical transition from a wing-hinge proprioceptive 
chordotonal organ to a tympanal hearing chordotonal organ. The top two 
images show a chordotonal organ functioning as a proprioceptor monitoring 
wing movements. At the bottom the chordotonal organ has been mechani- 
cally isolated within a rigid tympanal cavity and attaches to a thinned region 
of cuticle (the tympanic membrane) that detects sounds. (A was modified, 
with permission, from E. G. Gray, 1960, The fine structure of the insect ear, 
Philos. Trans. R. Soc. B 243, 75—94. Illustrations by M. Nelson.) 


membrane (e.g., Fig. 4E) or to tracheal air sacs indirectly 
associated with the tympanum. The axons of the sensory 
neurons collectively make up the auditory nerve that forms 
the neural link between the mechanosensory stimulation of the 
eardrum and its “perception” by the central nervous system. 
Vibrations of the eardrum and/or air chamber cause bio- 
electric currents to flow in the sensory cell, initiating action 
potentials in the auditory nerves and signaling neurons in the 
auditory pathways of the nervous system. 


MECHANISMS 


Sound waves are fluctuations in pressure traveling through a 
medium away from a source of mechanical disturbance. 
Tympanal ears are designed to detect these minute pressure 
changes traveling through air or water. Depending on the struc- 
tural design of the ears, they may convey information about 
the location, frequency, and intensity of an acoustic stimulus. 

There are two distinct types of insect tympanal ears: pressure 
receivers and pressure difference receivers (or pressure gradi- 
ent receiver). In a pressure receiver, the tympanal membrane 
forms one side of an otherwise enclosed air chamber. The 
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FIGURE 3 Schematic illustrations of structures associated with hearing in 
crickets (Ensifera). (A) The locations of the tibial ears and the H-shaped 
tracheal system connecting the contralateral tympanal membranes and 
spiracles are shown. (Illustration by M. Nelson.) (B and C) Light micrographs 
of the larger posterior and smaller anterior tympanal membranes located on 
the tibia of the forelegs in Gryllus bimaculatus. (Courtesy of A. C. Mason.) 


membrane vibrates in response to sound waves arriving only 
to the external surface of the tympanal membrane. In insects 
whose ears are sensitive to high-frequency sounds (like many 
bat-detecting moth ears), the sound shadow of the body is 
sufficient to cause a difference in sound amplitudes arriving 
to each ear, which provides useful directional cues to the 
animal. Many insects using lower frequency sounds are faced 
with the difficulty of being able to localize sounds that arrive 
almost simultaneously to both ears. They overcome this 
problem using pressure-difference receivers in which the 
sound impinges on both the outer and the inner surfaces of 
the membrane, and the membrane vibrates in response to the 
difference in pressure between the two sides (e.g., Fig. 3). 

A third and very unusual way to localize sounds has been 
“invented” by certain parasitic tachinid and sarcophagid flies. 
These flies localize their hosts (field crickets, katydids, and 
cicadas) by hearing and then homing in on the mating calls. 
The ears possessed by these flies are conventional chordotonal 
organs, containing 70 or more scolopidia. However, the fly’s 
eardrums are mechanically connected, which confers an 


acute sense of directionality such that they can detect and 
localize their calling hosts/prey from a distance of tens of 
meters, even from high in the air. Such ears appear to be 
unique to these parasitoid flies. 

The frequencies detectable by insect tympanal ears range 
from a few kilohertz (e.g., the water boatman Corixa) to over 
100 kHz (e.g., some tettigoniid species). This broad bandwidth 
of frequency sensitivity is used by some insects for mate 
calling and in others it enables them to detect their predators 
(e.g., echolocating bats). Some insects have the ability to 
discriminate between different sound frequencies, which may 
be achieved at the level of the tympanal membrane or the 
chordotonal organ. To date, most insect ears studied appear 
to be tone deaf (i.e., different tones are indistinguishable). 


LOCATION 


Ears can be located just about anywhere on insects (Fig. 1). 
There is one striking difference between insect ears and 
vertebrate ears: those of the latter, because of developmental 
constraints, are always on opposite sides of the head and 
always on the head, whereas insect ears have been found on 
virtually every part of the body. Of course, in any given 
species of insect, ears are always found on the same part of 
the body, but from group to group, ears may be found on the 
head, legs, wings, thorax, or abdomen. 

Although the ears of most insects are clearly recognized by 
the presence of a conspicuous tympanal membrane either on the 
body’s external surface or within an ear cavity, the ears of other 
insects are morphologically cryptic. For example, some hawk 
moths (superfamily Sphingoidea) possess hearing organs in their 
mouthparts, and by inflating their palps while they are feeding 
on flowers at dusk, they create functional ears that alert them to 
the echolocation calls of bats. The “cyclopean” ear of the praying 
mantis is located within a deep groove between the hind legs, 
and the tympanal membranes are not morphologically distinct 
from surrounding body parts, even to the trained eye. Even 
more cryptic are the ears of the Madagascar hissing cockroach, 
Gromphadorhina portentosa, in which there is no obvious 
eardrum or tympanal membrane overlying the internal chor- 
dotonal organs contained within the tibiae of its forelegs. 

Although most insects possess a single pair of hearing 
organs, there are at least two reports of insects with multiple 
ears. One lineage of praying mantids has two sets of ears: one 
located between the mesothoracic legs and tuned to ultrasonic 
frequencies (25 to 40 kHz) and another between the metatho- 
racic legs and tuned to lower frequencies (2-4 kHz). The 
multieared bladder grasshopper (B. membracioides) of South 
Africa has six pairs of serially repeated abdominal ears that 
function in detecting mating calls at distances of -2 km. 


DEVELOPMENTAL ORIGINS 


In vertebrates, ears are always located on the head, behind the 
eyes, and above the jaw, but in insects they are virtually 


anywhere on the body. Why are they not confined to one place 
like those of vertebrates? Evolutionary and developmental ori- 
gins of the vertebrate ear, drawing from embryological anlagen 
(organs or structures in their earliest state) such as the gill arches, 
neural crest, and the otic capsule, have constrained the ears to 
their canonical position in the head. Insect ears require but two 
structural modifications, cuticular and spiracular, combined 
with innervation by a chordotonal organ. In the insect body, 
chordotonal organs do not function only as hearing organs, but 
are actually widely distributed throughout the body, where they 
act as detectors of self-induced body movements (proprio- 
ceptors) or substrate vibrations. Insect bodies are made up of 
a series of hard cuticular plates joined by flexible membranes, 
and chordotonal organs are frequently suspended between 
moving joints. We now know through developmental studies 
and comparative anatomy that it is not so difficult to “construct” 
an ear by making a few peripheral modifications to an existing 
proprioceptor and its surrounding cuticular and_ tracheal 
structures. By simply thinning the cuticle, enlarging the sur- 
rounding tracheal air sacs to allow membrane vibration, and 
mechanically isolating the sensory organ from body movements, 
a proprioceptor can be converted into a sound-pressure receiver 
(Fig. 2B). For example, the bat-detecting ears on the thorax of 
noctuoid moths are thought to have evolved from propriocep- 
tors monitoring wing movements. Given the jointed, segmental 
body plan of any insect, the ubiquitous branching of the 
respiratory tracheae lining the inner face of the cuticle, and the 
widespread occurrence of chordotonal organs that span different 
segments in the body and appendages, the precursors of an 
insect ear can be found virtually at every joint in the body and 
appendages. There seem to be few developmental constraints 
in positioning an ear, should an adaptive need arise. 

Given so many possibilities for developing an ear, how does 
it come about that a particular insect possesses an ear in one 
place, say its forelegs, and another species in another, say its 
abdomen? One can imagine a host of anatomical, biophysical, 
ecological, and evolutionary constraints and advantages that 
might play important roles in the selection process. Such factors 
as the distances between the ears, the degree of protection 
offered by surrounding structures, the availability of tracheal 
air sacs, or the preexisting connections to the central nervous 
system may all be important. For example, if the function of 
hearing in a flying nocturnal insect like a moth is to detect and 
avoid echolocating bats, then a proprioceptor with preestab- 
lished neural connections to wing flight musculature would 
be a better ear candidate than, say, a leg proprioceptor. Or, 
possibly, the reason the thorax and abdomen are so “busy” 
with ears (Fig. 1) could be because these locations offer maxi- 
mum interaural distance and a high degree of protection. 


EVOLUTION 


Tympanal ears have evolved independently at least 20 times 
within the class Insecta, and this number surely underestimates 
the number of ears that do exist. Still, hearing appears to be 
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the exception, not the rule, for insects, with only 7 of the 25 
recognized extant neopteran orders having tympanate species. 
The Orthoptera (crickets, grasshoppers, and katydids) and the 
Lepidoptera (moths and butterflies) boast the largest number of 
eared species. In two of the most speciose orders, the Diptera 
(flies and mosquitos) and the Coleoptera (beetles), tympanal 
ears are rare, and surprisingly, the Hymenoptera (wasps, ants, 
and bees) are completely atympanate as far as we know. 
Following is a brief introduction to the major taxonomic 
groups for which tympanal ears have been identified to date. 


Orthoptera 


Orthopteran ears come in two different forms and are divided 
nicely by the taxonomy of the order. The Acridoidea (locusts, 
grasshoppers) have ears on either side of the first abdominal 
segment. The tympanal membranes are nearly circular, opaque, 
and clearly visible upon inspection with the naked eye. Tracheal 
sacs connect both ears, allowing the locust to determine the 
direction of a sound source. The acridid ear is one of the few 
insect ears known to have the capability of pitch discrimina- 
tion. About 60 to 80 scolopidia form four separate groups that 
attach to different regions of the eardrum, which, in turn, 
resonate to different sound frequencies. The ears of extant 
acridids function primarily in conspecific communication, 
but comparative evidence suggests that the primitive function 
was for predator detection. 

In the suborder Ensifera [crickets (Gryllidae), katydids 
(Tettigoniidae)] the ears occur just below the “knee” region, on 
the tibia of the forelegs. Each leg has two eardrums—one on 
each side of the leg (Fig. 3). The tympanal membranes are con- 
nected to other sound input sources (the spiracles, contralat- 
eral ear) via a system of tracheal tubes and air chambers, which 
play important roles in directional hearing. The ensiferan 
auditory chordotonal organ (crista acoustica) has typically 
between 60 and 80 sense cells arranged in a linear array down 
the leg, connecting indirectly to the tympanal membrane by 
tracheal air sacs. Like the acridid ear, the ensiferan ear is capable 
of pitch discrimination. Presumably, the function of hearing 
in primitive Ensifera was conspecific communication, which 
remains the primary function in extant species. Some species 
are sensitive to ultrasound and use their ears to detect bats in 
addition to communicating with conspecifics. Fossil records 
demonstrate that the ancestors of modern Ensifera, which 
predate the appearance of bats by at least 100 million years, 
had ears on their legs and therefore, ultrasonic hearing for 
defense against bats seems to have evolved secondarily. 


Lepidoptera 


Tympanal ears have evolved more times within the 
Lepidoptera than any other insect order. To date, at least seven 
ears of independent origins have been described. Ears are 
located in the mouthparts (Sphingoidea), at the base of the 
forewings (butterflies: Hedyloidea, Nymphalidae), in the 
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thorax (Noctuoidea), or on anterior abdominal segments 


(Tineoidea, Pyraloidea, Drepanoidea, Geometroidea, 
Uraniidae). Moth ears are among the simplest of all insect 
ears in that they have very few auditory sensory cells (one, 
two, or four). K. D. Roeder first demonstrated that the 
primary function of hearing in moths is to detect the 
ultrasonic echolocation cries of insectivorous bats. Despite 
their simplicity, moth ears are capable of determining the 
distance and direction of an approaching bat. Flying moths 
evade bats by either turning away from a distant bat or 
engaging in evasive and erratic flight maneuvers to avoid a 
sudden and unexpected attack. W. E. Conner has shown that 
some species, including many day-flying tiger moths 
(Arctiidae), use their hearing in social interactions. In most 
Arctiidae, ultrasound production functions to either jam a 
bat’s echolocation calls or warn the bat of a distasteful meal 
(aposomatic display), but in those species that use sounds for 
social interactions, both hearing and sound production have 


secondarily taken on different roles. 





sound-sensitive ears on their wings that mediate evasive flight maneuvers to 
avoid bats. (A) A male Macrosoma heliconiaria (Hedylidae). (B) Lateral view of 
M. heliconiaria, showing the general location of the right ear. An arrow points 


down the canal toward the tympanic cavity where the tympanic membrane 
resides. Scale bar, 3 mm. (C) Scanning electron micrograph of the right 
tympanal ear. The hind wing and a dense fringe of scales have been removed 
to reveal the tympanic cavity. Ca, canal; Cj, conjuctiva. Scale bar, 110 um. (D) 
Consecutive video images (30 frames/s) of a free-flying M. heliconiaria respond- 
ing to a short (~250 ms), high-frequency (25 kHz), high intensity (>100 dB) 
sound. The direction of flight is marked with an arrow and the stimulus onset 
with an arrowhead. (E) Scanning electron micrograph of the two most proximal 
chordotonal organs (arrows), viewed from inside the tympanic chamber. The 
largest organ attaches to the proximal border of the tympanal frame (black 
arrow). I'M, tympanic membrane. Scale bar, 50 lum. (A and E courtesy of J. 
Yack. B~D were modified, with permission, from J. E. Yack and J. H. Fullard, 
2000, Ultrasonic hearing in nocturnal butterflies. Nature 403, 265-266.) 


Hearing in butterflies has only begun to be explored. The 
hedylid butterflies of the neotropics, unusual because of their 
nocturnal habits, have ultra-sound-sensitive ears on their wings 
that function as bat detectors (Fig. 4). Some diurnal butterflies 
of the family Nymphalidae possess ear-like structures on their 
wings, and there is evidence that the “cracker” butterfly 
(Hamadryas feronia) uses its ears for conspecific communica- 
tion. No doubt there will be further examples of butterfly 
hearing in the near future, since tympanal-like structures have 
been described anatomically in many species. 


Homoptera and Heteroptera 


Most people are familiar with the loud “buzzing” sounds of 
cicadas (Cicadidae) during hot weather; these are typically males 
calling to females. Cicada ears are located within cavities on the 
ventral side of the second abdominal segment. They are among 
the largest of all insect ears, with over 1000 scolopidia in each 
ear. It has been suggested that the large number of sense cells 
enhances the ear’s sensitivity for long distance communication, 
but cicadas do not appear to have more sensitive hearing organs 
than other insects with far fewer scolopidia. 

Water bugs (subfamily Hydrocorisae) are reported to have 
ears on various body parts, including the mesothorax, metatho- 
rax, or first abdominal segment. The best known is the ear of the 
water boatman, Corixa (Corixidae), which occurs on the lateral 
mesothorax between the wing and the leg. The ears, like those 
of moths, are simple, with only two auditory cells, both tuned 
to low-frequency sounds (1—2 kHz), within the range of conspe- 
cific calls. The insect carries a bubble of water with it to allow the 
membrane to vibrate under water. Unlike for most other insect 
ears, the tympanal membrane is backed by fluid, not air. Hear- 
ing in corixids appears to function primarily for mate attraction. 


Diptera 


Although it had been well documented that certain parasitic flies 
were attracted to the songs of crickets, katydids, and cicadas, 
until recently, it was not known how these flies were eaves- 
dropping on their hosts. Two families of parasitoid flies 
(Sarcophagidae and Tachinidae) have independently evolved a 
pair of peculiar ears on their prosternum, just below the head, 
in the “neck” region (Fig. 5). The gravid females use their ears to 
locate singing insect hosts upon which to lay their predaceous 
larvae. The ears of the two parasitoid groups are described earlier 
in this article. The design features of these dipteran ears show 
remarkable convergence in anatomy and function, despite the 
fact that tachinids and sarcophagids are only distantly related. 
This suggests that evolutionary and developmental constraints 
are at work here in ways that we do not yet understand. 


Mantodea 


Until recently, praying mantids were thought to be deaf; now 
we know that 65% of all mantid species can hear. The ears 
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FIGURE 5 The prothoracic tympanal ear of a parasitoid tachinid fly, Ormia ochracea (Tachinidae). (A) A female fly resting on its host (Gryllus integer). (B) A 
light micrograph of the prosternal ear in a female. The outline of the tympanal membrane is indicated with arrows. (Photographs provided courtesy of 


D. Robert, R. Hoy, and G. Haldimann.) 


occur in the most bizarre location: the two tympanal 
membranes face one another inside a narrow groove between 
the metathoracic legs. The mantid ear is functionally an 
“auditory cyclops” because the close proximity of the ear 
drums (less than 150 um) provides no directional 
information to the animal. The ears function as bat detectors 
and are most sensitive between 25 and 50 kHz. 


Coleoptera 


Tympanal ears have been described in two beetle families to 
date. Several species of the genus Cicindela (Cicindelidae) 
have ears on the dorsal surface of the first abdominal 
segment, beneath the wings. Some scarabs (two tribes in the 
subfamily Dynastinae) have ears located just beneath the 
neck membranes (pronotal shield). The ears of both families 
are tuned to ultrasonic frequencies, and there is strong 
evidence that they function as bat detectors. It is a little bit 
surprising that there are not more examples of hearing in 
beetles. Given the large number of species, the wide diversity 
of niches worldwide, and numerous reports of sound pro- 
duction, we expect that more examples will be uncovered. 


Neuroptera 


Green lacewings (Chrysopidae) have an ear near the base of 
each forewing in a location similar to that of the ears of some 
butterflies. The ear consists of a swelling of the radial vein, 
with a region of very thin cuticle on the ventral side that 
functions as a tympanal membrane. Like the corixid ear, the 
tympanal chamber is predominantly fluid filled. The ears res- 
pond to sounds between 40 and 60 kHz and are sufficiently 
sensitive to detect echolocating bats at close distances. 


NONTYMPANAL HEARING ORGANS 


Until now we have focused on tympanal ears, which are 
sensitive to traveling waves of changing pressure in air and 
water, known as the acoustic far field. In the broadest sense 
of the word, however, hearing encompasses the detection of 


near-field sounds, as well as vibrations traveling through solid 
substrates. By and large, the near field can be thought of as a 
short distance, a few body lengths, from the sound source. 
Substrate vibrational signals have also been described as 
“seismic communication.” In this larger sense, then, we could 
argue that most insects can hear. We highlight a few recent 
developments in the study of these alternative, but no doubt 
widespread, forms of hearing. 


Detecting Near-Field Sounds 


When a sound is produced, air particles are being pushed 
back and forth near the source of disturbance. These particle 
movements, or near-field sounds, are generally of low fre- 
quency (typically below 1 kHz) and, unlike pressure waves, 
do not travel far from the sound source, in many instances, 
just a few body lengths in distance. A small, light, and pon- 
derable object occurring within the near-field sound will move 
in response to the vibrating air molecules. In insects, loosely 
attached setae or antennae are commonly used for detecting 
particle velocity. Depending on the structure of the receptor 
organ, and its position relative to the sound source, near-field 
receptors can offer information about the direction and the 
intensity of a sound source. 

Some caterpillars can detect the near-field sounds 
produced by the beating wings of a flying wasp up to 
distances of 70 cm. Specialized hairs on the dorsal thorax of 
the caterpillar are displaced in the sound’s near field, eliciting 
an evasive response, such as freezing or dropping from a leaf. 
Similar particle-displacement-sensitive setae on the cerci of 
crickets and cockroaches function in predator avoidance and 
possibly for close-range conspecific communication. 

The antennae of many insects also function as near-field 
sound detectors. In many Diptera (mosquitos, chironomids, 
and fruit flies), for example, the males are attracted to the 
near-field “buzzing sounds” of females (Fig. 6). The long 
flagella of the antennae in male mosquitoes resonate to the 
tune of flying females, and these antennal movements in turn 
stimulate many thousands of scolopidia in the Johnston's 
organ, a chordotonal organ located at the base of the 
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FIGURE 6 The near-field sound hearing organs of a mosquito. (A) Micro- 
graph of the head of a male Toxorhynchites brevipalpis, showing the plumous 
flagella of the antennae (blue arrows), which resonate in response to the 
near-field sounds of flying females. (B) A cross section through the antennal 
base, showing the location of the Johnston’s organ (green arrows), where the 
auditory scolopidia are located. (A is courtesy of D. Huber. B was adapted, 
with permission, from M. C. Gépfert and D. Robert, 2001, Active auditory 
mechanics in mosquitoes, Proc. R. Soc. London B 268, 333-339.) 


antennae. The Johnston's organ may also be involved in the 
detection of near-field sounds produced by honey bee waggle 
dances. It is also the sensory organ by which the well-known 
Drosophila melanogaster detects the patterned wingbeats that 
make up the mating songs of these species. 


Detecting Substrate-Borne Vibrations 


The detection of vibrations traveling through solid substrates 
may be one of the most ubiquitous but least appreciated 
forms of acoustic communication in insects. With recent tech- 
nological advances in the detection of substrate-borne signals 
(e.g., laser vibrometry and piezoelectric sensors), we are learn- 
ing that a large number of insects can detect vibrations 
produced by both intentional and unintentional senders. In 
fact, most insect orders probably include species capable of 
detecting vibrations. At present, however, there are few com- 
plete studies on this subject. We provide two recent examples 
out of many possibilities. 

Membracid treehoppers (Homoptera: Membracidae) trans- 
mit alarm calls through tree stems to communicate with con- 
specifics. Nymphs living in colonies of up to 100 individuals 
on the stem of a host plant produce coordinated waves of 
vibrations when threatened by a predator. The mother 
treehopper detects these alarm calls and rushes to defend her 
offspring, by kicking her hind legs and fanning her wings at 
the intruder (Fig. 7A). For many species of caterpillars that 
live in social or crowded conditions, vibrational signaling 
may be a principal means of communication. The common 
North American masked-birch caterpillar (Drepana arcuata) 
engages in acoustic “battles” with invading conspecifics. The 
nest owner drums and scrapes its mandibles and scrapes 
modified “oars” against the leaf in ritualized acoustic displays. 
Acoustic “duels” between residents and intruders can last 





FIGURE 7 Acoustic communication through substrate-borne vibrations. 
(A) A group of treehopper nymphs (Umbonia crassicornis) use coordinated 
substrate-borne vibrations to warn their mother of an approaching predatory 
wasp. The mother detects the signals and rushes to the defense of her offspring. 
The waveform represents three group signals from an aggregation of nymphs. 
Scale bar, 560 ms. (Reproduced, with permission, from R. B. Cocroft, 2002, 
Antipredator defense as a limited resource: Unequal predation risk in broods 
of an insect with maternal care, Behav. Ecol. 13(1), 125-133. Waveform 
courtesy of R. B. Cocroft.) (B) Two masked birch caterpillars (Drepana 
arcuata) engaged in an acoustic “duel” over a silken nest on a birch leaf. The 
waveform depicts the three signal types (green, anal scrapes; blue, mandible 
drumming; orange, mandible scraping) used by the caterpillars. 
(Reproduced, with permission, from J. E. Yack et al, 2001, Caterpillar talk: 
Acoustically mediated territoriality in larval Lepidoptera, Proc. Natl. Acad. 
Sci. USA 98(20), 11371-11375.) 


from a few minutes to a few hours (Fig. 7B). At present, we 
know little about how insects detect substrate vibrations. The 
subgenual organ (a chordotonal just “below the knee” in 
many insects) functions as a vibration receptor in some 
groups (like some crickets and termites), but for most insects, 
the receptor organs are yet to be identified. Clearly further 
research is required before we gain a full appreciation of this 
important form of communication in insects. 


FUNCTION 


Because of their physical properties, acoustic signals are highly 
adaptive for certain kinds of behavioral interactions: sound 
waves can travel at any time of the day or night, through thick 
vegetation or muddy water; they convey information instan- 
taneously and can be transmitted over long distances; and 
sounds are easy to localize, do not leave lingering traces, and 
can transmit large amounts of information per unit time. For 
the majority of insects, acoustic communication functions 
primarily in reproductive behavior and predator avoidance, but 
may also be used for detecting prey or host species (parasitic 
flies, wasps; predatory water striders, ant lions) or calling to 
conspecifics to form aggregations (sawfly larvae) or warn of 
danger (termites, treehoppers). 

For humans, the most conspicuous sounds commonly 
heard from insects are the loud chirps and trills of field 
crickets, the long raspy choruses of katydids by night, and the 
intense, shrill-like buzzes and rattles of cicadas by day. These 
are the mating calls emitted by males in order to attract 
conspecific females. Sounds used in reproductive interactions 


function in species recognition, courting, pair maintenance, 
female mate choice, and male—male competition. The hearing 
organs of crickets, katydids, grasshoppers, mosquitos, and 
cicadas are used primarily for these purposes and are sharply 
tuned to the calls of conspecifics. The features of these mating 
calls have surely been shaped by sexual selection. 

Many insects have ears for the sole function of detecting 
predators. Many nocturnally active insects (most Lepidoptera, 
some mantids, beetles, and lacewings) have ears tuned to the 
ultrasonic vocalizations of insectivorous bats that use biosonar 
to detect and home in on their prey. Unlike ears specifically 
designed for conspecific communication, the ears of predator 
detectors are usually more broadly tuned and more simple in 
their design, sometimes having only a few auditory cells per ear. 


CONCLUSION 


Since antiquity we have known that many insects produce 
sounds, but only during the past 150 years have scientists 
realized that some insects can hear. Detailed descriptions of 
ear anatomy, and the behaviors associated with hearing, 
began in the early 1800s, providing the basis for current 
developments in the field of insect bioacoustics. Over the 
past 40 years there have been significant advances in the field: 
many new ears have been discovered, and previous claims to 
tympanal hearing (based on morphological studies) have 
been validated. With the development of new instruments 
for detecting acoustic signals outside the realm of human 
perception (e.g., ultrasound, solid-substrate-borne vibrations), 
and for recording neurophysiological responses to sound, we 
are now beginning to better appreciate the immense diversity 
of insect sound receptor organs. 

There is still much to learn about insect hearing. We 
know little, for example, about the chain of physical and 
bioelectrical events leading to sound reception at the level of 
the auditory cells or how acoustic sensory responses are 
integrated at the level of the central nervous system to 
promote adaptive behaviors. New tympanal ears will no 
doubt turn up in the years ahead, but perhaps most 
significantly, future explorations into substrate-vibrational 
and near-field sound communication are sure to yield 
exciting insights into how insects communicate acoustically. 
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emolymph is the circulating fluid or “blood” of insects. 

It moves through the open circulatory system, directly 
bathing the organs and tissues. Insect hemolymph differs 
substantially from vertebrate blood, with the absence of 
erythrocytes and a high concentration of free amino acids 
being two of the common distinguishing features. The main 
component of hemolymph is water, which functions as a 
solvent for a variety of molecules. Water in hemolymph makes 
up 20 to 50% of the total water in insect bodies, with larval 
stages generally having a larger relative hemolymph volume 
than adults. Hemolymph serves as a water storage pool for use 
by tissues during desiccation and as a storage depot for other 
types of chemicals. It also contains circulating cells called 
hemocytes. Hemolymph can function as a hydraulic fluid, for 
example, in the expansion of a newly molted butterfly’s wings. 
Hemolymph serves important roles in the immune system 
and in transport of hormones, nutrients, and metabolites. 


INORGANIC COMPONENTS 


The composition of inorganic ions in hemolymph varies 
widely among different insect groups. The pH of the 
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hemolymph of most insects is in the range of 6.4 to 6.8. 
Apterygotes contain high levels of sodium and chloride, similar 
to mammalian blood. In hemolymph of exopterygotes, sodium 
and chloride are also high but magnesium makes up a large 
portion of the total inorganic cations. In endopterygotes, 
particularly Lepidoptera, Coleoptera, and Hymenoptera, 
concentrations of sodium and chloride tend to be much 
lower and are replaced with high levels of potassium, 
magnesium, and organic anions. This difference has been 
attributed to the coevolution of these insect groups with 
flowering plants and the consequent dietary importance of 
leaves (which contain high concentrations of magnesium and 
potassium). However, the concentration of inorganic ions is 
not a function of only the diet, because insects are able to 
regulate the ion composition of hemolymph to some degree. 


LOW-MOLECULAR-WEIGHT 
ORGANIC COMPONENTS 


Citric acid and other organic acids and organic phosphates 
(such as glycerol 1-phosphate and sorbitol 6-phosphate) 
account for much of the anion content in hemolymph from 
many insect species. The most abundant carbohydrate in 
hemolymph of most insects is the disaccharide trehalose. 
Transport of trehalose as an energy source for tissues is an 
important function of the hemolymph. Trehalose levels are 
hormonally regulated and can be increased through synthesis 
from glucose phosphate derived from glycogen stored in the 
fat body. Glucose may also be present in hemolymph, 
although generally at a lower concentration than trehalose. In 
some insects, diapause or exposure to low temperatures can 
stimulate synthesis of glycerol and sorbitol (from glycogen 
stored in fat body). The resulting high concentration of these 
compounds in hemolymph depresses the freezing point and 
protects the insects from damage that would occur if ice 
crystals were to form in hemolymph. 

Hydrophobic lipoidal compounds present in hemolymph are 
carried by specific transport proteins. Diacylglycerol is the major 
transported form of lipid in most insects, but triacylglycerol, 
fatty acids, phospholipids, and cholesterol are also present. 
Pigments such as B-carotene, riboflavin, and biliverdin, which 
give hemolymph of many insects a characteristic yellow or 
green color, are also carried by specific proteins. 

Free amino acids are present at high concentration (up to 
200 mM) in hemolymph and make a major contribution to 
hemolymph osmolarity. All 20 of the amino acids found in 
proteins exist as free amino acids in hemolymph. Although the 
relative concentrations of the amino acids vary in different 
species, glutamine and proline are typically abundant. Proline 
is known to serve as an energy source for flight muscles in 
some species. Hemolymph may also contain some amino acids 
that are not found in proteins, such as B-alanine and taurine. 
Tyrosine, which is metabolized for use in cuticle sclerotization, 
often occurs in hemolymph as a conjugate with glucose, 
phosphate, or B-alanine, which increases its solubility. The 


phosphate and glucose substituents are removed from 
tyrosine by specific enzymes when tyrosine is needed for 
sclerotization. Catecholamines derived from tyrosine, which 
are used in cuticle sclerotization and pigmentation, are also 
present in hemolymph as conjugated forms. 


PLASMA PROTEINS 


Proteins are a major component of the hemolymph plasma. 
Typical protein concentrations in plasma range from 10 to 
100 mg/ml. In most species, the concentration of proteins in 
plasma increases during each instar and decreases at each molt. 
The fat body is responsible for the synthesis of the majority of 
plasma proteins, but there is also a contribution of some spe- 
cific proteins from epidermis and hemocytes. Plasma from 
each species contains a few very abundant proteins and more 
than a hundred other proteins at much lower concentrations. 
Although the identities and functions of the major proteins 
are understood, many of the minor hemolymph proteins 
have not yet been thoroughly investigated. 


Storage Proteins 


The most abundant proteins in larval hemolymph belong to a 
class known as storage proteins or hexamerins (because they are 
assembled from six ~80-kDa polypeptide subunits). The storage 
proteins are synthesized by the fat body and reach extremely 
high concentrations in the last instar. At the end of this stage, 
most of the storage proteins are taken back into the fat body, 
through interaction with specific receptors, and stored in protein 
granules. During metamorphosis the storage proteins are broken 
down into free amino acids, which are used for synthesis of other 
proteins required in the adult stage. In some exopterygotes, 
hexamerins are again synthesized by the adult, although their 
function at this developmental stage is unclear. The hexamerins 
can be classified according to their amino acid compositions. 
Those rich in the aromatic amino acids (phenylalanine, tyrosine, 
and tryptophan) are called arylphorins, whereas another group 
of hexamerins are known as methionine-rich storage proteins. 
In addition, some other proteins that function as storage 
proteins but are not similar in sequence to the hexamerins 
have been identified in lepidopterans. 


Transport Proteins 


Several hemolymph proteins function to transport small 
molecules that have low solubility in water. Insect plasma 
contains two proteins that specifically bind iron; ferritin 
appears to sequester dietary iron, whereas transferrin acts as a 
shuttle to transport iron between tissues. 

The most abundant transport protein in hemolymph is 
lipophorin, which transports lipids between tissues. Like 
lipoproteins in mammalian plasma, lipophorin is composed 
of proteins that complex with lipids in such a way that the 
lipids are protected from contact with the surrounding water. 


Lipophorin docks with specific receptors on the surface of 
tissues to either accept or unload diacylgycerol. Lipophorin 
contains two polypeptide subunits, apolipophorin-I and 
apolipophorin-II, which are produced by proteolytic cleavage 
of a larger protein precursor. In insects that use lipids as a fuel 
for flight muscles, diacylglycerol is released from the fat body 
into the hemolymph under control of a peptide hormone 
known as adipokinetic hormone. As lipophorin accepts large 
amounts of diacylglycerol, its volume increases and its 
density decreases as it is converted from high-density 
lipophorin to low-density lipophorin. Low-density lipophorin 
contains a third type of protein subunit, apolipophorin-III, 
which binds to the surface to stabilize the expanding 
lipid—water interface. 

Juvenile hormone (JH), a sesquiterpenoid lipid, has low 
solubility in water and is transported through hemolymph 
bound to a specific carrier protein. JH binding proteins of 
~30 kDa have been well characterized from plasma of 
lepidopterans, whereas in other insect orders lipophorin or a 
specific hexamerin takes on the role of JH transport. In 
addition to keeping JH in solution, these proteins also 
protect the hormone from degradative enzymes that help to 
regulate JH concentration in plasma. JH binding proteins 
may also aid in delivery of the hormone to target tissues. 


Egg Yolk Proteins 


In adult female insects, certain proteins synthesized by the fat 
body and secreted into the hemolymph are delivered to the 
ovary, where they are taken up by developing oocytes. The 
most abundant of these is called vitellogenin. Once 
vitellogenin becomes a part of the egg yolk, it is called 
vitellin. Vitellogenins are typically large, phosphorylated 
lipoglycoproteins that are expressed specifically in adult 
females. Lipophorin is also taken up from hemolymph into 
eggs and provides additional lipids for use by the developing 
embryo. Vitellogenin and lipophorin are related in their 
amino acid sequences, indicating that they have a common 
ancestral gene. Vitellogenin, lipophorin, and a few other 
plasma proteins are taken up into oocytes by receptor- 
mediated endocytosis. 


Proteins and Peptides Involved in Immune Responses 


A group of plasma proteins functions in defense against 
microbial infection. Hemolymph of many insects contains 
lysozyme, an enzyme that degrades bacterial cell walls. In 
addition, low-molecular-weight antimicrobial peptides are 
synthesized in response to bacterial or fungal infection. Many 
of these peptides act by disrupting the integrity of bacterial 
cell membranes. Phenoloxidase, an enzyme present in plasma 
of some species and stored in hemocytes of others, is 
synthesized as an inactive precursor, prophenoloxidase. In 
response to infection or injury, prophenoloxidase is activated 
and catalyzes the production of quinones that polymerize to 
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form the pigment melanin, which helps to trap and kill 
invading organisms. The tendency of hemolymph to darken 
has been known for more than 100 years, but this 
melanization has only recently become understood at a 
molecular level. Plasma contains proteins that bind to 
carbohydrates on the surface of microorganisms. This causes 
activation of a cascade of proteases that results in the 
proteolytic activation of prophenoloxidase. To regulate this 
immune response, plasma contains several types of proteins 
that function as protease inhibitors. 


HEMOCYTES 


The circulating cells in hemolymph are called hemocytes. 
Insects lack erythrocytes, and hemocytes cannot be directly 
equated with vertebrate leukocytes. Some fraction of 
hemocytes remains sessile and attached to the surfaces of 
tissues, and in some species (mosquitoes, for example) such 
cells may account for a majority of the hemocytes. Several 
different morphological types of hemocytes can be identified 
in each insect species. Some commonly observed hemocyte 
types are illustrated in Fig. 1. Prohemocytes are small, round 
cells that may be precursors from which some other cell types 
develop. Granular hemocytes contain conspicuous cytoplasmic 
granules that can be discharged as part of a defensive response 





FIGURE 1 Examples of hemocyte types from a lepidopteran, Manduca sexta. 
(A) Plasmatocytes. The plasmatocyte shown on the left has just begun to 


spread, whereas the one on the right has spread extensively. (B) Granulocytes. 
(C) Oenocytoids. (D) Spherulocytes. 
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to invading parasites. Plasmatocytes usually contain few 
granules and are characterized by their ability to change from 
round or spindle-shaped cells in suspension to extensively 
flattened, ameboid cells after attaching to a substrate. Spherule 
cells contain very large cytoplasmic granules, which may 
contain mucopolysaccharides. Oenocytoids are large cells 
that synthesize prophenoloxidase. 

Plasmatocytes and granular hemocytes are usually the two 
most abundant hemocyte types, although their proportions 
can vary between species and within a species at different 
developmental stages. These two hemocyte types participate 
in immune responses, including: (1) phagocytosis of small 
organisms such as bacteria; (2) nodule formation, in which 
multiple hemocytes aggregate to trap microorganisms; and 
(3) encapsulation, in which hemocytes attach to the surface of 
a larger parasite and form a multilayered hemocyte capsule, 
in which the parasite is killed. Nodules and capsules often 
become melanized through the action of phenoloxidase. 
Hemocytes, especially plasmatocytes, also aggregate in a type 
of coagulation response, sealing wounds to prevent 
hemolymph loss. Another function of hemocytes is in 
synthesis of the extracellular matrix that covers tissues exposed 
to the hemolymph. Granular hemocytes appear to be the pri- 
mary cell type involved in this aspect of hemocyte function. 


See Also the Following Articles 
Circulatory System ¢ Fat Body « Immunology « Vitellogenesis 
Water and Ion Balance, Hormonal Control of 
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Hibernation 
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H ibernation refers to the state in which animals pass the 
winter. In discussion of insects overwintering is often 
used as a synonym for hibernation; usually hibernation is 
associated with entry into a dormant state. Estivation is a 
term used for animals that become dormant in the summer. 
Some insects enter an extended period of dormancy, referred 
to as estivohibernation, which begins in summer and 
continues through the winter. This term also is used 
commonly in connection with those mammals that lower 
their body temperature slightly (e.g., carnivorean lethargy in 
bears and skunks) or extensively (e.g., hibernation sensu 
stricto in ground squirrels) during the winter. 

It is critical for insects to synchronize their periods of 
feeding, growth, and reproductive activities with those times of 
the year when food is available and environmental conditions 
are suitable. Hibernation generally includes entry into dia- 
pause, a dormant state that promotes survival by depressing 
metabolism and energy utilization when host plants and other 
food sources are unavailable. Typically, this also includes 
reduced morphogenesis in immature stages; hibernating 
adults typically hibernate before reproducing. 

Specific behavioral changes are often associated with 
movement to overwintering sites, termed hibernacula. One 
of the most extreme examples is the monarch butterfly 
(Danaus plexippus), which may migrate more than 5000 km 
from southern Canada and New England to mountain sites 
in central Mexico. Other insects migrate locally as they move 
to hibernacula within the soil where they may burrow to 
avoid exposure to winter cold. Still others seek sites beneath 
rocks, logs, bark, and leaf litter. 

In temperate regions, insects typically hibernate in a 
specific life stage. The egg, larva, and pupa are more common 
stages for overwintering than is the adult. However, alpine 
and polar insects or others living in extreme environments, in 
which growing seasons are short or unpredictable, and 
having life cycles that may be extended over several years may 
hibernate multiple times in one or more life stages. 

In temperate regions, most hibernating insects enhance 
their resistance to environmental extremes, particularly cold 
and desiccation. During autumn, many species markedly 
enhance their tolerance to low temperature, termed cold- 
hardening. Most insects are freezing intolerant and are unable 
to survive freezing within their body fluids. These species 
typically enhance their capacity to supercool (i.e., remain 
unfrozen at temperatures below the melting point of their 
hemolymph) by synthesizing glycerol, sorbitol, trehalose, or 
other cryoprotective compounds, often at high concentrations 
of 1 M or more. Production of antifreeze proteins, avoidance 


2 5G development initiatives 


With a view to keeping the many promises being made for 5G, a number of initiatives are currently 
underway around the globe to promote its development. Below, we detail the foremost initiatives 
put forth by the players with which Arcep met as part of its investigation. 


2.1 Government initiatives 


The prospect of significant socio-economic repercussions generated by 5G (possible revenue of close 
to $225 billion a year” by 2025) combined with many countries’ desire to establish themselves as 
technological leaders and make their companies more competitive, have propelled a multitude of 
government initiatives around the globe, aimed at encouraging the mobile ecosystem to begin the 
work and make the investments required to drive the rapid construction of the first 5G networks. 


A selection of the largest initiative is detailed below. 
2a In Europe 


5G-PPP 


The 5G Public Private Partnership (SG-PPP) is dedicated to 5G research and development, created on 
the initiative of the European Commission in 2013, with a budget de €700 million in public funding. 
The main objectives set by 5G-PPP are: 


- Create stronger ties between the economic players and academic bodies devoted to the 
telecommunications sector over R&D projects, along the entire value chain; 


- Reduce technological dependence on the United States and Asia while sustaining a strong 
global market; 


- Regain technological leadership, notably in disruptive technologies, by promoting standards 
in international bodies; 


- Allow innovative business models to emerge; 
- Facilitate large-scale experimentation. 


The results of this work will help clarify the 5G action plan (see below), and fuel the standardisation 
work that is currently underway. 


To achieve its ambitions, 5G-PPP has initiated three stages of work, financed by the European Union, 
whose roadmap is in sync with the main international initiatives (3GPP and ITU, cf. Figure 14): 

- The first stage which is currently underway, will last until mid-2017; 

- Asecond stage focused on systems optimisations, from the end of 2017 to mid-2019; 

- And finally a full-size trial stage from 2019 to 2020. 
Deploying 5G by 2020 will require Europe to develop leading edge technologies, globally approved 
standards and especially to achieve consensus over the most suitable frequency bands. This funding 


and these projects — involving a great many researchers from more than a hundred companies and 
the finest R&D centres in Europe — are thus vital. 
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of inoculative freezing by external ice, and ridding the body 
of ice nucleators that may catalyze ice formation are other 
mechanisms used to avoid lethal freezing. 

In contrast, a few insects are freeze tolerant and can 
survive the freezing of 70% or more of their body water. 
Cryoprotectants are also commonly synthesized by freeze- 
tolerant species, as are ice-nucleating proteins that induce ice 
formation at high subzero temperatures. Overwintering 
insects also may acquire exceptionally high levels of 
desiccation resistance, comparable to those of desert species. 

Behavioral and physiological changes associated with 
hibernation, diapause, and cold-hardening are commonly 
triggered by environmental cues, including photoperiod, 
temperature, moisture conditions, and changes in host plant 
quality. These cues ensure that adaptive responses occur 
before severe winter conditions arrive. 


See Also the Following Articles 
Aestivation ¢ Cold/Heat Protection « Diapause « Dormancy « 
Monarchs 
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his brief history traces the interactions of humans and 

insects dating from the adoption of agriculture and its 
inherent ecological disruptions. Humankind’s early preoc- 
cupation with survival focused on insects as relentless pests, 
competitors for food and fiber, threats to health and comfort. 
The high hopes following World War II for relief from the 
bondage of insects through the use of chemical insecticides 
such as DDT proved unrealistic. The reassessment that followed 
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led to a concept based on ecological principles which is 
referred to as integrated pest management (IPM). In this 
system, multiple control technologies are used, with the 
additive effect being to hold insect injury at acceptable levels 
while avoiding excessive environmental insult. The age-old 
struggle continues; entomologists are now armed with the 
lessons of the past; advances in insecticidal chemistry, bio 
logical control, and cultural methods; and visionary new 
technologies based on genetic modification of plants and 
animals. Simultaneously, the rise of the environmental 
movement and ecological awareness has placed insects in a 
new context, highlighting their essential role in biodiversity 
on which the viability of the Earth depends. The vision for 
the 21st century calls for compatibility between insect 
control and conservation; both are prerequisites to human 
well-being. Stewardship of the Earth is the greatest challenge 
ahead and one that places awesome responsibility on the 
shoulders of entomologists. 


IN THE BEGINNING 


The history of life on earth reaches back some 4 billion years. 
From this beginning the long evolutionary trail unwound. 
Along the way, 99% of the forms that appeared met with 
extinction. 

The great exterminations that have occurred since the 
appearance of insects in the Devonian period, 400 mya, 
revealed insects’ remarkable survival qualities. Insects 
witnessed the last of the trilobites that preceded them by 175 
million years. By the time the dinosaurs appeared in the 
Triassic period, 210 mya, the major orders of insects existing 
today were already well established. Dinosaurs became 
extinct 66 mya, leaving a niche occupied in time by 
mammals. The mammals, in turn, provided a niche for 
insects, offering furry cover and warm meals. The 
disappearance of the dinosaurs coincided with a great 
radiation of insects based on insects’ symbiosis with 
flowering plants. For the past 150 million years, the 
flowering plants and insects have honed their intricate 
coevolution, which accounts for their immense biodiversity 
on which human habitability of the earth depends. 

Insects have withstood trial by ice and fire, meteorite 
strikes, volcanic eruptions, global dust veils, acid rain, and 
continental upheavals. This evolutionary experience is 
encoded in their DNA and attests to the advantage of their 
small size, external skeleton, flight, metamorphosis, and 
specialized systems of reproduction. These are significant 
credentials in insects’ rivalry with Homo sapiens, a species that 
draws on an evolutionary history of a scant 7 million years. 


COEXISTENCE, HUMANS AND INSECTS 


Class Insecta has plagued and fascinated humans for all of 
their history. The most striking features of the Insecta are 
diversity and numerical superiority. Of the 5 to 30 million 
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species estimated to compose the global flora and fauna, 
approximately 1.7 million have been named, more than half 
of them being insects. It is estimated that insects make up 
75% of the known animal kingdom. 

Because insects occupy almost every conceivable terrestrial 
niche, they interact with humans in countless ways that 
accord them status as “pests.” This same diversity bestows on 
insects essential roles in the functioning of the biosphere as a 
sustainable biological system. Considering the countless 
interactions between humans and insects, it is not surprising 
that insects have become fixed in the fabric of human 
culture. They have become important components of our art, 
language, literature, music, philosophy, and religion. In 
addition, insects are remarkable sources of knowledge, ideal 
models for the study of biological processes including 
genetics, physiology, and molecular biology. 

Professional entomologists find challenge in our univer- 
sities where they engage in teaching, in conducting research 
to advance knowledge, and in extension, applying knowledge 
to the solution of applied entomological problems. In 
addition to professional entomologists, amateur naturalists 
are drawn to the study of insects because of their form, color, 
and behavior. As the expanding human population continues 
its modification of the natural habitat, the interface between 
humans and insects will become more problematic. 


ENTOMOLOGICAL ROOTS 


A mere 10,000 years ago, primitive hunter-gatherers made a 
great leap forward; they entered into partnership with plants, 
and agriculture was born. Thereafter, humans would seek to 
alter ecosystems to their own advantage. They would 
intervene to favor some plants and animals over others, 
thereby altering the evolutionary process that had shaped the 
biological world for the preceding 4 billion years. 

Insects in their coevolution with plants and animals had 
been a powerful force in shaping the biosphere. They posed 
a primary threat to humans’ alteration of ecosystems to 
provide food, fiber, shelter, and comfort for themselves and 
their domestic animals. The struggle that followed moved 
through stages of ignorance, myth, religion, and then 
enlightenment through science and technology. 

Our brief historical sweep will jump the seemingly long 
sleep of ancient civilizations and go to the Greek civilization in 
the time of Aristotle (384-322 B.c.). The orderly study of 
biology began with his speculations. He relied on his own 
observations, defined the field, posed the questions, and 
accumulated evidence to answer them. Aristotle’s vision of 
rationality lay dormant for centuries until the Renaissance. 
In the meantime, Judaism and Christianity imposed a new 
concept, one focused on God and creation as depicted in the 
book of Genesis. Accordingly, God created the world, directing 
Man to “be fruitful and multiply...” and “with dominion over 
every living thing that moves upon the earth” (Genesis 1:28). 
Man was not part of nature. Nature was subservient to Man. 


The Scientific Revolution of the 16th and 17th centuries 
marked the beginning of modern science and included 
mathematics, mechanics, and astronomy but had little impact 
on biology. While the revolution rejected superstition, magic, 
and the dogma of medieval theologians, it did not reject the 
ideological bias of the Judeo—Christian religion. The hand of 
God was still directing the course of the natural world. 

Not until the 17th and 18th centuries was entomology 
advanced as a field of study within zoology. Anton van 
Leeuwenhoek (1632-1723) of Holland used the microscope 
to extend the power of the human eye. He was obsessed with 
the study of detail, including the morphology and specialized 
organs of insects. His revelations established insects as proper 
subjects for scientific study. Francesco Redi (1626-1697) of 
Italy demonstrated in 1668 that insects arose, not from 
spontaneous generation, but from eggs laid by fertilized 
females. Jan Swammerdam (1637-1680) of Holland did 
superb anatomical work on insects, including the honey bee. 

The excitement of these discoveries was further enhanced by 
the flow of exotic plants and animals brought back from voyages 
to other continents. Charles Darwin’s voyage of HMS Beagle 
in 1831-1836 followed this tradition. The wealth of material 
acquired made students aware of the need to classify the 
organisms collected and to assemble specimens in orderly 
collections. Other investigators focused on the activity of insects 
in the field and their role as pollinators and as agricultural pests. 

A prerequisite to advancing the study of insects was the 
development of a classification system that would bring order 
out of chaos. The Swedish naturalist Carl Linnaeus 
(1707-1778) met this need. Although trained in medicine, he 
studied botany extensively and turned to the classification of 
plants, animals, and minerals. His Systema Naturae (10th ed., 
1758) is still regarded as the foundation stone of zoological 
nomenclature. He greatly simplified insect classification by 
using insect wings (hence the suffix -prere, meaning wing, for 
most order names) as the basis for classification. The other 
great feature of his system was the designation of genus and 
species each by a single word, thus providing a binomial 
system to replace the unwieldy descriptive names employed 
earlier. Linnaeus’s “artificial” system of insect systematics 
based only on wings was in time modified by adding other 
characters to construct a “natural” system. 

Another great naturalist, René Antoine Ferchault de 
Réaumur of France (1683-1757), infused a new perspective 
into the emerging study of insects. He deplored the confusion 
that existed regarding metamorphosis, distribution, and 
“industries” of insects. He championed the study of insects 
out of sheer curiosity, claiming that useful discoveries would 
be made in the process. His six volumes of Memoires pour 
Servir a Histoire des Insectes (1734-1742) with their exacting 
attention to morphology and function, complete with 
accurate drawings, established a new standard of excellence. 

The work of Linnaeus and Réaumur provided the 
templates for orderly classification and elucidation of 
fundamental and applied aspects of entomology. Their works 


were extended and refined by French naturalists Pierre André 
Latreille (1762-1833), Georges Cuvier (1769-1832), and 
Jean Lamarck (1744-1829). By the 19th century, 
entomology was firmly established in European zoological 
science. The taxonomic treaties established in this process 
were to provide the guides to the classification of American 
insects. These sources were augmented by two sources in 
Great Britain: Gilbert White’s (1720-1793) The Natural 
History and Antiquities of Selborne (1789) and William Kirby 
(1759-1850) and William Spencer’s (1783-1860) Jntroduction 
to Entomology (1816-1826). The writings of these field 
naturalists on the biological characteristics of insects made 
insects, at one point, the most popular component of natural 
history in Victorian England. In addition, they contributed 
to the development of the biological species concept. This 
concept, essential to the understanding of biological 
communities, recognizes a species as a reproductively 
(genetically) isolated group of inbreeding populations. 

The next step in the unfolding of the biological sciences 
was a giant one: the publication, in 1859, of Charles 
Darwin's (1809-1882) theory, On the Origin of Species. This 
event placed conceptual biology in a new light. In a single 
stroke, Darwin’s work challenged the natural theology that 
had dominated biological thought for 3 centuries. Natural 
theology had been elaborated in John Ray’s (1627-1705) 
The Wisdom of God Manifested in the Works of the Creation 
published in 1691. The concept provided a truce between 
science and religion. It contended that God created the world 
and the evidence of His omnipotence was to be found in the 
study of His creatures. 

There was no middle ground between Darwin and Ray. 
Darwin provided a new way of viewing biology. The living 
world had evolved; it could be explained on the basis of 
descent with change. It was noteworthy to entomologists 
that much of Darwin's supporting evidence was derived from 
his study of insects dating from his days at Cambridge 
University (1828), where he was an avid insect collector. 

Intense debate followed the publication of Darwin's 
theory. Nowhere was the debate more intense than at 
Harvard University, where Asa Gray (1810-1888), a botanist 
and staunch Darwinian, challenged Louis Agassiz 
(1807-1873), the foremost naturalist of the world and 
unrelenting defender of the creationist view. 

An unlikely pair of outspoken individuals led the pro- 
Darwinian entomologists of North America. Benjamin D. 
Walsh (1801-1869), who had collected beetles with Darwin 
at Cambridge University, emerged from obscurity on the 
Illinois frontier to assert his long dormant entomological 
interest and declare his support for Darwinism. He was 
joined by the youthful Charles V. Riley (1843-1895), a 
fellow Englishman and self-taught entomologist who was 
then writing on entomology for the Prairie Farmer, the 
leading farm journal of the Midwest (Fig. 1). Their early 
collaboration on the issue of Darwinism bode well for the 
future. In time, evolution was accepted by biologists as a 
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FIGURE 1 Charles V. Riley’s nine annual reports as the state entomologist 
of Missouri (1868-1876) figured prominently in the knowledge base on 


which the philosophy of insect control in North America was based. 


fundamental basis of the discipline, although segments of the 
public still oppose it as a challenge to the Creation story as 
reported in the Old Testament book of Genesis. The distin- 
guished geneticist, Theodosius Dobzhansky (1900-1975), 
summarized the views in the major fields of biology in his 
essay entitled, “Nothing in Biology Makes Sense Except in 
the Light of Evolution” (1973). 


ENTOMOLOGY IN THE NEW WORLD 
Nurturing Environment and Supporting Institutions 


EMPIRE AND INSECTS — Early entomological developments 
in the United States occurred in the climate of Thomas 
Jefferson’s America. Jefferson took office as the nation’s third 
president in March 1801 and proceeded to sell his vision to 
his countrymen, then numbering just over 5 million. The 
United States had only recently gained its independence from 
England. Louisiana, the land stretching from the Mississippi 
to the Pacific Ocean, although claimed by Spain, was available 
and being considered by Russia, France, and England. Of 
these three, France, energized by Napoleon, was feared. the 
most. Despite the tenuousness of the situation, Jefferson 
clung to his vision of this vast land mass, stretching from sea 
to sea, being united under a stable government of the United 
States. Napoleon’s agreement to sell Louisiana came as a 
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surprise; its purchase, although not applauded by some 
leading politicians, was a masterful stroke. It doubled the 
land mass of the United States and resolved the feuding over 
control of the Mississippi River. But what had been 
purchased? To answer that question, Jefferson dispatched an 
expedition, led by Captain Meriweather Lewis and Lieutenant 
William Clark (1804-1805). Commissioned to explore the 
new acquisition, their report, on their return, removed some 
of the mystique of the Pacific Northwest but provided only 
tantalizing glimpses of the area’s natural history. Unfortu- 
nately, the expedition included no trained naturalists. 

The follow-up to Lewis and Clark’s report came in 
1819-1820. Major Stephen H. Long, under authorization of 
President Monroe, led an expedition of “Gentlemen of 
Science” to study this vast unexplored territory, its natural 
history, and the American Indians of the Rocky Mountain 
region. Entomology was well represented by Thomas Say, 
whose affiliation with the Academy of Natural Sciences of 
Philadelphia had won him the reputation as “perhaps the 
most brilliant zoologist in the country.” Say epitomized the 
confidence and vision of the young nation’s leaders in natural 
history; he was tall, handsome, and resplendent in the 
uniform of the Long Expedition, with its high-collared, gold- 
buttoned, green jacket and black military trousers. 

Although Say’s primary interest was insects, he covered 
the entire field of botany and zoology and conducted studies 
on the American Indians. His entomological studies 
provided the foundation for his American Entomology, 
published in three volumes (1824, 1825, and 1828). These 
were the first books on North American insects. They were 
beautifully illustrated by the artistic talents of his wife, Lucy, 
and Titian Peale of the distinguished family of Philadelphia 
artists. They provided a stimulus for American entomologists 
and signaled their emancipation from the European centers 
to which the study of American insects had previously been 
consigned, named by Europeans, and retained in their 
collections. With the spirit of the Revolution still vibrant, 
consigning American insects to European collections 
offended national pride. 

The Long Expedition imparted an American quality to 
the study of the nation’s natural history. The Gentlemen of 
Science who manned the expedition were trained in the 
nation’s centers of learning. They were not closet naturalists; 
they were adventurers. Their spirit was described by Say 
himself: “If our utmost exertions can perform only a part of 
a projected task, they may, at the same time, claim the praise 
due to the adventurous pioneer, for removing the difficulties 
in favor of our successors” (American Entomology). 


THE CULTURAL CENTERS Natural history found strong 
support in the cultural centers of Philadelphia, Boston, and 
New York. Philadelphia led the way, with the American 
Philosophical Society and the influence of the distinguished 
Benjamin Franklin (1706-1790). The Academy of Natural 
Sciences, founded in 1812, nurtured the founding of the 


Entomological Society of Philadelphia in 1859, which in 
turn launched the Practical Entomologist in 1865. 

Boston looked to Harvard College and the Massachusetts 
Society for Promoting Agriculture. William D. Peck 
(1763-1822) was appointed Professor of Natural History at 
Harvard in 1805 and offered the first lectures in entomology 
in North America. Thaddeus William Harris (1795-1853), a 
physician turned Harvard librarian, found time to become 
entomological author, teacher, collector, and correspondent. 
His report on Jnsects Injurious to Vegetation (1841) summarized 
the knowledge of insect control in Europe and North America, 
earning him the title, “Father of Economic Entomology.” 

New York asserted its interest by appointing Amos Eaton 
and John E. LeConte to the Lyceum of Natural History of 
New York. Other distinguished leaders included John Abbot 
(1751-1840), Thomas Say (1787-1834), and Frederick V. 
Melsheimer (1749-1814). A striking feature of these men and 
their institutions was their support of both classical and 
applied entomology. The individuals were well trained by the 
standards of the day, often completing training in medicine or 
theology, because there was no specific training in entomology. 

Systematics was the primary entomological interest, 
followed by aid to agriculture, which was beset with 
countless insect pests. These leaders experienced the 
frustration of gaining access to the European literature, 
founding periodicals for the publications of their own 
findings, and establishing reference collections. 

In the 1840s, American entomologists turned to the task 
of establishing the institutions that would sever their 
European dependence. The institutional framework took 
shape rapidly, led by the American Association for the 
Advancement of Science (AAAS), founded in 1847. It 
marked a transition from amateur to professional status, 
provided a national scientific forum, and nurtured the 
founding of professional societies. Within approximately 2 
decades, 1859 to 1881, five additional societies were 
established in North America: the Entomological Society of 
Philadelphia (1859), the Entomological Society of Canada 
(1862), the Cambridge Entomological Society (1874), the 
Brooklyn Entomological Society (1872), and _ the 
Entomological Club of AAAS (1872). The institutional 
framework was now in place to expand the scientific and 
technical dimensions of entomology. 


STATE AND FEDERAL ACTION IN THE UNITED STATES 
Agriculture held the key to moving the nation from an 
agrarian to an industrial society. The farmer was viewed as 
the noblest and most independent man in society. Unlike in 
Europe, the availability of fertile soil was seemingly unlimited. 
While great physical obstacles lay in the path of progress, the 
greatest was the limits of the human intellect. With these 
elements in the national outlook, it followed that state and 
federal action would augment the private efforts in support 
of agriculture and entomology. In 1854, two landmark 
appointments were made: Townend Glover was appointed to 


the Federal Patent Office for work in the newly established 
Bureau of Entomology, and New York State, responding to 
pressure from the New York State Agricultural Society, 
appointed Asa Fitch as its first state entomologist. Illinois 
and Missouri followed suit in 1868 with the appointments of 
Benjamin D. Walsh and Charles V. Riley, respectively. 

These appointments represented historic landmarks, 
because state and federal funds were appropriated in support of 
agriculture with entomology in the vanguard. These men were 
able individuals whose evangelical zeal and sound professional 
grounding were attuned to national goals. Their publications, 
with Charles V. Riley’s nine Missouri reports forming the core, 
laid the foundation for applied entomology in North America. 

National goals for agriculture led to enabling federal 
legislation in three steps. First, the Morrill Land Grant Act of 
1862 provided grants to each state, the proceeds from which 
funded a college, “to teach such branches of learning as are 
related to agriculture and the mechanic arts....” A research 
dimension was added in 1887 by the provisions of the Hatch 
Act, a state experiment station being added to each college 
and coordinated by a central office in the Department of 
Agriculture in Washington, DC. The events cited in the 
foregoing, occurring within approximately 3 decades, 
provided an impetus for applied entomology that was 
unprecedented in the world. 

Cooperative Extension, the outreach arm of the Land 
Grant University, which had been active from the start, was 
formally recognized and funded by the Smith-Lever Act of 
1914. This institutional framework with its catalytic feedback 
from teaching, research, and extension has been recognized as 
one of the greatest educational innovations of all time. 

With economic entomology rapidly expanding under the 
stimulus of the experiment stations, Charles V. Riley, now 
Chief of the Bureau of Entomology, perceived the need for a 
national organization to advance the goals of economic ento- 
mology. His organizational abilities and partnership with his 
Canadian counterpart, James Fletcher, led to the establishment 
of the American Association of Economic Entomologists in 
1889. At Riley's insistence, the association focused on 
economic entomology, leaving unmet the needs of the broader 
dimensions of biology, taxonomy, morphology, and faunistic 
studies of insects. In 1906, the Entomological Society of 
America was organized to meet these needs, with John Henry 
Comstock of Cornell University serving as president. With 
the various forces that shaped these professional and 
governmental institutions in mind, we can examine how the 
institutions responded to the challenge posed by insect pests. 


Insect Pests 


That the world is not awash in insects, despite their 
remarkable potential for reproduction, attests to the “balance 
of nature.” But nature’s balance, while avoiding extremes, 
does not preclude insect activity that is annoying to humans. 
Insects that take humans’ crops or blood, and invade their 
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dwellings, are termed “pests.” The term has no biological 
significance; it only expresses a human perception. 

Let us examine a few insect outbreaks that occurred in 
agricultural, medical, and veterinary entomology in the late 
1800s. They were to test the mettle of the institutions crafted 
to address such problems. They taught us much about 
insects, ourselves, and our vast land mass with its unique 
biomes and punctuated with its geographical features: the 
Rockies in the west, the Appalachian range in the east, the 
Great Plains, the Great Lakes, and the Mississippi. It was this 
abundance of land that appealed to the early settlers from 
land-poor Europe. It was from the vastness of the land with 
its rich flora and fauna coupled with the democratic spirit of 
its people that the American dream was fashioned. However, 
the dream’s social fabric was not matched by its concept of 
stewardship of the land. New England’s forest primeval had 
to be breached to make way for agriculture. Conquering 
nature was viewed as a prelude to progress, and the American 
Indian and the bison fared poorly under this credo. 


AGRICULTURAL ENTOMOLOGY The Colorado potato 
beetle, Leptinotarsa decemlineata, existed in the foothills of 
the Rockies on the buffalo bur, Solanum rostratum. As 
pioneer settlers pushed westward with their crops, the beetle 
colonized the cultivated potato, Solanum tuberosum, and 
began its eastern migration along the “potato trail.” It was 
observed as a potato pest in Nebraska in 1859, reached the 
Atlantic coast by 1874, and traveled thence to Europe in 
1876, where it remains an important pest. 

The early search for control measures established the 
arsenical, Paris green, an industrial pigment, as an effective 
poison. It soon became the standard treatment and was the 
first widely used poison to kill by ingestion. 

The early marketing of insecticides invited fraud through 
adulteration and false claims. It was not until 1910 that federal 
legislation was passed requiring labeling to reveal efficacy and 
ingredients in the two most widely used insecticides, Paris 
green and lead arsenate. 

The boll weevil, Anthonomous grandis grandis, crossed the 
Rio Grande to Texas in 1894 and began its eastward trek, 
occupying the entire 1,500,000-km* cotton belt by 1925. 
Efforts to impede its progress by establishing no-cotton 
barriers failed for lack of community compliance. Countless 
control measures were tried but insecticides eventually won 
as the first line of defense. Calcium arsenate was adopted for 
control in about 1920, and its use soon reached 20,000 tons 
per year. This marked a new scale of area-wide pesticide 
treatment with its attendant environmental and human 
safety problems. 

The social and economic impact of the weevil was 
incalculable. The prosperity of the south evolved around a 
single crop, cotton. With its loss, the economic infrastructure 
collapsed, and panic ensued. Black laborers left, mortgages 
were foreclosed, and banks failed. The potential for economic 
disaster in the wake of insect outbreak was seared in the 
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memory of the people of the cotton-producing states. Only 
the Civil War had greater impact on the economic and social 
life of the southern states than did the boll weevil. 

The Rocky Mountain grasshopper, Melanoplus spretus, 
appeared in an epidemic eastward migration, borne on wind 
currents from the foothills of the Rockies to the Mississippi 
valley in 1874-1876. Presumably, this migration was in res- 
ponse to the agricultural disruption of the ecosystem that had 
been dominated by the American bison. The ravages of these 
hordes of airborne insects created a crisis for the affected states, 
whose governors appealed to Washington, DC, for federal inter- 
vention. In response, the U.S. Entomological Commission 
was created with the colorful Charles V. Riley as its chairman. 
This was not a staid Washington bureaucracy; it was a mobile 
force that reached out to the crisis whenever it arose. Riley 
scoffed at Sundays devoted to prayer for divine intervention 
to restrain the pest. Rather, he urged the people to adopt control 
measures based on intricate knowledge of the life history of the 
pest. His insights led to bold predictions of the pest’s demise 
from natural causes. With some sound observations and a mod- 
icum of luck, his predictions held. The Commission, despite 
its denials, was credited with solving the problem, bringing 
new credibility to entomologists and federal aid to the states. 

The gypsy moth, Lymantria dispar, was introduced from 
France, not by accident but by design, by Leopold Trouvelot 
(1827-1895), a Harvard astronomer and amateur entomolo- 
gist, who was interested in silk-producing moths. Larvae, 
emerging from egg masses he had imported, escaped from his 
Medford, Massachusetts, residence in 1869. After a period of 
20 years, the moth reappeared in an epidemic outbreak, it 
having been mistakenly overlooked as a native species. With 
this head start, the scorched earth practice of cutting and 
burning infested trees, augmented by arsenical sprays, failed. 
The effort did stimulate advances in the technology of spray 
machines. Today, this introduced pest has spread westward 
and southward, occupying a swatch from the Great Lakes to 
the Carolinas. 

Biological control was enthusiastically touted following 
the spectacular success achieved by Charles V. Riley’s 
innovative introduction of the Vedalia, Rodolia cardinalis 
(Coleoptera), into California to destroy the cottony cushion 
scale, Icerya purchasi. The pest had been introduced from 
Australia about 1868 and soon threatened destruction of the 
state’s citrus industry. Two years after the introduction of the 
predator, the pest was miraculously under control. 

The whole array of control measures, cultural, mechanical, 
chemical, plant resistance, and biological, was employed in 
seeking to cope with these problems. The entomologists were 
influenced by expectations and perspectives of their farmer 
clientele. The farmer's time frame was established by harvest 
date and sale of the crop; his risk tolerance was low. 
Insecticides provided immediate and predictable results and 
they became the backbone of control programs. 

Meanwhile, several factors intensified the pressure for 
insect control, including monoculture, susceptible crops, 


exacting market standards, and introduced pests; all required 
greater intervention and modification of the agroecosystem. 


MEDICAL AND VETERINARY ENTOMOLOGY The 
foundation for modern medical and veterinary entomology 
was laid by Louis Pasteur, a French microbiologist, who 
formulated the theory of microbial causation of disease based 
on his work with the silkworm Bombyx mori in 1887. 
Without benefit of the germ theory, Josiah Nott, a Mobile, 
Alabama, physician, proposed (1848) that the causative 
agents of malaria and yellow fever were transmitted by 
mosquitoes. In 1881, Carlos Finlay, a Cuban physician, 
postulated that mosquitoes transmitted the yellow fever 
agent, setting the stage for Major Walter Reed and associates 
to verify his claim. In 1897, Ronald Ross demonstrated the 
occurrence of the malaria parasite in mosquitoes that fed on 
a human patient whose blood contained the parasite, thus 
leading to the elucidation of the epidemiology of malaria. 

In 1889, Theobold Smith discovered the causative agent of 
Texas cattle fever and, working with EF. L. Kilbowen, showed in 
1893 that the cattle tick, Boophilus annulatus, was the vector. 
Their work paved the way for tick prevention and develop- 
ment of the cattle industry in the southern United States. 

The experiences cited above in control of insects of agri- 
cultural, medical, and veterinary importance were unprece- 
dented in the American experience and left no region 
untouched. They revealed the social, political, biological, 
economic, and environmental dimensions of insect problems. 
A nation leaning so heavily on agriculture was sensitive to the 
impact of these problems on the nation’s well-being. 

The fundamental principles gleaned from these experiences 
were to shape the philosophy of insect control for the future. 
They included the following: (1) taxonomic knowledge of 
the vast insect fauna is a prerequisite for detection and 
development of control programs; (2) advances in inter- 
national commerce breach the ancient oceanic barriers to the 
dispersal of insects and increase the likelihood of introducing 
exotic species; (3) introduced species, uninhibited by their 
natural controls, often become major pests in their new 
habitat; (4) the economic well-being of vast regions of the 
nation is vulnerable to insect attack; (5) intervention at the 
federal level is required for insect problems beyond the scope 
of individual states; (6) alterations of ecosystems trigger 
changes in patterns of insect behavior; (7) the use of 
insecticides requires federal regulations to protect the user, 
the public, and the environment; and (8) an informed public 
will underwrite sound programs of insect control. 


PARTNERSHIP IN PEST CONTROL, 1880 TO 
WORLD WAR I 


The institutional framework for colleges of agriculture was 
well established by 1880. The first department of entomology 
was founded at Cornell University in 1874 under the 
leadership of John Henry Comstock; others followed shortly. 


The primary objective of the department was to train students 
who wished to become farmers, to identify and classify the 
insect fauna, to study life cycles, to devise control measures, 
and to train farmers in their use. 

As insecticides became a more important component of 
production technology, an alliance of increasing importance 
developed among the agricultural constituency, the agricultural 
colleges, and the chemical industry. As this partnership devel- 
oped, agribusiness expanded to provide the goods and services 
required for agricultural production and grew even more mecha- 
nized, technical, and capital intensive. The three partners shared 
a common objective, pooling their resources to increase the 
efficiency of agricultural production that accrued ultimately 
to the benefit of the consumer. 

The arrangement involved the agricultural constituency, 
lending political support to the agricultural colleges in return for 
their services. The colleges then aided the chemical industry 
by testing their products and giving their stamp of approval, 
which enhanced their marketability. A grateful chemical indus- 
try provided grants to the entomology departments, which 
were always short of operational funds. The deans at the agri- 
cultural colleges had the difficult task of being broker between 
the college faculty, with its leaning toward basic research, and the 
farm constituency seeking low-risk pest control programs. The 
arrangement was an American innovation that seemed to 
please everyone. Furthermore, the chemical industry was 
greatly stimulated by the economic and political activities of 
World War I. Food and fiber production was given high 
priority and new discoveries advanced the pesticide industry. 

The period from 1880 to 1940 witnessed the maturing of 
the Agricultural Experiment Stations as a national, highly 
coordinated network. The extension entomologists became 
the connecting link between the agricultural college and the 
agricultural producer. Because insecticides had become the 
first line of defense, the growing chemical industry added 
strength to this already solid partnership with the colleges 
and farmers in the aftermath of World War II. Furthermore, 
this was the threshold of an era of discovery of new molecules 
that would affect biological processes of plants and animals. 

Along the way some ominous straws in the wind signaled 
trouble ahead. In 1913, The San Jose scale, Quadraspidiotus 
perniciosus, developed resistance to lime sulfur but the 
phenomenon was not recognized as an expression of 
Darwinian selection. In 1928, the codling moth, Cydia 
pomonella, was shown to be resistant to lead arsenate. The 
apple industry was dealt a severe blow in the mid-1930s 
when British markets rejected fruit from the United States 
because of high arsenical residues. Simultaneously, fruit trees 
were showing loss of vigor because of insecticidal toxicity to 
foliage and accumulation of residues in the soil. 

Although these disquieting revelations were not widely pub- 
licized, they were of concern to entomologists, as they and the 
pesticide industry were marshaled to meet the greater demands 
for food and fiber required for World War II. Even then, the 


sustainability of insecticidal control was clearly in doubt. 
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ENTOMOLOGY, POST-WORLD WAR II 
Technology’s Triumph 


The explosion of the atom bomb over Nagasaki in 1945 brought 
a dramatic end to World War II and in so doing, highlighted 
the role of science and technology in the victory. Following 
this, the age-old ritual of “beating swords into plowshares” 
turned scientific and technical advances to peaceful ends. 

No field emerged with more exciting prospects than did 
the field of entomology. DDT, with its wartime secrecy 
removed, was hailed as the answer to insect control. Its 
employment in arresting an epidemic of typhus in Naples in 
1943-1944 dramatically neutralized the lethal companion of 
armed conflict, vector-borne disease. 

Overnight the entomological community documented 
DDT’s remarkable effectiveness in controlling insect pests of 
agricultural, medical, and veterinary importance. The race 
was on, and an old alliance assumed new vigor. The Land 
Grant Universities joined with industry and agriculture to 
exploit the new possibilities of chemical pest control. 

Although industrial grants to the Agricultural Experiment 
Stations to fund trials of mutual interest dated from the early 
1930s, they assumed a greater role in Experiment Station 
research as the partnership geared up for a new era in the 
synthesis of pesticides. The chlorinated hydrocarbons, with 
DDT their prototype, yielded related compounds followed 
by the development of organophosphates, methyl carbamates, 
and pyretheroids, all neuroactive chemicals. By the 1950s, 
post-WWII insecticides had become the mainstay of insect 
control, with the prewar calls for biological and cultural 
controls in eclipse. 


Professional Societies 


Professional societies perform important functions. They 
establish the ethical and intellectual standards of the 
discipline, provide liaisons with the scientific community 
and the public, and provide continuity and the written 
record. In North America, three major professional societies 
have served the entomologists of Canada, Mexico, and. the 
United States: the Entomological Society of Canada, La 
Sociedad Mexicana de Entomologia, and the Entomological 
Society of America (ESA). Today, the membership in these 
three societies stands at about 8000. The new challenge to 
entomological societies will be to hold to their traditional 
goals while embracing the environmental and biodiversity 
crusades, advancing IPM, and increasing interdisciplinary 
collaboration. Because the ESA is the largest of the three 
societies and enjoys substantial joint membership from the 
other two, we will focus on its recent history. 

As the scope of applied and basic entomology grew under 
the stimulus of post-World War II goals, the two primary 
entomological societies in the United States, the American 
Association of Economic Entomologists (AAEE) and the ESA, 
recognized two common needs. They needed professional 
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management to better process publications and provide other 
services for their members. In addition, professional ento- 
mologists needed to address the big policy issues posed by the 
growing importance of the biological sciences in human 
affairs. Big science was emerging as a national goal, and the 
landscape was changing physically. For example, the stately 
elms were vanishing, casualties to an insect-vectored disease. 
The gypsy moth and the imported fire ant were on the move. 
The Green Revolution had captured the imagination of the 
great humanitarian organizations. Therefore, entomology 
was being summoned to new levels of leadership. 

A merger of the two organizations seemed to offer advan- 
tages in both management and unity. This view was not 
unanimous, particularly among ESA members, who were 
outnumbered three to one by AAEE. After protracted debate 
and two ballots, the two societies merged in 1953 as the 
Entomological Society of America. 

It soon became evident that although the new ESA gained 
administrative efficiency, it was not unified in its philosophy 
and the more numerous and vocal members oriented to 
applied entomology predominated. Stress arising from this 
dichotomy within the membership has characterized the ESA 
over the nearly 5 decades since the merger. 


Enter Rachel Carson 


Early warnings of the danger of insecticide mania were 
sounded within the entomological community, but these 
warnings were largely ignored. It was the publication of 
Rachel Carson’s Silent Spring in 1962 that triggered the 
avalanche of public concern (Fig. 2). She lamented that “so 
primitive a science has armed itself with the most modern 
and terrible weapons, and that in turning them against the 
insect, it has turned them against the earth.” 

Overnight, her exhortation changed the public’s perception 
of entomologists. Their traditional obscurity was swept away. 
They were in the public eye, viewed as allies with the 
corporate giants, poisoners of robins and the earth, all under 
the pious veil of aiding the consumer by aiding the farmer. 

Response to Rachel Carson’s charges came largely from 
industry, whose strategy was to discount the witness. This 
proved ineffective as the accumulating evidence reinforced her 
concerns. Practices that endangered birds, especially the national 
symbol, the American eagle, were certain to stir emotions. 

The public debate on the pesticide issue did not reach the 
agenda of the Entomological Society of America. The Society 
formed by merger in 1953 had not become a forum for 
debate on issues concerning the field. Instead, plenary 
sessions at the Societys annual meetings were largely 
ceremonial with substantive debate occurring in the subject 
matter sections representing the various areas of specialization 
among their members. In short, there was no philosophical 
common denominator that united the Society. 

Carson’s Silent Spring became a corner stone of the 
environmental movement. Her thesis focused on the “web of 





FIGURE 2 Rachel Carson’s Silent Spring (1962) focused public attention on 
the pesticide issue. Her crusade catalyzed the environmental movement. 


(Harbrace photograph.) 


life,” which placed humanity’s relationship to all forms of life 
in an ecological context. The concern for the environment and 
the natural world triggered by Silent Spring melded with other 
concerns for humans—women’s rights, the war in Vietnam, 
and Native American rights—to give rise to the broadly based 
environmental movement embracing the rights of humans 
and nature, animate and inanimate. This great philosophical 
debate extending over the past 4 decades proceeded without 
the active involvement of the entomological community. 

One of the immediate effects of Silent Spring was to make 
pesticide policy a matter of public debate. While focusing on 
DDT, the issue became broader and embraced the central 
tenet of the environmental movement: that human 
intervention had become the dominant environmental 
influence on the planet. The fact that, despite the restricted 
use of DDT, its residues could be found in Antarctica 
implicated entomologists in the global insult. 

In 1967, a group of concerned individuals formed the 
Environmental Defense Fund, its object being to use litigation 
in defense of citizens’ right to a clean environment. In pro- 
tracted public hearings, entomologists were called to testify that 
their practices were not infringing on citizens’ rights to a clean 
environment. It was an uncomfortable defensive position in 
which these dedicated “defenders of agriculture” were placed. 
In 1972, a decade after Silent Spring, the Environmental 
Protection Agency banned DDT. Its meteoric rise and fall, 
from discovery to banning, had spanned only 3 decades. 


Economic entomologists in general viewed Silent Spring as 
an attack on their professional competence and integrity. Since 
the late 19th century, they had cultivated a self-image as dedi- 
cated public servants, bringing science “to the distressed hus- 
bandman” whose labors were closely aligned with the national 
interest. This explains in part their emotional response and sense 
of hurt that has lingered among entomologists of the DDT era. 


Ecology’s Promise 


Economic entomologists of the 1960s faced two daunting 
challenges, the loss of public confidence in the aftermath of 
Silent Spring and the failure of their programs of insect 
control. These were powerful incentives for reassessment. 

In the early 1950s, well before Silent Spring, the concerns 
regarding the insecticidal treadmill led a group of entomologists 
at the University of California at Berkeley and at Riverside to 
reassess control practices. Drawing on the biological control 
heritage pioneered by Harry Scott Smith (1883-1957) they 
sought to “integrate” features of biological and chemical 
control. This concept with further refinement led to the 
adoption by the late 1960s of IPM. In practice, IPM seeks to 
integrate multiple control measures into a cohesive package, 
the additive impact of which would hold pests within accept- 
able levels with minimum adverse environmental impact. 

The abbreviation “IPM” was soon adopted worldwide to 
identify a holistic approach to pest control. Its enthusiastic 
reception reflected the optimism accorded a new paradigm, 
one that placed pest control on an ecological foundation. 

The most impressive feature of the movement has been its 
evolving nature. The underlying theory and the fundamental 
question that has plagued population ecologists, “What 
factors determine the number and distribution of animals?” 
remain under debate. Views on the role of pesticides in IPM 
are likewise evolving. Progress has been made in tailoring 
pest-specific insecticides with reduced environmental 
disruption. Although impressive gains have been made in 
specific programs, the IPM era has not resulted in a major 
decline in the total quantities of pesticides used. 

The euphoria induced by the IPM concept has run its 
course, and its promise after 3 decades is a subject of lively 
debate. One of the problems affecting acceptance and 
support of IPM is the difficulty of assessing its effectiveness. 
It is a complex system with many obstacles and a restricted 
database for evaluating a variety of constraints: technical, 
financial, educational, organizational, and social. Whatever 
the outcome, there is no turning back. The human intellect 
has been unable to construct a more promising strategy for 
keeping humans’ age-old competitors in check. For millions 
of people threatened with disease and hunger, IPM 
constitutes their safety net for tomorrow. 

In seeking to understand the strategy employed by applied 
entomologists, it is helpful to note historical perspective. 
Applied entomologists were late to embrace ecology despite 
the entreaties of their distinguished president of the 
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Entomological Society of America in 1912, Stephen A. 
Forbes. He insisted that “the economic entomologist is an 
ecologist pure and simple whether he considers himself so or 
not.” In retrospect, it appears that entomologists opted for 
the certainty of insecticides favored by their farmer clientele 
over the uncertain promise of ecology. Their adherence to the 
conventional wisdom of insecticidal control in the DDT era 
tarnished their image as environmentalists. 

In medical and veterinary entomology, the post-World 
War II experience with the miracle insecticides paralleled the 
experience with agricultural pests. First, there was euphoria 
following the miraculous effectiveness of the insecticides. So 
promising were the prospects that in 1955 the World Health 
Organization (WHO) proposed global eradication of malaria. 
However, the development of resistant strains of vectors and 
parasites as well as economic and political factors doomed the 
eradication program. In 1976, the WHO abandoned eradica- 
tion in favor of more modest programs of control. Research 
languished under the demoralizing effect of this decision. With 
antimalarial drugs and insecticides losing their effectiveness, the 
battle against malaria was being lost. Alarmed at these develop- 
ments, the WHO, in 1993, called for a renewed global effort. 
The initially slow response has gained support, with unprece- 
dented funding available in 2000 for new initiatives. 

An ambitious objective is the development of a vaccine 
against malaria. Although the scientific obstacles are 
enormous, researchers are now predicting a successful vaccine 
by about 2010. The most ambitious and futuristic of all 
approaches to combating malaria is creating a strain of 
Anopheles gambiae mosquito unable to transmit the parasite. 
To displace the native vectors involves three steps: find genes 
that interrupt the parasite’s life cycle, develop techniques to 
transfer those genes into the mosquito, and finally, develop 
ways of replacing existing mosquito populations with the 
genetically engineered model. One additional hurdle 
remains. With such a mosquito in hand, there may be strong 
resistance to releasing such transgenic forms into nature. In 
the meantime, the disease continues to cast its shadow over 
the malaria-endemic areas of the world, which are home to 
40% of the world’s population. 


Advancing the Science 


The past 5 decades have witnessed remarkable advances in 
both applied and basic entomology. The collapse of chemical 
control of insects forced reassessment, which gave rise to 
IPM. While the pesticide issue dominated public interest, 
basic science was forging ahead. 

The primary stimulus was the discovery in 1953 that the 
compound deoxyribonucleic acid (DNA) encodes genetic 
information that provides the blueprint for synthesis and 
cellular differentiation; this discovery elucidated the great 
mystery of life, the cell’s ability to self-replicate. Many aspects 
of biology were catalyzed by the discovery. It dramatically 
reaffirmed Darwin's hypothesis of common descent and 
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revealed evolutionary pathways. The studies of molecular 
systematics that followed have resulted in accumulation of 
much DNA sequence data from most insect groups. These 
data complement and enhance the morphological and 
ecological data of classical systematics, thereby making 
substantial contributions to evolutionary biology. 

The DNA breakthrough also paved the way for biotech- 
nology, the introduction of genes from various species into 
plant and animal species. With biotechnology, plants can be 
engineered to produce their own pesticides. Corn can be altered 
to contain a pesticide produced by the bacterium, Bacillus 
thuringiensis, with such corn being designated “Bt” corn. 

This technology can place the cornucopia of biodiversity in 
the service of agriculture and medicine. But this novel tech- 
nology comes with complex ethical and scientific issues in 
environmental stewardship and human health. The scientific 
community as well as the general public is in strong disagree- 
ment over the introduction of genetically modified organisms 
(GMOs) into the ecosystem. Caution should prevail until 
some basic questions are answered. For instance, what impact 
will the thousands of acres of Bt corn have on the complex of 
beneficial and injurious insects on the modified plants? 

GMOs conferring drought tolerance to food crops of 
developing countries would be welcomed additions as the 
food supply grows more tenuous with rising populations and 
civil disruption. In weighing these options, it needs to be 
recognized that an infrastructure to monitor such crops is not 
in place at present. The role of GMOs in IPM is likewise 
uncertain in developed countries, and resistance to GMOs is 
particularly acute in European countries. 

Industry has been quick to recognize biotechnology’s 
commercial potential, and substantial segments of the seed 
market have been given over to GMOs. Questions of a 
scientific nature are joined by social and economic questions. 
For instance, should corporate interest determine and control 
the genetic profile of the three crops, corn, rice, and wheat, 
that provide sustenance for most of the peoples of the world? 

The economic issues surrounding GMOs seem to 
overshadow the more basic environmental issues they pose. 
For instance, the biodiversity program seeks to conserve 
natural forms, whereas biotechnology seeks to replace natural 
forms with modified ones exempted from evolutionary 
testing. Over time, how will this practice affect the gene pool, 
the timeless and priceless biological resource? 

Although elucidation of the structure and function of DNA 
is clearly the most important discovery of the 20th century, 
other discoveries have greatly advanced our understanding of 
insects. This progress is due in large measure to technical 
advances in fields such as insect olfaction, acoustics, flight, 
and communication (e.g., by pheromones). 

Such advances have in turn altered the way scientists 
communicate in person and in professional literature. They 
became more informal and democratic. The excitement was 
often centered in youth, in graduate students, with women 
strongly represented. 


The excitement of discovery and exuberant professional 
exchange produced masses of data leading to new specialized 
journals. The worldwide computer network has catalyzed the 
processing and exchange of data among colleagues on a global 
scale. The predominant use of English in scientific journals 
has reduced language barriers. Thus, in both applied and basic 
entomology, the latter half of the 20th century has represented 
a new order, new methodologies, new discoveries, and new 
organizational arrangements. The paths of progress in the 
multifaceted phases of entomology are well documented in 
the Annual Review of Entomology, published since 1956. 


Historical Perspective 


The preceding 2 centuries of entomological enterprise in 
North America have been directed primarily to two activities: 
(1) protecting humans’ food, fiber, and health and (2) basic 
research to advance knowledge of insects. These were and 
continue to be appropriate objectives in the national interest. 





FIGURE 3 Edward O. Wilson's prolific writings advanced the science of 
entomology, established the field of sociobiology, and led the 21st century 


movement to preserve biodiversity. 


2018 2019 2020 


ITU : a IMT-2020 proposals User Neate spec 


5G PPP 5G PPP Phase 1 projects mc 


5G PPP Phase 2 projects 5G PPP Phase 3 projects 
3GPP 
* RAN SI: CIM > 6 GHz 
SI: 5G req. 


SI: 5G enhancemen SI: self-evaluation 


“SA BB eiuaie SA1 SMARTER W 


NFV Phase 2 





Figure 14. 5G PPP vs. 3GPP and ITU roadmaps” 


5G action plan 


As a complementary measure, on 14 September 2016 the European Commission launched its 5G for 
Europe Action Plan to bolster investments in 5G infrastructure and service rollout efforts in the 
Digital Single Market between now and 2020. This action plan sets out a clear roadmap for public 
and private 5G investments inside the EU. 


The Commission has proposed the following measures to achieve this plan: 


- Align roadmaps and priorities for a coordinated 5G deployment across all EU Member states, 
targeting early network introduction by 2018, and moving towards commercial large scale 
introduction by the end of 2020 at the latest. 

- Make provisional spectrum bands available for 5G ahead of the 2019 World Radio 
Communication Conference (WRC-19), to be complemented by additional bands as quickly as 
possible, and work towards a recommended approach for the authorisation of the specific 
5G spectrum bands above 6GHz. 

- Promote early deployment in major urban areas and along major transport paths. 

- Promote pan-European multi-stakeholder trials as catalysts to turn technological innovation 
into full business solutions. 

- Facilitate the implementation of an industry-led venture fund in support of 5G-based 
innovation. 


- Unite leading actors in working towards the promotion of global standards. 


°5G Empowering vertical industries. White Paper, 2016, https://5g-ppp.eu/wp- 


content/uploads/2016/02/BROCHURE 5PPP_BAT2 PL.pdf 
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In the past half century the environmental movement and 
the emerging science of ecology have highlighted two salient 
points: (1) insects play a vital role in the sustainability of the 
global biosphere and (2) the biodiversity essential to 
sustainability is threatened by human intervention. The 
factors of habitat destruction, pollution, and introduction of 
exotic species are believed to account for extinction rates 
much higher than before the coming of humans. In addition, 
the ecological impact of global warming looms on the 
horizon. The movement to preserve biodiversity has been led 
by E. O. Wilson (Fig. 3) following publication of his The 
Diversity of Life (1992). The concept has been generally 
accepted and is now part of the American culture. 

The extinction dilemma poses new challenges to the field 
of entomology and calls for modification of the image 
entomologists hold of themselves and of the institutions 
established in the past to deal with entomological matters. 
The new order calls for entomological statesmanship that 
looks beyond 
constituency to the global environmental issues. Thus, the 


entomology’s traditional agricultural 


age-old challenge of insect control will be joined with the 
challenge of insect conservation. 


See Also the Following Articles 

Agricultural Entomology ¢ Biological Control « Entomological 
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Management ¢ Regulatory Entomology 
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Homeostasis, Behavioral 
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B ehavioral homeostasis refers to mechanisms of behavior that 
allow an insect or group of insects to maintain conditions 
within a certain range of values. These conditions may be the 
temperature of the body or the environment, internal water 
balance or environmental humidity, nutritional state or food 
stores, the balance between different activities of the indi- 
vidual or of the group, or the number and composition of 
individuals in a group. Behavioral mechanisms of homeostasis 
are important to individual insects, whether solitary indi- 
viduals or part of a group, and include such nearly universal 
behaviors as feeding and drinking, as well as behavior 
concerned with thermoregulation and habitat choice. This 
article, though, is mostly concerned with homeostasis in 
groups of insects, such as the colonies of bees, wasps, ants, 
and termites. Individual behavioral homeostasis in physio- 
logical regulation, thermoregulation, and habitat choice are 
covered elsewhere in this encyclopedia. 


ENVIRONMENTAL REGULATION BY GROUPS 
OF INSECTS 


Insects are relatively small animals, with high surface-to-vol- 
ume ratios. Because of this, they readily lose body heat or water 
to the environment (or gain heat if the ambient temperature 
is high). However, a few species of insects form large groups 
that are able to exert some control over these processes. The 
most striking examples of this come from the social insects 
(the wasps, ants, bees, and termites), but some other insects 
also form groups that enhance homeostasis (Fig. 1). 

The control of groups of insects over heat exchange may 
take two forms. First, they may form a cluster that effectively 
makes them more similar collectively to larger organisms. If 
the surface-to-volume ratio is of a cluster of insects rather 
than an individual, it has a smaller value, and heat exchange 
is slower. Second, most social insects construct nests, and the 
architecture of these nests can result in the interior 
environment being substantially different from the ambient 
environment outside the nest. 


Honey Bees 


Honey bees exhibit both of the above strategies. Honey bees 
(Apis spp.) arose in the tropics, but A. mellifera and A. cerana 
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FIGURE 1 Honey bees (Apis mellifera, blue line) and yellowjacket wasps 
(Vespula vulgaris, red line) both maintain their nests at temperatures that 
fluctuate less than outside air temperatures (black line). At cool outside 
temperatures, as here, the nests are kept warmer than ambient. Note that the 
honey bee colony, with tens of thousands of workers, achieves more precise 
temperature homeostasis than the wasp colony, with only hundreds of 
workers. (Data from H. Kemper and E. Dohring, 1967, Die Sozialen 
Faltenwespen Mitteleuropas, Parey, Berlin.) 


have colonized much of the temperate zone as well. These 
honey bees are unique among temperate insects in maintain- 
ing a high temperature in their nests throughout the winter, 
even when environmental temperatures are dramatically 
lower. For example, an A. mellifera colony can maintain a 
temperature in the center of its winter cluster inside the nest 
of 35°C, even when the temperature outside the nest is 
-40°C. The bees accomplish this by clustering together 
tightly so that the bees themselves, as well as the nest 
structure (often a hollow tree or wooden beehive) serve as 
insulation. The bees consume honey as metabolic fuel and 
contract their large flight muscles to create heat. Bees on the 
outside do get chilled, but they trade places with bees in the 
warm interior from time to time. Even when a bee colony is 
not in a nest, as when they are moving as a swarm to a new 
homesite, they maintain warm temperatures inside the 
cluster of thousands of bees. 

The environment is not always cold, so temperature 
homeostasis for a bee colony sometimes involves cooling the 
nest. Honey bees fan their wings to move outside air through 
a colony to remove excess metabolic heat (and carbon 
dioxide). When this does not cool the colony enough, the 
bees begin to collect water and evaporate it within the nest to 
provide cooling. Also, when the nest becomes too warm, 
many bees leave the cavity and cluster outside the nest, 
reducing the heat input from their metabolism. 


Termites 


Many species of termites, like honey bees, live in large groups. 
Indeed, the largest colonies of social insects occur among the 
termites, some species of which may have several million 
individuals in a nest. Unlike honey bees, termite workers do 
not have wings, and so they cannot move air by fanning. 
Instead, some species of termites rely on the structure of the 
nest to regulate temperature and humidity. Macrotermes 
subhyalinus colonies, for example, construct tall “chimneys” 


on their nests. These chimneys are thought to increase airflow 
in two ways. As the metabolic heat of the termite colony (and 
the fungus gardens that they cultivate in the nest) warms the 
air in the chimneys, it rises and is replaced by cooler air from 
passages near the ground. Also, when wind blows across the 
open tops of the chimneys, the Bernoulli effect causes lower 
air pressure at the chimney top and draws air upward. 

The climate-control nest structure of another species of 
Macrotermes, M. bellicosus, was described by Martin Liischer. 
These termites build nests with a closed-circuit air circulation 
system. Air warmed by metabolic heat rises in central 
galleries of the nest but then enters channels on the outer ribs 
of the nest. Here, it loses heat to the outside through the nest 
material, and the denser, cooled air settles to chambers at the 
base of the nest, from which it is drawn to replace the rising 
air in the central nest, over and over again. As the air passes 
through the thin outer channels, carbon dioxide diffuses out 
and oxygen diffuses inward. This system allows gas exchange 
and cooling, while limiting water loss. 

In Australia, Amitermes meridionalis nests are constructed 
as flat towers, always oriented with their long axis north and 
south. The result is that they are warmed by sun as it rises in the 
east early in the morning and strikes their broad side, but they 
receive relatively little sunshine at midday when the sun is in the 
north and strikes the nest edge on. These termites are known 
to sense the earth’s magnetic field and use it to coordinate the 
nest-building activity of the colony’s many workers to achieve 
this striking geographic orientation of the nest. 


Tent Caterpillars 


Although less organized in their social behavior than most 
social insects, tent caterpillars use some of the same thermal 
strategies to get a jump on the warm season. The larvae of 
tent caterpillars cluster together and form tents from silk that 
they produce. A group of caterpillars clusters together inside 
the tent during the night, where both the tent and the pre- 
sence of many clustered insects reduce heat losses. The higher 
temperatures that the caterpillars experience allow them to 
develop more quickly than they would if they were isolated 
and exposed to the low temperatures that are common, espe- 
cially at night, in their environment. Tent caterpillar behavior 
is adapted to keeping with the group. They find their way 
back to the tent by trails of odors and silk that are laid down 
as the caterpillars move from the tent to the foliage on which 
they feed during the day. 


COMMUNICATION AND GROUP ACTIVITIES 


An individual organism must allocate its time and resources 
between food collection, reproduction, habitat selection, and 
other activities. In the social insects, one sees similar behavioral 
adaptations. There is added complexity, though, because in 
social insects they occur at both the level of the individual 
and the level of the group. Group-level adaptations include 


the regulation of numbers of individuals in the colony, the 
allocation of reproduction between workers and sexual forms, 
the division of labor among individuals (e.g., caste), and the 
social organization of food collection (e.g., recruitment). All of 
these homeostatic activities by colonies of insects require 
mechanisms of communication to coordinate the activities of 
multiple individuals. It is for this reason that the social insects 
provide so many of the examples of communication among 
insects, because in nonsocial insects, communication is largely 
restricted to behavior associated with mating or defense. As 
in other insect groups, much of the communication in social 
insects is carried on chemically, by means of pheromones. 

Homeostasis is fundamental to the survival of organisms, 
because the processes of life occur in a well-regulated manner 
only within a certain range of conditions. The same could be 
said about the processes conferring advantages of group 
living on those insects that live in groups. If a colony is too 
large, or fails to coordinate its activities in foraging, 
reproduction, or defense, it may perish. It is the function of 
behavioral mechanisms of homestasis to regulate both the 
group environment and the properties of the group itself in 
a manner that preserves its efficient functioning. 


See Also the Following Articles 
Dance Language « Magnetic Sense « Nest Building « 
Recruitment Communication « Thermoregulation 
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| oney is a sweet substance produced by social bees and 
some other social insects. They collect nectar or 
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honeydew from living plants and transform it into honey, 
which they store in their combs. Most nectar collected by 
bees contains from 15 to 50% sugars; these are mainly 
sucrose in some plants, glucose and fructose in others, and all 
three in the rest. There are also many minor constituents. 


THE ORIGIN OF HONEY 
The Bees That Produce Honey and How They Do So 


Certain social insects produce and store honey as a non- 
perishable food for use in dearth periods. The insects include 
all honey bees (Apis spp.) and stingless bees (Melipona and 
Trigona spp.) and also certain species of social wasps in South 
America (Nectarina) and honey ants, e.g., Melophorus inflatus 
in Australia. Honey-producing species whose colonies die out 
at the end of the active season, which are most social wasps 
and bumble bees (Bombus spp.), store comparatively little 
honey, and it is not economically important. 

Production of honey by the honey bee, A. mellifera, has been 
studied most. Foraging workers collect nectar from plants 
and, when they return to their colony, “house bees” (young 
workers) take it from them and deposit it in cells of the comb. 
Bees evaporate water from it by manipulations that increase 
its surface area, while other bees fan to maintain a current of 
warm air through the hive. During this process (and even 
during its transport to the hive), secretions from the bees’ 
hypopharyngeal glands are added to it. These contain the 
enzyme invertase, which inverts sucrose into fructose and 
glucose. At hive temperatures the solubility of glucose in a 
solution of fructose is unusually high, and the final honey has 
a very high sugar content, around or even above 80%. The 
relative amounts of the two sugars depend on the nectar 
sources. Fructose is more soluble in water than glucose, and 
high-fructose honeys (e.g., from Robinia pseudoacacia) rarely if 
ever granulate (crystallize), whereas high-glucose honeys (e.g., 
from dandelion, Taraxacum officinale) do so very quickly. 
Gentle warming of granulated honey redissolves the crystals. 


Plant Sources of Honey 


Most nectar is produced by flowers, although a few plants have 
extrafloral nectaries, including cotton (Gossypium barbadense 
and G. hirsutum) and rubber (Hevea brasiliensis). A number 
of world nectar plants have been classified according to the 
weight of honey that may be produced from a hectare of the 
plant in bloom, and the following are among those reported to 
be in the highest class (over 500 kg honey/ha or pounds/acre): 
Epilobium angustifolium (fireweed, rosebay willowherb), 
Melilotus alba (white melilot), Phacelia tanacetifolia (phacelia), 
R. pseudoacacia (false acacia, black locust), Thymus vulgaris 
(common thyme), and Trifolium pratense (red clover). 
Where honeydew is available, bees collect it as well as 
nectar; it is sap from the host plants of certain plant-sucking 
insects in the order Hemiptera (Stenorhynchota) that excrete 
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part of the sap they ingest. Honeydew honey, which contains 
certain sugars not in floral honey, lacks any floral fragrance. 
It is much favored in some regions where it is produced— 
such as the Black Forest in Germany—but elsewhere the 
more delicate flavor of honey from nectar is much preferred. 


COMPOSITION AND PROPERTIES OF HONEY 


The composition of honey varies according to its plant origin 
and the weather conditions when the honey was produced. 
An analysis of 490 U.S. honeys gave an average of 69.5% 
fructose + glucose, 8.8% other sugars, 17.2% water, and 
small amounts of free acids, lactones, ash, and nitrogen. 

The color of fresh honey varies with plant source, and 
honeys become darker during storage, especially at high tem- 
peratures. The color of liquid honey is important in marketing, 
and a number of countries have established systems for color 
grading. 

Crystallization of honey (often referred to as granulation) 
is of great importance. It is a reversible process that changes 
liquid (run) honey into solid (set) honey, and it consists of the 
spontaneous crystallization of glucose (dextrose) monohydrate 
from a supersaturated solution. In Europe, liquid honey has 
been preferred, and honey from R. pseudoacacia—which 
rarely granulates—is favored; on the other hand, in Canada 
granulated honey is the norm, possibly because a common 
source is alfalfa (Medicago sativa), and its honey granulates 
rapidly. 

The aroma and flavor of a sample of honey depend on its 
plant source, and beekeepers learn to recognize the plant 
origins of the honeys their bees produce. Honey processed 
for sale on the mass market is usually blended to maintain a 
constant product. 


HONEY PROCESSING 


In a beekeeper’s hives the bees store honey in the combs of an 
upper honey box that is removed when it is full. Bees may be 
cleared from combs in the honey box by various methods: 
brushing and shaking bees off combs, using a bee-escape 
board through which bees can leave the honey box but not 
return, using a bee repellent, or blowing the bees out of the 
boxes with a stream of air. 

Most honey is separated from the wax comb and 
processed for sale in containers, without any comb or wax. 
Processing the honey is likely to consist of the following 
stages: (1) clearing bees from the combs to be harvested, 
which are then taken to the honey house; (2) warming the 
combs to 32 to 35°C; (3) uncapping the combs and dealing 
with the cappings; (4) extracting the honey from the combs 
in a centrifuge; (5) clarifying the honey by passing it through 
a strainer and/or baffle tank; (6) flash heating and pressure 
filtering (in large processing plants in some countries); (7) if 
desired, initiating controlled granulation, on a large or small 
scale. 


Honey is hygroscopic, and it should not be exposed to air 
with a relative humidity above 60%, or it may absorb water. 
(Some operators reduce the water content of honey slightly 
during stage 2 of processing or between stages 5 and 7.) 

The processing of honey for sale either liquid or granulated 
is obviated if honey combs themselves are sold. Traditionally, 
“sections” were miniature wooden frames fitted with a very 
thin wax comb foundation on which the bees built cells, filled 
them with honey and—the beekeeper hoped—completely 
sealed them; the weight of honey in each section sold was 
usually 0.5 kg or 1 lb. However, perfectly sealed sections are 
difficult to produce, and in the 1900s several easier ways were 
devised to prepare honey in the comb for sale. 

One alternative is cut-comb honey. To produce it the 
beekeeper inserts large frames fitted with extra-thin unwired 
wax foundation in the hive, harvesting them when full of 
honey (unlike sections, they need not be entirely capped). 
Each frame is placed on a flat surface and the comb cut out 
of its frame with a heated knife. Fully capped areas of it are 
cut into portions for sale, and honey is allowed to drain from 
the cut edges. Each piece is packaged in a heat-sealed box or 
a sheet of transparent plastic. 

An easier alternative is to sell a jar containing a piece of 
honey comb and filled up with liquid honey; this is referred 
to as chunk honey. 


HONEY AS A PRODUCT 
Present World Production and Consumption 


According to figures available, 1.1 million tonnes were produced 
in 1999. Honey yields per hive are usually highest in countries 
with an extensive belt between latitudes 23 and 30° (N or S), 
including China, Argentina, Mexico, and Australia. 


Honey as Food 


Honey from bees’ nests was probably eaten by some 
mammals, including bears, before humans did so, and 
chimpanzees have been observed using tools to get access to 
honey in bees’ nests in a tree. In Africa, India, and Spain, 
rock art from Mesolithic times and later shows human honey 
hunters harvesting from nests in trees or rocks. 

Within the historical period, the use of honey is recorded 
from around 3000 B.c. onward. In India it was used by the 
famous surgeon Susruta around 1400 B.c. and much praised 
in the Vedas, sacred Hindu books collected together about 
1500 B.c. In Rome, Columella judged honeys by their plant 
source, that from thyme being the best. Honey from a few 
plants, including Rhododendron, is toxic; in 399 B.C. when 
Xenophon’ army retreated from Persia across Pontus in Asia 
Minor, the soldiers ate honey near the Black Sea coast that 
probably came from R. ponticum. It made them very ill, but 
they recovered by the third day. Records of baking with 
honey survive from 1200 B.C. onward in ancient Egypt. 


Honey in Medicine 


Honey has been regarded as a health-giving substance since 
ancient times, and Pythagoras (ca. 530 B.C.) was said to have 
attributed his long life to his constant use of it. Honey is a 
common ingredient of cough mixtures and lozenges and is 
often recommended as a symptomatic treatment for 
dyspepsia and peptic ulcers; the organism Helibacter pylori, 
which is a common cause of peptic ulceration, is inhibited by 
honey. Some sufferers from hay fever may be helped by 
eating honey that contains pollen. 

A beneficial effect on wound healing has been known since 
early times, and a mechanism for this was established in the 
1960s. The hypopharyngeal glands of A. mellifera workers 
secrete the enzyme glucose oxidase; this enters the honey, and 
in the presence of water a small amount of hydrogen peroxide 
is produced, which is bactericidal. Also, honey is hygroscopic, 
so it extracts exudates from infected lesions. For these reasons, 
honey is currently used in a number of hospitals, especially 
on wounds that are difficult to dress. 


Honey in Alcoholic Drinks 


From ancient times onward, drinks have been made by fer- 
menting fruit to make wine, or cereals to make ale or beer. In 
many regions where bees were kept in hives, an important use 
of honey was its fermentation to produce an alcoholic drink, 
often referred to as mead. Where vines were grown, wine had 
a higher social status than honey-based drinks and tended to 
displace them, but honey-based drinks remained important 
north of the warmer vine-growing areas. In tropical Africa 
“honey beer” was made by fermenting honey for a short period. 


See Also the Following Articles 
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H oneydew is a sugar-rich liquid released from the anus of 
some phloem sap-feeding insects of the order 
Homoptera. It consists principally of the residue of ingested 
phloem sap after digestion and assimilation in the insect gut, 
but it also contains waste products of insect metabolism 
eliminated via the gut. Honeydew deposited onto plant or 
other surfaces is an important source of energy-rich food for 
other animals, including some flies, parasitoids, ants, and 
microorganisms, and is used as a foraging cue by insect 
predators and parasitoids of some homopterans. Ants also 
collect the honeydew directly as it is being released from the 
producing insect, a behavior known as ant attendance. 


THE NATURE OF HONEYDEW 


Honeydew has historically been a source of wonderment. For 
example, the honeydew produced by the coccid Trabutina 
mannipara on tamarisk trees may have been the “manna from 
heaven” on which the Israelites fed during their escape from 
Egypt; honeydew has also been described as “the milk of 
Paradise” by Samuel Taylor Coleridge. However, the 
biological nature of honeydew is more mundane. The 
phloem sap of plants contains very high concentrations of 
sugars, usually the disaccharide sucrose or oligosaccharides of 
the raffinose family. Phloem-feeding insects ingest very large 
amounts of sugars relative to other essential nutrients, and up 
to 90% of the ingested sugar may be egested via the anus, 
and this sugar-rich material is honeydew. 

Honeydew is produced by phloem-feeding insects, not by 
xylem feeders. Most phloem-feeding insects are members of 
the homopteran suborder Sternorrhyncha, which includes 
aphids, whitefly, mealybugs, and psyllids, or the homopteran 
suborder Auchenorrhyncha, which includes planthoppers 
and leathoppers. Honeydew production is not dependent on 
either gut anastamoses (filter chambers) or Malpighian 
tubules absent in many and all aphids, respectively. It is 
released exclusively from the anus. The cornicles of aphids 
(capable of discharging defensive secretions and pheromones) 
are not involved. 


PRODUCTION 


The amount of honeydew produced by insects can be 
substantial. For example, first instars of the willow aphid 
Tuberolachnus salignus release more honeydew than their own 
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body weight on an hourly basis. However, the rate of honeydew 
production by other aphids is generally considerably lower. 

The fluid that comprises honeydew accumulates in the 
rectum and is then ejected as a single droplet via the anus at 
fairly regular intervals, usually once every 15 to 40 min. Both 
the volume of each droplet and the frequency of production 
are influenced by many factors, including aphid age, size, 
species, and host plant. 

Honeydew can be hazardous for the insect producing it 
because droplets may smother the insect and promote 
microbial growth on or near the insect. Various mechanisms 
reduce these risks in insects both on exposed plant surfaces 
and in confined spaces, including galls. On exposed surfaces, 
aphids generally project the honeydew droplet from the anus 
to a distance of up to several centimeters by either a kicking 
action of one of the hind legs or by using the cauda (a small 
appendage dorsal to the anus) to catapult the droplet 
ventrally. The legs and cauda bear hydrophobic cuticular 
hairs that prevent the sticky honeydew from adhering to the 
insect surface. Honeydew production by some species has 
been reported to be interrupted in windy conditions, 
presumably to avoid being smothered by the honeydew. 

Insects in galls or other confined spaces (e.g., 
subterranean forms) are not wetted by their honeydew 
because they are coated with hydrophobic wax secreted from 
cuticular glands. In addition, each honeydew droplet 
produced by these insects tends not to be projected away 
from the insect body but remains poised at the anus until it 
is coated by wax. In some insects, notably certain nymphal 
psyllids, the honeydew and waxes coalesce to form a 
gelatinous or crystalline substance (called lerp), which acts as 
a solid protective covering for the growing insects. 

Honeydew production may serve purposes additional to 
the elimination of waste compounds, with implications for 
the pattern of honeydew production. This is illustrated by 
two phenomena: “honeydew-panting” and ant-tending. 

The former behavior is displayed by certain aphids, 
notably T salignus, at elevated temperatures. The aphids raise 
their abdomen almost at right angles to the plant surface 
with their mid- and hind legs extended, and small honeydew 
droplets are alternately protruded and retracted from the 
anus. This behavior may cool the aphids as a result of 
evaporational water loss from the droplets. 

The ejection of honeydew from some insects is modified 
by the attendance of ants or other insects. When solicited by 
an ant, the insect releases the honeydew droplet slowly and 
holds it at the anus while the ant imbibes, and, if the droplet 
is not removed by an ant, the insect may repeatedly extrude 
and retract the droplet, as if advertising the availability of 
honeydew. However, certain obligately ant-tended species 
apparently excrete honeydew droplets only in response to 
solicitations by their attending ants. The cauda and rectal 
musculature of some ant-tended aphids is much reduced, 
presumably reflecting their dependence on ants to remove 
their honeydew. 


COMPOSITION 


From a physiological perspective, honeydew is dominated by 
first, egesta, the components of ingested phloem sap that 
have not been assimilated by the insect (some phloem sap 
compounds may be enzymatically altered by gut enzymes 
prior to egestion), and second, excreta, waste products of 
insect metabolism that are eliminated via the gut after 
transfer from the body tissues to the gut lumen. 

In quantitative terms, honeydew is dominated by sugars. 
In the best studied group, the aphids, the principal sugars in 
honeydew are typically different from the sugar ingested by 
the insect and usually of higher molecular weight. This 
reflects the vital osmoregulatory function of the gut in 
phloem-feeding insects. The osmotic pressure of phloem sap 
is generally considerably higher than the osmotic pressure of 
the insect body fluids, creating a tendency for the insect to 
lose tissue water to the gut. 

Amino acids are the principal nitrogenous compound in 
phloem sap. Not all of the ingested amino acids are absorbed 
across the insect gut and assimilated (estimates of 
assimilation efficiency vary from 60 to 99%), and amino 
acids are routinely recovered from insect honeydew. 

Honeydew also contains nitrogenous excretory com- 
pounds but generally at very low concentrations. This is 
because the symbiotic microorganisms in homopterans act as 
an internal sink for waste nitrogen compounds. For example, 
uric acid, the principal nitrogen waste compound of the 
planthopper Niloparvata lugens, is not voided in the 
honeydew, but retained within the insect body and 
metabolized by the insect’s symbiotic yeasts. Similarly, 
ammonia, the dominant waste nitrogen compound of 
aphids, is in low concentration in their honeydew because 
their symbiotic bacteria Buchnera consume much of the 
ammonia synthesized by these insects. 

Honeydew may contain microorganisms and _ viruses 
derived either from the ingested phloem sap (and passed 
directly through the gut) or from the resident insect 
microbiota. For example, aphids feeding on plants infected 
with the luteovirus barley yellow dwarf virus will ingest viral 
particles from the phloem sap; those particles that are not 
transported into the insect hemocoel are expelled in the 
aphid honeydew. Plant viruses multiplying in the insects may 
also pass into the gut and occur in honeydew. 


HONEYDEW AS FOOD 


Many insects in several orders, including Diptera, Hymen- 
optera, Lepidoptera, Coleoptera, and Neuroptera, feed on 
honeydew that has fallen onto plant or other surfaces. 
Among these insects are herbivores (e.g., tephritid flies, 
butterflies, and moths) and many entomophagous taxa, such 
as chrysopids, coccinellids, syrphids, tachinid flies, and 
hymenopteran parasitoids. A number of nectivorous birds in 
Mexico and Australia forage on honeydew and lerp; lerp is also 


consumed by flying foxes in Australia. Other small mammals 
and reptiles also feed on honeydew, and dipterous vectors of 
human diseases (e.g., mosquitoes and phlebotomine sand 
flies) may rely on honeydew for an energy source. 

Because it is usually freely accessible on leaf surfaces, it can 
readily be imbibed by insects that lack the specialized 
mouthparts needed to exploit floral nectar. However, several 
features of honeydew reduce its availability and suitability as 
food. First, there is the tendency of honeydew sugars to crys- 
tallize. Second, the performance of various predators and 
parasitoids is generally lower on honeydew than on nectar. 
Third, plant-derived secondary compounds in certain honey- 
dews are toxic to other insects. It has been suggested that 
insects have selection pressure to produce honeydew of little 
nutritional value; hence, potential competitors and natural 
enemies may be one factor shaping honeydew composition. 

When animals consume honeydew as it is voided they are 
described as “tending.” By far the most widespread group of 
tenders are the ants, including most species of the subfamilies 
Myrmicinae, Dolichoderinae, and Formicinae. Other insects 
reported to tend homopterans include polybiine wasps (e.g., 
Brachygastra and Parachartergus spp. associated with 
membracids and planthoppers, respectively) and silvanid 
beetles (e.g., Coccidotrophus spp. with the mealybug 
Pseudococcus breviceps). \t is believed widely that only insects 
tend honeydew-producing homopterans, but it has been 
demonstrated recently that several Madagascan gekkoes 
stimulate planthoppers of the family Flatidae to release 
honeydew droplets on which they feed. 

In the interactions involving ants, both the ants and their 
tended homopterans generally benefit from the association, 
which is therefore described as mutualistic. Access to honey- 
dew has been shown to enhance the rate of increase of ant 
colonies, but the magnitude of the nutritional benefit varies 
widely with ant species and environmental circumstance. 
Predominantly predaceous species feed on honeydew only 
very occasionally; some ants switch between tending and 
preying on homopterans, depending on the nutritional 
quality of the honeydew (as shaped by plant physiology) and 
the nutritional needs of the ant colony, and honeydew 
accounts for more than half of the diet of many temperate 
wood ants of the genus Formica and is the dominant, even 
sole, food of certain subterranean ants, such as Acropyga spp., 
and of Solenopsis (fire ants). 

An indication that honeydew is an important food source 
for many tending ants is that the ants protect the tended 
homopterans from predators such as lacewings, syrphids, and 
coccinellids. In addition, certain ant species enhance their 
supply and quality of honeydew by transporting their tended 
homopterans to suitable parts of the host plant where the 
phloem nitrogen content is high and concentration of toxic 
plant chemicals is low (e.g., Lasius and aphids of genus 
Stomaphis), and some members of the genus Acropyga that 
tend coccids bear live coccids in their mandibles during the 
nuptial flight. The homopteran partner benefits from the 
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protection from natural enemies and ant-mediated removal 
of honeydew, as frequently indicated by elevated rates of 
population increase in field conditions. 

Honeydew has been used as a source of food by people. 
Encrustations of honeydew produced by scale insects have 
been eaten since biblical times in the Middle East. Certain 
groups of Australian Aborigines and American Indians also 
used lerp from psyllids and honeydew from scale insects as a 
source of sugar. In Central Europe, large amounts of 
honeydew are consumed indirectly, because the honeydew of 
aphids on conifers is the principal, and sometimes sole, 
source of food for some honey bees. The honey produced 
from this source, often referred to as Wald Honig (forest 
honey), is considered of inferior in quality to floral honey but 
is, nevertheless, consumed extensively. 

Honeydew may also be an important source of carbon 
and nitrogen for microorganisms. For 2 decades, this topic 
has been influenced by an as yet experimentally unsupported 
hypothesis that the use of nutrients in insect honeydew by 
soil microorganisms would mobilize soil nutrients and 
enhance nitrogen fixation and thus promote plant nutrition. 

In agricultural contexts, the growth of molds on deposited 
honeydew can depress plant photosynthesis and crop yield 
and contaminate fruits, vegetables, and flowers, making them 
unmarketable. For example, sooty molds arising from 
untreated infestations of greenhouse whitefly can halve the 
yield of glasshouse tomato crops, and cotton growers in the 
United States have suffered financially as a result of the “gray 
cotton” caused by sooty mold growing on cotton lint 
contaminated with whitefly and aphid honeydew. Other 
detrimental effects of honeydew are sticky sidewalks, glazed 
windshields, and gummed up harvesting machines. 


HONEYDEW AS A KAIROMONE 


The smell or taste of honeydew on the plant surface is used 
as cues by various predators and parasitoids of homopterans 
to locate their hemipteran prey or, for reproductive females, 
as a stimulus for oviposition. This has led to the use of 
“artificial honeydew” sugar sprays onto crops to increase the 
numbers and effectiveness of natural enemies. 


See Also the Following Articles 
Aphids « Auchenorrhyncha ¢ Food, Insects as ¢ Sternorryncha 
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P arasitoids are holometabolous insects that are free living as 
adults; their larvae are parasites within the bodies of other 
insects, which they invariably kill as they develop. Most para- 
sitoids are small-to-large wasplike insects in the hymenopteran 
superfamilies Ichneumonoidea, Chacidoidea, Serphoidea, 
and Cynipoidea, or are flies in the dipteran family Tachinidae. 
Adult females, which are well suited for this task, almost 
always carry out host seeking in parasitoids. Most have wings 
and are active fliers, making it possible for them to explore 
large areas, relative to their body size. Most also have well- 
developed legs that facilitate the exploration of complicated 
surfaces. Typically, they possess tactile and chemosensory 
receptors on the antennae, feet, mouthparts, or ovipositor, 
and they have good visual acuity. Their ability to find specific 
host species may be important because many larval 
parasitoids exist inside other insects that often are capable of 
mounting immune responses unless the parasitoid is well 
adapted. Since, in addition, many parasitoids are small, it is 
easy for them to occupy restricted niches. Thus, the 
behaviors involved in host seeking in parasitoids are diverse 
and well developed. In fact, host seeking can be conveniently 
broken down into the overlapping, hierarchical categories of 
host habitat finding, host finding, and host acceptance. 


HOST HABITAT FINDING 


A female parasitoid may find herself far from potential hosts. 
This could occur if the host stage she emerges from is different 


from the one attacked. Also, many parasitoid females have a 
preoviposition period before eggs are ready to be laid. During 
this interval of a few days to several weeks, the parasitoid may 
leave the vicinity of the host to mate and obtain nourishment. 
For example, the ichneumonid wasp Pimpla ruficollis is a 
parasitoid of the European pine shoot moth, Rhyaciona 
buoliana. Yet for the first few weeks of her adult life, she is 
repelled by the odor of pine, and thus avoids the forest where 
the host is located. As a consequence, the initial stage in host 
seeking in many parasitoids is to search for locations where 
the host is likely to occur. Parasitoids often respond to general 
stimuli such as light, humidity, or vegetation form, leading 
them to meadows, forests, swamps, ponds, soil, or different 
vegetation strata. These behaviors considerably narrow the 
areas that must be actually searched for hosts. Many 
parasitoids are also attracted to volatile chemicals from plants. 
For example, after initially being repelled by pine, P ruficollis 
females that are ready to oviposit are attracted by pine odors, 
and thus are drawn back to the forest. The ichneumonid 
Itoplectis conquisitor is attracted to the odor of Scots pine but 
not red pine, and does not attack lepidopterous hosts on the 
latter. In olfactometer tests, the aphid parasitoid Diaeretiella 
rapae is attracted to collard leaves. Wind tunnel experiments 
have shown that when such a parasitoid perceives a plant 
volatile, she reacts by walking or flying upwind (aenemotaxis), 
thus often leading to the plants where her preferred host 
feeds. In fact, in some cases the plant attraction is so 
important that the parasitoid host range encompasses the 
often diverse herbivores that feed on that plant rather than 
hosts that are taxonomically closely related. Plants are not the 
only habitat characteristics that can produce such attractive 
volatiles. Parasitoids of carrion-feeding flies are attracted to 
fresh or decaying meat, and parasitoids of Drosophila fruit 
flies respond to odors from yeast in decaying fruits where 
their hosts are likely to be present. 


HOST FINDING 


Unless random search is important, parasitoids usually find 
their hosts as a result of cues derived directly or indirectly 
from the host itself, often after they have entered the host 
habitat. Often host cues are perceived at close range. For 
example, the braconid Cardiochiles nigriceps, increases its 
searching when it contacts secretions produced by the 
mandibular glands of its host, Heliothis spp. caterpillars, as 
the latter feed on plants. The braconid Microplitis croceipes 
searches areas contaminated by chemicals contained in the 
feces of Heliothis caterpillars, whereas the braconid Cotesia 
melanoscela intensely searches leaf areas where host gypsy 
moth (Lymantria dispar) caterpillars have deposited silk 
strands. Once these materials have been perceived, 
stereotyped searching behaviors occur that typically consist 
of intense examination of the area with the antennae or tarsi. 
Parasitoids often also decrease their walking speed 
(orthokinesis) and/or increase turning rates (klinokinesis). 


These behaviors, which serve to keep the parasitoid in the 
area having the host products, often lead to host discovery. 
Other parasitoids are attracted from longer distances 
directly to hosts. Some parasitoid females respond to 
pheromones produced by their host. Parasitoids of the 
European elm bark beetle, Scolytus multistriatus, are attracted 
to “multilure,” the aggregation pheromone of adult beetles. 
Aphytis spp. (Hymenoptera: Aphelinidae) are attracted to the 
sex pheromone produced by their host, California red scale 
(Aonidiella aurantii). A number of true bugs produce sex 
pheromones that are attractive to a variety of fly (Tachinidae) 
and to hymenopteran parasitoids. Some parasitoids are 
drawn from a distance to chemicals produced by plants in 
response to damage caused by host herbivores. For example, 
the braconid larval parasitoid Cotesia marginiventris responds 
to volatile terpenoids released from corn seedlings as a result 
of eating damage caused by host Spodoptera caterpillars. 
These chemicals may be components of the induced 
resistance that plants have developed against pathogens and 
herbivores. Even leaves not directly damaged by a herbivore 
may produce such materials. The induced plant chemicals 
may, along with materials directly produced by herbivores, 
serve to attract parasitoids. For example, parasitoids of bark 
beetles are attracted to a combination of plant chemicals 
produced by trees as a reaction to the mass attack of the 
beetles as well as to the aggregation pheromone produced by 
these beetles. Simultaneous responses of parasitoids to long- 
range host and plant cues illustrate that the division between 
the categories of habitat and host finding is often arbitrary. 


HOST ACCEPTANCE 


Although perhaps not technically part of host-seeking 
behavior, whether a host can be recognized as such after it has 
been contacted by a parasitoid is very important for the 
parasitoid. If a female cannot recognize a host as suitable for 
her progeny, habitat and host-finding activities would be 
wasted. Parasitoids have evolved behaviors that enable them to 
accurately choose suitable hosts. Many detect chemicals in the 
host cuticle or egg chorion that enable them to differentiate 
one potential host from another. These they usually detect 
with their antennae (Hymenoptera) or front tarsi (tachinid 
flies). Some parasitoids are also able to distinguish between 
hosts after insertion of the ovipositor by use of sense organs 
on the egg-laying organ itself. Acceptance of hosts via other 
sensory modalities, such as touch, sound, or sight, have also 
been documented. For instance, a Trichogramma wasp female 
examines a host egg with her antennae to determine its size. 
The ichneumonid parasitoid Campoletis sonorensis is influenced 
by host caterpillar shape. A cylindrical shape that approxi- 
mated the shape of the Heliothis virescens host was more 
effective in stimulating oviposition than round or flat shapes. 
The egg—larval parasitoid Chelonus texanus accepts host lepi- 
dopteran eggs that have a rough or sculptured surface rather 
than a smooth one. Hairs from the body of gypsy moth 
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larvae are enough to cause examination behavior in the 
parasitoid C. melanoscela. Movements perceived by sight or 
through vibrations of the substrate are important cues for a 
number of different parasitoids. 


HOST DISCRIMINATION 


A behavior related to host seeking involves the discrimination 
between hosts that have already been parasitized and those that 
have not. Some parasitoid females, after they have successfully 
parasitized a host, deposit a chemical marker on the surface that 
serves to tell other parasitoids of the same or other species that 
the host is already parasitized. Such marking pheromones have 
most often been found in parasitoids that attack sedentary 
hosts, such as eggs or pupae. Often the oldest parasitoid in a 
host is the one that survives; consequently, host marking saves 
other parasitoids from wasting time and eggs on a host in which 
their offspring are likely to perish. Also parasitoids whose 
ovipositor has been inserted into a host are often able to dis- 
tinguish parasitized from unparasitized hosts. Whether the cues 
perceived are the result of marking materials specifically injected 
by the first parasitoid or of chemical changes in the host 
resulting from parasitoid development is generally not known. 


VARIATIONS IN HOST-SEEKING BEHAVIOR 


Although the host-seeking process in parasitoids may be very 
efficient, such that eggs are deposited only in host species 
suitable for their development, other strategies are used. Some 
parasitoids lay eggs in an area likely to be inhabited by their 
host. The larvae hatching from these eggs then must find their 
own way to the host. Members of the hymenopteran family 
Eucharidae are parasitic on ant larvae. Adult females lay eggs 
on or in plants. Each hatching larva is a planidium and so is 
free living and waits until it can attach to a passing adult ant, 
whereby it is taken into the nest and transfers to ant larvae. 
Many immature blister beetles (family Meloidae) are also 
parasitoids. Adult females lay eggs in the soil or sometimes on 
plants, and the emerging larvae are called triungulins. These 
active larvae find their own way to the eggs of locusts or nests 
of solitary bees, where they devour the eggs and/or provisions 
of the hosts. (Strictly speaking, meloids should probably be 
called “egg predators”; but their impact is much like that of true 
parasitoids.) Some tachinid flies lay large numbers of very small 
eggs on foliage that potential hosts may eat. In some cases, 
the females are attracted to damaged leaves, and this increases 
the chances of success for their larvae, but suitable hosts may 
never ingest many eggs. Nevertheless, these parasitoids may 
be as host specific as those that actively search for hosts. 


FUNCTIONAL TERMINOLOGY FOR 
BEHAVIORAL CHEMICALS 


A terminology has been developed for chemicals that function 
as signals between organisms, paralleling the activity of the 
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chemical cues involved in host-seeking behavior of para- 
sitoids. All chemical attractants, arrestants, and so on that are 
important as modifiers of behavior between different organ- 
isms are grouped under the general term “semiochemicals.” 
Pheromones are semiochemicals that serve to communicate 
between organisms of the same species; sex pheromones are 
an obvious example. Allelochemicals have effects between 
species and are further divided into those depending on 
whether the producing or receiving organism is helped or 
hurt by the signal. If the species producing the material is 
helped and the receiving one is harmed, the chemical is called 
an allomone. Examples of allomones include repellents that a 
stinkbug may produce to ward off predators such as ants or 
birds. A substance that harms the producing species but helps 
the receiving one is called a kairomone. The chemicals 
produced by insect hosts that serve as cues to parasitoids are 
kairomones because the parasitoid exploits them to the host’s 
detriment. Usage is important here. A sex pheromone may 
attract a male to a female moth; but if a parasitoid cues on 
this chemical, the substance also functions as a kairomone. 
There are some materials that benefit both sender and 
receiver species. These are called synomones, and in the 
present context, the plant volatiles that attract parasitoids to 
host plants are synomones because they make it easier for the 
parasitoid to find herbivores damaging the plant. 


IDENTITY OF HOST-SEEKING CHEMICALS 


Some progress has been made in identifying chemicals 
important in host-seeking behavior of parasitoids. Volatiles 
involved in host habitat finding include ethanol and especially 
acetaldehyde produced in rotting peaches that attract the 
braconid, Biosteres longicaudatus, a parasitoid of tephritid fruit 
flies. Allyl isothiocyanate produced by crucifers is attractive 
to the braconid parasitoid of aphids D. rapae. The straight- 
chain hydrocarbons docosane, tricosane, tetracosane, and 
pentacosane from the scales of adult Helicoverpa zea moths 
are cues used by Trichogramma evanescens to locate host eggs. 
In the frass of H. zea, 13-methylhentriacontane is an exami- 
nation-stimulating cue for the braconid parasitoid M. croceipes, 
as is heptanoic acid in the frass of the potato tuberworm 
(Phthorimaea operculella) for the braconid parasitoid, Orgilus 
lepidus. Members of a series of methyl branched hen-, do-, 
and tritriacontaines from the mandibular glands of Heliothis 
virescens serve to intensify searching of the braconid, C. 
nigriceps on areas of leaves damaged by host feeding. Long- 
chain hydrocarbons (heptacosane, nonacosane, and several 
dimethyl compounds) in the cuticle of gypsy moth pupae are 
important in the host acceptance behavior of the chalcid, 
Brachymeria intermedia. The ichnuemonid parasitoid J. 
conquisitor oviposits into a wax-covered cylinder of water 
mixed with the amino acids arginine, isoleucine, methionine, 
lysine, leucine, and serine, as well as magnesium chloride. 
The tachinid fly Cyzenis albincans lays very small, microtype 
eggs on oak foliage that caterpillars of the winter moth 


(Operophtera brumata) eat. The parasitoid is stimulated to lay 
eggs in the presence of sugars exuded by damaged oak leaves, 
thus increasing the chance that its host will be nearby. 


LEARNING AND HOST SEEKING 


Insect behavior is sometimes perceived as a rigid, instinctive, 
inherited phenomenon not subject to change. However, there 
is ample evidence that many insects vary their behavior 
depending on circumstances, and that often learning is 
involved. This is also true for parasitoids. Many female 
parasitoids respond to host stimuli more strongly after they 
have parasitized a host. The heightened response, which may 
take the form of faster host finding and/or more intensive 
searching, may be considered to be a form of reward condi- 
tioning in that the female responds more avidly to host stimuli 
once she has been “rewarded” by being able to oviposit. Indeed, 
the response to host stimuli may wane if the parasitoid is 
prevented from oviposition. This occurs in the ichneumonid 
Campolitis sonorensis if it is not allowed to oviposit after 
contacting host frass or damaged plant material. Also, when the 
eucoilid parasitoid Leptopilina heterotoma is not able to oviposit, 
it becomes unresponsive to host cues (Drosophila larvae), but it 
searches more avidly if placed in a novel environment. Another 
ability that some parasitoids demonstrate is associative learning. 
In this type of learning, the parasitoid becomes able to associate 
a nonhost stimulus with the presence of hosts. For example, 
the ichneumonid parasitoid Z conquisitor can learn to distin- 
guish between different shapes, sizes, and colors of artificial tubes 
holding host lepidopterous pupae, depending on which ones it 
has been allowed to oviposit in. Another ichneumonid, Venturia 
canescens, which attacks lepidopterous larvae in cereals, can learn 
to associate the presence of hosts with the odor of a nonhost 
chemical such as geraniol. Also, the braconid Bracon mellitor 
learned to associate with its host an antibiotic incorporated into 
the artificial diet of that host, the boll weevil. Thus, the sensory 
modalities of vision, olfaction, and contact chemoreception 
may be involved in the process of associative learning. 

The advantage of such flexibility is probably greatest for 
parasitoids that are not strictly host specific. Suitably 
malleable behavior would help these parasitoids take 
advantage of changes in host and habitat composition. 
Learning in parasitoid searching behavior has recently 
generated much research interest, so it is likely that many 
more examples will be forthcoming. 


TRITROPHIC INTERACTIONS 


The involvement of plant volatile chemicals in the host- 
seeking behavior of parasitoids has an ecological and an 
evolutionary aspect. By facilitating the parasitization of 
herbivores feeding on a plant these synomones aid both the 
plant and the parasitoid. As such, plant and parasitoid would 
be expected to coevolve, resulting in some finely developed 
systems of signal and response. Examples of tritrophic 


The European Commission has given every EU country a certain number of ambitious, numerical 
targets. One core objective for 5G is thus to have at least one major city in every European country 
outfitted with this new generation mobile system by 2020, and coverage of every city, motorway and 
high-speed railway lines by 2025. This comes in response to announcements from South Korea and 
Japan which are both promising large-scale 5G demonstrations, respectively, at the Winter Olympics 
in Pyeongchang in 2018 and the Summer Olympics in Tokyo in 2020. 


2.4.2 Worldwide (examples in the US, South Korea, Japan and China) 


The race is already underway between countries to be the first to begin large-scale 5G trials, and 
later to introduce commercially available services, so much so that they are willing to employ pre- 
standard technical specifications. 


Several countries are therefore working on standards and seeking to reach a consensus with one 
another to achieve international backing for the technical specifications that will satisfy their needs, 
and earn them the best possible return on the investments made thus far. This in turn is creating a 
certain turmoil, for instance, over the frequency bands that would be the best candidates for 5G. 


The United States?” 


5G is seen as an unprecedented opportunity for economic growth, with a tremendous impact on 
education, job, transportation, etc. According to the US federal regulator, the FCC (Federal 
Communications Commission), the following three elements in particular need to be the prime focus 
of attention: spectrum, infrastructure and the backhaul network: 


- Spectrum: in July 2016, the FCC voted to free up and to open up nearly 11 GHz of high 
frequency spectrum to be used for fixed and mobile broadband applications: 3.85 GHz of 
licensed spectrum in the 27.5 — 28.35 GHz and 37 - 40 GHz bands, as well 7 GHz of unlicensed 
spectrum from the 64 - 71 GHz band. The FCC’s stated goal was to provide the assurance and 
clarity for investments in the telecoms sector. Verizon welcomed this decision, and plans on 
achieving the first rollouts in 2017, with trials already underway in several cities around the 
country (cf. 3.3). 


- Infrastructures: The FCC believes that 5G must be underpinned by a robust infrastructure 
network capable of handling already heavy traffic that could potentially increase 
exponentially in the coming years. It will interact in a hybrid fashion between traditional 
towers with macro cells and small cell deployments, as well as distributed antenna systems. 
With an eye on the deployment of new towers, the FCC resolved to reduce, or eliminate in 
certain cases, the regulatory restrictions on installing facilities and antennae that will have 
very little impact “on historic properties” (tower re-use, small antennae, indoor installations, 
etc.)*®, 


- Backhaul network: Because 5G systems will require very high-power backhaul networks, the 
FCC is in the process of reforming and updating the regulations governing data services 
markets, including wireless backhaul solutions. The FCC is seeking to protect this market 
while also creating competition, so that competitive and high quality backhaul network 
solutions can emerge. 


tt Forging Our 5G Future — Federal Communications Commission: https://www.fcc.gov/5G 
8 https://apps.fcc.gov/edocs_public/attachmatch/DA-16-900A1_Rcd.pdf 
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interactions in which such coevolution may have occurred 
include situations in which a parasitoid is attracted to volatile 
chemicals produced by a plant only when that plant has been 
damaged by herbivores. This makes the signal more mean- 
ingful to the parasitoid than a signal produced by all plants at 
all times. The plant also presumably benefits by not wasting 
resources to produce a signal that is not needed. However, 
another possible explanation is that substances produced as a 
result of injury are part of an induced resistance response of the 
plant to herbivory; thus the primary purpose of the material 
would be to decrease foliage palatability or otherwise directly 
harm the herbivore. A parasitoid might evolve to use these 
materials, but still have little or no impact on the evolution 
of the plant responses. Indeed, most work on coevolution in 
insects and plants has emphasized the plant—herbivore inter- 
actions, yet there is little solid information about tritrophic 
interactions. However, coevolution between parasitoid and 
plants is still a theoretical possibility, and researchers are 
beginning to study this interaction. 


IMPLICATIONS FOR BIOLOGICAL CONTROL 


In biological control, high searching capacity is considered to 
be a very desirable trait of natural enemies. Host-seeking 
behavior influences searching capacity greatly. The more 
readily a parasitoid can find a host, the better it will realize its 
full reproductive potential. Also, for a parasitoid to control a 
host at low densities, it is necessary to find that host under 
conditions of scarcity. By using specific cues, especially volatile 
chemicals produced directly or indirectly by hosts, many 
parasitoids are able to find these hosts very well. Research on 
host-seeking behavior has progressed far enough to permit 
the development of some general concepts that should aid 
biological control workers as they evaluate the effectiveness 
of parasitoids. For example, chemicals are very prominent as 
host habitat-finding and host-finding cues. Chemicals 
involved in host habitat finding are usually perceived from 
relatively long distances, and they orient parasitoids to travel 
upwind. Chemicals involved in host finding may be perceived 
from long distances, but often these are plant materials 
induced by feeding damage by herbivore hosts. Many chemical 
cues emanating directly from the host are short range or can 
be perceived only upon contact. Thus, plants strongly influence 
initial stages of the host-seeking process. There has been much 
concern about whether exotic natural enemies imported for 
biological control can have the detrimental effect of attacking 
nonpest species, especially endangered species. Because host- 
seeking behavior effectively determines the host ranges of 
many parasitoids, the general concepts developed from 
studies of host-seeking behavior should aid in efforts to 
delineate host ranges of parasitoids. For example, candidate 
parasitoids are now often screened for their ability to attack 
nontarget hosts. These screening tests usually occur in a 
laboratory, often using insect hosts that are removed from 
their usual plant hosts. Thus, only host-seeking behaviors 
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associated with cues directly derived from hosts are assessed. 
This ignores the often strong winnowing effect that 
attractions to plants exert on potential host ranges, and the 
laboratory-derived host range may be substantially wider 
than the natural range. Also important is learning, because 
the degree of flexibility in host seeking could quantify the 
likelihood of host switching in parasitoids. 

The above-mentioned considerations illustrate the most 
important implications that host-seeking behavior in 
parasitoids has on practical biological control, but there is 
another dimension. As already mentioned, Trichogramma egg, 
parasitoids intensively search areas in which scales from 
female moth hosts have been deposited. The main attractive 
material in these scales is tricosane. When tricosane is 
artificially deposited on foliage containing eggs of the host 
moth, the resulting parasitism by Trichogramma is higher than 
in areas not having tricosane. Thus, the direct use of such 
kairomones could improve pest control by manipulating the 
behavior of natural enemies. Although such schemes have so 
far not been economically viable, similar manipulations may 
prove to be workable in situations not yet tested. Continued 
research may well lead to some useful control methods. 
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lant-feeding insects may find their hosts by seeking 

appropriate habitats, by increases in activity that maximize 
the chances of encountering a plant, by completely random 
activity in combination with strong arrestant properties of the 
host, or by attraction to a plant from a distance by smell or 
vision or both. Often generalized plant odors are attractive, 
but commonly host-specific odors can be distinguished by 
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specialist insects, and recently it has become known that 
most such insects are highly sensitive to one or a few host 
odors that are particularly attractive. Host color and shape 
can be important in plants with characteristic visual features 
and in insects that are day flying, although visually mediated 
responses are usually relatively unspecific. 


FINDING HOSTS INDIRECTLY 


Habitat location appears to be the first step for a number of 
species, although it is difficult to prove in practice. For 
example, grass-feeding grasshoppers are attracted to open 
habitats where grasses are generally abundant, but there are 
likely to be other reasons for this behavior. The pierid 
butterfly Euchloe belemia, however, is attracted to patches of 
thorn plants where, typically, its small host plants grow most 
densely. 

Some small insects that find their hosts within fairly short 
distances may simply rely on increases in activity and turning 
behavior when they detect the appropriate odor, so that they 
are more likely to encounter their hosts. Among chrysomelid 
beetles, some engage in random movements that show little 
change with level of host odor; crucifer flea beetles in the 
genus Phyllotreta, for example, move randomly within and 
between host patches. It has been shown mathematically that 
random activity is important in overall efficiency of search 
strategies because, under many circumstances and especially 
when host signals are weak and plant suitability variable, 
exploratory search enhances the likelihood that an individual 
will contact the better plants. 


USING ODORS TO FIND HOSTS 


There are many examples of insects being attracted to the 
odors of their host plants, both by flying and by walking or 
crawling. Generalists such as the moths Trichoplusia ni and 
Heliothis virescens and the desert locust Schistocerca gregaria 
fly or walk upwind in wind tunnels toward general green 
plant odors, and there are examples among all orders of 
specialist herbivores being attracted to chemicals arising 
specifically from their host plants (Table I). 

Because of air turbulence, concentration gradients that an 
insect might follow do not generally exist, except within 
centimeters of the plant. Instead, there are pockets of odor- 
carrying air that are carried downwind in a rough plume, and 
an insect encounters and perceives an irregular series of these 
pockets. An insect usually responds in two stages. First, there 
is “arousal,” preparing the insect to respond to some further 
stimulus. Then orientation occurs, either on the substrate or 
in the air. Usually the orientation response is a response to 
the wind, with the insect turning upwind, and this is termed 
an odor-induced upwind (positive) anemotaxis. Among 
flying moths, this has been demonstrated clearly in wind 
tunnels, and the same kind of response may be seen when 
males fly upwind toward the source of female pheromone. 


TABLE I Example of Host Plant Volatiles Attracting Specific 
Phytophagous Insects 


Chemical(s) or host odors 


Insect 





Cavariella aegopodii (carrot aphid) Carvone (one of the host 


volatiles) 
Brevicoryne brassicae (cabbage aphid) Isothiocyanates (host volatiles) 
Aphis gossypii (cotton aphid) Host plant odor 
Leptinotarsa decemlineata 


(Colorado potato beetle) 


Host plant odor 


Ceutorhynchus assimilis Isothiocyanates (host volatiles) 


(Cabbage seedpod weevil) 
Mixture of five host volatiles 
Disulfides (host volatiles) 


Thiosufinates (host volatiles) 


Psila rosae (carrot fly) 

Delia antiqua (onion maggot) 
Acrolepiopsis assectella (leek moth) 
Plutella xylostella (diamondback moth) 


Manduca sexta (tobacco hornworm) 


Host plant odor 
Host plant odor 


Heliothis subflexa (groundcherry moth) Host plant odor 


Once airborne, the insect needs to monitor its ground 
speed, so that it can increase its airspeed if the wind is strong. 
To do this it uses visual information (i.e., image movement 
across the eyes from front to back). If the wind is too strong 
and the insect is unable to keep the images flowing, it turns 
and flies downwind or lands. The use of visual images by a 
flying or swimming insect to maintain orientation to a 
current flow is called an optomotor reaction. It enables the 
insect to maintain an orientation at any angle to the wind, 
not just directly up- or downwind. If the insect is unable to 
see the pattern of objects on the ground, it cannot orient. As 
well as generally flying upwind in response to a particular 
odor, many moths and beetles follow zigzag flight paths. This 
behavior, which evidently is programmed in the insect 
central nervous system, has the possible function of 
increasing the chances of encountering a pocket of odor. 

Walking insects also show odor-induced anemotaxis. This 
has been demonstrated in locust nymphs, certain beetles, and 
aphids, for example, where individuals walk upwind in 
response to host odors. 

In a number of smaller insects such as phytophagous flies, 
the odor-induced anemotaxis is slightly different; this is well 
studied are the onion maggot, Delia antiqua, and the cabbage 
maggot, D. radicum. In these species, after perception of the 
host odor, an individual fly turns into the wind and makes short 
flights. After landing, and again detecting the odor, it reorients 
into the wind and takes off. This tactic is particularly effective 
for host finding in vegetation, where the path to the food 
plant may be rather devious and the odor plume very broken. 

A different response to host odor after the initial arousal 
is to move toward or land on a relevant visual target. This 
odor-induced visual orientation is believed to occur, for 
example, in the cabbage seed weevil, which uses odor- 
conditioned anemotaxis from a distance and then odor- 
conditioned landing responses on yellow targets close to the 
source. A number of insect species may be readily trapped by 


means of a yellow water trap combined with a host odor 
source, and it is probably generally true that landing responses 
induced by the host odor are responsible. 

Insects living in soil use odors alone to find hosts. Since, the 
air moves little in soil, steep gradients of volatile chemicals can 
be achieved and maintained. Carbon dioxide is commonly used 
by such larvae, but for specialists, host-specific compounds are 
also used. Root-feeding larvae, such as that of the carrot fly, 
Psila rosae, and the corn rootworm, respond by moving directly 
up a concentration gradient. Larvae of the carrot fly respond 
to a mixture of five compounds found in carrot odor. 

For insects that fly or walk, the distances from which 
olfactory cues elicit responses vary from less than a meter as 
in the Colorado potato beetle, Leptinotarsa decemlineata, to 
about 30 m in some bark beetles and 100 m in some flies 
such as the onion maggot. Those that crawl in soil respond 
from just a few centimeters. 


USING VISION TO FIND HOSTS 


Visual attraction can result from responding to the color or 
form of the host plant. Because these vary so greatly within a 
species, and because there is relatively little specificity of 
shape among plant species, visual responses often occur only 
in the presence of an appropriate olfactory signal. 

In a few examples, visual responses to host features have 
been demonstrated without the presence of odors. Walking 
insects of several species are attracted to narrow vertical 
targets in a plain arena, but the precise significance of this 
attraction is unknown. Perhaps it is a response to potential 
vegetation or shelter. Several species of butterflies, however, 
have been shown to land preferentially on leaves of particular 
shapes, with further discrimination occurring only after 
landing. Shape may interact with color as in the apple 
maggot, Rhagoletis pomonella. Host odors play a role here, 
but when colored rectangles are offered, the only color to 
attract flies is yellow, perhaps representing vegetation. If 
colored spheres are presented, the red and black shapes 
attract flies, perhaps representing the host fruit. 

With respect to color, both wavelength and intensity are 
important. D. radicum lands preferentially on leaves with a 
leaf reflectance pattern characteristic of its host, whereas the 
western flower thrips, Frankliniella occidentalis, land most on 
yellows and whites, and more at highest intensities of 
reflected light. Patterns can also matter. For example, females 
of Heliconius butterflies lay their eggs on Passiflora leaves but 
tend not to oviposit on leaves that already have eggs on them. 
This is known to be a visual response to the yellow eggs, 
because if the eggs are painted green to match the leaf, 
butterflies do not discriminate against them. 

A response to color is often coupled with a chemical cue. 
Pieris rapae require the presence of glucosinolates to oviposit 
but still responds to these chemicals only if they are on blue, 
yellow, green, or white substrates. Females reject red or black 
substrates. 
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Visual cues are usually important only at close range, 
though occasionally they attract specific herbivores from 10 
m or so. This is true for the apple maggot, which has a very 
clear signal in the bright red fruits of its host substrate. 


LEARNING IN HOST SEEKING 


Although the studies are few, it is clear that many insects take 
advantage of experience in their foraging activities and thus 
improve efficiency of host finding. For example, butterflies 
learn to land on leaf shapes that resemble their hosts’ leaf 
shapes, making many fewer mistakes with experience, and 
they learn many visual cues, especially color, when these are 
coupled with nectar rewards. Grasshoppers have been shown 
to learn that certain colored backgrounds are associated with 
the presence of high-quality food, and the time taken to find 
the food inside colored boxes in laboratory training 
experiments with Melanoplus sanguinipes was reduced from 
about 40 min for naive individuals to less than 10 min after 
a single experience. 

Less is known about olfactory learning, but the work so 
far suggests that it may be more important than visual 
learning. Grasshoppers in experiments have been trained 
with different food odors associated with high-protein, low- 
carbohydrate diets and low-protein, high-carbohydrate diets. 
They were then fed untreated diets of one or the other type 
of imbalance until they were relatively deprived of one or the 
other major nutrient. Then, given a choice, grasshoppers 
tended to select against the odor that had originally been 
paired with the unbalanced food. Thus, if they were overfed 
protein and underfed carbohydrate, they were more likely to 
avoid the odor that had originally been paired with high- 
protein food and instead be attracted to the odor that had 
originally been paired with high-carbohydrate food. 

Food aversion learning has been demonstrated in 
grasshoppers and caterpillars, whereby individuals having a 
deleterious postingestive experience after eating a certain 
food thereafter reject it or eat little of it. However, the role of 
odor and the importance of the associated cues in behaviors 
prior to contact have not yet been investigated. 


ECOLOGICAL INTERACTIONS 


The abiotic environment and the presence of other 
organisms influence host-seeking behavior in nature. Among 
abiotic factors, temperature constraints and needs are 
probably the most important. For example, thermoregulating 
grasshoppers choose sites off the ground for cooling, and 
warm sunny substrates for basking. This can dictate the 
plants that are immediately available for feeding upon, so 
selection of thermoregulatory sites influences food selection. 
For example, the black lubber grasshopper, Zaeniopoda eques, 
is highly polyphagous; when temperatures become very high 
in its desert environment in the middle of the day, however, 
it roosts as high off the ground as possible on mesquite or 
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acacia bushes, and thus, any feeding is on these plants. 
During the cooler mornings and evenings it feeds only on 
plants at ground level. Many temperate butterflies seek out 
sunny or warm patches, and thus plants in those patches. For 
example, the meadow brown butterfly, Pararge aegeria, 
oviposits on various grasses but the actual choice depends on 
the temperature of the leaves, which in turn is influenced by 
whether the leaves are in sun or shade. 

Wind is important for most insects. Wind speed and 
constancy influence odor plumes used by orienting insects. 
The wind speed also limits flight, with larger, stronger flying 
species remaining airborne at higher speeds. Very small 
insects are often carried by wind, and depending on the 
terrain, are deposited preferentially in certain places, such as 
the lee side of trees and hedges. 

The presence of certain nonhost plants and the relative 
abundance or clumpiness of the host plant can alter the 
detailed behaviors involved in host seeking. For example, 
butterflies ovipositing in a habitat where two or more host 
plant species occur commonly tend to choose the species they 
laid eggs on previously, so that they land more often on the 
common host. In other insects, the host being selected. for 
oviposition is dependent on factors such as the need for 
additional resources. In one example, the celery fly, 
Phylophylla heraclei, requires trees near to the celery host 
because this is where mating occurs and the adult food of 
aphid honeydew is available. 

Insects that show odor-induced anemotaxis to their host 
plants presented alone in a wind tunnel in the laboratory do 
not always show the same behavior in field situations. For 
example, the Colorado potato beetle is attracted, at least from 
short distances, to its preferred host, potato. However, if 
nonhosts are also present, the response may be reduced or 
absent, and the host odor is said to be masked. Such inter- 
actions reduce the distance over which some host odors can be 
detected by phytophagous insects, and the phenomenon may 
be one of the mechanisms involved reduction of pest numbers 
in certain crop mixtures. 

In addition, some insects are influenced by olfactory or visual 
evidence of prior occupation of a plant, competitors of the same 
or different species, and of the presence of natural enemies. 


PHYSIOLOGY OF THE HERBIVORE 


Host-seeking behavior is restricted to times when the 
ovipositing or feeding insect is in a suitable physiological state. 
For example, insects about to molt do not feed and are gen- 
erally not responsive to host odors; in adult females, a load of 
eggs ready for laying alters motivation so that searching for a 
host takes priority over other behaviors. Similarly, an insect 
that has been deprived of food seeks hosts more readily than 
one that is replete. In nymphs of the desert locust, for example, 
positive anemotactic responses to the odor of grass in a wind 
tunnel were not seen in well-fed individuals but were dramatic 


in nymphs that had been deprived of food for 4 h. 


In the bean aphid, Aphis fabae, winged individuals that fly 
distances from one host to another are attracted, when they 
take off, to the short wavelengths of the blue sky. After flying 
certain distances, they are preferentially attracted to the 
longer wavelengths of yellow, so that they then tend to land 
on plants in the vicinity. A number of aphid species bias their 
landings toward the yellower greens that often are associated 
with plants in an appropriate physiological state rather than 
toward plants of a particular species. 
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he house fly, Musca domestica (Fig. 1), is one of the best 
known and most widely distributed insects known to 
humans. It is a classic example of a synanthropic animal, one 
that lives in association with humans and their domesticated 
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FIGURE 1 ™. domestica. [After Huckett, H. C., and Vockeroth, J. R. (1987). 
Muscidae. Jz “Manual of Nearctic Diptera” (J. F McAlpine, B. V. Peterson, 
G. E. Shewell, H. J. Teskey, J. R. Vockeroth, and D. M. Wood, eds.), Vol. 2. 
Biosystematic Research Institute Research Monograph 28. For the Depart- 
ment of Agriculture and Agri-Food, Government of Canada. © Minister of 
Public Works and Government Services, Canada, 1987. Reproduced with the 
permission of the Minister of Public Works and Government Services, 2001.] 


animals. House flies occur and thrive wherever humans are 
found but are very rare in natural or wild areas throughout 
the world. “Insects will survive long after humans disappear” is 
a common expression, but it is not true of the common house 
fly. House flies would likely not be able to survive in the absence 
of humans because their relationships are so closely linked. 

The available literature on the house fly is vast. A computer 
search of only one database (BIOSIS) using “Musca domestica” 
as the key words, yielded well over 1000 references for the 
period between 1990 and 2000. A complete synopsis of the 
known information on this one species is not possible in this 
short article, but the following information should give the 
reader a better appreciation for this common species and the 
readings listed at the end will enable the curious to pursue 
this topic further. House flies are included in the group 
known as the calyptrate Diptera, which includes the 
Muscidae, Anthomyiidae, Calliphoridae, Sarcophagidae, 
Tachinidae, and several smaller families. 


LIFE CYCLE AND BEHAVIOR 
Mating Behavior 


Courtship and copulatory behaviors are the most important 
and the most complex behaviors exhibited by the house fly. 
Visual, chemical, tactile, and auditory cues are all used, to 
various degrees, in courtship and copulation. The elimination 
of a male’s production of, or a female’s reception of, any one 
stimulus may not greatly affect mating success. However, if 
combinations of stimuli are simultaneously eliminated, 
mating can be significantly affected. In general, males mate 
as often as they can, whereas females mate just once. 

The courtship behaviors of M. domestica, and many other 
calyptrate Diptera, are initiated when the male first sights a 


House Fly 533 


prospective femalelike object. Males are not very discrimi- 
natory in their initial choice of partners and strike other 
males, other species of flies, and small inanimate objects 
moving through their visual field. 

The discovery of cuticular hydrocarbons that serve as sex 
pheromones in the house fly triggered a burst of 
investigations into the role of such pheromones in the mating 
behavior of the calyptrate Diptera. No evidence has been 
found that these pheromones are olfactory stimulants; rather, 
they appear exclusively to be contact excitants. In house flies, 
chemosensilla involved with contact chemoreception (or 
“taste”) are located on both the mouthparts and the tarsi. 
Thus, house flies can “taste” with their feet. When a male 
touches a female with his tarsi, as he grasps her upon initial 
contact, he can use the female-produced sex pheromone to 
determine whether a potential mate is of the correct species, 
sex, and even mating status. This pheromone is a very 
important stimulus for the male, and a male repeatedly 
attempts to copulate with an object that is of appropriate size 
and “tastes right.” 

Behaviors that involve the touching or bodily movement 
of males and females beginning after the initial contact may 
be elicited by tactile cues. Tactile cues may be given by either 
sex during courtship, but it appears that the male’s role is 
much more complex than that of the female. High-speed 
photography has shown that the house fly’s courtship is 
extremely brief and complex. The highly ritualized sequence 
of movements that the male performs immediately after 
contact with the female seems to be very important to the 
female in her choice of potential mating partners. Males 
often strike females in midflight and perform the courtship 
ritual during their plunge to the ground. If the courtship is 
performed to the female’s satisfaction, she allows the male to 
mate with her. If not, she can dislodge the male and stop 
mating from occuring by performing one of several different 
rejection maneuvers. 

Mating pairs of M. domestica are normally quiescent during 
copulation. However, if the pair is disturbed they move, and 
the female flies, short distances carrying the male on her back. 


Development 


The number of eggs that mature in a fly’s ovaries at one time 
is about 120. The female requires both sugar and protein 
meals for egg production. After copulation, egg laying takes 
place in 4 to 8 days. The female requires nearly a day to 
deposit the eggs, which may be deposited in a single mass or 
distributed in a number of locations. Each female is capable 
of developing several batches of eggs during her lifetime. 
Animal manure is the preferred ovipositional substrate, 
although a variety of decaying organic material can be used if 
fecal material is not available. 

Developmental time is highly temperature dependent. 
Hatching usually takes place within one day after oviposition. 
Larval development occurs rapidly, with the larva (maggot) 
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normally passing through all three instars in 5 to 9 days. 
After full larval development, the third instar turns into a 
dark, cylindrical puparium, which is composed of the 
sclerotized skin of the last (third) larval stage. The process of 
pupation normally lasts about 5-days. 

Most adults live for 2 to 3 weeks at normal summertime 
temperatures in the temperate regions. During the summer in 
temperate regions of the world, the entire life cycle (from egg 
to egg-laying adult) can be accomplished in 10 days to 2 weeks. 


Flight and Dispersal 


House flies are comparatively slow fliers, with a normal flight 
speed of about 2 m s"! (or 7.2 km/h"). They have an innate 
tendency to disperse from their rearing site, even when 
conditions are favorable. Capture—release studies with 
marked house flies indicate that 85 to 95% of the flies stay 
within a 3-km radius of their release point after 4 days, 
although a few individuals may travel over as much as 20 km. 
House flies are one of very few species of fly that 
purposely enter human structures, such as houses and barns. 
This propensity for entering dark openings has implications 
on the dispersal of this species, because house flies readily enter 
cargo or passenger areas of trucks, trains, ships, and airplanes. 
By this means, gene flow between geographically distant 
populations is easily, although accidentally, promoted. 


Ability to Land and Walk on Ceilings 
and Vertical Surfaces 


A common question about house flies is, “How do the flies 
land on ceilings, and how do they walk up smooth vertical 
surfaces, such as glass windows?” In landing on ceilings, a 
house fly normally performs a “half-roll” and reaches its legs 
out to the ceiling. Contact of the tarsi with the ceiling 
inhibits flight and the fly comes to rest, generally facing the 
direction that it was flying. A close look at the structures 
found on the tips of the tarsi help to explain the fly’s ability 
to cling and walk on ceilings or smooth glass windows. The 
apical tarsal segment bears a pair of curved claws that are 
used to cling to rough surfaces. At the base of each claw is a 
padlike structure, called the pulvillus, which bears a large 
number of glandular setae. These setae are coated with 
secretions that make them sticky, allowing the fly to walk on 
vertical, or even inverted, smooth surfaces. 


THE HOUSE FLY AS A VECTOR OF HUMAN AND 
ANIMAL DISEASE 


House flies, particularly in large numbers, are a nuisance to 
humans when they enter houses, land and feed on human 
food, and spot windows with their feces. Of greater 
importance to humans, however, is their ability to spread 
human and veterinary disease agents. House flies have been 
associated with over 100 pathogens that can cause disease in 


humans and animals. Unlike the pathogens responsible for 
many other insect-borne diseases, the pathogens spread by 
the house fly do not usually multiply within the fly, nor do 
they require association with the fly for part of their life cycle. 
Instead, the usual association between house flies and 
pathogenic organisms is one of physical transmission of 
pathogens the flies pick up on their bodies at one feeding site 
(e.g., a garbage can or manure pile) and transfer to human 
and/or animal food when they land and feed. House flies 
have been associated with the transfer of a variety of viral and 
bacterial diseases, such as typhoid fever, cholera, dysentery, 
and infantile diarrhea, as well as a variety of parasitic worms. 


See Also the Following Articles 
Chemoreception ¢ Medical Entomology ¢ Urban Habitats 
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he Hymenoptera are a major order of holometabolous 

insects. That is, they undergo complete metamorphosis 
with distinct egg, larval, pupal, and adult stages. They are one 
of the five megadiverse insect orders along with Coleoptera, 
Diptera, Lepidoptera, and Heteroptera, and perhaps even the 
most species rich of any insect order—certainly this is true at 
temperate latitudes. They are generally cosmopolitan and, 
except for some specialized groups, they are most speciose in 
the tropics. 


Although after working with Hymenoptera for a while it 
becomes easy to recognize members of this order, there are 
almost no conspicuous defining characters, because the 
majority of hymenopteran attributes are plesiomorphic; that 
is, they are shared with the common ancestors of various 
other orders. It is not surprising therefore that although 
almost everyone on earth, save perhaps those living at 
extreme northern latitudes, is familiar with ants, bees, and 
social wasps and has vernacular names for these particular 
taxa, there is not a single vernacular name in any language 
that refers to them in toto. Hymenoptera are also diverse in 
terms of their life histories: they include phytophagous, 
parasitoid, and predatory taxa, both solitary and highly social 
species, and they range in size from the rather large and 
intimidating spider-hunting pompilid wasps that can reach 
12 cm wingspan down to the tiniest parasitic wasps that are 
approximately 0.1 mm in length (males of the wingless 
mymarid chalcidoid, Dicopomorpha echmepterygis). It is hard 
to overstate their ecological importance because they are 
collectively involved in so many types of interaction, and it is 
likely that many are effectively keystone species in their own 
habitats. 

The Hymenoptera get their name from the Greek words 
humen and pteron, meaning membrane and wing, 
respectively, and this gives the first clue to identifying them. 
Excluding the numerous exceptions of apterous and 
brachypterous species that are widely distributed through the 
order, hymenopterans possess two pairs of membranous 
wings that are devoid of scales. The forewings are larger than 
the hind wings, and the two are interlocked during flight by 
a row of special hooks called hamules (or hamuli) that are on 
the anterior margin of the hind wing; these hamuli engage 
(or interlock) with a fold on the posterior edge of the 
forewings. This system makes the Hymenoptera functionally 
dipterous (two-winged) during flight, since the wing surfaces 
on either side of the body acts as a single aerofoil. Hamules 
are unique to this order of insects. 


GENERAL BIOLOGY 


Since Hymenoptera is a very large order, it is not surprising 
that a considerable number of biologies and life history 
strategies are exhibited by its various taxa. Broadly speaking, 
the basal lineages are phytophagous as larvae, feeding both 
ecto- and endophytically on a large range of herbs, shrubs, 
and trees; few tropical pergid sawflies, even feed on slime 
molds! The great majority of the remaining species are either 
parasitoids of other insects or predators of insects (e.g., the 
yellow-jackets or social wasps, which are members of the 
Vespidae) or spiders. However, among the higher taxa, there 
have also been several reversals to phytophagy, especially 
through the formation of galls on plants (cecidogenesis). The 
bees (Apidae) and one other, small tropical group, the 
Masarinae within the Vespidae, have evolved to make use of 
pollen and nectar as a larval food source. 
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Development 


Like other holometabolous groups, hymenopterans primitively 
pass through generally five instars, though the number of 
instars is typically smaller in endoparasitic taxa, and in one 
such genus there seems to be just a single instar. The final 
instars of hymenopterans are rather morphologically 
conservative, with most sawflies having rather caterpillar-like 
larvae with well-developed true legs and variously developed 
prolegs on several of the abdominal segments. Adoption of 
an endophytic way of life by cephoid sawflies and wood 
wasps was accompanied by a reduction in the prolegs and 
more generally by reduction of sensory structures. Final instar 
apocritan wasp larvae are all quite similar and are termed 
hymenopteriform. They are superficially rather maggotlike in 
that they lack legs and other processes and often have a rather 
reduced head. However, many endoparasitoids have highly 
bizarre, first instars characteristic of their particular families, 
and for which a variety of specific terms have been coined. 

The pupal stage of hymenopterans is exarate; that is, the 
antennae, legs, and wings are free from the body (in contrast 
to the Lepidoptera, e.g., in which these components are fused 
with the body). The pupae tend to be rather delicate and are 
easily damaged. All sawflies and most members of the 
Ichneumonoidea + Aculeata clade produce a silken cocoon to 
protect the pupa. Most of the other parasitic taxa do not, 
however, probably because they pupate within the host 
remains or, if they pupate externally, do so in a location 
where the pupa is likely to be protected by the surroundings, 
such as within a leaf mine, gall, or wood boring. 


Key Features in Hymenoptera Evolution 


Given the huge size of the order, it is interesting to consider 
what features have enabled hymenopterans to be so successful 
in terms of both individuals and total number of species. Most 
attention has focused on a small number of features such as 
selection of oviposition site, modification of that site, the use of 
venoms, and the evolution of the thin wasp waist, all of which 
are discussed in this article. In addition, the unusual form of sex 
determination mechanism, haplodiploidy, may have been 
particularly important in the evolution of sociality. It is likely, 
however that few of these traits have operated in isolation, and 
it is the interactions of these and other factors that have been 
important. Thus, for example, evolution of sociality may have 
been facilitated by the sex determination mechanism but also 
requires the abilities to remember where the nest is, to 
recognize nestmates, and to be able to defend the nest. 
Several studies have emphasized that the success of the 
Hymenoptera has probably been a consequence of the general 
tendency of these insects to provide their offspring with 
particularly nutritious food sources, and when necessary (and 
that has been often) to modify poorer foods to better ones. 
Although this may be most familiar in terms of the provisioning 
of larvae in the nests by the social wasps and bees, such 
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TABLEI Most Recent Classification of the Sawflies and Wood Wasps 

Superfamily Family Described extant species Notes 

Xyeloidea Xyelidae 50 Most ancient family, with Holarctic distribution. 

Pamphilioidea Pamphiliidae 250 Sometimes called webspinning sawflies after the habit of early instars. Some are 
pest species. 

Megalodontesidae 40 Rare group with little known about biology; some feed on Apiaceae and on 
Rutaceae. 

Tenthredinoidea — Argidae 800 A common group. 

Blasticotommidae ~10 Usually uncommon, larvae live in a ball of foam of ferns. 

Cimbicidae 130 Occasionally common, often rather large and beelike sawflies. 

Pergidae 500 Principally southern group, especially in Australia and South America. 

Diprionidae 90 Pine sawflies. 

Tenthredinidae 4000 Very common and speciose in temperate areas, uncommon but moderately diverse 
in the tropics. Most are exophytic with caterpillar-like larvae. Some are gall 
formers 

Cephoidea Cephidae 80 Stem sawflies, elongate, associated with grasses and rosaceous shrubs. 
Anaxyeloidea Anaxyelidae 1 A single species from western United States associated with fire-damaged trees. 
Siricoidea Siricidae 95 Horntail wood wasps. 

Xiphydroidea Xiphydriidae 100 Horntail wood wasps. 

Orussoidea Orussidae 75 Parasitic sawflies. 


behaviors and physiological adaptations are to be seen all 
through the order and are manifested in many different ways. 

First, there is egg placement and the larval food resource. 
The morphology of the ovipositor has been crucial in this 
respect. The hymenopteran ovipositor is used not only for 
laying eggs, it is also used to pass venom and/or other secre- 
tions to the place of oviposition. In the parasitoid taxa, these 
venoms either cause paralysis of the host or are important in 
overcoming the host’s immune response against the parasitoid. 
The ovipositor is typically well supplied with sensilla, and the 
insects receive and interpret the resulting sensory information 
and use it in deciding whether they have located a site or host 
suitable for egg laying. This organ has been especially well 
studied in parasitoid taxa, and such observations have been 
used to test many evolutionary concepts. 

In the majority of the aculeates (stinging wasps, bees, and 
ants) the egg-laying role has been lost, but the same 
structures are still present and are used for envenomation of 
prey or enemies. The venoms of most of these act on the 
nervous systems or nerve—muscle junctions of their prey 
insects, permanently paralyzing them. In this sense, the 
venoms are rendering their larval food sources manipulable 
and safe by preventing the prey insect from wriggling or 
moving to damage the wasp’s developing young. 

“Venoms” were important even before the evolution of 
parasitoidism. For example, at least some and possibly most 
wood wasps inject chemicals into their host trees along with 
their eggs and symbiotic fungi fragments, and these toxins 
probably either kill the living cambium cells or in some other 
way help the symbiotic fungi to overcome the trees’ defenses 
so that the wood wasp larvae can feed on the developing 
nutritious fungal hyphae. As often happens, these conclusions 
are based on relatively few data, and observations of other 
species are very much needed. 


Evolution of the thin wasp waist, which defines a large 
group of families called the Apocrita, was another absolutely 
key feature in that it greatly increased the mobility of the 
posterior abdomen relative to the thorax. This in turn allowed 
greater control of the ovipositor and greater variety in its use; 
later, it allowed the sting, which is in fact just a derived 
ovipositor, to be much more effective as a weapon of defense 
and offense. It is interesting that vertebrates can learn that a 
bee or wasp can deliver a sting and that part of the recognition 
of this ability involves the very conspicuous abdominal 
movements of the insect as it probes for a vulnerable spot 
with its sting. Because male Hymenoptera never possess 
stings (because the males do not have an ovipositor-derived 
apparatus!), they are harmless in this respect. Often, however, 
males very effectively mimic female wasp stinging movements 
such that people, and probably many experienced predators, 
do not take the risk and quickly release them—this behavior 
has been termed. aide-mémoire mimicry. 

The wasp waist, contrary to many people’s initial expec- 
tations, is actually not located between the thorax and 
abdomen, but is a constriction between the first and second 
abdominal segments (Fig. 1). In the ants, posterior abdominal 
mobility is increased even more by second and sometimes 
third constrictions between the second and third, and third 
and fourth, abdominal segments, which give rise to the distinct 
node or nodes between the middle and posteromost body 
regions. There is a very good reason for the wasp waist to be 
positioned after the first abdominal segment. Higher 
hymenopterans are typically strong fliers, and their longitu- 
dinal flight muscles are consequently large. Because these 
muscles are attached internally on the anterior of thorax 
(actually the mesonotum) and posteriorly on a large 
internalized chitinous phragma that slants posteriorly, if 
there were a constriction immediately behind the last (third) 
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TABLE II Generally Accepted Classification of the Apocrita‘ 
Described 
Superfamily Family extant species Notes 
Stephanoidea Stephanidae 200 No common name. Idiobiont parasitoids of wood-boring beetle larvae. 
Megalyroidea Megalyridae 50 No common name. Usually rare, presumed idiobiont parasitoids of wood-boring 
beetle and aculeate wasp larvae. 
Trigonaloidea Trigonalidae 100 No common name. Complex hyperparasitic (rarely primary parasitic) life cycle. 
Evanioidea Evaniidae 500 Ensign wasps. Often common in the tropics, endoparasitic or egg-predatory in 
cockroach oothecae. 

Gasteruptiidae 420 Moderately common, cosmopolitan, kleptoparasites of solitary bees. Their larvae kill 
the host bee’s egg and consume the latter’s pollen food store. 

Aulacidae 200 Koinobiont endoparasitoid of wood wasps and of wood-boring Coleoptera larvae. 

Ceraphronoidea Ceraphronidae 350 Small to very small, very common wasps with a wide range of parasitic biologies. 

Megaspilidae 450 Small to very small, common wasps with a wide range of parasitic biologies. 

Platygastroidea Platygastridae 1,100 Extremely common, usually small, cosmopolitan, mainly koinobiont endoparasitoids 
of Diptera larvae, but other biologies and hosts known. 

Scelionidae 3,000 Extremely common, usually small, consmopolitan, idiobiont egg parasitoids of many 
groups of insects and spiders. 

Proctotrupoidea Austroniidae 3 Extremely rare, Australian, biology unknown. 

Diapriidae 2,300 Very common, idiobiont and koinobiont endoparasitoids, mainly of Diptera 
larvae/pupae. 

Heloridae 7 Usually uncommon, koinobiont endoparasitoids of Neuroptera (Chrysopidae) larvae. 

Maamingidae 2 Most recently described family, known only from New Zealand, biology unknown. 

Monomachiidae 20 Parasitoids of Diptera (Stratiomyidae) in Australia and South America. 

Pelecinidae 3 Moderately common, large, entirely New World, koinobiont endoparasitoids of 
subterranean Coleoptera larvae. 

Peradeniidae 2 Very uncommon, Australian, biology unknown. 

Proctotrupidae 310 Common, mainly northern, koinobiont endoparasitoids, mainly of Coleoptera larvae, 
mostly in soil or litter layer. 

Renyxidae 2 Holarctic, extremely rare, biology unknown. 

Roproniidae 18 Usually uncommon, Holarctic and Oriental, parasitoids of sawflies. 

Vanhorniidae 5 Generally uncommon, New World parasitoids of eucnemid beetle larvae. 

Mymarommatoidea = Mymarommatidae 14 Very uncommon, minute, biology unknown but guessed to be egg parasitoids. 
Chalcidoidea ~20 families 19,000 Chalcids. Approximately 20 families are recognized, most with diverse biologies. 
Cynipoidea Tbaliidae 50 Egg-larval, koinobiont endoparasitoids of wood wasps. 

Liopteridae 50 Endoparasitoids (probably koinobiont) of wood-boring Coleoptera larvae in the 
tropics. 

Cynipidae 1,000 True gall wasps and also inquilines in other cynipid galls. 

Figitidae 1,500 Very common endoparasitoids of Diptera, of Neuroptera, and of hymenopterous 
parasitoids of aphids. 

Austrocynipidae 1 Extremely rare, parasitic on Lepidoptera larvae in Araucaria cones in Australia. 

Ichneumonoidea Ichneumonidae 22,000 Very common, biologically diverse though not including any egg parasitoids. 

Braconidae 20,000 Very common, biologically diverse though not including any egg parasitoids. 

Chrysidoidea Bethylidae 2,000 Common and widespread, small ectoparasitoids of small beetle and moth larvae in 
semicryptic locations; some show parental care. 

Chrysididae 3,000 Common, cosmopolitan. Chrysidines are mainly larval parasitoids of solitary vespid 
wasps and bees; cleptines attack sawfly prepupae; others are idiobiont egg 
parasitoids of stick insects. 

Dryinidae 950 Common, koinobiont parasitoids of larger Auchenorrhyncha (e.g., Cicadelloidea), 
some developing partially externally. 

Embolemidae 16 Uncommon, cosmopolitan; one species parasitic on Heteroptera nymphs. 

Plumariidae 20 Very rare tropical wasps, biology unknown. 

Sclerogibbidae 10 Very rare, koinobiont ectoparasitoids of webspinners (Embioptera). 

Scolebythidae 3 Very rare, tropical ectoparasitoids (probably idiobiont) of wood-boring beetle larvae. 

Vespoidea Bradynobaenodae 200 Very rare, cosmopolitan, may be koinobiont ectoparasitoids of sun-spiders 
(Solipugida). Great sexual dimorphism. 

Formicidae 10,000 Ants. Extremely common and cosmopolitan. Most are eusocial but also includes 
social parasites of other ants and slave makers. 

Mutilidae 5,000 Velvet ants. Not true ants, commonest in arid tropics, these are idiobiont 


ectoparasitoids of aculate larvae and pupae in their cells. Great sexual dimorphism. 
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TABLE II Continued 
Described 
Superfamily Family extant species Notes 
Vespoidea (cont.) Pompilidae 4,000 Spider wasps. Sometimes large. Some are ectoparasitoids of spiders in situ; most 
relocate spider prey to a new site. 

Rhopalosommatidae 35 Moderately common, ectoparasitoids of crickets (Gryllidae). 

Sapygidae 80 Kleptoparasitoids of solitary bees. Usually uncommon but occasionally a pest. 

Scoliidae 300 Often large, primarily tropical or warm temperate, idiobiont ectoparasitoids of 
subterranean beetle larvae. 

Sierolomorphidae 10 Very rare, Americas and Oriental region, biology unknown. 

Tiphiidae 1,500 Often common, mainly tropical, idiobiont ectoparasitoids mainly of subterranean 
beetle larvae. Great sexual dimorphism. 

Vespidae 4,000 Very common, includes the familiar social wasps or yellowjackets, mason or potter 
wasps. Females progressively provision their larvae with chewed insect/spider tissue, 
or in Masarinae, pollen. 

Apoidea Apidae 30,000 Bees, from solitary to highly social. Progressively provision larvae with pollen. 

Sphecidae 8,000 Almost entirely solitary, nest-building predators of insects and spiders. 


“The Chrysidoidea, Vespoidea, and Apoidea comprise the aculeate Hymenoptera. The true number of species in the Ceraphronoidea, Platygastroidea, 


Diapriidae, Chalcidoidea, and Ichneumonoidea, in particular, are likely to greatly exceed the figures given here. 


thoracic segment, the size of the flight muscles would be 
greatly restricted. By having the first abdominal segment fused 
to the thorax, larger flight muscles can be accommodated. 
Thus, the middle body part of an apocritan hymenopteran is 
comprised of the pro-, meso-, and metathorax, plus the first 
abdominal segment, the latter being termed the propodeum. 
Of course, this nomenclature has often led to confusion 
among those who lack detailed familiarity with wasp 
physiology. Nowadays, to avoid ambiguity, it is becoming 
increasingly common to refer to the middle body region as the 
mesosoma and the part behind it as the metasoma. Further 
nomenclatural confusion can arise when, as in the ants and 
some parasitic wasps, the first metasomal segment (i.e., the 
second abdominal segment) is greatly reduced. The most con- 
spicuous part of the metasoma is then referred to as the gaster. 





{2 Thorax 


FIGURE 1 Stylized illustration ofan apocritan hymenopteran showing the wasp 
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waist between the first and second abdominal segments. The first abdominal 
segment, called the propodeum, is broadly attached to the thorax (colored 
blue), and the combined structure is referred to as the mesosoma. The abdomen 
(darker shading) posterior to the mesosoma is often called the metasoma. 


Venoms 


Most if not all Hymenoptera, even the sawflies (which are 
phytophagous), have a “venom” gland associated with the 
ovipositor or sting. In fact, most have at least two distinct 
glands, the venom gland proper, also referred to as the acid 
gland on account of its typical histological staining 
properties, and a second gland, referred to as the alkaline 
gland or Dufour’s gland in the Aculeata (see later). Details of 
the function of the secretions of these glands are known for 
only a few species; for the sawflies, such knowledge is almost 
completely lacking. It may reasonably be assumed that the 
initial function was production of lubricants that assisted 
passage of the egg down the ovipositor; but natural selection 
would have acted quickly to favor organisms that showed an 
ability to benefit from modification of the substrate. 

In the parasitic wasps, the venom gland products are 
thought to be primarily associated with two roles: to help 
overcome the host’s immune defense against the parasitoid’s 
egg or larva, and sometimes, especially among the 
ectoparasitic idiobionts, to paralyze the host. In some taxa, 
perhaps in many, there may also be secretory products from 
parts of the female reproductive tract itself, and these may 
play important roles in overcoming host immunity. Of great 
interest among these are the “polydnavirus soups” produced 
by the calyx gland in a few groups of Ichneumonoidea; this 
gland is a modified part of the lateral oviduct. 

The venom glands in the aculeate wasps are the source of 
the well-known, pain-inducing toxins that many social and 
some solitary Hymenoptera use to such good effect in self- 
defense. One solitary aculeate, a mutillid wasp (or velvet ant), 
is commonly called the camel-killer because its venom is 
reputedly strong enough to have that effect, and there are 
anecdotal reports of soldiers who have been incapacitated by 
the pain caused by encounters with this substance. Typically, 
however, the venoms are rather less fearsome. These pain- 


Japan 


Japan wants to demonstrate its 5G leadership by deploying the first commercial 5G network that 
complies with international technical specifications, in time for the Summer Olympic Games in Tokyo 
in 2020. 


According to the Radio Policies Towards 2020” report, published in June 2016 by Japan’s Ministry of 
Internal affairs and Communications (MIC), the 3600-4200 MHz, 4400-4900 MHz and 27.5- 
29.5 GHz bands were selected to be the 5G candidate bands on a national scale. Although other 
bands are also being investigated, with a view to WRC19, 5G rollouts are already planned in the 
3600 - 4100 MHz, 4405 - 4895 MHz and 27.5 - 28.28 GHz bands as early as 2017 in Tokyo, and will be 
built out in 2018 and 2019. 


China 


Like Japan, China too wants to prove its leadership with the first commercial rollouts in 2020. The 
first trials will be conducted that year in the 3400-3600 MHz band. The 3300 - 3400 MHz, 
4400 - 4500 MHz and 4800 - 4990 MHz bands are also under consideration and currently being 
investigated. For higher speeds, the country plans on using spectrum around the 25 GHz and 40 GHz 
frequencies. 


South Korea 


South Korea, meanwhile, has set its sights on a pre-commercial 5G service that would be ready in 
time for the 2018 Winter Olympics in Pyeongchang. Several trials are already underway to prepare 
for full scale demonstrations in several South Korean cities, including Pyeongchang and Seoul. The 
country’s three national mobile operators are hoping for spectrum in the 26.5 — 29.5 GHz bands. 


South Korea’s largest mobile operator, SK Telecom, has announced a plan for conducting 
interoperability tests with Qualcomm and Ericsson, as well as outdoor trials of the new air interface 
based on the 3GPP NR standards that are being developed today. These trials and experiments will 
be carried out in the second half of 2017. 


If the goal of these trials is to help accelerate the specification of the new NR air interface, which is 
part of the work being done on 3GPP Release 15, it has not yet been specified which frequency bands 
will be used for these trials. 


2.2 Ahost of private initiatives — a few examples 


5G Open Trial Specification Alliance 


In early 2016, South Korean operators KT and SK Telecom, Japanese carrier NTT DoCoMo and 
American carrier Verizon formed the 5G Open Trial Specification Alliance to carry out collaborative 
5G trials. 


Due to be conducted between 2016 and 2018, the aim for these trials is to provide a common 
platform for operators, for exchanging results and shared assessments of the different 5G network 
components and elements. One of the operators’ objectives is to help accelerate the definition of 
standards and specs, and to enable economies of scale. The findings of these evaluations will provide 
input for 3GPP discussions, adding simulations to the experimental data produced by the 
partnership. 


9 http://www.gsma.com/spectrum/wp-content/uploads/2016/08/MIC_Spectrum-for-5G-MIC-Kuniko-OGAWA.pdf 
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causing venoms are very specialized and contain a variety of 
neurotoxins, including, in some taxa, small ringlike peptides 
that insert themselves in cell membranes and cause depolar- 
ization of nerve cells, and consequently pain. It is easy to 
envisage how these peptides could have evolved from toxins 
that were originally selected to cause paralysis of the arthropod 
prey of their ancestors, although probably most are so highly 
modified that any initial similarity has been lost. A few of the 
larger parasitic wasps have also developed pain-causing venoms 
for defense, but their stings are quite mild and the effects 
short-lived compared with those of many aculeates. 

The main function of Dufour’s gland seems to be the pro- 
duction of substances that are involved in intraspecific com- 
munication. In the parasitic wasps, the gland probably serves 
primarily as a source of marking pheromones that indicate 
where an egg has been laid, likely to minimize self- and 
intraspecific superparasitism. Among the social aculeates, the 
functions of this gland have been greatly elaborated, and it is 
the source of many other pheromones that are involved in 
colony organization. 


The Ovipositor: A Key Organ 


Since Hymenoptera in general are known to take great care 
in the placement of their eggs, it is not surprising that the 
ovipositor is an important organ, and one that has shown 
many specializations for particular modes of life. 

The hymenopteran ovipositor is derived from abdominal 
appendages and comprises three independently movable 
parts, called valves, that together form the egg canal. The 
dorsal valve is a fused structure, but the ventral ones are 
separate. There is no intrinsic ovipositor musculature; rather, 
the movements of the valves depend on muscles within the 
abdomen that pull on the internal apodemes of the three 
valves. Nevertheless, several parasitic taxa have evolved 
mechanisms that enable them to steer their ovipositors and 
thus increase their chances of successfully attacking a mobile 
host that might otherwise be able to wriggle away from its 
attacker. Although the penetration of the substrate by wasp 
ovipositors is usually referred to as “drilling,” it is important 
to realize that there is no circular motion: penetration is 
achieved by the to-and-fro motion of the three valves relative 
to one another. In the simplest mode of operation, one valve 
has a projection or nodus that interlocks with the substrate, 
and this acts as a support for the others to be pushed forward. 

The sawflies get their name from the laterally compressed, 
strongly serrated, ovipositors with which they insert their 
eggs under plant cuticle. These ovipositors are unsuited, 
however, for penetration of wood, and the wood wasps’ 
ovipositors are longer and rounder in cross section, with 
serrations used for rasping wood fibers, located just at the tip 
(see Fig. 2). Most of the parasitic Hymenoptera have a similar 
ovipositor except that in many of those with exposed hosts it 
is much shorter and has reduced serrations because there is 
no substrate to “drill” through. Some ovipositors are very 
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FIGURE 2 A large ichneumonid wasp, Megarhyssa sp., using its ovipositor to 


“drill” through a tree trunk to reach its host, a siricid wood wasp larva. The 
ovipositor is very thin and pointing between the fore legs; the large black 
structures are the protective ovipositor sheaths. (Photograph by Nathan Schiff.) 


long (up to 12 times longer than the wasp’s body), and 
various mechanisms and behaviors have evolved to enable the 
wasp to manipulate them. 


The Road to Parasitoidism 


The evolution of parasitoidism has long been of interest, and 
several possible scenarios have been discussed at various times. 
As our understanding of the phylogenetic relationships of the 
basal parasitic wasps has firmed up over recent years, it now 
seems most probable that the transition to a parasitoid way of 
life occurred first among some ancestral wood wasp, because 
the closest extant sister group of the parasitic Hymenoptera is 
almost certainly the Orussidae; which collectively are derived 
from wood wasp ancestors. The most widely discussed and 
generally accepted proposal for the evolution of parasitism in 
the Hymenoptera envisages an ancestral wood wasp gaining 
an advantage by producing a larva that could encounter, kill, 
and eat another wood-boring insect—possibly the larva of 
another wood wasp or of a beetle—because such a food item 
would have a greater nutritional value than the plant diet. An 
advantage therefore would have been gained if the female 
ancestral parasitoid were to seek out for oviposition sites 
branches where such food bonuses occurred. This could 
occur only if the prey item, such as a batch of eggs or perhaps 
a minimally mobile prepupa or pupa, did not pose a danger 
to the ancestral parasitoid. The next step would be from a 
facultative utilization of vulnerable prey insects to 
supplement a plant-based diet with an obligate one, 
eventually eliminating the need to consume plant material. 
So by evolution of the wood wasps, prey species become 
hosts. At first, as in extant orussids (see later) the larva might 
have done the final prey location, but the protoparasitoid in 
this scenario always evolves to use its ovipositor to injure or 
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kill the prey, perhaps by stabbing. Subsequently, venoms 
evolved greater sophistication until they were able to induce 
permanent host paralysis, and even to help keep the host 
fresher for longer by preventing it from becoming infected 
with fungi and bacteria. 


Gall Formers 


As with several other insect orders, some groups of 
Hymenoptera have evolved ways of making plants produce 
especially safe and nutritious places (i.e., plant galls) in which 
to shelter their young. Because hymenopterans produce 
venoms that contain a wide range of pharmacologically active 
compounds that affect host insect physiology, it is not very 
surprising that some of these might affect plants—and the 
typical plant response to damage is cell proliferation, forming 
a callus. Thus, venom usage may have preadapted parasitic 
wasps for the evolution of gall forming (cecidogenesis). We 
cannot know whether this has always been true, and at least 
in the extant Cynipidae, the gall wasp family, the phytotoxins 
that stimulate gall production are produced by the wasp’s 
larva and are not components of the female venom. Gall- 
forming sawflies, however, do seem to have undergone this 
preadaptation. True gall wasps (cynipids) have colonized and 
diversified upon only a few plant groups, notably Rosaceae 
and Fagaceae, although the other gall-forming Hymenoptera 
collectively attack a huge range of plants. 

One family of chalcidoid wasps, which are also gall formers 
in a sense, are of particular interest. These are the pollinating 
fig wasps belonging to the Agaonidae. These insects develop 
within the ovaries of fig flowers, consuming as larvae the galled 
tissue. Many people eat figs, but few know that originally at 
least, the cultivated fig and all its relatives in the genus Ficus 
(Moraceae), relied absolutely on the pollinating activities of 
these specialized agaonid wasps. Figs are actually not fruit in 
the strict sense but are syconia—that is, a hollow flasklike 
structure containing many flowers. The female fig wasps 
collect pollen from the flowers within the fig in which they 
have developed, and upon entering another developing fig, 
actively pollinate the flowers. Figs and their pollinator wasps 
have evolved in a tight association, and each of the 400 or so 
species of fig (all members of the genus Ficus) has one or, rarely, 
a couple of pollinating wasp species associated with it that 
pollinate no other fig species. In these wasps, the males are 
especially highly modified and do not leave the interior of the 
fig as adults. Instead they compete with one another for 
mates and frequently kill competitors with their large 
mandibles. Males are also responsible for chewing an exit 
hole through the wall of the fig that enables the female 


pollinator fig wasps to escape and go in search of new figs. 


The Road to Sociality 


Perhaps the greatest claim to fame of Hymenoptera is that 
the order includes several highly social groups of insects, 


various bees, yellowjacket (vespid) wasps, and ants. The only 
other insect order with such a large number of highly social 
species are the termites (Isoptera). Within the Hymenoptera, 
sociality has evolved on quite a few separate occasions, and 
much consideration has been given to the reasons for this 
circumstance. Probably a variety of factors have contributed. 

Provision of a good food source for the larvae first 
involved selection of a suitable host plant species, but with 
the evolution of parasitoidism, the degree of selectivity 
increased. Further selectivity is apparent with the very narrow 
host ranges of many of the parasitic taxa and, also, their 
ability to assess the suitability of individual hosts of the right 
species. This may be viewed as a progression in the degree of 
individual attention provided to each individual offspring. In 
several lineages, all in the Aculeata, additional behaviors have 
evolved to make hosts, in a sense, more suitable—at first 
these changes consisted of moving a host to a slightly 
preferable location before oviposition. This is seen in several 
members of the Bethylidae. Some bethylids also show a 
degree of parental care in that the female remains with her 
single brood through their development to guard them 
against predators and to guard the host against other 
parasitoids including conspecific females. In the bethylid 
wasps that is about the limit of brood care, but in a number 
of groups, notably among the pompilids and sphecids, the 
female wasp prepares a hideaway in which to cache the insect 
or spider that will provide her offspring with food. Probably 
at first, once a host had been identified, the female would 
locate, dig, or modify a burrow; a further evolutionary step 
was likely the postponement of burrow construction until 
the search for a host had begun. This stage required the 
behavioral sophistication of being able to remember the 
location of the burrow and to relocate it once a prey had been 
found. This step was crucial for the evolution of sociality 
because nest members must be able to locate their nests after 
foraging expeditions. Another major development allowed by 
this evolutionary advance was the use of hosts, now usually 
called prey, that are smaller than what would be necessary for 
the development of the wasp, because it was now possible to 
bring back multiple individual hosts for each of the wasp’s 
larvae. This is the stage exhibited by many sphecid wasps. In 
these, the paralyzed prey are first accumulated until there are 
sufficient, then an egg is deposited on the cache, and this set 
is sealed into a cell, after which the female starts collecting 
more prey for her next egg. Bees and vespid wasps have 
independently dispensed with sealing their larvae in 
individual closed cells with all the food that they need; 
instead, they provide food continuously upon demand— 
preprepared food, that is, rather than whole prey individuals. 


Reproduction and Sex Determination 


As far as is known, all hymenopterans have a haplodiploid sex 
determination system, which means that haploid individuals 
(having only one set of chromosomes and resulting from 


unfertilized eggs) are males, whereas diploid individuals 
(having two copies of each chromosome and resulting from 
fertilized eggs) are females. This sex determination system is 
found in a few other groups of organisms, notably in thrips 
and some rotifers. Development of unfertilized eggs into males 
is a form of parthenogenesis and is termed arrhenotoky. 
There is certainly more than one sex determination mecha- 
nism even within this haplodiploid system, and this has impor- 
tant consequences in matters such as biological control. The 
best understood (or surmised) mechanism, called comple- 
mentary sex determination, is characterized by the occasional 
occurrence of diploid (but infertile) males and by the tendency 
of the proportion of these to increase with inbreeding. 
Culturing species with this sex determination mechanism is 
difficult because small population sizes result in the gradual 
loss of sex alleles and so an increase in frequency of diploid 
males and loss of colony vigor. In the rearing of insects for 
biological control programs, the appearance of an abnormally 
high number of diploid males can be a very serious setback, 
because when colonies become inbred, they go extinct. 


COMPLEMENTARY SEX DETERMINATION (CSD) 
Although the exact molecular details are unresolved, there is 
a reasonable hypothesis that CSD may involve polymeric 
proteins, the most simple of which are dimers. A heterodimers 
(i.e., an association of two different protein chains) has a 
different shape from a homodimer (two identical protein 
chains), and this shape difference determines the sex of the 
offspring. Because haploid individuals can make only one form 
of the protein (they only have one gene locus), they must 
make the homodimeric form, and this means that they will 
develop as males. It seems that in natural populations there 
are typically quite a few sex alleles (roughly between 6 and 
50), with the result that the proportion of fertilized eggs that 
contain two copies of the same allele is rather small. Thus the 
proportion of eggs that either fail to develop or produce 
infertile diploid males would be expected to be small, as well. 


NONCOMPLEMENTARY SEX DETERMINATION Not all 
Hymenoptera can possess CSD, as is evidenced by the 
routine inbreeding that occurs, for example, in some parasitic 
wasps. In these species, a female lays on or in a single host an 
often large brood of eggs consisting mostly of daughters 
(from fertilized eggs) and a single haploid male (or at least a 
very low number of sons), which fertilizes all his sisters when 
they emerge. This goes on for many generations and 
undoubtedly must lead to increased homozygosity, but these 
wasps show no progressive change in sex ratio or fecundity as 
CSD would necessarily cause. However, what sex 
determination system is involved in these insects is not 
known, and while a gene dosage mechanism is widely 
postulated and seems highly likely, it is not proven. 


RELATEDNESS AND MATING A particular consequence 
of haplodiploidy that has been invoked as a major reason for 
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the multiple independent evolutions of sociality within the 
Hymenoptera is that it leads to a change in the normal degrees 
of relatedness between a mother and her sons and daughters 
and between siblings, and this difference is most pronounced 
if the female has mated only once. The reasons are as follows. 
A male offspring gets all his genes from his mother (because 
he is haploid and so has no male parent), but he gets only half 
of the mother’s chromosomes; in the Hymenoptera, 
therefore, a son is 50% related to the mother just as in 
mammals. However, if the female has mated only once, her 
daughters, which come from fertilized eggs, contain half her 
set of chromosomes plus 100% of those from the male parent 
(because he is haploid and all his sperm are identical). 
Overall, therefore, each daughter is 75% related to each other 
daughter, whereas daughters are related to their mother only 
50%. The argument regarding sociality is that because sisters 
in Hymenoptera are more closely related to each other than 
they are to any potential offspring they could have, their 
fitness will be better enhanced by helping their mother to 
produce more sisters than by reproducing themselves. 

The vast majority of species of social ants, bees, and wasps 
only mate once. Thus the foregoing arguments may generally 
hold. However, there are exceptions, and honey bee queens 
typically mate about a dozen times. Thus for these insects the 
disparity in relatedness between offspring and sisters is much 
closer to the 50:50 ratio of normal diploid taxa. 


PHYLOGENY, CLASSIFICATION, AND WHAT 
PARTICULAR GROUPS DO 


The Hymenoptera are member of the monophyletic group of 
insects known familiarly as the Holometabola, and it is among 
these therefore that their relationships must be sought. The 
search for such relationships, however, has thus far proved to be 
rather difficult, and despite a growing body of molecular data, 
a consensus about the exact relationships of the order has yet 
to emerge. Weak evidence has been put forward to suggest a 
relationship with the Mecoptera, but the characters involved are 
liable to homoplasy. One possibility is that the Hymenoptera 
form a sister group to the whole of the rest of the Holometabola 
(or at least, of the extant holometabolan orders). 


Classification 


For a long time the Hymenoptera have been broadly divided 
into three groups: the sawflies or “Symphyta,” the aculeates, 
or stinging and social wasps, bees, and ants and their close 
allies, and the remainder, which are typically referred to as 
the parasitic wasps or “Parasitica,” even though many of 
them are not parasitic at all. It has long been realized that this 
is an unnatural arrangement, and slowly an attitude more 
consistent with our understanding of hymenopteran 
phylogeny has been filtering into the literature. Thus, 
although it is still useful to be able to refer to sawflies as a 
group, the use of a formal classificatory term for them to the 
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exclusion of all other Hymenoptera (i.e., Symphyta) is rather 
unsatisfactory. This is because it has long been known that 
the “Symphyta” are a basal grade that leads to the wasp- 
waisted Hymenoptera; “Symphyta” are therefore not a 
monophyletic group (i.e., all the descendants of its single 
basal species are not included); rather, they are a paraphyletic 
one, and so from a cladistic standpoint, should be recognized 
as such. The situation, though, is complicated because most 
languages, lack a vernacular term for all the sawflies exclusive 
of the wasp-waisted taxa. Thus, use of informal terms, 
typically indicated as such by the use of quotation marks, is 
seen more and more. Terms like “Symphyta” indicate that the 
name is being used as a handle of convenience and should 
not be taken as a reference to a monophyletic group. 

The wasp-waisted Hymenoptera have also been 
traditionally classified into two groups, the “Aculeata” and 
the “Parasitica,” the former group being largely (though not 
entirely) distinguished from the latter by the loss of use of the 
ovipositor for egg laying, being used instead for stinging prey 
and/or potential enemies. As with the “Symphyta,” the 
“Parasitica” are no longer recognized as a formal group 
because there is a reasonable consensus that the aculeates are 
derived from within them, so rendering them paraphyletic. 
The Aculeata are strongly supported as monophyletic, at least 
on morphological grounds. 


Sawflies and Wood Wasps 


The basal representatives of the order from within which the 
parasitic and social families of wasps have evolved are the 
sawflies and wood wasps. There is little doubt that the most 
ancient extant family of the Hymenoptera is the Xyelidae, 
represented today by two subfamilies, one whose larvae feed 
on gymnosperms (either pollen of male cones or on buds or 
young shoots), and the other having rather caterpillar-like 
larvae that feed exposed on the leaves of elms and walnut 
species. Xyelid sawflies possess distinctive antennae (Fig. 3) 
with the first section of the flagellum very enlarged (possibly 
as a result of the fusion of multiple segments). Fossil xyelids 
date from the middle or late Triassic, some 200 mya, and are 
the earliest known fossil Hymenoptera. 

Three other superfamilies of typical sawflies are recognized: 
the Pamphiloidea, which are relatively uncommon (though 
they include a few pest species), the Cephoidea or stem 
sawflies, which are rather slender and feed endophytically in 
grasses and a few woody plant stems, and the very large and 
speciose Tenthredinoidea. All these are predominantly 
Holarctic in distribution, although it is likely that at least the 
tenthredinoids have moderate species diversity in the tropics, 
even though they are typically quite uncommon there. Some 
tenthredinoids form galls (e.g., the genera Euura and 
Pontania), and it appears that secretions from the female sawfly 
contain the cecidogenic compounds. A few are interesting 
because they show a degree of parental care (Fig. 4), and in 
some Australian pergids, the caterpillar-like larvae form 





Cretaceous of Baissa in Siberia (body 10.5 mm long). Note the enlarged third 
antennal segment. (Photograph by Alexandr P. Rasnitsyn, Paleontological 
Institute, Russian Academy of Sciences.) 


resting aggregations during the day but disperse over the food 
plant at night to feed on the leaves, apparently communicating 
by means of vibrations. 

The wood wasps were recognized as a group of three super- 
families, the Siricoidea, Xiphydroidea, and Anaxyeloidea (by 
Vilhelmsen in 2001), although the greater part of the litera- 
ture on wasps refers to them simply as Siricoidea. This divi- 
sion is intended to reflect better the phylogeny of the group 
(Fig. 5), which forms a grade rather than a monophyletic 
group. Their endoxylous larvae are typically associated with 
fungus-infected wood, and the adults are responsible for 
transporting these fungi to their host trees in a special 
mycangial pouch that is associated with the reproductive 
system and lies near the base of the ovipositor. In addition to 





FIGURE 4 A female pergid sawfly guarding her brood of first instars. 
(Photograph by Nathan Schiff.) 





FIGURE 5 Working scheme of Hymenoptera higher level phylogeny. The 
relationships among the basal, principally phytophagous sawflies and wood 
wasps are becoming well established, but only a few broad groupings are 
widely accepted among the Apocrita. 


these fungi, at least in some siricid species, components of 
the secretions injected into the tree at the time of oviposition 
are actually phytotoxic and may be important in helping 
their fungi overcome the tree’s defenses. Some siricids are 
important pests of conifer plantations. 

There is a very large body of evidence that the Orussidae 
form the sister group of all the wasp-waisted or apocritan 
Hymenoptera and, therefore, its biology is of such interest that 
the family warrants some separate discussion, small though it 
is. There have been few detailed biological studies on the 
group, but it is clear that some, probably all, are parasitic on 
wood-boring insect larvae, although in at least one species 
the final instar continues to feed on and in its host when it is 
fairly well decayed. The orussids cannot be considered to 
represent the ancestral condition of the parasitic wasps as a 
whole because they show many very derived features not 
found in any other Hymenoptera. It is tempting, however, to 
consider at least that their biology is closely similar to and 
perhaps not modified much from the earliest parasitic wasps. 
Recent studies have shown that they use vibrational sounding 
(i.e., echolocation through a solid substrate) to detect their 
host boring. The females’ antennal apices are massive and 
solid and are used to tap the substrate, and their foretibiae 
contain massive subgenual organs that are used to detect the 
vibrations that are transmitted through the wood. This form 
of host location has evolved on several independent occasions 
within the order, but the Orussidae are particularly 
interesting because the egg may be laid into a boring some 
distance from the host (in the studied species a beetle pupa), 
and it is the first instar orussid that seeks out the host. 


Apocrita or Wasp-Waisted Hymenoptera 


In terms of numbers of species, the Apocrita is dominated by 
parasitoids, but the very great biological developments 
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leading to the evolution of sociality in bees, yellowjacket 
wasps, and ants has had the effect of polarizing study and 
discussion, and, in the past, also classification. It has long 
been appreciated that the aculeate Hymenoptera, which 
include the social taxa, have evolved from within the 
Apocrita (in fact, they seem to be most closely related to one 
particular superfamily, the Ichneumonoidea). 


THE “PARASITICA” The “Parasitica” is a paraphyletic 
group (with respect to the aculeates) that comprises some 11 
or 12 superfamilies, the exact number being a little unstable 
because rapid advances in phylogenetic studies are tending to 
suggest that some previously recognized taxa are paraphyletic 
or polyphyletic. Consequently, the number is likely to 
increase by a few when new evidence leads to robust and 
better resolved phylogenetic trees. A rather conservative 
phylogenetic hypothesis is shown in Fig. 5, but even this is 
problematic. Areas of particular uncertainty are the mono- 
phyly of the Proctotrupoidea (even after the Platygastroidea, 
once included therein, have been removed to a separate 
group), and of the evaniomorph superfamilies (viz., Mega- 
lyroidea, Evanioidea, Trigonaloidea, Ceraphronoidea, and 
Stephanoidea). Even within this grouping it is not yet totally 
certain that the three families constituting the Evanioidea 
form a monophyletic group; they have very different bio- 
logies, and no unique synapomorphies have been found to 
unite the component families. 

The vast majority of known and undescribed species are 
parasitoids of other insects. The term “parasitoid” is used 
almost universally nowadays to distinguish the interactions 
of these insects from those of parasites, although purely for 
reasons of euphony, we still often refer to them as parasitic 
wasps rather than parasitoid wasps. Whereas true parasites 
live off the living bodies of their hosts, they seldom kill them; 
indeed, it would usually be maladaptive for them to do so 
because the longer the host lives, generally the greater will be 
the reproductive opportunity of the parasite. Parasitoids, 
however, always kill their host and treat it as a single meal 
that will provide all the food necessary for their own 
development. Once the parasitoid wasp has eaten all of the 
host that it needs, the host is no longer of use, and so there 
is no need to leave it to recover. In this respect, parasitoids are 
rather akin to predators but, unlike predators, they require 
only a single host (i.e., prey) individual to provide all their 
needs. (Predators, on the other hand, eat multiple, often very 
many, prey during their life span.) Even so, a few groups of 
“parasitic” wasps actually behave more like predators. These 
include species that attack egg masses of, for example, 
spiders, and species whose larvae will eat not one egg but 
many or all in the spider’s batch. 


IDIOBIONTS AND KOINOBIONTS Almost all para- 
sitoids can be classified into one of two classes defined by 
whether their hosts continue developing after parasitization 
(the koinobiont strategy) or whether further host develop- 
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ment is curtailed at that time (the idiobiont strategy). These 
strategies explain many other aspects of the wasp’s biology, 
such as longevity, egg development, egg size, and fecundity, 
and host range, as discussed in greater detail elsewhere in this 
volume and in works by Godfray and Quicke. There has 
been general agreement that the first parasitic wasps were 
probably idiobionts. However, it is far from proven that this 
means that within any given parasitic wasp family or super- 
family, the idiobiont taxa are necessarily ancestral. Indeed, 
the most parsimonious explanation for the distribution of 
parasitoid life history strategies on several of the most widely 
cited phylogenies suggests that endoparasitoids have evolved 
into ectoparasitoids on many occasions within the Chalcidoidea, 
though probably not within the Ichneumonoidea. 


Aculeate Hymenoptera 


The very familiar, often social, ants (Formicidae), bees 
(Apidae or Apiinae depending on classification system), and 
yellowjacket wasps (Vespidae) have rather dominated the 
traditional classifications of Hymenoptera. These taxa are 
united with a number of other, rather less familiar ones to 
form a monophyletic group called the Aculeata. Most 
members of this clade have derived biologies, though some 
families are still functionally parasitoids. In these, however, 
the ovipositor proper is not used for reaching hosts, and only 
in a few (possibly derived) cases is it actually used for passing 
the egg. Even among the essentially parasitic species there is 
a strong tendency toward physically manipulating hosts. 
Many spider wasps (Pompilidae), for example, drag paralyzed 
hosts to a hiding place before ovipositing on them, 
sometimes biting off the spiders’ legs to facilitate handling 
and carrying. The least-derived biology is to use a preexisting 
cavity as a hiding place, and subsequent evolution has led to 
many levels of modification or de novo nest construction. 


SOCIAL KLEPTOPARASITES AND SLAVE MAKING The 
great resources afforded by social insect nests have attracted 
the evolution of numerous thieves, some of which are other 
hymenopterans, often closely related to the species being 
robbed. The most interesting of these interactions are 
exhibited by social kleptoparasites when a female of a 
nonsocial species replaces the queen of a social one and 
makes use of the workers in the host colony to rear her own 
brood, rather than relying on more of their own siblings. 
This ability obviously depends on sophisticated mimicry, not 
just visual, but more particularly chemical and tactile, or 
otherwise the usurped workers would detect the intruder. 
Social kleptoparasitic taxa have evolved independently on 
numerous occasions and are known among bees (Apidae), 
vespid wasps, and ants. “Slave making,” another form of 
social parasitism, is known only among the ants, but within 
this family it has been evolved by several different lineages. 
The workers of one species are abducted by the slave-making 
species and forced to forage for the latter. 


RELATIONSHIPS TO MAN 
Beneficial Species 


The number of beneficial hymenopterans greatly outweighs 
the number of harmful ones, though some taxa fall into both 
categories depending on circumstance. Even the vespid wasps 
(yellowjackets), which are well-known nuisances at picnics 
and barbecues, and occasionally have serious medical conse- 
quences, are responsible for eating a very large number of 
other insects (their larvae are fed almost entirely on chewed- 
up insect muscle), and in agricultural settings undoubtedly 
devour many pest insects. Humans have made use of the 
voracious insect-eating capacities of some ants for many 
years. For example, Chinese citrus growers have traditionally 
transferred tree ants, Oecophylla spp., into their orange groves 
to consume potential pests, and central European foresters 
have had considerable success in controlling pest outbreaks by 
transporting into forests the nests of wood ants, Formica rufa. 
Biological control programs have made a great deal of use 
of parasitic Hymenoptera to control host pest populations, 
sometimes with spectacular results, and when such controls 
work, the cost-benefit ratio is very favorable. It is becoming 
increasingly possible to use commercially produced parasitic 
wasps to control pests in private gardens and greenhouses as well 
as on large commercial enterprises, and this has obvious desir- 
able features such as reducing the need to apply pesticides. 


Bees and Honey 


Probably best known of the beneficial affects of Hymenoptera 
is the production of honey, which people have valued as a 
sweetener since prehistory. Originally various honey- 
producing wild bee nests would have been harvested, and 
indeed are still harvested by indigenous peoples on several 
continents. However, one species, the European hive bee or 
honey bee, Apis mellifera, was found to be both productive 
and manageable, and it was effectively domesticated by 
getting it to nest in artificial hives several thousand years ago. 
The first records of beekeeping come from ancient Egyptian 
wall paintings, some 2500 years B.C. Bees also produce wax 
from which their larval cells are formed, and this is also widely 
used for a variety of purposes, from candles to cosmetics and 
from pharmaceuticals to polishes. 

Although most people think of A. mellifera when they talk 
of bees, there are in fact more than 25,000 bee species in the 
world, the majority of which are solitary rather than social. 
Collectively, bees are of immense economic importance 
because of their major role in plant pollination, which 
includes the pollination of a large number of crop species, 
and this service is far more valuable than the production of 
honey and beeswax. In addition to the economic importance 
of bees, most ecosystems rely on them for pollination, largely 
because bees have evolved, diversified, and specialized 
together with the angiosperm plants they pollinate, and it 
cannot be doubted that loss of many bee species would have 


a long-term dramatic impact on the floral composition of 
many habitats. Interest has been increasing of late in non- 
Apis bees because of the realization that they may be excellent 
pollinators of many crops, sometimes better than honey bees, 
and that changes in habitat use have led to a decline in many 
of these useful species. Additionally, Varoa, a parasitic mite 
that has spread from its natural eastern honey bee host, A. 
cerana, onto the common honey bee, has resulted in serious 
losses of the latter and thus in pollination rates. 

All bees feed their larvae on pollen that is harvested and 
processed by the adult females (worker bees among the 
highly eusocial taxa). Typically the pollen is mixed with 
nectar, although plant oils are sometimes used. The honey 
made, for example, by Apis is not a food for the bee larvae at 
all, but rather a high-energy food source that is produced and 
stored by the social bees for times when their normal source 
of energy food, nectar, is in short supply or simply 
unavailable—as in temperate winters. 


Pests and Medical Importance 


Considering the great abundance and species diversity of the 
Hymenoptera, it could easily be argued that the order 
includes very few pests. There is general awareness that many 
bees and most social wasps are capable of delivering a quite 
painful sting, but for most people these stings are relatively 
minor, if unpleasant, quickly forgotten occurrences. In the 
United States approximately 50 people die each year as a 
result of hymenopteran stings. To put this statistic into 
perspective, about 25 people are killed each year by lightning 
in the United States. 

The major cause of death from hymenopteran sting is 
respiratory block, sometimes as a result of a sting in the 
inside the throat as a consequence of inhaling a wasp or bee, 
but also often because of more systemic reactions. 
Approximately 2% of the population are hypersensitive to 
Hymenoptera stings, but although such sensitization puts the 
victims at a greater risk, only about one death per year in the 
United States is attributable to a hyperallergenic response. 

Some sawflies and gall wasps are economically important 
pests of crop and ornamental plants, but many of these have 
potential roles in the biological control of weeds as well. 
Notable pest sawflies include both external foliage feeders 
such as the pine sawflies (Diprionidae), which can be major 
defoliators of coniferous forests, and concealed feeders such 
as the wheat stem sawfly, Cephus cinctus (Cephidae) and the 
siricid wood wasp, Sirex noctilio, with the latter having caused 
considerable harm to pine (Pinus radiata) plantations in 
Australia and New Zealand. 

Probably the largest number of pest taxa are to be found 
among the ants. There are a number of introduced taxa in 
many parts of the world that cause considerable damage to 
crops, are harmful to livestock, and have nuisance value to 
humans. Three of many possible examples will serve to 
illustrate the range of harmful interactions that can occur. 
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The tiny pharaoh ant, Monomorium pharaonis, a tropical 
species widely introduced into buildings in the Northern 
Hemisphere, often gets into hospitals, where it is a potential 
vector of bacteria—it has the habit of getting into almost 
anything in its foraging, including under bandages. The 
Argentine ant, Linepithema humile, is a highly invasive 
species that fights and outcompetes other ants in introduced 
regions, and its huge colonies cause damage in agricultural 
situations because they protect aphids and other honeydew- 
forming pest insects. Third, the red imported fire ant, 
Solenopsis invicta, which has spread alarmingly in the 
southern United States in recent years, is very aggressive, 
especially when its mounds are disturbed. Fire ants will sting 
people, pets, and livestock many times, with resulting pain, 
blisters, and even systemic reactions, and small pets are 
sometimes killed by them. Interestingly, many of these pests 
are far less harmful in their native regions. 


IDENTIFICATION 


As might be expected with such a large insect order, identifi- 
cation of hymenopteran species, but also genera and even 
families, is not without its difficulties. Even in parts of the 
world where the insect fauna is quite well known, such as 
Europe and North America, there will be many groups for 
which there are no satisfactory identification keys. In less well 
known parts of the world, almost any reasonably sized 
sample will contain numerous undescribed species and 
within some families even genera. The presence of so many 
unclassified hymenopterans reflects a combination of innate 
taxonomic difficulties such as the insects’ small size, the large 
number of similar species, and often a great deal of superficial 
convergence. In addition, because the order, with few 
exceptions, has not attracted a great deal of amateur 
attention, relatively little work has been done on it. Recent 
years have, however, seen vast improvements to the situation. 
Several well-illustrated keys to all families have been 
published, as well as several major works on the more 
popular aculeates. Particularly useful works are by Gauld and 
Bolton and Goulet and Huber. 


See Also the Following Articles 
Ants ¢ Apis Species « Division of Labor ¢ Sex Determination e 
Sociality « Venom e Wasps 
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Hypermetamorphosis 


John D. Pinto 
University of California, Riverside 


ypermetamorphosis is a form of complete insect 

metamorphosis or holometaboly in which at least one of 
the instars in the life cycle differs considerably from the others. 
The term heteromorphosis, preferred by some entomologists, 
carries a degree of ambiguity in that it also refers to the 
relatively minor differences characterizing consecutive instars 
in virtually all insects, as well as to the phenomenon of organ 
replacement following mutilation. Hypermetamorphosis is 
most common in parasitoids, where it usually is the first 
instar that deviates structurally and behaviorally from the 
others. In some groups one or more of the subsequent instars 
also are distinctive. In the same way that holometabolous 
development allows a division of function between the larva 
and adult insect, hypermetamorphosis can be viewed as an 
exaggerated form of holometaboly characterized by 
additional division of function within the larval stage. 


GENERAL CHARACTERISTICS 
AND TERMINOLOGY 


Two broad categories of hypermetamorphosis can be 
recognized in insects. In the most widespread form, there is a 
decoupling of oviposition site and the larval food; in the 
other, the oviposition and larval feeding sites are identical. 
For convenience, these can be referred to as type I and type 
II hypermetamorphosis, respectively. 

Type I adult females do not oviposit directly at the larval 
feeding site; instead, the first instars must find the food 
source. Such larvae are active, slender, and well sclerotized 


(Fig. 1a); they are further characterized by their ability to 
exist for a considerable time without nourishment and 
without becoming desiccated. Depending on the group, the 
first instar may attain the feeding site by direct searching, or 
indirectly by phoresy, in which it is carried to its food usually 
by the host itself. Once on the larval food, the first instar 
begins feeding, and subsequently molts into a grublike and 
less mobile larva (Fig. 1b). Phoretic larvae are commonly 
equipped with elongate caudal cerci and a terminal suction 
process (or pygopod), which allows them to stand erect, thus 
facilitating contact with passing hosts. Although comparative 
studies are few, hypermetamorphic taxa seem to be more 
fecund than nonhypermetamorphic relatives. This apparent 
difference is attributed to the reduced likelihood of larvae 
finding suitable hosts. Two general characteristics of adult 





FIGURE 1 Larvae of Meloe dianellus (Coleoptera: Meloidae) illustrating the 
four types of meloid larvae: (a) first instar (planidium with legs), (b) first 
grub (fifth instar), (c) coarctate (sixth instar), and (d) second grub (seventh 


instar). Natural lengths: a, 2 mm; b-d, 7-10 mm. [From Pinto, J., and 
Selander, R. (1970). Illinois Biological Monographs, No. 42.] 





FIGURE 2 Larvae of hypermetamorphic Hymenoptera. (a) first instar 
Perilampus hyalinus (planidium without legs) [from Smith, H. (1912) U. S. 
Bur. Ent. Tech. Ser., Bull. 19]; (b) first instar Platygaster sp. (cyclopiform) 
[from Kulagin, N. (1898), Zeitschr. Wiss. Zool. 63, 195-235]; (c) first instar 
Aridelus sp. (mandibulate and caudate) [from Kirkpatrick, T. (1937), Trans. 
Roy. Ent. Soc. London 86, 247-343]; (d) second instar Apanteles sp. (vesiculate) 
[from Allen, W. (1958) Hilgardia 27, 1-42]; (e) first instar Hadronotus ajax 
(teleaform); and (f) third instar, H. ajax [from Schell, S. (1943) Ann. Ent. 
Soc. Amer, 36, 625-635]. 


females with this form of development are the absence of a 
well-developed ovipositor and the laying of eggs in masses 
rather than one at a time. Type I hypermetamorphosis is 
found in the Strepsiptera (all groups), Neuroptera 
(Mantispidae), Coleoptera (several families), Diptera 
(Nemestrinidae, Acroceridae, most Bombyliidae, some 
Tachinidae), Hymenoptera (Perilampidae, Eucharitidae, 
some Ichneumonidae), and Lepidoptera (Epipyropidae). 
Although there is some inconsistency in usage, the active 
first instar in type I hypermetamorphic taxa has generally 
been referred to as a triungulin or triungulinid if it has legs 
(Neuroptera, Coleoptera, Strepsiptera, Lepidoptera; Fig. 1a), 
or as a planidium if it is legless (Diptera, Hymenoptera; Fig. 2a). 
However, triungulin is an inappropriate term for most of the 
groups it is applied to. Usage stems from the fact that the first 
instar of Meloe (Coleoptera: Meloidae), the first hypermeta- 
morphic group studied, has trident-shaped claws. Such claw 
structure does not occur in other hypermetamorphic families 
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and is uncommon in the Meloidae itself. Thus, planidium, 
signifying “little wanderer,” although usually restricted to the 
larvae of Hymenoptera and Diptera, is perhaps more 
appropriately applied to all type I first instars. This usage is 
followed here and was by adopted R. E. Snodgrass in his 
1954 review of insect metamorphosis. 

In type I hypermetamorphosis the oviposition and larval 
feeding sites do not differ. In these insects the first instar 
(sometimes the second as well) has a distinctive morphology 
(Fig. 2b-e) compared with the relatively simple and often 
amorphous subsequent instars (Fig. 2f), but these modifictions 
are associated with functions other than host finding. The 
adaptive significance attributed to the often bizarre larvae of 
type II hypermetamorphic groups includes locomotion, 
protection and combat, ingestion, and respiration. This type 
of development occurs in several families of parasitic 
Hymenoptera and in the dipteran family Cryptochetidae 
(Cryptochetum). Correlated with the greater possibilities of 
larval function, the morphology of type II first instars is 
considerably more variable than that found in type I taxa. 

Reviews by Clausen and Hagen identified 12 structural 
forms of first instars in the parasitic Hymenoptera with type II 
hypermetamorphosis. The generalized type in nonhyperme- 
tamorphic species (and in hypermetamorphic species as well 
after the first instar) is referred to as hymenopteriform. It is 
ovoid or fusiform and relatively featureless (Fig. 2f). 
Examples of deviations in hypermetabolic groups include the 
following. The caudate type has a taillike prolongation of the 
terminal segment and is found in many Ichneumonoidea and 
Chalcidoidea (Fig. 2c). It is believed to be an adaptation for 
locomotion within the host and/or food absorption. The 
mandibulate and cyclopiform types have enlarged falcate 
mandibles and are found in several groups (e.g., Ichneumonoidea, 
Diapriidae, Platygasteridae) (Fig. 2b,c). They are associated with 
feeding as well as combat in cases of multiple or superparasitism. 
The vesiculate larva (several Ichneumonoidea) is similar to 
the hymenopteriform type, except its hindgut is evaginated 
to form an external vesicle to aid in respiration within the 
host (Fig. 2d). Several of these larval types are characteristic 
of taxonomic groups. For example, the cyclopiform larva 
(Fig. 2b) characterizes the Platygasteridae, and the teleaform 
larva (Fig. 2e) is typical of Scelionidae. 

Hypermetamorphic development not falling into types I 
or II occurs in the Hydroptilidae in the order Trichoptera 
(caddisflies), a group with aquatic larvae. There are 
modifications in shape, setation, sclerotization, and leg 
development in the fifth instar not found in the four 
preceding instars. The first four instars of hydroptilids are 
free living, whereas the fifth lives within a case constructed of 
varying materials. 

The term hypermetamorphosis generally is applied only 
to the Holometabola. However, the validity of the practice of 
excluding hemimetabolous groups belonging to the 
Sterrnorhyncha (Homoptera), namely, the Aleyrodidae 
(whiteflies) and Coccoidea (scale insects), is questionable. 
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Although these groups are phytophagous they also have instars 
with considerable differences in structure and function. The 
first instar, or crawler, is responsible for locating the feeding 
site and for dispersal. The following instars are sessile and 
modified for a sedentary existence. 

Type I hypermetamorphosis with its planidium larva is 
widespread in insects and is an excellent example of 
convergence in evolution. It is convenient to summarize the 
occurrence of this form of development by surveying the 
groups where it is known to occur. 


SURVEY OF INSECT TAXA DISPLAYING 
TYPE I HYPERMETAMORPHOSIS 


Neuroptera 


Only the Mantispidae have true hypermetamorphosis. Most 
of the species feed on spider eggs associated with a single egg 
sac. The first instar either enters a previously constructed egg 
sac or attaches onto a female spider and enters the sac as she 
constructs it. Other species feed on the larvae of various 
aculeate Hymenoptera. Several of these are phoretic and 
reach the food source by attaching to the adult bee or wasp. 


Lepidoptera 


The only lepidopteran family with hypermetamorphosis is the 
Epipyropidae. This group is parasitic on various Homoptera, a 
unique association for the generally phytophagous Lepidoptera. 
The active first instar seeks out a host and the grublike instars 
that follow occur on the body of a single homopteran. 


Coleoptera 


Hypermetamorphosis occurs in several families of beetles. 
Most are parasitoids of other insects. The larvae of 
Bothrideridae, and a few Carabidae and Staphylinidae, attack 
the larvae or pupae of other coleopterans or dipterans. The 
genus Sandalus (Rhipiceridae) feeds on cicada nymphs. All 
are hypermetamorphic to some degree, with active and 
relatively long-legged planidia followed by short-legged, 
grublike feeding instars. 

Hypermetamorphosis perhaps is best known in the 
Meloidae and Rhipiphoridae. Most meloids parasitize 
grasshopper eggs or, more commonly, the larvae and 
provisions of soil- or wood-nesting bees. The planidia of 
several groups are phoretic on adults of their hymenopteran 
host. There are four distinctive larval types in the typical 
meloid life cycle: planidium, first grub, coarctate, and second 
grub (Fig. 1). The planidium (Fig. 1a) encounters the food 
source. The first grub (Fig. 1b), consisting of four instars, is 
the primary feeding stage. The coarctate (Fig. 1c), a quiescent 
instar, is adapted for overwintering or aestivation. The 
second grub (Fig. 1d) is a nonfeeding instar that precedes 
pupation. Each has a distinct phenotype, the most unusual 


being the immobile coarctate with its thick, highly 
sclerotized cuticle, aborted appendages, closed mouth and 
anus, and vestigial musculature. 

The Rhipiphoridae include parasitoids of immature 
Hymenoptera (Rhipiphorinae) and Blattodea (Rhipidiinae). 
The planidia of Rhipiphorinae are phoretic on adults of their 
host. After being carried to the host nesting cells, they 
burrow into the body of the host larva, eventually molting 
into a grub that emerges to feed externally. The planidia of 
Rhipidiinae attach directly to their cockroach host and 
eventually molt into a legless and amorphous larva, which 
enters the host to feed. The last instar regains poorly 
developed legs, exits the host, and moves away for pupation. 

Among nonparasitoid groups of Coleoptera, hypermeta- 
morphosis is known to occur in one genus of Eucnemidae 
(Rhacopus) and in the Micromalthidae. The larvae of both 
groups feed in decaying wood and have a planidial-like first 
instar. The single species of Micromalthidae, Micromalthus 
debilis, has perhaps the most complicated life cycle known in 
insects, with several distinct morphological and reproductive 
types of larvae. Hypermetamorphosis has also been reported 
in the Megalopodidae. 


Strepsiptera 


The Strepsiptera Orthoptera, 
Hemiptera, Diptera, and Hymenoptera. The free-living 


parasitize Thysanura, 


planidium encounters the host. If parasitic on a 
hemimetabolous host, the larva may immediately penetrate 
its body and develop. Those parasitizing Hymenoptera are 
phoretic and are carried to the nesting site, where the 
immature stages are attacked. The planidium molts into an 
endoparasitic legless grublike larva, which may have several 
instars. This secondary larva lacks mouthparts and feeds by 
diffusion through the cuticle. Male Strepsiptera are free 
living; females are neotenic and most remain on their host. 


Diptera 


Hypermetamorphosis is known in the Acroceridae, 
Nemestrinidae, most Bombyliidae, and some Tachinidae. All 
have legless, well-sclerotized, and active planida that search 
for the host, followed by soft-bodied maggotlike larvae. The 
Acroceridae are internal parasitoids of spiders. The 
Nemestrinidae are endoparasites of grasshoppers and beetles. 
The Bombyliidae are parasitoids of immature Lepidoptera, 
Hymenoptera, Coleoptera, Neuroptera, and Diptera; some 
prey on grasshopper eggs. They are either endo- or 
ectoparasitic. 


Hymenoptera 


A legless planidial larva (Fig. 2a) is known in three families of 
Hymenoptera: Perilampidae, Eucharitidae, and Ichneumonidae 
(Euceros). It is followed by a soft-bodied, relatively immobile 


The alliance’s founders hope to attract a number of industrial partners to the platform, including 
other carriers, equipment suppliers, chipset makers, etc. Several of the founding operators’ 
equipment suppliers are already involved in the scheduled trials. 


The trials will cover multiple frequency bands, both above and below 6 GHz. 


Verizon 5G Technical Forum 


The Verizon 5G Technology Forum (V5GTF) was created in late 2015 by Verizon, in cooperation with 
its partners Cisco, Ericsson, Intel, LG, Nokia and Qualcomm. The goal of the collaboration is to 
provide a platform for testing radio interface specifications in the 28 and 39 GHz bands. 


The first fruit of this collaboration, in July 2016 Verizon announced the completion of the first 
specifications of their 5G radio interface. These specs should enable the different parties involved to 
develop interoperable solutions and so to help drive forward the definition pre-standards. 


Even though they run the risk of developing solutions that are not compatible with 3GPP or ITU 
standards, Verizon believes it has a solid enough grasp of the overall concepts being discussed in 
those bodies. The tests carried out in several US cities were thus able to validate substantially greater 
capacities than 4G. 


Orange/Ericsson 


Orange and Ericsson have been working together since October 2016 on developing 5G use cases 
and services, as well as demonstrations. The purpose is to develop technological building blocks, 
conduct trials and pilot projects for a range of use cases, including multi gigabits/s wireless internet 
access in suburban and rural environments, the Internet of Things and connected cars. 


Their collaboration made it possible to achieve 15 Gb/s in a laboratory environment, notably thanks 
to the use of massive MIMO and beamtracking using centimetre waves. The collaboration will also 
focus on the transition from 4G to 5G solutions, notably in terms of reducing costs and improving 
energy efficiency, and on the use of SDN and NFV technologies. 


Since January 2017, the partnership has included PSA (Peugeot) to carry out trials on connected cars. 


5G-ConnectedMobility 


5G-ConnectedMobility is a consortium formed by Ericsson, BMW, Deutsche Bahn, Germany’s three 
mobile operators, Deutsche Telekom, Telefonica Deutschland and Vodafone, the 5G TU Dresden 
laboratory, the BAST research institute and BnetzA, with the goal of galvanising and accelerating 5G 
R&D in Germany. 


5G-ConnectedMobility thus plans on supplying a digital motorway infrastructure and real application 
environment to be able to test V2V (vehicle-to-vehicle) technologies as well as solutions for digitising 
railway infrastructure. 


To this end, 5G-ConnectedMobility operates with the help of an independent network infrastructure 
that is not connected to any commercial network. The Ericsson mobile network devoted to this 
project makes it possible to run live tests: Ericsson thus obtained permission from regulator BNetzA 
to employ spectrum in the 700 MHz band in the Nuremberg area. 
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larva. The Eucharitidae are endoparasitic on mature larvae or 
pupae of ants and are phoretic. Eggs are laid on vegetation. 
The planidia of most groups attach to worker ants and are 
carried to the nest, where they transfer to larvae for feeding. 
The Perilampidae is a closely related family, similar bionomi- 
cally to the Eucharitidae but known to parasitize several 
orders of insects. In the Ichneumonidae, the planidium of E. 
frigidus attaches to the integument of sawfly larvae and even- 
tually transfers to feed on the larva of other ichneumonid 
species that are primary parasites of the sawfly. 


See Also the Following Articles 
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Hyperparasitism 
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yperparasitism is a highly evolved behavior in the 
Hymenoptera and in a few species of Diptera and 
Coleoptera, in which an adult hyperparasitoid (or secondary 
parasitoid) oviposits on or in a primary parasitoid host that 
has attacked another (usually herbivorous) insect species. The 
larval offspring of the hyperparasitoid cause the death of the 
primary parasitoid. Ecologists emphasize this interaction as a 
food-web “community.” This article focuses on the 
hymenopteran microwasps in which hyperparasitism occurs. 
There are a variety of behaviors by hyperparasitoids 
depending on the species of secondary and primary 
microwasp parasitoids which in turn are influenced by the 
species of phytophagous host, often an insect pest. In 
addition, there is an economic interest in hyperparasitism 
because if primary parasitoids are considered to be beneficial 
insects when used in biological control programs, it would 
seem that hyperparasitoids that attack primary parasitoids 
would be detrimental. However, hyperparasitoids may play a 
positive role by preventing extreme oscillations of the 


Hyperparasitism 549 


primary parasitoids that might reduce the numbers of the 
phytophagous host enough to cause the local elimination of 
both the insect pest and the beneficial primary parasitoid. 


EVOLUTION 


Hyperparasitism has evolved in only three insect orders: in 
Hymenoptera (in 17 families) and in a few species of Diptera 
and Coleoptera. Its evolution was preceded by that of primary 
parasitism that evolved in the Hymenoptera during the Jurassic, 
about 135 mya. In the primary parasitoids, ectophagous 
feeding probably evolved before endophagous, with the 
parasitoid egg deposited near or on the host rather than in it. 
Hence, ectophagous parasitoids usually attacked concealed 
hosts, often within galleries in wood or plant galls. The use of 
venom by primary parasitoids apparently developed very early 
and. produced physiological changes in the host. Although 
the venom of the more ancestral ectophagous parasitoids 
resulted in idiobiosis (permanent paralysis or death), the 
venom of the specialized endophagous species tended toward 
koinobiosis (temporary or nonlethal paralysis). 

Facultative hyperparasitism probably evolved from 
primary ectophagous parasitoids because few special 
adaptations are needed to oviposit and feed externally on a 
primary parasitoid as well as on the primary’s phytophagous 
host. Obligate hyperparasitism has a wider taxonomic distri- 
bution and may have evolved via facultative hyperparasitism 
as an opportunistic behavior to specialize only in attacking 
readily available primary parasitoid hosts—especially if they 
share similar physiological and/or ecological attributes. 
Hence, it is not surprising that hyperparasitoid species can be 
either ecto- or endophagous, whereas some are idiobionts 
and others are koinobionts. 

The host spectrum of hyperparasitoids is broader at the 
species level than that of primary parasitoids, but 
hyperparasitism is usually restricted to immature stages of 
hymenopteran hosts (larvae and/or pupae) that are natural 
enemies mainly of phytophagous insects in the Hemiptera 
(mainly suborder Sternorrhyncha), Lepidoptera, and the 
hymenopteran suborder Symphyta. Hyperparasitoids rarely 
attack the egg and adult stages of primary parasitoids. Also 
interesting is that some families of Hymenoptera that are well 
known for their species of primary parasitoids (Braconidae, 
Trichogrammatidae, Aphidiidae, Mymaridae, and almost the 
entire superfamily Proctotrupoidea) do not seem to have 
evolved any hyperparasitoids. Similarly, in the order Diptera, 
hyperparasitoids are absent in some important parasitic 
groups such as the family Tachinidae. 


MULTITROPHIC ECOLOGY 


There are two complementary ways that ecologists look at the 
interacting food-web community involving hyperparasitoids. 
One aspect is the “bottom-up” effect beginning with the first 
trophic level that shows both inter- and intraspecific plant 
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variation influencing the ecology and behavior of the second 
trophic level of phytophagous (herbivorous) insects. This in 
turn is one of the fundamental determinants of the third 
trophic level of entomophagous (carnivorous) insects such as 
the primary parasitoid microwasps. Finally, insect 
hyperparasitism is the highly evolved fourth trophic level, 
wherein a secondary parasitoid microwasp oviposits on or in 
the primary parasitoid and kills it. The other complementary 
aspect is the “top-down” view by which the hyperparasitoid 
at the fourth trophic level exerts selective pressure on the 
primary parasitoid at the third trophic level. The next 
interaction is with the phytophagous insect at the second 
trophic level that in turn is feeding on the plant at the first 
trophic level. This food-web community can have economic 
importance if the plant is an agricultural food crop or even a 
forest used for commercial lumbering or as a park. 


APHID COMPLEX 


Over many decades, studies of hyperparasitism have been 
conducted on the primary parasitoid microwasps in the 
Hymenoptera that attack the Hemiptera in the suborder 
Sternorrhyncha, and in particular the superfamily Aphidoidea, 
with special emphasis on the family Aphididae. The 
aphid—primary parasitoid—hyperparasitoid food web has been 
used as a model system in community ecology partly because 
of the economic importance of aphids as worldwide pests on 
a variety of agricultural crops and forests, but also because of 
the relative ease of rearing aphids, their primary parasitoids, 
and hyperparasitoids in the laboratory and/or greenhouse for 
precise behavioral and ecological studies. Primary aphid para- 
sitoids are found in only two families of Hymenoptera: all 
genera of the Aphidiidae (Braconidae: Aphidiinae), and the 
Aphelinidae (Aphelinus and related genera). These primary 
parasitoids of aphids are in turn attacked by many genera of 
hyperparasitoids in three hymenopteran superfamilies such as 
Chalcidoidea (Pteromalidae: Asaphes; Encyrtidae: Syrphophagus; 
Eulophidae: Tétrastichus), Cynipoidea (Alloxystidae: Alloxysta), 
and Ceraphronoidea (Megaspilidae: Dendrocerus). 

Aphid hyperparasitoids can be divided into two categories 
based on adult ovipositional and larval feeding behaviors: 


1. The female wasp of endophagous species such as 
Alloxysta (Charips) victrix (Fig. 1A) deposits her egg inside 
the primary parasitoid larva while it is still feeding on and 
developing inside the live aphid, but before the aphid has 
become mummified (a mummy is the hardened exoskeleton 
of the dead aphid that remains attached to the leaf). Being a 
koinobiont hyperparasitoid, the larva usually does not hatch 
until after the mummy has been formed by the primary 
parasitoid larva. Then the hyperparasitic larva feeds 
internally on the primary parasitoid larval host. 

2. The female wasp of ectophagous species such as Asaphes 
lucens (Fig. 1B) and Dendrocerus (Lygocerus) carpenteri (Fig. 1C) 
deposits her egg on the surface of the primary parasitoid larva 








FIGURE 1 Female ovipositional behavior of four genera of aphid 
hyperparasitoids. (A) Endophagous koinobiont Alloxysta victrix jumps on a 
live parasitized aphid and deposits her egg internally inside the primary 
parasitoid microwasp larva while the aphid is still alive, but before mummy 
formation. (B) Ectophagous idiobiont Asaphes /ucens stands on top of a dead 
aphid mummy, drills a hole, and deposits her egg externally on the surface 
of the primary parasitoid larva developing inside the mummy. (C) 
Ectophagous koinobiont D. carpenteri stands on the leaf, backs into the dead 
aphid mummy, drills a hole, and deposits her egg externally on the surface 
of the primary parasitoid larva developing inside the mummy. (D) and (E) 
“Dual ovipositional” behavior of endophagous koinobiont S. aphidivorus. 
(D) Syrphophagus stands on top of a live parasitized aphid and deposits her 
egg internally inside the primary parasitoid larva while the aphid is still alive, 
but before mummy formation. (E) Syrphophagus stands on top of a dead 
aphid mummy, drills a hole, and deposits her egg internally inside the 
primary parasitoid larva developing inside the mummy. [Reprinted from 
Sullivan, D. J. (1988). Aphid hyperparasites. Jn “Aphids, Their Biology, 
Natural Enemies and Control” (A. K. Minks, and P. Harrewijn, eds.), Vol. 
2B, 192, with permission from Elsevier Science.] 


after the aphid has been killed and mummified. To do this, 
the female must first drill a hole in the mummy in which to 
deposit her egg. Then the hyperparasitic larva feeds externally 
on the primary parasitoid larva while both are still inside the 
mummy. The venom of species varies such that Asaphes is an 
idiobiont, whereas Dendrocerus is a koinobiont. An unusual 
species is Syrphophagus (Aphidencyrtus) aphidivorus, whose 
females display a “dual ovipositional” behavior by attacking 
primary parasitoid larvae within both living aphids (Fig. 1D), 
and also inside dead aphid mummies (Fig. 1E). Either way, 
S. aphidivorus develops as an endophagous koinobiont 
hyperparasitoid. 


However, in all species of aphid hyperparasitoids, further 
development is similar to that of primary parasitoids, such 
that pupation is also inside the dead aphid mummy. Then 
the single adult hyperparasitoid emerges by cutting a hole in 
the dorsum of the mummy. After pulling itself out, the new 
adult male or female is ready for mating. From the time of 
the female’s attack on the primary parasitoid larva/pupa, the 
period of hyperparasitoid development from egg deposition 
to adult emergence varies with different hyperparasitoid 
species from as short as 16 days to 25 or more. 


NONAPHID COMPLEX 


Hyperparasitism exists not only with aphids, but also with 
almost all insect taxa. There is a complex of primary and 
secondary parasitoids associated with other members of the 
suborder Sternorrhyncha (scale insects, whiteflies, mealybugs, 
psyllids), as well as in various orders such as the Lepidoptera 
(gypsy moth, leafminers, budworms, stem borers), Diptera 
(gall makers, leafminers), Hymenoptera (cynipid gall makers, 
leafcutter bees, sawflies), and Coleoptera (lady beetles, weevils). 


BIOLOGICAL CONTROL 


Biological control uses predators, parasitoids, and pathogens 
to reduce an insect pest’s population to an acceptable level. 
Because primary parasitoids are considered beneficial, 
hyperparasitoids may interfere with such programs. It has 
been the policy in biological control to exclude “exotic” 
(nonindigenous) obligate hyperparasitoids by enforcing 
quarantine procedures during importation. It is less easy to 
decide what to do with “exotic” facultative hyperparasitoids 
when no exclusively primary parasitoids are available, and so 
perhaps admitting these could be beneficial. Such dilemmas 
are evaluated with caution, and the solution depends on the 
seriousness of the insect pest problem. On the other hand, 
hyperparasitoids (whether 
facultative) already exist in the ecosystem and may or may 


“indigenous” obligate or 


not interfere with the beneficial “exotic” primary parasitoid. 
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CONCLUSIONS 


Hyperparasitism intrigues entomologists because of its 
multidisciplinary relationship to evolution, ecology, 
behavior, biological control, taxonomy, and mathematical 
models. More field studies are needed to determine whether 
hyperparasitoids are always detrimental to biological control 
programs. Perhaps, instead, they could have a beneficial 
influence by regulating the extreme/detrimental population 
oscillations of the beneficial primary parasitoids. 
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Imaginal Discs 


Seth S. Blair 
University of Wisconsin-Madison 


he term “imaginal disc” is used to describe structures found 

in the larvae of the Holometabola. Holometabolous 
insects can be defined as those in which the final instar 
metamorphoses into a radically different adult during a 
quiescent pupal stage; they are thought to be a monophyletic 
group, distinct from the Hemimetabola. During the meta- 
morphosis of Holometabola, the epidermis must form novel 
structures that were lacking in the larva and, in some insects 
larval tissues that were lost must be replaced. The cells that 
give rise to the new epidermal tissues of the adult (imago) are 
often referred to as histoblasts. When histoblasts are organized 
into morphologically distinct clusters, these structures are 
commonly referred to as imaginal discs or imaginal buds. 
This article discusses this definition and briefly reviews some 
of the experimental studies examining the biology and, espe- 
cially, the development of imaginal discs. 


WHAT IS AN IMAGINAL DISC? 


The terms “imaginal disc” and “histoblast” are more pragmatic 
than precisely defined, and their usage varies from author to 
author because imaginal discs vary considerably between taxa 
in number, morphology, and development. For example, 
some authors have defined imaginal discs and histoblast cells 
based on their undifferentiated state and early appearance in 
development, since in some taxa imaginal discs are formed in 
the embryo. These early-developing discs may sometimes 
secrete a thin cuticle-like substance, but they do not contribute 
appreciably to larval life and thus can be considered to be 
specialized, relatively undifferentiated structures set aside for 
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adult development. However, in other taxa the imaginal discs 
cannot be detected until the final instar and are apparently 
derived from cuticle-secreting, differentiated larval cells. 
Several authors have argued that late-developing discs reflect 
the ancestral condition within the Holometabola. 

The morphology of imaginal discs also varies. The typical 
imaginal disc is a pocket or sac of cells that has invaginated 
from the larval epidermis and is destined to form part or all 
of an adult appendage, compound eye, or genitalia. One 
portion of the sac has thickened to form the disc epithelium, 
whereas the rest forms a thinner peripodial membrane; the 
space within the sac is termed the peripodial cavity (Fig. 1). 
This sac evaginates (“everts”) during metamorphosis and 
contributes to the adult cuticle (Fig. 1). However, the 
positions within the disc of the disc epithelial cells and 
peripodial cells vary, as does the disc’s degree of invagination, 
and some authors have defined several categories of discs or 
quasidiscs. For example, some discs have invaginated a large 
distance from the larval epidermis and remain connected to 
it by only a thin peripodial stalk. At the other extreme, as in 
the wings of some Coleoptera, the regions of disc epidermis 
that form adult structures never invaginate from the larval 
epidermis. Some of these discs can still be recognized as 
thickenings of the larval epidermis. However, in other 
examples, such as the leg of the lepidopteran Pieris brassicae, 
the histoblasts cannot be easily recognized, and the novel 
portions of a single adult appendage develop from several 
zones of dividing cells within the larval appendage. 

Thus, sometimes it is only its eventual contribution to a 
novel adult structure that makes a cell a histoblast, distinct 
from neighboring cells in the larval epidermis. Moreover, the 
organization of histoblasts into a morphologically identifi- 
able imaginal disc is simply one of several ways these cells can 
be arranged. And though the term “imaginal disc” is used 
only for holometabolous insects, it is only the invaginated 
morphology of most discs that distinguishes them from 
structures such as the external wing pads of hemimetabolous 
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FIGURE 1 Eversion of D. melanogaster leg disc, shown in cross section. 
[After Blair, S. S. (1999). Drosophila imaginal disc development: Patterning 
the adult fly. Jz “Development-Genetics, Epigenetics, and Environmental 
Regulation” (V. E. A. Russo, D. Cove, L. Edgar, R. Jaenisch, and F. Salamini, 
eds.), p. 348. © Springer-Verlag GmbH & Co. KG, Heidelberg.] 


pterogotes, which also are morphologically distinct and form 
adult structures. Thus, the evolution of invaginated wing 
imaginal discs from the evaginated wing pad may have 
required only a morphological change, rather than the 
evolution of a radically different cell type or organ. In fact, a 
similar evolution has apparently occurred in some 
Hemimetabola, such as thrips, which have invaginated wing 
precursors instead of external wing pads. 


EXPERIMENTAL STUDIES ON IMAGINAL DISCS 


The biology of imaginal discs has been described in a number 
of species but has been experimentally analyzed in only a few. 
As with other metamorphosing organs, there have been 
studies on the endocrine control of imaginal disc eversion, 
differentiation, and cuticle secretion. Other types of experi- 
ment, such as ablation or transplantation of portions of imagi- 
nal discs, have been used to study aspects of developmental 
patterning, such as the development of pigmentation patterns 
in the wings of butterflies and moths. And in a sense, all 
studies of the evolution of adult Holometabola reflect on the 
histoblast cells and discs from which portions of those adults 
are formed. 

However, the most extensively studied imaginal discs are 
those of the fruit fly, Drosophila melanogaster. This species, 
which has been the subject of intense genetic studies for a 
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century, has become a model for the study of a variety of 
biological problems. Gaining an understanding of the 
imaginal discs in this species has been particularly critical 
because the entire adult epidermis is derived from imaginal 
discs or disclike structures. Thus, any mutation that alters the 
external form of the adult D. melanogaster does so by altering 
the development of these imaginal structures. Thus a large 
literature has appeared on the genetics, development, and cell 
biology of these structures and, via comparisons with other 
drosophilids, a number of evolutionary studies have been 
published, as well. 

The imaginal discs of D. melanogaster are at one extreme 
in the spectrum of imaginal tissues, and it is not clear to what 
extent the mechanisms underlying this apparently derived state 
are shared by other Holometabola. As in other cyclorrhaphan 
Diptera, the metamorphosis of D. melanogaster is unusual in 
several respects. First, the cuticle of the last instar is not shed 
during the formation of the pupa (pupariation), as occurs in 
most Holometabola. Rather, the larval cuticle is retained and 
converted into an outer covering, the pupal case. Second, in 
D. melanogaster the nondisc cells of the larval epidermis are 
polyploid (containing more than the diploid number of 
chromosomes), and these die during the early stages of meta- 
morphosis. In many other Holometabola, large portions of 
the larval epidermis and appendages are retained in the adult. 
Finally, in D. melanogaster the imaginal disc primordia are 
formed during embryonic development, rather than during 
the last instar as they are in some other Holometabola. 

In D. melanogaster embryos each imaginal disc primordium 
contains 10 to 40 cells, which divide during the three instars 
to form as many as 50,000 cells by late third instar. The 
arrangement of imaginal discs in the late third instar is shown 
in Fig. 2. The adult head is derived from a pair of fused 
eye—antennal discs, as well as pairs of proboscis (labial) and 
labral (cibarial or clypeolabral) discs. The adult thorax is 
derived from the three pairs of ventral leg discs and, dorsally, 
pairs of prothoracic (humeral), wing, and haltere discs. Each 
of these contributes to the body wall, and also forms the 
appendage for which it is named. Each segment of the adult 
abdomen is formed from four pairs of small “histoblast nests” 
and the genitals from the genital disc. 

At the late third instar each imaginal disc consists of a simple 
epithelial sac, invaginated from the larval epithelium (Fig. 1). 
One surface of each sac forms the thickened and folded disc 
epithelium, from which most of the adult structures are 
derived. The other surface of the sac is the thinner peripodial 
membrane, and each disc remains connected to the larval 
epithelium by a long, narrow stalk. During the first few 
hours of pupariation each disc everts through the stalk, 
expands, and eventually sutures together with adjacent discs. 
The peripodial membrane is lost during this process, and the 
polyploid cells of the larval epidermis are histolysed and 
replaced. The portions of each disc epithelium that are fated 
to form the appendages unfold and lengthen: the prospective 
legs and antennae form long tubes, whereas the prospective 
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FIGURE 2 Imaginal discs in late third instar D. melanogaster. [From Blair, S. 
S. (1999). Drosophila imaginal disc development: Patterning the adult fly. Jn 
“Development-Genetics, Epigenetics, and Environmental Regulation” (V. E. 
A. Russo, D. Cove, L. Edgar, R. Jaenisch, and F. Salamini, eds.), p. 348. © 
Springer-Verlag GmbH & Co. KG, Heidelberg.] 


dorsal and ventral surfaces of the wing lengthen and flatten 
together. The disc cells then secrete the pupal cuticle, which 
is separated from the epithelial surface shortly thereafter. 
After a delay during which there is further morphogenesis 
and differentiation, the adult cuticle is secreted. 

Many aspects of the biology of imaginal discs of D. 
melanogaster have been examined over the years and continue 
to be the subjects of intense research. These include the 
hormonal control of disc development and cuticle secretion, 
the molecular genetics of cell division and cell growth, and 
various problems in cell biology. Perhaps the most striking 
advances, however, have been made in developmental 
patterning by examining for the most part the large wing, leg, 
and eye—antennal discs. Space constraints prevent the 
discussion of many fascinating and important research areas, 
such as the patterning of the compound eye, the formation 
of sensory organs, and the planar polarity of the disc 
epithelium. Instead, the following discussion briefly reviews 
some early developmental events that help establish the 
identities and axes of the discs. 


PATTERNING IMAGINAL DISCS 
IN D. MELANOGASTER 


The identity of each disc primordium is specified during 
embryonic development. This specification relies on the disc- 
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FIGURE 3 Signaling and anterior boundary cells in wing disc of D. 
melanogaster. 


specific expression of a small number of genes, encoding 
largely transcription factors or their cofactors. The loss or 
misexpression of these genes causes dramatic homeotic 
transformations of disc identities. The localized expression of 
these transcription factors is to a large extent inherited from 
or signaled by the embryonic epidermis, which was 
subdivided into anterior—posterior and dorsal—ventral 
domains prior to the formation of the disc primordia. 

How are different tissues formed within each disc? Even at 
late third instar most imaginal disc cells appear morpho- 
logically similar; only a few (mostly sensory) elements have 
begun to differentiate terminally. However, the premetamor- 
phic imaginal disc is in no sense a tabula rasa, since it has 
already been subdivided into number of regions. In fact, 
most disc primordia are subdivided into anterior and 
posterior lineage “compartments” from the earliest stages of 
their development. This subdivision is controlled by the 
posterior-specific expression of the engrailed and invected 
transcription factors in each disc, which act as a binary 
switch, controlling the choice between posterior and anterior 
identities and preventing cells from crossing between 
compartments. The wing and haltere discs are further subdi- 
vided into prospective dorsal and ventral lineage compart- 
ments, in this case by the dorsal-specific expression of the 
apterous transcription factor. 

Why have lineage compartments? Cells in different lineage 
compartments have different signaling capabilities, and this 
has important developmental consequences. Posterior cells 
secrete the signaling molecule Hedgehog, but only anterior 
cells are capable of responding to that signal (Fig. 3). Because 
Hedgehog diffuses only a short distance into the anterior 
compartment, it induces the formation of a specialized group 
of cells just anterior to the compartment boundary. The 
formation of this group of boundary cells is critical for 
appendage development because boundary cells in turn secrete 
several important signals (Fig. 3), including Decapentaplegic 
(a member of the BMP family of morphogens, generated in 
the wing, dorsal leg, and dorsal antenna), and Wingless (a 
member of the Wnt family of morphogens, generated in 
ventral leg and ventral antenna). Cells outside the boundary 
region judge their approximate position in the disc by the 
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D. melanogaster. 


levels of boundary signal they detect. Thus, these boundaries 
define important axes used to pattern the entire disc. 

The subdivision of the wing into dorsal and ventral 
compartments by the dorsal expression of apterous plays a 
very similar role. This subdivision establishes reciprocal 
signaling between dorsal and ventral cells, this time via the 
Notch pathway, which results in the specification of cells on 
either side of the dorsal-ventral boundary (Fig. 4). These 
cells secrete Wingless, which helps pattern the wing blade 
along the proximodistal axis. 

Do the other Holometabola share these axis-defining 
patterning mechanisms? There have been to date only a few 
descriptions of gene expression in the imaginal discs of other 
taxa, and no experimental tests of the type that verified these 
patterning mechanisms in Drosophila. However, it seems 
likely that at least some of the fundamental features are 
shared. All insect appendages so far examined (both larval 
and adult) are subdivided into apparent anterior and 
posterior compartments by the posterior expression of 
engrailed-like transcription factors, including the wing discs 
of the lepidopteran Precis coenia. Similarly, the wing blade of 
P coenia is subdivided into dorsal and ventral domains by the 
dorsal expression of an apterous-like molecule. As in D. 
melanogaster, a wingless-like molecule is expressed along the 
dorsal-ventral compartment boundary in P coenia. 
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| a lack immunoglobulins but nevertheless mount a 
variety of effective immune responses to parasites and 
pathogens. In permissive or susceptible hosts, either no 
response is mobilized or the responses induced fail to counter 
the invader, so that the host is successfully infected. In 
resistant (also called refractory) hosts, the parasite or pathogen 
is thwarted, and infection is prevented. Regardless of the out- 
come, the result is a dynamic interplay of host and parasite 
genes, with the products of host resistance/susceptibility genes 
being counterbalanced by the virulence/avirulence character- 
istics of the invader (Fig. 1). 

In insects, both cellular and humoral immune responses 
figure prominently in host defense, with many parasitic and 
pathogenic infections resulting in the deployment of defenses 
of both types. Insect hemocytes mobilize the cellular 
defenses, which include phagocytosis, nodulation, and 
encapsulation. In the main classes of humoral defenses, the 
following substances are produced: antibacterial, antifungal, 
and (presumably) antiviral molecules, the melanizing enzyme 
phenoloxidase, and agglutinins or clotting factors. 

Although much recent progress has been made in 
deciphering the cellular and humoral aspects of insect 
immune responses, much less is known about the recognition 
mechanisms responsible for the initial discimination of 
“nonself” material at the host—invader interface that sets the 
stage for the immune response. This is especially true for the 
recognition of multicellular parasites, which seem to use a 
combination of active and passive strategies to avoid being 
detected as foreign. 


CELLULAR IMMUNE RESPONSES 
Insect Hemocytes 


Initially, hemocytes were classified on the basis of morpho- 
logical criteria alone, resulting in the publication of numerous 
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FIGURE 1 (A) The parasitoid wasp, L. boulardi, preparing to oviposit in 


D. melanogaster host larvae. If the host strain is of the susceptible genotype, 
and the wasp is of the virulent strain of this parasitoid species, the wasp will 
develop normally in the host (B) and successfully emerge while the host dies. 
However, if the host expresses resistance genes, the parasitoid will be 
encapsulated and melanized (C), and the host will survive to adulthood. 
(Photographs courtesy of Dr. Yves Carton, CNRS, Gif-sur-Yvette, France.) 


conflicting classification schemes, even for the same species. 
The different hemocyte types display marked inter-, and even 
intra-, species variability in appearance and behavior, further 
complicating classification. Additionally, hemocytes that are 
examined before they have attached to a substrate are difficult 
to identify in the unspread state, in contrast to spreading cells 
(e.g., plasmatocytes). Today, tools such as monoclonal 
antibodies, which bind cell-type-specific epitopes, are used in 
combination with other biochemical markers to facilitate 
identification of the different hemocyte classes. In addition, 
techniques such as density gradient centrifugation have been 
employed to purify homogeneous populations of the 
individual hemocyte morphotypes, facilitating in vitro 
studies of their biochemistry and behavior. 

In the Lepidoptera, the two most abundant hemocyte 
classes are plasmatocytes and granulocytes, which are the 
primary phagocytic and encapsulative cells. In the higher 


Diptera including Drosophila melanogaster, the multifunctional 
lamellocytes play these roles, and crystal cells carry the melaniz- 
ing enzyme phenoloxidase. In contrast, in lepidopterans 
including the tobacco hornworm, Manduca sexta, the bulk of 
this enzyme is carried in the plasma. Taxonomic variations are 
seen in the total hemocyte count, with the Lepidoptera having 
abundant hemocytes in contrast to dipterans (e.g., mosquitoes), 
which have many fewer cells per microliter of hemolymph. 

The fat body is also an immunoresponsive organ and 
synthesizes a variety of antimicrobial peptides, enzymes (e.g., 
lysozyme), and other immunoreactive molecules. Indeed, the 
fat body represents the primary source of hemolymph-borne 
macromolecules and is the most metabolically active tissue in 
the insect. The gut, which is constantly assaulted with 
pathogens ingested by the insect, also produces a battery of 
antibacterial and antifungal agents to counter these invaders. 
During molting, when the newly synthesized cuticle is most 
fragile and the cuticular linings of the fore- and hindguts are 
shed, bacteria are released into the lumen of the gut, resulting 
in enhanced production of antimicrobial peptides by the gut 
when the animal is most vulnerable to infection. 


Hemocyte-Mediated Immune Responses 


Phagocytosis is the process by which pathogens such as 
bacteria and small particles (< 1 um in diameter) are engulfed 
by host hemocytes, culminating in death of the invader. The 
membrane of the cell invaginates, and the pathogen is 
engulfed in a membrane-bound vesicle into which lytic 
enzymes are released, causing the pathogen’s demise. This 
process appears to be mediated by prostaglandins 
(eicosanoids) produced by the hemocytes. The phagocytic 
cells include plasmatocytes and granulocytes, although other 
cell types may also participate in this response to a lesser 
degree. Large numbers of bacteria-laden hemocytes may 
clump together to form nodules, which attach to the host’s 
internal tissues and are removed from circulation. Frequently 
these nodules are melanized and deposited on lobes of fat 
body, the Malpighian tubules, or gut tissues. 

To counter eukaryotic invaders (i.e., parasites) that are too 
large to be phagocytosed by a single cell, multiple classes of 
hemocytes cooperate in the mobilization of the multiphasic 
encapsulation reaction. Usually the capsule is formed from 
several hundred to several thousand cells that form a dense 
capsule enclosing the parasite. In the initial phases of encap- 
sulation of parasitoid eggs/larvae, or encapsulation of abiotic 
(nonliving) implants such as Sephadex beads, granulocytes 
are the first cells to make contact with the target. These cells, 
which contain large numbers of refractile granules in their 
cytoplasm, attach to the target surface and then release their 
contents in a degranulation reaction, forming a sticky matrix 
on the surface of the target. The degranulation event triggers 
the attachment of multiple layers of plasmatocytes, which are 
fibroblast-like cells that spread, flatten out, and encase the 
parasite in a multilayered sheath of cells. Sometimes multiple 





FIGURE 2 Light micrograph series showing fully encapsulated C. congregata 


eggs recovered from the nonpermissive host P occidentalis 72 h 
postparasitization of the host larva. Multiple eggs are sometimes engulfed in 
a single capsule (A), which frequently shows signs of partial or complete 
melanization (B). [Reprinted from Harwood, S. H., et a/. (1998). Production 
of early expressed parasitism-specific proteins in alternate sphingid hosts of 
the braconid wasp Cotesia congregata. J. Inv. Pathol. 71, 271-279, with 
permission from Academic Press.] 


targets are enclosed in a single capsule, as occurs with eggs of 
the parasitoid Cotesia congregata, in the nonpermissive host 
Pachyshpinx occidentalis (Fig. 2A). The encapsulation reaction 
is terminated by the adherence of additional granular cells to 
form a thin envelope around the completed capsule. Like 
nodules, fully formed capsules frequently adhere to the host’s 
internal tissues (including fat bodies, Malpighian tubules, 
gut, or salivary glands) and are thereby removed from 
circulation. In rare instances, the encapsulated parasite may 
actually be extruded from the hemocoel and pass through the 
epidermis, to be shed with the host’s exuvial cuticle in a molt 
during “cuticular encystment,” which occurs when a 
parasitoid develops in a nonpermissive host. 

During the encapsulation process or upon its completion, 
the innermost layer of cells deposits melanin or its toxic 
quionone precursors over the surface of the invader, regardless 
of whether the foreign material is an abiotic or biotic target 
(Figs. 2B, 3A,B). However, the occurrence of melanization is 
variable, and sometimes capsules persist for the remaining 
life span of the host, showing no signs of melanization. Some 
species of hosts with encapsulated parasitoids undergo meta- 
morphosis and live to the adult stage (e.g., D. melanogaster 
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with encapsulated Leptipolina boulardi parasitoid egg; Fig. 1), 
whereas other hosts die prematurely, frequently showing symp- 
toms of endocrine disruption. When the host dies prema- 
turely, the parasitoid fails to survive. When the parasitoid C. 
congregata is encapsulated in host larvae of the tobacco 
hornworm, which is normally permissive for this parastoid, 
the “hosts” with encapsulated parasitoids molt to supernumerary 
instars and then to nonviable larval—pupal intermediates. These 
developmental symptoms suggest that the host’s juvenile hor- 
mone titer is elevated to a level high enough to interfere with 
normal pupation. In these instances, endocrine disruption 
seems to be mediated by the factors (i.e., polydisperse DNA 
viruses: polydnaviruses) injected by the wasp into the host 
during parasitization and thus even in the absence of 
developing wasps, host development is arrested prematurely. 

During parasitization, endoparasitoids belonging to the 
hymenopteran families Braconidae and Ichneumonidae 
inject into their lepidopteran hosts polydnaviruses that 
subsequently play a critical role in suppressing the host 
immune response. These viruses, which are integrated in the 
genomic DNA of the wasp and undergo replication only in 
the female’s ovary, rapidly enter host hemocytes following 
parasitization, and viral genes are expressed. Depending on 
the host—parasitoid combination, the host’s hemocytes either 
alter their behavior and fail to spread (thereby inhibiting the 
encapsulation response) or, alternatively, undergo fragmenta- 
tion and programmed cell death. In M. sexta, larvae para- 
sitized by C. congregata, massive numbers of dead and dying 
hemocytes undergo clumping and then are removed from 
circulation soon after parasitization, resulting in a dramatic drop 
in the host’s total hemocyte count. By 8 days postparasiti- 
zation, new cells have differentiated from prohemocytes, and 
the host regains its ability to encapsulate Sephadex beads. 
However, the living parasitoid larvae remain unencapsulated 
(Fig. 3A), suggesting that they escape being detected as 
foreign by another mechanism. However, if second-instar 
parasitoids are dissected from a host, killed, then implanted 
into a surrogate “host” caterpillar, the parasitoids are avidly 
encapsulated and melanized (Fig. 3B), suggesting that 
something unique about the living parasitoid surface 
suppresses a host immune response. These simple 
observations suggest that the living parasitoid larvae either 
escape being detected as foreign by mechanisms that may 
involve host antigen mimicry (or masking) or by the presence 
of specific as yet unidentified surface molecules that prevent 
their recognition as “nonself” by hemocytes. 

The final biochemical events that culminate in death of 
the parasite remain unclear for the most part. Although 
melanin and its precursors are toxic, much recent evidence 
points to the potential role of other toxic molecules such as 
reactive intermediates of nitrogen (nitric oxide) or oxygen 
(superoxide), released by cells localized in the innermost 
layers of the capsule, in causing lethality. Although it was 
formerly presumed that death was induced by asphyxiation 
of the parasite or parasitoid inside the capsule, biochemically 
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FIGURE 3 (A) Evidence that living C. congregata parasitoids are not encap- 


sulated larvae of the host, /. sexta, which are permissive for this parasitoid, 
even though the host may mobilize hemocytes to encapsulate abiotic targets 
such as Sephadex beads. The bead shows hemocytic encapsulation and asso- 
ciated melanization, whereas the parasitoid larva has avoided this response, 
suggesting that the living parasitoids actively evade the host’s immune 
response by antigen mimicry, secretion of immunosuppressive molecules, or 
other mechanisms. (B) Encapsulation of first-instar C. congregata that had been 
dissected from a fifth-instar host tobacco hornworm, killed by immersion in 
ethanol, then implanted into the hemocoel of a “surrogate host.” Thick, 
agglutinated, and melanized capsules surround the larvae 24 h after 
implantation. [Photographs from Lavine, M., and Beckage, N. (1995). 
Polydnaviruses: Potent mediators of host insect immune dysfunction. 
Parasitol. Today 11, 368-378, with permission from Elsevier Science.] 


mediated parasite-killing strategies now seem to be 
important in causing the ultimate death of the invader. 
Phagocytosis is followed by the generation of these cytotoxic 
intermediates in the phagolysozome, indicating that this 
pathway is also important to the function of phagocytic cells. 

The antiviral defenses of insects are just now beginning to 
be deciphered, although recent observations made in 
parasitized insects have yielded some insights. Larvae of MV. 
sexta that are parasitized by C. congregata are dramatically more 
susceptible to the Autographa californica nucleopolyhedrovirus 
than nonparasitized larvae of the same age, which are normally 
semipermissive hosts of this pathogenic baculovirus. Parasitized 
larvae die faster and at higher rates than nonparasitized larvae 
infected with the same dose of the occluded form of the 


baculovirus. This enhanced susceptibility appears because of 
the inactivation of the cellular immune response of the host 
induced by the wasp’s polydnavirus. Thus, there is likely to 
be a cellular immune response to the baculovirus, which is 
suppressed in parasitized larvae. In nonparasitized larvae, 
cellular plaques composed of hemocytes clump on cells 
localized in the host’s tracheal epithelium that harbor the 
virus. These plaques do not form in parasitized larvae, and 
the virus is rapidly disseminated throughout the body cavity 
via the tracheolar epithelium, uninhibited by the hemocytic 
response. Although the polydnavirus genes that render the 
host more susceptible to the baculovirus have yet to be 
isolated, they offer promise for formulation of baculovirus 
biopesticides with enhanced potency and a broader host 
range for control of lepiopteran insect pests. 


HUMORAL IMMUNE RESPONSES 
Plasma-Borne Factors 


In addition to hemocyte-mediated immune reactions, insects 
possess a variety of potent plasma-borne defense molecules 
that are toxic to parasites and pathogens. Usually these are 
synthesized by the fat body or the hemocytes and secreted 
into the plasma, where they act either on the invader directly 
or via the hemocytes in altering their behavior to enhance the 
immune response. A battery of antibacterial proteins are 
produced by many insects, including defensins, drosocin, 
cecropins, attacins, and diptericins, depending on the species, 
and, in addition, the ubiquitous lysozyme family of antibac- 
terial proteins. These proteins differ in their specificity for 
gram-positive versus gram-negative bacteria, with some acting 
on both types of bacteria with varying degrees of potency. 
Often the proteins disrupt the bacterial cell membrane 
function by inducing pore formation, causing lysis of the cell. 
Antifungal molecules are also produced by insects, providing 
a first line of defense against fungal invaders that often infect 
the insect via its cuticle, which is penetrated by the fungus. 
Although insects are not known to produce antiviral 
interferon-like molecules, the mobilization of biochemical 
defenses against viruses seems to be a likely component 
contributing to the evolution of viral resistance in insect 
populations treated with viral biopesticides. Although antiviral 
resistance has been characterized at the insect population 
level, the cellular and molecular mechanisms contributing to 
resistance remain relatively ill-defined. 

Fortuitously, several antimicrobial peptides such as 
defensins have also been shown to have antiparasite activity, 
killing malaria parasites and filarial nematodes in insects that 
are injected with these molecules. Hence, molecular geneticists 
are now exploiting defensin genes in the production of trans- 
genic mosquitoes that show up-regulation of defensin gene 
expression under regulation of tissue-specific promoters 
either in the gut (malaria) or flight muscle (filaria) where the 
parasites develop. 


3 The challenges of 5G 


In this part we explore the different challenges that lie ahead for 5G, which emerged from the 
interviews that Arcep conducted over the past several months. 


3.1 New business models focused on vertical markets 


3G and especially 4G technologies were designed primarily for the superfast mobile internet. 5G 
continues on in this direction, but also wants to target what are known as vertical markets, which 
encompass several segments, including: 


- Connected vehicles, not only to deliver entertainment and information to passengers, but 
also to guarantee safety via communications both between vehicles and between vehicles 
and infrastructure; 


- Factories of the future; 


- Smart cities with requirements in the areas of public transportation (similar to the needs of 
connected vehicles), the environment, managing buildings and energy consumption; 


- Medicine, healthcare and robot-assisted telesurgery; 


- Smart grid flow monitoring and management (electricity, gas, water, etc.). 


This section will focus in particular on the connected car and factories of the future segments. 
Because of their current and future macro-economic context, along with the — plurality and 
effervescence of the pioneer work being done in these areas, these two segments constitute the 
main avenues of 5G development in vertical markets. Smart cities and smart grids have already 
begun to soar through existing Internet of Things (loT) technologies. 


3.1.1 The automotive sector 


The car is an extremely common form of transportation, and safe driving is a fundamental 
consideration: human error is the number one cause of all transport accidents. The transportation 
sector wants to use technological innovations to tackle this problem, and to continue to make 
transportation more efficient, more sustainable and safer. 


There are three areas in which technological progress could help improve automotive transportation. 
5G could have a role to play in all three, but particularly in the first two: 


- Provide in car internet connectivity, to deliver entertainment to passengers; 


- Provide access to driver assistance information, to reduce accidents and improve the fluidity 
of traffic; 


- And, finally, the ability to make cars autonomous, thanks to artificial intelligence algorithms. 


The first area is just an extension of the developments occurring today around 4G. The aim is to give 
passengers access to their messaging services, to the internet, to multimedia content, online gaming, 
etc. The increased connection speeds promised by 5G will improve the use of all of these services. 


The second area aims to make cars more intelligent by using information that was not previously 
available to them. This in turn will help improve the safety and efficiency of the networks as well as 
help drivers make the right decisions, and adapt to driving conditions. Such connected vehicles could 
have access to information about dangers on the road (slow or stopped cars, traffic jam warnings, 
indications of where construction is taking place on the roads, weather conditions, emergency 
braking, emergency service vehicles approaching, etc.) or regarding signage (signalling/signage on- 
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In Drosophila, mosquitoes, and other insects, the activation 
of transmembrane ¢o// receptors mediates the physiological 
response to microbial ligands or septic injury, leading to 
activation of killing mechanisms such as production of nitric 
oxide, resulting in death of the invader. The toll receptors are 
conserved across a wide range of animal phyla including 
Mammalia, indicating that this pathway, which insects share 
with a variety of species, is likely of ancient evolutionary origin. 

The phenoloxidase pathway is activated by the synthesis of 
DOPA from tyrosine via the action of the monophenoloxidase 
enzyme (also called tyrosinase). Then DOPA is converted to 
DOPA quinone by diphenoloxidase, and thence to melanin 
via a series of toxic intermediates. Phenoloxidase activity may 
be associated with hemocytes, as occurs in mosquitoes, or as 
in lepidopterans (e.g., /. sexta), it may be secreted into the 
plasma. The first step is the activation of prophenoloxidase 
by a serine protease, which cleaves a peptide from the 
proenzyme, generating the active phenoloxidase molecule. 

In many species of parasitized lepidopterans, including M. 
sexta larvae parasitized by C. congregata, levels of hemolymph 
phenoloxidase activity have been found to be suppressed 
following parasitization, which benefits the parasitoid by 
inhibiting this immunoreaction. This effect seems to be 
expression of polydnavirus genes that inhibit translation of 
the phenoloxidase mRNA, thereby suppressing levels of this 
enzyme in the blood. 

In refractory strains of mosquitoes, melanization of the 
malaria ookinete occurs in the midgut wall, apparently without 
the intervention of phenoloxidase derived from hemocytes. 
Disease transmission stops because melanized parasites die 
trapped in the gut without ever moving to the hemocoel and 
salivary gland. Hence, there is widespread interest in using 
phenoloxidase genes to bioengineer refractory transgenic mos- 
quitoes to halt malaria transmission. One approach has been 
to link this gene to the vitellogenin promoter, which is acti- 
vated when the mosquito takes a blood meal in preparation 
for production of eggs. 


Cross-Talk between the Cellular and Humoral 
Immune Response Networks 


Blood cells in vertebrates produce many cytokines, which act at 
close range on other immunocompetent cells. In insects, the 
characterization of cytokines is less well documented, but recent 
evidence indicates that factors such as plasmatocyte-spreading 
peptide (which was first isolated in the moth Pseudoplusia 
includens) are produced by plasmatocytes and act to stimulate 
spreading of the hemocyte over the surface of the parasite. 
Other cytokines, which likely play a role in the cell-to-cell 
communication events that accompany encapsulation, have yet 
to be characterized. In parasitized lepidopterans, these cytokines 
may include plasmatocyte and granulocyte depletion factors. 
Without these cell types, parasite encapsulation cannot occur, 
and thus the number of viable circulating cells available to 
mount the encapsulation response is drastically reduced. 
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UNRESOLVED QUESTIONS 


The role of chemical mediators in the cell-to-cell communi- 
cation pathways required for successful immune responses as 
complicated as encapsulation have only just begun to be 
explored. Also, the initial signaling events that discriminate 
“nonself” at the most basic level remain remarkably obscure. 
This is particularly true for the recognition of eukaryotic 
parasites, which seem to use a complex mix of strategies such 
as host immunosuppression, antigen masking, and antigen 
mimicry to avoid being detected as foreign. Progress in iden- 
tifying resistance and susceptibility genes in insect hosts, and 
the complementary virulence/avirulence genes in parasites has 
begun only recently, although efforts are intensifying to clarify 
these genetic components, particularly in Drosophila. Although 
insects lack “memory cells” in their immune system, some 
long-lived insects such as cockroaches exhibit an enhanced 
response to a secondary challenge, raising the possibility that 
insects can show a sensitization response, albeit via as yet 
unknown mechanisms. Although the antibacterial defenses 
of insects have been well characterized in the past two decades, 
even at the molecular level, the defenses mobilized by insects 
against invasion by viral pathogens are only now being delin- 
eated, despite intensive efforts to clarify mechanisms of antiviral 
resistence. In most species, the roles of hormones such as 
juvenile hormone and ecdysteroid in regulating immunity have 
yet to be deciphered. The prospect of developing transgenic 
insects expressing refractoriness-related traits offers promise 
of the ability to control disease transmission by insect vectors. 
Likewise, the prospects of genetic manipulation of agricultural 
pests to enhance their susceptibility to biopesticides, and to 
increase the virulence of the pathogen, offer great promise to 
agriculture. Clearly, many challenging questions need to be 
addressed to decipher the tactics of parasite/pathogen offense 
and host defense. 


See Also the Following Articles 
Genetic Engineering « Hyperparasitism e Pathogens of Insects 


Further Reading 

Beckage, N. E. (1997). The parasitic wasp's secret weapon. Sci. Am. 277, 50-55. 

Beckage, N. E. (1998). Modulation of immune responses to parasitoids by 
polydnaviruses. Parasitology 116, S57—-S64. 

Beckage, N. E., Thompson, S. N., and Federici, B. A. (eds.). (1993). “Parasites 
and Pathogens of Insects”: Vol. 1, “Parasites,” Vol. 2, “Pathogens.” Academic 
Press, San Diego. 

Carton, Y., and Nappi, A. J. (2001). Immunogenetic aspects of the cellular 
immune response of Drosophila against parasitoids. Immunogenetics 52, 
157-164. 

Dimopoulos, G., Muller, H. M., Levashina, E. A., and Kafatos, F. C. (2001). 
Innate immune defense against malaria infection in the mosquito. Curr. 
Opin. Immunol. 13, 79-88. 

Gillespie, J. P, Kanost, M. R., and Trenczek, T. (1997). Biological mediators 
of insect immunity. Annu. Rev. Entomol. 42, 611-643. 

Hoffmann, J. A., and Reichhart, J. M. (1997). Drosophila immunity. Trends 
Cell Biol. 7, 309-316. 

Hoffmann, J. A., Kafatos, E. C., Janeway, C. A., and Ezekowiltz, R. A. (1999). 
Phylogenetic perspectives in innate immunity. Science 284, 1313-1318. 


560 Industrial Melanism 


Gupta, A. P. (ed.). (1991). “Immunology of Insects and Other Arthropods.” 
CRC Press, Boca Raton, FL. 

Imler, J. L., and Hoffmann, J. A. (2001). to// Receptors in innate immunity. 
Trends Cell Biol. 11, 304-311. 

Paskewitz, S. M., and Gorman, M. J. (1999). Mosquito immunity and 
malaria parasites. Am. Entomol. 45, 80-94. 

Pathak, J. PR N. (ed.). (1993). “Insect Immunity.” Kluwer Academic 
Publishers, Dordrecht, Netherlands. 

Schmidt, O., Theopold, U., and Strand, M. (2001). Innate immunity and 
its evasion and suppression by hymenopteran parastioids. Bioessays 2, 
344-351. 

Vass, E. and Nappi, A. J. (2001). Fruit fly immunity. BioScience 51, 529-535. 

Wiesner, A., Dunphy, G. B., Marmaras, V. J., Morishima, I., Sugumaran, M., 
and Yamakawa, M. (eds.). (1998). “Techniques in Insect Immunology.” 
SOS Publications, Fair Haven, NJ. 





Industrial Melanism 


Michael E. N. Majerus 
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I ndustrial melanism may be defined as a proportional 
increase of dark, or melanin, pigments in individuals of a 
population, caused by changes in the environment resulting 
from industrial pollution. Both increases in the frequencies 
of distinct melanic forms and the general darkening of some 
or all forms within a population may be involved. 

The increase in dark forms of some species of moth in 
industrial regions of western Europe, and latterly elsewhere, 
has provided some of the best known, most easily understood, 
and most often quoted examples of evolution in action. 
Increases in pollution following the industrial revolution led 
to changes in the environment. In particular, sulfur dioxide 
denuded trees and other substrates of lichens, while particulate 
air pollution blackened the resulting surfaces. In response to 
these changes, many species of moth and some other inver- 
tebrates that rely on camouflage for defense against some 
predators have changed their coloration, becoming darker, in 
line with the darkening of the substrates that they rest upon by 
day. These changes have occurred largely in the past 150 years 
and are cited as examples that illustrate the central mechanism 
of Charles Darwin’s theory of evolution: natural selection. 


TYPES OF INDUSTRIAL MELANISM 


Three categories of industrial melanism have been recognized: 


A. Full industrial melanic polymorphism involves distinct 
melanic forms that have arisen since the industrial revolution 
and have increased as a consequence of the effects of indus- 
trialization on the environment. 

B. Partial industrial melanic polymorphism involves poly- 
morphic species that had melanic forms prior to the industrial 


revolution. These forms have increased in frequency following 
and as a consequence of the effects of industrialization. 

C. Polygenic industrial melanism involves species in 
which the average ground color of some or all members of a 
population has darkened gradually as a consequence of the 
effects of industrialization. 


It should be noted that melanism is a common 
phenomenon throughout the animal kingdom, with many 
factors unrelated to industrialization or pollution influencing 
the success of melanic forms in some species. 


FULL INDUSTRIAL MELANIC POLYMORPHISM 
The Peppered Moth 


The peppered moth, Biston betularia, has dominated the 
literature on industrial melanism. In Britain, the ancestral 
form of this species (form typica) is white, liberally speckled 
with dark brown or black scales (Fig. 1). In 1848, a 
predominantly black form of B. betularia, form carbonaria 
(Fig. 2) was recorded in Manchester, England. Within 50 
years, 98% of Mancunian peppered moths were black. From 
this original location, carbonaria spread to many other parts of 
Britain. The renowned Victorian lepidopterist J. W. Tutt was 
the first to suggest that camouflage and bird predation could 
be involved in the spread of carbonaria. In 1896, arguing that 
the typical form was camouflaged well on surfaces covered by 
foliose lichens, he noted that the nature of many natural 
surfaces had changed as a consequence of pollutants resulting 
from heavy industry. In particular, the combined effects of 
sulfur dioxide, which killed foliose lichens, and soot fallout, 
which blackened the denuded surfaces, had led to darker and 
more uniform substrates. He stated that on these surfaces the 
carbonaria form would be better camouflaged than typica and 
so gain protection from bird predation. Natural selection, 
through the medium of differential bird predation, aug- 
mented by “hereditary tendency,” had led to an increase in 
the frequency of the black form. 





FIGURE 1 The typical form of the peppered moth, B. betularia. 
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FIGURE 2 The carbonaria form of the peppered moth. 


Tutt’s hypothesis was largely rejected, both at the time and 
for a considerable period thereafter, because most 
entomologists and ornithologists concurred in the view that 
birds are not major predators of cryptic, day-resting moths. 
A variety of other explanations of the increase in melanic 
forms of some moths were thus put forward during the first 
half of the 20th century (pollutants acting as mutagenic 
agents, Lamarckian evolution, heterozygote advantage). 

One important advance during this period was the 
calculation by Haldane in 1924 that carbonaria would have 
to have been one and a half times as fit as typica to account 
for the rapidity of the rise in carbonaria frequency in 
Manchester. This fitness difference was much higher than 
most evolutionary biologists of the time thought feasible. 

Not until the 1950s was Tutt’s bird predation explanation 
of the rise of carbonaria in polluted regions tested by scientific 
experimentation. Dr. Bernard Kettlewell, using direct 
observation of the predation of live moths released onto tree 
trunks, and mark—release-recapture techniques, in two 
populations, one in a polluted and the other in a nonpolluted 
oak woodland, obtained strong evidence to support Tutt’s 





FIGURE 3 The peppered moth has a third intermediate form, insularia. 


FIGURE 4 A peppered moth in its natural resting position, beneath a lateral 
tree branch. 


differential predation hypothesis. Both experiments showed 
that the typica form of the moth had lower fitness than 
carbonaria in the polluted woodland, but a higher fitness in 
the nonpolluted wood. It was the fact that Kettlewell 
obtained reciprocal results in the two environments that 
made his conclusions so convincing. Kettlewell also mapped 
the frequency of carbonaria against sulfur dioxide and soot 
fallout, finding a significant correlation between the 
frequency of carbonaria and both pollutants, that with sulfur 
dioxide being strongest. This correlation between high 
melanic frequencies and high levels of pollutants has been 
reinforced by the finding that carbonaria frequencies have 
declined following decreases in pollution levels as a result of 
anti-pollution and smoke control legislation. 

The elements of the basic story of the peppered moth that 
are usually related are therefore: 


1. The peppered moth has two distinct forms. 

2. These forms are genetically controlled. 

3. Peppered moths rest by day on tree trunks. 

4, Birds find peppered moths on tree trunks and eat them. 

5. The likelihood of a moth being found by a bird 
depends on its degree of camouflage. 

6. Nonmelanic peppered moths are better camouflaged 
than melanics on lichen-covered tree trunks in rural areas. 
Melanic peppered moths are better camouflaged than 
nonmelanics in industrial areas where tree trunks have been 
denuded of lichens and blackened by soot fallout. 

7. The frequencies of melanic and nonmelanic moths in a 
particular area depend on the level of bird predation of each 
form and the rate of migration of moths into the area from 
adjacent districts in which the form frequencies are different. 


Since Kettlewell’s research, other studies on the peppered 
moth, which have included work on the intermediate form, 
insularia (Fig. 3), and the natural resting behavior of the moth 
(Fig. 4), have refined some of the details of the case. However, 
Kettlewell’s basic qualitative deductions remain valid. 
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TABLEI The Decline in the Frequency of the carbonaria 
Form of the Peppered Moth Since Anti-pollution Legislation 
at Two Sites in England 


Caldy Common, West Kirby, West Cambridge, 
Year northwest England England 

1960/1961 94.2 94.8 
1965 90.2 — 

1970 90.8 75.0 
1975 86.6 64.7 
1980/1981 76.9 45.9 
1985 53.5 39.5 
1990 33.1 22.2 
1995 17.6 19.2 
1998/2000 115 15.1 


Note. Similar differences have been recorded in the United States (see text 
and Grant et al., 1995, 1996). 


Industrial Melanism in Reverse 


In the 1950s, anti-pollution legislation was introduced in 
industrial countries on both sides of the Atlantic. This 
legislation led to declines in both sulfur dioxide and 
particulate soot emissions. Subsequently, the frequencies of 
the melanic forms have declined considerably in industrial 
regions in Britain (Table I). Current rates of decline are 
broadly in line with theoretical predictions using computer 
simulations. If the decline in carbonaria continues at its 
present rate, this form will be reduced in Britain to the status 
of a rare mutation by 2020. A similar decline in the 
frequency of the melanic form (f. swettaria) of the American 
subspecies of the peppered moth, B. betularia cognataria, has 
occurred in some parts of the United States. 

Data on the declines of carbonaria in Britain and swettaria 
in America are important for three reasons. First, they show 
that evolution is not a one-way process. Evolutionary 
changes can be reversed if the selective factors that lead to 
them are reversed. Second, the data sets from different 
populations in Europe and America are, in effect, replicate 
natural experiments. The consistency in the patterns of 
increase and decrease in the frequencies of melanic forms 
correlated to pollution levels adds weight to the selective 
explanation of the evolutionary changes observed. Third, the 
accord between predicted decreases in melanic frequency and 
the observed frequency currently being obtained argues that 
the factors incorporated into the models are broadly correct. 


Other Examples of Full Industrial 
Melanic Polymorphism 


The case of the peppered moth is not unique. A small 
number of other examples of full industrial melanic 
polymorphism are known. The melanic forms in most of 
these cases are controlled by dominant alleles of single genes. 
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FIGURE 5 Nonmelanic and melanic forms of the brindled beauty, L. hirtaria. 


An exception is that of the brindled beauty, Lycia hirtaria, in 
which the melanic form nigra (Fig. 5) is controlled by a 
recessive allele. That most recent melanic forms are 
genetically dominant is not surprising because a dominant 
mutation will be fully expressed as soon as it arises and will 
quickly be favored by selection if advantageous. Recessive 
mutations would not be exposed to selection until they 
occurred in homozygotes, in which their effects would be 
expressed phenotypically. 

In some species showing full industrial melanic poly- 
morphism, such as the lobster moth, Stauropus fagi (Fig. 6), 
melanism developed at roughly the same time as in the 
peppered moth. In others, industrial melanism has developed 
much more recently, as in the cases of the sprawler, 
Brachionycha sphinx, and the early grey, Xylocampa areola, in 
which industrial melanism developed only in the second half 
of the 20th century. The reason that industrial melanism did 
not evolve earlier in these species is probably serendipitous: a 
melanic mutation simply did not occur previously in an 
appropriate population. 

The different timings of the initial occurrence of industrial 
melanics of different species help emphasize that natural 
selection cannot cause change unless phenotypic variation 
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FIGURE 6 Nonmelanic and melanic forms of the lobster moth, S. fagi. 


exists. This is manifest in the oak beauty moth, Biston 
strataria, the closest British relative of the peppered moth. The 
oak beauty has a melanic form, melanaria, which is a common 
industrial melanic in Holland, but has never been recorded, 
except as a rare mutation, in Britain. In terms of its ecology, 
behavior, and distribution, the oak beauty is similar to the 
peppered moth. However, the melanaria mutation seems 
never to have arisen in Britain in favorable circumstances nor 
has this form reached Britain from continental Europe as a 
migrant. Melanism in the oak beauty in Europe can be 
contrasted with that of another moth, the figure of eighty, 
Tethea ocularis. The melanic form, fusca, of this species was 
known in Belgium and Holland in the early part of the 20th 
century, but was absent from Britain. This form arrived in 
southern England, by migration, in the mid-1940s. Following 
its arrival, f. fusca spread to many industrial parts of Britain 
and increased in frequency rapidly, although its frequency is 
now declining again in response to reductions in pollution. 

The current declines in melanism seen in the peppered 
moth, the figure of eighty, and several other species, following 
anti-pollution legislation suggest that future studies of 
industrial melanism may have to shift to countries in which 
industrialization is still increasing and anti-pollution 
measures are as yet limited. 


PARTIAL INDUSTRIAL MELANIC POLYMORPHISM 


Melanic forms of many species of moth are independent of 
industrialization. The factors that can favor melanism are 
numerous and varied. These have been discussed in detail by 
Kettlewell and Majerus. Their relevance to industrial 
melanism is that in some moths, the presence of melanic 
forms prior to, and independent of, industrialization 
provided a repository of melanic variants that were favored as 
pollution levels increased. 

Indeed, it is likely that the majority of moths that exhibit 
melanic polymorphism, with melanic frequency correlated to 
pollution levels, had melanic forms occurring at relatively low 
equilibrium frequencies prior to the industrial revolution. 
Changes in the environment resulting from increased 
pollution favored these dark forms and their frequencies 
increased. The willow beauty, Peribatodes rhomboidaria, 
illustrates the idea well. In Britain, this species has long had a 
nonindustrial melanic form, perfumaria. The perfumaria form 
greatly increased in frequency in industrial regions in the late 
19th century. In the 20th century, perfumaria, which still 
occurs at low frequency in some rural areas, particularly in 
Scotland, was replaced in industrial areas, but not elsewhere, 
by an even darker form, fi rebeli. Here then, f. perfumaria 
should be regarded as a partial industrial melanic, while f. 
rebeli is a full industrial melanic. 

Many probable instances of partial industrial melanic 
polymorphism could be cited, but rather few of the species 
that fall into this class of melanism have been investigated in 
any depth. Exceptions are the pale brindled beauty, Phigalia 
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pilosaria; the mottled beauty, Alcis repandata; and the green 
brindled crescent, Allophyes oxyacanthae. All are trunk-resters, 
the increase in melanics in industrial regions being attributed 
to increased crypsis. 

Some of these species show morph-specific habitat prefer- 
ences. Morph-specific habitat preferences in Lepidoptera 
showing melanic polymorphism were first suggested to 
explain abrupt differences in melanic frequencies of the 
mottled beauty and the tawny-barred angle, Semiothisa 
liturata, either side of sharp habitat boundaries. Such 
differences have subsequently been recorded in 14 species, in 
all cases melanics having higher frequencies in woodland 
with dense canopies than in adjacent more open habitats. 

Many species that now have industrial melanics first 
evolved melanism in specific ecological circumstances prior 
to industrialization. It is known, for example, that a number 
of species now show melanic polymorphism in unpolluted 
ancient coniferous forests, such as Rannoch Black Wood in 
Scotland. Similar habitats were more widespread in the past 
and are likely to have supported melanic forms. These melanic 
forms would have been at a selective disadvantage if they 
moved from areas with the specific ecological circumstances to 
which they were adapted. Consequently, the melanics evolved 
behaviors that restricted them to such habitats. Recent changes 
in forestry and land usage and increases in pollution have 
provided new habitats (e.g., conifer plantations, polluted 
woodlands) with ecological conditions that favor melanics. 
The melanics have consequently spread and risen in 
frequency, producing examples of partial industrial melanic 
polymorphism in which morph-specific habitat preferences 
are retained to some extent. 


POLYGENIC INDUSTRIAL MELANISM 


Of all categories of melanism, polygenic industrial melanism 
has been the least considered and is the most difficult to 
address. Examination of specimens collected over the past 
century and a half suggests that many species have 
experienced a gradual darkening of the colors and loss of 
patterning in industrial regions, irrespective of morph. 
Although some of this change may be attributed to the 
gradual fading that occurs in museum specimens with time, 
it is difficult to ascribe all of the differences to this 
phenomenon. Comparison of series of specimens of six 
species, from rural and industrial regions, collected between 
1880 and 1914 with those collected between 1992 and 1996 
showed that the ground color had darkened more in 
industrial regions than in the rural areas. 

This gradual darkening is probably the result of selection 
acting on polygenic variation. Small variations in the color 
patterns of many species are known to be controlled by many 
genes, each having a small effect. The selective predation of 
lighter and thus less cryptic forms in regions affected by par- 
ticulate air pollution will result in those alleles which produce 
darker morphs increasing in frequency. It is difficult to see 
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how this hypothesis can be tested. However, if it is correct, 
the recent decrease in pollution should lead to a reversal of this 
trend, with ground colors lightening and patterns becoming 
more clearly defined again. Novel, digital methods of measur- 
ing the spectral reflectance of surfaces and storing data should 
allow measurement without reliance on museum specimens 
or photographs, both of which may fade with time. 


MELANISM AND THE STUDY OF EVOLUTION 


The significance of industrial melanism in the Lepidoptera to 
evolutionary biology has been considerable. It has provided one 
of the best observed examples of evolutionary change caused 
by natural selection and has shown that Darwinian selection 
can be a strong force. In the peppered moth, differential bird 
predation, together with migration, has been primarily 
responsible for the rise and fall of the melanic form carbonaria. 

Although the story of the peppered moth is undoubtedly 
more complex than usually related, data accumulated during 
the past 40 years have done nothing to undermine Tutt’s 
initial hypothesis of the role of differential bird predation or 
Kettlewell’s experimental demonstrations of this role. 

Within the Lepidoptera, the factors responsible for 
melanism and the forms of melanism that result are very 
variable. Because a great variety of factors may promote 
melanism, it may be misleading to extrapolate from one 
population to another, let alone from one species to another. 
Even within one class of melanism, the relative influence of 
different aspects of a species’ biology will vary between 
species. Each species that has evolved melanic forms will have 
done so in the presence of a variety of different intrinsic and 
extrinsic circumstances. The differences in the factors 
affecting melanism in even the few well-studied cases suggest 
that there is still enormous scope for original research into 
this phenomenon. However, in species in which melanism is 
strongly correlated with pollution levels, such as the 
peppered moth, we are rapidly running out of time to pursue 
research into this phenomenon as melanics decline. 


See Also the Following Articles 
Coloration ¢ Crypsis ¢ Genetic Variation ¢ Lepidoptera e 
Pollution « Thermoregulation 
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he species-rich superclass Hexapoda includes all insects 

and their near relatives that share the characteristic 
arrangement of having, as adults, three major body regions 
and six legs. The number of described insect species has 
increased greatly from the time of the early catalogers of life. 
Those 18th-century pioneers in biodiversity, such as Carl 
Linné, would not have conceived that there would be nearly 
a million species described by the 21st century. Most 
estimates today suggest that this number represents only 10 
to 30% of the actual number of insect species thought to 
exist. The richness of living things is essentially the result of 
insect richness; animal biodiversity is therefore, in reality, 
mainly insect biodiversity. 

Within the class Insecta, major forms of insects are grouped 
in orders. Ordinal-level groups represent divergent lineages 
that are nearly always recognizable by a set of distinctive 
characteristics. Almost always, an adult insect can be readily 
determined to order at a glance. The number of recognized 
orders has fluctuated slightly as entomologists’ understanding 
of the included taxa and methods for classifying have devel- 
oped. Classification schemes are both organizational systems 
and true scientific hypotheses. In this way they are dynamic, 
changing as new information becomes available. There are 
several important ways in which a classification may evolve. 
One is the subjective change in taxonomic rank. For example, 
in the 1950s all Ephemeroptera (the order containing 
mayflies) in North America were assigned to three families, 
and today they are in 21. Mostly, this is the result of raising 
subfamilies to family status. 

If substantial evidence is found that a group previously 
recognized as an order is paraphyletic (i.e., does not contain 
all descendants of that group), then new monophyletic 
arrangements will be proposed. A good example is the order 


Hemiptera. The taxa included in the order now were tradi- 
tionally divided into two groups (often given ordinal status): 
Heteroptera (true bugs) and Homoptera. Recent analyses 
suggest a more complicated pattern of relationships. Three 
groups within the order Hemiptera are treated separately as 
suborders in this encyclopedia: Auchenorrhyncha (cicadas, 
spittlebugs, leafhoppers, treehoppers); Prosorrhyncha 
(Heteroptera and Coleorrhyncha); and Sternorrhyncha 
(aphids, psyllids, scale insects, whiteflies). 

Perhaps the most exciting way that classifications may 
change is by the discovery of something genuinely novel. 
However, in insects, finding a truly new order (i.e., a group of 
taxa that have a combination of characteristics unique at that 
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level) is an astounding event. At the time that this encyclopedia 
was ready for printing, a new order (Mantophasmatodea) was 
discovered in southern Africa. It is the first order of living 
insects to be described in over 80 years! This discovery 
reinforces the point that there is much left to learn about our 
earth’s biodiversity. 

In many classification systems, orders are grouped into 
superorders, but what comprises a superorder is far from 
fixed. For example, zorapterans are viewed as being in the 
superorder Orthopteroidea by some and in the superorder 
Hemipteroidea by others. Although a close link between 
Trichoptera (caddisflies) and Lepidoptera (moths and 


butterflies) is supported by a wealth of concordant evidence 





TABLEI The Orders of Insects and Other Members of the Arthropod Superclass Hexapoda 
Hierarchical category Taxon Families Species 
Class Parainsecta 
Order Protura 8 600 
Collembola (springtails) 27 9,000 
Class Entognatha 
Order Diplura 8 1,000 
Class Insecta 
Subclass Apterygota 
Order Archaeognatha (bristletails) 2 500 
Zygentoma (thysanurans, silverfish) 5 400 
Subclass Pterygota 
Infraclass Paleoptera 
Order Ephemeroptera (mayflies) 37 3,000 
Odonata (dragonflies, damselflies) 31 5,500 
Infraclass Neoptera 
Division Endopterygota 
Order Blattodea (cockroaches) 5 4,000 
Mantodea (mantids) 8 1,800 
Isoptera (termites, white ants) 7 2,500 
Grylloblattodea (rock crawlers) 1 25 
Dermaptera (earwigs) 7 2,000 
Plecoptera (stoneflies) 16 2,000 
Embiidina (webspinners) 8 300 
Orthoptera (grasshoppers, katydids) 23 20,000 
Phasmida (walkingsticks) 2 3,000 
Mantophasmatodea ? 
Zoraptera 1 32 
Superorder Hemipteroidea 
Order Psocoptera (booklice, barklice) 17 4,400 
Phthiraptera (biting lice, sucking lice) 24 4,900 
Hemiptera (true bugs) 104 55,000 
Thysanoptera (thrips) 9 5,000 
Division Endopterygota 
Order Megaloptera (alderflies, dobsonflies) 2 300 
Raphidioptera (snakeflies) 2 260 
Neuroptera (lacewings, ant lions) ly 6,000 
Coleoptera (beetles) 135 350,000 
Strepsiptera 8 550 
Mecoptera (scorpion flies) 7 550 
Diptera (flies) 117 125,000 
Siphonaptera (fleas) 15 2,600 
Lepidoptera (moths, butterflies) 120 160,000 
Trichoptera (caddisflies) 45 11,000 
Hymenoptera (ants, bees, wasps) 73 150,000 
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and consequently is undisputed, relationships among many 
endopterygote (e.g., Coleoptera and Hymenoptera) orders 
are unclear because different data sets present conflicting 
evidence. Some orders [e.g., Collembola (springtails) and 
Protura] are considered to be noninsects (placed in the class 
Parainsecta), but evidence clearly places them in the 
superclass Hexapoda with insects. 

The classification presented here is a snapshot of the 
current hypotheses of insect relationships. Because the field 
of systematics that underlies this classification scheme is ever 
evolving, future arrangements will undoubtedly shift. The 
extant (or existing) orders of insects, their common names, 
and estimates of their worldwide species and family richness 
are listed in Table I. 


See Also the Following Articles 
Arthropoda and Related Groups ¢ Phylogeny of Insects 
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| nsecticides is the term coined to describe chemicals used to 
control pest insects and related invertebrate pest species. 
Insects are by far the most important species against which 
these chemicals are targeted. Other major groups of pest 
organisms include mites, ticks, and nematodes. Acaricides 
(for the control of mites and ticks) and nematocides (for the 
control of nematodes) are chemicals specifically used to 
control these pests, but they are still considered subgroups of 
the broadly defined “insecticides” group. 

Not all insecticides are designed to kill pest insects, despite 
the use of the suffix “-cides” which gives the connotation of 
biocidal agents. Insecticides have been defined to include any 
chemical that can be used to reduce damage caused by insects. 
Thus, nonlethal chemicals such as pheromones, repellents, 
hormone mimics, growth regulators, feeding inhibitors, 
anorectic agents (which cause loss of appetite), behavioral 
disrupters, food attractants (used in traps and as bait), and 
anesthetics, as well as those causing physical problems such as 
surfactants, sticky substances, desiccants, and barriers (such 
as oil film on the surface of water for mosquito larval control) 
are considered to be insecticides. 


BRIEF HISTORY 


Insecticides used prior to the 1940s were mostly inorganic 
compounds such as arsenicals. After World War Il, DDT and 
other chlorinated pesticides came on the market. There is no 
question about the spectacular insect-controlling effects 


achieved on many crops, and populations of some pests that 
affect both public and veterinary health were greatly dimin- 
ished. The shortcomings of these compounds, particularly 
their lack of selectivity and harmful environmental effects, 
were eventually realized, however, leading to the termination 
of their use by the late 1970s. Meanwhile, organophosphorus 
and carbamate insecticides gained in popularity and have 
established themselves as two of the major classes of insec- 
ticides. Many of them offer at least some degree of selectivity 
(malathion is particularly outstanding in this regard) and are 
less persistent in the environment. In more recent years, 
functional synthetic analogues of naturally occurring toxic 
chemicals were developed. Pyrethroids, for example, are 
essentially synthetic mimics of naturally occurring pyrethrins 
found in the flowers of species of chrysanthemum. The 
synthetic neonicotinoids mimic naturally occurring nicotine 
from tobacco plants. Useful microbial products were also 
developed in the 1980s and 1990s; examples are Bacillus 
thuringiensis (Bt) toxins, avermectins, and spinosyns. 
Modern insecticides used today are generally very selective, 
mostly affecting only the targeted pest insect. They are potent, 
requiring only small quantities to achieve their effects, and 
they are much less persistent in the environment. 


CLASSIFICATION OF INSECTICIDES 


Synthetic organic insecticides may be divided into several 
major classes: (1) chlorinated hydrocarbons, (2) organophos- 
phorus compounds (often referred to as organophosphates), 
(3) carbamates, (4) pyrethroids, (5) nicotinoids, (6) fumi- 
gants, (7) GABA receptor antagonists, (8) chitin synthesis 
inhibitors (benzoylureas), (9) mitochondrial poisons, and 
(10) insect hormone mimics. These classifications are based 
on either group-specific chemical characteristics (classes 1-6) 
or their action mechanisms (classes 7-10). 

Other insecticides belonging to minor classes (i.e., fewer 
compounds per class or less frequent use) are (11) botanically 
derived naturally occurring insecticides (other than 
pyrethroids and nicotinoids), (12) microbially produced 
insecticides, (13) synergists, (14) semiochemicals such as 
attractants, including pheromones, (15) insect repellents or 
feeding deterrents, and (16) behavior-modifying agents for 
use on insects. 


USE PATTERNS 


Insecticides as a class of pesticides constitute about one- 
quarter of total pesticides (approximately a billion pounds 
per year) used in the United States. By far the largest volume 
of pesticides used is herbicides (620 million pounds), 
followed by insecticides (247 million pounds) and fungicides 
(131 million pounds) (all 1993). Approximately 75% of all 
pesticides used in 1993 were for the control of agricultural 
pests. Other uses are for pests found in the home (including 
gardens), industry, commerce, and public and veterinary 


health. The top 17 insecticides (used in 1993) were (1) 
chlorpyrifos, (2) terbufos, (3) methyl parathion, (4) 
carbofuran, (5) carbaryl, (6) phorate, (7) cryolite, (8) 
aldicarb, (9) propargite, (10) acephate, (11) malathion, (12) 
fenofos, (13) methomyl, (14) dimethoate, (15) azinphos- 
methyl, (16) ethyl parathion, and (17) profenfos. Most of 
these are organophosphates (1-3, 6, 10-12, 14-17) or 
carbamates (4, 5, 8, 13), but propargite is a sulfite ascaricide 
and cryolite (sodium fluoroaluminate, Na3AIF,) is a naturally 
occurring inorganic fluoride compound. Of these, the use of 
methyl parathion (3) and ethyl parathion (16) has been 
phased out. Among organochlorine insecticides, most of 
which have been eliminated, the only ones remaining are 
endosulfan (19th) and dicofol (22nd). The most popular 
pyrethroid is permethrin (25th, approximately 1,000,000 
pounds) followed by cypermethrin (225,000 pounds) and 
fenvalerate (66,000 pounds). Pyrethroids are used in much 
lower quantities than organophosphates and carbamates 
mainly because the former compounds are much more 
powerful than the latter, and therefore only small amounts of 
pyrethroids per hectare are needed to control insect pests. 


MECHANISMS OF ACTION OF INSECTICIDES 


The great majority of insecticides used today are nerve 
poisons. This is because insects have highly developed 
nervous systems and, furthermore, many of their sensory 
receptors are exposed to the atmosphere outside the insect 
body. The insect nervous system relies on several key functions 
that have been exploited as the targets of insecticides: the 
sodium channel, acetylcholinesterase, the y-aminobutyric 
acid (GABA) receptor, and the acetylcholine receptor. 

The sodium channel, which is the insecticidal target of 
DDT, pyrethroids, pyrethrins, and other minor classes of 
insecticides, lines the outer surface of the neurons and 
functions as the voltage-dependent sodium ion pore (i.e., the 
pore opens or closes depending on the change in voltage). 
Upon the arrival of stimuli, this pore allows the selective 
entry of sodium ions into the neuron for a brief moment and 
then abruptly shuts down the flow (this phenomenon is 
called “inactivation”). Thereafter, the sodium channel goes 
through an internal rearrangement to recover its original 
state. Such an action causes a brief local equalization of 
sodium ions between the outside and the inside of the 
neuron (depolarization), and this change is sensed as a local 
signal for excitation by the affected neuron. These 
insecticides delay the shutdown process and furthermore 
delay the recovery process, resulting in a prolongation of the 
period of excitation. Insects thus affected continue in a state 
of hyperexcitation, leading to exhaustion and, at high doses 
of the insecticide, death. 

The next important insecticidal target is acetyl- 
cholinesterase, which is attacked by organophosphorus and 
carbamate insecticides. This enzyme, by inducing hydrolysis, 
inactivates the interneuron nerve transmitter acetylcholine. 
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This excitatory transmitter is released upon the arrival of a 
signal from the distal end of one neuron, travels across the 
intercellular gap, arrives at the frontal end of the second 
neuron, and reacts with its specific acetylcholine receptor on 
the surface that sends the signal of excitation to the second 
neuron. It is important to stress here that such a successful 
signal transmission must be followed with an abrupt 
termination of the action of the transmitter; this allows for the 
second neuron to recover quickly enough and thereby stay 
ready for the next message, maintaining the normal function 
of the message-transmitting neuron. This termination action is 
mainly carried out by acetylcholinesterase, which eliminates 
acetylcholine from the vicinity of the acetylcholine receptor 
of the second neuron. All organophosphorus and. carbamate 
insecticides, or their active metabolites, show potent inhibitory 
actions on acetylcholinesterase of insects as well as other 
animals. The insects affected by these chemicals show overt 
signs of excitation, exhaustion and, at sufficient doses, death. 

The acetylcholine receptor also can be deactivated to cause 
the same type of hyperexcitation. Indeed, nicotinoids (which 
include naturally occurring nicotine analogues and their 
modern derivatives, sometimes called “neonicotinoids”), 
such as imidacloprid, are known to directly activate the 
acetylcholine receptor, just like acetylcholine. Nicotine’s 
excitatory action is well known. Neonicotinoid derivatives 
readily penetrate the insect’s body and nerve sheath, arriving 
at critical sites of neurons, and persisting there long enough 
to exert a powerful excitant effect. 

The GABA receptor, in contrast, acts as the receiver for the 
inhibitory transmitter, GABA. That is, unlike acetylcholine, 
it is not an excitatory transmitter. The signal generated by 
this GABA-GABA receptor interaction is converted to the 
opening of chloride channels, which upon the arrival of the 
signal permit CI ions to come into the signal receiving cells 
(either neurons or muscle cells), to make them nonresponsive 
to excitation stimuli. Those insecticides—chlorinated 
hydrocarbon insecticides, cyclodienes (such as Y-HCH, 
dieldrin, endosulfan, toxaphene), and more modern 
insecticides (such as fipronil)—render the chloride channel 
inoperative so that chloride ions cannot come into the cells. 
Cells thus affected fail to receive the inhibitory signal of 
GABA and therefore cannot counterbalance any excitatory 
forces. One group of insecticides, avermectin analogues, keep 
the chloride channel stuck in the open position, an action 
opposite from that of the excitation-inducing insecticides. 
These compounds induce long-lasting inhibition of 
excitation in insects. Insects thus affected by avermectin 
analogues show diminished activities, nonresponse to 
stimuli, and slow death through paralysis. 

Certainly there are other mechanisms by which normal 
functions of insects may be affected. The main ones are as 
follows: 


1. Mitochondrial poisons, such as rotenone, which causes 
respiratory failure. 
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2. Inhibitors of cuticle formation, via the action of dimilin, 
including the rest of the diflubenzyron derivatives, which cause 
difficulty with molting and maintaining protective shields. 

3. Insect hormone mimics such as juvenile hormone ana- 
logues that keep affected insects as immature forms (this method 
is effective against insects that cause damage only as adults, 
e.g., mosquitoes). Another group is ecdysone analogues, which 
affect insect development, including molting. 

4. B. thuringiensis toxins, which mainly affect the 
potassium channel in insect digestive systems. 

5. Formamidine analogues, such as chlordimeform, 
which mimics octopamine, a naturally occurring transmitter/ 
hormone, by acting on its receptor. Octopamine is used by 
insects and mites to control their behavior (among many of 
its actions), and therefore chlordimeform analogues are 
known to modify many behavioral patterns of insects and 
mites, and thereby protect crops from those pests. 


INSECTICIDE RESISTANCE 


In 1958 A. W. A. Brown's landmark publication, /nsecticide 
Resistance in Arthropods, established the principle that insects 
as well as other related invertebrates are capable of developing 
resistance to insecticides through natural selection. The 
probability of the development of resistance largely depends 
on (1) the frequency of the resistance-conferring gene in the 
given population, (2) the level of selection pressure, (3) the 
degree to which resistant gene density is diluted by 
susceptible genes through influx of individuals from 
untreated areas, and (4) the stability of the resistance gene in 
the given population. In some cases, once established, 
resistance genes may persist in the same locality for many 
years. A good example may be the pyrethroid resistance of 
the moth Helicoverpa armigera, in Australia. 

How insects develop resistance to insecticides is a topic 
that has fascinated many entomologists. Basically, there are 
two major ways through which insect pests acquire 
resistance: increased detoxification capabilities and alteration 
of the insecticide target sites (target sensitivity). The first type 
of resistance occurs more frequently than the second type, as 
well as all others. Detoxification of toxic insecticidal 
chemicals is carried out by specialized enzymes designed to 
handle all chemicals toxic to insects, not just insecticides. 
Insects, particularly those feeding on plants that produce 
naturally large amounts of toxic chemicals, have well- 
developed detoxification enzymes. There are three major 
types of detoxification enzymes: (1) broad-spectrum oxidases 
such as mixed function oxidases catalyzed by cytochrome 
P450, (2) hydrolases that break up esters, ethers, and 
epoxides, and (3) conjugation systems such as glutathione S- 
transferase, which are mediated to cover up the reactive part 
of the toxic chemical and further facilitate its removal. Every 
type of detoxification enzyme has been documented to play 
a role in the development of some form of resistance against 
various classes of insecticides. 


In determining which type of detoxification enzymes will 
become the key player in the development of resistance, the 
most important factor for consideration is the chemical 
properties of the insecticide. For instance, carbamates and 
pyrethrins are readily detoxified by mixed function oxidases; 
therefore, if resistance is reported against these insecticides, 
one must first look for increased activities of mixed function 
oxidases in the resistant insects. If higher activity levels are 
found, the resistance spectrum (i.e., cross-resistance of 
carbamate-resistant insects to other types of insecticide) is 
usually wide because mixed function oxidases are capable of 
detoxifying chemicals of many different types. In contrast, 
organophosphorus and pyrethroid insecticides are mainly 
degraded by hydrolases. Thus, the involvement of an 
increased hydrolytic enzyme activity may be suspected when 
insects develop resistance against these chemicals. 

A good example of this is malathion resistance. Malathion 
molecules contain two extra carboxylic acid ethyl ester parts. 
Malathion-resistant insects always show increased car- 
boxylesterase activity. Esterases of these types are not broad- 
spectrum enzymes, and therefore malathion resistance is 
usually specific (i.e., usually the insects resistant to malathion 
are not resistant to other insecticides). Insecticides with labile 
halogens, epoxides, methoxy unsaturation, and some aliphatic 
unsaturation may be degraded through these glutathione- 
mediated detoxification systems, and hence their elevated 
presence could be suspected to cause resistance. This scheme is, 
however, merely a rough guess about the possible mechanism 
of development of metabolic resistance. Indeed, unexpected 
and unique resistance mechanisms have been reported to 
occur in some combinations of insecticides and insects (e.g., 
DDT resistance in Drosophila). The recommended method 
of identification of the metabolic cause is to co-treat insects 
with the insecticide and specific inhibitors for each type of 
metabolic detoxification system, such as piperonyl butoxide 
for mixed function oxidase and DEF for esterases. 

In studies of mechanisms for target insensitivity resistance, 
mutations occurring in the sodium channel, the GABA 
receptor, and acetylcholinesterase have been found in insects 
resistant to DDT/pyrethroids, cyclodiene insecticides, and 
organophosphorus and carbamate insecticides, respectively. 
Those resistances are characterized by their specificity (low 
degrees of cross-resistance) and the general stability of 
resistance among insect populations in given localities. 


REGULATIONS OF INSECTICIDE USES 


Insecticides, like all other types of pesticide, are highly 
regulated by governments in all countries. In the United 
States, the main law governing the use of insecticides is the 
Federal Insecticide, Fungicide, and Rodenticide Act 
(FIFRA), which mandates registration with the U.S. 
Environmental Protection Agency of all insecticides used in 
the country. The initial data requirements for successful 
registration (so-called Tier 1) depend on the extensiveness of 


board vehicles, speed limits on vehicles, failure to heed signage/safety precautions at crossings, 
request for right-of-way at traffic lights for designated vehicles, green light optimal speed advisory, 
etc.). Other services, such as information on refuelling or recharging stations, vulnerable road user 
protection, managing street parking and traffic information, and smart guidance, could also prove 
useful. It is still not clear whether, to achieve this, vehicles will simply exchange information with 
each other or if connectivity with infrastructure will be required along the roads to optimise vehicles’ 
behaviour. In both instances, 5G could have a role to play. 


Of the many initiatives that are already underway we can begin with an example from France: the 
SCOOP@F” (cooperative intelligent transport systems) project coordinated by the Ministry of the 
Environment, Energy and the Sea, and which unites local authorities and R&D centres. Launched in 
February 2014, new partners subsequently joined the initiative, including Orange and Austrian, 
Spanish and Portuguese partners. As it is a European project, it receives 50% of its financing from the 
European Commission, and cross-tests are conducted with Austria, Spain and Portugal. SCOOP@F is a 
pilot rollout project for cooperative intelligent transport systems; it aims to deploy 3,000 vehicles on 
2,000 km of roadway spread across five locations: Ile-de-France, the A4 motorway, the Isére, and ring 
roads in Bordeaux and Brittany. Its main objectives are to improve road safety and the safety of 
roadway workers, achieve more efficient traffic management, reduce pollution, streamline 
infrastructure management costs and participate in defining the car of the future. 


In addition, in early 2017, mobile carrier Orange, equipment supplier Ericsson and car-maker PSA 
Group signed a partnership agreement”, as part of the “Towards 5G” initiative, to conduct technical 
trials relating to 5G. The aim of this alliance is to test the different paths of technological evolution 
from 4G to 5G to meet the needs of connected cars, notably in terms of intelligent transport systems 
(ITS), for safer driving and new on-board services. 


The third area concerns the emergence of autonomous vehicles. A number of projects are underway 
in this area. The first step is to outfit vehicles with algorithms that enable it to make decisions quickly 
based on their environment. This requires a large number of sensors to deliver a full “understanding” 
of what is happening around the vehicle. Without pre-judging the technologies that will ultimately be 
employed to achieve this, as with a human driver (see above), the car could take advantage of 
connections with other vehicles on the road and with an infrastructure, to have access to all of the 
aforementioned information. 


31,2 Industry 4.0 


Competitiveness does not depend solely on innovation and the evolution of products, but also on 
modernising businesses and their means of production. According to certain studies carried out in 
2015”, the digital transition in Europe will enable enterprises to increase their revenue by more than 
110 billion euros a year over a five-year period. 


A great many countries have set out a strategy for modernising their manufacturing infrastructure 
(industrie du futur in France*’, Industry 4.0 in Germany...) of which one aspect will involve digitising 
processes and trade. The European Commission itself introduced measures in 2016 for strengthening 


0 http://www.scoop.developpement-durable.gouv.fr/spip.php?page=sommaire 
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http://www.orange.com/fr/Press-Room/communiques-2017/Ericsson-Orange-et-le-groupe-PSA-partners-pour-la- 
voiture-connectee-en-5G 








PwC, “Industry 4.0: Opportunities and challenges of the industrial internet” (2015), and Boston Consulting Group, 
“Industry 4.0: The Future of Productivity and Growth in Manufacturing Industries” (2015) 


33 http://www.economie.gouv.fr/files/files/PDF/industrie-du-futur_dp.pdf 
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the projected use, the levels of acute toxicity of the agent 
contemplated, its effectiveness as an insect control agent 
(called “efficacy”), the intended modes of usage, and the 
availability of background knowledge, among other 
requirements. Occasionally, experimental use permits are 
given after this Tier 1 examination/process (e.g., for insect 
pheromones, which are already known to be almost nontoxic 
and are to be used only for a specific pest in small areas). 
Usually, however, registrants are required to go through a 
much more extensive and rigorous process of registration, 
data procurement, and evaluation. For example, extensive 
tests are required for acute, chronic (such as carcinogenicity 
tests), genetic, pathogenic, reproductive, hormonal, and 
immune toxicities along with the environmental behavior of 
chemicals and limited wildlife toxicities. Such registration 
processes, which must be completed before a new chemical 
pesticide can be sold in the United States, typically require 7 
to 10 years and roughly $100 million. 

Despite the thoroughness of the registration processes, 
occasionally problems come to the attention of the scientific 
community or the regulatory agencies. Sometimes, for 
example, old pesticides are registered despite the availability 
of extensive records of their actual use. This is partly the 
result of the relative ease of the registration process in the past 
and partly from the absence of the main registrant, who is 
not economically motivated to reregister the compound because 
the patents for those chemicals (and thereby the exclusive 
marketing right) have expired. The second type of problem is 
due to the failure of the regulatory agency/scientific commu- 
nity to address the special vulnerability of certain groups of 
human populations or ecosystems. Examples include the lack 
of toxicological data on infants and embryos, women, and 
the aged, and science’s incomplete understanding of the 
hormonal effects of pesticides on humans and wildlife. The 
third type of problem is caused mostly by unforeseen scien- 
tific or technological developments, or unfortunate circum- 
stances that are difficult to predict. The question of the safety 
of genetically modified crops and the assessment of strategies 
to study the recently discovered skin-hypersensitizing action 
of some pesticides serve as examples. 

A recent trend is to look at this issue from the consumer's 
side. A good example is the enactment of the Food Quality 
Protection Act (FQPA), which addresses the presence of 
pesticide residues and other toxic chemicals in food and 
drinking water. A key part of this regulation is the consid- 
eration of children’s health. Here, an extra safety factor of 
10x is demanded to accommodate the postulated extra 
vulnerability of embryos, infants, and developing children. 
This requirement is enforced unless registrants can provide 
actual safety data to demonstrate that the susceptibility of 
these groups to the hazardous effects of the compound is 
equal to or less than that of adults. 

In the end, the toxicological methods of evaluation, 
including overall risk assessment approaches, address the 
majority of health concerns. Future improvements are 


Insecticide and Acaricide Resistance 569 


needed, however, to deal with unresolved environmental and 


human health risks. 
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Insecticide and Acaricide 
Resistance 


Gregor J. Devine and Ian Denholm 
Rothamsted Research, U.K. 


| nsecticide resistance is an example of a dynamic evolution- 
ary process in which chance mutations conferring 
protection against insecticides are selected for in treated 
populations. This article reviews the origins and mechanisms 
of resistance, the factors that influence its severity, and the 
current options for combating its detrimental impact on 
agricultural productivity and human health. 


INTRODUCTION 


The genetic variation inherent in all populations is the con- 
sequence of random mutations within individuals, their 
recombination through meiosis, and the dispersal of genes 
between populations (gene flow). This variation is then shaped 
by the chance events of genetic drift and by the deterministic 
process of natural selection. The latter phenomenon elimi- 
nates alleles (gene variants) that reduce the fitness of an 
organism and preserve those that are neutral or that increase 
fitness. In eukaryotes, the phenotypic changes (adaptations) 
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FIGURE 1 Increase in the number of arthropod species reported to resist 
insecticides over time, in total, and in response to the four most widely used 
classes of insecticide [Adapted with permission from Georghiou, G. P. 
(1990). Overview of insecticide resistance. Jn “Managing Resistance to 
Agrochemicals” (M. D. Green, H. M. Le Baron, and W. K. Moberg, eds.), 
pp. 18-14. ACS Symposium Series 421. Copyright (1990) American 
Chemical Society, Washington, DC.] 


that result from this process are seldom visible over a human 
lifetime. The development of pesticide resistance by 
arthropods, however, is a spectacular exception to the rule. 

Since the 1940s, synthetic insecticides have been used on 
an increasing scale to control the insects and mites that cause 
immense crop losses and pose major threats to public and 
animal health. However, because many of the target species 
have evolved resistance, some of these chemical control 
programs are failing. At the current time, more than 500 
arthropod. species have evolved resistance to at least one 
pesticide, and a few populations of some of those species are 
now resistant to all, or almost all, of the available products 
(Fig. 1). 

The evolution of insecticide resistance has undoubtedly 
contributed to overall increases in the application of 
chemicals to crops. About 500,000 metric tons of insecticide 
is now applied each year in the United States alone, with 
obvious implications for both human health and the 
environment. Yet resistant insects continue to affect our 
agricultural productivity and our ability to combat vectors of 
disease. As a result, insecticide resistance imposes a huge 
economic burden on much of the world (in the United States 
alone, annual losses in crop and forest productivity have been 
estimated at $1.4 billion). Moreover, it is proving impossible 
to combat resistance by embarking on a chemical arms race. 
The development of a new insecticide takes 8 to 10 years at 
a cost of $20 to 40 million, and the rate of discovery of new 
insecticidal molecules, unaffected by current resistance 
mechanisms, seems to be on the wane. 

Within just a few years of the registration of some of these 
new molecules, resistant insect populations have evolved. 


DIAGNOSIS OF RESISTANCE 


Although a large number of laboratory bioassay methods 
have been developed for detecting and characterizing 
resistance, most of these are limited to defining phenotypes 
and provide little or no information on the underlying genes 
or mechanisms. Thus, although bioassays remain the 
indispensable mainstay of most large-scale resistance 
monitoring programs, much attention is being paid to 
developing more incisive techniques that not only offer 
greater precision and turnover rates, but also diagnose the 
type of mechanism(s) present and, whenever possible, the 
genotypes of resistant insects. A variety of approaches are 
being adopted for this purpose, including electrophoretic or 
immunological detection of resistance-causing enzymes, 
kinetic and end-point assays for quantifying the activity of 
enzymes or their inhibition by insecticides, and DNA-based 
diagnostics for mutant resistance alleles. 

The sensitivity of these techniques is exemplified by work 
on the green peach aphid, Myzus persicae. In northern Europe, 
this insect possesses three coexisting resistance mechanisms: 
an overproduced carboxylesterase conferring resistance to 
organophosphates, an altered acetylcholinesterase conferring 
resistance to certain carbamates, and target-site resistance (i.e., 
knockdown resistance, kdr) to pyrethroids. These mechanisms 
collectively confer strong resistance in this species to virtually 
all available aphicides. Fortunately, it is now possible to 
diagnose all three mechanisms in individual aphids by using 
an immunoassay for the overproduced esterase, a kinetic 
microplate assay for the mutant AChE, and a molecular diag- 
nostic for the kdr allele. The combined use of these techniques 
against field populations provides up-to-date information on 
the incidence of the mechanisms and serves to inform growers 
of potential control problems and in the development of 
optimal strategies for the management of M. persicae. 


EXTENT OF RESISTANCE 


In some insects, resistance extends only to a few closely related 
compounds in a single chemical class. It may be very weak or 
restricted to a small part of the insects’ geographical range. At 
the other extreme, some widespread pests, such as anopheline 
mosquitoes (e.g., Anopheles gambiae), the diamondback moth 
(Plutella xylostella), the Colorado potato beetle (Leptinotarsa 
decemlineata), and the sweet potato whitefly (Bemisia tabaci) 
now resist most or all of the insecticides available for their con- 
trol. The most extensively used insecticide classes—organochlo- 
rines, organophosphates, carbamates, and pyrethroids—have 
generally been the most seriously compromised by resistance, 
and many principles relating to the origin and evolution of 
resistance can be demonstrated solely by reference to these fast- 
acting neurotoxins. In recent years, however, there has also been 
a worrying increase in resistance to more novel insecticides. 
These include compounds attacking the developmental path- 
ways of arthropods (e.g., benzoylphenylureas), their respiratory 


processes [e.g., mitochondrial electron transport inhibiting 
(METI) acaricides], their digestive systems [e.g., Bacillus 
thuringiensis (Bt) endotoxins], and pathways associated with 
the regulation of their nervous processes (e.g., neonicotinoids). 


ORIGINS AND BREADTH OF RESISTANCE 


Insecticides are not considered to be mutagenic at their field 
application rates and are, therefore, not the causative agents 
of insecticide resistance. Rather they act to select favorable 
mutations inherent in the population to which they are 
applied. Some attempts to estimate the rates at which resistant 
mutations occur have been made. The treatment of blow flies 
(Lucilia cuprina) with a chemical mutagen resulted in the 
production of dieldrin-resistant target-site mutations in less 
than one per million individuals. Other studies, however, have 
found the incidence of resistant mutations to be worryingly 
high. A recessive allele conferring resistance to Bt toxins in 
unselected populations of the tobacco budworm, Heliothis 
virescens, was estimated to be present in about one in every 
thousand individuals in some areas of North America. Sixteen 
in every hundred insects were found to carry a Bt-resistant 
allele in unselected populations of the pink bollworm, 
Pectinophora gossypiella, in Arizonan cotton fields. Despite 
this, Bt cotton remains effective in the control of these 
species, suggesting that such estimates need to be interpreted 
carefully. Less empirical measures of mutation rates are 
extremely variable (10~ to 107'°), but they will undoubtedly 
be dependent on the resistance mechanism involved. 
Resistant mutations seldom confer protection to just a 
single toxin. Most commonly, they exhibit differing levels of 
resistance to a range of related and unrelated insecticides. In 
its strictest sense, the term cross-resistance refers to the ability 
of a single mechanism to confer resistance to several insec- 
ticides simultaneously. A more complex situation is that of 
multiple resistance, reflecting the coexistence of two or more 
resistance mechanisms, each with its own specific cross- 
resistance characteristics. Disentangling cross-resistance from 
multiple resistance, even at the phenotypic level, is one of the 
most challenging aspects of resistance research. 
Cross-resistance patterns are inherently difficult to predict 
in advance, because mechanisms based on both increased 
detoxification and altered target sites can differ substantially in 
their specificity. The most commonly encountered patterns of 
cross-resistance tend to be limited to compounds in the same 
chemical class (equivalent to the term “side-resistance” as 
used by parasitologists). However, even these patterns can be 
very idiosyncratic. For example, organophosphate resistance 
based on increased detoxification or target-site alteration can 
be broad ranging across this group or highly specific to a few 
chemicals with particular structural similarities. The breadth 
of target-site resistance to pyrethroids in houseflies is also 
dependent on the resistance allele present. The Adr allele itself 
affects almost all compounds in this class to a similar extent 
(~ 10-fold resistance), whereas resistance due to the more 
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potent super-kdr allele is highly dependent on the alcohol 
moiety of pyrethroid molecules, ranging from about 10-fold 
to virtual immunity. Cross-resistance between insecticide 
classes is even harder to anticipate, especially for broad- 
spectrum detoxification systems whose specificity depends 
not on insecticides having the same mode of action, but on 
the occurrence of common structural features that bind with 
detoxifying enzymes. 

Empirical approaches for distinguishing between cross- 
resistance and multiple resistance include repeated back- 
crossing of resistant populations to fully susceptible ones, to 
establish whether resistance to two chemicals cosegregates 
consistently, and reciprocal selection experiments, whereby 
populations selected for resistance to one chemical are 
examined for a correlated change in response to another. If 
available, biochemical or molecular diagnostics for specific 
resistance genes can assist considerably with tracking the 
outcome of genetic crosses or with assigning cross-resistance 
patterns to particular mechanisms. 


MECHANISMS OF RESISTANCE AND 
THEIR HOMOLOGY 


Depending on the mechanism involved, resistance has been 
shown to arise through structural alterations of genes encoding 
target-site proteins or detoxifying enzymes, or through processes 
affecting gene expression (e.g., amplification or altered tran- 
scription). Examples of the former include the following. 


e Enhanced metabolism of insecticides by cytochrome P45 
monoxygenases can potentially confer resistance to most chem- 
ical classes. Much of the evidence for this mechanism is indirect, 
based on the ability of monoxygenase inhibitors to reduce the 
magnitude of resistance when used in combination with 
insecticides in bioassays. 

e Enhanced activity of glutathione S-transferases (GSTs) 
is considered to be potentially important in resistance to 
some classes of insecticide, including organophosphates. Like 
monoxygenases, GSTs, exist in numerous molecular forms 
with distinct properties, making correlations of enzyme activity 
with resistance very challenging and often ambiguous. 

e Enhanced hydrolysis or sequestration by esterases (e.g., 
carboxylesterases) capable of binding to and cleaving 
carboxylester and phosphotriester bonds undoubtedly plays 
an important role in resistance to organophosphates and 
pyrethroids. Biochemically, this is the best-characterized 
detoxification mechanism. Sometimes (e.g., for mosquitoes, 
blowflies, and M. persicae) the esterases have been identified 
and. sequenced at the molecular level. Resistance caused by 
increased esterase activity can arise through a qualitative 
change in an enzyme, improving its hydrolytic capacity, or (as 
in mosquitoes and aphids) a quantitative change in the titer of 
a particular enzyme that already exists in susceptible insects. 


The following examples appear to show that although 
some adaptations to the environment are unpredictable (e.g., 
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the modifications of the forelimbs for flight are very different 
in birds, bats, and pterodactyls), the opportunities for insects 
to modify or reduce binding of insecticides, hence to develop 
target-site-based resistance mechanisms, are very limited 
indeed. It is conceivable that most of the mutations that 
confer such resistance do not allow the organism to retain 
normal functioning of the nervous system. 


e Pyrethroids act primarily by binding to and blocking the 
voltage-gated sodium channel of nerve membranes. 
Knockdown resistance, or insensitivity of this target site, is 
now unequivocally attributed to structural modifications in a 
sodium channel protein. The same amino acid substitution 
(leucine 1014 to phenylalanine) in a sodium channel protein 
confers a “basal” kdr phenotype in a range of species including 
house flies, cockroaches, the green peach aphid, the diamond- 
back moth, and a mosquito (A. gambiae). This phenotype 
may subsequently be enhanced (to “super-kdr” resistance) by 
further mutations that also recur between species. 

e GABA receptors are targets for several insecticide classes 
including cyclodienes (a subclass of the organochlorines), 
avermectins, and fipronils. The primary mechanism of 
resistance to cyclodienes and fipronils involves modification 
of a particular GABA receptor subunit, resulting in 
substantial target-site insensitivity to these insecticides. The 
target-site mechanism of cyclodiene resistance has been 
attributed to the same amino acid substitution (alanine 302 
to serine) in the GABA receptors of several species of diverse 
taxonomic origin including Drosophila, several beetles, a 
mosquito (Aedes aegypti), a whitefly (B. tabaci), and a 
cockroach (Blatella germanica). When susceptible individuals 
of the sheep blowfly (Z. cuprina) were exposed to the 
mutagen ethyl methanesulfonate (EMS), and their progeny 
screened for resistance to dieldrin (a cyclodiene), surviving 
insects exhibited an alanine-to-serine amino acid substitution 
in the GABA receptor identical to that found in nature. 

e Organophosphates and carbamates exert their toxicity 
by inhibiting the enzyme acetylcholinesterase (AChE), thereby 
impairing the transmission of nerve impulses across cholin- 
ergic synapses. Mutant forms of AChE showing reduced 
inhibition by these insecticides have been demonstrated in 
several insect and mite species. Biochemical and molecular 
analyses of insecticide-insensitive AChE have shown that pests 
may possess several different mutant forms of this enzyme 
with contrasting insensitivity profiles, thereby conferring dis- 
tinct patterns of resistance to these two insecticide classes. 


Some of these resistance mechanisms are illustrated 
schematically in Fig. 2. 


SPREAD OF RESISTANCE GENES 


The recurrence of specific resistance mutations within and 
between taxa begs another question: Have such mutations 
arisen repeatedly within the same species, or have they 
appeared on a limited number of occasions and subsequently 
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FIGURE 2 Schematic diagram of a nerve synapse showing examples of 
insecticide resistance mechanisms: (1) changes in the structure of the sodium 
channel confer kdr or super-kdr target-site resistance to pyrethroids; (2) 
modified AChE is no longer bound by organophosphates and remains 
available to break down acetylcholine molecules after neurotransmission 
across the synapse; (3) detoxifying enzymes degrade or sequester insecticides 
before they reach their targets in the nervous system. 


spread through migration and/or human agency? Although 
there is molecular evidence for some resistance genes having 
several independent origins in the same species (e.g., for 
target-site resistance to cyclodienes in the red flour beetle, 
Tribolium castaneum), other examples suggest that some 
mechanisms have arisen only once. 

Organophosphate resistance in the mosquito Culex 
pipiens is primarily conferred by allozymes at two closely 
linked loci (esterases A and B), coding for insecticide-detox- 
ifying carboxylesterases. Overproduced allozymes (resulting 
from amplification of A or B genes) tend to recur in geo- 
graphically disjunct areas. This situation could be explained 
by recurrent mutations generating each amplification event 
de novo, or by a nonrecurrent mutation that has spread within 
and between populations. Restriction mapping of DNA around 
the esterase genes suggest the latter, with large-scale gene flow 
attributable to passive migration of mosquitoes on ships and/or 
airplanes. A new resistance allele in southern France is known 
to have originated in the vicinity of the international airport 
and seaport at Marseilles. 

Resistance to organophosphates in the aphid M. persicae, 
is also attributable to the amplification of a gene encoding an 
insecticide-detoxifying carboxylesterase. Despite the often 
widespread dispersion of these amplified genes in the aphid 
genome, restriction analyses have indicated that all copies are 
in the same immediate genetic background. This suggests 
that amplification occurred only once, whereupon the 
amplified DNA was moved intact around the genome 
through chromosomal rearrangements. 


FACTORS AFFECTING THE EVOLUTION 
OF RESISTANCE 


As an evolutionary trait, insecticide resistance is unusual in 
that we can identify the main selection pressure with ease, 
but the rate at which resistance develops is governed by 
numerous biotic and abiotic factors. These include the 
genetics and ecology of the pests and their resistance 
mechanisms, and the operational factors that relate to the 
chemical itself and to its application. To manage resistance 
effectively, an assessment of genetic, ecological, and 
operational risk is required. Although this can be done 
empirically on a species-by-species basis, one of the great 
challenges of the future is to understand why some species 
seem to have a greater tendency to become resistant than 
others. 


Genetic Influences 


To predict how quickly resistance will become established, it 
is necessary to understand how resistant alleles affect the 
survival of phenotypes in the field. For example, the 
dominance of resistance genes exerts a major influence on 
selection rates. In laboratory bioassays evaluating the relative 
survival of susceptible homozygotes (SS), heterozygotes (RS), 
and resistance homozygotes (RR) over several insecticide 
concentrations, RS individuals usually respond in an 
intermediate manner. In the field, however, dominance is 
dependent on the concentration of insecticide applied and its 
uniformity over space and time. Even when the initial 
concentration is sufficient to kill RS individuals (rendering 
resistance effectively recessive), upon weathering or decay of 
residues, this genotype may later show increased survival, 
with resistance becoming functionally dominant in 
expression. When resistance genes are still rare, hence mainly 
present in heterozygous condition, this sequence can have a 
profound effect in accelerating the selection of resistance 
genes to economically damaging frequencies. 

The diverse mating systems of insects also influence the 
rate at which resistance evolves. Although most research has 
focused on outcrossing diploid species (typified by members 
of the Lepidoptera, Coleoptera, and Diptera), systems based 
on haplodiploidy and parthenogenesis also occur among key 
agricultural pests. In haplodiploid systems, males are usually 
produced uniparentally from unfertilized, haploid eggs, and 
females are produced biparentally from fertilized, diploid 
eggs. The primary consequence of this arrangement 
(exemplified by whiteflies, spider mites, and phytophagous 
thrips) is that resistance genes are exposed to selection from 
the outset in the hemizygous males, irrespective of intrinsic 
dominance or recessiveness. Whether a resistance gene is 
dominant, semidominant, or recessive, resistance can develop 
at a similar rate. 

Most species of aphid undergo periods of parthenogenesis 
(in which eggs develop and give rise to live offspring in the 
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absence of a paternal genetic contribution) promoting the 
selection of clones with the highest levels of resistance and/or 
the most damaging combination of resistance mechanisms. 
In fully anholocyclic (asexual) populations, such as those of 
M. persicae in northern Europe, the influence of partheno- 
genesis has led to strong and persistent associations between 
resistance mechanisms within clonal lineages. 


Ecological Influences 


Fecundity and generation times have a huge bearing on the 
evolution of resistance in a population. The greater the 
number of individuals, and the faster they reproduce and 
attain maturity, the higher the likelihood that a favorable 
mutation will occur, and be maintained in the population. 
Faster growth and higher population numbers will also have 
an effect on the size of a pest population, and therefore the 
need for insecticide treatment. 

The dispersal capabilities of pests can also act as primary 
determinants of resistance development. Movement of pests 
between untreated and treated parts of their range may delay 
the evolution of resistance because of the diluting effect of 
susceptible immigrants. Conversely, large-scale movement 
can also accelerate the spread of resistance by transferring 
resistance alleles between localities. A good example relates to 
the two major bollworm species (Lepidoptera: Noctuidae) 
attacking cotton in Australia. Only the cotton bollworm 
Helicoverpa armigera, has developed strong resistance. 
H.. punctigera, despite being an equally important cotton 
pest, has remained susceptible to all insecticide classes. The 
most likely explanation is that H. punctigera occurs in greater 
abundance on a larger range of unsprayed hosts than 
H. armigera, thereby maintaining a large pool of unselected, 
susceptible individuals, which dilute resistant mutations 
arising on treated crops. 


Operational Influences 


Operational factors are at human discretion and can be 
manipulated to influence selection rates. Factors exerting a 
major influence in this respect include the rate, method, and 
frequency of applications, their biological persistence, and 
whether insecticides are used singly or as mixtures of active 
ingredients. 

Equating operational factors with selection is often diffi- 
cult, since without detailed knowledge of the mechanisms 
present it is impossible to test many of the assumptions on 
which genetic models of resistance are based. If resistance 
alleles are present, the only entirely nonselecting insecticide 
doses will be ones sufficiently high to overpower all indi- 
viduals, regardless of their genetic composition, or ones so 
low that they kill no insects at all. The latter is obviously a 
trivial option. Prospects of achieving the former depend 
critically on the potency and dominance of resistance genes 
present. A pragmatic solution to this dilemma is to set 
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application doses as far above the tolerance range of 
homozygous, susceptible individuals as economic and 
environmental constraints permit, in the hope that any 
heterozygotes that do arise will be effectively controlled. 
However, this approach will obviously be ineffective if 
resistance turns out to be more common than suspected 
(resulting in the presence of homozygous resistant 
individuals) or if resistance alleles exhibit an unexpectedly 
high degree of dominance (and heterozygotes are therefore 
phenotypically resistant). Unless a high proportion of insects 
escape exposure altogether, the consequence could then be 
very rapid and effective selection for homozygous resistant 
populations. 

In practice, concerns about optimizing dose rates to avoid 
resistance are secondary to those related to the application 
process itself. Delivery systems and/or habitats promoting 
uneven or inadequate coverage will generally be more prone 
to select for resistance, because, under these circumstances, 
pests are likely to encounter suboptimal doses of toxins that 
will permit survival of heterozygous individuals. 

The timing of insecticide applications relative to the life 
cycle of a pest can also be an important determinant of 
resistance. A good example of this is found in the selection of 
pyrethroid resistance in H. armigera in Australia. On cotton 
foliage freshly treated with the recommended field dose, 
pyrethroids killed larvae up to 3 to 4 days old irrespective of 
whether they were resistant by laboratory criteria. Since the 
sensitivity to pyrethroids of larvae of all genotypes was found 
to decline with increasing larval size, the greatest 
discrimination between susceptible and resistant phenotypes 
occurred when larvae achieved a threshold age. Targeting of 
insecticides against newly hatched larvae, as is generally 
advocated for bollworm control, not only increases the 
likelihood of contacting larvae at the most exposed stage in 
their development but also offers the greatest prospect of 
retarding resistance by overpowering its expression. It may 
also have the effect of reducing genetic variation and 
therefore the potential number of resistant mutations. 
Indeed, it is also possible to impose genetic “bottlenecks” by 
applying pesticides when populations are already low (e.g, 
when they are overwintering). Although such a tactic might 
be beneficial where populations are fully susceptible, if 
resistant mutations are already present, it might act to 
increase their frequency. 

In theory, the application of two or more unrelated 
chemicals as insecticide mixtures offers substantial benefits 
for delaying the selection of resistance. The underlying 
principle is one of “redundant killing,” whereby any 
individuals already resistant to one insecticide are killed by 
simultaneous exposure to another, and vice versa. However, 
achieving this objective requires that each type of resistance 
be rare and that both ingredients persist throughout the 
effective life of an application. Otherwise, one compound 
will exert greater selection pressure than the other, and the 
advantage of applying a mixture will be lost. 


Fitness of Resistant Individuals 


In the absence of insecticidal selection pressure, resistance 
genes can impose fitness costs on their carriers. Sometimes 
these costs are quite subtle and difficult to determine. In M. 
persicae, resistant individuals are less inclined to move from 
senescing to younger leaves and are therefore more vulnerable 
to isolation and starvation after leaf abscission. These costs 
appear to contribute to a decline in the frequency of resistant 
insects between cropping seasons. 


COMBATING INSECTICIDE RESISTANCE 


Insecticide resistance management (IRM) aims to intervene 
in the evolutionary process and either overcome resistance or 
prevent its appearance in the first place. There are several 
practical, economic, and political constraints on the choice of 
possible IRM tactics and the precision with which they can 
be applied: 


e The properties of any resistance genes present are often 
unknown, and knowledge of pest ecology may still be 
rudimentary. 

e It is often necessary to contend with a whole pest 
complex rather then just a single pest species. 

e There may be a very limited number of insecticides 
available for use in management strategies. 

e For highly mobile pests, at least, countermeasures may 
need to be standardized and synchronized over large areas, 
sometimes whole countries. 

e Resistance is a dynamic phenomenon; that is, any 
mechanisms already known to exist may change over time. 

e To promote compliance with management strategies, 
the tactics adopted should be as unambiguous, rational, and 
simple as possible. 


A strategy first implemented on Australian cotton in 1983 
against H. armigera illustrated many features of large-scale 
attempts at resistance management. Introduced in response to 
unexpected, but still localized, outbreaks of pyrethroid resist- 
ance in H. armigera, the strategy was based primarily on the 
concept of insecticide rotation. The threat of pyrethroid resist- 
ance was countered by restricting these chemicals to a maxi- 
mum of three sprays within a prescribed time period coincident 
with peak bollworm damage. To diversify the selection pres- 
sures being applied, farmers were required to use alternative 
insecticide classes at other stages of the cropping season. 

Initially, this strategy had the desired effect of preventing 
a systematic increase in the frequency of pyrethroid-resistant 
phenotypes. Additional recommendations, including the tar- 
geting of insecticides against newly hatched larvae (the most 
vulnerable life stage) and the plowing in of cotton stubble to 
destroy resistant pupae overwintering in the soil, undoubtedly 
contributed to this success. Unfortunately, the restrictions 
placed on pyrethroid use were insufficient to combat 
resistance in the long-term, and it has been necessary to 


revise the strategy to place greater emphasis on the strategic 
use of nonpyrethroids against this pest. 

Another strategy incorporating a wide range of chemical 
and nonchemical countermeasures was introduced on Israeli 
cotton in 1987. The primary objective was conservation of 
the effectiveness of insecticides against B. tabaci. Under 
recommendations coordinated by the Israeli Cotton Board, 
important new whitefly insecticides are restricted to a single 
application per season within an alternation strategy 
optimized to contend with the entire cotton pest complex 
and to exploit biological control agents to the greatest extent 
possible. One major achievement of this strategy has been a 
dramatic reduction in the number of insecticide applications 
against the whole range of cotton pests, but especially 
against B. tabaci. Sprays against whiteflies now average fewer 
than two per growing season compared with over 14 per 
season in 1986. Most importantly, the strategy has generated 
an ideal environment for releasing additional new insec- 
ticides onto cotton and for managing them effectively from 
the outset. 

An integral part of delaying or preventing the evolution of 
resistance is the preservation of the innate “susceptibility” of 
a pest species. This is arguably as valuable a genetic resource 
as those of the rice, wheat or apple “gene banks” that are so 
carefully tended in institutes around the globe. The most 
effective way to conserve susceptibility, based both on 
evolutionary models and on empirical evidence, is to ensure 
the presence of pesticide-free “refugia” in which susceptible 
genotypes may survive and reproduce. The inclusion of 
refugia as essential components of IRM strategies is a recent 
phenomenon, signaling that pest management is no longer 
simply about eradication, but is now at least partially focused 
on conservation. 


TRANSGENIC PLANTS 


A recent development in crop protection has been the release 
of crop plants genetically engineered to express genes for 
insecticidal toxins derived from the microbe B. thuringiensis. 
In 2001 the total area worldwide planted to Bt plants was 
estimated to exceed 12 million ha. Existing toxin genes in Bt 
cotton and corn are active specifically against certain key 
lepidopteran pests (especially bollworms and corn borers); 
another engineered into potatoes provides protection against 
the Colorado potato beetle. 

Aside from their commercial prospects, insect-tolerant 
transgenic crops offer numerous potential benefits to 
agriculture. By affording constitutive expression of toxins in 
plant tissues throughout a growing season, the incorporation 
of Bt genes into crops could reduce dramatically the use of 
conventional broad-spectrum insecticides against insect 
pests, as well as remove the dependence of pest control on 
extrinsic factors such as climate and on the efficiency of 
traditional application methods. However, this high and 
persistent level of expression also introduces a considerable 
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risk of pests adapting rapidly to resist genetically engineered 
toxins. To date, there are no substantiated reports of 
resistance selected directly by exposure to commercial 
transgenic crops, but resistance to conventional Bt sprays 
(selected in either the laboratory or the field) has been 
reported in more than a dozen insect species. Research into 
the causes and inheritance of such resistance is providing 
valuable insights into the threats facing Bt plants and the 
efficacy of possible countermeasures. 

Tactics proposed for sustaining the effectiveness of Bt 
plants have many parallels with those considered for 
managing resistance to conventional insecticides. However, 
they are more limited in scope because of the long persistence 
and constitutive expression of engineered toxins, and because 
of the limited diversity of transgenes currently available. 
Indeed, for existing “single-gene” plants, the only prudent 
and readily implementable tactic is to ensure that substantial 
numbers of pests survive in nontransgenic refugia. These can 
be incorporated into the crop itself, or or they may comprise 
alternative host plants. The success of this strategy is 
dependent on some key assumptions: (1) that resistant 
mutations are recessive or at least only partially dominant, so 
that their heterozygous forms can be controlled by the toxins 
expressed; (2) that refugia will produce enough susceptible 
insects to ensure that insects carrying resistant alleles do not 
meet and mate; and (3) that resistant alleles will carry a 
fitness cost, rendering insects less fit when the selection 
pressure is removed (e.g, outside the growing season when 
the insect is dependent on other crops). 

In the longer term, there are potentially more durable 
options for resistance management: stacking (or pyramiding) 
of two or more genes in the same cultivar, or possibly 
rotations of cultivars expressing different single toxins. 
Whatever measures are adopted, it is essential that plants 
expressing transgenes be exploited as components of 
multitactic strategies rather than as a panacea for resistance 
problems with conventional insecticides. 


RESISTANCE IN NONPEST SPECIES 


The ability of insect predators and parasitoids to develop 
pesticide resistance would be of enormous benefit to pest 
management strategies that are chemically dependent. 
Although pyrethroid and organophosphate resistance has 
been documented in predatory mites (e.g., Zyphlodromus pyri 
in orchards and Amblyseius womersleyi in tea fields) and 
hymenopterous parasitoids (e.g., Aphytis holoxanthus in 
orchards and Anisopteromalus calandrae in grain stores), 
reports of insecticide-resistant beneficial species from the 
field are far rarer than they are for pest species. Reporting bias 
aside, the most likely reasons for this are the difficulty in host 
location when both natural enemy and host are under 
selection pressure and, in comparison with herbivorous 
species, the possibility that the enzyme systems of predators 
and parasites are less well adapted to detoxify xenobiotics. 
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Resistance may, therefore, be more likely to develop if the 
hosts or prey are themselves resistant, thereby making their 
location easier. For example, a parasitic wasp (A. calandrae) of 
a stored-grain beetle (Sitophilus oryzae) is resistant to 
insecticides, and it is thought that this adaptation has been 
encouraged because the host organism is sheltered from 
insecticides by the grain kernels it inhabits. 

Many attempts have been made to select resistance in 
beneficial species in the laboratory, but limitations on the size 
of the populations (and hence their genetic variability) that 
can be maintained under these conditions means that resistance 
tends to arise through the development of polygenic traits. 
Once released into natural populations, these are more likely 
to fragment and dissipate than rarer, but generally more 
robust, single mutations. 

In general, when resistance does occur in nonpest species, 
its mechanisms are similar to those exhibited by pest species. 
Organophosphate resistance in strains of A. calandrae has 
been linked to the presence of carboxylesterase-like enzymes 
similar to those conferring organophosphate resistance to the 
M. persicae. The expression level of the carboxylesterase-like 
enzyme in this wasp is approximately 30-fold higher in the 
resistant strain relative to that in the susceptible strain, and 
the mechanism seems to have its basis in a single nucleotide 
replacement. Organophosphate resistance in strains of the 
warehouse pirate bug (Xylocoris flavipes) has also been linked 
to the presence of a carboxylesterase. Resistance to this 
chemical group in the lacewing, Chrysopa scelestes, has been 
attributed to increased AChE activity. 


CONCLUDING REMARKS 


Research on the topic of insecticide resistance has provided 
invaluable insights into the origin and nature of adaptations, 
and these are proving to have broad significance for under- 
standing genetic responses to change in the environment. In 
many respects the continuing battle against resistance is as 
good an example of coevolution as any and is a clear 
illustration of how such processes generate biological 
diversity. In this instance, however, the diversity being 
created is undesirable from a human standpoint and, because 
of the threat posed to susceptible genotypes, probably 
temporary. 

It is important to note that the pest management 
problems posed by the evolution of resistance are not unique 
to control strategies that use conventional insecticides. The 
utilization of host plant resistance is a case in point. 
Resistance to insects in crop plants is selected by screening 
for genes that provide resistance in the laboratory or in field 
plots, then crossing those genes into crop strains with other 
desirable characteristics. At least six major genes for resistance 
to the Hessian fly (Mayetiola destructor) have been 
successively bred into wheat over the past two decades. In 
each instance, the introductions of new resistant mutations 
in the plant were rendered useless by the evolution of 


corresponding protective adaptations in the fly. Another 
example of such coevolution comes from the use of 
semiochemical tools for pest control. In many parts of Asia, 
a synthetic pheromone is used to disrupt mating in the tea 
tortrix moth (Adoxophyes honmai), the larvae of which can 
cause severe damage in tea plantations. Researchers in Japan 
have recently reported the evolution of a new biotype of this 
species that exhibits reduced sensitivity to the pheromone. 
Such events make it clear that regardless of whether the major 
strategies for pest management continue to use conventional 
chemicals, the “arms race” between insect evolution and 
human ingenuity will continue to present major challenges. 
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Insectivorous Plants 


Lewis J. Feldman 
University of California, Berkeley 


he term “insectivorous” was used by Charles Darwin to 

characterize a group of plants that seemed to trap and feed 
on insects. Since Darwin's time, observations have revealed 
that these plants capture and interact with a greater variety of 
animals, which can include spiders, lizards, sow bugs, tadpoles, 
and frogs, and judging from some reports, even mammals such 
as rats and rabbits. Hence, because of this varied diet, many 
workers now prefer to describe such plants as carnivorous, 
rather than solely insectivorous. Yet the interactions between 
carnivorous plants and animals go beyond the presence of 
certain creatures as items on a plant’s menu. While it is true 
that the most spectacular and usually the most obvious 
activities of carnivorous plants seem to be in the often 
elaborate mechanisms for capture and digestion of prey, many 
other (often more subtle) associations, occur between these 
plants and animals. Researchers are just at the beginnings of 
learning about these other fascinating interactions. 


THE CARNIVOROUS HABIT 


Plant carnivory is a rarity, occurring in only about 550 out of 
approximately 250,000 plant species. The carnivorous habit 
is not obligate, and carnivorous plants can grow without an 
insect meal, depending instead on photosynthesis and 
minerals supplied from the soil. In general, carnivorous 
plants grow in sunny areas, and in mineral-deficient, 
sometimes sandy soils. Often these soils have standing or 
gently moving water, with any dissolved minerals from the 
soil being easily carried away by the flowing water. The 
carnivorous plant habitat is typically low in nitrogen and 
phosphorus and, some reports suggest, in potassium as well. 
In this sort of habitat, plants that have alternative strategies 
for obtaining essential minerals are at a competitive 
advantage. The capture of insects and other animals thus 
provides carnivorous plants with a supplemental source of 
essential nutrients. 

The carnivorous habit depends on an ability to trap prey. 
In the vast majority of carnivorous plants, the trap represents 
a modification of the entire leaf or of structures borne on the 
leaf. Given this rather straightforward requirement of a trap, 
it should be easy enough to characterize a plant as 
carnivorous, or not. However, the picture is not so simple: 
many plants can trap insects yet are not considered to be 
carnivorous. What truly distinguishes a plant as carnivorous 
is not only a trapping ability, but also a mechanism to digest 
prey and to absorb the prey’s nutrients. 

Digestion implies an ability of the plants to break down 
the trapped prey into its component chemicals, to be able to 
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absorb them as nutrients. It is the specifics of this digestion 
that have caused some controversy. Some workers consider a 
plant to be carnivorous only if it has an inherent ability to 
digest prey—that is, if the plant itself produces enzymes to 
break down the insect. Other plants, sometimes considered 
to be semicarnivorous, are able to trap prey but depend on 
the assistance of other organisms, usually, but not always, 
microbes, to digest the captured insects. However, for this 
short article, a plant is considered to be carnivorous if it traps 
and has a means, of its own making or not, for digesting prey. 

The trap of a carnivorous plant is a true marvel, designed 
to attract, capture, digest, and then absorb nutrients from the 
prey. Traps can be grouped by whether they are “passive,” 
with no or slowly moving “parts,” often relying on gravity to 
aid in capture of the insect, or “active,” exhibiting some sort 
of usually rapid movement. Perhaps the most familiar 
examples of passive traps are the sundews (Drosera) and the 
pitcher plants (Sarracenia and Darlingtonia in temperate 
climes, and Nepenthes in the tropics). 


PASSIVE TRAPS 


The sundews capture their prey by producing from stalked 
glands an adhesive, or glue (the drop of “dew”), which 
captures and holds fast the insect. As the prey struggles, it is 
covered with the sticky mucilage, and as a consequence, 
suffocates. The stalked glands then bend in toward the prey; 
in some species, the entire leaf enfolds the prey. A second 
type of gland on the leaf secretes digestive enzymes and acids, 
initiating the breakdown and subsequent absorption of 
nutrients. Darwin was so enthralled with the sundews that 
about two-thirds on his book Insectivorous Plants is devoted 
to this group. He notes his surprise at “finding how large a 
number of insects were caught by the leaves of the common 
sundew,” and speculates that “as this plant is extremely 
common in some districts, the number of insects thus 
annually slaughtered must be prodigious.” 

A fascinating variation on the carnivorous plant passive 
trap theme is shown by plants that comprise the genus 
Roridula. These plants, considered by some workers not to be 
truly carnivorous, are native to South Africa and may be near 
extinction. Individuals in this group have leaves covered with 
stalked mucilage-secreting glands, which as in the sundews, 
capture and hold fast insects. This is where the carnivorous 
story would end, were it not for another player, an assassin 
bug (Heteroptera: Reduviidae). Large numbers of these 
capsid bugs may inhabit Roridula and are able to traverse the 
leaves without themselves being ensnared by the glue. When 
other insects are captured by the plant, the assassin bugs 
move to the trapped prey, suck out their liquid contents, and, 
some time afterward, secrete a nutritious substance that is 
absorbed by the leaf and nourishes the plant. 

The second major group of plants having passive traps are 
the pitcher plants. In this group the leaf becomes variously 
modified, often into a tube, and develops at the base of the 
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FIGURE 1 Habit view of the California pitcher plant (Darlingtonia 
californica) growing in a bog in northern California. The leaf is divided into 
a hood region and tube region. Digestion occurs in a well of water at the base 


of the tube. 


tube a well that must fill with water for the pitcher to 
function as a trap. The temperate species of pitcher plants 
(Darlingtonia in the western United States and Sarracenia in 
eastern North America) (Figs. 1 and 2) are usually terrestrial. 
In these plants the leaf lures flying insects by producing 
nectar that sometimes covers colorful appendages. Crawling 





FIGURE 2 Eastern pitcher plant (Sarracenia purpurea) from Ohio. In this 
species a hood is absent. 


insects follow nectar trails running along the outside of the 
leaf. The nectar trails lead to the mouth of the tube, where 
the surface is smooth and slippery and from which the insect 
can easily lose its foothold, thus falling into the watery well. 
Escape from the well is almost impossible, since the inside 
wall of the tube-leaf is lined with downward-pointing hairs. 
One would think that flying insects could fly out if they 
started to fall. To counter this possibility, pitcher plants such 
as Darlingtonia have developed a hooded leaf, transparent 
and sealed at its top. When an insect tries to leave the leaf, it 
flies toward light coming through the transparent upper 
portion of the hood. Since, however, the exit is sealed, 
eventually the insect becomes so exhausted that it falls into 
the well. There is some suggestion that pitcher plants may 
produce a “drug” to confuse the flying insect, and fluids in 
the well may contain substances that stun and quiet the fallen 
insect. In addition to nectar serving as an attractant, the 
possible development of ultraviolet signaling, as employed by 
flowers to attract pollinators, may also serve to lure insects to 
the trap. Many temperate pitcher plants secrete hydrolytic 
enzymes into the liquid in the well, thereby digesting the 
insect, whereas other pitcher plants (e.g., Darlingtonia) 
produce none of their own digestive enzymes but instead rely 
on bacteria to decay the insect. In either model, the digestive 
enzymes can be quite powerful, with only the hardest parts of 
insects, such as legs or shells, remaining undigested. 

The tropical pitcher plants belong to the genus Nepenthes, 
so named by Linnaeus after the drug “nepenthe,” which 
Helen of Troy was said to have dispensed in drink to soldiers 
to “relieve their sorrow and grief.” In giving this name, Linnaeus 
noted, “What botanist would not be filled with admiration 
if, after a long journey, he should find this wonderful plant. 
In his astonishment, past ills would be forgotten when 
beholding the admirable work of the creator!” In Nepenthes, 
the pitcher develops at the end of a leaflike petiole. Indeed, 
the complexity and variety of pitchers in Nepenthes strains 
one’s credulity, for it is hard to believe that what one is 
looking at is a leaf. Like their temperate cousins, Nepenthes 
spp. produce nectar to lure prey, which subsequently become 
intoxicated, lose their foothold, and fall into the trap. 
Nepenthes spp. generally produce climbing stems, thus 
elevating the pitchers, and perhaps thereby making them 
more accessible to potential prey. 

Species of Nepenthes, and likely all carnivorous plants, do 
not seem to be designed to trap one particular species. An 
inventory of the traps shows that their diets are ever- 
changing and can be quite varied. For example, from 10 
Nepenthes pitchers over a season, Erber found arthropods of 
150 identified species, belonging principally to the orders 
Diptera, Hymenoptera, and Collembola, and the families 
Fromicidae, Aphididae, and Acarina. Similar tallies in 
Sarracinea reveal victims of 115 families belonging to 14 
orders of insects, including several species of Mollusca. This 
strategy no doubt ensures some prey, if, for example, a 
particular insect species is not present one year, or becomes 


competitiveness in Europe, in which 5G could play a significant role. This included earmarking 
500 million euros for the Horizon-2020™ research programme. 


The advent of new technologies (4G, fibre and soon 5G) and new services (the Internet of Things, the 
cloud, big data) should facilitate businesses’ digital transition. 5G in particular is expected to be a 
very versatile technology, capable of undergirding a very wide array of uses, and could go a long way 
in furthering companies’ transition to digital technologies and solutions. 


3.2 Spectrum harmonisation 


5G is emerging as a technology that will use both low frequencies (f<1GHz), high frequencies 
(1 GHz < f < 6 GHz) and, for the first time ever in consumer networks, very high frequencies referred 
to as “millimetre wave” frequencies (f > 6 GHz). 


This spectrum diversity is entirely bound up with the promises of 5G: extended coverage (low 
frequencies), ultra high speeds (very large channels in very high frequency bands), low power 
consumption. Furthermore, satellite services will also contribute to the development of this new 
technology, especially in areas that are difficult to cover and to provide backhaul solutions. The 
satellite industry is thus taking an interest in 5G, and wants to be involved in defining these new 
generation network. 


3.2.1 Millimetre wave frequencies 


The “millimetre” band, also referred to as millimetre wave spectrum, aka frequencies above 6 GHz, 
are essential to enabling 5G to mark a departure from 4G, for the reasons cited in Section 1.5.1. 


At the latest World Radiocommunications Conference (WRC-15 in Geneva), a conference under the 
aegis of ITU whose objective is to change the way frequencies are allocated between users, 
discussions over the definition of future mobile bands made it possible to focus future 5G studies, for 
millimetre wave frequencies, on a certain number of bands situated between 24 GHz and 86 GHz 
(33.25 GHz identified in total): 24.25-27.5 GHz, 31.8 - 33.4 GHz, 37-43.5 GHz, 45.5 - 50.2 GHz, 
50.4 - 52.6 GHz, 66 - 76 GHz, 81 - 86 GHz. 


It is important to stress that, even if the above-listed bands have been identified as “SG bands”, at 
this stage there is no way to know whether they can actually be used to deploy this new generation 
system: only the results of technical studies will make it possible to establish the constraints and 
rules of compliance, and to validate the feasibility of these hypotheses. 


45,5-50,2 GHz 66-71 GHz 
24,25-27,5 GHz 31,8-33,4 GHz 37-43,5 GHz 50,4-52,6 GHz 71-76 GHz 





Figure 15. Millimetre wave frequencies identified at WRC-15 


Contrary to the conclusions of the Conference, which reflect European recommendations, the United 
States and certain Asian countries (South Korea, Japan) have decided to perform 5G trials in the 
28 GHz band, and equipment suppliers such as Qualcomm and Samsung, have begun manufacturing 
28 GHz- band products. 


4 https://ec.europa.eu/programmes/horizon2020/en/what-horizon-2020 
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extinct, and also allows the plant to trap a variety of insects 
over a very long season. Additionally, such variety may be 
important in supplying a diversity of nutrients. 


ACTIVE TRAPS 


Plants with rapid movement usually first come to mind when 
carnivorous plants are mentioned. These so-called active 
traps imprison their prey by a quick movement of all or part 
of the leaf. Into this group are placed several genera; one well 
known, the Venus flytrap (Dionaea) (Fig. 3) and the others 
less familiar (e.g., the bladderworts, Utricularia) (Fig. 4). It is 
believed that the rapid movement comes about when the 
prey makes contact with a triggering mechanism, resulting in 
the generation of a small electric current and the activation 
or closure of the trap. As with the passive traps, the lure for 
the insect is usually some sweet nectar. In the case of the 
Venus flytrap leaf, in which the two halves of the blade are 
joined along one side, as in an open book, nectar is produced 
on the inner surface of the leaf (Fig. 3). As an insect wanders 
along this inner surface collecting nectar, it may contact the 





FIGURE 3 Habit view of the Venus flytrap (Dionaea sp.). In this genus the 
blade is divided into two halves, which are attached along one side. On the 


inner surfaces of the blade a lure is produced, and here too are located the 
trigger hairs. 
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trigger hairs, of which there are about two to four on the 
inner surface of each half-leaf. For the trap to close, either an 
individual trigger hair “must be touched twice, or two 
different trigger hairs must be touched sequentially, within a 
time period that is neither too short (< 0.75 s) nor too long 
(> 20 s).” When the hair or hairs are touched within the right 
time interval, the trap literally snaps shut, though at first, not 
completely. Initially, small openings remain between the two 
halves, presumably to allow smaller insects to escape from the 
trap. When unsuitable prey gain their release, the trap 
reopens and awaits the main course. But if the insect is 
unable to escape through the small openings and continues 
to struggle, the trap closes more fully. Subsequently, enzymes 
are secreted by special gland cells, and the insect is digested 
and its nutrients absorbed by the leaf. 

Less well known as active trappers but possessing traps 
more complex than the Venus flytraps are the bladderworts, 
which grow in wet or periodically wet areas. Bladderworts, 
the largest genus of carnivorous plants, grow worldwide, on 
every continent. They develop diminutive, often microscopic 
traps that cover the leaves (Fig. 4). The size of the trap 
determines what creatures will enter: paramecia, rotifers, 
water fleas, worms, and mosquito larvae, for example. As in 
the Venus flytrap, contact with trigger hairs initiates the 
trapping mechanism, which involves the opening of a “door” 
leading to a chamber maintained under a vacuum, a sucking 
in of the prey, and a resealing of the trap; all this occurs 
within 10 to 15 thousandths of a second! With the secretion 
of enzymes, the prey is digested, usually within hours. There 
is some speculation that the trap can also lure prey. 





FIGURE 4 Scanning electron micrograph view of the trap of Utricularia 


neglecta. The large hairs (“antennae”) may act as guides luring the prey to the 
trap mouth (arrow). [After Juniper, B. E., Robins R. J., and Joel, D. M. 
(1989). “The Carnivorous Plants.” Academic Press, London. Reprinted with 
permission. ] 
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OTHER INTERACTIONS BETWEEN CARNIVOROUS 
PLANTS AND INSECTS 


Thus far, plant—insect interactions have been presented in the 
context of insects serving as prey. But the associations can be 
much more varied and complex, as seen in the instance of the 
assassin bug and Roridula. Entomologists are now only 
beginning to appreciate the many other ways in which 
carnivorous plants and insects/animals interact. Some of the 
more fascinating examples are found in the pitcher plants, 
where other animals turn the traps to their own advantage. 
Spiders often can be found prowling about the mouth of 
pitchers, then lowering themselves on silken strands to 
retrieve prey from the pitcher well. In Nepenthes, spiders also 
use the pitcher for protection from predators. If a predator is 
detected, the spider will lower itself on a silk thread to the 
pool and, if necessary, will even hide under the water until 
danger passes. 

Other insects spend part or most of their lives in the wells 
of pitchers. For example, the pitcherplant mosquito 
(Wyeomyia smithii) lays its eggs on the moist inner surface of 
the leaf, or more often, in the pool of liquid. The larvae hatch 
and feed on detritus from trapped insects, bacteria, and pro- 
tozoans. As winter approaches, the larvae go into a dormant 
state and overwinter in the pitcher, exiting the pitcher in the 
spring as adult mosquitoes. In climates where water freezes, 
the larvae spend winter frozen in the ice of the pitcher. 
Interestingly, the liquid that digests the trapped insects seems 
to have no detrimental effects on the larvae. Fish fly larvae 
also live in pitchers and, like the mosquito larvae, are not 
injured by the pitcher’s digestive enzymes because, it is 
speculated, their bodies produce a protective substance. 

One of the most fascinating examples of an association 
between plant and insect, benefiting the insect, is seen in 
species of Exyra moths (Noctuidae) that exploit the pitcher 
leaf to shelter their young. The cycle begins with the female 
moth entering an open leaf and laying its eggs on the inner 
wall of the pitcher leaf. When the larvae hatch, they move 
about on silken strands, feeding on the inner wall. As they 
grow, hence becoming more visible to predators, the larvae 
move to the top of the pitcher, severing vascular strands 
carrying water to the upper regions of the pitcher leaf, which 
causes the top of the pitcher leaf to dry, collapse, and fold 
over the opening. The developing larvae are now shielded 
from predators. Just before a larva prepares to pupate, it 
chews a hole in the wall of the leaf. Through this hole, the 
moth exits the leaf. 

Yet another example of an insect exploiting its association 
with carnivorous plants is the solitary sarracenia wasp 
(Chlorion harrisi). This insect uses the pitcher as an incubator 
for its eggs. In preparation for the laying of eggs, the wasp 
packs into the bottom of the pitcher tube a layer of grass, 
which is then overlayered with freshly killed grasshoppers or 
crickets. This process may be repeated several times, resulting 
in alternating layers of insects and plant materials. Eggs are 


then laid among the dead insects and the whole construction 
covered by another layer of grass. The eggs can now develop 
protected, and when the young hatch, they have a food supply. 

The last example represents what may come closest to a 
commensal, or symbiotic, association between plant and 
insect. Certain species of Nepenthes (e.g., N. bicalarate) have 
enlarged, hollow petioles in which ants take up residence. In 
return for this “home” (domatia), the ants, it is suggested, 
protect the plant from predators. 


See Also the Following Article 
Plant—Insect Interactions 


Further Reading 

D’amato, P. (1998). “The Savage Garden.” Ten Speed Press, Berkeley, CA. 

Darwin, C. (1875). “Insectivorous Plants.” Appleton, New York. 

Juniper, B. E., Robins, R. J. and Joel, D. M. (1989). “The Carnivorous 
Plants.” Academic Press, London. 

Lerner, C. (1983). “Pitcher Plants: The Elegant Insect Traps.” Morrow, New 
York. 

Lloyd, FE E. (1942). “The Carnivorous Plants.” Chronica Botanica, 
Waltham, MA. 





Insectivorous Vertebrates 


nsects are a part of the diet of a vast array of animals. 

Indeed, there are almost no animal groups that do not 
include some representatives that consume _ insects, 
incidentally or intentionally, actively or accidentally. Even 
obligate herbivores consume insects, although never in any 
large number. Several groups of animals are insectivorous as 
juveniles and shift dietary focus as adults, whereas other 


groups become insectivorous only as adults. 


DIVERSITY OF INSECTIVORY 


A simple list of the insectivorous terrestrial animals would be 
lengthy and include many freshwater fishes, most frogs and 
salamanders, lizards and snakes, and birds and mammals. 
Because marine ecosystems do not include many insects, the 
incidence of insectivory among marine invertebrates and 
vertebrates is much less common. 

In freshwater fishes, insects are ubiquitous and widely 
consumed. In streams, for example, 70 to 90% of the 
macroinvertebrates are insects, comprising as much as 99% 
of the numbers of individual organisms and 99% of the 
biomass. Fishes take advantage of these abundant resources 
and consume insects from all of the 13 orders of insects with 
aquatic life stages. 

Terrestrial salamanders and almost all frogs, which are 
often filter feeders or herbivores as larvae, become 


predominantly insectivorous as adults. Frogs and salamanders 
that remain aquatic, or become so secondarily, possess a wide 
array of dietary choices that can include other aquatic life, 
including (but not limited to) insect adults or larvae. 

Lizards, more so than snakes, include insects in the diet. 
Consumption of insects also occurs in other reptiles such as 
turtles and juvenile crocodilians. Insect prey selected by 
lizards is somewhat size dependent; smaller lizards consume 
more small insects, whereas larger lizards can also consume 
larger insects. Some lizards that are insectivores as juveniles 
become more herbivorous as adults. In snakes, smaller 
insectivores become more carnivorous as they get larger, 
focusing on other vertebrate prey, especially mammals, frogs, 
and other snakes. Among some groups of lizards and snakes, 
specialization for insectivory is a familiar pattern; in these 
instances, ants and termites are most frequently consumed. 

There are many birds that consume insects as a dominant 
part of the diet. Some of these insectivorous lineages include 
pipits and wagtails (Motacillidae), bulbuls and _ allies 
(Campephagidae, Pycnonotidae, Chloropseidae), waxwings 
and allies (Ptilogonatidae, Bombycillidae, Dulidae), dippers 
(Cinclidae), warblers and gnatcatchers (Sylviidae, Parulidae), 
flycatchers (Muscicapidae), and titmice, nuthatches, and 
treecreepers (Paridae, Sittidae, Certhiidae). Many birds 
capture insect prey in flight, whereas other birds forage in 
shrubs and trees or on the ground. Some birds specialize by 
obtaining insect food grooming large mammals or following 
behind large mammalian herbivores and foraging on the 
insects disturbed by large mammal movements. 

Mammals include many insectivorous groups, some gen- 
eralists and others obligate specialists. Most of those that spe- 
cialize in eating insects eat either ants or termites. Generalized 
insectivores will eat insects along with other arthropods such 
as centipedes, millipedes, spiders, and scorpions. Marsupials, 


TABLE I 


Frogs 
Dendrobatidae—poison frogs 
Microhylidae—narrowmouth frogs and toads 
Pelobatidae—spadefoot toads 
Rhinophrynidae—Mesoamerican burrowing toads 
Lizards 
Agamidae—angelheads, calotes, dragon lizards, and allies 
Amphisbaenia—wormlizards 
Gekkonidae—geckos and pygopods 
Iguaninae 
Lacertidae—wall lizards, rock lizards, and allies 
Phrynosomatinae 
Scincidae—skinks 
Teiidae—whiptail lizards, tegus, and allies 
Tropidurinae 
Snakes 
Anomalepididae—early blindsnakes 
Leptotyphlopidae—threadsnakes and wormsnakes 
Typhlopidae—blindsnakes 


Insectivorous Vertebrates 581 


bats, primates, rodents, carnivores, and other groups of mam- 
mals include insectivorous lineages. Specialized feeding on 
particular insects, especially ants and termites, occurs among 
a few frogs, many lizards, and some snakes and has occurred 
in several different lineages of mammals (see Table I). 


ANATOMICAL SPECIALIZATIONS 
FOR INSECTIVORY 


Although eating insects is a dominant part of many diets, 
anatomical and behavioral specializations for insectivory are 
not as widespread. Many lizards, for example, feed on 
whatever suitable prey item might be available. Nevertheless, 
there are several anatomical specializations that seem to assist 
in the capture of insect prey. Perhaps the most obvious and 
remarkable trait is a highly projectile tongue. This sort of 
tongue evolved many times, in many different lineages, and 
in many different ways. Most frogs have a projectile tongue 
whose intrinsic muscles attach to the lingual edge of the 
symphysis of the jaw. The tongue is flipped out of the mouth, 
in the same way that a catapult works, so that the back of the 
tongue after it is extruded contacts the prey first. 
Salamanders have evolved several different types of projectile 
tongues. 
plethodontids, uses the hyobranchial skeleton and associated 


One group of lungless salamanders, the 


muscles, once used to ventilate lungs, in a tongue protrusion 
mechanism that is quite spectacular. Contraction of these 
muscles results in protrusion of the tongue as well as large 
parts of hyobranchial skeleton, resulting in an extruded 
tongue that can reach 80% of body length. 

Chameleon lizards have an unmatched ability to accurately 
aim, project, and hit arboreal insect prey. The muscles that 
chameleons use to accomplish this ballistic feat contract faster 
than any other vertebrate muscle. Furthermore, the tongue 


Examples of Frog, Lizard, and Mammal Lineages in Which Termites and/or Ants Are a Significant Part of the Diet 


Mammals 


Canidae—dogs and foxes 
Cercopithecidae—Old World monkeys 
Cricetidae—New World mice, hamsters, etc. 
Dasypodidae—armadillos 
Didelphidae—opposums 
Herpestidae—mongooses 
Lorisidae—lorises 
Manidae—pangolins 

Muridae—Old World rats 
Myrmecobiidae—marsupial anteaters 
Myrmecophagidae—anteaters 
Orycteropidae—aardvarks 
Sciuridae—squirrels 
Tachyglossidae—echidnas 
Talpidae—moles 

Thylacomidae 

Vespertilionidae—bats 


Note. Not all the taxa that are a part of these lineages eat only ants and/or termites. There are many other lineages not listed that eat insects. 
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can be accurately projected up to 200% of body length. The 
tongue has a large tip covered with viscous mucous. A muscle 
in the large fleshy tip contracts just after the tongue tip 
strikes a prey item, creating a slight vacuum that assists in 
prey capture. 

Mammals eat insects and the most distant ancestors of 
mammals may have been insectivores. Generalized features 
derived from the primitive amniote condition are associated 
with mammalian feeding, including a longer secondary 
pallate, heterodont dentition, higher metabolic rates and 
more active foraging behaviors. Several of these features are 
reversed in obligate ant- and termite-eating mammals. For 
example, anteaters, pangolins, and the echidna, numbat, and 
aardvark possess highly simplified teeth few in number or 
lack teeth entirely. Some ant and termite specialists have 
lower metabolic rates, but it is not clear if these rates are 
retained from a primitive mammalian ancestor or if they are 
a response to prey that may present chemical challenges to 
typical mammalian digestive systems. A long, sticky, and 
protrusible tongue is a common feature among ant- and 
termite-feeding mammals. Details of tongue anatomy 
confirm that many of these lineages evolved these 
specializations independently. 


See Also the Following Articles 
Food, Insects as « Predation 
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Insect Zoos 
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| nsect zoos, exhibits that display live insects and arthropods 
to the general public, have gained recognition for their 
educational value and broad appeal. They have demonstrated 
that insects are interesting to millions of people, not just a 
select few. Insects represent the majority of terrestrial species 
on earth and display a dazzling diversity of lifestyles, 
behaviors, and adaptations. The great naturalists Pliny, Fabre, 


Wallace, Darwin, Belt, and Wheeler possessed a boundless 
desire to observe living insects in the natural world. The 
observation of living insects in the field and lab still excites 
the imagination of naturalists today, and the general public 
has been increasingly infected with this enthusiasm through 
exposure to the lives of insects through superb nature films 
and photography. Insect zoos provide opportunities for 
positive firsthand observations of live insects to millions of 
people. These exhibits are intended to inspire a curiosity to 
learn more, and to balance the myths and misrepresentations 
promoted by the cinema and other commercial media. 
Insectariums have proven to be enormously popular with the 
public wherever they appear, whether modest or grand, 
whether showcasing native or exotic species. Today there are 
over 100 insect zoo exhibits throughout the world. 


INSECT ZOOS DEFINED 


The term “insect zoo” has been applied to facilities of many 
different types. Defined broadly, an insect zoo or insectarium 
is an exhibit facility dedicated to the display of live insects 
housed in a separate room, building, or distinct exhibit hall 
and maintained primarily for public visitation. Insect zoos 
typically are permanent, year-round facilities that house live 
insects and related groups of arthropods (arachnids, 
centipedes, millipedes, and crustaceans) and occasionally 
representatives of other invertebrate groups. Insect zoos have 
been built in zoological parks, natural history museums, 
botanical gardens, county parks, horticultural centers, 
amusement parks, nature reserves, and universities, and on 
privately owned land. Interest in their development has 
increased (excluding the period between the first and second 
World Wars) with growing public interest in biodiversity and 
the documented success of insect exhibits (Table I). 

Most facilities contain a series of terrariums, where species 
are displayed in naturalistic mini-environments. A major 
insectarium is a comprehensive coverage of the class Insecta, 
representing many different orders such as Coleoptera, 
Hymenoptera, Orthoptera, and Mantodea. Observation 
honey bee hives, ant and termite colonies, walkingsticks, 
katydids, lubber grasshoppers, and assassin bugs are a few 
examples of typical displays. These facilities can be 
distinguished from collections of a few species of arthropod 
housed in a reptile house or aquarium or included in an 
exhibit that focuses on the interpretation of a particular 
ecosystem. Many tropical rain forest exhibits today include a 
few displays of insects, often a leafcutter ant exhibit and a few 
other invertebrates as nominal representatives of the vast 
diversity of invertebrates. However, overall these exhibits 
emphasize the vertebrate fauna of rain forests and present a 
relatively minor treatment of the subject of invertebrates. 
Major insectariums typically have between 30 to 100 live 
displays, exhibiting up to 100 species of arthropods. 

A butterfly house or lepidoptery is a type of live insect 
facility that primarily displays members of the order 


TABLEI List of Selected Insect Exhibits Built Worldwide from 1797 through 2001 


Exhibit 
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Date of establishment 





Europe 
Small early acclimatization collections 
Jardin des Plantes, Muséum d’Histoire Naturelle et Ménagerie, Paris, France 
Jardin d’Acclimatisation, Paris, France 
Permanent exhibits 
Insect House, London Zoo, London, England (renovation 1913, Web of Life, 1999) 
Artis Zoo, Amsterdam, Netherlands 
Frankfurt Zoo, Frankfurt, Germany (renovation 1957) 
Zoologischer Garten Kéln, Cologne, Germany (new Insektarium 1971) 
Budapest Zoo, Budapest, Hungary (renovations: Vivarium, 1970; Butterflies, 2000) 
Zoo-Aquarium Berlin, Berlin, Germany (renovated 1978-1983) 
Zoologischer Garten, Leipzig, Germany 
Gruga Park, Essen, Germany 
Sherbourne Butterfly House, Dorset, England 
Loébbecke Museum and Aquazoo, Diisseldorf, Germany (renovation in 1987) 
Guernsey Butterfly Farm, England 
Insektarium, Zoological—Botanic Garden Wilhelma, Stuttgart, Germany 
London Butterfly House, Syon Park, England 
Stratford-upon-Avon Butterfly Farm, Stratford-upon-Avon, England 
Papiliorama-Nocturama, Marin Center, Neuchatel, Switzerland 
Dortmund Zoo, Dortmund, Germany 
Bug World, Bristol Zoo, Bristol, England (renovated in 1996) 
Butterflies Center, Girona, Spain 
Mariposario del Drago, Tenerife, Spain 
Idea Schmetterlings-Paradies Neuenmark, Germany 
Krefeld Zoo, Krefeld, Germany 
Micropolis, Saint-Léon-en Lévezou France 
The Butterfly Arc, Montegrotto Terme, Italy (seasonal, 1988) 
Projeckledare Aquademin, Sweden “Science Centre,” Goteborg, Sweden 
Asia 
Takarazuka Insectarium, Takarazuka Zoological and Botanical Garden, Japan 
Toshima-en Insectarium Toshima-en Amusement Park, Tokyo, Japan 
Insectarium, Tama Zoo, Japan (renovations in 1966, 1975, 1988) 
Penang Butterfly House, Penang, Malaysia 
Fragile Forest, Singapore Zoo, Singapore 
North America 
United States 
Early short-lived or seasonal exhibits 
Bronx Zoo, New York Zoological Society, New York 
Goddard State Park, Providence, Rhode Island 
Chicago (Brookfield) Zoo, Brookfield, Illinois 
Flushing Meadow Zoo, New York 
Insect Zoo, Smithsonian National Museum of Natural History, Washington, DC 
Permanent year-round exhibits 
Arizona—Sonoran Desert Museum, Tucson, Arizona 
Otto Orkin Insect Zoo, Smithsonian Museum of Natural History, Washington, DC 
World of the Insect, Cincinnati Zoo and Botanic Garden, Cincinnati, Ohio 
Insect Zoo, San Francisco Zoological Gardens, San Francisco, California 
Invertebrate Exhibit, National Zoological Park, Washington DC 
Butterfly World, Coconut Creek, Florida 
Cecil B. Day Butterfly Center, Callaway Gardens, Pine Mountain, Georgia 
Ralph K. Parsons Insect Zoo, Natural History Museum of Los Angeles County, Los Angeles, California 
Cypress Gardens, Winter Haven, Florida 
Terminix Insect City, Fort Worth Zoo, Fort Worth, Texas 
Butterfly Encounter, San Diego Wild Animal Park, Escondido, California 
Moody Gardens, Galveston, Texas 
Cockerell Butterfly House, Houston Natural Science Museum, Houston, Texas 
Butterfly Pavilion and Insect Center, Westminster, Colorado 
Detroit Zoo, Royal Oak, Michigan 
Bug World, Woodland Park Zoo, Seattle, Washington 
Sophia M. Sachs Butterfly House, Chesterfield, Missouri 


1797 
1860 


1881 
1898 
1904 
1905-1929 
1907 
1913 
1913 
1956 
1960 
1970 
1977 
1980 
1981 
1985 
1988 
1991 
1992 
1995 
1997 
1998 
1998 
2000 
2001 
2001 


1954-1967 
1957 
1961 
1986 
1998 


1910, 1940, 


1934-1937 


1945 


1938, 1947-1950 


1969-1970 
1971 


1952 
1976 
1978 
1979 
1987 
1988 
1988 
1992 
1992 
1992 
1993 
1993 
1994 
1995 
1995 
1996 
1998 
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TABLEI (Continued) 
Exhibit Date of establishment 
Chicago Academy of Sciences, Chicago, Illinois 1999 
Tropical Butterfly House and Insect Village, Pacific Science Center, Seattle, Washington 1999 
Mosanto Insectarium, St. Louis Zoo, St. Louis, Missouri 2000 
Puelicher Butterfly Wing Milwaukee Public Museum, Milwaukee, Wisconsin 2000 
Magic Wings, South Deerfield, Massachusetts 2000 
Butterfly House & Insectarium, North Carolina Museum of Life &¢ Science, Durham, North Carolina 2000 
Canada 
UInsectarium de Montréal, Montréal, Quebec 1990 
The Niagara Parks Butterfly Conservatory, Niagara Falls, Ontario 1996 
Newfoundland Insectarium, Deer Lake, Newfoundland 1997 
Victoria Bug Zoo, Victoria, British Columbia 1997 
E Jean MacLeod Butterfly Gallery, Science North, Sudbury, Ontario 2000 
LArche des Papillons c.m. Inc., Quebec 2000 
Australia 
Butterfly House, Royal Melbourne Zoological Park, Parkville, Victoria 1985 
Australian Butterfly Sanctuary, Kuranda, Queensland 1987 
Insectarium of Victoria, Woodend 1993 
New Zealand 
Butterfly and Orchid Garden, Thames 1999 
Latin America 
The Butterfly Farm, La Guacima de Alajuela, Costa Rica 1990 
The Butterfly Garden at Shipstern Nature Reserve, Belize 1990 
Spirogyra Butterfly Garden, San Jose, Costa Rica 1992 
La Selva Butterfly Farm—Primary Forest, Ecuador 1992 
Green Hills Butterfly Ranch and Botanical Collection, Cayo District, Belize 1997 
Tropical Wings Nature Center, Cayo District, Belize 1998 
Africa 
Insectarium de la Réunion, Réunion 1992 
Butterfly World, Klapmuts, South Africa 1996 
French West Indies 
La Ferme des Papillons, St. Martin, French West Indies 1994 


Lepidoptera, typically in a large walk-through immersion 
exhibit enclosed in glass or screening, such as the Cockerell 
Butterfly House in Houston, Texas. Some facilities are 
combinations of both insect zoos and butterfly houses. Year- 
round walk-through butterfly houses vary in size. The Sophia 
M. Sachs Butterfly House in Chesterfield, Missouri, covers 
511 square meters, whereas the Penang Butterfly House in 
Penang, Malaysia, is much larger (1474 m’). Seasonal 
exhibits are generally smaller. A few facilities, such as the 
insectarium at the Tama Zoo in Japan, display grasshoppers 
and aquatic species in walk-through immersion exhibits 
more typical of butterfly houses. 


PURPOSE AND VALUE OF INSECT ZOOS 


Live insects are one of the best teaching tools for children and 
adults alike. Despite an enormous range and intensity of edu- 
cational, research, and conservation activities, most insectari- 
ums and butterfly displays offer some level of educational 
programming that promotes the appreciation and under- 
standing of insect life. Aside from the actual live exhibits and 
graphics, these programs take the form of informal presen- 
tations, hands-on opportunities to touch live animals, formal 
classes and lectures from kindergarten to university level, 


teacher training, field trips, outreach programs, printed edu- 
cational materials, multimedia materials, Web-based resources, 
and special events such as insect fairs and film festivals. In 
addition to these more lofty goals, insects have proven to be 
enormously popular with the public and thus are used to 
generate increased visitation and revenue for various types of 
nonprofit organizations and commercial enterprises. 

Basic and applied research is carried out by some facilities, 
resulting in presentations at conferences and publications in 
conference proceedings and scientific journals. Several 
insectariums participate in captive breeding programs for 
threatened or endangered species such as the American 
burying beetle, Nicrophorus americanus, the Italian ground 
beetle, Chrysocarabus olympiae, the giant wetas, Deinacrida 
spp., and the Polynesian tree snails, Partula spp. For example, 
London Zoo currently manages six invertebrate conservation 
programs, involving 38 species. Jn situ conservation 
programs are also supported by a number of insectariums 
and their parent organizations. 

Some of the early insectariums began with the immediate 
goal of raising food for insectivorous zoo animals such as the 
Tama Zoo’s Insectarium, which opened in its first form in 1961. 
It was felt that decreases in wild populations of grasshoppers 
due to widespread use of insecticides required the development 


of stable food sources. An earlier insectarium at Tokyo's 
Toshima-en Amusement Park was developed with the idea of 
using its live insect residents for making nature films. 


DIVERSITY OF EXHIBIT TECHNIQUES 


Facilities that house live insects are diverse in construction as 
well as in the type of sponsoring institution. To face the 
challenges of exhibiting small, short-lived, seasonally limited, 
diapausing animals with radically different life stages, major 
facilities rely heavily on the in-house maintenance of 
breeding colonies so that specimens are available year-round. 
Founder stock is collected from the wild or obtained through 
exchange or purchase from other insectaries to establish and 
maintain genetically healthy colonies. In contrast, many 
butterfly houses rely on independently run breeding 
facilities, often in the species’s country of origin. Pupae are 
generally received weekly from various butterfly ranches or 
farms. Some butterfly houses also have supplemental in- 
house breeding colonies of selected species of butterflies. 
Many for-profit butterfly houses maintain breeding 
populations both for their own display and to sell to other 
butterfly houses. 

Exhibit techniques have not changed much during the 
120 years since the opening of the first insect exhibit at the 
London Zoo in 1881 (Fig. 1). Even in 1881, informative 
labels and preserved specimens of insects accompanied the 
live insect displays. The major change has been the inclusion 
of interactive techniques and graphics to enhance the 
interpretive experience of the display. Today, insectariums are 
really zoo—museum hybrids. Interactive computer modules, 
microscopes, audio tracks, video loops, models, robotics, and 
cultural artifacts are now used to enrich and enliven the 
educational messages. Special displays on topics related to 





FIGURE 1 The London Zoo opened the first major insect exhibit in the 
world in 1881. This contemporary photograph was made by collector 
William Hornaday. [From “Zoological Gardens Illustrated” (photograph 
album), Vol. 1, “London Zoological Gardens.” © Wildlife Conservation 
Society, headquartered at the Bronx Zoo.] 
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cultural entomology have been included in some facilities 
such as the Insect Zoo at the San Francisco Zoo, which has 
produced special exhibits on ancient cricket cages of China, 
insects as human food, and aquatic insects in terms of fly 
fishing and fly tying in North America. These techniques 
combine to address different visitor learning styles, ages, and 
interests. Some facilities have educational outdoor garden 
displays to focus attention on native insects and plant 
interactions, and a few facilities adjoin or are sister 
organizations to native wildlife reserves. 

Most often, insect exhibit facilities are associated with 
larger institutions. Zoological gardens such as the London 
Zoo, Cologne Zoo, Berlin Zoo, Tama Zoo, Cincinnati Zoo, 
San Francisco Zoo, and St. Louis Zoo all contain major 
insectariums. General histories of zoos and aquariums, while 
focused on vertebrates, can be found in the encyclopedic 
memory and archives of Marvin Jones (San Diego Zoo) and 
in edited volumes by Kisling, and Hoage and Deiss. Natural 
history museums such as the Smithsonian National Museum 
of Natural History, the Natural History Museum of Los 
Angeles County, and the Houston Museum of Natural 
Science have insect zoos or butterfly houses; the Cecil B. Day 
Butterfly Center is located within Callaway Gardens in Pine 
Mountain, Georgia; universities such as Kansas State 
University, Michigan State University, the University of 
Joensuu in Finland, and the University of Alberta in Canada 
all have seasonal butterfly gardens or insect zoos. The 
Insectarium de Montréal (Canada), the Insectarium of 
Victoria (Australia), the Butterfly Pavilion and Insect Center 
(Colorado), and the Sophia M. Sachs Butterfly House 
(Missouri) are examples of independent stand-alone facilities. 
Insectariums vary from tax-supported municipal institutions 
to nonprofit organizations to for-profit corporations. The 
for-profit businesses such as the Penang Butterfly House in 
Malaysia, Stratford-upon-Avon Butterfly Farm in England, 
Butterfly World in Florida, and the Australian Butterfly 
Sanctuary in Australia serve as both public exhibits and 
commercial suppliers. While many are permanent, year- 
round facilities, the popularity of live insect exhibits (and 
perhaps the short life span and easy transportability of 
insects) has allowed for the explosion of temporary or 
seasonal exhibits, particularly butterfly displays. 


INSECTARIUMS AROUND THE WORLD 


During the 19th century, expanding empires, increased 
trade, and improved transportation and communication 
stimulated interest in exotic wildlife. European powers sent 
expeditions to bring back specimens for potential 
domestication and commercial use. Illustrated publications 
on biological subjects appeared, and books recounting the 
adventures of naturalist-explorers allowed the public the 
vicarious thrill of discovery. With the emergence of modern 
systematics, the number of described genera rose. This was a 
fertile time of new discoveries and new theories. Darwin, 
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Wallace, and others pondered the origin of species. From 
1828 through 1914, each year an average of two zoological 
institutions opened throughout the world; the total was 168, 
with 86 in Europe alone. Themes of metamorphosis and 
evolution permeated art and literature. The Industrial 
Revolution transformed commercial production and altered 
attitudes reflected in the 
philosophies encompassed by the Art Nouveau movement 


toward nature as diverse 
(~1870-1914). Menageries toured, zoological gardens sprang 
up, and exotic nature became a source of fashionable urban 
pleasure and scientific study. 


Europe 


FRANCE Loisel’s 1912 history of zoos documents the 
early development of zoos in general and includes some 
interesting details about a few insect exhibits. In France, the 
Jardin des Plantes was created in 1793 adjacent to the 
Naturelle and the 
Observation Zoologique. A chair of Insects and Worms 


Muséum d Histoire Ménagerie 
was created, and its first occupant was Jean-Baptiste 
Lamarck. The Jardin’s mission was exploration to find species 
of plants and animals for utility or ornament, with 
instruction of the public as a minor goal. In 1797 the visitors 
could view silkworms and stroll through the grounds past 
honey bees, which were housed in a large glass hexagonal 
structure. In the middle of the 19th century a disease killed 
almost all the silkworms in France. In 1860 the Jardin 
Zoologique d’Acclimatisation was created on the western 
fringe of Paris to focus on the study of animals of economic 
utility. New species of silkworm were imported from China 
and India and kept at the Jardin d’Acclimatisation. Two of 
these species were acclimatized, and a fertile hybrid was 
produced. French scientist Louis Pasteur, in 1870, rescued 
the silk industry by discovering that the then epidemic 
“pebrine disease” of silkworms, now known to be borne by 
Nosema bombycis, could be prevented through microscopic 
examination of adult moths and isolation of uninfected 
stock. These advances set the trend for a more scientific 
approach to silk production. 

In France today, a handful of butterfly houses have 
appeared as independent facilities. In 2000, a new theme park 
called Micropolis opened in the town Saint-Léon-en Lévezou, 
which was home to the famous French entomologist Jean- 
Henri Fabre. 


ENGLAND AND THE NETHERLANDS In 1828 the 
Zoological Society of London (London Zoo) opened, and 
visiting it became a popular recreational pastime. 
Commercial butterfly farms appeared as early as 1865 in 
Colchester, England. In 1881, a mere 53 years after its debut, 
the London Zoo opened the first major public insect house. 
In what had been a refreshment room, a series of terrariums 
on tables along the wall and in the center of the room 
displayed live specimens of silkworms, aquatic insects, and 


other invertebrates. Display tanks were well labeled, and 
mounted specimens enhanced the exhibit. 

Seventeen years after the opening of London's insect zoo, 
in 1898, the Artis Zoo in Amsterdam opened the 
Insectarium founded by schoolteacher Rudolph A. Polak, 
who feared that the urban population was becoming 
alienated from nature. Polak was part of the “Biologisch 
Reveil” (reveil means wake-up call) movement—to remind 
people of their connection to the natural world. His goal was 
to use insects to bring children into close contact with 
nature, and this tradition is still carried on today at Artis 
Zoo. Amazingly, Polak continued to work as a teacher and 
ran the Insectarium as a hobby. 

In the early 1900s, other insect-viewing opportunities 
existed as well. In 1900 a businessman operated a butterfly 
farm in Kent, where he bred various species to sell to collectors, 
museums, and universities in England and America. In 1908 
Londoners could pay 6 pence (equivalent to perhaps $10 
today) to visit the storefront menagerie display of an 
enterprising optician, filled with display cases of live bees and 
ants. The London Zoo, where the formal display of live 
insects really began, celebrated the new millennium by 
creating the Web of Life facility in 1999, boasting 65 live 
displays, 156 invertebrate species, a room-sized enclosure for 
desert locusts, Schistocerca gregaria (including a half-buried 
jeep for atmosphere), and a giant anteater. 

Long involvement with the silk industry and an active 
amateur naturalist community seemed to make England 
fertile ground for the birth of modern-day butterfly houses. 
Businessman David Lowe, who created the Guernsey 
Butterfly Farm in 1977, went on to create seven other 
facilities in England by 1984. The London Butterfly House 
in Syon Park opened in 1981, and Stratford-upon-Avon 
Butterfly Farm, which followed in 1985, includes an 
extensive insect zoo exhibit adjoining the free-flight butterfly 
display. In 1986 there were approximately 40 butterfly 
houses in England. They number closer to 20 today. 


GERMANY AND EASTERN EUROPE The Frankfurt Zoo 
opened its first insect house in 1904 as a seasonal exhibit in 
the summer (in the winter it was used for storks). In 1957 
Frankfurt Zoo built a new large insectarium on top floor 
above the renovated aquarium. The Zoologischer Garten Kéln 
(Cologne Zoo) opened an insect house in 1905 and 
maintained it through 1929. A new insectarium was built in 
1971, with a butterfly room at its entrance on the first floor of 
the new aquarium-terrarium, with approximately 60 species 
maintained in this facility. The Budapest Zoo in Hungary 
opened its first insect exhibit in 1907 and renovated the 
vivarium in 1970, exhibiting 68 species. In 2000, a butterfly 
exhibit was added to the zoo. In 1913 the Berlin Zoo opened 
a large insect exhibit on the third floor of the new aquarium, 
as did the Zoologischer Garten Leipzig. The Berlin Zoo's 
building, destroyed during World War II, was rebuilt after 
1945. The exhibit was renovated again in 1978 through 1983 


and maintains over 35 species. An insect section was opened 
in Gruga Park in Essen in 1956, and in 1970 the Lébbecke 
Museum in Diisseldorf built a large insect exhibit associated 
with its aquarium. In 1987 the new Lébbecke Museum and 
Aquazoo opened an insectarium as the centerpiece of the 
whole new building. In 1980 the Zoological—Botanic Garden 
Wilhelma in Stuttgart built an insectarium exhibiting 35 
species. The Dortmund Zoo and the Krefeld Zoo built 
butterfly exhibits in 1991 and 1998, respectively. The 
Noorder Zoo in the Netherlands, the Zoologicka Zaharada 
Praha in Czechoslovakia, and the Tiergarten Schénbrunn in 
Austria also have insect zoo exhibits. 


Asia 

Although no records have been found to document the early 
exhibition of live insects in China, the Chinese have long had 
a complex appreciation of the insect world. The development 
of silkworm culture and silk production, the development of 
bee culture, the early and extensive use of insects in 
traditional medicine, and the use of crickets as pets in the 
Tang dynasty (618-906) suggests an advanced appreciation 
of the utility and aesthetics of insect life. 

Yajima describes the development of insectariums in Japan. 
The Insectarium at the Takarazuka Zoological and Botanical 
Garden opened in 1954 and was expanded in 1967. The 
Toshima-en Insectarium, at the Toshima-en Amusement Park 
in Tokyo, opened in the late 1950s. In 1961, Yajima went on 
to design the first incarnation of the Insectarium at the Tama 
Zoo. In 1966 Tama Zoo’s Insectarium opened a walk-through 
grasshopper greenhouse filled with 6000 grasshoppers in 
addition to a walk-through butterfly house. A firefly building 
was added in 1975. In 1988 a new insectarium was built at 
Tama Zoo, which mixed traditional terrarium-type exhibits 
with walk-through exhibits without guardrails of Orthoptera, 
fireflies, butterflies, beetles, ants, and aquatic insects. Insect 
Ecological Land had a construction cost of over $5 million 
and increased attendance to the zoo by 20%. At its opening, 
94 species were maintained by a staff of 12. As of 1995, there 
were 30 live insect exhibits in Japan alone. 

A few other insectariums and butterfly houses can be 
found throughout Asia. The Penang Butterfly House in 
Malaysia was founded in 1986. Attached to the butterfly 
display is an exhibit of Malaysian insects and arthropods. The 
Fragile Forest exhibit, which opened at the Singapore Zoo in 
1998, displays butterflies and other insects. 


North America 


Insectariums developed more slowly in the United States. 
Though the early entomologist Thomas Say contributed to 
bringing respect to the science of entomology in the early part 
of the 19th century, the zoological gardens in the United States 
remained focused on the display of vertebrates and the natural 
history museums focused on nonliving exhibits. Interest in 
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representing invertebrate biodiversity either taxonomically or 
zoogeographically in these institutions lagged behind that 
shown by their European counterparts. Enduring insectariums 
did not take hold in America until the late 1970s. 

However, a number of early successful experiments at both 
zoos and museums proved extremely popular with the public. 
The New York Zoological Society Bulletin chronicles several 
early attempts. Raymond L. Ditmars, Curator of Reptiles at 
the Bronx Zoo and world-renowned herpetologist, actually 
began his career in science as an entomologist working as an 
assistant curator in the Entomology Department at the 
American Museum of Natural History. Throughout his 
tenure, he maintained a keen interest in insects. In 1910, 
under his direction, a live arthropod exhibit consisting of 56 
cages and containing silk moths in various life stages, lubber 
grasshoppers, Hercules beetles, and tarantulas was set up as 
an experiment. A portion of the moths that emerged from 
the silk moth collections were mounted and sold as souvenirs 
by the Bureau of Information in the Lion House. The exhibit 
was so popular with visitors that plans were made to make it 
a permanent feature at the zoo. The permanent facility was 
never built, but Ditmars persevered and in 1940, a 
Department of Insects was created with Ditmars as curator. 
Ditmars died in 1942, however, without having brought the 
plan to fruition. Brayton Eddy, an entomologist for the state 
of Rhode Island, was hired as the new curator of insects in 
1945. Eddy’s experience included the development of a 
seasonal live insect zoo at Goddard State Park in Providence, 
housed in the first floor of the stately mansion on the 
property from 1934 to 1937. Then Eddy died unexpectedly 
in 1950, and again a planned permanent insect exhibit never 
got started. The new exhibit was to have featured local insects 
and tropical imports sent by Dr. William Beebe from his 
research station in Venezuela. 

During the 1930s and 1940s, the Chicago Zoo (later 
renamed the Brookfield Zoo) was planning and experimenting 
with its own invertebrate exhibit. Construction on the Insect 
House (also called the Invertebrate House or the Special 
Exhibit and Demonstration Building) was completed between 
1934 and 1938. Grace Olive Riley, acting as curator of 
reptiles and invertebrates, was succeeded by Robert Snediger 
as reptile curator. Snediger organized the “Animals Without 
Backbones” exhibit, which ran from 1947 into the early 
1950s. Bees, cockroaches, aquatic insects, spiders, scorpions, 
centipedes, leeches, and other invertebrates were displayed, 
along with amoebas. Though planned as a permanent feature 
by Brookfield Zoo’s early designers, the Insect Building was 
later converted into the zoo’s library. The exhibits developed 
in the late 19th and early 20th centuries were not very 
different from the exhibits of today. Glass terrariums with 
screened lids displayed on tables containing local and exotic 
insect life were the state of the art in 1881, 1910, the 1940s, 
1970s and 1990s. 

Worth mentioning is the arthropod exhibit that was 
included as a permanent feature in the Arizona—Sonoran 
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Desert Museum from its opening date in 1952. Although not 
large, either in species number or in size of tanks, this 
collection was innovative in that it included invertebrates in 
the interpretation of an ecosystem. Then 20 years passed 
during which the early invertebrate exhibits seem to have 
vanished from the consciousness of zoo administrators. 

Another period of experimentation with short-lived insect 
exhibitions emerged. An insect zoo was created at the 
Flushing Meadows Zoo from 1969 to 1970, and another was 
assembled at the Smithsonian National Museum of Natural 
History in 1971. The immense popularity of the exhibit at 
the Smithsonian resulted in the opening of the museum's 
permanent insect zoo in 1976, in time to greet the 
International Congress of Entomology, which held its 
meeting that year in Washington, D.C. A natural history 
museum had now stepped permanently into the world of live 
insect display, an endeavor formerly restricted to zoological 
gardens or commercial rearing facilities staffed by persons 
used to dealing with the challenges and demands of live 
animals. From the start, the Smithsonian staff interacted with 
visitors daily with informal hands-on demonstrations, and the 
species inventory included both local and exotic specimens 
collected by Smithsonian entomologists in the field. 

Cincinnati Zoo followed the Smithsonian in 1978 and 
opened a new building containing 68 live displays and housing 
70 to 100 species. This facility, the World of the Insect, set a 
new standard for insectariums in the United States. It also set 
a new standard for monetary commitment to insect exhibits, 
with a price tag of one million dollars, including the cost of 
the new stand-alone building, custom-made terrariums, 
colorful graphics, and educational interactive exhibits 
borrowed from museum methodology. 

The Insect Zoo at the San Francisco Zoo opened in 1979 
as a temporary summer exhibit in an unused auditorium 
building in the children’s zoo section. Zoo attendance 
instantly increased by 50%, and the collection became a 
permanent facility, the second largest in the United States for 
two decades, containing 35 displays and maintaining 70 
species. 

In the United States, these three permanent insectariums 
created in the 1970s (at the Smithsonian, the Cincinnati 
Zoo, and the San Francisco Zoo) were really “arthropod 
zoos,” with an occasional mollusk, leech, or annelid thrown 
in. These exhibits became models for many subsequent 
projects that followed throughout the country. Emphasis was 
placed on the development of year-round breeding colonies 
and use of native and exotic species. 

The only other invertebrate exhibit to open in the 
following decade excluding the butterfly houses, was the 
Invertebrate Exhibit, which opened in 1987 on the lower 
floor of the Reptile House of the National Zoo, showing 
tropical insects alongside marine invertebrates such as 
cephalopods. A pollinarium exhibit was added in 1996. 

The only nonbutterfly insect exhibit to emerge in the 
1990s was the Ralph K. Parsons Insect Zoo at the Natural 


History Museum of Los Angeles County. Modest at its 
opening in 1992, it has grown to 40 live displays. 

New walk-through butterfly exhibits dominated the late 
1980s and early 1990s modeled on free-flight greenhouse 
exhibits in England. In 1988 the $3 million Cecil B. Day 
Butterfly Center at Callaway Gardens opened in Georgia. 
Two for-profit Florida endeavors, Butterfly World and the 
butterfly house at Cypress Gardens, opened in 1988 and 
1992, respectively. Back in the zoo world, the San Diego 
Wild Animal Park’s Butterfly Encounter debuted in 1993. In 
1994, the Houston Museum of Natural Science opened the 
Cockerell Butterfly Center, a three-story immersion butterfly 
glasshouse attached to the museum, attracting 700,000 
visitors during its first year of operation. A live arthropod 
exhibit room was later added to this facility. In 1995, the 
Butterfly Pavilion and Insect Center, became the first stand- 
alone nonprofit insect facility in the United States. 

In the 1990s at least 20 seasonal butterfly houses 
emerged, including several supported by universities such as 
Michigan State University and Kansas State University under 
the auspices of their respective Departments of Entomology. 
The insectarium at the St. Louis Zoo opened in 2000. 
Costing $4 million and maintaining 80 to 100 species in 
addition to a butterfly display, it became the most significant 
facility to open in over a decade. 

Parallel developments have occurred in Canada, but the 
most notable was the development of the Insectarium de 
Montréal founded by Georges Brossard in 1990. This $8 
million exhibit mixed classic European museum design with 
multimedia interactive displays and challenged the live animal 
exhibit community to set a higher standard for the construction 
of new insectariums to educate the public about insects, which 
represent 80 to 95% of the animal species on terrestrial earth. 


Australia 


In Australia, the Melbourne Zoo was the first to get into the 
invertebrate business by opening a butterfly house in 1985. 
The Insectarium of Victoria and the Victorian Institute of 
Invertebrate Sciences opened at Heathcote in 1993, moving 
in 1998 to a permanent home in Woodend. On display is 
Astacopsis gouldi, or the giant yabby or crayfish, one of the 
largest freshwater invertebrates on earth. 


Latin America and Africa 


Butterfly exhibit houses in Latin America are most 
commonly derived from commercial butterfly ranching and 
farming operations. The Butterfly Farm in La Guacima de 
Alajuela, Costa Rica, founded in 1990, and Spirogyra 
Butterfly Garden in San Jose, Costa Rica, established in 
1992, typify these facilities. The Green Hills Butterfly Ranch 
in Belmopan, Belize, is a display as well as commercial 
supplier, as is the La Selva Butterfly Farm in Ecuador. 
Butterfly World in Klapmuts, South Africa, opened in 1996. 


Meanwhile Europe, following the publication of an RSPG (Radio Spectrum Policy Group within which 
France is represented by ANFR) opinion”, decided to focus its first studies on the 26 GHz band 
(pioneer band), then on the 32 GHz and 42 GHz bands. Later, studies will be carried out on 
introducing 5G in all of the other bands identified by WRC-15. 


The rapid choice of the 26 GHz band as the pioneer band was made to enable economies of scale for 
equipment production, since it is very likely that dual-mode equipment, i.e. compatible with both the 
26 GHz and 28 GHz band, will be available for pioneer rollouts”’. 


In France, the 26 GHz band is already being employed for a variety of uses: mobile operators’ 
wireless fixed links (4G infrastructure links), fixed satellite service systems and ground stations for 
space services. Studies will therefore need to be conducted to take these services into account, and 
define either the cohabitation or migration of applications to other millimetre wave frequencies. 


3.22 Frequency bands below 6 GHz 


The 3.4-3.8 GHz band 


It will not be possible for 5G to run entirely on millimetre wave frequencies: the propagation 
qualities of these bands make it difficult to achieve widespread coverage, particularly in more 
sparsely populated areas. In addition, these bands are still lacking in technological maturity when it 
comes to delivering consumer market communication services. As a result, a “core” band below 
6 GHz needs to be identified: one that provides sufficiently large channels to enable future 5G 
operators to provide innovative services and a higher quality of service than with 4G. 


The 3400 - 3800 MHz band appears to be a good candidate. 


First, it has already been harmonised for ultrafast mobile services inside the European Union. Initially 
the 3400 - 3600 MHz band and later the 3600 - 3800 MHz band were identified as the “IMT” bands 
(for high-speed mobile). Second, they have a great deal of available spectrum (up to 400 MHz). 
Lastly, technological advancements (antenna and signal processing) make these frequencies 
compatible with their use to establish macro cells, and not only microcells. To give an example, it 
emerged from the interviews conducted by Arcep that coverage with this band could be similar to 
coverage with the 2.6 GHz band, the core 4G frequency band. 


This analysis has been confirmed by the European Commission (in its 5G mandate to RSCOM”’) and 
by RSPG** which consider the 3.4 - 3.8 GHz band as the only credible 5G band for deployments taking 
place before the end of 2020. 


In France, the band is assigned to Arcep, in a priority fashion, for the 3400 - 3600 MHz frequencies 
(and in a non-priority fashion to the Ministry of the Interior and the Ministry of Defence), and 
exclusively for the 3600 - 3800 MHz frequency bands. It is used for wireless local loop and satellite 
applications. 


The compatibility of future uses with current applications is being examined by the Electromagnetic 
Compatibility Advisory Committee, which is chaired by the National Frequency Agency and of which 


http://rspg-spectrum.eu/wp-content/uploads/2013/05/RPSG16-032-Opinion_5G.pdf 

© The tuning range is vital here: a system capable of regulating its frequency from 26 to 28 GHz appears entirely 
technologically achievable within the timeframe for the first 5G millimetre wave deployments. This would have been less 
true if a switch between 28 and 32 GHz were required. 
*"https://circabc.europa.eu/sd/a/448dc765-51de-4fc8-b6e0-56ed6a1d0bca/RSCOM16-40rev3%205G%20draft_mandate C 
EPT.pdf 

*8http://rspg-spectrum.eu/wp-content/uploads/2013/05/RPSG16-032-Opinion 5G.pdf 
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BIODIVERSITY CONSERVATION AND 
INSECT EXHIBITS 


Insectariums can play a strong role in conservation education. 
They can also play a role in the conservation of biodiversity 
in nature by providing economic opportunities for local 
populations that are alternatives to destructive resource 
extraction such as logging, mining, or conversion of forest 
land to agricultural enterprises such as cocoa, coffee, or oil 
palm plantations. It is difficult if not impossible to conserve 
natural resources where alternative economic opportunities 
are limited or absent. In response, as general awareness and 
concern for loss of tropical forest ecosystems and biodiversity 
emerged, the government of Papua New Guinea deemed 
insects a national resource and candidate for economic 
development. This policy resulted in the establishment of the 
Insect Farming and Trading Agency (IFTA) in 1978, to 
create income-producing opportunities for villages through 
nondestructive extraction of forest resources while at the 
same time creating incentive for preserving forest habitat. In 
1983 a report published by an advisory committee of the 
National Research Council, in cooperation with the IFTA, 
promoted the idea of butterfly ranching and farming to 
supply research scientists, butterfly collectors, and other 
commercial uses. The report estimated that the current trade 
was between $10 and 20 million annually. Gram for gram, 
butterflies became more valuable than cattle. In 1981 it was 
estimated that an industrious butterfly farmer could earn 
from $100 to $3000 a year versus the mean per capita of $50. 
The IFTA sells $400,000 worth of stock annually and 
provides income for 1500 villagers in Papua New Guinea. 
The worldwide explosion of public walk-through butterfly 
houses in the 1980s and 1990s created a new market for 
butterfly ranching and farming projects. Nairobi University 
scientists, working with the East African Natural History 
Society and the National Museums of Kenya, began the 
Kipepeo Project, (Aipepeo is Swahili for butterfly) in 1993 to 
protect the Arabuko—Sokoke Forest in Kenya. A United 
Nations grant was awarded to develop sustainable utilization 
of butterfly biodiversity for the benefit of surrounding rural 
communities. In addition, a butterfly house was established 
as an ecotourism attraction to diversify the coastal tourism 
industry and to promote conservation of the Arabuko—Sokoke 
Forest. Several butterfly ranching projects have been created 
in Costa Rica to promote the conservation of remaining 
remnants of forest habitat in that country. These projects rely 
on the purchase of pupae by live butterfly exhibits. 
Organizations such as the U.S. Agency for International 
Development, The Nature Conservancy, Conservation 
International, and the World Wildlife Fund have now 
participated in the development of similar projects in Central 
America, and in Irian Jaya and Sulawesi in Indonesia. 
Papiliorama-Nocturama Tropical Gardens in Neuchatel, 
Switzerland, an exhibit and nonprofit organization that 
opened in 1988, invests income into a sister foundation, the 
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International Tropical Conservation Foundation, which runs 
the 8.9 ha Shipstern Nature Reserve in Belize. Shipstern also 
has its own public butterfly house on the reserve grounds. 

Approaches to conservation have shifted in the past 
decade from focusing on single-species protection to 
ecosystem preservation. In 1987, for example, the Center for 
Ecosystem Survival, a nonprofit consortium serving zoos, 
aquariums, museums, and botanical gardens, was created in 
San Francisco to raise funds for biodiversity conservation 
through habitat protection, conserving invertebrates and 
plants as well as vertebrates and other forms of life. In 2001, 
a total of 112 informal science institutions participated in 
this program and raised over $2 million for habitat purchase 
and protection, fueled in part by increased public awareness 
of the magnitude and importance of insect biodiversity. 


See Also the Following Articles 
Conservation « Museums and Display Collections e 
Photography « Rearing of Insects « Teaching Resources 
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A cross millennia, humans have used a variety of approaches 
in attempts to maintain pest insects at tolerable levels. 
The character of these approaches has evolved over time. Since 
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the late 1960s, an approach termed integrated pest manage- 
ment (IPM) has ascended to dominance internationally. In 
essence, IPM is a decision-based process involving coordi- 
nated use of multiple tactics for optimizing the control of all 
classes of pests (arthropods, microbial pathogens, vertebrates, 
weeds) in an ecologically and economically sound manner. 


HOW INSECT PESTS ORIGINATE 


The manner by which an insect has become a pest influences 
the strategy used for managing it within an IPM framework. 
Some species have reached the status of pest because human 
thresholds for tolerating them have decreased as economic 
well-being has increased. Other species have become pests as 
a consequence of the availability of abundant resources for 
their survival and reproduction; resource concentration in 
time and space is conducive to rapid buildup of insect 
populations. Still other species have become pests in regions 
of their origin when they expanded their host range from 
comparatively unimportant native hosts to economically 
important introduced hosts. Finally, some species have 
become pests almost instantly upon being transported by 
humans to new locales having favorable resources but devoid 
of effective natural enemies. 


CLASSIFICATION OF INSECT PESTS 


For purposes of devising an appropriate IPM strategy, insect 
pests may be classified as key, secondary, or induced. Key pests 
are those whose populations, if unmanaged, repeatedly exceed 
tolerable levels; these are the principal focus of IPM endeavors. 
Secondary pests are those whose populations occasionally 
reach intolerable levels; their potential threat is recognized by 
the very act of devising IPM strategies. Induced pests are those 
whose populations rarely exceed tolerable levels under natural 
conditions, but if they become resistant to pesticides or other 
single-tactic control measures that harm their natural enemies, 
they can reach outbreak proportions. Usually induced pests 
return to nonpest status under a true IPM approach. 


EVOLUTION OF CONCEPT OF IPM 


Through trial and error across centuries, humans gradually 
came to use tactics such as cultural control, host resistance, 
and biological control in efforts to protect themselves, 
livestock, crops, and forests against pests. By the latter half of 
the 19th century, some pest control strategies that blended 
these tactics could rightfully be considered to be precursors of 
modern IPM strategies. During the 20th century, efforts to 
maintain pests at tolerable levels became more formalized as 
they became more intensive; these efforts can be considered 
as having progressed along the following four pathways. 
“Pest control” was the terminology used during the first 
half of the 20th century to describe the set of actions taken to 
avoid, attenuate, or delay the impact of pests. Early in the 


century, inorganic and botanical insecticides gained increasing 
prominence as a control tactic against pest insects. By mid- 
century, use of organosynthetic insecticides supplanted 
virtually all other tactics in becoming the dominant approach 
to insect pest control, especially in developed countries. 

“Integrated control” surfaced about 1950 in California as 
a concept of pest control aimed at combining and integrating 
biological and chemical control. The emergence and eventual 
popularity of this concept had roots in problems associated 
with overuse of organosynthetic insecticides, particularly a 
surge of key, secondary, and induced insecticide-resistant 
pests and environmental harm caused by insecticides. The 
publication of Silent Spring by Rachael Carson in 1962 was 
especially important in spurring widespread interest in the 
principles of integrated control. 

“Pest management” represents a shortened version of 
“protective population management,” a concept coined in 
1964 by Australian ecologists to emphasize direct human 
interference in maintaining pests at tolerable levels, as 
opposed to reliance on unmanaged natural abiotic and biotic 
factors acting on pest populations. The concept of pest 
management embraced a broader range of pest control tactics 
than did the concept of integrated control. Until the late 
1960s, both these concepts flourished simultaneously in 
accenting the need to move beyond use of insecticides as a 
sole pest control tactic. 

“Integrated pest management” originated in 1968 as a 
contraction of “integrated pest population management,” an 
expression used first in 1967 by R. F. Smith and R. van den 
Bosch. Soon afterward, the abbreviation “IPM” came into use 
worldwide for signifying a desirable and holistic approach to 
controlling pests. Numerous definitions have been put forward 
for IPM, but one that captures the broad and essential 
elements of many others is the following: IPM is a decision 
support system for the selection and use of pest control tactics, 
singly or harmoniously coordinated into a management stra- 
tegy, based on cost-benefit analyses that take into account 
the interests of and impacts on producers, society, and the 
environment. No single definition, however, is likely to 
encompass all facets of IPM for all time. IPM has been and 
likely will continue to be an evolving concept. For example, 
a compendium of IPM definitions, available on the World 
Wide Web (http://www.ippc.orst.edu/IP Mdefinitions/ 
define.html?), listed 67 definitions in mid 2002. 


ECOLOGICAL FOUNDATION OF IPM 


Ecology is the study of relationships among organisms and 
their environment. Consideration of these relationships 
usually begins with focus on individuals or populations of a 
single species and subsequently broadens to include 
communities of organisms and, eventually, ecosystems. 
Conceptually, the foundation of IPM is ecological. Ideal 
IPM programs are those that fully embrace ecosystem 
structure and processes in time and space. In reality, 


ecological complexity increases dramatically with each step 
from population to community to ecosystem. Such 
complexity challenges the realization of ideal IPM programs. 
One approach that has been taken toward recognition of 
the ecological foundation of IPM, especially in developing 
countries, accentuates the pest-suppressing properties inherent 
in natural ecosystems as primary building blocks for the con- 
struct of human-designed ecosystems. After system construc- 
tion based on ecological principles, the intent is to minimize 
human intervention to the greatest extent possible while still 
maintaining pest populations within tolerable levels. 
Another approach, common in developed countries, takes as 
its starting point an existing ecosystem constructed by humans 
and aims at reducing negative impact in a succession of steps 
used in the management of pests. Such an approach usually 
commences with a focus on the ecology of a single-species 
population and may expand to consideration of structures 
and processes associated with communities and ecosystems. 


ADVANCING LEVELS OF INTEGRATION 
IN IPM IMPLEMENTATION 


A hierarchical structure results from the ecological 
foundation of IPM that lends itself to viewing IPM as 
progressing in scope through a series of ecologically rooted 
steps. These steps are characterized by ascending levels of 
complexity and spatial scale: from focus on a single-species 
population in a restricted locale to focus on a community of 
pest and other organisms in a larger area to focus on a whole 
ecosystem. Coincident with this ecocentric hierarchy is 
another stepwise hierarchy conceived of as a vehicle for 
measuring progress in achieving the goals of IPM. This 
hierarchy comprises a succession of levels from single-tactic 
(almost invariably based on pesticide use) to multitactic 
measures of pest and habitat management. The steps further 
involve ascending from focus on a single pest species in a 
single class of pests (e.g., insects) to multiple pest species 
across all classes of pests (insects, microbial pathogens, 
vertebrates, and weeds). These distinctive hierarchies can be 
blended in the form of a continuum of advancing levels of 
integration in IPM implementation. Three more or less 
distinctive levels along the continuum are described here 
(Fig. 1). Degree of success in integration at each level is 
shaped not only by ecological processes but also by 
government policy, regulatory legislation, social relations, 
economic forces, and cultural background that may enhance 
or constrain progress. 


FIRST-LEVEL IPM 


In the most basic and also the most widely practiced form of 
IPM, emphasis is on monitoring development and/or 
abundance of a single pest species at a single locale (e.g., a 
household, cow barn, greenhouse, cropped field, or woodlot) 
and using thresholds for deciding whether to take action. 
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FIGURE 1 Levels of IPM integration: main targets, ecological scales, and 
levels of ecological complexity. 


Application of a pesticide is by far the most common form of 
action taken under first-level IPM. Integration occurs when 
abundance of natural enemies of the pest in question also is 
considered in the decision-making process and when 
selection among candidate pesticides involves explicit 
attention to minimizing harm to these and other beneficial 
organisms. This form of IPM has been characterized by some 
as “integrated pesticide management.” 


Monitoring Pest Development 


Because the developmental rate of an arthropod is regulated 
largely by temperature, the monitoring of developmental rate 
for pest management purposes usually takes the form of 
measuring accumulation of heat units above a threshold 
temperature at which development begins. At temperatures 
above these fostering the maximal developmental rate, 
development may decrease. Such decrease has not been 
investigated for most pest arthropods and has not yet played 
a significant role in making pest management decisions. 

The simplest and most prevalent approach to measuring 
accumulation of heat units above developmental threshold 
temperature involves use of degree-days (DD). For a specific 
date, the number of accumulated DD equals the average 
temperature of that date minus the developmental threshold 
temperature of the arthropod. Several procedures have been 
devised to estimate average daily temperature. The most 
common one, albeit somewhat crude, consists simply of 
averaging the maximum and the minimum ambient 
temperature of the day. To illustrate the DD approach, if the 
high and low temperature for a given day were 30 and 20°C, 
respectively, with a developmental threshold temperature of 
10°C, then 15 DD would have accumulated on that day. 
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Pest development as monitored by DD accumulation may 
benefit decision making under first-level IPM in several 
ways, particularly for optimal timing of management 
activities. For example, ability to predict when a majority of 
pest adults is about to emerge from pupae is useful for 
optimal timing of deployment of traps for monitoring adults. 
Knowledge about when oviposition is likely to begin and 
peak can facilitate optimal timing of pesticide application 
against newly hatched larvae, which often is the stage most 
to pesticide 
determination is made in conjunction with date of first 


vulnerable treatment. Sometimes this 
capture of adults by traps, known as a “biofix” point for 
initiation of DD accumulation. The ability to forecast when 
a majority of larvae or nymphs is at a particular growth stage 
can aid in optimal timing of sampling their abundance and 


the abundance of their natural enemies. 


Monitoring Pest Abundance 


Ideally, an IPM practitioner would have available a precise 
count of the number of individuals of an insect pest species 
present in an area of concern; realistically, obtaining 
information on absolute densities of pests is prohibitively 
costly. Therefore, most practitioners rely on imprecise 
estimates of pest population density obtained by using one or 
more population sampling techniques. The intent is to 
capture a more or less consistent, if unknown, proportion of 
the pest population. Choice of appropriate sampling 
technique varies considerably according to pest species and 
developmental stage. 

For sampling comparatively mobile individuals such as 
adults, traps using odor and/or visual stimuli are common 
tools. Odor stimuli usually consist of synthetic equivalents of 
either attractive sex odors (sex or aggregating pheromones) or 
attractive food or host odors. Visual stimuli normally rely on 
synthetic mimics of visually attractive sites where feeding, 
mating, or egg laying occurs. 

For sampling less mobile individuals such as larvae, 
common techniques include visual searching of the target 
area accompanied by direct counts of detected pests, use of a 
sweep net (especially effective for sampling individuals on 
foliage of nonwoody plants), and use of a loose or framed 
cloth placed beneath vegetation that is shaken or tapped to 
dislodge pests. Sampling immobile individuals such as eggs 
or pupae usually is done by visual inspection. 

To obtain an acceptably accurate and cost-effective 
estimate of the size of a pest population by means of one of 
these techniques, careful attention must be given to the 
program under which sampling is conducted. Effective 
sampling programs take into account the daily activity 
pattern of the target species as well as its characteristic spatial 
distribution (uniform, random, or clumped). Historically, 
most programs have incorporated sampling at several or 
numerous sites in a target area to acquire sufficient 
representation of the size of a pest population; then 


researchers have counted the sampled individuals of the 
target pest. New programs developed for some pests simplify 
these procedures. Sequential sampling is an approach that 
optimizes the number of sampling sites needed for classifying 
a pest population as below or above a density requiring 
action. Binomial sampling is an approach that classifies an 
individual species as either present or absent at a sampling 
site, thereby precluding the need to count all members of 
that species taken in a sample. Both these simplifying 
approaches require substantial species-specific background 
information for their development and use. 

The emerging technologies of global positioning systems 
(GPS) and geographical information systems (GIS) offer 
unsurpassed capability of aiding in the mapping of site- 
specific variation in characteristics of areas under 
consideration for sampling. A GPS uses triangulation of 
signals from a constellation of satellites to identify the precise 
location (within a meter) of an area on the earth’s surface. A 
GIS is a computer program for the mapping and spatial 
analysis of georeferenced information. GIS capabilities 
include assemblage, storage, manipulation, retrieval, and 
graphic display of information about attributes of precise 
locations identified through GPS. Such information can be 
exceptionally useful in forming associations between 
characteristics of a specific locale (e.g., terrain, soil, extent of 
vegetative growth, microclimate) and density of a population 
(Fig. 2). For pests, sampling can be directed toward specific 
sites in which densities are suspected to be highest. 
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FIGURE 2 Dispersal of Neoseiulus fallacis for biological control of spider 
mites in a strawberry field, 8 to 15 weeks following release of 100 adult 
females at each of 15 sites: squares, release sites; crosses, sample points. This 
distribution is due to ambulatory foliar movement and aerial dispersal 
(dominant winds from south and southwest). Data represented using GIS 
(GRASS y. 4.1). [From Coop, L. B., and Croft, B. A. (1995). Neoseiulus 
fallacis: Dispersal and biological conrol of Tetranychus urticae following 
minimal inoculation into a strawberry field. Exp. Appl. Acarol. 19, 31-43. 
Reproduced by permission from the authors and Chapman & Hall (now 
Kluwer Academic Publishers).] 
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FIGURE 3 Graphs depicting theoretical population fluctuations of two insect pest species. 


Deciding Whether to Take Action 


Several approaches have been developed for deciding whether 
an insect pest population has or has not reached a level 
requiring intervention, such as an insecticide application. For 
agricultural purposes, the approach used most often centers 
on the concept of “economic injury level” (EIL), formalized 
in 1959 by V. H. Stern, R. E Smith, R. van den Bosch, and 
K. S. Hagen and defined by them as the “lowest pest 
population density that will cause economic damage.” These 
entomologists also proposed a related concept, which they 
termed the “economic threshold” (ET), defined as the “pest 
density at which control measures should be applied to 
prevent an increasing pest population from reaching the 
economic injury level” (Fig. 3). 

The decision-making concepts of EIL and ET have been 
fundamental to the development and implementation of 
first-level IPM, particularly for insect management in 
agriculture (but less pronouncedly for disease, vertebrate, and 
weed management). They have been especially useful when 
insect pest populations are expected to increase over time 
within a crop, can be sampled reliably, can be related in a 
predictable way to reduction in crop yield or quality, and can 
be controlled readily by taking immediate action (e.g., 
application of insecticide) to prevent further damage. They 
are less valuable when human comfort or aesthetics, rather 
than economic damage, is paramount. Even for agriculture, 
the concepts of EIL and ET cannot be applied rigidly 
because of inherent unpredictability of such factors as future 
weather (which can markedly affect rate of pest population 
growth and degree of crop susceptibility to a pest) and future 
value of the crop in the marketplace. Also, a type of action 
that may require considerable time before reducing pest 
density, such as application of a biocontrol technique, is 
likely to be less appropriate than an insecticide application 
within an EIL/ET framework. 

A refinement of the concept of EIL, put forward by L. P, 
Pedigo and L. G. Higley, introduces the element of 
environmental quality into the decision-making process. 
Negative effects of insecticides on natural enemies of pests and 


on other organisms in the environment are treated as costs in 
addition to monetary costs associated with insecticide 
application. Quantifying environmental costs has proven to 
be challenging and subject to much debate, but progress 
under this refined concept of EIL nonetheless has been made. 

In 1984 W. L. Sterling advanced the concept of “inaction 
level,” which is the density of natural enemies sufficient to 
maintain a pest below the EIL. M. P. Hoffmann and 
collaborators developed a sampling program for eggs of 
tomato fruitworm, Helicoverpa zea, that permits ready 
identification and quantification of parasitized eggs in 
addition to healthy eggs. If the level of egg parasitism is 
determined to be too low to prevent larval numbers from 
exceeding the EIL, the lowest adequate rate of a “soft” 
pesticide (one having least impact on parasitoids and other 
nontarget organisms) is recommended. This approach is an 
example of application of the inaction level concept and 
represents a high degree of first-level IPM implementation. 

Area-wide IPM is an expansion of first-level IPM that 
may represent a significant transitional step toward second 
and third levels of IPM. Under area-wide IPM, the key pest 
of a crop is targeted for management by means of the most 
effective noninsecticidal approach. For example, the codling 
moth, Cydia pomonella, is managed in apple and pear 
orchards by tactics such as the pheromone mating disruption 
technique or the sterile insect release method, that impair 
normal reproduction. Such tactics are implemented over 
areas large enough to preclude recolonization by fertile 
females from adjacent areas. By reducing the impact of 
broad-spectrum insecticides, natural enemies are preserved 
and are usually capable of regulating most secondary pests in 
the crop. As area-wide IPM programs expand to incorporate 
multiple pest interactions, they become natural springboards 
to higher level integration in IPM systems. 


SECOND-LEVEL IPM 


Second level IPM is intermediate between basic and 
advanced. It is receiving increased research attention, but 
inherent complexities have greatly limited its effectiveness. 
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Emphasis is on management of key pests of all classes and 
their associated natural enemies comprising a community 
(e.g., a village of dwellings, an entire farm, a wooded area 
surrounding a village). Emphasis also is on substituting a 
variety of comparatively environmentally benign management 
tactics (e.g., cultural management, host resistance, biological 
control, behavioral control), to the greatest extent possible, 
for the therapeutic practice of pesticide application. 
Decision makers must determine how best to integrate these 
tactics to achieve long-term suppression of pests within a 
cost-benefit framework. 

Cultural management is purposeful manipulation of the 
environment to reduce pest abundance. It is most effective 
when directed at the most vulnerable life stage of a pest. Four 
forms of habitat or environmental manipulation aimed at 
controlling pests have been practiced for centuries in 
agriculture: crop rotation, timing of planting or harvest to 
minimize pest damage, sanitation or elimination of 
noneconomic resources available for pest reproduction, and 
polyculture, or the interplanting of different crops to diffuse 
resource concentration. More recent practices include the 
planting or encouragement of selected types of noneconomic 
vegetation in the vicinity of crops or as cover crops to serve 
as harborage for natural enemies of pest insects. Analogues of 
these practices have been developed for managing insect pests 
in nonagricultural situations. 

Host resistance is any inherited characteristic of a host that 
lessens effects of an attacking pest. For centuries, humans may 
have unknowingly or intentionally selected for cultivars of 
plants or breeds of animals that are best able to withstand 
pests. Modern breeding programs, however, often have placed 
more emphasis on increasing yields than on protection against 
pests. Entomologically, resistant traits are preadaptive charac- 
teristics of a host that reduce its detectability, acceptance, or 
nutritional value, or enhance its toxicity to a pest insect. 
Molecular genetics techniques that facilitate introduction of 
specific pest resistance genes into cultivars or breeds possessing 
desirable commercial or aesthetic traits are beginning to 
replace traditional resistance breeding approaches. 

In biological control, parasitoids, predators, or pathogens 
are deployed as natural enemies in the reduction of pest 
populations. Of the myriad insect species that could become 
pests, most do not because they are suppressed effectively by 
naturally occurring populations of biological control agents. 
Natural levels of biocontrol, however, often are insufficient 
for IPM purposes. Biological control then takes the form of 
importing absent natural enemies from other locales (termed 
importation or classical biocontrol), augmenting existing 
natural enemies by rearing and then releasing substantial 
numbers into the target community (termed augmentation), 
or tailoring management tactics to reduce negative effects on 
existing natural enemy populations (termed conservation). 
The latter is the most widely practiced form of biocontrol. 

Behavioral control is manipulation of the behavior of pest 
individuals to prevent them from causing harm or unpleas- 


antness. Because of the expense and technological challenges 
associated with its use, behavioral control usually is directed 
only at key pests. Behavioral control may involve use of 
natural or synthetic chemical or physical stimuli to lure pests 
to sites where they are killed, or use of such stimuli to disrupt 
the ability of pests to find or use a potential resource. An 
ideal form of behavioral control might involve joint use of 
disruptive and attractive stimuli to achieve maximum effect, 
but this form is not yet widespread in practice. 

Vineyards in parts of Europe and North America represent 
one of the few areas in which pest management is practiced 
effectively under the second-level IPM concept. Besides 
using essential elements of first-level IPM for insect pests, 
certain practitioners of vineyard IPM in these locations blend 
host plant resistance with cultural, biological, and behavioral 
controls for suppression of key pest insects and also use a 
suite of cultural controls for managing key disease and weed 
pests. This approach has resulted in marked reduction in 
pesticide use and greater stability of relationships among 
organisms comprising vineyard communities. 


THIRD-LEVEL IPM 


Although many IPM practitioners aspire to implement third- 
level IPM, the most advanced form remains largely in an 
embryonic state of development. Emphasis is on using 
principles and practices of second-level IPM in harmony 
with all other elements that affect long-term productivity or 
well-being of an ecosystem. Such elements include sound 
horticultural or husbandry practices (for agriculture), sound 
forest management (for silviculture), and sound community 
health practices (for villages or subunits of cities). Third-level 
IPM features attention to environmental and societal costs 
and benefits in the making of pest management decisions. 
The focal ecosystem may be an entity no larger than a 
community, as considered under second-level IPM, or it 
could be an entity as extensive as an ecological region. For 
crops, third-level IPM is roughly synonymous with the 
concept of integrated crop management. It is not, however, 
synonymous with organic agriculture, which disallows some 
materials and practices acceptable under third-level IPM. 
Spearheaded by P. E. Kenmore, an approach has been 
developed for growing rice in developing parts of Asia that 
reflects many of the tenets of third-level IPM. This approach 
acccentuates societal contribution to the IPM decision- 
making process. It involves weekly gatherings of small groups 
of rice farmers, accompanied by experienced pest 
management personnel, who jointly conduct agroecosystem 
observations, engage in data analysis, and consider local 
ecosystem structure, environmental health, and a range of 
immediate and long-term tactics before making pest 
management decisions. This process has resulted in dramatic 
increases in awareness by entire communities of an advanced 
form of IPM and often dramatic decreases in use of pesticides 
on rice. It stands in contrast to modes of decision making 


and levels of popular awareness characteristic of less advanced 
forms of IPM implementation in many developed countries, 
where it is commonplace for farmers to make IPM decisions 
either acting alone or at most interacting with a private 
consultant, extension 


government representative, or 


employee of a pesticide distributor. 


IPM AND SUSTAINABLE DEVELOPMENT 


In a broad sense, sustainable development is development 
that meets the needs of the present without compromising 
the ability of future generations to meet their own needs. 
Sustainable development is rooted in the concept of 
ecosystem integrity and permeates all facets of human 
endeavor, whether economic, social, or cultural. 

The scope of concerns and practices of third-level IPM as 
described here corresponds closely to that of sustainable 
development. Each emphasizes preservation of processes 
associated with natural ecosystems, long-term well-being of 
humans as members of communities, economic viability, and 
deployment of exogenous resources only after careful 
consideration. For agriculture, concepts underlying third- 
level IPM can be equated with concepts underlying 
sustainable agriculture. For both, one can expect concepts to 
evolve further over time. 


See Also the Following Articles 
Agricultural Entomology ¢ Biological Control e Extension 
Entomology ¢ Insecticides ¢ Physical Control ¢ Population 
Ecology « Sterile Insect Technique 
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Integument 


Svend O. Andersen 
Copenhagen University 


he integument is the external layer of tissue that covers 

the outer surface of insects and the surfaces of the foregut 
and hindgut. It is composed of the epidermis, which is a 
continuous single-layered epithelium, and an underlying 
thin basal lamina plus the extracellular cuticle that lies on top 
of the epidermis. 


BASAL LAMINA 


The basal lamina separates the epidermal cells from the 
hemolymph in the body cavity; it varies in thickness from 
0.15 to 0.5 Um and is composed of structural proteins 
including collagens, glycoproteins, and glycosaminoglycans. 
It is negatively charged and can act as a filter between the 
hemolymph and the epidermal cells, regulating which 
molecules gain access to the cells. 


EPIDERMAL CELLS 


The epidermal cells are attached to the basal lamina by 
hemidesmosomes, which anchor the cell membrane to 
collagen fibers in the basal lamina. Near their base, the cells 
are attached to each other by desmosomes; near their apical 
end, they are attached to each other by a narrow, 
impermeable zone (the adhering zonule), effectively 
separating the cuticular compartment from the lateral space 
between cells. Below the zonule are bands of septate 
desmosomes, which may be adhesive, and gap junctions 
through which the cells can communicate chemically with 
each other by interchange of low molecular weight 
compounds. 

The cuticular materials (chitin and proteins) are secreted 
from the apical surface of the epidermal cells into the 
subcuticular space, or deposition zone, where they are 
assembled into an intact cuticle. The apical surface is folded 
into shorter or longer microvilli, depending on the stage of 
the molting cycle and the secretory activity of the cells. 
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THE MOLTING PROCESS 


The cuticle is a rather inextensible structure, and to grow, 
insects need to shed their old cuticle at intervals after having 
produced a new one with a larger surface area. The whole 
process, from breaking the connections between the epidermal 
cells and the cuticle (apolysis) to emerging from the remnants 
of the old cuticle (ecdysis), is called molting. A molt is initiated 
by a brief increase in concentration of the molting hormone, 
ecdysterone. Whether the new cuticle will become a larval, a 
pupal, or an adult cuticle depends on the concentration of 
juvenile hormone during the ecdysterone surge. 

The first microscopically visible sign of molting is 
apolysis, which is the formation of a narrow space between 
the apical membrane of the epidermal cells and the inner 
surface of the cuticle. The cell membrane is folded into rather 
low microvilli, which carry small, dense plaques at the tip. 
Patches of a new epicuticle form at the top of the plaques, 
and gradually these patches merge to form a thin continuous 
layer, called the outer epicuticle or the cuticulin layer, that 
effectively separates the old cuticle from the space in which 
new cuticle is deposited. 

The epidermal cells undergo mitotic divisions at the onset 
of molting, resulting in an increase of cell number and total 
epidermal surface. To allow the animal to increase in size at 
molting, the epicuticle deposited above the apical cell surface 
has a larger area than the former epicuticle, and the epidermis 
together with the epicuticle is folded to be accommodated in 
the space available inside the old cuticle. 

The epidermal cells secrete a mixture of hydrolytic enzymes 
(the molting fluid) into the space below the old cuticle. The 
enzymes (proteases, peptidases, chitinase, and glucosidases) 
degrade the endocuticular chitin and proteins in the old cuticle 
to free N-acetylglucosamine and amino acids to be resorbed 
by the insect and reused for building the new cuticle. 

While the old cuticle is being digested, the new inner 
epicuticle is deposited beneath the outer epicuticle and the 
new procuticle starts forming. Chitin is synthesized by an 
enzyme complex (chitin—synthetase) located at the tip of the 
microvilli, and chitin microfibrils grow from here into the 
subcuticular space, the deposition zone. The cuticular 
proteins are synthesized intracellularly and transported via 
secretory vesicles from the Golgi complex to the apical 
plasma membrane, where by exocytosis they are secreted into 
the subcuticular lumen. The chitin and protein molecules are 
in some way organized into a macromolecular complex in the 
deposition zone between cells and cuticle, possibly by a 
process of self-assembly. 

The procuticle grows steadily in thickness until ecdysis, 
when the partially digested old cuticle ruptures and the insect 
emerges. Free of the old cuticle (exuvium), the insect expands 
the new cuticle to a predetermined size, often dependent on 
the area of the epicuticle. Cuticular deposition of chitin and 
proteins is resumed and continues for several days after 
ecdysis, and extended regions of the new cuticle are hardened 


(sclerotized) by oxidative incorporation of phenolic 
compounds into the cuticular matrix. In many insects, 
sclerotization and deposition of endocuticle after ecdysis are 
governed by the neurohormone bursicon. 

Secretion of material from the epidermal cells occurs not 
only at the apical surface. Some of the proteins synthesized 
by the cells are exported to the hemocoel via the basolateral 
membrane system, and others, such as arylphorins, are 
synthesized in the fat body and secreted into the hemolymph 
to be taken up by the epidermal cells and incorporated into 
the cuticle. 


PORE CANALS 


Most cuticles contain pore canals, minute ducts that traverse 
the cuticle from the apical surface of the epidermal cells to or 
close to the cuticular surface. When viewed with an electron 
microscope they may seem empty, but they often contain one 
or more cuticular filaments composed of wax and lipids. 
Cytoplasmic processes may extend into the ends of the pore 
canals during cuticle deposition. The pore canals are 
generally assumed to be a transport route for lipids and 
possibly also for sclerotizing agents and proteins to the 
epicuticle and outer exocuticle. 


SENSE ORGANS 


The integument of insects contains a large number of sensory 
cell types, involved in transferring information from the 
environment to the insect. The sensory cells in the epidermis 
are often connected to specific cuticular structures, forming 
sense organs of various types, such as contact chemoreceptors 
(taste), olfactory chemoreceptors (smell), and mechanorecep- 
tors, which register any small distortion of the cuticle caused 
either by the movements of the animal or by influences from 
the environment. 


OENOCYTES 


Oenocytes, a special cell type, often are present between the 
basal region of the epidermal cells and the basal lamina, or they 
may adhere to the hemolymphal surface of the basal lamina. 
Electron microscope studies show that they have a highly 
developed smooth endoplasmic reticulum, characteristic of 
cells engaged in hydrocarbon synthesis. Oenocytes synthesize 
hydrocarbon waxes, which are transferred to the wax layer of 
the epicuticle, presumably via the epidermal cells and the 
procuticular pore canals. It has been suggested that the 
oenocytes also provide lipids to the outer and inner epicuticle 
as well as to the sclerotized regions of the exocuticle. 


INTEGUMENTAL GLANDS 


Epidermal glands are present in many types of integument; 
they often consist of a single cell surrounding a cavity, which 


functions as a product reservoir and is connected to the 
cuticular surface by a small duct. Glands of this type are 
assumed to be responsible for forming and maintaining the 
cement layer, which after ecdysis is spread as a protective 
layer on top of the epicuticular wax layer. Other integu- 
mental glands of this type produce various chemical defense 
secretions, which may be forcibly ejected when the insect is 
disturbed. 

Integumental glands also may consist of epidermal cells 
without a cavity and duct, but with direct contact to the inner 
surface of the cuticle, through which the secretion passes. 
Often the secretions of such glands function as pheromones, 
playing a part in the communication between individuals. 


COLORATION 


The colors of most insects are the result of pigments located in 
cuticle and epidermis, or they may be physical colors caused 
by surface structures in the cuticle. Colored material in 
hemolymph or internal organs can also contribute to the 
insect’s color if the integument is transparent. Ommochromes, 
pteridines, carotenoids, bile pigments, melanins, and urates 
are the most widespread and important of the epidermal 
pigments. The colored light reflected from such epidermal 
pigments passes the overlying cuticle before it reaches the eye 
of the observer, and the observed color is influenced by the 
amount of colored material present in the cuticle. 
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Introduced Insects 
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A n introduced species is a species that did not achieve its 
current taxonomic status in some location by natural 
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evolutionary processes. Such species are often said to be 
nonindigenous or adventive to the location of introduction. 
Among nonindigenous species, those carried to the location 
by humans, either deliberately or inadvertently, are called 
“introduced species,” whereas those that arrived of their own 
volition are termed “immigrant.” However, all nonindigenous 
species are often colloquially termed “introduced.” “Exotic” 
and “alien” are sometimes used for all nonindigenous species. 

Introduced insects generate major ecological and economic 
impacts by a variety of means. Many species are introduced 
in various regions, and they span most insect orders. Their 
means of introduction are numerous, but most arrive with 
human help. Only a minority become problematic, and the 
reasons why a newly arrived species survives or fails to 
establish a population, and, if established, has or does not 
have a major effect, are often mysterious. Some problematic 
introduced species can be eradicated, and_ several 
management procedures can adequately control undesirable 
species when eradication attempts are unsuccessful. 


NUMBERS 


Introduced species often comprise a substantial fraction of a 
regional entomofauna. For example, in Great Britain there 
are about 21,000 native insects and about 200 established, 
introduced ones (comprising ~1% of the total). For the 
contiguous United States, approximately 84,000 native 
species have been identified, as have 1862 established, 
introduced species (~2% of the total). Florida has relatively 
more introduced species: 11,509 native and 993 introduced 
(8%). For oceanic islands, the introduced proportion can be 
much greater. Thus, for the Hawaiian Islands, there are about 
5400 native insects and 2600 introduced ones (32% 
introduced), whereas the mid-Atlantic island Tristan da 
Cunha has 84 native insects and 32 introduced ones (28% 
introduced). The greater proportions of introduced species 
on islands probably result more from the mathematics of 
smaller numbers of native species and relatively larger 
numbers of attempted introductions than from some 
inherent invasibility of island communities or stronger 
“biotic resistance” of continental ones. 


SYSTEMATICS 


Established introduced insects are not a systematically 
random group. An order may be over- or underrepresented, 
reflecting primarily the reasons for its introduction and/or 
the means of its arrival. This pattern is exemplified in Fig. 1, 
which depicts the proportional fractions, by order, of insects 
of the world compared with introduced insects of the con- 
tiguous United States. Thus, far more species of homopterans, 
hemipterans, and thysanopterans are introduced than would 
be expected based on their numbers in the world, because 
these orders are associated with introduced agricultural and 
ornamental plants. Hymenopterans are overrepresented 


598 Introduced Insects 











° 
i) 
' 


0.1- 


Fraction of total insect fauna 
RAAVSASIVWAAW A Aag AQAagQaqq__q_qauq_q_Qq_qQq_qQgqqaQ ggg, 


DWN AAA AAA AAA ASA-gQ_-|-A-AqQGQg-Q_AQPQ§AgQ-4QO# GGG» 
RASAVAAAAAAAAAgQ x QRQAaAQgINAP§A§yQ-4GaQ§kQ_§AgdM SATAN AT] 


FIGURE 1 Fractional representation of different insect orders of the world 
(cross-hatched) and established introduced insects of the United States (clear). 
[From Simberloff, D. (1986). Introduced insects: a biogeographic and systematic 
perspective. Jn “Ecology of Biological Invasions of North America and Hawaii 
(H. A. Mooney and J. A. Drake, eds.), Fig. 1.1, p. 6. © Springer-Verlag 
GmbH & Co. K G, Heidelberg. Data from Arnett, R. H. (1983). Status of the 
taxonomy of the insects of America north of Mexico: a preliminary report 
prepared for the subcommittee for the insect fauna of North America pro- 
ject. (Privately printed) and Sailer, R. I. (1983). History of insect introduc- 
tions. Jn “Exotic Plant Pests and North American Agriculture” (C. Graham 
and C. Wilson, eds.), pp. 15-38. Academic Press, New York.] 


perhaps partly because of their wide use in biological control 
and partly because their haplodiploidy allows a single female, 
which can produce both male and female offspring, to found 
a population. Haplodiploidy may also lower inbreeding 
depression in founding populations. Haplodiploidy is also 
found among homopterans and thysanopterans, both 
overrepresented groups. At the family level, 26 families are 
overrepresented, and other patterns become clear. In the 
contiguous United States, coccinellid beetles and anthocorid 
bugs are both overrepresented; species in both groups were 
introduced as biological control predators. Tephritid flies 
were introduced deliberately for control of knapweeds and 
inadvertently on cultivated plants. Ten overrepresented 
families are in the Hymenoptera, and seven of these were 
introduced for biological control. Two thrips families in this 
list are associated with cultivated plants, as are the adelgids 
(pine and spruce aphids). Oestrid flies are overrepresented, and 
these are internal parasites of mammals, including livestock; 
they probably arrived with their hosts. Dermestid and anobiid 
beetles are overrepresented, and these stored product pests 
probably arrived with their food sources. 


WHY, WHEN, AND HOW INSECTS 
ARE INTRODUCED 


Some introduced insects arrive in new locations on their own 
and are true immigrants. Of course, any simple range 


extension could bring a new introduced species in this sense, 
but as a rule this status is restricted to species arriving at a 
distant location by a discontinuous dispersal, rather than 
gradually diffusing from a neighboring site. Thus, the 
monarch butterfly (Danaus plexippus) in Australia might not 
be considered to be introduced. It arrived around 1870 and 
established a population, having spread through the Pacific 
during the 19th century largely unaided by humans. The 
monarch migrates long distances in its native North America, 
is an occasional straggler in Europe, and was recorded 
successively in Hawaii, the Caroline Islands, Tonga, and New 
Zealand before it reached Australia. 

Some insects are introduced deliberately by humans. A 
few insects arrive as pets or pet food; recent pet price lists 
include mantids, walkingsticks, spider wasps, velvet ants, and 
dung and blister beetles. In Florida in 1989, giant Madagascan 
hissing cockroaches (Gromphadorhina portentosa) became 
highly popular as pets; at least some were released to the wild, 
where they survive. Similarly, caterpillars of a Chilean moth, 
Chilecomadia morrei, are sold as reptile food in the United 
States and Europe. The European honey bee (Apis mellifera) 
has been widely introduced for both the production of honey 
and crop pollination. The Asian silkworm (Bombyx mori) has 
been widely introduced along with its host plant, mulberry, 
for silk production. Even introductions that fail to establish 
a commercial industry can nonetheless establish a popula- 
tion. The Asian ailanthus moth (Samia walkeri) was brought 
to the United States in an attempt to found a silk industry on 
the ailanthus tree. Though the industry foundered, the moth 
remains. The gypsy moth (Lymantria dispar) was brought to 
North America to establish a silk industry; its predictable 
escape established one of North America’s major pests. 

Most deliberate insect introductions are for biological 
control. Although weeds and insect pests of agriculture are 
the usual targets, there are others. Thus, Paratrechina fulva, a 
Brazilian ant, was introduced to Colombia to control 
poisonous snakes, whereas over 45 dung beetle species were 
introduced to Australia to break down droppings of 
introduced livestock (~33% of established populations). 
Insects introduced to attack insects are either predators 
(primarily coccinellid beetles, but including other beetles, 
hemipterans, and neuropterans) or parasitoids (mostly 
hymenopterans, but including some dipterans). Insects 
introduced to control plant pests include primarily flies, 
beetles, and moths, although others such as bugs and thrips 
have been used. The number of insect species introduced for 
biological control purposes is substantial. For example, of 
approximately 2600 introduced insect species established in 
the Hawaiian islands, roughly 400 were introduced for 
biological control. About twice as many species introduced 
there for this purpose perished. 

Far more insects are introduced inadvertently than 
deliberately by humans. Pathways are myriad. Soil ballast was 
an early predominant mode of entry to North America— 
many of the first introduced insects were soil beetles from 


Arcep is a member: exclusion zones, protecting certain locations tied to long-term use of satellite 
solutions, need to be set up. Military radiolocation systems operating below 3.4 GHz also need to be 
protected. 


b) Other bands below 6 GHz 
The bands being used today for 2G, 3G and 4G could be used for future 5G deployments. 


Refarming 2G, 3G and 4G could be a delicate undertaking, however, because of the duplexing 
methods they use. Most mobile communications in Europe use FDD (Frequency Division Duplexing)”” 
to exchange information. Technical discussions over 5G are nevertheless anticipating that TDD (Time 
Division Duplexing)”° will be the chief, if not sole, form of duplexing used for this new generation, 
notably because it makes it possible to adjust bandwidth to data rates and because it is particularly 
efficient when beamforming is used. 


For 5G networks, using already harmonised mobile bands will thus require in-depth technical studies 
to define the terms and conditions of use and sharing with existing services. On this point, the ECC 
(Electronic Communications Committee”’) decided to assess the potential of certain already 
harmonised bands, notably the 700 MHz and the L band (1427-1492 MHz). 


In France, Arcep allocated the 700 MHz band to mobile operators in late 2015. Even if the country’s 
four operators all obtained frequencies in this band, only Free Mobile, which has no blocks of 
800 MHz spectrum, decided to begin its rollouts in the band using LTE (4G) technology. 


Arcep is currently analysing the contributions to its public consultation, addressing among other the 
3.5 GHz band, that ended recently. 


The L band (1427 - 1518 MHz), which was defined to be used exclusively in SDL (Supplemental 
DownLink) mode, could be considered to meet the constant demand for ever higher data rates and 
the greater increase in downlink traffic, compared to uplink traffic. In France the band is used by 
wireless fixed links authorised by Arcep, by the Ministry of Defence for mobile services (excluding 
aeronautical) and by the Ministry of the Interior. Using it for 4G or 5G would therefore suppose 
moving the above-mentioned uses over to other bands. 


3.3. Increasingly small cells 


Today, mobile network rollouts are essentially based on the use of macro base stations: installations 
that are equipped with high-power antennae deployed to guarantee coverage for a relatively wide 
area, providing good quality of service. Network configurations are evolving constantly: new radio 
base stations are installed on a regular basis to increase the networks’ capacity, to better meet users’ 
needs in terms of indoor and outdoor coverage, and to improve quality of service. 


However, this continually growing demand for capacity already requires operators to increase the 
density of their networks with smaller and smaller cells. 


5G - which will probably bring about a sizeable increase in data traffic, and which will use millimetre 
wave frequencies whose propagation capabilities are weak — will no doubt require the widespread 
deployment of low-power base stations (small cells). 


39 n technique that consists of sending and receiving data simultaneously, but on two different frequency bands. 
On technique that consists of sending and receiving data on the same frequency band but at different times. 


“ The European body that specifies the technical terms and conditions governing the use of frequency bands, which are 
then set by European Commission decisions. 


Autorité de régulation des communications électroniques et des postes 30/41 


southwestern England. This pathway is less common now, 
but insects are still carried in rootballs around cultivated 
plants and in soil on heavy equipment. Phytophages, 
particularly homopterans, dominated introductions to North 
America in the 19th century with the advent of fast 
steamships and a proliferation of imported nursery stock, 
and imported plants are still a major means of introducing 
insects worldwide. The grape phylloxera (Daktulosphaira 
vitifoliae) that devastated French vineyards in the 19th 
century arrived on saplings or cuttings of American vines. 
Insects can also be carried in water. The yellow fever 
mosquito (Aedes aegypti) probably arrived in colonial 
America in drinking water casks, while the Asian tiger 
mosquito (A. albopicta) reached North America in the 1980s 
in scrap tires from Japan. This is probably the route taken by 
A, japonicus, which arrived in the United States in 1998 and 
transmits West Nile virus. These latter two mosquitoes have 
recently been detected in used tires in New Zealand. Wooden 
packing material brought the Asian longhorned beetle 
(Anoplophora glabripennis) to the United States, whereas the 
European elm bark beetle (Scolytus multistriatus) that 
transmits Dutch elm disease arrived in North America on 
unpeeled veneer logs of European elm. The growth of 
international tourism can enhance the rate of insect 
introduction; in 1992 an Australian tourist returned from 
South America with a wound containing maggots of the New 
World screwworm Cochliomyia hominivorax. 


ESTABLISHMENT AND SPREAD 


The majority of introduced insects, like most introduced 
species, do not survive, although only biological control 
introductions generate substantial data on failed introductions. 
For parasitoid species introduced to control insect pests, only 
about 30% establish populations, whereas for all insects 
introduced for plant control, the comparable figure is about 
60%. Because biocontrol candidates are chosen and often 
tested for survival in the target environment, one might expect 
failure rates for inadvertently introduced introductions to be 
even higher. For most taxa, invasion biologists believe that 5 
to 20% of introduced species establish populations, although 
many of these may remain for years or in perpetuity near the 
point of introduction, and a large fraction are restricted to 
anthropogenous habitats such as human habitations or 
agricultural fields. 

An arriving propagule must be large enough to survive the 
initial threat of demographic stochasticity—that is, random 
elimination of so many individuals during the first few 
generations that the population fails. Data from the biological 
control literature show that probability of establishment 
increases with propagule size and number of attempts, but 
many very small propagules have established large, widespread 
populations. For example, a single fertilized female of the 
cochineal insect Dactylopius opuntiae from Sri Lanka initiated 
a large, ongoing population on Mauritius. In Puerto Rico, two 
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females of a unisexual race of the encyrtid wasp Hambletonia 
pseudococcina were used to rear 7000 individuals, which were 
released, established, and quickly spread. For a parthenogenetic 
species, at least the difficulty of finding a mate is obviated, 
but demographic stochasticity has other components. 

Even assuming an adequate propagule size, the environ- 
ment, both physical and biotic, must be suitable for a species 
to survive and spread. Predators, parasites, competitors, and 
pathogens can eliminate an introduced species or restrict its 
ambit. For example, the Asian aphelinid wasp parasitoid 
Aphytis fisheri, introduced to California to control California 
red scale (Aonidiella aurantii), failed to establish because of 
competition from previously introduced A. melinus and A. 
lingnanensis. Conversely, the absence of natural enemies from 
its native range is often posited as the reason for the success 
of some invaders, such as the cynipid Andricus quercuscalicis, 
introduced into Great Britain. By contrast, the presence of 
another species, such as a food plant or a symbiont, might be 
necessary for an invader to survive. The monarch butterfly 
would not have survived in Australia but for the prior intro- 
duction of its host milkweeds. The physical environment is 
probably an even more frequent reason for introduced 
species to perish. A temperate climate does not augur well for 
a newly arrived tropical insect, but even subtler physical 
differences can be crucial to a species’s survival. For instance, 
synanthropic species are unlikely to survive if they arrive in 
pristine natural habitats. 


IMPACTS 


Although quantifying the impact of a new species is an 
unsolved challenge, it is safe to say that most introduced 
species do not generate major impacts. However, some are 
enormously damaging, whereas others are highly beneficial. 
The variety of impacts is staggering. 

Many introduced insects prey on natives. This activity can 
be useful, as in biocontrol introductions such as that of the 
Australian vedalia (Rodolia cardinalis) to attack the cottony 
cushion scale (Icerya purchasi). Predation can also be extremely 
damaging; on Christmas Island, the introduced yellow crazy 
ant Anoplolepis gracilipes has locally devastated populations of 
the dominant red crab Gecarcoidea natalis. Because the crab 
controls seedling recruitment and litter breakdown, the 
entire community is affected. Parasites can also be beneficial 
or harmful. The wasp A. melinus has effectively controlled 
California red scale in parts of California. Alternatively, sheep 
blowfly (Lucilia cuprina), introduced to Australia from 
Africa, caused staggering losses. Herbivory can similarly be 
beneficial or detrimental. The South American flea beetle, 
Agasicles hygrophila, effectively controls alligatorweed in 
Florida. However, phytophagous insect crop pests impose 
staggering costs. The alfalfa weevil (Hypera postica) caused 
$500 million in losses in the United States in 1990 alone. 

Resource competition is subtler than predation, parasitism, 
and herbivory, but many introduced insects outcompete 
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natives. The European sevenspotted lady beetle (Coccinella 
septempunctata), introduced to the United States for control 
of the Russian wheat aphid (Diuraphis noxia), has locally 
outcompeted several native lady beetles. European honey 
bees outcompete the native bee Osmia pumila for pollen in 
New York State. Introduced insects can even outcompete 
vertebrates. The introduced wasps Vespula germanica and V. 
vulgaris in New Zealand outcompete an endemic parrot for 
honeydew produced by a scale insect (Ultracoelostoma 
assimile) and have locally lowered parrot populations. 

Introduced insects can transmit or be reservoirs of diseases 
of humans, domestic animals, cultivated plants, and wild 
animals and plants. The spread of yellow fever and dengue as 
the vector mosquito A. aegypti dispersed throughout the 
tropics, and of malaria to Brazil with the introduction of its 
vector Anopheles gambiae, are notable examples of human 
disease organisms transmitted by introduced insects. Cat 
fleas (Ctenocephalides felis) and dog fleas (C. canis), intro- 
duced to Australia with their hosts, are intermediate hosts for 
the dog tapeworm (Dipylidium caninum). The southern house 
mosquito, Culex quinquefasciatus, was accidentally intro- 
duced to the Hawaiian islands in 1826. Subsequently it 
transmitted the disease organism causing avian malaria, 
introduced with resistant Eurasian songbirds, to susceptible 
native birds and helped to exclude them from low elevations. 
The mosquito A. japonicus transmits West Nile virus to both 
birds and humans in the northeastern United States. Animal 
disease vectors may be useful biocontrol introductions. For 
example, the rabbit flea (Spilopsyllus cuniculi), the main 
vector of the organism causing myxomatosis in Europe, has 
been introduced (so far unsuccessfully) in Australia to 
attempt to boost disease transmission. In the lab, it also 
transmits calicivirus. 

Among plants, Dutch elm disease was dispersed to and 
through North America with the European elm bark beetle. 
Beechbark disease spread throughout northeastern North 
America after the causal fungus was introduced from Europe 
around 1890 with its vector, the beech scale (Cryptococcus 
Jagisuga). The wine industry in California is threatened by 
the recent introduction of the glassy-winged sharpshooter 
(Homalodisca coagulata) from the southeastern United States. 
The sharpshooter spreads an incurable bacterial disease of 
grape vines, a malady long present but rarely a problem until 
this vector arrived. 

Introduced species often exacerbate one another’s impacts, 
a process termed “invasional meltdown.” Sometimes this 
interaction occurs when coevolved mutualists invade a region 
separately. In south Florida, over 60 species of ornamental 
figs were not invasive because their obligatory pollinating wasps 
were absent. Since the 1970s, three such wasps (Parapristina 
spp.) have arrived, and three formerly innocuous fig species 
have begun spreading in natural areas. However, invasional 
meltdown need not involve coevolved species. In California 
citrus orchards, the Argentine ant (Linepithema humile) tends 
and protects the Asian California red scale, thereby exacer- 


bating its impact. Similarly, in Hawaii, the African bigheaded 
ant (Pheidole megacephala) protects the tropical American 
gray pineapple mealybug (Dysmicoccus neobrevipes) from 
coccinellids introduced for biological control. 

Relative to the numbers of species introduced, insects 
rarely cause enormous ecological (as opposed to economic) 
damage. Introduced species whose impacts ripple through 
entire communities usually do so by changing the habitat 
dramatically, and such change agents are mostly plants 
(which become structural dominants or modify fire regimes) 
or pathogens, which attack dominant plants. Occasionally 
mammals can generate an enormous ecosystem impact by 
trampling or grazing. A recent list of the world’s 100 worst 
introduced species included 15 insects, but at most one 
would qualify as having a huge ecosystem-wide impact: the 
yellow crazy (or long-legged) ant, which removes the 
keystone red crab species on Christmas Island. Of the 15 
insects, five are ants. In addition to the yellow crazy ant, the 
Argentine ant, the bigheaded ant, the little fire ant 
(Wasmannia auropunctata), and the red imported fire ant 
(Solenopsis invicta) all affect other ants greatly, and sometimes 
other insects, but to date none has had the dramatic impact 
of certain plants and mammals. Some species among the 15 
transmit organisms that cause human diseases (Aedes 
albopicta and Anopheles quadrimaculatus) and others are 
agricultural pests, such as the sweetpotato whitefly (Bemisia 
tabaci) and several of the ants. The Formosan termite 
(Coptotermes formosanus shiraki) has caused enormous 
damage to housing in New Orleans. With respect to 
ecosystem-wide damage to natural areas, however, the only 
members of the list that might qualify, aside from the yellow 
crazy ant, are the gypsy moth in North America, by virtue of 
its devastating impact on dominant trees, and the Argentine 
ant, because it has greatly lowered densities of native seed- 
carrying ants in the fynbos of South Africa. Other insects 
may have ecosystemic impacts by removing dominant plants. 
The beetle transmitting the Dutch elm disease organism has 
already been noted. The Asian balsam woolly adelgid (Adelges 
piceae) has eliminated the dominant Fraser fir throughout the 
high southern Appalachians, whereas the hemlock woolly 
adelgid (A. tsugae) has locally killed large fractions of 
hemlocks in much of eastern North America. 

Impacts of an introduced species can occur after a sub- 
stantial lag period during which the species can seem to be 
innocuous. For example, the beetle Chrysolina quadrigemina, 
introduced to Australia in 1939 to control St. John’s wort, 
seemed to die out but resurfaced and spread in 1942. Such 
lags are mysterious; they are often attributed to favorable 
changes in the environment or to evolution of the invader, 
but evidence for these phenomena is generally lacking. Some 
introduced insects achieve great numbers and appear to have 
a major impact, but the population suddenly crashes, again 
for reasons poorly understood. The European browntail 
moth (Euproctis chrysorrhoea) followed this trajectory in New 
England and eastern Canada. 


EVOLUTION 


The conditions under which a species is introduced to a new 
region (isolation from parent population, small propagule size 
[usually], and different physical and biotic environment) 
should be conducive to rapid evolution. There has been little 
study of this phenomenon, but some striking examples have 
emerged. Drosophila subobscura, introduced to the Americas 
from the Old World around 1980, spread widely and by 2000 
had evolved a cline of increasing total wing length with latitude 
in North America phenotypically similar to that in its native 
range. The ichneumonid Bathyplectes curculionis, introduced to 
the western United States for biological control of introduced 
alfalfa weevils (Hypera spp.), evolved in less than 10 years to 
become less susceptible to the encapsulation reaction of its host. 

A phenomenon widely reported among introduced verte- 
brates and plants, particularly in North America and Eurasia, 
is hybridization with native species, sometimes to the point 
of a sort of genetic extinction of the latter. Although hybridiza- 
tion is known to have played an important role in insect 
evolution, hybridization between native and recently intro- 
duced insects is rarely if ever reported. This absence of data 
may reflect biological differences or simply less genetic study 
of insects. There are instances of introduced populations 
hybridizing with one another, most notably the Italian and 
African strains of the honey bee. The red imported fire ant 
hybridizes extensively with the previously introduced black 
imported fire ant (Solenopsis richteri) in Tennessee. 


ERADICATION AND MANAGEMENT 


Eradication is one possible response to an introduced species, 
particularly one that has not dispersed widely. Many intro- 
duced. insects have been eradicated, some from substantial 
areas. Perhaps the most impressive is the chemical eradication 
of the African malaria mosquito A. gambiae from 31,000 km? 
of northeastern Brazil in 1939-1940. The Mediterranean 
fruit fly (Ceratitis capitata) was eradicated over 18 months 
from a 20-county region of Florida by a strict quarantine, 
destruction of produce and plants, trapping, and insecticide 
sprays. More recent attempts to eradicate C. capitata in both 
Florida and California may not have been as successful. 
Although victory has been declared repeatedly, reappearances 
are frequent and may constitute either new invasions or 
simply recovery by uneradicated remnant populations. 

The development of the sterile-male technique in the 
United States against the New World screwworm gave tremen- 
dous impetus to the eradication approach. Release of massive 
numbers of sterile males so reduced the probability of fruitful 
mating by females that this species disappeared totally from 
the island of Curacao in 1954-1955, and this method greatly 
aided eradication of this fly from the southeastern United 
States in 1958-1959. The melon fly (Bactrocera cucurbitae) was 
eliminated from Rota Island by this method. The male anni- 
hilation method, in which males are attracted and destroyed, 
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has also succeeded in eradicating introduced fruitfly popu- 
lations from islands, including the Oriental fruit fly (Dacus 
dorsalis) from Rota and Guam and the melon fly from 
Nauru. Male annihilation followed by release of sterile males 
eradicated the melon fly from the entire Ryukyu Archipelago. 
The white-spotted tussock moth (Orgyia thyellina) was eradi- 
cated from greater Auckland, New Zealand, by pheromone 
lures plus spraying of Bacillus thuringiensis. 

There have also been disastrous failures of expensive 
eradication campaigns, such as the $200 million attempt to 
eradicate chemically the red imported fire ant from the 
southeastern United States, an effort that imposed greater 
mortality on native insects than on the invader. Quick detec- 
tion, rapid response, sufficient resources to finish the project, 
and adequate regulatory power to enforce cooperation have 
proven most conducive to successful eradication. 

If eradication fails or is not attempted, chemical and 
biological control are the two methods most commonly 
attempted to manage introduced insects. There are successes 
and failures for both methods. The nontarget and human 
health impacts of early generation insecticides such as DDT 
are legendary. Though more recent chemicals minimize or 
eliminate this problem, chemical control frequently is prob- 
lematic for two main, related reasons. First, insects evolve 
resistance to chemicals; second, expense can be far too great, 
especially when ever larger amounts must be used because of 
resistance. For large natural areas, expense of continued 
chemical applications can be particularly prohibitive. 

Biological control is attractive because the expense of 
development and deployment is lower, and_ because, 
although a host may evolve resistance, the biological control 
agent itself can evolve countermeasures (as witness B. 
curculionis, discussed earlier). However, the success rate of 
biological control is rather low. For instance, for parasitoids 
introduced for insect control, only 10% have been effective. 
Furthermore, biocontrol agents can affect nontargets, as the 
sevenspotted lady beetle has done, and these nontarget 
impacts can be generated by established biocontrol agents 
that are not even effective against their targets (about three 
times as many biocontrol parasitoids establish populations as 
actually control the target pest). The tachinid fly Compsilura 
concinnata has failed to control gypsy moths in North 
America, but it is believed to be responsible for the decline of 
several large native moths. 


See Also the Following Articles 

Conservation ¢ Fire Ants e Gypsy Moth e Island Biogeography 
and Evolution e Neotropical African Bees 

Regulatory Entomology 


Further Reading 

New, T. R. (1994). “Exotic Insects in Australia.” Gleneagles, Adelaide. 

Sailer, R. 1. (1983). History of insect introductions. /v “Exotic Pest Plants 
and North American Agriculture” (C. Graham and C. Wilson, eds.), pp. 
15-38. Academic Press, New York. 


602 Island Biogeography and Evolution 


Simberloff, D. (1986). Introduced insects: A biogeographic and systematic 
perspective. Jn “Ecology of Invasions of North America and Hawaii” (H. 
A. Mooney and J. A. Drake, eds.). pp. 3-26. Springer-Verlag, New York. 

Simberloff, D. (1989). Which insect introductions succeed and which fail? 
In “Biological Invasions. A Global Perspective” (J. A. Drake, H. A. 
Mooney, F. diCastri, R. H. Groves, F. J. Kruger, M. Rejmdnek, and M. 
Williamson, eds.), pp. 61-75. Wiley, Chichester. 

Williams, D. F. (ed.). (1994). “Exotic Ants. Biology, Impact, and Control of 
Introduced Species.” Westview, Boulder, CO. 

Williamson, M. (1996). “Biological Invasions.” Chapman & Hall, London. 





Island Biogeography 
and Evolution 


George K. Roderick and Rosemary G. Gillespie 
University of California, Berkeley 


eee of insects have played a major role in the general 
understanding of the biota of islands, touching on all areas 
of biogeography, ecology, evolution, and conservation. The 
notable writings of Darwin and Wallace were influenced 
heavily by the biological diversity that each witnessed on 
islands and by the processes inferred to underlie that 
diversity. Rather more recently, studies exploiting the discrete 
nature of islands have given rise to pervasive organizing 
theories of community ecology, in particular MacArthur and 
Wilson’s equilibrium theory of island biogeography (ETIB). 
With the advent of accessible molecular genetic tools, 
research on islands has allowed unique insights into the 
processes that generate biotic diversity, especially the 
mechanisms of speciation. Unfortunately, islands are also 
prime targets for biological invasions, mediated largely by 
anthropogenic disturbance. The severity of such impacts on 
island biotas may result from their evolution in isolation, but 
it is certainly compounded by their characteristically small 
population sizes. Yet, for many islands extinction among 
arthropods is largely unknown, although this circumstance 
may be attributable more to lack of knowledge than to any 
innate security that arthropods might possess. Indeed, it is 
likely that many island arthropods will go extinct before they 
have been collected and described. 


THEORY OF ISLAND BIOGEOGRAPHY 


Larger islands contain more species. This idea was formalized 
by MacArthur and Wilson in the 1960s with the 
development of the ETIB. This theory relates species and 
area by the formula S = cA*, where S is species number, A is 
area, ¢ is a constant measuring overall species richness, and z 
measures the extent to which increases in area have 
diminishing returns in terms of species number. Values of z 


tend to vary between 0.18 and 0.35; that is, doubling the 
species number requires increasing the area by a factor lying 
between 7 and 100. The premise of the theory is that the rate 
of immigration decreases with increasing distance from the 
source, whereas the rate of extinction decreases with 
increasing island size. The balance of these processes results 
in an equilibrium number of species on any one island. As 
the number of resident species on an island increases, the 
chance of an unrepresented species arriving on that island 
decreases and the likelihood of extinction of any one resident 
species increases. The predictions of the model are as follows: 
(1) the number of species on an island should change little 
once the equilibrium has been reached; (2) there should be 
continual turnover of species, with some becoming extinct 
and others immigrating; (3) small islands should support 
fewer species than large islands; and (4) species richness 
should decline with remoteness of the island, since islands 
farther from the source will have lower rates of immigration. 

Rigorous tests of the ETIB have been surprisingly few, and 
they have supported some aspects of the theory but not others. 
For example, Simberloff used insecticides to defaunate 
mangrove islands and found that species of insects and 
spiders accumulated to an equilibrium number. However, 
contrary to expectation, turnover of species was not 
randomly distributed among species—species of particular 
types were likely to colonize or go extinct. Species numbers 
have been found to be affected unpredictably by both area 
and isolation; yet other work has shown that an equilibrium 
does not exist, or that parameters other than area per se may 
dictate species richness. Such factors include habitat diversity, 
climatic conditions, island age, and even the status of 
knowledge concerning the presence of resident species. 
However, the theory has proven to be remarkably useful and, 
although it was developed for islands, it has had relevance for 
the study of ecological communities of many kinds. 


ADAPTIVE RADIATION 


The ETIB assumes that islands are within the geographic 
distance into which a species is likely to disperse, thus 
maintaining genetic populations between source and island 
populations. On islands that are beyond the range within 
which populations can maintain genetic contact with source 
populations, one might predict (based on the theory) that few 
species should be present. But this tends not to happen. Isolated 
islands that are formed initially without life are often found to 
have large numbers of closely related species. When single 
colonists, isolated genetically from their source population, give 
rise to a series of species that have diversified ecologically, the 
phenomenon is termed adaptive radiation. Usually it occurs 
beyond the so-called radiation zone, or normal range of dispersal 
of a given organism. Species that form through adaptive 
radiation are typically neoendemics, formed im situ and found 
nowhere else. Among arthropods, the Hawaiian Islands hold the 
record in having the largest number of neoendemics, an extraor- 


dinary 98% of the fauna. Founder effects, behavioral isolation, 
ecological isolation, and host-associated isolation have all been 
implicated in the process of adaptive radiation. For insects, 
particularly noted examples include Drosophila flies, which are 
well known for their diversity of mating behaviors, as well as 
lineages of crickets that have diversified in song repertoire, sap- 
feeding planthoppers that have proliferated by switching between 
plant hosts, and beetles that have formed new species on 
different substrates. Diversification may follow a predictable 
pattern, at least in some groups; for example, among Teétragnatha 
spiders, similar ecological sets of species have evolved over and 
over again on each of the different Hawaiian Islands. 

Compared with their hypothetical colonizing ancestors, 
species on remote oceanic islands are often characterized by a 
reduction in dispersal ability. Indeed, they are often found to 
have very narrow ranges of dispersal. Moreover, the 
individual species that colonize remote islands are a small 
sample of the continental source. They are therefore said to 
be “disharmonic” and not representative of the biotic 
diversity on continents, a phenomenon accentuated by the 
frequent proliferation of successful colonists. 


NEOENDEMIC AND PALEOENDEMIC ISLANDS 


Neoendemics typically form on isolated islands that have been 
created de novo and have abundant empty ecological space 
into which those few colonists can diversify. Besides Hawaii, 
other volcanic archipelagoes, including the Marquesas, 
Societies, and Galapagos in the Pacific and the Canaries in the 
Atlantic, have provided ideal conditions for the formation of 
neoendemics. However, species can also form on fragment 
islands, formed as a mass of land has broken away from a larger 
continental region. Examples of such islands include some of 
the Caribbean islands, and the islands of New Zealand and 
Madagascar. As these islands, formed upon losing connection 
with a continental source, become more isolated, gene flow 
between island and continental populations may become 
insufficient to overcome genetic divergence. Unlike volcanic 
islands that form in isolation, starting without any species 
and accumulating species through time, fragment islands are 
usually ecologically saturated at the time of separation and 
tend to lose species through ecological time, a process termed 
relaxation. Over evolutionary time, the species on these islands 
may change through relictualization, with the formation of 
paleoendemics, usually without adaptive radiation. 


HABITAT ISLANDS 


Many of the ideas originally developed for islands in the sea 
have been extended also to so-called habitat islands of a 
particular habitat type in a matrix of unlike terrain. Most 
such islands are fragments of habitats that were historically 
connected, such as remnant trees and forest patches. For 
habitat islands, as for islands in the sea, ecological and 
evolutionary processes are governed largely by isolation, time, 
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and the nature of the matrix relative to the dispersal abilities 
of the organisms in question. Habitat islands, because they 
are discrete and easy to manipulate compared with islands in 
the sea, have been exploited in the development of many 
ecological principles, including those related to metapopula- 
tion dynamics and the physical design of nature reserves. 


CONSERVATION 


The biota of islands is often unique—for example, the 
islands of the Pacific have been designated a biodiversity hot 
spot. Assessing this diversity, particularly for arthropods, is 
problematic. The major impediment is a lack of taxonomic 
understanding of arthropods on many islands, particularly 
those that are more remote. New species are being collected 
at a remarkable rate in areas such as French Polynesia, 
Madagascar, and even the relatively well-studied Canary 
Islands, New Zealand, Hawaii, and the Galapagos, yet the 
training of arthropod systematists has lagged behind. 

Anthropogenic disturbance has also had its impact not only 
in present times, but historically, as witnessed through the 
colonization of the Pacific by Polynesians several thousands 
of years ago. A number of characteristics of arthropods popu- 
lations on islands, including high local endemism, limited 
dispersal abilities, and small population sizes, make them par- 
ticularly vulnerable to both demographic accidents and envi- 
ronmental change. In addition, islands have been impacted 
heavily by invasive species, many of which are also arthropods. 
The impact has been both direct, such as through the extirpa- 
tion of species by invasive predatory ants, and indirect, such 
as through diseases of vertebrates having mosquitoes as vectors. 

Although islands have long served as extraordinary 
laboratories for studying processes associated with the 
generation of diversity, they are now contributing to 
understanding of processes leading to the loss of diversity. 
For example, studies of invasive species on islands have 
shown the importance of environmental factors as well as 
species-specific attributes that facilitate biological invasions 
and its negative effects. New tools are urgently needed: rapid 
biodiversity assessment techniques that bypass traditional 
taxonomic identification will be important in recognizing 
areas of high conservation priority, as will genetic or 
ecological approaches that can distinguish native species 
from those introduced in more recent history. 
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he ordinal name Isoptera refers to the two pairs of 

straight and very similar wings that termites have as 
reproductive adults. The common name, of Latin origin, 
translates as “woodworm.” Termites are small and white to 
tan or sometimes black. They are sometimes called “white 
ants” and can be confused with true ants (Hymenoptera). 
However, a closer look reveals two easily observed, 
distinguishing features: termites have straight antennae and a 
broad waist between the thorax and the abdomen, whereas 
ants have elbowed antennae and a narrow waist. For 
reproductive forms, termites have four equally sized wings, 
whereas ants have two pairs of dissimilarly sized wings. 


IMPORTANT FAMILIES OF TERMITES 


The earliest known fossil termites date to the Cretaceous, 
about 130 mya. There are >2600 species of termites 
worldwide. Undoubtedly, more will be recognized with 
improved methods of discerning cryptic species and after 
intensive collecting of tropical and remote regions. Termites 
are most closely related to cockroaches and mantids. The 
greatest continental termite diversity is in Africa, where there 
are over 1000 species. Polar continents have none, and North 
America with 50 species and Europe with 10 species are 
intermediate in termite diversity. 

Development is incomplete metamorphosis containing 
castes that include nymph, worker, pseudergate, soldier, and 
several types of reproductives (Figs. 1, 2, and 3). Nymphs 
hatch from eggs and molt at least three times before 
becoming functional workers. Workers are wingless, do not 
lay eggs, and, except for the family Hodotermitidae, are 
blind. Worker and pseudergate castes are the most numerous 
in a colony and conduct all major foraging and nest-building 
activities. Soldiers defend colonies with fearsome mandibles 
and/or chemical squirts from a nasus, a frontal projection 
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FIGURE 1 Castes for Isoptera. A lower termite group, Reticultermes, is rep- 
resented. A large queen is depicted in the center. A king is to the left of the 
queen. A worker and soldier are below. (Adapted, with permission from 
Aventis Environmental Science, from The Mallis Handbook of Pest Control, 
1997.) 


from their heads. Soldiers, including nasutes, cannot feed 
themselves. Reproductives consist of a royal pair, the original 
colony founders, but supplementary and replacement 
reproductives (neotenics) can be generated from workers, 
nymphs, or other immatures dependent on pheromonal cues 
from the queen and environmental factors. 

Termite families traditionally were categorized as lower or 
higher. However, this categorization may change soon as 
newer classification systems are adopted. Lower termites 
(families Mastotermitidae, Kalotermitidae, Termopsidae, 
Hodotermitidae, Rhinotermitidae, and Serritermitidae) have 
symbiotic intestinal protozoa and bacteria. Higher termites 
(Termitidae) have intestinal bacteria. 

Termite identification at the family and genus level is 
determined using reproductive adults or soldiers or, in some 
groups, workers. All living termites can be divided into seven 
families as follows. 


Mastotermitidae 


This family contains the most primitive living termite, 
Mastotermes darwiniensis (Fig. 4), now limited to Northern 





FIGURE 2 Life cycle of the termite. Lower termite family depicted. 
(Adapted, with permission from FMC Corp., from The Mallis Handbook of 
Pest Control, 1997.) 


Australia. In appearance, these termites are light brown, 
robust, and about 8-10 mm in length. This family is 
recognized by the presence of an anal lobe in the hind wing 
of the reproductive adults and five-segmented tarsi. The hind 
wings are very similar to those of some cockroaches, consid- 
ered a sister group to termites. Like cockroaches, reproduc- 
tive females also lay egg cases containing up to 24 eggs 
arranged in two regular rows. Although egg masses contain 
few eggs, Mastotermes has many neotenic reproductives (no 
primary queen has ever been found in the field), and colonies 
can reach a population size of millions. Soldiers have power- 
ful mandibles and excrete a toxic brown substance from their 
buccal cavity that repels intruders. 





FIGURE 3 Castes of the Formosan subterranean termite, Coptotermes 
formosanus (Isoptera: Rhinotermitidae). In the center is a queen with large 


physogastric abdomen containing eggs. A king with a physogastric abdomen 
lies next to the queen. Soldiers have brown tear-shaped heads with sickle 
mandibles. A worker is also shown. (Photograph courtesy of Dr. Minoru 
Tamashiro, University of Hawaii.) 
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FIGURE 4 Mastotermes darwiniensis, the most primitive termite from Darwin, 
Australia. Tertiary-era fossils contain species from this family. Reproductive 
adults are in the center. Soldiers have large heads and mandibles. Smaller ter- 


mites are workers. (Photograph courtesy of Dr. Barbara Thorne, University 
of Maryland.) 


Kalotermitidae 


Members of this family are commonly called “dry-wood 
termites” for their habit of nesting in wood above the soil 
level, although exceptions occur. Some dry-wood termites 
have subterranean habits, whereas others prefer rotten and 
damp wood. Dry-wood termites are brownish and are 
considered medium-sized termites, 10-13 mm in length. 
This family is recognizable by the presence of ocelli and two- 
segmented cerci in the alate form. There are more than 400 
species worldwide. Dry-wood termites are common on most 
continents. Colonies are moderate in size and contain several 
thousand individuals, most of which function as workers. 
The queen lays about 1 dozen or so eggs per day. 


Termopsidae 


The damp-wood termites nest in wet and rotting wood, 
especially fallen logs and stumps in forests. Damp-wood 
termites were formerly grouped within harvester termites 
(Hodotermitidae), but now are considered a separate family. 
Damp-wood termites are among the largest termites, some 
reaching almost 25 mm in length. Most individuals retain 
marked developmental plasticity. There are about 20 species 
and they are limited to forests in the Americas, Eurasia, 
Africa, and Australia. Egg production per queen is relatively 
low (S30 per day) and colony size is moderate, up to 
approximately 10,000. 


Hodotermitidae 


Members of this grass-harvesting family of 15 species are 
similar in appearance to damp-wood termites and are quite 
large (>15 mm in length). Reproductive adults lack ocelli and 
their cerci have three to eight segments. Modern species are 
savanna grass feeders and occur in Africa, the Middle East, 
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and India. Queen egg production and colony size are similar 
to those of damp-wood termites. 


Rhinotermitidae 


Commonly called subterranean termites, this family typically 
requires its nest to contact the soil. However, exceptions 
occur (genera Coptotermes and. Recticulitermes). Most species 
in this family are recognizable by their reproductive adults 
and a flat pronotum behind the head of soldiers. For some 
species, a fontanelle gland is present on the head of soldiers 
that produces a defensive fluid. Workers and soldiers are 
small (<5 mm) and are very pale white. More than 300 
species are recognized. They occur on most continents except 
in polar and near-polar regions and are serious pests of 
structures. Queens of some species can produce more than 
100 eggs per day, and colonies can number from the tens of 
thousands into the millions. Some mound-builders and 
aerial-nesters are found in this family. Aerial-nesting species 
still maintain contact to the soil for water by runways 
constructed from soil and saliva. 


Serritermitidae 


This family is very similar in appearance and closely related 
to subterranean termites (Rhinotermitidae). It also requires 
its nest to contact the soil. A single species occurs in South 
America. Soldiers have serrated teeth along the entire inner 
margin of the mandibles. 


Termitidae 


This family contains builders of the great mounds (up to 8 m 
high) that occur in the tropics, mainly in Asia, Africa, 
Australia, and South America. There are a few species in 
North America and none occur in Europe. More than 1800 
species have been described, many from Africa. Termitids are 
distinguished by two prominent teeth on the left mandible of 
reproductive adults and a saddle-shaped pronotum. The 
Termitidae have a true worker caste. Workers are very small 
(<5 mm) and pale or dark in color. Many species have nasute 
soldiers. Members of this family are some of the most prolific 
producers of eggs in the animal kingdom. A queen can 
produce more than 10 million eggs in a single year. 


TERMITE BIOLOGY AND ECOLOGY 


Termites live in colonies that are social and can be long-lived. 
Colonies are composed of castes that conduct all tasks for 
survival (Figs. 1, 2, and 3). Some termite queens are larger 
than the length of a human thumb and can lay more than a 
thousand eggs per day. The king is also long-lived and mates 
intermittently to provide sperm to the queen. Some of the 
longest living insects are termites: some termite mounds and 
their queens are thought to be more than 70 years old and 


Aborigine folklore claims some mounds in Australia are over 
200 years old. There are no methods to age a queen. 

Termites are herbivores, fungivores (i.e., plant or fungus 
feeders), and humivores (soil feeders). They feed on cellulose, 
directly from plants, dead or alive, or indirectly from fungus 
arising from decaying plant material within mounds. Plants 
are made of cellulose, a polysaccharide that is composed of 
glucose units. The traditional view is that termites rely on 
intestinal gut microorganisms for cellulose digestion. 
However, there is growing evidence that termites also use 
their own enzymes for cellulose digestion. 

Before mating and starting new colonies, new kings and 
queens, called alates or swarmers, depart the colony and fly 
(Fig. 2). They mate after landing on the ground. Swarming 
behavior varies considerably among termite families and 
species, but occurs most frequently during the rainy season. 
However, dry-wood termites can swarm during hot days, or 
sometimes evenings, of summer. A mated king and queen lose 
their wings and find a suitable nesting site near or in wood 
where they construct a small chamber that they enter and seal. 
The queen soon begins laying eggs, and both the king and the 
queen feed the young predigested food until they are capable 
of feeding themselves. Once workers and nymphs are pro- 
duced, the king and queen are fed by the workers and cease 
feeding on wood. The exchange of food among colony 
members is called trophallaxis. Social insects exchange food 
in two ways, stomodaeal and proctodaeal trophallaxis. Termites 
use the latter method for food and symbiont exchange, 
mouth to anus. Symbionts are protozoa and bacteria that 
occur in the hindgut of termites. These microbes help digest 
cellulose, the major food source for termites. 

The reproductive adults have functional eyes, needed for 
flight and initial finding of nest sites. The blind workers and 
soldiers live deep in nests, soil, or mounds and do not require 
or need vision. They already are in contact with or close to 
their food source. 

Termites can also communicate through chemical, 
acoustical, and tactile signals. Two termite trail pheromones, 
(Z,Z,E)-(3,6,8)-dodecatrienol and (E£)-6-cembrene, have 
been identified. These messages are produced in a sternal 
gland on the underside of the termite’s abdomen. However, 
other chemical signals, such as those used for alarm and 
colony recognition, are produced from other glands located 
throughout their body. Many termite behaviors (e.g., trail 
following, alarm, and sexual communication) are mediated 
by pheromones. Soldiers also produce chemicals that are 
important for colony defense. Colony recognition and 
colony spacing are thought to be regulated by cuticular 
hydrocarbons. These waxy compounds are produced over the 
exterior cuticle of termites and spread throughout the colony. 
Termites can also communicate danger by “head-banging” of 
soldiers, in which they tap their heads in galleries to alert 
their nestmates. 

Termites play a major role in recycling wood and plant 
material, but their tunneling effort also ensures that soils are 


porous, aerated, and enriched in minerals and nutrients, all 
of which improve plant growth. For example, termite activity 
in the desert areas of west and north Africa helps to reclaim 
soils damaged by overgrazing. Termites are an important 
food source for many other animals, including reptiles, birds, 
and mammals. Termite mounds and trees hollowed out by 
termites provide shelter and breeding sites for birds, 
mammals, and other insects. 

Termites also contribute to atmospheric gases. The most 
abundant gases produced are carbon dioxide and methane. 
Both are greenhouse gases, but they are not produced in suffi- 
cient quantities to have negative effects on the atmosphere. 


TERMITES AS PESTS 


Some termites are destructive feeders and consume homes, 
other wooden structures, and agricultural crops. In some 
regions of the world, tunneling by termites damages dams, 
which then results in flooding. Worldwide, several billion 
dollars is spent annually for the control and repair of damage 
caused by termites. In the United States alone, over $1 billion 
is spent annually for termite control and damage repairs. 
Globally, subterranean termites (Rhinotermitidae: genera 
Reticulitermes, Coptotermes, Heterotermes, and Psammotermes) 
are the most responsible for the control and damage costs. 
Dry-wood termites (Kalotermitidae: genera Incisitermes and 
Cryptotermes) have lesser importance as structural pests and 
are more prevalent in coastal, arid, or semiarid regions. 
Termites as agricultural pests are confined primarily to the 
Asia, Africa, South America, and Australia. The major pest 
species belong to the genera Microtermes, Macrotermes, and 
Odontotermes (Termitidae) in Africa and Indo-Malaysia. 
Mastotermes (Mastotermitidae) is an important pest in Australia, 
whereas Cornitermes and Procornitermes (Termitidae) are 
important pests in South America. Damage varies from super- 
ficial to killing the plant. Healthy plants can tolerate some 
termite damage with reduced yields. In general, exotic plants 
and stressed plants are most prone to termite attack. 


TERMITE CONTROL/MANAGEMENT 


Before termites in structures can be treated, the extent of the 
infestation must be assessed. Visual searching and probing of 
wood are the dominant means of inspection. However, the 
efficacy of visual searches is questionable, because structures 
have inaccessible areas. Several nonvisual detection methods 
are used, including electronic stethoscopes, dogs, methane 
gas detectors, and microwave and acoustic emission devices, 
but each of these technologies has some limitations. For 
subterranean termites, wood-baited monitoring stations can 
identify the presence and delimit the extent of colonies. 
Some species of subterranean termite have colonies as large as 
several million individuals, and these forage over an area of 
more than 10,000 m*. Other termite species have much 
smaller colonies and forage within areas of only a few square 
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meters. There is considerable debate about the methods and 
accuracy in reporting termite numbers and foraging 
behavior. 

Termite control is most regulated in North America, 
Europe, and Australia. However, in many countries con- 
trolling termites is achieved by the hand removal of queens 
and nests, flooding nests, or drenching them with used motor 
oil. Soil drenches with liquid termiticides injected into the soil 
beneath structures to protect foundations and structural wood 
is the dominant control tactic for subterranean termites for 
several continents. Chlorinated hydrocarbon insecticides, such 
as chlordane, have been used extensively for subterranean 
termite control because of their long persistence, >30 years in 
the soil. Because of persistence and suspicions of health- 
related problems, chlordane has been removed from many 
markets. Chloronicotinyls and phenyl pyrazoles are new 
compounds marketed for termite control. The use of toxic 
baits (e.g., containing chitin and metabolic inhibitors) and 
physical barriers (sand and stainless steel mesh) for controlling 
subterranean termites are also gaining acceptance. Techniques 
to prevent infestations of subterranean termites include using 
wood pressure-treated with oil and water-soluble chemicals. 

Surveys of pest control firms in the United States reveal that 
poor building practices, particularly wood in contact with 
soil and cracks in concrete foundations, lead to many of the 
subterranean termite infestations. Experimental efforts have 
been made to control soil-dwelling termites using biological 
control agents, such as argentine ants and nematodes. 
However, these methods have not yet been proven effective. 

Dry-wood termite colonies are usually above soil level in 
structures, small, and difficult to detect. Treatments include 
whole-structure applications of fumigants (such as sulfuryl 
fluoride and methyl bromide) and heat. Chemicals, heat, 
freezing, microwaves, and electricity are used for localized or 
spot treatments of dry-wood termites. 
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To satisfy demand and enable the introduction of 5G, estimates indicate at least 10 small cells per 
macro base station in urban settings’, where cells are already today relatively tightly meshed to 
handle traffic density. 


Here, the players that met with Arcep raised several questions that will no doubt need to be 
answered when considering the ubiquitous deployment of small cells. 


3.3.1 Taxation 


The current regulatory framework stipulates that base stations whose power requires an opinion, an 
agreement or a statement from the National Frequency Agency (ANFR) are subject to a flat tax on 
network companies (IFER*’). The amount of the tax varies according to transmission power, the type 
of installation and the deployment location. For a deployment in an urban area, the tax stands at 
€1,607/year/installation for a base station with an effective isotropic radiated power (EIRP) of more 
than 5W (a COMSIS agreement from ANFR is required to be able to transmit) and €160.70 €/ 
year/installation for an EIRP of between 1W and 5W (declaration to ANFR is required to be able to 
transmit). 


5G small cells will likely use variable transmission powers of between 1W and 25W. In light of rollout 
density forecasts, hence the number of small cells to install, some of the stakeholders that Arcep met 
with raised the question of possibly adapting this tax in such a way as to enable massive small cell 
deployments without generating an equally massive increase in the total tax amount. 


This process is already underway, notably with a view to decreasing taxes on base stations in 
locations that are hard to cover: Act No. 2016-1888 of 28 December 2016 on the modernisation, 
development and protection of mountain regions thus exonerates mobile base stations built in 
mountain regions between 1 January 2017 and 31 December 2020 from paying the IFER tax. 


3.3.2 Access to elevated and “semi-elevated” locations 


To perform their deployments successfully, mobile operators have traditionally needed to install 
their base stations in elevated locations (towers, rooftops, etc.). This will continue to be true with 5G 
networks, but will be even more challenging for two main reasons: 


1. 5G antennae will probably be larger (in the m? range for some) than current 2G, 3G or 4G 
antennae, because of the above-mentioned massive MIMO processing that will require the use 
of a very large number of radiating elements. Moreover, additional antennae compatible with 
new 5G bands will no doubt also need to be deployed. So the re-use of existing masts could 
very well be problematic, and new (possibly collocated) transmission sites will need to be 
found. 

2. This search for new sites will also need to be carried out to install small cells in semi-elevated 
locations, but with extra care as the density of these installations will undoubtedly be high: 
operators will thus be required to deploy their equipment on urban furniture and 
infrastructures such as bus shelters, lampposts, public buildings, billboards, etc. 


As a result, public authorities will need to keep a close eye on the matter and, if necessary, adopt 
measures that will facilitate 5G rollouts. 


“http://www.lemag-numerique.com/wp-content/uploads/2015/10/WP_-Souverainete Telecoms PetitesCells FINAL.pdf 
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he Japanese beetle, Popillia japonica, is among the most 

polyphagous of plant-feeding insects. The adults skele- 
tonize the foliage, or feed on the flowers or fruits, of nearly 
300 species of wild or cultivated plants. Favored hosts include 
many woody and herbaceous landscape plants, garden plants, 
fruits, and field crops. The larvae, or grubs, develop in the soil 
where they feed on roots of turf and pasture grasses, vegetables, 
nursery seedlings, and field crops. Hundreds of millions of 
dollars are spent annually for controlling the adults and grubs, 
and in state and federal regulatory efforts aimed at limiting 
the beetle’s rate of spread in the United States and elsewhere. 

The Japanese beetle was first discovered in the United States 
in 1916, near Riverton, New Jersey. How it was inadvertently 
transported from its native Japan is not known; however, the 
grubs may have arrived in soil around the roots of nursery 
plants. The species is not a major pest in Japan, where suitable 
grassland habitat is limited and natural enemies keep this 
beetle in check. The eastern United States, however, provided 
a favorable climate, with abundant moist turf as habitat for the 
eggs and larvae, numerous adult food plants and, at that time, 
no host-specific natural enemies. Populations increased and 
spread rapidly. By 2000, the beetle was established in all states 
east of the Mississippi River except for Florida, and in parts 
of Wisconsin, Minnesota, Iowa, and Nebraska. It also has 
spread north into southern Ontario and Quebec, Canada. 


DESCRIPTION 


Japanese beetles belong to the family Scarabaeidae, subfamily 
Rutelinae. Adults are broadly oval, 8 to 11 mm in length, 


metallic green, with coppery brown elytra that do not quite 
cover the end of the abdomen (Fig. 1A). The abdomen bears 
five patches of white hairs on either side, and another pair 
near its tip. Females, which tend to be slightly larger than 
males, have an elongate, spatula-shaped spur on the foretibia, 
used for digging. This spur is shorter and pointed in males. 
Larvae are typical scarabaeiform grubs: C-shaped, grayish 
to cream colored, with three pairs of jointed legs, a distinct 
yellow-brown head capsule, and chewing mouthparts (Fig. 
1B). Neonate grubs are about 1.5 mm in length, whereas the 
length of full-sized third instars is about 32 mm. The 
underside of the last abdominal segment, just anterior to the 
anal slit, bears two short rows of hairs forming a tiny, 
truncated V. This pattern distinguishes Japanese beetle larvae 
from the larvae of other common scarabs. The end of the 
abdomen appears dark because of ingested soil and food. 


LIFE CYCLE 


Japanese beetles have a one-year life cycle in most parts of their 
range. Adults occur from June to August. Upon emergence 





Japanese beetle grub. 
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from the soil, virgin females emit a volatile sex pheromone 
that attracts clusters of males. Subsequent matings occur on 
food plants. The beetles typically feed from the upper surface 
of leaves, chewing out the tissue between the veins and leaving 
a lacelike skeleton. Adults also feed on petals of flowers such as 
roses, and on developing fruits or berries. Food plants growing 
in sunny locations are preferred. Usually the beetles begin to 
feed on foliage near the top of a plant, regardless of its height. 
They often aggregate on particular shoots or plants. This 
phenomenon results from both sexes being attracted to blends 
of aromatic volatile compounds released from beetle-damaged 
leaves. Despite the beetles’ broad host range, some plant species 
are rarely or never fed upon. Closely related cultivars within 
species may also differ in susceptibility. Resistance probably 
results from presence of feeding deterrents (e.g., certain 
phenolics) or other secondary plant compounds. Some plants 
(e.g., geranium, Pelargonium hortorum) are palatable to the 
beetles but cause paralysis or other toxic effects. 

After feeding, gravid females fly to moist turf, pasture, or 
agricultural fields, where they burrow down to lay small 
clutches of eggs in the upper 8 cm of soil. Females alternate 
between feeding and egg laying; each female may emerge 
from the soil, fly to host plants, feed, mate again, and return 
to the soil 15 or more times, laying 40 to 60 eggs in her 
lifetime. The pearly white eggs, oval when first laid, swell 
with soil moisture to a diameter of about 1.5 mm. Larvae 
hatch in 2 to 3 weeks, usually by early to mid-August. Larvae 
feed just below the soil surface, consuming plant roots and 
organic matter. When grubs are numerous, the root system 
of turf grasses may be completely severed, such that the turf 
wilts and dies, and can be pulled from the soil like a loose 
carpet. Most grubs are third instars by September. About the 
time of first frost, the grubs move deeper (about 15-30 cm) 
to overwinter. In early spring, as soil temperatures warm to 
about 10°C, the grubs move back to the upper 2.5 to 5.0 cm 
of soil and resume feeding for about 4 to 6 weeks, after which 
they again go deeper and form an earthen cell in which to 
pupate. The first adults begin emerging a few weeks later. 


PREDATORS AND PARASITIZERS 


Vertebrate predators such as skunks, raccoons, birds, and moles 
may dig in infested areas to feed on the grubs. Indigenous 
predatory insects, including ants and ground beetles, feed on 
the eggs and young grubs. Birds, fish, and other insectivores 
eat the adults. From 1920 to 1933, entomologists searched 
for, and imported, numerous natural enemies from Asia and 
released them for biological control in areas infested with 
Japanese beetles. Only a few of these became established. The 
most widely distributed are two species of tiphiid wasps, 
Tiphia vernalis and T. popilliavora, whose larvae are ectopara- 
sitoids of the grubs, and Jstocheta aldrichi, a tachinid fly that 
parasitizes the adults. The grubs are susceptible to parasitic 
nematodes, as well as several lethal microbial pathogens, espe- 
cially the milky disease bacterium, Paenibacillus popilliae. 
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une beetles, sometimes called May beetles or june bugs, are 
| ere brownish, plant-feeding scarab beetles 
(Fig. 1A). Almost all species are nocturnal in their habits. The 
adults are voracious feeders on leaves of many deciduous 
trees, shrubs, and some herbaceous plants. Their larvae, 
called white grubs, develop in the soil, where they feed on 
plant roots and can be pests of turf and pasture grasses, 
young nursery stock, corn, small grains, potatoes, 
strawberries, and other agricultural crops. 

June beetles belong to the genus Phyllophaga (formerly 
Lactosterna) in the family Scarabaeidae, subfamily 
Melolonthinae. They occur in both the New and Old Worlds. 
In North America north of Mexico about 200 species are 
known, with many found in the north-central and eastern 
United States. They also have been reported from South and 
Central America, the West Indies, eastern and southern Asia, 
and the islands of the Pacific and Indian Oceans. 


DESCRIPTION 


June beetles average from 12 to over 25 mm in length, with a 
cylindrical or oblong body shape, dense hair on the metaster- 
num, and lamellate antennae that end in a three-segmented 
club that is longer in males than in females. Each tarsal claw 
bears a small tooth near the middle. Coloration ranges from 
tan to mahogany to dark chocolate brown. The elytra of some 
species are hairy, whereas in others they are nearly smooth. 
Larvae are typical scarab grubs: cream colored, C-shaped 
when feeding or at rest, with a brown head capsule, with 





FIGURE 1 (A) A typical June beetle, Phyllophaga sp. (B) June beetle larva, 
or white grub. 


chewing mouthparts and three pairs of jointed legs (Fig. 1B). 
The hind part of the abdomen usually appears dark because 
of ingested food and soil. The ventral surface of the last 
abdominal segment bears two parallel rows of short spines in 
a pattern that resembles a zipper. There are three instars. Full- 
sized grubs of most species are 25 to 38 mm in length. 


LIFE CYCLE 


Most June beetles have 2- or 3-year life cycles, although a few 
species have cycles lasting 1 or 4 years. Adults typically are 
active from April to June. The beetles emerge after sundown 
and fly to the tops of trees to feed and mate, returning to the 
soil before dawn. They are clumsy fliers and often are 
attracted to outdoor lights. Mated females fly to turf, pasture, 
or agricultural fields and burrow down 5 to 15 cm to lay eggs 
in the soil. Each female lays 20 to 50 eggs in her lifetime. 
Eggs are pearly white, about 2.5 mm long, and elliptical at 
first, becoming more spherical as the embryo develops. 
Hatching occurs in about 3 weeks, and the young grubs 
begin feeding on fine roots and organic matter. 

Larvae of species with 2-year cycles typically overwinter as 
second instars. They resume feeding in early spring, molting 
again in April or May. Third instars attain their full size by 
summer's end. Pupation occurs underground, in an earthen 
cell. Most species transform to adults by late autumn, but the 
beetles remain underground until the following spring. 
Grubs of species with 3-year cycles feed throughout the first 
two summers, hibernating twice and pupating midway 
through the third summer. Their adults are usually fully 
formed by autumn but do not emerge from the soil until the 
following spring. Because of overlapping generations and 
presence of more than one species, several sizes of June beetle 
grubs may be found together at a given site. 


ELIMINATING JUNE BEETLE GRUBS 


June beetle grubs are susceptible to various microbial pathogens, 
including specific strains of the milky disease bacterium 


Paenibacillus popilliae. Wasps and flies of several kinds 
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parasitize the larvae or beetles, and predatory insects (e.g., 
ants, carabids) feed on the eggs and young larvae. The grubs 
also attract vertebrate predators, including insectivorous birds, 
skunks, raccoons, moles, and armadillos. In the past, farmers 
were advised to clean June beetles out of heavily infested 
fields by pasturing the land with hogs, which would root out 
and eat the grubs. Today this objective is more typically 
accomplished through crop rotation, or with soil insecticides. 


See Also the Following Articles 
Coleoptera « Hibernation e Soil Habitats 
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Juvenile Hormones 


Michael E. Adams 
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uvenile hormones (JHs), acting in concert with ecdysteroids, 

orchestrate the expression of larval-specific genes each time 
the insect molts to a new stage. These morphogenetic effects 
include determination of an immature body form and internal 
organs, hardness and color of the cuticle, and accompanying 
physiology and behaviors. At the conclusion of larval 
development, juvenile hormone levels drop at critical times, 
allowing ecdysteroids to program expression of pupal and 
adult characteristics. Juvenile hormones return in the adult 
stage, in which they have gonadotropic functions in connection 
with reproduction. In addition to their morphogenetic and 
gonadotropic actions, juvenile hormones are involved in 
dormancy and various types of polyphenisms, including caste 
determination in social insects. 


DISCOVERY 


The discovery of juvenile hormones began in the 1930s, with 
a series of ingenious experiments conducted by Sir Vincent 
Wigglesworth aimed at elucidating the hormonal control of 
molting. Trained as a medical doctor, Wigglesworth dedicated 
his life to basic studies of insect physiology, believing that 
knowledge gained would hold the keys to controlling insect 
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vector-borne disease and agricultural pests. As a model experi- 
mental insect, Wigglesworth chose the Chagas’ disease vector 
Rhodnius prolixus, otherwise known as the “kissing bug” because 
of its habit of sucking blood from the lips of sleeping humans. 
The choice of Rhodnius was inspired, because its development 
is closely timed to its blood meals. This allowed Wigglesworth 
to precisely determine the physiological stage of the insects to 
coincide with his experimental manipulations. He found that 
3 days after a blood meal, hormones are released into the 
Rhodnius system, stimulating the molt to the next stage. By 
performing a number of surgical procedures on the bug he 
demonstrated the source and timing of hormone release. Part 
of the advantage of working with insects as experimental 
animals is that they can survive for long periods without such 
seemingly vital organs as the brain, a fact that Wigglesworth 
took advantage of. He found that decapitation of animals 
prior to a 3-day critical period led to an arrest in development, 
even though the animal would remain alive for many months. 
If the brain was reimplanted, development resumed. He also 
found that the blood of a normally developing animal could 
reactivate development in the headless animal. This was 
achieved via a technique called parabiosis, in which the devel- 
opmentally arrested animal was joined to the normal one by 
means of a tube, which allowed blood from the two animals 
to mix. With these experiments, Wigglesworth demonstrated 
that hormones released from the brain trigger molting. This 
discovery actually had been made more than a decade earlier 
by Stefan Kopec, working with gypsy moth, but Wigglesworth’s 
experiments revealed a new type of hormone, one that influ- 
enced the form taken by the animal after each molt. 

Wigglesworth fundamentally changed the thinking about 
insect development, specifically the distinction between 
regulation of growth and regulation of form by separate 
hormones. Rhodnius passes through five nymphal stages 
before molting to the adult form. It is easy to tell the adults 
from the nymphs, because of differences in pattern and color 
of the cuticle, as well as the fact that only adults have wings. 
Wigglesworth found that parabiosis of a fifth (last)-stage 
nymph with a young nymph prevented the former's 
metamorphosis to the adult stage. Instead, the animal molted 
to a sixth-stage nymph, an extra immature stage that never 
occurs normally. A chemical in the blood of the young insect 
promoted continued expression of larval characters, and this 
factor came to be known as the “juvenile hormone.” The 
source of the juvenile hormone was traced to a pair of small 
glands behind the brain called the corpora allata (Fig. 1). 
Surgical removal of the gland did not interfere with molting, 
but drastically altered the form taken after the molt, causing 
animals to become precocious adults. Reimplantation of the 
glands led to the return of larval characters. 

While the corpora allata proved to be the sole source of 
juvenile hormone, only very small amounts were available from 
the gland for chemical studies. The short supply of JH greatly 
constrained experimentation, slowing the process of discovery 
considerably. A breakthrough came with the discovery of 





FIGURE 1 Photomicrograph of the corpora allata (CA), paired, spherical 
glands that are the sole source of the juvenile hormones in insects. Also 
shown are the elongated, white corpora cardiaca (CC). The CC and CA are 
positioned behind the brain, where they release hormones into the blood. 
Structures shown were dissected from the cockroach, Periplaneta americana. 
(Photograph courtesy of Dr. S. J. Kramer.) 


large amounts of JH in abdomens of adult male silk moths by 
Carroll Williams. Ether extracts produced a dark orange 
material he called the golden oil. Such an abundance of juve- 
nile hormone in a male adult at first was surprising, but already 
Wigglesworth had noted the essential gonadotropic role of 
JH associated with reproduction, that is, stimulation of egg 
and sperm development. The reason for enormous quantities 
of JH in male adult abdomens is likely caused by its inclusion 
in spermatophores, which contain sperm together with 
nutritive and hormonal stores and are provided to the female 
during mating for fertilization and nutrition of developing 
eggs. Williams is credited with stimulating the modern era of 
JH research, by making available enough of the natural hor- 
mone to conduct biological experiments on its modes of 
action in many types of insects. This work also provided 
quantities of starting material sufficient for the eventual 
isolation and chemical identification of the hormone, which 
occurred in the late 1960s and early 1970s. 


CHEMISTRY OF JUVENILE HORMONES 


The juvenile hormones are lipophilic sesquiterpenoid 
derivatives of farnesoic acid. Their chemical nature came into 
focus in the early 1960s, beginning with observations that 
farnesoid components of beetle excreta had JH-like activity 
in bioassays. Although far less potent than the native hormone, 
these substances, including farnesol and its oxidized form 
farnesal, were suspected to be JH precursors. Subsequent syn- 
thesis of methyl farnesoate with an epoxide at position 10-11 
by William Bowers in 1965 gave a highly potent compound. 
It is indeed ironic that this compound was discovered 8 years 
later to be the most ubiquitous of the natural juvenile 
hormones, JH-III (Fig. 2). 

Another interesting prologue to the discovery of the 
natural juvenile hormones was the discovery of a curious 
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FIGURE 2 Structures of natural juvenile hormones and related compounds. 
Juvabione is the paper factor from North American balsam fir discovered by 
Williams, Slama, and Bowers. JH-I was the first natural JH discovered by 
Roller, and JH-II and JH-III soon followed. JH-III is present in most groups 
of insects, including the Lepidoptera. JH-0 is found in moth eggs, but its 
biological function is unclear. JH-0, JH-I, and JH-II are generally confined 
to the Lepidoptera. Methyl farnesoate, a JH precursor, has been isolated 
from some insects and crustaceans, in which it may serve as the active JH. 


“paper factor” by Karel Slama and Carroll Williams in the 
mid-1960s. Slama had carried insects from his laboratory in 
Czechoslovakia to the laboratory of Williams at Harvard 
University for a series of joint experiments. Some weeks after 
arriving the insects began to develop extra stages and many 
died. Nothing of the sort was noticed in Czechoslovakia. It 
was eventually determined that the paper towels used to line 
the containers holding the insects contained compounds 
with JH-like biological activity. The substances were 
absorbed through the insect cuticle upon contact with the 
paper towels. The paper factor turned out to be a mixture of 
terpenoids in the wood pulp from which the paper towels 
were manufactured. These compounds were found only in 
American and Canadian balsam fir and not in European 
trees. One of these substances was chemically identified by 
Bowers and colleagues as “juvabione” (Fig. 2), which had a 
structure reminiscent of farnesol. 

These studies provided new information on two critical 
issues of the time. First was the question of juvenile hormone 
structure. Observations that farnesol and methyl farnesoate, 
along with juvabione, possessed JH-like biological activity 
made it likely that terpenoid chemistry was involved. This 
guided further attempts to chemically define the natural 
material(s). The second issue was whether juvenile hormones or 
analogs such as juvabione could be used to produce, as Carroll 
Williams suggested, a new class of “third-generation” pesticides. 
Juvabione constituted a relatively stable terpenoid with potent 
insecticidal activity and hence stimulated further interest in 
this novel concept for new insecticides that would be both 
highly insect-selective and safe for warm-blooded animals. 
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With this as background, Réller and colleagues isolated 
sufficient quantities of juvenile hormone from silk moth 
abdomens for identification of the first natural juvenile 
hormone in 1967. The carbon skeleton was identified as a 
15-carbon sesquiterpene substituted at positions 7 and 11 
with ethyl groups. Further key structural features were the 
presence of a methyl ester and an epoxide at carbons 10-11. 
This landmark achievement was followed rapidly by publi- 
cation of a second JH, also from moths. These molecules 
were named JH-I and JH-II, respectively, differing only at 
carbon 7, which was ethylated in JH-I and methylated in JH- 
II (Fig. 2). These two juvenile hormones are largely restricted 
to the Lepidoptera. Within a few years, a third hormone was 
identified by a completely different approach. In this 
instance, corpora allata from the moth Manduca sexta were 
removed and placed in organ culture containing a 
radiolabeled methyl donor, “C-labeled methionine. The 
corpora allata incorporated the '“C-methyl group into the 
ester moiety of juvenile hormone. This isotope-labeled 
synthetic product was isolated and identified as JH-III. It is 
the most cosmopolitan of juvenile hormones, occurring in 
most insect groups, including the Lepidoptera. It has methyl 
groups at positions 7 and 11 (Fig. 2). Three additional JH 
structures have been identified: JH-0 and 4-methyl JH from 
moth eggs and JH-bisepoxide from the fruit fly Drosophila. 

The juvenile hormones are derived from acetyl CoA and/or 
propionyl CoA via mevalonic acid and homomevalonic acid 
in the sterol biosynthetic pathway. The final steps of JH-IH 
biosynthesis go by way of farnesol — farnesoic acid > 
methyl farnesoate, to which an epoxide is formed at carbons 
10-11. Owing to their low aqueous solubility, the juvenile 
hormones are transported through the blood via binding 
proteins upon their release from the corpora allata. These 
binding proteins also protect JH from degradative enzymes. 

In some insects, the corpora allata synthesize a precursor of 
the biologically active form of JH, which is converted to the 
active form in target tissues. For example, silk moth adults 
produce JH acid in the corpora allata and convert it to JH-I in 
the accessory glands of the abdomen. It is also known that the 
ovaries of certain species of mosquito can synthesize JH from 
precursors under culture conditions. Whether this occurs 
under natural conditions im vivo has not been demonstrated. 

The levels of JH in the blood are regulated through a 
combination of synthesis and degradation. Synthesis by the 
corpora allata is promoted by neuropeptides called 
allatropins. So far, only one allatotropin has been identified 
from the tobacco hawkmoth M. sexta. Surprisingly, the 
peptide is active only in the adult stage. More compelling 
evidence has been provided for the existence of allatostatins. 
These are neuropeptides synthesized in brain neurons that 
project to the corpora allata. Their release from nerve endings 
in the gland inhibits the synthesis of juvenile hormone. 

The removal of juvenile hormones already in the blood, a 
necessary condition for metamorphosis, occurs through two 
enzymatic degradation pathways. One is through cleavage of 
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the ester bond by JH esterase, the other through epoxide 
destruction by epoxide hydrolases. 


BIOLOGICAL ACTIONS 
Morphogenetic Effects 


The presence of juvenile hormones in the blood promotes 
expression of juvenile characters, chief among these being an 
immature body form or morphology. For insects such as 
grasshoppers, which undergo incomplete metamorphosis, 
the effects are not so visible outwardly. The early stages look 
like miniature adults except for the absence of wings, but they 
also lack functional reproductive organs. However, for those 
insects such as flies, moths, and bees, which undergo complete 
metamorphosis, the effects are extreme. The immature stages 
are wormlike with no wings or legs. 

Determination of holometabolous immature or larval body 
plan by juvenile hormone represents its morphogenetic action. 
The decision to develop larval characters during development 
is made near the end of each larval stage, when ecdysteroid 
levels increase to initiate the molt. Elevation of ecdysteroids 
causes a cessation of feeding and new round of gene expression 
appropriate for the next stage of development. If juvenile hor- 
mones are present at this time, genes for larval characters are 
expressed, whereas genes appropriate for pupal or adult char- 
acters are repressed. A primary larval character is the type of 
cuticle secreted by the epidermal cells. Larval cuticle is lighter 
and more flexible than pupal or adult cuticle, which are charac- 
teristics resulting from expression of larval cuticle protein genes 
that predominate under the influence of juvenile hormones. The 
flexibility of larval cuticle has to do with the absence of cross- 
linking between proteins and between proteins and chitin, the 
latter constituting the polysaccharide component of the cuticle. 
In contrast, pupal and adult cuticles are hard and dark, indicating 
a high degree of sclerotization and melanization. 

Specification of pupal or adult features by JH, or lack 
thereof, is associated with transient, hormone-sensitive periods 
during development. It is important to note that the actions of 
JH depend not only on its presence in the blood, but also on 
the ability of cellular targets to respond. This latter condition 
presumably reflects the presence of suitable receptors required 
to mediate the action of the hormone. It has been observed 
in many studies that JH responsiveness occurs after priming, 
which could be associated with expression of receptor genes or 
other molecules necessary to complete the signaling pathway. 
For example, in moths, specification of a wandering period 
in preparation for pupation occurs upon the appearance of 
ecdysteroid peaks in the complete absence of JH. These 
“commitment” peaks of ecdysteroid prime the system to 
respond later in the same stage to elevated JH levels, which 
specify pupal features. 

In many insects, considerable development of the gonads 
takes place during the larval stages. This is especially true for 
insects such as the silkworm Bombyx mori, which does not 


feed during the adult stage. Within hours of emergence, these 
animals mate and lay eggs. The ability to mate and produce 
viable eggs so soon after emergence means that gonadal devel- 
opment is well along during the larval and pupal stages. 
Juvenile hormones promote the development of gonads and 
gametes during the immature stages, but must disappear in 
order for final developmental steps to be completed. This 
drop in JH levels just prior to the pupal stage therefore serves 
both morphogenetic and gonadotropic functions. 


Effects of JH in the Adult Stage 


The decrease in JH levels just prior to metamorphosis is only 
a temporary condition. The corpora allata are retained in the 
adult stage, and JH eventually reappears to regulate adult 
reproductive functions. JH promotes sperm and egg develop- 
ment and hence is said to have “gonadotropic” functions. In 
the female, JH directly promotes the synthesis of lipo- and 
glycoproteins in the fat body and their uptake into the 
developing oocyte. This process, called vitellogenesis, is essen- 
tially yolk deposition. In many insects, JH levels rise and fall 
in a cyclic fashion as discrete batches of oocytes go through 
the vitellogenic process. 

In other instances, as in some mosquitos, JH exposure leads 
to “competence” of the fat body to synthesize vitellogenic 
proteins upon later exposure to ecdysteroids. Likewise, JH 
exposure is required to induce competence of the ovaries to 
respond later to peptide hormones from the nervous system, 
thus stimulating uptake of vitellogenic proteins. In these 
instances, the gonadotropic actions of JH appear to be priming 
steps in preparation for ecdysteroid action. 

Gonadotropic functions of JH in the male have to do with 
growth of the sperm. Sperm growth requires JH in many 
insects. However, maturation from spermatocytes to motile 
spermatids requires a drop in JH. As observed for oocyte 
development, JH exerts both positive and negative influences 
in sperm development. 


Polyphenism and Caste Determination 


Many insects have the remarkable ability to develop into 
alternate forms as they become adults. These alternate forms 
together with accompanying physiology and behavior, referred 
to as polyphenism, do not reflect differences in the genetic 
makeup of individuals. Rather, they result from a particular 
pattern of gene expression under hormonal control. Most 
polyphenisms are controlled by juvenile hormones acting at 
certain sensitive periods during immature development. 
Some of the most common instances are caste polyphenisms 
observed in social insects such as bees, ants, and termites. In 
these insect societies, larvae can develop into workers, soldiers, 
or queens, depending on the diet they are raised on and the 
hormonal levels that result. If bee larvae are reared in a special 
cell in the hive and consistently fed a nutritious “royal jelly” 
beginning during the third instar, they develop into queens. 


Treatment with JH will mimic this effect. If this feeding is 
delayed, larvae develop into workers instead. In certain ants, 
development of queens is regulated during embryonic develop- 
ment by JH levels. During postembryonic development, 
larvae fed a high-protein diet produce large amounts of JH, 
bringing blood levels to a threshold necessary for specification 
of soldier phenotype. If larvae are fed a diet lower in protein, 
JH levels are correspondingly lower, and development to 
worker is specified. The number of soldiers in the colony also 
is determined by a soldier-inhibiting pheromone, which 
elevates the JH threshold for soldier specification. Alternative 
body forms and behaviors in insect colonies provide for 
cooperative functions between members of the society to 
serve the greater whole. 

Many types of phase polyphenisms occur in nonsocial 
insects. For example, locusts occur either in solitary or in migra- 
tory phases, depending on population density. Differences in 
both behavior and physiology are characteristic of these phases. 
Solitary locusts are sedentary, pale green, yellow, or brown, 
and have short wings and large ovaries. Crowding causes the 
switch to the gregarious phase, in which individuals are 
brightly colored, have longer wings and smaller ovaries, and 
are easily induced to engage in long flights. Both JH and 
peptide neurosecretory hormones from the brain are involved 
in the determination of these two phases. 

Aphids exhibit at least two different types of phase poly- 
phenism as a response to seasonal conditions: food quality and 
crowding. In one type, adults switch between winged or 
apterous (no wings) forms. The other type has to do with the 
mode of reproduction, either sexual or parthenogenetic. 
During the longer days of spring and summer, apterous, 
parthenogenetic females predominate, and juvenile hormone 
is involved in specification of these forms. As winter 
approaches, winged forms are produced, allowing for dispersal. 
Later, in autumn, males and females mate and lay eggs, which 
overwinter and hatch in the spring. In this context, body 
forms and accompanying dispersal or migratory behaviors 
maximize survival as the season changes. 

In summary, JH and other neurosecretory hormones are 
important determinants of polyphenisms, which result in dif- 
ferent body forms, reproductive physiologies, and behaviors 
in the adult stage. It is emphasized that such variability of form 
and function is not the result of genetic differences between 
individuals, which would be classified as polymorphisms. 
Rather, insects have the enormous potential to change form 
in response to environmental conditions through hormonal 
control mechanisms. Depending on the needs of a social 
colony, or changes of season and in food availability, the 
complex endocrinology of insects enables them to assume 
various alter egos to enhance success and survival. 


Behavioral Effects of JH 


The presence or absence of juvenile hormones has profound 
effects on behavior, some of which have been mentioned 
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above. Throughout the stages of immature development, JHs 
program gene expression in the nervous system for the expres- 
sion of behaviors appropriate for juvenile life, including, for 
example, locomotion, host or prey seeking, feeding, and silk 
spinning. From the point of view of behavior, the larva is an 
animal completely different from its later adult form. 

In moths, the disappearance of JH at the end of the last 
instar allows ecdysteroids to program new behaviors 
appropriate for metamorphosis. Insects stop feeding, void 
their guts, and engage in wandering behaviors to locate a 
suitable pupation site. This accomplished, a series of 
behaviors leads to silk spinning for cocoon construction. 

Upon becoming adults, female mosquitos initiate the search 
for a blood meal and become sexually receptive to males only 
after release of JH into the blood. In milkweed bugs, JH levels 
are influenced by daylength, temperature, and food quality. 
Under short daylengths, JH levels drop, and insects engage in 
migratory behavior immediately after molting to the adult stage. 
However, long days and warm conditions lead to high JH 
levels, whereby flight is inhibited and reproduction ensues. 

Grasshopper females that have had corpora allata removed 
rebuff male sexual advances until JH is reintroduced by injec- 
tion. In crickets, the male sings a species-specific calling song 
to attract the female for mating. The female responsiveness to 
this song is enhanced by elevated JH levels. These examples 
serve to illustrate the dramatic effects that JH has on the 
behavior of insects, effects that are specific and appropriate 
for each particular life stage. 


Dormancy—Diapause 


Insects are able to enter prolonged states of dormancy referred 
to as diapause, allowing them to resist freezing and low food 
supplies during the winter. Diapause can occur at any stage 
(egg, larva, pupa, or adult) and is triggered by decreasing 
daylength, low temperatures, decreased food or food quality, or 
a combination of these factors. The insect response to these 
environmental factors is mediated by a variety of hormones, 
depending on the stage and species. 

Adult diapause is largely synonymous with reproductive 
diapause. Beetles, butterflies, and flies enter a reproductive 
diapause when the brain inhibits synthesis of JHs by the 
corpora allata. The lack of JHs leads to both physiological 
and behavioral changes, including cessation of vitellogenesis, 
loss of flight muscle, increasing stores of lipid in the fat body, 
burrowing, and construction of hibernacula (overwintering 
chambers). Implantation of corpora allata or injection of JHs 
reverses reproductive diapause. 

JH involvement in larval diapause also has been document- 
ed. The southwestern corn borer Diatraea grandiosella enters 
diapause during the last instar when JH levels are depressed 
but are still high enough to inhibit development to the pupal 
stage. The animal spins a hibernaculum, exhibits a light pig- 
mentation, and actually undergoes several “stationary” molts. 
Diapause in this stage lasts as long as JH levels remain elevated. 
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MOLECULAR BASIS OF ACTION 


It is presumed that juvenile hormones exert their effects 
through receptor activation. However, it is a curious and sur- 
prising fact that, almost 70 years after its discovery by 
Wigglesworth, no definitive receptors have been identified. 
Even though no clear example of a JH receptor has been 
defined, a number of tantalizing possibilities have been 
suggested. One of these involves a nuclear receptor called 
ultraspiracle, or USP, a protein that is well known to regulate 
gene expression by forming a dimer complex with ecdysteroid 
receptors. The complex then binds to regulatory sequences on 
genes to turn them on or off. Grace Jones and Alan Sharp have 
demonstrated that JHs bind specifically to USP, although the 
affinity for this binding is lower than is generally expected for 
hormone-receptor interactions. It is proposed that JH binding 
to USP may influence how it interacts with ecdysteroid 
receptors (EcR) to regulate gene expression. The influence of 
JH and USP on EcR actions would seem to be a very plausible 
scenario for joint actions of JH and ecdysteroids, but further 
work is needed before USP is confirmed as a JH receptor. 

Although early accounts of juvenile hormones focused on 
their uniqueness with respect to insect biology, the elusive- 
ness of JH receptors has prompted a closer look at possible 
similarities between signaling mechanisms common to insects 
and mammals. Indeed, the chemical structure of JHs resembles 
those of retinoids and farnesoids, both of which function in 
mammalian nuclear signaling by activating retinoic acid 
receptors, retinoid X receptors, and the farnesoid X receptor. 
JH and farnesoids are capable of activating some of these 
receptors, and some retinoids are known to have JH-like 
activity. It also has been observed that vertebrate thyroid 
hormones mimic some of the actions of JHs. Efforts are 
under way to identify receptors homologous to their mam- 
malian counterparts as possible JH receptors. 

Recently, workers taking a genetic approach to the problem 
identified a strain of fruit flies resistant to methoprene, an 
insecticidal juvenile hormone analog (see next section for 
details). The resistant flies have a defect in a gene that encodes 
MET, a protein related to the vertebrate aryl hydrocarbon 
receptor, which upon binding a diverse range of hydrocarbons 
activates a battery of genes involved in their metabolism. If 
the MET protein has similar properties, this might help 
explain why many synthetic chemicals such as fenoxycarb 
and pyriproxyfen have very potent JH-like effects, but bear 
little obvious structural similarity to natural JHs. 

The failure after so many years to define a receptor for JH 
may indicate that, for this particular hormone, signaling does 
not conform to conventional modes of action. Perhaps JH 
binds to certain proteins, which then act as coeffectors or 
adaptor proteins to amplify or modify transduction of signals 
initiated by other hormones at conventional receptors. The 
obvious example is modification of ecdysteroid receptor 
action. It turns out that MET also is related to steroid 
receptor coactivators, which could bind to EcR and/or USP 


to modify their effects on gene expression. Although little is 
known about the specific actions of MET at the present time, 
the MET resistance gene may hold the key to understanding 
the elusive molecular action of JHs. 


JUVENILE HORMONES AND INSECT CONTROL 


The discovery of juvenile hormones in the late 1960s by 
Roller and others stimulated a period of great excitement 
regarding the concept of third-generation pesticides foreseen 
by Carroll Williams in the early 1960s. It was known that 
juvenile hormones and related substances such as juvabione 
could disrupt insect development with lethal effects. Likewise, 
surgical removal of the corpora allata led to precocious 
metamorphosis, also with lethal effects. It therefore seemed 
that insect hormones or their analogs could be synthesized 
and used to accomplish a form of “birth control” for insects. 

This idea occurred to Carl Djerassi and Alejandro 
Zafferoni, two former colleagues at the Syntex Corporation, 
who were involved in synthesis of the first human contra- 
ceptives that led to the birth control pill. They formed a new 
company called Zoecon, a name chosen to denote “animal 
control” through the use of hormones and related chemical 
analogs. Their principal objective was to develop insect hor- 
mones for use as birth control agents specific for this group 
of animals. Chemists at Zoecon soon produced analogs of JH 
called “juvenoids” that were much more stable and could 
penetrate the cuticle. One of the first of these analogs to be 
granted a registration from the Environmental Protection 
Agency was methoprene (Fig. 3), a compound with outstand- 
ing biological activity against mosquitos, fleas, and biting 
flies. By mimicking JH, methoprene prevents treated insects 
from completing metamorphosis, and insects die during the 
pupal stage. Other juvenoids such as hydroprene (Fig. 3) are 
more effective against insects with incomplete metamorphosis, 
such as cockroaches. Treated cockroaches actually reach the 
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FIGURE 3 Structures of synthetic juvenile hormone analogs, commonly 
called juvenoids. Methoprene has been useful in the control of mosquitos, 
fleas, and biting flies, while hydroprene was developed for cockroach control 
in dwellings. Fenoxycarb and pyriproxyfen, heterocyclic compounds with 
little resemblence to JHs, nevertheless have potent JH-like biological activity 
against a wide range of insects. 


adult stage, but the presence of juvenoid during the transition 
to the adult results in only a partial adult phenotype in which 
many adult features are abnormal. For instance the gonads 
are not fully developed, leading to sterility, and crinkled 
wings are an obvious morphological defect. 

Subsequent efforts by several agrochemical companies 
have generated a variety of juvenoids, many with potent JH- 
like biological activity but with aryl rings substituted for 
isoprenoid units and without obvious similarities to natural 
JHs. These include fenoxycarb and pyriproxyfen (Fig. 3). 
Juvenoids have proved to be commercially successful for 
insects that are pests in the adult stage. However, because 
they do not control insects in the immature stages, they have 
not proved useful for large-scale agricultural pest control. For 
this purpose, juvenile hormone antagonists are needed for 
induction of precocious metamorphosis. So far, that goal 
remains as elusive as the search for the JH receptor. 


See Also the Following Articles 

Development, Hormonal Control of ¢ Dormancy ¢ 
Ecdysteroids e Hibernation ¢ Mating Behaviors ¢ Migration e 
Molting « Vitellogenesis 
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adybugs are one of the most familiar groups of insects. 

These beetles have received attention in both pure and 
applied areas of biological research. In some senses they are 
typical insects, having regular life cycles comprising egg, 
larval, pupal, and adult stages. However, close scrutiny of the 
behavior and habits of ladybugs has revealed a variety of 
fascinating evolutionary and ecological features, including 
promiscuity, 
cannibalism, sexually transmitted diseases, and biased sex 


color pattern polymorphism, extreme 
ratios, some of which seem to be contrary to theoretical 
expectation. Here the basic biology of ladybugs and some of 
these conundrums are considered. 

As a group, the ladybugs are the most popular of beetles. 
The bright colors of many species and their reputation of 
being beneficial, because many species eat plant pests, are at 
the root of this popularity. In many parts of the world ladybugs 
are named after religious figures and are revered, often being 
considered harbingers of good fortune. Indeed, the common 
English-language name for this family of beetles derives from 
the Virgin Mary. Ladybirds are “Our Lady’s birds.” 
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DESCRIPTION 


Ladybugs are beetles of the family Coccinellidae. This family 
consists of about 5200 known species of small to medium- 
sized, oval, oblong oval, or hemispherical beetles. The dorsal 
surface is convex and the ventral surface is flat. The 
forewings, or elytra, are strong and are often brightly colored, 
sporting two or more strongly contrasting colors in a bold 
pattern. Not all species are red with black spots. Almost every 
color of the rainbow is found as the predominant color of 
some species of ladybug. These ground colors are usually 
allied to a second color, which differs starkly from the first, 
particularly with respect to tone. Thus, ladybugs may be red 
and black, or yellow and black, or black and white, or dark 
blue and orange, and so on. Sometimes the spots are replaced 
with stripes or a checkered pattern. The elytra cover the 
membranous flight wings, which are folded away when the 
beetle is not in flight. 


THE LADYBUG LIFE CYCLE 
Ladybugs through the Year 


The life cycle of ladybugs has four stages: egg, larva, pupa, 
and adult. The length and timing of the different stages varies 
greatly with geographic region. Mating usually occurs when 
food is available, and eggs are laid in the vicinity of larval 
food. In contrast to many other insects, the two feeding 
stages (larvae and adults) usually have the same diet. In 
regions with winter and summer seasons, reproduction 
usually occurs in late spring and early summer. In some 
climates, reproduction can continue throughout the summer, 
with several generations being produced. However, in places 
with hot summers, some ladybugs have a dormant period (or 


3.3.3 5G networks’ regional coverage and backhaul 


Ensuring regional connectivity will be one of the challenges for this new generation of mobile 
networks. 


The diversity of use-cases envisioned for future 5G networks, the geographical distribution of which 
is not yet precisely known, must be factored in when addressing coverage issues. 


The higher frequency bands that are being put forth for future 5G networks, along with the 
potentially very substantial bandwidth consumed by these new uses, pose the question of the 
regional foothold of these networks. As a matter of fact, mobile networks have never before 
employed such high frequencies whose use will require a large number of relay antennae to be 
installed. 


Moreover, connecting the 5G installations to the network will push to the fore the question of the 
cost of connecting them via optical fibre, which will no doubt be necessary in most instances to 
ensure the expected quality of service. The industry needs to design the technologies that will make 
it possible to minimise the cost of 5G rollouts in rural areas. 


3.4 Net neutrality issues 


European regulation on safeguarding an Open Internet”, adopted by the European Parliament and 
Council on 25 November 2015, for which European regulators required an additional nine months to 
specify the rules governing its application, introduces the principle of net neutrality as one of the top 
priorities in the standardisation hierarchy. 


Net neutrality is an overriding principle that guarantees equal treatment for all data traffic on the 
internet. In particular, it excludes any form of discrimination with respect to the source, the 
destination or the content of data flows. 


On 30 August 2016, BEREC (the Body of European Regulators for Electronic Communications) 
published guidelines for national regulators on the enforcement of the European Open Internet 
regulation”. 


During the BEREC public consultation”® on its draft net neutrality guidelines, several enterprises and 
electronic communications sector stakeholders took the opportunity to deliver a clear-cut point of 
view in their “SG manifesto for timely deployment of 5G in Europe”. This manifesto aims at warning 
public authorities against a too restrictive approach to traffic management, and especially of the 
supposedly negative effects that, in their opinion, an overly strong enforcement of net neutrality 
could have on the 5G rollout roadmap. 


as Regulation (EU) 2015/2120: http://eur-lex.europa.eu/legal-content/FR/TXT/PDEF/?uri=CELEX:32015R2120&from=EN 


“5 Internet service providers (ISP) can employ reasonable traffic management measures for certain categories of traffic, 
under non-discriminatory conditions and provided they are transparent, proportionate and justified by objective technical 
requirements, and not used to serve their own commercial interests. ISPs can also distinguish certain services, called 
specialised services, from their internet access service, without them affecting the latter, provided these services have 
specific, objective transit requirements. 





“© http://www.berec.europa.eu/ 
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aestivation) in the hottest months, sometimes having a 
second period of reproduction in the fall. The winter is 
generally unfavorable for ladybug reproduction, and 
ladybugs usually pass the winter as dormant adults. In 
wet/dry seasonal climates, particularly in the tropics, many 
ladybugs are dormant through the dry season, beginning to 
reproduce at the start of the wet season when food becomes 
more readily available. 

The rate of development of ladybugs, like that of other 
insects, depends largely on ambient temperature. In a species 
such as Adalia bipunctata in a temperate climate, the egg 
stage lasts from about 4 to 8 days; larvae feed for about 3 
weeks. When they stop feeding, they form a humped 
prepupa and shed the final larval skin about 24 h later to 
produce a pupa that is attached to the substrate at its 
posterior. The pupal stage lasts 7 to 10 days. When the adult 
emerges, the elytra are pale yellow and unpatterned. 
Hemolymph is pumped into the elytra and flight wings to 
expand them, and the color patterns develop over the next 
day or two. Adult ladybugs live for up to a year. 

The eggs of most species of ladybugs are bright yellow and 
are laid upright in batches (Fig. 1) in the vicinity of food. 
Newly hatched larvae habitually eat any remaining eggs in 
their clutch and then disperse to find food. For many species, 
this food is in the form of small sapsucking insects such as 
aphids or coccids. However, some species feed on fungi, 
while others are true vegetarians, eating the foliage of plants. 
The larvae (Fig. 2) are usually elongate, and the ratio of leg 
length to body length is variable, being correlated to diet. 
The pupa (Fig. 3) is usually formed on the host plant. Both 
larvae and pupae may be brightly colored and patterned. 


Generalist and Specialist Ladybugs 


Broadly, different species of ladybugs can be split into gener- 
alists and specialists on the basis of their dietary array and the 
range of habitats that they live in. Most of the commonest 
species feed on a variety of aphid species and move from one 
host plant to another as aphid colonies wax and wane. How- 
ever, some species have a specialized diet and so are confined 





FIGURE 1 Egg clutch of Harmonia axyridis laid among aphids. 
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FIGURE 2 Larva of A. bipunctata. 


to specific habitats where their food occurs. This is true of 
some of the aphid feeders, as well as for many of the species 
that feed on other diets, such as coccids, mildews, the leaves 
of plants or the pollen, and nectar of flowers, as their 
principal food. Many of these species have evolved precise 
adaptations to their diets and habitats. 


LADYBUG COLOR PATTERNS 
Warning Colors and Chemical Defense 


The bright, eye-catching color patterns of most ladybugs are 
their first line of defense against many predators. The bold 
markings of one bright color set on a background of another 
contrasting color provide a memorable image that warns 
potential predators that ladybugs have hidden defenses, being 
foul smelling and evil tasting. 

The chemical defenses of ladybugs involve a range of 
alkaloids, 


quinolenes, and pyrazines, some of which are synthesized by 


chemicals: histamines, cardiac  glucosides, 
the beetles while others are sequestered from food. 
Anyone who has picked up a ladybug a little roughly will 


have noticed that they often secrete a yellow fluid. This 





FIGURE 3 Pupa of H. axyridis. 
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FIGURE 4 Anatis ocellata reflex bleeding. 


behavior, called reflex-bleeding, is part of their defense. The 
fluid is filtered hemolymph and is exuded through pores in 
the leg joint (Fig. 4), whence it runs along grooves to form 
small droplets at the edge of the pronotum and elytra. This 
“reflex blood” contains a cocktail of volatile chemicals that 
have a strong and acrid scent to deter naive predators. 

Many species of ladybug share the same basic color 
combinations, red with black spots or yellow with black spots 
being the most common. From an evolutionary perspective, 
the similarities between many species are beneficial to all. The 
reasoning is simply that the more chemically defended species 
share the same color pattern, the smaller the number of indi- 
viduals of each species likely to be harmed by naive predators 
as the latter learn to associate a particular color pattern 
combination with unpalatability. This type of resemblance, 
involving a complex of species that resemble one another and 
are all unpalatable, is known as Miillerian mimicry. 

Most of the generalist ladybugs have fairly simple patterns 
of just two strikingly different colors. However, some of the 
habitat specialists have more complex coloration. For 
example, some of the reed-bed specialists, such as Anisosticta 
novemdecimpunctata, have the ability to change color during 
their adult life. Through the fall and winter these ladybugs 
are beige with black spots and are well camouflaged between 
the old browning reed leaves where they overwinter. In 
spring, when the ladybugs move to new green reeds to feed 
and reproduce, their elytra become flushed with red pigment, 
thus giving the ladybugs a warning pattern. 


Polymorphism 


Many ladybug species have variable color patterns, and, in 
many cases, distinct color forms occur together as genetic 
polymorphisms. Thus, for example, in many parts of Asia, 
several different forms of Harmonia axyridis, can be found. 
The different forms are controlled genetically, with the 
inheritance of most depending on differences in just one 
gene. The existence of these genetic polymorphisms is 
surprising because the theory of warning coloration leads to 





FIGURE 5 Melanic and nonmelanic forms of A. bipunctata. 


the expectation that all members of the species will look the 
same. Considerable research time has been expended on this 
evolutionary conundrum, particularly in A. bipunctata, 
which has some forms that are mainly red with black spots 
and other forms that are black with red spots (Fig. 5). The 
factors implicated in the evolution and maintenance of the 
forms of this species include different levels of activity (black 
surfaces warm up more rapidly than red ones), sexual 
selection by female choice (some females have a genetic 
preference to mate with black males), and different levels of 
unpalatability to different predators. A fully convincing 
explanation for these polymorphisms has yet to be found. 


REPRODUCTIVE BIOLOGY 
Promiscuity 


The reproductive biology of ladybugs raises several evolu- 
tionary problems. Both male and female ladybugs are highly 
promiscuous. Theoretically, females that produce large and 
energetically expensive germ cells should mate only often 
enough to ensure high fertilization rates. This theoretical limi- 
tation reflects the energetic and temporal costs of copulation 
and the possibility of contracting sexually transmitted 
diseases. Yet females of A. bipunctata mate about 10 times as 
often as they need to to fertilize all their eggs. Such promis- 
cuity may represent a bet-hedging strategy, or it may afford a 
means of providing conditions for sperm competition. A 
hedging strategy addresses the unpredictability of the envi- 
ronments that will face a female’s progeny: by mating with a 
wide variety of different males, she is assured of producing 
genetically diverse offspring, at least some of which may have 
genes appropriate to the unknown future habitat. With 
respect to sperm competition, female ladybugs store the 
sperm they receive from males in a storage organ called a 
spermatheca. Thus, after mating with many males, the 
spermatheca will contain contributions from a number of 
different males, and these sperm will have to compete for the 
opportunity to fertilize the eggs. 


Female Mate Choice 


The study of the reproductive biology of ladybugs has an 
important place in evolutionary biology, for one of Darwin's 
mechanisms of evolution was first demonstrated on a 
ladybug. In addition to natural selection, Darwin argued that 
some characteristics of some organisms were the result of 
sexual selection through either male competition or female 
choice of mates. That females may have a genetically 
controlled preference to mate with males of a particular 
genetic type was first demonstrated in A. bipunctata, over a 
hundred years after the theory was first proposed. In brief, it 
was shown that some females carry a single gene that is 
expressed as a preference to mate with melanic rather than 
nonmelanic males, irrespective of their own color. 
Subsequently, mating preferences were shown to exist in 
other species of ladybug. 


Apparent Waste of Sperm 


Male ladybugs also present some interesting problems. In a 
single copulation, for example, a male.A. bipunctata can transfer 
to a female up to three sperm packages, or spermatophores. 
The spermatheca of a female can store about 18,000 sperm. 
An average spermatophore contains about 14,000 sperm. 
Therefore, a male that transfers three spermatophores passes 
more than twice the number of sperm a female can contain. 
This apparent waste is difficult to comprehend. Possibly by 
transferring an excess of sperm, the male is indulging in a 
coarse type of sperm competition, in which sperm in the 
female’s spermatheca from previous matings are flushed out. 


Consequences of Promiscuity: Sexually 
Transmitted Diseases 


Not only do both sexes of many species mate many times, 
but the duration of each copulation is considerable, lasting 
several hours in many species. This promiscuity has had one 
obvious consequence: some species of ladybug are infected by 
sexually transmitted diseases. Such diseases are generally rare 
in invertebrates, yet both sexually transmitted mites and 
fungi infect ladybugs. The mite Coccipolipus hippodamiae, 
which appears to specialize on ladybugs, lives under the 
elytra, with its mouthparts embedded into the elytra, from 
which it sucks hemolymph. Mite larvae emerging from eggs 
produced by the adult females travel to the posterior end of 
their host before moving onto a new host when the ladybug 
copulates. A sexually transmitted fungus (in the Laboulbeniales) 
also occurs. 


CANNIBALISM 


Ladybugs indulge in cannibalism. Both adults and larvae will 
resort to eating conspecifics and sometimes other species, 
particularly when other food is scarce. The most vulnerable 
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individuals are those that either are immobile (eggs, ecdyzing 
larvae, prepupae, pupae) or have a soft exoskeleton (recently 
ecdyzed larvae, newly formed pupae, newly emerged adults). 
Aphidophagous species tend to be more prone to 
cannibalism than those with other diets, largely because of 
the ephemeral nature of their prey and because they are more 
prone to large fluctuations in population density. 


MALE-KILLING BACTERIA AND 
LADYBUG SEX RATIOS 


The population sex ratio of the majority of sexually repro- 
ducing organisms is close to 1:1; selection will normally 
promote the production of the rarer sex, so that the stable 
strategy is for sex ratio equality. Female-biased sex ratios were 
first recorded in the ladybug A. bipunctata from Russia in the 
1940s. Some females were found to produce only female off- 
spring. The trait was inherited maternally. Subsequent 
research has shown that male embryos die while in the egg as 
a result of the action of bacteria such as Wolbachia. These 
male-killing bacteria live in the cytoplasm of cells and are 
transmitted from infected mothers to their eggs. Although 
the bacteria in male eggs die when they kill their host, they 
benefit clonally identical copies of themselves in their host’s 
siblings, which consume the dead male eggs. The additional 
resources gained by these neonate female larvae increase their 
fitness and hence that of the bacteria that they carry. 


PEST CONTROL 


The benefits of allowing ladybugs to eat plant pests have long 
been recognized. Their importance in controlling aphids on 
hops in England was noted as early as 1815. For over a 
hundred years, many attempts have been made to use lady- 
bugs as biological control agents of plant pests such as aphids 
and coccids. The first reported attempt, and still one of the 
most successful, was the introduction into California of an 
Australian ladybug, Rodalia cardinalis, to control the cottony 
cushion scale, cerya purchasi, in 1888/1889. This project, 
costing just $1500, saw an almost immediate return because 
the orange crop in California increased threefold in 1890. It 
was the startling economic success of this project that began 
the biological control “explosion” that occurred through the 
first half of the 20th century, until the development of cheap 
and effective synthetic insecticides. 

Not all attempts to use ladybugs in biological control have 
been as successful as that involving R. cardinalis, and in 
general, the successes reported have involved ladybugs that 
have been used to control scale insects (Coccidae) and mealy- 
bugs (Pseudococcus spp.). Ladybugs introduced to control 
aphids on a large scale have been less efficient, largely because 
aphid populations increase much more rapidly than do lady- 
bug populations. This means that once aphid populations on 
a crop have reached sufficient density to attract ladybugs in 
numbers, the aphid population is already causing damage. 
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Despite this shortcoming, ladybugs are widely used on a 
smaller scale to reduce aphid populations. One species, the 
convergent lady beetle, Hippodamia convergens, is of particu- 
lar note. This species aggregates in vast numbers in high moun- 
tain valleys, to pass the winter. Huge numbers are collected 
annually from these aggregations. The ladybugs are then pack- 
aged and stored under precisely controlled, cold conditions 
until the spring, when they are sold through garden centers 
or by mail order to ecologically minded gardeners and organic 
farmers. 


See Also the Following Articles 
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he term “larva” is currently used for all immatures that are 
not eggs, pupae, or adults. When larva is used in this 
comprehensive sense, the subcategories include exopterygote 
larva (for Hemimetabola, which have the wingpads developing 
externally) and endopterygote larva (for Holometabola, 
which have the wings developing internally as histoblasts in 
the larva, becoming external wingpads in the pupal stage). 
Larvae occur in a great diversity of sizes, shapes, and colors. 
Colorful ones almost always live in exposed habitats where 
their colors and shapes offer cryptic concealment or where 
their bright colors and spines warn potential predators that 
they are not to be eaten. Larvae that live in concealed habitats 
are nearly always combinations of white, gray, black, or brown. 
Instar has been conventionally defined as the stage the larva 
is in between molts. Stadium is defined as the interval of time 
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FIGURE 1 A campodeiform ground beetle larva, Harpalus (Carabidae). 
(Reproduced from A. Peterson, 1951, Larvae of Insects, Vol. 2, with permission 
of Jon A. Peterson.) 


between molts. Others contend that the instar is properly 
defined as the stage the larva is in between apolysis (separation 
of the old cuticle) and the molt to the next stage, and a pharate 
(next-stage) larva would be present before the next molt. 

There are some general terms used for types of holometa- 
bolous larvae that have broad usage. Campodeiform larvae 
(Fig. 1) are somewhat flattened and have an elongate body, 
thoracic legs that are well developed, a head that is directed 
forward, no abdominal prolegs, and antennae and cerci that 
are usually conspicuous. This larval type is common in the 
Coleoptera (beetles), Megaloptera (dobsonflies and fishflies), 
Neuroptera (lacewings and antlions), and Raphidioptera 
(snakeflies). 

Elateriform larvae (Fig. 2A) are somewhat similar to cam- 
podeiform larvae, but their body is more elongate, subcylin- 
drical, and more heavily sclerotized. This type is common in 
the Elateridae (click beetles) and other Coleoptera. 

Scarabaeiform larvae (Fig. 3) have a C-shaped, whitish 
body, a dark head, and well-developed thoracic legs. White 
grubs (Coleoptera: Scarabaeidae) are the best example. 

Eruciform larvae are caterpillar-like and have a cylindrical 
body and well-developed thoracic legs, and prolegs are present. 
This type is common in the Lepidoptera (butterflies and moths), 
Mecoptera (scorpionflies), and Hymenoptera (sawflies only). 
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FIGURE 2 (A) A heavily sclerotized elateriform larva (lateral). (Reproduced 
from A. Peterson, 1951, Larvae of Insects, Vol. 2, with permission of Jon A. 
Peterson.) (B) An elongate, legless, vermiform “wormlike” larva. L=15mm 


(Reproduced from A. Peterson, 1951, Larvae of Insects, Vol. 2, with 
permission of Jon A. Peterson.) 





FIGURE 4 A legless, peg-shaped maggot of the higher flies. (Reproduced from 


A. Peterson, 1951, Larvae of Insects, Vol. 2, with permission of Jon A. Peterson.) 





L=20mm 


FIGURE 3 A C-shaped scarabaeiform larva, Phyllophaga (lateral). (Repro- 


duced from A. Peterson, 1951, Larvae of Insects, Vol. 2, with permission of Jon 
A. Peterson.) 


L=3.5 mm 


FIGURE 5 A baglike ant larva. It and other similar larvae are commonly 


called “grubs.” (Reproduced from A. Peterson, 1951 Larvae of Insects, Vol. 2, 
with permission of Jon A. Peterson.) 
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Vermiform larvae (Fig. 2B) are “wormlike.” This is an ill- 
defined term, but it is generally applied to an elongate, legless 
larva with or without a conspicuous head. Maggots (Fig. 4) 
are the larvae of higher Diptera. Their shape is peg-like and 
tapering toward the anterior end. They are legless, have a 
greatly reduced head (no head capsule), and have conspicu- 
ous mouthhook(s). The posterior end bears a pair of conspic- 
uous spiracles. 

Grub (Fig. 5) is an imprecise term that is often applied to 
“comma-shaped” larvae with or without legs or having 
greatly reduced legs. This term is commonly applied to 
weevil larvae and other Coleoptera larvae and to many larvae 
of the higher Hymenoptera (ants, bees, and wasps) that often 
have reduced or inconspicuous heads and appendages. 


See Also the Following Articles 
Caterpillars ¢ Cocoon ¢ Eges « Metamorphosis ¢ Pupa and 
Puparium 
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butterfly learns to search for the shape of its preferred 

host plant’s leaves and, contemporaneously, for the color 
of preferred nectar sources. A parasitoid wasp learns color, 
pattern, and odor components of its insect host’s micro- 
habitat. A grasshopper avoids feeding on a plant associated 
with a recent digestive malaise. An emerging adult paper 
wasp imprints on odor cues in its nest, using the odors to 
distinguish nestmates from nonnestmates. A male damselfy 
learns to recognize andromorphs (male-mimicking females) 
as females. A fly improves its depth perception with experi- 
ence. A bee memorizes a sequence of visual landmarks 
between its nest and a patch of flowers, as well as the 
distance between landmarks. All of these are examples of 
learning, a phenomenon that is ubiquitous throughout the 
animal kingdom and, as these examples illustrate, well 
represented within insects. In fact, learning has been 
documented in all major insect orders. While best studied in 
the context of foraging for food or oviposition sites, 
evidence of learning has also been obtained in relation to 
water consumption, mate finding and choice, territoriality, 
predator avoidance, dispersal, migration, kin recognition, 
and thermoregulation. 


LEARNING CHARACTERIZED 
Characteristics 


Learning eludes an easy, satisfying definition, but the following 
characteristics constitute a useful guide. Learning involves an 
enduring change in behavior with experience, the change usually 
progressing gradually with continued experience to some 
asymptote. Learned behavior is often modified by novel 
experiences, and effects of experience eventually wane if not 
reinforced. 


Associative vs Nonassociative Learning 


Learning can be categorized as nonassociative or associative. 
Nonassociative learning includes habituation and sensitization. 
Habituation involves the waning of a response to a stimulus 
upon repeated presentation of that stimulus. Alternately, 
repeated presentation of a stimulus sometimes enhances a 
response to that stimulus and often to related stimuli, a process 
termed sensitization. Associative learning involves pairing a 
stimulus with another stimulus, or with a motor pattern, 
such that the response to the first stimulus is altered as a 
consequence of the pairing. Associative learning is typically 
evaluated in two kinds of paradigms: classical (Pavlovian) 
conditioning and instrumental conditioning. 


Classical and Instrumental Conditioning 


In classical conditioning, an unconditioned. stimulus (US) 
that elicits an unconditioned response is paired in time and 
space with a novel stimulus, the conditioned stimulus (CS). 
As a consequence of the pairing, the CS subsequently elicits 
a conditioned response. Both appetitive and aversive forms of 
classical conditioning have been documented in insects. 
Most of what we know about classical conditioning in insects 
has involved classical conditioning of the proboscis extension 
reflex (PER), principally in honey bees. 

A case for associative learning is strengthened by evidence 
of discrimination learning. Discrimination learning (sometimes 
called differential conditioning) controls for effects of sensi- 
tization to a CS by training to two CSs, one which is rein- 
forced with a reward (CS+) and one which is not (CS-—). If 
learning is associative, response to the CS+ only is heightened, 
relative to controls. Discrimination learning is well document- 
ed in bees, hymenopterous parasitoids, moths, butterflies, 
cockroaches, and fruit flies. A case for associative learning is 
similarly supported if learning is restricted to forward pairing. 
In forward pairing, the CS is presented shortly before the US, 
whereas, in backward pairing, the CS is presented shortly 
after the US. Insects, like vertebrates, show strong learning in 
forward-pairing regimes but little or no learning in backward- 
pairing or random-pairing regimes. 

In instrumental conditioning (roughly equivalent to oper- 
ant conditioning), presentation of a reinforcing stimulus is 
contingent upon the insect’s own motor actions. For example, 


an entirely novel motor pattern can be generated through a 
process of trial and error, as when a bee or butterfly learns how 
to extract nectar from a flower. A standard operant condition- 
ing paradigm in the laboratory requires a tethered orthopteran 
to move its leg in response to an electric shock, heat, or access 
to food. A headless roach learns such a task, demonstrating 
that conditioning can occur at the level of ganglia. 

Learning a given task in nature probably involves a com- 
bination of stimulus—stimulus and stimulus—response associa- 
tions. When an insect pollinator learns nectar-extraction 
routines for different flowers, for example, it simultaneously 
learns identifying features of each type of flower, allowing the 
appropriate motor routine to be expressed on the appropriate 
flower. 


Miscellaneous Types 


Various forms of associative learning beyond the basic types 
have special meaning to students of learning. Food aversion 
learning, strongly implicated in work on vespid wasps, 
grasshoppers, mantids, and caterpillars, involves avoidance of 
food stimuli associated with a digestive malaise. Food 
aversion learning is noteworthy because an aversion can form 
even when a long period of time (hours) passes between 
ingestion of a food and the resulting illness. 

Spatial learning is an important component of insect 
navigation. Commonly traversed routes are learned during 
homing by ants, bees, and wasps, and traplining is learned by 
bees and butterflies. Honey bees may additionally possess a 
topographically organized landscape memory that allows 
them to navigate along a novel route. Spatial learning is useful 
in contexts other than movement of the whole organism; for 
instance, bees learn to discriminate textures with their 
antennae and use such learning to evaluate the microtexture 
of flower petals. 

One form of learning of significance in vertebrates which 
has not been documented to date in insects is observational 
learning, in which a subject imitates the motor actions of a 
demonstrator. Nevertheless, social interactions do influence 
what insects learn. Honey bees and bumble bees, for example, 
evaluate floral scents borne by returning foragers and forage 
selectively for those scents. 


LEARNING PROCESSES 


Many associative learning processes that have been described 
for vertebrates have also been shown in insects. The following 
list of selected processes is derived mainly from work on 
honey bees, unless otherwise noted. 

Generalization refers to an animal’s tendency to respond 
to stimuli that were not reinforced but that are related to a 
reinforced stimulus (A+) along some perceptual dimension. 
Moths and honey bees have been shown to generalize odors 
according to similarities in functional groups and carbon- 
chain length. 
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Blocking occurs when an animal that first learns to res- 
pond to a stimulus (A+), and is then reinforced on A and a 
novel stimulus, B, presented together ([AB]+), subsequently 
fails to show a heightened response to B alone, relative to 
controls. Learning of stimulus B has been blocked by 
coupling with the previously learned stimulus A. Blocking 
illustrates that temporal pairing between a CS and a US is 
not sufficient for associative learning to take place; rather, a 
new CS must convey new information in order to be learned. 
Whereas blocking is a robust phenomenon in vertebrates, 
studies of blocking in bees and fruit flies have yielded mixed 
results. Where blocking has been demonstrated, it seems to 
be restricted to intramodal stimuli (e.g., odor blocking in 
honey bees). 

Overshadowing occurs when an animal reinforced on a 
compound of stimuli A and B ([AB]+) shows little response 
to B alone, relative to when reinforced on B alone (B+). As 
with blocking, overshadowing illustrates that temporal pairing 
between a CS and a US is not sufficient for associative learning 
to take place. 

Sensory preconditioning occurs when an insect presented 
simultaneously with two stimuli in the absence of reinforce- 
ment ({AB]-), then reinforced on one stimulus (A+), 
subsequently shows a heightened response not only to A but 
also to B. During exposure to [AB], the insect learns that A 
and B belong together. Observed in Drosophila fruit flies and 
honey bees, sensory preconditioning illustrates that a stimulus 
does not have to be paired directly with a US in order for an 
association between the stimulus and the US to form. 

Second-order conditioning refers to the capacity for a stimu- 
lus, once conditioned, to serve as a US in the conditioning of 
another stimulus. Second-order conditioning may play a major 
role in learning complex mixtures of stimuli, such as odor 
blends. 

Patterning is evaluated by reinforcing two stimuli in turn 
(A+, then B+) and then explicitly not reinforcing a com- 
pound of those stimuli ([AB]—). Under this protocol, PER 
odor conditioning in bees shows “negative patterning,” 
responses being greater to individual odors than to the 
compound. This result can be explained only if the insect 
treats the compound [AB] as a unit and relates it to the 
absence of reinforcement. Such learning is referred to as 
configural learning. 

Rule extraction has been demonstrated with the use of 
delayed matching-to-sample tasks in which honey bees are 
required to respond to a stimulus that matches a sample 
stimulus recently experienced. Bees not only solve the task but 
also transfer the matching to stimuli not previously reinforced. 
For example, bees trained to match a color can subsequently 
match patterns of lines and, remarkably, bees trained to match 
an odor can subsequently match colors too. Such results have 
been interpreted to mean that insects can form a concept of 
“sameness.” When trained in a delayed non-matching-to- 
sample task in which they must choose the stimulus that does 
not match the sample, bees again perform well and make 
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similar transfers, showing a grasp of a “difference” relation. 
Bees also learn to extract bilateral symmetry from a series of 
rewarded patterns and subsequently transfer that extraction 
to evaluation of novel patterns. 


MEMORY 


Associative memory in insects, as in vertebrates and other 
animals, is time-dependent and phasic. Recent work on fruit 
flies and honey bees suggests as many as five memory phases: 
(1) an early and (2) a late form of short-term memory [eSTM 
and ISTM], (3) a midterm memory [MTM], and two forms 
of long-term memory (in honey bees, characterized as (4) an 
early form [eLTM] and (5) a late form [ILTM]; in Drosophila, 
characterized as (4) an anesthetic-resistant form and (5) a 
parallel, susceptible form). STM forms immediately upon 
association, is short-lived (seconds to minutes), and is rela- 
tively easily erased by conflicting information or treatment 
by cooling or shock. eSTM is characterized by a relatively 
nonspecific appetitive arousal and is highly suseptible to 
interference by new, conflicting information or by cooling. 
ISTM is more stable, is more specific, and takes longer to 
form than eSTM. The transition from STM to MTM after a 
single learning trial requires several minutes. MTM is more 
resistant to interference than STM, requiring hours to decay. 

LTM takes longer still to form than either STM or MTM, 
involves longer lasting changes (hours to weeks), and is 
relatively resistant to interference. In bees, formation of LIM 
requires multiple learning trials. LTM is highly context- 
specific; landmarks learned by bees around their feeder, for 
example, may be entirely ignored when presented at a novel 
location. eLTM and ILTM have been distinguished in terms of 
the effects of inhibiting protein synthesis: synthesis inhibition 
after 24 h degrades memory, whereas inhibition after 3 days 
does not. Effects of inhibition depend on the time between 
learning trials, with closely spaced trials (termed “massed trials”) 
resulting in memory that is independent of protein synthesis. 

The underlying processes involved in memory formation 
are beginning to be revealed. In honey bees, a “value” neuron, 
the VUM,,,.; of the subesophageal ganglion, which fires in 
response to sucrose stimulation, is proposed to be part of the 
US pathway. In PER odor conditioning studies, artificial 
depolarization of the VUM,,,,; neuron just following 
presentation of an odor generates a conditioned response to 
the odor. The VUM,,,.; neuron, which uses octopamine as a 
neurotransmitter, converges on two brain neuropils, the 
antennal lobe and the mushroom bodies. Consistent with 
these observations, olfactory memories can be established by 
odor-coupled injection of octopamine into either the antennal 
lobe or the mushroom bodies. The pattern of octopamine 
effects suggests that antennal lobe processes may relate more 
to eSTM, whereas mushroom body processes may relate more 
to ISTM and LTM. 

To what degree these findings pertain only to honey bees 
or only to odor learning is uncertain. Analysis of Drosophila 


mutants suggests that the mushroom bodies are important for 
odor learning but dispensable for visual or tactile learning. 
Studies of locusts have indicated effects of feeding experience 
on diet choice that resemble discrimination learning, but are 
based on an entirely novel mechanism. This taste-feedback 
mechanism involves adjustments in the level of sensitivity to 
nutrients in the hemolymph. 


FUNCTION OF LEARNING 


In a sense, the function of associative learning is obvious. 
Animals learn by association to orient toward stimuli predict- 
ing positively rewarding resources (such as sugar, pollen, food 
plant, hosts) and away from stimuli predicting negatively 
rewarding events (shock, heat, toxins, predators). Likewise, 
habituation is a means for reducing energy-wasteful, time- 
consuming responses to meaningless stimuli. In either case, 
however, learning is needed only if the appropriate responses 
cannot be predicted without benefit of experience, else an 
insect could respond (or not respond) innately. Even in an 
unpredictable environment, whether learning yields higher 
fitness than innate behavior depends on the relative costs of 
learning. A robust assessment of costs and benefits of learning 
has proved elusive, perhaps in part because individual fitness 
in nature is especially difficult to measure in Drosophila and 
honey bees, the systems in which learning processes and 
mechanisms have been best studied. 


ADAPTATION, CONSTRAINT, AND LEARNING 
Limits to Learning and Memory 


Of interest to behavioral ecologists is the degree to which 
learned behavior reflects adaptation by natural selection 
versus constraints on selection. Generalization (see above), 
for example, may seem at first to reflect a constraint on 
learning, but conceivably represents an adaptive mechanism 
of imprecision. A pollinator, for example, that responded 
only to the precise odor blend emitted by the first rewarding 
flower encountered might never visit another flower, owing 
to among-flower variation in the blend. 

A classic case study of limits on learning and memory in 
nature that interested Darwin himself concerns the tendency 
for bees, butterflies, and other pollinators to show greater 
fidelity to one or a few floral species than expected based on 
the profitabilities of those species. According to one point of 
view, this so-called floral constancy is dictated by limits on 
the acquisition, retention, and/or retrieval of stored 
information about the floral resource. 

That foraging success in insects is limited in terms of 
acquisition and retention seems unlikely at the level of LTM. 
LIM in insects, as mentioned above, is extraordinarily 
durable and the amount of information that can be 
maintained in LIM, as currently understood, is extremely 
impressive. Butterflies can learn visual cues in two foraging 


modes (nectar collection and oviposition) simultaneously, 
showing meaningful responses in each instance in just a 
single trial. Bees can be trained to distinguish multiple 
rewarded stimuli from multiple unrewarded ones and to link 
features of eight or more different flower species to the time 
of day at which nectar is available. These features include 
flower color, odor, pattern, and microtexture. In addition, a 
bee learns the location, profitability, and visual landscape 
associated with a rewarding patch of flowers, as well as the 
route between hive and patch and, in conjunction with the 
sun compass used to navigate, even the pattern of movement 
of the sun through the sky. 

Retention at the level of LTM is similarly impressive. Bees 
have been shown to retain LIM without reinforcement for 
several weeks, a period of time comparable to average worker 
life expectancy. In Tribolium beetles and Drosophila, there is 
evidence that memory formed in the larval stage persists 
through metamorphosis. 

If pollinators are limited at all in memory, it may be at the 
level of STM. As noted above, STM is particularly vulnerable 
to conflicting information; this fact may make it difficult for 
a bee once fixed on a flower type to switch to a novel one. 
Alternatively, the key to floral constancy may lie in the 
retrieval of stored information, specifically a constraint on 
the minimum time required to activate information stored in 
LTM and a limited capacity to activate multiple memories at 
once (together, limits on what for vertebrates has been 
referred to as working memory). 


Learning and Memory as Products 
of Adaptation 


An alternative, albeit not mutually exclusive, view holds that 
natural selection generates an adaptive balance between 
activation and suppression of memory, tuning that balance 
finely to the specific ecological requirements of a given 
species. For example, floral constancy might conceivably 
permit workers in a colony to partition floral resources 
efficiently, in which case the properties of learning and 
memory that contribute to constancy would be viewed as 
adaptive. It has even been proposed that memory dynamics 
in bees are tightly matched to foraging activity rhythms as 
well as the spatial patterning of the floral resource. 
Abundant propositions as to adaptive specialization in 
learning have been made, especially from a comparative 
standpoint: “Insects of a given species should be prepared to 
learn particularly well those stimuli relevant to that species’ 
needs.” “Social insects should learn better than solitary ones 
(owing to the demands of a complex and unpredictable social 
environment).” “Generalist insects should learn better than 
specialists.” For none of these propositions is there compelling 
evidence, nor will there be until better descriptions are made 
of learning in an ecological context, learning protocols are 
brought closer in rigor to those employed in comparative 
psychology, and more insect species are evaluated. 
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For now, the primary comparison to be made is a 
comparison between learning in insects and in vertebrates. 
Here, the pattern is one of shared features. Despite 
significant phylogenetic distance between insects and 
vertebrates, and despite substantial differences in their 
underlying physiology, there is a remarkable congruence in 
the diversity and form of learning processes in these taxa (see 
above). The similarities may reflect shared ancestry, 
evolutionary convergence, or both. A finding of evolutionary 
convergence would imply that certain universal, yet to be 
clearly defined functional principles govern the evolution of 
learning and memory processes. 
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O ne of the most generally known and oft-repeated facts 
about insects is that they possess three pairs of legs, one 
pair each on the prothorax, mesothorax, and metathorax. 
Indeed, this condition is in the fundamental ground plan of 
insects and is amply represented in the fossil record. The 
condition inspired Latreille’s taxon Hexapoda (Greek hexa, 
six, and poda, foot). Exceptions to the hexapodous condition 
are found in the apodous, or legless, insects that have 
secondarily lost their legs, typically as a result of selection for 
an obligatory parasitic or sedentary existence. 

The six-legged condition is derived from an ancestral 
arrangement in which legs occurred on the majority of body 
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segments. Over evolutionary time, the serially uniform legs 
became modified in the insectan lineage into the characteristic 
mouthparts, thoracic legs, and various abdominal appendages, 
such as cerci and genitalia, while typically becoming lost on 
other abdominal segments. Further evolution of the basic six- 
legged condition in the insectan lineage has resulted in an 
enormous diversity of structure and function. This structural 
and functional diversity of legs, along with the acquisition of 
wings without the loss of legs, which is a condition unique to 
insects, undoubtedly has been a key factor in the numerical 
success of insects and their representation in nearly every 
habitat on the planet. The exquisite diversity in leg structure 
plays an important role in the taxonomy and classification of 
insects. 


STRUCTURE 


In the classic textbook interpretation, the insectan leg has six 
well-sclerotized segments, arranged proximal to distal: the 
coxa, trochanter, femur, tibia, tarsus, and pretarsus. A more 
fundamental and complete segmentation scheme, which 
facilitates the recognition of leg and leg-derived homologies 
among all arthropods, involves 10 or 11 segments. These 
segments include the epicoxa (debatably present as the wing 
articulation and a fused portion of the tergum), subcoxa 
(absorbed into the pleuron), coxa, trochanter, prefemur 
(typically fused with the trochanter), femur, patella (fused 
with the tibia), tibia, basitarsus, eutarsus (often subdivided), 
and pretarsus. A more modern interpretation of the free leg 
of extant insects, therefore, depicts it as consisting of seven to 
eight distinct segments, which are the classical six plus a 
basitarsus and a prefemur, in some insects. 

Each segment in the insectan leg, unless secondarily lost 
or fused, is independently movable by muscles inserted on its 
base. Thus, subdivisions of the eutarsus, marked by flexible 
cuticle but without corresponding internal muscles, are not 
true segments; these subdivisions are referred to as 
tarsomeres. The areas of flexion between segments are joints, 
and the well-sclerotized contact points in the joints are the 
condyles. The various joints contribute to the mechanical 
efficiency of the leg. The articulation between the coxa and 
the body, for example, allows the leg to move forward and 
rearward, whereas that between the coxa and the trochanter 
allows the leg to be lifted at the end of the backstroke and 
depressed at the beginning of the backstroke. 

Leg joints are of two types. Monocondylic joints have a 
single point of articulation, somewhat like a ball-and-socket 
joint, and usually are situated dorsally. They allow 
considerable freedom of movement and are characteristic of 
the legs of larval insects. Dicondylic joints consist of an 
anterior and a posterior condyle, or a dorsal and ventral 
condyle in the case of the trochanterofemoral joint. They 
typically limit movement to that of a hinge. Adult legs 
usually have dicondylic joints, although the tibiotarsal joint 
is often monocondylic. 


The coxa (plural coxae) is typically short and rather stout, 
although it varies in shape among taxa. It is set in a coxal cavity 
and articulates with the thorax at the coxal process of the 
pleural sulcus (groove). Quite often, it also articulates with the 
thoracic trochantin and sternum, somewhat restricting its 
movement. To withstand the forces of movement, the coxa is 
strengthened by a ringlike basicostal sulcus that sets off a 
basal sclerite, the basicoxite. Internally, the basicostal sulcus 
is expressed as a ridge, the basicosta, that provides for muscle 
attachment. Posterior to the point of articulation, the basicoxite 
is called the meron and in insects such as adult Neuroptera 
and Lepidoptera, it can be quite large. In higher Diptera, the 
meron is detached from the coxa and forms a plate in the 
mesothoracic pleuron. In some insects, an additional external 
groove, the coxal sulcus, divides the coxa lengthwise. 

The trochanter is small and freely movable in a vertical 
direction on the coxa, but it is often rather fixed to the base of 
the femur. In the larvae and adults of numerous fossil insects 
and a few extant taxa, such as Odonata, two trochanteral 
segments are present, the distal one being the prefemur. 

The femur (plural femora) is usually the largest and 
strongest segment of the leg. Its size is related to the mass of 
the tibial extensor muscles within it, varying from a small, 
thick segment in larval insects to the enormous segment in 
the hind leg of jumping Orthoptera. The femur often is 
equipped with spines and other cuticular modifications, 
especially in predatory insects. 

The tibia (plural tibiae) typically is long and slender in 
adult insects. Proximally, it is bent slightly toward the femur, 
allowing the shaft of the tibia to be flexed close against the 
femur for more locomotory power in insects such as 
grasshoppers. It often bears spines for grooming or for 
engaging the substrate to aid in locomotion. Many insects 
also have apical or subapical movable spurs on their tibiae. 

The tarsus (plural tarsi) is a simple, undivided segment in 
holometabolous larvae and basal hexapods such as Protura and 
some Collembola. In collembolans, the tarsus and tibia are 
fused into a single tibiotarsus. In most insects, a separate seg- 
ment, the basitarsus, is present and the eutarsus is subdivided 
into two to four sections or tarsomeres. The ventral surface of 
the basitarsus and eutarsus often bears pads called tarsal 
pulvilli that aid movement on smooth surfaces and are 
especially well developed in some Orthoptera. The basitarsus 
and eutarsus generally are well endowed with sensory hairs 
and chemoreceptors. The ventral surface often has a secretory 
epithelium that produces a wax, possibly for waterproofing, 
inhibiting the uptake of undesirable water-soluble compounds, 
or preventing entrapment in surface films. 

The pretarsus, also called the acropod or posttarsus, arises 
from the distal end of the eutarsus. In the Protura, Collembola, 
and larvae of many holometabolous insects, the pretarsus is a 
simple, clawlike segment. Typically, however, the pretarsus 
consists of a membranous base, a pair of hollow claws (ungues), 
and various sclerites and lobes. A sclerotized unguitractor plate 
articulates with the eutarsus into which the plate is partly 
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invaginated. The muscles that flex the claws are inserted on a 
process of this plate. The claws articulate with the unguifer, a 
median process at the distal end of the eutarsus. A saclike, 
hollow lobe, the arolium, arises between the claws. In adult 
Diptera, other than crane flies, an arolium is absent. Instead, 
a padlike lobe called the pulvillus (plural pulvilli) arises from 
an auxiliary plate (auxilia) beneath the base of each claw, while 
an unpaired, lobelike or bristlelike process, the empodium, 
stems medially from the unguitractor plate. The pretarsal 
pads and lobes are covered with adhesive setae (tenent hairs) 
that allow the insect to climb and hold onto smooth surfaces. 
Variation in structure, and hence function, can be found 
among the three pairs of legs within an individual, as well as 
between larvae and adults, between males and females, and 
among taxa. The thoracic legs of many larval insects are 
serially uniform or, sometimes, lacking. The legs of adults 
often vary in structure among the three pairs, although even 
adults of some insects (e.g., some female Coccidae, Psychidae, 
and Strepsiptera) are devoid of legs. The variation among the 
three pairs of legs in adults often is associated with acquisition 
of food, courtship, and mating. Developmental variation 
occurs in holometabolous insects, which have simple, rather 
generalized legs in the larvae and more specialized legs in the 
adults. Among the hemimetabolous groups, many 
Hemiptera—Heteroptera gain a tarsomere in the final molt. 
Sexual dimorphism in leg structure is particularly prevalent. 
The reduced forelegs of nymphalid butterflies have short 
tarsomeres in females but lack all segments beyond the tibia 
in males. The forelegs of male Ephemeroptera are typically 
elongated to grasp the female. The slender, elongate legs of 
crane flies are even longer in males than in females for species 
in which a guarding male stands over the female during 
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oviposition; in some crane flies the distalmost tarsomere is 
prehensile in males and used for holding females. The hind 
femora of males of many Coreidae are enlarged for intrasexual 
fighting. The pulvilli beneath the claws of some flies, such as 
Tachinidae, are considerably larger in males than in females. 


FUNCTION 


The majority of insectan legs are either elongate, slender, and 
designed for walking and climbing or cursorial, i.e., adapted 
for running, as in the cockroach (Fig. 1A). During walking, 
the legs form alternating triangles of support, with the fore and 
hind legs of one side and the middle leg of the opposite side 
contacting the substrate as the other three legs move forward. 
Various modifications allow the legs to be used in other forms 
of locomotion. Enlarged hind legs of many Orthoptera, fleas, 
and other insects are saltatorial, meaning they are designed for 
jumping. The jump of insects such as fleas is aided by a rubber- 
like protein called resilin in the cuticle that stores and subse- 
quently releases energy for the jump. Powerful, spadelike 
forelegs of mole crickets, scarab beetles, burrowing mayflies, 
and other insects are fossorial, or adapted for digging and rapid 
burrowing (Fig. 1B). Flattened, fringed legs of aquatic insects 
such as dytiscid and gyrinid beetles and notonectid backswim- 
mers serve as oars for paddling or swimming (natatorial legs), 
while long legs with hydrophobic tarsal hairs and anteapical 
claws, as seen in water striders (Gerridae), are for skating on 
the surface of water. The legs of some insects, although well 
developed, have lost their associated locomotory function. The 
spiny legs of Odonata, for example, are designed for perching 
or seizing and holding prey captured while the dragonfly is in 
flight; the legs are ineffectual for walking. 






bei femur 


busitarsus 


FIGURE 1 (A) Cursorial foreleg of the Madeira cockroach (Leucophaea maderae). Illustration by T. S. Vshivkova. (B) Fossorial foreleg of the northern mole 


cricket (Neocurtilla hexadactyla). Ulustration by T. S. Vshivkova. 
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FIGURE 2 (A) Raptorial foreleg of the Carolina mantid (Stagmomantis carolina). Illustration by T. S. Vshivkova. (B) Inner surface of the hind leg of the honey 


bee (Apis mellifera). Mlustration by T. S. Vshivkova. 


Although typically regarded as agents of locomotion, the 
legs have assumed a wide range of additional, or altogether 
different, functions. Often, function can be inferred from 
structure; for example, the thickened, spinose legs of many 
insects signify a predacious mode of life. Raptorial legs 
(Fig. 2A), i.e., those designed to seize prey, have arisen 
independently in many insectan lineages. Either of the three 
sets of thoracic legs can be raptorial, but the trait is probably 
most often expressed in the forelegs (e.g., in Mantodea and 
Reduviidae) and less frequently in the middle legs (e.g., in 
some Empididae) and hind legs (e.g., in some Mecoptera). 

Legs also play an important defensive role, not only in 
permitting escape by running, jumping, burrowing, and swim- 
ming, but also in ways such as kicking and slashing. The spines 
on the legs of many insects, when used in defense, effectively 
deter predators and competitors and can inflict considerable 
damage. Insects such as stink bugs and treehoppers deliver 
powerful kicks at parasitoids and predators that attempt to 
attack their young. Autotomy, or the loss of legs at predeter- 
mined points of weakness, often at the level of the trochanter, 
occurs in insects such as crane flies, leaving a predator with only 
a leg in its clutches as the insect escapes. Legs, whether lost 
through autotomy or accident, often can be regenerated to 
various degrees if one or more molts follow the amputation. 

All legs are equipped with an extensive arrangement of 
sensory structures that allow the insect to feel, hear, and taste, 
providing the insect with its initial assessment of the envi- 
ronment. Chemoreceptors, which are especially prevalent on 


the basitarsus and eutarsus, provide sensory input on envi- 
ronmental substances and can be used to determine the 
acceptability of food, ovipositional substrates, and perhaps 
mates. Mechanoreceptors, most often in the form of hair 
organs, but also campaniform, chordotonal, and plate 
organs, provide sensory information on position, movement, 
and vibrations borne by air and substrate. 

In many insects, the legs are used in sound production. 
Familiar examples include the shorthorned grasshoppers, 
which have a stridulatory mechanism on the hind femur, 
involving a series of pegs—the scraper—that is rubbed across 
a ridged wing vein. Some larval hydropsychid caddisflies have 
a scraper on the prothoracic femur that is rubbed against a 
file on the venter of the head. Legs also can be used to 
produce sound for intraspecific communication by 
drumming them against a substrate, as in some Orthoptera. 

To maintain hygiene, insects spend considerable time preen- 
ing and grooming their body and appendages. Grooming 
typically is effected by various leg structures, which can be in 
the form of cuticular combs (ctenidia), setal brushes, grooves, 
and notches. The cleaning setae on the foretibia of certain 
heteropterans are mirror images of the arrangement of anten- 
nal setae. The hind leg of honey bees is specially modified to 
groom pollen from the plumose hairs of the body (Fig. 2B). 
Combs on the inner surface of the hind basitarsus remove the 
pollen from the body hairs and pass it to the pollen press 
between the tibia and the basitarsus. Closure of the press forces 
the pollen into the pollen basket (corbiculum) on the outer 


surface of the tibia where the pollen bolus is held in place by 
rows of hairs. Once in the hive, the honey bee removes the 
pollen, with the aid of an apical spur on the middle tibia. 

Legs often are used to hold onto objects, and they bear the 
relevant modifications, including enlarged segments to house 
increased musculature, various spines and setae, and adhesive 
organs. The grasping function is seen, for example, in the 
pincerlike, spiny raptorial forelegs of many predacious 
insects. It also is expressed dramatically in certain sucking lice 
in which the claw folds against a thumblike, spinose process 
of the enlarged tibia. Flies that feed on the blood of birds 
typically have a thumblike lobe at the base of each of their 
talonlike claws that helps them grasp feather barbules. 
Grasping is common during mating, and especially the males 
of many insects have legs designed to secure and hold their 
mates. Adhesion to objects such as mates and prey can be 
achieved with suction discs on the legs. Male dytiscid beetles 
have a flattened, disklike arrangement on each foreleg that is 
formed of the basitarsus and the succeeding two tarsomeres; 
all three structures bear minute suction cups ventrally that 
can be applied to the elytra of the female. 

The colors and patterns of legs vary from subtle to stark, 
although their function is often poorly understood. Long- 
legged insects such as phantom crane flies (Ptychopteridae) 
and some mosquitoes often have banded legs that might 
render the insect less conspicuous through disruptive 
coloration. Other configurations of pattern and color play a 
role in camouflage, mimicry, and courtship. In flies such as 
some Syrphidae and Micropezidae, the forelegs resemble the 
antennae of aculeate Hymenoptera, reinforcing the 
remarkable overall resemblance of fly to wasp. 

Other functions ascribed to the legs are often highly spe- 
cialized. In the Embiidina, the basitarus of each foreleg houses 
multiple silk glands, and each gland is connected to a seta with 
an apical pore through which the silk is extruded. The inflated 
basitarsus of each leg in phantom crane flies contains a tracheal 
sac, perhaps aiding buoyancy during the driftlike flight. 
Some flies have specialized areas on their legs, particularly on 
the tibia, that possibly produce pheromones. Insects such as 
Chironomidae seem to use the legs much as a second set of 
antennae. In Protura, which lack antennae, the forelegs 
probably have assumed an antennal (i.e., sensory) function. 
Various ornamentations on insectan legs can serve a courtship 
or intrasexual combative role, as in some coreid bugs. 
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Lepidoptera 
(Moths, Butterflies) 


Jerry A. Powell 
University of California, Berkeley 


M oths and butterflies make up the order Lepidoptera, and 
they are among the most familiar and easily recognized 
insects. The Lepidoptera is defined as a monophyletic lineage 
by a suite of more than 20 derived features, the most obvious 
of which are the scales and proboscis. The scales are 
modified, flattened hairs that cover the body and wings, 
shingle-like, and are the source of the extraordinary variety of 
color patterns typical of these insects. In all but the most pri- 
mitive forms, feeding by adults is accomplished by pumping 
in liquid via a tubular proboscis (haustellum), which usually 
is elongate and coiled under the head. The sister group of 
Lepidoptera, the Trichoptera (caddisflies), lack this 
development of mouthparts and the covering of scales and 
possess caudal cerci on the abdomen, which are not present 
in Lepidoptera. 

Like other holometabolous insects, lepidopterans pass 
through egg, larval, pupal, and adult stages. Mating and egg 
deposition are carried out by the adult moths and butterflies. 
Within the eggs, embryos develop to fully formed larvae. The 
larvae, commonly called caterpillars, feed and grow, which is 
accomplished by a series of stages (instars). At maturity they 
transform to pupae, usually within silken cocoons spun by 
the larvae, although many species pupate without a cocoon. 
Metamorphosis to the adult occurs during the pupal stage, 
and the fully developed adult breaks the pupal shell to emerge. 
Adults of most species feed, but they do not grow. Diapause, 
an arrested state of development, may occur in any of these 
stages, prolonging life and enabling the insect to bypass 
seasons that are unsuitable for growth and reproduction. 

The Lepidoptera is one of the two or three largest orders 
of insects, with an estimated 160,000 named species. Based 
on specimens in collections and extrapolating from recent 
studies of Central American moths, we believe that fewer 
than one-half of the known species have been named by 
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FIGURE 1 Hypothesis of phylogenetic relationships of extant lepidopteran 
superfamilies. Successively more derived clades representing major 


morphological changes are indicated in boldface to the left (modified from 
Kristensen and Skalski, 1999). 


taxonomists; even in North America, an estimated one-third 
of the fauna is undescribed. Thus, a realistic projection of the 
total world Lepidoptera species number is not possible, but 
certainly it exceeds 350,000 and may be much larger. Much 
of this diversity can be attributed to the radiation of species 
in association with flowering plants. Lepidoptera represent 
the single most diverse lineage of organisms to have evolved 
primarily dependent upon angiosperm plants, and their 
numbers exceed those of the other major plant-feeding insects, 
Heteroptera, Homoptera, and Coleoptera (Chrysomeloidea 
and Curculionoidea). Figure 1 depicts the hypothesized evolu- 
tionary lineages and lists currently recognized superfamilies 
of Lepidoptera. 


MORPHOLOGY 
Adult 


The body framework (Fig 2) consists of a hardened (sclerotized) 
exoskeleton made up of a head capsule with appendages; three 
fused thoracic segments, each with legs, and two pairs of wings, 
on the middle (mesothoracic) and third (metathoracic) seg- 
ments; and an abdomen, which has 10 segments, is less 
sclerotized than the thorax, and is movable by intersegmental 
membranes. Complex genital structures of external origin 
arise from abdominal segments A8—10, and often there are 
accessory structures (pouches, glands, hair brushes) associated 
with sound reception, courtship, or other functions. 





FIGURE 2 Schematic representation of the exoskeletal anatomy of a 
ditrysian moth, with prothoracic leg enlarged below. Head: an, antenna; eye, 
compound eye; oc, ocellus; |.p., labial palpus; ha, haustellum (proboscis); 
Thorax: pa, patagium; te, tegula; me, mesoscutum; w.b., wing base; co, coxa; 
tr, trochanter; fe, femur; ti, tibia; t.s., tibial spurs; ta, tarsomeres; cl, tarsal 
claws; ep, epiphysis. Abdomen: tergites and sternites 1-7 and spiracles shown. 


HEAD Structures include paired simple eyes (ocelli) and 
scaleless, raised spots (chaetosema), which are unique to 
Lepidoptera, although one or both are lost in many taxa (Figs. 
2-4). There is enormous variation in the form of the 
antennae, often between the sexes of a species, being filiform 
or with the flagellar segments variously enlarged or branched. 
Antennae of butterflies are enlarged distally, forming apical 
clubs, while those of moths are not, although some moths 
have distally enlarged antennae that are tapered or hooked to 
the tip. The mouthparts of the most primitive moth families 
retain functional mandibles as in their mecopteroid ancestors, 
but in the majority of moths the mandibles are lost, and the 
maxillary galeae are elongate and joined to form a tubular 


ah ca y ~ 
eS. 


a 
a 








FIGURE 3 Descaled lepidopteran head, frontal aspect. ch, chaetosema; oc, 
ocellus; a.s., antennal socket; sc, scape; fr, frons; pi, pilifer; m.p., maxillary 


palpus; l.p., labial palpus; ha, haustellum, consisting of fused galeae. 





FIGURE 4 Head of ethmiid moth, showing the strongly upcurved labial 
palpus that is characteristic of most Gelechioidea. Scale bar = 1.0 mm. 


proboscis (haustellum) with musculature that enables it to be 
coiled under the head when not being used to suck nectar 
from flowers or other fluids into the digestive tract by a 
pumping action. The maxillary palpi consist of one to five 
segments and in primitive moths are conspicuous, often 
folded. The labial palpi are more prominent in most 
Lepidoptera and vary in curvature and length, but they are 


not folded. 


THORAX The pro-, meso-, and metathorax are fused, each 
consisting of a series of nonmovable sclerites (Fig. 2). In 
primitive groups the meso- and metathorax and their wings are 
similar in size, but in derived families the mesothorax is larger 
and has more powerful musculature, and the forewing has 
more rigid vein structure, especially on the leading edge. In the 
largest superfamily, Noctuoidea, the metathorax is modified 
posteriorly into a pair of tympanal organs. The tibia of the 
foreleg has an articulated epiphysis on the inner surface, a 
uniquely derived feature in Lepidoptera, usually with a comb 
of stout setae, that is used to clean the antennae and proboscis 
by drawing them through the gap between the comb and the 
tibia. The wings are tiny and soft at eclosion from the pupa, 
then rapidly expand by circulation of blood pumped into the 
flaccid veins, causing them to extend, stretching the wing 
membranes to full size, after which they rapidly harden, with 
the membranes pressed closely together, and the system of 
tubular veins provides structure. Homologies of the six vein 
systems are discernible across all families of Lepidoptera, and 
the configuration of veins has been used extensively in classi- 
fication. In the most primitive moths the fore wing (FW) and 
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FIGURE 5 Wing venation of a homoneurous moth (Eriocraniidae). Vein 
systems: Sc, subcostal; R, radial; M, medial; Cu, cubital; A, anal. 


hind wing (HW) are similar in shape and wing venation 
(homoneurous) (Fig. 5), while the more derived groups have 
lost parts of the vein systems and have fewer remaining in the 
HW than in the FW (heteroneurous) (Fig. 6). There are 
various wing-coupling mechanisms by which the FW and 
HW are linked to facilitate flight. Primitive homoneurous 
moths have an enlarged lobe at the base of the FW (jugum) 
that folds under the HW when the insect is at rest but 
extends over the HW in flight, which does not couple the 
wings efficiently. Most moths have the HW frenulum that 
hooks under the FW retinaculum, the development of which 
varies among taxa and between the sexes of many species. 

In a few groups (e.g., Psychidae, Lymantriidae) females of 
many species are flightless, having very reduced wings 
(brachypterous), or are apterous and may not even shed the 





FIGURE 6 Wing venation of a heteroneurous moth (Tortricidae). 


Abbreviations as in Fig. 5. 


634 Lepidoptera 


pupal skin. Brachyptery has evolved many times independently, 
such as in high montane and winter-active species of various 
families in Europe, North America, and Australia. Both sexes 
are flightless in species of several families on remote southern 
oceanic islands and in one species of Scythrididae that occurs 
only on windswept coastal sand dunes in California. 


ABDOMEN The abdomen has segments A7—10 or 
A8-10 modified to form external parts of the genitalia; the 
sternum of Al in homoneurous families is small and is lost in 
other Lepidoptera. Articulation of the thorax and abdomen 
in derived families is accomplished by musculature attached 
to sclerotized struts (apodemes) that project from abdominal 
sternite 2. There are paired tympanal organs at the base of the 
abdomen in Pyraloidea and Geometroidea. Various male 
glandular organs associated with courtship occur on the 
abdomen in several families. Usually these are developed as 
expandable hair brushes or tufts, or as thin-walled, eversible 
sacs (coremata), from the intersegmental membrane at the 
base of the genitalia or on other segments. 

The genitalia of Lepidoptera are highly complex and pro- 
vide the basis for taxonomic species discrimination in most 
families and often generic or family-defining characteristics. 
In the male (Fig. 7) the valvae, which are thought to provide 
clasping stability during mating, usually are large, more or less 
covering the other structures in respose, and usually are densely 
setate on the inner surface, scaled exteriorly, and the most 
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FIGURE 7 Male genitalia of a ditrysian moth (Tortricidae), venterolateral 
aspect with valvae reflexed. un, uncus; tg, tegumen; so, socii; gn, gnathos; tr, 
transtilla; ju, juxta; va, valva; sa, sacculus; vi, vinculum; ph, phallus (aedeagus); 
ve, vesica; co, cornuti. 


visible part of the genitalia externally. The phallus, which is 
separately articulated and passes through the diaphragma, is 
sclerotized and contains the membranous vesica, the intro- 
mittent organ. The vesica often is armed with cornuti, which 
sometimes are deciduous and deposited in the female. Sperm 
are produced in paired testes and pass through a duct leading 
to the vesica and are deposited in a spermatophore produced 
by the male accessory glands during mating. The precise func- 
tions of most of the external, sclerotized parts of the genitalia 
are unknown, and they vary independently in form, being 
uniform in some taxa, variable in others, and thus of differing 
taxonomic value from one taxon to another. 

In the female there are three fundamental types of 
genitalia. Primitive moths possess a single genital aperture 
near the posterior end of the abdomen, through which both 
copulation and oviposition occur (monotrysian). Other 
Lepidoptera have separate apertures for copulation and 
oviposition; Hepialidae and related families are exoporian 
(i.e., the spermatozoa are conveyed from the gonopore, or 
ostium bursae, to the ovipore via an external groove). All 
remaining families are ditrysian (i.e., having internal ducts 
that carry the sperm from the copulatory tract to oviduct) 
(Fig. 8). This feature defines the Ditrysia, comprising most of 
the superfamilies and more than 98% of the species. The 
papillae anales typically are soft and covered with sensory 
setae but in many taxa are modified for various kinds of 
oviposition, such as piercing. Both the ductus and the corpus 
bursae are variously modified in different taxa, the corpus 
often with one or more thorn-like sclerotized signa that may 
aid in retaining the spermatophore. Sperm are transported 
from the corpus bursae through the ductus seminalis to the 
bulla seminalis and ultimately to the oviduct. The muscu- 
lature that controls the ovipositor and papillae anales, often 
involving extension and telescoping the abdomen, as well as 
the copulatory aperture, is inserted on the posterior and 
anterior apophyses. 


INTERNAL ANATOMY Lepidoptera possess the same fun- 
damental internal systems for breathing, blood circulation, 
digestion, excretion, central nerves, and endocrine functions 
as do other holometabolous insects (see relevant articles). 


Egg 


With few exceptions, female Lepidoptera produce eggs that are 
deposited externally after fertilization in the oviduct (Figs. 9 
and 10). Moth and butterfly eggs vary enormously in size, shape, 
surface sculpture, and arrangement during oviposition. 
Within lineages such as families, larger species produce larger 
eggs, but depending upon the family, the sizes and numbers 
differ greatly. For example, females of hepialids, including 
some of the largest moths in the world, produce vast numbers 
of tiny eggs (20,000—30,000 or more by a single female) that 
are broadcast in the habitat. Conversely some small moths 
and butterflies produce few, relatively large eggs. 














FIGURE 8 Female genitalia of a ditrysian moth (Tortricidae), ventral aspect; 
broken lines represent segments of abdominal pelt. p.an., papilla anale; p.ap., 
posterior apophysis; a.ap, anterior apophysis; st, sterigma; o.b., ostium bursae; 
d.b., ductus bursae; c.b., corpus bursae; si, signum; d.s., ductus seminalis; b.s., 
bulla seminalis. 


The shell (chorion) is soft during development and quickly 
hardens after oviposition, assuming a regular form consistent 
for the species and often characteristic for genera or families. 
The chorion may be smooth or strengthened by raised longi- 
tudinal ribs or transverse ridges or both. At one end there is 
a tiny pore (micropyle), through which the sperm enters, 
surrounded by a rosette of radiating lines or ridges. Two types 
of egg form are defined, those laid horizontally, with the 
micropyle at one end, which are usually more or less flat, and 
those that are upright, with the micropyle at the top. Flat eggs 
are prevalent in the more ancestral lineages, microlepidoptera, 
while most derived groups, larger moths and butterflies, have 
upright eggs with more rigid and ornamented chorion. Eggs of 
either type are laid singly or in groups; flat eggs are sometimes 
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FIGURE 9 Shells of the flat type ditrysian moth eggs (Amorbia, Tortricidae), 
which in this instance are deposited overlapping, in regularly arranged imbri- 
cate masses (photograph by A. Blaker). 


deposited shingle-like, with the micropylar ends protruding 
partway over the preceding row (Fig. 9), while upright eggs are 
arranged side by side, like rows of miniature barrels (Fig. 10). 
Usually the eggs are glued to the substrate by a secretion of 
the female accessory (colleterial) glands, applied within the 
oviduct, sometimes forming a thick, paint-like covering to 
egg masses. Eggs may be covered with debris collected by the 
female or hairs or scales from her abdomen or wings or may 
be surrounded by fences of upright scales, but lepidopteran 
eggs are not tended or guarded by the adults. 

Embryonic development is related to temperature, proceed- 
ing more rapidly under warmer conditions, but the rate is 
physiologically and hormonally controlled in many instances. 
It requires 7 to 14 days in most Lepidoptera but may be 





FIGURE 10 Eggs of the upright type of a ditrysian moth (Arctiidae) 
(photograph by R. Coville). 
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FIGURE 11 Flattened body form of a leaf mining larva (Tischeriidae), dorsal 
aspect above, ventral below. ca, ambulatory calli that represent vestigial 


remnants of the thoracic legs. 


delayed for many weeks or months in species that overwinter 
in the egg stage. 


Larva 


The head (Figs. 12 and 14) is sclerotized, usually rounded 
(flattened in leaf-mining species, Fig. 11), with large lateral 
lobes, each bearing an ellipse of usually six simple eyes (stem- 
mata) ventrolaterally and systematically arranged primary setae 
and are joined by a median suture, which is flanked by two 
narrow adfrontal sclerites. The mouthparts may be directed 
downward (hypognathous) or forward (prognathous). The 
labium is weak but carries a spinneret behind the mouthparts 
ventrally, which distributes the silk produced by modified 
salivary glands. The thorax has spiracles on the meso- and 
metathoracic segments, except in some aquatic pyraloids that 
have external gills. The abdomen usually has spiracles on 
segments | to 8, restricted to segments 1 to 3 or absent in 
some aquatic pyraloids. There are paired, ventral, fleshy, and 
nonsegmented leglike organs on all segments in the most 
primitive moths, while on others they are restricted to seg- 
ments 3 to 6 (ventral prolegs) and 10 (anal prolegs), equipped 
with circles or bands of tiny hooks (crotchets) that aid in 
grasping and walking. The prolegs are fewer in Geometridae 





FIGURE 12 Typical form of a ditrysian caterpillar (Cossidae), lateral aspect. 
h.c., head capsule; ma, mandible; st, spinneret; t.s., thoracic shield; tl., 
thoracic leg; sp, spiracle; pr, abdominal proleg; a.s., anal shield; a.pr., anal 
proleg; cr, crotchets. 
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FIGURE 13 Body form of Geometridae larva (inchworm), lateral aspect, 
lacking prolegs on abdominal segments 1-5. 


(Fig. 13) and some other groups and are lost in some borers 
(e.g., Prodoxidae), (e.g., 
Nepticulidae), and sand-dwelling larvae (a few Noctuidae). 


leaf miners Eriocrantidae, 
In some groups, A10 has a musculated anal fork used to flip 
frass away from the larval shelter. 

There are sensory setae on the head and body integument, 
and the homology of their primary arrangements (chaetotaxy) 
(Fig. 15) can be compared in all but the few most primitive 
families. Their patterns have been valuable to understanding 
evolutionary trends and to identification of larvae, although 
the primary arrangement is lost or replaced by numerous 
secondary setae in many taxa, at least in later instars. The 
adfrontal sutures, arrangement of stemmata, and crotchet- 
bearing abdominal prolegs distinguish Lepidoptera from 
other insect larvae. 


Pupa 


The head, thorax, and abdomen of the pupa resemble those of 
the adult and can be recognized externally (Fig. 16). The 
mandibles of the most primitive families are functional and 
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FIGURE 14 Schematic representation of the head capsule of a larval ditrysian 


moth, frontal aspect. ep, epicranial lobe; st, stemmata; a.s., adfrontal suture; fs., 
frontal suture; fr, frons; la, labrum; ma, mandible; an, antenna. 























FIGURE 15 Chaetotaxy (setal map) of a larval ditrysian moth (Tortricidae); 
each rectangle represents one body segment from mid dorsum (upper 
border) to mid venter (lower border). I, II, pro- and mesothoracic segments; 
1, 2, etc., abdominal segments. Setal groups: D, dorsal; DL, dorsolateral; L, 
lateral; SV, subventral; V, ventral; t.s., thoracic shield; a.s., anal shield; sp, 
spiracle; pi, pinacula, which are raised and often pigmented. 


used to cut open the cocoon preceding eclosion of the adult. 
In other moths the head is sometimes provided with a beak or 
other armature that assists in the eclosion process. The 
appendages of the head and thorax are each encased in cuticle 
and in most Lepidoptera are fused to the venter of the body, 
with the wing cases wrapped around, adjacent to the 
antennae and mouthparts. Abdominal segments 7 to 10 are 
fused. In the more ancestral families some of the other 











FIGURE 16 Pupae of ditrysian moths, ventral aspect. (A) Tortricidae, with 
abdominal segments 4-7 movable, enabling pupal movement forward at 


emergence. (B) Ethmiidae, with pupal movement restricted to flexible 
segments 5—6, and the pupa remains in place at emergence, a characteristic 
of Gelechioidea. (C) Noctuidae (Obtectomera) with all segments immobile. 
l.p., labial palpus; ma, maxilla including galeae (haustellum); p.f., 
prothoracic femur; m.|., mesothoracic leg; m.t., metathoracic tarsus; an, 
antenna; fw, forewing; A3-10, abdominal segments 3-10; cr, cremaster; le, 
leglike extensions of the 9th abdominal segment bearing hooked setae that 
anchor the pupa in lieu of a cremaster (A, C redrawn from Mosher, 1916). 
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segments are movable (Fig. 16A), usually provided with 
backwardly directed spines or spurs, and the pupa wriggles 
forward to protrude from the cocoon or burrow just before 
moth eclosion. Gelechioidea and derived moths 
(Obtectomera, Fig. 1) and butterflies are obtect, with fused 
abdominal segments (Figs. 16B and 16C). They remain in 
place, and adult eclosion occurs along a silken track or other 
means prepared by the larva or directly from the pupa, in 
butterflies and some moth groups that do not spin cocoons. 
Many species have a cremaster, hooked setae at the tip of the 
abdomen that anchor the pupa inside the cocoon or at the 
terminus of a silk emergence track, enabling pressure from 
the emerging adult to break the pupal shell. Others lack the 
cremaster but are held within a tight cocoon, in an earthen 
cell, or by a silk girdle. The integument is soft, smooth, and 
green or whitish when first formed but soon hardens and turns 
brown in most Lepidoptera. Those that pupate exposed, 
including butterflies, Pterophoridae, and some Gelechioidea, 
are mottled green or brownish and often have prominent 
spines or ridges that aid in camouflage. 


BIOLOGY 


Success of Lepidoptera populations is dependent upon several 
factors in the climatic and biotic environment, interrelated 
with the insects’ behavior. First, larval foods, and for most 
species adult nourishment, must be available. Climatic 
conditions suitable for mating and oviposition, larval feeding, 
and pupation are necessary. Females must find appropriate 
places for deposition of eggs. Larvae must sense proper foods, 
eat, molt, grow, and pupate. Pupae need to avoid desiccation 
and other factors that might prevent successful adult eclosion. 
Finally, egg, larval, and pupal parasites and predators have to 
combine to take all but two of the offspring of each female 
(whose eggs may number 200-600 or more) that survive 
physical dangers, but on average they cannot exceed that, in 
order to maintain stable population levels. 


Adult Behavior 


Males usually begin emergence and peak in numbers a few 
days ahead of females. Both are sexually mature upon eclosion, 
and males of nearly all moths are attracted by chemical signals 
(pheromones) emitted by “calling” females. Hence, in most 
Lepidoptera mating takes place soon after female eclosion, 
and she has mature eggs ready to be fertilized and deposited 
within the first 24 h. Mate-seeking involves primarily visual 
cues in most butterflies, although there may be short-range 
pheromones produced by one or both sexes that mitigate 
courtship. Males, and females too in most species, mate more 
than once. It is assumed that sperm precedence prevails, 
wherein the most recent male’s sperm is effective. 

Adults of both sexes of most Lepidoptera feed and in 
confinement die quickly if water is not available. Feeding on 
honey-enriched fluids extends the life of some moths and 
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increases fecundity. Most macromoths and butterflies feed at 
flowers, imbibing nectar, whereas most micromoths do not 
and apparently gain nourishment from extrafloral nectaries, 
sap flows, and honeydew secreted by aphids or other 
Homoptera. Exceptions occur in diurnal microlepidoptera 
(e.g., Adelidae, Sesiidae, Heliodinidae, Scythrididae, 
Plutellidae, and Tortricidae, but not nocturnal species of the 
latter three families), which visit flowers, often other than the 
larval hosts. The mouthparts are nonfunctional in a few fami- 
lies (e.g., Lasiocampidae, Lymantriidae) and in specialized 
species such as winter-active Geometridae and Ethmiidae, 
and females possess mature eggs upon eclosion. 

Host-plant selection is made primarily by the female, 
which seeks by chemical and tactile cues the proper substrate 
or habitat for oviposition. This choice is made by instinct, 
inherited genetically, and the newly hatched larvae also 
require specific stimuli, detected by chemoreceptors on the 
antennae and mouthparts; in host-specific species, they 
starve if the proper plant is not available, ignoring plants or 
synthetic diets that are quite acceptable and sufficient for 
nourishment of generalist species. 

Most butterflies and moths live only a few days, until 
mating and egg laying are accomplished, but some are active 
for several weeks, or they may overwinter as adults and 
become active on warm days. Some adult microlepidoptera 
enter a prereproductive state lasting through summer and 
winter, followed by mating and oviposition in early spring. 


Larval Development 


The newly formed larva, or caterpillar, first bites its way out 
of the eggshell, leaving a crescentic slit or ragged hole at the 
micropylar end. Some species then eat the reminder of the 
eggshell. All growth takes place during the larval stages, so 
caterpillars consume enough nutrients to carry through 
cocoon formation, pupation, and metamorphosis to the adult. 
It must be sufficient for the moth or butterfly to move to its 
first feeding or, in species with nonfeeding adults, enough to 
provide for complete egg development of the next generation. 
To accommodate growth, the larva molts its skin (cuticle) 
several times, through successively larger stages (instars). Most 
Lepidoptera undergo five or six instars, but many larvae that 
feed on detritus or dry plant material undergo indeterminate 
numbers of instars. 

Silk is produced by paired labial glands. It is composed of 
two proteins secreted in a viscous fluid in two strands, which 
consolidate as they leave the spinneret and contact the air. Its 
functions are many: first instars of many species are dispersed 
by air currents on silk strands; many or most species lay 
down a silk line as they move, enabling them to cling to 
substrates; silk is used by most external-feeding micromoths 
to form shelters in foliage or other food sources, and some 
construct portable cases from which they feed; others line 
tunnels with silk in fruits, stems, roots, or soil from which 
they forage to feed. Finally, silk is used in cocoon formation 





FIGURES 17-22 Leaf mines. (17) Stigmella variella (Nepticulidae) on 
Quercus agrifolia; (18) mature larvae of Coptodisca arbutiella (Heliozelidae, 


Incurvarioidea) and their abandoned mines, on Arctostaphylos; (19) 
Cameraria gaultheriella (Gracillariidae) on Gaultheria shallon; (20) Marmara 
arbutiella (Gracillariidae) on Arbutus menziesii; (21) Phyllocnistis populiella 
(Phyllocnistidae, Gracillarioidea) on Populus tremuloides; (22) Epinotia 
nigralbana (Tortricidae) on Arctostaphylos (photographs by J. Powell, all 
California, except Fig. 21, Alaska). 


preceding pupation, within the larval shelter or gallery or 
separately, sometimes as a characteristically shaped structure. 

Larval habits vary widely and often are quite specific for a 
family, genus, or species. These include leaf mining, in which 
a larva spends it entire life within a leaf, and the depth and 
form of the mines are consistent such that the moth family 
or genus often is recognizable from the mine (Figs. 17-22). 
Other types of internal feeding include stem mining; boring 
in seeds, stems, and roots (Figs. 25 and 26); or feeding in 
galls developed by plants, stimulated by the larvae (Figs. 27 
and 28). Many external-feeding caterpillars avoid adverse 
conditions by seeking shelter in leaf litter at the base of the 
plant or in tunnels during the day and emerge at night to 
feed, when temperatures are cooler, humidity is higher, and 
diurnal predators are not active. Many macromoth and 
butterfly larvae remain exposed, motionless, protected by 
cryptic coloration, body form, and behavior (Figs. 29-32), or 
even camouflaged by a coat of flower bits or debris that 
collect on hooked body setae. Larvae of a few genera live 
gregariously in silken tents that shield them from climatic 
extremes (Fig. 33). Many others are protected from vertebrate 
predators by toxic chemicals they sequester, and advertize 
their presence by bright colors (aposematic) (Fig. 34). 

The duration of larval development varies greatly with the 
feeding and life cycle types, even within families and genera. 
The time required to reach maturity also is dependent upon 
temperature within species, such as between seasonal 
generations. Most Lepidoptera grow slowly in early instars, 
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FIGURES 23-28 Case-bearers, borers, and gall inducers. (23) Thyridopteryx 
meadii (Psychidae, Tineoidea), case on Larrea tridentata; (24) Coleophora 


species (Coleophoridae, Gelechioidea) on Malus; (25) larva of Synanthedon 
sequoiae (Sesiidae, Sesioidea) under bark of a conifer; (26) larva of Grapholita 
edwardsiana (Tortricidae) in stem of Lupinus arboreus; (27) stem galls 
induced by Gnorimoschema baccharisella (Gelechiidae) on Baccharis pilularis; 
(28) stem galls caused by Epiblema rude: (Tortricidae), with newly emerged 
moth and its pupal shell on Gutierrezia (photographs by J. Powell, except 24, 
25 by R. Coville, all California). 


increasing in size much more rapidly in later instars, particu- 
larly the last. Growth after eclosion from the egg to maturity 
usually takes 30 to 50 days, but sometimes is more rapid, as 
few as 18 or 19 days. Larval life can extend much longer, 
particularly in species that enter quiescent phases at lower 
temperatures, intermittently feeding when warmer, or in 
detritus-feeders, which can simply wait long periods when 
food is not suitable. Such species may live 100 to 140 days 
before pupation, and those that enter obligate diapause, 
usually as first or last instar, typically spend 9 or 10 months as 
inactive larvae in addition to their feeding and growth period. 


Larval Foods 


The nutritional requirements of many caterpillars are generally 
similar. Synthetic diets that contain the same basic elements, 
casein, sucrose, salt, cellulose, wheat germ, amino acids, and 
vitamins, incorporated in an agar base, are successfully used 
for rearing many kinds of Lepidoptera. However, sometimes 
species that are specific to particular plants do not accept a 
synthetic diet. Hence, nutritional value alone may not be 
sufficient to elicit feeding, and natural plant chemicals act 
either as cues for feeding or as deterrents, often the same 
chemical in both roles with different larval species. 

The majority of Lepidoptera caterpillars are phytophagous, 


consuming living plants, almost exclusively flowering plants, 
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FIGURES 29-34 Cryptic and aposematic caterpillars. (29) Oidaematophorus 
species (Pterophroidae) on Petasites palmatus; (30) stick-like larva of Sicya 


macularia (Geometridae) on Ceanothus thyrsiflorus; (31) Schizura unicornis 
(Notodontidae, Noctuoidea) on unidentified tree; (32) Catocala species 
(Noctuidae) on Quercus kellogeii; (33) tent caterpillars, Malacosoma califor- 
nicum (Lasiocampidae, Bombycoidea), on Quercus agrifolia; (34) Battus 
philenor (Papilionidae) on Aristolochia californica (photographs by J. Powell, 
except 31 by R. Coville, 32 by D. Wagner, all California except 31, British 
Columbia). 


and primarily angiosperms. All parts of plants are eaten, each 
kind of caterpillar specializing on its particular niche, leaves, 
flowers, fruit, stems, or roots. Some species feed internally 
(endophagous) as leafminers and seed or root borers, others 
externally (exophagous), either concealed in shelters con- 
structed with silk or exposed. Larvae of the most primitive 
family, Micropterigidae, consume liverworts and mosses or are 
general feeders on green plants, fern sporangia, or fungal spores 
in moist habitats. Some other groups of moths do not feed on 
flowering plants (e.g., Tineidae), but specialize on wood-rot 
fungi (Polyporaceae) or are detritivores on the ground, under 
bark of dead tree limbs, or in abandoned insect and spider nests 
or feed on animal products in mammal burrows, bird nests, 
or scats, and a few can digest wool. Many species feed on fallen 
leaves, notably Oecophoridae and Tortricidae on Eucalyptus 
(Myrtaceae) in Australia, and several groups of Noctuidae in 
wet forest habitats. Some Lepidoptera specialize on lichens 
(lithosiine Arctiidae, some Psychidae and Xylorictidae), mosses 
(some Crambidae), or ferns (unrelated species, mainly on 
oceanic islands). A few Lepidoptera are predaceous on scale 
insects or other Homoptera or in ant nests. A Hawaiian geo- 
metrid moth (Eupithecia) is predaceous on adult flies, which 
it catches by seizing the fly with elongate prolegs. Other 
members of the worldwide genus Eupithecia are plant feeders. 

Virtually every kind of flowering plant is eaten by one or 
more species of caterpillar. Food preferences vary enormously 
among families; they are summarized in the accounts of the 
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major families that follow. Nearly all internal feeders, such as 
leafminers, stem and root borers, and gall inducers, and most 
other microlepidoptera are specialists on one or a few related 
plants, whereas perhaps half or more of external-feeding macro- 
moth species are generalists within habitats, such as ground- 
dwelling cutworms feeding on low-growing herbaceous plants 
or shrub- and tree-feeding species. Most butterfly species are 
specialists. 


Pupal Development 


The duration of pupation during which metamorphosis to 
the adult occurs varies with temperature, usually requiring 
about 10 to 12 days, but many species require several weeks 
or hibernate as pupae, often for 10 months or more. 

Pupal movement is an important adaptation in primitive 
moths and basal Ditrysia. The pupa moves forward just pre- 
ceding adult eclosion and either anchors by the cremaster to 
silk or wedges in the emergence aperture, which is prepared 
by the larva to be slightly narrower than the pupal abdomen. 
This movement is aided by rows of dorsal, backwardly pro- 
jecting spines. Gelechioidea and the Obtectomera (Figs. 1, 
16B, 16C) have independently derived fusion of abdominal 
segments that restricts movement, enabling turning within 
the cocoon but not forward movement, and the adult emerges 
directly from the pupation site. Pupae respond to tactile stim- 
uli, including potential predators and probing by a parasitoid 
wasp ovipositor, by turning or wriggling. Some moth pupae 
have special structures on the abdomen that produce clicking 
or rattling sounds when the wriggling abdomen strikes the 
walls of the pupal cells or parchment-like cocoon, or sounds 
are produced by rubbing fine pegs or rasp-like surfaces on 
adjacent segments. Such sounds may aid in pupal defense. 


Life Cycle 


Most Lepidoptera in temperate climates undergo a single 
annual generation (univoltine), although many have two dis- 
crete seasonal broods (bivoltine), and some produce continuous 
generations as long as favorable temperature conditions prevail 
(multivoltine). Diapause, a state of arrested development regu- 
lated by hormones, controls the life-cycle pattern and enables 
populations to survive during unfavorable times (winter, dry 
season, etc.) when necessary resources are not available. 
Diapause may be the single most important adaptation leading 
to species radiation of Lepidoptera in northern climates and 
high mountains, in the world’s deserts and tropical dry 
season habitats, and in other places where insects could not 
grow and reproduce continuously. In Lepidoptera, diapause 
occurs primarily in eggs, in first or last instars, in pupae, or 
as a reproductive delay in adults, depending on the species. 
In Mediterranean climates, larval feeding typically occurs in 
spring when foliation peaks, and diapause lasts through the 
dry season in summer and hibernation in winter. Some 
species aestivate in diapause as prepupal larvae or pupae, fly 


in autumn, and then hibernate as adults or eggs. Multivoltine 
species enter diapause at the end of the growing season, often 
triggered by decreasing day length, or the larvae simply wait 
in a quiescent state, feeding slowly on warm days through 
winter, and metamorphose, and adults eclose with warmer 
temperature in spring. 

Most tropical Lepidoptera are too poorly documented to 
estimate the proportion of multivoltine to other life-cycle 
patterns. Some species migrate from wet regions to dry forest 
habitats at the beginning of the rainy season to take advantage 
of the newly available resources, but others undergo diapause 
through the dry season. 

Many Lepidoptera are capable of maintaining the diapause 
to a second or later season if appropriate climatic conditions do 
not occur. This happens as a regular phenomenon in species 
adapted to seed feeding on plants with biennial crops such as 
conifers or sporadically in species that depend upon resources 
that are limited to a specific season but are erratic in abundance, 
such as flowering and fruiting by desert plants. Numerous pre- 
pupal larvae of yucca moths (Prodoxidae) have metamorphosed 
synchronously after 8 to 30 years in diapause under experi- 
mental conditions. 


SIGNIFICANCE IN NATURAL AND 
HUMAN COMMUNITIES 


The major role of Lepidoptera in natural communities is 
primary consumer of plants. Moths and butterflies make up the 
largest single evolutionary lineage adapted to depend upon 
living plants, in terms of species numbers and, in many com- 
munities, in biomass as well. Females of most species produce 
200 to 600 eggs within a few days, vastly more in some species 
(1000—-30,000), releasing a potentially enormous load of cater- 
pillars onto particular plant species or plant groups such as 
herbs or woody shrubs and trees. Therefore, an important food 
resource is available for specialized parasitoid wasps and flies, 
general invertebrate predators such as spiders, mites, ants, and 
social wasps, and vertebrate predators, especially birds. There 
have been estimates of 80,000 caterpillars of several species 
feeding on a single oak tree and many times that number 
during outbreaks of single species that defoliate forest trees. 
Thus caterpillars comprise a major component of biological 
communities, affecting foraging by birds, buildup of yellow- 
jacket colonies, and insect disease epidemics. A secondary 
role as decomposers also is filled by Lepidoptera. Tineidae, 
several groups of Gelechioidea (particularly Oecophoridae in 
Australia), and some Noctuidae and other moths are detri- 
tivores and assist in reducing fallen leaves and fruit, fungi, 
and animal products (hair, feathers, predator scats) to humus. 
Finally, a few species are secondary consumers, predaceous on 
scale insects or other Homoptera in natural communities. 
Lepidoptera larvae damage plants grown for human use 
(food, lumber, cotton, garden ornamentals) and our stored 
products (grain, flour, nuts, woolen clothes and carpets). 
Most agricultural damage occurs because monoculture crops 


are grown in places distant from the natural enemies of the 
pest species, which themselves usually have been introduced 
by human activities to a new region. Wide-scale insecticide 
suppression of pest species has further increased problems 
because local parasites and invertebrate predators are elimi- 
nated, and the pest species become resistant to the insecticides 
by selection for survivors of repeated treatments. Similarly, 
pests of stored food and wool products have been transported 
worldwide by human activities. Lepidoptera probably are the 
most important insect group as plant defoliators (e.g., spruce 
budworm, the economically most important insect in Canada; 
larch budworm in Europe) and they cause huge losses by 
damage to fruits (e.g., codling moth, the “worm” in apples), 
corn (corn earworm, European corn borer), potatoes (potato 
tuberworm), cotton (pink bollworm), and many other crops 
and garden plants. They are a major problem in stored meal, 
grain, and nuts (Angoumois grain moth, Indian meal moth, 
Mediterranean flour moth) and woolen products (casemaking 
clothes moth, webbing clothes moth, tapestry moth, and 
others). Still others infest bee nests, eating the combs (greater 
and lesser wax moths). 

Conversely, some moths are believed to play significant roles 
in pollination in natural communities, especially Sphingidae 
and Noctuidae, and they may aid in crop pollination in some 
instances. Several Lepidoptera have been purposefully 
introduced to act as biological control agents against noxious 
plants. Notable examples include a pyralid, the cactus moth, 
from Argentina used to successfully suppress millions of acres 
of introduced prickly pear cactus in Australia; an arctiid, the 
cinnabar moth from Europe, on tansy ragwort in the Pacific 
states of North America; and several Mexican species against 
lantana in Hawaii. 


FOSSIL RECORD AND EVOLUTION 


A widely accepted phylogenetic hypothesis of relationships 
among lepidopteran evolutionary lineages, based on mor- 
phological characteristics in living forms, primarily of the 
adults, is shown in Fig. 1. The problem in such analysis is 
that we do not know what kinds of species might have 
preceded and interceded with the primitive extant lineages, 
each of which is now represented by one or a few relict genera 
that have divergent larval features not shared with other 
Lepidoptera. Moreover, the fossil record is of little use in 
revealing clues to “missing links,” and the preservation 
usually fails to provide information on critical characteristics, 
particularly those of the larvae and pupae. 


Fossil Record 


There are fossils of Triassic age assigned to Trichoptera 
(caddisflies), the presumed sister group of Lepidoptera, and so 
branching of the two lineages could have occurred in the early 
Mesozoic (Fig. 35). The earliest fossil recognized as 
lepidopteran is a small scaled wing from the Lower Jurassic of 
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FIGURE 35 Phylogenetic hypothesis of major lepidopteran lineages 
superimposed on the geologic time scale, with fossil occurrences indicated. 
Open dots, reliable identifications; shaded dots, questionable assignments. 
Angiosperm radiation spans 130 to 95 mya from the earliest recognized 
occurrence of pollen to the time when angiosperms became the dominant 
vegetation (modified from Labandeira et al, 1994). 


Dorset, England. It was placed in a separate family, 
Archaeolepidae, suggested as a sister group to the 
Micropterigidae, but without characters known that might 
establish its relationships. Four genera were described from 
Upper Jurassic tuffites from Russia. Among these, two were 
assigned to Micropterigidae and two to Glossata and 
Ditrysia, but only one of them, Protolepis, possesses visible 
mouthpart structures. They were interpreted as a siphon 
formed of maxillary galeae, which would imply existence of 
Glossata, 20 to 30 mya, prior to the radiation of angiosperm 
plants during the early Cretaceous. That interpretation has 
been questioned, the structures possibly being maxillary 
palpi, and therefore the fossil may represent an extinct 
lineage of Aglossata. By the early Cretaceous there are well 
preserved Micropterigidae and an incurvariid (Heteroneura) 
in amber, and by the late Cretaceous several kinds of leaf 
mines representing modern families and host plant 
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associations, both heteroneuran (Nepticulidae) and ditrysian 
(Phyllocnistidae, Gracillariidae), as well as a ditrysian larval 
head capsule of a free-living form such as Tineidae. That is, 
the fundamental clades of Lepidoptera are all represented 
before the beginning of the Tertiary. Hence, although 
Lepidoptera is the most recently evolved major insect order, its 
radiation was relatively rapid, paralleling that of the angio- 
sperms, the major lineages having evolved between ca. 140 
and 90 mya. 


Morphological Evolution 


Major changes in morphological adaptation in adult feeding, 
oviposition mode, wing structure, and larval locomotion are 
indicated by Figs. 1 and 35. The relict moths of ancient 
lineages (Micropterigidae, Agathiphagidae, Heterobathmiidae) 
share features of ancestral mecopteroids, functional 
mandibles in adults and pupae, similar fore- and hind wings 
with complete venation, and a single female genital aperture. 
However, larvae of their extant species differ greatly from one 
another, each adapted for a particular life-style. Micropterigid 
larvae are free-living ground dwellers in moist environments, 
with well-developed thoracic legs, no crotchet-bearing 
abdominal prolegs, and fluid-filled chambers in the cuticle. 
Agathiphagids are legless borers in primitive gymnosperm 
seeds with reduced head sclerotization and sutures and few 
stemmata. Heterobathmiids are flattened leafminers of 
southern beech, having a prognathous head with prominent 
adfrontal ridges, as well as seven stemmata laterally and 
thoracic legs with large, subdivided trochanters (unique in 
Lepidoptera), but no abdominal prolegs. 

Adult Glossata (Eriocraniidae and all subsequent lineages) 
lack functional mandibles and feed by a proboscis formed of 
the maxillary galeae. Basal glossatan lineages have a piercing 
ovipositor and retain functional mandibles in the pupa, used to 
cut the cocoon at eclosion. The larvae have a spinneret. Several 
derived features occur beginning with the Exoporia (Mnesar- 
chaeidae and Hepialidae): The ovipore and gonopore are 
separate, connected by an external groove for sperm transfer; 
the larvae have differentiated prolegs on abdominal segments 
3 to 6 and 10, with circles of crotchets; and silk is used for 
various activities, not just cocoon formation, the ancestral 
condition in Lepidoptera. Functional pupal mandibles are lost 
and there is no piercing ovipositor. Differentiated size, shape, 
and venation between fore- and hind wings appear in the 
Heteroneura. The thoracic legs, crotchet-bearing larval 
prolegs, and silk webbing are lost by larvae of Nepticuloidea, 
which are severely modified for leaf mining. An independently 
derived piercing ovipositor occurs in Incurvarioidea, some of 
which have secondarily legless larvae. 

The last fundamental change, leading to the Ditrysia, is 
the internal system for storage and transfer of sperm from the 
gonopore to oviduct. Evidently this had evolved by the mid- 
Cretaceous, when larval mines of Gracillarioidea appear in the 
fossil record. The most successful lineages, in terms of extant 


diversity, Pyraloidea, Geometroidea, and Noctuoidea, which 
are defined by independently derived tympanal organs, pre- 
sumably originated coincident with radiation of the bats during 
the late Paleocene and early Eocene. The earliest butterfly fossils 
also date from late Paleocene—Eocene times. 


Ecological Scenario 


Questions remain concerning the origins of angiosperm feed- 
ing in basal lepidopteran lineages that led to major radiations 
of Lepidoptera. The ground-dwelling larvae of Micropterigidae 
are generalists, either detritivores or fungivores in leaf litter or 
feeding on low-growing green plants in moist habitats, includ- 
ing bryophytes and soft angiosperm leaves. Similar habits occur 
in Exoporia (Mnesarchaeidae and Hepialidae, except that many 
hepialids feed on roots or burrow into stems of woody angio- 
sperms) and in basal Ditrysia (Tineidae, except that none feeds 
on green plants). By contrast, extant larvae of the other lower 
Lepidoptera are endophagous feeders that specialize on par- 
ticular flowering plants (larvae of Lophocoronidae and 
Neopseustidae are unknown, but their ovipositor types 
indicate that at least early instars are internal feeders). We 
assume ground-dwelling, generalist habits are similar to those 
of mecopteroid ancestors of the Trichoptera—Lepidoptera 
clade, but we do not know if that mode of life persisted in basal 
members of all lineages through to the Ditrysia. If so, adap- 
tation to endophagy and to specialist angiosperm feeding might 
have occurred at least four times, in heterobathmiids, in an 
eriocraniid + acanthopteroctetid + lophocoronid + neopseustid 
lineage, in nepticuloids, and, probably independently, in 
incurvarioids, when a piercing ovipositor reappears, and 
finally in a palaephatid + tischeriid lineage. If an unknown 
angiosperm-feeding lineage was the common ancestor, at least 
two reversals to ground-dwelling, external-feeding, generalist 
caterpillars characterized by multiple morphological reversals 
must be postulated for exoporians and again for Tineidae. In 
either scenario, there were independent origins of a piercing 
ovipositor (at least twice) and endophagous larval feeding 
accompanied by numerous derived morphological specializa- 
tions in larvae (several times). Repeated shifts to angiosperm 
feeding (Fig. 36) may have been facultative, as it is in extant 
micropterigids, and multiple adaptations to endophagy imply 
parallel evolutionary trends, a more parsimonious scenario 
than multiple reversals to an ancestral morphological and 
behavioral ground plan. 


CLASSIFICATION 


Historically the Lepidoptera have been classified in four or five 
suborders, all but one of which are primitive moths that retain 
ancestral characteristics as relict, morphologically dissimilar 
groups. All the more derived moths and butterflies, more than 
98% of the described species, comprise one evolutionary line- 
age, or clade, the Ditrysia. In recent decades, much progress 
has been made in detailed analyses of the relationships of the 
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FIGURE 36 Cartoon representing a theoretical scenario of the origins of 
angiosperm feeding that led to the radiation of Lepidopteran during the 
Cretaceous. Ground-dwelling mecopteroid-like ancestor gave rise to the 
Trichoptera-Lepidoptera split, then successively to the ancestor of extant 
Micropterigidae (MIC) and several specialized, radically differing, 
angiosperm-feeding lineages. The ancestral ground dwelling caterpillar form 
is presumed to have been retained in Exoporia (EXO, Mnesarchaeoidea, 
Hepialoidea) and basal Ditrysia (Tineoidea). AGA, Agathiphagoidea; HTB, 
Heterobathmioidea; ERI, Eriocranioidea; ACN, Acanthopteroctetoidea; 
LOP, Lophocoronoidea; NEO, Neopseustoidea;j HETER, Heteroneura; 
TIS, Tischerioidea; PAL, Palaephatoidea; NEP, Nepticuloidea; INC, 
Incurvarioidea; DITRYS, Ditrysia; TIN, Tineoidea; GRA, Gracillarioidea; 
GEL, Gelechioidea. 


primitive groups, aided by discoveries of new taxa and pre- 
viously unknown larvae and pupae. Phylogenetic analyses have 
shown the primitive lineages to be paraphyletic with respect 
to the rest of the Lepidoptera (Fig. 1), and consequently, the use 
of suborders and other ranks between order and superfamily 
has been abandoned by lepidopterists. On the other hand, we 
continue to recognize the obligate categories (family, genus, 
species) for purposes of names and communication across 
related lineages. Historically, the family has been the common 
denominator level for communication among entomologists, 
including for Lepidoptera, but in recent decades there has 
been a proliferation of both family and superfamily divisions 
such that the superfamily has become a commonly used and 
understood rank for lepidopterists. Recent authors have 
treated more than 120 families of Lepidoptera, and there is 
considerable discrepancy between analyses within some of 
the 45 to 48 superfamilies. Morphological and biological traits 
of the larger, worldwide superfamilies and families are summa- 
rized in the text that follows. 


Primitive Lineages 


ZEUGLOPTERA—MICROPTERIGOIDEA Micropterigidae 
are the most primitive lepidopterans, living fossils. There are 
micropterigids recognizable as modern genera preserved in 
amber dating back to dinosaur times in the early Cretaceous 
(125 mya). Adults (Fig. 37) are small (FW length 3-6 mm), 
often colorful, with metallic sheens of bronze or purple and 
yellow forewing markings, usually active in the daytime. They 
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are characterized by numerous ancestral traits not shared by 
other moths, most notably retention of functional mandibles, 
which are used to feed on pollen of various trees in Europe, more 
primitive plants, sedges, Winteraceae, and fern spores in New 
Caledonia and Madagascar. A more complete, Mecoptera-like 
wing venation led to proposal of this group as a separate order, 
the Zeugloptera, but overall evidence indicates the combined 
Zeugloptera + other Lepidoptera as a sister group to the 
caddisflies (Trichoptera). The larvae are wholly unlike 
caterpillars of other Lepidoptera; they are plump, somewhat 
hexagonal in cross section, with long antennae and short 
thoracic legs, and they lack the abdominal prolegs with crotchets 
typical of most Lepidoptera. The larvae live in moist leaf litter 
among mosses or in rotting wood, habitats with high moisture 
conditions; the cuticle has specializations unique among 
arthropods, with exo- and endocuticle separated by a fluid-filled 
space leading via pores to chambers in the exocuticle, overlaid by 
sticky pellicle to which particles of debris adhere. The pattern of 
primary setae on the body is unlike that of other moth larvae. 
Larvae of some species feed on liverworts, but most 
micropterigids are generalists, feeding on detritus, fungal 
hyphae, or angiosperm leaves. About 120 species are known 
worldwide, in a disjunct, relictual distribution pattern. More 
than half the named species are in the genus Micropteryx in the 
Palaearctic region, while only 2 are known in North America 
(Epimartyria); there is a greater diversity of genera in the Orient 
and southwest Pacific, particularly New Zealand, eastern 
Australia, and New Caledonia, which has about 50 species. 

There are two other families of Aglossata: the Agathiphagidae 
(two species), caddisfly-like moths whose larvae are legless 
borers in the seed of primitive gymnopserms (Agathis) in 
Australia and south Pacific Islands, and Heterobathmiidae 
(nine species), which are similar moths to micropterigids but 
their larvae are leafminers in southern beech (Nothofagus) in 
Chile and Argentina. 


GLOSSATA—HOMONEURA The majority of Lepidoptera 
comprise the Glossata, the monophyly of which is well 
supported by a suite of derived characters. The most obvious 
traits that distinguish glosssatans are the adult mouthparts: the 
mandibles are nonfunctional and maxillary galeae elongated, 
forming a proboscis that is coiled in repose, accompanied by 
reduction of the head capsule and its cuticular thickening 
associated with mandibular musculature. The basal lineages 
retain ancestral features of the wings: similarly shaped fore- 
and hind wings with relatively complete venation (homo- 
neurous) and the jugal lobe at the base of the forewing. Females 
in these families have a flattened, sclerotized abdominal apex 
with serrate edges, forming a “saw,” which is everted to cut 
into host-plant leaves to deposit the eggs. 

Eriocranioidea Eriocraniidae form a Holarctic coun- 
terpart to the South American Heterobathmiidae, resembling 
them superficially as adults and larvae, mining primarily in 
birch and oak (Fagales) in early spring. Adults are small moths 
(FW length 4-6.5 mm) with relatively narrow wings covered by 





FIGURES 37-64 Adults and larvae of microlepidoptera. Micropterigoidea: (37) Epimartyria pardella (Micropterigidae) (California). Incurvarioidea: (38) Coptodisca 
arbutiella (Heliozelidae) ovipositing into leaf of Arbutus menziesii (California); (39) Adela septentrionella (Adelidae) ovipositing into buds of Holodiscus discolor 
California); (40) Greya reticulata (Prodoxidae), ovipositing into bud of Sanicula (California); (41) Tegeticula maculata (Prodoxidae) ovipositing into ovary of 
Yucca whipplei (California). Tineoidea: (42) Tinea pellionella (Tineidae) (Texas); (43) Larval cases of Tinea pellionella on wool fabric (Texas). Gracillarioidea: 
44) Caloptilia reticulata (Gracillariidae) (California). Yponomeutoidea: (45) Atteva punctella (Yponomeutidae) nectaring (Illinois); (46) Ypsolopha maculatella 
Plutellidae) nectaring at flower of Asteraceae, whereas the larval host is Ephedra (California). Gelechioidea: (47) Antacotricha species (Stenomatidae) (Illinois); 
48) Ethmia arctostaphylella (Ethmiidae), bird dropping-like resting posture on Eriodictyon, the larval host (California); (49) Larva of Ethmia delliella (Ethmiidae), 
which feeds on Cordia (Costa Rica); (50) Arotrura longissima (Scythrididae) nectaring at flowers of Senecio, whereas the larval host is Lycium (California); 
51) Esperia sulphurella (Oecophoridae, Oecophorinae) (California); (52) Callimima lophoptera (Oecophorinae) (Australia); (53) Coleophora species 
Coleophoridae) (California); (54) Holcocera species (Blastobasidae) (California); (55) Telphusa latifasciella (Gelechiidae) (Illinois). Choreutoidea: (56) Tebenna 
gemmalis (Choreutidae) nectaring at flowers of Achillea, whereas the larval host is Wyethia (California). Sesioidea: (57) Synanthedon sequoiae (Sesiidae) (California); 
58) Castnia species (Castniidae) (French Guiana). Cossoidea: (59) Acossus species (Cossidae) (California). Tortricoidea: (60) Argyrotaenia citrana (Tortricidae, 
Tortricinae) (California); (61) Synnoma lynosyrana (Tortricidae, Tortricinae), flightless female in calling posture on Chrysothamnus, the larval host plant 
California); (62) Pseudatteria leopardana (Tortricidae, Chlidanotinae), a diurnal and presumed distasteful species (Costa Rica). Alucitoidea: (63) Alucita species 
Alucitidae) (Colorado). Pterophoroidea: (64) Platyptilinae species (Pterophoridae) (Costa Rica). (Photographs by: I. Common, 52; C. Covell, 58; R. Coville, 
45, 47, 51, 53, 54, 55, 56, 57, 60, 64; H. Daly, 50; J. Hafernik, 42, 43, 59; P. Opler, 62, 63; J. Powell, 38, 39, 40, 41, 44, 46, 48, 49, 61; D. Wagner, 37). 





iridescent, simple scales and hairs, often golden with purplish 
markings. Most are diurnal and fly in early spring just as the 
host trees are beginning to leaf out. The larvae are legless miners 
in newly expanded leaves, forming “baggy” full-depth mines. 
They mature quickly and enter the soil for pupation, and the 
mines dry and deteriorate after the leaf hardens. The pupae are 
mandibulate, and the emerging pharate adult uses the mandibles 
to cut through the cocoon and reach the soil surface the 
following spring. Larval foods are birch (Betulaceae), oak 
(Fagaceae), and other Fagales, or Rosaceae (1 species). There 
are about 20 species assigned to five genera, with about half 
the species in Europe and Asia and half in North America. 

A related family, Acanthopteroctetidae, with two species 
in the western United States, formerly was included in the 
Eriocranioidea, has been given superfamily status based on its 
more derived type of scales and first thoracic spiracle. The 
larvae of one species are miners in Rhamnaceae. 


EXOPORIA Within the homoneurous Glossata, two 
superfamilies comprise the Exoporia, the Mnesarchaeoidea 
(15 species), a relict group of small, eriocraniid-like moths in 
New Zealand, and the worldwide Hepialoidea. Monophyly 
of the two is established by the unique configuration of the 
female genital system, which is shared by and interpreted as 
homologous in these otherwise quite dissimilar moths. The 
copulatory orifice is separate from the ovipore, but there is no 
internal connection between the two. Sperm is transferred via 
a groove in the body wall below the ovipore. 

Hepialoidea The Hepialoidea is the most successful of the 
Homoneura and more primitive lineages in terms of extant 
diversity. The superfamily is characterized by having reduced 
mouthparts, with the proboscis absent or short and evidently 
nonfunctional. Hepialidae are large moths, even enormous in 
some genera, well represented on all nonpolar continents. Four 
other hepialoid families, Anomosetidae, Neotheoridae, Pala- 
eosetidae, and Prototheoridae, are Southern Hemisphere relicts 
represented by one to a few species and are smaller moths. 

Adults of the Hepialidae are large to very large (FW 
10-120 mm), including some of the largest Lepidoptera in 
the world, Trichophassus in South America and Zelotypia in 
Australia, with a 10-in. wing span, and often beautifully colored 
in greens and pinks. The females carry enormous numbers of 
eggs—one female of Trictena in Australia laid 29,000 eggs 
and had another 15,000 in her ovaries when dissected—and 
therefore are bulky, heavy-bodied creatures, surpassing in 
weight the largest sphingid and saturniid moths. Hepialid 
males form groups, or leks, that fly together at dusk, as a ritual 
of courtship behavior; especially suggestive of the common 
name “ghost moths” is one European species that has white 
forewings and forms ghost-like clouds. The larvae are elongate, 
cylindrical, with fully developed thoracic legs and abdominal 
prolegs that bear rings of crotchets. They have primary setae 
distributed in patterns that are homologous with those of dit- 
rysian larvae, and they lack secondary setae. Hepialid larvae 
are concealed feeders, living in silken galleries in leaf litter and 
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grasslands, in tunnels in roots or trunks, feeding indiscrimi- 
nately on pteridophyte, gymnosperm, or angiosperm plants. 
Early instars of some species feed on decaying wood and fungi 
associated with it, and then bore into tree trunks in later 
instars. There are about 550 named species in 50+ genera 
worldwide, best developed in Australia and Africa. 


HETERONEURA—MONOTRYSIA All the remaining 
Lepidoptera have different fore- and hindwing shapes and 
venation, with reduced radial system in the hind wing, and 
the hind wing usually is smaller. They possess a frenulum— 
retinaculum wing-coupling mechanism, and they have lost the 
first abdominal sternite. The five most basal superfamilies of the 
Heteroneura retain the ancestral monotrysian female repro- 
ductive system, but they share no derived characteristics that 
would unite them as monophyletic. The three most diverse of 
these are Nepticuloidea, Incurvarioidea, and Tischerioidea. 

Nepticuloidea These are tiny moths whose larvae are 
leaf and stem miners. Specialization on diverse flowering 
plants has led this group to become the most speciose of the 
primitive Lepidoptera. 

Nepticulidae: Adult nepticulids include the smallest 
Lepidoptera (FW length 1.5 to 4.5 mm), characterized by 
having the basal antennal segment (scape) usually greatly 
enlarged, forming a cap over the upper half of the relatively 
large eye. The head is rough-scaled, and the mouthparts are 
primitive, with long, folded maxillary palpi, and rudimentary 
proboscis with galeae not joined, used to lap up moisture and 
honeydew secreted by aphids. The FW is relatively broad with 
long scale fringes. The larvae are legless, obligate leafminers, 
typically forming a serpentine track beginning just below the 
egg cemented to the leaf surface, gradually enlarging to a full- 
depth tube or irregular blotch (Fig. 17). At maturity the larva 
cuts a crescentic slit in the upper cuticle and drops to the 
ground to form a tough silken cocoon. Larval foods usually are 
mature leaves of woody plants, although a few larvae mine 
stems or cause petiole galls. Individual species are specialists, 
using more than 40 families of angiosperms, primarily 
Fagaceae and Rosaceae in the Holarctic; some species groups 
are specialists on one plant family, such as Anacardiaceae, 
Polygonaceae, or Fabaceae. There are nearly 800 described 
species, placed in 11 genera, occurring in all nonpolar regions. 
No accurate estimate is available, but the total named includes 
fewer than 10% of the species in tropical regions and probably 
less than half the North American species. 

A related family, Opostegidae (100+ species), are slightly 
larger moths (FW 1.8 to 8.3 mm), with enormous eye caps, 
completely obscuring the eyes from a frontal view. The FW 
is relatively broad, white with sparse black markings, and the 
apices often are strongly bent upward. The larvae are leafmin- 
ers in Rutaceae and cambium miners in stems and fruit of 
Betulaceae, Ranunculaceae, Polygonaceae, Saxifragaceae in 
the Holarctic, and Fagaceae in Chile. 

Tischerioidea Tischeriidae adults are very small (FW 2.7 
to 5 mm), with lanceolate wings of white, gray, or yellow. They 
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are nocturnal with large eyes and when at rest they perch with 
the head appressed to the substrate and tail end lifted at a 45° 
angle. The larvae are slightly flattened leafminers with thoracic 
legs reduced to two vestigial segments or ambulatory calli, 
abdominal prolegs rudimentary with crotchets (Fig. 11). The 
linear or blotch mines are characterized by a heavily silk-lined 
nest within which the larva retreats when not feeding; the 
mines have been recorded from nine angiosperm families, most 
commonly Fagaceae, Rosaceae, and Asteraceae, more diverse 
on the last than is true of other lepidopterous miners. This 
group is primarily Holarctic, with about 80 described species 
in one genus, a few of which are in the Neotropical, Ethiopian, 
and Indo-Malayan regions, none in Australia and Oceania. 

Incurvarioidea These are tiny to small moths having 
diverse biologies, but females all have a piercing ovipositor 
specialized for inserting the eggs into plant tissue, often the 
ovules or young seed. There are six families, Cecidosidae 
(seven species, gall inducers in South America and Africa), 
Crinopterigidae (one Mediterranean species, a larval case 
bearer with habits similar to some coleophorids), and four 
that are diverse and widespread: Heliozelidae, Incurvariidae, 
Adelidae, and Prodoxidae. 

Heliozelidae: Species of this family occur worldwide but 
because of their minute size and diurnal habits they are rarely 
seen and many more species are known from the characteristic 
abandoned larval mines than there are named. Adults (Fig. 38) 
are tiny to small (FW 1.7 to 7.0 mm), typically with 
iridescent, metallic-appearing scaling. The eyes are small, 
characteristic of diurnal microlepidoptera. The larvae are 
flattened, usually legless leaf miners, having a thorax with 
paired ventral and dorsal movable calli; abdominal prolegs 
are absent. Early instars form a short, serpentine mine, and 
then enlarge it to a full-depth blotch (Fig. 18). The last instar 
constructs a portable case by cutting lenticular disks from the 
upper and lower epidermis and joining them with silk, giving 
rise to the common name “shield-bearers”; the abandoned 
mines, with their distinctive “shot holes” are highly character- 
istic of heliozelids (Fig. 18). The larva crawls off and descends 
by a silken thread to attach to a lower leaf or bark, where pupa- 
tion occurs in the portable case. Heliozelids are host specific, 
using at least 17 families of usually woody angiosperms, with 
preponderance in Myrtaceae in Australia and Cornaceae and 
Vitaceae in the Holarctic, the only Lepidoptera to specialize 
on the latter. There are more than 100 described species in 
about 12 genera, distributed in all major faunal realms except 
New Zealand but poorly known in tropical regions. 

Incurvariidae: Adults are small (FW 3.5 to 9 mm), with 
rough head scaling, relatively small eyes, and proboscis short, 
half the palpi length; maxillary palpi are elongate and folded. 
They are somber moths with dark, monochromatic wings, 
sometimes iridescent brown, bronze, or bluish. The larvae are 
moderately flattened, with well-developed thoracic legs and 
reduced abdominal prolegs. Early instars form blotch mines; 
later the larvae cut through the upper and lower epidermis to 
remove oval sections, which they sew together to form a 


portable case. Larvae of a few genera remain in the mines 
throughout feeding, and then cut out a case in which they 
pupate. Oviposition is host specific; the ancestral, southern- 
continent genera use Myrtaceae or Proteaceae, while 
Holarctic incurvariids use about 10 unrelated angiosperm 
families. There are about 100 described species in 11 genera, 
mostly Australian and Palaearctic; they are poorly represented 
in Africa and the Western Hemisphere. 

Adelidae (Fig. 39) are best known for their enormously 
long antennae, often 2.5 or 3 times the forewing length. 
Usually they are much longer in the male, which in many 
species possesses greatly enlarged eyes, but the eyes are small 
in some species, irrespective of antennal length. Holarctic 
and Neotropical species (Adelinae) are small (FW 4.5—9 mm), 
diurnal moths, often brightly colored, iridescent green, blue, 
or purplish, with white antennae, while the primarily African 
Nematopogoninae are crepuscular or nocturnal and dull 
colored. Both sexes have a well-developed proboscis and seek 
nectar from various flowers other than the larval food plant. 
Males of the large-eyed species form small, dancing groups, 
reacting to one another during mate seeking. Females insert 
the eggs into the base of the ovaries of unopened flowers. First 
instars of the few species studied in detail feed in the 
developing ovules; after molting they drop to the ground and 
construct flat, portable cases from silk and debris and feed on 
fallen leaves or the lower leaves of the host plant, which often 
are short-lived annuals. Pupation the following spring occurs 
in the figure 8-shaped case, with the long antennae free and 
coiled several times around the abdomen. Oviposition is 
restricted to one or a few closely related plants, which include 
members of at least 18 angiosperm families. Biologies of the 
Nematopogoninae of the Southern Hemisphere are poorly 
known. There are more than 300 species in five genera, 
occurring in all faunal regions except New Zealand. 

Prodoxidae are famous for the close symbiotic relationship 
between species of Tégeticula and yucca plants (Agavaceae). 
Females possess enormous “tentacles,” appendages of the 
maxillary palpi, which are unique among all insects, used to 
gather pollen that is purposefully transferred to the stigmas 
while visiting other flowers for oviposition, thus ensuring cross- 
pollination. Other kinds of insects are not attracted to yucca 
flowers to collect pollen. Females are believed to leave a 
pheromone signal at the oviposition sites that deters later 
visiting females so that only a few larvae feed in any given 
seed pod and many unaffected seeds are produced. Adults 
(Figs. 40 and 41) are small (FW 4 to 16 mm), generally dull 
colored, white or gray, although a few Greya and Prodoxus 
species have patterned or iridescent bronze-colored forewings. 
The maxillary and labial palpi are relatively prominent but 
usually shorter than the proboscis. The Agavaceae-feeding 
prodoxines apparently do not seek nectar, although individuals 
of Tegeticula maculata have been recorded living up to 9 days 
in the field. Early instars of the more ancestral genera 
(Lampronia, Greya) feed in young ovules of the host plant 
and then leave to spin overwintering shelters on the ground. 


In early spring they feed in flower beds or foliage shoots of 
the newly foliating host plants. These caterpillars and those 
of the pollen-carrying genera are stout, highly mobile, with 
well-developed thoracic legs, lacking abdominal prolegs, 
while those of the bogus-yucca moths (Prodoxus) are 
completely legless and apparently blind, living their entire 
life within the gallery and pupating there. Prepupal larvae of 
yucca moths are capable of maintaining the diapause for several 
years if optimal winter conditions are not experienced, up to 
30 years followed by successful, seasonally synchronized devel- 
opment, in experimental trials. Holarctic Lamproniinae and 
species of the basal prodoxine genus Greya specialize on 
Rosaceae, Ericaceae, or Saxifragaceae, while the more derived 
prodoxines are Agavaceae specialists. Prodoxidae are 
predominately Holarctic, with Lamproniinae mainly Palaearctic 
and Prodoxinae largely Nearctic, with a few species ranging 
into southern Mexico. About 75 species in 10 genera are known. 


Ditrysia 


The Ditrysia includes 98% or more of the described species, 
most of the superfamilies and families, almost all of the exter- 
nal plant-feeding caterpillars, and most of the special adapta- 
tions for prey avoidance. All members possess reproductive 
systems based on separate female copulatory and oviposition 
orifices with internal ducts for transfer of the sperm. 


TINEOIDEA The tineoids are generally recognized as the 
most ancestral living group of the Ditrysia. Most tineoids have 
erect, roughened head scaling and elongate, five-segmented 
maxillary palpi that are folded, usually longer than the labial 
palpi, which have lateral bristles, while the haustellum has 
short, unconnected galeae, used to lap up surface moisture from 
detritus or fungi. Females of most species possess elongate 
apophyses of segments A9 and A10 that anchor musculature, 
enabling the ovipositor to be telescoped outward to inject the 
eggs into crevices or other niches in the habitat. Five families 
are regarded as comprising the superfamily, two of which are 
worldwide and more species rich, Tineidae and Psychidae. 
The others are smaller families of restricted distribution, 
Eriocottidae (70+ species) in the Mediterranean region and 
southern Africa to Australia and Taiwan, Acrolophidae (280 
species) in the Neotropical and Nearctic regions, and 
Arrhenophanidae (30 species), Neotropical. 

Tineidae (Fig. 42) are slender, small to moderately large 
moths (FW length 2.5—25 mm), usually shining brown, tan, or 
whitish, with FW patterns of black on pale or yellow on dark. 
Tineids are most easily recognized by the rough head vestiture 
and the short (or absent) proboscis. They lack bipectination 
of the male antennae, characteristic of other tineoid families. 
The larvae are slender with integument usually lacking color 
pattern, often living within silken tubes or portable cases 
(Fig. 43). All instars have well-developed thoracic legs and 
abdominal prolegs with a single circle of crotchets. Larval 
foods—Tineids do not feed on flowering plants; they mostly 
are generalist detritivores or fungivores, and members of some 
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subfamilies tend to be specialists on animal products such as 
fur or feathers (e.g., Tineinae). Some are capable of digesting 
wool, including several cosmopolitan species that feed on 
woolen clothes and other manmade products. Others are 
primarily fungus-feeders (e.g., Scardiinae, Nemapogoninae), 
especially in sporophores of wood-rot fungi (Polyporaceae) or 
wood permeated by the hyphae, sometimes quite specialized 
in host preference. Fungivory or detrivory presumably was 
the ground plan for the family and therefore for the Ditrysia. 
Larvipary, wherein eggs mature and first instars emerge within 
an enlarged oviduct in the female, is known in numerous 
Andean and Indo-Australian Tineinae. Many fewer eggs are 
produced than by tineids with conventional reproductive 
systems. There are more than 3000 described species world- 
wide, probably less than half the number known in collections, 
especially in tropical regions. These are assigned to more than 
300 genera in 15 subfamilies. 

Psychidae: The common name “bagworms” applies to 
psychids because the larvae live in portable cases constructed 
from silk, plastered with debris or symmetrically arranged 
pieces of host plants (Fig. 23). Adults are small and slender 
to rather large and heavy bodied (FW length 4-28 mm). 
Males are fully winged, while females of some species may be 
fully winged, short-winged, wingless, or even larviform and 
never leave the larval case. Some species are female only 
(parthenogenetic) or bisexual only in some populations. The 
head vestiture is roughened, with long, slender scales directed 
forward, and the antennae often are strongly bipectinate in 
males, particularly in species with flightless females, but are 
filiform in both sexes of species having winged females. 
Nearly all psychids are gray or brown without color patterns. 
Psychid larvae are stout compared to tineids, with the head 
and thorax larger and more heavily sclerotized than the poste- 
riorly tapered abdomen and variously pigmented. The tho- 
racic legs are well developed and are used to pull the cases along 
on the host plant, while the abdominal prolegs are reduced. 
Bagworms feed on lichens, grasses, conifer foliage, or leaves of 
angiosperm trees and shrubs, sometimes as specialists but often 
as generalists. At maturity the larva attaches the case to a sub- 
strate and then inverts itself and pupates in the case with the 
head toward the distal (older) end, whence the moth emerges. 
There are nearly 1000 described species from all faunal regions, 
about 85% in the Old World. Psychids are generally better 
studied than most microlepidopterans, owing to their fasci- 
nating behavior, biologies, and genetic complexity associated 
with the larviform females and parthenogenesis in five unre- 
lated genera. 


GRACILLARIOIDEA This is the major clade of 
Lepidoptera adapted for larval mining in leaves (Figs. 
19-21). Gracillarioids primarily mine woody trees, shrubs, 
and vines of angiosperms and conifers. The larvae are 
obligate leaf-, stem-, or fruit-miners in early instars; in many 
genera larvae leave the mines to feed exposed or in webs 
externally. The adults lack the tineoid lateral bristles of the 
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labial palpi, have a smoothly scaled frons, and usually have a 
well-developed, elongate, coiled proboscis. 

Gracillariidae: Adults (Fig. 44) are nocturnal, often are 
brightly colored, with the FW patterned in metallic orange, 
bronze, purple, or yellow. They are small, slender moths (FW 
2-10 mm) with a head with smooth scaling directed forward 
over the front and tufts of erect scales on the crown in 
Lithocolletinae; the antennae are 0.8 times to much longer 
than the FW and filiform. The HW is lanceolate with scale 
fringe broader than the wing. The larvae characteristically are 
hypermetamorphic with more than one form in successive 
instars; early instars are modified for mining, flattened with 
legs reduced or lacking, transforming in the third or later 
instar to cylindrical caterpillars, with chewing mouthparts 
and fully developed legs. They use silk to buckle the mine 
into a tent-like shelter or feed externally, often folding a leaf 
into a tightly closed shelter in which they graze. In some 
genera a variously modified, nonfeeding instar spins the 
cocoon. Pupation occurs outside the mine in most genera. 
Nearly all gracillariids are specialists on one or a few closely 
related plants, typically woody angiosperms, including more 
than 80 plant families. More than 2000 species have been 
described from all major faunal regions, assigned to about 75 
genera, and certainly a much greater number remain to be 
defined, especially in tropical forests. 

Phyllocnistidae: Adults are tiny, slender moths (FW 2-3 
mm) with long antennae, often with shining white or silvery 
FW, delicately banded with gray and rust distally; HW are 
lanceolate with a much broader fringe. The larvae are flat 
with legs reduced to stubs, mouthparts highly modified for sap 
feeding; they create extremely long, meandering or regularly 
zig-zag, subcutaneous mines (Fig. 21), often in new, still-soft 
leaves, causing them to curl conspicuously. More than 20 
angiosperm families have been recorded as larval hosts, but 
many others in Central America are used, judging from the 
ubiquitous mines, probably all made by undescribed species. 
Phyllocnistid mines are described from mid-Cretaceous (97 
mya) Magnoliidae, the earliest known ditrysian leaf mining. 
Fewer than 100 species are described, a small fragment of the 
fauna; mines are found on more kinds of plants at one 
lowland forest locality in Costa Rica than there are named 
New World species. 

Bucculatricidae: Adults are tiny to small moths (FW 2.5—7 
mm), most easily recognized by their elongate frons and large, 
erect tuft of scales on the vertex. The appendages are short, 
antennae 0.6 to 0.9 times the FW length. The wings are 
lanceolate, FW often with tufts of upraised scales. Larvae are 
hypermetamorphic; they are legless leaf miners in the first two 
instars and later have well-developed legs, feeding externally as 
exposed grazers. Bucculatricid species are host-plant special- 
ists, with more than 20 angiosperm plant families recorded, 
Asteraceae and Fagaceae dominant in the Holarctic; many 
species use Cupressaceae. There are about 250 described 
species, distributed on all continents except New Zealand, 
most numerous in the Holarctic. 


YPONOMEUTOIDEA This superfamily includes a hetero- 
geneous conglomeration of dissimilar microlepidopterans 
that are grouped by default, i.e., the nonapoditrysian Ditrysia 
that have nonmotile pupae and lack the scaled proboscis 
typical of Gelechioidea. 

Yponomeutidae: Adults are slender moths with elongate 
FW, ranging from tiny (FW 3.2-6.8 mm), metallic golden, 
purple, or gray and white nocturnal Argyresthia to larger (FW 
9-15 mm) and brightly colored, diurnal moths in Atteva 
(Fig. 45) and the white ermine moths in Yponomeuta. Larvae 
of typical yponomeutines live communally in extensive webs 
on trees and shrubs, sometimes causing economic damage to 
fruit trees; those of some Zelleria damage growing tips of 
conifers. Larvae of Argyresthia are miners in angiosperm buds 
or conifer foliage. Most species are specific to one or a few 
plants; Argyresthiinae feed on at least 13 gymnosperm and 
dicot families, with more than 40% of recorded species on 
conifers, including 25% on Cupressaceae, a greater degree of 
adaptation to conifers than by other Lepidoptera. There are 
about 600 described species, occurring in all biotic regions, 
with both the phylogeny and the taxonomy in tropical and 
south temperate faunas yet to be resolved. 

Plutellidae and Ypsolophidae traditionally were treated as 
one family. The adults (Fig. 46) are small moths (FW 6-13 mm) 
with distinctive labial palpi, with the second segment broadly 
scaled and the third slender, smooth scaled and upcurved 
from the second preapically. FW are narrow to lanceolate, 
with a flared terminal fringe. Large pleural lobes enclose the 
male genitalia in ypsolophids but are small and narrow in 
plutellids. These are typically nocturnal moths with yellow, 
brown, or gray FW, often with linear markings. The 
diamondback moth (Plutella xylostella), a ubiquitous pest of 
cabbage, cauliflower, and other plants of the mustard family, 
is the best known plutellid. The larvae are slender, tapered 
toward both ends, often with elongate abdominal prolegs, 
and pale green with unpatterned integument, and they live in 
slight webs as external feeders. Pupation occurs in large- 
meshed, open cocoons (Plutella group) or dense, envelope-like 
cocoons (Ypsolopha group). Most Plutella feed on Brassicaceae, 
the only moth lineage adapted to do so, while members of this 
family group as a whole use 50+ families of angiosperms, rarely 
monocots, and a few gymnosperms, including Ephedraceae 
and Cupressaceae. Nearly 300 described species are assigned to 
one or the other of these families, but the systematics relation- 
ships and descriptive inventory are incompletely known, 
especially in Southern Hemisphere faunas. 

Glyphipterigidae are small (FW usually 3.2-10 mm), 
diurnal moths with a smooth-scaled head and porrect or 
decumbent, slightly upcurved labial palpi, often metallic gray; 
the FW have metallic markings and parallel, white chevron 
marks from costa and dorsal margin. The last abdominal 
tergum is greatly enlarged, forming a hood over the genitalia. 
The larvae are borers in seed, flowering stems, terminal buds, 
or leaves, primarily in sedges and rushes (Cyperaceae, 
Juncaceae), less commonly in grasses, and rarely in dicots, 
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A new generation of mobile telephony is defined primarily by two bodies: ITU (International 
Telecommunication Union) and 3GPP (3° Generation Partnership Project). These two, respectively 
public and private, organisations are dedicated to defining the objectives, standards and technical 
specifications of the new technology in question. 


ITU 


The first large-scale 5G commercial rollouts are expected to take place in 2020. As mentioned earlier, 
the exploratory phase — which provides an opportunity to determine demands and identify the most 
promising techniques and technologies for these future 5G networks — has already begun. Although a 
number of organisations and consortia are involved in defining 5G, 3GPP will very probably be the 
central standardisation body for its technical specifications. 


Whatever the case may be, ITU (International Telecommunication Union) is vital to defining the 
technologies and standards that govern any new generation of IMT (International Mobile 
Telecommunications) at the global level. 


These IMT standards are established with the involvement of public authorities and industry players, 
and have provided the framework for the evolution of mobile communication services around the 
world, since the beginning of IMT standardisation, with IMT-2000 (3G, UMTS), then IMT-Advanced 
(4G, LTE-A) and more recently IMT-2020 (5G). 
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Figure 16. Timeline of IMT developments and deployments” 


The advent of an IMT standard typically occurs in three main stages : a vision stage, a development 
stage and a deployment stage. 


The vision stage — whose completion is marked by a document that is usually called a Vision 
Recommendation — is the stage during which ITU sets the framework and objectives for the future 
technology. The aim of this document is generally to define what the new technology will be in a 
more or less concrete fashion, what its characteristics will be, the uses it will enable, etc. Whether for 


**Recommendation ITU-R M.2083-0 (09/2015), https://www.itu.int/dms pubrec/itu-r/rec/m/R-REC-M.2083-0-201509- 
IPDEF-E.pdf 





Autorité de régulation des communications électroniques et des postes 35/41 


including Crassulaceae. Nearly 400 species are described in 
20+ genera. The family is cosmopolitan and well represented 
in temperate, Palaearctic, Nearctic, and Australian regions, 
including New Zealand. 

Heliodinidae: Adults are tiny, diurnal moths (FW mostly 
3.2-5 mm; rarely to 8 mm), resplendent in shining metallic 
body and wing scaling, often red or orange with raised silver 
or lead-colored spots. Adults of many species hold the hind 
legs aloft when perched, which has been regarded as charac- 
teristic of heliodinids, but not all of them do so. Larvae are 
unpigmented, grub-like, and host specific as leafminers or stem 
or seed borers, or a few feed externally in flowers and fruit. This 
is the only lepidopteran family to specialize on Caryophyllales 
(90% of the known hosts), especially Nyctaginaceae. About 
75 species are described worldwide, but the majority occur in 
the southwestern United States and Mexico. 


GELECHIOIDEA This is the largest superfamily of 
micromoths by far, and because vast numbers of species 
remain undescribed, Gelechioidea may surpass Noctuoidea 
as the most diverse group of Lepidoptera. For example, even 
in North America only about one-third of the species known 
in collections are named, and a total of 4400 species is 
projected, 1000 more than Noctuoidea. In tropical regions 
the inventory is imponderably incomplete—more than 1100 
species of Gelechioidea have been counted at one rainforest 
reserve in Costa Rica, comprising 20% of all Lepidoptera 
believed to occur there, the majority unnamed. In Australia, 
gelechioids are estimated to make up about 40% of the 
Lepidoptera species. 

Gelechioids all have overlapping scales on the dorsal surface 
of the haustellum, up to half its length, and most have a 
smooth-scaled head, four-segmented maxillary palpi, and 
upward curved labial palpi with the third segment long and 
acute (Figs. 4 and 55). The pupa is nonmotile (obtect), 
remaining in the cocoon until emergence of the moth. There 
is general agreement on the phylogenetic unity of this super- 
family, but there have been wide differences of opinion on 
the number and relationships of the included families in recent 
analyses. About 25 groups have been treated as families, of 
which only the larger, worldwide ones are mentioned here. 

Elachistid Assemblage This group of taxa is defined by 
having modified abdominal articulation in the pupa, lateral 
condyles, on A5—-A6 and A6—A7, that prevent lateral 
movement (Fig. 16B), although those of Elachistidae s. str. 
are polymorphic and questionably homologous. The first 
three groups have been treated as families or subfamilies of 
Oecophoridae or Elachistidae. They are broad-winged moths 
with strongly curved labial palpi, often exceeding the top of 
the head (e.g., Fig. 4). 

Stenomatidae: Adults (Fig. 47) are small to moderate sized 
(FW 5-25 mm), with rectangular to nearly oval FW. The 
valvae of male genitalia have setae with prominent, 
multilobed apices. The male antennae usually have long cilia. 
Larvae of only a small proportion of described species are 
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known; they are relatively stout caterpillars, often with heavily 
pigmented integument. They are external feeders in concealed 
shelters on diverse angiosperms (16+ families), predomi- 
nately Myrtaceae in the Southern Hemisphere and Fagales in 
the Nearctic. More than 30 genera and 1200 species are named, 
90% from the Neotropical region, where many are not yet 
described. This group and the Ethmiidae tend to be mutually 
exclusive on a broad geographical scale. Stenomatids are 
species rich in the southeastern United States and lowland 
wet forests of central America and northern South America, 
while ethmiids are speciose in arid parts of western North 
America and thorn forest regions of Mexico, Central 
America, and the Antilles. 

Ethmiidae: Adults (Fig. 48) are small moths (FW mostly 
4-16 mm, rarely 24 mm), having elongate, narrow FW, 
often dark with a sinuate pale band along the dorsal edge that 
renders a bird-dropping appearance when the moth rests, or 
white with black spotting, superficially resembling 
Yponomeuta, and some tropical species are colorful. Most are 
nocturnal, but some high montane species are diurnal, as are 
a group of species in the southwestern Nearctic that fly in 
early spring, adapted to use annual plants. The family is 
characterized by a strongly recurved basal part of the phallus, 
secondary SV setae of the larva, and two separately derived 
pupal-anchoring mechanisms, either development of “anal 
legs,” ventral, setiferous, forward-directed extensions of the 
ninth segment (Fig. 16B) or grasping of the exuvial head 
capsule or cocoon silk between abdominal segments 6 and 7. 
Diapause occurs in the pupal stage, and development can be 
delayed several years, an adaptation to unpredictable, arid 
habitats. About 80% of the species for which the often 
colorful larvae (Fig. 49) are known feed on Boraginales 
(Boraginaceae, Ehretiaceae, Hydrophyllaceae). About 300 
species are named worldwide, with the greatest richness in 
areas of seasonal drought, especially microphyllous thorn 
forests of the northern Neotropical Region. This group is 
better studied than most micromoths, excepting the African 
fauna, and most species in collections are described. 

Depressariidae: Adults are small (FW 7-16 mm) and 
resemble the two preceding groups, with FW usually rectan- 
gular and labial palpi slender and strongly curved upward, 
lacking the multilobed setae of the valvae, the strongly 
recurved phallobase, and special pupal anchoring mechanisms 
that characterize stenomatids and ethmiids. The larvae 
mostly are leaf tiers but some bore into stems or seed, using 
at least 17 families of dicots, with strong specialization on 
Apiaceae and Asteraceae in the Holarctic. More than 600 
species are described, assigned to 80+ genera, occurring in all 
major faunal realms and best represented in north temperate 
and tropical regions. 

Elachistidae: Adults are tiny (FW 2.5-6.5 mm) with 
narrow wings; the HW fringe is much wider, and FW are 
usually white or black with white markings. The labial palpi 
are slender, strongly curved upward. The larvae are flattened, 
with head prognathous and recessed into the first body 
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segment and legs short, adapted for mining. Elachista typically 
mine monocots (Poaceae, Cyperaceae, Juncaceae), while other 
species are miners in a few dicot families. There are about 250 
described species worldwide, but they are mainly Holarctic. 
Xyloryctid Assemblage 
Gelechioidea lack modified lateral articulation on the 
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abdominal segments of the pupa but otherwise are not 
defined as a lineage by a derived feature. 

Xyloryctidae: Adults are small to moderately large (FW 
10-33 mm), nocturnal moths, often brightly colored, shining 
white or yellow patterned with black or brown, and relatively 
heavy bodied, having spiniform setae on the posterior part of 
abdominal terga 2 to 6. The labial palpi usually are long, 
strongly curved, and slender. Larvae are robust caterpillars 
with a bordered submental plate and secondary SV setae on 
abdominal segments 3 to 6. They form silken tubes or shelters 
in lichens, on bark, or among foliage. Some species feed in 
bark or tunnel in bark or stems and drag leaves back to the 
gallery at night. Larval foods are lichens, living angiosperm 
plants (20+ families), about half the known species on 
Myrtaceae and Proteaceae, or dead eucalypt leaves. More 
than 500 described species are assigned to 60+ genera, in 
Africa, the Indo-Australian region, and Polynesia, with the 
greatest numbers in Australia. 

Scythrididae are tiny to small (FW 3-12 mm) stiletto- 
shaped moths with narrow wings that wrap around the body, 
rendering a tapered appearance from thorax to wing tips 
(Fig. 50). Most are somber colored, gray or brown, with 
darker or white FW markings, the nocturnal species tending 
to be white or pale gray with larger eyes, while diurnal scyth- 
rids are mostly dark brown with small eyes and visit flowers 
for nectar. The male genitalia display an astonishing array of 
forms, from a relatively unmodified gelechioid plan in most 
nocturnal species to an extremely reduced and modified by 
fusion, often asymmetrical form that defies interpretation of 
homologies of the structures, mostly in diurnal forms. A 
remarkable species on coastal sand dunes in California, 
Areniscythris brachypteris, is flightless in both sexes, has greatly 
enlarged hind legs that enable it to leap 20 times or more its 
body length, and buries itself at night. The larvae are slender, 
with a small head, tapered toward both ends, usually without 
integumental markings but with sclerotized rings around setae 
SD1 on the abdomen. The head capsule has a submental pit 
in most genera, at least in early instars, which with the setal 
rings indicates relationship to Blastobasidae. Most species live 
in frail webs and feed on growing tips of herbaceous plants; 
some are leafminers in early instars. At least 20 families of 
angiosperms are hosts, mostly dicots, with Cistaceae and 
Asteraceae prevalent in the Palaearctic; larvae of a few species 
eat lichens, mosses, grasses, or cacti. There are 700+ described 
species in 26 genera, with vast numbers awaiting study and 
naming (e.g., 90% of the North American fauna). Worldwide 
but most numerous in arid and seasonal drought areas such 
as the southwestern Nearctic, these moths are rare or lacking 
in wet tropical habitats. 


Oecophoridae (s. str.): As now defined this is a worldwide 
assemblage of dissimilar moths, with a tremendous radiation 
of forms in Australia. Adults (Figs. 51 and 52) are small (FW 
4-23 mm) with narrow to broad wings, mostly dull colored 
in Holarctic genera but wildly variable and colorful in 
Australia, where the FW are patterned in yellow, rose, rust, 
and browns. The abdominal terga are usually without 
spiniform setal bands. The larvae are cylindrical, with head 
often darkly sclerotized, sometimes with reduced numbers of 
stemmata and integument usually not pigmented; the 
thoracic legs and abdominal prolegs are well developed. Most 
feed on dead plant material, leaf litter, and other vegetative 
refuse, and the rich fauna in Australia depends mainly on 
Eucalyptus (Myrtaceae), with about 60% feeding on fallen 
leaves and 25% on living foliage. There are more than 3000 
described species in 500+ genera worldwide; this is the 
dominant group in Australia, with 2200+ named species in 
340 genera and a projected 35-40% of the Lepidoptera 
fauna. Several species are cosmopolitan household moths 
whose larvae feed in stored meal, potted plant humus, etc. 

Coleophoridae are typically tiny to small (FW 3.5-13 mm), 
very slender moths with lanceolate wings (Fig. 53); the HW 
fringe is much wider than the wing. Usually these moths have 
rather long, nearly straight labial palpi that project forward, 
often slightly drooping. Paired patches of spiniform setae on 
the abdominal terga define their relationship with the 
Momphinae, which are tiny, stout moths with thick, diverging, 
upward-turned palpi. Mostly dull colored, yellowish, white, 
gray, or brownish, the FW often have linear, pale, or dark 
streaks. The larvae are slender, with very reduced abdominal 
prolegs in Coleophorinae, which are leafminers in the first 
instar and then live in a portable case constructed of silk 
covered with sand grains or pieces of plant material (Fig. 24); 
they feed by mining outward from the affixed case, forming 
characteristic, round mines with a central hole, as they move 
from spot to spot. Larvae of Momphinae are more stout, are 
grub-like, and feed within growing tips, stems, or galls they 
cause. Coleophorinae feed on more than 30 plant families, 
including conifers (rare); monocots, especially Juncaceae; and 
diverse dicots. Momphinae specialize on Onagraceae (70% 
of host records), the only Lepidopteran group to do so. More 
than 1100 species are described, with an estimated 500 
unnamed species known in the Nearctic; they exist worldwide 
but are mainly Holarctic and are absent from Neotropical 
rainforests. 

Blastobasidae: Adults (Fig. 54) are small (FW 4-15 mm), 
nocturnal moths with narrow wings and a short abdomen 
that bears a conspicuous, transverse row of stout, rust-colored 
or black, spiniform setae on each segment dorsally. The labial 
palpi are usually short, strongly curved upward, and appressed 
to the head. Blastobasids are uniformly dull colored, usually 
gray, having FW with whitish or black steaks, sometimes tan 
or yellowish. The larvae are slender, cylindrical, often with 
heavily pigmented integument, a labium with a submental pit, 
and SD1 setae usually with sclerotized rings. Larval foods— 


The larvae are mainly scavengers, living in a wide variety of 
situations such as abandoned nests of insects, galleries of stem 
and root borers, and detritus associated with aphid and scale 
insect colonies, occasionally eating living insects, and a few 
species feed on living plant material. Owing to their consis- 
tently drab appearance and uniform genitalia structures, this 
family has been neglected in systematics studies. Worldwide, 
but more diverse in the Nearctic and Neotropical regions, 
there are 500+ described species and possibly 5 to 10 times 
that many awaiting study. 

Cosmopterigidae: This is a diverse group not defined by 
any uniquely derived characteristic. The adults are tiny to 
small (FW 3-13 mm), slender with lanceolate or somewhat 
broad wings, lacking a gnathos, and having a strongly hooked 
aedeagus. The larvae are morphologically most similar to 
Gelechiidae. Habits are diverse, most of these insects are 
internal feeders, leafminers or bud, stem, bark, or root borers, 
sometimes causing gall formation by the host plant. Hence 
they tend to be stout with short legs, without secondary setae 
and little integumental pigmentation. More than 25 families of 
angiosperms are hosts. Typical cosmopterigines are leafminers, 
Cosmopterix often in monocots; others are seed feeders, and 
many are scavengers, in and under old bark, dead stems, etc., 
and in ferns and palms, especially on oceanic islands. Larvae 
of Euclemensia are predaceous on scale insects. Worldwide, 
there are 1650 described species in 100+ genera. The genus 
Hyposmocoma in Hawaii is the most famous example, with an 
estimated 450 mostly unnamed species that occupy diverse 
larval niches, including living plants, in dead wood or stems, 
on lichens, some feeding from a portable case, and in 
freshwater and littoral habitats, analogous to the Galapagos 
finches, but with a vastly more species-rich insular radiation. 

Gelechiidae: One of the major families of micromoths, 
especially in temperate latitudes, the adults are most easily 
recognized by the hind wing shape, with the terminal margin 
indented below the acute apex. Adults (Fig. 55) are tiny to 
small (FW 3-12 mm, a few tropical species to 18 mm). The 
great majority are nocturnal, somber colored, brown, gray, or 
black, but some are colorfully patterned. The larvae usually 
form concealed shelters in new growing tips of trees and 
shrubs, but many are leafminers at least in early instars, or 
stem and root borers, and a few live in plant galls they cause 
(Fig. 27). Some feed in seeds or dead plant materials, while a 
broad diversity of living gymnosperms and angiosperms (80+ 
families) are used. A few feed on ferns or mosses, especially 
on oceanic islands. There are more than 4500 named species 
placed in 500+ genera and unknown numbers of undescribed 
species (e.g., estimated 60% of the North American species). 
These moths are most diverse in temperate zone areas, 
including deserts and other seasonally arid habitats. Several 
are important agricultural insects, including the pink 
bollworm (Pectinophora gossypiella), a threat to cotton 
growers worldwide; Angoumois grain moth (Sétotroga 
ceralella), which feeds in stored grains; potato tuber moth 
(Phthorimaea operculella); and many conifer needle miners. 
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APODITRYSIA All the more derived Lepidoptera are 
grouped in the Apoditrysia by possession of shortened 
apodemes on the second abdominal sternum that have 
enlarged bases, contrasted with the more ancestral state, 
continuations of longitudinal costae (venulae) of the sternal 
plate. Several superfamilies comprising the non-obtectomeran 
Apoditrysia retain the ancestral movable and spined abdomi- 
nal segments in the pupa, which moves forward to protrude 
from the shelter, facilitating the moth’s eclosion. The more 
derived superfamilies of this lineage, the Obtectomera (the 
pyraloids and macromoths), have nonmotile pupae. 

Choreutoidea 
of phenotypically similar moths that have a scaled proboscis, 


The family Choreutidae is a small group 


an independent development from the Gelechiidae and 
Pyraloidea, and deposit upright eggs. The adults (Fig. 56) are 
small (FW 2-9 mm), diurnal, with broad wings, which they 
twitch in a characteristic fashion as they strut jerkily about on 
host plant leaves. The male antennae usually have long ventral 
setae. Choreutids are mostly dark colored, with black or 
brown wings marked by metallic gray, white, or silver-white; 
some tropical species are orange, with harlequin patterns. The 
larvae are slender with elongate abdominal prolegs, living 
externally in slight webs, from which they graze on leaf 
surfaces. Larval foods include diverse dicot angiosperms (17+ 
families), concentrating on Moraceae in tropical regions, 
Fabaceae, Urticaceae, and Asteraceae in the Holarctic. About 
400 species are described worldwide, with many undescribed 
tropical species. 

Sesioidea This superfamily consists of three families, 
Brachodidae, Sesiidae, and Castniidae, the adults of which 
are markedly dissimilar in appearance and behavior; their 
proposed relationship is based on subtle features: the eye is 
more strongly pigmented anteriorly, they have large patagia, 
and the larvae have an unusual crotchet arrangement, two 
transverse, uniordinal rows. 

Sesiidae: These moths are wasp-like (Fig. 57), with FW 
basally narrow and relatively short HW, usually lacking scales 
except along the veins and distal margin. The wings are 
tightly coupled, with the posterior margin of the FW bent 
down, engaging with the upcurved costal margin of the HW, 
and both have rows of stiff scales that interlock, in addition 
to the normal frenulum and retinaculum. Sesiids are small to 
moderately large and heavy bodied (FW length 5-28 mm), 
diurnal or crepuscular, and almost all species resemble wasps 
or bees, often startlingly so. This involves not only clear wings 
and a colorful, banded abdomen, but the legs are modified 
with tufts, even to the extent of having yellow-tipped scales 
resembling pollen carried by bees. Alcathoe are black with 
bright orange wings, and the males have a long, slender, 
scaled process from the tip of the abdomen, which in flight 
resembles the trailing leg posture of tarantula hawks 
(Pompilidae, Pepsis). Sesiids often visit flowers with quick, 
darting flights. The larvae (Fig. 25) are borers in stems, bark, 
and roots; they are stout, with heavily sclerotized head and 
mandibles and unpigmented integument. Larval foods 
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include 40+ families of flowering plants, including conifers 
but not monocots. There are more than 1100 described species 
in 120 genera, speciose in both temperate and tropical regions. 
Sesiidae may be the most completely known of any microlepi- 
doptera. Many species are agricultural pests, borers in stems 
of berry and squash vines, fruit trees, and conifer trunks. 

Castniidae are primarily tropical, large (FW 24-190 mm), 
strong-flying, diurnal moths that have broad, often colorful 
wings, and the antennae are swollen distally, so they resemble 
butterflies (Fig. 58). The antennal tip is abruptly narrowed and 
bears a tuft of long hairs, features shared with Sesiidae. Some 
species are crepuscular and occasionally come to lights. Larvae 
are stout, cylindrical, with short legs and a head retractable 
into the thorax. They feed in plant stems or form tunnels in 
soil and feed on subterranean plant parts. The larval life 
requires 4.5 months to 2 years. All confirmed feeding records 
are for monocots, and several species are pests of sugarcane, 
banana, or oil palm. There are about 180 species, placed in 33 
genera. The distribution suggests a Gondwanan origin, with 
the subfamily Taschininae in Southeast Asia, the sister group 
of Castniinae in Central and South America and Australia. 
Castniids occur in tropical, subtropical, and warm temperate 
regions and are lacking from most of the Holarctic, southern 
South America, Tasmania, and New Zealand. 

Cossoidea Cossidae: Goat moths are small to large, 
hawk-moth-like, robust moths (Fig. 59) (FW 4-70 mm, 
rarely to 125 mm), having short, usually bipectinate antennae 
in the male; the proboscis is not functional, reduced to a small 
triangular lobe; labial palpi are three-segmented, short, and 
upturned. The wing venation is more primitive than in related 
superfamilies, with the median vein complete and branched 
within the cell. Cossids typically are nocturnal, drab, mostly 
gray with black striae; a few have brown or orange patches. 
The eggs usually are laid in groups in crevices or under bark 
and may be produced in vast numbers, 18,000 counted for 
one species in Australia. First instars disperse and bore into 
branches or trunks of living shrubs or trees, sometimes living 
gregariously; later instars are stout, cylindrical, with heavily 
sclerotized head and mandibles and unpigmented integument. 
Larvae require 1 to 4 years to mature. Recorded hosts include 
at least 17 families of angiosperms, including 1 monocot, with 
woody legumes (Fabaceae) accounting for 25% of the records. 
More than 20% of the species are polyphagous. Cossids occur 
worldwide, with greatest numbers in tropical regions (40% 
Neotropical), including more than 670 described species 
placed in 83 genera. 

Tortricoidea ‘Tortricidae: This is a large and relatively 
homogeneous family, with three subfamilies, Chlidanotinae, 
Tortricinae, and Olethreutinae, each of which, along with 
several subordinate taxa, at times have been treated as families. 
Females possess modified papillae anales, which have been 
rotated 90% from the ancestral lateral position to form flat, 
expanded pads facing ventrally, usually with the outline of 
shoe soles. Adults (Figs. 60-62) are small to moderately large 
(FW mostly 3-25 mm, to 28 mm in the Asian Ceracini), 


generally with rectangular FW and broader, plicate HW. The 
antennae are about 0.6 times the FW length, filiform, with 
sensory setae in males typically short, but long in some 
groups; the labial palpi are porrect or bent upward but not 
curved as in Gelechioidea. Most species are nocturnal, with 
the FW cryptically colored in gray, brown, rust, or tan, but 
some species have colorful markings. A few are spectacularly 
polymorphic, notably species of Acleris (Tortricini)—2 species 
in England have more than 100 named color forms. Because 
many tortricids are economically important as agricultural and 
forest pests, there is a vast literature on the biology, ecology, 
host-plant selection, oviposition behavior, pheromone 
chemistry, etc.—for example, more than 6000 references on 
the spruce budworms (Choristoneura fumiferana species 
complex) in North America. In all but the most ancestral 
tribes the eggs are flat, scale-like, and deposited singly in 
Chlidanotinae and Olethreutinae and the more ancestral 
tribes of Tortricinae, but derived Tortricinae deposit small to 
large, symmetrically shingled masses (100-150 eggs) (Fig. 9). 
Females of the Neotropical tribe Atteriini have thick mats of 
specialized (corethrogyne) scales of two types on sterna A6 
and A7, which they deposit on and as upright fences around 
the egg masses. Two Australian Archipini and Epitymbiini 
fence the egg mass with scales from costal tufts on the HW. 
The larvae are cylindrical without secondary setae, with setal 
pattern and crotchet arrangements similar to those of 
Cossidae, usually with little or no integumental pigmentation 
other than the setal pinacula. Larvae of most Chlidanotinae 
and Olethreutinae feed as borers in stems (Fig. 26), roots, 
buds, or seeds, and most are specialists in host-plant selection. 
Larvae of a few species are miners in leaves (Fig. 22) or conifer 
needles or cause plant galls (Fig. 28). By contrast, nearly all 
Tortricinae are external feeders, often polyphagous, that form 
leaf rolls or other shelters in foliage, but species of Cochylini 
bore into buds and stems. Pupation usually occurs in the 
larval shelter or gallery, although some drop to the ground to 
pupate, especially those that diapause over winter as pupae or 
prepupal larvae in the Holarctic. External feeders of all three 
subfamilies possess an “anal fork,” used to flip frass away from 
the larval shelter. An enormous array of plants serve as hosts. 
A few small tribes (few genera) are specialists, e.g., Bactrini on 
monocots. About 8500 described species are placed in 720+ 
genera, and incalculable numbers are unnamed in tropical 
regions—e.g., 70 to 80% of recently studied species of 
Neotropical tortricines have been previously unnamed. Rich 
faunas occur in all biogeographic regions. In addition to the 
spruce budworms, important economic Tortricinae include 
the light brown apple moth (Epiphyas postvittana) in Australia 
and fruittree leafroller (Archips argyrospilus) in North 
America, while Olethreutinae include the codling moth 
(Cydia pomonella), pea moth (C. nigricana), larch and spruce 
budworms (Zieraphera), several seed and cone borers (Cydia), 
and pine tip borers (RAyacionia) in the Holarctic. 
Zygaenoidea 
different appearing moths and larvae. All share two features, 


This is a conglomeration of families of very 


larval head retractile into thorax and second abdominal 
spiracle of the pupa covered by wings. The mouthparts are 
vestigial in all the families treated here except Zygaenidae. The 
larvae are stout with the ventral surface slug-like, having short 
prolegs or suckers, often resembling caterpillars of lycaenid but- 
terflies. Feeding habits vary, including predators of Homoptera 
or ants. Defensive secretions containing cyanoglucides are 
produced by some zygaenoids. Some families have been 
intensively studied because of their interesting larval habits, 
reproductive behavior, or chemical ecology. Taxonomists 
define 12 families, most of them small, with fewer than 50 
species and limited to one geographical region. 

Epipyropidae: Adults are small (FW 4-10 mm), FW 
triangular, HW round, blackish or gray, rarely with white or 
orange HW. The antennae are bipectinate in both sexes, more 
broadly in the male. The moths are crepuscular or nocturnal 
but rarely come to lights. Females produce large numbers of 
eggs, up to 3000 in one African species, that are deposited on 
foliage of a plant frequented by the planthopper hosts. The 
larvae are hypermetamorphic, with first instar triungulin- 
like, slender, tapering posteriorly with long thoracic legs and 
ventral ambulatory setae. The first instar seeks the host, 
attaches by means of silk, and transforms to a grub-like larva, 
which may feed on secretions produced by the homopteran, 
and the host remains active. The larva is covered by wax 
secreted by glands in its integument. Pupation occurs away 
from the host in a dense cocoon impregnated with wax. 
Epipyropids feed on body fluids and secretions of fulgoroid 
leafhoppers of several families. There are about 40 described 
species assigned to nine genera, occurring in pantropical and 
warm temperate regions. 

The Australian family Cyclotornidae (12 species) are similar 
to the Epipyropidae with an even more bizarre life cycle. Females 
deposit large numbers of eggs (1400 counted for one female) 
on vegetation infested with cicadellid leaf hoppers or Psyllidae 
(Homoptera). The active first instars follow [ridomyrmex ant 
trails leading to the homopterans. After feeding, the moth 
larva leaves and molts into a brightly colored, flat, broadened, 
scale-like larva, which curls its abdomen upward to expose the 
anus where a secretion is produced that is much sought after 
by the ants. The cyclotornid is seized by an ant and carried 
back to the nest, where it feeds on ant larvae and pupae. 

Limacodidae: Adults (Fig. 65) are small to medium-sized 
(FW 6-35 mm), mostly nocturnal moths with a stout body, 
relatively short, broad wings, and densely scaled head and 
body. The antennae are bipectinate in male, often to about 
half the length of the body. Mostly brightly colored, in yellow, 
tan, browns, these moths assume a characteristic resting 
posture, with the body held at an acute angle to the substrate. 
Larvae are hypermetamorphic, with first instar, which often 
is nonfeeding, oval, flat, and bearing rows of large spines that 
are not homologous with basic setal patterns of other 
Lepidoptera. Later instars (Fig. 66) are lycaenid-like in form, 
lack abdominal prolegs, and often have ventral suckers on 
segments Al to A7 that adhere to the foliage, aided by a fluid 
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secreted over the cuticle, and they move slug-like by peristaltic 
waves passing along the sole-like venter. Different species 
exhibit a great variety of body form, smooth, sometimes with 
gelatinous warts, with protuberances, spines, and hairs, some 
of which are stinging (nettle caterpillars), or densely hairy. 
Later instars often are green, but in stinging species they are 
brightly colored. The fecal pellets are characteristically cup- 
shaped. The cocoon, which usually is hard, incorporating 
calcium oxalate that is secreted by the prepupal larva, has a 
circular, dehiscent lid. A variety of dicot trees and shrubs serve 
as larval hosts, with many species polyphagous, and some feed 
on monocots, including coconut, banana, rice, sugarcane, and 
other economically important plants. There are more than 
1000 described species, occurring in all zoogeographical 
regions, with greatest numbers in the tropics. 

The sister family to the Limacodidae, the Dalceridae (40 
species), is limited to the Neotropical region. Adults (Fig. 67) 
are small moths (FW 6.5—24 mm), white, yellow, or orange, 
with broad, rounded wings and hairy bodies, similar to 
epipyropids and limacodids in having vestigial proboscis and 
small labial palpi; the antennae are bipectinate, more broadly 
in males. The larva (Fig. 68) has a brush-like spinneret, dorsum 
and sides with gelatinous humps secreted from glandular setae, 
venter with translucent cuticle, thoracic legs short, prolegs not 
developed, and crotchets absent in early instars, appearing in 
the final two. 

Megalopygidae: Adults (Fig. 69) are also similar to 
Limacodidae but generally larger (FW 11-28 mm) and 
relatively heavy bodied, with FW markings often brightly 
colored and elaborately patterned and scales hair-like, cleft, 
or tripartite. The larvae (Fig. 70) are superficially similar to 
some limacodids, but with three rows of spined 
protuberances (scoli) bearing variable development of 
typically urticating setae, sometimes beneath tufts of long, 
silky hairs like a fur coat (puss caterpillars), with the unusual 
complement of seven pairs of prolegs, those of A2 and A7 
lacking crotchets. Pupation occurs in a tough, tapered 
cocoon blended into a branch. There are about 260 species, 
primarily Neotropical, with several genera ranging into the 
United States. The small subfamilies Somabrachyinae, in the 
Mediterranean region and Africa, and the Neotropical 
Aidinae are sometimes separated as families. 

Zygaenidae comprise a worldwide group of dissimilar moths 
exhibiting a large number of remarkable specializations. Nearly 
all are diurnal and many are slow-flying and brightly colored 
(aposematic) (Fig. 71) and are avoided by birds and other 
predators because both adults and larvae biosynthesize 
cyanoglucides. They are able to release hydrocyanic acid by 
enzymatic breakdown of the cyanoglucides. This has enabled 
many to take part in complex mimicry relationships. More- 
over, adults and larvae are unusually resistant to cyanide, and 
naive collectors are startled to see a moth survive for half an 
hour in a potent vial that kills other moths in seconds. Adults 
are small to large (FW 5—50+ mm), with head and labial palpi 


smooth scaled, and they commonly visit flowers for nectar. 





FIGURES 65-92 Adults and larvae of zygaenoid, pyraloid, and macro moths. Zygaenoidea: (65) Parasa indeterminata (Limacodidae) (New Jersey); (66) Larva of 
Isa textula (Limacodidae) (Maryland); (67) Dalcerides ingenita (Dalceridae) (Arizona); (68) larva of D. ingenita (Dalceridae) (Arizona); (69) Trosia revocans 
(Megalopgyidae) (Amazonas); (70) larva of Monoleuca semifascia (Megalopygidae) (New Jersey); (71) Zygaena ephialtes (Zygaenidae), pair in copulo (France). 
Pyraloidea: (72) Petrophila confusalis (Crambidae, Nymphulinae) (California); (73) Pyraustinae species (Crambidae) (Costa Rica); Crambus species (Crambidae) 
nectaring at composite flower, whereas the larval host is a grass (Arizona). Geometroidea: (75) Urania fulgens (Uraniidae) (Ecuador); (76) Dichorda illustraria 
(Geometridae) (California); (77) Neoterpes edwardsata (Geometridae) (California); (78) flightless female of Tescalsia giulianiata (Geometridae), a winter moth 
(California). Bombycoidea: (79) Phyllodesma species (Lasiocampidae) (California); (80) Bombyx mori (Bombycidae), pair in copulo of the commercial silk moth; 
(81) Eacles species (Saturniidae, Citheroniinae) (Costa Rica); (82) Hemileuca eglanterina (Saturniidae, Hemileucinae), a diurnal species, female ovipositing 
(California); (83) Argema maenas (Saturniidae, Saturniinae) (Malaysia); (84) Smerinthus cerisyi (Sphingidae) in predator avoidance posture (Utah); (85) Hemaris 
senta (Sphingidae), a diurnal bumble bee mimic (California). Noctuoidea: (86) Clostera apicalis (Notodontidae) (California); (87) Phryganidea californica 
(Notodontidae, Dioptinae); (88) larva of D. californica, the California oak moth; (89) Lymantria dispar (Lymantriidae), mating pair of the notorious gypsy moth 
(Russia); (90) Orgyia vetusta (Lymantriidae), wingless female tussock moth (California); (91) larvae of O. vetusta; (92) Horama panthelon (Arctiidae) (Texas). 
(Photographs by: E. Buckner, 71; R. Cardé, 89; C. Covell, 75, 83, R. Coville, 72, 73, 76, 77, 79, 80, 81, 86, 87, 88, 90; J. Hafernik, 74; C. Hanson, 67; L. 
Penland, 65, 68; J. Powell, 78, 84, 91; D. Rubinoff, 82, 85, 92; J. Ruffin, 66, 70; K. Sandved, 69). 


The antennae are often thick and either clubbed in both sexes 
or bipectinate in males and narrowly bipectinate or filiform in 
females. Glands located between the eyes and the base of the 
proboscis produce a whitish or yellow liquid or foam when the 
moth is disturbed. They are often metallic colored, particularly 
vivid in European Zygaena, in bright red and metallic blues. 
The eggs are deposited in rows, clusters, or overlapping patches 
and sometimes covered with scales from a special abdominal 
hair tuft, which in some Australian genera are urticating. The 
larvae are stout and broad, with the head usually retractile 
under the extended prothorax; the body is roughened and 
covered with dense secondary setae. Larval foods include 
numerous plant families, although the species are mostly host 
specific. European zygaenines specialize on Celastraceae, 
cyanogenic Fabaceae, and noncyanogenic Apiaceae; some 
Australian Procridinae rely on Dilleniaceae, Myrtaceae, or 
Vitaceae, and the last is used by some Nearctic species. About 
1000 species are described, and the family is relatively well 
studied owing to the colorful forms, diurnal habits, and 
mimicry associated with the chemical ecology. 

Alucitoidea Alucitidae: The many-plume moths are so 
called because the wings are deeply cleft, so each wing has six 
fringed, plume-like segments (Fig. 63). The family was 
classified with the true plume moths (Pterophoridae) from 
which the alucitids differ by having discrete bands of spines 
on some or all of abdominal terga 2 to 7 and a relatively 
unspecialized pupa formed in a cocoon. Adults are small (FW 
3-13 mm), slender moths that are unmistakable by their wing 
structure, but in two tropical genera with the largest members 
of the family, the wings are divided only a short distance. The 
antennae are filiform, proboscis is well developed, and labial 
palpi are usually fairly long, porrect or upcurved. Most are 
gray or brown, delicately banded with tan or white. They are 
nocturnal and collapse the wing plumes when at rest, holding 
them out from the body so as to resemble narrow-winged 
pyralids, but when active they strut about with the wings 
fully expanded, like miniature peacocks. The larvae are borers 
in flower buds, shoots, or in galls; the body is stout with short 
legs with short setae on inconspicuous bases. Pupation occurs 
in the larval shelter or in leaf litter in a cocoon. Larval hosts 
include at least eight dicot families, especially Caprifoliaceae 
in the Holarctic and Bignoniaceae and Rubiaceae in Australia 
and tropical regions; one species is a coffee pest in Africa. 
There are about 130 species described and likely there are 
many more in tropical regions. 

Pterophoroidea Pterophoridae: The plume moths are 
recognizable by their deeply cleft wings in all but the most 
ancestral genera. They lack proboscis scaling and abdominal 
tympana, the hind tibia is 2 or more times the length of the 
femur, and abdominal terga 2 and 3 are elongated. Adults 
(Fig. 64) are small (FW 4-18 mm), with long and slender 
bodies, legs, and wings; FW is cleft for about 0.25 to 0.33 its 
length and the HW deeply twice-cleft in most species. When 
at rest, the plumes are overlaid and rolled under the leading 


edge of the FW, resembling sticks held out from the body. 
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They usually are nocturnal and dull colored, tan, brown, or 
gray with paler and darker markings; although a few are 
colorful members of tropical mimicry complexes. The larvae 
(Fig. 29) typically are elongate and cylindrical with long 
prolegs. Most are external feeders on foliage and usually have 
dense setae that may be forked, clubbed, or glandular, 
secreting a sticky fluid. Some species are borers in stems and 
have short setae, even a strongly sclerotized anal shield with 
two stout horn-like processes resembling the urogomphi of 
coleopteran wood borers. The pupae are strongly spined or 
setose and either are formed in the galleries or are affixed to 
host-plant stems or debris by the anal cremaster to a silk pad, 
fully exposed, and they can bend and curl over by their 
movable abdomen. More than 20 dicot families are recorded 
as larval hosts, principally Asteraceae, usually herbs, but not 
monocots. The larvae of Buckleria in Europe are remarkable 
for feeding on sundews (Droseraceae). About 1000 species are 
described worldwide, with many unnamed tropical species. 


APODITRYSIA: OBTECTOMERA 

Pyraloidea This is one of the largest superfamilies of 
Lepidoptera, with more than 17,500 species described and 
probably at least as many more from tropical regions 
awaiting study. The fundamental features that define the 
pyraloids are a basally scaled proboscis, well-developed 
maxillary palpi, and tympana consisting of paired chambers 
on the venter of abdominal segment 2. In recent decades 
specialists have agreed that differences in the morphology of 
the tympana and other adult and larval characters warrant 
treating the former Pyralidae as two families, the Crambidae 
and Pyralidae. While it is difficult to recognize crambids and 
pyralids as distinct groups on the basis of superficial 
appearance owing to the enormous variability within each, 
subfamilies of each family are distinctive. Pyraloids occur 
worldwide, other than Antarctica, and range from high 
alpine to low desert and tropical habitats but are most 
prevalent at low and middle elevations in the tropics. They 
are highly successful at dispersal and colonization and are 
especially well represented on oceanic islands. 

Pyralidae: These are small to relatively large moths (FW 
5-75 mm, mostly under 30 mm) that have the tympanal 
organs almost completely closed, with their conjunctiva and 
tympanum in the same plane; they have vein R5 of the FW 
stalked or fused with R3+R4 and lateral “arms” at the base of 
the uncus in the male genitalia; the larvae almost always have 
a sclerotized ring around the base of seta SD1 on abdominal 
segment 8 and often around SD1 of the metathorax. The 
larvae usually are stout and cylindrical, with relatively short 
legs and setae; the body typically is unpigmented, although 
some species are well patterned, even brightly colored. Almost 
all are concealed feeders, most often borers in seed, fruit, or 
stems or live in tunnels they construct in the soil beneath 
plants. Many others construct shelters among tied leaves, 
often of quite tough silk. A variety of flowering plants are 
hosts, as well as wood-rot fungi (Xylariaceae), dry vegetable 
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matter including seeds, and the papery structure of social 
Hymenoptera nests (Galleria, Achroia, Aphomia, Galleriinae). 
Many are household and granary pests that have been 
transported worldwide by human activities (Corcyra, 
Galleriinae; Pyralis, Pyralinae; Plodia, Ephestia, Anagasta, 
Ectomyelois, Phycitinae). A few species are predaceous on 
scale insects (Laetilia, Phycitinae) or live in ant nests (some 
Chrysauginae); three genera of Chrysauginae feed in the 
dung of sloths, and the adults live in their fur. Several species 
of Phycitinae have been used for biological control of cactus. 
The majority of species feed on flowering plants, including 
conifers (Dioryctria, Phycitinae); and monocots, including 
pests of coconut and other palms (Tirathaba, Galleriinae) 
and corn (Epipaschiinae), and a wide range of forest trees, 
ornamental shrubs, and crops are damaged, especially in 
tropical regions. There are more than 6000 described species, 
about two-thirds of which are Phycitinae, and the tropical 
faunas are not thoroughly studied. 

Crambidae: Crambids are more diverse and variable in 
morphology and biology than pyralids, but all share “open” 
tympanal organs (i.e., with a wide anterior aperture, and the 
conjectiva and tympanum meet at a distinct angle); vein R5 
of the FW usually is not stalked with R3+4, male genitalia 
are without basal uncus “arms,” and A8 of the larva lacks 
sclerotized rings around seta SD1. About 14 subfamilies are 
defined, and usually members of each can be recognized on 
superficial bases. Adults (Figs. 72-74) vary from small and 
slender to large and stout bodied (FW 3.5-47 mm), with 
FW narrow and HW plicate and folded under it at rest (e.g., 
Crambinae, Fig. 74), to broadly triangular with HW 
similarly colored and held flat (e.g., Pyraustinae, Fig. 73). 
The labial palpus is prominent, obliquely ascending or 
porrect (typically very long in Crambinae, snout moths), 
maxillary palpi are typically small, often with broadened 
scaling that connects a profile of frons with the labial palpus. 
Proboscis is usually well developed. Legs are long, and those 
of males often have structural modifications and/or 
androconial scale tufts. Larval food habits and morphology 
vary among subfamilies: Crambinae (lawn moths) live either 
as ground dwellers feeding primarily on grasses or as stem 
borers in various monocots; Schoenobiinae are borers in 
marsh grasses; Cybalomiinae and Evergestiinae specialize on 
Brassicaceae and Capparidaceae; Midliinae are borers in 
Araceae; Musotiminae larvae feed on ferns, a rare niche for 
Lepidoptera; many Odontiinae are leafminers or flower, bud, 
and stem borers, on diverse dicots; and Pyraustinae, which 
make up 65% of the known species of Crambidae, are mostly 
webworms but some borers, in an enormous variety of 
monocots and dicots, pest species of many crops, including 
corn, bananas, palms, pasture grasses, cucurbits, tomatoes 
and other solanaceous fruits, coffee and other tropical trees, 
garden mints, and conifers. Scopariinae are specialists on 
mosses and lycopods, tunneling in the roots and stems, and 
on ferns, or on seed-bearing vascular plants. Nymphulinae 
larvae are aquatic, living either in ponds on vascular plants, 


often in cases, or in rapid streams, usually under webs on 
rocks and feeding on algae. Larvae either breathe through 
open spiracles, living in air-filled cases or stems, or absorb 
dissolved oxygen through tracheal gills. Pupae are formed in 
cases in chambers within the plants or in gas-permeable 
cocoons and breathe through the spiracles. In the Palaearctic 
Acentria (Schoenobiinae), females are wingless, enter the 
water, and are parthenogenetic until a bisexual generation of 
winged adults late in the season. More than 11,500 species 
are described, nearly 90% of which are members of 
Nymphulinae, Crambinae, or Pyraustinae. 

Geometroidea This group includes five families, 
Drepanidae, Epicopeiidae, Sematuridae, Uraniidae, and 
Geometridae, although they have been separated as two or 
three superfamilies by some authors, based primarily on the 
structure of the larval mandibles and tympanal organs. Geo- 
metroids typically are broad-winged, with slender bodies, 
small to large moths (FW 5-78 mm); they have abdominal 
tympana of structures different from those of pyraloids and 
lack scaling of the proboscis. Larvae of Uraniidae have well- 
developed abdominal prolegs, while most Drepanidae and 
Geometridae have some of the prolegs vestigial or absent. 

Drepanidae: Adults have internal abdominal tympana unlike 
any other Lepidoptera, associated with the dorsal—ventral 
sclerites that connect tergum 1 with sternum 2, opening 
dorsally. Adults are medium sized to large (FW 8-31 mm), 
broad winged and geometrid-like in typical Drepaninae, 
often with the FW apex produced or curved; Thyatirinae are 
stout bodied and noctuoid-like. The antennae usually are 
short, lamellate or bipectinate to the tip for most of the 
length, sometimes filiform. The larvae have few secondary 
setae or rarely numerous but very short setae, sometimes with 
an eversible vesicle just above the prothoracic coxa in 
Drepaninae, often with notodontid-like protuberances in 
Thyatirinae; anal prolegs are usually vestigial but those of A3 
to AG are well developed, and the anal shield is conspicuously 
elongated. At least 20 families of diverse dicots and one 
monocot (Zingiberaceae) are hosts; some Holarctic species 
are generalists. More than 650 species are described in 120+ 
genera, mostly in the Holarctic and Oriental regions; 
Drepaninae are absent in the Neotropics. A few species are 
pests of coffee. 

Uraniidae: This family is defined by the sexual dimorphism 
of the tympanal organs, which are on the lateral, posterior part 
of tergum A2 in males and on the lateral part of sternum A2 
in females. Adults (Fig. 75) are small to large (FW 7-78 mm), 
broad winged, usually with a relatively slender body; wings 
are often resplendent in brilliant, iridescent colors; HW veins 
are sometimes produced into one or several swallowtail butterfly- 
like tails. Most are nocturnal, but 3 tropical genera are day 
flying, including Urania, some species of which are famous for 
their massive migratory flights, involving thousands of the spec- 
tacularly colored moths. Epipleminae are smaller, nocturnal, 
and dull colored; they rest with the FW extended and rolled, 
HW appressed to the body. The antennae are filiform, 


lamellate, or pectinate, sometimes thickened preapically. The 
larvae are more or less bare, with few secondary setae, 
occasionally with spatulate setae, and prolegs are well devel- 
oped. Larval foods are recorded in about a dozen dicot fami- 
lies, including specializations on Oleaceae, Asclepiadaceae, 
and Euphorbiaceae (all known larvae of Uraniinae feed on 
euphorbs), unusual for Lepidoptera and likely sources of 
distasteful qualities, and many species appear to be aposematic. 
Worldwide, these moths are primarily pantropical; around 
700 described species are assigned to 90 genera. 

Sematuridae are tropical, similar superficially to Uraniinae, 
often brightly colored with HW tails, but adults lack 
abdominal tympana, and the antennae usually are distally 
thickened, like those of skipper butterflies. 

Geometridae: This is one of the three most speciose families 
of Lepidoptera. Adults (Figs. 76-78) are small to large (FW 
5-55 mm), typically with broad wings and slender body and 
abdomen with basal tympanal organs in deep, ventrolateral 
cavities. The great majority of geometrids are nocturnal and 
rest by day with the wings outspread, with cryptic resemblance 
to tree bark, lichens, green or fallen, brown leaves, often ornate 
with lines simulating leaf veins or spots resembling necrotic 
or eaten areas of foliage. Some genera hold the wings upright, 
butterfly-style, and their undersides are cryptically colored. 
Some geometrids are day flying, including early spring species 
in the Holarctic or mimetic species in tropical regions. A few 
species that are winter moths or occur at high elevations have 
flightless females (Fig. 78), and these have the mouthparts 
and tympana reduced or vestigial. The larvae usually have 
prolegs of segments A3 to A5 reduced or absent (Fig. 13), so 
the caterpillar walks by advancing in measured, looping steps, 
from which both the family name and the common name 
(inchworms) are derived. They are bare but with a variety of 
colors, protuberances, ornate body forms, and behavior; most 
are exposed feeders that depend upon cryptic resemblance to 
flowers, leaves, twigs, etc., to avoid predators (Fig. 30). Most 
species are general feeders on trees or shrubs. Owing to their 
worldwide species richness, an enormous variety of gym- 
nosperms and angiosperms are eaten. At least 21,000 species 
and 1500 genera have been described, and no doubt many 
remain unnamed, especially in tropical regions. Several 
species are defoliators of hardwoods or conifers (e.g., spring 
and fall cankerworms, Paleacrita vernata and Alsophila 
pometaria, and the hemlock looper, Lambdina fiscellaria, in 
North America), but geometrids are not a major pest group. 

Bombycoidea These are macromoths that have no 
thoracic or abdominal tympana. The group is distinguished 
by deep clefts between the prescutum and the mesoscutum of 
the mesothorax. There are 12 families, including 4 worldwide 
groups summarized here that are sometimes treated as super- 
families: Lasiocampidae, Bombycidae, Saturniidae, and 
Sphingidae. Other bombycoids are Mimallonidae, a mostly 
Neotropical family with 200 species; Anthelidae, a small Indo- 
Australian group; Eupterotidae, worldwide with 300 species; 
Endromidae, Mirinidae (Palaearctic), and Carthaeidae 
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(Australian), each with 1 or 2 species; and 2 small Eurasian 
and African families related to Sphingidae, Lemoniidae and 
Brahmaeidae. 

Lasiocampidae: Adults (Fig. 79) are small to large (FW 
9-80 mm) with moderately broad wings and stout bodies. The 
eyes usually have fine hairs between the facets; mouthparts 
are absent or vestigial; antennae are bipectinate to the tip in 
both sexes; labial palpi are porrect, the first segment with a 
scaleless patch bearing sensory setae, unique in Lepidoptera. 
The wings have interlocking tiny setae but no retinaculum 
and frenulum. Lasiocampids are nocturnal, but males of a few 
species are primarily diurnal, mostly somber-colored moths, 
browns and tan. The female often is much larger than the 
male, with a stout abdomen having a fully developed com- 
plement of eggs upon emergence, sometimes deposited in a 
single large mass. The larvae do not have the fore coxae fused 
as in other bombycoids. The body is covered with dense, 
often long, unbranched secondary setae and frequently is 
brightly colored. Larvae of some genera are gregarious (e.g., 
Holarctic Malacosoma, tent caterpillars, Fig. 33), and some 
have urticating hairs that produce a skin rash in humans. 
Pupation occurs in a dense, parchment-like cocoon. Larval 
foods are diverse, mainly trees and woody shrubs, Betulaceae, 
Fagaceae, and Salicaceae in the Holarctic; low-growing 
Asteraceae, Brassicaceae, and grasses in Africa; and predomi- 
nately Myrtaceae in Australia but also mistletoes (Santalaceae). 
Some species are polyphagous. There are about 1500 named 
species, in 150 genera, occurring worldwide, mostly in the 
tropics; they are absent from New Zealand. 

Bombycidae: Including Apatelodidae of recent authors, 
this family is defined by a few subtle skeletal features and by 
short pupal galeae that fail to reach the foreleg apices. Adults 
are small to medium sized (FW 9-28 mm), nocturnal with 
broad wings, which usually are held outward from the body 
when at rest. The mouthparts are vestigial. The antennae are 
bipectinate nearly to the tip in both sexes, and the thorax and 
legs are clothed in long, hairlike scales. Larvae are similar to 
lasiocampids, but the secondary setae are either short and 
minute or long in Apatelodinae. The fore coxae are separate 
(Apatelodinae) or fused. Segment A8 has a middorsal scolus 
except in Apatelodinae. Larval foods are largely Bignoniacease, 
Symplocacaceae, Moraceae, and Theaceae—some species are 
reported to defoliate commercial tea. There are about 350 
species referred to 40 genera, worldwide except in Europe, 
best represented in the Oriental and Neotropical regions. 
The silk moth (Bombyx mori, Fig. 80) is the most well known 
species; it has been domesticated for centuries and is not 
known in the wild, its adults no longer capable of flight. 

Saturniidae: The emperor or giant silk moths include many 
of the world’s most spectacular moths. They are medium sized 
to very large (FW 14-130+ mm), broad winged with highly 
variable color patterns (Figs. 81-83), often with eyespots with 
concentric rings (hence the family name), which presumably 
act as a defense mechanism against predators of the sluggish 
moths, many of which must warm themselves by pumping the 


658 Lepidoptera 


abdomen before they can fly. Most genera are nocturnal, some 
mating only during early morning hours, while species of a few 
genera are diurnal (e.g., Hemileuca in North America, buck 
moths, Fig. 82). The proboscis and maxillary palpi are rudi- 
mentary or absent. The male antennae are bi- or quadripecti- 
nate, those of the female filiform to quadripectinate. The male 
FW usually is produced apically, while the hind margin of the 
HW sometimes has short to very long tails. The larvae are 
stout with a prominent, smooth head and body protuberances 
that often are branched; secondary setae are numerous but 
small, mostly on the ventral half of body and prolegs. The scoli 
of some genera bear poisonous spines that cause nettle-like 
stings in humans, and females of some species coat the eggs 
with urticating hairs that cause dermatitis. Abdominal segment 
8 usually has a middorsal horn or scolus. Pupation occurs in a 
strong, sometimes double-walled silken cocoon that may be 
covered with plant fragments or in the soil without a cocoon. 
Many saturniids are polyphagous, and an enormous array of 
plant hosts are recorded—90 genera in 48 plant families 
recorded for one species of Attacus—but some are specialized 
feeders. There are about 1500 described species in 165 genera, 
occurring worldwide except at the highest latitudes, most 
abundant in moderate to high-elevation habitats, richest in the 
Neotropical region, particularly the South American Andes. 
Sphingidae: Sphinx or hawk moths are among the largest, 
most easily recognized, and best known Lepidoptera. Adults 
(Figs. 84 and 85) are medium sized to very large (FW 16-90 
mm), having a stout body with the abdomen typically tapering 
posteriorly. The FW is narrow and HW relatively short, its hind 
margin produced, angulate at the tip of veins 1A + 2A, emar- 
ginate beyond. The antennae are distinctive, usually lamellate 
ventrally or bi- to quadripectinate, tapering toward the apex, 
which is upturned or hooked; males with two rows of long 
sensillae that meet dorsally; shorter and filiform in females. The 
proboscis usually is well developed, sometimes much longer 
than the body, and used to imbibe nectar while hovering in 
flight, hummingbird-style, and in some habitats sphingids have 
significant roles in pollination. Most are nocturnal, extremely 
strong fliers, among the fastest insects, and several are well- 
known long-distance migrants. Some genera are diurnal, a few 
resembling bumble bees, with mostly transparent wings (e.g., 
Hemaris, Fig. 85); such species have fully scaled wings upon 
eclosion, but after drying, the scales are shed, all but along the 
margin and veins. Wing coupling is usually by frenulum— 
retinaculum, a long bristle in males, multiple setae in females. 
The larvae have a prominent, triangular or globose head; the 
body is covered densely with minute secondary setae and 
usually no other setae or protuberances except a middorsal 
horn or button on A8. The lateral markings are distinctive, 
each abdominal segment with an oblique stripe ascending 
posteriorly, those of A7 reaching the base of horn on A8. Color 
is often polymorphic; they usually feed completely exposed 
and rely upon cryptic coloration for protection. A distinctive 
characteristic is their resting pose, with the thorax raised and 
head turned down, resembling the pose of an Egyptian sphinx. 


Pupation usually occurs without a cocoon, in soil or ground 
litter, but rarely in a silken cocoon. Sphingids feed on a very 
broad range of gymnosperms and angiosperms, often specialists 
on plants with chemical defenses that repel most insects, 
including Apocynaceae, Cleaceae, Solanaceae, Rubiaceae, and 
Violaceae. There are more than 1200 described species in 
about 200 genera, distributed worldwide, best represented in 
the tropics. It is probably better inventoried and cataloged than 
any other moth family. 

Noctuoidea This is the largest superfamily by far, with 
more than 7200 genera proposed for nearly 60,000 species, 
about 40% of all described Lepidoptera. As such, there is a 
tremendous variety of form, size, color, morphology, and 
behavior in both larvae and adults. Four major, cosmopolitan 
families are recognized, Notodontidae, Lymantriidae, 
Arctiidae, and Noctuidae, from which several regional lineages 
have been split as families by some authors. Monophyly of 
Noctuoidea is unequivocally based on complex metathoracic 
tympanal organs and associated abdominal structures. The 
tympana are assumed to have evolved in response to bat echolo- 
cation, and many species have been observed to engage in bat 
avoidance behavior upon receipt of their sounds. Tympana 
may also receive mating signals, especially in Arctiidae. 

Notodontidae: With Thaumetopoeidae and Dioptidae 
included as subfamilies, this is a large and diverse family. 
Adults (Figs. 86 and 87) are medium sized to large (FW 
16-50+ mm), typically with relatively long FW and stout 
body that extends 2 or more times the width of the HW. The 
head often has scale tufts or crests; antennae are usually 
bipectinate to the tip in the male, filiform or sometimes 
bipectinate in the female. Proboscis is usually well developed 
and coiled; labial palpi are often quite short. The abdomen is 
densely covered with long, slender scales and sometimes 
dorsal scale tufts at the base. The tips of the tibial spurs are 
serrated. These are mostly dull-colored, tan, brown, or gray 
moths, but many tropical dioptines are diurnal and brightly 
colored, involved in mimicry complexes. The larval body is 
stout, nearly bare, sometimes with long secondary setae, 
often possessing one or more protuberances, a modified body 
form (Fig. 31), a median knob or horn on AQ, or anal prolegs 
modified into slender, single or double caudal processes 
(stenopods). All larvae except Dioptinae have two MD setae 
above the spiracle on abdominal segments, whereas other 
noctuoids have only one. Late instars have a smooth 
mandibular cutting edge, derived from the serrate ancestral 
state in other noctuoids. When disturbed, some species emit 
formic acid or ketones from a cervical gland (adenosoma). 
Many have various cryptic colors correlated with modified 
body forms, but others are brightly colored and aposematic, 
especially Dioptinae (Fig. 88). Larval foods include a wide 
diversity of dicot angiosperms, mainly woody shrubs and 
trees, and a few feed on grasses. Many specialize on plants 
containing toxic substances, including Anacardiaceae, 
Apocynaceae, Aristolochiaceae, Fabaceae, Passifloraceae, and 
Violaceae. There are more than 2800 described species, 


IMT-Advanced, the commonly used technical abbreviation attributed to the definition of 4G, or IMT- 
2020, the abbreviation attributed to definition of 5G, the vision stage lasts around three years. 


Recommendation ITU-R M.2083-0 was published in September 2015, bringing to a close three years 
of work performed by ITU-R (Working Party 5D) on defining the framework and objectives for IMT for 
2020 and beyond. It is this document that today serves as the basis of the different 5G research and 
standardisation work being done around the globe. 


Next comes the standards development stage, based on the conclusions of the vision stage. 
Regarding IMT-2020, this development and standardisation work is already underway, and ITU plans 
on having completed it by 2020 to be able to satisfy the most pressing needs of the ITU members and 
organisations that want to deploy 5G as quickly as possible. This is all the more challenging as the 
development stage will last only five years, compared to 15 years for IMT-2000 and nine years for 
IMT-Advanced. 


The different deadlines set for IMT-2020 within ITU can be found in Figure 17. The spectrum 
identification phases (indicated by the black triangles) coincide with the World Radiocommunications 
Conferences, of which the latest was WRC-2015 and the next is WRC-2019 (see 3.2). 
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Figure 17. Stages and expected deadlines for IMT-2020°° 


All of the work that ITU is conducting on IMT-2020 is following a roadmap that is detailed in Figure 
18, with the completed stages indicated in green and those to come in blue. The work that is 
underway today concerns 5G spectrum aspects, prerequisites and assessment criteria, along with the 
different technical studies and proposals, which are a prerequisite to the standardisation phase of 
the work. 


Recommendation ITU-R M.2083-0 (09/2015), https://www.itu.int/dms_ pubrec/itu-r/rec/m/R-REC-M.2083-0-201509- 
UIPDEF-E.pdf 
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distributed worldwide except in New Zealand and the Pacific 
Islands and particularly rich in the Neotropics. A few are 
occassional defoliators of orchard or forest trees. 
Lymantriidae: The tussock moths are so called because 
larvae of many have thick tufts of erect secondary setae on the 
dorsum, like those of a toothbrush (Fig. 91). Adults are small 
to moderately large (FW 7-45 mm), nocturnal, usually dull- 
colored moths, mostly brown or yellow; they are usually 
broad winged and densely hairy; the FW is triagnulate, HW 
rounded, hidden under the FW at rest, with the wings 
appressed to the substrate and the densely hairy forelegs 
extended in front of the head. Females of some genera are 
flightless, their wings vestigial (Fig. 90). Antennae of males and 
usually females are bipectinate to tip. The proboscis is vestigial 
or absent. Females have a large, abdominal tuft of deciduous 
scales used to cover the egg masses. Males of many genera 
possess a tymbal organ, a pair of finely corrugated pockets on 
A3. The larval integument often is brightly colored, with hair 
tufts from verrucae, but the body form is not strongly modi- 
fied as in notodontids. Lymantriid larvae all possess a mid- 
dorsal, eversible gland, often yellow or red, on segment A6 and 
usually another on A7. The larval hairs of Eproctis in Australia 
and some other genera are hollow, barbed, and urticating and 
cause a severe skin rash in humans. The body hairs are woven 
into the cocoons and often retrieved by the emerging female 
and redeposited on the egg masses and then used by first 
instars, which feed in protected aggregations. Many lymantri- 
ids are polyphagous, frequently on arborescent shrubs or 
trees, and a broad array of plants is eaten. Appreciable generic 
radiations feed on flowers and fruit of low herbs and grasses, 
and many Asian and African species feed on algae, fungi, and 
detritus. There are more than 2500 species placed in 360 
genera, distributed in all geographic regions, reaching their 
greatest development in the Old World tropics. Many species 
in several genera are forest defoliators in Europe, North 
America, and Indo-Australian tropics, the most notorious 
being the Palaearctic gypsy moth (Lymantria dispar, Fig. 89), 
which was introduced into North America in the late 1800s. 
Arctiidae: The tiger moth family includes Ctenuchidae and 
Pericopidae, formerly treated as families, which now are inter- 
preted as artificial groupings. There are three subfamilies, 
Lithosiinae, Syntominae, and Arctiinae, all characterized by a 
pair of dorsal, eversible, single or branched pheromone glands 
from the terminal abdominal segment in the females. In addi- 
tion, many arctiines and lithosiines and some syntomines have 
metathoracic tymbal organs in both sexes. Sound is produced 
by contraction of muscles that deform ridges on the tymbals 
rapidly to produce bursts of ultrasonic clicks, stimulated by 
tactile cues or in response to hunting signals of bats. Many 
species of all three subfamilies have prothoracic glands from 
which a liquid is extruded containing acetylcholines and hista- 
mines and probably pyrozines, the odor of which is believed 
to signal distasteful or toxic properties to predators. Adults 
(Figs. 92 and 93) are small to moderately large (FW 5-50 mm), 
usually brightly colored moths with a myriad of patterns, pre- 
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dominately orange, red, and black, often aposematic, adver- 
tising their toxic qualities and involved in mimicry complexes, 
or they resemble wasps, with mostly scaleless wings. Females of 
some species have a large tuft of abdominal scales used to mix 
with or cover egg masses. Most arctiids are nocturnal and come 
to lights, even many tropical species with elaborate Hymenoptera 
resemblances. Some genera are strictly diurnal, such as North 
American Ctenucha, Gnophaela, and Lycomorpha that accom- 
pany aggregations of lycid beetles they mimic. Larvae of many 
arctiids have dense secondary setae over the body (woolly 
bears, Fig. 94), but setae are sparse in some arctiids, especially 
Lithosiinae. The body form is typically cylindrical with a full 
complement of prolegs; most are rapid crawlers and can move 
great distances in search of food or pupation sites. Lithosiinae 
possess an enlarged basal molar area of the mandibles, used 
to macerate algae and lichens, which are the principal foods 
(rarely liverworts and mosses). Some Syntominae also feed on 
algae and lichens, many are scavengers or fungivores, and some 
feed on flowers, especially Asteraceae, or grasses. Arctiinae are 
polyphagous plant feeders or specialize on one of a variety of 
angiosperms, some genera on latex-producing plants 
(Apocynaceae, Euphorbiaceae, Moraceae) or those with toxins 
(Asteraceae, Boraginaceae). More than 6000 species are 
described in 750+ genera, occurring worldwide, particularly 
rich in tropical regions. Tropical lithosiines are poorly studied, 
and there are numerous undescribed species. 

Noctuidae: This is the largest family of Lepidoptera, with 
more than 35,000 species grouped into about 30 subfamilies, 
many of which have been regarded as families, including 
Pantheinae and Nolinae, by recent authors. The composition 
and classification of most of these subfamilies is debatable, 
with critical larval characteristics unknown for most genera. 
Members of this vast lineage do not share a distinguishing 
derived feature; they posses the wing venation and tympanal 
form of advanced noctuoids, retain a well-developed 
proboscis, and lack the eversible abdominal gland present in 
larval Lymantriidae and the eversible pheromone glands of 
arctiid females. Adults (Figs. 95-97) are small to very large 
(FW 4-140 mm), including Thysania agrippina in Central 
America, with the world’s largest insect wing expanse, 
exceeding 10 in. The FW is triangular to narrow and the 
HW broad, usually folding fan-like under the FW when at 
rest. The body is relatively heavy, the thorax having powerful 
musculature in most noctuids, and many of these moths 
migrate long distances. The head has long scales, sometimes 
forming erect tufts or a conical projection in front; the 
proboscis is long and coiled, its tip armed with thorns for 
piercing fruit in some genera. Wing coupling is accomplished 
by frenulum-retinaculum, usually a single bristle in males, 
two or three finer bristles in females. The abdomen often has 
eversible coremata or tufts or pouches of specialized scales. 
Most noctuids are nocturnal and somber colored, with the 
FW cryptic against bark or leaf litter when the moths are at 
rest during the daytime. Some have brightly colored HW 
that are flashed when the insect is disturbed, presumably 





‘IGURES 93-116 Adults and larvae of Noctuoidea, Hedyloidea, and butterflies. Noctuoidea: (93) Apantesis (Grammia) virgo (Arctiidae) (E. U.S.); (94) larva 
of Lophocampa maculata (Arctiidae) on Salix (California); (95) Megalographa biloba (Noctuidae) (California); (96) Catocala species (Noctuidae) (California); 
(97) Xanthopastis timais (Noctuidae) (Florida). Hedyloidea: (98) Macrosoma species (Hedylidae) (Ecuador). Hesperioidea: (99) Phocides species (Hesperiidae, 
Pyrrhopyginae) (Ecuador); (100) Autochton cellus (Hesperiidae, Pyrginae) (Texas); (101) Poanes melane (Hesperiidae, Hesperiinae) (California); (102) larva of 
Hesperiidae (California). Papilionoidea: (103) Papilio rutulus (Papilionidae) (California); (104) larva of Papilio polyxenes (Papilionidae) (Costa Rica); (105) 
Anthocaris stella (Pieridae) (California); (106) Lycaena (Tharsalea) arota (Lycaenidae, Lycaeninae) (California); (107) Callophrys (Incisalia) eryphon (Lycaenidae, 
Theclinae) (California); (108) Plebeius acmon (Lycaenidae, Polyommatinae) (California); (109) larva of Plebeius acmon on Eriogonum, tended by ants 
(California); (110) Apodemia mormo (Lycaenidae, Riodininae) nectaring at Eriogonum, the larval host (California); (111) Vanessa tameamea (Nymphalidae, 
Nymphalinae) (Hawaii); (112) Cercyonis oetus (Nymphalidae, Satyrinae) feeding on ripe fruit (Nevada); (113) Agraulis vanillae (Nymphalidae, Heliconiinae) 
(California), (114) larva of A. vanillae on Passiflora (California); (115) Ithomiini species (Nymphalidae, Heliconiinae) (Costa Rica); (116) Morpho peleides 
(Nymphalidae, Morphinae) (Costa Rica). (Photographs by: C. Covell, 98, 99; R. Coville, 95, 96, 97; J. Hafernik, 100, 105, 106, 109; W. Hartgreaves, 111; 
W. Middlekauff, 102; P. Opler, 115; J. Powell, 94, 101, 103, 104, 107, 108, 110, 112, 113, 114, 116; unknown, 93.) 


having a startle effect on would-be predators (e.g., Catocala, | FW. Some noctuids are diurnal and brightly colored, like 
underwings, Fig. 96). Other Catocalinae hold the wings out —_—_ flowers they visit, while many high-latitude and montane 
flat at rest, with the HW cryptically colored, matching the _ species are diurnal and dark colored. The larvae typically are 


cylindrical robust caterpillars, bare with only primary setae 
(cutworms). Those of some Catocalinae have lateral fringes 
that appress to the substrate, eliminating shadows (Fig. 32). 
Acronictinae, Pantheinae, and Nolinae have various secondary 
setae, sometimes in rows or as tufts on verrucae similar to the 
arctiids. The prolegs are reduced in some subfamilies, with 
those of segments A3 to A5 nonfunctional (semiloopers), 
especially in sedentary species that feed on herbs. Noctuids 
feed on all kinds of plants, probably nearly every gymnosperm 
and angiosperm family. Many are polyphagous, foraging on 
low-growing plants at night, while others are specialists on 
one or a few plants, including those with toxic chemicals or 
latex, such as Anacardiaceae, Apocynaceae, Asclepiadaceae, 
Euphorbiaceae, Moraceae, Urticaceae, and Vitaceae, as well 
as grasses and sedges, Liliaceae and Amaryllidaceae. Several 
groups feed on fallen leaves or in plant detritus (e.g., 
Hypenodinae) or on algae, lichens, and fungal-ridden plant 
matter. Several species are predaceous on scale insects or feed 
on detritus in spiderwebs or mammal nests. Many are impor- 
tant economically worldwide, especially polyphagous cutworms 
and armyworms (e.g., Agvotis, Autographa, Trichoplusia, 
Heliothis, Pseudaletia), eating soybean, sugarcane, cereal, 
legume, rice, and other field crops. There are more than 
35,000 named species in 4200+ genera, worldwide, 
occurring from high elevations above timberline to low 
deserts and especially numerous in tropical regions. 
Hedyloidea Hedylids are peculiar moths that super- 
ficially resemble geometrids, with which they were classified 
until recently proposed as the ancestral butterfly lineage. The 
hypothesis is based on 10 characteristics: mesothoracic aorta 
configuration, six features of the adult skeletal structure, an 
upright egg, larval anal comb, and pupal girdle. None, 
however, is unique or universal for all members of either 
Hedyloidea or Papilionoidea to affirm their monophyly. 
Probably these resemblances evolved independently, as they 
are not present consistently in ancestral members of the 
respective butterfly lineages. Adults (Fig. 98) are nocturnal, 
medium sized (FW 16-32 mm), with broad, semitranslucent 
wings, weakly scaled in patterns of gray or brownish and 
white. Wings coupled by a retinaculum and frenulum with a 
single bristle in the male, weak bristles in the female, typical 
of most ditrysian moths. The resting posture is characteristic, 
with the thorax titled so the HW nearly touch the substrate, 
and the slender abdomen is raised above them. The head is 
small, eyes are large, proboscis is well developed, labial palpi 
are ascending. The antennae are usually filiform, bipectinate 
in a few species, lacking the apical club of butterflies. There 
are small, tympana-like structures at the base of the FW, 
similar to those of some Nymphalidae, and there are no 
abdominal tympana that would link hedylids with 
Geometridae. The forelegs of males are reduced and not used 
for walking, like nymphalid butterflies. The egg is pierid-like, 
upright, spindle-shaped, and ribbed. The larval head is bizarre 
with elongate, trifid, barbed horns, similar to some 
nymphalids; the body is smooth and slender, and the last 
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abdominal segment is bifid, somewhat like some notodontid 
moths and satyrine butterflies. The pupa is exposed, anchored 
by a silken girdle, similar to Pieridae and some Papilionidae. 
Recorded larval foods are Euphorbiaceae, Malpighiaceae, 
Malvaceae, and Sterculiaceae. There are about 40 species, all 
in the genus Macrosoma, restricted to the Central and South 
American tropics, Cuba, and Trinidad. 

Hesperioidea Hesperiidae includes six subfamilies, and 
the giant skippers, formerly accorded family status 
(Megathymidae), have been relegated to a subset of the sub- 
family Hesperiinae by recent authors. Adults (Figs. 99-101) 
are small to moderately large (FW 8-35 mm), stout bodied 
with powerful thoracic musculature; they are called skippers 
because of their quick, darting flights. The third axillary 
sclerite at the FW base is unusually wide and forms an 
irregular Y-shaped structure for muscle attachment, a defining 
character for Hesperiidae. The HW has an area of very small, 
specialized scales at the base of R + Sc, also not found in other 
Lepidoptera. Skippers typically perch with the wings outspread 
(Pyrginae, Fig. 100) or hold the HW out horizontally and 
the FW upright, slightly cocked open (Hesperiinae, Fig. 101), 
or they close both wings above the body like other butterflies, 
especially when taking nectar. The head is broader than the 
thorax, with the antennae widely separated and enlarged 
distally into a club with its tip (apiculus) attenuated and 
curved. The flagellum is strongly bent at the club in 
Pyrrhopyginae. The proboscis is well developed, and nearly 
all species feed at flowers, bird droppings, or other nutrient 
sources. Most skippers are rather drab, predominantly tan, 
brown, gray, or black, but many tropical species are colorful. 
The larval head is prominent (Fig. 102), frequently with 
protruding lobes, separated from the body by a constricted 
“neck” in all but the Megathymus group, a unique condition 
in Lepidoptera. In megathymids the head is narrower than the 
thorax, and the pupa moves in the larval tunnel, protruding 
at adult eclosion, a unique reversal among Obtectomera. The 
terminal body segment has an anal comb, analogous to that 
of some moths, used to flip frass from the larval shelter, 
sometimes remarkable distances. Trapetzinae in Australia 
feed on monocots, mainly Xanthorraceae, Poaceae, and 
Cyperaceae, as do Hesperiinae, mostly on grasses. Coeliadinae 
of the Old World tropics, Pyrrhopyginae in the New World, 
and Pyrginae specialize on dicots, with more than 50 plant 
families recorded, and a few feed on monocots. About 3500 
species are described in 500+ genera, and many species 
complexes in tropical regions are not thoroughly studied. 
Hesperiidae are distributed worldwide except in New 
Zealand, with greatest richness in the Neotropical region. 

Papilionoidea To most people butterflies are among 
the most conspicuous and recognizable insects. Their diurnal 
behavior, aesthetic beauty, and limited species numbers 
render them favorite subjects for beginning naturalists and 
amateur collectors and teaching insect metamorphosis to 
primary school children. Moreover, butterflies have been of 
special significance to biologists, in studies of geographical 
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distribution patterns, chemical defenses and mimicry, 
migration, genetics and population biology, and host-plant 
relationships. In recent decades they have become poster 
children in conservation efforts. Butterflies are vastly better 
studied than most moths, but they are negligible in insect 
biodiversity, making up fewer than 0.1% of all insect species 
and 9% of described Lepidoptera (likely less than 4%, were 
moths equally well cataloged). Several adult skeletal features 
define members of this superfamily as monophyletic, and the 
antennae have apical clubs, without an apiculus like that of 
Hesperiidae and not subapically broadened as in sphingid, 
castniid, and sesiid moths. Systematists recognize four families 
of butterflies: Papilionidae, Pieridae, Lycaenidae (including 
riodinids), and Nymphalidae (including libytheids, satyrids, 
and danaids). There are an estimated 14,000 species, a total 
that is greatly inflated relative to moths and other insects, 
because they are more thoroughly studied, with a propensity 
by the industrious specialists to accord species status to geo- 
graphically disjunct populations that differ in color patterns 
and size but not morphologically or by molecular analysis. 

Papilionidae: The swallowtail family is one of the most 
easily recognizable of Lepidoptera, one whose phylogeny is 
well supported, based on several wing venation and skeletal 
features and the eversible gland of the larval prothorax 
(osmeterium). Adults (Fig. 103) are medium sized to very large 
(FW 14-105 mm), including the largest butterflies (birdwings 
of the Indo-Australian region); wings are broad, with the FW 
triangulate and the HW rounded, and often with one or more 
veins extended into “tails.” Most are brightly colored, often 
aposematic, warning of their distasteful properties, and many 
swallowtails are models in mimicry complexes; some are poly- 
morphic, with several forms each with different corresponding 
mimics, often nymphalids. Swallowtails are strong fliers and 
have been recorded dispersing several miles from a point of 
origin. Some tropical species engage in mass migrations. The 
larvae (Figs. 34 and 104) are plump, often ornate with 
filaments or protuberances. They appear bare but usually have 
numerous tiny secondary setae. They live exposed on foliage, 
inactive by day, and depend upon cryptic coloration for 
protection, often resembling bird droppings in early instars 
and then graduating to foliage or flower colors, as they grow, 
or they are aposematic, brightly colored (Fig. 34). The 
osmeterium is horn-like, forked, usually bright pink or 
orange, and everted to emit a foul aroma intended to ward 
off predators. The caterpillars feed on a wide variety of dicot 
angiosperms, including several groups on Aristolochiaceae 
and others on Magnoliaceae, Apiaceae, Rutaceae, Lauraceae, 
and other plants not used by most Lepidoptera. There are 
about 600 species in 26 genera, with virtually all the world’s 
species described, distributed worldwide, with Parnassiinae 
in high latitudes and elevations of the Holarctic and 
Papilioninae mostly subtropical and tropical and with their 
greatest richness in the Old World tropics. 

Pieridae: The whites and sulphurs make up a well- 
established, monophyletic family, based on several characters: 


the presence of pterin pigments in the wing scales; the foretarsi 
with inner claw subequal in length to the outer, whereas the 
inner is much shorter in other butterflies; and wing venation 
and thoracic skeletal features. Adults (Fig. 105) are small to 
medium sized (FW 11-48 mm), broad winged, mostly white, 
yellow, or orange, with some tropical species brightly colored, 
containing flavone pigments, mimicking other butterflies (e.g., 
South American Dismorphiinae). Most pierids display sexual 
dimorphism in color patterns, sometimes to the extreme, and 
many have marked seasonal variation. Remarkable mass migra- 
tions by some tropical pierids occur, often moving from 
seasonally dry to wet habitats. Larvae are slender caterpillars, 
relatively uniform in structure, without protuberances, and 
covered with short secondary setae, and each segment is 
divided superficially into six annulets. They are mainly green, 
including the head, or spotted with yellow and blue in 
species that feed in flowers. Some species possess an anal 
comb. Tropical Dismorphiinae feed on legumes, as do some 
Coliadinae, while most Pierinae specialize on Brassicaceae, 
Capparidaceae, Loranthaceae, or Santalaceae. The American 
genus Neophasia feeds on pines. Several species have achieved 
important pest status, particularly the cabbage white (Pieris 
rapae), which was introduced from Europe into North 
America in the 1880s, feeding on cabbage and other crucifer 
crops, and species of Colias, feeding on alfalfa. More than 
1000 species in 75 genera have been described, including 
probably nearly all the world’s species. This group is 
cosmopolitan except in New Zealand and the Pacific Islands, 
with greatest development in the tropics. Species range to the 
extreme limits of Lepidoptera habitats, Colias to 83° N 
latitude and Baltia to 5000 m (16,350 ft) in the Himalayas 
and several genera to similar elevations in the Andes. 
Lycaenidae: The coppers (Fig. 106), hairstreaks (Fig. 107), 
blues (Fig. 108), and metalmarks (Fig. 110) together form a 
diverse butterfly family, with a remarkable array of larval 
biologies. Inclusion of the metalmarks (Riodininae) is debat- 
able because they have several uniquely derived traits and 
because they have foreleg morphology and function that 
resemble those of Nymphalidae. However, exclusion of the 
riodinids leaves the remainder of the Lycaenidae an incom- 
plete lineage (paraphyletic). Adults (Figs. 106-108, 110) are 
mostly small (FW 6-25 mm; Neotropical Eumaeus and 
African Liphyra reach 35 mm) and the upper surface of their 
wings is usually brightly colored, entirely or patterned, in blue, 
orange, or red, often brilliantly metallic, especially in the males, 
while the undersides, which are exposed when the butterfly is 
inactive and the wings are held together above the body, tend 
to be more cryptic, gray, brown, or green. The wings are rela- 
tively broad, the FW usually triangular and the HW rounded; 
most hairstreaks and a few blues have one or more slender 
filaments arising from the hind margin, often preceded by a 
colorful eyespot on the underside. During perching the wings 
are moved alternately, giving an impression of antennal move- 
ments, a behavior thought to deflect predator attack to the 
HW rather than to the head and thorax. Metalmarks exhibit 


a bewildering array of wing forms and color patterns, especially 
in tropical species, resembling diverse kinds of butterflies and 
moths. Lycaenid antennal bases are adjacent to and usually 
indenting the eyes. In Riodininae the antennae usually are 
long, more than half the FW length, and the forelegs are 
atrophied in males. The antennae are shorter and the male 
forelegs functional in other lycaenids. Lycaenid larvae are 
peculiar caterpillars, shaped like a sowbug, with the body seg- 
ments broadened laterally and the small head retractable and 
hidden under the thorax; they are usually covered with short 
secondary setae, giving a velvety appearance (Fig. 109). Species 
that live in association with ants are bare, and Riodininae 
usually have long secondary setae. All lack eversible prothoracic 
glands characteristic of other butterfly caterpillars. Many 
Lycaenidae have evolved glands on the last abdominal segment 
that produce a sweet, honeydew-like fluid that is much 
sought after by ants, which display various behaviors. Some 
tend and “milk” the larvae on their food plants (thereby pre- 
sumably warding off parasites and invertebrate predators) 
(Fig. 109), others transport the young caterpillars to their 
nests, where they are fed by the ants or eat the ant brood. A 
wide variety of flowering plants serve as hosts, including a few 
conifers and monocots. Most species are specialists, but some 
are polyphagous. Larvae of the African Poretiinae feed on 
algae and lichens. Those of Miletinae (African and 1 species 
in North America, Feneseca) feed exclusively on Homoptera 
or their secretions or in ant nests. The association with ants 
has developed in many Riodininae and unrelated genera of 
other lycaenids. Feeding on legumes has led to minor pest 
status for a few species, including the bean lycaenid (Strymon 
melinus) in North America, a polyphagous species also called 
the cotton square-borer. There are more than 6000 described 
species in 640+ genera, and many tropical taxa are not 
thoroughly studied. Lycaenids occur worldwide, with 
endemic species even in New Zealand and the Pacific Islands, 
but the majority occur in the Neotropics and Africa. 
Nymphalidae: This is a large and diverse family that includes 
the typical Nymphalinae (brush-footed butterflies, admirals, 
checkerspots, Fig. 111), Libytheinae (snout butterflies), 
Satyrinae (wood nymphs, ringlets, Fig. 112), Heliconiinae 
(long wings, fritillaries, Fig. 113), Morphinae (morpho and 
owl butterflies, Fig. 116), and Danainae (milkweed and glass- 
wing butterflies, Fig. 115). All possess three longitudinal ridges 
(carinae) on the ventral surface of the antennae that are unique 
in Lepidoptera, and the forelegs of males are reduced or modi- 
fied (less so in Libytheinae), usually lacking claws and non- 
functional for walking. Adults are small to very large (FW 
usually 10-50 mm, ranging to 75 mm in tropical Morpho 
and Caligo), mostly broad winged except in Heliconinae, and 
usually brightly colored, often with orange, black, and white 
dominating, but mostly brown and tan in Satyrinae. Many 
tropical nymphalids are involved in mimicry complexes, either 
as models (Danainae, Heliconiinae) or as mimics of them or 
other distasteful butterflies and moths and/or they benefit in 
both roles. Glasswing butterflies (Ithomiini) live primarily in 
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deep shade of tropical forests and have sparsely scaled areas or 
transparent wings, with subtle color patterns, while owl butter- 
flies fly at dusk. They, morphos, and satyrines have conspicuous 
eye-like spots near the margins of the wing undersides, presum- 
ably confusing would-be predators or diverting their attacks 
from the body. The larvae are cylindrical caterpillars with full 
complement of abdominal prolegs (Fig. 114), but there are 
diverse modifications, e.g., densely spinose or with dorsal pro- 
jections (verrucae) that are spinose (Nymphalinae), smooth 
with filaments (Danainae), smooth with bifid caudal segment 
(Satyrinae), pubescent with hair tufts and usually bifid caudally 
(Morphinae). The pupa hangs head downward, attached by a 
cremaster, without a silken girdle. The larvae feed on a diverse 
array of flowering plants, with considerable specialization within 
subfamilies: Morphinae and Satyrinae almost exclusively on 
monocots, including Arecaceae, Bromeliadaceae, Helioconiacae, 
and Musaceae (a few species are pests on bananas) in the 
tropics, mostly Poaceae and Cyperaceae in the Holarctic, with 
2 genera on Selaginellaceae; other nymphalids eat mostly dicot 
angiosperms, often specializing on plants with toxic chemicals 
(e.g., Heliconiinae on Flacourtiaceae, Passifloraceae, Urticaceae, 
Violaceae) or latex-producing plants (Danainae on Apocy- 
naceae, Asclepiadaceae, Moraceae). About 6500 described 
species are placed in 630+ genera, occurring worldwide, 
ranging from Arctic-Alpine Boloria in the Holarctic to 
extremely rich tropical faunas in most subfamilies, several of 
which are not represented in New Zealand. 


See Also the Following Articles 
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| ea are wingless, bloodsucking insects that belong to the 
order Phthiraptera. Although there are currently 4000 
species of lice recognized, only 560 species suck blood and 
feed on mammals. Lice are very host specific; therefore 
human lice cannot be transmitted to or from other mammals. 
There are only three species of lice that infest humans: 
Pediculus humanus humanus, the body or “clothing” louse; 
Pediculus h. capitis, the head louse (Fig. 1) and Pthirus (or 
Phthirus) pubis, the crab or “pubic” louse (Fig. 3). 





FIGURE 1 Head louse nit, adult female (left) and male (right). Body lice 
and head lice are identical in appearance except for size. The body louse is 


about 25% larger than the head louse. The female has an invaginated V- 
shape (center). (Photography by Bruce Hard.) 


BIOLOGY 


Lice, like all other insects, have six legs. They are hemimeta- 
bolous in development, meaning that they do not go through 
a complete metamorphosis like mosquitoes or fleas. There are 
three nymphal or “instar” stages that all look like a miniature 
adult. Within 7 to 12 days after eggs (nits) are laid, nymphs 
hatch, which will molt three times before becoming adults. 

Within a few hours of hatching, the nymph must find a 
human blood meal or it will die of starvation and dehydra- 
tion. At all stages, lice have a very tough, leathery cuticle 
capable of considerable expansion after feeding, usually taking 
in blood meals up to one-third of their own body weight 
every few hours. Regular feedings occur every 4 to 6 h with 
head and crab lice, although body lice can survive for days 
without a blood meal. Several feedings occur between the 
shed of each chitinous exoskeleton or cuticle. The first, 
second, and third nymphal stages last 3 to 4 days each. It is 
not until the final molt that the sex can be determined. 
Females are usually 20% larger than males of the same 
species, as well as longer, wider, and rounder, with the 
posterior portion of the female terminating in an invaginated 
V shape (Fig. 1). Gender identification is more difficult with 
Pthirus than with Pediculus. 

Within 2 days of molting the female will feed several 
times, copulate, and begin laying an average of 3 to 6 eggs 
per day, with body lice laying more and crab lice laying fewer 
eggs. The female louse attaches the nits to hairs or fibers (in 
the case of body lice) by secreting a glue for which there is no 
solvent (Fig. 2). The life span of a louse from hatching 
through adult is 30 to 42 days. 


HABITAT/EPIDEMIOLOGY 
Pediculus h. humanus 


The body louse lives in clothing or bedding and travels to the 
host only to feed. The nits are laid on the clothing fibers, 
especially in the seams and collars. This is truly an infestation 
of individuals who are unable to wash themselves or their 
clothing. 





FIGURE 2 Head lice eggs are 0.8 mm in length. Note the glue that attaches 
the nit to the hair shaft. (Photography by Bruce Hard.) 


Infestations with the body louse occur more commonly in 
individuals crowded together because of war, natural disaster, 
refugee status, or, in cooler climates, homelessness. They give 
all lice a “bad name” because people associate all lice with poor 
hygiene; however, this is the only human louse associated 
with lack of cleanliness. 


Pediculus h. capitis 


The head louse likes a clean healthy head and is found com- 
monly on children 3 to 11 years of age. The nits are laid on 
the hair, usually close to the scalp for warmth. Head lice are 
primarily transmitted by contact, which is more frequent in 
younger children; however, older siblings, parents, childcare 
workers, and teachers may also be infested. Sharing of brushes, 
combs, hats, helmets, and other headgear and hair accessories 
also can result in transmission. 


Pthirus pubis 
The crab louse (Fig. 3) prefers the pubic and perianal areas, 


but contrary to older literature, can also be found on the beard, 
mustache, scalp, axillae, eyebrows and eyelashes, or any hairy 
part of the body. Unlike head lice, which tend to be some- 
what particular, crab lice are found in all levels of society, and 
are generally transmitted by sexual contact. HIV-positive and 
immunocompromised individuals are more difficult to treat. 
Adult crab lice can remain alive off the host for at least 36 h; 
therefore, transmission by infested towels and bedding is more 
common than originally thought. 


DISEASE TRANSMISSION 
Pediculus h. humanus 


Disease transmission primarily occurs as a result of contact 
with infested lice fecal pellets. The body louse is capable of 
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FIGURE 3 Crab louse. Pthirus pubis is broader than Pediculus spp., and 


resembles a crab. 
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transmitting the following diseases: epidemic typhus (caused 
by Rickettsia prowazekii), murine typhus (caused by R. typhii, 
trench fever (caused by Bartonella quintana), and relapsing 
fever (caused by Borrelia recurrentis). 


Pediculus h. capitis and Pthirus pubis 


Head lice and crab lice are capable of transmitting group A 
Streptococcus pyogenes and Staphylococcus aureus. Neither head 
nor crab lice have been studied as transmitters of blood- 
borne diseases, but this is an area of current interest. 


TREATMENT 
Pediculus h. humanus 


Clothing and bedding should be disinfested by washing in 
hot water and then drying in a hot cycle (65°C, 149°F). 
Permethrin or malathion dusting powders are effective in 
treatment for mass eradication of body lice infestations. For 
individual cases, people should be treated with prescription 
permethrin 5% topical cream or oral ivermectin. 


Pediculus h. capitis 


Over-the-counter lice treatments that contain 1% permethrin 
or natural pyrethrin products can be used, but resistance has 
been reported in the United States and other countries. Pre- 
scription malathion lotion and oral ivermectin are the most 
effective treatments. Lindane products should not be used 
because of toxicity and resistance. 


Pthirus pubis 


Although head lice products may be used on crab lice, the 
most effective treatment is 5% permethrin cream or oral 
ivermectin. All hairy areas of the body should be treated, 
including the scalp. 


Phthiriasis palpebrarum 


Since topical treatments should not be used around the eyes, 
crab lice of the eyelashes should be treated with petroleum 
jelly, which suffocates lice and eggs and lubricates the lashes, 
making nit removal easier. 
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ocusts are medium-sized to large grasshopper-like insects that 

form swarms of hundreds of millions of individuals with the 
potential to migrate long distances in the tropics and subtropics. 
Locusts differ from grasshoppers in their responses to crowding. 
Locusts behave as solitary insects immediately after hatching or 
when maintained in isolation, but if they are forcibly crowded 
for as little as 6 h they subsequently tend to group together, or 
exhibit gregarious behavior. In contrast, if grasshoppers are kept 
in a crowd they usually remain as solitary insects and show no 
tendency to come together. A few grasshopper species, however, 
do have some tendency to gregarize when forcibly grouped, 
although this does not occur naturally. Thus, there is no 
absolute distinction between a “grasshopper” and a “locust.” 

Locusts do not comprise a single taxonomic group. 
Rather, they occur in three subfamilies of Acrididae, the 
Cyrtacanthacridinae, Oedipodinae, and Gomphocerinae. 
Even within a genus, some species exhibit the swarming habits 
of locusts, while others lack the habit and never swarm. This 
is most obvious in the genus Schistocerca, where a majority of 
the American species are nonswarming, and Dociostaurus, 
with many nonswarming species in Asia. Locusta migratoria, 
which extends from Australia and eastern Asia to Europe and 
West Africa, has a number of subspecies, which differ in their 
propensity to swarm. The species usually regarded as locusts 
and their distributions are given in Table I. 

In addition to the behavioral change, locusts exhibit a 
marked color change when crowded. In isolation they are 
often green or exhibit a more or less uniform color matching 
that of the background; crowded locusts, however, exhibit a 
striking black and yellow or orange coloration in the 
nymphal stages. These changes, however, are not peculiar to 
locusts; similar changes are shown by some grasshoppers. The 
proportions of different parts of the body also differ between 
locusts reared in isolation and those reared in crowds. The 
most striking difference occurs in the migratory locust, where 
insects reared in isolation have a strongly crested pronotum 
(upper surface of the first thoracic segment), but in crowded 
insects the upper surface of the pronotum is saddle shaped. 


PHASE THEORY OF LOCUSTS 


Locusts do not swarm continuously; periods of swarming 
may last for several years but are separated by times when no 
swarms are reported (i.e., recession periods). The mystery of 
their apparent disappearance during recession periods was 
solved for L. migratoria by B. P. Uvarov in a paper published in 
1921. He proposed the phase theory of locusts, suggesting that 
during recession periods the insects exist in a form that differs 
phenotypically and behaviorally from swarming locusts. He 
referred to these two forms as the “solitary” (later called 
“solitarious”) and “gregarious” phases. Locusta in the solitarious 
phase had, until that time, been placed in a different genus, 
Pachytylus. Subsequent work showed that similar phases occur 
in the other locust species. Solitarious locusts are typically 
cryptically colored, relatively inactive as nymphs (but not 
necessarily as adults; see later), and live in isolation. Gregarious 
locusts are conspicuous, with contrasting colors; they form 
bands (as larvae) or swarms (as adults), and are usually highly 
mobile. The change from one form to another does not occur 
in a regular manner, but is dependent on environmental con- 
ditions. For example, a period of grouping may increase the 
tendency of nymphs to group (i.e., to become gregarious), 
but if they then become isolated again they will tend to lose 
these characteristics. Consequently, there is no regularity in 
the timing of outbreaks when swarms occur. 


PHASE CHANGE IN THE FIELD 


During recessions between outbreaks, solitarious locusts may 
be very widely distributed, but sometimes these insects are 
very uncommon. The transformation from solitarious to 
gregarious involves several discrete phenomena that were first 
recognized by J. S. Kennedy. Outbreaks are initiated by 
conditions that favor successful breeding, leading to an 
increase in the population size. Then the population becomes 
concentrated in particular areas as other parts become 
uninhabitable. This leads to aggregation in which the 
previously isolated individuals are forced into intimate 
contact with one another. Finally, in the process of 
gregarization, the behavior and physiology of the insects is 
changed, and they now tend to aggregate spontaneously. 
Concentration, aggregation, and gregarization are generally 
dependent on a drying out of the habitat following good 
breeding conditions. 

Population increases may occur in any part of the 
distribution area of the insects, but swarming of most species 
seems to originate only in what are called outbreak areas. The 
peculiarity of these areas is that only here do the conditions 
for population increase, concentration, and aggregation 
coexist. The migratory locust has only a single outbreak area 
in Africa, even though the species is widespread and often 
common in many parts of the continent. This outbreak area 
is the delta of the middle River Niger in Mali. The area is 


unique because, in addition to local rain, it receives 


TABLEI The Species of Locusts 


Common name 


Subfamily/Species 
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Distribution 





Cyrtacanthacridinae 

Anacridium melanorhodon Sahelian tree locust 
Sudanese tree locust 
Red locust 


Bombay locust 


Anacridium wernerellum 

Nomadacris septemfasciata 
Southwest Asia 
South America 


Nomadacris succincta 
South American locust 
Desert locust 


Schistocerca cancellata 
Schistocerca gregaria 


Schistocerca piceifrons Central American locust | Central America 
Oedipodinae 
Chortoicetes terminifera Australian plague locust — Australia 


Locusta migratoria Migratory locust 


Sahel, eastern Africa, southwestern Arabian peninsula 
Sahel, eastern Aftica 
Southern Africa 


Northern Africa, Arabia, Indian subcontinent 


Southern Europe, Africa south of the Sahara, Malagasy Republic, southern Russia, China, 


Japan, Philippines, Australia 


Locustana pardalina Brown locust 


Gomphocerinae 


Dociostaurus maroccanus Moroccan locust 


considerable moisture from precipitation on the mountains 
of Senegal, the source of the Niger. From the mountains, the 
river runs inland to a low-lying area in Mali, where it 
branches to form a delta before flowing southwest through 
Nigeria to the Atlantic Ocean. The combined effects of rain 
and river flooding in the delta region produce an extended 
growing period for vegetation and so enable the locusts to 
have as many as four generations within a year, whereas 
elsewhere in Africa the species usually has only two. As a 
result, huge population increases can occur. However, as the 
floodplains dry out, suitable areas of vegetation become 
increasingly restricted, and the insects are first concentrated 
and then aggregated into smaller areas, where gregarization 
occurs. Biogeographical analysis of the occurrence of swarms 
during the last great outbreak of the migratory locust, which 
lasted from 1930 until 1940, shows clearly that the plague 
originated from the single outbreak area and spread 
progressively over Africa south of the Sahara. 

The red locust, in southern Africa, unlike the migratory 
locust, has only a single annual generation. It has several 
outbreak areas in Tanzania and Zambia that, like the middle 
Niger, are floodplains. The red locust outbreak areas, however, 
have either no or very limited outflow of water. As a result, the 
water that accumulates and sometimes forms a lake has 
become salty over time. Nymphal development coincides 
with the rainy season, when extensive flooding produces lush, 
tall grasslands in which the locusts feed. As the vegetation 
dies, its distribution becomes more limited, perhaps as a 
consequence of increasingly saline conditions in the slightly 
lower parts of the floodplain and as the area of vegetation 
becomes more restricted, the locusts become concentrated, 
with the potential to give rise to swarms. 

The desert locust differs from these species in that swarms 
arise in different places depending on the success of breeding 
and vegetation changes; there is no evidence of any single 
outbreak area from which the plagues of the 20th century 
originated. 


Republic of South Africa, Mozambique 


Mediterranean countries, Middle Eastern countries east to Kyrgyzstan 


MIGRATION 


Locust swarms fly during the day and, if they are flying close 
to the ground, often tend to stream in one direction. This is 
still true at any one position within a higher flying swarm; in 
the swarm as a whole, however, the orientation of these 
streams is random. This would rapidly cause the swarm to 
disperse except that upon reaching the edge of the swarm, 
individuals turn back into it. It is not known what stimuli 
produce this behavior, but vision, sound, or even smell may be 
involved. Because the locusts within the swarm are, effectively, 
randomly oriented, the swarm itself has no directional move- 
ment and is carried downwind. The rate of displacement of 
swarms flying close to the ground is less than the airspeed 
because the insects tend to land at intervals, taking off again 
as the rest of the swarm passes. In high-flying swarms, 
however, this is not possible. The locusts may be carried on 
thermals as high as 3000 m above the ground, and then the 
swarms are displaced downwind at about the speed of the 
wind. If the winds are light and variable, swarm displacement 
is negligible. With sustained winds, however, displacements 
over hundreds or even thousands of kilometers can occur. 
This behavior is one of the factors enabling the desert locust 
to survive in some of the most arid regions on earth, the 
Sahara and Arabian deserts. Downwind displacement takes 
the insects to areas of wind convergence, where rain is most 
likely to occur, if it occurs at all, so that the chances of the 
insects breeding and producing viable offspring are greatly 
increased. Because wind patterns are not completely reliable, 
however, this strategy is not always effective. As a result, 
swarms of desert locusts in West Africa are sometimes carried 
out into the Atlantic or north to western Europe. The most 
spectacular recorded flight occurred in October 1988, when 
huge swarms were carried right across the Atlantic, with large 
numbers reaching the Caribbean and the northern coasts of 
South America, a distance of about 6000 km from the 
insects’ source in West Africa. 
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The bulk of the work leading to our current understanding 
of swarm behavior was carried out by R. C. Rainey and Z. 
Waloff, working on the desert locust in the 1950s and 1960s. 
The assumption is that swarms of other locusts behave in the 
same way, although the other species do not generally form 
such massive swarms and are much less well studied. 

It is also known that adults of the solitarious phases of at 
least some locust species migrate, but they do so at night. 
Evidence for night migration by solitarious individuals exists 
for Anacridium spp., L. migratoria migratorioides (the African 
subspecies), Locustana pardalina, and S. gregaria. Nomadacris 
septemfasciata, on the other hand, appears to be sedentary in 
the solitarious phase. In this respect, locusts are similar to 
tropical grasshoppers, many of which are sedentary, whereas 
a few are known to make extensive night migrations. These 
solitary migrants, unlike day-flying swarms, deliberately 
climb to relatively high altitudes (200-500 m above the 
ground) and then may maintain flight for some hours, 
although probably a majority of flights are relatively short. In 
the case of L. m. migratorioides, regular flights occur within 
the floodplains of the outbreak area and from them to the 
surrounding semiarid country, where breeding may occur. 
Return migrations to the floodplains also occur, and this 
strategy moves populations with the Inter-Tropical conver- 
gence, along which rain is likely. These flights are sometimes 
downwind, but there is also some evidence from radar obser- 
vations that the insects can maintain a particular heading 
despite shifts in wind direction. These seasonal movements 
make an important contribution to the survival of the insects. 
Night flights by the Australian plague locust, Chorthoicetes 
terminifera, are also well documented, but these generally are 
of shorter range. 


CONTROL OF PHASE 


The physiology of phase change is not yet fully understood. 
It has been known for some time that grouping can be 
induced in isolated nymphs by touching individuals with 
fine wires dangling from a rotating circle, indicating that it is 
primarily physical contact with other locusts that initiates 
gregarization. More recent work has shown that touching the 
hind femora is more effective than touching other parts of 
the body. Presumably, the effects are registered by 
mechanoreceptors on the femora, leading to a change in the 
nervous system that alters the insect’s behavior toward 
gregariousness. It is very likely, though not yet proved, that 
this sequence involves neuromodulators. A peptide hormone 
that enters the hemolymph via the corpora cardiaca induces 
the dark coloration of gregarious nymphs. 

Pheromones play a part in the maintenance of gregariza- 
tion. A number of experiments indicate that gregarious 
locusts of both sexes produce a gregarization pheromone. In 
adult desert locusts, benzaldehyde, veratrole, guaiacol, 
phenol, and phenylacetonitrile are its major components. 
This pheromone enhances the tendency to group as well as 


having some effect on color change. Solitarious locusts do 
not produce the full suite of compounds in comparable 
concentrations. It has been shown that the chemicals are 
produced from plant material ingested by the locusts and 
that bacteria are responsible for their production. Locusts 
reared on axenic (microbe-free) diets do not produce the 
pheromone. Mature males in the gregarious phase of both 
the desert and migratory locusts produce from epidermal 
glands a pheromone that accelerates maturation of insects of 
either sex. The major component of this pheromone in the 
desert locust is phenylacetonitrile. Its effect under natural 
conditions is, presumably, to tend to synchronize oviposition 
by the individuals in a swarm, which increases the likelihood 
that the first-stage nymphs, when they hatch, will be present 
in large numbers and so will be likely to interact with each 
other and gregarize. A chemical produced in the accessory 
glands of gregarious females of the desert locust promotes 
gregarious behavior and coloration in the nymphs hatching 
from the eggs; solitarious females do not produce the 
chemical. The chemical is contained in the frothy material 
that forms a plug above the egg mass and that is interpolated 
in spaces between the eggs. There is thus a marked 
intergenerational effect of phase with gregarious females 
producing offspring that already have some characteristics of 
gregarious individuals. 


EVOLUTION OF SWARMING BEHAVIOR 


It was once thought that the contrasting coloration of gre- 
garious nymphs was likely to have a function in promoting 
gregarious behavior, but experimental evidence does not 
support this. Recent studies with the desert locust show that 
when the locusts feed on plants containing deterrent chem- 
icals, such as the alkaloid hyoscyamine, predaceous lizards 
rapidly learn to avoid individuals with gregarious coloration 
but do not avoid solitariously colored nymphs even when they 
have eaten the same food. Other plants in the desert areas that 
are the habitat of S. gregaria also contain potentially noxious 
compounds, and it may be that the gregarious coloration 
results from selection for warning coloration. This, in turn, 
may have led to gregarious behavior, since aposematic insects 
commonly group together. Whether similar arguments can 
be applied to other locust species is not known. 

The tendency to migrate is clearly an adaptation to living 
in arid habitats, enabling the insects to colonize new areas 
before the initial food supply is totally depleted. This is most 
clearly seen in the desert locust. Because some grasshoppers 
in these same habitats exhibit annual migrations, and some 
solitary locusts are also known to migrate, it must be 
supposed that swarm migrations arose from these individual 
movements. This, however, involved a switch from nighttime 
migration within the insects’ boundary layer, where flight can 
be directed by the insect, to daytime flight that is often 
outside the boundary layer and displacement is largely 
determined by the wind. 
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3GPP 


Based on ITU Recommendations, 3GPP has played a major role in the success of LTE over the past 
several years, which has been the fastest growing cellular technology to date: never before has a 
new radio standard been adopted and deployed as rapidly and as widely from the finalisation of the 
first version of its standardisation (for LTE Release 8, in December 2008). 


For the first time, under the LTE acronym, the entire mobile industry agreed on a single new 
technology (contrary to 3G where 3GPP and 3GPP2 co-exist, each backing their version of 3G 
standardisation that complies with IMT-2000 criteria), and so enabling unprecedented economies of 
scale and momentum in the ecosystem. 


After Release 8, the work performed by 3GPP has been centred on the following strategic areas: 


- Enhancing LTE radio standards to further improve capacity and performance; 
- Enhancing system standards to make LTE and EPC (Evolved Packet Core, the core LTE 
network technology) available to new business segments; 


- Introducing improvements for system robustness, especially for handing exponential 
smartphone traffic growth. 


These areas of focus have made it possible to map out the general path of evolution from LTE to 
LTE-Advanced (Releases 10 to 12) and later LTE-Advanced Pro (Releases 13 and 14) while awaiting 
5G. 


The ambitiousness of 5G requirements, the tight timeline “imposed” by the market, along with the 
different national tendencies have pushed 3GPP to define two stages of specification work: 


1. A first stage that will end in the second half of 2018, with the termination of Release 15, and 
which will address the most urgent matters with respect to commercial requirements; 
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xperimental evidence for magnetic field sensitivity has 

been reported in insects belonging to various orders, 
including Isoptera (termites), Diptera (flies), Coleoptera 
(beetles), Hymenoptera (ants and bees), and Lepidoptera 
(moths and butterflies). There is evidence that a few insect 
species obtain directional information from geomagnetic 
fields for compass orientation. Two alternative properties of 
the local geomagnetic vector could serve this purpose. Like a 
number of birds, animals either make use of the direction in 
which the dip angle points (“inclination compass”) regardless 
of the field’s polarity or sense the local declination and 
polarity (“polarity compass”). Which of these alternatives 
pertains to insects has been investigated in only one species, 
the yellow mealworm (Tenebrio molitor) (Coleoptera), which 
makes use of the polarity compass. The sensory system that 
mediates magnetoreception in insects has not been identified 
definitively, though one favored hypothesis is based on the 
detection of magnetic fields using particles of magnetite. 

Magnetic compass orientation can be useful for insects in 
the context of home range (topographic) orientation and 
during long-distance migration, especially in the absence of 
visual compass cues. Both honey bees building combs in 
darkness and blind termites building oriented mounds 
appear to use magnetoreception for aligning their structures. 
On the other hand, it is difficult to imagine how an insect 
could make adaptive use of sensing the absolute strength of 
the local geomagnetic field. 
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MAGNETIC COMPASS ORIENTATION 


Multiple directional orientation or compass orientation to 
artificially induced magnetic fields has been shown in several 
species. The insects always responded to changes in the mag- 
netic field’s declination, which implies sensing of magnetic 
polarity. In contrast, a geomagnetic inclination compass, as 
used by some migrating birds, has not been demonstrated for 
any insect. 


Home Range Orientation in Social Insects 


The magnetic sense of insects and its adaptive importance 
have been most thoroughly investigated in social insects such 
as ants, bees, and termites that require highly developed 
orientation skills to find and then communicate to their 
nestmates the location of resources within their home ranges. 
Much is known about how ants and bees use visual cues such 
as the sun, polarized light, the moon, and landmarks for 
spatial orientation. For most navigating insects, the primacy 
of visual cues must be taken into account in experiments 
designed to investigate magnetic field orientation. Indeed, an 
insect’s competence in magnetic field orientation may be 
hidden if more salient cues such as light are present. However 
termite workers and soldiers, which have poor vision at best, 
rely more on nonvisual cues. 


THE GEOMAGNETIC FIELD AS A BACKUP CUE FOR ANTS 
Experiments with naturally foraging weaver ants, Oecophylla 
smargdina, revealed that their sense of direction is stronger 
and more accurate under clear than under overcast skies. In 
addition, when ants were tested for orientation indoors after 
displacement from their outdoor foraging trail, those exposed 
to overcast conditions maintained the correct trail heading 
but others exposed to clear skies did not. The difference in 
response indicated the ants’ use of a nonvisual cue that is 
overridden by celestial cues if they are present. Support for 


this hypothesis came with further experiments showing that 
ants trailing in dim, diffuse light reversed their heading when 
exposed to an artificially induced magnetic field with polarity 
opposite that of the geomagnetic field. Wood ants, Formica 
rufa, have also been shown to use magnetic field orientation 
when directional light cues are unavailable. These experiments 
with two species of ants suggest a hierarchically organized orien- 
tation system designed so that the primary light compass is 
more efficient than the magnetic compass, which serves as a 
backup when directional light cues are absent. 


MAGNETIC DIRECTION AS A REFERENCE FOR LAND- 
MARK LEARNING IN HONEY BEES _ In flight, the honey bee, 
Apis mellifera, also uses a magnetic compass in home range 
orientation. Foraging bees approaching the vicinity of their 
“target” learn the precise location of resources with respect to 
surrounding landmarks so they can return to the same place 
in the future. The most popular hypothesis assumes fast 
“snapshot”-like recall of near-target constellations of landmarks. 
The returning bee finds the target location by matching the 
current perception of landmarks with the “snapshot memories” 
of them. While learning the spatial relations of landmarks, 
bees face in a preferred compass direction, using directional 
light and the geomagnetic field. Honey bees trained in an 
artificial field with polarity reversed to the geomagnetic field 
face landmarks in the opposite direction. Hence, their magnetic 
compass may provide directional information as a frame of 
reference for the memorized landmarks. 


A MAGNETIC CUE FOR HOMING TERMITES All ter- 
mites are social insects that have evolved a different set of 
adaptations for home range orientation. Termites are 
specialized for foraging underground and in enclosed spaces. 
The eyesight of workers and soldiers either has regressed or has 
been lost completely. All foraging termites depend heavily on 
pheromone trails for finding their way back home. However, 
as in ants, such trails do not provide any cue that helps to 
discriminate between the outward and homeward direction. 
The geomagnetic field could provide such a cue. This has indeed 
been demonstrated in the blind African grass-harvesting 
Trinervitermes geminatus (Termitidae: Nasutitermitinae) which, 
unlike the majority of termite species, is an open-air forager. 
Homing orientation in returning workers is substantially 
disturbed by distortions of the geomagnetic field due to weak 
bar magnets. Whether geomagnetic field orientation is wide- 
spread among termites is still an open question. 


Migration in Moths and Butterflies 


Long-distance compass migration has evolved in relatively few 
species of insects as an adaptation for dispersal and for coping 
with seasonal climatic changes. Examples are found among 
dragonflies (Anisoptera), true bugs (Heteroptera: e.g., the large 
milkweed bug, Oncopeltus fasciatus), and moths and butterflies 
(Lepidoptera). The implied geographic orientation mechanism 


Magnetic Sense 671 


could, plausibly, make use of magnetic compass orientation, 
especially during nocturnal migration and migration under 
dense overcast. Some evidence supports this possibility. 

Two nocturnal cross-country migrants, the large yellow 
underwing moth, Noctua pronuba, and the heart-and-dart 
moth, Agrotis exclamationis, reversed their direction of orien- 
tation in four-armed bioassay arenas when they were exposed 
to reversals of an artificial magnetic field. 

The most spectacular example of geographic orientation 
in insects is the massive annual fall migration of the monarch 
butterfly, Danaus plexippus. Eastern North American popula- 
tions of monarchs migrate over 3000 km to winter in the 
mountains of Mexico. Experimental evidence substantiates 
their use of a sun compass for geographic orientation, and some 
experiments suggest their use of a magnetic compass as well. 

For years entomologists have speculated about magnetic 
compass orientation in migrating monarch butterflies. The 
first supportive evidence came in field experiments: migratory 
butterflies were exposed to a brief pulse of an induced mag- 
netic field 15,000 times the intensity of the geomagnetic field, 
whereupon the treated butterflies were released and tracked 
to determine their direction of flight. Two control groups of 
butterflies were also tested. One of the control groups received 
the same treatment as the experimental group except for the 
magnetic pulse. The other group received no treatment and 
was composed of naturally occurring butterflies migrating 
through the test area. Both control groups of butterflies kept 
their normal migratory flight direction to the southwest, but 
directional headings of the magnetically treated group were 
randomly distributed, indicating disorientation. Because these 
experiments were conducted on clear days, however, the sun 
was also available as a cue. Thus conflicting information from 
the butterflies’ sun and magnetic compasses may have caused 
the insects’ disorientation. 


OTHER EFFECTS OF MAGNETIC FIELDS ON THE 
ORIENTATION BEHAVIOR OF INSECTS 


Some of the earliest and most detailed studies of magnetic 
field sensitivity were also conducted with social insects. Once 
again the honey bee was the focus of intense research, but 
this time the investigators studied its communication 
behavior. To recruit and guide nestmates to a newly 
discovered resource, a honey bee performs a dance indicating 
to her followers the direction and distance of the resource 
from the hive. The dance is usually performed in darkness on 
a comb’s vertical surface. The flight direction to the resource 
in reference to the sun is transposed by the bee to the 
direction of her dance with respect to gravity on the comb. If 
the resource is in the direction of the sun, the dance is 
directed upward; if away from the sun, downward; and if in 
other locations, at various angles to the vertical. Small 
systematic errors in the directional component of this dance 
are correlated with daily fluctuations in intensity of the 
geomagnetic field. These errors disappear when the bees 
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dance in an artificial magnetic field that compensates for the 
earth’s field. 

When honey bees are forced to dance on a horizontal surface 
in the dark, their dances become aligned with the cardinal and 
intercardinal axes of the geomagnetic field. This response 
intensifies when the magnetic field is artificially enhanced 
and disappears when the field is canceled. 

Evidence also suggests that honey bees use magnetic fields 
in nest construction. Bees that are transferred to a new hive 
construct combs that are oriented in approximately the same 
magnetic direction as those in their old hive. In one study, 
bees built abnormal combs when they were exposed to 
magnets during construction. 

Among the most spectacular and magnificent termite 
mounds are those of Amuitermes meridionalis (Termitidae: 
Amitermitinae) in tropical Australia near the town of Darwin. 
These massive tombstonelike black structures reach up to 4 m 
in height, and their long horizontal axes align near perfectly 
north-south. Similar but less perfectly oriented and shaped 
mounds are constructed by A. laurensis on the Cape York 
Peninsula of Australia. It is more than tempting to refer to 
these mound builders as “magnetic termites.” 

Indeed some good evidence supports this label. Ifa strong, 
permanent magnet is buried underground where a new colony 
starts to build, the resulting structure is misshapen and lacks 
clear orientation. 

In addition to nest alignment, numerous studies have 
identified insects that align the body axis to magnetic fields. 
Resting termites, flies, and honey bees adopt positions aligned 
with the cardinal axes of a magnetic field. 

Finally, orientation transfer sometimes occurs from light 
orientation to magnetic compass orientation. When a yellow 
mealworm moves away from a light source, it remembers its 
current magnetic compass bearing. If the directional light is 
turned off, the course direction is maintained with the help 
of the remembered magnetic compass bearing. 


POSSIBLE SENSORY MECHANISMS 


Several hypotheses have been proposed to explain how animals 
sense magnetic fields. There is circumstantial but no definitive 
evidence in insects for two such sensory mechanisms. One type 
of mechanism could be based on the magnetic sensitivity of 
some chemical or photochemical reactions. If such reactions are 
linked to light reception in the eye, then changing the wave- 
length of ambient visible light could alter the directional orien- 
tation to the geomagnetic field. Such effects have been obtained 
in male Drosophila melanogaster (Diptera) as well as in some 
birds. A second mechanism could be based on the interaction 
between the geomagnetic field and intracellular, submicro- 
scopic magnetite particles that have been found in some 
insects, including ants, honey bees and monarch butterflies. 


See Also the Following Articles 
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M alaria is a pyrogenic (fever-producing) disease caused by 
infection with one of four species of parasitic protozoa in 
the genus Plasmodium and is the most important arthropod- 
transmitted pathogen in the world today, in terms of numbers 
of cases, deaths, and economic burden. Acquired from the 
bite of an infective Anopheles mosquito or from infected blood 
products, malarial parasites continue to suppress development 
in Africa and parts of Asia and are emerging as a critical health 
issue in tropical Central and South America. Expanding and 
rapid global commerce and travel provide an effective conduit 
for malaria parasites to be reintroduced into currently malaria- 
free areas. 


HISTORY AND DISCOVERY 


There is little doubt that there has been a long evolutionary 
association between humans and malaria. The ascent of the 
human species and its dispersal from the African center of 
origin into Europe and Asia most likely were accompanied by 
host-specific and coevolved species of plasmodia. Vivax malaria 
possibly accompanied early Asian voyagers to the New World 
across the Pacific Ocean, whereas falciparum malaria probably 
was introduced into the New World from Africa with the post- 
Columbus slave trade. 

Malarial disease has impacted human health throughout 
recorded history. References to seasonal intermittent fevers 
abound in the earliest Assyrian, Chinese, and Indian religious 
and medical writings; however, it was not until the 5th century 
B.C. that Hippocrates related the distribution of cases to specific 
seasons and residence near marshes. Malaria has altered the 
course of human history by afflicting political, scientific, and 


religious leaders as well as decimating invading armies. The 
Romans associated marshes with intermittent fevers and 
attempted to reduce their occurrence through swamp drainage. 
The term malaria was derived from the Italian mal’ aria (bad 
air), drawing from the association between foul-smelling marsh 
gases and the occurrence of this disease. In the 1600s, powders 
from the bark of the Peruvian “quina-quina” tree (now known 
as quinine) were discovered in South America and shown to be 
therapeutic against certain seasonal fevers. Shortages of these 
natural medicinal powders and the resulting impact of malaria 
on military campaigns during World War I stimulated research 
to develop antimalarial drugs and resulted in the formulation of 
atebrin in 1930 and chloroquine in 1934. Although marshes, 
mosquitoes, poor living conditions, and malaria were associated 
throughout history, it was not until 1880 that Laveran first 
observed parasites in the blood of fever patients and 1897 that 
Ross found malarial parasites in an Anopheles mosquito that pre- 
viously had fed on a malaria patient. The following year, Ross 
worked out the complex life cycle of the malaria parasite using 
a Culex mosquito—sparrow malaria model. Shortly afterward 
Grassi and colleagues elucidated the life cycle of the human 
parasite and with Manson demonstrated that protection from 
mosquito bites provided protection from infection. 

The now-confirmed relationship between malarial infection 
and mosquitoes led to expanded control efforts by chemically 
treating or reducing surface water where larval mosquitoes 
occurred. In 1936, the insecticidal properties of DDT were 
discovered by Muller and Weisman. DDT spraying was used 
in the successful eradication of introduced Anopheles gambiae 
mosquitoes from Brazil in 1939-1940 and Egypt in 
1942-1945. These successes and the eradication of malaria from 
the United States by spraying the inside walls of houses with 
DDT set the stage for the 14th World Health Assembly to adopt 
a global malaria eradication strategy that was implemented 


by the World Health Organization from 1957 through 1969. 
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However, failure to sustain the effort and funding after initial 
success, disregard for the magnitude of the malaria problem 
in Africa, and the onset of insecticide resistance in several key 
vector species resulted in a global collapse of this effort that 
was followed by a general resurgence of malaria throughout 
tropical regions of the world. In 1992, the World Health 
Organization again selected malaria as the target disease for a 
global initiative to improve human health and in 1998 
launched the new “Roll Back Malaria” campaign to reduce 
malaria by 50% by the year 2010. Only time will determine 
if the human host finally will rid itself of its malaria burden. 


PARASITES AND LIFE CYCLE 


Four species of human Plasmodium may be identified, in part, 
by clinical symptoms such as the pattern of fever and chills 
(Table I), morphology and staining characteristics of the 
parasite within red blood cells, antigenic properties determined 
by serology, or genetic sequence. The Plasmodium life cycle is 
complex (Fig. 1). The female Anopheles becomes infected 
when gametocytes are ingested during blood feeding. Sexual 
union of gametocytes occurs in the mosquito midgut, after 
which the resulting ookinete penetrates the midgut wall and 
forms an oocyst. After asexual reproduction, the oocyst rup- 
tures and the motile sporozoites make their way to the salivary 
glands. Humans become infected during blood feeding by the 
infective mosquito host when sporozoites are expectorated 
with mosquito saliva into the wound created by the mosquito 
bite. After entry into the circulatory system of the human host, 
sporozoites rapidly enter the liver where asexual reproduction 
occurs. Liberation from the liver may occur rapidly or be 
delayed, depending upon the species and strain of parasite 
(Table I). Once in the bloodstream, parasites rapidly enter red 
blood cells where they multiply asexually. The synchronous 
liberation of parasites from the red blood cells results in 


TABLEI Characteristics of Human Infection with Four Species of Plasmodium 


Plasmodium species 








Characteristic vivax ovale malariae falciparum 
Incubation period (days) 13 (12-17)* 17 (16-18) 28 (18-40) 12 (9-14) 
Exoerythrocytic cycle! Present Present ? Absent 
Merozoites/tissue schizont >10,000 15,000 2,000 40,000 
Erythrocytic cycle (h)* 48 49-50 72 ca. 48 
Parasitemia (avg. per ml) 20,000 9,000 6,000 20,000—500,000 
Attack severity Mild-severe Mild Mild Severe 
Paroxysm duration (h) 8-12 8-12 8-10 16-36 or longer 
Relapses ++ ++ +4+ None 
Period of recurrence Long Long Very long Short 
Duration of untreated infection (years) 1.5-3 1.5-3 3-50 1-2 


Note. Modified from Bruce-Chwatt (1980). 
“Strain dependent, may be up to 9 months. 
’Continued production of merozoites within the liver. 


‘Time between red blood cell infection and rupture indicated by the pattern of paroxysms. 
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FIGURE 1 Generalized life cycle of the four human-infecting Plasmodium 
species. (From the U.S. Centers for Disease Control and Prevention.) 


rhythmic paroxysms characteristic of malarial disease. As the 
infection progresses, gametocytes are formed in the periph- 
eral bloodstream from where they are ingested by blood-feeding 
mosquitoes, thereby completing the life cycle. 


MOSQUITO VECTORS 


Only female mosquitoes in the genus Anopheles serve as defini- 
tive hosts for the four species of human malarial parasites. Of 
these, species in the subgenus Ce//ia account for most of the 


current global transmission and include members of the A. 
gambiae complex (gambiae, arabiensis) and A. funestus in 
subSaharan Africa and the A. culicifacies complex, A. fluviatilis 
complex, A. stephensi, and A. minimus in Asia. Historically, the 
A, maculipennis complex was important in the Mediterranean 
and Europe, whereas species in other subgenera such as A. 
darling and A, albitaris have been responsible for the resur- 
gence of malaria in South America. 


EPIDEMIOLOGY AND DISEASE 


Malaria remains a critical health problem of global proportions, 
causing an estimated 500 million clinical cases and 2.7 million 
deaths annually. It is a health problem of crisis proportions 
and a severe economic burden in 90 countries inhabited by 
2.4 billion people (roughly 40% of the world population). 
The temporal concordance between crop growing and malaria 
transmission seasons frequently results in a serious loss of 
agricultural productivity. The distribution of malaria in time 
and space and the efficiency of transmission are limited by tem- 
perature requirements for the development of the Plasmodium 
parasites within their poikilothermic Anopheles hosts and the 
abundance, bionomics, and behavior of the different Anopheles 
vectors. P vivax can develop at temperatures as low as 14.5°C 
and is found at colder latitudes and higher elevations than P 
falciparum, which requires temperatures above 16°C (Fig. 2). 
In addition to ambient temperature, transmission efficiency 
depends almost entirely on Anopheles bionomics expressed as 
vectorial capacity; species that are long lived, rapidly develop 
parasites, and feed frequently on humans are the most 
efficient transmitters of malaria parasites. 

The incubation period between infection and clinical ill- 
ness varies among malarial species and strains, being shortest 
for P falciparum and as long as 9 months for some northern 
strains of P vivax (Table I). Illness is characterized by the 
malarial paroxysm and, if untreated, increases in severity as 
the number of parasites multiplies logarithmically. Typical 





FIGURE 2 Global distribution of malaria. Extended vixax area shown in gray. (From the U.S. Centers for Disease Control and Prevention.) 


complications include anemia and splenomegaly. In P 
falciparum infection, changes in the structure of infected red 
blood cells creates congestion and blockages within the circu- 
latory system, causing coma (brain hemorrhages), jaundice, 
and “blackwater fever” with the passing of black urine (liver 
failure, nephritis), and severe dysentery (dehydration, renal 
failure). Infection during pregnancy frequently leads to abor- 
tion, stillbirth, and neonatal mortality. Some liver stages of P 
vivax and P ovale remain dormant and, if untreated, may 
relapse for years after the initial infection. 

Infection imparts transient immunity that is maintained in 
endemic areas by almost constant reinfection. In hyperendemic 
areas, morbidity and mortality are highest among the nonim- 
mune, including travelers, infants, and pregnant women. 
Adults in these areas tolerate chronic infections and present a 
constant source of gametocytes for mosquito infection. Malaria 
mortality has selected for resistant and semiresistant phenotypes 
from the genome of affected human populations, leading to the 
evolution and persistence of traits such as sickle cell anemia and 
Duffy blood group antigen that alter the structure and surface 
of red blood cells, making them resistant to parasite infection. 


TREATMENT AND CONTROL 


Treatment has emphasized the use of chemical derivatives of 
the quinoline ring, originally found in quinine and present in 
chloroquine and primaquine. Primaquine has the important 
feature of destroying the liver stages of vivax and ovale, thereby 
eliminating relapses. Resistance has led to the development of 
alternative drugs, including proguanil, mefloquin, pyrimet- 
hamine, and sulfonamide; however, in some areas of Southeast 
Asia treatment of patients infected with resistant strains must 
revert to quinine with tetracycline. Extracts from plants of 
the genus Artemisia represent a new class of drugs from Asia 
that are undergoing clinical trials for the treatment of drug- 
resistant malaria. 

Public health control efforts targeting eradication combined 
active-case detection and treatment with adult mosquito abate- 
ment. Active-case detection emphasized complete village- 
level surveys, the presumptive treatment of fever cases with 
chloroquine, and verification of malaria infection by slide 
examination. Residual house spraying with DDT and later 
malathion targeted indoor resting Anopheles females in an 
attempt to interrupt the transmission cycle. This combined 
approach resulted in remarkable successes in areas such as Sri 
Lanka, Pakistan, and India, where the primary vector, A. 
culicifacies, rests almost exclusively within houses and cattle 
sheds. However, interest and funding to sustain successful pro- 
grams waned and eventually collapsed. Recently eradication 
has changed to control, is limited to passive case detection 
and treatment, and has been incorporated into general village- 
level health programs. 

In addition to research to improve and expand the number 
of drugs for patient therapy, three control approaches current- 
ly are being investigated: (1) personal protection by sleeping 
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under pyrethroid impregnated bed nets (the simplest and 
least expensive technology that is currently available), (2) vacci- 
nation (protection that probably will be of short duration and 
is expected within 7-10 years), and (3) genetic manipulation 
of vector competence in Anopheles (species-specific, costly, and 
untried). Success of malaria intervention in developing coun- 
tries most likely will continue to be hindered by inadequate 
delivery systems, political unrest, and the low socioeconomic 
level of most rural populations. In the modern era, successes in 
malaria control typically have accompanied advances in educa- 
tion, economic well-being, and medical delivery systems. 


See Also the Following Articles 
DDT Medical Entomology « Mosquitoes 
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Mantodea 
(Praying Mantids) 


Lawrence E. Hurd 
Washington and Lee University 


he praying mantis (from the Greek for “prophet”), or mantid 

(from the name of one family in this group), has been 
mentioned in literature at least since the Egyptian Book of the 
Dead. However, surprisingly little formal scientific research has 
been done on mantids compared with many other orthopteroid 
insects, e.g., grasshoppers. No doubt at least some of the reason 
for this lies in the greater relative economic importance of 


676 Mantodea 


insects that compete with humans for food. In any case, to date 
there has been but a single book summarizing research with 
mantids, The Praying Mantids. There are more than 1800 
species worldwide, most of which inhabit the tropics. Among 
the 20 or so species that occur in the continental United States, 
the best known, most abundant mantids are 3 species that 
were introduced from Europe and Asia over the past century. 


CLASSIFICATION OF MANTIDS 


There is some disagreement as to the proper classification of 
mantids within the class Insecta. Although they clearly are 
related to cockroaches, grasshoppers, crickets, stick insects, and 
termites, most modern systematists recognize that mantids have 
sufficiently distinctive morphological characteristics to warrant 
taxonomic separation from these groups. The prevailing view 
is that praying mantids comprise several families (including 
Mantidae), either within the order Dictyoptera, suborder 
Mantodea, or else within a separate order, the Mantida. The 
most obvious morphological features that characterize this 
group are a highly mobile head, elongated prothorax (most 
anterior midbody segment), and especially the raptorial front 
legs attached to the prothorax. The forelegs are folded when 
the animal is at rest, giving it an attitude of being in prayer 
(hence, the common name for the group). The combination 
of these features is unique among insects. 

Much of the uncertainty over classification of praying man- 
tids is because a coherent phylogeny of this group is lacking. 
The fossil record for this group is both scanty, and recent: 
fossil mantids date no earlier than the Cenozoic. Therefore, 
scientists have had to infer phylogenetic relationships from a 
variety of features such as body shape, presence of auditory 
organs, and genetics of sex determination. These features 
have led to different conclusions as to whether, for example, 
modern mantids have monophyletic or polyphyletic origins. 
The recent discovery of the new order, Mantophasmatodea, 
hints at a close relationship between mantids and stick insects 
(Phasmida). However, based upon morphological and 
molecular evidence to date, the closest relatives of mantids 
appear to be Blattodea (cockroaches) and Isoptera (termites), 
both of which have much earlier origins in the fossil record. 

Most biologists agree that there are many more species of 
insects on earth than have been identified so far, and this is 
almost certainly true with mantids. There are currently 8 
families and 28 subfamilies in this suborder. The most impor- 
tant family (about 80% of all named species) is Mantidae, 
consisting of 21 subfamilies and 263 genera. This family con- 
tains some of the most abundant and widely distributed species 
on earth including the Chinese (Tenodera aridifolia sinensis) 
and European (Mantis religiosa) mantids that occur widely in 
the temperate zones of Europe, Asia, and North America. 

Three families in Mantodea are well represented in the Old 
World in addition to Mantidae: Amorphoscelididae (two sub- 
families found widely distributed in Africa and Australia), 
Empusidae (eight genera in Africa and Asia), and 


Eremiaphilidae (two genera of ground-dwelling desert species 
in Africa and Asia). Another tropical family, Hymenopodidae, 
contains three subfamilies that include some relatively rare 
and spectacular flower mimics such as Hymenopus coronatus 
(Asia) and Pseudocreobotra ocellata (Africa). 

The remaining three families of Mantodea are less diverse 
tropical groups: Mantoididae, (with a single neotropical genus, 
Mantoida), Chaeteessidae (with only one neotropical genus, 
Chaeteessa), and the most primitive family in the order, 
Metallyticidae (with a single Malaysian genus, Metallyticus, 
named for their characteristic metallic coloration). 


NEUROPHYSIOLOGY AND BEHAVIOR 


Perhaps the majority of scientific studies of praying mantids, 
particularly during the past few decades, have involved the 
interaction of neurophysiology and behavior. These 
interactions include the role of binocular vision in estimating 
distance, hearing of ultrasound and its possible use for 
avoidance of bat predation, and behaviors associated with 
defense, sex, and prey capture. Mantids are models of 
behavioral complexity beyond the imaginations of earlier 
researchers. They are capable of integrating much detailed 
information from their environment and have exhibited an 
astonishingly sophisticated array of responses to stimuli. 

Sexual behavior and cannibalism in mantids are particularly 
noteworthy, partly because they have received much anecdotal 
mention in the literature. Sexual behavior varies among species, 
but in general females attract males through a combination of 
airborne pheromones and visual cues. In many species females 
either cannot or do not fly, and so males find females by flying 
upwind along the pheromone plume. This places males at 
greater risk of predation than females because they are more 
apparent to birds while in flight. When a male finds a female he 
incurs even greater jeopardy from his intended mate, depending 
on her hunger level. Sometimes males are simply captured and 
eaten before they have a chance to mate, but unless the female 
is very hungry, he usually is able to mount her. However, a 
hungry female may decapitate and partially consume a male 
during copulation without interrupting the transfer of sperm. 

The noted French naturalist of the late 19th and early 
20th centuries, J.-H. Fabre, described in lurid detail the canni- 
balistic mating habits of female mantids in his laboratory. This 
behavior was once interpreted as “adaptive suicide” by the 
male, to invest both his sperm and his nutrients in the next 
generation. This requires the assumption that a cannibalized 
male can be sure he is the father of a female’s brood and not 
simply a food item for a female that has already been fertilized 
by a previous suitor. The simpler, modern explanation for 
this behavior is that a female attracts males both for sperm 
and for nutrition at the end of the growing season when 
alternate prey are scarce and she has to gain significant mass 
to produce viable eggs. Males have no choice in the matter, 
because they cannot discern which pheromone-emitting 
females have been mated (Fig. 1). 





FIGURE 1 A mating pair of Chinese mantids, Zénodera aridifolia senensis. 
The female's abdomen is already swollen with eggs. This is the most 
widespread and abundant species in the eastern United States and may have 


the widest global distribution of any mantid species. 


ECOLOGY 


Studies of the feeding in praying mantids link behavior and 
ecology. Praying mantids are bitrophic, feeding both on 
herbivorous arthropods and on other carnivores (e.g., 
spiders), including cannibalizing each other. The fact that all 
of these processes may be occurring simultaneously in the 
same ecosystem can complicate definition of the ecological 
role of these predators in ecosystem structure and dynamics. 

Experimental studies show that bitrophic mantids have 
both direct (prey reduction) and indirect (prey enhancement) 
effects, because competition with, or predation on, other pre- 
dators may reduce predation on some prey species. Mantids 
tend to eat many arthropods that are beneficial to plants, 
including pollinators such as bees and butterflies and preda- 
tors such as wasps and spiders. Whether it is a good idea to 
add these predators to one’s garden as an agent of biological 
pest control is not always clear. Much more evidence is 
required before generalizations can be made with confidence, 
but experiments have demonstrated that under natural condi- 
tions mantids can instigate a trophic cascade (top-down effect) 
whereby plant productivity is enhanced when mantids feed 
on herbivorous insects. 


See Also the Following Articles 
Hearing ¢ Orthoptera ¢ Predation 
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Mantophasmatodea 


Klaus-Dieter Klass 
Museum fiir Tierkunde, Dresden 


M antophasmatodea are hemimetabolous, wingless ptery- 
gote insects, 11 to 25 mm in length, found in Africa. 
Their body structure is fairly generalized, but a dorsal process 
on the tarsi, an unusual course of the subgenal sulcus on the 
head, and a medioventral projection on the male subgenital 
plate are unique features for this order. Discovered in 2001, the 
Mantophasmatodea are the most recently described order of 
insects. Knowledge about them is expected to increase rapidly. 


SYSTEMATICS AND DISTRIBUTION 


The description of the order and its first two species was based 
on the first extant specimens that were recognized: two museum 
specimens described as Mantophasma zephyra (collected in 
1909 in Namibia; Fig. 1) and M. subsolana (collected in 1950 
in Tanzania). Members of Mantophasma have fairly small eyes 
and ventral rows of spines on the fore- and midleg femora and 
tibiae. Two other extant species, yet undescribed, also occur 
in Namibia. One of them (the “gladiator”) has larger eyes 
than Mantophasma and stout spines on the thoracic terga. 
Specimens recorded from the Western and Northern Cape 
Provinces of South Africa represent several additional 
undescribed species; some were collected 100 years ago. 
Raptophasma from Baltic Eocene amber (about 45 mya), with 
two known species, resembles Mantophasma, but has large eyes 
and stouter, spineless legs. These Tertiary fossils show that the 
order once also occurred in northern Europe, at a time when 
its climate was warm and humid. 





FIGURE 1 /. zephyra, female. (Reprinted from Klass et al. 2002, Science 296, 
1456-1459. Copyright 2002 American Association for the Advancement of 
Science.) 
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ANATOMY 


The hypognathous head lacks ocelli and bears orthopteroid 
mouthparts and long, multisegmented antennae. Wings are 
lacking. The pleuron of the prothorax is fully exposed. The 
legs have elongate coxae. In the five-segmented tarsi (Fig. 2A) 
the three basal tarsomeres are fused. The dorsal membrane 
beyond the third tarsomere (tm3) bears a characteristic 
triangular process (dpt in Fig. 2A), and the arolium (arl) of 
the pretarsus is conspicuously large. 

In the abdomen, both tergum I and coxosternum I are free 
from the metathorax. The small spiracles lie in the pleural 
membrane and have a muscular closing device. In the male 
(Fig. 2B, C), coxosternum IX forms a subgenital lobe with a 
median spatulate process (spp in Fig. 2B) but without styli. 
The phallomeres (male genitalia) are reduced to membranous 
lobes around the gonopore. Behind them a transverse, asym- 
metrically produced sclerite articulates upon tergum X, which 
is similar to the vomer in Phasmatodea. The female (Fig. 2D) 
has a short subgenital lobe formed by parts of coxosternum 
VIII. The genital opening lies above it on segment VIII. The 
ovipositor comprises clawlike gonoplacs (third valves), blunt 
gonapophyses VIII (first valves), and gonapophyses IX 
(second valves) fused with the gonoplacs and interlocked 
with the gonapophyses VIII. The one-segmented cerci are 
long claspers in the male but short in the female (Fig. 2B—D). 

The foregut has a large proventriculus (gizzard) armed with 
weak sclerites that terminate posteriorly in three successive 
whorls of lobes. Midgut ceca are a pair of short and wide 
lateral pouches. The abdomen has a ventral diaphragm. In the 
nerve cord, abdominal ganglion VII is free from the terminal 
ganglion including neuromeres VIII and the following. The 
egg lacks a defined operculum but has a circumferential 
ridge; the chorion displays a hexagonal pattern of grooves 
that are traversed by delicate bars. 


PHYLOGENETIC RELATIONSHIPS 


Mantophasmatodeans superficially resemble insects of the 
other “orthopteroid” orders. However, they lack the apomor- 
phies (i.e., derived characters) of these, such as prognathous 
head, prothoracic repellent glands, and elongated female sub- 
genital plate of Phasmatodea; the perforated tentorium, female 
subgenital lobe from coxosternum VII, and fused abdominal 
ganglia VI and VIIIff of Dictyoptera (mantises, cockroaches, 
and termites); the prognathous head, membranous sac on 
abdominal segment I, and loss of muscled closing devices of 
abdominal spiracles found in Grylloblattodea; and the 
pronotum overfolding the prothoracic pleura, the thickened 
hind femora, and the anterior intervalvula in the ovipositor 
found in Orthoptera. 

Mantophasmatodea are assigned to the Pterygota by their 
lack of a noncuticular trunk endoskeleton and of the lateral 
parts of abdominal tergum XI, and to the Pterygota—Neoptera 
by the valvelike gonoplacs lacking styli and the presence of 
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FIGURE 2 (A) M. zephyra, dorsal view of tarsus of female. Lateral views of 
male M. subsolana postabdomen with (B) and without (C) coxosternum IX, 
genitalia exposed. (D) Lateral view of female M. zephyra postabdomen. Scale: 
0.5 mm. Abbreviations: arl, arolium; cer, cerci; clw, claw; CS8,9, abdominal 
coxosterna VIII and IX (subgenital plates); dpt, process beyond third tar- 
somere; ejd, ejaculatory duct; epp, epiproct; ggl, gonangulum; gpl, gonoplac; 
gpp8,9, gonapophyses VIII and IX; pap, paraproct; phm, phallomeres; rec, 
rectum; spi8, spiracle VIII; spp, spatulate process of male subgenital lobe; 
TG8,9,10, abdominal terga VIII, IX, and X; tib, tibia; tm1—5, tarsomeres 
1-5; vom, vomerlike element. (Part A reprinted from the Lehrbuch der 
Speziellen Zoologie, Vol. 1, Part 5: Insecta. Copyright Spektrum 
Akademischer Verlag, Heidelberg, Berlin. Parts B-D reprinted with 
permission from Klass et al. 2002, Science 296, 1456-1459. Copyright 2002 
American Association for the Advancement of Science.) 


apodemes on the abdominal spiracles. Otherwise, their phylo- 
genetic position is unclear. Phasmida and Grylloblattodea are 
the most promising candidates as the sister group of 
Mantophasmatodea. 


HABITATS AND LIFE HISTORY FEATURES 


Mantophasmatodea prey on other insects, which they catch by 
means of their strong and usually spinose fore- and midlegs. 
They are found in relatively dry and stony habitats, where 
occasional heavy rain leads to formation of temporary pools 
of water. The structure of the egg chorion suggests that the 
egg can overcome temporary flooding by plastron respiration. 


See Also the Following Articles 
Grylloblattodea ¢ Insecta, Overview « Mantodea « Phasmida 
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2. Asecond stage that will end in December 2019, which marks the end of Release 16, which will 
address the other use cases and prerequisites identified in the IMT-2020 Vision 


Recommendation. 


The Work Plan for Release 15, the first set of 5G specifications, was ratified at the plenary meeting of 
the TSG#72 (Technical Specification Group #72) 3GPP working groups in June 2016. This plan includes 
a set of intermediate tasks and checkpoints to steer ongoing work in the different groups. This Work 


Plan sets out the transition from current studies to the standardisation phase of the work: 


- Starting in December 2016: beginning of standardisation work by TSG SA2 (Technical 


Specification Group System Architecture); 


- Starting in March 2017: specification begins for the 5G NR (New Radio) interface in the TSG 
RAN (Technical Specification Group Radio Access Network). 


2. TSG-SA#74, Dec/2016: 


NexGen TR completion 
Approval of SA2 WID 


7. TSG#80, June 2018: Release 15 stage 3 


freeze for NR and NexGen, including 


Standalone. 


§. RAN#78/RAN#79: Stage-3 
freeze for Non-Standalone higher 
layers (including components 

1. TSG-RAN#73, common with standalone). 


September 2016: 


5G NR Requirements 
TR completion 4. TSG-SA#77 or TSG-SA#78: 
NexGen stage-2 freeze. 


3. CHECKPOINT: TSG#75: March 2017: 

- Completion of NR SI with corresponding performance evaluation 
and concepts; 

- Approval of RAN WID(s); 

- Report from RAN1/RAN2/RAN3/RAN4/SA2 on fwd compatibility 

of NSA and SANR; 

- Report from SA2 on migration; 

- SAand CT timeline coordination; 

- Reconfirmation of NR & NexGen timeplan, including completion 

target for NSA higher layer components (box 6) 


Completion target TBD. 


5. TSG-RAN#78, December 2017: 
- Stage 3 freeze of L1/L2 for common 
aspects of NSA (focused on licensed 
bands) and SA NR; 

- Principles agreed for SA-specific L1/L2 
components. 


Note: SA: Standalone 
NSA: Non-Standalone 





Figure 19. Roadmap for 3GPP standardisation groups” 


If 5G is viewed as the technology capable of transforming society, and even of ushering in the next 
industrial revolution by impacting multiple (vertical) sectors with new business models and in a way 
that benefits the economy, notably in Europe, in all likelihood it will initially be driven forward by 


eMBB (Enhanced Mobile Broadband, cf. 1.2). 


With this in mind, 3GPP defined the framework for Release 15, stage 1 specifications of 5G 
standardisation, as detailed earlier, whose work will focus on the following: 


- Standalone and Non-Standalone NR_ operation: 


the Standalone version to work 


independently of LTE technology, and the Non-standalone NR being highly interoperable 


with LTE°°. 


°° https://52- .eu/wp-content/uploads/2016/11/01 10-Nov_ Session-3 Dino-Flore.pdf 


Autorité de régulation des communications électroniques et des postes 
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Marine Insects 


Lanna Cheng 
Scripps Institution of Oceanography 


Ithough insects are undoubtedly the most common animals 

on land, very few species appear to live in the sea. However, 
they are actually rather well represented in diverse coastal 
marine or saline habitats. A marine insect is any insect that 
spends at least part of its life cycle in the marine environment, 
which includes any habitat from the upper intertidal to the open 
ocean. Among the 30 or so recognized insect orders, marine 
members occur in more than one-half of them (Table I). The 
most important species are found in Collembola, Heteroptera, 
Homoptera, Coleoptera, and Diptera. There are also many 
species of Mallophaga (biting lice) and Anoplura (sucking 
lice) whose hosts live in or on the sea (mammals or seabirds). 
A Web page on marine insects, www.unk.edu/marineinsects, 
is available. 


HABITATS 


Marine habitats can be divided either by salinity or by their 
position relative to the tidal level. Three types of saline 
habitats are generally accepted, based on their salt content (in 
parts per thousand): brackish (0.5-32), sea (34-37), and 
inland saline (0.5—250). Marine biologists, on the other 
hand, have traditionally divided coastal habitats into various 
zones according to their coverage by seawater or exposure to 
the sun. Three major zones are recognized: supralittoral 
(covered only during highest spring tides), littoral or 
intertidal (covered regularly between high and low tides), and 
sublittoral (never exposed even during the lowest low tides). 
An additional important habitat for marine insects is the 
pelagic zone, which comprises the open ocean far from the 
shore. 

The majority of marine insects occur in the intertidal zones, 
which can be further categorized by the types of vegetation 
associated with them, e.g., seagrasses and rushes (Spartina, 
Juncus), seaweeds (green, blue-green, brown, or red), man- 
groves (Rhizophora, Avicennia, Bruguiera, Sonneratia), or other 
higher plants (Xylocarpa, Acanthus). The salinity of water in 
the various intertidal habitats tends to be variable or brackish. 
Larvae of several marine chironomids (Diptera) live among 
submerged vegetation in the sublittoral zone, which may 
include various green plants (Enhalus, Halophila, Halodule) 
and algae (Halimeda, Corallina). 

The occurrences of various insect orders in different 
marine habitats are given in Table I. Five habitat categories 
are used in this table: pelagic, coastal, intertidal, mangrove, 
and saltmarsh. Brackish water habitats are commonly 
associated with mangroves in the tropics but with saltmarshes 
in temperate regions. 
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TABLEI Occurrences of Insects in Marine Environments by 
Taxonomic Grouping and Habitats 





Habitat 
Taxonomic group Common name P CIMsS 
Subclass Apterygota 
Protura proturans Sea 
Collembola springtails SF ae CE 
Diplura diplurans - - - - = 
Microcoryphia —_ jumping bristletails -— - + + + 
Thysanura bristletails -— = + + + 
Subclass Pterygota 
Ephemeroptera —_ mayflies - = = = + 
Odonata dragonflies and damselflies - - + + + 
Blattodea cockroaches S245 6 
Isoptera termites - = = + + 
Mantodea mantids - - - - - 
Grylloblattodea —_icebugs - = = = = 
Phasmatodea stick insects (walkingsticks) - - - + = 
Orthoptera grasshoppers, crickets, etc. =- =| + * + 
Dermaptera earwigs a 
Embiidina webspinners - - - - - 
Zoraptera zorapterans So eS Se 
Plecoptera stoneflies - = = FH 
Psocoptera psocids, booklice ee 
Mallophaga* chewing lice + + + + 
Anoplura* sucking lice Se a a ee 
Thysanoptera thrips - - = = + 
Heteroptera true bugs + + + + 
Homoptera cicadas, aphids, etc. a = 4 + 
Megaloptera alderflies, etc. S Bie ae je 
Raphidioptera snakeflies - - - - - 
Neuroptera lacewings, etc. - = = = + 
Coleoptera beetles - - + + + 
Strepsiptera* strepsipterans - = = = + 
Mecoptera scorpionflies - = = FH 
Trichoptera caddisflies - - + + + 
Lepidoptera butterflies and moths - - - + + 
Diptera flies - + + + + 
Siphonaptera fleas SP eee ee Ee, 
Hymenoptera bees, wasps, and ants - -—- + + + 


Note. P, pelagic; C, coastal; I, intertidal; M, mangrove; S, saltmarsh; +, 
present; —, absent or no data; *, only habitats of hosts marine. From Cheng 


and Frank (1993). 


TAXONOMIC GROUPS 
Apterygota 


Among the five known orders, marine members are found 
only in Collembola, Microcoryphia, and Thysanura. There 
are few marine thysanurans. The genus Petrobius has several 
marine species living on rocky shores in Europe, whereas 
species of Neomachilis can be found living under rock or in 
crevices in the upper intertidal in California and probably 
elsewhere in North America. Some species in at least six 
families of Collembola (Onychiuridae, Hypogastruridae, 
Neanuridae, Isotomidae, Entomobryidae, and Acraletidae) live 
in various intertidal habitats. The best studied and most widely 
distributed is Anurida maritima (Neanuridae), commonly 
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found in rocky upper intertidal zones or saltmarshes. It lives in 
crevices among rocks and comes out to feed at low tide when 
the habitat is exposed. It is able to withstand submergence 
under seawater during high tide for periods up to 4 h by sur- 
rounding itself with an air bubble that acts as a compressible 
gas gill. Its orientation rhythm is endogenous and synchro- 
nized with the tides. These animals are usually negatively 
phototactic (i.e., going away from light), but between 2 and 
7 h after low tide a large proportion of the population becomes 
positively phototactic (i.e., going toward light). Brightness of 
the horizon appears to be the main cue for the animals to 
move toward higher ground, where they seek shelter after 
foraging at low tide. When population densities become too 
high for any given crevice, these collembolans emerge and 
allow themselves to be dispersed at high tide by currents. They 
may then become stranded on the beach. Not infrequently 
huge aggregations consisting of millions of collembolans can 
be seen on beaches in various parts of the world. 


Heteroptera 


This is one of the most important orders in the marine envi- 
ronment, with nine families represented. Four families are 
semiaquatic and live at the water surface, five are shore dwellers, 
and only one, the Corixidae, is truly aquatic. 


FAMILY GERRIDAE This is by far the most conspicuous 
and diverse family in the marine environment, with three 
subfamilies (Halobatinae, Trepobatinae, and Rhagadotarsinae), 
five genera (Asclepios, Halobates, Stenobates, Rheumatometroides, 
and Rheumatobates), and over 60 species. They can be found in 
various habitats ranging from near-shore mangrove streams, 
intertidal reefs, coastal lagoons, bays and estuaries, to the open 
ocean. The majority of the species are found in the Indo- 
Pacific region. The best studied genus in terms of taxonomy, 
distribution, ecology, phylogeny, and evolution is Halobates 
(Fig. 1). This genus is almost exclusively marine and contains 
45 described species, including 5 that live a wholly pelagic life 
on the ocean surface. Although no living Halobates are known 
from the Mediterranean, a fossil species was described from an 
Eocene deposit (45 mya) in Verona, Italy. 


FAMILY VELIIDAE This is also represented in the marine 
environment by three subfamilies (Rhagoveliinae, Micro- 
veliinae, and Haloveliinae), five genera, and more than 50 
species. The genera Trochopus (5 species) and Husseyella (3 
species) are confined to coastal bays, mangroves, and 
estuaries of the Americas, whereas Xenobates, Halovelia, and 
Haloveloides are know only from the Indo-Pacific. The latter 
three genera consist of small bugs, with adults measuring not 
more than 3 mm in body length. Xenobates spp., common 
among mangrove plants, are often overlooked, but there are at 
least 16 species. Halovelia is the largest genus of the Veliidae, 
with more than 35 species. These tiny bugs live in crevices 
among intertidal rocks and corals on tropical seashores and 
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FIGURE 1 H. sericeus female (Heteroptera: Gerridae) feeding on Drosophila 
at the sea surface. 


emerge to feed only at low tide. Although extant Halovelia 
species are confined to the Indo-Pacific, a fossil species was 
recently described from an Oligo-Miocene Dominican 


amber (15-45 mya). 


FAMILY MESOVELIIDAE Only two genera are represented 
in the marine environment. While most species of Mesovelia 
are found in freshwater habitats, at least one is halophilous and 
regularly found in tidal water. However, both known species 
of Speovelia are marine. 


FAMILY HERMATOBATIDAE This is a monotypic, 
exclusively marine family with eight recognized species, all 
except one being found in the Indo-Pacific. These unique 
bugs are associated exclusively with intertidal rocks or coral 
rubble, where they hide in crevices during high tide and come 
out to feed at low tide. However, some must remain active at 
the sea surface because individuals have been caught in net 
tows offshore or with light during the night at high tide. 


FAMILY CORIXIDAE This is the only truly aquatic het- 
eropteran family to be found in saline environments. Although 
about 60 species belonging to 12 genera have been reported 
from saline waters, most of them normally occur in freshwater 
habitats but are able to tolerate saline conditions. Many species 
are common in inland saline lakes, but only a few are found 
there predominantly. Trichocorixa verticalis, the most widely 
distributed species, is commonly found in saltmarsh pools, but 


specimens have occasionally been captured in plankton tows 
near shore. It is most tolerant of salinity changes and has been 
found to live and even to breed in ponds with a salinity 
approaching saturation (>300 ppt). Unlike most marine ger- 
rids, which are wingless and flightless, adult corixids are winged 


and often disperse by flight. 


SALDIDAE AND OTHER SHORE BUGS Five families of 
shore bugs (Saldidae, Gelastocoridae, Ochteridae, Omaniidae, 
and Aphelocheiridae) have representatives in marine environ- 
ments. The most important family is Saldidae, which has at 
least 15 genera with more than 50 marine species worldwide. 
Most live in salt marshes. Winged forms occur in most shore 
bugs, and some species are rather strong fliers. 


Homoptera 


The Homoptera are rather poorly represented in the marine 
environment. In the Aphididae the best studied are Pemphigus 
spp. which feed on the roots of the saltmarsh Aster in Britain 
and probably elsewhere in Europe. Several species of herbiv- 
orous homopterans (Delphacidae, Issidae, Cicadellidae, and 
Cicadidae) feed and breed in seagrass beds in tidal saltmarshes. 
Prokelisia marginata (Delphacidae) is confined to beds of the 
seagrass Spartina alterniflora along the Atlantic coast of North 
America. 


Coleoptera 


Representatives of more than 20 families of beetles are found 
in marine environments, but none are truly aquatic. Most of 
the species occur in the intertidal zones among sand, rocks, 
algae, or wrack. Some are found in brackish waters, saltmarsh- 
es, or sand dunes. The most important marine families are 
Staphylinidae, Carabidae, Curculionidae, and Tenebrionidae. 


FAMILY STAPHYLINIDAE This is the most important 
family, with more than 300 marine species. The genus Cafius 
is exclusively marine, with about 50 species. They are generally 
found on beaches associated with wrack (piles of stranded 
seaweeds), where they feed (as predators) and breed. The genus 
Bledius, with well over 400 species, has about 10% occupying 
marine habitats. Unlike most other staphylinids, they are not 
predatory. Females lay eggs in burrows and guard them from 
fungal attack and predation (a presocial behavior). The narrow 
openings of burrows of B. spectabilis have been shown to 
prevent flooding by tides. Adults and larvae of some other 
Bledius species dwell in inland salt flats. Bryothinusa, a genus 
of at least 24 species of small beetles, is exclusively marine. 


OTHER FAMILIES Tiger beetles (Carabidae, subfamily 
Cicindelinae) include about 2300 species that occupy mainly 
terrestrial habitats. Adults of a few Cicindela species are com- 
mon on sandy seashores and invade the intertidal areas during 
low tide. These predatory beetles run very fast and are difficult 
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to catch. Females lay eggs in burrows where the larvae, after 
hatching, may remain for 2 or more years in the larval stage. 
Females of certain Cicendela species have been found to choose 
soils with specific salinity or shade conditions for laying eggs. 
Some genera of Curculionidae are known exclusively from 
driftwood or stranded seaweed on beaches, where they breed 
and the larvae develop. Beetles in several other families 
(Chrysomelidae, Cerambycidae, Curculionidae) are pests of 
tropical mangrove trees, feeding on flower buds, leaves, or 
bark and in some instances causing considerable damage. 


Trichoptera 


Caddisflies are predominantly freshwater insects, but several 
families breed in brackish water. The Chathamidae are 
exclusively marine and are known only from New Zealand 
and Australia. The four species belong to two genera, 
Chathamia and Philanisus. The adults are winged and can be 
found flying among intertidal rock pools. Eggs of the most 
widely distributed species, P plebeius, are sometimes laid in 
the coelomic cavity of intertidal starfish or among coralline 
algal turf. The larvae use bits of coralline algae to construct 
their tubes (Fig. 2). They feed on various intertidal algae that 
may remain submerged at high tide. 


Diptera 


In addition to saltmarsh mosquitoes (Culicidae), biting midges 
(Ceratopogonidae), horse flies, and deer flies (Tabanidae), some 
of which are of great medical and/or economic importance, 
many other dipterans are found in various saline habitats. 
Almost all adult flies are winged, but the larvae of many species 
are truly aquatic and may remain submerged throughout their 
entire larval lives. The most commonly encountered nonbiting 
beach insects are probably seaweed flies belonging to at least 
five families (Coelopidae, Dryomyzidae, Muscidae, Borboridae, 
and Anthomyiidae). They are all associated with wrack or cast 
seaweeds where the adults feed and breed, and their life cycles 
tend to be synchronized with the tidal rhythm. Members of the 
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FIGURE 2 P plebeius larvae in tubes constructed with coralline alga 
(Trichoptera: Chathamidae). 
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FIGURE 3 Po. cottoni male (Diptera: Chironomidae). 


predatory family Canaceidae are exclusively marine and occur 
in the intertidal zone. Some of the most common invertebrates 
of inland salt lakes are brine flies in the family Ephydridae. 
Millions of these flies can sometimes be seen clustering along the 
lake shores, where they provide abundant food for shore birds. 

Nonbiting flies in the families Chironomidae, Dolicho- 
podidae, and Tipulidae are often associated with intertidal 
algal turf or submerged marine plants, where the larvae live 
and feed. The best studied is undoubtedly the chironomid 
Clunio marinus, whose life cycle is controlled by lunar as well 
as circadian rhythms. The most curious chironomid is pro- 
bably Pontomyia (Fig. 3), an exclusively marine genus with 
four species. Pontomyia has an extremely short adult life span 
(30 min to 3 h), dying shortly after mating or egg laying. The 
eggs, embedded in a gelatinous matrix, are laid in a coil that 
sinks to the sea bottom. The larvae feed on submerged marine 
algae, and the pupae float to the sea surface shortly before emer- 
gence. The timing of emergence may be controlled by light, 
lunar, and tidal cycles. 


Other Orders 


Caterpillars of many species of moths feed on the leaves of 
mangrove trees, but their biology is poorly known. Other insect 
orders are represented in the marine environments by only a 
few species, e.g., the earwig Anisolabis littorea (Dermaptera) in 
New Zealand and the larvae of two sisyrids (Neuroptera) that 
live in brackish-water sponges. In addition, certain species of 
grasshopper (Orthoptera), ant (Hymenoptera), and even termite 
(Isoptera) can be common in some saltmarsh or mangrove areas. 
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Mating Behaviors 
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ating behavior is typically viewed as comprising all events 

from pair formation through courtship to the final breakup 
of the mating pair. In most pterygote insects, sperm transfer is 
achieved through copulation. In contrast, in the few studied 
apterygotes, including both Insecta (Archaeognatha and 
Thysanura) and Ellipura (Collembola, Protura, and Diplura), 
sperm transfer is indirect; the spermatophore is placed on the 
substrate and is picked up by the female either following a 
period of courtship or with the pair making no contact at all. 
This article focuses on events occurring after the male and 
female have made physical contact; pair formation in insects 
is covered elsewhere. The main theme here is the function 
and adaptive significance of mating behaviors. 

There is a vast amount of published information on the 
mating behaviors of insects. These behaviors have tradition- 
ally been viewed as relatively invariant within species. However, 
it is now evident that insect mating can show a great deal of 
adaptive variation and flexibility. As an introduction to this 
variation, consider insects that use carrion, a resource that can 
attract both males and females and thus serves as a location 
for mating. The complexity and plasticity of mating behavior 
observed in carrion insects easily rival those of other animals, 
including vertebrates (even Shakespeare’s Romeo felt that 
“more courtship lives in carrion-flies than Romeo”). 

One courting carrion fly is attracted to the dry hide and 
bones of large old carrion sources, the main larval food for the 





FIGURE 1 A fly similar to piophilids in exhibiting complex male courtship 
is the otitid, Physiphora demandata. The male first taps the female with a 
foreleg (A), then raises a middle leg (B), and turns and presents his abdomen 
to the female, who extends her proboscis to touch his abdomen (C). This 
can be followed by the female backing up in a spiral path, appearing to pull 
the male backwards (D). (Reproduced, with permission, from Alcock and 
Pyle (1979) Z. Tierpsychol. 49, 354.) 


TABLEI The Functions and Context of Mating Behaviors 
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species. The fly Prochyliza xanthostoma (Piophilidae) shows a 
remarkably complex courtship that can last for over 15 min 
(see Fig. 1 for another example). A courting male approaches 
the female while stepping rapidly from side to side and striking 
his abdomen downward. Males can repeat these vigorous 
movements and vary in the degree to which they display. If the 
female stops moving, the male stops courting, orients, and then 
slowly creeps toward her, occasionally repeating earlier parts 
of his routine. Individual males vary greatly in the vigor and 
length of the courtship display and this may represent varia- 
tion in a signal of male quality used by females to select the 
best mates (Table I, Nos. 5 and 6). 

Courtship by males of another temperate-zone carrion fly 
also appears to mediate female discrimination among males. 
Females of the fly Dryomyza anilis (Dryomyzidae) lay eggs on 
small carrion items such as dead fish. For this fly, courtship 
on the carrion occurs afier copulation. A single courtship 
sequence consists of the male’s genital claspers tapping 
vigorously on the female’s external genitalia and then lifting 
and releasing her abdomen. Males vary in the number of 
genital tapping sequences performed and the number of 
sequences correlates with greater fertilization success. Bouts 
of tapping are followed by oviposition during which the male 
guards his mate from rivals. A male’s success in fertilization is 
apparently achieved by the female biasing the distribution of 
sperm within her sperm storage organs (see Box 1). A similar 
influence on the success of courting male red flour beetles 
(Tribolium castaneum: Tenebrionidae) comes from a display 
in which the male rubs the female’s elytra. 

Ina beetle that buries carrion, considerable variation occurs in 
reproductive behavior after the sexes have paired up and mated. 


While inseminating After insemination 





Before copulating (copulating) and copulation 

(1) To communicate information about sex (gender), possibly to suppress 

aggressive (in males) or cannibalistic tendencies (in predatory species). xX 
(2) To synchronize mating behavior, such as when physiological 

mechanisms synchronize the behavior of the sexes. X x 
(3) To perform movements associated with positioning of genitalia, 

transferring ejaculates, and uncoupling. x x x 
(4) To communicate species information to prevent costly interactions 

(e.g., mate-finding movements or inviable offspring) with the 

wrong species. x x 
(5) To communicate information about direct benefits (for mates or 

offspring) supplied during or after mating such as: 

(a) fecundity or number of ejaculated sperm (fertility) and the 

ability to supply nutrients (nuptial meals) and Xx X 

(b) territory quality, or level of parental care. Xx Xx Xx 
(6) To communicate information about indirect benefits (i.e., for 

offspring) such as compatibility of genotypes or genetic quality. xX x xX 
(7) To communicate competitive ability to rivals. Xx Xx Xx 
(8) To resolve struggles between the sexes that reflect conflict over 

whether to mate at all, when to terminate copulation, or whether 

the partner mates with another individual. Xx Xx Xx 
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Box 1. A Broader View of Courtship: The Concept of “Cryptic” Sexual Selection 


If males behave in order to maximize the number of surviving offspring, then male success is best estimated as fertilization 
success rather than success in mating many females. Thus, both direct competition between males and female 
discrimination should not end at copulation. The full development of this insight has coincided with the advent of a 
number of molecular-genetics methods to assign paternity. In insects the potential for paternity competition is high because 
females typically mate with more than one male and store their long-lived sperm in specialized organs. Indeed, males 
have been found to possess adaptations that incapacitate, physically displace, or remove rival ejaculates, examples being 
copulatory movements in dragonflies, such as Calopteryx maculata, in which penis brushes remove virtually all rival sperm 
from the female sperm storage organs. In fact, male insects can enhance fertilization sucess even after sperm transfer has 
occurred. For example, males are known to transfer chastity-enforcing chemicals to females or substances that cause the 
females to increase the rate of laying eggs. Ultimately, however, mechanisms that bias fertilization success are under female 
control and so are probably best viewed as female discrimination, a phenomenon that can be revealed by experimentally 
removing “male-control” effects on the paternity of offspring. Female adaptations include fertilization biases caused by 
moving favored ejaculates. Also, in species with “last ejaculate stored is the first to be used” mechanisms, females mating 


high-quality males (representing genetic quality in species with no paternal care, Table I, No. 6) can simply increase the 


rate of egg laying (e.g., Oecanthus tree crickets and Hylobittacus scorpionflies) or differentially allocate more resources 
to these eggs, thereby increasing offspring fitness (no examples from insects, but this is known in birds). Finally, the 
consequences of these “cryptic” sexual selection mechanisms are: (i) a male’s courtship that signals his quality, e.g., 
genital copulatory displays (Table I, Nos. 5 and 6), can occur at any point during mating until the female oviposits (thus 
making courtship synchronous with mating) and (ii) the Darwinian division between primary (e.g., penes and testes) 
and secondary (e.g., the peacock’s tail) sexual structures is blurred: male structures such as dragonfly penis brushes and 
large testes that are adapted to deliver large numbers of gametes into the sperm competition lottery are probably sexually 
selected devices. The vast diversity and complexity of insect genitalia may result from these processes: species with 
multiple-mating females are known to have more complex male genitalia than species in which females mate only once. 


A male and female of the beetle Nicrophorus defodiens (Silphidae) 
cooperate both to defend a mouse-sized carcass from intru- 
sions by other Nicrophorus and to bury the carrion in an under- 
ground chamber where it becomes food for the pair’s offspring. 
However, the behavior of the sexes is quite different after 
interment of a rat-sized carcass, one large enough to support 
more offspring than can be produced by the initial pair. Here, 
conflict between the pair becomes evident when the male 
produces a pheromone to attract additional females. The male’s 
signal causes his resident mate to try and thwart this signaling 
by mounting and biting the male (Table I, No. 8). Conflict 
stems from a potential sexual difference in success on larger 
carrion. On this food resource, the male stands to gain substan- 
tially from the increased number of larvae he fathers when 
mating several females, whereas his first mate can expect only 
decreased fitness owing to increased larval competition. 
Sexual conflict and flexibility in mating behavior is also 
apparent in the postmating interactions of a neotropical rove 
beetle, Leistotrophus versicolor (Staphylinidae). Male and female 
L. versicolor are attracted to carrion (and occasionally dung) 
not as an oviposition site but as a place to prey on flies. After 
a pair copulates, a male can be observed to attack and bite his 
mate, often running after her for up to half a meter. However, 
this behavior occurs only when there are a number of rival 
males present. Male aggression appears to serve in driving the 
female away from the carrion, thus preventing her from mat- 
ing with other males (Table I, No. 8). An alternative possibility 





is that aggession toward females is a form of postcopulatory 
courtship (see Box 1 and Table I, No. 6). 


SEXUAL CONFLICT DURING MATING 


These episodes of insect mating reveal how Darwinian selec- 
tion theory can be used to understand variation in behavior. 
The basic underlying assumption of this theory is that indivi- 
duals behave in such a way as to yield the greatest number of 
surviving progeny. This theoretical insight suggests that 
courtship and copulation should rarely be a cooperative 
venture. Cooperation in courtship was the prevailing view 
among biologists at one time, in part because courtship was 
thought to synchronize mating events (Table I, No. 2). In 
contrast to this view, much research indicates that the sexes 
are often in conflict. Sexual conflict is expected to be common 
because the reproductive interests of male and female are so 
often at odds (Table I, No. 8). Conversely, cooperation is 
expected in the few cases in which male and female interests 
are similar. For example, interactions between a pair of burying 
beetles are mainly cooperative after they have interred a mouse- 
sized carcass. In contrast, when a larger carcass is buried, 
conflict is evident because, unlike the situation with small 
carcasses, the male has an opportunity to increase his repro- 
ductive success by attracting additional mates, whereas any 
added larvae from such matings probably decrease the initial 
female’s success. The latter situation exemplifies a type of sexual 


Box 2. Risk of Predation and Mating Behavior 


Insects engaged in mating activities are known to assess 
the risks of predation and to adaptively change their 
behavior. For example, the typical song preference 
shown by female crickets, Gryllus integer (Gryllidae), 
can be overcome if the female can safely approach a 
less preferred song. In water striders, Aquarius remigius 
(Hemiptera: Gerridae), high predation risk appears to 
reduce male activity, thus decreasing their tendency to 
harrass females. This in turn allows large males to 
achieve high mating success (possibly because females 


can be more selective or can more easily avoid mating 
with smaller males). The threat of predation from fish, 
insect, and spider predators of this species and other 
gerrids can cause a decrease in mating frequency as well 
as in the duration of copulation. 





conflict expected in the reproductive activities of animals 
because of a sexual difference in reproductive strategy: males 
typically maximize the number of females mated so as to maxi- 
mize fertilization success, whereas females maximize fecundity 
and offspring quality. This sexual difference also causes conflict 
when already-mated females are harrassed by promiscuously 
mating males. Examples come from the precopulatory struggles 
often observed in insects. A well-studied case involves water 
striders (Heteroptera: Gerridae). When a male uses forelegs 
and genitalia to secure a female for copulation, a vigorous 
struggle ensues during which the female attempts to dislodge 
him. Superfluous matings can be costly to females in terms of 
increased predation risk (Box 2) and energetic cost. To reduce 
such costs female Gerris incognitus have evolved upcurved 
abdominal spines that appear to function in thwarting male 
mating attempts. Another possible purpose for precopulatory 
struggles is that they test male quality (Table I, No. 6; see also 
the example of seaweed flies considered under Genetic Quality 
and Mate Choice). 

Precopulatory struggles appear to be a result of sexual 
conflict in species in which males feed their mates, because 
females pay a cost if the size of their meal is reduced in any 
way. Thus a newly paired male and female scorpionfly 
(Mecoptera: Bittacidae) can both be seen to pull on the prey 
offering (Fig. 2). Conflict comes from males holding back 
the prey in order to conserve food for copulations with other 
mates and the female attempting to begin her meal as soon as 
possible. Conflict in some mate-feeding insects is particularly 
evident in the struggle between the sexes when a male attempts 
to force a copulation without providing the beneficial meal to 
his mate. To overcome female resistance, males of both panor- 
pid scorpionflies and haglid orthopterans have specialized 
abdominal organs that function in holding onto females 
during forced matings. 
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FIGURE 2 Sexual conflict behavior in insects can be seen in mating struggles 


between a male and a female. Here a pair of scorpionflies, Hylobittacus similis, 
are using their hind tarsi in a tug-of-war over a nuptial prey (a blow fly) item 
captured by the male. 


A widespread form of sexual conflict arises from multiple 
mating by a female, which increases her success while com- 
promising her mate’s confidence of paternity. This conflict is 
evident in rove beetle males that drive their mates away from 
rivals. Striking examples also occur in male adaptations that 
not only enforce chastity in the female but also reduce her 
survival. Examples include toxic chemicals in the seminal 
fluid of fruit flies, Drosophila melanogaster (Drosophilidae), 
and damaging spines on the penis of lowpea weevils, 
Callosobruchus maculatus (Bruchidae), both of which decrease 
female life span. In the beetle, females appear to reduce injury 
to the reproductive tract by vigorously kicking males in order 
to terminate copulation (Table I, No. 8). 


SEXUAL DIFFERENCES IN MATING BEHAVIOR 


Advantages that females might obtain from choosing to mate 
with more than one male include acquiring goods and 
services—such as nuptial meals—or enhancing offspring 
quality by remating when a high-quality male is encountered 
(Box 1). This point highlights the basic sexual difference in 
mating behavior: typically females are choosy when it comes 
to the males that father their offspring, whereas males 
compete and display as a way to obtain multiple matings. 
The factors controlling these typical sexual differences in 
behavior stem from the basic difference in the way males and 
females maximize reproductive success. Females usually invest 
more in individual offspring than males by providing materials 
for egg production and, in some species, caring for progeny. 
These maternal activities mean that fewer females than males 
are available for mating, thus causing males to compete for the 
limiting sex. Therefore sexual selection is greater on males than 
on females. This theory predicts that in species in which males 
invest more in offspring than females, sexual selection on the 
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sexes will be reversed, causing a reversal in the mating roles, 
ie., competitive females and choosy males. This prediction 
has been upheld in experiments with several katydid species 
(Orthoptera: Tettigoniidae). These species are useful experi- 
mental organisms because mating roles are flexible; when food 
in the environment becomes scarce females compete for mates 
and males are choosy. Hungry females fight to obtain matings 
because each copulation comes with a nuptial meal, a nutritious 
spermatophore (in contrast to sexual selection on males—to 
increase fertilizations—the sexual selection on meal-seeking 
females is to increase number of matings). In support of the 
theory, food scarcity causes an increase in relative investment 
in individual offspring (eggs) because there is an increase in 
the material in eggs derived from males—their spermatophore 
nutrients. The degree of choosiness shown by a sex should 
also be influenced by variation in the quality of the sex being 
chosen. Members of a sex are expected to be choosy if 
variation in the quality of potential mating partners is high. 


SIGNALS TO MATES DURING MATING 
Material Benefits and Mate Choice 


Rejection of a mate (usually of males by females) is only one of 
the explanations for the failure of a pair to mate successfully. 
Other causes of a breakup of pairs are certain changes in the 
physical environment and a threat of harm from predators (see 
Box 2) or rival males. A number of studies have ruled out these 
alternatives and have thus shown that certain mating behaviors 
function in choosing mates, for example, individuals noted to 
move between signaling or swarming members of the opposite 
sex before mating with one of them and individuals pulling 
away from their mates after the mating sequence has begun. 
As predicted by theory, female choice of mates is more wide- 
spread than male choice. Some of the clearest examples of mate 
choice come from species in which females obtain material 
benefits from males (Table I, Nos. 5a and 5b). One case 
involves scorpionflies (family Bittacidae), of which females 
attracted to males presenting food gifts of prey will manipulate 
the offering (Fig. 2) and reject males presenting small prey. 
Female scorpionflies also discriminate against such males by 
breaking off copulation prematurely. Only a male that transfers 
a large prey will complete copulation by supplying both a full 
complement of sperm and chastity-inducing substances. 
Virtually all cases of male choice in insects appear to involve 
the acquisition of material benefits from large females, specifi- 
cally the large number or size of eggs possessed by heavyweights. 
This has been noted in a number of insects, including tettigo- 
niid orthopterans, cerambycid and brentid beetles, and empidid 
flies. Selection on males to mate with the most fecund females 
should mean that preferred females would not display their 
genetic quality (Table I, No. 6) because investment in costly 
displays probably indicates reduced fecundity. In fact, fecun- 
dity selection on females predicts that they will usually not 
evolve in displays of quality in the first place. In what may be 


an exception to this prediction, female empidid flies, 
Rhamphomyia longicauda, display inflated abdomens and 
fringed legs to choosy males while flying in all-female swarms. 
The size of the inflated female, as perceived by a male entering 
the swarm, seems to be a poor predictor of her fecundity and 
may instead advertise her genetic quality. 

As noted earlier, male choice is expected when the mating 
roles are reversed or when there is a high degree of variance in 
the quality of females. Examples of the former include male 
Mormon crickets (Anabrus simplex: Tettigoniidae) pulling away 
from mounted lightweight females—apparently after weighing 
them—and males of the empidid flies Rhamphomyia sociabilis 
and Empis borealis choosing large, fecund individuals from 
within all-female swarms. In contrast to male mate choice in 
role-reversed systems, male choice that evolves in response to a 
high variance in female quality typically is often found with a 
high degree of male—male competition, i.e., sexual selection on 
males. Indeed, male choice in this situation can be caused by 
sexual selection among males to mate with the highest 
quality females. An example of male choice when females 
vary in quality includes winter moths, Operophtera brumata 
(Lepidoptera, Geometridae), and red flour beetles. Finally, 
local population variation in the primary sex ratio can affect 
the likelihood of male choice; in red milkweed beetles, 
Tetraopes tetraopthalmus (Cerambycidae), a scarcity of males 
is associated with a higher degree of male choice. 


Genetic Quality and Mate Choice 


In theory, females are expected to show choice to obtain indi- 
rect benefits, i.e., benefits that enhance the genetic quality of 
offspring. Female Dryomyza flies appear to do this by biasing 
fertilization after evaluating male copulatory courtship. But 
what sorts of indirect benefits do choosing females obtain? In 
yellow dung flies, Scathophaga stercoraria (Scathophagidae), 
females can favor the stored sperm from males with genotypes 
likely to enhance offspring growth. For genotypes common in 
the population this involves mating with a male of a similar 
genotype when the environment is constant but choosing a 
male of a different genotype when the environment is unpre- 
dictable. In other insects, the cue to a male’s genetic quality is 
consistent between females. For example, following a courtship 
consisting of wing-flicking and pheromone displays, older 
females of Colias butterflies (Pieridae) show mating preferences 
for genotypes that fly well and are long-lived. Male and female 
calopterygid dragonflies also court using wing displays and the 
size of wing spots. The latter is a sexually dimorphic trait in 
European Calopteryx splendens and is correlated with several 
aspects of male quality, including the level of immunocom- 
petence, developmental stability, and resistance to gut parasites. 
In yet another dipteran, the seaweed fly, Coelopa frigida 
(Coelopidae), mating interactions involve prolonged premat- 
ing struggles in which a mounted male can be dislodged as a 
result of kicking and shaking by the female. Such struggles 
favor matings with large males and this female bias enhances 


the genetic fitness of her offspring: progeny of large males tend 
to be heterozygous for a chromosomal inversion that increases 
offspring viability. However, female choice in this system may 
be maintained by more than good-genes sexual selection. 
Females carrying the inversion genotype show a strong pref- 
erence for large males. Genes for preference thus appear to be 
linked with genes for the male display trait, suggesting a form 
of female-choice sexual selection, termed “runaway” or 
“Fisherian” sexual selection (after the originator of this idea, 
R. L. Fisher), in which mothers gain by producing “sexy 
sons,” those that are highly attractive to females. 


Mating Preferences for the Correct Species 


One result of the expected rapid evolutionary change from run- 
away sexual selection may be speciation through behavioral 
isolation. Speciation results when there is sufficient between- 
population divergence in the female preference and the 
linked male display that a side effect of intraspecific mating 
preferences is discrimination against males from other popula- 
tions (see also Box 1). This “effect” hypothesis for species 
discrimination differs from the hypothesis that certain female 
mating preferences have evolved to function in avoiding costly 
interactions with other species. An example of the latter involves 
the fruit flies Drosophila pseudoobscura and D. persimilis, in 
which hybrid matings result in decreased reproductive success 
because sons are sterile. Female Drosophila assess the wing- 
vibration displays of males, and D. pseudoobscura females 
collected from areas where the two species co-occur (sympatry) 
reject courting D. persimilis males more frequently than females 
collected from areas with no species overlap (allopatry). This 
result was not the result of differences in courtship by the 
males with the two types of females. These findings indicate 
that female discrimination against heterospecific male courtship 
has been reinforced in areas where maladaptive hybridization 
is likely to occur. 

A high degree of discrimination against courtship by 
heterospecific individuals in sympatry has also been noted in 
Calopteryx dragonflies in which both sexes display patterned 
wings in precopulatory courtship. Compared with areas of 
allopatry, male C. maculata in sympatry discriminate more 
against the wing patterns of C. aequabilis females, and mate 
preferences during courtship appear to have reinforced wing- 
pattern differences between the species. For example, in a 
north-south transect in eastern North America, the 
proportion of pigmented wing area of both sexes is greater in 
areas of sympatry than in areas of allopatry. 


SIGNALS TO RIVALS DURING MATING 


In another North American calopterygid, Hetaerina americana, 
variation in wing-spot displays reflects an evolutionary history 
of competition between males; males with larger wing spots 
are more successful in defending mating territories than males 
with smaller spots. As males with experimentally enhanced 
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spots suffer a cost (increased mortality), these signal patterns 
appear to have evolved as honest indicators of fighting ability. 
These signal indicators may convey information about male 
ability to rivals during wing-waving displays directed at 
females. Other behaviors taking place during mating appear 
to function in a competitive context (Table I, No. 7). For 
example, males of the carrion beetle mentioned previously 
(L. versicolor) will occasionally mimic female behavior during 
interactions with potential mates (Fig. 3). Pseudofemale 
behavior reflects a remarkable plasticity in the way the male 
beetles obtain matings. The most profitable way to gain access 
to females is to fight to defend the carcass that attracts them. 
However, males can obtain some matings subversively by 
mimicking female behavior and thus avoiding costly fighting. 
This form of behavior is conditional on the relative size 
difference between opponents: a male will engage a smaller 
male in a fight but will switch to pseudofemale behavior if his 
rival is larger. There are other mating behaviors that appear 
to reflect male—male competitive interactions. For example, 
after attracting females, males of some singing insects switch 
from song to a more reclusive signal such as substrate vibra- 
tion, apparently as a way of avoiding courtship behavior that 
attracts rivals. 


HOMOSEXUAL BEHAVIOR AND MATING MISTAKES 


A male L. versicolor beetle can be duped into courting a small 
female-mimicking rival (Fig. 3) and there are a few other 
examples, such as in some butterflies and dragonflies, of 
homosexual mating mistakes when certain males adaptively 
resemble females. Homosexual mounting can also occur 
among insects of which the males have not evolved to mimic 
females. This male behavior is widespread in animals and 
appears to be simply an effect of poor sex recognition; strong 
selection on males to mate frequently causes them to mount 
any object that resembles a female. Examples of mating 
mistakes can even include inanimate objects, such as in the 
case of Julidomorpha bakewelli, an Australian buprestid 
beetle, the males of which attempt to copulate with beer 
bottles with a coloration and reflection pattern resembling 
the female’s elytra (Fig. 4). 

Poor sex recognition appears to be the explanation of why 
males of another beetle, Diaprepes abbreviatus, mount conspe- 
cific males. A big difference between this species and others, 
however, is that females also perform homosexual mountings. 
In this case, however, mounting appears to be an adaptive 
reproductive strategy rather than a mating mistake. Laboratory 
experiments with this species reveal that a mounted pair of 
females attracts males. In fact, large males attempt to mate 
more often with paired females than with single large or small 
females. As both the mounting and the mounted females had 
similar probabilities of copulating with the attracted male, it 
appears that the mounted pair mimics a heterosexual pair in 
order to incite the attraction of large, competitive (i.e., high- 
quality) males. 
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FIGURE 3 A male staphylinid beetle, L. versicolor, can avoid being chased by 
a rival from the carrion source by mimicking female behavior. The mimic 
male turns and presents his abdomen to the approaching rival, which 
antennates the abdominal tip and taps it with his head. Copulation (bottom) 
is the only stage of a heterosexual encounter that is not represented in these 
homosexual encounters (because the mimic male breaks up the encounter by 
walking away). (Reproduced, with permission, from Forsyth and Alcock 
(1990) Behav. Ecol. Sociobiol. 26, 326.) 


CONCLUSIONS 


Observations of insect mating behaviors reveal a great diver- 
sity, some of which is a result of plasticity within species. The 
examples discussed here show how an understanding of the 
function of both inter- and intraspecific variation in mating 
behaviors can be gained by examining the consequences of 
behavior for the reproductive success of the mating male and 
female. Functions of insect mating that were proposed before 
the widespread use of the “selectionist” approach (Table I, 
Nos. 1 and 2) can be subsumed into this framework. For 


FIGURE 4 A mating error by a male: a J. bakewelli male mounts a beer 





bottle. Note how the aedeagus (penis) is extended. 


example, movements involved in delivering sperm are undoubt- 
edly subject to sexual selection. And, any observations of syn- 
chronized courtship in a species inevitably lead to the question 
of how such synchrony enhances the reproductive success of the 
male and female. There is a wealth of behavioral diversity for 
future research, including apterygote insects, a virtually unstudied 
group and one of great interest because they lack copulation. 


See Also the Following Articles 
Hearing « Pheromones ¢ Reproduction ¢ Sexual Selection 


Further Reading 

Alcock, J. A., and Gwynne, D. T. (1991). Evolution of insect mating 
systems: The impact of individual selectionist thinking. Jn “Reproductive 
Behaviour in Insects: Individuals and Populations” (W. J. Bailey and J. 
Ridsdill Smith, eds.). Chapman & Hall, London. 

Arnqvist, G. (1998). Comparative evidence for the evolution of genitalia by 
sexual selection. Nature 393, 784-786. 

Cade, W. H. (1985). Insect mating and courtship behaviour. Jn “Compre- 
hensive Insect Physiology, Biochemistry and Pharmacology” (G. A. Kerkut 
and L. I. Gilbert, eds.). Pergamon Press, Oxford. 

Choe, J. C., and Crespi, B. (eds.) (1997). “The Evolution of Mating Systems 
in Insects and Arachnids.” Cambridge University Press, Cambridge, UK. 

Eberhard, W. G. (1996). “Female Control: Sexual Selection by Cryptic 
Female Choice,” Princeton University Press, Princeton, NJ. 

Eggert, A.-K., and Sakaluk, S. K. (1995). Female-coerced monogamy in 
burying beetles. Behav. Ecol. Sociobiol. 37, 147-153. 

Lima, S. L. (1998). Stress and decision making under the risk of predation: 
Recent developments from behavioral, reproductive, and ecological 
perspectives. Adv. Stud. Behav. 27, 215-290. 

Lloyd, J. E. (1979). Mating behavior and natural selection. Fla. Entomol. 62, 
17-34. 

Rowe, L., Arnqvist, G., Sih, A., and Krupa, J. J. (1994). Sexual conflict and 
the evolutionary ecology of mating patterns—Water striders as a model 
system. Trends Ecol. Evol. 9, 289-293. 

Simmons, L. W. (2001). “Sperm Competition and Its Evolutionary Conse- 
quences in Insects.” Princeton University Press, Princeton, NJ. 

Thornhill, R., and Alcock, J. (1983). “The Evolution of Insect Mating 
Systems.” Harvard University Press, Cambridge, MA. 





Maytly 


see Ephemeroptera 


- Target use cases: starting with Enhanced Mobile Broadband (eMBB) as well as Low Latency 


and High Reliability to enable some URLLC (Ultra-reliable and Low Latency Communications, 
cf. 1.2) use cases. 


- Simultaneous examination of frequency ranges below 6 GHz and above 6 GHz. 


Release 16, the second phase of 5G specifications, will then focus more on other segments such as 
mMITC (Massive Machine Type Communications, cf. 1.2), for instance, to tackle loT use cases that 
require higher quality of service than what LPWAN (Low-Power Wide-Area Network)”’ can provide. 


°° In its non-standalone version, the NR control plane is LTE’s. in other words, the 4G network controls the 5G carriers and 
spreads users across the different bands and technologies. 


°” Sigfox and LoRa LPWAN 


Autorité de régulation des communications électroniques et des postes 39/41 





Mechanoreception 
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Dalhousie University, Halifax, Nova Scotia 


M echanoreception is the sense that allows insects to detect 
their external and internal mechanical environments, 
including physical orientation, acceleration, vibration, sound, 
and displacement. The integument and internal organs con- 
tain a wide variety of mechanoreceptors. Prominent receptors, 
such as surface hairs that mediate touch or auditory organs, 
have been studied extensively, but many other physiological 
functions also depend on mechanosensory signals. 
Arthropod mechanoreceptors are divided into two mor- 
phological groups: Type I, or cuticular, and Type II, or multi- 
polar. Type I are ciliated receptors, associated with the cuticle, 
and have their nerve cell bodies in the periphery, close to the 
sensory endings. They can be subdivided into three major 
groups (Fig. 1). Hairlike receptors are found on the outer 
surface in a variety of shapes and sizes, from long, thin hairs 
to short pegs and scales. A sensory neuron is closely apposed 
to the base of the hair and its dendrite contains microtubules 
ending in a structure called the tubular body. It is assumed 
that movement of the hair compresses the ending, with the 
tubular body perhaps providing a rigid structure against which 
the compression can work. Hair receptors can contain addi- 
tional sensory neurons, such as chemoreceptor neurons in 
taste hairs. Campaniform (bell-shaped) sensilla are also found 
on the outer surface, particularly in compact groups near the 
joints, where they detect stress in the cuticle. Stress moves the 
bell inward, compressing the dendritic tip containing the 
tubular body. Chordotonal receptors are generally found far- 
ther beneath the integument, although they can be connected 
to the integument by attachment structures. They serve several 
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FIGURE 1 The three major groups of insect cuticular mechanoreceptors. 
The receptor lymph space surrounding the sensory ending is formed by a 
layer of sheath cells and epithelial cells connected by tight junctions. The 
numbers of sheath cells and their nomenclatures are both variable (see text). 
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functions, including hearing and joint movement detection. 
They generally lack tubular bodies but have dense scolopales 
surrounding the dendrites and often have multiple 
mechanosensory neurons. 

Type II mechanoreceptors are nonciliated neurons, whose 
central cell bodies have many fine dendritic endings, each of 
which is apparently mechanosensitive, but lacks the detailed 
structures seen in Type I receptors. Type II receptors are found 
in many internal structures, predominantly associated with 
mesodermal tissues, including the musculature, where they 
detect muscle tension. 

Studies of mechanoreceptor morphology have used many 
techniques, including light microscopy, scanning and trans- 
mission electron microscopy, and immunohistochemistry. 
Receptor electrophysiology has been studied by three basic 
methods: (1) Extracellular recordings observe the receptor 
currents flowing along the axon. (2) Epithelial recordings 
measure the current flowing through the relatively low resis- 
tance of the thin socket tissue or through a cut hair. (3) Intra- 
cellular recordings give direct measurements of membrane 
potentials and currents. 

Mechanosensation is commonly viewed as a three-stage 
process in which a mechanical event is first coupled to the 
receptor cell membrane by mechanical structures, then trans- 
duced into a receptor current at the cell membrane, and finally 
encoded into action potentials for transmission of information 
to the central nervous system. 


DEVELOPMENT OF MECHANORECEPTORS 


Type I sensory neurons are surrounded by specialized sheath 
cells of varying numbers and names, although the terms 
trichogen (hair-forming) and tormogen (sheath-forming) are 
commonly used for the innermost two layers of sheath cells. 
Development of these cells has been well characterized in 
several species, but especially in Drosophila external bristles, 
for which many of the genes involved have been identified. A 
single sensory organ precursor cell divides to give two different 
secondary precursors, IIA and IIB. IIA divides to form one 
trichogen and one tormogen cell. IIB gives rise to the neuron, 
another sheath cell, and sometimes an additional glial cell. The 
neuron then forms an axon that grows into the central nervous 
system. A variety of other noncellular structures, including 
sheaths, are also found, particularly in dendritic regions. The 
development of Type II receptors is less well understood. 


MECHANICAL COMPONENTS 


Extracellular tissues, often with elaborate structures, surround 
the sensory cells. These structures modify the spatial and tem- 
poral sensitivities of the receptors, and they are often designed 
to interact with the outside environment or other parts of the 
animal, such as cercal hairs detecting air movements or hair 
plates detecting joint rotation. External structures usually 
allow detection of mechanical events at some distance from 
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the sensory cell but make the displacement at the receptor cell 
membrane smaller than the original movement. Estimates of 
this attenuation suggest that threshold movements at the cell 
membrane leading to sensation are in the range 1 to 5 nm. 


TRANSDUCTION AND ENCODING 


Mechanically activated ion channels, probably located in the 
tips of the sensory dendrites, transduce the mechanical stimu- 
lus into a receptor current. The channels are permeable to 
potassium ions and the receptor lymph spaces have high 
concentrations of potassium. The channels may have time- 
dependent properties that contribute to receptor behavior, but 
separating these from the time-dependent properties of any 
external mechanical structures is difficult. Current flowing 
through the channels causes a receptor potential that is 
encoded into action potentials. Mechanotransduction currents 
are more sensitive to temperature than most other membrane 
currents, with activation energy values of 12 to 22 kcal/mol, 
which are similar to those required to break chemical bonds 
and significantly higher than the energy barriers associated 
with ionic diffusion or conductance through ionic channels. 
Some crucial stage in the link between membrane tension and 
ion channel opening may lead to this high energetic barrier. 

The receptor potential is encoded into action potentials 
using several different sodium and potassium currents. Action 
potentials propagate into the central nervous system along 
axons in nerve roots of the segmental ganglia. Afferent axons 
have a size range of 1 to 20 [Um and conduction velocities are 
typically 1 to 5 m/s. Information is transmitted from 
mechanoreceptor axons into the central nervous system via 
cholinergic synapses. 


CENTRAL, PERIPHERAL, AND 
HUMORAL MODULATION 


Many mechanoreceptors receive GABAergic inhibitory 
efferent innervation close to the output synapses of their 
axon terminals. This presynaptic innervation modulates 
afferent mechanoreceptor information. Some mechanosen- 
sory neurons are also modulated by efferent innervation in 
the periphery and by circulating chemicals such as biogenic 
amines. Of these, octopamine has been most thoroughly 
studied, but without clear conclusions, because octopamine 
can increase or decrease firing frequency, even in the same 
neuron. Studies in locusts and cockroaches suggest that 
octopamine receptors are located on the peripheral regions of 
mechanoreceptors. 

The extent and functions of peripheral modulation remain 
to be seen. It is the latest in a series of surprises about the 
complexity of insect mechanotransduction, but probably not 
the last. 
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Mecoptera 
(Scorpionflies, Hangingflies) 


George W. Byers 
University of Kansas 


ecoptera (scorpionflies, hangingflies, and others) are 

holometabolous insects in which the head is characterized 
by a downward projecting rostrum or beak, at the end of which 
are chewing mouthparts. They are usually slender bodied and 
have four long, narrow wings that are membranous and often 
marked with dark bands, spots, or darkening along the 
numerous crossveins. There are exceptions, however. A few 
species are brachypterous or wingless; species in family Boreidae 


have hardened, highly modified wings, which are nearly oval 
and scalelike in females, slender and somewhat curved apically 
in males. The rostrum is not unusually prolonged in species 
of Nannochoristidae; and the wings of species of Meropeidae 
are only about 2.5 times longer than their greatest width. 

Although Mecoptera are one of the minor orders of 
insects, with only about 550 living species so far made 
known, they are of much interest to entomologists. This is 
largely because fossil Mecoptera are among the oldest 
remains of insects with complete metamorphosis (of Permian 
age) and have been regarded by some as ancestral to the more 
recently evolved and vastly larger orders Diptera and 
Lepidoptera. Fossil evidence suggests that the Mecoptera 
were once one of the larger orders of holometabolous insects. 
Past diversity, based mainly on wing venation, has led to 
placement of some 350 fossil species in 87 genera in 34 
families. Thus, modern Mecoptera are survivors of millions 
of years of evolutionary development. 


FAMILIES AND GENERA 


Following are the nine families of extant Mecoptera, with the 
number of genera included in each and the approximate 
geographical distribution: Panorpidae—3 genera, in Europe, 
Asia, and North America; Panorpodidae—2 genera, in 
easternmost Asia, and North America; Bittacidae—17 
genera, in North and South America, Africa, Asia, Australia, 
and Europe; Boreidae—3 genera, in North America, Asia, 
and Europe; Choristidae—3 genera, in Australia; 
Nannochoristidae—2 genera, in Australia, New Zealand, 
and southern South America; Apteropanorpidae—1 genus, 
in Australia (Tasmania); Meropeidae—2 genera, in North 
America and southwestern Australia; Eomeropidae (formerly 
Notiothaumidae)—1 genus, in South America. 

Most Mecoptera belong to the families Panorpidae (scor- 
pionflies) and Bittacidae (hangingflies). Scorpionflies are so 
called because abdominal segments 7 and 8 of the male are 
slender, and segment 9 is abruptly enlarged and often held 
above the back, recalling the sting of a scorpion (Fig. 1). The 
female abdomen tapers to a slender tip. Both male and female 
hangingflies are slender bodied and, having a single, large 
(raptorial) claw at the end of each tarsus, are unable to stand 
on the upper surfaces of leaves but suspend themselves from 
twigs or edges of leaves (Fig. 2). 


ZOOGEOGRAPHY 


Mecoptera present a variety of zoogeographical patterns, from 
highly localized (as in Notiothauma, which is endemic in 
central Chile, or Apteropanorpa, found only in Tasmania) to 
virtually cosmopolitan (as the Bittacidae, which occur in the 
temperate and tropical parts of six continents). Only Bittacidae 
have been found in Africa. Some very disjunct occurrences 
suggest relics of ancient, more widespread ranges (as Merope 
in eastern North America and the very similar Austromerope in 
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FIGURE 1 A male scorpionfly, showing anatomical characteristics of family 
Panorpidae. (Illustration courtesy of Holt, Rinehart and Winston, Inc.) 


southwestern Australia; or Nannochoristidae in southeastern 
Australia, New Zealand, and southern South America). 


HABITAT 


Broad-leaved, herbaceous plants shaded by trees are the usual 
habitat of panorpids, bittacids, and most species in the 
smaller families. Some species, however, are most commonly 
found in vegetation near forest borders, whereas others occur 
in somewhat similar but more uniformly shaded habitats well 
within a forest. Elevation clearly affects the distribution of 
Mecoptera. Boreidae, for example, reach the adult stage in 
the cold part of the year (and being darkly colored are most 
often seen on the surface of snow) and at high elevations and 
high latitudes have a longer seasonal occurrence than boreids 
at lower elevations. In Mexico, Bittacidae are usually found 
at elevations below 1500 m, while Panorpidae occur above 
that level and up to over 3000 m. 


DIET 


Both adults and larvae of Panorpa are scavengers, feeding 
usually on dead insects, and less often on other dead 
organisms, including some small vertebrates. Adults 
occasionally eat pollen and associated parts of flowers; they 
may even invade the webs of spiders to feed on entangled 
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FIGURE 2 A hangingfly, Bittacus sp., in characteristic resting posture. 
(Photograph courtesy of D. W. Webb and Illinois Natural History Survey.) 


insects (and are sometimes trapped themselves). Adult 
Bittacidae (Fig. 2) are predaceous, capturing a variety of 
insects and occasionally other arthropods by means of the 
raptorial hind tarsi. Larval bittacids, in contrast, are primarily 
saprophagous on dead insects but may occasionally feed on 
plant matter. Both adult and larval Boreidae feed on mosses. 
Adults of Brachypanorpa (Panorpodidae) have been observed 
scraping the upper epidermis from leaves of herbaceous 
plants; their larval diet is not known. There is some evidence 
that Notiothauma (Eomeropidae) is also a plant feeder. 
Larvae of aquatic Nannochoristidae feed on small larvae of 
chironomid flies, but nothing is known of the adult diet. 


BEHAVIOR 


Feeding by adults of some Mecoptera is often associated with 
mating behavior (Fig. 3). Some male bittacids, for example, 
capture insects as nuptial gifts, then extrude pheromone- 
dispersing vesicles between abdominal terga 6-7 and 7-8 to 
advertise their presence to females in the vicinity. Females seem 
to make an evaluation of the gift prey, leaving the male if his 
offering is too small or unpalatable. They may then respond to 
the pheromone of another male. Males of some Panorpidae, 
when they have found a good source of food, make known 
their presence by means of pheromonal vesicles within the 
enlarged genital segment. When a female is attracted closely 
enough, the male clamps the costal edge of her forewing in a 
structure formed by a peg on the anterior fourth abdominal 
tergum and an overlapping portion of the third (the notal 


FIGURE 3 Mating pair of Japanese bittacids feeding on nuptial prey (an 
opilionid) initially offered to the female by the male. (Photograph courtesy 
of Yasushi Iwasaki.) 


organ); mating then ensues as the female feeds. In other species 
of Panorpa, the male may build a small column of brownish 
saliva, gelatinous as it air-dries, which serves as a nuptial gift 
in place of a dead insect. 


EGGS 


Eggs of most Mecoptera are ovoid but approximately equally 
rounded at the ends. Those of Bittacus species are roughly 
cuboidal with the flattened surfaces shallowly impressed. The 
chorion of eggs of some species of Panorpa is smooth, while 
in others it is coated with a fine network of polygonal cells. 
In Notiothauma, the chorion is yellowish and granular; in 
Austromerope, the chorion is smooth. Eggs are ordinarily 
inserted into preexisting cavities in the soil by females of 
Panorpa, or in soil or rotten wood by Brachypanorpa. Females 
of these genera have been observed probing with the extended 
abdomen for some time before oviposition occurred. Female 
Bittacidae typically hang from the edge of a leaf and drop their 
eggs among dead leaves and other plant debris on the ground. 
Boreids deposit their eggs among the rhizoids of the mosses 
that will later be a source of food. As the embryonic larva 
develops and nears the time of hatching, the egg swells 
noticeably. In Panorpa, the increase is as great as 38%; larval 
eyes and mandibles become visible through the chorion. Eggs 
of Bittacus, roughly cuboidal when laid, become subspherical; 
those of Harpobittacus also become rounded and may double 
in size. 

The egg stage is brief for some species (5-10 days for 
some American species of Panorpa; 14-16 days for panorpids 
living above 2250 m in Taiwan; 12-15 days in Chorista). In 
contrast, there may be an egg diapause, which together with 
larval development within the egg may last 216 to 256 days 


in one North American Bittacus, and up to 290 days in a 
Japanese Bittacus. Larvae from diapausing eggs of Boreus laid 
in early winter hatch the following spring. 


LARVAE 


Larvae of Panorpidae, Bittacidae, and Choristidae are eruci- 
form; that is, they have somewhat the appearance of caterpil- 
lars. The head is well sclerotized, as is the dorsum of the 
prothorax; the legs are nearly conical, their skin largely mem- 
branous; and there are subconical prolegs on abdominal 
segments | to 8. Larval bittacids have paired, elongate, three- 
branched, fleshy structures on the back of the mesothorax, 
metathorax, and nine abdominal segments. Panorpids and 
choristids have setae in most of the corresponding positions. 
The larvae of Panorpodidae and Boreidae, described as scara- 
baeiform, lack abdominal prolegs and conspicuous dorsal setae. 
Larvae of Nannochoristidae are unlike those of the other 
families, so far as known. They are aquatic, with slender, elon- 
gate, almost eel-like bodies and no prolegs. Their mouthparts 
are directed forward, not downward as in eruciform larvae. 

A striking characteristic of many larval Mecoptera is pre- 
sence of compound eyes, whereas larvae of most holometa- 
bolous insects have only one or a few simple eyes at each side. 
The larvae of Panorpidae and Choristidae have 30 or more 
ommatidia in each compound eye, while those of the Bittacidae 
have seven, Boreidae usually only three, and larvae of Panor- 
podidae lack eyes altogether. Larvae of Nannochoristidae 
have eyes with indistinctly formed ommatidia. Because their 
larvae are so different from the larvae of other families in the 
order (and because of some characteristics of the adults, such 
as a short rostrum), the Nannochoristidae have sometimes 
been considered as a group distinct from other Mecoptera. 

Duration of larval life varies with the species involved, 
with temperature and season, availability of food, and length 
of prepupal diapause. Under favorable conditions, a larva of 
Panorpa may pass through three growth stages and become a 
fourth instar in about a month. During the final larval stage, 
feeding and growth continue for several days. But then the 
larva prepares a cavity in the soil, or other material in its 
habitat, stops feeding and becomes quiescent as it begins the 
period of prepupal diapause (inactivity) in this cavity. In 
species of Panorpa that have spring and late-summer 
generations, prepupal diapause in summer lasts only about 5 
weeks, while in overwintering larvae it requires about 6.5 to 
7 months. In nearctic species of Bittacus it lasts about 7 months. 
The pupal stage is much shorter: 10 to 21 days in Panorpa, 
15 to 24 days in Bittacus, and 37 to 40 days in Boreus. 


PUPAE 


Described as exarate, the pupa has the legs rather loosely drawn 
up against its ventral surface and the wings tightly folded with- 
in their sheaths, which are not closely adhered to the body. 
The pupal rostrum is shorter than that of the adult and the 
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mandibles larger. Otherwise, the pupal body has generally 
the form of the adult developing within. 
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Medical Entomology 
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M edical entomology is concerned with the impact of insects 
and related arthropods on the mental and_ physical 
health of humans, domestic animals, and wildlife. It is often 
subdivided into public health entomology and veterinary 
entomology. These divisions are tenuous since many of the 
same arthropods cause similar injuries and diseases in both 
humans and other animals. The history of medical 
entomology dates from the end of the 19th century, when 
arthropods were first shown to transmit important human 
diseases such as filariasis and malaria. Most arthropod-borne 
diseases are zoonotic infections that occur naturally in 
nonhuman hosts. Malaria, dengue fever, and most forms of 
filariasis are important exceptions. Household pests such as 
cockroaches and filth flies are sometimes included within 
medical entomology. When synanthropic flies and 
cockroaches mechanically contaminate food or other media 
with infectious organisms, they are clearly of medical 
importance. Nonetheless, these insects are generally treated 
in greater depth within the scope of urban entomology. 


MEDICAL IMPORTANCE OF ARTHROPODS 


Arthropods influence animal health in multiple ways. The 
most significant impact involves their role as primary vectors 
and alternate hosts of many devastating infectious disease 
agents. Parasitic agents transmitted by hematophagous 
arthropods include filariae, protozoa, bacteria, rickettsiae, and 
viruses. Arthropods also affect the health of vertebrates directly 
by triggering altered mental states (delusional parasitosis and 
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entomophobia/arachnophobia), contact allergies, feeding 
annoyance and blood loss, envenomization, and myiasis. 
Each year these arthropod relationships collectively cause the 
death of millions of humans and bring illness to hundreds of 
millions more. Their impact is greatest in poor tropical countries 
where they are one of the major factors limiting animal pro- 
duction, agricultural productivity, economic development, and 
well-being. Several vector-borne diseases (e.g., plague, malaria, 
leishmaniasis, yellow fever, and dengue) apparently were trans- 
ported from the Old World to the Western Hemisphere via 
the slave trade or ship crews. Related species of insects in the 
New World were able to successfully maintain and transmit 
these introduced parasites. In recent years, several native but 
previously unrecognized arthropod-borne infections, including 
tick-borne Lyme disease and ehrlichiosis, have been discovered 
in the United States and elsewhere. Well-known diseases such 
as dengue and malaria have been reemerging or expanding in 
many regions of the world. Other diseases such as West Nile 
fever recently have been introduced into new regions with dev- 
astating effects. A combination of population growth, rapid 
movement of people and other animals, and environmental 


disruption has contributed to the growing threat posed by 
vector-borne diseases. Control of these diseases is complicated 
by a lack of investment in public health and development of 
drug-resistant parasites and insecticide-resistant vectors. 


ORDERS AND FAMILIES OF MEDICAL CONCERN 


Phylum Arthropoda contains several classes of invertebrates 
that have direct medical importance. In addition to insects, 
these include arachnids (spiders, mites, ticks, and scorpions), 
millipedes, and centipedes. Some crustaceans (sowbugs, cope- 
pods), molluscs (snails), arachnids (oribatid mites), and insects 
(mainly beetle larvae) are intermediate hosts for parasitic worms. 

Orders and families of blood-feeding species are of major 
medical significance (Table I). Most but not all of these are 
involved in the transmission of microparasites. Nonetheless, 
the simple act of feeding by arthropod ectoparasites can result 
in blood loss, anemia, stress, discomfort, allergic reactions, and 
reduced productivity. A few insects are specialized ectoparasites 
on humans. Bed bugs and kissing bugs are nest parasites and 
some have permanently invaded human dwellings and feed at 


TABLEI Orders and Families with Important Blood-Feeding Insects, Ticks, and Mites 











Taxon Common name Blood feeding Types of hosts 
Insecta (=Hexopododa) 
Order Anoplura Sucking lice 3, 2, nymph Mammals 
Order Mallophaga* Chewing lice 3, 2, nymph Birds/mammals 
Order Heteroptera 
Family Cimicidae Bed/bird/bat bugs 3, 2, nymph Mammals/birds 
Family Triatomidae Kissing bugs 3, 2, nymph Mammals/birds 
Order Siphonaptera Fleas 3,2 Mammals/birds 
Order Diptera 
Family Culicidae Mosquitoes g All vertebrates 
Family Simuliidae Black flies Q Mammals/birds 
Family Ceratopogonidae Biting midges 2 All vertebrates 
Family Psychodidae Sand flies g Mammals/reptiles 
Family Tabanidae Horse/deer flies 3,2 Mammals 
Family Rhagionidae Snipe flies 3,2 Mammals 
Family Muscidae 
Stomoxys Stable flies 3,2 Mammals 
Haematobia Horn/bush flies 3,2 Mammals 
Musca Cattle flies 3,2 Mammals 
Family Glossinidae Tsetse flies 3,2 Mammals/reptiles 
Family Hippoboscidae Louse flies, keds 3,2 Mammals/birds 
Family Nycteribiidae Bat flies 3,¢ Bats 
Family Streblidae Bat flies 3,2 Bats 
Arachnida (subclass Acari) 
Family Ixodidae Hard ticks 3, 2,L,N? Birds/mammals/reptiles 
Family Argasidae Soft ticks 6,2,L,N Birds/mammals 
Family Trombiculidae Chigger mites Larvae Birds/mammals 
Family Dermanyssidae Mesostig mites 6,2,L,N Birds/mammals 
Family Macronyssidae Mesostig mites 6,2,L,N Birds/mammals 
Family Laelapidae Mesostig mites 63 25.15,.N Birds/mammals 
Family Demodicidae* Follicle mites 3,2,L,N Mammals 
Family Psoroptidae* Mange mites 6,2,L,N Mammals 
Family Sarcoptidae* Scab mites 6; 2.1L, N Mammals 


“Ectoparasites that feed mainly on skin/feather tissues rather than on blood. 


°L, larvae; N, nymph. 


night on sleeping people. Humans are also parasitized by three 
species of sucking lice (i.e., pubic louse, head louse, and body 
louse), each of which specializes in a different region of the 
body. Biting flies such as mosquitoes, black flies, deer flies, and 
biting midges can reach annoyance levels that make outdoor 
activities nearly impossible, but these hordes normally feed on 
a wide variety of domestic and wild animals. Only a few biting 
flies such as the yellow-fever mosquito (Aedes aegypti), the 
tropical house mosquito (Culex pipiens quinquefasciatus), and 
some vector species of Anopheles, Simulium, Phlebotomus, and 
Lutzomyia feed preferentially on humans. 

Both insects and arachnids can cause harm because of the 
venoms they contain. Venomous insects are found mainly in 
the order Hymenoptera within the families Formicidae (ants), 
Vespidae (yellowjackets, hornets), Mutillidae (velvet ants), 
and Apidae (honey bees, bumble bees). Some Coleoptera 
(e.g., Meloidae, Staphlinidae, Chrysomlelidae, Dermestidae) 
and Lepidoptera (e.g., Noctuidae, Saturniidae, Sphingidae, 
Nymphalidae) also produce toxic defensive secretions through 
specialized glands and urticating hairs or have hemolymph that 
is toxic to vertebrates if the insect is crushed. These secretions 
are especially toxic when exposed to mucus or lachrymal 
glands. Spiders in the genera Loxosceles (recluses), Latrodectus 
(widows), A¢rax (Australian funnel-webs), Harpactirella (South 
Africa), Lycosa (Central and South America), and Phoneutria 
(Brazil) include some of the most highly venomous species. 
All scorpions have venomous stings and those within the 
family Buthidae can be fatal to humans. Desert regions of the 
Americas, the Mediterranean, and northern Africa are home to 
most of the highly poisonous scorpions. Centipedes also have 
venomous bites and millipedes have toxic defensive secretions, 
but these normally are not severe or life threatening. 

Arthropod allergens that cause acute asthma in humans are 
mostly associated with house dust mites (Dermatophagoides 
spp.) and cockroaches (Periplaneta, Blattella); however, the air- 
borne wing scales or fine setae associated with large populations 
of other insects such as mayflies, caddisflies, and gypsy moths 
may invoke allergic reactions in sensitized individuals. Three 
families of dipterous insects (Calliphoridae, Sarcophagidae, 
Oestridae) include species whose larvae are obligate parasites 
living within the flesh of vertebrates, a condition referred to as 


TABLE II 


Condition Health effects 
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myiasis. The unusual parasitic mites that live within the feathers, 
nasal passages, and lungs of birds are relatively benign. 


DIRECT INJURIES CAUSED BY ARTHROPODS 


The various direct effects of arthropods on humans are sum- 
marized in Table H. The most common of these is the asthma 
suffered by millions of people, especially children, who are 
allergic to the fine airborne particulates generated by insects 
and mites. These allergens are most often associated with feces 
or decomposing body parts. The advent of air conditioning and 
wall-to-wall carpeting seems to have exacerbated this problem 
especially among the middle and upper classes. Asthma is one 
of the fastest growing medical problems, particularly among 
children. Respiratory failure is not an uncommon outcome. 
Concern over life-threatening multiple stings and allergic 
reactions (anaphylaxis) to the venom of insects has increased 
as a result of the introduction and spread of the hybrid of the 
African honey bee (Apis mellifera adansonii) and the imported 
fire ant (Solenopsis invicta) in the Western Hemisphere. 

Myiasis is a serious problem in animal production, especially 
in the neotropics where millions of dollars are lost annually due 
to these tissue-invading flies. These flies are often found within 
families that include species that normally feed on the decaying 
tissues of dead or wounded animals, ie., flesh flies in the family 
Sarcophagidae and blow flies in the family Calliphoridae. 
Some species of Calliphoridae (and related families) sometimes 
will facultatively invade living tissues while others are so 
restricted to dead tissues that they are used in maggot therapy 
to clean deep wounds. All members of the four subfamilies of 
bot flies (Oestrinae, Gasterophilinae, Hypoderminae, and 
Cuterebrinae of the family Oestridae) are obligate parasites. 
The torsalo (Dermatobia hominis) is a neotropical dipteran 
whose eggs are glued to the abdomen of biting flies, and its 
larvae emerge during blood feeding by the host fly. 


ARTHROPOD TRANSMISSION 
OF MICROPARASITES 


Vector-borne diseases can be either biologically or mechanically 
transmitted. In mechanical transmission, vector mouthparts 


Direct Effects of Arthropods on Humans and Other Animals 


Arthropods involved 





Delusional parasitosis Irrational or destructive acts 


Entomophobia Stress and mental fatigue 
Airborne allergies Inflamation and respiratory distress 


Irritation and blood loss 
and death 
Envenomization 
damage; pain, inflammation, and death 
Myiasis 
infection, and death 


Allergic skin reactions; pain, itching, inflammation; stress, anemia, 
Arthus and anaphylactic reactions; neurological and cytolytic 


Tissue damage, prolonged pain; weight loss, stress, secondary 


Imagined skin parasites 
Spiders, wasps 
Usually cockroaches and house dust mites 


Blood-feeding and skin-invading ectoparasites 
Those with toxic stings, bites, setae, or fluids 


Dipteran maggots 
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serve as contaminated hypodermic needles since there is no 
replication or development of the microparasite in the vector; 
the vector does not serve as an alternate host as in the case of 
biologically transmitted diseases. For infectious organisms to 
be mechanically transmitted by arthropods efficiently, they must 
be abundant in circulating blood or cutaneous tissues and able 
to survive external exposure. Diseases that are mechanically 
transmitted by arthropods generally have other transmission 
mechanisms as well. 

Biological transmission takes one of three forms: 
propagative transmission, which involves the replication of 
eukaryotic parasites and dissemination to the salivary glands 
prior to transmission; cyclodevelopmental transmission, which 
occurs among filarial parasites, in which development of the 
parasite to the infective stage is required prior to transmission 
but there is no increase in the number of parasites; or 
cyclopropagative transmission, which involves both develop- 
ment and multiplication by the parasite as occurs with pro- 
tozoan parasites such as Plasmodium, Leishmania, and 
Trypanosoma. 

After the appropriate extrinsic incubation period for replica- 
tion and/or development of the parasite, the arthropod vector 
is said to be infective, i.e., able to transmit. Infectious agents 
are passed to the vertebrate host through a number of different 
routes: (1) transovarially from the female to her offspring or 
transtadially from one stage to the next, (2) venereally from 
infected males to uninfected females, (3) through cofeeding 
when infected and uninfected vectors group feed, or (4) 
horizontally through (a) infective saliva injected during feed- 
ing, (b) regurgitation of parasites blocking the food canal, (c) 
defecation of infective feces on the skin, or (d) active escape 
from the mouthparts and invasion of the skin. In some cases, 
hosts must assist the transmission process by crushing the 
infective insect, scratching the contaminated area, and rubbing 
the eyes. Transmission may be promoted by the physiological 
or behavioral affect of parasites on the vector. Invasion of host 
cells or tissues by the parasite can be modulated by host 
immune responses to the salivary secretions of the vector. 

The efficiency of transmission is determined primarily by 
the “competence” of the arthropod species to support 
development/replication of the parasite and by the ecology 
and behavior of the arthropod species. The latter determines 
the temporal and spatial connection between hosts and poten- 
tial vectors. Thus, the density, feeding frequency, and host 
preferences of the vector play critical roles in establishing the 
vectorial capacity (number of infective bites received daily by 
a single host) of any given species. Environmental conditions 
also play an important role. 


DISEASES TRANSMITTED BY ARTHROPODS 


The major diseases transmitted by arthropods are listed in 
Table HI. Protozoan parasites dominate this list in terms of 
worldwide importance. Malaria is the single most significant 
vector-borne disease, with an estimated 300 million people 


infected annually and over 1 million deaths among young 
children in Africa alone. It is endemic in most tropical and 
subtropical regions of the world, where it has been resurging 
since eradication attempts ended some 30 years ago. It is 
transmitted by Anopheles mosquitoes and can be successfully 
treated with drugs if promptly available. Drug resistance is a 
growing problem. Tsetse-transmitted African trypanosomiasis 
remains a serious human disease in parts of tropical Africa 
but its impact on domestic cattle production is even more 
severe. Wild bovines are the reservoir of the acute Rhodesian 
form, and humans and porcines are the reservoir of the chronic 
Gambian form. American trypanosomiasis is restricted to the 
mountain regions of tropical America and is often a silent 
disease that leads to early death. Great efforts are under way 
to control this zoonotic disease by spraying residual pesticides 
and by constructing houses with materials that prevent inva- 
sion by domesticated kissing bugs. Visceral and cutaneous 
forms of leishmaniasis affect millions of people and cause 
significant mortality in Africa, Asia, and South America. The 
reservoirs for these parasites are dogs, rodents, and a variety 
of other wild mammals. The cutaneous form also exists in 
southern Europe and Central America, but disfigurement 
rather than mortality is usually associated with this form. 
Lymphatic filariasis (elephantiasis), transmitted by Culex 
quinquefasciatus and other human-biting mosquitoes, infects 
many millions of residents throughout the tropics. The long- 
lived nematode parasites cause debilitation, especially of the 
lower limbs, but seldom result in death. Onchocerciasis (river 
blindness), also a filarial infection, is limited to sub-Saharan 
Africa and some coffee-growing regions in Central and South 
America. Both of these nematode infections can be prevented 
by treatment with a new drug, ivermectin. River blindness has 
been effectively controlled in much of West Africa in recent 
years through pesticidal elimination of the black fly vectors 
breeding in streams and the use of anti-helminthics to treat 
the human population. There are a large number of bacterial 
and rickettsial infections transmitted by arthropods (mainly 
ticks, fleas, lice, and mites) annually but none compare to the 
impact of plague and typhus epidemics in earlier times. Some 
of these, such as tick-borne Lyme disease and ehrlichiosis, have 
just been recognized within the past 20 years. Lyme disease is 
the most prevalent vector-borne disease in the United States. 
Protective vaccines exist for few bacterial and rickettsial diseases, 
but all respond to timely antibiotic therapy. 
Arthropod-borne 
transmitted mainly by mosquitoes and biting midge, but 


viral diseases (arboviruses) are 
Russian spring— summer encephalitis and several other 
zoonotic infections (especially of livestock) are transmitted 
by ticks. Historically, yellow fever was the most important 
human arboviral disease but today it has been replaced by 
dengue fever. Dengue viruses infect over a million people 
annually and can produce a fatal hemorrhagic disease, 
especially among children. This disease has reinvaded the 
Western Hemisphere in recent decades and now causes 
hundreds of thousands of cases annually. Vaccines exist for a 


TABLE III Some Important Diseases Transmitted by Arthropod Vectors 
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Microparasite Disease Arthropod vector Distribution 
Transmitted biologically 
Nematodes 
Dirofilaria Canine heartworm Mosquitoes Worldwide 
Brugia, Wucheraria Lymphatic filariasis Mosquitoes Tropics 
Onchocerca Riverblindness Black flies Africa, Central and South America 
Protozoa 
Leishmania Visceral and cutaneous leishmaniasis Sand flies Tropics and warm temperate areas 
Trypanosoma spp. Sleeping sickness and Nagana of cattle Tsetse flies Sub-Saharan Africa 
Trypanosoma cruzi Chagas disease Kissing bugs Neotropics 
Plasmodium Malaria Mosquitoes Mostly tropical 
Theileria Theileriosis Hard ticks Africa, Southern Europe 
Babesia Babesiosis Hard ticks Widespread 
Bacteria 
Bartonella Carrions disease Sand flies South America 
Trench fever Body lice Worldwide 
Cat-scratch fever Fleas Widespread 
Borrelia Lyme disease Hard ticks North America, Eurasia 
Relapsing fever Soft ticks, lice Worldwide 
Yersinia Plague Fleas Worldwide 
Francisella Tularemia Hard ticks Worldwide 
Rickettsia and other obligate intracellular bacteria 
Rickettsia Epidemic typhus Body lice Africa, Americas 
Murine typhus Fleas Widespread 
Spotted fevers Hard ticks Widespread 
Orientia Scrub typhus Chigger mites Southeast Asia 
Cowdria Heartwater Hard ticks Sub-Saharan Africa 
Anaplasma Anaplasmosis Hard ticks Worldwide 
Ehrlichia Ehrlichiosis Hard ticks Widespread 
Arthropod-borne viruses (arboviruses)* 
Flaviviruses Yellow fever, dengue, WN, SLE, JE, MVE, ROC, WSL Mosquitoes Tropics 
RSSE, OMSK, KEFD, LI, POW Hard ticks Widespread 
Bunyaviruses CE, LAC, RVF Mosquitoes Africa, North America 
ORO Biting midges South America 
CCHE, NSD Hard ticks Africa, Eurasia 
SFF Sand flies South America, Africa, and Eurasia 
Togaviruses EEE, WEE, VEE, RR Mosquitoes Widespread 
Rhabdoviruses VSV, BEF Biting flies Widespread 
Reoviruses Bluetongue, AHS, EHD Biting midges Widespread 
Colorado tick fever Hard ticks Western North America 
Unnamed African swine fever Soft ticks Africa 
Transmitted mechanically 
Protozoa 
Trypanosoma Trypanosomiasis Biting flies Widespread 
Bacteria 
Treponema Yaws/pinta Eyes gnats Tropics 
Bacillus Anthrax Biting flies Widespread 
Anaplasma Anaplasmosis Biting flies Widespread 
Various Anaerobes Summer mastitis Head flies Widespread 
Viruses 
Poxvirus Myxomatosis, fowlpox Biting flies Worldwide 
Retrovirus Equine infectious anemia Tabanids Worldwide 


“WN, West Nile; SLE, St. Louis encephalitis; JE, Japanese encephalitis; MVE, Murray Valley encephalitis; WSL, Wesselsbron; RSSE, Russian spring 
summer encephalitis; OMSK, Omsk hemorrhagic fewer; KFD, Kyasanur Forest disease; LI, Louping ill; POW, Powassan; CE, California encephalitis; LAC, 
La Crosse encephalitis; RVF, Rift Valley fever; ORO, Racio; CCHE, Crimean-Congo hemorrhagic fever; NSD, Nairobi sheep disease; SFF, sand fly fever; EEE, 
Eastern equine encephalitis; WEE, Western equine encephalitis; VEE, Venezuelan equine encephalitis; RR, Ross River; VSV, vesicular stomatitis virus; BEF, 


bovine ephemeral fever; AHS, African horse sickness; EHD, epizootic hemorrhagic disease. 
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few arboviral diseases (yellow fever and Japanese encephalitis) 
but vector control is often the only preventative measure. 


DISEASE AND VECTOR MANAGEMENT 


Efforts to develop vaccines for a wide range of vector-borne 
diseases, including malaria, have been vigorously supported 
but success has been slow. Antigenic variation in parasites has 
been a major deterrent. New drugs for treatment of parasitic 
diseases also are under development and several important new 
drugs for treatment of helminth and protozoan parasites have 
been marketed in recent years. Nonetheless, vector control is 
often the first line of defense against the transmission of these 
diseases and, during active epidemics, this is the only option 
outside of public education. Control of vertebrate reservoir 
animals has occasionally been practiced for diseases that are 
maintained by rodents. An early example was control of wild 
bovine reservoirs in parts of Africa to control trypanosomiasis 
in humans (sleeping sickness) and cattle (Nagana). Vector 
control programs are generally based on surveillance systems 
that monitor and report cases of disease or vector population 
levels. A variety of tools are available to manage vector popu- 
lations, including chemical pesticides, biological controls, 
habitat alteration, and personal protection strategies (e.g., 
screens, bed nets, and repellents). Currently, genetic control 
strategies are receiving much attention. Optimal vector control 
programs utilize integrated vector management strategies and 
strive to maintain vector populations below the threshold 
densities required for transmission. Targeting the immature 
stages of vectors that blood feed and transmit disease only as 
adults normally is more efficient and cost effective. Lack of 
public health funds is the major limitation on surveillance and 
vector control programs, especially in developing countries 
where these diseases have the greatest impact. 
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hroughout history, humans have used insects and their 

products therapeutically. Ingested, injected, or topically 
applied, insects have been used to treat an assortment of respi- 
ratory, gastrointestinal, cardiac, neuromuscular, and infectious 
diseases. To this day, therapeutic insects are prescribed world- 
wide. Medicinal maggots and honey bee venom therapy are 
two examples of therapeutic roles played by insects. 


INTRODUCTION AND HISTORICAL OVERVIEW 


Many insects are ingested for their medicinal value as well 
as their nutritional value. Roasted, boiled, or powdered cock- 
roaches (Blattodea: Blattidae) have been ingested by people 
of many cultures to treat respiratory diseases. Various beetles 
(Coleoptera) are noted to be useful in the treatment of intes- 
tinal diseases. The blister beetle, Lytta vesicatoria (Spanishfly), is 
the source of cantharidin, a vesicant that was ingested in Europe 
as an aphrodisiac. Stinkbugs (Heteroptera: Pentatomidae) in 
China and termites (Isoptera) in India were used for the same 
function. 

Up until a few decades ago, patients with neurosyphilis 
often were cured with an inoculation of malaria (Plasmodium 
spp.). The syphilis pathogen (Treponema pallidum) was killed 
by the recurrent fevers and/or other still unknown interactions 
with the malaria parasites. The malaria was then eradicated 
with quinine or another species-specific antimalarial agent. 
Initially, malaria inoculation was achieved by transferring the 
blood of a malaria-infected neurosyphilitic to a nonparasitized 
neurosyphilitic. This practice was soon replaced by mosquito- 
transmitted inoculations. 

“Caterpillar fungus” (dong chong xia cao) is a Chinese moth 
larva (Hepialidae: Hepialus oblifurcus) infected with an ento- 
mopathogenic (insect-killing) fungus, Cordyceps sinensis 
(Clavicipatales: Ascomycotina). Ingestion of the caterpillar 
fungus reportedly strengthens and rejuvenates the body. The 
substance achieved international notoriety in 1993, when 
fungus-drinking Chinese athletes set new world track records. 
At a cost of approximately $1000 per kilogram, caterpillar 
fungus is often prepared as a broth; both the broth and the 
caterpillar are eaten. 

Arthropods have played a role in wound care for centuries. 
The use of large ant or beetle mandibles for holding together 
wound edges has been documented in many countries. Honey 


Annex 2 Entities Arcep met with 


ZB Quaicom Wy 


ERICSSON HUAWEI 


ela? ~=NOKIA 
@ANEUS.. 


L4 Systematic 


vari Region Systems CT CUS =r 


uf Google "™=€) 
AA (258 vile 











Autorité de régulation des communications électroniques et des postes 





40/41 


and. spiderwebs both have been used to dress wounds and 
prevent infection. Maggot therapy—the topical application 
of blowfly larvae (Phaenicia, Lucilia, and Phormia) to treat 
infected wounds—has been practiced around the world for at 
least 70 years. 


MAGGOT THERAPY 


The practice of maggot therapy is based on observations that 
wounds naturally infested with maggots (wound myiasis) often 
are free of infection and debris. For centuries, European mili- 
tary surgeons described how the maggot-laden wounds of sol- 
diers not promptly removed from the battlefield often appeared 
clean, once the larvae were wiped away. Soldiers’ maggot- 
infested wounds seemed to heal better than wounds that had 
not been infested. After his own observations of wound myiasis 
on the battlefields of World War I, William Baer intentionally 
placed blowfly larvae into the chronic wounds of his patients 
at Johns Hopkins and Children’s Hospital in Baltimore. Baer 
first presented his results in 1929; by 1935, thousands of 
physicians and surgeons had embraced this practice. Many 
hospitals maintained their own therapeutic fly colonies; other 
practitioners obtained maggots from pharmaceutical companies. 

Maggot therapy all but disappeared during the 1940s. 
The reasons are purely speculative but probably include the 
development of antibiotics and the refinement of surgical 
techniques that came about during World War Il. The 
relatively high cost of maggots ($5 for a bottle of 1000 larvae) 
may have been another factor. Over the next several decades, 
therapeutic myiasis was performed only rarely, and only as a 
last resort, in patients who failed to respond to aggressive 
surgical and antibiotic treatments. The 1980s brought about 
the realization that surgery and antibiotics could not cure all 
wounds. Many infections were now resistant to the once 
omnipotent antimicrobials. The 1990s saw the reemergence 
of maggot therapy to treat many of these nonhealing wounds. 
Today, live fly larvae are once again used in over a thousand 
centers worldwide for treating chronic wounds. 

Maggots effectively treat open wounds by removing dead 
and infected tissue (debridement), killing bacteria (disinfec- 
tion), and stimulating the wound to heal. To understand the 
procedure of maggot therapy, it is necessary to review the 
natural history of the fly. Many species of blowflies 
(Calliphoridae) naturally “blow” or lay their eggs on carrion, 
feces, or the dead (necrotic) tissue of a living host. Upon 
hatching, the larvae ingest this tissue as it is liquefied by the 
maggots’ digestive secretions. Within 3 to 7 days, the maggots 
leave what remains of their meal and pupate underground or 
in some other protected site. One to three weeks later, adult 
flies emerge. Therapeutic maggots—blowfly larvae that have 
been disinfected (“sterile” maggots)—are placed on wounds 
at a density of about 5 to 10 cm™”. Larvae are retained on the 
wound for about 48 h, in cagelike dressings. After one or more 
such cycles of treatment, the wound is often free of necrotic 
tissue and able to accept a skin graft or heal spontaneously. 
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FIGURE 1 The right foot of a 73-year-old man who was treated for 3 years 
by orthopedic and podiatric surgery for his chronic foot ulcers. (A) before, 
(B) during, and (C) 1 year after maggot debridement therapy. 


Treatments can be administered in the hospital, clinic, or 
nursing home, or at home. 

Maggot therapy has been used to treat pressure ulcers, venous 
stasis ulcers, diabetic foot ulcers, burns, traumatic wounds, 
and nonhealing postsurgical wounds (Fig. 1). Compared with 
conventional wound therapy, medicinal maggots are credited 
with more rapid debridement and wound healing. Maggot 
therapy has reportedly saved numerous limbs from amputa- 
tion and other surgical procedures. Other advantages of maggot 
therapy include its simplicity and safety, and (by current 
standards) the relatively low cost of treatment. 


APITHERAPY 


Honey bee (Apis mellifera) venom, propolis, royal jelly, beeswax, 
and honey all are used therapeutically. Medicinal use of any of 
these products can be considered to be “apitherapy,” but many 
authorities use the term specifically to denote the clinical use 
of honey bee venom. Bee venom contains a multitude of 
polypeptides, enzymes (phospholipase A, hyaluronidase), 
and biologically active amines (histamine, dopamine, noradren- 
aline). The mechanisms by which venom exerts its beneficial 
actions are unknown, but might include an anti-inflammatory 
effect resulting from alterations seen in pituitary and adrenal 
gland function, local effects on the nerves and blood vessels, 
and stimulation of acupuncture-like pathways. A combination 
of these and other mechanisms may explain the diversity of 
benefits attributed to venom therapy. 

Apitherapists have successfully treated rheumatological dis- 
orders (rheumatoid and psoriatic arthritis, gout, fibromyalgia), 
neurological diseases (multiple sclerosis, chronic pain syn- 
dromes), immunological diseases (scleroderma, systemic lupus 
erythematosis), and other chronic illnesses. Some therapists 
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administer the treatments in the form of an increasing number 
of bee stings; other practitioners inject a partially purified 
extract of the bee venom, in gradually increasing doses. Serious 
toxic reactions to the venom are uncommon because patients 
are educated about the signs and symptoms of venom reactions; 
they are also supervised closely following treatment and are 
given ready access to medical care after leaving the therapist's 
office or apiary. 
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Megaloptera 
(Alderflies, Dobsonflies) 
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he Megaloptera, which include the alderflies, dobsonflies, 
fishflies, and hellgrammites, are a small order of 
neuropterous insects with 250 to 300 species. They are often 


considered to be the most primitive group of insects with 
complete metamorphosis. In the fossil record, Megaloptera 
first occur about 250 mya in the late Permian. Their sister 
group is the Raphidioptera (snakeflies), and both these orders 
are closely related to the Neuroptera (lacewings and 
antlions). Among the major orders, they are most closely 
related to the Coleoptera (beetles). Larvae of all Megaloptera 
are aquatic predators. Their association with cool, well- 
oxygenated waters probably accounts for their greater species 
diversity in temperate regions than in the tropics. Although 
they are found throughout the world, the distributions are 
discontinuous, which is characteristic of a relict fauna. 


DIAGNOSIS AND CLASSIFICATION 


Megaloptera can be distinguished from other orders of 
insects by the following combination of characters: 
holometaboly, terrestrial adults and eggs, predaceous aquatic 
larvae, and exarate terrestrial pupae. 

The adults are large, short-lived, and soft-bodied; the 
head is broad and flattened, with chewing mouthparts, large 
bulging compound eyes, and long many-segmented 
antennae; there are two pairs of similar membranous wings, 
held rooflike over the body, with all major veins present and 
many cross-veins; the five-segmented tarsi have paired apical 
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FIGURE 1 Mature larvae of Sialis: (A) S. rotunda and (B) S. californica. [From 


Azam, K. M., and Anderson, N. H. (1969). Life history and habits of Sialis 


rotunda and S. californica in Western Oregon. Ann. Entomol. Soc. Am. 62, 
549-558.] 





FIGURE 2 Sialis adult. 


claws; and the abdomen has 10 segments, eight pairs of 
spiracles, and lacks cerci. 

The larvae have a well-sclerotized head, with long toothed 
mandibles, four- or five-segmented antennae, and six lateral 
stemmata (eyespots); the thorax is sclerotized dorsally, with a 
quadrate pronotum, meso- and metathoracic spiracles, and 
elongate five-segmented legs with two tarsal claws; and the 
abdomen is soft, with seven or eight pairs of lateral filaments, 
and spiracles on segments | to 8. 

The order Sialidae and 
Corydalidae. Sialids, or alderflies, are slow, awkwardly flying 


contains two families, 
insects that range from 10 to 15 mm in length. Their bodies 
are black, brown, or yellowish orange. The wings are held 
tentlike over the abdomen so that they bear some 
resemblance to caddisflies (Trichoptera). The Corydalidae are 
much larger, 40 to 75 mm in length. Many species have pale, 
smoky wings mottled with brown, whereas others are nearly 
black, with white markings. This family is divided into two 
distinctive subfamilies: the Corydalinae or dobsonflies 
(larvae are hellgrammites), and the Chauliodinae or fishflies. 


FAMILY SIALIDAE 


Of the eight genera in the family Sialidae (Figs. 1-3), only the 
widespread Holarctic genus Sialis has received much attention. 
The life history of S. /utaria has been studied extensively in 
Europe, and the larvae have been used in behavioral and 
physiological experiments. Sialis larvae are found in many 
habitats, ranging from small springs to large rivers and from 
ponds to large lakes. They usually occur where the substrate 
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FIGURE 3 S. californica egg masses. [From Azam, K. M., and Anderson, N. 
H. (1969). Life history and habits of Sialis rotunda and S. californica in Western 
Oregon. Ann. Entomol. Soc. Am. 62, 549-558.] 


is soft and where dead leaves and other detritus have accumu- 
lated. Larvae may dig into the substrates to a depth of several 
centimeters. Sympatric species may be ecologically segregated 
based on habitat. For example, in Oregon S. rotunda occurs 
in ponds with a muddy bottom, whereas S. californica is 
usually found in pools or glides of streams. However, the two 
species can be found together in backwater reaches. 

The life cycle takes 1 or 2 years depending on physical and 
biological conditions. The colder and less productive habitats 
such as trout streams and mountain lakes lengthen the period 
of larval life, whereas rapid development occurs in warm, 
productive habitats such as lowland ponds, warm lakes, and 
muddy rivers. 

Larvae feed nonselectively on small invertebrates such as 
insect larvae, annelid worms, crustaceans, and mollusks. The 
prey is seized by the elongate mandibles and forelegs and 
worked into the mouth with the aid of labrum, maxillae, and 
labium. Sometimes only the softer abdominal parts of prey are 
eaten. Cannibalism occurs, especially in high-density situations. 

During spring or early summer the final instars move to 
shallow areas near the shore. They then leave the water and 
prepare to pupate. The transformation also involves a switch in 
respiration from using aqueous dissolved oxygen via the gills 
to intake of atmospheric oxygen through the abdominal and 
thoracic spiracles. Pupation occurs in an unlined chamber 
dug 1 to 10 cm into soil or litter. 

The adults emerge after a pupal instar of about 2 weeks. 
Adults are most active during midday. In mating, the male 
crawls beneath the female’s abdomen from the rear and raises 
his abdomen upward and forward to couple the genitalia. A 
spermatophore is passed to the female within a few minutes, 
copulation is terminated, and oviposition occurs within a day. 

Adult Sialis have biting mouthparts, and some observations 
suggest that they visit flowers to feed. 

The eggs are deposited on a variety of substrates projecting 
over the water. The underside of overhanging leaves is the most 
common oviposition site. Egg masses contain 300 to 900 eggs. 
There are two distinctive types of egg mass; in one, the long 
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axis of the egg is almost parallel to the substrate, and in the 
other it is almost upright. The incubation period is about 10 
days to 2 weeks. Eggs are sometimes parasitized by tiny 
Trichogramma wasps. 

In hatching, the larva pushes its head against the chorion 
below the micropylar projection. The toothed, V-shaped egg 
burster then ruptures the chorion, initiating a jagged tear 
through which the larva emerges. When the larva leaves the egg, 
a postembryonic molt occurs, and the egg burster and embry- 
onic membrane are left attached to the eggshell. Then the 
appendages and abdominal filaments are expanded and the 
larva becomes active. It drops to the water surface, where it is 
quickly wetted to pass through the surface film, and then swims 
to the bottom. There are about 10 instars before pupation. 


CORYDALIDAE 
Subfamily Corydalinae 


The subfamily Corydalinae includes nine genera and is 
found mainly in the tropics or subtropics. Only four species 
of Corydalus occur in America north of Mexico, whereas 
there are three genera and almost 50 species of Corydalinae 
described from the Neotropics. Corydalinae contain the 
largest Megaloptera, with some adults having a wingspan 
greater than 150 mm. 

C. cornutus, the dobsonfly, ranges over most of North 
America east of the Continental Divide, from Canada to 
Mexico. The larvae, called hellgrammites, are large (to 65 mm), 
dominant predators in stream riffles that feed opportunisti- 
cally on invertebrate prey. Final instars leave the stream to 
pupate in the soil under rocks, or in rotting logs. 

C. cornutus is unusual in that the male has elongate, 
hornlike mandibles that are half the length of the body. The 
mandibles of the female are also large, but only as long as the 
head (Fig. 4). Mating occurs shortly after emergence. The 
male has scent glands between abdominal segments 8 and 9, 
which evidently produce a sex “stimulant.” The male places 
his enlarged mandibles over the wings of the female for a 
short time before mating. 

Females apparently feed on fruit juices or other liquid 
food, since the eggs are undeveloped at emergence and require 
considerable yolk deposition before oviposition. Corydalus 





FIGURE 4 Corydalus (dobsonfly) female. (Photograph by B. M. Drees.) 


females are reported to tear apart flowers to feed on nectar. 
Male dobsonflies do not feed, but they imbibe some water. 

Females oviposit on objects overhanging the water. Eggs 
are encased in a white protective material in oval masses of 
one to five layers and contain over 1000 eggs. A female may 
deposit two or three egg masses. Adults live for about a week 
and females die shortly after ovipositing. The incubation 
period is 2 to 3 weeks. 

The life cycle is temperature dependent. In north central 
Texas, dobsonflies are univoltine. However, northern popula- 
tions may have a life cycle of 2 to 3 years and are larger as adults. 


Subfamily Chauliodinae 


There are 16 genera in the subfamily Chauliodinae, and the 
18 species account for most of the diversity of megalopterans 
in America north of Mexico. Five genera and 10 species are 
known from the Neotropics. 

The Chauliodinae have a wide geographical distribution and 
occur in a wider range of habitats than do sialids or corydalids. 
Several genera (e.g., Neohermes, Dysmicohermes, Protochauliodes) 
inhabit intermittent streams, whereas others (e.g., Orohermes) 
are found in cold, permanent streams and rivers as well as in the 
adjacent intermittent tributaries. Chauliodes occurs in slow 
waters, in swamps and ponds, and sometimes in intermittent 
habitats. These larvae can exploit low-oxygen habitats 
because the terminal spiracles are on contractile tubes. 

The life cycle is also quite variable, with growth and devel- 
opment being temperature and habitat dependent. For example, 
the life cycle of Neohermes varies from 2 to 5 years depending 
on the duration of flow in temporary streams. Estimates of the 
number of instars range from 9 to 12. Females may have one 
more larval molt than males to account for their larger size. 

Fishfly larvae are generalist predators, but in intermittent 
habitats they also may be scavengers, feeding on corpses of 
individuals stranded by receding waters. 

Mating occurs in a tail-to-tail position with no display or 
special mating behavior (but pheromone attraction may be 
involved in some genera). The male Nigronia backs to the 
female, the genitalia are clasped, and they remain in copulation 
for several hours. Spermatophore transfer has not been observed 
for Nigronia or Corydalus, although it is reported for Sialis. 

The final instar of NV. serricornis leaves the water to pupate 
in a shallow cell that is dug into the soil. The exarate pupa is 
light colored but darkens in the last 2 days before emergence. 
The pupa is active; it turns in the cell, which helps in main- 
taining cell structure. Pupae do not feed but can use the sizable 
mandibles and will bite an object that is placed in contact. 
The pupal period ranges from 2 to 4 weeks depending on 
temperature. 

Like most megalopterans, Nigronia adults are awkward and 
weak in flight. They fly throughout the day, with oviposition 
occurring in the afternoon. Nigronia adults readily take fluids, 
especially sugar solution and mashed fruit. Adult feeding is 
needed because some individuals live for 2 weeks. 


Reproductive organs in Nigronia are mature at emergence, 
as is the case with Sialis but unlike Corydalus. A bimodal occur- 
rence in egg deposition demonstrated that after their first 
oviposition females waited a week to lay a second mass. Egg 
masses are composed of one to five layers. Maturation of 
Nigronia eggs requires 2 to 3 weeks. Hatching begins with indi- 
viduals in the uppermost layer and continues to the lower level. 

Larvae of fishflies and corydalids often have colonies of 
epizooics attached to the exoskeleton. These growths, which are 
readily apparent at low magnification, include stalked proto- 
zoans, rotifers, and filamentous algae. Phoretic Chironomidae, 
for example, Plecopteracoluthus downesi, are often found strapped 
in cases attached to thoracic sternites. 
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M etabolism refers to the thousands of chemical reactions 
that occur in the cell. These reactions link together in 
defined series to form pathways. Metabolic pathways are 
interdependent and exquisitely regulated for the efficient 
extraction of energy from fuels, catabolism, and the synthesis 
of biological macromolecules, anabolism. Metabolism is a sub- 
ject area of biochemistry, which also includes the structural 
chemistry of biological molecules and the chemistry of molecu- 
lar genetics, the chemical processes involved in the storage and 
inheritance of biological information. 

The biological diversity of insects has enabled focused study 
on the metabolic bases for many physiological capabilities that 
are unique to insects or their arthropod and close relatives. The 
literature on insect biochemistry is extensive. Early studies of 
insect biochemistry focused on chemical content, individual 
chemical reactions, metabolic rate, and respiration. Much of 
this was discussed in the seven editions of Sir V. B. 
Wigglesworth’s The Principles of Insect Physiology, which first 
appeared in 1939. As advances were made other compre- 
hensive treatments appeared, including the 1964 edition of 
M. Rockstein’s Physiology of Insecta series and D. Gilmour's 
The Biochemistry of Insects, which first appeared in 1961. The 
Biochemistry of Insects, edited by M. Rockstein, appeared in 
1978. More recently, insect metabolism was described in 
several volumes of the treatise Comparative Insect Physiology, 
Biochemistry and Pharmacology, edited by G. A. Kerkut and 
L. I. Gilbert (1985). 


INTERMEDIARY METABOLISM 


Insects share with other invertebrates most of the common 
pathways of carbohydrate, lipid, and amino acid metabolism. 
Although much has been presumed based on overt similarities 
to more extensive studies of mammals and other higher taxo- 
nomic groups, many aspects of intermediary metabolism 
have been examined in a number of insects and different insect 
tissues. Much of intermediary metabolism, including synthesis 
and storage of carbohydrate and fat, takes place in the fat body. 

The metabolism and utilization of the glucose disaccharide 
trehalose as the principal hemolymph or blood sugar is unique 
to insects and some other invertebrates. Unlike glucose, tre- 
halose is a nonreducing sugar, a sugar not readily oxidized by 
common oxidizing agents. First described from an insect by 
G. R. Wyatt and his associates in pupae of the polyphemus 
moth, Antheraea polyphemus, trehalose occurs in many insects 
at variable but high levels. In lepidopteran insects, trehalose 
levels are commonly as high as 100 mM. The concentration 
of trehalose in insects often greatly exceeds levels of glucose in 
the blood of mammals. Blood glucose in humans typically is 
about 5 mM, a value that would be considered very low for 
trehalose in hemolymph. With few exceptions, glucose occurs 
in insect hemolymph at levels less than 5 mM and often at less 
than 1 mM. Trehalose serves multiple functions, as a storage 
carbohydrate that serves as a fuel for flight and as a cryopro- 
tectant, protecting insects from damage during overwintering 


704 Metabolism 


in cold climes. The hemolymph level of trehalose plays an 
important role in regulating carbohydrate intake and 
maintaining nutritional homeostasis. Levels of trehalose in 
the hemolymph are maintained by a complex interaction of 
nutrient intake and metabolism. 

‘Trehalose is synthesized in the fat body from two metabolic 
intermediates of glycolysis, glucose 1-phosphate and glucose 
6-phosphate. The reactions synthesizing trehalose are catalyzed 
by trehalose-6-phosphate synthase and trehalose-6-phosphate 
phosphatase. The sources of glucose for trehalose synthesis 
include dietary sucrose, glycogen, and gluconeogenesis, dietary 
sugar being the sole source of glucose under fed conditions. 
Trehalose formation from glycogen has been described in 
several insects, including the American cockroach Periplaneta 
americana and tobacco hornworm Manduca sexta during star- 
vation. The breakdown of glycogen to glucose is due to acti- 
vation of the enzyme glycogen phosphorylase, first demon- 
strated by J. E. Steele and his associates to be under endocrine 
control by a neurohormone released from the corpora cardiaca 
in the brain. The induction of a “hypertrehalosemic” hormone 
RNA transcript in the central nervous system of the cockroach 
Blaberus discoidalis in response to starvation was recently 
demonstrated. Glucose synthesis, followed by trehalose for- 
mation, via gluconeogenesis has been reported only in M. sexta 
and was induced when nymphs were maintained on low- 
carbohydrate diets. Starvation did not induce gluconeogenesis. 

Most insects obtain energy principally from aerobic respi- 
ration, but many species have some capacity for anaerobic 
energy metabolism when exposed to hypoxic or anoxic condi- 
tions. This is best known in aquatic insects such as midge 
larvae, in which the fermentation products may include lactate, 
ethanol, and acetate. For example, the midge Chaoborus 
crystallinis accumulates succinate, suggesting that this species 
is capable of anaerobic respiration, possibly involving 
fumarate reductase for ATP production. Polyol formation 
during diapause of some insects is another example of 
anaerobic metabolism. 


CHEMISTRY AND METABOLISM 
OF SCLEROTIZATION 


The hardness of cured exocuticle is the result of cross-linking 
or polymerization between molecules of the protein sclerotin 
and/or cross-linking between sclerotin and chitin. The chem- 
ical composition of sclerotin and the chemistry of the polymer- 
ization process were first understood from organochemical 
analyses of the products resulting from chemical degradation 
of cuticle. Current knowledge of cuticular structure came about 
through nondestructive nuclear magnetic resonance (NMR) 
analysis of intact cuticle. Although sclerotization is principally 
the result of the reaction of cuticular proteins and chitin with 
quinones derived from NV-acetyldopamine, the metabolism of 
sclerotization is complex and sclerotized cuticles vary greatly 
in their physical and chemical properties because of metabolic 
variation. 


The metabolism involves principally quinone methide inter- 
mediates first described by M. Sugumaran and his collegues. 
Reactions of quinone methides produce so-called B-sclerotin, 
with cross-linkages involving the B carbon of the catecholamine 
side chain, as well as dehydrodopamine intermediates pro- 
ducing linkages to the benzoyl ring. The metabolism of the 
quinone and dehydrodopamine intermediates is integrated, 
such that both the side chain and the ring structure may be 
involved in an individual cross-linked structure. Phenoloxidases, 
quinone isomerases, and quinone tautomerases are the principal 
enzymes involved in the metabolism of these various metabolic 
intermediates. 

The structure of the cross-linkage between sclerotin and 
chitin in the pupal cuticle of M. sexta was recently established 
by K. Kramer, J. Schaefer, and associates through the use of 
solid-state NMR spectroscopy. As shown in Fig. 1, the structure 
demonstrates cross-linkage of phenolic and quinone interme- 
diates with the imidizole ring of histidine residues of the protein 
and the B-hydroxyl group on Carbon 4 of N-acetylglucosamine 
units of chitin. 


CHEMISTRY AND METABOLISM OF PIGMENTS 


The diversity of insect coloration is in large measure because of 
an abundance of pigments. Combinations of pigments together 
with effects of light diffraction, refraction, and interference 
involving various anatomical structures produce the array of 
exotic colors familiar to insect observers. Many insects 
synthesize melanins, ommochromes, porphyrins, pteridines, 
and/or quinones. Other pigments such as flavonoids and 
carotenoids, although not synthesized, are often sequestered 
by insects from plants and contribute to coloration. Two 
pigment groups are notable: ommochromes, first reported 
from the eyes of insects, and papilochromes, a unique group 
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FIGURE 1 Structure of the protein—chitin cross-linkage in the pupal cuticle 
of M. sexta. Protein may be linked through the 1 or the 3 nitrogen of the 
imidizole ring to the 2, 5, or 6 ring carbon of the quinone derivative, and 
carbon 4, or other carbons of chitin may be linked to phenoxy carbon 3 or 
4 of the quinone. (Adapted from Schaefer et a/., 1987.) 


that occurs in the bodies and wings of the butterfly family 
Papilionidae. 

Ommochromes are polymers of heterocyclic phenoxines, 
distributed among a variety of different insect tissues, producing 
yellow, red, and brown coloration. They are synthesized from 
tryptophan in a metabolic pathway involving kyneurenine 
derivatives. In the compound eye, ommochromes form the 
principal masking pigments that surround and isolate the 
individual ommatidia and thus, the origin of the name. Several 
eye-color mutants, described in several insect species, result from 
the absence of enzymatic function at specific steps in the syn- 
thetic pathway. Identification of these steps in Drosophila was 
one of the early comfirmations of A. Garrod’s one gene—one 
enzyme hypothesis. The ommochrome biosynthetic pathway 
in the coloration of M. sexta larvae is hormonally regulated. 

Papiliochromes are novel white, yellow, and red pigments 
whose synthesis intersects the well-known metabolic pathways 
the melanins and ommochromes. For butterflies of the genus 
Papilio, the precursors are B-alanine, tyrosine, and tryptophan. 
Papiliochromes accumulate in the wing scales and their 
distribution varies with the butterfly species. Recent studies on 
papiliochrome synthesis demonstrated that, as in the case of 
sclerotization, quinone methides derived from tyrosine are 
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intermediates. The synthesis involves the nonenzymatic 
condensation of V-B-alanyldopamine quinone methide with 
L-kynurenine to produce a mixture of two diastereoisomers 
of papilochrome II, a white pigment. Papiliochrome II is a 
peptide in which the two aromatic rings are linked by a 
bridge between the aromatic amino group of kynurenine and 
the catecholamine side chain of norepinephrine derived from 
the quinone. 


ENERGY METABOLISM DURING FLIGHT 


Insect flight muscles are obligately aerobic, deriving energy 
from O,-dependent substrate oxidation to CO, and H,O. 
Small insects in flight achieve the highest known mass-specific 
rates of aerobic metabolism among animals. Of the estimated 
one-half million insect species capable of flight, the metabolism 
of only a few has been subjected to detailed examination. 
Insect species differ in the extent to which carbohydrates 
(principally trehalose), fats (mainly diacylglycerol), and proline 
(an amino acid) are used to fuel flight. A scheme summarizing 
the relevant pathways is shown in Fig. 2. 

In some species of locusts and moths, flight is initially 
fueled by carbohydrate. Prolonged flight follows activation of 
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FIGURE 2 Metabolic scheme showing pathways of carbohydrate, fat, and proline oxidation in insect flight muscles. Included are the anaplerotic roles of 


pyruvate carboxylation and proline oxidation in some species, as well as the B-glycerophosphate shuttle (involving G3P and DHAP) for transferring reducing 
equivalents from cytoplasm to mitochondria. The contribution of each pathway varies according to species. In some species, substrate use may change with 
time in flight. Acetyl-CoA, acetyl coenzyme A; ADP, adenosine diphosphate; ATP, adenosine triphosphate; CIT, citrate; CYTO, cytosol; DG-LP, lipoprotein- 
bound diacylglycerol; DHAP, dehydroxyacetone phosphate; F6P, fructose 6-phosphate; FDP, fructose bisphosphate; FA-carnitine, fatty acid—carnitine; FA- 
CoA, fatty acid—coenzyme A; FFA, free fatty acids; G3P, glycerol 3-phosphate; G6P glucose 6-phosphate; GAP, glyceraldehyde 3-phosphate; glut, glutamate; 
HCO;, bicarbonate ion; H, nicotinamide adenine dinucleotide; &-KG, ketoglutarate; MITO, mitochondrion; OXA, oxaloacetate, PROL, proline; PYR, 


pyruvate. (Adapted from Storey, 1985.) 


706 Metabolism 


fatty acid oxidation and inhibition of carbohydrate oxidation, 
which are processes triggered by adipokinetic hormones. Bees 
appear unable to make use of fats to fuel flight, but instead 
oxidize carbohydrate, while using proline as a carbon source 
for augmenting the concentration of Krebs cycle interme- 
diates. Pyruvate carboxylation serves a similar, anaplerotic role 
in these species. Carbohydrate and proline are oxidized simul- 
taneously to support steady-state flight by flies and some 
beetles, but there is considerable interspecific variation as to 
which fuel is used as the primary carbon source. The tsetse fly 
may be unique in using proline as the sole fuel for flight. 

A huge increase in the rate of ATP utilization in muscle 
occurs during the transition from rest to flight. In species 
possessing synchronous flight muscles (e.g., locusts, butterflies, 
and moths), this is the result of increased activities of 
actomyosin-ATPase, Ca”*-ATPase, and Na‘/K*-ATPase. In 
insects with asynchronous muscles, actomyosin-ATPase 
accounts for most of the ATP hydrolyzed, and the energetic 
cost of excitation—contraction coupling (involving Ca’*- 
ATPase and Na*/K*-ATPase) is lower in comparison with 
synchronous muscles. Contraction frequencies in asynchronous 
muscles are not limited by maximum rates of Ca” cycling, 
which may explain why asynchronous muscles, which are 
unique to insects, are found in 75% of insect species, including 
flies, beetles, and many species of wasps and bees. 

ATPase activities increase upon the initiation of flight, and 
metabolic control mechanisms activate pathways of substrate 
catabolism, mitochondrial respiration, and oxidative phos- 
phorylation to maintain ATP concentration and muscle 
function. Cellular rates of ATP hydrolysis and synthesis in 
insect flight muscle are so exquisitely matched that ATP 
concentrations are maintained within narrow limits, despite 
up to 100-fold increases in the rate of ATP turnover during 
the transition from rest to flight. The regulatory mechanisms 
that make possible these large flux changes between rest and 
flight remain poorly understood, and until recently, how 
such phenomenal steady-state rates of aerobic metabolism are 
achieved was largely unknown. Recent work has revealed that 
these are made possible by high concentrations of catabolic 
enzymes in the flight muscles, the operation of some of these 
enzymes at high fractional velocities, high mitochondrial 
content, large inner membrane surface areas per unit 
mitochondrial volume, and unusually high rates of electron 
flow between respiratory chain enzymes. Evolution has 
produced no locomotory muscles capable of higher rates of 
aerobic metabolism. 


METABOLISM OF COLD HARDINESS 


Many insects that exhibit arrested development during 
periods of cold, or routinely live in cold environments, display 
a resistance or tolerance to freezing. The phenomenon of 
supercooling was described for various insects over 100 years 
ago. Although supercooling temperatures are generally —10 
to —15°C, supercooling temperature may approach —50°C. 


In most cases, low-molecular-weight cryoprotectants, includ- 
ing some amino acids, mannitol, trehalose, sorbitol, and 
particularly glycerol, accumulate in the hemolymph and act as 
antifreeze. Cryoprotectants typically reach levels of 20 to 30% 
or more of fresh body weight as temperature falls and the level 
of cryoprotectant often is inversely related to the supercooling 
point. In freeze-tolerant species ice-nucleating proteins 
accumulate and the supercooling point increases. 

Among the first metabolic studies on cryprotectant synthesis 
were those of H. Chino on glycerol and sorbitol formation in 
diapausing Bombyx mori silkworm eggs. The metabolism is 
hormonally regulated and is summarized in Fig. 3. 

Although most insects synthesize polyols from glycogen in 
a similar manner, their synthesis in Bombyx eggs not only 
provides cryoprotection, but also maintains redox balance in 
response to a reduced level of oxidative respiration. In this 
case, the formation of polyols is an example of anaerobic 
fermentation. 

Regulation of polyol formation is poorly understood, but 
cold-induced activation of glycogen phosphorylase is involved. 
Studies with Eurosta solidaginis fly larvae demonstrate 
independent control over glycerol and sorbitol formation, and 
hormonal cues may be important. In insects that accumulate 
trehalose for cryoprotection, inhibition of phosphofructokinase 
has been suggested as the mechanism for shifting metabolism 
in the direction of sugar formation. A temperature-dependent 
change in the balance between glucose oxidation by glycolysis 
and the pentose phosphate pathway may also affect the 
balance between trehalose, sorbitol, and glycerol. 
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FIGURE 3 Metabolic scheme showing pathways of carbohydrate oxidation 
and polyol synthesis in B. mori silkworm eggs. CO}, carbon dioxide; NAD, 
oxidized nicotinamide adenine dinucleotide; NADH, reduced NAD; Pi, 
inorganic phosphate; S6P, sorbitol 6-phosphate. Other abbreviations as in 
Fig. 2. (Adapted from Gilmour, 1965, “The Metabolism of Insects.” W. H. 


Freeman, San Francisco.) 


In conclusion, insects exhibit many unique metabolic 
characteristics. The brevity of this article allows discussion of 
only a few select examples. Much current molecular work 
focuses on silk fibroin synthesis and the molecular action of 
hormones. Relatively few investigations have been conducted 
on molecular-genetic aspects of metabolism and metabolic 
regulation. The available techniques in cell and molecular 
biology, including differential display and microarray 
analysis, offer marvelous opportunities to examine the 
“transcriptional physiology” of hormonal and _ nutritional 
regulation of intermediary metabolism. The metabolic 
diversity of the Insecta also awaits more detailed exploration 
within the context of their ecology and behavior. 
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M etamorphosis means change in form. Most organisms 
undergo a change in form as they grow from an embryo 
to an adult. Some changes are radical and the immatures bear 
little resemblance to the adults; others are more gradual, with 
the immatures looking very much like the adults. 

The term “larva” has very broad usage in invertebrate zool- 
ogy, being applied to an assortment of forms (often the dis- 
persive state) in virtually all invertebrate phyla. In Arthropoda 
other than insects, larvae is most often used for first stages, as it 
is in the mites and ticks, and for the first-stage hexapod larvae 
of millipedes, with “nymph” being used for second-stage mites 
and ticks. However, in continental Europe (especially France) 
“nymphe’ refers to a pupa; in English-speaking countries “pupa” 
is universally used for the stage between the last instar and the 
adult of insects with complete metamorphosis (Holometabola). 

In the insects, larva has been used in different ways, 
including such diverse forms as the immatures of the most 
primitive order Protura and of the most advanced order 
Hymenoptera (sawflies, ants, wasps, and bees). The termites 
present an interesting problem: some authors use nymph for 
all juvenile termites, whereas others use larva for those lacking 
wingpads, and nymph for those having wingpads. This is 
further complicated because the supplementary reproductives 
may be wingless or bear wingpads, even though the two forms 
are functionally equivalent. 

The kind of metamorphosis insects undergo is closely 
related to which of the subclasses a taxon belongs to. In the 
Apterygota metamorphosis is either anamorphic in the 
Protura, in which three abdominal segments are added as the 
individual develops to an adult, or it is ametabolous, in 
which the number of molts is indefinite and molting may 
continue throughout life after sexual maturity (Collembola, 
Diplura, Archeognatha, and Zygotrema). 

In the Pterygota there are two fundamental kinds of meta- 
morphosis: the hemimetabola develop through the egg, larva, 
and adult stages, and the holometabola develop through the 
egg, larva, pupa, and adult stages. There are also other terms 
(defined below) that have been used to describe variations in 
metamorphosis. 


LARVAE VS NYMPHS AND NAIADS 


Defining a larva is also necessary because its use has been 
highly variable in the Insecta. In 1918, Comstock proposed 
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restricting the term larva to juveniles of the holometabolous 
orders, nymph to the juveniles of his paurometabolous 
(nonholometabolous) terrestrial orders, and naiad to the 
juveniles of his hemimetabolous nonholometabolous aquatic 
orders (Ephemeroptera, Odonata, and Plecoptera). Because 
these three aquatic orders have a much greater change in 
form from the last instar to the adult than the terrestrial 
hemimetabolous orders, there was some basis for Comstock’s 
proposal to call them naiads. However, the Ephemeroptera 
and Odonata are Paleoptera, which cannot fold their wings, 
whereas the Plecoptera are Neoptera, which can fold their 
wings over their back, so they are not closely related. 

Currently there is a tendency to use larva for all immature 
insects that are not eggs, pupae, or adults and the term 
“immature insect” for all life stages except adults, no matter 
how many specialized names are applied to the various 
developmental forms in the different orders. 

There is little difficulty in defining an egg or an adult, but 
naming and defining the instars or stages that may occur 
between egg and adult can be problematic. Some insects are 
larviparous, never depositing eggs; some multiply from a 
single egg by polyembryony, and some are sexually mature as 
immatures (paedogenesis or neoteny). Nevertheless, all of 
them undergo a series of molts as they grow. When larva is 
used in the comprehensive sense, the subcategories 
“exopterygote larva” (Hemimetabola that have the wingpads 
developing “endopterygote 
(Holometabola that have the wingpads appearing externally 


externally) and larva” 
in the pupal stage but having developed from internal larval 
histoblasts) are useful for pterygote immatures. A useful term 
roughly equivalent to larva in the comprehensive sense is 
“juvenile,” which can be used as a general term for nonadult 
larvae of all orders. 


KINDS OF METAMORPHOSIS 


Below are terms that are currently widely used for different 
types of metamorphosis. Most species are either holometa- 
bolous or hemimetabolous, with more than 85% of them 
holometabolous and most of the rest hemimetabolous. 


Anamorphosis 


This term means development with fewer body segments at 
hatching than when mature, which is found in the Protura, 
in which three abdominal segments are added anterior to the 
tail as the individual develops to an adult. Because of this 
some workers believe proturans are not true insects. 


Ametabolous 


Ametabolous means development with the major change 
being an increase in size until sexually mature. The number 
of molts is indefinite, and molting may continue throughout 
life; it is found in Apterygota (excluding the Protura). 


Simple Metamorphosis 


This is a broad term covering all types of metamorphosis 
except holometabolous. 


Hemimetabolous (Gradual, Incomplete, 
Direct, Paurometabolous) 


Development through egg, larva, and adult is covered by this 
term, which includes everything except ametabolous, anamor- 
phosis, and holometabolous. Among the hemimetabolous 
insects, most species are found in three orders, the 
Orthoptera, the Heteroptera, and the Homoptera. 


Holometabolous (Complete, Indirect) 


This means development through egg, larva, pupa, and adult. 


All insects do not fit neatly into Hemimetabola or 
Holometabola. Some Hemimetabola are intermediate in having 
one or more nonfeeding stages before the adult instar and in 
having a last instar that forms into a pupa. For example, in the 
whiteflies (Homoptera: Aleyrodidae) the first instar is active, 
but subsequent instars are stationary, resembling and feeding 
like scale insects, and the last instar stops feeding and becomes 
a pupa, with the wings developing internally. This could be 
termed holometabolous, but the homopterans as a whole are 
certainly hemimetabolous. In the Thysanoptera (thrips), there 
are two feeding instars followed by two or three nonfeeding 
instars, the propupa and pupa, which may be contained within 
a cocoon formed by the last feeding instar. This is certainly 
closer to Holometabola than to Hemimetabola. 


See Also the Following Articles 
Development, Hormonal Control of ¢ Hypermetamorphosis 
Molting 
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M igration, the major movement behavior of insects, allows 
them to escape deteriorating habitats, to colonize new 
areas, or to seek temporary shelter such as overwintering sites. 
It involves a complex of traits that include development, 
physiology, morphology, and behavior, and it is a major 
component of the life histories of many species. These trait 
complexes or syndromes are adjusted by natural selection in 
complex ways that increase the fitness and therefore the 
success of migrants. 


MIGRATION AND OTHER MOVEMENTS 


The movements characteristic of organisms can be roughly 
divided into two broad categories, those that are immediately 
responsive to resources and those that are not (Box 1). 
Within the category of immediate responses to resources are 
two further broad types. The first type consists of “station- 
keeping” responses that serve to keep the organism on its 
territory or within the home range in which it carries out 
most of its life functions and spends most of its time. 
Included within station-keeping movements are resource- 
sensitive behaviors crucial for survival. Examples are 
foraging, territorial behavior, and commuting, which is a 
periodic, often daily, round trip for resources. Foraging may 
be for any resource, including food, shelter, or mates; and 
commuting, which can also be considered to be a form of 
extended foraging, may involve travel over considerable 
distances. The commuting trails of leafcutter ants, for 
example, may extend for hundreds of meters both 
horizontally along the forest floor and vertically into the 
canopy. Foraging, commuting, and territorial behaviors are 
all readily responsive to resources: thus a female butterfly 


Box 1. Types of Insect Movement 


Migration is a type of movement displayed by insects, 

but it differs from all other types because migratory 

insects (and other migrants as well) are unresponsive 

to suitable resources. There are two broad categories 

of movements: 

I. Movements that are directed by resources and/or 
home range. 

A. Station keeping: examples are foraging, com- 
muting (periodic, usually daily, movements), 
and territorial behavior. 

B. Ranging: movement to explore an area, often 
for a new home range or territory. 


. Movement not directly responsive to a resource or 


home range: here migration is undistracted move- 
ment with cessation primed (thresholds lowered) 
by the movement itself. Responses to resources are 
suppressed or suspended. 
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stops searching (foraging) upon encountering a host plant on 
which to oviposit, and a territorial forest drosophilid fly is 
bounded by the borders of its leaf display ground. 

Ranging movements take organisms on exploratory 
journeys beyond the current home range and serve to locate 
a new home range or territory. Like station-keeping 
movements, ranging movement is a facultative response to 
resources, and like foraging or commuting, it ceases when a 
new resource (here in the form of previously unoccupied 
living space) is encountered. Ranging movements may also 
extend considerable distances but, like station keeping, still 
belong in the category of activities that are proximately 
resource sensitive. 

Movement that is not immediately responsive to resources 
constitutes the distinct sort of behavior that is migration. 
Taking an organism beyond both its current home range and 
beyond neighboring potential home ranges, migration is 
physiologically distinct from all other movements. It is so 
distinct because sensory inputs from resources that would 
ordinarily cause movement to cease do not stop migration. 
Thus, a characteristic of migration is that the organism under- 
taking it is undistracted by and fails to respond to food or 
mates, otherwise so necessary a part of life functions. Further- 
more, migration is usually triggered by environmental cues, 
such as photoperiod, which forecast habitat change rather 
than being directly responsive to the change itself (usually a 
deterioration in the quality or availability of resources). 
Other characteristics of migration include distinct initiating 
and terminating behaviors. Many insects climb to the top of a 
bush or tree branch to take off on migratory flights, behavior 
they show at no other time. Sensory responses may also 
change, as in aphids that are sensitive to blue light from the 
sky during the takeoff phase of migratory flight but become 
increasingly sensitive to yellow light, the characteristic wave- 
length of young host plants, as migration proceeds. Thus, 
migration is not defined by the distance traveled or by 
whether it is a “round trip.” Rather, it is defined in terms of 
the physiological and behavioral responses to resources; this 
behavior is true of all organisms, not just insects. 

The movement behavior of individuals also has an 
outcome for the population of which those individuals are a 
part. This outcome involves displacement for a greater or 
lesser distance, but at either distance it involves removal from 
the home range. It can also result in the scattering or 
dispersal of individuals within the population; thus 
“dispersal” is a population phenomenon, not an individual 
movement. Movement can also result in congregation by 
mutual attraction or aggregation in a habitat. Both 
tendencies result in a decrease in the mean distance among 
individuals and contrast with dispersal, which increases mean 
distances. Note that all the movements just described can 
contribute to aggregation, congregation, or dispersal, 
depending on species and ecological circumstance. 

Three examples of the sorts of population outcome 
attributable to migratory behavior occur in locusts, aphids, 
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and moths of the genus Heliothis (and the very similar 
Helicoverpa). Locusts are a group of grasshopper species that 
under crowded conditions undergo remarkable behavioral 
and morphological changes known as phase transformation. 
In the desert locust, Schistocerca gregaria, perhaps the most 
extreme example of the phenomenon, crowded nymphs 
(hoppers) are strikingly black and yellow, whereas isolated 
individuals are a pale brown or green. Crowded adults are 
larger and display differences in body proportions that 
readily distinguish them from their isolated counterparts. It 
is behavior, however, that most distinguishes the two forms. 
Isolated individuals display no mutual attraction, forage 
independently, and migrate at night. Crowded individuals 
show a high degree of mutual attraction and form large 
swarms that can number in the millions. When a swarm is 
feeding, locusts at the rear are constantly running out of 
food, overflying the body of the swarm, and landing at the 
leading edge. The result is a “rolling” movement across 
country in extended foraging. If a swarm enters an area with 
no forage, it may rise in unison and be carried for some 
distance by the wind. If this happens for a long period or 
repeatedly, the individuals in the swarm may switch to 
migratory behavior and cover considerable distances to 
descend again in regions of fresh plant growth. These 
ageregated swarms are major pests over much of Africa, 
occasionally reaching adjacent areas of the Middle East and 
in several notable instances the New World. The arrival of a 
swarm can mean that “not any green thing” (Exodus 10:15) 
is left for human consumption. It is the aggregation and 
migration that make the desert locust such a notorious pest. 
It would be much less a pest if its characteristic behavior led 
to dispersal rather than swarming. 

Various species of aphid are also capable of spreading far 
and wide by migration. In Europe, an extensive monitoring 
network coordinated by English and French entomologists 
has mapped the seasonal spread of bean aphid, Aphis fabae. 
Large concentrations appear first in central France in early to 
midsummer. The species then spreads westward and 
northward over succeeding generations so that by late 
summer the aphid has reached high densities as far north as 
Scotland. In North America, monitoring of the corn leaf 
aphid, Rhopalosiphum maidis, has indicated the arrival of 
large numbers in the cornfields of Illinois. Analysis of 
weather systems suggests these aphids have come from as far 
away as Texas and were transported on wind streams. Studies 
of a number of other insects indicate that the Mississippi 
Valley is a major spring migration route for wind-transported 
insects to the agricultural regions of the upper Midwest. 

Heliothis moths breed following rainfall in tropical and 
subtropical arid regions. If productivity is high on the new 
vegetation on which they feed, large populations of 
migrating moths are produced and are carried by winds to 
agricultural areas. In Australia, moths are transported in 
spring to wheat- and cotton-growing regions in New South 
Wales from breeding areas in interior regions of New South 


Wales and Queensland. The location of rainfall in the 
interior of Australia is unpredictable from year to year, and 
considerable effort has gone into locating areas in which rain 
has fallen, determining whether this precipitation is 
sufficient to produce large moth populations, and forecasting 
the arrival of migrating moths in conjunction with weather 
systems so that necessary control measures can be undertaken 
and unnecessary ones avoided. In the spring in North 
America, there is similar breeding of Heliothis moths in 
northern Mexico and southern Texas and migration 
northward on winds. 


HISTORICAL BACKGROUND 


In the 1930s C. B. Williams collected and summarized the 
available information on insect migration. The two books 
that resulted were largely responsible for bringing to the 
attention of entomologists and other biologists the fact that 
the phenomenon was a common one. Williams focused on 
large insects such as butterflies and dragonflies, and he 
adopted the prevailing notion, derived largely from birds, 
that only round-trip movement could be called “migratory.” 
The way entomologists now think about insect migration is 
primarily the result of the work of four Britons: C. G. 
Johnson, J. S. Kennedy, T. R. E. Southwood, and L. R. 
Taylor, beginning around 1960. Johnson and Kennedy 
stressed that insect movements vary with respect to 
physiology and function, and their ideas revamped notions 
concerning the behavioral and life history aspects of 
migration. Southwood showed that the type of habitat 
determines the likelihood of migration among insects, and 
Taylor noted the importance of movement to the dynamics 
of populations in both time and space. Combined, the work 
of all four made explicit that migration is a distinct behavior 
with consequences for populations. 

The distinct nature of migratory behavior was precisely 
outlined by Kennedy in his studies of the flight of the summer 
parthenogenetic females of A. fabae. He used a flight chamber 
that allowed him to analyze the responses of free-flying aphids 
(Box 2). Key aspects of migratory flight that distinguished it 
from other types of flight were revealed by the flight chamber 
experiments. The aphids tested were the winged or alate form 
produced under crowded conditions. The uncrowded wingless 
females larviposit (bear live young) as soon as they make 
contact with a suitable host leaf. In contrast, the winged 
migrants do not larviposit until they have completed at least 
some flight. Furthermore, landing responses are primed by 
migratory flight: the longer the flight, the lower the threshold 
for landing. Finally, there is reciprocal interaction between 
flight and settling, since settling responses (i.e., probing a leaf 
to test its suitability and subsequent moving to the underside 
of the leaf to larviposit) can prime flight if they fail to be 
completed by attaching via the mouthparts and producing 
offspring. This flight after incomplete settling may actually be 
stronger than that occurring at the beginning of migration. 


Box 2. The Kennedy Flight Chamber 


J. S. Kennedy used this device in studies of insect 
migration. His experiments analyzed the performance 
of free-flying aphids and their landing and foraging 
responses. The lever arm can be twisted to shake the 
aphid off the platform, forcing it to fly, and it can be 
rotated out of the light and presented to the flying 
aphid again at will. Host plant leaves of different ages 
and leaves of different species of plant can be pre- 
sented to permit investigators to observe variation in 
landing responses. Free flight is maintained by wind 
from the top of the chamber, and the wind speed is 
varied with the butterfly valve, whose setting thus 


indicates the strength of flight as measured by rate 
of climb which is balanced by the downward wind- 
speed. (Figure reproduced from Dingle, H. (1996). 
“Migration: The Biology of Life on The Move.” Used 
by permission of Oxford University Press, Inc.). 
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Migration thus is qualitatively different from other movement 
because station-keeping responses such as landing and 
probing (foraging) are inhibited by flight, but flight also 
primes them and promotes their later recurrence. Based on 
the behavior of migrating aphids, Kennedy provided a 
complete predictive definition of migration, as follows: 
migratory behavior is persistent and straightened-out 
movement effected by the animal’s own locomotory exertions 
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or by its active embarkation upon a vehicle; it depends on 
some temporary inhibition of station-keeping responses, but 
promotes their eventual disinhibition and recurrence. 

By explicitly focusing on the interaction between growth 
and reproductive behaviors (station keeping) and migratory 
behavior, Kennedy put migration firmly in the context of life 
histories. This context was also emphasized by Johnson, who 
identified the “oogenesis-flight syndrome” as characteristic of 
insect migration. Johnson noted that in a high proportion of 
migratory insects, especially in females, flight is limited to 
individuals with immature reproductive systems. It thus seemed 
that migration was based on an interaction between flight and 
the maturation of reproduction. Implicit was the assumption 
that migration and reproduction were alternative physiological 
states, with trade-offs in the mobilization of energy and mate- 
rials. Johnson further postulated that this life history syndrome 
would be mediated by juvenile hormone, a postulate now 
amply demonstrated (see later: Migratory Syndromes). 

The population dynamical aspects of insect migration 
were assessed by Southwood and Taylor. Southwood placed 
migration into an ecological and evolutionary context by 
summarizing evidence that migration is characteristic of insects 
living in temporary habitats, such as seasonal pools or early 
successional fields. This condition is in contrast to that of insects 
with more permanent habitats such as forests or large lakes; 
such insects are nonmigratory and often even wingless. This 
pattern of migration as a response to transitory environments 
was later formalized by Southwood in 1977 in the ratio H/t, 
with H the duration of the habitat and T the generation time 
of the insect. The frequency of migration in populations or 
species increases as the ratio shrinks toward unity, as later 
nicely demonstrated, for example, in leafhoppers (Homoptera) 
by Denno and colleagues. Taylor stressed the role of migratory 
behavior in the spatial dynamics of insect migration. He noted 
that migrants can disperse or coalesce, depending on whether 
individuals attract or repell one another and on atmospheric 
dynamics. This behavior can create a mosaic of insect densities 
over the landscape. He also initiated the Rothamsted Insect 
Survey, an array of traps to sample insects in the air, from 
which data on numbers were taken and analyzed at the 
Rothamsted Experiment Station near London. This network 
allowed tracking and forecasting of insect pests such as 
aphids with major practical implications for insect control. 


THE CAUSES OF MIGRATION 


Since Southwood’s original statement of the relationship, it has 
become apparent that the impermanence of habitats is indeed 
the primary selective force driving insect migration. Much of 
this impermanence is a function of season, and as with other 
well-known migrants such as many fish or birds, seasonality 
is acommon factor in insect migrations. Most seasonal migra- 
tions are on a relatively small scale, with distances traveled 
only a few hundreds or thousands of meters, but others cover 
much greater distances. Examples of short-distance migrations 
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to overwintering diapause sites include the Colorado potato 
beetle, Leptinotarsa decemlineata, several species of common 
seed-feeding hemipterans, including Lygaeus kalmii, a milk- 
weed bug of Europe (in Sweden it often flies to lighthouses 
to diapause), and several species of lady beetles (Coccinelidae). 
In some lady beetles migration extends to several kilometers. 
In California, Hippodamia convergens, the convergent lady 
beetle, overwinters at high altitudes in the Sierra Nevada and 
migrates to agricultural areas in the Central Valley in March. 
Beginning in June, offspring of the early spring migrants fly 
back to intermediate altitudes and form aggregations. There is 
then a later movement to higher altitudes to overwinter so that 
the migration to overwintering sites is a two-step process. 

Other insect migrants make spectacularly long journeys. 
The best known of these is that made by the eastern North 
American population of the monarch butterfly, Danaus 
plexippus, studied extensively by Lincoln Brower and F. A. 
Urquhart. This butterfly cannot overwinter in the temperate 
zone, so it must migrate to southern overwintering sites. The 
short days of autumn cause adult butterflies to enter repro- 
ductive diapause, and they undertake a southward journey of 
3000 km or more. The majority of the eastern population 
overwinters en masse in a very few high-altitude protected sites 
in the Transvolcanic Range of central Mexico, where they arrive 
in the late autumn. Beginning in February, the aggregations 
break up, mating occurs, and the butterflies begin to move 
northward. Identification of the chemical cardenolide “fin- 
gerprints” of the milkweeds eaten by monarchs when they are 
caterpillars and stored in the adults has revealed that the over- 
wintering generation stops and breeds on the spring flush of 
milkweeds along the coastal plain of the Gulf of Mexico. It is 
the offspring of these individuals that invade regions farther 
north beginning in late May and early June. Thus, as with fall 
California convergent lady beetles, the spring migration is at 
least a two-step process. A very similar migration pattern occurs 
in the same region in the large milkweed bug, Oncopeltus 
fasciatus, and it, too, occurs in two stages in the spring. 

The migration of western populations of the monarch is 
more complicated. These populations overwinter in 
aggregations along the coast of southern California, where 
winter climatic conditions are similar to the aggregation sites 
in Mexico. When the aggregations begin to break up, as early 
as late January, the butterflies move to early sprouting 
milkweeds in the Coast Ranges and breed there. The next 
generation moves both to more coastal milkweeds and to 
milkweeds that grow farther inland as far east as the Rocky 
Mountains and as far north as the Canadian border, so that 
as in the eastern populations, the spring migration occurs in 
two stages over two generations. A very similar pattern occurs 
in the monarch population introduced into eastern Australia, 
with overwintering near the coast, a migration inland in the 
spring, and a return to the coast in the autumn. In more 
northern parts of the Australian range, there may be year- 
round breeding in coastal and subcoastal regions. 

One way to assess the influence of ephemeral habitats on 


the evolution of insect migration is to survey across species 
and populations occurring in different kinds of habitats. In 
Europe, a number of species and populations of water striders 
(Hemiptera: Gerridae) occur over an array of habitats, from 
small, temporary ponds to large lakes and permanent streams 
to isolated permanent bogs. Species in the more temporary 
bodies of water have wings and undertake regular migrations 
to locate their aquatic habitats as they appear and disappear 
in the landscape. At the opposite extreme in permanent lakes 
and bogs, there are species that are wingless. Across habitats 
with varying degrees of permanence are populations and species 
of water striders with varying proportions of winged and 
wingless individuals determined primarily environmentally 
(polyphenisms) where habitat change is predictable, and pri- 
marily genetically (polymorphisms), where change is 
increasingly random with respect to the life cycle. 

A second example of the influence of habitat duration on 
the occurrence of migrants within a fauna occurs in Australian 
butterflies. Often, latitude predicts the amount of migration 
that will occur, especially where there is adequate rainfall and 
seasonal change is largely a function of temperature. In eastern 
North America, for example, 98% of the variance in the 
proportion of migratory birds is explained by latitude, with a 
higher proportion of migrants at northern latitudes. Similarly 
in eastern Australia, where the climate is warmer overall but 
still temperate with adequate rainfall, 72% of the variance in 
the proportion of butterfly migrants is explained by latitude. 
The situation is quite different in the dry regions of Australia 
west of the Great Dividing Range. Here latitude accounts for 
less than 1% of the variance in proportion of butterfly 
migrants, and climate variables that indicate rainfall patterns, 
such as soil moisture, which accounts for about 50% of the 
variance, are much better indicators of migration. The amount 
of rainfall is not correlated with latitude, and so latitude does 
not predict migration. In this dry climate it is the availability 
of erratic rainfall that counts, and only migrants that can take 
advantage of the ephemeral flushes of vegetation that follow 
such rainfall. Thus, as with Heliothis moths, migration allows 
some butterflies to exploit a dry and ephemeral habitat. 


MIGRATORY SYNDROMES 


Accompanying migratory behavior is a syndrome of traits 
that act in coordination to increase fitness. These traits vary 
from enzymes to life history characters and, being influenced 
by subsets of the same genes, are genetically correlated. At the 
physiological level, insects (like most other migrant organisms) 
use fat as fuel, primarily for two reasons. First, fat metabolizes to 
produce about twice as much energy as carbohydrate or protein; 
and second, it requires no water for storage (in contrast, storage 
of 1 g of carbohydrate requires 3 g of water). Insects such as the 
monarch butterfly and the large milkweed bug shift lipids from 
yolk formation to fat storage under the influence of the shorter 
photoperiods of autumn and just prior to migration. The flight 
muscles of migrants are also adapted to the energetic demands 


of lengthy flight. Enzymes active in oxidative metabolism, 
such as citrate synthase, and in fatty acid oxidation, such as 
B-hydroxyl coenzyme A dehydrogenase, or HOAD, tend to 
show higher levels of activity in the flight muscle of migrants 
compared with that shown in nonmigrants. This difference is 
most apparent where there are wing polymorphisms and 
migrants have longer wings. 

The most important hormone involved with insect 
migration is juvenile hormone (JH). It has influence not only 
on the coordination of the various relationships of the 
oogenesis-flight syndrome but also has direct effects on migra- 
tory flight. In many insect migrants such as the monarch 
butterfly, short photoperiods result in reduced outputs of JH 
from the corpus allatum. This reduction in JH output in turn 
leads to a reduction in ovarian and egg development, which 
is then accompanied by migratory flight. In several species of 
migrant insects, prolonging of the prereproductive period by 
reduced JH titers results in the triggering and maintenance of 
migratory flight. At the same time it has been demonstrated 
in several migratory species (such as the large milkweed bug, 
the convergent lady beetle, and the monarch butterfly) that 
JH directly stimulates migration. Implants of corpora allata, 
the source of JH, or topical application of JH or some of its 
chemical analogues, are effective in increasing flight in 
migrants. In some insects such as the monarch, adipokinetic 
hormone (AKH—involved in promoting fat metabolism) 
also stimulates additional flight. The effects of JH and AKH 
in the monarch are illustrated in Fig. 1. 

Because migratory flight occurs when reproduction is 
delayed by reduced JH concentrations, it is logical to inquire 
what level of JH determines migration. This question was 
answered for the large milkweed bug by M. A. Rankin. She 
selected for delayed onset of flight, which also resulted in 
delayed reproduction. Rankin measured JH titers in the blood 
during the prereproductive period and showed that JH titers 
were low when there was no flight or reproduction; inter- 
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FIGURE 1 Influence of JH and AKH on tethered flight in the monarch 
butterfly. Flight (%) longer than 30 min is the index of migratory flight. The 
butterflies received topical application of hormones or the acetone control, 
and subsequent flight duration was determined. Both hormones, singly or 
together, increased flight over controls. 
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mediate titers stimulated flight, and high titers stimulated 
oogenesis. Thus, if titers rose only to intermediate levels, as 
might occur under short days, for example, flight but not 
reproduction would be triggered. These JH titers may also be 
regulated by JH esterase, the enzyme that breaks down JH. In 
wing-polymorphic crickets, high concentrations of JH result 
in short-winged individuals. Artificial selection experiments 
that increased the frequency of long wings also resulted in 
increased amounts of JH esterase in the blood and so reduced 
amounts of JH. Selection also demonstrated that it was pos- 
sible to change both mean and threshold JH esterase activity. 
The possible role of JH esterase in fully winged migratory 
insects remains to be studied. 

An additional behavioral aspect of the migratory flights of 
many insects is the ability to maintain a more or less constant 
direction during migration. Mostly, this directionality has 
been studied in butterflies, although some other large insects 
such as dragonflies and larger Hymenoptera also seem to 
maintain a constant direction when migrating. The monarch 
butterfly in eastern North America flies in a steady southward 
or southwestward direction in the autumn, flight directions 
that lead to the overwintering sites in central Mexico. In the 
spring, the migratory flight is to the north. Compilations of 
observations of several species of Australian butterflies, 
including the monarch, reveal that the insects fly south or 
southwest in the spring and north or northeast in the autumn. 
The apparently migratory flights of a few species occur in the 
same direction no matter what the season, a phenomenon 
that has yet to be explained. In Europe migratory flights of the 
butterfly Pieris brassicae are consistent with both season and 
geography. Autumn migrants from northern Germany fly 
south or south by southeast, whereas migrants in the south of 
France fly to the southwest, which takes them to Spain rather 
than over the Mediterranean. Further experiments have 
demonstrated that butterflies that have diapaused, as they do 
during the winter, fly north when they migrate, but those 
emerging from nondiapause (summer) pupae fly toward the 
south. Seasonal winds also frequently carry migrating insects 
in the “correct” direction. Monarch butterflies in eastern 
North America frequently soar and are carried southward by 
northerly winds, and simulations of the migration of the 
large milkweed bug from the same region indicate that a 
portion of the population reaches southern overwintering 
areas regardless of whether they orient. 

Where the mechanism of orientation has been studied, 
the evidence suggests that it is a time-compensated sun 
compass. To use the sun effectively for orientation, organisms 
must be able to compensate for its daily passage across the 
sky by reference to a “biological clock.” To demonstrate that 
an organism is using a time-compensated sun compass, it is 
necessary to clock-shift it by maintaining it in a daily light 
cycle that is out of phase with the ambient cycle and to then 
show that its orientation is displaced by an amount 
consistent with the clock shift. A displacement of 6 h, for 
example, should lead to a directional change of 90°; whether 
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the change is plus or minus depends on the direction of the 
clock shift. Experiments with southward-moving monarch 
butterflies suggest that this pattern is indeed followed. In 
tropical Panama, two species of migrating pierid butterflies, 
Aphrissa statira and Phoebis argante, regularly maintain a 
directional flight across Gatun Lake in the Panama Canal. 
Clock-shift experiments resulted in changes in the direction 
of orientation that were consistent with a sun compass, even 
though there was also a component imposed by wind drift. 
The sophisticated orientation mechanisms of honey bees, 
ants, and certain other insects incorporating a sun compass, 
imply that orientation is probably widespread. The future 
will undoubtedly reveal the presence of a sun compass in 
other migrants, as well as the presence of other mechanisms, 
especially in nocturnal migrants. Radar observations indicate 
that the passage of many species of nocturnal migrants is 
specific to winds of a certain direction, but the means by 
which this preference is enforced are unknown. 

In addition to behavioral and physiological characters, 
migration syndromes often include life history traits such as 
the age at first reproduction and fecundity, particularly in 
many wing-polymorphic insects. Typically, in these species the 
short-winged or wingless forms reproduce earlier and display 
higher fecundities than their long-winged counterparts. This 
dichotomy is at least in part because of trade-offs between flight 
and reproduction. The metabolically active flight muscles that 
accompany long wings and migration are costly to maintain, 
requiring considerably more maintenance energy than the 
thoracic musculature of wingless or short-winged individuals. 
In contrast, the later reproducing individuals, with lower egg 
production, are often longer lived. 

Migration syndromes that include life history traits are the 
result of underlying genetic mechanisms, as revealed in artificial 
experiments using the large milkweed bug. Like all flying 
insects, this migrant can be induced to fly by removing 
substrate contact. Bugs that are glued at the prothorax to a 
tether will fly if contact with the tarsi is removed. An individual 
in the migratory state can fly on the tether for several hours, 
and the duration of flight can be used as an index of migration. 
Artificial selection can be used to increase the proportion of 
individuals making long (or short) flights, with the duration 
of flights also affected. Selection was used to both increase 
and decrease the proportion of bugs undertaking long flights. 
In addition to flight, wing length and fecundity responded to 
this selective regime. The bugs of the line with a higher pro- 
portion of long flights also had longer wings on average, and 
the females of this line produced more eggs during the first 
5 days of reproductive life. This means that the genes influenc- 
ing flight also influenced wing length and fecundity, most 
likely via pleiotropic effects. Longer term selection experiments 
on wing length, which also resulted in higher fecundities and 
increased flight as wing length increased, suggested that linkage 
disequilibruim is unlikely. Parallel selection experiments on a 
population that did not migrate failed to reveal genetic corre- 
lations among wing length, flight, and fecundity, indicating 


that the genetically based syndrome of correlations among 
these traits is unique to migratory populations. The selection 
experiments reveal that natural selection has produced an 
adaptive migratory syndrome that includes wing length and 
fecundity. Interestingly, the age at first reproduction is 
unaffected by selection. 

The conclusion from the brief survey of insect migration 
is that this behavior involves more than simply extended 
movement to escape to a new habitat. Rather, migration is a 
trait of considerable complexity, requiring knowledge of 
behavior, development, ecology, physiology, and genetics to 
provide a full understanding of its evolution and function. 
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M imicry is the adaptive resemblance in signal between 
several species in a locality. The most spectacular and 
intriguing cases are those of accurate resemblance between 
distantly related animals, such as spiders mimicking ants. 
Closely related species can also benefit from mutual 
resemblance, in which case mimicry results from selection 
against signal divergence. 

The vast majority of the hundreds of thousands of insect 
species are described and identifiable on the basis of 
morphological characters. This bewildering diversity is, 
however, ordered because species share characters with their 


relatives—and one of the taxonomist’s tasks is indeed to 
recognize, among the shared and divergent characters, a sign of 
the relatedness of the taxa. Nevertheless, some distantly related 
species may share a common morphology. Such resemblance 
may be the result of evolutionary convergence, i.e., parallel 
lifestyles leading to the selection of similar morphological 
structures; in this case, resemblance per se is not under 
selection. On the contrary, when a character is taken as a signal 
between individuals, one species may benefit from bearing 
the same signal as one already used by another species; then 
selection acts directly to favor increased resemblance. 


AN INTERACTION BETWEEN 
THREE PROTAGONISTS 


The Discovery of Mimicry and the Development of 
Evolutionary Hypotheses 


Mimicry in insects has been a puzzle for entomologists long 
before the Darwinian concept of natural selection, but the 
explanations for mimicry are tightly linked to the development 
of evolutionary thinking. While he was traveling in the Amazon 
with Alfred Russel Wallace in 1842, British entomologist 
Henry Walter Bates noted that distantly related butterfly species 
bore the same wing color pattern. Moreover, these communities 
of species changed their shared pattern in concert across locali- 
ties. Among these species were the very abundant Ithomiinae 
(called “Danaoid Heliconiidae” then, now a subfamily in the 
Nymphalidae) and rarer Dismorphiinae (called Leptalidae 
then, now a subfamily in the Pieridae). Bates, as a pioneer 
evolutionist (but after Darwin published his On the Origin of 
Species), developed an adaptive explanation for the resem- 
blance. Hypothesizing that ithomiines were inedible to most 
predators, he proposed that the edible pierids would benefit 
from being mistaken for their defended counterparts and 
would thus be selected to resemble them. Edward B. Poulton 
later named this kind of mimicry after him as Batesian 
mimicry, when an edible species mimics a distasteful one. 
Bates also realized that some apparently inedible ithomiine 
species in the genus Napeogenes seemed to mimic other 
inedible Ithomiinae. He proposed that, in fact, rare species, 
whatever their palatability, should benefit from resembling 
defended common species. It was, however, more difficult to 
understand the resemblance of abundant and distasteful 
Melinaea, Mechanitis (Ithomiinae), Lycorea (Danainae), and 
some Heliconius (Heliconiinae) from Peru and Colombia, so 
he assumed the resemblance was the result of some inorganic 
or environmental factors. In 1879, German naturalist Fritz 
Miiller was the first to develop a mathematical demonstration 
that two unpalatable prey could benefit from mutual resem- 
blance. He understood that, if the community of predators 
had to kill a certain (fixed) number of prey to learn to avoid 
them, two indistinguishable distasteful species would 
together suffer this mortality and both reduce their death rate 
per unit time. Miiller actually showed that this benefit was 
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biased in favor of the rarer species, to a factor equal to the 
square of the ratio of the species’ abundance. Therefore, 
unequal population sizes translate into even more unequal, 
although still mutual, benefits: Miillerian mimicry, thus 
defined, could be beneficial for both species, and perhaps also 


for the predators, in contrast to parasitic Batesian mimicry. 


Mimicry: An Interaction between Senders 
and Receivers 


Mimicry typically involves at least three protagonists, two 
senders and one receiver, with the receiver judging the resem- 
blance of the signals from the two senders (Fig. 1). Obviously, 
both the senders and the receiver should be found in the same 
locality for the mimicry to be possible, although time lags or 
geographic separation between senders may be plausible if 
receivers have a long-term associative memory and/or 
migrate. In a habitat, many senders will converge on the same 
signal, thereby forming what is called a mimicry complex, or 
mimicry ring. Signals may involve different sensory modalities, 
depending on the receiver’s sensory ecology: static visual sig- 
nals (e.g., warning color patterns in butterflies, recognizable 
body shapes in ants), motion (flight behaviors), acoustic 
signals (hissing and clicking in many Arctiidae moths), 
olfactory/chemical signals (pheromones or the so-called 
by which 


Hymenoptera recognize one another), or tactile signals (used 


“cuticular hydrocarbon _ profiles” social 
by brood parasites of ants to be allowed to enter their nests). 
Signaling is indeed often multimodal. 

Apparent complications may arise when, for example, one 
of the senders is also the receiver. For example, a predator may 
mimic the appearance of its prey when approaching it (aggres- 
sive mimicry in some spiders or chemical/tactile mimicry for 
brood parasites); the prey is thus fooled by the predator via 


its own conspecific signal. The two senders can also be the 





FIGURE 1 Conditioned predators and signaling prey. Predators are known 


to generalize their knowledge of distasteful prey to other resembling prey. 
Therefore, once predators recognize one prey as distasteful (prey A), other 
prey may gain from mimicry, whatever their palatability (prey B and C). If 
the prey is palatable (prey C), its mimetic gain becomes limited by its 
abundance in the locality. Finally, a conspicuous prey with a (nonmimetic) 
pattern new to the predator should suffer higher mortality, making the 


evolution of diversity in warning color and mimicry a puzzle. 
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same species. This is sometimes the case in chemical- 
sequestering phytophagous insects when unpalatability varies 
among individuals in the same population (e.g., Danaus gillipus 
in Florida), leading to so-called “automimicry” of palatable 
toward unpalatable individuals in the same species. Similarly, 
male Hymenoptera do not have the defenses that females have. 

However, the present article is not organized around these 
numerous classificatory distinctions, which are based on 
subtle differences in the identities of senders and receivers or 
ecological situations. Instead, it highlights the important 
evolutionary dynamics that arise from whether receivers are 
expected to try to discriminate or generalize on the senders’ 
signals or, in other words, from senders sending honest 
compared to dishonest signals. This should bring into 
perspective some of the main and still unresolved puzzles in 
mimicry theory, such as the rise and maintenance of diversity 
in mimicry signals. Most examples are chosen from the 
butterfly genera that represent today’s best known mimetic 
organisms, such as Papilio and Heliconius; indeed, our 
knowledge of the ecology and genetics of mimicry in these 
genera is unequaled by any other group of insects. 


FREQUENCY-DEPENDENT POPULATION 
PROCESSES 


Batesian Mimicry and Negative 
Frequency Dependence 


THEORY AND CONSEQUENCES In Batesian mimicry, 
one of the sender species, the mimic, sends a dishonest signal 
to deceive the receiver—e.g., a predator. It is thought that 
deception is possible only if the receiver has previously 
inherited or acquired knowledge about this signal. There is 
ample evidence that (1) vertebrate predators (birds, lizards) 
can learn to recognize distasteful prey, (2) that they can be 
deceived by mimicry, and (3) that mimics gain from the 
resemblance. The most famous Batesian mimic is probably 
the viceroy butterfly, Limenitis archippus, which mimics the 
monarch Danaus plexippus, although this relationship is now 
questioned (because viceroys can be unpalatable). Hoverflies 
(Diptera: Syrphidae), diurnal moths (Sesiidae, Sphingidae), 
striped beetles (Cerambycidae), or crane flies (Tipulidae) are 
well-known Batesian mimics of wasps and bees (Fig. 2). 

Clearly, the efficiency of the deception is directly linked to 
the probability that predators have knowledge of the prey. It 
thus depends on the ratio of models and mimics in the popu- 
lation of prey (Fig. 1). As in host—parasite systems, the fitness 
of Batesian (“parasitic”) mimics therefore depends negatively 
on their proportion in the prey community. Negative 
frequency dependence, the selective advantage to rare forms, is 
thought to be a strong force favoring and maintaining diversity 
in many ecological situations in nature. In Batesian mimics, 
any new (or rare) mutant resembling another protected model 
will be favored, leading to a balanced polymorphism between 
the two mimetic forms. Negative frequency dependence also 





FIGURE 2 Batesian mimicry. The day-flying moth Synanthedon tipuliformis 


(Sesiidae) (top) is a Batesian mimic of stinging wasps in Europe. The 
resemblance is very accurate, and the moth is very rare compared to its wasp 
models, so that it is not often observed. Similarly, but in a totally different 
group, the beetle Clytus arietis (bottom) mimics wasps and is sometimes seen 
on blossoms. These two examples illustrate how the same general appearance 
can be achieved by morphological changes of totally different nature in 
different groups of insects. (Photographs copyright 1998-2002 Hania Arentsen 
and Hans Arentsen, reproduced, with permission, from The Garden Safari, 
hetp://www.gardensafari.net.) 


predicts that the local number of Batesian species should be 
dependent on the abundance of the model(s). 

Many, but by no means all, Batesian mimics are indeed 
polymorphic. Among the most famous is the African 
swallowtail Papilio dardanus, which may have three co- 
occurring forms that mimic different species of the Danaine 
genus Amauris. Hypolimnas misippus (Nymphalinae) is 
another African butterfly that has four forms mimetic of 
Danaus chrysippus. In South America, the swallowtail 
Eurytides lisithous has up to three forms that mimic the co- 
occurring Parides species (Papilionidae), whereas in Southeast 
Asia the famous Papilio memnon also mimics three or more 
different papilionid models. In the Diptera, the Old World 
hoverflies Volucella bombylans and Merodon equestris are 
examples of polymorphic species mimicking bumble bees. 


EVIDENCE FOR NEGATIVE FREQUENCY DEPENDENCE 
Although experimental demonstration that Batesian polymor- 
phisms stem from negative frequency dependence is still 


lacking, there is a lot of evidence for negative frequency 
dependence itself. A first line of evidence comes from the 
observation of patterns of abundance of models and mimics 
in nature. For example, the North American butterfly Battus 
philenor is known to be unpalatable to most birds and is 
believed to act as model for a number of edible mimics in the 
“black” mimicry ring. In one of them, Papilio glaucus, females 
are found as a mimetic and a nonmimetic (male-like) form, 
and the proportion of the mimetic form tends to be higher 
where its model B. philenor is more abundant. Similarly, the 
resemblance of the mimic Papilio troilus to B. philenor is higher 
where the latter is abundant. These give an overall pattern of 
mimics’ occurrence consistent with negative frequency depend- 
ence. Moreover, field experiments directly showed a strong 
selective advantage to mimetic vs nonmimetic Callosamia 
promethea day-flying moths, another Batesian mimic of B. 
philenor. 

Experimental approaches give more insight into the 
mechanisms involved in frequency dependence. In 
experiments, captive or wild predators can be tested with a 
variety of artificial or real prey, and the mimic/model 
proportions can be experimentally changed to explore how it 
affects the preys’ survival. Traditional experiments were 
carried out in the 1970s with mealworms or pastry baits 
colored with food dyes, and/or dipped in quinine to make 
them distasteful, and exposed to garden birds in suburban 
Britain. Such experiments do suggest that a rare mimic has an 
advantage over a common one if the “model” is slightly 
distasteful, which demonstrates frequency-dependent selec- 
tion. However, if the “models” were made very distasteful, 
the advantage of being rare decreased and eventually vanished. 
Laboratory experiments can also be used to search for 
evidence of frequency dependence, while avoiding potential 
confounding effects of field experiments. Experiments with 
captive great tits as predators showed that the mortality of 
both mimics and models depended on the frequency of the 
model and that both models and mimics survived better 
when mimics were fewer. 

These experiments tell us that the intensity of frequency- 
dependent selection in mimics is highly dependent on the 
palatability of the models. To see its selective advantage 
decrease, the palatable mimic must become very common, or 
the model must be not very distasteful. This suggests there is 
some kind of effective “equivalence” between relative numbers 
of prey encountered and their relative levels of toxicity. 


Positive Frequency Dependence in 
Miillerian Mimicry 


THEORY: THE DISADVANTAGE OF RARE FORMS 
Warning signals, or aposematism, evolve because prey bearing 
signals that predators associate better with unprofitability 
(e.g., harmful prey) survive better. The evolution of warning 
signals brings some apparent paradoxes that are not treated in 
that entry. However, there is plenty of evidence that aposematic 
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prey are easily learned and subsequently avoided by vertebrate 
predators. Both the warning prey and the learning predator 
benefit from a correct interpretation of the signal. Under such 
an “honest signaling” framework, rare or new variants within 
a prey population should not be recognized as distasteful and 
should suffer higher predation (Fig. 1). This selection against 
rare forms translates into positive frequency-dependent selec- 
tion: rare mutants are removed, leading to monomorphism 
in all populations. 

Because predators select only on prey appearance, the 
selective pressure does not stop at the species boundary: 
several protected prey species may be selected to use the same 
warning signal, i.e., become Miillerian mimics. Although the 
phenomenon is not necessarily symmetrical, two or several 
defended species should all benefit from sharing a warning 
signal, which reduces their per capita predation rate. As more 
and more individuals join in the mimicry ring, the protection 
given by the signal becomes stronger. Therefore, the direct, 
and naive, prediction is that all unpalatable prey of a similar 
size in a habitat should converge into a mimicry ring. 


EVIDENCE FOR THE FREQUENCY-DEPENDENT 
BENEFITS OF MULLERIAN MIMICRY Although comparative 
and/or biogeographical studies give strong support to the 
theory, the first convincing experimental evidence came from 
pastry-bait experiments with garden birds that tend to attack 
rare distasteful baits more often than common ones. 
Recently, laboratory experiments also showed strong selection 
against new rare warningly colored prey items. However, field 
evidence with free-living prey is crucial for a validation of these 
results. In one experiment, J. Mallet reciprocally transplanted 
Heliconius erato individuals between populations in which H. 
erato have different wing patterns, thus effectively releasing 
rare “mutant” and “control” butterflies into the host popu- 
lations. A strong selective advantage of about 50% was 
calculated for the commoner form. More recently, to avoid 
the potential pathology of color patterns being adaptations to 
local habitat conditions in addition to mimicry, D. D. Kapan 
used a similar reciprocal release—recapture technique but used 
polymorphic populations of the butterfly H. cydno. In this 
species, two morphs coexist but participate in two different 
mimicry rings that differ in relative abundance in different 
locations in Ecuador. Life expectancy was 12 days for the 
locally common forms and only 2 days for the locally uncom- 
mon forms. These field data give unequivocal evidence for 
strong selection against rare forms in these Miillerian species. 


CONSEQUENCES AND CHALLENGES Strong purifying 
selection now seems well supported by theoretical, com- 
parative, and experimental evidence. To evolve a new pattern, 
a toxic prey would have to pass an apparently impassable initial 
disadvantage, survive a transient polymorphism, and win the 
aposematic competition with alternative warning signals. It is 
therefore no surprise that most distasteful Miillerian mimics 
are indeed monomorphic in local populations (Fig. 3) and 
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FIGURE 3 Six butterfly mimicry rings from eastern Peru. The mimicry rings (groups of mimetic species) presented here are dominated by butterflies in the 
Ithomiinae and occur in the forests around the city of Tarapoto. Following G. W. Beccaloni’s nomenclature, these mimicry rings are Tiger (1-16), Melanic 
tiger (17-21), Large transparent (22-24), Small transparent (25 and 26), Small yellow (27-31), and Orange-tip (32-34) mimicry rings. At least 5 other 
mimicry rings can be recognized involving Heliconiinae and/or Ithomiinae in this area, which brings the total to at least 11 mimicry rings for these two 


butterfly subfamilies. Many more species, not featured here, belong to these mimicry rings, particularly Ithomiines and especially in the Small transparent 
group. The Tiger mimicry ring involves a lot of species and the size distribution is almost continuous from small to very big. This may be because as more and 
more Miillerian mimics join the mimicry ring, predators might generalize more, and the selection for close resemblance could be somewhat relaxed. Note that 
some day-flying moths (6, 17, 22, 27) participate in these mimicry rings, probably as Miillerian mimics (they reflex-bleed bitter hemolymph when handled). 
Butterflies 13-16 and 31 are supposed to be Batesian mimics since they belong to palatable groups within their families. See more species belonging to these 
mimicry rings in Figs. 4 and 5. All butterflies are Nymphalidae: Ithomiinae, except 1-3 (Nymphalidae: Heliconiinae), 14 (Nymphalidae: Melitaeinae), 16 
(Nymphalidae: Charaxinae), 15 (Papilionidae), 13 and 31 (Pieridae: Dismorphiinae), 34 (Riodinidae), and 6, 17, and 22 (Arctiidae: Pericopinae). Scientific 
names: 1, Eweides isabella; 2, Heliconius pardalinus; 3, H. hecale; 4, Melinaea menophilus; 5, Tithorea harmonia; 6, Chetone histriona sp.; 7, Napeogenes larina; 
8, Mechanitis lysimnia; 9, Mec. polymnia; 10, Mec. mazaeus plagifera ssp.; 11, Ceratinia tutia; 12, Hypothyris cantobrica; 13, Dismorphia amphiona; 14, Eresia 
sp.3 15, Pterouros zagreus; 16, Consul fabius; 17, Chetone histriona; 18, Mel. marsaeus; 19, Hyposcada anchiala; 20, Hypot. mansuetus; 21, Mec. mazaeus deceptus; 
22, Notophyson heliconides; 23, Methona confusa; 24, Godyris zavaleta; 25, Greta andromica; 26, Pseudoscada florula; 27, Notodontid moth; 28, Aeria eurimedia; 
29, Ithomia salapia; 30, Scada sp.; 31, Moschoneura sp.; 32, Hypos. illinissa; 33, Hypoleria sarepta; 34, Stalachtis euterpe. Scale bar, 2 cm. 


that polymorphisms are usually restricted to narrow hybrid 
zones between color-pattern races. In H. erato, in which two 
color races abut, frequency-dependent selection maintains a 
sharp boundary, alternative forms being positively reinforced 
on either side of a steep cline. Many species join Miillerian 
mimicry rings, which itself represents interspecific evidence 
for strong frequency-dependent selection. 

However, in contrast with such extremely conservative 
forces, diversity is present at all levels in mimicry (Fig. 3). At 
a macroevolutionary level, aposematic and mimetic groups 
typically undergo rapid mimetic radiations into numerous 


species and races differing in color pattern, like heliconiine 
butterflies or pyrrhocorid red bugs. At the community level, 
many radically different mimicry rings coexist in the same 
habitat (e.g., five or six coexisting rings just within the 
Heliconius of Costa Rica, at least seven or eight rings just 
within the Ithomiinae of the Peruvian Amazon—Fig. 3.). At 
the biogeographical level, many aposematic species show a 
bewildering diversification in more or less sharply defined 
mimetic races. Finally, at the population level, several 
chemically defended species show mimetic polymorphism. 
For instance, the bumble bee Bombus rufocintus has two 
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FIGURE 4 Polymorphic Miillerian mimicry. The Amazonian butterfly H. 
numata (Nymphalidae: Heliconiinae—tright column) is a Miillerian mimic 
in a variety of tiger-pattern mimicry rings. Each population (here around the 
city of Tarapoto in Eastern Peru) is polymorphic and up to seven forms may 
coexist, each being an exceptionally accurate mimic of species in the genus 
Melinaea (Nymphalidae: Ithomiinae—left column). Spatial variation in selec- 
tion pressure is probably what maintains the polymorphism, by a balance 
between local selection for mimicry of the commonest Melinaea species and 
movement of individuals (gene flow) between neighboring localities selected 
for different wing patterns. From top to bottom (left column): Melinaea 
ludovica ludovica, Mel. satevis cydon, Mel. marsaeus mothone, Mel. marsaeus 
phasiana, Mel. menophilus ssp. nov., Mel. menophilus hicetas, and Mel. marsaeus 
mothone. (Right column) H. numata forms silvana, elegans, aurora, arcuella, 
tarapotensis, timaeus, and bicoloratus. Scale bar, 2 cm. 
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mimetic forms in North America, the burnet moth Zygaena 
ephialtes has two sympatric forms in Italy, the African 
monarch D. chrysippus has four main color forms coexisting 
in a large areas in East Africa, and the Amazonian Heliconius 
numata shows the most astounding polymorphic mimicry 
with up to 7 to 10 forms in the Andean foothills. In each of 
these cases, the different forms closely match the different 
local mimicry rings (Fig. 4). 

This rampant diversity does not question the existence of 
frequency dependence itself, but the details of how purifying 
selection may or may not prevent the evolution of diversity. 
It may also question the validity of the two classical categories 
of protective mimicry (Batesian and Miillerian) and the 
existence of a sharp divide between them along the spectrum 
of prey palatability. Explaining these unexpected cases is 
therefore central to our understanding of signal evolution in 
distasteful insects. 


The Palatability Spectrum and Predator Psychology 


MODELS OF MIMICRY EVOLUTION Case studies and 
experiments on mimicry are practically difficult, are time 
consuming, and inform us only on potential processes in 
particular cases. They are thus not always very informative as 
to which processes are generally important in the evolution 
of mimetic diversity. For these reasons, mathematical models 
simulating mimicry evolution have been widely used. Models 
of mimicry evolution have been traditionally of two different 
types: “evolutionary dynamics” models have concentrated on 
trait evolution in the prey populations, underestimating the 
effects of the details of predator behavior; “receiver 
psychology” models have concentrated on the effect of 
predator cognitive abilities in driving the costs and benefits 
to mimetic prey, but largely ignored evolutionary processes in 
the prey populations, particularly frequency or density 
dependence. The second category of models are those that 
“traditionally” pose a threat to the validity of the 
Batesian/Miillerian distinction, and M. P. Speed even coined 
the new term “quasi-Batesian mimicry” for the strange, 
though purportedly common, intermediate dynamics that 
his model highlighted. 

The main discrepancies lie in the way predators are 
thought to respond to prey palatability and density. Speed’s 
models assumed that predators attack a fixed fraction of a 
prey in a population, irrespective of their total number 
(linear frequency dependence), and that this fraction 
depends on the palatability of the species. In a mixture of 
prey of differing palatability, the resulting fraction killed 
would be intermediate between the fractions lost in each prey 
in the absence of mimicry, leading to one prey species 
benefiting and the other suffering from mimicry. This view, 
however, leads to the strange prediction that as more mildly 
unpalatable prey are present, the attacked fraction (per unit 
time) can increase. In contrast, J. Mallet and the author 
argued that predators are unlikely to be sensitive to frequency 
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per se and should instead need only to attack a fixed number 
of prey before learning, making the “attacked fraction” a 
decreasing function of the total number of prey bearing the 
pattern. This should lead to a strongly nonlinear, effectively 
hyperbolic frequency dependence. The attacked fraction (per 
unit time) should always decrease when the total number of 
unpalatable prey increases, whatever their relative 
unpalatability. 

The debate is still very much active, and decisive data are 
surprisingly scarce. In an experiment with pastry baits and 
wild passerines, Speed showed that the attack fraction of a 
mimetic pair was indeed intermediate between that of either 
“species” alone. Furthermore, birds seemed to learn only to a 
certain extent; that is, they never completely stopped 
attacking the unpalatable items. Despite some problems in 
the experimental design (no predator monitoring during the 
study, artificially high prey density, prey predictability, zero 
cost of experimenting for birds), these data remain a puzzle 
and may hint at more complex learning processes than a pure 
number-dependent dose response. More decisive evidence 
came from L. Lindstrém’s study, in which novel toxic prey 
were introduced into a great tit’s foraging arena at varying 
frequencies (=densities in this setting). Although the total 
number of attacked toxic prey increased with their initial 
frequency, the attack fraction decreased. Her data support 
the validity of nonlinear frequency dependence, although the 
idea of a strictly fixed number of prey killed could be an 
oversimplification. Absolute numbers of prey attacked may 
increase with warning signal density, but proportion will 
inevitably decrease, which should lead to a traditional 
Batesian—Miillerian distinction. 


THE STRENGTH OF THE SELECTION Miiller’s 
number-dependent model also leads to a prediction that has 
hitherto been largely overlooked. At low densities, selection 
should act strongly against any transient polymorphism, but 
at higher densities, selection quickly becomes weak at 
intermediate form frequencies. This leads to effective 
neutrality of polymorphism once it is established in 
abundant species. Kapan’s field experiments, in which H. 
cydno were released at varying density, showed precisely this 
trend. Polymorphism could therefore be nonadaptive but 
very weakly selected against by predators. 


Numerical Mimicry and 
Density-Dependent Processes 


The studies of J. Allen and his collaborators, and others, 
show that prey selection by predators can be frequency 
dependent in palatable, cryptic prey, i.e., even in the absence 
of mimicry of unprofitable prey. This is probably caused, in 
part, from predators using search images when foraging. For 
instance, at low densities of a particular kind of (palatable) 
prey, predators usually prey on the more common form, 
which corresponds to their search image, imposing a negative 


frequency dependence. Cryptic prey may be globally 
numerous in a habitat, but because they are camouflaged, 
their apparent density to predators is bound to be low. This 
leads to the diversification of cryptic patterns, and perhaps 
the selection of plastic (partly environmentally induced) 
color-pattern genetic control, in prey. In contrast, at high 
density, predators usually prey on the odd phenotypes 
preferentially, even among perfectly palatable prey, effectively 
leading to a positive frequency-dependent selection on 
morphology. 

Gregarious palatable prey that are at locally high density 
and that presumably rely on predator satiation to escape 
predation, might then be selected for mutual resemblance. 
Such a prey might be called “warningly colored,” whereas the 
appearance itself is not protective. This idea led to the 
supposition that several prey species that co-occur at 
unusually high densities, like mud-puddling butterflies or 
schooling fishes, might evolve “numerical” or “arithmetic” 
mimicry by simple frequency-dependent predation unrelated 
to unprofitability. Prey traits like color, shape, and especially 
locomotor behavior are therefore thought to be under 
purifying selection in mixed-species aggregations. This 
attractive idea remains largely untested in insects, although 
R. B. Srygley proposed the pair of bright orange butterflies 
Dryas julia and Marpesia  petreus 
(Nymphalinae) as a potential candidate. 


(Heliconiinae) 


Female-Limited Mimicry 


Some of the most spectacular and best studied cases of Batesian 
polymorphism are found in swallowtails, and in some species 
only the female is mimetic (see an example in Fig. 5). This 
peculiar tendency to sex-specific polymorphism seems to be 
restricted to butterflies (Papilionidae and Pieridae), and virtu- 
ally no other case of sex-limited mimicry seems to be reported 
for other insects (except for male-limited mimicry in some 
moths). Female-limited mimicry was often viewed as a result 
of negative frequency dependence: if mimicry is restricted to 
one sex, the effective mimetic population size is only about 
half that of a nondimorphic species, reducing deleterious 
effects of parasitism onto the warning signal. But this group- 
selection argument cannot in itself explain why females tend to 
become mimetic more often than males and why mechanisms 
arise that restrict the mimicry to one sex. However, more 
proximal, individual-selection arguments are not lacking. First, 
mimicry may be more beneficial to one sex than to the other. 
For instance, female butterflies have a less agile flight because 
of egg load and a more “predictable” flight when searching 
oviposition sites, and they suffer higher rates of attacks by 
visual predators. Second, male wing patterns can be con- 
strained by sexual selection, via either female choice or male— 
male interactions: males could not evolve Batesian mimicry 
without losing mating opportunities. In experiments with 
North American swallowtails (of which only females mimic 
B. philenor), male P. glaucus painted with the mimetic pattern 





FIGURE 5 Female-limited mimicry in Perrhybris pyrrha (Pieridae), Eastern 
Peru. The female (top) is a Batesian mimic of the tiger-patterned Ithomiines 
and Helicomiines (see Fig.3), while the male (bottom) has retained a typical 
pierid white coloration. Scale bar, 2 cm. 


had a lower mating success than normal yellow males; simi- 
larly, painted P polyxenes males had a lower success in male— 
male fights and therefore held lower quality territories around 
hilltops. In these insects, the wing coloration appears to bear 
signals directed either to conspecific males or to predators, 
which creates a potential conflict leading to sex-limited poly- 
morphism. It is interesting to note that Papilio and Eurytides 
species that mimic Parides (Papilionidae) in South America 
do not exhibit female-limited mimicry; different modes of 
sexual selection (e.g., absence of territoriality) may operate in 
the forest understory habitat. In a different ecological setting, 
diurnal males of the North American silkmoth Callosamia 
promethea are exposed to visual predators, and mimicry of B. 
philenor is limited to males; female Callosamia fly at night 
and benefit more by crypsis during the day. 


MIMICRY AND THE EVOLUTION 
OF SIGNAL FORM 


Resemblance and Homology 


Mimicry can arise as soon as the signal is effectively copied, 
i.e., as soon as superficial resemblance is attained. Therefore, 
mimics usually bear characters similar to those of their models, 
but these are often clearly nonhomologous in terms of genes 
and mechanisms of development. For instance, red spots near 
the base of the wing in PR memnon mimic the spots on the 
bodies of their models. The translucency and iridescence of 
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distasteful Ithomiinae clearwing butterflies is mimicked by 
white raylets in dioptine and pyralid day-flying moths and 
provide the same impression in motion. Similarly, the black- 
wing patterning of some flies seems to mimic the 
superposition of wings over the abdomen in their wasp 
models. Therefore, mimics from distant phylogenetic groups 
are certainly under very different functional and 
developmental constraints to create a mimetic impression. 
Selection will retain the first characters that suddenly increase 
overall similarity. Which initial step is made will therefore 
strongly influence which route is selected to achieve mimicry. 


The Genetics of Mimicry: Polymorphisms and 
Supergene Evolution 


THE DEBATE The genetical study of the evolution of 
mimicry was first dominated by a debate between gradualists 
(Fisher) and mutationists (Goldschmidt). Goldschmidt 
proposed that “systemic” mutations could affect the whole 
wing pattern of butterflies in one step and that models and 
mimics, although not using the same genes, were using at 
least the same developmental pathways. Because this view 
could not account for the obvious nonhomologies, like those 
pointed out above, Fisher and others claimed that mimicry 
was achieved by slow microevolutionary steps and the 
gradual accumulation of resemblance alleles. 

Decisive steps toward a resolution of the debate came 
principally from the study, by C. Clarke and P. Sheppard in the 
1960s, of Batesian butterfly mimics in which color pattern is 
easy to define and analyze and gene effects are straightforward 
to identify. Polymorphic mimics, particularly Papilio species, 
of which different forms could be crossed by breeding 
experiments (including hand pairing), were particularly useful. 
It appeared that color pattern is mainly inherited at one or few 
major loci, affecting the whole pattern. From rare recombi- 
nants, it could be shown that these loci were in fact supergenes, 
that is, arrays of tightly linked small-effect genes. Several 
additional unlinked “modifier” loci were also shown to 
increase resemblance via interaction and epistasis with the 
supergene. Goldschmidt’s ideas seemed refuted. 

However, although supergenes seem to be a necessary 
condition for the evolution of polymorphism (otherwise 
numerous nonmimetic, unfit recombinants would be 
produced), how they evolve is another issue. Theoretical 
models suggested that supergenes could not be achieved by 
simple gradual reduction in recombination. In the absence of 
spatial variation in selection pressures, tighter linkage cannot 
evolve by small steps via Fisherian gradual evolution, because 
good combinations of alleles are immediately broken up by 
recombination. Instead, gene clusters should preexist the 
evolution of polymorphism. 


THE TWO-STEP HYPOTHESIS These results led to a 
unifying, now widely accepted two-step mechanism of 
mimicry evolution: (1) mutations at genes of major effect first 
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allow a phenotypic leap achieving an approximate resemblance 
to a particular model. Once these mutations have increased 
in the population, (2) resemblance can be enhanced through 
the gradual selection of epistatic modifiers. This two-step 
mechanism is supported by three lines of evidence. First, 
empirical evidence from butterflies suggests the existence of 
a small number of major-effect genes and numerous small- 
effect modifiers. In fact some of these genes of major effect 
could even include a series of regulatory upstream elements 
and transcription factors, now known to be involved in the 
development of butterfly color patterns. Pigment pathway 
genes and scale maturation regulators can also have very 
dramatic effects on the color patterns. Second, population 
genetics and dynamics models support the prediction that a 
major phenotypic jump is necessary to cross the deep fitness 
valleys in a rugged fitness landscape, after which gradual, 
Fisherian evolution may proceed to enhance resemblance. 
Finally, experiments show that birds associate cryptic patterns 
with edibility and generalize those in such a way that only 
profoundly deviant prey are treated as separate cases by the 
birds and memorized as warning patterns when appropriate. 
These experiments also indicate that increased resemblance is 
still significantly advantageous in imperfect mimics, supporting 
the second step of the two-step scenario. 


LARGESSE OF THE GENOME Another, but not 
exclusive, route to supergenes for mimicry is called largesse of 
the genome, put forward by J. R. G. Turner. Under this 
scenario, it is believed that the modification of a trait can be 
achieved by so many different genes that some of them will 
inevitably happen to be linked. Among the many possible 
combinations of loci, selection could simply sieve out the 
ones that involve linked genes. This hypothesis is particularly 
likely for loss-of-function phenotypes that can be achieved by 
mutating any step in the development, like the loss of tail in 
the African swallowtail P dardanus. Similarly, that different 
mimetic species use nonhomologous supergenes can be 
viewed as indirect evidence for the validity of the largesse of 
the genome hypothesis in the broad sense. 


SUPERGENES IN MULLERIAN MIMICS: A PUZZLE 
Miillerian mimics being usually monomorphic locally, 
supergenes are not expected to control wing patterns, and 
multilocus control was hypothesized to be the norm. This 
basic prediction has, however, constantly been challenged by 
Heliconius color-pattern genetics, which show that a limited 
set of genes of large effect and supergenes control most of the 
racial color-pattern variation. In the polymorphic H. numata, 
one single gene seems to control the entire wing pattern, with 
as many as seven alleles, each allele bringing resemblance to 
a specific mimetic pattern (Fig. 4). Tight gene clusters are 
also found, to a lesser extent, in polymorphic H. cydno, in H. 
melpomene, and in H. erato. The existence of these supergenes 
seems puzzling. It is possible that butterfly color patterns in 
general are under the control of relatively few conserved 


genes, at least in some lineages, such as developmental 
regulatory genes involved in eyespot formation. 

In toxic prey, strong selection against any new form and the 
impossibility of gradual color-pattern changes have been theo- 
retically and empirically demonstrated. It follows that, like 
Batesian mimics, Miillerian mimics seem to need an initial 
phenotypic leap, perhaps involving multimodal signal modi- 
fications, to jump either to an already protected pattern or 
away from predators’ generalization of cryptic prey. Therefore, 
it is perhaps no surprise that most exaggerated signal forms 
studied are under the control of relatively few genes, following 
the same two-step scenario as in Batesian mimicry. Moreover, 
switches from one mimetic pattern to another are likely selected 
only if the new mutant’s mimetic characters are not randomly 
recombined in its descendants. This imposes another constraint 
(or “sieve”) on the genetic architecture for new mimetic pat- 
terns to be selected out of a transiently polymorphic popula- 
tion. It is therefore remarkable to note that although Batesian 
and Miillerian evolutionary dynamics are radically different, 
and are even perhaps engaged in an evolutionary arms race, 
the evolution of their signals might require a similar (though 
nonhomologous) genetic predisposition. 


Myrmecomorphy 


Ants represent the most abundant group of organisms in 
most biota and have powerful multimodal defenses such as 
acid taste, aggressive biting, painful sting, and social defense. 
For these reasons, foraging ants are generally little subject to 
predation and act as ideal models in mimicry rings. Many 
insects and spiders indeed have an altered morphology and 
resemble ants, a phenomenon called myrmecomorphy. For 
instance, several salticid spider genera such Myrmarachne or 
Synmosyna are bewilderingly good ant mimics. It is also 
common to spot ant-like myrid nymphs (Heteroptera) 
running among leafcutting Arta ants or Ecitomorpha 
staphilinid beetles among Eciton army ant columns. The 
adaptive significance of ant-like morphology has been the 
subject of considerable debate. For instance, several ant-like 
spiders are believed to mimic ants as a trick to approach and 
prey on their ant models (“aggressive mimicry”); some ant-like 
bugs use the same trick to approach and prey on ant-tended 
aphids. However, most ant-like insects are phytophagous, do 
not prey on foraging ants, and usually mimic the locally 
abundant ant species. They are therefore good Batesian 
mimicry candidates. The interesting aspect of ant mimicry is 
that, although small birds, lizards, or amphibians may be 
important predators on ant-sized insects, there are grounds to 
think that arthropod predators with developed visual skills 
could be the prime receivers selecting for ant mimicry. For 
instance, wasps in the Pompilidae are known as important 
predators of jumping spiders, but ignore ants, thus 
potentially selecting for ant-like morphology and behavior. 
Jumping spiders themselves are visual predators hunting 
insects and also tend to avoid stinging ants as prey. Although 


the cognitive abilities of arthropods are not well researched, 
several studies using mantids, assassin bugs Sinea sp., or crab 
spiders show that they are capable of associative learning and 
discriminate against ant-like prey. Despite the difference in 
visual acuity and cognitive abilities between vertebrates and 
arthropods, it is interesting to note that arthropod predators 
are likely responsible for visual mimicry that is very accurate 
to our eyes. 


The Importance of Behavior and Motion 


Myrmecomorphy highlights a crucial aspect of mimicry: the 
importance of behavior. Predators integrate many aspects of 
prey appearance when making a decision of whether to attack, 
and behavior is an important part of multimodal signals. Ants 
are characterized by jerky (e.g., Pseudomyrmex spp.) or zigzag 
(e.g., Crematogaster spp.) movements that their mimics adopt. 
Constant waving of antennae seems to be a common feature of 
ants, which mimics, such as ant-mimicking spiders (Salticidae) 
or spider-wasp-mimicking leaf-footed bugs (Coreidae), copy 
by waving their front legs. Because motion considerably 
enhances visibility, it is hardly surprising that details of the 
behavior make important identification cues for the preda- 
tors. For instance, although slow flight in aposematic butterflies 
may save energy, slowness itself is certainly recognized as such 
by predators that can select on extremely minute details of 
flight unnoticeable to the human eye. R. B. Srygley’s work on 
locomotor mimicry has shown that the two butterflies H. erato 
and H. sapho differ in the asymmetry of the upward and down- 
ward wing strokes, which their respective (Miillerian) mimics 
H. melpomene and H. cydno copy accurately in Panama. Batesian 
mimics usually retain escape behaviors characteristic of their 
groups: the lazily flying Neotropical butterfly Consul fabius 
(Nymphalidae: Charaxinae) (see Fig. 3) can start rapid escape 
flight when detected; ant-mimicking salticid spiders are also 
usually reluctant to jump unless attacked. 

The tendency for predators to generalize the characteristics 
of palatable prey, on which they actually feed, probably selects 
aposematic signals away from these morphologies, and behav- 
ioral signals are no exception. Rapid jerky flight is usually 
characteristic of a tasty prey, a profit that predators have to 
weigh against the time and energy costs associated with catch- 
ing the prey. Unconventional behaviors like the flight of 
Heliconius butterflies or the looping of honey bees make them 
highly noticeable to predators. This imposes an additional 
visibility cost on incipient mimetic prey; for the resemblance 
to be selected, such cost has to be offset by a significant reduc- 
tion in predation. These considerations suggest that mimetic 
behavioral change probably evolves in much the same way as 
morphological characters do, i.e., a two-step process. 


Escape Mimicry 


Unpalatability is not the only way to be unprofitable to 
predators. Fast, efficient escape is another way for preys to 
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teach predators that pursuit is useless and will bring no 
reward: predators unable to consume the desired prey may 
associate this frustration with the prey appearance and reduce 
their attacks on this prey altogether. Even if the prey can be 
seized, predators probably trade off the energy spent and the 
(often low) nutritional reward. In several experiments birds 
were shown to be able to decrease their attack rates when the 
presented prey would quickly disappear (“escape”) during 
their attacks, and conspicuousness of the prey tended to 
enhance the response. Therefore, evasive prey could advertise 
their escaping abilities by color patterns, which other prey may 
mimic. At least three kinds of characters may enhance the 
difficulty of catching an evasive prey: erratic flight (like that of 
Pierids), fast and maneuverable flight (like that of charaxine 
butterflies), or high reactivity (like that of syrphid hoverflies). 
Typically, these escape specialists are all palatable to predators. 
Some species of the Neotropical butterfly genera Adelpha 
(subfamily Nymphalinae) and Doxocopa (subfamily Charaxinae) 
show convergent appearance and exhibit extremely quick 
escape when slightly disturbed, followed by very fast flight. 
Their resemblance is hypothesized by R. B. Srygley to be a 
case of escape mimicry. The poor resemblance of some hover- 
flies to their purported hymenopteran models has also led to 
the hypothesis that groups of syrphid species could represent 
an escape mimicry ring on their own. 


Poor Mimicry 


At least to our eyes, the model’s color pattern is not always 
copied very accurately. Many syrphid flies, for instance, are 
difficult to assign to particular mimicry rings, although they 
seem to mimic the general appearance of Hymenoptera. The 
heterogeneity in mimetic accuracy has led biologists to propose 
adaptive and nonadaptive hypotheses, none of which seems 
very strongly supported at present. (1) The null hypothesis is 
that poor mimics are no mimics: many mimicry associations 
have been claimed on the general appearance of an insect, 
whereas careful examination of the geographic covariation of 
purported models and mimics may reveal evidence against 
them. In the case of inaccurate mimics, this method is not 
very powerful because the mimetic association itself is hard to 
define, so such covariation is difficult if not impossible to judge. 
(2) Another nonadaptive scenario is that accurate mimicry 
may not always be possible, either because of functional 
constraints/trade-offs on the modified organs or because of 
genetic or developmental constraints on the variation available 
in populations. Mimicry may then asymptotically reach a 
maximum level of resemblance, contingent on the route 
followed in the initial stages of the mimetic change. Again, this 
is theoretically plausible, but difficult to test. (3) Among the 
adaptive explanations for inaccurate mimicry is the 
hypothesis that these species are in the initial stages of their 
mimetic change and that our instantaneous view of evolution 
doesn’t show us the complete picture. (4) Another adaptive 
scenario is that predators have biases and perceptions 
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different from those of humans and are likely to generalize 
more in some directions than in others, leading to the possi- 
bility that mimics that look very inaccurate to us are in fact 
very good mimics for a predator. Generalization is also 
dependent on the strength of the harmfulness of the models, 
perhaps allowing lower levels of accuracy. This may be the 
case for poor mimicry in some hoverflies. The ultimate 
adaptationist hypothesis is that inaccuracy itself may be 
beneficial. It could either (5) allow the mimic to benefit from 
the protection of several different models, perhaps in a 
heterogeneous environmental context, or (6)—a related 
hypothesis—create conflict in the predators’ recognition, 
which may give the mimic more time and chances to escape. 


MIMICRY, COMMUNITY ECOLOGY, AND 
MACROEVOLUTIONARY PATTERNS 


Habitat Heterogeneity, Spatial Dynamics, and the 
Coexistence of Mimicry Rings 


The efficiency of a warning pattern depends on the abundance 
of that pattern in the habitat. Therefore, as new species join a 
particular mimicry ring, the protection given by the pattern 
increases, and more species should converge on this best 
protected pattern. Ultimately, all species should converge on 
a single mimicry ring. But nature seems to behave in a totally 
different way. In any one habitat, particularly in tropical 
environments, aposematic insects of similar size and shape 
usually cluster into a number of distinct mimicry complexes 
or mimicry rings. 


MULTIPLE MIMICRY RINGS IN THE COMMUNITY 
One possibility is that different mimicry rings are found in 
different microhabitats. If predators do not move between 
microhabitats, or retain microhabitat-specific information, 
insect species in different microhabitats could converge on 
different adaptive peaks. Flight height has been invoked as a 
possible explanation, following the rainforest stratification 
paradigm, but evidence from butterflies is rather equivocal. 
However, host-plant stratification and different nocturnal 
roosting heights in Neotropical butterflies have received 
empirical support. Forest maturity and succession stage 
influence the host-plant composition and may allow the 
maintenance of multiple mimicry rings in a mosaic habitat. 


MULTIPLE MIMICRY RINGS WITHIN A SPECIES If 
some species are patchily distributed because of their 
microhabitat requirements, each “subpopulation” may be 
particularly sensitive to genetic drift and allow the local 
predators to learn and select a different color pattern in 
different patches. Once locally stabilized, the new pattern 
may be hard to remove. Indeed, local positive frequency 
dependence is both very efficient at stabilizing patterns 
around fitness peaks and slow at removing already established 
suboptimal patterns. Any slight difference in microhabitat 


quality or patchiness of the species involved will increase the 
local apparent abundance of particular patterns to particular 
predators, further decreasing the power of selection to 
achieve ultimate convergence. 

This “mosaic mimetic environment” theory can help explain 
some problematic cases of Miillerian polymorphism. For 
instance, Laparus doris is a Heliconiine butterfly (Nymphalidae) 
that has up to four coexisting forms in some populations, 
some of which are probably mimetic and others are not. The 
maintenance of polymorphism in this species could be 
attributed to its high larval and pupal gregariousness (several 
hundreds of individuals), which results in a patchy distribution 
of the adults. When hundreds of butterflies suddenly emerge 
from one single vine, they make up their own local mimetic 
environment, and the mimetic environment prior to the mass 
emergence might be effectively neutral to L. doris. 

If the species composition and the resulting mimetic 
environment are spatially variable, polymorphism can evolve 
in microhabitat generalists, with gene flow across these micro- 
habitats. For example, the Amazonian polymorphic species 
H.. numata is selected toward different mimetic patterns in 
different localities that may represent different microhabitats 
for their more specialized models in the genus Melinaea 
(subfamily Ithomiinae) (Fig. 4). The balance between local 
selection and gene flow in a mosaic habitat (and perhaps weak 
selection against polymorphism as suggested earlier) can 
therefore maintain a nonadaptive, although widespread, 
polymorphism in H. numata. 


Coevolution in Mimicry 


EVOLUTIONARY RATES AND THE COEVOLUTIONARY 
CHASE Despite many potential sieves constraining mimicry, 
several to many edible species can end up mimicking a 
particular warning pattern in a parasitic way. In such cases, is 
it possible that a “Batesian-overload” threshold is reached, 
beyond which the efficiency of the signal is severely lowered? 
Batesian mimics are indeed parasites of the honest signals of 
their models, and so the models should escape their mimics 
by evolving a new warning pattern. However, this escape 
would be transient because the new pattern would soon 
attract new Batesian mimics, resulting in an evolutionary 
arms race, or coevolutionary chase, between the model and its 
mimics. Some authors suggested that this chase could be a 
cause of the mimetic diversity in both models and mimics and 
that cyclical interactions could arise in some cases. However, 
first, theory has shown that mimics always evolve faster than 
their models, because they gain a lot more from mimicry than 
models lose from being mimicked. Any gradual move of the 
model should be quickly matched by a similar evolution in the 
mimic. Second, the models, which are the prime educators of 
local predators, are under strong purifying selection against 
any new warning pattern. This strong intraspecific conservative 
force should in the vast majority of cases be stronger than the 
deleterious effects of being mimicked and preclude pattern 


change in the models. Coevolutionary changes between 
Batesian mimics and their models should therefore be stopped 
in their early stages by a stronger selection for the status quo, 
and both the models and their mimics should be trapped in 
the same warning pattern. Only by a phenotypic leap toward 
an already established warning pattern (Miillerian mimicry) 
or by crossing a fitness valley thanks to local genetic drift 
could the model ever escape its mimics. 


MUTUALISM AND COEVOLUTION IN MULLERIAN 
MIMICRY In contrast with the wzlateral Batesian evolution 
in which mimics outrun their models, Miillerian mimicry was 
traditionally thought to involve mutual resemblance of the 
species involved, as if all had moved toward some halfway 
phenotype. Of course, Miiller himself and others were quick to 
point out that the mutual benefits were not even, but lopsided, 
ive., typically the rarer or the less distasteful species would 
benefit more than the more common or better defended one 
(respectively). However mutualistic the relation is, coevolution 
has often been assumed in Miillerian associations, and the 
protagonists are usually called “comimics” just because it is 
difficult to know if one species is driving the association. 
Coevolution also predicts that geographic divergence and 
pattern changes should be parallel in both species of comimics, 
like in the mimetic pair H. erato and H. melpomene in tropical 
America, presumably leading to parallel phylogenies. However, 
DNA sequences from mitochondrial and nuclear genes show 
distinct phylogenetic topologies in these two species and 
distinctly nonparallel evolution. 

In fact, there are a number of grounds on which to believe 
that the asymmetrical relationship leads to one-sided signal 
evolution even in Miillerian mimicry, one species being a 
mimic and the other a model. First, because of number 
dependence, mimetic change of a rarer species toward a com- 
moner species will be retained, but the reverse is not true: by 
mimicry of a less common species, the commoner species 
would lose the protection of its own ancestral pattern, and a 
change toward a rarer pattern would be initially disadvan- 
tageous. The commoner species is therefore effectively locked 
in its pattern, and initial changes are only likely in the rarer 
species. Second, given the selection against nonmimetic inter- 
mediates, the mutants in the rarer species will have to be 
roughly mimetic of their new model to be selected, thus 
bringing the ultimate shared signal closer to that of the 
common species. Once this initial step is made by the mimic, 
there could be gradual “coevolution” to refine the resemblance, 
but the resulting change in color pattern will inevitably be 
more pronounced in the mimic, the model remaining more or 
less unchanged. Because Miillerian pairs are of a mimic—model 
nature, even with mutual benefits, the prediction for parallel 
evolution is therefore not likely to be valid. Indeed, in the 
mimetic pair H. erato/H. melpomene, the phylogeography 
suggests that H. melpomene has radiated onto preexisting H. 
erato color-pattern races, thus colonizing all color-pattern 
niches protected by H. erato in South America. 
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Mimicry, Speciation, and Radiations 


Racial boundaries in mimetic butterflies are usually very per- 
meable to genetic exchange, since selection acts primarily on 
color-pattern genes. However, because clines moving geo- 
graphically are likely stopped at ecological boundaries, the 
resulting racial boundaries are likely to rest on ecological gra- 
dients. Racial boundaries between mimetic color patterns could 
therefore be reinforced by adaptation to local ecology on either 
side of the cline, leading to speciation. Color-pattern diversi- 
fication could then accelerate speciation by allowing both post- 
mating reproductive isolation, because of a higher mortality of 
nonmimetic hybrid offspring, and premating isolation if color 
pattern itself is used as a mating cue by the insect. For these 
reasons, mimicry has the potential to accelerate speciation. 
The pattern of mimetic associations in Heliconius butterflies 
seems indeed to indicate that speciation and mimetic switches 
are usually coincident: sister species usually differ in their 
mimetic color pattern. Direct evidence of the role of color 
pattern in mate choice has been gathered for the sister species 
pairs H. erato/H. himera and H. melpomene/H. cydno. The first 
two species are geographically separated across an ecological 
gradient in the Andes. The second pair is sympatric, although 
the species also differ in ecological requirements in a patchy 
distribution. In both pairs, therefore, color-pattern and 
mimetic switches probably accelerated speciation initiated by 
ecological adaptation. It is unknown how general this mimicry- 
based speciation is in mimetic insects but it could be an 
important consequence of the rampant and apparently easy 
diversification of mimetic patterns at the intraspecific level. The 
genetic predisposition of mimetic species to evolve polymor- 
phism—the first stage toward speciation—might explain why 
mimetic lineages are usually very speciose and undergo rapid 
radiations, both geographically and phylogenetically. 


See Also the Following Articles 
Aposematic Coloration ¢ Coevolution ¢ Defensive Behavior e 
Industrial Melanism e¢ Monarchs ¢ Predation 
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ites comprise the Acari, which are the largest group 

within the arthropod class Arachnida, with over 48,000 
described species. This number is misleading because it is 
estimated that only between 5 and 10% of all mite species have 
been formally described. In contrast with other arachnid 
groups such as spiders and scorpions, mites are distinctive in 
both their small size (adult body length ranging from 0.1 to 
30 mm) and their ecological diversity. Some mites are preda- 
tors, like almost all other arachnids, but mites may also feed 
on plants, fungi, or microorganisms or as parasites on or in the 
bodies of other animals. Mites are among the oldest known 
groups of arthropods, with a fossil record beginning in the 
Devonian period. 


BODY STRUCTURE 


Unlike insects, with bodies divided into head, thorax, and 
abdomen, the arachnid body is ancestrally divided into two 
functional units, the prosoma (the first six body segments) 
and the opisthosoma (the remaining segments). The body of 
a mite is further modified in that these original units are 
fused. A secondary subdivision separates the first two body 
segments into a structure termed the gnathosoma, specialized 
for feeding, and the remainder of the body, termed the 
idiosoma, containing organs of locomotion, digestion, and 
reproduction. Most mites show no evidence of external body 
segmentation, other than the serial appendages. The 
gnathosoma bears the first two pairs of appendages, the 
chelicerae, which may retain the ancestral chelate, or pincer- 
like form, or may be highly modified as stylets for piercing 
and sucking; the pedipalps, which may be almost leg-like, are 
strongly modified for grasping prey or attaching to a host or 


highly reduced. The anterior idiosoma typically bears four 
pairs of walking legs, the first pair of which may be modified 
as antenna-like, sensory structures. Legs may also be 
modified for attaching to a host. Occasionally legs of males 
are modified for grasping a female during mating or for 
intraspecific combat. 

The mite’s body cuticle may be entirely soft, divided into 
a number of hard, sclerotized plates, or almost entirely sclero- 
tized. In a few mites, crystalline, mineral salts also strengthen 
the cuticle. Such modifications balance the needs for 
flexibility in movement and protection from predators. The 
body surface bears setae, typically hair-like sensory organs, 
arranged in characteristic patterns in different subgroups of 
mites. Setae are primarily hair-like, but may take on an 
incredible variety of shapes, from thick spines, to flat plates, 
to highly branched, feather-like forms. The pedipalps and 
legs also bear tactile setae as well as chemosensory structures 
termed solenidia, which are organs of smell and taste, and 
other specialized sensilla that are sensitive to infrared 
radiation. Simple eyes, or ocelli, may be present on the 
anterior idiosoma, and specialized sensory organs, the 
trichobothria, on the anterior idiosoma or legs may detect 
vibrations or electric fields. 

Like other arthropods, the inside of a mite’s body is a 
hollow cavity, the hemocoel, in which the internal organs are 
surrounded by fluid, the hemolymph. Hemolymph 
distributes food materials and waste products and contains 
hemocytes, which are the cells that serve as the mite’s 
immune system, but it does not contain oxygen-binding 
proteins as are found in the blood of vertebrates and some 
other arthropods. The mite’s digestive system is divided into 
the three parts typical of arthropods: foregut, midgut, and 
hindgut. The midgut may be divided into diverticulae for 
food storage, particularly in parasitic mites. Some mites lack 
a connection between the midgut and the hindgut; these 
mites feed only on fluids and do not defecate. The hindgut 
in these mites is transformed into an excretory organ for 
elimination of nitrogenous wastes. Other mites, with entire 
guts, may have Malpighian tubules, like insects, extending 
from the junction of the midgut and hindgut as excretory 
organs. The internal reproductive system typically consists of 
a single ovary (paired in the Astigmata) in the female and 
paired testes in the male. Females typically possess a 
spermatheca for sperm storage after insemination, and both 
sexes have various accessory glands and ducts to the exterior 
as part of the system. Tracheal systems for respiration have 
evolved independently a number of times in the Acari. These 
open at spiracles, or stigmata, on various parts of the body in 
different groups. Other mites lack any respiratory system, 
and gas exchange occurs through the cuticle in these groups. 


CLASSIFICATION OF MITES 


The classifications of mites used by various authors vary con- 
siderably in the number of higher categories recognized and 


the hierarchical ranking of the various groups. The simplest 
system, used by Walter and Proctor (1999), recognizes three 
orders within Acari: Opilioacariformes, Parasitiformes, and 
Acariformes. The Opilioacariformes, comprising a single 
family with about 20 species, is considered the most 
primitive. These mites are relatively large (2-3 mm) and 
resemble small opilionids in their general form, having a 
leathery cuticle that retains traces of external segmentation. 
These mites resemble the Parasitiformes in having a tracheal 
system opening laterally on the body, but they have four pairs 
of stigmatal openings in contrast to the single opening of the 
Parasitiformes. Opilioacarids resemble some Acariformes in 
feeding on solid food particles and bearing a pair of rutella, 
which are sclerotized food-processing structures located near 
the ventral apex of the gnathosoma. 

The order Parasitiformes is a diverse group comprising 76 
families divided among three suborders: Gamasida (or 
Mesostigmata), [xodida, and Holothyrida. Compared with the 
Acariformes, this order is morphologically relatively conser- 
vative, with most species retaining the same basic body plan. 
The Holothyrida includes 3 families and around 30 species of 
heavily sclerotized, predatory or scavenging mites of tropical 
regions. The Ixodida, or ticks, includes 3 families and around 
850 species exclusively parasitic on vertebrate hosts. The vast 
majority of parasitiform mites are included in the Gamasida, 
with 70 families. Most gamasid mites retain the ancestral preda- 
tory life-style, but the group includes a number of parasites 
of vertebrates and other arthropods, a few mites which feed 
on pollen or fungi, and one small group of detritivores 
capable of feeding on solid food particles. 

The order Acariformes is the largest and most diverse 
group of mites, in terms of both its morphology and its 
ecological diversity. Hundreds of families are recognized, and 
over 30,000 species are included. Acariform mites are charac- 
terized by the internalization of the basal leg segment, the 
coxa, leaving the next segment, the trochanter, as the first 
functional leg segment. Most acariform mites also possess 
structures termed “genital papillae.” While associated with 
the genital region in the postlarval instars, these structures are 
actually osmoregulatory organs. 

The order Acariformes is conveniently divided into two 
suborders, Trombidiformes (largely equivalent to the 
Prostigmata of some authors) and Sarcoptiformes (including 
the Oribatida and Astigmata of some authors). Most trombi- 
diform mites have tracheal systems opening on or near the 
gnathosoma. Many have strongly modified chelicerae 
adapted for piercing animal prey, plant tissue, or the skin of a 
host animal. Sarcoptiform mites ancestrally feed on solid food 
and have gnathosomal rutella, like the Opilioacariformes. 
Tracheal systems opening at the leg bases or anterior dorsal 
idiosoma have evolved independently several times in this 
group. Sarcoptiform mites are most diverse in soil habitats, 
but many have adapted to patchy habitats and have developed 
commensal or parasitic associations with vertebrates and 


other arthropods (Fig. 1). 
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LIFE CYCLES, DEVELOPMENT, 
AND REPRODUCTION 


Most mites exhibit a fixed developmental pattern, passing 
through the same number of instars regardless of how much 
food is available. The most complete pattern consists of egg, 
prelarva, larva, protonymph, deutonymph, tritonymph, and 
adult. The prelarva and larva are distinguished by having only 
three pairs of legs; the fourth pair is added at the protonymphal 
molt. Other immature stages are distinguished from each 
other by a characteristic pattern of additions of leg and body 
setae. The prelarva is typically a short-lived stage, either passed 
completely within the egg or, if it actually hatches, having a 
highly regressive morphology. The few active prelarvae known 
do not feed and typically begin the molt to the larval stage 
within hours after hatching from the egg. This life cycle is 
found in the Opilioacariformes and ancestrally in the 
Acariformes. Reductions from this number of instars appear in 
other groups of mites. Within the Parasitiformes, the prelarva 
is not observed, and the tritonymph is retained only in some 
Holothyrida. In one family of Ixodida, the Argasidae, the 
number of nymphal instars is not fixed. Molts take place after 
each blood meal in these ticks, but the adult morphology 
develops only when the mite reaches a minimum body size. In 
many trombidiform mites, the last nymphal instar is sup- 
pressed, and in some extreme cases, all immature stages are 
suppressed and passed within the body of the female mite. 
After an extreme form of engorgement termed “physogastry” 
on fungal food or host-insect hemolymph, these females give 
birth to fully developed adults. Another developmental pattern 
observed in the large trombidiform subgroup, the Parasi- 
tengona, involves alternation of active and inactive instars. 
Active stages in this life cycle include the larva, deutonymph, 
and adult, while the prelarva, protonymph, and tritonymph 
are morphologically regressive, inactive stages. 

Mites exhibit a variety of reproductive strategies and modes 
of sperm transfer. Ancestrally, mites appear to practice indirect 
sperm transfer, with males producing and depositing a package 
of sperm, termed a spermatophore, on the substrate. Females 
then take the spermatophores into their reproductive tract. This 
type of reproduction is found in most acariform subgroups, 
and individuals of the two sexes may or may not be in close 
contact at the moment of insemination. In known parasiti- 
form groups, males typically use their chelicerae to assist in 
directly inserting a spermatophore into the female’s primary 
genital opening (as in Ixodida and primitive Gamasida), or the 
male chelicerae bear an organ termed the spermatodactyl which 
is used to transfer sperm from the male’s genital opening into 
secondarily developed sperm induction pores near the bases 
of the female’s legs. These paired openings lead to a median 
spermatheca which is connected directly to the ovary, where 
fertilization takes place. Direct insemination involving the 
development of an intromittent organ, the aedeagus in the male, 
has appeared independently in several groups of acariform 
mites. Secondary sexual dimorphism typically accompanies 
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(A) Tropical rat mite, Ornithonyssus bacoti, a vertebrate parasite. (B) Peacock mite, Tuckerella sp., a plant-feeding mite. (C) Cosmochthonius sp., a 


soil mite. (Photographs by D. E. Walter and C. Meacham.) (D) Heteromorphic deutonymphs, phoretic on a predatory mite. (Photograph by D. E. Walter.) 


direct mating, with males often having modified appendages 
for holding the female during mating. Many such males also 
practice precopulatory guarding of immature females, either 
merely waiting near a juvenile female about to molt or 
actively attaching to her. This last behavior is taken to an 
extreme in the sarcoptiform family Chirodiscidae, species of 
which live on the hairs of mammals, in which immature 
females are legless and unable to move. They must be found 
upon hatching by an adult male who uses an elaborate 
clasping organ to attach to, and carry about, the juvenile 
female until her legs appear at adult eclosion. 

Sex determination mechanisms and reproductive modes 
also vary widely throughout the Acari. Some mites are diploid 
in both sexes, with males having either a Y chromosome or 
no sex chromosome. Other mites are arrhenotokus, in that 
females are diploid and males haploid. Such males develop 
from unfertilized eggs. An unusual reproductive mode, 
termed parahaploidy, is found in some Gamasida. In these 
mites, fertilization is necessary for egg development, but in 
males, the paternal genome is inactivated shortly after the first 
embryonic cell divisions, and adult males are functionally 
haploid. Finally, thelytoky, or all-female parthenogenesis, is 
found in many groups of mites. Such mites reproduce 


clonally, with diploid eggs developing directly into females 
without fertilization. 


Mites exhibit a breadth of ecological interactions unmatched 
in any other arthropod group. Mites may be found in all 
geographic provinces, from tropical rainforests to arctic 
tundra and rocky outcrops in Antarctica and from desert 
habitats to the deep ocean trenches. They dominate the 
microarthropod fauna of the soil where they may be found 
several meters deep or even in groundwater. They occur in all 
types of aquatic habitats, including freshwater lakes, streams, 
seepage areas, and even hot springs. Unlike insects, mites are 
also quite diverse in marine habitats, ranging from the 
intertidal zone to the deep trenches. 


A single square meter of temperate forest soil may contain 
upward of 250,000 mites, belonging to a hundred different 
families. In the litter and upper layers of organic soil, mites play 
many roles in food webs based on decaying plant materials. 


5G Core Service & Performance Requirements 


An industry "Vision for 5G" is now established and supported worldwide. Services and 
performance requirements have been identified, and the industry is moving into the 
development and implementation phases with a view to commercial launch of 5G 
mobile service around 2019 and fixed wireless access using mmWave radio from 
2017. To meet these schedules, leading operators — especially Tier 1s with high ex- 
pectations and aggressive deployment timelines — are working to make their net- 
works 5G-ready ahead of commercial deployment. 


This white paper argues that with a 5G-ready technology strategy, operators can 
prepare for rapid 5G service launch in a way that optimizes their investment in next- 
generation IP and mobile core platforms over the next three years. Specifically, it 
discusses 1) how 5G services drive a requirement for an IP services fabric to connect 
the distributed data centers that will host 5G network functions, content and appli- 
cations and 2) the development of cloud-native, service-orientated core networks 
for advanced 4G and 5G networks. 


5G Services Dimensions 


Development of the 5G system architecture, and associated core network, is being 
led by 5G service requirements. Figure 1 shows the output from the 3GPP SMARTER 
study group that has investigated the service dimensions of 5G. 





Figure 1: Service Dimensions in Future 5G Networks 
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Gamasid and some trombidiform mites are the dominant 
predators in such systems, feeding on nematodes, small 
annelids, collembolans, other mites, and the eggs of insects. 
These predatory mites have developed several strategies for 
prey detection and capture, from active, foraging species in the 
gamasid families Laelapidae and Parasitidae, and the trom- 
bidiform families Raphignathidae and Cunaxidae, to more 
sedentary species in the trombidiform families Caeculidae and 
Cheyletidae, with palps or forelegs modified as traps for unwary 
prey. Most soil-inhabiting mites, however, are detritivores or 
fungivores, feeding directly on decaying organic materials or 
on fungi or microorganisms growing upon them. The greatest 
diversity of detritivores belongs to the sarcoptiform subgroups 
collectively known as oribatid mites. These mites are typically 
slow moving and may take up to 3 years to complete the life 
cycle. Adults tend to be well sclerotized as a defense against pre- 
dators, while soft-bodied juveniles may burrow into substrates to 
avoid predation. Oribatid mites are primarily detritivores, feed- 
ing directly on particulate organic material. Others preferen- 
tially scrape decaying leaves for their microbial or fungal floras. 
Despite their numbers, compared with earthworms or other 
larger soil invertebrates, mites actually process a relatively small- 
er amount of organic material and are thus of less importance 
in converting biomass to nutrients again available to plants. 
However, in terms of the cycling of particular nutrients, notably 
calcium, mites play an essential role. Mites are also extremely 
important in the dispersal of bacterial and fungal agents of 
organic decomposition. Mites feeding on such substrates ingest 
bacteria or spores that can often pass undigested through the 
mites’ guts. The movement of the mites through the soil, with 
the associated deposition of fecal pellets containing decomposer 
propagules, provides a much more efficient dispersal of these 
organisms than simple physical processes. 

Specialized soil types have specialized mite faunas. Dry, 
sandy, and nutrient-poor soils typically harbor a fauna of pri- 
mitive acariform mites that show little morphological change 
from their Devonian fossil ancestors. This entire community 
may consist of such living fossils, with this type of nutrient- 
poor soil likely similar to the original terrestrial environment 
at the time of the first land-colonizing animals. Another 
highly specialized fauna of mites inhabits the deeper layers of 
mineral soils. Because there is little organic material that filters 
down to these layers, many of the mites feed directly on the 
sparse microbial flora or are predators on nematodes that are 
able to extract nutrients from the limited resources. Deep soil 
mites tend to be quite small and soft-bodied and may be 
elongated to allow for movement through very tight spaces 
between mineral soil particles. Most are effectively aquatic 
because the deep soils are often saturated, with the interstitial 
spaces filled with water. 


Mites in Patchy Habitats 


Mites living in large, continuous habitats such as the soil and 
litter layers generally have limited dispersal capability. Being 
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small and lacking wings, mites would seem to be limited to 
such habitats. However, mites also form major components 
of the microarthropod communities associated with patchy 
habitats, which are those separated by distances greater than 
mites’ ability to walk. Such mite communities occur in habi- 
tats such as decaying logs, dung and manure, carrion, fungal 
fruiting bodies, nests of insects and vertebrates, and other 
concentrations of organic matter such as treeholes, sap flows, 
and other specialized habitats associated with plants. 

Common in patchy habitats are specialized gamasid mites 
in the families Parasitidae, Macrochelidae, Laelapidae, 
Digamasellidae, and Uropodidae. These species are typically 
predators on insect eggs and larvae, particularly those of the 
Diptera that also frequent patchy habitats, and nematodes. 
Among the Trombidiformes, species in the subgroup called 
Heterostigmata are largely associated with patchy habitats, 
feeding primarily on fungi. The most diverse group of mites 
in patchy habitats is the sarcoptiform subgroup Astigmata, 
which appears to have had its origin in such associations. 

All of these groups, and some others as well, are able to 
exploit these habitats, which are generally unavailable to most 
mites, through a specialized dispersal mode termed phoresy. 
Phoresy involves one organism utilizing another, larger 
organism to facilitate its dispersal. In all of the mentioned 
groups of mites, one life stage is typically specialized for pho- 
retic dispersal on an insect, myriapod, crustacean, or mammal 
host. Gamasid mites disperse either as inseminated females or 
as deutonymphs, which is the final juvenile stage in this group. 
Female laelapid and macrochelid mites typically attach to 
insect carriers by grasping host setae or other structures with 
their chelicerae. Parasitid and digamasellid mites disperse as 
deutonymphs, often in the space under the elytra of beetles, 
and may roam freely over the insect’s body. In the Uropodidae, 
the deutonymph is often specialized for dispersal and may 
attach to the host by secreting a sticky substance from posterior 
ventral glands. This material is drawn into a stalk that hardens 
in air and connects the mite to its host. 

Heterostigmatid mites disperse as adult females, with many 
species exhibiting a polymorphism in this stage. Nondispersing 
females have normally developed anterior legs and are not 
attracted to insect or mammal hosts. Dispersing females, or 
phoretomorphs, have very enlarged forelegs with a grasping 
claw that allows attachment onto insect setae or mammalian 
hair. In the Astigmata, the deutonymph is highly specialized 
for dispersal. These deutonymphs look nothing like the pre- 
ceding or following instars, having no mouth or mouthparts, 
but bearing suckers or claspers at the posterior end of the body 
for attaching to a host. They are typically heavily sclerotized 
and able to withstand major fluctuations in environmental 
conditions. Many astigmatid mites inhabit naturally occurring 
patches of organic matter such as decaying wood or mushrooms 
and disperse on any insects that frequent the habitat. Others 
have developed closer associations with particular insects, 
notably nest-building bees, wasps, ants, and termites, and 
depend on these insects not only for dispersal, but also for 
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creation of the habitat in which the mites live. Still other 
astigmatid mites have adapted to the nests of vertebrates, with 
many species inhabiting mammal nests specialized for phoretic 
dispersal on the mammalian host itself. Species living in birds’ 
nests still disperse on nest-inhabiting insects such as beetles 
and fleas. 

A few of these phoretic associations between mites and 
insects have become mutualistic, with mites providing either 
“cleaning services” or “pest control” for their hosts. Some 
species of Old World carpenter bees may carry several species 
of mites on their bodies. The astigmatid mites in these com- 
munities are kleptoparasites, feeding on the provisions 
intended for the bee's offspring. A female bee may also carry 
trombidiform mites in the genus Cheletophyes (family 
Cheyletidae) in specialized pouches, termed. acarinaria, on the 
thorax. These mites are obligate predators of the astigmatid 
mites. The same female bee may also have a large acarinarium 
in the anterior part of the abdomen, carrying large (2-3 mm) 
gamasid mites in the genus Dinogamasus (family Laelapidae). 
These mites have modified chelicerae that scrape the cuticle of 
the bee larva and remove potentially pathogenic microorgan- 
isms and fungal spores as well as cuticular exudates. Some 
astigmatid mites in the family Histiostomatidae are mutualists 
in the nests of sweat bees (family Halictidae). Feeding stages of 
the mites have highly modified chelicerae for filter feeding. 
These mites wander over the nectar and pollen provisions, 
straining potentially harmful microorganisms. Deutonymphal 
mites ride in a rudimentary acarinarium on the propodeum or 
anterior gaster of the female bees. 


Aquatic Mites 


A number of different groups of mites have successfully 
colonized and diversified in aquatic habitats. The most diverse 
of these, with over 40 families, and 5000 species, is a group 
within the trombidiform subgroup Parasitengona that is 
termed Hydracarina or, more simply, water mites. This lineage 
is characterized by the enlargement or multiplication of the 
genital papillae (often termed acetabula in this group), 
acariform organs of osmoregulation that allow these mites to 
maintain ionic balance in hypoosmotic freshwater environ- 
ments. The parasitengone life cycle is unusual, with its alterna- 
tion of active and inactive stages, and in most terrestrial and 
aquatic species, the larva is parasitic, typically on an adult, 
flying insect. This parasitic larva not only acquires nutrients by 
feeding on its host, but also is able to disperse over some 
distance while on the host. The deutonymph and adult stages 
are typically active predators on other arthropods or their eggs. 
Water mites are primarily inhabitants of freshwater habitats 
including temporary ponds, permanent ponds and _ lakes, 
streams and rivers, and interstitial waters. One family of water 
mites, the Pontarachnidae, has invaded marine, intertidal 
waters and has lost the genital papillae, while another, the 
Thermacaridae, is restricted to hot springs and capable of 
surviving temperatures close to 50°C. Mites in standing waters 


may crawl about on the substrate or aquatic vegetation, but 
many species have morphological adaptations for active 
swimming. These include anterior displacement of the leg 
bases and long setae, termed swimming hairs, on the legs. 
These mites actively seek and capture aquatic crustaceans and 
small insect larvae. Mites inhabiting running waters are typi- 
cally smaller, with flattened bodies, robust legs, and often 
sclerotized plates on the body. These mites crawl on and in the 
substrate, feeding on the eggs of aquatic insects and other 
microinvertebrates. Some of these mites are specialized pre- 
dators of the eggs of the same insect species used as hosts by 
their larvae. Some stream-inhabiting species live deep in the 
interstitial waters, often having quite elongate bodies for 
squeezing through the spaces between rock and sand particles. 
Many water mites are brightly colored, either retaining the red 
color common among the ancestral, terrestrial Parasitengona 
or becoming a cryptic blue or green. Some water mites have 
modified the ancestral parasitengone life cycle by producing 
fewer, larger eggs. Larvae hatching from these eggs transform 
to deutonymphs without feeding or dispersing on a host. 

Another relatively large group of aquatic mites forms a 
separate trombidiform lineage, the family Halacaridae. These 
mites are most diverse in marine habitats, with most species 
found in intertidal waters. Some halacarids, however, have 
been collected in abyssal depths up to 7000 m. Feeding 
ecology of halacarids varies, with some species retaining the 
ancestral predatory behavior, while others feed on algae or as 
parasites on crustaceans, echinoderms, or cnidarians. Some 
halacarids have reinvaded freshwater habitats, presumably via 
groundwater connections. Such mites are often collected 
from well water, and a number of species are restricted to 
freshwater habitats. 

Other groups of mites contain aquatic taxa, but none has 
diversified to the extent seen in the water mites and 
Halacaridae. Mites in the oribatid family Hydrozetidae are 
often collected on aquatic vegetation, while those in the family 
Trimalaconothridae occur in the substrates of ponds and 
streams. The sarcoptiform group Astigmata includes the family 
Hyadesiidae, all species of which live in marine, intertidal 
habitats. These mites are unusual among the Astigmata in 
living in more or less continuous habitats, and they have lost 
the dispersing deutonymph from the life cycle. Some species in 
the family Algophagidae live in brackish waters, and one is 
known from a fast-flowing river. Other Astigmata live in 
temporary aquatic habitats, such as water-filled treeholes and 
other phytotelmata, or water-filled plant cavities, such as 
pitcher plants, bromeliads, the leaf axils of aroids, and the 
flower bracts of heliconias and related plants. These species still 
retain the phoretic deutonymph that disperses on an insect 
host. Relatively few gamasid mites have become aquatic, but 
some species in the family Ascidae live in phytotelm habitats 
or regularly flooded swamp or flood-plain soils. Some of these 
have a modified cuticle around their respiratory openings that 
functions as a plastron, holding a bubble of air against the 
spiracle when the mite is submerged. 


Mites on Plants 


Unlike all other arachnid groups, several groups of mites have 
evolved the ability to feed on living plant tissue. Most species 
belong to one of several lineages of Trombidiformes, each of 
which has independently evolved this capability, but all share the 
modification of the chelicerae into piercing stylets. One lineage, 
the superfamily Tetranychoidea, contains the spider mites and 
their relatives. Spider mites (family Tetranychidae) are so named 
because some species utilize silk in constructing webbing on 
leaves or pads for oviposition and also for dispersal via balloon- 
ing much in the manner of some spiders. Silk production is not 
unique to this group, however, because it is also found in related 
trombidiform groups not associated with plants. Tetranychoid 
mites have elongate cheliceral stylets that pierce leaf or root tissue 
and feed on cell contents or on interstitial fluids. Most species 
are relatively host specific and do little damage, but some, such 
as the twospotted spider mite, Tetranychus urticae, are poly- 
phagous and are serious pests of agricultural crops, particularly 
herbaceous annuals, such as beans, and fruit trees. Another 
tetranychoid group, the false spider mites, or flat mites (family 
Tenuipalpidae), also includes serious agricultural pests. 

A second lineage of plant-feeding mites, the Eriophyoidea, 
contains extremely tiny species with a highly modified body 
form. These elongate, worm-like mites have only two pairs of 
legs at the anterior end of the body, but possess a sucker at the 
posterior end and move inchworm fashion over plant surfaces. 
All are obligate plant feeders, using their short stylets to pierce 
individual cells. Most species are highly host specific, and a 
single plant species may harbor many species in this group, 
most of which simply wander over the leaf surfaces. Large 
populations of such mites may cause loss of color in leaves, 
leading to the common name rust mites. Another common 
name, gall mite, refers to the ability of some species to induce 
characteristic galls on leaves, buds, stems, flowers, or fruits of 
their host plants. Salivary chemicals mimic certain plant growth 
hormones and induce the formation of galls in which the mites 
live. Simple erineum galls form when epidermal cells produce 
elongate hairlike growths upon which the mites feed. Pouch 
galls are like erinea but actually form into elongate cavities 
within which the mites live. Mite-induced proliferation of 
woody tissue causes “witches brooms” on trees. Although 
rusting and gall formation are often unsightly and may affect 
fruit set in orchard crops, the most important effects of 
eriophyoid mites on agricultural systems are as vectors of viral 
pathogens such as wheat streak mosaic virus. On the other 
hand, other, highly host-specific, eriophyoid mites have been 
used as virus vectors in the biological control of weeds. 

Other plant-feeding mites occur in the families 
Pentheleidae, including the redlegged earth mite, Halotydeus 
destructor, a serious pest of grasses and herbaceous plants in 
the Southern Hemisphere, and Tarsonemidae. This last 
family includes such serious agricultural pests as the broad 
mite, Polyphagotarsonemus latus, which, true to its scientific 
name, is a polyphagous pest of many agricultural crops. 
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Other mites living on plants are beneficial as predators of 
phytophagous mites. Chief among these are species in the 
gamasid family Phytoseiidae. These mites range from gener- 
alist to specialist predators, often attacking economically 
important species of spider mites, flat mites, and eriophyoids. 
Several species of Phytoseiidae are commercially marketed for 
biological control of these pests. 


Parasitic Mites 


A great many lineages of mites contain parasites of vertebrate 
and invertebrate animals, some of which are of importance in 
human and veterinary medicine. Most important of these is the 
Ixodida, the ticks, but the Gamasida contains a diversity of 
parasites of reptiles, birds, mammals, insects, myriapods, and 
crustaceans, most of which belong to the mite superfamily 
Dermanyssoidea. Among the vertebrate parasites, several 
different types of parasitism occur. The simplest of these is 
facultative parasitism, in which typically nest-inhabiting preda- 
tors may feed opportunistically from a wound on a bird or 
small mammal host. Other nest-inhabiting mites are obligate 
parasites, but get on the host only to feed. Notable among these 
are the northern fowl mite, Ornithonyssus sylviarum (family 
Macronyssidae), and the chicken mite, Dermanyssus gallinae 
(family Dermanyssidae), both of which parasitize a variety of 
wild birds and domestic poultry and will bite people. Many of 
these mites have chelicerae modified for piercing and sucking 
blood or tissue fluid. Finally, some gamasids have become per- 
manent parasites, spending all their time on the host’s body. 
These may have enlarged claws or spurs on the body for 
holding onto the host. Several different groups of dermanyssoid 
mites have become endoparasites, living in the respiratory tract 
of snakes, birds, and some mammals, notably dogs and seals. 
Some species in the family Rhinonyssidae can cause respiratory 
distress in cage birds. Other endoparasites inhabit the ear canals 
of ungulates such as cattle and goats. Some parasitic gamasids 
act as vectors of bacterial, viral, and protozoan pathogens to 
their normal hosts, but only one, the dermanyssid Liponyssoides 
sanguineus, acts as a vector for a bacterial pathogen from mice 
to humans, causing the disease known as rickettsialpox. 

Other dermanyssoid mites are parasitic on arthropods, with 
the most important being the honey bee parasite, Varroa 
destructor (family Laelapidae). This mite is responsible for the 
worldwide decline in populations of the European honey bee, 
Apis mellifera. The mites feed on hemolymph of bee larvae, 
causing the adult bee that develops to have aborted wings that 
prevent the bee from foraging. Buildup of mites in a bee colony 
causes its destruction over time. This mite became a pest after 
colonizing A. mellifera from its ancestral host, the Asian honey 
bee, Apis cerana. In the normal host, this mite is not pathogenic 
to the colony because populations do not reach damaging levels. 

Several groups of trombidiform mites have become 
parasitic, the largest of which is the Parasitengona. This group 
includes the water mites discussed above, but also a number of 
terrestrial groups. Larvae of most species parasitize insects, in 
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which they may reduce fecundity or longevity. Larvae of one 
family, the Trombiculidae, or chiggers, parasitize vertebrate 
hosts. All groups of terrestrial vertebrates may serve as hosts for 
this very large group of parasites. Most of the over 5000 
described species are known only from their parasitic larval 
stage. Chiggers feed on tissue fluid and lysed host tissue. On 
most hosts, they appear not to affect the host negatively, but 
species biting humans induce an immune reaction that not 
only causes the death of the chigger, but causes a relatively 
long-lasting, itchy lesion. Different species of chiggers have 
achieved “pest” status in various parts of the world. Most are 
merely irritants to human hosts, but some species in the genus 
Leptotrombidium, ranging from Japan and Korea, west to 
Pakistan, and south to northern Australia, act as vectors of a 
serious bacterial pathogen from rats to humans. The disease, 
termed scrub typhus or tsutsugamushi disease, can be fatal if 
untreated. A chigger is able to vector the pathogen, the 
bacterium, Orientia tsutsugamushi, despite parasitizing only a 
single host in its lifetime, because the pathogen remains in the 
mite’s body and enters the eggs of the female mite. Thus, larval 
chiggers are capable of transmitting the pathogen at hatching. 

Another diverse group of trombidiform parasites is included 
in the superfamily Cheyletoidea. Different families in this 
group parasitize reptiles, birds, and mammals, with the family 
Demodicidae containing two species specifically parasitic on 
humans. Demodex folliculorum, an elongate, worm-like mite, 
inhabits the hair follicles of the face and occasionally other body 
regions, whereas Demodex brevis lives in the sebaceous, or sweat, 
glands in the skin. Although heavy infestations have been linked 
to acne rosacea, most people harbor these mites with no dis- 
cernable effect. Other demodicids can be more pathogenic in 
their normal hosts, such as Demodex canis in dogs and Demodex 
bovis in cattle. The former can cause a mange condition, with 
hair loss and irritated skin, especially in puppies, while the latter 
causes large nodules full of mites to form in the skin. Species in 
other cheyletoid families parasitize birds, living on the skin, in 
feather follicles, or inside feather quills. One interesting group 
in the family Cheyletidae lives within feather quills, but feeds as 
predators on other quill-inhabiting mites. 

The trombidiform lineage Heterostigmata includes many 
parasites of insects. The honey bee tracheal mite, Acarapis 
woodi (family Tarsonemidae), is of considerable economic 
importance as a pest in the respiratory system of honey bees. 
Other parasitic Tarsonemidae inhabit the defensive glands of 
coreid Hemiptera, one of the most unusual habitats known, 
even among mites! 

Among the Sarcoptiformes, the Astigmata includes a great 
diversity of parasitic species, the hosts of which include mam- 
mals, birds, and insects. Certain nest-inhabiting astigmatid 
mites that ancestrally dispersed via phoretic deutonymphs have 
modified the nature of the association. Instead of merely attach- 
ing to the hair or skin of the host and simply dispersing, deu- 
tonymphs in several groups in the superfamily Glycyphagoidea 
associated with small mammal hosts, and species in the family 
Hypoderatidae with bird hosts, enter either the hair follicles 


or the subcutaneous tissue of their host. Despite lacking a mouth 
and functional gut, these deutonymphs engorge, with some 
Hypoderatidae increasing their body volume up to 1000-fold. 
The mode of nutrient acquisition in these parasites is unknown, 
but some are able to complete the remaining, free-living part 
of the life cycle in the host’s nest without additional food. 

Other groups of astigmatid mites have become permanent 
parasites of birds or mammals, eliminating the deutonymph 
from the life cycle. Among mammal hosts, these mites are most 
diverse on marsupials, rodents, insectivores, primates, and bats, 
with relatively few occurring on carnivores or ungulates. Most 
are relatively nonpathogenic, feeding primarily on sebaceous 
materials on the hair shafts. Others, however, can cause pro- 
blems for their hosts. 

Species in the family Psoroptidae live on the host’s skin or 
in the ears and feed by abrading the skin with their chelicerae 
and imbibing tissue fluids. These mites irritate the skin and 
cause itching. Several species of psoroptid mites occur on 
domestic animals, notably the carnivore ear mite, Otodectes 
cynotis, common in cats and dogs, and the scab mites in the 
genera Psoroptes and Chorioptes in horses, cattle, sheep, and 
others. The sheep scab mite, Psoroptes ovis, particularly causes 
economic damage by causing loss of wool. 

Probably most important among parasitic astigmatid mites 
are species in the family Sarcoptidae. Commonly known as 
mange mites, species in several genera can parasitize humans 
and domestic animals. Naturally most diverse on marsupials, 
bats, primates, and rodents, several species have been able to 
colonize new hosts. Sarcoptes scabiei is ancestrally a parasite of 
humans, causing the skin disease scabies. Like other sarcoptids, 
these mites burrow into the superficial layers of the skin. In 
healthy humans, this disease is an itchy annoyance, but in 
immune-compromised individuals, a serious condition known 
as crusted scabies can develop in which the patient may harbor 
millions of mites in large, crusty lesions all over the body. S. 
scabiei has also been able to colonize many domestic animals, 
notably dogs, pigs, cattle, camels, and others, in which the 
disease known as sarcoptic mange can be fatal due to the large 
mite populations and secondary bacterial infections. 

Many other astigmatid mites parasitize birds, in which, 
again, most do not cause harm. Feather mites may be very 
diverse on an individual bird, with one parrot species known 
to harbor almost 40 species. Like their fur mite counterparts 
on mammals, these mites feed on skin oils and do not harm 
the host. Others, however, may parasitize the feather follicles, 
skin, or respiratory tract. Skin-inhabiting species in the family 
Knemidokoptidae can be quite pathogenic in domestic poul- 
try, cage birds, and wild species. Endoparasitic species in the 
family Cytoditidae live in the air sacs and can cause respiratory 
distress in poultry. 


IMPORTANCE OF MITES 


As indicated above, there are a number of instances in which 
mites are important to humans. Many species are serious 


pests of agricultural crops, either through direct damage or 
indirectly as vectors of plant pathogens. Other species are 
parasitic on domestic animals and cause losses in meat, egg, 
and fiber production. Others, such as the human scabies 
mite, are direct agents of human disease or, as in the case of 
chiggers and ticks, vectors of pathogens. Other mites may 
affect humans by infesting stored food products. Many 
species of Astigmata are known as stored-product mites 
because they have moved from their ancestral rodent nest 
habitats into human food stores. Such mites may also cause 
damage in animal feed by causing allergic reactions in 
livestock and are also known to cause skin irritation in 
humans handling infested materials. A related group of 
astigmatid mites, also ancestrally nest inhabiting, is the 
family Pyroglyphidae. These mites have colonized human 
habitations from bird nests and are the primary source for 
allergens in house dust. Commonly known as “house dust 
mites,” species particularly in the genus Dermatophagoides 
produce many proteins that induce allergic responses in 
sensitive individuals. House dust allergy may take the form of 
respiratory distress or skin irritation. Mites typically inhabit 
beds, chairs, and carpets in houses, and their shed skins and 
feces provide the bulk of the allergens in house dust extracts. 

On the other hand, as indicated above, some mites are 
beneficial to humans in their role as biological control agents 
against agricultural pests. Also, the natural role of mites in 
providing “ecosystem services” in the form of nutrient 
cycling cannot be overlooked. 
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Molting 


Lynn M. Riddiford 
University of Washington 


More is the process of producing a new cuticle and the 
subsequent shedding (or ecdysis) of the old cuticle. This 
molt is orchestrated by a series of hormones so that it can be 
triggered by both internal and external cues. 
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THE MOLTING PROCESS 


Cuticle Production 


The cuticle is the outer covering of the insect and is its 
exoskeleton to which the muscles are attached (Fig. 1). The 
outermost layer is called the epicuticle; under this is the 
exocuticle followed by the endocuticle. In some systems, the 
exo- and endocuticle are classed together as the procuticle. In 
some insects, only the epi- and exocuticle are deposited before 
ecdysis, with the endocuticle following ecdysis, whereas in 
others, some endocuticle may be deposited before ecdysis. The 
epicuticle is composed of only protein, whereas the exo- and 
endocuticle contain both chitin and protein in varying pro- 
portions depending on the type of cuticle, i.e., whether rigid 
or flexible. Chitin is a polymer of N-acetylglucosamine and 
can be cross-linked to the protein components of the cuticle in 
a process called sclerotization or hardening, which usually 
occurs in the exocuticle just after the shedding of the old 
cuticle and expansion of the new cuticle. After sclerotization 
the insect is able to move, feed, fly, etc. The rigid parts of the 
cuticle are then set and cannot be expanded, whereas flexible 
cuticle may expand either by a simple unfolding of the new 
epicuticle or in response to hormonal signals. When the epicu- 
ticle has completely unfolded, further expansion is impossible 
and the larva must molt in order to grow further. Molting is 
also necessary at the end of larval life for metamorphosis. 

The epidermis is a single cell layer that produces the 
cuticle that lies above it (Fig. 1). During the intermolt 
period, the epidermis actively deposits lamellate endocuticle, 
especially in those regions where the cuticle is extensible. The 
chitin and protein are secreted as plaques at the tips of the 
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FIGURE 1 Diagram of the relationship of the epidermis (EPID) to the over- 
lying cuticle that it produces. EPIC, epicuticle; EXO, exocuticle; ENDO, 
endocuticle; bm, basement membrane; dgd, dermal gland (Verson’s gland) 
duct; pc, pore canal; setae, cuticular hair; wc, wax canal. [From Hadley, N. 
(1982). J. Exp. Zool. 222, 239-248, Copyright © 1982. Reprinted by 
permission of Wiley-Liss, Inc., a subsidiary of John Wiley & Sons, Inc.] 
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microvilli at the apical surface of the epidermal cells. Above 
the plaques in the extracellular space, the cuticle arises by 
self-assembly of the chitin microfibrils and the secreted 
proteins. As the larva grows, the epidermal cells underneath 
the extensible cuticle also grow. During this cell growth, 
there is DNA synthesis and the epidermal cells may become 
polyploid (i.e., >27). In the case of a soft-bodied insect such 
as the larva of the tobacco hornworm, Manduca sexta, the 
epicuticle is deposited in folds to allow for growth during the 
succeeding intermolt period during which time the epicuticle 
then unfolds. In this instance, the underlying endocuticle 
expands via a series of apical expansion points created by the 
deposition by the epidermal cell of vertical chitin 
microfilaments during the first day after ecdysis. To 
accommodate these two processes that must occur at the 
same time, an unstructured layer is deposited between the 
epicuticle and the lamellate procuticle. 

At the onset of the molt, the epidermal cells detach from the 
overlying cuticle and go through a burst of RNA synthesis 
including that of ribosomal RNA. At this time, the cells 
(including those that are polyploid) may divide. Endocuticle 
synthesis ceases and is followed by secretion of inactive pro- 
teolytic and chitinolytic enzymes, and other proteins, to form 
the “molting gel” that fills the space between the old cuticle 
and the apical border of the epidermis. Later activation of these 
enzymes at the end of the molt leads to digestion of the old 
endocuticle. Other cellular events preparatory to the deposition 
of the new cuticle, such as cellular shape changes that prefigure 
the surface conformation, also occur. Then, cuticulin is deposit- 
ed first at the tips of the plasma membrane plaques followed 
by deposition between the plaques to form a complete layer. 
Under this layer the epicuticle precursors (lipid, protein, and 
polyphenols) are secreted and self-assemble on the inner face 
of the cuticulin layer. The whole structure is then stabilized by 
the action of phenoloxidases that cross-link the polyphenols 
and the proteins. Subsequently, the apical membrane of the 
epidermal cells withdraws from the patterned surface and 
begins to form the procuticle, beginning with the exocuticle. 


Digestion and Ecdysis of the Old Cuticle 


During most of the formation of the new cuticle, the old 
cuticle remains intact and the muscles remain attached to 
this cuticle to allow the insect to move. At the end of the 
molt shortly before ecdysis, specific proteases are secreted 
into the molting gel to clip off a part of the inactive chitinases 
and proteases to render these enzymes active. These enzymes 
work together to digest both the protein and the chitin in the 
old endocuticle down to its component amino acids and N- 
acetylglucosamine sugars. This molting fluid then is resorbed 
into the hemolymph for its components to be recycled. for 
production of the next cuticle or for other uses. Resorption is 
thought to occur in one of two ways, either back through the 
new cuticle and the epidermis or through the gut via 
swallowing and uptake in the hindgut. 


Near the end of molting fluid resorption, the insect begins 
the process of shedding the old cuticle or ecdysis. This 
shedding occurs in a stereotyped sequence of behaviors. The 
preecdysis behavior is characterized by a series of coordinated 
movements that serve to loosen the muscle attachments to the 
old cuticle. This phase is followed by ecdysis behavior itself, 
which often is a series of peristaltic waves that travel from 
posterior to anterior and cause the animal to rupture the old 
cuticle anteriorly and to escape headfirst. The cuticle opens at 
ecdysial sutures that are areas of the old cuticle lacking 
exocuticle so that all but the epicuticle has been digested. In 
insects with rigid head capsules such as lepidopteran 
caterpillars, the head capsule has slipped down over the 
forming mandibles early in the molt to allow the formation of 
a larger head capsule. At the time of ecdysis, the old head 
capsule separates from the remainder of the old cuticle and falls 
off as the new larva walks out of its old cuticle. 

At the time of ecdysis, a waterproofing cement layer is 
deposited on top of the epicuticle by the secretion of dermal 
glands known as Verson’s glands (Fig. 1). This layer is spread 
over the surface by the movements of the animal under the 
old cuticle as it sheds its old cuticle. In some cases, a waxy 
layer is secreted on top of this layer in the first few days after 
ecdysis for further prevention of desiccation. This secretion 
occurs through the pore canals that traverse the cuticle from 
the epidermal cell to the surface of the cuticle (Fig. 1). 


Postecdysial Expansion and Sclerotization 


After ecdysis the animal fills its tracheae with air and also 
swallows air in order to expand the new larger cuticle. When 
it attains its final size, the new cuticle hardens and may also 
darken (tan) to varying degrees depending on whether the 
cuticle is to be flexible or rigid. In many insects there is 
preecdysial tanning and hardening of certain key structures 
such as the mandibles or the crochets on the abdominal 
prolegs of caterpillars used for grasping. 

Sclerotization is the process of hardening the exocuticle by 
cross-linking the proteins together and the proteins with 
chitin to form a stabilized structure suitable for an 
exoskeleton that anchors the muscles to allow movement. 
The primary cross-linking agents are NV-acetyldopamine and 
N-B-alanyldopamine. The latter is found in tan cuticles such 
as those of many lepidopteran pupae. Both compounds are 
derived from the amino acid tyrosine through a series of 
enzymatic steps of which the key enzymes are phenoloxidase 
for conversion of tyrosine to dopa and dopa decarboxylase 
for conversion of dopa to dopamine. 


HORMONAL CONTROL OF MOLTING 
Prothoracicotropic Hormone and Ecdysone 


The molt is initiated by the release of prothoracicotropic 
hormone (PTTH), a neuropeptide, from the brain (Fig. 2). In 
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FIGURE 2 Diagram of the insect neuroendocrine system that is involved in 


molting. Br, brain; CA, corpora allata; CC, corpora cardiaca; CCAP, 
crustacean cardioactive hormone; EG, epitracheal glands; EH, eclosion 
hormone; JH, juvenile hormone; PN, proctodeal nerve; PTG, prothoracic 
gland; PTTH, prothoracicotropic hormone; PVO, perivisceral organ; 20E, 
20-hydroxyecdysone. 


Lepidoptera there are only two pairs of neurosecretory cells 
that make and release PITH (Fig. 2). These cells send their 
axons out to the corpora cardiaca (or corpora allata in 
Lepidoptera) where they terminate and store the PTTH in 
vesicles until either internal or external environmental signals 
stimulate the cells to fire action potentials that cause release of 
their vesicular contents. In the blood-sucking bug Rhodnius 
prolixus, Vincent B. Wigglesworth in his classic studies of the 
insect endocrine system showed that the blood meal is the 
signal for PITH release. Distention of the abdomen by the 
blood is relayed to the brain by stretch receptors. In many 
larvae such as the large milkweed bug, Oncopeltus fasciatus, and 
M. sexta, size determines the time of PTTH release although 
the sensory pathway utilized has not been determined. In 
Manduca, the time of day at which the larva attains critical size 
is also important because PTTH can be released only during a 
particular time period during the night called a “gate.” Thus, 
if the larva attains critical size after the gate closes, PITH is 
not released until the gate opens the following night. During 
the intervening time the larva continues to feed and grow and 
so will be larger than one that attained critical size during the 
open gate period and immediately released PITH. Thus, the 
brain can integrate the sensory input from both the internal 
and the external environments and direct the time of molting. 

PTTH acts on the prothoracic glands to cause the 
synthesis and secretion of the steroid hormone G-ecdysone 
into the hemolymph. o-Ecdysone (E) is converted to 20- 
hydroxyecdysone (20E) (Fig. 2) by the fat body, the 
Malpighian tubules, and sometimes other tissues. During the 
rise of the ecdysteroids for molting, one observes that E 
appears first in the hemolymph (blood) followed by 20E and 
later 20,26-dihydroxyecdysone (20,26E). 20E is the main 
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component at the peak of the titer, and 20,26E is the primary 
ecdysteroid at the end of the molt. 

Both E and 20E play a role in molting, with E being 
important in early cellular changes in the initiation of the molt, 
such as proliferation, and 20E necessary for the differentiative 
changes. Experiments with tissues in culture show that low 
levels of 20E can mimic the early predifferentiative changes 
caused by E, whereas high levels of E are unable to cause the 
differentiative events caused by 20E. Although high 20E 
initiates the deposition of the cuticulin and epicuticle, pro- 
cuticle consisting of chitin and protein can be deposited only 
when the 20E levels in the hemolymph have declined. 
Experiments both with imaginal discs (precursors of adult 
structures found in larvae of moths and flies) and with 
Manduca abdominal epidermis in culture have shown that in 
the continuous presence of 20E, neither chitin nor the exo- and 
endocuticular proteins are deposited, although the epicuticle 
can be. To form a new cuticle im vitro, tissues taken during the 
intermolt period must first be exposed to 20E for a time 
commensurate with their exposure during the molt, and then 
they must be transferred to hormone-free medium. Although 
20,26E is present for a long time during the decline of 
ecdysteroids at the end of the molt, so far no role has been 
found for it either in the timing of events that occur at the end 
of the molt, such as the production of new endocuticle or of 
dopamine, or in any aspect of ecdysis behavior. Therefore, at 
the present time, 20,26E is still considered to be an inactive 
metabolite of 20E. 


Juvenile Hormone 


Juvenile hormone (JH) is a sesquiterpenoid produced by the 
corpora allata (Fig. 2) and is present throughout nymphal and 
larval life in all insects. Its primary action is to prevent 
metamorphosis in response to ecdysone at the time of the molt 
as first demonstrated by V. B. Wigglesworth with Rhodnius and 
Carroll Williams in the wild silk moth Hyalophora cecropia. 
Consequently, Williams called it the “status quo” hormone. 

At the beginning of or during the final nymphal or larval 
stage, the corpora allata cease production of JH, and JH in 
the hemolymph declines to undetectable levels. Then when 
ecdysone next rises, it causes metamorphosis. In most insects 
metamorphosis of the epidermis consists of switches in 
developmental programs from nymph to adult or from larva 
to pupa to adult. This switch is best understood in the 
epidermis of Manduca in which a combination of i vivo and 
in vitro experiments by Lynn Riddiford and her colleagues 
has shown that 20E acts directly on the epidermal cells to 
cause them to become pupally committed and that JH 
prevents this switch. The pupally committed epidermis no 
longer can form a larval cuticle, but can form a pupal cuticle 
only during a larval molt (as assayed by implantation into a 
penultimate stage larva). A similar critical ecdysone-induced 
switch to adult commitment is seen at the onset of the adult 
molt of the nymph or of the pupa. 


736 Molting 


In Drosophila and other higher flies, there is massive cell 
death of larval tissues at metamorphosis except for the 
nervous system and the Malpighian tubules. The imaginal 
discs that have only proliferated during larval life then take 
over and form the pupal and adult structures. The larval 
abdominal epidermis, however, makes the pupal cuticle while 
the abdominal histoblasts proliferate during the formation of 
the pupa. These new cells then spread over the abdomen, 
displacing the larval cells (which die) during the adult molt 
and producing the adult abdominal cuticle. JH is present 
during larval life in these flies and presumably suppresses 
precocious metamorphosis, but cannot prevent the onset of 
differentiation of the discs in response to ecdysone at the end 
of the final larval instar. By contrast, JH given at this time 
can prevent the metamorphosis of the abdominal histoblasts 
so that a fly is formed with a normal head and thorax but a 


pupal-like abdomen. 


Molecular Basis of the Action of Ecdysone and 
Juvenile Hormone in Molting 


The molecular basis of the action of ecdysone was first studied 
using the giant polytene chromosomes of the salivary glands of 
flies, namely the midge Chironomus tentans and the fruit fly 
Drosophila melanogaster. During larval life the gland cells 
enlarge and the chromosomes replicate but the DNA strands 
do not separate. Consequently, by the final larval stage the 
chromosomes are readily visible in nuclear squashes and show 
bulges at specific locations known as “puffs.” These pufts 
appear and disappear in a dynamic fashion and are sites of 
messenger RNA (mRNA) transcription from specific genes. 
When these glands are exposed to ecdysone, a few new pufts 
appear within 15 to 30 min (“early” puffs) followed by their 
regression and a second series of puffs in 3 to 4 h (“late” puffs). 
The early puffs appear in response to ecdysone even when 
protein synthesis is prevented, whereas the late puffs do not. In 
the early 1960s these findings led Peter Karlson to suggest that 
ecdysone acted directly on genes to regulate their activity, a 
hypothesis that has since been proven true for all steroid 
hormones. Based on the precise timing of the effects on 
puffing seen after the addition of 20E to the salivary glands, 
Michael Ashburner suggested in 1974 that ecdysone acted by 
directly activating the early genes that produced mRNA to 
make proteins that in turn activated the late genes and 
inhibited the early genes. This “Ashburner cascade” was 
essentially confirmed in the 1990s when the genes involved 
were isolated and their products identified. The following is 
the modern version of ecdysone action. 

Ecdysone enters the cell and goes to the nucleus where it 
combines with the ecdysone receptor (EcR), a protein in the 
nuclear receptor superfamily that has the characteristic 
structure seen in Fig. 3 (top). The DNA binding domain (C 
in Fig. 3) consists of 66 amino acids and contains two 
cysteine—cysteine “zinc fingers” by which the zinc is held 
coordinately by the four cysteines. The first zinc finger is 
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FIGURE 3 Diagram of the modular nature of the nuclear receptor molecule 
based on the structure of the ecdysone receptor (top) and of the heterodimeric 
complex of the ecdysone receptor (E) and ultraspiracle (U) on an ecdysone 
response element (EcRE) in the promoter of an ecdysone-activated gene in the 
absence (—) and the presence (+) of the active hormone 20-hydroxyecdysone 
(20E) (bottom). See text for details. AF1 and AF2, activation domains that 
interact with other proteins to cause activation of transcription when the 
hormone ligand is bound. (Modified, with permission, from Truman and 
Riddiford, 2002.) 


involved in binding to the DNA, whereas the second is 
necessary for stabilizing that binding by protein-protein inter- 
actions. The ligand-binding domain (E in Fig. 3) has a pocket 
that binds the ecdysone and on so doing the molecule changes 
its shape and may interact with coactivator proteins. The N- 
terminal A/B domain (Fig. 3) is also important for interactions 
with other proteins that are necessary to activate a gene. 
Normally the ecdysone receptor forms a heterodimer with 
ultraspiracle (USP), another member of the nuclear receptor 
family. This heterodimer binds to the DNA at a particular 
sequence called the ecdysone-response element in the gene 
“promoter” (a region usually but not always upstream of the 
gene that is necessary to turn the gene on and off) (Fig. 3, 
bottom). In the absence of hormone, the EcR/USP het- 
erodimer keeps the gene suppressed; then when ecdysone 
appears and binds to EcR, the gene may be activated. 

Most of the early genes activated by ecdysone encode 
transcription factors, proteins that bind to DNA in promoter 
regions and may activate or inactivate transcription of those 
genes. In the ecdysone cascade, these transcription factors 
activate the late genes, which are either general or tissue- 
specific genes that are involved in the molting process for a 
particular tissue. They also inactivate the early genes and the 
intermolt genes such as those for endocuticle synthesis in the 
epidermis. In addition, these early transcription factors are 
important in the regulation of the so-called “delayed early” 
genes that encode transcription factors and are activated by 
ecdysone but require protein synthesis for their full 
activation. All of these early and delayed early factors require 
continuous exposure to ecdysone for their continued 
transcription, but may be present for differing periods of 
time depending on the dynamics of their inhibition by the 
various ecdysone-induced factors. The few early genes that 
do not encode transcription factors instead encode proteins 
that are likely critical to the molting process, such as a 
calcium-binding protein, an ATP-binding cassette membrane 


transporter, and a protein in imaginal discs important for the 
cell shape changes that occur at metamorphosis. 

The coordination of events such as endocuticle synthesis 
and later dopamine production that occur during the decline 
of the ecdysteroid titer also is dependent on ecdysone- 
regulated transcription factors. These factors appear only 
after exposure to 20E followed by its removal. One can show 
that the timing of this appearance varies among the factors in 
a sequence similar to that seen in the animal and is 
presumably dependent on the levels of both 20E and the 
various inhibitory transcription factors that 20E has induced. 

JH has been found to inhibit the appearance of a set of 
ecdysone-induced transcription factors named the broad 
complex (BR-C) in the epidermis during larval molts. In 
both Manduca and Drosophila the BR-C factors appear in 
this tissue at the time of pupal commitment and are also 
present during pupal cuticle synthesis. In Drosophila mutants 
that lack the broad gene, larvae develop to the final larval 
stage but cannot metamorphose because the BR-C factors are 
active in various tissues at this time. The BR-C factors are 
members of a family of chromatin-associated transcription 
factors. In Drosophila salivary glands at the onset of metamor- 
phosis, they are associated with both the switching off of a 
larval-specific gene and the switching on of some of the glue 
protein genes. Because of the close correlation between the 
appearance of BR-C and the pupal commitment of Manduca 
epidermis in response to 20E in the absence of JH, the 
inhibition of BR-C transcription by JH may be one of the 
key roles of JH in preventing epidermal metamorphosis. The 
molecular mechanism of JH action in preventing the 20E 
induction of BR-C or any of the other switching actions of 
20E is not yet known. 


Hormonal Control of Ecdysis: ETH, EH, and CCAP 


The molt culminates in the shedding of the old cuticle during 
ecdysis, which is followed by the expansion of the new cuticle 
and then its hardening and often darkening or tanning. A 
cascade of small peptide hormones that are released after the 
new cuticle is formed and the ecdysone titer has declined 
below a threshold level initiates ecdysis. This cascade has been 
studied in detail by James Truman and co-workers and by 
Dushan Zitnan. The precise nature of the signal that initiates 
this cascade is not yet understood, but at a certain time near or 
at the end of molting fluid resorption, the epitracheal glands 
just below the spiracles (the openings of the tracheae to the 
outside air) release a small peptide, ecdysis-triggering hormone 
(ETH) (Figs. 2 and 4). ETH enters the central nervous system 
(CNS) and initiates a sequence of behavior called the preecd- 
ysis behavior that serves to loosen the muscle attachments 
from the old cuticle. ETH also acts on a set of neurosecretory 
cells in the ventromedial region of the brain to cause the release 
of eclosion hormone (EH) both into the ventral nervous 
system and into the hemolymph from their endings in the 
proctodeal nerve along the hindgut (Fig. 4). In the ventral 
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FIGURE 4 Diagram of the neuroendocrine system controlling ecdysis in the 
tobacco hornworm larva, M. sexta, with pictures of the different cells 
producing the peptides involved. (A) Eclosion hormone (EH) neuron cell 
bodies in the brain. (B) EH stores in the proctodeal nerve along the hindgut 
(hg). (C) Neurons in the ventral nerve cord that contain crustacean 
cardioactive peptide (CCAP). (D) The epitracheal gland showing the Inka 
cell (ic) that contains ecdysis-triggering hormone (ETH) and the 
autofluorescent secretory duct complex. t, trachea. (E) ETH in the Inka cell. 
(Modified, with permission, from Ewer et al. (1997). J. Exp. Biol. 200, 
869-881, © 1997 by Company of Biologists Ltd.] 


nervous system, EH activates a network of neurons that 
contain crustacean cardioactive peptide (CCAP) (so named 
because it was first isolated from the crab in which it increases 
the beating of the heart) (Fig. 4). In response to EH release 
within the CNS, CCAP is released both into the CNS and 
into the hemolymph via the neurons’ endings in the pervisceral 
organ (PVO) (Fig. 2). The action of CCAP in the CNS is to 
trigger the ecdysis behavior that allows the animal to shed its 
old cuticle. Some of these neurons also apparently contain and 
release bursicon, the tanning hormone (see below), into the 
hemolymph at the same time as they release CCAP. 

In moths and flies, the sequences of the preecdysis and 
ecdysis behaviors are found to be stereotyped programs that 
once initiated by the hormone in question run their course. 
This behavior can even be seen in the isolated nervous system 
in the absence of sensory feedback, indicating a 
preprogrammed network that has only to be triggered by an 
external signal. The absence of ecdysone is necessary for this 
system to function since ecdysone suppresses the release of 
ETH from the epitracheal glands, thereby preventing this 
cascade of peptides. Ecdysone also decreases the excitability 
of the EH cells. 

EH release also is controlled by photoperiod in many 
species so that its release, like that of PT'TH, can occur only 
during a certain gate during the day. A good example of this 
control was shown by the classical studies of Truman on the 


738 Molting 


CECROPIA PERNYI 





UN OPERATED 


, Yjpbot¥a' Y 

















NUMBER 
nt NX 


8 8 Vo 8} 


BRAINS INTERCHANGED 


oo 


oe 14 20 
TIME OF ECLOSION {6 5.7) 


FIGURE 5 Role of the brain in causing timed eclosion of the two wild silk 
moths, A. pernyi (pernyi) and H. cecropia (cecropia). See text for details. 
[Reproduced from Truman (1972), with permission of PUDOC Press, 
Wageningen, The Netherlands. ] 


eclosion (adult ecdysis) of two species of wild silk moth, H. 
cecropia and Antheraea pernyi (Fig. 5). H. cecropia normally 
emerges in the morning and A. pernyi emerges in the late 
afternoon. When the brain was removed, both species 
emerged randomly throughout the day and night and showed 
very uncoordinated ecdysis behavior. When the brains were 
switched between the species, H. cecropia containing 
implanted A. pernyi brains emerged late in the day and A. 
pernyi with H. cecropia brains emerged in the morning in a 
coordinated manner. Thus, EH release from the implanted 
brain occurs at the time of day dictated by the donor brain, 
indicating that both detection of the photoperiod signals and 
the clock that determines the timing of EH release are located 
in the brain. Also, these studies indicated that EH is necessary 
for the coordination of ecdysis behavior. Specific destruction 
of the EH-releasing cells in Drosophila brains in the embryo 
and early larva resulted in about half the animals being unable 
to complete the larval molts, whereas the remaining flies 
emerged in an uncoordinated manner, again indicating that 
EH is necessary for behavioral coordination. 

In the hemolymph EH acts back on the epitracheal glands 
in a positive feedback to cause further release of ETH so that 
within a few minutes, both the ETH and the EH cells are 
depleted of their stored peptides. EH also causes the filling of 
the new tracheae with air and the Verson’s glands to release 
their waterproofing products over the surface of the animal as 
the insect is shedding its old cuticle. 


Hormonal Control of Cuticular Expansion and 
Hardening: Bursicon, CCAP 


After ecdysis the insect expands the new cuticle, then the 
cuticle hardens. Both CCAP and bursicon released from the 
PVOs into the hemolymph are involved. CCAP stimulates 
an increase in heart rate that is associated with the expansion 
of the new cuticle. 


Bursicon is thought to initiate both of the above 
processes. For example, Rickets mutants in Drosophila lack 
the putative bursicon receptor ecdyse but show no wing 
expansion or other expansion behaviors and do not harden 
their cuticle. Bursicon is a large protein that is synthesized by 
various neurosecretory cells within the CNS (Fig. 2) but has 
not yet been chemically characterized. It is thought to act via 
cyclic AMP in the epidermal cell to trigger the cross-linking 
activities of V-acetyldopamine and /V-B-alanyldopamine that 
cause sclerotization and tanning. Its plasticizing role in 
cuticular expansion has not been well studied. 


See Also the Following Articles 
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The chart maps closely to the now famous triangle representation of 5G services 
made up of enhanced mobile broadband (eMBB), low latency and mission critical 
communications and massive machine-type services (MMTC). However, it adds two 
important axes: a dedicated eV2X axis for vehicular services and, significantly, a 
network operations axis. 


The dedicated operations axis is important because it makes explicit that automa- 
tion is fundamental to 5G. To address new commercial opportunities, operators 
need the ability to create service-specific "network slices" that extend end to end 
across the infrastructure. Automating set up and management of these "network 
slices," including configuration of the underlying IP network, is critical to the 5G 
business case. 


These service dimensions incorporate many different performance requirements. 
Figure 2 shows IMT-2020 performance targets, developed by the ITU, for 5G. To the 
left, these are shown in comparison to IMT Advanced (4G). To the right, perfor- 
mance requirements are mapped to the three major use-case categories. 


Figure 2: IMT-2020 Performance Targets 
Relative to IMT Advanced (4G) Relative to Major Use Case Categories 
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Probably the most influential factor on 5G physical network deployment will be the 
low-latency requirement. To deliver services over a wide-area network (WAN) with 
a consistent 5-10ms roundtrip time is extremely challenging and will drive a new sys- 
tem architecture deployed on a distributed cloud infrastructure. 


A 5G-Ready Network Investment Strategy 


Operators now have a good idea of what 5G will look like in scope and a reasona- 
ble view into the initial deployments models. Development of normative standards 
for 5G new radio (NR) and the next-generation core network (NG Core) is underway 
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Monarchs 


Lincoln P. Brower 
Sweet Briar College 


he monarch butterfly (Danaus plexippus, Nymphalidae) 

belongs to the tropical subfamily Danainae, the members 
of which are called milkweed butterflies because their larval 
host plants occur mainly in the milkweed family, Asclepiadaceae. 
With the exception of the monarch, most of the 157 known 
Danainae species are limited to tropical regions in Malaysia, 
Africa, South America, and the Greater Antilles. The adults of 
several species exhibit both short-distance migrations during 
the dry and wet seasons and social clustering behavior. This 
suggests that the long-distance migration and overwintering- 
aggregation behavior of the monarch butterfly in North 
America was evolutionarily elaborated from an ancient (ple- 
siomorphic) character of the taxon. 

During the late Cenozoic, the milkweed genus Asclepias 
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forests of Canada and from the Atlantic to the Pacific coasts. 
As the climate alternated between hot and cold periods during 
the Pleistocene, the North American flora periodically advanced 
and retreated. The author hypothesizes that the monarch 
tracked the geographic expansion and retraction of its milk- 
weed hosts and in the process refined its inherited ancestral 
ability to move between habitats. Because the monarch cannot 
tolerate temperate zone winters, natural selection would have 
favored those individuals that moved southward as summer 
waned. As time passed, the migration syndrome gradually 
evolved to become increasingly sophisticated, ending in the 
present round-trip migration, one of the most complex in the 
animal kingdom (Figs. LA and 1B). 


UNPALATABILITY AND MIMICRY 


C. V. Riley, the most famous 19th century entomologist in 
North America, proposed in 1871 that the monarch was 
distasteful and advertised its unpalatability with its conspic- 
uous behavior and its spotted pattern of bright orange, black, 
and white. Time has proven him correct and a remarkable 


underwent an adaptive radiation that produced 108 species in coevolutionary interaction of the monarch with the North 


temperate North America, ranging from Mexico to the boreal | American Asclepias species resulted in great refinements of the 
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FIGURE 1 (A) Two migratory populations of the monarch butterfly occur in North America. The western population breeds west of the Rocky Mountains 
during the spring and summer and migrates to numerous overwintering sites, mainly along the California coast. The second, much larger eastern population 
breeds over several generations east of the Rocky Mountains and in the autumn migrates southward to overwintering sites in the high peaks of the Transverse 
Neovolcanic Belt, south of the Tropic of Cancer in central Mexico. Migration across the Gulf of Mexico and through Florida and to Guatemala remains 
hypothetical. (Reproduced, from Brower, 1995, with permission of the Lepidopterists’ Society). (B) Spring remigrations of the monarch butterfly in North 
America. Western monarchs leave the coastal overwintering areas in early spring and reestablish their summer breeding range as shown. Monarchs that 
overwintered in Mexico remigrate at the end of March to the Gulf Coast states, where they oviposit on southern milkweeds (Asclepias) and produce the first 
new spring generation of adults by the end of April to early May. These butterflies migrate northeasterly across the midwestern states to southern Canada, 
laying eggs along the way and establishing a large second generation in the western and central Great Lakes region. The midwestern component of the second- 
generation monarchs is produced in June and they appear to continue the migration eastward over the Appalachians. One or two more summer generations 
(depending on temperature) follow in the Midwest and east of the Appalachians, with the last generation entering reproductive diapause and migrating 
southward in the autumn. Spring remigrations over the Gulf of Mexico and through Cuba and Florida remain hypothetical. (Reproduced from Brower, 1995, 
with permission of the Lepidopterists’ Society.) 
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FIGURE 2 (a) A blue jay eats a monarch butterfly that contains the emetic 
heart poisons that its larva had sequestered from a milkweed plant. (b) About 


15 min later, the jay sickens and vomits. One unpleasant experience is suffi- 
cient for most jays to avoid all further monarchs on sight. (Photographs by 
L. P. Brower.) 


monarch’s chemical defense. Milkweeds synthesize differing 
arrays and amounts of vertebrate heart poisons, known as car- 
denolides. These are bitter-tasting chemicals that cause severe 
vomiting when ingested. Monarch larvae are insensitive to 
these molecules and, as they feed on the milkweeds, they 
sequester and store them in their bodies. The poisons are 
passed on into the chrysalids and then to the adults in 
sufficient amounts to sicken vertebrate predators, especially 
birds and mice. Laboratory experiments with blue jays 
(Cyanocitta cristata) have shown that some monarchs are so 
toxic that once a bird has eaten one, the noxious experience 
is so intense that the bird not only refuses monarchs in future 
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encounters, but may actually retch at the sight of another 
(Figs. 2A and 2B). 

Riley also proposed that the unrelated viceroy butterfly 
(Limenitis archippus) had evolved through natural selection 
to mimic the color pattern of the monarch. The viceroy was 
originally considered palatable and a so-called Batesian mimic, 
but recent studies suggest that it is also unpalatable. Therefore 
the monarch and viceroy have most likely converged on a 
common warning color pattern and are Miillerian mimics. 
However, the situation is more complex because some 
milkweeds lack cardenolides. As a result, monarch larvae that 
feed on nontoxic milkweeds produce palatable butterflies, 
whereas those that feed on toxic species produce unpalatables. 
This discovery gave rise to the concept of automimicry, in 
which palatable members of a species are identical in appear- 
ance to, but are protected by their exact resemblance to, the 
unpalatable ones. Thus in the wild, monarchs exhibit a “palata- 
bility spectrum,” with the result that mixed populations of 
monarchs and viceroys may simultaneously exhibit Batesian 
mimicry, Miillerian mimicry, and automimicry. 


THE EASTERN AND WESTERN 
MIGRATORY POPULATIONS 


Monarchs that breed west of the Rocky Mountains have been 
known since the mid-19th century to migrate during the fall 
from their breeding areas to numerous overwintering sites 
along the coast of California, the most famous of which is in 
Pacific Grove on the Monterey Peninsula. Almost certainly 
attracted to each other by visual and pheromone signals, the 
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FIGURE 3 Locations of 12 mountain massifs on which monarch butterfly overwintering occurs in the oyamel—pine forest ecosystem of central Mexico, about 
120 km west of Mexico City. The total area shown is approximately 11,700 km. The five shaded polygons are overwintering areas protected by presidential 


decree in 1986 (16,100 ha). The unshaded polygons are seven additional overwintering areas that currently are not protected. (From Brower et al., 2002, with 


permission of Odyssey Press.) 


butterflies aggregate from mid-October through February in 
spectacularly dense clusters on the live branches of Monterey 
pines, cypress, and eucalyptus. As spring advances, the 
surviving monarchs mate and migrate inland, where the 
females seek out the spring flush of milkweeds on which they 
lay singly up to 400 eggs before they die. 

It was long suspected that the much larger eastern 
population of monarchs—those that breed during the 
summer in a 2.6 million-km? area east of the Rocky 
Mountains—migrates to Mexico. Fred and Norah Urquhart 
at the University of Toronto developed a wing-tagging 
program involving hundreds of collaborating amateurs that 
finally led one of their associates, Kenneth Brugger, to 
discover the first overwintering site in Mexico on January 2, 
1975. Subsequent searching by Lincoln Brower, William 
Calvert, and their Mexican colleagues located overwintering 
sites on 12 separate mountain ranges within a 30 by 60-km 
area of central Mexico (Fig. 3). Unlike the coastal 
overwintering sites in California, the overwintering areas in 
Mexico all occur above 3200 m altitude in a coniferous 
oyamel fir—pine ecosystem. This is a very limited ecosystem 
in the Transverse Neovolcanic Belt of mountains that run 
across Mexico, just south of the Tropic of Cancer. 


THE MEXICO OVERWINTERING PHENOMENON 


The numbers of butterflies in the Mexican overwintering 
colonies are astoundingly large (Fig. 4). Early research, based 
on mark, release, and recapture studies in California, 
suggested that the butterfly densities in Mexico are 10 times 
greater and led to an estimate of 10 million monarchs per 
hectare (2.47 acres) of forest. However, a catastrophic winter 
storm in January 2002 killed so many butterflies (one sample 
had more than 50,000 dead butterflies in a single square 
meter!) that the revised density estimate is now at least 5 
times this. In other words, the fir and pine trees are festooned 
with 50 million monarchs per hectare. So far the maximum 
combined area occupied by all known colonies is about 20 
hectares, a total of at least 1 billion monarchs. The extraor- 
dinary beauty and mystery of the densely aggregated cluster 
of monarchs in these colonies is now well known. They rep- 
resent one of the greatest biological wonders on this planet. 
The extreme unpalatability of monarchs was probably one 
factor that allowed the species to elaborate the extremely 
dense winter aggregation behavior. Were they not chemically 
protected, the aggregations—an enormous potential food 
supply—would be exploited by vertebrate predators. In fact, 
field studies have shown that most, but not all species of 
birds and mice in the overwintering areas in both California 
and Mexico avoid eating monarchs. However, in Mexico, 
orioles and grosbeaks have broken through the chemical 
protection and killed an average of 15,000 monarchs per day 
in one colony, i.e., more than a million butterflies during the 
overwintering season. Again, the old adage holds that no 
protection, no matter how sophisticated, can ever be perfect. 
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FIGURE 4 Monarch butterflies festooning oyamel trees in the Sierra Chincua 


on a clear day, 1991. (Photograph by L. P. Brower.) 


THE MULTIGENERATIONAL 
MIGRATION SYNDROME 


Because various milkweed species fed upon by monarch 
larvae synthesize arrays of chemically distinct cardenolides, it 
is possible to extract the molecules from the butterflies and 
by thin-layer chromatography to obtain a chemical finger- 
print that indicates which species of milkweed each monarch 
ate when it was a caterpillar. Using this technique, Brower 
and his colleagues determined that individual monarchs that 
have survived the winter in Mexico remigrate in the spring to 
the Gulf coastal states where they lay their eggs and then die. 
The ensuing new spring generation then continues the migra- 
tion northward into the Great Lakes region and establishes 
the first summer generation. 

By July, the first summer generation of monarchs disperses 
east to the Atlantic coast and west to the Rocky Mountains 
and produces at least one more generation of adults. By mid- 
August, shortening daylength and colder nights reduce juve- 
nile hormone production in the final summer generation. 
This prevents gonadal maturation and the butterflies become 
gregarious and begin their fall migration to Mexico. As shown 
by Gibo, these migrants are adept at using thermal lift and tail 
winds. As dusk approaches, the butterflies drift down and 
aggregate on trees where they spend the night. When the 
winds blow from the south, the butterflies interrupt their 
migration and seek out fields of flowers and assiduously drink 
nectar. They convert the sugar in the nectar into lipid and store 
it in their abdominal fat bodies. By the time the migrants 
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reach central Texas, they have increased their lipid content by 
500%. This reserve is crucial both to sustain them over their 
5 months’ overwintering period and to fuel the subsequent 1 
month’s spring remigration. 


UNRESOLVED QUESTIONS 


The individual monarchs of the last summer generation are 
genetically programmed to perform this migration to central 
Mexico in the fall, to survive the winter, and then to remigrate 
to the southern United States in the spring. Thus adult 
monarchs born in the Toronto area in August and returning 
to central Texas the following April traverse a distance of more 
than 5000 km. Their ability to find their way through deserts 
and mountain passes, to compensate for wind drift, and finally 
to locate the very small areas in Mexico that they have never 
before encountered remains a mystery. It will probably be 
solved when satellites can monitor electronic tags placed on 
individual butterflies. 

The migratory orientation of individual monarchs shifts 
from south in the fall to north in the spring. How they main- 
tain a particular course is poorly understood. While recent 
evidence casts doubt on the possibility that they may use mag- 
netic orientation, there is strong evidence that sun compass 
orientation is involved. A complementary hypothesis is that 
monarch individuals have an internal clock that ticks away in 
all life stages and shifts the potential angle of the migration 
direction 1° per day throughout the year. Thus, at the spring 
equinox, the monarchs head out of their Mexican overwin- 
tering areas on a due north course (0°). The new spring gen- 
eration, about 45 days later, heads northeastward toward the 
Great Lakes (45°), and the next generation that is produced 
about 90 days after the spring equinox heads due east (90°). 
By the fall equinox (September 21), their heading would be 
180°, i.e., due south, changing to southwesterly as they 
migrate southward and finally reach the overwintering areas 
in November and December (Fig. 5). 

Another unresolved question is the degree to which the 
eastern and western North American migratory populations 
are geographically isolated from each other. Molecular evi- 
dence suggests little differentiation, and it is possible that the 
western population is derived from and ultimately dependent 
on monarchs that get displaced westward by occasional strong 
northwesterly winds during the spring remigration from 
Mexico. Until the natural interchange between the eastern and 
the western populations is better understood, it seems prudent 
to avoid experimental and frivolous commercial transfers 
between them. 


MIGRATION AND OVERWINTERING: 
ENDANGERED BIOLOGICAL PHENOMENA 


The overwintering monarchs in Mexico are highly adapted to 
the oyamel fir—pine forest ecosystem. The forest provides a 
microclimatic envelope that protects the butterflies during 
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FIGURE 5 The rotational orientation hypothesis holds that all generations 


of monarch butterflies are migratory and that their orientation shifts 
clockwise at a rate of 1° per day throughout the year. The number of 
generations produced in each annual cycle varies from 3 to 5 and is 
temperature dependent. The spring equinox apparently triggers the 
northward remigration from Mexico. As time proceeds, the hypothesis holds 
that the orientation of subsequent generations shifts as shown, with some 
degree of scattering in each successive geographic displacement. Once the 
last generation has reached the overwintering sites, their migratory activity is 
repressed, but their orientation clock is assumed to continue running. By the 
time the cycle is complete at the new spring equinox, the overwintered 
butterflies are primed to migrate due north. (Reproduced from Brower, 
1996, with permission of the Journal of Experimental Biology.) 


the 5 winter months and allows them to remain in repro- 
ductive dormancy until the northern milkweed flora resurges 
in the spring. The high altitude and low latitude selected by 
the butterflies combine to provide a microclimate beneath 
the forest canopy that is generally wet enough to prevent the 
butterflies from desiccating, warm enough to prevent their 
freezing, and cool enough to preserve their lipid reserves. 
However, their overwintering can be precarious. 

Anderson and Brower determined that adult monarchs can 
tolerate temperatures to about —8°C if they are dry, but when 
wetted by rain and exposed to the night sky they lose most of 
their natural freezing resistance. They concluded that an intact 
forest serves both as a blanket and as an umbrella for the over- 
wintering monarchs and that removal of even a single large tree 
exposes and jeopardizes thousands of monarchs during winter 
storms. Unfortunately this warning was realized in January 
2002 when a severe northern cold front penetrated the over- 
wintering region. The ensuing storm soaked and then froze 
more than a quarter of a billion butterflies in the Chincua and 
Campanario colonies. The severity of this kill was exacerbated 
by the fact that the surrounding forests have been thinned and 
severely fragmented, and despite three presidential decrees 


supposedly protecting the overwintering forests, extensive 
legal and illegal logging is accelerating throughout the region. 
Monarchs are also becoming rapidly imperiled in their 
eastern breeding range by industrialized agriculture that is 
eliminating milkweeds and nectar sources. An assay based on 
hydrogen and carbon isotope ratios that vary systematically 
with respect to the geographic origin of the monarch’s 
Asclepias syriaca food plants has determined that the major 
area of summer breeding in the United States coincides with 
the corn belt that has replaced the former grassland ecosys- 
tem in the midwestern United States. This has ominous 
implications because of the genetic engineering of crops to be 
resistant to herbicides. Massive and increasingly sophisticated 
herbicide spraying is killing the principal milkweed food 
plant of the monarch (A. syriaca) as well as most of the native 
flora over tens of thousands of hectares. Thus monarchs are 
losing both their larval food resources and their access to the 
diversity of flowers that provide critical nectar resources. 
Because of these combined pressures on the breeding, 
migratory, and overwintering habitats, the migration of the 
monarch butterfly in North America has become an endan- 
gered biological phenomenon. The remarkable syndrome 
manifested by the monarch butterfly is too great a cultural 
and scientific treasure to allow these rampantly destructive 
processes to continue. Time is rapidly running out. 


See Also the Following Articles 
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Mosquitoes 


Bruce F, Eldridge 
University of California, Davis 


osquitoes are small flying insects and are related to other 

members of the order Diptera, the “two-winged flies.” 
The immature stages of larvae are aquatic and live in stagnant 
water sources in every biogeographic region of the world. 
Adult female mosquitoes of most species feed on blood of 
vertebrates, including humans, and this habit has resulted in 
great economic and public health significance for this group 
of insects. 

There are well over 3000 species and subspecies of mos- 
quitoes in the world. They occur in a variety of habitats, 
ranging from deserts at or below sea level to high mountain 
meadows at elevations of 3000 meters or more. Adult 
mosquitoes are terrestrial flying insects; immature stages are 
aquatic. Larvae and pupae of the various species can be found 
in ponds, ditches, puddles, swamps, marshes, water-filled rot 
holes of trees, rock pools, axils of plants, pools of melted 
snow, discarded tires, tin cans, and many other types of 
standing water. Some of the species are most active in the 
warmest part of the year, whereas others are adapted to cool 
temperatures. Many species of mosquitoes are rarely 
encountered. and seldom pose a threat to the health or well- 
being of humans and domestic animals. However, other 
species are abundant, frequently encountered, and readily 
attack people, their pets, and their livestock. Some of these 
species are capable of transmitting microbial organisms that 
cause malaria and encephalitis and other severe diseases of 
humans and other vertebrates. 
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FIGURE 1 Adult female Ochlerotatus taeniorhynchus, a saltmarsh mosquito. 
(From King, Bradley, and McNeel, 1939, “The Mosquitoes of the South- 
eastern States,” USDA Miscellaneous Publication No. 336.) 


CLASSIFICATION AND IDENTIFICATION 


Mosquitoes are classified into three subfamilies, with different 
characteristics in all of their life cycle stages. The species of 
importance from the standpoint of public health are contained 
in the subfamilies Anophelinae (referred to as anophelines) and 
Culicinae (referred to as culicines). Females of species in a third 
subfamily, Toxorhynchitinae, lack mouthparts adapted for 
sucking blood from vertebrates. The larvae of this subfamily 
are predaceous on other aquatic organisms and have been pro- 
posed as biological control agents of mosquito larvae. 

Common genera of the Culicinae include Culex, Aedes, 
Ochlerotatus (formerly included in Aedes), Psorophora, 
Mansonia, Haemagogus, Sabethes, Coquilletidia, and Culiseta. 
Most species in the Anophelinae are contained in the genus 
Anopheles. The subfamily Toxorhynchitinae contains only the 
genus Toxorhynchites. 

Mosquito adults are small flying midge-like insects. Most 
female mosquitoes can be differentiated from similar insects 
by the presence of a long slender proboscis, which is adapted 





FIGURE 2 (A) Female and (B) male heads of adult Aedes mosquitoes. (From 
Gjullin and Eddy, 1972, “The Mosquitoes of the Northwestern States,” 
USDA Technical Bulletin No. 1447.) 


for piercing skin and sucking blood, and long slender wings 
that are covered with small scales (Figs. 1 and 2A). Male 
mosquitoes have scale-covered wings, but their probosces are 
adapted for sucking plant juices and other sources of sugars 
(Fig. 2B). Most male mosquitoes can also be differentiated 
from females of the same species by their generally smaller size 
and by the presence of much longer and hairier maxillary 
palps. The immature stages of mosquitoes, the larvae (Fig. 3) 
and pupae (Fig. 4), vary in color from yellowish tan to black. 
Most mosquito larvae have a distinctive siphon, or air tube, 
at the rear of their bodies (Fig. 3B), but some species lack this 
tube (Fig. 3A). 

Culicine larvae have an air tube extending from the poste- 
rior section of their body and in most species hang at rest 
from water surfaces at an angle of approximately 45°. Larvae 
of Coquilletidia and Mansonia have air tubes adapted for pierc- 
ing submerged plants to obtain air for breathing. They are 
rarely found at water surfaces. Anopheline larvae lack an air 
tube and consequently rest parallel to water surfaces. 

Culicine adult females have probosces developed for pierc- 
ing the skin of vertebrates and sucking their blood. While 
feeding, their bodies are usually arranged somewhat parallel to 
the skin surface of their hosts. Anopheline adult females also 
have probosces adapted for piercing vertebrate skin, but they 
orient themselves at about a 45° angle while blood feeding. 

The eggs of mosquitoes also vary (Fig. 5). Females of 
culicine species deposit single eggs (Aedes, Psorophora), boat- 
shaped rafts of 100 or more eggs (Culex, Culiseta), or clusters 
of eggs attached to floating plants (Mansonia, Coquilletidia). 
Anopheline eggs are also laid singly, but have elaborate floats 
extending to the sides of the eggs. Anopheline eggs are often 
found in clusters on water surfaces, forming interesting 
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FIGURE 3 Larvae of mosquitoes. (A) An anopheline larva (Anopheles quadrimaculatus). (B) A culicine larva (Culex quinquefasciatus). (Illustrations by Harry 


D. Pratt, courtesy of U.S. Centers for Disease Control and Prevention.) 


geometric patterns. Toxorhynchites eggs are also laid singly, 
usually on water surfaces. 


LIFE CYCLE 
Egg Stage 


The egg-laying habits of female mosquitoes vary widely from 
species to species. Some female mosquitoes lay eggs on water 
surfaces (e.g., Anopheles), others lay single eggs on moist soil 
where later flooding is likely (e.g., Aedes). From eggs deposited 
on water surfaces, larvae usually hatch within a day or so, but 
from eggs laid on soil surfaces, larvae do not hatch until eggs 
are flooded, which may occur months, or even years, later. 
The environmental cues female mosquitoes use to find suit- 
able sites for oviposition remain only partially known. Color, 
moisture, and volatile chemical stimulants appear to play a 
role in certain species. Efforts to explain the occurrence of 
various mosquito species in different aquatic habitats based 
strictly on oviposition cues have been unsuccessful. 


Larval Stages 


Small larvae that are nearly invisible to the naked eye hatch 
from eggs. Larvae molt three times to become fourth-stage 
larvae. Several days later, this larval form molts again to 
become a pupa. The time required for development of the 
larval stages depends on several factors, the most important 
of which is water temperature. Availability of food and larval 
density are also factors. Water temperature and food are 
inversely related to time of development; larval density is 
directly related. 

The majority of mosquito species have larvae that are res- 
tricted to fresh water. However, larvae of a few species can 
develop under other conditions, e.g., brackish or salt water or 
water polluted with organic solids. Species with larvae adapted 
to salt water can maintain osmotic pressure within their bodies 
by drinking substantial amounts of water and by removing 
ions from their hemolymph through their Malpighian tubules 
and rectum. Generally, saline species can also develop in fresh 
water, but do not compete well with freshwater species. The 
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FIGURE 4 A mosquito pupa. (Original illustration from Howard, Dyar, and 
Knab, 1912, “The Mosquitoes of North and Central America and the West 
Indies.” Reprinted from USDA Handbook No. 336, 1939.) 


inverse is not true and consequently, various kinds of water 
usually have a characteristic mosquito fauna. 


Adults 


Adult mosquitoes emerge 1—2 days after the appearance of 
pupae, with males emerging first. In the summer, the entire 
life cycle, from egg to adult, may be completed in 10 days or 
less. Females feed on vertebrate blood for the development of 
eggs. This behavior by females is the single most important 
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FIGURE 5 Eggs of mosquitoes. (A) Egg raft of Culex mosquito. (B) Single 
egg of Aedes mosquito. (C) Single egg of anopheline mosquito. (Original 
illustration from Howard, Dyar, and Knab, 1912, “The Mosquitoes of 
North and Central America and the West Indies.” Reprinted from USDA 
Handbook No. 336, 1939.) 


characteristic of mosquitoes from the human standpoint. 
Blood feeding in insects is believed to have evolved several 
times independently from ancestral forms adapted for 
sucking plant juices or for preying on other insects. The 
means by which female mosquitoes locate suitable hosts for 
blood feeding has been studied for many years, but there are 
still many unknown features to this behavior. The best 
explanation is that females are attracted by warmth, 
moisture, and carbon dioxide from hosts, but other factors 
are involved. There have been studies that have suggested 
that substances such as lactic acid, a component of human 
sweat, may serve as an attractant. 

Ordinarily, a female mosquito cannot develop a batch of 
eggs unless she has taken a blood meal to obtain nourishment 
for ovarian development. However, some strains or 
individuals of several species can develop eggs without a 
blood meal, which is called autogeny. The nourishment for 
egg development is carried over from the larval stages, and 
consequently, only the first batch of eggs can develop in this 
way. The usual situation, in which a blood meal is required 
for the development of all batches of eggs in an individual 
female, is called anautogeny. 

Some mosquitoes take blood only from certain groups of 
vertebrate animals. For example, Culex pipiens, the northern 
house mosquito, feeds almost entirely on birds. Ochlerotatus 
sierrensis, the western treehole mosquito, feeds only on mam- 
mals. Culex tarsalis, the encephalitis mosquito, feeds on birds 
and mammals (this dual host preference is one characteristic 
of an effective vector of disease pathogens). In the past, this 
relative host specificity has been called host preference. How- 
ever, this term is not appropriate, because it ignores 
availability of hosts, host defensive behavior, and other 
factors unrelated to the mosquitoes themselves. The blood- 
feeding drive is controlled by neurohormones and can be 
induced artificially by treatment with juvenile hormone or 
one its analogs. This hormonal influence is why mosquitoes 
that have recently had a blood meal and are developing a 
batch of eggs do not usually seek another blood meal. 
However, multiple blood meals (more than one blood meal 
in a single gonotropic cycle) do occur at times in nature in 
some species. 

Blood feeding by mosquitoes is a complex process. It is 
facilitated by the infection of saliva into the feeding wound 
of the vertebrate host. Saliva comes from organs in the thorax 
of mosquitoes called salivary glands. Saliva may contain a 
variety of substances, including chemicals that reduce clotting 
of vertebrate blood. Digestion of a blood meal usually takes 
2-3 days, depending on the ambient temperature. The 
uptake of blood is accomplished by the action of muscular 
pumps in the head of female mosquitoes. Blood. travels 
through the digestive tract of the mosquito into a structure 
called the midgut. After blood reaches the midgut it is soon 
surrounded by a thin sheath, the peritrophic membrane, that 
is secreted by cells at the front of the midgut. Digestion of 
the blood takes place within this structure. 


Seasonal Development 


Some species of mosquito have but a single generation per year 
(univoltine), whereas others have many (multivoltine), depend- 
ing upon the length of the season favoring the activity of the 
adult stages. To avoid seasons of the year not favorable to 
adult activity (usually the winter), mosquitoes may have some 
kind of diapause mechanism. In Aedes and related genera, the 
diapause mechanism usually involves the egg stage. In tem- 
perate and subarctic zone Aedes, populations may survive win- 
ters as desiccation-resistant eggs, sometimes under the surface 
of snow or along river flood plains. The larvae then hatch in 
the spring after the eggs are flooded from melted snow or after 
flooding of the riverbanks. 

Culex and Anopheles females usually survive unfavorable 
periods as diapausing or quiescent adult females. Male mosqui- 
toes usually do not survive unfavorable periods, so it is neces- 
sary for insemination to occur before the onset of diapause. 

Some mosquito species survive unfavorable periods as 
diapausing larvae (e.g., species of Aedes, Anopheles, Culiseta). 
Diapause can be variable in some species, depending upon 
the latitude at which they occur, with diapause occurring in 
the larval stage at warmer latitudes and in the egg stage at 
cooler ones. 

There is considerable variation in the environmental and 
physiological control of diapause. In nearly all diapausing mos- 
quitoes studied, diapause is triggered by exposure of one or 
more of the life cycle stages to daylength. In Culex species, and 
other mosquitoes that overwinter as adults, exposure of late- 
stage larvae and of pupae to short daily photophases occurring 
in autumn results in diapause in adult females. This diapause 
is manifested by lowered activity levels, inhibition of blood- 
feeding drive, and arrestment of follicle development in ovaries. 
In some Aedes species, the short autumn days experienced by 
females result in deposition of eggs that are in the diapause 
state. The larvae in these eggs do not hatch until a period of 
exposure to near-freezing temperatures lasting several months. 
In other species of Aedes, diapause results from exposure of the 
eggs themselves to short daylengths. Still other Aedes species 
have larvae that enter diapause triggered by their exposure to 
short daylengths. 

As with other aspects of reproduction and development, 
diapause is controlled directly by neurohormones. Diapause 
can be induced in most diapausing species by exposure to 
juvenile hormone or one of its analogs. 

Many tropical and subtropical species, such as Aedes aegypti, 
the yellow-fever mosquito, do not have a diapause mechanism. 
Still other tropical species have mechanisms for avoidance of 
hot, dry seasons, but these mechanisms have been little studied. 


PUBLIC HEALTH AND VETERINARY IMPORTANCE 


As discussed earlier, female mosquitoes of nearly all species 
require blood from vertebrate animals to develop their eggs, 
and many species bite people, their pets, and livestock for this 
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purpose. The most important result of this behavior is the 
transmission of microorganisms that cause diseases such as 
malaria, filariasis, yellow fever, and dengue. These and other 
mosquitoborne diseases can have serious and sometimes fatal 
consequences in people. These diseases can also have an impact 
on livestock, pets, and wildlife. Even when no infectious disease 
pathogens are transmitted by mosquitoes, they can be a serious 
health problem to people and livestock. Biting of people by 
mosquitoes can result in secondary infections, allergic reac- 
tions, pain, irritation, redness, and itching. Mosquito biting 
of beef cattle can result in reductions in weight gains and in 
dairy cows, reduction in milk production. 

The interactions between mosquito hosts and the 
pathogens they transmit are highly variable. Three basic types 
of transmission mechanisms are involved: (1) propagative 
transmission, in which the pathogen multiplies within the 
mosquito but does not undergo any changes in 
developmental form; (2) developmental transmission, in 
which the pathogen undergoes developmental changes, but 
does not multiply; and (3) propagative-developmental 
transmission (also called cyclodevelopmental transmission), 
in which the pathogen multiplies and undergoes changes in 
developmental forms. Transmission of the yellow-fever virus 
by the yellow-fever mosquito is an example of propagative 
transmission. The virus is taken up by a female mosquito 
from a viremic host during blood feeding, multiplies many 
times, and eventually infects the salivary glands of the host. 
When the female mosquito takes another blood meal, she 
may infect a new host by injection of saliva. 

Some pathogens are transmitted to the offspring of female 
mosquitoes via infected eggs. This type of transmission is 
known as transovarial transmission. 

Filarial worms, the cause of the disease filariasis (a type of 
which is called elephantiasis) in humans and other vertebrates, 
are transmitted by developmental transmission. In this exam- 
ple, very small immature forms of the worms, called micro- 
filariae, occur in the blood of infected vertebrate hosts and are 
taken up by female mosquitoes in a blood meal. Within the 
mosquito, the filariae molt several times until they eventually 
become infectious larvae. These larvae migrate down the pro- 
boscis of the mosquito and enter the feeding wound caused by 
the mosquito during a subsequent blood feeding. Within the 
vertebrate host, these larvae may eventually develop into adult 
male and female worms that mate and produce microfilariae. 
It is the presence of large numbers of adult worms that results 
in the symptoms of filariasis. 

Malarial parasites have a very complex life cycle, involving 
both multiplication of parasites and development of life cycle 
stages. Anopheline mosquitoes are the vectors of human 
malaria, and because the sexual stages and fertilization occur 
within mosquitoes, they are the definitive hosts. Parasite forms 
called microgametocytes (male sex cells) and macrogametocytes 
(female sex cells) occur in the peripheral blood of humans 
and are taken up by mosquitoes. Fertilization of the female 
cells by the male cells occurs within the gut of the vector 
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mosquito. After several life cycle changes, and multiplication 
of forms within cysts on the gut wall, forms of the parasite 
called sporozoites enter salivary glands of the mosquito and 
infect new hosts during blood feeding. 

There are hundreds of types of microorganisms that are 
transmitted by mosquitoes to vertebrates that result in 
diseases. A few are extremely important worldwide because of 
their high incidence and the severity of their symptoms in 
humans. 

Malaria is one of the most important diseases in the world. 
Several hundred million people are infected with malarial 
parasites, resulting in over 2 million fatalities annually, mostly 
in tropical countries in Africa and Asia. Malaria is especially 
serious in pregnant women and young children. Typically, 
more than a million children die each year from this disease. 
The economic development of a number of tropical countries 
is badly hindered by malaria because of the burden of chronic 
malaria infections in working-age men and women. 

The virus disease known as dengue, transmitted mostly by 
the yellow-fever mosquito, is a rapidly expanding problem in 
the world and now is considered second in importance only to 
malaria among mosquitoborne diseases. The increase in global 
human travel resulting from expanded rapid air transportation 
has been paralleled by the increase in the number of viral strains 
causing dengue and the increase in the number of cases of a 
particularly serious form of the disease called dengue hemor- 
rhagic fever. This form of the disease is most serious in children 
and is a significant cause of mortality. 

Filariasis is a general term applied to infection of vertebrate 
animals by many different species of parasitic worms belonging 
to the superfamily Filaroidea. A form of mosquitoborne filar- 
iasis is called lymphatic filariasis because infection can cause 
impairment of the lymphatic system. Lymphatic filariasis is a 
chronic disease that can lead to the well-known disfigurement 
of humans called elephantiasis. Another type of filariasis called 
dog heartworm occurs in dogs, other canids (e.g., wolves and 
coyotes), and felids (e.g., cats). Heavy infections can result in 
large buildups of adult worms in the cardiopulmonary system 
and can be fatal. 

Yellow fever, a virus disease, has virtually disappeared from 
the United States because of the availability of an extremely 
effective vaccine. This vaccine may provide lifelong immunity 
from a single inoculation. Unfortunately, the availability of 
the vaccine is limited on a worldwide basis and there are many 
unvaccinated people living in areas where the mosquito 
vector, A. aegypti, is common. Yellow fever is an extremely 
serious disease. There is no available treatment, and 
infections in humans are frequently fatal. Periodic epidemics 
continue to occur in various tropical countries. A. aegypti is 
common in urban and suburban areas of the tropics and 
subtropics. The larvae of this species occur in water in various 
types of artificial containers such as shallow wells, water urns, 
discarded containers, and tires. It is very difficult to control. 

There are many other mosquitoborne diseases, several of 
them caused by viruses. Some of these viral diseases, such as 


Japanese encephalitis, La Crosse encephalitis, West Nile fever, 
Ross River disease, and Rift Valley fever, affect large numbers 
of people in parts of the world where they occur. 


CONTROL OF MOSQUITOES 


In most industrialized nations, mosquito control is done by 
government-supported agencies that are either components 
of health agencies or separate agencies organized specifically 
for that purpose. In the United States, states that have the 
most serious mosquito problems (e.g., New Jersey, Florida, 
Texas, Louisiana, California) have many such agencies. Some 
are small and have responsibility for mosquito abatement in 
a few hundred square kilometers, whereas the activities of 
others may encompass one or more entire counties. However, 
even in states that have many mosquito abatement districts, 
many people live in areas with no organized mosquito 
control. In underdeveloped areas of the world, organized 
mosquito control is rare except for scattered programs aimed 
at specific diseases such as malaria. 

Most organized mosquito control is accomplished by 
searching out mosquito larvae in standing water and then 
treating the water with some kind of material that kills the 
larvae. Modern materials are highly specific for mosquitoes 
and ordinarily have little or no effect on other organisms. 
One such material is a bacterial product called Bti (Bacillus 
thuringiensis israelensis) that produces a toxin that kills only 
larvae of mosquitoes, black flies, and certain midges. 
Mosquito abatement agencies may also apply chemical 
pesticides to kill adult mosquitoes, but ordinarily only when 
adult populations become so high that they cause extreme 
annoyance to many people or when the threat of disease 
transmission to people is high. Therefore, the most common 
method for this is known as ultralow volume, or ULV. This 
approach involves using special equipment to spray 
extremely small volumes of small particles of highly con- 
centrated insecticides. When used properly, it is a safe and 
highly specific method of mosquito control. 

Control of irrigation water in agricultural areas to avoid 
excess runoff is an important mosquito control method, but 
in recent years elimination of small bodies of water that can 
serve as wildlife habitat has ceased to be a mosquito control 
option. 

In the first half of the past century, elimination of bodies 
of temporary and permanent water (swamps, marshes, vernal 
pools) was an accepted form of mosquito control. Recent 
years have seen the realization that such habitats are valuable 
and irreplaceable components of the environment and that a 
variety of activities have resulted in the permanent loss of 
many of these wetland habitats. This loss has resulted in the 
development of mosquito management strategies that are 
much more ecologically sound. Considerable research has 
been conducted on management strategies that enhance 
wetland habitats while minimizing problems from mosquito 
breeding. 


with the first soecifications — and the first "compatible" pilot deployments — expected 
in mid 2018. Although there is uncertainty about the details of the specifications 
under development, the industry has already undertaken significant R&D work on 
5G candidate technologies, making it is possible for operators to pursue a 5G-ready 
network strategy with a reasonable degree of confidence that they will be able to 
rapidly deploy 5G, at scale, as the technology becomes commercially available. 


From an IP and core network perspective, five tiers of a 5G-ready investment strat- 
egy are, from the ground up, as follows: 


1. Develop a distributed data center footprint. The Central Office Re-architected 
as Data Center (CORD) model provides a good reference. The idea is for oper- 
ators to develop physical assets located close to the edge and transform them 
into distributed data centers. The edge location is critical for low-latency 5G 
services and, as Mobile Edge Computing (MEC) shows, the edge-cloud is valu- 
able in many networking scenarios — it is not solely a 5G investment. In time, the 
distributed data center will also come to support Cloud RAN (C-RAN) and Vir- 
tual RAN (V-RAN) hub sites and will host core network functions, such as distrib- 
uted user-plane nodes. 


2. Create an "IP Services Fabric" for 5G with software-defined networking (SDN) 
control. Edge-cloud locations running 5G network functions and services will re- 
quire high-performance, secure connectivity. Investment in wide-area SDN is 
already underway to create an "IP services fabric" that connects centralized 
data centers, distributed cloud locations and cell sites. This IP services fabric 
provides routing, security, service chaining, redundancy and orchestration. 
Again, this investment is, in many aspects, not unique to 5G, but common to 
high-performance networking at the cloud edge. 


3. Invest in cloud-based Evolved Packet Core (EPC) and NG Core. With a distrib- 
uted cloud infrastructure, it is logical to redesign core network functions to take 
advantage of this asset to meet the strict latency requirements of 5G services 
and efficiently manage data traffic. Some aspects of NG Core are already rea- 
sonably well understood, (for example, control: and user- plane separation or 
"CUPS"), while others remain works in progress (for example, mobility and session 
management). In general, expect control-plane separation to apply across the 
5G architecture, from radio to core. 


4. Use network slicing for a service-optimized core. Network slicing is an important 
bridge from a 4G core to anew 5G core and is a key component of a 5G-ready 
network investment strategy. In this model, virtual network functions (VNFs) are 
created per service and data is routed via an optimized processing path across 
the network. By isolating services into virtual network slices, operators can offer 
better security, more efficient transport, optimized core network processing and 
appropriate service quality. A network slice created for an Internet of Things 
(loT) customer, for example, may support both 4G and 5G access networks. 


5. Automation and service orchestration. Automating network operations pro- 
vides the ability to launch new services rapidly, to reach new market segments, 
to evaluate success/failure quickly, and then to modify, scale and repeat. Sig- 
nificant progress is being made in applying service orchestration to 4G-Long 
Term Evolution (LTE) networks, especially where software-based core networks 
are deployed. Network slicing is a good example of the need for automation 
because there will be many more logical entities to commission, provision and 
manage. "Automated service orchestration" is a good, tangible example of 5G- 
ready functionality. 
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Biological Control 


A method that is a preferred alternative to chemical control 
is the use of live organisms to control mosquitoes, either by 
predation or by infection. Mosquitofish (the common 
guppy) have been used for many years for this purpose, often 
with effective results. However, because mosquitofish are 
generalist predators, they must be used with great care to 
avoid damage to other aquatic organisms. Many other forms 
of biological control for mosquitoes have been tried, 
including other types of fishes, fungi, bacteria, nematode 
worms, flat worms, protozoan parasites, and predaceous insects 
(including some mosquitoes). Some of these organisms have 
been effective under special circumstances, but few of them 
have been adopted widely. Microbial organisms such as Bti 
and Bacillus sphaericus may be considered biological control 
agents, and these are used to great advantage in a variety of 
aquatic habitats. 


Insecticides 


At one time there were dozens of insecticides available for 
killing both adults and immature stages of mosquitoes. 
However, because of economics, primarily the costs involved 
in developing, testing, and registering new materials, and the 
development of resistance to insecticides by mosquitoes, the 
number of available materials is now down to a handful. A 
class of insecticides known as insect growth regulators has been 
highly effective and specific for mosquitoes, but the develop- 
ment of resistance to even these materials has clouded the 
future of these so-called third-generation pesticides. The best 
hope for circumventing resistance to pesticides is the use of a 
combination of approaches referred to as pesticide resistance 
management. Frequent testing for susceptibility in mosquito 
populations, alternation of pesticides, and avoidance of meth- 
ods that result in the persistence of low dosages of pesticides 
are examples of this approach. Insecticide resistance is under 
genetic control, and the goal of insecticide resistance manage- 
ment is preservation of genes in mosquitoes associated with 
susceptibility. 


Protection from Mosquito Bites 


People living in areas lacking organized mosquito control 
must protect themselves from bites of mosquitoes by using a 
variety of strategies. Probably the most effective method of 
personal protection from mosquito bites is to avoid places 
where mosquito densities are high and to avoid being out-of- 
doors at times of the day when mosquito activity is at its 
highest. In mountainous areas, most species of mosquitoes 
bite during the morning and afternoon and often not at all 
during periods of darkness. In low-elevation areas some 
mosquitoes tend to bite at night, whereas others bite during 
the day. The species of mosquito present in a given area varies 
from place to place, and it is necessary to learn the activity 
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patterns of the mosquitoes present to develop avoidance 
strategies. 

If exposure to biting mosquitoes cannot be avoided, there 
are several ways to minimize discomfort. The most important 
of these is to reduce exposed skin surfaces by wearing hats, long 
trousers, and long-sleeved shirts. Some mosquitoes bite through 
light clothing, but the number of bites received is definitely 
reduced if most areas are covered. When mosquito densities 
become very high, application of a mosquito repellent may 
be needed to avoid bites. Currently, the only really effective 
repellents on the market are those that contain the material 
DEET. Skin repellents have some drawbacks. After application, 
they are effective for only about 4 h at the maximum. Other 
factors, such as wind, high temperature, high humidity, and 
sweating, reduce this time even further. When applying 
DEET, the material must be thoroughly applied to all exposed 
skin, including behind the ears. In recent years, longer lasting 
formulations of DEET have been developed by the incor- 
poration of various additives such as lotions and polymers. 

Many people have tried gadgets such as ultrasonic 
emitters, electric grids, aromatic plants, and even vitamins 
for mosquito protection. Research has shown that most such 
methods are of little or no value in repelling mosquitoes, but 
such devices continue to appear on the market. In some areas 
of the world incense coils are sold for avoidance of 
mosquitoes. They may afford protection within a short 
distance of the burning coils. 

Bednets can provide excellent protection from mosquito 
bites at night if used properly. The use of bednets treated 
with insecticides has been shown to afford excellent 
protection from attack by malaria mosquitoes. When they 
are available, vaccines may protect humans from mosquito- 
borne disease (e.g., yellow fever) and prophylactic drugs may 
be used to avoid some diseases (e.g., malaria). 
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he mouthparts of insects are structures surrounding the 

mouth that are involved in the mechanics of feeding and 
processing and manipulating the food so that it can be 
ingested. Although functionally equivalent to the jaws of 
vertebrates, they lie outside the mouth, not within a buccal 
cavity. Good basic accounts of insect mouthpart structure are 
to be found in most textbooks of entomology. The aim of 
this article is to supplement these basic accounts by briefly 
considering some of the variation associated with different 
feeding habits and different types of food. It also gives some 
information on the functioning of the mouthparts. 


BITING AND CHEWING INSECTS 


Insect mouthparts are derived from the appendages of four of 
the segments forming the insect head. They surround the 
mouth and are external to it, unlike the condition in verte- 
brates in which the teeth are within the oral cavity. The basic 
segmental character of the mouthparts is most apparent in 
insects that bite off fragments of food and then chew it before 
ingesting it (Fig. 1). Insects that do this are said to be “mandibu- 
late” because the mandibles are relatively unmodified compared 
with those of fluid-feeding insects (see below). These are also 
commonly called biting mouthparts, although there is some 
risk of confusion with blood-sucking insects, such as mosqui- 
toes, which bite! In this article the latter are distinguished as 
“piercing.” The mandibulate arrangement occurs in the 
primitively wingless insects (Apterygota), in the cockroaches 
and grasshoppers and their allies, in larval and adult beetles 
(Coleoptera) and most Hymenoptera, and in caterpillars (larval 
Lepidoptera), among the more advanced groups of insects. 
Immediately in front of the mouth is the labrum formed 
from the fusion of the appendages on either side of the labral 
segment. It comprises a flat sclerotized plate of cuticle con- 
tinuous with the cuticle of the front of the head (clypeus). Its 
inner side (toward the mouth) is known as the epipharynx, and 
it is formed from membranous cuticle-bearing tracts of nonin- 
nervated hairs, all pointing toward the mouth. In grasshop- 
pers, and probably in other insects with similar mouthparts, 
the hairs are easily wetted, whereas the other parts of the 
cuticle are water repellent. The hydrophilic hairs may serve to 
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FIGURE 1 A lateral view of the head of a grasshopper showing the 
segmental arrangement of the mouthparts: labrum, mandible, maxilla, and 
labium. Arrows show the points of articulation (condyles) with the head 
capsule. The mandible has two condyles (dicondylic), the maxilla only one, 
and the labium one on each side (modified after Snodgrass, 1935, 
“Principles of Insect Morphology,” McGraw-Hill). 


direct the flow of fluid from the food toward the mouth and 
also to groups of contact chemoreceptors (taste receptors) that 
occur just outside the mouth. Contact chemoreceptors also 
often occur along the distal edge of the labrum. At rest, the 
labrum presses back on the mandibles, which are immediately 
behind it, being held in this position by a rubber-like protein, 
called resilin, in its connection with the clypeus. 

The mandibles, one on each side, are hinged to the head 
capsule by one or two condyles. Archaeognatha have only 
one condyle (monocondylic), whereas Thysanura and all 
mandibulate pterygote insects have two (dicondylic). The 
change from one to two condyles represents a considerable 
evolutionary advance because it gives the mandibles a much 
firmer base and so facilitates feeding on hard materials. The 
mandibles of the two sides swing transversely to meet below 
or in front of the mouth, depending on the orientation of the 
head, and are opened and closed by a pair of muscles, one 
inserted on either side of the axis of mandibular attachment 
at the condyles. The opener muscle is called the abductor, 
whereas the closer is the adductor. The latter is the larger of 
the two because it provides the force necessary to bite into or 
through material. Both muscles arise on the cuticle at the top 
of the head and, in grasshoppers and caterpillars, the head 
capsule grows bigger to accommodate the increased size of 
the adductor muscle if the insect feeds on tough food. 

The two mandibles are asymmetrical so that where they 
meet in the midline the cusps on the biting surface of the two 
sides fit between each other (Fig. 2). These cusps are extremely 
hard. In addition to being sclerotized like the hard cuticle else- 
where in the body, their cuticle contains zinc or manganese 
or, occasionally, iron, which are assumed to contribute to the 
hardness. The form of the biting cusps varies from species to 
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FIGURE 2 Mandibulate mouthparts. Mandibles, seen from in front with 
the labrum removed, of grasshoppers with different feeding habits. Notice 
that the mandibles of the two sides are asymmetrical. (A) A grasshopper that 
feeds on soft, broad-leaved plants. (B) A grasshopper that feeds on grasses. 
(Reproduced, with permission, from F. B. Iseley, 1944, Correlation between 
mandibular morphology and food specificity in grasshoppers. Ann. Entomol. 
Soc. Am. 37, 47-67.) 


species in relation to feeding habits in a way that, superficially, 
is comparable with the adaptations in the jaws of mammals. 
Predaceous tettigoniids, for example, have a sharply pointed 
cusp distally and powerful blade-like cusps more proximally 
that have some resemblance to the canine and carnassial teeth 
of carnivorous mammals and presumably serve similar func- 
tions of grasping and tearing the prey. Among grasshoppers, 
species feeding on soft, broad-leaved plants have small, sharply 
pointed cusps that cut the food into very small fragments. 
Grass feeders, on the other hand, have very long, chisel-edged 
incisor cusps distally with short, flattened molar cusps proxi- 
mally, which can superficially be compared with the chisel- 
shaped incisors and grinding molars of mammalian herbivores. 
Other insects also exhibit food-related modifications of the man- 
dibles. The cusps become worn down with use, especially if the 
insect is feeding on hard foods, and there is some evidence that 
this wearing down reduces the rate of food intake. The cusps 
can be renewed only at a molt, when new cuticle is formed. 

In insects eating food that requires special treatment during 
ingestion, the mandibles may become highly modified. An 
example occurs in the larvae of pergine sawflies (Fig. 3). These 
Australian insects feed on Eucalyptus and related trees, the 
leaves of which are rich in essential oils. The insects sequester the 
oils in a diverticulum of the foregut and use them for defense. 
The mandibles are apparently adapted for separating the oils 
from the leaf tissue. Sticking out from the center of the mandible 
is a structure called the scopa mandibularis. It is covered by 
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FIGURE 3 Mandibulate mouthparts. Specialized mandible of a pergid sawfly 
larva. These insects feed on Eucalyptus leaves containing large quantities of 
essential oils. The oils are apparently squeezed from the leaf tissue by the action 
of the scopa mandibularis (scopa) and conducted along the groove to a 
pharyngeal diverticulum where they are stored. (A) Surface view of the biting 
face of the right mandible showing the rows of spines forming the scopa 
mandibularis. (B) Spines of the scopa mandibularis, which presumably abrade 
the leaf surface to release the oils. (Reproduced, with permission, from S. 
Schmidt, G. H. Walter and C. J. Moore, 2000, Host plant adaptations in 
myrtaceous-feeding Pergid sawflies: Essential oils and the morphology and 
behaviour of Pergagrapta larvae (Hymenoptera, Symphyta, Pergidae). Biol. /. 
Linn. Soc. 70, 15-26.) 


rows of pointed setae and these, perhaps by scraping and 
shredding the leaves, seem to be involved in extracting the oils. 
In the midline, immediately behind the mouth and proba- 
bly also derived from the mandibular segment, is the hypophar- 
ynx. This structure is a lobe of mostly membranous cuticle but 
with rods of sclerotized cuticle to which muscles are attached. 
Like the epipharynx, it bears tracts of hairs pointing toward 
the mouth and these hairs probably help to move food toward 
the mouth as the hypopharynx is moved by its muscles. 
Behind the mandibles are the maxillae, one on each side of 
the head. Each maxilla articulates with the head capsule by a 
single condyle so that it is extremely mobile. This high degree 
of movement allows the maxillae to manipulate food between 
the mandibles and move it toward the mouth. The laciniae at 
the distal ends of the maxillae are especially important for this 
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and they are usually curved and pointed with the tip hardened 
like the mandibles. The maxillary palps are leg-like structures 
often with three to five segments and they have an important 
sensory function. At the tip of each palp is an array of contact 
chemoreceptors; in a large grasshopper there may be as many 
as 400 chemosensilla on the tip of each palp. These receptors 
have an important role in food selection. Grasshoppers drum 
on a leaf surface with the palps before accepting or rejecting 
it as food, and they continue to drum at intervals during feed- 
ing. Chemoreceptors are also present on the galea, a distal lobe 
of the maxilla immediately lateral to the lacinea. 

The labium is essentially similar in structure to the maxillae 
but with the appendages of the two sides fused together in the 
midline behind the hypopharynx. There is a single articulation 
with the head capsule on each side, which allows the labium 
to swing beneath the head in the vertical plane of the body. It 
provides a scoop that prevents food from spreading backward 
from between the mandibles. As with the maxilla there are two 
terminal extensions on each side, known as the glossa and para- 
glossa. There is also a leg-like labial palp with chemoreceptors 
at the tip. 

The labium is uniquely developed in larvae of dragonflies 
and damselflies, forming their prey capture equipment. The 
form is basically similar to the labium of other insects except 
that the basal parts are lengthened and the palps are claw- 
like. It is sometimes called a labial mask because the distal 
parts cover the lower part of the face when the labium is 
folded beneath the head. The mask can be suddenly extended 
by hemolymph pressure, enabling the larva to capture prey a 
little distance in front of it without moving its body. 


FLUID-FEEDING INSECTS 


Many insects feed on liquid food and their mouthparts are 
modified to form a tube through which fluid can be drawn into 
the mouth and, often, another tube through which saliva is 
injected into the food so that it is digested to some extent before 
being ingested. In most fluid-feeding insects the basic segmen- 
tal arrangement and appendicular form of the mouthparts are 
no longer obvious, but some predaceous larvae that feed on the 
body fluids of their hosts are mandibulate, with mandibles 
resembling those of insects feeding on solid food. These are 
larvae of lacewings and ant lions (Neuroptera), glowworms 
(Lampyridae), and dytiscid beetles. In all of them, the mandibles 
are sickle shaped with a groove along the inner edge. In the 
beetles, the two sides of the groove arch over to meet, or almost 
meet, so that a tube is formed. In ant lions, the lacinea of the 
maxilla is also sickle shaped and it fits in the mandibular 
groove to form an enclosed canal. These insects can pump the 
fluid contents of their prey into the foregut through the tubes. 

In other fluid-feeding insects, the basic segmental arrange- 
ment of the mouthparts is not apparent and in many insects 
the mouthparts themselves are drawn out into long, slender 
structures called stylets. The food and salivary canals are 
formed in different ways in different insect groups. In 


Hemiptera, both canals are formed between the styliform 
maxillae, which interlock by a tongue-and-groove mechanism 
that permits them to slide lengthwise with respect to each 
other but prevents them from coming apart (Fig. 4). They are 
supported in a groove along the anterior margin of the elon- 
gate labium, which is often referred to as the rostrum. The 
food canal is formed between the maxillary galeae in 
Lepidoptera, but here the two sides are linked by a series of 
cuticular hooks and plates that hold the two sides together 
while allowing them to coil up beneath the head when not in 
use (Fig. 5). This device makes it possible for some lepi- 
dopterans to have an extremely long tongue, which would 
not be possible if the insect were unable to coil it. The longest 
examples are in the hawk moths, the Sphingidae. Many of 
these have a tongue 30 mm or more in length, but one species, 
Cocytius cluentis, from South America has a tongue 250 mm 
long! Lepidopterans have no salivary canal in the tongue 
because the nectar on which they feed does not require diges- 
tion before being ingested. Each galea contains an extension of 
the hemocoel and the proboscis is uncoiled by an increase in 
pressure generated at the base of each galea. A series of short 
muscles extends across the galea and these muscles are involved 
in coiling the proboscis beneath the head. There are contact 
chemoreceptors at the tips of the galeae and the axons from 
the sensory receptor cells combine to form a nerve, which also 
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FIGURE 4 Piercing and sucking mouthparts of a hemipteran. Electron 
micrograph of a transverse section through part of the stylet bundle of an 
aphid within a leaf. Notice how the maxillary stylets interlock to form the 
food canal and the salivary canal. The stylets are surrounded by a sheath of 
solidified saliva that is produced as they penetrate the plant. The stylets are 
within the cell wall, which is seen in its normal form at lower left. 
(Reproduced with permission, from W. F. Tjallingii and T. H. Esch, 1993, 
Fine structure of aphid stylet routes in plant tissues in correlation with EPG 
signals. Physiol. Entomol. 18, 317-328.) 
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FIGURE 5 Sucking mouthparts of a butterfly. (A) Proboscis coiled beneath 
the head. The labial palp on the left (near) side has been removed. 
Abbreviations: c, clypeus; ce, compound eye; Ip, labial palp; pr, proboscis. 
(Reprinted from Int. J. Insect Morphol. Embryol., 27, H. W. Krenn and C. 
M. Penz, Mouthparts of Heliconius butterflies (Lepidoptera: Nymphalidae): 
A search for anatomical adaptations to pollen-feeding behavior, 301-309, 
copyright 1998, with permission from Elsevier Science.) (B) Transverse 
section through the proboscis near the base. The galea of either side fit 
together to form the food canal. Each galea is blood filled and contains a 
nerve and trachea running the full length of the proboscis and short muscles 
(seen in oblique cross sections in the diagram) that run obliquely across the 
galea and are involved in coiling the proboscis. (Reproduced, with 
permission from Springer-Verlag, from H. W. Krenn, 1990, Functional 
morphology and movements of the proboscis of Lepidoptera. 
Zoomorphology 110, 105-114. Copyright Springer-Verlag.) 


contains motor axons to the muscles, running the length of 
each galea. Oxygen is supplied to these tissues via a longitu- 
dinal trachea. 

Among the flies (Diptera), the feeding canal is a groove 
along the underside of the long labrum, closed behind by the 
other mouthparts, whereas the salivary canal is a narrow tube 
running through the styliform hypopharynx. The labium 
forms a sheath that encloses the stylets formed by the other 
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mouthparts and is called the haustellum in the higher Diptera. 
In addition, in cyclorraphous flies the distal part of the labium 
is extended to form a flattened membranous lobe called the 
labellum. It is conspicuous in house flies and blow flies (Fig. 6). 
The ventral surface of each labellum is invaginated to form a 
series of channels that collect together medially where they 
make contact with the food canal in the labrum. The walls of 
the channels are supported by a series of incomplete rings of 
sclerotized cuticle. These rings prevent the channels from 
collapsing when suction is exerted by the pumps in the head 
and give the channels an appearance that is superficially like 
that of tracheae and so they are called pseudotracheae. The 
labellum, with the pseudotracheae, enables the fly to draw 
fluids from a relatively large surface. The channels open to the 
exterior via a narrow groove that is closed off during feeding 
except for occasional openings through which fluid can pass 
freely. Fleas have the food (blood) channel between a highly 
developed epipharynx and the two maxillae. There are two 
salivary canals, one in each maxilla. 

The mouthparts of bees are unusual among the fluid-feeding 
insects. They retain normal mandibles that are used for wax and 
pollen manipulation, but are not involved in nectar feeding. 
The other mouthparts retain some semblance of the appearance 
in biting and chewing insects, but are elongate. The two glossae 
(parts of the labium) are fused together to form an elongate 
tongue with an open gutter posteriorly. The glossal tongue is 
surrounded by the lengthened and flattened galeae (of the 
maxillae) and labial palps. The food canal is formed by the 
space between the glossal tongue and the other components. 

Lepidoptera, bees, and some flies feed from fluids, often 
nectar, that is present on a surface, but other fluid-feeding 
insects obtain their food from within plants or other animals 
and so must pierce the host tissues before being able to feed. 
This is true of all Hemiptera, fleas, and some flies. In 
Hemiptera, the mandibular stylets are the main piercing 
structures. The relatively stout labium does not enter the 
wound, but folds up beneath the insect as the mandibles and 
maxillae penetrate deeper into the host tissues. The stylets of 
aphids and coccids are very flexible and usually follow 
intercellular pathways that may be quite tortuous. The 
watery saliva of aphids contains a pectinase that degrades the 
pectin of the cell walls and facilitates movement of the stylets. 

Among blood-sucking flies, the maxillae are the primary 
piercing organs of female mosquitoes (Fig. 7). They have 
recurved teeth distally that probably anchor the stylets in 
position in the wound so that when the retractor muscles 
contract they pull the down toward the host skin, pushing the 
labrum into the wound at the same time. Male mosquitoes do 
not feed on blood and, in many species, the piercing stylets 
are greatly reduced. Horse flies and deer flies (Tabanidae) have 
a completely different mechanism. Their somewhat elongate 
mandibles are articulated to the head capsule so that they move 
transversely, like the mandibles of biting and chewing insects. 
This scissor-like motion cuts through the skin of the host and 
the labrum and maxillae are forced into the wound. The labium 
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FIGURE 6 Sucking mouthparts of a blowfly. (A) Feeding by suction. With the labellar lobes spread flat on a surface, the openings of the pseudotracheae are brought 


into contact with fluid on the surface. Suction exerted by the pharyngeal pump draws liquid up the food canal and so through the pseudotracheal openings 
and along the pseudotracheae. Notice that the prestomal teeth are not exposed. Arrows show the direction of flow. (B) Feeding by rasping. By pulling back 


the labellar lobes, the prestomal teeth can be brought into contact with the substrate and are used to rasp at solid food. (A and B reproduced with permission 


from Cambridge University Press, from G. $. Graham-Smith, 1930, Further observations on the anatomy and function of the proboscis of the blowfly, 
Calliphora erythrocephala L. Parasitology 22, 47-115.) (C) View of the ventral surface of the labellum showing the arrangement of pseudotracheae. The smaller 


branches join with major collecting trunks, which are functionally connected to the food canal. (Reproduced with permission from Wiley—Liss, Inc., a 


subsidiary of John Wiley & Sons, Inc., from M. Wilczek, 1967, The distribution and neuroanatomy of the labellar sense organs of the blowly Phormia regina 
Meigen. /. Morphol. 122, 175-201.) (D) Ventral view of the labellum with the prestomal teeth everted for rasping. Abbreviations: c, openings of collecting 


channels into which the pseudotracheae open; p, pseudotracheae; t, prestomal teeth. (Reproduced with permission from Elsevier Science, from Smith, 1985.) 


does not enter the wound and blood is taken directly into the 
food canal on the inner side of the labrum. Tsetse flies (Glossina) 
and stable flies (Stomoxys) penetrate the host tissues by a rasping 
movement of prestomal cuticular teeth on the labellar lobes 
(Fig. 8). House flies have similar, but much smaller teeth that 
they may use to rasp the surface of solid food, but in their 
blood-sucking relatives the teeth are stronger and are accom- 
panied by banks of cuticular spines that form rasps. When 
these flies feed, the teeth and rasps are rapidly rotated round 
the tip of the labellum in a series of rasping movements that 
enable them to tear through the host’s skin. For example, com- 
pare Fig. 8B, which depicts the rasps and spines on the inside 
of the labellar lobe and pointing downward, with Fig. 8C, in 
which they are on the outside and pointing upward. Contact 
chemoreceptors are also exposed as the teeth are moved round 
the tip of the labellar lobes so that they are in a position to 
detect blood as the host’s capillaries are damaged. 

Once the insect starts to feed, the properties of the fluid and 
dimensions of the food canal affect the rate of uptake and so the 
rate of nutrient intake. The more viscous a fluid, the more slowly 
it flows, so that although nectar containing high concentrations 


of sugars has more nutrients per unit volume, it also is taken up 
more slowly than a more dilute solution. The flow rate is also 
negatively correlated with the length of the proboscis, but 
positively correlated with the diameter of the food canal; the 
greater the diameter of the canal, the faster the fluid flows. 

Movement of fluid into the gut is affected by three factors: 
the hydrostatic pressure of the fluid in the host organism, 
capillarity, and muscular activity. If the fluid is under high 
pressure, simply piercing the vessel containing it is sufficient 
for the fluid to be forced out, just as water gushes out from a 
burst water main. Phloem, the fluid carrying sugars and 
amino acids away from photosynthetic tissues to other parts 
of a plant, is under such positive pressure, up to 1 MPa, and, 
consequently, phloem-feeding insects, such as most aphids, 
have simply to penetrate a sieve tube and the phloem is 
forced through the food canal and into the gut. If the stylets 
are cut experimentally, phloem continues to ooze out, and 
this oozing provides a method for obtaining samples of 
phloem. Although vertebrate blood is under pressure, 
pressure in the blood capillaries is probably too low to play a 
major part in forcing blood into the insect’s gut. 
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FIGURE 7 Piercing and sucking mouthparts of a female mosquito. Above is 
a transverse section through the proboscis. Below are electron micrographs 
of the tips of the stylets. (Reproduced, with permission from Elsevier 
Science, from Smith, 1985.) 


Xylem, in contrast to phloem, is under high negative 
pressure which may exceed —1 MPa. [Xylem is the fluid 
imbibed by the roots of plants and drawn upward through 
xylem vessels as a result of water loss (transpiration) from the 
leaves.] Consequently, insects that feed on xylem require a 
powerful pump to overcome this negative pressure and draw 
the fluid into the mouth. Cicadas have a highly developed 
cibarial pump made obvious externally by the inflated 
clypeus. The cibarium is the space between the mouthparts, 
outside the mouth. In fluid-feeding insects, this space forms 
a continuum between the mouthparts and the mouth. 
Blood-sucking insects such as mosquitoes also have a cibarial 
pump, but it is less well developed than the pharyngeal pump 
formed by the first part of the foregut. 

The importance of capillarity in insect feeding is not well 
understood. Insect cuticle, in general, tends to be water 
repellent but, if the cuticle lining the food canal in the 
mouthparts is wettable, capillarity might be important. In 
honey bees, when the glossal tongue is dipped into nectar, 
the fluid adheres to it, being held in place by hairs that 
project from the surface of the tongue. The glossa is drawn in 
and out between the folds of the galeae and labial palps and 
it is probable that capillarity is important in drawing the 
fluid toward the mouth. 
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FIGURE 8 Piercing and sucking mouthparts of a tsetse fly. (A) Longitudinal 
section through the tip of the labellum at rest. The rasps are internal, and 
prestomal teeth are concealed within the opening. Arrows indicate the 
directions of movement of the rasps when the labellar lobes are everted. (B) 
Inside of one labellar lobe in the rest position. Each rasp is made up of rows of 
downwardly pointing cuticular spines. (A and B reproduced, with permission 
from Cambridge University Press, from B. Jobling, 1933, A revision of the 
structure of the head, mouth-part and salivary glands of Glossina palpalis 
Rob-Desv. Parasitology 24, 449-490.) (C) Side view of the labellum with 
rasps everted. The rasps and prestomal teeth are now on the outside of the 
labellar lobe. Notice that the teeth now point upward. In moving from the 
position shown in (A) and (B), the pointed ends have scraped the skin of the 
host. This movement, and the anatomical arrangement, are basically similar 
to that seen in the blow fly (Fig. 6). (Reproduced, with permission from 
Elsevier Science, from Smith, 1985.) 
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he ubiquity of insects and the frequency of their interactions 

with humans virtually ensure that they will feature 
prominently in cultural contexts. Throughout history, insects 
have conspicuously appeared in a range of visual media, 
including painting, sculpture, printing, and engraving. Thus, 
with the advent of film in the late-19th century, insects were 
depicted in some of the earliest efforts; since then, they have 
made appearances in virtually every form of this modern 
medium. As the 21st century begins, insect images are 
common in film and television, and their role in cinema is 
firmly established. In fact, their impact on culture has been 
so pronounced that references to insect movies even serve on 
occasion as punch lines in jokes and cartoons, and the 
expression “big bug film” is widely recognized. 


THE TAXONOMY OF CINEMA 


What constitutes an insect in cinema is not necessarily con- 
sistent with scientific standards. In the taxonomy of cinema, 
any jointed-legged, segmented organism with an exoskeleton 
is likely to be classified as an insect, irrespective of how many 
legs or how few antennae it possesses. For example, in Sherlock 
Holmes and the Spider Woman, Holmes identifies a spider 
(used by the Spider Woman to dispatch her victims) as Lycosa 
carnivora from the Obongo River in Africa, the “deadliest 
insect known to science’; in actuality, spiders are classified as 
arachnids and not as insects at all. Taxonomic categories are 
also ill defined in cinema; in the film Tarantula, for example, 
the artificial-nutrient-enhanced giant spider is identified as 
being “from a species called Arachnida—a tarantula to be 
exact.” The taxon Arachnida is not a species; rather, it is a 
class, containing thousands of species. In Mimic, the eminent 
entomologist Dr. Gates, mentor of a young scientist engaged 
in genetic engineering experiments with cockroaches, makes 
reference to the “Phylum Insecta.” Again, “Insecta” is the 
name of the taxonomic unit called a “class”; the phylum to 
which insects belong is Arthropoda. 

Insect morphology in the movies reflects the relatively 
sketchy familiarity most filmmakers have with entomological 
reality. As is the case for real-life insects, most movie insects 
have six legs, whereas movie arachnids often have eight. In 
general, movie insects also have the three characteristic body 
regions—head, thorax, and abdomen—that differentiate 
them from other arthropods. Even at the ordinal level, many 
morphological features are depicted with some degree of 
accuracy. Movie mantids can have raptorial forelegs (e.g., The 
Deadly Mantis), and movie lepidopterans (e.g., Mothra, the 
giant moth that attacked Tokyo in a series of Japanese films 


from the 1960s) possess scales. Large flat objects the size of 
pie plates scattered around the countryside (eventually 
identified as oversize scales) provide evidence of an enormous 
moth in The Blood Beast Terror. 

Other aspects of insect anatomy, however, are not so accu- 
rately portrayed. Compound eyes are cause for some confusion; 
many films present an “insect-eye” view of a particular scene 
(usually a victim-to-be) through a Fresnel lens, to simulate 
what is imagined to be the image created by compound eyes 
(e.g., in Empire of the Ants). In reality, these images appear to 
insects to be more like mosaics than repeated images. In 
Monster from Green Hell, the compound eyes of the cosmic 
wasps roll in their sockets; real compound eyes are incapable of 
such motion. Antennae are also poorly understood anatomical 
features; on occasion, movie arachnids are equipped with a 
pair, even though antennae are lacking in real-life arachnids. 
Not surprisingly, mouthparts (whose intricacies in real insects 
are rarely visible to the naked eye) in movie arthropods often 
bear little resemblance to real arthropod mouthparts. 

Insect physiology in movies often bears only a passing 
resemblance to the physiology of real arthropods. According 
to Dr. Elliot Jacobs, the entomologist in Blue Monkey who 
assists in attempting to control an outbreak of genetically 
engineered mutant cockroaches in a hospital, “Insects aren't 
like humans or animals. Theyre 80% water and muscle. 
They have very few internal organs.” A recurring conceit in 
insect films is the violation of the constraint imposed by the 
ratio of surface area to volume—movie arthropods routinely 
grow to enormous size without suffering the limitations of 
tracheal respiration or ecdysis and sclerotization experienced 
by real-life arthropods. Nonetheless, there are physiological 
attributes of film arthropods that are reproduced with some 
degree of fidelity. Insect pheromones figure prominently in 
insect fear films (although they are not always identified as 
such; in The Bees they’re called “pherones”). In Empire of the 
Ants, for example, giant ants use pheromones to enslave the 
local human population and to compel the humans to 
operate a sugar factory for them. The explanation provided 
for the response is that a pheromone “causes an obligatory 
response—did you hear that? Obligatory. It’s a mind-bending 
substance that forces obedience... .” Although they have long 
been documented to exist in a wide range of organisms 
(including humans), pheromones rarely appear in science 
fiction films outside an entomological context. 

As is the case with insect physiology and morphology, 
insect ecology takes on different dimensions in the movies. 
Life cycles are unorthodox and generally dramatically abbre- 
viated by entomological standards. In Mosquito, for example, 
mutated mosquitoes, the offspring of normal mosquitoes 
that had consumed the blood of aliens in a crash-landed 
UFO, have a life cycle consisting only of egg and adult stages. 
In Ticks, full-grown ticks eclose from what seems to be a 
cocoon. Population dynamics differ as well. A number of 
movie arthropods seem to have a population size of one (as 
evidenced by the titles—e.g., Tarantula, The Deadly Mantis), 


and reproduction does not seem to occur (at least over the 2- 
h span of the movie). At the other extreme, populations often 
build up to enormous sizes without depletion of any appar- 
ent food source. Bees blacken the sky in The Bees and The 
Swarm in a remarkably short period of time with no 
superabundance of nectar sources in evidence. It must be 
assumed that food utilization efficiencies of virtually all film 
arthropods are far higher than they are in real life because 
arthropods in films, giant or otherwise, rarely produce any 
frass (in Beginning of the End, giant grasshoppers that 
consume several tons of wheat in a 3-month period with little 
or no frass to show for it). In Starship Troopers, it is unclear 
what the giant arthropods living on a planet that is bereft of 
other life-forms eat to attain their large size. However, because 
they are alien insects, terrestrial biological standards may not 
necessarily be applicable. 

Insect behavior in big bug films is often biologically 
mystifying. Screen insect predators and herbivores alike almost 
invariably announce their presence with an ear-piercing 
stridulating sound (e.g., Them, The Deadly Mantis, Beginning 
of the End, Empire of the Ants); in reality, such behavior would 
alert prey to danger and elicit escape or defensive behavior 
(which, on the part of humans in many films, involves 
machine guns and bazooka fire directed at the insect). For 
example, in Beginning of the End, a television newscaster 
updates viewers in Chicago on the Illinois National Guard’s 
efforts against hordes of gigantic radiation-induced mutant 
grasshoppers descending on the city, reassuring them that “the 
one advantage our forces hold over the enemy is that they 
ALWAYS reveal their intention to attack. Before every attack 
the locusts send forth this warning in the form of a high- 
pitched screech. Now, this screech increases in intensity until it 
reaches ear-shattering proportions. And it’s when this screech 
reaches its full intensity that the locust attacks.” Such 
maladaptive behavior is unlikely to persist in nature. 


INSECTS IN ANIMATED FILMS 


Until the mid-20th century, insect representation in cinema 
was restricted largely to animated films. The small size of insects 
presented challenges to the standard equipment of the time that 
could not be met without either a disproportionate increase in 
cost or a decrease in visual quality. In animated films, however, 
technical limitations could be avoided; to create the illusion of 
a close-up, the animator can simply draw a larger image. In 
animated films, one or two frames are exposed at a time, and 
between exposures small changes are introduced; for example, 
one drawing may be substituted for another slightly different 
drawing or a puppet or clay model slightly repositioned. When 
the film is projected at normal speed, the image appears to 
move. An insect may even have inspired one film pioneer to 
become one of the first animators. Segundo de Chomon, a 
Spanish filmmaker of the late 19th and early 20th centuries, 
allegedly conceived of the animation process while shooting 
intertitles for a silent film and noticing that a fly, included on 
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the footage exposed a frame at a time, appeared to move in a 
jerky fashion when the film was projected. 

This is not to say that insects were not a challenge to anima- 
tors. Because of their many moving body parts—six legs, two 
antennae, and from two to four moving wings—many anima- 
tors simplified their drawing by reducing appendages. Thus, in 
animated films, insects may be depicted with four instead of 
six legs and spiders with six instead of eight. The first 
appearance of an insect in an animated cartoon was in a 1910 
film by Winsor McCay titled How a Mosquito Works—the 
second American animated cartoon. Although McCay accu- 
rately portrayed his mosquitoes with six legs and two wings, in 
contrast with later animated films featuring insects with 
reduced appendages, even this early film contains many of the 
other conventions typically found in insect cartoons—an 
adversarial relationship between humans and insects, as well as 
the depiction of insect mouthparts as tools. McCay showed the 
film in vaudeville houses to large crowds and later returned to 
the use of insect characters with his 1921 film Bug Vaudeville. 

Another very early example of puppet animation was pro- 
vided by entomologist-turned-animator Wladislaw Starewicz. 
In attempting to film the mating behavior of stag beetles, 
Starewicz discovered that the hot lights used to illuminate his 
subjects caused them to stop moving altogether; accordingly, 
he killed and dismembered the beetles and wired their 
appendages back onto their carcasses, painstakingly reposition- 
ing them for sequential shots in the short film The Fight of the 
Stag Beetles. That film and its fictionalized sequel, Beautiful 
Lucanida or the Bloody Fight of the Horned and the Whiskered, 
proved to be quite popular with audiences. Starewicz expanded 
his efforts, eventually abandoning real insects and constructing 
puppets de novo for his later films with more complex plots (as 
in Revenge of the Kinematograph Cameraman, a story of love 
and betrayal among a variety of insect species). 

Arguably the most well-known animated arthropod in ani- 
mation was Jiminy Cricket, who initially appeared in a sup- 
porting role in the 1940 Walt Disney feature Pinocchio. Disney 
animators used a talking cricket, a minor character that 
appeared in the original Pinocchio story by Carlo Collodi, to 
unify disparate elements within the film. The character proved 
to be popular as a “voice of conscience” and appeared in several 
series of subsequent short subjects and educational films. 
Jiminy exemplifies the liberties taken with insect morphology 
by animators; although early sketches depicted the character 
with more insect-like features, the final film version, with its 
two arms and two legs, eyes with pupils, and morning coat and 
vest, resembles a dapper elf more than any arthropod. 

Computer animation developed at a rapid pace during the 
1980s and has proved particularly well suited to depicting 
insects. Modern methods of computer-generated imagery 
(CGI) have become particularly effective at creating shiny 
metallic surfaces and at joining slender rodlike structures to 
larger volumes—exactly what is needed to depict an insect’s 
exoskeleton and multiple appendages. The first computer- 
animated insect was Wally-Bee, in the 1984 short film from 
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Pixar titled The Adventures of Andre and Wally-Bee; this film 
was the first computer-animated short film with a plot line. 
That CGI offers technological advantages over traditional 
animation is not to say that it has resulted in more realistic 
animated. insects. A Bugs Life (1998) from Disney/Pixar 
continued to depict insects with anthropomorphized faces 
and four limbs to ensure audience empathy with the 
characters; the DreamWorks film AntZ (1998) gave its ants 
six legs but provided them with similarly humanized faces 
and raised the head and thorax into a vertical position, 
making them look like tiny centaurs. CGI is not limited to 
what is basically caricature, however; the otherwise live- 
action Joes Apartment (1996) featured hundreds of computer- 
rendered cockroaches which were indistinguishable from the 
real thing, except for their ability to sing and dance. 


INSECTS IN FEATURE FILMS 
Big Bug Films 


Frequent appearances by insects in live-action films are a rela- 
tively recent phenomenon in the history of film. For many 
years, the technical challenges of filming very small, largely 
untrainable, fast-moving creatures proved a disincentive for 
incorporating them into films. The pioneering efforts of 
special-effects genius Willis O’Brien, starting in the 1930s, 
and of his protégé Ray Harryhausen, as well as technical 
advances in the production of film stock and traveling matte 
techniques, gradually made the incorporation of insect 
images in film economically attractive, or at least reasonable. 
Moreover, competition for audiences, particularly with the 
rise of television, led the major film studios to increase invest- 
ment in hitherto minor genres, such as science fiction. With 
bigger budgets, more elaborate effects became feasible. 

The year 1954 was a watershed year; Them! was released by 
Warner Brothers Studios, featuring giant ants mutated by expo- 
sure to atomic testing in the Arizona desert (Fig. 1). The film, 
tapping into widespread fears of atomic power in the aftermath 
of World War II, was an enormous success, grossing more 
money for the studio that year than any other and winning an 
Academy Award for special effects. Its success is understandable 
in retrospect: its use of large mechanical models was innovative 
and dramatic, its screenplay was tight and well written, it 
featured several big-name actors of the era, and its subtext about 
invasion disrupting the fabric of American life played well to 
American fears of communist powers. 

The “big bug films” inspired by the success of Them! were 
by and large lesser efforts. Many of these were the work of 
director/producer Bert I. Gordon, who made so many films 
with big animals that he was known as “Mr. Big” (a reference 
as well to his initialsk—B.I.G.); his big bug films included 
Beginning of the End (1957), featuring giant radiation- 
induced grasshoppers threatening to destroy Chicago, and 
Empire of the Ants (1977), about giant radioactive-waste- 
induced ants threatening a real estate development in 
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FIGURE 1 Lobby poster from the science fiction classic Them! (1954), 
noted for its dramatic special effects and suspenseful screenplay. The firm 
depicted an attack on the city of Los Angeles by ferocious giant ants, which 
have been enlarged to greater than human size by the mutating effects of 
radiation exposure. Made during the height of the 1950s Red Scare, Them! 
attacted large audiences with its ability to link the imaginary threat of 
gigantic, murderous insects with America’s very real fears of nuclear fallout, 
foreign invasion, and scientific manipulation of the natural world. (Them! 
© 1954 Warner Bros. Pictures, Inc. All rights reserved.) 


Florida. Other notable titles of the fifties in the “big bug” 
genre (Table I) include Tarantula, The Deadly Mantis, The 
Black Scorpion, Monster from Green Hell, and Earth vs the 
Spider. The Japanese film industry did not embrace this genre 
until the 1960s but made up for the slow start in volume; the 
first Japanese big bug film, Mothra, featuring a giant 
radiation-induced moth, was released in 1962 and was 
followed by four sequels, in which Mothra appeared with 
other “big” science fiction stars such as Godzilla and Rodan. 


Transformation/Metamorphosis Films 


Metamorphosis is a characteristic of a substantial proportion 
of movie arthropods, although the process differs on screen. 


The 5G Core Network 


The new 5G core network is now reasonably well understood: It will be "cloud-na- 
tive," it will make extensive use of network slicing, and it will operate in concert with 
a new model-driven service orchestration layer. The industry can therefore start to 
develop NG Core products that can be adapted as standards emerge and solidify. 


From a practical perspective, for the initial deployment, operators can support 5G 
radio access on a"5G-ready" EPC and then migrate to a new NG Core over time. 
In both cases, the "IP services fabric" provides SDN-controlled connectivity and re- 
lated IP services, across a distributed cloud infrastructure. 


Virtualized & Cloud-Native Mobile Core 


Operators have made good progress on virtual EPC over the past couple of years. 
The largest networks now support more than 15 million subscribers (AT&T has discussed 
this publicly); some progressive operators have started to refresh their main EPC net- 
works using multivendor network functions virtualization (NFV) (e.g., Docomo, Etisalat); 
and others (e.g., Vodafone) have deployed virtual core elements for loT services. 


Figure 3 shows two migration paths to a "cloud-native" 5G core. The blue line shows 
a virtualized 4G core as a stepping stone to a "5G-ready" core and then a full 5G 
core. The grey line shows a more conservative option where the operator scales the 
classic EPC in the near-term and then makes a bigger leap to 5G later. 





Figure 3: A Preliminary Cloud-Based 5G Architecture 
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There is debate about what exactly "cloud native" means, particularly in the context 
of stateful telecom network functions. Nevertheless, Heavy Reading's established 
view is that operators that deploy virtual EPC — even at small scale — gain experience 
in how these systems work, how to operate them, and how to evolve them, and 
that in turn will give them a sustainable advantage in the longer-term transition to 
software-centric 5G mobile networks. 
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TABLEI Live-Action Feature Films with Insects as 
Major Components TABLEI (Continued ) 
Year Film Year Film 
938 Yellow Jack 977 Terror out of the Sky” 
944 Sherlock Holmes and the Spider Woman 978 Tarantulas: The Deadly Cargo“ 
944 Once upon a Time 978 The Bees 
953 Mesa of Lost Women 978 The Swarm 
954 Them! 978 Curse of the Black Widow* 
954 Naked Jungle 980 Island Claws (aka Night of the Claw) 
955 Tarantula 982 Creepshow 
955 Panther Girl of the Kongo 982 Legend of Spider Forest 
957 The Black Scorpion 985 Flicks 
957 Beginning of the End 985 Creepers (aka Phenomena) 
957 Earth vs the Spider 986 The Fly 
957 The Deadly Mantis 987 Blue Monkey 
957 Monster from Green Hell 987 The Nest 
958 The Cosmic Monsters 987 Deep Space 
958 She Devil 989 The Fly II 
958 The Fly 990 Arachnophobia 
959 Return of the Fly 991 Meet the Applegates 
959 The Brain Eaters 991 The Age of Insects 
959 Wasp Woman 993 Cronos 
962 Mothra 993 Ticks 
964 Godzilla vs The Thing 994 Skeeters 
965 Horrors of Spider Island 995 Mosquito (aka Nightswarm) 
966 The Deadly Bees 996 Angels and Insects 
968 Destroy All Monsters! 996 Wax, or the Discovery of Television among the Bees 
969 The Blood Beast Terror (aka The Vampire Beast Craves Blood) 996 Joes Apartment 
970 Flesh Feast 996 Wasp Woman* 
971 The Hellstrom Chronicle 997 Starship Troopers 
971 The Legend of Spider Forest 997 Men in Black 
972 Kiss of the Tarantula (Shudders) 997 Mimic 
973 Invasion of the Bee Girls 998 X-Files: The Movie 
974 Phase IV 999 Deadly Invasion: The Killer Bee Nightmare® 
974 Locusts“ 999 Atomic Space Bug 
974 The Killer Bees* 2000 They Nest“ 
975 Bug 2000 Bug Blaster“ 
975 The Giant Spider Invasion 2000 Spiders (aka Cobwebs) 
975 Food of the Gods 2001 Evolution 
976 The Savage Bees“ 2001 Bug 
976 Curse of the Black Widow“ 2001 Mimic II: Hardshell 
977 Empire of the Ants 2001 Spiders II 
977 Exorcist II—The Heretic 2002 Men in Black IT 
977 Ants: It Happened at Lakewood Manor" 2002 Spiderman 
977 Kingdom of the Spiders 





continues 


The transformation most frequently depicted in films is 
insect to human or human to insect, generally involving 
some form of exchange of body fluids—“Drosophila serum” 
in the case of She Devil (which allows the patient to 
transform herself at will from brunette to blonde), “spider 
hormones” in Mesa of Lost Women, “royal jelly” in Wasp 
Woman, and “DNA” in the 1986 remake of The Fly. Insects 
most likely appear frequently in films involving metamor- 
phosis because of the shock value—the transformation of a 
human into a life-form radically different in appearance. 
Generally, transformations of humans into other animal 
forms in films involve magic or reincarnation (The Shaggy 
Dog, The Shaggy D.A., Oh, Heavenly Dog, Lucky Dog) or 
genetic predisposition (Zeen Wolfand its sequel, The Howling, 


“Made-for-television movie. 


Cat People) rather than mediation by hormones (with the 
exception of the early films of Bela Lugosi, including The Ape 
Man and Return of the Ape Man, which involve serum 
exchanges between humans and apes). 

In the 1980s, insect fear films acquired a new life with the 
release of David Cronenberg’s The Fly, Although as scientifi- 
cally as inaccurate as earlier efforts with respect to surface 
area/volume rules, it was generally regarded by critics as an 
artistic success, thematically depicting physical transformation 
leading to mental and emotional change. Although The Fly 
I (directed Chris Walas, special-effects artist on the earlier 
film) was not embraced as enthusiastically by critics, it 
nonetheless was perceived as more than just a horror film, 
with allegorical elements relating the physical and emotional 
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changes of adolescence with the metamorphic transformation 
of the protagonist. Despite the presence of redeeming 
intellectual content in these films, these films attracted 
considerable attention for their graphic special effects, far 
surpassing earlier efforts. 

In 1983, the first report of successful genetic transformation 
of an insect (Drosophila melanogaster) was published, and by 
1987 genetically engineered insects (specifically, mutant killer 
cockroaches) made their first appearance in a science fiction 
film, in the otherwise unremarkable film The Nest. Genetic 
engineering techniques advanced more quickly on screen than 
in real life; by 1997, in Mimic, the young entomologist Susan 
Tyler (Mira Sorvino) is able to incorporate termite and mantid 
DNA into cockroaches, with the goal of creating a “Judas 
bug” to bring contagion to the cockroach vectors of a human 
illness but instead unleashing a plague of six-foot-tall people- 
eating cockroaches in the subway system of New York City. In 
Spiders, unspecified alien DNA is incorporated into the titular 
arthropods to wreak havoc in a secret government laboratory. 


“Social” Insect Films: Small Size, Large Numbers 


One of the largest orders of real-life arthropods, the 
Hymenoptera, is in fact the most frequently depicted in insect 
fear films. There may be several reasons for this proportional 
similarity. For example, bees are relatively easily manipulated 
for the camera in comparison with other insects, can be pro- 
duced commercially, and can be reared in enormous numbers 
with comparative ease. Perhaps an even more important factor, 
however, is their familiarity to the audience. Encounters with 
bees, ants, and wasps are part of the normal course of life for 
most moviegoers. Such an explanation also can account for the 
proliferation of films involving cockroaches, although these, 
too, share the practical advantage of ease of rearing in 
enormous numbers and affordability. 

Films using footage of real insects engaging in more or less 
normal insect behaviors rose to prominence in the 1970s and 
included such efforts as Phase IV, featuring documentary- 
quality footage of ants, and Bug, featuring Madagascar 
hissing cockroaches (albeit engaged in some unusual 
behaviors, such as spelling out death threats with their bodies 
on the wall of a house). The appearance of so-called killer 
bees on a container ship in San Francisco harbor in 1974 may 
have inspired filmmakers to capitalize on a real threat—the 
introduction of African honey bees with a reputation for 
defensive behavior often lethal to animals and sometimes to 
humans. The films proved popular with filmmakers in part 
because audience members enter the theater with at least 
passing familiarity with the film’s antagonists (in contrast 
with giant arthropods). As well, bees can be controlled 
chemically—by pheromones—to cluster or land in a 
particular spot and so are more easily manipulated for special 
effects. Five films were made about killer bee invasions 
between 1974 and 1978 (Table I), although none of them 


was particularly successful at the box office (surprisingly for 


the 1978 film The Swarm, with a screenplay by Arthur 
Herzog and a cast including such Academy Award-caliber 
actors as Henry Fonda and Michael Caine). 

In many of the films featuring large numbers of small 
insects, ecological disruption is a recurring theme. 
Biomagnification, accumulation of toxins up a food chain, is 
the focus of several. In Kingdom of the Spiders, tarantulas take 
over a town and start consuming livestock because “DDT” 
destroyed the food chain and deprived them of their normal 
prey. Other films depicting altered food web dynamics as a 
result of pollution (radioactive and/or toxic waste) include 
Skeeters and Empire of the Ants. \n Ticks, fertilizers and other 
chemicals used by illegal marijuana growers are encountered 
by ticks, which grow to enormous size and terrorize a group 
of inner-city teens in the woods on a wilderness survival trip. 

Another ecological phenomenon of concern both in the 
movies and in real life is the accidental introduction of alien 
species (although in the movies these are more likely to be 
real aliens, from outer space, not just a foreign country). 
Arachnophobia depicts the fictional consequences of the 
accidental introduction of a South American spider species to 
the Pacific Northwest. The many killer bee movies pointedly 
make reference to the dangers of accidental importation of 
strains of bees into new habitats (although in The Bees their 
introduction is no accident; greedy cosmetics magnates 
import killer bees in the hope of producing large amounts of 
profitable royal jelly). 


INSECTS IN DOCUMENTARY FILMS 


Although educational shorts for school and extension 
markets often deal with entomological topics, documentary 
filmmaking, which combines information and art, has 
tended to ignore this area. For a long time, documentary 
filmmakers faced many of the same challenges faced by 
feature filmmakers with an interest in insects. Only until the 
latter half of the 20th century did developments in 
technology permit the capture of small moving objects (such 
as insects) on film in a compelling and effective manner. Yet 
another obstacle, particularly problematic for documentary 
filmmakers, was audience interest; whereas audiences could 
accept insects bent on destruction of the human race in 
science fiction or horror films, they generally showed 
considerably less interest in the accurate depiction of the lives 
of real-life insects. Animal documentary filmmakers have 
long had to accept the fact that audiences prefer drama to 
accuracy in depictions of nature. Walt Disney, with his 
groundbreaking True Life Adventure nature films made 
between 1948 and 1970, relied in many of his nature films 
on personification and anthropomorphism to make the 
animal subjects of studio films more appealing to audiences. 

Arguably the first “documentary” films involving insects 
were the pioneering efforts of E Percy Smith, who in 1912 
created films aimed at illustrating the physical prowess of the 
common house fly. Smith enclosed a fly inside a dark box 


equipped with a thin glass door at one end; the door in turn 
had a small opening into which was fitted a toothed wheel 
that was free to rotate. The fly, orienting to the light entering 
through the glass door at one end of the box, would move 
toward the light; when it encountered the glass door 
obstructing its escape, it was struck on the head by a tooth in 
the wheel which rotated as a consequence of the fly’s 
movements. Eventually, via conditioning, the fly simply 
walked up the wheel, which would rotate, creating a 
treadmill and providing the photographer an opportunity to 
film the fly walking in place. Smith modified his approach to 
film flies outside the box, tethered in place, and in this way 
was able to obtain footage of them seemingly juggling 
dumbbells, corks, bits of vegetables, other flies, and sundry 
other objects. When the film was released newspaper reports 
accredited the cinematographer with strange powers, and the 
capacity to train house flies as others do circus animals. 

Audience reluctance to accept insects for their own sake is 
the explanation for the peculiar framing device used in the first 
big-budget feature-length documentary about insects, The 
Hellstrom Chronicle. This film was originally conceived as a 
straightforward documentary and featured what was at the 
time state-of-the-art macrophotography that provided startling 
and dramatic close-ups of its arthropod subjects. The extraor- 
dinary inventiveness of cinematographer Ken Middleham led 
to spectacular images of insects engaged in a wide range of 
behaviors. However, the studio heads were unconvinced that a 
documentary about insects could bring in an audience and 
insisted on adding to the film a fictional storyline, about an 
academic, Dr. Nils Hellstrom (Lawrence Pressman), denied 
tenure because of his insistence that insects were bent on 
human destruction. As a result, the hybrid film was a com- 
mercial success as well as an artistic success of sorts (earning a 
Grand Prix de Technique award at the 1971 Cannes Film 
Festival for its remarkable images), although it was panned by 
critics, in part because of its sensationalistic tone. 

A general awakening of the American public to environ- 
mental issues in the 1970s did little to inspire interest in insect 
biology, and insect documentaries have been few and far 
between since The Hellstrom Chronicle. Insects figured 
peripherally in the documentary Cane Toads, An Unnatural 
History, directed and written by Mark Lewis, and first shown 
in 1988. The cane toad Bufo marinus was deliberately intro- 
duced into North Queensland, Australia in 1935 to control 
Lepidoderma albohirtum (a beetle larva) and its relatives. 
Although the cane toads were ineffectual biocontrol agents, 
they were exceptionally effective colonizers, which now popu- 
late much of Queensland, northern New South Wales, and 
eastern Northern Territory, wreaking ecological and environ- 
mental havoc. The history of this ill-conceived biocontrol 
effort and its consequences are the subject of the documentary. 

Microcosmos (1996) is similar to The Hellstrom Chronicle in 
that its success was due largely to quantum improvements in 
capturing insect images and behavior on film. Filmmakers 
Claude Nuridsany and Marie Perennou spent 15 years 
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researching, 2 years designing equipment (including inventing 
a remote-controlled helicopter for aerial shots), 3 years 
shooting, and 6 months editing a masterpiece of insect 
cinematography. Yet the concept underlying the film was quite 
novel. Instead of a “superdocumentary” of amazing insect 
feats, the filmmakers settled on the idea of telling the story of 
a single summer day (albeit in reality filmed over a much 
longer period of time) in a field in the countryside of Aveyron, 
France (where they lived and worked). Their goal was to depict 
insects and other small creatures not as “small bloodthirsty 
robots” but rather as individuals with unique abilities. Instead 
of narrration, there was a simple introduction, 40 words, 
spoken by actress Kristin Scott Thomas. Microcosmos was well 
received by critics (although it failed to win a nomination for 
best documentary at the Academy Awards), and it performed 
respectably at the box office. Although some notable 
entomologists bemoaned the absence of voiceover and the loss 
of an opportunity to educate the public about the insect lives 
captured on film, the extraordinary images depicted on screen 
will likely set the standard for excellence in insect documentary 
filmmaking for years to come. 


INSECT WRANGLERS AND SPECIAL EFFECTS 


Because handling insects and other arthropods and eliciting 
appropriate behaviors from them on cue is beyond the expe- 
rience and training of most directors, these responsibilities are 
frequently delegated to a specialized crew member known in 
the profession as an “insect wrangler” or “bug wrangler.” Since 
the early 1960s, only a handful of individuals have engaged in 
this occupation in a conspicuous way. Some insect wranglers 
specialize in handling a narrow range of taxa. Norman Gary 
has been a bee wrangler for more than a quarter-century. 
Currently an emeritus professor at University of California at 
Davis, he served as a faculty member in bee biology from 
1962 to 1994. His research interests have been in the area of 
bee behavior, and he has written or coauthored over 100 
publications on bees. Since 1966, he has been a consultant 
for legal, industrial, film, and television productions about 
bees. His ingenuity in developing methods for manipulating 
bees and their behavior has led him to develop methods of 
narcotizing queens to facilitate instrumental insemination, as 
well as vacuum devices for handling, tagging, counting, 
confining, and otherwise handling bees. An abbreviated 
filmography for Gary includes My Girl, Fried Green Tomatoes, 
Candyman, Beverly Hillbillies, Man of the House, X-Files, The 
Truth about Cats and Dogs, Leonard Part VI, A Walk in the 
Clouds, and Invasion of the Bee Girls. 

Another individual with an affinity for a particular taxon 
is Ray Mendez, who worked as an entomologist at the 
American Museum of Natural History in New York. Mendez, 
along with colleague David Brody, provided over 20,000 
cockroaches for the film Creepshow in 1982; in 1996 Mendez 
wrangled 5000 live cockroaches and provided advice on 
animated and puppet cockroaches for the film /oes Apartment. 
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Mendez is also an authority on naked mole rats and was 
featured in the documentary Fast, Cheap and Out of Control. 
Steven R. Kutcher, a consulting entomologist in Arcadia, 
California, and part-time biology instructor at West Los 
Angeles College, is notable for the range of arthropods with 
which he has worked. Kutcher obtained a bachelor’s degree 
in entomology at University of California at Davis and a 
master’s degree in biology with an emphasis on insect 
behavior and ecology at California State University, Long 
Beach. Since 1976 he has been involved in arthropod 
wrangling for many movies and commercials. He has worked 
with a variety of arthropods, including spiders, yellowjackets, 
cockroaches, mealworms, grasshoppers, and several species of 
butterflies. Among his film credits are Extremities, Exorcist IT: 
The Heretic, Arachnophobia, Race the Sun, Jurassic Park, and 
Spiderman. His unusual vocation has made him the focus of 
more than 100 print articles, and in 1990 his work was the 
subject of a short documentary by National Geographic. 


INSECT FEAR FILM FESTIVALS 


The idea of using insects in movies as a means of entomological 
outreach apparently dates back to the origins of the annual 
Insect Fear Film Festival at the University of Illinois at Urbana- 
Champaign. The first festival, brainchild of then assistant 
professor of entomology May Berenbaum, was held in March 
1984. The goal of the festival has been to use insect fear films 
to draw in an audience and to use the films as a means for 
highlighting scientific misconceptions about insects. At each 
festival, two or three feature-length films are shown, inter- 
spersed with animated shorts. Before the festival begins, and 
between films, the audience is invited to see and handle a 
variety of live specimens as well as pinned specimens. Generally, 
the festivals are organized around themes, which have included 
female insects, noninsect arthropods, orthopteroids, social 
insects, cockroaches, flies, and mosquitoes. 

Other events that have been held in conjunction with the 
festival included a thematically relevant blood drive, held in 
cooperation with Community Blood Services of Champaign, 
for the 1999 mosquito film festival. Attendance at these fes- 
tivals can exceed 1000. Over the years, the festival has been 
featured in a wide range of media throughout the world. 

Other insect fear film festivals per se are few in number; 
Iowa State University has conducted an Insect Horror Film 
Festival since 1985, and Washington State University has 
hosted its Insect Cinema Cult Classics festival since 1990. 
Insect films, however, have been elements of insect expo and 
public outreach efforts in many venues, including museums, 
science centers, and universities across the country. 

There is one legitimate insect film festival in the traditional 
sense, in which films are submitted in competition and are 
judged and awarded prizes. FIFI, organized by l’Office pour les 
Insectes et leur Environnement du Languedoc-Roussillon 
(OPIE LR) and the the Regional Natural Park of Narbonne 


and the city of Narbonne, France, is a biannual international 


film festival dedicated to insects and other small animals. The 
FIFI, in its fourth year in 2001, is the result of a partnership 
with the Institute for Research and Development (IRD), the 
French National Center for Scientific Research (CNRS), the 
National Institute of Agronomic Research (INRA), the City of 
Sciences and Industry (Paris), the National Museum of 
Natural History (Paris), and the Agronomic University of 
Gembloux (Belgium). Its stated objectives are to increase the 
sensitivity of the media and the public to the ecological impor- 
tance of continental invertebrates as well as to encourage and 
promote the making of films or videos dedicated to insects. 


FUTURE OF INSECTS IN CINEMA 


With the continuing development of CGI and the veritable 
explosion of such outlets for film as cable stations, satellite 
television, DVD and video markets, the future of insects and 
other arthropods in the movies looks assured. Arthropods 
will certainly continue to be objects of distaste and unease for 
audiences throughout the world and so will remain staples of 
horror films and certain types of science fiction adventure. 
Moreover, CGI and developments in macrophotography 
techniques ensure that insect images on screen will become 
increasingly sophisticated, although scriptwriting will almost 
assuredly remain as resolutely unrealistic as it has since the 
earliest days of insects in cinema. 
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Muscle System 
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Mux: is the excitable, contractile tissue of animals that is 
responsible for movement and behavior. Although there is 
great variability in structure and performance among different 
insect muscles, many basic features of biochemical composi- 
tion, ultrastructural organization, and contractile performance 
are common among insect muscles and indeed are similar 
between muscles of insects and those of vertebrates. 


MUSCLE STRUCTURE AND ULTRASTRUCTURE 
Muscle Fibers and Fiber Bundles 


The skeletal muscles of insects are bundles of elongate, multi- 
nucleate cells called muscle fibers. The fibers attach at each 
end to the exoskeleton. The muscles typically span joints of 
the exoskeleton and, when active, cause bending of the joint 
or stabilization of the joint against external forces. Skeletal 
muscles are the muscles of behavior, the muscles involved in 
posture and locomotion. In addition to skeletal muscles, 
insects contain visceral muscles that cause movement of the 
gut, Malpighian tubules, and parts of the reproductive system; 
there are also cardiac muscles that cause contraction of tissue 
sheets and vessels associated with the circulatory system. The 
visceral and cardiac muscle cells are typically small, spindle 
shaped, and with a single nucleus. 

An individual insect contains many morphologically 
identifiable skeletal muscles. The large number of muscles is a 
consequence of the segmental organization of insects and the 
serial replication of parts associated with segmentation. Each 
of the wing-bearing segments of a cockroach contains about 
50 separate muscles, an abdominal segment a somewhat smaller 
number. In a classic anatomical study, Lyonet, in 1762, noted 
that the larva of the goat moth, Cossus, contains three times 
the number of anatomically distinct skeletal muscles as does 
a human! 

In most insect muscles the fibers lie parallel to one another, 
and when the muscle contracts it shortens along the long axis 
of the fiber bundle. Such muscles are spoken of as being 
parallel-fibered muscles (Fig. 1, left). In some muscles, in par- 
ticular peripheral leg muscles, the fibers attach obliquely at 
one of their ends onto an internal, cuticular extension called 
an apodeme (Fig. 1, right). When these muscles are activated, 
the muscle as a whole shortens along the axis of the apodeme, 
oblique to the fiber axis. The oblique insertion of fibers onto 
the apodeme is remindful of the oblique junction between 
lateral filaments and the main shaft of a feather, hence muscles 
with an oblique fiber arrangement are called pinnate (L. pinna 
= feather). The force that a muscle can generate increases 
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FIGURE 1 Muscle with parallel fibers (left) and one with pinnate fibers (right). 
The parallel-fibered muscle is the mesothoracic dorsal longitudinal flight 


muscle of the tettigoniid Neoconocephalus robustus. (Modified from Stokes, 
Josephson and Price, 1975, J. Exp. Zool. 194, 379-407.) The dark structure 
coursing across the muscle surface is the motor nerve that innervates the 
muscle. The pinnately fibered muscle is the metathoracic extensor tibia of 
the cricket Zeleogryllus oceanicus. (Modified from Donaldson and Josephson, 
1981, J. Comp. Neurol. 196, 735-742.) Abbreviations: N, motor nerve; Tr, 
trachea; A, apodeme. 


with increasing cross-sectional area. The pinnate arrangement 
of muscles increases the effective cross-sectional area and hence 
the force that the muscle can produce. 


Filaments and Fibrils 


Muscle shortening in insects as in other animals results from 
sliding movement between interdigitating thick and thin fila- 
ments contained within the muscle fibers. The force of contrac- 
tion is a shearing force developed between these filaments. The 
thick filaments are made up largely of the protein myosin, the 
thin filaments of the protein actin. A single thick filament is 
composed of many individual myosin molecules and, similarly, 
a thin filament contains many actin molecules. Projections of 
the myosin molecules from the thick filaments toward the 
thin filaments, called cross-bridges, are the sites of interaction 
between the two and are the force generators for contraction. 

The thick and thin filaments are grouped into longitudinal 
bundles called fibrils. The filaments within a fibril are 
grouped precisely, both longitudinally and transversely (Figs. 
2 and 3). The thin filaments attach to and project from both 
sides of transverse structures called Z disks. The Z disks occur 
regularly along the length of the fibril. The interval from one 
Z disk to the next is called a sarcomere. The thick filaments 
lay side by side in the middle of the sarcomere. The sarcomere 
lengths in fibrils of fast muscles such as flight muscles are 2 to 
4 um; those in leg muscles, body wall muscles, and visceral 
muscles tend to be longer, up to 7 to 10 [m. The regular 
longitudinal arrangement of Z disks, thin filaments, and thick 
filaments creates a striped pattern along the length of a fibril 
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FIGURE 2 Origin of the transverse striations in skeletal muscle. The upper 
electron micrograph is a longitudinal section of a somewhat stretched fiber 
from the mesothoracic dorsal longitudinal muscle of the tettigoniid 
Neoconocephatus ensiger. The scale bar represents 1 um. Abbreviations: M, 
mitochondrion; I, I band; Z, Z disk; A, A band. 


(Figs. 2 and 3). The most obvious components of the striped 
pattern are (1) the Z disks; (2) the A bands, corresponding to 
that part of a sarcomere containing thick filaments; and (3) 


































































































































































































































































































FIGURE 3 Structural organization of a fiber from an insect fast muscle. The 
drawing is based on electron micrographs from a tettigoniid singing muscle. 
The fibrils here are radial—lamellar. Abbreviations: A, A band; I, I band; M, 
mitochondrion; SR, sarcoplasmic reticulum; T, transverse tubule; Z, Z disk. 


(Modified from Josephson, 1975.) 


the I bands, corresponding to that part of a sarcomere without 
thick filaments. When a muscle shortens, the thin filaments 
slide toward the center of the sarcomere and the I bands 
become shorter. Because of their transverse banding pattern, 
muscles in insects (and skeletal muscle in vertebrates, which 
have a similar organization) are described as being striated 
muscles. The visceral muscles of insects are similar in function 
to vertebrate smooth muscles and in many ways similar in 
physiology as well. But although vertebrate smooth muscles 
lack striations, the visceral muscles of insects, like the skeletal 
muscles, are striated. 

The thick filaments of insect muscles, and of vertebrate 
striated muscles, occur in a regular, hexagonal array. In 
vertebrate muscles a thick filament is surrounded by 6 thin 
filaments, each of which lies at the midpoint between three 
adjacent thick filaments (Fig. 4), and the overall ratio of thin 
to thick filaments is 2:1. In fast muscles of insects, for 
example flight muscles, there are also 6 thin filaments 
surrounding each thick filament, but these occur at the 
midpoint between two thick filaments and the thin-to-thick 
ratio is 3:1. In slower insect muscles, such as body wall 
muscles, the usual pattern is for each thick filament to be 
surrounded by a circle of up to 12 thin filaments. 

The fibrils of insect muscles occur in two basic patterns, 
cylindrical and radial—lamellar (Figs. 3 and 5). In muscles with 
cylindrical fibrils the bundles of filaments forming the fibrils 
occur as elongate cylinders that are often polygonal in cross 
section. In radial—lamellar fibers the fibrils are ribbon-shaped 
structures arranged radially about the center of the fiber. 


Other Components 


The cellular components of muscle fibers seen in electron micro- 
graphs fall into four functional groups. First are those structures 
directly involved in the generation of force and mechanical 
power. These structures are the thick and thin filaments that 
collectively form the fibrils. Second are those components 
involved in the control of contraction. The most obvious struc- 
tures involved in the control of contraction are the transverse 
tubular system (T tubules) and the sarcoplasmic reticulum 
(SR). The T tubules are membrane-bound tubular structures 
oriented perpendicular to the fiber axis. The membrane of a T 
tubule is continuous with the surface membrane of the fiber, 
and the T tubule can be regarded as an inwardly directed 
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FIGURE 4 Organization of thick and thin filaments as seen in cross sections 
of fibers from (A) a vertebrate skeletal muscle, (B) a fast insect muscle, and 
(C) a slow insect muscle. 





FIGURE 5 Transverse electron microscope sections through (A) a fiber with 


radial—lamellar fibrils (a flight muscle of the tettigoniid Euconocephalus 
nasutus) and (B) a fiber with columnar fibrils (from the tymbal muscle of the 
cicada Abricta curvicoasta). The scale bars indicate 1 Um. Abbreviations: M, 
mitochondrion; F, fibril; Tr, intracellular tracheole. 


extension of the surface membrane. In most insect muscles 
there are two tubules per sarcomere, lying in the overlap areas 
between thick and thin filaments (Fig. 3), but in the fibers of 
some muscles there is a single, centrally located T tubule per 
sarcomere. Within the fiber the T tubules make specialized junc- 
tions with the SR, which is an internally closed, membrane- 
bound compartment within the fiber. The function of the T 
tubules and SR is considered further below. Other elements 
involved in the control of contraction are the surface mem- 
brane of the muscle fibers and membrane specializations at 
the sites at which nerve processes contact muscle fibers. Third 
are the structural elements of the metabolic power supply. 
These are the mitochondria, which provide ATP, and glycogen 
granules. ATP is the immediate energy source for contraction; 
glycogen is a stored fuel for cellular metabolism. It would be 
appropriate to include among the elements involved in meta- 
bolic power the tracheoles, the terminal portions of the gas- 
exchange system that ramify throughout muscle fibers, even 
though topologically tracheoles are external to and not really 
part of the muscle fibers. Fourth are the structures involved 
in long-term maintenance of muscle, specifically the many 
nuclei of the fibers. 

The relative abundance of different cellular components in 
muscle is tightly correlated with the functional capacity of the 
muscle fibers. SR and T tubules are particularly abundant in 
muscles that can produce brief contractions, that is, in muscles 
in which the contractile apparatus can be rapidly activated and 
inactivated. Muscles capable of sustained activity at high power 
output are particularly well supplied with mitochondria and 
tracheolar endings. Mitochondria make up 30 to 40% of the 
muscle volume in wing muscle of active fliers and in sound- 
producing muscles that are active continuously and at high fre- 
quency. Such muscles are often pink, because of the cytochromes 
in the abundant mitochondria. It should be noted that hyper- 
trophy of mitochondria, and of T-tubules and SR, is at the 
expense of myofibrillar volume, so fast and fatigue-resistant 
muscles are likely to be relatively weak. 
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Muscle Attachments 


Skeletal muscles attach to the cuticle of the exoskeleton through 
specialized epidermal cells. The muscle fibers are joined to 
these cells by specialized junctions. called desmosomes. The 
terminal sarcomeres of the fibrils lack a final Z disk; instead, 
the thin filaments are attached to the muscle portion of the ter- 
minal desomsome through a band of what have been called 
junctional filaments. Visceral muscles are frequently joined 
to one another by desmosomes, and cardiac muscle fibers are 
joined by structures resembling the intercalary disks of verte- 
brate cardiac muscle. 


INNERVATION AND ACTIVATION 


There is an electrical potential across the surface membrane 
of a living, resting muscle fiber; the interior of the fiber is 
typically 30 to 70 mV electrically negative with respect to the 
extracellular solution. Nerve cells in the central nervous 
system send out long processes (motor axons) to the muscle 
fibers where they make specialized contacts termed synapses. 
A motor axon makes many synaptic contacts along the length 
of each muscle fiber that it innervates (multiterminal inner- 
vation), and a single muscle fiber may receive inputs from 
more than one motor axon (polyneuronal innervation). 
Impulses initiated in the central nervous system travel along 
the motor axons and cause the release of specific chemical 
signals (transmitters) from the motor axon terminals at the 
synapses. The transmitter released from the terminals of most 
motor axons leads to a reduction (depolarization) in the 
transmembrane potential of the muscle fiber in the vicinity 
of the nerve terminal. Muscle fiber depolarization initiates 
contraction of the fiber. Motor axons that depolarize muscle 
fibers and cause muscle contraction are called excitatory 
axons. Some axons, termed inhibitory axons, release trans- 
mitters that stabilize the transmembrane potential of the 
muscle fiber or even make it greater, thus antagonizing exci- 
tatory inputs. In addition to excitatory and inhibitory neural 
inputs, many muscles receive inputs from modulatory motor 
neurons, activity that releases chemicals that modify muscle 
performance, for example, increasing muscle force and work 
output or speeding relaxation. 

Insects, like other arthropods, manage their muscles using 
relatively few motorneurons. Some major muscles, for 
example tymbal muscles of cicadas, are innervated by a single 
motor neuron. Many muscles receive 2 to 4 motor neurons. 
The largest number of motor neurons yet described for an 
insect muscle is 16, to the flexor muscle in the leg of a locust. 

The processes linking membrane depolarization and con- 
tractile activation have been little studied in insect muscles, 
but the ultrastructure, biochemistry, and contractile perform- 
ance of insect muscle are so similar to those of the far better 
studied frog, cat, and rodent muscles that one can predict with 
confidence that the basic principles worked out for vertebrate 
muscles apply to insects as well. The expected scheme is as 
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follows. Membrane depolarization spreads inwardly into the 
fiber along the T tubules. Depolarization of the T tubules, 
which are coupled to the SR through specialized junctions, 
leads to release of calcium from the SR. Released calcium 
reversibly binds to regulatory sites in the fibrils, turning on 
the contractile machinery. Relaxation occurs as the SR takes up 
the released calcium and reduces the calcium concentration 
in the cytoplasm below that needed for contractile activity. 


MUSCLE MECHANICS 
Muscle Force and Muscle Length 


The muscle contraction initiated by a single stimulus, or by a 
single impulse in an innervating motor neuron, is termed a 
twitch; that evoked by repetitive input at a frequency high 
enough to maintain full activation of the muscle is termed a 
tetanus. A response in which a stimulated muscle develops 
force while held at constant length is called an isometric 
contraction. The isometric force generated by a muscle stimu- 
lated to contract in a tetanus is maximal at about the normal 
muscle length in the insect body and declines at longer and 
shorter lengths. The decline in force with increasing muscle 
length beyond the optimum is thought to be caused by a 
reduction in the overlap between the thick and the thin fila- 
ments and therefore in the number of myosin cross-bridges 
that can interact with the actin filaments. The decrease in force 
at short muscle lengths is probably a consequence of the thick 
filaments running into and being impeded by the Z disks, of 
collision of thin filaments in the middle of the sarcomere, and, 
at still shorter lengths, of overlap of thin filaments with por- 
tions of thick filaments of inappropriate polarity on the far side 
of the center of the sarcomere. 

Some muscles in insects and elsewhere can shorten to a 
small fraction of their resting length, a response termed 
supercontraction. The capacity for supercontraction appears 
to involve modifications in the structure of the Z disk such 
that there is not a collision between the Z disks and the thick 
filaments at short muscle lengths. In the supercontracting 
muscles that have been examined, the Z disk becomes 
perforate at short muscle lengths and the thick filaments slide 
through the spaces in the disks. 

The posterior, intersegmental, abdominal muscles of female 
locusts are of particular interest for the wide range of lengths 
over which they can operate. During oviposition, appendages 
on the end of the abdomen dig and pull the posterior abdo- 
men down into a relatively deep hole. The intersegmental 
muscles become stretched to about nine times their resting 
length. During this stretch, called superextension, the Z disks 
become broken up into discontinuous, nonaligned elements to 
which the thin filaments are attached. Muscle contractility is 
not lost, and contraction of intersegmental muscles returns the 
abdomen to its normal length following oviposition. The latter 
part of the recovery may be supercontraction, for in the resting 
state the posterior intersegmental muscles are normally 


supercontracted, with thick filaments protruding through gaps 
in the Z disks. 


Force, Shortening Velocity, and Power 


There is an inverse relationship between the force on a muscle 
and the velocity with which it can shorten, a relationship 
conveniently expressed in a force—velocity plot (Fig. 6). To 
facilitate comparison of muscles of differing size, force in a 
force—velocity plot is usually expressed as stress (force per unit 
cross-sectional area) and shortening velocity as strain rate 
(shortening velocity per unit muscle length). Two points on a 
force—velocity plot are frequently used to characterize a 
muscle’s contractile properties: the maximum isometric stress 
of the muscle (F,,,,, the intercept of the curve with the 0 
velocity axis) and the maximum shortening velocity (V;,... the 
intercept of the curve with the 0 force axis). Values for the 
maximum force in insect muscles are generally 5 to 35 N cm™ 
(N, Newton; 1 N is approximately the downward force exerted 
by a mass of 100 g in the gravitational field at the earth’s 
surface). The few available measurements of the maximum 
shortening velocity for insect muscles, all from fast muscles, 
are on the order of 3 to 15 lengths/s. 

The product of force and shortening velocity has dimensions 
of force X distance per time (work per time) and is the rate of 
doing work, i.e., the mechanical power output. The product of 
stress (force per area) and strain rate (shortening distance per 
second per unit muscle length) is the mechanical power per 
unit volume of muscle, which is readily convertible to power 
output per unit muscle mass. Thus each point on a force— 
velocity plot (or a plot of stress against strain rate) represents 
a power output. The power predicted from a force—velocity 
curve is the instantaneous power output. The peak instanta- 
neous power is substantially greater than the sustainable power 
from a muscle, for during maintained activity a muscle goes 
through repeated contraction—relaxation cycles and therefore 
shortens and produces power for only part of the total time. 
For fast muscle, including fast insect muscles, the peak power 
output is 100 to 500 W kg! (1 W=1 Joules'=1Nms'). 

Muscles in insects may be divided into synchronous muscles 
and asynchronous muscles on the basis of the relationship 
between the patterns of neural activation and of contraction 
(see below). The sustainable power available during 
repetitive, cyclic contraction has been determined for several 
synchronous insect muscles using the work loop approach, in 
which the muscle is subjected to length changes simulating 
those during normal activity and stimulated phasically during 
the length cycles. A plot of muscle force against muscle 
length for a full cycle produces a loop, the area of which is the 
net work output of the muscle for that cycle. The product of 
work per cycle and cycle frequency is the power output. The 
mechanical power available from synchronous flight muscles 
of several locusts and katydids and of a moth measured in 
this way ranges from 50 to 120 W kg™ at normal operating 
temperature. 
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FIGURE 6 Relationships between muscle force, shortening velocity, and power 
output. (A) Elements of a method used to determine the relationship between 
force and shortening velocity. The muscle is attached to a load that is supported 
from below. When stimulated the muscle develops force without shortening 
until the force equals that of the load, following which the muscle shortens 
under constant load. (B) Results from an experiment examining force—velocity 
relations using a tettigoniid wing muscle. (Modified from Josephson, 1984, /. 
Exp. Biol. 108, 77-96.) The lowest trace indicates the times at which the muscle 
was stimulated. The force trace marked by an arrow is the contraction with 
the smallest load of the series; the corresponding shortening trace, which has 
the shortest latency and the highest initial velocity, is similarly marked. (C) 
Force—velocity plot and a corresponding plot of power output for a wing muscle 
of the locust Schistocerca americana, 30°C (data provided by J. Malamud). 


Asynchronous and Synchronous Muscles 


Most insect muscles are like vertebrate skeletal muscles in that 
each contraction is initiated by depolarization of muscle fibers, 
and there is a 1:1 relationship between muscle electrical activity 
and muscle contraction. Such muscles may be termed 
synchronous muscles, reflecting the congruence between 
electrical and mechanical activity. The major flight muscles in 
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several insect groups are different in that there is no synchrony 
between electrical and mechanical events. These muscles are 
known as asynchronous muscles. Neural input and fiber depo- 
larization are needed to activate an asynchronous muscle, but 
when it is activated an asynchronous muscle can contract in an 
oscillatory manner if it is attached to a mechanically resonant 
load. The resonant loads for the flight muscles are the wings, 
which may be regarded as small, somewhat dampened tuning 
forks. The frequency of the oscillatory contraction is the 
mechanically resonant frequency of the load, which is greater 
than the neural input frequency required to keep the muscle 
fully activated. The contraction frequency of asynchronous 
wing muscles during flight is typically 3 to 10 times higher than 
the neural input frequency in each of the motorneurons acti- 
vating the muscle. The main singing muscles in some but not 
all cicadas are asynchronous muscles; the resonant load here is 
the cuticular tymbal to which the muscle is attached and whose 
inward movement produces the sound pulses. 

The features of asynchronous muscle that allow oscillatory 
contraction are stretch activation and shortening deactivation. 
When allowed to shorten rapidly an asynchronous muscle 
becomes deactivated, and while deactivated it can be stretched 
out to its original length, developing less force than it did while 
shortening. Stretching the muscle, in turn, reactivates it. 
Because of shortening deactivation, less work is required to 
restretch an asynchronous muscle than is produced by the 
muscle during shortening, and there is net work output when 
the muscle undergoes a shortening—lengthening cycle. It is this 
net work that is available to drive the wings and power flight. 

Asynchronous muscles occur in several of the most 
successful insect groups. They power flight in beetles, flies, 
bees, and wasps and many of the true bugs. The distribution 
of asynchronous muscles among insect taxa suggests that this 
mode of muscle control has evolved independently as many 
as 7 to 10 times. It is likely that asynchronous muscle has 
been favored by evolution because it is more powerful and 
more efficient than is synchronous muscle for operation at 
the high frequencies characteristic of insect flight. It is more 
powerful, in part, because asynchronous control does not 
demand rapidity in the rate at which muscle is turned on and 
off by neural input. High-frequency contraction is achieved 
without hypertrophy of the sarcoplasmic reticulum, leaving 
more room in muscle fibers for fibrils, which are the power- 
producing component. It is more efficient because a 
relatively low-frequency neural input is needed to maintain 
full activation, which reduces the amount of calcium that is 
released and re-bound during activity and the associated 
metabolic costs of calcium cycling. 


Are Insect Muscles Unusual as Motors? 


In the minds of many people, insects are extraordinary 
athletes. One sometimes hears it said that if a person were as 
strong as an insect, he or she could carry enormous weights 
or leap over tall buildings. Such assertions are largely based 
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TABLEI Contractile Properties of a Locust Flight Muscle 
(Metathoracic Second Tergocoxal Muscle of S. americana) and 
the Frog Sartorius Muscle 





Locust Frog 

Twitch time course, ms 

Rise time 20 21 

Onset to 50% relaxation 39 52 
Tension, N cm 

Twitch {7 5 

Tetanic 30 25 
Maximum shortening velocity, length s™ 4.1 6.4 
Power, W kg! 

Peak instantaneous 150 250 

Cyclic, sustained 48 50 


Note. Values were collected at 25°C or adjusted to the expected value at 
25°C from measurements made at 20 or 30°C using an assumed Qyy of 2. 

Locust data are from Malamud, Mizisin, and Josephson (1988, /. Comp. 
Physiol. A 162, 827-835) and Malamud, unpublished; frog data are from 
Renaud and Stevens (1981, Am. J. Physiol. 240, R301—R309), Rome (1983, 
Physiol. Zool. 56, 33-40), and Stevens (1988, /. Muscle Res. Cell Motil. 9, 
329-333). 


on incorrect application of principles of scaling. Consider, 
for example, jumping ability. A 1-g locust can develop 
enough power to lift its 1 g of mass to a height of about 1 m. 
A 70-kg person can develop enough power in a jump to lift 
his or her 70 kg to a height of 1 m. The work done is 1 g m for 
the locust, 70 kg m for the person, and the power required 
per mass of animal is the same. 

The most often studied and certainly the most completely 
analyzed muscle for any animal is the frog sartorius muscle. 
The most complete body of information on contractile 
properties for an insect muscle is probably for the wing 
muscles of locusts, both Schistocerca gregaria and S. 
americana. The frog sartorius muscle is not the strongest or 
the fastest vertebrate muscle known, but it is a good 
representative of a fast vertebrate muscle. Similarly locust 
flight muscles are neither the strongest nor the fastest insect 
muscles, but they are reasonable representatives of fast insect 
muscles. Some of the contractile properties of frog and locust 
muscle are tabulated in Table I. The vertebrate muscle and 
the insect muscle are surprisingly similar in many of their 
contractile properties. The muscles of insects share the same 
capacities and are subject to the same limitations as are 
muscles elsewhere throughout the animal kingdom. 


See Also the Following Articles 
Flight « Walking and Jumping 
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| nsect collections are often oversimplified as either a precious 
and essential, rapidly developing treasure or a musty, dusty, 
moribund assemblage of archaic specimens. Those who now 
prefer the latter characterization have not been paying atten- 
tion. Entomological collections and their curators are experi- 
encing a steady, if not spectacular, evolution in the way 
collections operate, and perhaps the best is yet to come. 

The term “insect collections” is often loosely used, and 
these collections usually contain other arthropods, including 
arachnids (e.g., spiders, mites), myriopods (e.g., centipedes, 
millipedes), and terrestrial crustaceans (e.g., sowbugs and 
pillbugs, amphipods). So most entomological collections are 
actually arthropod collections. 

Collections of insects and related arthropods constitute an 
enormous resource for biological information and are an irre- 
placeable tapestry documenting Earth’s entomological natural 
history. The numbers of specimens in collections are staggering, 
as is the amount of work yet to be accomplished just describing 
and cataloging millions of new species. Despite the revolution- 
ary changes energizing these collections, still daunting are the 
myriads of problems, particularly financial, that continue to 
debilitate many collections’ operations. 


SCOPE OF THE WORLD’S INSECT COLLECTIONS 


Insects are the largest, most diverse group of organisms in the 
world. Over 900,000 species have been described, and 
current estimates on the number still without names range as 
high as 30 million. That theoretical number is based on work 
in the New World tropics. However, more recent work 
testing that hypothesis, including the Old World tropics and 
measuring host specificity, now suggests a more modest but 
still astounding 4 to 6 million unnamed species. Reflecting 
the number of species potentially involved, insect collections 
maintain a large number of specimens. Based on numbers 
and extrapolations primarily from Arnett, Samuelson, and 
Nishida and adjusted for the last 8 years using an annual 
growth rate of 2% (average over a 20-year period), there are 


Migrating 5G RAN From EPC to NG Core 


A 5G-ready core strategy is determined, in part, by how the operator plans to intro- 
duce 5G radio. There are two basic possibilities: operate 5G RAN using an EPC or 
using a new NG Core. In practice, operators with plans to launch 5G early are likely 
to start with an EPC and migrate to NG Core over time, as shown in Figure 4 below. 





Figure 4: Migrating 5G RAN from EPC to NG Core 
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The diagram is taken from the most recent version of the 3GPP "Study on New 
Radio Access Technology" (TR 38.801), which will inform development of standards 
in Release 15. Several permutations of the architecture are under consideration; 
however, in simple terms, to the left, the new 5G base station (gNB) user-plane 
interface connects directly to a 4G EPC, while the control-plane functions, such as 
tracking, paging, etc., are provided by an evolved 4G base station (eNB), which in 
turn also connects to the EPC. In this scenario, the EPC requires little or no modifica- 
tion, making this a fast and simple way to deploy 5G radio from a core perspective. 


Over time, both 4G and 5G base stations can migrate to a new NG Core, which will 
provide both control- and user-plane functions. At this stage, NG Core becomes 
the primary core network for 4G and 5G access, as shown to the right in the dia- 
gram. This is conceptually similar to how EPC supports 3G and 4G access networks. 


Note that in cases where 5G radio is deployed for fixed wireless access, there is no 
need for an LTE RAN to provide control-plane functions to the 5G user device; a 
standard EPC is sufficient, although it would need to provide session management 
for the 5G access. Some of the first 5G deployments are expected to use this model. 


Network Slicing: A Key Bridge to 5G 


Network slicing is one of the key bridges between the 4G and 5G core. To support 
diverse service types, operators will use multiple core networks deployed as "network 
slices" on a Common IP services infrastructure. The idea, shown in Figure 5, is to create 
virtual core network instances (or "slices") dedicated to different services. Each slice 
can be optimized for the traffic profile and the commercial context of the associated 
service — for example, loT, public safety, mobile virtual network operator (MVNO), con- 
nected car, voice over WiFi or enterprise services. Network slices can be two dimen- 
sional in the sense that they can be both service- and customer-specific. 
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conservatively 724 million specimens in entomological 
collections worldwide. This figure does not include the 
unknown number of specimens in private collections, nor 
does it include a significant number of unprocessed 
specimens. In 1991 Miller reported the numbers of 
specimens for entomological collections in the United States 
and Canada and also included figures on unprocessed speci- 
mens (i.e., backlog). In 1976 reports indicated that 26% of 
specimens were reported unprocessed, increasing to 28% in 
1981 and 30% in 1986. If these percentages are extrapolated 
worldwide and added to the processed specimens, there may 
be nearly a billion arthropod specimens housed in entomo- 
logical collections. 

As might be expected, a great many collections house the 
rather large number of specimens that have been amassed. 
The insects and spider collections of one Web site 
(http://www. bishopmuseum.org/bishop/ento/codens- 
inst-html) lists 904 institutional or organizational insect 
collections. Despite the plethora of collections, the largest 


TABLEI Largest Entomological Collections* ’ 
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house a disproportionate number of the specimens. Table I 
lists the largest entomological collections, that is, those 
reporting over 5 million specimens in their holdings. The 
largest collections are found in Europe, North America, 
Australia, and New Zealand. The collections’ locations are 
likely influenced by the historical origins of insect 
collections, centers for entomological research, cultural 
interests, and economic restrictions. These collections do not 
coincide geographically with the regions of highest insect 
biodiversity, which tend to be in the tropics. 

The total number of specimens may appear excessive 
given the number of species described, but the total figure 
includes many undescribed species. Also, long series are 
required to study and account for the morphological, 
geographic, and seasonal variability within a species. The 
specimens are also widely spread throughout many 
collections, enabling multiple centers for study and 
providing insurance against loss of species representation in 
case of natural or man-made disaster. 


Collection 





Muséum d’Histoire Naturelle 

The Natural History Museum 

Smithsonian Institution 

Zoologische Staatssammlung 

American Museum of Natural History 
Canadian National Collection 

Alexander Koenig Zoological Museum 
Bernice P. Bishop Museum 

Musée Royal de I’Afrique Centrale 
Australian National Insect Collection 
Museum fiir Naturlunde der Humboldt University 
Zoologisch Museum, Universiteit van Amsterdam 
Field Museum of Natural History 

Institut Royal des Sciences Naturelles 
Museum of Comparative Zoology 
California Academy of Sciences 

Hungarian Natural History Museum 

New Zealand Arthropod Collection 
Naturhistoriska Riksmuseet 

Finnish Museum of Natural History 

Florida State Collection of Arthropods 
Bohart Museum of Entomology 
Naturhistorisches Museum Wien 

National Museum of Natural History 
Zoological Museum, University of Copenhagen 
Illinois Natural History Survey 

Carnegie Museum of Natural History 
National Natuurhistorische Museum 

South African National Collection of Insects 
Staatliches Museum fiir Tierkunde 

Los Angeles County Museum 


Country Number of specimens 
France (Paris) 30,000,000? 
United Kingdom (London) 30,000,000 
United States (Washington, D.C.) 30,000,000 
Germany (Munich) 16,566,000 
United States (New York) 16,204,000 
Canada (Ottawa) 15,000,000 
Germany (Bonn) 14,000,000 
United States (Hawaii, Honolulu) 13,250,000 
Belgium (Tervuren) 10,510,000 
Australia (Canberra) 10,000,000 
Germany (Berlin) 10,000,000 
Netherlands (Amsterdam) 9,685,000 
United States (Chicago) 9,000,000 
Belgium (Brussels) 8,000,000 
United States (Massachusetts, Cambridge) 7,601,000 
United States (San Francisco) 7,000,000 
Hungary (Budapest) 6,700,000 
New Zealand (Auckland) 6,560,000 
Sweden (Stockholm) 6,500,000 
Finland (Helsinki) 6,500,000 
United States (Florida, Gainesville) 6,500,000 
United States (California, Davis) 6,241,000 
Austria (Vienna) 6,000,000 
Bulgaria (Sofia) 6,000,000 
Denmark (Copenhagen) 6,000,000 
United States (Illinois, Champaign) 6,000,000 
United States (Pennsylvania, Pittsburgh) 5,500,000 
Netherlands (Leiden) 5,200,000 
South Africa (Pretoria) 5,000,000 
Germany (Dresden) 5,000,000 
United States (Los Angeles) 5,000,000 


“From Arnett, R. A., Jr., Samuelson, G. A., and Nishida, G. M. (1993). “The Insect and Spider Collections of the World.” 2nd ed. Sandhill Crane Press, 
Gainesville, FL and Miller, S. E. (1991). Entomological collections in the United States and Canada. Am. Entomol. Summer, 77-84. 

’Collections reporting over 5 million specimens; does not include large Russian collections such as Leningrad whose holdings are not available. 

In 1993 Arnett, Samuelson, and Nishida reported an estimate of 100 million. However, this is generally considered to be in error, hence the more 


conservative figure provided here. 
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BEGINNINGS OF INSECT COLLECTIONS 


The beginningss of insect collections are lost in unrecorded 
history. The Chinese used silkworms as early as 4700 B.c., 
honey bees by the fifth century, and scale insects by the 13th 
century. A treatise describing insects and their pharmaceutical 
properties had been published in China by at least A.D. 200. 
Cuneiform texts found in Mesopotamia dating to earlier 
than 669-626 B.C. contain systematically arranged names of 
insects. Aristotle (384-322 B.C.) studied insects and taught 
entomology. In A.D. 77 Pliny produced an encyclopedia that 
included entries on insects. Insect collections were no doubt 
made during antiquity, but no record of them has been found. 

The early periods saw interest in insects primarily for their 
practical use or as pests. European explorations in the 15th 
and 16th centuries opened up shipping lanes for commerce 
and trade. The explorers and adventurers brought back hordes 
of items including insect novelties, piquing the interest of 
many. The first entomological collections were included in 
the cabinets of “curiosities” assembled by wealthy Renaissance 
families to show to friends and associates. These cabinets were 
to eventually lead to modern natural history museums. 

The first compound microscopes were made by Hans and 
Zacharias Jansen in Holland in 1590. This major technologi- 
cal advance, coupled with the improvements made by Antony 
van Leeuwenhoek in the late 1600s, permitted the observation 
of tiny insects and their minute parts, advancing their study. 

As the number of curiosity cabinets continued to grow in 
the 16th and 17th centuries, a means to organize their con- 
tents became necessary. John Ray (1628-1705) attempted a 
classification of insects in 1705, which was published 
posthumously in 1710. Carolus Linnaeus (Carl von Linné) 
(1707-1778) published the first edition of his Systema 
Naturae in 1735, the 10th edition, published in 1758, 


became the basis for modern insect classification. 


SOURCES OF EARLY SPECIMENS 


Linnaeus surrounded himself with students not only to carry 
on his work but also to provide specimens for study. Linnaeus 
was particularly interested in obtaining species of practical use, 
and he arranged for his students to go on voyages and encour- 
aged them to send material from their travels. From 1744 to 
1796, students sent back to Linnaeus and his associates material 
not only from Europe but from the Middle East, Africa, India, 
Asia, South America, Africa, and the Pacific (Cook’s first two 
voyages). 

Some of these students of Linnaeus eventually produced 
works of their own: for example, Fredrik Hasselquist’s /ter 
Palaestinum eller Resa til Heliga Landet in 1762 and Pehr 
Forsskal’s Descriptiones animalium in 1775. Other Linnaean 
students, for example, Johann Christian Fabricius 
(1745-1808), were extremely productive in discovering and 
describing new species, continuing the Linnaean traditions 
and fostering this era of cataloging. 


Wealthy scholars and others amassed large collections that 
eventually wound up in institutional collections. Catherine 
the Great started Peter Simon Pallas on collecting and 
exploring travels throughout the Russian Empire between 
1767 and 1810. A. M. E J. Palisot de Beauvois described 
insects from Africa and America collected on his own travels 
from 1781 to 1797. Guillaume Antoine Olivier, sent on 
expedition to Turkey, Asia Minor, Persia, Egypt and the 
Mediterranean islands (1792-1798), later became a patron 
for other naturalists. Pierre Francois Marie Auguste Dejean 
(1780-1845), a soldier of fortune, collected in Austria and 
by exchange or purchase amassed the greatest collection of 
beetles in the world at that time. Thomas Say (1787-1834), 
the father of American entomology was appointed naturalist 
for Long’s expeditions to the Far West and visited the Rocky 
Mountains and the sources of the St. Peters River in 1823. 
Victor Ivanovich Motschulsky (1810-1871) was a Russian 
military officer who traveled through Europe, the Caucasus, 
Siberia, the Kirghiz steppes, Egypt, India, the United States, 
and Panama. Thomas de Gray, Lord Walsingham 
(1843-1919), was an English nobleman wealthy enough to 
travel extensively (United States, North Africa, Europe) and 
also purchase specimens. 

The 19th century was a fertile time for voyages and expedi- 
tions. Alexander von Humboldt visited the Spanish colonies 
of the American tropics between 1799 and 1804. Otto von 
Kotzebue sailed around the world from 1815 to 1818. On 
board was J. Friedrich von Eschscholtz who collected in 
California, Hawaii, the Philippines, Brazil, Chile, and other 
places. On a later voyage, again with Kotzebue, Eschscholtz 
amassed a large collection from the tropics, California, and 
Sitka (Alaska). Other important voyages for entomological 
specimens included those of the Astrolabe (1826-1829), the 
Astrolabe and the Zelee (1837-1840), the Swedish frigate 
Eugenie (1851-1853), and the Austrian frigate Novara 
(1857-1859). The United States Exploring Expedition 
(1838-1842) visited Madeira, Brazil, Chile, California, 
Oregon, Pacific Islands (including Hawaii, Australia, the 
Philippines, and Singapore), South Africa, and St. Helena. 
Sources of entomological collections mirrored the spread of 
empire and the pursuit of national interests. 

Rather than circumnavigating, some targeted specific 
locations. For example, Henry Walter Bates spent the years 
1851 to 1870 in South America, mostly in the Amazon, 
collecting and sending material back to England. Giacomo 
Doria (1840-1913), who founded the Genoa Museum, funded 
expeditions to areas particularly rich in insect diversity (Africa, 
Southeast Asia, New Guinea, Indian Ocean islands). Others 
such as Lionel Walter Rothschild (1868-1937) focused on 
specific groups. Lord Rothschild concentrated on butterflies 
and moths and funded expeditions to the far corners of the 
world; in 50 years’ time he amassed the greatest personal collec- 
tion ever (including 2.25 million butterflies and moths). 

The amount of material grew exponentially, and as the 
Linnaean system became entrenched, secure and centrally 


located places to store the reference collections and 
unprocessed materials were sought. 


DEVELOPMENT OF FORMAL COLLECTIONS 


The first natural history museum probably was that of Conrad 
Gessner a scholar of mid-16th-century Zurich. Very few 
present-day natural history museums were established before 
the mid-18th century. The Muséum National d’Histoire 
Naturelle in Paris was established in 1635 and was the first 
natural history museum established in the form we recognize 
today. Others were the Staatliches Museum fiir Tierkunde in 
Dresden established in 1650, the Zoologiceskii Instituti 
Zoologiceskii Muzei in Leningrad in 1727, the Zoologiska 
Museet in Lund in 1735, the Naturhistorisches Museum in 
Austria in 1748, and the British Museum in 1753. Scientific 
academies, beginning with the Accademia dei Lincei in Rome 
in 1603, fostered and often housed early collections. The Royal 
Society in London was founded in 1662, and the Académie 
Royale des Sciences of Paris in 1666. The Academy of Natural 
Sciences in Philadelphia, founded in 1812, is the oldest North 
American academy. The academies were later augmented by 
natural history societies that often performed similar func- 
tions. The First Aurelian Society (early insect collectors were 
known as “Aurelians”) was founded in London in 1745. The 
Entomological Society of Philadelphia, established in 1859, 
was the first American entomological society. 

The great explosion of natural history museums occurred in 
the latter part of 18th century and into the 19th century, with 
the continuation of exploration and collecting. Coincidentally, 
this proliferation of museum collections coincided with the 
earliest use of persistent poisons such as arsenic to protect 
biological specimens from damage by the pests that had des- 
troyed many earlier collections (a Western discovery, but the 
Chinese had written about the use of arsenic and mercury for 
control of human parasites in A.D. 100-200). Perhaps the con- 
centration of the entomological collections in temperate 
Europe and North America was a result not only of European 
influence but also of the climate, which likely was less 
favorable to potential pests of museum specimens than in the 
warmer regions of the world. 

Growth continued through the 20th century with the 
exception of periods of global conflict. The 19th and 20th 
centuries saw increasing participation of institutions and 
government in organizing and funding expeditions. 
Expatriates and professionals on foreign assignment were also 
great sources of collections. The 20th century later saw a focus 
on regional faunas, opportunistic trips, and taxon-based 
initiatives. Institutions became less involved with collecting 
efforts and individuals increased their efforts, particularly to 
aid their research goals. Toward the end of the 1900s, coop- 
erative efforts returned as the cost of fieldwork increased. 
Large national inventories such as the Instituto Nacional de 
Biodiversidad (INBio) established in 1989 in Costa Rica were 
undertaken, and ATBIs (all taxa biological inventories) were 
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begun to inventory areas with a combination of high biodi- 
versity and high threat of loss due to that biodiversity. 

As the great expeditions filled the collections’ coffers and 
the continuous additions provided more than enough work 
for taxonomists, collections also needed technological 
support to improve storage and retrieval capabilities. 


TECHNOLOGICAL ADVANCES IN 
METHODOLOGIES USED BY COLLECTIONS 


Technological advances, from the microscope to finding effec- 
tive pesticides, had and still have a profound influence on the 
development of entomological collections. Although the basic 
methods of collections and specimen preparation have not 
changed radically, new innovations usually made the process 
quicker, more efficient, and more inclusive. Steady changes 
have taken place in the past three decades, and in retrospect, 
a major revolution has occurred. 

Many innovations have been implemented, including the 
use of glass-topped drawers for specimen storage rather than 
just simple boxes. It is likely that insects were placed in 
containers to take advantage of the efficacy of pesticides by 
maintaining the specimens in a closed environment. Dried 
specimens are still prepared with pins, and paper labels are 
affixed to the pin beneath the specimen. However, the mate- 
rials used have been much improved. Insect pins are of higher 
quality and are less likely to corrode. 

Along with the advances in technology, the last few 
decades have seen a concerted effort to introduce materials 
conservation techniques into collections management. Recent 
advances in storage technology in insect collections include 
the development of the unit tray system. This is a system of 
topless boxes made of cardboard and with a material that 
functions as a pinning base at the bottom of the box. This 
innovation permits the rapid rearrangement of the collections 
as new studies modify the organization of a group. Placing 
like elements in a single unit tray (e.g., specimens of a species 
all collected in one area) also permits the use of a header card, 
or tray identifier, that permits rapid recognition and retrieval 
of information. The material first selected for tray bottoms 
was cork, Within several decades, however, cork was found to 
be unacceptable because its acidic nature affected the pins and 
labels and even perhaps the specimens. A new material was 
searched for, and most collections have settled on a cross- 
linked polyethylene product that is inert and pliable. 

In the late 19th century, new methods helped streamline 
the papermaking process. Unfortunately, the new papers are 
slightly more acidic and tended to break down faster, with the 
ironic result that older 17th and 18th-century labels are more 
permanent. Labels have changed in both substance and 
content. Some early collections were not labeled at all to show 
the origin of specimens. As systematic work progressed and 
some species were found to be restricted in their distribution, 
labels were added. These labels were laboriously handwritten 
in ink and often would indicate only a country, an island, or 


772 Museums and Display Collections 


a region. As even more species of insects were discovered, 
classifications became larger, and more specimens were col- 
lected, labels became more specific, adding ecological data, 
collecting information, and details of the collecting locality. 
With the development of GPS (global positioning systems), 
collecting location coordinates are routinely being added to 
label data. 

Hand-printed labels gave way to mass-printed forms. Type- 
setting took time, and so photoreduction methods were used 
to speed the process. Since the 1980s, the desktop computer 
has become a mainstay in collections work. Initial efforts to use 
the computer to generate labels were restricted to providing 
printed copies since the early printers did not have a font size 
small enough to fit all the necessary information onto the 
tiny specimen labels. As laserwriters developed, collections per- 
sonnel began experimenting with producing labels on them. 
The first efforts were encouraging until it was discovered that 
the toner (laser cartridge “ink”) did not stick to the paper used 
for labels in fluid (ethanol) collections. At this time, inkjet 
printers seem to be a useful alternative. 

The last two examples serve to show why collections often 
embrace technology slowly. Yet despite the pitfalls inherent in 
adopting new technologies, most collections today are in much 
better shape for long-term survival than they were before. 
Other advances in storage and maintenance include new or 
retrofitted buildings for many collections, use of climate con- 
trol to reduce fluctuations in temperature and humidity, and 
installation of compactor storage systems to make better use 
of space and improve access to collections. Repellents used in 
collections that are potential human health risks, such as naph- 
thalene (usage introduced in the late 19th century) and para- 
dichlorobenzene, are being replaced with freezing procedures 
and integrated pest management monitoring techniques such 
as sticky traps to intercept possible problems sooner. 

Collecting methods have improved and can easily over- 
whelm the preparation capabilities of most present-day collec- 
tion staffs. Mass collecting techniques took a great leap forward 
with the invention of a flight intercept trap by René Malaise 
in 1937 (prototyped in 1933). The Malaise trap is a tentlike 
structure placed in a position to intercept flying insects and 
have them self-collect in strategically placed containers. Today’s 
arsenal of passive traps includes yellow pan traps, pitfall traps, 
Berlese samplers, and innumerable other specialty traps and 
methods, including modifications of the original Malaise 
trap. For those unwilling to wait for their specimens to come 
to them, proprietary devices (e.g., D-Vac) allow vacuuming 
of vegetation. Even more efficient is the use of pyrethrum fog 
to assemble vast quantities of specimens from tree canopies. 

As collections techniques evolved, methods of studying 
and interpreting species have influenced collections also. 


CHANGING ROLES OF COLLECTIONS 


Modern entomological collections are rooted in Linnaean 
classification. The century following Linnaeus was devoted 


to describing and cataloging the massive amount of material 
gathered, but there were too many species and not enough 
taxonomists. Other disciplines began studies of arthropods, 
and many researchers had to develop taxonomic expertise on 
their own to have names for the organisms they were studying. 

Around the mid-19th century, large-scale agriculture and 
expanding horticultural efforts underscored the importance 
of insects as pests and opened up an entirely new area for 
collections, namely, the role of identifying insect pests and 
establishing the authenticity of such identification. The use of 
parasitoid and predatory insects for biological control began 
a new type of biological exploration, sending professional 
entomologists around the world to find control agents, which 
were subsequently reared and released. Governments estab- 
lished sections of entomology in agricultural divisions and often 
associated them with national collections such as the U.S. 
Department of Agriculture and the Smithsonian Institution 
or the Commonwealth Agricultural Bureaux and the British 
Museum of Natural History. 

Between 1897 and 1900, Ronald Ross and Patrick Manson 
discovered and experimentally proved that mosquitoes act as 
vectors in transmitting malaria, launching yet another era in 
collections development: the collection and study of medically 
important arthropods. Identification and research units were 
often established within military units or centers, such as the 
Walter Reed Army Medical Center in the United States. 

Evolutionary biology has had a profound influence on the 
development of insect collections. Both Charles Darwin and 
Alfred Russel Wallace had been influenced by insects when 
they proposed their theory of natural selection in 1858. Further 
evidence for evolution was sought within insects, enhancing 
collections in the process. In the past 50 years, areas such as 
genetics, population ecology, and even bioprospecting have 
used existing insect collections and developed additional collec- 
tions as adjuncts to their research. Insect collections have 
provided support for unexpected areas such as medical 
forensics. Within the last two decades, molecular biology has 
been asserting its influence on entomological collections, 
similarly using available specimens and gathering more, making 
use of DNA evidence to establish better understanding of 
species relationships. 

New approaches to taxonomic studies have appeared in the 
decades since 1980. Phenetics (sometimes referred to as numeri- 
cal taxonomy) bases classifications on overall similarities. 
Cladistics places emphasis for classification on branching 
points of a phylogeny. Evolutionary taxonomy adds degree of 
similarity to evolutionary origin. The advent of computers 
has helped the establishment of these systems by facilitating 
the manipulation of data. Ernst Mayr perhaps summed up 
the current status in insect classification best: “Taxonomy has 
been more active, more in ferment, in the last 50 years, than 
ever before in its history.” Today these words are even more 
applicable. 

As these new sciences developed, positions in classical 
taxonomy dropped steadily, many workers transferred to the 


newer “cutting edge” sciences. An increase in efforts to stimu- 
late appreciation of entomology was one of the responses to 
the perceived loss of positions and funding. 


COLLECTIONS ON DISPLAY 


Early collections were displayed in their entirety. In 1864 
John Edward Gray of the British Museum proposed to store 
the collections away from public view, and Richard Owen 
eventually produced an “index collection” that became the 
model for display of collections specimens. This began the 
period of exhibit collections, with only a small portion of the 
material placed on view and the remaining material devoted 
to research. With little variation, this was the extent of 
entomological specimen exhibition for the next century. 

Toward the latter half of the 20th century, new ento- 
mological exhibits with educational themes began appearing 
in an effort to interest the public. As operating costs rose and 
income stagnated, museums began adding an entertainment 
component to their exhibits in hopes of attracting more 
visitors, and to this end they allied themselves more closely 
with educational institutions. Exhibitors and collections staff 
quickly discovered that people respond positively to the 
display of live arthropods. 

In 1976 the first insect zoos (e.g., Smithsonian Insect 
Zoo) appeared in North America. These living exhibits were 
extremely successful, spawning dozens of replicates. The first 
butterfly house debuted in 1976 on the British island of 
Guernsey; over a hundred soon followed throughout the 
world. Determining the exact number of living insect 
exhibits throughout the world is difficult because many 
zoological parks have an insect component that is not readily 
apparent. Both conventional and insect zoos have live speci- 
mens on display, but whereas the older style zoos maintain 
special enclosures and habitats for the animals, butterfly 
houses permit visitors to walk through the enclosure. These 
two innovations sparked a flurry of activity in arthropod 
husbandry. An indication of the popularity of living col- 
lections just in North America is the number (328) of 
organizations represented at the year 2000 Invertebrates in 
Captivity Conference sponsored by SASI (Sonoran 
Arthropod Studies Institute). 


SHIFTING FUNDING 


As museums began appearing in the late 1700s and 1800s, 
funding for collections shifted from the province of wealthy 
patrons, who were largely replaced by institutions supported 
by government or public funds. As governments centralized 
and became more active, particularly in the areas of medicine 
and agriculture, funding support shifted. Beginning in the 
late 1800s, agriculture became a major source of economic 
support, and indeed, modern land grant college collections 
owe their existence to agricultural funding. Today most large 
museums in the United States survive on a mix of revenue 
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from endowment, gifts, income from visitors, grants from 
government or private sources, and direct support from 
government. In the rest of the world, funding for collections 
more likely comes from government sources, with less 
dependence on private sources. Traditional sources of 
funding such as agriculture or military research have waned 
recently, as has government spending in general. Though it is 
likely that funding sources such as biodiversity or 
conservation have not yet realized their full potential, many 
insect collections are now seeking supporting funds from 
private foundations as well as continued support from 
customary sources such as the National Science Foundation. 


FUTURE OF ENTOMOLOGICAL COLLECTIONS 


Inventory of the world’s biodiversity is far from complete, 
and present work is being accomplished in the face of 
extraordinarily high rates of extinction. Despite the large 
holdings presently in collections, many more species 
probably have not been collected yet, or even discovered. 
Financing for large-scale inventory projects has been minimal 
at best. However, a revival of taxonomy is under way, with 
funding coming from more diverse sources than before and 
with entomological collections reasserting their roles. Interest 
remains in endangered species and interest in alien species 
and their impact is growing rapidly. 

Collections have always been in the information business. 
Specimens are about data, and collections are in the business 
of brokering information and storing and retrieving data. 
Present information technologies are revolutionizing data- 
sharing capabilities, and many collections are furiously con- 
verting their older information retrieval systems (card files, 
specimen data, etc.) into electronic systems that can be used 
internally and shared internationally. Bioinformatics tools such 
as electronic catalogs [e.g., Biosystematic Database of World 
Diptera (http://www.sel.barc.usda.gov/diptera/biosys.htm) or 
Orthoptera Species File Online (http://viceroy.eeb.uconn. 
edu/Orthoptera)] are rapidly coming online. Large clearing- 
houses for biological information such as the National Biological 
Information Infrastructure (NBII) are available on the World 
Wide Web. 

The global availability of this information will provide 
more opportunities for cooperative ventures and at the very 
least will make the process of scientific inquiry a lot less time- 
consuming and less costly. Perhaps even more intriguing is 
the potential to overlay information from other disciplines— 
for example, adding geographic capabilities to enhance under- 
standing of species distributions, or plant data to further 
understand host associations—and provide a_ historical 
perspective to boot. Ambitious systems such as Species 2000 
and the Global Biodiversity Information Facility will permit 
this type of knowledge synthesis and interoperability. Perhaps 
an opportunity to better understand human impact on the 
world’s ecosystems from an arthropod perspective is finally at 
hand. This is an exciting time for insect museums. 
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Neosomy 
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eosomy in an arthropod is a remarkable enlargement or 

formation of new external structure, or both, resulting from 
the secretion of new cuticle unrelated to a molt, during an active 
instar or in the adult. It is distinct from the more modest addi- 
tion of cuticle that contributes to intermolt growth of many 
immature insects (notably larvae of Endopterygota) and that 
can be detected in some adult insects. Neosomy usually is asso- 
ciated with symbiosis and often with tachygenesis. Physogastry 
has been used overlappingly, but this term etymologically indi- 
cates abdominal swelling, and it usually has been defined as 
distension and not in relation to cuticular growth. 


EXAMPLES 


Neosomy is widely present in the Acari, including some para- 
sitic larval mites and all stages (larva, nymph, adult female) of 
hard ticks (Ixodidae). Female ixodid ticks generally increase 
in volume about 100x or more, after first doubling cuticular 
thickness during the principal time they are attached to the 
host. In the chigger genus Vatacarus taken from the lungs of 
sea snakes, larval volume increases 1500 or more and neoso- 
mules (the new external structures) form as papillae that aid 
worm-like movement. All feeding is larval, and the adult casts 
larval and nymphal exuviae together when it emerges. In the 
Crustacea, some ectoparasitic copepods are also neosomatic. 

Neosomy is seen in adults, primarily females, of some 
holometabolous insects. It occurs in females of four families 
of fleas. For example, Tunga monositus, embedded in the skin 
of rodents, grows more than 1000x until it no longer has any 
surface resemblance to a flea; addition of cuticle is centered 


in the second abdominal segment. Tunga penetrans (Fig. 1A), 
in mammals, including humans, increases in size less than 
other Tunga. Flies of the genus Ascodipteron in bats develop 
much as Tunga do. 

Some termite- and ant-associated beetles and flies are 
neosomatic. Social parasites among staphylinid beetles 
mimic termites in order to be accepted by the colony. The 
termite-mimicking cuticle that grows from the abdomen of 
an initially normal-looking adult beetle has paired “legs” and 
“antennae” (Fig. 1B). Neosomatic cuticle usually grows in 
soft areas between sclerites, but it can also involve sclerotized 
parts in these beetles. Many queen termites, sometimes >12.5 
cm in length, and some queen ants are neosomatic. 


FUNCTIONAL SIGNIFICANCE 


Combination of neosomy with symbiosis results from the 
abundance of food provided by a host or host colony. 
Neosomy in a termite or ant queen suggests that, although 
the association is intraspecific and hence not symbiotic, the 
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FIGURE 1 Female neosome, lateral view (scale bar, 1 mm). (A) 7 penetrans, 
with part of head visible on left. (Reproduced, with permission, from Audy 
et al, 1972.) (B) Coatonachthodes ovambolandicus. (Reproduced, with 
permission, from Kistner, 1979.) 
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queen’s relationship to the colony as a whole parallels symbiosis 
functionally. A female ixodid tick or a queen termite, for 
example, has unusual access to food and produces many eggs 
compared with related groups. 

Tachygenesis has a comparable effect in sheltering the 
species from risks. 7’ penetrans has two rather than the usual 
three instars of fleas. The more advanced T monositus does 
not feed as a larva, and all stages except the female in the host 
are sheltered in a rodent burrow, nonfeeding, and quiescent 
(except the larva spinning its cocoon and the male mating). 
The mimicry seen in termite-associated beetles presumably 
could not be achieved other than by neosomy. 


See Also the Following Article 
Mites 
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N eotropical African bees are derived from an intentional 
introduction of bees from South Africa into Brazil. These 
bees are famous for their stinging behavior and they are 
known as “killer” or “Africanized” bees in the media. 

The introduction from South Africa into Brazil of a 
subspecies of the common honey bee, Apis mellifera, resulted 
in a spectacular biological invasion that has had profound 
effects on agriculture, beekeeping, and human and animal 
health. Establishment of the African bees led to hybridization 
with bees of European subspecies maintained by beekeepers 
for honey production and pollination. The resulting apiary 
bees became extremely defensive, and honey production 
declined as beekeepers abandoned beekeeping. Stinging 
incidents that resulted in human and animal deaths soon led 
the press and the public to refer to these invaders as “killer 
bees.” The perception that the feral African-derived bees were 
of hybrid origin led to the term “Africanized bees,” which is 
a misnomer. 


PREVIOUS INTRODUCTIONS 
Honey bees (A. mellifera) are native to the Old World, and all 


honey bees present in the Americas are descendants of bees 
introduced from Europe, Africa, and the Middle East. Managed 
honey bees in the Americas are derived from at least five 
introduced European honey bee (EHB) subspecies belonging 
to two major lineages of A. mellifera (west European bees, A. 
m. mellifera and iberica; eastern European bees, A. m. ligustica, 
carnica, and caucasica). These temperate subspecies are notably 
successful in other temperate regions (e.g., Australia) and have 
been used with some success in tropical areas. However, they are 
not well adapted to tropical conditions and did not establish 
large self-sustaining feral populations in the tropics as they 
have done in subtropical and temperate regions. In many tro- 
pical areas, European bees would not persist without human 
assistance and, in most habitats (with the exception of regions 
with pronounced dry seasons) honey production was mar- 
ginal. In 1956, to improve honey production in Brazil, Warwick 
Kerr intentionally introduced to Brazil A. m. scutellata, a sub- 
species belonging to the African lineage of A. mellifera. The 
introduced subspecies became established in southern Brazil 
in early 1957 and, because this bee was well adapted to tropical 
conditions, a large feral population soon developed and began 
to spread at rates of 100 to 300 miles per year. No other 
invading species has expanded so rapidly into new habitats. 


DEFENSIVE BEHAVIOR 


The Neotropical African honey bees (AHBs) are well known 
for their defensive behavior, and the deaths of hundreds, per- 
haps thousands, of people (and certainly thousands of domestic 
animals) have been attributed to these insects. These bees are 
not always defensive, but under certain conditions they will 
attack people and animals near their nests in massive num- 
bers, inflicting hundreds and even thousands of stings. The 
venom (per bee) of AHBs is less toxic than that of EHBs; 
nevertheless, human victims of massive stinging require imme- 
diate medical attention to minimize lysis of blood cells, break- 
down of muscle tissue, and kidney damage, which can result 
in acute kidney and multiple organ failure. 


IMPACT ON BEEKEEPING 


Beekeepers accustomed to dealing with relatively gentle and 
manageable EHBs were unable to adapt to the defensive 
behavior as AHBs advanced through the Americas, and many 
abandoned beekeeping. Honey production declined and many 
countries became honey importers rather than exporters. For 
example, in the Yucatan peninsula of Mexico, an area of 
intense beekeeping with both EHBs and native stingless bees 
(Melipona and Trigona), both types of beekeeping declined 
precipitously following the arrival of AHBs. In much of the 
Americas, as new beekeepers adapted to AHBs, beekeeping 
and honey production recovered, most notably in Brazil. 


AHBs are now used for honey production in many areas of 
the Americas where EHBs were ineffective, and it appears 
that Kerr’s goal of improving honey production in the New 
World tropics will be realized. 


DIFFERENCES BETWEEN AFRICAN AND 
EUROPEAN HONEY BEES 


Honey bees subspecies from tropical and temperate regions 
have evolved adaptations that are suitable for their respective 
environments. AHBs are smaller, and they have higher meta- 
bolic rates, more rapid development, reduced longevity, smaller 
nest sizes, greater brood production, and lower honey storage 
than EHBs. These traits combine to limit the ability of AHBs 
to overwinter in areas where the interval between first and last 
frost is longer than 3.5 months. In contrast, feral EHBs can 
exist in areas where this winter interval is 6 months. Adapta- 
tions to tropical conditions that give AHBs advantages 
include higher rates of swarming (reproduction) and the ability 
to abandon the nest (abscond) and move to new habitats 
under unfavorable conditions. Also affording AHBs a distinct 
competitive advantage in the tropics are these insects’ abilities 
to find pollen and nectar, to increase their brood production 
under conditions in which EHBs are unable to do so, and to 
mount an intense nest defense that repels predators. 


HYBRIDIZATION AND GENETIC DIFFERENCES 


When two formerly isolated species or populations come into 
secondary contact there are four possible outcomes: coexistence 
with complete reproductive isolation, replacement of one popu- 
lation by the other, fusion of the two populations and com- 
plete mixing of the two gene pools (sometimes referred to as 
“dilution”), and establishment of a more or less permanent 
hybrid zone. The first scenario, coexistence with reproductive 
isolation between these biotypes, has not developed anywhere 
in the Americas. The second scenario seems to be the rule in 
nonmanaged populations: African-derived bees establish large 
feral populations and replace any resident European feral honey 
bees. 

Gene flow between neotropical AHBs and EHBs seems to 
be strongly asymmetrical. AHBs have maintained their genetic 
integrity, in spite of hybridizing with EHBs, as they have 
expanded their distribution. Even after 45 years of interaction 
with EHBs, these bees are indistinguishable in behavior and 
so similar genetically to bees in the Transvaal of South Africa 
that it is more appropriate to refer to them as Neotropical 
African bees or as African-derived bees rather than Africanized 
bees. Low acquisition of EHB traits into the AHB popula- 
tion can be attributed to pre- and postzygotic isolating mech- 
anisms (i.e., mate selection, queen developmental time, and 
hybrid dysfunction). For example, AHB queens mate pre- 
dominantly with AHB drones even in the presence of large 
numbers of EHB drones. When AHB queens are inseminated 
with semen from drones of both types, the AHB queen progeny 
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develops faster than the hybrids, assuring that in most cases 
the next queen would be an AHB rather than hybrid. 

Colonies from backcrosses of F1 hybrid queens to either 
parental genotype have unusual metabolic patterns, low honey 
storage, and high rates of mortality. This finding suggests pos- 
sible incompatibility of the nuclear and mitochondrial genomes 
of these biotypes. EHBs, in contrast, rapidly become Africa- 
nized, and nearly all traces of the EHB nuclear and mitochon- 
drial genome disappear from the feral bee populations following 
the arrival of AHBs. Disappearance of the European traits seems 
to result from a lack of prereproductive isolation, which results 
in extensive mating by EHB queens with AHB drones. This is 
followed by a pattern of queen development that favors hybrid 
rather than EHB queens. Matings by these F1 queens to AHB 
drones results in colonies with low fitness and the eventual loss 
of EHB mitochondrial DNA from the population. Displace- 
ment of EHBs therefore seems to result, in part, in a type of 
“genetic capture” in which one form, A. m. scutellata, eliminates 
the others by hybridizing with their females. The genetic and 
population consequences of the interactions between A. m. 
scutellata and A. mellifera subspecies from Europe suggest 
that A. m. scutellata deserves the status of a semispecies. 


HYBRID ZONES 


A hybrid zone formed at the southern limit of AHBs in 
northern Argentina in the late 1960s and early 1970s. 
Although many anticipated that a similar zone would form in 
the United States, this has not happened. Coincident with 
the arrival of AHBs in the United States, the mite, Varroa 
destructor, an introduced brood parasite from Asia that kills 
EHB colonies, spread rapidly throughout the country 
eliminating feral EHB colonies. At present, feral EHBs, 
which usually are escaped swarms from managed apiaries, are 
transitory and persist only for a short time; this precludes the 
formation of a persistent hybrid zone. In Argentina, it is 
likely that Varroa, which arrived after the formation of the 
hybrid zone, has changed the dynamic of the interaction of 
both types of bee as well. 


FUTURE 


In the future, the only significant feral bee populations in the 
United States will consist of AHBs in the southwestern states 
and possibly Florida, until or unless EHBs acquire sufficient 
tolerance of Varroa mites to once again establish feral popula- 
tions (Fig. 1). AHBs will not become more European through 
hybridization or selection and move further north. Barriers to 
gene flow into the AHB genome, coupled with selection against 
any AHBs with EHB genes that make them susceptible to 
Varroa mites, assures the continuation of a nearly separate 
Neotropical African bee genome. AHBs have many useful 
attributes but hesitancy on the part of beekeepers to work with 
these bees, partly because of familiarity with EHBs but also 
because of concerns of legal issues should their bees be linked 
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FIGURE 1 The known summer (shaded) distribution and predicted overwintering limit (60-degree line for January) of Neotropical African honey bees in the 


United States. 


to stinging incidents, will keep American beekeepers from 
adapting this bee to apiculture. 


See Also the Following Articles 
Apis Spieces ¢ Beekeeping ¢ Introduced Insects « Venom 
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| nsects manipulate their environment for a variety of pur- 
poses: to trap prey, attract mates, and provide shelter from 
the elements and protection from predators and parasites. 


Nests are a special category of environmental manipulation. A 
nest may be defined as any modification of the environment 
by adult insects that provides shelter for the rearing of their 
offspring. In most nest-building insects, the nests are simple 
excavations or small constructions that provide temporary 
protection for eggs or larvae, with or without the adult 
parent(s) in attendance to provide continuing parental care. In 
the numerous lineages of nest-building insects, an increase in 
parental care has generally been accompanied by the evolution 
of more elaborate nesting behavior. The trend has climaxed 
numerous times in the eusocial insects such as termites, ants, 
wasps, and bees, whose nests may be very large and architec- 
turally complex and may house the colony for many years 
under homeostatically controlled physical conditions. 


TAXONOMIC DISTRIBUTION OF NEST-BUILDING 


Nest building has evolved in only a handful of mandibulate 
insect orders. In this brief survey, only a few selected 
examples of nest-building species are given for each. 


Orthoptera 


True nests have evolved in a few species of locusts and crickets. 
In the burrowing cricket, Anurogryllus muticus (Gryllidae), 
nesting behavior reaches the highest point found in the order. 
The female of this species excavates a brood chamber in the soil 
and then seals herself inside and lays her eggs. When the nymphs 
hatch, the mother feeds them with special trophic eggs and later 
with grass that she gathers outside and brings into the nest. 


Coleoptera 


A number of beetles manipulate the environment so as to pro- 
vide shelter and/or food for their young. The female of the 
leaf roller, Deporaus betulae (Attelabidae), cuts across a leaf 
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loT is an example of how operators can use "slicing" to support a 5G-ready core 
strategy. Since many of the core network design parameters are similar between 
AG and 5G, investment in a software-based IoT core network can be made with 
the expectation that the same core (with software updates) will also support loT 
services on 5G in future. Moreover, because devices from both access types will 
connect to a common loT core, operators will be able to develop integrated 
AG/5G loT strategies that optimize investment and enable them to go to market 
with narrowband loT services before 5G specifications are released and radio 
equipment is deployed. 


5G will, naturally, bring more capabilities to network slicing. Most importantly, it is 
expected that the slice will run end to end across the RAN, core and transport net- 
work. Radio is typically deployed as a shared resource, which means that 5G slicing 
will involve advanced self-organizing network (SON) capabilities and hierarchical, 
slice-aware scheduling on the air interface. On the network side, the operator can 
use SDN to reserve resources for the network slice on the IP services fabric. 


NG Core for 5G 


Anew core network offers important benefits, particularly for services with demand- 
ing performance requirements, and is an important part of the 5G architecture. The 
high-level view of the NG core network architecture, as it looks in September 2016, 
according to TR 23.799 (the Technical Report on the NextGen System Architecture) 
is shown in Figure 6. 


The chart shows the primary elements of the new 5G system architecture, including 
the device (UE), the radio access network (NG-RAN) and the core network that 
comprises the control-plane (NG-CP) and user-plane (NG-UP) functions. The sepa- 
ration of control and user planes is a direct extension of the "CUPS" concept being 
developed for advanced EPCs in 4G networks and is another example of how op- 
erators can invest in 5G-ready core network designs in the near term. 
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along a precise trajectory, then rolls the leaf into a tube, inside 
of which she lays her eggs. The larvae feed on the inner layers 
of the leaf roll, while being protected by the outer layers. The 
dung beetles (Scarabaeidae) excavate nests in the ground and 
provision them with balls of dung rolled to the site. Some of 
the carrion beetles (Silphidae) form the body of a dead mouse 
or other small mammal into a ball, drop it into an excavated 
chamber, then lay eggs on it. In some species, the female 
remains in the nest and feeds the young larvae by regurgitation 
until they are large enough to feed on the carrion directly. 


Embiidina 

Both sexes of webspinners, adults as well as nymphs, produce 
silk from the swollen metatarsal glands in the forelegs, which 
they use to spin a network of galleries on tree trunks or in leaf 
litter. Not only do the galleries serve as a center for brood- 
rearing, but they also provide a shelter within which the family 
of webspinners grazes on bark, dead leaves, moss, or lichens. 


Isoptera 


All the termites are eusocial (reproductive division of labor, 
cooperation in brood care, and overlap of at least two 
generations capable of contributing labor to the colony) and 
all live in nests. In the more primitive species, the colony nests 
in the wood source it feeds on. Such “single-site nesting” is 
exemplified by the small colonies formed by species of 
Termopsidae, most genera of Kalotermitidae, and the less 
derived members of Rhinotermitidae. The colony spends its 
entire life in its log, the nest consisting simply of the irregular 
galleries excavated by the feeding termites. The “higher” 
termites, belonging to the family Termitidae and others, have 
evolved the ability to nest independent of their food source, 
in the soil or arboreally. Dissolving the identity between food 
source and nest freed these species to evolve larger colony size 
and to exploit a wider range of cellulose sources, including 
wood fragments of all sizes, grass, seeds, leaf litter, and humus. 


Hymenoptera 


Nesting behavior in the Hymenoptera is limited to three super- 
families: Sphecoidea, Vespoidea, and Apoidea. The ancestors 
of nest-building aculeates were nonnesting parasitoids of 
other arthropods. Nesting behavior probably got its start 
when a female parasitoid dragged her paralyzed prey into a 
crudely excavated nest in the ground and laid an egg on it, 
much as some sphecoids do today. Many of the solitary 
sphecoids and vespoids (sand wasps, digger wasps, spider 
wasps) excavate a subterranean nest and stock it with one or 
more paralyzed prey, on which an egg is laid, whereas others 
(mud daubers, potter wasps) construct aerial nests of mud. A 
few sphecids nest in hollow stems or other natural cavities. 
Except for the parasitic “cuckoo bees,” all bees (Apoidea) 
make nests. Most are solitary, the female excavating a nest in 
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the ground or using hollow stems or other natural cavities. 
Carpenter bees excavate burrows in solid wood. Some solitary 
bees construct nests of resin or a mixture of resin and pebbles, 
leaf pulp, or mud on rocks, stems, or leaves. 

Eusocial behavior has arisen in all three superfamilies. 
Nesting behavior, a prerequisite, was already established well 
in advance of the numerous origins of eusociality in these 
taxa. In the ants (Formicidae) and bees (Apidae), the evolu- 
tion of eusocial behavior occurred in subterranean nests, 
while in the wasps (Sphecidae, Vespidae) it took place in 
constructed, aerial nests of naked brood cells. In each group, 
as social life became more elaborate, nests increased in size 
and complexity and adapted to new nesting sites. Although 
many species of ants nest in the ground, many others, espe- 
cially in the tropics, construct arboreal nests or nest intimate- 
ly with plants. Many of the eusocial bees construct their nests 
in cavities, whereas others construct aerial nests, either with 
combs exposed or enclosed in a heavy involucrum. With 
larger colony size in the wasps came the evolution of 
protective nest envelopes and/or the move to cavities in the 
soil or in trees. 


NEST-BUILDING BEHAVIOR 
Materials and Tools 


For the majority of social species that excavate nests in soil or 
wood, the nest consists merely of the cavity left after the 
removal of material. In contrast, constructed nests, which have 
evolved in all four eusocial groups, require a combination of 
exogenous structural material and adhesive to bind the 
particles of material together. A variety of materials are used: 
termites use soil or wood particles cemented together with 
saliva and/or fecal material. Ants use wood or other vegetable 
fiber or mud. Lasius fuliginosus, for example, fills its nest cavity 
with an irregular carton meshwork glued together with honey- 
dew. The matrix is strengthened by the penetration of the 
hyphae of a symbiotic fungus. Social wasps (Vespidae) are 
known as “paper wasps” because familiar species use wood 
pulp as a structural material, although many tropical species 
use plant hairs and some even use mud. The fibers are chewed 
and mixed with a proteinaceous secretion of the labial gland 
that dries into a plastic-like matrix, giving the finished carton 
strength and a modicum of water repellency. Wasps that build 
exposed, pedicellate combs construct the pedicel primarily of 
this secretion, giving it toughness and a dark, shiny appearance 
(Fig. 1). Honey bees are unusual in using wax, secreted by 
wax glands on the abdomen, rather than collected material, 
to construct their brood and storage cells. Other social bees 
also use wax, but mix it with exogenous materials, including 
pollen, plant resins (propolis), vegetable material, mud, or even 
feces. Microstigmus wasps (Sphecidae) produce silk from glands 
at the tip of the abdomen and use this to glue together the 
leaf pubescence from which their delicate nests are sculpted. 
Weaver ants (Oecophylla spp.) sew living leaves together with 


780 Nest Building 


Brood cells 





FIGURE 1 Newly founded nest of the social wasp, Mischocyttarus drewseni, 
from Brazil. The founding female is shown wiping an ant-repelling secretion 
(the gland opens at the base of the terminal abdominal sternite) onto the 
pedicel of the nest, where it reduces the likelihood that ants will discover the 
comb of brood cells while the queen is away on a foraging trip. (Reprinted, 
with permission, from R. L. Jeanne, Chemical defense of brood by a social 
wasp. Science 168, 1465-1466. Copyright 1970 American Association for 
the Advancement of Science.) 


strands of larval silk to create multiple arboreal nesting cham- 
bers in which the young are reared. 

In all nest-building insects the mandibles are chisel and 
trowel, the primary tools used to excavate, collect, carry, and 
mix materials and shape them into the nest. Other tools are 
important in a few species: sand wasps use the legs to kick 
excavated sand out of the burrow, and paper wasps use the 
forelegs to help manipulate wads of nest material during 
chewing and mixing with oral secretion. Sensory feedback is 
critical for precision construction. Wasps use the antennae as 
calipers to control the size of brood cells in the comb. Honey 
bees measure brood cell diameter with the prothoracic tarsi, 
while they sense the thickness of wax in the cell walls via 
pressure receptors on the antennae. 


Information Sources 


The information required to construct the nest ultimately 
resides in the genome of individuals, not as a blueprint of the 


finished nest, but as a set of one or more kinds of 
construction acts combined with a set of decision rules. The 
decision rules determine the location and orientation of 
material added in relation to environmental cues that include 
gravity, the current structure of the nest, and the location and 
state of brood and food stores in the nest. It is the interaction 
of innate rules of behavior and feedback from external cues 
that results in the species-typical form of the nest. 

The simplest nests of solitary species are constructed by fol- 
lowing a linear (nonbranching) sequence of steps. A sand wasp 
digging her nest, for example, need only decide when to switch 
from extending the burrow to excavating a brood cell. In con- 
trast, nonlinearity characterizes the construction behavior of 
all social insects. Rather than following a programmed linear 
sequence, workers make choices among several types of build- 
ing behavior according to the current state of construction of 
the nest. Thus, a Polistes wasp can use her load of pulp to 
thicken the pedicel, lengthen a brood cell, initiate a new brood 
cell, or cover the silken cap of a cell containing a pupa. A social 
insect worker in a large colony may, in the course of her entire 
lifetime, perform only one or a small subset of the kinds of 
construction acts and decision rules in her species’ repertory. 


Social Organization of Building 


In the eusocial insect colony, workers specialize on different ele- 
ments of nest construction. Older Polybia wasp workers collect 
materials, some specializing in water, others in wood pulp. 
Back at the nest, these materials are turned over to younger 
workers, the builders, who keep the pulp moist with water as 
they add it to the appropriate places on the nest. The builders 
regulate the overall rate of activity, for it is they who have direct 
contact with the construction site and can determine the level 
of demand for materials. Foragers gain information about 
demand for their material as they seek builders to unload to. 


Nest Architecture and Expansion 


Termites and ants tend their brood in loose piles in nursery 
chambers. In contrast, eusocial bees and wasps rear their off- 
spring individually in cylindrical cells (bumble bees rear several 
immatures per cell). In all but the simplest bee and wasp 
societies, brood cells are grouped into combs of various sizes, 
shapes, and orientations (Fig. 1). The most space-efficient way 
to close-pack cylindrical cells is to surround each cell with six 
others. Since adjoining cells share walls, this results in the famil- 
iar “honeycomb” pattern of hexagonal cells. 

From the core of the nest outward, the typical arrangement 
is brood, then food storage areas, and finally the defensive struc- 
tures. In the honey bee hive, for example, the central brood 
cells are surrounded by a concentric layer of pollen-storage 
cells and then an outer layer of honey-storage cells. The entrance 
to the nest cavity (or a hive box) is secured by guard bees 
against intrusion by predators and parasites. A similar arrange- 
ment is also seen in the nests of termites (Fig. 2) and wasps. 
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FIGURE 2 Simplified diagram of the nest of the termite, Macrotermes 
bellicosus, from the savanna of Ivory Coast. The front half of the nest is cut 
away, except for the lower left quarter, which shows the external surface. In the 
lower part of the mound, just at ground level, is the nest proper, a construction 
consisting of the central royal cell (containing the queen, king, and attending 
workers), surrounded by chambers containing brood, fungus gardens, and 
stored food. Surrounding this is the ridged outer nest, whose design enables 
it to function as a giant air conditioner. During the day in the dry season, 
ventilation within the nest is externally driven by the sun, which warms the air 
in the peripheral air channels, causing it to rise. This sets up a convective cir- 
culation within the mound (arrows). CO, produced in the central nest diffuses 
out through the walls of the ridges. Air temperatures are highest and CO, 
levels lowest in the upper portions of the peripheral air channels. Air tem- 
perature within the fungus gardens is kept within 29-31°C. (Illustration by 
Lee Clippard; based on Collins, 1979, and Korb and Linsenmair, 2000.) 


Most social insects are able to expand their nests to accom- 
modate colony growth. In some species, such as yellowjacket 
wasps, growth is continuous throughout the life the colony, 
whereas in others it occurs in bouts separated by periods of 
no growth. Honey bees expand the combs in the hive when 
there is a strong nectar flow coupled with a shortage of honey 
storage cells. In ants and termites, nest expansion may occur 
opportunistically after rains soften the soil. 


FUNCTIONS OF NESTS 
Social Functions 


The nest is the information center of the colony. It is here 
that information is communicated about resource supply and 
demand and about the status of the queen. The nest itself is 
involved in the distribution of information about colony 
membership. Each colony has a unique mix of chemicals that 
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labels every individual as belonging to that colony. This 
“colony odor” resides on the cuticle of each individual as well 
as in the nest material, and it has been shown for wasps and 
honey bees that newly emerging workers learn to recognize 
their colony odor from the nest. 


Food Storage 


Bumble bees construct specialized wax pots in which they store 
honey and pollen during periods of good foraging. Stingless 
bees and honey bees store pollen and enough honey to sustain 
the adult population through the unfavorable season. The 
“honey wasps” (Brachygastra spp.) of the Neotropics also store 
large amounts of honey in their brood cells for the same 
purpose. Many other species of social wasps store enough 
honey as droplets in empty brood cells to get the colony 
through several days of poor foraging. Desert seed harvester 
ants stockpile seeds in chambers in their nests, and honey 
ants (Myrmecocystus and others) store large amounts of honey 
in the crops of specialized workers called repletes. The fungus 
ants and higher termites in the subfamily Macrotermitinae 
(Termitidae) grow specialized fungus as food in chambers in 
their nests (Fig. 2). 


Defense 


Nests often incorporate or accommodate some means of 
defense against natural enemies. The broods of small, newly 
initiated colonies are especially vulnerable when the founding 
queen must leave the nest to forage. Wasps in the genera 
Polistes and Mischocyttarus suspend their uncovered combs 
from a narrow, tough pedicel, which they coat with an ant- 
repelling secretion produced by an exocrine gland at the base 
of the terminal sternite (Fig. 1). Among the swarm-founding 
wasps of the tropics are several species that surround the 
access to the nest with “ant traps” made of carton bristles 
several millimeters long, each tipped with a sticky droplet. 
Bees and wasps that nest in cavities or construct protective 
outer covers reduce access by ants and parasitoids to a narrow 
entrance that can be guarded by a few defending workers. Some 
stingless bees cover the entrance tube with sticky propolis as a 
barrier against ants, whereas others pull the soft, waxy tube 
closed each night. The outer layer of the involucrum of arboreal 
nests of Trigona corvina and T. spinipes is thin and easily broken 
by an intruder, allowing defending bees to swarm out through 
passageways in the tough, inner layer and launch an attack. 


Homeostasis 


Social species that form small colonies can exert little control 
over temperature, humidity, or atmospheric gas concentration 
in the nest, but some compensate by placing their nests in 
favorable microhabitats. By building their nests where sun- 
warmed air collects, such as under eaves on the east and 
south sides of outbuildings in sunny locations, Polistes wasps 


782 Neuropeptides 


at higher latitudes achieve shorter ege—adult development 
times than they would at ambient temperatures. 

By virtue of a larger metabolizing biomass and lower nest 
surface/volume ratios, social species with larger colonies are 
better able to regulate nest conditions, and nest architecture 
is often adapted to enhancing homeostatic control. Large 
colonies produce considerable amounts of metabolic heat, 
raising nest core temperature well above ambient. Thick nest 
cavity walls or insulating envelope reduce the loss of this heat 
to the environment. By combining metabolic heating with 
evaporative cooling, honey bees can regulate the temperature 
in the core of the nest to within half a degree of 35°C, even 
if the outside temperature is many degrees lower or higher. 
The multiple layers of paper envelope of yellowjacket wasps 
(Vespula) enclose dead air spaces that insulate the nest against 
heat loss, enabling the colony to maintain steady nest 
temperatures well above ambient. 

Subterranean nests of termites and ants have less control 
over the temperature in the chambers of their nests, but they 
can construct the nest to take advantage of solar heating. 
Some ground-nesting ants of temperate regions excavate 
chambers under flat rocks lying on sunny ground. As the 
rock warms in the sun during the day, heat is conducted 
downward to the ground below. By moving the brood up 
into these warm but moist chambers during the day, the ants 
accelerate the development of their immatures. At night, as 
the rock loses its heat, the brood is moved down to relatively 
warmer chambers deeper in the soil. 

Some ants in higher latitudes build honeycombed mounds 
of soil or plant detritus. In some of the Formica species these 
can be over 2 m in height. The sun warms the mound to 
several degrees above ambient, and the colony incubates pupae 
by moving them up into chambers in the mound during the day. 

The most spectacular examples of homeostatic control of 
nest conditions are the large epigeal (aboveground) mounds 
built by termites in the savannas of the tropics. Homeostatic 
mechanisms vary across species, habitat, season, and even 
time of day. One example is Macrotermes bellicosus, found on 
the savannas of western Africa, whose colonies can reach 2 
million workers living inside large, cathedral-like towers that 
are 3 m or more in height. Air circulation within the mound 
during the day in the dry season is shown in Fig. 2. 
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europeptides (Nps) are extracellular chemical messengers, 
found throughout the animal kingdom, forming a most 
structurally and functionally diverse group of compounds. 
Nps have been very well conserved during the course of 
evolution, indicating their major role as regulators of 
physiological processes. Nps may act as neurotransmitters, 
neurohormones, or neuromodulators and, in the hierarchy of 
entities that regulate endogenous biochemical control 
functions, the Np messengers rank the highest. The original 
definition of Nps covered small molecules (< 50 amino acids) 
of a peptidic nature, synthesized in specialized nerve cells 
termed neurosecretory cells (NSC) and released from their 
axon terminals, either into the intracellular space of an adja- 
cent cell (nerve, endocrine, or nonendocrine) or into the circu- 
latory system. Nps released into intracellular spaces, affect 
proximal effector sites; those that enter the general circulation 
reach peripheral organs, where their activity can be mani- 
fested either directly by activation of a distal target organ or 
indirectly via signals to nonneuronal internal secretory glands. 
In recent years, during which many nonneuronal tissues have 
been found to produce the same peptides as neural tissues, the 
Np concept has been widened to include peptides that serve 
to integrate the brain and other tissues for the maintenance 
of normal physiology, homeostasis, and behavioral patterns. 
In insects, Nps were found to regulate a long list of physio- 
logical and behavioral processes during development, repro- 
duction, and senescence, and to maintain growth, homeostasis, 


osmoregulation, water balance, metabolism, and visceral 
activities. In the past two decades, a large number of insect 
Nps have been identified, some of which are similar in 
structure to vertebrate Nps. The study of insect Nps is diverse 
and multidisciplinary. It integrates cellular and molecular 
studies of the basic principles of Np action (e.g., biosynthesis, 
posttranslational processing, release, transport, activation of 
the target cell, and degradation), chemical approaches for their 
identification and characterization, immunochemical studies 
for anatomical localization, and physiological, behavioral, and 
pharmacological approaches to study their roles in the physi- 
ology of organisms. This article describes the distribution and 
localization of the insect neuroendocrine system, lists the 
various Np families, and considers the cellular and molecular 
basic steps of Np action, providing insights into the common 
properties of the large number of Nps presently identified and 
the approaches taken to study their regulatory functions. 


NP RESEARCH IN HISTORICAL PERSPECTIVE 


The concept of neuroendocrine control dates back to the 
beginning of the 20th century (1922) when Stephan Kopeé 
first suggested that metamorphosis in insects is regulated by 
brain factors that are released into the hemolymph. Further 
progress in the field came from the studies of Berta and Ernst 
Scharrer, who introduced the basic concepts of neurosecretion 
and NSC, and described the similarities between the retro- 
cerebral complex in insects and the hypothalamic—hypophysial 
system in vertebrates. Although neurosecretion was first 
observed in insects, invertebrate neuropeptide research 
lagged behind the vertebrate studies, mainly because of low 
availability of biological material and the lack of sensitive 
techniques for isolation, sequencing, and synthesis of peptides. 
The development of chemical, biochemical, and genetic 
engineering technologies as well as the growing awareness of 
the major role Nps play in the physiology of organisms, 
stimulated active interest in insect Np studies, and indeed, in 
1975 Starratt and Brown released their pioneering publication 
announcing the initial determination of a primary structure of 
the insect Np proctolin. Since then, nearly 150 insect Nps have 
been reported in the literature, most of which have been iso- 
lated from cockroaches (e.g., Leucophaea maderae, Periplaneta 
americana, Diploptera punctata), locusts (e.g., Locusta 
migratoria, Schistocerca gregaria), moths (e.g., Manduca sexta, 
Bombyx mori, and various Heliothinae species), and the fruit 
fly, Drosophila melanogaster. 


ANATOMY OF THE NEUROENDOCRINE SYSTEM 
IN INSECTS 


The cellular distribution of Nps in insects has been mapped 
by histochemical and immunocytochemical techniques as 
well as by im situ hybridization studies. On the basis of this 
work it was found that the main localization of NSC and 
their release sites are in the brain-subesophageal ganglion 
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FIGURE 1 Schematic representation of the major neurohemal release sites 
of the central nervous system of insects. Most of the thoracic and abdominal 
release sites have not yet been fully characterized. CC, corpora cardiaca; CA, 
corpora allata; SOG, subesophageal ganglion; NCC, nervus corporis cardiaci; 
NCA, nervus corporis allati; PSO, perisympathetic organs; T1—-T3, thoracic 
ganglia; Al-A11, abdominal ganglia. [From Predel, R., and Eckert, M. 
(2000). Nemosecretion: peptidergic systems in insects. Naturwissenschafien, 
87, 343-350. © Springer-Verlag GmbH & Co. KG, Heidelberg. ] 


(SOG)-corpora cardiaca—corpora allata complex (Fig. 1). 
This complex comprises six clusters of NSC: a pair of medial 
NSC that originates in the pars intercerebralis (PI), a pair of 
lateral NSC that originates in the protocerebral region of the 
brain, and a pair of NSC that originates in the SOG. These 
six clusters form axon bundles termed nervi corporis cardiaci 
(NCC): NCC1, NCC2, and NCC3, respectively. Each of 
the nerve bundles terminates in a pair of retrocerebral 
neurohemal glands termed corpora cardiaca (CC). The nerve 
terminals form the storage lobe of the CC through which 
Nps are released into the circulatory system. Additional 
neuroendocrine (intrinsic) cells are present in another lobe of 
the CC glands (the glandular lobe), which is the site of 


synthesis and release of other Nps. Two additional clusters of 
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NSC that originate in the SOG extend axons that form the 
nervi corporis allati 2 (NCA2), which terminate in another 
pair of endocrine glands (of non-nervous-tissue origin) termed 
corpora allata (CA) and form another neurohemal region. 
Another pair of dorsolateral NSC that originate in the PI 
region of the brain, extend axons that terminate in the CA. 
The CC and CA are adjacent glands, partially fused with the 
ventral wall of the aorta, which enables release into the circu- 
latory system of the Nps that are synthesized in the glandular 
cells, as well as those from the brain/SOG nerve terminals. 

Another much smaller neuroendocrine structure consists 
of the segmentally arranged perisympathetic organs (PSO), 
which serve as the storage and release site of Nps produced in 
the ventral nerve cord. Most of the Nps that have been 
detected in the PSO are not homologous with those found in 
the retrocerebral complex. A newly discovered endocrine 
structure is the epitracheal system, which consists of segmen- 
tally arranged nerve cells located at the trachea near the 
spiracles that form the epitracheal glands (EGs). The system 
produces two blood-borne Nps that trigger pre-ecdysis and 
ecdysis behavior: pre-ecdysis triggering hormone (PETH) 
and ecdysis triggering hormone (ETH). Other NSC are dis- 
tributed in the insect body: in the central nervous system, in 
the sympathetic nervous system and the peripheral nervous 
system, on the aorta, and at the ampullae of the antennal 
heart. Most of these release sites are situated in well- 
circulated regions of the body. Np-containing cells have also 
been reported in visceral organs such as the gut, oviduct, 
accessory glands, and even hemocytes. Raabe has provided a 
detailed description of the insect neuroendocrine anatomical 
structure. 


NP FAMILIES 


Categorization of Nps is usually based on their main action 
or the one for which a given Np is best known. The major 
groups of Nps involved in development, reproduction, home- 
ostasis, myotropic activity, and coloration are as follows. 


Developmental Nps: The main Nps in this category are 
the allatotropins/allatostatins, which stimulate/inhibit 
synthesis of juvenile hormones by the CA; PETH, ETH, 
crustacean cardioactive peptide (CCAP), and eclosion 
hormone (EH), which are involved in controlling pre-ecdysis 
and ecdysis behavior; prothoracicotropic hormone (PTTH), 
which stimulates molting by initiating biosynthesis and 
release of ecdysone by the prothoracic gland and diapause 
hormone that arrests development. 

Reproductive Nps: This family includes the ovary- 
maturating peptide (OMP) and egg development neurose- 
cretory hormone (EDNH), which stimulate egg development; 
oostatic hormone (OH), which inhibits maturation of ovaries; 
trypsin modulatory oostatic factor (TMOF), which regulates 
egg development by modulating trypsin biosynthesis in the 
gut; neuroparsin, which affects gonad activity; PTTH, which 


affects egg development; and pheromone biosynthesis acti- 
vating neuropeptide (PBAN), which elicits sex pheromone 
biosynthesis in female moths. 

Homeostatic Nps: The homeostatic group includes adipo- 
kinetic hormone (AKH), hypertrehalosaemic peptides, bom- 
byxin, ion transport peptide (ITP), and other insulin-related 
peptides that control fat, carbohydrate, and protein meta- 
bolism. Additional members of the family are the diuretic and 
antidiuretic peptides, which are involved in ion and water 
balances. 

Myotropic Nps: This family is one of the largest Np 
families in insects. It includes peptides such as proctolin and 
cardiostimulatory peptides, myokinins, sulfakinins, pyro- 
kinins, myotropins, tachykinins, periviscerokinins, accessory 
gland and midgut myotropins, myoinhibitory peptides, and 
FMRFamide-related peptides. 

Chromatotropic Nps: Members of this family include 
melanization and reddish coloration hormone (MRCH), 
pigment-dispersing hormone (PDH), and corazonin, a car- 
dioactive peptide that has recently been found to exhibit dark 
pigmentation properties. 


Recent immunocytochemical studies have indicated the pre- 
sence of insect Nps that are comparable to vertebrate Nps. 
Their functions, however, have not been discovered. Most of 
the Np families in insects have not yet been detected in 
vertebrates. 

Most of the above-mentioned insect Nps have been char- 
acterized, their amino acid sequences have been determined, 
and their cDNA and genes have been cloned from various 
insect species. The studies revealed that some Nps may occur 
in multiple forms (e.g., AKH; allatostatins; myotropic and 
FMRF-rtelated peptides), a well-known phenomenon among 
invertebrate Nps. The multiple peptide forms are often 
encoded by the same gene and result from repeated internal 
gene duplication and subsequent diversification. Np diversity 
can also result from a duplication of the whole gene and sub- 
sequent mutations. Many Nps elicit more than one biological 
response in the same or different insect species, and several 
biological activities may be regulated, in the same insect species, 
by more than one peptide. A detailed, well documented, review 
on the structural, biochemical, and physiological characteriza- 
tion of insect Nps has been presented by Gade. 


NOMENCLATURE 


The nomenclature of insect Nps is usually based on two pri- 
mary characteristics: the Np source, which is indicated by the 
first two letters of the genus name (with the first letter capi- 
talized) and the first letter of the species name, and the first- 
reported or the major biological function. For example, a pep- 
tide isolated from Helicoverpa zea, which was first reported to 
have a pheromonotropic activity, would be designated Hez- 
PBAN. A detailed explanation of insect peptide nomenclature 
was presented by Raina and Gade. 


CELLULAR AND MOLECULAR ASPECTS 
OF NP ACTIVITY 


The cellular and molecular components of Np activity include 
biosynthesis, release, transport, activation of the target cell, and 
degradation of the Np to terminate its action. Nps are syn- 
thesized as large precursor polypeptide chains (termed. pre- 
prohormones) that include a signal sequence that is removed by 
an endopeptidase during translation. The remaining peptide 
chain, the prohormone, is transported to the Golgi apparatus, 
where it is packed into secretory vesicles in which it is further 
processed proteolytically into 
prohormone-converting enzymes to yield biologically active 


smaller fragments by 
(and inactive) peptides. During the transit through the Golgi 
network, the precursors may be subjected to posttranslational 
modifications such as glycosylation, phosphorylation, sulfation, 
or hydroxylation. Gene expression is regulated by a complex 
series of factors controlled by other Nps and neurotransmitters. 
Nps are secreted by a regulatory secretory pathway in which 
peptides, stored in secretory vesicles, are released in response to 
secretagogues. Secretion of Nps is usually Ca”* dependent and, 
unlike neurotransmitters, Nps are not recycled at the nerve 
terminals but are newly synthesized in the cell body. Upon 
secretion (either to the circulatory system via neurohemal 
organs or to the intracellular space of adjacent cells), Nps reach 
their target organ, where they activate the target cells by binding 
to cell surface proteins (termed receptors) and exciting second- 
messenger systems, thus initiating a variety of cellular responses. 
At the end of the activation, Nps dissociate from the receptor 
and are rapidly inactivated by peptidases present in the plasma, 
or the intercellular space or in the target cell membrane. All the 
above-mentioned events are common to all Nps, regardless of 
their origin or biological function. Strand has provided a 
detailed summary of these processes. 


FUTURE PROSPECTS 


Despite the enormous amount of structural information that 
has been accumulated on insect Nps, our understanding of 
their mode of action is very limited and rudimentary. It is still 
necessary to develop additional in vivo bioassays that involve 
whole organisms and to create novel tools and technologies to 
unravel the complex coordination of the many Nps involved 
in the regulation of the physiological processes and behavioral 
patterns. There is also a need to study the cellular and molecular 
factors that underlie their activity, and to discover their 
pathways of synthesis and release and their targets of action. 
These issues are being addressed with the help of highly 
advanced molecular biology and genetic engineering tech- 
niques (e.g., gene cloning and expression, in situ hybridiza- 
tion, gene transfer, gene knockouts, site-directed mutagenesis), 
immunocytochemical techniques, and advanced chemical 
(e.g., liquid chromatography in combination with mass 
spectrometry), immunochemical, and biochemical methods. 
Of great importance is the study of Np receptors and the 
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development of selective agonists and antagonists, which 
may serve not only as research tools but also as a basis for the 
design of novel, environmentally friendly insect control 
agents. Altstein has summarized a novel approach to the 
exploitation of this avenue. 
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he Neuroptera, also known as Planipennia, is one of the 

oldest insect orders with complete metamorphosis; it 
includes the green and brown lacewings, antlions, owlflies, 
dustywings, mantidflies, and allies. Although it is a relatively 
small order, with about 6000 species distributed among 17 
families, its members occur in a variety of habitats 
throughout the world and their habits are diverse and 
interesting. Largely because of their lacey and colorful wings, 
delicate bodies, and fascinating biology, neuropteran adults 
are attractive to both biologists and laypersons (see Fig. 1). 

Neuropteran larvae, which are less noticeable than adults, 
have received much less attention. Unlike the adults, which 
may or may not be predaceous, almost all neuropteran larvae 
are predaceous; they feed on a variety of soft-bodied 
arthropods. Because of this predaceous habit, several families 
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FIGURE 1 Neuropteran adult in the family Crocidae. Note the colorful 
forewings, long slender hind wings, and delicate body. (Photograph by E. S. 


Ross, California Academy of Sciences.) 


(primarily Chrysopidae, Hemerobiidae, and Coniopterygidae) 
are very useful in the natural, biological, and integrated control 
of many economically significant insect pests. But, despite their 
actual and potential importance, they have received less empha- 
sis than other groups, such as the predaceous lady beetles. 

The name “Neuroptera” is rooted in two Greek words: 
“neuron” meaning “sinew” and “pteron” meaning “wing.” It 
refers to the netlike arrangement of the veins and crossveins of 
the wings and comes from an old usage of the word “nerva- 
tion,” meaning “strengthening by sinews.” The name does not 
refer to nerves, as suggested by many authors; the order received 
its name long before nerves were recognized as tissue. 


CHARACTERISTICS 


Typically, neuropteran adults are soft-bodied and have four 
membranous wings that are similar in size, structure, and 
venation and that are held roof-like over the body while at 
rest (Fig. 2). Branches of the veins are generally bifurcated at 
the margins of the wings. The adults have chewing mouthparts, 
large lateral eyes, and multiarticulate antennae that are usually 
filiform (threadlike) or moniliform (with beadlike segments); 
except for one family (Osmylidae), neuropteran adults lack 
ocelli. The mesothorax and metathorax are similar in struc- 
ture, and the abdomen is cylindrical and without cerci. 
Unlike megalopteran and raphidiopteran larvae, neuropteran 
larvae differ distinctly from their adult stages. Larval mandibles 
and maxillae are usually elongate, slender, and modified for 
sucking, whereas maxillary palpi are absent. The larval thorax 
bears walking legs, and the one-segmented tarsus usually ends 
in two claws that function in locomotion. The terminal 
adhesive disks of the abdomen also aid locomotion. Like the 
adult abdomen, the larval abdomen does not have cerci. 
Neuropteran pupae are enclosed within silken cocoons and 
they have characteristics that help distinguish them from the 
pupae of other insects. For example, they are exarate, i.e., the 
legs and wings are free from the body, the abdomen is move- 
able; as a result the pupa itself is capable of limited locomotion. 


FIGURE 2 Adult Neuroptera. (A) Psychopsidae; (B) Myrmeleontidae; (C) 
Hemerobiidae; (D) Ascalaphidae; (E) Osmylidae; (F) Ithonidae. 
(Reproduced, with permission, from New, 1991, © CSIRO Australia.) 


Also, they are decticous, i.e., they have strong mandibles that 
are used to open the cocoon during emergence. 

Neuroptera possess some interesting cytological character- 
istics. Although some variation occurs, almost all neuropteran 
species studied thus far have XX/XY sex determination. 
However, the sex chromosomes of most neuropteran species 
have an unusual type of pairing, called distance pairing, in 
which the chromosomes do not align to form bivalents during 
meiosis; rather, they are pulled from within the spindle to 
stabilized positions at the poles. This characteristic form of 
meiosis is shared with Raphidioptera. In many neuropteran 
taxa, meiosis occurs early in development, e.g., during the last 
instar or the pupal stage. In some taxa, the adult males have 
completely degenerate testes; mature sperm bundles are stored 
in seminal vesicles. 


FOSSIL RECORD AND GEOGRAPHIC 
DISTRIBUTION 


Although the fossil record of the Neuroptera is small and 
fragmentary, ancient (extinct) neuropteran families have 
been traced back with certainty to the Lower Permian in 
Kansas and the Upper Permian in Australia and Russia. The 
affinities of these archaic forms to modern taxa are unknown. 

Modern families (e.g., Nymphidae, Psychopsidae, 
Chrysopidae, Osmylidae) appear in mid-Mesozoic fossils; 
probably the earliest and most diverse of these fossils are 
allied to the Psychopsidae. The largest known neuropteran, a 
psychopsid-like lacewing with a wingspan of 24 cm and large 
conspicuous eyespots on the wings, existed in the Jurassic. 
Recognizable examples of berothids and coniopterygids were 
also present during the Lower Jurassic. Cretaceous amber 
includes specimens from an array of modern families, 
including Berothidae, Mantispidae, Sisyridae, Chrysopidae, 
and Hemerobiidae, and the diverse Neuroptera found within 
Baltic amber can be placed in modern families. 

Today, the order Neuroptera is distributed worldwide, 
with the exclusion of Antarctica. Europe, North America, 


and Asia have rich neuropteran faunas as do southern Africa, 
South America, and Australia. Australia probably has the 
broadest diversity; it lacks representatives in only two families 
(Dilaridae and Polystoechotidae) and most of the presumed 
archaic families are represented there (e.g., Nevrorthidae, 
Ithonidae). In contrast to this abundance and diversity, New 
Zealand and the South Pacific islands have only meager 
neuropteran faunas. Remarkably, Hawaii seems unique in 
that it is the only island group where complexes of endemic 
species (Hemerobiidae and Chrysopidae) have evolved. 


EVOLUTIONARY RELATIONSHIPS 
WITH OTHER ORDERS 


Taken together, the three orders, Megaloptera (dobsontflies, 
alderflies), Raphidioptera (snakeflies), and Neuroptera 
(Neuroptera sensu stricto, Planipennia) (lacewings, antlions, 
dustywings, and allies) form the superorder Neuropterida. 

Because of its ancient fossil record and the generalized body 
structure of its larvae and adults, this superorder is considered 
to be among the most primitive of the Holometabola (insects 
with complete metamorphosis). Significant morphological and 
molecular evidence indicates that this superorder has a sister 
relationship with the Coleoptera. 

A number of synapomorphic (shared, relatively derived or 
specialized) characteristics distinguish the Neuroptera as a 
monophyletic order that is separate from Megaloptera and 
Raphidioptera; notably, almost all of these distinguishing fea- 
tures occur in the larvae. For example, megalopteran and 
raphidiopteran larvae have biting—chewing mouthparts and 
the mouth opens anteriorly. In contrast, the mouthparts of 
neuropteran larvae are suctorial and consist of elongate and 
pointed mandibles and maxillae whose adjacent grooved sur- 
faces form a feeding tube. The mouth, instead of opening 
anteriorly, connects to the feeding tubes at the sides of the head. 

Other larval characteristics distinguish the Neuroptera from 
the other two neuropteridan orders. Neuropteran larvae do not 
have contiguous intestinal tracts. Rather, the midgut and 
hindgut remain separate until pupation. As the larva feeds, feces 
accumulate in the midgut, and only after metamorphosis from 
the larval stage to the adult, during which the midgut and 
hindgut become connected, does the newly emerged adult expel 
the feces in the form of a meconial pellet. Neuropteran larvae 
use the hindgut and associated structures (Malphigian tubules) 
to produce silken cocoons within which pupation occurs. In 
contrast, megalopteran and raphidiopteran larvae have con- 
tiguous intestines. Moreover, they do not form cocoons; 
rather they pupate within earthen chambers or wooden cells. 

Another synapomorphy of neuropteran larvae is an artic- 
ulated, neck-like cervix. This contrasts with the ribbon-like 
cervical sclerite of megalopteran and raphidiopteran larvae. 

Two recent cladistic analyses provide conflicting results 
concerning the relationships among the three neuropteridan 
orders. One study, based on morphological characteristics, indi- 
cates that contrary to traditional thought, the Megaloptera 
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and Neuroptera are more closely related to each other than 
either is to the Raphidioptera. The subsequent cladistic analysis, 
which was based on both morphological and molecular data, 
yielded a trichotomous relationship among the three neu- 
ropteridan orders. The relationships remain unresolved; but, 
in this article we chose to use the first study; it yielded 
dichotomous relationships among the three neuropteridan 
orders and a fairly well supported sister relationship between 
Megaloptera and Neuroptera (Fig. 3). 


EVOLUTIONARY RELATIONSHIPS 
WITHIN NEUROPTERA 


The order Neuroptera encompasses 17 families that currently 
fall into three more or less well-supported suborders (see below). 
Several strong larval synapomorphies support the hypothesis 
of a sister relationship between Myrmeleontiformia and 
Hemerobiiformia. The Nevrorthiformia appears to be ancestral. 


Order Neuroptera (=Neuroptera sensu stricto, Planipennia) 
Suborder Nevrorthiformia (=Neurorthiformia) 
Family Nevrorthidae (=Neurorthidae) (11 species) 
Suborder Myrmeleontiformia 
Family Psychopsidae (silky lacewings) (26 species) 
Family Nemopteridae (spoon-winged lacewings) (100 
species) 
Family Crocidae (thread-winged lacewings) (50 species) 
Family Nymphidae (including Myiodactylidae of some 
authors) (split-footed lacewings) (35 species) 
Family Myrmeleontidae (including Stilbopterygidae of 
some authors) (antlions) (2100 species) 
Family Ascalaphidae (owlflies) (400 species) 
Suborder Hemerobiiformia 
Family Ithonidae (including Rapismatidae of some 
authors) (moth lacewings) (32 species) 
Family Polystoechotidae (giant lacewings) (4 species) 
Family Chrysopidae (green lacewings) (1200 species) 
Family Osmylidae (160 species) 
Family Hemerobiidae (brown lacewings) (550 species) 
Family Coniopterygidae (including Brucheiseridae of 
some authors) (dustywings) (450 species) 
Family Sisyridae (spongillaflies) (50 species) 
Family Dilaridae (pleasing lacewings) (50 species) 
Family Mantispidae (mantidflies) (400 species) 
Family Berothidae (including Rhachiberothidae of 
some authors) (beaded lacewings) (115 species) 


SUBORDER NEVRORTHIFORMIA 


The Nevrorthiformia (=Neurorthiformia, which is a mis- 
spelling in the literature) contains a single, very small family, 
Nevrorthidae (=Neurorthidae, a misspelling). This family 
shares several characteristics with the Megaloptera and is 
considered basal among the Neuroptera; e.g., its aquatic 
larvae have distinctive head structures and Malphigian tubules 
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FIGURE 3 Phylogenetic relationships within Neuropterida (as proposed by Aspéck e¢ al, 2001). Note the sister relationship between Neuroptera and 
Megaloptera, the composition of the three neuropteran suborders, and the relationships of the families within the suborders. 


that lie free distally (i-e., without cryptonephry). Thus, the 
Nevrorthiformia emerges as the basal neuropteran suborder. 
Among the Neuropterida, a terrestrial lifestyle without cryp- 
tonephry is considered plesiomorphic (primitive); this lifestyle 
is typical of Raphidioptera. The evolution of an aquatic larva 
(without cryptonephry) is considered a synapomorphy that 
supports the sister-relationship between the megalopteran and 
the neuropteran lineages. Apparently, the aquatic lifestyle was 
retained in the Nevrorthiformia, whereas a reversal to the ter- 
restrial lifestyle characterizes the remainder of the Neuroptera 
(the Myrmeleontiformia and Hemerobiiformia). Moreover, in 
these two groups (Myrmeleontiformia and Hemerobiiformia), 
cryptonephry arose (i.e., all of the Malphigian tubules except 


two are fused to the hindgut). The only exception is found in 
Sisyridae, which falls within the Hemerobiiformia; here, the 
apparent partial loss of cryptonephry (all but one Malphigian 
tubule are free of the rectum) may be regarded as an evolu- 
tionary reversal associated with the secondary evolution of an 
aquatic larva. The single remaining fused Malphigian tubule 
may be evidence of ancestral cryptonephry. 


Nevrorthidae 


Eleven species are known from three genera of Nevrorthidae; 
these occur in the Mediterranean Region, eastern Asia, and 
Australia. Nevrorthid adults are small (forewing length 6-10 
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It is interesting to compare this new functional architecture with the existing EPC. 
Figure 7 maps the new NG Core elements to their equivalent in EPC. It shows signif- 
icant overlap between the EPC and NG Core and provides confidence that today's 
state-of-the-art EPC is reasonably close to the next-generation core in terms of func- 
tionality, albeit that the interfaces and protocols will change/evolve. 


Figure 7: Mapping NG Core & EPC Functions 


NG Core Network Function yNe)e)ce).(aa(e l= axe [0] \£6|(=101m = Ou mel alenicola 


UDM (User data management) SPR 

AF (Application function) AF 

NSSF (Network slice selection function) MME (DECOR) + HSS 

MM (Mobility management) MME + SGW / MME + SGW-C 
SM (Session management) PGW/PGW-C 

PCF (Policy control function) PCRF 

AU (Authentication & Authorization) HSS/AAA 

CM (Charging management) PGW + PCRF, OCS, OFCS 

LI (Lawful intercept) LI 

NG-UP (User-plane function) SGW + PGW / SGW-U + PGW-U 


Source: Heavy Reading, Affirmed, Juniper 





HEAVY READING | SEPTEMBER 2016 | WHITE PAPER | DESIGNING 5G-READY MOBILE CORE NETWORKS 


ola 
READING 





4 


FIGURE 4 Nevrorthidae. (A) Larval body; (B) larval head. (Reproduced with 
permission, from New, 1991, © CSIRO Australia.) 


mm) and delicate, and although they resemble sisyrids, they 
have unique, defining characteristics in the head structure 
and male and female genitalia. 

Nevrorthid larvae, like sisyrid larvae, occur in aquatic habi- 
tats, but morphologically they are very distinct. For example, 
unlike sisyrids, they lack abdominal gills and their mouthparts 
are robust and curved inward (not needle-like) (Fig. 4). 

Little is known about the biology or behavior of nevrorthid 
adults or larvae. Larvae of a southern European species have 
been collected on the stony bottoms of cold, swiftly moving 
mountain streams; those of an Australian species are believed 
to live in moist litter. Adults are usually found near streams 
or in wet, forested areas. 


SUBORDER MYRMELEONTIFORMIA 


Although its constituent members have changed over the 
years, the suborder Myrmeleontiformia has long been recog- 
nized as a valid grouping. Currently, it is composed of six 
families: Psychopsidae, Nemopteridae, Crocidae, Nymphidae, 
Myrmeleontidae, and Ascalaphidae. 

Although myrmeleontiform adults are morphologically 
diverse and without clearly defined synapomorphies, the larvae 
of the six families share many morphological and biological 
characteristics. Primary among these are a head capsule with 
a highly sclerotized tentorium and a prementum that resembles 
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a segment of the labial palp. Generally, myrmeleontiform 
larvae ambush, rather than pursue, their prey, and the head 
capsules and jaws are modified into a “trap”-like mechanism 
that can close very quickly. Their long, robust, inwardly curved 
mandibles are frequently toothed and constricted rather than 
enlarged basally. The maxillae are lance-like, and the head 
capsule is robust, quadrate, or cordate (Fig. 5). The body form 
is short, broad, and powerful. The antennae are short and 
have only 10 to 12 segments, with a thick scape and a narrow 
distal portion. There are two tarsal claws and the empodium 
is absent (except from psychopsid larvae). 

A sister relationship between Myrmeleontiformia and 
Hemerobiiformia appears to be well supported by a suite of 
presumed apomorphies in both male and female genitalia 
and in the larvae (e.g., terrestrial lifestyle, cryptonephry). 

Within the Myrmeleontiformia, the Nymphidae, 
Myrmeleontidae, and Ascalaphidae form a reasonably well- 
defined group, within which the Myrmeleontidae and 
Ascalaphidae are very closely related and seem to have a sister 
relationship. In fact, there are probably no absolute criteria for 
separating owlfly and antlion larvae or adults because most of 
the distinguishing traits are shared by some members of the 
other family. Nevertheless, in the majority of myrmeleontid 
and ascalaphid species throughout the world, both adults and 
larvae exhibit the suite of characters that are typical of one 
family or the other, and so it is prudent to retain the two 
families until a thorough cladistic analysis is completed. 

Currently, thoughts differ as to whether the Psychopsidae 
is the basal group of the Myrmeleontiformia or has a sister 
relationship with the Nemopteridae or Crocidae. Detailed 
studies of additional species from all three families will help 
resolve this issue. 


Psychopsidae (Silky Lacewings) 


The Psychopsidae forms a small family of approximately 26 
species within five genera. They are large, attractive, and 
moth-like insects (forewing length 10-35 mm). The family is 
restricted to sub-Saharan Africa, southeast Asia, and 
Australia. However, fossils are known from North America, 
Europe, Asia, and Australia. 

Very little is known about psychopsid biology. Eggs are 
unstalked and attached to the substrate. They are laid singly 
or in groups on the bark of trees, and they are covered with 
a secretion that is presumably derived from plant material or 
sand but whose origin is unknown. Larvae of Australian 
species are found under loose bark (Fig. 5A). There are three 
instars and the life cycle may take 2 years. The cocoon has 
two layers of silk. Adults have been collected in river valleys. 


Nemopteridae (Spoon-Winged or 
Ribbon-Winged Lacewings) 


Until recently, this small family of approximately 100 species 
included species now comprising the Crocidae. Both groups 
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FIGURE 5 Myrmeleontiform larvae. (A) Psychopsidae; (B) Nemopteridae; (C) Crocidae; (D) Crocidae; (E) Nymphidae (Myiodactylinae); (F) Nymphidae 
(Nymphinae); (G) Myrmeleontidae; (H) Myrmeleontidae; (I) Ascalaphidae. (A, D-G, and I reproduced with permission, from New, 1991, © CSIRO 
Australia. B and C reproduced with permission, from Mansell, 1996. H modified from Tauber, 1991.) 


are extraordinary looking lacewings that are easily distin- 
guished by their remarkably elongate and narrow hind wings 
and by a very short metathorax. Nevertheless, there are mor- 
phological and ecological differences between the two groups 
that are consistent with family status. Externally, nemopterid 
adults are distinguished from crocid adults by their large size 
(forewing length 13-35 mm) and hind wings that are 
ribbon-like, with or without dilation, but with distinct dark 
areas. Nemopterid larvae are myrmeleontid-like (Fig. 5B). In 
contrast, adults of Crocidae have smaller bodies and their hind 
wings are thread-like, white, and rarely with dark shading. 
Crocid larvae are very unusual, especially in the elongation 
and sclerotization of the cervix (Figs. 5C and 5D). 

The Nemopteridae occurs in the arid and desert zones of the 
southern borders of the West Palaearctic and West Oriental 
Regions, and in dry areas of the Neotropical, Afrotropical, and 
Australian Regions. The world’s richest nemopterid fauna is 
concentrated in southern Africa (>60% of the species). 

Although nemopterid larvae have not been collected in 
ant nests, myrmecophily is strongly suspected. Nemopterid 


eggs are unstalked, small, spherical, or ovoid, and laid singly 
in the sand or soil. They have a micropyle and an oviruptor 
(an internal, toothed structure that tears open the chorion 
during hatching), but the surface of the chorion is smooth and 
seems to lack the aeropyles that are present on crocid eggs. The 
eggs may be very hard and lack adhesives, and it is believed 
that they are harvested and introduced into ant colonies by 
foraging ants. Granivorous ants apparently collect the eggs. 
Larvae may also be harvested by ants and those of at least 
some nemopterid species live in or very near ant nests. 
Apparently, the larvae avoid detection by the ants through 
chemical mimicry and also through the covering of sand that 
adheres to their bodies. Young larvae may burrow with the 
front legs and push with the other legs and they may climb 
to the soil surface. Mature third instars become very rotund 
and movement is slow and awkward. Ants appear to be the 
main food and it is thought that toxic materials are injected 
into prey, because prey become immobilized immediately 
after attack. Larvae can withstand long periods (up to several 
months) without food, and they require few prey items to 


complete their development. Apparently they have very low 
rates of metabolism. Pupation occurs within a silken cocoon. 

Adults are mostly crepuscular or nocturnal, and they feed 
on pollen. The modified hind wings appear to have a defensive 
function against aerial predators; they provide camouflage and 
crypsis or they give the illusion of greater size. Like myrmeleon- 
tid males, some nemopterid males have membranous sacs 
between tergites 5 and 6 that may emit pheromones. The 
elongated rostrum probably functions in collecting pollen 
and nectar. Adults occur during a short period of the year, 
perhaps in synchrony with the ephemeral burst of flowers in 
their inhospitable habitat. 


Crocidae (Thread-Winged Lacewings) 


Until very recently, this small family of approximately 50 
species was included in the Nemopteridae. The two families 
share elongate hind wings, but crocids are distinguished by the 
thread-like hind wings (Fig. 1) and several larval characteristics. 
The distribution of Crocidae overlaps that of the Nemopteridae: 
arid and desert zones on the southern borders of the West 
Palaearctic and West Oriental Regions and dry areas from the 
Neotropical, Afrotropical, and Australian Regions. Crocid 
adults are medium to large sized (forewing length 7-15 mm). 

The unstalked eggs of Crocidae differ markedly from 
nemopterid eggs: they have a sponge-like micropyle, the 
chorion has aeropyles, and no oviruptor is present. The larvae 
of some crocid species have elongated cervical regions (Fig. 5C); 
these species are frequently associated with caves or dwellings. 
Species that have a shorter cervix usually live in detritus, under 
rocks or in crevices (Fig. 5D). Crocid larvae are largely “sit-and- 
wait” predators and they occur beneath sand or soil surfaces; 
however, some may pursue prey. In both cases, they are able to 
survive for long periods without food, but little is known of the 
larval diet. Pupation occurs within a silken cocoon that incor- 
porates sand or debris externally. Adults are either crepuscular 
or diurnal, and they may feed on pollen and/or nectar. The 
hind wings apparently play sensory and stabilizing functions, 
which enable the lacewings to detect vertical and horizontal 
surfaces and to fly in confined spaces, such as caves. They 
may also function in mate attraction and courtship. 


Nymphidae (Split-Footed Lacewings) 


This small neuropteran family is restricted to the Australian 
Region (Australia, New Guinea, and nearby islands); it 
contains about 35 species in seven genera. Currently the 
Nymphidae includes two well-defined lineages, the 
subfamilies Myiodactylinae and Nymphinae. Nymphid 
adults are large (forewing length 18 to >40 mm). 

Nymphid eggs are laid on slender, filamentous stalks. In 
Myiodactylinae, the stalks are either pendant or looped, so that 
the egg contacts the substrate. In Nymphinae, the eggs are 
arranged in intricate patterns. In both subfamilies, the stalk 
may be coated with beads of liquid that may serve nutritional 
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and/or defensive functions. Hatching occurs via an oviruptor. 
Myiodactyline larvae are very flat, and the margins of their 
bodies have long scoli (Fig. 5E); they are green and arboreal, 
and they rest on the surface of leaves with their jaws at an angle 
of ~180°. Nymphine larvae (Fig. 5F) occur in litter or on the 
bark of trees where they are camouflaged by the debris they 
carry or by the markings on the body. Cocoons probably are 
spun in sand. Adults of one species form large aggregations, 
but the function (e.g., mating, defense) of the aggregations is 
not known. Some species occur in association with acacias. 
Adults produce an odor from eversible abdominal glands and 
copulation involves enlarged and elaborate male terminalia 
that presumably have a grasping function. 


Myrmeleontidae (Antlions, Doodlebugs) 


With approximately 2100 species in 300 genera, the antlions 
constitute the largest neuropteran family. Members of this 
family have intrigued naturalists from the earliest times; 
imaginative accounts were summarized by W. M. Wheeler in 
his 1930 book, Demons of the Dust. Most people know antlions 
because the larvae of some species have pit-building habits. 
In truth, both the name “antlion” and the assumption that all 
antlions construct pits are misleading; myrmeleontid larvae 
do not feed exclusively on ants and most do not construct 
pits. Adults are slender bodied and medium sized to large 
(forewing length 10-70 mm). 

Four subfamilies of Myrmeleontidae are generally 
recognized: Myrmeleoninae, Palparinae, Acanthaclisinae, and 
Stilbopteryginae (formerly a separate family, Stilbopterygidae). 
Larval morphological (Figs. 5G and 5H) and biological char- 
acteristics are crucial in the classification of the family, especially 
at the tribal level but also for many genera. 

This family has a worldwide distribution, notably in the 
arid and semiarid areas of subtropical and tropical Africa, 
Australia, Asia, and the Americas. They inhabit open wood- 
lands, scrub grasslands, and dry sandy areas. Efforts have been 
made in South Africa to assess the taxonomic richness of the 
large myrmeleontid fauna and to help conserve it. 

Myrmeleontid eggs are unstalked and relatively large; they 
are laid singly in open areas or tree holes, under bushes, in caves, 
under rock overhangings, or in areas sheltered by buildings. The 
eggs are covered with a glandular secretion that may facilitate 
adhesion of sand or soil particles, and they lack an oviruptor. 

The larvae of most species appear to be sit-and-wait 
predators. In most taxa they live beneath the soil surface, on 
trees, in tree holes, under stones, or in debris. Larvae of a very 
small number of genera construct pits in sand or soil where 
they capture insects that fall into the pits. For some of these 
species, pit architecture and the influence of prey availability 
on pit size, location, and relocation, as well as on larval 
growth itself, have been studied extensively. 

Although the larvae of some myrmeleontid species can 
travel quickly across the surface of the sand, others have slow, 
creeping movements or fast backward movements under the 
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sand that are aided by the forward-directed terminal 
segments (fused tibia—tarsus) of the hind legs. These patterns 
of behavior have led to the common name, “doodlebugs.” 
Ingestion is accomplished by the injection of digestive 
enzymes from the midgut into the prey, followed, after 
several minutes, by sucking. The regurgitated gastric juice is 
not mixed with the contents of the crop or the midgut. 
Instead, it seems to be extruded from the space between the 
peritrophic membrane and the epithelium of the midgut; 
then contractions of the crop’s muscular system transport the 
fluid forward through a fold in the wall of the crop. 

Larvae pass through three instars. In some species, larval 
development can be protracted over several years depending 
upon the availability of prey; overwintering occurs in the larval 
stage. Univoltine or semivoltine life cycles and the synchrony 
of adult emergence are maintained by photoperiodic and 
thermal responses during early and late larval stages and by 
the physiological effect of pupal body size. Larvae generally 
spin a single-walled cocoon; a double-walled cocoon occurs 
in one unusual South American species. 

Adults are largely nocturnal and presumed predaceous. Their 
flight resembles that of a damselfly. Sexual communication 
involves the extrusion of “hair pencils” and abdominal glands 
or sacs on the male (analogous to those found in lepidopteran 
males), as well as the release of volatile substances from 
thoracic glands in both males and females. 


Ascalaphidae (Owlflies) 


The owlflies constitute a medium-sized neuropteran family 
of about 400 species assigned to 65 genera. There are three 
subfamilies: one with bisected eyes (Ascalaphinae) and two with 
entire eyes: Haplogleniinae and Albardiinae. The subfamily 
Albardiinae consists of a single, very unusual, large-bodied 
Brazilian species. 

The two 


Haplogleniinae) are widely distributed in warm regions of 


major subfamilies (Ascalaphinae and 
the world, but of the two only the Haplogleniinae occurs in 
Australia. Ascalaphids inhabit grasslands and warm dry 
woodlands. Most species are nocturnal or crepuscular, but 
some Eurasian species are diurnal and have pigmented wings 
that resemble those of butterflies. Adults are relatively large 
(forewing length 15-60 mm). 

Clusters of 20 to 75 large, unstalked eggs are laid on twigs 
in spirals or rows. Individual eggs are reported to have two 
micropyles, but lack an oviruptor. Females of many species 
place small, modified eggs (repagula) on or around egg batch- 
es; these repagula reportedly have defensive and nutritional 
functions—they serve to repel predators and/or provide food 
for newly hatched larvae. The two major subfamilies in the 
New World possess this habit, but it is absent from Old 
World and Australian ascalaphids. 

Newly hatched larvae often remain together near the egg 
cluster for a week or more before dispersing. Larvae are either 
terrestrial (in the soil or litter) or arboreal (on leaves or tree 


trunks), and most seem to be sit-and-wait predators (Fig. 51). 
Characteristically, the larvae hold their jaws open at very wide 
angles; some New World species are able to open their jaws 
beyond 270°. When prey makes contact with the larva, the 
jaws can close very rapidly and larvae can take relatively large 
prey. Considerable evidence shows that the larvae paralyze 
their prey with toxins from the midgut, not from glands. As 
in other myrmeleontiform larvae, there are three instars. 

Larvae of some species that live in the soil or sand camou- 
flage themselves with sand grains or debris. Such behavior 
shares features with the “camouflaging” behavior of chrysopid 
larvae, but ascalaphid larvae use their flexible foretarsi, rather 
than the jaws, to place material on their dorsa. A thick mat 
of tangled threads anchors the debris to the dorsal surface. 

Second and third instars resist starvation well, and develop- 
ment may be extended for 1 or 2 years. Because ascalaphid 
adults typically occur at very specific times of the year, diapause 
probably intervenes in some larval stages. Photoperiod or 
other factors may be involved in regulating the occurrence of 
diapause, but the responses and mechanisms have not been 
studied. Pupation occurs within silken cocoons that are spun 
either on the ground or on trees, sometimes incorporated 
with sand or debris. 

Adults remain motionless in a characteristic head- 
downward position for most of the day; flight is restricted to 
a relatively short period around dusk and is preceded by -10 
min of muscle-warming via wing vibration. Compared to 
that of other neuropterans, the flight of ascalaphids is very 
strong and agile and similar to that of dragonflies. Adults 
attack and feed on large numbers of flying insects (e.g., 
caddisfly adults); prey capture and mating occur on the wing. 


SUBORDER HEMEROBIIFORMIA 


The Hemerobiiformia is currently considered to be a mono- 
phyletic but heterogeneous grouping having a sister rela- 
tionship with the Myrmeleontiformia. It contains 10 families 
whose larvae are diverse in lifestyles and structure (Fig. 6), 
but which share a number of distinguishing features. For 
example, hemerobiiform larvae have a head capsule whose 
posteroventral region is composed primarily of the maxillae, 
cardines that are elongate, and a cervix that is cushion-like. 

Within the Hemerobiiformia, two groupings emerge. First, 
Ithonidae + Polystoechotidae appear as a basal sister group. 
Among the Neuroptera, ithonid and polystoechotid larvae are 
unique in that they feed by sucking on plant tissues. Given the 
close relationship between Rapisma, which has been des- 
ignated a separate family (Rapismatidae), and Adamsiana, a 
newly described genus of Ithonidae from Honduras, it is dif- 
ficult to justify retaining the family Rapismatidae. Thus, we 
include both genera in the Ithonidae while awaiting discovery 
and study of their larvae and a thorough phylogenetic analysis 
of the Neuroptera. 

The second hemerobiiform grouping harbors the remaining 
families, all of which are carnivorous in the larval stages. Within 
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FIGURE 6 Hemerobiiform larvae. (A) Ithonidae; (B) Polystoechotidae; (C) Chrysopidae; (D) Osmylidae; (E) Hemerobiidae; (F) Coniopterygidae; (G) 
Sisyridae; (H) Sisyridae (venter of abdomen; note gills); (I) Dilaridae; (J) Mantispidae; (K) Berothidae; (L) Berothidae. (A, D, F-H, and J—L reproduced, with 
permission, from New, 1991, © CSIRO Australia. B and I modified from Tauber, 1991. C reproduced from Tauber, 1974. E reproduced, with permission, 


from Tauber and Krakauer, 1997.) 


this grouping, the Chrysopidae and Osmylidae appear to form 
a sister group, although the evidence for this relationship is 
not strong. In turn, these two families emerge as a sister group 
to the poorly defined group of six families that remain. The 
reasonably well-defined dilarid lineage [Dilaridae, Mantispidae, 
and Berothidae (including the Rhachiberothinae)] apparently 
has a sister relationship with the Coniopterygidae—Sisyridae 
sister group, but the relationship is not strongly supported. 
Finally, the Hemerobiidae emerge as a sister-group to the 
dilarid + (coniopterygid + sisyrid) lineages, but again the 
relationship is tentative. 


Ithonidae (Moth Lacewings) 


This very small family includes approximately 32 species in 
three genera from Australia, southern Asia, southwestern 
United States, Mexico, and Central America. Adults are large 
and moth-like (forewing length 15-30 mm); they share a 
variety of plesiomorphic characters, but few apomorphic 


characters are known. The larvae are subterranean and 
scarabaeiform (Fig. GA). The abdomen is very large and 
swollen; the legs are short and fossorial. The short mandibles 
curve inward and slightly upward. The maxillae are broad 
and robust; the mandibles are narrow. Eyes are absent. 

Little is known about ithonid biology. Unstalked eggs are 
laid singly in the soil, where their adhesive surface gathers soil 
and sand particles. The larvae of one species in Australia are 
associated with the roots of Eucalyptus trees and a North 
American species occurs near creosote bushes. The specific 
food source of these larvae (plant, mycorrhizae or other fungi, 
or associated herbivores) is not known. In one Australian 
species, five instars have been demonstrated. Larval develop- 
ment may take 2 or more years; apparently, mature larvae 
undergo diapause. Pupation occurs within silken cocoons in 
the soil and adults emerge synchronously in large numbers, 
usually following a period of rainfall. Males emerge first and 
form aggregations that attract females; adults live for only a 
few days. 
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FIGURE 7 Despite their common name, green lacewings, adults of many 


species of Chrysopidae, like this Nothochrysa adult, are darkly colored. 
(Photograph by E. S. Ross, California Academy of Sciences.) 


Polystoechotidae (Giant Lacewings) 


The Polystoechotidae constitutes an extremely small family 
(four species) of lacewings that are characterized by a very 
large body and long wings (forewing length 15-40 mm). The 
adults resemble ithonids, but they have larger wings, more 
complex wing venation, and genital differences. This family 
is restricted to the New World. 

Eggs are like those of ithonids: large, unstalked, and covered 
with sticky material. Only the first instar of Polystoechotes is 
known. Unlike the scarabaeiform ithonid larvae, this larva is 
hemerobiid-like: it is elongate and has relatively long legs, a 
short multisegmented antenna, and robust jaws (Fig. 6B). Little 
is known about polystoechotid biology; phytophagy is sus- 
pected but not confirmed. It is noteworthy that populations 
of one species in North America have experienced large reduc- 
tions in their numbers since the 1900s. Thus, lack of 
knowledge concerning this family is especially unfortunate. 


Chrysopidae (Green Lacewings) 


Chrysopidae, with its approximately 1200 recognized species, 
is one of the largest families of Neuroptera, second only to the 
Myrmeleontidae. The larvae of many chrysopid species feed on 
insect and mite pests of agricultural crops or horticultural plant- 
ings, and because of their importance in biological control, 
chrysopids are the most frequently studied of the Neuroptera. 

Adults are medium-sized to large, delicate insects with four 
subequal wings (forewing length 6-35 mm) and relatively 
long filiform antennae. In most species the adults are green 
with large golden eyes, but some species have black, brown, 
or reddish adults (Fig. 7). Larvae vary in shape and habits; 
some are voracious, active, and free-living general predators 
(thus the name “aphis-lions”) (Fig. 6C); others are slower 
moving, cryptic, trash-carrying predators that are associated 
with specific types of prey or habitats; still others live in ant 
nests where they feed on the inhabitants. 

Currently, the Chrysopidae comprises three subfamilies 
(Nothochrysinae, Apochrysinae, and Chrysopinae), all of 


which are based strictly on adult morphological characteristics 
and none of which are well defined. Comparative studies of 
the larval morphology and biology are needed to clarify the 
systematics of the group and to facilitate the identification 
and use of these predators in biological control. 

The Nothochrysinae includes only a small number (9) of 
genera; it is believed to be the basal chrysopid lineage. Defining 
characteristics may occur in the larval stages, but larvae from 
very few genera are known. Apochrysinae and Chrysopinae 
are probably not monophyletic. Apochrysinae has about 13 
genera that are based largely on somewhat variable characters 
in the wing venation; this subfamily contains the largest and 
visually most spectacular green lacewings. The larvae of one 
apochrysine species have been described, but distinguishing 
subfamilial traits were not apparent. The large subfamily 
Chrysopinae encompasses over 97% of the known chrysopid 
species; it includes about 60 genera distributed among four 
poorly defined tribes. The tribe Chrysopini contains almost 
all of the lacewings of economic importance. 

As a group, the Chrysopidae is cosmopolitan; similarly, all 
of the subfamilies are widely distributed. Nevertheless, many 
of the genera are restricted to small regions of the earth. For 
example, most genera of Nothochrysinae are endemic to very 
small geographic ranges; many species are known solely from a 
very few specimens. Among the Apochrysinae, one genus occurs 
only in South Australia, two only in Central and South America, 
and one only in the Oriental Region. Two other genera are 
widespread. The chrysopine genera range from cosmopolitan 
to narrowly endemic. 

There are two basic larval forms: debris-carrying and naked. 
The debris carriers construct and carry large packets of exoge- 
nous material (e.g., plant parts, exuviae, waxy secretions, or 
remains of prey) on their dorsal surfaces. Usually, they have 
humped (gibbous) abdomens with rows of hooked setae and 
long thoracic tubercles bearing numerous, long setae. In 
contrast, naked larvae have more or less flat abdomens and short, 
straight setae. The thoracic tubercles are reduced in size and also 
bear short setae. In the most extreme cases, the lateral tubercles 
are absent. Given the wide range of morphological and 
behavioral variation among chrysopid larvae, it is clear that 
inclusion of all life stages is crucial for advancing the systematics 
of the family. However, except for the European and Japanese 
faunas for which larvae of approximately 80% of the species 
are described, the world’s chrysopid larvae are poorly known. 

Typically, chrysopid eggs are laid at the end of long stalks, 
singly, in groups, or in clusters, with the stalks loosely or tightly 
intertwined. The egg stalks can be naked or they may bear 
oily droplets; the droplets may contain nutrients or defensive 
substances that protect the egg or the newly hatched larva 
from natural enemies. 

Chrysopid larvae feed on a variety of soft-bodied arthro- 
pods; they may be generalist predators or they may have very 
strong association with a particular type of prey. For example, 
prey specialization in Chrysopa is based on a number of intrin- 
sic and extrinsic factors, including maternal oviposition behay- 


ior, larval size, morphology and behavior, prey influence on 
life-history traits, responses to natural enemies that are 
associated with specific prey, and phenology. 

Adults of some chrysopid genera are predaceous. Those of 
other genera take honeydew and pollen; in this group the 
dorsal crop diverticulum has numerous tracheae and is filled 
with symbiotic yeast that aid in digestion. Chrysopid adults 
are not strong flyers; nevertheless, they are known to move 
considerable distances with the wind. Adults of some species 
emit foul-smelling defensive odors when they are disturbed. 

Overwintering may occur in the larval, prepupal, or adult 
stages; the overwintering stage is a generic characteristic. 
Usually a photoperiodically induced diapause is involved. 

Chrysopine lacewings have two types of hearing. The 
“ear” (tympanal organ) is located at the base of the radial vein 
in each forewing. It is the smallest tympanal organ known, 
and functions in the perception of ultrasound signals 
produced by bats that prey on small flying insects. When a 
lacewing perceives ultrasound signals that are emitted at low 
rates (1-50 pulses per second), flight ceases; this response 
causes the lacewing to begin falling. As the bat continues to 
approach, its signal increases in frequency; the high- 
frequency signal causes the lacewing suddenly to flip its 
wings open and fly, thus aiding its escape. The second type of 
hearing, the perception of low-frequency, substrate-borne 
sounds that are emitted during courtship, is accomplished 
through scolopidial organs in the legs. Such sounds are an 
integral part of courtship in a number of Chrysoperla species; 
both species-specific and geographic variations in the 
production of these sounds appear to be considerable. 

The endemic complex of green lacewings on the Hawaiian 
Islands belonging to the genus Anomalochrysa has evolved several 
unique characteristics and exhibits an extraordinary range of 
variation in morphology and behavior. For example, unlike any 
other known chrysopids, Anomalochrysa females lay sessile 
(unstalked) eggs, either singly or in batches. Larvae range in 
body form from fusiform with greatly reduced lateral tubercles 
and few, short setae, to flattened with well-developed lateral 
tubercles and numerous, robust, long setae. In continental 
lineages, such broad variation is found only among genera. In 
some species, adults or larvae are very bright and colorful; in 
others they are cryptic and polymorphic. Males and females may 
produce conspicuously loud clicking sounds during courtship 
and mating; how these sounds are perceived is unknown. 

A number of species in the genus Chrysoperla are mass 
reared and released for use in the biological control of agricul- 
tural and horticultural pests. Among those in North America 
are Chrysoperla carnea and Chrysoperla rufilabris. These 
species possess a number of characteristics that are excellent 
for mass rearing, including the ability of adults to use artificial 
diets for reproduction and to be stored for long periods with- 
out significant loss of reproductive potential and the ability 
of larvae to feed on artificial or factitious prey. Larvae of 
Ceraeochrysa species, which are trash carriers, share many of 
these traits and are also excellent candidates for mass produc- 
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tion and release. They have the added advantage of being 
camouflaged and thus protected from their own natural 
enemies, e.g., ants. The role and efficacy of lacewings in pest 
management are beginning to be evaluated quantitatively 
under field conditions, but additional studies in a variety of 
crops are needed. 


Osmylidae 


Although the evidence for a relationship is weak, this family 
of 160 species may be the sister taxon of Chrysopidae. Eight 
poorly defined subfamilies of osmylids are recognized, but 
their systematics needs considerable reassessment. 

Osmylids are slender, moderate-sized lacewings (forewing 
length 15-30 mm), with broad pigmented wings. The family 
is distributed over much of the Old World. Five of the 
subfamilies occur in Australia and two in South America, but 
apparently osmylids are absent from North America. 

Little is known of osmylid biology. Elongate, knobbed, 
unstalked eggs are laid with their sides attached to foliage. 
Larvae live under stones or at the water—land interface near 
streams or under the loose bark of trees. Osmylid larvae have 
long slender stylets like those found in sisyrids (and berothids) 
(Fig. 6D), but unlike sisyrids, they lack gills and breathe 


through thoracic and abdominal spiracles. 


Hemerobiidae (Brown Lacewings) 


The third largest neuropteran family, with approximately 550 
species, Hemerobiidae constitutes a cosmopolitan clade that is 
relatively well known and easily recognized. Adults are generally 
small (forewing length 3-18 mm), brown, and inconspicuous. 
The approximately 27 extant genera of hemerobiids fall into 
10 reasonably well-defined subfamilies. The Carobiinae and 
Psychobiellinae each consist of one genus that is restricted to 
the Australian Region. The Hemerobiinae, Sympherobiinae, 
Notiobiellinae, and Microminae each include 3 to 5 genera; all 
four subfamilies are cosmopolitan, although some of the small 
genera that they encompass have very restricted distributions. 
The Drepanacrinae and Drepanepteryginae each contain three 
genera with restricted distributions, and the Megalominae 
comprises one genus with broad distribution. The most 
recently described subfamily, Adelphohemerobiinae, consists 
of one genus that is known only from South America. 

Despite the fact that hemerobiid larvae offer a rich suite 
of traits for phylogenetic analysis, the larvae of only nine 
genera (from 7 of the 10 subfamilies) have been described. 
There are three instars. In the first instar, body setation is 
sparse, and trumpet-shaped empodia are present between the 
tarsal claws. Second and third instars are similar to each other 
except in size; they may have numerous short setae, and their 
empodia are short (Fig. 6E). 

Mainly because the systematics of the family was neglected 
until recently, the life cycles of relatively few hemerobiid genera 
are known, and the groups that have been studied occur 
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largely in the Northern Hemisphere. In general, hemerobiid 
eggs are sessile (unstalked) and laid singly or in clusters. 
Hatching is accomplished by means of an oviruptor. 

Larvae prey upon a variety of small, soft-bodied arthropods 
and eggs. Little is known about the range of larval diet or its 
specificity, but some species show strong association with a 
particular type of plant or habitat. Pupation occurs within 
thinly spun cocoons. Pupae have a peculiar set of hooks on 
the dorsum of the abdomen; their function is unknown. Most 
species seem to be predaceous in the adult stage, but there are 
records of extensive honeydew feeding by adults. Life cycles 
range from univoltine to multivoltine, but for most taxa the 
overwintering stage is unknown. 

Flightlessness has evolved several times in the Hemerobiidae; 
it is largely confined to species that occur on islands or are 
restricted to isolated mountains. In flightless forms, the hind 
wings are greatly reduced or absent, or the forewings are hard- 
ened or fused. Modifications associated with flightlessness are 
probably most extremely exhibited in the endemic Hawaiian 
Micromus. Spectacular sculpturing of the wings also occurs in 
winged (and flighted) endemic Hawaiian Micromus species. 

Many species of Hemerobiidae are believed to be important 
natural enemies of insect pests on agricultural and horticultu- 
ral crops or in forests. Hemerobiids often are active at relatively 
low temperatures; thus they can be useful as biological control 
agents in temperate regions early in the season when other 
natural enemies remain inactive. 


Coniopterygidae (Dustywings) 


Because of their smallness and cryptic nature, coniopterygids 
are generally overlooked and thus considered rare. However, 
with approximately 450 species, the Coniopterygidae consti- 
tutes a relatively large family and is perhaps the best known 
systematically. Although they clearly belong within the 
Neuroptera, coniopterygids differ in a number of ways from 
other neuropteran families. Previously, they were considered 
the sole family of a separate primitive suborder (superfamily), 
the Coniopterygoidea. However, a recent cladistic analysis pro- 
vides some evidence that the Coniopterygidae and Sisyridae 
may form a derived sister group within the Hemerobiiformia. 
The Coniopterygidae is generally a very homogeneous family 
characterized by very small adults (forewing length 2-5 mm) 
with bodies covered by white waxy (“dusty”) secretions. The 
secretions originate from hypodermal wax glands on the 
sternites and tergites of the abdomen and are spread over the 
body by the hindlegs. Other than in the coniopterygids, such 
glands are found only in the homopterans Aleurodina and 
Coccina. This similarity represents a remarkable example of 
convergent evolution especially because coniopterygids 
frequently are associated with these waxy homopterans. 
Currently, the Coniopterygidae contains three well-defined, 
probably monophyletic subfamilies: Coniopteryginae, Aleu- 
ropteryginae, and Brucheiserinae. Both the Coniopteryginae 
and the Aleuropteryginae are large groups with cosmopolitan 


distributions. They are distinguished from the Brucheiserinae 
by their predominantly longitudinal wing venation, whereas 
the Brucheiserinae have highly unusual reticulate wing vena- 
tion. Brucheiserinae is known only from the neotropics and 
its larvae are not described. Some authors have considered it 
to comprise a separate family (Brucheiseridae), but this 
distinction is probably not justified. In this regard, discovery 
of the larvae is likely to prove very valuable. 

The life histories of very few coniopterygid species are 
known. Both larvae and adults occur on trees and bushes (some- 
times on low vegetation). Many species appear to be associated 
with specific types of vegetation, and this habit may indicate 
a degree of prey specialization. Eggs are unstalked and laid 
near prey; there are three or four instars (Fig. 6F). 

Adults and larvae are predaceous on small, soft-bodied 
arthropods (aphids, scales, mites); adults probably also feed 
on honeydew and perhaps pollen. Flat cocoons with double 
walls are spun on foliage or tree trunks. Adults are usually 
active at dusk or at night. Life cycles and overwintering stages 
vary (prepupae within cocoons, free-living second instars) 
and have not been well studied. 

Many species of coniopterygids are considered important 
natural biological control agents, but unfortunately, their role 
has not been evaluated. Other species have great potential for 
use in classical biological control, as well as in commercial 
mass production and release. To date, their potential remains 
undeveloped. 


Sisyridae (Spongillaflies) 


The Sisyridae constitutes a small but cosmopolitan family that 
contains about 50 species in four genera: Climacia, which is 
restricted to the New World; Sisyra, which is cosmopolitan; 
and Sisyrina and Sisyrella, which are small Australian and Asian 
genera. This is the only neuropteran family with truly aquatic 
larvae. Sisyrid larvae are believed to feed exclusively on fresh- 
water sponges, and they are unique among the Neuroptera in 
having segmented abdominal gills that function in breathing 
(Fig. 6H). Adults are dull colored and relatively small 
(forewing length 4-10 mm). They closely resemble brown 
lacewings, but the simple, open venation of the forewing and 
the branching pattern of the radial sector distinguish them. 

The sessile eggs of sisyrids are laid singly or in groups on 
objects that overhang water. A flat layer of silk covers the eggs. 
Hatching is aided by an oviruptor, and subsequently the 
neonate larvae walk or drop to the water where they seek a 
sponge colony. 

Sisyrid larvae probe sponges by means of the long, flexible 
mouthparts (Fig. 6G). Only one of the Malphigian tubules is 
attached distally to the rectum, a condition that is probably 
related to the aquatic lifestyle. After feeding and development, 
the mature larvae swim to the shore, attach to objects close to 
the water, and spin a double-layered cocoon within which they 
pupate. Adults forage on nectar, pollen, algae, fungi, aphids, 
and mites. 


Dilaridae (Pleasing Lacewings) 


This small family of approximately 50 species has well-defined 
affinities with the Berothidae and Mantispidae. It is divided into 
two subfamilies: Dilarinae, which is confined to the Old World, 
and Nallachiinae, which is restricted to the New World (with one 
species known from South Africa). It is one of the few neu- 
ropteran families that does not occur in the Australian region. 

Adults resemble small, delicate hemerobiids (forewing 
length 3-16 mm in males and 5-22 mm in females). But, they 
are differentiated by ocelli-like tubercles on the head of both 
sexes (functional ocelli are absent), a long ovipositor in females, 
and pectinate antennae in males. 

Dilarid eggs are elongate and unstalked. Those of Nallachus 
are laid in association with dead trees. The larvae of Nallachus 
inhabit the galleries of insects in decaying logs or the area 
beneath the tightly adhering bark of erect, recently dead trees 
(Fig. 61). Larvae of Dilar have been found in the soil. 

The larval diet is not known, but it does not appear to be 
highly specific. Development probably takes 1 year. Larvae may 
undergo supranumerary molts; i.e., if undernourished, they 
may continue to molt as many as 12 times. However, those 
that did so under laboratory conditions did not metamorphose 
successfully. Pupation occurs within cocoons. 


Mantispidae (Mantidflies) 


With approximately 400 species, Mantispidae is the largest fam- 
ily in the dilarid lineage (Dilaridae, Berothidae, Mantispidae). 
Adults are recognized by raptorial forelegs that resemble those 
of a mantid (Fig. 8); their simple, subequal wings are narrow 
and elongate and they have a distinct pterostigma and 
chrysopid-like venation. They are moderate-sized to large 
lacewings (forewing length 5-30 mm). Larvae are similar to 
those of the Berothidae in that they are hypermetamorphic; 
however, in the case of the mantispids the first instars are 
campodeiform and the second and third instars are grub-like 
(Fig. 6J). The mantispids differ from the Rhachiberothinae 
in their wing venation, terminalia, and larval characteristics, 
but they are of similar size and also have raptorial forelegs. 





FIGURE 8 Mantispid adult in the genus Plega. Note the mantid-like raptorial 
forelegs and narrow forewings. (Photograph by E. S. Ross, California Academy 
of Sciences.) 
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The family contains four apparently monophyletic sub- 
families: Symphrasinae, Drepanicinae, Calomantispinae, and 
Mantispinae. Symphrasinae encompasses a large, diverse assem- 
blage of species that are distributed throughout South America 
and southern North America. Drepanicinae is a smaller sub- 
family that occurs in restricted areas within South America and 
mainland Australia. Calomantispinae, another small subfamily, 
has a disjunct distribution: eastern Australia (including 
Tasmania) and southern North America. Finally, the large sub- 
family Mantispinae ranges between 50°N and 45°S through- 
out much of the world. The biology and immatures of 
Drepanicinae and Calomantispinae remain largely unknown, 
whereas those of several genera in Symphrasinae and 
Mantispinae have been studied. 

Larvae in the subfamily Mantispinae usually inhabit the egg 
sacs of spiders where they feed upon the contents, although 
some may be subterranean predators or possibly generalist pre- 
dators. Numerous (200-2000) stalked eggs are laid randomly 
(and sometimes communally) on leaves and wooden structures. 

The newly hatched campodeiform larvae find their hosts 
(spider eggs) via one of two methods. Either they actively seek 
a previously constructed spider egg sac that they enter through 
direct penetration or they climb onto a female spider and enter 
the egg sac as the female builds it. Those that board spiders can 
feed on the hemolymph of their host, but they do not molt 
until they enter an egg sac. If the campodeiform larva attaches 
to a male spider, it may transfer to a female during copulation. 
After an egg sac is found, the larva feeds on the contents 
(predation) and undergoes hypermetamorphosis. 

The mature larva spins a cocoon, and pupation occurs with- 
in the larval skin, within the cocoon. Adults are predaceous 
and they are active during the day or night. Overwintering in 
some species occurs in the first instar, and there may be one 
to several generations per year. 

Several species within the Symphrasinae have been reared 
from nests of aculeate Hymenoptera or reared in the laboratory 
on larvae or pupae of Lepidoptera, Coleoptera, and Diptera. 
First instars may find their hosts by attaching to an adult bee 
or wasp and moving into the cell when the egg is laid. 
Subsequently, they feed on a single host (parasitism), have the 
typical mantispid hypermetamorphosis, and adhere to their 
host with a sticky, yellow secretion. 

Adult Climaciella can be highly polymorphic, with each of 
several morphs mimicking a different species of polistine wasp. 
The proportion of the different morphs may vary depending 
on the number and aggressiveness of the various wasp species 
at each locality. 

The larval habits of the Drepanicinae are unknown; 
Calomantispine larvae may be generalist predators. 


Berothidae (Beaded Lacewings) 


The Berothidae is a small family of approximately 115 species 
in four more or less distinct subfamilies: Rhachiberothinae, 
Berothinae, Nosybinae, and Cyrenoberothinae. Adults typi- 
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cally are small to medium-sized (forewing length 6-15 mm) 
lacewings with brown wings and bodies. Frequently, the 
outer margin of the forewing is deeply incised. Larvae are 
associated with termite nests (Figs. 6K and 6L). The family is 
cosmopolitan and occurs predominantly in warm temperate, 
tropical, and subtropical areas; the greatest number of species 
is found in Africa. 

One subfamily of berothids, the Rhachiberothinae, differs 
considerably from the others. Its adults have raptorial forelegs 
that are very similar to those of mantispids. As a result, some 
authors consider them to be a separate family. However, 
because of the close similarity between the few known larvae 
of Rhachiberothinae and the few known larvae of other 
Berothidae, we treat the Rhachiberothinae as a specialized 
subfamily of the Berothidae, while awaiting further study. 

Little is known of the biology of the Berothidae except for 
the North American genus Lomamyia (Berothinae). Eggs of 
three subfamilies are laid in clusters attached to one or several 
long, silken stalks; those of the fourth subfamily, Rhachi- 
berothinae, are sessile. Lomamyia eggs are laid on dead trees or 
logs that contain colonies of subterranean termites. First instars 
are mobile and after entering the termite colony they feed and 
molt. The second instar does not feed, but hangs immobile 
from the roof of the termite tunnel. Third instars resume 
feeding on termites. They subdue their prey with an allomone 
that is emitted from the tip of the abdomen and/or a neuro- 
toxin that is injected through the mouthparts. Pupation 
occurs within silken cocoons that are spun in the termite nest. 
Adults are primarily nocturnal. As many as three generations 
can occur per year; the prepupal stage overwinters. 


See Also the Following Articles 
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lassification has two meanings in English: the process by 

which things are grouped into classes by shared characters 
and the arrangement of those classes. Identification is the 
process of observing characters and thereby classifying things. 
Biological classifications are arrangements of organisms. The 
ability to classify is common to all animals, for to survive 
animals must group other organisms into at least three classes: 
Those to be eaten, those to be avoided, and those to associate 
with, especially members of their own class. For scientists, 
classification is formalized into a nested or hierarchical set of 
hypotheses: hypotheses of characters, groups (taxa), and 
relationships among the groups. Individual specimens of organ- 
isms are observed and characteristics noted. So, for example, 
we may observe that some people are black, others yellow or 
white, and conclude as Linnaeus did that there are different 
groups of humans (Homo sapiens). This is a hypothesis that 
skin color is a useful character. Further testing of this character 
hypothesis has shown that skin color among humans does not 
delimit natural groups; hence we reject skin color as a character 
for humans as well as those groups this character defines. 
Color, however, is a very useful character for classifying many 
other groups. Then there is the hypothesis of a group. Groups 


Key Capabilities of the Next-Gen System Architecture 


In addition to proposed architectures, the Technical Report provides guidance on 
the features and services NG Core should support. It identifies 19 key issues for the 
Next-Gen System Architecture, which can be grouped into four categories: 


e Flexible Deployment: Including network slicing, user-plane network selec- 
tion, network function granularity (e.g., decomposition of VNFs and service 
chains), interworking and migration, a policy and charging framework. 


e Flexible Access Support: Including variable core/access splits, a flexible 
authentication framework (with varying credentials according to device- 
type, use Case and policy), support for relays and multi-hopping, improved 
network discovery and selection mechanisms. 


e Connectivity: Including session management, mobility management, a 
quality-of-service (QoS) framework and service and session continuity (e.g., 
across accesses). 


e Adapting Existing Capabilities: Including network/service capability expo- 
sure, multicast and broadcast, IP Multimedia Subsystem (IMS) support, off- 
network communications (e.g., ad hoc networks for public safety). 


Implementation of these capabilities is tightly linked to both the design of the NG 
Core and the underlying IP service infrastructure. The 3GPP specifications do not 
reference connectivity services, but, in practice, there is a close relationship. 


A Distributed 5G Services Fabric 


The infrastructure onto which 5G will be deployed should support multiple, demand- 
ing use cases. This drives a need for a high-performance wide-area IP services fabric 
controlled (or "orchestrated") by SDN. This IP services fabric should provide connec- 
tivity between many different distributed data centers in a meshed architecture 
that provides resiliency and scalability, and should be programmable such that it 
can support dynamic, service-specific network slices. In effect, the IP services fabric 
makes distributed centers act in a unified manner —i.e., behave as one integrated 
data center. The concept is shown in Figure 8. 


The design of the distributed IP services fabric is formed by the variety of use cases, the 
requirement for low latency and high availability, and the need to scale efficiently. 
In tandem, the mobile network architecture will evolve to a more distributed model. 
To meet 5G service requirements, NG Core will be deployed using the "CUPS" model, 
with user-plane nodes hosted at distributed data center locations, and control- 
plane nodes at more centralized locations, interconnected by the IP services fabric. 


Service orchestration will generally be domain specific, with SDN-controlled IP ser- 
vices, cloud resource management, NFV lifecycle management and end-user ser- 
vice orchestration, all operating quasi-independently in a layered architecture. Co- 
ordination between the layers will use "cross domain orchestration” to ensure a net- 
work slice contains all the networking components needed to deliver the service. 


Depending on how the architecture evolves, there will be a need to support highly 
accurate, 1588v2-based timing (frequency and phase) within this IP services fabric. 
Virtual RAN/Cloud RAN is an example on the network side that benefits from accurate 
network timing. On the customer side, it is expected that some market segments, such 
as the financial industry, will also require timing to be incorporated into network slices. 
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of biological organisms are called taxa (taxon, singular) and 
these taxa are hierarchically arranged in our classifications. Taxa 
in a classification have rank, with the basic (basal, bottom) 
rank being designated as species. Some of the higher ranks 
are genus, tribe, family, order, class, phylum, and kingdom. 

Nomenclature is a system of names along with the proce- 
dures for creating and maintaining that system. Classification, 
in its second definition, is the structure for nomenclature, 
being the model on which names are arranged. Names form 
the essential language of biology and are the means that we use 
to communicate about our science. To avoid a Tower of Babel, 
a common system of nomenclature is required, especially an 
effective, efficient, system that has a minimal cost. 


NAMES AND CLASSIFICATION 


Names are tags. Tags are words, short sequences of symbols 
(letters) used in place of something complex, which would 
require many more words to describe. Hence, tags save time 
and space. Instead of a long description, we use a short tag. A 
scientific name differs from a common name in that the sci- 
entific name is a unique tag. In nonscientific languages, such 
as English, there may be multiple tags (common names) for 
the same organism. For example, imagine the various words 
in English that are used to describe H. sapiens. In computer 
(database) jargon, data elements that are used to index infor- 
mation are termed keys, and keys that are unique are called 
primary keys. Scientific names are primary keys. The word 
“key” has another meaning in English, which is “something 
that unlocks something.” Scientific names are those critical 
keys that unlock biosystematic information, which is all that 
we know about living organisms. To repeat: scientific names 
are tags that replace descriptions of objects or, more precisely, 
concepts based on objects (specimens). Scientific names are 
unique within a classification, there being only one valid scien- 
tific name for a particular concept, and each concept has only 
one valid scientific name. 

Scientific names are more than just primary keys to infor- 
mation. They represent hypotheses. To most systematists, 
this is a trivial characteristic that is usually forgotten and 
thereby becomes a source of confusion later. To most users, 
this is an unknown characteristic that prevents them from 
obtaining the full value from scientific names. If a scientific 
name were only a unique key used for storing and retrieving 
information, it would be just like a social security number. 
H. sapiens is another unique key used to store and retrieve infor- 
mation about humans, but that key also places that information 
into a hierarchical classification. Hierarchical classifications 
allow for the storage at each node of the hierarchy of the 
information common to the subordinate nodes. Hence, redun- 
dant data, which would be spread throughout a nonhierarchical 
system, are eliminated. Biological classifications, however, do 
more than just hierarchically store information. If one accepts 
a single common (unique) history for life (phylogeny) and 
agrees that our biological classifications reflect this common 


history in their hierarchical arrangement, then biological 
classifications allow for prediction, namely that some 
information stored at a lower hierarchical node may belong 
to a higher node; that is, may be common to all members of 
the more inclusive group. Such predictions take the following 
form: if some members of a group share a characteristic that 
is unknown for other members of the same group, then that 
characteristic is likely to be common to all members of the 
group. So scientific names are tags, unique keys, hierarchical 
nodes, and phylogenetic hypotheses. Thus systematists pack 
a lot of information into their names and users can get a lot 
from them. 

Scientific names are hypotheses, not proven facts. System- 
atists may and frequently do disagree about hypotheses. 
Hypotheses, which in systematics range from what is a 
character to what is the classification that best reflects the 
history of life, are always prone to falsification, hence to 
change. Disagreements about classification can arise from 
differences in paradigm and/or information. Systematists use 
different approaches to construct classifications, such as 
cladistic versus phylogenetic versus phenetic methods. Given 
the same set of data that underlies a given hierarchy, cladists 
will derive classifications different from those derived by phe- 
neticists (Fig. 1). Even among cladists, there can be differences 
about the rank (genus, family, order) and thereby the hierar- 
chical groups used. These are disagreements based on paradigm. 
There can be disagreement about the hypotheses that under- 
lie the information used to construct the classifications, such 
as what are the characters. And disagreement can arise among 
systematists because individuals use different information. 
While disagreements will affect the ability to predict, they 
need not affect the ability to retrieve information. 

The desirable attribute that must be preserved to ensure 
complete access to information across multiple classifications 
is uniqueness. Our scientific nomenclature must guarantee 
that any scientific name that is used in any classification is 
unique among all classifications. This can be assured by having 
two primary keys. Unfortunately, having two keys increases 
the overhead of our information systems. So most systematists 
and all users want to avoid this problem by mandating that 
there be only ove classification. Although in theory there is 
only one correct classification, as there was only one history of 
life, in reality there have been multiple classifications in the 
past, there may be multiple classifications in use today, and 
there will be multiple classifications in the future. That is the 
price of scientific progress, of the increase in our knowledge of 
the world. If information is to be retrieved across time—that 
is, if we want to extract information stored under obsolete 
classifications, and if we want to avoid dictating “the correct” 
classification—then we need a nomenclatural system that 
supports two unique keys. 

The two keys for our language of biodiversity are the valid 
name and the original name. The valid name is the correct 
name for a concept (taxon) within a classification; the original 
name is the valid name in the classification in which it was 
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FIGURE 1 Multiple classifications for identical cladistic hypotheses. The 
brackets along the top of the trees indicate the groups recognized. Cladistic 
classifications are shown for trees A, D, and E and phenetic classifications for 


B, C, and D. 


proposed. Valid names may be different among classifications, 
but the original name is invariant across all classifications 
(Table I). Valid names are the best names to use because they 
provide the full value of scientific names. These are the names 
that provide a basis for prediction. The original name is useful 
only for information retrieval across multiple classifications. 
Although valid and original names may be and frequently are 
the same, users must know the differences between them. 
Specifically, they need to know that a valid name is a powerful 


TABLEI Multiple Classifications (rows) and Primary Keys 
(columns) to Information 





Year Valid name Original name Authority 
1776 Musca balteata Musca balteata De Geer 
1822 Syrphus balteatus Musca balteata Meigen 
1843 Scaeva balteata Musca balteata Zetterstedt 
1917 Episyrphus balteatus Musca balteata Matsumura 
1930 Epistrophe balteata Musca balteata Sack 

1950 Stenosyrphus balteatus Musca balteata Fluke 
Today Episyrphus balteatus Musca balteata Vockeroth 


inference tool, that a valid name provides for prediction about 
unknown attributes of the organism that bears the name. But 
they must understand that there may be multiple valid names 
in the literature and/or in use and that valid names represent 
hypotheses that may change as our knowledge is tested and 
improved. So most importantly, if there are multiple valid 
names in use, then there are conflicting scientific hypotheses 
being advocated, and users must select the name that best 
serves their purpose. If users do not want to decide, do not 
want to use classifications to organize and synthesize their infor- 
mation, then they may use the original name to index their 
information, being assured that it will always be a unique key. 

There are other problems today with our classifications: 
synonymy, having two names for the same concept, and 
homonymy, having the same name for different concepts. 
These problems are, however, largely the result of ignorance. 
If we knew all names and their types and could agree on what 
are species, then by applying the rules of nomenclature we 
could immediately eliminate all synonymy and homonymy 
problems. Homonymy is eliminated by the rule of uniqueness. 
Synonymy is addressed by the rules of typification, which tie 
a physical instance of a concept to a name, and is resolved by 
logic of circumscription and the convention of priority (or 
usage). The name of a concept is the name affixed to one and 
only one of the types that falls within its circumscription 
(Fig. 1). The name used is determined by which name is the 
oldest (priority) or most widely used (usage). The specific 
rules for resolving homonymy and synonymy, as well as for 
the proper formation and documentation of names are our 
codes of nomenclature. These rules, however, do not address 
the problem of multiple classifications, nor can they establish 
order under conditions of ignorance of the universe of 
applicable names and their typification. 

There is one final problem: the species problem. This is the 
problem of what is the basic unit of information and/or data. 
There is also the question of what species are and whether 
species are real or hypotheses. Species may be a category (rank) 
in classifications or a unit of information. The best current 
review on these questions is by Wheeler and Meier, but for 
nomenclature the species (or more precisely the species group, 
which includes the subspecies category) is considered to be a 
basic unit of information. The problem is that the species is 
not a data element. The species is not an indivisible unit, but 
consists of information, that is, data derived from specimens 
that have been identified as belonging to that species. Mistakes 
can be made during this identification, which is after all 
another hypothesis. Information is ultimately not derived 
from species, but from specimens. Biological information 
management really begins with specimen data management. 
The problems of specimen-based data management are not 
intractable but are readily addressed by the use of unique 
identifiers, such as bar codes, another form of unique keys. 

The species problem is also one of circumscription, the defi- 
nition of the limits of a taxon. A group with the same name 
and type may be more or less inclusive depending on the char- 
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acters used to define its limits. Zoologists differ from botanists 
in not considering circumscription to be a problem, since mini- 
mally all identically named taxa have at least some charac- 
teristics in common. The problem of how much is held in com- 
mon, therefore, is best resolved by enumeration of the included 
taxa or specimens. The history of circumscription can be tracked 
by use of an additional key that uniquely identifies the person 
who defined the limits and the date of that action. Sufficient for 
our purposes is to know that specimen-based data will always 
be summarized into species-based information units and that 
all species-based information should be specimen based. 


PARADIGMS AND CLASSIFICATIONS 


The information that is embedded in nomenclature comes 
from the classification used. As noted, classifications consist of 
hierarchically nested groups of taxa, with the basic unit being 
the taxa ranked as species. Paradigms are theories about scien- 
tific knowledge and its organization. The first classifications 
developed by Linnaeus and Fabricius were largely based on 
Aristotelian essentialism/typology. Things were grouped 
together because they shared the essences of the group, which 
is the type. Later, when evolution was articulated as a para- 
digm, classifications were based on phylogeny, which is the 
genealogical hypothesis of relationship. More recently, when 
computers began to appear, classifications were proposed on 
the basis of statistical measures of overall or phenetic similarity. 
Finally, different ways of deciphering phylogeny were 
developed, and so, different ways of translating phylogenetic 
information into a hierarchical classification were proposed 
(phylogenetic vs cladistic methods). Over the past half-century, 
much has been written about the relative merits of phenetics, 
evolutionary systematics, and cladistics, but the inescapable 
conclusion for predictive and, therefore, maximally infor- 
mative classifications, is that the cladistic paradigm is manda- 
tory. Schuh provides a good summary of the arguments for 
cladistic classifications. 

Regardless of the paradigm followed, all approaches leave 
unsolved the problem of how to translate the result of taxo- 
nomic analysis, be it a tree or a branching diagram of overall 
similarities, into a hierarchical classification. There are only two 
approaches to the translation of an analysis into a classification: 
subordination or sequencing, For subordination, each clade/branch 
becomes a recognized (named) taxon and a rank indicator pro- 
vides a key to the relative level of subordination. Subordination 
works best when the phylogeny/branching diagram is balanced, 
that is, when each branching point divides the remaining ter- 
minal taxa into equal sized groups. For example (Fig. 2, Table 
Il), 8 species could be clustered into 4 genera and 2 sub- 
families, whereas a fully pectinate analysis would yield 7 genera 
clustered into 5 named ranks (subfamily, infrafamily, super- 
tribe, tribe, subtribe). For sequencing, only the terminal clades/ 
branches are recognized, but their order is preserved and suit- 
ably indicated to encode their sequential level of subordination. 
This method is highly efficient for analyses that result in 


pectinate trees. The pectinate example could be reduced to 7 
sequenced genera. Sequencing does not work when the analysis 
is balanced. Given that most analyses are neither fully balanced 
nor fully pectinate, a mixture of subordination and sequencing 
should be used as long as the classification properly identifies 
which methodology was used for each portion. Wiley provides 
a full set of conventions to deal with these issues as well as 
others that involve the placement of fossil groups (plesion) or 
groups of uncertain or changeable position (sedis mutabilis) or 
unknown relationships (incertae sedis). 

Beyond the translation of a taxonomical analysis into a 
hierarchical classification, another challenge remains, that is, 
what groups to formally name and what ranks to assign to 
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FIGURE 2 (Top) Balanced and (bottom) pectinate cladistic hypotheses. See 
Table II for the different classifications that result from these hypotheses. 
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TABLE II Classification: Sequencing and Subordination 


Subordinated classification for Fig. 2A 
balanced analysis 


Subordinated classification for Fig. 2B 
pectinate analysis 
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Sequenced classification for Fig. 2B 
pectinate analysis 





Family A-idae Family A-idae Family A-idae 
Subfamily A-inae Subfamily A-inae Genus A 
Genus A Genus A Genus B 
Genus B Subfamily B-inae Genus C 
Subfamily C-inae Infrafamily B-ites Genus D 
Genus C Genus B Genus E 
Genus D Infrafamily C-ites Genus F 
Supertribe C-idi Genus G 
Genus C 
Supertribe D-idi 
Tribe D-ini 
Genus D 
Tribe E-ini 
Subtribe E-ina 
Genus E 
Subtribe F-ina 
Genus F 
Genus G 


those named groups. Obviously, when a group is fully resolved 
taxonomically, there could be as many named groups as there 
are terminal taxa. No school of taxonomy insists on naming 
all of them, but other than that there is no method nor any 
consensus among taxonomists on what taxa to name. This 
general problem is usually referred to by the names of the 
extreme views on either side, the “splitters” and the “lumpers,” 
or those who would recognize many groups versus those who 
would recognize only a few. The merit of splitting is that the 
more taxa named, the more hierarchical information is embed- 
ded into those names and classification itself. Unfortunately 
that also leads to a loss of utility inasmuch as less information 
is summarized in each taxon. 

Consider birds, the best-known group of organisms. Some 
9700 species are clustered into 204 families and 2004 genera. 
Their scientific nomenclature is largely meaningless to many 
users, such as bird-watchers. For bird-watchers, common 
names, which more closely follow the original Linnaean classi- 
fication, such as ducks (Anas) or hawks (Falco) or humming- 
birds (Trochilus), are more meaningful groups than the oversplit 
genera. On the other hand, mosquitoes, some 3500 species, 
are clustered into only 34 genera. The important disease 
vectors, such as Anopheles for malaria and Aedes for yellow fever 
and dengue, remain large groups where the scientific name and 
common name are the same and are useful to doctors, public 
health workers, and other entomologists. The problem of the 
appropriate rank for groups recognized is similar. Naturally, 
splitters must have a greater series of rank indicators to express 
their fully named hierarchies. So, although there are relatively 
few species of birds, they are clustered into a large number of 
families (204), whereas flies (order Diptera) comprise 16 times 
as many species clustered into fewer families (142)! 

The ranking issue also brings with it the question of 
equivalency. Obviously a family of birds is not an equivalent 


unit of biodiversity or of anything else in comparison to a 
family of flies. Rank equivalence is an important issue because 
many biologists want to make comparisons across different 
groups of organisms. Biological comparison should never be 
made on the basis of taxonomical categories above the rank 
of species. For example, studies that base conclusions on the 
circumstance that one treatment or niche has more families, 
than another are totally meaningless because the units being 
compared are not equivalent. Biological comparison should 
be made only on the basis of cladistically defined sister-group 
relationships, since sister groups are of equal age. 

The entomologist Willi Hennig proposed in 1966 an 
objective method for assigning ranks that also allowed for 
biological comparisons: rank should reflect the hypothesized 
age of origin of the taxon. His suggestion has been rejected 
by all on the ground that the approach would cause a major 
upheaval in the traditional ranks of groups. For example, 
humans, placed in a separate kingdom by some (Psychozoa 
by Huxley in 1957), would be clustered among the apes and 
lemurs as nothing more than a species group. For 
entomology, some of the larger groups, like Coleoptera, 
Diptera, and Lepidoptera, which go back to Aristotle, would 
change in rank if not content. So after more than 2000 years 
of using those concepts, no one wants to split up the groups 
or change their rank. 

These issues of classifications are largely ignored by working 
taxonomists, most of whom focus on their specialty and do not 
concern themselves with global classifications. Entomologists 
generally do not care how birds are classified, nor do beetle 
workers even worry about how flies are classified. Entomolo- 
gists also tend to take a pragmatic, utilitarian approach, such 
that conservative ranks and grouping are used among mos- 
quitoes and other economically important insects. In summary, 
a few general guidelines should be followed: 
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1. Only monophyletic taxa should be recognized and 
named. 

2. Subordination or sequencing should be used as is most 
appropriate given the analysis and always should be 
annotated. 

3. “Empty” taxa should never be named (i.e., if a family 
contains only a single genus, there is no a need to name a 
subfamily or tribe simply because these ranks are used elsewhere 
in the classification). 

4, The 


classification generally will be to nonspecialists. 


fewer taxa named, the more useful the 
5. Traditional groups and ranks should be preserved 


where possible. 


CODES OF NOMENCLATURE 


Because names are critical for communication and 
information retrieval, nomenclature needs to be universal, 
precise, and accurate. Universality requires that the same 
methodology be used by all and that methodology ensure 
stable nomenclature over time. Precision requires that only 
one result be derived from an individual application of the 
rules of nomenclature. Accuracy requires that names be 
consistently and precisely tied to the hypotheses they denote. 
The International Code of Zoological Nomenclature 
(ICZN) ensures the implementation of these basic functions 
in our scientific names and classification. This is achieved 
through a series of rules organized into chapters and articles. 

Stability of nomenclature should not be confused with 
stability of taxonomic hypotheses (taxa) and classifications. As 
knowledge improves and more characters are discovered and 
analyzed, resulting in improved understanding of relationships 
among organisms, taxa and classifications will change. So, as 
more is known about the history of life, old Aristotelian groups 
like reptiles will be replaced by better defined ones, and the 
name Reptilia will drop from our classifications. But in other 
well-characterized groups, such as spiders (order Araneae) or 
flies (order Diptera), which have proven to be natural, the 
names shall remain unchanged in our classification. 

The current ICZN is the product of a long evolution that 
began with the system of binominal nomenclature introduced 
by Carolus Linnaeus, a Swedish professor of natural history. 
This system was the direct result of an earlier government 
biodiversity project. The Swedish crown had some far-flung 
possessions and wanted to know what use could be made of 
them. Linnaeus was sent to investigate, to survey what today 
is called biodiversity, and to write a report characterizing his 
findings with recommendations on how to use them. At the 
time, there was only a binary system of nomenclature: one 
word for the genus, with the species being described by a 
series of adjectives. Given the diversity Linnaeus found, he did 
not want to waste time repeating long strings of adjectives 
that were required to characterize the biodiversity. So, because 
the base characterizations were in his flora of Sweden, he used 
a combination of the genus name and single word (an epithet) 


for each species to form a unique key to those descriptions 
(Stearn gives more details). 

The system was an immediate success. Linnaeus codified 
the system, built and maintained a universal information 
database for all names (his Systema Naturae, 10th edition in 
1758), and trained a cadre of students to carry on his work. 
The students dispersed and converted others. But since there 
could be only one master, Linnaeus, they divided nature up. 
There was to be no more Systema Naturae. For entomology, 
the student in charge was Johann Christian Fabricius. 
Fabricius defined his principles in his Philosophia 
entomologica and produced a series of Systemae for insects, the 
last comprehensive one being published in 1792 to 1794. 

For the next 50 or so years, there was a significant increase 
in the number of animals discovered, described, and named, 
but little concern for nomenclature, which became muddled. 
This led a group of British zoologists, in 1843, to propose a 
formal set of rules, now known as the Strickland code, from 
which the modern ICZN evolved. After their effort, there was 
another half-century of new codes being proposed for various 
groups of animals (birds, fossils, insects) or nationalities 
(English, French, German). This proliferation led to zoologists 
joining forces and working toward an international code for all 
animals, resulting in the establishment of the International 
Commission on Zoological Nomenclature in 1895 and Reégles 
Internationales de la Nomenclature Zoologique in 1905. Although 
a few entomologists (e.g., Banks and Caudell in 1912) 
continued to work on a specialized code for insect names, 
these development efforts were quickly abandoned. 

For the next half-century, the Rég/es and the commission 
operated well, but clearly improvements were needed. So after 
the World War IL, the task of revision began. After a series of 
international meetings, the American entomologist J. C. 
Bradley, then president of the commission, wrote out a draft 
that in 1962 became the second edition. The next edition, in 
1985, and the current one, in 1999, were largely the work of 
Curtis W. Sabrosky, an American entomologist, David Ride, 
an Australian mammalogist, and Richard Melville, a British 
paleontologist. 

The challenge in writing codes of nomenclature is making 
a set of rules that demand the best practices of taxonomists 
today, but also preserve the names created by past workers. 
Hence, to accommodate the work of the past, a code makes 
general provisions followed by a series of exceptions qualified 
by dates. Also, in zoology, there are two options for preserving 
history. A provision can be made in the code to solve a 
problem, or an appeal can be made to the commission to set 
aside the code to preserve an old name. Changing the code 
affects all occurrences of a problem, but a ruling of the com- 
mission applies only to a particular occurrence. In the past 
the commission frequently took many years to rule on cases. 
Hence, for Sabrosky and others, changing provisions of the 
code became the preferred method of addressing problems of 
old names. Hence, the current ICZN has many clauses that 
exist only to make old names available and to preserve their 
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customary usage. Unfortunately, in adding to the ICZN 
provisions of these kinds, Sabrosky and others frequently 
created unforeseen problems. So the ICZN must be used 
carefully, since for almost every positive statement there is 
usually an exception. Other linguistic constructions may also 
be confusing, such as the frequent use of the phrase “as such.” 
For example, this phrase, used in Article 1.3.2, requires sub- 
sequent workers to decipher the intent of the original author. 
If the original author knowingly was describing an aberrant 
specimen, then the scientific name does not enter into nomen- 
clature, but if the author thought the specimen was typical of 
the taxon being described, then the name must be considered 
to be available for use in nomenclature. Finally, the ICZN 
uses a number of specialized terms or special definitions for 
words; these are all covered in its glossary. 


INTERNATIONAL CODE OF ZOOLOGICAL 
NOMENCLATURE 


The current 4th edition of the ICZN consists of a preamble, a 
series of 18 chapters comprising 90 articles, recommendations 
and examples, and a glossary. The book also contains a preface, 
an introduction, and three appendices (the first two are 
general recommendations and the last is the Constitution of 
the International Commission on Zoological Nomenclature). 
The text is in both English and French, and there is a single 
combined index. This book, bounded in green, is the “official” 
edition published by the commission, but other official ver- 
sions have been approved and published in different languages. 

The preamble sets the objectives and basic principles of the 
code: “to promote stability and universality” of names and to 
ensure that the name of each taxon is unique. The preamble 
also declares that taxonomy is independent of nomenclature. 
The articles are the definitive rules, with examples of how they 
are applied in specific cases as well as recommendations of 
appropriate practices. The glossary defines each term used so 
that the rules can be interpreted consistently. The following is 
a summary of the code by major topics (in parentheses after 
the topic are the articles covered). 

Scope (Arts. 1-3) The scope of zoological nomenclature 
is restricted to names for animals published starting in 1758, 
the date of the 10th edition of Linnaeus’ Systema Naturae. Here, 
the ICZN uses the verb “deemed” to declare for nomenclature 
that Systema Naturae was published on 1 January and before 
Clerck’s Aranei Svecici (spiders of Sweden), neither of which 
is true, since Clerck’s work was actually published in 1757! 
Exclusions are also listed, such as hypothetical concepts. That 
simply means that if the Loch Ness monster is not real, then 
its name Nessiteras rhombopteryx Scott, is not a name covered 
by the ICZN. 

Publication (Arts. 7-9), Dates (Arts. 21-22), and 
Authorship (Arts. 50-51) Although zoological nomen- 
clature is a language for communication, the names that are 
regulated are those “published.” Since taxonomy is based on 
some 250 years of work, the definition of publication used by 


the ICZN is based on printed works. For names and nomen- 
clatural acts to be within the coverage of the ICZN, they must 
have been first published in a printed work in numerous copies 
available to the public and for the permanent scientific record. 
This definition excludes some printed works, such as daily 
newspapers, which are not published for the permanent and 
scientific record. The ICZN rules exclude the evolving digital 
world, such as the Internet. This assures that all users read the 
same material in determining what are the appropriate names. 
The ICZN does accept new digital media such as CD-ROM 
or DVD disks that are “stamped out,” not printed. The ICZN 
provides rules to determine who is the author of these works 
and their dates of publication. 

Names (Arts. 4—6) and Their Formation [Arts. 11 
(11.2-11.3, 11.7-11.9), 25-49] 


scope of zoological nomenclature and having been published, 


Beyond falling within the 


names must be properly formed. They must be written with 
the Latin alphabet, and they must agree with various other 
requirements, many of which reflect the origin of the system 
at a time when all scholarly works were written in Latin. The 
ICZN groups scientific names into three kinds: family-group 
names, the names of taxa above the genus and species; genus- 
group names, the names for groups of species that form the 
first part of the binomen; and species-group names, the 
specific (epithet) names. The ICZN prescribes that names of 
higher taxa, such as superfamilies (-oidea), families (-idae), 
subfamilies (-inae), tribes (-ini), and subtribes (-ina), have 
specific suffixes; that generic and subgeneric names have 
gender and be nouns or be treated as such; and that specific 
names (epithets) be either nouns (and invariant) or adjectives 
(and whose ending agrees with the gender of the generic 
name with which it is combined). 

Availability (Arts. 10, 12-20) Given that all the fore- 
going conditions are fulfilled, names and nomenclatural acts 
must meet additional requirements if they are to be made 
available for consideration under the ICZN and if they are to 
be held to be valid. The distinction between available and 
valid is critical. A valid name is the correct name to be used 
for a taxon, that is, a hypothesis of a group; an available name 
is any name that meets the requirements of the ICZN. 

The additional requirements that names must follow to 
be available are as follows: (1) they must be formed as part of 
the system of binominal nomenclature, and (2) they must 
represent taxa that are considered to be valid. How taxa are 
defined is further regulated in a series of articles that are 
applied according to time. Before 1930 the standards were 
simple, such as attaching a previously unpublished name to an 
illustration, but current requirements are much more rigorous. 
For example, one must explicitly declare that a new name is 
being proposed, fully document the hypothesis (a description 
that “purports” to differentiate the taxon from all others), and 
designate the type for the name (which for a species is usually 
a dead specimen); if extant, the specimen must be deposited 
in a named, bona fide collection, or plans for such deposition 
must be furnished. (see Arts. 13.1.1, 16.1, and 16.4). 
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Validity (Arts. 23-24) A key problem for nomenclature 
is the existence of two or more names for the same taxon, for 
only one name can be considered to be correct or valid. This 
reflects the more general problem in science of who is to be 
given the credit for new ideas when multiple people claim to 
have arrived at them first. The general principle involved is 
that of priority—credit should go to the first person who 
published the idea. This principle was set forth by Henry 
Oldenburg, the first secretary of the Royal Society and editor 
of its Philosophical Transactions (1664-1677). Unfortunately, 
sometimes priority fails because the first to publish may have 
been forgotten, and someone else has become recognized as 
the first. In scientific nomenclature, this means that one name 
may become so familiar to many people that to change it to a 
name that is less widely known would cause instability. Hence, 
the ICZN provides a saving clause to allow for a widely used 
and familiar name to be preserved as the valid name when an 
older, obscure name is rediscovered. So, the ICZN provides a 
statement of the principle of priority (Art. 23.1), how it is to 
be applied in various situations, and, finally, when the principle 
should not be used (reversal of precedence, Art. 23.9). 

Homonymy (Arts. 52-60) Another key problem of 
nomenclature occurs when two or more names that are the 
same apply to different taxa. This is known as homonymy. 
Because some names consisting of different Latin letters may 
mean the same thing, the ICZN defines “same”: for example, 
the epithet pairs microdon and mikrodon, and litoralis and 
littoralis are considered to be the same (Art. 58). Then the 
ICZN dictates how homonymy is to be resolved: the senior 
name is to be retained, and the junior name is to be replaced; 
but there are exceptions as explained in Articles 52 to 60. 

Typification (Arts. 61-76) 


from scientific hypotheses, the question of whether two or 


Since names are only tags 


more names are synonyms involves both nomenclature and 
taxonomy. Taxonomy in this regard can be defined as the 
circumscription of character space (Fig. 3), that is, the defi- 
nition of taxa. Nomenclature is then the name, the designa- 
tion of types for the name, and the rules for selecting among 
multiple types (see earlier remarks under Validity). Thus, a 
nominal taxon is only a name and a type; a taxon, the 
hypothesis, includes at least one nominal taxon. For species- 
group names, the type is a specimen (holotype, neotype, or 
lectotype) or a group of specimens (syntypes), which is or are 
the ultimate source of character information. For genus- 
group names, the type is a species name (nominal taxon), and 
for family-group names the type is a genus-group name. The 
determination of the type/genus of a family-group name is 
self-evident because that genus is basis for the family-group 
name itself (the type of the family Muscidae is the genus 
Musca). For both genus-group and species-group names, the 
types are designated either by the original author of the name 
or by subsequent workers. 

An author may declare that a particular species/specimen is 
the type (original designation/holotype), may include only one 
species/specimen in the taxon (monotypy/holotypy) or may 
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FIGURE 3 Circumscription and typification. Axes represent characters; 
small spheres represent specimens plotted against those axes; the large sphere 
represents the circumscription of a taxon; one specimen sphere is a type and 
its location determines the name for the taxon. 


for genus-group names include a species-group name that is 
the same as the genus-group name (absolute or Linnaean tau- 
tonymy). If the type is not clearly fixed in the original publica- 
tion, the ICZN provides rules for determining what species/ 
specimens may be designated the type by subsequent workers. 

For genus-group names, all species included in a newly 
defined genus are eligible to be designated as the type species. 
But this applies only to genus-group names proposed before 
1931, for as noted earlier, after 1930 type designation became 
a requirement of availability. If no species were originally 
included, then those first subsequently included are to be con- 
sidered. To subsequently designate a type species, a worker 
merely, but unambiguously, declares one of these originally 
included species as the type. 

For species-group names, when no type is designated in 
the original publication, all specimens upon which the author 
based the name (including specimens not seen by the author 
but referred to by bibliographic citation) are eligible to be desig- 
nated lectotype and are called syntypes until such a lectotype 
is designated. 

Collectively all specimens that are either holo-, lecto-, neo-, 
or syntypes are termed primary types. Other specimens studied 
by the author may be termed paratypes (or one may be an 
allotype if of a sex different from the holotype), but these sec- 
ondary types have no nomenclatural significance. When all pri- 
mary types are no longer extant (lost or destroyed), a subse- 
quent worker may designate any specimen as the neotype to 
objectively define the nominal species-group taxon. Naturally, 
there are recommendations and restrictions about which 
specimen may make a more appropriate neotype. Provisions 
are also made for types that have been misidentified; that is, 
the characters used by an author to define a taxon do not agree 
with those of the nominal type. When this happens, workers 
are free to select as type either one that agrees with the char- 
acters or the named type. 
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Exceptions (Arts. 78, 80-83) and Registration (Art. 79) 
The stated objectives of the ICZN are to promote stability and 
universality in the names of animals, and thus all its provisions 
must be subservient to these goals. Hence, the ICZN provides 
means by which any provision of the ICZN (except those 
that deal with its authority and exception handling) can be 
set aside in a particular situation. These articles outline how 
one appeals to the commission and how the commission 
arrives at its opinion, which is then published in its Bulletin 
of Zoological Nomenclature. These plenary powers and specific 
powers are restricted to specific cases, usually involving only 
a few names or works. The ICZN has provided a procedure 
to rule on a whole set of names at once and has created a List 
of Available Names in Zoology. This specific power allows 
international groups of zoologists to propose a set of names 
that may be approved by the commission, thereby fixing all the 
relevant details about those names (their spelling, authorship, 
place and date of publication, and typification) and giving 
those names precedence over other names. Names not on the 
list are thereafter excluded from zoological nomenclature. 

Authority (Arts. 77, 84-90) The last section of the 
ICZN includes a series of rules explaining the derivation and 
perpetuation of its authority, as well as the various regulations 
governing the particular edition of the ICZN. These state 
that the ICZN is prepared by the International Commission 
on Zoological Nomenclature with the participation of the zoo- 
logical community under the authority of a single organization 
(originally the International Congresses of Zoology, now the 
International Union of Biological Sciences). For the future, 
authority can be delegated to other international organizations 
as specified. The effective date of the fourth edition is given 
as January 1, 2000, and all previous editions no longer have 
any force. 


OTHER CODES 


Currently there are five different codes of nomenclature in use 
for organisms-one each for plants, cultivated plants, bacteria, 
viruses, and animals. All these codes address the same problem, 
the need for universal, stable, and precise sets of names for 
organisms, and all are similar in their methodology. However, 
differences are significant and can cause difficulties for those 
developing databases that cover all life. Hence, in the early 
1990s, an effort was undertaken to develop a single code of 
nomenclature for all life. Meetings were held and a draft 
BioCode was published, but nothing further has happened. 
All the codes in use today are based on and have their origin 
in the binominal system established by Linnaeus. Although 
the Linnaean system has evolved from its topological roots 
into one adapted to the Darwinian evolutionary model, some 
believe that the system cannot fully express human knowledge 
about the cladistic relationships among organisms. A 
PhyloCode has been proposed to address these perceived fail- 
ures. Unfortunately, the PhyloCode adds more uncertainty, 
since names for clades can be based on three different methods 


for defining groups, and clade names have no rank, which 
means that virtually all information content is lost (as discussed 
by Benton, Forey, and Platnick). 


INTERNATIONAL COMMISSION ON 
ZOOLOGICAL NOMENCLATURE 


Zoologists realized early on that no code of nomenclature 
could be perfect, always able to resolve all situations in a 
manner that promotes stability and universality in scientific 
names. Hence, zoologists established an international group 
of specialists with the authority not only to develop and 
maintain the ICZN, but to make rulings on specific names 
and situations. What the commission is empowered to do has 
been outlined in this article and is covered in Articles 78 to 
81. How the commission operates is set in Articles 77 and 83 
and in its constitution, which is published as Appendix 3 of 
the ICZN. To appeal to the commission, a worker prepares a 
proposal and submits it to the commission. The proposal is 
then published in the Bulletin of Zoological Nomenclature for 
public comment. After 6 months, the commission may vote 
on the proposal, and the ruling will later be published in the 
Bulletin. Each proposal is treated separately on its own merits. 
The commission does not set precedents or follow case law. 


CONCLUSIONS 


No modern science places as much emphasis on priority as tax- 
onomy and nomenclature. This emphasis requires specialists 
to be familiar with at least a century of published work and 
sometimes 300 years’ worth. Some may question the value of 
such a long view, in as much as most sciences look back only a 
decade or so. Beyond the moral and ethical considerations, 
however, much can be gained by understanding the past. 
Recognition of taxa is an innate ability of humans. Ernst Mayr 
once noted that the primitive natives of New Guinea knew and 
had names for 137 of the 138 local species of birds that took 
western scientists years to formally describe. So, previous work- 
ers who failed to generate cladistic classifications and were not 
aware of the proper names for their taxa may well have recog- 
nized and characterized natural groups. So, one tries to under- 
stand how one’s predecessors, who looked at the same organ- 
isms, decided how to organize their observations into taxa. 
Thus all who want to truly master nomenclature and classifica- 
tion are well advised to examine carefully what their precedessors 
did, appreciating what Newton once wrote: “If I have seen 
further, it is by standing upon the shoulders of Giants.” 
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he nutrition of animals reflects their heterotrophic char- 

acter and thus focuses on the need for animals to obtain 
many preformed organic substances that they lack the ability 
to synthesize from simpler carbon sources. Nutrients then are 
environmental factors that connect and intersect an animal's 
physiology and ecology. In the broadest sense, nutrition refers 
to the taking in and processing of substances that fuel the 
organism’s energy needs for growth, maintenance, and repro- 
duction. A strict definition of nutrition, however, is not possible 
and any specific view of nutrition depends on perspective. 
Regarding nutritional requirements, insects share much in 
common with other animals and nutritional studies with 
insects have contributed significantly to our general under- 
standing of nutrition. 


HISTORICAL OVERVIEW 


Early interest in insect nutrition aimed at understanding the 
dietary requirements of insects, an investigative focus often 
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called dietetics, that is, identifying and characterizing the 
food that insects eat to satisfy their nutritional needs, as well 
as the feeding behaviors and sensory physiology associated with 
obtaining those foods. A principal purpose of this research 
was to rear insects in the laboratory on artificial foods, 
thereby avoiding the often costly effort necessary to maintain 
natural foods for this purpose. Among the first successes was 
E. Bogdanow’s 1908 report on rearing of a dipteran, Calliphora 
vomitoria, on a diet containing meat extract, starch, and pep- 
tone. Similar accounts followed, describing the rearing of 
many other insect species from a variety of taxa. Numerous 
scientists are associated with this early work, including S. 
Beck, R. Craig, G. Fraenkel, W. Trager, and B. Uvarov. 
Subsequent research attempted to refine the diets by using 
more purified natural products or even pure chemicals and 
nutrients. The effort was greatly aided by new information 
gleaned from research on the basic nutritional requirements 
of insects. A major advance was the discovery by E. Hobson 
in 1935 that insects require cholesterol. This clearly distin- 
guished the nutrition of insects from that of most mammals 
and other vertebrate animals, whose nutritional requirements 
were, at that time, far better known. Further, the discovery 
quickly led to significant advances in the study of insect 
dietetics and nutrition. 


ARTIFICIAL SYNTHETIC DIETS 


Despite the diversity of insect dietary habits, insect nutri- 
tionists have been remarkably successful at developing arti- 
ficial diets and rearing programs employing artificial diets for 
insects. Various compilations of insect diets suggest that 
several hundred species can be reared partially, or through 
their entire life cycles, without their natural foodstuffs, which 
was based on a collective effort of over 1000 scientific con- 
tributors. A variety of literature is now available describing 
various applications of this nutritional technology. A recent 
catalogue of a well-known commercial concern lists for sale 
artificial diets for over 50 species of insects, and artificial diets 
have been employed for mass culture of several insects. A 
U.S. Department of Agriculture laboratory in Phoenix, 
Arizona, for example, is currently rearing, on a completely 
artificial diet, 6 to 7 million pink bollworms, Pectinophora 
gossypiella, daily, for use in an autocidal pest management 
control program in California. 


QUALITATIVE NUTRITIONAL REQUIREMENTS 


The nutritional requirements of insects were at first inferred 
from knowledge of the chemical compositions of natural food- 
stuffs. On this basis, insects were categorized as carnivorous, 
omnivorous, or phytophagous, with the appropriate inferences 
regarding the nutritional content of the animals, plants, and 
other foods eaten. Studies of food utilization, and the analysis 
and comparison of foodstuff eaten and excreted or unabsorbed, 
allowed further assessment of the relative importance of various 


808 Nutrition 


nutrients for insects with different feeding habits. A more 
detailed and complete understanding of insect nutritional 
requirements finally emerged following the successful develop- 
ment of artificial diets, particularly chemically defined diets. 
The essentiality of individual nutrients could then be estab- 
lished by dietary deletion, the sequential elimination of indi- 
vidual chemicals, potentially nutritious, from a diet. This 
advancement involved many scientists now recognized for 
their contributions to the foundation of insect nutrition—J. 
S. Barlow, R. H. Dadd, S. Friedman, H. T. Gordon, H. L. 
House, J. G. Rodriquez, T. Ito, E. S. Vanderzant, G. P. 
Waldbauer, and others. 

A nutrient is deemed essential if, when deleted, further 
growth, development, and/or reproduction is prevented. 
Almost all insects have a common set of essential nutritional 
requirements. Nutrients demonstrated to be necessary for 
optimizing growth, development, and/or reproduction are 
required nutrients. The value of specific nutrients, however, 
often depends on total dietary content. Dietary carbohy- 
drate, for example, is often unnecessary, but may be required 
or even become essential for providing energy in the absence 
of dietary fat, or protein, in excess of the amount required for 
normal growth. The following summarizes the essential 
qualitative requirements of insects. 


Nitrogen 


Insects consume and utilize a wide variety of proteins to satisfy 
their nutritional requirements for amino acids. Of the com- 
monly occurring 20 amino acids that comprise most proteins, 
10 are not synthesized by insects, or most other animals, and 
are essential nutrients. These include arginine, histidine, 
isoleucine, leucine, lysine, methionine, phenylalanine/tyrosine, 
threonine, tryptophan, and valine. Beyond the bulk require- 
ment for protein synthesis, these essential amino acids serve 
a variety of additional physiological functions of particular note 
in insects and other invertebrates. Arginine, for example is a 
precursor for the principal invertebrate muscle phosphagen 
phosphoargininine. Tyrosine is important for production of 
phenolic and quinone metabolites that are critical components 
for cross-linking of protein during sclerotization. 

Although the other 10 commonly occurring proteinaceous 
amino acids are generally nonessential, they are nevertheless 
required to some degree for normal growth and development, 
because few insects will develop on diets containing only the 
10 essentials. Moreover, many insects will do poorly on diets 
containing amino acids as the sole source of nitrogen and 
require protein or a mixture of protein and amino acid for 
normal growth and development. 

Insects can generally synthesize their own nucleosides, 
nucleotides, and nucleic acids, although several species, 
particularly various dipterans, have been shown to benefit by 
inclusion of nucleic acid or some constituents. In a few cases, 
nucleic acid is considered essential for completion of 
development. 


Vitamins 


Vitamins, particularly water-soluble B vitamins, including 
biotin (vitamin H), folic acid (B11), niacin, pantothenic acid, 
pyridoxine (B6), riboflavin (B2), and thiamine (B1), or close 
chemical relatives of these, are essential nutrients for all insects. 
These serve principally as precursors for the nearly universally 
needed coenzymes of intermediary metabolism. Regarding 
the fat-soluble vitamins of other animals, only tocopherol (E) 
and retinol (A) have proven beneficial for reproduction and 
sight, respectively, by some insects. Tocopherol also plays an 
important role as a lipid antioxidant. 


Carbohydrate 


Carbohydrate nutrients, although often required as an energy 
source, are rarely essential. An exception may be the case of 
some adult lepidopterans that feed solely on plant nectars. 
Indeed, some of these insects are thought to be capable of digest- 
ing sucrose alone. The same may hold true for some adult 
dipterans and hymenopterans. In addition to their role as nutri- 
ents, sugars, particularly sucrose, are powerful phagostimulants, 
without which some insects feed poorly or not at all. 


Sterols 


Insects also have an essential requirement for a dietary sterol. 
Cholesterol appears to be widely acceptable, but a number of 
other sterols, particularly B-sitosterol and other plant sterols, 
can also serve. Among a few exceptions is the interesting 
example of Drosophila pachea, the senita cactus fly, which 
requires A7 dietary sterols, metabolic derivatives of schottenol, 
a A7 sterol found in its natural food, the senita cactus. In addi- 
tion to the bulk requirement for sterol utilization in membrane 
formation, sterol is also important for the production of 
ecdysone and other molting hormones in insects. 


Fatty Acids 


Fatty acids are not essential for most insects, but several mos- 
quitoes and some lepidopterans require a polyunsaturated 
fatty acid. This requirement is associated with one of the few 
nutritional disease syndromes—the “crumpled wings” 
syndrome—in which absence of a polyunsaturated fatty acid 
results in adult insects that fail to fully expand their wings 
and are thus unable to fly. The chemical nature of this require- 
ment is poorly understood. In the case of mosquitoes, 
arachidonic acid or some closely related fatty acids with an 
@-6 double bond is essential. In those Lepidoptera requiring 
a polyunsaturated fatty acid, however, some species utilize an 
@-6 fatty acid, whereas others utilize w-3 fatty acids such as 
-linolenic acid. Moreover, in those Lepidoptera requiring an 
-6 fatty acid, ot-linoleic is generally preferred, and arachidonic 
acid is unsuitable. Nothing is known of the physiological basis 
for this requirement, but in the mosquitoes it may be linked 
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Distributed Data Centers 


To provide access network services, telecom operators have a physical footprint - 
in the form of central offices, base station controller sites and transport aggregation 
sites — that they can convert into distributed or micro data centers. 


Depending on the service requirements, these data centers can be used to termi- 
nate access connections using virtualized edge functions and become the obvious 
place to host latency-sensitive content and applications. For centralized cloud pro- 
viders, this capability is harder to replicate unless they build out an extensive physi- 
cal footprint or partner with an access provider, and, therefore, this strategy provides 
operators with a potentially important and sustainable competitive advantage. 


The "edge cloud" model will be critical to 5G and is the subject of detailed R&D 
across the industry. As an example, a preliminary architecture developed by the 
SuperFluidity project (a European 5G research project) is shown in Figure 9. Work on 
this particular project, which is academic in focus but contains several industrial 
partners, is scheduled to finish by the end of 2017. 


As the name implies, the project aims to achieve superfluidity in the network: the 
ability to instantiate services on the fly, run them anywhere in the network (core, 
aggregation, edge) and shift them transparently to different locations. This is the 
essence of the "IP Services Fabric" for 5G. In this new network, operations will also 
need to move from a "red light, take action" model to an automated model 
where the orchestration and associated next-gen operations support system 
(OSS) detect and fix problems with the IP and NFV layers, and re-optimize the net- 
work accordingly. 
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to the synthesis of prostaglandins, local regulators that target 
a wide variety of cellular functions in vertebrate animals. 


Inorganics 


The complex of mineral ions nutritionally essential for other 
animals is likewise essential for insects. Here the balance is often 
dramatically different from the well-known salt requirements 
established for mammals. Many insects, for example, require 
much greater proportions of potassium, magnesium, and phos- 
phate relative to sodium, calcium, and chloride. 


Ascorbic Acid and Other Water-Soluble 
Growth Factors 


L-Ascorbic acid, vitamin C in vertebrate animals, is an essential 
growth factor for many phytophagous insects. In its absence, 
these insects generally fail to grow and/or develop. The pattern 
of this requirement among insects is thus similar to that of the 
higher animals of which species that have adapted to a diet of 
fruit and/or vegetables have apparently lost the ability to 
synthesize ascorbic acid. In contrast to the vitamin C require- 
ment of vertebrates, ascorbic acid is required by insects in 
relatively large amounts, although this may in part reflect the 
necessity for a high antioxidant activity in synthetic artificial 
diets employed for testing. Moreover, unlike vertebrates requir- 
ing L-ascorbic acid, some insects utilize dehydroascorbate as 
effectively as L-ascorbate, as well as use the D geometric forms 
of closely related lactones, although these were generally not 
as effective. Although there is little understood about the role 
of ascorbic acid in insects, beyond its potential antioxidant 
action, it may play the same role as in vertebrates, that is, as a 
factor necessary for enzyme activities involving hydroxylation. 
Deficiency in insects is often associated with abnormalities of 
molting, possibly due to the absence of ascorbic acid effects 
on diphenyloxidases, perhaps in a manner analogous to its 
action on the synthesis of serotonin from tryptophan. 

The lipogenic growth factors, choline and inositol, prin- 
cipal components of phospholipids, are required by many 
insects. The essentialness of these remains in question, 
although choline is likely an essential nutrient for most insects. 


Other Unique Essential Nutrients 


In addition to the above essential requirements, several nutrients 
may be uniquely essential for some insects. Several mosquitoes 
and one tachinid species, for example, appear unable to syn- 
thesize asparagine and this is an essential dietary amino acid. 
An essential requirement for proline by several taxonomically 
disparate insect species may be related to a limited activity of 
the urea cycle. For unknown reasons, glutamic acid or aspartic 
acids, normally nonessential, have been reported as essential 
for a few insects. 

A unique and essential requirement for carnitine is known 
for several tenebrionid beetles, for which this usually nonessen- 
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tial nutrient is called vitamin By. Normally derived from cho- 
line, carnitine plays an important role in fatty acid transport. 

Essential and nonessential nutrients are required in specific 
amounts, but as implied above, optimal levels of individual 
nutrients often depend on the dietary concentrations of other 
nutrients. Early studies with artificial diets purported to formu- 
late optimal levels of nutrients, based on the relative concen- 
trations found in natural foodstuffs. Diets employing these 
concentrations of nutrients often produced adequate results, 
but subsequent studies have demonstrated that the quan- 
titative aspects of insect nutrition were far more complex than 
that approach suggested. Moreover, ecological, behavioral, and 
physiological factors are also important for optimal nutrition. 


QUANTITATIVE NUTRITION 


As we have seen, if an insect is to survive, grow, and reproduce, 
it must ingest several dozen different types of nutrient mole- 
cule. These molecules come packaged in varying amounts and 
ratios within foods, along with nonnutritive (and sometimes 
toxic) compounds. Foods in turn are distributed through time 
and space, and their finding, ingestion, and processing engen- 
der metabolic and ecological costs. Added to that, the nutri- 
tional needs of insects change with age, stage of development, 
reproductive status, etc. Matching the multidimensional and 
changing nutritional demands of the insect against the com- 
plex and changing composition of the nutritional environment 
has posed one of the greatest challenges to evolution—and to 
scientists who study insect nutrition. The problem is 
particularly difficult for herbivorous insects, for which the 
nutritional composition of host plants may be highly variable 
and there is the added complexity of secondary plant meta- 
bolites serving as antifeedants and toxins. There is a growing 
realization, however, that predators too may face considerable 
variation in food quality and may therefore have to regulate 
their intake and use of multiple nutrients rather than relying 
on more general food properties. 

A powerful way of defining and exploring nutritional regu- 
lation that has arisen from work on insects has been to repre- 
sent the animal, its intake and growth requirements, and the 
foods in its environment using multinutrient plots. This 
“geometric framework” has enabled the identification of the 
key elements in complex nutritional systems and the quantifi- 
cation of the interactions among them. These include inter- 
actions among the multiple constituents of the food as well 
as between behavioral and physiological regulatory mechanisms. 
The resulting descriptions provide a powerful means to study 
the mechanisms, ecology, and evolution of nutritional systems. 


Quantifying Intake Requirements 


Estimating the intake requirements (intake target) is a 
primary aim of any nutritional study. One way to do this is 
to allow the insect to demonstrate whether it is able to 
regulate its nutrient intake and if so, in which nutrient 
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dimensions. A well-documented study system is the locust, 
which has been shown to regulate its intake of both protein 
and carbohydrate under several challenges: 


1. Pairs of complementary foods. When locusts were 
provided with one of four complementary food pairings 
(28:14 or 14:7% protein:% digestible carbohydrate vs either 
14:28 or 7:14) they adjusted the amount and ratio of the two 
foods eaten to maintain a constant point of protein and 
carbohydrate intake (Fig. 1, top). 

2. Food dilution. When locusts were given one of five 
foods containing a near-optimal ratio of protein to digestible 
carbohydrate (1:1), but diluted up to fivefold with 
indigestible cellulose (35:35, 28:28, 21:21, 14:14 or 7:7% 
protein:% digestible carbohydrate), they adjusted their 
consumption across all dilutions to maintain a constant 
point of nutrient intake (Fig. 1, middle). 

3. Food frequencies. When two complementary foods 
(31:11 and 7:35) were provided in relative abundances of 
1:3, 2:2, or 3:1 dishes of one versus the other food type, 
locusts precisely selected a point of protein-to-carbohydrate 
intake by adjusting their distribution of consumption 
between dishes (Fig. 1, bottom). 


These remarkable feats of homeostasis were found to extend 
to regulation of salt versus macronutrient intake. Moreover, 
other studies indicate that such capabilities are by no means 
restricted to locusts. 


Changes in Intake Requirements with Time 


The intake requirements of insects are not static. They change 
with recent nutritional experience and level of activity. For 
instance, locusts and caterpillars select a protein-rich food 
following a short experience (only one meal in the case of the 
locust) of a protein-depleted food and show a similar pref- 
erence for carbohydrate-rich food after a 4-h period of carbo- 
hydrate deprivation. Nutrient requirements also vary with stage 
of development, reproduction, and diapause. Over a longer 
time scale, nutritional requirements evolve to track changing 
nutritional environments and life histories. 


Mechanisms Regulating Intake 


Regulating nutrient intake requires two sources of informa- 
tion, the first being the composition of the food and the 
second the nutritional state of the animal. The responsiveness 
of an animal to a food of given composition should reflect, 
through feedbacks, the animal’s nutritional state. Insects are 
able to taste certain key nutrients, notably sugars, amino 
acids, salts, and water. Studies on locusts, caterpillars, and 
blow flies have shown that the responsiveness of taste 
receptors to sugars and amino acids varies with nutritional 
state, as represented by concentrations of these nutrients in 
the hemolymph. Such nutrient-specific feedbacks enable 
insects to make sophisticated behavioral decisions about 
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FIGURE 1 Three experiments indicating regulation of intake to a point (“intake 
target”) in a carbohydrate—protein plane. The plots are of the form used in the 
geometric framework. Foods are shown as lines (“rails”) radiating out from the 
origin. An insect feeding from a single food is constrained to move along that 
food rail in intake space, while two foods provide the opportunity to move 
anywhere in between by food mixing. In the top plot locusts were provided with 
one of four food choices (14:28 or 7:14 % protein:% carbohydrate vs 28:14 or 
14:7) and altered relative amounts eaten from the two foods, thus reaching the 
same place in nutrient space. Open symbols indicate where insects would have 
arrived were they to have eaten indiscriminately between the two foods provided. 
The middle shows locusts that were given one of five foods containing a 1:1 ratio 
of protein to digestible carbohydrate, but diluted to various degrees with indi- 
gestible cellulose. Those on food 7:7 ingested five times more food than those on 
35:35, thus achieving the same intake of both protein and digestible carbohydrate. 
Open symbols show points of intake were insects not to have compensated for 
dilution but eaten the same amount of food on each treatment. Locusts in 
the experiment shown at the bottom were given four food dishes, containing 
either 7:35 % protein:% carbohydrate (food C) or 31:11 (food P). The two 
food types were provided at different frequencies (all four dishes contained 
C, all four contained P, or two contained C and two P). Locusts adjusted the 
amounts eaten from each dish and regulated nutrient intake. Open symbols 
indicate points of intake were locusts to have distributed feeding equally among 
dishes and not shown frequency-dependent food selection. 


what foods to eat to regulate nutrient intake. In addition, 
learning of various sorts, including aversion, learned specific 
appetites, and induced neophobic responses, also plays an 
important role in regulating food selection in insects. An 
impressive example is the ability of locusts to learn to 
associate the odor of a food with its protein content and to 
be attracted by odors previously paired with high-protein 
food, but only when in a state of protein deficit. 


Nutrient Balancing on Suboptimal Foods 


If an insect is restricted to suboptimal foods and is unable to 
reach its intake target, it must balance undereating some nutri- 
ents against overeating others, reaching some “point of compro- 
mise.” Such a situation exposes whether and how the mecha- 
nisms regulating intake of different nutrient groups interact. 
A simple means of exploring the interactions between regula- 
tory systems for different nutrients is to provide insects with 
one of an array of foods of varying composition and to measure 
intake. Collectively, the resulting points of nutrient intake 
across the array of foods form a pattern that describes the 
relationship between the mechanisms regulating intake of the 
nutrients concerned. 

Various such relationships have been described to date in 
insects. The simplest outcome is that in which the insect aban- 
dons regulation of one nutrient when forced to balance it against 
regulation of another. For instance, locusts regulated macronu- 
trient (protein and carbohydrate) intake and let salt intake vary 
passively when fed single foods containing suboptimal salt levels, 
even though they regulated both salt and the macronutrients 
when allowed to switch between complementary foods. In other 
cases, one nutrient does not overwhelm the other. When locusts 
were fed foods varying in protein and carbohydrate content they 
balanced over- and undereating the two nutrients, with the 
precise balancing rule depending on the species of locust. The 
grass-feeding specialist Locusta migratoria was less able to overeat 
unbalanced foods to gain more of the limiting nutrient than was 
the host-plant generalist Schistocerca gregaria (Fig. 2). It appears 
that the generalist species is better able to capitalize on excess 
ingested nutrients than is the specialist. 


Regulation of Growth and Metabolism 


Whereas an insect may be constrained from reaching its 
intake requirements by available foods, it may still be able to 
regulate postingestive processing and thus achieve its growth 
target (Fig. 3). Regulation of growth and body composition 
involves differentially using ingested nutrients: ridding 
nutrients in excess and conserving those in deficit. Locusts 
are extremely effective at regulating growth, excreting excess 
ingested nitrogen, and respiring excess ingested carbohydrate 
or converting it to lipid. Deamination of excess ingested pro- 
tein, principally by oxidation or transamination to the corre- 
sponding keto acid, may serve to augment limiting carbo- 
hydrate for energetic purposes. 
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FIGURE 2 Arrays of nutrient intake shown by locusts when fed single foods 
and hence forced to balance their intake of two nutrient groups. The two plots 
show how the grass-specialist L. migratoria and the host-plant generalist 
S. gregaria have different balancing rules for protein and carbohydrate. 
L. migratoria minimized the distance from the intake target in nutrient space 
when unable to reach its intake target (the CD rule), while in comparison 
S. gregaria ate more of the nutritionally unbalanced foods (the ED rule). 


NUTRIENT-ALLELOCHEMICAL INTERACTIONS 


As well as primary nutrients, the foods of many animals contain 
harmful or unpalatable nonnutritive materials. This is especially 
the case for plants, which contain an abundance of defensive 
secondary metabolites (often termed allelochemicals). In some 
instances, insects make use of such compounds either as cues 
for host-plant recognition or as resources in their own right for 
defense or communication. In the main, however, allelochem- 
icals are an impediment to nutrient regulation. A key point 
is that the effectiveness of allelochemicals as antinutritive 
compounds depends on the nutritional context in which 
they occur in the food. For example, locusts are not affected 
adversely by the presence of tannic acid in their food, even up 
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FIGURE 3 Patterns of intake and growth in locusts fed 1 of 25 diets varying in 
protein and digestible carbohydrate content. Intake data are across the entire 
fifth stadium. Note that protein- and carbohydrate-derived growth was regulated 
despite insects on the different diets having eaten widely different amounts of 
protein and carbohydrate. Locusts on all but the most extremely unbalanced 
diets regulated growth to a high degree in both nutrient dimensions. 
Regulation of growth involved differential utilization of ingested protein and 
carbohydrate. On diets with a very low protein-to-carbohydrate ratio (upright 
triangles), development was extended and body lipid content was high, whereas 
on foods with a very high protein-to-carbohydrate ratio (inverted triangles), 
there was no lipid deposition. Insects able to regulate their intake by selecting 
between complementary foods are indicated with the open square symbol. 


to 10% dry weight, if the protein and carbohydrate ratio and 
concentration are near optimal. When foods contain less than 
an optimal protein-to-carbohydrate ratio, tannic acid serves as 
a powerful feeding deterrent and thus causes high mortality 
and extended development. However, at higher than optimal 
protein-to-carbohydrate ratios tannic acid does not reduce 
intake but instead results in high mortality by disrupting 
protein utilization. 


MICROBIAL ASSOCIATIONS 


Symbionts, principally actinomycete fungi and bacteria, play 
a critical role in insect nutrition, enabling many species to 
develop normally on foods of limited nutritional value. Well- 
known examples of such foods include wood, blood, phloem, 
and plant litter. Many insects would quickly perish in the 
absence of these symbiotic relationships. Symbionts often 
provide nutrients directly as a result of synthetic capabilities 
that their insect hosts lack and/or allow, through the produc- 
tion of gut enzymes, insects to digest otherwise indigestible 
foodstuff. Alternatively, the symbiont itself may serve as food. 
Many symbiotic relationships are casual, involving ectosym- 
bionts, usually comprising a rich gut microflora. Endosym- 
biosis is also common, and many insects have developed 
highly specialized anatomical and behavioral features for 
optimizing the benefits of the relationship and for efficiently 
transmitting their symbionts between generations. 
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FIGURE 4 General effect of symbionts on nutrient intake. Data summarize 
the protein (or amino acid)-to-carbohydrate ratios in diets that support good 
larval development in a selection of insect species. Note how insects with 
microbial endosymbionts develop best on diets with a lower protein (or amino 
acid)-to-carbohydrate ratio (steep rails) than do other species. Dotted lines 
indicate endopterygote species while unbroken lines are for exopterygotes. 


Among the most significant endosymbioses are those 
involving mycetocytes and bacteriocytes, host cells 
specialized for housing symbiotic microorganisms—fungi or 
bacteria. Often these polyploid cells are associated with the 
midgut epithelium, although in the case of fungal-infected 
cells, aggregates called mycetomes may sometimes be found 
in the hemocoel. The genomes of the symbiont and the host 
cell are closely coordinated, forming a functional unit known 
as the symbiocosm. Such an endosymbiont is found in the 
rice weevil Sitophilus oryzae, in which it is referred to as the 
SOPE or S. oryzae principal endosymbiont. This bacterium 
(Family Enterobacteriaceae), whose expression is partly 
regulated by the host, occurs in the cytoplasm of the 
bacteriocyte (2 x 10° bacteria/host cell) and is known to be 
critically important in the insect’s biology. It is, for example, 
the source of several vitamins, including riboflavin, 
pantothenic acid, and biotin. Moreover, the presence of the 
symbiont alters the balance of amino acid metabolism and 
mitochondrial phosphorylation, thereby affecting flight 
ability and performance. 

The impact of symbionts on the quantitative nutrition of 
insects was recently made apparent by an analysis of the opti- 
mal dietary protein:carbohydrate ratio for 117 insect species. 
Insects housing symbionts displayed very steep intake target 
rails (Fig. 4), strongly suggesting that symbionts add 
considerably to the nitrogen nutrition of such species and, 
moreover, that this may generally be the case. 


CONCLUSION 


A thorough knowledge of insect nutrition is essential for under- 
standing the biology of insects. The study of insect nutrition 
has recently undergone a metamorphosis, in that information 
gleaned from earlier investigations that focused principally 
on basic nutritional requirements and rearing technology is 
now being applied to understanding the feeding strategies, 
nutritional ecology, and evolution of insects. Nutritional phys- 
iology and biochemistry are also advancing. The neurological 
bases for food selection and the role of biogenic amines in 
regulating food choice are beginning to be understood. The 
chemical composition of the hemolymph is now recognized as 
a dynamic indicator of nutritional status, affecting food selec- 
tion and nutrient intake. The metabolic responses of insects to 
altered nutritional status and the effects of fat-body metabolism 
on hemolymph composition are also being investigated. Future 
studies employing multidisciplinary approaches will continue 
to unravel the mysteries of insect nutrition and its consequences 
and significance to insect biology. 
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Ocelli and Stemmata 


Frederick W. Stehr 
Michigan State University 


he number, size, and arrangement of ocelli, or simple 

eyes, are important diagnostic characters for many larvae. 
Until relatively recently, the simple eyes of both larvae and 
adults have been termed “ocelli” (ocellus), although it has 
been recognized that these are two different groups that are 
innervated from different parts of the brain. 


OCELLI 


One group of simple eyes, found in adult insects and larvae 
of nonholometabolans, is termed “dorsal ocelli” or simply 
“ocelli.” These structures are innervated dorsally from the 
protocerebrum between the optic lobes. There are basically 
four dorsal ocelli, but one pair is fused to form the median 
ocellus; thus, there are typically three ocelli located near the 
midline of the head, but the number varies from zero to three 
(eight in Collembola). Their function is apparently visual, 
but knowledge is sparse about precisely what they see and 
how they interact with the compound eyes. 


STEMMATA 


The second group of simple eyes, formerly termed “lateral 
ocelli” but now termed “stemmata” (singular stemma), is 
found in the larvae of Holometabola. Stemmata are 
innervated laterally from the optic lobes, and typically there 
is a group on each side of the head. The number of stemmata 
is variable, ranging from zero to seven, and the number and 
arrangement can be diagnostic. They are most highly 
developed in externally feeding larvae such as caterpillars, 
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sawfly larvae, and predaceous larvae, and are frequently less 
well developed, fewer in number, or absent in larvae found in 
concealed situations. Stemmata are used as horizon detectors, 
but the sharpness of their perception is no doubt limited. 
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Odonata 
(Dragonflies, Damselflies) 


K. J. Tennessen 
Tennessee Valley Authority 


donata (dragonflies) are paleopterous, exopterygote aquatic 

insects, related to the Ephemeroptera (mayflies). Dragonfly 
adults are predaceous, relatively long-lived insects. Their large 
compound eyes, strong chewing mouthparts, long legs, and 
unparalleled flight capabilities are ideal adaptations for catching 
and consuming insect prey. Although adult dragonflies have 
mastered the air, the larvae are aquatic and are usually much 
longer lived. Adaptation to an underwater existence has resulted 





FIGURE 1 Examples of Zygoptera: (A) Calopteryx dimidiata and (B) Argia sp. 
(Photographs by R. S. Krotzer and K. J. Tennessen, respectively.) Examples of 
Anisoptera: (C) Cordulegaster obliqua and (D) Libellula flavida. (Photographs 
by R. S. Krotzer.) 


in striking differences in form among larvae, whereas adults 
are much more uniform in shape. 

Dragonflies are quite harmless insects; they do not sting and 
will try to bite humans only when held captive. However, they 
are hosts of trematodes (flukes in the family Lecithodendriidae) 
in Southeast Asia, and when eaten raw, they can be a source of 
infection in humans (by ingestion of Metacercariae). On the 
whole, dragonflies are considered to be beneficial insects for 
several reasons. In both larval and adult stages, they feed on 
many insects that are pests of humans and domestic animals, 
such as mosquitoes (Culicidae), deer-flies (Tabanidae), blackflies 
(Simuliidae), and other Diptera. They are important compo- 
nents of aquatic food webs and are used as indicators of eco- 
logical health of streams and lakes; in some areas, larvae are used 
as fish bait or as food. They make good subjects for behavioral 
and ecological studies, and poets and visual artists are often 
inspired by their beauty and behavior. Because some species 
are quite large and many are beautifully colored (Fig. 1), 
dragonflies have become fairly popular with the public. The 
relatively large size and distinctive color patterns allow the 
identification of many species of Odonata in the field, espe- 
cially through binoculars. The recent appearance of field guides 
such as Dunkle’s will facilitate natural history and behavioral 
studies also. As dragonflies become more popular, they may 
join butterflies as “ambassadors” for insect conservation and 
appreciation. 

Dragonflies are a warm-water-adapted group that probably 
originated in a tropical environment, as evidenced by lower 
present-day species diversity in cooler climates (i.e., with increas- 
ing latitude and increasing altitude). At least 75% of the 
world fauna is tropically distributed, although a few genera 
(Aeshna, Somatochlora, and Leucorrhinia) have diversified in 
cooler climates, and their centers of distribution are located at 
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higher latitudes and altitudes. Most high-latitude species in 
these genera are centered in the warmer parts of their geo- 
graphic ranges, but a few species (e.g., in genus Somatochlora) 
are distributed mainly north of 60°. 


PALEONTOLOGY 


Fossil wings of several types of predatory, dragonfly-like insects 
from the Carboniferous (about 320 mya) have been found. 
The Eugeropteridae of the mid-Carboniferous are the most 
archaic members of the superorder Odonatoidea known. They 
had prothoracic winglets, but they also had pleated wings and 
a basal wing complex that included a cell in the shape of a 
parallelogram that allowed changes in camber of the wings and 
therefore maneuverable flight. Apparently the early odonatoids 
radiated and flourished throughout the Permian, when the 
large landmass Pangaea was still intact. They include the broad- 
winged Protodonata and Protanisoptera, and the petiolate- 
winged Protozygoptera. These primitive species lacked one or 
more of the diagnostic wing characters of all extant Odonata, 
including the modern basal wing complex (arculus and trian- 
gular or quadrangular conformation of veins), nodus, and 
pterostigma (see later) that together provide for highly 
maneuverable, swift flight. Some of these extinct “dragonflies” 
were probably the largest insects ever to have existed; for 
example, Meganeuropsis had a wing span of about 75 cm. The 
archaic odonatoids persisted until the Permo-Triassic 
extinction, a span of roughly 70 million years. 

Although the phylogenetic relationships of the Paleozoic 
representatives are still poorly understood, the Odonatoidea as 
a whole almost unquestionably form a monophyletic group. 
Modern Odonata probably did not stem directly from these 
early odonatoids. Instead, it is probable that the ancestor of 
modern Odonata was similar to some of the extinct Jurassic 
groups (e.g., the Tarsophlebiidae, with nonpetiolate wings) 
previously placed in the “Anisozygoptera,” now known to be 
a nonmonophyletic grouping. Therefore, the broad wings of 
Anisoptera and the petiolate wings of Zygoptera are equally 
derived characters, which probably evolved in the Jurassic. 
Anisoptera first appear in the fossil record in the Jurassic (150 
mya), whereas Zygoptera do not appear until the Cretaceous 
period (120 mya). 

Another puzzling question concerning Odonata paleon- 
tology is the appearance of aquatic larvae. The earliest fossil 
evidence of an aquatic larval existence is from the Mesozoic, 
and it has been suggested that they were semiaquatic before 
that period. However, the sister group of the Odonata, the 
Ephemeroptera, show evidence of larvae with gills in the 
early Permian at least 270 mya; no fossil mayfly larvae have 
been regarded as terrestrial. 


SYSTEMATICS 


Although systematics of Odonata is relatively advanced com- 
gh sy: y 
pared with most other insect orders, classification at the 
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TABLEI Odonata Families of the World’ 
Family Distribution by continent Genera Species 
Zygoptera 
Amphipterygidae Africa, Asia, North and South America 4 9 
Calopterygidae Africa, Asia, Europe, North and South America 15 158 
Chlorocyphidae Africa, Asia 15 133 
Chorismagrionidae Australia 1 1 
Coenagrionidae Worldwide 82 1067 
Dicteriadidae South America 2 2 
Diphlebiidae Asia, Australia 2 9 
Euphaeidae Asia 8 63 
Hemiphlebiidae Australia 1 1 
Isostictidae Australia 12 45 
Lestidae Worldwide 9 155 
Lestoideidae Australia 1 4 
Megapodagrionidae Africa, Asia, Australia, North and South America 43 255 
Perilestidae Africa, North and South America 3 20 
Platycnemididae Africa, Asia, Australia, Europe 23 198 
Platystictidae Asia, North and South America 5 159 
Polythoridae North and South America 8 56 
Protoneuridae Africa, Asia, Australia, North and South America 24 240 
Pseudostigmatidae North and South America 5 18 
Synlestidae Africa, Asia, Australia, North America 7 33 
Anisoptera 
Aeshnidae Worldwide 49 411 
Austropetaliidae Australia, South America 7 15 
Chlorogomphidae Asia 2 40 
Cordulegastridae Asia, Europe, North America 4 51 
Corduliidae Worldwide 44 358 
Epiophlebiidae Asia 1 2 
Gomphidae Worldwide 91 952 
Libellulidae Worldwide 140 962 
Neopetaliidae South America 1 1 
Petaluridae Asia, Australia, North and South America 5 ll 
Synthemistidae Australia 7 42 
Total 621 5471 


“North America includes Central America and the West Indies. Based in part on Davis, D. A. L., and Tobin, P. (1984). “The Dragonflies of the World,” 
Vol. 1, “Zygoptera, Anisozygoptera.” Societas Internationalis Odonatologica Rapid Communications (suppl.), No. 3, Utrecht; Davis, D.A.L., and Tobin, P. 


(1985). “The Dragonflies of the World,” Vol. 2, “Anisoptera.” Societas Internationalis Odonatiologica Rapid Communications (suppl.), No. 5, Utrecht; and 
Schorr, M., Lindeboom. M., and Paulson, D. (2000). List of Odonata of the world. http//www.ups.edu/biology/museum/worldodonates.html. 


suborder and family level is still controversial. Until recently, 
three extant suborders were accepted, the Anisoptera, 
Zygoptera, and Anisozygoptera, with the latter group being 
represented by only two extant species of the Asian 
Epiophlebiidae. However, recent analyses indicate that 
“Anisozygoptera” is not a monophyletic group and that all 
taxa originally placed in that group are extinct. Therefore, the 
two living Epiophlebiidae are considered Anisoptera. 
Classification at the family level also has been unstable. At 
present, 31 families are generally accepted (Table I), although 
there is some disagreement with this arrangement, especially 
within the Zygoptera. It is likely that DNA methods will create 
changes in classification and in the understanding of taxonomic 
relationships. Worldwide nearly 5500 species of Odonata have 
been described. The two suborders (Anisoptera and Zygoptera) 
have approximately equal numbers of known species. The rate 
of species description has remained fairly constant throughout 


recent decades (average nearly 350 new species per decade in 
the 20th century), an indication that the order is far from 
being completely known. 

Larvae are much less well known than adults, especially in the 
tropics. However, larvae of nearly all the 427 North American 
species and 120 European species have been discovered, and 
much knowledge exists on their habitat requirements and life 
histories. Larvae of approximately 25% of the more than 
1200 South American species have been described. 


CHARACTERIZATION AND MORPHOLOGY 
Characterization of the Order 


The order Odonata is characterized by a prognathous head 
with chewing mouthparts, large compound eyes, three ocelli, 
small bristlelike antennae, a small prothorax, the meso- and 


metathoracic segments fused into a large pterothorax, relatively 
long legs with three-segmented tarsi, two pairs of elongate 
wings, elongate abdomen, accessory male genitalia including 
the intromittent organ (not homologous with the penis of other 
insects) on the venter of the second abdominal segment, and 
one-segmented cerci. The odonate pterothorax is unusual in 
several features: (1) the bases of the legs are crowded forward, 
an arrangement conducive not to walking but to grasping; 
(2) the sternal sclerites make up most of the lateral and dorsal 
walls, with the mesepisterna meeting dorsally to form a middor- 
sal carina; and (3) the wing bases are positioned posteriorly, and 
the tergal sclerites are extremely reduced. All these thoracic 
modifications facilitate strong flight and the pursuit and han- 
dling of prey. The huge flight muscles are connected directly 
to the bases of the wings. Therefore, the front and hind wings 
can be moved independently. The wing beat rate is relatively 
slow in comparison to neopterous insects (20 to 40 beats s! 
vs nearly 1000 beats s“), but dragonflies can fly almost as fast 
and as agilely as any other insect. Although most Zygoptera 
are relatively slow fliers, they can navigate precisely among 
stems and tangles of vegetation. The larvae are unique among 
Insecta in possessing an elongate, hinged labium that is 
folded under the head when not in use; it may be as long as 
one third of the larval body when extended to capture prey. 


External Morphology 


The suborders differ in two major characters. In Zygoptera 
(Fig. 2), the head is wider than the thorax and the hind wings 
are similar to the forewings in basal width and the orientation 
of the quadrangles. In Anisoptera (Fig. 3), the head is not 
wider than the thorax in dorsal view and the hind wings are 
wider at the base than are the forewings; also, the triangle of 
the forewing lies perpendicular to the long axis of the wing, 
whereas it usually lies parallel to the long axis in the hind wing. 
Larvae of the two suborders differ in that Zygoptera have three 
elongate, platelike or saclike anal gills and two comparatively 
short cerci (Fig. 4A,B), whereas Anisoptera have five pointed 
anal appendages (Fig. 4C,D) and an internal rectal gill chamber. 
Although the term “dragonfly” typically is used for the entire 
order, some authors restrict this term to the Anisoptera and 
use “damselfly” for the more slender Zygoptera. 





FIGURE 2 Zygoptera adult. 
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FIGURE 3 Anisoptera adult. 


The wings of Odonata are richly veined to support the 
wing membrane. Wing venation is extremely important in 
systematics, especially at the family level. The beautiful colors of 
the body are produced by pigments under the cuticle and by dif- 
fraction of light by the cuticle. Females are often less strikingly 
colored than males of the same species, particularly in the large 
families Libellulidae and Coenagrionidae. Coloring may also 
be produced by pruinescence, a white or bluish white exudate 
of the hypodermis, which forms with sexual maturation, espe- 
cially in males. Larvae are usually darkly colored, probably an 
adaptation to the colors of their microhabitat. In contrast to 
adults, larval body shape is highly variable, ranging from 
slender cylinders to nearly flat circles, and undoubtedly reflects 
specific habits of foraging and escaping predation. Larval 
antennae are more developed than in the adults. The most 
distinguishing characteristic of larvae is the prey-capturing 
labium, which is highly variable in its morphology and ranges 
from flat to cup- or spoon-shaped and from very elongate to 
short and wide. The palpal lobes and prementum are armed 
with a highly variable number of raptorial setae, though these 
may be absent. 


BIOLOGY 
Life Cycle 


Odonata are hemimetabolous. The larvae have external wing 
sheaths, and although there is no pupal stage, the larva in its 
final stage differs greatly in form from the adult. Several 
developing adult structures, such as the labium, often can be 
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FIGURE 4 Odonata larvae: (A) Zygoptera larva in dorsal view, (B) anal gills 
of Zygoptera in lateral view, (C) Anisoptera larva in lateral view, and (D) anal 
pyramid of Anisoptera in dorsal view. 


seen at this stage through the larval integument. Of the three 
life stages (egg, larva, adult), the larvae show the greatest 
diversity in functional morphology. 


EGG STAGE Eggs are laid in or above permanent or tem- 
porary water bodies. The Zygoptera and a few Anisoptera 
families (Aeshnidae, Petaluridae) lay their eggs in plant tissue 
(endophytic oviposition); most Anisoptera families lay their eggs 
in open water (exophytic oviposition), although some species 
attach their eggs to plant tissue. Eggs are spindle shaped in endo- 
phytic species and usually round to ellipsoidal in exophytic 
species; they range in size from about 0.23 xX 0.48 mm to 
0.60 x 1.40 mm. Eggs are fertilized as they pass through the 
female’s vagina during oviposition, and embryogenesis begins 
immediately after the eggs are laid. Fertilized eggs change from 
creamy white or light gray to a light or reddish brown or dark 
gray within the first 24 h. However, eggs of some tropical species 
are brightly colored (e.g., blue, green, pink) throughout the egg 
stage. Embryos that undergo direct development hatch within 
5 to 60 days, whereas those undergoing delayed development 
(diapause) hatch between 80 and 200 days after oviposition 
depending on temperature. 

The hatching process begins several hours before actual eclo- 
sion. Peristaltic movements of the esophagus result in swal- 
lowing of amniotic fluid, which causes water to enter the egg 


through the micropyles. In Zygoptera, increasing pressure 
within the egg causes the chorion to rupture, usually along 
curved lines of weakness. Continual swallowing and abdominal 
distension move the embryo forward, pushing the head forward 
into a chamber formed by the vitelline membrane. The embryo 
then swallows water, bursting the vitelline membrane, and the 
first instar slips most of the way out the chorion, but typically 
the tip of its abdomen remains inside the egg. In Anisoptera, 
a sclerotized frontal crest, called an “egg burster,” is used to 
produce a longitudinal slit in the chorion, through which the 
larva exits the egg. 


LARVAL STAGE The first instar, known also as the pro- 
larva, is extremely brief in duration. It does not feed, and the 
legs are seldom functional. It may last for a few seconds to a few 
hours, depending on whether the egg was deposited in or out 
of water. In most species, the prolarva molts to the second instar 
while the tip of the abdomen is still within the egg. In species 
that hatch above the waterline, the prolarva drops out of the 
egg and reaches the water primarily by jumping. Second instars 
retain some yolk in their midgut to provide nutrition for a day 
or so, allowing them to become adept at their predatory habits. 
They are usually fairly pale, becoming darker in succeeding 
instars, usually matching their microhabitat. 

The number of instars is highly variable within the order, 
ranging from 9 to 17. Most species have 11 to 13 instars, but 
even siblings treated identically can undergo a different number 
of molts. Instar classification is especially difficult with field- 
collected larvae, except that the first three and last three instars 
usually can be determined. 

Duration of each instar is also highly variable and is depend- 
ent on species, temperature, and food availability. The final 
instar is the longest in duration, lasting as little as 5 days in 
rapidly developing species to a year or more in others. Growth 
occurs immediately after each molt for about an hour, while 
the integument is still pliable. Growth ratios (proportional 
increases in linear dimension from one instar to the next) for 
Odonata range from 1.2 to 1.3 and are usually very close to 
the average for Hemimetabola (1.27). Certain body structures 
change with successive molts; for example, the number of 
antennal segments and the number of palpal and premental 
setae increase, dorsal protuberances on the head of early instars 
disappear, the compound eyes become larger, color patterns 
develop, and rudiments of the sexual gonapophyses appear. 
Wing pads usually appear during the middle instars, and 
grow more rapidly than any other body part. 

Most species of Odonata have one or two generations per 
year, but many are semivoltine. A higher percentage of species 
are multivoltine in the tropics than in temperate latitudes; 
many temperate-centered Anisoptera take 4 to 6 years to com- 
plete one generation. Odonate life cycles can be classified as 
either regulated or unregulated. In the tropics, life cycles are 
regulated by alternating wet and dry seasons, whereas in 
temperate zones they are regulated by alternating warm and 
cold seasons. In regulated types of life cycles, the dry season is 
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Central Office Re-architected as a Data Center (CORD) 


There are several industry and service provider initiatives to define the architecture 
for SDN-enabled distributed data centers. The Central Office Re-architected as a 
Data Center (CORD) initiative hosted by the Linux Foundation is one example of 
how operators aim to make better use of these assets. 


According to the CORD initiative, AT&T alone operates 4,000 to 5,000 central offices, 
each serving 10,000 to 100,000 residential, enterprise and mobile customers. These 
central offices contain fragmented vendor hardware with multiple physical appli- 
ances installed per site (AT&T said it has 300+ unique appliances deployed in its cen- 
tral offices nationwide). The opportunity is to re-architect these central offices to 
support edge cloud infrastructure and deploy VNFs in place of appliances. 


Each CORD location will be connected using an SD-WAN, making it possible to 
load-balance content and NFV workloads across the distributed cloud using the 
same SuperFluidity concepts discussed above. In the CORD case, the focus is on 
the ONOS controller, but in the sense that this is a generic architecture, multiple SDN 
controller options are viable and attractive. Note that for |/O-intensive workloads, 
the selection of an edge location should consider the physical transport resources 
available at the site. It would not make sense, for example, to deploy a 5G user- 
plane node for fixed wireless access in a central office that does not have a high 
bandwidth connection to the Internet. 


In March 2016, the Linux Foundation announced the M-CORD initiative for mobile 
operators, backed by AT&T, SK Telecom, Verizon, China Unicom and NIT Commu- 
nications. It highlighted three key aspects of the architecture, saying that it: 
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usually passed as prereproductive adults or as eggs, whereas the 
cold season is passed as larvae or as diapausing eggs. Species 
that occupy ephemeral habitats undergo rapid larval develop- 
ment, but they may or may not be multivoltine, depending on 
other environmental conditions (combinations of photoperiod 
and temperature). In continuously available habitats, life cycles 
are unregulated. 

Although a few species of Odonata are known to have terres- 
trial larvae (e.g., Megalagrion in Hawaii), the vast majority 
require fresh water for functions such as respiration and feed- 
ing and to prevent desiccation. Likewise, a few species occupy 
brackish water habitats (the libellulid Erythrodiplax berenice can 
tolerate truly saline conditions and occupies coastal marshes 
but not the open ocean). 

Respiration is largely through the integument, augmented 
by an internal rectal chamber in Anisoptera and by external anal 
and rarely lateral abdominal gills in Zygoptera. Anisoptera 
larvae can be readily observed breathing: as the abdomen 
enlarges, water is taken in through the anal opening; contrac- 
tion of the abdominal muscles forces water out. The rectal 
epithelium of Anisoptera is developed into a specialized, richly 
tracheated branchial basket, into which oxygenated water is 
drawn by pumping action. Different families, and different 
genera within families, can differ greatly in tolerance of water 
low in dissolved oxygen. For example, many species of 
Libellulidae can thrive in low dissolved oxygen levels. In the 
family Gomphidae, larvae of Ap/ylla bury deep in the soft 
substrate of lake and pond habitats where oxygen levels are 
low, whereas species in the genus Ophiogomphus lie shallow in 
sand/gravel substrates typically in swift, highly aerated streams. 
The latter group appears to have narrow environmental require- 
ments compared with a species such as Dromogomphus spinosus, 
which can occupy fast or slow streams and lakes; it even 
colonizes newly formed ponds. 

Shortly after hatching and throughout their larval life, drag- 
onflies must capture living prey and escape predation, often 
they are at or near the top of the aquatic food web. Prey 
includes many kinds of Diptera, but probably all other kinds 
of aquatic insect are consumed (e.g., mayflies, heteropterans, 
caddisflies) as well as many other invertebrates (protozoans, 
oligochetes, crustaceans, mollusks). Some species prey on 
small vertebrates such as larval fish and amphibians. Prey are 
detected usually by their movement, either tactually or visually. 
Motionless prey, such as snails, may be detected visually by 
recognition of their shape. Tactile detection is more important 
in earlier instars, vision becoming more keen after the first few 
molts. Larvae either stalk or ambush their prey. The prehensile, 
protractile labium (Fig. 4C), unique to the Odonata, strikes 
within milliseconds to capture prey. The labium grasps the 
prey and brings it to the mandibles, where it is chewed or 
engulfed whole. Because odonates are generalist predators, the 
potential for greatly affecting a particular prey population is 
low. Predators of dragonfly larvae include fish, frogs, a few rep- 
tiles and birds, other odonates, aquatic beetles, and heteropter- 
ans. Escape mechanisms include reduction of movement, even 
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feigning death and seeking cover. When a predator grasps a 
zygopteran by a gill or leg, the appendage may be autotomized 
and later regenerated. Anisoptera are also capable of leg auto- 
tomy, or when grasped by the head or thorax, may make stab- 
bing movements with the abdomen, using the sharp tips of 
the anal appendages to deter a predator. 

In general, habitats range from streams of all sizes to seeps, 
bogs, ponds, lakes, swamps, and marshes. Some families, such 
as the Calopterygidae and Cordulegastridae, are restricted to 
flowing waters. Within the broad habitat categories, various 
species occupy different microhabitats. For example, elongate, 
cylindrical larvae, such as aeshnids and coenagrionids, usually 
cling to stems and sticks, whereas more flattened species, such 
as gomphids and libellulids, dwell near or in the bottom. A 
number of specialists occupy phytotelmata, which includes 
leaf axils (such as provided by bromeliads), rotten holes in 
tree trunks, bamboo internodes, and depressions at the bases 
of large trees, mostly in tropical areas. There is great diversity 
in larval form and behavior that allows dragonflies to occupy 
different types of habitat. Four categories of larvae (claspers, 
hiders, sprawlers, and burrowers) are based on how the micro- 
habitat is occupied, although many species could be put in 
more than one of these categories, and larvae may move from 
one type of microhabitat to another, depending on age and 
season. Categorization is based mainly on leg shape and how 
the legs are used to situate the larva in its resting position. 

Claspers, which cling to rocks, stems, or logs, have stout 
curved legs and cylindrical abdomens. Hiders are less elongate 
and conceal themselves among dead leaves or other debris by 
using strong legs; they usually have many stout setae to accu- 
mulate mud particles for better concealment. Sprawlers usually 
are flattened dorsoventrally and lie flat at the water—substrate 
interface. Burrowers, which may be semicylindrical or flat- 
tened, dig into the substrate to hide; the tip of the abdomen is 
often elongated to protrude above the substrate for respiration. 
Some burrowers propel themselves through the water by 
forcing water out of the anus, a form of jet propulsion (e.g., 
Progomphus can move several inches horizontally with one 
pump). A very few burrowing larvae make an actual burrow 
(e.g., some Petaluridae). The function of dorsal protuberances 
and lateral spines on the abdomen, common especially in 
Anisoptera, is not clear, although it is likely they serve multiple 
functions such as aiding in concealment and defense against 
attackers. Experimental evidence indicates that larvae grow 
longer abdominal spines in the presence of fish predators than 
larvae raised in the absence of such predators, suggesting that 
habitat shifts may be responsible for some of the differences 
observed within and between closely related taxa. 


EMERGENCE Late in the final instar, when the larva is 
completing development but with a week or more to go before 
metamorphosing to the adult stage, the wing pads begin to 
thicken. The final instar usually does not leave the water until 
the day it is to metamorphose. At this time, the pharate adult 
is encased in the exuviae of the final instar. The main require- 
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ment for the dragonfly at this time is to find proper support 
structure, as it must cling tightly for metamorphosis to proceed 
successfully. The emergence support can include any physical 
object, ranging from the horizontal, terrestrial substrate adja- 
cent to the water body to upright (vertical or inclined) objects 
such as rocks, plants, or synthetic structures. Shortly after 
leaving the water and securing a support grip, the dragonfly 
splits the integument along the middorsal line of the thorax 
and begins to push the adult thorax through the narrow open- 
ing. A slit in the integument of the head then appears, and the 
head and thorax push out. Shortly afterward, the legs, wings, 
and anterior portion of the abdomen appear. The dragonfly 
then remains motionless with legs folded for 10 to 20 min, 
hanging downward if oriented vertically, or protruding 
upright if oriented horizontally. When this apparent rest period 
is over, the legs are extended to grasp the exuviae and the rest 
of the abdomen is quickly withdrawn. Usually the cloudy 
wings then expand, followed by lengthening of the abdomen, 
each process taking about 15 min. As the wings become clear, 
drops of water are emitted from the anus and the abdomen 
becomes more slender, slowly taking final adult shape. The 
wings are suddenly spread out horizontally, and begin to 
vibrate. The full emergence process lasts from about 30 min 
to 2 h, ending with the maiden flight. 

Some species emerge at night, apparently to escape preda- 
tion, although many emerge at dawn or in full daylight. Some 
species have relatively synchronized emergence, all individuals 
within a population emerging within a day to about 2 weeks 
of each other. Other species are unsynchronized, emerging 
throughout the warmer seasons. Periodic exuviae collections 
can reveal such trends in emergence curves and population 
size. In nearly all species studied, the ratio of males to females 
is close to 1:1, although usually a slightly higher percentage 
of males occurs in Zygoptera, contrasted by a slightly higher 
percentage of females in Anisoptera. 


Adult Behavior 


The two main phases of adult life are the prereproductive (or 
maturation) period and the reproductive period. The prere- 
productive period lasts from the completion of emergence to 
the onset of sexual maturity. A brief postreproductive period, 
after reproductive capacity has passed, is sometimes observable. 


PREREPRODUCTIVE PERIOD Upon reaching safety 
following the maiden flight, dragonflies remain in a teneral 
condition for about a day, during which time colors begin to 
develop and the integument begins to harden. The prere- 
productive phase then lasts from 2 days to several months, 
depending on species and environmental conditions; females 
usually take slightly longer to mature than males. During the 
prereproductive period, the gonads mature, the thoracic mus- 
culature becomes fully developed for agile flight (necessary 
for attaining a mate), weight increases, and mature colors are 
attained (for sex and maturity recognition in some species). 


REPRODUCTIVE PERIOD Males and females of nearly 
all species mate with more than one individual, although 
monogamy has been reported in the coenagrionid genus 
Ischnura. 

Male and Female Encounters 
used by Odonata for finding mates. The sexes usually meet at 
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or near the aquatic oviposition site. Males that occupy a fixed 
territory can be categorized either as “fliers,” patrolling con- 
tinuously along the proper habitat, or as “perchers,” making 
short defensive flights from a convenient perch. Territories are 
maintained by flying at or even clashing with intruders, and 
pursuit often results in both individuals leaving the habitat 
temporarily. Resident males usually return quickly to their 
territory. Mating usually occurs when a female arrives at the 
water, although males will attempt to acquire females several 
hundred meters from an oviposition site. 

Recognition of Conspecifics Males recognize females 
mainly by color, color pattern, body shape, and flight style. 
Males of most species directly pursue and attempt to grasp any 
female that comes within sight, and if successful in achieving 
tandem, will attempt immediately to initiate copulation. In 
such species, males sometimes take heterospecific females into 
tandem. 

Courtship has been described in a few families (Caloptery- 
gidae, Chlorocyphidae, Euphaeidae, Hemiphlebiidae, Platyc- 
nemididae, Libellulidae). In some species within these families, 
some males (but not all) present color and/or posture displays 
to induce a female to copulate. For example, in Perithemis tenera 
(a small North American libellulid with sexual wing color 
dimorphism), males establish territories around oviposition 
sites that consist of some sort of vegetation protruding from 
the water surface. On detecting a female near his site, a male 
will fly toward her and follow, moving from side to side. He 
then turns and flies to the oviposition site. The female may or 
may not follow him, depending on suitability of the site. If 
acceptable, she will follow, whereupon the male hovers over 
the site, fluttering his wings. The female slows her wing beat 
frequency and may even perch on the site. At this signal, the 
male initiates tandem linkage and copulation follows. When 
females are unreceptive to a male’s approach, they perform 
distinctive refusal behaviors. Female Anisoptera usually fly 
very rapidly or erratically to escape, although some simply 
hide from males. Female Zygoptera usually show refusal by 
remaining perched and spreading their wings, sometimes also 
raising the abdomen or curving down the posterior portion of 
the abdomen. Males respond to such displays often by leaving, 
although some still attempt to achieve tandem. 

Tandem Linkage and Sperm Transfer 
adopted by Odonata in male-female tandem linkage and in 
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copulation are unique. Tandem linkage, a necessary precursor 
of copulation, is initiated by the male. Males land on and 
seize females usually in flight (Fig. 5A), although they may 
grasp perched females also. The male, after landing on the 
female’s pterothorax, brings his abdomen up and forward so 
that he can grasp the female’s head or thorax with his anal 











FIGURE 5 Mating sequence of Odonata (male with dark markings, female 
pale): (A) male grasping female, (B) tandem linkage, (C) intramale sperm 
translocation, and (D) copulatory wheel. 


appendages; he then lets go with his legs and straightens his 
body, thus having achieved tandem linkage (Fig. 5B). In 
most Anisoptera, the male appendages fit over the dorsum 
and rear of the female head, whereas in Zygoptera they fit 
over the dorsum of the female prothorax. In the anisopteran 
family Aeshnidae, the male cerci fit tightly on the rear of the 
female head but also touch the anterior part of the prothorax; 
in some Zygoptera, the male cerci touch the anterior portion 
of the pterothorax. Shortly after achieving tandem, the male 
transfers sperm from the gonopore on abdominal segment 9 
to the penis on segment 2 (Fig. 5C); this act is called 
intramale sperm translocation. Males sometimes translocate 
sperm before acquiring a female. The tandem pair either 
copulates in flight (most Anisoptera) or flies to a perch to 
copulate (Zygoptera and several Anisoptera families). The 
female swings her abdomen forward from underneath so that 
her genital aperture engages the venter of segment 2 of the 
male; the pair is now in the copulation wheel (Fig. 5D). 
Sperm are then transferred from the male’s intromittent 
organ to the female’s sperm storage organ. Copulation is 
usually extremely brief in flight (3-20 s) but can last from a 
few minutes to over an hour in perched pairs. 

The male intromittent organ of Odonata is designed not 
only to inject sperm into the female, but also to remove or dis- 
place sperm of previous males. Jonathan Waage’s discovery of 
this dual function led to evolutionary understanding of the 
whole suite of reproductive phenomena, from sexual selection 
to sperm competition and mate guarding. Sperm displacement 
may be achieved by removal, repositioning, or dilution. The 
structure and shape of the penis are vital to the mechanism 
employed: penes with backwardly directed barbs or hooks 
remove sperm from the bursa copulatrix, whereas those that 
are rounded pack sperm. Because most eggs are fertilized with 
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sperm from the most recent insemination as they pass the 
female’s fertilization pore during oviposition, the last male to 
copulate with a female is most likely to leave progeny. This 
phenomenon, termed sperm precedence, explains why males 
guard females after mating with them. By such postcopulatory 
association, a male protects his genetic investment by prevent- 
ing other males from overtaking the female and by inducing 
the female to deposit (and therefore fertilize with his sperm) 
most of the eggs she is carrying. 

Oviposition When copulation is terminated, pairs may 
break tandem linkage or remain together. Oviposition usually 
takes place shortly after copulation regardless of whether the 
tandem linkage is maintained, although females do lay eggs at 
times when males are not at oviposition sites. Ovipositing late 
in the day is a fairly common way for females to avoid inter- 
ference from males. Males of many species guard females with 
which they mate, either by maintaining tandem contact with 
or by remaining near them, or both. Attempts to guard females 
are not always successful, as intruding males sometimes grasp 
and copulate with guarded females. Typically, guarded females 
oviposit more rapidly than those unguarded; their fitness there- 
by is enhanced. 


Contact guarding Males of many Zygoptera remain in 
tandem with their mated female while she oviposits, even 
when she submerges. Males of many Coenagrionidae project 
vertically in the air with legs and wings folded, their only 
support provided by the grip of their anal appendages on the 
female thorax. In many Libellulidae, male and female fly in 
tandem low over the oviposition site, the male lowering his 
abdomen to cause the end of the female’s abdomen to dip 
into the water and release eggs. 

Noncontact guarding When males do not maintain 
females in tandem, they guard females by flying or perching 
nearby and warding off any intruding males. Males display 
toward and chase intruding males; male-to-male body and 
wing clashes may ensue. Some males guard multiple females. 
When male density is high, intensity of guarding ovipositing 
females probably increases in most species, but it has been 
reported to decrease in at least one species. In many Zygoptera, 
the male takes the female in tandem to the oviposition site, 
then releases her and either does or does not guard her. In 
some Trameinae, a subfamily of Libellulidae, the male releases 
the female as they fly in tandem over the oviposition site; she 
drops down to the water surface and releases a few eggs, then 
she flies back upward and the male takes her back into tandem. 
These latter two behaviors illustrate combinations of contact 
and noncontact guarding. 


FORAGING Odonata feed on living prey throughout 
their adult life. When foraging, dragonflies can be 
categorized as “perchers” or “fliers.” Perchers spend much of 
their time stationary, making short flights from perches to 
capture prey and then perching to consume it. In contrast, 
fliers are on the wing for a large part of their feeding activity, 
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capturing their prey in the air and swallowing small prey 
while in flight; they do, however, perch to consume larger 
prey. The “flier” mode requires much more energy, but fliers 
are more opportunistic feeders, able to forage later in the day. 
Perchers typically capture most of their prey during midday. 
This dichotomy of foraging styles results because fliers 
generate more body heat than perchers and can therefore 
remain active at lower air temperatures. 

The major stimulus for detecting prey is movement. 
Odonata have very large eyes with many ommatidia, a special- 
ization for detection of movement. However, a few species take 
stationary prey, apparently recognizing the prey by its shape. 
Prey such as small flying insects may be captured directly 
with the mouthparts, but the legs are also used for subduing 
certain types of prey. Odonata are typically generalists with few 
exceptions. Diptera, especially mosquitoes and midges, are a 
major component of the adult diet. One analysis found that 
Chironomidae constituted a significantly higher proportion of 
the gut contents than did Culicidae, probably reflecting 
differences in the flying and perching habits of midges and 
mosquitoes. Some species take mainly large prey, such as 
Lepidoptera and Odonata. For example, the large North 
American gomphid Hagenius brevistylus often has been 
observed feeding on other Anisoptera and has been dubbed 
the “dragonhunter.” Members of the Neotropical family 
Pseudostigmatidae are specialist feeders. They glean small 
spiders in the rain forest by vertically searching trees, 
hovering near webs found on leaf tips, then flying directly up 
to the webs and snatching the spiders from their perches. 


THERMOREGULATION Although insects are basically 
ectothermic, large species are able to generate body heat or adopt 
body positions to absorb sunlight and are able to maintain this 
heat gain via certain behavioral mechanisms. Odonata are 
among those with ecto- and endothermic thermoregulatory 
capabilities. The two basic behavioral styles, fliers and perchers, 
use different strategies to prolong activity under less than opti- 
mal ambient temperatures. Under cool conditions, fliers warm 
the thorax by wing-whirring (endothermy), whereas perchers 
expose as much of the surface area as possible to solar radiation. 
In some species of perchers, hairs on the thorax serve as insu- 
lators, or the wings may be deflected downward to insulate the 
thorax. Such species are among the first to appear in the spring 
at higher latitudes. Under very warm or hot conditions, perchers 
remain stationary longer and posture their bodies to absorb less 
solar radiation. A common posture is the obelisk position, in 
which the abdomen is raised to expose the minimum surface 
area to the sun and the wings are lowered to reflect sunlight 
away from the thorax. Fliers generally become inactive during 
midday and hang up in the shade. However, some species of 
Libellulidae glide, and some species of Aeshnidae are able to 
continue flying by shunting warm blood from the thorax to 
the abdomen, where excess heat is dissipated. By prolonging 
activity at the breeding site, dragonflies increase their chances 
of obtaining mates, feeding, and escaping predation. 


Dispersal 


Most flight involves small-scale, intrahabitat movements for 
immediate needs (feeding, finding mates, and escaping 
predators) that directly affect individual survival and repro- 
ductive success. Such flights usually result in dispersal distances 
up to a few hundred meters. Large-scale flight resulting in 
interhabitat displacement is regarded as migratory flight. Corbet 
defined migration as “spatial displacement that typically entails 
part or all of a population leaving the habitat where emergence 
took place and moving to a new habitat in which reproduction 
ensues.” These dispersal movements also have consequences 
for survival and reproductive success. 

In examples of migration thus far elucidated for tropical 
species, migration is a means of overcoming drought in the 
area where the species developed. For example, in ephemeral 
lentic habitats in Africa, the aeshnid Hemianax ephippiger 
develops rapidly (within 60-90 days) and upon emergence 
flies with rain-developing systems several hundred kilometers 
to areas that will receive the rainfall, as far north as Europe. 
There they feed, mate, and lay eggs in newly filled water bodies. 
Temperate species migrate to circumvent cold temperatures. 
For example, the wide-ranging aeshnid Anax junius emerges 
early in the year in southern North America, and arrives in 
the northern United States and southern Canada during 
warm periods as early as March and April. These immigrants 
mate and lay eggs in shallow lentic habitats; their progeny 
complete development in late summer or fall. The second 
generation then flies south; large numbers of “green darners” 
have been observed flying overhead as late as mid-November. 
Migratory flights may be made up of several species, usually 
from the families Aeshnidae and Libellulidae. Very few 
Zygoptera are known to migrate, and all recorded so far are 
in the subfamily Ischnurinae (Coenagrionidae). 


ODONATA SURVIVAL IN A CHANGING WORLD 


Habitat creation, loss, and alteration are the major causes of 
odonate population changes. Some odonate species have 
increased their geographic ranges and population numbers in 
response to man-made changes in habitat. For example, in 
the United States many pond-dwelling Libellulidae that were 
historically centered in the eastern part of the country have 
moved far west of the Mississippi River with advent of 
irrigation. Furthermore, exotic species can immigrate when 
gravid females ride tropical storms or can be introduced as 
eggs and larvae with the aquarium trade, their ranges thereby 
increasing dramatically. Alternately, many riverine and 
wetland species have undoubtedly declined because of 
habitat degradation and drainage changes. For example, 
some riverine Gomphidae are extremely rare, but could be 
protected by conserving the remaining habitat (e.g., in the 
eastern United States, Ophiogomphus edmundo is known 
from three localities, and Gomphus sandrius is known from 
seven localities). Only one species in the United States has 


federal protection status as a threatened and endangered 
species, Hine’s emerald (Somatochlora hineana). Many species 
in this genus are locally distributed, inhabiting lakes and bogs 
in different stages of succession, and their populations depend 
greatly on the availability of the proper microhabitat. 

There is awareness of the threat to dragonfly diversity and 
populations of sensitive species in most countries, especially 
in Europe and Japan, where protection efforts are designed to 
heal or prevent damaged ecosystems. In tropical areas, however, 
where diversity is highest and incompletely known, habitat 
destruction continues at alarming rates. There has been some 
effort toward habitat conservation, as national parks and 
preserves have been established in many tropical countries. 
For example, in Thailand, almost all remaining forest areas are 
protected by parks, wildlife sanctuaries, and a ban on logging; 
this effort amounts to nearly 15% of the total land area. In 
other countries, the situation is less promising, and even pre- 
serves afford no insurance against habitat alteration. Odonata 
have existed for many millions of years, undoubtedly surviving 
small and massive extinction episodes; however, the magnitude 
of present-day environmental change may be without parallel. 
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Orientation 
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i. refers to the way in which organisms direct 
their course of movement—not to their body or positional 
orientation per se, although clearly, ifan organism is to aim its 
course, it must align its body’s long axis with its intended track. 
Although orientation maneuvers thus involve an organism’s 
orientation of body position, this article is concerned mainly 
with movements in location that range in scale from millime- 
ters to thousands of kilometers. For example, a minute para- 
sitoid wasp may walk to a resource, such as a prospective host, 
only millimeters away. On the other hand, movements of insects 
also can cover considerable distances, such as the long-distance 
migration of several thousands of kilometers that is under- 
taken in autumn by monarch butterflies (Danaus plexippus) 
flying from northeastern North America to their overwintering 
site in central Mexico. The mechanisms that insects and other 
organisms use to accomplish such feats are enormously variable. 
Moment-to-moment steering typically relies on simultaneous 
inputs from multiple sensory modalities, such as chemical cues, 
light, and wind. Most organisms use some stored information 
about very recent encounters with these cues and the organism's 
past position. In many parasitic and social Hymenoptera, 
learned information, including spatial maps and landmarks, 
plays a crucial role in these insects “knowing” either where they 
have been or their destination. 


CLASSIFICATION OF ORIENTATION MANEUVERS 


The modern system of categorizing orientation mechanisms by 
their forms of locomotion and their presumed sensory inputs 
dates to Fraenkel and Gunn’s The Orientation of Animals, first 
published in 1940. These authors’ classification of maneuvers 
relies on two distinctive patterns of movement. The first kind 
of maneuver is termed a kinesis (pl. kineses); it is defined as an 
undirected response in which the body’s long axis exhibits no 
consistent relationship to the direction of the stimulus and 
the direction of locomotion is random. Ifa gradient of stimulus 
intensity regulates either the frequency of turns or the amount 
of turning per unit of time, the reaction is termed a klinoki- 
nesis. If the gradient of stimulus intensity regulates either speed 
or the frequency of locomotion, then the reaction is termed 
an orthokinesis. Both kinds of kinesis require a minimum of 
one sensory detector to monitor stimulus intensity, although 
multiple detector systems (such as paired antennae) are the 
norm. Randomly directed movement would seem to be an 
ineffective means for moving toward or away from a 
stimulus. Klinokinetic maneuvers can facilitate movement 
either toward or away from a stimulus gradient as illustrated in 
Fig. 1 where simply turning more frequently in bright light 
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FIGURE 1 Track that could be expected from a hypothetical animal that 
always changes its direction by 90° to the right at a rate that is dependent on 
light intensity. The animal starts at point O. Turns occur more frequently 
when the animal is in bright light. Because of this tendency, the path cd is 
longer than ad. Although this is a simplistic representation of a klinokinetic 
reaction (in reality, turns will vary in angle and may be random to the right 
or left), it nonetheless demonstrates how klinokinesis can result in an animal 
orienting along a shallow stimulus gradient. [Modified from Fraenckel, F., 
and Gunn, L. L. (1940).] 


inevitably results in motion by the organism away from the 
bright light. 

The second kind of maneuver is called a taxis (pl. taxes); it 
is defined as a directed reaction in which the organism's long 
body axis is aligned with the stimulus and movement is more 
or less directed toward or away from the stimulus. In klinotaxis 
the organism has available two strategies for sampling the 
intensity of the stimulus. In transverse klinotaxis the sampling 
occurs by moving the entire body or a part of it from side to 
side along the path. Alternatively, in longitudinal klinotaxis the 
organism samples intensity successively along its path. Both 
forms of klinotaxis require only a single detector capable of 
measuring stimulus intensity. A classic transverse klinotactic 
reaction is the movement of blow fly larvae (Lucilia) away 
from light (Fig. 2). A close examination of the movement of 
larvae along their path reveals that although their tracks are 
nearly straight, their heads move from side to side. A similar 
pattern is seen in ants following a pheromone trail (Fig. 3). 

Tropotaxis, in contrast, relies on a paired detector system 
(such as the antennae); by balancing the stimulus intensity on 
the two sides of the organism, the heading can be aligned with 
a relatively steep stimulus gradient. Honey bee workers (Apis), 
for example, can center their body’s long axis between balanced 
inputs of odor to each antenna. Telotaxis is a “direct” form of 
orientation in which the stimulus intensity is processed by a 
receptor system that has an array of directionally sensitive 
receptors, so that setting of a course toward a stimulus involves 
the relatively simple navigational task of holding a certain part 
of the receptor array in alignment with the stimulus. Sometimes 
termed “goal orientation,” telotaxis is known only for orien- 
tation along a beam of light. 

In klino-, tropo-, and telotactic reactions, the organism’s 
long body axis is aligned with the direction of the stimulus, 
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FIGURE 2 Courses (viewed from above) of blowfly (Lucilia) larvae crawling 
away from a light source (arrows depict direction of horizontal rays of light). 
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The three individual larvae recorded are denoted “a” through “c” in different 
colors, and the tracks taken in repeated trials are indicated by numbers. 
Individuals in “a” and “b” seemed to deviate to the left in some trials and to 
the right in others. The track of larva “c” is represented in more detail than in 
the other tracks, showing alternating right and left movements of the head. 
Although J. Loeb stated that larvae “move as though they were impaled on 
a ray of light which passed through their medial plane,” the larvae clearly have 
some variability in their paths. Based on the detailed head movements of the 
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track of larva “c,” larvae seem to orient by transverse klinokinesis. [Modified 
from Mast, S. O. (1911). “Light and the Behavior of Organisms.” J. Wiley, 
New York.] 


such as a beam of light or a fairly steep gradient of odor. In 
menotaxis, orientation of the long body axis is at a fixed angle 
to the stimulus, and course setting is maintained by stimulation 
of the sensory apparatus in a manner similar to telotaxis. 
Menotaxis is commonly called “compass orientation,” and 
some still unresolved form of it is used by monarch butterflies 
to head toward their wintering grounds, and by honey bees in 
their dance language. A menotactic reaction also seems to be 
responsible for the attraction to lights seen in many moths and 
other nocturnal insects. The assumption is that moths follow 
a straightened-out path at night by using celestial cues as a 
menotactic guide. When they encounter an artificial point 
source of light, they attempt to maintain the same angle with 
respect to the fixed point as in menotaxis, but in so doing they 
inevitably spiral toward the light source. Such a spiral path is 
indeed seen in the approach of some insects to a light. 


CLASSIFICATION OF SENSORY INPUTS 


In describing how organisms orient, it is common to create 
terms that combine the kinds of environmental cue used in ori- 
entation with the form of taxis or kinesis. Common prefixes 
used include anemo (wind), chemo (odor or taste), mechano 
(pressure), phono (sound), photo (light), rheo (water flow) and 
scoto (darkness). The Lucilia maggot moving away from light 





FIGURE 3 Trail following in worker ants (Lasius fuliginonus) in relatively 
still air. The straight red line marks the centerline of an odor trail. The 
dotted blue line denotes the path of the ant. The ant in “a” swings right and 
left across the trail, presumably bringing one antenna to an area of 
discernibly lower concentration before turning in the opposite direction. In 
“b,” the ant’s left antenna has been removed and she overcorrects her course 
to the right. In “c,” the antennae were crossed and then glued, but the ant is 
able to orient along the trail, albeit with difficulty, aided partially by a light 
compass reaction. [Modified from Hangartner, W. (1967). Z. Vel. Physiol. 
57, 103-136.] 


can be said, for example, to be a navigating by a negative 
transverse photoklinokinesis. It is obvious that the seeming 
precision of this classification scheme makes for an unwieldy 
terminology. This deficiency was noted in 1984 by Bell and 
Cardé, who highlighted the need for “more practical, 
functionally related terms” that are not “teleological, poorly 
defined, non-probabilistic and difficult to spell.” A related 
problem is that these terms tend to define the reactions so 
precisely that they can dictate the boundaries of experimental 
investigations, such that these may either neglect the 
integration of mechanisms or fail to consider mechanisms 
that do not fall within these constructs. 

These classifications also neglect the role of internally stored 
information. The system of taxes and kineses assumes that an 
animal steers its path entirely in reference to the position of the 
external stimuli. However, the maneuvers can involve as well 
some self-steering that is governed by stored information about 
the animal’s previous path. Such information can be classified 
as either idiothetic (i.e., information that is internally stored) 
or allothetic (i.e., information that is external, such as visual 
features of the environment). Kineses are, for example, clearly 
self-steered, whereas transverse and longitudinal klinokineses 
are partially self-steered, and menotaxis is not self-steered. 
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ALTERNATIVE CLASSIFICATIONS 


“Attraction” and “aggregation” are often used to categorize orien- 
tation, but these terms describe end points of orientation and tell 
us little about the preceding maneuvers. Attraction and aggre- 
gation nonetheless remain widely used to describe the conse- 
quences of taxes and kineses. Pheromones, for example, are often 
labeled as attraction pheromones or aggregation pheromones. 

In another approach to classifying orientation mechanisms, 
Jander emphasized in 1975 the distinction between the two 
broad categories of information used in orientation: 
information that is based on immediate sensory processing 
(for extrinsic or exokinetic orientation) and information that 
is stored centrally (for intrinsic or endokinetic orientation). 
Information that is stored may be subdivided into memory 
and that which is genetically determined. Jander also stressed 
the importance of ecology in studying orientation, and so his 
other categories included positional orientation (either staying 
in place or exhibiting locomotion), object orientation (move- 
ments with respect to the spatial position of either resources 
or sources of stress), topographic or home-range orientation 
(learned spatial orientation), and geographic orientation 
(migration over considerable distances). 

Bell disavowed the time-tested system of taxes and kineses 
in his 1991 synthesis of foraging behavior. In analyzing the vast 
literature on foraging movements, Bell advocated describing 
the kinds of locomotory paths that were observed, the kinds 
of information available to mediate the motor output, and 
the presumed guidance system. Bell eschewed terming any of 
these maneuvers “taxis” or “kinesis.” Despite such attempts 
to devise a new terminology, however, the system of taxes and 
kineses is likely to remain prevalent for some time because no 
clear alternative has emerged. 


ODOR-INDUCED OPTOMOTOR ANEMOTAXIS 


Among the best-studied orientation systems are those that 
enable organisms to locate upwind resources by flying along a 
plume of odor to the odor’s source. Examples of such maneu- 
vers include male moths flying over distances of hundreds and 
perhaps thousands of meters to a pheromone-releasing female, 
tsetse flies and mosquitoes flying over tens and perhaps hun- 
dreds of meters to a prospective vertebrate host, and parasitoid 
wasps flying over several meters to their intended host. All 
these reactions are mediated by odors that are released by the 
resource and form an odor plume as they are carried down- 
wind. It is crucial to note that maneuvers cannot be governed 
by orienting to a gradient of odor. A gradient that would be 
sufficiently steep for such directional information exists only 
within a meter or less of the odor’s source. Instead, insects 
and other organisms orient by advancing upwind when they 
encounter an above-threshold concentration of the odor 
linked to the resource. 

The nonintuitive mechanism permitting in-flight anemo- 
taxis is the optomotor response. An organism immersed in air 
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FIGURE 4 The relationship between a flying insect’s body heading and the 
track taken when flying at an angle to the wind. The vectors depict the wind 
direction and velocity and the fly’s direction and velocity along the track. 
The image flow the fly sees directly below has both longitudinal and 
transverse components, and therefore flows obliquely across the fly’s eyes. 
When the fly heads directly upwind, the image flow is longitudinal, ice. 
front to rear. 


or water cannot discern the direction of the flow of these fluids 
by mechanosensory input, although it can use mechanosen- 
sory information to gauge its airspeed or water speed (i.e., its 
movement relative to the fluid flow). Instead, it detects its 
displacement relative to its ground position by literally seeing 
how the flow alters its path. For example, if an organism's 
long body axis is aligned directly with the fluid flow and the 
organism is making progress along the plume, then the image 
directly below or above the organism flows from front to rear. 
If the organism is moving at an angle to the fluid flow, then 
the image flows obliquely across the eyes (Fig. 4). 
Optomotor anemotaxis was first demonstrated experimen- 
tally in 1939 by John Kennedy, working in England with the 
yellow fever mosquito, Aedes aegypti. Kennedy's ingenious 
wind tunnel used a movable pattern, projected onto the 
tunnel’s floor, to manipulate the visual feedback a flying 
mosquito would experience. He was able to show that the 
upwind flight of females induced by carbon dioxide (the 
activating ingredient in human breath) was governed by the 
optomotor reaction. When the projected floor pattern was 
moved in the same direction as the airflow, mosquitoes 
decreased their airspeed, apparently perceiving by visual feed- 
back from below that their airspeed had increased; conversely, 
when the image flow was reversed to the opposite direction, 
mosquitoes immediately increased their airspeed. Mosquitoes 
regulate their airspeed to maintain a relatively constant rate 
of longitudinal image flow. These simple manipulations verified 
that the mosquitoes’ perception of movement relative to their 
visual surroundings dictates their airspeed, rather than some 
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FIGURE 5 Top view of flight tracks of males of the moth Cadra cautella 
flying toward a source of a sex pheromone. The moth is traveling from left 
to right. The dots represent the moth’s position every 1/30th of a second. 
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The blue line shows the time-averaged centerline of the plume. Track “a’ 
shows the path of a moth after intercepting a pulse of pheromone. [Redrawn 
from Mafra-Neto and Cardé (1994), Nature 369, 142—144.] About 200 ms 
after intercepting a pulse, the male surges upwind. Track “b” shows a male 
flying along a very narrow ribbon plume of pheromone, sporadically 
encountering puffs of pheromone. Track “c” shows a male flying along a 
wide turbulent plume of pheromone, encountering many filaments of 
pheromone per second. [Redrawn from Mafra-Neto and Cardé (1995), 
Physiological Entomology 20, 117-133.] 


form of mechanosensory feedback. 

The task an insect faces in finding an upwind source of 
odor, however, is much more complicated than simply flying 
upwind when an appropriate odor is encountered. Because tur- 
bulent forces cause the plume to meander and undulate, the 
direction of the plume’s long axis is not always aligned with the 
upwind direction. Thus, an insect proceeding upwind often 
exits the plume. Thus many insects “lose” the plume and then 
“cast”; that is, they stop moving upwind and instead move 
back and forth lateral to the direction of wind flow. If they 
recontact the plume during such to-and-fro maneuvers, 
upwind flight may resume. A further difficultly is that turbu- 
lent forces fragment the plume’s internal structure. Plumes 


therefore have patchy distributions of odor, so that even within 
the plume’s overall boundaries, insects encounter filaments of 
odor interspersed with gaps of clean air. Filaments can be 
encountered many times a second; for moths, whenever the 
encounters with filaments of odor are frequent, say above 10 Hz, 
flight can be aimed rapidly upwind, but when the encounter 
rate falls below 5 Hz, the flight can exhibit a much more 
substantial crosswind component (Fig. 5). 

Odor-induced, optomotor anemotaxis as used by flying 
insects exemplifies several points common to orientation mech- 
anisms. Several kinds of input (here visual, mechanosensory, 
olfactory) and self-steering all contribute to course setting 
and motor output. It is the integration of information that 
allows organisms to set their course. 

Several related situations illustrate the variations on this 
theme. A flying insect also can orient along a plume of odor for 
moderate distances by flying a course that is set upon takeoff. 
After detecting the odor, the insect gauges upwind direction by 
mechanoreceptors and takes off due upwind. This is called an 
“aim-and-shoot” reaction, and the straight-line course is main- 
tained by using visual cues perceived ahead to set the course. 
Flight continues as long as the insect remains in the plume. 
Tsetse flies (Glossina spp.) are thought sometimes to use aim- 
and-shoot upon takeoff, but other observations support a 
conventional optomotor anemotaxis maneuver during flight. 
‘Tsetse flies may shuttle between these two orientation strategies. 
Walking insects use a nonoptomotor version of anemotaxis. 
Upon detection of odor, the insect simply heads upwind, 
using mechanosensory input to determine wind direction. 


CONCLUSION 


Taxes and kineses remain the principal organizing system for 
understanding and investigating how insects and other 
organisms “know where to go.” Discovering how these 
maneuvers work—what information is extracted, how it is 
processed, and the nature of guidance systems—remains an 
active area of inquiry. 


See Also the Following Articles 
Dance Language ¢ Host Seeking « Magnetic Sense « Migration 
e Monarchs ¢ Mosquitoes « Pheromones e Tsetse Fly 
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rthoptera is considered here in the restricted sense; that is, 

we are not including the cockroaches, mantids, and stick 
insects, and these orders are covered elsewhere. The Orthoptera 
include terrestrial insects commonly known as short-horned 
grasshoppers, katydids, bush crickets, crickets, and locusts. The 
adult size range is from a few millimeters to some of the largest 
living insects, with bodies over 11.5 cm in length and wing 
spans more than 22 cm. Orthopterans occur all over the world 
except in the coldest parts of the earth’s surface. They are best 
developed in the tropics, especially the New World tropics. In 
terms of numbers they are among the most common insects 
and are an important component of the fauna in most parts of 
the world. The order is readily identified by the characteristic 
hind legs that are developed for jumping. Summer nights are 
often dominated by the songs of many species in several 
families. Locusts are among the world’s most important eco- 
nomic insects, and many species cause devastation in many parts 
of the world. Orthopterans are mentioned in biblical writings 
and in the earliest of Chinese literature. In recent times they 
have been important elements in the development of several 
fields of biology. Biological lifestyles in the Orthoptera include 
phytophilous (leaf-living), geophilous (living on and in the 
ground), cavernicolous (living in caves), and myrmecophilous 
(living with ants). Species can be diurnal and nocturnal. More 
than 20,000 species are known, but it is estimated that this 
figure may double when a thorough census has been made of 
uncollected regions of the globe. 


CLASSIFICATION 


There are several disparate classifications of orthopteroid insects 
that are used simultaneously, depending on preference. There 
has been an overall escalation of rank of categories in recent 
years above the tribal level. One of the extremes of these views 
was expressed by Dirsh, who created 10 orders from what was 
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TABLE I 


Character 


Ensifera 


Some Characters Used to Separate the Two Suborders of the Order Orthoptera 


Caelifera 





Antenna 

Auditory structure (when present) On foretibia 
Alary stridutatory structures (when present) 
Ovipositor 


Molting 


traditionally considered one! Kevan provides a synthesis of the 
classifications to 1982. The advent of cladistics and molecular 
phylogeny has spawned additional changes to orthopteroid 
classification, and these are noted in the discussions of the res- 
pective groups. In general, except where noted, the conservative 
approach will be adopted here, since this is a period of flux 
and there is no consensus on which classification to adopt. 
The Orthoptera usually are divided into two suborders: the 
Ensifera (long-horned Orthoptera) (Table I) and the Caelifera 
(short-horned Orthoptera). The ensiferans are considered to 
be the more ancient group, with fossils dating from the 


= Acridoidea sensu novo 
| riconoptengoisen sensu novo 


~~ 

PSsurs Pneumoroidea 

w= Pyrgomorphoidea 

ape Tanaoceroidea 

SIGS _Eumastacoidea (Proscopiidae) 
ye Eumastacoidea (Eumastacidae) 
Reng Tetrigoidea 

FFB Tridactyloidea 


M4 Tettigonioidea 


Stenopelmatoidea 


a Hagloidea 


Grylloidea 
¥ 
<eG=* Phasmida 


aX Gryllobiatta 


C= > Blattodea 





More than 30 segments 


Forewings specialzed with file and scraper 
Elongate, sword like or sickle-shaped 
Skin usually eaten 


Less than 30 segments 

On first abdominal tergite 

Forewings modified laterally and ventrally 
Short and stub-like 


Skin never eaten 


Carboniferous, whereas caeliferans are known only from as far 
back as the Triassic (Fig. 1A). 


FEATURES OF THE ORDER 
General Comments 


Orthoptera have been popular subjects for the behaviorist. 
Much has been done of an interdisciplinary nature relating to 
natural and sexual selection, signaling behavior, acoustic and 
vibrational communication, and displays. 





FIGURE 1 (A) Proposed phylogeny of the orthopteroid insects based on molecular studies. Note the arrangement of the Caelifera (C1). [From Flook, P. K., 
et al. (1999). Syst. Biol. 48, Fig. 2, with permission of P. K. Flook.] (B) Xanthogryllacris punctipennis, an example of a gryllacridid with patterned wings. (C) 
Hadenoecus puteanus, a camel cricket illustrating the typical humpbacked appearance. [B and C modified from “Genera Insectorum.” (1937). Vol. 206.] (D) 
Schizodactylus monstrosus, an unusual orthopteroid. [Modified from Karny, H. H. (1929). Lignan Sci. J.| (E) Apote notabilis, a large North American tettigoniine. 
[From “Genera Insectorum.” (1908). Vol. 72.] (F) Henicus prodigiosus, a wingless South African henicine. [Modified from “Genera Insectorum.” (1937). Vol. 
206.] (G) Dianemobius fascipes. [From Chopard, L. (1969). “Fauna of India and the Adjacent Countries.”] (H) Oecanthus pellucens, a typical oecanthine, male. 
[From Chopard, L. (1943). “Orthoptéroides de L-Afrique du Nord.” Paris.] (1) Stolliana sabulosa, female wingless species. [From “Genera Insectorum.” (1916). 


Vol. 170.] 


e Will Use the same CORD principles of elastic commodity cloud and SDN to 
bring data center economies and cloud agility to the mobile edge. 


e = Will demonstrate integration of disaggregated/virtualized RAN, disaggre- 
gated/virtualized EPC and mobile edge services. 


e =©Will partner with the SDN controller groups to accelerate adoption of open 
source SDN and NFV solutions and realize the benefits of the cloud. 


Given the timing of the work, we expect M-CORD and similar initiatives to turn their 
focus toward "5G-ready" core networks as the architecture, interfaces and proto- 
cols for NG Core become more clear. Acommon CORD and M-CORD implemen- 
tation, with the same architecture and foundational technologies, will create a 
good foundation for fixed-mobile network convergence, enabling access agnostic 
services — an important objective of many operators pursuing 5G. 


Mapping Mobile Core to Distributed Cloud 


The NG Core for 5G and EPC for advanced 4G networks must be mapped to the 
distributed cloud architecture. One approach would be to simply deploy more 
packet gateways (and mobility controllers) at the edge of the network to meet ca- 
pacity and performance demands. 


The challenge with this is that today's centralized packet core deployments are 
characterized by complex integration with surrounding network functions, such as 
policy, charging, IMS, SGi-LAN and routing services. By moving this model to the 
edge, the operator would, in effect, have to "distribute complexity," which is costly 
to deploy and, in particular, to manage. To meet 5G performance, scalability and 
automation requirements, a new architecture for packet core is needed that will 
make operation in the edge cloud infrastructure simpler and faster. 


There are many aspects to this new architecture. Part of the solution is CUPS, as is 
currently being developed for 4G-LTE core networks. This involves extracting the con- 
trol-plane functions from the gateway to leave a simpler, user-plane node. The gate- 
way thus is "split" into S/PGW-U and S/PGW-C components that can that can scale 
independently, as shown in Figure 6 above. A key benefit of the architecture is that 
the control plane, and all the associated complex interactions, can be centralized, 
while the user plane is distributed across the IP services fabric and scaled as required 
by the traffic load. This is shown in Figure 10. 


Depending on the scaling needs, the S/PGW-U functions deployed at the edge 
data center can be implemented in several different ways: on a router, on a white 
box switch (potentially), on an existing PGW platform, as a virtualized function, or as 
part of a vRouter. Virtualized user-plane nodes can more easily be placed at the 
optimal location, as determined by the use case and this flexibility is a strong argu- 
ment to deploy S/PGW-U nodes as VNFs rather than as hardware functions. 


The S/PGW-C components would similarly be deployed as virtualized functions on 
a cloud platform, typically at a more centralized location. There may be an oppor- 
tunity to collapse MME, SGW-C, PGW-C functions and perhaps other 3GPP control- 
plane functions into some form of unified "mobility controller’ node. This has the po- 
tential to simplify operations and this same model is being pursued for NG Core. 


In this architecture, virtualized SGi service LAN components can be placed where 
appropriate for the traffic coming from the distributed user-plane nodes. For exam- 
ple, some SGi functions could be on router-based compute blades, or on COTS x86 
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Many orthopterans have excellent sight and hearing and 
are wary and difficult to approach. Others appear sluggish 
and rely on a number of cryptic strategies and distasteful 
properties for protection. For example, if seized, most species 
will kick out with their spiny hind legs and regurgitate acrid 
contents of the crop. Because orthopterans are fed upon by a 
vast number of vertebrates and many other insects, such 
behavior is not entirely successful. If a grasshopper, cricket, 
or katydid is seized by the hind leg, the leg will generally be 
lost at a point between the femur and trochanter. A number 
of unrelated species will squirt or discharge repugnatorial 
secretions from intersegmental glands. 

The majority of orthopteran species are phytophagous, 
feeding on the foliage of higher plants. A number feed on 
roots and others on fungi. Many species are predaceous, 
while others are omnivorous. Relatively few species have been 
studied for the purpose of discerning their feeding activities, 
but some are very highly specialized, feeding only on seeds, 
pollen, or nectar or flowers of certain plant types. The fore 
and middle legs are used by some predators to form a “clap- 
trap” to catch unwary insects. 

Orthopterans are renowned as examples of forms of 
crypsis. They span the range resembling leaves, twigs, bark, 
stones, or flowers. These appearances are meant to deceive 
vertebrate predators. To achieve this, various parts of the 
body are modified, and these combine with camouflaging 
colors and patterns, accompanied by the appropriate behav- 
ior. Mimicry of other insects abounds in the orthopteroids. 
Mimicry in the nymphal stages is often based on very 
different models from the adults. In a few examples, males 
have a different mimic model from females. The distasteful 
properties involved with aposematic coloration are exhibited 
in many orthopterans in a wide range of families and genera. 
The normally associated behavioral traits of sluggish behavior, 
conspicuous situations, and gregariousness are also seen. Flash 
or frightening colors are exhibited in a number of species. 
Several unrelated species in different parts of the world bury 
themselves in sand overnight or for short periods during the 
day when danger threatens. Many species overwinter in 
cracks or under leaves in leaf litter. A number of katydids and 
grasshoppers are semiaquatic. Some swim or skate over the 
surface film, and even nonaquatic species can swim freely in 
midwater. These species have subtle structural adaptations 
for aquatic life. 

The majority of orthopterans are cryptozoic, lacking bright 
colors and patterns. They rely on pale, drab, and dull colors to 
conceal their presence. Cavernicolous species have pigmentation 
associated with their particular lifestyle in their habitat. The 
more highly specialized types lack pigmentation and have thin 
integument, as well as extraordinarily long antennae and long, 
delicate appendages. Extremes in structural modification are 
types that remain larviform as adults, having reduced eyes and 
antennae and nonjumping hind legs, but powerful burrowing 
adaptations. Some small crickets are dorsoventrally flattened 
and wingless and are myrmecophilous. 
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Reproduction 


A diversity of attitudes is adopted in courtship and copu- 
lation. Sperm are transferred mostly in spermatophores, and 
much has been written regarding male investment, female 
selection of mates, and sperm competition. In the Ensifera, 
the spermatophore is transferred at copulation, and the vesicle 
usually remains attached externally to the vulva; it is eaten by 
the female and serves an important nutrient function in the 
development of the fertilized embryos. In the Acridoidea 
several small spermatophores may be inserted into the female 
tract, or the tubular part of the single spermatophore may 
penetrate the spermathecal duct while the vesicle remains in 
the phallus. Some other grasshoppers (the Australian endemic 
Morabinae of the Eumastacidae) produce no spermatophore, 
and their sperm is delivered directly to the bursa copulatrix, 
not the spermathecal duct. 

Orthoptera eggs are most often laid in soil, but many other 
media are used. Many Ensifera insert them singly or in small 
numbers, into stems, leaves, or roots, or cement them to stems, 
twigs, or bark. One Australian species coats the exposed egg 
laid on a twig with soil particles, apparently to protect the egg 
from the elements and possibly from parasites. Acridoidea lay 
their eggs in oothecae or pods, in groups of more than 10 to 
200, in pithy stems, in soft portions of dead timber, at the 
bases of grass tufts, or in animal dung; a number of species 
cement eggs to water plants below the surface. Burrowing 
forms deposit eggs in special chambers, lay them in the sides 
of chambers, or place the eggs around roots. 

The ovipositor is often highly modified. In the Ensifera it 
is mostly a needlelike spear that is inserted into the substrate, 
usually the soil, wood, or other plant material. Many species 
lay specially hardened eggs that are glued to twigs or leaves. 
Many select a thick leaf, and with alternating penetrations of a 
highly modified, laterally compressed ovipositor, insert a disk- 
like egg into the leaf’s edge. In Caelifera, the ovipositor is rela- 
tively similar among the wide range of species. It is short and 
“pronged,” and it penetrates the substrate by opening, closing, 
and extending the abdomen. In the Acridoidea, the abdomen 
is frequently stretched to twice its normal length during 
oviposition. 


Development 


A newly hatched immature, or nymph, is enclosed in the 
embryonic cuticle and is called a pronymph or vermiform 
larva. At hatching the eggshell is fractured by pulsations of an 
extrusible structure known as the cervical ampulla, which is 
part of the dorsal membrane of the neck. This work is 
assisted by the cutting action of a ridge or row of teeth 
positioned at the front of the head. The ampulla is also 
involved in the emergence of the pronymph from the egg 
repository in the soil or plant tissue and in the intermediate 
molt by which the embryonic cuticle is cast when the insect 
is freed. 
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Nymphs differ from adults outwardly mainly in the reduced 
development of wings and reproductive organs, the less devel- 
oped pronotum, and a reduced number of antennal segments. 
Nymphs undergo several molts, usually fewer in males than 
females. The intermediate stages of the developmental process 
are called instars. Molting occurs between instars and usually 
takes place at night under the protection of darkness or early 
morning, when the relative humidity is favorable for such pro- 
cesses. The wing buds and terminal reproductive structures 
increase with each molt. Antennal segments are added at molt- 
ing. Many entomologists have great difficulty in attempting 
to determine whether a short-winged grasshopper is a nymph 
of a mature individual of a species. In actuality, it is a relatively 
easy determination but requires a little experience: grasshoppers 
have two pairs of wings; the first pair is the tegmina, and the 
second pair the wings. In immature grasshoppers, the wings are 
lateral with the costal margin positioned ventral, as in the adult, 
but in usually the penultimate molt, they rotate and assume 
a reversed, more dorsal position in which the costal margin is 
dorsal and the morphological ventral surface is external with 
the hind wing overlapping the tegmen. 


REVIEW OF TAXA 
Suborder Ensifera 


Crickets and katydids (bush crickets, long-horned grasshop- 
pers, and relatives) comprise the suborder Ensifera. This is the 
classical division of the order, but in the system using 
Grylloptera as a higher taxon, this group is treated as an order. 
Ensiferans share important characters with members of the 
other suborder, the caeliferans, such as the biting—chewing 
mouthparts, the modified pronotum, “leaping” hind legs, the 
similarities in wing venation and shape, and the sound- 
producing capacities (stridulation) of males. 

More than 10,000 species are known in about 2000 genera 
with four infraorders, recognized here as superfamilies: 
Stenopelmatoidea (Gryllacridoidea), Tettigonioidea, and 
Grylloidea (including the Schizodactyloidea). The classifica- 


tion we follow is illustrated in Fig. 1A. 


STENOPELMATOIDEA (GRYLLACRIDOIDEA, IN PART) 
Variously known as raspy crickets, leaf-rolling crickets, wood 
crickets, Jerusalem and sand crickets, king crickets, cave and 
camel crickets, and other names, the Stenopelmatoidea form 
a distinctive, conspicuous group with many species quite 
large and presenting a ferocious appearance. Most, if not all, 
are nocturnal, with all needing to seek shelter during daylight 
because of the threat of desiccation due to the thin 
integument. When the Grylloptera is recognized as a distinct 
order, this taxon with the Tettigoniidea constitutes the sub- 
order Tettigonioidea. Because of their nocturnal and subter- 
ranean habits, most species are light colored, with brown or 
grays dominating the color scheme. Cave-dwelling species 
are often pale or white: green forms are very rare. 


Species occupy most habitats, including the driest deserts 
and the wettest rain forests. The majority of species seem to 
be concentrated in the Old World, especially in the Southern 
Hemisphere. A few are considered to be minor crop pests, 
many attract public attention because of their size, and 
several are considered to be endangered by reason of habitat 
deprivation or loss due to introduced organisms like rats. The 
group comprises about 1000 species, but there are many 
undescribed species known from many parts of the world, 
especially Australia. 

Gryllacrididae 


Stenopelmatoidea, this taxon has been recognized as a family 


Recently considered as a subfamily of the 


for more than 50 years. Gryllacridids are known by a variety 
of names. They are best known as raspy or leaf-rolling 
crickets but some are called king crickets or tree crickets. 
Most instars and adults spin threadlike “silk” from the 
mouthparts and use this material in reinforcing burrows and 
tying leaves and detritus together to form shelters. The 
integument of the body is soft and pliable (Fig. 1B), and the 
legs are adorned with many spines, some on the hind legs 
being modified for digging. They range in size from about 5 
to 75 mm in body length. This family is best represented in 
the Old World. The majority of species are probably in 
Australia, with other regions of the Southern Hemisphere 
contributing considerable numbers. 

Of the few species of gryllacridids that have been studied, 
all have been found to have peculiar life histories. The majority 
of these studies come from Australia, where the insects com- 
prise a notable portion of the orthopteran fauna at a given 
locality. Species may construct burrows or tie leaves and detritus 
together, forming individual enclosures in which they reside 
during the day. Others live in the hollow branches or twigs 
and others assume a commensal lifestyle with termites. 

Raspy crickets feed on a wide range of material. Some are 
specific seed eaters, others predaceous, and others specialize on 
flowers or fruits. This latter activity can be of economic concern 
when ripe fruit is chewed and when cut flowers or orchids are 
damaged by feeding activities. At times when gryllacridids 
inadvertently enter houses, curtains and draperies may be 
ruined by their chewing and clipping as bits of material are 
tied together with silk to make shelters. 

Raspy crickets produce sounds in more than one way. All 
species possess a femoroabdominal stridulatory mechanism fea- 
turing a hind femur that is rough on the inside, with a pattern 
or shagreening of dorsal surface. This roughened area is rubbed 
against a pattern of pegs or modified hairs on the side of one or 
more abdominal tergites. These stridulatory mechanisms seem 
to show species-specific patterns and have been used to distin- 
guish species. Vibrational sounds are produced, often by both 
sexes, during courtship activities. Depending on the species, 
sounds are generated by rhythmic drumming of the abdomen 
on the substrate or by “stomping” of the hind feet against the 
substrate. Some species use use combinations of drumming, 
stomping, and rasping during courtship. The fast-paced drum- 
ming is quite audible to the human ear for a short distance. 


Surprisingly, none of these insects possess any obvious organs 
that would enable them to hear the sounds they produce. 
Perhaps, they detect the vibrations through sensory hairs on 
the pads of the tarsi. 
Rhaphidophoridae 


ets are fairly similar in appearance (Fig. 1C). An extinct subfamily 


Camel, cave, and sand-treader crick- 


is known from amber inclusions. All members are apterous, 
but some can produce sounds by rubbing the inner faces of the 
hind femora against the opposing side of the abdomen and by 
rhythmic drumming of the abdomen against a substrate, be it 
the ground, a twig, or a branch. All have a humpbacked body 
structure with very long hind legs and antennae. Some of the 
sand-dwelling species have the hind legs modified into “sand 
baskets” for digging. Some groups are wholly confined to caves 
and others are obligate burrowers; the majority, however, live 
in leaf litter of dark crevices, where they spend the daylight 
hours and emerge only on humid nights to feed on detritus 
and leaf litter. Some feed on fungi, and there is at least one 
record of a cave-dwelling species that feeds on newly hatched 
birds. One camel cricket is cosmopolitan in its distribution, 
being moved in commerce, and is said to be a pest of green- 
houses. About 350 species are known, with most species 
coming from the Indo-Australian area and Polynesia. 

Schizodactylidae The splay-footed crickets are among the 
most bizarre of orthopteroids (Fig. 1D). There are fully winged 
as well as apterous species. They are broadly expanded by the 
possession of Lobelike or digitiform processes, which enable 
the crickets to run across dry sandy surfaces with efficiency. 
One interesting feature of the group is that members that 
have been studied have lower chromosome numbers than 
most typical orthopteroids. The splay-footed crickets are 
primarily predaceous, but one is considered to be a minor 
crop pest. They occur in parts of India, Myanmar, southwest 
Asia, and South Africa. 

Anostostomatidae (Stenopelmatidae, in part of authors) 
The Anostostomatidae is a relatively recently proposed taxon 
accommodating a large range of genera formerly included in 
the Stenopelmatidae. Included here are the giant king 
crickets of Australia, New Zealand, and southern Africa. The 
odd genus Cooloola from Australia and a variety of peculiar 
genera from western North America have been placed here, 
along with an odd entity from Chile. 

This family includes the Parktown prawn, Libanasidus 
vittatus, which lives in the Johannesburg area, where it is very 
well known. Females measure in excess of 6 cm, and most 
people fear them. They enter houses and beds of sleeping 
residents at night, and their scuttling and kicking is a common 
cause of concern. Their vile-smelling feces, exuded when dis- 
turbed, contribute to the unpleasantness. Myths have arisen 
regarding this species: some people feel it is an alien invader 
or the result of a freak mutation. The notoriety of this cricket 
has been a useful vehicle for educating the public about the 
biodiversity crisis. One of the most interesting features of this 
cricket is the tusklike mandibles of males. In this respect, 
they are similar to those of the New Zealand weta. The 
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mandibles of L. vittatus serve in digging burrows as well as in 
battles with other males. 

The New Zealand tree weta of the Deinacridinae are often 
large (8 cm or more in length), secretive, and aggressive 
species. The biology of Hemideina spp. is very well known. 
Some live in tree holes in galleries initially made by beetles or 
moth larvae. Others live in natural crevices and cavities. They 
prefer living trees to dead wood. These insects are herbivorous, 
feeding on leaves, flowers, and fruit. They may scavenge 
recently killed invertebrates. They remain arboreal except for a 
short period when females descend to the ground to oviposit. 
Some species have a unique size polymorphism related to 
social behavior. There is allometric growth of the head and 
jaws, much as the Australian king crickets. Certain males have 
extra instars to gain the larger head and mandibles. There is 
a dominance hierarchy, with the largest megacephalic males 
commanding the most desirable resources, which include 
galleries and mature females. Smaller males spend more time 
defending their galleries. These males live in galleries with 
smaller apertures and have been advantaged in dealing with 
alien predators such as rats. Tree wetas are smooth and shiny, 
with contrasting bands on the abdomen. Other New Zealand 
weta live on the ground. Several species raise their hind legs 
vertical to the substrate when alarmed. With a female weighing 
50 g and measuring 7.5 cm in body length, this is one of the 
more formidable insects in defense. 

All members of the Anostostomatidae are vulnerable to alien 
predators. The large size of the adults of many species may be 
effective in battles with rats, for example, but other stages from 
eggs to moderate-sized nymphs are extremely vulnerable. As 
a result, several species are threatened with extinction. 

Stenopelmatidae 
least one authority to comprise five subfamilies, including the 


This family is now considered by at 


Gryllacridinae and Schizodactylinae. However, these groups 
are so different from typical stenopelmatids in morphology 
and biology that they are considered here as separate families. 
The remaining three subfamilies include the well-known 
Stenopelmatinae, comprising the Jerusalem crickets. This 
subfamily will be included here. The largest genus, 
Stenopelmatus, occurs in North and Central America. These 
insects are often known locally as “potato bugs” because they 
have been dug up in garden or potato fields. The derivation 
of the common name of the group, Jerusalem crickets, is 
shrouded in mystery. These insects have behavior patterns 
similar to those described for several anostostomatids. 

There may be 100 species of the genus Stenopelmatus, but 
only a handful have been described. They are all very similar 
in overall appearance and differ only in their sexual 
drumming activities. Sympatric species have different 
drumming patterns. Both sexes and nymphs can produce 
rhythmic sounds by drumming their abdomens against the 
sides of their burrows or on the surface of the ground. Some 
of the sounds are audible from 20 m distance. Surprisingly, 
the nymphs produce species-specific drumming patterns in 
their later instars. The production of these sounds may serve 
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to keep the species together and may be effective in areas 
where there are sympatric species. 

Copulation is distinctive in this group. In at least one 
species, the male rolls on his side and, if receptive, so does the 
female. Mating will not occur unless both partners “roll.” Then, 
facing in opposite directions, the male grabs one of the hind 
tibiae of the female, not damaging her, positions his hind tarsi 
near her coxae, and curls his abdomen between his and her hind 
legs toward her subgenital plate. After several minutes, the male’s 
telescoping abdomen nears the female’s subgenital plate, and he 
grasps her with his hooks. With this anchor he everts the phallic 
lobes and attacks a spermatophore with a larger spermato- 
phylax. In many ensiferans the spermatophylax is eaten, 
providing a source of nutrition for the mother and her eggs, 
the Jerusalem cricket female, however, does not consume the 
organ. Sometimes, though, the female consumes the male after 
mating; males offer no resistance to cannibalistic females. 


TETTIGONIIOIDEA This is the largest superfamily, with 
more than 6000 species. Katydids (bush crickets or longhorned 
grasshoppers) can be of economic concern at times. Some flying 
species can swarm in the manner of locusts. With the “proper” 
environmental conditions, even flightless species can build in 
numbers that can affect crops and cause serious losses. The 
most notable example in the latter category is the Mormon 
cricket (Anabrus simplex) of western North America. It damages 
a variety of crops and rangeland plants. In Australia, Asia, and 
Africa, meadow katydids of the genus Conocephalus can build 
in numbers and move in large swarms. On a local level, many 
species cause damage to rice and crops from time to time. 

On the other hand, the same species are often predaceous, 
feeding on eggs and larvae of other more important crop 
pests. In tropical regions rice is attacked by the copiphorine 
Euconocephalus sp. Phaneropterines seem to provide the major- 
ity of species that damage crops. Scudderia spp. in North 
America and Caedicia spp. in Australia both feed on the 
developing fruits and new leaves of citrus varieties. 
Phaneroptera species feed on a wide range of crops as well as 
citrus and coffee, kapok, and mimosas. Another phaneropter- 
ine, Holochlora pygmaea, feeds only on tea. Ducetia species feed 
on rice on two continents. Elimaea chloris feeds on a range of 
economic plants, the most notable of which are soybean, 
sugarcane, tobacco, and tea. The pseudophylline Chloracris 
prasina damages cacao, dadap, and rubber by its ovipositional 
habits. The widespread tropical mecopodine Mecopoda elongata 
feeds on beans, betel, cassava, castor, dadap, maize, potato, 
rice, sorghum, and tobacco. There are abundant literature 
references to “sexavae” or coconut treehoppers of two genera, 
Sexava and Segestidia. They are major pests of coconut and oil 
palm. They also feed on banana, karuka, manila hemp, and 
sago palm. With agriculture ever expanding to more remote 
areas, additional species not usually associated with economic 
damage can be expected to cause economic problems. 

Katydids are widely distributed throughout the world, but 
the majority of species can be expected in tropical regions, 


especially the New World tropics. Many species are arboreal 
or bush dwelling. Some live in reeds or grasses, and many live 
on the ground. A few species can be found in alpine regions 
far above treeline. Most species exhibit cryptic behavior, 
especially during the daytime when they are inactive. Other 
species are aposematic and display warning colors. These 
species are primarily diurnal in their habits. Immature stages 
(nymphs) of some species mimic wasps, ants, beetles, bugs, 
and spiders. Ancestors of katydids probably were predaceous, 
but this role is minor among the extant forms. The majority 
feed on foliage, flowers, and seeds or are omnivorous. 

Haglidae (Prophalangopsidae of authors) The ambidex- 
trous crickets or hump-winged crickets comprise a single living 
family that is divided into two subfamilies. One subfamily, the 
Prophalangopsinae, consists solely of the species Prophalangopsis 
obscura, represented by a unique specimen, which is recorded 
from northern India. The specimen is fully winged and appears 
to resemble a mixture of a tettigoniid and a gryllacridid. The 
second subfamily, the Cyrtophyllitinae, is represented by two 
living genera. All species are ground dwelling and live in 
coniferous forests, where they ascend tree boles after dark to 
broadcast their loud stridulations. 

Tettigoniidae The katydids, bush crickets, and long- 
horned grasshoppers differ from the Haglidae by having a 
more advanced stridulatory specialization. Many subfamilies 
are recognized, with several having been escalated to family 
rank as a result of recent investigations. Following the pattern 
adopted at the beginning of this article, these controversial 
changes are not recognized here. 

The “primitive” katydids have been considered to be those 
in which the antennal attachment to the head is low on the 
head, that is, below the halfway point of the eyes. But this 
placement is open to interpretation, and it is often difficult 
to determine just where the critical position is. As a result 
some “primitive” katydids may not be primitive at all. Some 
of the more notable subfamilies are highlighted here. 

The Bradyporinae is represented by a single genus found in 
the eastern Mediterranean as far as Iran. The Ephipperinae are 
represented by eight genera, mostly of Mediterranean origin. 
The Hetrodinae contribute 13 genera in Africa that often occur 
in aggregations. In some species both sexes can stridulate. They 
are characterized by a spiny appearance. The Acridoxeninae or 
dead-leaf katydids, are remarkable insects. The group is 
represented by a single genus with two species in equatorial 
West Africa, where they are apparently found on spiny plants. 

The Phaneropterinae, or leaf katydids, bush katydids, or lyre 
bush crickets, is the largest assemblage of genera in the family. 
It has been accorded family status by some investigators. About 
2000 species are known, distributed throughout the world, but 
the majority of species are in tropical climes. Many species are 
involved in mimicry complexes. Most nymphs resemble foliage 
or plant parts, but many are mimics of ants, bugs, spiders or 
cicindelid ground beetles. 

The Pseudophyllinae, true katydids or bark crickets, include 
giant fully winged, leaflike species (with wings spanning more 


than 20 cm) and smaller, micropterous ones. Most species are 
splendid examples of twig, foliage, and bark mimicry. With 
some species that resemble leaves, transparent holes and 
irregular, “bitten” pieces, and even colors resembling fungus or 
lichens are not uncommon in this group. About 1000 species 
are known in 250 genera with the majority in the New World 
tropics. The species that provided the name “katydid” is a 
member of this subfamily. All known species are phytophagous, 
and all known species use the often large falcate ovipositor to 
deposit eggs in plant tissue, either in bark, twigs, or dead wood. 
Some species have unusual lifestyles. A Mexican species of 
Pterophylla has been observed crossing a stream underwater. A 
species of the southeast Asian genus Callimenellus occurs in 
marine littoral rock crevices. 

The Microtettigoniinae are represented by a single genus, 
Microtettigonia from southern Australia. These are minute 
(males as small as 5 mm) micropterous diurnal katydids that 
are extraordinarily fast moving. They live in grasses and lilies, 
and they seem to feed on floral parts. 

The Conocephalinae is a large cosmopolitan group that 
comprises at least four tribes with more than 1000 species. The 
Gondwanan-distributed Coniungopterini is represented by 
three genera: two occur in Australia and New Guinea, and a 
third is found in Chile. The genus Conocephalus is represented 
by more than 50 species in Australia alone. They are small, agile 
katydids with a relatively broad, blunt fastigium. They are 
similar in appearance and habit and often occur in large 
numbers. Some species are diurnal, others nocturnal, and still 
others are active both day and night. Conocephalus species can 
be of economic concern at times. At least one species has been 
distributed through commerce. 

Other genera have a much smaller number of species and 
are widely distributed. The Copiphorini are often associated 
with grasses, where their slender, bladelike appearance renders 
them almost invisible as they perch on the stems. The species 
associated with grasses and reeds feed largely on the floral 
parts of the host plants, preferring seeds. The mandibles are 
unusually strong, and this is an adaptation for seed pre- 
dation. The buzzing calls are familiar sounds to most residents 
and visitors to appropriate habitats on all continents, but few 
people have ever seen the producers of the sounds they 
frequently hear because of the insects’ secretive and cryptic 
habits. Thus many attribute their sounds to cicadas. The 
other subfamily, the Agraeciini is a disparate assemblage that 
most likely comprises a number of higher taxa. Members of 
this group have an extraordinary size range, with some of the 
world’s most robust species represented. 

The Mecopodinae or Kutsuwa bush crickets are usually 
large (some species have wingspans > 20 cm), and most species 
are fully winged and resemble either dead or living leaves to a 
remarkable degree. Others are short winged or wingless in at 
least one sex. Females sometimes stridulate. Most species are 
confined to the Old World. The subfamily is represented by 
two tribes, the Mecopodini and Moristini (Sexavini). Members 
of three genera are called coconut treehoppers because of the 


Orthoptera 833 


damage they cause to coconuts. Some species of this subfamily 
are kept in cages in Asia for the songs they produce. 

The Phyllophorinae, or giant leaf katydids, are among the 
largest of all tettigoniids, with wingspans great than 25 cm. 
Some 10 genera and 60 species are known, mostly from the rain 
forests of Indo-Malaysia, New Guinea, and northern Australia. 
They are related to the mecopodines and the phaneropterines. 

The Phasmodinae, or stick katydids, are wholly confined to 
southwestern Australia. They occur in winter and spring and 
are largely gone as the hot days of summer approach. They are 
very elongate and wingless in both sexes. They can cause 
economic concern when they feed on wildflowers in plantings 
in parks adjacent to natural areas. The remarkable resemblance 
to Phasmatodea is one of the most striking examples of 
convergence in the orthopteroid insects. 

The Zaprochilinae, or pollen- and nectar-feeding katydids, 
are represented by four genera comprising 17 species from 
Australia. They are usually gray, setose, soft-bodied insects, and 
some species are fully winged, with the tegmina held at an angle 
and rolled; some species are micropterous in males and wingless 
in females. Kawanaphila species have been important study 
organisms in studies of sexual selection. 

The Tettigoniinae, comprising shield-backed katydids, wart- 
biters, or great green grasshoppers, is one of the largest and 
most widespread of tettigoniid subfamilies, with the majority of 
representatives in temperate climes of both hemispheres. The 
common name, shield-backed katydids, is derived from the 
development of the pronotum, which is often extreme. While 
most are predaceous or specialized feeders, the Mormon cricket 
(Anabrus simplex), the Coulee cricket (Peranabrus scabricollis) of 
North America, and Decticoides brevipennis of Africa can occur 
in large numbers during favorable years, causing enormous 
damage to crops. The wart-biter (Decticus verrucivorus) was 
used during the Middle Ages to “cure” warts by allowing the 
aggressive insects to bite them off. Perhaps a substance in the 
insect’s saliva contributed to the cure. The subfamily is diverse 
in form, ranging from among the smallest of tettigoniids to 
some of the largest. Fully winged and micropterous (Fig. 1E) 
species are known. 

The Onconotinae are unusual micropterous katydids living 
in shrubbery. The Saginae is a small but characteristic subfamily 
of voracious predators or large insects. Four genera are 
represented, all from the Old World. Saga species can enter a 
cataleptic state characterized by complete immobility lasting 
some 20 min followed by a slow recovery. The function of this 
behavior is unknown. 

The Austrosaginae comprises five genera, some of which 
use the powerful mandibles to crack seeds and feed on fruits. 
Listroscelidinae is a disparate assemblage of genera, many of 
which will probably be moved to other subfamilies when the 
group is fully revised. All species appear to be predaceous, 
some nocturnal and others diurnal. Some of the world’s most 
spectacular katydids are members of this subfamily. Many are 
capable of delivering a painful bite when handled. The center 
of distribution for this group seems to be Australia. 
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The Meconematinae, or oak crickets or swayers, are small 
greenish-yellow katydids that are mostly diurnal; their dis- 
tribution is tropical or subtropical. The notable exception is 
Meconema thalassinum, which occurs in Europe and Asia and 
has been introduced into the eastern United States. These 
delicate katydids have large eyes on the top of an unusual 
heart-shaped head. The few observations that have been 
made record the katydids catching their small prey on the 
“jump,” in midair. This is not the manner used by phisidine 
katydids to secure their prey. The meconematines have been 
confused with the Phisidini of the Listroscelidinae, which, 
although somewhat similar in appearance, have an entirely 
different lifestyle. The phisidine species are nocturnal preda- 
tors and have typical listroscelidine eggs. Eggs of mecone- 
matines are incredibly large for the size of the katydid and 
can be seen through the thin integument of the female. They 
are laid in decaying wood or other plant tissue, such as galls 
made by wasps, with the flattened, hard cap protruding from 
the substrate. The Tympanophorinae, or timbrel bush crickets, 
comprise a single genus confined to temperate Australia. The 
tegmina are unique in that some species, bear four kinds of 
stridulatory teeth on an expanded “rib.” There is evidence 
that soft structures on the rib may provide openings for a 
lubricant or a substance released from a chamber or reservoir 
beneath it. This feature is probably associated with the 
unusual reproductive biology of species. In other tettigoniids, 
females are drawn to stridulating males, or answer them with 
their own calls, and the pairs are eventually brought together. 
The situation must be different in the tympanophorines, 
since the females are flightless and incapable of producing 
sounds. Male stridulatory behavior is unusual: they sing from 
perches for a short time and then fly 30 m or more to another 
perch and continue their song. How a flightless female can 
attract the attention of the transient male is unknown. All 
tympanophorine species are nocturnal and predaceous. They 
use the short forelegs to capture small-insect prey. 


GRYLLOIDEA The true crickets and mole crickets range 
in size from less than 1 mm to more than 6 cm. Most species 
possess “ground colors,” and few green forms are known. 
This is an adaptation to living on or in the ground. 

The Grylloidea can be divided into a few very unequal 
families. More than 350 genera are known, encompassing 3000 
species that comprise the Gryllidae, only about six genera and 
some 70 species comprise the Gryllotalpidae, and only a few 
species are known in the Myrmecophilidae. Although the 
majority of species are tropical, large numbers occur in all the 
temperate parts of the world. All terrestrial habitats seem to be 
inhabited except the highest mountain peaks. A few species can 
“skate” on water surfaces, and several live in mangrove swamps, 
where they use the stems to submerge themselves in saltwater 
when danger threatens. Many species burrow deep into the 
ground and seldom emerge. Others are blind, lack pigmenta- 
tion, and live deep in subterranean caves. A number of species 
are commensal, living with rodents, ants, termites, and even 


mankind. Eggs are laid singly and deposited in the ground or in 
plant tissue such as decaying wood or grass stems. 

Many crickets are crop pests, and population explosions 
sporadically occur with devastating results. Invasions of 
human habitations by crickets cause angst owing to the 
interminable chirping. Crickets around the world, have been 
known to ravage foods and furnishings. 

Several radical classifications have raised “classical” sub- 
families to familial status. However, the boundaries between 
these taxa are often unclear and a broader, more classical view 
is adopted here. 

Gryllidae 


of the superfamily. Body size can range from less than 5 mm to 
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more than 50 mm. The family has been divided into a number 
of subfamilies, and various classifications elevate some of these 
taxa to family level. The Gryllinae contain the crickets known to 
almost everyone. There are more than 550 species in more than 
75 genera known from all parts of the world. Field crickets and 
house crickets belong to this group. Almost all species live on the 
ground, and some construct elaborate burrows that are often 
modified to amplify sound production. The house cricket, 
Acheta domesticus, can be considered to be domesticated insect. 
It is used in commerce as a food for mammals, birds, and rep- 
tiles, and seems unable to exist for any length of time in nature. 

Several cricket species are kept, mostly in Asian countries, 
for the songs they produce. They are the source of a rich 
folklore and are regaled in poetry and song. Fighting crickets 
are an important part of the social scene in many Asian 
countries. A number of the subfamilies are highlighted shortly. 
The short-tailed crickets, a group that is quite prominent in 
Asian culture, are notable for the extensive galleries they make. 
There are brood chambers where the young are looked after. 
Several species cause damage to crops by feeding or destroying 
the roots of the plants. Some authors have accorded them a 
subfamily of their own, Brachytrupinae, but the differences 
between them and the Gryllinae are small, and they are 
probably best regarded as a separate tribe, the Brachytrupini. 

The Nemobiinae, or pygmy or dwarf crickets, comprise 
more than 200 species and, as the name suggests, are small. 
While most forms are winged, there are many apterous species 
only a few millimeters in body length (Fig. 1G) that can easily 
be mistaken for nymphs of other species. Several genera exist 
in marine habitats. A number of genera in several parts of the 
world are adapted for life deep in caves and lava tubes. The 
majority of species live on the ground, often in moist habitats. 
Their numbers can be incredible in certain situations. Both 
diurnal and nocturnal species are known. 

The Trigonidiinae, or leaf-running or sword-tailed crickets, 
are small, ground-dwelling or bush-dwelling crickets that are 
usually diurnal. They are active and often brightly colored. 
Some have a metallic sheen. Many species mimic spiders, ants, 
or wasps to mask their edibility. 

Eggs are deposited in stems and bark. More than 300 
species are known in more than 25 genera. Many genera are 
cosmopolitan or at least occur on more than one continent. 


Preferred habitats are in rank vegetation, including shrubs, 
grasses, and small trees, but several genera occur in leaf litter. 
One genus with long tibial spurs can skate over water. 

The Eneopterinae or bush crickets are small to medium- 
sized slender crickets. There is a range of color in this group 
depending on the habitats occupied. About 100 genera with 
more than 500 species are known, with the majority of species 
in the tribe Podoscirtini. Most of the many endemic crickets of 
Hawaii are in this subfamily. Most examples are from the 
tropics, with only a few making it to the temperate climes. 
These crickets usually live in shrubs, trees, herbaceous 
vegetation, or grasses. A small number can be found in leaf 
litter. Virtually none are of economic significance. 

The Phalangopsinae, or spider crickets, are long-legged, 
rather flimsy crickets that are often gregarious in habit. The 
subfamily comprises more than 60 genera and 300 species, with 
the majority in the Old World tropics. Some species occur on 
the ground or in tree holes or decaying logs. Large numbers live 
in caves, crevices, or in the cavities created by large animals. 
Similar habitats afforded by dams, bridges, and buildings 
attract these crickets. True cave crickets belong to this sub- 
family. The cheerful songs of oriental species are prized, and 
these crickets are often kept in cages for such reasons. 

The Sclerogryllinae, or stiff-winged crickets, are represented 
by only a single genus and several species. These crickets occur 
in Africa and southern and eastern Asia, where they live in leaf 
litter. The Pteroplistinae, or feather-winged crickets, are 
represented by three genera and only seven species. The 
Cachoplistinae are sometimes called beetle crickets because 
members of at least one species strongly resemble small beetles. 

The Mogoplistinae, or scale crickets, are a widespread and 
often common assemblage of small flattened species, all of 
which are covered with minute scales. About 15 genera are 
known, comprising nearly 200 species. They are very 
widespread, with the majority of species in the Old World 
tropics. Many species live on the leaf surfaces, and there is an 
abundance of species that live in leaf litter. A single European 
species is considered to be intertidal. One tribe is known to be 
associated with rodent burrows. Both nocturnal and diurnal 
species are known. They are mostly small, ranging from 1.0 to 
20 mm. The beautiful tones and sequences of the male song are 
valued in the Orient, and several species are kept in cages and 
sold in market for their songs. 

The Oecanthinae, or tree crickets, are often given familial 
status. This subfamily has a worldwide distribution, but only 
seven genera and many species are known. Their nocturnal calls 
are well known to many people, although the insects themselves 
are seldom seen by humans. Some males utilize holes in leaves 
to amplify and direct their songs. They are kept also in cages in 
Asian countries because of the melodious songs they produce. 
Tree crickets are both beneficial and important local crop pests. 
Nymphs are often predaceous, feeding on a variety of insects, 
including aphids and scales. At times females oviposit in 
developing fruit and have been involved in transmitting plant 
diseases. Tree crickets have a characteristic appearance (Fig. 1H) 
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and are usually pale greenish white, ranging from 1.0 to 1.5 cm 
in length. 

Myrmecophilidae The Myrmecophilidae, or ant crickets, 
are minute, scale-covered, wingless crickets. There are five 
genera in this small family, with about 50 species found 
throughout the world, although most are known from tropical 
and subtropical regions. They are associated with ants, often 
living in the nests with them or following them along their 
trails. Some species have a wide range of hosts; others are 
known from only one species. Their commensal relations are 
unclear, but they seem to be unable to live independently for 
any period of time. A few species exist with termites. Some 
species seem to be parthenogenetic. Eggs are relatively large for 
the size of the female producing them. They are robust crickets 
that live in association with ants. 

Gryllotalpidae 


with about 60 species worldwide. Most species are found in the 


The mole crickets comprise five genera 


cosmopolitan genus Gryllotalpa. Mole crickets use the extraor- 
dinarily developed forelegs for digging deep, permanent galleries 
and foraging for plant roots. Some mole crickets are known to 
collect seeds and store them in larders in circular chambers 
underground for future use. Some species brood eggs in cham- 
bers, and in many species both sexes stridulate. The calling songs 
are often of short duration and very loud. The horn-shaped 
entrance chamber of the burrow is used differently by different 
species to increase the male’s acoustical output. Most species are 
herbivorous, but a few are carnivorous. Several cause major 
damage to crops by feeding on roots, on seedlings, or both. 


Suborder Caelifera 


The short-horned grasshoppers and locusts and their relatives 
comprise the large and well-known suborder Caelifera. 
Rarely, this group is treated as a separate order. 

Most caeliferans are diurnal, but increasingly investigators 
are discovering that many species are active both day and night. 
Males of many species stridulate in bright sunshine; rarely, 
those of others sing on warm nights. Although primarily 
tropical, many species occur in all parts of the world. Some are 
semiaquatic, and only a few are true burrowers. Almost all 
species feed on plant material, but many feed on dead members 
of their own or other species. None are commensal. Aposematic 
coloration is a feature among many species. 

Copulation in the Caelifera is rather uniform, with the male 
clinging to the back of the female for a considerable period of 
time with the spermatophore elongated and occupying the 
female’s genital tract. There is no visible external 
spermatophylax. Eggs are laid in pods or oothecae that are 
enclosed in a reticulate membrane and covered by a foamy 
secretion that dries out eventually. Eggs of most species are 
deposited directly into the ground, but others lay in plant tissue 
or in cracks in bark. 

Many species are disposed to gregarious behavior and swarm- 
ing, with locusts offering the best example of this behavior. 
All true locusts are placed in the Caelifera. However, many 
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other species not properly designated locusts can become 
extraordinarily numerous and cause great damage to crops 
and other vegetation. Many species are eaten in Asia and 
Africa, usually fried. Many others are dangerously poisonous, 
and deaths have been recorded from eating these insects in 
Africa. After fires, the predominant colors among nymphs are 
dark, often black. This characteristic, called fire melanism, is 
found in almost all grasshoppers in all areas. The time span 
for these changes is extremely short. However, some surviving 
adults that become very dark after a fire produce nymphs 
that show little or no melanism. 

The more than 2000 genera and 11,000 species comprising 
the Caelifera are arranged in superfamilies, suborders, or infra- 
orders depending on the classification followed. Here they are 
regarded as superfamilies and are as follows (Fig. 1): Acridoidea, 
Eumastacoidea, Pyrgomorphoidea, Tanaoceroidea, Pneumo- 
roidea, Trigonopterygoidea, Tetrigoidea, and Tridactyloidea. 


ACRIDOIDEA (SENSU LATO) The grasshoppers and 
locusts comprise the largest superfamily of the suborder 
Caelifera. More than 8000 species in more than 1500 genera 
are known worldwide. Adults range in size from less than 1 
cm to more than 25 cm. 

Many grasshoppers have a disparity in size between males 
and females, with the former being much smaller than the 
latter. In many species males ride “piggyback” on females, not 
always copulating but “protecting” their prize and defending 
their potential progeny from other males with similar intent. 

Grasshoppers have a short, almost invisible ovipositor. 
The eggs are laid in a pod covered by a protective coating, 
Many species oviposit on grasses, wood, and other plant 
tissue. A North American species has been observed oviposit- 
ing in dry buffalo dung. A number of species, especially 
locusts, utilize “lekking sites” to oviposit. Large numbers of 
females lay in the same place year after year. Knowledge of 
such behavior can be valuable in planning the control of pest 
species. Many grasshoppers take advantage of walking tracks 
or nonpaved roads for such activity. In oviposition, the 
female uses muscular contractions to extend the abdomen 
into the ground, often telescoping many times its length. The 
digging process also is performed by contractions and is 
aided by the teeth at the end of the abdomen. In tropical 
species the eggs can hatch in 3 to 4 weeks. In temperate 
species the eggs enter a period of diapause and hatch later. In 
some species, only a portion of the eggs hatch the following 
year, with the remainder hatching over a period of years. This 
serves as a “safety valve,” ensuring that the species survives in 
periods of unfavorable weather. Upon hatching, the vermiform 
larva wriggles to the surface of the soil and upon reaching the 
surface, molts into the miniature form that will eventually 
become the adult. Nymphs undergo a series of approximately 
six molts, each one resembling more and more the adult in 
color pattern and shape. Gregarious grasshoppers illustrate 
synchronized molting, with all nymphs shedding their skins 
within hours of one another. 


Locusts are species that occasionally form dense migratory 
swarms. These are often so large that they cross oceans but most 
occur in inland regions. Worldwide, more than 20 species from 
several subfamilies of Acrididae form migratory locust swarms. 

The number of families depends on the classification 
followed. The scheme followed here (Fig. 1A) reflects the 
latest molecular attempts to establish a phylogenetically 
based classification based on defensible evidence. 

Pamphagidae 
larger, sluggish grasshoppers often resembling stones and 
bark. They have an array of body shapes (Fig. 11). The family 
has an Old World distribution with the majority of species 
occurring in Africa and a few in Europe and Asia. It is absent 


The Pamphagidae comprises generally 


from Australasia. 
Lentulidae 
“nymphlike” grasshoppers and range in size from 8 to 25 mm 


The lentulid grasshoppers have been called 


in body length. These (Fig. 2A) grasshoppers are wingless. 
They occur in southern, eastern, and central Africa. Most 
species live in bushes, and at least one species causes feeding 
damage to nursery stock. One species prevents a weedy shrub 
from becoming a pest. 

Pauliniidae 
are small to medium-sized species with a smooth body 


The Pauliniidae, or aquatic grasshoppers, 


integument. This family is known only from South America. 
Although other grasshoppers are aquatic, these grasshoppers 
are more wholly aquatic than any others. They can skate on 
the surface or dive and swim beneath it. Eggs are laid on the 
submerged parts of water plants. Their terrestrial behavior 
seems to be mostly nocturnal. They feed on aquatic plants 
and one species, Paulinia acuminata, has been introduced 
into Africa for the control of Salvinia. 

Tristiridae 
pers, are small to moderate in size. The body shape is variable, 


The Tristiridae, or Andean wingless grasshop- 


but the integument is always wrinkled and the color brown or 
grayish. The family has three subfamilies found only in the 
mountains of Cordilleran and Patagonian South America. They 
are found at high altitudes (2800-3000 m). Their protective 
coloration renders them almost invisible on pebbles and gravel, 
but aside from that nothing is known of their biology. 

Ommexechidae The Ommexechidae are called South 
American toad-hoppers. The family includes 12 genera with 
some 30 species, all from South America. They live on the 
ground, inhabiting “coarse” vegetation in dry, sandy, or stony 
areas. They are of no economic importance. 

Romaleidae 


regarded as a subfamily of the Acrididae in most older works. 


The Romaleidae, or lubber grasshoppers, are 


Recent molecular investigations, however, show that full family 
status is more appropriate. These grasshoppers are moderately 
large to very large in size and are often very colorful. The family 
has about 200 species in three subfamilies with the majority of 
species found in the Americas. A small number of examples 
occur in the Old World, in India, Afghanistan, Iran, and 
eastern Africa. They are notably absent from Africa and 
Australia. They occur in many habitats from desert to tropical 
rain forest. Some live on the ground, closely resembling stones 





FIGURE 2 (A) A lentulid grasshopper, Lentula callani from Africa. [From Dirsh, 
V. M. (1975). “Classification of Acridomorphid Insects.” Classey, Faringdon, 
U.K_] (B) Oedipoda miniata, now considered to be in the Acridinae, but many 
experts prefer to include it in a separate subfamily, Oedipodinae, with many 
other species. [From Dirsh, V. M. (1975). “Classification of Acridomorphid 
Insects.” Classey, Faringdon, U.K.] (C) Flying gooseberry, Bullacris unicolor, 
male; tegmina and wings absent from females. [From Dirsh, V. M. (1975). 
“Classification of Acridomorphid Insects.” Classey, Faringdon, U.K.] (D) Cota 
saxosa, a Peruvian species. Note flanges on legs and pronotum. [From “Genera 
Insectorum.” (1906). Vol. 48.] (E) Bruntridactylus tartarus. Note fan-shaped 
hind wing. [From Saussure, H. (1874). “Voyage au Turkestan, Orthoptéres.”] 


or “toads”; others are found in bushes, and still others high in 
trees. Many species show aposematic coloration, if not in the 
adult stage, then as nymphs. Some species can produce a hissing 
sound when disturbed, and bubbles can be produced from 
spiracles when the insects are greatly disturbed. In many aspects 
of both appearance and behavior, these grasshoppers resemble 
the pyrgomorphs. Few romaleines, however, are associated with 
grasses or sedges. The lubber grasshopper, Brachystola magna, of 
the southwestern United States, can be a serious road hazard 
when killed by automobiles. Their crushed bodies have caused 
cars to skid and accidents have occurred. The largest of 
grasshoppers occur in this family. The tropical American genera 
Titanacris and. Tropidacris normally feed on vines, but at times 
they can become pests of plantations by defoliating plantation 
trees. They are called “giant locusts,” but they are not really 
locusts at all because they do not form swarms. 
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Lathiceridae The Lathiceridae have been called desert 
gravel-hoppers. They are another peculiar small group 
known only from Africa. There are only four genera and five 
species, and nothing is known of their biology except that 
they burrow in sand and spend considerable time 
underground. They strongly resemble pebbles. 

Pamphagodidae The Pamphagodidae (Charilaidae) are 
called the twin-keeled grasshoppers because of the parallel 
longitudinal carinae in the surface of the pronotum. There 
are four genera, comprising only five species, in this very 
small group from Africa. 

Acrididae 


pers, comprise the largest family of the suborder, and a full 


The Acrididae, or true locusts or grasshop- 


range of most of the features already described can be found 
here. Species range in size from less than 5 mm to more than 
12 cm. The body form reflects grasshopper’s role in the 
habitat. Short, stout, stone- or toadlike species are known, as 
well as stem- or twiglike grasshoppers. The colors span the 
complete range for the order, with browns or earth colors 
predominating. 

Grasshoppers occur everywhere that orthopteroids are 
found. Many of the higher groups have restricted 
distributions, but the majority of species are tropical. Until 
recently, around 17 subfamilies were recognized, with more 
than 1500 genera. The characteristic songs are produced by 
males to attract females. Since these grasshoppers are primarily 
diurnal, color and behavior play important roles in species 
recognition. Some species have more than a dozen movements 
necessary for mate recognition. Elaborate colors and patterns 
and modifications of body pairs are associated with this 
behavior. But not all courtship occurs during the day. Some 
groups mate under the cover of darkness and rely on chemical 
clues to find mates. With these species, color is mostly 
protective, and bright colors are associated with aposematic 
features. Grasshoppers have a worldwide distribution and 
extend into some of the very cold regions of north and south. 
In this respect they occupy more territory than the Ensifera. 
Only a few subfamilies can be highlighted here. 

The Oxyinae include many species associated with water 
and grasslands. Oxya japonica, one of the most destructive 
grasshoppers in rice in Southeast Asia, does only minimal 
damage in Australia. Bermiella acuta from Australia occurs on 
sedges, rushes, and grasses near the water and has adaptations 
for aquatic life such as dense, water-excluding patches of 
hairs on the distal abdominal sterna and tegmina, and an “air 
chamber” formed by the doming of the costal area of the 
tegmen over the first abdominal spiracle. 

The Gomphocerinae are an important component of the 
acridid grasshoppers. The songs of stridulating males are a 
summertime characteristic in the meadows of the Northern 
Hemisphere. Several species of the same genus may occupy 
similar habitats and have similar feeding habitats. The calling 
songs of the respective species are different and serve as 
isolating mechanisms. Females are attracted only to the males 
that perform the calls of their own species. 
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The Catantopinae, or spur-throated grasshoppers, comprise 
many species (84% of the fauna in Australia). Some are very 
colorful. Many catantopines produce no audible sound, but 
some perform drumming actions on their host plants with the 
hind legs, thereby announcing the presence of a mate without 
the need of acoustical amplification. The responding members 
of the opposite sex merely move to the point of the drummer 
to consummate the union. A few other species produce a soft 
sound by rubbing the mandibles together. This can serve two 
functions. Some do this only when grasped, a startling reaction 
that might cause a would-be predator to drop the grasshopper. 
Others produce a similar sound from perches in shrubbery, 
obviously as an attractant to potential mates. 

The Cyrtacanthacridinae, or large spur-throated grasshop- 
pers, comprise some of the world’s most important locust 
pests. Valanga irregularis from Australasia is one of the world’s 
largest grasshoppers. It feeds on the leaves of trees and shrubs 
and can cause damage to fruit, nut, and plantation trees. 
Grasshoppers and locusts of the genus Schistocerca are 
members of this subfamily. 

The Acridinae is a large group (Fig. 2B) with a worldwide 
distribution. Several locusts are included. Many are colorful and 
have brightly colored hind wings and slanted heads. This group 
contains some of the most phylogenetically advanced grasshop- 
pers. Australia’s most important locusts pest, Chortoicetes 
terminifera, is a member of this subfamily. The plague locust, 
Locusta migratoria, is also a member of the Acridinae. 


TANAOCEROIDEA ‘This superfamily includes a single 
family, the Tanaoceridae. Once considered to be related to 
both the eumastacids and xyronotids, the family Tanaoceridae 
comprises two genera with a few species from the deserts of 
western North America and Mexico. Members of Mohavacris 
have been found on sagebrush (Artemisia tridentata), where 
they closely resemble the bark of the thick stems. Tanaocerus 
species occur on the ground or on shrubbery. Both genera are 
nocturnal and are active on the cold nights of winter. Eggs are 
apparently laid in the ground and hatch in early autumn. 


PYRGOMORPHOIDEA This superfamily now includes 
only the Pyrgomorphidae, comprising a most diverse assemblage 
of genera. The size and shape of the grasshoppers is extremely 
variable, but the head has a characteristic fastigial furrow. The 
family comprises some 30 tribes, and two, at the most, sub- 
families are recognized. The family is mostly tropical, with the 
greatest number of species being from Africa and Madagascar, 
but the greatest diversity of genera is from the Australasia. In the 
Americas, the family is represented only in Mexico. 

Pyrgomorphs live on bushes, herbage, grasses, and sedges 
and on soil and sand. Although many are camouflaged and 
show adaptation in body shape with twigs, grasses, leaves, and 
so on, many are stunning examples of aposematic coloration. 
They perform impressive displays when annoyed or threatened. 
Several species eject irritant fluids or a foamy froth when 
irritated. Not only are some of these substances toxic to 


mammal, birds, and reptiles, they are poisonous to humans. 
The majority of species oviposit in the ground like other 
grasshoppers, but some have been observed ovipositing in 
rotting logs, epiphytes and, most likely, the soil in trees caused 
by the presence of epiphytes. A few species are facultatively 
aquatic. Many species are gregarious, especially in the juvenile 
stages, and move together in the manner of locusts. At times 
they cause damage to crops but, in general, they are not pests. 


PNEUMOROIDEA The bladder hoppers, or flying goose- 
berries, comprise a single, most peculiar family, the 
Pneumoridae. They are usually large with some species reaching 
10 cm or more in length. The body shape of males is charac- 
teristic (Fig. 2C), that of females more resembling a normal 
grasshopper. The major part of the abdomen in males forms a 
huge, inflated, resonating chamber that is highly translucent. 
Females produce sounds but in a different way. Biological 
observations made more than 200 years ago indicate that males 
produce a loud noise after dark from shrubs in dry habitats. The 
sound, with its deep resonance, is often mistaken that of for a 
larger animal such as a bullfrog. There are two subfamilies with 
nine genera and some 20 species. They are all confined to south- 
ern and eastern Africa. They are of no economic importance. 


EUMASTACOIDEA The Eumastaciodea consists of two 
families, the Proscopiidae and the Eumastacidae. Both have 
short antennae and an angular head that often appears too large 
for the body. Most species are wingless, but there are winged 
species that often resemble damselflies. The proscopiids, or false 
stick insects, are readily distinguished by elongate and twiglike 
appearance. They have an exaggerated head that appears too 
large for the body. All species are wingless, and some can be 
quite large (2.5-16.5 cm). Sixteen genera are all confined to 
South America. 

The Eumactacidae, or monkey grasshoppers, is a much larger 
group. Many subfamilies have been recognized with hundreds of 
species. Some of these taxa have been regarded as separate 
families in some publications. Most species are small, with the 
body seldom exceeding 4.5 cm. Many are wingless, but there are 
many Old World forms that are fully winged and readily fly. 
Most species have a characteristic way, shared with the pro- 
scopiids, of sitting, exposed, with the hind legs splayed akimbo. 
They are diurnal and readily fly in the sun, and they resemble 
damselflies in several respects. Eumastacids feed on a variety of 
plant types ranging from grasses and sedges to desert shrubs and 
ferns in Old World rain forests. Probably the majority of species 
are nocturnal. 

The Australian endemic subfamily, Morabinae, comprises 
41 genera with 243 species. They are elongate, matchsticklike 
plain brown or green grasshoppers that do not sit with legs 
akimbo. They live on a wide variety of plants and are often 
very localized in their distribution. A fossil species of the extant 
genus Erucius, of the Eruciinae, has been discovered in 
Oligocene deposits in western North America. Present-day 
species in this genus are found in Malaysia and the Philippines. 


servers deployed at the distributed site, while others could be in the central data 
center or close to Internet peering points. The selection of the site for the SGi func- 
tions is carried out by the central orchestration system, which steers traffic into ser- 
vice chains on a per subscriber, application, bearer, device or combination basis. 


Figure 10: Distributed User-Plane at Edge Data Centers 
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This model of discrete control- and user-plane functions is expected to be funda- 
mental to 5G and the NG Core. In this sense, CUPS can be viewed as an important 
part of a 5G-ready investment strategy. 


A 5G-Ready Core Is Now a Priority 


The industry now has a reasonable view of 5G service requirements, and progressive 
operators with aggressive deployment timelines are now working to prepare their 
networks for rapid deployment of 5G when equipment is available. This is driving 
investment in the critical IP services network needed to connect the edge cloud 
locations that will run 5G network functions, content and services. 


On the mobile core side, development of cloud-native, service-orientated core net- 
works for advanced 4G and 5G networks is underway. Network slicing provides a 
conceptual bridge between 4G and 5G investment and facilitates a faster insertion 
of new services into the network. Similarly, CUPS provides a reference for NG Core 
and the new 5G network architecture. With a 5G-ready technology strategy, oper- 
ators can prepare for 5G service launch in a way that optimizes their investment in 
next-generation IP and mobile core platforms over the next three years. 





HEAVY READING | SEPTEMBER 2016 | WHITE PAPER | DESIGNING 5G-READY MOBILE CORE NETWORKS 13 


HEAVY 


READING 


TRIGONOPTERYGOIDEA This superfamily comprises 
two families: Trigonopterygidae and the Xyronotidae. The 
Trigonopterygidae are now not believed to be related to the 
pyrgomorphs or pneumorids (Fig. 1A). They have been called 
broad-leaf bushhoppers. There are two subfamilies. The group 
is confined to Asia, and several of the species occur in Borneo, 
where they live on the ground in dead leaves they resemble. 

The Xyronotidae, or razor-backed bushhoppers, comprise 
a single genus with only two species with no known relatives. 
These grasshoppers live on the ground in leaf litter and have 
continuous generations. They are found only in Mexico. 


TETRIGOIDEA This suborder contains the grouse locusts 
or pygmy grasshoppers. These are small usually gray, black, or 
mottled grasshoppers seldom exceeding 20 mm in body length 
(Fig. 2D). Depending on the classification, there are two families, 
or one family and many subfamilies. About 1000 species are 
known in 185 genera, with the majority of species in the 
Tetriginae. Most species live on the ground, most often on 
moist ground or along streams and ponds, where they feed on 
algae and diatoms. Members of the tribe Scelimini have 
members that are fully aquatic and can swim effectively 
underwater. In tropical climes some species are arboreal and 
live among lichens and mosses in tree buttresses or even higher 
in the canopy. Eggs of the terrestrial species are laid in the soil 
and bear a peculiar terminal filament that is directed upward 
when the eggs are laid. They are mostly of little economic 
concern, although some species are said to feed on rice. 


TRIDACTYLOIDEA This small group contains some of 
the most bizarre of the orthopteroids. The pygmy mole 
crickets, pygmy sand crickets and mud crickets, and sand 
gropers are peculiar in a many respects. They range in size from 
less than 4 mm to more than 80 mm. Three families are 
recognized. The Tridactylidae and Rhipipterygidae are more 
closely related to one another than to the Cylindrachetidae. 

Tridactylidae and Rhipipterygidae The tridactylids 
and rhipipterygids are small, usually variegated black, 
yellowish, or reddish minute cricketlike insects (Fig. 2E). The 
two families comprise about 210 species in 11 genera. 

Most of the tridactylids and rhipipterygids are associated 
with damp habitats. They seem to be gregarious, and those 
that live in these situations can construct “nests” out of mud 
and debris to spend the night or to “hibernate.” Many are 
active swimmers. There is another group that is arboreal, 
living on leaf surfaces in tropical climes, where they feed on 
the rain of particulate matter from the canopy. Many of these 
species have wasplike color patterns and wasplike “jerky” 
movements. Others living in the same habitats are dark blue 
and have white tips to the antennae. 

Cylindrachetidae 


have an elongate or wormlike appearance. There are nine 


The Cylindrachetidae or sand gropers 


known species in three genera. They reflect a Gondwanan 
distribution, with species in Australia, New Guinea, and 
Patagonia. At least one species causes considerable damage to 
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wheat in Western Australia, where large populations build up 
in the soil and feed on the root of the plants. 


See Also the Following Articles 
Crickets ¢ Locusts 
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‘ta are ege-producing tubules that are the fundamental 
units of ovaries in female insects. The number of ovarioles 
in each ovary is typically 48, but varies widely depending on 
the particular insect and its ecology. 


GENERAL ARRANGEMENT AND STRUCTURE 


Each ovariole is a tube in which oocytes form at one end and 
complete development as they reach the other. The terminal 
filament and the germarium, which contains germ cells, are at 
the distal end. Ovarioles may have one of several topological 
arrangements within an ovary. In some species ovarioles join the 
end of an oviduct radially around a central point. In others, 
ovarioles arise in single file off the oviduct, like teeth on a comb. 


NUMBER 


The number of ovarioles per ovary varies with taxon, size, 
and life history. All Lepidopteran females have four ovarioles, 
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but many groups tend to be more variable, both within and 
across species. Variability in ovariole number is particularly 
spectacular in social insects. Obligately sterile workers in ants 
can lack ovarioles entirely, and the most fecund queens in 
ants and termites have about 1200 ovarioles per ovary. 


DEVELOPMENTAL ORIGIN 


The period during which ovarioles form varies widely in 
insects, ranging from embryonic development in aphids to 
the pupal stage in flies. In some taxa, the number of ovarioles 
can be adjusted based on environmental factors. In 
Drosophila, for example, ovarioles form during the pupal 
period. This timing provides the opportunity for the number 
of ovarioles constructed to be adjusted based on previous diet 
and temperature. In honey bees, however, ovarioles form in 
early larval development. The number of ovarioles formed is 
at first the same in future queens and workers. In workers, 
however, most ovarioles undergo cell death, whereas those in 
developing queens persist. 


SOMATIC TISSUE AROUND 
DEVELOPING OOCYTES 


Each ovariole is made up of both somatic and germ cells. The 
somatic tissue includes a tubular sheath surrounding all the 
developing eggs as well as follicle cells around each oocyte. 
The sheath consists of inner and outer layers. The outer 
sheath is an open network of cells, sometimes containing 
muscle. The tissue is rich in lipids and glycogen and is 
metabolically active. Even so, there is no evidence of direct 
involvement in oocyte development. Tracheoles form part of 
the outer sheath but do not penetrate below it. The outer 
sheath can be important in sequestering bacterial symbionts 
that will be passed on to offspring. The inner sheath is a layer 
of extracellular matrix. In addition to physical support, the 
inner sheath can function as a sieve. 

A layer of follicle cells surrounds each developing oocyte. 
Follicle cells are very active metabolically, contributing a 
variety of materials essential to developing eggs. During yolk 
uptake, follicle cells can separate slightly, allowing 
vitellogenin-laden hemolymph to contact the oocyte surface 
directly. The oocyte then can take up vitellogenin and other 
nutrients. As egg development nears completion, follicle cells 
secrete the eggshell, which consists of vitelline envelope and 
layers of chorion. 


PATTERNS OF OOCYTE DEVELOPMENT 


Ovarioles can be categorized based on how oocytes are pro- 
duced from stem germ cells (Fig. 1). A stem germ cell produces 
two daughter cells when it divides; one remains a stem cell and 
the other becomes a cystoblast. Most commonly, cystoblasts 
undergo rounds of division but remain connected by inter- 
cellular bridges. This process is called cluster formation. 





FIGURE 1 Patterns of oocyte development. (A) Panoistic ovary of an 
apterygote insect, Lepisma saccharina. G, germarium; FC, follicle cell. 
(Reprinted from R. C. King and J. Biining, 1985, The origin and 
functioning of insect oocytes and nurse cells. Jz “Comprehensive Insect 
Physiology, Biochemistry, and Pharmacology,” Vol. 1, pp. 37-82, with 
permission from Elsevier Science.) (B) Teletrophic ovary of a heteropteran 
insect, Dysdercus intermedius. The nutritive cords (NC) extending from the 
nurse cells to the oocyte are clearly visible. (C) Polytrophic ovary of a carabid 
beetle, Nebria brevicollis. (B and C reproduced, with kind permission from 
Kluwer Academic Publishers, from J. Biining, 1994, Figs. 3.35 and 3.57.) 


Generally, only one of the daughter cells in a cluster becomes 
an oocyte, while the remainder degenerate or become nurse 
cells. The type of oocyte development in which an oocyte is 
connected to sister cells that contribute to the contents of the 
egg is termed meroistic. 

Stem cells in ovarioles of the most primitive insects do not 
undergo cluster formation. Instead, each cystoblast develops 
into an oocyte. Such ovarioles are called panoistic. Insect orders 
that have primitively panoistic ovaries are Archeognatha, 
Thysanura, Odonata, Embioptera, and most of the orthop- 
teroid orders. Plecoptera shows an interesting intermediate 
condition, in which cluster formation occurs, but all the 
daughter cells become oocytes. Panoistic ovaries are also found 
in more recently derived insect groups, in which the design has 
evolved secondarily, and these taxa include Siphonaptera, 
Strepsiptera, and Thysanoptera. 

Meroistic ovaries can be subdivided into two types based 
on the location of accessory germ cells relative to the oocyte. 
In polytrophic ovaries, accessory germ cells maintain short 
connections and accompany the oocyte as it moves down the 
ovariole. In telotrophic ovaries, accessory tissue remains at 
the distal end of the ovariole. 

In polytrophic ovaries, follicle cells encapsulate both the 
nurse cells and the oocyte. Nurse cells generally are polyploid 
and express genes whose products are transported to the 
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FIGURE 2 An army ant queen (Eciton burchelli) shows extreme development 
of ovarioles in both number and length. [Reproduced from H. R. Hagan, 
1954, The reproductive system of the army-ant queen, Eciton (Eciton). 
American Museum Novitates No. 1663. Courtesy of the American Museum 
of Natural History.] 


growing egg. Trichoptera, Lepidoptera, Hymenoptera, 
Diptera, adephagan Coleoptera, Mecoptera, and Neuroptera 
all have polytrophic ovaries. 

In telotrophic ovarioles, accessory nurse cells remain in 
the anterior part of the ovariole and so, as an oocyte moves 
away, cords of oocyte tissue lengthen to maintain the 
connection. Teletrophic ovaries have apparently evolved 
independently several times. In Heteroptera, Coleoptera 
(Polyphaga), Raphidioptera, and Megaloptera, they evolved 
from polytrophic ovaries. Telotrophic Ephemeroptera 
evolved directly from panoistic ancestors. 

Ovariole architecture is related to both phylogeny and life 
history. Both panoistic and meroistic ovarioles can support 
very rapid egg production as illustrated by the more than 
40,000 eggs/day produced by both the panoistic ovarioles of 
the most fecund termite queens and the polytrophic ovarioles 
of the most fecund ants (Fig. 2). An important consequence 
of panoistic vs meroistic eggs is duration of embryonic 
development. The design of meroistic ovarioles facilitates the 
production of eggs well-stocked with ribosomes, mRNA, 
tRNA, and other macromolecules. Such eggs generally 
develop rapidly, as exemplified by Drosophila melanogaster. In 
contrast, autonomous oocytes produced by panoistic ovaries 
require longer periods to complete embryogenesis. 
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Oviposition Behavior 
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Gees behavior comprises one of the final steps in 
insect reproduction. It involves the deposition of the 
mature egg outside the body of the female and includes a 
series of behavioral and physiological events that begin with 
the movement of the egg through the oviduct and end with 
the placement of the egg on a substrate that will support the 
development of the larva. Specialized behaviors and 
structures on the female allow her to place the eggs within a 
protected environment during oviposition. 


OVULATION 


Insect eggs develop within the ovaries, the reproductive 
structures of the female that are composed of tapering units 
called ovarioles. The oocytes differentiate from germ cells 
within the germarium of the ovariole, and as they begin their 
downward movement in the ovariole they are first completely 
surrounded by a monolayer of follicle cells (Fig. 1). These 
follicle cells are involved in the transport from the hemolymph 
into the oocyte of substances that are stored for later use and 
nourish the embryo during its development. Nurse cells may 
also be present to provide the oocyte with other maternal 
contributions, such as messenger RNA and mitochondria. The 
nurse cells subsequently degenerate, and the bulk of the yolk 
proteins deposited in the oocyte cytoplasm must then cross the 
layer of follicle cells after their synthesis in the fat body. During 
a later stage of development, the follicle cells also synthesize the 
eggshell (or chorion), which provides protection and 
waterproofing once the egg has been laid. After deposition of 
the chorion, the follicle cells degenerate, leaving the chorion as 
the outermost egg layer. With the follicle cells no longer on the 
outside of the egg, the egg is free to move out of the ovariole 
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FIGURE 1 A cluster of three ovarioles that make up the larger ovary. Each 
has a calyx that connects to the lateral oviduct. Stem cells give rise to oocytes 
within the germarium, and as the oocyte descends within the ovariole, it 
becomes enclosed by follicle cells and deposits yolk into its cytoplasm. Upon 
degeneration of the follicle cells, the egg is free to move into the lateral 
oviduct in the process of ovulation. [Modified from Schwalm, F. E. (1988). 
“Insect Morphogenesis.” Karger, Bosel.] 


and into the oviduct, under the impetus of contractions of 
muscles in the oviduct walls. This movement of the egg to the 
outside of the ovariole is termed ovulation. Ovulation of the 
egg must occur before oviposition can take place. 

The muscular contractions of the ovariole and oviduct that 
propel the egg through the reproductive tract are coordinated by 
hormones called myotropins. Myotropins are secreted by 
neurosecretory cells in the brain once the central nervous system 
has received the physiological confirmation that mating has 
occurred and that the eggs are mature. For example, in the 
bloodsucking bug Rhodnius prolixus, ovulation is initiated by a 
myotropin that is released only after the spermatheca has been 
filled with enough sperm and male accessory gland substances to 
produce a factor that induces the maturing eggs to begin 
producing 20-hydroxyecdysone. In the tsetse fly, Glossina, ovu- 
lation is initiated when a mature egg is present in the ovariole 
and the female has mated, but the stimulus from mating is not 
released until the female has received prolonged mechanical 
stimuli associated with copulation in addition to substances 
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FIGURE 2 The female reproductive system, consisting of the ovaries that 
contain the ovarioles. As the egg moves down the median oviduct, it is 
fertilized by sperm released from the spermatheca. The egg is oviposited 
when it is deposited outside the body. [Modified from Snodgrass, R. E. 
(1935). “Principles of Insect Morphology.” McGraw-Hill, New York.] 


from the male accessory glands. Even several short copulatory 
experiences that fail to transfer sperm can initiate ovulation if 
their total duration is as long as a single successful copulation. 


FERTILIZATION 


As the egg passes through the median oviduct, it is fertilized by 
sperm already stored within the female’s capsulelike 
spermatheca (Fig. 2). Sensory receptors within the oviduct are 
mechanically stimulated by the distension the egg creates as it 
descends; motor neurons activate the muscular walls of the 
spermathecal duct that allow the sperm to exit the spermatheca. 

In hymenopterans, where sex determination occurs by 
haplodiploidy, the process of sperm release is controlled more 
directly by the female. Eggs that are fertilized develop into 
female workers, but those that are not fertilized develop into 
male drones. The workers ultimately control whether the queen 
fertilizes the egg; they determine the size of the cells for rearing 
the larvae into which the queen deposits the egg. Before the egg 
is laid, the queen evaluates each cell with the sensory receptors 
on her ovipositor, opening her spermathecal duct only when 
placing an egg into the larger cell for female rearing. 

The sperm enter the egg through the micropyle, a modifi- 
cation of the normally impermeable chorion. Just prior to fertil- 
ization, the oocyte has been arrested in metaphase of the first 
meiotic division, but shortly after the sperm has penetrated the 
egg and oviposition has occured, the oocyte completes its 
meiosis. The meiotic division results in a haploid oocyte 
nucleus and three polar nuclei that inhabit the periplasm at the 


periphery of the egg. The oocyte nucleus, surrounded by an 
island of cytoplasm, then moves to the interior of the egg, 
where it meets the sperm that has already entered. Syngamy, the 
union of sperm and egg, occurs at the interior. In some insects 
whose eggs develop by parthenogenesis (i.e., without the 
fertilization by sperm), a haploid polar nucleus combines with 
the haploid oocyte nucleus to restore the diploid number 
without requiring fertilization by male gametes. 


OVIPOSITION 


After ovulation and fertilization, the eggs are usually deposited 
outside the female’s body during oviposition. The eggs move 
down the common oviduct by peristaltic waves of muscle 
contractions and out of the body through the ovipositor. The 
movement of the egg downward through the oviducts is facil- 
itated by backwardly directed scales inside the oviduct, which 
act like a ratchet mechanism, allowing the egg to move in only 
one direction, down toward the genital opening. 

Modified dermal glands known as female accessory glands 
may also be present on the common oviduct. These glands 
produce cement that allows the deposited eggs to be glued 
together or attached to the substrate. In some insects that 
retain their eggs after the young hatch, such as Glossina the 
accessory glands produce a nutritive secretion that nourishes 
the larvae during their entire larval period. In cockroaches 
and mantids, the female accessory glands produce the 
hardened egg case, or ootheca. 

The spermathecae are used for the storage of sperm in the 
inseminated female. Also ectodermal in origin, the spermatheca 
generally opens into the common oviduct and releases sperm as 
the fully formed egg passes by. The spermathecal duct may 
contain glycogen deposits that can serve as an energy source for 
the sperm as they pass through to the egg. Nearest its opening to 
the outside, the common oviduct may be modified into a genital 
chamber that can be used to incubate eggs internally. The bursa 
copulatrix is an additional pouch within the chamber that is 
present in some insects into which sperm may first be deposited 
after mating. The sperm leave the bursa and then move into the 
spermatheca, where they are permanently stored. The bursa may 
have a series of toothlike structures that disrupt the 
spermatophore, the vessel in which the sperm are contained in 
more primitive insects, and facilitate their release. It may also 
secrete chemical signals into the hemolymph when it is filled 
with sperm to signal to the female that mating has occurred. 

The control of oviposition in the cockroach Spodromantis is 
a good example of the integration of environmental and 
physiological information that must occur during egg laying. 
This insect normally lays its eggs at the beginning of the 
photophase. The brain integrates the information it receives 
about the photoperiod and the presence of mature oocytes and 
triggers the release of an oviposition-stimulating hormone that 
activates the ovipositor, ovariole, and oviduct muscles. As the 
insect probes the substrate with its ovipositor, tactile sensations 
from sensilla are sent to the terminal abdominal ganglion, 
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which controls further movements of the egg and secretions by 
the accessory glands. 

In most species, ovulation and oviposition may be part of a 
continuum, but in others they may be separate events in which 
the eggs are retained for a variable period between ovulation 
and oviposition. Some species of ovoviviparous cockroaches 
retain in a brood sac eggs that have been ovulated until the 
female finds a suitable place to lay them. The nymphs hatch 
inside the female. The viviparous tsetse retain their larvae after 
they have hatched from the egg and provide them during the 
larval stage with food that is secreted from their accessory 
glands. “Larviposition” occurs toward the end of the larval 
stage, and after oviposition the larvae pupate in the soil. 

Most insects lack specialized structures for the deposition of 
eggs, but in some species the terminal segments of the abdomen 
form a telescoping ovipositor that can be used to deposit eggs 
into crevices or even, when the tip is modified into sawlike 
blades, into hardened substrates such as wood. This ovipositor 
may be derived from the modified appendages just described or 
from the modified terminal abdominal segments themselves. 
Special muscles within the ovipositor allow it to engage in 
superextension, lengthening considerably to reach hidden sites 
into which the eggs can be placed. Both the tips of the 
abdomen and the ovipositor may contain sensory receptors that 
can provide the female with information about the nature of 
the oviposition substrate. Sensory cues that are evaluated by the 
receptors are important in locating an oviposition site and in 
initiating oviposition once the site has been found. 

Prior to depositing her eggs, the female must engage in 
behaviors that will bring her to an environment that is suitable 
for larval development. This is especially necessary for the eggs 
of holometabolous insects, since the larvae are very different 
from the adults. Being relatively immobile, the larvae depend 
on the adult to locate a site on which they can develop. For 
example, adult mosquitoes are terrestrial but their larvae must 
develop in water. Although the adults are generally attracted to 
stimuli from vertebrate hosts for blood, when they carry mature 
eggs they become more sensitive to the stimuli from potential 
oviposition sites. The presence of mature eggs appears to trigger 
a physiological switch that changes the behavior of the female, 
attracting her to oviposition sites suitable for her eggs. In the 
absence of mature eggs, the female is more attracted to a host 
for a blood meal that would support another batch of eggs. 

Lepidopterans undergo a sequence of behaviors, including 
searching, orientation, encounter, landing, evaluation of the 
surface, and acceptance. Stimuli received during each phase are 
integrated by the central nervous system, which processes the 
sensory information from sensory receptors on the antennae, 
tarsi, and ovipositor. Visual cues such as plant color and shape 
are important during searching behavior. Volatile chemicals 
produced by the plant initiate the orientation and encounter 
behaviors that attract the female from a distance of several 
meters. Visual cues are once again important in landing behav- 
ior, with the involvement of chemical cues that act as attractants, 
arrestants, or repellents. Once on the host plant, the female 
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evaluates the physical and chemical cues from the plant surface 
and often begins drumming her front legs on the leaf surface, 
perhaps to provide more chemical information about the plant 
to tarsal sensory receptors. By using the total sensory input to the 
central nervous system, the female is able to recognize the 
suitability of the substrate for her eggs before they are laid. 

The torsalo, Dermatobia hominis, has an unusual way of 
finding an oviposition site. The gravid female captures 
another bloodsucking fly and glues her eggs to the underside 
of the carrier’s body. When the carrier seeks out a vertebrate 
host for a blood meal, the larva hatches and burrows through 
the skin of the host. The larva develops in the vertebrate host, 
exits prior to the pupal stage, and pupates, in the soil. 


See Also the Following Articles 
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Hormonal Control of 


Further Reading 
Austin, A. D. and Browning, T. O. (1981). A mechanism for movement of 
eggs along insect ovipositors. Jnt. J. Insect Morphol. Embryol. 10, 93-108. 


Curtin, T. J., and Jones, J. C. (1961). The mechanism of ovulation and 
oviposition in Aedes aegypti. Ann. Entomol. Soc. Am. 54, 298-313. 

Davey, K. G. (1985). The female reproductive tract. Jn “Comprehensive 
Insect Physiology Biochemistry, and Pharmacology (G. A. Kerkut and L. 
I. Gilbert, eds.), Vol. 1, pp. 1-14. Pergamon Press, Oxford, U.K. 

Hinton, H. E. (1981). “The Biology of Insect Eggs,” Vol. 1. Pergamon Press, 
Oxford, U.K. 

Mesnier, M. (1984). Patterns of laying behaviour and control of oviposition 
in insects: Further experiments on Sphodromantis lineola (Dictyoptera). 
Int. J. Inverteb. Rep. Dev. 7, 23-32. 

Mesnier, M. (1985). Origin and release sites of a hormone stimulating 
oviposition in the stick insect Clitumnus extradentatus. J. Insect Physiol. 
31, 299-306. 

Ramaswamy, S. B. (1988). Host finding by moths: Sensory modalities and 
behaviours. J. Insect Physiol. 34, 235-249. 

Renwick, J. A. A., and Chew, E S. (1994). Oviposition behavior in 
Lepidoptera. Annu. Rev. Entomol. 39, 377-400. 

Schwalm, F. E. (1988). “Insect Morphogenesis.” Karger, Basel. 

Snodgrass, R. E. (1935). “Principles of Insect Morphology.” McGraw-Hill, 
New York. 

Sugawara, T., and Loher, W. (1986). Oviposition behaviour of the cricket 
Teleogryllus commodus: Observation of external and internal events. /. 
Insect Physiol. 32, 179-188. 

Thompson, J. N., and Pellmyr, O. (1991). Evolution of oviposition and host 
preference in Lepidoptera. Annu. Rev. Entomol. 36, 65-89. 








Parasitoids 


Nick Mills 
University of California, Berkeley 


arasitoids are insects with a parasitic larval stage that 

develops by feeding on the body of a single host insect or 
other arthropod. Feeding by the larval parasitoid invariably 
results in the death of its host, and the resulting adult para- 
sitoid is a free-living insect. Thus parasitoids occupy an inter- 
mediate position between predators and true parasites; in 
contrast to parasites they kill their host like a predator, but in 
contrast to predators they require only a single host to com- 
plete their development, as is the case for parasites. 

Nearly 10% of described insect species are parasitoids and, as 
they often belong to poorly known groups of insects, it has been 
suggested that they are more likely to represent 20-25% of all 
insect species. Since the first accounts of insect parasitism at the 
beginning of the 18th century, parasitoids have attracted con- 
siderable attention because of their potential to regulate the 
abundance of insect hosts in both natural and managed ecosys- 
tems. Numerous insect pests have been effectively controlled 
through releases of insect parasitoids in biological control pro- 
grams around the world. Although not always applicable or suc- 
cessful, biological control continues to provide some dramatic 
examples of sustained long-term control of invasive insect pests. 
As a result of the research conducted through biological control 
programs, parasitoids have also become important model 
organisms for the study of ecology, behavior, and evolution. 


ORIGIN AND DIVERSITY OF PARASITISM 


About 74% of the known parasitoid species belong to the 
parasitic Hymenoptera, an arbitrary division of the suborder 
Apocrita of the order Hymenoptera. It is generally believed 


that parasitism evolved just once in the Hymenoptera and that 
the Apocrita together with the sawfly family Orrusidae form 
a holophyletic group that includes all of the known parasitic 
wasps. Although the larvae of some species may initially feed 
on microorganisms in the tunnels of wood-boring insects, 
the young larvae of others feed externally and subsequently 
internally on larvae of the borers themselves. Many horntails 
and wood wasps (sawfly superfamily Siricoidea) carry sym- 
biotic fungi in pouches located at the base of the ovipositor 
(mycangia) that are inoculated at oviposition, allowing the 
larvae to feed on infected and partially digested wood. 
However, not all siricoids carry fungal symbionts and some 
may have evolved to kill those that did and subsequently feed 
on the more nutritious dead insect rather than the wood. 
This trait is seen among the present-day orrusids. 

Within the parasitic Hymenoptera there are close to 64,000 
described species of parasitoids in 10 superfamilies that are, 
with rare exception, exclusively parasitic (Table I). However, 
parasitoids are also known from five other insect orders. In con- 
trast to the Hymenoptera, parasitism has evolved repeatedly 
within these orders, from a fungal-feeding (e.g., Rhipiphoridae), 
dead-organism-feeding (e.g., Phoridae, Sarcophagidae), preda- 
tory (e.g., Carabidae, dipteran families), or phytophagous (e.g., 
Lepidoptera) ancestor. For example, parasitism is estimated to 
have occurred 21 times in the Diptera, producing nearly 15,000 
described parasitoid species, and 15 times in the Coleoptera, 
producing a further 3400 parasitoid species (Table I). Para- 
sitism is unusual and rare among the remaining three orders. 


PARASITOID LIFESTYLES 


Parasitoids are frequently categorized as having larvae that are 
either ectoparasitic (external feeders) or endoparasitic (internal 
feeders) and either solitary (one per host) or gregarious (several 
per host) in their development. However, a more useful cate- 
gorization of the lifestyles of parasitoids is the dichotomy 
between idiobiosis and koinobiosis. Idiobionts paralyze and/or 
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TABLEI The Main Superfamilies of Hymenoptera and 
Families of Other Insect Orders That Contain Parasitoids, 
with an Indication of either the Total Described Species for 
Taxa That Are Exclusively Parasitic or the Number of 
Described Parasitoid Species for Taxa (Followed by *) That 
Include Many Nonparasitic Species 





Order Superfamily/family World species 
Hymenoptera Orussoidea 75 
Trigonaloidea 70 
Evanioidea 1,050 
Cynipoidea 2,335* 
Chalcidoidea 17,500* 
Proctotrupoidea 6,135 
Ceraphronoidea 250 
Ichneumonoidea 25,000 
Chrysidoidea 5,850* 
Vespoidea 5,500* 
Diptera Cecidomyiidae 6* 
Acroceridae 475 
Bombylidae 3,000 
Nemestrinidae 300 
Phoridae 300* 
Pipunculidae 600 
Conopidae 800 
Sarcophagidae 1,250* 
Tachinidae 8,200 
Coleoptera Carabidae 470* 
Staphylinidae 500* 
Rhipiphoridae 400 
Meloidae 2,000* 
Mengeidae 10* 
Lepidoptera Pyralidae i 
Epipyropidae 10* 
Neuroptera Mantispidae 50* 
Trichoptera i? 


Note. Data from Godfray (1994). 


arrest the development of a host at oviposition, providing their 
larvae with an immobilized static resource on which to feed. 
In contrast, koinobionts allow the host to continue to feed 
and/or develop after oviposition, such that their larvae feed on 
an active host that is killed only at a later stage. Although ecto- 
and endoparasitism are distinct modes of parasitism, the sepa- 
ration of idiobiont and koinobiont lifestyles is less clear. There 
should be no problem in correctly categorizing parasitoids 
that attack an active stage of the host life cycle (larva or adult) 
or those that allow a transition between life cycle stages of the 
parasitized host (egg—prepupal and pupal—adult parasitoids). 
However, the distinction is not always so obvious for parasitoids 
that attack and complete their development in an inactive stage 
of the life cycle (egg or pupa). 


Idiobionts 


Idiobiont parasitoids frequently attack hosts that are concealed 
in plant tissues or exposed hosts that provide some other form 
of physical protection, such as the scale covering of armored 
scale insects. Thus, many have long ovipositors to reach their 


concealed hosts and strong mandibles to escape from concealed 
locations. The majority of idiobionts that attack concealed 
hosts have larvae that are ectoparasitic and feed on hosts in the 
later stages of their development. An ovipositing adult first 
injects a venom into the host, to induce temporary or perma- 
nent paralysis, and then oviposits on or near to the immobilized 
host. In a few cases (some Bethylidae, Braconidae, and 
Eulophidae in the Hymenoptera), the parent female remains 
with the parasitized host either to defend her young offspring 
against competitors or hyperparasitoids or to ensure continued 
paralysis of the host. Ectoparasitic idiobionts are often long 
lived, feeding for somatic maintenance on honeydew, nectar, 
or other plant exudates. They are synovigenic, meaning that 
they continue to mature eggs throughout adult life and pro- 
duce large yolk-rich eggs by using nutrients gained from host 
feeding (see below). Consequently, ectoparasitic idiobionts have 
a relatively low rate of host attack and a low fecundity. The 
hatching larvae are protected from desiccation by the host con- 
cealment, but develop continuously and rapidly to consume 
the host before it is attacked by scavengers or microbial decay. 

Endoparasitic egg and pupal parasitoids are also considered 
to be idiobionts, although as noted above, this categorization 
is less clear. In this case the hosts are frequently exposed rather 
than concealed, and in place of paralysis, development of the 
host appears to be arrested by secretions either from the 
ovipositing adult (egg parasitoids) or from the young larva 
(pupal parasitoids). Endoparasitism of host eggs is facilitated 
by the lack of an immune defense, but it is not known how 
pupal idiobionts avoid such defenses in their hosts. 

The absence of an intimate association between the juvenile 
stages of an ectoparasitic idiobiont and its host allows this 
group of parasitoids to have a broader host range, using a 
variety of hosts that share a common habitat or host plant. 
Some endoparasitic idiobionts are more restricted in their 
host range, however, perhaps because of a need for more 
specific cues in host recognition or for detoxification of the 
chemical defenses of exposed hosts. 


Koinobionts 


All dipteran parasitoids, the majority of coleopteran para- 
sitoids, and many hymenopteran parasitoids adopt a koino- 
biont way of life. Koinobiont parasitoids attack both exposed 
and concealed hosts, and the majority of species have endopara- 
sitic larvae. Endoparasitic koinobionts attack a broad range of 
developmental stages of their hosts. Access to concealed hosts 
is facilitated either by attacking the more accessible egg or 
young larval stage of their host (hymenopteran koinobionts 
only) or by production of a free-living first instar that can 
complete the location of a suitable host. 

Koinobionts typically oviposit into the body of their hosts 
with minimal disruption to the normal activity of the host. The 
hemocytic immune response of the host can result in the encap- 
sulation of parasitoid eggs and larvae and is a significant obsta- 
cle to endoparasitism. This response can be overcome by (1) 


avoidance, by placing eggs in host tissues such as the salivary 
gland or nerve ganglia; (2) evasion, by producing an egg with a 
fibrous coat or a coating of proteins that are not recognized as 
foreign to the host; (3) suppression, by injecting immuno- 
suppressive polydnaviruses or virus-like particles at oviposition; 
or (4) subversion, by allowing host hemocytes to form a sheath 
around the developing larva that is attached to the host tracheal 
system to avoid asphyxiation. Koinobionts are also mostly 
synovigenic, but differ from idiobionts in having a much 
greater fecundity, with the majority of their eggs produced early 
in adult life. Koinobiont eggs are relatively small and enrich- 
ment occurs after oviposition through absorption of nutrients 
from the host hemolymph. The greater emphasis on early repro- 
duction is often associated with a shorter adult life, although 
longevity is greatly influenced by access to a sugar food source. 

Many koinobionts exhibit protracted larval development, 
remaining as a first instar within the host until the latter has 
retreated to its pupation site. This both allows the host larva 
to complete its development without suffering debilitating 
effects from parasitism and permits the parasitoid to remain 
in its most competitive stage, because first instars bear strong 
defensive mandibles, until the host has gained maximum size 
as a resource for parasitoid larval development. Thus, koino- 
biont parasitoids are often more specialized in their host range 
than idiobionts, because of their more intimate relationship 
with an actively feeding or reproducing life stage of the host 
and the need to overcome its immune defenses. 


BEHAVIOR AND INTERACTIONS 
Host Feeding 


Many idiobiont adult females acquire nutrients from the host 
by feeding on the body fluids that exude from wounds inflict- 
ed by the ovipositor, a process known as host feeding. Some 
small gregarious parasitoids are able to host feed on the same 
host individual used for oviposition, but in most cases host 
feeding is destructive and can be responsible for substantial 
levels of host mortality. Destructive host feeders select smaller 
host individuals for host feeding, because they are unsuitable 
for parasitism, and then use larger hosts for oviposition. 


Interactions among Parasitoids 


Because the majority of host insects are attacked by several dif- 
ferent parasitoid species, a variety of trophic and competitive 
interactions occur among them. Hyperparasitism is a trophic 
interaction that occurs when a secondary parasitoid para- 
sitizes a primary parasitoid. Competitive interactions include 
superparasitism and multiparasitism. Superparasitism occurs 
with more than one oviposition by one or more individuals of 
the same parasitoid species into the same host individual. The 
resulting intraspecific competition between parasitoid larvae 
leads to the death of all but one individual, in the case of soli- 
tary parasitoids, and to male bias in the sex ratio and reduced 


Parasitoids 847 


adult size among the progeny of gregarious parasitoids. 
Multiparasitism is the corresponding interspecific competition 
that results from oviposition by two or more different parasitoid 
species in the same host individual. The outcome of multi- 
parasitism is often indeterminate; it can favor the species that 
attacked first but it can also be fixed, with a strong competitor 
being the victor whatever the sequence of attack. A particu- 
larly interesting form of the latter is cleptoparasitism, in which 
the success of host location by a cleptoparasitoid is facilitated 
by its response to chemical markers used by an inferior com- 
petitor to avoid reattacking a previously parasitized host. The 
cleptoparasitoid is able to steal the host from its inferior com- 
petitor by having an aggressive first instar that is able to kill 
the original occupant of the host. 


Clutch Size and Sex Ratio 


One of the most important “decisions” for a gregarious para- 
sitoid is how many eggs to lay on a particular host. Clutch size 
increases with the size and quality of a host, but decreases as the 
rate of host encounters increases and often decreases with the 
age of the parasitoid. Gregarious parasitoids adjust clutch size to 
match the quality and frequency of hosts encountered, thereby 
balancing the need to maximize reproductive output and to 
minimize intraspecific competition among the larval brood. 
Because hymenopteran parasitoids use haplodiploid repro- 
duction (males develop from unfertilized haploid eggs, females 
from fertilized diploid eggs), parent females can choose the sex 
of their offspring. Solitary parasitoids tend to allocate male eggs 
to small or low-quality hosts and female eggs to large or high- 
quality hosts, but typically produce a balanced sex ratio. In 
contrast, female bias is frequent in the sex ratio of gregarious 
parasitoid broods in which the probability of sibling mating is 
high and sons compete within broods for mates. Thus, local 
mate competition within broods of gregarious hymenopteran 
parasitoids leads to the allocation of just enough sons to be able 
to mate effectively with all the daughters in the brood. 


PARASITOID COMMUNITIES 


Parasitoids can utilize hosts in a variety of ways to support the 
development of their progeny. For example, a lepidopteran 
host such as the gypsy moth (Lymantria dispar) is attacked at 
different stages through its life cycle by a series of 13 species 
in six parasitoid guilds (Fig. 1). Very few terrestrial insects 
escape the attention of parasitoids, exceptions being the few 
taxa that are either too small (e.g., Adelgidae) or too well 
defended (e.g., Dactylopius mealybugs). However, the parasitoid 
load, or number of parasitoid species supported by a host 
species, varies tremendously. For example, the average number 
of parasitoid species associated with an aphid is 1.7 in 
comparison with 12.4 for bivoltine Lepidoptera. In contrast, 
aquatic insects support relatively few parasitoids and are most 
vulnerable during the nonaquatic stages of their life cycle. It 
is notable, however, that a few mostly very small parasitoids 
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Brachymeria intermedia 
(Chalcididae) 
Coccygomimus instigator A 


(Ichneumonidae) ta 


Cotesia melanoscelus 
(Braconidae) 
Glyptapanteles porthetriae 
Larva (Braconidae) 
Hyposoter tricoloripes 
(Ichneumonidae ) 
Phobocampe disparis 
(Ichneumonidae ) 





\Rt A 


Compsilura concinnata 
(Tachinidae) 
Parasetigena silvestris | 


(Tachinidae) Blepharipa pratensis 


(Tachinidae) 


Ceranthia samarensis (Tachinidae) 
Glyptapanteles liparidis (Braconidae) 
Meteorus pulchricornis (Braconidae) 


FIGURE 1 The parasitoid assemblage associated with the gypsy moth (ZL. 
dispar) as it passes through its life cycle in Eurasia. Arrows indicate the host 
stages attacked and killed by the six different guilds of parasitoid species. 


are known to be truly aquatic, using their legs or wings to 
swim through the water to locate submerged host eggs. 

Parasitoid load is determined by a combination of phy- 
logeny, feeding niche, abundance, and chemical defense. The 
absence of a pupal stage greatly reduces the parasitoid load of 
a host, but even among the holometabolous insects, beetles 
consistently support far fewer parasitoids than moths, indi- 
cating the importance of host phylogeny. The feeding niche of 
a larval host also has an important influence on parasitoid load, 
being greatest among those hosts that have restricted mobility 
and poor protection (e.g., leafminers, casebearers) and reduced 
either by greater mobility (e.g., external feeders) or by greater 
protection (e.g., borers). The greater the abundance of a host, 
the greater its parasitoid load, because a number of less 
specialized parasitoids and even incidental species are able to 
make use of an abundant resource. Then, finally, the seques- 
tration of defensive plant chemicals by externally feeding host 
larvae appears to offer a further line of defense that can lead 
to a reduction in parasitoid load. 

It has frequently been suggested that parasitoid diversity 
declines from temperate zones to the tropics. Such a pattern is 
evident for the very species-rich superfamily the Ichneu- 
monoidea (Ichneumonidae and Braconidae), but is not upheld 
among the Chalcidoidea. Nonetheless, the decline, or absence 
of an increase, in overall parasitoid diversity in the tropics is an 
interesting anomaly in comparison to the increase in diversity 
of their insect hosts in the tropics. An increased level of pre- 
dation (notably by ants) in the tropics, a general reduction in 
the abundance of each host species due to fragmentation of 
resources, and a greater availability of plant-based chemical 
defenses for host insects to use for protection may all help to 
account for this anomaly. 
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Parental Care 
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P arental care in insects ranges from covering eggs with a 
protective coating to remaining to feed and protect young 
to forming eusocial societies with life-long associations of 
parents and offspring and alloparental care. Most commonly 
care is provided solely by females; males rarely care for eggs 
and young alone, but in some cases males and females form 
long associations to rear young to adulthood (Table I). Parental 
care has evolved independently many times, and examples do 
not follow along phylogenetic lines. This trait is widespread 
taxonomically and is most developed in Hemiptera (true 
bugs), Thysanoptera (thrips), Embioptera (webspinners), 
Coleoptera (beetles), Hymenoptera (ants, bees, and wasps), 
and Isoptera (termites). 


FORMS OF PARENTAL CARE 
Maternal Care 


The most rudimentary form of maternal care is provided by 
females that incorporate toxins into their eggs, oviposit them 
in protected places, or cover their eggs with a hard shell or 
waxlike compound before abandoning them (Table I). For 
example, embiopteran webspinner females (Antipalurai urichi) 
cover their eggs with layers of macerated bark and other sub- 
strate materials and silk to protect them from hymenopteran 
parasites. Webspinner maternal care is more complex and 
extensive than egg protection, and these females construct 
silk galleries and remain with their eggs and nymphs. 

Many species of insects guard their young against 
predators by using chemicals or defensive behaviors. Care 
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TABLEI ‘Types of Parental Care by Insects 
Number of orders“ 
Behavior’ Maternal care Paternal care Biparental care 
EP 6 0 0 
EC 12 2 3 
YC 9 2 4 
YP 6 0 3 
OV 10 
PZ 9 


“Number of orders in which parents exhibit the behaviors listed. 

Key: EP, either or both parents cover eggs before abandonment; EC, 
either or both parents remain and guard eggs; YC, either or both parents 
remain with young and care for them; YP, either or both parents provision 
young or regurgitate food to them; OV, females extend development 
internally and are ovoviviparous, larviparous, or viviparous; PZ, males 
provide prezygotic investment. 


may end when young hatch, or it may extend until larvae or 
nymphs are mature. For example eggplant lace bugs 
(Gargaphia solani) guard their eggs and gregarious nymphs 
until maturity; if a predator approaches, the female rushes at 
it, fanning her wings. 

A second major function of maternal care is to facilitate 
Umbonia 
crassicornis, cuts slits in the bark with her ovipositor and 


feeding. A plant-feeding membracid bug, 


remains with the nymphs, actively maintaining feeding 
aggregations until the young reach adulthood. Parental care 
often comprises a suite of adaptations of multiple behaviors 
that serve multiple functions. A well-cited example of this 
behavior is the female salt-marsh beetle, Bledius spectabalis, 
which maintains a burrow shaped in a way that prevents 
flooding during high tide. She also provisions the young with 
algae, prevents mold, and protects the vulnerable first instars 
from attack by parasitic wasps. 

In some insects, maternal investment takes the form of a 
period of internal development. Among insects, cockroaches 
carry this investment to the extreme and show the entire range 
of reproductive modes and maternal care. The oviparous 
German cockroach Blatella germanica carries her egg sac exter- 
nally until nymphs hatch, and B. vaga produces maternal 
secretions that her neonates feed on briefly. In ovoviviparous 
species, eggs develop inside the body of the mother and have 
sufficient yolk to complete development. The viviparous 
cockroach Diploptera punctata displays a remarkable form of 
parental care. Females undergo a 60-day “pregnancy” during 
which a highly nutritious milk, secreted from the walls of the 
brood sac, is ingested orally by the developing young. At birth 
young are in an advanced state of development, and care is 
terminated shortly after birth. 


Paternal Care 


Exclusive paternal care of eggs or larvae is restricted to about 
100 species of insects, almost all within the Hemiptera. For 
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example, in a giant water bug, Abedus herberti, females adhere 
their eggs to the wingcovers of a male, which then stops feed- 
ing and instead spends his time aerating the eggs at the water 
surface, protecting them from predators until young emerge. 
Males of the subsocial spider-hunting wasp, Zrypoxylon super- 
bum, are an unusual example from the Hymenoptera. After 
the female has provisioned and sealed the cells, males remain 
to guard nests against parasitism and ant predation. 

Indirect paternal contributions to offspring are widespread 
in a number of taxa. Males may invest in offspring with nutri- 
tional offerings to the female in the form of nuptial gifts of 
captured prey items or even their own bodies. They may transfer 
proteins or protective substances in a spermatophore. Male 
katydids are excellent examples because they provide a sper- 
matophore during copulation that may be as much as 40% 
of their body mass; spermatophore nutrients have been shown 
to be important to the reproductive success of females. Male 
arctiid moths, Utetheisa ornatrix, provide a different sort of 
indirect paternal contribution when they transfer protective 
pyrrolizidine alkaloids to females during mating. These 
alkaloids are passed to the eggs, which are then unappealing 
to predators. 


Biparental Care 


Biparental care of offspring is restricted to beetles, termites, 
and cockroaches, and may include earwigs. It can be very 
elaborate and extensive. For example, the woodroach, 
Cryptocercus punctulatus, and all termites form life-long 
family associations. Male and female construct and guard an 
extensive tunnel system or a nest, and they protect and facili- 
tate feeding of young until the offspring reach maturity. 
Woodroaches care for a single brood for 3 or more years, 
feeding them on hindgut secretions containing symbiotic fauna 
necessary to digest their wood diet. In many of the “higher 
termites,” (e.g., Rhinotermitidae and the Termitidae), few or 
no workers or soldiers reproduce; rather, they remain as allo- 
parents. Task specializations based on morphology and sex is 
strongly expressed. Primary reproductives may live 20 years or 
more, whereas workers and soldiers often live less than a year. 

In another well-studied example, male and female burying 
beetles cooperate to bury and prepare small vertebrate carcasses 
to serve as the food source for their young. Both parents treat 
the carcass with preservative anal and oral secretions; both 
regurgitate semidigested protein to the begging larvae (Fig. 1). 
In the burying beetle, Nicrophorus orbicollis, males commonly 
remain in the nest until larvae are half-grown and the carcass is 
substantially consumed; females remain until larval develop- 
ment is complete and may even accompany larvae during the 
wandering stage. As with most species with biparental care, 
male and female burying beetles do not have exclusive, 
specialized tasks. When both parents are present, females 
feed larvae more often; but if the male becomes a single 
parent, he compensates for the loss of a mate with increased 
feeding rates. However, in another species with biparental 
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FIGURE 1 Female UN. orbicollis regurgitates to larvae while the male, in the 


background, keeps the carcass free of fungi. (Photograph courtesy of Mark 
W. Moffett, University of California, Berkeley.) 


care, the dung beetle, Cephalodesmius armiger, there are some 
task specializations. Male and female form a permanent pair- 
bond to rear one brood in a subterranean nest. Males forage 
outside for plant material that females process into brood 
balls into which they lay a single egg. Males continue to 
forage, and females enlarge the brood ball as the larvae grow. 


EVOLUTION OF PARENTAL CARE 


E. O. Wilson identified four ecological pressures that select for 
parental care in insects: (1) stable, structured environments 
such as wood, (2) stressful environments such as tidal salt 
marshes, (3) the need for an unpredictable but valuable 
resource such as carrion, and (4) high predation pressure. 
Parental care is often associated with territoriality and spatial 
fidelity. It is common when there is something that parents 
are able to do to increase the survival of young. Thus, wood is 
an abundant resource and supplies both food and protection, 
but it is difficult for immature insects to access and requires 
gut symbionts to use. Foliage- and sap-feeding insects may also 
be considered to live in a stable environment. In many of these 
species parents defend young and may facilitate feeding. At the 
other extreme, stressful environments may require parental 
care if young are to survive at all. However, the evolution of 
parental care involves a suite of changes, including greater 
dependence on the part of the young and the loss of adaptations 
for independence from parents. Many environments, both 


stressful and stable, harbor parental and nonparental members 
of a family. 

Valuable but unpredictable resources (carrion or dung) or 
resources that are hard to acquire (a tunnel system) are especially 
potent selective forces for parental care. Both involve the con- 
struction of elaborate nests that represent a substantial invest- 
ment. These resources are associated with the production of 
fewer and smaller clutches of larger young. Burying beetles, 
dung beetles, and the woodroach produce on average only a 
single brood in a lifetime. Biparental care is associated with these 
species both because male assistance in guarding and provision- 
ing can often greatly increase the survival of the young and 
because there are few additional mating/breeding opportuni- 
ties. The improved survival of his young offsets the male parent's 
potential gain from leaving and searching for rare carrion or 
females when most individuals in the population are mated. 

Exclusive paternal care is rare in insects because external 
fertilization is rare. Internal fertilization both reduces the cer- 
tainty of paternity if females have multiple mates and disasso- 
ciates the father from his offspring when they appear. These 
factors discourage paternal care and encourage maternal care 
in other taxa. Exclusive paternal care is associated with fidelity to 
a nest site, including a “nest” of his own wingcovers, and with 
the ability of the male to guard the clutch of multiple females. 
Under these conditions, a male does not forgo additional 
matings; in fact, the demonstration of paternal behavior may 
increase his attractiveness to females. 

Thus, insects not only show a variety of forms of parental 
care but also many demonstrate behavioral plasticity that 
allows them to adjust the level or form of care to changing 
circumstances, such as the loss of a mate. As more examples 
come to light and familiar ones are better studied, it becomes 
clear that the functions of care are also varied and complex 
even within a single species. This variety is not surprising, 
since parental care has evolved independently many times in 
insects in response to different selective forces. 
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M ost insects, like most other animals and plants, reproduce 
sexually. Each gamete (egg or sperm) contains one 
complete set of chromosomes, and the fusion of a sperm and 
an egg results in a zygote, which then develops into a new 
individual. In some insects, however (as in many other 
groups), offspring can be produced in a way that circumvents 
mating. Parthenogenesis (partheno, virgin, + genesis, to give 
birth, from gen, to be produced) is the development of an egg 
cell into a new individual without fertilization. 

Insects have always played a central role in our under- 
standing of parthenogenesis; Charles Bonnet first demonstrated 
the occurrence of this phenomenon by careful experiments 
with isolated females of three species of aphids, in the 1740s. 
During the next hundred years, further experiments with 
aphids and with bagworm moths, drone bees, and silkworm 


Specialized Terms 


apomixis Parthenogenesis in which eggs are produced 
without meiosis. 

automixis Parthenogenesis in which eggs undergo 
meiosis. 

diploid Having two complete sets of chromosomes 
(like a typical adult animal). 

haplodiploidy (arrhenotoky) A genetic system in which 
unfertilized, haploid eggs develop into males and 
fertilized, diploid eggs develop into females. 

haploid Having one complete set of chromosomes 
(like a typical egg or sperm cell). 

parthenogenesis Reproduction without fertilization 
(in the sense of fusion of sperm and egg nuclei). 

polyploid Having more than two complete sets of 
chromosomes (e.g., triploid, having three sets, 
tetraploid, having four sets). 

pseudogamy A form of sperm-dependent partheno- 
genesis in which eggs require activation by entry of 
sperm, but only maternal chromosomes are expressed 
and passed on. 

thelytoky Parthenogenesis in which only female 
offspring are produced. 


tychoparthenogenesis The rare or occasional produc- 


tion of eggs that start developing without having 
been fertilized. 





Parthenogenesis 851 


moths verified the reality of virgin birth, though the term 
“parthenogenesis” did not come into common usage until the 
1850s. Parthenogenesis has fascinated biologists since it was 
first described, in part because it involves doing away with 
mating and with males and in part because clonal reproduc- 
tion challenges cherished assumptions about the necessity of 
genetic variability in nature. 

Over the past century, we have come to realize that there are 
numerous reproductive systems in insects that deviate from 
outbreeding sexual reproduction. Modern discussions of 
parthenogenesis adhere less strictly to the criterion of fertil- 
ization (or lack thereof), focusing instead on whether genomes 
are passed on intact. Whereas sexually produced offspring may 
be highly variable and have unique combinations of genes, 
parthenogenetically produced offspring typically have a geno- 
type identical to that of their mother or only slightly different 
from hers. 

Parthenogenesis has dramatic consequences for individuals, 
populations, and species. It allows females to: (1) pass along 
their successful genotypes to all of their offspring; (2) produce 
only daughters, maximizing the rate of increase; and (3) elimi- 
nate the need for finding (or being found by) a mate. Sexual 
reproduction, in contrast, results in: (1) offspring being dif- 
ferent from each other and from their mothers; (2) produc- 
tion of 50% males, which cannot themselves produce offspring; 
and (3) an inability to reproduce without males being locally 
present and without diverting a certain amount of time and 
energy to the mating process. 


FORMS OF PARTHENOGENETIC REPRODUCTION 


In most species of insects, every individual develops from a 
diploid zygote formed by the union of haploid egg with 
haploid sperm. But there are many alternative life cycles in 
which some or all individuals develop from cells that are not 
zygotes in this sense, and most of these life cycles come under 
the heading of “parthenogenesis.” Thus, insect parthenogen- 
esis encompasses much of the diversity of insect life cycles. 


Sex of Offspring 


Eggs laid by a virgin female may develop into other females 
(thelytoky), into individuals of both sexes (deuterotoky), or 
into males (arrhenotoky). Arrhenotoky and deuterotoky are 
only partially parthenogenetic systems, because males still 
occur. Only thelytoky is potentially a completely partheno- 
genetic system, and the term “parthenogenesis” is often used 
to refer specifically to thelytoky. 

Facultative or obligate thelytoky occurs sporadically but is 
found in over 80 families of the superclass Hexapoda and is 
also scattered throughout the mites (Acari; we use mites as a 
collective term for all acarines, including ticks). Generally, 
thelytoky occurs as scattered instances in hexapods, though 
there are several families of mites (in the suborder Oribatida) 
that are strictly thelytokous. 
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Thelytoky is found in most orders of hexapods but the 
orders with the highest frequency of strictly thelytokous 
species are Thysanoptera, Psocoptera, Hemiptera (sensu Lato, 
with thelytoky concentrated in the “homopterous” suborder 
Sternorrhyncha), and Phasmatodea. The largest insect orders 
(Lepidoptera, Diptera, Coleoptera, Hymenoptera) have a 
low incidence of thelytoky overall, but very high rates of 
thelytoky in some families, such as weevils (Coleoptera: 
Curculionidae), bagworm moths (Lepidoptera: Psychidae), 
and chironomid midges (Diptera: Chironomidae) (Diptera). 
Thelytoky has never been reported from several species-poor 
orders (Protura, Diplura, Zoraptera, Grylloblattodea, 
Megaloptera, Raphidioptera, Mecoptera), from the strictly 
parasitic orders (Siphonaptera, Phthiraptera), or from 
Plecoptera, and there have been only dubious reports of 
thelytoky in Demaptera, Neuroptera, and Strepsiptera. 

Deuterotoky differs from thelytoky only in that males as 
well as females are produced from unfertilized eggs. There are a 
few insect life cycles in which deuterotoky is a normal feature: 
cynipid wasps, micromalthid beetles, and a few cecidomyiid 
flies. Reports of deuterotoky in several groups of mites have 
been proposed, but none have yet been confirmed. However, 
the boundary between thelytoky and deuterotoky is sometimes 
unclear; intensive study of parasitic wasp species thought to 
reproduce by thelytoky often turns up occasional males, which 
may or may not be able to mate. The offspring of matings with 
such males are thelytokous females. It is unclear whether an 
otherwise thelytokous species with rare males (which may or not 
be sexually competent) should be classified as deuterotokous. 

In arrhenotoky, fertilized eggs develop into females while 
unfertilized eggs become males. Males are haploid (the only 
known exception occurs in the scale insect Lecanium putmani) 
and the females diploid; this is why arrhenotoky is commonly 
referred to as “haplodiploidy.” In two orders (Hymenoptera 
and. Thysanoptera), haplodiploidy is the only known sexual 
system. Haplodiploidy also occurs in some scale insects 
(Hemiptera: Margarodidae), whiteflies (Homoptera: Aleuro- 
didae), some bark beetles (Curculionidae), and the bizarre 
beetles of the monotypic family Micromalthidae. 

Arrhenotokous males arise parthenogenetically; indeed, the 
production of drones by queen bees prevented from mating was 
one of the earliest experimental demonstrations of partheno- 
genesis (by Dzierzon, in the 1840s). However, a haplodiploid 
species as a whole reproduces sexually, and the genotype of a 
parthenogenetically produced male is a unique recombinant 
product of meiosis. Thus, although parthenogenesis occurs in 
a haplodiploid species, clonal reproduction does not. Because 
males must always mate to produce offspring, under arrheno- 
toky there are never two successive parthenogenetic genera- 
tions. Genetically equivalent to haplodiploidy is the production 
of male offspring in lineages that engage in paternal genome 
elimination (also known as pseudoarrhenotoky), in which the 
paternal genome in males is genetically inert and is ultimately 
eliminated entirely, such that males pass on only their mater- 
nally inherited genes. Pseudoarrhenotoky occurs in some 


mites (Acari), in most scale insects (Hemiptera: Coccoidea), 
in fungus gnats (Diptera: Sciaridae and Cecidomyiidae), and 
in one group of bark beetles (Curculionidae, Scolytinae, 
Hypothenemus). Because arrhenotoky and pseudoarrhenotoky 
are essentially obligately sexual systems of reproduction that 
have little in common with the departures from sexuality 
represented by thelytokous systems, this entry focuses primarily 
on thelytoky. 


Occurrence of Meiosis 


The most fundamental feature of the canonical eukaryote life 
cycle is the alternation between meiosis, in which the DNA 
content of a diploid nucleus is halved, and syngamy, in which 
two haploid nuclei (usually, from a sperm and an egg) fuse to 
form a new diploid nucleus. This alteration is commonly 
called “the sexual cycle,” or simply “sex.” But since the word 
sex has even more different meanings than the word partheno- 
genesis, it is less confusing to use the technical term mixis to 
refer to this cycle. In many insects, the ancestral mictic cycle 
has been replaced by apomixis, in which there is neither meiosis 
nor syngamy; instead, new individuals arise from mitotically 
produced cells that are genetically identical (except for new 
mutations) to the parent that produced them. “Vegetative” 
reproduction in insects is in the form of embryos undergoing 
fission, a process known as polyembryony. As many as 2500 
individuals can develop in this way from a single egg. Poly- 
embryony in insects occurs regularly in parasitoids in a few 
families of Hymenoptera and in Strepsiptera and has been 
reported to occur sporadically in grasshoppers. Polyembry- 
onically produced insects will be genetically identical to each 
other, but not to their parents. 

Apomixis is a form of parthenogenesis, but the term 
parthenogenesis encompasses mictic cycles as well, in which 
an alteration of gamete production or of the early stages of 
embryo development allows the production of offspring with 
the same ploidy as their parents; if syngamy occurs, it is a 
fusion of two maternally derived nuclei. Thus, in automixis, 
a normal meiosis occurs in the course of oogenesis but the 
resulting offspring have only one parent; the contrasting term 
is amphimixis, in which gametes from two different parents 
join in syngamy. Automixis itself includes a diverse group of 
systems, which vary as to how and when diploidy is restored; 
the exact mechanism of diploidization determines whether 
homozygosity is enforced in every generation or heterozygosity 
is maintained for at least some time (Fig. 1). 

In premeiotic doubling, chromosomes are replicated prior 
to meiosis, so that the reduction—division process that is 
meiosis results in a diploid egg with the same chromosome 
complement as in the parent. Warramaba virgo (an acridid 
grasshopper) and the pseudogamous triploid ptinid beetle 
Ptinus clavipes are the only known insect examples. Maternal 
ploidy (in the following examples, diploidy) can also be 
restored by several postmeiotic means, all of which result in 
instant homozygosity at all loci. 


FIGURE 1 The meiotic process in five common forms of automictic 
parthenogenesis. One set of homologous chromosomes is followed up to the 
point of the restoration of maternal ploidy (the shaded circle), for each form; 
“T” indicates the first meiotic division, “II” the second. (A) The two products 
of the first meiotic division fuse. (B) The second polar nucleus fuses with the 
egg nucleus, an automictic process called “terminal fusion.” (C) A derivative 
of the first polar body fuses with the egg nucleus. (D) The products of a 
division of the egg nucleus fuse, “gamete duplication.” (E) The two central 
polar nuclei fuse, “central fusion.” Note that in A, C, and E, the zygote has 
the same chromosome constitution as the mother; heterozygosity is 
maintained indefinitely in A, but C and E allow heterozygosity to gradually 
decay through crossing-over. In B and D, the zygote consists of duplicated 
chromosomes, producing instant homozygosity. (Modified from 
Suomalainen et al, 1987.) 


In a process sometimes referred to as gamete duplication, 
the haploid egg nucleus replicates but the two products fuse. 
Examples are found in the Phasmatodea, Hemiptera (one 
aleurodid, various coccids), Lepidoptera (occasional in 
silkworm moths), Diptera (three Drosophila species), and one 
Hymenoptera (a cynipid wasp). In terminal fusion, syngamy 
occurs between genetically identical cells, the egg nucleus, and 
the second polar nucleus. Examples are found in Orthoptera 
tettigid grasshoppers), 
Homoptera (four coccid species from three different genera), 


(various tychoparthenogenetic 
Thysanoptera (one Heliothrips species), Diptera (the same 
three Drosophila species as above, one or two Lonchoptera 
species), and Hymenoptera (two tenthredinids, one aphelinid). 
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Central fusion represents a postmeiotic diploidization process 
in which all maternal chromosomes (and hence heterozygosity) 
are retained. It is characterized by the fusion of the two central 
polar nuclei, and examples include Lepidoptera (Solenobia 
triquetella, a well-studied psychid moth), Diptera (the partheno- 
genetic Drosophila spp. and Lonchoptera spp.), and Hymenop- 
tera (an ichneumonid wasp Venturia canescens and occa- 
sionally in the cape honey bee Apis mellifera capensis). A final 
postmeiotic process is the fusion of the egg nucleus with a 
product of the first polar nucleus, again restoring the original 
chromosome complement, a process that occurs in a 
collembolan and in Lepidoptera (four psychid moth species 
from three genera). 

Although the above-mentioned forms of automixis are 
considered to be parthenogenetic in the traditional sense, an 
exception is self-fertilization by an individual that produces 
both eggs and sperm (a hermaphrodite). Hermaphroditism 
in insects has been found only in three species of Jcerya scale 
insects, all of which are known to self-fertilize. 


Obligate, Cyclical, and Facultative Parthenogenesis 


Modes of reproduction can be thought of as arrayed along a 
continuum, in which the faithfulness of mother-to-egg repro- 
duction of a chromosome or set of chromosomes varies from 
about 50% (outbreeding sexuality) to about 100% (obligate 
apomictic parthenogenesis). Many of the intermediate modes 
of reproduction fall under the (again heterogeneous) categories 
of cyclic or facultative parthenogenesis. Cyclical partheno- 
genesis involves an alternation of one generation of sexual 
reproduction with one or more generations of parthenogenetic 
reproduction. The term facultative parthenogenesis potentially 
covers a great many possible life cycles, but it implies that a 
given individual can reproduce either sexually or asexually. 
Within the category of facultative parthenogenesis, an impor- 
tant subcategory is tychoparthenogenesis, in which eggs are 
typically fertilized, but if a clutch of eggs is left unfertilized for 
sufficiently long, a small proportion of them will begin develop- 
ment. The proportion of eggs that develop successfully to adults 
is usually extremely low; for example, for caught-in-the-wild 
Drosophila mercatorum, the chance of a female developing from 
an unfertilized egg who is herself capable of parthenogenesis 
is 1/10,000. Rare overall in insects, mites, and ticks, this capa- 
bility is rather common in some polyneopteran orders (in 
orthopterans, cockroaches, stick insects, and mantids) and also 
occurs in psocopterans, lepidopterans, and dipterans. Where 
the cytology is known, in all cases oogenesis is automictic. 
Tychoparthenogenesis provides evidence for genetic variability 
for parthenogenesis within normally amphimictic species. 
Artificial selection experiments with drosophilids and stick 
insects have been able to increase by up to a thousandfold the 
proportion of eggs that develop parthenogenetically. 

The categories of cyclical and facultative parthenogenesis 
intergrade when the number of parthenogenetic generations 
intervening between sexual ones is variable, as in certain 
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cecidomyiid midges, all aphids, and micromalthid beetles, all 
of which switch from parthenogenesis to sexuality in response 
to environmental cues. However, there is never more than one 
sexual generation before the switch back to parthenogenesis 
occurs. Only cynipid gall wasps are regularly cyclical in the 
sense that there are never two successive parthenogenetic gen- 
erations, although in cynipids, as in every other group with 
cyclic or facultative parthenogenesis, obligately parthenogenetic 
lineages have arisen multiple times. 


Occurrence of Mating 


Thelytoky is characterized by absence of mating; indeed, the 
first indication that an insect species might be thelytokous is 
the observation that no males exist in collections. In pseu- 
dogamy (also called gynogenesis), mating with males of the 
same or a different species is necessary; egg development is 
activated by contact with or penetration by sperm. After entry 
into the egg, paternal chromosomes degenerate, and only 
maternal chromosomes survive in the offspring. This process 
can be considered pseudofertilization because offspring 
develop clonally, and all will be female, and is thus genetically 
a form of parthenogenesis. Pseudogamy is difficult to observe, 
since mating does occur; it is usually discovered by noting that 
mated females regularly produce all-female broods. In insects, 
pseudogamy is found only in Coleoptera (two origins in Jps 
bark beetles and one species of ptinid beetle), two species of 
Lepidoptera, and one species each of Collembola, Orthoptera, 
and Homoptera. Possible cases of pseudogamy in acarines have 
not been confirmed. 

In hybridogenesis, the paternal genome is excluded during 
oogenesis such that ova have only maternally derived chromo- 
somes. The intact maternal genome is paired in each new 
generation with sperm from males of a sexually reproducing 
host species. Such hemiclonal reproduction was first discovered 
in vertebrates and to date is known in only one group of insects, 
stick insects of the genus Bacillus. Although classed along with 
pseudogamy as “sperm-dependent parthenogenesis,” it is actu- 
ally a hybrid form of reproduction; it combines sexual repro- 
duction, with respect to spermatogenesis, with nonrecombi- 
nant, clonal maternal genomes. 

Finally, regular inbreeding between close relatives (such as 
self-fertilization or brother—sister mating) has genetic conse- 
quences virtually identical to those of some forms of automictic 
parthenogenesis: extreme inbreeding should result in homozy- 
gous clones. Because of this, some evolutionary biologists 
include extreme inbreeding under a broader definition of 
parthenogenesis, despite the involvement of mating. The 
similarity to automictic parthenogenesis is enhanced by the 
fact that species with regular sibling mating usually produce 
only one or a few males per brood, such that populations are 
nearly all-female. The taxonomic distribution of extreme 
inbreeding is not precisely known; it has evolved frequently in 
bark beetles (Scolytinae), occurs sporadically in Hymenoptera 
(in which it has been intensively studied in parasitic wasps, 


but also is found in wasps, bees, and a few ants), eusocial 
Thysanoptera, and mites. 


ORIGINS AND GENETICS OF PARTHENOGENESIS 


Relatively little is known of the details of how parthenogens 
arise or of the genetic changes necessary to subvert the mictic 
cycle. Parthenogenesis seems often to have resulted from the 
genetic disturbances that accompany the intrusion of foreign 
chromosomes; all vertebrate parthenogens appear to have 
arisen from interspecific hybridization, as shown by studies 
of chromosomes, protein variation, and DNA sequences. A 
hybrid origin for thelytoky has also been shown for some of 
the best studied cases in insects, Warramaba grasshoppers and 
Bacillus stick insects (nonhybrid thelytokes also occur, in the 
latter). Experimental hybridization between presumed 
parental species has generated parthenogenetic forms 
indistinguishable from naturally occurring ones, in apomictic 
triploid pseudogamous Muellerianella delphacid leafhoppers. 
Interspecific hybridization in Oncopeltus milkweed bugs also 
has produced pseudogamy. 

However, at least three lines of evidence argue that partheno- 
genesis can evolve without hybridization, in at least some 
groups. In species with facultative parthenogenesis (such as 
tychoparthenogenesis), parthenogenesis clearly arises without 
interspecific hybridization. Also, clonal lineages that are 
genetically and morphologically similar or nearly identical to 
known sexual species have presumably originated without 
interspecific matings (e.g., thelytokous “races” of aphids and 
cynipid wasps that occur in otherwise cyclically partheno- 
genetic species). Finally, some species with thelytokous races 
are taxonomically isolated; Bromius obscurus exists as diploid 
bisexuals in North America but as triploid apomicts in 
Europe and is the only species in its genus. 

There is a third way in which parthenogens arise. Recently, 
the intracellular parasitic proteobacterium Wolbachia pipientis 
has been shown to induce automictic thelytoky in various wasps, 
certain thrips, and some mites, all of which are haplodiploid. 
Wolbachia causes gamete duplication in unfertilized eggs, 
leading them to develop as diploid females rather than hap- 
loid males. Since Wolbachia is not universally present in these 
haplodiploid groups, thelytoky has evolved both with and 
without the help of these microorganisms. 

Intensive cytological and genetic investigations frequently 
uncover the presence of multiple mechanisms for partheno- 
genetic reproduction in a species or group of species. The wing- 
less stick insect genus Bacillus provides an excellent example. 
Endemic to the Mediterranean region, the genus includes two 
sexual species, B. rossius (which also has thelytokous females) 
and B. grandii (strictly bisexual), and a thelytokous lineage 
known as B. atticus. Where two or three species occur in 
sympatry (as on the island of Sicily), hybridization occurs, 
which has resulted in the production of two hybridogens, the 
diploid automictic B. whitei and the trihybrid apomictic B. 
Lynceorum. Each Bacillus hybrid uses a different egg maturation 


process; however, they share the common cytological feature 
of an intrameiotic extra doubling of DNA, resulting in four- 
stranded chromosomes, which enables the meiotic process to 
produce balanced chromosome complements in gametes. 

Examples of multiple mechanisms within single species are 
provided by the extraordinary life cycles of Micromalthus debilis 
beetles and cecidomyiid midges Heteropeza pygmaea, Miastor 
metralaos, and Mycophila speyeri (all living in dead wood). In 
each of these species there are four different kinds of repro- 
ductive females: an adult female; a thelytokous paedogenetic 
larva (ie., a reproductively mature larva), an arrhenotokous 
paedogenetic larva, and a deuterotokous paedogenetic larva. 

A few studies have revealed something of the genetic basis 
for parthenogenesis, and it is likely that it will prove as varied 
as are the mechanisms of parthenogenesis. In Rhopalosiphum 
padi (the bird cherry-oat aphid), obligate parthenogenesis 
appears to be determined by a single locus and is recessive to 
cyclical parthenogenesis. In contrast, the predisposition for 
parthenogenesis in D. mercatorum was induced by genes at a 
number of independent loci. Some lineages of R. padi repro- 
duce largely by parthenogenesis but do produce some males 
(although no sexual females). There is some evidence that in 
several cases genes carried by these males have “converted” 
cyclically parthenogenetic lineages of R. padi into obligate 
parthenogens. 


CONSEQUENCES OF PARTHENOGENESIS: 
GENETIC VARIATION 


Parthenogenetic insect lineages usually consist of a variety of 
genetically distinct clones, each of which was derived inde- 
pendently from the ancestral sexual populations. Clones may 
vary in ploidy and in their genetic composition, and as a result 
parthenogenetic populations can exhibit considerable diver- 
sity in morphology, behavior, and life history. Although much 
less than the variability within an outbreeding amphimictic 
population (in which each individual is genetically unique), 
the clonal polymorphism of thelytokous forms implies a poten- 
tial for adaptation to a wider range of ecological conditions 
than would be possible for an invariant population. 


PATTERNS IN PARTHENOGENESIS: 
BIOGEOGRAPHY AND ECOLOGY 


Many parthenogenetic hexapods and mites, whether mictic 
or amictic, are common and abundant. In many cases, clonal 
forms are more widespread than their closest sexual relatives. 
Frequently, parthenogens have geographic distributions dif- 
ferent from those of the sexual taxa to which they are most 
closely related, a phenomenon known as geographic partheno- 
genesis. Geographic parthenogenesis in hexapods (but not 
acarines) often takes the form of parthenogens being closer to 
the poles (a latitudinal gradient) and at higher altitudes. Thus, 
the bisexual forms of several European weevils (e.g., 
Otiorhynchus scaber, Polydrosus mollis) and Solenobia bagworm 
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moths are found only in a few alpine sites thought to have been 
glacial refugia, while thelytokous forms of the same species 
are widespread in central and northern Europe. Psocoptera 
species with both thelytokous and bisexual forms follow a 
similar pattern in North America. 

A number of ecological patterns have been elucidated, to 
describe the distribution of parthenogenesis in hexapods and 
mites. For example, parthenogenesis seems to be associated 
with low dispersal capabilities (with winglessness in 
Phasmatodea, Orthoptera, and Lepidoptera) and. disturbed 
or ephemeral habitats (parthenogens often being categorized 
as “weedy”). Among mites, clusters of thelytokous taxa 
(including entire families and genera of “Endeostigmatida,” 
Mesostigmatida, Prostigmatida, and Oribatida) are strongly 
associated with soil dwelling (particularly with stable soil 
horizons), and thelytokous (vs nonthelytokous) oribatids are 
strongly overrepresented on oceanic islands. In Collembola, 
too, there is a strong association between soil dwelling and 
thelytoky, and the only cockroach with thelytokous races 
(Pycnoscelis indicus) is a burrower. 


CONCLUSION 


Parthenogenesis encompasses a variety of reproductive sys- 
tems and is often considered synonymous with “clonal repro- 
duction.” Indeed, the central feature of thelytokous partheno- 
genetic reproduction is that maternal genomes are normally 
passed on intact through a series of all-female broods. It is 
important to emphasize, however, that there are forms of 
automictic parthenogenesis in which recombination is 
possible and that in pseudogamous parthenogenesis, mating 
is necessary even though reproduction is essentially clonal. 

Parthenogenetic reproduction requires a mechanism to 
circumvent the normal halving of ploidy that results from 
gametogenesis. In insects, many mechanisms for the preser- 
vation or restoration of diploidy have evolved. Either meiosis is 
eliminated (apomixis) or diploidy is restored (automixis) during 
or after meiosis. Apomixis and some forms of automixis 
result in maintenance of heterozygosity, whereas other forms 
of automixis result in instant homozygosity. Far from being a 
reproductive curiosity, parthenogenesis has arisen in most 
insect groups, and many parthenogenetic species are both 
abundant and widespread. Thelytokous and pseudogamous 
taxa are so ecologically successful that we cannot simply view 
them as reproductive aberrations. However, because partheno- 
genesis leads instantly, or relatively quickly, to lineages of 
genetically identical individuals, parthenogens should be 
depauparate in genetic variation relative to comparable sexual 
forms. Given the success of clonal forms, we cannot always 
assume that genetic variability is vitally important in nature. 
We are encouraged, then, to search for patterns in the occur- 
rence of parthenogenesis that might explain when and why it 
is successful. 

The study of parthenogenesis can illuminate one of the 
central problems in biology, that of explaining the ubiquity 
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of sex and recombination, by revealing when and where 
genetic variability is important in nature. Insects and mites, 
because of their short life cycles and often large population 
numbers, are ideal organisms for studying the evolutionary 
and ecological consequences of parthenogenesis. 
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Pathogens of Insects 


Brian A. Federici 
University of California, Riverside 


athogens are viruses or microorganisms that cause disease. 

Like all other organisms, insects are susceptible to a variety 
of diseases caused by pathogens. Many of these pathogens 
cause diseases that are acute and fatal and therefore are used as 
models to study processes of infection and pathogenesis as well 
as to control populations of insects that are pests or vectors of 
plant and animal diseases. Generally, insect pathogens have a 
relatively narrow host range and thus are considered to be 
more environmentally friendly than synthetic chemical 
insecticides. The pathogens that cause disease in insects fall 
into four main groups: viruses, bacteria, fungi, and protozoa. 
This article discusses the primary biological properties of 
each of these pathogen groups, with specific emphasis on 
how these pathogens have been used to benefit humans. 


VIRUSES 


Viruses are obligate intracellular parasites, meaning that they 
can reproduce only in living cells and are composed in the 
simplest form of a nucleic acid, either DNA or RNA, and a 
protein shell referred to as the capsid. More complex viruses 
also contain a lipoprotein envelope. Insect viruses can be 


cultured in living hosts (i.e., i vivo) or in cultured insect 
cells (in vitro). In general, insect viruses are divided into two 
broad nontaxonomic categories, the occluded viruses and the 
nonoccluded viruses. Occluded viruses are so named because 
after formation in infected cells, the mature virus particles 
(virions) are occluded within a protein matrix, forming 
paracrystalline bodies that are generically referred to as either 
inclusion or occlusion bodies. In the nonoccluded viruses, 
the virions occur freely or occasionally form paracrystalline 
arrays of virions that are also known as inclusion bodies. 
These, however, have no occlusion body protein interspersed 
among the virions. 

The five most commonly encountered types of insect virus- 
es are iridoviruses, cytoplasmic polyhedrosis viruses, ento- 
mopoxviruses, ascoviruses, and baculoviruses. 


Iridoviruses 


Nonoccluded viruses with a linear double-stranded DNA 
genome, the iridoviruses (family Iridovirdae) produce large, 
enveloped, icosahedral virions (125-200 nm) that replicate 
in the cytoplasm of a wide range of tissues in infected hosts. 
Virions form paracrystalline arrays in infected tissues, 
imparting an iridescent hue to infected hosts, from which the 
name of this virus group is derived. Over 30 types are known, 
and these have been most commonly reported from larval 
stages of Diptera larvae, such as mosquito larvae, as well as 
from larvae of Coleoptera and Lepidoptera. Generally, the 
iridoviruses occur very broadly, and they are known from 
other invertebrates, such as isopods, as well as from certain 
vertebrates including frogs and fish. Observations of natural 
occurrence in host field populations suggest that one host 
range of each type is quite narrow, although in the laboratory 
iridoviruses are easy to transmit from one insect species to 
another by inoculation. Prevalence and mortality rates in 
natural populations of host insects are typically less than 1%. 


Cytoplasmic Polyhedrosis Viruses 


The cytoplasmic polyhedrosis viruses (family Reoviridae) are 
occluded double-stranded RNA viruses with a genome 
divided into 9 or 10 segments of RNA. These viruses, 
commonly referred to as CPVs, cause a chronic disease and 
reproduce only in the stomach of insects, where typically 
they form large (ca. 0.5-2 Um) polyhedral to spherical 
occlusion bodies in the cytoplasm of midgut epithelial cells. 
Infection in early instars retards growth and development, 
extending the larval phase by weeks. The disease is often 
fatal. In advanced stages of disease, the infected midgut is 
white rather than translucent brown because large numbers 
of polyhedra have accumulated there. This virus type is 
relatively common among lepidopterous insects and among 
dipterous insects of the suborder Nematocera (e.g., 
mosquitoes, blackflies, midges). CPVs are typically easy to 
transmit by feeding to species that belong to the same family 


of the host from which they were isolated, and thus the host 
range of this virus type quite broad. 


Entomopoxviruses 


The entomopoxviruses (family Poxviridae) are occluded 
double-stranded DNA viruses that produce large, enveloped 
virions (150 nm X 300 nm) that replicate in the cytoplasm of 
a wide range of tissues in most hosts, causing an acute, fatal 
disease. Occlusion bodies vary from being oval to spindle 
shaped and generally occlude 100 or more virions. These 
viruses have been most commonly reported from 
coleopterans, from which there are over 30 isolates, but they 
are also known from lepidopterous, dipterous (midges), and 
orthopterous (grasshoppers) insects. This virus type is easily 
transmitted by feeding, although where the experimental 
host range of individual isolates has been tested, it has been 
found to be relatively narrow, generally being restricted to 
closely related species. Insect poxviruses are related to 
vertebrate poxviruses, such as the variola virus, the etiological 
agent of smallpox, and they may be the evolutionary source 
of the vertebrate poxviruses. 


Ascoviruses 


The ascoviruses are a new family of DNA viruses (family 
Ascoviridae) at present known only from larvae of species in 
the lepidopteran family Noctuidae, where they have been 
reported from several common pest species such as the 
cabbage looper, cotton budworm, corn earworm, and fall 
armyworm. Ascoviruses cause a chronic, fatal disease of 
larvae. The virions of ascoviruses are large (130 nm x 400 
nm), enveloped, and reniform to bacilliform in shape; they 
exhibit complex symmetry and contain a linear, double- 
stranded DNA genome. During the course of ascovirus 
disease, large numbers of virion-containing vesicles 
accumulate in the blood of infected caterpillars, changing its 
color from translucent green to milky white. These virion- 
containing vesicles are formed by a unique developmental 
sequence in which each infected host cell cleaves into a 
cluster of vesicles as virion assembly proceeds. 

An interesting ascovirus feature is that transmission from 
host to host depends on vectoring by female endoparasitic 
wasps. Ascoviruses are extremely difficult to transmit by 
feeding, with typical infection rates averaging less than 15% 
even when larvae are fed thousands of vesicles in a single 
dose. In contrast, infection rates for caterpillars injected with 
as few as 10 virion-containing vesicles are typically greater 
than 90%, and experiments with parasitic wasps show that 
these insects can transmit ascoviruses. 


Baculoviruses 


Baculoviruses (family Baculoviridae) are large, enveloped, 
double-stranded, occluded DNA viruses. These viruses are 
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divided into two main types, commonly known as the nuclear 
polyhedrosis viruses (NPVs) and the granulosis viruses 
(GVs). Both NPVs and GVs are highly infectious by feeding, 
and in some insect species periodically cause epizootics, or 
widespread outbreaks of disease, that result in significant 
(> 90%) declines in caterpillar populations. 


NUCLEAR POLYHEDROSIS VIRUSES The NPVs (Fig. 1) 
are known from a wide range of insect orders but have been 
most commonly reported by far from lepidopterous insects, 
from which well over 500 isolates are known. Many of these 
are different viruses (i.e., viral species). NPVs replicate in the 
nuclei of cells, generally causing an acute fatal disease. The 
virions are large (80-200 nm x 280 nm) and consist of one 





FIGURE 1 Nuclear polyhedrosis virus polyhedra. (A) Wet mount 
preparation viewed with phase microscopy showing refractile polyhedra in 
two infected nuclei. (B) Transmission electron micrograph through a single 
polyhedron showing the enveloped rod-shaped virions, characteristic of 
NPVs, occluded within the polyhedral matrix. Upon ingestion, this matrix 
dissolves in the insect midgut, and the virions invade the host through 
midgut microvilli. 
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or more rod-shaped nucleocapsids with a double-stranded 
circular DNA genome enclosed in an envelope. The 
occlusion bodies of NPVs are referred to commonly as 
polyhedra because typically their shape is polyhedral. 
Polyhedra are large (ca. 0.5—2 tm) and form in the nuclei, 
where each occludes as many as several hundred virions. The 
NPVs of lepidopterous insects infect a range of host tissues, 
but those of other orders are typically restricted to the midgut 
epithelium. Some NPVs have a very narrow host range and 
may replicate efficiently only in a single species, whereas 
others, such as the ACMNPYV (i.e., the NPV of the alfalfa 
looper, Autographa californica), have a relatively broad host 
range and are capable of infecting species in other genera. 


GRANULOSIS VIRUSES The GVs, of which over 100 
isolates are known, are closely related to the NPVs but differ 
from the latter in several important respects. The virions of 
GVs are similar to those of NPVs but contain only one 
nucleocapsid per envelope. GVs are known only from 
lepidopterous insects. Like NPVs, they initially replicate in the 
cell nucleus, but pathogenesis involves early lysis of the nucleus 
(as virions begin to assemble), which in the NPVs occurs only 
after most polyhedra have formed. After the nucleus has lysed, 
GV replication continues throughout the cell, which now 
consists of a mixture of cytoplasm and nucleoplasm. When 
completely assembled, the virions are occluded individually in 
small (200 nm x 600 nm) occlusion bodies referred as gran- 
ules. Many GVs primarily infect the fat body, whereas others 
have a broader tissue tropism and replicate throughout the 
epidermis, tracheal matrix, and fat body. One, the GV of the 
grapeleaf skeletonizer Harrisina brillians, is unusual in that it 
replicates only in the midgut epithelium. 


Use of Viruses as Insect Control Agents 


The best example of the use of a virus as an insect control agent 
is the use of the NPV of the European spruce sawfly, Gilpinia 
hercyniae, as a classical biological control agent. The European 
spruce sawfly was introduced into eastern Canada from north- 
ern Europe around the turn of the century and had become a 
severe forest pest by the 1930s. Hymenopteran parasitoids 
were introduced from Europe in the mid-1930s as part of a 
biological control effort, and inadvertently along with these 
came the NPV, which was first detected in 1936. Natural epi- 
zootics caused by the virus began in 1938, by which time the 
sawfly had spread over 31,000 km?. Most sawfly populations 
were reduced to below economic threshold levels by 1943 and 
remain under natural control today, the control being effected 
by a combination of the NPV, which accounts for more than 
90% of the control, and the parasitoids. 

Although viruses, particularly NPVs, are frequently asso- 
ciated with rapid declines in the populations of important 
lepidopterous and hymenopterous (sawfly) pests, G. hercyniae 
NPV is the only example of a virus that has proven effective as 
a classical biological control agent. Another putative baculovirus, 


the “nonoccluded” baculovirus of the palm rhinoceros beetle, 
Oryctes rhinoceros, has been a quasi-classical biological control 
success in that once introduced into populations, can yield 
control for several years, but ultimately it dissipates and must 
be reapplied. Moreover, augmentative seasonal introductions 
have been effective only rarely and are not well documented. 
Thus, the control potential of most viruses is best evaluated 
by assessing their utility as microbial insecticides. From this 
perspective, the iridoviruses are essentially useless because of 
their poor infectivity by feeding. Cytoplasmic polyhedrosis 
viruses are not much better because, although highly infectious 
by feeding, the disease they cause is chronic. CPVs have, how- 
ever, been useful in some situations, such as for suppression 
of the pine caterpillar, Dendrolimus spectabilis, in Japan. 
Ascoviruses and entomopoxviruses have not been developed 
as control agents for any insect owing to lack of efficacy. 

For several reasons, the viruses most commonly used or 
considered as microbial insecticides in industrialized as well as 
less developed countries are the NPVs. First, NPVs are common 
in and easily isolated from pest populations. In addition, pro- 
duction in their hosts is cheap and easy, and the technology 
for formulation and application is simple and adaptable to 
standard pesticide application methods. Most NPVs, however, 
are narrow in their host range, infecting only a few closely 
related species. Furthermore, although several can be grown 
in vitro in small to moderate volumes (ca. 20- to 300-liter cell 
cultures), no fermentation technology currently exists for 
their mass production on a scale that would permit repeated 
applications to hundreds of thousands of acres, which is 
possible with Bacillus thuringiensis (Bt) chemical insecticides. 
These two key limitations have been major disincentives for 
the commercial development of NPVs, especially in indus- 
trialized countries. 

Despite these drawbacks, several NPVs have been 
registered as microbial insecticides even though the market 
size for most is small. And registered or not, several are used 
in many less developed countries, particularly for control of 
lepidopteran pests of field and vegetable crops. Moreover, 
over the past decade there has been renewed interest in 
developing NPVs because recombinant DNA technology 
offers potential for improving the efficacy of these viruses. 


Other Uses 


In addition to the use of NPVs in insect control, one 
baculovirus, the ACMNPV noted earlier, has been developed 
as an expression vector for producing a large number of 
foreign proteins in vitro. This expression system takes 
advantage of the strong polyhedrin promoter system, which 
in the wild-type viruses produces large amounts of the 
polyhedria used to occlude virions. By substituting foreign 
genes for the polyhedrin gene, it is possible to synthesize in 
insect cell cultures large quantities of foreign proteins, such 
as the capsid proteins of viruses that attack the vertebrates 
used for vaccine development. 
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Energy is everywhere within reach; it just needs to be ‘ 
harvested. This is the principle of energy harvesting. 
Today, energy harvesting wireless solutions are 
already well established in the commercial building 
automation sector. But the technology is just getting 
started. New application fields for batteryless, 
wireless communication will be found to further 
enhance the world around us. 


Based on energy harvesting wireless technology, a 
wide range of energy-autonomous applications are 
currently available for connected buildings that use 
motion, light, or temperature differences as their 
energy source such as batteryless switches; 
intelligent window handles; temperature, moisture, 
and light sensors; presence detectors, heating 
valves; and smart home systems. However, building 
automation is by no means where energy harvesting 
wireless ends. 





Multiple interconnections 


Everybody's talking about the Internet of Things (loT). But how should billions of communicating devices be powered? The : 
answer is by energy harvesting, and the reason is simple: Liberating sensors from external power, making them energy- ' 
autonomous, opens up unlimited processing and monitoring applications where cables or batteries represent an ii 
insurmountable hurdle. These features make energy harvesting wireless technology the ideal communication standard to ( 
easily and reliably interconnect thousands of individual devices in a system, as well as network them with other wireless 
protocols. 





i Today, energy harvesting wireless technology is widespread, providing M2M | 
HVAC Human Fire solutions in the building automation sector and bridging the control of light, 5, 
Life Safety Devices HVAC, and other fields of building technology to smart buildings, smart metering, 
and energy management systems. This is the starting point to actuate further 

applications that lead to the loT in the long term. The following four categories mw 
show what this could look like. i 


Monitoring and control 


Wireless and batteryless technology significantly eases energy monitoring and i 
control in buildings with little intervention into the existing systems. The wireless \ 
devices are highly flexible to install so that individual components, wall switches, 
sensors, and relay receivers can be easily networked to form an intelligent 

system without complex cabling. In addition, dispensing with batteries eliminates 

the burden of maintaining the devices’ energy supply in a regular time period, 

which can be up to each year. 





An example for such a flexible automation system is HVAC control. Here, a thermostat, VAV (variable air volume), or fan coil 
controller receives information related to occupancy, temperature, humidity, window position, or CO» from the respective 


batteryless sensors and controls the opening and closing of valve actuators for radiators, or dampers for VAV systems. At the 
same time, the controller sends status information to a central building automation system, and receives control messages 
from the BAS. This enables the building to be monitored from a central location that can be remote from the building itself, and 
building-wide settings, such as holiday shutdown, to be implemented. Enormous progress is also being made on the product 
side, leveraging advancements in energy harvesting. Self-powered radiator valves generate energy from the difference in 
temperature between the hot water and the surrounding air. This energy powers the communication with a controller or BAS 
system, and turns the valve itself. Without cables or batteries, these wireless devices are especially easy to install, and they 
require no maintenance. 


In further optimized systems, central equipment such as boilers or air handling units are integrated into the wireless 
communication system, enabling scalable HVAC generation, visible and controllable over the Internet on a PC, tablet, or 
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BACTERIA 


Bacteria are relatively simple unicellular microorganisms that 
lack internal organelles such as a nucleus and mitochondria, and 
reproduce by binary fission. With a few exceptions, most of 
those that cause disease in insects grow readily on a wide variety 
of inexpensive substrates, a characteristic that greatly facilitates 
their mass production. A variety of bacteria are capable of 
causing diseases in insects, but those that have received the most 
study are spore-forming bacilli (family Bacillaceae), especially B. 
thuringiensis. Many subspecies of Bt are used as bacterial 
insecticides and as a source of genes for insecticidal proteins 
added to make transgenic plants resistant to insect attack, 
especially attack by caterpillars and beetles. The other bacterial 
insect pathogens that have received various degrees of study are 
B. sphaericus, Paenibacillus popilliae, and P larvae, the latter 
being the etiological agent of foulbrood, an important disease of 
honey bee larvae, Serratia entomophila and S. marcescens. Several 
of these, in order of importance, are discussed here to represent 
the diversity of bacteria that cause disease insects. 


Bacillus thuringiensis 


B. thuringiensis is a complex of bacterial subspecies that occur 
commonly in such habitats as soil, leaf litter, on the surfaces 
of leaves, in insect feces, and as a part of the flora in the 
midguts of many insect species. Bts are characterized by the 
production of a parasporal body during sporulation that 
contains one or more protein endotoxins in a crystalline form 
(Fig. 2). Many of these are highly insecticidal to certain insect 
species. These endotoxins are actually protoxins activated by 
proteolytic cleavage in the insect midgut after ingestion. The 
activated toxins destroy midgut epithelial cells, killing sen- 
sitive insects within a day or two of ingestion. In insects species 
only moderately sensitive to the toxins, such as Spodoptera 
species (caterpillars commonly known as armyworms), the 
spore contributes to pathogenesis. Bt also produces other 
insecticidal compounds including B-exotoxin, zwittermicin 
A, and vegetative insecticidal proteins (Vips). 

The most widely used Bt is the HD1 isolate of B. 
thuringiensis subsp. kurstaki (Btk), an isolate that produces 
four major endotoxin proteins packaged into the crystalline 
parasporal body (Fig. 2B). This isolate is the active ingredient 
in numerous commercially available bacterial insecticides used 
to control lepidopterous pests in field and vegetable crops, 
and in forests. Another successful Bt is the ONRGOA isolate 
of B. thuringiensis subsp. israelensis (Bti), which is highly toxic 
to the larvae of many mosquito and blackfly species. This 
isolate also produces a parasporal body that contains four 
major endotoxins (Fig. 2B), but these are different from 
those that occur in Btk. Several commercial products based 
on Bti are available and are used to control both nuisance and 
vector mosquitoes and blackflies. A third isolate of Bt that 
has been developed commercially is the DSM2803 isolate of 
B. thuringiensis subsp. morrisoni (pathovar tenebrionis). This 
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FIGURE 2 Sporulating cell of Bacillus thuringiensis and insecticidal 
parasporal bodies. (A) Transmission electron micrograph through a cell of B. 
thuringiensis subsp. israelensis illustrating a developing spore (Sp) and 
endotoxin-containing parasporal body (PB) outside the exoporium 
membrane (E). Bar, 250 nm. (B) Scanning electron micrograph of parasporal 
bodies (crystals) of B. thuringiensis subsp. kurstaki, a subspecies used widely 
to control caterpillar pests. The bipyramidal crystals contain three endotoxins 
(CrylAa, CrylAb, and CrylAc), whereas the smaller cuboidal crystal 
contains a single endotoxin (Cry2A). The bipyramidal crystals contain three 
endotoxin proteins (CrylAa, CrylAb, and CrylAc), and the cuboidal 
crystal has an additional toxin (Cry2A). This toxin complexity accounts for 
the broad spectrum of activity of many isolates of B. thuringiensis subsp. 
kurstaki. (C) Transmission electron micrograph of a parasporal body of B. 
turingiensis subsp. israelensis used widely to control the larvae of mosquitoes 
and blackflies. This parasporal body is also composed of four major 
endotoxins, a large semispherical inclusion containing CytlAa, a dense 
spehrical body that apparently contains the Cry4Aa and Cry4Ba proteins, 
and a bar-shaped body that contains Cry11Aa. The endotoxin inclusions of 
this subspecies are held together by an envelope of unknown composition. 
This parasporal body has the highest specific toxicity of known Bt species, 
and this is due to synergistic interactions between the CytlAa and Cry 
proteins as well as synergistic interactions among the Cry proteins. Bt 
endotoxins act by destroying the insect midgut epithelium (stomach). 
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isolate produces a cuboidal parasporal body toxic to many 
coleopterous insects and is used commercially to control 
several beetle pests. 

All the above-mentioned isolates are essentially used as bac- 
terial insecticides, applied as needed. A variety of formulations 
are available, including emulsifiable concentrates, wettable 
powders, and granules, for use against different pests in a 
variety of habitats. On a worldwide basis, millions of hectares 
are treated annually with products based on Bt. Recent esti- 
mates indicate the worldwide market is about $80 to $100 
million and growing. Although most use is currently as a 
bacterial insecticide, plants have been engineered to produce 
Bt proteins for resistance to insects, and this use will probably 
surpass the use of Bt insecticides during the first decade of 
this century. 


Bacillus sphaericus 


Since the mid-1960s it has been known that many isolates of 
B. sphaericus (Bs) are toxic to certain mosquito species. Over 
the past three decades, three isolates have been evaluated for 
their mosquito control potential, 1593 from Indonesia, 2297 
from Sri Lanka, and 2362 from Nigeria. The 1593 and 2297 
isolates were obtained form soil and water samples at 
mosquito breeding sites, whereas 1593 was isolated from a 
dead adult blackfly. 

Like Bt, Bs acquires its toxicity as the result of protein 
endotoxins that are produced during sporulation and assem- 
bled into parasporal bodies. Bs is unusual in that the main 
toxin is a binary toxin, (i.e., composed of two protein subunits). 
These are proteolytically activated in the mosquito midgut to 
release peptides having molecular masses of, respectively, 43 
and 39 kDa, that associate to form the binary toxin, with the 
former protein constituting the binding domain, and the 
latter the toxin domain. The toxins bind to microvilli of the 
midgut epithelium, causing hypertrophy and lysis of cells, 
destroying the midgut and killing the mosquito larva. 


Paenibacillus popilliae 


P. popilliae is an highly fastidious bacterium that is the primary 
etiological agent of the so-called milky diseases of scarab larvae. 
These insects are the immature stages of beetles, such as the 
Japanese beetle, Popillia japonica, that are important grass and 
plant pests belonging to the coleopteran family Scarabaeidae. 
The term “milky disease” is derived from the opaque white 
color that characterizes diseased larvae and results from the 
accumulation of sporulating bacteria in larval hemolymph 
(blood). The disease is initiated when grubs feeding on the 
roots of grasses or other plants ingest the bacterial spores. The 
spores germinate in the midgut and vegetative cells invade the 
midgut epithelium, where they grow and reproduce, changing 
in form as they progress toward invasion of the hemocoel 
(body cavity). After passing through the basement membrane 
of the midgut, the bacteria colonize the blood over a period of 


several weeks and sporulate, reaching populations of 
100,000,000 cells per milliliter. For larvae that ingest a suffi- 
cient number of spores early in development, the disease is 
fatal. Dead larvae in essence become foci of spores that serve as 
a source of infection for up to 30 years. 

Despite decades of research, suitable media for the growth 
and mass production of P popilliae in vitro have not been 
developed. Thus, the technical material (i.e. spores) used in 
commercial formulations is produced in living, field- 
collected scarab larvae. Nevertheless, a small but steady 
market remains for P popilliae in the United States because of 
serious problems due to scarab larvae, such as damage to turf 
grass by larvae of the Japanese beetle. 


Serratia entomophila 


A novel bacterium named. S. entomophila causes amber disease 
in the grass grub, Costelystra zealandica, an important pest of 
pastures in New Zealand, and has been developed as a bio- 
logical control agent for this pest. This bacterium adheres to 
the chitinous intima of the foregut, where it grows extensively, 
eventually causing the larvae to develop an amber color; the 
result of infection is death. The bacterium is easily grown and 
mass-produced im vitro and can now be grown to densities as 
high as 4 x 10'° cells ml. Successful mass production of S. 
entomophila led to its rapid commercialization. It is now used 
to treat infested pastures in New Zealand at a rate of one liter 
of product per hectare. Liquid formulations of this living, 
non-spore-forming bacterium are applied with subsurface 
application equipment. The rapid development and com- 
mercialization of the bacterium, even though the use is rather 
restricted, shows how microbials can be successful in niche 
markets, where there are few alternatives, and mass production 
methods, the most critical factor, are available. 


FUNGI 


The fungi constitute a large and diverse group of eukaryotic 
organisms distinguished from others by the presence of a cell 
wall, as in plants, but lacking chloroplasts and thus the ability to 
carry out photosynthesis. Fungi live either as saprophytes or as 
parasites of plants and animals, and require organic food for 
growth, obtained by absorption from the substrates on which 
they live. The vegetative phase, known as a thallus, can be either 
unicellular, as in yeasts, or multicellular and filamentous, form- 
ing a mycelium, the latter being characteristic for most of the 
fungi that attack insects. During vegetative growth, the myceli- 
um consists primarily of hyphae, which may be septate or 
nonseptate, and these grow throughout the substrate to acquire 
nutrients. Reproduction can be sexual or asexual, and during 
this phase the mycelium produces specialized structures such as 
motile spores, sporangia, and conidia, typically the agents by 
which fungi infect insects. Fungi usually grow best under wet or 
moist conditions, and those that are saprophytic as well as many 
of the parasitic species are easily cultured on artificial media. 


The fungi are divided into five major subdivisions, and these 
reflect the evolution of the biology of fungi from an aquatic to 
terrestrial habitats. For example, species of the genera 
Coelomomyces and Lagenidium (subdivision Mastigomycotina) 
are aquatic and produce motile zoospores during reproduction, 
whereas members of the genera Metarhizium and Beauveria 
(subdivision Deuteromycotina) are terrestrial and reproduce 
and disseminate via nonmotile conidia. 

Unlike most other pathogens, fungi usually infect insects 
by active penetration through the cuticle. The typical life 
cycle begins when a spore, either a motile spore or a 
conidium, lands on the cuticle of an insect. Soon after, under 
suitable conditions, the spore germinates, producing a germ 
tube that grows and penetrates down through the cuticle into 
the hemocoel. Once in the hemolymph, the fungus colonizes 
the insect. Hyphal bodies bud off from the penetrant hyphae 
and either continue to grow and divide in a yeastlike manner 
or elongate, forming hyphae that grow throughout the insect 
body. Complete colonization of the body typically requires 7 
to 10 days, after which the insect dies. Some fungi produce 
peptide toxins during vegetative growth, and in these strains 
death can occur within 48 h. Subsequently, if conditions are 
favorable, which generally means an ambient relative 
humidity of greater than 90% in the immediate vicinity of 
the dead insect, the mycelium will form reproductive 
structures and spores, thereby completing the life cycle. 
Depending on the type of fungus and species, these will be 
produced either internally or externally as motile spores, 
resistant spores, sporangia, or conidia. 

Fungi are one of the most common types of pathogen 
observed to cause disease in insects in the field. Moreover, 
outbreaks of fungal diseases under favorable conditions often 
lead to spectacular epizootics that decimate populations of spe- 
cific insects over areas as large as several hundred square kilo- 
meters. As a result, there has been interest in using fungi to 
control insects for well over a century; the first efforts, in 
Russia in the late 1880s, used Metarhizium anisopliae to 
control the wheat cockchafer Anisoplia austriaca. Though there 
have been numerous attempts since then to develop fungi as 
commercial microbial insecticides, very few of these efforts 
have met with success. Thus, at present barely a handful of 
commercially available fungal insecticides are available for use 
in industrialized countries, and true commercial success has 
remained elusive. On the other hand, in developing countries 
(e.g., Brazil and China), “cottage industry” technology like 
that used to produce viruses has been turned to the production 
fungi such as M. anisopliae and Beauveria bassiana. A quasi- 
commerical product Boverin, developed and used in Russia for 
control of the Colorado potato beetle, proved ineffective in the 
United States. Current efforts to find alternatives to chemical 
insecticides have intensified research on fungi, with the aim of 
identifying new isolates or improving existing strains through 
molecular genetic manipulation. Researchers hope to obtain 
products that will prove more successful as either classical bio- 
logical control agents or mycoinsecticides. The subsections 


Pathogens of Insects 861 


that follow summarize briefly the critical biological features of 
selected fungi to illustrate the advantages and disadvantages of 
these as control agents. 


Aquatic Fungi 


Aquatic fungi of two types that attack mosquito larvae have 
received considerable study: species of Coelomomyces (class 
Chytridiomycetes: order Blastocladiales) and Lagenidium 
giganteum (class Oomycetes: order Lagenidiales). 

The genus Coelomomyces comprises over 80 species of 
obligately parasitic fungi that have a complex life cycle 
involving an alternation of sexual (gametophytic) and asexual 
(sporophytic) generations. The sexual phase parasitizes a 
microcrustacean host, typically a copepod, whereas the asexual 
generation develops, with rare exception, in mosquito larvae. In 
the life cycle, a biflagellate zygospore invades the hemocoel of a 
mosquito larva, where it produces a sporophyte that colonizes 
the body and forms resistant sporangia. The larva dies and 
subsequently the sporangia undergo meiosis, producing 
uniflagellate meiospores that invade the hemocoel of a copepod 
host, where a gametophyte develops. At maturation, the 
gametophyte cleaves, forming thousands of uniflagellate 
gametes. Cleavage results in death of the copepod and escape of 
the gametes, which complete the life cycle by fusing to 
biflagellate zygospores, which then seek out another mosquito 
host. The life cycles of these fungi are highly adapted to those 
of their hosts. Moreover, as obligate parasites these fungi are 
very fastidious in their nutritional requirements, and as a result 
no species of Coelomomyces has been cultured in vitro. 

Coelomomyces, the largest genus of insect-parasitic fungi, 
has been reported worldwide from numerous mosquito 
species, many of which are vectors of important diseases such 
as malaria and filiariasis. In some of these species, Anopheles 
gambiae in Africa, for example, epizootics caused in some 
areas by Coelomomyces kill greater than 95% of the larval 
populations. Such epizootics led to efforts to develop several 
species as biological control agents. For several reasons, 
however, these efforts were discontinued. One important 
factor was the discovery that the life cycle requires a second 
host for completion. Also contributing were the inability to 
culture these fungi i7 vitro and the development of Bti as a 
bacterial larvicide for mosquitoes. 

Alhough it is unlikely that Coelomomyces fungi will be 
developed as a biological control agents, interest remains in 
developing L. giganteum. This oomycete fungus is easily 
cultured on artificial media and does not require an alternate 
host. In the life cycle, a motile zoospore invades a mosquito 
larva through the cuticle. Once within the hemocoel, the 
fungus colonizes the body over a period of 2 to 3 days, 
producing an extensive mycelium consisting largely of 
nonseptate hyphae. Toward the end of growth, the hyphae 
become septate, and out of each segment an exit tube forms 
which grows back out through the cuticle and forms zoospo- 
rangia at the tip. Zoospores quickly differentiate in these, 
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exiting through an apical pore to seek out a new substrate. In 
addition to this asexual cycle, thick-walled resistant sexual 
oospores can be formed in the mosquito cadaver. 


Terrestrial Fungi 


The fungi that have received the most attention for use in bio- 
logical control are terrestrial fungi, with most emphasis placed 
on the development of selected species of hyphomycetes such 
as M. anisopliae and B. bassiana for use as microbial insec- 
ticides. In addition, the more specific and nutritionally 
fastidious entomophthoraceous fungi continue to receive 
attention, but for their potential use as classical biological 
control agents rather than as microbial insecticides. 
Representative examples of these terrestrial fungi are 
discussed in the subsections that follow. 


ENTOMOPHTHORALES These fungi comprise a large 
order of the class Zygomycetes that contains numerous genera, 
many species of which are commonly found parasitizing insects 
and other arthropods. The fungi routinely cause localized and 
sometimes widespread epizootics in populations of hemipter- 
ous and homopterous insects, particularly aphids and leafhop- 
pers, but also in insects of other types such as grasshoppers, 
flies, beetle larvae, and caterpillars. In addition, a few species 
of the genus Conidiobolus are able to cause mycoses in some 
mammals, including humans. Apart from these few species, 
most of the entomophthoraceous fungi are highly specific, 
obligate parasites of insects and therefore their use for biological 
control poses no threat to nontarget organisms. As with 
Coelomomyces, however, the complex nutritional requirements, 
which have thus far prevented mass production in vitro, and 
high degree of host specificity, make these fungi poor candi- 
dates for development as microbial insecticides. Moreover, the 
conidia are very fragile, providing a challenge to formulation, 
and the resistant spores, like the oospores of L. giganteum, are 
difficult to germinate in a predictable manner. Nevertheless, 
there is evidence that if cultural practices in crop production 
are modified, these fungi can provide effective insect control 
where they occur naturally, and through the introduction of 
foreign strains and species (i.e., a classical biological control 
approach). 

The most important genera found attacking insects in the 
field are Conidiobolus (aphids), Erynia (aphids), Entomophthora 
(aphids), Zoophthora (aphids, caterpillars, beetles), and Ento- 
mophaga (grasshoppers, caterpillars). Although many species 
of these genera cause epizootics and have received consid- 
erable study, none really seems to have much potential for 
development as a commercial microbial insecticide. On the 
other hand, cultural control, classical biological control, and 
environmental monitoring methods continue to show promise 
for using entomophthoraceous fungi for insect control. For 
example, the introduction of Erynia radicans from Israel into 
Australia to control the spotted alfalfa aphid, Therioaphis 


maculata, has proven a classical biological control success. 


A recent example of apparent classical biological control 
can he found in the natural outbreaks of Entomophaga 
miamiaga in larval populations of the gypsy moth, Lymantria 
dispar, an important pest of deciduous forests throughout 
several states comprising the middle Atlantic and New 
England regions of the United States. Outbreaks of E. 
miamiaga have reduced larval populations to below economic 
thresholds, and the fungus is spreading westward naturally, and 
with human assistance, to gypsy moth populations established 
in other states. The source of this fungus is Japan, although it 
is not clear when the fungus causing present outbreaks of 
disease first appeared in the United States. The fungus was 
purposely introduced into the United States around the turn 
of the century but seems not to have become established at 
that time. Then in the late 1980s, outbreaks of E. miamiaga 
began to occur in Connecticut and New York, and later in 
Virginia. In areas where it has established, given sufficient 
rainfall, the fungus seems to be capable of keeping the gypsy 
moth population below defoliation levels. It will require 
another 10 years of evaluation to determine whether this is a 
valid instance of classical biological control by a fungus. 


CLASS HYPHOMYCETES The hyphomycete fungi 
belong to the fungal subdivision Deuteromycotina 
(imperfect fungi), a grouping erected to accommodate fungi 
for which the sexual phase (perfect state) has been lost or 
remains unknown. This group contains the fungal species 
that most workers consider to have the best potential for 
development as microbial insecticides, B. bassiana and M. 
anisopliae, the agents of, respectively, the white and green 
muscardine diseases of insects. Unlike the fungi already 
discussed, these two species have very broad host ranges and 
probably are capable of infecting insects of most orders. 

With respect to the general life cycle of these fungi, the 
process of invasion, colonization of the insect body, and for- 
mation of conidiophores and conidia is similar to that described 
for the other fungi. During invasion and colonization, some 
fungal species produce peptide toxins that quicken host death. 
The infectious agent is the conidium (Fig. 3), and the taxo- 
nomy for the hyphomycetes is based primarily on the mor- 
phology of the reproductive structures, particularly the 
conidiophores and the conidia. Most of the hyphomycete 
fungi used or under development grow well on a variety of 
artificial media, and this attribute, along with their ability to 
infect insects via the cuticle, favors commercial development. 
In the “cottage industry’ commercial operations in Brazil, 
China, and the former Soviet Union, solid or semisolid sub- 
strates are used for production, and the primary ingredients 
are grain or grain hulls. 

In general, the development of B. bassiana and M. anisopliae 
is being targeted for control of insects that live in cooler and 
moist environments, such as beetle larvae in soil and planthop- 
pers on rice, though the former species is also being evaluated 
against whiteflies in glasshouses, as well as grasshoppers, espe- 
cially locusts, in field crops. In addition to these two species, 





FIGURE 3 Typical reproductive structures of deuteromycete (imperfect) 
fungi. (A—D) Wet mount preparation of conidia-generating cells and conidia 
of Verticillium lecanii, which commonly attacks aphids and whiteflies. The 
conidia visible as free conidia and conidial clusters in (B) and (D) are the 
principal infective units. When these come in contact with an insect host, 
they germinate and penetrate the body, forming a mycelium that colonizes 
the insect over a period of several days. When conditions are appropriate, 
typically meaning high relative humidity, hyphae penetrate back out 
through the cuticle, producing conidiophores, the visible branched 
structures in these panels (A—C), which form reproductive conidia at their 
tips. (Photomicrographs courtesy of Richard A. Humber, U.S. Department 
of Agriculture). 


several species with much narrower host ranges are considered 
to have potential for development, including Paecilomyces 
fumoso-rosea (for whiteflies), Verticillium lecanii (for aphids and 
whiteflies in glasshouses), Hirutella thompsonii (for mites), 
and Nomurea rileyi (for noctuid caterpillars). 

With these apparent advantages, it is natural to ask why 
none of the hyphomycete fungi have been commercially 
successful as microbial insecticides in developed countries. 
There are several reasons related to their biological properties. 
First and foremost is that the production of conidia or mycelial 
fragments that are used as the active ingredient of formulations 
is not cost-effective because too much material is required to 
allow the achievement of an acceptable level of control. In 
addition to the problem of inefficient yields, the formulations 
are bulky, and preservation of fungal viability beyond a few 
months is low because the conidia are fragile. In mosquito and 
blackfly control, similar constraints apply. In addition, the 
discovery of cost-effective strains of B. thuringiensis and B. 
sphaericus has generally eliminated imperfect fungi, as well as 
many other microorganisms, for consideration as biological 
control agents for these important nuisance and vector insects. 
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In developing countries, B. bassiana and M. anisopliae have 
been used in some crops with considerable success. For 
example, in China B. bassiana has been used to control the 
European corn borer, Ostrinia nubilalis, in maize. The fungus is 
produced in large covered pits on maize stalks. In Brazil, a 
preparation of M. anisopliae known as Metaquino has been 
used for many years on sugarcane plantations and in pastures to 
control the spittlebug, Mahanarva posticata. Fungal conidia are 
produced in sealed plastic bags on rice. Figures indicate that as 
much as 50,000 ha is treated annually, and reductions in 
spittlebug populations are sufficient to keep populations below 
damaging levels. In the South Pacific, MZ. anisopliae has also 
been used to assist control of the rhinoceros beetle, Orycetes 
rhinocerous, a serious pests of coconut palms. Application of 
conidia at a rate of 50 g per square meter of soil yielded 80% 
larval mortality and improved cococnut yields by 25%. While 
these are examples of local successes, their applicability to 
agricultural production in developed countries is questionable. 


PROTOZOA 


Protozoa is a general term applied to a large and diverse group 
of eukaryotic unicellular motile microorganisms that belong to 
what is now known as the kingdom Protista. Members of this 
kingdom can be free living and saprophytic, commensal, 
symbiotic, or parasitic. The cell contains a variety of organelles, 
but no cell wall, and cells vary greatly in size and shape among 
different species. Feeding is by ingestion or more typically by 
adsorption, and vegetative reproduction is by binary or mul- 
tiple fission. Sexual reproduction, often useful for taxonomy, 
can be very complex, but asexual reproduction occurs as well. 
Many protozoa produce a resistant spore stage that is also used 
in taxonomy. Divided into a series of phyla based primarily on 
mode of locomotion and structure of locomotory organelles, 
the kingdom includes the Sarcomastigophora (flagellates and 
amoebae), Apicomplexa (sporozoa), Microspora (micro- 
sporidia), Acetospora (haplosporidia, now thought to be a type 
of parasitic alga), and Ciliophora (ciliates). Protozoa of some 
types, such as the free-living amoebae and ciliates, are easily 
cultured im vitro, whereas many of the obligate intracellular 
parasites have not yet been grown outside cells. 

As might be expected from such a large and diverse group of 
organisms, many species of protozoans are associated with 
insects, and the biology of these associations covers the gamut 
from being symbiotic to parasitic. Those that are parasitic have 
the general feature of causing diseases that are chronic. Many of 
the parasitic types, especially the microsporidia, build up slowly 
in insect populations, eventually causing epizootics that lead to 
rapid declines in populations of specific species. These epizootics 
attracted interest in the possibility of using protozoa to control 
pest insects, and over the past several decades numerous studies 
have been aimed at evaluating this potential. In general, these 
studies have shown that protozoa hold little potential for use as 
fast-acting microbial insecticides because of the chronic nature 
of the diseases they cause and because commercially suitable 
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methods for mass production are lacking. However, as with the 
entomophthoraceous fungi, the possibility exists that proto- 
zoans, particularly microsporidia, may be useful as classical bio- 
logical control agents. Clear examples of the effectiveness of such 
strategies remain to be demonstrated. 

The life cycles and biologies that occur among the various 
protozoa that attack insects are too diverse in relation to their 
pest control potential for even a few to be covered here. Instead, 
the group with the most potential—the microsporidia—is 
described in terms of general biology and possible use in 
insect control. 


General Biology of Microsporidia 


The microsporidia (phylum Microspora) are the most common 
and best studied of the protozoans that cause important diseases 
of insects. Well over 800 species are known, and most of these 
have been described from insects. Microsporidia have been most 
commonly described from insects of the orders Coleoptera, 
Lepidoptera, Diptera, and Orthoptera, but they are also known 
from other orders and probably occur in all. The epizootics in 
insect populations caused by protozoa are usually due to 
microsporidia. All microsporidia are obligate intracellular para- 
sites and are unusual in that they lack mitochondria. In addi- 
tion, they produce spores that are distinguished from the spores 
of organisms of all other known types by the presence of a polar 
filament (Fig. 4), a long coiled tube inside the spore used to 
infect hosts with the sporoplasm. 

The typical microsporidian life cycle begins with the inges- 
tion of the spore by a susceptible insect. Once inside the midgut, 
the polar filament everts, rapidly injecting the sporoplasm into 
host tissue. The sporoplasm is unicellular but may be uni- or 
binucleate. Upon entry into the cytoplasm of a host cell (e.g., 
the fat body in many species of insects), the sporoplasm forms 





FIGURE 4 Representative microsporidian spore: transmission electron 
micrograph through a uninucleate spore of Amblyospora abserrati from a 
larva of the mosquito Ochlerotatus abserratus. The circular structures on each 
side of the spore are cross sections through the polar filament that is used to 
inject the contents of the spore into the mosquito body after ingestion and 
activation of the spore. (Photomicrograph courtesy of Dr. Theodore 
Andreadis, Connecticut Agricultural Experiment Station.) 


a plasmodium (meront), which undergoes numerous cycles of 
vegetative growth (merogony). During these, the cells multiply 
extensively, dividing by binary or multiple fission and spreading 
to other cells, and, in many species, to other tissues of the host. 
After several mergonic cycles, the microsporidian undergoes 
sporulation. This consists of two major phases, sporogony—a 
terminal reproductive division committed to sporulation—and 
spore morphogenesis. In the sexual phase of reproduction, 
meiosis occurs early during sporogony. The spores, which in 
general measure several micrometers in diameter and length, 
have a thick wall and are highly, refractile when viewed by phase 
microscopy. The disease often lasts for several weeks during 
which billions of spores may accumulate in the tissues of a 
single infected host. 

Microsporidian systematics is based on the size and structure 
of the spores, life cycles, and host associations. In addition to 
transmission by ingestion, many microsporidia are transmitted 
vertically from adult females to larvae via the egg (transovarially). 
With respect to host range, some species are species specific, 
whereas others occur in many species of the same family or 
order, and some can be transmitted to insects of different orders. 


Microsporidia as Biological Control Agents 


Naturally occurring epizootics caused by microsporidia are 
periodically very effective in significantly reducing insect pest 
populations. The problem is that these epizootics cannot be 
predicted with any degree of accuracy, nor can they be relied 
upon for adequate control, even though many of the condi- 
tions that facilitate their occurrence are known. The epizootics 
caused by Nosema pyrausta in populations of the European 
corn borer often a classic example of this unreliability. These 
epizootics are useful when they occur, but because this often 
happens too late to prevent economic damage, reliance on NV. 
pyrausta alone is insufficient. Thus, efforts have been directed 
toward developing methods for amplifying spore loads in the 
field through inundative releases, in essence using micro- 
sporidia as microbial insecticides. 

Because they are obligate intracellular parasites that lack 
mitochondria, microsporidia cannot be grown on artificial 
media. Several species have been grown, however, in estab- 
lished insect cell lines, although this is not practical for field 
use. For field application, whether for microbial insecticide 
trials or for introductions into populations, spores are grown 
in living hosts. With such methods the yield can be quite 
high (10°-10"° spores per host). These yields in terms of the 
number of larvae that must be grown to treat a hectare and 
infect most of the target population are comparable to the 
requirements for nuclear polyhedrosis viruses. Thus, if the 
microsporidia could cause acute diseases, they would be on 
an equal footing with many of the NPVs. However, the 
diseases are chronic, and even if a high percentage of the 
target pest population is infected, there all too often is little, 
if any, crop protection. In fact, if advanced instars such as 
thirds and fourths are treated, the larvae may live longer and 


cause greater crop damage than if the fields were left untreated. 
Thus, microsporidia are not useful as microbial insecticides. 

There is now a general realization that microsporidia and 
other protozoans have virtually no potential for use as micro- 
bial insecticides. They may, however, be useful as population 
management tools. 
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Phasmida 


(Stick and Leaf Insects) 


Erich H. Tilgner 
University of Georgia 


hasmida are nocturnal exopterygote insects. They exhibit 
a variety of unpredictable and bizarre shapes. Some look 
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FIGURE 1 A female of Oxyartes spinosissimus, a lichen mimic. 


like twigs or tree bark (Figs. 1, 2) and may seem to be covered 
by lichens or moss. Others are indistinguishable from living 
or dead leaves (Fig. 3), mimicking even leaf veins and mildew 
spots to perfection. Phasmida are large, and a few are remark- 
able for their gigantic size. The longest insect species in the 
world is Phobaeticus kirbyi from Borneo, with one documented 
female measuring 55 cm in length. Phasmida inhabit tropical, 
subtropical, and temperate forests, savannas, grasslands, and 
chaparral; their diversity is highest in the tropics. 


PHYLOGENY AND CLASSIFICATION 
Over 3000 species of Phasmida have been described. The 


genus 7imema from the western United States is considered to 





FIGURE 2 A male and female of Aplopus sp. in the act of mating. The 


smaller male is hanging off the back of the female. 


866 Pheromones 





FIGURE 3 A female of the walking leaf Phyllium bioculatum. 


be sister group to the remainder of the order, which is referred 
to as the Euphasmida. 7imema are small, wingless, and crypti- 
cally colored. Euphasmida are larger, winged or wingless, usually 
possessing an elongated mesothorax, and are stereotyped as 
stick or leaf insects (Fig. 4). Timema have no fossil record. 
The oldest Euphasmida fossils date to the middle Eocene, 44 
to 49 mya. Oligocene and Miocene fossils are known from 
Florissant shale, Baltic, and Dominican Republic amber. 











FIGURE 4 Female Euphasmida: (A) Phenacephorus auriculatus and (B) PR 


bioculatum. 





The taxonomy of the order is problematic. No workable 
classification scheme exists, and those that are available are 
not based on phylogenetic relationships. Assignment to a 
category such as family, tribe, even suborder provides so little 
information that it is almost meaningless. This is in contrast 
other insect orders, such as Coleoptera, where a suborder, or 
family-level identification, say, provides a wealth of biological 
information about the specimen. In spite of the lack of an 
acceptable classification, the fauna of a few areas, (e.g., Europe, 
Malaysia, Borneo, Japan, United States, Canada, New Zealand) 
have been sufficiently studied to permit tentative identifica- 
tion of species by nonspecialists. 


BIOLOGY 


Sexual dimorphism is extreme in the Phasmida, and it is diffi- 
cult to associate the sexes unless mating adults are found under 
natural conditions, or if males and females are obtained from 
the rearing of eggs in captivity. Reproduction is usually sexual, 
but many species are parthenogenetic. Eggs resemble plant 
seeds, are laid singly, and are either dropped, flicked, buried, 
glued to a surface, or riveted to a leaf: Some species rely on ants 
to disperse them. After successive molts, nymphs regenerate 
limbs lost by autotomy (the purposeful shedding of appen- 
dages). The entire life cycle takes from several months to 
several years depending on the species. Phasmida feed pri- 
marily on flowering plants, but a few eat either gymnosperms 
or ferns. The primary defense against predation is crypsis. 
Secondary defenses can include catalepsy (e.g., death feigning), 
startle displays, or the ejection of an irritating spray fired from 
a pair of prothoracic exocrine glands. 
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Pheromones 


Ring T. Cardé and Jocelyn G. Millar 
University of California, Riverside 


heromones are chemical messages that induce a behavioral 
reaction or developmental process among individuals of 
the same species. The term is derived from the Greek for 
“carrier of excitation” and was coined in 1959 by the German 


biochemist Peter Karlson and the Swiss entomologist Martin 
Liischer during their investigations of the chemicals that 
regulate caste development in termites. In 1963 E. O. Wilson 
and W. H. Bossert of Harvard University formally distin- 
guished two classes of pheromones. Releaser pheromones are 
messages that induce an immediate behavioral reaction in the 
receiver. The kinds of behavioral response evoked in insects 
are incredibly diverse, and they include alarm, defense, aggre- 
gation, attraction, kin and colony recognition, marking of ter- 
ritories and egg deposition sites, mating behaviors, recruit- 
ment, trail following, and even thermoregulation. In contrast, 
primer pheromones cause a physiological change in the receiver, 
such as development of a particular caste or sexual maturation, 
which eventually modifies the organism's behavior. 

All pheromones fall under the broader umbrella classifi- 
cation of semiochemicals—chemicals that are involved in 
communication. The two major classes of semiochemicals 
besides pheromones are allomones and kairomones. These 
are solely interspecific cues, in contrast to pheromones, which 
are always intraspecific cues. Allomones are chemicals that 
provide some advantage to the emitter (e.g., defensive secre- 
tions), whereas kairomones are signals that confer an 
advantage to the receiver (e.g., emanations used by a parasite 
to locate a host). This article only touches on the diversity and 
complexity of pheromone-mediated behaviors and develop- 
mental changes in insects. Communication among social 
insects, especially among ants, bees, wasps, and termites, 
involves a highly sophisticated pheromonal language, in which 
the interpretation of the individual chemical constituents or 
“words” depends on their particular combinations, ratios, 
concentrations, and even order of presentation. Context, that 
is, the recent experiences of the receiver and its physiological 
state, is all-important in response. 


SEX ATTRACTANT PHEROMONES 
OF LEPIDOPTERA 


The first definitive evidence of pheromone communication 
dates to experiments performed with the great peacock moth 
Saturnia pyri by the French naturalist Jean-Henri Fabre in 
the 1870s. Fabre sequestered a female moth in a screened 
cage following her morning emergence, to permit her wings 
to expand and harden. That evening more than 40 male 
moths arrived at Fabre’s study, “eager to pay their respects to 
their marriageable bride born that morning.” Further 
observations showed that cages that had housed virgin 
females also were attractive; this and other observations led 
Fabre to conclude that “effluvia of extreme subtlety” mediated 
attraction. Nearly 90 years would pass before microanalytical 
techniques would permit identification of the minute 
quantities of pheromone involved. 

The first pheromone to be identified was the sex 
attractant pheromone of Bombyx mori, the commercial 
silkworm. This silkworm is an entirely domesticated species 
that is no longer capable of flight; its female-emitted 
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FIGURE 1 Representative structures of lepidopteran (moth) pheromones. 
(A) Bombyx mori, the commercial silkworm (Bombycidae), (B) Hemileuca 
electra (Saturniidae), (C) Pectinophora gossypiella, pink bollworm 
(Gelechiidae), (D) Keiferia lycopersicella, tomato pinworm, (Gelechiidae), 
(E) Lymantria dispar, gypsy moth (Lymantriidae), and (F) Grapholita 
molesta, oriental fruit moth (Tortricidae). 


pheromone (Fig. 1) induces upwind walking and courtship 
behaviors in conspecific males. The German biochemist 
Adolf Butenandt (who received the Nobel Prize in 1939 for 
his work identifying the human sex hormones) spent more 
than two decades in this quest. In 1959 he identified 
(£10,Z12)-hexadecadienol as the single compound causing 
upwind walking and copulatory attempts and named it 
“bombykol.” To provide some perspective on this remarkable 
achievement, Butenandt and his coworkers extracted a half 
million female moths, finally isolating a few milligrams of the 
pure pheromone. Today’s modern methods of isolation and 
characterization (especially coupled gas chromatography and 
mass spectrometry) were not yet available. 

The amount of pheromone that is secreted from or is 
present in a pheromone-producing gland varies enormously 


868 Pheromones 


with species and, to some extent, behavioral function. Sex 
attractant pheromones may be present in microgram, 
nanogram, and even picogram (10°? g) quantities per 
individual. Microanalytical techniques are now so advanced 
that identifications on occasion can be made from either 
gland extracts or airborne collections from a few individuals, 
and with just nanogram or even lower quantities of natural 
chemical. Even the always tedious behavioral bioassays, long 
used to monitor for behaviorally active components of gland 
extracts and airborne collections, have been largely supplanted 
by using a living insect antenna as a detector. The electroan- 
tennogram (EAG) was pioneered in the mid-1950s by 
Dietrich Schneider, working at the Max Planck Institute near 
Munich, Germany. In the 1970s, Wendell Roelofs of Cornell 
University adapted this assay to speed up identifications. A 
moth antenna was used to monitor which fractions separated 
by gas chromatography contained the active components. 
Later applications mounted the EAG apparatus at the outflow 
of a gas chromatograph column, and this living detector 
indicated the presence (and the retention times) of compounds 
that were likely to be behaviorally active by means of an elec- 
trical signal elicited by the interaction of pheromone and the 
antennal receptors. These advances allowed chemists to zero 
in quickly on the compounds present in crude extracts that 
were most likely to comprise the pheromone. 

The sensitivity of a male silkworm to bombykol is 
legendary. It has been investigated by recording the electrical 
response of individual sensory hairs on their antennae (each 
antenna is equipped with 40,000 such hairs) and by 
monitoring a single male’s change from quiescence to wing 
fanning and upwind walking. The estimates are astonishing: 
one bombykol molecule is sufficient to induce the firing of 
an individual receptor, and a behavioral response can be 
evoked with only 200 molecules (-10~” g!). 

Pheromone structures now have been described for several 
hundred species of moths. Nearly all these pheromones induce 
upwind flight by the male to the pheromone-releasing female. 
The majority of known structures for moth pheromones 
(examples in Fig. 1) are hydrocarbon chains, usually 10 to 18 
carbons in length, with 1 to 3 double bonds and a terminal 
acetate, alcohol, or aldehyde. Less common structural motifs 
in moth pheromones include epoxides, ketones, and 
hydrocarbons with one or more double bonds or methyl 
branches; chain lengths known so far range from Cj) to C3. 
Many pheromones, such as those of the moths Hemileuca 
electra and Grapholita molesta, comprise blends of two, three, 
or even more components. Specificity of the chemical message 
is accomplished in many species by females emitting and males 
responding to precise ratios of their pheromone blend. For 
example, for males of G. molesta, the ratio of the (Z)-8- and 
(E)-8-dodeceny] acetate components must be very close to the 
95:5 mix produced by the female for maximum attraction. 
The use of blends and in some species precise ratios allows 
many closely related moth species to have “exclusive” 
communication channels, even though they share some 





FIGURE 2 Female of the day-active saturniid moth Hemileuca electra 
exposing her pheromone gland, located at the tip of her abdomen. Such 
pheromone-releasing behavior, termed “calling,” and the male’s mate- 


finding behaviors typically occur at set times of the day or night. In the 
Mojave Desert of California H. electra calls from midmorning to early 
afternoon; the closely related species H. burnsi, which shares pheromone 
components with H. electra, calls from midafternoon to dusk. Without 
exclusive times for mating activities, these species would cross-attract. 
(Photograph courtesy of Chris Conlan.) 


components of their respective blends. Other strategies for 
partitioning of the communication channel include restricting 
sexual activity to specific times of the day or night (Fig. 2). 

Pheromones of other types are produced by males of many 
moths and facilitate close-range recognition and acceptance by 
the female. In a few species the sexual roles are reversed, with 
male moths being the attractive sex and recruiting females. 
Many male butterflies also use pheromones in courtship, 
disseminating an “aphrodisiac” scent from scales on their wings 
or, in some butterflies, from specialized paired brushes located 
at the tip of the abdomen. However, butterflies do not attract 
mates with long-distance pheromones; instead they rely on 
visual cues for mate finding. 


ATTRACTANT AND AGGREGATION PHEROMONES 


Although long-distance communication by attractant 
pheromones is well established in nearly all moth lineages, 
pheromones are widely used by many insect groups in mate 
finding. Such messages are categorized as either sex attractant 
pheromones, if one sex attracts the other (as in moths), or 
aggregation pheromones, if both sexes are attracted. Feeding 
on a plant host and release of aggregation pheromones typi- 
cally are linked, and mating often occurs in such aggregations. 
Therefore aggregation pheromones can play a multifunctional 
role. Representative structures (Fig. 3) of sex attractants of 
insects other than moths include those of the cockroach, 
aphid, scale insect, caddisfly, sawfly, beetle, and true fruit fly. 
The chemistries of these messages are diverse, as are the 
locations of the glands responsible for their production. 


BARK BEETLE PHEROMONES 


Bark and ambrosia beetles (Scolytidae) use pheromones to 
facilitate colonization of host trees (aggregation) and to attract 
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Alarm systems are a second field that batteryless wireless 
technology is opening up, due to its specific features. Here, the 
reliability requirements are much more stringent than those 
required for lighting controls. A system failure not only means a 
malfunction but also can cause much more serious consequences 
for other systems that depend upon the equipment being 
monitored. It’s a fact that more malfunctions are caused by battery 
failures than by the electronics, especially in large systems. Energy 
harvesting overcomes this issue. 
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There are already various batteryless wireless water detectors 
available that use miniaturized solar cells or motion energy 
converters to power wireless signals that report water leaks in 
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areas such as water supply networks in spacious industrial 
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enocean 
facilities. In the AFRISO universal module, for example, the 


EnOcean wireless signal immediately sends the leakage information to a gateway controller or directly to a valve, causing the 
main water pipeline or the affected supply line to be shut off. A notification is sent to the user’s smartphone or smartpad at the 
same time to inform the user about the incident. In addition, the water valve can be opened and closed, independent of 
leakage notifications, by GSM connection via smartphone or smartpad. 


Embedded processing 


A major requirement of today’s and the future energy supply is the Smart Grid. It’s intended to network centralized and 
decentralized energy suppliers, including private homes producing electricity by photovoltaic installations, to an intelligent 
system that provides energy only when needed, updating in real time. This requires continuous data flow and processing from 
all involved parties, which means from millions of information points. 


A key component is smart metering systems. To work reliably and cost-efficiently, interoperability between the meters is 
supplied by different manufacturers; this is why smart metering calls for standardized technologies. Consequently, the 
members of the EnOcean Alliance have defined a specific device communication protocol, the Automated Meter Reading 
(AMR) profile for batteryless wireless devices. Smart meter systems based on this open protocol are already available from a 
number of manufacturers. For example, Eltako meter components read and transmit the current electricity, water, and gas 
consumption, including accumulated meter figures, by means of energy harvesting wireless technology located at a variety of 
points inside a building. BSC software monitors and displays the current meter readings and compares them against default 
values. This makes all relevant data available for systems processing for intelligent energy management on demand. 


Bridge to the cloud 


Via similar gateways, the standard-based energy 
harvesting technology can also communicate with 
Ethernet, Wi-Fi, GSM/UMTS/CDMA, and other 
networks for integration in cloud services. Here, all 
data collected by batteryless wireless sensors is 
encrypted and transmitted to a cloud service over the 
Internet. The gateways connected to a control and 
visualization software by TCP/IP that can be used to 
control all relay receivers and sensors bidirectionally. 
Some manufacturers have developed a cloud 
solution that offers energy management as a service. 
Therefore, facility managers, building owners, and 
businesses can monitor important inventory, 
equipment, assets, and energy-related information 
from anywhere at any time, via the cloud. Critical 
building-related data is automatically pushed to the 
cloud, freeing owners and managers from the often- 
challenging coordination and expense of hosting on- 
site servers. 
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One of the major advantages of such a cloud-based 
solution is that the management system arrives 
completely precommissioned from the manufacturer 
and ongoing device commissioning is expertly done 
on behalf of the client and pushed out from the cloud. 
The users are granted unlimited access to their remote, dedicated virtual server with their own IP address, accessible from a 
desktop or smartphone — the perfect precondition for a deeply connected world of an IoT. 
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Security & Safety 








The energy harvesting market is growing and multiplies on a year-by-year basis. Forecasts show that this trend will continue, 
especially as the next generation of energy harvesting wireless solutions is just around the corner to pave the way to the 
Internet of Things. 


Laurent Giai-Miniet is CEO of energy harvesting wireless solutions provider EnOcean and previously spent 20 years with Texas 
Instruments (Tl), where he held several management positions including General Manager for Low Power RF Products 
(LPRF). 
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FIGURE 3 Examples of sex attractant pheromones of insects from 
nonlepidopteran orders: (G) periplanone B, from the American cockroach, 
Periplaneta americana, (H) nepetalactone, a pheromone component of a 
number of aphid species, (I) pheromone of California yellow scale, 
Aonidiella citrina, (J1 and J2) pheromone components of caddisflies, (K) 
pheromone component of diprionid sawflies, (L) (2R,3R)-2,3-hexanediol, a 
pheromone component of the cerambycid beetle Hylotrupes bajulus, and (M) 
(R)-1,7-dioxaspiro[5,5]decane, from the olive fruit fly Dacus oleae. 


mates. Many scolytid species must attack a tree en masse if 
they are to overwhelm the tree’s defense, which consists of 
exuding sap into the tunnel that each beetle bores. The first 
beetles to arrive may identify the host by means of chemicals 
emitted by the host tree itself; as they bore into the tree, they 
release pheromones and increase emission of tree chemicals 
that together attract both male and female beetles. David 
Wood of the University of California at Berkeley and Robert 
Silverstein, then at Stanford Research Institute, worked out 
these intricate interactions in Dendroctonus brevicomis, the 
western pine beetle. Infestations begin when females are 
attracted to their principal host, ponderosa pine, by myrcene, 
a monoterpene the tree emits as a defensive compound 
(allomone) when injured or stressed, and by the tree’s 
silhouette. As the “pioneer” females bore into the tree’s bark, 
they release their pheromone, (+)-exo-brevicomin (Fig. 4), 
which is augmented by increased release of myrcene from the 
host tree. Males are attracted and, after one enters the 
female’s tunnel, he emits (—)-frontalin. The combination of 
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FIGURE 4 Pheromone components of Dendroctonus brevicomis, the western 
pine beetle. Myrcene is emitted by the beetle’s principal host, ponderosa pine 
(Pinus ponderosa). 


host-, female-, and male-released volatiles attracts many more 
males and females, ensuring that the tree’s sticky sap defense 
will be insufficient. Once males and females have mated, they 
alter their chemical message: males and females emit verbenone 
and trans-verbenol and males release (+)-ipsdienol (Fig. 4). 
Together, these three chemicals interrupt further attraction of 
males and females, thereby helping to regulate the level of 
infestation and avoiding overexploitation of the tree. 


PHEROMONES OF SOCIAL INSECTS 


Pheromones mediate many activities of social insects, 
including defense of the colony, recruitment to food, 
recognition of individuals and nestmates, and regulation of 
caste development. The exocrine glands that produce the 
various pheromones are dispersed throughout the body, as 
exemplified by those of leafcutter ants (Fig. 5). 


Alarm and Defense 


Charles Butler was the first to describe the behavioral effects 
of an insect alarm signal. He recognized in 1609 that the 
stinger of a honey bee (Apis) worker impaled on human skin 
or clothing attracts more bees to sting that site. The 
multifunctional role of this signal is shown by the reactions 
to the same chemical signal of guard honey bees at the 
entrance to their hive. The presence of an intruder can cause 
a guard bee to release alarm pheromone from her sting 
chamber; she disseminates this message into the hive by wing 
fanning, thereby summoning many bees. These alerted bees 
seem to be “agitated,” with rapid movements and mandibles 
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FIGURE 5 Location and function of pheromone-producing glands in 
leafcutter ants. [After Howse et al. (1998).] 


agape, poised to defend their colony. The sting chamber has 
more than 20 known pheromone components, most of which 
induce either alerting or stinging. The other behavioral reac- 
tions evoked by components of the sting chamber include 
lowering the number of foragers departing the hive and 
repelling foragers that have arrived at a food source. The 
main constituent of this mixture-evoked alerting and, to a 
lesser extent, stinging is isopentyl acetate, and the amount 
per worker changes dramatically with the behavioral task that 
bees are performing. In the first few days of an adult worker's 
life, when she is confined to housekeeping and brood- 
tending tasks inside the hive, essentially no isopentyl acetate 
is present; the amount rises to 4 to 5 Ug at several weeks of 
age, when she either assumes guard duties or starts foraging 
outside the hive; for the remainder of her life as a forager, the 
amount falls to approximately 2 Lg per stinger. Stinging itself 
seems to be released by many components of the sting 
chamber, including isopentyl acetate, and especially n-butyl 
acetate and 1-pentanol. As with many reactions of social 
Hymenoptera, the context in which the signal is released is 
crucial to the kinds of behavior evoked. Context must be 
taken into account in interpreting behavior and in devising 
diagnostic behavioral bioassays. For assays of honey bee 
stinging, for example, one standardized procedure is to 
provide a vibration of set intensity to the hive, followed by 
presentation in front of the hive entrance of a swinging target 
such as a cotton ball or piece of leather containing a 
candidate alarm pheromone. The number of bees attacking 
and stinging the target is used to score the level of response. 

Defensive behaviors of social insects are quite varied and 
difficult to categorize into mutually exclusive behaviors. 
Detection of an alarm pheromone by an ant, for example, 
can cause it to splay its mandibles, raise its head, bite, and 
spray an odoriferous and irritating defensive secretion toward 
a perceived enemy. Unlike attractant and aggregation 
pheromones, which typically are carried downwind in a 
turbulent wind flow, alarm pheromones are often released 
either in relatively still air within the confines of the colony 
or at ground level, where wind is attenuated. In such 
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FIGURE 6 Active spaces in still air of the principal components from the 
mandibular gland of the weaver ant, Occophylla longinoda. The pheromone 
has been deposited in the center and the boundaries of behavioral activity of 
each component 20 seconds later are represented. [After Howse et al. (1998).] 


situations, molecular diffusion largely or exclusively governs 
the distribution of pheromone, and the resulting 
concentration gradient of pheromone supplies potentially 
useful information about the direction toward the source of 
alarm. Thus, ants may run toward the source of pheromone 
(essentially up the odor gradient) or, at lower concentrations 
farther away from the odor source, movements may seem to 
be undirected with respect to the odor source. There are 
many kinds of defensive reactions and, in leafcutter ants, 
several glandular sources for alarm pheromones (Fig. 5). 

An instructive example is provided by the defensive 
reactions evoked by some of the more than 30 mandibular 
gland components of the weaver ant, Oecophylla longinoda, 
worked out in considerable detail by John Bradshaw, Philip 
Howse, and Ray Baker at the University of Southampton. If a 
droplet of mandibular gland secretion is daubed onto a flat 
surface in still air, the volatile pheromone diffuses outward at 
a rate that is dependent on its molecular weight and its 
diffusion coefficient. A region in which the concentration of 
pheromone is above the minimum required to elicit a 
particular behavioral reaction is termed an “active space.” The 
active spaces of each of the four principal components of the 
mandibular gland secretion 20 s after its deposition are shown 
in Fig. 6. The sequence of defensive activities seems to be 
ordered by proximity to the odor source. At the outer limit of 
the active space, worker ants encounter only hexanal above 
threshold levels. Ants show heightened levels of running with 
open mandibles, but their trajectory is not aimed toward the 
odor’s source. Ants that enter the 1-hexanol region, however, 
move up the odor gradient toward the odor’s source. Once 
they have reached the active space of 3-undecanone, this 
compound further facilitates orientation and lowers the 
threshold for biting, as does 2-butyl-2-octenal. Together these 


four compounds ensure that the ants are recruited to the site 
at which the alarm pheromone was released and that they 
attack an adversary that has been marked with this secretion. 
Mandibular gland components involved in defense, including 
other active constituents in addition to the four main 
constituents, vary within a colony among castes and even 
between major and minor workers. There also is substantial 
variation in a given caste among colonies, suggesting that 
different colonies may have unique defensive codes. 


Trail Following and Recruitment 


Social insects use trails of varying permanence to exploit food 
resources and sometimes for colony movement and relocation. 
E. O. Wilson's exhaustive study of what governs the persistence 
of the food trail of the fire ant, Solenopsis invicta, provides an 
example of how such systems function. A foraging worker that 
has encountered a suitable food source lays down a chemical 
trail by dragging its stinger sporadically along the ground as it 
returns to the nest. The trail pheromone is a mixture of 
farnesenes [mainly (Z,E)-o-farnesene] from their Dufour’s 
gland, and at any given moment each ant contains only about 
a nanogram of trail pheromone. The trail from one individual 
does not persist for long—the active space falls below 
threshold in less than 2 min, and its effective length is not 
much more than a meter. Solenopsis can even adjust the 
amount of pheromone deposited on the trail by altering how 
firmly it drags its sting. The amount of pheromone on the trail 
is regulated by three factors: the number of ants returning, the 
proportion of ants laying a trail, and the amount that each ant 
contributes to the trail. When the food is gone or an ant 
cannot reach the food source because of other ants, any ant 
that cannot feed simply does not reinforce the trail. 

The number of ants recruited to leave the nest for foraging 
is a direct function of the quantity of trail pheromone released 
by a returning forager: to induce nestmates to leave the nest 
and forage along the trail, the returning forager releases much 
more pheromone than is found along the trail itself. These 
simple rules followed by individuals allow mass recruitment, 
a sophisticated system whereby one group of ants transfers 
information about the quality of a food source some distance 
away to another group of ants. The seeming disadvantage of 
the impermanence of such trails is actually a useful feature of 
the system that permits ants to match the number of foragers 
to the quantity of the resource. 

Trail communication also is used in relocation of 
Solenopsis colonies. Scouts that have discovered a suitable nest 
location lay down a trail that other workers follow to the 
same site. If the location is indeed deemed favorable by new 
workers inspecting the site, these workers add pheromone to 
the trail upon their return trip to the nest; this leads to an 
exponential increase in traffic. Eventually the brood is 
transferred to the new nest, and the queen follows. Trails 
close to the nest of some ant species can be relatively 
permanent, lasting days, and these are called trunk trails. The 
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constituents of the trail pheromones are known for many ant 
groups, and they are produced from a variety of glandular 
sources, including the Dufour’s, poison, and sternal glands, 
and the hindgut. Trail pheromones also are widely used by 
termites in foraging activities. Chemical trails are also 
important to regulating foraging activities of colonial tent 
caterpillars (Lasiocampidae). Caterpillars that have located 
food on distant branches add pheromone to the silken trail 
on their return trip to the silk nest at which they spend their 
nonfeeding time. These marked paths are then followed 
preferentially by future foragers. 


Queen Pheromone of the Honey Bee 


As emphasized for alarm pheromones, a pheromone can 
communicate many meanings depending on context. The 
queen pheromone of the honey bee (Apis mellifera) exempli- 
fies this principle, which has been termed “pheromonal parsi- 
mony” by Murray Blum of the University of Georgia. The 
queen pheromone is produced by the queen’s mandibular glands 
and its five known components are 9-oxo-(E)-2-decenoic 
acid, (+)- and (—)-9-hydrox-(E)-2-decenoic acid, methyl p- 
hydroxybenzoate, and 4-hydroxy-3-methoxyphenylethanol. 
The queen produces about 500 Ug of this mixture daily, most 
of which is picked up by the continually changing retinue of 
a dozen or so workers that constantly groom the queen. 
Trophallaxis (interchange of food), antennation, and 
grooming among colony members in turn disperse queen 
pheromone throughout the colony. The releasing functions 
of the queen pheromone include the “retinue” behavior 
(attendance and grooming of the queen—these behaviors 
require all five components), suppression of construction of 
new queen cells, and a delay in swarming. 

Outside the hive, swarming bees without a queen are 
attracted to a source of 9-oxo-(E)-2-decenoic acid, but they 
will not form a cluster without the addition of 9-hydrox- 
(E)-2-decenoic acid. Drones (males) are attracted to virgin 
queens flying 10 or so meters above ground level by her 
release of 9-oxo-(E)-2-decenoic acid. Perhaps the most 
dramatic effect of the queen pheromone is in its governance 
of colony productivity. Without queen or queen pheromone 
in the colony, many workers remain idle. Queen pheromone 
stimulates comb construction, brood rearing, foraging, and 
food storage. Artificial application of queen pheromone 
increases all these activities. The queen pheromone also has a 
clear primer effect inasmuch as it inhibits development of the 
workers’ ovaries. In the absence of the queen (and the queen 
pheromone), egg production is triggered in up to one-quarter 
of the workers, and these “false queens” and other workers in 
turn produce some queen pheromone. 


Pheromones of Honey Bee Workers 


Honey bee workers produce diverse messages from a number 
of exocrine glands. The Nasonov gland (which queens and 


872 Pheromones 


drones lack) is situated on the seventh abdominal tergite. A 
worker exposes this gland by flexing its abdomen, usually 
while wing fanning and elevating its abdomen. The secretion 
contains mainly geraniol, geranial and geranic acid, and these 
influence foraging, marking and, when coupled with queen 
pheromone, clustering. Nasonov pheromone also is 
important to swarming. After a swarm has departed the hive, 
the first workers to arrive at a clustering site expose their 
Nasonoy gland, and the scent attracts other flying workers. 
Nasonoy secretions also are used in “house hunting.” A scout 
that has found a potentially suitable nest site returns to the 
swarm and communicates direction and distance by the 
dance language. Scouts release Nasonov pheromone at the 
site, thereby helping to attract more bees to evaluate its 
suitability. Nasnonov pheromone also is released by bees 
fanning at the hive’s entry; this odor (probably mixed with 
odors from the hive) seems to aid disoriented foragers in 
finding the hive’s entrance. 

The mandibular gland produces mainly 2-heptanone, 
which is released by guard bees as an alerting pheromone, 
and possibly to mark an intruder. This compound, perhaps 
in combination with other components of the mandibular 
gland, also may be used to mark flowers that are no longer 
productive, thereby improving foraging efficiency. Other 
pheromones labeled “footprint” pheromones mark the nest 
entrance, and a thermoregulatory pheromone causes nurse 
bees that are incubating pupae to raise their body tem- 
perature by means of muscle contractions. Capping of brood 
cells is induced by a pheromone consisting of mixture of four 
fatty acid esters. The examples of pheromonal communication 
in A. mellifera considered here provide a glimpse into the 
pervasiveness of pheromonal communication in this insect, 
and the diversity of reactions that can be mediated by 
pheromonal messages. 


Termite Pheromones 


The development of castes in termites seems to be governed by 
complex interactions between juvenile hormone, pheromones, 
and environmental conditions such as food availability and 
time of year. For example, in a colony of Kalotermes (a “lower 
termite”), the absence of a king and queen in the colony causes 
development of replacement (supplementary) reproductives 
from pseudergate workers, but with the establishment of a 
reproductive pair (or more), they secrete pheromones that 
induce pseudergates to eat the excess of reproductives. A 
queen-produced pheromone inhibits female pseudergates 
from becoming reproductively competent, and a male-produced 
pheromone similarly inhibits male pseudergates from 
becoming reproductive. In the absence of a queen, the king 
secretes a pheromone that stimulates production of females. 
The proportion of soldiers in the colony is also regulated by 
similar interactions. The identity of the pheromones that 
modulate the proportion of castes in a colony remains 
unknown. 


WHEN PHEROMONES BECOME KAIROMONES 


It is also worth noting that parasitoids and predators have 
coevolved to exploit and manipulate the pheromones of their 
prey. For example, a group of clerid beetles uses the pheromonal 
signals of bark beetles to locate and invade the tunnels of their 
prey in the bark and cambium layers of conifers. Similarly, 
pentatomid bug species frequently suffer high levels of para- 
sitism from parasitic flies from several families, or from special- 
ist wasp predators. It has been unequivocally demonstrated that 
these parasitoids use the bugs’ pheromones as kairomonal cues 
to locate hosts. The flies and wasps are attracted specifically to 
components of their host’s pheromone blend. For both the 
predatory clerids attacking bark beetles and the fly and wasp 
species attacking pentatomid bugs, the attraction to the 
pheromones of their prey can be so strong that traps baited with 
the prey pheromones actually catch more of the parasitoids or 
predators than the target species. 

However, illicit use of the pheromones of prey can go well 
beyond simply eavesdropping on pheromonal signals. In a 
fascinating example of coevolution, bolas spiders in the genus 
Mastophora (and several other genera) produce the 
pheromonal signals of their prey to lure the prey close 
enough to be caught by a swinging, sticky thread of silk. The 
prey are male noctuid moths responding to copies of the 
female pheromone. Even more extraordinary, there is evidence 
to suggest that within an hour or so, the spiders can change 
the pheromone lures they produce, to maximally exploit the 
different times of flight of prey species that respond to 
differing pheromone blends. 

A variety of insects that live inside and sometimes parasitize 
social insects such as ants and termites also have developed the 
ability to aggressively mimic the pheromonal signals of their 
hosts. For example, several staphylinid beetle species live inside 
termite nests, where they receive all their food from their hosts, 
and are groomed and cared for by their hosts as though they 
were indeed termite brood. The chemical cues that both 
prevent the termites from recognizing the inquilines and 
induce the feeding and grooming behaviors closely mimic the 
true pheromones used by the termites for these functions. In 
an even more aggressive example, the larvae of some syrphid 
flies are obligate predators on the brood of their ant hosts. The 
fly larvae produce a blend of cuticular hydrocarbons that 
closely matches the hydrocarbon profile of the host’s brood, 
effectively camouflaging the fly. The camouflage is so good 
that if the nest is attacked, the worker ants will carry the fly 
larvae to safety as though they were indeed ant brood. 


APPLICATION OF PHEROMONES 
IN PEST MANAGEMENT 


Insect pheromones have proven useful in pest control. Most 
of these applications use synthetic copies of pheromones that 
mediate either attraction or aggregation. Compounds are 
formulated in protective matrices or reservoirs that emit the 


pheromone over weeks or months. Pheromone-baited traps 
are used to detect exotic invaders, to decide whether pest 
levels are sufficient to warrant intervention, and to time the 
application of conventional insecticides or other control 
measures. For example, the spread of the gypsy moth 
(Lymantria dispar) in the United States is monitored with 
inexpensive pheromone-baited traps whose sticky internal 
surface ensnares males. Approximately 350,000 traps are 
deployed yearly to determine the extent of spread of the 
European strain of the gypsy moth from the eastern portions 
of the United States to the Midwest and South, or, especially 
along the west coast, to signal the occasional invasion of the 
Asian gypsy moth strain. 

Pheromones also are used for direct population control. 
The tomato pinworm (Keiferia lycopersicella), for example, is a 
devastating pest of tomatoes in Mexico, largely because this 
moth is highly resistant to insecticides. Application of 
“cocktails” (mixtures of two or more insecticides) as many as 
40 times during a crop cycle may not prevent complete crop 
loss. Ideally, however, if a tomato field is blanketed with plastic 
dispensers that release micrograms per hour of synthetic 
pheromone, the emitted pheromone will interfere with normal 
mate-finding activities of males, even if the pinworm 
population is initially at high density. Just how mating 
disruption works is not fully established, but efficacy likely 
involves the additive effects of habituation of responsiveness (a 
presumed central nervous system phenomenon) and some 
competition for the male’s attention between the natural 
emitters, the females, and the numerous sources of synthetic 
pheromone. The amount of synthetic pheromone needed to 
disrupt mate finding is quite small: typical application rates are 
several grams per hectare per week, and nearly all pheromones 
are nontoxic and nonpersistent. This technique is now 
commonly used to control several dozen moth species. 


CONCLUSION 


Pheromones are a dominant form of communication in most 
insects, and the messages conveyed serve myriad behavioral 
and physiological functions. Current microanalytical 
techniques permit identification of many of these messages, 
even though they occur in minuscule quantities. Studies 
expanding our understanding of the chemistry of these 
messages continue, although in many pheromone systems 
our ability to characterize the chemicals produced is in 
advance of our progress in understanding the evoked 
behaviors, particularly among the complex communication 
systems of social insects. Current frontiers of investigation in 
insect pheromones include establishing how genes control 
biosynthesis, how these chemicals are transduced into an 
electrical signal in the receptor cells of the responder, and 
how the signals are processed in the brain, leading to a 
behavioral output. Only a few structures of primer 
pheromones have been elucidated, and consequently much 
remains to be learned about their mode of action. 
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horesy is a special kind of commensal relationship in 

which one organism (the phoretic or phoront) attaches to 
another (the host) for a limited time period to enhance 
dispersal of the phoront from the natal (or birth) habitat, 
resulting in colonization of a new and potentially better 
habitat. In addition to transport, the phoretic host may 
incidentally provide substrate, shelter, and even some indirect 
defense or protection for the phoront, but the strict 
definition of phoresy excludes any direct physiological 
benefit during transit. For example, the host does not provide 
the phoretic with food while in transit nor does it contribute 
to the ontogeny (development) of the phoretic during 
transit. If feeding does occur, the more appropriate term to 
describe this relationship would be parasitism. Although 
phoresy is not a form of parasitism, phoresy can eventually 
extend into a parasitic association (see below). Alternatively, 
if the host receives a benefit from its passenger the 
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relationship is again not phoresy, but a form of mutualism. 
Thus, this discrete definition of phoresy separates phoresy 
from all other forms of symbiotic interactions. 

The term phoresy is uniformly applied throughout the 
plant and animal kingdoms and does not exclusively apply to 
interactions of, or with, insects. Seeds that hitchhike on fur 
and pants are phoretic. The remora fish (Echeniedea: Remora 
remora) has a dorsal fin modified into a sucker that allows it 
to attach to the sides of larger fish and turtles, using them for 
phoretic transport. However, if the remora also snatches 
pulverized leftovers created during feeding by the host, this 
act violates the strict definition of phoresy. It soon becomes 
clear that it can be difficult to distinguish phoresy from other 
forms of symbiosis. Detailed aspects of behavior, natural 
history, and physiology are essential to a firm understanding 
of interspecific associations. 


PHORESY AMONG INSECTS AND ARACHNIDS 


Phoresy among arthropods has been recognized since at least 
the mid-1700s. It was formalized and defined by Lesne in 1896 
as “those cases in which the transport host serves its passenger 
as a vehicle.” The etymology of the word unites the perspective 
of both the phoretic (por (Gr.) = thief) and the host (phoras 
(Gr.) = bearing) within the interaction and has a counterpart to 
most forms of human transport: a “boat” in aquatic phoretic 
interactions, a “bus” in terrestrial settings, and an “aircraft” in 
aerial transport. Despite the medium being traversed, there are 
general principles that seem to be consistent among phoretic 
relationships, but these are not inclusive and exceptions occur: 
(1) the phoretic is usually much smaller than its host; (2) there 
are often several phoretic passengers on any individual host, and 
mass transit is not uncommon; (3) the phoretic does not have 
an effective means of independent dispersal (e.g., wings or 
oars), whereas the host usually is quite mobile; (4) phoresy has 
played a role in dispersal for a long time and evidence of 
phoretic relationships can be found in Baltic and Dominican 
amber from as far back as the early Tertiary (40 mya); (5) 
phoresy is a response to degradation of an ephemeral habitat 
(transient habitats available for relatively short periods of time, 
e.g., beach wrack, dung, etc.) or depletion of a limited resource; 
(6) phoretics dismount from the host when a suitable new 
habitat is encountered by the host, indicating that the phoretic 
has sensory recognition and interpretation of some element in 
that habitat; (7) usually only one member of a complex life 
cycle participates in the phoresy and the other members in the 
life cycle are not phoretic; in such cases, the phoretic may come 
from among any of the life stages (adult, nymph, or larva); (8) 
phoresy may be highly coevolved and stenoxenic when both the 
phoretic and the host are trophic specialists or very 
indiscriminant, in which case many “buses” may lead to 
alternate and appropriate habitats; (9) phoresy may be obligate 
(required) or facultative (occurring under some conditions); 
(10) phoretics may have little morphological adaptation specific 
to the attachment to the host (e.g., hold on with mouthparts or 


clasp with legs) and some have extensive modifications specific 
to attachment (e.g., extensive sucker plates or highly modified 
grasping legs); (11) enhanced by wind currents, phoresy is 
effective across impressive distances and there is even evidence 
of transoceanic voyages; (12) phoresy may be continual or 
seasonal, period, or cyclical; (13) the phoretic and the host may 
come from very different branches of the “tree of life,” as 
divergent as humans and plants, or from within related lineages 
(e.g., different insect orders); and (14) phoresy has originated 
independently several times within one lineage, in some 
instances (e.g., Meloidae or the blister beetles). 

Most insect orders have members that participate in 
phoresy; however, the Diptera and Coleoptera form some of the 
most extensive phoretic associations with vertebrates, other 
insects, and mites. They can participate in phoresy as phoronts, 
as well as phoretic hosts. An interesting example of an insect as 
a phoretic host is the case of a common phoretic nematode, 
Pelodera coarctata, and its dung beetle host, Aphodius. As a dung 
pat deteriorates and dries, a special resistant phoretic nematode 
larva is produced that attaches to visiting dung beetles. The 
phoretic nematodes remain in a dormant state on the beetles 
until the beetles arrive at a fresh dung pat. Then the nematodes 
emerge, become active, and begin a new population of free- 
living nematodes. 

Pseudoscorpions (arachnids that looks like small scorpions) 
are notorious phoronts, found on an impressively large array of 
insect hosts: Diptera, Hymenoptera, Coleoptera, Odonata, 
Orthoptera, Heteroptera, Lepidoptera, Trichoptera, harvest- 
men (Opiliones), spiders, birds, and even small mammals. 
Pseudoscorpions attach by the chela, or venomous pedipalps, 
and hold on tightly enough to prevent being brushed off or 
blown off the host during transit. In one interesting phoretic 
interaction, a neriid fly that began as a phoretic host for a 
species of pseudoscoprion then becomes a postdispersal meal at 
the end of the journey: a case of turning the bus into a lunch 
wagon at the point of destination. 

However, by far the most impressive radiation of phoretic 
associations occurs among the mites (Fig. 1). Intense selection 
pressure results in phoresy when organisms are of such extreme- 
ly small size and they do not possess wings for dispersal. Small 
body size allows mites to exploit limited ephemeral resources 
that would be too small to be useful to larger organisms (e.g., 
a dead snail or nectar within a single flower). Because these 
resources are small, they degrade quickly and disappear rapidly. 
And, there may be large distances between them. 

To survive, mites must travel to a better resource. Thus, 
they spend their lives tracking transient habitats. Establishing 
phoretic relationships with other organisms traveling among 
the same kinds of habitats gives them more rapid and direct 
access to a potentially better future and enhances their chances 
of survival. 

Dung beetles, for example, thrive on dung, but as the 
dung dries and turns to soil it is no longer useful to the dung 
beetles. As the beetles depart, mites using the dung patties 
climb on board and hitch a ride to the next site. The journey 





FIGURE 1 Example of a mite—beetle phoretic relationship. The mites on the 
head and body of the Nicrophorus beetle are likely Poecilochirus 
(Mesostigmata: Parasitidae), which feed on nematodes in the beetles’ nest 
chamber. (Photographed in Carrer County, Minnesota, by Raphael Carter.) 


would be perilous if these soft-bodied mites had to depend 
on walking the distance to their next meal. As the phoretic 
association progresses, the mites becomes increasingly 
dependent on those organisms that provide the most direct 
route to the best habitats. 


EVOLUTION OF PARASITISM FROM PHORESY 


Phoresy may begin with unrelated organisms moving inde- 
pendently among shared habitats. A relationship between a 
phoretic and a potential host can be established when some of 
the members of the population incidentally and randomly 
climb on board and are then delivered fortuitously to a habitat 
suitable for population growth. If encounters are repeated and 
consistent, mites develop cues to the most productive of these 
associations. Successful relationships become even more 
specialized and eventually stenoxenic. In some instances, 
phoretic association can become an intermediate step that 
grades into parasitism when the phoretic finds a way to get a 
meal, as well as transport, from the host. 

A well-documented case of a phoretic relationship 
becoming parasitic is that of the mite Hemisarcoptes and the 
coccinellid beetle Chilocorus. Both feed on diaspid scale 
insects and the association originated as a phoretic 
relationship. However, coccinellid beetles are reflex bleeders 
and Hemisarcoptes has become adapted to the reflexed 
alkaloid toxins in the hemolymph and now requires it to 
molt and complete its development. Because feeding and 
completion of ontogenesis are part of the contribution of the 
host, this relationship has graded into parasitism. Other 
related members of the same mite family (Hemisarcoptidae), 
which use other phoretic hosts, remain phoretic. This is good 
evidence that phoresy can be an end point and that it can also 
progress to other forms of symbiosis (e.g., parasitism). 
Phoresy thus benefits the individual, but it can also act to 
enhance the diversity and complexity of community 
interactions within and among habitats. 
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Photography of Insects 


Mark W. Moffett 
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uality photography of small animals in the field depends 
on rapid response to opportunities; this requisite is often 
impeded by the need to constantly root around in overstocked 
camera bags for the “right” piece of equipment. This article 
the author's 
photography, which is to improvise with as little gear as 


describes personal approach to _ insect 
possible. If it doesn’t fit comfortably in your backpack, why 
have it at all? This philosophy may not be relevant to the 
intended audience of most insect photography essays, namely, 
the museum curator, studio photographer, artist, or laboratory 
scientist, who have time to “set up” a picture. Specific brands 
are not considered here. In part this is because the market is in 
flux with the ongoing technological shift to autofocus and 
digital cameras and, in part, because the quality of lenses 
produced by any of the major camera lines today is sufficient 
to produce excellent photographs. Expensive gear is not a 
necessity for the best results. 

For all but the largest insects or insect-produced structures 
such as nests, capturing insects on film typically requires 
macrophotography, which is photography at a magnification 
of 1:1 (“life size”) or greater, which is the focus of this article. 
At 1:1, subjects are the same size on the film as they are in life. 
That is, the image of a 30-mm-long beetle measures 30 mm 
in length on the film negative or slide, which means it fills 


876 Photography of Insects 


most of the frame in a photograph on 35-mm film. For a 3- 
mm beetle to appear just as large (i.e., so that it is likewise 30 
mm in length on the film) requires 10 times life-size magni- 
fication, which is typically described as “X10,” or 10:1. The 
measurements are taken from the original film exposed in the 
camera, so prints made from a negative or slide would enlarge 
the subject beyond this size. For example, a 35-cm-wide print 
of the 3-mm-long beetle at x10 on 35-mm film shows the 
beetle 30 cm in length, or 100 times its natural size. 

One of the wonders of a well-executed insect photograph 
is that the subject’s original size is forgotten: the small beetle 
is just as imposing as the large one. This actually makes 
photography a wonderful medium for entomologists. Not 
realizing this, photographers often concentrate on insects that 
are impressive merely for their size. In fact, when not 
photographed on the photographer's hand, many large insects 
can look small on film. Similarly, elephants may be spectacular 
in life, but on film we can only make one appear smaller than 
it really is. I recall my mentor at National Geographic, editor 
Mary G. Smith, taking her first look at my first “macro” 
images in 1986 (Fig. 1), which were photographs of marauder 
ants killing prey. She exclaimed that they reminded her of the 





FIGURE 1 An 8-mm-long major worker (“soldier”) marauder ant, 


Pheidologeton diversus, killing a centipede that has been pinned down by 
numerous smaller minor worker ants in Malaysia. 


movie “Terminator,” even though the ants looming over 
doomed prey in my pictures were just a few millimeters long. 
A criterion for a good insect photograph is that viewers are as 
surprised as Mary when a subject’s size is revealed. 


LENSES 


Although regular lenses can be used in combination with other 
equipment to produce images of life size or greater, for 
example, by adding extension tubes or magnifying filters, the 
results can be inferior to the photographs made with standard 
“macro lenses.” Although the term “macro” has been watered 
down in recent years by its application to lenses that focus 
relatively closely to the subject, true macro lenses focus all the 
way to 1:2 or 1:1 (sometimes an extension tube may be 
required for 1:1). These macro lenses are the sharpest, most 
optically corrected lenses produced by most companies and 
thus can be a wise investment. Many of them (typically those 
with focal lengths of about 50, 100, or sometimes 200 mm) 
can also be used as regular lenses, in which case they 
completely replace any other lens of a similar focal length. It 
should be noted that some of the optical precision of macro 
lenses relates to their having a “flat field” of focus. This 
characteristic is seldom important when working with live 
insects, unless perhaps one is in the habit of photographing 
straight down on flat insects living on the kitchen floor. Thus, 
when used with care, some less expensive lenses may be just as 
good in the field as true macro lenses, even when used at 
magnifications as high as 1:1. 

A constant problem in insect photography is the distance 
from the front of the lens to the subject. With a macro lens 
set to a high magnification this distance may be only a few 
millimeters, so it takes practice not to disturb the insect when 
preparing to take a picture. In this regard stalking an insect is 
little different from stalking a leopard or a deer. As one moves 
the camera until the quarry comes into focus, one can learn 
to recognize through the viewfinder the moment when an 
insect detects the photographer. Each insect can require a 
different stalking technique. 

Ifa short working distance causes the subject to be knocked 
or startled, the photographer should shift to a longer focal- 
length lens. A 200-mm macro lens provides a much greater 
working distance than a 50-mm macro set to the same 
magnification. Yet the longer lens is likely not to be quite as 
sharp, is harder to hold steady enough to focus precisely, 
requires heftier (and more unwieldy) brackets to hold the 
flashes, and needs more extension tubing to achieve 
magnifications beyond 1:1. If one can handle its short working 
distances, a 50-mm lens is therefore the ideal macro, but the 
100-mm lens comes a very close second. 

To achieve magnifications beyond life size with standard 
macro lenses, extension tubes are placed between a lens and the 
camera mount. Bellows are a more flexible alternative to tubes, 
because they provide every conceivable magnification between 
some upper and lower limit, but they are unwieldy and fragile 





FIGURE 2 Soldiers of the aphid Pseudoregma jamming their needle-like 
“horns” into the cuticle of a syrphid fly larva that was attacking their colony 
in Japan. Photographed at X14 magnification. 


in the field. The fixed lengths of the tubes are seldom a liability 
outdoors where being able to quickly frame and shoot insects 
is more important than precise cropping. In fact, tubes shorter 
than about 25 mm generally have little value with macro lenses 
because their effect on magnification is so slight. 

In addition to standard macro lenses some manufacturers 
offer lenses designed exclusively for macrophotography (for 
example, the X1 to X5 zoom lens made by Canon). Most of 
these lenses are built for high magnifications. An article by 
the author on soldier aphids in 1989 (Fig. 2) contains images 
between X5 and X20 on the film taken with a hand-held 
camera in the field. Whereas a standard macro lens can be 
used with only two or three extension tubes before working 
distance becomes too small to be practical or image quality 
declines, with some of these specialized lenses it may be 
possible to use several tubes at once. 

Rotating the lens barrel either manually or with autofocus 
accomplishes focusing in normal photography, but it changes 
the magnification of an image in macrophotography, making 
it difficult to achieve the desired results. Autofocus therefore 
should be disengaged. Instead, focusing must be done as a 
manual, multistep process. Begin by deciding what 
magnification is desired, based on a subject’s size. Select the 
lens and extension tubes needed to achieve that 
magnification. Then aim the camera toward the subject, 
rocking slowly in and out until the subject appears in focus. 
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Photographs at the highest magnifications require a steady 
hand, a sharp eye, and a lot of practice. Each photographer 
needs to understand his or her own limits from experience. 
The problem is not only in seeing and composing the shot but 
also in the limited depth of field at higher magnifications. The 
depth of field is the depth (from front to back) that appears 
in focus within an image. All the significant parts of the image 
must fall within this area for a photograph to make sense. At 
times the author has used a half meter of extension tubing in 
the field, and in these situations the depth of field can be the 
length of a paramecium! To increase the chance of success, take 
a few images after focusing on the subject by rocking back and 
forth slightly to subtly change the plane of focus each time. 

As in all high-magnification photography, automatic film 
advance comes in handy not so much to allow rapid-fire 
picture taking but to allow one to keep a subject correctly 
framed and in focus while these frame-to-frame shifts in the 
film plane are made. Another aid is to use a flashlight, even 
at midday (illuminate crevices and other small shadows or 
the shadow of the lens itself). Using Velcro, tape, or glue, 
attach a small penlight to either the lens or one of the flashes 
so that it can be aimed at the subject. Camping stores have 
many flashlights that can work. It is best to bring in a camera 
and try out specific designs. 


FLASHES 


It is possible, but seldom advisable, to photograph a large 
insect with natural light using a tripod. With sufficient photo- 
graphic skill, any image of an insect can be improved by the 
addition of flashes. Flashes provide a consistent and high 
quality of light, though flashes with colder (bluer) light can be 
improved by leaving a “warming gel,” like a Kodak CC10Y 
filter, taped over the flash window (one layer of frosted scotch 
tape can by itself sometimes do the trick). Flashes freeze any 
motion of the subject or camera—including most importantly 
any motion caused by the trembling of the photographer's 
hands—and do so far more effectively than a tripod 
(particularly at high magnification). Furthermore, in the time 
it takes to set up a tripod, most insect subjects will have moved 
on to greener pastures. Flashes allow one to move in quickly 
and to constantly adjust the angle of approach as the action 
unfolds. For these reasons, the author seldom carries a tripod 
and even then never for macro work. Nonetheless, views of 
large insects in their environment, often at a high aperature 
with a wide-angle lens focused on a close subject, can be taken 
using natural light and a tripod, though with ground- or bark- 
dwelling species the camera may be steadied sufficiently by 
pressing it firmly against the stable substrate. 

Not only can flash light increase the quality of any insect 
photograph, but when used with skill, two flashes are always 
an improvement over one flash, and two regular flash units are 
always an improvement over any method using a ring flash. 
The second flash serves as a “fill light,” that is, it is weaker 
(usually one-half the strength or one stop weaker) than the 
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other, “main flash.” A fill flash results in photographs with 
nicely defined, pleasant shadows and lots of three-dimensional 
information about the subject. The fill flash can be a weaker 
flash model, but often it is the same kind of flash placed at the 
same distance as the primary flash, but set at a lower power 
output or filtered to reduce the light (a sheet of tissue or artist’s 
tracing paper over the fill-flash head can do the trick). The 
flashes should be aimed toward the subject at about 45° from 
the axis of the lens and positioned anywhere from 90 to 120° 
apart around the lens barrel. For insects on reflective surfaces 
such as flowers and bright leaves, the light bounces off the 
surfaces and “fills” shadows somewhat, reducing the necessity 
of a fill flash. For shooting under these conditions, a single 
flash method as described by Shaw may suffice. 

Ring flashes present problems with insects. The lower part 
of the ring impedes one from shooting low to the ground, 
blocking the most dramatic views. Also, the ring projects 
forward beyond the front of the lens all around the circum- 
ference, reducing the working distance. Further, because their 
light circles the lens and is directed forward rather than angled 
at the insect, ring flashes reduce the image’s three-dimensional 
content, making a subject look relatively shapeless and flat 
(ring lights were developed for flat objects such as stamps). 
This problem can be partially remedied by taping over parts of 
the ring. On the positive side, ring flashes provide good color 
saturation for photographers unsure of their photographic 
technique, especially when they are used in combination with 
a fill light. 

The greatest stumbling block to great macrophotography is 
the scarcity of good two-flash systems. Some flash brackets 
have been marketed, but most are bulky (making it hard to 
photograph in the tight corners, where many insects dwell), are 
difficult to hold steady for long periods because of their 
weight, and are easily knocked out of position in the field. The 
author makes his own systems, from various flashes, power 
packs, brackets, cords, and slaves. Because flashes can be used 
in their nonautomatic (manual) settings, items from various 
camera brands can be mixed to achieve the lightest, most 
compact results with the flashes at optimal positions. Camera 
brands must be mixed with care, for example, by taping over 
flash shoe connections if flashes of one brand are used with a 
camera body of another brand. No design is perfect, but some 
are better than others, and all of them can be modified. 

The position of the flashes is most critical. When a small 
flash head is even a few centimeters away from the insect, 
viewed from the subject’s position it appears as a point of 
light—much as the sun (although it is in fact a huge disc) 
appears as a point in the sky because of its distance from us. 
This kind of “point source” of light causes the most intensely 
illuminated spots to be “burned out” (too bright) and casts 
deep shadows that no film can handle (as occurs with any 
sunlit object on a cloudless day). To avoid such problems 
flashes should be placed as close to the subject as comfortably 
possible. So positioned, the lights resemble the light boxes used 
in studio photography for portraits. What is desired, in fact, is 


to replicate such a studio in miniature. One can even add a 
third light traditional in portrait studios, the “hair light,” that 
is aimed from behind to define the edges of the subject, but for 
most field photographers this light is often unnecessary. 


SHARPNESS AND EXPOSURE 


Achieving a sharp, correctly exposed macro image usually takes 
knowledge that comes from testing the system being used. 
Exposure tables and other textbook information are seldom 
accurate and are no substitute for judging for oneself what is 
pleasing. Tests that are done carefully the first time will never 
have to be done again—good results are guaranteed. 

Light meters are not always effective with many macro 
scenes, which often include objects that can be either black or 
brightly lit depending on slight changes in camera position 
relative to the subject and its background. For this reason, 
manual exposure techniques provide greater accuracy, but if a 
camera meter is preferred, these problems in a scene must be 
recognized and exposure bracketed accordingly. The best flashes 
for manual exposure work have multiple manual settings, that 
is, full power, half-power, quarter-power, and so on. 

To test both the flashes and the lens and to develop a 
technique, select a fine-grained slide film (many with an ISO 
of 100 or less work well). Slides allow one to accurately gauge 
the exposure and sharpness of the images. As a test subject, 
put a dead insect of a kind likely to be photographed on an 
18% gray card (available at most major photography stores). 
Then take a series of test photographs, recording magnifi- 
cation, flash position, flash power, and f-stop for each frame 
of the film as follows: 


1. Set the lens so that it gives a certain magnification (say, 
1:1) or has a certain number of tubes that can be remembered 
(say, one 25-mm tube). 

2. Select the power settings of the two flashes (perhaps 
put one on full power and the fill flash on half-power). 

3. Take a series of photographs of the insect on the gray 
card at a standard angle (say about 45° from the horizontal), 
the first at the lens’ minimum aperture (say, £32) and then at 
one-f-stop intervals below that, down to £8. 

4, Select another set of power settings for the flashes, say 
making both of them one stop weaker (that is, one at half- 
power and the other at quarter-power). 

5. Repeat steps 2 and 3 with weaker flash power settings. 


The developed slides should be checked for image detail 
(such as the texture of the gray card and the sculpturing on 
the insect) and exposure (have the original gray card on hand 
to see if the brightness of the slide matches the gray of the 
card). Pick the combination of flash powers and f-stop that 
gives the most pleasing result (see below). That result might 
be, for example, f22 with the flashes set at half- and quarter- 
power (but if £22 looks a bit too dark and £16 looks too light, 
record the intermediate setting as correct, i.e., [18). Write the 
settings down and use them thereafter for that magnification 


a call 


The Basic Soldering Guide 
Learn to solder successfully! 
Alan Winstanley 

















In association with 


A AA 
ANTE X 


Avtex (eeoriantos) Linea 


2 





(although, as in any photographic situation, one can bracket 
slightly, for example, by opening up to f16 when the subject 
or its background is very dark). If it turns out the test 
photographs are all dark, move the flashes closer or purchase 
stronger units. If they are all too bright (or if the correct 
exposure occurs at an f-stop that has too little depth of field, 
as is explained below), weaken both flashes and test again. 

Results from the first magnification can be used as the 
starting point for testing other magnifications, because 
results tend not to differ radically from one magnification to 
the next. For example, try a series of magnifications such as 
x2, x3, and X6 (or, if preferred, the same lens with 50, 100, 
and 200 mm of lens tubing). After working out the correct 
exposure for each magnification, write up an exposure table 
and tape it to the back of the flash heads for reference. 

Most people choose images that are overexposed (i.e., too 
bright), which for macrophotography means that valuable 
flash battery power has been wasted in producing too much 
light. If in doubt, choose a slightly darker image over a 
slightly bright one. To correctly judge exposure and image 
quality use a color-corrected (5500K) light table and a 
photographer’s loupe. For slide film the highlights (bright 
parts of the image) should not be entirely burnt out except 
perhaps for tiny areas, and the colors over most of the image 
should be saturated (richly hued and not faded by strong 
light). Meanwhile, the darkest parts of an image should be 
inky black, but not so much as to lose detail by rendering an 
image blotchy. If burnt areas or blotchiness occur, try 
repositioning the flashes. 

The tests may show the classic trade-off in macropho- 
tography between depth of field and image quality. Thus, even 
though most macro lenses tend to close down to 32 and this f 
stop provides the most depth of field, to produce sharp images 
it is best to open the aperture at least one stop from this setting 
(in this example, £22). The best quality—highest resolution and 
contrast—may actually occur at a stop lower that that (e.g., at 
f16), but the difference may be marginal enough so that the 
best choice is to use £22 because of the greater depth of field it 
provides. If a lot of extension tubing is added to a lens, image 
quality for the same f-stop setting on the lens may drop further, 
perhaps to an aperture of f11. This adjustment is a problem 
because the depth of field also declines as extension tubes are 
added or magnification is otherwise increased. Therefore the 
highest magnification attainable by a lens depends on the 
accuracy of the photographer with focusing and the optical limits 
of that lens. At some point it becomes necessary to purchase a 
lens better designed for the magnification in question. 


TECHNIQUE 


The most difficult subjects require considerable patience and 
a lot of time—sometimes a hundred attempts for every 
usable image. Ways of improving one’s chances can be found, 
such as having on hand a supply of food items in photo- 
graphing predation, but such techniques must be used with 
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care. Usually, the best image results from capturing the animal 
in the act of normal behavior in its normal habitat. This 
image is “best” not necessarily because of its technical perfec- 
tion (on the contrary, the gritty realism of a slightly imperfect 
image sometimes enhances its drama, as is often true in 
photojournalism), but because of its accuracy. For example, a 
knowledgeable person might detect that the prey provided to 
the subject for a photograph is not a species that it normally 
would find and catch. Even more egregious is the refriger- 
ation of specimens to slow them down for a picture. Despite 
their stiff exoskeletons, insects express themselves by subtle 
postures and actions (see Fig. 1). To the expert, a staged pic- 
ture of a chilled insect appears as unnatural as one of a frozen 
human being. 

With time and experience, one may want to attempt a 
photoessay or lecture on a particular subject. To hold a viewer's 
interest, try to incorporate a variety of compositions and mag- 
nifications. A critical overview of nature photojournalism was 
provided by the author in a 1995 article. 


See Also the Following Articles 
Collection and Preservation ¢ Cultural Entomology « Museums 
and Display Collections 
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hthiraptera are obligatory, lifelong ectoparasites of birds 
and mammals. They are hemimetabolous and wingless, 
with dorsoventrally flattened bodies, three pairs of well- 
developed legs, and a single- or double-segmented tarsus 
usually with one or two claws, but occasionally with claws 
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absent. Ocelli are absent, eyes are reduced or absent, and 
antennae are short with three to five segments. Body length 
of adults ranges from 0.3 to 12 mm. 


EVOLUTION AND DIVERSITY 


Over 4900 louse species are recognized. Lice formerly were 
classified in two orders, Mallophaga (chewing lice) and 
Anoplura (sucking lice). However, they now are combined 
into the order Phthiraptera, with the former Mallophaga 
comprising three suborders (Amblycera, Ischnocera, and 
Rhynchophthirina) and the Anoplura a fourth. Although the 
suborders show substantial differences, they are believed to 
form a hemipteroid monophyletic unit whose sister group is 
the Psocoptera (psocids or booklice). Chewing lice have 
mandibulate mouthparts and probably evolved on birds. 
They are thought to have fed initially on skin and feathers, 
with some groups ultimately expanding their diets to include 
tissue fluids and blood. Some chewing lice eventually made a 
transition from birds to mammals and some Ricinidae 
(Amblycera) have mouthparts adapted to pierce host skin. 

Sucking lice are restricted to mammalian hosts and have 
unusual piercing—-sucking mouthparts that consist of three 
stylets, probably derived from the fused maxillae, hypophar- 
ynx, and labium. The stylets, retracted into the head when 
not in use, are everted to pierce skin and feed on host blood. 
Salivary secretions injected into the host include an 
anticoagulant to prevent blood coagulation during feeding. 

Lice are recorded from approximately 5000 bird and 
mammal species, encompassing fewer than 30% of mammal 
species and about 36% of bird species. As many as 50% of 
the extant louse species remain undescribed. Lice are found 
on all bird orders but are not known to be associated with the 
mammalian order Monotremata (monotremes), the 
marsupial orders Microbiotheria (the monito del monte) and 
Notoryctemorhpia (marsupial “moles”), Chiroptera (bats), 
Cetacea (whales, dolphins, and porpoises), Sirenia (dugong, 
sea cow, and manatees), or Pholidota (scaly anteaters). 


LIFE HISTORY 


Details of louse life history are known for only a relatively 
few species, especially those of economic importance. Eggs 
(also known as nits) typically are cemented to hairs or 
feathers of the host and all life stages are confined to a single 
host. Some notable exceptions to this egg-laying behavior 
include the human body louse, Pediculus humanus humanus 
(Anoplura: Pediculidae), which attaches its eggs to clothing 
fiber and spends most of its time between feedings on 
clothing rather than on the host itself, and several genera in 
the chewing louse family Menoponidae (Amblycera) that 
spend their entire life cycles and deposit eggs inside the quills 
of primary and secondary feathers. 

Immatures emerge from eggs by exerting pressure on an 
operculum at the free end of the egg. The timing and duration 





FIGURE 1 Lice of humans (dorsal view of adult females). (A) Head louse, 
P. humanus capitis (Anoplura: Pediculidae), adult body length 2.1-3.3 mm 
(body lice look similar to head lice, but tend to be slightly larger). (B) Crab 
louse, P pubis (Anoplura: Pthiridae), average adult body length about 1.75 
mm for females and 1.25 mm for males. (Illustrations adapted from Ferris, 


1951, courtesy of the Pacific Coast Entomological Society and Stanford 
University Press.) 


of the egg, three instars, and adult stages vary among species 
and may be affected by environmental temperature and humid- 
ity. Nymphs of the human head louse (P Aumanus capitis) 
take from 6 to 9 days to hatch and reach the adult stage in 
about 1 week. Adults remaining on the host live about 1 
month, with each female laying as many as eight eggs per day. 
Immatures and adults normally feed twice each day and 
cannot survive off of the host for more than a few days. 

Dispersal of lice typically requires close contact between 
hosts, although immature lice have been found attached to 
flying insects that move between hosts, and phoresy may play a 
role in the dispersal of some species. The human body louse is 
dispersed by sharing infested clothing, the head louse (Fig. 1A) 
by personal contact or sharing combs and brushes, and the 
crab louse, Pthirus pubis (Anoplura: Pthiridae) (Fig. 1B), by 
sexual contact or, less commonly, through infested bed 
linens, towels, or clothing. 


LOUSE-HOST SPECIFICITY AND COSPECIATION 


Many lice show a high degree of host specificity, causing them 
to play an important role in studies of host—parasite 
cospeciation. For example, the 36 species of pocket gophers 
(Rodentia: Geomyidae) are parasitized by 122 species and 
subspecies of Geomydoecus and Thomomydoecus chewing lice 
(Ischnocera: Trichodectidae), many of which have distributions 
that conform closely to host-subspecies groups that are 
genetically similar. However, host specificity is not universal 
because many louse species occur on more than a single host 
species. Anatoecus dentatus and_A. icterodes in the Philopteridae 
(Ischnocera), for example, each occur on more than 60 different 
species of ducks, geese, and swans (Anseriformes: Anatidae). 


Many host species are parasitized by more than one louse 
species. For example, a single subspecies of brown tinamou, 
Crypturellus obsoletus punensis (Tinamiformes: Tinamidae), is 
infested by 11 species of lice, representing 10 genera in two 
families. When multiple louse species infest a single host 
individual, the different species may congregate in different 
areas of the body. In mammalian lice, habitat specialization 
often is associated with hair diameter. For example, the crab 
louse tends to be confined to the relatively coarse hairs 
associated with the genital areas, the face, and the underarms, 
whereas the head louse tends to be associated with the smaller 
diameter hairs of the scalp. 


ECONOMIC IMPORTANCE 


The economic importance of most louse species is unknown, 
although they are known to cause irritation, inflammation, 
and itching and serve as vectors of diseases and other parasites. 
High louse densities often are found on weakened or sick 
hosts, especially on birds with damaged bills or those unable to 
perform normal grooming activities. Lice infest a number of 
domestic animals including poultry, domestic dogs and cats, 
cattle, sheep, goats, horses, pigs, and rabbits. Animals in zoos 
and laboratory colonies of rats and mice also may become 
infested. Economic loss to the livestock and poultry industry 
in the United States caused by lice has been estimated at more 
than $550,000,000 per year, with about two-thirds of this 
resulting from weight and egg production losses in poultry 
caused by More than 
$350,000,000 is spent annually on control of lice on humans. 


chewing louse infestations. 

The human body louse serves as the vector of epidemic 
typhus and epidemic relapsing fever and as an occasional 
vector of murine typhus. Epidemic louse-borne typhus, a 
rickettsial disease caused by Rickettsia prowazekii, is an impor- 
tant scourge of humans often associated with wars and disasters. 
It still is endemic in cold areas of Africa, Asia, and Central and 
South America. Zinsser gives a remarkable account of the 
impact of this disease on human history. For example, the disas- 
trous failure of Napoleon’s Grand Armée to conquer Russia 
during the campaign of 1812 is attributed largely to the effects 
of epidemic louse-borne typhus fever combined with malnu- 
trition, dysentery, and exposure. The effectiveness of the 
pesticide DDT was demonstrated in 1943 during World War 
II in the control of lice responsible for an outbreak of typhus 
fever after the Allied bombing of Naples, Italy. 

The name typhus is derived from Greek typhos, meaning 
stupor or fever. Infected humans experience high fever often 
accompanied by severe headaches, mental confusion, chills, 
coughing, and muscular pain. A rash generally appears on the 
5th to 6th day and usually spreads to much of the body 
except the face, palms, and soles of the feet. The mortality 
rate usually is 1 to 20%, but can be much greater under 
epidemic conditions in populations that are weakened by 
malnutrition or other diseases. Transmission is by 
contamination of wounds with louse feces rather than 
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through the bite or feeding of the louse. Brill-Zinsser disease 
is a relatively mild form of typhus that can remain viable in 
humans for years and can serve as a reservoir of the disease 
and the source of future epidemics. Although not associated 
with disease transmission, outbreaks of the human head louse 
are epidemic throughout the world, with treatment 
complicated by the development of louse resistance to some 
commonly used chemical control agents. 


CLASSIFICATION AND HOST ASSOCIATIONS 


Amblycera is regarded as the most primitive louse suborder 
and the Rhynchophthirina and Anoplura are thought to be 
most advanced. The suborder Amblycera (Fig. 2A) includes 6 
families: Boopiidae (mostly on marsupials, with one species 
infesting dogs and another the cassowary), Gyropidae (mostly 
on rodents, but with one genus occurring on New World 
monkeys and another on peccaries), Laemobothriidae (found 
on six bird orders), Menoponidae (widely distributed on 
birds), Ricinidae (on passerines and hummingbirds), and 
Trimenoponidae (on marsupials and rodents). The suborder 
Ischnocera (Fig. 2B) includes 2 families: Philopteridae (widely 
distributed on birds, with two species on primates, one on 
lemurs and the other on the indri) and Trichodectidae (on 
seven mammalian orders). The suborder Rhynchophthirina 
(Fig. 2C) contains a single family, Haematomyzidae, found on 
elephants, wart hogs, and the red river hog. The suborder 
Anoplura (Fig. 2D) includes 15 families, all restricted to 
mammalian hosts: Echinophthiriidae (on seals, sea lions, the 
walrus, and the North American river otter), Enderleinellidae 
(on squirrels), Haematopinidae (on horses and their relatives, 
pigs, cattle, and deer), Hamophthiriidae (on flying lemurs), 
Hoplopleuridae (on 8 families of rodents, a few shrews, and 
one species of pika), Hybophthiridae (on the aardvark), 
Linognathidae (on deer, cattle and their relatives, camels, and 
dogs and their relatives), Microthoraciidae (on the llama, 
alpaca, guanaco, and dromedary), Neolinognathidae (on 
elephant shrews), Pecaroecidae (on peccaries), Pedicinidae (on 
Old World monkeys), Pediculidae (on humans, chimpanzees, 
and New World monkeys), Polyplacidae (on 13 families of 
rodents, shrews, tree shrews, hares, and 5 families of primates), 
Pthiridae (on humans and gorillas), and Ratemiidae (on horses 
and their relatives). 

There is disagreement as to whether the human head louse 
should be recognized as a distinct species (Pediculus capitis) or 
as a subspecies of P humanus (PR humanus capitis). Those 
favoring its recognition as a separate species cite differences in 
behavior, size, coloration, and ability to transmit disease. 
Those favoring subspecies recognition note that populations 
of head and body lice are separable only statistically on the 
basis of minor differences in body size; that coloration in 
human lice is highly variable, with lice often taking on the 
color of their surroundings; and that hybridization between 
head. and body lice has been demonstrated in the laboratory 
and is thought to occur in nature. 
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FIGURE 2 Louse suborders (dorsal view of adults). (A) Amblycera: 
Colpocephalum fregili (Menoponidae), male from the red-billed chough 
(Pyrrhocorax pyrrhocorax). (Adapted from Price and Beer, 1965, Proc. Entomol. 
Soc. Wash. 67, 7-14.) (B) Ischnocera: Quadraceps crassipedalis (Philopteridae), 
female from the least seed-snipe (Thinocorus rumicivorus). (Adapted from 
Emerson and Price, 1985, Proc. Entomol. Soc. Wash. 87, 395-401.) (C) 
Rhynchophthirina: Haematomyzus porci (Haematomyzidae), male from the 
red river hog (Potamochoerus porcus). (Adapted from Emerson and Price, 1988, 
Proc. Entomol. Soc. Wash. 90, 338-342.) (D) Anoplura: Polyplax spinulosa 
(Polyplacidae), female of the spiny rat louse from the Norway rat (Rattus 
norvegicus). (Adapted from Kellogg and Ferris, 1915, Leland Stanford Junior 
University Publication, courtesy of Stanford University Press.) 
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Phylogeny of Insects 
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deas concerning the phylogenetic relationships among the 

major taxa of arthropods, and the included insects, are 
dynamic. Although there is a single evolutionary history, 
efforts to uncover this phylogeny vary between different 
researchers, techniques, and character systems studied. No 
technique or character system alone can guarantee that it 
reveals the true relationships of the studied taxa; in actuality, 
convergent (homoplastic) similarity that confuses relationships 
is common to all data. The evidence behind traditional sys- 
tems, representing perhaps the thorough understanding of a 
single character system rather than an integration of all knowl- 
edge, sometimes cannot withstand detailed scrutiny. Molecular 
sequence data often appear to overturn previous ideas derived 
from morphological interpretation, but may be misleading 
because of undersampling, unrecognized sampling of alterna- 
tive gene duplicates (paralogs), and/or inappropriate analyses. 
In this article, the different sources of evidence for the phylo- 
genies that we have chosen to portray are assessed. critically. 
Well-founded and less well founded traditional, even refuted, 
relationships are discussed, and where resolution appears to be 


lacking, this lack is identified. 


RELATIONSHIPS OF THE HEXAPODA 
TO OTHER ARTHROPODA 


Insects belong to arguably the most successful major lineage of 
the phylum Arthropoda, the joint-legged animals. This clade 
comprises myriapods (centipedes, millipedes, and their 
relatives), chelicerates (horseshoe crabs and arachnids), 
crustaceans (crabs, shrimps, and relatives), and hexapods (the 
6-legged arthropods, Insecta and their relatives). Lobopods 
(onychophorans) sometimes have been included, but now 
almost universally are considered to lie among likely sister 
groups outside Arthropoda. Although traditionally each major 
arthropod group has been considered monophyletic, most have 
been suspected of nonmonophyly by at least a few investigators. 
Results of molecular analyses have provided frequent 
challenges, particularly in suggesting the possible paraphyly of 
myriapods and of crustaceans. Even if considered mono- 
phyletic, estimation of interrelationships has been a most 


Specialized Terms 


apomorphy (-ic) A feature of an organism in the 
derived state, contrasted with an alternative one in 
the ancestral (primitive) state—a plesiomorphy 
(-ic). For example, with the character of forewing 
development, the sclerotized elytron is an apomor- 
phy for Coleoptera, and the alternative, a conven- 
tional flying forewing, is a plesiomorphy at this 
level of comparison. 

cladogram Diagramatic illustration of the branching 
sequence of purported relationships of organisms, 
based on distribution of shared derived features 
(synapomorphies). 

monophyletic Referring to a taxonomic group (called 
a clade) that contains all descendants derived from 
a single ancestor and recognized by the possession 
of a shared derived feature(s). For example, the 
clade Diptera is monophyletic, recognized by 
shared derived development of the hind wing as a 
haltere (balancing organ). 

paraphyletic Referring to a taxonomic group (called 
a grade) derived from a single ancestor but not 
containing all descendants; grades share ancestral 
features (e.g., Mecoptera relative to Siphonaptera). 

polyphyletic Referring to a taxonomic group derived 
from more than one ancestor and recognized by 
the possession of one or more features evolved 
convergently. For example, if the primitively 
wingless silverfish were united with secondarily 
wingless grasshoppers, beetles, and flies, the 
resulting group would be polyphyletic. 

sister groups Species or monophyletic groups that 
arose from the stem species of a monophyletic 
group by a singular, identical splitting event. For 
example, the Lepidoptera and Trichoptera are 
sister groups; they shared a common ancestor that 
gave rise to no other lineage. 

synapomorphy (-ic) A derived state shared among the 
members of a monophyletic group, in contrast to a 
symplesiomorphy—a shared ancestral (plesiomor- 
phic) state from which phylogenetic relationships 
cannot be inferred. 


taxon (pl. taxa) The general name for a taxonomic 


group at any rank. 

taxonomic rank The classificatory level in the taxo- 
nomic hierarchy, e.g., species, genus, family, order. 
No rank is absolute, and comparisons between 
ranks of different organisms are inexact or even 
misleading; despite this, traditional ranks used for 
insects—notably orders and families—have useful 
didactic and synoptic value. 
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contentious issue in biology, with almost every possible higher 
level relationship finding some support. A once-influential 
“Mantonian” view proposed three groups of arthropods, each 
of which was derived from a different nonarthropod group, 
namely Uniramia (lobopods, myriapods, and insects, united by 
single-branched legs), Crustacea, and Chelicerata. More recent 
morphological and molecular studies reject this hypothesis, 
proposing instead monophyly of arthropodization, but 
postulated internal relationships are diverse. Part of Manton’s 
Uniramia group—Atelocerata (also known as Tracheata), com- 
prising myriapods and hexapods—finds support from morpho- 
logical features including the occurrence of a tracheal system, 
Malpighian tubules, unbranched limbs, eversible coxal vesicles, 
postantennal organs, and anterior tentorial arms, lack of any 
evidence of the second antenna of crustaceans or a homologous 
structure, and the mandible comprising a complete limb rather 
than the limb base of the crustacean mandible. Proponents of 
this relationship saw Crustacea either grouping with 
chelicerates and extinct trilobites, separate from Atelocerata, or 
forming its sister group, in a clade called Mandibulata. Among 
all these schemes, the closest relatives of Hexapoda were 
proposed to be with, or possibly within, Myriapoda. 

In contrast, novel and some rediscovered shared morpho- 
logical features, including some from the nervous system (e.g., 
brain structure, neuroblast formation, and axon development), 
the visual system (e.g., fine structure of the ommatidia, optic 
nerves), and the process and control of development, espe- 
cially segmentation, argued for a close relationship of Hexapoda 
to Crustacea, termed Pancrustacea, and exclusion of myri- 
apods. Furthermore, all analyzed molecular sequence data with 
adequate signal to resolve relationships support Pancrustacea 
and not Atelocerata. As more nuclear, mitochondrial gene 
order and protein-encoding gene data have been examined for 
an ever-wider set of taxa, little or no support has been found 
for any of the possible groupings alternative to Pancrustacea. 
This does not imply that such analyses all identify 
Pancrustacea—sometimes certain “problematic” taxa have 
had to be removed, even from sparsely sampled data sets, and 
evidently certain genes do not retain strong phylogenetic 
signal from very old radiations. 

If molecular-derived relationships are correct, features 
understood previously to infer monophyly of Atelocerata must 
be reconsidered. Postantennal organs occur in Hexapoda, but 
only in Collembola and Protura, and are suggested to be con- 
vergent with the organs in Myriapoda. Shared absence of 
features (such as lack of second antenna) cannot be taken as 
positive evidence of relationship. Malpighian tubules also are 
present (surely convergently) in arachnids, and evidence for 
homology between their structure in hexapods and 
myriapods remains inadequately studied. Coxal vesicles are 
not developed in all clades and may not be homologous in 
Myriapoda and those Hexapoda possessing these structures. 
Thus, morphological characters traditionally used to support 
Atelocerata include states that may be nonhomologous and 
convergently acquired through terrestriality, not distributed 
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across all included taxa, or inadequately surveyed across the 
immense morphological diversity of the arthropods. A major 
finding from molecular embryology, that the developmental 
expression of a homeotic gene (D//—Distal-less) in the 
mandible of studied insects was the same as in sampled 
crustaceans, refutes the independent derivation of hexapod 
mandibles from those of crustaceans. This developmental 
homology for mandibles substantiates an earlier morphological 
hypothesis and undermines Manton’s argument for arthropod 
polyphyly. In summary, data derived from the neural, visual, 
and developmental systems, even though sampled across rela- 
tively few taxa, appears to reflect more accurately phylogeny 
than much of the earlier external morphological studies. 

The question remains as to whether part or all of the 
Crustacea constitute the sister group to Hexapoda. Morpho- 
logy generally supports a monophyletic Crustacea, but infer- 
ences from some molecular data imply paraphyly, including 
a suggestion that Malacostraca alone are sister to Hexapoda 
(see below). Combined morphological and molecular data 
support both Crustacea and Pancrustacea monophyly, and 
Crustacea monophyly is thus preferred. 


THE EXTANT HEXAPODA 


Hexapoda (ranked usually as a superclass) contains all 6-legged 
arthropods; diagnosis includes possession of a unique tagmo- 
sis, namely specialization of successive body segments that 
more or less unite to form three sections or tagmata: head, 
thorax, and abdomen. The head is composed of a pregnathal 
region (often considered to be 3 segments) and 3 gnathal 
segments bearing mandibles, maxillae, and labium, respec- 
tively; the eyes are variously developed and sometimes absent. 
The thorax comprises 3 segments each of which bears one pair 
of legs, and each thoracic leg has a maximum of 6 segments 
in extant forms, but was primitively 11-segmented with up 
to 5 exites (outer appendages of the leg), a coxal endite (an 
inner appendage of the leg), and 2 terminal claws. Primitively 
the abdomen has 11 segments plus a telson or homolog; 
abdominal limbs, if present, are smaller and weaker than 
those of the thorax and primitively occurred on all segments 
except the 10th. 

Basal hexapods undoubtedly include taxa whose ancestors 
were wingless and terrestrial. This grouping is not mono- 
phyletic, being based entirely on evident symplesiomorphies 
or otherwise doubtfully derived characters. Included groups, 
treated as orders, are Protura, Collembola, Diplura, Archaeog- 
natha, and Zygentoma (Thysanura). True Insecta are the 
Archaeognatha, the Zygentoma, and the huge radiation of 
Pterygota (primary winged hexapods). Because Insecta is treated 
as a class, the successively more distant sister groups Diplura 
and Collembola (with or without Protura) are of equal rank. 

Relationships among the component taxa of Hexapoda 
are uncertain, although the cladogram shown in Fig. 1 and 
the classification presented in the sections that follow reflect 
a current synthetic view. Traditionally, Collembola, Protura, 
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FIGURE 1 Cladogram depicting relationships among, and inferred 
classification of, higher ranked Hexapoda (six-legged Arthopoda). Dashed 


lines indicate uncertainty in cladogram or paraphyly in classification. 


and Diplura were grouped as “Entognatha,” based on the appar- 
ently similar morphology of the mouthparts. The mouth- 
parts of Insecta (Archaeognatha + Zygentoma + Pterygota) 
are exposed (ectognathous), whereas those of Entognatha are 
enclosed in folds of the head. However, two different types of 
entognathy now are recognized, one shared by Collembola 
and Protura and the second found only in Diplura. Other 
morphological evidence indicates that Diplura may be closer 
to Insecta than to other entognathans and thus Entognatha 
may be paraphyletic (as indicated by the broken line in Fig. 1). 


Protura (Proturans) 


Proturans are small, delicate, elongate, mostly unpigmented 
hexapods, lacking eyes and antennae, with entognathous 
mouthparts consisting of slender mandibles and maxillae that 
slightly protrude from the mouth cavity. Maxillary and labial 
palps are present. The thorax is poorly differentiated from the 
12-segmented abdomen. Legs are 5-segmented. A gonopore 
lies between segments 11 and 12, and the anus is terminal. 
Cerci are absent. Larval development is anamorphic, that is, 
with segments added posteriorly during development. 
Protura either is sister to Collembola, forming Ellipura in a 
weakly supported relationship based on similarity of the 
entognathous mouthparts and lack of cerci, or is sister to all 
remaining Hexapoda. 


Collembola (Springtails) 


Collembolans are minute to small and soft bodied, often with 
rudimentary eyes or ocelli. The antennae are 4- to 6-segmented. 
The mouthparts are entognathous, consisting predominantly of 
elongate maxillae and mandibles enclosed by lateral folds of head 
and lacking maxillary and labial palps. The legs are 4-segmented. 
The abdomen is 6-segmented with a sucker-like ventral tube, a 
retaining hook, and a furcula (forked jumping organ) on 
segments 1, 3, and 4, respectively. A gonopore is present on 
segment 5, the anus on segment 6. Cerci are absent. Larval 
development is, epimorphic, that is, with segment number 
constant through development. Collembola form either the 
sister group to Protura comprising Ellipura or a more strongly 
supported relationship as sister to Diplura + Insecta. 


Diplura (Diplurans) 


Diplurans are small to medium sized, mostly unpigmented, 
possessing long, moniliform antennae (like a string of beads), 
but lacking eyes. The mouthparts are entognathous, with tips 
of well-developed mandibles and maxillae protruding from 
the mouth cavity and maxillary and labial palps reduced. The 
thorax is poorly differentiated from the 10-segmented abdo- 
men. The legs are 5-segmented and some abdominal segments 
have small styles and protrusible vesicles. A gonopore lies 
between segments 8 and 9, the anus is terminal. Cerci are 
filiform to forceps-like. The tracheal system is relatively well 
developed, whereas it is absent or poorly developed in other 
entognath groups. Larval development is epimorphic. 
Diplura forms the sister group to Insecta. 


Class Insecta (True Insects) 


Insects range from minute to large (0.2 to 300 mm in length) 
and are very variable in appearance. They typically have ocelli 
and compound eyes, at least in adults, and the mouthparts are 
exposed. (ectognathous), with the maxillary and labial palps 
usually well developed. The thorax is variably developed in 
immature stages, but distinct in adults with degree of develop- 
ment dependent on the presence of wings. Thoracic legs have 
more than 5 segments. The abdomen is primitively 11- 
segmented with the gonopore nearly always on segment 8 in 
the female and segment 9 in the male. Cerci are primitively 
present. Gas exchange is predominantly tracheal with spiracles 
present on both the thorax and the abdomen, but variably 
reduced or absent (e.g., in many immature stages). Larval/ 
nymphal development is epimorphic, that is, with the 
number of body segments constant during development. 

The insects may be divided into two groups. Monocondylia 
is represented by just one small order, Archaeognatha, in which 
each mandible has a single posterior articulation with the head, 
whereas Dicondylia (Fig. 1), which contains the overwhelming 
majority of species, is characterized by mandibles with 
secondary anterior articulation in addition to the primary 
posterior one. The once traditional group Apterygota 
comprising the primarily wingless taxa Archaeognatha + 
Zygentoma is paraphyletic and rejected (Fig. 2). 


ARCHAEOGNATHA (ARCHAEOGNATHANS, BRISTLE- 
TAILS) Archaeognathans are medium-sized, elongate 
cylindrical apterygotes, with some 500 species in two extant 
families. The head bears 3 ocelli and large compound eyes 
that are in contact medially. The antennae are multisegmented; 
the mouthparts project ventrally and can be partially retracted 
into the head and include elongate mandibles, one with 2 
neighboring condyli each, and elongate 7-segmented maxillary 
palps. Often coxae II and III or IT of legs bear a coxal stylet, 
tarsi 2- to 3-segmented. The abdomen, which continues in 
an even contour from the humped thorax, bears ventral 
muscle-containing styles (representing reduced limbs) on 
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FIGURE 2 Cladogram depicting relationships among, and inferred classifica- 
tion of, higher ranked Insecta. Dashed lines indicate paraphyly in classification. 


segments 2 to 9 and generally one or two pairs of eversible 
vesicles medial to the styles on segments 1 to 7. Cerci are multi- 
segmented and shorter than the median caudal appendage. 
Sperm transfer is indirect via sperm droplets attached to a 
silken line or by stalked spermatophores. Development occurs 
without change in body form. 

The two families of recent Archaeognatha, Machilidae and 
Meinertellidae, form an undoubted monophyletic group, 
whose position at the base of Ectognatha and as sister group 
to Dicondylia (Zygentoma + Pterygota) should be carefully 
investigated (Figs. 1 and 2). 


ZYGENTOMA (THYSANURA, SILVERFISH) Zygentomans 
(thysanurans) are medium-sized, dorsoventrally flattened 
apterygotes with almost 400 species in four extant families. 
Eyes and ocelli are present, reduced, or absent and the anten- 
nae multisegmented. The mouthparts are ventrally to slightly 
forward projecting and include a special form of double- 
articulated (dicondylous) mandibles and 5-segmented 
maxillary palps. The abdomen continues the even contour of 
the thorax and includes ventral muscle-containing styles (repre- 
senting reduced limbs) on at least segments 7 to 9, sometimes 
on 2 to 9, with eversible vesicles medial to the styles on some 
segments. Cerci are multisegmented and subequal to the 
length of the median caudal appendage. Sperm transfer is indi- 
rect via a spermatophore that the female picks up from the 
substrate. Development occurs without change in body form. 


PTERYGOTA Pterygotes are winged or secondarily apter- 
ous insects, in which the thoracic segments of adults are 
usually large with the meso- and metathorax variably united 
to form a pterothorax. The lateral regions of the thorax are 
well developed. The 8 to 11 abdominal segments lack styles 
and vesicular appendages, and only most Ephemeroptera have 
a median terminal filament. The spiracles primarily have a 
muscular closing apparatus. Mating is by copulation. Meta- 
morphosis is hemi- to holometabolous, with no adult ecdysis, 
except for the ephemeropteran subimago (subadult). 

Informal Grouping “Palaeoptera” Palaeopteran wings 
are unable to be folded against the body at rest because 
articulation is via axillary plates that are fused with veins. 
Extant orders typically have triadic veins (paired main veins 
with intercalated longitudinal veins of convexity/concavity 
opposite to that of the adjacent main veins) and a network of 
crossveins. This wing venation and articulation, substantiated 
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by paleontological studies on similar features, has suggested 
that Odonata and Ephemeroptera form a monophyletic 
group, Palaeoptera, which is a sister group to Neoptera, which 
contains all remaining extant and primarily winged orders. 
However, reassessment of morphology of extant basal lineages 
and much existing molecular evidence appear to reject a 
monophyletic Palaeoptera. Here Ephemeroptera is treated as 
sister to Odonata + Neoptera, with Odonata alone as the 
sister group to Neoptera, giving a higher classification of 
Pterygota into three Divisions. 

Ephemeroptera (Mayflies) Ephemeroptera has a fossil 
record dating back to the Carboniferous and is represented 
today by a few thousand species. In addition to their palaeopter- 
an features, mayflies display a number of unique characteristics 
including the nonfunctional, strongly reduced adult mouth- 
parts, the presence of just one axillary plate in the wing 
articulation, a hypertrophied costal brace, and male forelegs 
modified for grasping the female during copulatory flight. The 
retention of a subimago (subadult stage) is unique. Nymphs 
(larvae) are aquatic and the mandible articulation, which is 
intermediate between monocondyly and the dicondylous ball 
and socket joint of all higher Insecta, may be diagnostic. His- 
toric contraction of ephemeropteran diversity and remnant 
high levels of homoplasy render phylogenetic reconstruction 
difficult. Ephemeroptera traditionally has been divided into 
two suborders: Schistonota (with nymphal forewing pads sepa- 
rate from each other for over half their length), containing the 
superfamilies Baetoidea, Heptagenioidea, Leptophlebioidea, 
and Ephemeroidea, and Pannota (“fused back”—with more 
extensively fused forewing pads), containing Ephemerelloidea 
and Caenoidea. Recent studies suggest that this concept of 
Schistonota is paraphyletic. Families Baetiscidae and 
Prosopistomatidae, whose nymphs have unusually developed 
thoracic shields, have been withdrawn from the Caenoidea 
and are placed now in the suborder Catapacea. 

Odonates have 
palaeopteran as well as many additional unique features, 


Odonata (Dragonflies and Damselflies) 


including the presence of two axillary plates (humeral and 
posterior axillary) in the wing articulation and many features 
associated with specialized copulatory behavior, including pos- 
session of secondary copulatory apparatus on ventral segments 
2 and 3 of the male and the formation of a tandem wheel 
during copulation. The immature stages are aquatic and 
possess a highly modified prehensile labium for catching prey. 

‘Traditonally odonatologists have recognized three groups of 
taxa, Zygoptera (damselflies), Anisozygoptera, and Anisoptera 
(dragonflies), generally ranked as suborders. Assessment of 
their monophyly or paraphyly relies very much on characters 
derived from the very complex wing venation, but homology 
of these features within the odonates and between other insects 
has been substantially prejudiced by prior phylogenetic ideas. 
Thus, the Comstock and Needham wing-vein naming system 
implies that the common ancestor of modern Odonata was 
anisopteran and the zygopteran venation arrived by reduction. 
In contrast, the Tillyard system implied that Zygoptera is a 


grade on the way to Anisozygoptera, which itself is a grade on 
the way to Anisoptera. A well-supported view, including infor- 
mation from the substantial fossil record, has Zygoptera pro- 
bably paraphyletic, Anisozygoptera undoubtedly paraphyletic, 
and Anisoptera as the monophyletic sister group to some 
extinct anisozygopterans. 

Zygoptera contains three broad suprafamilial groupings, 
the Coenagrionoidea, Lestoidea, and Calopterygoidea. The 
first is centered around the family Coenagrionidae, but the 
group is made paraphyletic by excision of Eurasian 
Platycnemididae (for their dilated tibiae), South American 
Pseudostigmatidae (for their huge size), Platystictidae (for a 
narrow wing), and Protoneuridae and Isostictidae (for wings 
narrowed in a different way). Those latter two families differ 
only in the degree of wing narrowing, and the narrower one, 
Australasian Isostictidae, often is treated as a subfamily of the 
less narrow one, Protoneuridae. 

The Calopterygoidea usually is regarded as centered 
around Calopterygidae. This specious family is made 
paraphyletic by excision of Chlorocyphidae (whose frons has 
a unique shape), Dicteriadidae (with legs lacking setae), 
Euphaeidae (a Southeast Asian variant on Calopterygidae, 
with abdominal gills in the larvae), and South American 
Polythoridae, with brightly colored wings. 

Lestoidea contains the families Lestidae and Synlestidae, 
which clearly are related to each other. Perilestidae may belong 
here, and the enigmatic Hemiphlebiidae may be sister to this 
grouping. The quite different-looking Megapodagrionidae 
are related in some way to Amphipterygidae and Lestoideidae 
(the latter being an unstable mix of small genera allocated to 
either Lestoidea or Calopterygoidea). 

Among Anisoptera four major lineages can be recognized, 
but their relationships to each other are obscure. Three aeshnid 
families, Aeshnidae, Neopetaliidae (evidently a subset of 
Aeshnidae), and Cordulegastridae (aeshnids with a secondarily 
elongate ovipositor), form a clade. The small (10 species) but 
very distinct Petaluridae forms a distinctive group. Gomphidae 
forms a large family all on its own. The superfamily 
Libelluloidea traditionally is divided into two large families, 
Cordulidae and Libellulidae, but the limits of each division are 
unclear, and no single character separates them. Chloro- 
gomphidae, Macromiidae, and Synthemistidae are small, 
local “families” often separated out as near the corduliids. 

Sister to Anisoptera is the minor suborder Anisozygoptera 
containing one extant genus with two species. 

Neoptera 
capable of being folded back against their abdomen when at 


Neopteran insects diagnostically have wings 


rest, with wing articulation deriving from separate movable 
sclerites in the wing base and wing venation with fewer (or 
lacking completely) triadic veins and mostly lacking anasto- 
mosing (joining) crossveins. 

The phylogeny (and hence classification) of the neopteran 
orders is still the subject of debate, mainly concerning (a) the 
placement of many extinct orders described only from fossils 
of variably adequate preservation, (b) the relationships among 


the Polyneoptera (orthopteroid and plecopteroid orders), and 
(c) the relationships of the highly derived Strepsiptera. 

However, the summary that follows reflects one possibility 
among current interpretations, based on both morphology 
and molecules. No single or combined data set provides 
unambiguous resolution of insect order-level phylogeny and 
there are several areas of controversy (such as the position of 
the Strepsiptera) arising from both inadequate data (insuffi- 
cient or inappropriate taxon sampling) and character conflict 
within existing data. In the absence of a robust phylogeny, 
ranking is somewhat subjective and “informal” ranks abound. 

A group of 11 orders termed the orthopteroid—plecopteroid 
assemblage (if monophyly is uncertain) or Polyneoptera (if 
monophyletic) is considered to be sister to the remaining 
Neoptera. The remaining neopterans can be divided readily 
into two monophyletic groups, namely Paraneoptera and 
Endopterygota (Holometabola). These three clades may be 
given the rank of subdivision. 

Polyneoptera (or Orthopteroid—Plecopteroid Assemblage 
of Basal Neopteran Orders) _ [Isoptera, Blattodea, Mantodea, 
Dermaptera, Grylloblattaria (Grylloblattodia), Plecoptera, 
Orthoptera, Phasmatodea, Embiidina (Embioptera), 
Zoraptera, Mantophasmatodea] The relationships of the basal 
neopteran orders are poorly resolved with several, often con- 
tradictory, relationships being suggested by morphology. The 
11 included orders may be monophyletic, based on the shared 
presence of tarsal plantulae (lacking only in Zoraptera) and 
limited, but increasing, molecular information. Within 
Polyneoptera only the grouping comprising Blattodea (cock- 
roaches), Isoptera (termites), and Mantodea (mantids)—the 
Dictyoptera (Fig. 3)—is robust. Although each of these three 


orders is distinctive, features of the head skeleton (perforated 
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FIGURE 3 Cladogram depicting relationships among, and inferred classifica- 
tion of, orders of Neoptera: Polyneoptera. Dashed lines indicate uncertainty 
in cladogram. Mantophasmatodea not included. 
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tentorium), mouthparts (paraglossal musculature), digestive 
system (toothed proventriculus), and female genitalia (shortened 
ovipositor above a large subgenital plate) demonstrate mono- 
phyly of Dictyoptera, substantiated by nearly all molecular 
analyses. However, as seen below, views on the internal rela- 
tionships are changing. Dermaptera (earwigs) is sister to 
Dictyoptera, and Grylloblattarea (rock crawlers; now apterous, 
but with winged fossils) may be sister to this grouping. 

Some molecular data suggest that Orthoptera (crickets, 
katydids, grasshoppers, locusts, etc.), Phasmatodea (stick insects 
or phasmids), and Embiidina (webspinners) may be closely 
related, forming Orthopteroidea in the sense of Hennig. The 
relationships of Plecoptera (stoneflies), orthopteroids, Zorap- 
tera (zorapterans), and the recently discovered Mantophas- 
matodea to one another and to the above groupings are less well 
understood. 

Lsoptera (Termites, White Ants). Isoptera forms a small order 
of eusocial hemimetabolous neopterans, with some 2600 des- 
cribed species, living socially with polymorphic caste systems 
of reproductives, workers, and soldiers. The mouthparts are 
typically blattoid, being mandibulate but varying between 
castes, with some soldiers having bizarre development of 
mandibles or a nasus (snout). The compound eyes are fre- 
quently reduced, the antennae are long and multisegmented, 
and the fore- and hind wings are generally similar and mem- 
branous and have restricted venation. Mastotermes (Mastoter- 
mitidae) has complex wing venation and a broad hind-wing 
anal lobe and is exceptional among termites in that the female 
has a reduced blattoid-type ovipositor. The male external geni- 
talia are weakly developed and symmetrical, in contrast to the 
complex, symmetrical genitalia of Blattodea and Mantodea. 

Isopteran relationships are somewhat controversial, 
although they have always been considered to belong in 
Dictyoptera close to Blattodea. Recent studies that include the 
structure of the proventriculus and molecular sequence data 
suggest that termites may have arisen from within the cock- 
roaches, thereby rendering that group paraphyletic. Under 
this scenario, the (wingless) wood roaches of North America 
and eastern Asia (genus Cryptocercus) form the sister group to 
Isoptera. This contrasts with alternative suggestions that the 
semisociality (parental care and transfer of symbiotic gut 
flagellates between generations) of Cryptocercus was convergent 
with certain features of termite sociality and independently 
originated within the true cockroaches. These two contrasting 
views are shown in Fig. 4. The social system and general mor- 
phology of Mastotermes suggests a cockroach-like condition, 
and most phylogenies place this group as sister to remaining 
extant Isoptera. Of considerable interest is the wide distribu- 
tion and species richness of Mastotermitidae in Cretaceous 
times, compared with the reduced diversity of the extant family, 
which comprises just one species in northern Australia. 

Blattodea (Cockroaches). Blattodea contains over 3500 species 
in at least eight families worldwide. They are hemimetabolous, 
dorsoventrally flattened insects with filiform, multisegmented 
antennae, and mandibulate, ventrally projecting mouthparts. 
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FIGURE 4 Cladogram depicting alternative relationships among Dictyoptera. 
Dashed lines indicate paraphyly in classification. 


The prothorax has an enlarged, shield-like pronotum, often 
covering the head; the meso- and metathorax are rectangular 
and subequal. The forewings are sclerotized as tegmina, which 
protect the membranous hind wings folded fan-like at rest 
beneath the tegmina and characterized by many vein branches 
and a large anal lobe; wings are often reduced. Often the legs 
are spiny and the tarsi are 5-segmented. The abdomen has 10 
visible segments, with a subgenital plate (sternum 9), bearing 
in the male well-developed asymmetrical genitalia, with one or 
two styles, and concealing the reduced 11th segment. Cerci 
have 1 or, usually, many segments; the female ovipositor valves 
are concealed beneath tergum 10. 

Although long considered an order (and hence mono- 
phyletic) convincing evidence has been produced that the 
termites arose from within the cockroaches, and the “order” 
thus is rendered paraphyletic. The sister group of the Isoptera 
may be Cryptocercus, a social cockroach (Fig. 4). Blatellidae 
and Blaberidae form a derived sister grouping. 

Mantodea (Mantids). Mantodea contains some 2000 
species in eight families. They are hemimetabolous predators, 
with males generally smaller than females. The small, trian- 
gular head is mobile, with slender antennae, large, widely 
separated eyes, and mandibulate mouthparts. The prothorax 
is narrow and elongate, with the meso- and metathorax 
shorter. The forewings form leathery tegmina with a reduced 
anal area; the hind wings are broad and membranous, with 
long unbranched veins and many crossveins, but often are 
reduced or absent. The forelegs are raptorial, whereas the 
mid- and hind legs are elongate for walking. The abdomen 
has a visible 10th segment, bearing variably segmented cerci. 
The ovipositor is predominantly internal and the external 
male genitalia are asymmetrical. 


Mantodea forms the sister group to Blattodea + Isoptera 
and shares many features with Blattodea, such as strong 
direct flight muscles and weak indirect (longitudinal) flight 
muscles, asymmetrical male genitalia, and multisegmented 
cerci. Derived features of Mantodea relative to Blattodea 
involve modifications associated with predation, including 
leg morphology, an elongate prothorax, and characteristics of 
visual predation, namely the mobile head with large, 
separated eyes. Internal relationships of Mantodea are 
uncertain and little studied. 

Grylloblattaria (Notoptera, Grylloblattodea) (Grylloblattids 
or Rock Crawlers). Grylloblattaria contains one family 
(Grylloblattidae) with 20 species, restricted to western North 
America and central to eastern Asia and particularly adapted 
to cold and high elevations. Grylloblattids are moderate-sized, 
soft-bodied insects with anteriorly projecting mandibulate 
mouthparts and compound eyes that are either reduced or 
absent. The antennae are multisegmented and the mouthparts 
mandibulate. The quadrate prothorax is larger than the meso- 
or metathorax, and the wings are absent. The legs are adapted 
for running, with large coxae and 5-segmented tarsi. There are 
10 visible abdominal segments with rudiments of segment 11, 
including 5- to 9-segmented cerci. The female has a short 
ovipositor, and the male genitalia are asymmetrical. 

The phylogenetic placement of Grylloblattaria is contro- 
versial, as they are generally argued to be relicts that either 
“bridge the cockroaches and orthopterans” or are “primitive 
among orthopteroids.” The antennal musculature resembles 
that of mantids and embiids, mandibular musculature resem- 
bles that of Dictyoptera, and the maxillary muscles resemble 
those of Dermaptera. Embryologically grylloblattids appear 
closest to the orthopteroids. The only molecular phylogenetic 
study that included a grylloblattid implied a sister group 
relationship to Dictyoptera, instead of one lying more basal 
in the Neoptera as is implied by the morphology. However, 
sampling in this analysis lacked some important ple- 
siomorphic taxa, such as Cryptocercus, Mastotermes, and 
Embiidina. A tentative relationship of Grylloblattaria as sister 
to Dermaptera + Dictyoptera remains a favored hypothesis. 

Dermaptera (Earwigs). Dermaptera is a worldwide order, 
modest in size, with some 10 families and about 1800 species. 
Adult earwigs are elongate and dorsoventrally flattened with 
mandibulate, forward-projecting mouthparts, compound eyes 
ranging from large to absent, no ocelli, and short annulate 
antennae. The tarsi are 3-segmented with a short second 
tarsomere. Many species are apterous or, if winged, the fore- 
wings are small, leathery, and smooth, forming unveined 
tegmina, and the hind wings are large, membranous, 
semicircular, and dominated by an anal fan of radiating vein 
branches connected by crossveins; when at rest, the hind wings 
are folded fan-like and then longitudinally, protruding slightly 
from beneath the tegmina. 

The five species of suborder Arixeniina are commensals or 
ectoparasites of bats in Southeast Asia. A few species of semi- 
parasites of African rodents have been placed in a suborder, 


Hemimerina. These earwigs are blind, are apterous, have rod- 
like forceps, and exhibit pseudoplacental viviparity. Recent 
morphological study of Hemimerina suggests derivation from 
within Forficulina, rendering that suborder paraphyletic. The 
relationships of Arixeniina to more “typical” earwigs (Forfi- 
culina) are uninvestigated. Within Forficulina, only four 
(Karshiellidae, Apachyidae, Chelisochidae, and Forficulidae) 
of eight families proposed appear to be supported by synapo- 
morphies. Other families may not be monophyletic, as much 
weight has been placed on plesiomorphies, especially of the 
penis specifically and the genitalia more generally, or homo- 
plasies (convergences) in furcula form and wing reduction. 

A sister group relationship to Dictyoptera is well supported 
on morphology, including many features of the wing venation. 

Plecoptera (Stoneflies). Plecoptera is a minor order of some 
16 families, predominantly living in temperate and cool areas. 
The adult is mandibulate with filiform antennae, bulging 
compound eyes, 2 or 3 ocelli, and subequal thoracic 
segments. The fore- and hind wings are membranous and 
similar except that the hind wings are broader; when folded, 
the wings partly wrap the abdomen and extend beyond the 
abdominal apex; aptery and brachyptery are frequent. The 
abdomen is soft and visibly 10-segmented, although remnants 
of segments 11 and 12 are present, including cerci. Nymphs 
have many (up to 33) aquatic instars, which have fully devel- 
oped mandibulate mouthparts, and wing pads first become 
visible when the young are half-grown. 

Monophyly of the order is supported by few morphological 
characters, including in the adult the looping and partial 
fusion of gonads and male seminal vesicles and the absence 
of an ovipositor. In nymphs the presence of strong, oblique, 
ventrolongitudinal muscles running intersegmentally and 
allowing lateral undulating swimming and the probably wide- 
spread “cercus heart,” an accessory circulatory organ associated 
with posterior abdominal gills, support the monophyly of the 
order. Gills may be present in nymphal Plecoptera on almost 
any part of the body or may be absent, causing problems of 
homology of gills between families and between Plecoptera 
and other orders. Whether Plecoptera are derived from an 
aquatic or terrestrial ancestor is debatable. 

The phylogenetic position of Plecoptera is certainly among 
“lower Neoptera,” possibly as sister group to the remainder of 
Neoptera. However, some molecular and combined molecular 
plus morphological evidence tends to support a more derived 
position, including as sister to (i) Embiidina or, more likely, 
(ii) Dermaptera + Dictyoptera. 

Internal relationships have been proposed as two predomi- 
nantly disjunct suborders, the austral Antarctoperlaria and 
northern Arctoperlaria. The monophyly of Antarctoperlaria is 
argued based on the unique sternal depressor muscle of the 
fore trochanter, lack of the usual tergal depressor, and 
presence of floriform chloride cells, which may have a sensory 
function. Some of the included taxa are the large-sized 
Eustheniidae and Diamphipnoidae, the Gripopterygidae, and 
the Austroperlidae—all families with a Southern Hemisphere 
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“Gondwanan’-type distribution. Recent molecular studies 
support this clade. 

The sister group Arctoperlaria lacks defining morphology, 
but is united by a variety of mechanisms associated with 
drumming (sound production) used in mate-finding. The 
component families Scopuridae, Taeniopterygidae, Capniidae, 
Leuctridae, and Nemouridae (including Notonemouridae) are 
essentially of the Northern Hemisphere with a lesser radiation 
of Notonemouridae into the Southern Hemisphere. Molecular 
studies suggest the paraphyly of Arctoperlaria, with most 
elements of Notonemouridae forming the sister group to the 
remainder of the families. Relationships among extant 
Plecoptera are proving important in hypothesizing the origins 
of wings from “thoracic gills’ and in tracing the possible 
development of aerial flight from surface flapping, with legs 
trailing on the water surface, and forms of gliding. 

Zoraptera (Zorapterans). Zoraptera is one of the smallest 
and probably the least known pterygote order. Zorapterans 
are small, rather termite-like insects, found worldwide in 
tropical and warm temperate regions except Australia. Their 
morphology is simple, with biting, generalized mouthparts, 
including 5-segmented maxillary palps and 3-segmented 
labial palps. Sometimes both sexes are apterous, and in alate 
forms the hind wings are smaller than the forewings; the 
wings are shed as in ants and termites. Wing venation is 
highly specialized and reduced. 

Traditionally the order contained only one family 
(Zorotypidae) and one genus (Zorotypus), but has been 
expanded to include seven genera delimited predominantly on 
wing venation. The phylogenetic position of Zoraptera based 
on morphology has been controversial, ranging through 
membership of the hemipteroid orders, sister to Isoptera, an 
orthopteroid, or a blattoid. Analysis of major wing structures 
and musculature imply that Zoraptera belong in the blattoid 
lineage. Although the wing shape and venation resemble 
those of narrow-winged Isoptera, cephalic and abdominal char- 
acters indicate an early divergence from the blattoid stock, 
prior to the divergence of Dermaptera and much before the 
origin of the Dictyoptera lineage. 

Orthoptera (Grasshoppers, Locusts, Katydids, Crickets). 
Orthopterans belong to at least 30 families and more than 
20,000 species, and most are medium-sized to large insects 
with hind legs enlarged for jumping (saltation). The com- 
pound eyes are well developed, the antennae are elongate and 
multisegmented, and the prothorax is large with a shield-like 
pronotum curving downward laterally. The forewings form 
narrow, leathery tegmina, and the hind wings are broad, with 
numerous longitudinal and crossveins, folded beneath the 
tegmina by pleating; aptery and brachyptery are frequent. 
The abdomen has 8 or 9 annular visible segments, with the 
2 or 3 terminal segments reduced, and 1-segmented cerci. 
The female has a well-developed ovipositor formed from 
highly modified abdominal appendages. 

Virtually all morphological evidence, and much of the 
newer molecular data suggest that the Orthoptera form the 


890 Phylogeny of Insects 


sister group to Phasmatodea. Some authors have united the 
orders, but the different wing-bud development, different 
egg morphology, and lack of auditory organs in phasmatids 
suggest separation. Molecular evidence indicates that 
Embiidina may be sister to the orthopteran—phasmatid clade, 
but the support for this relationship is weak. 

The division of Orthoptera into two monophyletic sub- 
orders, Caelifera (grasshoppers and locusts—predominantly 
day-active, fast-moving, visually acute, terrestrial herbivores) 
and Ensifera (katydids and crickets—often night active, cam- 
ouflaged or mimetic, predators, omnivores, or phytophages), 
is supported on morphological and molecular evidence. 
Grylloidea probably is the sister group (but highly divergent, 
with a long branch separation) of the remaining ensiferan 
taxa, Tettigonioidea, Hagloidea, and Stenopelmatoidea. On 
grounds of some molecular and morphological data 
Tettigoniidae and Haglidae form a monophyletic group, 
sister to Stenopelmatidae and relatives (mormon crickets, 
wetas, cooloola monsters, and the like), but alternative analyses 
suggest different relationships, and conservatively, an 
unresolved group is perhaps appropriate at this stage. 

In Caelifera a well-supported recent proposal for four super- 
families, namely [Tridactyloidea (Tetragoidea (Eumastacoidea 
+ “higher Caelifera”))] reconciles molecular evidence with 
certain earlier suggestions from morphology. The major 
grouping of acridoid grasshoppers (Acridoidea) lies in the 
unnamed clade “higher Caelifera,” which also includes the 
superfamilies Tanaoceroidea, Pyrgomorphoidea, Pneumoroidea, 
and Trigonopterygoidea. 

Phasmatodea (Phasmatids, Phasmids, Stick Insects or Walking 
Sticks). Phasmatodea are a worldwide, predominantly tropical 
order of more than 2500 species of hemimetabolous insects, 
conventionally classified in three families (although some 
workers raise many subfamilies to family rank). Body shapes 
are variations on elongate cylindrical, and_ stick-like or 
flattened, or often leaf-like. The mouthparts are mandibulate. 
The compound eyes are relatively small and_ placed 
anterolaterally, with ocelli only in winged species and often 
only in males. The antennae are short to long, with 8 to 100 
segments. The prothorax is small, and mesothorax and 
metathorax are long in wingless species and shorter in apterous 
ones. The wings, when present, are functional in males, often 
reduced in females, but with many species apterous in both 
sexes; the forewings form short leathery tegmina, whereas the 
hind wings are broad with a network of numerous crossveins 
and with the anterior margin toughened to protect the folded 
wing. The legs are elongate, slender, and adapted for walking, 
with 5-segmented tarsi. The abdomen is 11-segmented, with 
segment 11 often forming a concealed supra-anal plate in 
males or a more obvious segment in females. 

Phasmatodea are sister to Orthoptera in the orthopteroid 
assemblage. Novel support for this grouping comes from the 
dorsal position of the cell body of salivary neuron 1 in the 
subesophageal ganglion and presence of serotonin in salivary 
neuron 2. Phasmatodea are distinguished from the 


Orthoptera by their body shape, asymmetrical male genitalia, 
proventricular structure, and lack of rotation of nymphal 
wing pads during development. 

Embiidina (Embioptera) (Embiids, Webspinners). Embiidina 
comprise some 200 described species (perhaps up to an order of 
magnitude more remain undescribed) in at least eight families. 
The body is elongate, cylindrical, and somewhat flattened in 
males. The head has kidney-shaped compound eyes that are 
larger in males than in females and lacks ocelli. The antennae 
are multisegmented and the mandibulate mouthparts project 
forward (prognathy). All females and some males are apterous, 
but if present, the wings are characteristically soft and flexible, 
with blood sinus veins stiffened for flight by blood pressure. 
The legs are short, with 3-segmented tarsi, and the basal seg- 
ment of the fore tarsi is swollen because it contains silk glands. 
The hind femora are swollen by strong tibial muscles. The 
abdomen is 10-segmented with rudiments of segment 11 and 
with 2-segmented cerci. The female external genitalia are simple 
(no ovipositor), and those of the males are complex and 
asymmetrical. 

Embiids are undoubtedly monophyletic based on, inter 
alia, the ability to produce silk from unicellular glands in the 
anterior basal tarsus. They have a general morphological 
resemblance to Plecoptera based on reduced. phallomeres, a 
trochantin-episternal sulcus, separate coxopleuron, and 
premental lobes. However, molecular evidence suggests a 
closer relationship to Orthoptera and Phasmatodea; they also 
have some similarity to the Dermaptera, notably deriving from 
their prognathy. Internal relationships among the described 
higher taxa of Embidiina suggest that the prevailing classifi- 
cation includes many nonmonophyletic groups. Evidently 
much further study is needed to understand relationships 
within Embiidina and among it and other neopterans. 

Mantophasmatodea. Mantophasmatodea has been recog- 
nized recently for a species in Baltic amber and museum 
specimens representing two species from southwest and east 
Africa and from freshly collected material from Namibia. 
The taxon cannot be placed within any of the existing orders 
and initial estimates of relationships are unclear. Some resem- 
blances to Grylloblattarea and Phasmatodea are evident, but 
more study, including molecular sequencing, is required. 

Paraneoptera (Acercaria or Hemipteroid Assemblage) 
This group contains Psocoptera + Phthiraptera, Thysanoptera, 
and Hemiptera and is defined by derived features of the 
mouthparts, including the slender, elongate maxillary lacinia 
separated from the stipes, and the swollen postclypeus 
containing an enlarged cibarium (sucking pump), and the 
reduction in tarsomere number to 3 or less. 

Within Paraneoptera, the monophyletic superorder Psocodea 
contains Phthiraptera (parasitic lice) and Psocoptera (book 
lice). Although Phthiraptera is monophyletic, the clade arose 
from within Psocoptera, rendering that group paraphyletic. 
Although sperm morphology and some molecular sequence 
data imply the relationship Hemiptera (Psocodea + 
Thysanoptera), a grouping of Thysanoptera + Hemiptera 
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FIGURE 5 Cladogram depicting relationships among, and inferred classifi- 


cation of, Paraneoptera. 


(superorder Condylognatha) is supported by head and mouth- 
part synapomorphies, including the stylet mouthparts, features 
of the wing base, and the sclerotized ring between antennal 
flagellomeres. Condylognatha thus forms the sister group to 
Psocodea (Fig. 5). 

Psocoptera (Plant Lice). Psocoptera is a worldwide order of 
cryptic small insects, with a large, mobile head, bulbous 
postclypeus, and membranous wings held roof-like over the 
abdomen. Some 3000 species are described in 35 families. 
Evidently Pscoptera belong with Phthiraptera in a mono- 
phyletic clade, Psocodea. However, Psocoptera is rendered 
paraphyletic by a postulated relationship of Phthiraptera to 
the psocopteran family Liposcelidae. Internal relationships in 
Psocoptera are poorly known. 

Phthiraptera (Lice). Phthirapterans are wingless obligate 
ectoparasites of birds and mammals, lacking any free-living 
stage, with some 3000 species in some 17 families. Monophyly 
of, and relationships among, the traditional suborders 
Anoplura, Amblycera, Ischnocera, and Rhyncophthirina are 
poorly understood and nearly all possible arrangements have 
been proposed. The latter three suborders have been treated as 
a monophyletic Mallophaga (biting and chewing lice) based 
on their feeding mode and morphology, in contrast to the 
piercing and blood-feeding Anoplura. Cladistic analysis of 
morphology has disputed mallophagan monophyly, suggesting 
the relationship Amblycera [Ischnocera (Anoplura + Rhyn- 
cophthirina)]. The only molecular data adduced thus far found 
unequivocal monophyly only for Amblycera, with a placement 
that rendered Ischnocera paraphyletic. The data neither 
supported nor refuted mallophagan monophyly. Resolution of 
these issues is important in estimation of degree of cospe- 
ciation between lice and their bird and mammal hosts. 

Thysanoptera (Thrips). Thysanoptera is a worldwide order 
of just over 5000 species in nine families. The development 
of thrips is intermediate between hemi- and holometabolous. 
Their head is elongate and the mouthparts are unique in that 
the maxillary laciniae formed grooved stylets, the right 
mandible is atrophied, but the left mandible forms a stylet; 
all three stylets together form the feeding apparatus. The tarsi 
are 1- or 2-segmented, and the pretarsus has an apical 
protrusible adhesive ariolum (bladder or vesicle). Female 
thrips are diploid, whereas males (if present) are haploid, 
being produced from unfertilized eggs. 
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Molecular evidence supports one of the traditional morph- 
ological divisions of the Thysanoptera into two suborders, 
Terebrantia and Tubulifera, containing the sole, speciose, 
family Phlacothripidae. Terebrantia includes three speciose 
families, Thripidae, Heterothripidae, and Aeolothripidae, and 
five smaller families. Relationships among families in Tere- 
brantia are poorly resolved, although phylogenies are being 
generated at lower levels concerning aspects of the evolution 
of sociality, especially the origins of gall-inducing thrips and 
of “soldier” castes in Australian gall-inducing Thripidae. 

Hemiptera (Bugs, Cicadas, Leafhoppers, Planthoppers, 
Spittlebugs, Aphids, Psylloids, Scale Insects, Whiteflies, Moss Bugs). 
Hemiptera is the largest of the non-endopterygote orders, with 
more than 50,000 species in approximately 100 families. 
Hemipteran mouthparts diagnostically have the mandibles and 
maxillae modified as needle-like stylets, lying in a beak-like, 
grooved labium, collectively forming a rostrum or proboscis 
within which the stylet bundle contains two canals, one 
delivering saliva and the other taking up fluid. Palps are lacking. 
The thorax usually has a large prothorax and mesothorax and a 
small metathorax. Both pairs of wings often have reduced 
venation, some species are apterous, and male scale insects have 
only one pair of wings. Legs often possess complex pretarsal 
adhesive structures. Cerci are lacking. 

Hemiptera and Thysanoptera are sister groups within 
Paraneoptera. Hemiptera used to be divided into two groups, 
Heteroptera (true bugs) and “Homoptera” (cicadas, leafhop- 
pers, planthoppers, spittlebugs, aphids, psylloids, scale insects, 
and whiteflies), treated variously as suborders or orders. All 
homopterans are terrestrial plant feeders and many share a 
common biology of producing honeydew and being ant 
attended. However, although possessing defining features, 
such as wings held roof-like over the abdomen, forewings in 
the form of a tegmina of uniform texture, and a rostrum 
arising ventrally close the anterior of the thorax, “Homoptera” 
represents a paraphyletic grade rather than a clade. This view is 
supported by reinterpreted morphological data and by cladistic 
analysis of nucleotide sequences from the nuclear small sub- 
unit ribosomal RNA gene (also called 18S rRNA). These data 
also suggest a much more complicated pattern of relationships 
among the higher groups of hemipterans (Fig. 6). 

The ranking of the various clades is much disputed and 
thus the more stable superfamily and family names have been 
used here. Four suborders appear warranted on phylogenetic 
grounds: Archaeorrhyncha, Clypeorrhyncha, and Prosor- 
rhyncha collectively form the Euhemiptera, which is the sister 
group to the fourth suborder, Sternorrhyncha. The latter con- 
tains the aphids, psyllids, scale insects, and whiteflies, which 
are characterized principally by their possession of a particular 
kind of gut filter chamber, a rostrum that appears to arise 
between the bases of their front legs, and, if winged, the 
absence of vannus and vannal fold in the hind wing. Some 
relationships among Euhemiptera are unsettled. A mono- 
phyletic Auchenorrhyncha, morphologically defined by their 
possession of a tymbal acoustic system, an aristate antennal 
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FIGURE 6 Cladogram depicting relationships among, and inferred classifica- 
tion of, Hemiptera. Dashed line indicates paraphyly in classification. 


flagellum, and reduction of the proximal median plate in the 
wing base, contains two suborders, Archaeorrhyncha (plan- 
thoppers, often called Fulgoromorpha) and Clypeorrhyncha 
(cicadas, leafhoppers, and. spittlebugs, often called Cicado- 
morpha). Molecular data tend to refute this monophyly, 
implying that Archaeorrhyncha is closer to Heteroptera, but 
relationships depend upon sampling and more traditional 
arrangements are minimally less parsimonious. 

Heteroptera (true bugs, including assassin bugs, backswim- 
mers, lace bugs, stink bugs, waterstriders, and others) and its 
sister group, variously called Coleorrhyncha, Peloridioidea, 
or Peloridiomorpha and containing only one family, 
Peloridiidae, or moss bugs, form the suborder Prosorrhyncha. 
Although small, cryptic, and rarely collected, moss bugs have 
generated considerable phylogenetic interest due to their 
combination of ancestral and derived hemipteran features 
and their exclusively “relictual” Gondwanan distribution. 
Heteropteran diversity is distributed among some 75 
families, forming the largest hemipteran clade. Heteroptera is 
most easily diagnosed by the presence of metapleural scent 
glands, and monophyly is never disputed. 

Endopterygota (Coleoptera, Neuroptera, Megaloptera, 
Raphidioptera, Hymenoptera, Trichoptera, Lepidoptera, 
Mecoptera, Siphonaptera, Diptera, Strepsiptera) Endoptery- 
gota comprise insects with immature (larval) instars that are 
very different from their respective adults. The adult wings 
and genitalia are internalized in their preadult expression, 
developing in imaginal discs that are evaginated at the 
penultimate molt. Larvae lack true ocelli. The “resting stage” 
or pupa is nonfeeding and precedes an often active pharate 
(“cloaked” in pupal cuticle) adult. Unique derived features are 
less evident in the adults than in immature stages, but the 
clade is consistently recovered from morphological, molecular, 
and combined analyses. 

Two or three groups currently are proposed among the 
endopterygotes, of which one of the strongest is a sister group 


relationship termed Amphiesmenoptera between the Tri- 
choptera (caddisflies) and Lepidoptera (butterflies and moths). 
A plausible scenario of an ancestral amphiesmenopteran 
taxon has a larva living in damp soil among liverworts and 
mosses followed by radiation into water (Trichoptera) or into 
terrestriality and phytophagy (Lepidoptera). 

A second (usually) strongly supported relationship is between 
three orders, Neuroptera, Megaloptera, and Rhaphidioptera— 
Neuropterida (sometimes treated as a group of ordinal rank) — 
showing a sister group relationship to Coleoptera. 

A third, postulated relationship—Antliophora—unites 
Diptera (true flies), Siphonaptera (fleas), and Mecoptera 
(scorpionflies and hangingflies). Debate contines about the 
relationships of these taxa, particularly concerning the relation- 
ships of Siphonaptera. Fleas were considered sister to Diptera, 
but molecular and novel anatomical evidence increasingly 
points to a relationship with a curious-looking mecopteran, 
Boreus. 

Strepsiptera is phylogenetically enigmatic, but resemblance 
of their first-instar larvae (called triungulins) to certain 
Coleoptera, notably parasitic Rhipiphoridae, and some wing 
base features have been cited as indicative of relationship. This 
placement is becoming less likely, as molecular evidence (and 
haltere development) suggests a link between Strepsiptera and 
Diptera. Strepsiptera is highly derived in both morphological 
and molecular evolution, and thus possesses few features 
shared with any other taxon. The long-isolated evolution of 
the genome can create a problem known as “long-branch 
attraction,” in which nucleotide sequences may converge by 
chance events alone with those of an unrelated taxon with a 
similarly long evolution, for the strepsipteran notably with 
Diptera. The issue remains unresolved. 

The positions of two major orders of endopterygotes, 
Coleoptera and Hymenoptera, remain to be considered. 
Several positions have been proposed for Coleoptera but 
current evidence derived from female genitalia and ambivalent 
evidence from eye structure supports a sister group relationship 
to Neuropterida. This grouping forms the sister to the 
remaining Endopterygota in most analyses. Hymenoptera may 
be the sister to Antliophora + Amphiesmenoptera; the many 
highly derived features of adults, and reductions in larvae, limit 
morphological justification for this position. 

Within the limits of uncertainty, the relationships within 
Endopterygota are summarized in Fig. 7. 

Coleoptera (Beetles). Coleoptera undoubtedly lie among the 
basal Endopterygota. The major synapomorphic feature of 
Coleoptera is the development of the forewings as sclerotized 
rigid elytra, which extend to cover some or many of the 
abdominal segments and beneath which the propulsive hind 
wings are elaborately folded when at rest. Some molecular 
studies show Coleoptera polyphyletic or paraphyletic with 
respect to some or all of the Neuropterida. However, this is 
impossible to reconcile with the morphological support for 
coleopteran monophyly, and a sister group relationship to 
Neuropterida is accepted. 
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FIGURE7 Cladogram depicting relationships among, and inferred classifica- 
tion of, Endopterygota. Dashed lines indicate three possible alternative 
placements of Strepsiptera. 


Within Coleoptera, four modern lineages (treated as sub- 
orders) are recognized: Archostemata, Adephaga, Polyphaga, 
and Myxophaga. Archostemata includes only the small families 
Ommatidae, Crowsoniellidae, Cupedidae, and Micromalthidae 
and forms the sister group to the remaining extant Coleoptera. 
The few known larvae are woodminers with a scerotized ligula 
and a large mola on each mandible. Adults have movable hind 
coxae with usually visible trochantins and 5 (not 6) ventral 
abdominal plates (ventrites) but share with Myxophaga and 
Adephaga wing-folding features (apex spirally rolled, major 
transverse fold crossing vein MP), absence of cervical sclerites, 
and the external prothoracic pleuron. In contrast to Myxo- 
phaga, the pretarsus and tarsus are unfused. 

Adephaga is diverse, second in size only to Polyphaga, and 
includes ground beetles, tiger beetles, whirligigs, predaceous 
diving beetles, and wrinkled bark beetles, among others. Larval 
mouthparts are adapted for liquid-feeding, with a fused 
labrum and no mandibular mola. Adults have the notopleural 
sutures visible on the prothorax and have 6 visible abdominal 
sterna with the first three fused into a single ventrite, which is 
divided by the hind coxae. Pygidial defense glands are wide- 
spread in adults. The most speciose included family is 
Carabidae, or ground beetles, with a predominantly preda- 
ceous feeding habit, but Adephaga also includes the aquatic 
families, Haliplidae and Noteridae, which are algivorous, and 
the mycophagous Rhysodidae. Morphology has suggested that 
Adephaga is sister group to the combined Myxophaga and 
Polyphaga, but molecular data (18S rDNA) suggest Adephaga 
as sister to Polyphaga, with Myxophaga sister to them. 

Myxophaga is a clade of small, primarily riparian aquatic 
beetles, comprising the families Lepiceridae, Torridincolidae, 
Hydroscaphidae, and Microsporidae, united by the synapo- 
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morphic fusion of the pretarsus and tarsus. The 3-segmented 
larval antenna, 5-segmented larval legs with a single pretarsal 
claw, fusion of trochantin with the pleuron, and ventrite 
structure support a sister group relationship of Myxophaga with 
the Polyphaga. This has been challenged by some workers, 
notably because wing venation and folding provide evidence for 
(Polyphaga (Archostemata (Myxophaga + Adephaga))). 

Polyphaga contains the majority (>90% of species) of 
beetles, with about 300,000 described species. The suborder 
includes rove beetles (Staphylinoidea), scarabs and stag beetles 
(Scarabaeoidea), metallic wood-boring beetles (Buprestoidea), 
click beetles and fireflies (Elateroidea), as well as diverse 
Cucujiformia, including fungus beetles, grain beetles, ladybird 
beetles, darkling beetles, blister beetles, longhorned beetles, 
leaf beetles, and weevils. The prothoracic pleuron is not 
externally visible, but is fused with the trochantin and remnant 
internally as a “cryptopleuron.” Thus one suture between the 
notum and the sternum is visible in the prothorax in poly- 
phagans, whereas two sutures (the sternopleural and noto- 
pleural) often are visible externally in other suborders (unless 
secondary fusion between the sclerites obfuscates the sutures, 
as in Micromalthus). The transverse fold of the hind wing never 
crosses MP, cervical sclerites are present, and hind coxae are 
mobile and do not divide the first ventrite. Female polyphagan 
beetles have telotrophic ovarioles, which is a derived condition 
within beetles. 

The internal classification of Polyphaga involves several 
superfamilies or series, whose constituents are relatively stable, 
although some smaller families (whose rank even is disputed) 
are allocated to different clades by different authors. Large 
superfamilies include Hydrophiloidea, Staphylinoidea, Scara- 
baeoidea, Buprestoidea, Byrrhoidea, Elateroidea, Bostrichoidea, 
and the grouping Cucujiformia. This latter includes the vast 
majority of phytophagous (plant-eating) beetles, united by 
cryptonephric Malpighian tubules of the normal type, a cone 
ommatidium with open rhabdom, and lack of functional 
spiracles on the eighth abdominal segment. Constituent super- 
families of Cucujiformia are Cleroidea, Cucujoidea, Tene- 
brionoidea, Chrysomeloidea, and Curculionoidea. Evidently 
adoption of a phytophagous lifestyle correlates with 
speciosity in beetles, with Cucujiformia, especially weevils 
(Curculionoidea), forming a major radiation. 

Neuropterida or Neuropteroid Orders: Megaloptera (Alderflies, 
Dobsonflies, Fishflies), Raphidioptera (Snakeflies), and Neuroptera 
(Lacewings, Antlions, Owlflies). Neuropterida comprise three 
small orders with holometabolous development, with 
approximately 6000 species of Neuroptera in about 20 families, 
300 species of Megaloptera in 2 widely recognized families, and 
200 species of Raphidioptera in 2 families. Adults have 
multisegmented antennae, large, separated eyes, and mandibu- 
late mouthparts. The prothorax may be larger than the meso- 
and metathorax, which are about equal in size. Legs sometimes 
are modified for predation. The fore- and hind wings are quite 
similar in shape and venation, with folded wings often 
extending beyond the abdomen. The abdomen lacks cerci. 
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Megalopterans are predatory only in the aquatic larval 
stage; although adults have strong mandibles, they are not used 
in feeding. Adults closely resemble neuropterans, except for the 
presence of an anal fold in the hind wing. Raphidiopterans are 
terrestrial predators as adults and larvae. The adult is mantid- 
like, with an elongate prothorax, and the head is mobile and 
used to strike, snake-like, at prey. The larval head is large and 
forwardly directed. Many adult neuropterans are predators and 
have wings typically characterized by numerous crossveins and 
“twigging” at the ends of veins. Neuropteran larvae usually are 
active predators with slender, elongate mandibles and maxillae 
combined to form piercing and sucking mouthparts. 

Megaloptera, Raphidioptera, and Neuroptera may treated as 
separate orders or united in Neuropterida, or Raphidioptera 
may be included in Megaloptera. There is little doubt that 
Neuropterida is monophyletic, with new support from wing 
base morphology. This latter feature also supplements data 
supporting the long-held view that Neuropterida forms a 
sister group to Coleoptera. Each component appears mono- 
phyletic, although a doubt remains concerning megalopteran 
monophyly. There remains uncertainty about internal relation- 
ships, which traditionally have Megaloptera and Raphidioptera 
as sister groups. Recent reanalyses with some new character 
suites have postulated Megaloptera as sister to Neuroptera 
and proposed a novel scenario of the plesiomorphy of aquatic 
larvae (all Megaloptera and Sisyridae in Neuroptera) in 
Neuropterida. 

Strepsiptera. Strepsiptera form an enigmatic order of nearly 
400 species of highly modified endoparasites, most commonly 
of Hemiptera and Hymenoptera, and show extreme sexual 
dimorphism. The male has a large head with bulging eyes 
comprising few large facets and lacks ocelli; the antenna are 
flabellate or branched, with 4 to 7 segments; the forewings are 
stubby and lack veins, whereas the hind wings are broadly fan- 
shaped, with few radiating veins; the legs lack trochanters and 
often also claws. Females are either coccoid-like or larviform, 
wingless, and usually retained in a pharate (cloaked) state, 
protruding from the host. The first instar is a triungulin, 
without antennae and mandibles, but with three pairs of 
thoracic legs; subsequent instars are maggot-like, lacking 
mouthparts or appendages. The pupa, which has immovable 
mandibles but appendages free from its body, develops within 
a puparium formed from the last instar. 

The phylogenetic position of Strepsiptera has been subject 
to much speculation because modifications associated with 
their endoparasitic lifestyle mean that few characteristics are 
shared with possible relatives. In having posteromotor flight 
(only metathoracic wings) they resemble Coleoptera, but other 
attributes traditionally argued to be synapomorphous with 
Coleoptera are suspect or mistaken. The forewing-derived 
halteres of strepsipterans are gyroscopic organs of equilibrium 
with the same functional role as the halteres of Diptera, 
although the latter are derived from the hind wing. Molecular 
sequence studies indicate that Strepsiptera possibly is a sister 
group to Diptera, and some tantalizing information from 


developmental biology suggests that wings and halteres might 
be “reverse-expressed” on meso- and metathoracic segments. 
Mecoptera (Scorpionflies, Hangingflies). Mecopterans are 
holometabolous insects comprising about 500 known species in 
nine families, with common names associated with the two 
largest families—Bittacidae (hangingflies) and Panorpidae 
(scorpionflies). Adults have an elongate ventrally projecting 
rostrum, containing elongate, slender mandibles and maxillae, 
and an elongate labium. The eyes are large and separated, the 
antennae filiform and multisegmented. The fore- and hind 
wings are narrow, similar in size, shape, and venation, but often 
are reduced or absent. The legs may be modified for predation. 
Larvae have a heavily sclerotized head capsule, are mandibulate, 
and may have compound eyes comprising 3 to 30 ocelli (absent 
in Panorpidae, indistinct in Nannochoristidae). The thoracic 
segments are about equal and have short thoracic legs with 
fused tibia and tarsus and a single claw; prolegs usually are 
present on abdominal segments 1 to 8, and the terminal 
segment (10) has either paired hooks or a suction disk. The 
pupa is immobile, mandibulate, and with appendages free. 
Although some adult Mecoptera resemble neuropterans, 
strong evidence supports a relationship to Diptera. Intriguing 
recent morphological studies, plus robust evidence from 
molecular sequences, suggest that Siphonaptera arise from 
within Mecoptera, as a sister group to the “snow fleas” 
(Boreidae). The phylogenetic position of Nannochoristidae, 
the southern hemisphere mecopteran taxon currently treated 
as being of subfamily rank, has a significant bearing on internal 
relationships within Antliophora. Molecular evidence suggests 
that it lies as sister to Boreidae + Siphonaptera and therefore is 
of rank equivalent to the boreids, the fleas, and the residue of 
Mecoptera—and logically each should be treated as an order or 
Siphonaptera should be reduced in rank within Mecoptera. 
Siphonaptera (Fleas). Siphonaptera is a highly modified order 
of holometabolous insects, comprising some 2400 species, all of 
which are bilaterally compressed, apterous ectoparasites. The 
mouthparts are specialized for piercing and sucking, lack 
mandibles, but have an upaired labral stylet and two elongate 
serrate, lacinial stylets that together lie within a maxillary 
sheath. A salivary pump injects saliva into the wound, and 
cibarial and pharyngeal pumps suck up the blood meal. Fleas 
lack compound eyes and the antennae lie in deep lateral 
grooves. The body is armed with many posteriorly directed 
setae and spines, some of which form combs, especially on the 
head and anterior thorax. The metathorax houses very large 
muscles associated with the long and strong hind legs, which 
are used to power the prodigious leaps made by these insects. 
After early suggestions that the fleas arose from a mecopter- 
an, the weight of evidence suggested that they formed the 
sister group to Diptera. However, increasing molecular and 
novel morphological evidence now points to a sister group 
relationship to a subordinate component of Mecoptera, 
specifically Boreidae (snow fleas). Internal relationships of 
the fleas are under study, and preliminary results imply that 
monophyly of many families is uncertain. 


Diptera (True Flies). Diptera is a major order of insects, with 
perhaps as many as a quarter of a million species in some 120 
families. Dipterans are holometabolous and readily recognized 
by the development of hind (metathoracic) wings as balancers, 
or halteres (halters), and in the larval stages by lack of true legs 
and the often maggot-like appearance. Venation of the fore 
(mesothoracic) flying wings ranges from complex to extremely 
simple. Mouthparts range from biting-and-sucking (e.g., 
biting midges and mosquitoes) to “lapping’-type with a 
pseudotracheate labella functioning as a sponge (e.g., house 
flies). Dipteran larvae lack true legs, although various kinds of 
locomotory apparatus range from unsegmented pseudolegs to 
creeping welts on maggots. The larval head capsule ranges 
from complete, through partially undeveloped, to complete 
absence of a maggot head, retaining only the sclerotized 
mandibles (“mouth hooks”) and supporting structures. 

Traditionally Diptera had two suborders, Nematocera 
(crane flies, midges, mosquitos, and gnats), with a slender, 
multisegmented antennal flagellum, and the heavier built 
Brachycera (“higher flies,” including hover flies, blow flies, 
and dung flies), with shorter, stouter, and fewer-segmented 
antenna. However, Brachycera is sister to only part of 
“Nematocera,” and thus Nematocera is paraphyletic. 

Internal relationships among Diptera are becoming better 
understood, although with some notable exceptions. Ideas 
concerning basal Diptera are inconsistent: traditionally 
Tipulidae (or Tipulomorpha if subordinate groups are given 
family rank, but nonetheless undoubtedly monophyletic) is a 
basal clade, particularly on evidence from the adult wing and 
other morphology. Such an arrangement is difficult to recon- 
cile with the much more derived larva, in which the head 
capsule is variably reduced. Furthermore, some molecular 
evidence casts doubt on the basal position of the crane flies, 
but as yet does not produce a robust estimate for any alterna- 
tive basal grouping. Alternative views based on morphology 
have suggested that the relictual family Tanyderidae, with 
complex (“primitive”) wing venation, lies close to the base of 
the order. In this instance support comes both from the tany- 
derid larval morphology and from the putative placement in 
Psychodomorpha, considered a probable basal clade. 

There is strong support for Culicomorpha, comprising 
mosquitoes (Culicidae) and their relatives (Corethrellidae, 
Chaoboridae, Dixidae) and their sister group the blackflies, 
midges, and relatives (Simuliidae, Thaumaleidae, Ceratopogo- 
nidae, Chironomidae), and for Bibionomorpha, comprising 
the fungus gnats (Mycetophilidae sensu lato), Bibionidae, 
Anisopodidae, and possibly Cecidomyiidae. However, in 
both groups internal relationships remain a matter of debate, 
which molecular evidence may help to resolve. 

Monophyly of Brachycera, comprising higher flies, is 
established by features including, in the larva, the posterior 
elongation of the head into the prothorax, the divided 
mandible, and the loss of premandible and, in the adult, the 
8 or fewer antennal flagellomeres, 2 or fewer palp segments, 
and separation of the male genitalia into 2 parts (epandrium 
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and hypandrium). Possible relationships of Brachycera 
include sister to Psychodomorpha or even to Culicomorpha 
(molecular data only) but strong support is provided for sister 
taxon to the Bibiomorpha or to subordinate Anisopodidae. 
Brachycera contains four equivalent groups with internally 
unresolved relationships: Tabanomorpha (with brush on larval 
mandible and larval head retractile), Stratiomyomorpha 
(with larval cuticle calcified and pupation in last instar 
exuviae), Xylophagomorpha (with distinctive elongate, 
conical, strongly sclerotized larval head capsule and abdomen 
posteriorly ending in sclerotized plate with terminal hooks), 
and Muscomorpha (adults with tibial spurs absent, flagellum 
with no more than 4 flagellomeres, and female cercus single 
segmented). This latter speciose group contains Asiloidea 
(robber flies, bee flies, and relatives) and Eremoneura 
(empidoids and Cyclorrhapha). Eremoneura is a strongly 
supported clade based on wing venation (loss or fusion of 
vein M, and closure of anal cell before margin), presence of 
ocellar setae, unitary palp, and several genital characters, plus 
larval features including maxillary reduction and presence of 
only three instars. 

Cyclorrhaphans, united by their pupation within a pupar- 
ium formed by the last instar skin, include a heterogeneous 
aschizan group comprising Phoridae and Syrphidae (hover 
flies) and the Schizophora, defined by the presence of a 
balloon-like ptilinum that everts from the frons to assist the 
adult escape from the puparium. Higher flies include the 
ecologically very diverse acalypterates and blow flies and 
relatives (Calypteratae), treated here as sister groups (Fig. 8), 
but with alternative views suggested. 

Hymenoptera (Wasps, Bees, Ants, Sawflies, and Wood Wasps). 
Hymenoptera contains at least 100,000 described species of 
holometabolous neopterans, varying from minute (e.g., 
Trichogrammatidae) to large-sized (0.15-120 mm in length) 
and slender (e.g., many Ichneumonidae) to robust (e.g., 
certain bees). The hymenopteran head has mouthparts 
ventrally directed to forward projecting, ranging from 
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FIGURE 8 Cladogram depicting relationships among, and inferred classifica- 
tion of, Diptera. Dashed line indicates paraphyly in classification. 
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generalized mandibulate (“Symphyta’—woodwasps and 
sawflies) to sucking and chewing, with mandibles often used 
for killing and handling prey and, in Apocrita (ants, bees, 
and wasps), in defense and nest building. The compound 
eyes often are large; the antennae are long, multisegmented, 
and often prominently held forwardly or recurved dorsally. 
“Symphyta” has a conventional 3-segmented thorax, but in 
Apocrita the propodeum, abdominal segment 1, is included 
with the thorax into a mesosoma or, in ants, the alitrunk. 
The wing venation is relatively complete in large sawflies but 
is reduced in Apocrita in correlation with body size, such that 
very small species of 1 to 2 mm have only one divided vein 
or none. The hind wing has rows of hooks (hamuli) along the 
leading edge that couple with the hind margin of the forewing 
in flight. In Apocrita, the second abdominal segment (and 
sometimes also third) forms a constriction, or petiole. 
Hymenopteran female genitalia include an ovipositor, 
comprising 3 valves and 2 major basal sclerites, which may be 
long and highly mobile, allowing valves to be directed verti- 
cally between legs. The ovipositor of aculeate Hymenoptera 
is modified as a sting associated with a venom apparatus. 

Symphytan larvae are eruciform (caterpillar-like) with 3 
pairs of thoracic legs bearing apical claws and with some 
abdominal legs; most are phytophagous. Apocritan larvae are 
apodous, with the head capsule frequently reduced but with 
prominent strong mandibles; larvae may vary greatly in mor- 
phology during development (heteromorphosis). Apocritan 
larvae have diverse feeding habits and may be parasitic, gall- 
inducing, or fed with prey or nectar and pollen by their parent 
or, if a social species, other colony members. Adult 
hymenopterans mostly feed on nectar or honeydew; only a few 
consume other insects. 

Hymenoptera is considered to form the sister group to 
Amphiesmenoptera (Trichoptera + Lepidoptera) + Antlio- 
phora (Diptera + Mecoptera/Siphonaptera), although a more 
basal position in the Holometabola has been advocated. 
Hymenoptera often are treated as containing two suborders, 
Symphyta (wood wasps and sawflies) and Apocrita (wasps, 
bees, and ants). However, Apocrita appears to be sister to one 
family of symphytan only, the Orussidae, and thus “Sym- 
phyta” form a basal paraphyletic group, whose basalmost clade 
is the Xyeloidea. This is sister to a monophyletic tenthrinoid 
(sawfly) clade, in turn sister to weakly supported Pam- 
philiodea [Cephoidea (possible grade Siricidae and relatives 
(Orussidae + Apocrita))] (Fig. 9). 

Within Apocrita, aculeate (Aculeata) and_ parasitic 
(Parasitica or terebrant) wasp groups were considered each to 
be monophyletic, but Parasitica evidently is rendered para- 
phyletic by Aculeates originating from somewhere within 
Parasitica. Some traditional groupings also are nonmono- 
phyletic, including Proctotrupoidea, but Proctotrupomorpha, 
comprising superfamilies Proctotrupoidea, Chalcidoidea, Platy- 
gasteroidea, and Cynipoidea, appears to be monophyletic. 
From morphology, Ichneumonoidea were argued to be sister 
to Aculeata, but molecular data and reanalysis refute this. The 
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FIGURE 9 Cladogram depicting relationships among, and inferred classifica- 
tion of, Hymenoptera. Only major superfamilies are depicted. Dashed lines 
indicate uncertainty in cladogram or paraphyly in classification. 


monophyletic aculeates, defined by their distinctive ovipositor 
construction and loss of female cerci, comprise Chrysidoidea 
(Vespoidea + Apoidea). Internal relationships of aculeates, 
including vespids (wasps), formicids (ants), and apids (bees), 
and the monophyly of subordinate groups are under scrutiny. 
Apidae evidently arose from within Sphecidae (digger wasps), 
but the precise relationships of another significant group of 
aculeates, Formicidae (ants), within Vespoidea is less well 
established. 

Trichoptera (Caddisflies). Trichoptera contains about 45 
extant families containing some 10,000 described species, with 
estimates of undescribed (mostly Southeast Asian) species 
diversity some four- to fivefold higher. Trichoptera are 
holometabolous; the moth-like adult has reduced mouthparts 
lacking any proboscis, but with 3- to 5-segmented maxillary 
palps and 3-segmented labial palps. The antennae are 
multisegmented and filiform and often as long as the wings. 
The compound eyes are large, and there are 2 or 3 ocelli. The 
wings are haired or less often scaled and differentiated from all 
but the most basal Lepidoptera by the looped anal veins in the 
forewing and absence of a discal cell. The larva is aquatic, has 
fully developed mouthparts, has 3 pairs of thoracic legs (each 
with at least 5 segments), and lacks the ventral prolegs 
characteristic of lepidopteran larvae. The abdomen terminates 
in hook-bearing prolegs. The tracheal system is closed and 
associated with tracheal gills on most abdominal segments. 
The pupa is also aquatic, enclosed in a retreat often made of 
silk, and possesses functional mandibles to aid in emergence 
from the sealed case. 

Amphiesmenoptera (Trichoptera + Lepidoptera) is now 
unchallenged, despite earlier suggestions that Trichoptera arose 
from within Lepidoptera. Proposed internal relationships 
within the Trichoptera range from stable and well supported to 
unstable and anecdotal. Monophyly of the suborder 


Annulipalpia in its strictest sense, comprising families 
Hydropsychidae, Polycentropodidae, Philopotamidae, and 
some close relatives, is well supported by larval and adult 
morphology— including the presence of an annulate apical 
segment of both adult maxillary and larval palp, absence of 
male phallic parameres, presence of papillae lateral to the 
female cerci, and, in the larva, presence of elongate anal hooks 
and reduced abdominal tergite 10. 

The monophyly of the case-making Integripalpia (com- 
prising families Phryganeidae, Limnephilidae, Leptoceridae, 
Sericostomatidae, and relatives) is supported inter alia by the 
absence of the m crossvein; hind wings broader than 
forewings, especially in the anal area; the female lacking both 
segment 11 and cerci; and larval character states including 
the usual complete sclerotization of the mesonotum, hind 
legs with lateral projection, lateral and middorsal humps on 
abdominal segment 1, and short and stout anal hooks. 

Monophyly of a third putative suborder, Spicipalpia, is more 
contentious. Defined for the Glossosomatidae, Hydroptilidae, 
and Rhyacophilidae (and perhaps the Hydrobiosidae), the 
proposed uniting features are the spiculate apex of the adult 
maxillary and labial palps, ovoid second segment of the max- 
illary palp, and eversible oviscapt (egg-laying appendage). Mor- 
phological and molecular evidence fail to confirm Spicipalpia 
monophyly, unless at least Hydroptilidae is removed. All 
possible relationships between Annulipalpia, Integripalpia, and 
Spicipalpia have been proposed, often associated with scenarios 
concerning the evolution of case-making. An early idea that 
Annulipalpia are sister to a paraphyletic Spicipalpia + mono- 
phyletic Integripalpia finds support from some morphological 
and molecular data. 

At lower phylogenetic levels, several interfamily relation- 
ships have been explored and congruent findings made, for 
example, concerning the families of Sericostomatoidea, 
including several from the landmasses formerly constituting 
Gondwana, including South Africa. In contrast, relationships 
of taxa associated with the family Leptoceridae vary drama- 
tically between researchers. Forthcoming molecular evidence 
may be expected to assist in resolution of some issues and 
perhaps confuse otherwise robust relationships. 

Lepidoptera (Moths and Butterflies). Lepidoptera, with some 
140,000 described species in 70 families, is one of the major 
orders of Holometabola. Adults range from very small to large, 
with wings always covered in scales. The head bears a long, 
coiled proboscis formed from greatly elongated maxillary 
galeae; large labial palps usually are present, but other 
mouthparts are absent, except that mandibles are present 
primitively in some groups. The compound eyes are large, and 
ocelli frequently are present. The multisegmented antennae are 
often pectinate in moths and knobbed or clubbed in butterflies 
(Papilionoidea + Hedyloidea + Hesperioidea). The wings are 
completely covered with a double layer of scales (flattened 
modified macrotrichia), and the hind and forewings are linked 
by either frenulum, jugum, or simple overlap. Lepidopteran 
larvae have a sclerotized, head capsule with mandibulate 
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mouthparts, usually 6 lateral ocelli, and short 3-segmented 
antennae. The thoracic legs are 5-segmented with single claws, 
and the abdomen is 10-segmented with short prolegs on some 
segments. Silk-gland products are extruded from a charac- 
teristic spinneret at the median apex of the labial prementum. 
The pupa sometimes is contained within a silken cocoon. 
The basal radiation of this large order is considered well 
enough resolved to serve as a test for the ability of particular 
molecules to recover phylogenetic signal. Although over 98% of 
the species of Lepidoptera belong in Ditrysia (Fig. 10), the mor- 
phological diversity is concentrated in a small nonditrysian 
group. Three of the four suborders are species-poor (Micropte- 
rigidae, Agathiphagidae, Heterobathmiidae), lie sequentially at 
the base of the Lepidoptera, and lack the synapomorphy of the 
megadiverse suborder Glossata, namely the characteristically 
developed coiled proboscis formed from the fused galea. The 
highly speciose Glossata contains a comb-like basal series of 
species-poor taxa and a subordinate clade (Neolepidoptera) 
defined by the possession in the larva (caterpillar) of abdominal 
prolegs with muscles and apical crochets (hooklets). Much of the 
glossatan diversity is found in the derived Ditrysia, defined by 
the unique two genital openings in the female, one the ostium 
bursae on sternite 8, the other the genitalia proper on sternites 9 
and 10. Additionally the wing coupling is always frenulate or 
amplexiform and not jugate, and the wing venation tends to be 
heteroneuran (with venation dissimilar between fore- and hind 
wings). Trends in the evolution of Ditrysia include elaboration 
of the proboscis (haustellum) and the reduction or loss of 
maxillary palpi. Relationships between the smaller superfamilies 
(not shown in Fig. 10) and the few highly diverse ones 
(Tineoidea, Gelechioidea, Tortricoidea, Pyraloidea, Noctuoidea, 
and Geometroidea) are not well understood and susceptible to 
change. However, one of the best supported relationships in 
Ditrysia is the grouping of Hesperioidea (skippers) and 
Papilionoidea (butterflies), united by their clubbed, dilate 
antennae, lack of frenulum in the wing, and large humeral lobe 
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FIGURE 10 Cladogram depicting relationships among, and inferred 
classification of, Lepidoptera. Only selected superfamilies are depicted. 
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on the hind wing. To this has been added the neotropical 
Hedyloidea to form the monophyletic grouping we know as the 
butterflies. 
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hysical control is one of the four main approaches to crop 

protection against insects; the other three are the chemical, 
biological, and biopesticide approaches. From a theoretical and 
a technical point of view, all of these approaches have limits that 
make them more or less suitable against a given pest control 
target. In practice, the relative merits of each approach are also 
weighted against numerous factors before an actual decision is 
made regarding the most appropriate method to implement. A 
majority of agricultural commodities are protected using 
chemical control but ideally, all components and technologies 
should be blended optimally and harmoniously into an inte- 
grated pest management (IPM) program. 


PHYSICAL CONTROL METHODS 
Definition, Context, and Literature 


Physical control methods in crop protection comprise all pest 
management techniques that rely on the use of physical 
processes to damage, kill, or induce behavioral changes in 
target organisms. The primary action may have a direct 
impact, for example, when insects are killed immediately by 
mechanical shocks. In other instances, the desired effect is 
attained through stress responses. 

Various physical control methods have been used through- 
out the long history of plant protection (Table I). With the 
rapid advances that have occurred in the physical, chemical, 
and biological sciences since the late 19th century, agriculture 
has been transformed from a strictly empirical activity, largely 
based on tradition and aimed primarily at staying off famine, 
to a quantitative form of agriculture focused on producing a 
certain amount of food. During this transition, which has 
been sustained at an increasing rate over the past 50 years, 
physical control methods have been set aside because of the 
tremendous success of chemical control. It is only natural that 
some people should view the use of physical control methods 
as a step backward to those distant ancestral practices. Thanks 
to technological advances and greater precision in the 
implementation of such methods, physical control now has all 
the necessary attributes for incorporation into IPM strategies. 


Use in Agricultural Production 


The different methods of physical control used against crop 
pests have some common characteristics. One of the charac- 
teristics that differentiates physical tactics from the other 
control methods (Table I) is the absence of persistence. In 
almost every case, the effect of a treatment is limited to the 
period of application. When treatment stops, the stressor 
disappears immediately or dissipates quickly. From the stand- 
point of exercising control over the treatment and its second- 
ary effects, the absence of a residual action is an advantage. 
However, this characteristic can also be regarded as a draw- 
back, because the treatment may have to be repeated every 
few days to control crop pests that emerge and are active for 
a few days or a few weeks. In such cases, persistent chemicals 
constitute a much more convenient approach, although they 
are often undesirable from an environmental standpoint. 

In addition to being restricted to the time of application, the 
impact of a physical control method is limited spatially. 
Mechanical, pneumatic, electrical, and thermal energies are 
dissipated locally over a distance of up to a few meters from the 
site of application. Electromagnetic radiation, which propagates 
over considerable distances and is subject to numerous res- 
trictions (reserved frequency bands, maximum power, absence 
of interference), is an exception. Some pesticides have the 
unfortunate characteristic of dispersing over considerable 
distances. Similarly, many biological control agents can disperse 
or become dispersed beyond the treatment area. 
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TABLEI Comparison of Control Methods for Crop Protection 
Method 
Characteristic Chemical Biological Physical 
Advent 20th century 20th century With agriculture 
Registration Required A few cases Never 


Supporting sciences 


Scientific references 


Residual action (residues 
and persistence) 


Possibility of combining with 
another method 

Active or passive method 

Application to field crops 


Application to crops with a high 
profit margin per hectare 


Analytical chemistry, chemical 
synthesis, biology 


Very abundant 
Yes (variable) 


Yes (sometimes difficult with 


biological methods) 
Active 
High level 
High 


Biology, biotechnology, ecology 


Abundant 


Yes, if reproduction occurs 
Yes 


Active 
Low level 
Moderate to high 


High 


High 
Variable 


Engineering (mechanical, electrical, 
electronic), biology 


Few 


Negligible 
Yes 


Active and passive 
Low to moderate level 


Moderate to high 


High (passive) 
Low (active) 
Medium to high 


Safety for crop Moderate to high (phytotoxicity) 
Labor requirements Low 
Work rate (hectares treated High 


per hour) 


Site of action Photosynthetic system, nervous 


system (few genes involved) 


Environmental or toxicological High and costly 


requirements, safety 
Geographic impact Drift, run-off, evaporation, 


food chain 


Energy requirements High for production 


Machinery required Ground or aerial sprayer 


Systems allowing adaptation 
Moderate (e.g., virus) 


Colonization of nontarget habitats 


Little or none 


Low (active) 
High (passive) 
Systems allowing adaptation to 


to biotic stresses abiotic stresses 


Low (exception: electromagnetic 
radiation) 
Restricted to area treated (exception: 


by parasites or predators electromagnetic radiation) 


Low Low (passive) 


High (active) 

Many types of equipment, few 
machines are suited to more than 
one purpose 


Note. Reproduced, with permission, from Vincent, C., Panneton, B., and Fleurat-Lessard, F. (eds.) (2001). “Physical Control Methods in Plant Protection.” 


Springer/INRA. Copyright Springer-Verlag. 


Compared with traditional chemical control, present 
methods of physical control are more labor intensive and 
often time consuming (Table I). This drawback is one of the 
main reasons physical control techniques have had little 
success in penetrating the field crop market. Given these 
circumstances, only crops with a high profit margin per 
hectare represent an obvious market for physical control 
methods. From the viewpoint of implementation, physical 
methods compare favorably with biological methods (other 
than biopesticides), which often entail labor-intensive field 
observations and are difficult to apply in a field-crop setting. 


Modes of Action and Classification 


There are two basic types of physical control, i.e., active and 
passive (Table II). Active methods use some form of energy to 
destroy, injure, or induce stress in crop pests or to remove them 
from the environment. This type of approach has an effect at 
the time of application, with virtually no residual action. Passive 
methods, in contrast, cause changes in the environment and 


have a more lasting effect. Physical methods of control also can 
be classified according to the mode of energy use: thermal shock 
(heat), electromagnetic radiation (microwaves, infrared and 
radiofrequencies), mechanical shock, and pneumatic control 
(blowing or vacuuming tools) (Table II). Mechanical barriers to 
keep pests out, combined with physical suppression techniques, 
are the cornerstone of the approach adopted by industrialized 
countries to replace methyl bromide. Other techniques such as 
diatomaceous earth, hydrophilic particle films, sticky traps, and 
oils also are passive techniques. 

Various applications that use thermal shock for crop 
protection in the field have been developed and research is in 
progress. This type of approach is based on the premise that 
the commodity or crop to be protected will be less sensitive 
than the target pest to an abrupt change in temperature. 
Research on thermal sensitivity thresholds and physiological 
reactions to short-duration thermal stresses is central to the 
development of control methods based on thermal shock. 

Several avenues have been explored for applying the different 
forms of electromagnetic radiation as a tool for controlling 
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TABLE II Classes, Families, and Examples of Physical Control Methods 
Class, family Method Examples of target insects Situation Comments 
Passive 
Physical barriers Several mosquito species of medical Pr, PH Efficacy limited to area 
importance, Colorado potato beetle, 
chinch bugs 
Trapping Apple maggot Pr In apple orchards 
Mulching Aphids Pr 
Spatial barrier Screwworm 
Inert dusts Stored-product insects Pr Including diatomaceous earth, silica dust 
Thin films (kaolin) Codling moth, leafroller, mites Pr 
Mineral and edible oils Phytophagous mites, scales Pr PH 
Adhesives Ants, cockroaches, flies Glues, petroleum jelly, creosote 
Slippery surfaces Ants, cockroaches Made of Fluon, Teflon, or dust 
Fences Chinch bugs, Colorado potato, Pr 
beetle, cutworm 
Windbreak Aphid vectors 
Wrapping Gypsy moth, forest tent caterpillar, 
insects of transformed products 
Organic mulch Melon worm, Colorado potato beetle 
Inorganic mulch Aphid vectors, potato tuberworm 
Trench Chinch bugs, Colorado potato beetle, 
Water Chinch bugs 
Modified atmosphere PH Modulating CO, 
Inert gases Stored-product insects PH 
Active 
Mechanical Mechanical impacts 
Pneumatic (vacuuming, Colorado potato beetle, Lygus spp. Pr 
blowing) 
Dislodging Plum curculio Pr In apple orchards 
Leaf shredding Spotted tentiform leafminer Pr 
Disturbing Stored-product insects Pr 
Forced air House flies Building entrances 
Thermal Flaming Colorado potato beetle Pr 
Hot/cool air Stored-product insects PH 
Hot water—steam PH 
Rapid freezing Stored-product insects PH 
Postharvest chilling Stored-product insects PH 
IR heating PH 
Electromagnetic | Microwave Pr, PH Also in museums 
Radiofrequencies PH 
Ionizing radiation PH 
UV and visible light Mosquitoes In combination with electricity 
Other Flooding Cranberry insects Pr 


Note. Pr, preharvest control; PH, postharvest control. 


insects. Nonionizing electromagnetic radiation kills insects by 
raising their internal temperature. The utilization of radio, 
microwave, and infrared frequencies is based on a principle 
similar to that of thermal shock methods except that, with 
applications involving electromagnetic radiation, the transfer of 
energy occurs without using a heat transfer fluid. Technologies 
that harness electromagnetic radiation are often too expensive 
for use in the field. Furthermore, existing regulations restrict the 
available frequency bands, either for reasons of user and environ- 
mental safety or because certain frequency bands have been set 
aside for specific applications that do not tolerate interference 
(e.g., microwave-based landing guidance systems for aircraft). 
There is a wide variety of physical barriers used as physical 
control techniques. The technology associated with physical 


barriers can be applied in the field or in greenhouses. Barriers 
used in the field can take several forms (trenches, vertical 
nets, etc.) and can be deployed on a range of scales to protect 
a complete field, a crop row, or a group of plants. Passive 
methods should be used whenever possible, because they 
extend the length of the treatment. For example, plastic-lined 
trenches along field boundaries trap Colorado potato beetles 
during the whole migration period. 

Pneumatic control consists in using an airstream to dislodge 
insect pests. Insects that are removed by vacuum pressure are 
killed when they pass through the moving parts of the blower 
(mechanical shock). After being dislodged by a blowing device, 
individuals of some insect species are injured and die because 
they are unable to climb back onto the host plant. Other 


machines are equipped with a device for collecting the dislodged 
insects, which are subsequently killed. Sound knowledge of the 
target insect’s behavior is necessary in order to enhance the effec- 
tiveness of this type of approach as exemplified by the man- 
agement of tarnished plant bug as a pest of strawberries. 

Like any pest management approach, physical methods 
have strengths and weaknesses, and some of them are likely to 
have secondary effects on nontarget organisms, e.g., pollina- 
tors of strawberry. In an IPM context, the decision to use a 
physical control tactic must therefore be made on a case-by- 
case basis according to the same criteria as in decision-making 
regarding the appropriateness of pesticide applications: effi- 
cacy, cost-effectiveness, and undesirable effects. In addition, 
no physical control technique is sufficient on its own for all 
pest control treatments in a given crop. 


Postharvest Physical Control 


Postharverst situations offer ideal opportunities to research 
and implement physical control methods. In long-term 
storage of nonperishable agricultural commodities (seeds and 
grain, dried fruits, by-products, dried and dehydrated plants, 
spices, herbs, coffee, cocoa), the most serious losses are due to 
the action of insects and mites or the spoliage by certain 
microorganisms (e.g., fungi). Chemical control using 
persistent insecticides is the most commonly used approach 
for preventing damage to grain and seeds by insect pests. 
Some of the benefits of this strategy are low cost, ease of 
implementation, and protection that lasts for several months, 
until the quantity of active residues falls below the lethal 
threshold for the target species. 

Physical control applications developed for postharvest 
treatments have focused on procedures for controlling physical 
conditions in stocks of stored grain (temperature and water 
content), thermal or mechanical shock, the establishment of 
extreme conditions for insect pests (anaerobiosis, pressure, and 
modified atmospheres), the use of abrasive or dehydrating 
minerals, and the erection of physical barriers to keep insects 
out. Postharvest control approaches are essentially based on 
passive methods, with the exception of thermal and mechanical 
shock treatments. In postharvest situations, most physical 
methods are suitable solely for prevention against pests and 
hence cannot be compared with classical chemical control. A 
thorough knowledge of integrated pest management strategies 
is required, since these techniques afford no protection 
following application, unlike persistent insecticides. 

Practical use of physical control necessitates multiple 
verifications and supporting data, particularly in relation to 
secondary effects on the quality of treated products (for 
example, the germinating power of malting barley or the baking 
quality of bread-making wheat). Nonetheless, the prospect of 
registration reviews for several pesticides (e.g., methyl bromide) 
that are currently used in postharvest protection of raw 
foodstuffs or in processing and storage facilities for intermediate 
or finished products has revived interest in postharvest physical 
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control. Furthermore, because the use of persistent contact 
insecticides on processed food products (e.g., wheat, semolina, 
dried fruit) is prohibited worldwide, the industry has to rely 
exclusively on fumigants or physical procedures to eradicate 
insects in such products. Fumigants are used only marginally in 
many countries such as France, the United Kingdom, and 
Canada, and their use is likely to decline further when methyl 
bromide production and use are phased out, sometime between 
2002 and 2005. In view of this situation, physical control is the 
only strategy likely to ensure successful control of insect and 
mite pests in postharvest food stocks. Physical methods hold 
promise as a complement to chemical pesticides and a means of 
moving away from excessive reliance on chemical control. 
Furthermore, the most accessible physical methods for this pest 
management sector, such as dry heat treatments or airtight 
storage using inert gases, should help to diminish the secondary 
risk of spoilage of raw foodstuffs by storage molds. 


GENERAL CONSIDERATIONS 


Physical control deserves to be recognized as a well-defined 
area of expertise as is the case for biological control. This 
recognition is bound to come as the quest for alternatives to 
chemical pesticides intensifies. Although physical control went 
out of use with the advent of chemically based pest control 
methods in the middle of the 20th century, the limitations of 
pesticide use, coupled with the difficulties of implementing 
biological control, have created a crossroads for the renewed 
development of physical control. 

Most physical methods of control can be used in a crop 
protection program incorporating both chemical and biological 
controls. A potential problem occurs when physical barriers are 
still in place during chemical or biological treatments. 
Chemical and biological methods are sometimes incompatible, 
particularly in production systems eschewing chemical 
pesticides. In the latter case, only biological and physical 
methods can be applied. Although not economically significant 
at present, organic crops represent a growing market segment. 
This is a niche that will definitely provide leverage for the 
development of physical control measures. 

The regulatory framework for physical control differs 
markedly from that for agrochemical products (Table I). First, 
many physical techniques are subject to rules concerning their 
use (i.e., the registration process), which are designed to 
protect users and the general public. Sometimes, such as with 
the use of propane gas, specialized training is required. The use 
of electromagnetic radiation is constrained by telecommuni- 
cations regulations, some of which stem from international 
agreements. In the case of microwave energy, for instance, only 
a handful of frequencies has been set aside for industrial, 
scientific, and medical applications. With regard to the regu- 
latory framework for physical control technologies, it is com- 
pletely defined a@ priori. In short, the equipment employed 
must meet the applicable standards (mostly related to user 


safety). With chemically or biologically based methods, the 
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difficulty in anticipating secondary effects precludes the estab- 
lishment of comprehensive specifications that would be known 
a priori. This explains the need for increasingly costly test 
protocols designed to evaluate pesticide safety from the stand- 
point of human health as well as ecotoxicology. 

A number of factors tend to complicate the implementation 
of physical control methods, and physical tactics cannot be 
readily compared with crop protection systems based solely on 
the use of an agricultural sprayer to apply pesticides in liquid 
form. For agricultural operations, this system entails low 
variable costs and fixed costs. In contrast, the equipment used 
for physical control is often very specific: cultivators for weeds, 
vacuuming device for Colorado potato beetles, and so on 
(Table I). Very few physical control tools offer the operational 
versatility that would allow them to perform several types of 
crop protection operations. Integration efforts, such as research 
aiming to design burners for use in controlling Colorado 
potato beetles, killing weeds, and performing top-killing, are 
needed to enable physical control tools to penetrate the crop 
protection market. 


See Also the Following Articles 
Agricultural Entomology ¢ Biological Control Colorado 
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hytophagous insects are generally considered to be those that 

feed on green plants. They include species that attack roots, 
stems, leaves, flowers, and fruits, either as larvae or as adults or 
in both stages. Leaf feeders may be external (exophytic) or they 
may mine the tissues, sometimes even specializing on a partic- 
ular cell type. Typically nectar and pollen feeders are not includ- 
ed. “Phytophagous” is often synonymous with “herbivorous,” 
although the latter term is sometimes restricted to those species 
feeding on herbs (i.e., herbaceous plants). Commonly, species 
that use only one plant genus or species are called mono- 
phagous and species that use plants within a tribe or family 
are called oligophagous. The term stenophagous is less com- 
monly used and includes both of these. Polyphagous species 
are those that use plants in several to many plant families. 


DIVERSITY 


Phytophagous insects are highly diverse and the total species 
number is at least 500,000. This represents about 25% of 
known multicellular animals. There are phytophagous insect 
species in the majority of insect orders, including Orthoptera, 
Lepidoptera, Coleoptera, Heteroptera, Hymenoptera, and 
Diptera but there are very large differences in numbers of 
species in the different groups (Table I). All green plants are 
eaten by one or more species of phytophagous insects. 
Major differences occur among orders in the ways in 
which hosts are selected and the life forms that use plants. 
Thus, grasshoppers usually lay eggs in the soil so that the 
nymphal stages must select the plant resource. In the 
Orthoptera and Hemiptera, which are hemimetabolous, the 
nymphal and adult stages generally have similar feeding 
habits. By contrast, among Lepidoptera and Hymenoptera 
adults commonly feed on pollen or nectar while only the 
larvae are phytophagous, and among Coleoptera the larvae 
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TABLEI Approximate Proportions of Species of Phytophagous Insects from Different Insect Orders 





Order Common example Proportion of species in order that are phytophagous _ Proportion of all phytophagous insect species 
Orthoptera Grasshoppers 95 3 
Heteroptera Bugs 90 14 
Hymenoptera Sawflies 11 9 
Diptera Flies 29 15 
Lepidoptera Moths and butterflies 99 26 
Coleoptera Beetles 35 28 


and adults of leaf beetles have similar habits, while larvae of 
wood borers often have adults with different feeding habits. 
Thus, there is a dichotomy (with some notable exceptions) 
between species in which the mother chooses for her 
offspring and species in which all stages are independent. 

The great diversity of insects feeding on plants is matched 
by a remarkable diversity of lifestyles, mouthparts and gut 
morphological adaptations to the food eaten, cuticular mor- 
phology and coloration adapted for crypsis or aposematism, 
and behavioral adaptations for use of particular plants and 
escape from natural enemies. Many of the remarkable 
pictures of insects in popular journals involve surprisingly 
effective visual and behavioral crypsis. 

Insects feeding on plants had their origin early in the 
history of life on land, with all the major orders that feed on 
plants today being present 300 million years ago (with the 
possible exception of Lepidoptera). This means that 
partitioning of food resources had occurred then, because 
there were spore feeders, sap suckers, and gall makers as well 
as miners and external feeders. This can be determined from 
information provided by fossils of insects and damaged 
plants and fossilized remains of insect feces. The diversity of 
insect mouthparts required for the different feeding guilds 
was established well before the appearance of angiosperms 
200 mya, but diversification of families, genera, and species 
has continued unabated ever since. The diversification is now 
known to be clearly related to angiosperm diversity and 
believed to be related largely to the diversity of plant second- 
ary metabolites. These chemicals provide the signals for 
acceptance or rejection of potential host plants. 


Mouthparts and Feeding 


Although each of the major phytophagous orders of insects 
has distinctive biting and chewing or sucking mouthparts, 
the structures are highly diversified to handle every type of 
physical problem. For example, caterpillar species feeding on 
different plants can often be recognized by their mandibular 
morphology, and species feeding on physically similar plant 
parts tend to have similar morphology, whether they have a 
common ancestry or not. Among grasshoppers (Acrididae), 
those that feed only on grasses have highly specialized 
mandibles with incisor regions for snipping through the 
tough parallel veins and molar regions for grinding the tissue. 


These highly characteristic mandibles have evolved independ- 
ently at least eight times during the evolution of grasshop- 
pers. It is probable that the details of mouthpart structure 
evolve quite quickly to suit changing diet, because it has been 
found in certain seed-sucking bugs (e.g., Jadera) that beak 
length has evolved to suit different fruit sizes within the past 
100 years. Such rapid evolution may reflect the need to 
process food efficiently to maximize growth as well as the 
need to ingest food very rapidly to minimize predation risk. 

Unless they utilize such structures as seeds and pollen, 
most phytophagous insects deal with the low protein levels 
characteristic of much plant tissue by eating relatively large 
amounts, and the gut throughput rates are high, with food in 
some cases taking only a couple of hours to pass through the 
digestive system. Some supplement their diets with carnivory or 
use symbionts to upgrade the levels of essential amino acids. 
Aphids, for example, which feed on phloem, tend to be partic- 
ularly short of certain essential amino acids such as tryptophan, 
and their symbiotic bacteria commonly have multiple copies 
of genes involved in making tryptophan, so that the aphid 
obtains its requirements with the help of the symbionts. 

Unlike many vertebrate herbivores, insects that feed on 
plant tissues often do not make nutritional use of the cellu- 
lose, which makes up a large proportion of plant bulk. This 
may partly reflect the fact that for phytophagous insects, 
protein is more likely to be limiting than carbohydrate. As 
heterotherms (animals whose body temperature varies with 
that of the environment) they are not concerned with the use 
of diets that are high in calories for maintenance of body 
temperature. Those species that do use cellulose, such as 
beetles feeding on wood or termites feeding on dead and 
decaying plants, often have symbionts that break down the 
cellulose, releasing nonprotein amino acids as well as sugars. 
It is possible that the digestion of cellulose in these cases is a 
mechanism for releasing nonprotein amino acids that are 
bound to cellulose but that can be converted to useful amino 
acids for the insects by the resident symbionts. 

Apart from the need to obtain sufficient quantities of major 
nutrients such as protein, insects (like other animals) often 
require nutrients in suitable ratios. For example, the propor- 
tions of protein and carbohydrate required for maximal growth 
vary among taxa; if a particular resource is limited in one res- 
pect the balance can be improved behaviorally. Thus, individual 
insects with a choice of high-protein/low-carbohydrate food 
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and low-protein/high-carbohydrate food can eat a mixture of 
both. Studies indicate that species in different taxonomic groups 
are able to select among the foods available to optimize the 
balance ingested. This ability depends on a variety of mecha- 
nisms, including nutrient feedbacks that influence taste recep- 
tor sensitivity to sugars and amino acids, a tendency to move 
away from a food that has recently proved unsuitable, and a 
tendency to select foods with new and different flavors 
following experience on an unsuitable food. In addition, it has 
been demonstrated that insects can learn to avoid unsuitable 
food and to associate particular odors with high-quality foods. 


THE IMPORTANCE OF PLANT 
SECONDARY METABOLITES 


The great diversity of secondary metabolites in plants 
profoundly affects the behavior of phytophagous insects and, 
thus, the evolution of that behavior. These compounds may 
be repellent, or deterrent after contact. In addition, the 
deleterious postingestive effects of them enable insects to 
learn to reject a plant. Such food aversion learning has been 
demonstrated particularly in grasshoppers. 

Many plant secondary metabolites serve as relatively non- 
specific attractants or feeding stimulants for insects that feed 
on plants, although more commonly one or several particular 
compounds in a plant species serve as highly specific attrac- 
tants or stimulants for feeding/oviposition by insects adapted 
to that plant. Thus, specialist phytophagous insects generally 
have a genetic predisposition to accept plants with a par- 
ticular chemical or suite of chemicals present, the so-called 
sign stimuli; indeed, the sign stimuli may act as valuable signals 
in the sense of improving the speed of decision-making and 
discrimination by these insects. Some examples of sign stimuli 
are shown in Table II. 

Apart from Orthoptera (specifically grasshoppers), the 
majority of phytophagous insect species tend to be specialists. 


TABLE II Examples of Sign Stimuli That Are Particularly 
Important in Host Recognition by Phytophagous Insects 





Insect Diet breadth Chemicals 
Junonia coenia, 
buckeye butterfly Several families Iridoid glycosides 


Plutella xylostella, 


diamondback moth Family Brassicaceae Glucosinolates 


Pieris rapae, imported 
Glucosinolates 


cabbage worm Family Brassicaceae 


Uresiphita reversalis, 


genista caterpillar Tribe Genisteae Quinolizidine alkaloids 
Delia antiqua, 
onion maggot Genus Allium Disulfides 


Chrysolina brunsvicensis, Genus Hypericum Hypericin (quinone) 


beetle 


Plagioderma versicolora, Genus Salix 


Salicin (phenolic 
glycoside) 


willow beetle 


That is, they feed on just a few species, genera, or tribes of plants. 
It is common among Lepidoptera (moths and butterflies), for 
example, to find species that feed on plants in one family, one 
tribe, one genus, or one species of plant. It appears that the 
degree of specialization is related to the occurrence of one or 
a few chemicals that characterize that plant group. In addi- 
tion, the narrower the host range, the more likely it is that 
non-host chemicals will repel or deter the insects at relatively 
low concentrations. Many of these chemicals that reduce 
feeding or oviposition behavior are not noxious if ingested, 
suggesting that their role in these cases is more as signals of 
non-hosts than as signals of toxicity in specifically evolved plant 
defenses. Nonetheless, there are situations in which plants 
probably evolved high concentrations of particular chemicals 
in response to the attack of insects. Insects, over time, would 
be likely to evolve countermeasures. Thus one can envisage, 
as many have done, that a chemical arms race between plants 
and phytophagous insects has occurred (and is occurring). 

Diet breadth variation occurs in all phytophagous insect 
orders, and there is evidence from molecular and other stud- 
ies that evolution of diet breadth can occur in either direction. 
What drives these changes has been a subject of much con- 
troversy. Included in the hypotheses are the following: arms 
race coevolution in which specialists are in some way more 
successful, sequential evolution of insects in which species 
benefit from the use of specific plant signals to improve 
behavioral efficiency, adoption of specific plant hosts from 
which specialists may sequester high levels of particular pro- 
tective chemicals, and the selection pressure of parasites and 
predators that involve adoption of limited host plant species 
as a means of better avoiding attack (for example, by enhanced 
visual or chemical crypsis). 

The study of host plant selection by phytophagous insects 
has been important in theories of resource use and whether it 
should be flexible in ecological or evolutionary time. For 
example, a change in host use may involve a change in 
specificity (how many different resources are acceptable) or a 
change in preference (which of a limited number of available 
resources is ranked highest). A change in specificity could 
result from a simple change in gustatory or olfactory sen- 
sitivity to many plant secondary metabolites or a change in 
the central nervous system affecting the relative importance of 
negative inputs from chemoreceptors. A change in preference, 
however, probably involves a change in receptor conformation 
or proportions of receptors with different conformations, at 
the level of the sensillum. 


VARIATION IN HOST USE 


Advances in how evolutionary changes occur or have occurred 
are being studied by examining genetic variation currently 
seen within populations of particular species, geographic 
variation that occurs in host specificity or preference, and 
historical changes in host use together with the physiological 
mechanisms underlying them. Experiential change can 


influence host preference, in turn altering the nature of 
selection pressure on those individuals and their offspring. 
Host shifts or increases in host range have provided models 
of evolutionary change including the study of sympatric 
speciation, whereby populations of an insect species become 
associated with different hosts. Because many species mate on 
or near their hosts, gene flow between populations using 
different hosts drops and speciation becomes possible. An 
example of this kind of divergence is with the apple maggot 
Rhagoletis pomonella in North America. Some populations 
moved from the ancestral Crataegus to apple and, currently, 
populations are diverging and evolving additional differences. 
The interaction of phytophagous insects and plants is greatly 
influenced by predators and parasites. This is because they are 
major mortality factors for the phytophagous insects and yet use 
the plants themselves for sources of nectar and places to shelter, 
as well as places where they find their prey and hosts. In many 
cases, they are attracted to the odors of plants that are being 
attacked by plant-feeding species. The phytophagous insects 
that can remain visually or chemically cryptic by being spe- 
cialists, or sequester plant toxins and become warningly 
colored, will be selected for by these natural enemies. 


AGRICULTURE 


The study of phytophagous insects has been very important 
in agriculture. Probably from ancient times, humans have 
selected varieties of crop plants that are minimally attacked 
by insects, and in the last 100 years breeding programs have 
been important in specifically increasing plant resistance. For 
example, resistance in rice to the rice brown planthopper 
(Nilaparvata lugens) and resistance in wheat to the greenbug 
(Schizaphis graminum) have resulted from dedicated research 
effort. Today, genes that express resistance factors against 
particular insect pests are inserted into some crops. For 
example, a toxic protein from the insect disease bacterium 
Bacillus thuringiensis can be produced in plants genetically 
modified by introduction of the bacterial gene. 

Research in all areas of the biology of phytophagous insects 
has found application in agriculture. For example, behavioral 
studies of attractants has led to the use of traps for specific pests, 
and the study of antifeedants has had use in development of 
such materials in crop protection. Plant resistance is sometimes 
indirect, with plants expressing characteristics that favor natural 
enemies of the phytophagous species. For example, some crop 
plant varieties have hairs distributed at such densities that the 
parasitoids of pest whiteflies are slowed down in their running 
on a plant to a speed that improves host recognition. In other 
crops, surfaces lacking a wax bloom enable small predators to 
run more easily and thus efficiently find small caterpillars. 
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he feeding of insects and mites, especially those that suck 

fluids from plants, can cause symptoms of distress such as 
yellowing (chlorosis), silvering, bronzing or necrosis of 
foliage, wilting or discoloration of shoots, and malformation 
of leaves, stems, roots, fruits, and other plant organs or 
tissues. Phytotoxemia (or phytotoxicity) is the production of 
plant symptoms of distress caused by the reaction of plants to 
chemicals (toxins) produced by insect feeding. 


DEFINITION AND IMPORTANCE 


Insects damage plants in many ways, but the most common type 
of damage is the removal of plant tissues, as in the familiar exam- 
ples of caterpillars, beetles, and grasshoppers, whose feeding 
creates noticeable holes or even the wholesale removal of leaves, 
fruits, or other plant parts. Minute arthropods such as mites and 
thrips remove plant parts on a smaller scale by evacuating the 
contents of individual plant cells by their feeding. In contrast to 
damage caused by the removal of plant tissue, a phytotoxemia or 
phytotoxic reaction is the reaction of a plant to a chemical toxin 
introduced by insect feeding. Sucking insects in the orders 
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Hemiptera (part of which has been called Homoptera in the 
past), such as plant bugs, aphids, leafhoppers, and psyllids, are 
the best known insects that cause phytotoxicity by their 
feeding. Examples of external phytotoxins include chemical air 
pollutants and pesticides. Abnormal plant growths or 
deformities called galls can be caused by certain insects. 

The symptoms or appearance of insect phytoxemias are 
often very similar to symptoms caused by infections with plant 
viruses or other infectious microorganisms that cause plant 
disease. Phytotoxemias can be distinguished from diseases 
caused by pathogens by the following criteria: (1) the capacity 
of the insect to produce symptoms is characteristic of the species, 
not restricted to certain individuals within the species; (2) the 
incidence and severity of symptoms are directly related to the 
number of insects (even where a single insect may cause symp- 
toms) and the amount of time spent feeding; and (3) plants 
recover at least partly from further development of symptoms 
when the insects are removed. In contrast, plant viruses trans- 
mitted by insect vectors are not present in all individuals in a 
vector species; each individual must acquire or inherit the virus. 
Furthermore, plants develop symptoms of viral disease as a result 
of infection introduced by a single vector insect that might have 
transmitted the virus to the plant. Finally, plants will not recover 
from virus diseases when the vectors are removed from the plant. 

The appearance of a phytotoxemia can be small, localized 
lesions of discolored or dead (necrotic) tissue; the formation of 
cork, scabs, or pits; premature fall of leaves or fruits; or curling 
or malformation of plant organs. These are often symptoms of 
plant diseases caused by pathogenic microorganisms and thus 
may be easily confused with symptoms caused by pathogens. 
Symptoms may be systemic, that is, far removed from the site 
of insect feeding. For example, leaves may be discolored or 
distorted by phytotoxic feeding in roots or stems. 


EXAMPLES AND CAUSES OF 
INSECT PHYTOTOXICITY 


The causes of phytoxemias are not well understood. 
Mechanical damage to plant tissues caused by sucking insects 
is not as easy to observe as for chewing insects because the 
damage occurs at the cellular level and is internal. For example, 
hopperburn is a condition caused in a variety of plants by small 
leafhoppers (family Cicadellidae) in the genus Empoasca. The 
most widely studied type of hopperburn is in alfalfa and is 
caused by the potato leafhopper Empoasca fabae. Laceration of 
the vascular tissues of the plant disrupts the flow of water and 
plant sap to leaves, but there is also evidence that chemicals 
within the leafhoppers’ saliva induce yellowing and necrosis 
typical of hopperburn. Simulation of leafhopper feeding with 
a fine needle causes some but not all symptoms of hopperburn. 
However, introducing crushed salivary glands of the potato 
leafhopper more closely simulates hopperburn. Other species 
of Empoasca cause hopperburn in beans in South America (E. 
kreameri) and grapes in Europe and North Africa (E. lybica). 
The phytotoxicity of the leafhopper Sophonia rufofascia, which 





FIGURE 1 The myrtle bushes on the left are damaged by the feeding of the 
leafhopper S. rufofascia (inset). (Photograph used with permission of Vincent 
Jones, Washington State University. Insect photograph by Walter Nagamini, 


Hawaii Department of Agriculture.) 


became established in Hawaii in the 1980s, caused extensive 
damage to many native plants in Hawaii, threatening the 
continued survival of some rare species. Its phytotoxicity is 
similar in many respects to hopperburn: halted growth and 
necrosis in some plants, yellowing of leaf tissues, and stunting 
of new growth in other plants (Fig. 1). 

The grape phylloxera (Daktulosphaira vitifoliae) is a 
devastating pest of grapevines that ruined millions of hectares 
of European vineyards in the 19th century and continues 
today to be a serious pest of vines worldwide. The aphid-like 
phylloxera have a complex life cycle, with some forms 
(gallicoles) causing galls on leaves and other forms (radicoles) 
causing galls and necrosis in roots. Phylloxera damage to 
roots kills European vines unless they are grafted onto 
rootstocks of wild grape species native to North America or 
onto hybrids of tolerant wild species (Fig. 2). Resistant grape 
species may have fewer phylloxera on their roots than 
European grapes, but it is their tolerance of grape phylloxera 
infestation without damage that is the main basis of their 
usefulness in avoiding phylloxera phytotoxicity. Feeding 
causes small roots to develop deformities and also kills root 
cells just beneath the bark. Soil-inhabiting fungi that invade 
roots may promote the decline of phylloxera-damaged vines. 

The feeding of the silverleaf whitefly (Bemisia argentifolii) 
causes silvering of the leaves of squash plants and reduces fruit 
size and color. Its feeding also causes tomatoes to ripen more 
slowly than normal. Unidentified chemical components of 
whitefly saliva seem to be involved, but the plant’s reaction is 
genetically controlled. The potato psyllid (Paratrioza cockerelli) 
causes a condition of potato and tomato called psyllid yellows, 
which, in addition to causing foliage of affected plants to 
become yellowish, reduces the size and quality of the fruits. The 
immature stages of potato psyllid rather than adults cause the 
most damage. Because individual psyllids may vary markedly in 
their ability to cause damage and only a small number of 
psyllids are sufficient to cause symptoms, a virus was suspected 





FIGURE 2 Dead grapevines attest to the severity of phylloxera feeding causing 


damage to roots. The healthy vines next to the declining vines have only the 
initial stages of phylloxera damage to roots. (Photograph by A. H. Purcell.) 


to be involved in causing psyllid yellows. However, other 
criteria, such as the direct relationship between damage and the 
number of psyllids feeding on a plant and the disappearance of 
symptoms after removing the psyllids, provide evidence against 
involvement of a virus or other pathogen. 

Other insects that cause phytotoxemias include species of 
aphids, mealybugs, planthoppers, treehoppers, spittlebugs, 
mirid bugs, coreid bugs, and stink bugs. Blister or gall mites 
(family Eriophyiidae) are also well known for inducing 
abnormal growth in many uncultivated plants as well as 
ornamentals and some crop plants. 


See Also the Following Articles 
Gallmaking ¢ Plant Diseases and Insects ¢ Salivary Glands 
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nsects and mites can cause plant diseases directly through 

feeding or can transport and inoculate viruses and microor- 
ganisms such as bacteria and fungi that cause plant disease. 
Insects are the most important vectors of plant viruses and the 
main or sole means of spread of many plant pathogens. Plant 
diseases spread by insect vectors can be crucially important to 
the profitable production of some crops. Insecticidal or bio- 
logical control of vectors often does not control the diseases 
spread by some vectors; consequently, physiological and 
ecological relationships between vectors and the pathogens 
they transmit are important to understand. 

The direct damage to plants caused by insect feeding (her- 
bivory) generally is considered to be in a separate category 
from plant disease. However, some insect feeding causes plant 
responses (phytotoxic reactions or gall formations) that are 
very similar in appearance to plant diseases caused by microor- 
ganisms and may be difficult to distinguish from diseases 
caused by microbial pathogens such as viruses or fungi. 


VECTOR TRANSMISSION OF PLANT VIRUSES 


Arthropod transmission of plant viruses illustrates the com- 
plexity and variety of relationships between plant pathogens 
and the arthropods that transport and introduce viruses to 
the plants. Because plants and plant viruses cannot move by 
themselves, plant viruses usually have mobile vectors. Most 
plant virus vectors are insects, mites, or nematodes. 
Arthropods are not thought to be important in the spread of 
the smallest plant pathogens—viroids (infectious small 
ribonucleic acids or RNAs); these are transmitted by gall 
mites (family Eriophyidae). However, they are important in 
the transmission of viruses. Viruses consist of protein-coated 
nucleic acids [either RNA or deoxyribonucleic acid (DNA)] 
that provide the genetic information for host cells to generate 
new copies of the virus (replication). In some cases, the viral 
coat contains lipids or glycoproteins. 

Vector transmission of a pathogen is usually characterized 
with respect to vector efficiency or competence. Efficiency is 
usually estimated on the basis of how likely transmission is to 
occur during each opportunity that a vector has for trans- 
mission. Usually, this is estimated by determining how many 
individuals of a particular species are able to transmit a 
pathogen to plants during a given time interval. An important 
aspect of transmission efficiency is that only a single insect 
species is known to transmit some viruses. Such viruses are 
said to be highly vector specific. Other viruses have less vector 
specificity; for example, many species of insects within a 
family or subfamily may be vectors of a particular virus. Such 
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FIGURE 1 Vector transmission efficiency changes over time after acquisition. 
(a) Nonpersistent transmission; (b) persistent transmission; (c) persistent (over 
weeks), circulative, or propagative transmission. The latent periods for b and c 
are indicated. (Reproduced from Daly, Doyen, and Purcell, 1998, “Intro- 
duction to Insect Biology and Diversity,” with permission of Oxford University 
Press, Inc., New York.) 


viruses are classified as having group specificity or low vector 
specificity, respectively. 

Transmission efficiency often changes dramatically over 
time. For example, vectors such as the green peach aphid 
(Myzus persicae) transmit viruses such as potato virus Y (PVY) 
most efficiently within seconds after acquiring the virus from a 
plant. In addition, after only a few minutes or at most hours of 
feeding on plants, the aphids (family Aphididae) no longer 
transmit the virus to plants. In fact, even the aphid’s efficiency 
of acquiring PVY varies with time. Aphids that are fed only for 
a brief interval on the virus-infected source plant more 
frequently transmit virus than do aphids that are fed for longer 
intervals on the source plant. Aphid transmission of PVY is said 
to be nonpersistent, meaning that virus transmission rapidly 
declines after acquisition (Fig. 1a), although air-borne aphids 
lose transmission efficiency at much slower rates than aphids 
that are feeding on plants or even probing an inert surface such 
as glass. Nonpersistently transmitted viruses generally have low 
vector specificity; that is, many aphid species can transmit 
them. At the other extreme, the green peach aphid transmits 
potato leaf roll virus (PLRV) only after an interval of many 
hours or even days after it acquires PLRV from feeding on 
virus-infected plants; it then continues to transmit for many 
days (persistent transmission). Only a few aphid species can 
transmit PLRV. The time required between the vector’s 
acquiring the virus and its successful introduction (inoculation) 
of the virus to a plant is called a latent period (LP). 

Changes in vector transmission efficiency over time (Fig. 1) 
provide clues as to the nature of the relationship between the 
vector and the virus and help to explain how vectors transmit 
the virus. For example, the persistent type of transmission 
typified by aphid transmission of PLVR often results from the 
virus having to circulate within its aphid vector before it can be 
transmitted, explaining the delay or LP required for trans- 
mission. A plant virus, such as the aphid-transmitted lettuce 
necrotic yellows virus (LNYV), that must multiply within a 


vector before it can be transmitted will typically have a median 
or average LP of days or even weeks. LNYV is also persistently 
transmitted by its aphid vectors after the LP is completed. 

In contrast, nonpersistently transmitted viruses such as 
PVY seem to be carried in or on the needle-like mouthparts of 
its aphid vectors. Many such viruses produce a viral-encoded 
polypeptide or small protein “helper factor” that is thought to 
act as a bridge to aid the attachment of the virus to the aphid 
vectors mouthparts. The helper factor of one virus may also 
act as a helper factor for a different virus. Certain viruses may 
require the presence of another virus in the same plant to be 
transmitted to another plant. It is not known if the assisting 
virus or an extraviral helper factor provided by the assisting 
virus is what aids transmission of the dependent virus. For 
example, rice tungro disease is caused by the rice tungro 
bacilliform virus (RTBV), which can be transmitted only by its 
vector, the rice green leafhopper (Nephotettix cincticeps, family 
Cicadellidae), along with another virus, the associated rice 
tungro spherical virus (RTSV). By itself, RTBV can cause 
tungro disease but cannot be transmitted to other plants, and 
RTSYV by itself does not cause a disease in rice. 

Some viruses, such as maize chlorotic dwarf virus 
(MCDY), persist for only hours to days in the blackfaced 
leafhopper, Graminella nigrifrons, vector and are classified as 
semipersistently transmitted. The shedding of the vector’s 
exoskeleton during molting from one growth stage to another 
halts the transmission of nonpersistently and semipersistently 
transmitted viruses. Because the lining of the foregut is shed 
during molting, PVY and MCDV are thought to be trans- 
mitted to plants from a location within the mouthparts or 
foregut of the vector. Electron microscopy and the labeling of 
viruses with fluorescently or colloidal gold-tagged antibodies 
that bind to specific viral proteins have been used to identify 
areas where viruses accumulate or attach within the foregut. 
The same approach can be used for viruses that circulate 
within the vector’s body cavity. 

The circulative viruses, such as luteoviruses, that are trans- 
mitted by aphids and gemini viruses that are transmitted by 
leafhoppers or whiteflies do not appear to multiply within their 
vectors; instead, their transmission is thought to entail efficient 
methods of viral uptake and translocation within the vector’s 
hemocoel (body cavity). Luteoviruses appear to be taken up by 
a process of endocytosis, in which virus particles are engulfed in 
a portion of the external cell membrane of intestinal cells, 
transported into the cell, and expelled from the cell into the 
body cavity. By processes that are less well understood, viruses 
can penetrate the membranes surrounding the salivary glands of 
the vector. Virus particles then enter plants as a result of the 
vector's salivation while feeding on plants. Luteoviurses such as 
PLRV can bind to the major protein (symbionin) associated 
with bacteria (called symbionts) that that live in specialized 
tissues within aphids and provide required nutritients to their 
aphid hosts (Fig. 2). The attachment of virus particles to the 
symbionin molecules may aid in the efficient circulation and 
persistence of virus from its entry via the aphid’s digestive tract 





FIGURE 2 The symbionin protein of symbiotic bacteria within aphids 
binds luteoviruses in the hemolymph of aphids carrying the virus. [From 
Van den Heuvel et al., (1999) Trends in Microbiology 7, 71-76. Reproduced 


with permission from Elsevier Science.] 


to its entering the accessory lobes of the aphid’s salivary glands. 
Disruption of the symbionts with antibiotic chemicals greatly 
reduces aphid transmission efficiency of the luteovirus. 

Experimental manipulations can result in a “heterologous” 
virus made up of the genetic information (DNA) of one virus 
encased in the protein coat of another virus. A heterologous 
virus consisting of the DNA of a whitefly-transmitted virus 
encased in the coat of a leafhopper-transmitted virus can be 
transmitted by leafhoppers from plants that contain the 
heterologous virus to a new plant. However, once the virus 
begins to replicate in the plant inoculated by the leafhopper, 
it constructs the proper coat protein directed by the DNA of 
the whitefly-transmitted virus. Leafhoppers no longer can 
transmit this virus from plant to plant; only whiteflies (family 
Aleyrodidae) transmit it. Experiments of this sort demonstrate 
that the viral protein coat, not the viral genome, determined 
the vector specificity of the virus. The protein coat probably 
does this by mediating passage of viral particles through the 
midgut and the salivary glands of the leafhopper, even though 
the viral DNA encoded whitefly-transmitted virus. Once the 
whitefly-transmitted virus replicated and produced its 
corresponding protein coat, only whiteflies could transmit it 
from plant to plant. 

Some of the persistently transmitted plant viruses, such as 
the reoviruses, replicate within their insect vectors. It is remark- 
able that the same virus can subvert the genetic and protein 
processing systems of both plant and animal cells for viral repli- 
cation. Although vectors normally acquire viruses by feeding on 
virus-infected plants, some plant viruses can invade the 
developing eggs or embryos within a female vector insect. The 
rice dwarf virus (RDV) is an example of a reovirus that passes 
from virus-infected female rice green leafhoppers to their 
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offspring by this route. Invariably these transovarially trans- 
mitted viruses, such as RDV, multiply within their vectors, yet 
most viruses that multiply in vectors are not transmitted transo- 
varially. The tomato spotted wilt virus (TSWV) is unusual 
because it can be acquired only by immature stages of thrips. 
An adult thrip can transmit this virus only if it fed as a nymph 
ona plant with TSWV. Thus, the vectors of TSWV have vector 
specificity not only for particular vector species but also for the 
immature stages, at least in the acquisition phase. 

Insects that feed on plants’ vascular tissues (xylem and 
phloem) appear to be the most common vectors of plant 
viruses. The greatest number of insect vectors of plant viruses 
are sucking insects in the order Hemiptera. Within the 
Hemiptera, aphids (Aphididae) transmit the greatest number 
of different plant viruses, followed by whiteflies (Aleyrodidae), 
leafhoppers (Cicadellidae), and planthoppers (Fulgoroidea). 
Mealybugs (Pseudococcidae) and various other hemipteran, 
families have species that are virus vectors as well. Thrips (order 
Thysanoptera) transmit only a few viruses, but these can be of 
great economic importance worldwide. Mandibulate, or 
chewing insects, mostly beetles (order Coleoptera), transmit a 
relatively small number but varied types of plant viruses. 
Among the mites, the minute bud or gall mites (family 
Eriophyidae) are the most important virus vectors. 


ARTHROPOD VECTORS OF 
BACTERIAL PATHOGENS 


Unlike viruses, most bacterial (prokaryotic) diseases of plants 
do not require insects as vectors, relying instead on rain, wind, 
soil, seed dispersal, or other means of transport and entry to 
plants. However, insect vectors do contribute to the spread of 
some bacterial pathogens of plants. Fire blight is an important 
bacterial disease of pome fruits, such as pears and apples, in 
which flower-visiting insects may have an important role in 
disseminating the causal bacterium (Erwinia amylovora) 
among blossoms. Insects are not essential, however, for fire 
blight to spread within plants once the bacteria are established, 
and there is little vector specificity among flower-visiting 
insects. Bacteria that rot potatoes (Erwinia caratovora) may be 
transported from infested potato tubers to uninfested tubers 
by flies whose maggots feed on plant roots or seeds beneath the 
soil. There is much greater vector specificity in corn flea beetle 
transmission of the bacterium (Erwinia stewartii) that causes 
Stewart’s wilt of corn and in cucumber beetle transmission of 
the bacterium (Erwinia tracheiphila) that causes cucurbit wilt, 
which is an important disease of melons, squash, and 
cucumbers. The bacteria enter feeding wounds made by the 
beetle vectors, but not much is known of how the beetles 
introduce the bacteria into plants. Overwintering adult beetles 
provide an important way for these bacteria to survive the 
winter season without host plants. 

Some bacterial pathogens are specialized parasites of plant 
vascular systems and require insect vectors for plant-to-plant 
movement and to enter and infect plants. These bacterial 
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pathogens are specialized for vector transmission and for living 
in plant vascular systems. Examples are the mollicutes (bacteria 
that lack a rigid cell wall) that live exclusively in the nutrient- 
rich phloem tissues. A few bacterial pathogens with rigid cell 
walls, such as the bacterium that causes citrus greening disease, 
also specialize in living within plant phloem sap. The citrus 
greening bacterium is transmitted by psyllids (superfamily 
Psylloidea). The mollicute plant pathogens include phytoplas- 
mas and spiroplasmas. Most of the helical-shaped spiroplasma 
pathogens of plants, such as the spiroplasma that causes citrus 
stubborn disease (Spiroplasma citri) and the corn stunt spiro- 
plasma (Spiroplasma kunkelii), can be cultured on artificial 
media. So far, none of the phytoplasma (formerly known as 
mycoplasma-like organism) plant pathogens have been 
cultured. Examples of economically important phytoplasmas 
are aster yellows phytoplasma in lettuce, carrot, celery, and 
other flower and vegetable crops and X-disease phytoplasma in 
stone fruits such as peach or cherry. Lethal yellowing disease of 
palms has been a major factor in killing coconut palms in Africa 
and the Caribbean. Both phytoplasmas and spiroplasmas are 
more specialized for parasitizing insects rather than plants 
because they can successfully colonize and, more importantly, 
can be transmitted by only a few species of insects. The most 
important vectors of mollicute plant pathogens are leafhoppers 
and planthoppers, but psyllids are an important third group of 
Hemiptera that are vectors. The pear psylla (Cacopsylla pyicola) 
transmits the pear decline phytoplasma, which causes the 
widespread. pear decline disease. Typically, only one or a few 
species of insects within one of these families have been shown 
to transmit any particular mollicute. In contrast to their high 
degree of vector specificity, phytoplasmas and spiroplasmas can 
parasitize a typically wide range of plant species if the vectors 
can feed successfully on the plants. 

‘Transmission appears to require that the mollicutes be taken 
up by vector feeding, penetrate the gut and multiply within the 
vector’s body cavity, enter the salivary glands, and be expelled 
with saliva during vector feeding into functioning phloem 
tissues. Thus, it not surprising that vector transmission of 
various phytoplasmas or spiroplasmas requires a latent period 
ranging from 1 to over 4 weeks. The length of the latent period 
may be very sensitive to temperature, probably because the 
mollicutes must multiply within the vector for transmission to 
occur and multiplication is temperature sensitive. 

Vector-borne bacterial species that parasitize the water- 
conducting part of the plant’s vascular system (xylem) are less 
numerous but cause some important plant diseases. One 
such pathogen is Xylella fastidiosa, best known as the cause of 
Pierce’s disease of grapes, but other strains of this bacterium 
cause important other diseases of citrus, coffee, peach, and 
other crop and forest plants. Sucking insects in several 
families that feed primarily on xylem sap are Xy/ella vectors. 
This includes sharpshooter leafhoppers in the subfamily 
Cicadellinae of the leafhopper family Cicadellidae and 
spittlebugs (family Cercopidae). Vectors appear to transmit 
the bacterium from their foregut without any required latent 


period, but continue to transmit for weeks or even months as 
adults. An immature vector (nymph) stops transmitting after 
molting its exoskeleton. Sumatra disease of cloves in 
Indonesia, caused by the xylem sap-inhabiting bacterium 
Pseudomonas syzygii, is spread by tube-building spittlebugs 
(family Machaerotidae), which are also xylem sap feeders. 


Arthropods and Fungal Plant Diseases 


The fungi are the most varied, common, and important plant 
pathogens, but the great majority of fungal pathogens do not 
require mobile vectors such as insects or mites. Instead fungal 
pathogens disperse to plants mainly in wind, rain, or soil. A 
large variety of fungi colonize plant wounds, including those 
made by arthropod feeding. However, some fungi are 
specialized for transmission by insect vectors. 

Dutch elm disease is the best known example of a fungal 
disease of plants transmitted by an insect vector. The causal 
fungus, Ophiostoma ulmi, grows into a spore-bearing fungal 
mass (mycelium) under the bark and into the water- 
conducting woody tissues of elms. Adult bark beetles, such as 
the European elm bark beetle (Scolytus multistriatus), are 
especially attracted to distressed elms or freshly cut elm logs. 
The adult beetles excavate a tunnel by feeding beneath the 
bark and deposit eggs along the tunnel. Beetle larvae hatch 
from the eggs, tunnel farther under the bark, pupate, and 
then emerge as adults the following year. The Dutch elm 
disease fungus grows throughout brood chambers excavated 
by the beetles and produces sticky spores that attach to the 
body and mouthparts of the adult beetles that bore out of the 
bark to exit the tree. The beetles transmit the fungal spores to 
wounds they inflict while feeding on elm twigs. The fungus 
gradually spreads from the point of infection into the larger 
branches of the tree and then to the tree’s trunk, where its 
action on the woody tissues eventually kills the tree. In very 
cold climates of North America, the native elm bark beetle 
(Hylurgopinus rufipes) is the main Dutch elm disease vector. 
Its transmission of fungal spores to elms leads to more rapid 
development of disease because it principally feeds on the 
trunk and large branches of the elm tree rather than small 
branches. Oak wilt disease, caused by the fungus Ceratocystis 
fagacearum, is spread by sap beetles (family Nitidulidae) that 
vector the spores from oozing cankers on diseased trees to 
fresh wounds on trees to which these beetles are attracted. 

Some insects can create wounds, which fungi can then 
colonize without transport by the insects. Yet, even though 
insects in these cases are not vectors of the fungi, they can be 
important in determining how severe fungal infestation 
becomes. An example is a variety of fungi that can colonize 
the feeding wounds of caterpillars that feed on maize or 
peanuts. Some of these fungi (notably Aspergillus species) can 
produce powerful toxins, called aflatoxins, that sicken or 
even kill animals that are sensitive to the toxins. Preventing 
insect damage to grain in the field or in storage is an 
important step in preventing high levels of aflatoxins. 


Insects as Vectors of Trypanosomes and Nematodes 


Plant diseases caused by trypanosomes are not as well under- 
stood as trypanosome diseases of animals and humans, such 
as sleeping sickness. Trypanosomes are protozoans of variable 
body shape, which depends on their developmental stage and 
environment. Most insect-associated trypanosomes have stages 
that are elongated or leaf-like and are propelled by a centrally 
attached flagellum. Milkweed bugs (family Lygaeidae) trans- 
mit trypanosomes to milkweeds, in which they harmlessly 
occupy the interconnected latex system. A variety of other 
plant-parasitic trypanosomes inhabit the phloem systems of 
their plant hosts, causing severe disease. Phloem necrosis disease 
of coffee in northern South America and heartrot of palms 
are spread by sucking bugs in the family Pentatomidae and 
other related families. 

Wood-boring beetles are vectors of pinewood nematodes 
(Bursaphelenchus xylophilus) that cause a severe disease of 
conifers in Asia and, more recently, North America. The juve- 
nile nematodes enter the tracheae (breathing tubes) of adult long 
horned beetles (family Cerambycidae), as the beetles emerge 
from the dead trees in which they breed. As the beetles bore into 
new trees, the nematodes disperse from the beetles into the tree’s 
woody tissues, causing blockage of the water-conducting system. 


Control of Diseases Spread by Arthropods 


The most obvious first step in controlling diseases caused by 
insect-borne pathogens might seem to be the elimination of 
vectors with insecticides. Although they are very effective in 
some situations, insecticides usually are not the best tools for 
control of most vector-borne pathogens of crops. The most 
effective approaches combine multiple methods and 
integrated approaches. 

Sanitation to eliminate nearby sources of the pathogen (usu- 
ally diseased plants) reduces the number of infective vectors 
near the crop to be protected. Physical isolation to prevent 
disease spread may be achieved in some cases by growing 
susceptible crops as little as 100 m or so from infected sources, 
but normally much greater isolation or separation is required. 
Therefore, area-wide cooperation may be necessary for sani- 
tation to control some diseases. 

The use of virus-free plants is probably the most widespread 
method of preventing virus spread. This is especially important 
for perennial plants such as fruit trees or plants propagated from 
vegetative cuttings, such as potatoes, strawberries, or sugarcane. 
Heat therapy or antiviral chemical treatments may be used to 
produce virus-free new plant growth that can be grafted or 
rooted to create virus-free plants for nursery propagation. As 
new infections of virus appear in trees, the trees can be removed; 
for some diseases, such as swollen shoot disease of cacao, trees 
within a specified radius of a newly diseased tree are also 
removed. Some viruses are transmitted via seeds from infected 
plants, and control may be based on planting virus-free seed. 
Lettuce mosaic virus (LMV), for example, is best controlled by 
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using seed with less than 1 in 10,000 seedlings infected with 
LMV via seed. Above this threshold, aphid spread of the non- 
persistently transmitted LMV will be economically damaging. 
The production of virus-free seed may require growing the seed 
crop in isolated areas that are otherwise free of the crop and the 
viruses of concern. Insuring virus-free foundation plants or seed 
to seed producers or nurseries is an important service usually 
provided by government or grower cooperatives. 

Establishing a period of the year that is completely free of 
the targeted crop may reduce virus spread by breaking the trans- 
mission cycle. For example, this approach has proven effective 
for yellows viruses of sugar beet and celery mosaic virus, both of 
which are aphid transmitted. The growing of these crops for 
several months during the year is prohibited on an area-wide 
basis to prevent the carryover of virus in crop plants from one 
season to another. New fast-maturing varieties of rice that 
allowed multiple crops per year rather than a traditional single 
crop introduced new problems with long-established viruses 
because virus-infected crops coexisted next to newly planted 
fields. The solution was to have at least one period of the year 
free of all rice crops. Peak infective periods can be avoided for 
some virus diseases by planting after peak vector flight periods 
if the late planting still produces a profitable crop. 

Removing diseased plants as soon as symptoms appear is 
an important step in preventing further spread of Dutch elm 
disease. The bark beetle vectors of the fungus that causes the 
disease are attracted to weakened trees, so removing diseased 
elms reduces populations of the beetles as well as reducing 
the percentage of beetles carrying fungal spores. Sanitation 
may also limit the spread of phytoplasma diseases of trees, 
such as X-disease of stone fruits like cherry. 

The effects of the crop environment on vector flight 
behavior or plant choice may be effective in slowing virus 
spread, even for nonpersistently transmitted viruses. For 
example, reflective plastic sheeting used as a mulch (ground 
cover) repels aphids from landing on melon crops. The 
resulting delay in virus infection usually prevents the virus 
from reducing average fruit quality or yield. Sprays of 1% 
emulsions of paraffin oils on peppers or tomatoes reduces 
aphid transmission of nonpersistently transmitted viruses. 
Plants must be sprayed frequently with oil sprays to cover 
new growth because the oil directly affects the inoculation 
and acquisition of virus by aphids. 

Insecticides generally are most effective in controlling disease 
spread where vector-borne pathogens are persistently trans- 
mitted or are spread mostly within the crop (termed secondary 
spread) rather than being carried into the crop from outside 
sources (primary spread) or where the most important vectors 
reproduce on the crop. Insecticides are usually not effective 
against nonpersistently transmitted viruses unless they quickly 
reduce or inhibit vector probing on treated plants. Some 
pyrethroid insecticides can rapidly intoxicate aphids after they 
land on plants, reducing even nonpersistent virus transmission. 
Examples of successful insecticidal control of vectors that 
achieved economic control of viruses are the persistently 
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transmitted barley yellow dwarf luteovirus in grain crops, potato 
leaf roll virus, and leafhopper-transmitted beet curly top virus. 
These are all viruses that are acquired or inoculated into plants 
only during relatively long feeding probes by aphids. Insecticides 
also reduce the spread of the leafhopper-transmitted aster 
yellows phytoplasma if vector numbers are not too high. 

Genetically based plant resistance to pathogens or tolerance 
of infection without loss of yield provides the basis for the 
most successful control programs for vector-borne plant 
pathogens. A drawback is that breeding resistant plant varieties 
that are commercially acceptable has proven to be difficult or 
impossible to achieve for some crops. Molecular methods of 
introducing novel genes for resistance to viruses directly into 
crop plants promise to provide resistance to virus diseases for 
which no genetic resistance has yet been discovered. 


See Also the Following Articles 
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Plant-Insect Interactions 
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he interactions of plants and their herbivores center upon 
the primary (nutritional) and secondary (allelochemical) 


composition of plants. The fundamental limitations of insect 
use of plants as food involve nutrients (nitrogen/protein, 
waters, lipids, and various minerals) as well as various classes of 
secondary chemical defenses (including alkaloids, cyanogenic 
glycosides, glucosinolates, terpenoids, phenolics, phytoecdy- 
steroids, and. polyacetates). The location (“findability”) and 
utilization (suitability) of plant parts as insect food may 
depend on phenotypic variations induced by previous herbi- 
vores and microbes, as well as a wide array of interactions 
involving environmental factors such as nutrient availability, 
light regime, water, temperature, carbon dioxide, and various 
pollutants. Seasonal changes in plant growth, reproduction, 
and. chemical/physical defenses also are important. Natural 
declines during plant maturation in the concentration of many 
low-molecular-weight allelochemicals (often called qualitative 
defenses) are contrasted with other higher molecular weight 
chemicals (such as tannins, lignins, and fiber; sometimes called 
quantitative defenses). In leaves of plants, a general pattern of 
decline in the concentrations of total nitrogen, water, and 
many qualitative chemical defenses usually accompanies leaf 
maturation. The phytochemical suitability of leaves for insect 
herbivores (the leaf-chewing guild in particular) also has genet- 
ically based biochemical variation. Together these factors affect 
the physiological and ecological suitability of the plant for sup- 
porting herbivore feeding, growth, survival, and reproduction. 


HOST PLANT RESISTANCE AND INSECT 
COUNTERADAPTATIONS 


In natural terrestrial communities, approximately 10% of the 
annual plant production on average is consumed by herbivores, 
a percentage that is generally greater than the plant biomass 
allocated to reproduction. In addition to the well-known defen- 
sive structures of thorns, barbs, spines, trichomes, hairiness or 
fuzziness, and physical toughness, plants possess a large array of 
chemicals that defend against the herbivore and pathogen 
enemies. Artificial selection also has produced insect-resistant 
genotypes and cultivars of crop plants, which has helped reduce 
the reliance on broad-spectrum synthetic pesticides. Plant 
breeders have recently been able to use techniques of molecular 
biology to incorporate new arrays of biochemical or microbial 
“pesticides” for plant defenses that have not been previously 
evolved by the plants (but that may occur naturally in the plant 
environment or even on the leaf phylloplane). 

Insects may respond to these secondary plant products 
physiologically (e.g., by sequestration or enhanced excretion 
rates), biochemically with resistance (e.g., via target site insen- 
sitivity or enzymatic detoxification), or behaviorally (e.g., by 
reducing exposure or consumption by changes in feeding 
behavior). Many of these phytochemicals may be used by 
adapted herbivores that sequester the bioactive compounds 
in their wings or other body parts where they may serve a 
protective function from herbivore enemies (such as in dis- 
tasteful models with aposematic or warning coloration) and 
often in various insect mimicry complexes. 


PLANT DEFENSE AND HERBIVORE 
OUTBREAK THEORY 


An understanding of the full array of potential insect—plant 
interactions is probably beyond comprehension. The geo- 
graphic, altitudinal, and seasonal variations in plant chemistry 
in even a single species and the associated responses of insect 
herbivores (each species with its own geographical and genetic 
variation) make the task truly daunting. However, out of this 
complexity, ecologists have attempted to identify general 
patterns and organizing principles. 

It is especially useful to examine the development of a series 
of general explanatory hypotheses or proposed models of insect 
herbivory, population dynamics, and plant defenses. These 
hypotheses have been mostly generated since the 1970s and are 
not mutually exclusive and have often built upon the theories 
of their predecessors. Details of the historical development of 
plant defense theory were nicely summarized in 1997 by Price. 


Climatic Release Hypothesis 


Outbreaks of insect herbivores on plants following periods of 
atypically warm, dry weather are numerous and have been 
documented for nearly a century. Up to the 1950s, herbivorous 
insect life table analysis suggested bad weather, lack of food, or 
lack of their natural enemies (predators, parasites, or diseases) 
were the primary insect population regulators. The indirect 
effects of the climate and abiotic environment as mediated 
through changes in host plant nutritional quality will likely be 
of increased significance in the near future given increasing 
concentrations of certain atmospheric gases (e.g., carbon 
dioxide), acid rain, global warming, and increased pollution. 


Plant Stress Hypothesis 


The connection between warm, dry weather and insect popu- 
lation eruptions, combined with similar outbreaks on plants in 
poor, dry soils, led to the hypotheses that water stress in plants 
may affect the availability of soluble nitrogen (especially for 
those in the plant-sucking or sap-feeding guilds). Nitrogen 
generally limits insect herbivores and population growth rates. 


Plant Apparency Hypothesis 


Following study of insect herbivores on oak trees in England 
and those on the cabbage family (Cruciferae) in North 
America, P. P. Feeny noted the divergent patterns of chemical 
defense used by these two plant types. The tree leaves were 
composed of relatively high concentrations (2.5-5% dry 
weight) of compounds believed to be digestibility reducers 
(tannins, lignans, resins, cellulose, silica). In contrast, herba- 
ceous crucifers (forbs) had low concentrations (usually lower 
than 1%) of biosynthetically “less expensive” toxins (such as 
mustard oil glycosides or other low-molecular-weight chemicals 
such as alkaloids, cyanogenic glycosides, and coumaric acids). 
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Herbivore food was prevalent and predictable (i.e., apparent) 
in trees and mature plant leaves containing these convergent 
digestibility reducers, or quantitative defenses or hurdles to 
herbivores, whereas the food resources for forb-feeding 
herbivores seemed less predictable, with divergent, qualitative 
(toxic) barriers in annual plants/herbs and very early immature 
(i.e., unapparent) plant parts. The “bound-to-be-found” trees 
were late successional, frequently in pure stands, large, and 
long-lived, with large amounts of general chemical defenses 
(effective against specialists as well as generalists) that acted in 
a dose-dependent (i.e., quantitative) manner. In contrast, the 
annual plants were short-lived, hidden from enemies in space 
and in time (unapparent), and defended by small quantities of 
qualitative allelochemicals such as mustard oils that repel 
nonspecialized insects (but are not effective against adapted 
herbivores) and that are effective at very low levels (basically 
not dose dependent). 

The explanatory value of the apparency concept has been 
questioned because of the difficulty in its quantification. 
Most plants and plant parts have a dynamic continuum of 
both quantitative and qualitative chemical defenses, as well as 
phenological changes in the nutritional quality of leaves (as 
indexed, for example, by leaf water and total leaf nitrogen con- 
centrations). Tannins were also shown not to be the general 
dose-dependent, digestibility-reducing chemicals they were 
originally believed to be. Instead, tannins evoke a wide variety 
of physiological effects such as increased mortality, decreased 
consumption rates, histopathological effects in the gut, and 
elevated metabolic costs for insect herbivores. 


Induced-Defenses Hypothesis 


The occurrence of phytochemical induction with leaf damage 
has been observed since the late 1970s. Plant-to-plant chemical 
communications and plant-to-insect parasite/predators have 
subsequently been included as multitrophic-level chemical 
synomones (plant volatiles that benefit both the sender and 
its receiver). Herbivore-damaged plants have been shown to 
provide carnivorous enemies of insect herbivores with impor- 
tant volatile chemical cues. These chemicals are detectable 
from a distance and aid natural enemies in locating suitable 
herbivore prey. However, plant volatiles from particular herbi- 
vores have not conclusively been documented to be consis- 
tently capable of providing critical species-specific herbivore 
information to the predator/parasites. Nevertheless, it is clear 
that multitrophic-level interactions are directly and indirectly 
influenced by damage-induced chemical responses of plants. 


Expanded Hypotheses on Resource Availability and 
Plant Vigor for Defense against Herbivores 


Although the value of the apparency hypotheses was weakened 
by difficulties in empirically assessing apparency, it nonetheless 
stimulated a great deal of research. Some of this resulted in 
promising alternatives relating to a causal relationship between 
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“resource availability” and plant allocations to antiherbivore 
defense. 

Reduced nitrogen availability for plants usually resulted in 
reduced nitrogen-based defenses (usually toxins), but not 
necessarily in reduced carbon-based defenses (digestibility 
reducers). Thus, on nutrient-poor or late-successional sites, it 
was suggested that the inherently slow growth rates of plants 
may select for more carbon-based herbivore defenses (e.g., 
resins or phenolics) that could be reduced with fertilization 
with nitrogen (with corresponding increases in the 
nutritional value for herbivores). Low carbon conditions 
(e.g., shade and reduced photosynthesis) may result in slow 
growth despite high nitrogen, which could then be used for 
N-based defenses (e.g., alkaloids, cyanogenic glycosides). 

These hypotheses about the carbon-nutrient balance and 
resource availability for slow-growing and fast-growing plants 
received support from many researchers in the 1980s. In many 
instances, predictions of the apparency, resource availability, 
and growth—differentiation balance hypotheses are in agree- 
ment; for example, trends in the types of chemical defense of 
early successional plants and late successional plant commu- 
nities are congruent. However, equally apparent plants in 
resource-rich and resource-poor environments suggest that the 
resource availability hypothesis may have greater explanatory 
power than the apparency concept because the fast growers in 
resource-rich environments (nutrients and light) seem to 
support high herbivory (and may be predisposed to rapidly 
recyclable defenses such as alkaloids or other toxins) that can 
contrast with slow growers in the tropics, temperate zone, and 
arctic communities. This preference of herbivores for fast- 
growing plants has led to the suggestion that interactions may 
relate most simply to “plant vigor” (as a general hypothesis) to 
explain not only persistent differences in plant defenses 
between species, but also quality differences within a single 
plant species, genotype, or even individual. 

In summary, despite the different roles of an overwhelm- 
ing diversity of secondary plant chemicals, the fundamental 
limitations on herbivore growth rates seem to relate to the 
nutritional suitability of the insect food. Different leaf water 
and leaf nitrogen contents for different plant tissues correlate 
well with insect growth rates and efficiencies for most guilds 
and hundreds of different herbivore species. These indices of 
resistance can be induced by herbivory itself, as well as being 
constitutive. 


Voltinism-Suitability Hypothesis 


In addition to nutritional value, plant tissue suitability to an 
insect herbivore also depends on the degree of physiological and 
behavioral adaptations to a variety of plant secondary chemicals 
as well to leaf water, nitrogen, lipids, vitamins, and minerals. 
The question even arises as to whether low concentrations of 
nutrients may sometimes actually serve as plant defenses. At 
certain latitudes or in geographically localized cold pockets, 
seasonal thermal unit constraints (degree days as a resource) can 


determine whether an additional insect herbivore generation is 
feasible in any given year, depending on its selection of the most 
nutritional host plant species, which varies with the timing of 
leaf bud break and phenological (seasonal) patterns, which 
differ at various locations. Thus, abiotic factors have been 
shown to affect host-plant choice (acceptability) and host-plant 
suitability for herbivores. High nitrogen and high water content 
generally reflect the most rapid leaf and cell growth and 
presumably plant vigor as well. Insect growth performance 
usually correlates well with these plant quality indices. 

The range of host plants utilized at a given latitude (or local 
climatic zone) may be the result of natural selection in relation 
to these abiotic factors. Thermal constraints for the summer 
growing season (as in Alaska or in similar localized cold pockets 
in the continental United States) contrast ecologically with 
thermally relaxed zones (i.e., where choice of either excellent or 
poor host-plant species or leaves does not influence the pos- 
sibility of an extra generation per season). The difficulty in the 
voltinism-suitability model is that a good host typically is more 
than just the plant species, more than its allelochemical accept- 
ability, more than its nutritional suitability, and more than the 
abiotic thermal regime in which the herbivores are trying to 
optimize their growth and survival. The biotic community of 
natural enemies (e.g., enemy-free space as a resource) must also 
be considered as a critical determinant of the real ecological/ 
evolutionary suitability. The relative roles in plant defense played 
by natural enemies, weather-induced stress, herbivore-induced 
stress, and various abiotic factors remain complex, with many 
unique and dynamic variations on the suitability hypothesis. 


EVOLUTIONARY HISTORY AND 
PHYTOCHEMICAL FUTURE 


Coevolutionary or reciprocal changes between plants and 
insects are the foundation of numerous phytochemical defense 
theories. However, there is surprisingly little direct evidence 
that insects select for plant phytochemical defenses. Most 
insect—plant interactions are diffuse without mutual coun- 
teradaptations. They will be, at best, a geographic mosaic with 
isolated and dynamic hot spots. Additional studies of different 
geographical populations (with and without herbivore selection 
pressure), plant and herbivore genetic analyses, phytochemical 
dynamics in relation to abiotic factors, and_ historical 
biogeography all seem to be warranted and critically needed. 
The ecologically enigmatic problem seems to be that our 
understanding of both plant resistance and insect counteradap- 
tations ultimately depends on the identification of specific 
molecular pathways and an elucidation of the relative roles of 
genetic and environmentally induced variation between inter- 
active populations. 


INSECT HERBIVORES CAN BENEFIT PLANTS 


It has been generally accepted that insect herbivory results in 
plant tissue damage that is detrimental for plant growth, 


survival, or reproduction. It has been argued that this is not 
true in all situations and that insect herbivory may sometimes 
be beneficial for plant productivity. Plant responses to her- 
bivory are determined by many different habitat, plant, 
nutrient, and herbivore specifics that are biologically variable. 

The frass fall and uneaten leaf pieces that reach the 
ground from insect herbivores release nutrients for plant 
growth throughout the season and delay plant leaf 
senescence. The carbohydrates in aphid honeydew drippings 
can stimulate soil microbes and enhance nitrogen fixation, 
which benefits the adjacent plants. Such enhancement of 
nutrient cycling by herbivore feeding can be important in 
regulation of ecosystem productivity, especially in grasslands 
and forests. Although many crops and other plants can 
sustain 30 to 40% defoliation with little obvious impact on 
production, such feeding, if repeated annually or if on 
flowers and/or seeds, can be much more damaging. 

Insects provide direct nutritional benefit to some plants. 
Carnivorous plants that “digest” insects and use chemicals 
from their bodies for nutrients (especially nitrogen) are repre- 
sented by many species, including pitcher plants, bladder- 
worts, Venus flytraps, and sundews. These carnivorous plants 
are often found in soils that are low in available nitrogen, 
which may have been an important selection pressure for the 
evolution of these botanical life history traits. 


SUMMARY 


Insect—plant interactions involve a wide array of biotic and 
abiotic environmental influences as well as geographical and 
temporal variations built upon the diverse genetic foundations 
and inducible phenotypic plasticity of species, populations, 
and individuals. It therefore seems very appealing when 
theories arise that seem to have predictive power for these 
complex interactions. Such complexity is amplified when the 
variety of insect feeding guilds and variations in response of 
different plant parts and tissues are considered. The 
relationships between normal phenological changes in plant 
leaf (or part) composition throughout the growing season, 
carbon-nutrient stress, mineral nutrition, plant vigor, phyto- 
chemical induction of resistance in damaged/diseased. leaves, 
increases in certain atmospheric gases, global warming, meta- 
bolism of different forms of carbon, and annual versus 
perennial growth forms need coordinated biocomplexity 
studies. With such knowledge, the suitability of such plant 
tissues for insect and other herbivores (or the resistance of 
plants to their enemies) may become much more predictable. 
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toneflies comprise a hemimetabolous order of 16 families 

and more than 2000 species of aquatic insects distributed on 
all continents except Antarctica and most major islands except 
notably Cuba, Fiji, Hawaii, and New Caledonia. They are 
primarily associated with running water, where nymphs inhabit 
mineral or organic substrates of streambeds, and the winged 
adults rest throughout their seasonal lives in streamside micro- 
habitats such as rocks, moss, debris, leaf packs, and riparian 
vegetation. A few species occur in waveswept substrates of cold 
alpine and boreal lakes or in intermittent streams. 
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FIGURE 1 Life stages of stoneflies. (A) Eggs. (B) Hatchling (first instar). (C) 
Late instar. (D) Adult male. a, antennae; b, gills; c, cerci; d, prothorax; e, 
tarsal claws; f, forewing; g, hindwing anal area; h, abdomen; i, epiproct of 


male genitalia; (E) Adult of the stonefly Calineuria californica (Banks). 
(Photograph by B. P. Stark.) 


Stonefly adults (Figs. 1D and 1E) are variable in size from 
about 5 to 50 mm and in color from black to green or yellow, 
often marked with distinctive light or dark patterns. The 
aquatic adult of one species known from the depths of Lake 
Tahoe (Capnia lacustra) and a few other species are apterous 
(wingless), but most adults are winged. The wings of males 
and females of some species, or particular populations of a 
species, are shortened (brachypterous) and they do not fly, 
but the typical condition is of two pairs of wings as long as 
or longer than the abdomen (macropterous). As the ordinal 
name (Plecoptera = folded wings) describes, the hind wings 


typically have an expanded posterior (anal) lobe that folds 
longitudinally under the main wing (Fig. 1D). 

Stoneflies are relatively slow, somewhat awkward fliers 
that typically fly short distances to disperse, to search for 
mates, or, for females, to deposit eggs. 

Adults (Fig. 1D) have ten abdominal segments; the genitalia 
of males are distinctive at the generic and species levels and 
consist mainly of various external manifestations of the ninth 
and tenth segments, such as paired hooks, lobes (paraprocts), or 
sclerotized stylets and in some taxa a median probe (epiproct) 
of various shapes. During copulation, the copulatory organ 
(aedeagus), normally inside the abdominal cavity, is everted 
ventrally from the genital opening on the ninth sternum. The 
external female genitalia consists of a flap-like subgenital plate 
covering the genital opening on the eighth abdominal sternum, 
a structure that the male grasps or holds with his hooks or lobes 
during copulation. The wings, 3-segmented tarsus, genitalia, 
and a pair of usually multisegmented tails (cerci), arising from 
the 10th abdominal segment, generally characterize stonefly 
adults. Nymphs (or larvae) (Figs. 1B and 1C) may or may not 
generally resemble their adults. They are gill-less or have 
diagnostic simple or branched tracheal gills arising from 
different parts of the body such as near mouthparts, ventral 
head, thorax, coxae, or abdomen, and they always have multi- 
segmented tails (cerci). Stubs or the basal remnants of gills are 
retained as vestigial structures in the adults of some taxa and aid 
in their identification to family and genus. The long, multiseg- 
mented nymphal cerci become reduced to fewer segments in 
some adults or to a single segment in adult males of the families 
Leuctridae, Nemouridae, and some Taeniopterygidae. 


TAXONOMY AND GENERAL DISTRIBUTION 


The Plecoptera is divided into the two suborders Arctoperlaria 
and Antarctoperlaria. The Arctoperlaria are distributed in the 
Northern Hemisphere, except the family Notonemouridae, 
which occurs only in southern South America, southern Africa, 
Madagascar, Australia, Tasmania, and New Zealand, and some 
genera of Perlidae such as Anacroneuria and Neoperla that have 
moved south across the equator in recent times, perhaps from 
15 to 30 mya. The Arctoperlaria is further divided into the 
group Euholognatha (containing six families: Capniidae, 
Leuctridae, Nemouridae, Notonemouridae, Taeniopterygidae, 
and Scopuridae) and the group Systellognatha (containing six 
families: Chloroperlidae, Peltoperlidae, Perlidae, Pteronar- 
cyidae, and Styloperlidae). The Euholognatha have mouthparts 
adapted for herbivory (scrapers, grazers, collector—gatherers, 
shredders, gougers, and detritivores), including molariform 
mandibles, and its species occur with few exceptions in streams 
of various sizes. The Systellognatha, except Peltoperlidae and 
Pteronarcyidae whose mouthparts are similar to those of 
Euholognatha because of convergent evolution to herbivorous 
food habit, have mouthparts mainly adapted for predation, 
including sharp-cusped mandibles and toothed lacinia for 
grasping and holding prey. The systellognathan families 


Perlidae and Peltperlidae have very few species in arctic and 
subarctic streams. 

The suborder Antarctoperlaria, as the name implies, is 
restricted in distribution to the Southern Hemisphere. In 
some areas, recently invading genera of Arctoperlaria, such as 
Anacroneuria (Perlidae) in South America and Neoperla 
(Perlidae) in Africa, have outcompeted them. The suborder 
contains four families: Austroperlidae, Diamphipnoidae, 
Eustheniidae, and Gripopterygidae. The Austroperlidae and 
Gripopterygidae live in a wide variety of habitats and the 
Diamphipnoidae and Eustheniidae are restricted to relict popu- 
lations in the southern Neotropical and Australian regions. Each 
of the 16 families of Plecoptera has unique combinations of 
wing venational, genital, gill, and other characteristics. 


ECOLOGICAL IMPORTANCE 


Stoneflies are integral and important food web components of 
most stream ecosystems throughout the world and therefore 
are almost exclusively beneficial insects. The various taxa have 
radiated to use virtually every type of food and substrate 
habitat resource available to them. The nymphs are variously 
detritivores, herbivores, insectivores, or omnivores, and in 
some species the diets of nymphs shift from detritivory or 
herbivory, through omnivory, to strict insectivory as develop- 
ment proceeds. In turn, they become food for larger insec- 
tivores and fishes and are therefore important in the energy 
dynamics of stream food webs. Particular taxa are usually 
associated with particular stream microhabitats, such as the 
interspaces of loose gravel or cobble substrates, leaf packs, 
detritus, debris, or logs. The nymphs of numerous species have 
evolved to coexist in a relatively harmonious, noncompetitive 
way in given stream ecosystems by partitioning their food, 
space, and time resources. Most stonefly species require rela- 
tively undisturbed conditions of the streams they historically 
inhabit and therefore are important biological indicators of 
stream water quality. They constitute the “P” component of 
one of the major biomonitoring indexes of “clean water 
species,” called the EPT Index (“E” for Ephemeroptera, “T” 
for Trichoptera), used for assessing water quality and degree of 
stream disturbance by humans. 


LIFE HISTORY AND BEHAVIORS 
Adults 


Adult stoneflies (Figs. 1D and 1E) usually emerge during the 
night from nymphs that have crawled out of the water onto 
objects projecting from streams or on the stream bank, such 
as entrained leaf packs, logs or debris, rocks, or riparian 
vegetation. Some species of Euholognatha are black and 
emerge under ice or snow cover in winter. A light colored 
(teneral), clumped-winged, soft adult emerges from the last 
instar skin during the molt through a split in the head and 
dorsal thoracic segments. Males of many species emerge a day 
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or more before females, so that they are present and searching 
when females appear. After some degree of hardening, both 
sexes become cryptic, hiding in crevices or vegetation during 
inactive periods, usually during the day, and becoming active 
in mate-finding and other activities typically at night. Adults 
of Systellognatha have reduced mouthparts and typically do 
not feed, but may ingest liquids or nectar. Adults of 
Euholognatha feed variously on algae, lichens, flower pollen 
and nectar, or soft fruits. For most species of stoneflies, the 
details of transformation, dispersal, feeding inactivity 
periods, and longevity are unknown. Generally, adults live 
only one to a few weeks and are mostly actively engaged 
during that time in the reproductive activities of mate- 
finding, copulation, and oviposition. 


Communication, Mate-Finding, and Mating 


The primary method of communication for locating mates in 
the Northern Hemisphere stonefly suborder Arctoperlaria is 
vibrational signaling through substrates. The vibrations are 
produced by tapping or rubbing the abdomen on the substrate 
or by body tremulations transferred to the substrate. The 
signals of most insects that use this method consist of simple 
volleys of evenly spaced vibrations, but stoneflies have evolved 
a much more diverse and complex system of vibrational 
communication than is known for other insect groups. The 
currently accepted paradigm of how this behavior, generally 
known as drumming, evolved suggests that the ancestral 
method of signal production was percussion and that signals 
were monophasic volleys of evenly spaced drumbeats. Natural 
selection favored increasingly complex signals, leading to 
greater specificity of communication and mate-finding among 
species and possibly increased capability for sexual selection to 
measure reproductive fitness. An increasing complexity of 
particularly male call signals may have evolved through the 
following three behaviors: (1) more sophisticated signaling 
methods, sometimes associated with specialized coevolving 
ventral abdominal structures, (2) rhythmic patterning of 
signals, and (3) possible use of selected natural substrates for 
signal transmission. The result has been that current species 
signal variously by percussion, scraping, or rubbing the 
abdomen on the substrate (abdominal—substrate stridulation) 
or tremulation (vibrations produced by push-ups or rocking 
motions of the body without abdominal contact with the 
substrate). Signal rhythms are species-specific and vary from 
evenly or unevenly spaced monophasic volleys to variously 
spaced diphasic or grouped signals. 

The entire mating system of stoneflies involves communi- 
cation as well as aggregation and movement behaviors of 
both sexes, the actual copulation, and postmating behaviors. 
The typical system in Arctoperlaria involves the following com- 
plex of behaviors: (1) initial aggregation of sexes at encounter 
sites near streams, (2) calling by males with species-specific 
signals during ranging search, (3) duet establishment by 
virgin females answering the male call if effective vibrational 


918 Plecoptera 


communication distance from her is achieved, (4) a localized 
search by the male in a “triangulation” or other pattern for the 
now stationary female while both continue dueting, and (5) 
almost immediate mating after the male locates and contacts 
the female. Males are polygamous and presumably continue 
calling and searching during their short reproductive lives. 

Typically, mated and unguarded females reject subsequent 
male advances by raising and curving their abdomens. South- 
ern Hemisphere stoneflies of the suborder Antarctoperlaria 
have never been documented to drum; therefore, their 
communication-search system for mate-finding is unknown, 
but they may have evolved a highly specific encounter site 
aggregation behavior that enables sufficient mate-locating 
ability without vibrational or other forms of intersexual 
communication. 

Mating in stoneflies involves the male mounting the 
female, curving his abdomen around her left or right side, 
and engaging the subgenital plate, pulling it down with his 
external genitalia. This effectively matches her genital 
opening beneath the plate with a dorsal position between his 
cerci where the aedeagus will project. His aedeagus is everted 
from beneath the ninth sternum and expands backward and 
upward between his cerci into the female. Sperm are usually 
conveyed into the female by this intromittent aedeagus, but 
in some species sperm are conveyed through a hollow male 
epiproct or are externally deposited onto the female opening 
to be subsequently aspirated into the bursa (vagina) by 
telescoping movements of her abdomen. 


Eggs and Oviposition 


The eggs of stoneflies (Fig. 1A) vary considerably in size, 
shape, and details of chorionic (eggshell) ornamentation and 
sculpturing. Commonly, eggs are spindle-shaped, but they also 
may be spherical, flattened or three-sided. Frequently, an 
anterior collar is present and the shell surface may be smooth 
or ornamented either with ridges or the hexagonal pattern of 
impressions formed by the cells lining the ovarian chambers 
where the eggs are produced. Micropyles (sperm entrance 
holes) penetrate the chorion completely and may have 
associated surface grooves or ornate projections that serve as 
sperm guides. Actual penetration and fertilization by sperm of 
the egg is, as in most insects, delayed until the eggs are being 
stored or passed through the oviduct just prior to oviposition. 
The sperm are stored in the female spermathecum between 
copulation and fertilization. There also may be shallow pores 
leading to elaborate respiratory networks within the chorion. 
Eggs have sticky membranous or gelatinous surface coverings 
and sometimes filament-like projections with hooked tips that 
swell and help the eggs attach to substrates under water close 
to the selectively optimal sites where females deposit them. 
Eggs are deposited by females in pellets or masses, each 
containing numerous eggs, that the females hold on the 
subgenital plate. They release the egg masses directly into the 
water by splashing into the surface during an oviposition 


flight, or by contacting shallow water while running near the 
shore, or by dropping eggs from the air while flying over 
water. Females of some Capniidae are also known to 
completely submerge themselves and crawl along the bottom 
and scrape the egg mass off onto the substrate. 

In most species, embryonic development proceeds directly 
and is complete within 3 to 4 weeks. In other species, partic- 
ularly those adapted to intermittent streams or streams 
subjected to extremes in temperature, embryonic development 
may be arrested for from 3 months to | or more years, and 
hatching is thus delayed until environmental conditions are 
favorable for nymphal survival. 


Nymphs 


Hatchlings (Fig. 1B) emerge from the egg by pushing on the 
chorion with the front of their head. The shell breaks into 
two halves or splits leaving a hinged cap and opening 
through which the first instar crawls out. The first instars are 
unpigmented with few body hairs, have fewer than 12 
antennal and 6 cercal segments, and gills and wingpads are 
absent, reduced, or represented only by knobs or stubs. Little 
is known about the food, habitat, or behavior of hatchling 
and early instar stoneflies. The few species that have been 
studied feed mainly on detritus or the microflora—fauna on 
the surface of decomposing leaves. 

Nymphs progressively develop and grow through about 10 
to 24 sizes (instars). Full development of particular species 
requires from 4 months to 3 to 4 years. During this time there 
is a molt between each instar, addition of antennal and cercal 
segments, usually the addition of body hairs, a progressive 
increase in size of wingpads, and appearance and development 
of gills (if present in particular taxa) and characteristic pigment 
patterns. Growth of a particular species may be sustained at an 
even pace or seasonal, with fast and slow stages. In temperate 
climates growth is generally rapid during spring and fall and 
slowed or arrested (diapause) during extreme temperatures in 
summer or winter. But, interestingly, a number of euholog- 
nathan species, particularly in the families Capniidae and 
Taeniopterygidae, have adapted to experience their major 
growth in late fall and winter and emerge as adults during 
winter on ice or snow or in early spring during ice breakup. 
Completion of development and subsequent emergence as 
adults in temperate climates, therefore, may occur during any 
season, depending on altitude, latitude, and species. 

Stoneflies have diversified their food habits such that 
different species fill about every conceivable major food niche 
in streams. Some species are herbivore—detritivores throughout 
their development, some are insectivores throughout develop- 
ment, and some experience an ontogenic (developmental) shift 
from herbivory—detritivory through omnivory and finally to car- 
nivory. Characteristics of mandibles give a clue to food habits. 
The mandibles of herbivores have molariform surfaces or 
scraping ridges and those of carnivores sharp teeth for grasping 
and tearing. The food of carnivorous species consists primarily 
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of the other aquatic insects of their communities such as midge 
larvae (Chironomidae), mayfly nymphs (Ephemeroptera), 
caddisfly larvae (Trichoptera), and occasionally the smaller 
nymphs of other stoneflies. Nymphs may be opportunists or in 
some cases are very selective for the size, behavior, and taxa of 
their prey. Prey are captured, grasped by the head with the 
lacinia and mandibles, and usually swallowed whole, headfirst. 

Particular species of nymphs are found in certain types or 
sizes of streams at particular latitudes or elevations and often 
specific microhabitats. Rare and endemic species have very 
specific biological and physical requirements and. therefore 
continue to exist only in pristine or little-disturbed sections of 
streams that in many instances are now found only in remote 
areas or in, or adjacent to, protected national parks or 
preserves. Many species have broader requirements and are 
more widespread or ubiquitous over large areas of continents 
in a wide variety of habitats. Only a few species are tolerant of 
the conditions of streams disturbed by siltation, alteration of 
natural temperature regimes, or chemical pollution. Stoneflies 
depend on substrates as a place in which to live. Slender species 
live in the interspaces of gravel, cobble, or vegetable debris 
such as leaf packs. Partitioning of microhabitats, and 
consequent microdistribution, is characteristic of most stonefly 
assemblages in a given stream. Most species live in the surface 
layers of a streambed, but a few live deep in loose mineral 
substrates such as glacial till and sometimes in the water-filled 
spaces of such substrates for considerable distances deep and 
lateral from the margins of the surface stream. Nymphs are 
sometimes found drifting in the water column of streams. This 
results from being dislodged by some physical disturbance or 
entering the water column as a behavioral means of dispersal, 
using the flow of water. Drifting enables nymphs to escape 
predators or move to a less populated habitat where food 
and/or space resources are more available or of higher quality. 


Life Cycles 


With few exceptions, a full generation of the egg, nymph, and 
adult stages of a stonefly species requires 1 to 4 years. For 
one-year (univoltine) cycles, the nymphal growth portion 
may be “fast,” requiring only 4 to 7 months, or “slow,” 
requiring nearly a full year. The fast type is characteristic of 
species that diapause for variable times, up to 8 months 
during warm or dry periods of streams; the slow type 
characterizes species whose nymphal stage requires about 11 
months. Species requiring more than | year for a generation 
are termed semivoltine. Those that live in intermittent 
streams may diapause in the egg stage during drought periods 
for more than a year, then have a fast growing nymph for only 
4 to 6 months. Semivoltine species living in cold streams may 
have a short egg stage, with nymphs requiring 2 or more years 
to develop, or a year-long diapausing egg stage, with nymphs 
requiring 1 to 3 years to develop. The life cycles and resource 
requirements of stoneflies are important considerations for 
developing stream management strategies. 
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ollination in its most basic sense is the transfer of pollen 
from the male sex organ (anther) to the receptive portion 
of the female sex organ (stigma) in flowering plants (Fig. 1). 





FIGURE 1 Floral parts of an almond blossom. The petals are color signals, 
the male stamen (anther and filament) and the female pistil (stigma, style, 


and ovary) are the reproductive parts. Nectar from the nectary and pollen 
from the anthers are food rewards to pollinators. 
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If the transfer is successful, it leads to fertilization, production 
of seed, and reproduction of the plant. This process often 
involves some sort of external vector such as wind, water, or 
animals. Some flowering plants may reproduce without the aid 
of pollen vectors, using mechanisms such as vegetative repro- 
duction, apomixis, or automatic selfing. But our concern in 
this article is with animal vectors of pollen. Many kinds of 
animals may perform the ecological service known as polli- 
nation, including birds, bats, and some nonflying mammals. 
However, the dominant group of pollinators is the insects, 
especially bees. 


ENTOMOPHILY 


Many flowering plants are adapted to insects as pollinators 
and provide primary rewards that attract and keep the pollen 
vectors returning to flowers. Rewards include nectar, pollen, 
lipid secretions, food bodies, scents, resins, and material for 
nest building. In additon to primary rewards, most insect- 
pollinated flowers also produce a number of cues or signals 
that distinguish them from other species and promote the ease 
by which an insect can relocate a rewarding flower, thereby 
encouraging the insect to move pollen from flower to flower 
of the same species. These signals include odors, colors, 
shapes, textures, and tastes. These signals are often combined 
into patterns that have been recognized as syndromes related 
to the type of pollen vector. For example, a typical butterfly- 
pollinated flower that would be red, have little odor, possess 
a landing platform, have nectar hidden at the base of a deep 
tube that can be reached by the long coiled butterfly pro- 
boscis, have nectar that would be high in amino acids, and 
have flowers that would be open during the day. In contrast, 
a typical hawk moth-pollinated flower would be white, have 
a strong sweet odor, lack a landing platform, have long 
stamens with freely swinging anthers, and would bloom 
nocturnally. Nectar position and composition would be 
similar to those of a butterfly flower. All these characteristics 
are well suited to the hovering flight and extremely long 
proboscis of a hawk moth (Fig. 2). 

Pollinator syndromes are perhaps most readily distin- 
guished in the tropics. However, not all flowers are easily 
classified in a pollinator syndrome. Many flowers are visited 
by guilds of visitors that include diverse taxa of insects. For 
these reasons some pollination biologists see little value in the 
use of pollination syndromes even for teaching. However, even 
when using a pollination syndrome approach, it is important 
to distinguish which taxa among the visitor guilds are actually 
effective pollinators of a flowering plant. 

Many insect taxa visit flowers and thus are potential polli- 
nators; however, only a few taxa are of prime importance. 
Minor groups include those Orthoptera that feed on pollen 
and some Heteroptera that visit flowers for nectar or those that 
use flowers as sites that attract prey items (e.g., Phymatidae, 
Reduviidae). Thrips (Thysanoptera) are common on flowers 
and often feed on pollen and other flower tissues. They may 





FIGURE 2 (A) Uncoiled proboscis (tongue) of a hawk moth, Costa Rica. 
(B) Tubular flower of Lindenia rivalis (Rubiaceae), pollinated at night by 
hawk moths, Costa Rica. 


do more damage than good, but their positive contribution as 
pollen vectors is understudied. The major groups of insects 
that pollinate plants belong to the four largest orders of insects: 
Coleoptera (beetles), Diptera (flies), Lepidoptera (butterflies 
and moths), and Hymenoptera (bees, ants, and wasps). 


Coleoptera 


Beetles are often considered “mess and soil” pollinators in 
that while rumaging around in flowers feeding on pollen and 
other flower parts they pick up pollen on their bodies that is 
transferred to other flowers on subsequent visits. This type 
includes many that destroy some flowers by feeding on them 
(e.g., Scarabaeidae, Meloidae), but in the process others get 
pollinated. Some beetles are associated with pollination of 
some “primitive” flowers and have been considered 
responsible for pollination and diversification of early 
flowering plants (Angiospermae). Beetles of the family 
Nitidulidae feed on specialized food bodies on anther tips of 
the spice bush Calycanthus (Fig. 3). 





FIGURE 3. White-tipped “food bodies” on anthers of Calycanthus (Calycan- 
thaceae) that attract beetles (Nitidulidae) that pollinate the flower. 


Diptera 


Diverse flies, including male mosquitoes, various midges, car- 
rion flies, pollen-feeding Syrphidae, and long-tongued nectar 
feeders (e.g., Bombyliidae, Acroceridae, Nemastrinidae), 
pollinate flowering plants. Pollination by flies is greatly 
understudied and underrated. Although flowers of pipevines 
are considered classical “trap” flowers that imprison flies with 
inward directed hairs until the flower has released pollen on 
them, flowers of the California pipevine, Aristolochia californica, 
exhibit a different mechanism involving a reward to retain flies 
until pollen is released. Midges of the family Mycetophilidae are 
the primary visitors and pollinators of A. californica. When 
flowers of A. californica first open, the stigma is receptive and a 
dark ring of glandular trichomes encircles the outer wall of the 
flower at the level of the stigma. Flies descend through the 
hooded entrance to the lower bowl and are attracted to the area 
of the stigma and trichomes by a light window. Flies feed on the 
trichome surface, contacting the stigma and depositing pollen 
from previous flower visits. The stigma closes, the trichomes 
wilt, and the anthers shed pollen into the bowl and onto the 
flies. Because there is no more food available, flies exit the 
flower and seek another, thereby pollinating the next flower. 


Lepidoptera 


Most adult butterflies and hawk moths are well-known 
flower visitors. Other day-flying moths (e.g., Schinia of the 
Noctuidae, Ade/a, Incurvariidae) and nocturnal moths 
pollinate while settling or perching on flowers during feeding 
or oviposition. A very specialized relationship exists between 
yucca moths ( Zegiticula, Incurvariidae) and their host yucca 
flowers (Yucca, Liliaceae). Female Tegiticula enter Yucca 
flowers, collect pollen into a ball in specialized maxillary 
palps, move to the apex of the pistil where pollen is deposited 
on the stigma, and oviposit into the base of the pistil where 
seeds will develop from the pollination behavior. Larvae of 
the moth develop in the fruit pod, feeding on a portion of 
the seeds. Thus, both insect and plant benefit from this 
highly mutualistic association; the plant gets pollinated and 
produces seed, some of which goes to producing new moths. 


Hymenoptera 


Some sawflies and parasitoid wasps feed on pollen, especially 
on open shallow flowers. Classical mutualism occurs with the 
pollination association of fig wasps (Agaonidae) and their floral 
hosts, figs (Ficus, Moraceae). Similar to the situation with 
yucca moths and yucca, a portion of seeds in fig host flowers 
provides nourishment for development of the pollinating 
wasps. The story is often more complex and involves more 
than one generation of wasp per year and more than one host. 

Other aculeate wasps, both social and solitary, augment 
insect prey diets with nectar. One genus of solitary wasps, 
Pseudomasaris (Masaridini, Vespidae), is completely dependent 
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on flowers for nectar and pollen as food for their young. Ants 
may visit flowers but because their metathoracic glands 
secrete mold inhibitors they inhibit pollen germination and 
are unlikely pollen vectors. Bees (superfamily Apoidea) are 
the single most important taxon of pollinating insects with 
20,000 to 30,000 species worldwide. Bees are derived from 
wasps and highly adapted to gathering pollen as brood food 
and nectar for flight fuel. 


EXPLOITATION RELATIONSHIPS 


Not all pollination relationships are mutualistic, i.e., beneficial 
for both partners. Some are based on deceit or robbery, in which 
only one partner benefits and the other may even be injured. 


Thievery 


Insect visitors to flowers may obtain the food items they seek 
without transferring pollen in the process. Some insects with 
mouthparts too short to reach nectar sequestered in the 
bottom of long tubes or spurs are able to penetrate the 
nectar-bearing structures with strong mandibles or maxillae. 
Such behavior is well documented for bumble bees, such as 
Bombus occidentalis in western North America or the related 
Bombus terrestris of Europe, when they encounter long-tubed 
flowers. This behavior is commonly exhibited by carpenter 
bees, especially in the tropics (Fig. 4). Insects that are 
mismatched in size with the flowers they visit may be 
effective gleaners of pollen from the anthers, but rarely if ever 
contact the stigmas in the flowers they visit. These thieves 
often scavenge pollen from flowers adapted to other types of 
pollinators. For example, the evening primrose of the 
southwestern deserts of North America are typically adapted 
for pollination by night-flying hawk moths, but they are 
visited early in the morning after they have opened by 
solitary ground-nesting bees of the genus Andrena for pollen. 
In fact, these bees have become so completely adapted to 
collecting this source of pollen, and their seasonal synchrony 





FIGURE 4 Female carpenter bee (Xylocopa tabaniformis orpifex, Apidae) rob- 
bing nectar from base of a California fuchsia (Epilobium canum, Onagraceae) 


flower. 
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and the morphology of their pollen transport structures are 
so specialized, that they visit no other plants for pollen. So 
although the bees specialize on these flowers, they are not 
effective pollinators because they are small enough that they 
rarely contact the stigmas with the pollen they are collecting. 


Floral Deceit 


Many floral deceit mechanisms in flowers take advantage of 
basic behaviors and instincts in insects, especially feeding, 
mating, and oviposition. Some flowers are green or brownish 
rather than being colorful and have putrid or rotten meat 
aromas rather than sweet odors. These are highly attractive to 
carrion flies seeking source foods rich in amino acids and 
suitable as sites for oviposition and rearing of their young. 
Other flowers mimic females of bees or wasps in such fine 
details of form, color, odors, and texture that male insects 
actually attempt to mate with these models; in the process they 
pick up and distribute pollen from one flower to another. This 
process is called pseudocopulation because it relies on mating 
attempts by male wasps or bees. The flowers bloom during the 
brief time when male insects are on the wing before females of 
the species emerge. During this period, flowers are the only 
potential sources of “mates” for the male insects. Once females 
of the hymenopteran species emerge, the floral mimics are 
forsaken by males for the real female. 


CROP POLLINATION 
Economic Value 


The most recognized benefit of pollinators to humanity is 
their value as pollinators of many of the crop plants that we 
use for food and fiber. The principal pollinator managed for 
crop pollination has been and currently is the honey bee, Apis 
mellifera. Although calculating the value of pollination by 
honey bees is far from exact, the most recent estimate of the 
annual value of increased production of crops contributed by 
honey bee colonies rented for pollination in the United States 
is over $14.5 billion, on average, over 1996 to 1998. The 
“free” contribution from native pollinators, especially other 
bee species, is even less measurable, but attempts are under 
way to estimate their value to sustainable agriculture farms in 
central California. 


Exemplar Crops 


Calfornia is perhaps the leading state in rentals of honey bee 
colonies for crop pollination. In large measure this is the result 
of the continuing increase in the acreage of almond, which has 
increased from about 36,000 hectares in the mid-1960s to over 
200,000 hectares in 2001. At the recommended five to eight 
honey bee colonies per hectare, more than twice as many com- 
mercial colonies as exist in the state are required to accomodate 
the demand. Thus, there is a mass movement of colonies into 


California each year from as far as the Dakotas and Texas and 
beyond to pollinate the crop. 

Alfalfa is another crop traditionally pollinated by honey bees 
that was widespread in California in the mid-1960s. However, 
the honey bee is not an effective pollinator of alfalfa over much 
of the crop’s range. When two more efficient alternative polli- 
nators (the introduced alfalfa leafcutting bee, Megachile 
rotundata, and the native alkali bee, Nomia melanderi) came 
under management for pollination of the alfalfa seed crop, 
much of the production shifted to the Pacific Northwest. Only 
the more southern areas of California continued to produce 
alfalfa seed solely with honey bees. Currently even some of these 
areas are augmented with alfalfa leafcutting bees. 


Crop Pollinators Other Than Honey Bees 


Although honey bees are readily available, easily transportable 
in large quantities, and generalist pollinators, they are not 
universal pollinators. There are some crop flowers, such as figs, 
that require insect pollination (specialized wasps) and cannot 
be pollinated by honey bees. There are other crop flowers that 
can be pollinated by honey bees but for which honey bees are 
not the most effective pollinators; these include crops such as 
alfalfa, squash, and greenhouse tomatoes. Another concern 
about excess reliance on a single pollinator for a wide variety of 
crops has been the widespread decimation of feral honey bees 
by the “vampire” mite, Varroa; increased cost of treating 
colonies to maintain healthy pollinating units; and reduction 
in numbers of beekeepers and colonies available for pollina- 
tion. Warnings about this overdependence on honey bees and 
the general decline of pollinators because of factors such as loss 
of habitat and pesticides were issued in 1996 in a landmark 
publication by Buchmann and Nabhan. 

One of the first insects introduced into North America 
specifically to pollinate a crop was the fig wasp, Blastophaga 
psenes, for production of edible Smyrna figs in southern 
California in 1899. Attempts to produce edible figs in 
California in the late 1800s failed until it was recognized that 
wasps from the wild ancestral caprifig, Ficus carica, were 
required. Edible figs contain predominantly pistilate flowers; 
pollen from male flowers of the caprifig is vectored by fig wasps. 
The growing of caprifigs containing introduced fig wasps, 
harvesting the fruits with a new generation of fig wasps, and 
then hanging them in baskets in trees of edible figs became a 
common practice in southern California, a process called 
“caprification.” 

Other insects that have been used for commercial 
pollination on a small scale include various flies, especially 
for breeding hybrid seed crops in cages by seed companies. 
Most of these have been muscoid flies, the pupae of which 
are readily available from insectaries. Results of large-scale 
open-field trials using carrion or other baits to attract flies 
have been equivocal for crop pollination. 

Various species of non-Apis bees have been and are being 
studied for their management potential for pollination of 


crops. In the late 1950s, studies were begun to manage two bee 
species (M/. rotundata and N. melandert) that are more effective 
than honey bees as pollinators of alfalfa for seed production. 

More recently mason bees in the genus Osmia have been 
studied for pollination of crops in North America and Europe. 
Osmia lignaria propinqua, referred to as the “blue orchard bee,” 
has been successfully managed to pollinate tree fruits in 
western North America. It is a cavity nester, like the alfalfa 
leafcutting bee, but uses mud partitions to create brood cells. 
Many of the management techniques were adapted from those 
used for Megachile, but modified to accomodate specific life 
history and behavioral attributes, including early spring 
activity and a single generation per year. Successes in managing 
other species of Osmia include O. cornifrons in Japan, O. 
cornuta in Spain, and O. rufa in Britain and France. In North 
America, Osmia are being studied for pollination of blueberries 
(O. ribifloris) and clovers (O. sanrafaelae). 

In the late 1980s, major breakthroughs in year-round pro- 
duction of bumble bee colonies completely altered and 
expanded hothouse production of tomatoes. Tomato flowers 
require “buzz” pollination (i.e, vibration of flowers to release 
pollen from the apical pores of their specialized anthers) and 
bumble bees are much more effective at this than are honey 
bees or humans who hand pollinate with vibrating tools. This 
led to extremely large-scale movements of bumble bee colonies 
and queens, primarily B. terrestris, from central Europe, New 
Zealand, and Israel to many nations throughout the world. 
Some of this trafficking was unnecessary because closely 
related species were available for use at some locales. In Japan, 
environmental concerns have been expressed over the thou- 
sands of imported B. terrestris colonies and the subsequent 
establishment of this species outside the greenhouse environ- 
ment. Males of this species will mate with queens of local 
species and produce viable offspring. Similar environmental 
concerns are being raised in other countries. In Canada and 
the United States, importation of B. terrestris was not sanc- 
tioned, but local bumble bees have been successfully reared 
and used in hothouse tomato production. East of the 100th 
meridian (a line that runs from central North Dakota to 
central Texas), B. impatiens was the species of choice and west 
of this line, B. occidentalis. These bees were used in their 
respective areas of distribution until 1998, when a disease 
outbreak was reported in the western species. Since then, the 
eastern B. impatiens has been imported into all western states, 
again causing concern in some areas that establishment out- 
side its normal range may produce environmental damage. 

Although pollinators are generally considered beneficial 
insects, importations to new areas should be done with con- 
siderable care to avoid environmental risks, such as intro- 
duction of disease organisms, nectar thieving, decreased polli- 
nation of nontarget native plants, enhanced pollination of 
introduced weeds, and genetic contamination of and com- 
petition for food and/or nest sites with native pollinators. 
The local fauna should be studied and searched for candidate 
species that could be suitably managed before any exotic 
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species are introduced. Rearing technology is already available 
for several species of cavity-nesting bees, for bumble bees, 
and for some soil-nesting species. These methods may be 
modified and applied to local species that show promise for 
solving difficult pollination problems. 

If it is deemed necessary to introduce a new pollinator, 
these should be thoroughly screened for biotic enemies (e.g., 
parasites, disease organisms) before being introduced. They 
should be monitored after release in the new environment to 
determine their efficiency in pollinating the target crop and 
to detect any adverse enviromental effects. 


POLLINATOR DECLINE 


Pollination biologists have worked for years studying the 
behavioral, ecological, and evolutionary intricacies of 
animal—plant pollination relationships. With the environ- 
mental movement of the early 1970s came awareness that 
mistreatment of the environment could also negatively affect 
these unique relationships. However, very few biologists 
sounded the alarm at that time that trouble was brewing for 
pollination relationships and pollinators, especially at the 
ecosystem or landscape level. 

In the early to mid-1990s, the issue of pollination/pollinator 
problems was again brought to the attention of the biological 
community and the informed public, through the Island Press 
publication of The Forgotten Pollinators in 1996 by Stephen 
Buchmann and Gary Nabhan. Although the book contains 
anecdotal accounts of pollinator problems, the message was 
clear—everyone concerned with the pollination of plants 
needed to pay serious attention to what appeared to be an 
emerging picture of global pollinator decline. A subsequently 
important publication by Allen-Wardell et a/. in 1998 pointed 
out the potential threat of pollinator decline to the human 
food supply. Adding to the general concern for declining 
pollinators was the fact that European honey bees in the New 
World tropics, and several western and southwestern U.S. 
states, were being systematically replaced with Africanized 
honey bees, and that all honey bees were being attacked and 
significantly reduced in numbers by two species of parasitic 
mites. Continued careless use of pesticides and bacterial infec- 
tions were also cited as factors in the decline of honey bees. 

The above trends have led to many scientific conferences 
worldwide to address the issue of pollinator decline and its 
potential consequences to crop plants and to native wildland 
plants. The first important global conference was held in 1998 
in Sao Paulo, Brazil, where numerous relevant issues on polli- 
nator decline were discussed by more than 60 pollinator/ 
pollination professionals representing several New and Old 
World countries. The Sao Paulo meetings and subsequent 
meetings in other parts of the world have put into motion 
new research directions in the field, which are listed below. 


1. Documenting pollinator decline. One of the main 
recommendations emerging from Sao Paulo was to seek 
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quantification of pollinator declines through careful case 
history studies. Long-term monitoring of pollinators and 
comparative assessments at specific study areas were 
recommended approaches for gathering the needed data on 
decline. This has proved to be quite a challenge because of 
natural fluctuations in pollinator populations and the lack of 
long-term baseline data. Where decline has been detected, 
loss of habitat is suggested as the main cause. 

2. Causes of decline and restoration of pollinators. 
Habitat loss is a convenient general explanation for the cause 
of decline, but detailed information is needed on the precise 
factors causing decline. Further, specific causes of decline are 
not always obvious, and this becomes an important issue 
when considering projects to restore or establish pollinators 
and their required resources (often diverse) to an area. 

3. More research on non-honey-bee pollinators. Honey 
bees can be likened to a monoculture in agriculture; 
overdependence on a single organism in agriculture can lead 
to disastrous results when natural mortality factors get out of 
balance. Such was the case with blight on a large portion of 
the U.S. corn crop several years ago. Because honey bees are 
now showing great vulnerability to two species of parasitic 
mites, more research on these parasites and on other bees 
(especially native solitary species) is being conducted. 

4, Conservation of pollinators. Much has been written 
on conserving pollinators and especially bees. Unfortunately, 
there is little evidence to suggest that conservation recom- 
mendations, which would result in measurable increases in 
pollinator numbers, have been put into action. Many possi- 
bilities exist for increasing pollinators through manipulations 
of preferred food plants, nonfloral plant products (e.g., 
resins), and planned efforts to increase nesting sites and other 
requisites such as alternate food plants for moths, beetles, 
wasps, flies, bats, etc. 

5. Increasing awareness of pollinator services. The 
conservation of pollinators and calling attention to vital 
services provided by pollinators become issues of information 
transfer that biologists must address. They are the only 
professionals who know the needs and fragilities of small 
organisms such as bees, flies, beetles, and nocturnal organ- 
isms such as moths and bats. Pollinator/pollination profes- 
sionals will need to form closer working relationships with 
policy-makers, land stewards, and a wide variety of govern- 
ment and nongovernmental organizations to realize future 
successes in the management of pollinators. 


There are at least two courses of action that pollinator 
biologists could pursue now to assist declining pollinator 
populations. First, they can collaborate with other biologists 
who are also concerned about decline of their specific organ- 
isms (e.g., birds, mammals) and habitat. Building a coalition 
of concerned biologists with integrated management plans 
for habitat protection for several threatened species could be 
effective if land stewards, associated with the habitat, were recep- 
tive and willing to participate in some way as stakeholders in 


the project. Second, biologists could also work in a variety of 
ways toward conserving areas known to naturally harbor 
healthy populations of pollinators, preferably several types. 
Biologists are aware, through years of field experience, which 
areas have good diversity and abundance of, for example, 
bees and moths. 


TROPICAL POLLINATION 


The literature is filled with fascinating case histories of 
individual tropical plants and their pollinators. More 
recently, researchers have been investigating pollination 
systems involving groups of prominent pollinators (e.g., bees, 
bats, moths, hummingbirds) and their plants in major 
tropical life zones. A few larger, long-term studies from the 
New and Old World tropics have also provided the first 
community pollination patterns for a high percentage of the 
representative plant life forms. These latter studies are 
particularly helpful in elucidating diversity and frequency of 
pollination systems for conservation work, as well as for 
interesting comparisons with temperate environments. 

In Table I, pollination systems of two lowland forest sites 
and one midelevation cloud forest (1200-1800 m) in Costa 
Rica are compared and contrasted with one lowland forest 
site in Malaysia. From about 40 to 70% of the surveyed plant 
species in each of the four sites were pollinated by bees. 
Although less frequent than bees, birds were important 
pollinators in Costa Rica’s cloud forest and wet forest and in 
the Malaysian forest. Beetles were important in the Costa 
Rican wet forest and in Malaysia; moths were important in 
all three Neotropical forests. The four sites had numerous 
plant species that were visited (and pollinated) by a variety of 
general insects. 

The importance of animals, especially insects, as pollen 
vectors of tropical plants was clearly demonstrated in a classic 
paper by Bawa in 1974, in which he reported that most tree 
species in a lowland dry forest of Costa Rica were obliged to 
outcross. Through controlled pollinations, he demonstrated 
that a high percentage of the tree species tested were self- 
incompatible (incapable of self-pollination) or dioecious 
(having separate male and female plants of a species). Until 
that time, many biologists believed that self-pollination was 
probably the rule in tropical forests. Flower-visiting animals, 
and especially insects, were not viewed as capable travelers 
between widely distributed tropical plants. Subsequent 
studies on interplant movements and foraging patterns of 
these animals have substantiated their capacities to move 
among flowering plant species at levels required to produce 
abundant fruit crops. 

Some general, but limited, comparisons of tropical versus 
temperate pollination systems are possible with the infor- 
mation available in the literature. First, the flora of many low- 
to midelevation temperate habitats is mostly pollinated by bees. 
Estimates vary widely from 70 to more than 90%, depending 
on locality. Flies and Lepidoptera may also be important in 
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TABLEI Percentages of Pollination Systems Represented in Four Tropical Forests 
Costa Rica Malaysia 

Dry forest’ Cloud forest’ Wet forest® Dipterocarp forest“ 
Bee 69.5% 44.4% 38.4% 50.4% 
Moth 7.3 6.2 8 Li 
Bat 2.4 3.1 3.6 1.5 
Bird 2.2 9.6 14.9 7 
Beetle 1.1 2.4 12.7 20.7 
Wasp (large) 0.2 1.6 25 0 
Butterfly 0.9 1.9 4.3 2.2 
Fly 0 0.2 1.8 0 
Fig wasp 0.4 0.5 ? 0 
Mammal (arboreal) 0 0.1 0 0.4 
General insect 15.3" 20.4° 14.2" 13.7 
Wind 0.9 5.2 2.5 0 
Miscellaneous 0 4.5 0 3 


“N = 465 plant species. Source: Frankie e¢ al. (2003). 
’N = 1100 plant species. Source: Frankie et a/. (2003). 
‘N = 276 plant species. Source: Kress and Beach (1994). 
4N = 270 plant species. Source: Momose e¢ al. (1998). 


‘Several plant species listed in this category may prove to be primarily bee pollinated. 


the pollination of temperate plants. Second, the diversity of 
pollination systems is comparatively lower in temperate envi- 
ronments because most lack, for example, the more specialized 
bird, bat, beetle, and fig wasp systems. Third, when lowland 
tropical and temperate forests are compared, the high diversity 
of tropical trees and their dependence on animal pollination 
become immediately apparent. Temperate forests have rela- 
tively low tree species diversity and most, such as conifers, 
oaks, willows, elms, and maples, are wind pollinated. In con- 
trast, wind pollination is rare in tropical forests (Table I). 


SPECIALIZED VS GENERALIZED POLLINATION 


As mentioned previously, there is ongoing controversy about 
specialized versus generalized pollination systems and the 
associated concept of pollination syndromes that propose to 
characterize a plant as to a particular pollinator type. There can 
be little doubt that some plants have highly specialized systems 
that can be easily characterized by floral morphology and 
behavior alone, such as fig flowers and fig wasps, certain 
orchids and their specific bee relationships, and long, white- 
tubed fragrant flowers that open at night and are pollinated by 
long-tongued hawk moths (Fig. 2). There are, however, many 
instances in which flowers attract a wide variety of visitor 
types, making characterization of pollination syndromes 
difficult. For example, there are examples of “large-bee flowers” 
that are regularly visited by small bees, butterflies, and wasps; 
hawk moths that visit “bat flowers”; bees that visit both “hawk 
moth flowers” and “bat flowers” the morning after. Further, 
there are flower types that attract a wide diversity of insect 
visitors (Table I). Who are the pollinators and who are the 


visitors to these flower types? Do many or most plants have the 
option of being pollinated by a variety of potential vectors? 
The answers to these questions will be forthcoming 
through carefully planned experimental studies that include 
evaluations of all visitors and their capacity to transport pollen 
on their body parts, as well as between plants. Floral behavior 
must be studied simultaneously, especially with regard to 
breeding system and period of stigmatic receptivity. These 
case studies should take much of the speculation and guess- 
work out of pollinators, visitors, and pollination ecology. 


CHEMICAL ECOLOGY AND POLLINATION 


Chemical communication between flowering plants and their 
pollinators and between conspecific pollinators in relation to 
floral resources is commonplace in many natural communities. 
Flowers release a variety of odors that attract pollinators and 
other visitors. Some of these are sweet and highly fragrant, as 
with many “moth flowers” and some “bee flowers.” Some are 
unpleasant to humans but highly attractive to flies and beetles. 
Other floral fragrances fall somewhere between fragrant and 
unpleasant such as musky odors associated with some flowers 
that attract a variety of visitor types. 

In the New World tropics, chemicals are emitted from 
certain orchid species that attract only males of the Eugolssini 
tribe of bees, better known as orchid bees. These orchids and 
“their” bees have evolved a unique relationship in which 
chemical substances are scratched from special regions of the 
orchid flowers by male bees. The compounds are collected in 
special leg glands that have unique apertures on the hind legs. 
According to theory, the scratched compounds are metabolized 
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and transformed into chemical messages or pheromones that 
male bees use for attracting females for mating. Some male 
orchid bees form elaborate leks or mating rituals, which they 
use to lure females. During the process of scratching chemicals, 
orchids belonging to genera such as Catesetum, Cycnoches, 
and Stanhopea have cleverly evolved elaborate mechanisms 
for attaching or actually gluing a pollen packet (or pollinia) 
on the bee for transport to the next orchid, thereby effecting 
cross pollination. Each orchid species glues its pollinia on a 
characteristic location of the bee. Where orchid diversity is 
rich, it is common to see some bees with pollinia on their 
heads, other bees with pollinia on their thoraces or abdomens, 
and still other bees with pollinia on more than one body loca- 
tion, indicating their visits to more than one orchid species. 

There is also chemical communication among members 
of some social and solitary bee species. Some honey bee species 
scent mark flowers, and this informs others of the same 
species of a very recently visited flower. The mark also serves 
to alert a bee that it has just visited a particular flower that it 
marked, thereby conserving its energy and time. This 
behavior has also been observed frequently in large carpenter 
bees (Xylocopa); chemicals of the mandibular and mesosomal 
glands were found responsible for the scents. Stingless bees in 
the Neotropics regularly mark flowers and nearby vegetation 
in establishing a scent trail back to inform the nest where a 
good floral source can be located. Some bumble bees 
(Bombus) also scent mark flowers, making these flowers less 
attractive to other foraging bumble bees. 


CONCLUDING REMARKS 


Despite years of study and an enormous literature, we still 
have much to learn about pollination and pollinators. The 
field of study is particularly challenging today because of the 
many questions surrounding pollination/pollinator relation- 
ships in human-impacted environments. Many questions 
(and problems) will require new approaches and methods 
and will need to be better integrated with societal needs and 
structures. 

Suggested studies for the future include: (a) more detailed 
work on chemical relationships between pollinators, visitors, 
and flowers; (b) more attention paid to actively conserving, 
protecting, and restoring pollinators at local, regional, 
national, and international levels; (c) improving methods for 
managing pollinators for production of human food crops; 
(d) development and transfer of information on pollination and 
pollinators to a wide variety of new audiences such as policy/ 
decision-makers, government agencies, nongovernmental con- 
servation organizations, and managers; and (e) developing 
monitoring methods to gauge effects of global warming on 
pollinators and the plants they pollinate. 


See Also the Following Articles 
Apis Species « Beekeeping ¢ Conservation ¢ Neotropical 
African Bees 
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P ollution is essentially the wrong substance, in the wrong 
place, in the wrong concentration, at the wrong time. 
More formally, pollution can be defined as the introduction 
of human-made substances (or natural substances released by 


humans) and forms of energy into the environment that are 
likely to damage ecosystems or their constituents, amenities, 
or structures. 

Insects, like other living organisms, are affected by 
pollution. However, insects are also used to assess the effects 
of pollution as surrogates or representatives of the larger 
assemblages of organisms in communities and ecosystems. 
We refer to insects in this latter role as biomonitoring agents. 

Pollution can be caused by a variety of substances and 
activities: sewage and other organic enrichment, fertilizers 
(e.g., nutrients such as phosphorus), siltation (e.g., from 
erosion), pesticides (e.g., herbicides, fungicides, insecticides), 
metals (e.g., cadmium, mercury, selenium), organic 
compounds (polychlorinated biphenyls, polycyclic aromatic 
hydrocarbons, industrial atmospheric emissions (e.g., sulfur 
dioxide and NO,, which are precursors to acid rain; 
greenhouse gases such as carbon dioxide and methane), 
radiation (as in the Chernobyl disaster), heat (e.g., thermal 
pollution from power plants), and habitat destruction (e.g., 
clear-cutting, stream channelization, reservoir creation). 
Disturbances that have consequences similar to those of 
human activities can also be caused by natural events such as 
volcanic eruptions or forest fires, but the products of these 
disturbances do not fit our definition because they are not 
deliberately introduced by humans. 


POLLUTION EFFECTS ON INSECTS 


The effects of pollution on insects occur at a variety of spatial 
and temporal scales. For example, effects can occur at the 
molecular level in fractions of seconds (i.e., biochemical 
effects), at the ecosystem level over several decades, and at 
various scales in between these extremes (Fig. 1). The most 
easily detected responses are at the level of the individual (as in 
bioassays), in which evaluation is often based on whether an 
insect lives or dies when exposed to a contaminant. However, 
population and community levels are generally used when 
effects are examined in nature (Fig. 1). Within a population, 
we can see shifts occurring in the frequency of organisms of 
different sizes. For example, early instars in a population seem 
to be more susceptible than later instars because early instars 
have higher surface-to-volume ratios, they are more active, and 
they have thinner cuticles. Eggs, pupae, and diapausing insects 
are usually more resistant stages. 

Common community-level changes observed with the 
onset of pollution involve decreases in species richness (i.e., 
the total number of species), decreases in species evenness 
(i.e., the distribution of numbers of individuals among 
species), and alterations in species composition. Severe 
sewage pollution in fresh waters presents a good example of 
the kinds of changes that can occur. With sewage input, the 
total number of species decreases immediately downstream 
of a sewage source and species evenness decreases because the 
remaining tolerant organisms proliferate. Also, pollution- 
tolerant organisms such as dronefly maggots (Eristalis tenax), 
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FIGURE 1 Relationship between ecological relevance, spatiotemporal scale, 
mechanistic understanding, and specificity across levels of biological 





organization. MFO, mixed-function oxidase; AChE, acetylcholinesterase; 
DNA, deoxyribonucleic acid. (Reproduced from W. H. Clements, 2000, 
Integrating effects of contaminants across levels of biological organization: An 
overview. J. Aquat. Ecosyst. Stress Recovery 7, 113-116, with kind permission 
from Kluwer Academic Publishers.) 


some species of midge (Chironomidae) larvae, and aquatic 
earthworms replace less tolerant ones, and these tolerant 
organisms can reach extremely high densities. 

Alteration of feeding-group structure is another response 
to pollution. For example, the removal of a riparian zone 
surrounding a stream can lead to increased production of 
algae because of more open conditions and greater sunlight 
reaching the stream substrate, a decline in the leaves falling 
into the stream, and an increase in grazing insects (feeding on 
algae), which replace the insects that would normally feed on 
leaves. 

More subtle community-level effects are also possible. For 
example, the suppression of parasites by air pollutants may 
enhance outbreaks of forest insect pests whose populations 
are normally held in check by the parasites. These indirect 
effects (Fig. 1) are often more difficult to detect than the 
direct effects discussed above. 

Natural variability is a problem in evaluating the effects of 
pollution on insects. Only the accrual of long-term baseline 
data on insect species present and their abundances, and the 
use of an experimental approach to establish causation, can 
lead to understanding of the effects of pollutants on insects. 
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USE OF INSECTS IN BIOMONITORING 


The responses of insects to pollution can be used in biomoni- 
toring of air, land, and water quality. The most extensive bio- 
monitoring has been developed in aquatic habitats, perhaps 
because aquatic insects are directly exposed to water pollu- 
tion and their responses are easy to measure. 

Insects present a number of advantages for biomonitoring: 
(1) they are ubiquitous, so they are exposed to pollution in 
many different habitats; (2) the large number of species offers 
a range of responses; (3) the sedentary nature of many insects 
allows spatial analysis of pollutant effects; and (4) their long 
life cycles allow temporal analysis of pollutant effects. Unlike 
relying on instantaneous measurement of physical and 
chemical variables, the use of living organisms, like insects, 
provides a temporal integration of pollutant effects over their 
life span. 

Biomonitoring can be done at a variety of spatial and 
temporal scales (Fig. 1). The smallest scale is biochemical; for 
example, exposure of stonefly species to the pesticide feni- 
trothion can be measured by depression of acetylcholinesterase 
activity in the stonefly head. The largest scale is the ecosys- 
tem, in which measures of processes such as productivity and 
decomposition can indicate pollutant stress. However, bio- 
monitoring is most commonly done at individual, population 
(or species assemblage), and community levels. Common 
examples of biomonitoring at the individual level include the 
use of insects as sentinel organisms and for measuring mor- 
phological deformities. The use of morphological deformities 
to measure pollutant effects is more common in freshwater 
than in terrestrial habitats. The head capsules of midge larvae 
are frequently used for this purpose. Bioassays often involve 
exposure of individuals to potential pollutants to detect 
sublethal responses (e.g., diminished growth or fecundity) or 
lethal responses (e.g., mortality). 

Biotic indices are popular ways to summarize information 
and assess pollution at the population or species assemblage 
levels. For example, indices of the trophic status of lakes have 
been developed using midges, and an index of acid stress is 
available that uses a group of macroinvertebrate organisms, 
each of which has a different sensitivity to acidification. 

However, biomonitoring is most frequently done at the 
community level, and measures vary from simple taxa 
richness to biotic indices that use the whole community (e.g., 
Family Biotic Index) to complex multivariate statistics that 
use the “reference condition” approach. 

Bioassays are widely used in determining toxicity of 
industrial by-products before and after they are released into 
the environment and can be a valuable adjunct to field 
biomonitoring. They can be used to answer questions such as 
(1) At what concentration does a pollutant become toxic to a 
certain insect species? (2) What are the physical and chemical 
conditions under which the pollutant is most harmful? (3) 
Which stage of the life cycle is most susceptible to the 
pollutant? (4) What are the effects of acute versus chronic 


exposure? (5) Which species are most susceptible to the 
pollutant? Bioassays can be as simple or as complex as needed 
(e.g., single versus multiple species, static or flowthrough 
setup, laboratory beaker versus field mesocosm). 

Biomonitoring using insects can involve volunteers as well 
as professionals. Work with insects is usually labor intensive, 
and volunteers can provide much of this labor. In fact, volun- 
teer biomonitoring programs involving school classes and local 
community groups are currently very popular throughout 
the world. 

In conclusion, although pollutants have affected living 
organisms, habitat destruction may be more important in 
determining whether organisms can recover. For example, it 
may be possible to clean air and water of their pollutants but 
recovery of ecosystems is impossible if the habitat remains 
impaired. 
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Polyembryony 
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P olyembryony is a form of clonal development in which a 
single egg produces two or more genetically identical 


offspring. Many animals are sporadically polyembryonic, 
including humans, who occasionally give birth to identical 
twins. However, a few groups of parasites (some cestodes, 
treamatodes, and insects), colonial aquatic invertebrates 
(oligochaetes, bryzoans), and mammals (armadillos) are 
obligately polyembryonic. Among these obligately polyem- 
bryonic animals, insects produce the largest broods, with 
some species generating more than 3000 offspring per egg. 
There are hundreds and perhaps thousands of polyembry- 
onic insects, but all known species occur in either the order 
Hymenoptera (bees, wasps, and ants) or the order 
Strepsiptera. Several species of polyembryonic wasps have 
been studied in detail, whereas little is known about polyem- 
bryonic strepsipterans. 

In the Hymenoptera, polyembryony occurs in selected 
genera from four families: the Braconidae, Platygasteridae, 
Encyrtidae, and Dryinidae. Polyembryony in these groups 
clearly arose from ancestors that produced only a single 
offspring per egg (monoembryonic), because the most basal 
members of these large families are all monoembryonic. The 
phylogenetic distance between these families also indicates 
that polyembryony has evolved independently at least four 
times in the Hymenoptera. Despite multiple independent 
origins, all polyembryonic wasps share the common biology 
of being parasitoids that lay their eggs into the egg or larval 
(nymphal) stage of their insect hosts. After oviposition, the 
egg of a polyembryonic wasp develops into a single embryo. 
This embryo then proliferates into an assemblage of embryos 
called a polygerm or polymorula. The majority of embryos in 
the polymorula develop into larvae when the host molts to its 
final instar. These so-called reproductive larvae consume the 
host, pupate, and emerge as adult wasps that seek mates (if 
male) or new hosts (if female). In some species from the family 
Encyrtidae, however, a small proportion of the embryos in 
the polymorula develop into what are called precocious 
larvae. Precocious larvae are morphologically distinct from 
reproductive larvae and function as a sterile soldier caste that 
defends their reproductive-caste siblings from competitors. 
Embryonic development of polyembryonic wasps differs in 
several respects from other insects. The presence of a caste 
system in some polyembryonic wasps also offers insights into 
conditions favoring the evolution of extreme reproductive 
altruism. 


LIFE HISTORY AND DEVELOPMENT OF 
POLYEMBRYONIC WASPS 


Polyembryony in insects was first described by the Italian 
naturalist F, Caldani almost 200 years ago. The development 
of polyembryonic wasps has been most thoroughly studied in 
the encyrtid wasp Copidosoma floridanum, which parasitizes 
the eggs of plusiine moths such as the cabbage looper 
Trichoplusia ni (Fig. 1A). Unlike terrestrial insects, whose 
eggs contain large amounts of yolk and are enclosed in a rigid 
chorion, C. floridanum eggs contain no yolk and are 
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surrounded by a thin chorion (Fig. 1B). After oviposition, the 
egg undergoes complete (holoblastic) cleavage to form a single 
embryo that ruptures out of its chorion to continue develop- 
ment unconstrained by the eggshell. This embryo is called the 
primary morula and consists of approximately 200 embryonic 
cells surrounded by an extraembryonic membrane of polar 
body origin (Figs. 1C and 1D). After the host emerges from 
its egg, the cells of the primary morula continue to divide 
inside the host larva to form additional embryonic masses that 
consist of embyronic cells surrounded by the extraembryonic 
membrane. These embryonic masses are called secondary 
morulae and the entire mass is called a polymorula (Fig. 1E). 
All morulae formed during this period of proliferation result 
from the invagination of the extraembryonic membrane and 
subsequent partitioning of embryonic cells (Figs. 1F-1H). 
The process of membrane invagination and cell partitioning 
repeats itself an indeterminate number of times during the 
first through the fourth instars of the host caterpillar. This 
results in an increasing number of secondary morulae per host, 
but each morula contains progressively fewer embryonic cells. 
For example, from 5 to 10 secondary morulae that each con- 
tain several hundred embryonic cells are present in a first- 
instar host, whereas an average total of 1200 morulae that 
each contain about 20 cells are present in a fourth-instar host. 

A few morulae in the polymorula differentiate during the 
host’s first through fourth instar and develop into precocious 
larvae (Fig. 11). One or two precocious larvae develop when 
the host is a first-instar larva and from 2 to 10 precocious 
larvae develop during the host’s second through fourth instar. 
As a result, the number of precocious larvae increases 
progressively as the host caterpillar grows. An average total of 
40 precocious larvae develop, which equals approximately 4% 
of the total number of larvae produced per host. The remaining 
embryos always differentiate in the host’s fifth instar and 
develop into reproductive larvae (Fig. 1J). Reproductive larvae 
rapidly consume the host and then pupate inside the remnant 
cuticle, forming a mummy (Fig. 1K). In contrast, precocious 
larvae never molt and die from desiccation after the host is 
consumed by their reproductive-caste siblings. Although no 
detailed embryological information is available outside C. 
floridanum, descriptions of polyembryonic braconids, platy- 
gasterids, and dryinids suggest that these wasps also lay small, 
yolkless eggs that undergo complete cleavage to form a single 
embryo. This embryo then proliferates into additional 
embryos. However, polyembryonic wasps in these families 
produce only embryos that develop into reproductive larvae 
(i.e., no precocious larvae or caste system exists). 


REGULATION OF POLYEMBRYONIC 
DEVELOPMENT 


Caste formation in social insects like ants, bees, or termites is 
usually mediated by environmental factors (photoperiod, 
crowding, pheromones, nutrition) acting on endocrine 
physiology. Environmentally induced alterations in hormonal 
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FIGURE 1 Development of the polyembryonic wasp C. floridanum. The top shows the egg, larval, and mummy stages of the host, the middle shows 
developmental time from egg laying to emergence of adult wasps from the mummy, and the bottom shows key events during embryogenesis of the wasp. (A) 
The female wasp oviposits into the egg stage of the host, 7 m7. (B) Soon after oviposition, the 50-Uum-long wasp egg undergoes the first cleavage that results 
in two equal-sized blastomeres at the posterior (arrow) and a polar cell containing the polar nucleus at the anterior (arrowhead). (C, D) The syncytial 
extraembryonic membrane (arrowhead) derived from the polar cell begins to envelop the blastomeres that continue to divide (arrows). Soon after envelopment 
begins, the embryo ruptures out of the chorion, and by 24 h after oviposition the primary morula has formed. (E) At the end of the host’s egg stage and 
throughout the first through fourth instar, embryo proliferation occurs to produce an increasing number of secondary morulae. Some embryos during this 
period undergo morphogenesis (arrow) and develop into precocious larvae. (F, G) Additional secondary morulae are formed during proliferation by ingrowth 
of the extraembryonic membrane (arrows) surrounding an embryo, which partitions the enclosed embryonic cells and results in formation of two embryos. 
(H) More than 1000 secondary morulae are formed in this manner by the host’s fourth instar. (I) Precocious larvae formed during the host first through fourth 
instar are serepentine in shape and possess a well sclerotized head (arrow). (J) Reproductive larvae that emerge during the host fifth instar are rounded in shape 
and have a very weakly sclerotized head (arrow). These larvae consume the host at the end of the fifth instar and pupate inside the host cuticle to form a 


mummy. (K) One-millimeter-long adult wasps emerge from the mummy in approximately 28 days. 
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state in turn affect the development and/or behavior of indi- 
viduals in the colony to produce distinct castes. In contrast, 
insect embryogenesis is primarily regulated endogenously by 
the coordinated expression of maternal and zygotic factors 
known as patterning genes. Signaling molecules and determi- 
nants associated with specific cell lineages also play a signifi- 
cant role in regulating embryogenesis of other animals. Within 
this framework, caste formation and embryogenesis in poly- 
embryonic wasps could be regulated by both environmental 
signals from the host and endogenous factors in embryos. 
Polyembryonic wasps differ from other caste-forming 
insects in that both castes develop from the same egg, coexist 
in the same environment (the host), and develop in proximity 
to one another in the polymorula. Nonetheless, the develop- 
ment of precocious larvae during the host first through fourth 
instar and reproductive larvae in the host fifth instar suggests 
that host environment may influence caste formation in C. 
floridanum. Molting and metamorphosis of the host, like in 


most insects, are regulated by the steroid ecdysone and 
sesquiterpenoid juvenile hormone (JH). A rise in the ecdys- 
teroid titer stimulates the host to molt, whereas the JH titer 
influences the type of molt that occurs. 77 ni larvae parasitized 
by C. floridanum molt and develop almost identical to normal, 
unparasitized caterpillars. The obvious exception is that C. 
floridanum reproductive larvae consume the parasitized larva 
at the end of its fifth larval instar, whereas unparasitized 7’ ni 
pupate after the fifth instar. The fact that host JH titers are 
elevated in early larval instars and decline in the final instar 
suggests that embryos develop into precocious larvae when 
the host JH titer is elevated, whereas embryos develop into 
reproductive larvae under conditions of low host JH titer. 
However, a number of different experiments collectively 
indicate that neither JH, ecdysone, nor other environmental 
factors are the primary factors that regulate morula prolifera- 
tion, morphogenesis, or the proportion of embryos that devel- 
op into each caste. Instead, these events appear to be regulated 


by endogenous factors in individual embryos. One class of 
endogenous factors involved in regulation of morphogenesis 
contains the same genes that control pattern formation in all 
insects. Most insects (Drosophila is the best studied insect in 
this regard) lay eggs that are rich in yolk and that have a rigid 
chorion that protects the embryo from injury and desiccation. 
At the beginning of embryogenesis, Drosophila and most other 
insects undergo a syncytial phase of development whereby 
nuclear divisions occur without cell division to produce 
thousands of nuclei in a single-celled embryo. This syncytial 
phase is crucial for axial patterning as it allows RNAs of the 
maternal coordinate genes bicoid and nanos to be properly dis- 
tributed within the egg. These maternal RNAs are then trans- 
lated to form a gradient of regulatory proteins that control 
where the head, thorax, and abdomen of the embryo will 
develop. Localization of these factors in the posterior of the egg 
is also coupled to localization of another set of determinants 
that specify germ cells, which will give rise to sperm or eggs 
when the insect becomes an adult. In effect, the entire body 
plan and reproductive capacity of the future insect are deter- 
mined immediately after the egg is laid. After syncytial cleavage, 
insect embryos cellularize to form a blastoderm. Subsequent 
specification of individual thoracic and abdominal segments is 
then regulated by a cascade of zygotic genes (gap, pair-rule, 
segment polarity, and Hox genes). 

The embryos of polyembryonic wasps differ from those of 
Drosophila and most other insects in several ways. First, the 
eggs of polyembryonic wasps lack yolk and a rigid chorion, 
and embryogenesis proceeds after the embryo emerges from 
the eggshell. Second, the polarity of the egg is not directly 
linked to the axial polarity of future larvae, given that the 
primary morula proliferates to form thousands of embryos 
before morphogenesis. Since each embryo is randomly 
oriented within the polymorula, axial polarity must be 
reestablished after proliferation. Third, polyembryonic wasp 
eggs lack a syncytium and instead cellularize at the four-cell 
stage. Despite these differences, many of the genes that regu- 
late pattern formation in other insects are also operative in 
polyembryonic wasps. However, all of these patterning genes 
are expressed after embryos begin morphogenesis and none 
of them are expressed during embryo proliferation, when the 
number and types (precocious or reproductive) of embryos 
increase. This suggests that patterning genes have not been 
co-opted to perform these novel functions in polyembryonic 
wasps. However, other factors that could play a role in regu- 
lating proliferation and caste fate are genes that control germ 
cell specification and certain cell signaling molecules that 
establish pattern in tissues such as imaginal discs. 


THE EVOLUTION OF POLYEMBRYONY 


The idea that polyembryony has evolved several times in the 
Hymenoptera but has not arisen in any other insects outside 
the Strepsiptera suggests that wasps possess unique preadap- 
tations that have favored the evolution of this unusual form 
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of development. The Hymenoptera exhibit incredible 
diversity in life history (Fig. 2). Most hymenopterans are in 
the suborder Apocrita, which consists of free-living species 
(pollen-nectar feeders and predators) and parasitoids (Fig. 2). 
Typical free-living apocritans such as ants and bees are 
restricted to a single group known collectively as the Aculeata 
(Chrysidoidea, Vespoidea, and Apoidea), whereas the other 
major superfamilies comprise primarily parasitoids (Fig. 2). 
Parasitoids exhibit two different developmental strategies. 
Some species develop as ectoparasitoids that lay their eggs 
externally on hosts and feed as larvae by rasping a hole 
through the host’s cuticle. Other species develop as endopara- 
sitoids that inject their eggs into the hemocoel of the host 
where the larvae feed on blood or tissues. Phylogenetic analyses 
indicate that all aprocritans likely evolved from an ectopara- 
sitic ancestor related to contemporary orussoids (Fig. 2). 
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Megalodontoidea 
Cephoidea 
Siricoidea 
Orussoidea 
Stephanoidea 


Ichneumonoidea 
(Braconidae-Macrocentrus) 
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FIGURE 2 Consensus phylogeny and the evolution of different life histories 
in the order Hymenoptera. The listed life histories are herbivores (phy- 
tophagous) (yellow), ectoparasitoids (red), endoparasitoids (blue), gall 
formers (green), pollen-nectar feeders (magenta), and predators (gray). 
Unknown relationships are indicated in black. The specific families and genera 
in which polyembryony has evolved are indicated under the appropriate 
superfamily. The most primitive hymenopterans include several superfamilies 
of herbivores commonly known as sawflies. The advanced hymenopterans 
(Apocrita) form a monophyletic assemblage derived from an ectoparasitoid 
ancestor likely similar to orrusoids, which parasitize wood-infesting beetles. 
Endoparasitism and other life histories have thereafter arisen multiple times 
in different superfamilies from ectoparasitic ancestors. Among endoparasitic 
lineages, polyembryony is known to have evolved four times. (Figure devel- 
oped from the consensus phylogenies and discussion of Whitfield, 1998). 
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Thereafter, endoparasitism evolved independently at least 
eight times from different ectoparasitic ancestors. The four 
hymenopteran families that contain polyembryonic species are 
in different superfamilies (Ichneumonoidea, Platygastroidae, 
Chalcidoidea, and Vespoidea), and the nearest relatives to each 
polyembryonic taxon are monoembryonic endoparasitoids. 
Thus, polyembryony itself has evolved at least four times and 
in each case this form of development arose from a monoem- 
bryonic, endoparasitic ancestor (Fig. 2). 

The correlation between endoparasitism and. the subse- 
quent evolution of polyembryony is unlikely to be coinci- 
dental. Free-living insects such as Drosophila, ants, or honey 
bees develop in a terrestrial environment independent of the 
parent. Adaptations for survival include a thick chorion to 
protect the embryo and an abundant yolk source to supply 
nutrients for development. Ectoparasitoids encounter the 
same environmental conditions, but endoparasitoids develop 
in the nutrient-rich blood of another insect where protection 
from desiccation and prepackaging of a yolk source are no 
longer required. Unconstrained by the need for a prepack- 
aged source of nutrition (yolk) and a chorion, the potential 
exists for embryos of endoparasitoids to shift away from syn- 
cytial cleavage and toward early cellularization and complete 
cleavage. Unconstrained by a rigid chorion, the embryos of 
endoparasitoids also have the potential to increase signifi- 
cantly in volume during embryogenesis. If endoparasitism is 
an important preadaptation for the ultimate evolution of 
polyembryony, the loss of yolk and alterations in early develop- 
ment associated with polyembryonic wasp eggs should also 
occur in at least some lineages of monoembryonic endopara- 
sitoids. This in fact is seen in several different families of 
endoparasitic Hymenoptera, which supports the idea that 
endoparasitism has selectively favored alterations in early 
development essential for the evolution of polyembryony. 


THE FUNCTION AND EVOLUTION OF A LARVAL 
CASTE SYSTEM 


The evolution of specialized castes has occurred most often 
in species that live in groups comprising closely related indi- 
viduals and that occupy resource-rich but defensible resources. 
These conditions exist among well-known eusocial insects 
such as ants and termites as well as among less studied caste- 
forming groups such as gall-making thrips and aphids. These 
conditions also exist among polyembryonic wasps that propa- 
gate clonally inside the nutrient-rich but defensible environ- 
ment of the host. Reproductive larvae are so named because 
they are the only offspring that molt and develop into adult 
wasps. However, the insects parasitized by polyembryonic 
wasps are also commonly parasitized by other parasitoids, 
resulting in frequent opportunities for interspecific compe- 
tition to occur. Cruz reported in 1981 that precocious larvae 
function as soldiers that kill interspecific competitors by 
piercing their cuticle with their mandibles. This altruistic 
behavior is advantageous, because precocious larvae increase 


their own fitness by ensuring the survival of their reproduc- 
tive siblings. Since selection acts at the level of both the indi- 
vidual and the brood, the ratio of investment in reproductive 
and precocious larvae would also be predicted to vary depend- 
ing on how large or small the threat from competitors might be. 
Such adaptive phenotypic plasticity occurs in C. floridanum, 
in which the proportion of embryos developing into soldiers 
changes from 4% in hosts that are not attacked by another 
parasitoid to 24% in hosts that are attacked by a competitor. 

A second, more complex function of precocious larvae is 
that in some species, they kill male siblings and significantly 
distort the sex ratio of adult wasps that emerge from the host. 
Like most Hymenoptera, polyembryonic wasps are hap- 
lodiploid, which means that male offspring develop from 
unfertilized eggs and female offspring develop from fertilized 
eggs. C. floridanum female wasps usually lay two eggs per host 
(one male and one female) and as a consequence most broods 
are composed of both sexes. However, precocious larvae 
develop almost exclusively from female eggs such that soldiers 
are fully related to their sisters but not to their brothers. 
Moreover, female precocious larvae attack their brothers while 
still embryos, but not their sisters, resulting in most of the 
adult wasps (>95%) that emerge from the host being females. 
These females then mate with the surviving male wasps before 
dispersing to find new hosts. The tendency to kill brothers 
but not sisters likely arose as a consequence of genetic conflict 
between siblings. In effect, the host is a finite resource and 
precocious larvae make available more resources for their 
reproductive sisters to consume by killing their brothers. 
However, a few males almost always survive and these 
individuals are able to mate with most of their sisters as well 
as disperse and mate with females from other hosts. 


See Also the Following Articles 
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P opulation ecology deals with questions related to the den- 
sity or number of individuals of a species in a habitat or 
location. Insect population ecologists try to understand why 
population densities of some insects fluctuate dramatically, but 
others show little variation in density. They want to know why 
some species are rare, whereas others are common. They seek 
to understand the mixture of factors affecting mortality and 
fecundity that together determine the characteristic density of a 
species and whether the density will decline or increase. Applied 
population ecologists try to understand the conditions that allow 
densities of pest insects to reach damaging levels, and they seek 
to modify those conditions to keep the densities below those 
levels. To isolate the effects of particular variables from the multi- 
tude of factors influencing population growth and survival, 
population ecologists apply a range of tools to understand 
population systems, including gathering data on density, fecun- 
dity, and mortality from natural populations, construction of 
mathematical models of population interactions, and experi- 
mental manipulation of populations in the field. 


ESTIMATING INSECT ABUNDANCE 


Research on the population ecology of an insect typically begins 
with the development of sampling techniques to determine the 
abundance of the insect in the habitat under study. When the 
habitat has definable boundaries, we can estimate the number 
of individuals in the population. More frequently, we estimate 
density or number of individuals per unit of habitat. Sampling 
methods vary tremendously with habitat type. Specialized 
sampling techniques have been developed for insects that live in 
the soil, in the air, on foliage, and on vertebrate hosts. A large 
scientific literature exists on the methods developed for each of 
these habitats. 

One can make several general distinctions about different 
methods of sampling insects. One of these is to distinguish 
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between absolute and relative measures of density. Absolute 
measures quantify numbers per unit area or volume of habitat. 
Examples are numbers of grasshoppers per square meter in 
quadrat samples or numbers of Collembola per cubic cen- 
timeter of soil. Relative measures express numbers per sample 
unit, such as numbers of insects captured in a sweep-net 
sample or numbers of male moths captured in pheromone- 
baited traps. Relative measures may or may not reflect absolute 
density. They are frequently much easier to obtain than 
absolute measures, but they may be influenced by many factors 
(e.g., air temperature) that affect the activity of the insect and 
its likelihood of being captured. Consequently, much research 
is needed to be sure that relative measures give an accurate 
indication of differences in absolute population density. In 
addition, there are population indices, which are indirect 
measures of density, such as measures of defoliation. 

Another general characteristic of sample methods is that 
some, such as sticky traps or pheromone-baited traps, obtain 
data continuously over an extended interval of time, whereas 
others obtain an essentially instantaneous “snapshot” of a popu- 
lation at a particular moment. Examples of the latter include 
sweep-net samples, quadrat samples, and insecticide knock- 
down samples. Such instantaneous samples are susceptible to 
the effects of time of day or weather conditions at the time of 
sampling, which in turn may influence the number captured. 
Continuous samples may also be influenced by weather condi- 
tions but, because capturing occurs over an extended interval, 
these effects are averaged over a range of such conditions. 

Any investigator planning a sampling program must think 
carefully about how the samples will be selected. Consultations 
with statisticians with expertise in experimental design prior 
to collection of data is always wise, as is preliminary sampling 
or pilot testing to estimate the expected amount of sample 
variability. Most sampling schemes may be classified as 
random, systematic, or stratified random designs. In random 
sampling, the sample units are chosen or placed at randomly 
selected locations in the sample area. Random selection is 
typically done by choosing coordinate points from a table or 
list of random numbers. In a systematic design, sample units 
are placed at regular intervals across the sample universe (e.g., 
every 20 m or every 10th plant). Systematic samples are 
frequently much easier to conduct, and they ensure that the 
samples are distributed evenly across the sample universe. 
However, systematic samples violate the requirement that 
samples be selected independently and at random from the 
sample universe, imposed by most statistical analyses. Whether 
violation of this requirement leads to erroneous conclusions in 
any particular system is usually debatable. A reasonable com- 
promise between the two approaches is a stratified random or 
randomized. block design in which the sample universe is 
divided into regularly spaced subunits or blocks and samples 
are selected at random from each block. Differences in 
density between subunits caused by edge effects or density 
gradients across the field can be detected with appropriate 
statistical analysis. 
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Mark—recapture techniques are sometimes used to estimate 
insect abundance. Individuals are marked with a permanent 
mark that does not significantly alter the behavior of the 
insect or affect its survival. Marked individuals are counted 
and released into a population. Subsequently, a sample of indi- 
viduals is collected from the population and the proportion 
(m/n) of marked individuals in the sample is recorded. Nearly 
all mark—recapture methods rest on the basic assumption 
that 7/n of the sample is an estimate of the proportion of 
marked individuals in the larger population M/N. If one 
assumes that M, the number of marked individuals in the 
population, is equal to the number released, then the popu- 
lation size N can be calculated directly: N = M(n/m). This 
calculation is known as the Lincoln index or Peterson esti- 
mate. As a rule, it cannot be assumed that © is equal to the 
number of marked individuals released because some of them 
will have died or emigrated in the interval between release 
and recapture. Several fairly elaborate techniques involving 
multiple rounds of mark and recapture have been developed 
to estimate M/ when it is unknown. 

Applied ecologists frequently use sequential sampling to 
classify populations into density categories such as high 
(requiring treatment) or low (requiring no treatment). The 
basic idea is to minimize the cost of the sampling effort by 
collecting only the number of samples needed to make this 
decision with sufficient statistical reliability. Development of 
a sequential sampling scheme for a particular insect and crop 
or habitat requires research to define the population density 
that forms the dividing line between the high and low 
categories, a definition of the degree of allowable risk for 
making an incorrect classification, and an estimate of the 
degree of clumping or patchiness that typifies the species. 


POPULATION GROWTH AND LIMITS 
TO GROWTH 


A fundamental property of the population dynamics of all 
species is that the number or density of individuals will grow 
at an ever-increasing rate when conditions are favorable. The 
simplest example of such growth is illustrated by the 
replication of single-celled organisms. If a bacterium divides 
every hour, a colony that began with one individual would 
grow to 2, 4, 8, 16, ..., 2’, where ¢ is the number of hours or 
replications. With insects, the rate of replication with each 
generation is potentially much faster. The house fly, Musca 
domestica, for example, has generation time of approximately 
2 weeks and lays more than 200 eggs. If half those eggs were 
females and all survived to maturity, the population would 
increase by more than a hundred fold each generation. By the 
end of one year the population would have increased to more 
than 10° individuals (a mass of flies much larger than the 
earth). Even if mortality were much higher, (e.g., only 1 fly 
in 10 survived to maturity) the end result would be similar 
but would take longer to achieve. Mathematically, we refer to 
this process as geometric or exponential growth, and for 
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FIGURE 1 (A) Exponential growth of a population yields a straight line 

when density (JV) is plotted versus time (¢), as in (B), on a logarithmic scale. 


insects that reproduce continuously, it is typically expressed 
with the following equation (Fig. 1): 


dN 

a rN or ras r 
Here JN is the population size or density, dN/dt is the growth 
rate (the change in density per unit time), and the constant 7 
is the instantaneous per capita rate of increase. The parameter 
r equals instantaneous per-capita birthrate minus the 
instantaneous per-capita death rate. When the rates of birth 
and death are equal, 7 = 0 and the population ceases to grow. 
When the death rate exceeds the birthrate, 7 is negative and 
the population declines. 

The notion of exponential population growth was first 
expressed in 1798 by T. R. Malthus, who observed that human 
populations increased exponentially, whereas food production 
increased in a linear fashion. As a result, Malthus predicted 
that mankind would be doomed forever to a life close to the 
edge of starvation. Malthus did not foresee the large increase 
in agricultural production that accompanied the Industrial 
Revolution, but he may yet prove to be correct. The ideas of 
Malthus were fundamental to the development of Darwin's 
theory of evolution: all organisms must struggle to survive 
because all species produce more offspring than can survive. 

It is obvious that no population can continue growing 
forever; sooner or later, it will reach a density above which 
individuals can no longer obtain the resources they need to 
survive. This density is known as the carrying capacity of the 
environment. For different species in different habitats, the 
carrying capacity will be determined by competition for 
particular resources. For desert plants, water is typically the 
limiting resource. For many animals, food supply determines 
the carrying capacity. As a population expands toward the 
carrying capacity, the rate of growth slows down. This 
process is typically represented by the following logistic 
equation (Fig. 2), which was first applied to population 
growth by P. F Verhulst in 1838 and independently by R. 
Pearl and L. J. Reed in 1920: 


Here K is the carrying capacity and r and J retain their 
earlier definitions. The first term (7) represents exponential 
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FIGURE 2 Logistic population growth model fit to data from laboratory 
colony of fruit flies. [Adapted from Krebs (2001) and Pearl, R. (1925). 
“Biology of Population Growth.” Alfred A. Knopf, New York.] 


growth. The effect of the second term (rNV’/K), often called 
environmental resistance, increases as NV becomes large. As V 
approaches K; the rate of growth (dN/dt) approaches zero. 

There are a number of assumptions inherent in the use of 
the logistic equation to represent population growth. The 
first is that unless disturbed, population density will 
approach the carrying capacity (K) and then remain stable 
about it. In actuality, most populations fluctuate in density, 
even populations kept in the laboratory under constant envi- 
ronmental conditions. Another assumption is that the shape 
of the curve is symmetrical above and below the midpoint. In 
fact, few population systems, even in the laboratory, follow 
the trajectory predicted by the logistic equation. Rather, the 
importance of the equation is its contribution to theoretical 
ecology. It captures the most basic processes of population 
dynamics: exponential growth and the effects of factors that 
limit growth. Variations of the logistic equation have been 
explored by many individuals; indeed, it is the foundation of 
a large body of work in theoretical population ecology. A. J. 
Lotka in 1925 and V. Volterra in 1926 extended the logistic 
to describe both competition between species and 
predator-prey interactions. More recent applications include 
models of food webs and interactions between many species 
in a community. 


REGULATION OF POPULATION DENSITY 


Although no one doubts that competition for resources confers 
an upper limit on the growth of all populations, it seems clear 
that many populations of insects persist at densities far below 
any obvious carrying capacity. Furthermore, the densities of 
most species fluctuate within a fairly narrow range of values. 
For a population to remain at constant density, the birthrate 
must equal death rate. Each individual must on average replace 
itself with one surviving offspring. Indeed, for any species to 
persist over evolutionary time, the average birthrate must equal 
the average death rate, although these quantities may vary con- 
siderably from year to year. Organisms that experience high 
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mortality compensate by producing lots of young. For this 
fundamental reason, most population ecologists believe that 
most populations are stabilized by factors that are called den- 
sity dependent. Such factors influence birthrates or death rates 
in a way that varies systematically with density, such that 
populations converge to densities at which rates of birth and 
death are equal and the density is at equilibrium. Such factors 
act as a negative feedback system that is analogous to the 
regulation of room temperature by a thermostat. If densities 
rise above the equilibrium value, the death rate exceeds the 
birthrate and the population returns to equilibrium. If 
densities fall below the equilibrium value, the birthrate exceeds 
the death rate and the population increases. 

Predators, pathogens, and parasitoids usually cause mor- 
tality to insects that is density dependent. The proportion or 
percentage of the population killed by these factors varies 
systematically with density. An increase in the proportion 
dying with increasing density is called positive density depend- 
ence; a decrease in the proportion dying with increasing 
density is termed negative or inverse density dependence. A 
mortality factor is density independent when the proportion 
killed varies in ways that are unrelated to population density. 
Many abiotic factors, such as mortality due to subfreezing tem- 
peratures, act in ways that are density independent. Although 
many insect population ecologists focus on sources of mortality, 
density-dependent changes in fecundity may either lead to 
changes in density or serve to stabilize densities. Certainly, 
competition for resources is a density-dependent process that 
will stabilize a population at the carrying capacity, if other 
factors do not intervene at lower densities. 

For more than 50 years ecologists have debated whether 
population densities of most species are stabilized by such 
density-dependent factors. L. O. Howard and W. E. Fiske in 
1911 were the first to articulate the idea that populations 
cannot long persist unless they contain at least one density- 
dependent factor that causes the average fecundity to balance 
the average mortality. Other early proponents of this idea in 
the 1950s were A. J. Nicholson and D. Lack. In contrast, H. 
G. Andrewartha and L. C. Birch argued in 1954 that most 
populations are not held at equilibrium density. Rather, 
densities merely fluctuate. In their view, most species avoid 
extinction because they comprise what we now call meta- 
populations, that is, a series of subpopulations that are linked 
by dispersal but whose densities fluctuate independently of 
one another. Extinction of subpopulations occurs quite fre- 
quently, but these are recolonized by individuals dispersing 
from other subpopulations, thereby allowing the species to 
persist indefinitely over the entire region. In recent years 
metapopulation dynamics has been explored by way of com- 
puter simulations, and these have revealed that in the absence 
of density dependence, such systems eventually go extinct. 

The debate about the ubiquity of density-dependent 
processes has persisted despite the efforts of various ecologists 
to terminate the discussion either because it was bankrupt or 
because they deemed that prevalence of density dependence 
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was too obvious to deny. Many ecologists have insisted that 
no conclusion can be made regarding the existence of density 
dependence in a population system unless its action can be 
demonstrated statistically in data collected from the 
populations. This has proved difficult to achieve. Until 
recently, adequate methods for detecting density dependence 
in population systems have been lacking, and earlier methods 
are now known to be statistically flawed. Several new 
methods were proposed in the decade following 1985, most 
of which involved a variety of computer-based resampling 
procedures, such as the bootstrap. 


LIFE TABLES 


Population ecologists typically summarize their collected 
mortality data in life tables, which express the proportion of 
the insects that survive to successive instars or life stages. The 
proportion dying in each instar or life stage can be 
partitioned into components caused by different agents of 
mortality. Techniques for quantifying mortality in this way 
were pioneered in the 1960s by R. E Morris, who worked on 
spruce budworm, Choristoneura fumiferana, in Canada, and 
by G. C Varley and G. R. Gradwell in England, who studied 
the winter moth Operophtera brumata, a defoliator of oak 
trees in Europe. In 1960 Varley and Gradwell reported a 13- 
year study of winter moth survival to successive life stages at 
one site. They showed that predation on pupae was density 
dependent and was responsible for maintaining a low-density 
equilibrium. Their studies illustrated the benefits of 
collecting data on density, fecundity, and mortality from the 
same populations over many generations. They developed a 
graphical procedure known as key-factor analysis to identify 
the life stages or causes of mortality most responsible for 
observed fluctuations in density. In the winter moth system, 
the key factor was overwintering mortality. Subsequent work 
offered analytic procedures for key-factor analysis, but others, 
such as E. Kuno and T. Royama, noted statistical short- 
comings; as a result this procedure is rarely used. 

Mortality from parasitoids and disease is typically meas- 
ured by collecting a sample of hosts and dissecting them, or 
rearing them to determine the proportion that is parasitized 
or infected. This proportion, however, may or may not accu- 
rately reflect the total proportion of hosts attacked over a life 
stage or generation, since attack rates vary over time with the 
number of hosts available to attack and the number of adult 
parasitoids searching. In 1992 J. T: S. Bellows and colleagues 
reviewed the techniques that have been developed to convert 
proportion infected in samples to the summary values 
appropriate for life tables or for comparisons of parasitism 
between populations or treatments in a study. 


PREDATORS, PATHOGENS, AND PARASITOIDS 


Nearly all insect species are attacked by a suite of natural 
enemies and, as indicated earlier, these frequently act in a 


density-dependent manner that serves to maintain 
populations at densities well below the carrying capacity 
determined by resource limitation. Different natural enemies 
will attack different life stages. Predators are mobile 
organisms that feed on many prey. Predators of insects 
include many vertebrate and invertebrate species. Parasitoids 
are insects whose immature stages develop on or within a 
single host individual, usually killing it in the process. The 
majority of parasitoids belong to the order Hymenoptera or 
Diptera. Pathogens are microorganisms including viruses, 
bacteria, microsporidia, or fungi that infect a host and cause 
disease. Biological control focuses on the use of natural 
enemies to maintain the densities of pest insects at levels 
below that at which they cause damage. 

Density-dependent predation or parasitism may arise from 
two different sources: the numerical response and the func- 
tional response. The numerical response is an increase in the 
density or number of predators or parasitoids in response to 
increasing prey density. The numerical response can arise from 
increased reproduction or survival of predator or parasitoid 
offspring induced by increases in prey availability, or it can 
arise from an aggregative response whereby predators and 
parasitoids are attracted to sites with high densities of prey. 

The functional response is an increase in the number of 
prey taken per predator or parasitoid at increasing prey density. 
Important contributions to the understanding of the 
functional response were made by C. S. Holling beginning in 
1959. In laboratory experiments, Holling presented individual 
predators with different numbers of prey. He showed that the 
number of prey consumed over a specified time interval 
increased with number of prey available, but at a decreasing 
rate towards an upper maximum (Fig. 3A). This effect is 
caused by an upper limit in the predator's capacity for 
consumption and by the increasing proportion of time 
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FIGURE 3 Number of prey consumed per predator and the corresponding 
proportion consumed for type II (A, B) and type III (C, D) functional 
responses. [Adapted from Holling, C. S. (1965). Mem. Entomo. Soc. Can. 
45, 3-60.] 


devoted to handling the large number of prey at the expense of 
time spent searching for prey. Above this limit, further 
increases in prey density will not cause higher consumption. 
The proportion of prey consumed plotted versus prey density 
steadily declines (Fig. 3B), illustrating that the functional 
response is inherently inverse density dependent. Without a 
numerical response, predators and parasitoids are unlikely to 
stabilize a host population. Further work by Holling showed 
that under some important conditions, the functional response 
can lead to positive density-dependent predation. Whenever 
increases in prey density result in some change in the foraging 
behavior of the predator or parasitoid, such that foraging 
becomes more efficient or efforts are concentrated on the 
particular prey species, the number taken will accelerate with 
increasing host density (Fig. 3C), and the proportion taken 
will increase (Fig. 3D) over the lowest range of prey densities. 
Holling termed this a type III functional response in contrast 
to type II, which is the continuous decline in proportion taken 
evident whenever there is no change in foraging behavior in 
response to changes in prey density (Fig. 3A,B). Holling 
demonstrated a type III response for shrews foraging for sawfly 
pupae. He envisioned type III responses to be characteristic of 
vertebrate predators, which have a relatively high capacity for 
learning and behavioral change. However, the type III 
functional response has subsequently been demonstrated. in 
many insect predators and parasitoids. 

Specialist or monophagous natural enemies are those that 
attack a single host species. Oligophagous natural enemies 
restrict their attacks to a closely related group of species. 
Generalist or polyphagous natural enemies attack a wide 
range of host species. The distinction is important because 
generalists and specialists typically respond very differently to 
changes in host density. Specialists are most likely to exhibit 
a numerical response to changes in density of their prey 
because they depend on no other food sources and their 
seasonal development is closely linked with that of their prey. 
Generalists may exhibit little or no numerical response, 
because they depend on many types of prey and may shift 
from one prey to another, depending on which species are avail- 
able. In fact, it is very common for many natural enemies, 
especially generalists, to exhibit inverse density dependence, 
wherein mortality declines as prey density increases. Such 
mortality cannot stabilize prey densities unless accompanied 
by a numerical response. 

Many systems exhibit complex density dependence; for 
example, mortality from particular natural enemies may switch 
from positive to negative as host density increases. Thus, bird 
predation on forest-dwelling caterpillars that is density 
dependent at the lowest density may shift to inverse density 
dependence as the densities exceed the capacities of the 
predators to respond numerically and the functional response 
approaches the upper limit of prey consumption. Under such 
conditions, the prey densities may “escape” into an outbreak 
phase, which is characteristic of a few species. Outbreak 
populations are typically subject to a different suite of density- 
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dependent factors, such as viral diseases and starvation, which 
become major sources of mortality only when densities are 
high. These factors can maintain populations at a high-density 
equilibrium, but more frequently they cause the collapse of 
populations back down to a low-density, endemic phase. In 
contrast, generalist predators, which might consume the 
majority of prey individuals at low density, are likely to 
consume a tiny fraction of the population at high density even 
though they are attacking the same or higher numbers of prey 
individuals at these high densities. 

In 1976 T. R. E. Southwood and H. N. Comins proposed 
a “synoptic model” as a general feature of insects that occa- 
sionally go into an outbreak phase (Fig. 4). Earlier expressions 
of this idea can be found in the writings of R. E Morris and 
R. M. Campbell. The model is depicted by plotting Ro, the 
net reproductive rate, against density. At intermediate 
densities in the “natural enemy ravine,” density-dependent 
mortality caused by natural enemies maintains the population 
at equilibrium (Ry=1). The natural enemy ravine separates 
two “ridges,” one at high and one at low density, where mor- 
tality is lower and population densities increase. At very high 
density, other mortality factors such as starvation and disease 
cause the populations to collapse. At the extremes of low 
density, an “Allé effect” comes into play, caused by the failure 
of individuals to find mates and reproduce. Populations in 
this range decline inexorably to extinction. Such low densities 
are infrequent in most natural populations. 


POPULATION MODELS 


Theoretical ecologists have developed numerous population 
models to study the effects of natural enemies on their prey. 
Much insight has been gained from simple mathematical 
expressions that relate prey density to that of changes in 
density of specialist predators or parasitoids. One approach, 
pioneered by A. J. Lotka and V. Volterra in the 1920s, 
entailed a simple modification to the logistic equation by 
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adding a term that represents prey consumption on densities 


of both host and predator: 
dN 


ee rN —k,PN 
and 
a =—1r,P + k,PN 


where N and P are the respective densities of host and 
predator, and the rates of population growth are given by 
dN/dt and dP/dt. In the first equation, the first term 
represents exponential growth of the host (7) in the 
absence of the predator, whereas in the second equation, the 
first term represents exponential decline in the predator 
(-r,P) in the absence of the host. The second term in each 
equation represents the effects of predation, which is 
determined by the encounter rate of host and predator and is 
proportional to PN. The constant &, is a measure of the 
ability of prey to escape predators, and &, is a measure of the 
ability of predators to capture the prey. The model predicts a 
predator-prey oscillation (Fig. 5A). The changes in density of 
the predator or parasitoid lag behind those of its host. The 
highest rates of attack on the host occur at peak predator 
density, which is observed after the host population density 
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FIGURE 5 (A) Predator—prey oscillation as predicted by a Lotka—Volterra 
model and (B) Host-parasitoid oscillation of the Azoki bean weevil in 
laboratory culture. [From Krebs (2001), adapted from Utida, S. (1957). 
Ecology 38, 442-449. ] 
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has declined. Plotting percent mortality from the predator or 
parasitoid against host density would not reveal a consistent 
pattern of positive density dependence, even though the 
predator or parasitoid is clearly maintaining the host within 
a narrow range of density. This type of response is termed 
delayed density dependence. In the 1990s, P. Turchin and 
others developed new statistical methods based on time-series 
analysis for detecting delayed density dependence in annual 
census data. Laboratory studies of predator—prey interaction 
frequently show such predator-prey oscillations (Fig. 5B). 

A different class of models appropriate for parasitoids and 
host populations with discrete generations was initiated by 
W. R. Thompson in 1924 and by A. J. Nicholson and V. A. 
Bailey in 1935. These models were difference equations, in 
contrast to the differential equations of the Lotka—Volterra 
type. The general form of the model expresses host or prey 
density NV in generation ¢ + J as follows: 


Nua = AN, fWN,P,) 


Here A is the rate of increase per generation of the host in the 
absence of parasitism and f(V,,P,) is the proportion of hosts 
surviving parasitism in the preceding generation (t). 
Similarly, the number of parasitoids in the next generation 
P,,1 is given by 


Put = cN [1 -f(NpP,)| 
where (1 — f(NV,,P,) is the proportion of hosts attacked by 


parasitoids in generation ¢ and c is the number of surviving 
parasite progeny produced per parasitized host. The notation 
CN, P,) stands for any function of N, and P,. Variations in the 
model involve incorporating different factors into f(N,,P,). 
The simplest version for f(NV,,P,), proposed by Nicholson and 
Bailey, assumes that all hosts are equally likely to be attacked 
and that parasitoids search at “random,” such that the 
proportion of hosts that escape is given by the zero term of 
the Poisson distribution. This model predicts that hosts and 
parasitoids will experience density oscillations of ever- 
increasing amplitude until both go extinct. Obviously, this 
does not occur routinely in nature. 

In the 1960s, M. P. Hassell, R. M. May, and colleagues began 
an exploration, extending over several decades, of the various 
factors that would stabilize host—parasitoid interactions in 
models of this type. These factors included mutual interference 
of parasitoids, patchiness of hosts or parasitoid attacks, and 
variation in host susceptibility. For example, Fig. 6 illustrates 
how an increase in the magnitude of mutual interference 
between parasitoids will reduce parasitoid efficiency at high host 
density and thus stabilize the system. When mutual interference 
is low (Fig. 6A,B), or absent altogether (77 = 0, as in the original 
Nicholson—Bailey version), the model oscillates with increasing 
amplitude and both host and parasitoid go extinct. Other factors 
such as patchiness in parasite attacks have a similar effect. 

The models described so far are relatively simple. They 
contain a small number of parameters or variables and leave 
out much of the known biology of the host and its natural 


Preface 


In 1996 when the world wide web was still very young, I launched the first and most 
detailed website ever describing the practical skills of electronic soldering, and my Basic 
Soldering Guide quickly became the #1 web site of its kind in the Google search engine. 


Thanks to its in-depth reference text and the unequalled high-quality close-up 
photography showing soldering step by step, many quickly learned the essential stages 
needed to make a solder joint successfully. Even novices who had never tried soldering 
before, gained the skills and confidence needed to acquire this skill. 


My Basic Soldering Guide became a key go-to online guide for soldering, and I’ve 
enjoyed receiving encouraging feedback ever since from the likes of the US Air Force, US 
Marines, US Coastguard, Honeywell trainers, Atomic Energy authorities, Australian 
aeronautical suppliers, UK colleges and universities, trainees and many more around the 
world. 


In association with Antex (Electronics) Ltd., the leading UK manufacturer of 
electronic soldering equipment, I’m delighted to bring you this updated Basic Soldering 
Guide containing over 80 all-new colour photographs, more background, more detailed 
information and lots more practical hints and tips. 


I’ve revisited various areas of the guide and refreshed them, taking onboard readers’ 
queries and nearly 17 years of online feedback, experiences and answering reader’s 
questions. With the help of all-new photography, I’m sure you’ll master the skills needed 
to solder electronics successfully using this updated guide. 

I welcome feedback and comments, and readers can reach me via my website 
www.alanwinstanley.com or Email me at alan@epemag.demon.co.uk 


Alan Winstanley 
July 2013 


A m-03 
o-—— host 
@— parasite 









Log host ond porasite densities 


Fa ee a | 
fe) 5 10 15 26 25 30 35 
Generations 


FIGURE 6 Stabilizing effects of mutual interference (m) between parasitoids 
on models of the Nicholson—Bailey type. [From Varley et a/. (1973); adapted 
by permission from Hassell, M. P., and Varley, G. C. (1969). Nature 223, 
1133-1137, copyright 1969 Macmillan Publishers Ltd.] 


enemies. Theoretical ecologists focus on such models because 
they can be analyzed by a variety of mathematical tools and can 
be used to address questions of general ecological significance. 
They hope that the models capture the essential features of the 
systems they represent. Applied ecologists, in contrast, are 
often drawn to more complex models, because they wish to 
understand the complex interplay of environmental and biotic 
variables that account for the density fluctuations of particular 
species of interest. With modern computers, there is virtually 
no limit to the complexity that can be built into such models, 
but this does not mean that the resulting simulations will 
necessarily be useful or revealing. Many highly complex 
models constructed in the 1970s, when high-speed computers 
first became widely available, were abandoned because they 
failed to accurately predict the behavior of the systems they 
represented and were too complicated to understand. Many 
ecologists have advocated models of intermediate complexity. 


COMPETITION AND TROPHIC INTERACTIONS 


When resources are limiting, intraspecific competition 
prevents growth of a population beyond the carrying capacity 
of the habitat. Interspecific competition occurs when two or 
more species compete for the same resource. Ecologists have 
long appreciated the importance of interspecific competition 
in shaping community structure and the interaction between 
species. Models of competition developed in the 1920s by 
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Lotka and Volterra, analogous to those for predation, predicted 
that when two species compete for the same resource, under 
most conditions one species will win out and the other will go 
extinct. This phenomenon, which became known as 
competitive exclusion, was readily demonstrated in laboratory 
populations by G. E Gause in the 1930s with microorganisms, 
and by T. Park and associates in the 1950s with flour beetles 
(Tribolium spp.). Coexistence occurs only when species do not 
overlap completely in their use of resources. To put it another 
way, two species cannot coexist if they occupy the same niche. 
Clear examples of competitive exclusion of insects in the field 
are harder to come by. Most examples involve introductions of 
insects to regions outside their native range. For example, the 
Argentine ant Linepithema humile has been introduced to 
many regions of the world and has outcompeted and excluded 
many native ant species. In California around 1900, biological 
control introductions of Aphytis parasitoids of California red 
scale, Aonidiella aurantii, resulted in the establishment on 
citrus of Aphytis chrysomphali. After further introductions in 
the 1940s and 1950s, this species was displaced by A. 
lingnanensis, which in turn was displaced by A. melinus in the 
hot interior, but not the coastal, regions of southern California. 

In many other systems, however, different insect species 
coexist, even though they appear to use the same resource in 
the same way. For example, in 1981 J. H. Lawton and D. R. 
Strong examined the various coexisting herbivores of bracken 
fern and found no evidence for competition. A famous 
experiment in the rocky intertidal habitat reported by R. T. 
Paine in 1974 suggested a general explanation. The intertidal 
community consists of various species of filter feeders (e.g., 
barnacles) and other invertebrates that coexisted, even though 
they competed intensely for space on the rock surfaces. Paine 
removed starfish, the top predator in this system, and as a 
result, one species (a mussel) outcompeted and excluded all the 
other invertebrates and took over the site. Paine termed the 
starfish a keystone predator, meaning that it had dominant 
effect on the number of species present in the entire 
community. The implication was that such predators in many 
communities prevent competitive exclusion among their prey 
by maintaining densities below the level at which competition 
would cause one species to predominate. 

Population and community ecologists frequently portray 
the interaction of organisms in a community in terms of 
trophic levels or food webs. At the bottom trophic level are the 
primary producers, the green plants that use photosynthesis to 
sequester energy from the sun. The next trophic level is 
occupied by herbivores that feed on the plants. Carnivores that 
feed on the herbivores or on other carnivores occupy higher 
trophic levels. A typical food web involving insects on collard 
plants is illustrated in Fig. 7. 

An influential paper by N. G. Hairston and colleagues in 
1960 proclaimed that the importance of competition for 
resources, as opposed to regulation by natural enemies, varies 
with trophic level. These authors proposed that densities of 
primary producers are typically governed by competition for 
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FIGURE7 Schematic of arthropod food web in collards. [From Price, P. W. (1984). Jn “Ecological Entomology” (Huffaker, C.B., and Rabb, R. L., eds.), pp. 20-50. 
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light, nutrients, or water. Herbivores, on the other hand, are 
typically regulated by their natural enemies at densities well 
below carrying capacity, so that competition for resources is 
unimportant. In contrast, carnivores typically limit the 
densities of their prey and thus are regulated by competition 
for resources. Regulation of population density by natural 
enemies has been termed “top-down” control. Regulation by 
way of competition for resources or by other interactions 
between an animal and its food supply has been termed 
“bottom-up” control. 

The generalizations of Hairston and colleagues were widely 
criticized and many obvious exceptions exist, but variations on 
this idea have persisted. More recent versions have included 
effects of several levels of carnivores and other factors such as 
community productivity or environmental stress. Experimental 
manipulations, particularly in aquatic systems, have provided 


support for the general idea in the form of trophic cascades. 
For example, in 1990 M. E. Power reported the experimental 
exclusion of top carnivores (large fish) from a food web in a 
California river. The results were a 10-fold increase in smaller 
fish and predatory insects that in turn caused an 80% decrease 
in herbivores (larval chironomid midges) and a 3- to 120-fold 
increase in the primary producers (algae). These results were 
the opposite of those predicted by Hairston and coworkers 
because there were four trophic levels, instead of three. 
Omnivores that feed simultaneously on several trophic levels 
complicate our understanding of most natural food webs. 
Research in several agricultural crops shows that intraguild 
predation can cause counterintuitive effects of predators on 
herbivorous insects. For example, in 2001 W. E. Snyder and A. 
R. Ives showed that carabid predators in alfalfa feed on pea 


aphids. Since, however, they feed even more heavily on the 


aphid “mummies” that contain parasitoids of pea aphids, their 
net impact is to increase aphid densities. 

The relative importance of top-down versus bottom-up 
regulation of herbivores has been debated for several decades. 
A review of population studies by D. R. Strong and colleagues 
in 1984 concurred with Hairston and colleagues that 
competition among most insect herbivores was rare, because 
herbivore densities were typically kept far below carrying 
capacity by natural enemies. More recent reviews (e.g., by R. 
Denno et al. in 1995) have challenged this view. One issue is 
that many plants have sophisticated chemical defenses and 
many plant parts, such as foliage, are nutrient poor. Many 
herbivores consume specialized plant parts that are either 
nutrient rich (e.g., seeds) or are poorly defended (e.g., new 
leaves). Competition for these resources may be intense. 
Furthermore, plants influence both the survival and fecundity 
of herbivores in many subtle ways. For example, all herbivores 
disperse and must locate suitable host plants; failure to find 
host plants may be a dominant source of mortality and may 
vary from one habitat to another. Spring-feeding foliage 
feeders must synchronize their emergence with that of host 
foliage; failure to synchronize may cause mortality or may 
reduce fecundity because of consumption of inadequate or 
poor-quality foliage. Such factors are rarely documented in life 
table studies. For most insect herbivores, a mixture of top- 
down and bottom-up forces determines density. 


TEMPORAL PATTERNS OF FLUCTUATION 


Density fluctuations, whether they are large or small, may 
occur at erratic or at regular intervals. Simple population 
models of predators and prey or laboratory studies, as already 
discussed, often exhibit regular oscillations. Evidence, 
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however, for regular oscillations in nature is rare. The density 
of most species fluctuates erratically (Fig 8). This is not 
surprising because the density of most species is influenced 
by weather conditions in a multitude of ways. Except for 
obvious regularity of seasonal variation, weather conditions 
vary from week to week and year to year in ways that are 
mostly erratic. Furthermore, most species are influenced by a 
large suite of natural enemies. Predator—prey oscillations, 
such as those that occur in simple theoretical models or 
simple laboratory systems, become erratic and irregular when 
many natural enemies are involved. 

Although the density fluctuations of most species are 
erratic, there are a few that exhibit regular cycles of abun- 
dance, similar to what is observed in laboratory populations 
or in theoretical models. For many others it is not obvious 
whether the fluctuations are or are not regular. For example, 
which of the insects in Fig. 8 have a regular component in 
their fluctuations, and what is the cycle period? Time-series 
analysis provides the statistical tool to answer these questions. 
Perhaps the most famous example among insects of regular 
cycles is that of the larch budmoth, Zeiraphera diniana, an 
insect that periodically defoliates larch forests in the 
European Alps (Fig. 9). The defoliator reaches peak density 
at 8- to 9-year intervals and seems to increase or decrease 
exponentially in the intervals between (linear on a log scale, 
as in Fig 1B). The changes in budmoth density were associated 
with increases in both parasitism and mortality from a virus 
disease in what looked like a classic case of delayed density 
dependence. In 1981 R. M. Anderson and R. M. May 
proposed a host—pathogen model for this system that has 
served as a template for similar models of other insect 
host—pathogen systems. Anderson and May believed that the 
pathogen alone could account for the regular cycles. Other 
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FIGURE 8 Sixty years of density fluctuations (plotted on a log scale) of four forest Lepidoptera in Europe. [From Varley e¢ al. (1973); adapted from 
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FIGURE 9 Regular cycles of larch budmoth density in the European Alps. 


[From Speight et al. (1999); adapted from Baltensweiler (1964). Canad. 
Entomol. 96, 792-800.] 


data suggested that effects of defoliation on host plant qual- 
ity, as well as genetic variation in the budmoth itself, may also 
account for the density oscillations. This famous example 
illustrates the difficulty in distinguishing cause from effect in 
the confluence of bottom-up and top-down forces that 
account for cyclic behavior in some population systems. 
Prior to the 1970s, ecologists assumed that erratic 
fluctuation evident in most populations was caused by erratic 
weather conditions or other sources of randomness. They 
assumed that the density fluctuations embodied in mathe- 
matical models or in simple laboratory populations would 
have simple dynamics. Densities of such systems would either 
remain at equilibrium or exhibit regular oscillations about the 


A a=3.0: equilibrium 
1 








> 087 
2 
oO 0.6 + 
§ 04, 
a 0.2 4 
0 1 r 1 








0 10 20 30 40 


Generation 








C az=3.5: 4-point cycle 
1 
> 0.8 1 %etetetetetetetete? 
a 06-4 
¢ Si A A A A A A A 
© 04744444 4% ¢ ¢ 4 
Oo 024 
0 i T T 








0 10 20 30 40 
Generation 


equilibrium value, as in all the examples given earlier (Figs. 5, 
6). The pioneering work on deterministic chaos by R. M. May 
in 1974 taught us otherwise. May studied the behavior of 
versions of the logistic equation appropriate for organisms with 
discrete or nonoverlapping generations (Fig. 10). There is a 
family of such models, of which the simplest is 


Xiu = aX, — aX; 


where a is reproductive rate analogous to 7 of the continuous 
logistic, and X, is density in generation ¢ as a proportion of 
the carrying capacity K (i.e, X, = N/K). When the 
reproductive rate was low (Fig. 10A), the population remains 
at equilibrium. At higher values of a, the system alternates 
between high and low values, a pattern known as a 2-point 
cycle (Fig. 10B). As a increases further, the system shifts to 4- 
point (Fig 10C), and then 8-point, ..., 2” cycles. Above a = 
3.57 however, an entirely new behavior, the chaotic regime, 
prevails, and densities fluctuate erratically without ever 
repeating themselves (Fig. 10D). These results had profound 
implications. They suggested that the erratic behavior 
characteristic of most natural populations (e.g., Fig. 8) might 
be due to the inherent mathematical properties of the inter- 
action with natural enemies and other density-dependent 
effects, instead of resulting from random forces such as weather. 

There ensued an effort to determine whether natural 
populations were indeed chaotic. Early studies concluded that 
most populations were not chaotic. These were based on 
attempts to fit natural populations to simple models and then 
to see whether the values of model parameters representing, 
for example, density dependence, time delays, or reproductive 
rate would elicit the expectation of chaotic behavior. The 
problem was that the conclusion depended on the particular 
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FIGURE 10 Density of a hypothetical population plotted versus time for a version of the logistic equation appropriate for insects with discrete generations 
under different values of the reproductive rate a illustrating (A) a steady state, (B) a 2-point cycle, (C) a 4-point cycle, and (D) chaos. [Adapted from May, R. 


M. (1976). Nature 261, 459-467.] 





FIGURE 11 Spread of the cassava green mite from its point of introduction 
near Kampala in 1971. [Reproduced from Yaninek, J. $., de Moraes, G. J., 
and Markham, R. H. (1989). “Handbook on the Cassava Green Mite 
(Mononychellus tanajoa) in Africa: A Guide to Its Biology and Procedures for 
Implementing Classical Biological Control.” International Institute of 
Tropical Agriculture, London.] 


model used, which was always a simplistic abstraction of the 
inevitably complicated dynamics of real populations. 
Subsequent investigators offered techniques that were more 
general and free of assuming particular population models. 
Applications of these techniques have indicated that some 
population systems are chaotic, but most are not. 
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SPATIAL PROCESSES 


Species that are introduced into new habitats will spread from 
the point of introduction to surrounding areas in a pattern that 
frequently resembles concentric rings (Fig. 11). Theoretical 
population biologists, beginning with J. G. Skellam in 1951, 
have developed models of population spread that couple 
processes representing population growth with that of dispersal. 
Dispersal is typically modeled as a random movement process 
that is analogous to molecular diffusion. These models typically 
predict that the leading edge of the infestation forms a traveling 
wave that moves across the landscape at a constant speed in any 
given direction. As illustrated in Fig. 11, speed of movement 
will in fact vary markedly in different directions with 
differences in prevailing winds or with the presence of barriers 
such as the Sahara Desert. 

Density fluctuations of different populations of the same 
species frequently exhibit spatial synchrony, meaning that den- 
sities go up and down together over a large region, as illustrated 
by gypsy moth Lymantria dispar, in the northeastern United 
States (Fig. 12). Since there are several possible causes of spatial 
synchrony, including dispersal of animals between populations, 
increases in density in one population will produce emigrants 
that trigger increases in surrounding populations. By far the 
most common cause of spatial synchrony, however, is the Moran 
effect, named after the individual who studied the synchrony 
of lynxes and hares in boreal Canada. In 1953 P. A. PB Moran 
showed mathematically that the density fluctuations of two or 
more populations will synchronize, provided they are governed 
by the same factors, such as the same natural enemies and are 
also influenced by some common factor such as the weather, 
which varies from year to year in the same way on a regional 
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FIGURE 12 Spatial synchrony of gypsy moth populations in the northeastern United States. [Adapted from Campbell, R. W. (1981). Jz “The Gypsy Moth: 
Research Toward Integrated Pest Management” (Doane, C.C., and McManus, M.L., eds.), USDA For. Serv. Tech. Bull. 1584, pp. 65-86.] 
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spatial scale. The important point is that although variations in 
weather may cause spatial synchrony, we should not infer that 
weather is also responsible for fluctuations in density, which 
might typically be caused by interactions with predators, 
pathogens, and parasitoids. 


CONCLUSION 


Population ecology forms the theoretical foundations upon 
which management of insects is based. Much has been learned 
from the development of mathematical models of population 
systems, studies of laboratory populations, analyses of data from 
natural populations, and experimental manipulation of 
populations in the field. Despite decades of research, we are still 
far from understanding the population dynamics of most 
insects, even those such as gypsy moth or spruce budworm, 
which have been studied by several generations of researchers. 
Although various individuals have proposed theories to account 
for the dynamics of these species and have collected supporting 
data, rigorous demonstrations that these theories are correct 
elude us. For most insect species we have neither theories nor 
data to account for their population dynamics. The reason for 
this state of affairs is that it is extremely difficult to accurately 
measure the density of natural populations, especially when 
densities are low, and even more difficult to measure the impact 
of various factors causing mortality or variation in fecundity. 
Each insect and its natural enemies are embedded in a web of 
interactions whose intricacies must be disentangled. To 
understand how these intricacies vary over time, such 
information must be gathered for decades and coupled with 
experimental manipulations, that are often prohibitively 
expensive to conduct. The financial and human resources 
necessary to conduct such research are rarely assembled. 
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P redators are animals that must consume more than one 
individual of another animal to complete their life cycle. 
Under this definition, the predatory habit occurs in a wide 
range of insect groups. Some orders, such as Odonata and 
Neuroptera, are wholly or predominately predaceous. Other 
orders contain large numbers of species that are predatory, 
such as Hemiptera, Coleoptera, Mecoptera, Diptera, and 
Hymenoptera. Even a few species in the orders Epheme- 
roptera, Orthoptera, Plecoptera, Thysanoptera, Trichoptera, 
and Lepidoptera are predaceous. This article emphasizes the 
diverse ways in which predaceous insects live. 


MODES OF PREDATION 
Hunting 


Many insect predators carry out active hunting. The adults of 
tiger beetles (Cicindellidae), ground beetles (Carabidae), and 
many ants (Formicidae) actively run over the ground to capture 
prey. Many walking or crawling predators, including ladybird 
beetles (Coccinellidae), lacewing larvae (Chrysopidae), and 
syrphid fly larvae (Syrphidae), feed on sedentary insects such as 


aphids and scale insects. Other insect predators are agile flyers 
and actively snatch insects out of the air. Dragonflies and 
damselflies (Odonata) have large eyes and strong wings and 
feed mainly on mosquitoes and other small flying insects. 
Robber flies (Asilidae) also catch their prey on the wing, but 
will often tackle and subdue insects at least their own size, 
even bees and wasps. Their legs are very strong and they have 
piercing mouthparts to suck up prey juices. Other insects, 
such as many social wasps (Vespidae), pluck insects from the 
ground or vegetation while flying. 

Many predaceous insects live in fresh water and pursue prey 
by swimming. The giant water bugs (Belostomatidae) are 
excellent swimmers and often capture and subdue small fish 
and tadpoles. Backswimmers (Notonectidae) hang ventral side 
up at the water surface and dart after aquatic organisms using 
powerful, oar-like hind legs. The diving water beetles (Dytis- 
cidae) are also voracious predators that actively capture prey 
under water. Water striders (Gerridae) are true bugs that skim 
over the water surface and prey on small organisms that fall 
from above. Whirligig beetles (Gyrinidae) also hunt on the 
water film, but sometimes dive below the surface. Each eye is 
a double structure, with half adapted to seeing above the 
surface and the other half below. 

Other active hunters are less visible. A large number of 
beetle and fly larvae, as well as immature insects from other 
orders, prey on small organisms by burrowing through soil, 
wet ground, rotting logs, or other vegetation. The immatures 
of many horse flies and deer flies (Tabanidae), for instance, are 
predaceous on organisms in moist soil and water. The larvae 
of some common midges (Chironomidae) feed on other 
organisms in the mud at the bottom of ponds or along its 
margins, as do the larvae of some crane flies (Tipulidae). Click 
beetle larvae (wireworms, Elateridae) are generally plant or 
detritus feeders, but some are predatory in soil or rotting logs. 


Stalking and Ambush 


Many predaceous insects subdue active prey, but not by hunting, 
These are the ambush predators or slow-moving stalkers. Many 
have special adaptations to efficiently capture prey. Praying 
mantids (Mantidae) have large, grasping forelegs, superbly fitted 
for grasping and holding prey, and remain motionless on 
vegetation until an insect comes near enough that they can 
strike out with their forelegs. A number of the true bugs also 
capture prey this way, including assassin bugs (Reduviidae), 
Nabidae, and ambush bugs (Phymatidae). Dragonfly and dam- 
selfly nymphs are successful ambushers that live in water. 
Their labium, or lower lip, is modified as a grasping tool that 
can be rapidly shot out to impale an insect, tadpole, or small 
fish. Tiger beetle adults are hunters, but their larvae dig 
vertical burrows in the ground and wait with their heads 
plugging the entrance. Such larvae grab small organisms 
walking near the burrow. They have back spines that help 
anchor them so they are not pulled out. After capture, the 
prey is dragged to the bottom of the burrow and devoured. 
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Trapping 


Insects that trap their food are similar to ambush predators, but 
go a step further and use inanimate materials to help snare their 
prey. The ant lions (Myrmeleontidae) are the larvae of insects in 
the order Neuroptera that as adults look somewhat like 
damselflies. Larvae burrow into sand and form conical pits. 
Small, walking organisms, such as ants, fall into these pits and 
have difficulty escaping because of the loose material of the 
walls. In addition, the ant lion at the bottom actively tosses its 
head to remove sand dislodged by the victim. When the prey 
falls to the bottom, it is grabbed in the long mandibles of the 
predator, dragged under, and sucked dry. Some snipe fly larvae 
(Rhagionidae) build similar pits and capture prey the same way. 

A few larvae of fungus gnats (Mycetophilidae) capture 
prey by secreting webs of mucilaginous materials in moist 
locations, such as beneath rocks, under bark, or in caves. In 
New Zealand caves, individuals of Arachnocampa luminosa 
not only spin webs that hang from cave ceilings, but also 
glow to attract adults of chironomid midges that breed in the 
water below. The colonies of the gnats are tourist attractions, 
and the ceilings of the caves are covered with pinpricks of 
light reminiscent of starry nights. 


Provisioning 


Solitary wasps in the families Vespidae, Sphecidae, and related 
families are often provisioners—the adult females capture prey 
that they paralyze with a sting and place the prey in a closed cell 
along with an egg. The larva that hatches feeds on the enclosed 
prey until fully developed. Different provisioner species 
specialize on different prey and construct different kinds of 
cells. For instance, the mud-dauber sphecid wasp, Sceliphron 
caementarium, constructs cells out of mud and provisions these 
with spiders. Ammophila, another sphecid, constructs cells by 
burrowing into the ground and stocks them with caterpillars. 
Others may burrow into wood or plant stems. Prey species vary 
from aphids to grasshoppers, true bugs, caterpillars, or spiders. 
Such provisioning wasps as the cicada killer, Sphecius speciosus, 
stretch the definition of predator. The female usually places one 
paralyzed cicada per underground cell, but sometimes she puts 
in two. Thus, the resulting progeny are sometimes parasitoids 
that can complete development on one host individual and 
sometimes predators that consume more than one prey. 


Host Feeding 


This is another behavior that blurs the line between parasitoids 
and predators. Host-feeders are female adult hymenopterous 
parasitoids, especially of the family Pteromalidae, that feed on 
host fluids oozing out of oviposition wounds. Such females 
host-feed to obtain protein for egg maturation. In many cases 
the host is parasitized as well. But some parasitoids have 
developed a habit of host-feeding without oviposition, and in 
some cases the host (which in this case becomes the prey) may 
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die from excessive feeding. Some parasitoids even use fast- 
drying fluids secreted from the base of their ovipositors to 
construct “feeding tubes” from a concealed prey to the surface 
through which host fluids can be drawn up. 


Mass Foraging 


There are many social insects, primarily wasps and ants, that 
actively hunt prey for food. Most of these do so as 
individuals, capturing small prey and returning directly to 
the nest. But some ants are able to overcome vertebrate and 
large invertebrate prey. These are the mass foragers, the army 
ants and driver ants. These ants move over the ground in 
large swarms or columns and subdue prey, such as large 
scorpions and lizards, that other ants cannot. They also 
devour many small arthropods and deplete an area of prey so 
rapidly that they must frequently move from one nest site to 
another. The army ants of the New World tropics and the 
driver ants of Africa have been depicted in fiction as very 
dangerous predators that may even threaten humans. While 
it is possible that penned animals may be killed, the ants are 
not generally dangerous. The swarm front or hunting 
column moves forward only relatively slowly, and it is easy to 
step out of the way. In fact, a swarm of army ants removes 
vermin as they raid through a house and may be beneficial, 
so long as the house is unoccupied while the ants are there. 


Deception and Predation 


Some insect predators use deceptive practices. Firefly (Lam- 
piridae) adults use bioluminescence to attract mates. Each 
species has a set of recognition flashes that are exchanged 
between flying males and the sedentary and often wingless 
females. If the sequence is correct, a male is guided to a 
receptive female. However, the females of some species mimic 
the recognition flashes of other species and so lure fooled 
males to their death. 

Perhaps some of the most sophisticated deceptive preda- 
tion practices occur among the insects that live in or near ant 
nests. These “ant guests” or “myrmecophiles” may survive by 
stealing food from ants by soliciting, but many are also 
predators. To be successful they must deceive the ants into 
accepting or at least tolerating them. Some of these predators 
live on the periphery of nests and prey on foragers that they 
encounter. The reduviid Acanthaspis concinnula fools ants by 
placing the bodies of its prey on its back. Another reduviid, 
Ptilocerus ochraceus, secretes “tranquilizing” attractive sub- 
stances from trichomes on its abdomen that apparently 
subdue ants long enough for the bug to kill them. 

Other insects, particularly beetles of the family Staphylin- 
idae, live in the brood chambers of ants, where, among other 
things, they prey on ant larvae. Most of these predators 
apparently use chemical subterfuge to gain entry and stay in 
the brood chambers. Apparently, the chemicals mimic recog- 
nition substances produced by the ant brood. In fact, ants may 


pay more attention to the larvae of the beetles than they do to 
their own larvae. Some lycaenid butterfly larvae also have this 
habit. Early instars of these caterpillars live on plants and 
secrete attractive substances that ants collect. Larger caterpillars 
move to the brood chambers where they prey on ant larvae. 


BEHAVIORAL ECOLOGY AND PREDATORS 


Behavioral ecology is a field in which actions and movements 
of individual organisms are studied in order to understand 
interactions and impacts between organisms and their environ- 
ment. Predaceous insects are often used as subjects in behav- 
ioral ecological studies because they are numerous, generally 
have a limited number of responses, and are small enough to 
be easily manipulated and yet large enough for easy observa- 
tion. For instance, numerous studies have investigated how the 
number of prey eaten by a predator varies as prey numbers 
change. These functional responses usually show an increased 
tendency of predators to devour more prey as the number of 
prey individuals increases until the predators become satiated, 
so that the number of prey eaten increases rapidly at first as 
prey numbers increase and then becomes steady. However, 
backswimmers (Notonectidae), which feed on a variety of prey, 
may switch from one prey type to another as the latter become 
more abundant. In such a case, the functional response is S 
shaped, at first starting out slowly and then increasing rapidly 
until slowing again at high prey numbers. Such S-shaped, or 
sigmoid, functional responses are usually more typical of 
vertebrate predators than insects. 

An important aspect of behavioral ecology has to do with 
searching by organisms in areas that contain various amounts 
and quality of food. Many predators, such as ladybird beetles 
(Coccinellidae), aggregate in places containing many prey. 
Finding the most profitable way in which a predator can 
divide its time between encountering prey within an area of 
prey abundance and searching for other concentrations of 
prey is an exercise in optimal foraging theory. Predators such 
as backswimmers (Notonectidae) have been found to do this 
rather well. The actual time they spend foraging in an area 
varies with prey abundance in a way that is close to optimal. 

Ants have been used to investigate the kind of prey searching 
called center place foraging. In this situation, an organism 
departs and returns to a fixed location, often a nest, during a 
foraging session. Studies of ant foraging show that a center place 
forager often restricts its searching to only part of the available 
area, foraging in different areas at different times. Also, such for- 
agers often do not search near the nest, but only at some distance 
from it. Both these characteristics may increase the efficiency 
of foraging by decreasing searching overlap with nest mates. 


ECONOMIC IMPORTANCE OF PREDATORS 


While most biological control work has involved parasitoids, 
some predators have been used as well. In fact, the first really 
successful classical biological control project was the control of 


the cottony cushion scale, cerya purchasi, by the vedalia beetle 
(Coccinellidae), Rodolia cardinalis. Other coccinellids are 
important predators of aphids and mites. Ground beetles are 
important generalist predators, and at least one of these 
(Calosoma sychophanta) is an effective predator of the gypsy 
moth. Other predators used in biological control practice 
include the true bugs Orius (Anthocoridae) and Geocoris 
(Lygaeidae), clerid beetles, green lacewings, syrphid flies, and 
marsh flies (Sciomyzidae). On the other hand, some robber 
flies are voracious predators of bees and are considered to be 
economically harmful. Also, because of their propensity to 
attack nontarget prey, generalist predators are not considered 
good prospects for use in programs that introduce exotic 
natural enemies into new areas. 

Insect predators may be more important to our well-being 
than is commonly thought. Because they often leave no iden- 
tifiable remains after devouring prey, the extent of predation is 
hard to quantify. It is probably true that insect predators help 
keep the majority of potential pest organisms under control. 
Without them, the world likely would be quite different. 
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he Hemipteran suborder Prosorrhyncha comprises two 
groups, the Coleorrhyncha (family Peloridiidae) and the 
Heteroptera. Like all hemipterans, members of these two 
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groups have elongated mouthparts for sucking fluids; unlike 
all other hemipterans, many heteropterans (“true bugs”) suck 
the fluids of animals—mostly of arthropods but in a few 
instances of vertebrates. Heteroptera contains 8 infraorders, 
79 families, and about 38,000 described species. The families 
range from the very small (one species) to the very large 
(> 10,000 species), and heteropterans as a group live in all 
habitable (and many apparently uninhabitable) parts of the 
world, from deserts to forest canopies, and on and below the 
sea. Heteropterans feed on all parts of plants (including on 
fungi and freshwater algae); some are sufficiently serious 
predators of pests to be biocontrol agents; and a few (bed 
bugs, triatomine bugs) feed on human blood. As a whole, 
Heteroptera is the most diverse of all hemimetabolous insect 
groups. Nevertheless, we know amazingly little about 
heteropteran biology and ecology, and the more we learn, the 
greater this diversity is shown to be. 


CLASSIFICATION 


The classification of the order Hemiptera is confused, 
sometimes defies the available evidence, and always arouses 
controversy. That there zs an order Hemiptera, few doubt; 
moreover, that the group of true bugs, Heteroptera, is a 
phylogenetically valid taxon, no one doubts. Questions arise, 
however, concerning what had been considered the other 
suborder, Homoptera, a group that some (mostly homopterists) 
elevate to ordinal rank; indeed, some homopterists elevate 
groups within Homoptera to ordinal rank. However, recent 
work has shown that Homoptera and some of its subordinate 
groups are paraphyletic (and may not even be monophyletic). 
As a result, confusion reigns. 

The order Hemiptera is characterized by being hemimeta- 
bolic (three life stages: egg, nymph, adult), having wings (with 
a few exceptions), and especially in possessing elongated 
mouthparts (“beak,” or “rostrum”) designed for the piercing 
of plants or animals and the sucking up of their juices. The 
Heteroptera differ from the majority of other hemipterans. 
In these other insects (mostly homopterans) the forewings are 
usually opaque (hence, “Homoptera”), but they are half 
opaque and half membranous in Heteroptera (again, hence 
the name). The two groups differ also in the apparent 
location of the mouthparts, which arise from the ventral 
surface of the head in both groups but, in Homoptera, arise 
from the back of the head (sometimes appear to arise from 
the thorax) and, in Heteroptera, arise from the front of the 
head. In addition, all homopterans, but not all heteropterans, 
are herbivorous. Nearly all nonheteropterans, except 
coleorrhynchans, have a filter chamber, which allows water 
ingested with the dilute plant juices to be “short-circuited” in 
the digestive system for rapid elimination. Heteropterans also 
differ from homopterans in that many feed on animal juices, 
a few indeed on the blood of vertebrates (including humans). 
It is likely that animal-feeding characterized the early 
heteropterans, although this view is controversial. 
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There is some confusion over the meaning and extent of 
“Hemiptera” and over just what a “bug” is. To some, 
“Hemiptera” refers only to Heteroptera, which is treated as 
an order the equivalent of Homoptera. To others, including 
most if not all students of Heteroptera, “Hemiptera” is an 
order with two suborders, Heteroptera and Homoptera. The 
features (i.e., synapomorphies) that the two groups share seem 
to be far more basic and significant than the two groups’ differ- 
ences, a circumstance that is best represented by treating all 
members of the two groups, Heteroptera and Homoptera, 
whatever this latter group may in fact contain, as belonging 
to an order, Hemiptera. 

Because the group known as “Homoptera” (= non- 
heteropteran) is either paraphyletic or not monophyletic, the 
higher classification of Hemiptera is in flux. One consequence 
of the recent analysis of these relationships (based particularly 
on molecular evidence) has been the recognition of a small for- 
merly homopteran group, Coleorrhyncha, as the sister group 
of Heteroptera. These two—Coleorrhyncha and Heteroptera 
—have been placed by some as a single hemipteran suborder, 
Prosorrhyncha. Although this idea was based on molecular 
evidence (and therefore likely to be discounted by some), mor- 
phological evidence also supports it. This article considers the 
hemipteran suborder Prosorrhyncha. Because the Coleorryncha 
is very small and of limited distribution, the focus is on 
Heteroptera. 


Coleorrhyncha 


The Coleorrhyncha is a group that contains the single family 
Peloridiidae, which had once been treated as a major 
homopteran group (Coleorrhyncha) and then as a group 
equal in taxonomic status to Heteroptera and Homoptera 
(sensu antiquo) and perhaps “bridging the evolutionary gap” 
between them. 

The dozen or so species of Peloridiidae have a classic 
Gondwana distribution; they occur in southern South 
America, New Zealand, and Australia and are associated with 
southern beech trees (Nothofagus), where they feed probably 
on moss (like idiostolids, mentioned later under Pentatomo- 
morpha). They are small (2-5 mm long) and flattened, and 
many have expansions on the head and/or thorax which, 
semitransparent, are quite beautiful. 


Heteroptera 


All insects are not bugs. Heteropterans, however, are indeed 
bugs, and so are often called “true bugs” (i.e., “real” bugs, not 
“faithful” ones). The word bug derives from the Middle 
English word bugge, meaning a “spirit” or “ghost.” If one 
awakens in the morning with red itching welts, one clearly has 
been visited in the night by a malevolent wraith or spirit—that 
is, by a bugge. This, of course, is correct: one has indeed been 
visited by a bug, by a bed bug (Cimex lectularius), which has 
fed and fled, leaving behind a red welt and a mystery. Bed bugs 


are “bugs” and so, by extension, are all their relatives—all 
heteropterans. (The original meaning of bugge is retained in 
English in such words as bugbear and bugaboo, and in the 
name of the insect-repelling plant, bugbane. And the scientific 
name of the bed bug, Cimex lectularius, means “bed bug,” 
cimex being the Latin for bug, and Jectularius describing a small 
couch or bed. The word “cimex,” by the way, was sometimes 
used by the Romans as a derogatory epithet.) 

The suborder Heteroptera is perhaps the largest of the 
hemimetabolous groups (with about 38,000 species, and 
probably considerably more are undescribed), and also 
among the most diverse. The group’s diversity is reflected in 
the variety of organisms fed upon, the variety of habitats 
lived in, and the variety of habits; these varieties are in turn 
reflected in the variety of shapes, sizes, and ornamentation 
found among the Heteroptera. Many heteropterans are aqua- 
tic or semiaquatic, and in this feature alone they differ from 
other hemimetabolans. Many are predaceous (upon other 
arthropods) and some are hematophagous (upon vertebrate 
blood), and in this feature too they differ. 

Like all hemipterans, heteropterans have elongated mouth- 
parts for piercing organisms and the drawing up of those 
organisms’ juices; predaceous bugs reduce to juice the soft 
internal organs of their prey. The organisms fed upon include 
all terrestrial groups of plants (except perhaps algae; but 
Corixidae include freshwater algae in their diet), other 
arthropods, snails (fed upon by some giant water bugs), and 
of course vertebrate blood. 

Heteroptera is further distinguished by having scent glands. 
These occur on the abdominal dorsum in immatures and on 
the metathoracic pleura in adults. Nymphs lack the thoracic 
glands, but the abdominal glands occur in adults usually as 
nonfunctional scars; however, considerable evidence has 
accumulated showing that in many heteropteran groups one or 
more of the abdominal glands are functional in adults as well 
as in nymphs. Another distinctive feature of heteropterans is 
the scutellum (“little shield”). This triangular structure (broad 
base anterior) is a modification of the mesonotum; it may be 
quite small relative to the body, or quite large. In a few families 
and in a few members of a very few other families, the scutel- 
lum is large enough to cover the wings and the entire dorsum 
of the abdomen. 

Regarding the general account of heteroperan biology that 
follows, and also the more specific accounts of the different 
groups, it cannot be too heavily emphasized very little is 
known about most heteropterans: many of the generalities 
given here are based on small samples, and what we do not 
know far outweighs what we do know. The reader is urged to 
take all general statements, if not with a pillar, then with 
several grains of salt. 

Predaceous bugs, and those feeding on vertebrate blood, 
are not particularly host specific, although some degree of spe- 
cificity may be imposed upon them by their habitats: bat bugs, 
living in bat caves, are restricted to feeding on bats, although 
given the chance they may feed on other warm-blooded 


vertebrates; many triatomine bugs live in or with their verte- 
brate hosts and are perforce restricted to them. A few pre- 
daceous bugs are more clearly host specific: the bed bug 
(everybody’s favorite heteropteran) lives only with humans and 
does poorly when fed other kinds of blood; certain minute 
flower bugs (Anthocoridae) appear to specialize on certain 
species of scale insects (although here the specificity may be 
habitat driven, not prey driven); and some predaceous mirids 
prefer certain species of lace bugs as prey. There are few other 
examples. 

The host specificity of herbivorous heteropterans is in 
general greater than that of predaceous ones. Not all herbiv- 
orous bugs are host specific, and among those that are, the speci- 
ficity is sometimes at the species—species, or species—genus 
level (bug—plant), but more commonly at the family group— 
family group level (e.g., Alydinae and Plataspidae on Legumi- 
nosae; Rhopalidae: Serinethinae on Sapindaceae). Many 
bugs, and family-level groups of bugs, are oligo- or polyphagous. 
Of course, the heteropterans that compete with humans for 
their food and are agricultural pests are those that are either 
host specific on crop species or, although polyphagous, can 
build up large populations quickly on crops. 

Measuring host specificity can be impeded by the 
willingness of bugs to probe nonhost plants, either to test 
their suitability as food or merely to get water. Too many host 
plant records are of this sort; the best records are those of the 
feeding of immatures, since immatures, being wingless, 
cannot go elsewhere to better their lot. 

Most heteropterans (perhaps two-thirds) are herbivorous. 
Many pierce plants to their circulatory systems and feed on the 
contents of phloem or (less often) xylem; a few very small 
heteropterans feed on plant cell contents. These heteropterans 
thus feed not unlike most homopterans. However, plant sap is 
low in nutrients, and many heteropterans feed on reproductive 
tissues such as flowers, ovules, and ripe and unripe seeds, 
which are richer in nitrogen; another group of heteropterans 
(Miridae and some Tingidae) feeds on somatic tissues that, to 
the delectation of the bugs, mobilize nitrogen when the host is 
wounded. A very few heteropterans feed on bryophytes, and a 
few Tingidae are the only heteropterans to induce plant galls. 
Many herbivorous bugs, especially in the infraorder Pentato- 
momorpha, contain bacterial symbionts in gastric ceca or 
mycetomes; these presumably supply necessary trace nutrients. 

As mentioned earlier, several heteropterans may become 
pests on agricultural crops. In the Old World tropics, cotton 
stainers (Pyrrhocoridae) feed on developing cotton bolls and 
may allow entrance of destructive pathogens; the bugs’ excreta 
also stain the cotton (hence the bugs’ name). Sunn pests, 
species of the genera Eurygaster and Aelia (Scutelleridae and 
Pentatomidae), are among the most serious pests of small-grain 
crops (especially wheat) in a broad band of countries from 
eastern Europe through the Middle East into western Asia. 
Chinch bugs similarly afflict wheat in North America, and a 
close relative attacks lawn and golf course grasses in Florida. 
Lygus bugs (several species), a leaf-footed bug (Coreidae), and 
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FIGURE 1 An alydid (Neomegalotomus parvus), a soybean pest in Brazil. 


southern green stinkbugs (Pentatomidae) feed on a variety of 
vegetables and fruits and are pests worldwide (lygus especially 
in the north-temperate regions). Species of Riptortus and 
Neomegalotomus (Alydidae) may become pests of legume crops 
(Fig. 1). Several burrower bugs (Cydnidae) are pests of many 
crops and range grasses, upon whose roots they feed. The red 
pumpkin bug (Dinidoridae) may seriously damage cucurbit 
crops in Asia. There are many other major pests, and very 
many other minor or regionally restricted ones; nearly 1000 
are discussed in a recent book by Schaefer and Panizzi. As the 
foregoing list suggests, most pests specialize on the plant family 
to which the crop belongs. A few (e.g., lygus, southern green 
stink bug, and the leaf-footed bug Leptoglossus gonagra) are 
exceptions, feeding on many unrelated plants and quickly 
achieving large populations. 

Only a few heteropterans are vectors of plant diseases; one 
important group is Piesmatidae, one of whose members trans- 
mits a serious viral disease to sugar beets. Overall, however, 
heteropterans are far less important than homopterans as 
vectors of plant diseases, perhaps because bugs, unlike many 
homopterans, do not feed directly in plant cells. 

The few bloodsucking bugs may cause damage by 
withdrawing excessive amounts of blood and thus weakening 
people who may, in addition, be weakened by disease, or frail 
in health because very old or very young. Bed bug 
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populations may increase to the point where such damage 
may occur. 

Of the two important groups of blood-sucking bugs, the 
bed and bat bugs (Cimicidae) do not transmit disease 
pathogens, although there is some slight evidence that the 
hepatitis B virus may be transmitted by bed bugs in southern 
Africa. On the other hand, triatomine bugs (Reduviidae, 
subfamily Triatominae) are vectors of Trypanosoma cruzi. T: 
cruzi causes Chagas’ disease, a debilitating and often fatal 
disease of the New World tropics and subtropics (a handful of 
cases reported in the United States); major international efforts 
are now under way to eliminate this disease by eliminating the 
places where the bugs hide. These efforts have been successful 
in many areas of South America. 

Although most heteropterans having an economic impact 
on humans are harmful, some are beneficial. Chief among 
the latter are the predaceous bugs that feed on insect pests. 
Because predators as a rule are not host specific, there are no 
one-to-one relationships of predator to prey in Heteroptera 
or in any other group considered for biological control. 
Nevertheless, many groups of heteropterans have been 
studied for, and some successfully used in, biological control 
programs: asopine pentatomids (Pentatomidae, subfamily 
Asopinae) against many pests, especially garden pests (indeed, 
an artificial aggregation pheromone has been developed to 
“call in” these predators); certain minute flower bugs (Antho- 
coridae) to combat stored-product pests; some predaceous 
mirids on vegetable and greenhouse crops; and an array of 
predaceous bugs in field crops. The one exception—remark- 
ably, considering its wide distribution, its variety and numbers 
of species, and the size (and presumably appetite) of its 
members—is the Reduviidae. The biological control 
potential of this family has been surprisingly little explored. 
It should also be mentioned that the value of very small 
predators—Anthocoridae, small mirids, early instars of other 
predators—is unknown; these feed on arthropod eggs and 
small instars, whose absence goes unnoticed because their 
presence was overlooked in the first place. 

In 1998 Cohen showed that predaceous bugs feed 
differently than had been thought: instead of merely sucking 
up the fluids inside a prey, these bugs inject salivary enzymes 
that digest all soft tissue; the digested material is then sucked 
up. This discovery has profound implications for biological 
control: a single predator will be satiated by a far smaller 
number of prey than had been believed, and will therefore be 
less effective in controlling pests. This realization is only 
slowly making its way into the biological control community. 

Of less importance is the control of harmful plants, weeds, 
by plant-feeding heteropterans: Some tingids have been used 
in various parts of the world to control (not very successfully) 
the invasive plant lantana; cactus bugs (Chelinidea, Coreidae) 
have been tested—with small success—against invasive cactus 
in Australia; and several other bugs have been and are being 
tested for possible control of other weeds. So far, no major 
plant pest has been controlled by a heteropteran, but the 


exhaustive study of biology and ecology necessary for success 
in such an endeavor is only now being undertaken. 

Detailed accounts of economically important heteropter- 
ans are provided in the book by Schaefer and Panizzi. 


COURTSHIP, MATING, OVIPOSITION Unlike feeding, 
the sexual lives of heteropterans show little variety. There is 
little courtship, although males of several species may fight 
(usually briefly) for the attention of a female. The sexes are 
brought together initially probably by sex pheromones and, in 
a few species, by sex-neutral aggregation pheromones; 
however, only a tiny handful of species, all of them land bugs, 
has been shown to have pheromones of both types. Mating 
occurs end to end or with the male directly or diagonally across 
the female; the position seems to vary with the family group or 
even the infraorder of the bugs. Mating may be brief or long; 
if long, the larger female may move about and even feed, while 
the hapless male scrambles along behind, walking backward. 

Mating by bed bugs and some relatives in Anthocoridae and 
Nabidae, is (to quote from another context) nasty, brutish, and 
short. The male mounts the female and, with a scimitar-shaped 
clasper, pierces the side of her abdomen and deposits sperm; in 
primitive species this traumatic insemination (as it is called) may 
occur in various parts of the abdomen, allowing sperm to enter 
the abdominal cavity; in more advanced species (including the 
bed bug itself), sperm is deposited in a special patch of tissue. 
Such insemination leaves small healed wounds in the female’s 
cuticle; counting these, the number of times an individual has 
been mated can be determined. Sperm then progresses to a 
sperm storage organ at the base of the common oviduct. 

The internal reproductive structures are very conservative— 
that is, they resemble those of very many other insects. There is 
a pair of ovaries or testes, each almost always consisting of seven 
ovarioles or testicular follicles. Paired ducts lead from them to a 
common duct, with which may also be associated various 
glands and (in females) organs for sperm storage. The external 
genitalia are more complex, consisting in the male of a genital 
capsule (“pygophore”) containing a pair of claspers and the 
intromittent organ and, in the female, of a genital chamber into 
which sperm is deposited and a complex ovipositor designed in 
some bugs for the laying of eggs on surfaces (“platelike 
ovipositor”) and, in others, for inserting eggs into crevices or 
actually into slits in vegetation (“laciniate ovipositor”). 

As is true of many other groups, the external genitalia of 
male heteropterans are usually more complex and varied than 
those of the female. In Heteroptera as in other groups, 
genitalia provide very useful characters for taxonomic and 
phylogenetic studies. 

The egg is often the stage that survives inhospitable seasons 
(winter, dry season), and so eggs are laid where they may best 
be protected from the elements as well as from predators and 
parasites. Eggs are laid also where food will be available, 
because the immatures, wingless (of course), cannot seek food 
themselves. The latter requirement presents certain difficulties 
to predaceous bugs, which cannot be certain where prey will 


occur. Perhaps this accounts for the habitat specificity 
(resulting in a certain degree of prey specificity) of some 
predators, as mentioned earlier: predators’ eggs are laid on 
plants on which certain prey species are host specific; the 
predator then in turns appears itself to be host specific, on the 
herbivore. Perhaps. 

The egg itself varies considerably in shape from group to 
group; it may be round or oval, and in stinkbugs especially the 
eggs are barrel shaped. Each egg bears small openings through 
which it was fertilized, and many have other small openings for 
oxygen intake. Carbon dioxide is released through the shell 
(chorion). The few eggs that have been studied have a complex 
architecture of the chorion, presumably related both to gas 
exchange and to maintaining an appropriate humidity balance. 

Eggs are laid singly or in small batches (rarely more than 
100), and if in batches may be laid apparently at random or in 
tidy rows, sometimes more than a single egg deep. They may 
be deposited on surfaces (of leaves, stems or trunks, ground, 
stones, etc.) or placed into crevices; the crevices may in some 
groups be created by the female’s ovipositor. The eggs of some 
mirids and tingids absorb water in the spring, and thus 
nymphs hatch just as the plant becomes suitable for feeding. 

The females of some heteropteran groups (some Tingidae, 
many—all?—Acanthsomatidae; a few others) guard their 
eggs and the early immature stages. Guarded eggs have been 
shown to be less heavily parasitized, and guarded nymphs less 
heavily preyed upon, than unguarded eggs and nymphs. A 
single female will lay several batches of eggs. In a few groups 
[some giant water bugs (Belostomatidae), at least one coreid], 
females lay eggs on the backs of males. Belostomatid males 
then aerate the eggs, sweeping fresh water over them; without 
such aeration, the eggs might die of oxygen lack and/or of 
fungal infection. In some species each new batch requires a 
fresh mating; in bloodsucking species each new batch requires 
a blood meal. 

Hatching occurs sometimes through areas of weakness in 
the egg’s chorion; not all species’ eggs have such areas. In some 
groups (Pentatomoidea, some Coreoidea, and others?) the new 
hatchling (first instars) do not feed, although they may take 
water, and pentatomoids may suck up symbionts from the 
emptied eggs. Nearly all heteropterans have five immature 
stages (instars) (those that do not, have four; very rarely are 
there six), and except for blood-feeding bugs, the stimulus to 
molt from one instar to the next is unknown. Blood-feeding 
bugs require the stimulation (manifested as a distension of the 
abdomen) of a blood-meal to molt. 

As the instars grow larger at each successive molt, the wing 
pads develop; as these become more and more distinct, one 
can determine the instar by the degree of their development. 

The instars (except sometimes the first one) feed for the 
most part on the same food as their adults. Exceptions include 
predaceous bugs, whose smaller instars may take smaller prey 
(although a group of small instars may attack a single large slow 
prey, like a caterpillar); and some herbivores, whose instars do 
not feed on the plants chosen by than their adults, probably 
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because of seasonal differences in the plants’ availability, and/or 
because some plants may provide nutrition to the young and 
nutrients needed for reproduction to the adult. 

Development (egg to egg) in temperate climes usually 
takes a year, the egg overwintering or sometimes a mated 
female (less often, other stages). In regions of less predictable 
or less severely contrasting seasons, there may be several— 
rarely, many—generations in a year. Even when there is only 
one annual generation, however, populations of some pest 
heteropterans can build up over a very few years. 

A distinctive feature is the possession by some heteropter- 
ans of a pair of small (micro- or m-) chromosomes. The sex- 
determining mechanism is XY, although XO occurs in some 
groups and, in others (especially the bed bugs, Cimicidae), 
multiple X chromosomes may occur. The chromosomes are 
holocentric, and numerical doubling of the autosomal com- 
plement has occurred in several groups. 


DISPERSAL As with all living things, dispersal is an impor- 
tant aspect of heteropterans’ lives, necessary for the leaving of 
places no longer suitable and for the discovery of places as yet 
unexploited; it is necessary, too, for the finding of nonsibling 
mates. The wingless immatures depend upon the mother to 
place them where resources—biotic and abiotic—are suitable 
for development. 

Dispersal for mate finding appears to be far more frequent 
among bugs than dispersal for the discovery of new habitats, 
although of course it may often serve both purposes. One 
important exception is the dispersal of cotton. stainers 
(Dysdercus spp., Pyrrhocoridae) from areas where high 
populations have depleted food to new areas, which may 
include cotton fields. After the move, females resorb the flight 
muscles, converting the products into eggs; thus such dispersal 
occurs but once. (Evidence suggests that not all Dysdercus spp. 
do this.) Another exception may be the moonlit flights of some 
giant water bugs (Belostomatidae) in Africa; it is not clear that 
these flights correspond to drying of habitat. Like other insect 
groups, Heteroptera contains some groups that are drawn to 
light traps (white or black light) and some groups that are not; 
no one has listed these groups, much less sought a correlation 
between being attracted to light and having a propensity to 
disperse. 

Of course, for many heteropterans resources are replenished: 
for predators, new prey is continually being produced; and 
many smaller herbivores feed on annual plants that appear and 
disappear too rapidly for their populations to be seriously 
reduced. In addition, many herbivorous bugs feed on several 
different species and turn easily from one host to another. Thus 
for these bugs, dispersal may at times be necessary, but it is not 
a constant need. 

Far better documented for far more heteropteran species 
is movement in response to sex pheromones, often produced 
by both sexes. In addition, aggregation pheromones occur in 
some species. This type of dispersal is of course a “pull” 
dispersal, not a “push” dispersal: the insect is drawn toward 
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something rather than being driven away. Nevertheless, like 
the messengers in Through the Looking-Glass (one to fetch 
and one to carry), movement toward a conspecific may draw 
one also to fresher resources. The pheromone of at least one 
beneficial predaceous bug has been synthesized, patented, 
and marketed to draw these bugs into users’ gardens. 


ENEMIES AND DEFENSE Heteropterans have the same 
enemies as other organisms: predators that would eat them 
from the outside and parasites that would eat them from the 
inside. The major predators—again like other insects—are 
insects; vertebrates seem to be less important than they are 
for some other insect groups. Bugs may be protected from 
vertebrate predators by the secretions of their metathoracic 
scent glands, which also (it has been suggested) protect bugs 
from ants; the experimental work demonstrating these 
possibilities is scant and mostly anecdotal. 

Many bugs are also protected from visually orienting verte- 
brates by being bad tasting and warningly colored. Aposematic 
coloration occurs in nearly every group of land bug as an 
arresting contrast of black and red, yellow, orange, or white; 
the similarity of color and pattern has little to do with genetic 
or phylogenetic relatedness, and much to do with the strictures 
placed on color by limited metabolic pathways, as well as the 
limits placed on pattern and design by the strictures of small 
body size. Thus unrelated aposematic bugs may resemble one 
another merely because the possibilities for variety are few. 
However, as in other groups of animals, both Batesian and 
Miillerian mimicry occur in Heteroptera: the edible look like 
the inedible (Batesian) and the inedible look like other inedi- 
bles (Miillerian). Mimetic assemblages occur, although they have 
been little studied. One comprises some cotton stainer relatives 
(Pyrrhocoridae) and their predators, certain Reduviidae. It has 
been suggested that the reduviids can thus slip unnoticed upon 
their prey (“aggressive mimicry”). This seems outrageously 
unlikely: more probably, the group as a whole benefits from a 
collective aposematicism, from which the pyrrhocorids benefit 
more than they lose from being preyed upon. 

Few creatures like to eat ants, and it is not surprising that 
ant mimicry has arisen often in the Heteroptera. The imma- 
tures of some Alydidae resemble specific species of local ants; 
and as the immatures become larger, they resemble increasingly 
larger species of ants. One assumes that looking like ants is 
good; no one has tested the idea. 

None of these defenses (except perhaps scent) is especially 
effective against other insects. More effective (guessing here) are 
the thickened cuticles of many heteropterans, the coriaceous 
hemelytra, as well, perhaps, as the enlarged scutellum of 
several bugs. 

Body shape may also play a part: the round sleek surfaces 
of Canopidae, Plataspidae, Megaridiidae, and a few other 
heteropterans offer the jaws of small predators (especially 
mandibulate insects) little purchase. And the many small 
spines of coreid nymphs (and others), and the single large 
spine of adult Cyrtocoridae and some Podopinae 


(Pentatomidae), must also prove to be unpleasant surprises to 
vertebrate predators. 

It is difficult to know whether heteropterans are more or 
less parasitized than other insects. The eggs of certain species 
are often well parasitized by wasps, and the immatures and 
occasionally the adults by tachinid files. Two indirect bits of 
evidence suggest that parasitizing bugs is an old and successful 
way of life: certain family groups of parasites have evolved that 
parasitize only heteropterans (Diptera: Tachinidae: Phasiinae; 
several genera of Hymenoptera). And parental care has 
evolved several times in Heteroptera, to ward off potential 
parasites (and predators, but these seem to be a lesser evil). 

It has been carefully shown that guarding by parents (usually 
but not always females) protects certain lace bugs (Tingidae), 
coreids, and many acanthosomatids from parasitism and 
predation; and the eggs placed upon the backs of some giant 
water bugs (Belostomatidae) are protected from fungal 
parasitism by the water currents generated by the male's rowing 
movements. 


THE INFRAORDERS AND FAMILIES OF HETEROPTERA 
Cladistic work on the morphology of heteropterans has 
resulted in a new classification into eight infraorders: 
Enicocephalomorpha, Dipsocoromorpha, Gerromorpha, 
Nepomorpha, Leptopodomorpha, Cimicomorpha, Pentato- 
momorpha, and Aradomorpha. In a commonly accepted 
(but not thoroughly tested) analysis, each of these infraorders 
is the sister group of those succeeding. Aradomorpha, the 
most recently proposed, is not universally accepted. 

To some extent, these groupings correspond to earlier 
ones: Preceding this arrangement, for example, Heteroptera 
was divided into Hydrocorisae (= Nepomorpha, with some 
adjustments), Amphibicorisae (= Gerromorpha, with some 
adjustments), and Geocorisae (the remainder, with some 
adjustments): “water,” “amphibious,” and “terrestrial bugs,” 
respectively. The last was divided into Cimicomorpha and 
Pentatomomorpha, names retained in the new classification 
with the same family composition (with some adjustments in 
Cimicomorpha); Aradomorpha was included in the earlier 
Pentatomomorpha. Each -morpha name is based on a genus 
in the infraorder. 

The following treatment of infraorders and families of 
Heteroptera, is presented, once again, with the admonition 
to recognize that little is known in this area and often details 
are generalized to an entire family from what is known about 
a tiny fraction of its members. 

These small 


infraorders are the most primitive in Heteroptera. The latter 


Enicocephalomorpha, Dipsocoromorpha 


is usually assumed to have arisen from the former, but there is 
some suggestion that each may have arisen separately from 
one or more related preheteropteran ancestors. Each is small: 
the two families of Enicocephalomorpha, Aenictopecheidae 
and. Enicocephalidae, contain about 20 and 400 described 
species, respectively; however, it is probable that several thou- 
sand species remain to be described. 


The same is true of the Dipsocoromorpha, whose five 
families are Ceratocombidae (50 described species), 
Dipsocoridae (30), Schizopteridae (120), Hypsipteryigdae 
(3), and Stemocryptidae (1). As in Enicocephalomorpha, there 
remain to be described many hundreds, if not thousands, of 
dipsocoromorphan species. 

Members of both groups are small (Enicocephalomorpha, 
2-16 mm long; Dipsocoromorpha, perhaps the smallest of the 
heteropterans, 0.4-4 mm long). They are all predaceous (as far 
as is known) and live in or on the soil surface, in leaf litter, or 
in the interstices of mosses and similar low-growing plants. 
Their small size, and their life in a habitat of remarkably small 
interest to biologists or ecologists, render them apparently rare, 
but actually locally abundant yet nearly wholly unknown. 

This is unfortunate, because not only are these bugs of great 
ecological interest (as predators—and perhaps scavengers—in 
an ancient and poorly known habitat), but because many occur 
worldwide and study would yield valuable biogeographic infor- 
mation. Moreover, since they are the most primitive of het- 
eropterans, careful study should reveal much about the origins 
of this group, as well as its relationships to certain homopteran 
groups: some enicocephalomorphans share some genitalic 
characteristics with some auchenorrhynchous homopterans; 
and Aenictopecheidae is defined wholly by plesiomorphies. 

Some enicocephalids swarm, either in single-sex or mixed- 
sex swarms, and have been confused with midges! This 
statement sums up our knowledge of enicocephalomorphan 
reproductive biology! 

Gerromorpha Members of this infraorder are the 
semiaquatic bugs whose members live near or on water, but 
never in it. Several members of several gerromorphan families 
live near or on the surface of the sea and are among the only 
heteropterans that are, if imperfectly, marine; halobatines (a 
subfamily of the Gerridae) may occur many kilometers from 
land. These gerromorphans are semiaquatic bugs—they do 
not get wet, except occasionally; and indeed a few live not 
where it is wet, but where it is merely damp. Like other water- 
associated animals (e.g., Nepomorpha), gerromorphans are 
usually dark above and pale below. 

All are predaceous, those living on the water surface feeding 
on land arthropods that fall onto and are caught by the water's 
surface film; there is some evidence that these bugs may also 
feed on aquatic crustaceans that are seized upon rising to the 
water's surface. Prey is located by many bugs by ripples caused 
by its struggling. The bugs probably secrete something 
unpleasant because they themselves are only occasionally 
preyed upon by fish. 

Many gerromorphans are fully or partly winged, some are 
wingless, and populations of some are pterygopolymorphic 
(some members wingless, some winged), a phenomenon that 
may also vary seasonally. The hormonal and ecophysiological 
bases for pterygopolymorphism has been studied in a few gerrid 
species. This variety, as well as variety in diapause physiology, is 
doubtless related to the temporary nature of the habitat, which 
may dry up or freeze at various locations and times of the year. 
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In temperate regions, many gerromorphans overwinter in 
debris away from, but close to, their water habitat. 

Because of their ubiquity, and especially because of their 
tight adaptations to an unusual way of life, gerromorphans 
(especially gerrids) are being used more and more to work out 
questions in communication and reproductive evolutionary 
ecology (including courtship). These efforts are helped of 
course by the wide interest in aquatic ecology, and by the 
excellent phylogenetic foundations provided by Andersen in 
1982 and much recent work as well. 

Being semiaquatic predators, a few gerromorophans have 
been studied for their ability to control rice pests and the 
aquatic larvae of biting flies; in each situation, success is at 
best limited, probably because rice pests do not fall into the 
water often enough and aquatic larvae do not spend much 
time at the water’s surface. 

There are eight families: Mesoveliidae (35-40 species), 
Hebridae (150), Paraphrynoveliidae (2), Macroveliidae (3), 
Hermatobatidae (8), Veliidae (720), Gerridae (620), and 
Hydrometridae (110-115). Several of these families—or 
components of them—were once contained within a more 
exclusive Gerridae or Veliidae, but the thorough phylogenetic 
studies just mentioned have yielded a firm and stable system- 
atic classification. 

The insects range in size from very small (1 mm long) to the 
aptly named Gigantometra (Gerridae), which is up to 36 mm 
long. Most gerromorphans are at the small end of the range. 

Members of the family Gerridae occur worldwide and are 
among the most frequently seen and frequently admired 
inhabitants in—or rather on—bodies of fresh water. As they 
skate about on the surface, their shadows are patterned dark 
on submerged objects in the water body. This aesthetic 
appeal, and the bugs’ ability to remain on the water, not in it, 
have earned them various names, such as “water bugs,” “pond 
skaters,” “wherrymen” (in Britain), and even “Jesus bugs.” 

Their shape is characteristic and easily recognized: the 
head extends somewhat forward of the eyes, the abdomen is 
often truncate and its segments compressed, and the middle 
and hind legs are greatly elongated, sometimes looking as if 
they had been designed for a larger bug. All legs are used in 
moving on the water's surface, and the front legs are short, 
often stout, and used too for prey capture. The claws of all 
legs are subapical (not apical, as is usual). Probably this is an 
adaptation for moving on water surface films—something 
they do with remarkable speed and agility. 

Much work has been done on communication and 
courtship/reproduction behavior in a few gerrid species: 
communication is via wave patterns of surface waves and 
ripples created by the bugs; these ripples apparently serve 
several functions, including location and courting of potential 
mates, defining territories, and perhaps even recognizing 
conspecifics for the avoidance of cannibalism. The extent to 
which other gerromorphans use similar signals is unknown, 
although there is some evidence that a veliid does, and it seems 
reasonable that other surface skaters would also. 
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Veliidae (riffle bugs, broad-shouldered bugs) is the largest 
family; the genus Rhagovelia alone contains more than 200 
species. Like gerrids’ claws, veliids’ claws are subapical; the legs 
are not relatively so long (not greatly surpassing the body), the 
abdomen is more often elongate, the pronotum is larger 
(covering the rest of the thoracic terga), and the middle legs’ 
claws of some veliids are modified into a fanlike structure for 
pushing against the water’s surface. In general, the veliids are 
smaller than gerrids: 1-10 mm vs 1.5—35 mm in length. 

Like gerrids, veliids for the most part occur on the surface 
of ponds or of the quiet stretches of moving water; also like 
a few gerrids, some veliids live on ocean surfaces, and others 
are nearly terrestrial, occurring in damp situations or 
intertidally, or in mangrove swamps. Veliids too feed on 
smaller animals trapped in the surface film. 

Again like gerrids, veliids can move very quickly, and they 
move even faster when they secrete from the mouthparts a fluid 
that lowers the surface tension and causes them to “scoot” away. 

Veliids may form large assemblages of very many 
individuals, sometimes almost seeming to cover a stretch of 
water. What brings and keeps the bugs together is unknown, 
nor is the advantage of these assemblages clear. 

Members of Hebridae are the velvet water bugs, so called 
because of their coating of fine (presumably hydrofuge) hairs. 
Quite small (1.2-3.5 mm long), they are not often collected 
and live in damp places such as the edges of water bodies, in 
moss, or in and among waterside vegetation. The family 
occurs worldwide. Hebrids look somewhat like small veliids, 
both being somewhat broader and thus relatively shorter 
than gerrids. 

As the names suggest (in English and Latinized Greek), 
water treaders or marsh treaders (Hydrometridae) walk with 
measured tread on surfaces close to the water's edge, and 
sometimes even on the surface itself. They are classic sit-and- 
wait predators, motionless for long periods until some small 
prey comes near. Hydrometrids are elongate insects, small to 
moderate in size (2.5-20 mm or so long); a distinctive feature 
is the position of the eyes about halfway along the length of 
the head. The genus Hydrometra, with 80 to 85 species, is 
found worldwide, but the rest of the family is tropical. 

Mesoveliidae may be the most primitive family in the 
infraorder, possessing as it does a number of primitive character 
states and sharing only a few advanced states with other gerro- 
morphans; indeed, the group has at times been excluded from 
the infraorder, although its inclusion there is now firmly based. 
Like so many gerromorphans, mesoveliids are small and ptery- 
gopolymorphic (some species); Mesovelia occurs worldwide, 
but most of the remaining genera are localized. Mesoveliids vary 
in their habitats: some (many Mesovelia) are active on the water 
surface, but others live in damp habitats some distance from 
water; a few are cavernicolous, and a few are intertidal. 

The other three families (Paraphrynoveliidae, Macroveliidae, 
and Hermatobatidae) are small in number of species (113 
species in all) and in size (1.52.5, 2.5-5.5 and 2.5-4 mm 
long, respectively). The first has so far been found only in 


southern Africa; the second only in the New World; and 
members of the third live near coral reefs, where they remain 
in air bubbles during high tide and feed during low. 

Nepomorpha Most of these are the truly aquatic bugs— 
that is, bugs that actually occur under water and get wet; the 
group is the same as the earlier Hydrocorisae (water bugs). 
Most are predaceous, but corixids are, as a group, more omniy- 
orous. Although nepomorphans live much of their lives in water, 
they also are active aerial dispersers. It is hard to imagine, 
therefore, why most of these bugs lack ocelli: even if unnec- 
essary below the water's surface, ocelli ought to be useful in the 
air (e.g., the riparian families have ocelli). Water bugs range from 
small (1 mm long, some Helotrephidae) to huge, the largest of 
the Heteroptera (112 mm long, some Belostomatidae). Like 
gerromorphans, and for the same reason, most nepomorphans 
are much paler ventrally than dorsally. Unlike gerromorphans, 
most (not all) nepomorphans are streamlined, fusiform; those 
that are not (Gelastocoridae, Ochteridae) are riparian, not 
wholly aquatic. The antennae of nepomorphans are short and 
often concealed; hence an earlier name, “Cryptocerata” (“hidden 
horns”). 

Living as most nepomorphans do, under water, the 
problem of breathing arises and has been solved in several 
ways. Two families are nearly terrestrial: Gelastocoridae and 
Ochteridae live on the edges of streams and breathe like 
terrestrial bugs. Belostomatids and nepids have extrusible 
(belostomatids) or permanently exserted (nepids) “airstraps” 
or siphons, which can be thrust above the surface. Members 
of the other families rise to the surface periodically to trap air 
in hydrofuge hairs; oxygen is then taken into the body (much 
carbon dioxide here as in most animals is released through the 
body wall); in some groups and to some extent, plastron 
respiration occurs (i.e., as the oxygen tension in the air bubble 
drops, oxygen is drawn into the bubble directly from the 
water). Plastron respiration is so efficient in Aphelocheiridae 
that these bugs may remain permanently submerged. 

Because of these bugs’ importance as fish food (and some- 
times as human food), because they occur in aquatic habitats, 
which have always held a fascination for ecologists, biologists, 
and folks in general, and because some are so large, nepo- 
morphans have probably been better studied as a group than 
any other infraorder. The literature on the systematics, biology, 
and ecology of the group and its member is very large. 

There are nine families: Corixidae (at least 600 species), 
Nepidae (225 species), Belostomatidae (150), Naucoridae 
(nearly 500), Notonectidae (350), Pleidae (40), Helotrephidae 
(44-120 species: authorities differ), Ochteridae (50-55), and 
Gelastocoridae (100). All but the last two live below the water's 
surface; 
(ripicolous). 

Corixids (family Corixidae) are the water boatmen, found 


Ochteridae and Gelastocoridae are riparian 


commonly in ponds, lakes, and (less often) streams 
throughout the world. More than 600 species make this the 
largest nepomorphan family. Aspects of their morphology 
differ so greatly from those of other bugs that Corixidae has 


sometimes been placed in its own group, separate from other 
heteropterans. In particular, the labium of the mouthparts is 
broad and fused to the head, and the foretarsi are modified 
(enlarged, somewhat flattened, with an array of long setae) 
for food gathering. Like other nepomorphans, the hind legs 
are flattened and hairy, for swimming; in particular, corixids 
look superficially like notonectids, but corixids are flatter and 
swim rightside up. Under magnification, the dorsum of 
many corixids has many fine horizontal zigzag and 
anastomosing pale lines; this feature too distinguishes these 
bugs from notonectids and, indeed, from other bugs. 

Water boatmen are 2.5 to 15 mm long and occur 
throughout the world; they live in aquatic habitats of all 
kinds, including the intertidal. Unlike other nepomorphans, 
corixids probably feed mostly on algae and (one suspects 
other small bits of living or dead organic matter). Some are 
carnivorous, however; indeed, probably many are (only a few 
have been studied) and are important predators in waters 
containing few others (e.g., acidified or saline inland waters). 
Excellent fliers over long distances, water boatmen are often 
among the first animal colonizers of new aquatic habitats and 
have even been captured landing on the shiny roof of an 
automobile in the desert far from the nearest water. 

Corixids are of some small importance in feeding on 
aquatic larvae of noxious dipterans; they are of greater 
importance as food for commercially valuable fish (and in 
some cultures, for humans). In addition, they have been used 
as indicators of organic pollution. 

The function of stridulation has been more thoroughly 
studied in Corixidae than in any other heteropteran group. 
(The so-called stridulitrum on the male’s abdomen is not 
sound producing but probably aids in clasping the female.) 

Superficially similar to corixids are the Notonectidae, 
backswimmers [wherrymen (cf. also Gerridae), boat flies] 
which, however, swim upside down; notonectids swim ventral- 
side down because that is where the buoyant air bubble is. 
Backswimmers, like water boatmen, are fusiform and also have 
flattened hirsute hind legs for swimming. However, they have 
typically heteropteran mouthparts, are wholly predaceous, lack 
modified foretarsi, and never have the pale irregular linear 
markings of many corixids. They range from 5 to 15 mm in 
length. Moreover, unlike corixids, notonectids bite viciously 
and painfully, as many a hydrobiologist has learned. The largest 
genus, Notonecta, occurs worldwide, and the other genera are 
more localized, although sometimes within entire continents. 

Like corixids, notonectids are excellent fliers and are also 
early colonizers of new bodies of water. Some notonectids 
also may use sound in courtship and mating, but the 
evidence here is far more slight than that for corixids. 
Backswimmers inhabit nearly all types of water, although 
records from saline or near-saline waters are scarce. 

These bugs are eager predators and they prey near the 
water's surface, whence they may drive their prey, a procedure 
aided by the bugs’ buoyancy. They feed on other arthropods 
(and occasionally fish: see later), including small crustaceans 
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and the larvae and pupae of blood-feeding flies. Mosquito 
larvae and pupae are favored by some notonectids, but over 
long periods they do not provide consistent biological 
control; however, female mosquitoes may recognize 
notonectid-infested ponds and refuse to lay eggs there. 

Backswimmers are themselves food for several kinds of fish 
(good), but may also feed upon fish larvae (bad); however, 
neither being fed upon nor feeding is of great economic 
importance. 

Pleidae (pygmy backswimmers) and Helotrephidae (no 
common name) resemble very small (both are about 1-4 mm 
long) notonectids; however, pleids lack the flattened hirsute 
hind legs of notonectids (and helotrephids). Both are oval to 
globular and very streamlined; helotrephids indeed have head 
and thorax fused. Like backswimmers, these bugs (both 
families) swim upside down (although they can at times 
swim rightside up), and they presumably get oxygen and prey 
in much the same way as do notonectids. Pleids occur almost 
exclusively in still waters, permanent or temporary; 
helotrephids live in almost any kind of water, still, or 
running, permanent or temporary, hot springs, or water 
seeps; one species can even wait in the desert for ephemeral 
waters. Members of both families may be of some small value 
in controlling mosquito larvae. Pleidae is wholly, and 
Helotrephidae mostly, tropical. 

The giant water bugs comprise the Belostomatidae; here 
are the largest of Heteroptera, ranging from 9 to 112 mm in 
length. All are predaceous, and the largest may be important 
pests in fish hatcheries; one group of species feeds on snails 
in Africa and is of some value in suppressing populations of 
snails that carry bilharzia (schistosomiasis); the report of a 
giant water bug attacking baby ducklings may (or may not) 
be a rural legend. Although active swimmers, belostomatids 
usually wait on submerged materials to capture prey 
swimming by. The bugs are attracted to lights, which 
explains a common name, “electric light bugs.” 

The belostomatid body is broadly oval and somewhat 
flattened; the forelegs are modified for grasping, and one claw 
is reduced. The eighth abdominal tergum is modified laterally 
into a pair of extrusible airstraps, which can be thrust above 
the water’s surface and through which air is moved to an air 
bubble below the wings. In several subfamilies several 
antennal segments bear fingerlike projections. 

Giant water bugs are well known for the remarkably painful 
“bite” (actually, stab) they can inflict. But they are even better 
known because females of one subfamily (Belostomatinae) 
deposit their eggs on the backs of males. The males care for the 
eggs by swishing water over them; this aerates the eggs and (it 
has been shown) prevents fungal growth. 

These bugs occur throughout the world and are the most 
diverse in the tropics. In some cultures giant water bugs are 
dried and eaten; in parts of Asia they are a delicacy. 

Closely related to Belostomatidae is Nepidae, the water 
scorpions; they range in length from 15 to 50 mm. Nepines 
(subfamily Nepinae) look rather like small belostomatids 
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except for the terminal air siphon, which may be more than 
twice the body’s length. Ranatrinae also has a long air siphon, 
and its body is long and very narrow, nearly round in cross 
section. Like the antennal segments of belostomatids, those 
of nepids have projections; unlike belostomatids, nepids have 
one-segmented tarsi. 

Water scorpions do not swim actively; they are, rather, 
“sit-and-wait” predators, often sitting patiently on vegetation 
in quiet ponds until appropriate prey wanders past. They 
grab the prey swiftly with the forelegs, rather like aquatic 
preying mantids. 

Like Belostomatidae, Nepidae occurs worldwide but is 
particularly abundant in the tropics. 

The toad bugs, Gelastocoridae (6-15 mm long), are 
riparian, not truly aquatic; they look (at least to the extremely 
untrained eye) like tiny toads, and they jump. The body is 
rough-textured and lumpy (“warty”); the eyes large, and the 
forefemora and foretibiae modified for prey capture. They 
occur throughout the world, and most species are tropical. 

Ochterids (Ochteridae), or velvety shore bugs, are also 
riparian, living along the margins of water bodies. Unlike 
most other nepomorphans, ochterids have antennae that are 
visible (although small); the bugs are 4 to 9 mm long; and are 
mostly but not wholly tropical. With their visible antennae, 
suboval shape, and often mottled color patterns, ochterids 
look rather like saldids (see later, under Leptopodomorpha), 
a leptopodomorphan group that indeed is ecologically 
replaced by ochterids in the tropics. 

Naucoridae, which contain the creeping water bugs, or 
saucer bugs, are 5 to 20 mm long and elongate-oval, with 
hidden antennae and enlarged forefemora. They look like 
small belostomatids; however, naucorids lack airstraps, their 
eyes are relatively larger than belostomatids’, and their dorsal 
surface is sometimes mottled. 

Two naucorid subfamilies, Aphelocheirinae and Potamo- 
corinae, are often treated as separate families in the recent 
literature, partly because they have small but visible antennae 
and other nonnaucorid features. The former subfamily (60 
species) ranges in length from 3.5 to 12 mm and contains the 
best plastron breathers in Heteroptera. So effective in trapping 
and keeping the air bubble are their hydrofuge hairs that these 
bugs can remain their entire lives below water, using the 
bubble as a physical gill. This ability allows aphelocheirines 
to live deep in the water, a niche unavailable to other aquatic 
bugs which must surface at least occasionally to replenish 
their air supply. Aphelocheirinae, like Nepinae, are primarily 
tropical, but with significant representation in the Holarctic 
(Nepinae) or Palearctic (Aphelocheirinae) region. 

The eight potamocorine species are all Neotropical and 
look like very small (2.5—3 mm long) naucorids except for the 
visible if small antennae. Nothing is known of their biology. 

Leptopodomorpha 


this infraorder have few species and are poorly known. The 


With one exception, the families of 


family groups in Leptopodomorpha have been arranged 
variously by various authors. This article follows Schuh and 


Slater, who in 1995 listed four families: Saldidae (265+ 
species), Aepophilidae (1), Omaniidae (5), and Leptopodidae 
(about 40). Most leptopodomorphs live near water, in damp 
places, and members of the Omaniidae and Aepophilidae are 
intertidal; many leptopodids, however, live in quite dry 
habitats. These bugs are small (about 1-7.8 mm long), with 
large eyes (except Aepophilidae) and a broad head. All are 
predaceous (as far as is known). 

The largest and best known family is Saldidae, whose 
members range in length from 2 to 7.8 mm. Known as shore 
bugs, saldids occur in damp areas near water; they are 
excellent jumpers, fly readily, and are more difficult to collect 
than they at first appear to be. The eyes are indented medially 
(kidney-shaped), and the dorsum of many species is mottled 
dark and light. The male has a grasping structure on the side 
of the abdomen. Shore bugs occur mostly in temperate 
regions (somewhat unusual for heteropterans) and may occur 
at fairly high elevations or quite far north (e.g., Alaska); a few 
are intertidal or found in salt marshes. 

Aepophilidae and Omaniidae are wholly intertidal. Indeed, 
the single aepophilid species lives below the water, breathing 
(like Aphelocheiridae) via plastron respiration with an air 
bubble permanently trapped in a dense mat of hydrofuge hairs. 
Omaniids seek prey on exposed rocks at low tide; at high tide 
they wait in crevices, probably tapping air bubbles for oxygen. 
Members of both families are very small (2 and 1-2 mm long, 
respectively), and presumably feed on even smaller intertidal 
invertebrates. Aepophilids have quite small eyes, as do 
aphelocheirids, suggesting that a life permanently under 
erratically moving water is not sight based. 

Aepophilus bonnairei occurs in Europe south to coastal 
North Africa. Omaniids are known from the Red Sea, south 
to Aldabra on the African coast, and east to Samoa; it seems 
likely that they occur on the Indian Ocean coast, and on 
coasts to the east. 

Species of Leptopodidae are about the same size as saldids, 
ranging from about 2 to 7 mm in length. These bugs vary in 
shape, and males have a grasping organ similar to but 
different from that of saldids. Most species are tropical, and 
many occur near water, but others are in quite dry habitats. 
Some have been collected in ant lion pits, which suggests 
they may be scavengers. 

Cimicomorpha 
infraorders, containing as it does Miridae and Reduviidae, 


This is by far largest of the heteropteran 


the two largest families. Within the infraorder’s 14 families is 
the widest variety of foods and of habitats: primitively 
predaceous on other arthropods, three major groups have 
moved to feeding on vertebrate blood, and others to feeding 
on plants. Habitats of various cimicomorphans range from 
human homes and caves to the webs of spiders, embiids, and 
psocids; one reduviid “fishes” for termites and another is 
“led” to its food by ants. 

The group has long been recognized (before the current 
classification of Heteroptera) but is held together only loosely 
by shared advanced character states, not all of which are 


possessed by all members. The head usually bears some long- 
socketed hairs (trichobothria) and is usually prominent and 
extends directly forward; the forewing’s membrane usually has 
several closed cells, the claws usually lack pads between them; 
and the eggs offen have a characteristic type and arrangement 
of microstructures. However the sperm storage organ of other 
heteropterans (the spermatheca) is in cimicomorphs nonfunc- 
tional or either greatly reduced or absent. The cimicomorphan 
families are united by this last character. Moreover, since each 
family is more or less phylogenetically related to another, the 
first and last are joined less by their relationship to each other 
and more by their relationship one at time to those in between 
(rather like a group of people in a line holding hands). 

With its 6700 species, Reduviidae is the second largest of the 
Heteropteran families; it is also perhaps the most diverse, as is 
suggested by the 25, or 22, or 21, or 29, or 23 subfamilies— 
and the confusion over the number! Suggested by the 
number is the systematic confusion at the higher taxonomic 
levels, a situation similar to that in the Pentatomidae (another 
large family) and—until recently—in the Lygaeidae (yet 
another). 

Reduviids, also called assassin bugs, for the fierce way some 
attack prey, vary greatly in shape and in size, ranging in length 
from 3-4 mm to 40+ mm. All (or most) have a short, stubby, 
slightly curved beak, designed for being stabbed downward 
through the cuticle of arthropod prey; well-developed eyes 
(sight-orienting predators); forefemora often enlarged and 
with spines for prey capture; forewing membrane with two 
closed cells; glandular setae and a spongy pad on the 
foretibiae, presumably to help in grasping; paired first- 
abdominal glands (Brindley’s glands) whose secretion 
apparently wards off enemies (but, then, what is the function 
of the metathoracic scent glands?); and a stridulitrum on the 
prosternum whose plectrum is on the beak, also presumably 
to frighten would-be vertebrate predators. Not all reduviids— 
even not all reduviid subfamilies and tribes—have all these 
characters, but most species are two to four times longer than 
wide, with a large head, bulging eyes, and a stout beak. Most 
assassin bugs are easily recognized. 

All reduviids are predaceous, the great majority on other 
arthropods. There is some degree of specialization: 
Ectrichodiinae (645 species) on millipedes, Peiratinae (47 
species) on hard-bodied prey like grasshoppers and beetles, 
Harpactocorinae (2060 species) on soft-bodied prey like grubs 
and caterpillars, Reduviinae (980 species) on social insects, 
Emesinae (920 species) on flies, and other subfamilies with 
usually lesser degrees of specialization (but again it must be 
emphasized: much generalization here is based on scant data). 

One group, the subfamily Triatominae, feeds upon the 
blood of vertebrates (mostly warm-blooded vertebrates). These 
are the only bugs responsible for a human disease: Chagas’ 
disease is a serious trypanosomiasis in the neotropics, costing 
many deaths every year. Triatomines that live near or in human 
dwellings are vectors of the protozoan parasite Trypanosoma 
cruzi. An intense cooperative effort by Latin American 
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countries and several other national and international agencies 
is gradually reducing the range of this disease. 

Triatomines are large (50-20 mm long, 5-8 mm wide) 
bugs, usually brown or patterned light and dark brown. They 
occur throughout the New World tropics and subtropics 
(including well into the United States) and the “wild” (sylvatic) 
ones feed on small mammals (often burrowing rodents) and 
(some species) on birds. Domestic triatomines live in the thatch 
or in litter on the floor of dwellings. One genus (Linshcosteus) 
occurs only in India; a species complex of Triatoma occurs in 
Malaysia, Indonesia, New Guinea, and surrounding areas; 7’ 
rubrofasciata is pantropical (and may be the ancestor of the 
species in the second group). The possibility that Triatominae 
is paraphyletic (or polyphyletic)—that its members are 
descended from several different reduviid groups and inde- 
pendently evolved blood feeding—is being investigated. 

Certain reduviid species and smaller groups feed rather 
strangely: An Indian reduviine (Acanthaspis siva) hunts honey 
bees at their nests, and some neotropical apiomerines, which 
wait near resin sites for certain bees to arrive to harvest nest- 
constructing resin, may even release a kairomone to attract 
the bees, which are eaten; fossil evidence indicates that the 
latter relationship goes back at least 25 million years. The 
Indian harpactocorine Lophocephala guerini feeds on the 
juices emanating from cow feces (or perhaps on arthropods 
found within?) and is led to this food by ants, which in turn 
feed upon the bugs’ feces. Many emesines live unentangled in 
spider or psocid webs, and they feed on their hosts or on prey 
trapped therein. Sa/yavata variegata (Salyavatinae, neotropical) 
waits by crevices in termite nests and disguises itself with bits 
of the nest itself; it eats termites that emerge to repair the 
crevice and even uses the remains of fed-upon termites as bait 
to lure more termites out. 

Most reduviids actively seek prey and seize it. Some wait 
where prey is sure to be found (e.g., termite or bee nests); 
others wait more patiently for less specific prey. Once seized, 
prey may be fed upon at once or, often, dragged to a secluded 
spot. Nymphal reduviids may engage in communal feeding: 
several bugs feeding on a single prey. This occurs in other 
predaceous heteropterans too, and probably the pooling of 
saliva with its digestive enzymes is of benefit to all (except the 
prey). Several reduviids resemble other heteropterans (e.g., 
alydids, pyrrhocorids) and may be associated with them. 
Some have thought this a ruse to lure these others to their 
doom (see earlier comments on this “aggressive mimicry”). 

Reduviids are abundant in most habitats. They are large 
and presumably eat a lot. They are aggressive predators. It is 
therefore surprising that their possibilities as biological 
control agents have been so little studied (except—recently— 
in southern India, as described by Ambrose). 

Phymatidae is a family often included in Reduviidae, and 
as often treated separately. Also known as ambush bugs, 
phymatids lie in wait for their prey, grabbing them with 
ferociously enlarged forelegs. In the United States, a common 
ambush bug is yellowish and lurks in late-summer yellow 
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flowers, waiting for hapless bees and other insects seeking 
nectar where “rosae ... sera moror” (to twist Horace a bit). 

The small family Pachynomidae contains 15 described 
species of tropical predators. They look like certain nabids 
and share characters with several different cimicomorphan 
groups; recently they have been placed as the sibling group of 
Reduviidae. They and another family, Velocipedidae, are the 
only cimicomorphans with ventral abdominal trichobothria 
(long-socketed hairs, regularly arranged), a feature found 
more commonly in Pentatomomorpha. Pachynomids range 
from 3 to 15 mm in length. Nothing is known of their 
biology—not even the immatures (that they are predaceous 
is inferred from the thick curved beak). 

The family Miridae [Capsidae (Britain), plant bugs], with its 
10,000 species, contains nearly one-third of all heteropterans. 
So vast is the family and so diverse in habits and habitats, that 
it cannot be covered here. Luckily, Wheeler's excellent book on 
the family’s biology is available. 

All but one group of mirids lack ocelli (hence the German 
name Blindwanzen, “blind bugs”); all are relatively small 
(1.5-15 mm long), delicate in appearance, usually brown or 
greenish but often brightly and contrastingly colored, and 
range in shape from elongated to round to myrmecomorphic. 
Many (most?) have setae on their surfaces, a “break” in the 
forewing where leathery part (corium) and membranous part 
meet, one or two closed membranal cells, and asymmetrical 
genitalia in the male. 

The primitive groups are predaceous, reflecting the 
predacity of their infraorder (Cimicomorpha). Many mirids are 
herbivorous, however, although even many of these have 
reverted to predacity (“secondarily predaceous”). Overall, the 
percentage of predaceous (and scavenging) mirids is quite high; 
and many others are omnivorous, supplementing a plant diet 
with arthropod prey, or vice versa. Moreover, many mirids are 
cannibalistic. In general, then, a great many mirids are oppor- 
tunistic feeders and, therefore, may be crop pests under one set 
of circumstances and useful control agents (of weeds or pests) 
under other circumstances. However, mirids are small and feed 
on small prey (eggs, small arthropods). Thus they are rarely seen 
feeding, and their impact on natural ecosystems and on 
agroecosystems, although great, is much underestimated (this 
of course is true of all small predaceous arthropods). 

Many mirids are somewhat host specific, at least at the bug- 
species to plant-genus/tribe level. The bugs feed, usually 
intracellularly, on the reproductive parts of plants and on new, 
still-growing somatic tissues. The bugs’ enzymes cause the 
plant to mobilize nitrogen to these feeding wounds, which the 
bugs suck up. Many mirids feed on annual plants, and often 
on plants that appear only briefly (e.g., early successional 
plants); the brief presence of such plants, and their great 
diversity, may help explain the diversity of mirids: this type of 
association would seem to promote speciation. 

Some of the predaceous mirids also appear to be host 
specific, but the specificity would seem to be more one of 
habitat than of prey: associated with a particular habitat 


(rhododendron plants, tree bark), the mirids perforce feed on 
prey found only there (cf. Anthocoridae). Members of one 
subfamily, Cylapinae, occur with fungi, and although they 
may feed on arthropods also found there, at least one species 
feeds directly on the fungus. 

Because of their numbers and diversity, mirids occur 
throughout the world in all manner of habitats (except 
aquatic, but some are found in salt marshes). Probably a 
majority of plant species is fed upon by mirids, and their 
populations may become high locally; mirids are therefore 
often the most frequently collected of heteropterans. 

As mentioned, the family is very large; one genus 
(Phytocoris) contains more than 600 species. Eight subfamilies 
are accepted (but not universally), but it is not surprising that 
there is less agreement about the number and validity of tribes. 
Much work is needed on cladistic analyses and higher group 
systematics of Miridae. And, because of the variety in food 
preferences, in habitats, in degrees of food and_ habitat 
specificity, and in other aspects of their biology, biological and 
ecological data should be used in these analyses. 

Related to the mirids are the Tingidae, known as lace bugs 
because of the elaborate expansions of the thoraces (and 
sometimes heads and abdomens) of many of these bugs. 
Although small (1.5-10 mm long), these are among the 
loveliest of Heteroptera; some vaguely resemble large 
coleorrhynchans, but there is no phylogenetic relationship. 

Because of their often bizarre shape and strange (and attrac- 
tive) outgrowths, it is not easy to characterize lace bugs. The 
head is small or of moderate size, the body (when shorn of 
outgrowths) usually oval. In most tingids the expansions of the 
thorax conceal the scutellum and, in some, a pronotal “hood” 
may partly cover the head; some species are coleopteroid 
(forewings completely leathery or hard, and closely 
appressed; the bug looks beetlelike). 

The family, with nearly 2000 species, is distributed 
worldwide; all tingids are herbivorous, even members of a small 
subfamily that live in ants’ nests and (probably) feed on rootlets 
that penetrate therein. As a group, lace bugs prefer woody 
plants (but there are many exceptions) and are quite host 
specific, either at the plant-specific or -generic level. Species in 
one genus (Acalypta) are among the few heteropterans that feed 
on mosses; and members of two other genera (Copium and 
Paracopium) are the only heteropterans that induce gall 
formation in their host plants. Tingids’ preference for woody 
(perennial) plants sets them apart from mirids (which seem to 
prefer annuals) and perhaps partly explains why there are so 
many more of the latter. 

This feeding preference of lace bugs also explains why so 
many are pests of ornamental and fruit-bearing shrubs and 
small trees, where they feed mostly on somatic tissue. Large 
populations can arise quickly, the buildup aided in part by 
various defensive mechanisms of the nymphs. These range 
from maternal care through several defensive pheromones 
and kairomones, to an array of sharp or defensive-liquid- 
producing setae on the body. Another strategy is the laying of 
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small batches of eggs in different places, a form of bet 
hedging (this of course occurs in many other groups). These 
population buildups often lead to major problems localized 
in time and space. 

Maternal care has been carefully worked out in the genus 
Gargaphia, especially G. solani. In this species several females 
may oviposit in a single cluster, which they then communally 
guard, as well as the resulting nymphs. This opens up the 
possibility of “cheating”: a female that lays eggs in the cluster 
but does not help guard it can thus devote more time and 
resources to producing more eggs. 

One other family of Cimicormorpha is herbivorous: the 
19 species of Thaumastocoridae feed on a variety of plants, 
but many feed on palms, and the name palm bugs has been 
given to the family. These are small (2-5 mm long) insects, 
broadly to narrowly oval, and flattened. The external 
genitalia are much reduced: the ovipositor is gone in females, 
one or both parameres are gone in males; the genital capsule 
is highly asymmetrical. Like tingids, these bugs feed on the 
cells of plants’ somatic tissues (usually leaves), leaving behind 
pale spots. Populations occasionally build upon ornamental 
plants to the point of visible damage. One such culprit is the 
royal palm bug, Xylocoris luteolus, which may at times cause 
unsightly damage to a decorative palm. 

The approximately 400 species of Nabidae are about 8 to 
12 mm in length and most are slight in appearance, which 
perhaps accounts for the derivation of their name, damsel 
bugs. All are predaceous, but some will probe plants, probably 
for water (none survive on plant food alone). The majority of 
species seem to prefer seeking prey on low vegetation or in 
fields, and for this reason nabids are an important component 
of agroecosystems. Nabids also fly readily and disperse well. 
As a result, several species are cosmopolitan. One genus 
(Arachnocoris) lives in spiderwebs, probably stealing prey. 

Most nabids are brown or light brown, although a few are 
black and red. The males of most species have a specialized 
group of tibal setae which, upon being rubbed across part of 
the genital capsule, spread an attractant pheromone produced 
in rectal glands. 

In many species copulation is normal, but in some a form 
of internal traumatic insemination (cf. Cimicidae) occurs, 
wherein the male aedeagus pierces the wall of the female’s 
genital chamber and deposits sperm in her hemocoel. 

Two small cimicomorph families, Medocostidae (one 
species) and Velocipedidae (discussed earlier), have been 
placed in Nabidae from time to time. The arguments for 
excluding them are slightly more persuasive than the argu- 
ments for including them (more persuasive for the first than 
the second); and the evidence for their phylogenetic 
relationships is equally insecure. 

The single medocostid species is about 9 mm length, 
elongated oval, and presumably predaceous. It has an 
unusually long fourth rostal (beak) segment and lives under 
bark in western and central Africa. 


Three other small families are Plokiophilidae (a half 
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dozen or so species), Microphysidae (25-30 species), and 
Joppeicidae (one species). The first appears to be related to 
Anthocoridae—Cimicidae, but the relationships of the other 
two are not clear, their affinities with other groups consisting 
mostly of character-state losses. All are small (1-3 mm long) 
and predaceous. Of these, the most interesting are the 
plokiophilid bugs, which live in webs, one species in those of 
embiids, where they feed on eggs or dead embiids. Other 
species live in spiderwebs (like some nabids), where they feed 
alongside the spider on trapped prey. Microphysids are found 
on tree trunks, and the joppeicid in dry situations. 

Closely related to one another are Polyctenidae (bat bugs) 
and Cimicidae (bed bugs, although most—like all 
polyctenids—are ectoparasites of bats). Both groups are well 
adapted as ectoparasites of vertebrates: They are wingless and 
flattened, the latter an adaptation both for slipping through 
the hair or feathers of a host and for expansion of the body 
during engorgement. Cimicids are temporary ectoparasites, 
moving onto the host only to feed. 

As noted earlier, it is cimicids, the bed bugs, that have 
given their name to heteropterans: true bugs. The 100 or so 
species are temporarily ectoparasitic on bats, birds (mostly 
those that roost in groups), and humans. Of the human bed 
bugs, C. lectularius (worldwide, especially in cooler regions) 
and C. hemipterus (tropics), the former is among the very few 
arthropods associated on/y with humans (like the house fly 
and the head/body louse). C: hemipterus, the tropical bed bug, 
may also be found on bats, but it seems to prefer humans. 

These human bed bugs are small (5 mm long), round to 
broadly oval, flat (except when engorged with blood), and 
brown; they are well known, to the extent that although no one 
claims to have seen one, everyone knows someone who has. 
Because bed bugs are secretive and feed at night, they are not 
uncommon but are rarely seen, spending the day hidden in 
crevices in dwellings and in bedclothes. Despite their ubiquity, 
they usually do little harm. They spread no pathogen (although 
they have been implicated in transmission of hepatitis B virus 
in southern Africa, the evidence offered is at best equivocal), 
and for the most part they are annoying rather than harmful. 

Cimicids that feed on birds can cause harm: some feed on 
poultry and may take enough blood to decrease egg and meat 
production; and swallow bugs (genus Oecacious) may cause 
serious damage to populations of these attractive and useful 
birds. 

It is in the human bed bug that traumatic insemination 
has been studied in the most detail. The male punctures the 
venter of the female’s abdomen with his scimitar-shaped left 
clasper. Sperm are deposited either directly into the hemocoel 
(more primitive cimicids, some noncimicids) or into a patch 
of tissue specialized for their reception. In either case, the 
sperm then travel (for part of their journey, from cell to cell) 
to the base of the ovarioles, where they are stored; this 
journey cannot occur if the sperm are not activated by an 
agent in the seminal fluid. Eggs are fertilized as they pass the 
storage depot. This process has not been worked out for the 
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majority of traumatically inseminated species but is probably 
the same in broad outline. 

Unlike bed bugs, polyctenids live permanently on their 
bat hosts and are so well adapted to this way of life that they 
closely resemble not cimicids but bat flies (Streblidae, 
Nycteribiidae). They are eyeless and have claws and stiff setae 
“designed” as in other ectoparasites to catch on fur and 
prevent them from being captured and dragged away by the 
host. Bat bugs have also carried further the traumatic insemi- 
nation of their relatives: the female is mated before molting 
to adult, through the base of the right midcoxa into the 
hemocoel, whence the sperm move close to the oviducts. 
Here (apparently) fertilization takes place, and here too 
occurs not only embryogenesis but hatching. Nymphs are 
then “born,” and because some of these births may occur 
before the female is adult, they represent a form of 
pedogenesis (i.e., reproduction by immature stages). The 
embryos are nourished in part directly from the oviduct wall, 
and the entire process has therefore been termed pseudo- 
placental viviparity, a phenomenon that occurs in other 
groups of insects (cf. the tsetse fly). (It is not clear that mating 
must occur before molting; presumably an unmated adult 
female can be mated.) 

Bat bugs are 3 to 5 mm in length and occur in the tropics. 
As a group they show some host specificity, and it would be 
interesting to compare their host associations with those of 
streblids and nycteribiids. 

Anthocoridae contains 500 to 600 species and here 
includes the subfamilies Lyctocorinae and Lasiochilinae, 
sometimes treated as separate families. Anthocorids are 
sometimes called minute pirate bugs, perhaps because they 
are predaceous and some of the more common ones are 
picturesquely black and white (like the Jolly Roger). 
Anthocorids’ eyes are prominent, suggesting they orient to 
prey visually “up close”; some evidence indicates they are 
initially attracted by the odor of the leaves on which prey are 
feeding. The left paramere of the male is in many anthocorids 
modified for traumatic insemination of the female. 

Although small (1.5-6 mm long), anthocorids are efficient 
predators on small arthropods and upon the eggs and early 
instars of larger arthropods. They are also abundant in many 
habitats, and for these reasons are quite useful in biological 
control. In Europe especially, anthocorids are used for control 
of pests in such confined growing areas as greenhouses. Some 
members of the Lyctocorinae live in dry areas and have proven 
useful in the control of stored-food pests. 

Many anthocorid species seem to be habitat specific. One 
impressive example is Elatophilus, whose species are found on 
the trunks of north temperate pines, where they feed on 
Matsucoccus scale insects; the specificity appears to be one of 
habitat, not prey. Other anthocorids live on the trunks of 
other trees, feeding there on small homopterans and 
sometimes bark beetles. 

Also known as flower bugs (again perhaps for their daintily 
contrasting colors), a few anthocorids—mostly of the large 


and widespread genus Orius—live on annual plants; but this 
is not the most important habitat of anthocorids. Most 
species (as far as is known: not very far) live on tree trunks, 
some in leaf and other ground litter and the bases of grass 
clumps, and some in natural accumulations of seed or berries 
(and in the nests of rodents that have carried these foods in— 
perhaps evolutionarily en route to living where grain is 
stored). Because of the considerable value of these bugs in 
biological control, the literature on their biology is vast. 
Unfortunately, the literature is concerned with relatively few 
species, and the biologies of most are wholly unknown. It is 
known that some species (perhaps many?) supplement their 
diet with pollen; and at least one may be entirely herbivorous. 
This is the second largest of the 
heteropteran infraorders. Unlike the others, it (and 
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Aradomorpha) is primitively herbivorous: that is, the ancestor, 
or the earliest members, of the infraorder, were themselves 
almost certainly feeders on plant juices. With few exceptions, 
members of Pentatomomorpha feed on plants. The exceptions 
are certain Rhyparochromidae that feed on vertebrate blood; 
members of Geocoridae, which prey on small arthropods as 
well as plants; a very few Pyrrhocoridae that may be either 
obligate or facultative predators (it is not always clear which); 
and Pentatomidae of the subfamily Asopinae, all of whose 
members are predaceous. For the most part, pentatomo- 
morphs feed on the nitrogen-rich reproductive parts of plants: 
flowers, ovules, and ripe and unripe seeds. Many, however, feed 
on plant somatic tissues. 

Pentatomomorphs range from the very small (some 
Lygaeoidea) to the largest of the land bugs. The beak is long, 
extending usually at least to the mesosternum and sometimes 
beyond the abdomen; the abdomen’s venter bears a regular 
number of regularly arranged socketed setae. Associated with 
the metathoracic scent gland opening is one or more raised 
structures, and the shape is rounded to narrowly oval (rarely 
long and thin). 

Pentatomomorpha contains five superfamilies—six if one 
includes Aradoidea. (The recent elevation of this group to 
infraorder level has not met with universal acceptance, and in 
this article “Aradoidea” 
Aradomorpha). 

The Idiostoloidea contains two families, Idiostolidae (four 


is treated as the infraorder 


species) and Henicoridae (one species); the latter was until 
recently considered to be a subfamily of Lygaeidae (in the broad 
sense, as discussed shortly). In some features (e.g., abundance of 
trichobothria), Idiostoloidea appears to be the most primitive of 
the pentatomomorphan superfamilies; however, in Henry's 
analysis, this group is the sister group of the families formerly 
included in Lygaeidae. The biology of Idiostoloidea is not 
known, although specimens have been captured on the ground, 
not up on plants. Idiostolids are associated with the moss and 
litter of southern beech (Nothofagus) stands, and may indeed 
feed on mosses. The superfamily has a Gondwana distribution 
occurring in southern South America and in Australia (see also 
Coleorrhyncha, earlier). 


Until recently most members of the superfamily 
Lygaeoidea were classified in the family Lygaeidae. However, 
it had long been recognized that the members of this family 
were not all closely related and that indeed Lygaeidae was 
paraphyletic and, probably, polyphyletic: that is, Lygaeidae 
did not include all descendents from the common ancestor, 
and indeed different members of Lygaeidae were descended 
from several different ancestors. In 1997 T. J. Henry applied 
cladistic analysis to Lygaeidae, as well as to related families, 
and presented a new classification of the members of the 
former Lygaeidae. This classification, which has been 
generally (but not universally) accepted, is used here. 

The family Lygaeidae (sensu Henry) now consists of 15 
families: Artheneidae, Blissidae, Cryptorhamphidae, Cymidae, 
Geocoridae, Heterogastridae, Lygaeidae (sensu strictu), 
Ninidae, Oxycarenidae, Pachygronthidae, Rhyparochromidae, 
Berytidae, Colobathristidae, Malcidae, and Piesmatidae. The 
last four had already been treated as separate families in the old 
Lygaeoidea. The superfamily contains roughly 4400 species, 
most of them in the former “Lygaeidae.” 

Lygaeoids are relatively small heteropterans (1-20 mm 
long); the largest are the milkweed bugs, several of which are 
common in North America. Milkweed bugs are Lygaeidae 
(sensu strictu), and many are warningly colored because they 
are distasteful. Of greater importance are the chinch bugs 
(Blissidae); all feed on grasses, and several are serious pests of 
graminaceous crops (wheat, sugarcane, rangeland and lawn 
grasses, etc.). Several other families are of some economic 
importance (Geocoridae, one of the few facultatively 
predaceous groups in Pentatomomorpha, in biological 
control; some Colobathristidae on sugarcane, Fig. 2). 

Members of the largest lygaeoid family, Rhyparochro- 
midae, with nearly half the superfamily’s species, feed on 
fallen seeds; for this reason they are called seed bugs, a name 
that by extension is often applied to lygaeoids generally. 
Members of other lygaeoid families feed on seeds still attached 
to plants, and others feed directly on somatic tissues (mostly 
leaves, sometimes in vascular tissue, sometimes in plant cells). 
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Members of the rhyparochromine tribe Cleradini, and 
one species in the tribe Udeocorini, feed on vertebrate blood, 
and it has been suggested they might be able to vector 7’ 
cruzi, the pathogen of Chagas disease (see Reduviidae). 

Of the five families in the superfamily Coreoidea 
(Coreidae, Alydidae, Rhopalidae, Stenocephalidae, and 
Hyocephalidae), the first is by far the largest in number of 
species (1800-1900) and in size; indeed, members of the 
neotropical coreid genus Thasus may be the largest land 
heteropterans known (Fig. 3); up to 40 mm in length, being 
exceeded in this respect only by some giant water bugs 
(Belostomatidae). The other families are smaller in numbers 
and size: Alydidae (about 250 species), Rhopalidae (some- 
what more than 200), Stenocephalidae (about 30), and 
Hyocephalidae (3). All are phytophagous. 

Members of Coreidae are sometimes called leaf-footed 
bugs because several species, occurring in several apparently 
unrelated tribes, have hind tibial expansions (and sometimes 
antennal expansions) as adults, as nymphs, or as both; their 
function is obscure, although they may serve to deflect the 
attacks of birds. Males of several groups of coreids have 
enlarged hind femora, which are used to defend territories 
from other males. The nymphs of several species are 
gregarious, and it would be interesting to learn whether this 
gregariousness occurs in species whose males are territorial. 
The coreid head is small relative to the body (cf. Alydidae), 
and the bugs’ length ranges from about 6 to 40 mm. 

Members of the family feed up on plants, some species on 
ripening seeds and other reproductive parts, and many 
species on the juices from vascular tissue. Varying degrees of 
host specialization occur in the family, from mono- through 
oligo- to polyphagy. Some species feed on cucurbits (hence 
another common name, squash bugs). Some unrelated coreid 
groups (Pseudophloeinae, and three coreine tribes) are 
among the few heteropteran family groups to have broached 
the defenses of the Leguminosae and to have radiated upon 
these plants. Several of these bugs are serious pests of legume 


crops (e.g., pigeon pea) in the Old World tropics. 





FIGURE 2 A lygaeid, Wekiu bug, Nysius wekiuicola, feeding on Calliphoridae. 
(Photograph by Peter Oboyski.) 


FIGURE 3 Mesquite bug (adult), Thasus neocalifornicus. (Photograph by 


John H. Acorn.) 
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FIGURE 4 Broad-headed bug (nymph), probably Megalotomus quinque- 
spinosus. Note ant mimicry. (Photograph by John H. Acorn.) 


The males of one species, Phyllomorpha laciniata, are 
heavily spined and, somewhat like some giant water bug 
males, carry among the dorsal spines their females’ eggs. 

Alydidae—called broad-headed bugs because the head is 
relatively wide (it also resembles an ant’s)—comprises three 
groups. The subfamily Alydinae is another group specializing 
on legumes, upon whose ripening seeds the bugs feed. Several 
species are pests of legume crops (e.g., soybean, pigeon pea) 
in the tropics. Immature alydines mimic ants, often success- 
fully enough to fool heteropterists; some species mimic small 
species of ants as early instars and other larger ant species 
when older (Fig. 4). 

Some members of the second alydid group (Micrelytrinae: 
Micrelytrini) mimic ants both as adults and as nymphs. The 
biology of this pantropical tribe is almost completely 
unknown, although one species may become abundant on 
range grasses in northern South America. It has been 
speculated that many micrelytrines are grass feeders (on grass 
seeds?), as are members of the other tribe (Leptocorisini) of 
Micrelytrinae. 

All members of Leptocorisini feed on grasses, as far as is 
known. Some species (genera Leptocorisa, Stenocoris) are 
elongated and are often serious pests on rice in the Old 
World. Leptocorisines feed on the rice panicles and, when 
rice of the appropriate stage is not available, rice bugs feed on 
wild grasses found nearby. These grasses thus serve as a 
reservoir for the rice pests; some leptocorisines prefer these 
grasses to rice, however. 

Members of Rhopalidae are called scentless plant bugs 
because all are herbivorous and the external opening of the 
metathoracic scent gland is small and placed more ventrally 
(hence harder to see) than are the openings of other bugs. 
Rhopalids are not scentless, however, and indeed the scents 
of a few species have been analyzed. 

The subfamily Serinethinae (60-65 species, mostly 
tropical and subtropical) includes the box elder bug (Fig. 5), 
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FIGURE 5 Box elder bugs (adult and nymphs), Boisea trivittatus. 
(Photograph by John H. Acorn.) 


which in North America sometimes seeks warmth in houses 
in late fall. Serinethines feed on sapindalian plants and occa- 
sionally become minor pests on these ornamental plants. The 
150 or so members of Rhopalinae are more drab than the red 
and black Serinethinae, and far more of them occur in the 
Holarctic region. They feed on a variety of plants and rarely 
become pests even locally. At least one species has helped 
biologically control a weed, velvetleaf, in the United States. 

Stenocephalidae occurs in the Old World tropics, with a 
few members in the Palearctic region; the single species on 
the Galdpagos Islands may have been introduced by ship 
from Africa. Stenocephalids feed on euphorbs, as far as is 
known. The family is of interest because it possesses certain 
features of Coreoidea (many) and of Lygaeoidea (ovipositor 
type, egg type); the phylogenetic significance is unclear. 

The three species of Hyocephalidae are all Australian. The 
family is related to Stenocephalidae, and both families seem to 
be primitive in the Coreoidea. Little is known of hyocephalid 
biology except that some occur under stones, where they 
apparently feed on fallen seeds. Both stenocephalids and 
hyocephalids are relatively large (8-15 mm long) and slender. 

Pentatomoidea is a well-defined superfamily, although there 
is some disagreement (not to say confusion) about the higher 
classification of the groups within: some heteropterists treat 
some groups as tribes, subfamilies, or even families, and others 
treat them differently. The taxonomic limits of Pentatomoidea 
are clear and agreed upon; and there is general agreement that 
the various tribes, and so on are indeed worthy of suprageneric 
rank: the level of that rank is sometimes argued. A forthcoming 
catalog of the largest family, Pentatomidae (by D. A. Rider), 
will help settle some of these questions. 

In general, pentatomoids are larger than many other bugs. 
Most (but not all) have five-segmented antennae (hence the 
name); most other heteropterans have four. Most are also wider 
than many other heteropterans, and, ranging in length from 
about 4 to 30 mm, many pentatomoids appear somewhat 
“squat.” Quite a few are very brightly colored. All except one 
subfamily (Pentatomidae: Asopinae) are herbivorous; the 





FIGURE 6 Adult predaceous pentatomids (Eocanthecona furcellata) feeding 
collectively on a caterpillar (Eupterote mollifera) in southern India. 


superfamily contains general feeders and quite host-specific 
ones. Within both groups are some serious pests of crops, and 
asopines have shown some success in biological control. 

The largest family, Pentatomidae, whose approximately 
4500 species make it slightly larger than Lygaeidae (in the old 
sense, as discussed earlier), occurs abundantly throughout the 
world. One species, the southern green stinkbug, Nezara 
viridula, is cosmopolitan, feeds on just about anything green, 
is a major pest in some areas and a minor one in many others, 
and in Asia has several striking color varieties. This species has 
been so widespread for so long that its place of origin remained 
unknown until recently: it probably arose in or near Ethiopia. 

Pentatomids are for the most part relatively large, ranging in 
length from 8 to 20 mm. They are also herbivorous, with the 
exception of one subfamily (Fig. 6). Most of the few pentatomids 
whose feeding habits are known are polyphagous; some feed 
more narrowly. Members of one group, related to Aelia, feed on 
grasses; and several species of Ae/ia itself are serious pests of small- 
grain crops (Sunn pests, as discussed shortly in connection with 
“Scutelleridae”). Pentatomids are among the most serious pests of 
soybean worldwide: when a new area opens up to soybean 
production (e.g., southern Brazil several years ago, central Brazil 
a few years ago), local legume-feeding or polyphagous penta- 
tomid species rapidly become soybean pests. Because of the 
family’s size and the number of crops its members feed on, 
Pentatomidae is one of the most important heteropteran families. 

The subfamily Asopinae is predaceous, a fact easily 
recognized by its members’ short stubby beak, well designed 
for stabbing into prey. Asopines are useful in biological 
control, and one (Perillus bioculatus) specializes on the 
Colorado potato beetle and related chrysomelids; the red of 
this bug is derived from ingested pigment of the beetle prey. 

Many pentatomids are green or (more often) brown, 
perhaps as camouflage on plants and ground (some feed up on 
plants and hibernate or estivate on the ground). However, 
quite a few are brightly and contrastingly colored and are 
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FIGURE 7 Coleotichus blackburniae (Scutelleridae). (Photograph by Peter 
Oboyski.) 


presumably aposematic. Many pentatomids live on tree trunks 
and indeed may be the most common group of herbivorous 
bugs to use this habitat; it is not clear what they feed on, 
perhaps mosses and other epiphytes and perhaps (occasionally) 
these bugs can penetrate through to the tree’s cambium. 

Most pentatomids are somewhat broad and flattened, but 
some (like the grass feeders) are more or less elongated. Some 
members of Podopinae are almost globose and may bear 
thornlike spines dorsally (see also Cyrtocoridae). 

Various degrees of parental care have arisen in this family (or have 
been retained from parentally caring ancestors; the point is 
controversial) and in other pentatomoid families (and elsewhere, 
rarely). For the most part, this care protects eggs and early instars from 
parasitism and predation. In many species, however, this effort denies 
the female an opportunity to feed and, asa result, she produces fewer 
eggs or batches of eggs than her less caring sisters. The significance of 
this trade-off remains to be worked out for most species. 

Scutelleridae contains 400 to 500 species in which the 
scutellum is greatly extended to cover the abdomen (hence 
the common name, shield bugs); these bugs range from 5 to 
20 mm in length and are somewhat more globose than 
pentatomids (although some of the more spectacular ones are 
broadly elongate). Several species are brilliantly colored (one 
genus is Chrysocoris, or golden bug), either in solid 
sometimes iridescent colors (blues, violets, reds) (Fig. 7) or in 
bold patterns of spots and stripes. These are among the most 
beautiful of heteropterans and, in some cultures, considered 
to be among the most tasty. Most however are drab brown or 
tan, the color sometimes patterned. 

Despite their relatively large size and often striking 
appearance, shield bugs remain poorly known biologically, 
and very poorly known ecologically. The females of a few care 
for their young, as do those of a few other pentatomoid 
families. All scutellerids are herbivorous, and a few are pests 
of several crops. One group is particularly important. 

Several species of Eurygaster are very serious pests of small- 
grain crops in a broad swath from eastern Europe through 
the Middle East (where they are the most serious) into 
eastern Asia. In the spring, these Sunn pests move from 
upland wild plants down to the fields with the young grain; 
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there they feed first on the young shoots and then on seeds. 
In late summer or early fall, they move back into the hills and 
mountains, sometimes undertaking a trip of many miles. 
Crops may be completely destroyed over a very large expanse. 

The family is represented throughout the world, but 
members of each of the four subfamilies are concentrated in 
different continents, with a few representatives in one or two 
other continents (the historical biogeography of the family is 
needed; the pretty ones are all tropical or subtropical). 

Acanthosomatids (Acanthosomatidae; there is no common 
name) look much like pentatomids, but are somewhat larger 
(7-20 mm long) and more elongated. Their tarsi have only 
two segments, and the bugs have several other advanced 
features. The latest revision (1974) recognizes about 45 
genera; there are about 200 species, although no one has listed 
or cataloged them. As far as is known, acanthosomatids feed 
on woody plants (trees and shrubs). Maternal care by the 
females of several species has been thoroughly studied; as in 
Pentatomidae, protection is provided eggs and early instars 
against predators (chiefly ants) and parasites; the body-jerking 
and wing-fanning movements are so strong that small 
predators may actually be hurled from the leaf. 

The 250 species of Tessaratomidae are in general larger 
(15-26 mm long), and paleotropical (a few species in 
neotropics). The second abdominal spiracle is exposed, and a 
projection from the mesosternum extends anteriorly 
sometimes beyond the tip of the beak. One tessaratomid, the 
bronze orange bug (Musgraveia sulciventris), is a frequent pest 
on citrus in Australia. 

Possibly related to this family is Dinidoridae, whose 85 to 
90 members are also large (10-30 mm long) and robust, and 
whose distribution is roughly that of Tessaratomidae. Here 
too the second abdominal spiracle is exposed (although this 
may in both families be plesiomorphic); and often the pro- 
and mesosternum bear a midline groove. Dinidorids in 
general prefer cucurbits as food, and one species, the red 
pumpkin bug, Aspongopus (formerly Coridius) janus, is a pest 
in India on cucurbit crops. 

Urostylinae and Saileriolinae, the two subfamilies of 
Urostylidae, share several features but look very different and 
differ considerably in general appearance and in other mor- 
phological features; most urostylids are Asian. Urostylines 
(80-90 species) are elongated, (4-15 mm long) and look 
more like coreids than pentatomoids. Saileriolines are small 
(2.5-3.8 mm long), more pentatomoid in shape, and with 
the anterior part of the forewing (the corium) less “leathery” 
than in most heteropterans. Some urostylines occasionally 
attack ornamental trees; in great numbers they may become 
a problem. One early (and successful!) control method was 
the use of gunpowder. 

Cydnidae (burrower bugs) is the only heteropteran group 
most of whose members live below ground, sometimes 
several feet below the surface. Most cydnids are dark brown 
or black, 1.5 to 25 mm in length (most in the range of 5-12 
mm), and have a wing stridulitrum. Their smooth bodies, 


flattened heads, and strong forelegs are adapted to digging; so 
also probably is the coxal “comb” (not a “coxcomb’”), an array 
of stout setae perhaps used for cleaning soil particles from the 
antennae. The foretibiae of one subfamily (Scaptocorinae) 
are greatly developed for digging. There are four subfamilies: 
Sehirinae (60 species), Thyreocorinae (5), Corimelaeninae 
(200), and Parastrachiinae (2). All live above ground. Females 
of the Sehirinae and Parastrachiinae care for their eggs and 
early instars. The Thyreocorinae and Corimelaeninae have 
sometimes been grouped as a single family; and the two 
Parastrachia species are large and brightly red and black and 
should certainly be elevated to family rank. 

The remaining 350 species are subterranean, feeding on 
roots. They may at times become serious, although localized, 
pests of both crops and rangeland grasses. 

Cydnidae may be phylogenetically close to the “base” of 
the Pentatomoidea and may also be related to the group of 
small families described next. 

Within the Pentatomoidea is a number of small families, 
mostly restricted to the neotropics [Cyrtocoridae (11 
species), Canopidae (8), Megarididae (16), Phloeidae (3)] or 
to Australia [Aphylidae (2 species), and Lestoniidae (2)]. 
Plataspidae (500 species, a very rough estimate) is primarily 
paleotropical, but a few species occur in the Palearctic region. 
Characteristic of many of these families are small size and a 
rounded globose body, with forewings and/or scutellum 
enlarged (and often ornamented) to cover the entire 
abdomen. The cyrtocorid scutellum bears a stout impressive 
spine. Some (all?) may be related to Cydnidae and to 
Scutelleridae and as, Schuh and Slater say, the phylogeny and 
biogeography of these groups need to be worked out. Of 
phylogenetic importance too is the primitive family 
Thaumastellidae, whose few members live in southern Africa. 

Aradomorpha This infraorder contains two families, 
Aradidae (1800-2000 species, worldwide) and Termitaphi- 
didae (9 species, pantropical). These families were included 
in Pentatomomorpha, from which Aradomorpha probably 
evolved. 

Aradomorphans are very flattened, and (most striking) 
their feeding stylets are very long, very narrow, and stored 
coiled within the head. Termitaphidids are small (2 to 3 mm 
long), wingless, eyeless, and ovipositorless; they live in termites’ 
nests and probably feed, like aradids, on fungal mycelia. 

Most flat bugs (Aradidae) are larger (3-11 mm long) and 
live under the bark of dead or dying trees, a habitat to which 
their flat body and shortened legs and antennae fit them; 
other aradids live in the litter of the forest floor; and a few 
live in termites’ nests, or vertebrates’ burrows. All these places 
are closely confined and thus both temperature and humidity 
vary little, conditions conducive to the growth of fungi, 
within whose long tubular mycelia the flat bugs feed. This 
way of life is unique to aradids, which have successfully 
exploited it (as witness the many aradid species). 

One species is an exception: Aradus cinnamomeus 
(actually, a three-species complex) feeds on the circulatory 


tissues of living pines (and occasionally Larix), and in central 
and eastern Europe can become a serious pest. Some other 
aradids also may feed on tree fluids, but the frequency of 
such feeding, the number of species that so feed, and the 
phylogenetic significance of such feeding are all unexplored. 


ENVOI 


Heteroptera not only comprises the most species of any 
hemimetabolous group (except perhaps the paraphyletic 
“Homoptera’) but contains the most biological, structural, 
and ecological diversity. It is a measure of this diversity, this 
evolutionary versatility, that so many ecological niches are 
filled by bugs. From the Alaskan cold to the webs of embiids 
to the bottoms of streams and the surface of the sea, and to 
the beds of people, heteropterans live where few other insect 
groups (and no other hemimetabolans) occur. Moreover, a 
vast number of heteropterans remain to be described, many 
from unusual habitats (tree canopies, leaf litter); and the 
biologies of most heteropterans remain to be worked out. 
The diversity we see, although great, is less than the diversity 
to be discovered. Why this group of insects should be so 
diverse cannot be answered here. But that it is so diverse 
explains the group’s great and continuing fascination. 
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Protura 


Robert T. Allen 


Paris, Arkansas 


M embers of the order Protura are small (usually < 1.0 mm), 
pale to white arthropods that live in the soil and ground 
litter debris. Because of these characteristics, the group was 
not discovered and recognized until 1907, long after almost 
all the other insect orders had been described and classified. 
Two notable Italian entomologists, F. Silvestri and A. Berlese, 
recognized the group at about the same time. In 1907 Silvestri 
described the order Protura and created the first family, 
Acerentomidae. This work was quickly followed by the 
description of a second family, Eosentomidae, and a number 
of new species by Berlese in 1908. In 1909 a comprehensive 
monograph on the order was published by Berlese. After 
almost 100 years of study by many workers, over 600 species 
have been described and placed in two suborders and eight 
families (Table I). 

Since their discovery and characterization, the Protura 
have always been recognized as a very ancient group of 
arthropods that evolved early in the history of the phylum. 
Early workers placed the group with the Collembola and 


TABLEI The Order Protura 


Suborder Acerentomoidea 

Family Fujientomidae 

Family Hesperentomidae 
Subfamily Hesperentominae 
Subfamily Huhentominae 

Family Protentomidae 
Subfamily Condellinae 
Subfamily Proentominae 

Family Acerentomidae 
Subfamily Acerentulinae 
Subfamily Tuxenentulinae 
Subfamily Acerentominae 

Family Berberentomidae 
Subfamily Proacerelinae 
Subfamily Berberentulinae 
Subfamily Silvestridinae 

Family Acerellidae 
Subfamily Alaskaentominae 
Subfamily Acerellinae 
Subfamily Nipponentominae 

Suborder Eosentomoidea 

Family Eosentomidae 
Subfamily Isoentominae 
Subfamily Eosentominae 
Subfamily Anisentominae 
Subfamily Antelientominae 

Family Sinentomidae 


Source: After Yin, W. Y. (1984). A new idea on phylogeny of Protura with 
approach to its origin and systematic position. Sci. Sin. (B) 27, 149-160. 
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FIGURE 1 Scanning electron microscopy of a proturan (family Acerentomidae) 
found in subtropical rain forest litter from Lamington National Park, 


Queensland, Australia. (Photomicrograph courtesy of D. E. Walter.) 


Diplura and referred to the three orders as the “pouched 
head” or entognathous orders because the mouthparts were 
enclosed by the sides of the head capsule. Most recently, the 
Collembola and Protura have been removed from this 
association and placed in the suborder Ellipurata (some 
workers consider the group to be a class), standing between 
the class Symphyla and the true insects or hexapod orders. 


CLASSIFICATION 


The Protura may be readily recognized by the following 
characters: antennae and eyes absent, head conical, 
mouthparts enclosed by the sides of the head, first pair of legs 
with numerous sensory organs, and first three abdominal 
segments with paired styli (Fig. 1). 


COLLECTING AND SPECIMEN PREPARATION 


Protura are most readily collected by means of Berlese or 
Tullgren funnels. Flotation techniques have also been used to 
extract specimens from soil samples. Specimens may be 
collected in 70% ethanol and held indefinitely. For 
identification, specimens must be mounted on microscope 
slides. In properly mounted specimens, a compound 
microscope equipped with phase contrast may be used to 
study characters at 1000 x, under oil immersion. 


IDENTIFICATION 


For North American forms, the keys published by Copeland 
and Imadate in 1990 are indispensable for generic 
identification. Once the genus has been correctly identified, 
it is necessary to refer to a number of articles describing 
individual species in that genus. General works published 
during the latter half of the 20th century by Tuxen, Nosek, 
Imadate, and Houston will also be helpful. 


BIOLOGY 


After insemination by males, the females lay their eggs in the soil 
or litter. Protura prelarvae hatch in 8 to 12 days under favorable 
conditions. The abdomen of prelarvae consists of nine segments, 


and the mouthparts and thoracic and abdominal appendages 
are not fully developed. The prelarva molts in 2 to 3 days and 
changes to the larva I stage. During this stage the appendages 
and setae on the body develop more fully. After molting a 
second time, larva II adds an abdominal segment (10-segmented 
abdomen) and the chaetotaxi (specifically arranged hairs on 
the body) continue to develop. The next state, termed the 
maturus junior, is characterized by the addition of the last 
two abdominal segments (12-segmented abdomen), but the 
genitalia remain undeveloped. The preimago is the fifth- 
instar and quickly molts to become the imago or adult form. 
Adults are characterized by the 12-segmented abdomen and 
fully developed genitalia in both sexes. 

It is now known that Protura can be among the most 
abundant arthropods inhabiting soil and litter. As many as 
150 individuals representing several species have been 
collected in forest soil samples in eastern North America. 
They may occur in soil to a depth of 0.5 m or more. 

The diet of the Protura is uncertain. Some species have 
been observed feeding on mycorrhizal fungi; other possible 
food sources are unknown. Other aspects concerning the 
biology and ecology of these animals have not been studied. 
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Psocoptera 
(Psocids, Booklice) 
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P socoptera (Corrodentia, Copeognatha) constitutes an order 
of neopterous, exopterygote insects commonly called 
psocids, barklice, or booklice. Their closest relatives are the 





FIGURE 1 Psocid, Graphopsocus cruciatus. (Photograph courtesy of Ken 
Gray Collection, Entomology Department, Oregon State University.) 


Phthiraptera or true lice. Psocids are small and soft-bodied 
and therefore have received little attention from collectors. 
Only recently, when several dozens of species have been 
found in stored products, and the tropical forests have proved 
to harbor a highly diverse fauna, has greater interest been 
focused on this group. 


EXTERNAL ANATOMY 


Adult psocids range from about 1 to 10 mm in body length. 
Most adults are fully winged with the forewings longer and 
more complexly veined than their hind wings (Fig. 1). The 
forewings at rest generally exceed the tip of the abdomen. 
Antennae are long and slender, in the larger forms tending to 
be longer than the body. The head is rounded with compound 
eyes often large and bulging but sometimes greatly reduced. 
The postclypeus (Fig. 2) is usually swollen to accommodate the 
well-developed cibarial pump muscles. Often the postclypeus 
bears pigmented chevron marks (Fig. 2) indicating the attach- 
ment points of these muscles. Mouthparts are of the chewing 
type with large, well-developed mandibles. The maxilla con- 
tains an elongate, slender lacinia. The hypopharynx includes 





FIGURE 2 Face of a psocid, Aaroniella badonneli, showing prominent 
postclypeus (PC) with chevron marks. Scale, 0.2 mm. 
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FIGURE 3 Habitus of a booklouse, Liposcelis corrodens, showing enlarged hind 
femur (F) and neotenic features: absence of wings and ocelli and reduced 
compound eyes. Scale, 0.5 mm. 


structures unique to these insects that are important in main- 
taining water balance. In fully winged forms the prothorax is 
frequently reduced while the meso- and metanota are swollen 
to accommodate the flight muscles. Wing venation tends to be 
relatively simple. Legs tend to be slender, with the hind femur 
somewhat swollen in some forms, allowing short hops or 
initiation of flight by jumping. In the small booklice of the 
genus Liposcelis (Fig. 3), the greatly swollen hind femora are 
thought to facilitate the ability to change course rapidly and 
crawl backward. In many winged adult psocids, the hind coxae 
each bear a rasp and tympanum; the two structures together 
are called the coxal organ. This is thought to be a stridulatory 
organ, although as yet no sound has been detected from it. 

The abdomen consists of 11 segments. The first 7 are 
usually membranous, although the terga of the first 2 may be 
sclerotized and fused together. The clunium, formed by fused 
segments 8 to 10, is the bearer of external genitalic structures. 
Distal to the clunium are three semimembranous flaps guard- 
ing the anus—the dorsal epiproct and the lateral paraprocts. 
These may be modified in various ways and probably are 
involved with copulation. 


LIFE CYCLE 


Most psocids are oviparous. In various taxa, eggs may be laid 
singly or in groups and either bare or with a covering of 
encrusting material, webbing, or both. Eclosion (emergence 
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of the pronymph from the egg) is facilitated by means of an 
oviruptor, a blade-like or saw-like structure on the head of the 
pronymph. By means of a slight rocking motion, imbibing of 
air, and hemolymphatic pressure on the head, the insect pushes 
its oviruptor against the thin egg cuticle, creating a slit through 
which it exits. Immediately it molts again, casting off the 
pronymphal exuviae (the cast cuticle), which remain partially 
caught in the exit slit of the egg. 

Eggs of some species undergo a winter diapause and in the 
Northern Hemisphere this is brought about by the mother’s 
perception of decreasing day length in late summer. 

Nymphs undergo five to six instars, requiring 4 to 6 weeks 
to reach maturity. Adults remain teneral for a day or two prior 
to engaging in sexual activity. Females of some sexual species 
produce a sex pheromone that, at a short distance (1-2 cm), 
brings about immediate, rapid search behavior in mature 
males—involving them running about and vibrating their 
wings. This reaction may be elicited by a piece of substrate on 
which an “advertising” female has been standing or even by the 
tips of a pair of forceps that have just held such a piece of 
substrate. Behavior after contact is tremendously varied. 
Frequently a male “antennates” a female, ie., touches his 
antennae to hers and then crawls over her back and forces 
himself under her body from in front. The copulatory 
structures then grasp together, after which the male may stay 
under the female or move—180° to face opposite the female 
(suborder Trogiomorpha) or back on top of the female (family 
Lachesillidae). Copulation lasts only a few seconds in many 
groups of the suborder Psocomorpha, although in the genus 
Lachesilla it generally requires some 35 min. In the suborder 
Trogiomorpha, it may last up to 2 h during which individual 
sperm pass through the slender spermathecal duct, then clump 
together, and become enclosed in “spermatophores” in the 
spermathecal sac. This is probably the sequence of events in 
any form in which the spermathecal duct is slender and 
spermatophores are seen in the spermathecal sac. 

Oviposition may start within a day or 2 of copulation. 
Under favorable conditions, oviposition may continue over a 
period of 2 months. 


EVOLUTION TOWARD NEOTENY 


Although most adult psocids are fully winged, a variety of levels 
of wing reduction are seen throughout the order. Associated 
with wing reduction are reductions in several other structures: 
compound eyes, ocelli, paraproctal sensorium, and ctenidia 
(comb-based setae) of the basal hind tarsomere. The resulting 
adult appears nymph-like in these characters, and these 
changes can thus be regarded as neotenic. Several patterns of 
change are seen, which can be summarized as completely 
wingless, Liposcelis (Fig. 3); with very short scale-like or button- 
like wings, Trogium, Cerobassi; wing development variable in 
both sexes, Rhyopsocus, Lachesilla (some species); with sexual 
dimorphism in wing development and males wingless or 
nearly so, females variable in wing development, Embidopsocus, 





FIGURE 4 Male (a) and female (b) of a psocid, Lachesilla pallida, showing 


extreme sexual dimorphism in wing development. 


Psoquilla, Archipsocus; sexual dimorphism and males fully 
winged, females variable in wing development, Peripsocus (some 
species), Valenzuela (some species); and sexual dimophism 
with males fully winged, females wingless or nearly so, 
Camelopsocus, Mesopsocus (most species), Reuterella, Lachesilla 
(some species; Fig. 4). Except for the first two categories, these 
reductions have occurred repeatedly in the evolution of the 
order. Thus, they appear to offer advantages in energy conserva- 
tion and keeping the organism closely associated with its habitat. 


HABITATS AND FEEDING PREFERENCES 


Psocids live in a great variety of habitats, including living 
leaves, especially of monocotyledonous plants and conifers; 
dead foliage of all plants, both hanging and in ground litter; 
trunks and branches of trees and shrubs (open surfaces and 
under bark); rock surfaces; and human dwellings. In general, 
psocids feed on algae, fungi, lichens, small eggs of insects, 
particles of organic debris, and dead bodies of insects. Some 
seem to be strict alga feeders (some Psocidae, Myopsocidae, 
Peripsocidae), and it is likely that they are somewhat specific 
in their choice of algae. There are also some strict lichen 
feeders, and some specificity has been observed among them. 
Some of the (micro)fungus feeders are not so specific. In 
culture, the corticolous lepidopsocid Echmepteryx hageni 
takes lichens, algae, yeasts, and pollen and occasionally 
nibbles on its own eggs when these are not well concealed. 
The species of leaf dwellers are primarily microfungus 
feeders, whereas the species living on open surfaces of tree 
trunks and branches and on rock outcrops are primarily 


lichen and alga feeders. 


ECONOMIC IMPORTANCE 


The booklice, genus Liposcelis, are frequently household pests 
and may be among the causative agents of asthmatic 
reactions. Of greater monetary importance is their tendency 
to enter and reproduce rapidly in food storage and food 


processing facilities, where they may render the products 
unfit for human consumption. Control methods emphasize 
sanitation and reduction of relative humidity. 
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Pterygota 


terygota is a subclass of the class Insecta of the phylum 
Arthropoda. It contains two divisions: the Exopterygota and 
the Endopterygota. Most extant orders of insects are pterygotes. 





Puddling Behavior 
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uddling is a behavior in which insects, chiefly adult lepi- 

dopterans, drink from mud puddles or moist soil. Although 
broadly distributed geographically, puddling is particularly 
spectacular in the tropics where numerous individual butter- 
flies representing multiple species often gather to imbibe from 
damp ground along river banks. The behavior generally is 
strongly sex biased, with typically only males participating. 
Puddling is associated with both the insects’ nutritional ecology 
and their reproductive biology. In certain moths, the behavior 
is rather herculean, as individuals imbibe several hundred times 
their body mass in puddle fluid in a single drinking bout! 
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GENERAL BACKGROUND 


Puddling is widely distributed taxonomically among the Lepi- 
doptera, occurring diurnally in butterflies (5 families reported) 
as well as nocturnally in moths (at least 12 families). Puddling 
takes place in tropical, temperate, and boreal ecological regions. 
Interestingly, in light of the discussion of sodium below, pud- 
dling may be less common in coastal areas. While studying 
butterflies puddling in Amazonia in the 1860s, H. W. Bates, 
the British naturalist best known for his work on insect 
mimicry, was the first to note that the behavior is strikingly 
male biased. Subsequently, numerous studies have confirmed 
that this is generally true, although there are certain species in 
which females often exhibit the behavior. In addition to lepi- 
dopterans, nocturnal aggregations of leafhoppers (Homoptera: 
Cicadellidae), also predominately male, drink from moist soil 
surrounding puddles. 


NUTRITIONAL ECOLOGY 


Insect herbivores experience limited access to certain nutrients 
because of the paucity of these materials in their diet. Sodium 
as well as proteins and amino acids are substances of phys- 
iological importance that are not readily available from the 
foliar diets of larval lepidopterans. Puddling is a means by 
which adults augment the larval intake of these scarce materials. 
Since the 1910s, beginning with the British entomologist E. B. 
Poulton, there was speculation that puddling might allow 
lepidopterans to obtain sodium. The demonstration in the 
1970s that sodium was a necessary stimulus to evoke puddling 
in the tiger swallowtail (Papilio glaucus) supported the notion. 
This and subsequent studies with butterfly species showed that 
when presented an array of various ionic solutions, the insects 
preferred those with sodium as the cation, and among sodium 
solutions, those with higher concentrations were favored. In the 
1990s it was established that puddling indeed leads to sodium 
uptake: while drinking from mud puddles, the notodontid 
moth Gluphisia septentrionis showed a gain of sodium, matched 
evenly (on a molar basis) by a loss of potassium. Lepidopterans 
typically have an abundance of potassium, because the mineral 
is plentiful in the larval diet and consequently in the adult body. 

Puddling can further result in the acquisition of nitrogenous 
nutrients. Tiger swallowtails drinking from moist soil laced 
with tritiated glycine and leucine incorporated these labeled 
amino acids into body proteins. Studies of Malaysian butterfly 
communities show that representatives of certain families 
(Papilionidae and Pieridae) preferentially visit sodium sources, 
while members of other families (Lycaenidae, Nymphalidae, 
and Hesperiidae) typically prefer a protein source, suggesting 
that nutritional needs may vary among taxa. Other drinking 
behaviors of moths and butterflies are also likely specializations 
to procure sodium or nitrogenous substances and thus may be 
functionally related to puddling. These insects often imbibe 
fluids that arise from vertebrates, including urine, feces, 
perspiration, blood, and lachrymal secretions. 
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REPRODUCTIVE BIOLOGY 


Puddling is linked to lepidopteran reproduction. The male 
Gluphisia moth sequesters about 17 [tg of sodium through 
puddling. Approximately 10 Ug of this puddle-derived material 
is conveyed nuptially to the female, apparently via the sper- 
matophore. About 5 [1g of the transferred sodium is incorpo- 
rated into the eggs. A nuptial transfer of sodium is also known 
from the European skipper (Thymelicus lineola), another pud- 
dling species. In this butterfly, there is apparently no endow- 
ment of eggs with male-derived sodium, but access to the 
mineral does enhance male mating success. To date, no studies 
have directly examined whether male Lepidoptera contribute 
puddle-derived amino acids to their mates. However, such a 
bestowal is quite plausible, given that males of certain nonpud- 
dling lepidopteran species transfer amino acids via the sper- 
matophore. The observed relationship between paternal con- 
sumption of an amino acid solution and increased egg viability 
in the tiger swallowtail may reflect such a nuptial transfer. 


EXTREME PUDDLING BEHAVIOR 


When puddling, a number of butterfly and moth species 
pump fluid through the digestive tract, emitting droplets 
from the anus. This behavior is displayed in extreme form by 
the male G. septentrionis, which forcibly releases anal jets at 
approximately 3-s intervals while imbibing from mud 
puddles. In this insect’s quest for sodium, drinking often 
persists for hours, resulting in the passage of immense 
volumes that can amount to over 600 times the moth’s body 
mass. Coupled to this behavior is a sexual dimorphism of the 
ileum (anterior hindgut). The male’s ileum is longer and 
wider than that of the nonpuddling female. Numerous villi 
are present in the male ileum, but are virtually absent in the 
female’s. Thus the surface area of the male ileum is nearly 20 
times that of the female, making this enteric region a likely 
site for the observed sodium absorption. 
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pupa is the stage in the development of holometabolous 

insects between the mature larva and the adult wherein 
major morphological reorganization takes place. Pupation 
usually occurs in a protected location (in a cell or cocoon), 
but in some groups, such as many butterflies, the pupa 
(chrysalis) is suspended openly and is usually well 
camouflaged by its shape and color. 

There are two basic kinds of pupae, exarate (Fig. 1) and 
obtect (Fig. 2). An exarate pupa has free appendages. An 





L=12mm 


FIGURE 1 Exarate pupa of long-horned wood-boring beetle (Cerambycidae), 
showing free appendages (ventral). [From Peterson, A. (1948). “Larvae of 
Insects,” Vol. 1. With permission of Jon A. Peterson.] 





FIGURE 2 Obtect pupa of the monarch butterfly, Danaus plexippus, with 
appendages adhering to the body wall (lateral). The ready-to-emerge adult 
can be seen through the cuticle. (Photograph by Larry J. West, Mason, MI.) 


obtect pupa has the appendages adhering to the body wall. 
Most Lepidoptera, most lower Diptera, some chrysomelid 
and staphylinid beetles, and many chalcidoid Hymenoptera 
have obtect pupae; nearly all other pupae are exarate. 


BEHAVIORS 


Most pupae are inactive, their body movements often limited 
to the abdominal segments. However, pupae in some groups are 
capable of locomotion, and some have functional mandibles 
that enable them to cut their way out of the pupal cell, cocoon, 
or chamber. These active pupae are sometimes referred to as 
pharate adults because the adult is enclosed in the pupal cuticle. 


DESCRIPTION 


Pupae may have articulated mandibles (decticous) or nonarticu- 
lated mandibles (adecticous). Decticous pupae are capable of 
chewing their way out of cells or cocoons and may be active. 
They occur in the Mecoptera (scorpionflies), Megaloptera 
(dobsonflies and fishflies), Neuroptera (lacewings, ant lions, 
and relatives), Raphidioptera (snakeflies), Trichoptera 
(caddisflies), and primitive Lepidoptera (Micropterigidae). 
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FIGURE 3 Puparium of a higher fly, formed from the last larval skin, 
showing the larval spiracular scars and pupal spiracular prongs that anchor 
the exarate pupa within (dorsal). [From Peterson, A. (1948). “Larvae of 
Insects,” Vol. 1. With permission of Jon A. Peterson.] 


In the higher Diptera (Muscomorpha: Schizophora), the 
exarate pupa (also called a coarctate pupa) is enclosed in a deli- 
cate membrane within the hardened and barrel-shaped last 
(third) larval skin termed the puparium (puparia) (Fig. 3), 
which surrounds and protects the pupa. The adult fly emerges 
by forcing the end of the puparium off with the ptilinum, a 
membranous eversible pouch between the eyes and above the 
antennae that is expanded outward by blood pressure from 
the abdomen and thorax. After emergence, the ptilinum is 
withdrawn into the head, resulting in the frontal suture that 
arches over the antennae. If the puparium is buried in the 
soil, the ptilinum may also be used to help the adult fly crawl 
or force its way to the surface. 

A prepupa is the last instar that has completed feeding. It 
may wander in search of a pupation site, but generally it 
becomes nonmobile before pupation. It is easily observed in 
Lepidoptera, wherein the mature larva becomes shortened 
and the prolegs and crochets become progressively retracted 
before pupation. 
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he Raphidioptera is a small order of winged, holometabolous 
insects. Adults (Fig. 1) have an elongate pronotum and 
two pairs of subequal wings of about 5 to 20 mm in length. 
Females have an elongated ovipositor. Larvae (Fig. 2) are ter- 
restrial, living under bark or in detritus, and have biting mouth- 
parts. Pupae are decticous (with articulated mandibles). 
Raphidioptera is presumed to be the sister group of Megalop- 
tera + Neuroptera and comprises two families: the Raphidiidae 
with 185 described species and the Inocelliidae with 21. 
The Raphidioptera is distributed throughout the Holarctic 
region, except for the northern and eastern parts of North 
America; the southernmost records are from Mexico, northwest 
Africa, northern India, Indochina, and Taiwan. They are restrict- 
ed to woodland habitats and occur in almost all Holarctic types 
of forests and forest-like habitats. In southern parts of their distri- 
bution they live mainly at high altitudes, up to about 3000 m. 





FIGURE 1 Female adult of TYurcoraphidia acerba (Raphidioptera: 
Raphidiidae) from Anatolia. Length of forewing 8.5 mm. 


HISTORY OF RESEARCH 


Snakeflies first appear in the literature in 1735, when Linnaeus 
described an insect that he called Raphidia. By 1800 only 3 
species had been described; in the 19th century snakeflies 
were known from southern Europe, Anatolia, and North 
America and, by the beginning of the 20th century, also from 
northern and central Asia and from northern Africa. By 1900, 
31 species were known; in 1950, there were 60. At the begin- 
ning of the 1960s, a worldwide search for snakeflies and 





FIGURE 2 Larva of Indianoinocellia mayana (Raphidioptera: Inocelliidae) 
from Mexico. Length of body 22.5 mm. (Reproduced, with permission, from 
U. Aspick and H. Aspick, 1996.) 
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revision of the order was started and about 140 species were 
discovered and described between 1960 and 2000. Many 
species were reared from the egg, so that preimaginal stages 
and biologies of the majority of species are documented. 


CHARACTERIZATION 


An extremely flexible head characterizes the adults. It is prog- 
nathous, elongate, flat, and strongly sclerotized and may be 
broad or tapering basally. The large compound eyes are situated 
laterally. Inocelliidae lack dorsal ocelli. The mouthparts are of 
the biting type. The prothorax is remarkably elongated, par- 
ticularly in Raphidiidae, and very mobile (hence the common 
names snakeflies and camelneck flies). All three pairs of legs are 
similar and cursorial. Both pairs of the elongate subequal wings 
are membraneous, and the venation is simple, with few cross- 
veins. The abdomen consists of 10 (visible) segments. Terminal 
sclerites constituting the external genitalia are extremely complex 
in males; in females they are equipped with a long ovipositor. 

The larvae are elongate and flattened, with a prognathous 
head, biting mouthparts, and five to seven lateral stemmata. 
The head and the only moderately elongate prothorax are 
strongly sclerotized, and the 10-segmented abdomen is of 
soft consistency. 


BIOLOGY 


Adult Raphidiidae are day-active entomophagous insects, 
preying on soft-bodied arthropods and pollen; the natural food 
of Inocelliidae is virtually unknown, but in captivity they feed 
on artificial diets and pollen has very rarely been found in their 
gut. All stages of larvae of both families are entomophagous, 
feeding on a variety of soft-bodied arthropods; the spectrum 
of prey is, however, considerably different in bark-inhabiting 
larvae on one hand and in larvae living in the soil on the other. 

There is a long courtship before mating, including a highly 
sophisticated cleaning behavior with legs and antennae. Two 
positions of copulation have been observed: a “dragging posi- 
tion” in Raphidiidae, in which the male hangs head first from 
the female and is carried by her, and a “tandem position” in 
Inocelliidae, in which the male crawls under the female attach- 
ing his head in fixed connection to the fifth sternite of the 
female. Copulation lasts from a few minutes to 1} hours in 
Raphidiidae, but up to 3 hours in Inocelliidae. Spermatophores 
have been observed and studied only in Raphidiidae. 

The egg stage lasts a few days to 3 weeks. The number of 
instars varies around 10 to 11 and may reach 15 or more. The 
larval period lasts 1 year in a few species, in most species it is 
2 or 3 years, and under experimental conditions it may be up 
to 6 years. The prepupal stage lasts a few days. In the majority 
of species, pupation takes place in spring and lasts a few days 
to 3 weeks. In some species pupation starts in summer or 
autumn and the pupal stage lasts several (up to 10) months; 
in a few others pupation starts in summer and adults hatch 
in late summer after a short pupal stage. Hibernation thus 


usually takes place in the last larval stage, the penultimate 
stage, or the pupa, but never as eggs, prepupae, or adults. The 
pharate adult (the active pupa) is very mobile. 

Snakeflies need a period of low temperature (around 0°C) 
to induce pupation or hatching of the imago. Larvae that are 
continuously kept at room temperature will usually not 
pupate but become prothetelous, i.e., they develop pupal or 
imaginal characters, such as compound eyes, wingpads, and 
appendages on the abdomen, and may live for years. 

Parasites, parasitoids, and hyperparasites are a frequent phe- 
nomenon among Raphidioptera. Hymenoptera are of consid- 
erable significance as parasitoids of larvae, and species of the 
genus Nemeritis (Ichneumonidae) comprise 90 to 95% of 
them; other ichneumonids, braconids, and chalcidids con- 
tribute about 1%. 

Snakeflies are effective predators; all larval stages of all species 
of both families, and at least the adults of Raphidiidae, feed on 
(mainly soft-bodied) arthropods. Snakeflies are believed to be 
rare insects. This is true for many species and many regions, but 
a number of species often occur in large numbers. There have 
been several attempts to use snakeflies as biological control 
agents: an unidentified North American species was introduced 
in Australia and New Zealand 100 years ago, but did not 
become established. The use of snakeflies for future biological 
control efforts is, however, hampered by the long develop- 
mental period and narrow food preference of these insects. 


DISTRIBUTION AND BIOGEOGRAPHY 


Extant Raphidioptera are confined to the Northern Hemisphere 
and almost exclusively to the Holarctic region. In Central 
America the southernmost records are from high altitudes at the 
Mexican—Guatemalan border. In Africa snakeflies have been 
found only in arboreal regions north of the Sahara, and in 
Asia the southernmost records are from altitudes above 900 m 
in transition areas from the Palaearctic to the Oriental Region 
in northern India, Myanmar, and northern Thailand. The 
northern and eastern parts of North America lack snakeflies. 
Almost all species are restricted to very limited areas of a 
refugal nature. Only three species represent a Eurosiberian 
type of distribution occurring throughout northern Asia to 
central and northern Europe, and a few Nearctic species with 
distribution centers in the southwest have reached Canada. 


SYSTEMATICS, TAXONOMY, AND FOSSILS 


The order Raphidioptera is a relic group of “living fossils” that 
comprises two extant families and 206 described species. 

Taxonomy of adults has been well established. Because 
shape and coloration of body structures and of wing venation 
are highly variable, the most powerful and reliable tool is the 
morphology of the genital sclerites, in particular of the males. 
Taxonomy of larvae, mainly based on patterns and coloration 
of the abdomen, still remains difficult because of the similarity 
of related species. 


The fossils lead to the conclusion that there was an enormous 
biodiversity of Raphidioptera in the Mesozoic. The majority of 
species and genera (in several families) are known from Jurassic 
and Cretaceous deposits. The rich and diverse Raphidioptera 
fauna of the Mesozoic died out at the end of the Cretaceous, 
probably due to the K/T event (that is the worldwide catas- 
trophe resulting from an asteroid of about 10 km diameter 
that hit our planet) 65 mya and its climatic consequences. In 
particular, all snakeflies of tropical climates disappeared and 
apparently only the few representatives adapted to a cold 
climate survived. Fossil snakeflies from Tertiary layers, as well 
as from Baltic amber, belong to the two extant families. 
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he goal of organized insect rearing is to provide reliable, 
affordable sources of high-quality insects for their many 
important uses. We are now able to rear literally thousands of 
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insect species through multiple generations and many more for 
part of their life cycles. The greatest difficulty is to provide 
fresh host material or to develop a diet that is nutritionally 
complete and induces feeding, especially for parasites or para- 
sitoids. Precautions must be taken to start colonies with an 
adequate number of uncontaminated specimens and main- 
tain them with very limited levels of mortality. These meas- 
ures help to limit genetic bottlenecks caused by inbreeding, 
competition with other species, and disease epizootics. As 
production levels and the number of species increase, rearing 
must be organized into systems with discrete operations or 
activities. These operations incorporate the rearing proce- 
dures necessary for each stage of the insect’s life cycle plus 
maintenance of supplies, equipment, and facilities. Facilities 
must be designed and constructed to contain and maintain 
the insects under specified conditions. Problems encountered 
in established insect rearing systems invariably are caused by 
inattention to procedural details or lack of environmental 
control. For the foreseeable future, advances in insect rearing 
will be focused primarily on culturing new species, natural 
enemies, and pest species that have been genetically modified 
for pest management. 


PURPOSES OF REARING INSECTS 


Insects are reared for many reasons that may not be obvious 
to the nonentomologist. Certainly, insects are aesthetically 
pleasing and, therefore, reared by those who appreciate their 
many shapes, colors, features, and behavior patterns. This 
appreciation may be shared by means of personal collections, 
static displays, insect zoos, butterfly houses, and even house- 
hold pets. Many of these and similar experiences would not 
be possible without insect rearing. 

Insects are reared for a wide range of primarily agricultural 
and medical applications, an unusual example being the recent- 
ly publicized biological warfare against plants that produce 
cocaine. Chemical insecticides are developed by using labora- 
tory colonies of insects to mechanically screen massive numbers 
of candidates, more than | million insecticides per year in some 
instances. Similarly, plants are screened for resistance to insects 
or the disease organisms they transmit. Nontarget insects and 
plants are tested as possible hosts before nonindigenous natural 
enemies are released into nature. Insects have been reared, 
marked, and released to understand their orientation, dispersal, 
and migration. The cells of insects are used to study physio- 
logical processes such as reproduction, ontogeny, growth, aging, 
and cold tolerance. The fruit fly Drosophila melanogaster is the 
“white rat” of the geneticists and the nerves of large cockroaches 
are used by sensory physiologists. Students learn morphology 
by dissecting lubber grasshoppers, Romalea spp., and other 
insects reared in the laboratory. A variety of educational subjects 
involve insect colonies, including the process of insect identi- 
fication, principles of insect taxonomy and systematics, and 
engineering aspects of insect flight. A somewhat gruesome but 
effective practice is the postoperative surgical use of the blow 
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fly maggots Lucilia sericata and Phormia regina to maintain 
clean wounds. 

The major use for laboratory-reared insects is in biologically 
based methods of pest management. One of these methods, 
biological control, is the rearing and release of parasitoids, 
predators, and pathogens to suppress pest insects. A global 
industry has developed to rear and sell these natural enemies 
(www.anbp.org). Autocidal control is accomplished using the 
sterile-insect technique or inherited sterility. Male insects are 
reproductively sterilized with y-irradiation or chemicals and 
released by the thousands per hectare to mate with wild 
females. This ensures that most of the wild females mate with 
sterile males and do not produce offspring. Inherited sterility 
is a variation using partially sterile males to induce sterility in 
subsequent generations. Genetic control takes advantage of 
altered genes to disrupt the insect’s physiology and behavior. 
In the near future, we may use mass-reared insects to widely 
distribute aberrant endosymbionts via paratransgenic strains. 

Insects have been reared to enhance wild and domestic popu- 
lations, particularly for improving their products and benefits. 
Silk and honey production are obvious examples but pollina- 
tion and pest management are equally important. Elaborate 
strain development methods have been used for silkworms, 
honey bees, screwworms (autocidal control), parasitic wasps 
(biological control), and others. Field insectary populations 
of expensive, showy butterflies and beetles have been used to 
augment natural populations that may become depleted. 
Eventually, the use of reared insects in conservation may include 
protection of rare and endangered species and repopulation, 
as is currently practiced with birds and predators. 


KINDS OF INSECTS THAT ARE REARED 


Insect rearing may be partial (egg to larva or nymph and 
adult) or complete (egg to egg). Virtually any free-living insect 
can be collected as an egg, larva, or nymph and maintained 
through stages in metamorphoses until it becomes an adult. 
However, this often requires considerable knowledge about 
the species’ habitat and natural food. Re-creation of soil or 
aquatic environments, symbiotic relationships, and special- 
ized foods can make rearing difficult. Some insects undergo 
temperature- and photoperiod-dependent diapause or require 
host plant cues to terminate multiyear cycles. Trophallactic 
feeding may necessitate maintenance of an entire colony, as in 
termites, ants, and other social insects. Because of these and 
other peculiar life history characteristics, the easiest immature 
insects to rear are relatively small, multivoltine (more than one 
generation per year), plant-feeding, terrestrial species with 
wide host ranges and no unusual environmental requirements. 
Species that infest common crops, landscape plants, or stored 
products are particularly suited to artificial rearing. 
Complete rearing of an insect for one or more generations 
is complicated by the mating and oviposition requirements 
of the adults. Species-specific temperature, humidity, amounts 
of space, light characteristics, photoperiod, population size, 


food, oviposition stimulants and substrates, and other envi- 
ronmental conditions all must be understood and provided. 
Insects may swarm and couple in flight, form mating aggre- 
gations on host plants, orient to each other by means of 
pheromones or auditory signals, transfer spermatophores 
(sperm packets), engage in postmating female guarding to 
protect their paternity, and perform other unimaginable 
actions to produce another generation. Fortunately, most of 
the species we rear for multiple generations have less compli- 
cated requirements; these are primarily butterflies and moths 
(Lepidoptera, 300+ species have been reared), beetles 
(Coleoptera, 200+ species), flies (Diptera, nearly 200 
species), bugs (Heteroptera, <100 species), and bees and wasps 
(Hymenoptera, <100 species). Grasshoppers and katydids 
(Orthoptera), lacewings (Neuroptera), cockroaches (Blattodea), 
termites (Isoptera), and fleas (Siphanoptera) are also reared 
but in reduced numbers (roughly 10-20 species). Many more 
species undoubtedly could be reared using the techniques 
developed for their close relatives. 


NATURAL AND ARTIFICIAL DIETS 


Immature herbivorous (plant-feeding) insects can often be 
reared by feeding them clean, fresh-cut, or potted versions of 
the plant material on which they feed in nature. The roots, 
stems, leaves, flowers, or fruit must be readily available or 
grown in sufficient quantities. Examples are larval silkworms 
raised on mulberry leaves, boll weevils on cotton squares and 
bolls, tropical fruit flies on papaya, and monarch butterflies 
on milkweed leaves. Similarly, medical and veterinary insects, 
ie., adult mosquitoes and biting flies, are fed on their hosts 
or suitable surrogates, such as rodents, sheep, goats, or pigs. 

Substitute plants can also be used to maintain herbivorous 
insects that are adaptable, usually readily available human 
and animal food. Green beans can be used for plant bugs, 
lettuce for grasshoppers, dry dog food for cockroaches, and 
cow manure for house flies. Rearing natural enemies of plant- 
or animal-feeding insects is considerably more difficult 
because three trophic levels must be synchronized: the plant 
or animal, the insect host, and the natural enemy. 

Artificial diets have been developed to simplify and improve 
the rearing of both plant- and animal-feeding insects. Henry 
Richardson’s development in 1932 of a bran, alfalfa meal, 
yeast, and diamalt formula for rearing house flies eliminated 
the objectionable mess and odor of cow manure. A commer- 
cial diet made of wheat bran (33.3%), alfalfa meal (26.7%), 
and brewer's grain (40%) is now available for rearing house 
fly larvae (CSMA medium; Chemical Specialties Manufac- 
turer’s Association, Ralston-Purina, St. Louis, MO). Another 
historical advancement was M. H. Haydak’s 1936 grain flower, 
milk powder, honey, and glycerine diet for stored-grain 
insects, such as mealworms and flower moths. Gelled diets 
were developed for rearing insect larvae that require large 
quantities of contained water in their diets. The first was 
Pearl’s 1926 diet for Drosophila spp., followed by Botger’s 


1942 larval medium for the European corn borer, Ostrinia 
nubilalis. Interestingly, these and subsequent diets have been 
gelled with agar, a polysaccharide derived from seaweed that 
was previously developed for use in bacteriology by Robert 
Koch in the late 1800s. Agar remains the standard gelling 
agent for culturing both microorganisms and insects; however, 
its cost and requirement for heating have led to the develop- 
ment of alternative materials: polysaccharides (industrial gums, 
cellulose, pectin, plant starches), heteropolysaccharides (car- 
rageenan, sodium and calcium alginate), scleroproteins 
(gelatins, animal albuminoids), starch polymers (polyacry- 
lonitrile graft copolymers), crude fibrous plant products, and 
waxes. Ground plant fibers, such as sugarcane bagasse (pulp 
remaining after the sugar is extracted), corncobs, and carrot 
powder are used to rear tropical fruit fly larvae. The awful 
stench of using a mixture of dried blood, milk, and yeast in 
water for rearing screwworm larvae was virtually eliminated 
by a starch polymer-gelled diet developed primarily by David 
Taylor of the USDA, Agricultural Research Service (ARS), in 
1988. A practical artificial diet (primarily of beef liver, ground 
beef, and sucrose) for predaceous insects has recently been 


perfected and patented by Allen Cohen, also with the ARS. 


INITIATION AND MAINTENANCE OF COLONIES 


Insect colonies are initiated from field-collected specimens or 
samples from previously established colonies. Any develop- 
mental stage can be used to start a colony, but surface-sterilized 
eggs are generally preferred because they are durable, easy to 
ship, and less likely than other stages to carry a pathogen. 
However, eggs may be difficult to find in nature and often 
larvae suffer high levels of mortality as first instars because they 
are not yet adapted to the laboratory. It is generally advisable 
to use late instars, hold them in individual containers for para- 
sitoid and pathogen screening, combine the adults in mating 
cages with a suitable oviposition substrate, and collect and 
treat the eggs before colonization. From either source, field or 
insectary, the degree of success achieved over multiple genera- 
tions will depend on the quality of the colonized insects and 
the skill with which they are reared. Many species that can be 
colonized and reared for multiple generations are much 
larger, healthier (free of malnutrition, pathogens, parasitoids, 
and predators), uniform in growth, and more active and fer- 
tile than those in nature. Special consideration must be given 
to rearing insects that are required to behave normally, partic- 
ularly those destined for release to suppress wild populations. 
Fruit flies, screwworms, and other species that have been 
mass reared for 20 or more generations in isolation may no 
longer interact and mate with their target populations in 
nature. To avoid this so-called “strain deterioration,” insectary 
populations must be recolonized or infused periodically using 
specimens collected from the targeted wild population. Yields 
will be relatively low for several generations in a new colony 
destined for mass production, unless a previously isolated 
strain has been adapted to the insectary in anticipation of its 
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use for colonization. Infusion is accomplished best by holding 
field-collected larvae, obtaining adults, and combining their 
eggs with those of the mass-reared colony, as explained below. 
A large number of existing new relative insects must survive 
to ensure that the colony has been infused. Also, genetic bot- 
tlenecks (sources of selective mortality) must be avoided 
because these will hasten the selection of insects that no 
longer behave normally. 

Colony starts can be obtained by contacting entomologists 
who publish on species of interest or are involved in large- 
scale, biologically based pest management programs. In the 
1980s the Entomological Society of America published lists 
of Arthropod Species in Culture and specialized directories still 
exist for Drosophila strains and other species. Arthropod Species 
in Culture listed colonies of the following taxonomic orders 
(number of species, colonies): Acari (41, 77), Anoplura (1, 1), 
Coleoptera (78, 266), Diptera (168, 301), Heteroptera (90, 
206), Hymenoptera (119, 169), Lepidoptera (101, 308), 
Mallophaga (3, 3), Neuroptera (2, 2), Orthoptera (64, 203), 
Siphonaptera (2, 7), and Thysanura (4, 11). Suppliers of 
Beneficial Organisms in North America is maintained by 
Charles Hunter of the California Environmental Protection 
Agency (http://www.cdpr.ca.gov). This publication lists more 
than 130 species of beneficial organisms available from 142 
suppliers. The most popular species offered for sale were the 
green lacewing, Chrysoperla carnea (65 suppliers); brown 
lacewing, C. rufilabris (54); mealybug destroyer, Cryptolaemus 
montrouzieri (52); whitefly parasitoid, Encarsia formosa (54); 
convergent ladybeetle, Hippodamia convergens (56); preda- 
ceous mite, Phytoseiulus persimilis (54); and egg parasitoid, 
Trichogramma pretiosum (77). There are also many commercial 
sources of insects, particularly for classroom education, includ- 
ing Carolina Biological Supply, Entomos, and Combined 
Scientific Supplies. Pioneers in supplying diets for research are 
BioServe and Southland Products. It is easy to colonize 
expensive pet food insects, such as mealworms and crickets, 
that can be purchased at local stores. Insect strains are not 
patented like plant varieties, so their use is not restricted. 


CATEGORIES OF INSECT REARING 


There are three distinct approaches to rearing insects: single 
species, multiple species, and mass rearing. In single-species 
rearing, immature stages are usually fed on host plants or ani- 
mals, although artificial diets may be substituted. Seminatural 
environments and oviposition substrates are duplicated from 
nature and all rearing operations can be performed by a single 
individual. Multiple-species rearing is usually accomplished 
in centralized facilities to support research. There is economy 
of scale in these rearing operations, i.e., diet preparation, egg 
treatment, larval rearing, harvesting of pupae, and adult 
colony maintenance can be combined for similar species. 
Multiple-species rearing is common in research laboratories, 
such as those used for insecticide or transgenic crop develop- 
ment, and is typically performed by a small staff. Mass rearing 
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involves a single species produced for biologically based pest 
management that is reared in factory-like facilities with con- 
trolled environments, artificial diets and oviposition substrates, 
mechanized equipment, and operations performed by work 
units. The largest facilities are used to rear the screwworm 
and Mediterranean fruit fly. Although based on single-species 
rearing, these three approaches are distinct in design and 
implementation, not merely multiplications of scale. 


BASIC INSECT REARING OPERATIONS 


Regardless of the size of the colony, rearing procedures are 
organized into operations based primarily on the species’ life 
history. At some level of complexity, insect rearing operations 
include inventory, acquisition, and storage of supplies; diet 
preparation and containerization; egg collection and treat- 
ment; larval or nymphal development; pupal or adult recoy- 
ery and distribution; adult colony maintenance; quality con- 
trol; and facility and equipment maintenance. Depending on 
the species, these operations are subdivided into procedures 
for which space is allocated and personnel are trained and 
assigned. “Traffic patterns” are established in the facility that 
flow from relatively clean areas to those that are potentially 
contaminated, i.e., diet preparation through larval develop- 
ment and diet disposal. Diet and eggs are usually handled 
more carefully until they are sealed in clean rearing con- 
tainers. Isolating the larvae, pupae, and adults in containers 
protects them from contamination and prevents workers 
from being exposed to potentially harmful microorganisms 
and allergens. Rearing operations are performed in synchro- 
nized sequences, so they can be interfaced at the most appro- 
priate times. 


REQUIREMENTS FOR INSECT 
REARING FACILITIES 


Insect rearing facilities have evolved from “field insectaries” 
with outdoor temperature and humidity to controlled labra- 
tories that contain insects under high security. Field insec- 
taries provide adequate environments for rearing insects 
under seminatural conditions on host plants or animals. 
However, pathogens, parasitoids, and predators are not 
controlled, and workers are exposed to potentially dangerous 
pathogens and allergens. Conversely, temperature, humidity, 
air quality and quantity, light quality and photoperiod, 
sanitation, and security are closely maintained in laboratory 
insectaries. Insects and supplies are carefully screened for 
contaminants before they are admitted and human access 
and exposure are limited. All openings to a laboratory insectary 
are sealed or filtered to prevent insects from entering or 
leaving, particularly in quarantine facilities. Quarantine and 
containment facilities have strict construction requirements 
and operational protocols. Laboratory insectaries must be 
well insulated and have highly filtered, recirculated air to be 
efficient and cost effective. 


PROBLEMS ENCOUNTERED IN MAINTAINING 
INSECT COLONIES 


Virtually all severe insect rearing problems result from failure 
to perform standard operating procedures or defective envi- 
ronmental controls. Once established, rearing operations 
become routine and individual procedures are easy to forget. 
For example, a dietary ingredient may be omitted or destroyed 
by overheating, eggs may be accidentally desiccated following 
surface sterilization (exchorionation), closely related species 
may be mixed unintentionally, or larval densities may be more 
or less than required per container. Additionally, dietary 
ingredients can deteriorate after prolonged storage. These 
kinds of problems can be detected and corrected before a colony 
is lost. However, temporary loss of temperature control can 
destroy all of the insects. Pathogens can also be devastating, 
although diseased insects are usually confined to certain con- 
tainers that can be eliminated before others are contaminated. 
Parasitoids and predators must be detected and similarly 
discarded. Genetic deterioration from inbreeding and genetic 
drift has been blamed for declines in insect colonies, but this 
is not a typical problem in large colonies. Insect rearing is 
generally safe for humans unless they are hypersensitive to 
insect proteins, react to the physical irritation of insects or 
their body parts, work with insects that sting or bite, or 
expose themselves to toxic substances used in the operations. 


THE FUTURE OF INSECT REARING 


Insect rearing is in transition, along with the science and 
technology it supports. Curiosity about the natural history of 
insects and their rearing is increasing steadily as people enjoy 
ecotourism, butterfly houses and gardens, insect zoos, and 
educational products based on insects. Insects are commonly 
used as baits for fishing and, in certain countries, have 
become popular pets. Rearing is becoming more important 
as field collection of insects is restricted to preserve habitat 
biodiversity and protect germplasm ownership. This is analo- 
gous to the collection of orchids and other showy organisms. 
Insects are no longer major sources of natural products, such 
as silk, wax, or dyes, and their use as human food is very 
limited. However, bird-watching and exotic pet ownership 
have become extremely popular in affluent countries, causing 
a significant increase in the use of insects as animal food. 
Rearing insects to produce bioactive substances remains a 
research support activity in the fields of biology and medi- 
cine. Living as well as dead insects are used increasingly in 
classroom education. 

Agricultural uses for insects have expanded dramatically 
during the past 40 to 50 years in the development and 
support of new pest management technologies. Every major 
company that produces chemical insecticides or pest-resistant 
plants maintains a multispecies insect rearing facility. 
Although insecticides have provided effective insect control 
at individual farms and residences, overall losses to insects 


Introduction 


The first and most important aspect of assembling any electronic project is that of 
soldering, which is a delicate and precise skill that can be mastered with experience. 
Sometimes called “soft soldering’, there’s no shortcut to acquiring the necessary expertise, 
and producing a consistently satisfactory solder joint takes a little practice. However, like 
riding a bicycle, soldering is an art which once learnt is never forgotten, and the purpose 
of this new and updated guide is to explain the techniques of soldering and desoldering for 
beginners, which I hope will set the hobbyist or trainee technician firmly on the road to 
successful electronic assembly or repairs in the future. 


Soldering is the least “aggressive” way of joining non-ferrous metals together, and 
is used universally in electronics, air conditioning and refrigeration circuits, household 
plumbing and more besides — applications where the precise joining together of 
components at fairly moderate temperatures is needed. Further up the scale, brazing 
involves using higher temperatures to melt brazing rods onto larger metal parts, perhaps to 
repair a metal chair, lawnmower or to fabricate metal components or jewellery into 
intricate shapes. Lastly, welding is a very aggressive way of fabrication using welding 
rods or wire; steel girders, oil rigs and ships are all welded together, or robotic spot- 
welding is used for the mass production of, say, washing machines or car bodyshells using 
sheet steel to make strong rigid assemblies. 


Due to the lower temperatures used and the need to make consistently good 
electrically conductive and mechanically sound joints with precision, soldering is used to 
connect components together when manufacturing electronic circuits. Small components 
would quickly be destroyed by brazing or welding, although tiny spot-welding joints do 
appear in electronics, perhaps to weld a metal tag onto a button battery. 


This guide therefore deals with the soldering techniques used in electronics at 
hobbyist or trainee educational level. It explains what to look for before buying a 
soldering iron, describes ways of making various solder joints on circuit boards and other 
electronic components, and also how to desolder — removing solder in order to repair a 
circuit board or replace an electronic component. 


You'll also find more details of other aspects of soldering, including an outline of 
typical solder types and fluxes. In short, everything you need to get started in electronics 
soldering is here, so let’s get started! 


have not declined and we need new options for sustainable 
pest management. Large federal and state entomological 
research laboratories and university entomology departments 
also have laboratory insectaries, although the current trend is 
toward decentralization and outsourcing. The sterile insect 
technique, pioneered by E. FE. Knipling of the United States 
Department of Agriculture, has proven too expensive, unless 
used on an area-wide basis with stringent regulatory controls, 
as in the screwworm, Cochliomyia hominivorax, and Mediter- 
ranean fruit fly, Ceratitis capitata, eradication programs. 
Advances in insect rearing have enabled the eradication of 
these species and others from vast geographical areas. As a 
result, area-wide approaches to pest management are increas- 
ing, along with new methods for using genetically modified 
organisms. Reliable, cost-effective rearing will be required for 
these technologies to be successful. 

Major advances in insect rearing are currently being made 
in support of augmentative biological control. Natural ene- 
mies are reared and released to prevent rather than cure pest 
problems, and they rarely have unacceptable nontarget 
effects. Another major advantage in using natural enemies is 
that they do not induce the pest resistance that eventually 
makes insecticides ineffective. We now have efficient host- 
rearing systems for many parasitoids and new artificial diets 
for predators that have greatly increased shelf life. Advance- 
ments are also being made in the mechanization of rearing 
operations, large-scale release technology, and rearing of 
newly discovered natural enemies. A global industry has 
developed during the past 10 years to ensure the quality of 
natural enemies and expand their use. Markets are increasing 
in organic food production, ornamental and vegetable green- 
house crops, urban pest management, filth fly control, home 
gardening, and other specialized areas. Biological control will 
continue its expansion as insect resistance to chemical insec- 
ticides increases, worker protection and food safety regula- 
tions are enforced, people avoid real or perceived environ- 
mental contamination, and the efficacy of natural enemies 
improves. 

Insect rearing will play a critical role in the future of ento- 
mology. Insects will always be appreciated for their intrinsic 
value, used as a source of useful materials, and produced as 
food for wildlife. However, they will become more important 
for pest prevention in natural areas, crops, and buildings and 
on human and animal wastes. Other uses will include the 
production of transgenic biological control agents, autocidal 
agents (sterile insect technique, paratransgenesis), and new 
species and strains for biological control. Insects will be reared 
to restore and supplement insect populations in nature; control 
pests over vast, low value-per-acre lands; and eliminate 
chemical insecticides in specialized cropping systems. 

Insect rearing can be enhanced most by learning more 
about the natural history of insects, emphasizing their 
ecology, behavior, and systematics. This knowledge can be 
used to create artificial diets and environments that separate 
species from limiting factors, biotic (pathogens, parasitoids, 
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and predators) and abiotic (temperature, humidity, and light). 
As information is gained, it must be published, communicated 
at meetings, and widely distributed to help advance the field. 
The Entomological Society of America and International 
Organization for Biological Control have been particularly 
helpful in publicizing insect rearing information. Unfortu- 
nately, however, insect rearing is often considered a support 
activity most appropriately described in the methods sections 
of articles on other subjects. This makes the information 
difficult to retrieve and has led to relatively obscure publica- 
tions on insect rearing. Another major limitation has been a 
general lack of formal education and training in insect rearing. 
However, Frank Davis conducts a popular annual short course 
on the subject at Mississippi State University and David 
Dame covers the subject in his biannual FAO, International 
Atomic Energy Agency short course at the University of 
Florida. It is essential for us to continue discovering, document- 
ing, and sharing insect rearing knowledge and preserving the 


rich history of this field. 


See Also the Following Articles 

Biological Control ¢ Cell Culture e Genetic Engineering e 
Medicine, Insects in ¢ Nutrition ¢ Pathogens of Insects ¢ Sterile 
Insect Technique 
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| n the social insects, the daily demands of colonial life are 
often met cooperatively by directing workers to sites where 
work is required, such as an energetically rewarding food 
source, an alternate nest site, or the site of a territorial dispute. 
The behavior that mobilizes nestmates is termed recruitment, 
and it is a type of communication commonly used by social 
insects to accomplish work. The mechanisms that mediate 
recruitment communication can be understood by analyzing 
the behaviors of individuals and the signals they produce. 
Numerous studies have described how pheromones, some- 
times in conjunction with nonchemical signals, underscore 
insect social integration. Although systems as “linguistically” 
elaborate as the honey bee waggle dance have evolved to 
communicate information about the location of food sources 
or nest sites, it is pheromones that serve the primary signaling 
role in wingless social species such as ants and termites. 

The majority of research on recruitment behavior concerns 
communication during foraging and defense. Workers serve 
as scouts, searching for food sources and patrolling the terri- 
tory of a colony; when food is located or a competitor from 
an alien colony is identified, nestmates are recruited. Scouts 
that have located food or a territorial intrusion return to the 
nest, laying a chemical trail and sometimes performing behay- 
ioral displays to alert nestmates, which then leave the nest 
and orient along the scout’s trail to the target area. Recruited 
nestmates, in turn, may continue the process by reinforcing 
the trail. Regulatory mechanisms turn off recruitment when 
the food has been harvested or the threat no longer exists. 

Ecology influences the evolution of recruitment communi- 
cation, and the adaptiveness of recruitment behavior can be 
studied in reference to patterns of food distribution, 
predation, and competition. Foraging behavior and space-use 
patterns are the result of community-level interactions such as 
interference competition, and recruitment communication is 
one behavioral mechanism that mediates interactions between 
sympatric species. Recruitment signals, in turn, are generally 
trail pheromones that “excite” nestmates and orient them to 
a locus of activity. The physical characteristics of trail (e.g., 
how long it lasts as a signal) and the response it induces reflect 
the ecological function of the pheromone. 

This article considers recruitment behavior in social insects, 
focusing primarily on ants and termites, groups that frequently 
employ these communication systems and for which the 
greatest level of ethological and ecological understanding has 
been achieved. 


PHYSIOLOGY AND BEHAVIOR OF RECRUITMENT 


Exocrine Gland Sources of Recruitment Pheromones; 
Trail-Laying and Trail-Following Behavior 


Recruitment pheromones are discharged from exocrine glands, 
which are anatomical structures often specialized for their 
synthesis and secretion. Since the first identification of the 
source of the trail pheromone in the fire ant by E. O. Wilson 
more than four decades ago, ants have served as excellent 
models for the study of the organization of recruitment. 
Thanks to the research of Bert Hélldobler and Hiltrud Engel- 
Siegel, among others, the structure of ant exocrine glands and 
the function of their secretions have been described in detail 
for many species. In ants, the accessory glands to the sting 
(the Dufour’s gland and the poison gland), the pygidial gland 
and sternal glands, the hindgut, the rectal gland, and the 
tibial and tarsal glands are known to produce substances that 
serve to recruit nestmates (Fig. 1). In ants in the subfamily 
Formicinae, the hindgut is the source of trail pheromone, 
which is emitted through the acidopore located at the tip of 
the gaster. In another diverse group of ants, the subfamily 
Myrmicinae, the poison gland and the Dufour’s gland secrete 
recruitment chemicals. Other ants rely on a variety of glands 
to produce trail substances. In termites, only one source of 
trail pheromones, the sternal gland, has been described. The 
structure of the sternal gland, which is composed of modified 
epidermal cells, varies in different genera. 

The secretions of the trail-substance-producing exocrine 
glands are deposited as a worker travels from a target area to 
the nest, or vice versa. In some ant species (e.g., myrmicine 
ants) the sting, serving as a conduit for the secretions of 
exocrine glands, is extruded and dragged over the substrate to 
release trail pheromones. Chemical trails may be deposited 
continuously or as a series of point sources between the nest 
and the target area, sometimes in conjunction with other 
secretions. The cuticle may be adapted as an applicator for the 
secretions of exocrine glands beneath. In termites, the sternal 
gland is pressed against the substrate, and sensory structures 
monitor contact between sternites and the substrate to regulate 
pheromone deposition. Some termites mark areas around the 
nest entrance or a food source by dotting the tip of the 
abdomen and laying directional trails using the sternal gland. 
There is significant convergence in the trail-laying behaviors 
of ant and termite species. 

The spatial processing of the information encoded in an 
odor trail is by tropotaxis, which is a sampling of the trail phe- 
romone by means of the paired antennae. Antennal chemore- 
ceptors perceive variation in pheromone concentration along 
the trail’s semiellipsoidal active space, the area in which the 
concentration of the pheromone is sufficient to elicit 
following behavior. Theoretically, diffusion yields a gradient 
of odor molecules; pheromone concentration is highest at the 
point of application (the centerline of the trail) and symmet- 
rically decreases on either side, defining the boundaries of the 
active space. The odor gradient is sampled by the antennae as 
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FIGURE 1 Exocrine gland sources of trail pheromones in the different sub- 
families of ants: C, cloacal gland; D, Dufour’s gland; HG, hindgut; PO, 
poison gland; PY, pygidial gland; R, rectal gland; S, sternal gland; 'T, tibial 
gland. [From Halldobler, B., and Wilson, E. O. (1990). “The Ants,” p. 268. 
Belknap Press of Harvard University, Cambridge, MA. Originally published 
in Holldobler, B. (1984). Evolution of insect communication. Jv “Insect 
Communication” (Symposium of the Royal Entomological Society of 
London) (T. Lewis, ed.), pp. 349-377. Academic Press, London. Reprinted 
with permission of Harvard University Press and Prof. Holldobler.] 





Recruitment Communication 981 


the insect travels along the trail. When lower concentrations 
are sensed at the lateral edges of the active space, opposing 
movements are made so that position within the active space 
is maintained. 


Determining the Source and Behavioral Effects of 
Trail Pheromones 


Understanding the glandular sources and chemistry of trail 
substances is at the heart of the study of recruitment 
communication. The nature of the bioassay, the behavioral 
test used to determine the effectiveness of different substances 
as recruitment or trail pheromones, is critically important. 
The bioassays used in trail pheromone isolation and identi- 
fication must distinguish among the range of behavioral 
responses involved in trail communication. It must be noted 
that trail pheromones can have both recruitment and orien- 
tation effects. A recruitment pheromone induces nestmates 
to leave the nest to travel to a work site. An orientation 
pheromone has no such stimulatory effect, but it can serve as 
a chemical “guide” for worker traffic. Trail substances, if they 
have a recruitment effect, will stimulate nestmates to leave 
the nest or otherwise alter their task performance in the con- 
text of a current need. In some ants, nestmates are recruited 
with a motor display delivered in the nest by a recruiting 
worker. The trail substance in this case does not have the 
ability to draw ants out from the nest; rather, it is used as an 
orientation cue by nestmates that have contacted a recruiting 
ant. Some trail pheromones can alone elicit both excitation 
and orientation in the absence of any other behavioral display 
or stimulus. If an artificial trail (one prepared from a solvent 
extract of the appropriate exocrine gland) is drawn out from 
the nest entrance and ants leave the nest to follow it, a recruit- 
ment effect has been demonstrated. If the artificial trail cannot 
induce inactive workers to leave the nest, yet the trail is able 
to orient workers alerted by either a motor display or some 
other trail chemical that has an alerting property, an orien- 
tation effect is occurring. Careful dissection of the kinds and 
sequences of behaviors in the recruitment process and 
detailed chemical analyses have revealed that several 
pheromone constituents may control a number of behaviors 
associated with recruitment and trail following. 


TRAIL CHEMISTRY AND RECRUITMENT BEHAVIOR 
Social insects may mix the secretions of different exocrine 
glands to induce recruitment and trail-following behaviors, 
or the chemical output of a single gland may be composed of 
more than one substance, each having a distinct role in releas- 
ing behavior. Trail communication can therefore be a multi- 
source phenomenon or a process that involves a series of 
chemical homologues produced in the same exocrine gland. 
For example, the Dufour’s gland of the fire ant is the source 
of a trail pheromone that induces both recruitment and 
orientation behaviors in workers. Dufour’s gland chemistry is 
varied: the constituents of this gland’s secretion regulate 
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different behaviors, which have been called “subcategories” of 
trail following. These chemicals include recruitment primers, 
synergists, and orientation inducers. Primer and inducer sub- 
stances together release recruitment and orientation behaviors. 
(Z,E)-a-Farnesene is the principal trail orientation component 
isolated from the Dufour’s gland. Another chemical fraction 
acts together with (Z,£)-a-farnesene to increase the effective- 
ness of the mixture in inducing trail communication. Homo- 
farnesenes of presently unknown function and an orientation 
inducer present in the secretion also increase trail following. 
In the ant Myrmica, homofarnesenes in the Dufour’s gland 
may be added to 3-ethyl-2,5-dimethylpyrazine (EDMP), which 
is the poison gland trail pheromone, as part of a multicom- 
ponent trail system. 

Similar findings have been made in other ant species. Pure 
chemicals seem to induce lower responses than gland extracts, 
indicating the importance of the naturally occurring chemical 
mixtures in trail communication. Constituents present in 
different ratios sometimes show synergistic effects. Artificial 
trails prepared from extracts of the poison gland of the har- 
vester ant Pogonomyrmex badius have a recruitment effect 
lasting approximately 20 mins, whereas artificial trails prepared 
from Dufour’s gland secretions and aged for longer periods of 
time have elicited orientation responses. In the ant Leptogenys 
diminuta the poison gland and pygidial gland produce 
(3R,45S)-4-methyl-3-heptanol and isogeraniol, respectively, to 
regulate orientation and recruitment. Similarly, pheromone 
blends are known to mediate alarm communication, including 
alarm—recruitment systems involved in defense. 

The sternal gland secretions of termites stimulate recruit- 
ment and may have highly durable orientation effects. Single 
chemicals such as (E)-6-neocembrene A and dodecatrienol 
have been isolated from whole-body extracts, but termite 
sternal gland secretions probably are more elaborate mixtures 
of pheromones that have different functions. Researchers 
have described “recruitment” and “basic” trails in termites; 
“basic” trails have only an orientation effect. The sternal gland 
secretion of Nasutitermes costalis, for example, can induce 
recruitment (drawing undisturbed soldiers and workers from 
the nest) and can orient searching and/or homing termites. 
Sternal gland material collected from trails aged for more 
than 20 years can orient, but not recruit, termites. Thus 
although the chemical that regulates recruitment dissipates in 
minutes, the orientation component of the secretion is a 
remarkably stable pheromone. 

The persistent orientation components of a trail substance 
can “channel” foragers away from neighboring nests to mini- 
mize aggressive confrontations and can also serve as territorial 
recognition cues or as an initial guide for naive foragers. Some 
species of desert ants have trunk trail systems (a network of 
trails emanating from the nest entrance and arborizing at their 
distal portions) marked with Dufour’s gland secretions com- 
posed of durable blends of hydrocarbons that are specific for 
species, populations, and colonies. In other ant species, dif- 
ferent glands may produce trail chemicals with different 


behavioral effects. The ecological significance of trail structure 
in termites is not well understood, although apparently foraging 
galleries divide foraging space to increase the efficiency of 
harvesting food. 


Trail Pheromone Specificity 


Pheromone specificity is achieved through chemical mixtures 
and molecular structure. Early studies in ants suggested that 
trail substances were highly species specific, but results of 
more recent work do not support such a conclusion. One 
striking example of this lack of specificity is that ants in as 
many as six different genera in the subfamily Myrmicinae use 
the same trail pheromone, EDMP. And dodecatrienol, a trail 
pheromone in the termites Reticulitermes virginicus, R. speratus, 
and Coptotermes formosanus, provides a nonspecific orientation 
cue in these species, in other species of Reticulitermes, and in a 
cluster of geographically and phylogenetically diverse termites. 
(E)-6-Cembrene A, which has been isolated from whole-body 
extracts of the Australian Nasutitermes exitiosus, can induce 
orientation in African nasutitermitines, rhinotermitids, and to 
a lower degree in African macrotermitines (fungus-growing 
termites). At present, it is challenging to explain the signifi- 
cance of trail pheromone specificity in termites. 

Metabolic end products, dietary differences, and genetics 
may produce variation in the chemistry of trail pheromones. 
In myrmicine ants, pyrazines and farnesenes are shared by 
different species and genera; these chemical constituents, 
present in small quantities and serving no function in one 
species, may have a prominent role in another. Biochemical 
variation may provide a substrate for evolution to act on in 
the selection of trail pheromones. 

There have been many analyses of the level of specificity 
of trail substances, but the ecological significance of speci- 
ficity is to a great extent unknown. Research on the behavioral 
ecology of trail pheromones indicates that chemical speci- 
ficity may play a role in community structure. For example, 
competition may have selected for differences in the trail 
communication systems of sympatric species. Indeed, varia- 
tion in recruitment communication systems in desert ants have 
been correlated with resource use and competition. Desert 
harvester ants forage as individuals on evenly distributed seed 
resources and recruit nestmates to cooperate in collecting seeds 
from dense patches. Different foraging strategies may be 
adapted to the exploitation of resources with different density 
distributions, serving as a mechanism of resource partitioning 
in granivorous ant communities. Foraging systems and their 
pheromonal regulatory mechanisms may also enhance food 
defense and retrieval, thus reducing interference competition. 

The behavioral mechanisms of recruitment that are the 
basis for enhanced competitive ability may be associated with 
trail pheromone chemistry and response specificity. The har- 
vester ants Pogonomyrmex rugosus and P barbatus, which are 
very similar ecologically, have trunk trail systems that divert 
groups of foragers away from each other. Their trunk routes, 


which are composed of Dufour’s gland and are colony specific, 
suggest chemical differentiation resulting from competition. 
The specificity of the trunk routes may also give an advantage 
in territorial defense if fighting ability is greater when ants are 
on their own territory. Other ant species are known to mark 
trails with persistent colony-specific pheromones. 

Colony specificity in the trail pheromones of termites has 
rarely been examined. In Trinervitermes bettonianus, workers 
do not discriminate their own trails from those of neighboring 
colonies, although their trail pheromones and the trail sub- 
stances of other sympatric termites appear to be species specific. 
Some termites distinguish between intra- and interspecific 
competitors. Workers deposit rectal fluid and sternal gland 
secretions on trails, a mixture that may encode colony identity. 

Surprisingly, the chemical trails of some ants may also 
encode information about the identity of the individual that 
laid the trail. Individually specific trail markings are used 
during nest emigration by workers of the ant Pachycondyla 
tesserinoda. Individually specific trails, used for food recruit- 
ment, have also been described in the ant Leptothorax affinis. 
Individuality in a trail pheromone could provide a finely 
tuned mechanism of directional discrimination and maintain 
the path fidelity of individual foragers. 

If ants can decipher the chemical code of another species’ 
trail substance, they may be able to exploit information about 
the location of food sources. Interspecific trail-following is 
uncommon but is known in ants in parabiotic associations 
(i.e., different species of ants living together in a compound 
nest). In these species, foragers lay and follow their own chemi- 
cal trails but are also able to interpret the trail pheromones of 
other species and to exploit their food discoveries. 


Regulation of Recruitment and Foraging Activity 


Trail pheromones communicate information about food qual- 
ity to nestmates that have not had direct experience with a 
food source. Trail-laying behavior regulates pheromone concen- 
tration (i.e., the amount of pheromone deposited on a trail), 
which in turn controls a colony’s response. After deposition 
on the substrate, a trail pheromone diffuses. The chemical 
properties of the pheromone both determine the spatial and 
temporal structure of its active space and regulate foraging 
activity at the colony level. The concentration of trail 
pheromone mediates communication between groups of indi- 
viduals, those that have fed and any potential foragers within 
the nest. In fire ants, the continuity of the sting trail, meas- 
ured by causing a scout ant to walk over a smoked glass slide 
(removing soot from the slide where the ant’s sting is 
dragged) depends upon the concentration of a sugar solution 
offered as a food source. The more concentrated and thus 
rewarding the solution, the greater the extent to which the 
sting is extruded and dragged continuously over the sub- 
strate, and the greater the number of workers that will lay 
such a trail after they have contacted the food source (Fig. 2). 
The distance between the food source and the nest can also 
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FIGURE 2 Fire ants deposit trail pheromones by discharging the contents of 
the Dufour’s gland through the extruded sting. The continuity of the trail is 
made visible when a worker walks over a treated glass slide, removing soot 
where her body contacts the substrate. Marks made by the tarsi and hairs on 
the tip of the gaster are visible. Increase in the continuity of the sting trail can 
be seen. [From Hlldobler, B. and Wilson, E. O. (1990). “The Ants,” p. 270. 
Belknap Press of Harvard University, Cambridge, MA. Originally published in 
Hilldobler, B. (1970). Chemische Verstindigung im Insektenstaat am Beispiel 
der Hautflugler (Hymenoptera). Unschau 70(21), 663-669. Reprinted with 
permission of Harvard University Press and Prof. Hélldobler.] 


affect the rate at which food is retrieved, and thus the prof- 
itability of the colony’s foraging. 

The regulatory mechanism underlying foraging organiza- 
tion is called mass communication. Foraging is initiated when 
scouts locate new food, determine its quality, and deposit trail 
pheromone according to the food’s energetic value and the 
colony’s nutritional needs. This trail induces recruitment in 
nestmates, which repeat the cycle of food quality assessment 
and trail phermone deposition until the food source has been 
depleted or the colony satiated. The entire process is regulated 
by the concentration and evaporation of the trail pheromone. 
If the recruitment trail is not reinforced, the trail substance 
evaporates and foraging rate decays over time until food collec- 
tion ends. Different ant and termite species show variations on 
the theme of mass communication that likely are associated 
with a the foraging ecology of individual species. 


DEFENSIVE RECRUITMENT AND DIVISION OF 
LABOR BETWEEN CASTES 


Social insects can be the most important competitors and 
predators of other social insects. Army ants, for example, 
exert significant predation pressure on social wasps and ground- 
dwelling ant species, favoring the evolution of adaptive systems 
of predator recognition and response. Some responses involve 
a division of labor among castes. Castes are groups of individ- 
uals specialized for a given set of tasks; they may have specific 
functions related to foraging or colony defense, and different 


984 Recruitment Communication 


castes may be recruited according to their specialization. 
Upon encountering a particularly important competitor or 
predator, ants that are patrolling the territory of a colony may 
prempt an attack through a caste-specific alarm— recruitment 
system. For example, the ant species Pheidole dentata and 
Solenopsis geminata are sympatric (i.e., occur together) in the 
southeastern United States and use similar nest sites. S. 
geminata, the native fire ant, as well as S. invicta, the 
imported fire ant, may attack colonies of P dentata and 
destroy the colony (Fig. 3). Because fire ants are fierce 
predators of P dentata, it is important to quickly respond to a 
potential threat. In P dentata, minor workers usually care for 
brood, maintain the nest, and forage, whereas major workers, 
which have large heads and mandibles, have a significant role 








FIGURE 3 Recruitment and feeding behavior in a laboratory colony of fire 


ants. (A) Scout ants feeding at a drop of sucrose. (B) Ants initially recruited 
from the nest by trail-laying workers that had fed now feed and lay trails to 
the nest. (C) Recruitment increases as more ants arrive at the food and con- 
tribute pheromone to the trail. (D) The food is depleted, and new recruits 
arriving at the food do not lay trails on their return trip to the nest. Foraging 
now stops because the trail pheromone has evaporated. [From Wilson, E. O. 
(1963). Pheromones. Sci. Am. May, p. 110. Reprinted with the permission 
of Miriam F, Rothman for the estate of the photographer, Sol Mednick.] 


in colony defense. When minor workers encounter as few as 
one or two fire ants, they return to the nest, laying pheromone 
trails to recruit minor and major workers. Major workers rec- 
ognize the threat as emanating from fire ants through the 
odor of the predator carried on the messengers’ bodies, and 
together with the excitatory behavior and trail substances 
deposited by minor workers, are recruited to the site at which 
the enemy has been located (Fig. 4). Because majors are 
recruited to respond defensively following contact with fire 
ants but not other ant species, this defensive recruitment 
system is said to have “enemy specification.” 

Species of termites that forage above the ground face a 
higher degree of predation than species that forage in the con- 
fines of subterranean gallery systems, and the social architec- 
ture of these ecologically different groups of species seems to 
have undergone adaptive modification. For example, species 
whose foragers harvest food above the ground have a high 
proportion of soldiers that use chemical defense in combating 
predators. Species that nest and seek food below ground have 
relatively low investment in soldiers, which rely on 
mechanical defense and are not involved in foraging. The 
recruitment communication systems that organize foraging in 
aboveground species appear to be adapted to reduce predation 
during the time period between the discovery of food and the 
construction of covered protective galleries, when termites are 





FIGURE 4 Enemy specification in the recruitment behavior of the ant 2 
dentata. In response to contact with fire ants (light shading), major workers 
are recruited to defend the colony by attacking with their well-developed 
mandibles. [Reprinted with permission from Wilson, E. O. (1976). The 
organization of colony defense in the ant Pheidole dentata Mayr. Behav. Ecol. 
Sociobiol. 1, 66. © Springer-Verlag GmbH & Co. KG.] 





FIGURE 5 Head of a soldier of Nasutitermes. The mandibles are vestigial and 
the head is shaped to discharge defensive secretions. Scale bar = 0.25 mm. 


[Reprinted with permission from Eisner, T. et al. (1976). The organization 
of colony defense in the termite JV. exitiosus. J. Comp. Physiol. 90, Fig. 1. © 
Springer-Verlag GmbH & Co. KG.] 


exposed and are vulnerable to predation by ants. In 
Nasutitermes, for example, the most diverse genus of the higher 
termites, there are worker and soldier castes: the ampule- 
headed soldiers are highly modified for chemical defense but 
also have an important role in organizing foraging (Fig. 5). 
Soldiers of the neotropical NV. costalis scout in groups for food 
sources, and upon locating food communicate its location to 
nestmates. Groups of soldiers of NV. costalis move in amoeboid 
fashion from the nest, ends of foraging galleries, and currently 
used food sources, recruiting other soldiers with sternal gland 
secretions as they slowly explore the environment. Parties of 
soldiers search as groups along trails in different areas, but all 
trails generally coalesce when a food source is located; subse- 
quently additional soldiers and then workers are recruited. 
There are three phases of foraging organization in N. 
costalis, each involving recruitment communication within 
and between castes. First, soldiers search for and discover new 
food sources and communicate information about their loca- 
tion to other soldiers. Next, workers are recruited in large 
numbers. Finally, the recruitment of workers increases further 
and soldiers flank both sides of the foraging trail to protect 
the more vulnerable workers traveling between the nest and 
the food. This pattern of soldier and worker recruitment 
shows that soldiers, which themselves do not feed directly, are 
nevertheless scouts, which assess food quality and recruit 
workers that will harvest food. Soldiers first recruit other 
soldiers to ensure an adequate defense at the food source and 
then communicate with workers to begin food collection. 
This intercaste communication is chemical; both soldiers and 
workers have a sternal gland, which produces a trail 
pheromone that induces the recruitment of soldiers and 
workers depending upon the quantity of pheromone 
deposited. The sternal gland secretion is not caste specific, but 
the volume of the sternal gland varies in soldiers and workers 
(large workers have a significantly larger sternal gland volume 
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than soldiers). Caste differences in pheromone perception 
and/or responsiveness to the sternal gland pheromone appear 
to regulate the prominent division of labor during foraging 
organization in nasute termites. 

Nasute termites also have an alarm—recruitment response. 
When disturbed, soldiers discharge frontal gland terpenoid 
secretions; soldiers nearby then are recruited over short 
distances. Frontal gland and sternal gland secretions function 
in defensive recruitment and cause soldiers to remain in an 
area where a disturbance has been signaled. Similar foraging 
and defensive recruitment communication systems have been 
identified in other termites. 

Defensive recruitment and the recognition of specific ene- 
mies occur in some termites. NV. costalis responds defensively 
to the presence of a single soldier or worker of an alien con- 
specific colony by recruiting large third-instar workers, which 
attack the intruders with their mandibles. This response is 
not seen if other species of termites are encountered. 


THE EVOLUTION OF 
RECRUITMENT COMMUNICATION 


Ethological Models 


Ethologists have long hypothesized that the origins of behavior 
can be traced from comparisons of similar actions in groups 
of closely related species. The history of recruitment behavior 
and chemical trail communication has been examined in ants 
with such an approach. The ancestral condition is thought to 
involve a behavior called tandem running, In this mode of 
recruitment, a single nestmate is led “in tandem” from the nest 
to a new nest or food source: a “leader” guides a “follower” to 
a target area. Tandem running involves motor displays that 
initiate pairing (Fig. 6) and surface pheromones and other 
exocrine gland secretions to maintain the communicative tie 
while the ants move pairwise, outbound from the nest. This 
type of recruitment communication is considered to be basal 
because it commonly occurs in ponerine species, which are 
themselves ancestral in the evolutionary history of ants. 

In chemical mass communication, excitatory and orienting 
information is contained in the structure of the trail substance, 
and no other signals are required to control recruitment activity. 
In tandem running, behavioral displays alert recruitees to the 
need for their assistance; chemical signals on the body of the 
recruiter, as well as physical contact between the members of 
the tandem pair, provide directional guidance. In the most 
derived state of recruitment communication, all information 
required to regulate group action is encoded by pheromones. 
This type of trail communication is characteristic of many 
species in the majority of ant subfamilies and in the termites 
appears to be the only method of trail communication. 

The origin of trail communication in termites has received 
relatively little attention. The secretions of the sternal gland 
are known to inhibit fungal growth; thus the ancestral function 
of this gland may have been the production and deposition 
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FIGURE 6 Tandem running in ants. A recruiter (black) contacts a nestmate 
(white) and shows a jerking behavior, pulling the nestmate by the mandibles 
to invite her to follow (1, 2). The recruiter then turns and offers the gaster 
(3, 4). When the recruited ant contacts the gaster and hind legs of the 
recruiter, the pair move in tandem to a new nest site (5). Arrows illustrate 
the direction of motion of the recruiter. [From Holldobler, B. et al. (1974). 
Communication by tandem running in the ant Camponotus sericeus. J. 


Comp. Physiol. 90, 105-127, © Springer-Verlag GmbH & Co. KG.] 


of antibiotics to control microbial growth in the nest. Recruit- 
ment communication became more elaborate with the sepa- 
ration of nesting and feeding ecology and the evolution of a 
sterile worker caste. 


Resource Distribution and the Evolution of 
Recruitment Communication 


Some species of ants have no recruitment communication; 
these species offer important insights into the role of food 
distribution in the evolution of recruitment behavior. The 
relative significance of phylogeny and ecology can be separated 
in some of these species because the absence of recruitment 
communication has been noted in ants in derived subfamilies. 
The ant Cataglyphis bicolor, a formicine species that nests in 


FIGURE7 The pygidial gland and trail laying. (A) The ant P /aevigata applies 
the pygidial gland, located dorsally, to the substrate to lay a trail. (B) Structure 
of the gland: AS, cuticular applicator; GC, gland cells, CH, gland channels 
in the intersegmental membrane. Scale bar = 2.5 mm. [Modified from 
Héalldobler, B., and Traniello, J. (1980). The pygidial gland and chemical 
recruitment communication in Pachycondyla (= Termitipone) laevigata. J. 
Chem. Ecol. 6, pp. 886, 887, with permission of Kluwer Academic/Plenum 
Publisher.] 


the ground and forages on the arid salt pans of North Africa, 
does not mobilize nestmates to food sources greater in size 
than what a single worker can transport. Recruitment does 
not occur naturally and cannot be induced experimentally. 
The diet of this ant is primarily composed of arthropods that 
have desiccated; the distribution of these prey is unpredictable 
in space and time, suggesting that the ecology of prey distri- 
bution has been the major selective force for individual 
retrieval without the possibility of recruitment. 

Among the basal ponerine ants, the same point concerning 
food distribution and phylogeny can be made. Ponerine ants 
in the genus Pachycondyla generally show no food recruitment, 
employing tandem running only during nest emigration. 
These ants feed on randomly distributed individual prey. Yet 
chemical recruitment behavior occurs in species that utilize 
clumped food resources, such as P laevigata, an obligate 
termite predator. P obscuricornis huntresses collect prey as 
individuals but do not have food recruitment communication. 
Nest relocations involve tandem running; secretions from the 
pygidial gland, which is located dorsally beneath the seventh 
tergite on the gaster, hold the tandem pair leader and her 
follower together as they make their way to the new nest. In 
P. laevigata, an obligate termite predator, scout ants initiate 
the recruitment of nestmates after only a single termite has 
been found. Workers of this species apply the potent 
secretions of their pygidial gland to the substrate by curling 


the gaster forward ventrally and dragging the dorsal surface 
(Fig. 7). One trail-laying ant can induce the formation of a 
foraging column of several dozen workers. Shifts in diet in the 
genus therefore appear to have selected for the changes in trail- 
laying behavior and the chemistry of the pygidial gland secre- 
tion. Another basal ant that has well-developed recruitment 
communication is the ambyloponine Onychomyrmex, which is 
a specialist on large prey and has an army ant-like life cycle. 

Resource distribution is associated with the use of chemical 
communication during foraging in desert seed-harvesting ants. 
Pogonomyrmex rugosus and P. barbatus occur sympatrically and 
feed on seed clumps. These ants have well-developed trail 
communication. On the other hand, PR maricopa collects 
scattered seeds, primarily through individual retrieval, and has 
a comparatively narrow diet breadth and a relatively weak 
recruitment response to seed patches. 


RECRUITMENT, COMPETITION, AND COOPERATIVE 
RETRIEVAL Recruitment communication allows the diet of 
a species to be expanded to include food items greater in mass 
than a single forager’s load size limit. This is accomplished by 
recruiting nestmates to help transport prey. In this way, small- 
bodied ants can cooperate in prey retrieval, sometimes greatly 
increasing diet breadth. Recruitment communication is flexi- 
ble; the number of ants in the cooperative retrieval group can 
be adjusted to prey size and thus allow a colony to efficiently 
collect resources of different sizes. There may be an energetic 
advantage to cooperative foraging, reflected in reduced search 
and retrieval costs and the caloric benefit of successfully acquir- 
ing large prey. Recruitment may also improve competitive 
success; workers recruited to a contested resource can enhance 
prey defense as well as assist in transport. Short-range recruit- 
ment, mediated by acoustical and/or chemical signals, may 
be used to attract nearby ants to a food find. Such is the case 
in the foraging organization of the desert ant Aphaenogaster 
cockerelli. Following short-range recruitment, a small group 
of recruits will cooperatively transport the food to the nest to 
minimize competition with sympatric ants. 

The recruitment response of a colony is influenced by a 
number of ecological factors that can alter the way in which 
resources are partitioned between species. Recruitment varies 
with temperature and food item size, and each species in a 
community may have different thermal and prey size optima. 
This will cause competitive ability to vary among species and 
may result in some species “specializing” on prey of a certain 
size while foraging within a given temperature range. In open- 
field north temperate ant communities, the small-bodied 
Monomorium minimum is more tolerant of higher tempera- 
tures and can use a mass recruitment pheromone from the 
Dufour’s gland to recruit rapidly to large prey, which workers 
defend with a chemical repellent originating in the poison 
gland. M. minimum foragers also dissect prey more rapidly 
than sympatric ants. Temperature preferences, recruitment, 
prey defense, and dissection together represent a foraging 
strategy that allows this ant to successfully retrieve large prey. 
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While the benefit of recruitment is diet expansion, its 
costs lie in the time required to assemble a cooperative 
retrieval group. During this time, competing ant species may 
discover the prey and interfere with its exploitation. Indeed, 
the probability of interference competition from sympatric 
ant species can increase from 0% to 100% when prey items 
exceed the upper size limit for individual worker carriage. 
The ability to move prey is an important factor in decreasing 
losses to competitors. 


SELF-ORGANIZATION AND 
RECRUITMENT BEHAVIOR 


Theories of foraging strategy note the significance of time, 
energy, and food profitability in the evolution of feeding 
behavior. Social insect colonies adjust their foraging (i.e., 
regulate the number of workers feeding at a given food 
source) according to food profitability, the risk of worker loss 
to predation, and competition. Recruitment communication, 
through the physical properties of trail pheromones, allows 
foraging adjustments to be made adaptively. It is at the colony 
level that such adjustments in worker feeding behavior, or 
decisions, are made. The concept of self-organization has been 
used to explain how collective action at the level of the colony 
can be the result of simple rules followed by individual 
workers. The complex foraging activities of a colony thus result 
from the interactions of simple workers, whose behavior is 
determined by trail pheromone concentration. 

Self-organization has been used to explain the foraging 
behavior of mass-recruiting species such as fire ants, which have 
large colonies composed of workers with limited behavioral 
repertoires. In addition, their communication systems rely 
almost entirely on the deposition and diffusion of trail 
pheromones. Computer simulations and mathematical models 
have been used to describe the mechanisms involved in dividing 
foragers between two food sources, as well as the structure of 
raids of army ants and the rotation of foraging columns of desert 
seed-harvesting ants. Self-organization theory has also attempted 
to explain why mass-recruiting ant species have larger colony 
size: the greater complexity of larger colonies and their efficiency 
of colony operations may be dependent upon the individual 
simplicity of the workers that make up these social groups. 
Individual simplicity may allow greater flexibility in colony-level 
behavior than would be possible in a social group composed 
of complex individuals. This reinforces the notion that social 
insect colonies have a decentralized rather than hierarchical 
system of control. It has long been known that the queen does 
not “hand down” orders to workers to direct colony activites. 
The idea of self-organization can provide detailed descriptions 
of how efficiency is achieved through decentralization and the 
chemical regulation of worker behavior. 


See Also the Following Articles 
Ants ¢ Caste « Dance Language ¢ Division of Labor e 
Hymenoptera ¢ Isoptera ¢ Orientation « Pheromones ¢ Sociality 
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Regulatory Entomology 


Robert V. Dowell 
California Department of Food and Agriculture 


| canna entomology is concerned with preventing the 
unwanted movement of insects and related invertebrates 
from areas where they occur to areas where they do not occur. 
Nonnative species have caused untold amounts of damage to 
our crops, homes, environments, and persons. Officials in 
regional, state, or national governments achieve this goal with 
a five-component prevention program of exclusion, detection, 
eradication, identification, and public awareness. Exclusion is 
the primary prevention level. It uses phytosanitary regulations, 
including quarantines and other legal actions, to prevent the 
introduction of the quarantine pests. Detection is the second- 
ary prevention level, which uses visual surveys or traps to find 
infestations of quarantine pests that have penetrated the 
exclusion barriers. Identification provides the name of the 
invading organism and information about its biology. It also 
provides intelligence to assist exclusion and eradication activi- 
ties. Eradication is the tertiary prevention level. Eradication is 
the elimination of populations of quarantine pests found by the 
detection program. Public awareness strives to make the citizens 
aware of the regulatory laws concerning the importation of 
quarantine pests and items and enlists their cooperation in 
making the prevention efforts successful. The components 
work together much like a ladder with exclusion, detection, 
and eradication being the rungs, which are held together by 
identification and public awareness. Working together, these 
components can prevent the unwanted immigration of 
quarantine pests. 


PEST EXCLUSION 


The basic premise of pest exclusion is that it is better to live 
without pests than to live with them. History provides 
numerous examples of nonnative species that have caused 
extensive damage when brought into new areas. Examples of 
invasive species that have caused damage in nonnative areas 
include the Formosan termite (Coptotermes formosanus) in 


Hawaii and Louisiana, gypsy moth (Lymantria dispar) in the 
eastern United States, opuntia cactus (Opuntia spp.) and 
rabbits (Oryctolagus cuniculus) in Australia, brown tree snake 
(Boiga irregularis) in the Pacific region, American cockroach 
(Periplaneta americana) throughout most of the world, and 
Colorado potato beetle (Leptinotarsa decemlinata) in Europe. 
Pest exclusion uses phytosanitary regulations, including quar- 
antines and other legal actions, to prevent the immigration of 
quarantine pests. Quarantines prohibit the movement of the 
quarantine pest or plants or other items known to be infested 
or liable to be infested from crossing the quarantine boundaries. 

Quarantines may identify specific organisms (e.g., San Jose 
scale, Quadraspiditotus perniciosus) or groups of organisms 
(e.g., fruit flies in the family Tephritidae). Pest insects attack 
human food, fiber, shelter, or persons; carry diseases of people 
or other organisms, including domestic livestock or native 
biota; or are pests of human or natural environments (Table I). 

Plants or other regulated articles are prohibited from cross- 
ing the quarantine boundaries unless they meet compliance 
procedures specified in the phytosanitary regulations that 
render them free of the quarantine pest. Compliance agree- 
ments and permits are authorizations to move the prohibited 
items under conditions prescribed by the quarantine issuer. 
Quarantine compliance may be performed at origin, the 
preferred option, or at destination, which is the less preferred 
option. The compliance requirements vary from those 
designed to keep the pest out of the regulated items, such as 
growing nursery stock in insect-proof screenhouses or apply- 
ing pesticide sprays while the plants are growing, to those 
designed to kill any pests associated with the regulated items 
prior to or during shipment, including fumigation, hot/cold 
treatments, or irradiation (Table II). 

Permits are also used to regulate the importation and 
holding of live insects for exhibit or research by insect zoos, 
butterfly houses, public or private research facilities and 
universities, and private citizens. The regulations that allow the 


TABLEI Examples of Quarantine Pests at Local, State, and 
National Levels 


Scientific name Common name Reason 





Aedes albopictus Asian tiger mosquito | Human disease vector 
Anoplophora White-spotted Wood-boring beetle 
malasiaca longicorn bettle 


C. formosanus Formosan termite Dwelling pest 


Dacus ciliatus Lesser pumpkin fly Fruit pest 


Danaus plexippus Monarch butterfly Butterfly disease 


carrier 


Diaphorina citri Citrus psyllid Citrus disease vector 


Le. decemlineata Colorado potato Vegetable defoliator 


beetle 
Ly. dispar Gypsy moth Forest defoliator 
Q. perniciosus San Jose scale Fruit tree/ornamental 
pest 
Trogoderma granarium  Khapra beetle Grain pest 
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TABLE II Examples of Accepted Measures Used to Meet Phytosanitary Regulations 





Pest Origin Measure used 
Wood-boring beetles in dunnage Asia Fumigation 
Fruit flies (Tephritidae) Various Vapor heat, fumigation, cold treatment, pesticide sprays 
Thrips (Thysanoptera) on flowers Hawaii Irradiation 
Caribbean fruit fly (Anastrepha suspensa) Florida Systems approach 
Plum curculio (Conotrachelus nenuphar) Eastern United States Controlled atmosphere 
Corn stalk borers Eastern United States Hot water dip 
Japanese beetle (Popillia japonica) in nursery stock Eastern United States Pesticide drench of pots, plants grown in insect-proof screenhouses 


insects to be held safely are specified in the permit issued to 
the person or entity requesting permission to import or hold 
live insects that are subject to regulation. Another form of pest 
exclusion uses the continual release of sterile insects through- 
out an area of high risk of invasion by that pest to preclude 
establishment. These sterile insects mate with wild adults as 
they emerge, producing infertile eggs. This preventative release 
approach stops the invading pest from developing infesta- 
tions that may require eradication. This preventative release 
approach is being used against the Mexican fruit fly 
(Anastrepha ludens) along the Mexico—California border and 
against the Mediterranean fruit fly (Ceratitis capitata) in the 
greater Los Angeles area of California, along the Peru—Chile 
border, and along the Mexico—Guatemala border. 


PEST DETECTION 


Pest detection programs serve two purposes: to ensure that a 
political entity is free of the quarantine pest(s) regulated by 
their phytosanitary regulations and to find infestations of 
quarantine pests that have penetrated the exclusion barrier. 
There are two basic forms of pest detection: traps and visual 
surveys. The use of traps has many advantages and traps are 
the preferred method of detection of insect pests. However, 
not all pests respond to traps or lures. For these pests visual 


TABLE III Advantages and Disadvantages of Traps and Visual 
Surveys Used to Detect Quarantine Pests 





Advantages Disadvantages 
Traps 
Can be highly attractive, may detect Not all pests can be trapped 
pest at low densities 
Operate continuously when in field Often limited to small number 
of species 
Can be left in field for days to months 
One person can operate many traps 
Can cover large area quickly 
Visual surveys 
Can detect many pests at once Labor intensive 
Can detect any pest insect Operate only when people are 
in field 


Cover limited area slowly 


surveys, with their own advantages and disadvantages, are 
used (Table III). 

‘Traps may be completely visual, such as yellow traps used to 
catch aphids and whiteflies, but most often they contain one 
or more chemicals attractive to the target species (Table IV). 
These chemical lures include sex pheromones, pheromone 
precursors, parapheromones (attractant not of botanical origin 
or a pheromone precursor that attracts males), food lures, 
chemicals of unknown action, and combinations of visual 
traps and lures. 

Visual surveys can look for the pest itself, such as the white 
garden snail (Theba pisana); the damage the pest can cause, 
such as that caused by the Asian longhorn beetle (Anoplophora 
glabripennis); or the abode of the pest, such as the galls of the 
balsam gall midge (Paradiplosis tumifex). Visual surveys may 
use food lures to attract and hold the pest as is done with the 
red imported fire ant (Solenopsis invicta). 

Detection efforts are concentrated in those areas where the 
target pest might enter and where the pest may become estab- 
lished. In general, large urban areas have a greater number of 
invading exotic species than rural or agricultural areas. This 
is the result of people directly bringing in exotic invertebrates 
in the fruit, flowers, and other items that they obtain while 
traveling and the importation of large volumes of goods 
(food, plants, etc.) that are needed to service large population 
centers (Table V). 

If a pest is found during a detection program, a delimita- 
tion survey is used to determine whether an infestation exists 


TABLEIV Examples of Lures Used in Pest Detection Programs 





Lure Type Pest 
Disparlure Pheromone Gypsy moth 
Methyl eugenol Pheromone Bactrocera fruit fly 

precursor species 
Trimedlure Parapheromone Ceratitis spp. fruit flies 
Cuelure Unknown Bacterocera fruit fly 
species 
Cracked grain Food Khapra beetle 
Decaying protein in water Food Anastrepha fruit fly 
species 
Ammonium carbonate Food lure/foliage Rhagoletis fruit fly 


and yellow traps mimic species 
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TABLEV Examples of Locales in Which Detection Efforts 
Are Conducted 


Locale Pest 


TABLE VI Examples of the Eradication Tactics Used against 
Invertebrate Pests 


Pest Tactic® 





Urban areas Many pests, including fruit flies 
Campgrounds 
Corn fields 


Slate yards 


Gypsy moth 
European corn borer (Ostrinia nubilalis) 


Snails and lygaeid bugs 


Ports Wood-boring beetles 

Airports Japanese beetle 

Nurseries Many pests, including scale insects 

Almond orchards Red imported fire ant (S. invicta) in palletized loads 
of honey bee colonies 

Cotton fields Boll weevil (Anthonomus grandis grandis) 


and if so, its physical boundaries. Unlike detection efforts that 
try to uniformly cover an area, delimitation efforts strongly 
target the area immediately around where the pest was found, 
with decreasing effort as one moves away from that point. 
For example, Mediterranean fruit fly detection in urban areas 
of California deploys a uniform 4 Jackson traps baited with 
Trimedlure per square kilometer. For delimitation, 100 
Trimedlure-baited Jackson traps are deployed in the 2.56 km* 
area (core area) centered on the site where the first fly was 
found. An additional 50, 25, and 20 Trimedlure-baited 
Jackson traps per 2.56 km” are deployed respectively in three 
1.6-km-wide rings around the core area. 

Delimitation surveys are conducted until an infestation is 
confirmed and a decision about further actions is made or 
until it is determined that no infestation exists. The latter 
requires that no more target insects be found for a time 
period equal to several generations, typically two to three, of 
the pest. At the end of the delimitation effort, a trapping or 
visual survey program resumes at the detection level. 

Delimitation efforts using visual surveys follow the same 
format, with a greater effort expended in the area immediately 
around the site where the pest was detected and diminishing 
effort as one moves away from that point. 


PEST IDENTIFICATION 


An important part of any detection program is the rapid and 
accurate identification of organisms that are found. Professional 
scientists provide these identifications and background infor- 
mation on the biology of the organism, which are used to 
help decide what, if any actions, may be taken against the pest. 
These professionals also provide information used to develop 
phytosanitary regulations and quarantine pest detection and 
delimitation programs. 


PEST ERADICATION 


Eradication of infestations of exotic pests is the most contro- 
versial aspect of regulatory entomology. Eradication is designed 


Japanese beetle Cover sprays of pesticides 


Olive fly (Bactrocera oleae) Pesticide and bait sprays 
Mediterranean fruit fly Use of sterile males 


Melon fly (Bactrocera cucurbitae) Mass trapping using Cuelure and 


an insecticide 


Oriental fruit fly (Bactrocera dorsalis) Male annihilation using methyl 


eugenol and an insecticide 

Asian longhorned beetle Host removal 

Gypsy moth Cover sprays of microbial 
insecticides 


Boll weevil/pink bollworm (A. grandis 


Cultural controls such as specific 


grandis/Pectinophora gossypiella) 


plow-down dates 


“One or more tactics are often used against a pest. 


to eliminate a pest from a proscribed area, usually within a 
given time. Eradication programs are conducted at the point 
where the pest is found, not necessarily where it may do the 
most damage. Eradication programs using pesticide sprays in 
urban settings often generate considerable public outcry and 
opposition. Programs using nonpesticidal tactics or less intru- 
sive methods of pesticidal applications engender little to no 
public concern. Thus the aerial application of pesticides or 
the extensive use of ground applications of pesticides in urban 
areas is strongly contested by the public, whereas mass trap- 
ping or male annihilation programs in the same areas are 
ignored. In general, successful eradication programs have the 
following components: the organism poses a clear-cut threat, 
an effective detection technique is available—usually not 
only visual surveys, the organism is limited in its distribution 
in the newly invaded area, continuous natural invasion of the 
organism cannot occur, and effective techniques exist to reduce 
the target population below the point at which reproduction 
can occur (Table VI). 

Eradication procedures are applied to the target popula- 
tion for several life cycles of the organism beyond the last 
individual found. Posttreatment monitoring at delimitation 
levels is conducted for at least one additional life cycle of the 
pest. If no further individuals of the target organism are 
found within the treated area, eradication is considered to 
have been successful. 


PUBLIC OUTREACH 


Public outreach is conducted in a number of venues. Among 
the most frequently encountered are the forms that are 
required to be filled out before leaving a plane that has 
landed at a foreign airport or crossing a border. Information 
flyers handed out during eradication programs, on cruise 
ships, and at other sites are another venue through which the 
public is made aware of the exclusion efforts conducted on 
their behalf. Regular inspections of products moving into or 


out of an area keep professional importers and exporters aware 
of the quarantine regulations of their trading partners. 

The five-component pest exclusion program described 
above, with modifications for local weather, topography, 
target species, and so on, is used by all countries that adhere 
to the International Standards for Phytosanitary Standards 
published by the Food and Agriculture Organization of the 
United Nations. 


See Also the Following Articles 
Agricultural Entomology ¢ Extension Entomology ¢ Fire Ants e 
Gypsy Moth « Sterile Insect Technique 


Further Reading 

Collard, S. B., III (1996). “Alien Invaders.” Grolier Press, Danbury, CT. 

Dowell, R. V., Siddiqui, I. A., Meyer, E, and Spaugy, E. L. (2000). 
Mediterranean fruit fly preventative release programme in southern 
California. Jv “Area-wide Control of Fruit Flies and Other Pests” (K.-H. 
Tan, ed.), pp. 369-376. Penerbit Universiti Sains Malaysia, Pulau, 
Pinang. 

Hancock, D. L., Osborne, R., Boughton, S., and Gleeson, P. (2000). 
Eradication of Bactrocera papayae (Diptera: Tephritidae) by male 
annihilation and protein baiting in Queensland, Australia. Jn “Area-wide 
Control of Fruit Flies and Other Pests” (K.-H. Tan, ed.), pp. 381-388. 
Penerbit Universiti Sains Malaysia, Pulau, Pinang. 

“Harmful Non-indigenous Species in the United States” (1993). Office of 
Technology Assessment, U.S. Govt. Printing Office, Washington, DC. 
[OTA-F-565]. 

“Insect Trapping Guide” (1998). California Department of Food and 
Agriculture (www.cdfa.ca.gov). 

“International Standards for Phytosanitary Measures” (2000). Food and 
Agriculture Organization of the United Nations (www.fao.org). 

Pegram, R. G., Gersabeck, E. E, Wilson, D. D., and Hansen, J. W. (2000). 
Progress in the eradication of Amblyomma variegatum Fabricius, 1794 
(Ixodoidea, Ixodidae) from the Caribbean. Jn “Area-wide Control of 
Fruit Flies and Other Pests” (K.-H. Tan, ed.), pp. 123-130. Penerbit 
Universiti Sains Malaysia, Pulau, Pinang. 

“Plant Quarantine Manual” (1998). California Department of Food and 
Agriculture (www.cdfa.ca.gov). 

“Quarantine Pests for Europe” (1997). CAB Int. and European and 
Mediterranean Plant Protection Organization, University Press, 
Cambridge, UK. 

Villasenor, A., Carrillo, J., Zavala, J., Stewart, J., Lira, C., and Reyes, J. 
(2000). Current progress in the medfly program Mexico—Guatemala. Jn 
“Area-wide Control of Fruit Flies and Other Pests” (K.-H. Tan, ed.), 
pp. 361-368. Penerbit Universiti Sains Malaysia, Pulau, Pinang. 

Wyss, J. H. (2000). Screw-worm eradication in the Americas—Overview. /n 
“Area-wide Control of Fruit Flies and Other Pests” (K.-H. Tan, ed.), 
pp. 79-86. Penerbit Universiti Sains Malaysia, Pulau, Pinang. 





Reproduction, Female 


Diana E. Wheeler 


University of Arizona 


I n female insects, reproduction generally involves producing 
yolky eggs, mating, and then laying fertilized eggs. Across the 
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diversity of insects, however, different ways of reproducing 
illustrate an astounding variation in this simple series of events 
as well as divergence from it. In the most extreme examples, 
females can reproduce without supplying eggs with yolk, 
without mating, and even without laying eggs. 

Female reproduction has been one of the most intensively 
studied aspects of insect biology in the past 50 years for two 
reasons. First, frequent confrontations between humans and 
insects in the arenas of agriculture and health make under- 
standing insect reproduction of great practical importance. 
Production of the next generation of insects has several steps 
that are centered on the female. To reproduce, females need 
to make eggs or provide their embryos with nutrition in other 
ways. Once made, females must find an appropriate spot to 
deposit their eggs. For entomologists concerned with problem 
insects, these steps offer opportunities to disrupt reproduc- 
tion and reduce the number of insects in the next generation. 
Second, the diversity of ways that insects reproduce provides a 
rich source of material for discovering the underlying rules of 
biology. For example, the extraordinary effectiveness of female 
insects in converting resources into eggs led to their use as an 
intensively studied model system. The process by which yolk 
is taken up into insect eggs serves as a model for how cells 
take up large molecules from the surrounding environment. 


STRUCTURE OF FEMALE 
REPRODUCTIVE SYSTEMS 


Female insects can make eggs, receive sperm, store sperm, 
manipulate sperm from different males, and lay eggs. Their 
reproductive systems are made up of a pair of ovaries, accessory 
glands, one or more spermathecae, and ducts connecting these 
parts. Ovaries make eggs, and accessory glands produce sub- 
stances to help package and lay the eggs. Spermathecae store 
sperm for varying periods of time and, along with portions of 
the oviducts, can control sperm use. The ducts and sper- 
mathecae are lined with cuticle. 

The ovaries are made up of a number of egg tubes, called 
ovarioles. The number of ovarioles varies with the type of 
insect, its size, and its particular life history. Clearly, the 
number of ovarioles and the number of eggs that can be 
produced by each set an upper limit to the total number of 
eggs, or young, an insect can produce. The rate that eggs can 
develop is also influenced by ovariole design. In meroistic 
ovaries, the eggs-to-be divide repeatedly and most of the 
daughter cells become helper cells for a single oocyte in the 
cluster. In panoistic ovaries, each egg-to-be produced by stem 
germ cells develops into an oocyte; there are no helper cells 
from the germ line. Production of eggs by panoistic ovaries 
tends to be slower than that by meroistic ovaries. 

Accessory glands or glandular parts of the oviducts produce 
a variety of substances for sperm maintenance, transport, and 
fertilization, as well as for protection of eggs. They can produce 
glue and protective substances for coating eggs or tough 
coverings for a batch of eggs called oothecae. 
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Spermathecae are tubes or sacs in which sperm can be stored 
between the time of mating and the time an egg is fertilized. 
Paternity testing of insects has revealed that some, and probably 
many, female insects use the spermatheca and various ducts to 
control or bias sperm used in favor of some males over others. 


COMMON AND DIVERSE MODES 
OF REPRODUCTION 


The most common mode of reproduction in insects is by 
yolked eggs, fertilized internally, that are laid outside the body. 
However, other modes of reproduction are not uncommon. 
Insects with unusual and even unique modes of reproduction 
are interesting as examples of extreme biological forms and 
processes. Modes of reproduction vary in three important 
aspects: whether eggs are fertilized, whether eggs are provi- 
sioned, and where embryonic development takes place. 

First, reproduction without fertilization, or parthenogenesis, 
is common in insects as a normal means of reproduction in 
addition to or instead of sexual reproduction. For example, 
the system of sex determination in the Hymenoptera relies on 
parthenogenetic production of males. Virtually the entire order 
produces males from unfertilized haploid eggs and female 
from fertilized diploid eggs. This type of sex determination, 
called haplodiploidy, is also found in some Sternorryncha, 
Thysanoptera, and Coleoptera. 

In another common type of parthenogenesis, germ stem 
cells in the ovary do not go through meiosis before they start 
development. As a result, offspring are clones of the mothers, 
having a full copy of her genes. Aphids are the premier exam- 
ple of this type of parthenogenesis. In a third type, meiosis 
occurs but the diploid number of chromosomes is restored by 
fusion of two nuclei. This type of parthenogenesis has been 
particularly well studied in stick insects (Phasmida). A fourth 
type requires mating, but fertilization is not completed. Sperm 
is necessary for development to begin, but the male’s genes 
are discarded. Sperm-dependent parthenogenesis is found in 
some bark beetles. 

A second important factor that defines the mode of develop- 
ment is the amount of yolk material provided to the egg. 
Amount of yolk can vary from none to more than enough to 
complete development. When eggs are laid without provi- 
sioning, nutrition must be obtained from elsewhere. Females 
of some insects, such as aphids, can keep developing embryos 
in their bodies and supply them directly with needed nutri- 
ents. In contrast, some parasitic and parasitoid wasps (e.g., 
Trigonalidae, Braconidae) and flies (Tachnidae) produce tiny 
eggs lacking yolk and lay them inside other insects that can 
provide for them. 

A third important descriptor of developmental mode is 
the site of embryonic development. Most eggs are laid out- 
side the mother’s body but, in ovoviparous insects, eggs can 
be retained inside the body of the mother where the embryos 
develop. At hatching, they are released to the outside world. 
In true viviparity, embryos also develop in the mother’s body 


but there is no intermediate egg stage. The site of develop- 
ment of parasitoids is similar to that in viviparous insects, in 
that it is inside another insect. Development of parasitoids, 
however, takes place in the bodies of host insects, rather than 
in the mother. 


MANAGEMENT OF NUTRIENTS FOR EGGS 


In the common mode of reproduction by yolked eggs, female 
insects accumulate large amounts of macronutrients, especially 
protein and fat. Lipids are usually derived from carbohydrates 
in the diet and are not generally in short supply. Amino acids, 
particularly essential amino acids, can be limiting. Therefore 
these are a particularly important part of the yolk. 

Eggs may be provisioned with nutrients obtained in either 
the larval or the adult stage or both. Insects that do not feed 
as adults and have their lifetime’s egg production completed 
when they become adults can draw only on larval nutrients. 
Even insects that feed after eclosion can use excess larval 
nutrients to provision eggs. 

Mosquitoes and other blood feeding Diptera provide 
examples of the often interlocking roles of larval and adult 
feeding. Female mosquitoes feed on nectar and vertebrate 
blood to obtain nutrients for egg production. In some mos- 
quitoes, however, food eaten during the larval stage supports 
the production of at least some eggs. The ability to produce 
eggs without blood feeding is called autogeny. Some 
autogenous species can mature their eggs only this way and 
have lost the ability to feed on hosts. Other species are more 
flexible and can use leftover reserves, if they are available, but 
can feed on blood immediately if they are not. In addition, 
when species occur over a broad geographical area, they can 
be locally adapted. The pitcherplant mosquito, Wyeomyia 
smithii, is completely autogenous in the northeastern United 
States, where larval densities are low and food more 
abundant, but must feed on blood in the southeast, where 
larval resources are more scarce. 

Aspects of both larval and adult environments can favor 
autogeny. A larval environment that offers more consistent 
resources than the adult one will favor obligate autogeny, 
whereas more predictably abundant food in the adult envi- 
ronment will favor obligate blood feeding. In the Northern 
Hemisphere, autogeny becomes more common toward the 
arctic, where host vertebrates are less abundant. Short-term 
variability in nutritional resources, either in a patchy spatial 
environment or over time, can make physiological flexibility, 
termed facultative autogeny, a better strategy than obligate 
autogeny. 

Males can be an important source of nutrients especially 
when the female’s resources are limited. Nutritional contri- 
butions are especially conspicuous in Orthoptera, which 
transfer large spermatophores that can weigh over 20% of the 
male’s body weight. In a variety of insects, proteins 
transferred to females during mating have been found in 
their eggs, ovaries, blood, and various body parts. 


TRANSFER OF SPERM AND 
POSTMATING MANAGEMENT 


Fertilization of eggs is the focus of sexual selection. Natural 
selection biases survival toward individuals that are the most 
successful in their environment. Sexual selection biases its 
rewards toward those individuals that enhance the success of 
their own genotype in the next generation through any aspect 
of mating and subsequent fertilization. 

Classically, males compete with each other for access to 
females, and females can choose to mate with them or not. 
Because insects have internal fertilization, there are many 
possibilities for females to manipulate sperm after mating. 
When females mate multiple times, male competition can 
take place between sperm in the female reproductive tract. 
Overlooked for many years, it is now known that the female 
may also have control over which male’s sperm will fertilize 
her eggs. Mechanisms that females use to bias paternity 
include active elimination of sperm, digestion of sperm, lack 
of sperm transport to the spermatheca, and decreased use of 
some sperm batches in fertilization. Postmating female 
choice is often called cryptic female choice, although it is no 
more cryptic than postmating competition between sperm. 

Females are generally believed to choose their mates based 
on features that indicate their quality as parents. For example, 
a choice can be made based on behaviors such as gifts of food 
or some other indicator of resources, on the amount of sperm 
transferred, or on the concentration of a protective chemical 
given to the female. In addition to features that indicate success 
under the rules of natural and sexual selection, females may 
also choose sperm or mates based on genotypes that are most 
complementary with their own. 

Highly social insects, especially those in perennial colonies, 
provide an interesting variation in female reproductive strategies. 
For example, to produce enough worker insects, queens must 
have a large supply of sperm. Only a small proportion of total 
sperm is used to produce new queens and males; most of it is 
used to make more workers. In social Hymenoptera, which 
includes ants, bees, and wasps, males can be produced without 
sperm because males develop from unfertilized eggs. As far as 
is known, new queens mate only before starting or joining a 
colony and must, therefore, at that time store as much sperm 
as they will need for the remainder of their lives. One impor- 
tant factor that affects colony longevity is the amount of sperm 
available for fertilizing eggs. Queens of large leafcutting ants 
(Atta) mate many times and store as many as 250 million 
sperm. In contrast, termites do not have to store large amounts 
of sperm because termite colonies are headed by both a queen 
and a king, and mating takes place throughout their lives. 

Ants, the most speciose of the social insects, have a wide 
range of colony sizes and rates of worker production. Across 
the group, the number of sperm stored is correlated with the 
number of ovarioles, which suggests that there is a cost to 
long-term sperm storage and that sperm storage is matched 
to the lifetime needs of a successful colony queen. 
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OVIPOSITION 


The culmination of insect reproduction is typically the ovipo- 
sition of mature, fertilized eggs in an environment that will 
support their development. Eggs can be placed on surfaces, in 
crevices, in soil, and in animal or plant tissue, and accessory 
glands produce secretions used to protect eggs. Females often 
have a structure called an ovipositor, which is made up of 
modified appendages on the last abdominal segments and 
serves as a tool for penetrating substrates. For example, many 
grasshoppers use their ovipositors to dig into soil, where they 
lay eggs in a frothy matrix. Also, some parasitic wasps have 
long, needle-like ovipositors that can drill through wood to 
reach host insects. 

Oviposition can be linked physiologically to prior events in 
egg maturation. For example, insects that mature eggs through- 
out the adult stage can often adjust their egg production based 
on available oviposition sites as well as on available nutrition. 
When oviposition sites are rare, unlaid eggs can inhibit the 
hormonal control network that guides egg maturation. Delayed 
oviposition can go further than slowing egg production and 
lead to resorption of eggs, which reallocates resources away 
from reproduction and toward survival. 

Oviposition sites also provide sensory cues that can stimu- 
late further egg maturation. For example, egg production in 
newly eclosed females in the diamondback moth, Plutella 
xylostella, is accelerated by the presence of single volatile 
components of host cabbage plants. Ovarian response to 
oviposition and related cues can reduce the opportunity costs 
females suffer when the supply of completed eggs does not 
match the availability of oviposition sites. 

Protection of eggs, particularly those laid in clusters, can be 
extended by parental care. For example, egg guarding reduces 
the risk of eggs being used by parasitoids or eaten by predators. 
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F emale reproduction has been a major focus of entomological 
research for the past century, driven by the need to control 
populations of insect pests. The central process in female repro- 
duction in insects, the production of eggs, is hormonally regu- 
lated. To reproduce successfully, females must coordinate egg 
production with other aspects of reproduction such as dispersal, 
the availability of resources, and selection of mates and ovipo- 
sition sites. Environmental signals are effectively translated into 
physiological processes by networks of hormonal signals. 

Egg development in insects has become a model experi- 
mental system studied to understand the general principles of 
stage-, sex-, and tissue-specific responses to hormones. In 
insects, juvenile hormone (JH) and ecdysone typically play 
important roles in orchestrating egg development. The 
development of improved analytical methods has led to the 
elucidation of the roles of other key hormones, particularly a 
variety of neurosecretory hormones. Common themes in the 
hormonal control of egg production are becoming clearer, as 
are important differences between insect groups. 


PATTERNS OF FEMALE REPRODUCTION 


To reproduce successfully, female insects must coordinate 
feeding, mating, and locating places to lay their eggs. Mating 
and egg laying almost always take place in the adult stage, but 
female insects vary widely in the manner in which they feed 
and accumulate nutrients for egg production. The accumu- 
lation of nutrients for eggs takes place during larval or 
nymphal development, as well as during adult life. 

Eggs are generally filled with bulk nutrients to support 
embryonic development, and so it is not surprising that the 
timing of egg production is often tightly linked to the timing 
of feeding. The earlier nutrients required for egg production 
are eaten, the earlier egg production can begin. Starting egg 
production during the immature stage and completing it before 
eclosion allows female insects having very short adult lives to 
focus on mating and laying eggs. In fact, adults in many 
insects do not feed at all and even lack mouthparts. Mayflies 
are an example. At the other end of the spectrum, insects may 
take only sufficient nutrients during the larval stage to support 
their own larval or nymphal development. As adults, they 
must compensate for the lack of stored reserves by additional 
feeding. Female mosquitoes that emerge ready to find a blood 
meal are one example of this pattern. The relative advantages 
of these contrasting strategies depend on the opportunities 


for acquiring nutrients, as well as other ecological factors that 
exist in both the immature and adult habitats. When egg 
development is telescoped into preadult stages, hormonal 
signals that control larval or nymphal development and 
metamorphosis must be coordinated with those of ovarian 
and reproductive development. Not surprisingly, setting the 
timing of egg development to different points relative to 
preadult development requires different hormonal controls. 

Female insects that feed as adults differ in the size and 
number of their meals. At one extreme, females feed fairly 
continuously. At the other extreme, females take very large 
meals and have long periods of fasting between them. In 
blood-feeding insects particularly, a single blood meal can 
supply the bulk of nutrients necessary for a batch of eggs. 
Hormones signal the results of feeding to ensure that egg 
development is matched to an adequate supply of nutrients. 

Egg development begins in the germarium, when stem germ 
cells produce daughter cells that become oocytes. Depending 
on the type of egg development, oocytes occur alone or in 
association with sister nurse cells, and follicle cells surround 
either the oocyte or the oocyte—nurse cells complex. Both nurse 
cells and follicle cells make and transfer materials important 
for future embryonic development to developing oocytes. In 
addition, vitellogenins, fats, and carbohydrates are all taken 
up into the egg, mostly from the blood. Most or all of the 
vitellogenin is made by the fat body, a complex organ analo- 
gous to the vertebrate liver. Fat body cells release yolk proteins 
into the blood, from which they are taken up by rapidly grow- 
ing eggs. When uptake of nutrients is complete, the follicle 
cells secrete egg coverings in preparation for oviposition. 

Hormonal control of egg production is well understood in 
only a few species. Nevertheless, enough is known about a 
wide variety of species to infer some general patterns. Four 
check points in ovarian development are commonly regulated 
by hormonal signals: the formation of new oocytes by stem 
cells in the germarium, initial growth of the oocyte, vitel- 
logenin synthesis by the fat body, and vitellogenin uptake by 
the oocyte. The hormonal signals that break these checkpoints 
reflect various aspects of the external environment and internal 
conditions. 


HORMONES 


The two major hormones that control female reproduction, 
ecdysone and JH, also control preadult development and meta- 
morphosis. In adult females, ecdysone is produced by ovaries, 
rather than by the prothoracic glands as in nymphs and larvae. 
JH is produced by a pair of glands called the corpora allata in 
both preadult and adult stages. The corpora allata are located 
near the brain and are connected to it by tracts of neurosecre- 
tory cells. Neurosecretory hormones made in the brain and in 
other parts of the central nervous system are also important 
controlling factors. Nerves are also part of control networks, 
especially in relaying sensory information to the brain cells, 
which affect the hormone-producing organs. 


EXAMPLES OF HORMONAL CONTROL 
OF EGG PRODUCTION 


Hemimetabolous Insects That Feed Continuously 


Migratory locusts, Locusta migratoria, feed almost continuously 
if they can, and females produce and lay eggs in batches. The 
importance of JH in controlling egg production in this species 
has long been recognized. Shortly after eclosion, JH levels rise 
and stimulate synthesis of vitellogenin by the fat body. Mating 
and plant odors also affect JH level through neurosecretory 
cells in the brain. JH alone, however, is insufficient to com- 
plete a batch of eggs. An ovary-maturing parsin (OMP), which 
is a neurohormone, is required, in addition to JH, to stimulate 
sufficient vitellogenin synthesis and uptake. 

In the viviparous Pacific beetle cockroach, Diploptera 
punctata, JH also regulates vitellogenin synthesis and uptake. 
Signals associated with mating and pregnancy result in 
increased and decreased levels of JH, respectively. Mating 
stimulates the release of JH through mechanical stretch of the 
reproductive tract. The signal is transmitted to the brain by 
nerves. After mating, females produce a set of eggs and retain 
them in a pouch off the oviduct called the brood chamber 
until embryonic development is complete. After the hatching 
and deposition of nymphs, the female can reproduce again. As 
in many insects, lack of sufficient nutrients causes JH levels 
to fall, which delays production of the next batch of eggs. 


Hemimetabolous, Blood-Feeding Insects 


The bloodsucking bug Rhodnius prolixus takes blood meals 
throughout its life. For nymphs, blood meals are required for 
growth and molting; for adults they are needed for egg pro- 
duction. In adult females, abdominal stretching associated 
with feeding stimulates the release of a peptide hormone from 
the thoracic ganglion. As a result, the corpora allata release 
JH, which causes vitellogenin synthesis by the fat body and 
vitellogenin uptake by growing oocytes. Only the terminal, 
largest oocyte in each ovariole develops, however. Nerves that 
stretch as the ovaries grow secrete a neurohormone, called an 
oostatic hormone, that prevents smaller oocytes from taking 
up vitellogenin. The result is a synchronously produced batch 
of eggs. As the eggs mature, the ovary secretes ecdysone, which 
triggers the release from the brain of a neurohormone that 
stimulates contractions for laying the eggs. 


Lepidoptera: Holometabolous Insects That Vary in 
Timing of Egg Production 


Lepidoptera are holometabolous insects, which means that 
preadults (larvae) and adults differ greatly in form, function, 
and ecology. Larvae are specialized for feeding, and adults are 
specialized for dispersal and reproduction. Despite the tidy 
appearance of such discrete stages, an extensive part of egg 
production can occur before the adult stage. Enough 
Lepidoptera species have been studied to allow some 
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appreciation of the variation in egg production patterns across 
the group. Development and egg production are orchestrated 
by the same toolbox of hormones, so it is not surprising to 
find that Lepidoptera in which development and egg produc- 
tion occur simultaneously have control networks different 
from those in which these processes are sequential. 

At one end of the spectrum, females complete egg produc- 
tion before eclosion. Adults of these species do not feed; they 
mate immediately after eclosion and are short-lived. Examples 
are silkworms (Bombyx mori) and gypsy moths (Lymantria 
dispar). JH does not stimulate egg production and can even 
inhibit some aspects of it. Pulses of ecdysone associated with 
pupal development apparently stimulate vitellogenin synthesis 
and uptake. 

In some moths, only part of egg production is completed 
before eclosion. Examples include pyralid moths such as the 
Indian meal moth (Plodia interpunctella) and the southwestern 
corn borer (Diatraea grandiosella). Synthesis and uptake of 
vitellogenin take place before the molt to adult, and egg 
coverings are added afterward by the follicle cells. The 
portion of egg development that occurs after eclosion can be 
controlled by JH. 

Finally, in many Lepidoptera, such as the monarch butter- 
fly (Danaus plexippus), development and egg production are 
sequential and nonoverlapping, and hormones regulate egg 
development during the adult stage. In these insects, JH 
typically stimulates both vitellogenin synthesis and uptake. 


Holometabolous, Blood-Feeding Insects 


Hormonal control of egg production has been studied exten- 
sively in Aedes aegypti, the yellow fever mosquito, spurred by 
the ability of these and other mosquitoes to transmit diseases. 
Most mosquitoes must drink blood to obtain sufficient amino 
acids to make eggs. Females in a few species of mosquitoes 
have the ability to carry over reserves from the larval stage to 
make part or all of entire first batch without blood feeding. 
Eclosion of female mosquitoes is usually followed closely 
by an increase in JH titer. The rise in JH induces target 
tissues to become responsive to hormonal signals that occur 
later. Specifically, the ovaries become sensitive to ovarian 
ecdysiotropic hormone (OEH), the primary oocyte grows 
slightly, and the fat body becomes responsive to ecdysone. 
The posteclosion peak of JH also causes behavioral changes: 
females search first for mates and then for hosts. Egg develop- 
ment is blocked until a blood meal can be taken. This check- 
point ensures that the intensive metabolic activity required 
for making eggs will not occur unless enough nutrients are 
available. When the mosquito has found a sufficiently large 
blood meal or series of meals, OEH is released into the blood 
by neurosecretory cells in the brain. OEH stimulates the ovary 
to produce ecdysone, which then stimulates the fat body to 
synthesize vitellogenin and the ovary to take it up. The 
ecdysone peak also causes new, secondary oocytes to separate 
from germaria, the first step in preparing for the next cycle of 
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egg production. Growth of the primary oocyte ends at about 
36 h after blood feeding. JH begins to rise again, and this 
stimulates the secondary oocytes to grow slightly and become 
ready for the next round of egg production. Finally, the 
eggshell is produced, the eggs are laid, and the mosquito is 
then ready to seek another blood meal. 

Stimulation of vitellogenin synthesis by ecdysone has been 
studied at the molecular level. Analyses of the nucleotide 
sequence upstream of the vitellogenin gene show several broad 
regions of control. First, closest to the gene, is a binding site 
for ecdysone bound to its receptor complex. Binding to this 
site is necessary for expression. Second, more distally, are 
binding sites for two transcription factors, E74 and E75, that 
are known to be expressed quickly in response to an ecdysone 
signal. Therefore, the regulatory region of the gene has both 
direct and indirect interactions with ecdysone. 


Holometabolous, Feeding Continuously 


In contrast to mosquitoes, the fruit fly Drosophila melanogaster 
feeds continuously, and eggs develop serially as resources 
become available. The chain of oocytes in each ovariole 
includes a range of developmental stages. A balance between 
JH and ecdysone levels controls how many eggs produced. 

In D. melanogaster, yolk proteins are made not only by the 
fat body but also by ovarian follicle cells. JH and ecdysone 
stimulate synthesis in the fat body, but only JH stimulates 
follicle cells. 

JH appears to enhance egg maturation, whereas ecdysone 
inhibits it. The antagonism in the effects of the two hormones 
can be seen by manipulating the amount of food and mating. 
When food is withheld, JH level drops relative to ecdysone 
levels, and oocytes on the verge of taking up yolk proteins 
die. In addition, formation of new oocytes is reduced as more 
die than progress. Providing sufficient food again increases 
JH levels and reduces cell death. Mating enhances oocyte 
progression. Sex peptide, a hormonelike substance in seminal 
fluid, stimulates a rise in JH. Therefore, the increase in egg 
production seen after mating seems to act through the same 
hormonal mechanism used in nutrition. In this way, a 
sexually mature virgin female will not produce new eggs if 
she lacks either food or a mate. The two points of cell death, 
at separation of oocytes from the germarium and at the initia- 
tion of yolk protein uptake, correspond with similar check- 
points in mosquitoes. 


HORMONAL LINKS BETWEEN EGG 
PRODUCTION, RECEPTIVITY, OVIPOSITION, 
AND PARENTAL CARE 


Hormonal control of egg production in insects can be linked 
to other activities or states related to reproduction such as 
receptivity to mating, feeding, oviposition, and migration. In 
mosquitoes and D. melanogaster, receptivity and feeding are 
associated with an increase in JH level, which triggers early 


events in the production of eggs. In other insects, however, 
JH can be inhibitory or have no effect. 

Oviposition, too, can be under hormonal control. Oviposi- 
tion by L. migratoria requires extreme extension of the 
abdomen. Muscles in the appropriate segments respond to 
JH by altering their contractile properties so that they can 
function when greatly extended. 

Adult insects are often specialized for migration in addition 
to reproduction. These two functions can create a conflict 
between protein needs for flight muscles and eggs, and 
between lipid and carbohydrate needs for flight fuel and eggs. 
Hormonal coordination can minimize such physiological 
conflicts. Both the large milkweed bug, Oncopeltus fasciatus, 
and the boll weevil, Anthonomus grandis, use JH to stimulate 
egg production and long-duration flights. Stimulation of 
flight apparently requires low levels of hormone, whereas 
higher levels stimulate oogenesis but inhibit flight. High 
levels of JH in some insect species lead to both yolk uptake 
and breakdown of flight muscle. 

Burying beetles (Nicrophorus orbicollis) use carcasses of 
small vertebrates for their own food, for an oviposition site, 
and as food for their offspring. Immediately after females 
have found a suitable dead body, their JH levels rise and egg 
production is stimulated. JH cannot, however, stimulate yolk 
uptake in the absence of a carcass, indicating that other factors 
are important in integrating the discovery of the food source 
and oviposition site with egg production. Juvenile hormone 
surges even higher in females when the larvae hatch. Egg 
production is not stimulated by this rise, which is necessary 
to stimulate and maintain parental care of developing larvae. 


SUMMARY 


Female reproduction in insects is controlled in diverse ways. 
The most fundamental process, egg production, is linked to 
other aspects of reproduction and reproductive behaviors by 
hormonal controls. Common themes are the central roles of 
juvenile hormone and ecdysone, with control points modulated 
by neurohormones. Hormonal control of egg production is 
relatively well understood in a few insects because of its use 
as a model system for studying hormone action. The integra- 
tion of hormonal controls with other aspects of reproduction 
is more complex and is less well understood. 
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| aes reproduction is accomplished with both enormous 
numbers and an elegant simplicity. In partnership with the 
female reproductive system, the male reproductive system of 
insects produces haploid gametes, the spermatozoa, that fer- 
tilize the haploid female gamete, the oocyte. Sperm develop 
in the testes and, when mixed with secretions from accessory 
glands, travel through the female genital tract when the 
insects mate, to be stored for later egg fertilization. 


STRUCTURE OF THE MALE 
REPRODUCTIVE SYSTEM 


The basic component of the male reproductive system is the 
testis (Fig. 1A), suspended in the body cavity by tracheae and 
fat body. The more primitive apterygote insects have a single 
testis, and in some lepidopterans the two maturing testes are 
secondarily fused into one structure during the later stages of 
larval development, although the ducts leading from them 
remain separate. However, most male insects have a pair of 
testes, inside of which are sperm tubes or follicles that are 
enclosed within a membranous sac. The follicles connect to 
the vas deferens by the vas efferens (Fig. 1B), and the two 
tubular vasa deferentia connect to a median ejaculatory duct 
that leads to the outside. A portion of the vas deferens is often 
enlarged to form the seminal vesicle, which stores the sperm 
before they are discharged into the female. The seminal vesicles 
have glandular linings that secrete nutrients for nourishment 
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FIGURE 1 (A) The generalized structure of the male insect reproductive 


system. (B) A testis containing sperm tubes. (Modified from Snodgrass, 1935.) 


and maintenance of the sperm. The ejaculatory duct is derived 
from an invagination of the epidermal cells during develop- 
ment and, as a result, has a cuticular lining. The terminal 
portion of the ejaculatory duct may be sclerotized to form the 
intromittent organ, the aedeagus. The remainder of the male 
reproductive system is derived from embryonic mesoderm, 
except for the germ cells, or spermatogonia, which descend 
from the primordial pole cells very early during embryogenesis. 


PRODUCTION OF SPERMATOZOA 


Within the testes are numerous tubular follicles that contain 
the developing male gametes. These follicles are in turn 
enclosed by a peritoneal sheath. The follicle number varies 
considerably; there is only 1 follicle in some coleopterans and 
over 100 in some orthopterans. At the anterior region of the 
follicle within the germarium are the spermatogonia, the 
undifferentiated germ cells, which are interspersed with 
somatic cells (Fig. 2). As the spermatogonia divide and move 
down the follicle, they become enclosed by the somatic tissue 
to form cysts. The development of the spermatozoa occurs 
within these cysts, which elongate as development proceeds. 
As more cysts are synthesized, they move the more mature 
ones posteriorly so that a range of cysts that contains gametes 
in progressive developmental stages is produced. 


Zone Zone Zone 
of of of 
growth 


Germarium 





Spermatogania 


Cysts 
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FIGURE 2 Longitudinal section of one sperm tube showing the development 
of spermatozoa from spermatogonia within cysts. (Modified from Snodgrass, 


1935.) 
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FIGURE 3 A generalized insect spermatozoon. (Modified, with permission, 
from Breland et al, 1968.) 


In the zone of growth (Fig. 2), a spermatogonium within its 
cyst divides mitotically six to eight times, ultimately resulting in 
64 to 256 diploid spermatocytes, each of which remains con- 
nected by cytoplasmic bridges, or ring canals. Farther down in 
the zone of maturation, the spermatocytes undergo meiotic 
division to become haploid spermatids. At the posterior end of 
the cyst, the spermatids complete a developmental transforma- 
tion known as spermiogenesis to become the spermatozoa, 
with heads that contain the nuclear material and elongated 
flagella for motility. Finally, the spermatozoa break through 
the cyst and migrate to the seminal vesicles where they remain 
as a reservoir of sperm until the insect copulates with a female. 

Insect spermatozoa have elongated heads and especially 
long tails (Fig. 3). Within the head are the nucleus and the 
acrosome, which contains the enzyme acrosin, which is 
associated with the penetration of the plasma membrane of 
the egg for fertilization. Insect sperm are unique in that they 
are the only cells of these animals that bear a flagellum. Within 
the flagellum is an axial filament that develops from the cen- 
triole and consists of an array of microtubules in a 9+9+2 
arrangement, with nine outer accessory tubules, nine inner 
doublets, and a pair of central tubules. One member of each 
inner doublet also bears the protein dynein, which breaks down 
ATP and converts the energy released into flagellar movement. 
At the sides of the axoneme are elongated crystalline structures, 
the Nebenkern, that are derived from mitochondria. 

Another feature of the reproductive tract of male insects is 
a pair of male accessory glands. These glands can open into 
either the vas deferens or the ejaculatory duct. Those arising 
from the vas deferens during development are mesodermal in 
origin, whereas in some insects in which they originate from 
the ejaculatory duct they have an ectodermal origin. The male 


accessory glands serve a variety of functions, including produc- 
ing the seminal fluid that serves as a transport, activation, 
and nourishing medium for sperm; acting as a vaginal mating 
plug that temporarily blocks sperm from another male from 
entering; and forming spermatophores, which are proteina- 
ceous secretions of the glands that enclose the sperm and 
protect them while they are being transferred to the female. 
The male accessory glands also produce substances that affect 
the behavior and physiology of the female. During insemina- 
tion, peptides produced by the accessory glands that are con- 
tained in the semen are transported to various sites within the 
female. They are frequently involved in triggering her reproduc- 
tive processes, including oogenesis and oviposition, or termi- 
nating subsequent female mating behavior so as to prevent her 
from acquiring the sperm of another male. Male accessory gland 
substances are frequently responsible for monogamy in females. 


EXTERNAL GENITALIA AND MALE COURTSHIP 


The external genitalia of males show an extreme morphological 
divergence. Indeed, their shapes often serve as the only reliable 
basis for species identification in taxonomic keys. In species of 
which the females mate often, there may be selective pressure for 
males to develop genitalia that compete for more effective ways 
to inseminate the females. There is a selective pressure for the 
evolution of male genitalia that offer males the greatest success; 
males with genitalia that more effectively transfer sperm are 
more likely to have their genetic contributions remain in the 
gene pool. Because copulation may last for a long period, males 
must have a way of avoiding detachment by other males that 
are also attempting to mate. Male insects have thus evolved a 
diverse array of grasping structures that allow the male to 
remain attached to the female; these devices include claspers, 
spines on the aedeagus, and even the use of mandibles to grasp 
a portion of the female’s body. Structures have also evolved for 
the removal of existing sperm from a prior mating. For example, 
the aedeagus of the damselfly male scoops out the sperm present 
in the female before he adds his own. He thus eliminates any 
competition among sperm that may already be present in the 
female. Some male bedbugs inseminate the female by piercing 
her cuticle and depositing sperm directly into the body cavity. 

Male reproductive behavior typically involves first search- 
ing for a female and, once she is found, precopulatory behay- 
iors that increase her receptivity for copulation. This may 
include the presentation of a nuptial gift that occupies the 
female and increases her nutritional state. Once copulation is 
initiated, the actual transfer of sperm may require from a few 
minutes to a few hours. To protect their genetic investment, 
some males remain with the female for a variable interval 
after insemination has taken place. Male termites guard their 
mates for life. Some male scarab beetles gather dung for the 
female to lay her eggs on or help her to build a burrow and 
even remain inside the burrow with her for months. 

Male paternal investment in offspring is most highly 
expressed in the giant water bugs of the family Belastomatidae. 


First steps 


The principle behind soldering sounds quite simple: the idea is to join components 
together to form an electrical connection, by using a mixture of lead and tin solder or 
alternatively “lead-free” solder (an alloy of tin and copper), which is melted onto the joint 
using a soldering iron. If you have never picked up a soldering iron before, then this guide 
will show you everything to help you start soldering with confidence. I also hope that the 
guidance will help those working in other areas — computer technicians or audio 
enthusiasts, for example, who may be faced with electronic repairs or modifications using 
a soldering iron for the first time. 


If you’re an electronics hobbyist or trainee, before embarking on any form of 
ambitious electronic project, it is recommended that you practice your soldering technique 
on some brand new components using clean strip board (or protoboard) or a printed 
circuit board, and select a simple and straightforward constructional design as a starting 
point. Become acquainted and comfortable with your chosen soldering iron, which likely 
to become as familiar to you as a favourite pen. Learn how to balance it and handle it with 
precision. Try soldering an assortment of resistors, capacitors, diodes, transistors and 
integrated circuits with it, and then try your hand at desoldering — removing the solder 
again to make a repair or modification. 


A really good place to start learning is by building a simple electronics kit, such as a 
Velleman kit that contains a good quality printed circuit board. You’ll learn some of the 
basic skills of successful soldering this way, and it’ll be a great confidence booster too. 


Did you know? In the USA and elsewhere, the letter L in “solder” is silent and they 
say “soda” or “sodder” — but here in Britain we do pronounce the L and we say “‘sole-der”. 


Females lay their eggs on the backs of partially submerged 
males, interrupted only to mate repeatedly with the male. The 
males carry the eggs on their backs until the young hatch, 
actively maintaining their own position in the water in order 
to aerate the eggs. 
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he endocrine control of reproduction in female insects has 

been relatively well studied, perhaps because egg produc- 
tion is often cyclical and the experimental manipulation of 
hormones at key developmental periods has a direct effect on 
the number of offspring the females produce. This has not 
been the case for the males of most insect species, in which 
the production of sperm may begin early during the larval, 
nymphal, and pupal stages and often continues throughout 
adult life. Given the vastly different hormonal conditions 
that exist during the immature and adult periods, a unifying 
scheme for the control of male spermatogenesis has not been 
forthcoming. There are only a few examples of hormones 
controlling the reproductive processes of male insects. 


PRODUCTION OF SPERM 


The male gametes are produced in the paired testes from the 
spermatogonia. As the spermatogonia divide and move down 
the sperm tube, they become surrounded by tissue to form cysts. 
Their subsequent development to mature spermatozoa occurs 
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within these cysts. First, the spermatogonia divide mitotically 
to produce diploid spermatocytes, and these spermatocytes 
undergo a meiotic division to become haploid spermatids. The 
spermatids then undergo a developmental transformation to 
become differentiated spermatozoa that ultimately break 
through the cyst and migrate to the seminal vesicles where 
they remain until the male copulates with a female. 

The development of the testes during metamorphosis res- 
ponds to the insect hormone 20-hydroxyecdysone (20HE). The 
synthesis of proteins by the testes of newly emerged adult 
Tenebrio molitor beetles is dependent on their exposure to this 
hormone. 

Both 20HE and juvenile hormone (JH) have been impli- 
cated in the regulation of spermatozoa within the testes. 
High levels of 20HE increase the rate at which the spermato- 
gonia undergo mitotic divisions to form spermatocytes, but 
this increase is abolished by high levels of JH. When sper- 
matogenesis begins during the larval period, as in some 
Lepidoptera, the spermatocytes initiate their meiotic 
divisions but are arrested at prophase until the end of the 
larval period is reached. In many holometabolous insects, a 
peak of 20HE occurs before the end of the larval period that 
induces the “wandering” behavior that allows the larva to 
find a secluded spot in which to pupate. A postwandering 
peak of 20HE unblocks the meiotic division of the sperma- 
tocytes and allows the cells to proceed to metaphase. In some 
insects, JH has also been found to accelerate spermatogenesis. 

When spermatogenesis begins during the larval stage, as it 
does in most Lepidoptera, it is interrupted if the insect dia- 
pauses as a larva or pupa. However, it resumes once diapause 
has been completed. The interruption is not caused by a pause 
in developmental activity but rather from the lysis of devel- 
oping gametes before they become mature. The renewal of 
spermatogenesis when diapause has been terminated occurs 
when the titers of 20HE increase. 

The developmental sequence in which spermatozoa develop 
from spermatids involves an elongation of both the nucleus and 
the flagellum. In Lepidoptera, the nuclear elongation is triggered 
by the declining concentrations of 20HE, but the elongation 
of the flagellum appears to be independent of any hormone. 

Lepidopteran males produce two different types of sperm. 
Eupyrene sperm have a nucleus and fertilize the eggs, but 
apyrene sperm are anucleate. Both types of sperm are 
transferred to the female spermatheca after copulation. The 
function of the apyrene sperm is not well understood but 
they may provide nutrients required by the eupyrene sperm 
or aid in the migration of the eupyrene sperm within the 
female genital tract. The developmental pathway leading to 
the differentiation of apyrene sperm is regulated by a 
humoral factor that is present at the time of pupation. 


ACCESSORY GLANDS 


The accessory glands of the male reproductive system produce 
semen, accessory structures such as spermatophores, and various 
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peptides that regulate female behavior and physiology. The inter- 
action between JH and 20-hydroxyecdysone during postem- 
bryonic development regulates the development and differen- 
tiation of the glands. Juvenile hormone alone may also control 
the synthesis of those specific proteins that are transferred to the 
female. The accumulation of some secretory peptides in the 
glands that are enhanced by JH may be either enhanced or 
inhibited by the simultaneous presence of 20-hydroxyecdysone. 
In the German cockroach, Blattella germanica, the activity of 
the corpora allata, which is the source of JH, declines during 
the formation and transfer of the spermatophore and may 
thus initiate a new cycle of male accessory gland maturation. 
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I n addition to serving as classic experimental laboratory 
animals (e.g., Drosophila flies in genetics, Periplaneta cock- 
roaches in neurophysiology, Manduca moths and Schistocerca 
grasshoppers in physiology), insects have been essential to the 
formulation and testing of many general theorems in ecology 
and evolutionary biology. Scientists seek to develop general 
synthetic theories in biology, just as in physics and chemistry, 
that provide answers to questions of how and why things are 
as they are. Perhaps more importantly, these generalities make 
predictions that allow us to test what we think we know. The 
use of data to constantly reevaluate our theories divides empiri- 
cal science from personal belief systems and popular meta- 
physics. The latter two are concerned with understanding the 
fundamental nature of all reality and often are based on 
abstract elements. In contrast, hypotheses in mainstream 
science are typically explanations of the processes that exist in 
nature and are tested against empirical observations. 

To develop these testable hypotheses in science a constella- 
tion of data from model systems is needed, especially in biology. 


Insects are used as many of these model systems. In part this 
is because they are so abundant and species rich that, in terms 
of diversity, they make up the bulk of terrestrial species and, 
in many habitats, the greatest number of individuals. Because 
of this dominance, comprehensive biological hypotheses must 
account for insects if the hypotheses are to be generally accepted. 
Insects provide the numerous observations that are essential 
for developing and supporting broadly applicable hypotheses 
explaining the diversity and distribution of life on earth. 

Insects are a magnificent source of observations. The sheer 
number of units for study at all levels—species, populations, 
and individuals—provide the repeated patterns of variation 
that provoke questions and provide data for hypothesis testing. 
Also, insects usually have a relatively short life cycle, often 
more than one generation per year. This allows scientists to 
make multiple observations of all life stages of a species in a 
relatively short time period. Insect species can be widespread, 
but typically they are localized, making it easy to accumulate 
distributional data for at least the more conspicuous taxa. 
Certainly there is an important human factor as to why 
insects are so important in the study of biology. Insects delight 
us with their forms and behaviors and seem to embody all 
that fascinates humans about the natural world—beauty, 
diversity, mystery, and perhaps most of all discovery. Once a 
biologist, or any naturalist, is exposed to the wonders of 
insects they are usually hooked for life. 

Biology has benefitted greatly from both reductionist and 
integrative research. The reductionist program attempts to 
minimize the number variables in the study system and iden- 
tify causal mechanisms. Stunning success has been achieved 
using Drosophila as a laboratory animal to investigate develop- 
mental and genetic systems and to discover basic mechanisms 
from which inferences about general principles in biology are 
made. An integrative or synthetic approach is also essential in 
biology. Insects have been crucial model organisms, providing 
some of the most important advances in synthetic theory. 


THEORETICAL WORK IN THE 19TH CENTURY 


Evolution, or the theory of natural selection, is the most influ- 
ential of all biological theories, and the two men who codified 
the basic mechanisms of descent with modification were 
dedicated observers and collectors of insects. Charles Darwin 
and Alfred Wallace shared what Wallace referred to as a 
“child-like” passion for beetles; Wallace even suggested this 
may have been a common thread that helped to lead both of 
them to arrive independently at similar conclusions about the 
evolutionary origin of species. Both present colorful stories of 
collecting insects. Wallace wrote wonderful passages on “one 
good day’s work” collecting in Borneo, recalling species by 
species those collected and those that escaped one day, to be 
pursued the next. Darwin recalls with great passion his beetle 
collecting and the unfading thrill of discovering rare or new 
species. Wallace earned much of his livelihood collecting and 
providing specimens to museums and private collectors. He 


sold thousands of specimens at about 2 cents each to fund his 
tropical expeditions. For both Darwin and Wallace, attention 
to details necessary for separating species, subspecies, and 
varieties of insects was fundamental to developing their ideas. 
The diversity of forms and sheer reproductive output of 
insects provided examples that cultivated in their minds the 
theory of natural selection. 

Wallace traveled with another entomologist and great natu- 
ralist, Henry Bates. In 1842 Wallace and Bates went to the 
Amazon to explore and to collect insects. These explorations 
and Bates’ collections (Wallace’s were unfortunately lost in a 
ship fire) became incredibly valuable in terms of insights into 
natural history and evolution. For 11 years, Bates collected 
insects, primarily butterflies and beetles, that were and remain 
a source of awe and study material for students of insects and 
users of European museum collections. Bates readily accepted 
Darwin’s and Wallace’s ideas of natural selection as the mecha- 
nism of evolution and went on to develop his theory of 
mimicry. Known as Batesian mimicry, this concept stemmed 
from his experience with tropical butterflies. This theory is 
widely applied throughout biology as an explanation for the 
similar and convergent appearance of some organisms. 


THEORETICAL WORK IN THE 20TH CENTURY 


Willi Hennig is best known for developing a coherent theory 
for phylogenetic systematics, a field of research that investi- 
gates and presents relationships among taxa. Hennig’s 
theoretical works form the core of modern cladistic methods 
(use of shared derived characteristics to elucidate sister group 
relationships of taxa). Hennig was also the foremost 
authority on flies (Diptera) and produced many publications, 
including his series of publications on maggots (dipterous 
larvae), which became the standard work on the subject. 
Throughout his classic work Phylogenetic Systematics he relied 
on insect examples. Today our ideas about how to develop 
hypotheses of relationships for animals in an evolutionary 
scheme and how to classify them are largely based on theories 
and methods developed with insects as models. 
Biogeography is a major field of biology that strives to 
understand the spatial relationships of organisms and looks 
at both historical and contemporary questions regarding bio- 
diversity. Darwin, Wallace, and Hennig were all prominent 
contributors to this field, each drawing on ample observations 
from the insect world. Wallace was particularly influential in 
developing ideas that are still important in biogeographical 
studies. Biogeographical regions of the earth presented by 
Wallace, which were modified from Philip Sclater’s previously 
published scheme, are still a standard part of describing the 
geographic distribution of animals. Most prominent is 
Wallace’s observation of a distinct change in fauna between 
Bali and Lombok in the East Indies, known as Wallace’s line. 
Wallace drew heavily on his knowledge of insect life histories, 
dispersal abilities, and distribution of some conspicuous insects 
(beetles and butterflies) to develop his biogeographical ideas. 
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Research Tools, Insects as 


A significant change from thinking about biogeography 
only in terms of evolutionary and historical scenarios to looking 
at ecological dynamics began in the 1960s. Robert MacArthur 
and E. O. Wilson published the equilibrium theory of island 
biogeography, a model based on land area and distance from 
source populations that explained how newly available islands 
could become populated with plants and animals, ultimately 
coming to a point of equilibrium in terms of species number. 
This became one of the most influential works in the field. 
Noted biologist and entomologist Ed Wilson is an ant systema- 
tist and he used these insects to support the development of 
this theory. 

Wilson’s contributions to biology are many, but some of the 
best known and most controversial are the ideas presented in 
sociobiology. In general this field seeks explanations of social 
behavior in animals based on common biological and evolu- 
tionary concepts. Largely this synthesis is based on his knowl- 
edge of ants, animals that are truly social. Many other insect 
groups, including beetles, butterflies, termites, dragonflies, and 
bees, just to name a few, are exemplar taxa used to illustrate 
concepts of sociobiology. Sociobiology is broad and interdis- 
ciplinary; insects are a vital part of the hypotheses that span 
many fields of inquiry. 


LOOKING FORWARD IN THE 21ST CENTURY 


Whether through reductionist approaches or the develop- 
ment of synthetic theories of biology, it is clear that the study 
of and passion for insects is an incredibly important part of 
our understanding of the world we live in and realizing our 
place in the natural system. Just as insects have proven to be 
essential in developing theories using the integrative approach, 
they will continue to be prominent in studies at all levels of 
organization from the molecular to the ecosystem. 


See Also the Following Articles 
Biodiversity « Drosophila melanogaster ¢ Industrial Melanism e 
Mimicry 
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Respiratory System 


Jon E Harrison 
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he primary goals of the insect respiratory system are to 

deliver oxygen from the air to the tissues and to transport 
carbon dioxide from the tissues to air. Gases are transported 
through the tracheal system by both diffusion and convection, 
with the relative importance of these two mechanisms varying 
across and within species. Aquatic and endoparasitic insects 
exchange gases by a variety of mechanisms; most have tracheae 
and tracheoles within thin-walled appendages that function 
as gills. Within individual insects, the structure of the tracheal 
system can be altered dramatically during ontogeny and in 
response to rearing conditions, such as low oxygen. With a 
given tracheal structure, the ability of the tracheal system to 
transport gases can be modulated dramatically by varying 
spiracular opening, ventilation, and the fluid level in the tra- 
cheoles. Control of flexibility in tracheal gas exchange capacity 
depends strongly on neuroendocrine control of muscles that 
drive convection or control spiracular opening. 


DEVELOPMENT 


In most insects, the tracheal system first appears in the embryo. 
In general, the size of the tracheal system increases with age in 
order to support the increased gas-exchange needs of the larger 
insect. However, major changes in tracheal structure, including 
changes in spiracle number and tracheal system organization, 
can occur at each molt and during the pupal period for endop- 
terygote insects. During the molts, the cuticular lining of the 
trachea is drawn out of the spiracle with the old integument. 
Changes in tracheal system structure are not limited to 
molting periods, because the tracheoles can change structure 
within an instar. In the event of injury or oxygen deprivation, 
local tracheoles grow and increase in branching. If no undam- 
aged tracheoles are nearby, damaged tissues produce cytoplas- 
mic threads that extend toward and attach to healthy tracheoles. 
These threads then contract, dragging the tracheole and its 
respective trachea to the region of oxygen-deficient tissue. 


Both tracheoles and trachea are fluid-filled in newly hatched 
insects, and fluid fills the space between the old and the new 
trachea at each molt. Usually, this fluid is replaced with gas 
shortly after hatching or molting. In some cases, the spiracles 
must be open to the air for gas-filling of the tracheae to occur, 
suggesting that gas-filling occurs as fluid is actively absorbed 
by the tracheal and tracheole epithelia, with air entering 
through the spiracle to replace the absorbed fluid. However, 
in aquatic insects that lack spiracles, the tracheae also become 
gas-filled, indicating that this gas can be generated by the 
tissues or hemolymph. 


MECHANISMS OF GAS EXCHANGE 


Insect gas exchange occurs in a series of steps. Oxygen mole- 
cules first enter the insect via the spiracle, then proceed down 
the branching tracheae to the tracheoles. The terminal tips of 
the tracheoles are sometimes fluid-filled, so at this point gas 
transport may occur in a liquid medium rather than air. 
Oxygen then must move across the tracheolar walls, through 
the hemolymph, across the plasma membranes of the cells, and 
finally through the cytoplasm to the mitochondria. Carbon 
dioxide generally follows a reverse path. 


Diffusion 

Diffusion is the passive movement of molecules down their 
concentration gradient, driven by random molecular motions. 
Because oxygen is transported to the tissues as a gas and the 
diffusion rate of oxygen is much more rapid in air than in 
water, the insect tracheal system is capable of high rates of gas 
exchange by diffusion. Consumption of oxygen by the tissues 
lowers internal oxygen levels, creating a concentration gradient 
from air to tissues that drives oxygen through the tracheae. The 
converse occurs for carbon dioxide. The final steps of oxygen 
delivery, from the tracheoles to the mitochondria, may occur 
by diffusion in all insects, because diffusion operates rapidly 
over micrometer distances. In the initial steps of oxygen 
delivery (across the spiracles, through the tracheae), the 
importance of diffusion is more variable. Simple diffusive gas 
exchange through the tracheae and spiracles likely occurs in 
some pupae, as washout rates of inert gases are similar to those 
predicted from their diffusion coefficients. Additionally, in a 
variety of insects, no ventilatory movements have been dis- 
cerned, which may mean that these insects exchange gases by 
diffusion through their tracheae and spiracles. 


Convection 


Convection is the bulk movement of a fluid (gas or liquid) 
driven by pressure. Differential air pressures can drive gas 
movement through the tracheae and spiracles at much higher 
rates and over longer distances than diffusion. In many insects, 
well-coordinated actions of muscles and spiracles produce 
regulated convective air flow through the tracheae and spiracles. 
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FIGURE 1 Respiratory muscles that drive the dorsoventral movements of the 
abdomen during abdominal pumping in a grasshopper. (Adapted from Hustert, 
1975, and Chapman, 1998, with permission of Cambridge University Press.) 


Convection can be driven by a variety of mechanisms in insects. 
Most commonly, convection is driven by contractions of respi- 
ratory muscles attached to the body wall, which produce 
increases or decreases in body volume, causing compressible 
portions of the tracheal system to inflate or deflate. 

One common mechanism by which insects accomplish 
convective air flow through the trachea is abdominal 
pumping. Expiratory muscles connect the ventral and dorsal 
cuticular plates and also span adjacent abdominal segments. 
When they contract, they pull the dorsal terga and ventral 
sterna together (Fig. 1) and the tip of the abdomen inward as 
the cuticular plates slide over the flexible pleural and inter- 
segmental membranes. When the body volume decreases, the 
cuticle pushes on hemolymph and tissues, which in turn 
compress the collapsible air sacs. Inspiration may be passive 
and result from cuticular elasticity. Alternatively, contractions 
of inspiratory muscles attached to tall sternal apodomes and 
the lower edge of the terga can lift the terga relative to the 
sterna and expand abdominal volume and the air sacs (Fig. 1). 
Similar movements of the terga and sterna produce 
abdominal pumping in Orthoptera and in adult Odonata, 
Hymenoptera, and Diptera, whereas in adult Coleoptera and 
Heteroptera only the terga moves. In adult Lepidoptera, 
Orthoptera (Tettigoniidae), Neuroptera, and Trichoptera, 
movements of the sterna, terga, and lateral pleural mem- 
branes all contribute to abdominal pumping. 

In many of the insects that have been examined, abdomi- 
nal pumping is coordinated with spiracular opening in a 
manner that produces unidirectional air flow through the 
longitudinal tracheal trunks. During inspiration, abdominal 
spiracles are closed and air flows in through open thoracic 
spiracles (Fig. 2). During expiration, air flows out open 
abdominal spiracles, while the thoracic spiracles are closed. 
There is evidence for unidirectional air flow in adult cock- 
roaches (Blattodea), grasshoppers (Orthoptera) and mantids 
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FIGURE 2 Unidirectional air flow during abdominal pumping in a grasshopper. 
During inspiration, air flows in through open thoracic spiracles (sp), along the 
longitudinal trachea, and into the air sacs. At low metabolic rates, air flows out 
only through the 10th abdominal spiracles; in more active animals, air flows 
out all abdominal spiracles. 


(Mantodea), honey bees (Hymenoptera), and dragonflies 
(Odonata). In some pupae, abdominal pumping is coordinated 
with the opening of one or a few “master spiracles” that exchange 
all gases. 

Muscles that have the primary purpose of driving 
hemolymph circulation, such as the heart and ventral 
diaphragm, also play a role in creating convective ventilation. 
Pumping of the heart and accessory muscles at the base of the 
wings, antennae, and legs pushes hemolymph and air into 
these appendages. In a variety of adult Lepidoptera, Diptera, 
and Hymenoptera, the heart occasionally reverses pumping 
direction, shifting hemolymph from the thorax to the 
abdomen. As the hemolymph accumulates in one body 
compartment, it compresses air sacs in that compartment, 
causing convective air flow through tracheae and spiracles. 
Similar hemolymph transfers between body compartments 
coupled to ventilation may occur because of intermittent 
heart activity in bees (Hymenoptera). 


DISCONTINUOUS GAS EXCHANGE 


For many insects, especially those that are highly active, the 
spiracles close for only brief periods, if at all, and oxygen and 
carbon dioxide are exchanged relatively continuously. 
However, many insects exhibit discontinuous gas exchange. 
During discontinuous gas exchange, periods of spiracular 
closure (in which no or reduced gas exchange occurs) alternate 
with periods of spiracular opening (and greatly increased gas 
exchange; Fig. 3). 

Discontinuous gas exchange has been most extensively 
studied in ants and diapausing lepidopteran pupae. In lepi- 
dopteran pupae, spiracular openings can be separated by hours. 
After the burst of gas exchange, the spiracles hermetically seal 
(closed phase). While the spiracles are closed, oxygen is con- 
sumed from within the tracheal system (Fig. 3). The oxygen 
removed from the tracheal air space is not completely replaced 
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FIGURE 3 Four cycles of discontinuous gas exchange in pupal Aftacus 
(Lepidoptera). From top to bottom: carbon dioxide emission (MCO,), tracheal 
pressure (P,,), tracheal oxygen concentration (Po), and abdominal length 
(Iypq)- For the first cycle, the open (O), closed (C), and flutter (F) phases are 
indicated. (Reproduced with permission from Hetz, 1994). 


by carbon dioxide primarily because a large fraction of the 
carbon dioxide produced dissolves in the tissues and 
hemolymph (carbon dioxide, in contrast to oxygen, is highly 
soluble in biological fluids). Therefore, pressures fall below 
atmospheric within the tracheal system and abdominal 
length is reduced (Fig. 3). When internal oxygen tensions reach 
a low threshold, the spiracles begin to open slightly at high 
frequency (flutter phase), and tracheal pressures rise to near- 
atmospheric levels. During the flutter phase, high-frequency, 
but minutely subatmospheric, air pressures allow the animal 
to convectively take in oxygen with minimal emission of carbon 
dioxide. The spiracles remain sufficiently closed so that internal 
oxygen levels remain low (Fig. 3). Carbon dioxide accumulates 
throughout the closed and fluttering phases, eventually trig- 
gering the spiracular open phase, when tracheal oxygen levels 
are restored to near-atmospheric concentrations. 
Discontinuous gas exchange patterns and mechanisms are 
quite variable among and within species. Many insects exhibit 
discontinuous gas exchange only when at rest or during dia- 
pause. However, some highly active insects, such as running 
ants, also exchange gases discontinuously. When metabolic 
rates increase (at higher temperatures, or during activity), the 
time between spiracular phases tends to decrease. In contrast 
to the pattern diagrammed in Fig. 3, significant carbon dioxide 
is lost during the flutter phase of many insects, suggesting a 
predominance of diffusive gas exchange. Some species use 
abdominal pumping to enhance gas exchange during the 
open phase. The ecological and evolutionary significance of 


this variation is unclear. Although many researchers have 
hypothesized that discontinuous gas exchange functions to 
reduce respiratory water loss, most recent tests of this 
hypothesis have failed to support it. 


AQUATIC AND ENDOPARASITIC INSECTS 


Insects can obtain oxygen while living in fluid environments 
and are common in fresh waters, in brackish estuaries, and as 
endoparasites. Aquatic and endoparasitic insects generally 
retain an internal, air-filled tracheal system. Maddrell has sug- 
gested that the lack of insects in deep-water environments 
occurs because the air-filled, buoyant tracheal system precludes 
insects from being able to dive deeply and avoid predators. 

Many aquatic and endoparasitic species have anatomical 
features that allow them to feed under water (or within the 
host) while maintaining contact with air. For example, in many 
aquatic dipteran larvae such as mosquitoes, the posterior 
spiracles are surrounded by water-repellent hairs and are kept 
in the air while the animals feed in a head-down position. In 
water scorpions (Heteroptera: Nepidae), spiracles are located 
on the end of a long tube which is extended up to the water 
surface. Similarly, endoparasitic insects such as chalcid 
(Hymenoptera) larvae and tachinid (Diptera) larvae connect 
to the air using posterior spiracles inserted through the host’s 
integument or tracheal system. 

Some beetles (Coleoptera) and true bugs (Heteroptera) 
use their hairs or wings to carry air bubbles adjacent to their 
spiracles when they dive. These air bubbles serve as oxygen 
stores and as temporary gas exchange structures. Oxygen is 
removed from the air bubble by the diving insect, causing 
oxygen concentrations in the air bubble to fall below that in 
the surrounding water and oxygen to move from the water 
into the air bubble by diffusion. The removal of oxygen from 
the bubble also causes the nitrogen concentration in the air 
bubble to rise above that in the surrounding water, so nitro- 
gen leaves the bubble by diffusion. Eventually, when all the 
nitrogen leaves, the bubble disappears and the insect must 
return to the surface. 

Many aquatic and endoparasitic insects never access air 
and must obtain oxygen directly from water or the blood of 
the host. Some aquatic insects that rarely visit the surface 
obtain oxygen from the water by having specialized structures 
called plastrons which hold a thin film of air on the outside 
of their body. These insects have a thick (as many as 2 million 
hairs per square millimeter) layer of short water-repellent hairs 
that resists wetting and does not collapse under pressure. 
Spiracles open directly into the air space of the plastron. 
Plastrons are thought to behave as gas exchange structures in 
a manner similar to that of air bubbles. However, because the 
dense hairs make the plastron incompressible, oxygen removal 
lowers both the total pressure and the oxygen concentration 
in the air of the plastron. Thus nitrogen levels are likely to 
remain near those in water, and the air and gas exchange 
function of the plastron can persist indefinitely. 
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FIGURE 4 Caudal lamellae, which function as tracheal gills. (Modified with 
the permission of Cambridge University Press, from Chapman, 1998). 








The majority of aquatic or endoparasitic insects that do not 
access air lack spiracles, so that oxygen must be transported 
by diffusion from the water, across the cuticle, and then into 
the tracheae. A common feature of these insects is tracheal gills, 
leaf-like structures of thin cuticle containing many tracheae 
and tracheoles, which increase the available surface area for 
obtaining oxygen from water (Fig. 4). Gills may be on the 
abdominal tip (Diptera, Odonata: Zygoptera), laterally along 
the abdomen (Ephemeroptera, Trichoptera), or within the 
rectum (Diptera, Odonata: Anisoptera). 

As oxygen is absorbed across a gill, oxygen level in the 
boundary layer of water over the gill can become low, slowing 
diffusive influx of oxygen. To overcome this problem, muscles 
drive rhythmic waving of abdominal gills, forcing fresh, oxy- 
genated water to flow over the gills, thereby reducing bound- 
ary layer thickness. For similar reasons, rectal gills are ventilated 
by alternate contractions and relaxations of the rectum, which 
drive water in and out of the anus. Such ventilatory move- 
ments are enhanced in water containing low levels of oxygen. 

Finally, some aquatic and endoparasitic insects have evolved 
the use of respiratory pigments to enhance oxygen storage and 
delivery. Some Chironomus larvae (Diptera) have hemoglobin 
in their hemolymph. Many of these species live in mud under 
stagnant water with low oxygen content, and the possession 
of hemoglobin with a very high affinity for oxygen allows 
these insects to obtain, store, and transfer oxygen at very low 
oxygen levels. Larval Gasterophilus (Diptera), an internal para- 
site in the hypoxic stomach lumen of horses, also possesses a 
hemoglobin with very high affinity for oxygen. In early instars, 
the hemoglobin of Gasterophilus is in the hemolymph, and so 
it may function in oxygen transport through the blood, 
whereas in later instars hemoglobin is concentrated in cells 
that are surrounded with tracheoles. It is thought that oxygen 
availability in the stomach varies with the presence of 
swallowed air bubbles and that possession of hemoglobin in 
cells allows Gasterophilus to store oxygen until the next air 
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bubble appears. The diving bug Azzsops (Heteroptera) stores 
hemoglobin in hemoglobin cells surrounded with tracheae. 
Anisops obtains its oxygen from the air, carrying an air bubble 
under its wings when diving. The hemoglobin of Anisops has 
a lower affinity for oxygen than that of Chironomus or 
Gasterophilus, and it functions in a manner similar to that of 
hemoglobins in the blood of diving mammals, becoming 
oxygenated at the surface and releasing oxygen during the 
dive. Possession of hemoglobin allows Amisops to sustain a 
fivefold longer dive. 


PLASTICITY IN TRACHEAL STRUCTURE 
AND FUNCTION 


An insect’s need for oxygen and production of carbon dioxide 
vary tremendously, as metabolic rate varies strongly with 
transitions from rest to flight, unfed to fed state, or diapause to 
growth. When metabolic rates increase, there is an increased 
need for oxygen uptake and carbon dioxide removal. Insects 
also require a higher capacity to exchange gases when they are 
exposed to low oxygen conditions such as hypoxic waters or 
high altitudes. 

In the short term, increased gas exchange with a set tracheal 
system structure can be accomplished by at least four nonex- 
clusive mechanisms. First, insects can simply tolerate lower 
internal oxygen and higher internal carbon dioxide concen- 
trations. The increased gas concentration gradients will enhance 
gas exchange by either diffusion or convection. Second, insects 
can increase diffusive gas exchange by opening the spiracles 
to a greater degree or for longer time periods. Third, insects 
can increase convective ventilation through the spiracles and 
tracheal system (terrestrial insects) or over the gills (aquatic 
insects) by mechanisms such as abdominal pumping or gill 
waving. Fourth, insects can reduce fluid levels in the 
tracheoles, enhancing diffusive oxygen delivery within the 
tissues because of the faster diffusion of oxygen through air 
than through water. In the longer term, alterations in tracheal 
morphology (e.g., tracheal diameter, number of tracheoles) 
can strongly affect gas exchange capacity. 


Locomotion 


Locomotion requires muscular activity and increased ATP 
turnover, which increases the organism’s need for oxygen. 
Running insects increase their gas exchange rates by 2- to 10- 
fold relative to resting conditions. Flight is usually associated 
with larger increases in gas exchange, especially in insects that 
maintain thoracic temperatures near 40°C, such as bees and 
dragonflies. These insect athletes have oxygen consumption 
rates among the highest known in the animal kingdom, 2 to 
100 times resting values. 

Relatively little is known of the mechanisms by which 
insects increase gas exchange during terrestrial locomotion. 
In a cockroach (Blattodea) and a grasshopper (Orthoptera) 
internal carbon dioxide levels rise while oxygen levels fall 


1006 Respiratory System 


during running and hopping, respectively. In the two-striped 
grasshopper Melanoplus bivittatus, abdominal pumping rates 
are low during hopping, but do increase relative to resting rates 
afterward, increasing convection and restoring tracheal gases 
to normal, resting levels. Even though there is no evidence for 
increased abdominal pumping during hopping, increased con- 
vective ventilation may occur due to pressure fluctuations asso- 
ciated with cuticular deformations associated with jumping. 

During flight, convective gas exchange can be increased by 
thoracic autoventilation and abdominal pumping. Thoracic 
autoventilation occurs when flight muscle contractions cause 
compression of the air sacs within the thorax, producing strong 
convective ventilation. Such increases in thoracic autoventi- 
lation have been shown for grasshoppers (Orthoptera); 
Cerambycidae, Elateridae, and Anthribidae (Coleoptera); 
moths (Lepidoptera); and dragonflies (Odonata). Another 
method for increasing gas exchange has been shown for the 
gigantic cerambycid beetle (Petrognatha gigas), in which wind 
pressure generated by forward flight drives convective air 
flow through the major tracheal trunks. Abdominal pumping 
is considered the major mechanism by which convective ven- 
tilation is increased during flight in large Hymenoptera, 
Diptera, and Coleaptera (Scarabaeidae and Buprestidae), and 
abdominal pumping supplements autoventilation during flight 
in dragonflies (Odonata) and grasshoppers (Orthoptera). At 
least in one insect studied (a moth), oxygen concentrations in 
active flight muscles are maintained at levels similar to those 
in resting animals, suggesting that increases in the capacity of 
the tracheal system to conduct gases match increased tissue 
needs for oxygen during flight. 


During Hypoxia 


Insects may encounter low environmental oxygen availability 
in a number of locations, including hypoxic waters, burrows, 
feeding sites within large dense structures such as granaries, or 
high altitudes. Terrestrial insects are generally quite good at 
coping with hypoxia and, usually, can maintain resting meta- 
bolic rates down to atmospheric oxygen levels of 1 to 5 kpa 
(normal oxygen concentration is 21 kpa). The large safety 
margin for oxygen delivery in resting terrestrial insects probably 
reflects the fact that tracheal systems must be designed to allow 
the much higher rates of gas exchange during activity. In sup- 
port of this hypothesis, metabolic rates during flight are 
generally more sensitive to hypoxia, with flight metabolism 
being inhibited at 8 kpa in hovering honey bees and at 10 kpa 
in tethered flying flies and being stimulated by hyperoxia in a 
dragonfly. Growth rates are inhibited by relatively mild hypoxia 
(10 kpa), at least in larval mealworms (Coleoptera) and fruit 
flies (Diptera), suggesting that such moderate hypoxia limits 
some physiological processes even in nonlocomoting insects. 

Insects respond to hypoxia by increasing tracheal gas 
exchange capacity. In a variety of insects, hypoxia induces 
spiracular opening. In ants and lepidopteran pupae exhibiting 
discontinuous ventilation, exposure to hypoxia increases the 


frequency and duration of spiracular opening. In adult grass- 
hoppers, exposure to hypoxia causes a strong increase in 
convective ventilation, mostly accomplished by an increase in 
the frequency of abdominal pumping. Aquatic insects with 
gills generally increase convective water flow past the gills in 
response to hypoxia, by increasing the frequency of their gill 
beating (Ephemeroptera), body undulations (Plecoptera), or 
rectal pumping (Odonata). Aquatic insects exposed to hypoxia 
often move to faster flowing water, to the water surface, or 
even into the air. 

Insects can exhibit changes in tracheal system structure in 
response to longer term exposure to hypoxia. For example, the 
transverse tracheae of mealworms (Coleoptera) increase in 
size when reared under conditions of low oxygen availability. 
‘Tracheole growth and branching are stimulated by hypoxia in 
the epidermis of Rhodnius (Heteroptera). Similarly, in some 
immature Ephemeroptera, gill area is inversely proportional 
to environmental oxygen levels. 


CONTROL OF RESPIRATORY FUNCTION 


The spiracular muscles are primarily controlled by nerves 
from the central nervous system. The motor neurons to the 
spiracular muscles arise from ganglia in the same segment or 
that immediately anterior. In dragonflies, Periplaneta cock- 
roaches, and Schistocerca grasshoppers, the closer muscles are 
innervated by two motor nerves that branch from the median 
nerve, sending an axon to each side of the animal, so that both 
spiracles on a segment receive similar neural input. In the pro- 
thoracic spiracle of Schistocerca, two motor nerves innervate 
the opener muscle from the prothoracic ganglia, and one motor 
nerve arrives from the mesothoracic ganglia. Increasing action 
potential frequencies in these nerves stimulate increasing 
muscle activity, resulting in gradations in the magnitude and 
duration of spiracular closing. 

Current information suggests that for spiracles with two 
muscles, effects of carbon dioxide or oxygen are mediated 
centrally. When high levels of carbon dioxide or low levels of 
oxygen are applied to the ventral ganglia or head, the fre- 
quency of action potentials to the closer muscles decreases, 
and the frequency of action potentials to the opener muscles 
increases, increasing spiracular opening. Temperature increases 
or flight also affect the frequency of action potentials to these 
spiracular muscles. 

In contrast, data for spiracles with only a closer muscle sug- 
gest that carbon dioxide acts peripherally, while oxygen acts 
centrally. Central application of hypoxic gases stimulates a fall in 
the action potential frequencies to the closer muscle, whereas 
carbon dioxide has little effect. However, when carbon dioxide 
is applied directly on the spiracular muscle, there is a fall in the 
muscle membrane depolarization resulting from nerve stimula- 
tion, a decrease in closer muscle tension, and increased spiracular 
opening. Spiracle opening is stimulated by a rise in carbon 
dioxide but not a decrease in extracellular pH, suggesting that 
the carbon dioxide effect is not mediated by pH changes. 


The rhythmic abdominal pumping movements that drive 
convective ventilation in many insects are initiated by central 
pattern generators in the metathoracic ganglia or the first 
abdominal ganglia. These rhythmic ventilatory bursts can be 
demonstrated in nerve cords isolated in vitro. The motor 
output from these central pattern generators passes down the 
ventral nerve cord via interneurons and stimulates rhythmi- 
cal sequences of respiratory muscle activity. 

In grasshoppers (Orthoptera) and probably many other 
insects, the rate of abdominal pumping can be altered by 
sensory output from stretch receptors in the abdomen, by 
chemosensors located in the thorax and head, and by feed- 
forward control. Increasing carbon dioxide or decreasing 
oxygen concentrations in the tracheae stimulate the frequen- 
cy of abdominal pumping. Depression of carbon dioxide below 
normal levels or elevation of oxygen above normal levels 
inhibits abdominal pumping, indicating homeostatic regula- 
tion of internal gas levels. Feed-forward control of abdominal 
pumping occurs when neural centers that control flight muscles 
also stimulate the central pattern generators, increasing the 
rate of abdominal pumping. 

In a series of classic experiments, V. B. Wigglesworth demon- 
strated that the terminal ends of the tracheoles can contain fluid 
that disappears in response to hypoxia or activity. Changes in 
the fluid levels in the tracheoles have the potential to strongly 
affect the ability of the tracheoles to conduct gases, which 
would provide a highly significant control mechanism for the 
tracheal system. Further experiments by Wigglesworth suggest- 
ed that the withdrawal of fluid from the tracheoles could be 
due to elevations in hemolymph osmotic pressure. 

In summary, the tracheal respiratory system of insects is a 
dynamic system, capable of a tremendous range of function 
and fine control. This light-weight, adaptable, high-capacity 
respiratory system is certainly one of the major traits that 
underlie the ecological and evolutionary success of insects. 
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nchocerciasis, or river blindness, is a nonfatal human 

disease that affects the skin and vision and can ultimately 
lead to blindness in infected persons. The name river blindness 
reflects both the place where the disease is most common and 
severe, and its ultimate outcome. 

The disease is caused by a filarial (threadlike) worm in the 
phylum Nematoda, Onchocerca volvulus. The disease is found 
in 37 countries, 30 of which are in Africa, 6 in the Americas, 
and 1 in the Arabian Peninsula; however, Africa, and particu- 
larly sub-Saharan West Africa, is by far the most affected area 
in terms of clinical manifestations of the disease, number of 
affected persons, and widespread occurrence. 

The worm is most commonly transmitted to humans in 
Africa by black flies in the Simulium damnosum species com- 
plex, which contains about 40 different forms, several of 
which are distinct species. Other species of Simulium are 
vectors in other parts of the world. Larval and pupal stages of 
these species occur attached to near-surface substrates in fast- 
flowing rivers. Because the adults are capable of long flights 
(>200 km), the aquatic stages are considered the most vulner- 
able for control. 

In humans, the disease takes three progressive forms: first, 
skin lesions and intense, often violent, itching occur; second, 
painless nodules containing adult worms form where tissues 
are thin over bones, such as pelvis, ribs, and scalp, and these 
nodules are the sites of reproduction for the worms; and 
third, eye lesions form that can lead to blindness. The third 
phase can be devastating to communities; 10% of the people 
in vast areas can be blind, with levels of adults being blind in 
individual villages sometimes exceeding 30%. This disease is 
most prevalent among the rural villages that occur in some of 
the poorest areas of the poorest countries of the world. In these 
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areas, subsistence (whether through agriculture or freshwater 
fishing) is difficult to achieve; with large portions of the adults 
being blind, the burden of the disease is devastating to these 
communities. 

The life cycle involves both humans and black flies, and 
there are no known animal reservoirs of this disease. First, a 
biting, black fly female sucks blood from a human host; if that 
person is infected, she may also suck up some microfilaria 
(which are best thought of as worm embryos) of the parasite. 
Interestingly, evidence indicates that the worms migrate to 
the skin surface during the day, when black flies bite, which 
increases their chance of uptake by the biting females. Second, 
the microfilaria move from the fly’s stomach to its thoracic 
muscles, where they pass through three larval stages (L;, L,, 
L;), and the infective L; larva moves into the black fly vector’s 
head and mouthparts. Third, in the course of biting, L; larvae 
are transferred from female black flies to humans. Fourth, the 
larval worm matures to an adult (which can be 40—45 cm in 
length) and adults mate (in the nodules that form), producing 
millions of microfilaria (each about 3 mm in length) that can 
be picked up from the skin of that human by a biting black 
fly. The death and disintegration of microfilaria result in an 
inflammatory reaction, which ultimately leads to itching, 
visual impairment, and eventually blindness. 

The control of river blindness in West Africa has been one of 
the success stories of public health and economic development 
of the 20th century (Fig. 1). In 1974, the Onchocerciasis 
Control Programme in West Africa (OCP) began, with its 
objective being to eliminate onchocerciasis as a disease of public 
health importance and as an obstacle to socioeconomic develop- 
ment in this region. Eleven countries participated in this 
program, in a geographical region ranging from Senegal in the 
west to Benin in the east. Under the jurisdiction of the World 
Health Organization, and funded through the World Bank 
and 20 donor countries and organizations, the strategy was to 
interupt transmission of the blinding strain of the worm O. 
volvulus for a period of about 12 years, which is the life span 
of the adult worm. This was done by aerial application of 
seven different selective insecticides, weekly, to rivers infested 
with black flies. Because the female black fly lays batches of 
eggs at or near the water surface in fast-flowing water, these 
were the sites sprayed with insecticides. Much of the current 
understanding of the environmental impact of pesticides on 
aquatic ecosystems comes from techniques developed as part of 
this control effort. Beginning in the late 1980s, an ivermectin 
drug (a microfilaricide originally used as a veterinary product 
for the treatment of dog heartworm) was also distributed 
annually to people living in infected areas. 

The success of the OCP is especially impressive when one 
considers the scope of the project: Onchocerciasis was 
eradicated in most parts of 11 different countries; at times, 
over 50,000 km of rivers had to be sprayed weekly for more 
than 10 years; no permanent environmental damage resulted 
from the spraying activities because of the increased reliance 
on insecticides that selectively targeted the black fly vectors; 
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FIGURE 1 Blind adults being led through villages were a common sight in 
West Africa before the control of river blindness. Photograph courtesy of 
The World Health Organization (WHO/TDR/W. Imber). 


the drugs were distributed to almost 7 million people by over 
22,000 community volunteers; millions of children have been 
born that will be free of this disease; the drugs were donated to 
the program without charge by the producer of them, Merck; 
the drug distribution program has recently been expanded to 
cover 19 more countries (and 157 million people); and plans 
include using this same system for dispensing drugs against 
lymphatic filariasis (elephantiasis) and pesticide-impregnated 
bed nets against malaria. The OCP ended in 2002; perhaps 
its most significant accomplishment is not only that the disease 
is under control, but also that the previously abandoned 
valleys, now free of river blindness, grow food for 17 million 
people in areas inhabited by the poorest of the poor, the 
people truly living at the “end of the road.” 
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Soldering iron choices 


Search any electronics catalogue or website and you’ll see a bewildering array of 
soldering equipment on sale, including irons, controllers, work stations and desoldering 
equipment too. A large range of soldering irons is readily obtainable - which one is 
suitable for you depends on your budget and how serious your interest in electronics is, 
but there’s something for every pocket distributed by a variety of retail, industrial and 
mail-order outlets. 


The Antex range of soldering equipment has been very popular with industry, 
education and the electronics hobbyist for 60 years; I grew up with an Antex iron and a 
trusty 15W Antex iron was an everyday part of my hobby electronics all the way through 
the 1980’s. An industrial user or a more dedicated hobbyist — with a bigger budget! — will 
be interested in a soldering station instead and again Antex offers a range of British-made 
products for industry or home use. 


A very basic mains electric soldering iron can cost from under £5 (US$ 8), but I find 
that these very cheap irons, as sold on auction websites, are pretty crude and imprecise. 
They are best suited for simple electrical repairs and DIY rather than precision electronics 
or printed circuit boards discussed here. They tend to be bulky and uncomfortable for 
extended use, and they may not have suitable “bits” or tips of various sizes to suit different 
tasks. 











“ This classic Antex XS25 “pencil style” 25W mains-powered soldering iron has 
exchangeable tips or “bits” and is great for general hobbyist or educational use. Stands 
are also available to store them safely in between use. 


A quality pencil-style electric soldering iron such as the Antex XS25 (photo) will be 
approximately £20 (US$18 tax free) - though it’s possible to spend into three figures on a 


he term rostrum is derived from a Latin word meaning a 

beak or snout and it is somewhat loosely used in ento- 
mology to refer to development of the head or mouthparts, 
which have some resemblance to a beak. 

In Heteroptera, the mouthparts are modified for piercing 
and sucking. The mandibles and maxillae are slender stylets 
that pierce the host tissues. They are supported by the labium 
(rostrum) and slide in a groove that runs along its anterior 
face, being concealed within it when the insect is not feeding. 
The rostrum has between one and five segments. It is three- 
segmented in Reduviidae and four-segmented in Coreidae 
and Pentatomidae. In psyllids, aleyrodids, aphids, and coccids 
it appears to arise from between the anterior coxae, giving rise 
to the name Sternorrhyncha for the suborder. The rostrum does 
not enter host tissue as the stylets penetrate and commonly 
telescopes within the lower part of the head or becomes folded 
beneath the head, with its tip still surrounding the stylets 
(Fig. 1). Most reduviids have a ridged file between the forelegs 
against which they can rub the tip of the rostrum to produce 
an irregular pattern of sound that probably functions to deter 
potential predators but may also serve as an alarm signal. 

In various other insect groups, the anterior or ventral part 
of the head capsule is elongate to form a rostrum. Among the 
weevils (Curculionidae), the frons and vertex are lengthened 
dorsally, and the biting and chewing mouthparts are at the 
extreme tip of the forwardly extending rostrum. In many species, 
the female has a longer rostrum than the male and in some 
the terminal mouthparts permit the insect to bore a hole in 
which eggs are placed. A rostrum is also characteristic of most 
Mecoptera (scorpion flies), but here it points downward rather 
than forward and the elongate basal sclerites of the mouth- 
parts contribute to it. The rostrum of Cyclorrhaphous Diptera 
is also a ventral extension of the head that bears the maxillary 
palps anteriorly and the rest of the mouthparts ventrally. 
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FIGURE 1 Diagram of the rostrum of a heteropteran. It is segmented and as 
the stylets enter the host tissues it folds beneath the head, still holding the stylets 
at its tip. When the insect is not feeding, the rostrum is held parallel with the 
body in the position shown by the dashed line. (Reproduced, with permission, 
from H. Weber, 1930, “Biologie der Hemipteren.” Springer-Verlag, Berlin.) 
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Among termites, the rostrum of soldier termites in the 
subfamily Nasutitermitinae is different from these others. It 
is formed as a pointed projection of the frons and is inde- 
pendent of the mouthparts. Unlike the soldiers of most other 
termites, nasute termites have poorly developed mandibles 
but carry out their defensive function by ejecting a sticky spray 
from the opening at the tip of the rostrum. 
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Re jelly is secreted by the hypopharyngeal gland located 
elow the pharynx in the head of young worker honey 
bees (brood food glands). The term royal jelly was probably 
first used by Francois Huber in Switzerland in 1792, as gelée 
royale. Young Apis mellifera worker bees secrete royal jelly into 
a queen cell, an extra large brood cell in which a female larva 
is fed on special food and develops into a queen (a sexually 
reproductive female). The workers then seal the larva inside, 
and it develops into a pupa and then an adult queen. A 
worker or drone larva receives food similar to royal jelly only 
for the first 3 days, and thereafter modified less rich food, 
which includes pollen and honey. A queen larva consumes 
about 25% more food than a worker larva, and its weight 
increases by 1300 times in 6 days. 


COMPOSITION OF A. MELLIFERA ROYAL JELLY 


Royal jelly, like beeswax, is a secretion of worker bees and as 
such has a more constant composition than honey or pollen, 
which are derived from plants. Of the components of royal 
jelly, the most interesting are perhaps 10-hydroxy-2-decenoic 
acid and vitamins in the B complex, which include thiamine, 
riboflavin, niacin, pyridoxine, pantothenic acid, biotin, and 
folic acid. Royal jelly contains very little vitamin C, and vita- 
mins A and E are absent or nearly so; D and K are probably 
also absent. 


PRODUCTION OF A. MELLIFERA ROYAL JELLY 
BY HUMANS 


Well before the 20th century, the dramatic effect of royal jelly 
on female larvae that developed into queens created much 
interest. In the 1950s royal jelly was the first of the newer 
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hive products to be exploited. One factor that stimulated 
beekeepers to move toward royal jelly production was that it 
could be accomplished in areas where plant sources of nectar 
and pollen were inadequate for profitable honey production. 
Provided colonies were fed sufficient sugar syrup and pollen, 
they could be managed so that they produced royal jelly for 
the beekeeper. However, to produce it, skilled operators must 
carry out a sequence of labor-intensive procedures tied to a 
rigorous timetable. 

Each hive used may be organized as follows. The queen of 
each colony is confined in a lower brood box by a queen 
excluder placed over it. Above the excluder is a box of honey 
combs, and above that the box in which the royal jelly will be 
produced. This contains framed combs of honey and pollen 
and also unsealed brood to attract nurse bees. Some of the 
frames of comb are replaced by frames containing three cross- 
bars, each supporting on its underside about 15 “queen cups,” 
synthetic shallow wax cups with an opening on the bottom, 
similar to the cells that bees build when they start to rear 
queens. An operator transfers a worker larva 18-24 h of age 
from a worker comb into each queen cup, using a “grafting 
tool” that is rather like an insect pin bent into the required 
shape and mounted on a handle. There are a hundred or 
more of the queen cups in the box. 

On 3 successive days a frame of “grafted” cells is placed in 
the top brood box. On day 4 the cells in the first frame 
contain the maximum amount of royal jelly (e.g., 235 mg 
each), so the operator removes the frame and extracts the 
royal jelly from the cups in it by aspiration. Fresh larvae are 
grafted into them, and the frame is reinserted in the hive, 
thus restarting the cycle. 

The extracted royal jelly is strained to remove any wax and 
refrigerated as soon as possible; it can be kept for up to a year 
at 2°C. 


PROPERTIES AND USES 


Royal jelly shows wide-spectrum activity against bacteria 
(although none against fungi). It has been reported in at least 
one study to have bactericidal activity on Bacillus metiens; 
Escherichia coli; Mycobacterium tuberculosis, which causes 
tuberculosis; Proteus vulgaris; Staphylococcus aureus; and a 
Streptococcus species. 


Royal jelly achieved, and has maintained, a place on the 
world market as a specialized dietary supplement and in 
cosmetics; by 1990 the annual production was probably 
between 500 and 600 tonnes. Some scientists have documented 
a reported feeling of general well-being in humans after 
consumption of royal jelly, thus justifying its use in anorexia, 
emaciation, or loss of muscular strength; it has also been 
recommended for older people. Many of the reported effects 
of royal jelly on humans and other mammals may, however, 
be produced much less expensively by other substances. 

A queen honey bee differs from a worker in her length of 
life (several years instead of several weeks or months) and in 
her reproductive ability. Some people therefore believe that 
royal jelly can also prolong the life of humans, as well as 
improving their vigor and sex life. However, these properties 
have not been substantiated. 


WORLD TRADE 


Royal jelly production was already proving profitable in 
France in 1953, and 1.5 tonnes a year was being produced by 
1958. Production was established in Cuba before 1957, and 
in the early 1960s 12 other countries were reported to pro- 
duce it, including France and Japan (1.5 tonnes each), Canada, 
Israel, Taiwan, and Korea. The price at that time was from 
U.S. $220 to $500 per kilogram. By 1984 China and Taiwan 
were producing 400 and 234 tonnes a year, respectively, and 
the world price had dropped to U.S. $70 per kilogram. 
Eastern Asia is still the main center of the world’s royal jelly 
production, and Japan is both a large producer and a large 
importer and consumer. 
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alivary glands are glands associated with the mouth or oral 

cavity and produce secretions (saliva) that are mixed with 
the food during feeding and are ingested along with the food. 
Among insects, there are four pairs of glands associated with 
the mouth or oral cavity, although all four generally are not 
present in the same insect. Each of these is associated with 
and is named after its associated mouthpart: the mandibular, 
maxillary, hypopharyngeal, and labial glands. The presence 
or absence of each of these glands varies among insect species, 
and among holometabolous insects, a given gland may be 
present in only one life stage. For example, in Lepidoptera, 
mandibular glands occur in the larval stage, but not in the 
adult. The four glands serve a variety of functions, and the 
same gland may serve different functions in different species 
or even in different life stages of the same species. Within a 
given species, one or more of these four pairs of glands usually 
function as salivary glands. 


GLANDS ASSOCIATED WITH THE MOUTH 


Mandibular glands, found in many insects, function as the 
main salivary glands in Lepidoptera larvae. A common func- 
tion of mandibular glands in social Hymenoptera is to 
produce pheromones such as alarm pheromones in ants and 
honey bees, and the queen substance in queen honey bees. 
Function can vary with age. For example, the mandibular 
glands of older honey bee workers (which perform mostly 
foraging tasks) produce an alarm pheromone, whereas the 
mandibular glands of young workers (which perform mostly 
nursing tasks) produce secretions, called royal jelly, that are 


fed to larvae in differential quantities to control whether a 
given larva will develop into a queen or worker. Mandibular 
glands of stingless bees serve in defense and produce a burning 
sensation when ejected onto the victim. 

Maxillary glands occur in Protura, Collembola, some 
Heteroptera, and some larval Neuroptera and Hymenoptera. 
They are believed to provide secretions to lubricate the 
mouthparts, and thus serve one of the salivary functions. 

Hypopharyngeal glands occur in the Hymenoptera, and in 
honey bee workers they produce secretions that are fed to the 
larvae (a substance different from royal jelly). Hypopharyngeal 
glands are vestigial in honey bee queens and absent in males. 
The hypopharyngeal glands of honey bee workers also produce 
invertase, a common salivary enzyme that hydrolyzes sucrose, 
and another enzyme that oxidizes glucose to an acid, which 
is believed to serve as a preservative in honey. 

Labial glands occur in the great majority of insect orders 
(an important exception is the Coleoptera), and most com- 
monly function as salivary glands, but in the larval stage of 
some groups of silk-producing insects, such as Lepidoptera, 
Trichoptera, and Hymenoptera, labial glands are the silk- 
producing organs either throughout the larval stage or at its 
end, just before pupation. In the Psocoptera, adults have two 
pairs of labial glands, one pair functioning as silk glands and 
the other pair functioning as salivary glands. In the primitive 
orders Collembola and Thysanura, which lack Malpighian 
tubules (the usual excretory organs of insects), the labial 
glands function as excretory organs. 


STRUCTURE AND FUNCTION 
OF SALIVARY GLANDS 


The salivary glands of most insects are labial glands, which are 
the focus of this section. Labial salivary glands have been exam- 
ined in detail in relatively few insect species, and there is great 
variation among the species examined (Fig. 1). This is not 
surprising, considering the great variation in mode of feeding 
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(e.g., chewing, piercing-sucking, non-piercing-sucking, spong- 
ing, etc.) and types of food consumed by different insect species. 


General Description 


Several aspects of structure and function are common to most 
or all variations of insect labial salivary glands. The glands 
occur in pairs, and the ducts from each gland usually join to 
form a single common duct that opens to the oral cavity at a 
single orifice (Fig. 1). Even though the glands originate in the 
labial segment, the orifice usually occurs just behind or on 
the hypopharynx, and the glands often extend back into the 
thorax and even as far back as the abdomen (e.g., Fig. 1A,B). 





FIGURE 1 Salivary glands of representative insects. (A) The locust, Locusta. 
[After Chapman R. F. (1998). “The Insects: Structure and Function.” 4th 
ed., Fig. 2.16. With permission of Cambridge University Press.] (B) Adult 
blowfly, Calliphora. [After Berridge, M. J., and Prince, W. T. (1971). The 
electrical response of isolated salivary glands during stimulation wtih 5- 
hydroxytryptamine and cyclic AMP. Philos. Trans. R. Soc. Lond. B 262, 
111-120. Courtesy of the Royal Society of London.] (C) The tobacco horn- 
worm, moth M. sexta. [After Leslie. R. A., and Robertson, H. A. (1973). The 
structure of the salivary gland of the moth (Manduca sexta). Z. Zellforsch. 
Mikrosk. Anat. 146, 553-564. Copyright Springer-Verlag GmbH & Co. 
KG. Used with permission.] (D) The beet leafhopper, C. tenellus, showing 
cell types I through VIII. [Modified after Wayadande, A. C., Baker, G. R., 
and Fletcher, J. (1997). Comparative ultrastructure of the salivary glands of 
two phyopathogen vectors, the beet leafhopper, Circulifer tenellus (Baker) 
and the corn leafhopper, Dalbulus maidis DeLong and Wolcott (Homoptera: 
Cicadellidae). Int. J. Insect Morphol. Embryol. 26, 113-120.] (E) The large 
milkweed bug, O. fasciatus. [Modified after Miles, PR. W. (1967). The 
physiological division of labour in the salivary glands of Oncopeltus fasciatus 
(Dall.) (Heteroptera; Lygaeidae). Aust. J. Biol. Sci. 20, 785-797.] 
Abbreviations: ac, acini; ag, accessory gland; ant, anterior lobe; ar, absorptive 
region; bd, bulbous duct region; com, common salivary duct; fs, fluid 
secretion region; lat, lateral lobe; post, posterior lobe; ps, protein secretion 
region; sd, salivary duct; sr, secretory region; td, thin duct region. 


The glands are suspended in the hemocoel and are constantly 
bathed in hemolymph. The glands generally have at least two 
regions: a secretory region and a reabsorptive region. 
Generally, the lumen of the salivary duct is lined with cuticle, 
at least at the end closest to its opening. 

The secretory region produces the primary saliva. The 
major component of saliva is water. Water is transported from 
the hemolymph across cells of the salivary gland and into the 
lumen of the gland. Movement of water from the blood to the 
gland lumen is accomplished by active transport of potassium 
or sodium ions from the hemolymph to the lumen, causing 
water to move from the hemolymph to the lumen down an 
osmotic gradient. Cells responsible for water transport gener- 
ally have deep infoldings of the cell membrane and/or dense 
microvilli on the side of the cell adjacent to the lumen of the 
gland. This serves to greatly increase the cell’s luminal surface 
area, and also serves to enclose very narrow extracellular spaces 
into which ions are pumped. The enclosed nature of the spaces 
helps contain the ions to keep their concentration high, thus 
facilitating the osmotic movement of water from the cell into 
the space. The infoldings and microvilli usually are associated 
with abundant mitochondria to provide the energy for the 
ion pumps. The secretory region of the gland also synthesizes 
proteins, such as salivary enzymes, and other organic com- 
ponents of the saliva. Cells responsible for secretion of these 
components generally possess extensive endoplasmic reticu- 
lum, Golgi bodies, and secretory granules that synthesize and 
transport (intracellularly) the secretions. There may be one or 
several different types of cell in the secretory region. It should 
be noted that salivary components are not necessarily produced 
by the salivary glands themselves but may be produced else- 
where in the body and transported to the salivary glands via 
the hemolymph. 

The reabsorptive region of the salivary gland reabsorbs 
potassium or sodium ions from the saliva and transports them 
back into the hemolymph. As a result, potassium and sodium 
ions are conserved, and the saliva is usually hypotonic to the 
hemolymph. Reabsorptive cells often have infoldings, espe- 
cially on their basal side (hemolymph side), to increase surface 
area. These infoldings, however, tend not to be tightly enclosed 
(unlike the lumen side of water-secreting cells in the secretory 
region), to facilitate movement of secreted ions into the 
hemolymph and away from the cells, thus reducing the 
osmotic gradient, which would cause the cells to lose water. 
Reabsorptive cells also have abundant mitochondria to power 
the active transport of ions from saliva to hemolymph. 


Acinuous Salivary Glands 


The salivary glands of many insects are composed of clusters 
of acini, or saclike glandular structures (Fig. LA) comprising 
at least two types of cell. Each acinus empties into a cuticle- 
lined duct, and the ducts of different acini fuse, eventually 
forming a common duct that leads to an opening just behind 
or on the hypopharynx. The anatomy of acinuous salivary 


glands varies greatly among different insects. The acinuous 
glands of locusts and cockroaches have been particularly well 
studied and are described next. 


LOCUSTS AND COCKROACHES The gross anatomy of 
locust and cockroach salivary glands is illustrated in Fig. LA. 
The acini are the secretory region of the salivary gland and 
consist of peripheral cells and central cells. The peripheral 
cells have deep, microvilli-lined invaginations that are 
contiguous with extracellular canaliculi that open into the 
gland’s duct. The peripheral cells transport water from the 
hemolymph to the canaliculi, and from there, the water 
empties into the duct. Additionally in locusts, the peripheral 
cells seem to synthesize and secrete other salivary components. 
The central cells of both locusts and cockroaches synthesize 
salivary enzymes and other salivary components, and secrete 
them into the salivary duct. The walls of the salivary ducts of 
locusts and cockroaches are one cell thick, and the lumen is 
lined with a thin cuticle. The salivary duct contains the 
reabsorptive region of the gland, and in some cockroaches, a 
small part of the duct adjacent to the acinus is secretory. 


Tubular Salivary Glands 


Some groups of insects, such as Lepidoptera, Diptera, and 
Siphonaptera, possess tubular salivary glands. Generally, the 
walls of tubular salivary glands are one cell thick and the 
lumen is lined with thin cuticle. Tubular salivary glands are 
divided into several regions along the length of the gland. 
The number of regions and anatomical details of the regions 
vary among insect groups. Two examples of tubular salivary 
glands are described. 


BLOWFLY ADULTS There are a pair of tubular salivary 
glands, each with three regions (Fig. 1B). The apical region is 
the longest and is the secretory region; the shorter middle 
region is the reabsorptive region; and the short common duct 
at the proximal end opens to the exterior of the body on the 
hypopharynx. 

The blowfly’s secretory region has a long distal section 
located mostly in the abdomen and a shorter proximal 
section located in the thorax. Cells in the distal section serve 
a dual function: they move water from the hemolymph into 
the lumen of the gland, and they synthesize and secrete 
salivary enzymes and other salivary components. The cell 
surface adjacent to the lumen of the gland’s central duct 
encloses extensive canaliculi into which the cells secrete their 
products. Secretions then move from the canaliculi to the 
gland’s duct. Cells in the proximal section are generally 
similar in appearance to those in the distal section, but they 
do not contain secretory granules. Thus, they do not seem to 
secrete enzymes and probably secrete only water and ions. 
The reabsorptive region of the blowfly’s salivary glands consists 
of a single cell type that is believed to be responsible for 
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reabsorbing ions from the saliva back to the hemolymph. 
Finally, the common duct of the blowfly’s salivary glands 
comprises highly flattened cells that seem to play no role in 
the secretion or reabsorption of any salivary components. 
This region of the salivary gland is very short and opens on 
the hypopharynx. 


SPHINGID MOTH In the tobacco hornworm, Manduca 
sexta, adults have a pair of tubular salivary glands that are 
divided into four regions (Fig. 1C). In the apical region, 
proteinaceous material is synthesized in the extensive rough 
endoplasmic reticulum and Golgi bodies and is stored in large 
vacuoles before eventual release into the lumen of the gland. 
The second region transports water from the hemolymph to 
the lumen. Cells in this region have the characteristic structure 
of water-secreting cells, to accommodate what is believed to 
be the primary function of this region; but in addition, the 
presence of rough endoplasmic reticulum and Golgi bodies 
suggests that these cells may secrete more than just water. The 
third and fourth regions, called the thin duct and bulbous 
duct, both seem to have a reabsorptive function, moving ions 
back from the saliva and into the hemolymph. Cells in these 
two regions differ in the structure of their surface adjacent to 
the lumen, but the reason for the difference is unknown. After 
the fourth region, the right and left glands fuse forming the 
common duct. Cells of the common duct are unspecialized 
and probably play no role in saliva production. 


Salivary Glands of Hemiptera 


The most complex insect salivary glands that have been stud- 
ied occur in the Hemiptera. This complexity is undoubtedly 
related to the piercing-sucking mode of feeding in this taxon, 
where saliva is injected into the food substrate via a 
specialized salivary canal in the elongate maxillary stylets. In 
this mode of feeding, solid substrates must be pierced and 
then the food, which is often initially solid, must be liquefied 
before ingestion through the maxillary food canal. These 
processes depend greatly on a multitude of salivary compo- 
nents that serve different functions. Consequently, there are 
usually many distinct types of secretory cells in the same gland, 
each producing different salivary components. Furthermore, 
many phytophagous hemipterans produce two distinct types 
of saliva at different times in the feeding process: sheath saliva 
and watery saliva. Sheath saliva consists mostly of lipoprotein 
and is secreted incrementally as the stylets advance through 
the plant tissue. It gels shortly after secretion and forms a 
continuous solid sheath around the stylets. As a consequence, 
only the stylet tips come in direct contact with the plant 
tissue; the shaft of the stylet bundle is encased by the sheath. 
Watery saliva, as the name implies, is dilute and does not gel. 
It contains mostly water and various enzymes. 

In general, salivary glands of the Hemiptera are divided 
into two main parts, the principal gland and the accessory 
gland. The principal gland is often subdivided into two or more 
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lobes. The principal and accessory glands are served by their 
respective ducts, and the ducts from each fuse to form a lateral 
salivary duct. The lateral ducts from each side fuse to form a 
median duct that leads to the salivary pump (described later 
in this article). There is considerable variation in the salivary 
glands among the Hemiptera, even within the same family. 
Two examples are described. 


BEET LEAFHOPPER The principal salivary glands of the 
beet leathopper, Circulifer tenellus, are divided into an anterior 
and posterior lobe, each served by its own duct (Fig. 1D). The 
ducts from each lobe fuse to form the lateral salivary duct. 
The accessory gland is not subdivided, and its duct joins the 
others near the point where they fuse to form the lateral duct. 
The principal glands have eight different cell types that are 
arranged in rings around the duct of each lobe, five in the 
anterior lobe and three in the posterior lobe. All eight cell 
types are secretory, possessing abundant endoplasmic reticu- 
lum and/or secretory granules, and all have intracellular 
canaliculi that come in contact with the salivary duct. Details 
of the cells’ fine structure and the staining properties of the 
secretory granules differ sufficiently to indicate that each cell 
type produces different components of the saliva. Accessory 
gland cells have some features typical of water-secreting cells 
but also have abundant endoplasmic reticulum, Golgi bodies, 
and secretory granules, suggesting that they secrete water and 
other salivary components. 


MILKWEED BUG As in most hemipterans in the sub- 
order Prosorrhyncha, the principal salivary glands of the large 
milkweed bug, Oncopeltus fasciatus, (Fig. 1E) are divided into 
discrete lobes that are much more compact than the lobes 
just described for the beet leafhopper. The lobes comprise a 
mass of cells with a distinct glandular lumen. The accessory 
glands and the three lobes of the principal glands each secrete 
their own salivary components. The anterior and lateral lobes 
secrete two different components that mix to form the salivary 
stylet sheath (described earlier). The lateral lobe secretes the 
bulk of the sheath saliva protein, including most of the com- 
ponents that form the hydrogen bonds that solidify the salivary 
sheath, while the anterior lobe secretes the components that 
form most of the disulfide bonds. The posterior lobe produces 
salivary digestive enzymes, such as amylase and esterase. The 
accessory gland supplies the bulk of the water in the saliva, as 
well as polyphenoloxidase and possibly mucoid substances. 


CONTROL OF SECRETION, INNERVATION 


Secretion of saliva generally is stimulated either by direct inner- 
vation or by neurohormonal factors that are released into the 
blood by secretory neurons. Innervation of the salivary glands 
varies considerably among different insects. Innervation can 
come from the subesophageal ganglion, thoracic ganglia, the 
stomatogastric nervous system, the median—transverse nervous 
system, or a combination of these. 


Two neurotransmitters, serotonin and dopamine, are 
commonly found in neurons innervating the salivary glands, 
and each may stimulate different aspects of salivation. For 
example, in the American cockroach, serotonin induces 
secretion of proteinaceous saliva, whereas dopamine induces 
secretion of nonproteinaceous saliva. Other neurotransmitters 
occur in neurons innervating salivary glands, but their roles 
are not understood. The diversity of neurotransmitters 
suggests that control of salivation is a complex process. 

The salivary glands of some insects such as blow flies lack 
direct innervation, and salivation is induced by one or more 
neurohormonal factors released into the blood. One of these 
factors seems to be serotonin. 


STRUCTURES ASSOCIATED 
WITH SALIVARY GLANDS 


Salivary Reservoirs 


Some insects, such as cockroaches, have a pair of distensible 
salivary reservoirs for storage of saliva. In cockroaches, each 
reservoir has its own duct, which joins with the duct of its 
associated salivary gland. The combined gland/reservoir ducts 
from each side fuse to form the common salivary duct leading 
to an opening on the hypopharynx. A valve near the orifice 
of the common duct on the hypopharynx opens and closes as 
the hypopharynx is raised and lowered during feeding, thus 
controlling release of saliva. When the insect is not feeding, 
the hypopharynx is in a lowered position, closing the valve, 
and saliva produced by the salivary glands then backs up into 
the reservoirs where it is stored. 


Salivary Pumps 


Many insects with piercing-sucking mouthparts inject saliva 
into their food for various purposes. Often a pumping mecha- 
nism is used to inject the saliva through elongate hypodermic 
needle-like mouthparts. In many Hemiptera, the pump is a 
hollow chamber near the hypopharynx and is referred to as a 
salivary pump or salivary syringe. 


FUNCTIONS OF SALIVA 
General 


Perhaps the most fundamental and ubiquitous function of 
saliva in insects is lubrication of the mouthparts and lubrica- 
tion of the food bolus to assist its transport through the foregut. 
Lubrication can be achieved primarily by water, the most 
abundant constituent in saliva. Water in the saliva also can 
dissolve components in the food, such as sugars, which then 
become detectable by chemoreceptors on the mouthparts. 
Thus, saliva also can aid in food recognition. 

The most common class of organic constituents of saliva 
consists of digestive enzymes, such as amylase, invertase, 
various proteases, and lipases. In many insects with chewing 


mouthparts, salivary enzymes are mixed with the food during 
chewing and swallowing, and initiate digestion. However, the 
midgut usually is the main site of production and secretion 
of digestive enzymes, and salivary enzymes in these insects 
generally play only a secondary role in digestion. In other 
insects, salivary digestive enzymes provide the main digestive 
function. This is especially common in piercing-sucking 
insects, such as many Heteroptera, in which digestive enzymes 
are injected into the food. The enzymes then break down and 
liquefy the food, and the digested, liquefied food is sucked up 
through the mouthparts. 


Predators 


Predaceous insects that have piercing-sucking mouthparts 
often capture and eat prey that are as big or even bigger than 
themselves. Large prey size is not nearly as common in 
predators with chewing mouthparts. This is because many 
predators with piercing-sucking mouthparts use the mouth- 
parts to inject a salivary toxin into the prey, which enables 
them to subdue prey without having to be large and strong 
enough to physically overpower them. Thus, in these insects, 
saliva assists prey capture and gives the insects a potentially 
larger range of prey than their chewing mouthpart counter- 
parts. Venoms in predaceous piercing-sucking insects often 
are accompanied by salivary hyaluronidase, which breaks 
down hyaluronic acid, an important “intercellular cement” 
in insects. Hyaluronidase is believed to serve as a spreading 
agent for toxins (as well as for digestive enzymes), assisting 
their penetration between cells by breaking down the inter- 
cellular cement. 


Blood Feeders 


Salivary components of blood-feeding insects serve several 
functions. These have been best studied in mosquitoes, other 
biting flies, and kissing bugs. Blood feeding is the most 
dangerous time in the lives of these insects, and survival is 
greatly enhanced by the ability to complete the task quickly 
and escape before being detected by the host. Salivary enzymes 
help to shorten the time it takes to acquire a blood meal. Blood 
vessels occupy only a small volume of skin tissue, and thus 
locating blood with the mouthparts can take considerable 
time. During probing, many blood feeders damage capillaries 
or tiny blood vessels by random movement of the stylets, and 
small subcutaneous pools of blood (hematomas) form in the 
vicinity of the damaged vessels. This increases the volume of 
the blood in the skin, and thus increases the probability that 
the stylets will locate a blood source, reducing the time required 
to locate blood. Successful formation of hematomas is greatly 
facilitated by factors that inhibit blood clotting, and conse- 
quently, the most common salivary components in these 
insects are factors that inhibit clotting. Clotting comprises 
two general processes, platelet aggregation and coagulation. In 
the small vessels used by most blood-feeding insects, platelet 
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aggregation is the more important of the two, being capable of 
plugging a damaged vessel in a matter of seconds. One of the 
compounds that initiates platelet aggregation is ADP, and the 
saliva of many different blood-feeding insects contains apyrase, 
which is an enzyme that breaks down ADP. The importance of 
apyrase is demonstrated in mosquitoes, where the time required 
to complete a blood meal is directly dependent on the amount 
of apyrase injected by the mosquito. In addition to salivary 
components that interfere with platelet aggregation, some 
blood-feeding insects have salivary components such as 
antithrombins that inhibit coagulation. Also, substances that 
inhibit vasoconstriction occur in some blood-feeding insects, 
thus inhibiting the host’s attempt to restrict the flow of blood 
to the feeding site. 

Anticoagulants also serve another function: they prevent 
blood from coagulating in the food canal. Coagulation would 
clog the food canal and lead to starvation and death. Finally, 
antihistamines in the saliva of some blood feeders may act as 
anti-inflammatory agents and reduce the probability that the 
feeding insect will be detected by the host. 


Herbivorous Hemipterans 


Many or most phytophagous hemipterans produce two kinds 
of saliva, sheath saliva and watery saliva, which were 
described briefly earlier. Sheath saliva forms a continuous 
solid sheath around the stylets, and several functions for it 
have been proposed. One likely function is to reduce friction 
between the stylets and plant tissue, facilitating advancement 
and withdrawal of the stylets. Another function may be to 
shield the moving stylets from plant cells, and thus avoid trig- 
gering a defensive response by the plant that could include 
hypersensitive reactions or release of plant defensive chemicals. 
This may be especially important in sternorrhynchan 
hemipterans like aphids and whiteflies, which feed primarily 
on sap from phloem sieve elements that lie deep in plant 
tissue. These insects carefully weave their stylets between and 
around plant cells from the plant surface to the sieve elements, 
and successful extraction of sap from the sieve elements may 
be dependent on avoiding the triggering of plant defensive 
responses during penetration to the sieve elements. In 
addition to mechanically shielding the stylets from plant cells 
to avoid plant defenses, salivary sheaths contain the enzyme 
polyphenoloxidase, which has been proposed to serve the 
function of oxidizing plant defensive chemicals and converting 
them to more harmless forms. 

Watery saliva contains assorted enzymes and other compo- 
nents that vary among species. Some, like proteases and amy- 
lases, serve a digestive function, breaking down insoluble plant 
constituents into soluble forms that can be ingested through 
the stylet food canal. Others, like pectinases, break down 
pectin, which is the “intercellular cement” in plants, and 
loosen the adhesion between adjacent cells. For hemipterans 
like aphids and whiteflies, whose stylets penetrate between 
cells until they reach their actual ingestion site (phloem sieve 
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elements), pectinase facilitates the penetration of stylets 
between cells by loosening the intercellular cement. After 
penetrating a phloem sieve element, aphids and whiteflies 
inject saliva into it, an action that is believed to make the sieve 
element more suitable for ingestion and to prevent the sieve 
element from clogging. 

The water component of watery saliva also can have a 
critical role other than simply serving as a carrier for enzymes. 
Many phytophagous hemipterans (especially phytophagous 
Heteroptera) feed by a method known as “lacerate and flush.” 
In this feeding method, the stylets are inserted into the plant, 
and a pocket of cells beneath the surface is liquefied by the 
combined action of digestive enzymes in the saliva and 
mechanical laceration by repeated thrusts of the stylets. Once 
the pocket of cells has been liquefied, the nutrient-rich liquid 
is flushed out of the pocket by copious secretion of watery 
saliva and sucked up through the stylet food canal. 


Gall Formers 


Plant galls are produced by several groups of phytophagous 
insects that occur especially, but not exclusively, in the 
dipteran family Cecidomyiidae and the hymenopteran family 
Cynipidae, as well as many species of sternorrhynchan 
Hemiptera and some Thysanoptera. The abnormal tissue and 
cell growth characteristic of plant galls is caused by secretions 
from the insect, usually salivary secretions, that mimic plant 
growth hormones or serve as molecular signals that redirect 
plant cell growth from its normal course to an abnormal form 
that serves the needs of the gall maker. 


Construction of Shelters and Webs 


Silk is produced by many insects for a variety of functions 
such as construction of pupal cocoons in many Lepidoptera, 
Hymenoptera, and Siphonaptera, and construction of larval 
retreats or food-gathering nets in most Trichoptera larvae and 
some chironomid larvae. Many Psocoptera use silk to con- 
struct sheetlike shelters under which they aggregate and also 
use silk to attach their eggs to the substrate. Weaver ants use 
silk to tie together leaves to construct their arboreal nests, but 
interestingly, only larvae produce silk; so to weave leaves 
together with silk, the workers hold the larvae in their jaws 
and use them as silk dispensers. Not all insects that produce 
silk do so with their labial glands, but all the examples just 
cited do, representing some of the diverse uses of these 
specialized salivary secretions. 

Mucoid secretions are produced by the salivary glands of 
several groups of Diptera. Some Diptera, such as Drosophila, 
produce salivary mucopolysaccharides that glue the 
puparium to the substrate. In some sciarids and fungus gnats 
(Mycetophilidae), mucoid secretions are used as a “slime trail” 
to facilitate larval locomotion, much like terrestrial snails. Larvae 
of some predaceous fungus gnats use these sticky mucoid 
salivary secretions to capture prey. The most fascinating of 


these are the New Zealand glow worms, which construct a 
silken retreat from which they dangle silk threads that are 
covered with sticky mucoproteins to trap prey. The larvae 
reside in their silken retreats, and at night, they produce light 
by bioluminescence to attract nocturnal flying insects to their 
traplines. 


Trophallaxis 


‘Trophallaxis is the exchange of food between two individuals. 
The food exchanged may be salivary secretions or 
regurgitated gut contents. Larvae of many ants and wasps are 
dependent on adults to feed them. In exchange for being 
given food by the adult, the larvae of many species secrete a 
salivary fluid that is greedily consumed by the adult that 
provided the food. This stimulus for adults to give up food to 
a larva may have played a role in the evolution of eusociality 
in the Hymenoptera, in which adult females readily feed 
larvae that are not even their own offspring. 


Others 


Larval warble flies bore their way through the subcutaneous 
tissues of their mammalian hosts. To facilitate movement 
through the host’s tissues, they secrete a salivary collagenase, 
which breaks down collagen, a main component of connec- 
tive tissue. 

The saliva of some moths contains an enzyme called 
cocoonase that weakens the silk cocoon. It is produced by the 
newly eclosed moth to assist its escape from the pupal cocoon. 


See Also the Following Articles 
Blood Sucking e Digestion ¢ Feeding Behavior ¢ Gallmaking e 
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Scales and Setae 
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S etae are multicellular protuberances on the arthropod 
cuticle used primarily for mechanoreception. In all groups 
of arthropods and especially insects, the role of the setae has 
evolved from simple mechanoreception to various other func- 
tions, including defense, locomotion, prey capture, pheromone 
dispersal, sexual display, preening, and camouflage. Setae are 
often highly modified, with one common modification being 
that they may be flattened into a broad, plate-like scale. This 
article specifically examines the tremendous diversity in shape, 
structure, and function of setae and scales used by different 
insect groups and at different life stages. This diversity in 
setae type is then characterized according to their four major 
functions in the biology of the insect: mechanoreception, 
camouflage, defense, and pheromone dispersal. 


STRUCTURAL MORPHOLOGY 


The terminology applied to scales and setae has historically 
been confused, with numerous, often interchangeable, terms 
used by researchers to describe the various types of structures 
(e.g., hairs, bristles, trichiae, aculei, chetae). Each seta, or tri- 
choid sensillium, is a multicellular protuberance with specifi- 
cally differentiated cells, with the most diagnostic landmark 
being its socket. The term trichoid sensillum applies to 
chemoreceptors as well as mechanoreceptors. The term hair 
is incorrect when applied to insects because hairs are morpho- 
logically different from setae and are considered a character- 
istic of mammals and not arthropods. Trichobothria is a term 
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occasionally used to describe large, nontapering seta often 
associated with the mouthparts and genitalia. Other types of 
cuticular protuberances not considered here include the 
various minute projections of the cuticle (e.g., pruinescence, 
velutum, pollen), collectively termed microtrichia, and large 
sclerotized extensions of the cuticle (e.g., spines, tubercles). 

Most setae form the covering of the body surface, which 
in very high densities is called a pile. Usually a mechanore- 
ceptor, a typical seta, is composed of four cells: (1) A sensory 
cell, which innervates the seta, is surrounded by a (2) thecogen 
cell, which acts as an auxiliary cell by secreting the dendrite 
sheath. During seta development the (3) trichogen cell secretes 
the tapered or scale-like protuberance, whereas the (4) tor- 
mogen cell is responsible for formation of the socket. While 
most setae develop as mechanoreceptors, some will become 
secondarily noninnervated and lose their sensory function. 
These setae may take on a different role (such as aerodynam- 
ics, sexual display, preening) in the functioning of the insect. 

Scales are modified setae that have a flattened blade with 
longitudinal ridges, sometimes with serrate edges (Figs. 1A 
and 1B). Scales are usually inclined relative to the cuticle, 
overlapping each other when present in sufficient densities. 
Each scale has a narrow pedicel, and the enlarged blade may 
be either gradually attenuated to an apex or truncated. 

Scales are found in most groups of insects and serve a vari- 
ety of functions. In true flies (Diptera), scales are not common 
but in certain species can be found on the wings (e.g., mosquito, 
Anopheles annulipes—Culicidae), legs (e.g., Trichopoda 
spp.—Tachinidae), or body (e.g., Metatrichia spp.— 
Scenopinidae). Scales are also found on the elytra of various 
beetle (Coleoptera) families (e.g., Elateridae, Curculeonidae, 
Buprestidae), but the function of such scales in Coleoptera 
and in Diptera is unknown. Scales on the body and wings of 
Lepidoptera have been studied in greater detail and are known 
to function in cryptic coloration, thermal regulation (e.g., but- 
terfly, Colas spp.), and aposematism (warning coloration). In 
butterflies, wing scales contribute to lift during flight but not 
to drag, thus enabling them to glide for longer periods. 

Lepidopteran wing scales have a specialized structure and 
are divided into two types. Primitive-type scales, found in 
nonditrysian Lepidoptera, are solid with longitudinal ridges 
(Fig. 1C). Normal-type scales, found in the ditrysian 
Lepidoptera, are composed of superior and inferior lamellae, 
with an internal lumen subdivided by internal supports called 
trabeculae (Fig. 1D). Whereas the inferior lamella is smooth, 
the superior lamella is usually covered with longitudinal ridges, 
interconnecting transverse ridges (flutes), and/or perforations 
(windows). Some groups of nonditrysian Lepidoptera have a 
mixture of the two types, with normal-type scales layered 
over the primitive-type scales. 

Wing color in Lepidoptera is produced by wing scales. 
Individual scales are usually a single color which may be 
generated by any one or a combination of pterins (red, yellow, 
white), melanins (black), flavonoids (white), carotenoids (blue, 
yellow), papilliochromes (cream-yellow), and ommachromes 
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FIGURE 1 Lepidopteran scales. (A) Truncated wing scale, (B) serrate body 
scale, (C) cross section of primitive-type wing scale, (D) cross section of normal- 
type wing scale. Scale line length, 0.1 mm. 


(red). Scales also produce color by diffraction; regular longi- 
tudinal ridge spacing produces various diffraction colors, 
whereas irregular spacing produces overlap in color spectra 
and is perceived as white light. Interference colors, from which 
light is reflected from a series of superimposed surfaces 
separated by distances equivalent to light wavelengths, result 
in selective phasing in and out of various colors. This type of 
color is important for producing bright color hues in adult 
butterflies (e.g., Morpho spp.) and is produced from a series 
of longitudinal vanes along the scale blade. Each vane is 
supported by a series of thickenings, or mullions, which act 
in concert with other vanes to form a series of reflecting 
surfaces and produce interference colors. 


FUNCTIONAL TYPES 


The functions of setae are sensory (e.g., touch, taste, and 
smell), but in many insects the original sensory function of 
some setae has been discontinued though cell death that 
creates a noninnervated seta. These setae often have more 
specialized roles, sometimes with great morphological modi- 
fication. There is incredible diversity in the shape, structure, 
and function of both the seta and its morphological deriva- 
tive, the scale. A detailed examination of almost any insect 
will reveal a myriad of seta or scale types, often with vastly 
differing roles in the biological functioning of the organism. 
The following classification is clearly artificial and categorizes 





FIGURE 2 Right forewing of Acrotrichis sp. (Ptilidae: Coleoptera). Scale line, 


0.5 mm. 


the diversity of setae and scales into functional types for ease 
of discussion. 


Mechanical 


LOCOMOTION Elongate setae are used by numerous 
insect groups for flight and swimming. Elongation of marginal 
setae is an efficient mechanism to increase the surface area of 
locomotory structures (e.g., wing, leg), with only a slight 
increase in weight or developmental investment (Fig. 2). 
Such elongation of setae along wing margins is common only 
in very small sized insects, as the degree of elongation is finite 
and insufficient to generate adequate lift for larger insects. 
Groups of insects that use this mechanism for flight include 
all Thysanoptera and various microhymenopterans (e.g., 
Mymar—Mymaridae), microlepidoptera (e.g., Macarostola— 
Gracillaridae), and Coleoptera (e.g., Acrotrichis—Ptilidae) 
(Fig. 2). Aquatic insects that are active swimmers often have 
paddle-shaped leg segments fringed with elongated setae for 
added propulsion through water. Examples include various 
families of Heteroptera (e.g., Naucoridae, Corixidae, and 
Notonectidae) and Coleoptera (e.g., Hygrobiidae, Haliplidae, 
Dytiscidae, and Gyrinidae). 


PLASTRON To extend their duration under water, some 
aquatic insects use a plastron, or air bubble trapped by fine 
hydrofuge setae. The setae are used to hold a large air bubble 
by surface tension. The plastron enables them to live perma- 
nently submerged in water because oxygen passes by diffusion 
from the water into the plastron. Examples of plastron use by 
this method include the beetle families Elmidae and 
Hydrophilidae. 


FOOD GATHERING AND PREY CAPTURE In predatory 
insects, enlarged setae are an economical substitute for teeth 
or spines for holding prey. Stiff enlarged setae are present along 
the inner margin of mandibles of some larval Nymphidae 
and Myrmeleontidae (Neuroptera). Similar setae on the inner 
margin of fore femora of adult Leptopodidae (Heteroptera) 
are used for the same purpose. Aquatic insects may use 


soldering iron “station” if you’re really serious about the subject! Don’t be tempted to 
over-spend on an elaborate workstation though, unless you are really very serious about 
becoming involved in electronics. You will usually obtain perfectly satisfactory results 
using a fairly modest “pencil” iron model, and you can upgrade to something more 
sophisticated should your needs change in the future. 











For enthusiasts or industry, this Antex 660TC soldering station has a separate 
mains-powered control unit and a matching low-voltage soldering iron rated at 24 Volts, 
50 Watts so it’s suited to a wider range of tasks than a lower powered one. 


When choosing your soldering iron, certain factors to bear in mind include: 


Voltage: for the British market, “mains” electric trons run directly from the mains at 
230V a.c. or will be set for other voltages (110V a.c.) depending on the country. However, 
low voltage types (e.g. 12V or 24V) usually form part of a “soldering station” for use 
with a matching controller made by the same manufacturer. Some low-voltage irons run 
off batteries (e.g. a car battery or Ni-cads) but these are uncommon. 


Wattage: this is an extremely important factor to think about when choosing your 
iron. Typically, irons for general electronics work may have a power rating of between 15- 
25 watts or so, which is fine for most electronic assembly tasks, printed circuit boards and 
inter-wiring. It’s important to note that a higher wattage does not mean that the iron runs 
hotter - it simply means that there is more power “in reserve” for coping with larger joints. 
The maximum electric iron wattage generally available is about 100W, which is OK for 
DIY electrical repairs but is far too high for general electronics or circuit board use. 


A higher wattage iron offers you more flexibility for tackling a wider range of tasks. 
It has a better “recovery rate” which makes it more “unstoppable” when it comes to 


elongated rows of setae around the mouth parts as filters to 
trap food particles in flowing water (e.g., Coloburiscoides 
sp.—Coloburiscidae: Ephemeroptera) or use setae-fringed 
prey (e.g., 
Agraptocorixa—Corixidae: Hemiptera). Bees (Hymenoptera) 


foretarsi to sieve for in detrital ooze 
commonly have enlarged hind tibiae and basitarsi covered 


with brush-like setae (scopa), which are used to carry pollen. 


WING COUPLING Some insect groups use specialized 
setae to couple the fore- and hind wings together, so ensuring 
synchronous wing beats during flight. The basic pattern, 
which occurs in Choristidae (Mecoptera), is composed of 
retinacular setae along the jugal margin of the forewing 
interlocking with frenular setae along the basicostal margin 
of the hind wing. More advanced forms are found in 
Lepidoptera, in which the frenulum may be a large single seta 
or multiple slender setae. In Trichoptera, a row of large setae 
is present along the costal margin or the subcostal vein of the 


hind wing, which engages either the jugal lobe or a ventral 
ridge in the anal field. 


DIGGING  Fossorial insects often have stout setae arranged 
in rows on the leg segments for digging. A comb of long setae 
(pecten) is commonly present on the foretarsi of ground- 
nesting aculeate wasps (e.g., Bembix—Sphecidae). Enlarged 
and thickened setae-like structures borne on acanthophorites 
are used for digging during oviposition by females of various 
asiloid Diptera (e.g., Therevidae, Apioceridae). 


Camouflage Aids 


Highly modified setae are commonly used by insect larvae that 
camouflage themselves by carrying soil, feces, and/or trash 
particles on their body. Some of the most elaborate of these 
may be found on the bodies of myrmeleontoid Neuroptera 
(i.e., Ascalaphidae, Nemopteridae, Psychopsidae, Nymphidae, 
and Myrmeleontidae). Other than entangling camouflage 
materials, the biological function of these highly modified 
setae, called dolichasters, is unknown. Dolichasters may be 
simple, scale shaped or highly ornate, star or cup shaped or 
recurved hooks (Fig. 3). Ascalaphid and nymphid lacewing 
larvae may also have abdominal extensions called scoli (Fig. 4), 
on which rows of enlarged scales or setae are used to entangle 
camouflaging materials. 


Defensive 


Lepidopteran larvae of several families (e.g., Arctiidae, 
Notodontidae, Thaumetopoeidae) use specialized urticating 
(irritating) setae as a defense against potential predators. 
Urticating setae are modified setae with a poison cell associ- 
ated with the trichogen cell; the former discharges venom 
when the tip of the seta is broken off. The urticating setae may 
be very long and scattered over the body surface or short and 
positioned on the apex of a scoli. In Limacodidae, the stinging 
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FIGURE 3 Dolichasters from head and thorax of unidentified species of 
Ascalaphidae (Neuroptera). Scale line, 0.2 mm. 





FIGURE 4 Lateral scoli on abdomen of neuropteran larvae. (A) Osmylops sp. 
(Nymphidae), (B) unidentified ascalaphid. Scale line, 1.0 mm. 
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setae are short and positioned at the apices of often brightly 
colored, eversible tufts that are extended when the individual 
is disturbed. Some adults and/or larvae of the coleopteran 
families Cleridae, Trogossitidae, and Dermestidae are often 
clothed in long fine setae, which may be recurved. In addition 
to a sensory function, these setae may be used defensively to 
obstruct or entangle potential predators or parasitoids. 


Secretory Substrate 


Setae are commonly used by insects as a substrate of high sur- 
face area from which a pheromone is dispersed by evaporation. 
Adult males of some nemopterid (Neuroptera) genera use 
distinctive tufts of fine setae (bulla) on the hind margins of 
the fore- or hind wings to disperse pheromone. Males of the 
antlion tribe Acanthoclisinae (Myrmeleontidae) have eversible 
sacs (hair pencils) covered with fine setae for a similar purpose, 
and many male butterflies use specialized setae (androconia) 
located in basal depressions along the forewing veins called 
androconial organs. During courtship pheromone is dispersed 
from the hairs, often with elaborate “calling” behavior, which 
can consist of hovering and diving at the prospective female 
and fanning pheromone in her direction. 


See Also the Following Articles 
Antennae « Chemoreception © Coloration Flight 
Mechanoreception 
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S corpions are among the most recognizable groups of 
arthropods. Their highly segmented body plan is uniquely 
subdivided into a leg-bearing prosoma, a broad seven-segmented 


preabdomen (mesosoma), and a narrow, five-segmented postab- 
domen (metasoma) that terminates in a bulbous stinging 
organ, the telson. The fossil record indicates scorpions were 
the first arthropods to occupy the terrestrial environment. A 
prominent member of the class Arachnida, scorpions survived 
periods of mass extinctions and today occupy a prominent 
position in arthropod communities. This gives them the 
distinction of being the oldest surviving group of terrestrial 
arthropods. 


EVOLUTION 


Scorpions date back to the Silurian, some 400 mya. The oldest 
taxa, Palaeophonus spp., are strikingly similar in structure to 
modern forms in their extensive, characteristic segmentation, 
appendages, and general body form. Their body was organized 
into four regions: a prosoma (cephalothorax); a broad meso- 
soma (“preabdomen” containing digestive and reproductive 
organs); a taillike metasoma (slender “postabdomen” com- 
posed of five ringlike segments); and a terminal segment, the 
telson. Palaeophonus differed from modern scorpions in not 
having pretarsal claws on walking legs and in having a blunt 
ending of the telson. The absorptive membranes of the book 
lungs might have been eversible, forming a gill-like respiratory 
structure. This suggests that Palaeophonus might have existed 
in aquatic and land habitats. 

The fossil record indicates that scorpions underwent a 
rapid adaptive radiation that led to structural diversity, 
especially in the segmentation of the ventral prosoma, the 
development of pretarsal claws, and the formation of a sharp 
venom-delivering structure on the telson. 


MORPHOLOGICAL CHARACTERISTICS 


Scorpions are readily distinguished by their unique morphol- 
ogy (Fig. 1). Their prosoma consists of six body segments that 
are covered dorsally by an unsegmented carapace. Each of these 
segments bears a pair of characteristic segmented appendages. 
The first pair, the chelicerae, are small, chelate or scissorlike, 
and serve as the mouthparts. The second appendages are large, 
conspicuous pedipalps that terminate in a strong scissorlike 
chela used to capture and immobilize prey. The next four pairs 
of appendages are the walking legs, each of which terminates 
in a pair of distinctive pretarsal claws, the ungues. Along with 
a single pair of median ocelli, there are two groups of lateral 
ocelli located at the anterolateral corners of the carapace. Each 
group of lateral ocelli consists of zero to four facets, evidently 
derived from a primitive compound eye. The mesosoma is 
attached broadly to the prosoma, lacks appendages other 
than the sensory pair of comblike pectines, and houses the 
digestive and reproductive organs. Expansion of intersegmental 
membranes permits meal engorgement during feeding and 
allows for increase in body volume to accommodate internal 
development of their embryos. The metasoma is composed 
of five narrow segments forming a freely articulating, taillike 
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FIGURE 1 Dorsal and partial ventral views of scorpion showing the distinctive 
body segmentation, tagmosis, and morphological features. (Drawing by K. A. 
Justus.) 


body region. A single unsegmented telson freely articulates 
with the metasoma and is composed of a swollen vesicle that 
terminates in a sharply pointed aculeus or “sting.” Paired 
venom glands are housed in the vesicle, and the associated 
aculeus injects the venom into the victim (Fig. 2). Scorpions 
all over the world have the same basic body structure, which 
is surprising considering the antiquity of the extant families. 


ANATOMICAL ADAPTATIONS 


Scorpions demonstrate basically the same organ systems char- 
acteristic of most arachnids. These systems do show adapta- 
tions that support their successful lifestyle as opportunistic 
ambush predators. The digestive system begins with a tiny 
mouth located below the base of the chelicerae. Its small dia- 
meter allows intake of food only in fluid form. Preoral enzymes 
are secreted by salivary glands directly into the body of the 
prey, and the liquefied, preorally digested tissues are ingested 
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FIGURE 2 A giant hairy scorpion (Hadrurus concolorous) in alert posture. 


Notice the pedipalps positioned forward with their chelae open. The metasoma 
is in flexed position, ready to strike. The body is balanced over and supported 
by the walking legs. 


through a sucking action. This is facilitated by a pressing 
action of the gnathobases at the inner bases of the pedipalps. 
Large, expansive midgut ceca facilitate rapid intake and 
storage of nutrients. Because particulate matter is not ingested 
with a meal, fecal wastes are minimal. Nitrogenous wastes are 
excreted by means of Malpighian tubules that deposit wastes 
in the form of crystalline guanine directly into the digestive 
tube for subsequent elimination. Some species have also been 
found to excrete nitrogenous wastes in the form of uric acid 
and xanthine. Scorpions have no tracheal system but instead 
use four pairs of book lungs to respire. Air passes through four 
pairs of tiny stigmata, which are opened and closed by mem- 
branous opercula, in the mesosomal sterna. Inspired air then 
enters the lamellar spaces of the membranous book lungs. 
This limiting mode of oxygen uptake is correlated with the 
sedentary lifestyle and metabolic simplicity characteristic of 
most scorpions. A ventral nerve cord with highly metameric 
ganglia characterizes the nervous system. At the head end is 
found the subesophageal ganglion and supraesophageal brain. 
The circulatory system consists of a pulsing muscular tube, 
called the dorsal vessel, and colorless blood called hemolymph. 
The reproductive system has organs arranged in a somewhat 
segmented, fishnetlike form within the mesosoma. The male has 
a paraxial organ that contains a pair of hemispermatophores that 
fuse to form a sperm-carrying spermatophore used for indirect 
insemination of a female during the courtship dance. The 
female system has an inner lumen that exits the body through 
the ventrally located genital aperture, which is covered by a 
valvelike genital operculum on the mesosoma. Multiple oocytes 
in different stages of maturation may be seen on the surface of 
the reproductive tube. Fertilization is internal, and the female 
carries the developing embryos until birthing as larvae. 


SYSTEMATICS 


Substantial numbers of undescribed species are still being found. 
This largely results from the nocturnal and secretive habits of 
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scorpions, which make them difficult to find. Approximately 
1286 species of living scorpions are currently recognized and 
are assigned to 17 families and 157 genera (Table I). The higher 
classification of scorpions has been the subject of periodic 
reevaluation over the past two decades. The trend has been to 
recognize more families and genera and to base the resulting 
classification on phylogenetic relationships as suggested by 
cladistic analyses. The numbers of extant scorpion families 
and species are surprisingly low considering their success as a 
group, their broad distribution, their diverse habitats, and 
their antiquity. 


DISTRIBUTION AND BIODIVERSITY 


Scorpions are conspicuously common in tropical and 
subtropical regions throughout the world. They also range 
into the more temperate regions of both the Northern and 
Southern Hemispheres. In North America they range as far 
north as British Columbia, Alberta, and Saskatchewan, 
Canada (approximately 52° N). In South America, scorpions 
range south into Chile and Argentina (approximately 50° S). 

Scorpions show wide-ranging adaptations to different 
elevations. In Baja California, Mexico, scorpions are found in 
the intertidal and beach habitats. In the White Mountains of 
California they are well established in elevations up to 2130 m. 
Scorpion species show definite habitat preferences and are 
normally found in patchy distributions. Although they are 
often thought of as tropical, scorpions seem to reach their 
highest biotic diversity in the arid regions of more temperate 
latitudes. Most scorpion habitats are characterized by a modest 
diversity ranging from one to five sympatric species. The 


greatest regional diversity of scorpions is reported from Baja 
California, where 61 species and 11 genera are found. The 
higher latitudes and higher elevations have more limited diver- 
sity, often with only a single species represented in a habitat. 


BIOLOGY 
General Life Cycle Strategy 


Scorpions often are not noticed, even when abundant. They 
are mainly nocturnal, secretive animals and usually remain 
inactive, hidden in their retreats, except when feeding, mating, 
or disturbed. For many scorpions, such as Hadrurus and 
Vaejovis, adults are the stage usually encountered; juveniles 
tend to minimize their exposure in the environment. This 
pattern is most conspicuous in scorpions found in more tem- 
perate areas and at higher elevations. In other species, such as 
Centruroides spp., and some Paruroctonus spp. and. Smeringerus 
spp.» however, juvenile instars are commonly encountered. 


Life Cycle 


The scorpion life cycle is a simple one: the first instar larva, five 
nymphal instars, and the adult. The larva differs morphologi- 
cally from other instars in lacking the typical unguicular claws 
at the tips of the walking legs, lack of a sharp aculeus or “sting,” 
lack of dark pigmentation and sclerotization of the exoskele- 
ton, and lack of effective locomotor ability. Behaviorally, the 
larva is unique in that it remains on the mother’s back and 
does not travel alone or feed. The sedentary larva molts to the 
second instar nymph on the mother’s back at which time it 





TABLEI Higher Classification of Contemporary Scorpions 
Family Number of genera) Number of species Common genera 

Bothriuridae 12 90 Bothriurus, Brachistostermis, Centromachetes, Cercophonius, Lisposoma, Orobothriurus, 
Urophonius 

Buthidae 72 528 Ananteris, Androctonus, Babycurus, Buthacus, Buthus, Centruroides, Compsobuthus, 
Hottentotta, Isometrus, Leiurus, Lychas, Mesobuthus, Orthochirus, Parabuthus, 
Rhopalurus, Tityus, Uroplectes 

Chactidae 11 132 Broteochactas, Brotheas, Chactas, Nullibrotheas, Teuthraustes 

Chaerilidae 1 21 Chaerilus 

Diplocentridae 8 76 Didymocentrus, Diplocentrus, Heteronebo, Nebo, Oiclus 

Euscorpiidae 4 14 Euscorpius, Megacormus, Plesiochactas, Troglocormus 

Hemiscorpiidae 2 7 Habibiella, Hemiscorpius 

Heteroscorpionidae 1 Heteroscorpion 

Ischnuridae 8 56 Cheloctonus, Hadogenes, lomachus, Liocheles, Opisthacanthus 

Turidae 6 21 Anuroctonus, Carboctonus, Hadruroides, Hadrurus, Iurus 

Microcharmidae 2 6 Akentrobuthus, Microcharmus 

Scorpionidae if 130 Heterometrus, Opistophthalmus, Pandinus, Scorpio 

Scorpiopidae 6 27 Alloscorpiops, Euscorpiops, Neoscorpiops, Scorpiops 

Superstitioniidae 4 9 Alacran, Sotanochactas, Superstitionia, Typhlochactas 

Troglotayosicidae 2 2 Belisarius, Troglotayosicus 

Urodacidae 1 19 Urodacus 

Vaejovidae 10 146 Paruroctonus, Pseudouroctonus, Serradigitus, Uroctonus, Vaejovis 


shows increase in linear dimensions, has pretarsal claws and a 
sharp aculeus, and becomes increasingly physically active. At 
this time the second instar normally leaves the mother’s back, 
disperses from the mother’s shelter, locates a new shelter, and 
begins its own independent life. After periods of feeding and 
growth, nymphs periodically molt to their successive instars, 
until adulthood is reached. Adults differ from the nymphs in 
being sexually mature, but they often show little morpho- 
logical difference except in their larger size and sometimes in 
the proportion of body parts such as the larger pedipalp chela 
and elongation of the metasoma. Adults may also show dis- 
tinctive sexual dimorphism in body proportions. 


Feeding 


Ambush predation is the main means of prey capture. For 
example, some burrowing species such as Anuroctonus 
phaiodactylus quietly wait inside their burrow entrance and 
ambush prey that enters or passes by their burrow. Many 
species of scorpions, when hungry, leave their protective 
shelter during nocturnal hours and take a stationary position 
in their environment, which may be on the substrate surface 
or in vegetation. Here they will remain motionless until an 
unsuspecting prey ventures close, at which time it is grasped 
with the strong pedipalp chela and stung, if necessary. Other 
scorpions such as Centruroides spp. often range great distances 
from their diurnal shelters in search for prey. At such times 
they may actively stalk their prey. If a scorpion is unsuccessful 
it will return to its shelter and resume its predation behavior 
the next night, and the night after, until successful. 

After successful prey capture, a scorpion draws the immobi- 
lized prey close to its oral cavity and exudes preoral digestive 
fluids that digest the prey’s tissues internally. During ingestion 
the chelicerae also shred prey tissues. The resultant fluid is 
sucked into the oral region, and any remaining fluids are pressed 
from the prey remains by the gnathobases of the inner pedipalp 
coxae. Up to 97% of the body mass of a prey may be ingested. 
A satiated scorpion then returns to its shelter and will normally 
not be seen until hungry again, which may be from 2 weeks to 
a month or two. Its effective mode of predation, habit of 
engorgement feeding, and low metabolic rate result in a lifestyle 
that requires minimal prey, minimal exposure of the scorpion, 
and survival when prey are not readily available. Scorpions in the 
laboratory may go for as long as 12 months between meals. 
However, in nature, one feeding every 2 to 6 weeks is probably 
more common. Almost any animal that a scorpion can catch 
and immobilize is a potential prey, so scorpions feed on a variety 
of insects and spiders. Predation on centipedes, other scorpions, 
lizards, and small snakes has also been observed. 


Reproduction 


The scorpions’ reproductive mode is one of the most ancient 
ones used by terrestrial arthropods. It involves sexual reproduc- 
tion, with insemination of the female by the male following a 
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ritualistic courtship dance. Internal fertilization is complicated 
by the lack of an intromittent organ in the male. Fertilization 
takes place indirectly by a spermatophore deposited by the male. 

Pheromones bring potential mates together and initiate 
courtship. When two potential mates encounter each other, 
they grasp each other by their pedipalpal chelae and undergo 
a forward and backward “dancelike” behavior, the ‘promenade 
a deux,” which may be over in few minutes or last for hours. 
At the end of this dance, the male emits a sclerotized sper- 
matophore onto the substrate and draws the female over it, 
at which time she takes up the sperm packet in her gonopore. 
The two then part and the female normally returns to her shel- 
ter. Depending on the taxa, gestation takes from approxi- 
mately 2 or 3 months to nearly a year. Development is internal 
and results in the birth of a dozen to over a hundred larvae, 
which quickly ascend to the mother’s back and remain there 
for the remainder of their first stadium. Parturition takes 
from an hour to about 3 days, depending on the species and 
number of offspring. Some species seem to have several birth 
cycles each year, whereas others seem to have only one per 
year. Parthenogenesis has been reported in Tityus serrulatus and 
Liocheles australasiae. Field observations of Liocheles suggest 
that some natural populations might have parthenogenesis as 
their primary means of reproduction. 


Habitats 


Scorpions have been roughly categorized as “ground” versus 
“bark” dwellers. Ground dwellers construct burrows in the 
ground, seek shelter in rocky substrate, invade the burrows of 
other organisms, or occupy protective spaces under or within 
ground surface debris. Bark dwellers are commonly found shel- 
tered under bark, in bromeliads, in vegetation, in residential 
thatch, or in other plant material. They are often climbers and 
may primarily occupy forest canopies. During some seasons, 
forest-dwelling forms may migrate to the ground to seek shelter 
under rocks or surface debris. This group has members that 
invade human habitations and can be seen climbing walls and 
ceilings at night. They may reside in thatching and in the mortar 
spaces between bricks and rocks of walls. Most ground scorpions 
are solitary, although some bark scorpions such as Centruroides 
may be found in aggregations during certain times of the year. 
Anuroctonus phaiodactylus constructs a burrow as a young 
nymph and occupies it throughout its life, which may last for 
several years. It seldom ventures far from its burrow and is 
intolerant of other scorpions in its burrow. Many of the 
ground-dwelling species probably spend most of their life in 
their permanent burrow. At time of courtship, however, mature 
males abandon their burrows or other territory and become 
more nomadic in search of mates. Scorpions are thigmotactic, 
seeking closely fitting shelters. The availability of suitable shel- 
ters is believed to limit the population size of some species. 
Scorpions are found in a variety of habitats from desert to 
mesic, and they thrive in highly xeric environments. They are 
common in tropical and subtropical regions, and many species 
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extend into the temperate latitudes. Most scorpions prefer well- 
drained habitats, but some such as Centruroides species thrive 
in riparian and tropical rain forest environments, and seem to 
survive drowning by climbing trees during times of flooding. 
Burrowers vary greatly in their choice of habitats and behavior: 
A, phaiodactylus requires soil with good drainage and adequate 
compaction to support permanent burrows; Vejovoidus longiun- 
guis constructs burrows in unconsolidated soil of sand dunes; 
species of Serradigitus do not burrow but live in crevices, talus 
slopes, and rock fractures; Superstitionia donensis may occupy 
a burrow or may be found in a simple cell constructed under a 
rock, animal dung, or vegetation; Centruroides thorellii resides 
in bromeliads within tropical forests; Vaejovis littoralis is found 
in the intertidal wrack zone, where it continually migrates ahead 
of the changing tides; Centruroides exilicauda seeks shelter under 
bark of trees, but may also be found under surface debris or in 
rock crevices, and is a common invader of human habitations; 
and Uroctonus mordax is commonly found in wet habitats, 
where it may reside under mosses and rotting logs, and in soil 
crevices. Almost any habitat that provides adequate shelter 
and prey is suitable for some kind of scorpion. As a result, 
these arthropods are globally widely distributed. 


Predators and Parasites 


Although scorpions do not have many natural enemies, they are 
an attractive prey for a few predators. Their rich nutrient content 
and numerical abundance contribute to their vulnerability as 
prey. Predators that hunt during the nocturnal hours are par- 
ticularly effective in feeding on scorpions. Most capture 
scorpions while they are exposed on the substrate surface, but 
some, such as coyotes, will dig them up. Some 124 vertebrate 
and 26 invertebrate predators have been reported to feed on 
scorpions. Elf owls (Micrathene), burrowing owls (Speotyto), barn 
owls (Zyto), grasshopper mice (Onychomys), coyotes, bats, desert 
shrews (NNoteosorex), and a variety of lizards are among the most 
conspicuous scorpion predators. Parasitism of scorpions is not 
common; reported endoparasites include larvae of a tachinid fly 
(Spilochaetosoma californicum), mermithid nematode larvae, and 
the larvae of a sarcophagid fly (Sarcodexia sternodontis). About 
eight species of mites have been reported as ectoparasites of 
scorpions, but mite parasitism is not commonly observed. 


VENOMS 


Scorpions are universally recognized because of their venoms 
and conspicuous stinging apparatus. All species are venomous, 
but only a few are harmful to humans. The venom is produced 
in a pair of glands located in the vesicle of the telson and 
collects in the lumen of each gland, flowing through a simple 
duct that terminates near the sharp tip of the aculeus. The 
venom is delivered during a rapid thrust of the metasoma 
that results in the penetration of the victim’s skin by the sharp 
aculeus. Contraction of muscles surrounding each venom 
gland discharges the venom. 


The venoms are complex substances composed of water, a 
number of low molecular weight proteins (neurotoxins), and 
various organic compounds such as oligopeptides, nucleotides, 
amino acids, mucus, and cellular debris. A common fraction 
of venoms function as simple irritants, often causing a sharp 
burning sensation. Other fractions may cause inflammatory 
responses resulting in edema. In highly toxic venoms, systemic 
components may result in neurological symptoms such as 
convulsion followed by death. The neurotoxic effects seem to 
be the result of multiple interactions of certain toxins with 
voltage-dependent ion channels of excitable cell membranes, 
such as those of neurons. Venom interactions may include 
membrane depolarization, repetitive firing, prolonged action 
potentials, and massive release of neurotransmitters, most 
importantly from the adrenal medulla. 

The cumulative effects of a venom in envenomated animals 
are complex and varied. Envenomation particularly may affect 
skeletal muscles, the cardiovascular system, lungs, visceral 
smooth muscle, uterus, and glands. The severe convulsions 
that may be associated with the sting of more toxic species 
(e.g., Centruroides spp.) are of particular concern. The venom 
of each species has a unique composition that explains the 
many varied venom reactions observed. Curiously, each scorpion 
venom contains a number of different toxic components. 

Scorpion venoms are toxic to a variety of organisms, 
including arthropods and vertebrates, but are often nontoxic 
to other scorpions. The hemolymph may have the capacity 
for neutralizing the toxic components in the venom from 
other scorpions. 

The number of reported human deaths from scorpion 
stings ranges from several hundred to several thousand 
annually. Stings are considered to be more serious when they 
happen to children, the elderly, and those in poor health. The 
number of reported deaths has been declining because of 
better treatments, development of antivenins, the reduction 
of human contact with scorpions in critical areas, and public 
health awareness. Because of unreliable reporting in develop- 
ing countries, however, the reported incidence of scorpion 
stings and mortality is probably greatly underestimated. 

Venomous scorpions of concern to humans are found 
throughout the world, but some of the more severe problems 
are in the more arid regions. Of the 1286 known species, only 
a dozen or so cause significant health problems for humans. 
The species of greatest medical concern are members of the 
family Buthidae and belong to the genera Androctonus, Buthacus, 
Buthus, Centruroides, Leiurus, Mesobuthus, Parabuthus, and 
Tityus. 


METHODS OF OBSERVATION AND STUDY 
Sampling and Collecting 


Scorpion assessments and collections were traditionally made 
by inspecting trees and by looking under rocks, trash piles, 
and other surface debris. The discovery that scorpions fluoresce 


under ultraviolet light [with black light blue (BLB) bulb] led 
to the use of the “ultraviolet method” of scorpion detection 
and study. Equipped with a portable ultraviolet light, an inves- 
tigator can walk through a habitat at night, counting and 
observing scorpions undisturbed in their natural state. With 
such a lamp a scorpion can be readily detected on a sand dune 
at a distance of about 15 m. 


Care and Maintenance of Captive Specimens 


Scorpions are easily kept in captivity and require minimal 
care. They may be housed in any closed container, such as a 
terrarium, plastic box, jar, or plastic bag. If soil is provided, a 
rock or other surface cover should be added for shelter because 
scorpions are thigmotactic and seek close-fitting shelters. A 
small amount of water needs to be provided periodically. 
Scorpions can be maintained at room temperature and 
should not be exposed to freezing temperatures, especially 
the tropical forms. Most live insects may be supplied for food, 
but crickets are particularly well accepted. Generally one 
cricket every 2 to 4 weeks is adequate feeding for a moderate- 
sized scorpion. 

As a rule, scorpions remain inactive in their shelters during 
the day and will show normal activity (if any) at night. Lack 
of physical activity is common and typical of most scorpions. 
Excessive activity often indicates a lack of food or water, excess 
light, excessive temperature, or other disturbance. Covering 
the rearing chamber with red cellophane readily simulates 
nocturnal environmental conditions. Most scorpions will live 
for 1 to 5 years in captivity. 


See Also the Following Articles 
Arthropoda and Related Groups ¢ Spiders « Venom 


Further Reading 

Baerg, W. J. (1961). Scorpions: biology and effect of their venom. Agricultural 
Experimental Station Bulletin 649. University of Arkansas, Fayetteville. 

Brownell, P., and Polis, G. (eds.). (2001). “Scorpion Biology and Research.” 
Oxford University Press, Oxford, U.K. 

Fet, V., Sissom, W. D., Lowe, G., and Braunwalder, M. E. (2000). “Catalog 
of the Scorpions of the World (1758-1998).” New York Entomological 
Society, New York. 

Keegan, H. L. (1980). “Scorpions of medical importance.” University Press 
of Mississippi, Jackson. 

Polis, G. A. (ed.). (1990). “The Biology of Scorpions.” Stanford University 
Press, Stanford, CA. 

Prendini, L. (2000). Phylogeny and classification of the superfamily 
Scorpionoidea Latreille 1802 (Chelicerata, Scorpiones): an exemplar 
approach. Cladistics 16, 1-78. 

Rubio, M. (2000). “Scorpions: A Complete Pet Owner’s Manual.” Barron’s 
Educational Series, Hauppauge, NY. 

Stoops, E. D., and Martin, J. L. (1995). “Scorpions and Venomous Insects 
of the Southwest.” Golden West Publishers, Phoenix, AZ. 

Vosjoli, P. de. (1991). “Arachnomania: The General Care and Maintenance of 
Tarantulas and Scorpions.” Advanced Vivarium Systems, Lakeside, CA. 

Williams, S. C. (1980). Scorpions of Baja California, Mexico, and adjacent 
islands. Occas. Pap. Calif: Acad. Sci. 135, 1-127. 

Williams, S. C. (1987). Scorpion bionomics. Annu. Rev. Entomol. 32, 
275-295. 


1025 


Segmentation 





Segmentation 


Nipam H. Patel 
University of Chicago 


S egmentation (the repetition of body units along the 
anterior—posterior axis) is a fundamental property of all 
insects; indeed, it is an obvious character of all arthropods. 
Insect segments are clearly visible as reiterated patterns visible 
in the exoskeleton, but repeating patterns are present in 
internal structures such as muscles, neurons, and tracheae, as 
well. Through genetic and molecular approaches in the 
dipteran fruit fly, Drosophila melanogaster, the mechanisms of 
segmentation in this insect are now understood in great 
detail. Additional experiments indicate that some aspects of 
the Drosophila mechanisms are conserved in all insects, and 
others have undergone extensive evolutionary changes. 


PATTERN OF SEGMENTS 


In virtually all insect embryos, larvae (where present), and 
adults, the pattern of segmentation in the thorax and abdomen 
is clearly visible. Segments are usually separated by grooves, 
called segmental grooves, that lie at the boundary between 
each pair of segments. The configuration of segments is also 
often characterized by repeating patterns of pigmentation and 
elaborations, such as denticles or hairs on the exoskeleton. 
Internally, segmentation is reflected in repeating patterns 
within the nervous system, musculature, and tracheal system. 
Segments of the head and the terminal abdominal regions are 
sometimes more difficult to recognize. It appears that all 
insects are composed of six head segments, called the antennal, 
ocular, intercalary, mandibular, maxillary, and labial segments 
(going progressively from anterior to posterior), although some 
authors have suggested the existence of a seventh segment at 
the anterior of this pattern. The thorax is always composed of 
three segments (T1-T3), and the abdomen is generally com- 
posed of 11 segments (Al—A11) (Fig. 1), the most posterior 
abdominal segments (A10 and A11) are often fused during 
later development but usually can be detected separately during 
embryogenesis. 





FIGURE 1 The larval segments of Drosophila. The pattern of segments is 
clearly revealed by the pattern of denticles (hairlike projections) on the 


ventral surface of the larvae. The segments of the head are involuted inside, 
and the final abdominal segments are not visible on the surface. 
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MECHANISMS OF SEGMENTATION 
IN DROSOPHILA 


Studies of insect segmentation through experimental manipu- 
lations, such as ligation, ablation, centrifugation, and trans- 
plantation, have a rich history and continue to provide impor- 
tant insights into the mechanisms of segmentation. Beginning 
about 30 years ago, however, understanding of these mecha- 
nisms was rapidly accelerated by the genetic mutant screens in 
the fruit fly. Indeed, these screens uncovered such fundamental 
principles of biological pattern formation that the geneticists 
who carried them out, Edward Lewis, Eric Wieschaus, and 
Christiane Niisslein-Volhard, were awarded the Nobel Prize 
in medicine and physiology for their contributions to the 
genetic analysis of tagmosis (regionalization) and segmen- 
tation in Drosophila. 

The genetic analysis of segmentation was quickly supple- 
mented with molecular and biochemical studies that have 
provided detailed knowledge of how segments are generated 
along the anterior—posterior axis during Drosophila embryo- 
genesis. As it turns out, the mutants that effect this process 
can be grouped into several specific categories that act in a 
hierarchical manner to sequentially subdivide the embryo 
into smaller and smaller units, ultimately establishing the 
pattern of larval segments we see in Drosophila (Fig. 1). The 
mutant classes include maternal effect mutations, which 
disrupt the anterior or posterior halves of the embryo; gap 
mutations, which eliminate several contiguous segments; pair- 
rule mutations, which delete regions in a two-segment perio- 
dicity; and segment polarity mutations, which cause deletions 
and duplications in every segment. 

Studies of the maternal effect mutations show that the 
process of segmentation actually begins during oogenesis, when 
the female localizes specific messenger RNAs (mRNAs) at either 
the posterior or anterior end of the developing egg. For example, 
bicoid mRNA is localized to the anterior end of the egg and 
forms a gradient of protein in the egg once it has been fertilized 
(with the highest concentration of bicoid protein at the anterior 
end). Mothers lacking functional bicoid gene form embryos in 
which the anterior segments are missing. A reciprocal gradient 
of the nanos protein is also formed, and nanos mutants are 
missing the more posterior regions of their body. The forma- 
tion of these gradients is possible because the early development 
of Drosophila is syncytial, with no cell membranes between the 
nuclei of the early embryo. These gradients of information 
act to control the expression of the various zygotic gap genes, 
which come on in individual, well-defined broad regions along 
the anterior—posterior axis of the embryo. 

The interaction of the gap genes (which are all transcription 
factors) generates the first periodic patterns in the embryo. These 
periodic patterns are stripes of the pair-rule genes. In Drosophila, 
most of the pair-rule genes display a pattern of seven stripes in 
the so-called cellular blastoderm stage of the embryo (at about 
2.5 h after fertilization, when cell membranes form between 
the nuclei transforming the embryo from a syncytial to 
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FIGURE 2 The segmentation hierarchy in Drosophila. The hierarchy is 
composed of the sequential expression of maternal, gap, pair-rule, and 
segment polarity genes. An example of the expression pattern of a single 
member of each class is shown here. The homeotic genes act to give 
regionalization to the segments and are primarily controlled by the gap 
genes, with some input from the pair-rule and segment polarity genes. 


cellular blastoderm). The pair-rule genes are again generally 
transcription factors that regulate the final level of the hier- 
archy, the segment polarity genes. These genes are expressed in 
patterns of segmental stripes and include not just transcription 
factors, but also various receptors, ligands, and enzymes that 
are used in cell-cell communication and to refine and maintain 
the pattern of segments that has been elaborated. 

A final category of genes, the homeotic genes, give identity 
to the segments. Mutations in homeotic genes result in the 
transformation of one or more segments into the identity of 
adjacent segments, and the homeotic genes are primarily 
regulated directly by the gap genes, although pair-rule and 
segment polarity genes also have some control on the precise 
boundaries of homeotic gene expression. All the homeotic 
genes encode a family of closely related transcription factors 
and are organized into two complexes on one of the chromo- 
somes of Drosophila. Figure 2 shows the expression pattern of 
representatives of each of the foregoing classes of genes. 


RELATIONSHIP OF DROSOPHILA SEGMENTATION 
TO SEGMENTATION IN OTHER INSECTS 


Although the genetic analysis of segmentation in Drosophila 
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provided an invaluable insight into the mechanisms of pattern 
formation, earlier manipulative studies in a variety of insects 


suggested that some aspects of segmentation differ among 
the various insects and that indeed Drosophila might be 
somewhat unusual in its mechanisms of segmentation. 
Drosophila is classified as a long-germ insect because various 
manipulative experiments showed that pattern formation was 
achieved very rapidly across the entire length of the embryo 
all at once and without the need for growth. At the molecular 
level, this is reflected in the nearly simultaneous appearance 
of pair-rule gene stripes in the Drosophila blastoderm. Many 
other insects, however, display a short or intermediate germ 
mode of development. In these insect embryos, only the most 
anterior segments are present in the blastoderm (prior to gas- 
trulation), and more posterior segments are added only as the 
embryo elongates at later stages. Insects such as the red flour 
beetle, Zribolium castaneum, and the grasshopper Schistocerca 
americana display this type of development. 

This progressive addition of segments is supported by com- 
parative studies of gene expression. In both Tribolium and 
Schistocerca, the homologues of Drosophila segment polarity 
genes are expressed in stripes as in Drosophila, but the stripes 
appear sequentially as the embryos grow. In Tribolium, all the 
homologues of Drosophila pair-rule genes studied so far are 
expressed in the same pattern as in Drosophila (and prior to the 
expression of segment polarity genes), but again the stripes 
appear sequentially over time as the embryo elongates. In the 
more evolutionarily distant embryos of Schistocerca, however, 
the expression pattern of pair-rule gene homologues differs; 
indeed, some of them are not even expressed in a pattern of 
stripes. This suggests that extensive evolutionary alterations 
have occurred at this step of the segmentation hierarchy, 
although these changes still result in a conserved output of 
segment polarity gene expression. 

The earliest steps of pattern formation are probably even 
more labile during insect evolution. This is not surprising, given 
how variable early embryogenesis can be in insects. For example, 
it is difficult to imagine how a gradient of bicoid protein can 
form in grasshopper embryos, given that the entire thorax and 
abdomen arises as a result of cell proliferation well after the 
blastoderm stage. Recent studies suggest that the bicoid gene, 
a key component of the maternal gradient Drosophila system, 
evolved somewhere within the dipteran lineage. Apparently 
extensive modifications have occurred in the segmentation sys- 
tem in different insect lineages, and these changes may reflect 
adaptive changes in the speed and patterns of oogenesis and 
early embryogenesis in different insect groups. Nevertheless, the 
overall logic of the Drosophila segmentation hierarchy has been 
conserved, not just in all insects, but possibly in all arthropods. 


RELATIONSHIP TO SEGMENTATION IN OTHER 
ANIMAL PHYLA 


Remarkably, many of the genes involved in Drosophila segmen- 
tation and regionalization are well conserved throughout animal 
evolution. In particular, the homeotic genes, which control 
segment identity, are conserved in both structure and function 
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between flies and vertebrates. Some changes in the expression 
patterns of these homeotic genes within insects, however, seem 
to be responsible for some evolutionary alterations in segment 
morphology within this group. Homologues of Drosophila 
segment polarity and pair-rule genes are also well conserved, 
and usually these proteins still play similar biochemical roles, 
but in different developmental contexts. For example, the seg- 
ment polarity gene hedgehog is used in many pattern formation 
steps in vertebrates, such as patterning the dorsal—ventral axis 
of the neural tube, but it has no known function in vertebrate 
segmentation. Recently, however, it has been found that the 
mouse and chicken homologue of a Drosophila pair-rule gene, 
hairy, is involved in vertebrate segmentation. Thus, there is still 
considerable debate about the evolutionary origins of segme- 
nation in arthropods, annelids, and vertebrates, with some 
believing that segmentation is homologous between these 
groups and other believing that segmentation has evolved 
independently in these different animal lineages. 


See Also the Following Articles 
Drosophila melanogaster « Embryogenesis 
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S ericulture is an industry that is characterized by a two-step 
process, the cultivation of mulberry trees and the rearing of 
silkworms on mulberry leaves to produce cocoons. A cocoon 
is an oval- to football-shaped object made by a mature silk- 
worm larva by spinning silk proteins; the silkworm larva 
develops into a pupa inside it. Silkworms are monophagous 
insects, feeding only on mulberry leaves (Moraceae, genus 
Morus). Because the mulberry leaves must be fresh, it is diffi- 
cult to transport them over long distances or store them for 
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long periods. This has resulted in the rearing of silkworms 
and cultivation of mulberry trees generally forming a single 
enterprise. Mulberry tree cultivation starts with the production 
of mulberry seedlings, followed by mulberry tree training, culti- 
vation, harvesting, and insect pest control. Silkworm rearing 
includes preservation of silkworm eggs, management of rearing 
rooms, handling of rearing equipment, prevention of silkworm 
diseases, supplying mulberry leaves, and collecting mature 
larvae to transfer to the cocooning frame. 


ORIGINS OF SERICULTURE 


It is impossible to document when sericulture began. The 
silkworm, Bombyx mori, now has no wild populations; it is a 
completely domesticated insect. The oldest written record of 
sericulture is the Chinese silkworm book Can-jing, which 
states that the queen of the Huang-Di empire started silkworm 
rearing. The Huang-Di era was around 2650 B.c., but seri- 
culture must have been carried out in China in even earlier 
times. From China, sericulture spread via the “Silk Road.” In 
the East, it was introduced into the Korean Peninsula and 
from there to Japan in about the 3rd century B.c. In the West, 
it spread to Central Asia and India and from India to Persia. 
Sericulture is thought to have reached Europe in 550 A.D., 
when silkworm eggs were presented to the Roman Emperor of 
the East. Silk was an important trade item along the Silk Road, 
where it was exchanged for its weight in gold. Commerce in 
silk along the Silk Road also made a major contribution to 
the exchange of Eastern and Western culture. 


THE WORLD’S SERICULTURE INDUSTRY: 
PAST AND PRESENT 


The state of cocoon production worldwide in 1997 compared 
to 1930 indicates that total global cocoon production, 617,910 
tons in 1930 and 620,000 tons in 1997, was almost the same; 
the cocoon-producing countries, however, have changed con- 
siderably. In 1930, Japan ranked first, with a yield of 382,850 
tons, and accounted for 62% of global production. China 
(then the Republic of China), was second with 129,528 tons, 
21% of the world total; Italy ranked third with 53,348 tons 
(8.6%) and the Soviet Union fourth with 15,300 tons (2.5%). 
At that time cocoons were produced almost everywhere in 
the world where the mulberry could be cultivated. 

In contrast, in 1997 China had by far the greatest pro- 
duction, 423,000 tons, with 68.2% of global production. 
India ranked second with 127,000 tons (20.5%), followed by 
Uzbekistan, Brazil, Thailand, Vietnam, and North Korea. 
Cocoon production in Japan, which accounted for 62% of 
world production in 1930, dropped precipitously after 
World War I and today is 2500 tons, a mere 0.4% of the 
world total. The dramatic fall in cocoon production in Japan 
was the result of soaring labor and production costs and low 
cocoon prices compared with other agricultural products. 
Although an aging population of sericulture workers and a 


shortage of replacements were factors, the primary cause of 
the decline in recent years has been the development of large 
differences in cocoon prices between Japan and other 
cocoon-producing countries, such as China and Brazil. 


CURRENT STATUS OF SERICULTURE IN 
DIFFERENT PARTS OF THE WORLD 


From the 1980s to the 1990s the sericulture industry became 
concentrated in Asia. Brazil is the sole country outside Asia 
in which export-quality cocoons are produced. Although seri- 
culture thrived in Europe during the first half of the 20th 
century, particularly in Italy and France, only a very small 
scale production remains in Eastern European countries, such 
as Bulgaria and Romania. The current status of sericulture in the 
principal cocoon-producing countries is briefly described below. 

In China, the provinces of Szechuan, Jiangsu/Chekiang, 
and Goangdong are the three great sericulture regions. Cocoons 
of the wild Chinese oak silkworm, Antheraea pernyi, add to the 
production of silk from B. mori. About 50,000 tons a year of 
wild silkworm cocoons are produced by outdoor rearing in 
mountains and forests, chiefly in the northeast. 

Sericulture suited to each of its regions is carried out nation- 
wide in India, the second largest cocoon-producing country in 
the world, in which production has increased sharply in recent 
years. In the north of India, temperate-region sericulture is con- 
ducted with bivoltine varieties of silkworm, and in the south it 
is being carried out with polyvoltine varieties or hybrids between 
polyvoltine and bivoltine varieties. Many species of wild 
silkworm, including the Tassar silkworm (Antheraea mylytta) 
and the Muga silkworm (Antheraea assamensis), are used for 
sericulture in the northern regions of India. However, seri- 
culture of wild silkworm species remains a manual industry 
from rearing to reeling, not like that of B. mori. 

In Southeast Asia, traditional sericulture industries in 
Thailand, Vietnam, and Laos use tropical polyvoltine varieties 
suitable for clothing. In central Asia, Uzbekistan is the major 
sericulture country ranking third among cocoon-producing 
countries. There, univoltine silkworm varieties are used, and 
sericulture is conducted as a sideline industry to cotton grow- 
ing. The Brazilian silk-reeling industry was started by Italian 
immigrants, and introduction of technology by Japanese silk- 
reeling companies has enabled the production of high-quality 
raw silk thread and silk, and Brazil is now a raw silk thread and 
silk exporter on par with China. In Japan, cocoon production 
amounts to less than 1%; however, Japan consumes about 
25% of global production, ranking second to China. 


MANAGEMENT OF SILKWORM EGGS 


Management of silkworm eggs is one of the most important 
sericultural techniques. In tropical regions where the mulberry 
leaves are available all year, the management of silkworm eggs 
is not particularly important. Polyvoltine strains used in the 
tropics hatch year round and can be reared anytime. However, 
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“thermally balanced” as they have some degree of temperature “matching” — in other 
words, they warm up as quickly as they lose heat during use, so in a primitive way they 
maintain roughly a constant temperature. This type of iron is perfectly acceptable for 
hobby or less demanding professional use. It’s essential to use the manufacturer’s 
specified tips (see later) to maintain proper temperature matching, otherwise the iron may 
not heat up enough — or it may overshoot in temperature. 


These unregulated irons form an ideal general-purpose iron for most users, and they 
cope reasonably well with printed circuit board soldering and general interwiring. 
However, most of these “miniature” types of iron will be of little use when attempting to 
solder large joints (e.g. very large terminals or very thick copper wires) because the 
components being soldered will draw or “sink” heat away from the tip of the iron, cooling 
it down too much and preventing solder from flowing properly. That’s when a higher 
wattage iron is needed. 


A proper temperature-controlled iron will be quite a lot more expensive - retailing 
at say £40 (US$ 60) or more - and will have some form of built-in thermostatic control, to 
ensure that the temperature of the “bit” (the tip of the iron) is maintained at a fixed level 
within reasonable limits. This is desirable during frequent use, since it helps to ensure that 
the temperature will be relatively stable regardless of the workload. Some irons have a 
bimetallic strip thermostat built into the handle which gives an audible “click” in use, and 
some may include an adjustable screwdriver control within the handle as well. Others may 
have electronic controls built in. 


because univoltine and bivoltine silkworms are usually reared 
in temperate and subtropical regions, larval hatch must be 
coordinated with the season when mulberry leaves are avail- 
able. Once the univoltine silkworms are reared, the larvae 
generally do not hatch from the eggs until early spring of the 
next year. Such eggs are called “hibernating eggs.” Artificial 
hibernation activates larvae to hatch by incubating hibernating 
eggs at about 10°C. Hydrochloric acid treatment can be used 
to induce hatching on demand. 


SILKWORM REARING 


Rearing silkworms consists of a series of tasks that includes 
harvesting and transporting mulberry leaves, supplying the 
mulberry leaf, cleaning the rearing beds, mounting the larvae 
so they can spin cocoons, and collecting and shipping the 
cocoons. The goal of silkworm rearing is to produce many 
high-quality cocoons while economizing on labor and material. 
The temperature range in which silkworms can be reared is 7 
to 40°C, but practical rearing occurs in the 20-30°C range. 
Larval period rearing is roughly divided into the young silk- 
worm period (first to third instar) and the grown silkworm 
period (fourth to fifth instar), and the fundamentals of rearing 
of each of them are different. 


Young Silkworm Period 


The growth rate is very high during the young silkworm period, 
especially during the first instar, but this period is character- 
ized by higher susceptibility to bacterial pathogens and malnu- 
trition. The young silkworm period is also physiologically 
characterized by a low quantity of food ingested, but a high 
rate of digestion. The amount of mulberry leaves ingested by 
young silkworms, i.e., first to third instar, is only about 2% 
of the amount ingested during the entire larval period. The 
mulberry leaves provided in this period are finely minced. 

The basic principles of young silkworm rearing are to 
provide relatively high temperatures and high humidity. A 
temperature range of 26 to 28°C is ideal, and as the instars 
proceed, temperature is gradually reduced. The ideal humidity 
is 75 to 90% and is lowered as the instars progress. In advanced 
sericulture countries, rearing of the young silkworms is gener- 
ally carried out in cooperative rearing facilities. 


Grown Silkworm Period 


During the fourth instar silkworms ingest 10% of the total 
amount of mulberry leaves taken, and during the fifth instar 
they ingest approximately 88%. Because the fifth instar is the 
period when the silk proteins for cocoons are actively bio- 
synthesized, an adequate supply of mulberry leaves must be 
provided. When silkworms are reared in temperate regions, at 
high temperatures of 30°C or more, disease or failure to spin 
silk can occur. When fifth instars are mature they start to spin. 
Silkworms discharge a great deal of fluid outside their bodies 
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FIGURE 1 Silkworm larvae (fifth instar) reared on artificial diet. 


with the silk proteins, in addition to that from defecation and 
urination, during the cocoon production, or mounting, period. 


REARING ON AN ARTIFICIAL DIET 


In 1960, an artificial diet for silkworms was developed that 
could successfully sustain them from the first to the fifth 
instar (Fig. 1). The growth of the silkworms and the cocoon 
size obtained, however, were considerably inferior to those of 
silkworms reared on mulberry leaves and therefore this diet 
was inadequate for actual use in sericulture. Following many 
improvements the use of artificial diets during the young 
silkworm period has become widespread, and in 1990 the 
rate of young silkworm rearing on artificial diets in Japan 
exceeded 40%. Japan is is the only country in which artificial 
diets are used for cooperative young silkworm rearing. 


See Also the Following Articles 
Bombyx mori ¢ Commercial Products from Insects ¢ Rearing of 
Insects ¢ Silk Production 


Further Reading 

Hazama, K. (1995). “Sericulture in the Tropics.” Assoc. for Int. Cooperation 
in Agriculture and Forestry, Tokyo. 

Japanese Society of Sericultural Science (ed) (1992). “Fundamental 
Sericulture.” Dainihon Sanshikai, Tokyo. [In Japanese] 

Kuribayashi, S. (1998). Production and utilization of silkworms. Jn “Insect 
Resources in Asia” (Japan Int. Res. Center for Agricultural Science, ed.). 
Assoc. Agric. and Forestry Services, Tokyo. [In Japanese.] 

Tajima, Y. (1978). “The Silkworm: An Important Laboratory Tool.” 
Kodansha, Tokyo. 





Sex Determination 


Michael E Antolin and Adam D. Henk 
Colorado State University 


Ss determination depends upon molecular switches that 
signal whether the male or the female sex-differentiating 
pathway will be followed during development; it can be trig- 
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gered by genetic, epigenetic, or environmental cues. Insects 
display sexual dimorphism, in which males and female differ 
in form, behavior, and/or physiology. Although sex determi- 
nation and developmental pathways leading to two distinct 
sexes are universal within insects, the primary signals that 
trigger sex determination are highly diverse and differ between 
groups. The primary signal for sex determination can entail 
genetic signaling, epigenetic signaling via maternally expressed 
genes or genomic imprinting of genes, or cytoplasmic factors 
like B chromosomes and bacterial infections. The primary 
signals can act alone or in combination. Molecular genetic 
details of sex determination and sex differentiation are known 
mainly from Drosophila, and these are described below. Com- 
parison of sex determination of insects, nematode worms, 
and mammals points to a similar genetic mechanism that 
underlies sex determination: a cascade of gene expression, 
with alternative splicing of key genes and intermediate genes, 
leading to alternative splicing of a double-switch gene that 
ultimately controls differentiation of males and females. In 
insects, it appears that key genes and intermediate genes early 
in the cascade are unique to each group of insects, but genetic 
pathways for controlling sex differentiation after the double 
switch appear to be the same in all insects. Overall, sex deter- 
mination in insects is highly variable among groups, and in 
some groups the mechanisms of sex determination differ 
between populations of a single species (e.g., the house fly 
Musca and the midge Chironomus). 


SEX-DETERMINING SIGNALS 


Patterns of sex determination have been explored since chro- 
mosomes were first described in the late 1800s. By the early 
1900s, it was discovered that many insects have distinct chro- 
mosomes in males and females; the work is best described in the 
comprehensive 1973 book by M. J. D. White, Animal Cytology 
and Evolution. A generality about sex-determining mechanisms 
is that they are tremendously variable among insect orders, 
although considerable variation also can be found within genera 
or even within species. Regardless, some broad categories of the 
primary signal for sex determination can be identified. 

The most common pattern of chromosomal sex determina- 
tion is for females to be the homogametic sex, with two copies 
of one sex chromosome (XX), whereas males are the heteroga- 
metic sex, with two different sex chromosomes (XY). Some 
insect groups (e.g., Lepidoptera, Trichoptera) have the oppo- 
site pattern, in which males are the homogametic sex (ZZ) and 
females are heterogametic (ZW). Y chromosomes are usually 
much smaller than X and do not successfully recombine with 
the X. Unlike mammals, few sex-determining genes are located 
on Y chromosomes. Thus, the Y chromosome has been lost 
entirely in numerous orders of insects, leading to a system in 
which females are XX but males are haploid for sex chromo- 
somes (denoted XO). A molecular genetic mechanism 
interacting with chromosomal sex determination has been 
described in Drosophila, and it entails a “molecular counting” 


mechanism that assesses the ratio of X chromosomes to 
autosomes early in development. Thus, chromosomal sex 
determination may generally depend on this type of genic 
balance, but whether this mechanism is a general feature of 
insects or is unique to Drosophila is unknown. 

Sex chromosomes vary greatly in number and size in insects. 
Translocations and duplications of sex chromosomes are 
common and fall into two general categories. First, in groups 
with XO males, small parts of the X chromosomes may be 
duplicated and form what are called “neo-Y” chromosomes. 
Second, entire X and Y chromosomes may be duplicated, so 
that some species have sexes that are homogametic or heteroga- 
metic, but contain multiple copies of the sex chromosomes. 
For instance, in the oriental rat flea, Xenopsylla cheopis, males 
are X,;X,Y, whereas females are X;X,X5X, although in other 
insect groups it is not uncommon for there to be up to five 
copies of the X chromosome. Multiple sex chromosomes like 
these would change the balance between sex chromosomes 
and autosomes and thus bring into doubt the generality of 
genetic balance as a sex-determining signal. 

Many insects have no identifiable sex chromosomes, but still 
have specific genetic loci encoding genes that act as key sex- 
determining signals. A common pattern is to have a dominant 
sex-determining factor that specifies male development for 
individuals with an //+ genotype, whereas females have a +/+ 
genotype. In this regard, M represents a key gene in a system 
similar to heterogametic sex determination, but lacking sex 
chromosomes that differ in size. House flies (Musca domestica) 
demonstrate further variations of the same theme, in which 
intermediate genes change the sexual phenotype. Another 
dominant genetic factor, & interacts with rare M//M genotypes 
to produce females with an M/M F/+ genotype. Individuals 
with an M/M +/+ genotype develop as males. Finally, some 
house fly populations have epigenetic sex determination via a 
maternally expressed gene. Here, a gene found in females 
determines whether they will produce only female or only 
male progeny, regardless of the genotype of their male mates. 

Haplodiploid sex determination (sometimes called 
arrhenotoky—the production of males) is found in all 
Hymenoptera and Thysanoptera and in some Homoptera and 
Coleoptera. It provides an interesting study of combinations 
of epigenetic and genetic sex determination. In haplodiploidy, 
females arise from fertilized eggs and therefore have the diploid 
complement of chromosomes, whereas males partheno- 
genetically develop from unfertilized eggs and are haploid. 
Recent evidence from the wasp Nasonia indicates that hap- 
lodiploidy can be explained by an epigenetic switch: genomic 
imprinting of sex-determining factors during oogenesis. 
Imprinting renders some female-determining genes inactive in 
eggs during development. If the genomic imprint is removed 
after fertilization, fertilized eggs develop as females. Unfertilized 
eggs would still have inactive female-determining genes and 
would become male. Haplodiploidy represents a case of a key 
sex-determining signal under epigenetic, rather than purely 
genetic, control. 


Many Hymenoptera have an additional mechanism that 
overlays the epigenetic control of haplodiploidy: a single-locus 
genetic sex-determining system called complementary sex 
determination (CSD). CSD is found in sawflies, and in most 
apocritan groups (bees, ants, vespid wasps, ichneumonid 
wasps, braconid wasps), but not in the Parasitica. In this 
system, sex is determined by an individual’s genotype at a 
single genetic locus, and the locus is known to have a large 
number of complementary alleles. As in all haplodiploids, 
males arise from unfertilized eggs and are haploid. If an egg 
is fertilized, however, it will develop as a female only if egg 
and sperm carry two different (complementary) alleles of the 
sex-determining locus. Thus, CSD of females depends upon 
heterozygosity at the sex locus. Ifegg and sperm have the same 
allele, the resulting diploid individual is homozygous at the 
sex locus and develops as a diploid male. Diploid males in 
Hymenoptera are usually inviable or sterile, so that inbreeding 
in species with complementary sex determination has severe 
consequences. The genetic mechanism underlying complemen- 
tary sex determination remains to be discovered. 

Haplodiploidy (arrhenotoky) differs from the case of pater- 
nal genome loss in some Homoptera (scale insects) that have 
haploid males. Under paternal genome loss, both males and 
females arise from fertilized eggs. However, eggs that lose the 
paternal complement of chromosomes early in development 
become male and are haploid. 

Sex determination in insects also can be influenced by fac- 
tors passed vertically through an egg’s cytoplasm. The most 
common appear to be by infection with the bacterium 
Wolbachia, an intracellular parasite that is widespread in 
arthropods. In many cases, Wolbachia infections selectively kill 
one sex early in development and skew sex ratios. Wolbachia 
also induce unisexual parthenogenesis (theletoky) in some 
Hymenoptera. One case of sex determination being modified 
by Wolbachia is known from insects, that of the Asian corn 
borer Ostrinia furnacalis. Supernumerary chromosomes also 
can be passed via the cytoplasm. In the wasp Nasonia 
vitripennis, a B chromosome called paternal sex ratio (psr) 
causes condensation of chromosomes shortly after fertilization 
of eggs. Eggs fertilized by psr sperm develop as haploid males 
rather than as females, and subsequently these males continue 
to transmit the psr B chromosome to future generations. 

Environmental cues affect sex determination, especially in 
reptiles and fish, although few cases are currently known from 
insects. A temperature-sensitive allele of the intermediate sex- 
determining gene transformer (see below) has been described in 
Drosophila, in which high temperature leads to development 
of males. 


GENE CASCADES IN 
SEX-DETERMINING PATHWAYS 


Despite the variety of sex-determining mechanisms described 
above, they have in common that both sex determination 
and sex differentiation ultimately depend on a hierarchical 
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FIGURE 1 A simplified diagram of heterogametic (XX:XY) sex determination 
in D. melanogaster, showing the main genes and proteins contributing to the 
cascade of gene expression leading to development of males and females. This 
is the best understood and most fully explored genetic system of sex deter- 
mination in insects, but is probably unique to D. melanogaster and closely 
related species. Names of genes are in lowercase italics; names of proteins are 
in uppercase. 


cascade of gene expression during development, with 
numerous switches in pathways that eventually lead to 
somatic sexual differentiation and germ-line differentiation. 
Here we describe the hierarchy as it is known from the 
careful work done on Drosophila. The sex-determining 
“trigger” for male development (XY) is an imbalance between 
genes on the X chromosome and one of the autosomes (X:A 
= 0.5), whereas females (XX) have an equal ratio of genes on 
the X chromosome and autosomes (X:A = 1.0). A molecular 
counting mechanism controls early transcription of sexlethal 
(Sxl), the key gene in the sex-determining cascade in 
Drosophila that controls sex determination and dosage 
compensation. Intermediate genes, especially transformer 
(tra), interact with one another to control expression of the 
double-switch gene doublesex (dsx). This pathway controls 
somatic sexual differentiation of male and female 
morphology and behavior, in addition to germ-line 
differentiation leading to mature ovaries and testes. 

In brief, the cascades work as follows (Fig. 1). In females 
(X:A = 1.0), the molecular counting mechanism activates the 
early transcription of Sx/ mRNA. SXL protein produced by 
this mRNA regulates the splicing of subsequent Sx/ mRNAs 
to produce the active female-specific form of SXL (f) protein. 
Active SXL (f) protein regulates splicing of ta mRNA to 
produce female-specific TRA (f) protein. In turn, TRA (f) 
protein interacts with other proteins (not shown) to regulate 
the splicing of dsx mRNA, generating the DSX (f) form. 
DSX (f) protein negatively regulates the genes responsible for 
male somatic sexual differentiation, but allows genes respon- 
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sible for somatic sexual differentiation to produce a morpho- 
logically female fly. 

In male Drosophila (X:A = 0.5), the molecular counting 
mechanism prevents transcription of the Sx/ gene early in 
development. In the next step, the absence of SXL protein 
results in unspliced Sx/ (m) mRNA. This form includes an 
exon with stop codons embedded in its sequence, so that Sx/ 
(m) transcripts make no functional protein. In turn, 
transcripts of the za gene also are not spliced, again resulting 
in nonfunctional protein because of internal stop codons. 
Without TRA protein, there is no alterative splicing of dsx, 
and DSX (m) protein is made. This pathway is the default, 
because of the absence of functional proteins from key and 
intermediate genes early in the pathway. Without these 
proteins, transcription of the double-switch gene dsx results 
in male-specific DSX (m) protein. DSX (m) negatively 
regulates the genes responsible for female somatic sexual 
differentiation, but allows genes responsible for somatic 
sexual differentiation to produce a morphologically male fly. 

Because male and female D. melanogaster have different 
numbers of X chromosomes (males have one X and females 
have two), a mechanism is required to compensate for the 
difference in the number of genes present in the two geno- 
types. This mechanism is known as dosage compensation. In 
male Drosophila, a group of genes collectively known as male- 
specific lethal (msl) genes are active and increase transcrip- 
tion/translation of genes on the single X chromosome. Thus, 
genes on the single X chromosome in males generate approxi- 
mately twice the gene products, which are approximately 
equal to those from genes on the two X chromosomes in the 
female fly. In female Drosophila the SXL (f) protein prevents 
msl genes from acting, and there is no subsequent increase in 
transcription and translation of genes on the X chromosome 
in females. 

A fairly large number of genes also control germ-line sex 
differentiation and the production of egg and sperm. The 
regulation of the genes responsible for germ-line sex differen- 
tiation is poorly understood. Although different forms of 
DSX protein appear to affect the morphology of the sex cells 
in Drosophila, which gene products comprise the “switch” 
that determines the fate of germ cells as either egg or sperm 
remain to be identified. 

Insects other than Drosophila do not use exactly the same 
genetic pathways for sex determination. Not only are sex- 
determining triggers different, but for many insects that have 
been studied some or all of the genes described above either 
do not exist at all or do not perform the same function. In 
addition to Drosophila, the gene Sx/ has been isolated from 
four other Diptera (the fruit fly Bactrocrera, Mediterranean 
fruit fly Ceratitis, phorid fly Megaselia, house fly Musca), but 
in none of these does SXL protein differ between males and 
females. Thus Sx/ is not involved in sex determination in 
these insects, and since no homolog of ¢7a has been found in 
any other insects outside of Drosophila, it is unlikely that the 
same genetic pathway for sex determination exists in other 


insects. On the other hand, the gene dsx appears to be con- 
served in structure and function in Bactrocera, Ceratitis, 
Megaselia, and the silkworm Bombyx mori (Lepidoptera). 
Apparent homologs of dsx can also be found in the nematode 
Caenorhabditis (mab-3) and in mammals (DMT1), and in 
each they have sex-specific functions in somatic sexual differ- 
entiation and/or germ-line differentiation. The control of sex 
determination is highly variable in insects, but control of sex 
differentiation leading to somatic sexual differentiation and 
germ-line differentiation in males and females appears to be 
conserved, with the possibility that genes within pathways of 
sex differentiation of all metazoans have common origins. 


See Also the Following Articles 
Chromosomes ¢ Drosophila melanogaster ¢ Sociality « Wolbachia 


Further Reading 

Baker, B. S. (1989). Sex in flies: The splice of life. Nature 340, 521-524. 

Beukeboom, L. W. (1995). Sex determination in Hymenoptera: A need for 
genetic and molecular studies. BioEssays 17, 813-817. 

Blackman, R. L. (1995). Sex determination in insects. Jv “Insect 
Reproduction” (S.R. Leather and J. Hardie, eds.). CRC Press, Boca 
Raton, FL. 

Bull, J. J. (1983). “Evolution of Sex Determining Mechanisms.” 
Benjamin—Cummings, Menlo Park, CA. 

Cline, T. W., and Meyer, B. J. (1996). Vive la difference: Males vs females in 
flies vs worms. Annu. Rev. Genet. 30, 637-702. 

Hodgkin, J. (1990). Sex determination compared in Drosophila and 
Caenorhabditis. Nature 344, 721-728. 

Marin, I., and Baker, B. S. (1998). The evolutionary dynamics of sex 
determination. Science 281, 1990-1994. 

Schiitt, C., and Nothiger, R. (2000). Structure, function, and evolution of sex- 
determining systems in Dipteran insects. Development 127, 667-677. 
Stouthamer, R., Breeuwer, J. A. J., and Hurst, G. D. D. (1999). Wolbachia 
pipientis: Microbial manipulator of arthropod reproduction. Annu. Rev, 

Microbiol. 53, 71-102. 

Werren, J. H., and Beukeboom, L. W. (1998). Sex determination, sex ratios, 
and genetic conflict. Annu. Rev. Ecol. Syst. 29, 233-261. 

White, M. J. D. (1973). “Animal Cytology and Evolution.” Cambridge 
University Press, London. 





Sexual Selection 


Kenneth Y. Kaneshiro 
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h) exual selection depends on the success of certain individuals over 
others of the same sex, in relation to the propagation of the 
species; while natural selection depends on the success of both sexes, at 
all ages, in relation to the general conditions of life. Sexual selection is 
a struggle between individuals of one sex, generally the males, for the 
possession of the other sex. The result is not death to the unsuccessful 
competitor, but few or no offspring... 


—Charles Darwin, 1859 


HISTORICAL PERSPECTIVES 


Darwin proposed the concept of sexual selection to explain the 
sexually dimorphic characters he observed in a wide diversity 
of organisms. He introduced the concept in On the Origin of 
Species in 1859 and further expanded on his theory in The 
Descent of Man and Selection in Relation to Sex in 1871. The 
development of the theory has been rich in controversies and 
so continues to the present, primarily because of the uncer- 
tainty over how much of the sexual dimorphism present in 
animals is the result of natural selection as opposed to sexual 
selection. 

Notable theoreticians and evolutionary biologists severely 
criticized Darwin’s theory of sexual selection and argued that 
sexual selection was less important than natural selection in 
bringing about evolutionary changes. Until recently, most 
evolutionary biologists accepted the notion that natural 
selection is the most dominant force in the evolutionary 
history of the species. The ubiquity of this view is well under- 
stood when one considers the notion that populations could 
ill afford the incapacity to adjust to the effects of their external 
environment. Even Darwin stated that “sexual selection will 
also be dominated by natural selection tending towards the 
general welfare of the species.” Nevertheless, Darwin stood 
firm in his ideas and stated that his “conviction of the power 
of sexual selection remains unshaken.” 


THEORETICAL CONSIDERATIONS 
Anisogamy and Parental Investment 


The evolutionary origins of differences between the male and 
female sexes lie in what is referred to as anisogamy, which is 
the difference in gamete size between the two sexes. Females 
generally produce a few but large gametes, whereas males pro- 
duce large numbers of much smaller gametes. Furthermore, 
such sex bias in gamete size is also characteristic of the initial 
stages of the evolutionary differences in parental investment, 
because the production of large gametes requires greater 
energetic investment by the female than the smaller male 
gametes. In most species, the male’s investment ends with 
fertilization, while that of females may continue throughout 
the developmental period of the zygote, embryo, and other 
immature stages of the organism. Consequently, the limited 
number of gametes and the greater parental investment of 
the females result in an asymmetry in the degree of sexual 
selection between the two sexes. One might expect females to 
be generally less sexually selected but more selective in their 
choice of males (but see later), with males being under 
stronger sexual selection, hence attempting to mate with as 
many females as possible. It is thought that the males with 
the best territories, the most elaborate structures, the most 
attractive displays (i.e., secondary sexual traits), and so on 
will mate more frequently and therefore will leave more 
offspring. In terms of “investment” then, since it costs 
females much more to produce fewer large gametes than it 
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does males, which produce lots of small gametes, females 
must “choose” mates that will produce the highest quality 
offspring (genetically). 


Competition for Mates 


It has been suggested that Darwin's concept of sexual selection 
may be subdivided into two aspects: “intrasexual selection,” 
which involves competition between members of the same sex 
for individuals of the opposite sex, and “epigamic selection,” 
which is the preferential choice of mates by one sex relative 
to the other. Intrasexual selection is most evident in males 
and perhaps can be best illustrated in species that display lek 
mating behavior. In such species, males compete among 
themselves for territories to which receptive females are 
attracted strictly for the purpose of mating (i.e., the territories 
do not provide other resources such as food or egg-laying 
substrates). In some species, a dominance hierarchy is estab- 
lished among the males that may be participants in a lek system 
and as a rule, the males able to occupy and defend the “best” 
territories will have access to most of the females that arrive 
at the lek. Epigamic selection, which is also referred to as “inter- 
sexual selection,” is primarily an attribute of females, since the 
female sex ultimately discriminates among males and exercises 
choice of mating partners. Curiously, in most lek species, even 
though the most dominant males are successful in defending 
what seem to be the best territories in the lek system (as evi- 
denced by the number of females that arrive at the territories of 
such males), males nevertheless perform an elaborate courtship 
ritual before mating occurs. Sometimes a female indeed rejects 
a dominant male’s courtship and mating attempts, moves to 
an adjacent territory, and eventually mates with a subordinate 
male. Such occurrences illustrate that although fierce intra- 
sexual selection among males can occur in competition for 
mating territories, epigamic selection based on female choice 
is the ultimate determinant of mating success among males, 
and thus intrasexual selection is not necessarily linked or 
correlated with epigamic selection. That is, a dominant male 
that is able to occupy and defend a prime mating territory, 
must, nevertheless perform courtship displays, which may or 
may not be acceptable to receptive females. 


Runaway Sexual Selection Model 


Darwin himself recognized a serious gap in his ideas of sexual 
selection and stated: “Our difficulty in regard to sexual selection 
lies in understanding how it is that the males which conquer 
other males, or those which prove the most attractive to the 
females, leave a greater number of offspring to inherit their 
superiority than their beaten and less attractive rivals. Unless 
this result does follow, the characters which give to certain 
males an advantage over others could not be perfected and 
augmented through sexual selection.” Critics ridiculed 
Darwin’s ideas and sarcastically implied that Darwin would 
not be able to prove his theory. 
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FIGURE 1 The runaway sexual selection model: (A) distribution of mating 
types segregating in the population, (B) strong sexual selection and elaboration 
of male trait that confer mating success, and (C) opposing forces of natural 
selection, which select for optimum phenotype for a particular environment. 


The oftentimes sarcastic attacks against Darwin's sexual 
selection theory challenged theoreticians to develop alternative 
hypotheses for the evolution of female preference for, and the 
evolution of, secondary sexual traits in males. The most notable 
of these hypotheses is the “runaway selection” model, according 
to which it was inferred that the evolution of a sexually dimor- 
phic character in males could result in a correlated response in 
the female’s preference for that character. The model predicted 
that female choice and male characteristics influenced by sexual 
selection would coevolve very rapidly in an interbreeding 
population. The runaway selection model presumed that two 


forces act to counterbalance the runaway process of sexual selec- 
tion. That is, female preference for a certain male character, 
whether morphological or behavioral, tends to select for extreme 
forms of that character until natural selection exerts its forces 
to maintain the optimum male phenotype that is best able to 
survive in its particular environment. In an article published in 
1972, Ernst Mayr stated that “natural selection will surely come 
into play as soon as sexual selection leads to the production of 
excesses that significantly lower the fitness of the species.” 

The paradox of the runaway sexual selection model is that 
the opposing forces of sexual selection for elaboration of con- 
spicuous male traits and natural selection, which maintains 
the optimum condition for the particular environment, result 
in reduced genetic variation for such male characters (Fig. 1). 
However, without genetic variation, selection can no longer 
occur; and unless secondary sexual characters either are linked 
to or are pleiotropic effects of other components of fitness, 
such conspicuous characters would be energetically costly to 
produce, and individuals possessing such traits would be in 
greater danger of predation. 


The Differential Selection Model 


In 1989, in an attempt to provide an alternative explanation 
for the maintenance of secondary sexual characters observed 
in males, Kaneshiro proposed a model based on his research 
on the mating behavior of Hawaiian Drosophila species. He 
suggested that there is a range of male mating types segregating 
within an interbreeding population. That is, some males in 
the population are highly successful in mating and often 
accomplish the majority of the matings in the population. 
Other males are less successful and in fact may not mate at 
all, despite being given the opportunity to do so with several 
receptive females. Similarly, among females, there are those 
that exhibit higher levels of mating receptivity thresholds and 
strongly discriminate against most of the males in the popu- 
lation. In the same population, there are also females that 
exhibit lower receptivity thresholds and seem to accept the 
courtship overtures of most of the males in the population. 
Observations of mating experiments of Hawaiian 
Drosophila both in the laboratory and in the field indicate 
that the most likely matings are between males that are most 
successful in satisfying the courtship requirements of females 
and females that are not extremely choosy in selecting mating 
partners. The genetic correlation between these two behay- 
ioral phenotypes in the two sexes (i.e., highly successful males 
and less choosy females) generates the entire range of mating 
types in both sexes in subsequent generations (Fig. 2). In this 
model then, there is differential selection for opposite ends of 
the mating distributions in the two sexes and therefore, sexual 
selection itself serves as the stabilizing force in maintaining a 
balanced polymorphism in the mating system of the popu- 
lation. Hence, it is not necessary to invoke the forces of natural 
selection to counterbalance the elaboration of secondary sexual 
characters as required in the runaway sexual selection model. 
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FIGURE 2 Differential sexual selection model, which shows that matings 
between less choosy females and successful males generate the entire range of 
mating types in each successive generation. 


SEXUAL SELECTION IN INSECTS 


Different patterns of sexual selection that have been observed 
can be illustrated by descriptions of sexual selection in a few 
insect species. This is certainly not a comprehensive review, 
since space constraints allow only a very few examples to be 
discussed. Several books present a more in-depth discussion 
of sexual selection systems in insects, and the reader is 
referred to such treatments. 


Lek Behavior in Hawaiian Drosophila and Other 
Dipteran Species 


In an article published in 1997, Shelly and Whittier list the 
following criteria in defining a lek species: “(1) the absence of 
male parental care, with males contributing nothing but 
gametes to the female; (2) the existence of a mating arena in 
which most matings occur; (3) male territories that contain no 
resources vital to females; and (4) the opportunity for females 
to freely select a mate in the arena.” These authors also recog- 
nize two types of male mating aggregations involved in lek 
mating species: substrate-based, where males spend most of the 
time perched at stations or territories to which females are 
attracted for mating (although mating may occur in the air), 
and aerial aggregations or swarms, in which males are usually in 
continuous flight and matings are typically initiated in the air. 

In the mating system of the Hawaiian Drosophilidae, males 
take up station either on the underside of leaves, one male to 
a leaf, or on branches of understory shrubs. Resident males 
aggressively defend territories from intruding males with fierce 
battles (Fig. 3), which in some species resemble sumo wrestling 
bouts. In the lek mating system of the Mediterranean fruit fly, 
Ceratitis capitata (Diptera: Tephritidae), males occupy and 
aggressively defend the underside of leaves of host plants as 
mating territories to which females are attracted solely for the 
purpose of mating. Once a female has arrived at the mating 
arena, the males of both the Mediterranean fruit fly and the 
drosophilids display complex courtship behaviors, which may 
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FIGURE 3 Males of the native Hawaiian Drosophila, D. heteroneura, in 
head-to-head, wingtip-to-wingtip posture, defending a territory to which 
females are attracted solely for the purpose of mating. The “hammerhead” 
shape of the males appears to be a result of sexual selection for this behavioral 
display among males in a lek mating system. 


or may not result in acceptance by the female. This means that 
successful aggressive behavior is not necessarily linked to or 
correlated with successful mating behavior. That is, a male that 
is successful in occupying and defending prime mating territo- 
ries still must perform a courtship sequence that is acceptable by 
the females to ensure mating success. In some cases, the alpha 
male (i.e., the male that is most successful in defending a prime 
mating territory) is not successful in mating despite numerous 
visits by receptive females. Thus, at least for the drosophilids and 
tephritid fruit flies, although success in intrasexual selection 
among males may mean increased opportunity to encounter 
receptive females, the ultimate criterion for successful mating 
is epigamic selection based on female choice (Fig. 4). 


Resource-Based Sexual Selection in the Scorpionfly 


The mating system of the scorpionfly, Hylobittacus apicalis 
(Mecoptera: Bittacidae), provides another excellent example 
of intrasexual and epigamic sexual selection. Here intrasexual 
selection is evidenced by the competition among males for 
arthropod prey, which are offered to females as nuptial gifts. 
Males able to acquire such resources will have greater access 
to receptive females. It has also been shown that the size of 
the nuptial prey plays an important role in epigamic selection. 
Females apparently have the ability to evaluate the males based 
on the size of the nuptial gift, on which they feed during 
copulation. Females prefer males with a large prey versus males 
that offer smaller prey. Such preference results in an increased 
number of eggs oviposited as well as the survivorship of the 
female. Essentially, size of prey is correlated with the length 
of the copulation. It was shown that at least 5 min of mating 
is required before any sperm is transferred to the female and 
that copulation duration ranging between 5 to 20 min is 
directly correlated with the number of sperm transferred. Thus, 
when a male offers and the female accepts a large nuptial gift, 
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FIGURE 4 Courtship display of a native Hawaiian Drosophila, D. clavisetae. 
While in a “scorpion-like” posture, the male produces a pheromone bubble 
and wafts (a row of apically flattened bristles near the terminal end of the 


abdomen serves as a “fan’) the chemical stimulant toward the female by 
vibrating his abdomen in an up-and-down motion toward the female. The 
courtship “dance” also involves visual cues (striking white face and wing 
markings are sexually dimorphic characters), tactile cues (female “kisses” the 
extended proboscis of the male), as well as acoustical cues. Despite the 
complex courtship displays and considerable effort on the part of the male, 
sexual selection via female choice (i.e., epigamic selection) plays a powerful 
role in determining mating success. 


the male is provided an opportunity to transfer a complete 
quantity of sperm. In some cases, if the prey is large enough, 
the males may end the mating with the first female to be able 
to use the prey as a gift for a second female. Furthermore, a 
male that mates for 20 min or longer introduces a substance 
into the female’s reproductive tract that renders the female 
sexually nonreceptive and stimulates oviposition. Females 
that mate for less than 20 min because of small prey size will 
continue to seek males with larger prey. 

Thus, H. apicalis females may either reject males with 
small prey or mate with them for only a brief period, feeding 
on the prey but receiving few or no sperm. Females may then 
seek males that can offer larger prey, which will increase the 
likelihood of a sperm transfer adequate to fertilize her full 
complement of eggs. Such female preference for males that 
can offer larger, nutrient-rich prey, which influences the 
number of offspring produced, has clearly shaped the 
evolution of male behavioral components in this species. 
Since insect prey is a limited resource, as evidenced by the 
small number of males (~ 2—0%) that are carrying prey at any 
one moment, there is competition among males in securing 
prey. Males that are successful in securing a gift are not 
guaranteed to reproduce, since females discriminate against 
prey-bearing males that offer small prey. On the other hand, 
males that are able to secure sufficiently large prey may be 
able to mate with more than one female. 

Female choice for prey-bearing males has apparently 
resulted in the evolution of other male behaviors. For example, 
it has been shown that males foraging for prey are more 
prone to predation and that males are 2.3 times more likely 
to be trapped in spider webs than females. Because hunting 
for prey can be hazardous, H. apicalis males can employ an 
alternative tactic of securing prey, namely, thievery. Some 


males fly to calling males and mimic female behavior—for 
example, perching next to a prey-bearing male and waiting for 
the gift to be presented, as if to a real female. If the ruse works, 
the thief will snatch the prey and use it to attract and feed a 
female without having to spend energy in a risky search of 
prey of his own. Thus, it would seem that sexual selection has 
played an important role not only in the evolution of nuptial 
gift giving in males but also in the development of female- 
mimicking behavior and prey stealing as an alternative strategy 
to minimize predation pressure. 


THE ROLE OF SEXUAL SELECTION 
IN SPECIATION 


Two decades ago, Mayr remarked: “Speciation. ..now appears 
as the key problem of evolution. It is remarkable how many 
problems of evolution cannot be fully understood until spe- 
ciation is understood....” Over the past 20 years, there has 
been renewed interest in the process of speciation, initially to 
address arguments advanced by the proponents of the 
punctuated equilibrium model of macroevolution but also to 
revisit the definition of a species. At least two books address 
questions of speciation and the evolutionary processes of 
species as populational units of biological diversity. It is not 
the intent of this chapter to discuss the various models of 
speciation. Speciation and Its Consequences edited by Otte and 
Endler, published in 1989, and Speciation and the Recognition 
Concept edited by Lambert and Spencer, published in 1995, 
offer comprehensive reviews of this topic. 

In 1997 Hampton Carson suggested that when demo- 
graphic circumstances force populations to pass through a 
size bottleneck, the sexual selection system is temporarily 
disorganized by genetic recombination and the consequences 
of small population effects. As the population builds back up 
to restore efficient mate choice, novel genetic recombinants 
may be generated that in turn may lead to “novel selective 
change over a relatively small number of generations...” and 
that “the new population may thus be driven to undergo 
progressive genetic change under sexual selection.” 

Based on results of mating experiments on Hawaiian 
Drosophila species, Kaneshiro formulated a hypothesis, that 
may provide an intuitive explanation for what Carson referred 
to as the “driver of genetic change.” Kaneshiro suggested that 
under conditions of drastic population reduction, there is even 
stronger selection for less choosy females in the population, 
since highly discriminant females may never encounter males 
that are able to satisfy their courtship requirements. If the 
bottleneck condition persists over a few generations, there will 
be a shift in the distribution of mating types in the population 
until a significant increase in frequency of less choosy females in 
the population has occurred. (Fig. 5). Such a shift in the distri- 
bution of mating types may be accompanied by a correspon- 
ding shift in the gene frequencies in the population, resulting 
in the destabilization of the coadapted genetic systems that 
had. evolved in the population. The resulting destabilized 
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FIGURE 5 Under conditions of reduced population, there is strong selection 
for less choosy females, since choosy females may never encounter males able 
to satisfy their courtship requirements. 


genetic environment thus sets the stage for genetic changes 
conducive to the speciation process. That is, the breakup of 
coadapted sets of genes allows the generation of novel genetic 
recombinants, some of which may be better adapted to the 
environmental conditions that led to population reduction. 
Thus, the dynamics of the sexual selection system can play an 
extremely important role in the speciation process as well as 
in the maintenance of genetic variability in the population 
on which the forces of natural selection can operate. 

In the evolution of island biota such as that of the Hawaiian 
Islands, the most likely mode of speciation is what evolution- 
ary biologists call founder event speciation. For insect groups 
such as the Hawaiian Drosophilidae, the most probable 
scenario is that a single fertilized female may be blown to an 
adjacent island, there to establish a new colony. For a number 
of generations, during the initial stages of colonization when 
the population size is small, there would be strong selection 
for females that are less choosy in selecting mates, once again, 
because females that are too choosy may never encounter 
males able to satisfy their courtship requirements. Therefore, 
within a few generations, there would be a shift in the dis- 
tribution of mating types toward an increased frequency of 
less choosy females, resulting in a significant shift in gene fre- 
quencies followed by a destabilization of the coadapted genetic 
system. Genetic recombinants better adapted to the new 
habitat may be generated and strongly selected, especially if 
these genotypes are linked or correlated with the genotypes of 
the less choosy females. Thus, at least during the initial stages 
of colonization immediately following the founder event, the 
dynamics of sexual selection may play a significant role in 
generating a genetic environment in the population that is 
conducive to the formation of new species. 


THE ROLE OF SEXUAL SELECTION 
AND NATURAL HYBRIDIZATION 


It has been suggested that the dynamics of the sexual selection 
process also provides the opportunity for occasional natural 


1037 


Sexual Selection 


hybridization and permits the “leakage” of small amounts of 
genetic material from a related species without destroying the 
integrity of the separate gene pools. When the population is 
small and there is a shift in the distribution of mating types 
toward an increase in frequency of less choosy females, such 
females in the population may occasionally accept males of a 
related species, which may be less susceptible to the environ- 
mental stress conditions. Genes that may be resistant to the 
conditions responsible for reducing the population size may 
be strongly selected, especially if such genes are linked to the 
genotypes of the less choosy females. Therefore, natural 
hybridization as permitted by the sexual selection process 
may do more than play an important role in replenishing 
genetic variability that may be lost owing to drift when 
population size is small; it may also provide a process by 
which resistant genes are transmitted between populations. 


CONCLUDING REMARKS 


The differential sexual selection model discussed here and its 
role in the processes of speciation may provide a possible expla- 
nation of how genetic variability may be not only maintained 
but actually enhanced. The generation of novel genetic recom- 
binants and the selection for genotypes that are better adapted 
to changing environmental conditions are enhanced by the 
sexual selection system in the population, especially when sub- 
jected to population bottlenecks. It is suggested that sexual 
selection is a dynamic process, influenced by density-dependent 
factors, that enables populations to overcome environmental 
conditions that result in drastic reduction in population size. 
Shifts in the distribution of mating types when population sizes 
are small can generate a genetic environment producing novel 
recombinants able to respond to the environmental stress 
imposed on the population. Sexual selection influences the 
levels of genetic variability generated via novel genetic recom- 
binants resulting from a reorganization of the genome, and via 
natural hybridization that is permitted by the sexual selection 
model. Thus, the biology of small populations and the dynam- 
ics of the sexual selection process are important aspects of 
evolutionary biology and the biology of insect populations in 
general. A better understanding of the role of sexual selection 
would provide important insights into the mechanisms of 
species formation as well as enabling us to develop more effec- 
tive management programs, not only for pest populations but 
also for the conservation of rare and endangered insects. 


See Also the Following Article 
Mating Behaviors 
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S ilks are highly expressed proteins produced by insects and 
spiders. The ability to produce silk proteins has evolved 
multiple times in the arthropods via two different pathways. 
Silks secreted via cuticular glands are produced by either 
immature or adult insects regardless of developmental mode; 
silk secretion via systemic and dedicated silk glands is present 
only in larval insects whose development is holometabolous. 
The first use of silks by insects was for reproduction; later 
uses were for protection and foraging. 


THE MULTIPLE EVOLUTIONARY PATH WAYS 
OF SILKS 


Phylogenetic comparison across insect taxa suggests that the 
ability to secrete fibrous proteins is a primitive feature of the 
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FIGURE 1 Silks produced by hexapod adults. Silk production among hexapod 
adults is less common than among larvae and all silks are secreted from glands 
that evolved for some other primary purpose. Most frequently, adult insects 
produce fibrous proteins in colleterial glands. (Reprinted, with permission, 
from the Annual Review of Entomology, Vol. 45, © 2000, by Annual Reviews, 


www.annualreviews.org.) 


hexapods, hence ancestral to all insect taxa. More specifically, 
silk production evolved first among adult hexapods, and silks 
were used during reproduction (Fig. 1). Among larvae, silk 
production evolved sporadically (Fig. 2). All the derived, 
holometabolous insect larvae produce silk proteins, which 
they use for protection. 

The evolution of silk-producing glands is equally complex. 
At least five taxa of adult insects produce silks in colleterial 
glands, and colleterial silk production has been lost and 
regained at least once. Among immatures, silk production in 
Malpighian tubules evolved early in the Ephemeroptera, then 
was lost and later reappeared sporadically (Neuroptera, 
Coleoptera, Hymenoptera) across the insect orders. Labial 
silk glands evolved only twice, once in the Psocoptera and 


later in the derived, holometabolous insect larvae (Fig. 2). 
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FIGURE 2 Phylogenetic analysis of silks produced by hexapod larvae. Silk 
production is common among hexapod larvae. The most prolific silk 
producers, the Embiidina and Lepidoptera, have evolved dedicated silk 
glands. (Reprinted, with permission from the Annual Review of Entomology, 
Vol. 45, © 2000, by Annual Reviews, www.annualreviews.org.) 
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hobby or educational applications provided you take the usual anti-static precautions when 
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circumstances, to carry away any static. 


Only the Embiidina and the Diplura have the ability to 
produce silks throughout their life. The Diplura produce 
silks in their anal glands, and the Embiidina draw silks from 
specialized dermal glands. 


SILK PROTEINS AS SECONDARY PRODUCTS OF 
OTHER SECRETORY SYSTEMS 


For most insect groups, silks evolved as secondary products of 
insect reproductive and excretory systems and were first used 
for reproductive purposes. For example, males in the primitive 
Apterygote order Thysanura (the bristletails) produce protein 
secretions in accessory genital glands. The secretions are drawn 
into threads used to restrict females during mating. Female 
mantids (Mantoidea: Mantidae) produce colleterial gland silks 
they use to protect their eggs, as does the beetle Hydrophilus 
piceus (Hydrophilidae). Green lacewings, Chrysopa flava 
(Neuroptera: Chrysopidae), produce colleterial gland silks 
from which they construct an egg sac stalk. Colleterial gland 
silks are characterized as having either a cross-B or o.-helical 
configuration (Figs. 3 and 4). Except for those produced by 
male Thysanura, none of the colleterial gland silks are delivered 
through a specialized spinning organ. Furthermore, only adult 
insects produce silks in their colleterial or accessory genital 
glands, perhaps a reflection of their uses and their link to 
reproductive physiology. 

Silks as secondary secretions are also produced in some 
insect excretory systems, primarily by larval insects in the 
Hymenoptera, Coleoptera, and Neuroptera. In most cases their 
silks are used for protection. Larvae of the phylogenetically 
primitive stingless bee Plebeia droryana and the bumble bee, 
Bombus atratus, bind cocoon silks (produced in modified labial 
glands) with Malpighian tubule secretions. In contrast, Hypera 
postica (Coleoptera) produce cocoons from Malpighian silks 
(cross-B conformation) that are characterized by loosely fabri- 
cated networks of coarse brown fibers. Larvae in the phyloge- 
netically primitive neuropteran taxa Megaloptera and 


Schematic Representations of Silk Structures 
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FIGURE 3 Schematic representations of silk structures. (A) The primary unit 
of an O-helical protein is a polypeptide chain that assumes the conformation 
of a rodlike coil stabilized by hydrogen bonds that form within the silk 
backbone. (B) B-Pleated silks are composed of polypeptide chains that are 
aligned side by side in a parallel or antiparallel configuration along the fiber 
axis. (C) Cross- pleated sheet silks are a subset of the parallel fibroins whose 
polypeptide strands are oriented perpendicular to the fiber axis. 
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Raphidioidea produce Malpighian silks as well, but their con- 
formations have not been identified. Insects in the Neuroptera 
produce silks both as larvae and adult but they are products of 
different organs. For example, Malpighian silks are produced 
by larval chrysopids while adults produce colleterial gland 
silks. Like most colleterial gland silks (except for those of the 
Thysanura), none of the silks produced in insect Malpighian 
systems are delivered through a specialized spinning organ. 
Orthopterans in the superfamily Gryllacridoidea (not 
included in the final phylogenetic analysis because of poly- 
tomy) are unique among in the Orthoptera in that they produce 
labial gland secretions throughout their lives. Although, like 
many fibrous proteins, their molecular structure has not been 
determined, they have been identified as silks on the basis of 
their general appearance. Camptonotus carolinensis uses silks to 
roll and bind leaves together; Cyemotettix sp. constructs a 
vertical, cylindrical burrow in which it “sews” small packets of 
sand grains that it fits into the burrow ceiling or wall; and 
Bothriogryllacris brevicauda uses silks to tie a pebble or soil 
cap to seal off its burrow and protect it against desiccation. 


SILK PROTEINS AS PRIMARY PRODUCTS OF 
SILK-SPECIFIC GLANDS 


Silks produced in dedicated silk glands are used mainly for 
protection. Character reconstruction shows that except for 
the silks produced by Siphonaptera, all labial gland silks are 
some type of parallel-B fibroin. Furthermore, except for the 
Embiidina and a few Psocoptera, the only insects that produce 
labial gland silks are insects whose development is 
holometabolous. Labial gland silks have evolved in some of the 
hemipteroid insects and insects in the Psocoptera have silk 
glands similar to those of caterpillars. In particular, Psocidae 
cover their eggs with silks, Philotarsidae spin webs singly or 
gregariously in small groups, and Archipsocidae spin extensive 
webs covering trunks and branches of large trees. Representa- 
tives of all endopterygote insect orders (Hymenoptera, Diptera, 
Siphonaptera, Trichoptera, and Lepidoptera), are character- 
ized by the ability to produce labial gland silks. 


SUMMARY 


All silk proteins are produced in cells whose lineage is ecto- 
dermal. Most insects produce silk proteins in glands that have 
been modified from some other function. Silks evolved first for 
reproductive purposes and were produced in the anal and 
colleterial glands. Later, silks were used for protection and were 
derived from larval Malpighian tubules and labial glands. 
Although more ancestral insects produce silks in colleterial 
glands and Malpighian tubules that are characterized by an 
o-helical or cross-B conformation, holometabolous larvae 
produce labial gland silks characterized by parallel-B confor- 
mations. Only the paurometabolous Embiidina are able to 
produce silks characterized by a parallel-B conformation 


throughout their life (Fig. 4). 
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FIGURE 4 Structural configuration of silks produced by hexapods. In most 
cases the structural configuration of silks produced by hexapods has not been 
determined. The Hymenoptera produce the greatest diversity of silks. 
Parallel-B silks evolve only in hexapods that are able to produce both their 
peculiar molecular sequence and also a means of shearing the protein upon 
secretion. 


All of the parallel-B silks are pulled (spun), in contrast to 
the o-helical and cross-B silks, which are deposited, secreted, 
or ejected. Among insects, labial gland silks evolved late in the 
hexapod clade, and these glands are found only among the 
larvae of insects characterized by holometabolous development. 
The tarsal silk glands of the Embiidina represent a unique 
evolutionary event in the history of the hexapods. All hexapod 
silk delivery systems or “spinnerets” are simple cuticular hard- 
enings or pores. 


This article was adapted, with permission, from the Annual Review of 
Entomology, Volume 42, © 1997, by Annual Reviews: www.annualreviews.org. 


See Also the Following Articles 


Accessory Glands « Bombyx mori ¢ Embiidina e Salivary 
Glands ¢ Sericulture ¢ Spiders 


Further Reading 

Craig, Catherine L. (1997). Evolution of arthropod silks. Annu. Rev. 
Entomol. 42, 231-267. 

Lucas, E, and Rudall, K. M. (1968). Extracellular fibrous proteins: the silks. 
In “Comprehensive Biochemistry.” (M. Florkin and E. H. Stotz, eds.), 
pp. 475-558. Elsevier, Amsterdam. 

Rudall, K. M., and Kenchington, W. (1971). Arthropod silks: the problem 
of fibrous proteins in animal tissues. Annu. Rev. Entomol. 16, 73-96. 
Sehnal, E, and Akai, H. (1990). Insect silk glands: their types, development 

and function, and effects of environmental factors and morphogenetic 
hormones on them. Int. J. Insect Morphol. Embryol. 19, 79-132. 
Stehr, E W. (1987). “Immature Insects.” Kendall/Hunt, Dubuque, IA. 





Silverfish 


see Zygentoma 





Siphonaptera 
(Fleas) 


Michael W. Hastriter and Michael E Whiting 
Brigham Young University 


he Siphonaptera are laterally compressed, wingless, holo- 

metabolous insects. The order contains approximately 
2575 species. All species are parasitic in the adult stage and 
possess mouthparts modified for piercing and sucking, highly 
modified combs and setae on their body and legs, and legs that 
are modified for jumping. Some species are vectors of disease, 
and current research is providing important insights into flea 
phylogeny and evolution. 


EARLY RESEARCH ON FLEAS 


Fewer than 100 species of fleas had been described prior to the 
end of the 19th century. In 1898 it was demonstrated that fleas 
were capable of transmitting plague organisms and, later, 
murine typhus, which stimulated a frenzy of flea studies. In the 
early 20th century, A. C. Oudemans, Julius Wagner, Nathan 
C. Rothschild, and Karl Jordan made major contributions. 
Karl Jordan is recognized as “the father of flea systematics.” 
From 1953 to 1971, G. H. E. Hopkins and M. Rothschild 
published a comprehensive five-volume series on flea 
systematics, and three additional companion volumes were 
published for the remaining families by Mardon in 1981; 
Traub, Rothschild, and Haddow in 1983; and Smit in 1987. 
Robert Traub described 153 flea taxa and provided critical 
insights into flea phylogeny, convergent evolution, and 


zoogeography. Today there are only a few flea specialists with 
knowledge of the global flea fauna. 


FOSSIL RECORD 


Fossils of fleas are extremely rare. Three extinct species 
(Palaeopsylla baltica, Palaeopsylla dissimilis, Palaeopsylla 
klebsiana) have been reported from Baltic amber and a single 
specimen (Pulex larimerius) has been reported from Dominican 
amber. The former three species belong to an extant Palaearctic 
genus, whereas the latter belongs to an extant genus in which 
five species are confined to the Nearctic and Neotropical 
regions and a sixth is cosmopolitan (Pulex irritans). 


ZOOGEOGRAPHY 


Current distribution of flea families suggests an ancient origin, 
possibly in the Jurassic period (>140 mya). In general, families 
endemic to the boreal continents (North America, Europe, 
Asia) are predominantly Ceratophyllidae, Hystrichopsyllidae, 
Leptopsyllidae, Vemipsyllidae (Holoarctic), Coptopsyllidae 


(Palaearctic), and Ancistropsyllidae (Oriental), whereas families 
endemic to the southern continents (Australia, South America, 
Africa, Antarctica) include Malacopsyllidae, Rhopalopsyllidae 
(Neotropical), Stephanocircidae, Pygiopsyllidae (Australian and 
Neotropical), and Xiphiopsyllidae and Chimaeropsyllidae 
(Ethiopian). The families Ctenophthalmidae, Ischnopsyllidae, 
and Pulicidae are more broadly distributed in both the 
Northern and the Southern Hemispheres. 


CLASSIFICATION 


The approximately 2575 species recognized in the order 
belong to 244 genera. The most recent review of the order by 
Lewis in 1998 recognizes 15 families. Several classifications 
published in recent years have substantially conflicting 
treatments of superfamilial relationships. 


PHYLOGENY 


Siphonaptera is a neglected holometabolous insect order from 
a phylogenetic standpoint. The major obstacle in deciphering 
flea phylogeny has been their extreme morphological special- 
izations associated with ectoparasitism, which hamper the 
systematist from homologizing characters across taxa. The 
majority of characters used for species diagnoses are of limited 
use for phylogenetic reconstruction. Siphonaptera appears to 
have many instances of parallel reductions and modifications 
associated with multiple invasions of similar hosts, further 
obscuring homology. Recent molecular analyses have provided 
some insight into flea phylogeny. Ceratophylloidea (Cerato- 
phyllidae + Leptopsyllidae + Ischnopsyllidae) is a mono- 
phyletic group, and the families Pulicidae, Ceratophyllidae, 
and Ischnopsyllidae are also each monophyletic. However, 
Leptopsyllidae and Ctenophthalmidae are paraphyletic 
assemblages. It is still unclear which flea group is most basal. 


EVOLUTION 


Traditional phylogenetic hypotheses favored an origin of fleas 
from the Diptera or Mecoptera but did not pinpoint the 
actual sister group. Current evidence suggests that the closest 
living relative to the fleas is a single mecopteran family, the 
snow fleas (Boreidae). This relationship is supported by the 
presence of unusual proventricular spines, a suite of ovariole 
characters (shared only by fleas and boreids), DNA sequence 
data, and other morphological and molecular characters. 
This new phylogenetic hypothesis presents a novel scenario 
for the evolution of fleas from a mecopteran ancestor. In 
Boreidae, females are wingless and males have the forewing 
reduced and modified into hooks, used for grasping the 
female during copulation. In addition, boreids have the ability 
to jump in a manner that appears similar to that of fleas. 
Boreids emerge as adults only during winter months and are 
closely associated with mosses, and, like many other winter 
insects, the reduction and the loss of wings reduce the body 
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surface area and are probably an adaptation to the cold. The 
ability of boreids to jump facilitates movement on soft, fluffy 
snow and is also probably an adaptation to this extreme 
environment. When the boreid—flea ancestor shifted from a 
snowy, mossy habitat to the nest of a host animal, it would 
have lost its wings and acquired the ability to jump. These 
adaptations allowed fleas to move efficiently through the 
host’s fur and between hosts. As further adaptations to a 
parasitic life, modifications to the primitive flea include 
lateral flattening, the development of sucking mouthparts, 
and the development of elaborate combs and setae. 


MEDICAL AND VETERINARY SIGNIFICANCE 


Fleas are capable of transmitting disease organisms to humans, 
including plague (Yersinia pestis) and murine typhus (Rickettsia 
typhi). They have also been implicated in the transmission of 
Q fever (Coxiella burnetti), tularemia (Franciscella tularensis), 
listeriosis (Listeria monocytogenes), salmonellosis, cat scratch 
fever (Bartonella henselae), and possibly Carrion’s disease 
(Bartonella bacilliformis). Several tapeworms occasionally 
infect humans who accidentally ingest fleas containing the 
intermediate stage (cysticercoid) of the tapeworms, including 
the double-pored dog tapeworm (Dipylidium caninum) and 
several tapeworms of rats (Hymenolepis diminuta, H. nana). 
Fleas also transmit a protozoan blood parasite (Trypanosoma 
lewisi) among rodents and a filarial worm (Dipetalonema 
reconditum) among dogs. Fleas are notorious for their biting 
and burrowing habits that cause intense itching and annoyance. 


BIOLOGY 


Detailed bionomic studies are available for only a small number 
of known flea taxa, so the following concepts are based on 
generalities found within the order. 


Life Cycle 


Fleas display four stadia (egg, larva, pupa, and adult) (Figs. 
1A-1D). The number and size of eggs and where they are 
laid differ from species to species, as does the time interval 
the larvae require to hatch. There are generally three instars. 
The exceptional neosomic Tunga monositus has only two larval 
stages. Larvae are ca. 1.5 to 10 mm in length, vermiform 
(worm-like), eyeless, legless, and without prominent features. 
Prior to pupation, the third instar ceases feeding and clears its 
gut contents by defecation. Silk glands present in this last 
instar are used to spin a cocoon prior to transformation into a 
quiescent exarate (appendages not “glued” to the body) pupa. 
The emergence of adults from the cocoon requires specific 
stimuli (e.g., temperature, vibrations) dependent on the adap- 
tations of the individual species. Fleas may be univoltine or 
multivoltine. The optimum interval for development from 
egg to adult ranges from 3 weeks to more than a year. Adults 
may live for only a few weeks to more than 3 years. 
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FIGURE 1 Life stages of a flea: (A) egg, (B) larva, (C) pupa, and (D) adult 


(a female is shown). 


Reproduction 


Males are smaller than females, have longer antennae, fre- 
quently have a dorsal groove on the occipital area of head, 
have less reticular sculpturing on sternum II, and possess an 
elaborate aedeagus and modified terminal segments. The 
interantennal groove or falx frequently divides the 
preantennal and postantennal areas of the head in males, 
while this division is often absent in females of the same 
species. The details of copulation are understood in only a few 
species of fleas. In general, the male assumes a position under 
the female, clasps the ventral sternites of the female with his 
antennae (equipped with suction cup-line organelles), then 
clasps the female terminal segments (sternum VII) with the 
tergum IX (clasper), inserts the aedeagus, and transfers sperm 
by extrusion of long paired penis rods that penetrate the bursa 
copulatrix and duct of the spermatheca into the spermatheca. 
Spermatozoa may be stored for long periods of time in the 
bulga (head) of the spermatheca. The hilla (tail) of the 
spermatheca of many species has an external muscle extended 
from its apex to the bulga. When an egg passes though the 
oviduct, the muscle contracts, pumping the sperm from the 
bulga through the duct of the spermatheca to the oviduct, 
where fertilization occurs through a micropyle in the surface 
of the egg. Depending on the species, the eggs may be laid on 
the host, in the nest, or randomly in the environment. The 
reproductive cycles of Cediopsylla and Spilopsyllus are linked 
to the hormonal estrous cycle of their rabbit hosts. Other 
species, such as Glaciopsyllus antarcticus, have their cycle 
synchronized with the seasonal migratory and nesting 
patterns of their avian hosts. 


Host Specificity 


Mammals harbor about 95% of the known flea species, with 
the remaining species living on birds. The seasonal and geo- 
graphical distribution and host specificity of fleas are largely 
determined by specific requirements of the larvae. Each species 
has evolved a narrow range of tolerance for temperature and 


humidity, enabling exploitation of virtually every environment 
on the globe where avian or mammalian hosts flourish. These 
include the Antarctic (Glaciopsyllus); extreme xeric conditions 
of the world’s greatest deserts (Nosopsyllus, Hopkinipsylla, 
Xenopsylla spp.); altitudinal extremes of the Andean, 
Himalayan, and Rocky mountains (Amphalius, Ctenophyllus, 
Geusibia, Ochotonobius, Craneopsylla, Plocopsylla, Cleopsylla, 
Stephanocircus); tropical rainforests (Polygenis, Rhopalopsyllus, 
Pygiopsyllidae); and coastal marine environments (Notiopsylla, 
Paraspsyllus). Although many species are catholic in their host 
preferences, the larval development is usually limited by the 
microenvironment of the individual host’s nest. Those 
demonstrating the least host specificity include those free- 
living taxa whose immature stages can tolerate wide ranges of 
temperature, humidity, and nutritional requirements 


(Ctenocephalides, Pulex). 


Nutritional Requirements 


Most flea species require a blood meal prior to oogenesis and 
spermatogenesis. With the exception of some species whose 
reproductive cycle is synchronized with that of their host, there 
are few studies on the nutritional requirements of adult fleas. 
Although the larvae of several fleas have been noted to burrow 
into dead host tissues, those of Uropsylla tasmanica are the only 
truly parasitic flea larvae that burrow into and feed on the 
tissues of their live hosts. Some larvae have been documented 
to feed directly on fresh blood as it is excreted from the anus 
of feeding adult fleas, but most scavenge on the dried blood 
residues or animal dandruff and excreta. A few species are 
predaceous on other small organisms within the nest. 


Neosomy 


Neosomy is the formation or enlargement of a morphological 
structure from secretion of new cuticle during an active 
stadium of a group that normally changes form by molting. 
Additional cuticle forms in neosomes, accommodating expan- 
sion during enlargement (1000-fold) of gravid females that 
are capable of laying more than 1000 eggs. Neosomy occurs 
only among females because the male’s principal function is 
to mate with embedded females in situ. Neosomatic growth 
occurs in the burrowing fleas Neotunga euloidea and all species 
of Tunga (Pulicidae). Fleas that do not become embedded, but 
attach for long periods of time, and also display neosomatic 
growth include members of Chaetopsylla, Dorcadia, Vermipsylla 
(Vermipsyllidae), Malacopsylla (Malacopsyllidae), and 
Hectopsylla (Pulicidae). Neosomatic fleas attach only once 
and do not feed repeatedly. 


ANATOMY OF ADULT FLEAS 


The morphological diversity demonstrated among families, and 
even among species within the same genus, is extraordinary. 
A glossary of terms published in 1971 by Rothschild and 


Traub provides the standard for the interpretations of 
structures by systematists. The male aedeagus and the female 
seventh sternite and spermatheca are important anatomical 
features used in determination of species and subspecies. Study 
of morphological structures with the aid of a compound 
microscope requires mounting of fleas on glass microscope 
slides. Traditional techniques include puncturing the area of 
abdominal sterna II and II with a minuten pin, soaking for 
24 h in 10% potassium hydroxide, transferring to distilled 
water and gently compressing the flea’s abdomen to evaluate 
dissolved soft tissues, dehydrating in a series of ethanol 
solutions (70%, 80%, 95%, absolute) for 30 min each, 
clarifying the chitin for 15 to 20 min in methyl salicylate, 
transferring to xylene for a minimum of 1 h, and mounting 
in Canada balsam using a coverslip (No. 1 thickness). Fleas 
should be arranged with their heads to the right and their legs 
away from the technician. Thus, when viewed with a com- 
pound microscope, specimens will appear in an acceptable 
anatomical position with head to the left and legs toward the 
observer. Dissections are frequently required to permit obser- 
vation of otherwise hidden structures. 


Head 


The preantennal and postantennal regions of the head capsule 
may or may not be divided by a groove or ridge that connects 
the antennal fossae (depressions) that lay on each side of the 
head. The antennae are usually longer in males than in females 
and the males of many species are capable of extending both 
antennae vertically above the dorsal margin of the head. The 
eye (when present) is always simple (single fascicle) and 
located anterior to the antennal fossa on each side of the 
head; it may or may not be pigmented and is often vestigial 
or absent. Setae arrangements on the head frequently provide 
important features in distinguishing taxa. 


Thorax 


The extraordinary jumping ability of fleas is reflected in the 
development of the pleural arch, which is formed from a 
fusion of the ventral end of the notal ridge and the transverse 
ridge of the metanotal area. The notal ridge is homologous 
with the ridge that divides the wing-bearing notum into an 
anterior scutal region and a posterior scutellar region of 
winged insects. The pleural arch is considered homologous 
with the pleural wing hinge of winged insects, which is 
composed of a rubber-like protein called resilin. The 
chitinous pleural arch of fleas (also composed of resilin) has 
shifted laterally in fleas from the more dorsally located 
pleural wing hinges of flying insects. This unique elastic 
material enhances the jumping ability of fleas. Strong 
jumpers have a hyperdeveloped pleural arch atop the pleural 
rod of the metathorax. Fleas that live their lives in the nest 
have little need to jump because they crawl onto the host in 
the nest, feed, and crawl off. The pleural arch is poorly 
developed or vestigial in nest fleas and they are infrequently 
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collected on hosts outside the nest. Many taxa have no 
ctenidial combs on the dorsal thoracic segments, some 
possess pronotal combs that extend over the mesothorax, and 
a few genera have marginal ctenidial combs or spinelets on 
the metathorax. 


Legs 


The two front legs are more elongate than the more robust 
mid- and hind pairs and are articulated beneath the genal 
process (frequently adorned with teeth) to facilitate forward 
locomotion in the pelage or feathers of the host. The lengths 
of individual tarsal segments and the arrangements of bristles 
on the ventral and lateral aspects of the terminal tarsal 
segments are frequently important taxonomic characters. 


Abdomen 


The abdomen comprises 10 tergites and 9 sternites. In the geni- 
talia of the male (Figs. 2A and 2C), the highly modified terga 
VII and IX and sterna VHI and IX are used as the principal 


structures to distinguish many taxa. In general, the 9th tergite 





FIGURE 2 (A) Adult male. (B) Male aedeagus. (C) Male terminalia. (D) Female 
terminalia. Abbreviations: abd.cb., abdominal comb; ae.a., aedeagal apodeme; 
ae.p., aedeagal pouch; an.sty., anal stylet; bas., basimere; b.c., bursa copulatrix; 
c.sc., crescent sclerite; cr., crochet; d.an.I., dorsal anal lobe; d.ar., dorsal armature; 


Esc., Ford’s sclerite; gen.cb., genal comb; lat.I., lateral lobe; man., manubrium; 
m.d.l., median dorsal lobe; p.r., penis rods; pr.cb., pronotal comb; sens., 
sensilium; sens.p., sensilial plate; s.i.t., sclerotized inner tube; tel., telomere; 
v.an.l., ventral anal lobe. 
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is divided into an immovable process, or basimere; an articu- 
lated movable process, or telomere; and a manubrium. Various 
arrangements of lobes and processes adorn the basimere and 
are important features to distinguish taxonomic groupings. 
The 8th tergite is either small and obscure or greatly enlarged 
to ensheath the 9th tergite and the aedeagus. The 8th sternite 
is greatly expanded in some groups and reduced or pencil-like 
in others. An important taxonomic feature of most species is 
the 9th sternite. The aedeagus is a highly complex structure 
used extensively in the systematics of the order. The taxo- 
nomic significance of the terminal lobes (median dorsal lobe, 
lateral lobe, ventral lobe), crochet, sclerotized inner tube, 
crescent sclerite, penis rods, aedeagal apodeme, dorsal armature, 
and Ford’s sclerite are of particular importance. The female 
(Figs. 1D and 2D) 8th tergite is variably shaped and frequently 
enlarged to cover the less developed ventral terminal segments. 
The caudal margin of the 7th sternite is modified in many 
species and is an important taxonomic character. The various 
lobes and sinuses of the 7th sternite are thought to be impor- 
tant anatomical features used during copulation. Nine genera 
possess two spermathecae, each with a duct leading to the 
perula of the bursa copulatrix. The remainder have but one 
spermatheca, although a remnant blind duct leading from 
the bursa copulatrix can be seen in most of them. The bursa 
copulatrix is often sclerotized and it and the spermatheca 
distinguish many species. The anal opening passes between 
the dorsal and the ventral anal lobes, each considered the 10th 
tergite and sternite, respectively. The 10th tergite usually bears 
an anal stylet with a variable number and arrangement of 
apical setae, a character used to distinguish species. 


ANATOMY OF LARVAE 


The diversity of morphological characters parallels those of 
adult fleas. Important structures include the shape of the egg 
tooth (first instar only); chaetotaxy and sensory structures of 
the head capsule, antenna, and antennal mound; cuticular sen- 
silla of the dorsal plates of the thorax and abdomen; number 
and length of body setae; sculpturing of the integument; and 
arrangement of the anal comb and other setae on the 10th 
abdominal segment. 


CONTROL OF FLEAS 


Control is often necessary when fleas parasitize livestock and 
pets, become potential vectors of disease, or are biting people. 
Household sanitation such as thorough vacuuming of indoor 
areas and washing of pet bedding removes many of the imma- 
ture stages (eggs, larvae, and pupae). Insect growth regulators 
(methoprene and pyriproxyfen) that inhibit the development 
of immature stages are used in conjunction with organophos- 
phates (chlorpyrifos and diazinon) to interrupt the develop- 
mental cycle. Dog and cat flea collars and the use of systemic 
insecticides add additional preventive measures. Control of 
potential plague vectors in rural or sylvatic environments 


requires more drastic measures. Wild mammals such as rats, 
prairie dogs, ground squirrels, and chipmunks must be con- 
trolled around human habitations and recreation sites 
frequented by people. In such situations it is necessary to apply 
Carbamates (carbaryl) to burrows and rodent harborages prior 
to control of animal populations. Failure to control fleas prior 
to implementing animal control endangers humans that may 
come into contact with these potentially disease-infected fleas. 


See Also the Following Articles 
Bubonic Plague ¢ Cat Fleas ¢ Veterinary Entomology 
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nsect sociality refers to populations of insects that use some 
form of social behavior. Eusocial insects, for example, are 
true social species that possess the following three character- 
istics: cooperative brood care, overlap of two or more genera- 
tions with offspring assisting with brood care, and reproductive 
division of labor. In a broad sense, the term “social” is often 


used for pre- and subsocial insects that have fewer than three 
of the characteristics of eusociality. In a strict sense, a social 
insect is usually understood to mean a representative of the 
ants, termites, vespoid wasps, and social bees, the true eusocial 
insects. Social insects are an important component of Earth’s 
biological diversity. E.O. Wilson has noted that eusocial insects 
(including termites, ants, bees, and wasps) make up a signifi- 
cant proportion (75%) of the world’s insect biomass. The 
evolutionary and ecological success of social insects is evident 
in both tropical and temperate ecosystems. 

Sociality is a life history strategy that has evolved multiple 
times within and among diverse and distantly related insect 
taxa. Because of large population sizes, social insects collec- 
tively consume more energy and biomass than vertebrate 
animals. In tropical ecosystems, ants and termites play a 
major role in nutrient cycling and soil turnover. In 1990 B. 
Hdlldobler and Wilson noted that in tropical and temperate 
habitats, the amount of soil turnover attributable to ants and 
termites far outweighs the cycling done by earthworms. In 
the region of the Brazilian Amazon, ants release a significant 
quantity of atmospheric formic acid, which contributes to 
natural acidification of rainwater and weathering of 
limestone-based rock formations. 

In eusocial insects, the ability to reproduce has been lost 
in worker and guard castes. Sterile workers care for the brood, 
provide nourishment, maintain environmental conditions 
(e.g., by thermoregulation) inside the nest, and remove waste. 
The female reproductives or gynes generally outlive several 
generations of the offspring and are protected and tended by 
workers in the confines of the nest. The presence of repro- 
ductive division of labor is vividly portrayed in social insects, 
with reproduction restricted to the queen, and nest or colony 
support being provided by the sterile worker and guard 
castes. With these three characteristics operating, an insect 
society is a highly organized, cooperative group of organisms 
that functions like a superorganism. Social and physiological 
homeostasis of the insect society is maintained through the 
integration of caste members through pheromone, tactile, 
auditory, and sometimes visual communication. 

The evolutionary patterns within the Hymenoptera are 
complex, and eusociality has evolved over eight times within 
the social bees. The Isoptera (termites) is the only insect order 
that is exclusively eusocial. Eusociality is rare but present in 
some aphids (Heteroptera: Cerataphidini) and thrips 
(Thysanoptera). In aculeate Hymenoptera, many examples of 
eusocial species are present and include all ants (Formicidae), 
one group of sphecoid wasps (Crabronini), vespoid wasps 
(Vespidae, Masaridae, and Eumenidae), and the Apoidea or 
social bees (Apidae: Bombinae, Apinae, Meliponinae, and 
Euglossinae). 


DIVERSITY IN INSECT SOCIALITY 


In 1923 W. M. Wheeler published one of the first contempo- 
rary treatments of insect sociality. In the 1960s and 1970s, 
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TABLEI Synoptic Overview of the Degrees and 
Characteristics of Sociality Derived from Wilson 








Characteristics’ 
Degree of Overlapping Reproductive Cooperative 
sociality generations castes brood care 
Quasi-social = = + 
Semisocial - + + 
Eusocial + + + 


“Plus sign (+) denotes presence and minus sign (—) indicates an absence 
of a characteristic. 

’Solitary, subsocial, and communal insects do not have overlapping 
generations, reproductive castes, or cooperative brood care. 


usable classification schemes for insect sociality evolved from 
the works of C. D. Michener and E. O. Wilson. Wilson’s 1971 
treatment of the social insects streamlined and established a 
standard vocabulary for describing the degrees of insect sociali- 
ty, ranging from solitary to eusocial, with several different 
grades or intermediate forms (Table I). 


Presocial Insects: Subsociality 


Most insects lead solitary lives, with many species forming 
simple aggregations during mating or at commonly used 
food sources. Sociality appears in insects as a departure from 
a solitary life history strategy. Presocial insects have one to 
two characteristics of sociality. One subgroup of presocial 
insects includes insects that provide limited parental care to 
their offspring. Labeled as subsocial, these species protect or 
shelter their eggs, nymphs, or larvae; eggs and larvae may be 
given parental care in an enclosed nest. 

Most subsocial insects provide care of offspring in the 
absence of a nest or shelter. Many examples of subsociality 
are known from the true bugs (Heteroptera). For example, in 
some belostomatid genera (Belostoma, Abedus) the female lays 
her eggs on the male’s back, and the male carries the eggs 
until nymphs hatch. Males of the belostomatid Lethocerus 
americanus assist the female with active guarding of the eggs 
that are laid on aquatic vegetation. Parental care of eggs is 
also known in water striders (Gerridae) and leaf-footed bugs 
(Coreidae). Active guarding of eggs and newly hatched 
nymphs is known in the Acanthosomatidae, Pentatomidae, 
Tingidae, Reduviidae, and Scutellaridae. Usually, the female 
guards the clutch and covers the first instars when a predator 
approaches. The nymphs often orient themselves toward the 
parent to facilitate concealment. 

More examples of behaviorally advanced stages of offspring 
care can be found in the orders Heteroptera and Coleoptera. 
Treehoppers (Heteroptera, suborder Auchenorryncha; 
Membracidae) also exhibit parental behaviors toward early 
instars. R. Cocroft, for example, observed female thornbugs 
(Umbonia crassicornis) straddling egg clutches to prevent para- 
sitism and creating feeding slits on plant stems for hatchlings. 
Additionally, the mother actively herds wandering nymphs to 
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keep them near or around the feeding slits and emits alarm 
calls to alert offspring to a predator’s presence. 

Within the Coleoptera, highly developed forms of parental 
behavior and nest making have been discovered in the Silphidae 
and in the dung-feeding Scarabaeidae. Known as burying 
beetles, species of Nicrophorus (Coleoptera: Silphidae) provide 
provisions and actively feed newly hatched offspring through 
regurgitation. After discovering a small animal carcass, 
Nicrophorus parents process the carcass into a congealed ball 
of putrefying flesh. After burying the provision, the female 
chews a shallow depression into the mass, where she deposits 
her eggs. To solicit parental feeding, the larvae raise the 
anterior portions of their bodies and wave their thoracic legs. 
The female parent then regurgitates a small droplet of food 
material, which is devoured by a larva. In some Nicrophorus 
species, males also participate in larval feeding but less 
frequently than the female. Parental feeding in Nicrophorus is 
essential for development of the young: removal of the female 
parent inhibits metamorphosis to the adult. 

G. Eickwort and Wilson categorize most bark and ambrosia 
beetles as subsocial or colonial insects. Members of the 
Scolytidae and Curculionidae (Platypodinae) have elaborate 
life history strategies that enable them to evade a host tree’s 
defense mechanism. The scolytid beetle Xyleborus produces 
communal brood chambers where all life stages reside. In 
similar manner to Hymenoptera, these xyleborines also have 
haplodiploid sex determination. Another similarity between 
xyleborines and eusocial Hymenoptera is the presence of a 
biased sex ratio in favor of females. Female offspring assist in 
cultivating ambrosia fungi, which provide the cellulase 
necessary for digestion of wood fibers. 


Parasocial Insects: Communal Societies 


“Parasocial” refers to species that exhibit communal, quasi- 
social, and semisocial behavioral patterns with some form of 
generation interaction between generations. Communal 
species include insects of the same generation that share a nest 
site without any form of collective offspring care. A communal 
life history strategy is not just an aggregation: it may involve 
complex forms of communication and offer some distinct 
advantages over a solitary life history strategy. Communal 
aggregations enhance accessibility to food materials that are 
difficult to process, facilitate thermoregulation, and offer pro- 
tection from predation. Examples of communal social behav- 
ior in bees can be found in the Andrenidae, Megachilidae, and 
several subfamilies of the Halictidae. Multiple females construct 
a large, composite nest, but each female tends only to her own 
nest cells. This produces a nest having a single nest opening 
that is more easily defended by multiple female bees. Many 
different species of beetles have communal life history strate- 
gies. Some species of scolytid bark beetles are exemplary com- 
munal insects. 

Communal behaviors in larval insects can be found in tent- 
making caterpillars (Lepidoptera: Lasiocampidae) and some of 


the sulfur butterflies (Lepidoptera: Pieridae), silk moths (Lepi- 
doptera: Saturniidae), nymphalid butterflies (Lepidoptera: 
Nymphalidae), and tussock moths (Lepidoptera: Lymantri- 
idae). Batch laying of eggs predisposes some larval insects for 
communal life history strategies, but other species disperse 
from a common oviposition site to lead solitary lives. Although 
complex social interactions between group members are limited 
in many species of caterpillars, some species utilize central- 
place foraging that requires an extensive communication net- 
work within the caterpillar community. Central-place foraging 
is not tied universally to web making, but instead is scattered 
throughout the lineages of Lepidoptera. In 1925 F. Balfour- 
Brown described a model for the evolution of elaborate 
caterpillar web dwellings from a mat of silk threads or carpet 
web. This model suggests that carpet webs, the ancestral condi- 
tion, further evolved with caterpillars that used feeding webs 
and later to those that used domicile or home webs. 

In the jack pine sawfly, Neodiprion pratti banksinae 
(Hymenoptera: Neodiprionidae), communal feeding facilitates 
the procurement of nutrients from tough waxy pine needles. 
The collective efforts of many larvae chewing over the same 
area on a pine needle reduces the amount of time needed to 
break through the cuticle. Other species of larval sawflies and 
Lepidoptera use group defense postures in which the aggre- 
gation moves in a synchronized manner to thwart a predator. 
The sawflies Neodiprion sertifer and Diprion pini use synchro- 
nized head jerking and twitching to repel both egg-laying ich- 
neumonid wasps and birds. To be effective, these protective 
behaviors require a coordinated group response. Similar defense 
strategies are also known in the woolly or eriosomatid aphids 
in which a coordinated waving of waxy filaments may intimi- 
date predators. 


Parasocial Insects: Quasi-Social Societies 


Unlike communal insects, quasi-social insects have some coop- 
erative brood care while sharing a common nest site. Female 
quasi-social bees participate in nest guarding and assist with 
building and stocking nest cells with provisions. In 1967, 
R. B. Roberts and C. H. Dodson discovered that multiple 
female orchid bees (Apidae: Euglossinae) often occupy a shared 
nest site, with the number of females present usually exceeding 
the cells available for egg laying. This finding suggests that 
euglossine bee societies have a form of cooperative brood care. 
Temporary quasi-sociality is also known in a few species of 
polistine wasps with age polyethism. Young females begin their 
adult lives as foragers and assist with nest provisioning. Later on, 
these individuals become egg layers in the common nest site. 


Parasocial Insects: Semisocial Societies 


C. D. Michener has stated that semisocial insects have an addi- 
tional characteristic of sociality over the quasi-social species 
in that the former also have some form of reproductive caste 
that is cared for by a worker caste. Variation in ovary matu- 


ration in spring halictine bee populations suggests that the 
semisocial condition can arise spontaneously within a mixed 
assemblage of reproductives of different stages of maturity. 
Similar patterns of seasonal semisocial behavior occur in some 
Polistes wasps. 


Eusocial Insects 


The fundamental difference between semisocial and eusocial 
insects is that eusocial insects have overlapping generations that 
feature cooperative brood care by the offspring. Eusociality has 
evolved multiple times within insects and first appeared in 
the termites. Eusociality in lower termites (Hodotermitidae, 
Termopsidae, Kalotermitidae, Mastotermitidae, Rhinoter- 
mitidae) is associated with trophallaxis and enables all indivi- 
duals of the nest to be inoculated with gut symbionts necessary 
for the digestion of cellulose. Trophallaxis also serves to transfer 
chemical communication in lower and higher termites. Higher 
termites such as the Termitidae consume sources of cellulose 
other than wood, lack flagellate endosymbionts, and use anal 
trophallaxis for transferring chemical cues. 

N. Lin and C. D. Michener proposed two distinct pathways 
of character evolution in social insects. Most bees are believed to 
have evolved eusociality through a parasocial sequence. Ancestral 
social bees used a communal social strategy with cooperative 
nest construction. Later generations switched from a communal 
to a quasi-social strategy incorporating cooperative brood care 
within an annual life cycle. The semisocial stage followed the 
quasi-social stage, with a well-defined worker caste providing 
cooperative brood care. Fully evolved eusocial species then 
acquired the characteristic of overlapping generations. 

Ants, termites, vespid wasps, and some social bees are 
believed to have used a subsocial sequence for the evolution 
of eusociality. The subsocial sequence for the evolution of 
eusociality is based primarily on the degree of brood care by 
the female with respect to the age of the offspring. In basal or 
ancestral taxa, brood care was given only to early instar off- 
spring, with the mother abandoning the young well before 
maturity. In stage two, brood care is extended to the time 
during which the young reach maturity. In the final sequence 
of events, some of the brood become permanent, sterile workers 
and provide cooperative brood care to the female parent. 

Eusociality has also evolved in some gall-forming thrips and 
aphids. These insects have recently been classified as eusocial 
because of the presence of a sterile guard caste. However, this 
form of restricted eusociality differs in important ways from 
the eusocial condition of Hymenoptera. The guard caste is the 
only nonreproductive caste in aphid and thrips societies, and 
the guards do not care for the young. In aphids, this is partly 
because aphid offspring are precocious like small versions of 
the adult, they are motile and able to feed themselves. 

B. Crespi discovered eusociality in several species of 
phlaeothripine gall-forming thrips. In these eusocial thrips, 
the first generations of adults develop into sterile soldiers and 
are used for defending the gall against invasive species such as 
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ants. These Australian thrips reside in Acacia leaf galls or leaf 
mines and utilize social behaviors for defense of the domicile. 
The guards also assist with domicile construction. Morpho- 
logical specialization associated with the guard caste in eusocial 
thrips includes enlarged prothoracic legs that are used to attack 
invaders. The prothoracic femora may be expanded and adorned 
with robust spines. Mortality in the soldier caste is high. 

S. Aoki along with Y. Ito have shown that soldier castes are 
also present in the Cerataphidini or bamboo aphids 
(Hormaphididae) and in the gall-forming pemphigid aphids. 
Ito found that some of the Cerataphidini produce a sterile 
guard caste that defends the offspring. In Ceratovacuna and 
Pseudoregma, members of the soldier caste are adorned with 
sharply pointed spines on the head and are used for colony 
defense on secondary hosts. In Pemphigus obesinymphae, 
sterile guards are also used for protecting the domicile. The 
guards are larger than the nymphs and kick at invading pre- 
dators with their long legs. In social aphids, the guard caste 
never assists with brood care but serves only to protect the 
colony from predation. Parthenogenesis is a reproductive mode 
employed by aphids, but how the soldier caste is determined 
is unknown. 

In 1992 D. S. Kent and J. A. Simpson discovered a eusocial 
ambrosia beetle (Coleoptera: Curculionidae). A member of 
the Platypodinae, Austroplatypus incompertus lives within heart- 
wood galleries of Eucalyptus. Platypodine beetles like A. 
incomperus feed on ambrosia fungi, and nonreproductive 
females tend the galleries and process fungal mycelia. Kent and 
Simpson found that established colonies older than 2 years 
were composed of a single fertilized female, and up to five 
unfertilized females, which helped maintain the gallery struc- 
ture and provide protection from predators. The presence of 
overlapping generations, reproductive/nonreproductive castes, 
and cooperative brood care within a shared domicile provide 
evidence for eusociality in these ambrosia beetles. 

Within the Hymenoptera, eusociality is found in all ants 
(Formicidae), vespid wasps (Vespidae), and some bees (Apidae). 
Members of the subfamilies Bombinae, Meliponinae, and 
Apinae are eusocial. Sex determination in Hymenoptera 
follows Dzierzon’s rule, first shown by J. Dzierzon in 1845 
with honey bees and now termed haplodiploidy. Male progeny 
are produced from unfertilized eggs through a process called 
arrhenotoky. In many species of social Hymenoptera, males 
can be produced at the appropriate time from unmated 
females within the colony. Workers will sometimes undergo 
facultative thelytoky to produce diploid eggs. Automictic 
parthenogenesis produces the diploid eggs in queenless hives 
of A. mellifera capensis. This form of thelytoky is uncommon 
and is restricted to certain subspecies of the honey bee. 


COLONY SIZE AND LONGEVITY 
IN EUSOCIAL INSECTS 


Insect societies may range in size from fewer than 10 to over 
3 million adults. Some species of termites (families Termitidae, 
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Mastotermitidae, and Rhinotermitidae) have colonies with 
millions of members. Colonies of vespid wasps can have 100 
to over 5000 members; colonies of the Allegheny mound ant, 
Formica exsectoides, can exceed 40,000; and nests of A. mellifera 
usually contain between 20,000 and 80,000 individuals. 

Species that build nests located on or in the ground tend to 
have more colony members than species that use more restric- 
tive nest sites. Ground-nesting vespid wasps, for example, 
usually have larger colony sizes than wasps that build arboreal 
carton nests. Species that have a large colony size generally 
tend to have more complex social behaviors than species with 
small colonies. The correlation of increased colony size with 
highly evolved social behavior suggests that complex behavioral 
integration is necessary for colony survival. 

Although most data gathered on longevity have been 
derived from laboratory populations, the female reproductive 
or queen of some eusocial insects can live for more than 10 
years. Well-protected inside the nest, most queens are tended 
by a court of workers and insulated from the hazards of 
everyday life. Workers have significantly shorter life spans 
and are quickly replaced with newer offspring. Attrition is 
high among workers, and approximately 1% of the worker 
caste of the army ant Eciton hamatum is lost daily. Unlike the 
queen, workers are exposed to many hazards, and activity 
outside the nest contributes greatly to worker mortality. 


ROLE OF ALTRUISM IN INSECT SOCIALITY 


Kin selection is the form of natural selection essential for 
explaining how the characteristics of eusociality evolved. In 
1964 W. D. Hamilton published a mathematical model 
explaining the economic basis for self-sacrifice as a result of 
altruism. Hamilton’s rule, C/B < 7, suggests that the ratio of the 
cost C of sacrifice between two closely related individuals to 
the benefit B of the receiver 7 must be smaller than the degree 
of relatedness between the two individuals. Thus, the inclusive 
fitness of a group of related individuals is the amount of 
individual and kin selection. The application of Hamilton’s 
rule to social Hymenoptera, which follow Dzierzon’s rule 
with haploid males and diploid females, is illustrated by the 
following example. A female offspring inherits 50% of its 
genome from its father and 25% of its genome from its 
mother. Hamilton’s rule predicts that sisters produced from 
the same mating should tend to sacrifice themselves for each 
other because they share 75% of their genetic material with 
each other and 50% of their genetic material with their 
mother. Thus, the benefit for an altruistic behavior does not 
have to be high to spread throughout a population. 

In 1977 H. E. Evans proposed that selection factors other 
than kin selection could explain the evolution of altruism 
and social behaviors in Hymenoptera. Extrinsic factors such 
as nest parasitism are just as plausible as kin selection for the 
evolution of altruism. Evans noted that in general, polygynous 
(multiple queens per nest) wasp species are more common 
than monogynous (single egg-laying queen per nest) species. 


Evans hypothesizes that polygynous nesting strategies are 
ubiquitous because they are necessary for protecting the 
progeny and provisions of the extended family group from 
nest parasitism. Likewise, polygynous nests can provide 
many foragers for provisioning the nest as well. 

Although altruism can be detrimental to the individual, 
advantages to the group or colony are many. Most social insects 
utilize group defensive strategies when the nest or colony is 
under attack. Aggressive defense strategies observed in social 
Hymenoptera, social aphids, and termites demonstrate that 
defensive behaviors are usually detrimental to the defenders 
but facilitate survival of the reproductives and brood within 
the nest. Self-sacrifice occurs frequently in social insects. In 
honey bees, for example, the barbed sting of the worker bee 
eviscerates and kills the worker after stinging, suggesting that 
the cost of altruism to the individual is high but trivial to 
entire colony. In termites, guards will position themselves 
closest to the source of danger when provoked, whereas other 
colony stimuli are generally ignored. 

Although queen adoption is most often associated with 
colony multiplication, Wilson believes that the genetic 
advantages for this strategy are clear. Increasing the number 
of queens in an isolated colony serves to increase the effective 
population size while incorporating more altruistic traits into 
the colony. However, polygyny in ants is not restricted to 
rare, isolated populations, but can also be found among 
ubiquitous ant populations as well. 


CASTES IN SOCIAL INSECTS 


The caste system and polyethism determine the division of 
labor in insect societies. Castes divide colony members into 
distinct functional roles within the insect society. Specialized 
caste members conduct such tasks as defense, brood care, 
nest construction, thermoregulation, provisioning, and egg 
laying. Morphological specialization or caste polyethism is a 
key feature of caste structure. The role of a caste member may 
also change with age (age polyethism). 

Morphological specialization associated with caste poly- 
ethism is often the result of allometry and usually is tightly 
coupled with behavioral changes. Allometry or differential 
growth rates can provide dramatic changes in morphology with 
simple change in relative growth rates (Fig. 1). Allometric 
growth provides termite or ant guard castes with hypertro- 
phied mandibles that are used for defense. The head capsule, 
which may also be enlarged relative to other body parts, 
accommodates the mandibular muscles used for biting and 
dismembering enemies. 

Overall change in body size also can be important in 
defining the queen caste. In most eusocial insects, the queen 
is larger than nonreproductives. The abdomen, which houses 
the ovaries, may be grotesquely enlarged in mated termite 
queens and some ant queens. Such enlargement (physogastry) 
also is known in replete ants, which gather and store honeydew 
in the crop. 
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FIGURE 1 Cranial morphological differences in worker and soldier or guard 
termite castes. In Reticulotermes flavipes, workers (A) have short chewing 
mandibles concealed beneath the clypeus and soldiers (B) have an elongated, 
enlarged head with prominent mandibles. 


The castes of typical social insects can be categorized 
according to the following classification scheme. Within social 
Hymenoptera, guards serve as nest defenders and are equipped 
with well-developed mandibles and potent stings. Workers, 
the most ubiquitous caste, help with nest construction and 
repair, thermoregulation, provisioning, and brood and queen 
care. The queen makes up the reproductive caste, and her 
egg-laying activity provides the fecundity for maintaining the 
colony. Most of the members of an insect society are workers, 
and high numbers of this caste are necessary for maintaining 
the physiological homeostasis of the domicile. 

Many differences are evident between the caste system of 
termites and social Hymenoptera. In lower termites, the second 
instars function like workers and are actively involved in nest 
maintenance. Because, at least in part, of their hemimetabo- 
lous development, larval termites are active and also take care 
of themselves as well. Unless destined to become guards, most 
apterous termite larvae remain as workers throughout their 
lives. Termite castes differ from social Hymenoptera castes in 
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that they contain both sexes, with reproduction restricted to 
the fertilized queen (Table II). Once established, termite 
colonies can replenish reproductives from several distinct 
supplementary reproductive castes. Within the Termitidae, 
adultoid reproductives can become functional reproductives 
and replace lost reproductives. Nymphoid reproductives (larvae 
that possess short wing pads) can become fully functional 
supplementary reproductives. Ergatoid reproductives are 
neotenic, apterous individuals with pigmented exoskeletons. 
Inhibitory pheromones released by functional reproductives 
prevent the supplementary reproductives from attaining 
functionality. 

In honey bees, morphological and behavioral differences 
in castes are regulated by endocrine control of development, 
dietary differences of larval workers and queens, and queen 
pheromonal conrol. Hormonal developmental control is asso- 
ciated with the activity of juvenile hormone (JH) on target 
tissue sensitivity to ecdysteroids. This modulates or controls 
reproductive tissue differentiation in developing larvae. In 
addition, JH may inhibit the release of ecdysteroid and 
determine the duration of the last instar feeding stage. In 
developing queens, JH may inhibit ovariole cell death, a 
feature common in developing workers. Other hormones also 
influence ovariole development in larval queens. Makisterone 
A, an ecdysteroid secreted by the prothoracic glands, promotes 
ovariole differentiation. 

Dietary differences are correlated with reproductive caste 
development in honey bees. Honey bee worker larvae are fed 
pollen and honey, whereas queen larvae are fed royal jelly. The 
hypopharyngeal and mandibular glands of workers produce 
royal jelly. The production and feeding of royal jelly to select 
larvae is associated with lowered amounts of queen substance, 
reduced queen vitality, or queen death; the construction of 
queen cells is also debilitating to the queen. Different propor- 
tions of proteins, lipids, carbohydrates, and trace compounds 
are apparent in honey and royal jelly, but the active ingre- 
dient in royal jelly responsible for queen development is still 
unknown. 

Pheromonal control is also evident in caste formation in 
honey bees. Queen mandibular gland secretion reduces the 
amount of JH in developing worker larvae, stimulates worker 
foraging, promotes queen tending, and inhibits swarming 





TABLE II Generalized Classification Scheme of Caste Structure in Termites Derived from Wilson 
Caste Morphological features Roles 
Larvae* Usually apterous (wingless) and lack reproductive and guard May develop into workers or guards 
caste structures 
Brachypterous larvae (wing pads present) are known as nymphs May develop into functional reproductives 
Worker Absence of compound eyes and ocelli; apterous, with reduced Nest construction, sanitation, provisioning, brood care 
pterothorax, well-developed jaws 
Pseudergate Regressed nymph, found only in lower termites May develop into secondary reproductives, soldiers 
Soldier/guard Enlarged mandibles, hypertrophied head glands, head Defense 


Primary reproductives? ueen or male derived from alate adults 
y tep 


Colony founders 


“Immature termites known as larvae are further grouped by the presence or absence of distinct wing pads. 


’Primary reproductives become dealate reproductives after shedding their wings. 
y rep Pp g s 
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behavior. Through modulation of JH titers in developing 
workers, queen substance inhibits ovariole development. 
Examples of age polyethism are frequent in social 
Hymenoptera. In worker honey bees and ants, temporal changes 
in maintenance behaviors are associated with age. Young 
workers take care of the queen and feed the larvae, whereas 
older workers conduct most of their activities outside the 
nest. Behavioral changes in honey bees also correlate with the 
thickness of the mandibular, hypopharyngeal, postcerebral, 
wax, and thoracic glands. The nursing period of worker bees 
coincides with the maximum development of mandibular 
and hypopharyngeal glands at between 5 and 10 days of age. 


COMMUNICATION IN EUSOCIAL INSECTS 


The functional integrity of an insect society is established 
through complex forms of communication. Communication 
pathways, either chemical, visual, or acoustic, can be used to 
convey alarm, simple and multiple attraction for assembly, 
recruitment to a new domicile or food source, grooming, 
trophallaxis and exchange of food material, facilitation or 
inhibition of group or colony effects, nestmate recognition, 
and caste determination. Trophallaxis and exchange of food 
material also function as mechanisms for the transfer of 
chemical information between members of a eusocial insect 
colony. Sensory cues of many different types are used for 
communication in social insects, and chemical and acoustic 
cues have been discovered in termites and social Hymenoptera. 
Visual communication is limited but, according to Karl von 
Frisch, plays an important role in the waggle dance of honey 
bees, in which the bees indicate the location of a food resource 
through a series of stereotypical movements. Chemical com- 
munication is believed to be important for maintaining caste 
structure, nestmate recognition, and establishment of the queen 
in an insect society. Chemical signals have an immediate effect 
that typically ends immediately after the chemical has diffused 
away from the sensory receptors. Some chemical and acoustic 
cues have also been implicated for initiating defensive and 
flight behaviors in social insects. 


Queen Dominance and Pheromones 


Queen dominance in higher social insects is essential for 
controlling nestmates and is maintained with a variety of 
chemical cues in social Hymenoptera. In honey bees such as 
A. mellifera, the mandibular glands and Koschevnikov’s gland 
produce the components of queen substance. In A. mellifera, 
mandibular gland secretion is a pheromone blend composed 
mostly of 8-hydroxyoctanoic, (E)-9-oxo-2-decanoic (9-ODA), 
(E)-9-hydroxy-2-decanoic, 10-hydroxydecanoic, and (£)-10- 
hydroxy-2-decanoic acids. As a newly emerged queen ages 
and her attractiveness to workers increases, the relative concen- 
trations of these organic acids change. Worker attractiveness is 
maximized after the queen becomes mated. Although 9-ODA 
alone does not cause worker court formation, when 9-ODA 


is supplied with mandibular gland secretion, court formation 
occurs. The pheromone 9-ODA is also associated with the inhi- 
bition of queen-rearing behaviors and gonad development in 
worker bees. A possible mode of action of 9-ODA is to reduce 
the quantity of gonadotrophic hormone so that ovary develop- 
ment is inhibited in worker bees. 

Court attraction, in which is a group of workers gather 
around and tend the queen, is controlled via glandular secre- 
tion. Koschevnikov’s gland secretions from mated queens are 
correlated with court attraction. This gland plus mandibular 
gland secretions may serve to provide an olfactory stimulus for 
court formation from workers at short distances from the queen. 
Virgin queens do not form worker court aggregations as readily 
as do mated queens, which suggests that Koschevnikov gland 
secretions alone may not be responsible for court formation. 
Abdominal tergite gland secretions also work as a contact 
pheromone and facilitate court formation after workers touch 
the queen’s abdominal tergites with their antennae. 


Colony Odor 


Nest odor is believed to be important for nestmate recognition 
in social insects. Sources of nest odor are not clearly defined, 
but a combination of genetic and environmental factors may 
be important sources of colony odor. Environmental odors 
from shared foods like nectar or pollen may contribute to the 
uniqueness of an individual colony’s odor. Likewise, food 
transfer in honey bees may facilitate the spread of environ- 
mental odors to all members of the hive or nest. The waxy 
cuticle of honey bees may also trap environmental odors from 
the atmosphere of the nest. Cuticular hydrocarbons have been 
implicated as a means for nestmate recognition in Polistes 
wasps (Hymenoptera: Vespidae). 

Queen odors are genetic factors that are believed to be a 
major component of colony odor. M. D. Breed provided 
some evidence to support this hypothesis. In 1981 Breed pub- 
lished some research findings suggesting that small groups of 
worker honey bees are more likely to accept a sister queen 
over an unrelated queen. Further research has demonstrated 
that resident bees are able to detect and recognize foreign 
queens raised under the same environmental conditions. 
This provides additional support for the presence of queen 
odor as a component of colony odor. 


Trail Pheromones 


Trail pheromones are used for recruitment, for marking path- 
ways to resources, and for indicating resource richness. Often 
released with alarm pheromones, trail pheromones enable 
guards to aggregate around a nest invader. Furthermore, short- 
lived and persistent trail pheromones are known. In ants, trail 
pheromones are produced in the hindgut, Dufour’s gland, the 
venom gland, and the tibial, tarsal, and abdominal glands. In 
some myrmecine and ponerine ants, the venom gland is the 
source of trail odors. Odor trails produced by termites originate 


from the abdominal sternal glands. In Zootermopsis nevadensis, 
sternal gland secretions deposited on a trail from a breached 
or damaged nest wall to the interior of the nest draws workers 
toward the area for nest repair. 

Odor trails emitted by forest-inhabiting bees provide three- 
dimensional information on resource location. Some large 
stingless bees of the genus Trigona produce strong odor 
chemicals from enlarged mandibular glands. Trigona forage 
in tropical forests and utilize mandibular gland secretions to 
cue in other foragers to nectar sources. Foraging Trigona will 
release more trail pheromone near a food source, thus indi- 
cating proximity to the food source for other foragers. The trail 
pheromone components of 7’ subterranea include both E- and 
Z-citrals. Differences in pheromone composition between 
species may reduce interspecific trail following in stingless bees. 


Alarm Pheromones 


Alarm pheromones are volatile organic molecules of low 
molecular weight that diffuse rapidly, forming a concentration 
gradient away from the signal source. Alarm pheromones initiate 
arousal, defensive, and assembly behaviors. Alarm pheromones 
are often not species specific in social Hymenoptera and ter- 
mites, but the same pheromone often initiates different 
behaviors in different species. For example, the mandibular 
gland secretion 4-methyl-3-heptanone is associated with digging 
behavior in Pogonomyrmex species, but in high concentration 
causes repelling behaviors in the Texas leafcutting ant Azza 
texana. 

Contextual responses to alarm pheromones are correlated 
with the proximity of the nest to the signal’s source. Flight 
occurs when alarm pheromones are perceived far from the 
nearest nest opening. When these substances are released near 
the nest, colony members become defensive. Aggregation, 
defensive postures, and frenzied excitement are often observed 
in agitated social insects. 

Alarm pheromones are often coupled with other glandular 
secretions such as trail pheromones. Most alarm pheromones 
originate from the exocrine mandibular gland. Mandibular 
gland secretions produce a variety of responses that include 
excitement, attraction, and threat posturing in different species 
of ants. Other glands associated with alarm signals in ants 
include Dufour’s gland and the anal gland. In honey bees, 
isoamyl acetate is secreted by the lining of the sting pouch 
and generates attraction and investigation behaviors. After 
stinging, honey bees leave the sting and associated glandular 
components in the adversary’s skin, which releases more 
volatile alarm pheromones for attracting more defenders to 
the vicinity. The mandibular gland in honey bees secretes 2- 
heptanone, which initiates alarm behaviors. 

The cephalic gland secretions found in termite soldiers are 
believed to initiate aggressive excitement behaviors in other 
soldiers and alarm in nonsoldier nest members. Known organic 
compounds produced by termite cephalic glands include 
limonene, terpinolene, and o- and B-pinenes. 
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Acoustic Communication 


Termites and ants also use some acoustic alarm signals, and 
some vespid wasps employ sound to alert offspring to the 
presence of provisions. Acoustic communication in social 
insects is conveyed through the substrate, not through the air. 
Acousticosensory organs present on the legs of social insects 
detect vibrations transmitted through the substrate. 

Ants use subgenual organs and campaniform sensilla located 
on the legs to detect acoustic signals. Among carpenter ants, 
the subgenual organ is sensitive to frequencies ranging from 
1.5 to 3 kHz. In the leafcutting ant, Atta cephalotes, campani- 
form sensilla function as a sound-detecting organ. Sensilla cam- 
paniformae are located near the distal end of the trochanter 
in A. cephalotes. The sensitivity of campaniform sensilla to 
sound waves varies from the anterior to posterior legs, with 
the anterior legs being the most sensitive to vibration. 

Acoustic signals in ants are generated by stridulation or by 
tapping the gastral segments on the substrate. Stridulatory 
files are found universally in pseudomyrmecines, in over 80% 
of all studied myrmecines, and in nearly half of all studied 
ponerine ants. Stridulatory files when present are located at 
the junction of the abdomen (fourth abdominal tergite) with 
the postpetiolus. Buried or confined ants use stridulatory files 
to generate acoustic signals through the substrate for initi- 
ating digging behaviors in other workers. 

Formicine ants are believed to have secondarily lost their 
stridulatory files and none use different forms of auditory 
communication. Campanotus (carpenter ants) use a combi- 
nation of mandibular and gastral tapping when disturbed. 
Response to these alarm cues depends on the state of arousal in 
the signal receiver. In some cases, the tapping behavior causes 
some ants to lie motionless, presumably to make them less 
visible to predators, while more agitated ants orient toward the 
source of the signal and approach it. Outside the nest, tapping 
enhances the stimuli associated with disturbance and functions 
as a danger alarm. 

Similar tapping behaviors have also evolved in some vespid 
wasps but not as an alarm cue. Gastral vibration is believed 
to signal food or provisioning to larvae. The abdomen or 
gaster is rapidly tapped on the surface of the comb when pro- 
visions are brought into the nest. In Vespa tropica, foundresses 
tap their legs on the nest comb to signal the presence of pro- 
visions to hungry larvae. In this species, the sounds produced 
by leg tapping are loud and audible to humans standing at 
least 1 m from the nest. 

In termites, sounds are generated by rapidly tapping the 
head or abdomen against the substrate. Head banging in 
Zootermopsis is audible as a rustling sound and is believed to 
function either as a substrate-transmitted alarm call or as a 
defensive behavior meant to scare intruders away from the 
nest. Research on the response of termite subgenual organs to 
the vibrations generated by head tapping behavior (1 kHz) 
suggest that these acousticosensory organs are highly sensitive 
to that frequency. 
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INQUILINES AND NEST PARASITES 
OF SOCIAL INSECTS 


Eusocial insect nests often harbor guests that take advantage of 
the food resources and microclimates inside the nest chambers. 
Arthropod ectosymbionts of social insects are numerous and 
include some species of mites, spiders, millipedes, isopods, and 
insects. Most orders of insects contain some ectosymbiotic 
species. Some nest invaders, such as wax moths (Lepidoptera: 
Pyralidae), feed on the nest structure of honey bees, whereas 
others may feed on the young, stored provisions, or scavenge 
from the debris. 

Some nest owners receive a benefit (mutualism) for har- 
boring another species. Trophobionts like aphids (Heteroptera: 
Aphididae), scale insects (Heteroptera: Coccidae), and mealy- 
bugs (Heteroptera: Pseudococcidae) are often protected and 
sheltered by ants. In return, ants receive from these insects 
honeydew, a sugary fluid, while providing protection and 
shelter to these guests. Some have suggested that the posterior 
morphology of aphids mimics the head region of an ant, with 
honeydew secretion simulating the transfer of food between 
ant workers. 

A diverse group of guests is usually encountered with army 
ant colonies. R. D. Akre and C. W. Rettenmeyer studied the 
association between ectosymbiotic staphylinid beetles and 
army ants. These beetles have evolved two distinct behavioral 
strategies to gain access to the resources provided by army ant 
colonies. Specialized species such as Ecitomorpha and Ecitiosus 
are mimetic forms that live within the bivouacs of army ants. 
They are highly integrated into army ant societies and die if 
removed from the confines of the colony. Often associated with 
the larvae or booty, these staphylinid beetles tend to move 
together within an emigrating column of ants. Phoresy is 
common, with army ant workers transporting and moving 
these staphylinids to new bivouacs. Microdonia uses a 
generalized strategy for exploiting army ants. The association 
between generalists and their host ants is less integrated than 
specialized species. They usually frequent the periphery of an 
army ant colony and will often attack wounded or dying 
ants. The ants will sometimes attack and attempt to drive 
these insects away from the nest area. 

Evolved mechanisms that enable symbiotic associations 
between symphiles and their hosts may include behavioral and 
chemical mimicry. Many symphiles can attract hosts and 
through appeasement gain access to the nest. B. Hélldobler was 
one of the first researchers to discover that scents are important 
for attraction of worker ants to larval Staphylinidiae. Some 
researchers believe that trichome secretions have an intoxicating 
effect and cause disorientation in host species. The reduviid bug 
Ptilocerus ochraceus, an ant predator, uses a similarly acting 
substance to attract and paralyze Dolichoderus ants. This bug 
presents its abdominal trichomes to an ant, which begins to 
lick the trichome hairs leading to intoxication. 

The variety of interactions between different species of ants 
is extensive. Interactions range from coexistence to true parasitic 


relationships. In plesiobiosis, distantly related ant species can 
coexist with minimal interactions between closely neighboring 
nests. Some ant species rely on cleptobiosis or thievery to 
acquire food or refuse from nests of ants of other species. 
Cleptobiotic species reside in separate domiciles from their 
hosts. Lestobiosis differs from cleptobiosis in that one species 
will actually invade the host’s nest to prey on the young or food 
cache. For example, ants of the genus Carebara nest within 
the walls of termite nests and are believed to prey on termites. 
Mixed species colonies usually involve some form of social 
parasitism. Temporary social parasites were first recognized by 
Wheeler in 1904. Ants in the Formica microgyna group utilize 
this type of life history strategy. A newly fertilized queen enters 
a host colony and coerces the host workers to take over the nest 
through assassination of the host queen. Gradually, the parasitic 
queen’s offspring replace the host workers through attrition. 
Slave-making ants invade a host nest and steal pupae for 
incorporation in their own nests. After eclosion, the slaves 
work as foragers and as nest constructors, and conduct brood 
care for the slave makers. Slave makers parasitize other ant 
species that are close relatives. Some species of Polyergus use 
Formica species for slaves, Formica species of the sanguinea 
group typically use other Formica species as slaves. 
Permanent parasitism or inquilinism occurs entirely inside 
the host’s nest. In some species, workers are present but have 
limited behavioral roles within the host’s nest. For example, 
Teleutomyrmex schneideri no longer has a worker caste and 
represents a highly refined form of inquilinism. T schneidert lives 
its entire life within the nest of Tetramorium caespitum, a close 
relative of T schneideri. The queens of 7. schneideri are smaller 
than the queens of 7’ caespitum and are morphologically pat- 
terned to ride on the backs of the host queen. Téleutomyrmex 
queens release attractants, from cuticular glands of the thorax 
and petiole and are eagerly tended by the host’s workers. 


See Also the Following Articles 
Caste ¢ Colonies ¢ Division of Labor ¢ Hymenoptera e Isoptera 
° Parental Care « Pheromones ¢ Sex Determination 
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Soil Habitats 


Patricia J. Vittum 
University of Massachusetts 


M any basic and applied studies in insect ecology have con- 
sidered responses of insect populations to their physical or 
chemical environment. For insects that live above ground, the 
mechanisms of behavioral responses to environmental factors 
often are directly observable. However, behavioral responses of 
soil-inhabiting insects are much more difficult to observe and 
quantify. Soil texture and structure can have a direct impact on 
arthropod behavior and adaptations. Field studies of soil insects 
often quantify the consequences of behavior, whereas the actual 
behaviors are only inferred. There have been studies of ecological 
and physiological adaptations of several soil arthropods that are 
not considered to be agricultural pests but have certain life 
history features that make them amenable to investigation. 
However, most insects that are agricultural pests as soil- 
inhabiting immature forms (e.g., wireworms or rootworms in 
corn, scarab grubs in turf grass) often have been studied in 
detail only in their more accessible, or observable, adult form. 
This is in part because of the logistical challenge of observing 
the movements and other behaviors of the soil-bound larvae. 


CHARACTERIZATION OF THE 
SOIL ENVIRONMENT 


Soil Solids 


Most soils have a complex structure, consisting of solids, liquids, 
and atmospheric gases. The solid components (e.g., sand or 


Soil Habitats 1053 


clay) constitute much of the soil matrix in bulk. Inorganic, or 
mineral, particles range in size from clays (< 0.002 mm in 
diameter) to silts (0.002—0.05 mm) to sands (0.05—2 mm) to 
pieces of gravel (> 2 mm). The proportion of different sized 
particles, or soil texture, determines to a large extent the physi- 
cal properties and appearance of a soil, as well as its ability to 
supply chemical nutrients to plants. The soil texture also has 
an impact on the soil arthropod population. For example, 
small soil arthropods sometimes find it difficult to move in 
heavy clay or tightly compacted soils. 

Soil organic matter consists of an accumulation of partially 
disintegrated and decomposed plant and animal residues that 
have been broken down and resynthesized by microorganisms in 
the soil. Although organic matter usually does not constitute 
more than 6% by weight in topsoil (and even less in subsoils), it 
binds mineral particles into slightly larger granules that produce 
loose, crumbly soils that can hold more water than their mineral 
counterparts. Organic matter also is a primary source of energy 
for a variety of soil organisms, including many arthropods. 


Pore Spaces 


A typical loam soil will consist of roughly 50% soil solids (a 
combination of sand, silt, and clay) and 50% pore spaces and 
water. The size and distribution of pore spaces will depend on 
the size and shape of the mineral particles, as well as the 
activity of microorganisms. A predominantly clay soil will 
usually have very small pore spaces because the clay particles 
are very small and can pack together effectively. A sandy soil 
will tend to have much larger pore spaces because the sand 
grains are more irregular in shape and do not compact as 
readily. Atmospheric gases (most notably, oxygen and carbon 
dioxide) also occupy pore spaces and can move passively 
through the soil profile, depending on surface conditions. 
Pore spaces are further characterized as micropores (< 0.06 
mm) and macropores (> 0.06 mm). Macropores tend to allow 
movement of air and percolating water very readily, whereas 
micropores are the first to be filled with water in a moist field soil 
and do not permit much air movement into or out of the pores. 
Convection can enhance the exchange of gases within a soil 
or between a soil and the atmosphere above. Aeration (move- 
ment of oxygen and other gases) near the surface of a soil occurs 
most readily in the presence of large, interconnected pore net- 
works or channels. The rate of aeration is influenced by changes 
in barometric pressure, temperature gradients, and wind gusts. 
Temperature, relative humidity, surface texture, and continuity 
of soil pores affect the diffusion of gases into and out of soil. 


Soil Water 


Water (and dissolved minerals) accumulates in pore spaces and 
moves vertically through the soil profile if the surface input (e.g., 
rain or irrigation) exceeds the rate at which any vegetation 
absorbs the water. Water moves most readily through soils that 
have well-spaced, interconnecting macropores, but it also fills 
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many of the micropores closest to the surface. Since water dis- 
places air in the pore spaces, soils that are saturated with water 
cannot retain atmospheric gases that are critical to plant growth. 

Soil moisture tension determines how much water remains 
in the soil at equilibrium and is a function of the sizes and 
volumes of pore spaces (matric potential), the presence of solutes 
in the soil (osmotic potential), and gravity. When the surface of 
a soil dries following an extended period of dry weather (further 
enhanced by low humidity or steady winds), water can also 
be drawn back toward the surface through capillary action. 

The relative concentrations of oxygen, carbon dioxide, and 
water vapor often are considerably different in soil pore spaces 
(soil atmosphere) and in the open air. Oxygen concentrations 
tend to be lower and CO, concentrations tend to be higher in 
the soil atmosphere as a result of plant and animal respiration 
and biochemical soil processes. Relative humidity tends to be 
relatively high, particularly in soils used to produce agricul- 
tural crops. 


Soil Temperature 


Surface temperatures of soils often fluctuate at least as much as 
ambient air temperatures, but the difference between the daily 
maximum and minimum temperature decreases as depth in the 
soil increases. There is a delay of maximum and minimum soil 
temperatures compared with the overlying surface tempera- 
tures, correlated with depth. Seasonally the maximum and 
minimum temperatures occur in the warmest and coolest 
seasons, respectively, in the upper soil layers. In contrast, the 
highest temperatures occur in early winter and the lowest 
temperatures occur in midsummer, at 7 m depth. Soil insects 
and other arthropods often move vertically in direct response 
to soil temperature, moving downward in late autumn to 
avoid freezing temperatures on the surface and returning to 
the surface in the spring to resume feeding. 


FORMS OF LIFE IN THE SOIL 


A vertical cross section of a soil profile reveals several distinct 
layers. The lowest layer, or horizon, is the C horizon, which 
consists of unweathered rock. The B horizon contains 
weathered, rough mineral soil with small deposits of humus. 
The A horizon normally has fine mineral soil interspersed 
with organic matter. The O horizon is a layer of plant debris 
lying on the surface of the mineral soil. The thickness of this 
layer depends on the amount of vegetation that is deposited 
seasonally and annually, and on the amount of degradation 
that occurs as a result of soil organisms. Within the O 
horizon are several layers, including (from the top) leaf litter, 
a fermentation layer, and a humus layer. The humus layer 
often merges into humus-enriched topsoil. 

Soils and the overlying organic layer are not homogeneous, 
but rather are stratified. Similarly, the arthropods that live in 
these regions are grouped into different life-forms that have 
adapted to the various conditions that exist in the soil. 


Euedaphons 


Euedaphic soil arthropods inhabit the lowest soil layers, 
generally moving within the soil pore system. These arthro- 
pods usually are small and are characterized by a round or 
wormlike body form. The body size corresponds to that of the 
pore system, and extremities are often reduced. Because they 
cannot escape predators, many euedaphons generate and release 
toxic or defensive substances. Most euedaphons are photopho- 
bic and either lack eyes or have eyes that have degenerated 
considerably. They tend to have well-developed mechano- or 
chemosensitive organs, which compensate for their poor or 
nonexistent vision. Arthropods occurring in the euedaphon 
include several species of proturans, diplurans, and symphylans, 
as well as a few oribatid mites. 


Epedaphons 


Epedaphic arthropods live on the soil surface and in leaf litter. 
They are not well adapted to the conditions found in the soil 
pore system (e.g., high relative humidity, restricted gas exchange, 
restricted mobility). They are represented by many different 
body forms, usually are strongly pigmented, and often are 
dorsoventrally flattened. They have well-developed sensory 
organs and are highly mobile. Arthropods occurring in the 
epedaphon include oribatid mites (Oribatei), springtails 
(Collembola), ectobiid cockroaches, several cricket species, 
and several predatory beetles, including rove beetles 


(Staphylinidae) and ground beetles (Carabidae). 


Hemiedaphons 


The hemiedaphon group represents a transitory form of life, 
enabling some epedaphic or atmobiotic arthropods to occupy 
burrows in the soil. Hemiedaphic arthropods have the ability 
to excavate through soil by means of modified mouthparts or 
fossorial legs, and often they can enlarge existing cracks and 
pores. Several insect taxa have adopted a hemiedaphic life for 
a variety of reasons: to dig channels and then wait for surface 
prey to fall into the pit, to burrow through the soil hunting 
for small epedaphic arthropods, to avoid temperature or mois- 
ture extremes on the surface, or to feed on roots of plants. 
Hemiedaphic arthropods include earwigs (Dermaptera), field 
crickets and mole crickets, tiger beetles (Cicandellidae), and 
white grubs (scarab larvae). 


ADAPTIVE STRATEGIES OF SOIL ARTHROPODS 
Response to Soil Texture 


Organisms in the soil (and leaf litter) community play very 
different roles, based in part on their size. Organisms (e.g., 
protozoa, bacteria, and some nematodes) that exist in water 
films, often in soil micropores, have resource requirements 
and defense needs that differ from those of organisms able to 
move in and out of soil pores independently. Similarly, a soil 





FIGURE 1 Schematic representation of the impact of soil particle size on 
movement of a soil insect. Japanese beetle larvae (neonate, late first instar, 
mid second instar, and mid third instar) shown in a square centimeter of 
typical loamy sand soil. [Drawing by Stephen L. Thomas, University of 
Massachusetts, adapted from Villani, M. G., and Wright, R. J. (1990). Environ- 
mental influences on soil macroarthropod behavior in agricultural systems. 
Annu. Rev. Entomol. 35, 249-269.] 


macroarthropod, as it grows, will perceive the soil matrix dif- 
ferently (Fig. 1). A neonate exists functionally as a micro- 
arthropod, able to move only within existing pores in the soil. 
Thus its ability to move is a function of the porosity of the soil 
(including the size of the pores and their continuity). As the 
arthropod grows, less of the pore space is available for free move- 
ment. At this point pore space is less important in impeding 
movement than gross soil structure (impacting insect movement 
among soil aggregates) and aggregate density (movement 
through the aggregates). Plant root activity, surface cover, traffic 
and other sources of compaction, and density of soil organisms 
all impact aggregate formation. As the insect grows, less of the 
soil pore space is available to the insect for free movement, but 
it may take advantage of preexisting soil channels created by soil 
macrofauna such as earthworms, other arthropods, or small 
vertebrates. Water-filled soil pores can inhibit movement. 


Response to Temperature 


Several soil insect species demonstrate a seasonal pattern of 
vertical movement associated with soil temperature. In tem- 
perate climates, many soil macroarthropods move downward in 
late autumn to avoid freezing and return to the upper soil layers 
in spring. Some species move away from the soil surface in the 
middle of summer, in part to avoid high soil temperatures. 
Species-specific responses to soil temperatures influence periods 
of feeding activity and may enable similar species to occupy 
slightly different niches (e.g., wireworms, scarab grubs). 


Response to Moisture 


Some hemiedaphic arthropods have developmental stages that 
cannot tolerate extremes in moisture, and many of those stages 
are very sensitive to soil moisture levels. For example, grubs 
of several scarab species that had been held in dry soils moved 
upward almost immediately after moisture was applied to the 
surface. Several macroarthropods, including some wireworm 
species, alter the soil environment by creating semipermanent 
earthen cells. These temporary cavities enable the insects to 
create nearly saturated chambers in the soil, greatly reducing 
moisture loss from evaporation. Numerous desert arthropods 
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create earthen cells in which they can aestivate when soil 
moisture is extremely low (or temperature is extremely high). 

Usually, eggs and pupae of insects are most resistant to 
moisture loss and least able to escape undesirable conditions. 
Larvae and adults are often mobile stages and may be able to 
move away or alter their behavior to minimize the impact of 
adverse moisture extremes. For example, scarab larvae can 
move downward in the soil profile to seek moister (and 
cooler) conditions during periods of heat or drought stress. 
Heavily sclerotized soil arthropods may be less vulnerable to 
cuticular moisture loss than are less sclerotized forms, such as 
grubs or maggots. 


Locomotion 


Edaphic arthropods move through soil to locate food, to escape 
predators, or to escape unfavorable abiotic conditions. Adap- 
tations for movement in soil depend on soil type, particle size, 
pore size, and soil density, among other things. Although many 
epedaphic species use their bodies as wedges, euedaphic species 
tend to dig through soil, using their legs and mandibles as 
shovels. Legs of edaphic insects often are highly modified to 
facilitate digging or burrowing through soil. At least one leg seg- 
ment is likely to be enlarged, specially shaped, and edged with 
spines or lobes to create functional spades. Expanded tibiae 
or femora provide increased surface area, providing improved 
leverage when the insect is moving soil. For example, mole 
crickets (Orthoptera: Gryllotalpidae) use their greatly enhanced 
fossorial forelegs to burrow through soils very rapidly. 

Many euedaphic arthropods lack obvious modifications for 
digging, but are able to move through soil by fitting between 
particles or by moving in existing burrows or crevices. Body 
shapes may be flattened or cylindrical, but in general antennae 
and legs tend to be reduced or absent. Millipedes serve as an 
example of the variety of adaptations that have arisen over 
time. Some species act as bulldozers with long bodies, many 
legs (for purchase against soil particles), and broad heads; other 
species have shorter bodies, fewer but longer legs, and tapered 
heads that allow the millipedes to wedge through small spaces 
in the leaf litter or upper layers of soil. Still other species of 
millipedes have very tapered anteriors and compressible bodies 
that can be used to widen crevices. The heavily sclerotized 
elytra and terga on adult beetles can provide a very effective 
protective shield when an insect is pushing aside soil particles 
or layers of leaf litter. 


Host Finding 


Much of the behavioral research that has been conducted over 
the past 50 years has centered on atmobiotic insects, in part 
because until recently it was virtually impossible to observe 
soil insects im situ without disturbing them. Destructive sam- 
pling techniques enabled researchers to make quantitative 
assessments but revealed very little information about how or 
why soil insects exhibited certain behaviors. 
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For many hemiedaphic insects, host finding begins with 
choices made by the mobile adult female as she seeks ovipo- 
sition sites. For example, a female corn rootworm beetle 
(Diabrotica) may oviposit in a field where corn is growing, but 
if the field is planted to a different (nonhost) crop the following 
growing season, the neonates that emerge in the spring may 
have to move relatively large distances to reach a suitable host. 
Similarly, emerging scarab larvae must locate suitable roots and 
begin feeding within 24 to 48 h of eclosion, and overwintering 
grubs must relocate to suitable host plants when returning to 
the upper soil layers in the spring. 

There are many plant-derived chemicals that elicit responses 
in insects in general, including host plant extracts that initiate 
host-searching behaviors or avoidance mechanisms. Many of 
the most intensively studied phytochemicals are produced in 
leaves or stems, but soil insects are more likely to respond to 
chemicals produced in the root zone. Some of these com- 
pounds are quite specific and elicit responses (e.g., host seeking) 
from limited taxa. Others, like carbon dioxide, are not species 
specific and influence a wide range of soil insects. Chemicals 
produced in the soil (typically as root extracts) may diffuse 
over relatively large distances, but the diffusion rate depends 
on soil moisture, texture, and compaction. 


Defensive Adaptations 


Edaphic arthropods produce a variety of compounds that can 
function as contact toxins, repellents, or irritants. Many different 
taxa use similar biosynthetic pathways to produce closely related 
compounds. For example, several soil arthropod groups, 
including some millipedes and centipedes, as well as some 
chrysomelid larvae, produce hydrogen cyanide. The glands that 
produce this nonselective toxin apparently are not homologous, 
suggesting that the capability has evolved more than once. 
Some edaphic arthropods have developed chemical defenses 
against deep-soil predators that use mechanoreceptors and 
chemoreceptors to provide cues to locate their prey. Others 
evade predators by running or jumping. Epedaphic Collembola 
(springtails) that live in leaf litter are cryptically colored and 
have a highly evolved mechanism that enables the insect to 
jump away from a disturbance virtually instantaneously. In 
contrast, Collembola that live wholly within the soil (and thus 
are constrained by soil particles) tend to be smaller and paler, 
and to have less well developed jumping mechanisms than 
epedaphic species. Instead, the euedaphic springtails secrete 
noxious fluids that protect them against many predators. 


Interactions of Soil Insects with Chemical 


Control Agents 


Edaphic insects that are considered to be pests in production 
agriculture or the green industry are often much more 
difficult to “control” than their atmobiotic counterparts. 
One of the greatest challenges is achieving adequate contact 
of an insecticide with the target insect. Many insecticides 


dissipate or degrade relatively quickly (before they reach the 
soil) or are adsorbed to soil particles. Most soil insecticides 
(and other pesticides) remain in the top 5 to 10 cm of the 
soil, where they are subject to microbial degradation. Soil 
factors such as pH, organic matter, moisture, temperature, 
and microbial community diversity will have a direct impact 
on the mobility and persistence of a soil insecticide. 
Insecticides that are highly mobile in soil may be ineffective 
because they move beyond the target zone too rapidly. 
Many soil insects can detect the presence of insecticides 
and other chemicals and will initiate avoidance behavior (e.g., 
moving away from the soil zone in which the chemical is 
detected). Abiotic factors, such as soil moisture or temperature, 
that induce a target insect to move as little as 1 cm further into 
the soil profile may place target insects beyond the effective 
“range” of some chemical control agents. Often the manipula- 
tion of irrigation apparatus or the use of application equipment 
that incorporates a control agent directly into the soil at the 
desired depth can enhance the efficacy of a soil insecticide. 


IMPACT OF SOIL ON PATHOGENS, PREDATORS, 
AND PARASITOIDS 


Pathogens 


The upper layers of most soils, as well as leaf litter, support 
active microbial communities. Many of these organisms are 
natural decomposers, breaking down plant and animal tissues 
that ultimately become part of the organic matter in the 
underlying soil. Interestingly, many edaphic arthropod popu- 
lations are nearly free of disease. Several studies have demon- 
strated that secretions from many different edaphic arthropods 
inhibit vegetative growth or suppress the germination of path- 
ogenic organisms. 

Edaphic arthropods that are highly susceptible to patho- 
genic organisms in laboratory tests are rarely infected in the 
field, suggesting that there may be a critical behavioral com- 
ponent. For example, several soil insects, including earwigs 
(Dermaptera), mole crickets, and ants, tend and lick eggs. This 
behavior may remove fungal spores or bacteria or inhibit their 
germination. In addition, some laboratory studies utilize arti- 
ficially dense populations of the target arthropod, which may 
enhance the spread of pathogens from one organism to another. 

Nevertheless, several insect pathogens occur naturally in 
soils. For these pathogens to induce an epizootic, three con- 
ditions must be met. A susceptible host must be present, with 
host susceptibility being governed by population density, species 
composition, presence or absence of other stress factors, and 
behavioral responses to the pathogen. A pathogen must be 
present, with a suitable level of virulence and persistence. 
Finally, the environment must support both the host and the 
pathogen. Soil conditions, such as low temperature or high 
moisture levels, may stress the target insect population, 
predisposing individuals to infection and ultimately leading 
to population declines. 


Several microbial insecticides were identified and developed 
during the last half of the 20th century. All were found in natu- 
rally occurring epizootics in the soil and were subsequently 
commercialized. Microbial insecticides are passively mobile 
because an insect that comes in contact with the microbial 
product may move some distance from the initial point of 
contact before it dies. The behavior of the target insect can be 
important to the spread of the pathogen, particularly when 
normal (or pathogen-induced) behaviors result in movement 
of individuals beyond their normal range. Most microbial 
insecticides are able to replicate within the host. 

In some instances, edaphic arthropods are able to detect 
and avoid fungal pathogens in soil. In 1994 Villani et al. 
conducted a series of microcosm studies proving that when 
incorporated into soil, mycelial formulations of Metarhizium 
anisopliae, a naturally occurring soil fungus, repell third- 
instar Japanese beetle (Popillia japonica) grubs for as long as 
3 weeks. Similar responses have been observed with tawny 
mole crickets and subterranean termites. 

Examples of microbial insect pathogens include bacteria 
(e.g., Bacillus popilliae, B. thuringiensis, Serratia marcescens, S. 
entomophilas), fungi (e.g., MM. anisopliae, Beauveria bassiana, 
Fusarisum spp., Penicillium spp., and Aspergillus spp.), protozoa 
(e.g., Ovavesicula popilliae), and various rickettsia (bacteria-like) 
organisms. Many of these have been developed commercially, 
with varying degrees of success. 

External factors relating to soil condition may modify arthro- 
pod behavior. Localized flooding may force edaphic insects to 
move to unsaturated soils, whereas after several weeks without 
rain these insects may seek moister (usually lower) ground. 
These localized migrations may result in contacts between 
populations of edaphic insects and pockets of pathogen activity 
that otherwise might not have occurred. Disruptions in social 
behavior may increase or decrease infection rates. For example, 
studies have demonstrated that applications of sublethal rates of 
certain soil insecticides, such as imidacloprid, greatly increase the 
pathogenicity of some pathogens, including B. bassiana and 
some entomopathogenic nematodes (see next section). Appar- 
ently the sublethal exposure of the insecticide disrupts normal 
social behavior in the termite colony, including grooming, 
trophallaxis (food exchange), and construction of tunnels. 


Predators and Parasitoids 


Insect predators are mobile and self-replicating. Their effec- 
tiveness depends on the interaction of the soil environment 
with both the agent and the host. The initial contact and sub- 
sequent spread through the population depend on temporal 
and spatial overlap. The predator must be well adapted to the 
soil conditions. In particular, the predator must be able to move 
through the soil and to respond to host cues. Some predators 
are edaphic arthropods, such as predatory beetles or spiders. 

Entomopathogenic nematodes can also be considered to 
be predators, since they move through the soil in search of 
host insects. Some species move actively, whereas others are 
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more passive, ambushing prey as it moves nearby. Entomopath- 
ogenic nematodes enter the host through natural openings, 
such as the mouth, spiracles, or anus. Nematodes in the genera 
Heterorhabditis and Steinernema carry a pathogenic bac- 
terium, which is released in the body cavity of the host. The 
bacteria multiply within the host and produce toxins that kill 
the host rapidly. Although several nematodes species are avail- 
able commercially, their efficacy in field conditions has been 
inconsistent, in part because the nematodes are extremely 
sensitive to temperature and soil moisture levels. 

Several insects have evolved as parasitoids of edaphic 
arthropods. Host finding is presumed to be much more 
complex than for atmobiotic hosts because any host volatiles 
must move through the soil matrix. The parasitoid also must 
be able to move through the soil structure to reach the host. 
Studies attempting to evaluate the specific host-finding 
behaviors of these parasitoids must include consideration of 
soil texture, moisture, and temperature, as well as root zone 
exudates and sensitivity to movement-induced vibrations. 


SAMPLING TECHNIQUES FOR SOIL INSECTS 


One of the greatest challenges facing soil insect ecologists is 
the need to develop techniques of following insect movement 
and feeding behavior in situ while minimizing disturbance of 
the soil system. Until recently, researchers relied on the 
“snapshot” approach of collecting soil samples and sampling 
destructively, to determine how many soil insects might be 
present in the sample. This approach provided limited 
quantitative assessments but could not provide information 
over an extended period of time. 

One technique that seems to be ideally suited to observing 
soil insect behavior is radiography, which has been used to 
trace the movement of scarab grubs and mole crickets in 
turfgrass, wireworms in corn, and onion maggots in onions, 
among other arenas. Plastic boxes of varying dimensions are 
filled with soil, and virtually any edaphic arthropod can be 
introduced to the microcosm and observed without distur- 
bance. The technique has been expanded since Villani and 
Wright first described some of the applications in 1988. It 
has been used to investigate the response of soil insects to the 
presence of pathogens, to study the movement of two different 
species in a confined space, and to conduct preliminary basic 
observations of species behavior in soil. Understanding of 
insect movement in soil has expanded tremendously as a 
result of radiographic observations. 


See Also the Following Articles 
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he spermatheca is a special pouch in the female in which 

spermatozoa are stored and maintained after mating. In 
more advanced insects, the male deposits seminal fluid or a 
spermatophore in the bursa copulatrix, and the sperm move 
from the bursa into the spermatheca. The sperm often remain 
viable within the female's spermatheca for her entire life, which 
may be as long as 3 to 4 years for social insects such as the 
honey bee queen. The sperm are released from the spermatheca 
only when eggs pass down the oviduct so fertilization may 
occur just before the eggs are laid. 


SPERMATHECAL STRUCTURE 


A female insect typically has only one spermatheca, but some 
coleopterans have two, and there are three spermathecae in 
some dipterans. The spermathecae vary considerably in their 
overall structure from insect to insect, but as outgrowths of 
the median oviduct, they are all ectodermal in origin and 
produce a cuticular lining. They generally arise from the 
median oviduct near or on the genital chamber (Fig. 1). The 
spermathecal sac (or receptaculum seminis) is connected to 
the genital chamber by a secretory duct (or ductus seminalis) 
through which the sperm are discharged. There also may be 
specialized secretory cells associated with the capsule that 
produce secretions that maintain the viability of the sperm 
and activate them. The sperm move quite actively within the 
spermathecal sac, and the secretions of the secretory cells are 
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FIGURE 1 The generalized structure of the female reproductive tract, showing 
the location of the spermatheca. [After Snodgrass, R. E. (1935) “Principles 
of Insect Morphology.” McGraw-Hill, New York.] 


assumed to provide nourishment to them. Secretions of the 
spermatheca may also be directed into the hemocoel. In the 
blood-sucking bug, Rhodnius prolixus, a factor produced by the 
sperm-filled spermatheca is responsible for the increased rate of 
egg development that is associated with mating. 


UTILIZATION OF SPERM 


The spermatheca may be innervated by nerves that branch 
from the terminal abdominal ganglion and control the release 
of sperm. When sensory receptors on the oviduct are activated 
by the presence of an egg, a reflex arc through the terminal 
abdominal ganglion activates a motor neuron that triggers the 
contraction of muscles surrounding the spermathecal sac. Sperm 
are squeezed through the spermathecal duct to the oviduct, 
where the egg is fertilized before it passes out of the body. 
There may not always be a random utilization of sperm 
present in the female spermatheca. When sequential matings 
occur, although the sperm from different males may be 
mixed within the storage organ, the sperm from one mating 
may be used preferentially. Most often there is precedence in 
the utilization of sperm so that the last sperm to enter are the 
first ones to leave, increasing the probability that a second 
mating will be used to fertilize the eggs. To ensure paternity 
in second matings to an even greater degree, male insects 
have evolved some novel mechanisms of sperm displacement. 
For example, the male of the damselfly, Calopteryx maculata, 
uses its scooplike penis both to transfer its own sperm to the 
female and also to remove from the spermatheca sperm from 
a previous mating. An unusual method of insemination and 
sperm storage occurs in some members of the heteropteran 
superfamily Cimicoidea, which includes the bedbugs. Males 
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puncture the cuticle of the female, injecting the sperm into a 
specialized tissue mass there. The sperm may then move to 
the ovaries or remain within the tissue mass for storage, as if 
in a spermatheca. 


See Also the Following Articles 
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I n the more primitive insect groups, males synthesize special- 
ized sperm carriers called spermatophores to protect the 
sperm during their transfer to the female genital tract. Insects 
are believed to have descended from aquatic ancestors whose 
males released their sperm directly into the water. In adapta- 
tion to a terrestrial existence, however, a more precise method 
of mating was required to prevent the sperm from desiccating. 
The spermatophore thus represents an initial adaptation for 
life on land that protects the male gametes until they are within 
the female reproductive tract. In more advanced insects, the 
sperm are transferred directly in seminal fluid and the sper- 
matophore is no longer produced. 


SPERMATOPHORES IN APTERYGOTE INSECTS 


The insect spermatophore is synthesized by the male accessory 
glands. It consists of a viscous secretion that is shaped by the 
internal structures of either the male or the female once it has 
been inserted into the female reproductive tract. A change in 
pH may account for the transition from a liquid secretion by 
the male accessory glands to a more solid, gel-like mass. The 
sperm are contained within the saclike ampulla of the 
spermatophore before it is transferred to the female. 

The structure of the spermatophore and the mechanism 
of transfer differ among the insect orders. In many primitive 
apterygote insects, such as the collembolans, the sper- 
matophore consists of a drop of sperm placed in a simple sac 
at the end of a stalk on the ground. Females must find the 
spermatophore themselves and actively take it up into the 
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genital tract. The behavior is more complex in other species 
of Collembola, where the male may actively manipulate the 
female and direct her to the spermatophore he has already 
deposited. These males have not developed the modifications 
necessary to grasp the female for conventional mating. 
Similarly, some Thysanura males deposit an unstalked sper- 
matophore on the ground, but place a wall of silken threads 
around it to signal to the female that the spermatophore is 
nearby. Because all these insects inhabit humid soil 
environments, there is little chance for the sperm to dry out 
before the females find them and take them up. 


SPERMATOPHORES IN PTERYGOTE INSECTS 


In pterygote insects that produce a spermatophore, transfer 
to the female is more direct. Odonate males deposit their sper- 
matophore from their genital opening at the tip of the abdomen 
to the secondary genitalia on the anterior segments of the 
abdomen. During copulation, the male grasps the female with 
the tip of his abdomen while her abdomen loops forward to 
receive the sperm from his secondary genitalia. In many 
orthopterans, the spermatophore is inserted into the female 
genital tract with a long spermatophore bulb that protrudes 
from the female genitalia. The female may eat the exposed bulb 
once the sperm have left, deriving the considerable nutritional 
investment that the male has made. Some males present a 
nuptial gift during and shortly after copulation to distract the 
female and prevent her from eating the spermatophore before 
the sperm have left it. In the cricket Aceta domesticus, the 
physical coupling of the male and female is followed by the 
insertion of the spermatophore into the female genital tract 
and the attachment of its long tube to the female’s ovipositor. 
The sperm travel into the spermatheca of the female, and 
after 30 to 40 min, the flasklike spermatophore is dislodged. 
In the more advanced pterygotes, the males form the sper- 
matophore in a more recently evolved structure in the female 
genital tract, the bursa copulatrix, and the sperm then move 
to the spermatheca(e) of the female for ultimate storage and 
utilization. In some Lepidoptera, the bursa contains spines 
that rupture the spermatophore and allow the sperm to 
escape. Once the sperm have escaped, the spermatophore may 
be digested by enzymes secreted into the bursa, and its raw 
materials exploited by the female for egg production. Male 
Anopheles mosquitoes produce a modified spermatophore 
that serves as a mating plug to temporarily block the genital 
tract and prevent the female from mating with other males. 
The metabolic costs of synthesizing a spermatophore may be 
one reason for its ultimate disappearance in many of the higher 
insect orders. Accompanying the loss of the spermatophore has 
often been the development of a male intromittent organ that 
is capable of placing the sperm directly into the bursa copulatrix 
or the spermatheca(e), making the spermatophore unnecessary. 


See Also the Following Articles 
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Fe many, spiders are a cause of fear and a source of revul- 
sion. Even to entomologists, spiders have often been thought 
of as a mere annoyance, filling nets and pitfall traps meant for 
insect quarry. It is therefore surprising to learn that spiders 
have held a prominent role in traditional cultures for cen- 
turies. Indeed, the terms “arachnid” and “arachnology” come 
from Greek mythology: A young maiden, Arachne, dared to 
challenge the great goddess Athena to a spinning contest. 
Athena wove a remarkable tapestry, yet that spun by Arachne 
was far superior in its intricacy and perfection. Infuriated 
that a mere mortal could spin such a masterpiece, Athena 
turned Arachne into a spider, condemned to a life of perpetual 
spinning. In native American culture, it was a spider that 
brought fire to the Cherokee people; the Navajo told of 
Spider Woman (Na ashje’ii 'Asdz44), who came from the “first 
world” and taught the women how to weave; according to 
Pueblo legend, Spider Woman was at the core of creation; and 
the Sioux Indians use the “dream catcher,” spun by a spider, 
to capture the good dreams of life. Spiders are also prominent 
in African culture, as illustrated in the well-known stories of 
“Anansi, the Trickster.” Rather more recently, Scottish legend 
tells of King Robert the Bruce, whose observations of a spider 
inspired him to persevere, going on to conquer the English. 
The reasoning behind some of the tales can be obscure. For 
example, in the far-flung Micronesian island of Palau, the 
ability of women to perform natural childbirth is attributed 
to a spider. With such a diversity of lore, it is clear that spiders 
have been held in high regard across a global spectrum of 
cultures and for a very long time. 

Spiders, like insects, belong to the phylum Arthropoda, but 
they are in the class Arachnida, which includes the orders Acari 
(ticks and mites), Scorpiones, Pseudoscorpiones, Opiliones 
(harvestmen or daddy-long-legs), and several less common 


orders. Arachnids are only distantly related to the other major 
terrestrial arthropod group, the insects, and represent a separate 
evolutionary transition from marine to terrestrial living, because 
their closest living relatives are thought to be the marine 
horseshoe crabs (xiphosurans) and sea spiders (pycnogonids). 
Together, these marine and terrestrial orders are called the 
chelicerate orders based on the structure of their mouthparts, 
in contrast to the orders to which insects and crustaceans 
belong. Recent molecular and morphological evidence points 
to the Ambylpygi, or tailless whip scorpions, as the group 
sharing the most recent common ancestor with spiders, with 
the other arachnid orders more distantly related. Spiders can 
easily be distinguished from other arachnids by their lack of 
visible segmentation and the marked constriction between the 
prosoma and the opisthosoma, dividing the body into 
cephalothorax and abdomen, respectively. 

Although much less diverse than insects in habits and mor- 
phology, spiders, which are in the order Araneae, nonetheless 
occupy nearly all terrestrial environments and can be found 
wherever there are other terrestrial arthropods to prey upon. 
Research into spider biology, particularly the diversity of 
silks, webs, and venoms, together with the associated ecology 
and behaviors, has increased greatly in recent decades. Moreover, 
phylogenetic advances are beginning to provide the context 
for comparisons between spider taxa and between spiders, 
other arachnids, and other terrestrial arthropods. 


EXTERNAL ANATOMY 


The body of all arachnids is divided into an anterior prosoma 
and posterior opisthosoma, and in spiders these major 
divisions are referred to as the cephalothorax and abdomen 
(Fig. 1). These are connected by a narrow stalk, the pedicel. 
The cephalothorax is covered dorsally by the carapace and 
ventrally by the sternum and labium. Unlike in insects and 
most other arachnids, the segmentation of the spider body is 
not visible externally (except in two primitive lineages) and 
the cuticle is relatively soft, particularly on the abdomen. 

At the front end of the carapace are the simple eyes, or 
ocelli, usually in four pairs, but in some groups one or more 
pairs may be reduced or absent. The eight simple eyes are 
usually arranged in two rows of four, though each of these rows 
may be curved in such a way that individual eye pairs seem to 
form their own rows, and in some species one, two, three, or 
even all four pairs of eyes may be lost. The anterior eye row is 
closer to the chelicerae, whereas the posterior eye row is farther 
back on the cephalothorax. Each eye row consists of median 
and lateral eye pairs, so that each pair can be identified both 
by row and by position within that row. For example, the 
anterior median eyes (AMEs) are the central pair, closest to 
the chelicerae. Below the front margin of the ocular area is the 
clypeus, from which the two chelicerae extend downward. 
Each chelicera consists of a stout basal section, from the outer 
corner of which articulates a narrower distal section, the fang. 
Behind the mouth ventrally is a second pair of mouthparts, 
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FIGURE 1 External anatomy of a spider. (A—B) Ventral view of abdomen, showing (A) four pairs of book lungs, and (B) two pairs of book lungs. (C) Ventral view 


of prosoma. (D) Ventral view of female cribellate spider, showing cribellum. (E) Ventral view of female ecribellate spider, showing colulus. (F) Lateral view of 


leg. (G) Tarsus of leg of three-clawed spider. (H) Tarsus of leg of two-clawed spider and claw tuft. (I) Dorsal view of prosoma (cephalothorax) of jumping spider. 
(J-L) Anterior view of carapace and chelicerae of (J) jumping spider, (K) tangle-web spider, and (L) orb-web spider. ale, anterior lateral eyes; als, anterior lateral 
spinnerets; ame, anterior median eyes; ple, posterior lateral eyes; pls, posterior lateral spinnerets; pme, posterior median eyes; pms, posterior median spinnerets. 


leg-like in appearance, the pedipalps. In mature males, these 
are modified for secondary sperm transfer and appear swollen, 
facilitating recognition of the spider’s sex. 

Extending laterally from the ventral cephalothorax are four 
pairs of legs, each consisting of seven segments: coxa, trochanter, 
femur, patella, tibia, metatarsus, and tarsus. The legs are 
generally covered with hairs and often have a great diversity 
of spines, bristles, and scales. These outgrowths serve a variety 


of functions, including mechanical and chemical sensory 
functions (see below). Each leg terminates in two or three 
tarsal claws. In three-clawed spiders, there are usually two larger 
paired claws and a smaller unpaired median claw, whereas in 
two-clawed spiders, the median claw is often replaced by a 
tuft of dense, stiff hairs, called the claw tuft. 

A spider’s abdomen is carried behind the cephalothorax. 
The abdomen may be globose or elongate in appearance and 
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is sometimes covered in hairs or scales similar to those found 
on the legs. The respiratory book lungs (one or two pairs) 
open at the anterior end of the abdominal venter. They can be 
seen externally as patches of hairless cuticle on the venter of 
the spider, adjacent to the genital opening. In mature female 


spiders, the genital area is found nestled between the book 
lungs, the form varying from a simple slit or pair of holes to 
a complex sclerotized copulatory plate, the epigynum. 

At the posterior end of the abdomen are the spinnerets— 
usually in three pairs, the anterior, posterior, and median 





FIGURE 2 Spider genitalia. (A-G) Comparison of male palpal structures showing the change in complexity in different lineages of spiders (see Fig. 5 for major 
lineages). Lineages represented are (A) Eurypelma sp. (Mygalomorphae), (B) Atypoides sp. (Mygalomorphae), (C) Kukulcania sp. (Haplogynae), (D) Hololena 
sp. (RTA clade), (E) Theridion spirale (Orbicularia), (F) Araneus gigas (Orbicularia), (G) Araneus gemma (Orbicularia). Abbreviations of structures: c, cymbium; 
co, conductor; e, embolus, p, paracymbium; r, retrolateral tibial apophysis. (H) Diagram of epigynum, ventral view. Abbreviations of structures: d, coiled ducts; 
f, fertilization duct; g, genital opening; s, seminal receptacle. (Reprinted, with permission, from Feelix, 1996, Fig. 135, © Oxford University Press.) (I-N) 
Comparison of female genital structures. (I) Antrodiatus sp. (Mygalomorphae), (J) Kukulcania sp. (Haplogynae) showing simple slit opening of seminal receptacles 
(no epigynum), (K) Hololena sp. (RTA clade) showing sclerotized epigynum, (L) Theridion spirale (Orbicularia), (M) Araneus gigas (Orbicularia), (N) Araneus 
sp. (Orbicularia) showing elaborate sclerotized epigynum and scape(s). Panels A, E, FE, L, and M, adapted from J. H. Comstock, (1912), “The Spider Book,” 
Doubleday, Page, Garden City, NY. Panels B, C, G, I, J, and N, photographs (microscopic, automontage) taken by the authors. Panels D and K drawn by the authors. 
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FIGURE 3 Internal anatomy of a female spider (adapted from J. H. Comstock, (1912), “The Spider Book”). Ao, aorta; BL, book lung; co, cardiac ostia of the 
heart; CN, cheliceral nerve; (P), pharynx (behind the esophageal ganglion); (E), esophagus (behind the esophageal ganglion); HG, hindgut; Mi, midgut; MD, 


midgut diverticula; MT, Malpighian tubules, Oc, ocular area; ON, optic nerves; Ov, ovaries; SG, silk glands; SS, sucking stomach; Sup. EG, supraesophageal 


ganglion; Sub. EG, subesophageal ganglion; SP, stercoral pocket; VG, venom gland. 


pairs—and the anal tubercle. The median spinneret pair is 
often obscured by the larger anterior and posterior pairs, and 
the entire complex of spinnerets may be surrounded by a 
sclerotized ring. Each spinneret pair has its own complement 
of silk spigots that extrude silks for specific functions. In 
addition, many spiders have a cribellum, or spinning plate, 
found adjacent to the standard spinneret complement that 
they use to produce an ultrafine looped silk for prey capture. 
In others, the cribellum has been reduced to a small vestigial 
lobe, called the colulus, or lost completely. 

The sex organs of male spiders are the palps (Figs. 2A—2G). 
The cymbium, or modified tarsus of the mature male palp, is 
hollowed out to contain the copulatory organ. The basal 
appendage of the cymbium is called the paracymbium. The 
bulb of the male’s palp opens through a spine-shaped 
apparatus, which ends in a fine tube, the embolus. The male 
palp is generally less complex in primitive spiders (haplogynae) 
relative to more advanced spiders (entelegynae). More 
complex palps have hard sclerotized parts (sclerites, which 
include the conductor, embolus, tegulum, etc.) and soft parts 
(hematodochae), both of which can carry prominences, or 
apophyses. At rest, most structures are folded away, with the 
delicate sclerites protected. During mating, the hematodochae 
are filled using hydraulic pressure and the sclerites extended, 
as the male inserts his palp into the female epigynum. The 
intromittent portion of the palp must navigate through the 
complex ducts of the female to achieve sperm transfer, while 
other sclerotized projections on the palp help to lever the 
embolus into position during copulation. The actual copu- 
lation has been referred to as a “lock and key” mechanism 
because of the often complementary species-specific form of 
the genital structures. 

The female genitalia (Figs. 2H—-2N) of primitive spiders 
comprise a ventral fold within which a hidden opening leads 
into a single duct, or egg tube. This tube serves for sperm 
insemination and egg laying. In more advanced spiders 
(entelegynae), there are two openings, the egg tube and the 
genital tube, both hidden by an external structure, the epig- 
ynum. The epigynum is sclerotized and becomes visible upon 


maturity. The complex structures on the female epigynum 
guide the male palpal bulb through a convoluted set of 
internal ducts into the female’s genital tube, which leads to 
the sperm pocket where the sperm is stored. 


INTERNAL ANATOMY 


The central nervous system of the spider is located in the 
cephalothorax and consists of two main ganglia, the larger sub- 
esophageal ganglion and the smaller, more anterior supra- 
esophageal ganglion, sometimes referred to as the “brain” of 
the spider. The two ganglia are divided horizontally by the 
esophagus, and nerves radiate from both, forming the periph- 
eral nervous system. The supraesophageal ganglion connects 
to the cheliceral and optic nerves, while the subesophageal 
ganglion connects to the peripheral nerves of the palps, legs, 
and abdomen (Fig. 3). 

Paired venom glands occupy the upper portion of the che- 
licera in all spiders except the Uloboridae and, in many spiders, 
extend well into the cephalothorax about midway between 
the eyes and the supraesophageal ganglion. The digestive tract 
consists of a pharynx, esophagus, sucking stomach, and the 
beginning of the midgut in the cephalothorax, with the rest 
of the midgut, hindgut, and anus located in the abdomen. 

The major respiratory organs are in the lower abdomen 
and are called “book lungs” because they resemble stacked 
sheets of paper. More primitive spiders have two pairs of book 
lungs, others have one pair and may also have a set of tubular 
tracheae. Within spiders, there has been a sequence of replace- 
ment of book lungs by tracheae, apparently in response to 
problems of circulation, with more active spiders having 
variably elaborate tracheal systems (Table I). The heart is a 
tube-like organ, suspended by muscles and ligaments along the 
dorsal midline of the abdomen, with multiple ostia that serve 
as valves to keep the blood flowing in one direction. The heart 
pumps the hemolymph forward through the aorta into the 
cephalothorax. Silk glands are numerous and may fill up to a 
third of the volume of the abdomen. In more advanced spiders 
they can have varied functions (Table II). The gonads consist 
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TABLEI Relative Compositions of Book Lungs versus Tracheae in Different Groups of Spiders 

Second abdominal segment Third abdominal segment Example 
Book lungs Book lungs Mesothelae, Orthognatha 
Book lungs Short tube tracheae Filistata 
Book lungs Long tube tracheae Dysdera 
Book lungs Long entapophyseal tracheae Argyroneta 
Book lungs Short tube tracheae and short entapophyseal tracheae Araneidae, Lycosidae 
Book lungs Short tube tracheae and long entapophyseal tracheae Cryphoeca 
Book lungs No respiratory organs Pholcidae 
Sieve tracheae Long tube tracheae Caponiidae 
Sieve tracheae No respiratory organs Symphytognathidae 
Tube tracheae Long tube tracheae Telema 


Note. The more primitive groups (Mesothelae, Orthognatha) retain book lungs on both second and third abdominal segments. More advanced groups show 


loss of book lungs and/or replacement by tracheae. 


of paired, coiled, tubular testes in males and paired ovaries in 
which the follicles may appear grape-like in females. 


PHYSIOLOGY 
Feeding and Venoms 


Upon capture, a spider sinks its fangs into the body of its 
prey. At this point, the spider must paralyze, or otherwise 
restrict the movement, of the prey rapidly before it can eat it. 
Nearly all spiders use venom to incapacitate their prey. When 
envenomating prey, muscles surrounding the venom glands 
contract, forcing venom out of the glands and through ducts 
that carry the venom to the tips of the fangs and into the 
prey. Spider venoms are toxic cocktails of polypeptides and 
proteolytic enzymes that are quite effective for paralyzing the 
spider’s (usually insect) prey. Because most of the polypep- 
tides have evolved to act on nervous systems of arthropods, 
which use glutamate as a neurotransmitter, most spider 
venoms have little effect on vertebrates, but there are 
exceptions. Some venoms, like those of the widow spiders 
(Latrodectus), contain components that broadly affect 
vertebrate nervous systems. In humans, a black widow bite, 
which may go unnoticed when it happens, can result in 
several days of pain, muscle spasms, abdominal cramping, and 
weakness. More serious symptoms may include respiratory 


TABLE II Silk Gland Types, Silk Uses, and Location of 
Spigots within Spinnerets 





Gland type Silk uses Spigot locations 
Major ampullate glands — Dragline, web frame Anterior 
Minor ampullate glands — Dragline reinforcement Median 


Aciniform glands Swathing silk, sperm Median, posterior 


web, egg sac outer wall 
Cylindrical (or 
tubuliform) glands 


Cocoon silk Median, posterior 


Aggregate glands Glue for sticky spiral Posterior 
Flagelliform glands Core of sticky spiral Posterior 
Piriform glands Attachment disc silk Anterior 


difficulty and hypertension. Deaths are rare, however, and 
antivenins are available in emergency situations. Other species, 
such as the brown recluse spider (Loxosceles reclusa), produce 
venoms that cause tissue death (necrotism) at the site of the 
wound. While these may not cause systemic effects like the 
black widow toxins, the wounds produced may take weeks or 
months to heal, and infection is a serious risk. 


Digestion and Excretion 


Spider digestion begins outside its body. Once the spider has 
disabled its prey with venom, silk, or both, it extrudes digestive 
enzymes into the prey and then, using negative pressure from 
its sucking stomach, reingests the soup of digestive enzymes 
and partially digested food. This is repeated until all of the 
prey’s soft tissue has been consumed. Once the liquefied food 
has passed through the sucking stomach, it enters the midgut 
where nutrient absorption takes place, with secretory cells 
producing digestive enzymes and resorptive cells absorbing 
food into vacuoles. 

Waste is concentrated in the cytoplasm as the nearly insolu- 
ble products guanine, adenine, hypoxanthine, and uric acid. 
These products are collected via the Malpighian tubules and 
moved into the stercoral pocket, which empties through the 
hindgut and anus. Other excretory tissues in spiders include 
the coxal glands, which appear to be involved in water balance, 
and the large nephrocyte cells that concentrate metabolites. 


Circulation and Respiration 


Although spiders have well-defined blood vessels, they lack 
capillaries and have few veins; thus, their circulatory system 
is basically open. The heart is suspended in the pericardial sinus, 
and blood enters the heart through paired slits called ostia, 
which open when the heart is at rest. The heart primarily 
pumps hemolymph from the abdomen forward through the 
aorta into the cephalothorax, supplying oxygen to the central 
nervous system and the skeletal muscles. Once depleted of 
oxygen, the fluid passes into two sinuses, which lead to the 
base of the abdomen where the fluid is reoxygenated by the 


book lungs and (if present) by tubular tracheae before pressure 
pulls it through pulmonary veins back into the pericardial sinus. 

Unlike most insects, spider hemolymph has an oxygen- 
carrying pigment, hemocyanin. Hemocyanin is structurally 
similar to hemoglobin, but instead of iron it uses copper as 
its oxygen-binding metal, which can make spider 
hemolymph appear bluish green. Compared to hemoglobin, 
hemocyanin is less efficient (~5%) in oxygen transportation 
and is not concentrated in specialized cells. 


NEUROBIOLOGY 


The detection of touch and sound, mediated by vibrations, is 
the primary sense of spiders, although other senses may be 
well developed in some groups. These senses are discussed in 


detail in a 1985 book by E G. Barth. 


Touch and Sound 


Spiders are notably hairy, and most of the various hairs on their 
bodies function as mechanoreceptors, sensing movement and 
vibrations from both the spider’s substrate (which may be the 
web, the ground, or vegetation on which the spider is situated) 
and the surrounding air. They also serve as touch receptors. The 
many stout hairs on the legs, cephalothorax, and abdomen, 
as well as the finer, more upright trichobothria, found only 
on the legs, are triply innervated and are involved in the 
localization and identification of potential prey. Additional 
mechanoreceptors are the slit sensilla and a variety of other 
proprioceptors, which respond to stresses in the exoskeleton 
caused by external vibration or by the spider’s own movements. 
The slit sensilla are found all over the exoskeleton, but may be 
arranged in groups to form “lyriform organs.” Together with 
the trichobothria, the slit sensilla/lyriform organs may be the 
functional equivalent of spider “ears.” Other proprioceptors 
include internal ganglia at leg joints and hairs that respond to 
joint movement. 


Taste and Smell 


Chemoreceptive hairs are localized mainly on the tarsi of the 
front legs, and in the palps, although some chemoreception 
may take place at the mouthparts. The hairs involved in 
chemoreception resemble tactile hairs, but are open-ended and 
S-shaped. Spiders respond to sex pheromones of conspecifics, 
and it is also likely that they use chemoreception to identify 
potential prey, enemies, and environmental change. 


Sight 


The “simple” eyes, or ocelli, have a single cuticular lens. The 
back of the eye contains the retina, which consists of visual 
cells (including the light-sensitive rhabdomeres) and pigment 
cells. The main eyes (always the AMEs) consist of a lens, 
vitreous body, and retina (which contains the visual cells), 
while the secondary eyes may also have a light-reflecting 
surface, the tapetum, behind the retina, which causes the 
well-known eye shine of spiders at night. The visual acuity of 


Spiders 1065 
spiders depends on the shape of the lens and the number of 
thabdomeres. For most species vision is poorly developed. 
Most web-building species rely almost exclusively on touch, 
with vision used to detect light and dark and (in a few 
species) direction of polarized light. However, vision is well 
developed in jumping spiders, with the AMEs having high 
visual acuity (acting like the fovea of the human eye), the 
remaining eyes having lower acuity but a broader field of 
vision and functioning for peripheral vision. 


SILKS AND SPIDER WEBS 


Spiders are unique among arthropods in their use of silks at 
all stages of their lives. Silks are produced in the abdomen in 
specialized silk glands, each of which yields a different kind 
of silk. The general structure of a silk gland is a tail area that 
secretes the liquid silk proteins into a sac-like lumen, or 
storage area. The lumen empties into a duct leading out to 
the spinneret spigots. The ducts are important in silk 
production because their tapered shape helps to orient the 
molecules relative to the axis of the thread to maximize 
strength, whereas the cells surrounding the duct draw off 
water from the oriented protein and turn them into solid silk 
fibers. The ducts of the different silk glands terminate at 
specific spigots in the spinnerets (Table II). 

The various silks produced by spiders show different com- 
binations of remarkable material properties, including high 
tensile strength, extensibility reminiscent of rubber, and resist- 
ance to decay. These properties have led to research in the 
pursuit of silk genes and techniques for spinning the translated 
products of these genes; genetically engineered spider silk may 
soon be found in parachutes, bulletproof vests, car bumpers, 
artificial ligaments, etc. At the molecular level, spider silks are 
a family of proteins made up primarily of a subset of amino 
acids (alanine, glycine, serine, proline, glutamine, and tyrosine 
make up over 75% of the composition of characterized spider 
silks) arranged in a highly repetitive manner. The smallest 
repeating units of two to six amino acids are strung together 
into larger “tandem repeats.” This arrangement is thought to 
form secondary structures that determine the kind of silk pro- 
duced. The overall structure can be compared to a composite 
material with stiff, stress-resistant crystals interspersed in an 
extensible, energy-absorbing matrix. 

The most obvious use of spider silk is in web construc- 
tion, but it is employed for many other purposes in the life 
of a spider, including the following: 


Ballooning 


Spiders are capable of producing silk as soon as they emerge 
from the egg, and two behaviors, the manufacture of a brood 
web and ballooning, are characteristic of newly hatched juve- 
niles, or spiderlings. A brood web is made by some spiderlings 
upon emergence and for the earliest instars can serve as a 
communal nest for the young to catch prey together. 
Ballooning generally occurs once dispersal in the spiderlings 
has been initiated by developmental or environmental cues. 
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The spiderlings let out a silk thread, which produces enough 
drag to catch the wind and carry the spider off, sometimes for 
great distances. 


Dragline 


Nearly all spiders trail a dragline behind them during loco- 
motion. The dragline is extruded from the ampullate glands 
as the spider walks along or moves in its web, stopping occa- 
sionally to anchor the line with an attachment disc secreted 
by the piriform glands. The jumping spiders (Salticidae) may 
make seemingly reckless jumps, but are almost invariably 
anchored with a dragline, so a missed leap is seldom fatal. 
Dragline diameters vary from several hundred nanometers to 
several micrometers, depending on the size of the animal 
being supported. Draglines are stronger than any other 
known natural fiber, with the added ability to stretch 15 to 
30% beyond their original length before breaking. 


Egg Sacs 


All spiders use silk to protect their eggs. The silk covering of 
the egg mass may range from a few strands to a thick covering 
with multiple silks. The resulting silken cocoon can take on a 
huge variety of forms depending on the spider and the habitat. 


Sperm Webs 


Silk is also used to make the male sperm web. Shortly after 
the final molt to maturity, a male spider makes a small web 
(sometimes just one or a few strands of silk), upon which he 
deposits sperm from the abdomen. He then places the tip of 
his palp into the sperm, which is drawn through the palp’s 
opening into the sperm duct, where it is stored. 


Capture Webs 


The most remarkable use of spider silk is in the construction 
of snares for catching prey. In webs, silks can function both 
directly as a mechanical trap, to stop or slow potential prey, 
and indirectly as an extension of the spider's sensory apparatus, 
alerting it to the trapped prey. A number of spiders can 
produce sticky capture webs, which come in two forms. The 
“hackled” or woolly silk of cribellate spiders is sticky (akin to 
Velcro) because of its fine fibers. The silk is formed by rapid 
combing (by the calamistrum on the rear leg) of a silk pro- 
duced from the cribellum, a field of fine openings in front of 
the spinnerets. In contrast, the web silk of ecribellate spiders 
usually has sticky globules, secreted by the aggregate glands, 
arranged along its length. 

The type of web that spiders produce is often charac- 
teristic of a family, with forms including the two-dimensional 
orb, tangle (cobweb), sheet, and funnel webs (Fig. 4). Each 
of these webs has its variants as well; for example, orb webs 
can be oriented either vertically or horizontally or may be 
reduced, sometimes to a single section of a complete orb. The 





FIGURE 4 Web structures. (A) Typical orb web (Araneidae). (B) Orb web 
of species of Tetragnathidae. (C) Cribellate orb web (Uloboriodae). (D) 
Tangle web of black widow (Theridiidae). (E) Tangle web of Steatoda sp. 
(Theridiidae). (F) Sheet web of Frontinella sp. (Linyphiidae). (G) Funnel 
web of Agelenopsis sp. (Agelenidae). (Reproduced, with permission, from 
Wise, 1993; illustrations by Gilbert H. Wise.) 


impressive body of literature on the form, function, and 
evolution of spider webs was reviewed by Eberhard in 1990. 

Despite the fact that all webs serve the same basic func- 
tion and despite the common characterization of spiders as 
generalist predators, the form of the silk of certain webs can 
be specialized for capture of a small subset of potential prey 
types. For example, many comb-footed spiders (family 
Theridiidae) make tangle webs with viscid threads extended 
to the substrate below, the last centimeter or two of which are 
coated with a sticky substance (“gum-foot lines”) and serve to 
snare cursorial prey. More specialized is the bolas spider, an 
orb weaver whose “web” consists of a single strand of silk 
with a sticky droplet (bolas) at the end, which it uses to catch 
moths. In addition to these differences in silk form between 
web types, silks often have different functions within webs. 
For example, silk from the flagelliform glands makes up the 
core fibers of the capture spiral in orb webs and _ has 
properties quite different from those of the silks that form 
the web frame and radial elements. The remarkable property 


of this capture-spiral silk is its ability to stretch; it may more 
than double its length while absorbing the kinetic energy of 
a flying insect. In addition, the capture spiral recovers tension 
slowly, which prevents prey items from being flung back out 
of the web. 


Web Decorations 


One of the most conspicuous features of the webs of some orb 
spinners is the presence of a stabilimentum, a prominent silk 
line, cross, and/or spiral, at the center of the orb. The function 
of the stabilimentum is not clear, though it may serve to cam- 
ouflage the spider, startle predators, or protect the integrity of 
the web from accidental damage. 


RELATIONSHIPS AND TAXONOMY 


Understanding of the relationships among different spider 
groups and between spiders and other arthropods has increased 
dramatically in the past 2 decades. Some portions of the spider 
tree remain unresolved, and additional morphological and 
molecular study will be needed to settle these uncertainties. 
Statements of phylogenetic relatedness between spider groups 
are based on a review of morphological data by Coddington 
and Levi in 1991, and all groups mentioned can be found on 
the summary cladogram (Fig. 5), unless otherwise noted. 
Spiders are divided into three suborders, the Mesothelae, 
Mygalomorphae, and Araneomophae, and 106 families. The 
Mesothelae (1 family, Liphistiidae, two genera, 40 species) are 
considered the most primitive of all living spiders, based on 
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their external visible segmentation and location and number 
of spinnerets (all four pairs present, without a cribellum). The 
Mygalomorphae, recognized by the articulation of the 
chelicerae parallel to the body (paraxial), are also considered 
primitive; they are generally stout-bodied and include the 
trap-door spiders and the impressively large tarantulas (family 
Theraphosidae) among their 15 families. Araneomorphs, the 
“true” spiders, represent over 90% of spider diversity. They 
can be distinguished from the more primitive spiders by the 
sideways (diaxial) articulation of their chelicerae. Paraxial and 
diaxial cheliceral orientations are also referred to as orthognath 
and labidognath, respectively. The most basal lineage of the 
Araneomorphae is the Paleocribellatae, consisting of 1 family, 
the Hypochilidae, in which the body plan is a mosaic of 
primitive and derived characters. 

The rest of the araneomorphs belong to one of two clades, 
the haplogynae and the entelegynae, distinguished on the basis 
of the complexity of the female genitalia (Fig. 2). In the hap- 
logynae, the smaller group, the external female genitalia consist 
of a simple opening, or gonopore, tucked between the book 
lungs, with a single duct serving both the copulatory and the 
fertilization functions. Two well-known haplogyne families 
are the spindly legged Pholcidae (or daddy-long-legs spiders), 
common around and inside houses, and the Sicariidae, which 
may also occur in and around houses, and include the much- 
feared brown recluse spiders (L. reclusa), whose venom may 
cause necrotic wounds in humans. In the entelegynae, the 
female genitalia are more elaborate, with separate fertilization 
and copulatory ducts and sclerotized epigynum. The most 
diverse and well-known entelegyne spider families belong to 


“higher araneaids” 


Amaurobiidae 
Agelenidac 
Pisauridae 
DLloboridae 
Araneidae 
Linyphiidae 
Theridiidac 
Tetragnathida 


Lycosidac 


RTA clade J Orbicularia 


FIGURE 5 Phylogenetic relationships of major spider lineages, with exemplar families. (After Coddington and Levi, 1991.) 
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the RTA clade, so named because of a retrolateral tibial apoph- 
ysis on the male’s palp, and the orbicularia, which includes 
the orb-web builders and their relatives. The RTA clade is a 
huge, ecologically diverse group of spiders and includes about 
one-third of all described spider species. Many are web builders, 
for example the funnel-web spiders (Agelenidae). However, 
some of the most successful lineages have shifted to non-web- 
building hunting strategies, including the jumping spiders 
(Salticidae), in which the median tarsal claw is replaced by a 
tuft of tarsal hairs that facilitates a cursorial lifestyle. Salticidae 
also have greatly enlarged anterior median eyes, giving them 
the best vision of all spiders. They use this vision to track prey 
and carry out unique jumping attacks with great accuracy 
and in mate choice when faced with flamboyant courtship 
displays. The crab spiders (Thomisidae) are another family of 
two-clawed spiders with an interesting variation on the 
typical spider sit-and-wait game. Thomisids hide in the petals 
of flowers, where their bright colors often disguise them, and 
use their raptorial forelegs to capture visiting pollinators. 
Wolf spiders and their relatives (Lycosoidea) are also cursorial 
hunters, though they retain all three tarsal claws. 

The Orbicularia includes some of the best known web 
spinners. In particular, the orb web is often considered to be 
the “classic” spiderweb—a two-dimensional sphere consisting 
of a frame, with radii projecting outward, and a spiral of sticky 
silk wrapped surrounding the center. There are three families 
primarily responsible for these orb webs, the cribellate 
Uloboridae and the Araneidae and Tetragnathidae, which have 
lost the cribellum. The orb design, once thought to be the 
“pinnacle” of web evolution, is now thought to have served as 
a point of departure for some successful groups (the “higher 
araneoids”) that make webs of quite different designs. The 
comb-footed spiders (Theridiidae) make seemingly disorgan- 
ized cobwebs, often with viscid gum-foot lines as mentioned 
above. On the other hand, “bowl-and-doily” or money spiders 
(Linyphiidae) make dome-like sheets from which they hang 
on the lower surface; the viscid silk in these spiders dries up 
after being produced and serves to cement together the dif- 
ferent layers of the sheet. 


COURTSHIP, REPRODUCTIVE BEHAVIOR, 
AND GROWTH 


Courtship 


The first step in courtship involves maturation of the male 
spider, at which stage the palps have become modified and 
swollen for sperm storage and transfer. Once the palps are 
charged with sperm, the male sets out to find a receptive female. 
However, spiders are assiduous predators, and the male must 
overcome this propensity of the female if he is to mate. There 
is a huge array of courtship strategies that allow the male to 
approach. Most spiders employ some kind of vibratory com- 
munication during courtship. Among web-building spiders, 
the male often locates himself on the edge of the female’s web 


and gently plucks. It often takes hours, even days, until the 
female becomes receptive. Wolf spiders (Lycosidae), although 
they do not have webs, make use of vibrational cues during 
courtship. Vibrations generated from stridulating organs are 
usually transmitted through the leaf litter. Visual cues, 
although used by wolf spiders, are most complex among 
jumping spiders (Salticidae). Male jumping spiders generally 
communicate courtship by performing a variably elaborate 
dance for the female, waving their often brightly colored legs 
and body to show off iridescent plumes. If successful, the 
male can extend his forelegs to touch the female before 
climbing on top of her. 

In a number of species the female must adopt a state of 
complete immobility before the male can initiate copulation. 
In other species, the male waits until the final molt and can 
mate with the female immediately. In certain species the 
female is very much larger than the male and appears hardly 
to notice that the male is either approaching or copulating 
with her. Other males secure the female by wrapping her in 
silk prior to copulation. Species in the genus Teétragnatha 
have an unusual way of mating whereby the cheliceral fang of 
the female becomes wedged against a dorsal notch on the 
cheliceral surface of the male. The male then locks the female 
in place by closing his fangs over hers. 


Copulation 


Copulation involves the injection of sperm from the male’s 
palps into the seminal receptacles of the female, with the 
palps being inserted alternately into the epigynum. In some 
species, the palp breaks off and seals the epigynum. Once 
copulation has been completed, the male must escape from 
the female before her brief period of receptivity ends. If the 
male fails to escape in time, he can be caught and consumed 
by the female, although more commonly he escapes to mate 
again. However, the life span of a mature male is generally 
short, and many do not eat at all. Female spiders, on the 
other hand, are able to store sperm and so can produce fertile 
eggs long after copulation. Accordingly, females may survive 
for some time before egg laying is complete, and in many 
species they survive longer, to care for their offspring. 


Egg Sacs 


Some time after mating, the female will deposit an egg sac. The 
eggs are always laid within a cocoon of silk. However, like 
courtship, there is a diverse array of egg sac types and behay- 
iors that spiders use to protect their eggs. In most spiders, the 
female spins a layer of silk into which she deposits her eggs. 
She then covers the eggs with more silk. The covering may be 
scant, as in the daddy-long-legs spiders (Pholcidae). In other 
spiders the sac is very thick, with multiple silks, soft inside 
but tough and water resistant outside, as in many spiders of 
the family Theridiidae (e.g., Latrodectus). Egg sacs are also 
produced in a variety of colors, from white to yellow, green, 
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“ A heat resistant soldering iron stand with cleaning sponge. (Antex) 


Soldering irons are best used along with a heat-resistant bench stand, where the 
hot iron can be safely stored in between use (photo). It is extremely important that a hot 


or black, in pastel or vivid shades. Textures may vary from 
papery smooth to tufted and furry and shapes from flat to 
round or angular, with connections to the substrate ranging 
from a tight fixture to loosely suspended or pendulous. These 
colors and shades generally match the substrate on which the 
egg sac is laid, serving to camouflage the developing eggs as 
protection against predation and parasitism. 


Parental Care 


Parental care varies tremendously among spiders. Some 
females abandon their egg sac immediately after it has been 
laid although, even in these species, the female selects specific 
sites for deposition of the egg sac. For example, it can be 
plastered on a twig (e.g., Zetragnatha), placed under a leaf or 
stone, wrapped in a leaf, or suspended in the web or retreat, 
either with a stalk (e.g., Argyrodes) or without. However, 
extended parental care has been documented in a number of 
spiders and has broad implications with regard to the origin 
of social behavior. 


EGG SAC DEFENSE A number of female spiders guard 
their eggs closely until (or after) hatching. Such guarding is 
common among jumping, crab, sac, and ground spiders, and 
a variety of others, and can be critical for egg survival in, for 
example, the green lynx spider Peucetia viridans (Oxyopidae) 
and the Hawaiian happy face spider Theridion grallator 
(Theridiidae). In several groups of spiders, the females carry their 
eggs with them wherever they go. In particular, wolf spiders 
(Lycosidae) carry their egg sac attached to their spinnerets; 
fishing (Pisauridae) and giant crab (Heteropodidae) spiders 
carry their egg sac under the sternum; daddy-long-legs spiders 
(Pholcidae) carry their egg sac held in the chelicerae. 


CARE OF SPIDERLINGS Maternal care in spiders, when 
present, often terminates after hatching, and the young dis- 
perse. However, female wolf spiders carry their young on their 
abdomen once they have hatched from the egg sac; fishing 
spiders build a “nursery web,” a large tent-like structure in 
which the spiderlings live while the mother stands guard. 
Among a few comb-footed and other spiders, care of the 
emergent spiderlings can be developed to an extraordinary 
degree. This is true of the communal comb-footed spiders 
Theridion saxatile, T. sisyphium, T. grallator, and Anelosimus 
studiosus. Females of the latter two species defend the egg sac 
aggressively and then capture prey for, and even feed, the 
young, which are unable to capture prey on their own. 
Providing the young with food appears to be the primary 
function of brood care once the spiderlings emerge from the 
egg sac. In addition to simply securing prey, a mother may 
feed her offspring by regurgitation or by laying “trophic eggs.” 
In some species she may even feed herself to her offspring, a 
process known as “matriphagy,” and in at least one species, 
Amaurobius ferox, the mother is known to expedite this 
process herself. 
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Dispersal 


One of the most intriguing aspects of spiders is their dispersal. 
When spiderlings hatch, they are generally aggregated. 
However, on the first day with suitable wind speeds, they will 
frequently move up to the highest point they can find (e.g., the 
tip of a grass stalk) and let out silk which catches in the wind. 
As the spider lets out more silk, the pull of the wind on the silk 
becomes sufficient to allow the spiderlings to become airborne. 
Spiderlings can travel tremendous distances by ballooning and 
are frequently the dominant component of aerial plankton, 
although the family groups represented vary with locality: 
Linyphiidae comprise much of the fauna above land areas that 
have been examined, whereas Tetragnathidae dominate over 
oceanic areas. Because of their capacity to balloon, spiders are 
often the first to colonize unoccupied land masses, whether 
cleared land or new islands in the middle of the ocean. 


Growth 


Spiders, like insects, have a rigid exoskeleton and must molt to 
grow, with three to nine instars (stages between molts) before 
reaching maturity. Spiders do not metamorphose: A first-instar 
spiderling looks similar to, though smaller than, an adult. Most 
spiders live for about a year, though mygalomorphs may live 
for 30 years. 


SOCIALITY 


Although most spiders are solitary and highly intolerant of 
others, there are several species that exhibit some form of 
social behavior, ranging from aggregations at a certain life 
stage to prolonged maternal care and even quasisociality or 
true sociality. Considerable controversy surrounds the origins 
of quasisocial and true social behavior in spiders, discussed in 
chapters of a book by Choe and Crespi published in 1997. It 
may have evolved through coloniality and the development 
of aggregations around an abundant resource. Alternatively, 
it may have arisen through extension of brood care into later 
instars. Many studies have examined the biology of social 
theridiids, including the formation of colonies and sex ratios 
in true social species. 


Colonial Spiders 


Some spiders (e.g., several species in the families Araneidae, 
Uloboridae, and Tetragnathidae) live in colonies, usually around 
an abundant food source. The benefits from such behavior 
include sharing silk support lines for prey capture, sharing 
prey that is not overall in short supply, and communication. 


Subsocial Spiders 


In subsocial spiders, there is both maternal brood care beyond 
the first few developmental instars that is typical of most 
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spider species and an extended phase of tolerance among 
young within the maternal nest. However, these species live 
solitarily as adults. True sociality in spiders is thought to have 
evolved via the “subsocial pathway” by a prolongation of an 
early tolerance phase without dispersal. The subsocial route 
to sociality entails decreasing the genetic variance within 
breeding groups as a result of families staying in proximity. 


True Sociality 


True sociality appears to have arisen independently multiple 
times in spiders. Social spiders, unlike eusocial insects, have 
no castes that are morphologically different or sterile and most 
individuals within colonies reproduce. In addition, social 
spiders show a female-biased sex ratio and high population 
turnover and inbreeding. Their breeding colonies are closed 
and new colonies are formed by splitting an existing colony, 
by a swarm of related females, or by single gravid females. 
High levels of inbreeding and relatedness among females bias 
the sex ratio toward the dispersing sex. So, unlike most spiders, 
males do not appear to disperse large distances in social 
species. Gene flow between established colonies is rare, and 
colonies show a high degree of genetic structure. It seems 
likely that sociality may be maintained by behavioral preadap- 
tations that lead to tolerance and cooperation among colony 
members on the one hand and population structure on the 
other. 


CAMOUFLAGE AND MIMICRY 
Crypsis 


Spiders have many enemies. In addition to other spiders, 
perhaps the most important predators are birds and spider- 
hunting wasps, both of which possess high visual acuity and 
color vision. Spiders can have specific adaptations for 
matching background colors (crypsis) such as flowers/leaves, 
grass/twigs, bark, underleaf surfaces, and the ground. In 
some spiders, the crypsis is extraordinarily close and can vary 
between individuals on different backgrounds. There are, for 
example, several species that are variable in color but always 
seem to match the bark on which they are living. Selection 
for crypsis in similar types of habitat has led to the repeated 
evolution of similar colorations in unrelated species. For 
example, spiders that live under leaves in the tropics are 
generally translucent yellow, often with dark leg joints that 
disrupt the outline of the legs. During the day these spiders 
lie flat against the underside of the leaf, thereby reducing 
shadows and becoming highly cryptic against the light 
transmitted through the leaf: Five unrelated spider species 
living in the same Hawaiian forests exhibit these adaptations 
for underleaf crypsis, as do at least four species from the 
forests of Panama. Within a single lineage, repeated evolution 
of similar cryptic coloration in different species has been 
found in a radiation of Tetragnatha spiders in Hawaii. 


Disruptive Coloration 


In some spiders the characteristic shape of the body is con- 
cealed, for example by bold, juxtaposed colors. These kinds 
of colors tend to be found where the propensity to wander over 
different backgrounds while searching for prey might preclude 
true crypsis. Crypsis per se may also be difficult in diurnal 
orb-spinning spiders. Some of these have developed mimetic 
resemblances to dead leaves and sticks but others have appar- 
ently adopted disruptive coloration. 


Mimicry 

Most studies of mimicry in spiders have been concerned with 
the imitation of ants, thought to be a form of Batesian mim- 
icry. The spiders may gain some protection from predators 
through their resemblance to aggressive or unpalatable ants. 
The topic of ant mimicry has recently been reviewed by 
Cushing, in 1997. Spiders may also mimic a range of other 
organisms, alive or dead, and inanimate objects. For example, 
many Cyclosa spp. (Araneidae) build vertical “sticks” of prey 
remains within the web but leave a gap in the center, which 
is filled by the spider itself. Crab spiders (Thomisidae) mimic 
the color of flower heads very precisely and prey on polli- 
nators that approach. Some spiders resemble bird droppings, 
which are attractive to insects. In the garden spider Argiope 
argentata, the visibility of both the contrastingly colored 
ventral and the UV-reflecting dorsal side of the opisthosoma 
may increase insect prey caught in the web. 


Apostatic Coloration 


At least some predators can develop search images, concen- 
trating their search effort on more common forms of indivi- 
duals of any species. This can result in polymorphism within 
a prey species. One of the best examples of this is found in 
Theridion grallator (Theridiidae) (Fig. 6). Within this species, 
there is a remarkable diversity of color forms, yet the 
frequency of color forms is similar in different populations, 
apparently maintained by bird predation. 


HABITAT SELECTION 


How do spiders select a site in which to live? Many studies have 
demonstrated that there are clear associations between spider 
abundance and the structural diversity of the habitat, climatic 
regime, and prey availability. Most spiders are considered to 
be sit-and-wait predators, spending much time in locating a 
suitable site in which to wait and remaining there until its 
quality deteriorates. The time they remain at a site depends 
on their investment at the site. For species that do not spin 
webs, the investment is only the time spent finding the site. 
Ecribellate orb-web spiders can regain most of their resource 
investment at a site by ingesting the web before abandoning 
the site. Among other web-building spiders, however, the 





FIGURE 6 Some representative color morphs of the Hawaiian happy face 


spider Theridion grallator. 


investment at a site cannot be regained; it can only be decreased 
through reduction in web size. Movement from a site may be 
dictated by disturbance or web destruction, microclimate 
change, growth of the spider relative to structural requirements 
for web construction, and/or prey capture success. 

In selecting a site, it is often not clear what aspect of the 
environment it is to which the spider is responding. It is 
possible for hunting spiders to move directly to their feeding 
site, at least when they can perceive air- or substrate-borne 
vibrations. Web-building spiders are generally confined to 
their web for prey detection so that movement from a web 
site is generally not directed, and to select a site they must 
“sample” a location by building a web. However, the main 
vibration receptors of web spiders (trichobothria) are 
basically the same as those of wandering spiders. Accordingly, 
web-building spiders may also be capable of perceiving 
vibrations mediated by the air or the substrate. 


PREDATION 
Prey Capture 


For web-building spiders, prey are usually captured upon being 
trapped in the sticky threads. The spider will generally respond 
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to the vibration of an insect caught in the threads by shaking 
the web, causing the insect to become more firmly stuck and 
allowing the spider to locate the position of the insect. The 
spider may then approach the insect, often doing so very 
rapidly, and wrap it in silk of various amounts depending on 
the size and strength of the insect. This approach and attack 
behavior varies, with some web-building species leaping upon 
and biting the prey even before it becomes firmly secured in 
the web. More specialized strategies have evolved in a number 
of web builders. For example, the ogre-faced spider (Deinopis) 
holds its cribellate web, orb-like in form, between the two 
front pairs of legs; it uses the web much like a net, hurling it 
over prey that come close. Comb-footed spiders may use their 
gum-foot lines to catch crawling prey; the unsuspecting prey 
may either dislodge the tensed lines, which springs them into 
the tangle of the web, or they get reeled in by the alerted spider. 

For spiders that do not build webs, prey may be detected by 
air- or substrate-borne vibrational cues or, alternatively, at least 
in the case of jumping spiders, by visual cues. Cursorial spiders 
often jump on their prey without wrapping it in silk. However, 
certain groups have elaborate mechanisms for securing their 
prey. In particular, the spitting spiders (Scytodidae) have a high- 
domed cephalothorax, which contains venom glands connected 
to a posterior gland that secretes a sticky silk. The spider creeps 
up on its prey and, by rapid contractions of the muscles in 
the prosoma, ejects sticky silk and venom over the prey, which 
is thus immobilized. One species of long-jawed spider in 
Hawaii has long tarsal claws that it uses to impale insects 
directly from the air. Other specialized mechanisms of prey 
capture are discussed below. 


Diet 


Spiders are exclusively carnivorous, although they are usually 
regarded as generalist predators, taking prey as they are encoun- 
tered. However, their diet is dictated by the habitat in which 
they select to live, and habitat specialization can greatly restrict 
the dietary repertoire of many species. Even within a given 
habitat, species may specialize on prey, either through choice 
or because they exhibit specialized predatory behaviors. For 
example, species in the genera Dipoena and Euryopis 
(Theridiidae) are specialized for feeding on ants, while those 
in Dysdera (Dysderidae) appear to specialize on isopods, and 
pirate spiders (Mimetidae) and some Argyrodes (Theridiidae) 
feed on other spiders. 


Kleptoparasitism 


Kleptoparasitic spiders steal food from the webs of other, 
unrelated and usually larger web-building, spiders, which are 
also potential predators. They may form groups of up to 50 
individuals around the web of a “host” spider and glean small 
insects from the periphery of the host spider’s web, eat the 
host’s silk, steal food bundles previously wrapped and left in 
the web by the hosts, or even approach a feeding host spider 
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and then feed, undetected, next to the host spider. The most 
diverse collection of obligate kleptoparasites is found in the 
spider genus Argyrodes (Theridiidae), which contains at least 
200 species, about 100 kleptoparasitic. 


Aggressive Mimicry 


Aggressive mimicry is mimicry that enhances the access of 
spiders to their prey. Perhaps the most interesting case of 
aggressive mimicry is shown by certain jumping spiders that 
can mimic the vibratory signals of a fly by plucking with their 
legs and palps on the web of other spiders. This may attract 
the occupant to the jumping spider close enough to be attacked. 
The best-studied species in this regard is Portia fimbriata 
(Salticidae) from Queensland. This spider preys on web 
builders with poor eyesight, which allows the araneophagic 
Portia to drum out a pattern of signals on the web that 
imitates the vibrations of the normal prey of the web spider. In 
contrast to the vibrational mimicry of Portia, the bolas spider 
(Araneidae) emits odors that mimic the pheromone of female 
moths to attract male moths to the vicinity. As soon as a 
moth flies within range, the spider launches its sticky bolas on 
a silk thread; if successful, the bolas hits and sticks to the 
moth, and the spider reels in its prey. 


DIVERSITY AND CONSERVATION 
There are about 34,000 described species of spiders, though 


the actual number of species has been estimated at around 
170,000. In common with insects, species diversity is highest in 
tropical regions, where knowledge of the biota is least. Also like 
other arthropod groups, spiders exhibit spectacular examples 
of adaptive radiation and local endemism in isolated situations, 
for example the genus Habronattus (Salticidae) on the North 
American mountaintop “sky islands” and the genus Tetragnatha 
(Tetragnathidae) in the Hawaiian Islands. However, in almost 
every ecosystem, the number and diversity of spiders make 
them important in the management of ecosystems, whether 
natural or disturbed, agricultural or urban. 


Importance and Conservation in Agricultural Systems 


Spiders have been known to be important agents of insect 
pest control for hundreds of years. It is also well known now 
that chemical pesticides kill not only the insect pests, but also 
their major predators, in particular spiders. A review by 
Riechert and Lockley in 1984 brought attention to spiders as 
potential agents of biological pest control. Manipulations of 
habitat structure have resulted in increased spider densities 
and concomitant decrease in insect pests. The effectiveness of 
spiders is often enhanced by the ability of the web to kill prey 
even in the absence of the spider and because many species 
practice wasteful killing (i-e., they kill more insects than they 
consume). Control of insect pests by spiders appears to be 
achieved most efficiently by using an assemblage of spiders 


(rather than specific species) and incorporating natural refuges 
in and around the crops. The particular methods that are best 
for enhancing the role of spiders in pest control in agriculture 
are: (i) conservation tillage and retention of stubble, preserving 
weeds and mulching; (ii) intercropping, provision of native 
vegetation within crops; and (iii) agroforestry, planting a 
combination of trees and food crops. 


Importance and Conservation in Natural Ecosystems 


We have little understanding of the precise role that spiders 
play in a given ecosystem. However, we do know that spiders 
are the dominant invertebrate predator in most terrestrial 
ecosystems and are also important as a food resource for other 
predators. Accordingly, they must inevitably play a key role in 
community dynamics. Studies on birds in natural areas have 
shown that spiders can comprise a significant proportion of the 
diet of many species, including a number of endangered birds. 
Spiders also have utilitarian value and have been used as model 
organisms for research in ecology, behavior, and communi- 
cation. Moreover, there has been much recent attention on 
their potential for providing silk for materials science and 
supplying venom for medical and insecticide research. 
Clearly, there is a huge need to augment taxonomic infor- 
mation on spiders, particularly in tropical areas, and to under- 
stand patterns of biodiversity. Pursuing this knowledge is 
imperative as we recognize the obvious importance of spiders 
in ecosystems, both as prey and as predators. Moreover, given 
the intrigue that spiders have long held in human society, such 
an undertaking can only lead to greater heights of fascination. 
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O ne of the major recent developments in philately (stamp 
collecting) is the popularity of “topical” or “thematic” 
collecting. The collector looks for anything that relates to the 
chosen theme. Popular examples are flowers, railroads, birds, 
sports, stamps-on-stamps, space, and insects. In a recent 
survey, butterflies and other insects on stamps ranked as the 
sixth most popular topic. 

As of 1991, over 5000 stamps were issued by over 300 
countries depicting over 1300 insect species (Fig. 1). 
Therefore specialization in types of insect being collected 
might be desirable, as it is with insect collecting itself. Subsets 
that could be selected as a specialty include butterflies and/or 
moths, apiculture, sericulture, malaria and other aspects of 
medical entomology, applied entomology, and noninsect 
arthropods. A “taxonomic” collection (in which the insect is 
the only real design) might be restricted to identifiable and 
named insects. Some, however, prefer to collect stamps with 
fanciful depictions, such as butterfly carnival costumes, a 
butterfly in the movie Bambi (on Bambi’s nose), or a “fly 
speck” insect in the beak of a bird. Still other philatelists 
specialize in mint (unused) stamps or canceled (used) ones, 
including “CTOs,” or stamps “canceled to order.” The CTOs 
are stamps with neat cancellations applied before the stamps 
are released, and the cancels are normally in one corner to 
avoid obscuring much of the stamp design. Many philatelists 
frown on CTOs because they are obviously prepared for 
philatelists and are not used in carrying the mail. 
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FIGURE 1 This pane of 20 different 33-cent stamps showing U.S. insects 
and spiders was issued on October 1, 1999 (Scott Catalog item 3351a-1). 


PHILATELIC ELEMENTS AND TERMINOLOGY 


Philately consists of a number of “elements” (a term used in 
exhibiting). Mint stamps, used stamps, and CTOs are just 
the beginning. Other related postal items that can be 
collected and exhibited are as follows: 


Cancel The marking applied in the post office to show 
the stamp has been used. 

Cover An envelope with stamps and cancel attached. 

First-day cover (FDC) Cover canceled on the first day 
of the stamp’s issue, often with special cancels and a cachet, 
(or illustration on envelope created to enhance interest and 
value) (Fig. 2). 

Favor cancel Cancel applied for a collector, not to carry 
mail. 

Piece Fragment of a cover, especially a large one such as 


from a package, but including stamp and cancel. 





FIRST DAY OF ISSUE 
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FIGURE 2 First-day cover for U.S. 4-cent malaria eradication stamp issued 
on March 30, 1962. Design of envelope (cachet) and special first-day cancel 
make the “FDC” a favorite collectible (Scott Catalog item 1194). 
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Meter cancel A machine-applied indication of postage 
paid, often accompanied to the left by a picture or slogan and 
used in place of stamps. 

Proof A special impression of the stamp’s design used to 
check quality of design and color, with die proofs usually one 
color and often signed by the artist. 

Essay Original artwork submitted to the stamp-issuing 
authority for consideration for adoption (these are rare and 
usually unique; essays for designs that were never printed as 
stamps are especially rare). 

Block Symmetrical grouping of stamps, still attached to 
each other, with a block of four being the most common. 

Plate block Block with the selvedge (unprinted border) 
containing a plate serial number printed in the original pane 
of stamps. 

Revenues Stamps issued for fiscal purposes (postage 
stamps are sometimes applied to receipts in place of revenue 
stamps—an uncommon element to find). 

Sheet A full pane of stamps, usually surrounded by a 
border (selvedge), which is the way stamps usually arrive at a 
post office. 

Miniature sheet A special sheet of usually two to several 
stamps; not a normal full pane; it may have special related 
pictures in the selvedge. 

Postal stationery Postal cards and letter sheets with 
stamps printed on them. 

Souvenir sheet One or more stamps inside a printed 
border that may be a continuation of the vignette (picture) of 
the stamp itself. 

Unified design sheet A pane in which each stamp is a 
small part of an overall picture depicted by the sheet. 


GETTING STARTED 


The first thing a beginner should do is get some help from 
someone who has experience in collecting stamps. The 
rudiments of philately, however, do not take long to learn. 
Knowledge of the terms just defined, and how to handle the 
different items is a good starting place. There are books and 
periodicals available as well. In North America, Linn’s Stamp 
News, a weekly newspaper, has pages of ads as well as 
columns on how to “do” philately. People at a local stamp 
club and/or stamp shop also can be helpful. 

Knowledge about stamps and other postal subjects can be 
found in specialized books. Stamp values (mint and used) in 
North America usually follow the Scott Standard Postage 
Stamp Catalog, illustrated and revised yearly. 

The APS (American Philatelic Society), which publishes a 
monthly magazine, American Philatelist, has departments 
including library and expertization services. The ATA 
(American Topical Association) is for thematic collectors and 
publishes the bimonthly Topical Time. This organization is 
divided into specialty groups. The Biology Unit, which pub- 
lishes a newsletter called “Biophilately,” serves, among others, 
insect philatelists. The Philatelic Lepidopterists’ Association 


publishes a newsletter called “The Philatelic Aurelian” (an 
aurelian is a butterfly collector), which features updates on 
new butterfly and moth issues (identifiable ones only). 
Finally, by using key words “stamps” or “philately,” one can 
find many sources of material and information via any search 
engine on the World Wide Web. 

A collector of insect stamps might wish to subscribe to a 
new issues service run by a dealer who mails new issues to 
subscribers each month. Such services are listed in the ad 
section of Linn’, and many philatelists are glad to recom- 
mend their favorites. New issue dealers very likely can supply 
older stamps from their stocks of previous issues. There are 
many stamp club shows and occasional bourses (shows 
without exhibits, with dealers only), where collectors can fill 
checklists from dealers’ stocks and buy supplies—and meet 
with other philatelists. 

Insect philately keeps alive the thrill of the hunt and the 
love of the beauty and order of an insect collection. However, 
for many participants this kind of collection takes less storage 
space, needs no fumigating, and can keep giving enjoyment 
when entomologists’ more active years of insect collecting are 


behind them. 


See Also the Following Articles 
Commercial Products from Insects ¢ Cultural Entomology 
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he sterile insect technique (SIT) is a biologically based 
method for the control of insect pests. Female insects 
inseminated by released, radiation-sterilized males do not 
reproduce, and repeated releases of the sterilized insects lead 


to a reduction in the pest population. Effective control using 
SIT is achieved when it is applied systematically on an area- 
wide basis over multiple generations. SIT is species specific, 
nonpolluting, and resistance free. Since the original concept 
was developed in the United States in the 1940s and 1950s, 
SIT has been used successfully for screwworm flies, tsetse flies, 
fruit flies, and moths. Technical developments in behavioral 
ecology, mass rearing, strain improvement, global information 
systems, aerial release, and monitoring systems, combined with 
economies of scale and a growing demand for low-pesticide 
agricultural products in local and international trade, have 
increased the use of SIT in area-wide integrated pest manage- 
ment programs. These programs have decreased insecticide use 
against some major pest insects and thereby facilitated the effi- 
cacy of biological control agents against secondary insect pests. 


HISTORY OF SIT 


In the late 1930s E. F. Knipling, working with Cochliomyia 
hominivorax, a screwworm fly causing myasis in livestock and 
humans, developed the concept of using insects to control 
themselves (i.e., autocidal control) by reducing their 
reproductive capacity. Two developments helped to translate 
this concept into reality. The first was a breakthrough in the 
development of mass rearing procedures for this insect and 
the second was the identification of an efficient method to 
sterilize insects. In 1916 G. A. Runner demonstrated that X 
rays could sterilize the cigarette beetle, Lasioderma serricorne, 
and in the 1920s, H. J. Muller showed that Drosophila fruit 
flies could be sexually sterilized by radiation-induced dominant 
lethal mutations. Knipling and colleagues confirmed that low 
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radiation doses given to mature pupae and adults of both 
sexes of the screwworm sterilized them without excessive 
damage to their mating ability or diminishing their longevity. 
The first decisive test that confirmed the feasibility of SIT 
was implemented in 1954 on the island of Curacao, 64 km 
off the coast of Venezuela. The success of the experiment so 
impressed the cattle industry in Florida that in 1957 members 
persuaded the U.S. Congress to fund a statewide eradication 
program. A rearing facility with a capacity of producing 50 
to 75 million sterile flies per week was established in 1958 at 
Sebring, Florida, with the result that the last endemic screw- 
worm case was recorded in Florida in 1959. Based on this 
success, the program was expanded, with new rearing facilities 
at Mission, Texas, and eventually in Tuxtla Gutierrez, Chiapas, 
Mexico. Release of sterile screwworms eradicated this pest from 
North America and more recently from Central America 
(Fig. 1). Currently, a permanent “sterile fly barrier” consisting 
of the aerial release of 40 million sterile flies per week in eastern 
Panama protects Central and North America from reinvasion. 


PRINCIPLE OF SIT 


The SIT involves industrial-scale mass production of insects 
in large biofactories. Insects for release are exposed to a 
precise dose of y-radiation that is sufficient to induce sterility 
without significantly impairing the ability of the treated 
insects to fly, mate, and transfer sperm. The treated insects 
are released over the target area on a sustained basis and in 
sufficient numbers to achieve appropriate sterile-to-wild 
insect overflooding ratios. This tactic substantially reduces 
the proportion of fertile matings and results in the decline of 
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FIGURE 1 Progressive shift of eradication zones over time in the screwworm SIT program in North and Central America. [Reprinted from Robinson, A. S. 


(2002). Mutation Res. 511, 113-132, with permission.] 
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the field population. The SIT stands or falls on the ability of 
the released sterile males to transfer functional sperm to the 
females that succeeds in fertilizing the eggs. The number of 
times a female mates is irrelevant, providing that the sperm 
from the sterile male is competitive with the sperm from the 
wild male. Knipling devised a simple mathematical model to 
describe the SIT. Despite some limitations of the model, it 
provides a valuable set of equations to demonstrate the prin- 
ciples of SIT. As the wild population declines and the number 
of released insects remains constant, both the proportion of 
sterile matings and the rate of suppression increase, i.e., the 
efficiency of SIT is inversely density dependent, and once a 
wild population begins to decline, the rate at which this occurs 
increases with time. Also, compared with classical biological 
control, which involves the introduction of exotic control 
agents, SIT has important advantages: (1) autocidal control 
is species specific, (2) no exotic species are involved, and (3) 
no new strains of the target pest can become established 
because the released insects are sterile. 


REQUIREMENTS FOR SIT APPLICATION 
Not Stand-Alone Technology 


The use of any single technique in isolation is unlikely to be 
successful in an insect control program and integrated 
approaches are now favored. This caveat applies especially to 
the use of the SIT because insect populations in the field are 
often of such magnitude that it is impractical to consider 
releasing sufficient sterile insects to cause the initial population 
decline. Because the strength of the SIT is at low population 
densities, to be effective it relies on a variety of presuppression 
activities (such as application of insecticides), depending on 
the particular insect species targeted. An alternative, and 
frequently used, strategy is to apply the SIT when the natural 
population is at low density because of adverse climatic 
conditions. 


Area-Wide 


The effectiveness of integrating compatible pest control 
methods is increased by coordinated implementation over large 
contiguous areas that targets the total insect population rather 
than the protection of individual crops or animal herds. This 
approach is critical to the SIT because already-mated females 
that move into an area under treatment are largely unaffected 
by the presence of sterile males. The area-wide concept has to 
be seen, not just in terms of the individual farmer or even of 
the agricultural community, but in terms of the whole ecosys- 
tem, including human activity, in the treatment area. 


Selection of Target Species 


Most insect pest species reproduce by sexual reproduction and 
therefore, in theory, are amenable to this type of control strat- 


egy. However, in reality the technique is used on a selective 
basis. Probably the first criterion is that the target species is a 
key pest in its particular ecosystem. It also makes very little 
sense to develop SIT for a species for which effective, accept- 
able conventional controls are available. As the technique relies 
on the release of large numbers of adult sterile insects into the 
environment, it is important that this stage not be the 
damaging one. For example, use of SIT against house flies or 
cockroaches would probably not be acceptable. 


Knowledge of Population Dynamics, Ecology, and 
Mating System 


SIT compromises the natural reproduction system of the 
target species, and it is therefore very important that the 
relevant population dynamics are well understood in terms of 
density dependence, life-table parameters, and so on. In 
addition, the spatial and temporal ecological parameters of 
the target population need to be defined and the population 
size must be estimated. It is also essential that the natural 
mating system is well understood, so that the mating 
behavior of the released males can be monitored to ensure 
that no significant changes in the behavior of released insects 
accumulate during mass rearing. 


Colonization, Mass Rearing, and Sterilization 


An efficient, economical, and biologically acceptable method 
for the mass production of competitive insects is essential. Mass 
rearing of large numbers of insects over many generations in 
large biofactories imposes major selection and adaptation forces 
on all aspects of the behavior of the insect. These forces 
inevitably work to the detriment of the competitiveness of 
the insect in the field. The art of mass rearing is to find an 
acceptable compromise between the efficiency of mass pro- 
duction and the overall quality of the mass-produced indivi- 
duals. Beyond a certain point it is not possible to compensate 
for the poor quality of insects by simply releasing more of them 
into the environment. The final and most critical treatment 
that the insects undergo before release is sterilization. This 
process uses ionizing radiation and must be subject to stringent 
quality control protocols to ensure that all the released insects 
are irradiated and that the required dose is applied. 


Quality Control 


As in any industrial system, quality control in terms of both 
the process (mass rearing) and the product (sterile insects) 
plays a major role in determining the success of an SIT 
program. For most programs a detailed set of standard 
operating procedures is in place, which provide some 
confidence as to the quality of the insects being produced. 
The use of mating tests under seminatural conditions to 
ensure continued compatibility of released insects with the 
wild population is essential. 


STRATEGIC APPLICATIONS OF SIT 
Eradication 


SIT has the unique capability of eradicating populations of 
pest insects providing that certain ecological and regulatory 
conditions are met. The inverse density-dependent action of 
the SIT is very effective in removing the last individuals from 
the target population. Eradication is often assumed not to be 
an option if the target population is not isolated. To some 
extent this is true, but in many cases isolation can be created 
by making use of natural barriers to pest distribution and by 
applying the technique on an area-wide basis. The screw- 
worm eradication program relied on this approach with the 
population being eradicated in a “rolling carpet” approach 
(Fig. 1). The maintenance of the pest-free status following eradi- 
cation requires adequate quarantine measures and continued 
surveillance. SIT is also one of the most powerful tools to elimi- 
nate incipient outbreaks of introduced exotic invasive species. 


Containment 


The very benign environmental impact of SIT means that 
sterile insects can be released preventively into an area on a 


TABLEI Sterile Insect Mass Rearing Facilities in the World 
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continuous basis to avoid the movement of a pest into a 
sensitive agricultural area. Sterile insects can also be used in a 
barrier approach to protect an eradicated area from reinvasion. 


Suppression 


The concept of using sterile insects as a tool in integrated 
suppression programs to replace the use of insecticides is 
gaining increasing acceptance as the cost of sterile insects is 
decreasing and concerns about the environment and food 
safety are increasing. The use of SIT for suppression removes 
the need for expensive and difficult to maintain quarantine 
regulations and the continuous nature of a suppression 
program will stimulate the commercialization of the SIT. 


OPERATIONAL PROGRAMS 


In the past decades, SIT has been applied in over 20 countries 
on five continents to control some 15 insect species that account 
for an important part of agricultural losses worldwide. Table I 
provides an overview of the mass rearing facilities currently in 
operation in support of SIT programs against four main groups 
of pest insects: fruit flies, screwworms, tsetse, and moths. 





Country Location Species Weekly capacity (millions) 
Fruit flies 
Argentina Mendoza Ceratitis capitata 100-250" 
Australia Perth C. capitata 5-15 
Chile Arica C. capitata 50-75" 
Guatemala El Pino C. capitata 1000-1500* 
Mexico Metapa C. capitata 500-600 
Portugal Madeira C. capitata 35-60" 
South Africa Stellenbosch C. capitata 5-10° 
United States Hawaii C. capitata 210-450 
Australia Campden Bactrocera tryoni 15-25 
Japan Okinoawa B. cucurbitae 70-200 
Mexico Metapa Anastrepha ludens 150-250 
Mexico Metapa A. obliqua 25-50 
Mexico Metapa A, serpentina 5-10 
Philippines Quezon City B. philippinensis 10-20 
Thailand Pathumtanee B. dorsalis 15-40 
United States Gainesville A, suspensa 10-50 
United States Mission A. ludens 15-40 
Screwworms 
Mexico Tuxtla Cochliomyia hominivorax 120-500 
Moths 
Canada Okanagan Gia pomonella 12-15 
United States Phoenix Pectinophora gossypiella 70-90 
Tsetse (1000s) 
Tanzania Tanga Glossina austeni 60-100° 
Burkina Faso Bobo-Dioulasso G. palpalis gambiensis 40-50° 


“Sterile male-only production, otherwise 50% sterile males and 50% sterile females. [Modified from Hendrichs, J. (1995). J. Appl. Entomol. 119, 371-377.] 
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Fruit Flies 


Few insects have a greater impact on international marketing 
and world trade in agricultural produce than tephritid fruit 
flies. Maintaining or achieving a pest-free status has therefore 
been the goal of a number of large operational programs. 
Mediterranean fruit fly, Ceratitis capitata, (“medfly”), was 
removed from areas it had invaded in southern Mexico, and it is 
now close to 20 years that a sterile fly barrier across Guatemala 
has maintained its medfly-free status. Similarly, Chile eliminated 
medfly from northern Chile and since the mid-1990s has sup- 
ported a sterile fly barrier in Peru’s two southernmost valleys. 
The melon fly, Bactrocera cucurbitae, was eradicated from 
southern Japan and the Queensland fruit fly, B. tryoni, from 
Western Australia and some Anastrepha species from northern 
Mexico. Rather than having to eradicate outbreaks of exotic 
medflies, often on an annual basis, California and Florida 
maintain permanent medfly preventive release programs in 
high-risk areas, which is less costly and politically more 
acceptable than aerial insecticide applications. Increasingly, 
SIT is also being applied for area-wide suppression purposes 
without quarantines, with pilot programs in progress against 
medfly in Israel/Jordan, Portugal, South Africa, and Tunisia 
and against Bactrocera fruit flies in Philippines and Thailand. 


Screwworms 


In addition to the current barrier against C. hominivorax across 
the Darien region in eastern Panama, an eradication project 
is under way in Jamaica, and others are under assessment for 
Cuba and Hispaniola. As part of an Australian contingency 
planning to maintain Australia free of the Old World screw- 
worm, Chrysomya bezziana (OWS), a pilot mass rearing 
facility was recently established in Malaysia. Application of 
SIT against OWS is also being considered in the Persian Gulf 
region, to where it has spread over the past decade, causing 
large outbreaks in Iraq, and from where it is threatening to 
invade the Near East and Mediterranean regions. 


Moths 


Field programs are in progress for prevention or suppression 
of pink bollworm, Pectinophora gossypiella, in various cotton 
areas in California and for codling moth, Cydia pomonella, 
suppression in apple production areas in British Columbia, 
Canada. In the northeastern United States, a number of 
successful pilot tests were carried out against the gypsy moth, 
Lymantria dispar. \n addition, the SIT package is in various 
stages of development against other moth pests in various 
parts of the world, targeting diamondback moth, false codling 
moth, cotton bollworm, date moth, sugarcane borer, and 
peach borer. For moth pests there is considerable potential 
for expanding the implementation of inherited sterility sup- 
pression programs, which have shown a significant synergistic 
interaction between this type of SIT and biological control. 


Inherited sterility refers to the release of moths which have 
been given a substerilizing dose of radiation. 


Tsetse 


Tsetse flies and the diseases they transmit (sleeping sickness 
in humans and Nagana or animal trypanosomosis in livestock) 
prevent the establishment of sustainable agricultural systems 
in many areas of great agricultural potential in sub-Saharan 
Africa. Following pilot SIT projects in Burkina Faso and 
Nigeria, and breakthroughs in mass rearing and aerial release 
technology, an area-wide program succeeded in 1996 in 
eradicating Glossina austeni from the island of Zanzibar. This 
success has led to the consideration of similar programs for 
selected areas in mainland Africa. 


ECONOMIC BENEFITS 


Direct benefits of screwworm eradication to the North and 
Central American livestock industries are estimated to be over 
$1,500,000,000/year, compared with a total investment over 
half a century of close to $1 billion. Mexico protects a fruit 
and vegetable export market of over $1 billion/year through 
the annual investment of ca. $10 million. Achieving the 
medfly-free status has been estimated to have opened markets 
for Chile’s fruit exports of up to $500 million. When imple- 
mented on an area-wide basis and with economies of scale in 
the mass rearing process, the application of SIT for suppression 
purposes is cost competitive with conventional control, in 
addition to its environmental benefits. 


FUTURE TRENDS 


The increasing constraints being applied to the use of insec- 
ticides, especially for food crops, will enhance the need for alter- 
native control strategies for both native and introduced pest 
insects. SIT can be an increasingly important component of 
these strategies, especially when used in pest suppression pro- 
grams. The expanding use of the SIT will be sustainable only 
when improvements in the efficiency of the technique continue 
to be made. This requires substantial investment in research and 
development related to all components of the technology, from 
improved insect diets to more sensitive and informative pest 
monitoring systems. The expansion of the use of the SIT to 
include suppression will be a major focus in the future, as it will 
provide a great opportunity for the commercialization of parts 
of the technology. This could range from customers simply 
purchasing sterile flies and developing their own release and 
monitoring systems to the purchase of a complete SIT package. 
For the medfly, these developments are imminent. Along with 
any commercialization of the technology, quality control 
procedures of both the process and the product will need to be 
reinforced. For the product, ite., the sterile insect, routine pro- 
tocols will have to be developed to measure the mating success 
of the males with females in the field. SIT programs will also 


soldering iron is safely “parked” ready for action, and a bench stand is really a necessity. 
Soldering stations usually have such a feature, otherwise a separate soldering iron stand is 
essential, ideally one that’s supplied with a tip-cleaning sponge. You can make your own 
cleaning sponges using cellulose sponge only. 
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“A benchtop fume extractor fan for hobbyist use. A replaceable carbon filter helps 
remove particles and air is vented out the back. 


Other equipment worth considering includes the use of fume extractors, which are 
compulsory in the industrial workplace. Solder fumes and flux smoke are not known to be 
toxic but they can cause irritation. A basic fume extractor (photo) consists of a small 
bench-top fan which draw fumes and irritating smoke away from the operator’s face and 
filters out some of the smoke particles, before exhausting the air back out through the fan. 
The carbon-impregnated foam filters are replaceable. Such devices are quite effective and 
users soon find them indispensable, even though they can be a bit noisy at close range. 


Professional fume extraction systems draw the smoke and fumes directly from the 
work area via a clip-on tube fitted to the soldering iron, then vent the fumes away through 
a large filter pump. It is definitely worth considering a small bench top unit for regular 
hobby or occasional professional use, as having decent ventilation can only be a good 
thing. 


benefit tremendously if methods can be developed that enable 
only male insects to be reared as required. For the medfly this 
genetic sexing technology is now available, leading to major 
improvements in program efficiency. As far as the process is 
concerned, more appropriate artificial diets for insect adults 
and larvae could make a major contribution through both 
improved economies and improved insect quality. 

In many insect species, transgenic technology has been 
developed and there is great interest in using it to improve the 
SIT. A first application could be in replacing the use of fluores- 
cent dyes by a transgenic marker. Suitable markers are available 
and are currently undergoing evaluation in several pest species. 
A second application is the use of transgenic technology to 
develop molecular methods for genetic sexing. A caveat to the 
use of any transgenic technology will be regulatory approval; 
however, because the SIT uses sterile insects there is no risk 
of vertical transmission of the transgene. 


See Also the Following Articles 
Agricultural Entomology ¢ Biotechnology and Insects 
Integrated Pest Management ¢ Rearing of Insects ¢ Tsetse Fly 
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he Sternorrhyncha is one of the suborders of the order 
Hemiptera; it comprises some 16,000 described species. 
It contains four major groups, all entirely phytophagous and 
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usually recognized as superfamilies: the Psylloidea (psylloids 
or jumping plant lice), Aleyrodoidea (whiteflies), Aphidoidea 
(aphids), and Coccoidea (scale insects or coccoids). The name 
Sternorrhyncha (from the Greek sternon, meaning chest, and 
rhynchos, meaning nose or snout) refers to the location of the 
mouthparts on the underside of the insect, between the bases 
of the front legs, although sometimes the mouthparts are 
lacking in the adult. 


OVERVIEW OF STERNORRHYNCHA 


Insects belonging to the Hemiptera are unique in having their 
mouthparts forming a rostrum that comprises mandibles and 
maxillae modified as needle- or thread-like stylets lying in a 
grooved labium. Two pairs of stylets interlock to form two 
canals, one delivering saliva and the other taking up plant or 
animal fluid. The Sternorrhyncha is widely accepted as the 
sister group to the rest of the Hemiptera. It is a well-defined 
group diagnosed by the position of the rostrum and the pres- 
ence of only one or two segments on each tarsus (the part of the 
leg most distant from the body and bearing one or two claws); 
in most other hemipterans there are three tarsal segments. 

Sternorrhynchans use their stylets to probe plant tissues 
intracellularly (into or through plant cells) or intercellularly 
(between plant cells). The tips of the stylets always enter cells 
at the site of ingestion, which is often phloem-sieve elements. 
Generally, stylet penetration is accompanied by secretion of a 
solidifying saliva that forms a sheath around the stylets. Other 
hemipterans mostly probe intracellularly, may or may not 
secrete salivary sheaths, and ingest from a wider variety of plant 
or animal tissues. Most sternorrhynchans are phloem feeders, 
and thus have a diet rich in carbohydrates (sugars) and defi- 
cient in amino acids and other nitrogenous compounds. 
Generally, there is an intimate association with intracellular 
bacteria, called endosymbionts, which are housed in special 
tissue (bacteriomes or mycetomes) and contribute nutrition 
to the insect host. 

Sternorrhynchan excreta is often a sticky, sugary liquid 
called honeydew that often contaminates foliage; it serves as 
a substrate for the growth of black sooty mold fungi that can 
impede photosynthesis and reduce plant vigor. Honeydew often 
attracts ants that may protect the sternorrhynchans from their 
natural enemies, especially predatory and parasitic insects. 

Adult jumping plant lice, whiteflies, and many adult aphids 
have two pairs of wings. All adult female scale insects and 
most adult female aphids are wingless (apterous). Adult male 
scale insects usually resemble small flies (order Diptera) in 
having the hind wings reduced to small balancers (halteres), 
although sometimes the halteres are absent; in a few scale 
insect species males are apterous. The absence of wings in 
adult females of scale insects and many aphids means that the 
immature stages (nymphs) of these groups can be difficult to 
distinguish from their adults. 

Evolutionary interpretations of morphology have suggested 
either that whiteflies are sister to aphids + scale insects, with 
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FIGURE 1 The life cycle of Cardiaspina fiscella (Psylloidea: Psyllidae). [Adapted 
with permission from K. L. Taylor, 1962, Aust. J. Zool. 10(2), 310.] 





psylloids sister to all three, or that whiteflies + psylloids are 
sister to aphids + scale insects. Phylogenetic analysis of 
nucleotide sequences (of small subunit rDNA, also called 
18S rDNA) supports the former hypothesis that Psylloidea is 
the sister group to the other sternorrhynchans. Some of the 
morphological traits shared by Aleyrodoidea and Psylloidea 
are ancestral features (plesiomorphies), such as two, similar- 
sized, tarsal segments (the first tarsal segment is reduced or 
absent in aphids and coccoids) and good jumping ability. 
Also both groups have pedunculate eggs, i.e., one end of the 
egg has a short stalk or narrow extension (Fig. 1). Whiteflies, 
aphids, and scale insects all have Malpighian tubules 
(filamentous excretory organs) reduced in number or absent 
and their gut often has a well-developed filter chamber that 
allows most of the water in ingested sap to bypass the 
absorptive part of the midgut. In contrast, psylloids have four 
Malpighian tubules (an ancestral feature found in other 
Hemiptera) and possess only a rudimentary filter chamber. 


PSYLLOIDEA (JUMPING PLANT LICE) 


Worldwide, there are about 2500 described species of psylloids 
or jumping plant lice. Sometimes the common name “psyllids” 
is applied to all jumping plant lice but this name may cause 
confusion because it is also the common name for one family 
of psylloids, the Psyllidae. The greatest abundance and species 
richness of psylloids are found in tropical and south temperate 
regions, where many new species await discovery. In the 
Northern Hemisphere, for example, fewer than 100 species 
occur in Britain and about 300 species are known from North 
America. Adult psylloids are small, ranging in length from 0.2 
to 8.0 mm, and superficially resemble miniature cicadas or 
small leafhoppers, but are distinguished by their multiseg- 
mented antennae. Their common name derives from the ability 
of adults to jump backward when disturbed. All psylloids feed 
by sucking sap, mostly of woody dicotyledonous plants. They 
ingest sap from a variety of tissue sources, including phloem, 
xylem, and mesophyll parenchyma, and thus are not phloem 


specialists like most other sternorrhynchans. Psylloid nymphs 
are either free living, gall inducing, or lerp forming; lerps are 
manufactured sugary and starchy covers or scales under which 
the nymphs live. Some species of jumping plant lice are pests 
of culivated plants, with damage resulting from loss of plant 
sap, toxins in the saliva, and/or disease caused by transmitted 
microorganisms. 


Evolution and Classification 


Historically, the classification of psylloids was based on the well- 
known, but relatively species-poor, Holarctic fauna. Expanding 
knowledge of the diverse tropical and south temperate faunas 
has led to better understanding of relationships and hence a 
more natural classification. The system used here is based on 
that of White and Hodkinson presented in 1985, with emen- 
dations suggested by D. Burckhardt and D. Hollis. In this 
system, six families of extant psylloid species are recognized 
(with each of the first four families listed here having 10 or 
fewer genera): Calophyidae, Carsidaridae, Homotomidae, 
Phacopteronidae, Psyllidae (includes the Aphalaridae, 
Liviidae, and Spondyliaspididae, recognized by some authors; 
about 120 genera), and Triozidae (over 40 genera). 

Many species of the predominantly Neotropical and 
tropical/subtropical Asian family Calophyidae feed on plants 
in the Anacardiaceae. Carsidaridae is almost entirely pantropi- 
cal in distribution and is restricted to the related plant families 
Bombacaceae, Malvaceae, and Sterculiaceae. The Homotomidae 
is predominantly from the Old World tropics and feeds almost 
exclusively on figs (Moraceae: Ficus). The Phacopteronidae 
occurs in tropical Asia, Africa, and the Americas and many 
species feed on plants in the Meliaceae. The Psyllidae is the 
largest family, but it is heterogeneous morphologically. A large 
number of psyllids are associated with legumes (Fabaceae), 
although the speciose subfamily Spondyliaspidinae specializes 
on Eucalyptus (Myrtaceae). Many species of Spondyliaspidinae 
produce lerps or induce leaf galls that they plug with lerp 
substance. The Triozidae is cosmopolitan and has wide- 
ranging host preferences. 

The fossil record of the Psylloidea extends back into the 
Permian (>270 mya). The families Cicadopsyllidae, 
Liadopsyllidae, and Protopsyllidiidae are known only as fossils, 
and the extant families probably diversified in the Cretaceous. 
Relationships among psylloid higher groups (families and 
subfamilies) are largely unresolved. 


Life History 


Reproduction is always sexual. There are seven life stages 
(Fig. 1): the egg, which is stalked; five instars; and the adult, 
with the sexes in about equal numbers. Eggs are either com- 
pletely inserted into plant tissue or inserted by just the stalk 
(peduncle) through which water is absorbed. Depending on 
species, each female may lay as few as 20 to more than 1000 
eggs. In cold temperate regions, psylloids frequently have only 





Circum-anal ring 


FIGURE 2 Nymphs of jumping plant lice (Psylloidea). (A) The underside, or 
venter, of a nymph of Padaukia kino (Psyllidae). (Illustration by J. H. Martin; 
reproduced, with permission, from D. Hollis and J. H. Martin, 1993, Bull. 
Entomol. Res. 83, 207.) (B) The upper side, or dorsum, of a nymph of Trioza 
remota (Triozidae). [Illustration by J. H. Martin; reproduced, with permission, 
from W. R. Dolling, 1991, “The Hemiptera,” p. 171, British Museum (Natural 
History), London.] 


a single generation per year (univoltine). In warmer climates, 
development continues year round, often with several to 
many generations per year. Species with multiple generations 
per year (polyvoltine) are more likely to have population out- 
breaks than univoltine or bivoltine species. 


Morphology 


Identification is based primarily on adult characteristics, with 
males being most important for species-level determinations, 
although features of the female terminalia are sometimes used. 
The fifth instar can materially aid identification in many 
groups. Adult males and females are morphologically similar, 
except that males are often smaller and have different genitalia 
and thus different abdominal shapes. In a few species the 
sexes are color dimorphic, and there is often a seasonal color 
dimorphism. Body coloration or the pattern of markings can 
be diagnostic of species. The size and shape of the head and its 
appendages provide useful taxonomic characters. Immature 
psylloids (Fig. 2) are usually characteristically flattened dorsoven- 
trally and many secrete wax. 


Behavior and Ecology 


Adult psylloids disperse over short distances by jumping or 
flying, but many species may travel long distances on air 
currents. The adults of a number of species are known to 
stridulate as a method of mate attraction. Mating behavior is 
often rudimentary, but precopulatory darting movements 
and wing flicking have been observed in some species of 
Spondylaspidinae. 

The habits of nymphs vary among the different taxonomic 
groups. Nymphs of many species are naked, although often 
covered in waxy body secretions, and live exposed on the shoots 
of their host plant. Others induce galls of various complexity, 
from simple pits in leaves to round or elongate structures that 
totally enclose the nymphs. A third lifestyle is for the nymphs 
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to develop on foliage but protected under scale-like covers 
called lerps. Each lerp is formed of substances eliminated 
from the insect’s gut (a special kind of liquid “feces” that is 
different from honeydew) or of a mixture of “feces” inter- 
mingled with wax filaments (exuded from pores in the anal 
plate). The “feces” of at least some species are composed of 
starch, especially amylose and amylopectin, synthesized in the 
insect’s gut. The insect builds the lerp by moving its abdomen 
back and forth while squeezing out the liquid excreta (like 
glue from a tube), which rapidly hardens to form a lacework 
of filaments. Lerps have various shapes and sizes, from simple 
cones to fans or lacy shell-like structures, and often are of 
diagnostic use. They vary in color from white to cream or 
brown and may be opaque or transparent. Some lerp-formers 
(e.g., Glycaspis spp.) produce copious honeydew, whereas 
others (e.g., Cardiaspina spp.) produce very little or none. 
Most species are specialist feeders as nymphs, with many 
species restricted to one plant genus or even a single species 
and often to particular host structures (leaves, new shoots, 
etc.) or growth stages (either young or mature foliage). Almost 
all psylloids develop on dicots, a few on monocots or conifers, 
but none on ferns. In cool-temperate climates, some species 
overwinter as adults on evergreens, returning to their true 
hosts in spring, when eggs are laid. Host selection appears to 
involve taste rather than olfaction. Adults frequently are less 
discriminating than nymphs and thus host plants are defined 
as those on which nymphs can complete their development 
to adulthood. Nymphal feeding frequently damages the host 
plant (e.g., premature leaf senescence), whereas adult feeding 
usually causes little injury. Large natural increases, or out- 
breaks, in psylloid populations appear to result from changes in 
the suitability of their food supply, rather than from reduction 
in numbers of predators or parasitoids. Many psylloid species 
have a mutualistic association with honeydew-seeking ants. 


Notable Pest Species and Their Control 


Some species of jumping plant lice have become pests of plan- 
tation trees. For example, since the mid-1990s, several species 
of Australian Psyllidae have become pests of South American 
plantations of Eucalyptus. In particular, the eucalypt shoot psyl- 
lid Blastopsylla occidentalis, the blue gum psyllid Ctenarytaina 
eucalypti, and Ctenarytaina spatulata have caused considerable 
damage. In western North America, Australian psylloid pests 
appeared in the early 1980s, with B. occidentalis, C. eucalypti, 
the tristania psyllid Crenarytaina longicauda, the red gum lerp 
psyllid Glycaspis brimblecombei, and the lemon gum lerp 
psyllid Excalyptolyma maideni all established in California. 
Two of the world’s most serious citrus pests are the Asian 
citrus psylla (or psyllid), Diaphorina citri (Psyllidae), and the 
African citrus psylla, Trioza erytreae (Triozidae). Damage to 
citrus derives from direct feeding (removing sap), development 
of sooty mold on honeydew, and, most importantly, from 
transmission of phloem-limited bacteria (Liberobacter africanum 
and L. asiaticum) that cause a disease called citrus greening. 
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The most characteristic symptom is a yellow-green mottling 
associated with dieback of shoots and leaves, followed by 
subsequent deterioration of fruit quality. Adults and nymphs 
of both psylloid species can transmit both diseases. 

Other than the citrus pests, the most economically 
important psylloids of temperate and subtropical areas feed 
on cultivated apple and pear trees. Cacopsylla mali (Psyllidae) 
and related species causes various kinds of damage to apples. 
Pears also host a suite of Cacopsylla species, especially Ca. 
pyricola, which can transmit the virus that causes pear decline. 

Trioza species (Triozidae) occur as pests on persimmons, 
cultivated fig, and carrots. Paratrioza cockerelli (Triozidae) 
feeds on potatoes, tomatoes, and other Solanaceae; nymphal 
saliva contains phytotoxins that cause “psyllid yellows” in 
potato (reducing tuber growth) and sometimes in tomato. 
The leucaena louse, Heteropsylla cubana (Psyllidae), which is 
native to the Caribbean, has become a pest of the tropical 
leguminous tree Leucaena leucocephala in several parts of the 
world where it is variously planted for timber, fuel, animal 
fodder, or shade for other crops and or because it fixes 
nitrogen and tolerates drought. 

Recorded parasitoids are mostly psylloid specialists, but 
there is little evidence of parasitoid—host specificity. 
Worldwide a number of wasp species, especially from the 
families Encrytidae (e.g., Psyllaephagus spp.) and Eulophidae 
(e.g., Zamarixia spp.), are parasitic on psylloids. In Europe, 
cecidomyiid flies (Endopsylla) are parasitic on some adult 


psylloid pests (e.g., Cacopsylla spp.). 


ALEYRODOIDEA (WHITEFLIES) 


Members of the Aleyrodoidea derive their common name 
from the powdery, white waxy secretion preened over the body 
and wings of most adults. The Greek root aleuro-, found in 
many whitefly names, means flour. Adults of both sexes are 
tiny, delicate, and free flying. They have a wingspan of up to 
4 mm, but usually about 2 mm, and resemble minute moths. 
They are a familiar sight to many home gardeners because, 
when infestations are heavy, the adults will fly up en masse if 
disturbed from the foliage of favored host plants. The group 
occurs worldwide, although few whiteflies occur in the cooler 
temperate regions. About 1450 species are described, with per- 
haps two or three times as many species awaiting collection 
and formal taxonomic study. All adults and nymphs feed by 
ingesting phloem sap and several species are serious plant pests. 


Evolution and Classification 


All whitefly species belong to one family, Aleyrodidae, which 
is divided into just two extant subfamilies, the Aleurodicinae 
and Aleyrodinae. The Aleurodicinae contains 17 genera and 
just over 100 described species, mostly from the Neotropics 
(Central and South America and the Caribbean). All other 
species (in more than 110 genera) belong to the Aleyrodinae, 
which has a mostly pantropical distribution. These two sub- 








FIGURE 3 Adult male whiteflies (Aleyrodoidea: Aleyrodidae), ventral views. 
(A) Trialeurodes vittata, subfamily Aleyrodinae. (Unpublished illustration 
by R. J. Gill, adapted with permission.) (B) Aleurodicus sp., subfamily 
Aleurodicinae. [Adapted with permission from R. J. Gill, 1990, “Whiteflies: 
Their Bionomics, Pest Status and Control” (D. Gerling, ed.), p. 31, Intercept 
Ltd., Andover, UK.] 


families are defined on both adult and nymphal features, 
whereas species and genera are diagnosed mainly or entirely on 
characters of the fourth instar, usually known as a puparium. 
The Aleurodicinae generally have larger adults with more com- 
plex wing venation than those of the Aleyrodinae (Fig. 3). 

Whiteflies are rarely fossilized because they have small and 
delicate bodies. The known fossils are preserved mostly in 
Cretaceous and Tertiary amber with one record from the Upper 
Jurassic. The two modern subfamilies probably diverged during 
the Cretaceous, whereas the Aleyrodoidea may have originated 
in the Late Permian or even earlier. 


Life History 


Reproduction is usually sexual, with fertilized eggs producing 
females and unfertilized eggs producing males (arrhenotoky 
or arrhenotokous parthenogenesis); unmated females lay only 
haploid eggs. A few species produce only females (thelotoky or 
thelotokous parthenogenesis). There are six life stages (Fig. 4): 
the egg stage; the first instar, in which the nymph is often called 
a crawler; the second and third instars, in which the nymphs 
are sessile; the fourth instar or last nymphal stage, at the end 
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FIGURE 4 Life cycle of the greenhouse whitefly TZ’ vaporariorum (Aleyrodoidea: 
Aleyrodidae). [Adapted with permission from R. J. Gill, 1990, “Whiteflies: 
Their Bionomics, Pest Status and Control” (D. Gerling, ed.), p. 15, Intercept 
Ltd., Andover, UK.] 


of which the insect is usually referred to as a “pupa,” or a 
“puparium,” (Fig. 5) although it is not a true pupa as seen in 
holometabolous insects as there is no molt to a totally non- 
feeding, “resting” stage; and, finally, the adult (or imaginal) 
stage. After the emergence of the adult, the empty cuticle 
(exuviae) is often called a “pupal case.” 

Whitefly eggs are usually attached to the underside of 
leaves by a short stalk, the pedicel, through which water is 
absorbed from the plant. Eggs are often laid in circles or arcs, 
and egg batches are frequently conspicuous because of a 
dusting of white wax. First instars usually settle adjacent to the 
eggs from which they hatched. In most species, development 
occurs on the underside of leaves. After the first molt the 
nymphs become immobile and cannot move to a new site if 
food quality deteriorates. During the fourth instar, feeding 
ceases and the insect transforms into the winged adult. 

Species such as the greenhouse whitefly (Trialeurodes 
vaporariorum) can breed continually in greenhouses or 
indoors. Those whitefly species that have economic impact 
have several to many generations per year, but many species 
are thought to have only one or two generations annually. 


Morphology 


Historically, puparial rather than adult characteristics have 
been used to recognize species and genera, although adults do 
display many taxonomically useful characteristics. Seasonal 
dimorphism, as seen in many aphid species, is uncommon 
but occurs in the puparia of a few temperate species. Male 
(Fig. 3) and female whiteflies are similar in appearance except 
for their genitalia, but males are often smaller than females of 
their own species. The body and wings are dusted with 
powdery wax emanating from large, paired wax plates on the 
underside of the abdomen and thus adults most commonly 
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FIGURE 5 Whitefly puparia, the last nymphal stage (Aleyrodoidea: 
Aleyrodidae), with dorsum drawn to left and venter to right. (A) Aleurolobus 
marlatti, subfamily Aleyrodinae. [Reproduced, with permission, from J. H. 
Martin, 1999, “The Whitefly Fauna of Australia (Sternorrhyncha: Aleyrodidae): 
A Taxonomic Account and Identification Guide,” p. 172, CSIRO, Canberra.] 
(B) Aleurodicus cocois, subfamily Aleurodicinae. (Adapted with permission 
from J. H. Martin, 1997, Mem. Mus. Victoria 56, 126.) 


appear whitish or grayish even if the body color is yellow, 
brown, or red or if they are darkly sclerotized. The male 
genitalia (the claspers or parameres and the intromittent 
organ or aedeagus) are more informative taxonomically than 
the female terminalia (ovipositor and associated structures). 
Nymphs of all stages (Fig. 4) superficially resemble scale 
insects (Coccoidea) and frequently have ornate wax secretions 
in later instars. First instars have functional legs, but nymphs 
of the subsequent three instars have vestigial appendages and 
are immobile. The anus of all nymphal stages (and adults) 
opens in a special pit called the vasiform orifice (Fig. 5), located 
dorsally near the posterior end of the abdomen. It comprises 
a depression with a sclerotized border, a dorsal flap (the oper- 
culum), and a tongue-shaped structure (the lingula). The anus 
opens under the operculum, which covers at least the base of 
the lingula; each droplet of anal excreta (honeydew) that accu- 
mulates is catapulted away by an upward flick of the lingula, 
which is the only mobile body part in instars II to IV. 
Puparia are mostly oval or elongate-oval, 0.5 to 2.0 mm in 
length, with the body margin either smooth or variously sculp- 
tured. Color varies from transparent to white, brown, or black. 
Waxes also contribute to the puparial appearance and may be 
transparent, translucent, iridescent, or opaque, usually colored 
white or grayish; mechanical color (iridescence) may be blue, 
turquoise, bottle-green, or pearly white. Transparent wax 
occurs in a thin layer over the body or as a marginal fringe 
and/or dorsal “spines.” Opaque wax may occur in powdery 
deposits, loose mats, or filaments, or be defined as tufts or rays, 
and is exuded from a variety of pores and tubes in the cuticle. 


Behavior and Ecology 


Adult males of a few whitefly species, especially Bemisia tabaci 
and 7: vaporariorum, have been observed to display courtship 
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behavior prior to mating, including abdominal oscillations 
that result in acoustic signals caused by substrate-borne 
vibrations. Females may produce sex pheromones to attract 
males. Adult whiteflies will fly short distances, if disturbed 
from their host plant. They also undertake longer migratory 
flights, which are air-current dependent because whiteflies 
are weak fliers. They have complex host-finding and host- 
orientation behaviors, involving at least attraction to 
particular colors, especially yellow or yellow-green. 

Whiteflies feed from plant vascular tissue and all feeding 
stages produce copious quantities of honeydew, yet relatively 
few species are ant attended. Most whitefly species appear to 
be oligophagous, with few known to be monophagous; 
however, polyphagous species are the best documented 
because they are most likely to be pests. Whitefly host plants 
are almost entirely flowering plants (angiosperms), especially 
woody dicots; relatively few species of whiteflies are found on 
herbs, grasses, ferns, or palms. 

The morphology of the puparia of some species has been 
shown to vary depending on the species of plant that is acting 
as host, probably because of differences in the nature of the 
plant surfaces. For example, the size, number, and position of 
setae of the puparia can be correlated with leaf hairiness in 
some species (e.g., B. tabaci). These phenotypes of the same 
species often look very different from each other and this 
phenomenon can confound identification. This variation is 
especially a problem among polyphagous species in the genera 
Bemisia and Trialeurodes. 


Notable Pest Species and Their Control 


The feeding activity of many whiteflies damages their host 
plants and some species are known or believed to transmit 
diseases, especially those caused by viruses. Feeding can cause 
excessive sap loss as well as physiological changes in host tissues, 
such as leaf discoloration, wilting and premature shedding, 
and fouling by honeydew. The most serious aleyrodid pests 
are those of orchards (especially citrus), greenhouse crops, 
and vegetable field crops, and a few pest species are almost 
cosmopolitan in distribution. The past 2 decades have seen 
an increase in the pest status of certain whiteflies, probably 
because of the development of aggressive strains that are more 
fecund, are more efficient virus vectors, and/or have broader 
host ranges. Successful whitefly control depends upon an 
appropriate integrated pest management program in which 
natural enemies are protected or augmented. A number of 
groups of parasitic wasps (particularly Eulophidae and 
Aphelindiae) specialize on whiteflies, and useful predators 
include some ladybird beetles (Coccinellidae). Whiteflies are 
attacked also by pathogenic fungi, especially Aschersonia species. 

One of the most important pests is the polyphagous tobacco 
or sweetpotato whitefly, B. tabaci, which occurs predominantly 
in tropical and subtropical regions and on protected crops else- 
where. It feeds on numerous fiber, food, and ornamental plants, 
and damage is exacerbated by its ability to vector more than 


70 different viruses. B. tabaci exists in many biotypes or strains, 
and one virulent form, biotype B, sometimes is recognized 
controversially as a separate species, named. Bemisia argentifolii 
(the silverleaf whitefly). Effective biological control of Bemisia 
whiteflies is possible using host-specific parasitoids, such as 
wasps of Encarsia and Eretmocerus species (Aphelinidae). 

The polyphagous greenhouse whitefly, 7 vaporariorum, 
occurs worldwide in greenhouses and on indoor plants; the 
aphelinid wasp parasitoid Encarsia formosa is an important 
biological control agent. Aleurodicus destructor and spiraling 
whitefly, A. dispersus, are polyphagous pests with abundant 
wax secretions covering the puparia. Spiraling whiteflies are 
parasitized by wasps of Aleuroctonus vittatus (Eulophidae) 
and Encarsia species, including E. guadeloupae (Aphelindiae), 
which can reduce the whitefly populations. Siphoninus 
phillyreae, perhaps of Middle Eastern origin, and Parabemisia 
myricae from Japan are pests of fruit trees and have extended 
their ranges into the Mediterranean region and parts of the 
United States. The Indian species Vasdavidius (formerly 
Aleurocybotus) indicus now attacks rice in West Africa. The 
woolly whitefly, Aleurothrixus floccosus, which is endemic to 
the Americas, has been introduced accidentally into Africa 
and Southeast Asia, where it is a pest, especially of citrus. 
Dialeurodes citri and Singhiella (formerly Dialeurodes) citrifolii 
are widespread pests of citrus, with D. citri attacking a wider 
range of other plants than does S. citrifolii. 


APHIDOIDEA (APHIDS) 


Aphids are small soft-bodied insects, ranging from 1 to 8 mm 
in length. They are usually found living in aggregations on 
rapidly growing parts of their host plants and occur predomi- 
nantly in the northern temperate regions of the world. More 
than 4400 species are known. The life cycles of aphids are 
frequently complex and usually include parthenogenetic (or 
asexual), but often also sexual, reproduction; many species 
display host alternation in which cyclical parthenogenesis is 
combined with the obligate use of two unrelated host plants. 
Also many aphids produce either eggs or living young at 
different parts of the cycle. Adults may be winged (alatae) or 
wingless (apterae). Most aphids can increase their population 
size rapidly because of parthenogenetic production of live 
young combined with “generational telescoping,” whereby a 
mother aphid carries both her daughters and their daughters 
(ie., embryos within embryos). Aphid feeding activities can 
have deleterious effects on their host plants mainly via sap 
removal and/or virus transmission. 


Evolution and Classification 


The Aphidoidea contains three families: Phylloxeridae, 
Adelgidae, and Aphididae. Strictly speaking, the common 
name of the entire group should be “aphidoids,” but “aphids” 
is used almost universally as a collective name. Very occasion- 
ally the name “aphids” has been applied to just members of 


the Aphididae, which should more properly be referred to as 
“aphidids.” 

The Phylloxeridae contains about 75 species, in eight 
genera, divided between two tribes. The Phylloxerini has 
seven genera, feeding mostly on oaks (Fagaceae: Quercus), or 
hickory and pecans (Juglandaceae: Carya), but with one pest 
species on grape vines (Vitaceae: Vitis). The Phylloxerinini has 
a single genus associated with the willow family (Salicaceae). 
The Phylloxeridae is probably the oldest extant family, although 
only one fossil (Palaeophylloxera from the Lower Miocene) is 
known. Many phylloxerid species induce galls on their host 
plants; only a few species are host alternating. 

Conifer woolly aphids, the Adelgidae, belong to two 
genera and about 50 species and are entirely Holarctic in 
distribution. Adelgids induce galls on their primary host, 
spruce (Picea), and move to other conifers as alternate hosts. 

The largest family, Aphididae, has been divided into a 
number of subfamilies and tribes, but different authors fre- 
quently use different classifications. The 10 subfamilies listed 
here are those recognized in the monographs by R. L. Blackman 
and V. F. Eastop: Anoeciinae (34 species), Aphidinae (over 
2700 species), Calaphidinae (including the Drepanosiphinae, 
Thelaxinae, and several other groups treated as subfamilies by 
some other authors; 400 species), Chaitophorinae (164 species), 
Eriostomatinae (formerly Pemphiginae; 319 species), 
Greenideinae (151 species), Hormaphidinae (176 species), 
Lachninae (355 species), Mindarinae (5 species), and 
Phloeomyzinae (1 species). 

The oldest aphid fossils are from the Triassic (at ca. 230 mya) 
but aphids may have originated in the Permian. Phylogenetic 
analysis of molecular data suggests that aphids underwent a 
rapid radiation into the current tribes after shifting from 
gymnosperms to angiosperms some time during the Upper 
Cretaceous. Furthermore, the ancestral aphid probably had a 
simple life cycle with host alternation evolving independently 
in each of the families and perhaps several times within the 


Aphididae. 


Life History 


There are six stages in the life history of an individual aphid: 
the egg or embryonic stage, four instars, and the adult. Aphids 
have evolved a range of annual or biennial life cycles and other 
adaptive strategies that often vary within as well as among 
species. This complexity can complicate the study of aphid 
biology. Furthermore, aphidologists have developed a special 
nomenclature for the different life stages and types. Life 
cycles are called holocyclic (Fig. 6) if a sexually reproducing 
generation is present or anholocyclic if the sexual generation 
is absent. A typical complete cycle (holocycle) consists of a 
single generation of sexual morphs (sexuales) and several to 
many generations of only parthenogenetic females. In the 
sexual generation, males mate with females to produce fer- 
tilized eggs, which are all female. Each egg gives rise to a wing- 
less “foundress” or “stem mother” (fundatrix) that gives rise 


Sternorrhyncha 1085 


~ SAAS edb 










SPRING 


Parthenogenetic 
female 


te 


Grass 


Parthenogenetic 
female 


ABN 

he 
SPRING : 
Fundatrix 


apTetbeeseeseetegs 


| WINTER “OS, 
ZO FALL ( 


migrant 


SUMMER ema 


olen 
7 female 








Primary host 


Secondary host 


FIGURE 6 Life cycles of aphids. (A) The holocyclic life cycle of the 
monoecious sycamore aphid, Drepanosiphum platanoidis. (B) The holocyclic 
life cycle of the heteroecious bird cherry—oat aphid, Rhopalosiphum padi. 
Fundatrix, foundress, a wingless parthenogenetic female that produces live 
offspring rather than eggs; gynopara, migrant that flies back to the primary 
host where she produces oviparae; ovipara, wingless, sexual egg-laying female 
that mates with a male. (Reproduced with permission from A. F. G. Dixon, 


1973, “Biology of Aphids,” pp. 8 and 9, Edward Arnold Ltd., London.) 


to a lineage of parthenogenetic females. The parthenogenetic 
descendants of a single foundress are called collectively a 
clone and are identical genetically but may be of different 
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phenotypes (morphs). The adults may be apterae or alatae, 
depending on environmental conditions. In Aphididae, 
parthenogenetic females (viviparae) give birth to live young, 
whereas the sexual females (oviparae) lay eggs. In Adelgidae 
and Phylloxeridae, females lay eggs during both the sexual 
and the asexual phases of reproduction. The phenomenon of 
cyclical parthenogenesis is a key feature of aphid biology. 
Some aphids have lost, or can facultatively lose, the sexual 
part of the life cycle (a condition then called anholocycly). It 
is common for aphids to have 15 to 20 generations per year, 
with up to 40 in tropical climates. 

Most aphids are monoecious (Fig. 6A), i.e., they undergo all 
phases of their life cycle on one host plant or on a small number 
of closely related hosts. About 10% of aphids are heteroecious 
(Fig. 6B), having more complex life cycles involving host 
alternation (heteroecy). The sexual morphs mate and the 
oviparae lay eggs on the primary host (often a woody plant); 
however, a regular move occurs to another, unrelated plant, the 
secondary host (which may be either herbaceous or woody), on 
which the parthenogenetic generations live. The aphids must 
return to their primary host for the next sexual generation. 
Host alternation may occur as part of a l-year (annual) life 
cycle, as in many Aphididae, or as a 2-year (biennial) life cycle, 
as in Adelgidae. In the Aphididae, in temperate climes, alter- 
nation is frequently obligate, overcoming the twin problems 
of poor sap flow in woody primary hosts in summer and the 
death of many herbs in winter. 


Morphology 


Aphids are highly polymorphic, with most species occurring in 
several different forms or morphs. In individuals destined to be 
winged as adults, the wing buds are usually apparent after the 
second nymphal molt. Most common aphid species are soft- 
bodied and green in color, but dark and brightly colored 
species and a few hard-bodied species also occur. Nymphs 
superficially resemble adults except that they are smaller in size 
and never have wings. Aphids usually have two prominent, 
tube-like structures on the posterior dorsum of the abdomen, 
called siphunculi or cornicles (Fig. 7), which can discharge 
defensive lipids and alarm pheromones. In some species, these 
structures are reduced to pores or are absent. Another structure 
unique to the aphids is a posterior projection on the tip of the 
abdomen called the cauda, equivalent to the lingula in white- 
flies. Protective wax secretions are common. 


Behavior and Ecology 


Both adults and nymphs can travel short distances by walking, 
but dispersal of alatae occurs by both active flight and passive 
long-distance movement on air currents. Apterae and nymphs 
are frequently transported by attendant ants. In sexual morphs, 
males are attracted to females by sex pheromones released from 
glands on the female’s legs. Altruistic behavior has been reported 
in the few aphid species that have a sterile soldier “caste,” 
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FIGURE 7 An apterous female cowpea aphid, Aphis craccivora (Aphidoidea: 
Aphididae). [Illustration by J. H. Martin; reproduced with permission from 
W. R. Dolling, 1991, “The Hemiptera,” p. 193, British Museum (Natural 
History), London.] 


which is a special kind of first or second instar that defends 
the family group against competitors and natural enemies. 

Aphids generally live in aggregations on the buds, stems, 
and/or leaves of their host plants. Some species induce galls 
and a few others live underground on roots. Almost all 
aphids are phloem feeders, producing copious quantities of 
honeydew, and thus many species are attended by ants. Some 
aphids feed from both phloem and parenchyma tissue, and 
adelgids are largely parenchyma feeders. In general, aphids 
are quite host specific, with each genus being associated with 
a particular host-plant family and each species with one 
genus or species of host plant or at least closely related plant 
genera. In host-alternating species, however, the primary and 
secondary hosts are usually unrelated and the specificity to the 
primary host is generally higher than to the secondary host(s). 
Pest aphids, especially those of agricultural crops, often feed 
on plants in a number of unrelated families. 


Notable Pest Species and Their Control 


Infestations of aphids can grow rapidly to enormous size and 
cause plant debilitation through nutrient deprivation, but even 
small numbers of aphids can transmit viruses to uninfected 
plants. Pest aphids often are more polyphagous than nonpest 
species and frequently are species exotic to the area where 
they are of most economic concern. Cosmopolitan pest species 
are frequently anholocyclic, i.e., reproducing continually by 
parthenogenesis on their crop hosts, and thus are particular 
pests in the tropics. 

One of the most notorious aphidoid pests is the grape 
phylloxera, Daktulosphaira vitifoliae (Phylloxeridae), which 
induces galls on Vitis species, including the viticulturally 
important V. vinifera. Damage in vineyards results mainly 


from the rotting of roots when infestations are heavy, rather 
than sap loss per se. The main method of control is the use 
of resistant grape rootstocks. 

Genera of Aphididae that contain significant pests of 
crops include Aphis, Brevicoryne, Macrosiphum, Myzus, and 
Rhopalosiphum; the species listed below all transmit plant 
viruses. There are a number of serious pest species of Aphis, 
including the cowpea aphid A. craccivora (Fig. 7), bean aphid 
A, fabae, and melon or cotton aphid A. gossypii. The cabbage 
aphid, B. brassicae, attacks members of the Cruciferae. The 
potato aphid Ma. euphorbiae and the rose aphid Ma. rosae both 
use roses as primary hosts. The polyphagous shallot aphid My, 
ascalonicus appears to be exclusively anholocyclic. The primary 
hosts of black cherry aphid My. cerasi and green peach aphid 
My, persicae are Prunus fruit trees; secondary hosts include a 
range of economically important plants. The corn leaf aphid 
R. maidis is a worldwide pest of cereal crops, particularly maize, 
sorghum, and barley, and is habitually anholocyclic in most 
places. Important tree pests include Pineus species (Adelgidae) 
on pines; Cerataphis fransseni (Hormaphidinae) on coconut 
and other palms; Cznara species (Lachninae) on a wide range 
of conifers; Dysaphis, Myzus, and Brachycaudus species 
(Aphidinae), many of which utilize rosaceous trees as their 
primary hosts, causing unsightly leaf curling/galling in spring; 
and Eriosoma lanigerum (Eriosomatinae), which develops 
woolly colonies on apple branches and trunks. 

The most common aphidophagous predators are ladybird 
beetles (Coccinellidae), lacewings (Neuroptera), some hover 
flies (Syrphidae), a few gall midges (Cecidomyiidae, especially 
the widespread Aphidoletes aphidimyza), and certain predatory 
bugs (Anthocoridae). Wasps of the large family Aphidiidae and 
several genera of Aphelinidae are endophagous parasitoids of 
Aphididae; Adelgidae and Phylloxeridae are not parasitized. 


COCCOIDEA (SCALE INSECTS) 


The scale insects (also called coccoids) occur worldwide. They 
are mostly small (less than 5 mm in length) and often cryptic 
in habit. There are estimated to be about 7500 described 
species. Many scale insects are economically important pests 
of agriculture, horticulture, and forestry. Male scale insects 
display complete metamorphosis, whereas female devel- 
opment is neotenous (adults resemble nymphs). A number of 
taxa display remarkable diversity in their genetic systems (e.g., 
parthenogenesis, hermaphroditism, and paternal genome elimi- 
nation) as well as in chromosome number, sperm structure, 
and types of endosymbioses. The name “scale insect” derives 
both from the frequent presence of a protective covering or 
“scale” and from the appearance of many of the female 
insects themselves. Most species produce a waxy secretion 
that covers the body either as a structure detached from the 
body (a scale or test) or as a substance that adheres to the 
body surface. Some coccoid species have been used as sources 
of candle wax, lacquers such as shellac, or dyes. Scale insects 
are more diverse in terms of major evolutionary lineages 
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(families), species richness, and morphology than any of the 
other sternorrhynchan groups. 


Evolution and Classification 


Scale insects have been assigned variously to 20 or more 
families, but the family-level classification is controversial. 
Often the Coccoidea is divided into two major, informal 
groups, the archaeococcoids (or archaeococcids) and the neo- 
coccoids (or neococcids). The extant archaeococcoids 
comprise the Margarodidae sensu lato (with over 400 species 
and sometimes treated as several families), Ortheziidae (ensign 
scales; about 155 species), Carayonemidae (4 species), 
Phenacoleachiidae (2 species), and perhaps the genus Puto 
(about 60 species, sometimes placed in their own family, 
Putoidae, or otherwise in Pseudococcidae). Collectively, the 
above archaeococcoid families number only approximately 80 
genera and 600 species. Some of the morphological features 
that define the archaeococcoids occur more widely in the 
Hemiptera, and monophyly of archaeococcoids is uncertain. 

The neococcoids, which comprise all of the other extant 
families (usually 17 are recognized) and most of the species of 
scale insects (about 7000), are a monophyletic group charac- 
terized by derived features, including a chromosome system 
involving paternal genome elimination, needle-like apical 
setae on the labium, and loss of abdominal spiracles. Among 
neococcoids, most families (with the exception of the Erio- 
coccidae) are well characterized morphologically. In contrast, 
relationships among families are largely unknown or not 
supported well by available data. The three largest families of 
neococcoids, in order of size, are the Diaspididae (armored 
scales; about 2400 species), Pseudococcidae (mealybugs; about 
2000 species), and Coccidae (soft scales; over 1000 species). 
The other neococcoid families are the Eriococcidae (felt scales; 
about 550 species); Asterolecaniidae (over 200 species), 
Lecanodiaspididae (about 80 species), and Cerococcidae (about 
70 species) (these 3 families collectively are called pit scales); 
Kerriidae (Tachardiidae) (lac insects; about 100 species); 
Kermesidae (gall-like scales; about 90 species); Aclerdidae (flat 
grass scales; about 50 species); Conchaspididae (about 30 
species); Halimococcidae (about 20 species); Stictococcidae (16 
species); Beesoniidae (9 species); Dactylopiidae (cochineal 
insects; 9 species); Micrococcidae (8 species); and Phoenico- 
coccidae (1 species). 

The oldest fossil scale insects are from the Lower Cretaceous 
but the group is at least of Triassic and probably of Permian 
age. The earliest radiation involved the archaeococcoids, with 
the neococcoids apparently diversifying in conjunction with 
flowering plants. 


Life History 


The reproductive repertoire of scale insects includes hermaph- 
roditism, seven kinds of parthenogenesis, and six major types 
of sexual chromosome systems. In the vast majority of coccoid 
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FIGURE 8 The life cycle of the Australian Acacia-feeding mealybug 
Melanococcus albizziae (Coccoidea: Pseudococcidae). (Partially adapted, with 
permission, from G. S. Farrell, 1990, Mem. Mus. Victoria 51, 49-64.) 


species, the males are functionally (because of inactivation or 
elimination of paternal chromosomes), and sometimes 
actually, haploid. 

Each individual female scale insect has four or five growth 
stages (Fig. 8): the egg, two or three immature (nymphal) 
instars, and the adult (imaginal stage). The female lays eggs 
(ovipary) either in a cavity under her body or in a waxy covering 
(ovisac; Fig. 9E) that may be attached to her body, or she 


FIGURE 9 The morphological diversity of scale insects (Coccoidea). (A) An 
adult female of the soft brown scale, Coccus hesperidum (Coccidae). (B) 
Adult female (right) and scale cover of a California red scale, Aonidiella 
auranti (Diaspididae). (C) An adult female of the longtailed mealybug, 
Pseudococcus longispinus (Pseudococcidae). (D) Adult female of a gum tree 


scale, Eriococcus coriaceus (Eriococcidae), inside her waxy test with just her 
posterior abdomen visible. (E) The hermaphroditic adult of the cottony 
cushion scale Icerya purchasi with ovisac (Margarodidae). (Illustration by 
P. J. Gullan.) 





retains the eggs in her reproductive tract until the young are 
ready to hatch (ovovivipary). The mobile first instars, called 
crawlers, are the main dispersal agents for Coccoidea; other 
immature instars generally are sessile. Adult females may live 
for an extended period (months to several years). 

After hatching from the egg, male scale insects have a total 
of four immature or preimaginal instars including their own 
specially derived form of a complete metamorphosis (holo- 
metaboly) involving one or two pupa-like stages (Fig. 8). These 
are called the prepupa and pupa and develop either under a scale 
cover or test or inside a waxy cocoon or test that is produced by 
the second instar. Neither the pupa-like instars nor the adult 
males feed; adult males are short-lived (at most a few days) and 
have limited time to seek out the sedentary females for mating. 

Host-alternating life cycles, as seen in some aphids, are 
unknown. The number of annual generations varies among 
and often within species and ranges from fewer than one to 
up to seven or eight per year. Annual life cycles are common 
in cool-temperate regions and numerous annual generations, 
typical of many aphids, do not occur in scale insects. 


Morphology 


Morphologically, scale insects are among the most unusual of 
insects. There is a very marked dimorphism between the adult 
male and the adult female and identification is based almost 
entirely on the long-lived adult female. Adult females (Fig. 9) 
are sac-like without a well-defined head, thorax, or abdomen, 
and they are neotenic, that is, the adult resembles an immature 
individual. Adult females are wingless, may or may not have 
legs, but usually have well-developed mouthparts. The anus 
opens posteriorly and usually is surrounded by a chitinized 
ring and often anal plates (Fig. 9A) or anal lobes flank the 
opening. Species that have a scale cover (e.g., armored scales; 
Fig. 9B) usually incorporate in it the dorsal part of the cast-off 
cuticle from the previous growth stage. If the body wax is of the 
adhering type, then it may vary from a thin translucent sheet 
(many soft scales) to a thick, wet mass (e.g., wax scales), a 
cottony secretion (e.g., some margarodids) or a powdery, white 
dusting (many mealybugs; Fig. 9C). Species that produce 
waxy tests (e.g., felt scales; Fig. 9D) often also have a dusting 
of powdery body wax. Wax is produced by epidermal glands 
and is exuded from a great variety of cuticular pores and ducts 
and sometimes also from glandular setae. Typically the body 
also is covered in setae that may be hair-like, spine-like, or 
other shapes, often with several types present on each species. 

Adult males resemble small, delicate flies (Fig. 8) and have 
a distinct head, thorax, and abdomen. Most have a pair of 
membranous forewings and a pair of vestigial hind wings 
(balancers or halteres), although adult males of some species 
are wingless. The mouthparts of the prepupa, pupa, and 
adult males are reduced or absent. 

Crawlers (Fig. 8) are usually ovoid or elongate ovoid and 
flattened dorsoventrally. Their antennae, legs, and mouthparts 
are well developed and various kinds of pores, ducts, and setae 
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A variety of specialist hand tools are available that assist with soldering, and a good 
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are present on the body and its appendages; often a fringe of 
setae surrounds the body margin. 


Behavior and Ecology 


The first instars either seek suitable feeding sites on the natal 
host plant or disperse on the wind; some crawlers display 
behaviors that increase their chances of becoming airborne. 
Adult males probably locate their sessile conspecific females 
using sex pheromones but the presence of these chemicals has 
been demonstrated experimentally for very few species. 

Scale insects primarily feed from either the phloem or the 
parenchyma, and their host associations range from 
monophagous to polyphagous. Sap removal is the main cause 
of plant damage, but a few species (especially of mealybugs 
and armored scales) also transmit plant pathogens and/or 
toxins that may further reduce plant vigor and eventually kill 
the host. Furthermore, most scale insects (except armored 
scales and a few others) produce honeydew and are ant 
attended; associations are usually facultative but a number of 
obligate ant—coccoid relationships have been described. 

Cochineal scales (Dactylopius spp.) and certain mealybugs 
and lac insects have been used as biological control agents for 
particular noxious weeds; e.g., cochineal insects can assist 
with the control of prickly pear cacti, Opuntia species. 


Notable Pest Species and Their Control 


Some scale insects are serious plant pests, especially of peren- 
nial agricultural plants. They can cause damage to nut and fruit 
trees, forest or plantation trees, glasshouse plants, woody orna- 
mentals, house plants, and sometimes sugar cane and even grass 
in lawns. Pests are usually either polyphagous (e.g., certain 
wax scales, Ceroplastes species; the pink hibiscus mealybug 
Maconellicoccus hirsutus; and the cottony cushion scale Icerya 
purchasi) or oligophagous (e.g., the beech scale Cryptococcus 
fagisuga on beech trees or Matsucoccus species on pines). The 
cryptic habits and small size of most scale insects mean that 
they may not be detected until plant damage is substantial. 
Also, if populations on plants are low, they can be notoriously 
difficult to detect during quarantine inspections. Most pest 
scales belong to the Diaspididae (e.g., California red scale 
Aonidiella aurantii on citrus, Boisduval scale Diaspis boisduvalii 
on orchids, euonymus scale Unaspis euonymi on ornamentals, 
and black pineleaf scale Nuculaspis californica on pines), 
Coccidae (e.g., certain polyphagous Ceroplastes, Coccus, 
Pulvinaria, and Saissetia species), and Pseudococcidae (e.g., 
many species of Dysmicoccus, Pseudococcus, and Planococcus on 
a wide range of plants), but a few significant pests belong to 
other families, such as the Margarodidae (especially polyphagous 
Icerya species), Eriococcidae (e.g., certain Eriococcus species on 
ornamental plants), and Asterolecaniidae (e.g., Bambusaspis 
bambusae on bamboo). 

The most important predators of scale insects are ladybird 
beetles (Coccinellidae; especially Rodolia, Chilocorus, and 
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Cryptolaemus). The main parasitoids of scale insects are 
chalcidoid wasps, especially species of Aphelinidae (e.g., 
species of Aphytis, Encarsia, and. Coccophagus) and Encrytidae 
(e.g., species of Anagyrus, Leptomastix, and Metaphycus), 
although some scale insects are attacked by flies that may be 
either parasitic (e.g., Cryptochetidae) or egg predators (e.g., a 
few Cecidomyiidae). 


See Also the Following Articles 
Auchenorryncha ¢ Cicadas ¢ Honeydew e Parthenogenesis 
Prosorrhyncha e Rostrum ¢ Symbionts Aiding Digestion 
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he protection of stored food against attack by insects and 
molds has been a necessity since the dawn of agriculture, 
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FIGURE 1 Traditional storage facility for grain in China. 


or perhaps since humans began to manufacture primitive 
clothing and tools for daily use from plant or animal 
material. Protection of stored products, thus, has a tradition 
of tens of thousands of years and is documented in the 
earliest records of history. 

Stored food and other products of plant or animal origin 
provide a habitat with shelter, food, and breeding sites for 
insects (Fig. 1). Worldwide losses from these postharvest 
insects and other food pests are estimated to be from a few 
percent in developed countries to 20% in an average year in 
some developing countries. Under certain storage conditions, 
50 to 100% of food is lost. 

Several hundred insect species are associated with stored 
products. Most are beetles (Coleoptera) or moths (Lepi- 
doptera), with their parasitoids being wasps (Hymenoptera). 
However, there are only about 100 species of economic 
importance. These can be divided into two main categories: 
species infesting dry botanicals, mainly but not exclusively 
grain seeds and their products, and scavenger species infesting 
animal products (meat, furs, wool, feathers, etc.). Very few pest 
insects can feed and breed successfully on both plant and 
animal material. 


ECOLOGY OF STORED-PRODUCT INSECTS 


The storage environment can be regarded as a human-made, 
simply structured, unstable ecosystem. All trophic levels of a 
typical ecosystem are represented. However, the system is not 
self-sustaining, and there is a unidirectional flow of energy 
and biomass. 


Trophic Levels in a Storage Environment 


The harvested and stored parts of the plants or the processed 
material are regarded as the producers (or the first trophic 
level) and contain the energy that was captured by the crops in 





FIGURE 2 Sitophilus zeamais, maize weevil, adults on maize. (Photograph 
from Agriculture and Agri-Food Canada.) 


the field. The primary consumers of the second trophic level 
in stored cereals are insects that infest the intact grain kernel. 
Most numerically dominant are the grain weevils of the genus 
Sitophilus (Curculionidae) (Fig. 2), the grain borers Rhyzopertha 
dominica (Fig. 3) and. Prostephanus truncatus (Bostrychidae), 
and the grain moth Sitotroga cereallela (Gelechiidae). Primary 
consumers provide routes of entry for secondary consumers, 
such as Tribolium spp., that feed on the waste products or on 
debris, the frass, provided by the primary consumers. 
However, because damaged grain and grain dust are always 
present, secondary consumers can also exist without primary 
consumers. 

The oxidation processes of the stored commodity and the 





FIGURE 3 Rhyzopertha dominica, lesser grain borer, adults on wheat. 
(Photograph from Agriculture and Agri-Food Canada.) 


respiratory activity of primary and secondary consumers 
generate heat and moisture that affect the microclimate. 
“Hot spots” may occur, which favor microbial growth. 
Certain microbial fungi further enhance conditions favorable 
to primary and secondary consumers. At this stage secondary 
and tertiary consumers become difficult to separate. Finally, 
the way is paved for the third trophic level of decomposing 
fungi, yeasts, and bacteria. 

Predators and parasitoids of stored product insects are 
frequently encountered in highly infested commodities. 
Some of them are very closely associated with prey or host. 
Others are less specific: most parasitic wasps, for example, 
parasitize a number of different host species. 

Carnivorous or scavenger species are typically found on 
stored commodities of animal origin such as dry meat or fish, 
wool, hair, and furs or products made out of these such as 
clothing or carpets. For example, dermestid beetles of the 
genera Dermestes, Anthrenus, Attagenus, or Trogoderma and 
the tineid moths Tineola bisselliella and Tinea pellionella are 
the most common insects in households. Scavengers feed on 
dead insect parts as well, which is why they are often found 
in stored products of plant origin that are infested with 
phytophagous insects. 

Because of the weblike interactions of the different trophic 
levels, it is difficult to place insect species in specific categories. 
Their roles may be granivore, carnivore, fungivore, predator, 
parasite, and scavenger. These roles, together with the micro- 
flora and the environmental factors temperature and humidity, 
result in ongoing fluctuations of physical parameters, species 
succession, changes in population densities, and continuous 
degradation of the stored commodity. 


Feeding Habits and Damage 


Primary and secondary insect pests of stored foodstuff are 
polyphagous, with a general preference for either dry plant 
material or material of animal origin. Under a different per- 
spective, these pests can also be classified into internal and 
external feeders. Internal feeders are species that penetrate the 
intact outer coating of seeds either as feeding or ovipositing 
adults or as freshly hatched larvae. External feeders graze on the 
surface of stored food stuff, on already damaged material, and 
on debris. Nevertheless, they almost all have a cryptic feeding 
habit that is probably a result of their negative phototaxis. 
The larvae of the Indian meal moth, Plodia interpunctella, the 
most common stored-product moth worldwide and also fre- 
quently encountered in households, prefers undisturbed and 
darker places wherever suitable food is available. 

The most obvious damage caused by stored-product insects 
is the destruction of food destined for human consumption. 
In addition to their capability to cause tremendous losses, 
insects contaminate the commodity with frass, feces, exuviae, 
and corpses. The accumulation of filth may lead to the 
rejection of the stored material. Except for some tenebrionid 
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grain beetles infected with a certain tapeworm, stored- 
product insects have not been shown to transmit human 
pathogens or diseases. However, some of their by-products 
can be highly allergenic to humans. 


Environmental Factors 


Temperature and relative humidity usually determine the 
limits of insect infestations in stored products. The range of 
temperature in which stored-product insects are active lies 
between 8 and 41°C. Reproduction and larval development 
above or below these limits are not possible, and the indivi- 
duals can survive extremes only in diapausing or hibernation 
stages. Some species are more cold-hardy or heat tolerant than 
others. Relative humidity also is important because it directly 
influences the moisture content of the foodstuff. The relative 
humidities to which pest insects have adapted range from 
near 0 to close to 100%, with typical optimal conditions being 
from 60 to 75%. Temperature and relative humidity of the 
microclimate can be actively influenced through the meta- 
bolic activity of aggregated individuals. Light is less important 
than temperature and humidity as a factor influencing the 
survival of stored-product insects. However, most larvae have 
a negative phototaxis and therefore are most likely to be found 
in dark, less disturbed areas. 


BEHAVIOR OF STORED-PRODUCT INSECTS 


In addition to physical parameters, the behavior of stored- 
product insects is greatly influenced by semiochemicals. Living 
organisms, grain, microflora, insects, and mites, as well as 
decaying matter, produce an array of volatiles that combine 
with the oxygen, nitrogen, and carbon dioxide of the system. 
For example, enzymatic reactions in stored seeds produce 
unsaturated fatty acids that are highly attractive to a number of 
pests. Catabolism of decaying plant and animal matter enables 
pest insects to locate suitable feeding and breeding sites. Fungi 
have a distinct odor that is attractive to fungivorous species 
but repellent to others at high concentrations. 

Intra- and interspecific communication is directed by a 
number of pheromones and allelochemicals. For example, 
spacing and oviposition pheromones are found among 
bruchids marking already infested seeds. These compounds 
are repellent to conspecifics. Spacing pheromones of certain 
species not only act on conspecifics but also repel noncon- 
specifics and thus act as allomones. 

Sex pheromones, nearly always produced by the female, 
attract mates. These pheromones comprise specific compounds 
or a highly specific combination of compounds. Aggregation 
pheromones, typically found in species with long-lived adults, 
are produced by males and attract conspecifics of both sexes. 
Certain compounds of some aggregation pheromones are not 
species specific, and there is cross-attraction, especially among 
closely related species. In most cases, foods synergize the effect 
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of aggregation pheromones. Although aggregation pheromones 
increase the likelihood that an individual will find a mate 
among aggregated conspecifics, the role of these substances as 
mating pheromones is not necessarily obvious. 

Several parasitoids and predators make use of volatiles to 
locate hosts and/or prey, and under certain circumstances 
pheromone components may act as allelochemicals. Specialists 
that parasitize or prey on a single host species, a very narrow 
range of related host species, or specific developmental stages 
are attracted to specific kairomones emitted by their host or 


prey. 


ORIGIN OF STORED-PRODUCT INSECTS 


The origin of stored-product insects can be examined from 
three viewpoints: first, from a practical or physical point of 
view, asking for the natural reservoirs from which the insects 
spread into the storage system and seeking to learn how they 
invade a particular commodity; second, from a phylogenetic 
point of view, examining the ecological and behavioral 
preadaptations that made it possible for insects to shift from 
an original or primary habitat to a relatively recent, human- 
made habitat; and finally, from a historical point of view, 
searching for the geographic origins of the various insect 
species that infest stored commodities, which today are 
considered to be distributed worldwide. 


Preadaptations and Natural Habitats 


Insects species capable of surviving in stored commodities 
generally have some biological strategies in common. Species 
infesting stored products are not monophagous; rather, 
stored-product insects are food opportunists. For example, 
the cigarette beetle, Lasioderma serricorne, and the drugstore 
beetle, Stegobium paniceum, are perhaps the most ubiquitous 
of all stored-product pests, but all others also feed and breed 
on a variety of products. Almost all species found in human- 
made storage systems also can be found outdoors. 

Natural breeding sites of stored-product insects can be shel- 
tered niches where seeds and nesting material were gathered 
by rodents, birds, or other insects. Dermestids, ptinids (spider 
beetles), and tineids (clothes moths) are frequently found in 
empty rodent or bird nests where they feed on hairs, feathers, 
feces, pellets regurgitated by birds of prey, and food debris 
brought in or left by the previous occupants. Carrion is a 
food source as well for some species. 

Stored-product insects typically have the ability to survive 
a long time without food. When environmental conditions are 
favorable and resources are available, stored-product insects 
reproduce over prolonged periods and have a rapid population 
growth rate, exploiting resources maximally. Dispersal is 
regulated by population density, and most stored-product 
insects are good fliers, which is essential for locating patchily 
distributed food and breeding habitats. Therefore, the 


following preadaptations help insect species to exploit the 


resources of stored-product systems: a range of natural reser- 
voirs, a range of food habits, ability to survive in the absence 
of food, a wide range of tolerance for physical factors in the envi- 
ronment, and a high reproductive rate at optimal conditions. 

Additionally important for consumers of dry foodstuffs is 
the ability to conserve water. Pest insects have to be either 
tolerant of low humidity and moisture content, able to recycle 
metabolic water, or able to influence and alter microclimatic 
conditions. Several species, in which the adults feed, tend to 
aggregate at spots suitable for feeding and breeding. Such 
aggregation is not incidental but a result of male-produced 
pheromones that are attractive to conspecific males and 
females. This behavior raises the question of the evolutionary 
advantage for males producing pheromone that attracts not 
only potential mates (conspecific females) but also potential 
competitors (conspecific males). It is thought that male- 
produced aggregation pheromones originally served to attract 
a mate. If this is correct, the use of the pheromone by other 
males of the same species then evolved secondarily, presumably 
allowing them to locate resources and assembled females. This 
would result in a fitness gain only for the intruding males. 

An alternative explanation for the production of aggrega- 
tion pheromones could be that the primary role of the male- 
produced aggregation pheromone was to attract and congre- 
gate conspecifics to overcome host defenses or unsuitable cli- 
matic conditions. Because males and females can serve equally 
well in this respect, the pheromone emitter benefits from 
attracting beetles of either sex. 

To infest dry foodstuffs or stored commodities successfully, 
stored-product beetles certainly do not have to overcome host 
defense systems. However, in natural habitats, such as under 
bark or in wood, stored-product beetles most likely benefit 
from, and rely on, aggregation pheromones to weaken the 
host and make the habitat more suitable. This behavior can 
be observed in non-stored-product species closely related to 
postharvest pests in the Tenebrionidae, Curculionidae, and 
Bostrychidae, which partly feed and breed on physiologically 
active host plant parts. Where seeds and other harvested 
products are usually stored under low temperatures and 
rather dry conditions, the aggregation pheromones may serve 
to congregate groups that alter the microclimate. Such areas 
of higher temperatures and humidity may provide favorable 
conditions for insect development. 

Not all insects that infest dry foodstuff have aggregation 
pheromones. In those that do not, there is a tendency of the 
larvae to aggregate. For many species, development is maxi- 
mized at an optimal density of individuals. Individual fitness 
declines as the population shrinks or enlarges. For example, the 
eggs of many bruchids are deposited in clutches. Ovipositing 
females in the pyralids are guided to breeding sites by 
mandibular gland secretions produced by conspecific larvae. 
(A larval pheromone from mandibular glands is responsible 
for an optimal spacing, thus regulating population density.) 
Many aggregation pheromones also serve as guides to oviposit- 
ing females. 


Temporary Changes in Habitats 


The evolutionary origin of most stored-product insects 
remains speculative. However, autecological studies indicate 
a more or less xylophilous origin, under bark or in decaying 
wood, for most species. Omnivorous and partly predatory 
feeding habits could have allowed those species to invade 
animal nests in the same habitat or close by. These nests and 
the materials within could have provided good sources of 
otherwise scarce carbohydrate- and _protein-enriched 
resources. In the same way, at the beginning of agriculture 
more than 10,000 years ago, insects could have gained access 
to storage bins in granaries constructed of infested timber. 
This kind of behavior can be observed in Prostephanus 
truncatus, the larger grain borer, which can survive in a variety 
of wooden building materials often used for simple granaries 
in tropical and subtropical countries. When the new harvest is 
brought in, this beetle readily invades the stored commodity, 
returning to its xylophilous habit when the alternative 
enriched food source declines. Other insect pests associated 
with stored products also frequently commute between the 
stored commodity and their cryptic life in cracks and crevices 
of the storage facility, where they feed on debris. 


Geographic Origin and Worldwide Distribution 


Today most stored-product insects are worldwide in distribu- 
tion, and it is difficult to trace species to specific geographic 
origins with certainty. Global trade of food and other com- 
modities, and the past lack of quarantine regulations, dis- 
persed most storage pests with the products they had infested. 
Despite their cosmopolitan distribution, not all storage insects 
are established worldwide or occur outside warehouses or 
granaries. This is especially true in the colder parts of the 
world. Callosobruchus maculatus, for example, does not survive 
winters in the Northern Hemisphere unless inside heated 
storage facilities. For some species it is impossible for climatic 
reasons to successfully survive as nonsynanthropic populations. 

The association of certain insects with humans most likely 
began in prehistoric times, probably contemporaneous with 
intensified agriculture and the domestication of animals. 
Phylogenetic, ecological, and historical evidence suggests that 
the majority of stored-product insects originated in the 
tropical and subtropical parts of the world. These centers of 
origin were also the centers of Neolithic agriculture. 


PROTECTING STORED PRODUCTS 
AGAINST PEST INSECTS 


Some of the most modern approaches to keeping stored food 
from spoiling are based on historical and traditional methods 
modified by today’s technology. The storage of commodities 
under low oxygen atmospheres, to slow down the biological 
decay mechanisms, was in principle already used in ancient 
underground and hermetically sealed storage facilities of the 
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Old World. The same effect occurs in modern grain facilities 
that are fumigated with modified atmospheres enriched with 
nitrogen and carbon dioxide. The ancient Egyptians inter- 
mixed ash with grain, which acted as abrasives on insects’ 
cuticle, causing desiccation. Today, inert dusts on a base of 
diatoms are applied, and by a slightly different mode of action 
these additives cause the insects to desiccate. The Egyptians 
added specific herbs and spices to the commodities to repel 
pest insects. Sulphur was one of the first fumigants for stored 
product protection. The insecticidal property of burning sulfur 
was known in the New Kingdom around 1,000 B.c. Toxic 
fumigants have the great advantage over contact insecticides of 
fully penetrating the commodity and therefore also killing 
internal infestations. However, the application of fumigants and 
pesticides is not risk free. Environmental concerns and the poten- 
tial danger to human health have led to a steady reduction of 
registered fumigants and contact insecticides. Incorrect handling 
of pesticides can lead to control failures and resistance. 

In the past, eradication of pests was the primary objective, 
and increasingly high food quality standards allow no, or 
only little, contamination of stored commodities. On the other 
hand, consumers demand foodstuff that is free of chemical 
residues. A zero pest tolerance, however, can rarely be achieved 
without the application of insecticides. Today’s pest control 
programs must therefore address health-related, ecological, and 
economic concerns. Modern pest control strategies in stored 
product protection focus on integrated pest management 
(IPM). The concept of IPM is based on using threshold levels 
to make control decisions and on the combination of physical, 
biological, and chemical pest control measures. One threshold 
level, the economic injury level, is defined as the pest infes- 
tation level at which the loss due to pests is equal to the costs 
of available control measures. The threshold is not a fixed 
parameter, but varies with the control options, the infested 
commodity, and the infesting pest species. Fundamental 
requirements for a successful application of an IPM program 
are detailed understanding of the mode of action of any 
control measure and specific knowledge of the pest’s biology. 


See Also the Following Articles 
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— (twisted-winged parasites) is a cosmopolitan 
order of small insects (males, 1-7 mm; females, 2-30 mm) 
that are obligate insect endoparasites. The order comprises 
~550 species placed within eight extant and one extinct 
family. Strepsiptera derive their common name from the male 
front wing, which is haltere-like, and early workers considered 
it to be twisted in appearance when dried specimens were 
examined. All members of this group spend the majority of 
their life cycle as internal parasites of other insects and con- 
sequently have a highly specialized morphology, extreme 
sexual dimorphism, and a unique biology. 


BIOLOGY 


The adult male strepsipteran is free living and winged, whereas 
the adult female is entirely parasitic within the host, with the 
exception of one family (Mengenillidae) in which the female 
last instar leaves the host to pupate externally. Strepsiptera 
parasitize species from seven insect orders: Zygentoma, 
Orthoptera, Blattodea, Mantodea, Heteroptera, Hymenoptera, 
and Diptera. In one family (Myrmecolacidae) the males are 
known to parasitize ant hosts, whereas the females are parasites 
of Orthoptera. The life cycle of most strepsipteran species is 
unknown, and only a few species have been studied in detail. 

The first instar is free living, emerges from the female 
brood canal, and disperses to the surrounding vegetation in 
search of a new insect host. In some species, the larvae have 
long abdominal setae that are used to propel them on to a 
new host. These larvae may be carried back to the nest of a 
social host to begin parasitizing the host’s larvae or may 


simply spring onto the early instars of a nonholometabolous 
host. In Stylops pacificus, the abdominal setae are short and 
the larvae are transported to the nest inside of the crop of the 
bee Andrena complex, where it will begin parasitizing a single 
egg of the bee. 

Once a first instar enters a new host, it molts into an 
apodous larva and feeds transcutaneously from the host’s 
hemolymph. Elenchus tenuicornis undergoes two additional 
molts prior to pupation; apolysis is not followed by ecdysis in 
strepsipteran larvae, such that the cuticle of the second to the 
fourth instar forms the puparium. In Mengenillidae, both sexes 
leave the insect host to pupate externally. The remaining 
Strepsiptera pupate in the host with a portion of the head 
and thorax extruded from the host’s cuticle (Fig. 1C). 

Males will emerge from the puparium and seek out a female 
for mating. Virgin females release a pheromone to attract 
males, and in Stylopidia the male copulates by rupturing the 
female’s brood canal opening between her head and prothorax 
in a process referred to as hypodermic insemination. Adult 
males live only a few hours, which makes them difficult to 
collect, although they are occasionally found at lights or may 
be lured to a virgin female kept in a cage in the field. Adult 
males do not feed and their mouthparts are partly modified 
into sensory structures. After insemination, females may live 
for a few weeks to a few months. In Xenos peckii, the female 
is typically inseminated in the fall and she remains in the 
wasp host until spring, when the planidial larvae emerge. The 
female may be an enormous endoparasite relative to the size 
of its host. For example, X. peckii may fill up to 90% of the 
abdominal cavity of the wasp host. It is relatively common to 
find a host that has been parasitized by multiple males and/or 
females. 


MORPHOLOGY 


First instars bear stemmata (simple, single-lens eyes), mandibles, 
maxillae, and a labium. Antennae are absent. Abdominal ter- 
gites are typically smooth, the abdominal sternites are serrate, 
and the legs are filiform with slender tarsi (Fig. LA). In 
Mengenillidae, the pupae are free living and have legs, mouth, 
and a segmented abdomen. In the remaining Strepsiptera, 
the puparium is tanned and male pupae possess compound 
eyes, abdominal and thoracic segmentation, and developing 
wings, legs, and antennae (Fig. 1B). 

The adult male has large compound eyes, with ommatidia 
separated by cuticle and/or setae, giving the eye a blackberry 
appearance. Antennae are flabellate and the mandibles are 
conical, except in Corioxenidae, which entirely lack mandibles 
(Fig. 1F). The first pair of wings is reduced, clubbed, and 
morphologically similar to the halteres of Diptera. The hind 
wings are enlarged and venation is reduced, and these wings 
are used for flight (Fig. 1G). The prothorax is small and 
saddle-shaped and the metathorax is large and bears the 
principal flight muscles. The trochanter is fused with the 
femora in the fore- and middle legs, the hind legs lack free 





FIGURE 1 (A) First instar of Mengenilla chobauti. (B) Male pupa of Xenos 
peckii. (C) Cephalothorax of female X. peckii extruded from the abdominal 
tergites of the wasp host Polistes fuscatus. (D) Close-up of cephalothorax of 
female X. peckii. (E) Female Xenos vesparum. (F) Head and thorax of M. 
chobauti. (G) Male Triozocera bedfordiensis. (H) Male Coriophagus rieki. 


coxae, and the tarsi have two to five segments and may lack 
a tarsal claw (Fig. 1H). 

The adult female lacks wings, legs, and external genitalia, and 
only rudiments of the mouthparts, antennae, and eyes remain 
(Figs. 1D and 1E). The thorax and head are fused to form a 
heavily sclerotized cephalothorax, and this is the portion of the 
female that is extruded from between the abdominal segments 
of its host. The abdomen is large, segmentation is reduced, and 
the cuticle is unsclerotized, which allows nutrients to pass from 
the host to the developing embryos. The tracheation and the 
nervous system are reduced, and the reproductive system is 
highly modified, allowing the production of vast quantities of 
eggs that are freely distributed throughout the abdominal cavity. 


CLASSIFICATION 


The Strepsiptera are divided into two major groups: the Sty- 
lopidia and the Mengenillidia. Mengenillidia comprises one 
extinct family (Mengeidae) and one extant family (Menge- 
nillidae). Mengenillidia is considered to be the most primitive 
strepsipteran group because females are free living, with rudi- 
mentary legs, antennae, and a single genital opening, and the 
males have robust mandibles and a hind wing with an 
elongated and sturdy MA vein. 

Stylopidia comprises seven families: Corioxenidae, 
Halictophagidae, Callipharixenidae, Bohartillidae, Elenchidae, 
Myrmecolacidae, and Stylopidae. The monophyly of Stylopidia 
is supported by the fact that females are found in the host, the 
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female has multiple genital openings, and the hind wing in 
the male has only residues of the MA, vein. Recent research on 
the phylogenetic relationships among strepsipteran families, 
based on the first instars, suggests that the Corioxenidae is the 
most basal family within the Stylopidia and that Stylopidae 
is paraphyletic with the Xeninae and Stylopinae placed in 
different groups. 


PHYLOGENY AND EVOLUTION 


The phylogenetic position of Strepsiptera relative to other 
insect orders has been one of the most contentious issues in 
imsect systematics, and controversy still exists as to their 
phylogenetic affinity. There have been four phylogenetic 
hypotheses presented: (1) placement as a group somewhere 
within Coleoptera, as suggested by the superficial similarities 
in their parasitic lifestyle and morphology with certain beetle 
groups; (2) placement as sister group to Coleoptera, as 
suggested by the powering of flight via the hind wing; (3) 
placement outside of Holometabola, as suggested by the 
presence of larval stemmata; and (4) placement as sister 
group to Diptera, as suggested by DNA sequence data. The 
latter hypothesis has been the most controversial in recent 
years and different interpretations of the molecular data have 
been presented. However, if Strepsiptera are indeed sister 
group to Diptera, then this gives rise to some intriguing 
possibilities in insect evolution. Functionally, the halteres of 
Diptera and Strepsiptera appear identical, both highly 
specialized to serve as a gyroscopic balancing mechanism 
during flight. Therefore, it is possible that the mesothoracic 
halteres of Strepsiptera were derived via a specialized 
mutation in the genes controlling the development of the 
metathoracic halteres in Diptera, essentially causing the 
wings of the dipteran to switch positions to produce the type 
of wings as observed in Strepsiptera. 


See Also the Following Article 
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Swimming, Lake Insects 


Werner Nachtigall 


Universitat der Saarlandes 


nsects of many types, such as beetles (Coleoptera), true bugs 

(Heteroptera), and fly larvae (Diptera), can be observed 
swimming in ponds and lakes. Of these, the water beetles in 
the family Dytiscidae are reputed to be the best swimmers. The 
trunks of their bodies are well adapted to flow, and they generate 
thrust by executing synchronous power strokes with their 
flattened rear legs, which bear two rows of “swimming” hairs. 


FLOW ADAPTATION 


Measurements on flow adaptation have been carried out on 
trunks of several Dytiscidae, especially with the large European 
water beetle Dytiscus marginalis. 

The technical term coefficient of drag, or cy, is used as an 
indicator of flow adaptation. A small coefficient indicates that 
a beetle with a given frontal area and at a given swimming 
speed generates little drag; that is, it is well adapted to flow. 
However, one cannot readily compare the drag created by 
objects moving at different speeds because the coefficient of 
drag is a function of the Reynolds number (ie., of its 
swimming speed in water and its body length). For certain 
ranges of Reynolds numbers, there are sufficient data 
available, ranging from the most streamlined bodies (e.g., 
drop-shaped trunks; lowest cy values) to the objects that 
produce the greatest drag (e.g., parachute forms; highest cy 
values). Figure 1A shows the trunks of four Dytiscus species 
viewed from above, from the side, and from the front (the 
front projection shows the frontal area A). Figure 1B shows 
the measured cy within the spectrum of coefficients that are 
possible for the range of Reynolds number (Re) obtained 
from swimming water beetles (10° < Re < 10%). The coeffi- 
cients of the beetle fluctuate between 0.38 for D. latissimus 
and 0.43 for D. pisanus, with the smallest possible value being 
0.2 or slightly less, and the highest possible value approximately 
1.4. Compared with the possible spectrum, the beetles’ trunks 
seem to be well adapted to flow, although they do not reach 
the extreme values technically possible. Low-drag technical 
constructions are unstable; in the presence of oblique flow 
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FIGURE 1 (A) Trunks from four large species of Dytiscus viewed from above, 
from the side, and from the front. (B) Classifying the four cy values of these 
beetles at zero angle of attack (cf. Fig. 2) within the spectrum of possible 
coefficients of drag in the range 10° < Re < 10°. [After Nachtigall, W. (1986).] 


they turn immediately broadside, and stabilizing surfaces 
preventing this behavior would increase drag. Enlarged 
prothoracic and elytra edges in large Dytiscus beetles (extreme 
in D. latissimus) serve as stabilizing surfaces for swimming by 
damping oscillations around the longitudinal and lateral axes 
and by creating stabilizing moments. If one reduces these 
stabilizing surfaces along the edges, drag at almost all angles 
of attack between trunk and flow is perceptibly reduced. But 
the trunk then is distinctly unstable. These two contradictory 
demands have led to the evolution of an optimal shape with 
good swimming stability and good flow adaption. 

Geometrically similar, 10-times-enlarged models of large 
Dytiscus beetles have been used to measure the pressure 
distribution along the dorsal midline of these trunks, with 
numerous pressure holes. A positive pressure dent appears on 
the head—prothoracic region (and also on the abdomen), 
whereas the remaining upper abdominal side is under 
negative pressure (Fig. 2). Thus, a Dytiscus trunk is very 
similar to a small-span wing profile and should therefore 
create a certain dynamic lift during fast swimming. 

Because the drag coefficient of bodies increases with 
smaller Reynolds numbers, one may expect that the smallest, 
most slowly moving Dytiscidae (e.g., Hyphydrus, Bidessus) are 
characterized by relatively high drag coefficient values. Thus, 
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FIGURE 2 Pressure distribution in the median plane of a model of D. marginalis (male) enlarged 10 times, measured in a wind tunnel: dashed lines, pressure 
above atmospheric (“pressure”); solid lines, subatmospheric pressure (“suction”). [After Nachtigall, W. (1986).] 


they seem to be less well adapted to flow simply by their 
smallness (i.e., by their low Reynolds numbers). From flow 
mechanics, we know that streamlining is less effective at 
lower Reynolds numbers. Indeed, these small beetles are 
characterized by blunt body forms that may have biological 
advantages (more effective space for the organs). Because 
these beetles are energetically better equipped, this inherent 
physically disadvantage may not be of primary importance. 


FUNCTIONAL MORPHOLOGY 


Leg Flattening and Position of 
Swimming Appendages 


The functional formation of a swimming leg is easy to under- 
stand because of the simple mechanical demands made upon 
it. A swimming leg should produce strong thrust (i.e., a force 
component in the swimming direction) during a rowing 
stroke (i.e., a power stroke), and little counterthrust while 
being drawn forward (i.e., a recovery stroke). This action is 
aided by morphological and kinematic adaptations. 

At a given speed the hydrodynamic drag force Fy is pro- 
portional to the leg surface A. Therefore, A must be as large 
as possible during rowing stroke, and as small as possible 
when drawn forward. This is achieved by flattening the leg 
segments and by means of thrust-inducing processes such as 
swimming hairs (e.g., Dytiscus, Corixa) or swimming platelets 
(Gyrinus). During the rowing stroke, the flat broadside of the 
leg is brought perpendicular to flow, and the hairs and platelets 
spread out automatically under the pressure of flow, thus 


increasing the rowing surface. When the leg is drawn 
forward, it is turned so that the flattened surface lies parallel 
to flow, and the rowing appendages are folded together and 
pressed against the leg by the flow; their additional surface 
disappears completely (Fig. 3). 

Leg oscillation is an angular movement. Therefore, the 
drag, which is created by an element of surface, is 
proportional to the square of its rotating radius 7% or its 
distance from the coxa—trochanter joint. A component of the 








Recovery stroke 


FIGURE 3 Stroke phases of the hind legs of A. swdcatus during power stroke 
and recovery stroke. [After Nachtigall, W. (1986).] 
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counterforce of this drag, parallel to the median, is the thrust 
force. The thrust-creating area during a rowing stroke should 
lie as far out as possible (7 large) during the power stroke, and 
as far in as possible (7 small) during the recovery stroke. Thus, 
the broad area and its hairs can be called a thrust-creating area. 
This is achieved principally because the distal leg segments, 
the tibia and the tarsus, are greatly enlarged and carry thrust- 
creating swimming hairs or swimming platelets, and because 
the legs are outstretched during stroke and then bent and 
drawn forward as close as possible to the median. 


Stroke Areas and Radii of Rotation 


The leg segments in Gyrinus have been flattened so 
extensively that their surface area is approximately five times 
that of a round leg; because of the simultaneously increasing 
coefficient of drag, a hydrodynamic force roughly eight times 
larger is created. During the power stroke, the leg segments 
spread out like playing cards, thus increasing their size by 
roughly 1.6 times over their projection area when not spread. 
The supplementary surface areas of the swimming platelets 
increase the stroke surface in Gyrinus even more: by roughly 
230% in the tibia and roughly 130% in the tarsus. 

In Acilius, the flattened tarsus positioned very distally 
occupies 80% of the total stroke area. Its mean rotational 
radius is also roughly 80% of the leg length. In Gyrinus, the 
corresponding values are approximately 40 and 80% for the 
tarsus and approximately 50 and 60% for the tibia. 

During the recovery stroke, Acilius tilts the broad side of its 
leg parallel to the flow and presents the narrow edge of its leg 
to the flow. At the same time, the swimming hairs and swim- 
ming platelets are flattened and lie close to the leg. Because 
the exterior leg sections lie more or less parallel to the median 
during the first phase of drawing forward, its area of projection 
in the direction of flow is smaller yet. In Gyrinus, this pro- 
jection area in proportion to the area of the power stroke is 
reduced to 1/13 for the middle legs and 1/16 for the hind legs. 
The tarsus from Gyrinus collapses completely and disappears 
partly into a groove in the tibia, which in turn slips partly 
into a hollow in the femur, so that the leg surface area is 
dramatically reduced by roughly 70% of the leg surface 
during the recovery stroke. 

By folding the legs when they are drawn forward nestled 
against the body, Gyrinus reduces the mean rotational distance 
relative to that of the power stroke from 60% to approxi- 
mately 35% of total leg length. The values for the tarsus alone 
are 80 and 50%. 

Two additional phenomena should augment swimming 
efficiency, although their precise contribution remains to be 
measured. First, pressure drag is created mainly during the 
power stroke, and frictional drag is probably when the legs 
are drawn forward. Second, the leg segments, insofar as they 
nestle against the ventral surface with their broad side when 
drawn forward, move within the boundary layer of the trunk, 
thus creating less drag than when moving through free water. 


All results presented here are for “standing water,” that is, 
for the very first strokes after starting. During steady swim- 
ming, the relations are more complicated because the leg inter- 
feres with flowing water so that the speed of the leg’s rowing 
surface relative to the surrounding water changes. Small fishes 
are propelled by the rowing motions of their pectoral (or 
breast) fins in almost the same manner as the water beetles 
are propelled by rowing with their hind legs. It has been 
shown in these small fishes that interference of the rowing 
surfaces with flowing water does not play a major role. 


See Also the Following Articles 
Aquatic Habitats « Walking and Jumping 
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he physical world of an insect living in water or air is 

ruled by the fluid velocity relative to its body. Thus, in 
principle, it should not matter whether an insect swims fast 
in still water or slowly against the current of flowing water. 
However, the flow in streams is physically so harsh that it 
often constrains the movements of stream insects. Imagine a 
mountain stream with its typical current velocity of 50 cm s 
and a 1-cm-long mayfly larva swimming upstream. To move 
upstream relative to the stream bottom, this larva must 
propel itself at more than 50 body lengths s"', which is a 
difficult accomplishment. Therefore, stream insects rarely 
swim and live predominantly at or in the surface layer of the 
stream bottom, where friction between the moving water and 
the solid bottom material generates extremely complex flow 
patterns. As a consequence, the aquatic stages of stream 
insects move in a physical world that is much more compli- 
cated than that of lake insects. 


LIFE IN FLOW NEAR THE STREAM BOTTOM 


Streams offer a mosaic of flow conditions, including areas 
with (almost) still water. Where a stream runs over a rough 
(e.g., stony) bottom, flow can be laminar or turbulent (or 


How to solder 


This guide will show you step by step how to solder successfully and plenty of 
photographs are provided to help explain the techniques needed.As you read through the 
guide I’ll explain all the stages in more detail, but let’s look at the basics first. 


First of all, successful soldering requires that the items being soldered together are 
held with as little movement as possible. So it’s best to secure the work as needed, so that 
your accuracy isn’t affected should the workpiece move accidentally. 


In the case of a printed circuit board, various holding frames are useful especially 
when densely populated boards are being soldered: the idea is to insert all the parts on one 
side (a process called “stuffing the board’’), hold them in place with a suitable pad to 
prevent them falling out again, turn the board over and then snip off the wires with cutters 
before soldering the joints. The frame saves an awful lot of turning the board over and 
back again, especially with large boards: all the soldering can be performed in one pass. 





“ The ever-popular “Helping Hands” (left) helps support sundry parts, wires etc. 
during soldering. 
A modeller 8 vice (right) holds parts firmly. A vacuum base fixes it onto smooth surfaces. 


Only the more serious constructor will purchase a holding frame, and hobbyists can 
retain parts in place by improvising in a variety of ways — the ever popular “Helping 
Hands” stands cost a few pounds and is widely sold. They have adjustable crocodile clips 
to grip parts, and maybe a magnifying glass or soldering iron stand as well. The cast iron 
base provides stability. Other parts could be held firm in a modeller’s small vice, for 
example. 


transitional between these two). The difference between the 
laminar and the turbulent flow regime is easily understood by 
watching the smoke released by a cigarette in a calm place. 
Close to the tip, the ascending smoke travels in an orderly 
manner on a narrow path as a laminar flow, until suddenly the 
flow becomes turbulent and travels whirling on a wider path. 
The physical formulas for these regimes are quite different; thus, 
these two flow regimes constitute different physical worlds. 

The Reynolds number Re indicates the flow regime for a 
particular flow situation through Re = / x U/v, where / is a 
length dimension (e.g., the body length of an insect), Uis the 
relative velocity to the insect body, and v is the kinematic 
viscosity of the water. Low Re indicates laminar and high Re 
turbulent regime. Therefore, in general, small and slow (relative 
to the flow) stream insects (having a low / x U) experience 
laminar flow in which viscous forces matter, whereas large 
and fast ones experience turbulent flow, where inertial forces 
predominate. 

However, near the bottom of a stream things are a bit more 
complicated. When water runs over a stone, the water in 
contact with the stone surface does not slip relative to the sur- 
face (the no-slip condition) and a velocity gradient develops 
above the surface (e.g., as in Fig. 1c). Near to the surface, the 
flow can be laminar (“laminar sublayer”). If the stone is 
embedded among other stones of similar size (Fig. 1a) and 
the water is shallow relative to the stone size, turbulent eddies 
may extend to the stone surface and disrupt the formation of 
the laminar sublayer. As a consequence, velocity varies tremen- 
dously over short periods near the stone surface (Fig. 1b), as 
well as around insects living at that surface. To maneuver in 
that type of flow, a 1-cm-long insect must deal with velocity 
changes from 5 to more than 40 body lengths s“', and this 
within a fraction of a second. The body vibrations of black flies 
or elongated caddisflies staying at the surface of a stone in a 
shallow stream nicely illustrate that these insects have a very 
“shaky” life. 

In natural streams, isolated larger bottom elements that 
rise far into the water column (Fig. 1a) are often very abun- 
dant. Above the surfaces of these elements, the no-slip condi- 
tion produces a steep velocity gradient (Fig. 1c). Flow is 
generally laminar nearest to the surface (low standard deviation 
of the velocity in the laminar sublayer: Fig. 1c), whereas it is 
turbulent in the remaining part of the steep velocity gradient 
(elevated standard deviations in Fig. 1c). At a given location, 
the geometry (e.g., the thickness of the laminar sublayer) of 
this steep gradient changes with changing flow. That is, 
discharge variation in a stream causes temporal variability of 
the physical conditions at that location. At a given flow, the 
geometry of this gradient varies spatially along the slightly 
curved bottom element. The changes of the isovel (line of 
equal velocity) pattern along the curvature (Fig. 1d) demon- 
strate considerable spatial variability of the physical conditions 
over the distance of a few millimeters. As a consequence of these 
temporal and spatial patterns, a relatively sessile black fly larva 
must deal with temporal physical variation caused by changing 
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FIGURE 1 Flow patterns near the stream bottom and near three fully grown 
bottom-dwelling stream insects. (a) Profile of a stream bottom. (b) Short- 
time velocity variation measured 0.2 cm above the surface of a natural stone 
that was embedded among other stones of similar size [cf. (a)] in a natural 
stream riffle. (c)—(g) Flow patterns measured above a curved bottom in a 
laboratory flume, simulating natural conditions that prevail above bottom 
elements (large stones, rocks, wooden logs) rising distinctly above 
neighboring bottom elements [cf. (a)]. (c) Mean and standard deviation of 
the velocity at different height above the highest point of the curved bottom; 
the column indicates the height of the layer having a steep velocity gradient. 
(d) Profile of the curved bottom and isovels [lines of equal velocities, drawn 
for velocity steps of 4. cm s™ for the same flow as in (c)]; the column indicates 
the height of the layer having a steep velocity gradient above the highest point 
of the curved bottom (cf. c). (e)}-(g) Changes of the isovel pattern shown in 
(d) by the cases of two caddisflies [Micrasema in (e), Silo in (f)] and a 
dorsoventrally flattened mayfly [Ecdyonurus in (g)] [note that (e)—-(g) have the 
same scale as (d) and that velocity fluctuated around 0 cm s" below the zero 
isovel]. [Part (b) redrawn and simplified after Hart, D. D., and Finelli, C. M. 
(1999). Physical—biological coupling in streams: the pervasive effects of flow 
on benthic organisms. Annu. Rev. Ecol. Syst. 30, 363-395, with permission 
from Annual Review of Ecology & Systematics, Vol. 30 (1999) by Annual 
Reviews (www.annualreviews.org); part (g) redrawn and simplified after 
Statzner, B., and Holm, T. F. (1982). Morphological adaptations of benthic 
invertebrates to stream flow—an old question studied by means of a new 
technique (Laser Doppler Anemometry). Oecologia 53, 290-292, and parts 
(c)-(f) redrawn and simplified after Statzner, B., and Holm, T. E (1989). 
Morphological adaptation of shape to flow: microcurrents around lotic 
macroinvertebrates with known Reynolds number at quasi-natural flow 
conditions. Oecologia 78, 145-157; (c)-(g) with permission of Springer- 
Verlag GmbH & Co. KG.] 


stream discharge, whereas a relatively mobile mayfly larva must 
deal with spatial physical variation when moving at the bottom 
surface. 

Whether sessile or mobile, stream insects living in steep 
velocity gradients can modify the flow patterns to a 
considerable extent (cf. Fig. 1d and Fig. le-g). Frequently, 
these stream insects are so large (e.g., in Fig. 16 g) that their 
lower part is in the laminar flow, their intermediate part is in 
the layer of elevated turbulence, and their upper part extends 
beyond the steep velocity gradient. These insects live with 
different body parts in three different physical “worlds,” and 
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the relative importance of these different worlds experienced 
by their bodies changes when the insects move. Thus, the flow 
conditions near larger bottom elements are also physically 
harsh for stream insects because they variably affect factors of 
physiological relevance for the insects (e.g., facility of respira- 
tion, drag, or lift force). 


MOVEMENTS IN THE STREAM ENVIRONMENT 


The surface of the stream bottom provides essential resources 
(e.g., food, oxygen-rich water). To exploit these resources, 
insects have developed many different strategies that relate to 
movements at and in the stream bottom, or in the free-flowing 
water column. 


Movements at and in the Stream Bottom 


A strategy frequently used to deal with the physical harshness at 
the stream bottom is temporal avoidance. Particularly, mayfly 
and stonefly larvae move vertically among the interstices of 
the stream bottom, to the top of the bottom surface and back 
into deeper bottom layers that offer shelter from the surface 
flow. Such movement produces daily and/or seasonal patterns 
in the presence of these larvae at the bottom surface. However, 
the dissolved oxygen concentration of the water interferes 
with the use of interstitial flow shelters. If the oxygen in the 
interstices drops below a species-specific critical value, the 
physiological means of regulatory oxygen consumption (gill 
movements or undulatory body movements) become insuffi- 
cient to meet respiratory needs. Thus, larvae leave the interstices 
and crawl to current-exposed locations at the front faces or tops 
of stones, where oxygen concentrations are usually higher and 
the elevated flow increases the renewal rate of oxygen at res- 
piratory surfaces. 

Another means of staying or moving in the flow near the 
bottom surface is safe fixation. Often long, curved tarsal claws 
that enable a good attachment to the bottom surface are found 
in stream insects (e.g., adult riffle beetles). In addition, hooks 
or claws situated near the end of the abdomen may be used 
for bottom attachment. Stream-dwelling larvae of caddisflies, 
moths, and midges use silk for such attachment. Within the 
true midges and the caddisflies, many species use silk to build 
tubelike larval retreats that are fixed at the bottom surface. 
Caseless polycentropodid and hydropsychid caddis larvae crawl- 
ing over coarse bottom material glue a silken safety thread in a 
zigzag line on their path. Other caddisfly larvae that build cases 
temporarily secure these cases with silk. Finally, black fly larvae 
spin tiny silk carpets, fix them at the bottom surface, and then 
attach their posterior abdominal hooks to these carpets. 

The stream insects that colonize the most extreme physical 
conditions are the larvae of the net-winged midges. They can 
live at rock surfaces where velocities exceed 2 m s"', fixing 
themselves to the rock with six ventral suckers. The larvae can 
precisely adapt their locomotion to a given situation because 
they move by releasing one or more suckers at a time, having 


at least two suckers firmly attached to the rock at any moment. 
This highly specialized locomotory system enables the larvae to 
move straight upflow at a relative velocity (to the rock surface) 
of = 0.03 body length s', which seems to be a rather poor 
performance. However, the larvae achieve this movement 
against water velocities of 2 ms. Therefore, their physically 
relevant speed corresponds to ~ 300 body lengths s“', which is 
an extraordinary performance (to achieve equivalent perform- 
ance, a human would have to swim 100 m in less than 0.2 s). 
Claws, silk, suckers, and other means not detailed here 
enable stream insects to maneuver actively at or in the stream 
bottom. Daily movements tend to carry the insects upstream 
because their body (even of dead nymphs and exuviae) is 
oriented upstream. Thereby, the larvae of mayflies, stoneflies, 
and caseless caddisflies may move upstream (mostly at night) 
several meters per day. In comparison, cased caddisfly larvae 
often move relatively little during periods of normal flow. 
Other movements at or in the bottom have seasonal patterns. 
The nymphs of some mayfly or stonefly species crawl bankward 
prior to emergence, and old larvae of some limnephilid 
caddisflies even move toward land in early summer, either to 
feed on semiaquatic plants or to aestivate outside the stream. 
In streams that freeze down to the bottom, true midges, dance 
flies, and some caddisflies can overwinter in the frozen habitat, 
whereas all other insects actively move away when facing an 
advancing freezing front. Among the mayflies, the nymphs of 
many species crawl bankward when the water level of the 
streams rises during springtime. If the adjacent floodplain of 
a stream becomes inundated, the nymphs may continue their 
movements toward the floodplain, where most nymphal growth 
and development can take place. Other mayfly species not 
only move toward the stream banks but continue to move 
upstream near the shoreline at a speed of about 100 m day”. 
By following the shoreline of the main stream that bends 
toward the tributaries, the nymphs move into the tributaries 
and finally reach marshy areas drained by the tributaries. The 
nymphs complete their development in these marshy areas. 
Active movements of stream insects are also caused by occa- 
sionally occurring, extreme hydrological events—floods and 
droughts. During floods, insects may move toward deeper 
bottom layers to find flow shelter, but evidence for such behav- 
ior is equivocal. A giant water bug living in desert streams has 
a successful response to flooding. During periods of heavy 
rainfall that often precede flash floods in these streams, adult 
and juvenile water bugs move toward the banks, leave the 
stream, and crawl up to about 20 m over land toward sheltered 
areas (from where they return to the stream after 24 h). Some 
studies report that stream insects burrow deeper into the 
humid sediments to avoid effects of drying, whereas other 
studies do not confirm such movements. With sinking water 
level in a stream, insects may also crawl away over land (adult 
beetles), or they crawl up- or downstream to places where 
water remains. The speed of insects during such movements 
can be rather high. For example, the larvae of a cased lim- 
nephilid caddisfly crawl downstream at about 12 mh”. 


Finally, the aerial females of a few species of stream insects 
crawl down on solid objects through the water surface and fix 
their eggs on the submerged surface of the object, or they 
oviposit in an aquatic host insect. The first behavior has been 
primarily observed in mayflies, caddisflies, and blackflies, the 
second in parasitic wasps. 


Movements in the Free-Flowing Water Column 


Drifting downstream with the flow is the typical movement 
of stream insects in the water column. Physically, a passively 
drifting insect barely moves because the water velocity 
relative to its body is almost zero. However, relative to the 
stream bottom it travels at the speed of the flow. 

The drift of stream insects is perhaps one of the most fre- 
quently studied topics in stream ecology. Given that both the 
diversity of stream insects and the diversity of running water 
conditions across the continents are very high, there is evidence 
for almost any conceivable drift response. For example, the 
following factors may increase, decrease, or have no effect on 
the natural drift of stream insects: sun- or moonlight; current 
velocity; stream discharge; type of the bottom substrate; tur- 
bidity, oxygen concentration, ion concentration, or tempera- 
ture of the water; organic matter; food; predators; microbial 
pathogens; larger parasites; molting process; benthic density; 
and age or behavior of the drifting species. Thus, it is difficult 
to identify clear patterns in the drift of stream insects. 

Typically, stream insects drift during the night. This drift 
may be caused by accidental dislodgement of the insects 
through the current or by deliberate, active entries into the 
drift. Active entries occur when a habitat patch is overcrowded 
and resources (e.g., food, space, preferred flow conditions) are 
lacking. Approximately 10 to 30% of the insect population 
of a stream reach may drift during one night, and they may 
travel between 2 and 20 m during one drift movement. 
However, caddisfly larvae that build heavy cases from gravel 
typically have distinctly lower drift rates and shorter drift 
distances. Insects that produce silk may also have shorter drift 
distances. Hydropsychid and polycentropodid caddisfly larvae, 
and black fly larvae, can fix a silk thread to the stream bottom, 
actively enter into the drift and, prolonging the thread by 
spinning, rope themselves downstream over several centime- 
ters until they resettle at the bottom. Polycentropodid caddis 
larvae that have lost contact with the bottom often spin 
“anchor” threads of 30 cm in length. When such a thread 
adheres to the stream bottom, the larva is able to return to the 
bottom by climbing down along the thread. Another means of 
affecting drift distance is used by drifting larvae of mayflies, 
stoneflies, and caseless caddisflies. They modify their body 
posture, thereby either decreasing or increasing their sinking 
speed, and thus the distance traveled in the water column. 

The intensity of everyday drift events usually varies across 
seasons, either because of seasonal changes in factors affecting 
the insect drift or because of the seasonal occurrence of a par- 
ticular developmental stage that drifts more than other stages. 
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A typical example for the first cause is the seasonal change of 
temperature in temperate streams and the related effects on the 
insect drift. A typical example for the second cause is found 
in hydropsychid caddisflies that may have newly hatched first 
instars that drift at much higher rates than later instars. 

Occasional natural events such as floods and droughts, or 
unnatural ones such as pesticide or pollution spills, also 
increase drift. During such events and in contrast to the 
everyday drift, insects also drift during the daytime, and the 
distances traveled are longer. When discharge increases, and 
thus near-bottom velocity, many stream insects are dislodged. 
Among the sessile forms that fix themselves firmly to the 
stream bottom, those sitting on submerged wood or leaf litter 
may travel extremely far downstream on dislodged litter pieces 
that drift for long distances. In contrast, when discharge and 
thus near-bottom velocity decreases during a drought, many 
insects release their grasp on the stream bottom and swim 
upward until they are caught and transported by the free flow 
in the water column. 

Another cause for massive upward swimming of insects 
from the bottom is relatively low oxygen concentration in the 
water, a condition typical of streams with organic pollution. 
Drifting insects may swim, either to avoid sinking so that 
they stay longer in the water column or to return faster to the 
stream bottom. Finally, some mayfly larvae swim over short 
distances when they encounter predators or aggressive 
conspecifics. These larvae are such good swimmers that they 
can travel against the current just above the stream bottom, 
where the velocity is reduced. The larvae of most insect 
groups swim by body undulations. 

An exceptional type of movement among the stream 
insects is the diving of aerial females to reach submerged 
oviposition sites. Female black flies can dive through thin 
water layers flowing over rocks to get foothold at the rock 
surface, where they affix the eggs. Similarly, female caddisflies 
dive vertically and swim to oviposition sites below inclined 
submerged stones. 


See Also the Following Articles 
Aquatic Habitats « Walking and Jumping 
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he interactions of insects with microorganisms range from 
the cultivation of fungus gardens to intimate associations 
in which bacteria are housed either within special organs 
(mycetomes) or intracellularly in dedicated mycetocytes. 
Many of these associations have nutritional implications; this 
article will focus on microbial symbionts that colonize the 
intestinal tract and are directly involved in digestion. 
Although insects produce a wide variety of digestive 
enzymes, many species harbor an intestinal microbiota that 
converts a substantial portion of the dietary components to 
fermentation products before they are resorbed by the 
intestinal epithelia. Interestingly, the occurrence of such 
associations is always correlated with a dietary specialization, 
which indicates that the symbiosis provides metabolic 
capacities that are normally not available to the host. 
Digestive symbioses are most common among insects 
feeding on wood or other lignified plant materials. The most 
prominent example is that of wood-feeding termites (Isoptera), 
which represent the only group of insects whose interactions 
with intestinal microorganisms has been systematically 
studied. Here, they serve to illustrate principles that most likely 
govern also other cases of symbiotic associations in which 
detailed information on the gut microbiota and its function 
in digestion is lacking. 


BIOCHEMICAL BASIS OF 
LIGNOCELLULOSE DIGESTION 


Why would an insect need help in digesting its food, and which 
benefits would be gained from sharing this resource with an 
intestinal microbiota? For xylophagous (wood-feeding) 
insects, the answers are found in the chemical structure and 
composition of their fiber-rich, low-nutrient diet. 


Structure and Composition of Lignocellulose 


The major components of plant cell walls are cellulose and 
hemicelluloses. Although the glycosidic linkages between the 
sugar subunits of these structural polysaccharides are relatively 
easy to hydrolyze, the sheer size of the molecules, their primary 
and secondary structures, and the intimate physical association 
of the different components, especially in lignified cell walls, 
impart a considerable recalcitrance to enzymatic digestion. 

In cellulose, the linear B-(1—>4)-linked polyglucose chains 
are arranged in microfibrils with a highly ordered, mostly 
crystalline structure. Cellulose depolymerization is catalyzed 
by endoglucanases (endo-B-1,4-glucanases), which cleave 
randomly within the extremely long polyglucose chains, and 
by exoglucanases (exo-B-1,4-cellobiohydrolases and B- 
glucosidases), which require free nonreducing ends for their 
catalytic activity. Because native cellulose contains only one 
nonreducing end per many thousand glucose units, and 
because the action of endoglucanases is restricted to the amor- 
phous regions of the microfibrils, an efficient cellulolytic 
system requires the synergistic action of both types of enzymes. 

Enzymatic activity of cellulases is further impeded by the 
insolubility of cellulose, and depolymerization is usually the 
kinetically limiting step even in the digestion of pure cellulose. 
In the cell wall, the cellulose fibrils are intimately associated 
with hemicelluloses, which comprise a wide variety of 
homopolymers and heteropolymers of different sugars and 
sugar acids. Hemicellulose chains are often branched and 
lack the highly ordered structure of cellulose. The variety of 
primary structures requires an equal variety of digestive 
enzymes, and it is not astonishing that the ability to degrade 
hemicelluloses is a prerequisite for an efficient cellulose 
degradation. 

Sound wood is most difficult to digest because, through 
lignification, the polysaccharides of the secondary plant cell 
wall are embedded in an amorphous resin of phenolic poly- 
mers, which provide an efficient barrier to enzymatic attack of 
the polysaccharides. The lignin macromolecule itself is 
extremely recalcitrant to degradation since the bonds 
between the subunits cannot be hydrolyzed. 


Roles of Symbionts in Digestion 


For the reasons outlined above, the degradation of plant cell 
walls requires the synergistic action of many different enzymes 
and, in the case of lignified substrates, also a mechanism to 
break up the lignocellulose complex. The most efficient cel- 
lulose and hemicellulose degraders in nature are microor- 
ganisms, i.e., bacteria, protozoa, and fungi. Fungi and certain 
filamentous bacteria (actinomycetes) are also the only organ- 
isms that have developed a strategy for the chemical breakdown 
of lignin. Not surprisingly, insects and other animals have made 
use of these capacities by using microorganisms as symbionts 
in the digestion of lignocellulosic food. 

In addition to being difficult to degrade, lignocellulose is 
an extremely nutrient-poor substrate. Whereas nonlignified 
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FIGURE 1 Major events in the symbiotic digestion of lignocellulose by wood-feeding lower termites. The bold lines show the path of the insoluble material, the 
lignin-rich residues of which are released as feces, whereas the thinner lines represent soluble degradation products that are eventually resorbed by the host. The 


dashed lines indicate the cycling of nitrogenous compounds. Hollow arrows mark the sites where cellulolytic enzymes are secreted. Lowercase letters refer to the 


different groups of bacteria, which are either endobionts (a) or epibionts (b) of the protozoa, suspended in the gut lumen (c), or attached to the gut wall (d). 
The scheme has been simplified for the sake of clarity; not all possible interactions are shown. Further details are given in the text. L, lignocellulose; C, 


carbohydrates; N, nitrogenous compounds; F, fecal matter; G, gut lumen; P, protozoa; 1, mandibles; 2, salivary glands; 3, proventriculus; 4, midgut epithelium; 


5, Malpighian tubules; 6, phagosomes; 7, proctodeal feeding. 


plant cell walls contain some structural proteins, the C-to-N 
ratio of sound wood is up to 100-fold higher than that of the 
insect body. Moreover, a lignocellulosic diet typically lacks 
most of the essential nutrients required by the animal, such 
as amino acids, vitamins, and sterols. 

In contrast to higher animals, many microorganisms are 
capable of fixing dinitrogen, assimilating nitrate and 
ammonia, and synthesizing those amino acids and vitamins 
essential for the host. Many animals, including insects, have 
developed means of exploiting these biosynthetic capacities 
of microorganisms, which include—in the simplest case— 
the digestion of the intestinal symbionts. 


LIGNOCELLULOSE DIGESTION IN TERMITES 


The symbiotic digestion of lignocellulose by termites is a 
complex series of events involving both the host and its gut 
microbiota, which comprises prokaryotic symbionts (bacteria 
and archaea) and, at least in lower termites, also protozoa and 
possibly fungi (yeasts). While the events in foregut and midgut 
are mainly the result of host activities, the digestive processes 
in the hindgut are largely controlled by the symbionts (Fig. 1). 
Many aspects of lignocellulose digestion are common to all 
termite species, yet there are several noteworthy differences 
between the phylogenetically lower and higher taxa. 


Host-Related Processes 


One of the key contributions of the termite to wood digestion 
is the scraping action of the mandibles and the grinding activity 
of the proventriculus located at the end of the foregut, which 
results in the comminution of wood particles to a micro- 
scopic size. This is not only a prerequisite for the ingestion of 
the wood particles by symbiotic protozoa, but it also mechani- 
cally destroys the lignin—carbohydrate complexes, which creates 
an enormous surface area for the digestive enzymes provided 
by host and symbionts, thereby relieving much of the kinetic 
limitations of cellulose digestion. 


In all insects, the digesta are exposed to a variety of 
digestive enzymes secreted by the salivary glands and the 
midgut epithelium. The complement of enzymes released by 
termites has not been systematically studied, but evidence is 
accumulating that it comprises enzymes necessary for the 
digestion of polysaccharides, microbial biomass, and other 
organic components of the diet and even includes cellulolytic 
activities contributed by the host (see below). Although 
experimental data are lacking, one can safely assume that— 
as in other insects—most of the easily digestible material has 
been mobilized and resorbed at the end of the midgut. 

Insects lacking a pronounced gut microbiota usually have a 
short hindgut that serves mainly in recovering water and useful 
electrolytes from the residual material before the feces are 
voided. The digestive tract of termites, however, is charac- 
terized by one or more proctodeal enlargements and may 
reach enormous dimensions in length and volume (Fig. 2a). 
The dilatations increase the residence time of the digesta, 
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FIGURE 2 Intestinal tracts of insects with fermentation chambers harboring 
symbiotic microorganisms. (a) Thoracotermes macrothorax (Isoptera: Termitidae). 
(b) Tipula flaveolineata (Diptera: Tipulidae). (Reproduced from Buchner, 
1928, “Holznahrung und Symbiose,” J. Springer, Berlin.) (c) Potosia cuprea 
(Coleoptera: Scarabaeidae). (Reproduced from Werner, 1926, Z. Morph. 
Okol. Tiere 6, 150-206. Not drawn to scale.) 
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thereby prolonging the exposure to the activities of the intes- 
tinal microbiota. Moreover, the increased diameter also affects 
the oxygen status of the “fermentation chambers” because it 
reduces the proportion of the gut volume rendered oxic by 
the diffusion of oxygen into the periphery, thus providing a 
favorable environment for the oxygen-sensitive microbiota 
and reducing the inevitable loss of fermentation products to 
aerobic processes (see below). 


Fiber-Digesting Symbionts 


In lower termites, the solid food particles entering the hindgut 
are immediately phagocytized by the intestinal protozoa (Fig. 
3a). These oxygen-sensitive flagellates, which make up a large 
fraction of the hindgut volume, are essential for wood digestion 
and represent a major source of cellulolytic and xylanolytic 
activities in the hindgut. It appears that the different flagellate 
species are nutritionally specialized and each species might 
fill a specific niche in symbiotic digestion. 

The hindguts of all families of lower termites are packed with 
flagellates, whereas the phylogenetically higher termites (family 
Termitidae) contain a largely prokaryotic microbiota. It was 
initially assumed that other symbionts took over the cellulolytic 
function of the protozoa in the course of termite evolution. In 
the case of the fungus-cultivating termites (subfamily Macroter- 
mitinae), which cultivate basidiomycete fungi (Zermitomyces 
spp.) on predigested food in “fungus gardens” located within 
their nests, the key activities of the symbiotic partner in the 
fungus combs are extensive delignification and conversion of 
lignocellulose to fungal biomass. It has been proposed that 
fungal cellulases ingested by the termites together with the 
comb material are essential for cellulose digestion in the gut, 
but this “acquired enzyme hypothesis” is controversial. 

All other higher termites do not cultivate fungus gardens, 
and their intestinal tracts harbor cellulolytic activities that are 
probably neither produced by symbiotic bacteria nor the 
result of ingested enzymes. The persisting dogma that higher 
animals do not produce cellulases has been unequivocally 
refuted by the demonstration of endoglucanase genes in the 
termite genome and their expression in the cells of the 
midgut epithelium and in the salivary glands. 


Noncellulolytic Microbiota 


Phylogenetic characterization of the prokaryotic microbiota 
of termite guts, which was boosted by the advent of 
cultivation-independent methods during the past decade, has 
revealed an enormous diversity. Although most of these 
symbionts do not take part in fiber degradation, they seem to 
play other important roles in digestion and in the nitrogen 
metabolism of the hindgut. 


METABOLIC INTERACTIONS The original concept of 
the hindgut metabolism in lower termites assumed that the 
anaerobic flagellates depolymerize the polysaccharides to 





FIGURE 3 Examples of microbial symbionts in the hindgut of Reticulitermes 


flavipes (Isoptera: Rhinotermitidae), a wood-feeding lower termite. (a) Pre- 
paration of anaerobic protozoa from the hindgut of a worker larva, showing 
the large hypermastigote flagellate Trichonympha agilis, filled with wood 
particles, and numerous smaller flagellates (mainly oxymonads, Dinenympha 
spp.). Differential interference contrast photomicrograph taken by U. Stingl. 
(b) Transverse section through the peripheral hindgut, showing the diverse 
bacterial microbiota associated with the thin cuticle of the hindgut wall 
(bottom left). Transmission electron micrograph provided by J. A. Breznak. 
(c) Preparation of the hindgut wall, showing the dense colonization of the 
cuticle by numerous rod-shaped and filamentous bacterial morphotypes. 
Scanning electron micrograph provided by J. A. Breznak. 
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FIGURE 4 Schematic presentation of the metabolic processes involved in the 
fermentative degradation of polysaccharides in the hindgut of the termite R. 
flavipes. The dashed lines indicate metabolic fluxes that seem to be strongly 
influenced by the continuous influx of oxygen into the gut periphery. 


sugar units, which are then fermented to acetate, hydrogen, 
and CO, as the major products. Recent results indicate that 
the spectrum of fermentation products released by the 
diverse protozoa is much wider, giving rise to a variety of 
intermediates that form the substrates of the endobiotic or 
epibiotic bacteria colonizing the protozoa. In addition, 
metabolites released by the protozoa or originating directly 
from the midgut support numerous bacteria located in the 
lumen or attached to the wall of the hindgut and are 
eventually converted to a range of short-chain fatty acids 
(mostly acetate, propionate, butyrate) that accumulate in the 
hindgut fluid and that are eventually resorbed by the hindgut 
epithelium (Fig. 1). 

Although it is still difficult to assign functions to indivi- 
dual members of the gut microbial community and to localize 
exactly the microbial populations involved in these reactions, 
the major roles of different functional groups are beginning to 
take shape (Fig. 4). At least two metabolically different groups 
of prokaryotes are involved in the oxidation of the hydrogen 
or one-carbon compounds produced in the microbial fermen- 
tations: (1) methanogens, which reduce CO, to methane, 
and (2) homoacetogens, which reduce CO, to acetate. 

Methanogenesis and reductive acetogenesis occur in the 
hindgut of all termites, although in most wood-feeding species, 
reductive acetogenesis prevails over methanogenesis as a 
hydrogen sink and substantially increases the pool of short- 
chain fatty acids available to the host. In the fungus-cultivating 
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and soil-feeding termites, however, methanogenesis may 
amount to a considerable portion of the total respiratory 
activity of the insect. Although methane production is of 
little use for the host, methane emission acquires global sig- 
nificance due to the enormous biomass of these groups in 
tropical rainforests and savannahs. 


THE ROLE OF OXYGEN The steep gradients of oxygen 
between oxic gut epithelium and anoxic gut contents drives 
a continuous influx of oxygen into the gut. Microsensor 
measurements have shown that oxygen may penetrate 50 to 
200 Um into the periphery of the hindgut, leaving only the 
central portion of the dilated compartments anoxic. The small 
insect guts have an enormous surface-to-volume ratio, which 
lends much greater importance to all surface-related processes 
than in larger animals. Because oxygen removal in the gut 
periphery is fueled by the fermentative processes in the 
hindgut lumen, the maintenance of anoxia is not a trivial 
issue, and there must be a lower size limit for arthropods with 
a symbiotic digestion. 

The bacteria and protozoa colonizing the gut periphery, 
especially those directly associated with the gut epithelium 
(Figs. 3b and 3c), have to be specifically adapted to the pre- 
sence of oxygen at low levels and may even use oxygen as an 
electron acceptor. Radiotracer analysis of the i situ metabo- 
lism in the hindgut of the termite Reticulitermes flavipes has 
demonstrated that the high oxygen fluxes significantly 
influence the metabolic processes in the hindgut (Fig. 4), but 
the details of this scenario remain to be studied. 


Nitrogen Economy of Termites 


Wood-feeding termites have developed several adaptations 
that help to compensate for the low nitrogen content of their 
diet, all of which involve the biochemical capacities of their 
gut microbiota. The most important strategy is a combination 
of conservation and recycling and is reminiscent of the appli- 
cation of organic fertilizers in agriculture. 

Like in any other insect, uric acid and urea, the waste 
products of nucleic acid and protein metabolism, are secreted 
into the digesta via the Malpighian tubules at the midgut— 
hindgut junction. However, they are not voided with the 
feces, but are readily mineralized by the hindgut microbiota. 
The resulting ammonia is assimilated into microbial biomass; 
it remains to be clarified whether the intestinal protozoa can 
also assimilate ammonia directly or acquire combined nitrogen 
by phagocytosis and digestion of other microbial symbionts. 

The nitrogen cycle is closed by the digestion of microbial 
cells. Because termites cannot access the microbes in the 
hindgut directly, worker larvae solicit hindgut contents from 
their nestmates. This behavior, which has been termed proc- 
todeal trophallaxis and is unique to this group of social 
insects, increases in frequency with the level of nitrogen 
limitation. Digestion of the hindgut contents and resorption 
of the nitrogenous products probably take place in the foregut 
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and midgut (Fig. 1). The efficiency of nitrogen conservation 
within the colony is increased further by the consumption of 
exuviae and dead individuals by nestmates. 

While nitrogen recycling creates high ammonia concen- 
trations in the hindgut, which allow the maintenance of an 
active gut microbiota and thus ensure high rates of carbon 
mineralization, the low nitrogen content of the food still 
limits the growth of a termite colony severely. However, the 
presence of bacteria among the hindgut microbiota capable 
of fixing atmospheric nitrogen may contribute considerably 
to increasing the nitrogen pool. It has been estimated that the 
nitrogenase activity in certain Nasutitermes termites would be 
sufficient to double the nitrogen content of a colony within 
a few years, and stable isotope analysis has revealed that 30 to 
60% of the nitrogen in Neotermes koshunensis workers is 
derived via this pathway. 

Although most lower termites are strictly xylophagous, the 
evolutionarily higher termites in the family Termitidae show 
an enormously successful dietary diversification. The fungus- 
cultivating Macrotermitinae, which are specialized on degra- 
dation of nitrogen-poor plant litter, probably recycle nitrogen 
within the colony by exploiting the anmonium-assimilating 
capacities of the fungus. The diet of the other subfamilies 
(Nasutitermitinae, Termitinae, and Apicotermitinae) ranges 
from sound wood to lignocellulosic plant materials in different 
stages of humification, including soil and animal dung. The C- 
to-N ratio of the diet decreases with increasing humification, 
which suggests that microbial biomass in the organic matter 
forms a potential source of nutrition. The extreme gut alkalinity 
in humivorous termites, which may reach pH 12 in the anterior 
proctodeal compartment of soil-feeding Termitinae, may have 
allowed the specialization on nitrogen-rich but recalcitrant diets, 
because it helps to release fermentable substrates from the 
ingested humic substances that would otherwise be protected 
from microbial degradation in soil. 


DIGESTIVE SYMBIOSES IN OTHER INSECTS 


The occurrence of a specific, autochthonous gut microbiota 
among insects remains to be systematically studied, but 
sufficient evidence for the presence of a digestive symbiosis 
has accumulated for representatives of several insect orders. 

Phytophagous insects feeding on protein-rich plant 
material (e.g., caterpillars) usually have a relatively undifferen- 
tiated intestinal tract and, because of the rapid gut passage, 
digest little or no cellulose. Many xylophagous, detritivorous, 
and humivorous insect larvae, however, possess hindgut dila- 
tions that are missing in closely related species with a different 
feeding habit. The most prominent examples are among the 
Coleoptera (e.g., Scarabaeidae) and among the Diptera (e.g., 
Tipulidae) (Figs. 2b and 2c). 

Scarabaeids and tipulids have an actively fermenting gut 
microbiota, including cellulolytic and hemicellulolytic 
bacteria and, in the former, also methanogenic archaea, which 
are attached to brush-like chitinous structures. Also, the guts 


of omnivorous cockroaches contain a largely prokaryotic 
microbiota of bacteria and methanogenic archaea, especially 
when maintained on a fiber-rich diet; many species also harbor 
anaerobic ciliates with methanogenic endosymbionts in their 
hindguts. Fiber-degrading protozoa, however, which are so 
prominent among the Isoptera, are found elsewhere only in 
Cryptocercus punctulatus (Cryptocercidae), which is not 
astonishing because these wood-feeding cockroaches share a 
common ancestor with the termites. 

Reports on the Orthoptera are somewhat contradictory. 
The bacteria in the gut of locusts (family Acrididae) have been 
considered commensals because their absence in germ-free 
cultures had no obvious effect on the host, although a recent 
study documented that key components of the pheromone 
responsible for aggregation of Schistocerca gregaria are pro- 
duced by its gut microbiota. The situation is different in 
crickets (Gryllidae), which benefit from the presence of a gut 
microbiota when raised on a fiber-rich diet. In the hindgut of 
Achaeta domesticus, the density of microorganisms is even 
higher than that in termites, and there are brush-like supports 
for the attachment of bacteria that resemble those in scarab 
beetle larvae. 

It is very likely that insects other than termites access protein 
and recycle nitrogen via digestion by microbial symbionts. 
Proctodeal feeding is a form of social behavior that is 
restricted to the termites and the wood-feeding cockroach, C. 
punctulatus, but theoretically the consumption of feces would 
also allow access to the microbial protein. A special adaptation 
to digestion by symbionts seems to be present in Scarabaeidae, 
in which a reflux of hindgut contents into the alkaline midgut 
has been observed. Alkaline midguts are encountered in many 
humivorous, detritivorous, and coprophagous dipteran and 
coleopteran larvae and may be an analogy to the extreme 
alkalinity in the anterior hindgut of soil-feeding termites. 

Newly hatched first instars do not possess a gut microbiota, 
and all larvae have to be reinoculated after each molting 
because the hindgut intima together with the complete 
contents is shed in this process. However, many insect larvae 
eat their exuviae directly after molting, and first instars may 
pick up their intestinal symbionts together with the food from 
their environment. Because the oxygen-sensitive flagellates in 
lower termites do not form resistant cysts, proctodeal 
trophallaxis is essential for the transfer of the microbial sym- 
bionts between nestmates, and it has been speculated that the 
evolution of sociality and symbiotic digestion in termites 
might have proceeded hand in hand. This is supported by the 
strict host specificity of the different flagellates and their 
apparent coevolution with their hosts. 


MUTUALISTS VS COMMENSALS 


In the symbiosis between lower termites and fiber-digesting 
flagellates, both partners are indispensable and the mutual 
advantage is obvious. However, there are many symbionts in 
the guts of termites and other insects whose presence—to the 


best of our knowledge—appears to be of no advantage to the 
host. When the benefit of the association is unidirectional, a 
symbiont is classified as a commensal, and the host might 
even benefit from its elimination. 

However, it is also not unlikely that in such cases we are 
merely lacking insight into the symbiont’s role in the sym- 
biosis. An example might be the methanogenic archaea, which 
are regularly encountered in the hindguts of termites, scarab 
beetle larvae, and many cockroaches. Although methane, their 
sole metabolic product, cannot be utilized by the host, 
methanogenic archaea seem to be an integral part of the gut 
microbiota. They colonize the hindgut intima or the 
intestinal protozoa and are often attached to cuticular spines, 
which apparently represent specific attachment sites for 
methanogenic symbionts. 

Unfortunately, it is often impossible to eliminate a specific 
member of the intestinal microbial community selectively, and 
even when possible, it is difficult to distinguish between the 
direct and the indirect consequences of their elimination. The 
only way to gain insight into the complicated microbe—microbe 
and microbe—host interactions in the intestinal tracts of insects 
is probably in treating the gut microbiota as a whole. 

It might also be worth speculating on the problems that 
would be created by a general absence of specific gut sym- 
bionts and on the efforts involved in keeping a gut sterile. 
Microorganisms are continuously incorporated with the 
food, and while a rapid passage of the digesta controls micro- 
bial growth by washout (as long as attachment is prevented), 
the slow gut passage, necessary also for the digestion of 
lignocellulose by host enzymes, would allow the uncontrolled 
proliferation of foreign microorganisms. Perhaps the 
promotion of specific symbionts excludes colonization by 
potential pathogens. 

As long as the access of oxygen to the dilated hindgut 
compartments is limited, the energy expenditure for any 
microbial symbionts remains relatively small. A fermentative 
degradation of carbohydrates to acetate releases only about 
10% of the free energy contained in the substrates, and a 
fraction of this energy is returned as nutritionally valuable 
microbial biomass. Together with the added value of metabolic 
properties like nitrogen fixation, ammonia assimilation, and 
the provision of vitamins, the advantages for the host may be 
well worth the investment. 


CONCLUSION 


The digestive symbioses of insects with their intestinal micro- 
biota allow the insects to overcome the severe kinetic limitation 
of lignocellulose digestion and the nutritional restrictions 
imposed by this special diet. Although the situation is some- 
what reminiscent of the digestive symbiosis encountered in 
ruminants, it is important to consider the small size of 
insects, which affects especially the oxygen status of the gut. 
From a microbiological point of view, insect guts are not 
simply anoxic fermentors, but axially and radially structured 
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environments with physicochemically distinct microhabitats. 
We are just beginning to understand the complex interactions 
within the intestinal microbial communities of termites. 
Further efforts targeted at identifying the microbial symbionts 
and their metabolic potentials in this and other, hitherto 
understudied, groups of insects are sorely needed. 


See Also the Following Articles 
Digestive System ¢ Isoptera « Nutrition 
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M any species of insect are host to symbiotic microorgan- 
isms. These symbionts have traditionally been classified 
as mutualists (i.e., beneficial), parasitic (harmful), or com- 
mensal (neutral). A variety of microorganisms among these 
symbionts are vertically transmitted, i.e., they are inherited. 
The survival of these heritable symbionts is almost totally 
dependent on the success of their host. It follows that these 
symbionts should evolve characteristics that increase host 
survival. However, some so-called “ultraselfish” symbionts 
manipulate their hosts to the symbiont’s benefit even when 
this is to the detriment of the host. The strategies used by such 
microorganisms include sterilization of noncarriers, feminiza- 
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tion of genetic males, induction of asexual reproduction, and 
biasing host sex ratios in favor of females by killing male hosts. 
The most common of these reproductive parasites are the ultra- 
selfish bacteria. 


ULTRASELFISH, MATERNALLY 
INHERITED BACTERIA 


Inherited bacteria that live in the cytoplasm of host cells are 
transmitted to subsequent generations through the female line. 
This is because female gametes are heavily resourced with 
cytoplasm, whereas sperm contain negligible amounts. A mater- 
nally inherited bacterium can thus increase its prevalence 
either by increasing the fitness of infected compared with 
uninfected hosts or by biasing the sex ratio in favor of females. 
The phenomenon of cytoplasmic incompatibility (CI), which 
involves the sterilization of noncarriers, follows the first of 
these options. Three other strategies, feminization, partheno- 
genesis induction (PI), and male-killing (M-k), skew popu- 
lations in favor of females. 


CYTOPLASMIC INCOMPATIBILITY 


Cytoplasmic incompatibility was first noted when some 
crosses between Culex pipiens mosquitoes from European, 
Asian, and American populations failed to produce offspring 
or produced offspring only when the crosses were carried out 
in one direction. Observed patterns of reproductive successes 
and failures demonstrated maternal inheritance (usually 
95-100% efficiency), indicating the possible involvement of 
some cytoplasmic factor, hence the name given to the phe- 
nomenon. A bacterium of the genus Wolbachia was found to 
be responsible. Subsequently, CI has been reported from 
many insect orders. 

Cytoplasmic incompatibility occurs when a male carrying 
a Cl Wolbachia mates with a female that does not bear the 
same Wolbachia. The bacteria allegedly secrete a chemical 
into the sperm of their host that kills zygotes formed within 
the female parent if they do not bear the Wolbachia. In essence 
then, an uninfected female that mates with an infected male 
is rendered sterile thereafter. Other mating combinations are 
not affected. 

Cl Wolbachia can give rise to two patterns of reproductive 
failure. If one host population has the Wolbachia, whereas the 
other lacks it, matings fail in only one direction; i.e., the 
incompatibility is unidirectional. If, however, each population 
harbors a different strain of CI Wolbachia, matings fail in both 
directions and the incompatibility is said to be bidirectional. 
For example, in the fruit fly Drosophila simulans, both unidirec- 
tional and bidirectional incompatibility have been recorded. 
Indeed, some CI host species carry more than one strain of 
Cl Wolbachia, with individuals in some populations hosting 
two strains concurrently. 


Host Range and Identity of the Agents Causing CI 


Cytoplasmic incompatibility is commonly reported when 
crosses of insects from geographically distinct populations are 
made. It has been reported most often from species of 
Diptera. However, Coleoptera, Heteroptera, Lepidoptera, and 
Hymenoptera have also been found to exhibit the phenom- 
enon and other orders will certainly be added to the list in 
the near future. 

The CI phenotype can be cured by treatment with antibi- 
otics or by exposing infected strains to high temperatures 
(=37°C) for several days. This suggests that the agent respon- 
sible for CI is a bacterium and in every case in which the 
agent responsible has been identified it is a bacterium of the 
Wolbachia pipientis complex. This complex represents a 
widespread group of O-Proteobacteria, whose members are 
known to infect hosts from all the major orders of insects as 
well as some other arthropods (mites, spiders, isopods) and 
phyla (nematodes). Not all Wolbachia infections result in CI. 
The bacterium is known to manipulate hosts in a variety of 
other ways and some appear to have no overt effect on their 
hosts, whereas some are beneficial. Estimates from molecular 
surveys using Wolbachia-specific probes suggest that between 
10 and 20% of insect species harbor this bacterium. 

Phylogenetic analysis has shown that Wolbachia in taxo- 
nomically very different hosts may be more similar to one 
another than Wolbachia in very closely related hosts, 
suggesting that Wolbachia may transfer between host species. 


Mechanisms of Incompatibility 


The precise mechanics of incompatibility are not well under- 
stood, partly because the mechanism of incompatibility appears 
to vary between host species. In C. pipiens, incompatibility 
results from failure of sperm bearing CI Wolbachia to fuse 
correctly with female gametes that lack the same Wolbachia. In 
fruit flies (Drosophila) and moths (Ephestia kuehniella), embryo 
development appears to be suppressed at an early stage. The 
situation in the jewel wasp, Nasonia vitripennis, is a little 
more definite. Here Wolbachia interferes with condensation 
of the paternal chromosome set during the first mitotic cell 
division of the embryo so that the paternal chromosome set 
is lost. All progeny that get the Wolbachia thus carry just the 
maternal chromosome set, are thus haploid, and develop as 
males. Here CI results in a male-biased sex ratio. 


The Population Dynamics of CI 


Wolbachia that cause CI spread through host populations 
because infected females have an advantage over uninfected 
females, which are rendered sterile once they have mated 
with an infected male. The precise dynamics of CI are 
influenced by several factors, including (1) the vertical 
transmission of the bacterium, (2) the fitness costs or benefits 





“ “Helping Hands” uses crocodile clips to grip parts during soldering. Or just 
place parts flat on the bench. 

When soldering parts onto an ordinary circuit board, components’ wires can simply 
be bent to the correct pitch (distance apart) to fit through the board, insert the part flush 
down against the board’s surface, splay the wires a little so that the component grips the 
board under spring tension, and then solder it. This technique is universally used in 
manual through-hole soldering, which is explained in full later. 


In the author’s view - opinions vary — it’s generally better to snip off the surplus 
wires leads first, to make the joint and neighbouring joints more accessible and also to 
reduce the mechanical shock transmitted to the p.c.b. copper foil. However, in the case of 
diodes and transistors the author tends to leave the snipping until after the joint has been 
made, since the excess wire will help to “sink” heat away from the heat-sensitive 
semiconductor junction. 


A special clip-on heatsink is available which also helps stop excess heat from 
reaching temperature-sensitive semiconductors like these. I’ve always managed without 
one but beginners might find them reassuring. Integrated circuits can either be soldered 
directly into place if you are confident enough, or better, use a dual-in-line socket to 
prevent heat damage. The chip can then be swapped out at a later date if needed. 


Parts which become hot in operation (e.g. some power resistors), should be raised 
above the board slightly to allow air to circulate. Some components, especially large 
electrolytic capacitors, may require a mounting clip to be screwed down to the board first, 
otherwise the part may eventually break off due to vibration. It’s a good idea to bolt such 
components firmly into place before soldering their terminals, in order not to strain the 
soldered joints or the components when fasteners are tightened. 


By securing the workpiece as much as possible to prevent movement, you have a 


it imposes on its host and possibly horizontal transmission, 
and (3) host suppression systems. 

In general, the prevalence levels of Cl Wolbachia in 
infected populations are high and often approach 100%. Few 
studies of the population dynamics of CI have been 
conducted. The most intensive studies involve drosophilid 
hosts. For example, in D. simulans, in California, rapid 
spread of a Cl strain of Wolbachia was monitored during the 
1980s and the 1990s. A theoretical model, based upon the 
levels of incompatibility, the vertical transmission efficiency 
of the bacterium, and the assumption that bearing the 
symbiont had no direct fitness effect on its bearer, produced 
theoretical predictions close to the observed rates of increase. 


FEMINIZATION 
Microbes and Sex Determination 


Microorganisms of two types are known to cause feminization 
of their hosts. One type, microsporidians and other simple 
protists, as yet are known to infect only crustaceans. The other 
type, bacteria of the genus Wolbachia, causes feminization in 
both crustaceans and insects. In essence, what both of these 
groups of microorganisms do is turn genetic males into females. 

The best studied cases of feminization involve crustaceans, 
such as the woodlouse, Armadillium vulgare. However, many 
aspects of the feminization system in crustaceans are probably 
similar to those in insects, of which two species of moth, 
Ostrinia furnacalis and Ostrinia scapulalis harbor feminizing 
Wolbachia. 

Sex determination in A. vulgare and in the Lepidoptera is 
normally based upon sex chromosomes; in the Lepidoptera 
females are the heterogametic sex, carrying two different sex 
chromosomes (WZ), and males are homogametic. 

In O. furnacalis all-female strains were first reported in 1998. 
A second example of feminization has been reported in O. 
scapulalis subsequently. Antibiotic treatment has shown the 
female biases to be tetracycline sensitive, and molecular analysis 
has revealed a Wolbachia. In both moths this bacterium is taxo- 
nomically similar to that causing feminization in A. vulgare. 

In parallel to A. vulgare, cure of feminizer lines with anti- 
biotics led to a strong male bias in progeny of cured females. 
These moths are ancestrally female heterogametic, with the 
result that feminized ZZ males, when cured of the bacterium 
and mated by normal (ZZ) males, can produce only male 
offspring. It is perhaps no coincidence that in the examples of 
Wolbachia-induced feminization, the host is ancestrally female 
heterogametic, and further instances of Wolbachia-induced femi- 
nization in the Lepidoptera and other insect taxa with het- 
erogametic females are likely to be discovered in the near future. 


Mechanism of Feminization 


The mechanism of feminization in the two lepidopteran exam- 
ples has not been determined. However, in A. vulgare, the 
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difference between developing into a male and developing 
into a female appears to depend on the activity of a single 
gene that blocks the expression of one or more genes that 
cause the differentiation of the androgenic gland. 


PARTHENOGENESIS INDUCERS 


Microbe-Induced Parthenogenesis 
in the Hymenoptera 


Much of the biotic world indulges in sexual reproduction. 
However, some organisms reproduce asexually, either ances- 
trally or secondarily when asexuality has evolved from sexu- 
ality. Secondary asexual reproduction, or parthenogenesis, 
occurs with new individuals arising from unfertilized eggs. 

Various types of parthenogenesis exist. Normal hap- 
lodiploid species, in which females result from fertilized eggs 
and males from unfertilized eggs, are called arrhenotokous. In 
deuterotoky, both males and females arise from unfertilized 
eggs, whereas thelytoky involves the production of only female 
offspring without fertilization. The production of only female 
offspring, without the need for males, raises the possible 
involvement of cytoplasmic symbionts whose interests are 
favored by female hosts, which can vertically transmit them. 
This involvement is realized in a number of haplodiploid 
Hymenoptera and Thysanoptera. 

The first report of bacterially induced thelytoky was in the 
parasitoid hymenopteran Trichogramma pretiosum. Here, 
administration of various antibiotics or of high temperatures to 
thelytokous females led to the production of sons among the 
offspring. This led to the deduction that some sort of cytoplas- 
mic microorganism, probably a bacterium, caused. thelytoky 
in this species. Microscopic examination revealed a bacterium 
present in eggs of some thelytokous lines, but not in antibiotic- 
treated, temperature-treated, or arrhenotokous lines. Molecular 
genetic analysis revealed the presence of a Wolbachia. 

Evidence of microbe-induced parthenogenesis has been 
revealed subsequently in over 30 species of parasitoid wasp, 
in the predatory thrip Franklinothrips vespiformis, and in the 
colembollan Folsomia candida, as well as in some species of 
mite (Bryobia spp.). In all cases in which the microbe involved 
has been identified, it is a Wolbachia. The Wolbachia involved 
do not form a single taxonomic group within the Wolbachia, 
but are intermixed with Wolbachia that affect hosts in other 
ways (e.g., CI and male-killing). This suggests that PI has 
evolved independently several times in the Wolbachia. Alter- 
natively, the genes that cause PI may be horizontally trans- 
ferred between Wolbachia, through DNA exchange involving 
virus-like particles or plasmids. A third possibility is that the 
same Wolbachia causes different effects in different hosts, for 
example, parthenogenesis in haplodiploids and CI or male- 
killing in diploids. Phylogenetic analysis of a number of PI 
Wolbachia, particularly in the genus Trichogramma, has pro- 
vided evidence for interspecific horizontal transmission of the 
symbiont. 
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Mechanism of Parthenogenesis Induction 


Investigations of parthenogenetic organisms have shown 
variation in the way in which diploid offspring can result from 
unfertilized eggs. This diversity can be divided into two basic 
groups: either meiosis is modified with the diploid number 
of chromosomes being retained or, following meiosis, the 
diploid chromosome number is restored after the formation 
of a single pronucleus, usually by the fusion of two haploid 
mitotic products. In the examples of Wolbachia-induced 
parthenogenesis that have been studied microscopically, the 
latter of these two routes applies. In infected females, both 
sets of chromosomes migrate to the same pole during the first 
mitotic division of the meiotic product. This results in a 
single diploid mitotic product. The ways in which Wolbachia 
affect the behavior of host chromosomes during the first 
mitotic division are currently not known. 


Dynamics of Wolbachia Infection 


In most Hymenoptera with PI Wolbachia, thelytoky has been 
fixed. However, in many Trichogramma species both thelytok- 
ous and arrhenotokous individuals occur together. The reasons 
for polymorphism in some species and monomorphism in 
others are as yet not clear, but incomplete vertical transmis- 
sion, negative-fitness effects of Wolbachia on their host, and 
suppresser genes may all have an influence. 


MALE-KILLERS 
Types of Male-Killers 


Male-killing is perhaps the least sophisticated of the mecha- 
nisms of sex ratio distortion practiced by inherited sym- 
bionts. The basic mechanism involved is for the symbiont to 
kill male but not female hosts. Among arthropods, M-k has 
been reported from five orders of insects (Hemiptera, 
Coleoptera, Lepidoptera, Hymenoptera, and Diptera) and 
two species of mite. In addition, perhaps because M-k is 
easily evolved, M-k’s themselves are taxonomically diverse, 
with Q- and y-Proteobacteria, Mycoplasma, Flavobacteria, 
and Microsporidia being recorded. Two M-k strategies have 
been reported. The first strategy, which involves killing male 
hosts late in their development (typically in the final larval 
instar), allows symbionts to replicate within their host, so 
that large numbers of individuals are released from the host’s 
corpse. Here the population dynamics of the M-k depend on 
both horizontal and vertical transmission. Reported late M- 
k’s are confined to Microsporidia infecting mosquitoes. 

The second strategy involves killing males early in their 
development, typically during embryogenesis. In killing its 
host, the M-k dies, but in doing so it increases the fitness of 
copies of itself in female hosts. The death of the M-k in male 
hosts means that early M-k does not involve significant levels 
of horizontal transmission. The increase in the fitness of 
infected females resulting from M-k is called fitness compen- 


sation, because for a M-k to invade a host population, 
infected females must have higher fitness than uninfected 
females to compensate for the death of the infected males. 
The nature of cytoplasmic bacterial reproduction means that 
many or all progeny of an infected mother will carry copies 
of the symbiont that are virtually identical by descent. If by 
killing male hosts the symbiont thereby increases the fitness 
of the dead males’ sisters, a fitness benefit will also accrue to 
“exact” copies of the male-killer within these females. 

Two advantages of M-k have been identified. First, the 
probability of mating with close relations, specifically brothers, 
will be reduced, thus avoiding the harmful effects of inbreeding. 
An infected female whose brothers have been killed has no 
siblings to mate with. The second advantage involves resource 
reallocation. If the resources that would have been consumed 
by sons of an infected female become available specifically to 
female siblings these females will benefit. 

Early M-k has been recorded from many insect hosts, and 
to date, all known early M-k’s are bacteria. A diverse array of 
bacteria is involved, suggesting that M-k has evolved 
independently many times. 

The distribution of M-k’s among insects is not random. 
Certain groups have behavioral traits and ecologies that 
provide a context in which high resource benefits are obtained 
by daughters of infected females specifically as a result of the 
death of males. In these instances, the resources made available 
to females from the death of males become preferentially 
available to infected compared with uninfected females. 

Hot spots for male-killing are known in the milkweed bugs 
(Hemiptera), nymphalid butterflies (particularly of the genus 
Acraea), and ladybug beetles (Coccinellidae). 


Early Male-Killing in Ladybugs 


Female-biased sex ratios were first reported in some families 
of the ladybug Adalia bipunctata in Russia in 1947. The female- 
biased sex ratio trait was shown to be maternally inherited. 
More recent work has demonstrated that the trait is curable 
with both antibiotics and heat treatment, suggesting that a 
bacterial agent is responsible. Male-killers have been discov- 
ered in eight other species of ladybug. In each case, the female 
sex ratio bias is associated with the death of approximately 
50% of eggs before they hatch (Fig. 1). This leads to the inter- 
pretation that the eggs of infected females have a normal sex 
ratio at fertilization, but that the secondary sex ratio is biased 
toward females because male embryos die before hatching. 

Experimental work has shown that female larvae from 
mothers bearing a M-k gain a considerable nutritional advan- 
tage from consuming the contents of their dead brothers’ 
eggs. This means that they are larger when they disperse from 
their egg clutch than larvae from uninfected mothers, and 
they have longer to find and subdue their first prey before 
dying of starvation. 

Detailed examination of resource reallocation in coccinel- 
lids has provided a set of criteria that are predicted to allow the 





FIGURE 1 An egg clutch laid by a male-killer-infected female Harmonia 
axyridis. Approximately half of the larvae (the females) have hatched and the 
neonates have begun consuming the soma of the dead male eggs. 


invasion of M-k’s. The ladybug must feed on an ephemeral and 
often limited food, such as aphids. Neonate larval mortality 
from starvation must be significant. The ladybug must also lay 
eggs in clutches and neonate larvae must consume unhatched 
eggs in their clutch. Lack of one or more of these criteria 
should make a ladybug immune to M-k invasion. All ladybugs 
known to harbor M-k’s possess all the relevant criteria. 


The Mechanism of Male-Killing 


Little is known about of the mechanism by which bacteria 
discriminate between male and female hosts and kill only the 
former. It is known that the sex determination systems of 
species that host M-k’s vary. So, for example, ladybugs have 
XX females and XY males, butterflies of the genera Acraea 
and Danaus have ZZ males and ZW females, and the 
hymenopteran parasitoid N. vitripennis has typically 
arrhenotokous haplodiploid sex determination, yet all have 
M-k’s. Thus M-k’s do not all detect that they are in males by 
identifying a specific region of a male-specific chromosome. 


Consequences of Population Sex Ratio Distortion 


Rather more is known about the evolutionary effects of M-k’s 
on their hosts. The prevalence of M-k’s varies from less than 
5% to over 95% in different insect groups. In the multicolored 
Asian ladybug Harmonia axyridis, the prevalence of a male- 
killing Spiroplasma is closely correlated to the population sex 
ratio. At low prevalence, the population sex ratio deviates little 
from 50% of each sex. However, at high prevalence (50% of 
females infected) over two-thirds of the population are female. 
Similarly female-biased populations of Ad. bipunctata have 
been reported. More spectacularly, in the butterflies Acraea 
encedon and Ac. encedana, populations in which females com- 
prise over 95% occur. Such highly biased sex ratios have the 
potential to impact on the evolution of reproductive strategies. 
This potential may be the cause of a number of unusual features 
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of the courtship and copulatory behavior of these species. 

First, both Ad. bipunctata and H. axyridis exhibit a variety 
of genetically determined mate choice patterns, including, 
unusually, weak male choice of females. Furthermore, in Ad. 
bipunctata, the investment that a male makes in an individual 
copulation decreases as the ratio of females to males increases. 
Male Ad. bipunctata may transfer one, two, or three sper- 
matophores (sperm packages) during a single copulation. In 
populations with a 1:1 sex ratio, males transfer, on average, 
just under two spermatophores. Conversely, in populations 
approaching two females for each male, males rarely transfer 
more than a single spermatophore (average 1.2). 

In highly female-biased populations of the butterflies Ac. 
encedon and Ac. encedana, many females die without mating. 
This suggests that males are limiting. The result has been the 
evolution of sex-role-reversed behaviors. The most striking of 
these is of female lekking behavior. Male leks, which are 
resource-lacking arenas where males congregate and compete 
for mates, are known in many taxa. In Ac. encedon and Ac. 
encedana, it is virgin females that congregate at resource- 
lacking sites. Within these arenas females compete for matings. 
Furthermore, there is some evidence to suggest that males 
preferentially mate with females that are free from male-killer 
infection. 


IMPLICATIONS AND APPLICATIONS 


Ultraselfish inherited bacteria adopt a strategy of harming their 
host to aid their own persistence and spread. Early reports of 
such symbionts, which caused abnormalities in host sex ratios 
or reproductive patterns, were long thought of as evolutionary 
oddities. Over the past 2 decades, that view has been changed 
as molecular genetic advances have revealed that many insects 
are host to these reproductive manipulators. Surveys have 
shown that 10 to 20% of insect species harbor bacteria of a 
single genus, Wolbachia. It is likely that similar surveys directed 
toward other clades of inherited bacteria will lead to the con- 
clusion that species of insects that host antagonist bacteria are 
in the majority. 

Invasion by ultraselfish inherited bacteria can have far- 
reaching effects on the evolution of hosts. It has already been 
shown that the selection pressures imposed by these cyto- 
plasmic symbionts have led to the evolution of nuclear sup- 
presser genes in some insects. Such genes provide evidence of 
the intragenomic conflict that results from the maternal 
inheritance of these microbes. Invasion and spread of any 
maternally inherited symbiont through a host population 
will also cause an immediate decrease in the diversity of host 
cytoplasmic organelles, such as mitochondria, for they are 
inherited together. The spread of a symbiont, therefore, pulls 
the organelles of its original female host through the host 
population with it. Further effects of CI, PI, feminizing, and 
M-k bacteria undoubtedly await discovery. Given the antago- 
nistic interactions between deleterious symbionts and their 
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hosts, it is difficult to believe that a complete understanding 
of the biology of any insect species can be achieved without 
consideration of the symbionts it carries. 

Deleterious inherited bacteria, such as Wolbachia, currently 
have a high scientific profile. This is at least partly because they 
may have a future role in pest control. Several strategies of use 
can be envisaged. Endosymbionts that cause female biases in 
host species that are already used as biological control agents, 
such as parasitoid wasps or aphidophagous coccinellids, may be 
used to increase the impact of the control agent or reduce costs 
of a control program. Alternatively, mass release of CI agents 
could be used to cause sterility in recipient populations, much 
as mass releases of males sterilized by radiation have been used 
to control Cochliomyia hominivorax. A third strategy would be 
to use these bacteria to transfer genes. If a symbiont bearing 
“useful” genes were likely to spread through a target population 
to fixation, as is likely of a CI agent, the useful genes need be 
introduced by only a relatively small initial release. 

The study of ultraselfish inherited bacteria in insects has 
blossomed over the past decade. The focus on this group of 
extraordinary parasites is likely to increase as the breadth of 
their influence on host evolution becomes more clearly 
understood. 


See Also the Following Articles 
Genetic Engineering ¢ Parthenogenesis © Reproduction, Female 
° Reproduction, Male ¢ Sex Determination ¢ Wolbachia 
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Teaching Resources 


John H. Acorn and Felix A. H. Sperling 
University of Alberta, Canada 


I n the classroom, insects are perennially popular subjects. Small 
enough and odd enough to be both simple to manage and 
intriguing to students, they are sometimes taught about for 
their own sake and sometimes used as models for the teaching 
of concepts in biology as a whole. For those who teach about 
insects in the entomological sense, the best resources have 
always been a good entomological library, a selection of live 
insects in culture, a well-maintained collection of preserved 
specimens, and somewhere to take students to see live insects 
behaving in a natural fashion. These are still the basics, along 
with contagious enthusiasm and genuine personal knowledge 
of the subject. For those who use insects as conceptual models, 
there are a few standard species (cockroaches, crickets, fruit flies, 
and others) for which methods of culturing and experiments 
for demonstrating various principles are well established and 
generally available. 


In recent years, two changes in social attitudes have strongly 
affected entomological teaching. First, globalization, especially 
through the Internet, has allowed people to pursue their interests 
at any time and place, with consequent opportunities to 
compare information and to communicate on a global stage. 
Second, localization has also occurred, at least in the sense of 
a surge in pride in the natural features and biodiversity that 
can be found in one’s own backyard. One might argue that this 
is a bit of a reaction to globalization as well. The combination 
of these two seemingly contradictory movements has meant 
that a deluge of information and resources is available and 
relevant at varying scales. However, this information must be 
filtered carefully, because much of what is available now, 
especially through the Internet, is often not peer reviewed 
nor generated by trained entomologists. 


WEB SITES 


Web sites are the most important recent development in 
entomological teaching. They take various forms, such as 
clearinghouses to other sites, museum databases, exercises for 
instruction at various levels, and taxon-based compilations 
and/or species accounts. The following list of Web sites offers 
a general overview of what is available, as well as providing 
links to other sites. Keep in mind, however, that the Web is 
an ever-changing thing and that sites come and go, as well as 
change address. In general, institutionally affiliated Web sites 
provide the most reliable information, but this is not always 
so. Luckily, entomological Web sites as a group have been less 
affected by pseudoscience and the fringe element than have 
many other areas in cyberspace. 


¢ Coleoptera Home Page: http://www.coleoptera.org/. This 
site is an excellent starting point for Web resources about beetles. 

e Electronic Resources on Lepidoptera: http://www. 
chebucto.ns.ca/Environment/NHR/lepidoptera.html. This 
site provides many links to Web resources for the study of 
butterflies and moths. 
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e Entomology Index of Internet Resources: http://www. 
ent.iastate.edu/List/. The hub of the virtual entomological 
wheel, this site has links to other sites on just about every 
entomological topic imaginable. 

e Ephemeroptera Galactica: http://www.famu.org/ 
mayfly/. “Everything you ever wanted to know about mayflies” 
is at this site. 

e Insect Physiology Online: http://lamar.colostate.edu/ 
~insects/. This site is “an interactive, referenced teaching 
resource” for insect physiology. 

e Introduction to the Odonata: http://www.ucmp. 
berkeley.edu/arthropoda/uniramia/odonatoidea.html. This site 
is a fine starting place for resources on damselflies and dragonflies. 

e NeuroWeb: http://entowww.tamu.edu/research/neu- 
ropterida/neuroweb.html. “The neuropterist’s home page,” 
with links and information about lacewings, ant lions, and 
the like, is at this site. 

e Orthoptera Species File Online: http://viceroy.eeb. 
uconn.edu/Orthoptera. This site is “a taxonomic database of 
the world’s orthopteroid insects.” 

¢ Crickets in the Classroom: http://members.attcanada. 
cal ~ecade/cricket_n_classroom.html. This is a good site for 
those who would like to use crickets to demonstrate various 
biological principles. 

¢ Social Insects Web: http://research.amnh.org/entomology/ 
social_insects/. A starting point for resources on social 
hymenopterans, this site has an emphasis on the ants. 

e The Diptera Site: 
Diptera/. This site is a clearing house for studies of flies, from 


http://www.sel.barc.usda.gov/ 


“young dipterists” to current research. 
e The Tree of Life: 
phylogeny.html. This is a superb site that not only provides 


http://ag.arizona.edu/tree/ 


information on as many types of living things as possible, but 
also places this information in an evolutionary context 
through an explicitly phylogenetic structure. Insects are 
particularly well covered here. 

e UF Book of Insect Records: http://ufbir.ifas.ufl.edu/. 
This site is a fascinating compilation of subject matter, from 
“fastest flier” to “least specific sucker of vertebrate blood.” 


ELECTRONIC MAILING LISTS 


Posting a question to a mailing list, or a listserve, is often the 
quickest way to answer an obscure question. Keep in mind, 
however, that experts on the list may resent the implication 
that they are being used to do your work for you. Therefore, 
before posting a question, make a serious attempt to find the 
answer in the standard sources first. You may have to subscribe 
to the list in order to post a question, or you can have a current 
subscriber post the question on your behalf. Your posting 
may also be archived, and as a result you may be quoted some 
time later on. Professionalism is therefore a wise path to follow. 
A good way to learn how to ask questions appropriately is to 
visit the Insect Question Page at http://www.ent.iastate.edu/ 
mailinglist/bugnet/question.html. 


OUTREACH PROJECTS 


A number of outreach projects have entomological themes. A 
good example is Monarch Watch, a program of the University 
of Kansas that calls upon schools to help in the monitoring of 
monarch butterflies (Danaus plexippus) and that in return pro- 
vides educational materials. Other examples of “citizen science” 
include the Canadian Nature Federation’s Ladybug Survey, 
which may be explored at http://cnf.ca/beetle/guide. html. 

Various institutions and organizations combine a Web pre- 
sence with an opportunity for school visits. One prominent 
example in the United States is the Young Entomologists 
Society (http://members.aol.com/YESbugs/mainmenu.html), 
which offers programs for schools and groups, workshops for 
educators, a mobile exhibit including live insects, and an edu- 
cation center, located in Michigan. Many universities also have 
the equivalent of insect hotlines, or extension entomologists 
whose duties include answering agricultural and urban ento- 
mology questions. 


BOOKS AND LIBRARIES 


The Internet is a wonderful tool, but the library is still the right- 
ful place for scholarly information in entomology. Books and 
journals are for the most part much more carefully written, 
reviewed, and designed than their Web-based counterparts, and 
therefore they are the guardians of mainstream entomological 
knowledge. 

Here we will not cite particular faunal guides, but it is worth 
noting that there are interesting trends apparent in recently 
published works. For some groups, formerly obsolete treatments 
are being updated or replaced on a broad geographic scale. An 
example is Dragonflies of North America by J. G. Needham, 
Michael L. May, and Minter J. Westfall (2000, Scientific 
Publishers, Gainesville, FL). In other instances, local faunas are 
being treated separately and in greater detail, often for the first 
time (for example The Butterflies of West Virginia and Their 
Caterpillars, Thomas J. Allen, 1997, University of Pittsburgh 
Press). Still other books are the results of citizen-science survey 
projects, such as The Millennium Atlas of Butterflies in Britain 
and Ireland (James Asher, Martin Warren, Richard Fox, Paul 
Harding, Gail Jeffcoate, and Stephen Jeffcoate, 2001, Oxford 
University Press). One faunal treatment, The Insects of Australia 
(listed below) goes beyond geography and has become a classic 
of entomology in general. 

For the study of most groups of insects, the traditional 
methods of collecting and preserving specimens are promoted, 
but for some, and especially for butterflies, many recent books 
advocate either a hands-off approach to insect study or catching 
and releasing the insects one finds. This trend seems directly 
related to geography—dense populations of more-or-less 
urbanized people, sensitive to conservation issues, are likely 
to support “nonconsumptive” entomology, despite a lack of evi- 
dence that this is a legitimate conservation concern, especially 
compared with the effects of habitat loss and introduced species. 


The following is a list of 25 books, written in English, that 
are clearly entomological classics. Some are impressive sum- 
maries of one aspect of entomological science, and some are 
masterfully written explorations of particular topics. With 
them, an instructor should be able to quickly answer most 
entomological questions. A good entomology library will 
contain most of them, but the odds are that every ento- 
mologist has at least a few of these volumes close at hand. 


© Bugs in the System: Insects and Their Impact on Human 
Affairs. M. R. Berenbaum, 1995, Addison—Wesley, Reading, 
MA. 

e Life on a Little Known Planet, rev. ed. H. E. Evans, 1993, 
Lyons & Burford, New York. 

¢ Man Eating Bugs. P. Menzel and F. D’Aluisio, 1998, Ten 
Speed Press, Berkeley, CA. 

e The Forgotten Pollinators. S. L. Buchmann and G. P. 
Nabhan, 1996, Island Press, Covelo, CA. 

e The Hot-Blooded Insects: Strategies and Mechanisms of 
Thermoregulation. B. Heinrich, 1993, Harvard University 
Press, Cambridge, MA. 

© The Insect Societies. E. O. Wilson, 1971, Belknap Press 
of Harvard University Press, Cambridge, MA. 

¢ The Evolution of Insect Mating Systems. R. Thornhill and 
J. Alcock, 1983, Harvard University Press. Cambridge, MA. 

¢ Principles of Insect Morphology. R. E. Snodgrass, 
reprinted 1993, Cornell University Press, Ithaca, NY. 

© The Insects: Structure and Function, 4th ed. R. F Chapman, 
1998, Cambridge University Press, Cambridge, UK. 

e Entomology, 2nd ed. C. Gillott, 1995, Plenum, New York. 

¢ The Torre-Bueno Glossary of Entomology, rev. ed. J. R. de 
la Torre-Bueno, 1989, New York Entomological Society, 
American Museum of Natural History, New York. 

© The Encyclopedia of Insects. C. O'Toole, ed., 1995, Facts 
on File, Inc. (online). 

e Insects of Australia, 2nd ed., Vols. I and II. CSIRO, 
1991, Melbourne University Press. 

¢ An Introduction to the Study of Insects, 6th ed. D. J. Borror, 
C. A. Triplehorn, and N. E Johnson, 1992, Harcourt Brace, 
New York. 

© Aquatic Insects of North America, 3rd ed. R. W. Merritt 
and K. W. Cummins, 1996, Kendall/Hunt, Dubuque, IA. 

¢ Immature Insects, Vols. 1 and 2. F. W. Stehr, 1987 and 
1991, Kendall/Hunt, Dubugue, IA. 

¢ Biology of Spiders. R. F. Foelix, 1982, Harvard University 
Press, Cambridge, MA. 

e Dragonflies: Behavior and Ecology of Odonata. Philip S. 
Corbet, 1999, Cornell University Press, Ithaca, NY. 

e The Biology of the Coleoptera. R. A. Crowson, 1981, 
Academic Press, San Diego. 

¢ Hymenoptera of the World: An Identification Guide to 
Families. Henri Goulet and John T. Huber, eds., 1993, 
Agriculture Canada Publication 1894/E, Ottawa, Ontario. 

e The Ants. B. Haélldobler and E. O. Wilson, 1990, 
Belknap Press of Harvard University Press, Cambridge, MA. 
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e The Bees of the World. C. D. Michener, 2000, Johns 
Hopkins University Press, Baltimore. 

¢ Manual of Nearctic Diptera, Vols. 1 and 2. J. F. McAlpine, 
ed., 1981 and 1987, Agriculture Canada Monographs 27 and 
28, Ottawa, Ontario. 

© The Lepidoptera: Form, Function and Diversity. Malcolm 
J. Scoble, 1995, Oxford University Press. 

Illustrated Encyclopedia of the Butterfly World. P. Smart, 
1996, Salamander Books, London. 


TELEVISION AND VIDEO 


A number of excellent television programs, as well as regular 
series, have featured insects as their subject matter. Some of these 
are available on videotape or DVD. In general, video narration 
is not peer-reviewed and is notorious for inaccuracies. Nonethe- 
less, the value of video in education is difficult to overestimate, 
and sometimes a game of “spot the mistakes” can be a learning 
experience in itself, especially when watching “B movies.” 

In terms of television series, /nsectia is a 13-part, half-hour 
series hosted by Georges Brossard, the founder of the Montreal 
Insectarium, and it features many exotic locations and 
extralarge insects. Alien Empire is a 3-part series of 1-hour 
programs produced by the Public Broadcasting System in the 
United States. It is especially memorable for its use of minia- 
ture cameras and close-focusing wide-angle optics that are able 
to literally track alongside running and flying insects. Acorn 
the Nature Nut is a 91-part, half-hour series, with 26 episodes 
having entomological themes. It is hosted by Canadian ento- 
mologist John Acorn (coauthor of this article) and combines 
humor, music, and reliable entomological information. 

A recent, well-received film on insects is Microcosmos, by 
Claude Nuridsany and Marie Pérennou. It features superb 
cinematography of the insects of southern France, and has a 
companion book by the same name (1997, Stewart, Tabori 


& Chang, New York). 


SUPPLIERS 


The following suppliers are keenly aware of the needs of ento- 
mology teaching. Although they deal with a mix of research 
customers, hobbyists, and teachers, their catalogs provide a 
good overview of the sorts of materials available for sale in an 
entomological context. Field equipment can enhance field- 
trip experience, whereas models, charts, and properly designed 
lab apparatus can greatly improve the quality of teaching in 
the laboratory. This list is incomplete, but the following 
suppliers have a long history and good reputation in the field. 


¢ Bio Quip Products, 17803 La Salle Avenue, Gardena, 
CA 90248-3602. Phone: (310) 324-0620. Fax: (310) 324- 
7931. E-mail: bioquip@aol.com. Web site: http://www.bio- 
quip.com. Bio Quip has been the main supplier of entomo- 
logical equipment and books in North America for over 55 
years. Their selection of educational items is very good. 
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e Watkins & Doncaster., RO. Box 5, Cranbrook, Kent 
TN18 5Ez, England. Phone: +4401580 753133. Fax: +4401580 
754054. E-mail: sales@watdon.com. Web site: http://www. 
watdon.com. The British equivalent of Bio Quip, with similar 
items in the catalog and a history dating back to 1874. 

e Acorn Naturalists, 17821 East 17th Street, No. 103, 
Tustin, CA 92780-2138. Phone: (800) 422-8886 (Canada 
and U.S.A.), (714) 838-4888 (international). Fax: (800) 452- 
2802 (Canada and U.S.A.), (714) 838-5869 (international). 
E-mail: EMailAcorn@aol.com. Web site: http://www. 
acornnaturalists.com. Good selection of educational mate- 
rials, especially for grade school teaching. 

e Classey Books, Oxford House, Marlborough Street, 
Faringdon, Oxfordshire SN7 7JP, England. Phone: +44(0)1367 
244700. Fax: +44(0)1367 244800. E-mail: info@classey- 
books.com. Web site: http://www.classeybooks.com. Since 
1949, E. W. Classey Ltd. has carried an excellent selection of 
entomology books, both new and used. 

¢ Carolina Biological Supply, 2700 York Road, Burlington, 
NC 27215-3398. Phone: (800) 334-5551 (U.S.A. only), 
(800) 387-2474 (Canada only), (336) 584-0381 (interna- 
tional), Fax: (800) 222-7112 (U.S.A. only), (800) 374-6714 
(Canada only). E-mail: carolina@carolina.com. Web site: 
http://www.carolina.com. Long-established general source 
for science and technology teaching materials. 

e Ward’s Natural Science Establishment, 5100 West 
Henrietta Road, PO. Box 92912, Rochester, NY 14692-9012. 
Canadian address: 397 Vansickle Road, St. Catherine's, Ontario 
L2S 3T5. Phone: (800) 635-8439 (U.S.A. only), (800) 387- 
7822 (Canada only), (716) 359-2502 (international). Fax: 
(800) 635-8439 (U.S.A. only), (905) 984-5952 (Canada 
only), (716) 334-6174 (international). Web site: http://www. 
wardsci.com. Another long-standing source for general 
science teaching materials. 


See Also the Following Articles 
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Temperature, Effects on 
Development and Growth 


Frantisek Sehnal, Olditich Nedvéd, and Vladimir 
KoSt’al 
Institute of Entomology, Academy of Sciences, Czech Republic 


he body temperature of insects, as in other ectothermic 
organisms, is linked to changes in the ambient temperature. 


Temperature fluctuations are small in environments such as 
the tropical rainforest, caves, and some aquatic habitats. In 
most habitats, however, the seasonal and diurnal temperature 
oscillations are considerable. For example, insect body temper- 
ature can change abruptly by 10°C or more when exposure to 
direct sunlight is followed by the shade of a cloud. The way of 
life with fluctuating body temperatures is called heterothermy; 
this is in contrast to the homeothermy of endothermic organ- 
isms, such as birds and mammals, which regulate their body 
temperature, partly by generating endogenous heat. 


DEVELOPMENTAL PARAMETERS 


Every organism is adapted to a set temperature range. A general 
preference for high temperatures is referred to as thermophily, 
and the inclination to low temperatures is psychrophily. 
Insects living in warm climates or parasitizing warm-blooded 
animals are thermophilic, whereas those dwelling in soil are 
usually psychrophilic. Temperature preferences may change 
during development; for example, aquatic insects inhabit 
cold mountain streams during their immature stages but fly 
in warm air as adults. Temperature fluctuations within the 
species-specific physiological range determine the rate of 
development and often exert other physiological effects. 

Development and reproduction occur at physiological tem- 
peratures that are delimited by an upper and a lower develop- 
mental threshold (UDT and LDT, respectively). Within this 
range, there is an optimal temperature for rapid development. 
The dependence on temperature can be expressed as a meta- 
bolic rate or as a developmental rate. The metabolic rate (MR) 
reflects the velocity of the energy-supplying biochemical pro- 
cesses and can be measured as oxygen consumption, carbon 
dioxide production, or heat generation. Many enzymatic 
reactions and the total body metabolism increase exponentially 
over a broader temperature range than is the span of physio- 
logical temperatures. Metabolic increase is usually two- to 
threefold with temperature elevation by 10°C and can be 
expressed by MR = ¢“*“’, where a and & are constants and T 
is temperature. 

Metabolic rate determines the developmental rate (DR), 
which is a reciprocal value of the developmental time (DT), 
DR = 1/DT. Measuring developmental times, such as duration 
of larval development, length of the reproductive period, or 
expanse of the entire life cycle, requires maintenance of defined 
conditions (notably temperature and nutrition). This is diffi- 
cult to do for long periods of time and this is why DT and 
DR values are usually established for individual developmental 
stages and then recalculated for the entire life cycle. Circadian 
rhythmicity of some processes, for example, the synchrony of 
hatching or adult emergence at a certain time of day, compli- 
cates DT assessments. 

In contrast to the exponential rise of the metabolic rate, 
the increase in DR within the physiological temperature range 
is linear. When a series of temperature and corresponding DR 
values is plotted in a graph, a straight line so obtained crosses 
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the x axis at the theoretical LDT point. Close to this point, the 
relationship between developmental rate and temperature 
ceases to be linear, and the straight line is bent into a sigmoidal 
curve. Actual LDT is therefore somewhat lower then predicted. 
At the upper temperature range, the DR slows down before 
it reaches a maximum at the optimal temperature. After the 
maximum, DR sharply drops and at UDT the development 
is discontinued. 

Developmental time depends on the effective temperature, 
ie., temperature value above LDT (actual temperature T 
minus LDT). The constant product of effective temperature 
and developmental time is called the sum of effective tempera- 
tures (SET) and represents the heat required for the completion 
of a particular developmental stage. SET is conveniently 
expressed as the number of degree days. For example, a SET 
value of 100 degree days means that development at 5°C above 
LDT lasts 20 days and at 10°C above LDT 10 days. When 
the insects develop at fluctuating temperatures, the average 
temperature above LDT and the length of time when the 
temperature surpasses LDT are considered for each day, and 
the number of degree days established in this way is summed. 
Developmental stage is completed when the summation 
reaches the SET value. 

A temporal drop in temperature below LDT is associated 
with developmental block and is counted as 0. Usually, there 
is no “negative developmental rate” at temperatures below 
LDT, i.e., no delay of development is observed after transfer 
to an effective temperature. Natural temperature fluctuations, 
however, may have a signaling effect and influence the SET 
value in some species, and this possibility must be checked 
experimentally. 

The LDT and SET values are species-specific population 
characteristics. The LDT values are similar for all develop- 
mental stages of a given species, even when they develop in 
diverse seasons and experience disparate temperature fluctua- 
tions. The stability of LDT is manifested as developmental 
thermal isometry, i.e., the percentage of time spent in a 
particular stage at any constant physiological temperature is 
a stable fraction of the entire developmental time. The LDT 
and SET values established in the laboratory enable predic- 
tion of the course of development in the field. Control of 
many insect pests in agriculture and forestry largely relies on 
such predictions. For example, on the basis of the LDT and 
SET data for the codling moth (Cydia pomonella) we can 
predict, on the basis of daily temperature measurements in an 
orchard, the time of the first egg deposition and time insecticide 
sprays accordingly. 

Both LDT and, especially, SET may vary between geo- 
graphical populations because of adjustments to local climatic 
conditions. Insects that have spread to temperate zones from 
the tropical regions often maintain a high LDT and can repro- 
duce and develop only in the hot season, spending most of 
the year in a state of dormancy. The survival in cold is made 
possible by increased cold hardiness, a parameter that seems 
to be more plastic than LDT. 
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DEVELOPMENTAL ARRESTS 


Most insects must overcome long periods of adverse conditions 
when food is wanting and temperature remains outside the 
physiological limits. Insects cease development and reproduc- 
tion but, if the temperature does not reach lethal extremes, 
they remain capable of resuming these processes as soon as the 
conditions become favorable. The state of easily reversible, 
directly temperature-dependent developmental arrest is known 
as quiescence. It is typical of insects adapted to relatively short 
periods of unfavorable, nonlethal circumstances, and it is 
usually associated with temperature acclimation. 

Insects that will be exposed to severely hostile conditions 
that can last for many months enter a programmed develop- 
mental arrest, diapause. Diapause occurs in anticipation of a 
season in which the insect could not survive in the active state. 
It is induced by environmental signals acting before the adverse 
conditions set it, sometimes on a much earlier developmental 
stage and exceptionally on the parental generation. 

Seasonal changes in the environment are specific for each 
latitude, altitude, and habitat, but always correlate with changes 
in the photoperiod, i.e., the length of day versus the length of 
night. Photoperiodic changes therefore provide ideal signal for 
the advent of unsuitable conditions. However, temperature 
can shift the diapause-inducing photoperiod response over a 
broad range. For example, 50% of caterpillars of Acronycta 
rumicis are induced to enter pupal diapause at a daylength of 
19 hat 15°C, but at 16 h at 25°C. Low temperature normally 
enhances the effect of short photoperiod and high temperature 
enhances the effect of long photoperiod. Daily fluctuations of 
temperature, the thermoperiod, can induce diapause in a few 
species kept in constant darkness. On the other hand, high 
temperature can abolish the diapause-inducing effect of a short 
photoperiod. For most insects, the diapause is facultative and 
there is a variation in the critical photoperiod/thermoperiod 
at which each individual enters diapause. 

Once induced, diapause is not terminated immediately after 
the diapause-inducing conditions disappear. A certain time must 
elapse, during which neurohormonal regulations return to the 
pattern supporting development and reproduction. The mecha- 
nisms controlling diapause termination are not known. The 
length of time in diapause depends on its “depth” and on envi- 
ronmental conditions, especially temperature, to which the 
diapausing insects are exposed. In the overwintering insects, 
diapause is often shortest at temperatures around 5°C (Fig. 1) 
and the photoperiod is irrelevant. Due to exposure to low 
temperatures in late fall, the overwintering insects terminate 
diapause in early winter, and the resumption of their develop- 
ment or reproduction is then halted only by a direct effect of 
low temperature: diapause turns into quiescence. 


ALTERNATIVE DEVELOPMENTAL PATHWAYS 


In certain insects, temperatures within the physiological range 
affect the course of non-diapause development. For example, 
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FIGURE 1 The influence of constant temperature on the termination of 
imaginal diapause in the chrysomelid beetle Atrachya menetriesi. The 
diapause is completed (50% of individuals can resume development) most 


rapidly at 5°C. Based on data of Ando (1983). 


larvae of the yellow mealworm, Tenebrio molitor, develop in 
11-15 instars at 25°C and in 15-23 instars at 30°C. Less 
dramatic changes in the number of molts and the growth rate 
were noted in a number of insects. Abnormal temperatures can 
also dissociate the onset of metamorphosis from the body size at 
which it normally occurs. In the wax moth, Galleria mellonella, 
placing newly ecdysed larvae of the last or penultimate instar 
on melting ice induces an additional larval molt. To cause 
such anomalies, the temperature must alter the secretion of 
hormones that control specific developmental events. 

Some insect species occur in more than one form and their 
alternation depends on temperature. For instance, development 
of young caterpillars of Colas eurytheme at 18°C leads to 
mainly yellow, and development at 27—32°C to orange, butter- 
flies. The spring and summer forms of some other butterflies 
are well known examples of seasonal dimorphism in which 
one form is linked to diapause. 


LETHALITY AT EXTREME TEMPERATURES 


A general response of insects to temperatures just below their 
LDT or above their UDT is the cessation of development and 
reproduction while the insects remain active and feed. The 
larvae may slowly grow and the adults accumulate reserves and 
to some extent undergo gonadal maturation. These processes 
are terminated at more extreme temperatures when the insects 
begin to die. 

During cooling, the metabolic rate and motility gradually 
decrease. At a certain temperature, the neural and muscular 
activities are impaired and the insect lapses into cold stupor. 
The metabolic rate of such immobile insects continues to 
decline with decreasing temperature. The stupor point is as 
high as 12°C in some tropical insects and the honey bees, 
around 5°C in many temperate species, near 0°C in most 
overwintering insects, and below the freezing point in species 
living in very cold areas. 
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The nature of chill injuries is little understood. Desiccation 
and nutrient depletion during the cold-induced starvation 
are certainly incompatible with long-term survival, but death 
usually occurs earlier and is probably the result of damaging 
effects at cellular level. The loss of cell membrane fluidity, 
imperfect protein functions (enzymatic activities, transport, 
signaling, etc.), and the resulting asynchrony of the life- 
supporting processes cause metabolic disorders. For example, 
the ion pumps in the cell membrane become inefficient and 
sodium concentration in cytoplasm increases, while the potas- 
sium ions flow out into the hemolymph. 

The upper temperature extremes are also lethal. Gradual 
warming past UDT, which is for many species around 35°C 
but is never sharply delimited, increases the metabolic rate, loss 
of water, and motility. At a certain temperatures, usually around 
40°C, the water loss, and thereby the evaporative body 
cooling, increases sharply. The spiracles are wide open and the 
melting of cuticular lipids permits evaporation through the 
body surface. After some time at such a high temperature, the 
losses of water and nutrients lead to exhaustion, manifested 
as a rapid decrease of motility and a drop of transpiration. If 
this state is brief, it can be reversed. The temperature at which 
it occurs is the upper lethal threshold. A gradual temperature 
increase to this threshold may cause heat stupor. 

Survival at temperatures above the threshold is a function 
of temperature and length of exposure. Warming to the 
absolute upper lethal temperature, which is usually around 
50-55°C, causes irreversible tissue damage, and even a short 
exposure is lethal. 


ACCLIMATION AND TEMPERATURE TOLERANCE 


The survival at extreme temperatures is improved after an 
acclimation. Shortening of the photoperiod in late autumn 
and early winter usually acts synergistically with descending 
temperature in triggering a seasonal cold acclimation. An 
exposure to low temperature alone is often insufficient for full 
cold acclimation and successful winter survival because some 
physiological adjustments (for instance down-regulation of 
the ice nucleators and enhancement of cryoprotectant biosyn- 
thesis) require a preceding switch to the diapause develop- 
mental mode and this is controlled by the photoperiod. In 
other insects, cold acclimation is associated with temperature- 
dependent quiescence and the photoperiod is irrelevant. 
Cold acclimation is a complex adjustment involving pro- 
found changes at the organismic and tissue levels. Accumu- 
lation of low-molecular-weight cryoprotective polyols and, in 
some insects, also synthesis of antifreeze proteins are charac- 
teristic features of cold acclimation. Other physiological changes 
include changes in cuticular lipids, increased fluidity of phos- 
pholipids in the cell membranes, conformation changes of 
some proteins, possibly production of alternative enzymes 
with activity optima at lower temperatures, and synthesis of 
heat-shock proteins. Acclimation may also encompass changes 
in morphology (e.g., cold-acclimated lacewings turn from 


much higher chance of producing good-quality reliable solder joints. 


green to reddish brown) and. behavior (e.g., formation of 
cocoons with higher resistance to desiccation and ice pene- 
tration, voiding the gut to get rid of ice nucleators, and seeking 
dry places to prevent ice inoculation from the surroundings). 

The temperature at which insects freeze is relatively low 
even without cold acclimation. Insects contain only low 
amounts of nucleators needed for the ice crystal formation 
and are therefore capable of considerable supercooling. The 
nonacclimated individuals freeze at -10 to —15°C, while those 
with accumulated cryoprotectants and antifreeze proteins can 
be supercooled to temperatures below —20°C. All cryoprotec- 
tive compounds disappear from the organism after a certain 
time. The length of this deacclimation process also depends 
on temperature, but details have not been examined. 

Changes associated with heat acclimation are little known. 
Synthesis of heat-shock proteins, which were discovered in 
Drosophila exposed to elevated temperature, is a very general 
response not only to heat but also to cold and various other 
types of stress. Several types of heat-shock proteins are known 
from organisms ranging from bacteria to plants. It is believed 
that they are chaperones enabling or protecting functional 
protein conformations. Temperature or another stressing factor 
acts as a signal inducing their synthesis at transcriptional 
level. Accumulation in the cells of “unfolded” proteins is 
believed to be the common intracellular message triggering 
this transcription. 


See Also the Following Articles 
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I" insects, as in other animals, body temperature strongly 
affects the rate of energy expenditure, the rate at which food 
can be located and harvested, growth, the facility with which 
mates can be acquired and predators avoided, and sometimes 
also the susceptibility to disease organisms. Thermoregulation 
refers to the ability to regulate that body temperature which 
best serves survival and reproduction, and it encompasses 
numerous conflicting constraints and selective pressures. In 
insects, major considerations involve body mass and access to 
either external or internal heat. Thermoregulation operates 
through behavior, physiology, and morphology. For the most 
part, insects are too small to be able to appreciably elevate, or 
regulate, their body temperature by internal heat production, 
although some are large enough and that, coupled with their 
high flight metabolism, could easily cause them to overheat. 
In numerous insects, elaborate mechanisms of thermoregu- 
lation have evolved both for heating and for cooling the body 
that possibly rival those of the typically endothermic vertebrates. 


ENDOTHERMY IN FLYING INSECTS 


Insects arose on earth at least 350 mya in the Devonian Period 
of the Paleozoic Era. Little is known about the earliest forms, 
except that originally they must have been crawlers, not flyers, 
and their bodies assumed approximately the temperature of 
the immediate surroundings to which they adapted. This 
holds true even when the immediate surroundings are quite 
frigid. The adult form of a flightless midge (Diamesa sp.) 
walks on glacier ice even when its body temperature is chilled 
to —16°C. It is so sensitive to heat that, when taken from its 
natural environment and held in one’s hand, it is killed by the 
warmth of one’s skin. However, there are insects that maintain 
quite specific and high body temperatures. Some species of 


1120 


Thermoregulation 


sphinx moths, for example, have thick insulating fur and 
normally maintain a thoracic temperature near 46°C during 
flight over a wide range of ambient temperatures. To these 
moths, our own normal body temperature of 37°C is almost 
cool. An insect’s head and abdominal temperatures are for 
the most part unregulated. 

In the same way that the motor heats up when a car burns 
fuel, heat is released as an inevitable by-product of cellular 
metabolism whenever muscle contracts. Close to 94% of the 
energy expended by muscles during contraction is degraded 
to heat, while approximately 6% appears as mechanical force 
on the wings. Insect flight is one of the most energetically 
demanding activities known, and thus most insects produce 
more heat per unit muscle mass when they fly than almost 
any organism on earth. Most insects exist under conditions 
somewhere in between the cold-blooded crawler and the hot- 
blooded flyer, but these extremes show us what is possible, 
and they thus offer us a remarkable window into thermal 
adaptation from an evolutionary perspective. 

The ability of birds and mammals to regulate body tem- 
perature at one set point, specifically 37-41°C, has long been 
considered proof of sophistication and phylogenetic advance- 
ment relative to animals whose body temperature varies with 
that of their environment. Deviation of body temperature 
from the set point of 37-41°C is, in birds and mammals, often 
associated with illness and was once thought to be caused by 
a failure of the thermoregulatory system. We now know that 
both increases and decreases in body temperature can be and 
often are adaptive responses. Both responses are often sophis- 
ticated physiological mechanisms that involve more ther- 
moregulation rather than less, albeit the body is kept at a 
more appropriate temperature for specific conditions. 

Small insects have much lower body temperatures in flight 
than large insects, not because they produce less heat—in fact, 
they may have /igher rates of heat production than larger 
insects, but because they have much greater conductance 
because of their large relative surface area. In bees, for example, 
only the large species heat up in flight and generate an appre- 
ciable elevation of body temperature even though metabolic 
cost of flight per unit weight declines approximately 230% 
for a 10-fold increase in mass. A mosquito in flight maintains 
only a tiny (<1°C) gradient between thoracic and ambient 
temperature, despite prodigious amounts of heat production. 
A blow fly (Calliphora vicia) may heat up 5°C, and a honey 
bee heats up its thorax about 15°C. Having a much larger 
thorax, and hence a smaller relative surface area, means that 
the internally generated heat during flight is not lost by 
convection at the same rate that it is produced until a much 
higher temperature gradient has been generated. 

Large insects—those that inevitably generate a high body 
temperature during continuous flight—must be biochemically 
adapted to operate their flight muscles at the high temperatures 
experienced. Temperature is important for mechanical effi- 
ciency; at low muscle temperature there is partial overlap in 
contractions of the up- and downstroke muscles, the 


dorsoventral and dorsal longitudinal muscles; the two sets of 
muscles then work against each other rather than working to 
move the wings. 

Numerous other moths—such as most microlepidoptera 
and geometrids (inchworms) and some ctenuchids and 
arctiids—are small or weak flyers that do not heat up but fly at 
low air temperature. They fly at muscle temperatures much 
lower even than those at which the large-bodied, small-winged 
(and hot-blooded) sphinx moths generate zero power. Evolu- 
tion has acted strongly to tailor the flight motor’s capacity for 
maximum power output for much lower ranges of operating 
temperatures. For example, the geometrid Operophtera bruceata 
can gain sufficient power to fly at 0°C. (Nevertheless, its capac- 
ity to do so is only partially the result of muscle physiology.) 

The basis for the evolution of differences between species 
arising from a common ancestor is variation among indivi- 
duals. Variation was present in the past, and for many traits, 
variation is maintained even now. For example, in Colias 
(sulphur) butterflies, the gene locus for phosphoglucose 
isomerase, one of the enzymes involved in energy metabolism 
in these butterflies, changes in allele frequency with season 
and habitat temperature. This suggests that natural selection 
is occurring even over very short (that is, seasonal) time spans. 
The different enzyme alleles have different thermal stabilities, 
and heterozygotes are thought to have an advantage in an envi- 
ronment of rapidly fluctuating temperatures inasmuch as the 
individuals heterozygotic for this locus fly over a range of tem- 
peratures broader than that of individuals of other genotypes. 

When a seasonally changing temperature environment, 
which is the rule, can select for heterozygosity, then one 
might expect that an environment of constantly high or low 
temperature, which is the exception, should lead to the fixa- 
tion of an appropriate genotype. Hence, selection in terms of 
gene-frequency changes would not normally be present for 
our inspection in more constant environments, in which 
appropriate genotypes would already have been selected long 
ago to adapt to the average temperature. The specific thoracic 
temperature that is maintained by regulation is “chosen” by 
evolution probably because it is the temperature most readily 
regulated for maximum activity over a range of prevailing 
environmental conditions. 


WARM-UP BY SHIVERING 


During his classic studies of honey bee communication, Karl 
von Frisch noted that bees often interrupted flight for a few 
minutes when they were returning to the hive heavily laden 
with nectar. He presumed they stopped “to rest,” but we now 
know they were stopping to work: to raise their thoracic 
temperature. They most likely stopped flight because it was a 
cold day and they had cooled convectively. Bees are able to 
raise their thoracic temperature by shivering, which can work 
their flight muscles harder than flight itself does. Von Frisch 
could not have known any of this, because shivering and 
thermoregulation by individual insects was unknown in the 


1960s, nor is shivering externally visible in bees even if one 
looks very closely. 

Like the maintenance of an elevated body temperature by 
internal heat production in flight, physiological warm-up is 
found in all large, active flyers among the dragonflies (Odonata), 
moths and butterflies (Lepidoptera), katydids (Orthoptera), 
cicadas (Clypeorrhyncha or Homoptera), flies (Diptera), beetles 
(Coleoptera), and wasps and bees (Hymenoptera). That is, it 
is found from some of the earliest forms, the Odonata, to the 
most evolutionarily highly derived, the Diptera, Coleoptera, 
and Hymenoptera. It is not found in the small and therefore 
nonendothermic members of the same groups. Because no 
insects shiver except those that then also heat up from flight 
metabolism, it seems reasonable to conclude that the evolu- 
tion of shivering behaviors is related to the evolution of flight 
but is unrelated to the insect’s place on the phylogenic tree. 

During preflight warm-up, there are synchronous contrac- 
tions of groups of muscles that normally contract alternately 
in flight. That is, the main wing-depressor muscles, the dorsal 
longitudinal muscles, are excited simultaneously—in other 
words, in synchrony—with the dorsoventral wing elevator 
muscles. The neural activation pattern of thoracic flight mus- 
cles needs to be and is already very labile for flight control, and 
to add shivering when flight behavior has already evolved is 
probably a very minor evolutionary step. Physiological warm- 
up in its most basic form is like the idling of an engine; the 
engine “evolved” to propel the car, not to warm it up. Once 
present, the heat-producing flight muscle system required only 
a slight modification of neuronal activation patterns and, in 
the more sophisticated models, also the addition of the bio- 
logical equivalent of a clutch—a mechanism to disengage the 
wings in the same way that an automotive clutch disengages 
the car’s wheels. Some insects, such as dragonflies and moths, 
do have visible external wing vibrations that were originally 
called “wing whirring,” these were once thought to pump air 
into the animal before the true function was elucidated. 

The zenith of the shivering response of any hot-blooded 
animal (vertebrate as well as invertebrate) belongs to some bees. 
Honey bees and bumble bees have a physiological sophisti- 
cation either not existing or not yet observed in other insects, 
and they exploit shivering behavior to an unprecedented 
extent and in a variety of ways. Like flies and beetles, bees are 
“myogenic” flyers in which the wing-beat cycle runs in part on 
automatic; as the downstroke muscles contract they stretch the 
upstroke muscles. This stretching dy itse/fcauses the upstroke 
muscles to contract. The downstroke of the wing therefore 
automatically causes the upstroke muscles to contract and vice 
versa, in a repeating cycle that is sparked by neural commands 
that are at a much lower frequency than the wing beats and are 
no longer specific to a single wing beat. (This system permits 
some of the smallest insects, such as midges, to achieve the 
unprecedented coordination required for wing-stroke cycles 
of over 1000 beats per second.) But the stretching of opposing 
muscle groups that maintains the myogenic contraction cycle 
can occur only if the wings are actually beating—namely, 
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during flight. When the wings are not in use, as when they 
are folded back dorsally and the clutch-like wing hinge is 
engaged, then the muscle groups are in near tetanus. That is 
the reason for the bees’ shivering. 

Very vigorous shivering in bees is physically dampened even 
more by yet another mechanism. One of the two sets of opposite- 
acting muscles is activated (and hence contracted) slightly 
more than the other. Because the opposing muscles act like 
weights forcing down each side of a seesaw, the added force on 
one set of muscles prevents the “seesaw” from working (and 
the wings from “vibrating” back and forth). 


WARM-UP BY BASKING 


Like warm-up by shivering, warm-up by basking occurs in all 
major orders of insects that have fast flyers large enough to heat 
up from their flight metabolism. In its simplest form, behavioral 
warm-up is merely heat-seeking. A basking insect usually takes 
specific postures that simultaneously maximize solar input and 
minimize convective heat loss. Heat input is maximized by 
exposing the maximum surface area to the sun, while convective 
heat loss is minimized by using body parts (such as the spread 
wings) as baffles to retard air movement around the body. 
Orienting the body parallel to the air stream (as a wingless 
insect might do) would reduce the effect of convective cool- 
ing, but orienting the body perpendicular to the sun’s rays to 
facilitate heating should take precedence, because no heat loss 
can be minimized until heat is first gained. Grasshoppers, 
beetles, and flies use these basking methods. For some dragon- 
flies and butterflies the wings are especially important during 
warm-up in their role of reducing convective cooling. 

Behaviorally distinct types of basking have been described 
in butterflies, although some (tropical) butterflies do not bask 
at all. In one type, called “lateral basking,” the butterfly closes 
its wings dorsally and then tilts to present either the right or 
the left wing and body surface to the sun. The lower portions 
of the wings wrap around the body and touch it, and warming 
the lower wing portions in sunshine then causes heat to be 
conducted directly through them and into the body. 

Many species of small-bodied butterflies, primarily pierids 
and some lycaenids (which commonly fly in breezy mountain 
meadows) bask by opening their wings partially in a V so that 
the body is directly available to the sun’s rays at the bottom of 
the V. The wings then serve as convection baffles to reduce 
cooling in the breezy environment. “Dorsal baskers” hug a 
solid substrate, such as the ground, and pull their wings down 
around them. They thereby expose the dorsal body surface to 
the sun while simultaneously capturing heat from the sun- 
heated substrate. 


HEAT LOSS MECHANISMS 


Insects near the size of a honey bee (approximately 200 mg) 
or larger may experience body temperatures during forced 
flight exercise that are potentially lethal to them. Alternately, 
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metabolic heating may inhibit continuous flight at relatively 
modest ambient thermal conditions (of air temperature and 
solar radiation), unless one or more of the following mecha- 
nisms for heat loss are activated. 


Harnessing Convection 


The rate of convective heat loss from a body is determined by 
the conductance of the body, i.e., its intrinsic rate of heat loss 
(which is a function of body size, shape, and insulation). 
Conductance, in turn, is a function of the wind speed (a hot 
body cools more quickly in wind than in still air— 
meteorologists call this the “wind-chill factor”). However, no 
convective heat loss is possible, regardless of conductance, if 
body and ambient temperature are equal, and at any one 
conductance and wind speed the amount of heat loss is 
directly proportional to the temperature difference between 
the body and the ambient surroundings. 

Small insects that are endothermic in flight are sufficiently 
air-cooled such that they almost never reach the potentially 
dangerous high-temperature ceiling of near 45°C that is com- 
mon to most animal tissues at normal atmospheric pressures. 
These small insects thus have no need of a specialized cooling 
system: they lose sufficient heat passively. Theoretically, larger 
insects could cool themselves by increasing flight speed and 
thus increasing convective heat loss, but flying faster would 
generally increase metabolic heat production, which would 
cancel out the increased heat loss, unless the internally 
generated heat is redistributed. 


Heat Radiators 


A radiator is a device that increases the surface area of a body or 
object so that more heat can be transmitted to the surrounding 
environment by convection. In some radiators, a fluid with a 
high heat capacity (like water, blood, or other liquid) circulates 
by means of a pump and transfers heat from its source to the 
radiator site for the heat loss. That is how a car engine is cooled. 

Radiators are utilized by many large insects from the very 
diverse orders Lepidoptera, Odonata, Dipera, and Hymenop- 
tera. The animals have a fluid-transfer cooling mechanism 
that dissipates heat through an abdominal radiator, while 
small members of the same groups that are not strong or 
continuous flyers lack the heat-transfer response. When we 
humans exercise in the heat, blood is pumped to the skin or 
extremities to facilitate heat loss, but this is done at the 
expense of pumping blood and oxygen to the muscles instead. 
Therefore, work capacity is compromised. Insects, on the other 
hand, do not need to compromise aerobic work capacity at 
higher air temperatures because of thermoregulation. In insects, 
the total separation of respiratory and heat-transfer functions 
makes it possible for them to continue working, even when 
the fluid flow is interrupted. 

The “radiator tube” that conducts the hemolymph to the 
abdominal heat radiator in insects also serves as a pump, 


which operates by peristaltic contractions along its entire 
length. Although sphinx moths in whom surgery has rendered 
this “heart” inoperative (by tying it shut) can still fly until 
reaching near-lethal thoracic temperatures, removal of their 
insulating layer of thoracic scales makes continuous flight 
again possible. 


Evaporative Cooling 


One of the extraordinary examples of an evaporative cooling 
mechanism specifically for thermoregulation is that found in 
the workers of honey bees, Apis mellifera, and yellowjackets, 
Vespula spp. These insects use the head as a radiator, but they 
do so with a difference. Nectar-gathering honey bees normally 
fly with flight-motor temperatures near 15°C above air tem- 
perature. They are capable of the astounding feat of flying 
even at ambient temperatures near 45°C while maintaining 
the thorax at the same or only slightly lower temperature. 
They do so by regurgitating nectar from the honeycrop, and 
while the nectar is held on the mouthparts and the head, water 
evaporates from it. Because of the physical contact between 
the head and the thorax, thermoregulation of one effectively 
results in thermoregulation of the other. Thus, the head is 
cooled by evaporation of water until there is a large tem- 
perature difference between the head and the metabolically 
heated thorax, at which point heat from the thorax follows the 
temperature gradient and is transmitted to the head. Head 
temperature is actively regulated, with thoracic temperature 
passively following, because artificial heating of the thorax 
alone does not result in the heat-dissipation response so long 
as head temperature remains low. However, artificial heating 
of the head (as with a narrow beam of light from a heat lamp) 
almost immediately results in nectar regurgitation and evapo- 
rative cooling, even while thoracic temperature is still (momen- 
tarily) low. 

Some insects cool evaporatively from the back. In the hot 
Australian deserts, the larvae of the sawfly Perga dorsalis, in 
response to solar heat stress, first raise their abdomen to the 
sun to shade the body and to increase convective heat loss. In 
an emergency, when this response is insufficient, they also 
emit rectal fluid and spread it over their ventral surface to 
cool themselves evaporatively. 

Diceroprocta apache of the Sonoran desert of the south- 
western United States employs a third evaporative cooling 
mechanism, this one analogous to sweating. These cicadas are 
plant-sap feeders, and despite living in a dry environment, 
they have access to a large fluid supply by inserting their 
sucking mouthparts into the xylem of deep-rooted shrubs, 
such as mesquite. They thus indirectly tap water from deep 
underground stores. Cicadas sing when ambient temperatures 
in the shade reach 40°C, and the repetitive contractions of 
their tymbal muscles result in internal heat production that 
adds to the already considerable external heat load. 

Body temperature during this exercise in the heat is reduced 
to tolerable levels by evaporative cooling from fluid shed 


through large pores distributed over their dorsal body surfaces. 
The release of this fluid, and the consequent evaporative 
cooling, occurs only in response to very high body temperature. 
Most insects, especially those of desert environments, are instead 
highly resistant to water loss when alive, and upon death, there 
results an immediate increase in water loss as the spiracles are 
no longer actively maintained shut. Killing of the cicada, in 
contrast, immediately stops the sweating response, therefore 
showing that it is under metabolic control. The cooling 
response is mediated, ironically enough, by aspirin-like 
substances produced in their bodies in response to heat stress. 


MORPHOLOGY AND THERMOREGULATION 


Aside from physiology, various aspects of insects’ morphology 
come into play in their thermoregulating responses. 


Insulation 


Many hot-blooded insects that regulate their body tempera- 
ture have, like their endothermic vertebrate counterparts, 
bodies wholly or at least partially covered with insulation. 
One type of insulation is derived from air sacs. Insects already 
have air sacs used for breathing, and still air is, next to a 
vacuum, the best possible insulator. Many insects of various 
orders have air sacs between the thorax and the abdomen that 
greatly retard the leakage of heat into the abdomen. But 
large-bodied dragonflies have gone one step further: their air 
sacs surround the thoracic flight motor. The other two types 
of insulation are derived from exterior cuticular structures. 

Lepidopterans are covered with a layer of thin overlapping 
scales, which are especially noticeable in coloring the wings. 
Rather than remaining flat and colorful for visual signaling as 
in butterflies, they have become long and thin to form a thick 
insulating body (thoracic) pile or fur coat in many moths. 
This coating of pile is so effective as insulation it more than 
halves the rate of heat loss, or doubles the temperature excess, 
hence permitting flight at much lower air temperatures. 
Endothermic insects with pile now fly in many northern 
areas and at times of the year at which they would otherwise 
be excluded. Conversely, insects from tropical environments 
have no or only sparse pile covering. 

A covering of setae, small hair-like projections from the 
cuticle, is the third source of insect insulation. Setae have 
various functions and numerous independent evolutionary 
origins. Within the Hymenoptera, only the northernmost 
large bees, the bumble bees, have a heavily insulated flight 
motor. However, even honey bees have a layer of short 
insulating pile on the thorax, which aids them on cool 
mornings and at high elevations. Bees inhabiting the tropics 
and hot deserts do not have a covering of pile dense enough 
to provide appreciable insulation. But even tropical bees 
cannot get along totally without setae, because they use these 
projections to trap pollen from flowers. Some wasps, in 
contrast, live in the same northern areas that bumble bees do, 
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but they do not rely on pollen for protein. Instead, many are 
predators on fast-flying insects, and they are glabrous. 
Perhaps an advantage of fuel economy in flight, or perhaps 
the necessity for fast flight, has assumed more importance 
than drag-inducing insulation for thermoregulatory control. 


Color 


In a few instances, an insect’s color has a functional signifi- 
cance in thermal balance during basking. For example, lateral- 
basking sulphur butterflies (Colias spp., usually yellow or white) 
found in cool environments (such as mountaintops or high 
latitudes) or seasons (early spring) tend to have dark wing 
undersides. These darker individuals are able to heat up the 
thorax slightly faster than lighter congeners, which buys them 
additional flight time when basking is needed to prepare for 
flight. 

Although color can have a slight thermal advantage, it is 
more often subservient to other needs, such as the need to 
evade predators. Not surprisingly, insects that inhabit open 
ground often match their background in color and thus are 
highly camouflaged. 


Stilts and Parasols 


A beetle walking on hot desert sand might experience tem- 
peratures that could kill it in a minute or less. Just a few 
millimeters above the ground, however, the hot, ground- 
hugging air layer is disrupted and mixed with cooler air from 
above. If we were shrunk to Lilliputian size and forced to live 
where a few millimeters’ difference in elevation could mean 
the difference between life and death, we would find some way 
to lift ourselves above the searing heat. Numerous ground- 
dwelling beetles living on hot sands do just that. Tiger beetles 
(Cicindelidae) begin to stand tall when sand temperatures 
exceed 40°C. Aside from extending their jointed legs to stand 
taller, some beetles, like Stenocara phalangium (Tenebrionidae) 
from the Namib Desert of southern Africa, have evolved very 
long stilt-like legs that allow them to avoid overheating by 
both avoiding the heat at ground level and losing some of the 
solar heat by convection through fast running. 

Another option is to use one body part to shade another. 
For example, some beetles reduce their absorption of external 
heat from direct solar radiation by having an air space beneath 
the elytra that insulates the abdomen from direct solar radiation. 


Countercurrent and Alternating-Current 
Heat Exchanges 


At low air temperatures when the abdomen is cool, the flight 
motor could cool precipitously if the hemolymph carried heat 
away from the thorax to be dissipated from the abdomen. 
Two mechanisms, however, normally prevent this potential 
problem of thoracic cooling. The first is a temporary reduction 
or elimination of the circulation: to retard heat loss. 
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Another mechanism, one more subtle than cardiac arrest, 
helps some insects prevent heat leakage from thorax to 
abdomen. Proof of that is seen in honey bee workers and 
Cuculliinae winter moths, which never show appreciable 
increases in abdominal temperature, even as the flight motor 
stays hot. An examination of their circulatory anatomy explains 
the mystery: they harness countercurrent heat transfer. 

A countercurrent implies two separate currents flowing 
next to each other but in opposite directions, as through the 
petiole between thorax and abdomen in insects. If the fluid 
in one current is of a higher temperature than that of the 
other, then heat (which is not confined by the vessel walls) 
will passively flow “downhill,” from high to low temperature, 
across these walls. Thus, if the hot blood leaving the thorax 
flows around the vessel in close proximity to cool blood 
entering it from the abdomen, as in most bees, then heat 
exchange is inevitable. At least some of the heat from the 
thorax will be recycled back into the thorax because the 
incoming blood is heated by the outgoing blood. In honey 
bees and winter moths, countercurrent heat exchange is greatly 
enhanced by prolonging the area for that potential heat 
exchange to occur, as the aorta in the petiole is lengthened 
and (in honey bees) convoluted into loops. 

Bumble bees and northern vespine wasps have a very much 
different and seemingly less efficient countercurrent heat 
exchange circulatory anatomy than honey bees and winter 
moths (Fig. 1). This situation may seem counterintuitive 
because they live in cold climates, some species even 
inhabiting the High Arctic. They might thus be expected to 
have even better countercurrent heat exchangers than honey 
bees, which are of temperate and tropical origin. Instead of 
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FIGURE 1 Anatomy of a bumble bee (Bombus) relevant to thermoregulation. 
The thorax is insulated with pile that reduces the rate of convective heat loss. 
The ventor of the abdomen is lightly insulated or uninsulated when the bee 
presses her abdomen onto brood to be heated. Hemolymph (blood) is 
pumped anteriorly by the heart, from the abdomen into the thorax. When 
dissipating heat from the working muscles in the thorax, the blood enters the 
aorta from the heart in pulses. Each pulse of cool blood from the abdominal 
heart into the thoracic aorta alternates with a pulse of warm blood entering 
the abdomen to the thermal window. In this way, countercurrent heat flow 
(into blood returning to the thorax) is minimized and heat flow (into the 
abdomen) is maximized. [Reproduced, by permission of Oxford University 


Press, from B. Heinrich, (1976), J. Exp. Biol. 64, 561-585.] 


having more loops for countercurrent heat exchange, they have 
none! Nevertheless, their anatomy can also be understood in 
terms of thermal strategy, but as it relates to their social system. 

Bumble bee and wasp queens start their colonies very early 
in the spring; each new queen attempts this task alone, as an 
individual. To this individual bee or wasp, time is of the essence, 
for she must complete the whole colony cycle within a single 
growing season. A queen’s first priority, then, is to rear a group 
of helpers. Temperatures when and where she builds her nest 
may be near 0°C, and if the brood were left at that temperature 
it might take years for them to develop to adults—provided 
they could withstand the freezing temperature. Even in the 
High Arctic, however, the queens of Bombus polaris can pro- 
duce a batch of workers in about 2 weeks, as can other bumble 
bees and Vespula wasps. Both bees and wasps accomplish these 
feats by incubating the brood from the egg to the pupal stage. 
The queens perch upon their brood clump—consisting of eggs, 
larvae, and/or pupae—and they press their abdomen upon 
the brood, much as a hen incubates her eggs with her belly. 
Only the abdomen provides a smooth surface for contact, 
but only the thorax produces heat by way of intense shivering 
by the flight muscles. No incubation, and hence social life, 
would be possible for these insects in a cold environment if, 
like honey bees, they were incapable of transferring heat from 
the source of its production into the abdomen that provides 
the smooth tight contact with the brood. 

The bumble bee’s aorta is long enough to permit moderate 
heat exchange and hence retention of heat in the thorax, but 
it is short and straight enough so that a physiological mecha- 
nism can be activated that shunts the fluid and heat through, 
effectively eliminating countercurrent heat exchange. 

Countercurrent heat exchangers in vertebrate animals can be 
bypassed. by rerouting the blood into an alternate (generally 
external) channel. That is why our own veins seem to pop out 
when we are active in the heat. Such rerouting of the blood from 
internal to external channels is not possible, however, in insects 
with open circulatory systems lacking veins and capillaries. 
Instead, in bumble bees there is a physiological solution for heat 
loss in the presence of a countercurrent heat exchange anatomy 
that serves the same purpose as an alternate blood channel. In 
the bumble bee, this consists of an alternating-current flow of 
blood. To shunt heat past the heat exchanger and into the 
abdomen, the bee lifts a small valve that allows a pulse of warm 
blood to enter the abdomen, and in the fraction of a second after 
the warm blood enters the abdomen, she then squirts a bolus of 
cool blood into the thorax. And so it goes back and forth, hot 
and cold pulses of hemolymph passing alternately through the 
heat exchange area in the bee’s waist. The essential point is that 
although the blood is not rerouted into a different channel, 
it is instead temporarily “chopped” into alternating pulses in 
the same channels. This is the opposite of countercurrent flow 
because instead of recovering heat from the thorax, the system 
acts to remove it, in this case into the abdomen. 

The pumping of hemolymph by the heart and the ventral 
diaphragm is also aided by in-out pumping movements of the 


whole abdomen, which otherwise function only for moving 
gas in and out of the thorax; the in-out telescoping move- 
ments of the abdomen are synchronous with the heart beats and 
the ventral diaphragm beats, and they cause pressure changes 
that facilitate hemolymph flow in precise alternating currents. 


THERMAL ARMS RACES 
Against Predators 


On a summer day in the Sahara Desert in Algeria, as the sun 
rises and begins to heat the sands that have been cold at night, 
an abundance of insect life is forced to retreat to cool under- 
ground refuge. Those unfortunate ones caught out in the heat 
become disoriented and, moving frantically, they heat up even 
more, then they die. The sun keeps rising, and sand tempera- 
tures begin to exceed 46°C. The desert lizards, Accanthodactylus 
dumerili, continue to hunt the incapacitated prey and any ants 
they can find. But they now dash quickly across the sand, and 
when they stop and stand, they alternately lift their feet to 
prevent burning them. Meanwhile, long-legged silver ants, 
Cataglyphis bombycina, avoid the lizards by remaining in their 
burrows under the sand. However, they are poised to leave, 
waiting for the sand temperatures to heat up even more, until 
it reaches about 60°C, when the temperature of the air at ant 
height is about 46.5°C. Temperature “testers” among them 
lurk at the nest entrance. At the right moment, they signal 
the time to come out by releasing pheromones from their 
mandibular secretions. The rest of the colony then rushes out 
into the field to forage safely, until they too must retire back 
to their underground shelters—when they experience air tem- 
peratures of 53.6°C, which is just a fraction of a degree below 
their thermal death point. 

In the southwestern deserts of the United States near 
Phoenix, Arizona, the desert or Apache cicada, D. apache, also 
engages in a thermal arms race against vertebrate predators. 
These cicadas are active at the hottest time of the year, and even 
then they wait until the high midday temperatures of 44°C 
(in the shade) near noon to be most active, when the cicada- 
killing wasps and birds are forced to retire from the heat. 

In the deserts of southern California, the grasshopper 
Trimerotropis pallidipennis endures heat rather than regulating 
heat loss like the sweating cicada. By blending in with the 
background of the desert floor, it hides to escape bird and 
lizard predators. Normally grasshoppers that inhabit the 
ground stilt high above that substrate when it becomes 
heated to very high temperatures in sunshine. But to remain 
camouflaged it is imperative for 7 pallidipennis to crouch 
down onto the searing hot ground. When that ground heats 
to near 60°C in sunshine, the duration of time that a grasshop- 
per can remain hidden is limited by how high a body tem- 
perature it can tolerate. 7’ pallidipennis has evolved to tolerate 
the extraordinary high body temperature of 50°C and can 
thus escape into the sanctuary of sunlight, where a predator 
such as a lizard or bird cannot hunt. 
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Thermoregulation 


It is probably rare that insects escape predators by seeking out 
low temperatures. Possibly the best candidates are the Cuculli- 
inae, a subfamily of the generally endothermic Noctuidae or 
owlet moths. The Cuculliinae are a northern circumpolar group 
of moths, and in northern New England they may fly during 
any month of the winter when temperatures reach 0—10°C and 
when most of their bat and bird predators have left. During 
flight, cuculliinines have flight-motor temperatures near 
30-35°C, as do other moths of their size and wing loading. 
Unlike all other moths, however, the cuculliinines can begin to 
shiver at the extraordinarily low muscle temperature of 0°C, 
and they continue shivering to warm up all the way to 35°C. 

The giant hornets, Vespa mandarinia, attack honey bee 
colonies. During a typical giant hornet attack, a lone hornet 
forager first captures bees at the periphery of the bees’ nest. 
After several successful foraging trips to the beehive, the hornet 
deposits a marking pheromone at the hive entrance from the van 
der Vecht gland at the tip of the abdomen. This pheromone 
attracts other hornets from the home nest, and then the 
slaughter phase of the hornet attack begins: 30,000 bees can 
be killed in 3 h by a group of 30 to 40 hornets. Subsequently 
the hornets may occupy the hive itself, and then they carry 
off the bees’ larvae and pupae to feed to their own young. 

The above happens when hornets attack colonies of the 
introduced European honey bee, A. mellifera, but the 
Japanese honey bee, A. cerana, has evolved an effective coun- 
terstrategy to the hornets’ mass invasion. With the latter, those 
unfortunate hornets that are recruited by the pheromone and 
then try to enter the hive are met and killed by heat as hundreds 
of bees envelop each wasp into a tight ball. The interior of 
these bee balls quickly rises to 47°C, killing the hornet but 
not the bees, whose upper lethal temperature is 48 to 50°C. 


Against Competitors 


Contest competition or fighting over food is rare in insects, 
but at least two species of African dung beetles, Scarabaeus 
laevistriatus and Kheper nigroaeneus, engage in combat over 
dung balls that they make to feed on and/or to serve as sexual 
attractants. An elevated thoracic temperature plays a crucial 
role in these contests on the ground. The more a beetle shivers 
to keep warm (with its flight muscles), the higher the tempera- 
ture of the leg muscles adjacent to the flight muscles in the 
thorax and the faster its legs can move and construct the 
dung into balls and roll it away. Endothermy thus aids in the 
scramble competition for food, and it reduces the duration of 
exposure to predators. Additionally, hot beetles have the edge 
in contest competitions over dung balls made by other beetles; 
in fights over dung balls, hot beetles almost invariably defeat 
cooler ones, often despite a large size disadvantage. 


Mate Competition 


For large insects, endothermic heat production is a requisite 
for flight, and it is during flight that other activities, 
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including foraging, oviposition, and predator escape, as oppor- 
tunity and necessity dictate, may occur. Hence, to find a direct 
effect of body temperature on mating success specifically, one 
must examine a mating behavior that is not already tightly 
linked with some other temperature-dependent activity. 
Singing in some species is a good candidate. Singing is one 
activity that serves only for mate attraction, and in katydids 
and cidadas only males sing and the females remain silent. The 
vigor of this singing activity is associated with and dependent 
on thermoregulation. Katydids, Neoconocephalus robustus, warm 
up for their ear-shattering mating concerts by shivering, 
bringing flight-muscle temperatures above 30°C. Males of 
the Malaysian green bush cricket, Hexacentrus unicolor, sing 
from dusk until well into the night, and before they sing, they 
prepare themselves by shivering to achieve thoracic tempera- 
tures near 37°C. At thoracic temperatures of 37 to 38°C, the 
males are able to achieve the extraordinarily fast wing 
movements of up to about 400 vibrations per second. 

The dragonfly Libellula pulchella demonstrates both the 
importance of body temperature for mating success and the 
trade-offs required for maximizing power output as an insect 
matures. The young, nonreproductive adults of this species 
are sit-and-wait predators that typically fly with relatively low 
thoracic temperature. Their flight-muscle performance does 
not peak at any one temperature; instead, performance is uni- 
formly spread over a wide range of low thoracic temperatures. 
In contrast, sexually mature males engage in nearly continuous 
flight in intense territorial contests. At such times, they generate 
a very high thoracic temperature, and they regulate that tho- 
racic temperature precisely and within only 2.5°C from their 
upper lethal temperature. Thus, muscle performance of the 
sexually mature males is narrowly specialized relative to that 
of young adults that do not engage in strenuous battle. 


SOCIAL THERMOREGULATION 


Many of the social insects regulate the temperature of their 
nests in coordinated behavioral and physiological responses 
involving the adult nest inhabitants. Nest temperature regula- 
tion functions primarily to maintain activity and to keep the 
otherwise thermally labile larvae at the proper temperature 
for rapid growth. Thermoregulation allows social insects to 
rapidly build up large nest populations and to inhabit environ- 
ments where they could not otherwise exist. 


Nest Site 


One of the first requirements for effective nest temperature 
regulation is the choice of an appropriate nest site. Typically, 
northern ants nest in the open, often under solar-heated 
rocks, or they make solar-heated mounds; many termites also 
nest to maximize exposure to solar radiation. Honey bees, 
that live in northern temperate climates require enclosed nest 
sites such as tree cavities, whereas a variety of other more 
tropical bees have open and exposed nests. 


Nest Construction 


Northern vespine wasps enclose their nests in multiple layers 
of paper that insulate the nest contents. Some termites and 
ants construct nests so located and constructed as to 
maximize solar heating in the morning and evening and to 
minimize overheating at noon. Nests may be constructed so 
that air circulation and heat transfer are enhanced for 
thermoregulation. 


Behavior and Physiology 


Ants regulate the temperature of their brood by carrying it to 
those parts of the nest with suitable temperatures. Both 
honey bees and vespine wasps regulate the temperature of the 
nest, especially near the brood. They fan to circulate air and 
carry off heat when nest overheating is imminent, and if 
temperatures continue to increase they carry in water and 
sprinkle it on the combs for evaporative cooling results. At 
low temperatures, such as during winter and in swarm 
clusters outside the hive, the bees crowd together tightly as 
air temperatures drop, thereby trapping heat inside. As air 
temperatures rise, the bees on the cluster start to disperse, the 
cluster loosens, and heat from the interior is released. In hives 
containing both honeycomb and comb with brood, the bees 
preferentially cluster around the brood. Brood temperature is 
maintained near 36°C in hives that may be subjected to air 
temperatures as low as —50°C and as high as 50°C, provided 
the bees have access to honey as an energy source for heat 
production in the cold and to water for evaporative cooling 
in the heat. 


See Also the Following Articles 

Cold/Heat Protection ¢ Diapause « Dormancy Flight 
Hibernation ¢ Temperature, Effects on Development and 
Growth 
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he 5000 described species of Thysanoptera, the thrips, 

exhibit a wide range of biologies. About 50% feed only 
on fungi, with most of these feeding on hyphae but some on 
spores. Of the remainder, approximately equal numbers feed 
either in flowers or on green leaves; a few are obligate predators 
on other small arthropods. Several opportunist species are crop 
pests, causing feeding damage and vectoring tospoviruses, but 
sometimes acting as beneficials by feeding on other pest 
arthropods (Fig. 1). 

Thrips have unique asymmetric mouthparts involving 
only one mandible, a life history that is intermediate between 
those of the hemi- and the holometabola, and a haplodiploid 
sex control system, and many species exhibit complex behav- 
ioral patterns including leking, fighting, and eusociality. 


THYSANOPTERA STRUCTURE 


Larvae and adults have only a left mandible. Their paired 
maxillary stylets (lacinia) are coadapted to form a feeding tube 
with a single central channel and a subterminal aperture. These 
feeding stylets emerge through a mouth cone that points either 
downward or backward. The dorsal surface of the head is 
symmetrical, but the ventral surface is asymmetrical, reflect- 
ing the absence of the right mandible. The head bears a pair of 
antennae commonly with seven or eight segments, although the 
plesiomorphic (or ancestral) number is presumably nine, and 
various species have segments fused to produce lower numbers. 
Paired compound eyes are usually well developed, although 
reduced to less than 10 ommatidia in some wingless species. 
Winged, but not wingless, adults have three ocelli between the 
compound eyes. The pronotum commonly has a regular num- 
ber of major setae, five in Phlaeothripidae but usually only 
two in Thripidae. The legs of adults lack typical insect tarsal 
claws, but each tarsus has an eversible bladder-like arolium. 
Members of the two suborders of Thysanoptera, Terebrantia 
and Tubulifera, differ from each other considerably in structure. 
The forewings of adult Tubulifera lack longitudinal veins, have 
a smooth surface, and bear nonarticulating fringing cilia that 
insert directly into the wing membrane. The abdominal ter- 
gites of these species bear one or two pairs of sigmoid wing- 
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FIGURE 1 Thysanoptera diversity. (A) Lichanothrips pulchra female, which 
creates a domicile by gluing together pairs of Acacia leaves. (B) Oncothrips 
waterhousei foundress, which induces leaf gall on Acacia. (C) O. waterhousei 


first-generation female, which functions as a soldier to defend a gall. (D) 
Western flower thrips (Frankliniella occidentalis), one of the world’s major 
insect pests. 


holding setae, under which the wings lie flat on top of each 
other when at rest. Moreover, the 10th abdominal segment is 
tubular, with the anus terminal but the genital opening at the 
base of the tube, the female’s ovipositor being an eversible, 
chute-like, structure. 

In the species of Terebrantia, in contrast, the forewings 
have two longitudinal veins, the wing surface is covered in 
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microtrichia, and the fringing cilia are inserted into sockets 
that are figure-8-shaped. The wings lie parallel to each other 
on the abdomen when at rest, with the cilia of the posterior 
margins in the midline, but the wing-holding mechanisms 
vary considerably between species. The 10th abdominal 
segment of Terebrantia species is incomplete ventrally, and 
the ovipositor comprises four saw-like blades that are used to 
insert an egg into plant tissue. 


FAMILY CLASSIFICATION 


The suborder Tubulifera is usually considered to include a 
single family of about 3000 species, the Phlaeothripidae, 
although aberrant species, or groups of species, within this 
suborder are sometimes segregated into small families. The 
Terebrantia is a more diverse group of 2000 species and 
currently includes eight families. 


Phlaeothripidae 


About 600 of the 3000 species in the family Phlaeothripidae 
feed by ingesting whole fungus spores, and these species 
comprise the subfamily Idolothripinae. These are some of the 
largest thrips, with body sizes up to 15 mm, and the males 
are commonly considerably larger than the females, with 
prominent tubercles and large foretarsal teeth. Moreover, 
these large thrips commonly exhibit patterns of allometry, 
such that the largest males differ considerably in structure 
and appearance from the smallest in the same population, 
and these size differences are reflected in their behavior. 

The remaining members of the family constitute the 
Phlaeothripinae, most species being grouped into three ill- 
defined lineages. The Haplothrips lineage includes those 
Phlaeothripidae most commonly seen in the north-temperate 
zone, where they are common in the flowers of Asteraceae and 
Poaceae, including cereal crops. In the warmer parts of the 
world, members of the Liothrips lineage are more abundant, 
feeding on the leaves of shrubs and trees and commonly causing 
them to distort, to roll, or to form discrete galls. Many species 
and genera have been described in this group, but there are few 
good studies on biology, host specificity, or structural variation, 
so that species recognition and generic classifications remain 
unsatisfactory. Species in the third major group, the 
Phlaeothrips lineage, feed on fungal hyphae on dead branches 
or in leaf litter. Again, many exhibit complex allometry in males, 
form colonies, and are subsocial. The complexity of variation 
in structure within and between sexes is such that males and 
females can sometimes not be recognized as belonging to the 
same species unless observed alive within a single colony. 


Thripidae 


In contrast to the other Terebrantia, adults of all 1700 thripid 
species have slender emergent, simple or forked, sense cones 
located on the third and fourth segments of the antennae. The 


greenhouse thrips, Heliothrips haemorroidalis, is placed in the 
subfamily Panchaetothripinae, together with about 120 related 
species that have a body and legs heavily reticulate. Similar small 
numbers of species are placed in two further subfamilies, 
Dendrothripinae and Sericothripinae, but most thripids are 
placed in the Thripinae. This subfamily includes most of those 
flower-living insects that are commonly recognized as thrips, 
particularly the 450 members of two genera, Thrips and 
Frankliniella, many of which are important crop pests (Fig. 1D). 


Aeolothripidae 


The 200 species in this family all have nine-segmented antennae 
with at least the last three segments closely joined, and the 
sensoria on the third and fourth segments are almost always 
linear along these segments. Acolothripids are relatively large 
thrips, with the forewings broadly rounded at the apex and 
commonly banded black and white. Although they are probably 
all predatory on other arthropods, the common flower-living 
members of the genus Aeolothrips also feed on plant tissue, 
the only obligate predators being tropical species in the genera 
Franklinothrips, Mymarothrips, and possibly Stomatothrips. 


Melanthripidae 


The 60 species in this family are sometimes referred to the 
Acolothripidae, but they are all flower feeders, not predators. 
In contrast to aeolothripids, all nine antennal segments are 
distinct and bear transverse rows of microtrichia, and the 
sensoria on the third and fourth segments are linear around 
the apex. Moreover, remnants of an eighth sternite are visible 
on the abdomen, as in Merothripidae. 


Heterothripidae 


The 70 species recognized in this family are found only in the 
New World. The adults all have antennae with nine segments, 
and the sensoria on the third and fourth segments are contin- 
uous around the apex. Little is known about the biology of 
most of these species, but they probably all breed in flowers, 
some being known to be host-specific, and a wide range of 
plant families is involved. 


Minor Families 


The remaining four families in the Terebrantia include a total 
of fewer than 30 species. A single, widespread, tropical species 
is placed in the Uzelothripidae. This is presumed to be fungus- 
feeding and has a remarkable whip-like terminal antennal 
segment. The Adiheterothripidae includes two species from 
the western United States and four species from the flowers 
of date palms between the eastern Mediterranean and India. 
The Fauriellidae includes one species from California, two from 
southeastern Africa, and two from southern Europe. The family 
Merothripidae includes fewer than 20 species, mostly from 


South America, all of which feed on fungus on dead twigs and 
leaves. These are minute thrips, and they retain structural char- 
acter states that are presumed to be closest to the ancestral 
states of all Thysanoptera. 


LIFE HISTORY 


Reproduction in thrips is haplodiploid, which involves males 
having one-half the number of chromosomes of females and 
developing from unfertilized eggs. Despite this, several thrips 
species can produce females from unfertilized eggs, a process 
known as thelytoky. In a few common and widespread species, 
such as the greenhouse thrips H. haemorroidalis, males are rare 
or, as in the introduced basswood thrips, Thrips calcaratus, 
unknown. Larvae usually hatch within a few days, but in some 
of the larger Idolothripinae eggs develop while still in the abdo- 
men of a female and larvae hatch soon after the eggs are laid. 

There are two larval stages, both of which feed actively for 
about 2 to 5 days. In Terebrantia there are then two pupal 
stages with the antennal segmentation reduced or absent and 
the mouth parts nonfunctional. Wing rudiments can be seen 
in the first, the propupa, but are much longer in the second, 
the pupa. Tubulifera species are even more remarkable in that 
they all have three pupal stages. 

The site of pupation varies greatly among species. Some 
Thripidae and Phlaeothripidae pupate on leaves in association 
with their larvae, but more commonly pupae are found in leaf 
litter or on the trunks of trees. The pupae of Aeolothripidae, 
Heterothripidae, and even a few Thripidae are contained within 
a pupal cocoon that is spun by the second instar. Larvae in 
these species have stout tubercles near the posterior end of 
the abdomen that presumably assist burrowing into the soil. 

Species that are host-specific within the flowers of partic- 
ular plants are usually univoltine. Related polyphagous species 
often breed continuously as long as conditions remain suitable. 
Overwintering stages are usually pupae, or adults, but the citrus 
thrips, Scirtothrips citri, overwinters as eggs in leaves and shoots. 


FEEDING 


Little difference is evident between phytophagous, predatory, 
and fungus-feeding species in the structure of their feeding 
stylets. The two maxillary stylets fit together along their 
length with a tongue-and-groove system, and their apices are 
linked with slender finger-like projections around a subapical 
feeding aperture. Only in the spore-feeding Idolothripinae are 
the stylets clearly adapted to the food consumed, being excep- 
tionally broad to facilitate the ingestion of whole spores. 

The only obvious difference in the stylets between species 
is their length. Among the Terebrantia, the maxillary stylets 
are short and restricted to the mouth cone, but in many 
Phlaeothripidae the stylets are deeply retracted into the head, 
sometimes as far as the eyes, and lie close together along the 
midline. In a few species the stylets are longer than the total 
body length and are coiled within the head. 
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When feeding, a thrips initially makes a hole by extruding 
the single mandible, a solid needle-like structure. The mandible 
is then withdrawn, and the maxillary stylets are inserted into 
the food source through the hole, saliva being pumped into the 
tissues and the resultant fluid being pumped back into the 
thrips’ crop. In contrast to the independent salivary and feeding 
channels of an aphid or similar bug, a thrips has a feeding 
tube with only a single channel. 

In those thrips species that transmit tospovirus diseases to 
plants, the virus is acquired only by a first, or early second, 
instar. The virus is taken up from an infected cell when a 
larva feeds and passes into the gut and through the gut wall. 
Ultimately, the virus reaches the salivary glands of the adult, 
from where it is then reinjected into a plant. Although an 
adult may take a tospovirus into its gut, the virus is not able 
to pass through the gut wall and reach the salivary glands, so 
that no adult can acquire and then transmit a tospovirus. 
Viruliferous adult thrips must have acquired the virus when 
they were larvae. 


HOST RELATIONSHIPS 


Almost nothing is known of host specificity in fungus-feeding 
thrips. In Europe, certain species of the phlaeothripine genus 
Hoplothrips are associated with Stereum fungi on dead branches 
of trees. Those tropical species of Idolothripinae that have 
exceptionally broad stylets presumably feed on larger fungal 
spores than related species with slightly less broad stylets. Such 
details of thrips natural history are, regrettably, little studied. 
Even among phytophagous species, precise host relationships 
have rarely been established. In Europe, the host plants of most 
species in the genus Haplothrips are known—many living only 
in the flowers of a particular species of Asteraceae—but the 
plants on which the many tropical species of this genus breed 
remain unknown. Similarly, the host plant of not 1 of the 43 
endemic North American species of the genus Thrips has been 
determined. A major reason for this lack of sound biological 
information about thrips species lies in the dispersive activity 
of adults, these sometimes being found in very large numbers 
on plants on which they cannot breed. 

Despite the inadequacy of field studies, some host-plant 
relationships are well established. For example, the Palearctic 
species of Odontothrips breed only in flowers of the family 
Papilionaceae, and the Old World tropical species of Mega- 
lurothrips also breed in such flowers. Similarly, Dichromothrips 
species live on Orchidaceae in the Old World; Projectothrips 
species live only in the flowers of Pandanus, the screw pines of 
the Old World tropics; and all four species of the adi- 
heterothripid genus Holarthrothrips live only in the flowers of 
the date palm, Phoenix dactylifera. The Poaceae has a particu- 
larly rich fauna of Thripidae, with Aptinothrips and Limothrips 
being specific to grasses in the Palearctic; Stenchaetothrips, 
Fulmekiola, and Bregmatothrips specific to grasses in the tropics; 
and. Chirothrips and Arorathrips breeding in grass flowers in 
many parts of the world. 
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In contrast to these host associations at genus level, some 
thrips genera show an entirely different pattern of host exploita- 
tion, with each species using as host some entirely unrelated 
plant. In the New World genus Echinothrips, one species lives 
on a species of Se/aginella (Lycopsida), another lives on the 
needles of 7swga (Pinaceae), a third lives on various soft-leaved 
plants in Euphorbiaceae and Balsaminaceae, and a fourth is 
polyphagous with no clear host associations. 

Host plant data are particularly weak in the Phlaeothripi- 
dae, many species being known only from single samples, 
particularly in the tropics. However, in Australia one suite of 
about 200 species of Phlaeothripinae is associated only with 
Acacia, and this suite of species appears to represent a single 
evolutionary lineage. This close association between a thrips 
lineage and one plant genus is remarkable, particularly so 
when the richness of the Australian flora and the complete 
absence of Phlaeothripinae from the leaves of any of the 900 
species of Eucalyptus, the second largest plant genus in 
Australia, are considered. 


FLIGHT AND DISTRIBUTION PATTERNS 


Adults of both phytophagous and mycophagous species can 
be observed in warm weather climbing to the tops of plants 
such as grasses or climbing up dead twigs. They spread their 
wings, and in Terebrantia the marginal cilia are combed from 
a parked position parallel to the wing margin into a flight 
position at right angles to the wing. Many species then 
actively jump into the air and fly vertically upward. Despite 
this activity, the dispersal of thrips is presumably determined 
primarily by air currents, and even wingless individuals are 
dispersed widely by the wind. Wingless species on the 
mountains of southeastern Australia are recorded dispersing 
to the northern part of South Island, New Zealand, a dis- 
tance of more than 1600 km across the Tasman Sea. Such 
dispersal is probably not entirely fortuitous, but is a function 
of the behavior of particular species. Some species, such as 
Frankliniella schultgei in Australia, seem to be particularly 
prone to long-distance migration flights. In contrast, the 
extensive dispersal of the western flower thrips, Frankliniella 
occidentalis, around the world is probably due mainly to the 
horticultural trade. 

The worldwide distributions of many thrips species are 
primarily the result of human trading patterns. For example, 
Chirothrips species pupate within the glumes of grass florets 
and have thus been distributed around the world in 
commercial grass seed. Other grass thrips were widely 
distributed in hay used to feed animals on sailing ships 
during the period of colonial expansion. Thus some members 
of the European genera Aptinothrips and Limothrips can now 
be found in temperate zones all over the world, including 
mountains in tropical countries. Similarly, orchids, bananas, 
and sugarcane, all of which are transported and planted from 
plant parts, not seeds, have been accompanied around the 
world by their pest thrips species. The vast increase in the use 


of air transport by the horticultural trade since 1980 is 
expanding the distributions of pest thrips around the world. 

Despite these disrupted patterns of thrips distribution, 
there remain several natural distribution patterns that are of 
interest. The family Heterothripidae is confined to the New 
World, and most species of Merothripidae are restricted to 
that area. In contrast, the genus Thrips, with more than 270 
species worldwide, has no species native to the Americas 
south of Mexico, and the genus Frankliniella, with more than 
180 species, includes very few that have a natural distribution 
anywhere outside the New World. Presumably these two 
advanced genera of Thripinae evolved at about the time that 
the American continent separated from Europe; the presence 
of the Heterothripidae only in the New World may also 
suggest a relatively recent origin for that family. 

Within the Melanthripidae, the genus Dorythrips has 
three species in southern South America and two in Western 
Australia, and Cyanothrips has one species in South Africa 
and several in Australia. Within the Aeolothripidae, the 
Cycadothripinae and Dactuliothripinae are considered sister 
groups. Species of the first live only in Australia, in the cones 
of Macrozamia cycads, whereas the second is found only along 
the western side of the American continent in the flowers of 
various plants. Among the more advanced Acolothripidae, the 
two genera Acolothrips and Desmothrips are ecological and mor- 
phological counterparts of each other, the first restricted to 
the Holarctic, the second to Australia. 

Among the Phlaeothripidae, geographical patterns of distri- 
bution are less clear. Some smaller genera are restricted either 
to the Western or to the Eastern Hemisphere, but larger genera 
are more widely distributed. The leaf-feeding members of the 
genus Liothrips are found throughout the tropics, including 
the Pacific region, although they have been little studied in the 
Neotropics. The large species of the genus Elaphrothrips, all 
of which feed on fungal spores, are found widely throughout 
the tropics, being replaced east of Wallace’s Line by members 
of the genus Mecynothrips. 


BEHAVIOR 


In Terebrantia, males are usually much smaller than females, 
whereas in Tubulifera males are commonly much larger than 
females. These differences are related to different patterns of 
behavior. In fungus-feeding phlaeothripids, it is not uncom- 
mon for a male to defend a female and the egg mass that she 
produces or, alternatively, for a male to defend a single egg mass 
to which various females contribute after first mating with 
him. These strategies lead to competitive behavior between 
individual males, involving flicking with the abdomen to 
displace a rival or even stabbing with foretarsal teeth to kill a 
rival. Moreover, while large males are involved in such com- 
petitive activities, smaller males may sneak-mate. Clearly 
there is a balance of advantages, between developing into a 
small male on a restricted food supply and requiring more 
food and developing a larger body. 


Competition between males is possibly a plesiotypic 
behavioral trait in Thysanoptera, because in the basal clades 
Merothripidae and Aeolothripidae males of some species are 
polymorphic and presumably competitive. In Merothrips and 
Cycadothrips species the largest and smallest males differ con- 
siderably in body size and in the strength of their forelegs and 
abdominal setae. Male competitiveness also occurs in some 
Thripidae, including the pest species F occidentalis. Males of 
Kelly’s citrus thrips, Pezothrips kellyanus, a pest of citrus in 
Australia and the Mediterranean, form leks on ripe lemons, and 
females are attracted to these male aggregations for mating. 


THRIPS DOMICILES 


The term “domicile” is used to include both leaf galls that are 
induced by thrips and the shelters that many Australian 
Phlaeothripinae construct by fixing leaves together with glue 
or silk. Gall induction by thrips, mainly by species of 
Phlaeothripinae, is widespread in tropical countries although 
inadequately recorded in the Neotropics. Galls range from 
simple rolled leaves containing a few thrips to highly contorted 
masses of leaf tissue enclosing up to 10,000 adults and larvae. 
In most gall-inducing thrips from the Oriental Region there 
is little sexual dimorphism, whereas gall thrips on Acacia and 
Casuarina trees in Australia exhibit considerable variation both 
between sexes and between long- and short-wing morphs. 

In some phlaeothripines on Acacia in Australia, the gall 
foundress is a fully winged female, but the eggs she lays first 
develop into short-winged adults of both sexes. These adults 
sometimes have reduced reproduction and act as soldiers to 
defend a gall while the foundress produces a second and larger 
generation that become winged adults. This behavioral stra- 
tegy falls within the definition of eusociality. 

The habit of domicile construction by thrips is recorded only 
from Australia, in a suite of species on Acacia. At least 30 species 
are now known to form such shelters using a secretion from 
the anus. In some of these species the Acacia leaves, or more 
precisely phyllodes, are glued together in pairs at an angle, and 
the thrips breed within the space created by a ring of glue and 
the two phyllode surfaces. In other species the secretion is more 
silken in form, and this silk is used to sew together two or more 
phyllodes enclosing a small space within which the thrips breed. 
At least two species are known to use this silken material to weave 
a tent on one surface of a phyllode within which to breed. 

These Australian thrips domiciles, whether galls or con- 
structs, are evidently of great value in ecosystems with high 
temperatures and low humidities. As a result, a range of 
kleptoparasitic species has evolved, each of which has a 
different method of trying to usurp a domicile. These methods 
of driving out the original inhabitants range from a frontal 
assault with sharp foretarsal teeth to a porcupine-like action of 
the abdomen which bears many stout setae. A few Australian 
Acacia thrips species seem to have evolved into true inquilines, 
in that they breed within the colony of a domicile producer 
without unduly disturbing the original inhabitants. 
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POLLINATION 


Thrips are sometimes abundant in flowers, their bodies often 
bear large numbers of pollen grains, and they can fly actively 
between flowers. Despite this, their function as pollinators, 
even their presence, is frequently overlooked; no less than 
Charles Darwin complained of thrips interfering with his 
experiments on larger pollinators! Thrips have been demon- 
strated to be pollinators in a wide range of flowers: heather 
plants in the north of the Northern Hemisphere, dipterocarp 
trees in Malaysia, a rain forest tree in eastern Australia— 
Wilkiea huegeliana (Monimiaceae), the Panama rubber 
tree—Castilla elastica (Moraceae), and several Macrozamia 
cycad species in Australia. 

Although a thrips individual does not carry a large pollen 
load, the large number of thrips in each flower, each one carry- 
ing between 10 and 50 pollen grains, is enough to deliver pollen 
to many stigmatic surfaces. Despite this, thrips probably remain 
the most underestimated of all flower pollinators, the majority 
of botanists failing to see these small insects, let alone consider 
their significance. 


PEST SPECIES 


In general, the only thrips that are noticed by nonspecialists are 
pest species. Most pest thrips are members of the Thripidae, 
although particular phlaeothripid species cause leaf damage 
on a wide range of plants in the warmer parts of the world, 
including decorative Ficus trees, black pepper vines, and olives. 
In the Northern Hemisphere cereal crops are also damaged 
by a phlaeothripid species. In contrast there are many thripid 
species that attack cultivated plants, and some of these cause 
serious economic losses. 

Citrus production in both California and southern Africa 
can suffer considerable losses because of downgrading of 
scarred fruit on which thrips have been feeding. The value of 
a nectarine can be seriously reduced through a single thrips 
larva feeding on the fruit when it is young. Cucumbers, 
capsicums, and strawberries are badly distorted at times 
because of the feeding activity of thrips. Roses, carnations, 
and chrysanthemum flowers can be devalued through thrips 
feeding damage, and table grapes burst and become fungal- 
infected through thrips oviposition scars. 

Worldwide, there are four species of thripids that are 
particularly significant as pests: the onion thrips (Thrips 
tabaci), the melon thrips (Thrips palmi), the tomato thrips 
(Frankliniella schultzei), and the western flower thrips (E 
occidentalis). Feeding by each of these species can cause severe 
damage on some crops, but the most serious damage asso- 
ciated with them is due to the tospoviruses they can transmit. 
More than 12 of these viruses have been described, and 
although they cause damage only to plants it is evident from 
their molecular structure that they are members of the animal 
virus family Bunyaviridae. The origin of the plant infections 
remains unknown, but each tospovirus is dependent for its 
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continued existence on being transmitted from one plant to 
another by one or more of 10 thrips species. 


See Also the Following Articles 
Gallmaking « Mouthparts ¢ Plant Diseases and Insects 
Rostrum 
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T icks comprise a distinct group of exclusively blood-feeding 
ectoparasites familiar to most people in virtually all regions 
of the world. Ticks transmit a greater variety of disease-causing 
pathogenic agents than any group of arthropods, including 
protozoan, viral, bacterial, and even fungal pathogens. An exam- 
ple is Lyme disease (LD), which is now the most important 
vector-borne disease of humans in the United States, Europe, 
and Asia. In numerous countries in tropical and subtropical 
regions of the world, tick-borne diseases of livestock such as 
babesiosis, theileriosis, and heartwater, have made it difficult 
or impossible to raise domestic animals for food or animal 
products. Ticks also can cause irritating or even fatal injury 
to humans and animals because of paralysis, toxicity, or 
severe allergic reactions to their bites. 


BODY STRUCTURE 


The tick body is organized into two major body regions, the 
anterior capitulum, bearing the mouthparts, and the idiosoma, 
which bears the four pairs of walking legs (Figs. 1, 2). There is 
no head, and the highly fused body is not divided into a thorax 
and an abdomen. The capitulum contains the toothed hypo- 





FIGURE 1 Scanning electron micrographs of a representative adult female 
ixodid tick, D. variabilis: (A) dorsal view and (B) ventral view. Scale = 1 mm. 


stome, which embeds the tick into the host’s skin and also 
contains the food canal for blood imbibition, the chelicerae, 
delicate paired appendages that cut into the skin, and the four- 
segmented paired palps that provide important sensory informa- 
tion for host identification. In argasid ticks, the capitulum is 
recessed under an anterior extension of the body. The remainder 
of the body contains the genital pore, anus, and spiracles, which 
are visible on the ventral surface. In ixodid ticks (so-called hard 
ticks), a prominent platelike scutum is found on the dorsal sur- 
face. Argasid ticks (so-called soft ticks) are similar to the ixodid 
ticks but lack a scutum, and the body cuticle is leathery. 
The interior of the tick body is a simple, open cavity 
called the hemocoel that is filled with a circulating fluid, the 
hemolymph, which bathes the internal organs. In ticks, as in 
other terrestrial arthropods, there is no hemoglobin, and the 
hemolymph does not function in oxygen transport. Most of 
the body interior is occupied by the midgut, the largest 
internal organ of the tick body, which consists of a central 
saclike stomach and several lateral diverticuli. Other promi- 
nent internal organs are the paired salivary glands, which 





FIGURE 2 Scanning electron micrographs of a representative adult female 
argasid tick. O. parkeri: (A) dorsal view and (B) ventral view. Scale = 1 mm. 


appear as white grapelike clusters, and the reproductive organs. 
In females, these are the ovary, paired oviducts, uterus, and 
seminal receptacle, and the vagina that connects the system 
to the genital pore. During feeding, the ovary enlarges and 
becomes distended with large, brown or amber-colored eggs. 
In males, the reproductive system consists of the testis, vasa 
deferentia, and seminal vesicle, and the ejaculatory duct, which 
is connected to the genital pore. Much of the system is 
obscured by the large, white multilobed accessory gland. This 
gland provides the components for the saclike spermatophore 
that the male tick uses to transfer its sperm to the female. 
Also present are numerous tracheal tubes, connected to the 
marginal spiracles, that provide the respiratory system, and the 
Malpighian tubules and rectal sac, connected to the anal pore, 
for waste elimination. Argasid ticks have a pair of coxal glands 
that excrete via the coxal pores excess water and salts accu- 
mulated during feeding. The fused central nervous system, the 
synganglion, is located in the body above the genital pore. 


SYSTEMATIC RELATIONSHIPS 


Ticks are classified with the class Arachnida, the group that 
contains the familiar spiders and scorpions. Arachnids have 
chelicerae, which are appendages with pincerlike or scissorlike 
cutting edges, instead of mandibles. There is no head or thorax 
such as occurs in insects. There are no antennae. Ticks are 
grouped together with the mites in the subclass Acari. Ticks 
constitute a distinct suborder, the Ixodida, within the acarine 
order Parasitiformes. The Ixodida contains three families, the 
Ixodidae, Argasidae, and Nuttalliellidae. The Ixodidae or hard 
ticks are by far the largest of the different families of ticks, with 
approximately 650 species. Ixodid ticks have three active life 
stages, including a single nymphal stage. Hard ticks contain 
most of the important disease vectors and pest species that 
plague livestock and wildlife. The Ixodidae are further subdi- 
vided into the Prostriata, represented by the single genus Lxodes, 
which is easily recognized by the anterior anal groove, and the 
Metastriata, which include the remaining 13 genera, in which 
the anal groove is posterior to the anal aperture. The Ixodidae 
include the ticks that transmit the agents of LD, Rocky 
Mountain spotted fever, bouteonneuse fever, babesiosis and 
theileriosis of livestock, and most of the other tick-borne 
disease-causing agents. 

The Argasidae comprise the soft ticks, with their leathery, 
highly flexible cuticle. There are approximately 170 species 
divided into five genera (four according to some authorities). 
Soft ticks also have three active life stages, but most species 
have multiple nymphal stages before they develop into 
adults. Ticks of the genus Ornithodoros (> 100 species) have 
a leathery cuticle with innumerable small elevations known 
as mammillae and a rounded body margin. Ticks of the 
genus Argas (~ 58 species) have a flattened lateral margin 
marked by a sutural line. The leathery cuticle bears small 
ridges and folds in a rectangular pattern, each with a pit at 
the center of these buttonlike enclosures. Except for species 
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that transmit the spirochetes that cause relapsing fever, most 
soft ticks are not important in the transmission of disease. 

The third family of ticks is the monospecific family 
Nuttalliellidae, represented by only one species, Nuttalliella 
namaqua, in southern Africa. It contains structures charac- 
teristic of both other tick families. Its highly wrinkled cuticle 
with pits and elevations resembles the cuticle of argasid ticks, 
but its dorsal pseudoscutum resembles the scutum of the 
ixodid ticks. 

Ticks are an ancient group of specialized acarines that 
were already well developed during the Mesozoic era (i.e., the 
era of the dinosaurs). A larval tick found in amber in New 
Jersey, was dated between 90 and 94 mya (i.e., during the 
Upper Cretaceous period). Although exhibiting some unusual 
characteristics in its setal arrangements, the tick was readily 
characterized as a member of the genus Carios, a genus that 
exists today. This finding suggests that this genus at least (and 
perhaps other argasid ticks) has not changed very much in 
many millions of years. 


TICK BIOLOGY: LIFE CYCLES, FEEDING 
BEHAVIOR, DEVELOPMENT, 
AND REPRODUCTION 


The tick life cycle comprises the egg and three active stages, 
namely, larva, nymph, and adult. There is only a single 
nymphal instar in the ixodid tick life cycle, but varying 
numbers of nymphal stages may occur in the argasid tick life 
cycles. All ticks feed on blood during some or all stages. Most 
species are three-host ticks; that is, each stage attacks hosts, 
feeds, and detaches before developing into the next life cycle 
stage. Adult ticks seek hosts, feed, and, in the case of 
engorged females, drop off to lay their eggs. Ticks can survive 
for long periods between blood meals. Consequently, when 
feeding is delayed, the life cycle may be extended for years or, 
in the case of some argasids, for a decade or longer. There are 
major differences between the life cycles of the Ixodidae and 
the Argasidae, as discussed next. 


Life Cycles of Ixodid Ticks 


The ixodid ticks feed slowly, from several days to as long as 2 
weeks. Immature and adult ticks each take a blood meal, 
except for the nonfeeding males of some species. After crawling 
onto their hosts, these ticks embed their mouthparts into the 
host skin and secrete cement from their salivary glands into 
and around the wound site to anchor themselves. The cement 
binds the ticks firmly in place and makes them very difficult 
to remove. During blood feeding, the ticks secrete potent anti- 
coagulants and anti-inflammatory agents, which suppress host 
wound healing and facilitate blood flow. As the ticks feed, new 
cuticle is synthesized to accommodate the enormous blood 
meals the animals consume, often 10 to 100 times their 
original body weight. Females feed only once. Mating occurs 
during feeding, although ticks of the genus Jxodes may also 
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mate prior to host attachment. In the metastriate Ixodidae 
(i.e., ixodids other than ticks of the genus Jxodes), mating 
occurs within a few days after the commencement of feeding 
and is regulated by sex pheromones, including the volatile 
2,6-dichlorophenol and the nonvolatile cholesteryl esters on 
the body surface. Following mating, females suck blood rapidly 
(24-48 h) and swell enormously, whereupon the replete 
females drop from their hosts, find a sheltered location, and 
lay thousands of eggs. An example is the American dog tick, 
Dermacentor variabilis, which typically lays more than 5000 
eggs. Following oviposition, the female dies. In contrast to 
the females, males swell only slightly during feeding. However, 
they can mate many times, feeding between matings. In certain 
species of Ixodes, mating may occur either on or off the host 
(e.g., the blacklegged tick, Ixodes scapularis, or the sheep tick, 
L. ricinus). In some nest-inhabiting /xodes species, the males have 
vestigial hypostomes. These ticks always mate off the host. 

Once oviposition has been completed, the larvae hatch in 
the thousands and begin host-seeking activity. Except for the 
nest-inhabiting species, the larvae disperse into the vegetation, 
where they come in contact with passing animals. Once they 
have attached to a host, the larvae embed themselves into the 
host skin, form a feeding pool, and engorge in the manner 
already described. Feeding usually takes 2 to 4 days, where- 
upon the engorged larvae drop from their hosts to molt on the 
ground. Molting usually occurs in some sheltered microhabitat 
such as soil or leaf litter, or in host nests. After molting, 
nymphal and adult ticks must seek another host and feed. 
However, more than 90% of the life cycle is spent off the 
host. When host seeking and feeding occur in all three para- 
sitic stages, the pattern is termed a three-host life cycle. 

A few ixodid species exhibit a two-host or one-host life 
cycle. For example, in the camel tick Hyalomma dromedarii, 
both larvae and nymphs feed on the same host (two-host life 
cycle), and in the cattle tick Boophilus annulatus, all stages feed, 
molt, and even mate on the same host (one-host life cycle). 


Life Cycles of Argasid Ticks 


Feeding is very rapid among the argosid ticks. Once they have 
crawled onto a host, the ticks embed their mouthparts in the 
same manner as their ixodid relatives, but without secreting 
cement. Bloodsucking commences quickly and, as feeding 
progresses, the bloated ticks excrete copious quantities of a 
clear, colorless coxal fluid (some times this occurs soon after 
feeding). By eliminating excess water and salts via the coxal 
fluid, the ticks can concentrate their blood meals and adjust 
their internal water balance. The ticks expand to about 5 to 
10 times their original body weight, depending on the ability 
of the cuticle to stretch. Following feeding, often completed 
within as little as 30 to 60 min, the replete ticks drop off to 
molt or, if female, to lay eggs. Argasid females take repeated 
small blood meals and lay small batches of eggs (typically < 
500 eggs in a batch) after each feeding (multiple gonotrophic 
cycles). The interval between feedings is typically several 


months but may be up to several years, depending on host 
availability. Mating usually occurs off the host. Because of the 
multiple nymphal instars (six or even seven in some species), 
argasid ticks often live for many years. In addition, these ticks 
are highly resistant to starvation, an advantage that can 
extend their longevity even further. As a result, the entire life 
cycle may take from 10 to 20 years. 

Following oviposition and hatching, most argasid tick 
larvae seek hosts, feed rapidly, and molt to the first nymphal 
instar. These nymphs seek hosts again, feed rapidly, and molt 
to the second nymphal instar. Subsequently, the life cycle varies 
considerably, leading to additional nymphal instars or pro- 
ceeding directly to the adult stage. As a rule, males emerge 
earlier than females and have fewer nymphal stages. In some 
argasids, especially bat parasites, the larvae remain attached 
to their hosts for many days, feeding slowly, just like their 
ixodid tick relatives, and then molt twice without additional 
feeding. Thereafter, the life cycle resembles the typical argasid 
pattern. Another unusual species is Otobius megnini, which 
has only a single nymphal stage. Neither the males nor the 
females feed, and the females lay eggs without having had a 
blood meal (i.e., autogeny). 


ECOLOGY 


Most ticks are exophiles (i-e., nonnidicolous, living exposed 
in the open environment rather than in shelters). Most ticks 
live in forests, savannahs, brush, grassy meadows, or under 
stones, crevices, or even in sand in semidesert environments. 
Others, however, are nidicoles, surviving in caves, burrows, 
houses, cracks, and crevices where their hosts obtain shelter. 
This habit is characteristic of most argasids and many species 
of the genus Lxodes. 


Seasonal Activity and Host-Seeking Behavior 


Exophilous ticks are active during certain periods of the year 
when climatic conditions are suitable for development and 
reproduction. During this seasonal activity period, they attack 
and feed on suitable animals. This is known as host-seeking 
behavior. At other times, ticks remain in diapause (i.e., a state 
of reduced metabolic activity). In temperate and subpolar 
regions, the seasonal activity period is regulated by ambient 
temperature, changing photoperiod, and incident solar energy. 
Tick seasonal activity usually commences with the onset of 
warmer weather and increasing daylength. In what is termed 
the ambush strategy, hungry ticks climb on the vegetation to 
varying heights, depending on life stage (e.g., adults climb the 
highest) and cling to any passing animals. In some species, the 
ticks emerge from their shelters and run toward their hosts 
when they detect animal odors (or, rarely, noise) from animals 
nearby. This so-called hunter strategy is useful in arid habitats, 
where there is little vegetation or source of other moist, pro- 
tective covering. Argasid ticks normally do not exhibit seasonal 
activity, since they live in proximity to their hosts in nests, 


burrows, or other shelters. However, in some species specific 
for migratory birds or bats, host-seeking activity is synchro- 
nized with the period of the year when these hosts return to 
reoccupy their nests. 

For many ixodid ticks that occur in temperate or subarctic 
regions, seasonal activity begins in the spring. In D. variabilis, 
for example, larvae that survived the winter begin to feed on 
small mammals. Activity accelerates rapidly as increasing 
numbers of larvae, stimulated by rising soil temperatures and 
lengthening photoperiods, emerge to attack these animals, 
reaching the seasonal peak within a few weeks. Feeding by 
nymphal and adult ticks follows soon afterward, with the 
adult peak in early summer. In the southern parts of its range, 
the tick’s entire life cycle, from eggs to ovipositing females, is 
completed in one year. In the northern parts of the D. 
variabilis range, larval emergence is delayed until late spring. 
Moreover, the cooler soil temperatures and shorter daylengths 
delay molting of fed ticks. As a result, adults emerge from fed 
nymphs in late summer or early fall, when soil temperatures 
and incident solar radiation are declining, and this results in a 
two-year life cycle. Thus, both a one-year and a two-year life 
cycle can occur because of variations in climactic conditions 
within this wide-ranging species. 

In 1. scapularis, larvae and nymphs feed in the spring and 
summer, as in D. variabilis, whereas adults are active in the 
fall and early spring. However, the order of larval and 
nymphal feeding is the opposite of the dog tick. Nymphal 
ticks emerge from their overwintering diapause in spring or 
early summer, depending on the region of the United States 
where they occur. Larvae appear next, typically a month or 
two after the nymphal peak. Meanwhile, fed nymphs molt 
over the summer, but the newly emerged adults delay host- 
seeking activity until the cooler months of the fall or early 
winter. This life cycle pattern enables nymphs infected with 
Borellia burgdorferi to infect mice, providing thereby a 
reservoir of infected hosts to infect the next generation of 
larval ticks. The implications of these different tick life cycle 
patterns for the survival and transmission of zoonotic diseases 
are discussed further in the sections on specific diseases. 

Occasionally, ticks are active only during the winter months. 
An example is the winter tick, D. albipictus, a one-host tick that 
feeds on horses, deer, elk, moose, and other large ungulates. In 
this case, larvae commence host-seeking activity in late summer 
or early fall. Larvae and nymphs feed and molt on the same hosts 
and the resulting adults reattach, feed, and mate. Feeding and 
development require many weeks for completion, even though 
these activities occur on the same host and, as a result, the adults 
are often found on their ungulate hosts in winter or early spring. 
In D. albipictus declining photoperiod stimulates feeding 
activity, just the opposite of the pattern seen in D. variabilis. 


Host Specificity 


Host-seeking activity is strongly influenced by the availability 
of hosts and host selection behavior. All ticks species exhibit 
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varying degrees of host specificity; most (> 85%) exhibit 
relatively strict host specificity. At one extreme are the argasid 
ticks that feed exclusively on bats (e.g., ticks of the genus 
Antricola and certain species of Ornithodoros). For example, 
during his graduate student years, Sonenshine colonized the 
bat tick, Ornithodoros kelleyi, in the laboratory. To feed the 
ticks, he had to maintain a colony of bats collected from 
limestone caves or attics of old buildings. No other hosts 
would do. Similarly, the cattle ticks Boophilus microplus and 
B. annulatus feed solely on cattle and, when available, on 
white-tailed deer. Other species exhibit limited host specificity 
(e.g., D. variabilis). Larvae and nymphs of D. variabilis feed 
on a wide range of small mammals (e.g., white-footed mice, 
meadow voles, etc.), but never on carnivores, ungulates, 
humans, or other large mammals. In contrast, adults of this 
species feed on medium-sized and large mammals, including 
humans (although they can be induced to feed on rodents 
when confined in capsules). Finally, at the opposite extreme of 
the specificity spectrum are the opportunistic species that feed 
on hosts of virtually all types, (e.g., 1. scapularis and I. ricinus). 
Immatures feed on lizards, birds, and small, medium-sized, 
and large mammals, including deer and humans. Adults feed 
on medium-sized and large mammals, including humans. 
Although the range of confirmed hosts is astounding, even 
these opportunistic ticks have preferred hosts (e.g., mice for 
the immatures; deer, sheep, and other mammals for the adults). 
Host specificity also is strongly influenced by ecological 
adaptations, so that ticks adapted to a particular habitat in a 
given region of the world will encounter only vertebrates 
adapted to the same habitat. 

As tick-host associations evolved, ticks gradually developed 
the ability to facilitate long-term feeding by evading or sup- 
pressing host homeostatic systems. For example, 1. scapularis 
saliva contains pharmacologically active compounds that sup- 
press edema and inflammation in their hosts while enhancing 
vasodilation. This leads to greater blood flow into the wound 
site without the pain and intense itching sensation so charac- 
teristic of the bites of mosquitoes or biting flies. These adap- 
tations are most effective for the hosts encountered most 
frequently by each tick species, so-called preferred hosts, but 
less effective for uncommon hosts. 


Survival between Blood Meals 


One of the most remarkable aspects of tick biology is the 
ability to survive for long periods between blood meals. The 
tick’s midgut serves as a storage organ where the blood meal 
is digested slowly over long periods. Among the argasids, indi- 
viduals may survive for several years without feeding while 
waiting for the occasional wandering hosts that enter their 
secluded shelters. Among the exophilous ixodids, survival 
periods are much shorter, but even these ticks may survive for 
up to one year between blood meals. According to a study by 
Needham and Teel in 1991, ticks spend more than 90% of 
their life history off the host. 
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Ticks also must conserve body water to survive while they 
wait for hosts. While questing (i.e., perching for attack) on 
short stems, blades of grass, or other vegetation, ticks are 
exposed to desiccating conditions that can become life 
threatening within a few days or weeks, depending on the 
species. Among the desiccation-intolerant 1. scapularis and I. 
ricinus, which are adapted to cool, humid forest habitats, 
desiccated individuals retreat to the forest floor or rotting 
vegetation at the base of a meadow. In these nearly saturated 
humid microenvironments, they can restore their water 
balance by a process known as atmospheric sorption, in which 
the partially desiccated ticks salivate salt-rich secretions onto 
their hypostomes. This hygroscopic secretion collects moisture, 
which is sucked back into the body. Since, however, the process 
demands a considerable expenditure of energy, the number 
of cycles of desiccation and sorption is limited as the tick’s 
age. Other species, such as the relatively desiccation-tolerant 
Hyalomma asiasticum, can survive for long periods in the 
semidesert habitats in central Asia, where it waits for passing 
camels and other large ungulates. Nidicolous ticks, sheltering 
in caves, burrows, or other protected microenvironments, are 
subject to less stressful conditions during the long wait 
between hosts. These ticks exhibit behavioral patterns that 
restrict their distribution to these sheltered locations. 


REPRESENTATIVE TICK-BORNE DISEASES 


In view of the exceptionally large variety of diseases caused by 
tick-borne pathogens and injurious substances, this section is 
limited to a brief description of several representative exam- 
ples, with primary emphasis on development of the infection 
in the tick and tick vector ecology. For a more extensive review, 
the reader may wish to consult books by Sonenshine and 


Strickland, or review articles, for information on the specific 
diseases. Table I lists some representative tick-borne diseases 
affecting humans and animals. 


Lyme Disease 


The most common tick-borne disease affecting human health 
in the world today, LD occurs throughout most of the United 
States and southern Canada, Europe and northern Asia. The 
disease is caused by B. burgdorferi (sensu latu), a type of bac- 
terium known as a spirochete. B. burgdorferi is the causative 
agent of LD in most of the United States. A second 
genospecies, B. lonestari, was isolated from lone star ticks in 
the southeastern United States, but the relationship of these 
spirochetes to LD in humans is uncertain. In Europe, LD is 
caused by B. afzelii and B. garinii as well as B. burgdorferi. 
In humans, LD results from the bite of an infected tick, 
either a nymph or adult of the genus /xodes. The tick must 
have remained attached for several days to allow for the 
bacteria to travel from the tick’s midgut to its salivary glands 
and into the wound site. Symptoms begin several days to 
several weeks later. Onset of illness is characterized by mild, 
flulike fever and, in most patients, a reddish skin rash, known 
as the erythema migrans (EM). The typical EM rash is a 
gradually expanding circular or elliptical lesion with a red 
margin and clear center, at least 5 cm or more in diameter, 
and often near the site of the tick bite. Some patients show 
multiple EM rashes. If left untreated in this early stage, the 
fever abates, the rash fades, and the patient may recover 
without any further symptoms. Often, however, the bacteria 
remain in people’s bodies and spread into the nervous system 
and joints, where they cause the long-lasting secondary 
symptoms of chronic LD. Late manifestations include 


TABLEI Representative Tick-Borne Diseases, Their Causative Agents, Tick Vectors, and Reservoir Hosts 
Disease Causative agent Primary tick vector species Affected hosts Major clinical symptoms 
Protozoan 
Human babesiosis Babesia microti, B. divergens, Ixodes scapularis, I. ricinus Humans Malaria-like fevers, myalgia, 


B. gibsoni arthralgia, nausea, sweating 
Bovine babesiosis B. bigemina Boophilus annulatus, Cattle Hemoglobinuria (redwater) 
B. microplus, others fever, death 

East Coast fever Theileria parva Rhipicephalus appendiculatus Cattle, buffalo Fever, lymphadenopathy, 
pulmonary edema 

Tropical theileriosis T. annulata Hyalomma anatolicum Cattle, horses Fever, lymphodenopathy, 
pulmonary edema 

Feline cytauxzoonosis Cytauxzoon felis Dermacentor variabilis Cats Fever, emaciation, 
splenomegaly, death 

Bacterial, extracellular 
Tularemia Francisella tularensis Haemaphysalis Humans, various Fever, headache, pustular, 


leporispalustria, 
other tick species 


Lyme disease Borrelia burgdorferi, 
B. afzelii, B. garinii, 


L. persulcatus, others 


Ixodes scapularis, 
L. ricinus, I. pacificus, 


other mammals ulcerated papulae; 
pneumonia, pleuritis, rash; 
however few deaths 
Humans, dogs, cats, Initial phase: fever, EM rash 
domestic animals Chronic phase: arthritis, 


neurologic symptoms 


(Continues) 
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TABLEI (Continued) 
Disease Causative agent Primary tick vector species Affected hosts Major clinical symptoms 
Tick-borne Borrelia spp. Ornithodoros spp. Humans Intermittent fevers, chills, 
relapsing fever fatigue, myalgia, arthralgia; 
generally mild illness; 
death rare 
Avian spirochetosis B. anserina Argas persicus Birds Fever, death 


Epizootic bovine abortion Unknown, possibly 


abortion 


B. coriaceae 


Bacterial, intracellular (Rickettsiales) 


Rocky Mountain fever 


Boutonneuse fever® 


Human monocytic 
ehrlichiosis (HME) 
Human granulocytic 
ehrlichiosis (HGE) 
Tick-borne fever 
(sheep pyemia) 
Canine ehrlichiosis 


Heartwater 
Anaplasmosis 


Q fever 


Arborviruses 


Tick-borne encephalitis 


Powassan encephalitis 


Colorado tick fever 


Crimean—Congo 
hemorrhagic fever 


Louping ill 


African swine fever 


Tick-caused diseases 
Tick paralysis 


Tick bite allergies 


Sweating sickness 
(and other tick 
toxicosis) 


Rickettsia rickettsti 
Rickettsia conorii 
Ehrlichia chaffeensis 
Ehrlichia phagocytophilia 
E. phagocytophilia 


E. canis, E. ewingli, 


E. phagocytophilia 
Cowdria ruminantium 


Anaplasmosa marginale, 
A. centrale, A. ovis 
Coxiella burnettii 


Flavivirus’ 


Flavivirus® 


Coltivirus® 


Nairovirus’ 


Flavivirus’ 


Tridovirus 


Tick proteins 


Tick proteins 


Tick proteins 


“Also known as Mediterranean spotted fever. 


“Family Flaviviridae. 
‘Family Reoviridae. 


“Family Bungaviridae. 


Ornithodoros coriaceus 


Dermacentar variabilis, 
D. andersoni, others 

R. sanguineus, D. reticulatus, 
others 

Amblyomma americanum, 
D. variabilis 

Ixodes scapularis, I. pacificus, 
L. ricinus 

I. ricinus 


R. sanguineus, I. ricinus, 
A. americanum, others 


Amblyomma hebraeum, 
A. variegatum, others 
D. andersoni, D. occidentalis, 
R. sanguineus, others 
Many tick species 


L. ricinus, I. persulcatus 


Ixodes, Dermacentor, 


Haemaphysalis spp. 
D. andersoni 


Hyalomma m. marginatum, 
H. m. rufipes, others 


Ixodes ricinus 


Ornithodoros moubata 
porcinus, O. erraticus 


L. holocyclus, I. rubicundus, 
D. variabilis, 
D. andersoni, others 
Argas reflexus, O. cariaceus, 
L. pacificus, etc. 


H. truncatum, O. savignyi, 
O. lahorensis, A. persicus 


Cattle, deer 


Humans 
Humans 
Humans 
Humans 
Sheep 


Dogs 


Ruminants 


Cattle, sheep, other 
ruminants 

Humans, large domestic 
livestock 


Humans, carnivores 


Rodents, hares, etc. 


Rodents, humans, 
domestic animals 
Hares, humans, small 
mammals, others 


Sheep 


Domestic pigs, wild boars, 


warthogs 


Cattle, sheep, humans, 
other mammals 


Humans 


Cattle, sheep, others 


Fever, spontaneous abortion 


High fevers, spotted 
whole-body rash 

High fever, rash, ulceration at 
bite site (eschar) 

Fever, rash (sometimes), 
muscle aches, joint aches 

Fever, rash (sometimes), 
muscle aches, joint aches 

Fever, weight loss, reduced 
milk production, abortion 

Fever, loss of appetite, weight 
loss, apathy, death in 
severe cases 

Fever, “pedaling behavior”, 
prostration, coma, death 

Fever, anemia, death 


Low-grade fever, sweating, sore 
throat, pneumonia, severe 
frontal headache, myalgia, 
photophobia 


Fever, headache, encephalitis, 
meningitis, paralysis; death 
in severe cases 

Fever, headache, encephalitis, 
neurological symptoms, 
brain damage, death 

Biphasic fever, headache, 
muscle aches, joint pain 

Fever, chills, headache, internal 
bleeding, rashes; death in 
severe cases 

Fever, erratic, louping gait, 
loss of motor encephalitis, 
death 

Fever, internal damage; death 
in most cases 


Ascending paralysis, loss of 
motor control, no fever; 
death 

Nausea, vomiting, diarrhea, 
irregular pulse, shocklike 
symptoms; rarely death 

Fever, sweating, anorexia, 
tearing, salivation; high 
mortality 
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arthritis, especially in the knee joints, which frequently 
spreads to different joints (migratory polyarthritis). Damage 
to the synovial membranes is a distinctive feature of this type 
of arthritis because of invasion of the synovial fluid by the 
spirochetes. Neurological symptoms include nerve pain 
(peripheral neuropathy), various types of palsy caused by 
nerve damage (e.g., Bell’s palsy), and central nervous system 
disorders. Many patients suffering from some or all of these 
symptoms simultaneously also complain of severe fatigue. In 
Europe, another chronic feature of late LD is acrodermatitis 
chronica atrophicans, a condition in which the skin atrophies 
and peels. Chronic LD is greatly feared in regions where it is 
endemic because, among other reasons, it can persist for 
many years, despite treatment with antibiotics. 

Only a limited variety of ticks of the genus /xodes are com- 
petent vectors of LD spirochetes. Other biting arthropods may 
acquire these bacteria, but they cannot transmit the bacteria 
when they feed again. In the eastern and central United States, 
the only proven vector to humans is /. scapularis. In the 
western part of the country the vector is the western 
blacklegged tick I. pacificus. However, other species of the so- 
called . ricinus complex that feed solely on wildlife contribute 
to maintaining the disease in nature; examples include 1. 
spinipalpis (I. neotomae) in the west and I. dentatus in the east. 
The sheep tick, 7. ricinus, is the primary vector in Europe and 
western Asia, while the taiga tick, 1. persulcatus, is the primary 
vector from eastern Europe across most of northern Asia. 
Other species of the LZ ricinus complex (e.g., 1 ovatus), also 
serve as efficient enzootic vectors. 

The cycle of B. burgdorferi development in the tick begins 
with ingestion of an infectious blood meal by the larvae as 
they feed on a mouse or other reservoir host. Spirochetes 
survive in the midgut diverticula but are not disseminated 
until the tick molts to the nymphal stage and feeds again. 
Following the influx of fresh host blood, the spirochetes 
surviving in the midgut pass between the cells of the gut wall 
and disseminate to the salivary glands and other internal 
organs. However, in females, spirochetal invasion of the ovary 
damages the developing oocytes, which prevents efficient 
transovarial transmission. As a result, transmission is by the 
transstadial route. As the tick feeds, spirochetes escape with 
the saliva and are introduced to the wound site of the new 
host. Transmission from nymph to adult also is common. 

In the eastern United States, the risk of acquiring LD is 
greatest in the late spring or early summer, because of the 
peculiar nature of the LD cycle in nature. Nymphal ticks 
infected with B. burgdorferi emerge from their overwintering 
diapause to attack hosts, especially white-footed mice and 
other small mammals, as well as humans. This feeding pattern 
ensures the presence soon afterwards of numerous infected 
hosts when the larvae emerge, spreading the B. burgdorferi 
infection to vast numbers of these tiny ticks. Fed larvae molt 
in late summer or early fall, but the resultant nymphs diapause 
rather than commence feeding. Thus, the infection is per- 
petuated from one year to the next. Meanwhile, adults that 


emerge from fed nymphs delay feeding until the fall, where- 
upon they seek white-tailed deer and other large mammals 
(including humans). This pattern results in a 2-year cycle 
throughout most of the tick’s geographic range. 

Although the vector ticks are opportunistic feeders and 
will attack most vertebrates, only a limited variety of hosts are 
competent reservoirs of B. burgdorferi. Only competent 
reservoirs, animals capable of maintaining spirochetes within 
their tissues for prolonged periods, can infect ticks that feed 
on them. Examples of competent reservoirs include the white- 
footed mouse, the dusky-footed wood rat, the California kan- 
garoo rat, and several other rodents in North America, and 
such animals as the common shrew, bank vole, wood mouse, 
yellow-necked field mouse, and hares and pheasants in Europe. 
Several species of birds also are reservoir competent and play 
an important enzootiologic role by dispersing infected ticks 
over considerable distances, thereby establishing new foci of 
infection. In contrast, some of the animals that are excellent 
hosts of vector ticks, such as white-tailed deer and western 
fence lizards, destroy invading spirochetes and, therefore, are 
not reservoirs. Such animals serve as amplifying hosts and are 
critically important for the expansion and spread of the tick 
populations, but they play no direct role in the perpetuation 
of the infection. 

In the United States, LD has increased more than 1.7 
times since it was first designated a reportable disease in 1991. 
By 1999, 16,273 cases that met the U.S. Centers for Disease 
Control and Prevention definition had been reported, for an 
overall incidence of 6.0 per 100,000. Most cases were reported 
from the northeastern, mid-Atlantic, and north central United 
States. Other important foci are in northern Wisconsin, 
northern Minnesota, and northern California. In Europe, 
important foci occur in the Scandinavian countries and in 
Germany, Poland, the Czech Republic, and Russia. 

Domestic animals are also susceptible to infection with 
Borrelia pathogens. Dogs, cats, cattle, horses, and possibly 
other livestock and companion animals were found to be 
infected with B. burgdorferi. High seroprevalence rates occur in 
hyperendemic areas such as the northeastern United States, 
where many dogs show typical symptoms of chronic LD, 
especially lameness in one or more legs, fever, and fatigue. 


Rocky Mountain Spotted Fever 


Rocky Mountain spotted fever (RMSF) occurs throughout 
almost the entire United States, southern Canada, and Mexico 
and, to a lesser extent, in South America. This disease is caused 
by a tiny intracellular bacterium, the rickettsia Rickettsia 
rickettsii. People become ill with RMSF following the bite of 
an infected adult tick. Once in the human host, the rickettsia 
multiply profusely in the epithelial linings of the capillaries, 
arterioles, and venules. Vessels hemorrhage which, in the 
dermis of the skin, leads to the characteristic red spots. These 
innumerable reddish lesions, raised above the skin surface 
(maculopapular rash), coalesce to form the characteristic spotted 


Next steps 


Let’s get to grips with actual soldering techniques in more detail. The soldering of 
electronics components utilises lead/ tin or lead-free solder and the process is compatible 
with many non-ferrous metals. You can solder copper, lead, brass, gold plate, silver, 
nickel, tin and tin plate, zinc and more besides but some metals such as nichrome, 
galvanised or stainless steel require a highly specialist “flux” (see later) to solder them and 
aren’t discussed here. Some materials such as beryllium, chromium, magnesium and 
titanium are non-solderable in any case, according to solder manufacturers Multicore. 


In electronics we’re mainly concerned with soldering parts or wires onto printed 
circuit boards or terminals that are usually already “tinned” with solder or plated, ready for 
soldering with flux-cored solder. The key factors affecting the quality of a solder joint are: 


e Cleanliness — dirt or impurities drastically hinder good solder coverage. 
e Temperature — the right level to enable the solder to flow freely! 

e Time — apply heat for just the right amount of time! 

e Adequate solder coverage — enough to form a good joint without 


touching neighbouring areas. 


A little effort spent now in soldering the perfect joint may save you — or somebody 
else —a considerable amount of time in troubleshooting a defective joint in the future. 
Let’s discuss the basic principles outlined above in more depth. 


rash. Patients also develop high fever, severe headaches, nausea, 
joint and muscle pain, photophobia, and other symptoms. 
Unless treated with antibiotics, some patients die and others 
suffer irreversible injury. 

In the United States and southern Canada, the primary 
vectors of RMSF are the Rocky Mountain wood tick, 
Dermacentor andersoni, in the west and D. variabilis in the east. 
Adults of these tick species readily attack humans. Other tick 
species (e.g., the rabbit ticks Haemaphysalis leporispalustris and 
Ixodes dentatus) transmit the rickettsia when they feed on 
rabbits and birds, thereby contributing to the maintenance of 
the zoonosis in nature, but these latter species do not bite 
humans. The disease survives in the natural environment in 
overwintering (i.e., diapausing) ticks, but not in the reservoir 
hosts. When rickettsia-infected larvae emerge from diapause 
in the spring, they infect mice and other susceptible rodents 
on which they feed. Other, uninfected larvae feeding on the 
rickettsemic animals acquire the infection, and the disease 
spreads rapidly in the tick population. Nymphal ticks spread 
the infection further as they feed again on other small mam- 
mals. Adult ticks seek larger animals (e.g., dogs, raccoons, 
etc.) as well as humans. Rickettsia are passed to subsequent 
generations of ticks by transovarial transmission. Ticks also 
harbor nonpathogenic species such as R. montana, R. belli, R. 
rhipicephali, R. parkeri, and other as yet unnamed rickettsia, 
complicating attempts to measure the incidence of RMSF in 
nature. 

In the United States, about 600 to 800 cases of RMSF have 
been reported yearly since 1985, with an estimated annual 
incidence between 0.24 to 0.32 per 100,000 population. 
Most cases now occur east of the Mississippi River, with the 
highest concentration in the south-central and southeastern 
states, especially along the Atlantic coast. Cases tend to occur 
in foci in rural areas and suburban communities near major 
population centers. Since RMSF is a seasonal disease, the 
frequency of cases follows the seasonal activity pattern of the 
adults, with highest frequency in July and August in the 
southern United States, but greater frequency in May and 
June in the northeastern part of the country. 

A closely related disease, boutonneuse fever (Mediterranean 
spotted fever), caused by R. conorii, occurs in southern Europe, 
North Africa, and Asia. These rickettsia are transmitted to 
humans by the bite of the brown dog tick, Rhipicephalus 
sanguineus. Although generally similar in its symptoms to 
RMSE this illness is distinguished by the formation of a black 
ulcer, the eschar, at the wound site where the infected tick had 
attached. 


Ehrlichiosis 


Another rickettsial disease that has emerged into increasing 
prominence in recent years is ehrlichiosis. The causative 
agents are known as ehrlichiae, tiny obligate intracellular 
organisms that invade the white blood cells of humans and 
animals. Ehrlichiae develop within cytoplasmic vacuoles in 
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different blood cell types such as monocytes, granulocytes, 
lymphocytes, or even platelets, depending on the species. 
Patients develop an acute illness with high fever and severe 
headaches, as well as aching muscles and joints. In contrast to 
RMSE, a rash is not common (20-30% of patients) and 
usually does not involve the palms or soles. Although severe 
cases can occur and may result in death, most cases are rela- 
tively mild. In the southeastern United States, most cases are 
caused by Ehrlichia chaffeensis, which invades the monocytic 
leukocytes and causes leukopenia (abnormal loss of white 
blood cells) among other symptoms. This disease is now 
known as human monocytic ehrlichiosis (HME). The primary 
vector for E. chaffeensis is the lone star tick, Amblyomma 
americanum. These ehrlichiae develop primarily in the 
monocytes. Some cases are caused by £. ewingii, also 
transmitted by lone star ticks. In the northern and western 
United States, the disease is caused by a related ehrlichia, E. 
phagocytophila (E. equi), which also causes illness in livestock. 
However, like E. ewingii, these ehrlichiae prefer the 
granulocytic leukocytes and, for this reason, the disease is 
known as human granulocytic ehrlichiosis (HGE). The 
primary vector in the northern United States is 1. scapularis. 
In California, the primary vector for humans is /. pacificus. In 
Europe, the pathogen is transmitted to humans by the bites 
of the L. ricinus. E. phagocytophila, believed to be the most 
widespread of the various human-infecting ehrlichiae, has 
been reported in many countries of Europe and northern 
Asia. Ehrlichiosis also affects dogs, sheep, and other animals, 
being caused by different ehrlichiae. 


Tick-Borne Encephalitis 


Tick-borne encephalitis (TBE) is caused by viruses of the 
family Flaviviridae. In Europe and northern Asia, the illness 
in humans is manifested by high, often biphasic, fever and 
headache, followed soon afterward by inflammation of the 
brain (encephalitis) and meninges (meningitis). Some 
patients develop muscle weakness or paralysis, especially in 
the right shoulder muscles. In the Far East, case fatality rates 
are relatively high (up to 54%), whereas the disease in Europe 
is considerably milder. In Europe and the Far East, TBE 
viruses are transmitted by / ricinus and by the taiga tick, /. 
persulcatus. Other tick species that feed on wild animals may 
amplify viral infection. Rodents and insectivores are the chief 
reservoir hosts. The disease is endemic in central, northern, 
and eastern Europe, where thousands of cases are reported 
each year. In India, a similar disease known as Kyasanur 
Forest disease has been responsible for numerous cases of 
human illness. In North America, a Flavirus of the TBE 
complex causes a disease known Powassan encephalitis, a 
serious illness that has caused death in some patients and 
permanent nerve damage in others. The primary vector to 
humans in the east is a little-known tick, /. cookei, a common 
parasite of woodchucks, foxes, and raccoons; in the west it is 
transmitted by the D. andersoni. 
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Babesiosis and Theileriosis 


Two genera of tick-borne protozoa, Babesia and Theileria, 
cause severe illness and even death in domestic livestock and 
wildlife throughout most of the world. Tick-borne babesiosis 
also can cause illness in humans. B. bigemina, B. bovis, and B. 
divergens are examples of tick-borne protozoans that can cause 
babesiosis, a serious and often fatal illness in cattle prevalent 
in Mexico, parts of South America, Africa, and elsewhere. The 
clinical course of the disease is characterized by high fever and 
dehydration. Sick animals stop feeding, become lethargic, and 
show labored breathing. Anemia and bloody urine (so-called 
redwater fever) is a consequence of the massive destruction of 
red blood cells. Although some animals recover naturally, 
most of the diseased individuals gradually become comatose 
and die. Mortality estimates for infections with B. bigemina 
are 30%; for B. bovis, 70 to 80%. The causative agents, which 
are introduced by the bites of infected ticks, develop as 
meronts in the erythrocytes and multiply by multiple fission 
or, in the case of B. bigemina, by binary fission. Subsequently, 
huge numbers of erythrocytes are destroyed, leading to the 
symptoms noted. Eventually, some parasites invade leuko- 
cytes, where they are transformed into piroplasms, the stage 
that will infect ticks. Piroplasms remain in an arrested state of 
development until ingested by a suitable tick vector. In the 
tick’s digestive tract, the erythrocytes and leukocytes of the 
host blood are lysed, releasing the parasites. The meronts are 
destroyed, but the piroplasms develop into ray-shaped 
gamonts (strahlenkorpers) that fuse with other, similar 
gamonts to form the diploid zygotes. These parasites are 
transformed into cell-penetrating ookinetes that traverse the 
tick’s midgut epithelium and seek out the ovaries. In female 
Boophilus ticks, numerous oocytes are invaded by these 
ookinetes. When the ticks mate and lay eggs, the ookinetes 
proliferate in the developing embryos. Eventually, as the 
embryos mature, the ookinetes move to the salivary glands of 
the young larvae, where they form the invasive stage known as 
sporozoites, ready to infect cattle. Thus, a single blood meal in 
a female tick can result in thousands of disease-infected larval 
progeny, a phenomenon known as transovarial transmission. 
As a result, numerous animals or even an entire herd of cattle 
can be infected in a single tick generation. 

Human babesiosis is a malaria-like illness caused by B. 
microti, B. gibsoni, B. major, or B. divergens. \n the northeastern 
and midwestern United States, the dominant pathogen 
afflicting humans is B. microti, transmitted by the bite of 1. 
scapularis. In Europe, human babesiosis may be caused by B. 
microti, or B. divergens, transmitted by I. ricinus and/or other 
ixodids. Although the life cycle in the human body is similar 
to that of the bovine babesias, development in the tick is quite 
different. When blood infected with B. microti is ingested by 
immature deer ticks, the invasive stages of the parasite trans- 
form into cell-penetrating sporokinetes, which, aided by a cell- 
piercing arrowhead organelle, traverse the midgut epithelium 
and find their way to the salivary glands. When the fed ticks 


molt to the next feeding stage and attack new human or animal 
hosts, the sporozoites are injected with the tick’s saliva. 

Babesiosis also afflicts other animals. In dogs, B. canis, trans- 
mitted by the bites of the R. sanguineus, causes severe illness 
and may be fatal. Other babesias cause illness in horses, sheep, 
and other animals. 

Protozoan parasites closely related to the babesias, Theileria 
parva and T. annulata cause serious or fatal illness in cattle and 
other ungulates. 7’ parva, transmitted by the bites of the African 
brown ear tick, Rhipicephalus appendiculatus, causes a disease in 
southern Africa known as East Coast fever. 7’ annulata, 
transmitted by the bites of ticks of the genus Hyalomma, causes 
a disease known as tropical theileriosis. It is much more 
widespread, ranging from North Africa across western and 
central Asia to the Indian subcontinent. The life cycle of both 
protozoan parasites is generally similar to that of the babesias, 
but with several notable exceptions. Theileria parasites multiply 
in the leukocytes instead of the erythrocytes. Following 
destruction of the host cells, the Theileria progeny infect other 
leukocytes, thereby damaging the host’s immune system, while 
others invade erythrocytes to form piroplasms. The latter are the 
stage that will infect ticks. These piroplasms remain in an 
arrested state of development until ingested by the tick vector. 
When vector-competent ticks feed on Theileria-infected cattle, 
the piroplasms are released from the disintegrating erythrocytes 
and transform into gamonts similar to those seen in the babesias. 
Following gamont fusion and fertilization, the zygotes develop 
into motile kinetes that cross the midgut epithelium and travel 
to the salivary glands. Because only the salivary glands are 
infected, pathogen transmission occurs only when the infected 
larval or nymphal ticks molt and feed again in the next life stage 
on susceptible hosts (transstadial transmission). 


Tick Paralysis and Tick Bite Allergies 


In addition to transmission of infectious microbes, ticks may 
cause paralysis, allergies, and severe toxic reactions in their hosts. 
In humans, this affliction is manifested by a gradually ascending 
paralysis, beginning with the loss of sensation and motor 
coordination in the legs, abdominal muscles, back muscles and, 
eventually, the diaphragm and intercostal muscles. Unless the 
tick responsible for these symptoms is found and removed, the 
patient will undergo respiratory failure and die. Most patients 
recover rapidly after tick removal, but those with advanced 
symptoms may require several weeks for complete recovery. 
Tick paralysis also affects animals, especially large ungulates. 
In Australia, a single Ixodes holocyclus female may be sufficient 
to cause the death of a full-grown cow or bull. Thousands of 
cattle died in the western United States and Canada because 
of paralysis induced by the bites of D. andersoni. Other than 
finding and removing all the feeding female ticks, there is no 
known cure. Some ticks also cause severe allergic and toxic 
reactions. A notable example is the African tampan 
Ornithodoros savignyi, the bite of which may cause cattle to 
salivate, tremble, gnash their teeth, become disoriented, and 


even die. A similar condition, known as sweating sickness, is 
caused by ticks of the genus Hyalomma, especially H. 
truncatum. The illness is characterized by fever, loss of appetite, 
sweating, lachrymation, salivation and, usually, death. 
However, there is no paralysis. 


CONTROL 


Although difficult to estimate in precise monetary figures, the 
economic importance of ticks is enormous. This is primarily 
because of losses caused by tick-transmitted diseases affecting 
livestock. In addition, ticks cause injury from severe blood 
loss, reduced milk production, and damage to the hides. 
Worldwide, losses to the cattle industry alone were estimated 
to be more than $7 billion. Perhaps the most important eco- 
nomically are the cattle ticks, especially Boophilus annulatus, 
B. decoloratus, and B. microplus, because of the disease agents 
they transmit (Babesia spp.). Other economically important 
species are the bont ticks, Amblyomma variegatum and A. 
hebraeum, which are vectors of the causative agent of heart- 
water, Cowdria ruminantium. 

Tick control is done almost exclusively with acaricides: 
poisonous compounds such as chlorinated hydrocarbons (e.g., 
DDT), organophosphorus compounds (e.g., diazinon), car- 
bamates (e.g., carbaryl), and pyrethroids (e.g., permethrin, 
flumethrin). Animals are treated with acaricides by either 
bathing or spraying them with mixtures of liquids containing 
the specific toxicant. Acaricides also can be delivered as pour- 
ons or spot-ons, highly concentrated mixtures containing 
surfactants (i.e., spreading agents) that enable the product to 
disperse naturally throughout the animal’s hair coat or as dusts, 
consisting of mixtures of talc and the acaricide. For long-lasting 
effects, acaricides are incorporated into plastic collars, ear tags, 
or even tail tags, which gradually emit the toxic chemicals over 
a long period of time. Also promising is the tick decoy, in which 
tail tags are impregnated with the tick’s natural pheromone as 
well as the acaricide. These “tick decoys” demonstrated excellent 
efficacy (> 95%) for up to 3 months when applied to cattle in 
Zimbabwe. Other promising innovations for treating tick- 
infested animals include self-medicating devices, such as the 
“four-poster” developed by the U.S. Department of Agriculture 
for treating white-tailed deer, and antitick vaccines. Self 
medicating applicators release an acaricide from a reservoir 
when host animals insert their heads into the device to retrieve 
corn or other bait. This is perhaps the first practical method 
that has been developed for controlling ticks on wild animals 
without killing or injuring them. Antitick vaccines work by 
immunizing livestock animals such as beef cattle against 
proteins in the tick’s digestive tract, thereby killing the ticks as 
they attempt to feed. Further scientific advances may make it 
possible to reduce the current dependence on toxic chemicals to 
control ticks on domestic animals, pets and even wildlife. 

Hikers, campers, and other people entering tick-infested 
habitats should take appropriate precautions to avoid ticks 
and the risk of acquiring tick-borne diseases. Each person 
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should wear long trousers, tuck the trouser ends into boots or 
shoes, and draw the socks over the trousers. The protective 
barrier should be secured with tape and treated with a 
repellent—for example, one of the many products that 
contain diethyl toluamide (DEET). Upon returning from 
the trip, each person should decontaminate the field clothes 
and carefully inspect skin and hair for ticks that may have 
attached unnoticed. Early detection and removal of attached 
ticks will minimize the risk of transmission of disease-causing 
agents. Unattached ticks, if any, may be destroyed and 
discarded. However, attached ticks should be removed 
carefully with tweezers (forceps) and retained intact if needed 
for future examination in case of illness. 


See Also the Following Articles 
Arthropoda and Related Groups ¢ Medical Entomology ¢ Mites 
e Veterinary Entomology ¢ Zoonoses, Arthropod-Borne 
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Tracheal System 
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n contrast to most vertebrates, crustaceans, mollusks, and 

many types of worm, insects do not use respiratory pigments 
in blood to transport oxygen. Instead, insects have a tracheal 
respiratory system in which oxygen and carbon dioxide travel 
primarily through air-filled tubes called tracheae. Usually the 
tracheal system penetrates the cuticle via closable valves 
called spiracles and ends near or within the tissues in tiny 
tubes called tracheoles (Fig. 1). The tracheae primarily serve 
as pipes that transport gases between the spiracles and the 
tracheoles, whereas the thin-walled tracheoles are thought to 
be the main sites of gas exchange with the tissues. In many 
insects, dilations of the tracheae form thin-walled air sacs or 
tracheal lungs that serve as bellows for enhancing the flow of 
gases through the tracheal system or directly deliver oxygen 
to tissues. The organization of the tracheal system varies dra- 
matically among insects, with spiracle number ranging from 
zero to 20 and with tracheal branching patterns varying widely 
across species, between body regions, and during the develop- 
mental stages of holometabolous insects. 


SPIRACLES 


Spiracles are the openings of the tracheal system on the 
integument of the insect. A few apterygote insects lack valves 
in their spiracles and therefore have tracheae that are always 
open to the environment. However, spiracles generally have 
valvelike structures that allow them to close (Fig. 2). Spiracles 
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FIGURE 1 Overview of the tracheal system. Spiracles (Sp) in the 
integument connect to tracheae (T), which branch repeatedly within the 
insect, eventually leading to the tracheoles, which are located near most cells. 
In some insects, soft, collapsible air sacs (AS) occur. 


range tremendously in area from 27 mm? for the second 
spiracle of the giant Petrognatha beetle to openings of only a 
few micrometers. Often the outside of the spiracle is fringed 
with hairs or covered with a filter to help resist entry of dust, 
water, or parasites. 

The valve that closes the spiracle takes various forms but 
can appear as two lips of cuticle or as a bar of cuticle that 
pinches the trachea shut (Fig. 2). The movement of the valve 
usually depends on the action of muscles that insert on or near 
it, and elastic elements in the cuticle. Some thoracic spiracles 
have only a closer muscle, and elastic elements tend to open 
the spiracular valve (Fig 2A). Often the valve is recessed behind 
the atrium, an enclosed space behind the external opening 
(Fig. 2B). The most common situation (true for all abdominal 
spiracles studied to date) is for the spiracle to be recessed 
behind an atrium and to have both opener and closer muscles 
(Fig. 2B). 


TRACHEAE 


Tracheae, the largest tubes of the tracheal system, range in 
diameter from a few millimeters to about 1 Um. The tracheal 
wall (Fig. 3A) contains an epithelial cell layer that secretes a 
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FIGURE 2 Spiracular structure and function. (A) Schematic side view of the 
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locust metathoracic spiracle, a one-muscle spiracle with an external valve. [After 
Chapman, R. FE. (1998). “The Insects: Structure and Function,” Fig. 17.11c. 
Cambridge University Press, Cambridge, U.K., with permission of the pub- 
lisher and the author.] When the closer muscle (CM) contracts, the lips of the 
valve come together. When the closer muscle relaxes, ligaments (L) attached to 
the cuticle passively pull the valve lips apart. (B) Schematic view from the inside 
of the animal of the abdominal spiracle of a butterfly, a two-muscle spiracle 
with an internal valve. [After Schmitz, A., and Wasserthal, L. T. (1999). 
Comparative morphology of the spiracles of the Papilionidae, Sphingidae, 
and Saturnicdae (Insecta: Lepidoptera). Int. J. Insect Morphol. 28, 13-26, © 
1999 with permission of Elsevier Science and the authors.] When the opener 
muscle (OM) contracts, it pulls on a lever that pulls the bar away from the 
bow, opening the atrium (A). When the closer muscle (CM) contracts, it 
pulls the bar against the bow, collapsing the walls of the atrium together. 
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FIGURE 3 (A) Structure of a trachea. The basement membrane that encircles 
the tracheal epithelia has been omitted. (B) Tracheolar cell connected to a 
trachea. 


basement membrane that forms the outermost layer of the 
tracheal wall. Internally, the tracheal cells secrete the intima, 
which contains protein and chitin fibers. The intima forms 
spiral folds known as taenidia. In general, it is thought that the 
taenidia prevent the trachea from collapsing inward, yet allow 
the trachea to flex. However, in the tracheae of some insects, the 
taenidia are widely spaced within the tracheal wall, and the 
intima is quite flexible, with the result that such tracheae are 
compressible. Because tracheal walls are relatively thick, oxygen 
is not believed to pass out of the larger tracheae in appreciable 
amounts. Thus, the primary function of the trachea is to trans- 
port gases between the tracheoles and the spiracles. However, 
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FIGURE 4 Electron micrograph showing a tracheole (T) within the flight 
muscle of an American locust. M, mitochondria; Z, Z line; I, I-band. Scale 
bar = 1 micron. (Image courtesy of Scott D. Kirkton, Arizona State University.) 


because carbon dioxide can diffuse through tissue more easily 
than oxygen, it is possible that a significant portion of the 
carbon dioxide emitted may pass through the tracheal walls. 


TRACHEOLES 


Tracheoles, the small tubes that form the terminal endings of 
the tracheal system, range in size from 1 to 0.1 [im in diameter. 
Tracheoles are formed within single tracheolar cells, (Fig. 3B). 
The tracheolar cells have many branching processes, some of 
which contain an air-filled channel (the tracheole) that con- 
nects to the air-filled lumen of the trachea (Fig. 3B). Tracheole 
walls are capable of transporting oxygen at high rates by diffu- 
sion because they are thin (usually < 0.1 Um), and their ratio 
of surface area to volume is very large. Thus, it is likely that 
the tracheoles are the major site of gas exchanges between the 
tissues and the tracheal system. 

Tracheoles are particularly dense in metabolically active 
tissues such as flight muscle. Most tracheoles occur outside 
the cells of the insect’s body, but sometimes in histological 
sections they appear to be within cells, particularly in flight 
muscle (Fig. 4). These tracheoles are believed to enter the 
flight muscle via infoldings of the muscle plasma membrane, 
and so they are actually extracellular. The high tracheolar 
densities and penetration of flight muscle cells by tracheoles 
allows flying insects to achieve oxygen consumption rates 
that are among the highest in the animal kingdom. 
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FIGURE 5 (A) Cross-sectional view of the tracheal system at the sixth 
abdominal segment of an adult grasshopper (Schistocerca americana), an insect 
with air sacs and 10 paired spiracles. (B) Cross-sectional view of the tracheal 
system at the sixth abdominal segment of an embryonic or larval fruit fly 
(Drosophila melanogaster), an insect without air sacs and with only the first and 
tenth spiracles functional. In both insects, longitudinal tracheal trunks run 
the length of the animal, connecting the thoracic and abdominal segments, 
but longitudinal trunks are much more numerous in the grasshopper. 


AIR SACS, AERIFEROUS TRACHEAE, AND 
TRACHEAL LUNGS 


In active insects, particularly those with a rigid cuticle, por- 
tions of the tracheal system are enlarged to form thin-walled 


air sacs. These air sacs lack taenidia and so collapse and expand 
with variation in hemolymph pressure. Air sacs are common 
in adult flying insects of many orders, including Diptera, 
Hymenoptera, Lepidoptera, Odonata, and Orthoptera. 
These air sacs serve as bellows to enhance the movement of 
air through the tracheal system. For insects that have them, 
air sacs often account for the majority of the volume of the 
tracheal system. Of insects that lack air sacs (such as cock- 
roaches or Dictyoptera), many have slightly dilated, com- 
pressible tracheae that may also function as bellows. 

Tracheal lungs, or aeriferous tracheae, are similar to air 
sacs in that they are thin-walled expansions of the tracheal 
system with few taenidia that float freely in the hemolymph. 
Their primary function is believed to be oxygen delivery to 
tissues that lack tracheoles, such as hematocytes, and some 
ovaries and Malpighian tubules. In the absence of tracheoles, 
the oxygen must diffuse through the thin wall of the tracheal 
lung, through the hemolymph, and to the tissues. 


ORGANIZATION 


The organization of the tracheal system varies substantially 
among insects, at least partially in correlation with species 
ecology. One obvious variant is spiracle number. In some 
aquatic insects, lack of spiracles prevents water entry to the 
tracheae. Many dipteran larvae have only one pair of spiracles 
on their abdominal tip, which they extend into the air as they 
feed head-down in water. In contrast, many terrestrial insects 
have a full 10 pairs of spiracles. Insects also vary in the 
number of air sacs, the location and size of tracheal branches, 
and the number of longitudinal tracheae. 

A glimpse of the cross-species variety can be gained by 
comparing the organization of the major tracheae in the sixth 
abdominal segment of an adult grasshopper and a larval fruit 
fly (Fig. 5). Grasshoppers have a spiracle on every segment, 
whereas fly larvae have only functional spiracles on the head 
and abdominal tip. In the grasshopper, transverse tracheae lead 
from the spiracles to longitudinal tracheae that run along the 
heart, ventral nerve cord, and several positions on the gut. 
Air sacs are prominent. In contrast, in flies, two large dorsal 
longitudinal trunks connect the two functional spiracles on 
each side, with branches extending from the dorsal trunk to the 
tissues and one other longitudinal trachea. Air sacs are absent. 

Tracheal organization also varies with location within the 
insect. In most insects, the head segments lack spiracles, and so 
tracheae usually extend forward from the prothoracic spiracles 
to supply the tissues in the head; similar elaborations of the 
tracheae occur in the posterior direction in the tenth segment. 
Structures that extend away from the main body of the insect, 
such as legs, antennae, and wings, also lack spiracles and 
usually have long tracheae extending from the spiracle of the 
local body segment. Antennae, legs, and wings all are known 
to have accessory pulsatile structures that pump hemolymph 
and help circulate air through their long tracheae. The tracheal 
organization in the thorax of flying insects is very different 


from that in the abdomen, since the thoraces often contain 
extensive air sacs associated with the flight muscles. 

Tracheal organization can also be strongly modified by 
developmental stage, especially in holometabolous insects. 
For example, many dipterans transform from aquatic larvae 
with one or two pairs of spiracles and no air sacs to adults with 
10 pairs of spiracles and extensive air sacs, a transition that 
enables high oxygen delivery and flight. Clearly, flexibility in 
tracheal structure and function is a key trait in the success, 
adaptability, and diversity of insects. 


See Also the Following Articles 
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T richoptera, or caddisflies, are holometabolous insects 
closely related to Lepidoptera, or moths. However, unlike 
most moths, their eggs, larvae, and pupae are usually found in 
or very near fresh water, and adults are aerial, usually not far 
from their aquatic habitats (Fig. 1). The Trichoptera include 
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FIGURE 1 Caddisfly larvae, pupal, imagoes, cases, and eggs: (A) dorsal view 
of larva of Molanna cinerea, x4; (B) lateral view of larva of M. cinerea, X5; 
(C) lateral view of the pupa of M. cinerea, X4.5; (D) dorsal view of imago of 
M. cinerea, x4; (E) accustomed resting position of the imago of M. cinerea; 
(F) ventral view of the flat larval case of M. cinerea, X2; (G) lateral view of 
larva of Phylocentropus lucidus, showing the very long anal prolegs and the 
absence of gill filaments, x5; (H) lateral view of pupa of P /ucidus, x6; (I) 
dorsal view of imago of P /ucidus, X3.5; (J) larval case of PR lucidus, tube 
composed of sand and silk, two-layered, enlargement near the end 
containing the pupa; (K) eggs laid by P /ucidus female on a stick protruding 
from the water in a breeding cage. [From Betten, C. (1901). Order 
Trichoptera, caddisflies. “Aquatic Insects of the Adirondacks: A Study 
Conducted at the Entomologic Field Station, Saranac Inn, N.Y, under the 
Direction of Ephraim Porter Felt D.Sc. State Entomologist. (J. G. Needham 
and C. Betten, eds.) pp. 561-573 and plates 13,15, 30-34. Bull. N.Y. State 
Mus. 47, 383-612, plates 1-36.] 


more species than any of the other primarily aquatic orders 
of insects. This high species diversity is correlated with an 
unusually broad range of ecological specialization. Immature 
caddisflies occur in almost every type of freshwater habitat and 
on every continent except Antarctica; they are often one of the 
most abundant insect orders in streams and ponds. Larvae of 
many species use silk to construct portable cases of various 
shapes and materials to serve as physical protection, camou- 
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TABLEI  Extant Families of Trichoptera, with Primary Larval Feeding Strategies, Distributions, and Approximate Numbers of 
Named Species and Subspecies 








Distribution’ 
Family Larval feeding strategy” AT AU EP NA NT OL WP Number of species‘ 
Annulipalpia 
Stenopsychidae cf Xx xX xX Xx Xx 93 
Philopotamidae cf Xx Xx XxX Xx Xx Xx Xx 911 
Hydropsychidae cf, pe x x X x x xX Xx 1462 
Dipseudopsidae cf xX xX X x X Xx 165 
Polycentropodidae cf, pe x x x x x x x 600 
Ecnomidae cf X XxX xX Xx Xx X Xx 345 
Xiphocentronidae cg Xx X x Xx XxX Xx 130 
Psychomyiidae cg x xX X xX Xx xX 395 
“Spicipalpia” 
Rhyacophilidae pe Xx xX Xx Xx x xX Xx 685 
Hydrobiosidae pe Xx X x Xx Xx xX 375 
Glossosomatidae sc Xx Xx x x Xx X Xx 522 
Hydroptilidae ph, sc, cg Xx x Xx x Xx Xx Xx 1677 
Integripalpia 
Oecconesidae sd Xx 19 
Brachycentridae cf, cg, sh x x x x 111 
Phryganopsychidae sd X Xx 3 
Lepidostomatidae sd X X Xx xX xX X xX 391 
Kokiriidae pe x Xx 8 
Plectrotarsidae sd Xx 5 
Phryganeidae sh, pe x x x x 79 
Goeridae Sc, cg Xx Xx xX x Xx Xx 163 
Uenoidae Sc, cg Xx Xx Xx Xx 79 
Apataniidae Sc, cg x x x x 186 
Limnephilidae sd, cg, sc Xx XxX x Xx Xx Xx 873 
Tasimiidae sc Xx Xx 9 
Odontoceridae sd Xx xX Xx x Xx Xx 106 
Atriplectididae sd Xx Xx Xx 5 
Philorheithridae pe Xx Xx 21 
Molannidae Sc, cg, pe x x x x 52 
Calamoceratidae sd, sc, Xx Xx Xx x Xx Xx Xx 124 
Leptoceridae cg, sh, pe x x xX x xX x x 1567 
Sericostomatidae sd Xx XxX x Xx X Xx 97 
Beraeidae cg Xx Xx x XxX 52 
Anomalopsychidae sc Xx 22 
Helicopsychidae sc Xx Xx Xx x Xx Xx Xx 197 
Chathamiidae sh Xx 5 
Helicophidae cg, sh x x 21 
Calocidae cg Xx 20 
Conoesucidae sc, sd, sh X 42 
Antipodoeciidae sc x 1 
Barbarochthonidae sh, sc Xx 1 
Hydrosalpingidae sc, sd, sh x 1 
Limnocentropodidae pe x Xx 15 
Petrothrincidae sc Xx 6 
Pisuliidae sd Xx 15 
Rossianidae sc, sh x 2 


“Abbreviations: cf, collector-filterers; cg, collector-gatherers: pe, predator-engulfers; ph, piercer-herbivores; pp, predator-piercers; sc, scrapers; sd, shredder- 
detritivores; sh, shredder-herbivores. (From Merritt and Cummins, 1996. Some larval feeding strategy data from M. Winterbourne, University of Canterbury, 
Christchurch, New Zealand, and E. C. de Moor, Albany Museum, Grahamstown, South Africa.) 

’Abbreviations: AT, Afrotropical; AU, Australasian; EP, East Palearctic; NA, Nearctic; NT, Neotropical; OL, Oriental; WP, West Palearctic. 

‘The total number of these known species and subspecies is 11,638. 


flage, or aids in respiration. Others make stationary retreats of 
silk for similar purposes or to serve as food-gathering structures. 
The variety of feeding strategies employed by caddisflies is as 
great as for the highly diverse freshwater Diptera, or true flies 
(Table I). Because of their diversity and density in most clean, 
freshwater ecosystems, the significance of caddisflies for 
processing nutrients and transferring energy is often great. 
Their importance as food for predators such as fish is 
emphasized by fly-fishing enthusiasts who imitate them with 
artificial lures. The different caddisfly species are variously 
sensitive to changes in environmental conditions, such that 
the diversity of the order is commonly used in part as a 
measure of pollution. 


DIVERSITY AND PHYLOGENETIC 
RELATIONSHIPS OF TRICHOPTERA 


More than 11,000 species of caddisflies have been described 
globally (Table I), with more than 1300 reported for America 
north of Mexico. The world species are in 504 genera in 45 
families. The most species have been described in the micro- 
caddisfly family, Hydroptilidae, with nearly 1700 species. 
Other well-represented families globally include the long- 
horned caddisflies (Leptoceridae, > 1500 species), the common 
netspinner caddisflies (Hydropsychidae, > 1400 species), and 
the northern caddisflies (Limnephilidae, almost 900 species). 
The highest known species diversity and the greatest density of 
species occurs in the Oriental biogeographical region (> 3700 
species, with 1.6 species per kilohectare). 

The Trichoptera and Lepidoptera are generally considered to 
be sister orders, together constituting the Amphiesmenoptera, 
with earliest fossils dating from the Permian. The families of 
tube-case-making caddisflies are generally considered to con- 
stitute a monophyletic suborder Integripalpia and the net- 
spinning caddisfly families a monophyletic suborder Annuli- 
palpia (Fig. 2). The relationships of the remaining caddisfly 
families (Glossosomatidae, Hydrobiosidae, Hydroptilidae, 
and Rhyacophilidae, collectively the “Spicipalpia”) are yet 
unknown but are apparently near the base of the caddisfly 
phylogeny. The phylogenetic relationships among genera and 
species of caddisflies have been studied for most extant 
families, mostly with morphological characters visible with a 
light microscope. The phylogeny of Trichoptera species con- 
tinues to be investigated at all categorical scales by Kjer and 
others, using both morphological and molecular evidence 
and computer-managed algorithms. These hypothetical 
relationships have proven useful in numerous comparative 
studies, suggesting hypotheses for research of case- and 
retreat-making behaviors, feeding strategies, historical 
biogeography, mating behaviors, and other aspects of 
caddisfly biology. 

Triassic fossils of species of Philopotamidae, Prorhya- 
cophilidae, and Necrotauliidae are thought to represent the 
oldest known Trichoptera. The family Philopotamidae includes 
modern species, but the other two families are extinct. 
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FIGURE 2 Phylogeny of extant families of Trichoptera; families not 
analyzed by Kjer et al include Antipodoeciidae, Barbarochthonidae, 
Hydrosalpingidae, Limnocentropodidae, Petrothrincidae, Pisuliidae, and 
Rossianidae. [After Kjer, K. M., Blahnik, R. J., and Holzental, R. W. (2001). 
Phylogeny of Tricoptera (caddisflies): characterization of signal and noise 
within multiple data sets. Syst. Biol. 50(6), 781-816.] 


LIFE HISTORIES OF TRICHOPTERA 
Life Cycles 


Among the relatively few species of caddisflies for which life 
histories are known, most exhibit a univoltine, or one-year, 
life cycle, with some species having more than one generation 
per year and some with one generation every 2 or 3 years. In 
general, longer life cycles are found in the higher latitudes 
and shorter life cycles closer to the equator. A few species 
have been shown to have more than one cohort in the same 
locality, with different segments of the same population 
having their life cycles synchronized apart from the synchrony 
of one or more other segments. The time of the year during 
which particular phases of the life cycle occur is distinctive 
for the species, with most species reaching adulthood in tem- 
perate regions during the warmer months of the year. 


Eggs 
Eggs are embedded in a sticky, gelatinous polysaccharide 
called spumalin, forming an egg mass. Round or elliptical 
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eggs are generally laid in egg masses of particular shapes with 
12 to 636 eggs reported per egg mass and with a single female 
depositing one to several egg masses. Egg masses may be 
spherical, pyramidal, butterfly shaped, or some other configu- 
ration, or they may be arranged in a flat spiral or as a string 
of beads. Because of the spumalin, little is known about the 
surface structure of caddisfly eggs. Eggs may diapause for 
several months before larvae hatch, especially during winter, 
but larvae generally hatch within a few days depending on 
temperature. If the egg mass is out of water, the first instars 
of some species may remain in the spumalin matrix until it is 
inundated; for other species whose egg masses are laid on 
plants or rocks overhanging the water, young larvae drip out 
of the spumalin into the water. 


Larvae 


Larvae usually undergo five instars before pupation, although 
a few species have a generally indeterminate number of 
instars greater than five. The larval stage usually is the longest 
stage of the life cycle, with development completed during a 
period of 2 months to nearly 2 years. The shape of the larva 
differs usually with the family or genus and depends in part 
on the habits and feeding strategy peculiar to that taxon. 
Eruciform larvae, typical of the Integripalpia, are cylindrical, 
with hypognathous mouthparts oriented at a right angle with 
the body axis and with the posterior end of the abdomen 
blunt and having thick anal prolegs fused with segment IX; 
these live in portable tubular cases and feed generally as 
shredders or scrapers or collector-gatherers. 

Campodeiform larvae, typical of the Annulipalpia and 
unplaced primitive families, have a tapered shape anteriorly 
and posteriorly, with prognathous mouthparts nearly aligned 
with the body axis; the posterior end of the abdomen is 
slender, and there are slender, independent or semi- 
independent anal prolegs. These larvae live in silk retreats or 
roam freely in search of food. Larvae of microcaddisflies 
(family Hydroptilidae) typically undergo hypermetamorphosis, 
with the first four instars campodeiform and free-living and 
the fifth instar with a much-enlarged abdomen and living in 
a purse case. 


Pupae 


The last instar builds a shelter or modifies the larval case to 
serve as a shelter. Modification of a larval case usually means 
simply sealing the ends with silk closure membranes that are 
perforated to allow movement of water through the shelter. 
Larvae may then line the shelter with silk; a few families 
(Glossosomatidae, Hydrobiosidae, Rhyacophilidae) spin a 
semipermeable cocoon inside the shelter. The larva may then 
diapause for a few months as a prepupa inside the shelter, but 
usually it proceeds immediately to molt into the pupal stage, 
usually retaining the exuviae of the last instar inside the shelter. 
The pupal appendages are not fused with the body, as they 


are in some Lepidoptera and Diptera, but are merely folded 
against the body, with the wings and antennae wrapped 
around the sides and venter of the body. 

Special structures of the pupa include long mandibles for 
keeping debris from blocking anterior closure membrane 
perforations and for cutting the closure membrane or cocoon 
at the time of emergence, setose caudal processes for keeping 
debris from blocking posterior closure membrane perforations, 
and small plates of hooks dorsally on the abdomen for maneu- 
vering the pupa inside the silk-lined shelter or cocoon. 
Respiration is assisted by undulating movements of the pupa, 
forcing water through the shelter and cocoon from anterior 
to posterior ends. The pupa usually completes development to 
the adult stage in two or three weeks. 


Emergence 


When the pupa is ready to transform to the adult stage, it uses 
its long mandibles to cut through the shelter’s anterior closure 
membrane, swims to the water surface, and emerges from the 
pupal exuviae at the surface in open water or on some 
emergent object. In the molt from pupa to adult, the period 
between apolysis and ecdysis is unusually long, allowing body 
sclerites to complete much of their sclerotization before the 
adult emerges. In this way, the adult caddisfly is able to fly 
quickly from the surface of the water, away from predatory 
fish, usually completing the escape from the shelter and the 
water surface in less than a minute. The teneral adult then rests 
on shoreside vegetation or rock until sclerotization is complete. 


Adult 


Nearly all adult caddisflies are capable of flight, with only a few 
species having short, flightless wings. They are secretive, hiding 
among shoreside vegetation or rocks most of the time, with 
periods of activity in the day or night specific for the different 
species. Adults of different species live for a few days to several 
months. Those that have long adult lives have an especially 
well-developed haustellum for imbibing liquids; apparently 
they ingest water or nectar for sustenance. Mating behavior for 
some species is mediated by sexual pheromones, with females 
emitting odors that attract males. Males of some day-flying 
species also exhibit distinctive flight patterns or swarms that 
attract females. Mating is accomplished while standing on 
shoreside substrate in an end-to-end orientation with tips of 
the wings overlapping; the male inferior appendages, or 
“claspers,” hold the end of the female abdomen while he 
inserts his phallus and releases a spermatophore into her 
spermatheca. The female then lays her egg mass. It may be 
laid on a rock or vegetation overhanging the water, from 
which first instars may drip into the water upon hatching. It 
may be laid on underwater substrates by a female that crawls 
or swims beneath the water surface. A few species may lay an 
egg mass in a protected spot in a dry depression that will later 
be filled with water. 
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“* A clean and shiny soldering tip or “bit” is essential for each and every solder 
Joint you make. 


Firstly, and without exception, all parts - including the soldering iron’s tip itself - 
must be clean and free from contamination. Fact is, solder just will not “take” to dirty 
parts! Old components or copper board can be impossible to solder because of oxidation 
that builds up on the surface of the leads. This repels the molten solder and will soon 
become evident because the solder will “bead” into shiny globules looking like mercury, 
going everywhere except where you need it. Dirt and contamination are the enemies of a 
good quality soldered joint! 


When all the conditions are right for soldering, materials are said to be “‘wettable”’ 
and will accept molten solder, which should flow readily over their surfaces. Hence, it’s 
really necessary to ensure that parts are free from grease, oxidation and other 
contaminants. Note that in any case, some incompatible materials or surface finishes just 
cannot be soldered using ordinary lead-free solder, no matter how hard you try — e.g. 
aluminium parts would require special aluminium solder and fluxes (see later) to be used. 


HABITATS AND DISTRIBUTION 
OF TRICHOPTERA 


Habitats 


Immature stages of caddisflies may live in a wide range of 
habitats with fast to slow current speed or in standing water, 
but the habitat preferences of the individual caddisfly species 
usually are quite restricted. Most species require relatively 
clean, cool water with high concentration of dissolved oxygen. 
In these habitats, larvae may be found in accumulations of 
dead leaves and sticks, on or in woody debris, on the tops or 
bottoms or sides of stones, burrowing in sand or silt, in the 
crevices among gravel, on submerged or floating parts of 
living plants, or on other relatively stable debris. A few 
species complete their entire life cycles away from water, with 
immature stages crawling among leaves on the forest floor or 
clinging to vertical rock faces. Immature stages of a few 
species develop in brackish water, and those of species of the 
family Chathamiidae apparently all develop only in ocean 
surf on the shores of New Zealand, at least one of them in a 
complex mutualistic relationship with starfish. 


Distribution 


Caddisflies are distributed throughout the world, with species 
known from every continent except Antarctica. The greatest 
known species diversity is in the Oriental biogeographic 
region, where the density of species per hectare is nearly twice 
that of the next most diverse region. 


CASE AND RETREAT MAKING BY TRICHOPTERA 
Case Making 


Caddisfly larvae have long been appreciated for the beautiful 
and complex cases that many of them build. These usually are 
not attached to a substrate but are carried by the larva as it 
crawls or swims in its habitat. Larvae build cases from a wide 
range of mineral and plant materials, with the type of material 
and the shape of the case often recognizable in the field for the 
genus or even for the species. Mineral building materials may 
include sand grains or small stones, which may be all of one 
size or may be of two or more sizes organized in a species- or 
genus-specific pattern, for example with larger “ballast” stones 
laterally. The larva selects a mineral particle of preferred size 
and shape and applies it to the anterior edge of the case with 
silk extruded from the spinneret in its mouth. Examples of 
plant building materials include living or dead pieces of leaves 
or wood that have been shaped by the larva before their 
attachment to the anterior edge of the case with silk. The 
preferred plant material may be very specific, such as algae, 
mosses, liverworts, or rootlets or leaves of particular vascular 
plants growing in the water, or pine needles, sticks, or leaves 
that fall from shoreside vegetation. These materials may be 
oriented longitudinally or horizontally; longitudinal materials 
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may be organized in rings or in a spiral; horizontal materials 
may be interlocked at corners of a two-, three-, or four-sided 
case or may be wrapped in a cylindrical case. The larvae of a 
few species make their cases by hollowing the axis from a stick 
or piece of wood. Some cases are made entirely from silk or 
may incorporate pieces of freshwater sponge or abandoned 
shells of freshwater mollusks. At least one marine species 
builds its case with bits of coral. 

The cases of caddisflies are often classified as tube cases 
(most Integripalpia), saddle cases or tortoise cases (Glossoso- 
matidae), or purse cases (Hydroptilidae). A tube case is more 
or less cylindrical, surrounding the larva at approximately the 
same distance from all sides, although the shape of the case, 
especially externally, may vary greatly from one species to 
another. Thus, a tube case may be externally cylindrical or 
four-sided or three-sided or flattened; it may have lateral 
and/or anterodorsal flanges; or it may be straight or curved or 
coiled into a tight spiral like a snail shell. A tube case almost 
always has recognizable anterior and posterior ends. Pupation 
occurs within the tube case after it has been fastened to 
stationary substrate and the ends have been sealed with silk 
membranes (except for holes left for water circulation). 

A saddle case is more or less domelike, oval on its flat side, 
always of mineral materials, sometimes with larger stones 
laterally. A transverse strap of fine sand grains connects the 
longer sides of the oval ventrally, beneath the larva, leaving 
anterior and posterior openings on the ventral side, from 
which the head and anus of the larva protrude interchange- 
ably. This ventral strap is removed and the dome is fastened 
to stable substrate by the larva as it prepares to pupate under 
the dome. 

A purse case typically consists of two flat sheets of silk 
(often including sand or algae) that have been sewn together 
at their edges, leaving the ends open for the head and anus to 
protrude interchangeably. Purse cases sometimes are cemented 
to the substrate. Pupation occurs within the purse case after 
the case has been fastened to stationary substrate and the ends 
have been sealed with silk membranes. 


Retreat Making 


About half the species of caddisflies do not build cases, but 
instead spin silken retreats that are stationary, fastened to the 
substrate. These retreats often are modified to assist with 
capturing food, usually by filtering it from moving water. The 
shape of a retreat usually is characteristic of a family or genus 
and may appear on wood or stone substrate—for example, as 
a flat sheet over a shallow depression on the substrate; a long, 
sinuate tunnel or a short covering that incorporates bits of 
mineral or plant material; a fingerlike net on the undersides 
of stones; or a bag of silk suspended from substrate in the 
current. Some species construct a silk-lined vertical tube in 
sandy soil. Pupation occurs either in the silken retreat or in a 
special pupation chamber constructed of silk and plant or 
mineral substrate by the larva. 
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Free-Living Larvae 


Larvae of species of Rhyacophilidae and Hydrobiosidae are 
free-living predators, roaming about the substrate in search 
of prey. Pupation occurs under a domelike pupation chamber 
constructed of silk and plant or mineral substrate by the larva. 


FEEDING STRATEGIES OF TRICHOPTERA 


Although some long-lived adults may imbibe water or nectar, 
most nutrients are acquired by larvae. Larvae feed in a variety 
of ways, with a greater diversity of feeding strategies than any 
other group of insects having a comparable number of species. 
Early instars of most species and late instars of many species 
are collector-gatherers, picking small bits of loose organic 
material from the substrate. Many other species are collector- 
filterers, using silken nets (usually) or hairy legs to strain 
small bits of organic matter from moving water. Shredding 
herbivores chew pieces of leaves of living plants, often using 
some of the same leaves in their cases. Shredding detritivores 
gouge rotting wood or cut pieces of dead leaves that have been 
“conditioned” by fungi and bacteria, getting most of their 
nutrition from digestion of the fungi and bacteria. Scrapers 
graze on the algae, fungi, and associated organic material (“peri- 
phyton”) that is attached to the surfaces of stones and plant 
material exposed to sunlight. Predators either chase their prey 
or lie in wait for it to wander nearby; prey items typically 
include other insects, microcrustaceans, and annelids; the pre- 
dators either swallow their prey whole or they chew them in 
bits. Some caddisfly larvae may eat the flesh of dead animals, 
such as dead fish, as these become available. Some species of 
long-horned caddisflies feed facultatively or obligatorily on 
freshwater sponge, ingesting whole pieces of the sponge, 
including the spicules, which accumulate in the gut. 


IMPORTANCE OF TRICHOPTERA 


Caddisflies are one of the major groups of macroinvertebrates 
in freshwater ecosystems both in terms of species diversity and 
of density, especially in relatively unpolluted waterways. For this 
reason, they are significant contributors in the processing of 
nutrients. On one hand, collecting-gathering and collecting- 
filtering and scraping caddisflies help concentrate the nutrients 
of fine particulate organic matter into their own bodies, making 
the nutrients available to invertebrate and vertebrate predators 
in the food web. On the other hand, shredding herbivores and 
shredding detritivores and predators help to break coarse organic 
materials into small particles, including feces, that can then be 
used by many animals that are able to ingest only fine bits of 
organic material. 


Food Resources 


Because of the many different feeding strategies and habitat 
preferences of this diverse order, nearly every conceivable food 


resource is processed by caddisflies. Because their populations 
are so large, they process significant amounts of these resources 
for the benefit of the other animals in the ecosystem. There 
is even evidence that scraping caddisflies help to increase the 
production rate of the attached algae on which they feed, 
much as mowing the grass in a lawn or pruning new growth 
of fruit trees stimulates increased growth and production in 
those plants. The role of caddisflies in the food web is appre- 
ciated very well by sport fishing enthusiasts, who tie imita- 
tions of larval, pupal, and adult caddisflies on hooks to entice 
their game fish to bite a hook. The more those who fish learn 
about the species diversity, behavior, and biology of cad- 
disflies, the more likely they are to succeed in tricking the fish 
to take the hook. 


Pollution Tolerance 


Although caddisflies generally will not tolerate even moderate 
levels of pollution, the range of tolerances is wide among the 
various species of caddisflies. For this reason and because of 
the usual high species diversity and density of caddisflies in 
unpolluted surface waters, communities of Trichoptera and 
other macroinvertebrates are often used to detect the presence 
of pollution. The occurrence of several of the less-tolerant 
species and high densities of large numbers of species of cad- 
disflies suggest that the water is relatively unpolluted. Pollution 
may be detected with this technique more reliably and more 
cheaply than with chemical analyses. Once it has been estab- 
lished that a given waterway is polluted, follow-up analyses 
may then be attempted to discover the specific polluting sub- 
stances or microorganisms and their concentrations. Finally, 
equipped with those data, land managers, engineers, econo- 
mists, politicians, and other responsible decision makers may 
be better able to determine appropriate mitigating measures 
to reduce or eliminate the pollution. 


See Also the Following Articles 
Aquatic Habitats ¢ Pollution, Insect Response to 
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setse flies belong to the single genus Glossina, in the 

family Glossinidae of the order Diptera. They are found 
only in sub-Saharan Africa, Yemen, and Saudi Arabia, infesting 
38 countries and occupying about 11 million square kilome- 
ters. As cyclical vectors of protozoan parasites of the genus 
Trypanosoma, they are of major economic and biological 
importance. Trypanosomosis (sleeping sickness in humans) is 
a major constraint to livestock production and is a threat to 
millions of people in Africa. Within the genus, 31 species 
and subspecies of tsetse have been identified. Fossil Glossina, 
found in Florissant shales in Colorado, date back to the 
Oligocene, indicating a wider original distribution. 

The genus is split into three subgenera or groups: Austenina, 
(fusca group), Nemorhina (palpalis group), and Glossina 
(morsitans group). The forest-dwelling fusca group are the most 
primitive. Classification is based largely on morphology of the 
genitalia; however, the three groups also differ ecologically. 
Differences in the cuticular alkanes of their sex pheromones 
can also be used for classification and for estimating “genetic” 
distance between species. 





FIGURE 1 An adult tsetse fly in the process of feeding. (Photograph courtesy 


of the International Livestock Research Institute, Graphic Arts Unit, Nairobi.) 
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Puparium 

- Underground 
Adult fly 30-40 days 
Lifespan up to 


3 or 4 months 
Within the adult female 





Egg 1st instar 2nd instar 3rd instar 
50-60 hours larva larva larva 
1-2 days 2 days 2.5 days 


FIGURE 2 Life cycle of the tsetse fly. 


LIFE CYCLE AND REPRODUCTION 


An adult female produces one egg at a time, from which a first 
instar hatches in the uterus, where it is supplied with nutrients. 
After a period of development and molting in the uterus, a 
third instar is deposited on the ground. One full-grown larva 
is produced every 9 or 10 days, which then pupates in light or 
sandy soil. The adult emerges after a puparial period of around 
30 days, depending on the ambient temperature. This process, 
termed adenotrophic viviparity, results in a very low rate of 
reproduction. 

Spermatogenesis occurs during the puparial stage of males 
and ceases after eclosion; maturation of adult males takes 
approximately 3 days. Substances synthesized in the male 
accessory glands are transferred to the female hemolymph 
during copulation and stimulate receptivity of female tsetse. 
Unfed females are unwilling to copulate, and receptivity declines 
with age or after mating. Most female tsetse are successfully 
inseminated even at very low population densities and need to 
mate only once in their lifetime, although multiple mating does 
occur. Male flies seem to rely on visual attraction to find mates. 


Larval Nutrition and Development 


In pregnant females, proteins synthesized by highly efficient 
“milk” glands provide nourishment to the developing larva. 
Milk is secreted cyclically, with a peak in early pregnancy, 
which continues from the time of larval hatch until partu- 
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rition. Some components of the milk probably originate from 
fat-body secretions, and the milk contains relatively constant 
proportions of protein and lipid plus phospholipids, choles- 
terol, triglycerides, and tyrosine. The latter may be necessary 
for tanning larval and adult cuticles. At eclosion of the first 
instar, the milk is rich in acidic lipids, which are later replaced 
by proteins. 

The anterodorsal mouth of the first instar is blocked by a 
chitinized median tooth. This “egg-tooth,” lost with the skin of 
the first instar, is used to puncture the eggshell (chorion), which 
then splits along the dorsal side, allowing the first instar to hatch. 


Larviposition and Pupariation 


Unlike most dipteran larvae, which commit to metamorphosis 
early in the third instar, the third instar tsetse may pupariate 
only when fully grown. Shortly after larviposition, larvae 
exhibit a strong photonegative response and attempt to 
burrow. Uric acid from the anus then spreads over the larva 
and may protect it from predation. Periodicity of larviposition 
is affected by temperature, and the tsetse may respond to 
seasonal temperature cycles such that larviposition occurs in 
the most favorable conditions. The female fly becomes very 
active a few hours before parturition, presumably while 
searching for a suitable larviposition site. Both tactile and 
visual responses have a role in breeding site location. Females 
tend to choose darker resting sites as pregnancy progresses and 
when temperatures increase. The interlarval period depends 
on maternal nutrition and temperature conditions and varies 
according to species, localities, and seasons, from 20 to 90 days. 
Survival of puparia is dependent on relative humidity, which, 
together with temperature, influences selection of breeding 
and larviposition sites. Survival of emerging adults depends on 
the existence of sufficient fat reserves to support them until their 
first blood meal. 

The adult emerges from the puparium using the 
“ptilinum,” a saclike structure folded in a frontal cavity of the 
head. Rhythmic contractions of thoracic and abdominal 
muscles help the adult to break out of the puparium and 
reach the soil surface. Females emerge 1 to 2 days before 
males. Immediately after eclosion, the wings, abdomen, and 
thorax are highly compressed, although the legs are already 
full sized. The newly emerged fly has to expand by about 
90%, using the cibarial pump to suck air into the gut, and 
must then feed to complete growth of the flight muscles and 
endocuticle. 


BLOOD MEAL DIGESTION AND UTILIZATION 


During feeding, tsetse discharge saliva containing a powerful 
anticoagulant antithrombin enzyme. The quantity of saliva 
secreted increases as tsetse become hungrier and may contain 
trypanosomes in infected flies. Two platelet aggregation inhi- 
bitors identified in saliva may also have immunosuppressive, 
anti-inflammatory properties. Digestion of blood proteins takes 


place in the posterior section of the midgut and involves six 
enzymes, which convert proteins to peptides and free amino 
acids. 


Water Balance and Excretion 


After feeding, the increased weight of the fly hampers flight 
and increases vulnerability to predators. There is therefore a 
rapid reduction of the water content of the blood meal from 
79% to about 55% within 3 h after feeding. A blood meal in 
early pregnancy provides females with nutrients that are 
stored for larval development in late pregnancy. 


Pheromones and Hormones 


Sex recognition pheromones of tsetse are saturated, methyl- 
branched hydrocarbons found in cuticular waxes and are 
apparently unique to each tsetse species. They trigger mating 
behavior in males at ultraclose range or upon contact with 
baited decoys. The pheromone is released from the cuticle via 
unicellular glands on the legs and spreads over the external 
body surface by diffusion and grooming behavior. It is 
present on the pharate adult female about 2 days before 
emergence from the puparium and remains throughout life. 
A larval pheromone may be released from the anal orifice of 
tsetse larvae. The pheromone seems to affect choice of 
larviposition site, resulting in aggregation of larvae in 
breeding sites. 


Flight Metabolism 


The energy required for flight is produced from proline and 
is sustained by utilization of lipid reserves. Proline is depleted 
during flight and cannot rapidly be replenished; therefore, 
tsetse are limited to short periods of high-speed flight, at 
between 6.5 and 7.5 ms” (0.4 km min‘) in open country. 
Proline is synthesized from lipids in fat bodies and oxidized 
to alanine in the muscles under hormonal control. Daily 
flight duration in male flies is about 15 min in the hot season 
and more than twice as long in the cold season. If fat reserves 
fall to about 6% of total dry body mass, the fly may die of 
starvation; such nutritional stress also results in production of 
small puparia. 


Vision and Sense Organs 


The compound eyes of both sexes are similar, with a spe- 
cialized zone of greater visual acuity in the forward-pointing 
region. Males, however, have a wider region of binocular 
overlap, which may enhance detection of females. The visual 
function is consistent with fast flight, detection of drift due 
to low wind speeds, mating chases, and discrimination of 
cryptic hosts at high light intensities. 

For mating behavior to be initiated, both mechano- and 
chemoreceptors must be stimulated. The chemoreceptors are 


thought to be basiconic sensilla on the tibiae and tarsi. Other, 
hair-shaped chemo- and mechanoreceptor sensilla are found 
on the front side of the wings. 


DISTRIBUTION AND HABITATS 


The general distribution of tsetse flies, determined principally 
by climate, is influenced by altitude, by vegetation, and by 
the presence of suitable host animals. The limit of 
distribution is closely correlated with the “tropical savanna 
(summer rain) climate,” which follows the > 508 mm annual 
rainfall line, whereas the “tropical rain forest (equatorial) 
climate” controls the habitats of the fusca and palpalis groups. 
The surrounding savannas are the habitat of the morsitans 
group. The southern limits of Glossina distribution in Africa 
lie north of a line drawn from Benguela, in Angola, to 
Durban, in South Africa. The northern limits are roughly a 
line from Dakar in Senegal across to Ethiopia and Mogadishu 
in Somalia on the east coast. 

The distribution and abundance of morsitans group tsetse 
often correspond to those of wild animals. In West Africa, G. 
longipalpis inhabits forest islands with plenty of shade and 
moves to forest edges only during seasons of high rainfall. G. 
austeni is confined to the coastal zone of East Africa, from 
Somalia to South Africa, including the island of Zanzibar 
until it was eradicated from the island in 1997. 

Species of the palpalis group occur in drainage systems 
leading to the Atlantic Ocean or to the Mediterranean, not 
those draining into the Indian Ocean. G. palpalis is found 
close to water, in gallery forests, and it cannot tolerate the wide 
range of climatic conditions occurring in the savanna belt, 
where it is restricted to watercourses or “forest islands.” 

Species of the fusca group are mostly found in forests of 
West and central Africa. Humans are likely to have an adverse 
effect on fusca group tsetse populations through forest clearing 
and hunting. 

Human activity has an important influence on tsetse 
distribution and abundance; humans can scare away or kill 
potential hosts, or destroy the vegetation forming the flies’ 
habitat through agricultural or other development. Most 
African countries, particularly those in tsetse-infested areas, 
have low human population densities; however, Nigeria, 
Africa’s most densely populated country, has a population of 
89 to 100 million, equivalent to 108 people km™. Nigeria 
developed rapidly, and as a result, up to two-thirds of the 
potential G. m. submorsitans population of Nigeria may have 
been suppressed. G. m. submorsitans occurs in areas with 
human population densities ranging from 0 to 15 km”, 
occasionally in areas of 15 to 40 km™, but never when the 
population exceeds 40 km™. Most sub-Saharan African 
countries have densities below 40 km”. Flies of the palpalis 
group, particularly G. tachinoides, are much less affected by 
human settlement, possibly because they are able to adapt 
from a preference for feeding on wild mammals and reptiles, 
to feeding mainly on humans and their domestic animals. 
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Tsetse flies can adapt to peridomestic habitats, and G. 
tachinoides commonly follows domestic pigs in villages and 
utilizes human-made larviposition sites such as clumps of oil 
palm, cola nut, and banana trees. 


HOSTS AND FEEDING BEHAVIOR 


Potential hosts are recognized from visual and olfactory stimuli, 
which, together with mechanical stimulation, activate tsetse 
and initiate host-oriented responses. Approach to a stationary 
host is by upwind flight, modulated by olfactory stimuli, 
flight speed significantly reduced when a fly enters an odor 
plume. Final orientation toward the host is visual. Heat 
stimulation after a fly has landed on the host may then cause 
a probing response and subsequent feeding. Both endogenous 
and exogenous factors influence host-seeking behavior. 
Endogenous factors include a circadian rhythm of activity, as 
well as the level of starvation, age, sex, and pregnancy status of 
the flies. Exogenous factors include temperature, vapor pressure 
deficit, and visual, mechanical, and olfactory stimuli. 


Olfactory Stimuli 


Odor attractants are of three types: those associated with 
animal breath, such as acetone, octenol, and CO,; those 
associated with urine, such as the phenols; and those associated 
with skin secretions, such as sebum. 


Feeding Process 


As a tsetse fly lands on a host, the labium is enclosed between 
the palps. Heat is the prime stimulus leading to probing and 
subsequent feeding by tsetse. Responsiveness increases with 
hunger until the final stages of starvation. As the fly starts to 
probe, the labium moves from the palps, to an angle of 90° 
to the skin. While the labella rests on the skin, the teeth on 
the inner surface are everted and penetrate it. At the same 
time, saliva is excreted from the hypopharynx. Normally, the 
labellar teeth lacerate capillaries, resulting in a hemorrhage, 
which is sucked into the labrum. When the fly stops sucking, 
a small pool of blood forms. If blood is not found, the fly 
withdraws the labium partially and makes a new penetration. 
Unmated female tsetse take smaller meals than mated ones 
either because the gut cannot be distended to the same extent 
or because of lower metabolic demands. 


Host Effects and Preferences 


Nonrandom feeding patterns may result from responses of 
hosts to tsetse attack, such as tail-flicking or skin-rippling 
reactions. Although normally unable to discriminate between 
potential hosts at long-range, the upright habit of humans, 
and lactic acid secretions in the skin, result in visual and 
olfactory repellency, including inhibited landing responses. 
Zebras may be protected from being fed on by biting flies, 
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including tsetse, by their striped pattern. Tsetse are less attract- 
ed to stripes than to solid colors and seem to avoid horizontally 
striped objects. Zebras usually have a combination of vertical 
and horizontal stripes, but the horizontal stripes are on the 
lower part of the animal, where tsetse normally feeds. 


Natural Hosts 


There is a close correspondence between ecological niches of 
common hosts and tsetse habitats, and overlapping habitats 
are important in determining feeding patterns, in addition to 
behavioral characteristics of the host. 

Tsetse will change to alternate hosts if their usual host(s) 
become unavailable. For example, G. longipennis, which once 
fed mainly on rhinoceros, adapted to feeding on other large 
animals as rhinoceros became scarce. Tsetse select host species 
rather than simply feeding on the most common available host. 

Wild pigs (Suidae), particularly warthogs, are important 
hosts for morsitans group tsetse; however, the feeding efficiency 
of tsetse visiting a single warthog could be as low as 12 to 18%. 
Between 26 and 31% of tsetse landed on the head region of 
live adult warthogs, apparently because of a visual response to 
a dark patch produced by the preorbital glands of mature 
warthogs. In East Africa Suidae can form about half the food 
supply of morsitans group tsetse in areas with wildlife. Most 
other feeds are from ruminants, particularly bushbuck. 

The palpalis group, generally inhabiting riverine or 
lacustrine vegetation, have a close ecological association with 
important hosts such as crocodiles and monitor lizards. They 
are, however, opportunistic feeders, and many mammals, 
including humans and reptiles, that enter their habitat may 
be fed upon. In peridomestic situations in the Guinean 
“forest savanna mosaic” region of West Africa, domestic pigs 
are an important source of blood meals for G. palpalis and G. 
tachinoides; wild Suidae, humans, and small ruminants are the 
next most common hosts. In the forest zone of Céte d'Ivoire 
the feeding habits of G. palpalis vary with the availability of 
wild hosts and activities of humans. Around villages, nearly 
all feeds are from domestic pigs, whereas in plantations, more 
feeds are from humans. In human trypanosomosis foci outside 
the edges of villages, palpalis group flies may feed equally on 
humans and antelopes, especially bushbuck. G. tachinoides can 
survive in close association with humans in the virtual absence 
of wild mammals and reptiles. It will readily feed on domestic 
pigs or cattle, but feeds have rarely been identified from domes- 
tic sheep and goats even when these were common. 


RESTING BEHAVIOR 


‘Tsetse rest for most of the day; making use of sites that provide 
protection from extreme temperatures and from predators. 
The sites may also provide vantage points from which to seek 
hosts, and their location can change according to time of day, 
season, and hunger stage of the fly. Recently engorged tsetse 
fly poorly and rest low down on tree trunks; the height above 


ground level of the resting site increases in relation to the fly’s 
nutritional state. 

During the daytime, high temperatures of exposed resting 
sites result in tsetse moving to rest in sites such as the boles of 
large trees, where they squeeze into the fissures of the bark, at 
heights generally less than 0.3 m from the ground. Otherwise, 
flies hide in rot holes, often quite high up, in big tree trunks. 

At dusk, tsetse flies generally move upward, to spend the 
night on leaves or small twigs, possibly to avoid predators. 
The choice of nocturnal resting sites is influenced by seasonal 
effects on the physical condition of the vegetation, such as 
leaf fall. A reverse migration seems to take place about an 
hour after sunrise, possibly in response to light intensity 
falling below a critical level. This rapid migration may occur 
at different temperatures in different seasons. 


Activity 


The diurnal pattern of tsetse activity may differ between species 
and according to sex, hunger, pregnancy, and nutritional state 
of the population. The pattern may also differ for the same 
species of tsetse in different localities. Natural activity of tsetse 
flies can be environmentally stimulated or spontaneous, but 
it has an underlying endogenous circadian rhythm modified 
by temperature. Intensive activity occurs for periods of less 
than a minute. The morsitans group tsetse are mostly active 
early in the morning and/or late in the afternoon. 


DEVELOPMENT OF TRYPANOSOMES IN TSETSE 


Fly species differ in their capacity to transmit trypanosomes, 
and individual fly genotypes also vary and affect susceptibility 
to trypanosome infection. For example, sa/mon mutants of 
G. m. morsitans appear to be better vectors of trypanosomes, 
perhaps owing the metabolism of tryptophan, which is 
essential for trypanosomes. Metabolism in sa/mon mutants is 
affected so that tryptophan accumulates, predisposing the fly 
to trypanosome infection. Flies of the morsitans group are 
mostly good vectors of all trypanosome species. Species of the 
palpalis group seem to be poor vectors of Trypanosoma 
congolense but efficient vectors of some stocks of 7! vivax and 
can be important vectors of human infective trypanosomes. 
Species of the fusca group can be effective vectors of 7’ 
congolense and T. vivax but poor vectors of Trypanozoon 
trypanosomes. Trypanosome infection rates in tsetse are 
generally low and can depend on the age of the fly at the time 
of the infective feed. Wild male tsetse can achieve a life span 
of almost 5 months, but this is probably unusual. Teneral 
flies taking an infective blood meal on the first day of life, or 
soon after emergence, are the most easily infected. The preva- 
lence of mature infections appears to increase with age for 
Nannomonas and Duttonella group trypanosomes in many 
tsetse species. Susceptibility to trypanosome infection may be 
age dependent, but the actual age is less critical than whether 
the fly has taken a previous, uninfected feed. 


SLEEPING SICKNESS 


Trypanosomes were first known to infect humans after being 
detected in the blood of a steamboat captain in the Gambia 
in 1901. The parasite was identified and named Trypanosoma 
gambiense. Sleeping sickness currently occurs in about 200 
distinct disease foci in Africa. These foci place between 35 
and 55 million people at risk, although only about 3 million 
of them are under surveillance and relatively few new cases 
are diagnosed annually. Human sleeping sickness was largely 
under control in the 1960s, but its incidence then increased, 
and in 1994 it was estimated that there were 150,000 cases 
in the Democratic Republic of the Congo. Other estimates 
suggest that around 300,000 people are infected in Africa, 
many of whom will die because of lack of treatment. 


Identity and Origins of the Parasite 


The two parasites causing human sleeping sickness, T’ brucei 
gambiense and T. 6. rhodesiense, are morphologically 
indistinguishable, and early diagnosis was based on clinical 
signs of the disease. Sleeping sickness caused by 7 6 
rhodesiense is an acute disease, with death occurring after only 
a few months, whereas with 7 6. gambiense death may not 
occur for several years. 7) b. gambiense occurs in West and 
central Africa and is transmitted predominantly by palpalis 
group tsetse, while 7’ b. rhodesiense occurs in southern and 
East Africa and is transmitted by morsitans group flies. 
Although generally accepted that sleeping sickness 
trypanosomes are derived from Tb. brucei (infecting wild and 
domestic animals and morphologically indistinguishable from 


Boundary between foci 
of T. b. gambiense (left) 
and T. b. rhodesiense (right) OQ 


FIGURE 3 Distribution of human sleeping sickness foci in Africa. Dashed line 
indicates boundary between foci of 7’ 6. gambiense (west) and T 6. 
rhodesiense (east). Arrows denote the probable direction of spread of the two 


types. 
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the human infective parasites), there are several theories on the 
evolution of species infecting humans. First, the two types of 
sleeping sickness may be caused by the same parasite, the 
disease simply being more acute when the trypanosome 
becomes adapted to certain species of wild animals. Chronic 
disease occurs when the trypanosome is adapted to humans as 
its principal host. Second, Tb. rhodesiense may have evolved in 
the late Miocene or Pliocene, when hominids were exposed to 
Trypanozoon their 
Subsequently, 7 b. gambiense may have evolved from T 0. 


trypanosomes in savanna _ habitat. 
rhodesiense when hominids invaded forests and became hosts of 
palpalis group tsetse. Third, the two subspecies may have 
evolved independently, from 7. }. brucei or a common ancestral 
species. A fourth theory is that after 7’ 6. gambiense spread to 
savanna areas of southeast Africa, 7’ b. rhodesiense evolved from 
it and subsequently spread northward. An alternative theory is 
that 7 b. brucei gave rise first to Tb. rhodesiense and then to T’ 
b. gambiense and that the two diseases evolved in humans from 
an animal infection to an anthropozoonosis (7 6. rhodesiense), 
and then to a pure anthroponosis (7; 6. gambiense). 

Molecular characterization of 7! b. rhodesiense suggests that 
it had polyphyletic origins. It is widely accepted that 7’ b. 
gambiense sleeping sickness spread from West to central Africa. 
Areas of West Africa where sleeping sickness occurred and the 
Nile basin are ecologically similar, with a continuous corridor 
of Sudano-Guinean climate and vegetation. Tb. rhodesiense 
then would have spread northward either from Central Africa 
through East Africa or from the Zambezi valley in Zambia, 
increasing in virulence the further north it progressed. Con- 
tradictory evidence from biochemical and molecular charac- 
terizations suggests that strains of 7’ rhodesiense from Zambia, 
Kenya, and Uganda have independent origins. 


Reservoir Hosts 


Until recently, one of the difficulties in proving the existence 
of reservoir hosts for T 6. rhodesiense and T. b. gambiense 
arose from problems in subspecies identification. It is now 
possible to use molecular genetic and biochemical methods 
to identify human infective forms. Consequently, there is 
now evidence of a range of wild and domestic animal host 
reservoirs. The latter are likely to be less important in the 
epidemiology of sleeping sickness due to 7’ b. gambiense than 
for 7. 6. rhodesiense. Many animals can be experimentally 
infected with either subspecies, and wild and domestic 
animals can maintain the “rhodesiense” disease endemically. 


See Also the Following Articles 


Medical Entomology ¢ Veterinary Entomology ¢ Zoonoses, 
Arthropod-Borne 
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Urban Habitats 
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6 environments are created from natural or agricul- 
tural ecosystems that have been disturbed by human 
activities, typically by the construction of towns and cities. 
The urban biotic environment can be divided into plant and 
animal communities that surround houses and buildings, 
occur indoors or in close contact with humans, or directly 
affect the structure. Human activities give rise to special 
conditions and environments that are frequently exploited by 
a select group of insects and arthropods. For example, about 
25 species of the some 3500 known cockroaches are con- 
sidered to be domicilary pests. Of these 25 species, only 
about 5 are considered to be serious urban pests. Similarly, of 
the approximately 550 species of ants found in the United 
States, only 30 species commonly infest homes, and only 10 
of these are of major importance. Urban landscapes are truly 
special ecological environments and niches. 

Urban environments are similar in developing and 
developed countries worldwide in that natural systems have 
been disturbed by human activities. The rate at which 
urbanization is occurring in undeveloped areas of Africa, 
South America, and Asia is almost incomprehensible. By the 
year 2025, 6.3 to 8 billion people will inhabit less developed 
regions of the world compared with 1.2 to 1.5 billion people 
that will inhabit the developed regions. Between 1960 and 
1990, the number of cities in China, Indonesia, and Brazil 
with more than 500,000 residents doubled; in India, the 
number tripled. By the year 2010, about 57% of the world’s 
population will be living in urban centers, and in Brazil, it 
will be close to 89%. Because of the rapid growth of urban 
cities in developing countries with tropical climates, urban 


insect pests, especially those that vector human and animal 
disease pathogens, are a critically important emerging 


problem. 


DEVELOPMENT OF MEGACITIES 


A newly emerging feature of countries with large population 
centers is the development of mega-urban cities. Megacities 
typically incorporate two or more large urban centers linked 
by transportation. Rural zones between such megacenters are 
characterized by commercialization of agriculture, expansion 
of transport systems, and employment shift from farming to 
other activities, accompanied by migration to the cities. The 
number and size of these megacities in developing countries 
will continue to grow, and by 2015 it is projected that there 
will be some 23 megacities with more than 10 million 
inhabitants (Table I). Tremendous amounts of resources and 
commerce will be necessary to support the large populations 
and the waste and garbage they will produce. It is these 
conditions that are conducive to insect pest problems such as 
mosquitoes, flies, cockroaches, fleas, termites, and wood- 
destroying pests. In addition, crowding and waste lead to 
vertebrate pest problems such as rats, mice, and pigeons. 

Urban centers require the movement of goods and food to 
maintain their large human populations. Human movement 
and transportation of commerce provide a unique and rapid 
dissemination of insects and arthropods between centers. At 
the turn of the 20th century, it took over a week for ships to 
sail from Europe to North America. Today aircraft make the 
same journey in less than 7 h. The potential exists for rapidly 
spreading insects and the diseases they vector from one 
continent to another. Three recent examples of urban 
invasive species spread by commerce are presented. 


URBAN INVASIVE SPECIES 
Asian Tiger Mosquito 
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TABLEI Emerging Megacities of the World with More Than 10 Million Inhabitants (population in millions) 
1975 2000 2015 
City Population City Population City Population 
Tokyo 19.8 Tokyo 26.4 Tokyo 26.4 
New York 15.4 Mexico City 8.1 Bombay 26.1 
Shanghai 11.4 Bombay 8.1 Lagos 23.2 
Mexico City 11.2 Sao Paulo 7.8 Dhaka 21.1 
Sao Paulo 10.0 Shanghai 7.0 Sao Paulo 20.4 
New York 6.6 Karachi 19.2 
Lagos 3.4 Mexico City 19.2 
Los Angeles 3.1 Shanghai 19.1 
Calcutta 29 New York 17.4 
Buenos Aires 2.6 Jakarta 17.3 
Dhaka 2.3 Calcutta 17:3 
Karachi 1.8 Delhi 16.8 
Delhi 1.7 Metro Manila 14.8 
Jakarta 1.0 Los Angeles 14.1 
Osaka 1.0 Buenos Aires 14.1 
Metro Manila 0.9 Cairo 13.8 
Beijing 0.8 Istanbul 12.5 
Rio de Janeiro 0.6 Beijing 12:3 
Cairo 0.6 Rio de Janeiro 11.9 
Osaka 11.0 
Tianjin 10.7 
Hyderabad 10.5 
Bangkok 10.1 


Source: United Nations Population Division. “World Urbanization Prospects,” 1999 rev. UN, New York. 


It is thought that the Asian tiger mosquito, Aedes albopictus, 
entered the United States in Houston, Texas, in 1985 in used 
automobile tires imported from northern Asia. Ae. albopictus 
is a major human biting pest species throughout its range. In 
addition, it has been experimentally shown to be a competent 
vector of a number of viruses including western equine 
encephalitis, dengue, Japanese encephalitis, and yellow fever. 
To highlight the impact of commerce on the potential 
movement of insect pests, over 11 million used tires from 58 
different countries entered the United States from 1978 to 
1985. Ae. albopictus also shows the importance of local 
transport and the interstate highways. In 1987, of the 92 
counties infested with this species, 64 were on an interstate 
highway, nearly twice the number that would be expected if 
their spread were not related to these road systems. 

Since its introduction, this mosquito has spread to 25 
states, mostly throughout the southeastern United States but 
as far north as Iowa, Illinois, and Ohio (Fig. 1). The female’s 
propensity to lay eggs in bottles, cans, tires, rain gutters, flower 
pots, watering cans, children’s swimming pools, and containers 
makes this mosquito ideally suited for urban environments. 


Formosan Subterranean Termite 


The Formosan subterranean termite, Coptotermes formosanus, 
has spread by marine commerce to semitropical and tropical 
seaports throughout the world. Once ashore, railroad ties pro- 
vide a rapid method of moving and establishing large colonies 


of termites. In the 1960s, C. formosanus was discovered in 
Texas, Louisiana, and South Carolina. By 2000, it had spread 
to nine other southern states, and to California and Hawaii. 
C. formosanus is characterized by extremely large populations 
of aggressive foragers that can do extensive damage to 
structures. It is the most import urban pest in Hawaii and has 
been estimated to cause about $300 million damage a year in 
New Orleans, threatening nearly all the buildings of the 
historic French Quarter. 





FIGURE 1 Current distribution of Ae. albopictus in the United States: red, 
positive counties; yellow, negative/eradicated/disappeared; blue, intercepted 
(never established); green, current status unknown. [From Moore, C. G. 
(1999). Aedes albopictus in the United States: Current status and prospects 
for further spread. Am. J. Mosq. Control Assoc. 15(2), 221-227.] 











“* The two tags on this switched potentiometer have blackened with age and 
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In the case of old components that have been stored a long time, where the leads 
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“A glass-fibre filament brush like this is useful for cleaning oxidised parts. 





FIGURE 2 A male and a female Av. glabripennis on a poplar (Populus alba) 
tree. (Photograph by Baode Wang, taken on July 4, 1999 in Gansu province, 
China. U.S. Department of Agriculture, Animal and Plant Health 
Inspection Service, Plant Protection and Quarantines Programs, Otis Plant 
Protection Laboratory.) 


Asian Long-Horned Beetle 
The Asian long-horned beetle, Anoplophora glabripennis (Fig. 2) 


has the potential of becoming a serious pest of ornamental 
trees found in urban landscapes. Infestations of Asian long- 
horned beetle were first discovered in 1996 in Brooklyn. 
Another infestation was found in Chicago in 1998. It is 
believed that the beetle entered the United States in solid wood 
packing material from China. The beetle has been found in 
warehouses in some 26 locations thoroughout the United 
States. This beetle poses a serious threat to many different 
hardwood trees that are common in urban landscapes, 
including sugar, silver and red maple, birch, poplar, willow, 
ash, and black locust. The cost of suppressing the beetle in 
New York has already reached $4 million. 


ADDITIONAL URBAN PESTS 


The vast majority of insects, however, are not capable of 
adapting to the artificial and unnatural conditions created by 
humans in urban environments. A few pests such as the German 
cockroach, cat flea, and house fly have readily adapted, have 
been able to survive in close proximity to humans, and now are 
cosmopolitan. Many urban insect pests such as the German 
cockroach, oriental cockroach, confused flour beetle, and gran- 
ary weevil have lost their ability to fly and rely on human 
activities for their dispersal. Other species such as the Argentine 
ant and the pharaoh ant do not swarm and rely on budding 
for reproduction and commerce for transport. Many of the 
indoor pests of food and fabric have continuous development 
and do not require special dormancy or hibernation to complete 
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development. These insects thrive at temperatures ranging from 
18 to 35°C and relative humidity (RH) ranging from 50 to 
90%, which are ranges typically found within human dwellings. 

In addition to human occupants, domesticated pets may 
be a source of pests such as fleas, ticks, and mites. The cat 
flea, Ctenocephalides felis, is the most important ectoparasite 
of domesticated cats and dogs worldwide. From its probable 
origin in Africa, the cat flea has spread worldwide. In most 
urban environments, the larval development requirements of 
C. felis (RH > 75%, 21-32°C) are found in restricted micro- 
habitats such as crawl spaces under homes, pet houses and 
bedding, utility rooms, and bedrooms. Interestingly, surveys of 
feral animals such as opossums indicate that C. felis is encoun- 
tered only on animals frequenting urban settings. 


NEED FOR URBAN PEST MANAGEMENT 


The need for urban pest management in and around structures 
can be directly attributed to the dislike of insects and arthro- 
pods by humans. Some pests such as cockroaches, fleas, flies, 
and mosquitoes represent potential health risks. Others such 
as termites and wood-destroying pests can cause serious 
economic damage to structures. Pantry and fabric pests cause 
damage to foods, fabrics, and items made with furs, skins, 
and feathers. Many pests such as earwigs (Dermaptera), crickets 
(Orthoptera), pillbugs (Isopoda), sowbugs (Isopoda), and 
millipedes (class: Diplopodia) are occasional intruders, but 
their suppression often requires remedial action. The control 
of urban pests has created a large and important industry in 
the United States and Europe; in the United States alone 
about 1 million structures are treated each year for termite 
damage, repairs, and treatments at a cost of about $520 million. 

The costs of treatment and repair by the pest control industry 
in the United States are estimated at about $2 billion. 
Consumers’ annual expenditures on over-the-counter pest 
control remedies probably are at least as much. In developing 
countries, there will be an increasing need for pest control to 
protect the health and welfare of the inhabitants. With the 
increasing levels of international trade and tourism urban pest 
management will take on special importance in the 21st century. 


See Also the Following Articles 
Blattodea e Cat Fleas ¢ Introduced Insects ¢ Isoptera ¢ Stored 
Products as Habitats 
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| eee are biologically active liquids delivered into or onto 
another organism through a piercing structure such as a 
mouthpart or sting apparatus and often resulting in pain, tissue 
damage, paralysis, or death in the target organism. Insects con- 
tain more venomous species than all other groups of terrestrial 
animals combined. Within insects, venoms evolved numerous 
times to occupy positions in groups as diverse as ants and wasps 
to biting bugs, robber flies, and stinging caterpillars. Venoms 
empower insects with unique properties that enable them to 
achieve far greater effects or impacts on target organisms than 
would be expected for such small animals. For example, a tiny 
wasp weighing far less than a milligram can rapidly paralyze 
a caterpillar hundreds of times its own size. Likewise, a single 
attacking honey bee can send a million times larger human 
into panicked flight. 

Venoms provide the biological means for insects to break 
free from many ecological restraints, thereby expanding their 
opportunities to exploit the world around them. One could 
argue that the omnipresence of ants in today’s world is the result 
of venom combined with a social structure in ancestral ant line- 
ages. Parasitic braconid and ichneumonid wasps, whose species 
number more than 100,000, with probably several times that 
number undescribed, owe their successful speciation, in part, 
to the ability of their venoms to facilitate use of a variety of host 
organisms. Honey bees (Apis spp.) have become dominant 
pollinators throughout much of the world, in large part 
because their venomous stings have enabled them to defend 
against a multitude of large, often intelligent predators. With- 
out their effective defensive venoms, honey bees could not 
prevent the plunder of their large stores of honey and pollen, 
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which they must maintain to overcome long seasonal periods 
of harsh conditions. The biological roles, operation, and 
properties of insect venoms provide dazzling illustrations of 
the successful adaptation of insects to their environment. 


BIOLOGICAL ROLES OF VENOMS 


Venoms serve two primary roles—defense and prey capture. In 
most lineages, the ancestral role, from which a defensive role 
evolved secondarily, was the use of venom for prey capture. 
The venoms of many taxa retain primary roles of prey capture. 
Examples are numerous and include many families or super- 
families of bugs, beetles, flies, neuropterans, and especially para- 
sitoid and solitary aculeate wasps. Many familiar insects have 
taken venom use another step—to defend against predators. 
The mere fact that insects such as honey bees, yellowjackets, and 
hornets are so universally well known attests to the effectiveness 
of their defensive venoms. Defensive venoms are present in all 
social wasps, many ant species (including fire and harvester 
ants), some solitary bees and wasps, a few bugs, and some spiny 
caterpillars. In many of these species, the role of venom for 
prey capture has been entirely replaced by a role in defense. 
In caterpillars, which never used venom for prey capture, the 
role evolved independently. Some species retain both roles, 
with the spider wasps (Pompilidae) as conspicuous examples. 


EVOLUTION OF VENOMS 


Most venoms evolved from preexisting digestive or reproduc- 
tive systems. Exceptions are the lepidopteran caterpillars, for 
which the origin of their venomous spines is unclear. The 
venoms of all other non-hymenopteran insects evolved from 
salivary or gastric secretions associated with the mouthparts 
and digestion. In some taxa, the venom toxins are salivary 
secretions injected into the prey. In others, the toxins are 
regurgitated from the gut into the prey through piercing 
mouthparts. Asilid flies use the latter form of venom delivery. 





FIGURE 1 Fire ant (S. invicta) sting apparatus including the stinger, a derived 


ovipositor, with attached large venom sac and small Dufour’s gland, which 
are derived accessory reproductive glands. (Photograph by J. O. Schmidt.) 


The Hymenoptera evolved an entirely different venom 
system. In Hymenoptera, the stinger evolved through 
modification of the female ovipositor, and venom evolved 
from the accessory reproductive glands (Figs. 1 and 2). 
Consequently, only female Hymenoptera can sting. The lack 
of ability to sting and defend a colony against large predators 
is considered a primary reason for the failure of males, often 
called drones, of honey bees and social Hymenoptera to 
meaningfully defend their colonies against predatory assaults 
or to help the colony via foraging. 


VENOMS USED FOR PREY CAPTURE 


Two basic types of venom are used for prey capture: those that 
kill outright and those that only paralyze or alter prey physio- 
logically. Prey paralysis is important for many insects that 
provide prey for their young. Prey that is paralyzed but still 
living does not spoil rapidly, giving larvae time to feed and 
grow. Insects that kill their prey with venom tend to consume 
it immediately, though exceptions to this rule exist. Wasps 
that use their venoms to provide a living host for their larvae 
and oviposit one or more eggs in or on the host are often called 
parasitoids. The venoms of parasitoids span a paralysis range 
from no paralysis to temporary paralysis to permanent paralysis. 
Venoms causing no paralysis, or short-acting paralysis, are 
found in many species of wasps in which the parasitized host 





FIGURE 2 Pogonomyrmex badius harvester ant sting apparatus including the 
round venom sac with attached free filament that collects materials from the 


hemolymph for venom synthesis, and the tubular Dufour’s gland. 


(Photograph by J. O. Schmidt.) 
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continues feeding and growing until just before it dies, all the 
while harboring and protecting the parasitoid larvae from 
environmental and predatory risks. The venoms of these wasps 
often contain mutualistic viruses and other components that 
not only help protect the oviposited eggs from host encap- 
sulation and immune defenses, but also alter the hormone 
balance inside the host to prevent molting to the next stage 
of development. If the host is in a protected environment, 
such as exists for wax moth larvae in combs of a dead honey 
bee colony, an extremely potent venom that causes total and 
permanent paralysis, like that of a parasitoid wasp such as 
Bracon hebetor, can be beneficial. 

Hunting wasps are another group of solitary wasps that use 
venom for prey capture. These wasps include familiar sphecid, 
eumenid, and spider wasps plus a variety of other families of 
aculeate wasps. Like classical parasitoid wasps, hunting wasps 
possess venoms with a large activity span. For example, the 
sphecid Larra analis uses venom to paralyze its mole cricket 
hosts temporarily. At the other extreme, represented by the 
beewolf Philanthus triangulum and tarantula hawks (Pepsis 
spp.), the hunting wasps paralyze the honey bee and tarantula 
prey permanently. No evidence for injection of viruses or fac- 
tors altering the host’s endocrine or immune systems exists 
for hunting wasps. The majority of parasitoid and hunting 
wasp venoms are of little value for defense against predators. 
In many groups, the wasps cannot, or do not, even attempt 
to sting predators; in others, the pain and activity of the venom, 
at least to humans, is trivial. Some exceptions exist: most 
pompilid wasps, some eumenid and bethylid wasps, and a 
very few sphecid wasps can deliver painful stings; however, 
none of these venoms is meaningfully toxic to mammals. 


DEFENSIVE VENOMS 


Because of the extreme size difference between vertebrates and 
insects, insects are vulnerable to attack by vertebrate predators. 
Once such a small creature is captured by a large predator, 
typical defenses such as kicking, scratching, and biting are all but 
useless. A very few defenses, particularly potent venomous stings 
and allomones, can neutralize the predator's size advantage and 
blunt attacks. A key feature promoting the efficacy of defensive 
venoms is the ability of the sting apparatus to bypass the preda- 
tor’s skin and external defensive barriers and inject venom 
directly into sensitive tissues. Venoms function as defenses in 
several ways. First, they cause pain. Second, they can cause body 
or tissue damage, or death. Beyond these primary activities, 
venom can have defensive value based on its nasty taste, and, 
possibly, on its ability to induce allergic reactions. Honey bee 
venom illustrates the value of a repugnant taste of a venom: 
presumably birds and other vertebrates reject worker bees while 
readily devouring drones because of the ability of workers to 
sting. For example, western king birds selectively prey on drone 
honey bees, which they manipulate entirely with their hard 
bill until the prey can be quickly swallowed, head first. The 
handling and speed of consumption suggested to the author 


1162 


Venom 


that a king bird could consume worker bees without being 
stung. Why then were workers rejected? A suspected, but uncon- 
firmed, explanation was revealed upon consumption of whole 
frozen drone honey bees and abdomens of workers. Drones 
were generally palatable. In contrast, worker abdomens were 
noisome, possessing a bitter and “hydrolytic” taste, a taste con- 
firmed (by sampling of an isolated venom sac) to be venom. 

No direct evidence confirms a defensive value for venom 
allergy. However, three lines of reasoning suggest that such a 
value might exist. First, the 1 to 4% incidence of allergic 
reaction to insect stings in the general human population is 
disproportionately high compared with allergy to other pro- 
teinaceous substances. Second, observations of social interac- 
tions among human groups in which one individual 
experiences an allergic reaction to a sting reveal that fear of 
the culprit stinging insect is shared among the whole group. 
Primates and other intelligent social mammals, major potential 
predators of social insects, likely also learn to avoid the stinging 
insects by observation of the plight of a group member. Third, 
an allergic reaction impairs an individual’s ability to avoid its 
own predators, to obtain food, and to reproduce as effectively 
as if no reaction had occurred. Consequently, the genes from 
an individual that attacks stinging insects and suffers a reaction 
are not as likely to be passed to future generations. Such “genetic 
learning” would be a consequence of allergic reactions. 

Pain, the most notorious property of an insect sting, is key 
for instant defensive value of venom. Pain is the biological 
signal that indicates to an organism that bodily damage has 
occurred, is occurring, or is about to occur (Fig. 3). Conse- 
quently, pain is a signal that must be heeded and acted upon 
if an animal is to enhance its own survival and fitness. Pain acts 
to stop an attacking predator and to cause it at least momen- 
tarily to assess its own risk situation. In the meantime, the 
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FIGURE 3 Painful local reaction illustrating central tissue damage and sur- 
rounding inflammation induced by a honey bee sting. (Photograph by J. O. 
Schmidt.) 


stinging insect gains valuable time for escape or further defense. 
Because pain cannot be measured easily or precisely, exact 
values to use for comparing the effects of different venoms on 
potential predators are unobtainable. To provide a means for 
comparison, Schmidt developed a pain index, based on a scale 
of 0 to 4. Zero indicates that the stinging insect is too small 
or otherwise unable to pierce the human skin; 2 is the central 
value, as represented by the pain of a honey bee sting; and 4, 
the top of the scale, is typically described as causing immediate, 
excruciating, totally debilitating pain that completely eliminates 
the ability of the stung individual to continue to act in a normal 
fashion. Table I lists some of the pain values for common insects. 

Pain, in itself, is not an outright defense—it can be a bluff, 
mimicking damage and deceiving a would-be predator into 
believing that it has been injured. Unless confirmation of injury 
follows, an intelligent animal quickly learns to ignore the pain 
and continue with its attack. Beekeepers provide a familiar 
example of the principle—upon learning that bee sting pain 
does not translate into actual damage or risk, they continue 
their activities, often receiving scores of stings in a day. If damage 
did occur to beekeepers, the profession would have become 
extinct long ago. A minority of beekeepers do experience 
damage in the form of large local or allergic reactions, and 
these individuals usually abandon the profession. To avoid 
the limiting problem associated with pain, venoms of many 
insects have evolved a step further to the stage of “truth in 
advertising”: pain is the advertising; toxicity is the truth. If the 





TABLEI Pain Rating and Lethality of Common 
Insect Venoms* 

Species Common name Pain rating’ Lethality’ 
Lasioglossum spp. Sweat bee 1 n/a 
Sceliphron 

caementarium Mud dauber wasp 1 n/a 
Solenopsis invicta Fire ant 1 n/a 
Sphecius grandis Cicada killer wasp 1-2 46 
Myrmecia gulosa Bull ant 1-2 0.18 
Dinoponera gigantea — Giant ant 2 12 
Xylocopa californica Carpenter bee 26 
Dolichovespula 

maculata Baldfaced hornet 2 6 
Bombus impatiens Bumble bee 2 12 
Apis mellifera Honey bee 2 2.8 
Vespula germanica German yellowjacket 2 2.8 
Polistes canadensis Red paper wasp 2-3 2.4 
Dasymutilla klugii Velvet-ant wasp 3 71 
Pogonomyrmex 

maricopa Harvester ant 3 0.125 
Pepsis formosa Tarantula hawk wasp 4 65 
Paraponera clavata Bullet ant 4 1.5 


“For a more complete list, see Schmidt (1990). 


'Based on a scale ranging from 0 to 4; 4 is the highest score. 


“Measured as milligrams of venom per kilogram of body weight in mice; 


the smaller the number value, the more potent the venom. 


pain signal is associated with damage, then predators cannot 
easily bypass the pain signal. Venom toxicity is most easily 
measured in terms of its ability to cause death in an animal. 
Table I also rates the lethality of representative insect 
venoms. Often, but not always, increased pain parallels 
increased lethality, hence the tandem evolution of both “adver- 
tising” and “truth.” Notable venoms on the list are those of the 
harvester ants (Pogonomyrmex), the most lethal insect venoms 
in the world, which cause rather nasty intense pain that lasts 
for 4 to 8 h, and bullet ants (Paraponera), the world’s most 
painful venomous insects, which also have a respectable lethali- 
ty. Bull ants (Myrmecia) and tarantula hawks (Pepsis) present 
curious cases: bull ants are rather lethal, yet they induce 
relatively little pain; tarantula hawks cause a most intense pain, 
equaling that of bullet ants, for 2 to 3 min, yet they possess 
no vertebrate lethality. The explanation for this discrepancy 
between pain and lethality is unclear for bull ants, but for 
tarantula hawks the explanation might be that Pepsis must 
permanently paralyze its spider prey without killing them. 


ECOLOGY AND EVOLUTION 


Insect venoms have played an enormous role in ecology and 
evolution. For parasitic and hunting wasps, venoms have pro- 
vided the means to expand the menu of hosts as food sources. 
This in turn allowed, and continues to allow, isolation of 
breeding populations and rapid speciation of the wasps. Via 
their increased impact, wasps alter the foraging and defensive 
behaviors of their host species, with a ripple effect insofar as 
other predators and parasitoids are influenced. The influence 
of defensive venoms is even greater. The defensive potency of 
venoms provided venomous insects the freedom to enhance 
further their defensive strengths through evolution of secondary 
defenses of aposematism and mimicry. Warning colors, sounds, 
or chemical signals used in conjunction with the honest threats 
of damage from the sting provide venomous insects with the 
ability not only to defend against potential predators, but also 
to reduce risks of being attacked. After one or a few species 
develop aposematic signals, other venomous insects can 
become Miillerian mimics of the signals. The system opens 
to “cheaters’—which are not noxious—to become Batesian 
mimics of the venomous models. 

For most species, freedom from one or more predators, or 
reduced predatory pressure, provides wonderful behavioral 
and evolutionary opportunities. Secretive species may expand 
their niches into more conspicuous environments or to 
increased periods of time, thereby reaping the benefits of 
increased quantity and variety of resources. Examples of this 
are brightly colored bumble bees, social wasps, and spider 
wasps that can forage during daylight hours in open 
environments, free from most threats from predatory birds 
and lizards. Likewise, venomous ants can exploit daylight 
periods, open areas, or conspicuous areas in the vegetation. 

All other effects of venoms pale in comparison to their 
impact on the evolution and maintenance of sociality in the 
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Hymenoptera. Social wasps, bees, and ants account for a huge 
percentage of the individuals and biomass of most ecosystems, 
especially tropical systems. Social wasps are important preda- 
tors of other arthropods, social bees are responsible for much 
of the pollination of plants, and ants are major predators and 
influences on other animals. Insect sociality evolved through 
kin selection in which related presocial individuals that coop- 
erated had higher inclusive fitness (the successful passing on of 
their genes to the next generation) than did individuals that 
did not cooperate. In Hymenoptera, the evolution of sociality, 
and its maintenance, was possible, in large part, because of 
defensive venoms. Social insects and their nests full of defense- 
less brood and/or food stores represent potential bonanzas for 
predators capable of exploiting them. As colony size increases, 
larger and more determined predators will attempt to exploit 
a colony’s brood or food cache. Venoms provided the means, 
both proximate and ultimate, for colony defense against destruc- 
tion. Once established, sociality in Hymenoptera could progress 
from small simple social structure to highly organized struc- 
tures via the evolution of increasingly potent venoms and other 
defenses. Populous, highly organized social species dominate 
and rule most environments. 


See Also the Following Articles 
Bee Products « Chemical Defense « Mimicry ¢ Predation « 
Sociality « Wasps 
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V eterinary entomology deals with arthropod pests and vectors 
of disease agents to livestock, poultry, pets, and wildlife. 
It is allied with the fields of medical entomology, parasitology, 
animal sciences, veterinary medicine, and epidemiology. The 
main pests of veterinary concern are sucking and biting lice, 
biting flies, nonbiting muscoid flies, bot flies, fleas, and Acari 
(mites and ticks). 
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ARTHROPOD GROUPS 


Arthropods that affect animals can be categorized by the 
intimacy of their host association, and these range from 
permanent ectoparasites to pests that contact the vertebrate 
only briefly once every few days. 


Permanent Ectoparasites 


Some arthropods, such as lice and many parasitic mites, 
complete their entire life cycle on the host. All stages of 
sucking lice (Pthiraptera, suborder Anoplura) are mammal 
parasites and feed on blood, whereas biting lice (suborders 
Amblycera and Ischnocera) use either mammal or bird hosts, 
feeding on skin, hair, and feather debris. Lice tend to be 
abundant in cool weather or on animals stressed by poor 
nutrition or overcrowding. Many lice are specific to one or a 
few closely related hosts and cannot survive more than one to 
a few days away from the host. Transmission from host to 
host is mostly by direct contact. 

Parasitic mites (Acari, suborders Mesostigmata, Acaridida, 
and Actinedida) are found on most groups of birds and mam- 
mals. Like lice, most are specific to one host species or a small 
group of related species. Several genera comprise what are 
commonly known as “mange mites.” Sarcoptes scabei, which 
causes sarcoptic mange, burrows at the surface of the dermis 
and exists in a number of races that generally are host specific 
to swine, dogs, and so on. Demodex mites, causing demodectic 
mange, live in follicles and can be important especially in 
immunocompromised hosts. Chorioptes and Psoroptes, causing 
chorioptic and psoroptic mange, include species of considerable 
importance for cattle, and wild and domestic sheep. The latter 
mites complete their development at the skin surface and do 
not actually burrow in the skin, although mites often are 
covered by scabs and are frequently called scab mites. 
Ornithonyssus mites are blood feeders and are especially 
important for wild and domestic birds, where populations 
may reach many thousands per host (Fig. 1). They occupy fur 
and feathers, travelling to the skin surface to feed regularly. 

Some of the more advanced flies are also permanent 
parasites, and a number of species in three families hardly 
resemble flies at all because they have secondarily lost their 
wings (apterous). Members of the dipteran families Streblidae 
and Nycteribiidae live on bats, whereas members of the 
Hippoboscidae parasitize various birds and mammals. Some 
hippoboscids are economically important, such as the sheep 
ked, Mallophagus ovinus. In all these families, the adult female 
nurtures a single larva within her body until it is mature; this 
is a very unusual pattern for insects. After the mature larva 
exits the female, it promptly pupates on the host. 


Semipermanent Ectoparasites 


The semipermanent ectoparasitic arthropods do not complete 
the entire life cycle on the host, but they do spend at least several 
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FIGURE 1 (A) Scanning electron micrograph of the northern fowl mite, O. 
sylviarum, a permanent ectoparasite of many birds, including domestic 
chickens. (B) The vent of a chicken, showing the blackened feathers typical 
of a heavy infestation. This hen has over 20,000 mites. [Part (A) courtesy of 
Jeb Owen, University of California, Riverside.] 


days at a time on a vertebrate. The hard ticks (Ixodidae) attach 
to feed for several days in each of the life stages. Although 
some, like the cattle tick Boophilus, complete the entire life cycle 
on a single host, the most abundant and widespread species 
tend to use a separate host for each stage. In this case the 
engorged tick falls off, molts, and then finds a new host by 
crawling up on vegetation and waiting for a passing vertebrate, 
to which it attaches. This activity is known as questing. Often 
the larva hatches from an egg and attaches to a small host such 
as a rodent, whereas the nymph (the stage after the larval molt) 
or adult may attach to a larger host such as a deer. Examples 


of this include the American dog tick Dermacentor variabilis. 
Adult female hard ticks take a large blood meal, produce a 
single large batch of eggs (typically several thousand), and 
then die. 

Fleas (Siphonaptera) generally are on a host for most or all of 
the adult stage, and feed on blood. About 94% of flea species 
live on mammals, and the rest on birds. Flea eggs fall from the 
host pelage into a nest environment, where the larvae feed on 
organic debris and sometimes on excess blood produced by the 
adults. Fleas thus are often lacking on hosts that do not return 
to long-term bedding areas or nests. 

Bot flies include important species in the dipteran families 
Oestridae, Gasterophilidae, and Cuteribridae. They spend 
nearly the entire year as immatures within the vertebrate’s 
body. Eggs, often laid on hairs, hatch and enter the host body. 

Horse bot larvae (Gasterophilus) attach to the wall of the 
gastrointestinal tract for several months before they pass from 
the host with feces to pupate in soil. Cattle grubs (Hypoderma) 
migrate through the lining of the esophagus or spinal cord, 
depending on the species, and eventually form a cyst in the 
back. After a final period of maturation, larvae exit the cyst 
and fall into the soil to pupate. Bot fly adults lack functional 
mouthparts and depend entirely on reserves from the larval 
stage to sustain them for several days; in this brief time they 
must find mates and hosts. The invasion of vertebrate tissues 
by fly larvae is known as myiasis. 

Certain other flies also are semipermanent parasites. Among 
muscoid Diptera, the horn fly, Haematobia irritans, is on 
cattle most of its adult life, where adults of both sexes feed 20 
to 30 times daily. They leave the host to disperse and to lay 
eggs in very fresh dung, and then return to the host. 


Occasional Parasites 


The broad category of occasional parasites includes a range of 
arthropods. The most intimate host associations in this 
group include the soft ticks (Argasidae) and some blood- 
feeding mites such as the bird parasite Dermanyssus gallinae. 
In both cases, nymphs or adults hide in or near nest areas, 
sheltered in cracks and crevices or under debris; thus, they are 
closely associated with animals, although they contact them 
only periodically. They leave the hiding places, often at night, 
to feed for periods of 5 to 30 min, returning to the nest to 
digest the blood meal. Some soft ticks can withstand dry 
conditions and years without feeding. 

Many serious biting fly pests spend the immature period 
away from the host, exploiting an entirely different resource 
base. It is common for larvae to feed on detritus in wet 
habitats, whereas the adults use plant nectar for energy and 
blood for egg development. For example, larvae of stable flies 
live in rotting vegetation, blackflies in running water, horse flies 
and biting midges in swampy mud, or mosquitoes in ponded 
or slowly moving water. When the adults emerge, they take 
blood meals at intervals of 1 to 4 days, but they typically are 
in contact with the host for only a few minutes at a time. 
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FIGURE 2 The stable fly, Stomoxys calcitrans, may attack animals in high 


numbers: there are approximately 200 flies feeding on the front leg of this 
bull. This species is illustrative of the occasional parasites because the adult 
flies blood-feed for only a few minutes every day or two, and larvae are in 
rotting vegetation away from the host animal. 


They leave the host to digest the blood in some sheltered 
resting location. For the higher Diptera (suborder Cyclor- 
thapha), such as stable flies (Fig. 2) or tsetse flies, both sexes 
feed on blood, and multiple blood meals usually are needed 
to develop a batch of eggs (or, for tsetse, a single mature larva). 
In the lower Diptera (suborders Brachycera and Nematocera) 
such as horse flies, blackflies, or mosquitoes, only females 
take blood, and most species require only a single large blood 
meal to develop an entire batch of eggs numbering 50 to 300. 
Some other pests in this general category do not feed on blood 
but visit the host to take meals of tears or other protein-rich 
secretions that are also used to develop eggs. A good example 
is the face fly, Musca autumnalis. 


HOW ARTHROPODS CAUSE DAMAGE 
TO ANIMALS 


There are several basic ways in which arthropods cause damage 
to animals, and the different mechanisms interact to impact 
agricultural production. Arthropod damage to plant crops 
often is evident to consumers, who react with disgust to cab- 
bage leaves damaged by loopers, corn earworm larvae on an 
ear of corn, or scale insects on citrus fruit. In contrast, arthro- 
pod damage to animal production tends to be hidden from 
the consumer because the product is purchased in the form of 
jugs of milk or wrapped packages of butchered meat. Never- 
theless, losses are serious for producers, and costs are passed 
on to consumers. 
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Loss of Blood and Tissue Fluids 


Many arthropods ingest blood, usually for egg development. 
Impact of blood loss on the animal reflects the style of feeding 
and the number of arthropods. For example, mosquitoes 
canulate a vessel and hosts generally lose only the blood mos- 
quitoes ingest. In contrast, not only do biting flies that macerate 
the capillary beds of the skin to feed from blood pools tend to 
inflict more painful bites, but the bites themselves lead to a 
larger quantity of blood loss per feeding insect. For example, 
horse flies (Tabanidae) may directly remove over 200 ml day“ 
from a host in a pasture, but blood continues to run from the 
wound for a period of time, often being fed on by other flies. 
Many hard ticks (Ixodidae) increase in weight by 100-fold or 
so as they feed for 7 to 10 days. Females of very large species 
of ticks may contain over a milliliter of blood at a time, and 
hundreds may be attached to a single host animal. Blood or 
fluids such as lymph are metabolically “expensive” for a verte- 
brate to produce. Such loss is reflected in reduced feed conver- 
sion efficiency, which occurs when animals eat more for a given 
yield of meat or eggs. Insect feeding also causes significantly 
lower weight gains or milk production. Losses of 10 to 20% 
feed conversion, 0.1 to 0.2 kg day weight gain (cattle), and 
5 to 10% loss in milk yield are not uncommon for animals 
under heavy attack. 


Pain and Interference with Activities 


Pain and irritation caused by arthropod attack force animals 
to alter their feeding or activity patterns and to engage in a 
number of sometimes vigorous behaviors to defend themselves. 
There may be economic loss as well, since animals are not 
feeding normally and must expend energy that might other- 
wise be directed toward growth or reproduction. For example, 
stable flies (Stomoxys) and face flies, as well as other biting flies, 
can cause animals to retreat into groups for refuge. In groups, 





FIGURE 3 “Gadding” behavior (note the tail held up in the air) by a calf 
being attacked by cattle grub flies (Hypoderma spp.). Vertebrate host behavior 


can be altered by parasites. (Photograph courtesy of Dr. Jerry Weintraub, 
Agriculture Canada.) 


insect attack rates usually are lower per host (the herd dilution 
effect), particularly for the animals that occupy the interior of 
an aggregation. Animals also may enter woods or bodies of 
water in an apparent attempt to escape insects. Cattle pursued 
by adults of cattle grubs (Hypoderma) experience no immediate 
pain from the flies, which cannot bite. The female flies are 
trying merely to deposit eggs on the cattle hair at the base of the 
legs. Still, cattle exhibit an interesting, stereotypical behavior 
known as “gadding” (Fig. 3). The animals run at full speed 
with tails raised straight into the air, which expends energy and 
may cause accidental injury. 

Although pests such as house flies may not cause direct 
losses to the animals, they are produced near animal operations 
and thus are a veterinary entomology problem. Excessive num- 
bers (“excessive” admittedly is a subjective term) of nuisance 
arthropods cause great annoyance to people living nearby, and 
thus constitute serious public relations and legal problems for 
producers. Public health agencies can close facilities unable 
or unwilling to mitigate such a problem. 


Allergic Responses to Saliva 


Blood-feeding arthropods possess a potent arsenal of chemicals 
in their saliva to maintain blood flow (vasodilators, anticoag- 
ulants) and sometimes have anesthetics to reduce host defensive 
response. Like humans, animals can develop allergies to these 
compounds. Horses commonly react to biting midge (Cudi- 
coides) feeding with an allergic reaction called Queensland 
itch or sweet itch, resulting in skin inflammation and hair 
loss. Mass emergences of the blackflies Simulium arcticum in 
Canada and Cnephia pecuarum in the valley of the southern 
Mississippi River have resulted in the deaths of livestock, 
probably from allergic responses as well as blood loss. Larvae of 
sheep blowfly (Lucilia) feed near the skin surface, especially 
where the wool is wet, and can contribute to a toxic shock—type 
syndrome fatal to infested sheep. Pets may develop serious 
allergies to fleas, with resulting hair loss and other symptoms. 


Product Damage 


Arthropods sometimes cause direct damage to parts of the 
animal desired by people. For example, cattle grub (Hypoderma) 
larvae form large cysts in the backs of cattle. They cut a hole in 
the skin to breathe, and this skin is the thickest on the animal. 
Although the holes heal after the larva exits, the scarred skin is 
less valuable for leather. The presence of larvae also can affect 
the quality of the meat in this area of the animal, which is the 
part where steaks come from, and damaged meat sometimes 
must be trimmed at the slaughterhouse. Mites such as Psoroptes 
and Sarcoptes, as well as many lice, often result in irritation, 
rubbing, and gross loss or damage to hair and wool. 
Cosmetic damage, including rashes or minor hair loss, can 
be predictably serious to the owner of a pet or a show animal. 
However, cosmetic damage also can cause losses in animal 
agriculture out of proportion to actual damage. An example 


of this is the condition “gotch ear” in cattle caused by the Gulf 
Coast tick Amblyomma maculatum in the southern United 
States. Damaged ear cartilage is cosmetic, but causes the animals 
to be placed in an “odd lot,” with per-pound prices of $0.05 
to 0.10 less than undamaged cattle. 


Restricted Trade 


Many pests have distinctive distributions, and preventing move- 
ment or dispersal into new areas is of paramount importance. 
Cattle ticks (Boophilus) and screwworm (Cochliomyia hominivo- 
vax) were eradicated from the southern United States in the 
20th century, but they persist in Central and South America. 
The U.S. habitat obviously is still suitable. Without complex 
systems of animal quarantine, treatment, and examination, it 
is certain they would reestablish in the United States. 

Exotic arthropods pose a great threat either as direct pests 
or vectors of disease agents such as those that cause heartwater 
or African swine fever. The Office International des Epizooties 
lists diseases of risk for animals worldwide, and one of those 
on List A (greatest risk) is bluetongue. This viral disease of 
ruminants, such as cattle and sheep, is transmitted by biting 
midges, and is endemic in the United States. Trade restrictions 
from bluetongue cost the U.S. cattle industry many millions of 
dollars annually, even though cattle themselves do not usually 
develop obvious disease. The reason is that some major trading 
partners (e.g., western Europe) lack bluetongue, and their agri- 
cultural authorities fear an impact on their sheep industries 
from accidental importation. 


Diseases 


A number of serious animal disease agents are transmitted by 
arthropods. The worst of these are tropical, and they cause 
death and heavy production losses in the affected countries. 
African trypanosomiasis causes a wasting-type disease known 
as nagana in animals and sleeping sickness in humans, and 
Theileria parva, called East Coast fever, can cause 90 to 100% 
mortality in affected cattle in eastern Africa. People in developed 
countries tend to underestimate the true value of animals in the 
developing world. Animals are vital there not only for protein- 
rich food, but for draft and transportation purposes, and as 
wealth. They are the basis of many pastoral peoples’ economies, 
and the economic impact of some of these animal diseases can 
far exceed the impact of similar, serious human pathogens. 
‘Temperate zones also have some rather important arthropod- 
transmitted animal disease agents, including Anaplasma, dog 
heartworm, and equine infectious anemia virus. In the United 
States and Europe, the direct effects of arthropods on animal 
production generally exceed losses caused by arthropod- 
transmitted diseases. However, the role of wild animals as 
natural reservoirs of pathogens that incidentally infect people 
is very important in both temperate and tropical zones. Diseases 
that cycle naturally in animal populations and occasionally 
infect people are called zoonoses. Zoonoses comprise some of 
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the more notorious arthropod-related human health problems. 
They include plague (maintained in rodents and transmitted 
by fleas), Lyme disease (maintained in rodents and transmitted 
by ticks), and St. Louis encephalitis (maintained in birds and 
transmitted by mosquitoes). Previously unknown tick-borne 
ehrlichioses (caused by intracellular bacteria-like organisms 
in the genus Ehrlichia) have been recently discovered infecting 
humans in the United States. They are zoonotic in origin and 
typify a category of “emerging” human diseases that is now of 
great interest in the medical community. 
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Vibrational Communication 


Andrej Cokl and Meta Virant-Doberlet 
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M any insects communicate by vibratory signals that are 
produced directly by a body part or, indirectly, as a by- 
product of some other activity. Insects emit vibratory signals in 
connection with aggression, distress, calling, courtship, rivalry, 
and other specific behaviors, among other functions enabling 
mate location and recognition. This article presents mecha- 
nisms, structures, and signals of vibratory communication in 
relation to behavior. 


MECHANISMS OF VIBRATION PRODUCTION 


Insects produce vibratory signals by percussion, vibration of a 
body part, tymbal mechanisms, or stridulation. Percussion is a 
very common because of the hard exoskeleton, which enables 
either percussion of two body parts or striking against a sub- 
strate. The percussive structures are in most cases relatively 
simple. Book lice (Psocoptera) and stoneflies (Plecoptera) tap 
their abdomens against the substrate, Orthoptera use their 
legs, and termites and beetles drum with their heads. Low- 
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frequency signals also can be emitted by vibration of some 
body part(s). For example, male and female chloropid flies 
Lipara communicate over distances of more than 2 m on a 
reed with signals produced by vibration of the abdomen. 
Lacewings (Chrysopidae) oscillate the abdomen without 
touching the substrate, and in this way shake the stem or leaf 
on which they are standing with the low-frequency component 
of the broadband signal being used for communication. 
Abdominal muscles are involved in song production also in 
the Hawaiian fly Drosophila sylvestris. Bees produce vibratory 
signals by thorax vibrations; “begging” signals are transmitted 
to the substrate through the legs and “tooting” and “quacking” 
signals directly by pressing the thorax to the substrate. 

Tymbal-like mechanisms are used to produce vibratory 
signals in most cicadas, small plant bugs, and hoppers. Because 
there are no special resonant air sacs behind the tymbal, the 
carrier frequency remains low and suitable for transmission 
through a substrate. Many insects produce vibratory signals 
by friction of two body parts moved one across another. For 
example, ants stridulate by means of a file on the dorsal 
surface of the first abdominal segment and a plectrum on the 
posterior edge of the metathorax or postpetiole. The substrate- 
borne component of the audible signal is used for 
communication. Burrower bugs (Cydnidae) communicate with 
substrate-borne signals produced with the tergal plate, which 
functions simultaneously as tymbal, as a file with its latero- 
frontal surface, or as a plectrum for the alary stridulitrum on 
the postcubital vein. 

Vibratory signals are produced by different insect activities. 
An insect singing on or close to a substrate produces signals with 
airborne and substrate-borne components, and many of them 
use both simultaneously or alternatively. Fruit flies communicate 
with near-field sound radiated from wings and with substrate- 
borne signals, which are simultaneously produced by muscles 
driving the wings. Soil buzz vibrations and sounds produced 
by solitary bees and wasps are used as cues for localization. 


TRANSMISSION OF VIBRATIONS 


An insect standing on a substrate may be represented by a model 
of a mass on six springs. The bodies of treehoppers, spiders, and 
even fiddler crabs respond to substrate vibration with resonance 
at lower frequencies and attenuation at higher frequencies. Legs 
transmit body vibrations to the substrate and are the seat of 
most sensitive vibrational receptors. Transmission over the legs 
depends on their stiffness, and the response properties of the 
body-—legs oscillating system varies in different species with 
posture changes. Signal amplitude decreases during transmission 
to the substrate, mainly because the body also vibrates during 
singing in a horizontal plane. 

Plants are widely used as transmission channels for insect 
vibrational songs. Although quasi-longitudinal waves and waves 
of some other types cannot be excluded, communication signals 
are carried by bending or flexural waves with only a little fric- 
tional loss in energy and particle motion, both in the longitu- 


dinal direction and in a plane perpendicular to the direction 
of wave propagation and to the surface. Their propagation 
velocity varies little with the structure’s mechanical properties 
and is proportional to the square root of the structure's radius 
and the square root of the frequency. Vibratory signals reflect 
mainly at the root and top of the plant and may travel back 
and forth several times. In standing wave conditions with a 
complicated and frequency-dependent pattern, it is a better 
strategy for communication to use broadband and not pure 
tone or narrowband signals. 

There are many examples that demonstrate how well the 
spectra of vibratory signals fit the filtering properties of host 
substrates. In plants, lowest attenuation with distance occurs 
with signals of frequencies around 100 Hz. Spectra of the 
songs of the southern green stink-bug, Nezara viridula, have 
a narrow dominant frequency peak between 80 and 160 Hz 
(Fig. 1) and the main energy of the broadband “small cicadas” 
and cydnid signals is emitted at lower frequencies. Carpenter 
ants, Camponotus herculeanum, live in tree trunks from which 
the soft spring wood has been eaten out, leaving thin, lignified 
lamellae. The alarm signals, produced by drumming the head 
and gaster against the substrate, are particularly suited for 
transmission through the nest but not through to the outside. 
“Begging signals,” emitted by bees following a dancer, are used 
to solicit food samples. The 1-[1m peak amplitude of the signals 
lies slightly above the threshold for the bee “freezing response,” 
and the signal dominant frequency around 320 Hz lies in the 
range of the best signal-to-noise ratio of the bee comb. 


RECEPTOR MECHANISMS 


The most sensitive and specialized receptor for substrate vibra- 
tions, the subgenual organ, is derived evolutionarily from 
chordotonal organs in the body and appendage joints. The 
organ lies in insects in all the six legs close to the main tracheal 
trunk and almost completely occludes the dorsal blood sinus 
of the proximal tibia. The organ is supported proximally by 
the nerves and distally by accessory cells that form a ligament 
attached most often to the cuticle of the leg. The structural unit 
of the organ is the scolopidium, each of which is composed 
of one or more bipolar sensory cell(s) and two accessory cells, 
the scolopale and the cap (attachment) cell. 

In Orthoptera, the subgenual organ is accompanied by 
other scolopal organs of which the crista acoustica, supported 
by sound-transmitting structures, represents a very sensitive 
receptor organ for airborne sound. In the American cockroach, 
Periplaneta americana, the subgenual and the neighboring 
Nebenorgan (Fig. 2) are most sensitive to substrate vibrations. 
The distal organ, which surrounds the hemolymph, responds to 
variations in hemolymph pressure. Scolopidia of the subgenual 
organ are organized in a fan-shaped manner and converge 
radially toward a single insertion point so that vibrations of the 
substrate cause tension changes. The organ is most sensitive in 
the frequency range between 1000 and 5000 Hz, with threshold 
amplitudes around 0.1 nm. Scolopidia of the Nebenorgan 
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FIGURE 1 Oscillograms (top), sonograms (middle), and power spectra (bottom) of the nonpulsed (left) and of the pulsed (right) type of NV. viridula female 
calling song. [After Cokl, A., Virant-Doberlet, M., and Stritih, N. (2000). The structure and function of songs emitted by southern green stinkbugs from 
Brazil, Florida, Italy, and Slovenia. Physiol. Entomol. 25, 196-205, Blackwell Science Ltd., with permission.] 


are stretched perpendicular to the long axis of the tibia so 
that the organ reacts to tension changes within the scolopale 
caused by vibration of the cuticular walls. 

Subgenual organs of different morphology have been des- 
cribed in other insect groups. In the southern green stinkbug, 
the subgenual organ is proximally attached to the epithelium of 
the tibial wall, whereas the two scolopidia with the cilia and 
the flat and thin ligament are stretched out in the hemolymph 
of the blood channel. The subgenual organ in the legs of the 
lacewing Chrysoperla carnea (Fig. 3) is composed of only 
three scolopidia. The cell bodies of the three cap cells form a 
lenslike part of the organ, the velum, which distally divides the 
blood channel in two separate parts. Scolopidia are attached 
to the middle of the velum and extend to the dorsal leg wall. 
The hollow cone-shaped bee subgenual organ with approxi- 
mately 40 scolopidia is connected at two points to the cuticle 
and at two points to the membrane bag surrounding the 


organ and the membrane lining the tracheal wall. The organ 
oscillates with the hemolymph, and the sensory cells respond 
to displacements of the organ relative to the leg. 

Mechanoreceptors like campaniform sensilla, joint chordo- 
tonal organs, and Johnston's organ respond to substrate vibra- 
tions with lower sensitivity, preferentially in the frequency range 
below 100 Hz. 


VIBRATORY SIGNALS AND INSECT BEHAVIOR 


Insects emit vibratory signals in connection with aggression, 
distress, calling, courting, rivalry, and many other behaviors. 
In many habitats, vibrational communication represents the 
only useful way to exchange information. Social insects like 
bees, ants, and termites live in nests where the possibility of 
communication by signals of other modalities (other than 
airborne chemicals) is limited. Insects, whose small body size 
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FIGURE 2 Subgenual organs of the cockroach P americana. The left tibia is 
opened to show the spatial arrangement of the scolopidial organs. aKDO, acces- 
sory cap cells of the distal organ; C, cuticle; dcS, distal campaniform sensilla; 
E, epidermis; EfSO, terminal fila of the subgenual organ; HT, main trachea; 
NO, Nebenorgan; NT, small trachea; SZDO, sensory cells of the distal organ; 
SZSO, sensory cells of the subgenual organ; 5r8e, nerve innervating the sub- 
genual organs and the campaniform sensilla. [After Schnorbus, H. (1971). 
The subgenual organs of Periplaneta Americana: histology and thresholds for 
vibration stimuli. Vg/. Physiol. 71, 16. Springer-Verlag GmbH & Co. KG, 


with permission.] 


does not allow efficient low-frequency sound radiation, can 
use vibrational communication without attracting predators 
or parasites as they would by singing. Many insects use the 
vibratory component of the emitted airborne signals to 
improve signal discrimination and recognition. 

On the other hand, vibrational communication through 
plants is disturbed by environmental factors such as wind and 
raindrops. For example, wind induces low-frequency vibrations 
that are accompanied in apple (but not banana) leaves with 
broad-band vibrations of spectra up to 25 kHz. Raindrops 
falling on banana leaves produce vibrations up to 1000 Hz; 
those on apple leaves cause vibrations composed of an irregular 
high-frequency phase and a regular low-frequency phase. Signal- 
to-noise ratio is enhanced by the highly ordered temporal struc- 
ture of songs with narrower spectra with dominant frequencies, 
usually above the low-frequency noise level, as well as by band- 
pass filtering properties of the subgenual organ. 

The time pattern of a vibration pulse series usually carries 
more specificity information than its spectral structure. 
Generally, a rapid signal divergence occurs in sympatric taxa, 
and song similarity is expected only in allopatric or allochronic 
species. In Chrysoperla, tremulation songs represent the best 
cue for species identification within the carnea group. Within 








FIGURE 3 Three-dimensional reconstruction of the subgenual organ of the 
left middle tibia of the lacewing C. carnea: BC, blood channel; C, cap; CC, 
cap cell; CU, cuticle; $1, $2, S3, three scolopidia; SC, scolopale cell; SE, 
sensory cell, TR, trachea; V, velum. [After Devetak, D., and Pabst M. A. 
(1994). Structure of the subgenual organ in the green lacewing, Chrysoperla 
carnea. Tissue and Cell 26(2), 249-257, Harcourt Inc., with permission.] 


the same region, the songs of different cryptic species differ 
structurally and functionally more than in pairs of species from 
North America and Eurasia. The vibratory song repertoire of 
sympatric Californian species NV. viridula and Acrosternum hilare 
are different, and interspecific mating has not been observed. 
In Japan, interspecific mating was described between the 
sympatric species NV. viridula and N. antennata, although songs, 
which correspond to definite behavioral features, are different. 
Vibratory signals are used by insects also as cues for mate, 
prey, or enemy localization. In N. viridula, male directional 
movement on a plant results from female calling song signals. 
Leafcutting ant, Atta cephalotes, workers stridulate when they 
cut leaves, and nearby ants respond by orienting toward the 
source of the vibrations and join in the leafcutting. The 
response of the heteropteran predator Podisus maculiventris to 
vibrational signals produced by a common prey species demon- 
strates that these predators are capable of using substrate- 
borne vibrations as cues for prey location. The male katydid, 
Conocephalus nigropleurum, shakes its body to produce vibratory 
signals that attract females during courtship and mating. 
Central nervous resolution of stimulation time differences 
and amplitude gradients, which occur when vibration travels 
through a substrate from one leg to another, is the mechanism 
that enables directionality in larger insects. For example, the 
response of the body of the treehopper Umbonia crassicornis 


relative to the substrate reveals resonance at lower frequencies 
and attenuation at higher frequencies. The transfer functions 
measured on the body differ substantially depending on 
whether the stimulus originates in front or behind, indicating 
that directional information is available in the mechanical 
response of the body to substrate vibration. Comparison of 
signal amplitudes between receptors of the front and back 
legs might enable vibration localization in smaller insects. 
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University of Pennsylvania 


Lt poke is the process by which yolk accumulates in 
the cytoplasm of an ovarian oocyte. It is one of the final 
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stages of egg formation, occurring just prior to deposition of 
the chorion. Studies on vitellogenesis have focused during the 
last 50 years on the major protein yolk precursor, vitellogenin, 
its synthesis in the fat body, its transport to the oocyte, its seques- 
tration by receptor-mediated endocytosis, and the develop- 
mental and hormonal mechanisms that control these processes. 


VITELLOGENIN SECRETION BY THE FAT BODY 


Before vitellogenesis can begin, the female fat body must trans- 
form from a tissue that supports molting, metamorphosis, 
and intermolt metabolism to one that can secrete vitellogenin 
and other yolk precursors. When the fat body has reached a req- 
uisite stage of maturity and hormonal stimulation, vitellogenin 
genes are transcribed that encode a polypeptide chain whose 
molecular weight in many insects is over 200,000. During 
transport through the endoplasmic reticulum and Golgi bodies, 
this polypeptide is clipped by endoproteases that remove a secre- 
tory signal from its N-terminal end and divide it into shorter 
polypeptide subunits. The latter differ in number from one in 
some Hymenoptera to nine in some Hemimetabola. As it moves 
through the secretory pathway, the complex of subunits is con- 
jugated at sequence-specific sites with high-mannose oligosac- 
charides, phosphate, and lipids. 

Amino acid sequences determined for vitellogenins from at 
least seven orders of insects are sufficiently similar to indicate 
acommon ancestry. They are members of a protein superfamily 
that also includes the yolk proteins of vertebrates and nema- 
todes, lipid transport proteins in the blood of both vertebrates 
and insects, and receptor proteins involved in the endocytosis 
of lipoproteins. 

The yolk proteins of cyclorrhaphan Diptera are exceptional 
in that their amino acid sequences resemble those of a family 
of digestive enzymes, the vertebrate lipases. They nevertheless 
behave like conventional vitellogenins in being synthesized 
and conjugated in the female fat body, and deposited in cyto- 
plasmic vesicles by the oocyte after endocytosis. A notable 
difference from conventional vitellogenins is that the several 
yolk polypeptides in a species are encoded by separate genes, 
rather than being proteolytic fragments of one gene product. 

Other fat body products may supplement vitellogenin in 
the yolk. The eggs of several Lepidoptera contain lipophorin, 
a hemolymph protein whose functions include the delivery 
of lipids from the fat body to other tissues. In the yellow fever 
mosquito, Aedes aegypti, two proproteases are synthesized in 
the fat body and deposited in the eggs, where they are con- 
verted to active proteases during embryogenesis. Endocytosis 
of hemolymph proteins that bind iron, calcium, heme groups, 
or biliverdin concentrates these ligands in the yolk of select 
species. Some of these supplementary proteins are secreted in 
synchrony with and under the same hormonal control as 
vitellogenin. Others, like lipophorin, serve somatic functions 
that require their presence in the hemolymph of males as well. 
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FIGURE 1 Reflected light micrograph of a vitellogenic ovariole from the 


saturniid moth H. cecropia. The largest 36 follicles are vitellogenic. The 
yellow mass in each follicle is a yolk-filled oocyte, whose opacity is due to 
light scattering by yolk particles. The yellow color is due to carotenoids 
carried by vitellogenin and lipophorin, the two most abundant yolk proteins 
in saturniids. Nurse cells form a transparent cap at one end of each follicle. 
The epithelium of follicle cells surrounding each oocyte and its nurse cells is 
too thin to be readily visible, except where it forms a connection between 
successive follicles. Scale: largest follicle is about 1.9 mm long. 


VITELLOGENIC FUNCTIONS 
IN OVARIAN FOLLICLES 


In the ovaries, the morphological unit of vitellogenesis is a 
follicle—a single oocyte surrounded by an epithelium of 
somatic cells (the follicle cells) and associated in many insects 
with a set of modified germ cells (the nurse cells) (Fig. 1). All 
three cell types are necessary for vitellogenesis, but they 
contribute to it in very different ways. 

Follicles begin to form during or shortly after metamor- 
phosis. They are produced in linear chains termed ovarioles. 
Within each ovariole is a developmental gradient of follicles 
(Fig. 1), with the most mature one lying close to the beginning 
of the oviduct. A common pattern among cyclic egg producers 
is for only one follicle at a time in each ovariole to form yolk. 
The penultimate follicle is retarded in its development until the 
next reproductive cycle. In noncyclic insects, many follicles 
in each ovariole may simultaneously form yolk (Fig. 1). 


Follicle Cells, Patency, and Secondary Yolk Proteins 


At the onset of vitellogenesis, the follicle cells develop a system 
of intercellular spaces that give proteins from the hemolymph 
access to the surface of the oocyte. In the bug Rhodnius 
prolixus, patency has been attributed to cellular protrusions 
whose cytoskeletal elongation pushes neighboring follicle cells 
apart. In the cecropia moth, Hyalophora cecropia, osmotic 
shrinkage of the follicle cells is crucial. Whichever mechanism 
applies, the intercellular spaces are under tight developmental 
control: they arise at the onset of vitellogenesis and close when 
it terminates. 

In addition, the follicle cells of many insects secrete proteins 
that are endocytosed by the oocyte along with vitellogenin. 
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FIGURE 2 Electron micrograph of several endocytotic vesicles near the 
surface of a vitellogenic oocyte from H. cecropia. The bristlelike outer coat is 
the clathrin lattice that generates the force used to bend coated surface 
membranes into cytoplasmic vesicles. Receptor-bound vitellogenin is included 
in the thick layer of granular material that lines each vesicle. An incipient 
vesicle on the upper right is still attached to an infolding of the cell membrane. 
The average diameter of coated endocytotic vesicles is about 0.15 mm. 


These products may resemble vitellogenin in size, antigenicity, 
and amino acid sequence; examples occur in Thysanura, 
Heteroptera, and Coleoptera. A similar relationship holds for 
the yolk proteins of the cyclorrhaphan Diptera. In Lepidoptera, 
follicle cell products are instead lipaselike sequences reminis- 
cent of the yolk proteins of the Cyclorrhapha. A few excep- 
tions are known in which either fat body or follicle cells but 
not both secrete precursors for the protein yolk. 

Finally, the follicle cells connect to the oocyte during 
vitellogenesis via gap junctions that permit direct cytoplasm- 
to-cytoplasm transfer of ion currents and small organic 
molecules. These junctions have the potential to function in 
intercellular exchange of signaling substances such as cyclic 
nucleotides and calcium ions. 


Nurse Cells and the Origin of Egg Cytoplasm 


In all holometabolous and a few hemimetabolous orders, the 
oocytes connect via cytoplasmic bridges to nurse cells (Fig. 1). 
The bridges are wide enough to permit passage of ribosomes 
and membranous organelles such as mitochondria. Once 
believed to be the site of yolk production, nurse cells are now 
known to be the primary source of egg cytoplasm. They sup- 
port vitellogenesis by providing the oocyte with the ribosomes, 
transcripts, and metabolic machinery needed to synthesize the 
receptors, structural proteins, and enzymes necessary for yolk 
deposition. In Orthoptera, Blattodea, and other Hemimetabola 


that lack nurse cells, the requisite transcripts are produced 
instead within the oocyte’s own nucleus by amplified nucleoli 
and lampbrush chromosomes. 


Receptor-Mediated Endocytosis in the Oocyte 


The surface of the vitellogenic oocyte contains receptors that 
can selectively bind vitellogenin and other yolk precursors 
after they have penetrated the spaces between the follicle cells. 
The receptors form transmembrane associations with clathrin 
lattices on the cytoplasmic side of the membrane. The mem- 
branes containing these complexes then fold inward to form 
endocytotic vesicles (Fig. 2). In subsequent processing steps, 
vitellogenin dissociates from its receptors within the vesicles, 
and the clathrin is released from the lattices on the outside. 
The denuded vesicles transfer their cargo of yolk precursors 
to neighboring yolk bodies by membrane fusion. Receptors, 
clathrin lattices, and extra membrane are recycled to the oocyte 
surface for more rounds of endocytosis. In some insects, vitel- 
logenin is later modified in the yolk to a less soluble storage 
form known as vitellin. 

In the other two classes of yolk particles, glycogen is synthe- 
sized inside the oocyte from hemolymph-derived sugars, 
whereas lipid droplets are assembled from precursors carried 
from the fat body to the oocyte by lipophorin. Because the 
lipid droplets contain primarily triacylglycerols and lipophorin 
transports primarily diacylglycerols, enzymatic conversions 
must take place during the transfer. 


CONTROL BY JUVENILE HORMONE 
AND ECDYSONE 


In many insects, juvenile hormone secreted by the corpora 
allata stimulates the fat body of adult females to initiate the 
synthesis of vitellogenin. It may also promote patency of the 
follicle cells, hence making vitellogenin in the hemolymph avail- 
able to the oocyte for endocytosis. Juvenile hormone, whose 
power as an inhibitor of metamorphosis requires that its secre- 
tion be reduced during pupation and adult development, has 
thus evolved new kinds of role in adults: it has become an 
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effector of the neuroendocrine networks that synchronize vitel- 
logenesis with feeding, the photoperiod, and mating. 

Variations occur on this theme. In species such as stick 
insects, and native and domestic species of silk moths that 
complete egg formation during adult development, juvenile 
hormone is not required for vitellogenesis. In its classical role 
as an inhibitor of metamorphosis, the hormone may even 
prevent the fat body and ovaries from completing their 
essential previtellogenic development. 

Another kind of variation occurs among Diptera, whose 
yolk protein synthesis by fat body is triggered by ecdysone. 
Juvenile hormone may still be required, but here it promotes 
posteclosion development of the fat body to a stage capable of 
responding to ecdysone. In the yellow fever mosquito, the 
ovaries themselves were shown to secrete ecdysone in response 
to EDNH (egg development neurosecretory hormone), a 
brain hormone released from the corpora cardiaca following 


a blood meal. 
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he agility of insects certainly contributes to their reign as 

the most successful creatures in the animal kingdom. Few 
if any forms of terrain present an insurmountable barrier to 
all insects. By evolving variations on a basic body plan, they 
have achieved remarkable dexterity in a wide range of environ- 
mental niches. We find insects that walk slowly over floors, 
scurry under rocks, climb up walls and over ceilings, or jump 
over barriers that if scaled to human dimensions would rep- 
resent achievements unattainable by the most accomplished 
athletes. These abilities have attracted the attention of engineers 
who study insect locomotion as inspiration for legged robotic 
devices. 

Although these creatures are often described as “simple sys- 
tems,” a close examination of their abilities reveals mechanisms 
that are elegant and not really simplistic. Their capabilities 
represent remarkable combinations of mechanical principles, 
neural control, and sensory input leading to efficient move- 
ment of leg joints. Although many aspects of these systems 
are economical in design and have been studied for many 
decades, they are only now beginning to be understood. 

The problems inherent in insect walking and jumping 
encompass issues ranging from biomechanics to both central 
and peripheral neurobiological factors, as well as force develop- 
ment in muscle. To illustrate these points, we will examine 
the leg structures and neural circuits that produce walking and 
running in the cockroach. However, a variety of other insects 
have also been studied extensively by neurobiologists and 
engineers, including stick insects, grasshoppers, and crickets. 
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To understand how an insect walks, we must subdivide the 
process. First, we must understand the movements of the legs 
and their constituent joints, then we can begin to look at how 
muscles generate these movements and the circuits within the 
central nervous system that control motor activity. Over most 
walking speeds, sense organs of the limbs contribute to motor 
control by providing detailed information about the position, 
velocity, and the forces occurring in each leg. Therefore, we 
must also investigate the role of sensory input in the control of 
movement. Even with all this information, we will understand 
only how an animal can walk on a horizontal surface. But the 
aspects of walking in insects that are truly remarkable, and 
attract them to robotics engineers, are the abilities to run over 
and around obstacles, climb up walls, and jump over barriers. 
Often these adaptations occur through subtle changes in the 
basic pattern of locomotory behavior. 


LEG MOVEMENTS 


The walking movements of insects were accurately described 
in 1887 by Morgan who, in an era in which galloping of horses 
held the public attention, wrote a letter to Nature entitled 
“The Beetle in Motion” that recounted the coordination seen 
in a tripod gait. In more detailed accounts in the mid-20th 
century, Hughes and Wilson noted that insects walk by moving 
their six legs in reproducible patterns. Each leg alternates 
between a stance phase, when the tarsus (foot) is on the ground 
and the animal is pushed forward, and a swing phase, when 
the tarsus is moved forward through the air. At slow speeds, 
the legs follow a metachronal pattern, moving from the hind 
legs to middle and then to front legs on either side. However, 
to move more rapidly, some legs must be moved at the same 
time and therefore the insect shifts into a modification of the 
metachronal pattern called the tripod gait. Here the front and 
rear legs on one side of the animal move as a unit with the 
middle leg on the opposite side (Fig. 1A, B). This tripod alter- 


nates between swing and stance with the tripod made up of 





Coxa 


Tibia 






Trochanter 


Tarsal segments 


FIGURE 1 Description of leg segments and movements in tripod gait. (A 
and B) Pictures from a high-speed video record of a cockroach walking on a 
lightly oiled plate. These images are taken at the beginning and end of one 
leg cycle. The legs forming one tripod (animal’s right front and rear legs and 
left middle leg) are indicated with triangles; the legs forming the other tripod 
are designated with circles. Lines connect the triangles to clearly indicate the 
tripod. Note that in (A) the left front and middle tarsi are very close 
together, almost overlapping. (C) Diagram showing the segments that make 
up a typical cockroach leg. 
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the remaining legs. The tripod gait is very stable, because at 
most speeds the animal’s center of mass remains within the base 
of support. However, at very high speeds, many insects make 
dynamic postural adjustments to stay upright. Remarkably, at 
exceptionally high speeds the American cockroach Periplaneta 
americana has been seen to rise up on its hind legs and run with 
a bipedal gait. This gait is not statically stable (the cockroach 
would fall if it stopped), but represents a balance of forces 
that produces dynamic stability. 

Each leg is made up of segments that are similar from leg to 
leg but differ in dimensions. From the most proximal to distal 
location, the leg segments are the coxa, trochanter, femur, and 
tibia, and a series of tarsal segments ending in a retractable claw 
(Fig. 1C). In the cockroach, the most important joints for walk- 
ing are the coxa—trochanter (CTr) joint and the femur-tibia 
(FTi) joint. The CTr joint actually moves the femur relative 
to the coxa because the trochanter—femur (TrF) joint makes 
only small movements. Although flexion of the TrF joint can 
effectively rotate the tarsus, during many movements it acts 
mechanically as a fused joint. In other insects, relative propor- 
tions of these leg segments are changed to match the needs of 
specialized forms of locomotion. Thus, the hind leg of a locust 
has a very short coxa and a long muscular femur, making a 
powerful jumping leg. 

Although the legs within a tripod move their feet as a unit, 
the joint movements and resulting forces are unique for each 
pair of legs. In cockroaches, the hind legs are specialized to 
propel the animal forward in walking. To accomplish this the 
CTr joint and the FT joint move in near synchrony (Fig. 1A). 
This action allows these rotary joints to direct the movements 
of the tarsi (feet) in a line nearly parallel to the long axis of the 
animal’s body. The middle legs make similar movements, but 
with smaller joint [CTr] excursions. The orientation of this leg 
causes it to first brake and then accelerate forward movements 
of the animal. 

The front legs make very different movements. Unlike the 
other two pairs of legs, the front legs make much greater use 
of the body—coxa (BC) joint, which attaches the leg to the 
thorax. This joint has three degrees of freedom, similar to the 
ball-and-socket joint in a human shoulder. Movement of the 
BC joint swings the front legs far forward much like an 
extending human arm. The CTr and FT joints then move 
out of phase with each other as the foot is drawn back toward 
the body and then is pushed backward. The resulting ground 
reaction forces slow the forward movement of the body and 
keep the animal from losing control. Clearly, the neural 
control of this leg is much different from control of the other 
two pairs of legs. Nevertheless, the sum of the ground 
reaction forces of all three pairs of legs is similar to that seen 
in the bipedal leg movements of a human. 

Cockroaches can run extremely rapidly (up to 25 steps per 
second), ranking them as the fastest terrestrial animal (in steps/ 
per second). Running, which follows wind stimulation of the 
cerci (abdominal appendages) or tactile stimulation of antennae 
or body cuticle, is used to escape from predators. Although 
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fast running shows a number of similarities to walking, it occurs 
so rapidly that it may actually be a separate behavior. Passive 
elastic structures in the legs can play an important role in 
generating such rapid locomotion, prompting cockroach run- 
ning to be modeled as a mass on a spring. 


MOTOR CONTROL OF LEG MUSCLE 


The muscular anatomy of insect legs follows a proximal-to- 
distal arrangement that makes very good biomechanical 
sense. The largest and most powerful muscles are proximal or 
closer to the body. The muscles are smaller in more distal 
segments of the leg. With the most powerful muscles placed 
near the body, inertial effects in the distal part of the limb are 
reduced, allowing for more controlled movement. Also, the 
movements of the proximal joints act on the tarsus or foot 
through the relatively large lever arm of the intervening leg 
segments to the tarsus or foot. Thus, for example, relatively 
small movements at the BC joint can greatly alter the 
orientation of the tarsal end point. 

The most distal segment, the tarsus, is actually made up of 
a series of segments ending in a retractable claw that have again 
remarkable mobility. However, as with human fingers, the 
muscle for these segments is found in more proximal segments 
and imparts its movements via a long apodeme that serves the 
role of a tendon. Indeed, although the claw can be engaged by 
this muscle, there is no antagonistic muscle. Rather the claw 
is disengaged and lifted from the substrate by a remarkably 
efficient elastic protein (resilin) found in the joints of the 
tarsal segments. The resilin acts like a spring on a screen door; 
is stretched when the claw is engaged and causes the tarsus to 
be lifted automatically when the muscle is relaxed. 


NEUROMUSCULAR SYSTEM 


The neuromuscular arrangement of insects provides distinct 
advantages for motor analysis. Unlike vertebrate systems in 
which muscle cells fire action potentials, in insects most muscle 
fibers produce graded potentials when motorneurons fire action 
potentials. Variation in tension in a vertebrate muscle requires 
recruitment of more or fewer motor neurons. However, in 
arthropods, simply altering the frequency of action potentials 
in a single motor neuron can control tension. Furthermore, 
insect muscles are innervated by very few motor neurons. 
Often, especially in stance phase muscles (the muscles that 
extend the leg while the tarsus contacts the ground), there are 
only two motor neurons serving a range of muscles. These 
can be readily distinguished as either fast or slow motor neu- 
rons depending on the types of muscle contraction they 
produce. Slow motor neurons need a series of action poten- 
tials to generate significant movement, whereas fast muscle 
generates a reasonable twitch with a single muscle potential. 
Typically, extracellular recordings indicate that fast motor 
neurons generate larger action potentials. This neuromus- 
cular arrangement allows one to use electromyogram (EMG) 


electrodes to record muscle activity extracellularly and often 
to know exactly which motor neuron is observed. 

The leg movements that occur during walking on a hori- 
zontal surface are associated with typical patterns of motor 
activity. In both the middle and hind legs of cockroaches, CTr 
extension is generated by a burst of activity in the slow depres- 
sor motor neuron (Ds). At faster speeds, one or more muscle 
potentials from the fast depressor motor neuron (Df) occurs 
at specific times in the leg cycle. These actions generate the 
stance phase of the leg cycle and alternate with activity from 
several flexor motor neurons that produce the swing phase. 
The simultaneous extension at the FT joint is generated by 
the slow extensor of the tibia (SETi) motor neuron and the 
fast extensor of the tibia (FETi), and is again opposed by 
activity in several flexor motor neurons that generate the 
swing phase of that joint. As expected, the motor patterns of 
the front legs are more complicated, matching the joint move- 
ments described earlier. 

The cockroach controls speed of walking by altering the 
frequency of motor action potentials. Motor frequency is posi- 
tively correlated with stepping frequency and joint velocity. 
Thus, the animal can move faster by increasing the frequency 
of Ds and SETi in each leg. It can turn by increasing fre- 
quency in one or more legs of the tripod while decreasing the 
frequency in the leg or legs located on the opposite side. This 
change creates stronger forces on the outer leg of the turn and 
weaker lateral forces on the inner leg, thereby turning the 
animal. 


PATTERN GENERATION 


Although both stance and swing phase motor neurons increase 
burst duration with increasing walking speed, the change in 
stance phase motor activity is much greater. This observation 
led to a model for insect walking referred to as the flexor 
burst generator. In this model, a set of interneurons within 
the central nervous system called a central pattern generator 
controls the flexor motor neurons directly and the stance phase 
motor neurons indirectly through inhibition from swing phase 
interneurons. 

Investigators have recorded traces from oscillatory neu- 
rons in cockroaches and stick insects that could be part of 
such a central pattern generation circuit. For example, in cock- 
roach, neurons have been found that undergo membrane 
potential oscillations in time with levator motor activity. 
Moreover, stimulation of these cells activates the flexor motor 
neurons. Thus, these cells could be part of the flexor burst 
pattern generator. However, they by no means represent the 
entire circuit. Other work has strongly suggested that there 
are separate burst generators that activate motorneurons for 
each joint in the leg. This would provide for considerable 
flexibility. The circuits that produce walking could be used in 
other rhythmic behaviors, such as righting (when an animal 
falls over and uses its legs to regain an upright posture) or 
grooming, by changing the coupling between the oscillators. 


LEG SENSORS 


Even where central pattern generation circuits contribute to 
control of locomotion, sensory systems still play important 
roles in generating behaviorally meaningful motor activity. 
This concept was particularly well demonstrated in the locust 
flight system. Locust preparations that have been isolated from 
sensory structures in the periphery (deafferented) are capable 
of generating bursts of activity that could move the wings in 
an appropriate manner. However, the frequency of the “wing- 
beat” cycle is much lower than normal and the pattern quickly 
dies out, whereas in the intact animal, flight can go on for very 
long periods of time. If appropriately timed activity from wing 
stretch receptors is added in, a more normal flight pattern 
occurs that is maintained for long periods of time. Thus, the 
central circuits are capable of generating part of the cyclical 
pattern but not a complete, behaviorally relevant one. 

Similarly, normal walking behaviors in all insects that 
have been studied require input from sensory structures on 
the legs. However, in rapid running movements associated 
with escape, feedback from sensory inputs probably is too 
slow to influence walking within a single step, and the animal 
may be running “on autopilot.” 

The sensors that play an important role in walking provide 
precise bits of feedback information to the walking system 
through structures that are most often found in the same 
locations in all three pairs of legs (Fig. 2). Internal sensors 


0.15 mm 


FIGURE 2 Sensory and cuticular structures of cockroach leg (A) View of the 
trochanter in a confocal microscope in which the main leg nerve was infiltrated 
with fluorescent dye (dil) that diffuses in membranes and stains sensory neurons 
when it is applied to peripheral nerves. The sensory neurons of campaniform 
sensilla (CS) and the hair plate (HP) are filled with the dye and fluoresce 
brightly. (B) Scanning electron micrograph of the region containing the sense 
organs showing cuticular caps of campaniform sensilla and long hairs of hair 
plate. (C) Scanning electron micrograph of the distal end of the tarsus (foot), 
showing the hooklike claws and the arolium (an adhesive pad between the claws) 
(D) View of the dorsal side of the claw shows numerous sensory neurons stained 
with dil that innervate hairs as well as a portion of the chordotonal organ 
(CO). [Photomicrographs (A) and (D) by Faith Frazier, (B) by David Neff, 
and (C) by Laura Quimby, Marshall University School of Medicine.] 
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such as the chordotonal organs span the joints and monitor 
joint angle. Hair plates (HP) are positioned near joints where 
adjacent segments will touch during maximal flexion. Cam- 
paniform sensilla (CS) are located in strategic locations near 
joints and muscle insertions and detect strain in the cuticle. 
These structures are made up of sensory nerve endings posi- 
tioned in sockets with a flexible dome. As strain increases in 
the surrounding cuticle, the dome is deformed and activates 
the sensory neuron. 

Each peripheral sensor provides information that is used at 
discrete phases of the step cycle as the insect walks. Although 
joint angle detectors such as the femoral chordotonal organ 
are active throughout the ranges of joint movement, they often 
reach their highest levels of firing in positions of maximum 
joint flexion or extension. In walking of stick insects, these 
receptors trigger a change from stance to swing phase when 
joint angles reach the extreme joint position. Hair plates 
monitor the resulting joint movements in swing and can aid 
in the initiation of stance. Campaniform sensilla are activated 
during stance as forces are exerted upon the leg and the load 
of the insect’s body is supported. They then act to increase 
the activity in the extensor motor neurons to rapidly generate 
forces in the leg. The greater extensor activation in each stance 
leg propels the animal forward more efficiently and also allows 
other legs to be lifted in swing. The elevated stance activity 
continues until the chordotonal organs trigger the switch to 
swing phase. 

Beyond helping to set the normal locomotor pattern, these 
sensors are, of course, readily available to make rapid adjust- 
ments to the motor pattern as the animal moves away from 
horizontal surfaces and climbs inclines or vertical surfaces, or 
even walks on ceilings and negotiates obstacles in its path. The 
increases in load experienced on each leg as the animal climbs 
a surface ultimately translates into an altered gait. For exam- 
ple, as a cockroach walks on a ceiling, legs hold on to the 
surface for greater periods of time. Metachronal gaits are used 
when the animal is inverted, and individual legs make very 
rapid swing movements before reattaching to the substrate. 

Arrays of neurons with diverse properties receive sensory 
inputs and could mediate these effects. Within each thoracic 
ganglion, the sensory neurons from these leg sensors project 
to populations of spiking local interneurons (interneurons 
that are isolated to a single ganglion). The projections of 
many receptors follow a topographic pattern that reflects the 
location of the sensors in the leg. The spiking interneurons 
project both to motor neurons and to another set of local 
interneurons called nonspiking interneurons. These interneu- 
rons never generate action potentials. Rather, they act through 
graded potentials to control and coordinate motor activity to 
various leg muscles within a thoracic segment. Coordination 
among joints of each leg (intraleg coordination) occurs through 
interactions in these local circuits. 

Finally, spiking interganglionic interneurons project between 
thoracic ganglia, influencing local circuits for adjacent legs. 
Through these circuits the sensory activity directs appropriate 
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adjustments in individual muscles, coordinates segments within 
a single leg, and influences the coordination between legs. 


INTERLEG COORDINATION 


To generate an effective tripod gait, insects must coordinate 
movements of joints not only within a single leg but also 
between legs. This interleg coordination on the surface appears 
to be a daunting task. The tarsi of the three legs that make up 
an effective tripod must move in synchrony. However, as 
described earlier, the legs of each segment make different move- 
ments. The patterns of the motor neurons that control those 
movements also differ in each leg. Thus, the animal must coor- 
dinate the tarsi through joint movements and neural activities 
that are specific to each pair of legs. 

Observations on stick insects suggest that these potentially 
complex connections can be functionally formulated as a set 
of fairly straightforward rules indicating that events in one 
leg that are readily detected by leg sensors influence the 
actions of other legs in discrete ways. For example, one rule 
is that when one leg is in swing, the adjacent anterior leg 
cannot enter into swing phase. Alternatively, the start of the 
stance phase promotes the start of swing in adjacent anterior 
legs and in the contralateral leg of the same segment. More 
subtle influences also exist to account for transient changes. 
For example, an increased load on one leg prolongs the power 
stroke on the contralateral leg of the same segment. This would 
result in coactivation of legs when the animal is encountering 
increased resistance, such as during climbing. The specific 
neural connections that underlie these rules are an exciting 
new area of research. 


NEGOTIATING OBSTACLES 


The remarkable agility that attracts interest from roboticists is 
seen when insects are faced with an obstacle. Most insects effort- 
lessly negotiate barriers that would pose considerable control 
problems in robots. This problem is only now beginning to be 
investigated, since climbing over obstacles is a more transient 
event than horizontal walking and there is considerable vari- 
ability in the strategies used. However, some common themes 
are evident. In climbing over a block, for example, insects must 
move their center of mass (CoM) upward to surmount the 
obstacle. For cockroaches, the strategies used to accomplish 
this task vary with the size of the obstacle and the speed that 
the insect is moving at when the block is encountered. The 
front legs are normally lifted up fairly high during normal 
walking. If the block that is encountered is lower than the 
normal front leg trajectory, the insect hardly needs to change 
its movement at all. The front leg will be placed on top of the 
obstacle and pushed down to move the animal’s CoM upward 
as a natural consequence of the encounter with the block. 
Larger blocks can be negotiated in similar ways when the 
animal is moving at faster speeds by taking advantage of the 
inertia developed by body movements. 


At slower speeds, encounters with larger blocks require the 
animal to first rear upward to get its front legs on top of the 
block and initiate the climb. Locusts negotiate such blocks by 
using an elevator reflex, in which the front leg bumps into the 
front surface of the block repeatedly while moving upward until 
the top of the block is reached. However, in cockroaches, the 
front leg typically reaches the top of the block in a single 
movement, without even touching the front surface. 

For very large obstacles, the insect must actually climb up 
the front face of the object. Here the insect must attach itself 
as if the face of the block were a wall. This problem is solved 
by a combination of claws and pads that adhere to various 
substrates. Cockroach claws, which are remarkably similar to 
the claws of a cat, are normally held up during horizontal 
walking. However, when a cockroach is walking up a vertical 
surface, the claw is pulled down by a muscle in the tibia, 
which attaches to the claw through a long apodeme. There is 
no return muscle. Rather, as we have described, the claw pops 
back up passively with the aid of strategically placed resilin 
ligaments. For smoother surfaces, including those as polished 
as glass, some cockroaches have cuticular pads between their 
claws that can adhere to the substrate for stability but be 
readily lifted when needed in walking. 


JUMPING 


Many insects have developed efficient jumping behaviors to 
move long distances with a single jump. The jump requires a 
powerful and rapidly accelerating movement of the jumping 
leg. Orthopterans such as grasshoppers and locusts have very 
large hind legs that can generate powerful jumping move- 
ments. However, even the large femur extensor muscles of these 
jumping legs cannot generate the quick extension necessary 
for an efficient jump without some mechanical modification 
within the leg structure for storing energy. In locusts, the 
tendon of the tibial flexor muscle moves over a stop that 
allows the extensor to contract without moving the leg when 
the muscles are coactivated. As a result, a considerable amount 
of energy is stored in the mechanical distortion of the femur, 
tibia, and extensor tendon (like the bow of an archer). Inhibition 
of the tibial flexor muscle releases locking mechanisms and 
produces a very rapid and powerful extension that propels the 
animal upward. The timing of these events is critical, and neural 
circuits have been identified in association with kicking move- 
ments that provide the appropriate control. 

Fleas generate remarkable jumps relative to their tiny size. 
Again, a proportionally very large hind leg is used to generate 
the jumping movement, with a hook on the hind leg prevent- 
ing movement until a large isometric force has been achieved. 
The isometric force is stored in strategically located resilin 
ligaments and released during the jump. 

One of the most remarkable jumping strategies in insects 
does not even involve legs. Click beetles can jump from a 
standstill to four times their body length by rapidly accelerating 
the joint between the prothoracic and mesothoracic segments 
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of the body. Here again a mechanical stop prevents movement 
until large isometric force has been achieved, this time in 
thoracic muscles, and then is released suddenly to shoot the 
animal upward. 


ROBOTIC DEVICES INSPIRED 
BY INSECT WALKING 


The efficiency and agility of walking insects as well as special- 
ized strategies such as jumping have not been lost on robotics 
engineers. Insects have provided popular models for legged 
robots because the hexapod gait is statically stable. That is, the 
CoM remains within the base of support of at least one tripod 
at all times. Thus, the control for a robot need not actively 
maintain balance during horizontal walking. However, to cap- 
ture the agility of the insects, postural adjustments, reflexes, 
efficient leg design, and sensors must be incorporated into the 
robotic designs. This realization has generated collaborations 
between engineers and biologists to study insects and then 
incorporate newly discovered control and mechanical pro- 
perties into more efficient robots. The efforts to develop and 
control these new robots in turn provide new insights into 
how the insect controls its own movements. 
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F ew entomological words evoke a more vivid image and 
response than the word “wasp.” Wasps live on all continents 
inhabited by people, and nearly everyone is familiar with their 
colorful presence and habits. The root of their name is the word 
“Wwebh” (Low German)—to weave, a reference to the nests 
constructed by these insects. In entomological literature, “wasp” 
is often applied to all members of the Apocrita suborder of 
Hymenoptera except ants and bees. However, in popular usage 
a wasp is any social species in the family Vespidae, especially 
in the genera Vespula, Dolichovespula, and Vespa, which are 
viewed as irritating, plus a few conspicuous solitary hunting 
wasps. In this article, emphasis is according to popular usage. 


TAXONOMY 


In the broad sense, wasps include an enormous number of 
parasitoid species in the families Ichneumonidae, Braconidae, 
Chalcididae, and many other insects referred to as “parasitic 
wasps,” plus solitary or hunting wasps, including sphecid wasps 
(Sphecidae), spider wasps (Pompilidae), potter wasps (Vespidae: 
Eumeninae and others), scoliid wasps (Scoliidae), velvet ants 
(Mutillidae), and others. In terms of sheer numbers of species, 
these groups far outnumber those of the social wasps. In terms 
of success, however, social wasps have earned due respect as 
major influences and elements of most ecosystems. 

The total number of social wasps in the world is slightly over 
900 species divided into three subfamilies: the Stenogastrinae, 
or hover wasps; the Polistinae, or paper wasps; and the Vespinae, 
or wasps, hornets, and yellowjackets (Fig. 1). Stenogastrines 
live in the South Indo-Pacific region, and comprise just over 
60 species of long slender adults in six genera; their small, 
inconspicuous nests often are attached to roots or twigs under 
overhangs of banks. They provide their larvae with insects, often 
taken from the webs of spiders, hence, the term “hover wasp.” 
The Polistinae are by far the most speciose of the three groups 
of social wasps: approximately 800 species are divided into 
27 genera, with a cosmopolitan distribution except for the 
colder regions of Eurasia and North and South America. The 
Vespinae contains just over 60 species broken into four genera. 
Vespa, the true hornets, inhabit temperate and tropical Eurasia 
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FIGURE 1 Wasps. Clockwise from upper left: Polistes exclamans, larvae and 


capped pupae of Vespa mandarinia, Vespula maculifrons workers stinging a 
leather target—note the loss of the sting apparatus (sting autotomy) in the 
leather, Agelaia myrmecophila carving “meatballs” from a dead mammal. 


(Photographs by J. O. Schmidt.) 


and northern Africa, number about 23 species and are the 
largest of the wasps. Vespula, called yellowjackets or the true 
wasps, are a Northern Hemisphere genus of about 22 species 
that are present from the Arctic to the northwestern fringe of 
Africa, to India, and into Central America. The 15 species of 
Dolichovespula, sometimes called aerial yellowjackets because 
many species construct round paper nests above ground, 
occupy the same range as Vespula but are absent in extreme 
Southeast Asia and Central America plus most of Mexico. 
The smallest genus of vespines, Provespa, consists of three 
pale nocturnal species limited to forested areas in tropical 
Southeast Asia. 


BIOLOGY AND LIFE HISTORY STRATEGIES 


Social wasps are hunters and scavengers that prey on a variety of 
arthropod and animal protein sources. They are well equipped 
for this role, possessing large, powerful cutting mandibles for 
capturing, subduing, and processing prey, large eyes for detect- 
ing potential prey, and the ability to fly and hover in pursuit of 
food. Although well known for their stinging ability, wasps do 
not capture or subdue prey with the sting. Their venom is used 
entirely for defense, primarily against vertebrate potential preda- 
tors. Indeed, all investigated wasp venoms are toxic, painful, 
and effective against vertebrates, but rather inactive and slow 
in affecting insects unless the sting is delivered near a gan- 
glionic center of the nervous system. Moreover, wasps have little 
need to sting prey because they are equipped with powerful 
mandibles that can be used to chew wood fibers from dead 
trees or cut through tough insect nets in a matter of minutes. 

Prey of wasps is varied. Paper wasps (Polistes) are specialists 
on caterpillars, which they locate by visually and olfactorally 
searching vegetation likely to harbor them. Once located, the 
prey is quickly subdued, cut into manageable pieces that are 
chewed into a “meatball,” and carried back to the nest to be 
fed to the larvae. Yellowjackets and hornets tend to have a 


broader diet than paper wasps and will capture a variety of 
arthropod prey including flies, spiders, caterpillars, and an 
assortment of other groups. House flies (Musca domestica) and 
other flies comprise major prey items of some species. Some 
species also scavenge for prey, removing insects captured in 
spiderwebs, carving flesh from dead animals such as rodents, 
and even removing insects freshly smashed on radiators and 
grilles of cars. The scavenging habits of some species have 
earned them the distinction of being considered to be pests 
at picnics, outdoor events, and around garbage cans. 

Prey of the swarm-founding epiponine wasps in the sub- 
family Polistinae is less well characterized than prey of other 
wasps. Like other wasps, the epiponines often remove wings, 
legs, and the head of prey and chew it into a pulp before return- 
ing to the nest. Epiponines take a variety of prey, including flies, 
caterpillars, leafhoppers, and other insects, and many species 
are likely to specialize on certain taxa, or to prefer particular 
parts of the habitat, such as open areas, forest canopies, or 
thick vegetation. Some species in the genus Age/aia are well 
known for removing pieces of flesh from large dead animals 
and have been given the common name of “vulture wasps.” 

Adult wasps usually obtain energy for flight and general 
metabolism from sugar sources. Nectar from flowers, honeydew 
from aphids and other homopterous insects, and sweet fluids 
from fruit all can be food sources. In most species, these 
sugars are supplemented by the sugary trophallactic secretions 
produced by larvae in response to solicitation by adults. 

All wasps construct multicell nests from plant fibers (Fig. 2). 
The most common materials for making nests are wood fibers 
scraped from weathered dead wood from trees or twigs, but 
other materials including rotten wood, fibers from living plant 
leaves, and stems are sometimes used. In most cases, these fibers 
are strengthened with salivary secretions during preparation 
and application to the nest. After application of the fibers, 
abdominal secretions may be added to further strengthen the 
material and help repel ants. 

Wasp life cycles consist of colony initiation, growth and 
expansion, production of reproductives, reproductive dispersal, 
and colony decline. In most taxa the cycle is determinate and 
lasts less than a year, with complete dissolution of the society 
at the end. Some taxa have an indeterminate cycle in which the 
colony population simply decreases after a major reproductive 
event before again beginning the growth and expansion cycle 
in the same nest, often with new queens. Some indeterminate 
species can remain in a nest for years, with a record of 30 years. 

Colony founding can be independent, or by swarm found- 
ing. In independent founding, the colony is initiated by one 
or more queens without the aid of workers; in swarm founding, 
colony initiation is accomplished by a swarm of many workers 
plus reproductive queens. Independent founding can be by a 
single queen (haplometrosis) or by several queens joining their 
efforts to initiate the colony (pleometrosis). Most yellow- 
jackets and hornets are haplometrotic, although Vespa affinis 
sometimes is pleometrotic with multiple foundresses in a 
colony, and Provespa, a greater departure from the rule, repro- 
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FIGURE 2 Wasp nests. Clockwise from upper left: Polistes snelleni, Vespa simillima, Apoica pallens—note aposematic color and alignment of abdomens of adults 


on nest, Parachartergus fraternus, cryptic nest of Metapolybia aztecoides attached to a Bursera simaruba tree trunk, Polybia simillima—workers are in the defensive 


attack position on nest. (Photographs by J. O. Schmidt.) 


duces by swarming. Polistes and Mischocyttarus independently 
found colonies with a mix of both pleometrotic and hap- 
lometrotic colony founding. Single founding queens have the 
advantages of absence of competition for egg laying from 
other queens and a potentially greater number of reproductive 
offspring per foundress. Disadvantages include greater risks 
from ants and other predators or parasites attacking the unat- 
tended nest when the foundress is foraging, and often a much 
lower success rate in establishing a nest. In addition to better 
protection of the nest, advantages for multiple foundresses 
include faster construction of the nest, more reliable prey 
capture for the larvae, and increased colony survival in the 
event of the loss of a foundress. These trade-offs of better 
survival and growth often prove advantageous for foundresses 
to join others. Both within individual species and across the 
genus as a whole, pleometrotic founding tends to be more 
prevalent at lower latitudes than haplometrotic founding, 
perhaps in part because of the more intense pressure from 
predators and parasites in warmer environments. 
Reproduction and colony founding by swarms occurs in 
all epiponine wasps plus Provespa and some Ropalidia. During 
swarm founding, hundreds (or even thousands) of workers 
with young queens leave the parent nest and move to a new 
location to construct a new nest and reproductive unit. This 
form of reproduction, though similar in many ways to that of 
honey bees, differs in several details including the general 
presence of many more queens in wasp swarms. Clear advan- 
tages of swarm founding over independent founding are the 


availability of a large worker force to construct the nest quickly 
and the opportunity for task specialization by individuals 
within the swarm. Reproductive individuals in the swarm need 
not forage as must their independent founding counterparts, 
and individual workers can specialize in different tasks such as 
collecting nectar, prey, fiber for nest construction, or water 
for cooling and mixing with fiber for nest construction. 
Multiple workers also ensure that a large defending force is 
always available, should intruders appear. 


WASPS AND PEOPLE 
Nuisance 


The general public is not aware of the enormous beneficial role 
wasps play in controlling the populations of flies, caterpillars, 
and other often unwanted insects. It could be argued that even 
wasp scavenging on dead animals might provide competition 
for flies. These beneficial aspects of wasps are overshadowed 
by the view that they are nuisances, pests, and threats. Only 
a very few species of Vespula, particularly V. germanica, V. 
vulgaris, V. maculifrons, V. squamosa, and a few others, are 
attracted to human food and activities. Particularly in the 
fall, these species will readily forage around outdoor dining 
areas, areas where food is processed or openly available, or 
where garbage is present. At these locations, their bright yellow- 
or white-on-black color patterns make them conspicuous, as 
does their buzzing and foraging action. At least in many western 
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cultures, an almost innate swatting or flapping reflex is exhibited 
by people when they detect a buzzing insect, irrespective of 
whether the insect is a fly or a wasp. The origin of this reaction 
is uncertain: Is it fear of wasp stings, dislike of flies, or a general 
dislike of any insect that approaches one’s body? In any event, 
wasps, by their very nature, are perhaps the insect world’s 
masters at stimulating human aversive swatting, in the process 
gaining a solid reputation for being an irritating nuisance. 

Wasp nests themselves are often viewed as an encroachment 
on human space and aesthetics. Were it not for the habit of 
many species of Polistes to build their exposed comb nests 
under eaves or inside man-made structures, their presence 
likely would never be noticed. These nests with their exposed 
adult wasps, especially when near entrances to buildings, 
tend to generate fear and dislike on the part of the humans 
passing through the area. This often results in an unfortunate 
consequence for the wasps—the destruction of their nests 
and sometimes the adults. Aerial yellowjackets, especially 
Dolichovespula arenaria and D. maculata in North America, 
build large conspicuous gray, nearly spherical nests attached 
under eaves or to the sides of buildings. Their large size and 
busy activities tend to elicit an even less favorable reaction by 
people for these wasps than for Polistes. 

The mere existence of wasps is seen as a nuisance by much 
of the human populace. As long as neither the wasps nor 
their nests are apparent, they do not come into conflict with 
people. However, should a hidden Polistes nest in vegetation, 
or a Vespula, Dolichovespula, or Vespa nest in the ground, a 
tree, or within a building be discovered, the nest is either 
avoided or destroyed. Such discoveries are usually beneficial 
neither to the wasps nor to the people involved. 


Tramp and Pest Status 


‘Tramp species are those that tend to be able to disperse via the 
intentional or inadvertent help of humans to areas where they 
are not native, and to establish large successful populations in the 
new areas. Numerous examples can be found among the cock- 
roaches, flies, rodents, domestic animals, and others. Among 
the wasps, only a relatively few species are successful tramps: 
for example, the German yellowjacket (Vespula germanica), the 
common wasp (Vespula vulgaris), the western yellowjacket 
(Vespula pennsylvanica), and the European paper wasp Polistes 
dominulus. Vespa crabro, the European hornet, has also been 
introduced into eastern North America, but it seems to be 
neither particularly abundant nor a pest in its new location. 
The others, once released from many of the controlling con- 
straints placed on their populations by predators, parasites, com- 
petitors, and possibly pathogens and diseases, tended to expand 
their populations to enormous numbers and become pests. 
The German yellowjacket is classic in this regard: it is suc- 
cessfully established in North America, New Zealand, Australia, 
South Africa, and several other locations. In New Zealand, 
where no other social wasps previously existed, it expanded 
its niche and population to such densities that it constitutes 


a major pest and threat to much of the native fauna of the 
country. In addition to its dense populations, V. germanica 
evolved secondary polygyny in which some colonies do not 
disintegrate at the end of the season, but instead many mated 
queens remain in (or return to) the nest and the brood 
rearing cycle resumes—although this time the colony can 
become huge, with many tens of thousands of individuals. In 
North America, V. germanica rapidly expanded its population 
and range to include most of the northern part of the United 
States and the populated areas of California. Its success at the 
apparent expense of some native species of Vespula is likely a 
result of its aggressive foraging behavior and its affinity for 
nesting in human structures. The walls of buildings provide 
many benefits for the wasps: warmth during the late fall and 
early winter, shelter from moisture and many predators, and 
proximity to garbage and other food sources. This proximity 
to people and their food allows colonies to remain active 
longer during the year, to grow larger, and to produce more 
reproductives. It also brings them into direct conflict with 
people and makes them a major pest in some areas. 

P. dominulus, unlike V. germanica, is not particularly defen- 
sive to people near its nest and tends to be less threatening in 
appearance. In recent years, it successfully expanded its range 
in North America to include much of the Midwest, where it 
can be present in enormous numbers. Also, its tendency to be 
less choosy in nest site locations causes annoyance beyond 
what was traditionally elicited by a Polistes species. 


Stings, Venom, and Medical Risks 


At the sight or the mention of a wasp, simultaneous thoughts 
enter the minds of many people—dislike and sting. The 
immediate human association of wasp with “sting” demon- 
strates the success of the wasp sting as a defense against large 
predators. Wasp stings hurt; and wasp stings provide rein- 
forcement to the pain in the form of local swelling, redness, 
itching, and tenderness. Social wasps, like many other social 
insects, live in immobile colonies with many edible and 
nutritious young, offering an incentive for large predators to 
attempt to overpower the wasps and consume the brood. The 
sting with its associated venom is a nearly perfect defensive 
system to counter attacks by large predators: the sting can 
penetrate the tough skin of the predator, and the venom is then 
delivered into richly innervated living tissue, where it causes 
immediate pain and tissue damage. The consequence of wasps 
possessing their venomous sting is that few vertebrate preda- 
tors can successfully attack wasp nests: the exceptions are a 
few specialists that have secondarily evolved means to exploit 
wasps and their nests. The effectiveness of wasp stings is not 
lost on people and forms much of the basis for human aversion 
to wasps. Until recently, this worked to the benefit of wasps, 
but now with modern protective clothing, devices, insecticides, 
and other means to attack wasps, the defense is less effective 
against people. Nevertheless, general human fear and dislike 
of wasps continue undiminished. 


Wasps can pose a minor medical risk to people hyper- 
sensitive to their stings. Overall estimates of the incidence of 
allergic reactions to insect stings range from about 0.5 to 2% 
of the population, with slightly over half the individuals being 
sensitive to wasp stings (the rest are primarily sensitive to honey 
bee and fire ant stings). Of this wasp-sensitive population of 
approximately 3 million in the United States, about 20 actually 
die each year. The remaining 99.999+% of the hypersensitive 
population suffer at most generalized reactions involving the 
skin or the respiratory or cardiovascular systems. For people 
who suffer severe allergic reactions, particularly those in which 
breathing becomes difficult, or fainting or other signs of 
blood pressure drop occur, preventive approaches in the form 
of personal epinephrine injectors or immunotherapy are 
available. For the rest of the populace, wasps present little risk 
beyond the affront they cause with their stinging. 
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I nsects are found in habitats ranging from the driest deserts 
to aquatic habitats of diverse ionic composition. Their sur- 
vival depends on the ability to keep their tissues and cells moist, 
and to regulate the composition of their body fluids. Body fluid 
composition is challenged whenever exchanges of materials 
with the environment take place, and such exchanges are 
unavoidable. Routes of gain of materials include ingestion 
through the mouth, osmotic gain of water, active uptake of 
ions, and diffusion across the body surface. Materials are lost 
through the excretory system and in the feces, as well as by 
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osmotic, evaporative, or diffusive losses across the body surface. 
During feeding or drinking, an insect may rapidly ingest a large 
volume of material that is significantly different in composition 
from the body fluids. Insects respond to perturbations in body 
water composition by using a combination of hormonal and 
autonomous mechanisms to vary the amount and composi- 
tion of fluid excreted by the excretory system. 


STRUCTURE AND FUNCTION OF THE 
EXCRETORY SYSTEM 


The excretory system consists of the Malpighian tubules and 
the hindgut (Fig. 1). The Malpighian tubules form the primary 
urine by active secretion of ions into the lumen. Water follows 
passively by osmosis, drawing with it small hemolymph solutes. 
This primary urine is then modified as it passes through more 
proximal regions of the Malpighian tubules and through the 
hindgut. The Malpighian tubules and the hindgut each fre- 
quently consists of several functionally distinct regions and/or 
distinct cell types, and each region contributes by specific mech- 
anisms to the overall formation and processing of the urine. 
Water balance can be adjusted by altering the rate of 
formation and/or composition of primary urine, and by 
changing the activity of mechanisms that modify the primary 
urine. Fluid secreted by Malpighian tubules can be passed 
forward into the midgut and reabsorbed, or passed back 
through the hindgut for modification prior to elimination. 
Evidence suggests that Malpighian tubule, midgut, and 
hindgut transport processes are each regulated by hormones. 


REGULATION OF THE EXCRETORY SYSTEM 


A number of chemical factors have been isolated from neural 
tissue of many insect species that alter fluid and/or ion transport 
rates of particular regions of the excretory system. Only rarely 
have these factors been demonstrated to act as hormones, and 





FIGURE 1 The larval mosquito gut and excretory system. The five Malpighian 


tubules form the primary urine by active secretion of ions, with water following 
the resulting osmotic gradient. Fluid formed by the Malpighian tubules enters 
the alimentary canal at the midgut—hindgut junction. This primary urine can 
be either shunted forward into the midgut and reabsorbed, or passed backward 
into the hindgut for modification and eventual elimination. Evidence 
suggests that all three regions, the midgut, Malpighian tubules, and hindgut, 
contribute to water and ion balance and are under hormonal control. 
[Modified from Clark, T. M. e¢ al. (1999). The anterior and posterior 
“stomach” regions of the larval Aedes aegypti midgut: regional specialization 
of ion transport and stimulation by 5-hydroxytryptamine. J. Exp. Biol. 202, 
247-252. With permission of the Company of Biologists Limited.] 
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their specific roles in regulation of water and ion balance remain 
largely speculative. Nevertheless, available evidence suggests that 
regulation of water and ion balance involves several different 
hormonal factors, each with a specific mechanism of action and 
acting on only a portion of the excretory system or even a spe- 
cific group of cells within a region. At least some regions seem 
to be regulated by multiple hormones, with combinations of 
hormones producing responses that are often distinct from the 
actions of the individual hormones acting alone. The actions of 
the distinct regions and cell types within the excretory system are 
apparently coordinated by hormones to produce final excreta of 
appropriate composition. Evidence to date suggests that 
hormones may regulate several related parameters, including 
hemolymph volume, hemolymph ionic composition, and clear- 
ance of metabolic wastes and toxins from the hemolymph. 


Hormonal Regulation of Malpighian 
Tubule Transport 


Factors hypothesized or demonstrated to play a hormonal 
role in regulation of Malpighian tubule function include 
peptides and the biogenic amine serotonin. The best studied 
of the peptides are the kinins and the diuretic peptides that 
are related to corticotropin-releasing factor (CRF). 

Kinins are small (6- to 15-amino-acid) peptides with a C- 
terminal amide. Those identified to date have similar C- 
terminal sequences of Phe-Xxx-Yyy-Trp-Gly-amide, where 
Xxx can be Asn, Ser, His, Phe, or Tyr and Yyy can be Pro, Ser, 
or Ala. The kinins have been isolated from several insect 
species but have not been detected in animals other than 
insects. A single species may contain several kinins. To date, 
a hormonal role for a kinin has been demonstrated in only 
the cricket Acheta domesticus (see later). 

The CRF-related diuretic peptides range from 30 to 46 
amino acids in length and show structural homology to a 
family of peptides found in vertebrates that includes corti- 
cotropin releasing factor (hence the name), sauvagine, and 
urotensin. Available evidence suggests that a single species 
produces more than one CRF-related diuretic peptide. To 
date, a hormonal role for a CRF-related diuretic peptide has 
been demonstrated conclusively in only one species, Locusta 
migratoria (see later). 

Serotonin stimulates Malpighian tubule secretion in a 
number of insect species and is known to hormonally regulate 
excretory function in the bloodsucking bug Rhodnius prolixus 
and in larval mosquitoes (Aedes aegypti). In Rhodnius and 
most likely in mosquitoes as well, serotonin stimulates both 
uptake of fluid across the midgut into the hemolymph and 
removal of that fluid from the hemolymph by the Malpighian 
tubules. Thus the neurotransmitter acts to coordinate midgut 
and excretory function to remove excess fluid and ions from 
the body following ingestion. 

Malpighian tubules of at least some insect species appear 
to be further regulated by unidentified antidiuretic factors. In 
addition, short-term hormonal adjustments in Malpighian 


tubule transport rates in response to immediate challenges can 
be superimposed on longer term increases and decreases in 
basal and maximal transport capacities. This process may be 
mediated at least in part by prostaglandins. 


Hormonal Regulation of Hindgut Transport 


Hormones acting on the hindgut appear to stimulate recovery 
of fluid and ions from the primary urine, leading to cycling 
of hemolymph through the excretory system and clearance of 
wastes from the hemolymph. The majority of our information 
about regulation of hindgut transport comes from studies on 
the locust. The locust hindgut consists of two distinct regions, 
a more anterior ileum and a more posterior rectum. Two pep- 
tide factors isolated from the corpus cardiacum are ion trans- 
port peptide (ITP), acting on the ileum, and chloride transport 
stimulating hormone (CTSH), acting on the rectum. The 
amino acid sequence of these peptides has been determined. 
Other factors that stimulate water reabsorption by the hindgut 
include neuroparsins A and B. To date, none of the factors acting 
on hindgut transport have been demonstrated in hemolymph. 


Hormonal Regulation of Midgut Transport 


Regulation of midgut transport has received little attention. 
Hemolymph serotonin stimulates midgut transport mecha- 
nisms in Rhodnius and in larval mosquitoes. Generation by 
larval lepidopterans of a highly alkaline midgut lumen, creating 
conditions favorable for digestion and nutrient absorption, 
seems to be regulated by an unknown endocrine or paracrine 
signal. Several peptides inhibit ion transport across the lepi- 
dopteran midgut. Evidence for regulation of more than one 
midgut transport mechanism in diverse insect species suggests 
that the regulation of midgut transport may be more important 
in the control of water and ion balance than has been assumed. 


BIOLOGICAL ROLES OF HORMONAL 
REGULATION OF EXCRETORY FUNCTION 


Orthoptera: Grasshoppers 


When food is available, locusts ingest considerable volumes of 
fluid with their food and produce copious, moist feces. When 
deprived of food and water, the feces produced are very dry. 
During times of limited water availability, Malpighian tubules 
secrete fluid at a low rate, and much of the secreted water is 
recovered in the hindgut. This recovery of ions and water seems 
to be mediated by a hormone or hormones (ITP and CTSH, 
mentioned earlier). Upon feeding, a CRF-related diuretic hor- 
mone appears in the hemolymph, stimulating fluid secretion by 
the Malpighian tubules. Presumably, antidiuretic factors acting 
on the hindgut are no longer released under these conditions, 
and thus elimination of excess water and ions (especially KCl) 
becomes possible. Hormones acting on the hindgut also seem 
to be involved in regulation of hemolymph pH. 


Orthoptera: Crickets 


Crickets possess Malpighian tubules consisting of distinct distal, 
mid, and proximal regions. The distal and midtubule regions at 
least may be regulated independently, and apparently secretion 
rates of each region can be either stimulated or inhibited. Little 
is known about the biological roles of the majority of the factors 
that alter tubule function zz vitro. Achetakinin (a member of 
the kinin family of peptides) appears in hemolymph at levels suf- 
ficient to stimulate Malpighian tubule secretion in response 
to starvation, at a time when the insect is conserving water, 
rather than during feeding or water loading. These data suggest 
that achetakinin may act to stimulate fluid cycling through 
the excretory system, leading to clearance of materials from 
the hemolymph, rather than stimulating diuresis. 


Heteroptera: Rhodnius 


Most of our information concerning regulation of water balance 
in Heteroptera comes from studies on the bloodsucking bug 
Rhodnius. The physiology of this animal is unusual in that 
Rhodnius seldom feeds, and when it does it may ingest a volume 
of blood up to 12 times its own body mass. At this time, sero- 
tonin released into the hemolymph causes the cuticle to 
become more plastic (allowing accommodation of the meal), 
stimulates anterior midgut fluid and ion absorption, and acts 
synergistically with a diuretic peptide to cause a 1000-fold 
increase in Malpighian tubule secretion rates. This leads to 
rapid removal from the midgut lumen and hemolymph of 
the unusable fluid and ion load ingested with the meal. 


Diptera: Mosquitoes 


Much of our information about hormonal regulation of 
water and ion balance among Diptera comes from studies on 
larval and adult mosquitoes. Larval mosquitoes are aquatic, 
but the adults are terrestrial. The adult female of most species 
seeks out and consumes large blood meals to provide proteins 
for successful egg production. Larvae and adults thus have 
very different challenges to water and ion balance. 

Larval A. aegypti ingest the medium more rapidly when 
food is available and increase their drinking rates as the ambi- 
ent salinity increases. Serotonin levels in hemolymph increase 
in response to increased salinity but do not change with 
feeding status. As drinking rates increase with increasing ambi- 
ent salinity, serotonin seems to act to stimulate absorption of 
ingested fluid from the midgut and secretion of fluid by the 
Malpighian tubules, leading to clearance of material from the 
hemolymph. For this strategy to work, at least some of the 
secreted fluid must be recovered in the hindgut, suggesting 
that hindgut transport is also regulated. 

Adult females of most mosquito species survive for days at 
a time, feeding only on plant juices and other fluids, then 
consume within a few minutes a blood meal that may triple 
their body mass. Even while feeding, they begin to eliminate 
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the bulk of the fluid and ionic load ingested with the meal. This 
response appears to be hormonally mediated, with CRF- 
related diuretic peptides, kinins, and serotonin all stimulating 
Malpighian tubule secretion. In part because of the small size 
and limited hemolymph volume of these insects, it is not 
known which of these potential hormones are involved in the 
response to feeding. 


Lepidoptera: Butterflies and Moths 


Lepidopteran larvae are able to adjust to diets of different 
water content by regulating the amount of water lost in the 
feces. This regulation seems to be under hormonal control. 
Both CRF-related diuretic peptides and kinins stimulate 
Malpighian tubule secretion in vitro, but they seem to have 
very different biological roles. When injected into caterpillars, 
CRF-related diuretic peptide (Mas-DH) has an antidiuretic 
effect: it stimulates fluid (and presumably ion) recovery from 
the cryptonephric complex. In contrast, kinins act to increase 
the fluid content of the feces, leading to marked reduction in 
weight gain by injected larvae. Allatotropins and a group of 
small peptides with an amino terminus amino acid sequence of 
Phe-Leu-Arg-Phe-NH, (FLRFamides) have been found to 
inhibit ion transport across the midgut epithelium, but the 
physiological significance of this response in terms of water 
and ion balance is not known. 

Upon emerging from the chrysalis, butterflies discharge a 
considerable volume of fluid containing metabolic wastes 
accumulated during the pupal stage. This diuresis is 
regulated by unidentified hormones. 


Desert Beetles 


Beetles of the family Tenebrionidae are generally very tolerant of 
dry conditions, to the extent that larvae of at least some species 
can remove water vapor from unsaturated air across the rectum. 
Despite this, factors that stimulate Malpighian tubule fluid 
secretion to high rates have been found in some of the most 
drought-tolerant species of this family. When injected into the 
animals, these factors stimulate fluid secretion by Malpighian 
tubules; but rather than being passed back through the hindgut 
and eliminated, the secreted fluid is passed forward into the 
midgut. The water and valuable hemolymph components are 
recovered, leaving toxins and metabolic wastes in the gut where 
they can be eliminated. These actions have led to the suggestion 
that factors regulating excretory function often are more pro- 
perly called “clearance hormones” instead of “diuretic hormones.” 


See Also the Following Articles 
Excretion « Hemolymph 
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| nsects are the only invertebrates to have developed the power 
of flight, and their wings are unique. Unlike those of birds 
and bats, they are not modified limbs and so have no internal 
muscles; they consist predominantly of an extracellular 
material—cuticle. Typical wings nonetheless need to 
perform—semiautomatically—the complex movements and 
cyclic changes in attitude and shape associated with flapping 
flight, and these necessities strongly influence their structural 
design. The latter shows huge variation within the class 
Insecta, and this is made greater by the wide range of 
secondary functions that the wings have evolved to perform, 
sometimes instead of flight, sometimes in addition to it. While 
great progress has been made in interpreting wing structures in 
functional terms, many questions still remain to be answered. 


ORIGIN 


We have no fossil record of the earliest winged insects nor of 
the structures from which wings evolved. Majority opinion 
currently favors their origin from articulated lateral 
outgrowths—“exites”—of an obsolete basal segment of the 


legs, long since incorporated in the thoracic wall. Similar, 
though not homologous, structures are found on the coxae 
and abdominal segments of some apterygote insects. The 
articulated gill plates of juvenile Ephemeroptera may actually 
be wing homologues. Those of some fossil mayfly nymphs 
indeed resemble tiny wings, though this may simply reflect 
the fact that both are adapted for accelerating fluid. 

The origin of flight is still controversial. Two conflicting 
theories both have significant support; in 2001 they, and their 
implications on the later development of flight, were reviewed 
and compared in a chapter by Wootton in Jnsect Movement: 
Mechanisms and Consequences. The first, and more tradi- 
tional, theory is supported by some experimental evidence and 
theoretical modeling and proposes that powered flight arose in 
tree-dwelling insects, through parachuting and gliding stages. 
These “protopterygotes” would have had winglets, probably 
movable, on most body segments. Selection would favor 
enlargement and improvement of winglets close to the center 
of mass of the body, and reduction and loss of the remainder, 
together with the evolution of an effective mechanism for 
flapping and twisting the wings. The second hypothesis 
suggests that flight arose in semiaquatic insects, initially using 
their winglets to skim on the surface film of water bodies, as do 
many modern adult Plecoptera and Ephemeroptera. Selection 
would favor enlargement and improvement of the thoracic 
winglets to the point at which they could generate sufficient 
upward force for the insects to leave the surface and fly. 


STRUCTURE 


Although some Carboniferous and Permian insects had short, 
apparently movable winglets on the first thoracic segment, the 
wings of modern insects are borne on the second and third 
segments only. They articulate with the back (tergum) and 
sides (pleura) of the thoracic segments via the axillae: complex, 
three-dimensional mechanisms of stiff and compliant cuticle 
through which the muscular forces of the thorax are trans- 
mitted to the wings and which control the relative movements 
of the wings’ basal components. The axillary structures vary 
greatly in detail, but those of most insects can be referred to a 
common plan of up to four so-called axillary sclerites and three 
other sclerotized plates, the humeral and the proximal and 
distal median plates, linked together by hinges and broader 
expanses of soft cuticle (Fig. 1). The axillary structures of the 
Ephemeroptera and Odonata, orders which appear primitively 
incapable of folding their wings back over the abdomen, differ 
from the typical pattern of wing-folding (neopterous) insects 
and also from each other. Various attempts have been made 
to homologize these with the neopterous pattern, which is 
clearly influenced by the need to fold; but no consensus has 
been reached. 

Orthodox wings themselves consist of cuticular membrane 
supported by, and continuous with, a framework of veins. Both 
veins and membrane are double structures, formed by juxta- 
position of the cuticle of the dorsal and ventral sides as the 





FIGURE 1 Forewing axilla and wing base of the desert locust, Schistocerca 
gregaria. 1ax, first axillary sclerite; 2ax, second axillary sclerite; 3ax, third 
axillary sclerite; dmp, distal median plate; hp, humeral plate; pmp, proximal 
median plate. (Modified with permission from Wootton, 1979.) 


wing increases in area, thins, and stiffens after the final molt. 
The veins are typically tubular and contain hemolymph, and 
major vein branches usually also carry branches of the tracheal 
system. The hemolymph circulates or moves tidally within 
the veins and serves to maintain the moisture content of the 
cuticle, which would otherwise become stiff and brittle. Little 
or no epidermal material appears to remain in the expanded, 
sclerotized adult wing. 

The longitudinal veins run distally from the wing base and 
many branch as the wing broadens along the span. They are 
usually to some extent linked by crossveins. Together they form 
a supporting and conducting framework, which may be struc- 
turally very complex (Figs. 2c, 2f, 2i, and 2m) or relatively 
simple (Figs. 2d, 2e, 2j, 2k, and 2p). 

Even the simplest wings are far more complex than con- 
ventional illustrations indicate. Most have considerable relief, 
which adds substantially to their rigidity. The primitive con- 
dition may well have been a radially pleated structure, with 
the longitudinal veins alternately occupying the ridges and 
troughs of the pleats. This is found in many early fossil insects 
and is still the case in Odonata and Ephemeroptera. Some 
pleating indeed persists in parts of most insect wings, though 
it may be absent elsewhere. Many wings show an arched, or 
cambered, cross section, which again enhances rigidity to 
bending and introduces other important properties, which will 
be discussed later. 

Further features, often omitted from illustrations, but with 
great mechanical significance, are lines and bands of flexibility 
within the wing and the axilla. One can conveniently distin- 
guish between flexion lines, whose primary function is the 
facilitation and control of wing deformations in flight, and 
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FIGURE 2 The variety of insect wings. The wing spans extend over two orders 
of magnitude, from ca. 1 mm in the thrips (b) to 100 mm in the damselfly 
(i). (a) Caddis (Trichoptera), Limnophilus rhombicus. (b) Thrips (Thysanoptera), 
Liothrips oleae. (c) Grasshopper (Orthoptera), Dissosteira carolina. (d) Male 
coccid (Homoptera), Icerya purchasi. (e) Parasitoid wasp (Hymenoptera), 
Coccophagus tschirchii. (f) Dragonfly (Odonata), Libellula quadrimaculata. 
(g) Snake fly (Megaloptera), Raphidia adanata. (h) Wasp (Hymenoptera), 
Celonites abbreviatus. (i) Damselfly (Odonata), Megaloprepus coerulatus. (j) 
Aphid (Homoptera), Eviosoma lanigerum. (k) Perilampid wasp (Hymenoptera), 
Perilampus chrysopae. (1) Hawk moth (Lepidoptera), Hyloicus ligustri. (m) 
Mantis (Mantodea), Mantoida brunneriana. (n) Hover fly (Diptera) 
Lathyrophthalmus quibquelineatus. (0) Lasiocampid moth (Lepidoptera), 
Gastropacha quercifolia. (p) Male stylopid (Strepsiptera), Eoxeonos laboulbenei. 
(q) Scorpionfly (Mecoptera), Panorpa communis. (r) Plume moth (Lepidoptera), 
Orneodes cymodactyla. (Reproduced with permission from W. Nachtigall, 1974.) 





fold lines, whose primary role is in folding the wings to and 
from the resting position. The distinction is not absolute: 
there may well be some limited deformation along flexion 
lines during wing folding and along fold lines in flight. Some 
other lines of flexible cuticle, for example in the distal parts of 
some hymenopteran and dipteran wings, seem to fit neither 
category and are best interpreted as adaptations to allow the 
wing tip to crumple reversibly on impact with obstacles. The 
veins themselves vary considerably in diameter, wall thickness, 
and shape of their cross section, all factors that strongly 
influence their local resistance to bending and help determine 
the pattern of deformation in flight. Figure 3 shows some 
details of contrasting vein morphology. Many crossveins have 
a characteristic annulated form (Figs. 3f and 3g), a means of 
reconciling flexibility with the need to maintain an open 
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FIGURE 3 Details of veins. (a—c) Transverse sections of longitudinal veins. 
(a) Forewing subcosta of a butterfly, Papilio rumanzowia (Lepidoptera). (b) 
Adjacent veins in the radial sector field of Calopteryx splendens (Odonata). (c) 
Ridge and trough veins from the hind wing fan of Schistocerca gregaria 
(Orthoptera). (d—g) Crossveins. (d) Angle-bracket-like crossveins from the 
leading edge spar of C. splendens (Odonata). (e) Crossvein from the 
remigium of the wing of C. splendens. (f) Flexible crossvein from Eristalis 
tenax (Diptera). (g) Flexible crossvein from the hind wing fan of S. gregaria. 
Scale bars, 0.5 mm. (Modified with permission from R. Wootton, 1992.) 


section, as in flexible drinking straws and some hoses and 
flexible pipes. Elsewhere, crossveins can be stout and rigid 
and can even form high-relief angle brackets, as in the leading 
edge spar of dragonfly wings (Fig. 3d). Where longitudinal or 
crossveins are crossed by flexion lines and fold lines they may 
be locally interrupted, thinned, or annulated. 

The membrane itself can be thickened and sclerotized, 
either over substantial areas, as in the protective or semipro- 
tective forewings of Coleoptera, Dermaptera, Heteroptera, 
Orthoptera, and Blattodea, or in more restricted lines or 
zones. In the latter case it may not always be easy to distin- 
guish the result from veins, especially since some true veins 
are not tubular, but are simply thickened, sclerotized grooves. 

The texture of the membrane is also variable. Under the 
microscope, areas that undergo appreciable stretching in flight 
may appear crumpled like crépe paper, as in the hind wing 
fan of locusts, or as an expanse of hollow papillae, as in those 
of some Heteroptera. Microtrichia (small unarticulated hairs) 
are widespread, and the wing membrane of many insects, 
particularly among Holometabola, bears articulated hairs 
(e.g., Trichoptera) or scales (e.g., Lepidoptera, Psocoptera, mos- 
quitoes). The scales are sometimes extraordinarily complex in 
structure, providing both insulation and color, including some 
spectacular physical colors. This complexity is particularly 
remarkable when one considers that each scale is produced 
by a single cell. 

The veins too may bear scales, hairs, and other ornamen- 
tation, including airflow- and vibration-sensitive hairs and 
sense organs that detect distortions of the cuticle in flight. 

In several orders the fore- and hind (meso- and metathoracic) 
wings are in physical contact during the wing stroke, the pos- 
terior part of the forewing overlying the anterior part of the 
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FIGURE 4 Wing vein nomenclature. The system of Kukalovd-Peck. 
(Modified from Kukalova-Peck, 1991.) 


hind and in many cases physically linked to it by a coupling 
mechanism. Some mechanisms may in fact provide sensory 
information about the relative positions of the wings rather 
than rigid mechanical coupling, but in Hymenoptera the hind 
wing leading edge bears a row of hooks that firmly clasp a fold 
of the forewing; in Heteroptera the hind wing edge is held by 
hairs in a groove in the forewing, and in many Homoptera 
the wings are held together by interlinking grooves. 


HOMOLOGY AND TERMINOLOGY 


Despite occasional claims to the contrary, there is no good 
evidence that wings arose more than once within the insects, 
and it is generally accepted that homologous wing characters 
should be recognizable throughout the class. In fact this is 
anything but straightforward. In the course of evolution 
some veins have degenerated, or their identities have become 
obscured by fusion. Vein branches have been gained or lost, 
have become realigned, have come to resemble crossveins. 
Linear, vein-like membrane thickenings have arisen and are 
readily mistaken for true veins. The homologies of flexion 
lines and fold lines, and the extent to which they can be used 
as landmarks in vein identification, are also far from obvious. 


Vein Nomenclature 


Unfortunately, several conflicting systems are in use. All derive 
principally from a scheme established in the late 19th century 
by J. H. Comstock and J. G. Needham after a series of com- 
parative studies of wing tracheal supply, but the situation has 
become confused by later additions and alterations. Two 
widely used schemes are illustrated here. Figure 4, adapted 
from Kukalova-Peck, shows all the longitudinal veins of which 
any trace remains in extinct, as well as living, insects and is an 
attempt at an overall ground plan for the winged insects. It 
proposes that veins were initially paired, the anterior member 
of each pair being convex and situated on a ridge of a pleated 
wing, the posterior member concave and situated in a trough. 
They are the anterior and posterior precosta, costa, subcosta, 
radius, media, cubitus, anal, and jugal. This scheme is consis- 
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successful results. A soldering iron stand usually has a sponge that is dampened — it wants 
to be quite damp but not running wet, so squeeze out any excess. 
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FIGURE 5 Wing nomenclature. A more traditional system, after Wootton, 
showing veins, some flexion and fold lines, and the main areas of the wing. 
(a, c) A forewing or a hind wing lacking an expanded anojugal area. (b, d) 
Cubital and anojugal region of hind wing with an expanded anojugal area. 
(Reproduced with permission from Wootton, 1979). 


tent and logical and is increasingly widely followed. In most 
modern insects, however, several of the most anterior veins are 
obscure or absent, and many entomologists tend to ignore 
these, or indeed to question their existence, and to follow a 
scheme closer to that of Comstock and Needham. Figure 5 
illustrates one such system, showing (Fig. 5a) a diagrammatic 
wing, (Fig. 5b) the expanded anal fan (vannus) of some hind 
wings, and (Figs. 5c, and 5d) the names in common use for 
specific regions of the wing. Kukalova-Peck’s precostal veins 
are omitted, as are her posterior costa and anterior subcosta. 
The anteriormost veins are hence the convex, unpaired costa 
and the concave subcosta. Kukalov4-Peck’s posterior radius is 
called by the older name of radial sector. The number of anal 
veins is regarded as unfixed. 

Both diagrams show most veins to be branched, as is often 
the case, but we do not in fact know what was the primitive 
number of branches for any vein. Crossveins are omitted from 
the diagrams. Where comparatively few are present in a wing, 
these are often named by the longitudinal veins that they con- 
nect, with the symbols for these veins given in lowercase type. 


Regions of the Wing 


In the wings of a neopterous (wing-folding) insect distinct 
areas can be recognized, delimited by flexion lines or fold 
lines. The main, anterior area, between the leading edge and 
the claval furrow, is the remigium. In wings without an 
expanded anal fan, a narrower area between the claval furrow 
and the jugal fold is the clavus. The remaining, usually small 
area, which lies posterior to and inboard of the jugal fold, is 
the jugum. In the hind wings of many forms the area 
between the claval furrow and the jugal fold is expanded into 
a broad anal fan, or vannus, which sometimes, notably in 
Orthoptera, Phasmida, and Blattodea, has fold lines within it 
and folds into a pleated fan. 
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Flexion Lines and Fold Lines 


Flexion lines and fold lines have received comparatively little 
attention and indeed are often omitted from diagrams. In 
neopterous insects, one flexion line and one fold line are par- 
ticularly widespread. The claval furrow is a flexion line that 
typically lies posterior to the posterior cubitus and allows the 
remigium to hinge upward or downward relative to the clavus. 
The jugal fold is continuous with the basal hinge of the wing 
and is involved in both flapping and folding. 

Two other flexion lines are common, but their positions 
relative to other wing landmarks are not constant, and they 
may have arisen independently several times. The median, or 
remigial flexion line, runs longitudinally from the wing base, 
often between the radial and the median vein systems. It allows 
the profile of the wing to be altered in flight and may influence 
its resistance to transverse bending. Transverse flexion lines, by 
contrast, facilitate ventral bending across the span. A transverse 
flexion line occurs in several orders, crossing the wing along 
a curved or irregular, sometimes oblique, path from the costa 
to the posterior margin. 


DIVERSITY 


The wings of insects are very diverse indeed—far more so than 
those of birds or bats. They vary in proportions; the relative 
sizes of fore- and hind wings; relief, texture, and ornamentation; 
thickness; venational richness; the details of veins, fold lines, 
and flexion lines; and the extent and manner in which they are 
coupled in flight. Figure 2 illustrates some of this diversity. 

It is widely assumed, though without direct evidence, that 
fore- and hind wings were originally similar in size and shape. 
This is true today of zygopterous Odonata (Fig. 2i); of many 
Neuroptera, Megaloptera (Fig. 2g), Mecoptera (Fig. 2q), 
Trichoptera, and primitive Lepidoptera; of Thysanoptera 
(Fig. 2b), Embioptera, most Isoptera, and a few Plecoptera 
(Chloroperlidae). In the last two orders at least the condition 
is clearly secondary. Some Permian fossil Ephemeroptera and 
Heteroptera also had similar fore- and hind wings, as did 
some members of several extinct orders. 

However, some of the earliest insect fossils already show 
relative enlargement or reduction of one wing pair, and one or 
the other applies to most insects today. In anisopterous Odonata 
(Fig. 2f); Orthoptera (Fig. 2c) and winged Phasmida; Blat- 
todea; one family of Isoptera (Mastotermitidae) and Mantodea 
(Fig. 2m); most Plecoptera, Dermaptera, Trichoptera (Fig. 2a), 
and Coleoptera; and some Heteroptera and male Strepsiptera 
(Fig. 2p), the hind wing is significantly broader than the fore 
and has become the principal lifting surface. In Ephemeroptera, 
Psocoptera, some Heteroptera (Fig. 2j) and Neuroptera, many 
Lepidoptera (Figs. 21, 20, and 2r), most Hymenoptera (Figs. 2e, 
2h, and 2k), and all Diptera (Fig. 2n) the converse is true; the 
forewings have greater area and usually greater length than 
the hind. In all but the Odonata, which do not fold their 


wings, it is necessary for the hind wings to fold up along two 
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or more radiating fold lines to lie beneath the forewings at 
rest. The forewings themselves are often shorter than the 
hind, and in some cases have become thickened, providing 
some protection for the abdomen and the more fragile hind 
wings. When moderately thickened, as in many Orthoptera, 
Blattodea, Mantodea, and some Homoptera, the forewings 
are often referred to as tegmina (singular tegmen). When 
thickened to the extent that their flight function is almost 
lost or wholly so, as in Coleoptera and Dermaptera, they are 
known as elytra (singular elytron). The typical forewings of 
Heteroptera, with the basal part thickened but a membranous 
tip, are known as hemielytra. 

Forewings adapted for protection tend to be less effective in 
flight and are usually accompanied by disproportionately large, 
elaborately folding hind wings with expanded anal fans or else 
by total loss of flight capability. Where the forewings are signifi- 
cantly shorter than the hind, e.g., in some Orthoptera, winged 
Phasmida, Dermaptera, and Coleoptera, two different solu- 
tions have been adopted to meet the problem of stowing the 
hind wings at rest. In Orthoptera, e.g., Gryllotalpidae, Tri- 
dactylidae, and Tetrigidae, and in Phasmida, the longitudinally 
folded hind wings project from beneath the tegmina along 
the back of the abdomen. In Phasmida and Tridactylidae, the 
narrow remigium of the hind wing itself is thickened and 
protects the more delicate fan. However, in Dermaptera and 
Coleoptera and in several genera of Blattodea the hind wings 
fold transversely as well as longitudinally, in a variety of com- 
plex and mechanically fascinating ways. 

Some reductions and modifications are extreme. Among 
Ephemeroptera, the Caenidae and some Baetidae have lost 
the hind wings entirely and fly with the forewings alone; the 
same is true of male Coccidae (Homoptera, Fig. 2d). The 
hind wings of Diptera are modified as gyroscopic sense 
organs, the halteres, and the forewings of male Strepsiptera 
(Fig. 2p) are apparently similarly adapted. The hind wings of 
nemopterid Neuroptera are elongate plumes or filaments. In 
the nemopterid species that have been investigated they do 
not flap, but are spread out behind the insect, apparently 
acting as physical stabilizers. Similar long, more or less slender 
hind wings occur in several families of butterflies and moths, 
but in some species at least they flap in phase with the fore- 
wings, sending ripple-like waves along their “tails.” 

The wings of many small moths, flies, beetles, and wasps 
are fringed with long hairs, which appear to operate aerody- 
namically as if they were a continuous membrane. This is 
taken to extremes in the tiny feathery wings of Thysanoptera 
(Fig. 2b), ptiliid beetles, nymphomyiid Diptera, and mymarid 
Hymenoptera, of which most of the lifting surface consists of 
long hairs, arising from a rod-like rachis. The emarginated 
wings of orneodid moths (Fig. 2r) consist of a radiating fan 
of similar feather-like structures, and the pterophorid moths 
approach this condition, though with fewer plumes. 

The forewings of many male Orthoptera in the suborder 
Ensifera are adapted for sound production and amplification, 
with distorted venation enclosing large areas of membrane—the 


“mirrors.” These regions, and their function, are often retained 
in species whose wings are otherwise reduced. The forewings of 
some noctuid moths are also adapted for sound production. 

Reduction (brachyptery) and loss (aptery) of both wing 
pairs have happened in many orders. It is particularly frequent 
in Orthoptera, Blattodea, and Hemiptera, and sometimes 
occurs polymorphically within a species. The adaptive signif- 
icance of brachyptery is seldom clear. Short forewings are 
sometimes retained, apparently as protective structures, as are 
the elytra of many flightless beetles that lack hind wings. 


FUNCTIONS AND DESIGN 


The primary function of wings is flight. The wings operate as 
flexible aerofoils, oscillating as first-order levers over a process 
of the pleuron, which acts as a fulcrum. They need to be rigid 
enough to resist unwanted deformation under the forces they 
receive from the air and the inertial forces from the repeated 
accelerations and decelerations of flapping, but locally flexible 
enough to allow the cyclic twisting and bending deformations 
that are necessary to generate the forces to propel the insect and 
support its weight in air. Because they have no internal muscles, 
their shape from instant to instant needs to be controlled partly 
remotely though the axillae, partly automatically by their own 
structure: the distribution of rigid and flexible elements, of 
relief, veins and flexion lines within the wings themselves. 


The Wing Beat 


To interpret these aspects of wing morphology it is necessary 
to understand the nature of the wing beat. Simply to beat 
wings symmetrically up and down would be aerodynamically 
ineffective, because the vertical forces would tend to cancel 
out. It necessary to introduce some asymmetry to the wing 
beat, in the path of the wings and/or their shape and attitude. 
An abundance of high-speed still and cine photographs of a 
wide range of insects shows that the downstroke has many 
features common to all. The wings beat downward, and often 
rather forward relative to the insect’s body axis, and are usually 
relatively straight along their length, with a rather curved 
section and a slight nose-down twist along the span. In the 
upstroke, however, the shape of the wings varies greatly, both 
between species and according to how the insect is at that 
moment performing. 

In virtually all species the wings twist backward (supinate) 
to some extent at the bottom of the downstroke and continue 
supinated throughout the upstroke, twisting forward (pronat- 
ing) again at the top. The extent to which they can twist 
varies greatly, as was illustrated by Wootton in 2000. The 
wings of most Diptera, and of zygopterous Odonata, which 
have slender bases and operate in individual pairs, are able to 
twist almost onto their backs. The camber becomes reversed, 
and they are then capable of generating upward, weight- 
supporting forces on the upstroke as well as the downstroke. 
This allows them to fly slowly and to hover. At the other 


extreme, locusts, and probably most other flying Orthoptera, 
can twist their wings only slightly and get the necessary stroke 
asymmetry by limited forewing twisting, but mainly by pulling 
the hind wings fully forward in the downstroke and partly 
retracting them for the upstroke. Pulling the hind wing 
forward extends the fan, and the radiating veins within it 
become compressed and curved like the spokes of an umbrella, 
giving the wing an aerodynamically effective cambered section, 
which is lost as the wing relaxes into the upstroke. Only the 
downstroke generates significant weight support, and the 
insects can fly only forward, at a relatively high speed. 
Between these two extremes fall many insects whose wings 
are capable of varying amounts of torsion and which hence 
display a range of versatility and maneuverability in flight. 
Broad wings and fore- and hind-wing coupling both tend to 
limit active twisting, but many wings show a degree of passive 
torsion along their span, so that the distal part is significantly 
supinated for the upstroke and can generate useful lift. This is 
in many insects—Plecoptera, sialid Megaloptera, Mecoptera, 
many Hemiptera and Hymenoptera, some Trichoptera and 
Lepidoptera—enhanced by a degree of ventral bending along 
a more or less marked transverse flexion line. Where such a 
flexion line runs obliquely across the wing, ventral bending 
serves also to twist the distal part of the wing, enhancing 
upstroke lift generation and increasing flight versatility. 


The Importance of Wing Camber 


A cambered cross section makes a wing rigid to both bending 
and torsion, but asymmetrically so. A thin, dorsally convex 
wing is far more resistant to a bending force applied from 
below (Fig. 6a) than to one from above (Fig. 6b), as the latter 
tends to make the edges buckle outward and flatten the 
section. Furthermore if the force is applied behind the axis 
along which the wing naturally twists, the latter twists far 
more easily if the force is from above (Fig. 6d) than from 
below (Fig. 6c). These effects are exploited by many insects 
to favor ventral bending and supinatory twisting for the 
upstroke, whether or not a transverse flexion line is present. 
There is evidence, moreover, that some insects can actively 
alter the height of the camber, and hence the wing’s rigidity, 
by longitudinal bending along the median flexion line, and 
this may prove to be the latter’s principal function. 


Automatic Mechanisms 


The mechanisms so far described illustrate that the control of 
wing shape in flight is to a considerable extent automatic: 
determined by the local distribution of flexibility and rigidity 
within the structure, moderated remotely by the controlling 
muscles at the wing base. Nowhere is this automation better 
demonstrated than in the wings of dragonflies (Odonata, 
Suborder Anisoptera). 

These agile aerial predators have long complex wings 
(Figs. 2f and 2i), extensively corrugated, with several richly 
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FIGURE 6 Mechanical behavior of cambered plates. (a, b) Cambered plates, 
fixed at one end, are more easily bent by a force from the convex side than from 
the concave side. (c, d) Such plates are more readily twisted by a force applied 
from the convex side behind the torsional axis than from the concave side. 


branched longitudinal veins and an abundance of crossveins. 
The principal support is provided by the costa, subcosta, and 
radius, which are linked together in the basal part of the wing 
by high-relief, angle-bracket-shaped crossveins (Fig. 3d) into 
a spar with a V-shaped cross section, rigid to both bending and 
torsion. About halfway along the wing the subcosta terminates 
at the “nodus,” a high-relief structure consisting of a strong 
transverse strut and a patch of flexible cuticle that interrupts 
the costa. Beyond the nodus the costa and radius form with the 
first branch of the radial sector a more shallow spar with an 
inverted V-shaped section, supporting the distal part of the 
wing but compliant to supinatory twisting. The crossveins here, 
and elsewhere in the wing, are slender, allowing considerable 
deformation, so that the flapping wing twists forward and 
backward about its leading edge spar, like the sail of a tacking 
dinghy. The nodus serves to reinforce the wing and to minimize 
stress concentrations at the transition point between the two, 
mechanically very different, sections of the leading edge spar. 
The extreme twisting, essential to its versatile, high-performance 
flight, is assisted by an unusually flexible trailing edge; but it 
is essential that this latter should not be allowed to swing up 
like a flag to flutter in the airflow, which would be aerody- 
namically useless and potentially damaging to the wing. This 
is automatically prevented by two features: a dense spot 
called the pterostigma, near the end of the wing tip, which is 
believed to act as a regulating counterweight to the swinging 
wing, and a curious, three-dimensional formation of veins 
near the wing base—the triangle and supratriangle—which 
automatically levers the trailing edge downward in direct 
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response to the aerodynamic forces that the wing generates. 
This degree of automation in a propulsive appendage is 
unique in the animal kingdom and has no obvious parallels 
in technology. 


Wing Folding 


All modern insects except the Odonata and Ephemeroptera 
have the ability to fold their wings back over the abdomen, 
an adaptation that increases their ability to move freely over 
a substrate and to penetrate small spaces. Simple folding back 
is achieved mainly by muscular rotation of the third axillary 
sclerite and folding of the wing base along the basal hinge 
between the sclerite and the side of the thorax and along the 
jugal fold line. In hind wings with a large vannus (anal fan) 
there may be many extra fold lines lying parallel to the 
radiating veins, so that the wing folds like a pleated fan. The 
hind wings of Dermaptera, Coleoptera, and the cockroach 
Diploptera, however, fold up transversely as well as longitudi- 
nally; in some cases with extraordinary complexity. Because the 
wings have no internal muscles, folding and unfolding need 
to be achieved remotely, by mechanisms operated from the 
wing base and by the action of other body parts, combined 
with elasticity within the wing. Hydraulic mechanisms have 
sometimes been postulated, but recent work suggests that 
these are unnecessary. The unfolding of beetle wings appears 
to be achieved by active, scissor-like movements of the bases 
of the main supporting veins, which set in action a cascade of 
interconnected, simple opening mechanisms similar to those 
used in pop-up books and three-dimensional greeting cards; 
assisted in places by elasticity in the cuticle. Refolding the 
wings involves the reversal of these mechanisms, assisted by 
movements of the abdomen. Dermaptera, by contrast, use their 
abdomens to unfold the hind wings by means of a complex 
array of similar mechanisms, and refolding is largely elastic. 


Secondary Functions 


Wings have assumed a range of secondary functions. The sound- 
producing and -amplifying forewings of many Orthoptera, 
the protective elytra and tegmina of several orders, and the sen- 
sory halteres of Diptera and Strepsiptera have already been 
mentioned. The wings of Odonata and many Lepidoptera assist 
in thermoregulation. Members of several orders—Orthoptera, 
Phasmida, Mantodea, Odonata, Diptera, Lepidoptera—use 
theirs in active signaling: defensive, territorial, and sexual. 
Wings with warning patterns and colors are found particularly 
among Coleoptera, Lepidoptera, Orthoptera, and Heteroptera. 
The use of wings in camouflage is especially widespread in 
Orthoptera, Mantodea, Heteroptera, and Lepidoptera and may 
be reflected in their shape as well as color and pattern. Those 
of leaf mimics may be unusually broad and may bear petiole- 
like protuberances and emarginations resembling insect damage. 
It is often hard to determine whether particular wing characters 
are flight adaptations or have only secondary functions. 


Unsolved Problems 


Many wing characters are still poorly understood. We know far 
too little about the aerodynamic significance of the great variety 
of wing shapes in, for example, Lepidoptera, and of surface 
structures like hairs, spines, and scales. While the principles 
underlying venation pattern and the layout and orientation 
of flexion lines are broadly clear, the details are often quite 
obscure. Much work, linking aerodynamics, functional mor- 
phology and structural mechanics, remains to be done. 
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| n the heyday of light-microscopy studies, intracellular bacteria 
were discovered in many organisms. In 1924 M. Hertig and 
S. B. Wolbach observed bacteria in the cells of a mosquito 
(Culex pipiens). Hertig formally described them in 1936 as 
Wolbachia pipientis in honor of his collaborator in the earlier 
work. Wolbachia was placed in the Rickkettsiales, which belong 
to the o-Proteobacteria. Its closest relatives are several patho- 
genetic bacteria (Cowdria and Ehrlichia) that are transmitted 
by arthropods to vertebrate hosts. After their discovery little 


was reported on these bacteria until Yen and Barr in 1971 
discovered that they were involved in causing the death of 
mosquito eggs when sperm of infected males fertilized the 
eggs of Wolbachia-free females. Since that time the interest in 
Wolbachia has increased rapidly because Wolbachia appears to 
be very common in arthropods (up to 70% of all insects) and 
causes a number of unusual manipulations of their host's 
reproduction. These manipulations are interesting both from 
an academic point of view (evolution of sex, speciation, 
conflict between different sets of genes within one organism) 
and from an applied point of view (Can these bacteria be 
used to manipulate their host for our benefit?). 


WOLBACHIA’S HOST MANIPULATIONS 


Wolbachia is generally passed on only from an infected female 
to her offspring; infected males do not pass on their infection 
to their offspring. This can be understood because insect eggs 
are large and can harbor bacteria, whereas sperm are small 
and carry very little cytoplasm in which bacteria can be trans- 
ported. Such asymmetry in the transmission ability of their 
host explains many of the effects that Wolbachia has. An 
extreme case of this host manipulation is the induction of 
parthenogenesis (a type of asexual reproduction) in wasps by 
Wolbachia. Infected female wasps produce only daughters; in 
addition, they do not have to mate to produce daughters. 
Some wasp species consist entirely of infected females. In this 
case Wolbachia has manipulated its host into producing only 
females that can transmit the bacterium. In addition no eggs 
are “wasted” on the production of males, which are a dead end 
for Wolbachia. Other manipulations will be discussed below. 


Cytoplasmic Incompatibility 


One of the best known and possibly the most common effect 
of Wolbachia is cytoplasmic incompatibility (CI). Several dif- 
ferent forms of CI are known. In its simplest form, CI causes 
the death of embryos when a sperm from an infected male 
fertilizes the egg of an uninfected female. Consequently, in 
populations in which infected and uninfected individuals 
occur together, all possible crosses of infected females result 
in infected offspring. Uninfected offspring are produced only 
when an uninfected male mates with an uninfected female, 
whereas all the offspring of uninfected females that have 
mated with infected males die. This difference in offspring 
production causes the Cl infection to rapidly spread through 
the population. In the fruit fly Drosophila simulans, the infec- 
tion in California spread at a rate of approximately 100 km 
per year. 

The underlying mechanism of CI is not yet understood, 
but it is believed that sperm of infected males are somehow 
modified during spermatogenesis so that only in eggs infected 
with the same type of Wolbachia can this sperm function pro- 
perly or be “rescued.” This system of modification (mod) of 
the sperm and rescue (res) in the eggs is used to understand 
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the possible CI types. For instance if in one species two dif- 
ferent Wolbachia infections exist, this could lead to two-way 
incompatibility because the modified sperm is not rescued by 
the eggs infected with the other type of Wolbachia. This leads 
to the death of all the embryos resulting from intertype crosses. 
Therefore two infections within one species can cause genetic 
isolation of the two different subpopulations. This isolation 
may speed up speciation. 

Not only is it possible that different populations within a 
species are infected with a different Wolbachia, but superinfec- 
tions with several Wolbachia types are also common. Individuals 
infected with two different Wolbachia may be incompatible 
with individuals that are infected with only one of the two 
types. Sperm from doubly infected males may not be rescued 
in eggs that are singly infected. In these situations the double 
infection should spread through the population, displacing 
the single infection. 

The types of Cl Wolbachia that have been discussed so far 
can all be classified as modifiers (mod+) and rescuers (res+). If 
we assume that both these functions are energy costly to main- 
tain, one can imagine that once a complete population is 
infected with the mod+, res+ variant, Wolbachia variants that 
do not modify the sperm any longer (mod.-, res+) will spread 
relative to the modifying form (mod+, res+). Finally, once all 
of the individuals carry the mod, res+ variant, the population 
becomes vulnerable to invasion by mod-, res— variants. 
Mod-’, res— host populations either may lose their infection 
or can be invaded by new mod+, res+ variants. Examples of 
mod+, res+, mod-—, res+, and mod-, res— are all known. 
Mods+, res— Wolbachia do not exist because the males would 
be incompatible with the females of their own population. 

CI Wolbachia is thought to be promising in the spread of 
beneficial traits through a population. The idea is to genetically 
modify a Wolbachia with genes that inhibit the transmission 
of disease-causing organisms (malaria, dengue fever, etc.) 
through the insects that vector the disease. If this gene were 
inserted into a CI Wolbachia, the cytoplasmic incompatibility 
caused by the Wolbachia would lead to the spread of the bac- 
terium through the vector population and all infected insects 
would be unable to transmit the disease. Wolbachia appears to 
be present in many different parts of the insect body. Conse- 
quently the gene products inhibiting the disease organisms 
may also be delivered to various insect tissues. 


Parthenogenesis-Inducing Wolbachia 


Wolbachia inducing parthenogenesis in their hosts are known 
from many wasps and some thrips (Fig. 1). Infected females can 
produce daughters both from fertilized and from unfertilized 
eggs. The cytogenetic mechanism through which Wolbachia 
cause unfertilized eggs to grow into females is known for a 
number of parasitoid wasps. Wolbachia exploits the normal 
sex determination in wasps. In this system, males arise from 
unfertilized eggs, which contain only one set of chromosomes, 
whereas females arise from fertilized eggs, containing two sets 
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FIGURE 1 PI Wolbachia visible as light dots in a 4,6-diamidino-2- 
phenylindole-stained egg of the parasitoid wasp Trichogramma kaykai. The 
Wolbachia are concentrated around the area of the egg from which the future 


eggs of the wasp develop. Photograph by Merijn Salverda. 


of chromosomes. In unfertilized, infected eggs containing only 
a single set of chromosomes, Wolbachia causes a doubling in 
the number of chromosomes. This is accomplished through 
a modification of the first mitotic division in the egg, causing 
the egg to develop into a female. 

In most populations in which parthenogenesis-inducing 
(PI) Wolbachia are known, the entire population consists of 
females. Feeding antibiotics to these females causes them to 
produce male offspring. In most instances, these males are not 
able to successfully inseminate the females of their own line. It 
is assumed that the populations have been parthenogenetic 
for such a long time that mutations have accumulated in the 
part of the genome involved with sexual reproduction. An 
exception to this situation is found in the tiny parasitoid wasps 
of the genus Trichogramma in which, in many populations, 
both infected and uninfected individuals coexist. In these 
populations, males that are the offspring of antibiotic-treated 
mothers can successfully mate with infected females. 

PI Wolbachia are of interest from the applied point of view as 
well. Many parasitoid wasps are reared on a large scale in insec- 
taries for release in the field to control pest insects. Only female 
wasps are effective biological control agents because (1) they 
lay their eggs in or on the pest insect, (2) the wasp larvae will 
subsequently eat up the host insect, and (3) new wasps emerge 
from the remains of the pest insect. PIl-Wolbachia-infected 
females are cheaper to produce than normal sexual wasps. No 
production effort is wasted on rearing of males that are worth- 
less for biocontrol. 


Feminizing Wolbachia 


In many woodlice species (pill bugs, Crustacea, Isopoda), a 
Wolbachia is found that causes infected genetic males to develop 
into functional females. The feminizing Wolbachia accomplishes 


this through the infection of the male-hormone-producing 
gland. Without this hormone, genetic males develop into 
females. The spread of such an infection through a population 
can result in a severe shortage of males. Because males are 
needed for reproduction, this has led to counteradaptations 
by the nuclear genes in such a way that males will be produced 
even if the individual is infected. The effects of the Wolbachia 
and the counteradaptations against the feminization have led 
to a dynamic system of sex determination in some species of 
woodlice. 

Feminizing Wolbachia have also been discovered in a moth 
(Ostrinia scapularis: Noctuidae). Infected individuals grow into 
females, but how the Wolbachia accomplishes this transition is 
not known. 


Male-Killing Wolbachia 


Many different microorganisms have evolved methods of 
killing only male offspring of infected mothers. Wolbachia have 
this ability in several lady beetles and butterflies. The advantage 
of killing male offspring to Wolbachia requires that the infected 
daughters somehow benefit from the death of their brothers. 
In the case of the lady beetles this is most easily explained. 
Lady beetles generally lay their eggs in clusters, and the survival 
of the larvae is greatly enhanced if they find food soon after 
hatching. If an infected mother has laid a clutch of eggs the 
daughters emerge and then consume the eggs containing their 
dead brothers as their first meal. Because males cannot pass on 
the Wolbachia, the enhanced survival of the infected females 
benefits the Wolbachia. The presence of the male-killing 
Wolbachia can lead to extreme sex ratios in the population 
and just like in the case of the feminizing Wolbachia counter- 
adaptations are expected. 

Male-killing Wolbachia occur with a high frequency in 
several species of the butterflies of the genus Acraea occurring 
in East Africa. This has led in some populations to extremely 
female-biased sex ratios and a concurrent change in behavior 
of the butterflies. Normally males form leks where females 
would “choose” the male to mate with, but in these female- 
biased populations females form leks where males “choose” 
their partners. Little is known about the mechanism that 
allows these Wolbachia to kill exclusively infected male eggs. 


PHYLOGENY OF WOLBACHIA 


The phylogeny of Wolbachia has been studied extensively using 
several Wolbachia genes. Initially the 16S ribosomal DNA 
sequence was used to derive the relationship between the 
different Wolbachia. From this work it became clear that within 
the insect Wolbachia two groups exist, later named A and B, 
that had diverged from each other approximately 60 mya. 
Later several other genes were used to get a finer scale picture 
of the relationship of the different Wolbachia to each other. 
From all this work two main conclusions can be drawn: closely 
related Wolbachia can have quite different effects on their host 


and closely related hosts can carry quite different Wolbachia. To 
understand the distribution of the Wolbachia over the different 
hosts it is clear that transfer of Wolbachia between species must 
happen quite frequently over evolutionary time. The fact that 
the different host manipulations of Wolbachia can all be found 
in closely related Wolbachia must be the result of a relatively 
simple evolution of one effect into the other, for instance from 
CI to PI, or a more likely hypothesis is that the phylogenies 
based on different Wolbachia genes do not reflect the phylogeny 
of the genes involved in causing the host manipulation. If the 
genes causing the effects are found on phages that can jump 
from one Wolbachia to the next, the observed phylogenetic 
pattern can easily be explained. A potential candidate is the 
phage WO discovered by Masui et al. in 2000, which shows 
evidence of frequent horizontal transfer between different 
Wolbachia. More information on the genes involved in the 
different effects of Wolbachia will become available once its 
genome is published. 
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Yellow Fever 
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ellow fever virus is the prototype of the family Flaviviri- 

dae, which includes approximately 70 single-stranded RNA 
viruses, the majority of which are transmitted by mosquitoes 
or ticks. Yellow fever virus is transmitted principally by 
insects (mosquitoes), but ticks (Amblyomma variegatum) may 
play a secondary and minor role in Africa. 


DISEASE AND MEDICAL IMPACT 


The disease caused by the yellow fever virus is a severe hemor- 
rhagic fever, characterized by high viremia (virus in the blood), 
hepatic, renal, and myocardial injury, hemorrhage, and case- 
fatality rates of 20 to 50%. Today, the disease occurs in tropical 
Africa and South America. It is estimated that up to 200,000 
cases occur annually but far fewer are reported officially. 
Between 1990 and 1999, 11,297 cases and 2648 deaths were 
reported; 83% of these cases occurred in Africa. The highest 
incidence was in Nigeria, where epidemics occurred between 
1986 and 1994. Recent epidemics have affected Cameroon 
(1990), Kenya (1992), Ghana (1993-1994, 1996), Liberia 
(1995, 1998, 2000), Guinea (2000), Gabon (1994), Senegal 
(1995, 1996), and Benin (1996). In South America, 1939 cases 
and 941 deaths were reported between 1990 and 1999, for 
an average of about 200 cases per year. Bolivia and Peru had 
the highest incidence, reflecting low vaccination coverage. In 
Brazil, an increase in yellow fever activity occurred over a 
wide area between 1998 and 2000. 
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ROLE OF INSECTS IN TRANSMISSION 


The enzootic transmission cycle involves tree-hole-breeding 
mosquitoes such as Aemagogus janthinomys (South America), 
Aedes africanus (Africa), and nonhuman primates. Infection of 
mosquitoes begins after ingestion of blood containing a 
threshold concentration of virus (~ 3.5 log;) mI), resulting in 
infection of the midgut epithelium. The virus is released from 
the midgut into the hemolymph and spreads to other tissues, 
notably the reproductive tract and salivary glands. Seven to 10 
days is required between ingestion of virus and virus secretion in 
saliva (the extrinsic incubation period), after which the female 
mosquito is capable of transmitting virus to a susceptible host. 
Vertical transmission of virus occurs from the female mosquito 
to her progeny and from congenitally infected males to females 
during copulation. Virus in the egg stage provides a mechanism 
for virus survival over the dry season when adult mosquito 
activity and horizontal transmission abate. 

In tropical South America, the virus is transmitted by 
Haemagogus mosquitoes (principally Hg. janthinomys) between 
monkeys in the rain forest canopy and from monkeys to 
humans. Transmission peaks during months of high rainfall, 
humidity, and temperature (January—March), corresponding 
to the activity of Haemagogus mosquitoes. It is during occu- 
pational activities, such as forest clearing, lumbering, and road 
construction that humans acquire the infection (“jungle” 
yellow fever) from mosquitoes that previously had fed on 
viremic monkeys; most patients are young adult males. The 
density of Haemagogus and risk of human exposure are rela- 
tively low, and human cases occur in a sporadic fashion. Other 
mosquitoes involved in jungle yellow fever in South America 
include Hg. leucocalaenus and Sabethes chloropterus. In the 
early 1950s an epizootic extended to Central America, where 
other species were implicated (Hg. lucifer, Hg. equinus, He. 


iridicolor, Hg. mesodentatus). Prior to the 1940s epidemics of 
yellow fever due to bites from Ae. aegypti occurred in the 
Americas. Ae. aegypti breeds in and around houses, principally 
in artificial containers, and is responsible for direct inter- 
human transmission of virus (“urban” yellow fever). Age and 
sex distributions are different from jungle yellow fever, because 
children and females are affected. Most areas of South America 
had effectively eliminated Ae. aegypti during eradication efforts 
(1930s—1960s), but the continent was reinvaded in the 1970s, 
and the vector is now widespread. The first outbreak of urban 
yellow fever since 1954 occurred in Santa Cruz, Bolivia, in 
1997-1998. The wide distribution of Ae. aegypti (including 
areas juxtaposed to the yellow fever endemic zone) and the rise 
in air travel have increased the risk of reemergence of urban 
yellow fever in the Americas. 

In Africa, the enzootic cycle involves tree-hole-breeding 
Aedes mosquitoes, which transmit virus between monkeys, 
from monkeys to humans, and between humans. In West 
Africa, cases appear during the middle of the rainy season 
(August) and peak during the early dry season (October), the 
period of maximum vector longevity. The principal enzootic 
vector is Ae. africanus; this species is responsible for trans- 
mission between monkeys in the forest zone and in gallery 
forests. During the rainy season, Ae. africanus and other vector 
species [Ae. furcifer, Ae. taylori, Ae. luteocephalus, Ae. metallicus, 
Ae. vittatus, and (in many parts of East Africa) Ae. simpsoni] 
reach high densities in the humid savanna zone (the “zone of 
emergence” of yellow fever). The prevalence of immunity in the 
human population accumulates rapidly with age, and children 
are at highest risk of infection and illness. The domestic vector 
Ae. aegypti breeds in receptacles widely used by humans for 
water storage where piped water supplies are unavailable. 
Where this mosquito is involved in virus transmission, the 
disease may occur in the dry season in both rural and urban 
areas. Ae. aegypti has been the principal vector in many recent 
human epidemics in West Africa. Because the density and 
biting rates of Ae. aegypti and sylvatic Aedes vectors are high, 
human infection rates during epidemics may reach 20-30%. 

Rainfall and temperature influence vector abundance and 
transmission rates and the potential for yellow fever epi- 
demics. Prolongation of the rainy season, reflected by vegeta- 
tional indices in satellite images, predict a risk of yellow fever 
epidemics. Increasing temperature shortens the extrinsic 
incubation period of yellow fever virus in the mosquito, 
resulting in a significantly increased rate of transmission. Even 
brief exposure to high temperatures (e.g., in a sunlit forest 
clearing) can have this effect. Warm temperature also increases 
biting and reproductive rates of Ae. aegypti. 

Ae. aegypti populations differ genetically in vector compe- 
tence for yellow fever virus. High vector densities may be 
required for virus transmission by relatively insusceptible 
populations, such as occur in West Africa. 
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CONTROL STRATEGIES 


The principal method for prevention and control is human 
vaccination. A safe and effective live, attenuated vaccine 
(yellow fever 17D vaccine) has been in wide use since World 
War II. The vaccine is incorporated into routine childhood 
vaccination programs in South America and some parts of 
Africa. The occurrence of human disease reflects incomplete 
coverage of the population, because vaccine immunity is 
probably lifelong after a single dose. 

In the Americas, control of Ae. aegypti through larval 
source reduction was successful in reducing urban yellow fever 
in the early decades of the 20th century. The increasing size 
and complexity of urban areas, the proliferation of detritus and 
objects such as automobile tires that collect rainwater and 
breed mosquitoes, and increasing costs and competition with 
other health care priorities have limited the impact of mosquito 
control efforts. Emergency vector control using space sprays 
to kill infected female vectors could undoubtedly be used to 
contain urban yellow fever outbreaks, but the measure has 
never been evaluated specifically for this purpose. Spraying of 
large areas of forest and around villages by air- or ground- 
operated equipment to contain sylvatic yellow fever has been 
evaluated, with mixed success. 
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he term zoonosis (plural, zoonoses) is derived from the 

Greek roots for animal (goon) and disease (osis) and was 
coined initially to characterize any infection of lower animals 
that could be transmitted to humans. The Food and Agricul- 
ture Organization and the World Health Organization 
(FAO/WHO) broadened the definition during the 1950s to 
include infections that are transmitted in either direction 
between humans and other vertebrate animals. Thus, zoonoses 
are those diseases and infections for which the agents are 
naturally transmitted between vertebrate animals and humans. 
Zoonoses can be transmitted to humans by direct contact with 
an infectious vertebrate host or a fomite (i.e., an inanimate 
object such as an article of clothing that can harbor an agent); 
by ingestion of contaminated water, food, or other organic 
matter; by inhalation; and by arthropod vectors. This article 
is devoted exclusively to zoonotic agents that are transmitted 
from other vertebrates to humans by arthropods. It does not 
include nonzoonotic disease agents that are transmitted 
solely from person-to-person by arthropods (e.g., malaria). 
The terms arthropod vector versus vector, and arthropod- 
borne versus vector-borne, are used interchangeably. 


CHARACTERISTICS 


Viruses, prions, and bacteria, which include the rickettsiae, and 
fungi, protozoa, and helminths can serve as zoonotic disease 
agents. Taylor and Woolhouse reported in 2000 that 832 
(49%) of 1709 infectious organisms known to be pathogenic 
for humans are zoonotic in origin. These include 507 viruses 


and prions (30%), 541 bacteria (32%), 309 fungi (18%), 66 
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protozoa (4%), and 286 (17%) helminths. Furthermore, 156 
of these agents produce diseases that are considered to be 
emerging, and 73% of the emerging pathogens are zoonotic. 

Many zoonotic agents are transmitted to humans by means 
of arthropods, particularly insects or ticks. Indeed, two of the 
three contemporary internationally quarantinable diseases 
are vector-borne zoonoses transmitted either by mosquitoes 
(yellow fever) or fleas (plague). Plague also is transmitted by 
other routes, but the bacterial agent (Yersinia pestis) is main- 
tained primarily in natural cycles involving rodents and their 
associated fleas. In the tropics and subtropics, the most impor- 
tant arthropod-borne zoonotic disease agents are transmitted 
by flies (Diptera) such as mosquitoes, phlebotomine sand flies, 
and tsetse flies, whereas in temperate regions ticks transmit 
over 90% of the vector-borne human pathogens. 

Humans are “dead-end” hosts for most zoonotic agents, 
i.e., secondary cases do not occur following human infection. 
Notable exceptions are yellow fever, plague, and Chagas 
disease. Humans infected with yellow fever virus can serve as 
a source of infection for uninfected mosquitoes that feed on 
them, individuals manifesting primary or secondary 
pneumonic plague potentially can transmit Y. pestis to other 
persons by the respiratory route, and people infected with the 
trypanosome causing Chagas disease can infect triatomine 
bugs that bite them. 

Several factors that affect the ability of zoonotic agents to 
produce disease in people are the route of transmission (portal 
of entry), the genetically determined invasiveness (patho- 
genicity) of the infecting organism, and the age and immune 
status of an exposed individual. Two North American mosquito- 
borne viral encephalitides tend to produce more severe disease 
in disparate age groups, i.e., children infected with western 
equine encephalomyelitis (WEE) virus experience graver 
illness than adults, whereas the reverse is true for individuals 
infected with St. Louis encephalitis virus. Zoonoses may cause 
comparable harm to humans and some lower animals, or they 
may adversely affect one group or the other in a dispropor- 


*“ An Antex soldering iron tip. It simply slides onto the iron’s heating element. Only 
the extreme end is wettable and will accept solder: the tip should be kept nice and shiny. 


Soldering iron bits are typically iron-plated to resist wear, then chrome-plated to 
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work with molten solder. Before using the iron to make a joint, the hot tip must be 
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* Tinning the tip ready for use: apply a few millimetres of solder to the hot tip. 


Wipe off excess solder using a damp sponge and it’s ready to use. That’s why 
sponges have a hole or well in them — the edge acts as a wiper and the hole catches excess 
solder. 


A useful tip: after tinning the bit, just before using the iron it helps to re-apply a 
small amount of solder to a clean tip, to improve the thermal contact between the tip and 
the joint. The molten solder fills the void between the materials and the iron tip, to help 
transfer heat better so that the solder flows more quickly and easily. 


tionate manner. Thus, certain of the mosquito-borne 
encephalitic viruses (e.g., eastern equine encephalitis, 
venezuelan equine encephalitis, WEE) can be highly patho- 
genic for both humans and horses. 

Most arthropod-borne zoonotic infections can be charac- 
terized by their focal distribution within particular geographic 
landscapes. A natural focus, also known as a nidus, is an area 
where the complex interplay of various biotic and abiotic envi- 
ronmental factors ensures the temporal persistence of a zoonotic 
agent. This concept, referred to as “landscape epidemiology,” 
was developed into a doctrine by the Russian scientist E. N. 
Pavlovsky in 1939. Accordingly, foci exist under certain con- 
ditions of macro- and microclimate, vegetation, and soil in 
localities in which suitable arthropod vectors and reservoir 
hosts of the disease agent also exist. 

Furthermore, foci can be as distinct and limited geograph- 
ically as the burrow system of a small mammal or a tick- 
infested cottage, or they can be of the diffuse variety in which 
case they encompass portions of much broader territories such 
as coniferous or mixed hardwood forests. For instance, indivi- 
dual cases or localized outbreaks of relapsing fever in California 
usually are associated with rodent- and tick-infested cabins at 
higher elevations. In such foci, the spirochete Borrelia hermsii 
occasionally is transmitted to sleeping individuals by the bite 
of the rapid-feeding, nocturnally active soft-tick vector, 
Ornithodoros hermsi. \n contrast, northern Californian foci of 
the Lyme disease spirochete Borrelia burgdorferi, although pre- 
sent in several major habitat types, seem to be most intense in 
certain leaf-litter areas within mixed hardwood forests where 
infection prevalences in nymphal Ixodes pacificus ticks 
sometimes reach 20 to 40%. 


VECTORS 


The phylum Arthropoda contains six classes of varying medical 
importance but only two of them, the Insecta and Arachnida, 
are of paramount importance as transmitters of zoonotic agents. 
Mites, ticks, spiders, and scorpions comprise the Arachnida, 
but only certain species of mites and particularly ticks are 
capable of transmitting infectious organisms to humans. 

Insects that transmit zoonotic agents belong principally to 
three orders, namely, the Siphonaptera (fleas), Heteroptera 
(true bugs), and especially the Diptera (flies). Important 
families of flies that transmit zoonotic agents are the Culicidae 
(mosquitoes), Glossinidae (tsetse flies), Psychodidae (phle- 
botomine sand flies), Ceratopogonidae (biting midges), and 
Tabanidae (deer flies and horse flies). Other dipteran families, 
like those comprising the filth flies generally and the house 
fly in particular (Muscidae), may mechanically contaminate 
human foodstuffs with bacteria, protozoans, or other agents 
that can cause gastrointestinal illnesses. 

Among the arachnids, ticks overwhelmingly outweigh the 
mites in importance as vectors of zoonotic agents because of 
their universal blood-sucking habit. With rare exceptions, all 
three trophic stages (larva, nymph, adult) of ticks must ingest 
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a blood meal to complete development and to ensure repro- 
ductive success. By comparison, the majority of mites are free 
living and nonparasitic. In the United States, approximately 
10% of the 83 described tick species transmit one or more 
viruses, bacteria, or protozoan parasites to people with any 
regularity. One commonality shared by many arachnid and 
insectan vectors is that they feed intermittently upon their 
hosts and therefore spend more than about 95% of their 
entire life cycle off the host. 


CLASSIFICATION 
Zoonoses were classified by the FAO/WHO in 1967 accord- 


ing to whether their primary reservoir hosts are humans or 
lower animals and with regard to the type of life cycle of the 
infecting organism. The latter classification, which is based 
upon shared epidemiologic features, is more instructive than 
one based solely on reservoir hosts. In it, zoonoses have been 
categorized as direct zoonoses, cyclozoonoses, metazoonoses, 
or saprozoonoses. However, only two of these categories involve 
transmission by arthropods. Direct zoonoses are transmitted, in 
part, from an infected to a susceptible vertebrate host mechani- 
cally by a vector, whereas metazoonoses are transmitted bio- 
logically by vectors. 


TRANSMISSION CYCLES 


Arthropod-borne zoonotic agents are maintained in trans- 
mission cycles of variable complexity. Nevertheless, four com- 
ponents are evident in all such cycles: the agent itself, one or 
more efficient arthropod vectors and primary reservoir hosts, 
and a permissive environment. A reservoir host is a vertebrate 
that is readily infected with the agent, is capable of maintaining 
the agent within its tissues for an extended period, and can 
serve as a source of infection for uninfected vectors that feed 
on it while it is in an infectious state. In reality, arthropods also 
contribute to the maintenance of zoonotic agents to various 
degrees; some, like certain hard-tick vectors of spotted fever 
group rickettsiae or mosquito vectors of some viruses, may be 
considered reservoirs as well. That is, they can maintain the 
agent in their tissues for months or even years, efficiently pass 
it from one trophic stage to the next (transstadial transmission), 
and eventually transmit it from one generation to the next via 
the eggs of infected females (transovarial transmission). In such 
cases, the reservoir of infection may best be considered poly- 
hostal because both the vertebrate host(s) and the vector(s) 
help to maintain the cycle of infection. 

Arthropods may transmit zoonotic agents from an infected 
vertebrate to a susceptible one either mechanically or biologi- 
cally. Of these, biological transmission is much more prevalent 
than mechanical transmission among most groups of arthro- 
pod vectors. Mechanical transmission occurs when an agent 
adheres externally on the mouthparts, legs, or other bodily 
regions of a vector and then is transported directly or indirectly 
to a vertebrate, e.g., by means of contaminated foodstuffs or 
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by specific inoculation into the skin or bloodstream by the 
bite of contaminated mouthparts. In mechanical transmission, 
the agent does not require the arthropod to complete an essen- 
tial part of its life cycle, and the arthropod/agent relationship 
is of an accidental nature. 

In biological transmission, the vector plays an indispensa- 
ble role in the life cycle of the agent. Biological transmission 
takes three forms: cyclodevelopmental, cyclopropagative, and 
propagative. In cyclodevelopmental transmission, the agent 
undergoes cyclical changes within the internal tissues of the 
vector but does not multiply (e.g., mosquito transmission of 
the filariid nematode Wuchereria bancrofii). In cyclopropagative 
transmission, the agent undergoes cyclical development and 
multiplication in the arthropod’s body (e.g., malaria 
plasmodia in anopheline mosquitoes or babesial piroplasms 
in their tick vectors). In propagative transmission, the agent 
multiplies but undergoes no cyclical development within the 
vector’s body (e.g., most bacteria and viruses). 

Regardless of the specific mode of biological transmission, 
the vector usually transmits the agent anteriorally via its sali- 
vary secretions while ingesting a blood meal from a vertebrate 
host. In a few instances, the agents are transmitted posteriorly 
when infectious feces are deposited on the host near the bite 
wound (e.g., feces of triatomine bugs infected with Trypanosoma 
cruzi, the causative agent of Chagas disease). 


PUBLIC HEALTH IMPORTANCE 


The public health and economic impact of the arthropod- 
borne zoonoses is immense, particularly in developing countries 
in tropical or subtropical regions. Losses include morbidity 
and mortality among humans and livestock and the resultant 
direct and indirect economic effects to affected individuals 
and to society at large. For instance, the African trypanoso- 
miases still are among the most devastating diseases afflicting 
humans and livestock. African sleeping sickness is estimated 
to have killed up to 500,000 people between 1896 and 1906, 
and one epidemic near Lake Victoria in Uganda claimed 
about 200,000 lives. Today, it is estimated that over 300,000 
new cases of the disease are contracted annually and that 60 
million people in 36 countries of sub-Saharan Africa and an 
even greater number of livestock are at risk. In addition to 
African trypanosomiasis, other zoonotic and nonzoonotic 
vector-borne diseases such as malaria, dengue, yellow fever, 
filariasis, leishmaniasis, plague, and louse-borne typhus caused 
more human morbidity and mortality than all other causes 
from the 17th to the early 20th centuries, especially in the 
tropics. Since the 1970s, there has been a resurgence of many 
of these diseases and the emergence of others, notably tick- 
borne diseases like Lyme disease, ehrlichiosis, and babesiosis 
in temperate regions. 

Certain population groups traditionally have been at 
elevated risk of acquiring vector-borne zoonotic infections. 
Agricultural and forestry workers, hunters, field naturalists, 
park rangers, wildlife biologists, woodcutters, and tourists rep- 


resent just a few of the many groups that are vulnerable to such 
infections. In the northeastern United States, suburbanites 
may be at considerable risk for contracting Lyme disease in the 
peridomestic environment because of the presence of host- 
seeking, spirochete-laden xodes scapularis ticks on lawns and in 
adjacent shrubbery or forested areas. Similarly, in the western 
United States, the risk of human plague increased in perido- 
mestic settings during the late 20th century as human popu- 
lations encroached into formerly unpopulated foci of Y¥. pestis. 

Apart from the human misery and loss of life attributable to 
zoonoses, the significant costs associated with the occurrence of 
individual cases or outbreaks of a few specific arthropod-borne 
diseases in the United States illustrate their economic impact. 
Following a single human plague case at Plumas—Eureka State 
Park in Plumas County, California, in 1976, attendance at that 
park declined markedly for the remainder of the year. Moreover, 
a benefit-cost analysis of bubonic plague surveillance and 
control at that park and another nearby campground revealed 
that the costs incurred when human plague was contracted at 
either recreational area averaged $52,000. In 1966, an outbreak 
of St. Louis encephalitis virus, a mosquito-borne flavivirus, in 
Dallas, Texas, was estimated to cost nearly $800,000 in terms of 
morbidity, mortality, patient treatment, and control activities. 
In total, 172 presumptive or serologically confirmed cases with 
20 fatalities were reported during that outbreak. In Massa- 
chuetts, the average total cost per case of eastern encephalitis, 
a mosquito-borne alphavirus, was determined to be $21,000 
for a transient case versus a lifetime cost of nearly $3 million 
for persons suffering severe residual sequelae. 

Finally, in contrast to the tropics where dipterans (flies) 
rank first as transmitters of vector-borne disease agents, ticks 
are unsurpassed in importance as primary vectors in 
temperate regions. Lyme disease alone currently accounts for 
over 95% of all cases of vector-borne diseases reported 
annually in the United States. In 1999, Lyme disease and 
Rocky Mountain spotted fever composed 99.5% of the total 
number of indigenously acquired vector-borne disease cases 
reported that year; mosquito- and flea-borne infections 
accounted for the remaining 0.5%. These computations for 
1999 exclude numerous cases (probably a few hundred) of 
several tick-borne diseases (e.g., Colorado tick fever, human 
granulocytic and monocytic ehrlichioses, and relapsing fever) 
and 62 cases of the newly introduced mosquito-borne West 
Nile virus because none of these zoonoses is a nationally 
notifiable disease. Likewise, tick-borne diseases predominate 
throughout much of Europe and in parts of Asia, especially 
in the former Soviet Union. 

In conclusion, zoonoses comprise about one-half of all 
infectious organisms known to cause disease in humans. 
Knowledge of the specific environmental factors and vectors 
that maintain and distribute arthropod-borne zoonotic agents 
is essential before locally effective control methods can be 
developed and implemented. This information is especially 
valuable because relatively few vaccines are available for 
personal protection against vector-borne infections. 
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Zoraptera 


Michael S. Engel 
University of Kansas 


he Zoraptera (“zorapterans,” “angel insects,” or less appro- 
priately “soil lice”) are one of the smallest insect orders 
with only 32 living species and 6 more known from fossils. 
Zorapterans are rarely observed; indeed many entomologists 
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FIGURE 1 (A) Adult female of Zorotypus huxleyi (most legs curled under 
body), blind—apterous morph. (B) Alate female of +Z. goeleti in Miocene 
amber from the Dominican Republic. (C) Hind leg of Z. huxleyi depicting 
femoral and tibial spines. (D) Alate of +Z. nascimbenei in Cretaceous amber 
from Myanmar, with wing veins labeled. (Reproduced, courtesy of the 
American Museum of Natural History, from Engel and Grimaldi, 2002.) 


have never seen them alive. There is a single family 
(Zorotypidae) and only two genera, Zorotypus and the fossil 
genus +Xenozorotypus from the Middle/Late Cretaceous. Some 
authors have at times attempted to divide living species of 
Zorotypus into multiple genera or subgenera, but none of these 
have successfully characterized natural (i.e., monophyletic) 
groups. Owing to the paucity of species and the great mor- 
phological homogeneity of the order, the recognition of 
numerous living genera is currently unwarranted. 

Zorapterans superficially resemble termites (Isoptera) and 
bark lice (Psocoptera) (Figs. 1A, 1B, and 1D) and they have 
at times been classified near or within these groups. 
Individuals are typically less than 4 mm in body length 
(excluding their antennae) and live in small colonies. The 
most readily noticeable traits of the order are the expanded 
hind femora that bear stout spines on their ventral surface 
(Fig. 1C), the presence of only two tarsomeres (the basalmost 
of which is greatly reduced in size; Fig. 1C), and paddle- 
shaped wings with reduced venation (Figs. 1B and 1D) that 
are shed by an ill-defined basal fracture. 


{ Extinct group. 
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ORIGIN AND EVOLUTION 


Although zorapterans are relatively minute both in size and 
in species diversity, they have weighed heavily on the minds 
of evolutionary biologists. The order has been at one time or 
another classified in a bewildering array of phylogenetic 
positions, at times being considered relatives of the termites, 
roaches (Blattaria), mantises (Mantodea), webspinners 
(Embiidina), or bark lice; sister to Paraneoptera; or even allied 
to the Holometabola. The most well supported hypothesis is 
that they are polyneopterans and the living sister to the 
webspinners, both orders sharing a unique development of the 
musculature in the hind legs, among several other important 
traits. The Zoraptera—Embiidina likely occurred during the 
early Mesozoic, perhaps as long ago as the early Triassic, while 
the ancestor of both groups diverged from stoneflies (Plecoptera) 
perhaps sometime in the Carboniferous. The Zoraptera are 
clearly ancient as evidenced by the presence of extinct species 
of the living genus Zorotypus in Middle/Late Cretaceous amber 
(e.g., Fig. 1D). These extinct Mesozoic species already show 
the development of the dual-morphs, with blind—apterous 
and eyed—winged individuals. Only the extinct genus 
+Xenozorotypus shows a departure in morphology (albeit not 
nearly as dramatically as the anatomical diversity found in 
other orders) from all other zorapterans by the primitive 
retention of additional wing veins and the structure of spines 
on the hind tibia. 


DISTRIBUTION 


Species principally occur in tropical habitats throughout the 
world although four species occur north of the Tropic of Cancer 
(i.e., north of 23.5°N): two in North America and two in Tibet. 
Similarly, the known fossil zorapterans have all been discovered 
in ambers that were formed in warm-tropical paleoclimates. The 
northernmost areas of distribution for Z. Aubbardi in North 
America are likely a result of human activity. Most northerly 
colonies are formed in sawdust piles (rather than natural logs) 
where warmth from the decaying material can sustain a colony 
for a few seasons. Thus, once a pile is no longer suitable dispersal 
to new sawdust piles or into natural logs is required or, con- 
versely, those northernmost populations repeatedly become 
extinct and are maintained over the long term by perpetual 
reintroductions from more southern populations. Once 
believed to be highly endemic as a result of an inability to 
disperse, several Zorotypus species are increasingly being recog- 
nized over larger geographic ranges (e.g., Z. hubbardi in south- 
central and southeastern United States), evidence of an ability 
to disperse to some degree so as to maintain specific integrity. 


GENERAL BIOLOGY 


The biology of zorapterans is poorly documented. Only three 
species have been studied and only one, Z. hubbardi, generated 
a sizeable literature. Species are gregarious with colonies 


consisting of 15 to 120 individuals in relatively ephemeral, 
subcortical habitats. Colonies occur in logs (or man-made 
sawdust piles) but only after wood decay is well progressed. 
Zorapterans feed principally on fungal hyphae and spores, 
although they can also be predatory, victimizing nematodes, 
mites, and other minute arthropods such as springtails 
(Collembola). The number of nymphal instars is estimated to 
be either four or five. Captive individuals live up to 110 days. 

Individuals occur in two morphs. Blind, wingless indivi- 
duals predominate during the general life of a colony, whereas 
dispersive individuals (with eyes and wings) are generally rare 
and are produced as resources become depleted and the colony 
becomes crowded. Winged females are more common than 
winged males, suggesting that females perhaps mate prior to 
dispersal. After arriving at a new log, individuals shed their 
wings and dealated individuals are often found in young 
colonies. Wide distributions for some species as well as the 
presence of species endemic to distantly isolated islands such 
as Christmas Island, Fiji, and Hawaii are evidence for their 
dispersal abilities. 


BEHAVIOR 


Although Zorotypus species are gregarious and live in small 
colonies, they evidently do not distinguish between individuals 
from the same colony and introduced vagrants. Isolated indivi- 
duals do not survive. 

Zorapterans spend much of their time grooming either 
themselves or other individuals. Grooming may be a way of 
removing fungal pathogens and this may be important for 
their colonial lifestyle. Most of the movements in the groom- 
ing repertoire are found in other insect orders but some are 
unique to zorapterans. Most notable are the movements 
associated with the cleaning of the posterior sterna, the cerci, 
and the genital—anal area using their mouthparts. This com- 
plex action involves the raising of the body on a four-point 
stance, with both anterior and posterior ends of the body 
bent downward (perpendicular with the substrate) to meet 
under the insect and between the middle and the hind legs. 

Females mate multiple times (with up to eight mates) and 
with multiple males (up to three multiple matings). Prior to 
copulation, zorapteran species have complex courtship 
behaviors which appear to be species specific. The process is 
begun by the male who strokes the female with his antennae. 
If the female reciprocates with similar antennal signals, the 
male initiates courtship displays during which his head and a 
portion of his neck are extended. If the female approaches, the 
male secretes fluids from a cephalic gland, which she ingests 
while the male and female bend their abdomens toward one 
another. Copulation is initiated by the linking of the male to 
the female via a hook located medially on his 10th abdominal 
tergum (females have a small groove into which the hook is 
placed on their eighth sternum). Once the hook is coupled 
with the female, the male inverts himself, assuming an 
upside-down position and facing away from the female. 


ECONOMIC IMPORTANCE 


Although zorapteran colonies at times can be found in wood or 
sawdust piles at lumber yards, owing to their relatively minute 
colony sizes, general scarcity, and apparent minimal ecological 
impact, it is unlikely that they will ever be considered of any 
economic importance. If the fragmentary reports of wood 
ingestion by zorapterans are confirmed as well as studies of 
their gut fauna (bacteria, protozoa, etc.) undertaken, then the 
economic role of Zorotypus might be reevaluated. 
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Zygentoma 
(Thysanura, Silverfish) 


Helmut Sturm 
University of Hildesheim, Germany 


he Zygentoma (Thysanura sensu stricto) are medium-sized 

apterygote insects with a body length from 5 to 30 mm. 
Their body is flattened and the eyes are small or absent. There 
are no ocelli except for the Lepidothrichidae, which has three 
ocelli. The flagellate (whiplike) antennae can be short (e.g., 
in Ateluridae) or much longer than the body (Fig. 1). The 
mouthparts are ectognathous. The mandibles are dicondylic 
(have two rotation points) and the maxillary palps have five 
segments that are of normal length. Nearly all parts of the 
body and appendices bear bristles of different length and 
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terminal filament 





FIGURE 1 Male (above) and female of Thermobia domestica during premating 
(passing-by behavior), vertical view. In this phase the antennae and the cerci 
are in contact; body length about 12 mm. 


structure. Scales are present on the thoracic segments of 
Lepismatidae and Ateluridae, but lacking in the three other 
families. 

All Zygentoma are able to run quickly, but they cannot 
jump as do the Archaeognatha. The coxae of all legs are large 
and flattened. The penis of males is situated on abdominal 
segment 9; on the hind end, three caudal appendages are 
present as in the Archaeognatha. Molting continues in 
adults. Some species of the family Lepismatidae (e.g., 
Lepisma saccharina, Thermobia domestica, Acrotelsa collaris) 
prefer to live in human houses. 


FOSSIL RECORD, SYSTEMATICS, BIOGEOGRAPHY 


The oldest fossils that are clearly Zygentoma were found in 
Mesozoic layers (Lower Cretaceous) of Brazil. From the 
Cenozoic on, there are many Zygentoma fossils, and most of 
them are amber inclusions. Nearly all of them are similar to 
extant taxa (e.g., Ctenolepisma, Nicoletia, Lepidothrichidae). 
However there are representatives of apterygote Hexapoda 
from the Paleozoic (e.g., Monura and Cercopodata) that 
cannot be included in extant orders. 

The Zygentoma comprise five families and some 400 
species in about 90 genera. 


1. Lepismatidae 
known silverfishes, some of which occupy human houses. 


This largest family includes the well- 


This family is the richest in genera (more than 21) and 
species (> 200). 

2. Nicoletiidae 
dark pigment, eyes, and scales, they live in the upper layers of 
soils within the humus layer or beneath stones. Some species 


Relatively small and slim, and without 


or populations reproduce parthenogenetically. More than 10 
genera and more than 30 species are known. 

3. Ateluridae 
ently all species in this family are commensal with ants or ter- 


Small, blind, and of droplike form, appar- 


mites. There are more than 10 genera and more than 30 species. 
4, Lepidothrichidae There are two species: Lepidothrix 
pilifera, which is known from Baltic amber, and the extant 
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. . secreted threads 





FIGURE 2 Female of 7° domestica, dorsal view. The female is picking up the 
spermatophore with her ovipositor. The spermatophore was deposited on 
secreted threads spun, a short time before, by the male. 


Tricholepidion gertschi, which occurs in forests of northern 
California (Fig. 3). 

5. Maindroniidae There is one genus and three species 
from the Middle East and Chile; their habitat is somewhat 
similar to that of the Nicoletiidae. 


The Lepismatidae and Nicoletiidae are distributed 
worldwide. Some Lepismatidae are household pests: L. 
saccharina in northern Europe; A. collaris in the tropics; and 
T. domestica in the United States (Figs. 1 and 2). In southern 
Europe, L. saccharina and other lepismatid species also live 
outside houses. In Africa, Lepismatidae occur in areas with 
sand dunes. Nicoletiidae are found up to 3000 m elevation 
in Colombia and enter the northern parts of Europe via 
transport of potted plants to greenhouses. The distribution of 
Ateluridae coincides fairly well with that of ants and termites. 
The distribution of Lepidothrichidae and Maindroniidae 
appears quite restricted. 





FIGURE 3 Male of 7. gertschi (Lepidothrichidae), vertical view, body length 


about 14 mm. This species is probably a relic and the most archaic within 


the Zygentoma. It is found only in the forests of Northern California. The 
animal is seen here on rotting wood, its natural environment. 


Their relatively flat body form enables the Zygentoma to 
enter small fissures. The Nicoletiidae are especially well 
adapted to the upper layers of the soil, whereas Lepismatidae 
generally rest in fissures during the day and are active during 
the night. If the relative humidity is above 50 to 60%, 
lepismatidae can absorb atmospheric water by means of the 
anal sac (part of the hindgut). 


PHYSIOLOGY AND DEVELOPMENT 


As in Archaeognatha and in other orders of apterygote insects, 
the cuticle of Zygentoma is mainly thin and flexible. The 
mandibles present an intermediate form between mono- 
condylic and a typical dicondylic structure. The Lepismatidae 
eat plant material and detritus; L. saccharina is able to digest 
cellulose by the cellulase produced in its midgut. 
Development has been studied mainly on Lepismatidae 
(especially L. saccharina, T. domestica, and Ctenolepisma spp.). 
The eggs of 7! domestica are of oval form with a largest diameter 
of about 1.2 mm, and are laid underground. At a temperature 
of 37°C, they need 12 to 16 days until eclosion. In L. saccharina, 
egg development lasts about 35 days at temperatures near 
20°C. The first free-living developmental stage possesses an 
egg tooth on the front of the head, and the first three stages 
lack scales. The molting intervals are dependent on age, 
temperature, loss of scales and/or appendages, species, and 
even population. At temperatures of about 40°C 7) domestica 
molts in 9- to 11-day intervals. The life span of L. saccharina 
is up to 3 years, whereas that of Thermobia is about 2 years. 


EVOLUTIONARY ASPECTS 


With flattened form, the Zygentoma are adapted to small 
fissures in soil, detritus, or in houses. The Lepismatidae leave 
those places during night to find food, favorable conditions 
(e.g., high relative humidity), and members of the same 
species for mating. In contrast with the Archaeognatha, their 
food use is broad. Lepismatidae have been spread widely by 
humans. For example, of the 13 lepismatid species in the 
United States, only three are believed to be native. In 
comparison to the Archaeognatha, the Zygentoma show a 
great adaptability in terms of the different habitats they live 
in and the astonishing adaptation of the Ateluridae, which 
live with ants and termites. They possess some morphological 
structures that correspond to the Pterygota: a special form of 
mandibles; maxillary palps smaller than thoracic legs; an 
abdomen with tracheal commisures and connections; and 
an ovipositor base with well-developed gonangulum. 
Apparently, however, they are not the ancestors of the 
Pterygota. Because of the crosswise joining of abdominal 
terga with correspondent coxites (a unique apomorphy 
within the Hexapoda), the possession of 11 abdominal 
segments, styli on abdominal segments, eversible vesicles, 


three abdominal appendages (filum terminale and two cerci), 
and the structure of the ovipositor, the Archaeognatha and 
Zygentoma are obviously linked. However the “jump” from 
Apterygota to Pterygota probably was from a line separate 
from the Thysanura. 


See Also the Following Article 
Archaeognatha 
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The following glossary defines approximately 800 specialized terms that are found in the articles in the Encyclopedia of Insects. The 


authors of the Encyclopedia have defined these words as they are used in their articles, for the benefit of readers who may not be 


familiar with the technical vocabulary of insect study. As the name indicates, the Glossary is a compendium of the terminology of 
this particular encyclopedia. It is not a general dictionary and therefore does not include all possible entomological terms that a reader 


might encounter in other publications. 


A 


accessory gland Any secondary gland of 
a glandular system. 

accessory pulsatile organs (APOs) Very 
small muscular pumps and veins that 
direct hemolymph into appendages such 
as wings and antennae. 

acclimation A process of adjustment to 
survival at temperatures that are normally 
lethal. 

acetylcholinesterase (AChE) The enzyme 
responsible for breaking down the neuro- 
transmitter acetylcholine (ACh) at nerve 
synapses, thereby preventing hyperex- 
citation of cholinergic pathways in the 
nervous system. This enzyme is the major 
target of organophosphate and carbamate 
insecticides. 

acrosome ‘The anterior portion of the 
differentiated spermatozoa that assists in 
the penetration of the egg membrane. 

across-fiber pattern code An often com- 
plex code in which each of several cell 
types sends a message about a single 
stimulus to higher processing centers. 
The stimulus may contain one or more 
than one type of chemical. 

aculeate Any member of a group of 
families that includes the familiar sting- 
ing ants, bees, and social and hunting 
wasps (e.g., sphecids, eumenids, scoliids, 


pompilid spider wasps). Aculeates are 
largely characterized by their stinging 
apparatus, which is derived from the 
ovipositor of their ancestors but is no 
longer used for laying eggs. 

acylurea A class of insect growth regula- 
tors, including diflubenzuron. 

adaptive immunity A host defense 
mechanism that is specific for an epitope; 
it involves B and T cells and exhibits 
memory. 

adaptive radiation Diversification of 
species within a lineage associated with 
ecological change. 

adipocytes (trophocytes) The major 
cell type of the insect fat body that accu- 
mulates and stores reserve nutrients such 
as lipids, glycogen, and proteins used 
primarily during molting, metamorpho- 
sis, flight, and oocyte formation. These 
cells are actively involved in intermediary 
metabolism and play a crucial role in 
regulating blood proteins (enzymes), 
lipids, and carbohydrates. A fundamental 
function of adult adipocytes is the syn- 
thesis and release of vitellogenins (yolk 
proteins) taken up from the hemolymph 
by developing oocytes. 

adipokinetic hormone (ADK) A hor- 
mone involved in promoting fat metab- 
olism. 


aedeagus The sclerotized terminal por- 
tion of the male genital tract that is inserted 
into the female during insemination. 

aerobic Using molecular oxygen as an 
electron acceptor; pertains to organisms 
or metabolic processes. 

agent An organism that can infect a 
larger organism in which it may cause a 
specific disease. 

alary muscles Muscles of the dorsal 
diaphragm that sometimes participate in 
hemolymph movement in and around 
the pericardial sinus of the abdomen. 

alata The parthenogenetic winged morph 
of viviparae, specialized for migration; 
among dioecious aphids, alatae termed 
emigrants fly from the primary to the 
secondary host each spring. 

alate 1. Winged; having wings. 2. An 
adult individual with fully developed 
wings. 

allele Form of a gene. Genes are consid- 
ered allelic when they occur in the same 
position on members of a chromosome 
pair. 

allelochemical A nonnutritional chemi- 
cal produced by one species that affects 
the growth, health, behavior, or repro- 
duction of another species, e.g., phyto- 
chemicals that function in plants as 
defenses against herbivores or pathogens. 
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allergen An antigen that induces an aller- 
gic reaction. 

allometric growth A pattern of growth 
in which a body part grows at a rate 
different from that of other body parts or 
the body as a whole. Allometry can be 
measured within an individual over the 
course of its development, and also 
between individuals. Isometry is a spe- 
cial case of allometry in which the relative 
sizes of two or more structures are 
constant within or among individuals. 

allomone An allelochemical that benefits 
the producing organism and harms the 
receiving organism, such as chemicals 
produced by a stink bug to protect it 
against natural enemies. 

alloparent An individual that assists the 
parents in care of the young. 

allozyme A particular variant of an 
enzyme. 

alternative splicing The ability to create 
two or more types of proteins from the 
same (eukaryotic) gene, by selective 
inclusion or exclusion of exons from 
mature messenger RNA, whereby regula- 
tory interactions between genes result in 
great diversity of proteins from the same 
group of genes and alternative develop- 
mental pathways. 

altruism An organism’s behavior that 
does not directly benefit itself but 
contributes to the welfare of others 
within the family group. Associated with 
kin selection in eusocial insects. 

ametabolous Characterized by no signi- 
ficant metamorphosis. The immature 
body form does not differ from the adult, 
except for external genitalia, and the 
number of stages is variable. 

anaerobic Not using molecular oxygen 
as an electron acceptor; pertains to 
organisms or metabolic processes. 

anaerobic flagellates The heteroge- 
neous assembly of phylogenetically 
ancient protozoa (archaezoa) that is 
found exclusively in the hindguts of 
termites and wood-feeding cockroaches. 

anchialine Relating to surface and 
underground habitats associated with 
coastal ponds that have only under- 
ground connections to the sea. 

anemotaxis Directed orientation with 
respect to wind, usually involving walk- 
ing or flying in an upwind direction. 

anholocycly The asexual reproduction 
of parthenogenetic viviparous aphids, 
wherein oviparae, males, eggs, and fun- 
datrices are omitted in a nonrecom- 


binant lifestyle. 


anisogamy A condition in which the 
female sex cells (ova) are larger than the 
male sex cells (sperm). 

Anopheles A genus of mosquitoes (order 
Diptera, family Culicidae) that contains 
422 species, of which 40 frequently may 
be involved in the transmission of 
human malaria. 

anopheline mosquito A mosquito 
classified in the family Culicidae, sub- 
family Anophelinae. The important genus 
Anopheles is in this subfamily. 

anoxic Devoid of molecular oxygen; 
describes the oxygen status of an envi- 
ronment. 

antifeedant A chemical, often toxic, that 
prevents or reduces feeding. 

ant-tending The activity of ants result- 
ing in the consumption of honeydew 
produced by the tended insects. Also, ant 
attendance. 

aphidophagous Feeding on aphids. 

apitherapy Medicinal use of the honey 
bee or its products. 

Apocrita The Hymenoptera with a 
wasp waist (i.e., the sister group to the 
Orussidae), which comprises the majority 
of species in the order. 

apolysis 


cle caused by release of ecdysteroids at 


Separation of new and old cuti- 


the beginning of each molt. 
apomixis Parthenogenesis in which eggs 

are produced without meiosis. 
apomorphous 

acter evolved from a preexisting character. 


apomorphy (-ic) A feature of an organ- 


Describing a novel char- 


ism in the derived state, contrasted with 
an alternative one in the ancestral (primi- 
tive) state—a plesiomorphy (-ic). For 
example, with the character of forewing 
development, the sclerotized elytron is an 
apomorphy for Coleoptera, and the alter- 
native, a conventional flying forewing, is 
a plesiomorphy at this level of comparison. 

aposematic signals Conspicuous visual, 
acoustic, olfactory, or behavioral warn- 
ings displayed by an animal to advertise 
its noxious or dangerous properties. 
Aposematic colors are contrasting pat- 
terns of reds, whites, oranges, yellows, or 
blacks; sounds are usually generalized 
hisses or stridulatory squeaks that have 
low complexity and a wide range of 
frequency emissions; odors are strongly 
apparent to most organisms and are dis- 
tinct from common odors; behaviors are 
obvious jerks, wing flicks, or accentuated 
movements. 

apostatic selection Evolutionary selec- 

confers 


tion force that protective 


advantage to individuals within a popu- 
lation that have rare color or pattern 
relative to the others. 

aptera The parthenogenetic wingless 
morph of viviparae, specializing in repro- 
duction. 

apterous 
Describing an individual lacking wings 
altogether. 

aptery A state of winglessness. 

apterygote 
Insect orders without wings. 

arboreal nest A nest built in a tree or 
shrub. 

archedictyon The primitive original 


1. Wingless; without wings. 2. 


1. Primitively wingless. 2. 


vein network characterizing the wings of 
many of the most recent insect fossils. 

arolium Inflatable pad on the tarsus of 
thrips. 

arrhenotoky The process of producing 
males from unfertilized eggs. 

arthropod vector An arthropod, such as 
an insect or tick, that can biologically or 
mechanically transmit an animal disease 
agent from one vertebrate to another. 

artificial honeydew A sugar-containing 
solution sprayed onto plants with the 
aim of attracting natural enemies of 
homopteran insect pests. 

artificial selection Selective breeding 
under laboratory conditions to change a 
trait. Such selection may be unidirectional 
or bidirectional; in bidirectional selection 
some metric is both increased and 
decreased by appropriate breeding. 

arylphorins 
aromatic amino acids, that are synthe- 
sized in the fat body, stored in the hemo- 


Storage proteins, rich in 


lymph, and utilized for cuticle synthesis 
in connection with a molt. 

atmobiotic Living above ground. 

ATPase An enzyme that cleaves adeno- 
sine triphosphate (ATP) and uses the 
energy derived from this cleavage to drive 
further chemical reactions. With respect 
to excretion, ATPase refers to proteins that 
drive ion transport across cell membranes. 

autocidal control The use of insects to 
control wild-type populations of the 
same species. 

autoecious See MONOECIOUS. 

autogeny The ability to produce eggs 
without feeding as an adult. Species that 
can reproduce only in this way have 
obligate autogeny; species that can pro- 
duce eggs with or without feeding have 
facultative autogeny. The opposite con- 
dition is called anautogeny. 

automixis Parthenogenesis in which 

eggs undergo meiosis. 
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I find special Tip Tinner &Cleaner products to be very useful: gently abrasive in 
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bacillus Bacterium with a rod shape. 

balancer chromosome A chromosome 
with multiple inversions that suppresses 
recombination. 

ballooning Aeronautical dispersal by 
means of air currents acting on strands of 
silk. 

Batesian mimic A palatable insect that 
gains protection by resembling another 
species that is unpalatable to predators. 

Batesian mimicry A parasitic relation- 
ship, named after Henry Walter Bates 
(1862), in which an undefended (e.g., 
palatable) species copies the signal of 
poisonous or otherwise defended species 
in order to deceive the receiver. 

behavioral ecology The study of move- 
ments and activities of animals as they 
relate to interrelations with other 
organisms and the environment. 

behavioral fixity Principle stating that 
the behavior, ecology, and climatic 
preferences of fossil organisms will be 
similar to what is found in their present- 
day descendants at the generic level; used 
in reconstructing the behavior and eco- 
logical preferences of extinct organisms. 
benthos 
streams or lakes, including biota that 


Bottom-living organisms in 


ranges from bacteria to algae to inver- 
tebrates to fish. 

Bergmann’s rule The principle that 
individuals within a species should grow 
larger in size at higher latitudes (and 
altitudes) to reduce heat losses by 
increasing the ratio of surface area to 
volume. 

bioassay (biological assay) The meas- 
urement of a biological response (e.g., 
mortality) to different concentrations of 
a biologically active compound, using 
standardized conditions in the laboratory 
or field. 

biodiversity (biological diversity) The 
variation in all living organisms from 
gene to ecosystems. 

biological amplification The increase 
in concentration of chemical compounds 
in higher trophic levels (e.g. predators) of 
a food web. 

biological control The use of living 
organisms, parasitoids, predators, patho- 
gens, and competitors to suppress pest 
populations below levels that would 
occur naturally. Biological control pro- 
grams are intended to suppress invasive 
species through importation of special- 
ized natural enemies that have evolved 
with a pest in its native range. 


bioluminescence The production of 
light by living organisms. 

biomonitoring The systematic use of liv- 
ing organisms or their responses to deter- 
mine the quality of the environment. 

bionomics Study of the life history and 
habits of a species. Often used as a 
synonym of ecology. 

biotype A distinct strain of a species. 

bivoltine 
generations a year. 

blastoderm A one-cell-thick layer of cells 
surrounding the yolk. 

blastomeres 


Describing a life cycle with two 


The embryonic cells pro- 
duced during the process of cleavage. 

book lungs Respiratory pouches of 
arachnids, filled with closely packed 
sheets of tissue to provide maximum 
surface for aeration. 

Brachycera The so-called “short-horned” 
flies, characterized generally by short, 
three-segmented antennae, the last 
segment of which is either stylate or 
aristate, and by larvae that usually have a 
reduced head capsule. 

brachyptery (-ous) The condition of 
having shortened wings, whose function 
in flight is lost. 

brood = The immature members of a colony 
collectively, including eggs, nymphs, 
larvae, and pupae. 

brood cell A chamber or pocket built to 
house one or more immature individuals. 

bursa copulatrix An accessory structure 
in the female reproductive tract of some 
insects that temporarily accepts the 
spermatophore or sperm from the male. 


C 


cambium The thin layer of cells beneath 
the bark of woody plants that gives rise to 
new cells (phloem and xylem) and is there- 
fore responsible for diameter growth. 

cAMP Adenosine 3’,5’-cyclic monophos- 
phate. A compound produced by the 
enzyme adenylate cyclase upon binding 
of a hormone to certain receptors located 
on the cell surface. cAMP carries the 
information from the hormone into the 
cell where the response occurs. 

campodeiform An insect larva with an 
elongate body shape. 

canaliculus plural, canaliculi. 
channel. 

carapace A hard dorsal covering of the 
cephalothorax in Arachnida. 

carboxylesterase A hydrolytic enzyme 
that can cleave compounds containing a 


carboxylester group (COOR). 


A small 
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carrying capacity The maximum popu- 
lation size or density of a species that can 
be sustained indefinitely in a given 
environment. 

Ca”* signaling Changes in the intra- 
cellular calcium (Ca”*) concentration, 
through the release of Ca** ions from 
intracellular stores by the opening of 
ligand-gated ion channels or the entry of 
Ca** ions into the cell through different 
types of Ca’*-selective channels located 
in the plasma membrane, that play a role 
in the regulation of various cellular 
processes, including cell metabolism, 
gene expression, cytoskeletal dynamics, 
and neurotransmission. 

caste Any set of individuals in a colony 
that are morphologically distinct and/or 
that perform a specialized task. 

cauda_ A specialized process on the tip of 
the abdomen; used to flick away honey- 
dew waste. 

cavernicole An organism that lives in 
caves and other cave-like subterranean 
habitats. 

ceca Outpocketings of the midgut epi- 
thelium. The cecal cells are often differ- 
entiated from the other midgut cells both 
histologically and functionally. 

cecidium plural, cecidia. Technical term 
for plant gall, an abnormal growth of 
plant tissue under the influence of a 
parasitic organism; thousands of insect 
species induce these growths on a variety 
of plant species and plant parts. 

cecidogenesis The mechanism of insti- 
gating physiological changes in host 
plant tissue to form a gall; this begins 
with a chemical stimulus passed from 
insect to plant either at the time of 
oviposition or as the growing larvae feed 
upon the plant. 

cecidology The study of plant galls and 
gallmaking. 

center of mass The point in a body or 
system of bodies about which mass is 
evenly distributed. 

center place foraging The process 
whereby an animal searches for a 
resource (usually food) starting from a 
more or less permanent location to 
which the animal returns after searching 
is complete. 

cephalothorax United head and thorax 
of Arachnida and Crustacea. 

cercus plural, cerci. 
ed appendages of the 11th abdom- 


Simple or segment- 


inal segment of insects that usually 
act as sensory organs; often called “for- 
ceps.” 
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chaetotaxy The arrangement and nomen- 
clature of the setae or bristles on the 
exoskeleton of an insect. 

chelicerae singular, chelicera. 
comprising a large basal part and fang. 

chemoautotrophic Relating to the 


Jaws, each 


ability of an organism to obtain its 
nourishment through the breakdown of 
inorganic chemical compounds rather 
than through photosynthesis. 

chemoreceptor Either the chemosen- 
sillum (preferably called the “sensillum’) 
or the receptor protein on the sensory 
cell membrane. 

chemotransduction The process lead- 
ing from a chemical recognition signal 
(molecular interaction) to a depolar- 
ization of a sensory dendrite. This 
involves an amplification step that allows 
a small number of stimulus molecules to 
yield a large cellular response, thus 
increasing sensitivity. 

chitin A polysaccharide that serves as the 
major fibrous component in insect 
cuticle. 

chitin synthase A membrane-bound 
enzyme that polymerizes JN-acetyl-D- 
glucosamine units into a straight-chain 
amino sugar homopolymer. The protein 
has a large number of transmembrane 
segments that may be involved in trans- 
location of the chitin polymer across the 
cell membrane. 

chlorinated hydrocarbons 
compounds containing chlorine, hydro- 


Organic 


gen, and occasionally oxygen and sulfur. 
The first widely used synthetic organic 
insecticides. 

chorion A complex set of eggshell layers 
produced by follicle cells toward the end 
of egg maturation. 

clade A_ hypothesized monophyletic 
group, i.e., a group of related taxa that 
includes all descendants of a common 
ancestor. 

cladogram A diagrammatic illustration 
of the branching sequence of purported 
relationships of organisms, based on 
distribution of shared derived features 
(synapomorphies). 

clathrin lattice A honeycomblike struc- 
ture that adheres to the cytoplasmic face 
of a cellular membrane, where it folds 
inward and forms a vesicle. 

clavus 
expanded anal fan, the area between the 


In a neopterous wing without an 


claval furrow and the jugal fold. 

cleptoparasite An insect that feeds on 
the food resources or uses the nest of 
another species. 


coadapted genetic system ‘The entire 
set of interacting genetic factors of an 
organism. 

coelopulse system A part of the nervous 
system that drives the extracardiac 
pulsations. 

cold hardening An increase in cold 
tolerance, usually achieved by exposure 
to a moderately low temperature. 

cold hardiness The ability to survive 
subzero temperatures. 

colleterial glands 


glands that secrete fibrous proteins to 


In females, accessory 


fasten eggs to a support; in males, 
accessory genital glands. 


colulus 


immediately in front of the spinnerets of 


A slender or pointed appendage 


some spiders; in others it is greatly 
reduced or seemingly missing; a homo- 
logue of anterior median spinnerets or 
cribellum. 

comb A layer of more or less regularly 
arranged, closely packed brood cells. 

commensalism A form of intimate 
interaction between members of two 
different species. One partner of a 
commensal relationship benefits from 
the association but the other partner 
neither benefits nor is harmed during the 
interaction. 

community Populations of different 
species that coexist and interact with 
each other in a defined area. 

competition An interaction between 
two or more organisms or species that 
utilize the same resources, in which the 
presence of one reduces the birthrate or 
increases the death rate of the other. 

competitive exclusion The elimination 
of one species from an area of habitat due 
to competitive interaction with another 
species. 

complementary foods Foods that indi- 
vidually are nutritionally unbalanced, 
but when combined can provide a 
balanced diet. 

complete (holoblastic) cleavage A 
coordinated series of mitotic divisions 
wherein the entire volume of the egg 
cytoplasm is divided into numerous 
smaller cells that are fully separated from 
one another and that together comprise a 
morula. 

compound eye A photoreceptive unit 
functioning through combined action of 
two or more ommatidia, each consisting 
of a convex corneal lens, variably shaped 
crystalline cone, distal pigment-screening 
cells, composite rhabdome, and retinular 
cells. 


conductor Semimembranous structure 
in male palp that supports and guides the 
embolus in insemination. 

condyle Any process by means of which 
an appendage is articulated into a pan or 
cavity. 

convection The bulk movement of a 
fluid (either gas or liquid) driven by a 
physical pressure gradient. 

copal Semifossilized (subfossil) resin 
ranging from several years to thousands 
of years old with a melting point under 
150°C, a hardness of 1 to 2 on the Mohs 
scale, and a surface soluble to organic 
solvents. 

copulation The period or process 
during which an intromittent organ 
(almost always of the male) introduces 
gametes into a reproductive tract of the 
opposite sex. 

cordon sanitaire Literally, sanitary rope; 
a line of guards stationed to prevent 
communication with an infected district. 

cornicles See sIPHUNCULI. 

corpora allata singular, corpus allatum. 
The pair of endocrine glands that make 
juvenile hormone. 

corpora cardiaca singular, corpus 
cardiacum. A pair of endocrine glands 
closely associated with the aorta just 
behind the brain and connected to it by 
nerves. 

coupling A term for processes and 
structures that convey mechanical events 
in the environment to the sensitive 
plasma membrane of a mechanosensory 
neuron. 

courtship ‘Traditionally viewed as com- 
munication between the sexes that brings 
about successful copulation. However, 
given that communication during 
copulation may influence fertilization 
success, courtship can in theory occur 
anytime during mating. 

coxites Flat appendages on the abdom- 
inal sterna, often bearing styli and 
exsertile vesicles. 

critical daylength The daylength mark- 
ing the transition between a daylength 
that elicits diapause and one that 
promotes nondiapause development. 

critically endangered Synonymous with 
endangered; a designation used by the 
International Union for Conservation of 
Nature and Natural Resources. 

critically imperiled Synonymous with 
endangered; a designation used by the 
U.S. Natural Heritage Program. 

cryoprotectants 
polyols and sugars that act as classic 


Low-molecular-weight 


antifreezes and thus function to depress 
the insect’s supercooling point. 
crypsis 


or of odor such that the individual 


Camouflage of color and pattern 


blends into the background environment 
and is not readily detected by predators. 
cryptobiosis 
active life processes that gives hardiness 


Complete cessation of 


to extreme conditions of heat, cold, or 
drought. 

cryptonephric complex A structure in 
which the distal ends of the Malpighian 
tubules are closely associated with the 
rectum, and the structure is enclosed 
within a perinephric space by a 
perinephric membrane. 

culicine mosquito In general terminol- 
ogy, a mosquito classified in the family 
Culicidae, subfamily Culicinae. In strict 
usage, a mosquito classified in the tribe 
Culicini of the subgenus. 

cursorial Adapted for running. 

cuticle The outer covering of the insect 
that serves as its skeleton to which the 
muscles attach. It is secreted by the 
epidermis and must be shed periodically 
to allow for continued growth and for 
the change of form at metamorphosis. 

cyclic AMP A cyclic derivative of 
adenosine monophosphate that _ is 
synthesized from ATP by adenylyl 
cyclase. An intracellular second mes- 
senger involved in the regulation or 
modulation of ion channels, protein 
kinase activity, and gene expression. 

Cyclorrhapha A subgroup of Brachycera 
characterized by a flagellum of composite 
first flagellomere and three aristomeres, 
pupation within the cuticle of the last 
instar (i.e., puparium), and a life cycle 
including three instars. 

cystoblast Egg precursor cell produced 
mitotically by division of a germ stem 
cell into another stem cell and the 
cystoblast. 

cytochrome P450 monoxygenases A 
ubiquitous group of enzymes involved in 
the NAPDH-mediated oxidation and 
metabolism of a broad range of endoge- 
nous and exogenous substrates. 

cytokine A chemical mediator, secreted 
by blood cells, that acts at close range on 
other immunocompetent cells. 

cytopathology Pathology of disease 
exhibited at the cellular level. 


D 
daytime dark firefly A member of the 


family Lampyridae that is sexually active 


in the daytime and is without light 
organs as an adult (e.g., LEllychnia, 
Pyropyga, some Lucidota). 


dealate 1. Describing individuals that 
have shed their wings in termite and ant 
reproductive castes. 2. An adult 


individual that has shed its wings. 

debridement Removal of dead or con- 
taminated tissue from a wound. 

decomposer An organism that feeds on 
dead organic material. 

dendrite The part of a chemosensitive 
cell that bears the receptor proteins. It is 
in close communication with the environ- 
ment via pores in the sensillum cuticle. 

density The number of individuals of a 
species per unit of habitat. 

density dependence The tendency for 
the birthrates or death rates to change as 
density of a population increases or 
decreases. 

density independence Factors operat- 
ing in population regulation that are not 
related to population density (e.g., 
climate). 

desmosomes 
between the cytoplasmic membranes of 


Special contact zones 
epidermal cells. 

determinate growth A pattern of 
growth in which both growth and 
molting cease upon reaching the adult 
stage. 

detoxification The fact or process of 
reducing or removing toxicity. Once 
insecticides have entered the body, they 
may be metabolically altered by enzymes 
in insects as well as other organisms. 
Through this process of detoxification, 
such alterations generally produce less 
toxic products called metabolites. 

detritus 
able origin. 

detritus feeder An organism that feeds 
by eating soil or soil particles, from which 


Organic matter of unidentifi- 


nutrients are extracted by its digestive 
system. 

diapause A programmed state of 
dormancy or arrest of development 
mediated by the neuroendocrine system, 
usually occurring in a species-specific 
stage of the life cycle. It may be induced 
obligatorily or facultatively in response to 
seasonal cues (day length, temperature, 
food quality, etc.). 

dicondylic Having two condyles. 

diffusion The movement of a molecule 
from high to low concentration driven 
by random thermal motion. 

diflubenzuron An acylurea insect growth 
regulator that disrupts formation of 
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normal cuticle via inhibition of chitin 
synthesis. 

digestibility coefficients 
that measure an organism’s food input 


Coefficients 


and waste output and thus allow one to 
estimate how much food was digested. 

digestion The biochemical process by 
which food is dissolved and converted 
into compounds that can be absorbed by 
the intestinal epithelia. 

dioecious A host-alternating aphid life 
cycle requiring primary and secondary 
hosts; synonym: /eteroecious. 

diploid Having two complete sets of 
chromosomes (like a typical adult 
animal). 

disruptive coloration Patterns of col- 
oration that can blur the outlines of a 
potential prey’s body. 

dominance hierarchy A social order of 
dominance established among indi- 
viduals of one sex, usually males, by 
aggressive or other behavioral displays. 

dominant (genetic) The stronger of a 
pair of alleles, expressed as fully when 
in single dose (i.e., heterozygous) as it 
is when present in double dose (i.e., 
homozygous). The opposite of recessive. 

dorsal diaphragm A complete or 
fenestrated membrane separating the 
dorsal vessel in its pericardial sinus from 
the alimentary canal in its perivisceral 
sinus. 

dorsal vessel The principal hemolymph 
pump in the body, consisting of a heart 
in the abdomen and an aorta in the 
thorax and head regions. 

dosage compensation Differential reg- 
ulation of genes found in different 
numbers (dosages) within cells of males 
and females, usually because of het- 
erogametic (XY) sex determination. 

ductus seminalis A duct connecting the 
spermathecal sac with the median 
oviduct. 

Dyar’s law An empirical observation 
that indicates a geometric progression in 
head width in successive instars of most 
holometabolous larvae, as proposed by 
H. G. Dyar in 1890. 

Dzierzon’s rule The original term for 
haplodiploid sex determination in honey 
bees, as defined by J. Dzierzon in 1845. 


E 

ecdysis 
its old cuticle during the final stages of a 
molt. 


The emergence of an insect from 
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ecdysone In the context of hormonal 
control of female reproduction, one of a 
called ecdys- 
teroids. Synthesized by the prothoracic 


gland, it is the precursor to 20-hydrox- 


group of hormones 


yecdysone. 
ecdysteroids 
of insects that are synthesized in 


Steroid molting hormones 


prothoracic glands of larvae and in the 
reproductive organs of adults. 

eclosion The molting of a new adult 
insect from the cuticle of its preceding 
stage. 

ecological potential The ability of a 
species to adjust to environmental factors. 

economic loss For an agricultural crop, 
the fraction of the realizable yield that 
is lost to the combined effect of all 
pests and the physical forces of the 
environment. 

ecosystem A community of organisms 
and their interaction with the physical 
environment. 

ectognathous Having exserted mouth- 
parts. 

ectoparasite A parasite that lives on the 
surface or within the skin of its host. 

ectophagous hyperparasitoid Hyper- 
parasitoid having larval offspring that 
feed externally on the primary parasitoid 
host. 

ectotherm An organism whose body 
temperature is strongly influenced by the 
ambient temperature. 

ectothermy The fact of having a body 
temperature roughly equal to the 
ambient temperature. 

edaphon An organism living in soils. 

effective (physiological) temperature 
Temperature permitting development; 
the sum of effective temperatures equal 
to the number of degree days needed for 
completing a certain developmental 
period. 

elateriform An insect larva with a 
cylindrical body shape. 

elytra singular, elytron. 
leathery or chitinous wings of beetles, 


The anterior 


serving as coverings to the hind wings, 
commonly meeting in a straight line 
down the middle of the dorsum in 
repose. 

embolus A structure in the male palp 
containing the terminal part of the 
ejaculatory duct and its opening; it may 
be small, long, whip-like, or coiled; some- 
times divided into several structures. 

embryonic diapause The cessation of 
development in the embryo stage with 
metabolism markedly reduced. 


encapsulation The response of host 
blood cells, known as plasmatocytes, to 
the presence of a parasitoid egg or larvae, 
which results in the formation of a 
multilayered capsule that causes the 
death of the through 
asphyxiation. 

encoding The creation of a train of 


parasitoid 


action potentials from a sensory receptor 
potential. 

endangered Referring to species that 
face a high risk of extinction in the near 
future unless action is taken to protect 
them; a designation used by the U.S. 
Fish and Wildlife Service and Inter- 
national Union for Conservation of 
Nature and Natural Resources. (A formal 
listing as endangered or threatened by 
the U.S. Fish and Wildlife Service is the 
only designation that provides legal 
protection to species that are at risk of 
extinction.) 

endemic Restricted to a certain region or 
part of a region; describing a species 
found naturally in one area and nowhere 
else; such species can be neoendemics, 
frequently formed through adaptive 
radiation, or paleoendemics, formed 
through genetic isolation from source 
populations. 

endocuticle The flexible inner layer of 
procuticle. The endocuticle is not 
stiffened or cross-linked and is usually 
resorbed, and _ its 
recycled with each molt. 

endocytosis 


that transport fluids and solutes into the 


components are 
The formation of vacuoles 


cytoplasm of a cell. 

endoparasite A parasite that lives within 
the body of its host. 

endophagous hyperparasitoid A hyper- 
parasitoid having larval offspring that 
feed internally inside the primary 
parasitoid microwasp host. 

endoplasmic reticulum A system of 
cytoplasmic vesicles whose functions 
include collecting newly synthesized 
proteins destined for secretion from the 
cell. 

endopterygote A complete metamor- 
phosis with egg, larval, pupal, and adult 
stages. 

endosymbiosis An association of 
organism in which one organism lives 
within the other; ants, termites, and 
other wood-feeding insects contain 
endosymbiotic bacteria that digest 
cellulose and make it available as food. 

endotherm An organism able to keep its 
body temperature at a level that is more 


or less independent of the ambient 
temperature. 

endothermy The fact of having a body 
temperature that is primarily controlled 
by endogenous mechanisms rather than 
by the ambient temperature. 

endoxyly The fact or condition of living 
within wood. 

enhancer A DNA sequence that rec- 
ognizes certain transcription factors to 
stimulate transcription of nearby genes. 

enhancer trapping The identification 
and cloning of enhancer regions through 
the nearby insertion of a transposable 
element containing a reporter gene that 
becomes regulated by the enhancer. 

entomopathogenic Causing disease or 
death in insects. 

entomophobia An unnatural and unrea- 
sonable fear of arthropods. 

envelope A sheath or carton surround- 
ing the combs of a social wasp nest. 

epedaphon An organism living on the 
soil surface and in leaf litter. 

epicuticle The thin (but chemically 
complex) outermost layer of cuticle. The 
epicuticle is the first layer to be formed 
and thereafter delimits the space into 
which the inner procuticle may be 
secreted. 

epigynum A more or less complicated 
apparatus for storing spermatozoa, imme- 
diately in front of the opening of internal 
reproductive organs of female spiders. 

epitope A site on an antigen that is 
recognized by an antibody or T-cell 
receptor. 

epizootic Describing an outbreak of 
disease in an animal population. 

epoxide hydrolase An enzyme that 
inactivates juvenile hormone through 
hydrolysis of the epoxide substituent. 

eradication The application of phyto- 
sanitary measures to eliminate a pest 
from an area. 

eruciform An insect larva having a 
caterpillar-like shape. 

essential amino acids Amino acids that 
contribute to protein and cannot be 
synthesized de novo by most animals, 
usually resulting in a dietary requirement 
for such amino acids. 

etiological agent The causative agent of 
a disease, such as a pathogen, a chemical, 
or a genetic mutation. 

euedaphon An organism living wholly 
within the soil, often well below the 
surface. 

eusocial Fully social; a term applied to 
some species of insects and other animals 


that live in groups for at least part of 
their life cycle. Eusocial insects exhibit 
cooperative offspring care and an overlap 
of adult generations in their groups, and 
some individuals (workers) forgo repro- 
duction to help others reproduce. 

eutrophic Describing a pond, lake, or 
other body of water containing a rich 
supply of plant nutrients. 

exocrine secretion An exudate dis- 
charged to the exterior from a specialized 
or exocrine gland that functions as an 
interspecific (allomone) or intraspecific 
agent (pheromone). 

exocuticle The rigid and sclerotized 
(chemically stiffened) outer layer of some 
procuticles. Because of its chemical cross- 
linking, the exocuticle cannot be 
resorbed during the molting cycle, but its 
stability makes it a good candidate for 
structural color production. 

exopterygote A condition in which 
wings develop externally and increase in 
size with each molt. 

exoskeleton The external skeletal struc- 
ture typically composed of chitin and 
often complexed with protein and 
strengthened with calcium carbonate. 

extracardiac pulsations 
tractions of the abdominal body wall 


Minute con- 


muscles that cause pressure pulses in the 
hemolymph, which moves hemolymph 
around organs and aids in ventilation. 


F 


facultative diapause A form of diapause 
that occurs in response to specific 
environmental cues that have been 
received. 

facultative hyperparasitoid Hyperpa- 
rasitoid having progeny that can develop 
as either a primary parasitoid or a 
secondary parasitoid. 

fang A claw-like part of each chelicera, 
usually with a groove down which venom 
and digestive juices can flow into prey. 

fat body A structure within the cock- 
roach body that contains stored nutrients, 
uric acid, and endosymbiotic bacteria, 
each housed in a different cell type. 

feeding guild A group of organisms that 
exploit a resource in a similar manner 
(e.g., sap-feeding, leaf-chewing, leaf- 
mining). 

filarial 


long, thin unsegmented roundworms 


nematode  Characteristically 
that live everywhere in vertebrates, with 
the exception of the lumen of the 
digestive tract. 


filter chamber Anastomoses of the 
foregut and proximal rectum in many 
(but not all) honeydew-producing insects. 

filter feeding The process of acquiring 
food by straining small particles from the 
air or water column. 

flagellum The third (most distal) seg- 
ment of an insect antenna. 

flash pattern The species-typical unit of 
light emission of “lightning bug” fireflies 
that is repeated at somewhat regular time 
intervals by advertising, mate-seeking 
males; commonly it is the flashed entity 
that stimulates the female response flash. 

flexion lines Lines or bands of flexible 
cuticle within the wing, primarily 
adapted for deformability in flight. 

focus (nidus) A place in the environment 
where ecological conditions ensure the 
perpetuation of a zoonotic disease agent 
for an extended period of time. 

fold lines Lines or bands of flexible 
cuticle, primarily adapted for folding the 
wing at rest. 


follicle cells 


germ cells that cover oocytes and 


Cells not derived from 


contribute to their development. 
follicles 

which spermatogenesis occurs. 
formulation The form in which an 


Sperm tubes in the testes in 


insecticide is applied; the most common 
formulations are sprays, dusts, and baits. 

fossorial Of a limb, body part, etc., 
adapted for digging or burrowing 
through soil. 

founder event speciation Mode of spe- 
ciation generally associated with island 
biota: a small number of individuals, 
perhaps even a single fertilized female, 
colonize and become established on an 
adjacent island or in a geographically 
isolated habitat. 

fragment island An island formed as 
a result of separation from a larger 
landmass. 

frass 
often containing undigested plant or 


Solid excrement from an insect, 


wood parts. 

frequency-dependent selection Selec- 
tion that is positively or negatively 
dependent on the frequency of 

phenotypes in the population. It is 

negative when phenotypes that are rare 

are favored (leading to balanced 
polymorphisms) and positive when 
phenotypes that are rare are disfavored 
(leading to stabilizing selection and 
monomorphism). 

fumigant A volatile chemical that acts as 


a poisonous gas in a confined area. 
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functional response The relationship 
between the quantity of food available to 
an organism and the quantity actually 
eaten. 

fundatrix The parthenogenetic morph 
that hatches in the spring from the 
recombinant egg and gives rise to the 
viviparae; synonym stem mother. 


G 

GABA y-Aminobutyric acid, a naturally 
produced inhibitory neurotransmitter 
that acts on its specific receptor, the 
GABA receptor, to suppress excitation 
by opening a chloride channel. 

gallmaker The organism that induces 
the host plant to form the gall structure, 
which includes an excess of protein-rich 
parenchyma upon which the gallmaker 
can feed. 

gametocytes Infective haploid blood 
stage of the malaria parasite for mos- 
quitoes acquired during blood feeding. 
Sexual union of micro- and macroga- 
metes occurs in the midgut of the 
definitive mosquito host. 

gap genes Genes expressed in broad 
domains in the Drosophila embryo; 
mutations in these genes cause large 
deletions of the body plan. 

gene The unit of heredity. 

gene tagging The identification and 
cloning of a gene based on the insertion 
of a transposable element that inactivates 
it or alters its expression. 

genetic marker A gene that enables one 
to detect a transgenic individual. The 
marker gene is located within the gene 
vector, usually a transposable element, 
and its expression indicates that the 
vector has inserted it into the target 
DNA. 

genetic polymorphism The occurrence 
together of two or more discontinuous 
and heritable forms of a species at such 
frequencies that the rarest of them may 
not be maintained merely by recurrent 
mutation. 

genetic sexing The selective production 
of one sex over the other as a direct 
consequence of a genetic difference 
between them. 

genetic transformation A stable, heri- 
table change in genotype caused by the 
incorporation of foreign DNA into the 
genome. 

genome The entire nucleotide sequence 
of an organism, including the entire set 
of genes. 
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genomics The comparative study of 
genomes, the entire ensemble of an 
organism’s genetic material. 

genotype All or part of the genetic com- 
position of an individual or population. 

geomagnetic field A dipolar magnetic 
field surrounding the earth with poles in 
the vicinity of the earth’s poles. The 
field’s lines of force are approximately 
horizontal in the vicinity of the equator 
and tilt increasingly upward toward the 
South Pole and increasingly downward 
toward the North Pole. 

geomagnetic vector The description of 
a local geomagnetic field comprising the 
local total strength of the field, the dip 
angle (inclination) of its lines of mag- 
netic force relative to the horizontal and 
the usually small deviation (declination) 
of these lines of force from true north. 

germ anlage The cluster of cells that 
forms the embryo proper; the germ 
anlage represents the ventral surface of 
the embryo. 

germarium The distal region of an 
ovariole, consisting of germ stem cells, 
young cystoblasts, and precursor to 
follicle tissue. 

germ band In the blastula, a thickened 
band of cells that forms the future 
embryo. The germ band consists of a 
head, three gnathal, three thoracic, and 
eight to ten abdominal segments; it has 
been referred to as the “phylotypic” stage 
for insects. 

germ cells Cells that are ancestors of 
oocytes. 

germ-line differentiation Specification 
early in the development of testes 
(spermatogenesis) or ovaries (oogenesis), 
from a small group of cells in embryos, 
and subsequent production of mature 
sperm and eggs. 

glowworm A term historically and 
currently applied to the north European 
glowworm firefly, Lampyris noctiluca, but 
for more than a century used as a general 
term for worm-like or larviform glowing 
organisms, including lampyrid and 
phengodid larvae and larviform females 
and fungus gnat larvae. 

glowworm firefly A “primitive”? mem- 
ber of the family Lampyridae that uses 
glow signals for sexual communication, 
typically with glowing females attracting 
nonluminescent males (e.g., Microphotus, 
Pleotomus). 

gluconeogenesis A metabolic pathway 
responsible for the synthesis of glucose 
from amino acids, lactate, and glycerol. 


S-transferases 


(GSTs) 


Enzymes that catalyze the metabolism of 


glutathione 


a range of substrates after their conju- 
gation with the endogenous tripeptide 
glutathione. 

glycolysis The principal metabolic 
process responsible for oxidation of 
glucose to pyruvate during cellular 
respiration. 

gnathal Referring to the feeding 
appendages, including the mandible and 
maxillae. 

Golgi bodies Membrane-bound cellular 
organelles associated with the endo- 
plasmic reticulum; cellular products 
produced by the endoplasmic reticulum 
are bound by Golgi bodies possibly for 
further modification and/or transport. 

Gondwanan distribution Having a 
geographic distribution on more than 
one of the southern continents that were 
once united to form Gondwanaland (a 
supercontinent precursor to current 
landmasses). 

G protein-coupled receptors 
membrane proteins that constitute a 


Integral 


large family of neurotransmitter, hor- 
mone, or olfactory receptors. Charac- 
terized by seven transmembrane regions. 
When agonists bind to these receptors, 
trimeric GTP-binding (G) proteins are 
activated that then regulate the activity 
of intracellular secondary effectors, which 
change intracellular concentrations of 
second messengers or ion channel activity. 

gregarious Liking to be in a crowd. In 
locusts, this implies that the insects tend 
to group together spontaneously. Locusts 
of the gregarious phase tend to be very 
active and to have conspicuous 
coloration—black and yellow or black 
and orange. 

gross pathology Pathology of disease 
exhibited at the level of the whole 
animal, generally observed externally. 

gyne 
society. 


gynopara The 


Female reproductives in an insect 


specialized winged 
vivipara that returns to the primary host 
in the fall and produces the ovipara. 


H 

haltere The 
wings of the dipteran adult, which are 

organs concerned with the 
maintenance of stability in flight. 

hamulus plural, hamuli. Hook-like 
setae that can allow wings to be tem- 


modified metathoracic 


sense 


porarily attached. 


haplodiploid Describing organisms that 
have one sex haploid and the other 
diploid. Haplodiploidy is based upon a 
sex-determining mechanism by which 
females develop from fertilized eggs and 
functional males from unfertilized eggs. 

haploid Having one complete set of 
chromosomes (like a typical egg or sperm 
cell). 

heartbeat reversal During immobile 
stages or behaviors (e.g., pupal stages), 
contraction of the dorsal vessel in 
characteristic peristaltic waves that travel 
in the anterograde (to the front) or 
retrograde direction. 

heat-shock proteins 
that are highly expressed in response to 
heat and other forms of stress and 
contribute to both high- and low- 


Stress proteins 


temperature tolerance. 

hematophagous Feeding on vertebrate 
blood as a food source. 

hemidesmosomes Structures that con- 
nect the basal cytoplasmic membrane to 
the basal lamina. 

hemiedaphon An organism that com- 
pletes part of its development in the soil 
but spends the remainder of its life above 
ground. 

hemimetabolous Describing immature 
forms that closely resemble the adult 
form and pass through a fixed number 
of juvenile instars; the last instar 
exhibits wing buds and incomplete 
metamorphosis. 

hemocoel(e) The open body cavity of 
insects and other arthropods through 
which the hemolymph (blood) circulates. 

hemocytes Insect blood cells. The main 
classes are plasmatocytes, granulocytes, 
spherule cells, lamellocytes, oenocytoids, 
and crystal cells. 

hemoglobin An oxygen-carrying pig- 
ment of the blood possessing a high 
oxygen affinity and occurring in some 
aquatic insects inhabiting low oxygen 
environments. 

hemolymph The blood of insects that 
bathes all tissues via an open circulatory 
system powered by an open tubular 
heart. It transports all the nutrients and 
hormones to the cells and removes the 
cellular wastes. 

heterochrony The precocious or delayed 
appearance of certain features in the 
ontogenic development. 

heteroecious See DIOECIOUS. 

heterogametic sex The sex that carries 
sex chromosomes of different types and 
thus produces gametes of two types with 


respect to the sex chromosome they 
carry. In humans, males are the het- 
erogametic sex, carrying one X and one Y 
chromosome. 

heterogeny Alternation of generations 
in a single insect species, wherein one 
generation includes both sexes while the 
other generation includes only females; 
among gallmaking insects, these alternate 
generations induce very different galls. 

heterothermy (poikilothermy) The 
condition of having fluctuating body 
temperature. 

heterotrophic Referring to a life con- 
dition in which an organism obtains 
organic chemicals in a preformed state by 
consuming other organisms or their 
byproducts. 

heterozygote advantage A situation in 
which the fitness of individuals carrying 
two different alleles of a particular gene 
exceeds that of those carrying two alleles 
of the same type. 

hexamerins Abundant proteins in insect 
plasma, whose main function is storage 
of amino acids for later use. 

Hexapoda A superclass of arthropods 
containing the Insecta, Collembola, 
Protura, and Diplura. 

higher termites 
family (Termitidae) of Isoptera that lack 
gut protozoa, instead having bacteria. 


histopathology Characteristics of dis- 


Descriptive term for a 


ease observed in specific tissues. 
holoblastic cleavage Cleavage in which 
the entire egg is divided. 
holocycly The seasonally cyclic sexual 
and asexual reproduction of aphids, in 
which sexual morphs produce a geneti- 
cally recombinant overwintering egg. 
holometabolous Having complete meta- 
morphosis; having four life stages con- 
sisting of egg, larva, pupa, and adult. 
homeostasis The maintenance of a 
steady physiological state by means of 
self-regulation through feedback. 
homeotic genes Genes whose mutations 
cause transformation of segment identity. 
homogametic sex The sex that carries 
sex chromosomes that are the same. In 
humans, females are the homogametic 
sex, carrying two X chromosomes. 
homologous Describing or referring to 
structures or organs derived by evolution 
from the same ancestral structure. 
homology The existence of structures 
that have a common origin. 
homozygote An individual who bears 
two copies of the same allele at a given 


locus. 


horizon (soil) A layer of soil, roughly 
parallel to the soil surface, that differs in 
properties and characteristics from 
adjacent layers above or below it. 

horizontal transmission The transmis- 
sion of a gene or genetic element from 
one organism to another by any 
mechanism other than that normally 
involved in the inheritance of genetic 
material by offspring from parents. 

host plant The organism upon which a 
gall grows and from the tissues of which 
the gall is formed. 

humoral immunity Immunity con- 
ferred by non-cell-mediated defense 
mechanisms, with the active molecules 
being plasma-borne. 

humus The relatively stable portion of 
soil organic matter that remains after the 
major portions of plant or animal 
residues have decomposed. 

20-hydroxyecdysone The most com- 
mon biologically active steroid in insects. 

hypermetamorphosis Development 
involving more than one larval stage. 

hyperparasitoid A_ parasitoid that 
attacks another species that is itself a 
parasitoid, usually when the latter is 
feeding with its host. Such species may 
be detrimental to insect biological con- 
trol programs. 

hypognathous 


ected ventrally. 


Having mouthparts dir- 


I 


ice nucleator An agent that facilitates 
the organization of water molecules into 
crystals and thus promotes ice formation. 

idiobiont A parasitoid whose host is not 
allowed to develop further after para- 
sitization (e.g., egg parasitoids that com- 
plete their entire development within a 
host egg, larval parasitoids that paralyze 
their hosts permanently at the time of 
oviposition). 

imaginal discs 
ated embryonic cells in holometabolous 


Clusters of undifferenti- 


insects that proliferate during larval 
stages and then differentiate during the 
pupal stage upon induction by ecdys- 
teroids in the absence of juvenile hormone. 

immature Referring to an egg, larval, or 
pupal stage. 

imperiled Synonymous with threatened; 
a designation used by the U.S. Natural 
Heritage Program. 

indeterminate growth A pattern of 
growth in which an insect continues to 
molt after reaching the adult stage. 
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indirect fertilization The transfer of 
sperm by mean of an externally laid sper- 
matophore. 

induced chemical defense 
production or mobilization of plant 


Increased 


allelochemicals in response to some cue 
(commonly leaf damage) that indicates a 
high probability of future attack and that 
is usually absent in unstressed and 
undamaged plants. 

infective juvenile (J3) The third-stage 
juvenile or filariform larva found within 
the biting mouthparts of the arthropod 
intermediate host. 

inflammation A localized tissue response 
to an antigen that is characterized by 
pain, redness, swelling, and the influx of 
white blood cells. 

injury In this context, the mechanical or 
physiological effect on a plant of an 
insect’s feeding, oviposition, excretion, or 
nesting and sheltering behavior. 

innate immunity A nonspecific host 
defense reaction, such as inflammation, 
to an infectious agent. 

inoculative biological control A form 
of augmentative biological control in 
which the goal is to establish reproducing 
populations of natural enemies at the 
start of the crop. 

inquilinism A replacement name for 
permanent parasitism. Inquilines are 
social parasites that reside entirely within 
the nest of their host. 

insectaries Rearing facilities in which 
parasitoids and predators are mass- 
produced, usually for sale as agents for 
augmentative biological control programs. 

insecticide targets Physiologically or 
biochemically important molecules (such 
as those comprising ion channels, recep- 
tors, enzymes, proteins) and structural 
molecules (such as chitin) that, when 
disrupted by insecticide chemicals, cause 
damage or death to pest insects. 

in situ hybridization A technique in 
which small fragments of DNA are 
labeled with radioactive or chemilumi- 
nescent compounds and used as probes 
to localize genes or other segments of 
DNA. 

instar The growth stage of an insect 
between two successive molts. 

intake target The optimal nutrient 
intake over a given period in develop- 
ment that can be represented as a point 
in multidimensional nutrient space. 

integrated Coordinated or harmonious 
use of multiple approaches to control 
single or multiple pests. 
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intensity Intensity of a vibratory signal 
can be expressed as a displacement (i.e., a 
vector quantity that specifies the change 
of position of a body), as velocity (ie., a 
vector quantity that specifies rate of 
change of displacement), or as accelera- 
tion (i.e., a vector quantity that specifies 
rate of change of velocity). 

interkernel space An air-filled space 
between grain kernels. 

intermolt A period of feeding and 
growth; it begins with ecdysis from pre- 
vious stage and ends with apolysis. 

Inter-Tropical Convergence A zone 
extending across Africa and Arabia along 
which northerly winds meet (converge) 
with those blowing from the southwest. 
Rising air currents along the convergence 
lead to rain if the converging winds carry 
moisture, and, if rain occurs at all in the 
arid regions of North Africa, it is most 
likely to be along the convergence. 

intragenomic conflict A situation in 
which the action of one gene, by 
increasing its chances of transmission, is 
in conflict with the interests of other 
parts of the genome. 

inundative biological control A form 
of augmentative biological control in 
which natural enemies are released in 
large numbers throughout the cropping 
period, with no expectation that the 
released biological control agents will 
establish; pest control is expected from 
the individuals actually released, not 
their progeny. 

involucrum A sheath of resin and wax 
surrounding the brood chamber in the 
nest of most stingless honey bees. 

isometric growth A pattern of growth 
in which a body part grows at the same 
rate as other body parts or the body as a 
whole. 

ivermectin An oral antiparasitic drug 
also effective against some ectoparasites. 


J 


Johnston’s organ A mechanosensory 
organ located in the pedicel that responds 
to changes in antennal position. 

jugum The wing area posterior to the 
jugal fold. 

juvenile hormone (JH) One of the two 
major insect developmental hormones 
(the other is ecdysteroid or molting 
hormone). It is produced by the corpora 
allata under control of the brain. During 
larval stages JH maintains larval charac- 
ters. In the adult it influences egg devel- 


opment and other traits, including 
migration. 

juvenile hormone esterase An enzyme 
that inactivates juvenile hormone through 
cleavage of the methyl ester bond, yield- 
ing juvenile hormone acid. 


K 


kairomone A chemical that is produced 
by one organism conveying information 
to another organism of a different 
species; it is advantageous to the recip- 
ient but detrimental to the producer of 
the chemical. 

karst A landform created by solution of a 
substrate, usually limestone and other 
carbonates; characterized by subsurface 
drainage and fissures, sinkholes, under- 
ground streams, and caverns. 

key-factor analysis An analytic pro- 
cedure for identifying the main causes of 
observed fluctuations in population 
density. 

keystone predator A predator whose 
activities (or lack of same) determine the 
species of an_ entire 
community. 

kin selection The principle that repro- 


composition 


duction by an individual’s relatives can 
increase that individual’s genetic repre- 
sentation in future generations, above 
and beyond its own specific reproductive 
output. Therefore, adaptations can 
evolve that favor relatives’ survival and 
reproduction, as well as personal fitness. 

kleptoparasite An individual or species 
that steals the food resource secured by 
another. This may be by taking the food 
away, as with some sphecid wasps that 
enter unguarded nest burrows of 
conspecifics and remove the prey items 
another individual has stowed there; or it 
may involve laying an egg on the food in 
the nest of another wasp, not necessarily 
a conspecific, which the kleptoparasite’s 
larva then consumes. 

klinokinesis 
the turning movements of an organism 


An undirected change in 


resulting from the intensity of a stimulus. 

koinobiont A _ lifestyle in which a 
parasitoid allows its host to continue to 
feed and/or develop after oviposition, 
such that its larvae feed on an active host 
that is killed at a later stage. For example, 
many endoparasitic larval parasitoids lay 
their egg into a young host larva (or even 
egg) but do not complete development 
until the host has grown, and maybe 
even pupated. 


L 


labeled-line code A simple sensory code 
by which one cell or a single cell type 
sends a unique message to the higher 
processing centers. 

labellum The apical part of the adult 
proboscis, comprising the modified labi- 
al palpi. 

labium = The “lower lip” of the insect head. 

labrum The “upper lip” of the insect head. 

lacinia The distal median lobe of the 
insect maxilla. 

Lamarckian evolution A theory pro- 
posed by Jean Baptiste Lamarck, describ- 
ing the passing on of an organism's 
characteristics to succeeding generations 
as the result of environmental influence 
on the organism during its lifetime; a 
predecessor to the Darwinian theory of 
evolution. 

larviposition The deposition of living 
larvae that have already hatched inside 
the female. 

latent period The time interval between 
when a vector acquires a pathogen and 
when the vector is able to inoculate the 
pathogen into a susceptible host. 

lek behavior A mating system in which 
assemblages of males defend territories to 
which females are attracted solely for the 
purpose of mating. 

lerp Sugary and waxy formations made 
by larval psyllids for their protection. 

life cycle The sequence of events in the 
life of an insect from hatching; immature 
development up to adult emergence. 

life table A summary of the survival 
rates of individuals in a population to 
each life stage or age category. 

lightning bug firefly A member of the 
family Lampyridae whose adults use 
flashes, flickers, or other rapidly con- 
trolled bioluminescent emissions for 
sexual signaling (e.g., Photinus, Photuris). 

lignocellulosic diet A diet consisting of 
wood or other lignified plant materials, 
whether sound or in different stages of 
humification. 

lineage A clade, or monophyletic group; 
the group is defined on the basis of 
definitive derived traits. 

lipid A chemically diverse group of 
molecules that are insoluble in water and 
other polar solvents. 

lipophorin A plasma protein in insect 
hemolymph _ that lipids 


between tissues. 


transports 


locus A site on a chromosome; the term 
is sometimes also used to refer to the 
gene itself. 


logistic growth Population growth that 
is influenced by the carrying capacity of 
the environment. 

lower termites A descriptive term for 
families (Mastotermitidae, Kalotermitidae, 
Termopsidae, Hodotermitidae, Rhino- 
termitidae, Serritermitidae) of Isoptera 
that have symbiotic intestinal gut 
protozoa. 

luciferase The generic name given to 
certain biological catalysts of biolu- 
minescence, which are enzymes that 
facilitate a light-emitting reaction. 

luciferin The generic name given to 
substrate molecules that are oxidized in 
many light-emitting reactions. 

lumen The open center of a duct. 

luminescence The emission of light 
energy by molecules involving shifting of 
subatomic particles, contrasting with 
incandescence. 


M 


macroinvertebrate A collective term for 
aquatic insects and other arthropods 
without backbones and generally visible 
to the unaided eye. 

macrophyte A large aquatic plant that 
can occur above, below, or on the water 
surface. 

maggot therapy Therapeutic myiasis; 
introducing live fly larvae into wounds to 
treat them. 

magnetite A common crystallized ferro- 
magnetic mineral of iron oxide (Fe;O,). 
Submicroscopic particles of magnetite 
(<100 nm) have been localized in cells of 
various organisms, from bacteria to 
pigeons. These particles may implement 
the sensing of local geomagnetic vectors. 

major/minor morphs — Forms that result 
from dimorphism in the size of beetles 
and the horns and other ornaments on 
the head and thorax of males. 

malaria paroxysm A clinical attack of 
malaria in a human host; associated with 
the liberation of parasites from the red 
blood cells, featuring cold (shivering, 
lasting <1 h), hot (fever as high as 41°C, 
2-6 h), and sweating (fever breaks, 
temperature drops rapidly to or below 
normal) stages. 

male accessory glands 
associated with the male reproductive tract 
that produce seminal fluid and the struc- 


Secretory glands 


tural components of the spermatophore. 
Malpighian tubules 
pocketings of the gut; the site of primary 


Long, narrow out- 


urine formation in most insects. 


mandibulate 
for chewing or biting. 
mating disruption The application of a 


Having mandibles adapted 


formulated pheromone to a crop in order 
to interfere with mate finding by a pest 
insect. 

matric potential The portion of the total 
soil water potential due to the attractive 
forces between water and soil solids. 

meconium An accumulation of waste 
products from the larval stage. 

melanin A black pigment, toxic to para- 
sites and pathogens; formed from the 
precursors tyrosine and DOPA via the 
phenoloxidase reaction. 

meristem Undifferentiated tissue capable 
of active cell division and differentiation 
into specialized tissues. 

meroblastic cleavage Cleavage in which 
only the nuclear material of the egg is 
divided. 

metabolic rate The rate at which an 
organism converts chemical energy 
(fuels) into heat. Increased metabolic rate 
is correlated with greater oxygen con- 
sumption and with greater production of 
carbon dioxide, water, and heat. 

metamere (somite) A true body segment 
derived during embryonic development. 

metapopulation A set of local popula- 
tions linked together by dispersal. 

microfilaria The first-stage juvenile in 
the developmental life history of dog 
heartworm found in the host’s blood. 

microtubules Proteinaceous tubular 
cytoplasmic structures that are part of the 
cytoskeleton and are involved in force 
transmission and movements of cell 
organelles. 

microvilli Fingerlike projections of cells, 
bound by the cell membrane and extend- 
ing outward into extracellular space; 
usually associated with absorptive or 
secretory regions to increase the surface 
area of the cell. 

microwasp A wasp that is 4 to 5 mm in 
length or smaller. 

midgut A region of the insect gut that 
lies between the foregut and the hindgut. 
The midgut is derived from embryonic 
endoderm. The midgut is the site of food 
digestion and nutrient absorption in 
insects. 

mimicry The close resemblance of 
insects to different species with the 
resultant gain of protection by being 
mistaken for something else that is 
dangerous, unpalatable, toxic, etc. 

mimicry ring A group of coexisting 
species that use the same signal, for 
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example, a group of unrelated butterflies 
bearing the same warning coloration. A 
mimicry ring typically involves one or 
several models that evolved the signal 
first and one or several mimics that were 
later selected to use the same signal as the 
models. 

mirror A term for the membranous area 
whose border is formed by the posterior 
cubitus vein on the right forewing, serving 
as a sounding board during stridulation. 

mitochondria Cellular organelles that, 
among other functions, produce adeno- 
sine triphosphate (ATP), the primary 
energy source for cellular function. 

mode of action A term for the mecha- 
nism by which an insecticide affects an 
insect. 

mola Thickened grinding and crushing 
region at the inner edge of the mandibu- 
lar base. 

mollicute A member of a class of bacte- 
ria that lacks a cell wall. 

molt The period during which an insect 
synthesizes new cuticle and other struc- 
tures appropriate for the next develop- 
mental stage; it begins with ecdysteroid- 
induced apolysis and ends with ecdysis of 
old cuticle. 

monocondylic 
(especially on the mandible). 

monoecious 


Having one condyle 


A nonhost-alternating 
aphid life cycle that requires a single host; 
synonym: autoecious. 

monogyny ‘The presence in the nest of a 
single functional queen. 

monomorphic/polymorphic Describ- 
ing the distribution of body shapes and/ 
or sizes among the members of a social 
group. If body size variation clusters 
around a single average value, typically 
approximating a normal or bell-shaped 
distribution, and body shapes are iso- 
metric, then group members are said to 
be monomorphic. In polymorphism 
there are two or more discrete (non- 
overlapping) size classes of individuals, or 
individuals exhibiting differences in 
body shape. 

monophagous Specialized to feed and 
develop on one host plant. 

monophyletic Referring to a tawonomic 
group (called a clade) that contains all 
descendants derived from a single ances- 
tor and recognized by the possession of 
a shared derived feature(s). For example, 
the clade Diptera is monophyletic, 
recognized by shared derived develop- 
ment of the hind wing as a haltere 
(balancing organ). 
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monophyly The classification or status 
of being monophyletic (see above). 

morphogenesis The phase of embryo- 
genesis in which specific tissues, organs, 
and structures develop. 

Miilllerian mimicry A mutualistic 
relationship, named after Fritz Miiller 
(1879), in which several prey species, or 
co-mimics, with anti-predator defenses 
(e.g., bad taste, toxicity, venom) direct 
the same signal to the receiver. Despite 
being mutualistic, Miillerian mimicry is 
not necessarily coevolutionary and co- 
mimics do not necessarily benefit equally 
from the mimicry. 

multivoltine 
have two or more generations per year. 


Describing species that 


Those that have a single generation per 
year are called univoltine. 

mutation Any change in genetic material, 
though the term usually is used to refer 
to an error in replication of a nucleotide 
sequence. 

mutualism An interspecific relationship 
in which both partners (symbionts) 
benefit from the interaction. 

mya Millions of years ago. 

mycangium An invagination of the cuti- 
cle within which microorganisms are held, 
facilitating their transfer to uninoculated 
host substrate. 

mycetocytes A specialized form of fat 
body cells harboring symbiontic bacteria 
that might contribute essential nutrients. 
Mycetocytes are in proximity to urocytes 
in the fat body lobe, suggesting a 
biochemical interaction between the two 
types of cell. 

mycetophagous 
that is fungus feeding. 

myiasis 


Describing an organism 


The invasion of living tissues by 
fly larvae (maggots). 

myrmecophiles Organisms, generally 

insects other than ants, that live in or 

around ant nests and that exploit resources 

from the ants by begging, scavenging, or 


predation. 


N 


naiad A term for the larva of the aquatic, 
hemimetabolous insect orders. 

nasute A soldier in the family Termitidae 
that has a well-developed horn-like median 
projection (nasus) and reduced mandibles. 
A defensive fluid may be produced and 
ejected. Soldiers for some species in the 
family Rhiontermitidae may also pro- 
duce a defensive fluid from a fontanelle 


gland on the top of the head, but do not 
have the horn-like median projection. 

natural control The level of control 
produced by natural enemies that occur 
normally without any active manage- 
ment by humans. 

Nematocera The paraphyletic or grade- 
level group of so-called “long-horned” 
flies or “lower Diptera,” characterized 
generally by long, multisegmented anten- 
nae and by larvae with a well-developed, 
sclerotized head capsule. 

neonates 

neopterous 


Newly hatched young. 
Having a structure that per- 
mits folding the wings at rest down to 
the sides of the body. 

neosome An organism altered by neo- 
somy. 

neosomule A new external structure 
resulting from neosomy. 

neosomy The ability to produce new 
cuticle without molting. 

neotenic An individual that retains 
juvenile morphological features after 
having reached sexual maturity. 

neoteny A condition in which nymphal 
or larval structures are carried over into 
the adult and the corresponding adult 
structures are suppressed. 

nest Any modification of the environ- 
ment by adult insects that provides 
shelter for the rearing of their offspring. 

neurohormone A _ small organic or 
peptidergic substance that is produced in 
neurosecretory cells; released into the 
hemolymph at special regions called 
neurohemal organs and transported to 
target tissues with the hemolymph. 

neuromodulator A neuroactive sub- 
stance that is released by synaptic 
terminals. It simultaneously acts on large 
numbers of cells in the proximity of the 
releasing cell and modifies the properties 
of synaptic 
properties of target cells. 

neurosecretory cell A neuron that pro- 


transmission and_ the 


duces one or more peptides or small 
proteins (neuropeptides), stores the 
peptide(s) at the axon terminal, and then 
releases it into the hemolymph in 
response to excitatory neural input. 

neurotransmitter A chemical substance 
that is released from the presynaptic 
endings of a neuron. It transmits infor- 
mation across the synaptic cleft to 
specific receptors located on the surface 
of postsynaptic cells. 

niche The environmental limits within 
which a species can survive and reproduce. 

nit Informal term for a louse egg. 


nontarget impact Mortality or injury 
that may occur to neutral or beneficial 
species as a consequence of the use of 
natural enemies in biological control 
programs or insecticide applications. 

nuclear receptors A family of soluble 
proteins that are mobilized by steroid 
hormones to coordinate gene expression 
through direct binding to DNA. 

numerical response An increase in the 
number of predators or parasitoids in 
response to an increase in prey density. 

nutritional rail A means of representing 
a food in a nutrient space as a line which 
moves from the origin into the space. 

nymph The larval stage of hemimeta- 
bolous insect orders. 


O 


obligate hyperparasitoid A hyperpar- 
asitoid that is always a secondary para- 
sitoid; that is, its progeny can develop 
only on or in a primary parasitoid wasp 
host. 

obligate parasite A parasite that cannot 
complete development or reproduce 
without obtaining nourishment from a 
host animal. 

obligatory diapause A form of dia- 
pause that is genetically programmed to 
occur at a specific developmental stage 
regardless of the environmental con- 
ditions that prevail. 

ocellus plural, ocelli. A simple eye con- 
sisting of photosensitive cells and some- 
times a single, beadlike lens; multiple 
ocelli may be present, but their action is 
not coordinated. 

odor binding protein (OBP) A protein 
that binds and transports an odor mol- 
ecule to the receptor protein on the sen- 
sory cell dendrite. It is needed to convey 
the water-insoluble odor molecule across 
the watery lumen of the sensillum. 

oenocytes Special cells associated with 
epidermis and tracheae. They are involved 
in synthesis of waxes, such as beeswax 
and waxes used for waterproofing cuticle 
and eggshells. 

official control A term for the suppres- 
sion, containment, or eradication of a 
pest population by a plant protection 
organization. 

oligogyny The presence in a nest of two 
or more functional queens. 

oligophagous Feeding on a few, often 
related plant taxa, such as different species 
in one genus or a few genera in one 
family. 


“* Tip Tinner and Cleaner is a useful aid to maintaining a soldering iron bit ... 








“* Just press the hot iron onto the solid paste and scrub it around a little. The tip 
will be cleaned, tinned, and made ready for use. 


The move to lead-free solders (see next chapter) has had some effect on the life of 
soldering iron bits, with increased wear and corrosion noted due to the higher 
temperatures and the fluxes found in tin-based solders. You can therefore expect bits to 
wear out over time. Once the iron-plating is damaged due to oxidation or erosion, the bit is 
fast approaching its end of life. Never use an abrasive or file to sand down a tip: the iron- 
coating will be damaged and the iron’s core exposed, so the tip will soon be made useless 
due to erosion. 


Having prepared the soldering iron tip ready for use, in the next chapter solder and 
fluxes are discussed. 


oligosaccharide A molecule composed 
of 4 to 20 monosaccharide sugar units. 

oligotrophic Describing a pond, lake, 
or other body of water that is deficient in 
plant nutrients. 

ommatidium plural, ommatidia. An 
individual unit of the compound eye. 

oocyte A female gamete or developing 
egg. 

oogenesis The formation and develop- 
ment of the eggs in the female. It includes 
egg maturation and yolk formation 
(vitellogenesis). 

ootheca A case or other covering of an 
egg mass that has been laid. 

optimal foraging theory A theory that 
attempts to document the most efficient 
ways (in terms of evolutionary fitness) 
for an organism to find food or other 
resources. 

optimal temperature The temperature 
at which any body performance or 
activity is most efficient. 

orthokinesis An undirected change in 
speed of movement of an organism 
resulting from the intensity of a stimulus. 

Orthorrhapha A probable paraphyletic 
subgroup of Brachycera in which the 
pupae are not enclosed in puparium and 
in which the sclerotized portions of 
the larval head capsule are exposed 
externally, 

osmoregulation Control of osmotic 
pressure or salt and water balance. 

osmotic potential The portion of the 
total soil water potential due to the 
presence of solutes in soil water. 

ostia singular, ostium. Valves that can be 
permanently open or flapped to allow 
uni- or bidirectional flow of hemolymph 
into and out of dorsal vessel and 
accessory pulsatile organs. 

ovariole An element of the insect ovary 
that consists of a tapering tubule in 
which oocytes are produced. 

ovipara The sexual female produced by 
the viviparae (or gynoparae) in the fall; 
oviparae mate with males on the primary 
host, producing the overwintering 
genetically recombinant egg. 

oviparity Egg laying as the normal 
means of reproduction. 

ovipary Alternate term for oviparity (egg 
laying). 

oviposition The act of laying eggs; the 
passage of an egg from the median 
oviduct to outside the insect’s body. 

ovipositor The organ by which eggs are 
deposited. 

ovoviviparity The production of well- 


developed eggs that hatch inside the 
mother’s body. 

ovulation The passage of an egg from 
the ovariole into the oviduct. 

oxic Containing a certain amount of 
molecular oxygen; describes the oxygen 
status of an environment. 


P 


pair formation The stage before mating 
during which the sexually receptive male 
and female are attracted to one another. 
pair-rule genes Genes expressed in 
seven stripes in the Drosophila embryo; 
mutations in these genes cause deletions 
in a two-segment periodicity. 
Paleoptera Insect orders that have direct 
flight muscles and lack the ability to fold 
their wings over their back while at rest. 
paleosymbiosis 
ciations between two different species; 
this includes paleoinquilinism (two 


Fossil evidence of asso- 


organisms in the same niche but neither 
benefits nor is harmed by the other), 
paleocommensalism (one organism ben- 
efits, neither is harmed), paleomutalism 
(both organisms benefit, neither is 
harmed), and paleoparasitism (one 
organism benefits by taking nourishment 
at the expense of the other, which is 
harmed, often killed). 

palp/palpal organs Variably complex 
structures found in the terminal part of 
adult male palp. 

pandemic A disease that affects popula- 
tions in many countries. 

Pangaea The single continent that existed 
about 220 mya; about 135 mya, this 
protocontinent broke up and drifted 
apart into two pieces, Gondwana to the 
south and Laurasia to the north. 

paracellular permeability The ability of 
substances to travel from one side of an 
epithelium to the other by moving 
through the spaces between cells. 

paracrine Describing chemical messen- 
gers that act on cells in the immediate 
area without entering the blood. 

parameres 
physes on abdominal segments VIII and 
IX or IX. 

Paraneoptera A superordinal group of 


pairs of annulated gonapo- 


insects related to the Holometabola 
and consisting of the orders Hemiptera, 
Thysanoptera, 
Phthiraptera. 
paraphyletic Referring to a taxonomic 


Psocoptera, and 


group containing a single ancestor and 
some, but not all, of its descendants. 
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paraphyly The status of a group that 
includes some, but not all, the descen- 
dants of a single common ancestor. 

parasite An organism living in a rela- 
tionship with another organism in which 
it benefits but the other does not (and 
typically is harmed). 

parasitoid A specialized form of parasite 
that develops in or on a host, eventually 
killing it. Larval parasitoids require one 
host to complete development. In 
addition to parasitism, adult female 
parasitoids can kill hosts through host 
feeding. Most hosts of parasitoids are 
other insects, and most parasitoids are in 
the orders Hymenoptera and Diptera 

paratransgenesis The process of geneti- 
cally modifying endosymbionts, which 
results in the malnutrition and death of 
the insect that requires them. 

parental care Behavior undertaken by a 
parent organism that is beneficial to 
offspring; e.g., in some beetle species the 
mother remains underground tending 
the brood mass until development of her 
offspring is complete. 

parental investment Any behavioral or 
metabolic investment by a parent that 
increases the individual offspring’s 
survival at the expense of the parent’s 
ability to benefit other offspring. 

parthenogenesis Reproduction in which 
eggs develop without fertilization by a 
male gamete. 

pathogen An organism that causes 
disease. Viruses, bacteria, microsporidia, 
and fungi can be pathogens. 

pattern formation ‘The process by which 
embryonic cells form ordered spatial 
arrangements of differentiated tissues; 
during insect embryogenesis, patterning 
begins with specification of the 
anterior—posterior and dorsal—ventral 
axes and ends with the formation of the 
characteristic structures associated with 
each segment of the head, thorax, and 
abdomen. 

pattern generation Control of repeating 
movements such as walking, wing flap- 
ping, swimming, and breathing. The 
neural circuits that control these behav- 
iors include neurons within the central 
nervous system that are often influenced 
by sensory inputs from the periphery. 

pedicel The second segment of an insect 
antenna. 

pedogenesis Reproduction by an anatom- 
ically immature life stage. 

pedomorphosis An evolutionary change 
in which adults of a later species retain 
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some of the characteristics of juveniles of 
the ancestral forms. 

perimicrovillar membranes In hemip- 
teran midgut cells, lipoprotein membranes 
that ensheath the microvillar membranes 
like glove fingers and extend toward the 
luminal compartment; they are appar- 
ently involved in amino acid absorption 
from dilute diets. 

peritrophic membrane A filmlike 
anatomical structure made of protein 
and chitin that separates food from 
midgut cells; it is believed to have 
evolved from an ancestral mucus and 
combines the protection function of this 
mucus with several roles in digestion 
associated with midgut compartmen- 
talization. 

permissive host A host insect species in 
which a parasite or pathogenic organism 
establishes a successful infection. Species 
or host strains in which the development 
of the invader is thwarted by hostimmu- 
nological defenses are nonpermissive. 

pest A general term for any species whose 
activities interfere in some way with 
human health, comfort, or profit. In 
integrated pest management (IPM), a 
pest can be an insect or other animal, a 
plant, or a microbial pathogen. 

petiole The slender abdominal segment 
of Hymenoptera. 

phagocyte A cell that is able to engulf 
foreign bodies. 

phagocytosis The process of “cell eating,” 
in which small particles or microorgan- 
isms are engulfed by blood cells. 

phagostimulant A chemical that induces 
and maintains feeding. 

phagostimulate To promote (stimulate) 
feeding, usually by a nutrient. 

pharate The early period of an instar in 
which a new cuticle has been formed, 
and the insect is still enclosed in the 
cuticle of the former instar. 

phenology The periodicity of life cycle 
stages in relationship to seasonal occur- 
rences in a given region. 

phenotype The outward appearance of 
an individual, being determined by its 
genotype and the influence of the environ- 
ment on the expression of this genotype. 

pheromone 
by an individual that induces either a 


Chemical message released 


behavioral reaction or a developmental 
process in other individuals of the same 
species. 

phloem Active, food-conducting tissue of 
the inner bark of trees and other woody 
plants, which with age becomes outer 


bark. Food is stored in this tissue and is 
also conducted to the roots for storage. 

phosphorylation Transient, reversible 
posttranslational modification of proteins 
in which the terminal phosphate group 
of ATP is transferred to specific residues 
of a polypeptide by kinases and often 
alters the properties of the protein. 

photoperiod The length of “day,” i.e., 
photophase, and “night,” i.c., scotophase, 
usually during a 24-h period. 

phreatic Of or relating to groundwater, 
specifically the saturated zone below the 
water table. 

phylogenetic Incorporating the evolu- 
tionary history and expressed in 
ancestor-descendant relationships of a 
species or taxonomic group. 

physiogenesis A_ physiological (still 
unknown) process in the diapause stage 
that leads to the termination of diapause; 
sometimes termed diapause development. 

phytosanitary regulations Official rules 
to prevent introduction and/or spread of 
pests by regulating the production, 
movement, or existence of commodities 
or other articles, or the normal activities 
of persons. 

planidium The first instar of some 
hymenopteran parasitoids. Planidial 
larvae can move about actively because 
they have hardened integuments and 
spines. 

plasma The liquid portion of hemolymph, 
consisting of water and dissolved solutes. 

plasmid An independent, stable, self- 
replicating piece of DNA in bacterial 
cells that is not a part of the normal cell 
genome. Plasmids are commonly used 
for cloning. 

Plasmodium A genus (order Coccidiida, 
family Plasmodiidae) that contains 100 
species of blood parasites of vertebrates, 
of which Plasmodium malariae, P. vivax, 
P. falciparum, and P. ovale cause malaria 
in humans. 

plastron A structure by which a layer of 
air is held close to the body and by which 
gas exchange occurs with surrounding 
water. 

plesiomorphic Referring to the ances- 
tral condition of a character state. 

pneumonic Spread from the lungs by 
coughing and spitting. 

poikilothermy See HETEROTHERMY. 

polydnavirus A viruslike entity com- 
prising multiple circular DNA molecules 
in a protein coat. Polydnaviruses are 
encoded by the genomes of some para- 
sitic wasps (some ichneumonids and 


braconids), produced in the female repro- 
ductive tract, and injected into hosts, 
where they are expressed and help 
overcome the host’s immune defenses. 

polyethism Caste designation or division 
of labor in social insects. In caste 
polyethism, morphological specialization 
involves different functional castes, 
whereas age polyethism refers to a 
change in behavior related to age. 

polygenic character (trait) A trait con- 
trolled by the integrated action of multi- 
ple independent genes. 

polygyny The presence in a nest of mul- 
tiple, functional queens. 

polymerization A process by which 
small molecules (monomers) combine 
chemically to produce a large network of 
molecules, or polymers; one of the main 
processes by which resin becomes amber. 

polymorphism The existence of two or 
more genotypes for a given trait within a 
population. 

Polyneoptera A superordinal group of 
insects consisting of the Plecoptera, 
Embiidina, Zoraptera, Orthoptera, 
Phasmida, Dermaptera, Grylloblattodea, 
Isoptera, Mantodea, and Blattaria. 

polyphagous Feeding on many plant 
species from a range of families. 

polyphenism The occurrence of alter- 
nate phenotypes caused by environmental 
cues and usually mediated through 
hormonal signaling. Polyphenisms can 
occur sequentially as a part of a devel- 
opmental sequence (larva, pupa, and 
adult) or alternatively as either seasonal 
morphs or castes in social insects. 

polyphyletic 


group derived from more than one 


Referring to a taxonomic 


ancestor and recognized by the pos- 

session of one or more features evolved 

convergently. For example, if the primiti- 

vely wingless silverfish were united with 

secondarily wingless grasshoppers, 
beetles, and flies, the resulting group 
would be polyphyletic. 

polyploid Having more than two com- 
plete sets of chromosomes (e.g., triploid, 
having three sets; tetraploid, having four 
sets). 

polytene chromosomes Giant chromo- 
somes arising from replication without 
mitosis, allowing visualization of banding 
patterns and puffs indicative of transcrip- 
tional activity. 

population A particular group of inter- 
breeding individuals more or less 
separated in time or space from other 
groups of the same species. 


preadaptation The existence of a pre- 
existing anatomical structure, physio- 
logical process, or behavior pattern that 
makes new forms of evolutionary 
adaptations more likely. 

predator An organism that attacks and 
eats another; a true predator is distinct 
from a parasitoid in that it does not 
develop on or within the host and usually 
kills and consumes many prey during its 
lifetime. 

primary host A term for an aphid’s 
overwintering host, where egg deposition 
occurs in a dioecious life cycle; usually a 
deciduous woody angiosperm that was 
the ancestral host before host alternation 
was adopted. 

primary sex ratio The sex ratio at fer- 
tilization or zygote formation. 

proctodeal trophallaxis The feeding 
on microbe-rich hindgut fluid solicited 
from nestmates; found only in termites 
and wood-feeding cockroaches. 

procuticle The inner layer of cuticle, 
beneath the epicuticle. In stiffened 
(sclerotized) cuticle, it typically consists 
of exo- and endocuticle, but in flexible 
cuticle, the exocuticle is not present. 

prognathous Having mouthparts direct- 
ed anteriorly. 

prokaryotes A collective name for all 
microorganisms without a true nucleus, 
comprising the Archaea 
Archaebacteria) and the Bacteria (formerly 
Eubacteria), which form two phylo- 


(formerly 


genetically independent lineages next to 
the Eukarya (also, eukaryotes). 

prolegs Unsegmented, false legs, as found 
in many larval insects. 

pronation A classification of wings; i.e., 
twisting, anterior margin downward, pos- 
terior margin upward. 

propagule The initial group of indivi- 
duals that found an introduced popu- 
lation. 

propolis 
and used in the nest by honey bees. 

prostheca Any of a variety of structures— 


Resins collected from plants 


rigid or flexible, simple or complex, lobe- 
like or setose—arising from the mesal 
surface of the mandible just distal of the 
mola. 

prothoracic gland A diffuse endocrine 
organ in the thoracic area of insects that 
produces ecdysone, the precursor of 
20-hydroxyecdysone. 

pseudergate A caste in some species in the 
families Termopsidae, Kalotermitidae, 
and Rhiontermitidae; a nonreproducing 
and nonsoldier caste that is developmen- 


tally very plastic and can do “worker” 
tasks within colonies. 

pseudogamy A form of sperm-dependent 
parthenogenesis in which eggs require 
activation by entry of sperm, but only 
maternal chromosomes are expressed and 
passed on. 

pseudokarst A landform mimicking 
karst in form but created by volcanism or 
erosion; like karst, drainage is primarily 
subterranean. 

pterygote Describing insect orders with 
wings. 

puparium The sclerotized exuvium of 
the last instar, within which the pupa 
(intermediate developmental — stage 
between larva and adult) is formed. 

pyrethroid An organic synthetic insec- 
ticide with a structure based on that of 
pyrethrum, which is a natural botanical 


insecticide. 


Q 


quarantine A secure importation facility 
designed to prevent the unintentional 
release of natural enemy species into new 
geographic regions after their discovery 
during foreign exploration. 

quarantine pest A pest of potential 
economic importance to a given area 
endangered thereby and not yet present 
there, or present but not widely dis- 
tributed and being officially controlled. 

quiescence A forced state of dormancy 
imposed by an immediate effect of 
environmental conditions that prevent 
the normal activity. 


R 


receptaculum seminis ‘The spermathecal 
sac in which sperm are stored. 

recessive referring to an allele that is not 
expressed phenotypically when present 
in a heterozygote, but only when in a 
homozygote. The opposite of dominant. 

rectal pads Thickened regions of the 
rectal epithelium in which the cells are 
specialized for active transport of solutes 
across the epithelial wall. 

reference condition ‘The environment- 
al condition that is representative of 
a group of minimally disturbed sites 
organized by selected physical, chemical, 
and biological characteristics. 

reflex bleeding The utilization of blood 
(hemolymph), sometimes fortified with 
deterrent allomones, as a defensive secre- 
tion in adversarial contexts. Reflex 
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bleeders exude hemolymph from weak 
sutures in the chitin (e.g., at femoral 
joints). Used by beetles to defend 
themselves against attack from ants and 
other predators. 

refuge A location in or near crop fields in 
which natural enemies are protected 
from pesticides and provided with 
resources necessary for their survival and 
reproduction. 

remigium ‘The area of the wing of a 
neopterous insect lying anterior to the 
claval furrow. 

reproductive success An estimate of 
evolutionary fitness used to measure 
sexual selection. Measures can include 
success in obtaining matings with 
different numbers of the opposite sex as 
well as fertilization success (by males) 
when females mate and store sperm from 
several males. 

required nutrients Nutrients, including 
essential nutrients, that enhance or 
optimize growth, development, and/or 
reproduction. 

reservoir A term for an animal, usually a 
vertebrate, that is infected with an 
animal disease agent, can maintain the 
agent in its tissues for a prolonged 
period, is fed upon abundantly by one or 
more efficient vectors, and is capable of 
serving as a source of infection for such 
arthropods. Some vectors that transmit 
agents transstadially, transovarially, or by 
both mechanisms also serve as reservoirs. 

resilin§ A very elastic protein found in 
insects that is particularly associated with 
joints. Resilin is rubberlike and can store 
energy and can recoil to produce efficient 
movement. 

resin A water-insoluble exudate emitted 
from parenchymal cells of various plants, 
both angiosperms and gymnosperms; it 
is composed mainly of a mixture of 
terpenoids, acids, alcohols, and carbohy- 
drates and can be molded by hand. 

resonance A condition such that the 
frequency of an applied force is equal to 
the natural frequency of a system; the 
frequency of vibration of a system when 
the amplitude of vibration is a maxi- 
mum. 

respiration The collection of metabolic 
pathways responsible for the oxidation of 
glucose and fatty acids, with the pro- 
duction of energy involving an electron 
transport chain. 

thabdome The rod-like structures that 
collectively comprise the “retina” of an 
ommatidium. 
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RNA interference The ability of 
double-stranded RNA to inactivate the 
expression of the homologous cellular 
gene. 


S 
salivary glands 


blood-feeding dipterans, glands located 
in the thorax of both immature and adult 
stages. In adult females, the glands are 
associated with blood feeding. Certain 


In mosquitoes and other 


pathogens causing diseases in vertebrates 
are injected into feeding wounds during 
blood feeding, thus resulting in a type of 
transmission known as salivarian. 

sapwood The soft wood just beneath the 
inner bark of a tree. 

scabreiform An insect larva that is grub 
shaped. 

scape The first (most proximal) segment 
of an insect antenna. 

sclerotization A chemical process in 
which insect cuticle and other materials 
are rendered hard, insoluble, dehydrated, 
and resistant to degradation by the 
oxidative incorporation of phenolic com- 
pounds. 

scolopale A “sense rod,” or minute 
rod-like structure around the distal end 
of a sensory neuron. 

search imagery The ability of predators 
to detect cryptic prey more efficiently by 
learning to search for potential prey of a 
specific visual appearance based on color, 
pattern, size, movement, or location 
within the environment, often with 
concurrent emphasis on search in specific 
habitats and reduction of the search rate. 

secondary compound A _ toxic or 
digestibility-reducing compounds syn- 
thesized primarily for defense against 
herbivores. Not involved in the primary 
metabolic pathways of plants. 

secondary host A term for an aphid’s 
summer and usually herbaceous host in 
dioecious life cycles; in secondarily 
monoecious aphids it may be the host 
that remained after the aphid’s ancestors 
abandoned the primary host. 

secondary metabolite A plant chemical 
product that is not essential to the basic 
metabolism of the plant, e.g., phenolic 
glycosides. Contrast with primary 
metabolites such as nucleic acids, lipids, 
proteins, carbohydrates, or ribulose 
diphosphate. Secondary metabolites may 
or may not function as allelochemicals. 

secondary sex ratio A change in the sex 


ratio of a family or population that 
occurs after fertilization but prior to 
reproductive maturity of the individuals 
involved. 

secondary sexual traits 
and behavioral differences between the 


Morphological 


sexes that relate to structures other than 
the reproductive organs and gametes. 

second messenger An_ intracellular 
substance, such as Ca*, cyclic AMP, 
inositol-1,4,5-trisphosphate, that modi- 
fies or modulates cellular responses. Its 
concentration changes in response to acti- 
vation of G protein-coupled receptors. 

segment polarity genes Genes expressed 
in segmental stripes in the Drosophila 
embryo; mutations in these genes cause 
deletions and duplications in every 
segment. 

selectivity The property of given 
insecticides to selectively affect the target 
pest species, sparing other organisms 
collectively called nontarget species. 

semiochemical A chemical produced by 
an organism that has a communication 
effect on another individual of the same 
or a different species. 

semivoltine Describing a life cycle with 
one generation every two years. 

sensillum p/ural, sensilla. An organ used 
for sensing. For olfactory and gustatory 
(taste) sensilla, cuticular modifications, 
accessory cells, and sensory cells combine 
to make a functional sensillum. 

sensitive Referring to species for which 
population viability is a concern; a 
designation used by the U.S. Forest 
Service. 

sentinel organism An organism that 
accumulates pollutants from _ its 
surroundings and/or food and is used in 
tissue analysis to provide an indirect 
estimate of prevailing environmental 
concentrations of these substances. 

septicemic Characterized by the pres- 
ence and growth of pathogenic infectious 
agents in the blood. 

serial homology Similarities between 
repeated structures in different segments 
of an organism, caused. by shared origin 
in development. 

sericulture The industry in which 
mulberry plants are cultivated and used 
to raise silkworms, the cocoons of which 
are used to produce silk. 

serotinous cones Cones that remain 

closed and on the tree for one or more 

years after seed maturation. High 

temperatures melt the resin that holds 


the cones closed, causing them to open 
rapidly. 

sesquiterpenoid A substituted 15-carbon 
terpene derived from three isoprene 
units. 

setae singular, seta. Slender, rigid, bristle- 
like hairs extending from the cuticle. 

sex differentiation The genetic path- 
way that leads to male or female 
development, including regulation of 
somatic sexual differentiation, germ-line 
differentiation, and (possibly) dosage 
compensation. 

sex role reversal A situation that occurs 
in species in which the sex ratio of indi- 
viduals available for reproduction is 
female biased, such that males are the 
limiting sex. This leads to female com- 
petition for males and male choice of 
females. 

sexual dimorphism The development 
of drastically different morphology in the 
male and female of a species. 

sexually dimorphic Having morpholo- 
gical differences between males and 
females of the same species. 

sexual selection Darwinian selection for 
traits—including behavioral traits—that 
promote success in competition for 
mates or the best mates (operating 
through discrimination of mates or 
direct competition). For males—the sex 
typically subject to the more intense 
sexual selection—the competition is 
ultimately for fertilizations. 

signal Any trait borne by some individual 
organism, called a sender, and perceived 
as information by another organism, 
called a receiver. The receiver usually 
displays a signal-dependent response 
(otherwise the signal is meaningless). 

signal system The program/format of 
signaling by which males and females 
identify and reach each other; basic 
systems are system I, a stationary indi- 
vidual broadcasts a signal, the other sex 
approaches, and system II, one individual 
broadcasts a signal, the other responds 
with a signal, the first approaches 
the second, which typically remains 
stationary. 

silk protein A class of proteins consti- 
tuting the cocoons produced by the 
silkworm family (Bombycidae). Silk 
protein is usually composed of two 
proteins, fibroin and sericin. 

siphunculi A pair of specialized pore- 
bearing structures on the posterior third 
of the abdomen; involved in production 


of aphid alarm pheromones; synonym: 

cornicles. 
sister groups 

groups that arose from the stem species 


Species or monophyletic 


of a monophyletic group by a singular, 
identical splitting event. For example, 
the Lepidoptera and Trichoptera are sister 
groups; they shared a common ancestor 
that gave rise to no other lineage. 

social Living in association and/or 
cooperation with others of the same 
species. The term social insect is applied 
broadly to include presocial and eusocial 
insect species. 

solitarious In isolation; not grouped. 
Locusts in the solitarious phase do not 
swarm. The opposite of gregarious. 

solubility A measure of the amount of a 
gas that dissolves in a fluid when exposed 
to a defined pressure of that gas in the air. 
Carbon dioxide is approximately 1000 
times more soluble in water than oxygen. 

somatic cells A collective term for all cells 
except gametes. 

somatic sexual differentiation Spe- 
cification during development of body 
parts, including male and female sex 
organs, and other sex-specific morpho- 
logical and/or behavioral differences. 

spermatheca A sperm storage organ in 
female insects that dispenses sperm as the 
eggs pass through the oviduct. 

spermatogenesis The production of 
spermatozoa from germinal cells. 

spermatophore An encapsulated pack- 
age of sperm that is passed during mating 
and can include proteins that are eaten or 
absorbed by the female. 

sperm competition Competition 
between sperm from two or more males, 
within a single female, for fertilization of 
the eggs. 

sperm precedence The increased likeli- 
hood that sperm from a particular mating 
will be used for fertilizing an egg. 

spinnerets Finger-like abdominal append- 
ages of spiders containing numerous 
spigots through which silk is extruded. 

spiracle An opening in the insect 
integument that connects the tracheal 
system to the air. 

sporozoite Infective stage of the malaria 
parasite for the human host, inoculated 
with saliva by Anopheles females during 
blood feeding. 

stadium The interval between molts. 

stance The phase of the leg cycle move- 
ment in which the foot, or tarsus, is in 
contact with the ground and extension of 


the leg joints acts on the movement of 
the body relative to the substrate. 

station-keeping Activities and move- 
ments that keep an animal within its 
home range or enable it to return to its 
home range. 

stem mother See FUNDATRIX. 

stenoxenic phoresy _ Relationship restrict- 
ed to only one host genus or species. 

sterile insect technique A process in 
which insects are reared in massive num- 
bers, sterilized, and released to prevent 
normal mating in target populations. 

steroid A lipid containing a 17-carbon 
nucleus of fused rings: three cyclohexane 
rings and one cyclopentane ring. 

stridulating organ A file and scraper 
structure for sound production; may be 
variously located on chelicerae, palps, 
legs, abdomen, and carapace. 

stygobite An aquatic troglobite. 

stylet bundle A group of stylets (see 
below) that penetrates the food substrate 
as a functional unit. 

stylets Thin, elongated mouthparts of 
piercing-sucking insects that penetrate 
into the food substrate. 

subimago The winged, terrestrial instar 
of Ephemeroptera that molts to the 
reproductively mature adult. 

subsocial Describing a social system in 
which adults protect and/or feed their 
own offspring for some period of time 
after birth, although typically the parent 
leaves or dies before the offspring become 
adults. 

subterranean nest A nest below the 
surface of the ground. 

sun compass The ability of an organism 
to use the sun to maintain a constant 
direction. This requires a “biological 
clock” to allow compensation for the pas- 
sage of the sun across the sky. 

supercooling The absence of freezing at 
or below the normal freezing point of 
water. 

supercooling point The subzero tem- 
perature at which body fluids freeze, 
also known as the temperature of 
crystallization. 

supergene A group of tightly linked 
genes on a chromosome, functioning as 
an integrated unit and segregating like a 
single gene. The genetic subunits usually 
have a more restricted phenotypic effect 
than the integrated supergene. 

supination A classification of wings; i.e., 
twisting, posterior margin downward, 
anterior margin upward. 
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swarm founding The initiation and 
founding of a colony by a group of work- 
ers along with one or more queens. 

swing The phase of the leg movement 
cycle in which the foot, or tarsus, is raised 
from the ground and repositioned for the 
next stance phase. 

sylvatic Living or found in forests or 
woods. 

symbiont An organism living in inti- 
mate association with another dissimilar 
organism. Symbiotic associations can be 
mutualistic, neutral, or parasitic. 

symbiosis A condition in which a plant 
or animal is intimately associated with 
another organism of a different species; 
the living together of two taxonomically 
distinct organisms. 

sympatric Describing two or more species 
inhabiting the same or overlapping geo- 
graphic areas. 

synanthropic Associated with humans or 
their dwellings; living in close association 
with humans. 

synapomorphy (-ic) A derived state 
shared among the members of a mono- 
phyletic group, in contrast to a symple- 
siomorphy, a shared ancestral (plesiomor- 
phic) state from which phylogenetic 
relationships cannot be inferred. 

syncytial cleavage The condition of all 
the cleavage nuclei containing a common 
cytoplasm. 

syndrome 
traits functioning together. To be adap- 


In genetics, an association of 


tive and acted upon by natural selection, 
the traits must be influenced by the same 
genes (i.e., they must be genetically cor- 
related). 
synomone A chemical signal with a ben- 
eficial effect to the sender and to the 
receiver of the message, as in a floral scent 
which indicates a nectar source to a polli- 
nator and thereby facilitates pollination. 
synovigenic A form of reproduction in 
which an adult female continues to pro- 
duce and to mature eggs throughout 
adult life. 
systematics The study of the relationships 
and classifications and naming of sorts of 
organisms. The terms taxonomy and 
systematics are often used interchangeably. 


T 


tachygenesis Abbreviation of the devel- 
opmental cycle, by suppression of one or 
more instars or their feeding require- 
ments. 
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tagma plural, tagmata. 
consisting of metameres grouped or 


A body region 


fused to perform similar functions (e.g., 
head, thorax, abdomen). 

taxa singular, taxon. A collective term for 
all the taxonomic groups of organisms 
within a higher taxonomic group (a 
genus, family, tribe, etc.). 

taxonomic Having to do with the 
classification and naming of organisms. 

taxonomic rank A classificatory level in 
the taxonomic hierarchy, e.g., species, 
genus, family, order. No rank is absolute, 
and comparisons between ranks of 
different organisms are inexact or even 
misleading; despite this, traditional ranks 
used for insects—notably orders and 
families—have useful didactic and 
synoptic value. 

taxonomy The procedure or discipline 
of classifying organisms. 

tegmen plural, tegmina. A parchment- 
like forewing characteristic of the 
Orthoptera and related orders. The cuti- 
cle is somewhat thickened, in association 
with protection. 

temperature threshold The limiting 
(minimal or maximal) temperature at 
which growth and development will 
occur. 

teneral Describing a condition in which 
the cuticle is soft and usually pale imme- 
diately after molting. 

tentorium A bracing structure inside the 
head formed by invaginations of cuticle. 

testis The organ in the male that pro- 
duces sperm. 

thelytoky Parthenogenesis in which only 
females are produced; the production of 
females from unfertilized eggs. 

thermoperiod Daily temperature fluc- 
tuations. 

thermosensitivity A decrease in toler- 
ance to high temperature resulting from 
prior exposure to high temperature. 

thermotolerance An increase in toler- 
ance to high temperature, usually achieved 
by exposure to a moderately high tem- 
perature. 

thigmotactic Contact orientation, as in 
insects that inhabit crevices or cracks. 

threatened Referring to species that face 
a high risk of becoming endangered in 
the near future unless action is taken to 
protect them; a designation used by the 
U.S. Fish and Wildlife Service and the 
International Union for Conservation of 
Nature and Natural Resources. 

tidal flow (of hemolymph) The recip- 


rocal exchange of oxygen and hemo- 


lymph in some adult insects, especially 
where hemolymph volume is low. 

trachea An air-filled branching tube that 
transports gases between tissues and the 
environment, formed by a cylinder of 
cells (the tracheal epithelium). 

tracheal gill A body appendage with a 
thin cuticle and containing many 
trachea, used for gas exchange by many 
aquatic insects. 

tracheal lung Thin-walled, expanded 
tracheae, thought to be specialized for 
oxygen delivery to cells lacking tracheoles 
such as hematocytes. 

tracheole A small, blind-ended, terminal 
tube of the tracheal system. Each cell 
receives oxygen and expels carbon 
dioxide by means of its own tracheole. 

transduction The conversion of mechan- 
ical displacement at a nerve cell mem- 
brane into a receptor current that 
changes the membrane potential. 

transformation A process by which the 
genetic makeup of an organism is altered 
by the incorporation of foreign DNA. 

transgenic Describing an organism with 
foreign genes incorporated into its 
genome by recombinant DNA tech- 
niques. 

transovarial transmission The trans- 
mission of an animal disease agent from 
an infected female arthropod to its 
progeny via the egg stage. 

transposable elements (TEs) Mobile 
segments of DNA that are able to 
replicate themselves and insert copies 
into new locations in the genome. 

transstadial transmission Passage of an 
animal disease agent from one life stage 
of an infected arthropod to the next stage 
during the transstadial molt, e.g., from 
an infected larval tick to the nymphal 
stage. 

trichomes Specialized tufts of hair on 
some insects that serve to dispense chem- 
ical secretions from underlying glands. 

tripod gait A pattern of leg movements 
used by insects in which the front and 
rear legs on one side move in 
conjunction with the middle leg on the 
opposite side, forming a stable tripod of 
support. The remaining three legs also 
form a tripod, and motion occurs when 
the two sets alternate their motions. 

triungulin The campodeiform first 
instar of Meloidae, Rhipiphoridae, and 
Micromalthidae that molts to a less active, 
feeding second instar. Unlike later instars, 
triungulins have well-developed legs and 
move around actively. 


troglobite A species obligately adapted 
to live only in subterranean habitats 
and unable to survive in surface environ- 
ments. 

troglomorphic Relating to the suite of 
morphological, physiological, and behav- 
ioral adaptations that are characteristic of 
troglobites. 

troglophile A species able to live and 
reproduce in caves but also able to sur- 
vive in surface habitats. 

trogloxene A species habitually roosting 
or regularly visiting caves for food or 
shelter but unable to complete its life 
cycle underground. 

trophallaxis The exchange by oral trans- 
fer of alimentary liquid among members 
of a colony of social insects. Typically, 
this liquid serves to feed and unite mem- 
bers of a colony. 

trophic cascade An interaction of troph- 
ic levels in a community, such that 
changes in density of a species at one 
level have multiple influences on the 
density of species at other trophic levels. 

trophic cells 
a reserve of fat or other nutritive sub- 


Specialized cells containing 


stance. 

trophic egg An egg, usually degenerate 
in form and inviable, that is fed to mem- 
bers of the colony. 

trophic level A functional classification 
of organisms in a community based on 
what they feed on. The first trophic level 
consists of primary producers, mostly 
green plants that obtain energy from the 
sun. The second trophic level consists of 
herbivores, organisms that feed on 
plants. The third trophic level consists of 
carnivores that feed on the herbivores, 
and so on. 

trypanosome A type of protozoan that 
has a leaf-like motile stage. 

tubular body A_ microtubule-based 
structure found in the distal sensory den- 
drites of many mechanoreceptor neurons. 

tychoparthenogenesis The rare or occa- 
sional production of eggs that begin devel- 
oping without having been fertilized. 


U 


ultraselfish Describing a strategy used 
by symbionts whose spread and main- 
tenance occur despite and because they 
cause damage to the individual in which 
they occur. 

univoltine Describing species that have 
a single generation per year. Those that 
have two or more are called multivoltine. 


unprofitability The character of a prey 
that gives no net reward to the predator 
once consumed, leading to learned or 
evolved avoidance. Examples are toxicity, 


toughness, difficult handling, and 
difficult/costly capture. 
urocytes Cells that accumulate uric acid 


either as a form of nitrogen waste product 
or as reserves to be used as a nitrogen 
source by the mycetocytes. 

urogomphi Sclerotized, paired dorsal 
processes that project from the posterior 
margin of the ninth larval tergite. 

USP Ultraspiracle, a nuclear receptor 
that forms a dimer with the ecdysteroid 


receptor to regulate gene expression. 


V 


vannus The expanded fan-like area of 
some hind wings, posterior to the claval 
furrow. 

vas deferens The sperm duct leading 
away from the testis. 

vector Any agent that transports a micro- 
organism from one host to another. 

vectorial capacity The epidemiological 
efficiency of Anopheles host species in 
transmitting malaria parasites, expressed 
as new infections per infection per day, 
based on mathematical relationships 
among the mosquito biological charac- 
teristics of daily survival, blood meal 
host-feeding pattern and frequency, and 
susceptibility to parasite infection. 

veins The cuticular, usually tubular, rods 
that support the wing. 

venation The pattern of veins within a 


wing. 


ventral diaphragm A complete or fen- 
estrated membrane always associated 
with the ventral nerve cord of insects and 
defining a perivisceral sinus when present. 

veriform Describing an insect larva that 
is worm shaped. 

vertical transmission The transmission 
of genetic elements from parents to 
progeny. 

vesicle An extensible organ. 

vitelline membrane The innermost 
layer of eggshell secreted by the follicle 
cells; sometimes considered to be the first 
layer of the chorion. 

vitellogenic cycle A cycle of oocyte 
development associated with the syn- 
thesis of vitellogenin, a protein that 
contributes most of the protein in yolk. 
In some insects, such as mosquitoes, 
vitellogenesis (vitellogenin production) 
is limited by lack of protein and occurs 
only following a highly proteinaceous 
meal, such as blood. 

vivipara The parthenogenetic winged or 
wingless morphs that bear live young; 
synonym virginopara. 

viviparity Reproduction by giving birth 
to live offspring rather than eggs. 

voltage-gated sodium channel A large 
transmembrane protein that regulates the 
flow of sodium ions across axonal mem- 
branes and mediates the rising phase of 
action potentials. 

vulnerable Facing a risk of extinction in 
the medium-term future; a designation 
used by the International Union for 
Conservation of Nature and Natural 
Resources. 
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W 


Wallace’s Line A term for the junction 
between the Oriental and the Australian 
zoogeographical regions at the straits 
between Bali and Lombok. 

wasp waist 
between the first and second abdominal 
segments, present in virtually all mem- 
bers of the Apocrita. The thorax and first 
abdominal segment in these insects 


The strong constriction 


comprise the mesosoma, and the rest of 
the abdomen, the metasoma. 

wild type An organism that has no visible 
mutant phenotype. 


X 


xylem Aplant conductive tissue interior 
to the cambial layer, composed of several 
cell types, which transports water from 
the roots to other sites in the plant and 
also serves as structural support. 


xylophilous 


Y 


yolk An accumulation of protein, lipid, 
and glycogen particles in the cytoplasm 


Preferring wood. 


of an egg. The particles are assembled 
during vitellogenesis and consumed 
during embryonic development. 


Z 

zoonosis plural, zoonoses. A disease of 
vertebrates communicable from animal 
to animal and from animal to human. 

zoonotic ‘Transmitting disease between 
vertebrate animals and between animals 


and humans. 
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Don’t Eat Those Wild Mushrooms 


..Unless you know what you are doing! 


Ellen Crocker, Postdoctoral Scholar, Department of Forestry 
Nicole Ward Gauthier, Extension Plant Pathologist, Department of Plant Pathology 


Mushrooms are strange and wonderful things —some 
are beautiful, some are ugly, some are delicious, and 
some are deadly. Mushroom hunting is a fun and 
rewarding hobby that can turn a hike through local 
woods into a puzzle-solving adventure. Many people 
are drawn to mushroom hunting and the potential 
to forage for food. Unfortunately, there is a dark side 
to mushroom foraging: poisoning. Each year, wild 
mushrooms lead to numerous illnesses and even a 
few deaths. 


While the threat of mushroom poisoning is real, 
most mushroom-caused illnesses can be prevented 
if collectors are well-informed and cautious. This fact 
sheet provides introductory information regarding 
mushroom safety. 


WHEN ARE MUSHROOMS 
DANGEROUS TO CONSUME? 


Poisonous mushrooms 

Some mushrooms contain toxins that directly cause 
poisoning. Different mushroom toxins can cause 
different symptoms—ranging from mild stomach 
distress to liver failure and death. A few mushrooms, 
like the appropriately named Destroying Angel or 
Death Cap (both Amanita spp.)(FiGURE 1) contain 
potentially lethal toxins and kill a few Americans 
every year. 


FIGURE 1. TWO POISONOUS MUSHROOMS THAT CAN CAUSE 
LIVER FAILURE AND DEATH, THE DESTROYING ANGEL (A) 
AND DEATH Cap (B). 
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Several other mushroom toxins can cause an intense 
upset stomach. One example is the Jack-O’-Lantern 
mushroom (Omphalotus illudens), whichissometimes 
confused with the edible Chanterelle (Cantharellus 
spp.). Despite its similar appearance and appealing 
odor, consumption of the Jack-O’-Lantern results in 
stomach pain, vomiting, and diarrhea. This is why 
it’s important to carefully identify each mushroom, 
rather than relying upon superficial appearances. 


Environmental toxins 

Mushrooms can also absorb toxins from the 
environment, so it is important to know the history of 
the site from which specimens were collected. If site 
history is unknown (e.g., lawn that may have been 
recently treated with pesticides), do not consume 
mushrooms from the area. 


Preparation, interactions, and allergies 
Even mushrooms that don’t contain toxins can 
sometimes cause illness. Many mushrooms, like 
Morels and some that are commonly found in grocery 
stores, must be properly cooked to avoid illness. For 
example, popular Shiitake mushrooms (Lentinula 
edodes) can cause a severe rash in people who are 
allergic to it in a raw or poorly-cooked state. 


FIGURE 2. KNOWING THE PARTS OF A MUSHROOM AND THEIR 
CHARACTERISTICS ARE CRITICAL TO PROPER IDENTIFICATION. 


Cap 
* The top portion of the mushroom. 
* Cap shape, color, and texture are 
used in identification. 
* Cap can vary and change greatly 
over time. 


Ring (or annulus) 
Remnant of a membranous tissue 
(veil) that completely covered the 
mushroom in its early stages of 
development. 

Some mushrooms have them, 
some don’t, and some loose them 
with age so look at mushrooms 
closely and at different stages. 


Stem (or stalk) 

Many, but not all, mushrooms have 
stems. Stems can vary by: 

Shape and size 

Texture (chalk-like? string cheese 

texture?) 

Color (some change color, 

bruising when touched) 

Presence of remnant ring or volva 


an egg-like sac). 


Volva 
* Present at the base of some, but not all, 
mushrooms (a remnant on those 
mushrooms that initially developed from 


Compounds in some mushrooms may also react with 
other foods or drugs. For example, some Inky Caps 
(Coprinopsis spp.) are tasty but poisonous when 
combined with alcohol. When consumed up to 5 
days before drinking alcohol, these mushrooms can 
cause sweating, nausea, vomiting, and even heart 
problems. Other mushrooms are also known to 
adversely react with various medications, drugs, and 
alcohol. 


Poorly stored mushrooms 

Surprisingly, most illnesses associated with 
consumption of edible mushrooms are a result of 
microbial spoilage or decaying mushrooms. Bacteria 
can contaminate mushrooms during collection, 
transportation, or storage. See safety tip 6, below, 
to avoid illness from contaminants in poorly stored 
mushrooms. 


7 TIPS FOR SAFE MUSHROOM 
COLLECTING 


Learn to identify mushrooms 

Like driving a car, mushroom foraging can be 
dangerous without training, patience, and practice. 
Those who are interested in mushroom foraging 
should first learn to accurately identify mushrooms 
(FIGURE 2). Poisonous mushrooms can look similar 


Gills, pores, tubes, veins, 


teeth, etc... 

* Examine the underside of the cap to 
identify spore-producing structures, a 
key part of mushroom identification. 

* Common ways that mushrooms 
present spores include: 


Spores enable mushrooms to reproduce 
and spread to new places. Spore color 
can be important in identification. To 
check spore color, make a spore print: 

° Remove mushroom stem. 

° Place cap gill (or pore) side down on 
a sheet of paper (white if you expect 
dark spores, black if you expect light 
or both if you are unsure). 

Cover with a bowl 12-24 hours. 
Check spore print left on paper. 


* Carefully dig up mushrooms to determine 
if volva is present as cutting their stems 


may cut off volva. 





to edible mushrooms at certain life stages, so careful 
observation and identification of each mushroom is 
critical. Train with a plant pathologist or mycologist, 
and refer to reputable identification guides. Do not 
hesitate to ask for help or to confirm identification 
with experts. Be sure to also learn the poisonous 
species in the area while learning the edible ones. 
A great way to learn mushrooms is to join a local 
mushroom club. Note: if an expert identifies a sample 
as an edible species, it does not necessarily mean 
that others growing nearby are the same species. 


Identify ALL the mushrooms to be 


eaten 

The same mushroom species can look different at 
different life stages or when growing in different sites. 
Thus, it is important to identify each mushroom each 
time any are collected. Once the key characteristics 
of a favorite mushroom are known, foragers should 
look for those identifiable features during each 
collection. 


Start small 

When experimenting with a new mushroom, 
eat only a little in case of adverse reaction. Wait a few 
days before eating more. Research the preparation 
and safety of each mushroom species, as well as food 
and drug interactions. In addition, always store a few 
samples of mushrooms that have been eaten in the 
refrigerator for professional identification...in case 
there is a need for medical attention. 


Know mushroom look-alikes 

While mushroom identification is notoriously 
difficult, the good news is that it is relatively easy 
to avoid the most dangerous mushrooms. Collect 
and consume only those mushrooms that have been 
positively identified as edible, and know all of the 
similar but poisonous look-alikes (FIGURE 3). This 
greatly minimizes risk of poisoning. 


Do not trust folklore 

Many common hunting anecdotes are 
dangerously incorrect. Do not trust folklore regarding 
identification of poisonous mushrooms. For example, 
not all poisonous mushrooms have pointed caps, 
and not all all white mushrooms are safe to eat! 
Unfortunately, there are no shortcuts to determining 
whether a mushroom is poisonous. Science-based 
information and experience are critical. 


Store mushrooms properly 
Whether storing supermarket mushrooms or 
those collected from the wild, take these steps to 
reduce contaminants: 
= Cut off or clean any dirty portions (once the 
mushroom is identified as edible). Stalk bases and 
dirty (soiled) portions may contain bacteria that 
can grow during transport or storage. 
= Store mushrooms in paper (not plastic) bags. 
Plastic bags create humid conditions where 
bacteria and other contaminants thrive. 
=" Keep mushrooms cool; refrigerate immediately 
after collecting. 
= Before preparing mushrooms for consumption, 
closely inspect and confirm that they are clean and 
fresh. Discard old mushrooms and any that appear 
damaged, wilted, or slimy. 


When in doubt, throw it out 

As the old saying goes: “There are old 
mushroom hunters and there are bold mushroom 
hunters. But there are no old, bold mushroom 
hunters.” When in doubt, don’t risk it—remember 
that delicious edibles can be purchased from many 
grocery stores, and questionable mushrooms are not 
worth the potential consequences or the worry. 


IF A POTENTIALLY DANGEROUS 


MUSHROOM HAS BEEN EATEN... 


SEEK MEDICAL ATTENTION IMMEDIATELY! 

If safety tip 3, above, was followed, some small 
samples have been saved for identification. This 
can make the difference between life and death. 
For example, without medical attention, the survival 
rate after consumption of toxic Amanita mushrooms 
is approximately 50 percent; but with medical 
treatment, survival rates increase to around 90 
percent. 


FOLLOW THE LAW WHILE 
COLLECTING 


Remember to only collect mushrooms where 
permitted to do so. Check with parks and public 
areas regarding regulations and apply for permits, 
if needed. Do not hunt on private property without 
permission. 





Chanterelle v. Jack-O’-Lantern? 


Chanterelle 


Growth 
pattern? 


Color in 
stem? 





Traits 


Spores? 


Close but not true gills. 
Instead, has smooth gill- 
like ridges (look melted 
and are more difficult to 
remove from cap than 
normal gills) under the 
cap to the stem. 


* Typically solitary or 
in pairs. 

* Typically growing 
out of soil. 


Shaggy Mane or 
Shaggy Parasol 


Black (Shaggy 
Mane) or white 
(Shaggy Parasol) 
spores.* 


*Many other 
mushrooms have white 


or black spores. On its 
own, this information 
is not diagnostic, just 
helpful for 
distinguishing from the 
Green-Spored Parasol. 





Jack-O’-Lantern 
(poisonous) 


Yes. These mushrooms 
have sharp and non- 
forking gills that go 
down the stem of the 
mushroom alittle from 
the cap. 


* Typically in big 
clusters. 
Typically out of 
woody material (tree 
base or roots). 


Cut stem is usually Cut stem is usually 
white inside. orange inside. 


Shaggy Mane or Shaggy Parasol v. 
Green-Spored Parasol? 


Green-Spored Parasol 
(poisonous) 


* Green (make a spore 
print since the spores 
may not be evident 
by examining the gills 
of young mushrooms, 
which are white but 
color with age). 


Slice it 
in half? 
(top to 
bottom) 


A ball shape {may be 
oblong or miss-shaped, 
can vary widely in 
appearance, even having 
a stem or stalk. 


Inside you will only 
find flesh or spores, 
depending on how old 
the puffball is. (Only 
eat them when young, 
no spores). 

If it is gooey inside, it 
might be a slime mold 


or immature stinkhorn, 


not for eating. 





Puffball v. a, Amanita? 


Mature mushroom 
has a cap and stalk, 
but at early stage 
covered in sack and 
appears egg-like. 


If the egg-like 
button stage is cut 
in half, a mushroom 
form is evident. 


Richard Madon 





Morel v. False Morel? 


[roe [ee 


Caps? 


Inside? 
(cut open 
top to 
bottom) 


Typically 
uniform shape 
(cap usually 
longer than 
stem). 

Inward pits and 
ridges. 

Cap attaches at 
base to stem. 


Hollow from 
top (cap) to 
bottom (stem), 
looking like a 
rubber mold. 





False Morel (poisonous) 


Can have an irregular 
shape or bulge 
outwards. 

Wavy, lobed, or 
wrinkled (brain-like). 
Cap attached at top 
but not around stem. 


Stem has cottony 
fibers inside. 

Parts may be hollow 
(air pockets) but 
typically not 
symmetrical. 


FiGURE 3. BEFORE FORAGING FOR MUSHROOMS, KNOW THE LOOK-ALIKES OF COMMON EDIBLES AND THE KEY TRAITS THAT 
DISTINGUISH THE TWO. 


ADDITIONAL RESOURCES 


On the Internet 

= Field Guide to Common Macrofungi in Eastern 
Forests and Their Ecosystem Function, GTR NRS-79 
(USDA) 
http://www.fs.fed.us/nrs/pubs/gtr/gtr_nrs79.pdf 


= Mushrooming (Missouri Department of 
Conservation) 
http://mdc.mo.gov/discover-nature/outdoor- 
recreation/mushrooming 


=" MycoKey — The Mycological Identification Site 
http://www.mycokey.com/newMycokeySite/ 
MycoKeyldentQuick.html 


=" MushroomExpert.com 
http://mushroomexpert.com/ 


=" North American Mycological Society 
http://www.namyco.org/ 
Note: includes a list of regional mushroom clubs 


= Various online forums and groups for mushroom 
identification, for example, 
http://mushroomobserver.org/ 
Note: Be very careful with these sites; as with 
all social media, there is a risk of unsolicited 
commentary and misinformation. However, many 
of these groups are filled with knowledgeable 
and enthusiastic mushroom hunters. While these 
groups and forums can be helpful tools, they 
should not be an exclusive source of identification. 
information. 


In print 

= A Field Guide to Southern Mushrooms. Nancy 
Smith Weber and Alexander H. Smith. 1988. The 
University of Michigan Press: Ann Arbor, Michigan. 
280pp. 


= Field Guide to Mushrooms. G. Lincoff. National 
Audubon Society. 1981. Knopf Publishers. 928 pp. 


=" Mushrooms Demystified. David Arora. 1986. Ten 
Speed Press: Berkeley, CA. 958 pp. 


=" Mushrooms of Northeastern North America. 
Bessette, Bessette and Fischer. 1997. Syracuse 
University Press. 582 pp. 


=" Mushrooms of West Virginia and the Central 
Appalachians. William C. Roody. 2003. University 
Press of Kentucky: Lexington, KY. 536 pp. 


=" North American Mushrooms: A Field Guide to 
Edible and Inedible Fungi. O. Miller and H. Miller. 
2006. Falcon. 592p. 
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INTRODUCTION: ABOUT THIS GUIDE 


‘This guide is intended to serve as a quick reference to selected, 
common macrofungi (fungi with large fruit bodies such as 
mushrooms, brackets, or conks) frequently encountered in four 

broad forest ecosystems in the Midwest and Northeast: aspen-birch, 
northern hardwoods, lowland conifers, and upland conifers. Although 
these fungi are most common in the ecosystems we list them in, many 
can be found associated with tree species in multiple ecosystems. We 
provide brief identifying characteristics of the selected mushrooms 

to allow you to identify some down to the species level and others to 
the genus or group to which they belong. Former scientific names are 
provided in parentheses. Also included in each mushroom description 
are details about its ecosystem function, season of fruiting, edibility, 


and other characteristics. 


Although we provide information about edibility in this guide, 
DO NOT eat any mushroom unless you are absolutely certain of 
its identity: many mushroom species look alike and some species 
are highly poisonous. Many mushrooms can be identified only by 
examining the color of spore prints or by examining spores and tissues 
under a microscope. As mushrooms age, changes in their shape, 

color, and general appearance make it necessary to examine several 


individuals for their distinguishing features. 


For additional information on other species of macrofungi, serious 
mushroom hunters may wish to consult any of the excellent illustrated 
guides and detailed keys available (see Suggested References at the end 
of this guide). Several useful mycological Web sites with images and 
descriptions of fungi are available and a few of these are also listed. 


Mushroom Basics 


Fungi are important organisms that serve many vital functions in 
forest ecosystems including decomposition (Fig. 1), nutrient cycling, 
symbiotic relationships with trees and other plants, biological control 
of other fungi, and as the causal agents of diseases in plants and 
animals. Mushrooms are sources of food for wildlife (Figs. 2, 3), and 
fungi that cause decay in living trees are beneficial to many species of 
birds and mammals (Figs. 4, 5). Less than 5 percent of the estimated 
1.5 million species of fungi have been described, and their exact roles 


and interactions in ecosystems are largely unknown. 
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Figure 1.—Mossy Maze Polypore (Cerrena unicolor 
[Daedalea unicolor]). Wood decay fungi are critical in 
nutrient cycling and increasing soil fertility. 


Figure 2.—Hollow Stem Larch Suillus Figure 3.—Emetic Russula (Russula 
(Suillus cavipes). emetica) stored on branches of black 
spruce by squirrels. 
Macrofungi are distinguished from other fungi by their fruiting 
structures (fruit bodies bearing spores) that we know as mushrooms. 
Mushrooms with gills, the most common, produce spores that range 
from white to pink and shades of yellow to brown to black. Most 
mushrooms produce spores on gills that increase the spore-bearing 
surface on the underside of the cap. Other mushrooms, such as the 
Boletes, produce their spores in elongated tubes, and the hedgehog 


mushrooms produce spores on elongated spines. 


Most of the fungus biomass consists of the largely unseen mass of 
interwoven threadlike hyphae growing in plant tissues and in the soil. 
Annual variation in the timing and production of the aboveground 


mushrooms is largely influenced by temperature and precipitation. 


The most commonly encountered macrofungi in our woodlands 
throughout the year are the wood-decaying bracket and conk fungi. 
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These fungi, found on the stems of dead and living trees, produce their 


spores in small, rigid tubes in leathery-woody fruit bodies that are 


annual or perennial. The perennial species produce a new layer of tubes 


to the enlarging fruit body each year. 
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tog? 


Figure 4.—Signs of woodpecker Figure 5.—Cavity in maple decayed 





activity on aspen decayed by True by Mossy Maple Polypore (Oxyporous 
Tinder Conk (Fomes fomentarius) and populinus [Fomes connatus]) used by 
other decay fungi. a squirrel to cache acorns. 


Mushroom species form new clones when two compatible spores of the 
same species germinate and grow together. However, most mushroom 
spores are dispersed, germinate, and contribute genetic variation to 
established clones in soil and wood. In nature, many mushrooms and 
bracket fungi may look alike, but they do not interbreed and thus are 
distinct biological species. Their growth on different hosts or physical 
separation from each other over time has made them genetically 


incompatible. 


‘The parts of a mushroom important for identifying groups and species 
of fungi are shown in Figure 6. Species of Amanita are common, and 
some are deadly poisonous. Because they possess key identifying parts, 
we use an Amanita to illustrate the key structures of a mushroom. 


Young mushrooms are called buttons or the egg stage and contain 
the preformed cap and stalk. As the mushroom grows, the cap breaks 
through the egg’s universal veil, the stalk elongates and the cap expands 
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Universal Veil Remnant 














Figure 6.—Identifying parts of an Amanita mushroom. 
Drawing by Melanie Moore, U.S. Forest Service. 


like an umbrella. The secondary veil protecting the gills and spores is 
broken by the expanding cap, and remnants of this veil form a ring 
(annulus) on the stem, also referred to as the stipe or stalk. Amanita 
mushrooms also have a cup (volva) at the base of the stalk, often 
within the soil layer. Therefore, mushrooms should always be dug, 
not picked, in order to detect this cup feature of a potentially 
poisonous mushroom. In addition to the ring on the stalk and the 
basal cup, white gills that are free from the stalk and a white spore 
print distinguish Amanita mushrooms from other species. 


The fungi illustrated in this guide serve critical ecological functions, 
and their roles as symbionts, in litter and wood decay, and as 
pathogens are described. An important beneficial function of many 


macrofungi is the relationship with forest tree roots in the uptake 

of nutrients and water and in the protection of the tree roots from 
pathogenic fungi and nematodes. Strands (hyphae) of the fungus 
form a dense layer (mantle) around the fine roots of trees and extend 
out into the surrounding soil. This root-fungus association is called 
mycorrhizae and benefits both the fungus and the tree. 


Pathogenic fungi such as the root and butt rot fungi illustrated in this 
guide can be damaging, but they also provide important ecological 
services through nutrient cycling and development of forest structure 
and wildlife habitat. Distinguishing the potential positive effects from 
the negative effects of these fungi will enable woodland managers 

and owners to make informed management decisions based on their 


objectives. 
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Mike Ostry, U.S. Forest Service 


Aspen-birch 


Solder and Fluxes 


In recent years there’s been a move towards using more environmentally-friendly 
materials in electronic products. EU legislation such as Restriction of the Use of Certain 
Hazardous Substances in Electrical and Electronic Equipment (ROHS) aims to reduce 
toxic heavy metals being sent to landfill. (Look for the RoHS symbol on equipment to 
indicate compliance.) Due to RoHS compliance, the electronics industry had to change the 
type of solder it uses in electronic production. 


“ Electronics solder is supplied in reels or handy dispensers like this. 


Solder comes in various forms including solid bars or pellets for melting in small 
electric ‘solder pots’ used for treating the ends of wires with solder. Traditional general- 
purpose electronics-grade solder is in wire form — starting with so-called “60/40” which 
contains 60% tin (symbol Sn) and 40% lead (symbol Pb) and is sold in handy dispensers 
or reels. Although tin-lead solder is now banned in industry, there’s nothing to stop the 
hobbyist from using it but best practice is to use lead-free solder in our work: my advice is 
to try both, and see which you prefer to work with. “40/60” tin-lead produces lower 
quality results but is slightly cheaper and perfectly acceptable in hobby circles. 


Various diameters of solder wire are marketed. In the UK they’re sold in Standard 
Width Gauge (SWG) sizes, typically as 18SWG (1.2mm) or 22SWG (0.7mm). The latter 
is fine for almost all hand-soldering of printed circuit boards or general electronics. For 
larger solder joints (e.g. larger switch or motor terminals), 18SWG solder would be better 
as more solder can be dispensed more quickly. 


Lead-free solder is universally available and contains typically 99.7% pure tin and 
0.3% copper (symbol Cu). It needs a higher melting point which makes it slightly more 
difficult to work with, but standard soldering irons will cope with it well. Antex lead-free 


Fly Agaric Amanita muscaria 





Identification: Cap yellow to orange with white scales that are 
remnants of the universal veil; white gills free from stalk; white veil; 
volva (cup) consisting of 2-3 scaly rings on stalk above bulbous base 
Season of fruiting: Summer-fall 

Ecosystem function: Mycorrhizal with hardwoods and conifers 


Edibility: Poisonous 


Fungal note: This fungus forms fairy rings that grow radially 3-5 


inches every year. 


SIMS 1SAl04 *S'N ‘ANSO aI 





Amanita muscaria 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Destroying Angel Amanita virosa, A. verna, 
A. bisporigera 





Identification: Cap white, smooth; white gills free from stalk; bulbous 


base; white veil 


Season of fruiting: Summer-fall 





Ecosystem function: Mycorrhizal with hardwoods and conifers 
Edibility: Highly poisonous and often fatal 
Fungal note: These three mushrooms can only be distinguished from 


each other by their spore characteristics; collectively, they cause 95 


percent of fatal mushroom poisonings. 
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Amanita virosa 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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The Omnipresent Laccaria Laccaria bicolor 





Identification: Cap colors vary from yellow to buff to orange to lilac, 


waxy, fibrous; stalk often twisted 

Season of fruiting: Summer-fall 

Ecosystem function: Mycorrhizal with aspen, spruce, and pine of all ages 
Edibility: Good 

Fungal note: This is one of the most common mushrooms on upland 


sites and was the first mycorrhizal fungus to have its entire genome 
sequenced. Laccaria longipes is common with black spruce in bogs. 
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Laccaria bicolor 
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Laccaria longipes 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Aspen Bolete Leccinum aurantiacum, 
L. insigne 





Identification: Cap red-brown, dry; flesh white turning red then blue- 
gray when bruised; stalk with brown-black scales called scabers 


Season of fruiting: Late summer-fall 
Ecosystem function: Mycorrhizal with aspen 
Edibility: Edible 


Fungal note: Genera of boletes are distinguished from each other by 


spore color, linear or random arrangement of the tubes on their lower 


surface, and type of ornamentation on their stalks. 
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Leccinum aurantiacum 








DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Birch Bolete Leccinum scabrum 





Identification: Cap gray-brown to yellow-brown; flesh white, not 
staining when bruised; stalk with brown-black scales called scabers 


Season of fruiting: Late summer-fall 
Ecosystem function: Mycorrhizal with birch 
Edibility: Edible 


Fungal note: Boletes are among the most sought after edible 


mushrooms and are ecologically important as tree symbionts. 
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Leccinum scabrum 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Oyster Mushroom Pleurotus populinus 
(P. ostreatus) 





Identification: Cap white-pale tan; stem usually lateral or absent; gills 
white and run down the stem; spore print white; found only on aspen 


Season of fruiting: Summer-fall 





Ecosystem function: Sapwood rotter 
Edibility: Choice 


Fungal note: Three closely related species are known: P. populinus is 
found on aspen; P. pulmonarius (P. sapidus) is found on hardwoods 
other than aspen and has a lilac color spore print; P. ostreatus has a 


white spore print and is also found on hardwoods other than aspen, 


often in riparian areas. 


BOIS 188104 °S"N ‘ANSO OI 





Pleurotus populinus 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Artist’s Conk Ganoderma applanatum 
(Fomes applanatus) 





Identification: Shelf-like, hard gray-brown zonate upper surface; white 


lower surface that turns brown when scratched 

Season of fruiting: Perennial 

Ecosystem function: Causes a white stem and butt rot of hardwoods 
Edibility: Inedible 


Fungal note: The most common perennial wood decay fungus of dead 


and dying hardwood trees. A single conk can produce 1.25 billion 


spores each hour for 5-6 months each year. 
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Ganoderma applanatum 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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False Tinder Conk Phellinus tremulae 
(Fomes ignarius) 





Identification: Hoof-shaped, gray-black hard conk with a brown 


margin 





Season of fruiting: Perennial 
Ecosystem function: Causes a white trunk rot of aspen 
Edibility: Inedible 


Fungal note: This fungus causes more wood volume loss than any 
other aspen pathogen; however, the resulting soft wood of affected 
stems is beneficial for cavity-nesting wildlife. On average, decay 
extends 8 feet above and 5 feet below an individual conk. 
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com 
Phellinus tremulae 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 


15 


BdIMaS SAl04 *S'N ‘ANSO axIN 









Cross section of aspen stem near a conk of False Tinder Conk (P. tremulae) 
revealing a column of soft, decayed wood that benefits cavity-nesting birds 
and animals. 
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Cavities excavated by woodpeckers in 
aspen affected by P. tremulae. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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True Tinder Conk Fomes fomentarius 





Identification: Hoof-shaped, gray, hard conk 


Season of fruiting: Perennial 





Ecosystem function: Causes a wood rot, common on dead birch 
Edibility: Inedible 


Fungal note: ‘The felt-like inner layer makes excellent tinder. This 
material, called “amadou,” has also been used as a substitute for 
matches after soaking it in solutions of potassium or sodium nitrate 


and then drying it. 
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Fomes fomentarius 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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solder (Sn 99.25 / Cu 0.75) is a good compromise at 0.8mm diameter and is sold in small 
dispensers. 


Other solders are produced for specialist work, including aluminium solder (Alu- 
Sol®) and another solder variant used by professionals is Multicore “Smart” wire which 
contains a small amount of pure silver (symbol Ag). It produces very clean results and is 
often associated with SMD (surface mount devices), though some engineers also use it for 
routine p.c.b. work for producing the best possible finish by hand. As “Smart” wire 
contains lead it is not ROHS compliant. 


An interesting variant is Eutectic solder, which is 63/37 Tin/Lead. It goes instantly 
from solid to liquid when melted and is particularly good for hand-soldering. An almost- 
equivalent lead-free product would be Stannol Flowtin TC or TSC solder. 


Birch Polypore Piptoporus betulinus 
(Polyporus betulinus) 





Identification: Circular, round, shelf-like, white to brown 
Season of fruiting: Annual 


Ecosystem function: Causes a brown cubical wood rot, common on 


dead birch trees 
Edibility: Tough, inedible unless very young 


Fungal note: The inner material of the conk can be used as fire tinder 


when dry. 


BdIMIAS ISA104 “S"N ‘ASO OHI 





Piptoporus betulinus 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Multicolor Gill Polypore Lenzites betulina 





Identification: Fruit body leathery, hairy with alternating bands of 
gray, yellow, and brown; undulating, gray gills 


Season of fruiting: Summer-fall 





Ecosystem function: White sapwood rot of dead birch and other 


hardwoods 
Edibility: Inedible 


Fungal note: Fruit bodies are white when young, turning gray with 


age, often with green algae on the surface. 
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Lenzites betulina, bottom view. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Morel (Sponge Mushroom) Morchella esculenta 





Identification: Cap resembles an inverted pine cone with ridges and 


deep pits, gray-cream-yellow; stem white-cream and hollow 

Season of fruiting: Brief (2-3 weeks) in spring 

Ecosystem function: Litter and wood decay; found on the ground 
among aspen and many other hardwood species, spruce, and pine of 


all ages 


Edibility: Choice 


Fungal note: One of the most sought after edible mushrooms. 
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DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Honey Mushroom Armillaria gallica 





Identification: Cap tan to golden yellow; prominent ring on stem; 
white spore print; black “shoestring” cords (rhizomorphs) that 
transport food to growing hyphae 


Season of fruiting: Fall 


Ecosystem function: Root and butt rot capable of killing trees, 


especially stressed trees, creating root rot pockets resulting in canopy 
§aps 


Edibility: Choice 


Fungal note: An individual clone of this fungus, 15.4 ha in size 
and estimated to be 1,500 years old, was identified in northern 
Michigan. The mushroom Entoloma abortivum parasitizes fruit 


bodies of Armillaria turning them into misshapen Abortive Entoloma 


mushrooms. 


©, eRe 
Armillaria gallica 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Armillaria sp. with characteristic ring (annulus) on the stems. 
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Abortive Entoloma fruit body resulting from Armillaria mushrooms parasitized by 
Entoloma abortivum. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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NORTHERN HARDWOOD 
ECOSYSTEM 
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Northern hardwoods 
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Giant Puffball Calvatia gigantea 





Identification: Softball-soccer ball in size; white leathery skin when 


young turning yellow-tan when mature 

Season of fruiting: Late summer-fall 

Ecosystem function: Mycorrhizal 

Edibility: Edible when young 

Fungal note: Giant puffballs 30.5 cm in diameter can produce 


7 trillion or more spores that are perfectly adapted to wind 


dissemination. In calm air, spores fall at a rate of 0.5 mm per second. 


SOIAI8S 1S8J04 *S"/fN ‘UaLg,C Udesor 





Calvatia gigantea 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Calvatia gigantea 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Bear’s Head Tooth Hericium coralloides 





Identification: From a single stem, the fruit body branches into 
clusters of snow-white spines that point down and bear the spores of 
the fungus on their outer surface. Spines darken to yellow or brown 
with age. 

Season of fruiting: Late summer-fall 


Ecosystem function: Decay of hardwood logs 


Edibility: Choice 


Fungal note: This fungus can be pickled, marinated, or fried. 
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Hericium coralloides 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
26 


Scaly Pholiota Pholiota squarrosa 





Identification: Cap dry, yellow-pale tan with brown scales; gills 
yellow-light brown, brown spores; stalk with a veil forming a ring, 
scales present below but not above ring 

Season of fruiting: Summer-fall 

Ecosystem function: Wood rotter of hardwoods and conifers 
Edibility: Not recommended 

Fungal note: Common butt rotter of living aspen and birch as well 


as down aspen logs. Often found in large clusters. P. squarrosoides is 
another very similar Pholiota species that is frequently found. 
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Pholiota squarrosa 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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The low-down on fluxes 


When melting solder with a soldering iron, oxides of metal are produced as a result 
of the high temperatures involved. Unfortunately, these oxides contaminate the metal 
surfaces being soldered, which interferes with the flow of molten metal and the production 
of a good quality solder joint. 


All electronics-grade solder wire therefore contains an additive called “flux” which 
helps the molten solder to flow more easily over the joint. It does this by scrubbing away 
the oxides which arise naturally during heating, and it will often be seen as a pungent 
brown fluid bubbling away on the joint, accompanied by some fumes. 


Those coming into electronics from other industries should note that flux is 
already contained within “cored” electronics solder and on no account should any 
acidic flux be applied separately before using the soldering iron. Plumbers, for example, 
apply flux paste to copper pipes before soldering them, but electronics-grade solder wire 
already contains a flux and extra flux is almost never needed. Electronics is no place for 
acid fluxes! 





** A close-up of electronics-grade multi-cored solder. Five cores of rosin flux can be 
seen running through it. 


For almost all electronic hand assembly, solder wire containing “Rosin flux” is used. 
Cores of flux run through the solder wire like letters running through seaside candy, and 
they prevent the hot area from being contaminated by oxides, otherwise solder would 
never flow properly and the result would be an incomplete and unreliable joint. 


Milk-White Toothed Polypore Irpex lacteus 
(Polyporus tulipiferae) 





Identification: White, crust-like, flat to substrate, pores breaking into 
teeth 


Season of fruiting: Spring-fall 
Ecosystem function: White rot of hardwoods 
Edibility: Inedible 


Fungal note: This fungus is very common on dead branches of 


hardwood trees. 
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Irpex lacteus This specimen has discolored to yellow-brown with age. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Violet Polypore Trichaptum biforme 
(Hirschioporus pargamenus, 
Polyporus pargamenus) 





Identification: Fruit bodies thin, leathery, with zones of various colors 
and a violet pore surface only on the fruit body margin that breaks into 
teeth with age; often covering large areas of dead trees. 


Season of fruiting: Spring-fall 


Ecosystem function: White pocket rot of hardwoods, very common 


on dead aspen; a very similar species, 7. abietinum, occurs on conifers 
Edibility: Inedible 


Fungal note: One of the most common decay fungi in the U.S. The 
sporocarps are often covered with green algal growth. 


a 
fo) 
a 
® 

3 

_- 
Q 
g 
= 

2 
c 
n 
n 
Q 
o 
rt) 
ao 
n 
g 
s. 
3 
® 





Trichaptum biforme 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Trichaptum biforme, upper and lower surface 
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Early growth form of Violet Polypore (Trichaptum biforme) on the lower surface 
of a fallen aspen stem. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Smoky Polypore Bjerkandera adusta 
(Polyporus adustus) 





Identification: Clusters, small, white to grayish, velvety caps, pore 


surface gray to black 
Season of fruiting: Spring-fall 

Ecosystem function: White sapwood rot of dead hardwood trees 
Edibility: Inedible 


Fungal note: Fruit bodies can revive after long periods of drought. 


Pores of fruit body are very small (5-7 pores per millimeter). 





BOIAI9S 18904 “SN ‘ANSO OMI 





Bjerkandera adusta 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Bjerkandera adusta 
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Bjerkandera adusta 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Common Split Gill Schizophyllum commune 





Identification: Clusters of leathery, whitish gray, fan-shaped gilled 
fruit bodies 


Season of fruiting: Perennial 


Ecosystem function: White sapwood rot of living and dead 


hardwood trees 
Edibility: Inedible 


Fungal note: Spores of this fungus were obtained from fruit bodies 
after 50 years of dry storage. Each gill is split into two halves that curl 


in dry weather to protect the spore-bearing surface. 
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Schizophyllum commune, lower gill surface. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Hen of the Woods Grifola frondosa 
(Polyporus frondosus) 





Identification: Large, dull white to gray, solitary fruit bodies with 
overlapping shelves on the ground near stumps or at the base of living 
hardwood trees 

Season of fruiting: Late summer-fall 


Ecosystem function: White butt rot of hardwoods 


Edibility: Choice 


Fungal note: Always found growing on the ground. 
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Grifola frondosa 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Maze Bracket Daedalea quercina 





Identification: Gray to light brown, leathery, shelf with mazelike 


lower surface 
Season of fruiting: Spring-fall 
Ecosystem function: Brown heart rot of oaks 


Edibility: Inedible 


Fungal note: This fungus is not found west of the Mississippi River. 
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Daedalea quercina, bottom view. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Annual Shelf Fungus Phellinus gilvus 
(Polyporus gilvus) 





Identification: Leathery, yellow to brown shelf, yellow-brown interior 
Season of fruiting: Summer-fall 

Ecosystem function: White sapwood decay and occasionally heart rot 
Edibility: Inedible 


Fungal note: Common on red oak and other hardwood trees. 
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Phellinus gilvus 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Hoof Conk Phellinus everhartii 
(Fomes everhartii) 





Identification: Woody, hoof-shaped, brown to black and crusty upper 


surface, rusty brown interior 

Season of fruiting: Perennial 
Ecosystem function: White heart rot 
Edibility: Inedible 


Fungal note: Common on oaks, this fungus can cause large economic 


losses. 
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Phellinus everhartii 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Flux dispensers and Colophony 


Flux dispenser pens are sold that allows special liquid flux to be applied separately 
onto a work area. These might be handy for difficult or challenging jobs to help solder to 
flow better: adding more flux this way won’t do any harm and may help a solder joint to 
be made more quickly and reliably. In my hobby electronics, there’s hardly ever been a 
time when I felt the need to apply extra flux but it’s useful for some very tricky or 
demanding jobs. 











““ For more demanding work, a flux dispenser pen allows additional flux to be 
applied 


For example I’ve used specialist Chemtronics flux dispenser pens on tricky, extra- 
large solder joints involving very thick wires for lead-acid battery connections where I 
really struggled to make the solder flow properly. You might also use them in micro- 
electronic surface-mount work. The extra flux can only help, but for the rest of the time 
rosin-flux core solder wire contains sufficient flux and that’s all that you’Il need. 


Diamond Polypore Polyporus alveolaris 
(Favolus alveolaris) 





Identification: Fruit body cream to orange or reddish brown; short 
lateral stalk, white to buff color; large diamond-shaped tubes 


Season of fruiting: Spring-early summer on dead hardwood branches 


Ecosystem function: White rot 


Edibility: Edible 


when young 


Fungal note: Can 
cause decay when 


wood is at low 
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moisture content. 
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Polyporus alveolaris, top view. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Dryad’s Saddle Polyporus squamosus 





Identification: Fan-shaped with central stalk, white-yellow with brown 


scales, white pore surface 

Season of fruiting: Spring-fall 

Ecosystem function: White heart rot of hardwood trees 
Edibility: Inedible 


Fungal note: It was estimated that a single fruit body of this fungus 
could produce 100 billion spores. 
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Polyporus squamosus 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Wildlife cavity in elm with heart rot caused by Dryad’s 
Saddle (Polyporus squamosus). 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Cinnabar-Red Polypore Pycnoporus cinnabarinus 
(Polyporus cinnabarinus) 





Identification: Orange-red, broadly attached leathery cap 
Season of fruiting: Summer-fall 

Ecosystem function: White sapwood rot of dead hardwoods 
Edibility: Inedible 


Fungal note: Some fruit bodies can produce spores into the second 


and third years. 
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Polyporus cinnabarinus, top view. 
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Polyporus cinnabarinus, bottom view. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Turkey Tail Trametes versicolor 
(Coriolus versicolor, 
Polyporus versicolor) 





Identification: Cap thin, leathery bracket-like; surface velvet-like with 
concentric bands of brown-red-yellow-gray-blue colors; pores white- 


yellow 

Season of fruiting: Spring-fall 

Ecosystem function: Causes a white rot of hardwood trees and logs 
Edibility: Inedible 

Fungal note: Wood decayed by this fungus often has black zone lines 
where different clones of this species meet but do not exchange genetic 


material. The zone lines produce beautiful patterns in turned vases and 


other objects made with the affected wood, known as spalted wood. 
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Trametes versicolor 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Weeping Polypore Ischnoderma resinosum 
(Polyporus resinosus) 





Identification: Clusters of shelf-like fruit bodies; surface dark brown 
and velvety with a broad white margin; amber drops of a watery fluid 


on the surface when fresh 
Season of fruiting: Summer-fall 


Ecosystem function: Decay of hardwoods, causes a white rot of 
sapwood and heartwood that causes the annual rings to separate 


Edibility: Inedible 
Fungal note: The pores of older fruit bodies break up into tooth-like 


spines and the entire fruit body becomes brittle. The fruit body has an 
anise-like odor. A very similar form of this species occurs on conifers. 
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Ischnoderma resinosum 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Coral-Like Jelly Fungus Tremellodendron 
pallidum 





Identification: Fruit body resembling coral with white, leathery, 
flattened upright branches found on the ground in hardwood and 
conifer stands 

Season of fruiting: Summer-fall 

Ecosystem function: Decay of litter 

Edibility: Inedible 

Fungal note: The spores of the true coral fungi develop on 


structures (basidia) on the exterior of their branches while spores of 
Tremellodendron pallidum develop on basidia within the branches. 





Tremellodendron pallidum 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Northern Tooth Climacodon septentrionalis 
(Steccherinum septentrionale) 





Identification: Overlapping yellowish-white annual shelves with 
toothed undersides found on living hardwoods, especially maples 


Season of fruiting: Late summer-fall 
Ecosystem function: Spongy heart rot 
Edibility: Inedible 


Fungal note: This fungus fruits only occasionally on individual trees, 
and its teeth can reach 10-15 mm in length. 
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Climacodon septentrionalis 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Inky Caps Coprinus, Coprinellus, 
Coprinopsis spp. 





Identification: Cap conical in shape, tissue autodigests from the 
gills and cap margin into a black liquid containing black spores. 
Coprinus comatus (shaggy mane) has a large, white, scaly columnar 
cap; Coprinellus micaceus (mica cap) has a brown cap with mica-like 
particles; Coprinopsis atramentaria has a light gray-brown cap and 


occurs in clusters of 3 or more. 
Season of fruiting: Summer-fall 


Ecosystem function: ‘This group of fungi fruits on buried, decayed 
woody debris 


Edibility: Edible 


Fungal note: Coprinopsis atramentaria and probably other related 
species contain coprine, a toxin that interacts with alcohol when 


ingested and causes severe nausea. 
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Coprinus comatus 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Mike Ostry, U.S. Forest Service 





Upland conifer 
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“* Colophony or rosin flux is available in small tinlets if you want to prepare your 
own liquid flux. 


One thing that many seasoned electronics enthusiasts will recognise is the distinctive 
smell of rosin flux: its intense woody pine smell is not unpleasant, and flux fumes 
themselves are not known to be harmful but solder smoke can be an irritant, especially if 
you suffer from asthma or other respiratory conditions. (I dealt with solder fume extraction 
earlier when soldering irons were outlined.) 


Rosin flux is also known as Colophony. It’s an amber resin that’s glassy and brittle 
like sugar candy, distilled from the resins of conifers (mainly pine trees) and it’s worth 
knowing about. For electronics use, Colophony is available in individual tinlets of solid 
resin (e.g. Kolophonium in 20g tins by Donau Elektronik GmbH, sold by Westfalia or 
Conrad). 


As an aside, the resins of various trees are used in incense burners: placing a few 
fragments on a charcoal burner produces intense delicious fragrances of pine, frankincense 
or forest but you still wouldn’t want to inhale the smoke or fumes directly. 


Solids of Colophony can be dissolved to make a semi-liquid flux, for dipping or 
applying manually prior to soldering. To make your own rosin flux from solids of 
Colophony, chip off some fragments and crush them into a small tinfoil dish, then apply 
some isoproponal alcohol (start with 2 parts solvent to 1 part Colophony) and let it 
dissolve over about 20-30 minutes or more. 


Slippery Jack Bolete Suillus luteus 





Identification: Cap smooth, sticky red-brown; flesh white; tube 


openings radiate out from stalk in a linear pattern 

Season of fruiting: Late summer-fall 

Ecosystem function: Mycorrhizal with red pine of all ages 
Edibility: Edible after removing skin of cap 

Fungal note: Boletes are important food for insect larvae, 
invertebrates, turtles, snails, slugs, and many mammals, especially 
squirrels who often store the mushrooms in trees. Another bolete, S. 


brevipes, often found with jack pine, has such a short stalk that it looks 
like the cap is resting directly on the ground. 
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Suillus luteus, top and bottom views. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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White Pine Bolete Suillus americanus 





Identification: Cap yellow with red streaks, smooth; flesh yellow; tube 


openings radiate out from stalk in a linear pattern 

Season of fruiting: Late summer-fall 

Ecosystem function: Mycorrhizal only with white pine 

Edibility: Edible 

Fungal note: In mixed plantings of red and white pine, this mushroom 


will be found only in association with white pine. S. /uteus will be 


found fruiting under red pine usually at the same time or within 1-2 


weeks of S. americanus. 
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Suillus americanus, top and bottom views. 


DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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The King Bolete Boletus edulis 





Identification: Cap cream-brown to reddish brown; tube openings 
random resembling a sponge; flesh white-yellow; stalk white-ivory with 
fine lines (reticulations) forming a net 

Season of fruiting: Late summer-fall 

Ecosystem function: Mycorrhizal with pine, spruce, oak, and birch 


Edibility: Choice 


Fungal note: Research suggests there are many different strains of this 


species and some may have anti-cancer properties. 
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Boletus edulis 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 


50 


AIMS 1SAl04 *S'N ‘ANSO ayIN 


AIMS 1SAl04 *S"N ‘ANSO ayIN 





Boletus edulis 


DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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False Morel Gyromitra esculenta 





Identification: Cap red-brown, irregular, brain-like; stalk white-yellow 
Season of fruiting: Spring 

Ecosystem function: Litter fungus in red and jack pine stands 
Edibility: Poisonous; fumes while boiling this fungus can be toxic 


Fungal note: This fungus is reported to produce the compound mono 


methyl hydrazine, found in rocket fuel. 
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Gyromitra esculenta 








DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Golden Chanterelle Cantharellus cibarius 





Identification: Cap yellow to orange, funnel-shape; gills shallow, 


yellow, blunt, and run down the yellow stalk 

Season of fruiting: Summer-fall 

Ecosystem function: Mycorrhizal with pine and upland hardwoods 
Edibility: Choice 


Fungal note: The Cantharellus mushrooms are known worldwide 

as chantherelles and are some of the very best edible mushrooms. 
Chantherelles are always found growing from soil, unlike false 
chantherelles (Hygrophoropsis aurantiaca) that are found on woody debris. 
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Cantharellus cibarius 


DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Lilac Cort Cortinarius traganeus 





Identification: Cap light lilac in color; annulus is curtain-like 


(individual threads are distinct) 
Season of fruiting: Late summer-fall 
Ecosystem function: Mycorrhizal with conifers 


Edibility: Highly poisonous. No species in this genus should be eaten 


because some contain a deadly toxin. 


Fungal note: The curtain-like annulus covering the gill surface is a 


distinctive trait of this genus. 
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Curtain on young Cortinarius. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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False Chanterelle Hygrophoropsis aurantiaca 





Identification: Cap orange to orangish-brown, shallow, velvety, 


funnel-shaped; gills attached to stem; flesh waxy 
Season of fruiting: Late summer-fall 
Ecosystem function: Decay of woody debris 
Edibility: Not recommended 


Fungal note: Often mistaken for the true chanterelle (Cantharellus 
cibarius), but the true chanterelle is a soil fungus and does not grow on 
woody debris. 
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Hygrophoropsis aurantiaca, top and bottom views. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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False Truffles Rhizopogon spp. 








Identification: Mature fruit body the color and shape of a small russet 
y p 
potato with a chambered interior, white when young, form below or at 


the soil surface 
Season of fruiting: Fall 


Ecosystem function: One of the most important mycorrhizal species 


with red pine of all ages 
Edibility: Inedible 


Fungal note: More than 200 species of Rhizopogon have been 
described. They are eaten and inadvertently spread by many wildlife 


species. 
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Rhizopogon sp. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Witches Hat Hygrocybe conica 
(Hygrophorous conicus) 





Identification: Cap cone-shaped with a definite peak when young, 
golden yellow-orange or red, sticky when wet; gills are waxy, white 
to olive yellow, and almost free from the stalk that is often twisted, 
hollow, striated and the same color as the cap 

Season of fruiting: Summer-fall 

Ecosystem function: Decays litter in conifer and hardwood stands 


Edibility: Not recommended 


Fungal note: These brilliantly colored mushrooms have waxy gills that 


are triangular in cross section. 
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Hygrocybe conica 


DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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““ Chip off some solids of colophony and put them in a small tin foil dish 














“* Add e.g. x 2 volume isopropanol alcohol and allow the solids to dissolve. 
Experiment as needed. 


Pine Conk Phellinus pini (Fomes pin!) 





Identification: Shelf-like, tough, red-brown to brown-black 

Season of fruiting: Perennial 

Ecosystem function: Causes white pocket rot of living pine 
Edibility: Inedible 

Fungal note: This fungus causes more decay of living pines than any 


other fungus but does not decay wood in service such as poles, posts, 


and structural timbers. 
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Phellinus pini 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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The Red Band Fungus Fomitopsis pinicola 
(Fomes pinicola) 





Identification: Brown-black, crusty fruit body with white-red margin 
and yellow-brown lower pore surface 


Season of fruiting: Perennial on conifers and hardwoods 


Ecosystem function: Common on dead trees and logs causing a 


brown rot 
Edibility: Inedible 


Fungal note: Several biological species of this fungus are known. 
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Fomitopsis pinicola 


DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Conifer Parchment Phlebiopsis gigantea 
(Peniophora gigantea) 





Identification: Thin, white-tan crust on stumps and logs of pine that 


still have bark on them 

Season of fruiting: Perennial 

Ecosystem function: Early colonizer of conifer sapwood 

Edibility: Inedible 

Fungal note: ‘This is the world’s best known biological control fungus. 


Conidia naturally disseminated or purposely applied onto freshly cut 
pine stumps will prevent decay by Heterobasidon annosum. Widely used 


in Europe, its use is not yet approved in the U.S. 
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Phlebiopsis gigantea on pine stump. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Velvet Top Fungus Phaeolus schweinitzii 
(Polyporus schweinitzil) 





Identification: Cap is a shallow funnel with a central stalk when 
decaying roots or in the form of a bracket when decaying standing 
trees, stumps, and logs. Color ranges from yellow-brown to dark red- 
brown, hairy with concentric ridges. Pores form a maze when young, 
becoming toothed with age. 

Season of fruiting: Summer-fall 

Ecosystem function: Decays the heartwood of living and dead red pine 


Edibility: Inedible 


Fungal note: Mature red pines affected by this fungus are commonly 


wind thrown. 
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Phaeolus schweinitzii 


DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Club Coral Clavariadelphus ligula 





Identification: Club-shaped, smooth, orange-dull yellow 
Season of fruiting: Summer-fall 

Ecosystem function: Decay of pine litter 

Edibility: Inedible 


Fungal note: A similar fungus, C. pistillaris, is found decaying litter in 


hardwood stands. 
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Clavariadelphus ligula 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Honey Mushroom Armillaria solidipes 
(A. ostoyae) 





Identification: Cap golden yellow; prominent ring on stem; black 
shoe-string cords (rhizomorphs) under bark of infected trees or in the soil 


Season of fruiting: Late summer-fall 
Ecosystem function: Causes a root and butt rot of pine 
Edibility: Edible 


Fungal note: The genus Armillaria is complex and contains 10 
biological species that have restricted geographical distributions and 
vegetation associations. Species can be distinguished only by using 
laboratory techniques. All species are luminescent, often glowing in 


patches of decayed root or stem tissue. Clones of Armillaria several 


hundred acres in size have been found in the western U.S. 
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Armillaria solidipes 


DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Truffle Eater Cordyceps ophioglossoides 





Identification: Club-shaped; yellow to olive-brown; yellow 
threads extending down into the soil where it parasitizes the fungus 


Elaphomyces granulatus (deer truffle) 
Season of fruiting: Fall 


Ecosystem function: Parasite of the deer truffle (a dark brown sphere 
with thick walls and a solid black interior found underground) that 

is mycorrhizal with jack and red pine. Other Cordyceps species are 
parasites of insect larvae and aboveground plant feeding aphids. 


Edibility: Inedible 


Fungal note: From a 1-m? sample area in a Minnesota jack pine stand, 
it was estimated that there were about 410,000 deer truffles per ha. 


These truffles are fed upon by many mammal species. 
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Cordyceps ophioglossoides the truffle eater. Several deer truffles 
(Elaphomyces granulatus) were dug nearby and placed in the foreground. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Conifer-Base Polypore Heterobasidion irregulare 
(H. annosum, Fomes annosus) 





Identification: Fruit body small, white, “popcorn-like,” later lying flat 
(resupinate) or shelf-like at base of trunks or on stumps; upper surface 
dark brown to black, hairy, becoming smooth with a hard crust; pore 


surface white-yellow 

Season of fruiting: Perennial 

Ecosystem function: Causes a spongy rot of sapwood and heartwood 
Edibility: Inedible 

Fungal note: H. annosum is a species complex with pine, spruce, 

or fir hosts. Phlebiopsis gigantea (conifer parchment) is used as a 
natural biological control of H. annosum in Europe when commercial 


formulations are applied to fresh stumps of pine when stands are 


thinned. 
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Heterobasidion irregulare at base of tree. 


DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Sulfur Shelf Laetiporus sulphureus 
(Polyporus sulphureus) 





Identification: Multiple clusters of yellow-orange shelves growing on 
wood, soft, fleshy when young, turning hard when mature 


Season of fruiting: Summer-fall 


Ecosystem function: Causes a brown cubical rot of living and dead 


hardwood and conifer trees 
Edibility: Edible when young 
Fungal note: This fungus, also called chicken of the woods, is very 


common on red oaks. A similar-looking species, L. cincinnatus, grows 


on the roots of infected trees. 
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Laetiporus sulphureus 


DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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* The resulting flux can be very sticky so handle with care and do not spill. 


In this form it can be applied directly with a brush or dropper to areas prior to 
soldering. In an open dish, after a day or two the solvent will mostly have evaporated to 
leave an extremely sticky resin that should be handled carefully: it’s no co-incidence that 
Colophony is also used in adhesives and varnishes, and different grades of Colophony 
resins are used to treat violin or double-bass bows to add friction to bow hairs! Try 
experimenting with different ratios of solvent and making some up and storing it in an old 
nail varnish bottle with brush, or generally do what works for you. 


Unused Colophony crystals can be reformed into their storage tinlet by warming 
carefully with a hot air gun, but don’t overdo it. You can also use flux cleaners or PCB 
solvent cleaners if you want to remove traces of excess rosin flux after soldering: these are 
left behind as a brown deposit and are otherwise harmless. 


The subject of using your soldering iron to raise the temperature of the materials is 
discussed next. 
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Laetiporus sulphureus 
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Laetiporus sulphureus 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Mike Ostry, U.S. Forest Service 
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Lowland conifer 





Hollow Stem Larch Suillus Suillus cavipes 





Identification: Cap surface dark red-brown with dense hair; pore 


surface white-pale yellow with tubes radiating out from a hollow stem 
Season of fruiting: Fall 

Ecosystem function: Mycorrhizal with tamarack in bogs 

Edibility: Choice 


Fungal note: Squirrels often cache this species in trees (Fig. 3). 
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Suillus cavipes, top and bottom views. Note hollow stem. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Short-Stemmed Russula Russula brevipes 





Identification: Cap white-yellow, funnel-shaped; alternating long and 
short gills extending down the stalk 


Season of fruiting: Summer-fall 


Ecosystem function: Mycorrhizal with hardwoods, pine, and black 


spruce 


Edibility: Edible, said to be choice if colonized by the orange fungus 
Hypomyces lactifluorum (bottom image) 


Fungal note: Large groups of this mushroom can be overlooked 


because they are often partially covered by soil and leaf litter. 
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Russula brevipes 
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Russula brevipes parasitized by 
Hypomyces lactifluorum. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Swamp Death Angel Amanita brunnescens 





Identification: Cap light brown; veil and bulb present; white gills free 
from stalk 


Season of fruiting: Summer-fall 


Ecosystem function: Mycorrhizal with black spruce and tamarack in 


bogs 
Edibility: Poisonous 
Fungal note: Amanita mushrooms as a group are the most poisonous, 


accounting for almost all of the deaths caused by mushroom 


poisonings in the United States. 
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Amanita brunnescens 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Larch Suillus Suillus grevillei 





Identification: Cap shiny, bright red-brown, smooth, sticky; lower 


surface yellow; prominent veil on stalk 

Season of fruiting: Summer-fall 

Ecosystem function: Mycorrhizal with upland tamarack 
Edibility: Edible 


Fungal note: An attractive, robust mushroom found only near 


tamarack,. 
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Sar TF 
Suillus grevillei 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Tent Stakes Gomphidius glutinosus 





Identification: Cap dark brown, sticky; gills run down the thick stalk; 


lower surface white but turning black when spores are released 

Season of fruiting: Summer-fall 

Ecosystem function: Mycorrhizal with white spruce and other conifers 
Edibility: Edible 


Fungal note: Mushrooms in this group are also called slime caps. 
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Gomphidius glutinosus 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Hedgehog Mushroom Hydnum repandum 
(Dentinum repandum) 





Identification: Cap buff-tan-dull orange with white-yellow teeth on 


the underside 

Season of fruiting: Summer-fall 

Ecosystem function: Litter decay hardwood and conifer stands 
Edibility: Edible 


Fungal note: Spores are produced on the outside surface of the 


downward pointing teeth. 
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DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Hydnum repandum, bottom view. 









DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Milky Caps Lactarius volemus 








Identification: Cap rounded, center often depressed; all members of 


this group contain a latex that is exuded when the gills are cut 
Season of fruiting: Summer-fall 
Ecosystem function: Mycorrhizal with conifer and hardwood trees 


Edibility: Not recommended; mushrooms with a latex that turns 


yellow or lilac color are poisonous 


Fungal note: The edible L. deliciosus, found in conifer and mixed 
conifer-hardwood stands, has an orange cap that becomes stained green 


when bruised and contains a yellow-orange latex. 
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Lactarius volemus, top and bottom views. Note liquid latex on cut gill surface. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 


77 





Emetic Russula Russula emetica 





Identification: Cap smooth, bright red when fresh; evenly spaced 
white gills; stalk dull white and hollow 


Season of fruiting: Summer-fall 
Ecosystem function: Mycorrhizal with conifer trees 
Edibility: Mildly poisonous 


Fungal note: This species can be found in deep moss in bogs. 
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Russula emetica 
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Russula emetica, bottom view. 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Yellow-Red Gill Polypore Gloeophyllum 
sepiarium 
(Lenzites sepiaria) 





Identification: Wooly, reddish brown shelf; yellowish-brown gills 
Season of fruiting: Summer-fall 

Ecosystem function: Brown cubical rot of conifers 

Edibility: Inedible 


Fungal note: This fungus can also decay coniferous wood products. 
Gloeophyllum sepiarium has both gills and pores and is thought to be a 


connecting link between the gill and pore fungi. 
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Gloeophyllum sepiarium 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Hairy Cushion Onnia tomentosa 
(Inonotus tomentosus, 
Polyporus tomentosus) 





Identification: Brown to yellow, hairy-velvety, funnel-shaped or shelf- 
like on the ground at the base of trees 


Season of fruiting: Summer-fall 

Ecosystem function: Root and butt rot of pines and white and black 
spruce. A closely related fungus Onnia circinatum has been considered 
a variety of the hairy cushion. It causes a white pocket root and butt 
rot of pines and spruce. The species differ mainly by the shape of sterile 
bristle-like structures (setae) in their spore-producing areas. 


Edibility: Inedible 


Fungal note: Spread by root contact, this fungus causes stand openings. 
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Onnia tomentosa 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Coral Fungus Clavicorona pyxidata 





Identification: Multiple branched stalks, white-yellow, tips of 


branches forming a crown 

Season of fruiting: Late spring-summer 

Ecosystem function: Completes the breakdown of decayed wood 
Edibility: Good when fresh 


Fungal note: Spores form on the upright stalks of coral fungi and are 


thus unprotected from the elements compared to gill or pore fungi. 


BIIAJBS }SB104 "SN ‘ANSO AXIN 






Clavicorona pyxidata 





DO NOT eat any mushroom unless you are absolutely certain of its identity. 
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Mushroom 


This article is about fungi. For use in food, see Edible 
mushroom. For other uses, see Mushroom (disambigua- 
tion). 
“Toadstool” redirects here. For other uses, see Toadstool 
(disambiguation). 

A mushroom (or toadstool) is the fleshy, spore- 





Amanita muscaria, commonly known as “fly agaric” 


bearing fruiting body of a fungus, typically produced 
above ground on soil or on its food source. 


The standard for the name “mushroom” is the culti- 
vated white button mushroom, Agaricus bisporus; hence 
the word “mushroom” is most often applied to those 
fungi (Basidiomycota, Agaricomycetes) that have a stem 
(stipe), a cap (pileus), and gills (lamellae, sing. lamella) 
on the underside of the cap. These gills produce mi- 
croscopic spores that help the fungus spread across the 
ground or its occupant surface. 


“Mushroom” describes a variety of gilled fungi, with or 
without stems, and the term is used even more gener- 
ally, to describe both the fleshy fruiting bodies of some 
Ascomycota and the woody or leathery fruiting bodies of 


some Basidiomycota, depending upon the context of the 
word. 


Forms deviating from the standard morphology usually 
have more specific names, such as "bolete", "puffball", 
"stinkhorn", and "morel", and gilled mushrooms them- 
selves are often called "agarics" in reference to their sim- 
ilarity to Agaricus or their place Agaricales. By extension, 
the term “mushroom” can also designate the entire fun- 
gus when in culture; the thallus (called a mycelium) of 
species forming the fruiting bodies called mushrooms; or 
the species itself. 


1 Identification 


Spore-bearing surface under cap 


Ridges: 
short, blunt eleveted lines: 
on stem ang uncer cao 


Teeth: 
many smelt finger-like 
projections 


wide and thin sheet-like 
plates radiating for stem 


mary small tubes ending 
(na spongy surface 


Gill attachment 


Adnate - gills widely attached 
widely to stem 


Cap morphology 


Campanutlate - bell-shaped 


T 


gills attached 
narrowly to stem 


4 Conical - thanguiar 
- Convex - outwardly rounded 
Depressed - wit a low 
central region 
depressed, 
funnel-shaped 


a’ Ovate - shaped like half an egg 


Umbillicate - with 2 smaii, 
deep depression 


oe 


Decurrent - gills running down 
stem for some 
length 


Emarginate - gitis notched 
immediately before 
attaching to stem 

Free - gills not attached to 
stem 


Seceding - gills attached, but 
breaking away from 
stem at margin 
(omen eider spocmenc) 


Plat - with top of uniform 
height 


Infundibuliform - deeply 


Sinuate - gills smoothly 
notched and 
running briefly 
down stem 


Subdecurrent - gills running 
briefly down stem Umbonate - with @ central bump 


or knob 





Morphological characteristics of the caps of mushrooms 


Identifying mushrooms requires a basic understanding of 
their macroscopic structure. Most are Basidiomycetes 
and gilled. Their spores, called basidiospores, are pro- 
duced on the gills and fall in a fine rain of powder from 
under the caps as a result. At the microscopic level the ba- 
sidiospores are shot off basidia and then fall between the 
gills in the dead air space. As a result, for most mush- 


rooms, if the cap is cut off and placed gill-side-down 
overnight, a powdery impression reflecting the shape of 
the gills (or pores, or spines, etc.) is formed (when the 
fruit body is sporulating). The color of the powdery 
print, called a spore print, is used to help classify mush- 
rooms and can help to identify them. Spore print col- 
ors include white (most common), brown, black, purple- 
brown, pink, yellow, and creamy, but almost never blue, 
green, or red.!! 


While modern identification of mushrooms is quickly be- 
coming molecular, the standard methods for identifica- 
tion are still used by most and have developed into a fine 
art harking back to medieval times and the Victorian era, 
combined with microscopic examination. The presence 
of juices upon breaking, bruising reactions, odors, tastes, 
shades of color, habitat, habit, and season are all consid- 
ered by both amateur and professional mycologists. Tast- 
ing and smelling mushrooms carries its own hazards be- 
cause of poisons and allergens. Chemical tests are also 
used for some genera.!?! 


In general, identification to genus can often be accom- 
plished in the field using a local mushroom guide. Iden- 
tification to species, however, requires more effort; one 
must remember that a mushroom develops from a but- 
ton stage into a mature structure, and only the latter can 
provide certain characteristics needed for the identifica- 
tion of the species. However, over-mature specimens lose 
features and cease producing spores. Many novices have 
mistaken humid water marks on paper for white spore 
prints, or discolored paper from oozing liquids on lamella 
edges for colored spored prints. 


2 Classification 


Main articles: 
Ascocarp 
Typical mushrooms are the fruit bodies of members of 


Sporocarp (fungi), Basidiocarp and 





Trametes versicolor, a polypore mushroom 


the order Agaricales, whose type genus is Agaricus and 
type species is the field mushroom, Agaricus campestris. 


3 ETYMOLOGY 


However, in modern molecularly defined classifications, 
not all members of the order Agaricales produce mush- 
room fruit bodies, and many other gilled fungi, collec- 
tively called mushrooms, occur in other orders of the 
class Agaricomycetes. For example, chanterelles are in 
the Cantharellales, false chanterelles such as Gomphus 
are in the Gomphales, milk-cap mushrooms (Lactarius, 
Lactifluus) and russulas (Russula), as well as Lentinellus, 
are in the Russulales, while the tough, leathery gen- 
era Lentinus and Panus are among the Polyporales, but 
Neolentinus is in the Gloeophyllales, and the little pin- 
mushroom genus, Rickenella, along with similar genera, 
are in the Hymenochaetales. 


Within the main body of mushrooms, in the Agaricales, 
are common fungi like the common fairy-ring mushroom, 
shiitake, enoki, oyster mushrooms, fly agarics and other 
amanitas, magic mushrooms like species of Psilocybe, 
paddy straw mushrooms, shaggy manes, etc. 


An atypical mushroom is the lobster mushroom, which is 
a deformed, cooked-lobster-colored parasitized fruitbody 
of a Russula or Lactarius, colored and deformed by the 
mycoparasitic Ascomycete Hypomyces lactifluorum.”! 


Other mushrooms are not gilled, so the term “mushroom” 
is loosely used, and giving a full account of their classi- 
fications is difficult. Some have pores underneath (and 
are usually called boletes), others have spines, such as 
the hedgehog mushroom and other tooth fungi, and so 
on. “Mushroom” has been used for polypores, puffballs, 
jelly fungi, coral fungi, bracket fungi, stinkhorns, and cup 
fungi. Thus, the term is more one of common applica- 
tion to macroscopic fungal fruiting bodies than one hav- 
ing precise taxonomic meaning. Approximately 14,000 
species of mushrooms are described."*! 


3 Etymology 


The terms “mushroom” and “toadstool” go back cen- 
turies and were never precisely defined, nor was there 
consensus on application. The term “toadstool” was 
often, but not exclusively, applied to poisonous mush- 
rooms or to those that have the classic umbrella-like 
cap-and-stem form. Between 1400 and 1600 AD, the 
terms tadstoles, frogstooles, frogge stoles, tadstooles, tode 
stoles, toodys hatte, paddockstool, puddockstool, pad- 
docstol, toadstoole, and paddockstooles sometimes were 
used synonymously with mushrom, mushrum, muscheron, 
mousheroms, mussheron, or musserouns.'©! 


The word has apparent analogies in Dutch padde(n)stoel 
(toad-stool/chair, mushroom) and German Kréten- 
schwamm (toad-fungus, alt. word for panther cap). In 
German folklore and old fairy tales, toads are often 
depicted sitting on toadstool mushrooms and catching, 
with their tongues, the flies that are said to be drawn 
to the Fliegenpilz, a German name for the toadstool, 
meaning “flies’ mushroom”. This is how the mushroom 
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Amanita muscaria, the most easily recognised “toadstool”, is fre- 
quently depicted in fairy stories and on greeting cards. It is often 
associated with gnomes.'?! 








got another of its names, Krétenstuhl (a less-used 
German name for the mushroom), literally translating to 
“toad-stool”. 


The term “mushroom” and its variations may have been 
derived from the French word mousseron in reference 
to moss (mousse). The toadstool’s connection to toads 
may be direct, in reference to some species of poisonous 
toad,'7! or may just be a case of phonosemantic matching 
from the German word.!*! However, delineation between 
edible and poisonous fungi is not clear-cut, so a “mush- 
room” may be edible, poisonous, or unpalatable. The 
term “toadstool” is nowadays used in storytelling when 
referring to poisonous or suspect mushrooms. The clas- 
sic example of a toadstool is Amanita muscaria. 


Cultural or social phobias of mushrooms and fungi may 
be related. The term “fungophobia” was coined by 
William Delisle Hay of England, who noted a national 
superstition or fear of “toadstools”.!"°! He described 
the “fungus-hunter” as being contemptible and detailed 
the larger demographic’s attitude toward mushrooms as 
“abnormal, worthless, or inexplicable”.!!°! Fungophobia 
spread to the United States and Australia, where it was 
inherited from England.!!°!U'"| The underlying cause of 
a cultural fungophobia may also be related to the exag- 





gerated importance placed on the few deadly and poi- 
sonous mushrooms found in the region of that culture.!'7! 
In these regions, mushrooms were also sometimes re- 
garded as magic or satanic, their fruiting bodies appearing 
quickly overnight from underground. Some believed they 
were the Devil’s fruit, and others that mushroom rings 
were magical portals. 


4 Morphology 


The blue gills of Lactarius indigo, a milk-cap mushroom 


A mushroom develops from a nodule, or pinhead, less 
than two millimeters in diameter, called a primordium, 
which is typically found on or near the surface of the 
substrate. It is formed within the mycelium, the mass 
of threadlike hyphae that make up the fungus. The pri- 
mordium enlarges into a roundish structure of interwo- 
ven hyphae roughly resembling an egg, called a “button”. 
The button has a cottony roll of mycelium, the universal 
veil, that surrounds the developing fruit body. As the egg 
expands, the universal veil ruptures and may remain as 
a cup, or volva, at the base of the stalk, or as warts or 
volval patches on the cap. Many mushrooms lack a uni- 
versal veil, therefore they do not have either a volva or 


volval patches. Often, a second layer of tissue, the partial 
veil, covers the bladelike gills that bear spores. As the 
cap expands, the veil breaks, and remnants of the partial 
veil may remain as a ring, or annulus, around the middle 
of the stalk or as fragments hanging from the margin of 
the cap. The ring may be skirt-like as in some species 
of Amanita, collar-like as in many species of Lepiota, or 
merely the faint remnants of a cortina (a partial veil com- 
posed of filaments resembling a spiderweb), which is typ- 
ical of the genus Cortinarius. Mushrooms lacking partial 
veils do not form an annulus.!!3) 


The stalk (also called the stipe, or stem) may be central 
and support the cap in the middle, or it may be off-center 
and/or lateral, as in species of Pleurotus and Panus. In 
other mushrooms, a stalk may be absent, as in the poly- 
pores that form shelf-like brackets. Puffballs lack a stalk, 
but may have a supporting base. Other mushrooms, such 
as truffles, jellies, earthstars, and bird’s nests, usually do 
not have stalks, and a specialized mycological vocabulary 
exists to describe their parts. 


The way the gills attach to the top of the stalk is an im- 
portant feature of mushroom morphology. Mushrooms 
in the genera Agaricus, Amanita, Lepiota and Pluteus, 
among others, have free gills that do not extend to the top 
of the stalk. Others have decurrent gills that extend down 
the stalk, as in the genera Omphalotus and Pleurotus. 
There are a great number of variations between the ex- 
tremes of free and decurrent, collectively called attached 
gills. Finer distinctions are often made to distinguish the 
types of attached gills: adnate gills, which adjoin squarely 
to the stalk; notched gills, which are notched where they 
join the top of the stalk; adnexed gills, which curve up- 
ward to meet the stalk, and so on. These distinctions be- 
tween attached gills are sometimes difficult to interpret, 
since gill attachment may change as the mushroom ma- 
tures, or with different environmental conditions.!'4! 


4.1 Microscopic features 





Morchella elata asci viewed with phase contrast microscopy 


A hymenium is a layer of microscopic spore-bearing cells 


5 GROWTH 


that covers the surface of gills. In the nongilled mush- 
rooms, the hymenium lines the inner surfaces of the tubes 
of boletes and polypores, or covers the teeth of spine 
fungi and the branches of corals. In the Ascomycota, 
spores develop within microscopic elongated, sac-like 
cells called asci, which typically contain eight spores in 
each ascus. The Discomycetes, which contain the cup, 
sponge, brain, and some club-like fungi, develop an ex- 
posed layer of asci, as on the inner surfaces of cup fungi 
or within the pits of morels. The Pyrenomycetes, tiny 
dark-colored fungi that live on a wide range of substrates 
including soil, dung, leaf litter, and decaying wood, as 
well as other fungi, produce minute, flask-shaped struc- 
tures called perithecia, within which the asci develop.!!>! 





Austroboletus mutabilis spores viewed using electron microscopy 


In the Basidiomycetes, usually four spores develop on the 
tips of thin projections called sterigmata, which extend 
from club-shaped cells called a basidia. The fertile por- 
tion of the Gasteromycetes, called a gleba, may become 
powdery as in the puffballs or slimy as in the stinkhorns. 
Interspersed among the asci are threadlike sterile cells 
called paraphyses. Similar structures called cystidia of- 
ten occur within the hymenium of the Basidiomycota. 
Many types of cystidia exist, and assessing their presence, 
shape, and size is often used to verify the identification of 
a mushroom!!! 


The most important microscopic feature for identification 
of mushrooms is the spores. Their color, shape, size, at- 
tachment, ornamentation, and reaction to chemical tests 
often can be the crux of an identification. A spore often 
has a protrusion at one end, called an apiculus, which is 
the point of attachment to the basidium, termed the api- 
cal germ pore, from which the hypha emerges when the 
spore germinates.!!>! 





Agaricus bitorquis mushroom emerging through asphalt concrete 
in summer 


5 Growth 


Many species of mushrooms seemingly appear overnight, 
growing or expanding rapidly. This phenomenon is the 
source of several common expressions in the English lan- 
guage including “to mushroom” or “mushrooming” (ex- 
panding rapidly in size or scope) and “to pop up like a 
mushroom” (to appear unexpectedly and quickly). In re- 
ality all species of mushrooms take several days to form 
primordial mushroom fruit bodies, though they do expand 
rapidly by the absorption of fluids. 


The cultivated mushroom as well as the common field 
mushroom initially form a minute fruiting body, referred 
to as the pin stage because of their small size. Slightly ex- 
panded they are called buttons, once again because of the 
relative size and shape. Once such stages are formed, the 
mushroom can rapidly pull in water from its mycelium 
and expand, mainly by inflating preformed cells that took 
several days to form in the primordia. 


Similarly, there are even more ephemeral mushrooms, 
like Parasola plicatilis (formerly Coprinus plicatlis), that 
literally appear overnight and may disappear by late after- 
noon on a hot day after rainfall.!'°! The primordia form 
at ground level in lawns in humid spaces under the thatch 
and after heavy rainfall or in dewy conditions balloon to 
full size in a few hours, release spores, and then collapse. 
They “mushroom” to full size. 


Not all mushrooms expand overnight; some grow very 
slowly and add tissue to their fruitbodies by growing from 
the edges of the colony or by inserting hyphae. For exam- 
ple, Pleurotus nebrodensis grows slowly, and because of 
this combined with human collection, it is now critically 
endangered. !!7! 


Though mushroom fruiting bodies are short-lived, the un- 
derlying mycelium can itself be long-lived and massive. A 
colony of Armillaria solidipes (formerly known as Armil- 
laria ostoyae) in Malheur National Forest in the United 
States is estimated to be 2,400 years old, possibly older, 
and spans an estimated 2,200 acres (8.9 km?). Most of 





Yellow flower pot mushrooms (Leucocoprinus birnbaumii) at 
various states of development 


the fungus is underground and in decaying wood or dy- 
ing tree roots in the form of white mycelia combined 
with black shoelace-like rhizomorphs that bridge colo- 
nized separated woody substrates.!!®! 


It has been suggested the electrical stimulus of a lightning 
bolt striking mycelia in logs accelerates the production of 
mushrooms.!!°! 


6 Nutrition 


Mushrooms are a low-calorie food eaten cooked, raw or 
as a garnish to a meal. In a 100 g (3.5 ounce) serving, 
mushrooms are an excellent source (higher than 20% of 
the daily value, DV) of B vitamins, such as riboflavin, 
niacin and pantothenic acid, an excellent source of the 
essential minerals, selenium (37% DV) and copper (25% 
DV), and a good source (10-19% DV) of phosphorus and 
potassium. Fat, carbohydrate and calorie content are low, 
with absence of vitamin C and sodium. There are 27 calo- 
ries in a typical serving of fresh mushrooms (table). 


When exposed to ultraviolet (UV) light even after 
harvesting,!?"! natural ergosterols in mushrooms produce 
vitamin D»,'?!! a process now used to supply fresh vitamin 
D mushrooms for the functional food grocery market. 


In a comprehensive safety assessment of producing vita- 
min D in fresh mushrooms, researchers showed that ar- 
tificial UV light technologies were equally effective for 
vitamin D production as in mushrooms exposed to natu- 
ral sunlight, and that UV light has a long record of safe 
use for production of vitamin D in food.!?7! 


7 Human use 


Further information: Ethnomycology 


Temperature flow 


This aspect takes a bit more understanding, but with practice you’ll soon understand 
how temperature flows within a workpiece being soldered and how you have to harness it 
properly. After ensuring all parts are clean and the soldering iron is ready to go, the next 
step to successful soldering requires that the temperature of all the parts is raised to 
roughly the same level, before solder can be applied. 


Imagine the most basic task of soldering a simple resistor onto a printed circuit 
board: the copper p.c.b. and the resistor lead should both be heated together so that the 
solder will flow readily over the joint. Later I’1l show the precise stages step by step. 


A beginner will often mistakenly just heat one part of the joint (e.g. a resistor’s wire 
protruding through a printed circuit board) and hope that the resultant “blob” of solder will 
be enough to tack everything together. That’s completely wrong, because the remaining 
metal in the joint is cold when molten solder is flooded on to it. The joint will be weak, 
incomplete or unreliable. Flux will not have flowed properly either, so the joint could be 
contaminated internally. 


Another beginner’s mistake is to use a soldering iron to carry blobs of molten solder 
over to the joint, as if to daub solder over it. The secret of success 1s to control the iron 
accurately and apply the hot tip onto the workpiece so that it’s in contact with all the 
parts. Within a fraction of a second, heat will conduct from the iron and raise the 
temperature of the entire joint, after which solder can be melted over it. Remove the iron 
and let the joint cool naturally. It takes some practice with your chosen soldering iron tip 
to obtain the best heating action, making sure the tip is clean and tinned properly to begin 
with. 





The Agaricus bisporus, one of the most widely cultivated and 
popular mushrooms in the world 


7.1 Edible mushrooms 


Main articles: Edible mushroom, Mushroom hunting 
and Fungiculture 


Mushrooms are used extensively in cooking, in many 
cuisines (notably Chinese, Korean, European, and 
Japanese). Though neither meat nor vegetable, mush- 
rooms are known as the “meat” of the vegetable world.!?*! 


Most mushrooms sold in supermarkets have been com- 
mercially grown on mushroom farms. The most popular 
of these, Agaricus bisporus, is considered safe for most 
people to eat because it is grown in controlled, sterilized 
environments. Several varieties of A. bisporus are grown 
commercially, including whites, crimini, and portobello. 
Other cultivated species now available at many grocers in- 
clude shiitake, maitake or hen-of-the-woods, oyster, and 
enoki. In recent years, increasing affluence in developing 
countries has led to a considerable growth in interest in 
mushroom cultivation, which is now seen as a potentially 
important economic activity for small farmers.'7#! 


a 
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Mushroom and truffle output in 2005 


A number of species of mushrooms are poisonous; al- 
though some resemble certain edible species, consum- 
ing them could be fatal. Eating mushrooms gathered 
in the wild is risky and should only be undertaken by 
individuals knowledgeable in mushroom identification. 
Common best practice is for wild mushroom pickers 
to focus on collecting a small number of visually dis- 
tinctive, edible mushroom species that cannot be eas- 


7 HUMAN USE 


ily confused with poisonous varieties. A. bisporus con- 
tains carcinogens called hydrazines, the most abundant 
of which is agaritine. However, the carcinogens are de- 
stroyed by moderate heat when cooking.!?>! 


More generally, and particularly with gilled mushrooms, 
separating edible from poisonous species requires metic- 
ulous attention to detail; there is no single trait by which 
all toxic mushrooms can be identified, nor one by which 
all edible mushrooms can be identified. Additionally, 
even edible mushrooms may produce allergic reactions in 
susceptible individuals, from a mild asthmatic response to 
severe anaphylactic shock. !261l?7] 


People who collect mushrooms for consumption are 
known as mycophagists,'7*! and the act of collecting them 
for such is known as mushroom hunting, or simply “mush- 
rooming”. 


China is the world’s largest edible mushroom 
producer.'°! The country produces about half of 
all cultivated mushrooms, and around 2.7 kilograms (6.0 
lb) of mushrooms are consumed per person per year by 
over a billion people.!>"! 


7.2. Toxic mushrooms 


Main article: Mushroom poisoning 
Many mushroom species produce secondary metabolites 





Young Amanita phalloides, “death cap” mushrooms 


that can be toxic, mind-altering, antibiotic, antiviral, or 
bioluminescent. Although there are only a small number 
of deadly species, several others can cause particularly 
severe and unpleasant symptoms. Toxicity likely plays 
a role in protecting the function of the basidiocarp: the 
mycelium has expended considerable energy and proto- 
plasmic material to develop a structure to efficiently dis- 
tribute its spores. One defense against consumption and 
premature destruction is the evolution of chemicals that 
render the mushroom inedible, either causing the con- 
sumer to vomit the meal (see emetics), or to learn to 
avoid consumption altogether. In addition, due to the 
propensity of mushrooms to absorb heavy metals, includ- 


7.4 Medicinal properties 


ing those that are radioactive, European mushrooms may, 
to date, include toxicity from the 1986 Chernoby] disaster 
and continue to be studied.2 13213134135] 


7.3 Psychoactive mushrooms 





Psilocybe zapotecorum, a hallucinogenic mushroom 


Mushrooms with psychoactive properties have long 
played a role in various native medicine traditions in cul- 
tures all around the world. They have been used as sacra- 
ment in rituals aimed at mental and physical healing, and 
to facilitate visionary states. One such ritual is the velada 
ceremony. A practitioner of traditional mushroom use is 
the shaman or curandera (priest-healer).°°! 


Psilocybin mushrooms possess psychedelic properties. 
Commonly known as “magic mushrooms” or "'shrooms”, 
they are openly available in smart shops in many parts 
of the world, or on the black market in those coun- 
tries that have outlawed their sale. Psilocybin mush- 
rooms have been reported as facilitating profound and 
life-changing insights often described as mystical experi- 
ences. Recent scientific work has supported these claims, 
as well as the long-lasting effects of such induced spiritual 
experiences. |371 


Psilocybin, a naturally occurring chemical in certain 
psychedelic mushrooms such as Psilocybe cubensis, is be- 
ing studied for its ability to help people suffering from 
psychological disorders, such as obsessive-compulsive 
disorder. Minute amounts have been reported to stop 
cluster and migraine headaches.'3*! A double-blind study, 
done by the Johns Hopkins Hospital, showed psychedelic 
mushrooms could provide people an experience with sub- 
stantial personal meaning and spiritual significance. In 
the study, one third of the subjects reported ingestion 
of psychedelic mushrooms was the single most spiritu- 
ally significant event of their lives. Over two-thirds re- 
ported it among their five most meaningful and spiritually 
significant events. On the other hand, one-third of the 
subjects reported extreme anxiety. However, the anxiety 
went away after a short period of time.!?![4°! Psilocybin 
mushrooms have also shown to be successful in treating 


addiction, specifically with alcohol and cigarettes. 4"! 


A few species in the Amanita genus, most recogniz- 
ably A. muscaria, but also A. pantherina, among oth- 
ers, contain the psychoactive compound muscimol. The 
muscimol-containing chemotaxonomic group of Amani- 
tas contains no amatoxins or phallotoxins, and as such are 
not hepatoxic, though if not properly cured will be non- 
lethally neurotoxic due to the presence of ibotenic acid. 
The Amanita intoxication is similar to Z-drugs in that it 
includes CNS depressant and sedative-hypnotic effects, 
but also dissociation and delirium in high doses. 


7.4 Medicinal properties 


Main article: Medicinal mushrooms 
Some mushrooms or extracts are used or studied as 





Ganoderma lucidum 


possible treatments for diseases, such as cardiovascular 
disorders.!47]. Some mushroom materials, including 
polysaccharides, glycoproteins and proteoglycans are un- 
der basic research for their potential to modulate immune 
system responses and inhibit tumor growth,'**! whereas 
other isolates show potential antiviral, antibacterial, 
antiparasitic, anti-inflammatory, and antidiabetic proper- 
ties in preliminary studies.'4! Currently, several extracts 
have widespread use in Japan, Korea and China, as ad- 
juncts to radiation treatments and chemotherapy, '>!!46! 
even though clinical evidence of efficacy in humans has 
not been confirmed. 


Historically, mushrooms have long been thought to 
hold medicinal value, especially in traditional Chinese 
medicine.'*7! They have been studied in modern medical 
research since the 1960s, where most studies use extracts, 
rather than whole mushrooms. Only a few specific ex- 
tracts have been tested for efficacy in laboratory research. 
Polysaccharide-K and lentinan are among extracts best 
understood from in vitro research, animal models such as 
mice, or early-stage human pilot studies.'4°! 


Preliminary experiments 
mushroom extracts may affect 


show _ glucan-containing 
function of the 


innate and adaptive immune systems, functioning as 
bioresponse modulators.'*¢! In some countries, extracts 
of polysaccharide-K, schizophyllan, polysaccharide 
peptide, or lentinan are government-registered adjuvant 
cancer therapies. 451481 


As of June 2014, whole mushrooms or mushroom in- 
gredients are being studied in 32 human clinical trials 
registered with the US National Institutes of Health for 
their potential effects on a variety of diseases and normal 
physiological conditions, including vitamin D deficiency, 
cancer, bone metabolism, glaucoma, immune functions 
and inflammatory bowel disease.!*”! 


7.5 Other uses 





A tinder fungus, Fomes fomentarius 


Mushrooms can be used for dyeing wool and other natural 
fibers. The chromophores of mushroom dyes are organic 
compounds and produce strong and vivid colors, and all 
colors of the spectrum can be achieved with mushroom 
dyes. Before the invention of synthetic dyes, mushrooms 
were the source of many textile dyes. 0! 


Some fungi, types of polypores loosely called mush- 
rooms, have been used as fire starters (known as tinder 
fungi). 


Mushrooms and other fungi play a role in the develop- 
ment of new biological remediation techniques (e.g., us- 
ing mycorrhizae to spur plant growth) and filtration tech- 
nologies (e.g. using fungi to lower bacterial levels in con- 
taminated water).! 
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1) The horizon always appears perfectly flat 360 degrees 
around the observer regardless of altitude. All amateur 


balloon, rocket, plane and drone footage show a completely 
flat horizon over 20+ miles high. Only NASA and other 
government “space agencies” show curvature in their fake 
CGI photos/videos. 











2) The horizon always rises to the eye level of the observer 
as altitude is gained, so you never have to look down to see 
it. If Earth were in fact a globe, no matter how large, as you 
ascended the horizon would stay fixed and the observer / 
camera would have to tilt looking down further and further 
to see it. 


Over 20 Miles High, Horizon Still 100% Fiat 








3) The natural physics of water is to find and maintain its 
level. If Earth were a giant sphere tilted, wobbling and 
hurdling through infinite space then truly flat, consistently 
level surfaces would not exist here. But since Earth is in fact 
an extended flat plane, this fundamental physical property of 
fluids finding and remaining level is consistent with 
experience and common sense. 





4) Rivers run down to sea-level finding the easiest course, 
North, South, East, West and all other intermediary 
directions over the Earth at the same time. If Earth were 
truly a spinning ball then many of these rivers would be 
impossibly flowing uphill, for example the Mississippi in its 
3000 miles would have to ascend 11 miles before reaching 
the Gulf of Mexico. 


5) One portion of the Nile River flows for a thousand miles 
with a fall of only one foot. Parts of the West African 
Congo, according to the supposed inclination and movement 
of the ball-Earth, would be sometimes running uphill and 
sometimes down. This would also be the case for the 
Parana, Paraguay and other long rivers. 





6) If Earth were a ball 25,000 miles in circumference as 
NASA and modern astronomy claim, spherical trigonometry 
dictates the surface of all standing water must curve 
downward an easily measurable 8 inches per mile multiplied 
by the square of the distance. This means along a 6 mile 
channel of standing water, the Earth would dip 6 feet on 
either end from the central peak. Every time such 
experiments have been conducted, however, standing water 
has proven to be perfectly level. 
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7) Surveyors, engineers and architects are never required to 
factor the supposed curvature of the Earth into their projects. 
Canals, railways, bridges and tunnels for example are 
always cut and laid horizontally, often over hundreds of 
miles without any allowance for curvature. 


8) The Suez Canal connecting the Mediterranean with the 
Red Sea is 100 miles long without any locks making the 
water an uninterrupted continuation of the two seas. When 
constructed, the Earth’s supposed curvature was not taken 
into account, it was dug along a horizontal datum line 26 
feet below sea-level, passing through several lakes from one 
sea to the other, with the datum line and water’s surface 
running perfectly parallel over the 100 miles. 





9) Engineer, W. Winckler was published in the Earth 
Review regarding the Earth’s supposed curvature, stating, 


“As an engineer of many years standing, I saw that this 
absurd allowance is only permitted in school books. No 
engineer would dream of allowing anything of the kind. I 
have projected many miles of railways and many more of 
canals and the allowance has not even been thought of, 
much less allowed for. This allowance for curvature means 
this - that it is 8” for the first mile of a canal, and increasing 
at the ratio by the square of the distance in miles; thus a 
small navigable canal for boats, say 30 miles long, will 
have, by the above rule an allowance for curvature of 600 
feet. Think of that and then please credit engineers as not 
being quite such fools. Nothing of the sort is allowed. We 
no more think of allowing 600 feet for a line of 30 miles of 
railway or canal, than of wasting our time trying to square 


the circle” 





10) The London and Northwestern Railway forms a straight 
line 180 miles long between London and Liverpool. The 
railroad’s highest point, midway at Birmingham station, is 
only 240 feet above sea-level. If the world were actually a 
globe, however, curving 8 inches per mile squared, the 180 
mile stretch of rail would form an arc with the center point 
at Birmingham raising over a mile, a full 5,400 feet above 
London and Liverpool. 





11) A surveyor and engineer of thirty years published in the 
Birmingham Weekly Mercury stated, “J am thoroughly 
acquainted with the theory and practice of civil engineering. 
However bigoted some of our professors may be in the 
theory of surveying according to the prescribed rules, yet it 
is well known amongst us that such theoretical 
measurements are INCAPABLE OF ANY PRACTICAL 
ILLUSTRATION. All our locomotives are designed to run 
on what may be regarded as TRUE LEVELS or FLATS. 
There are, of course, partial inclines or gradients here and 
there, but they are always accurately defined and must be 
carefully traversed. But anything approaching to eight 
inches in the mile, increasing as the square of the distance, 
COULD NOT BE WORKED BY ANY ENGINE THAT WAS 
EVER YET CONSTRUCTED. Taking one station with 
another all over England and Scotland, it may be stated that 
all the platforms are ON THE SAME RELATIVE LEVEL. 
The distance between Eastern and Western coasts of 
England may be set down as 300 miles. If the prescribed 
curvature was indeed as represented, the central stations at 
Rugby or Warwick ought to be close upon three miles higher 
than a chord drawn from the two extremities. If such was 
the case there is not a driver or stoker within the Kingdom 
that would be found to take charge of the train. We can only 
laugh at those of your readers who seriously give us credit 
for such venturesome exploits, as running trains round 
spherical curves. Horizontal curves on levels are dangerous 
enough, vertical curves would be a thousand times worse, 
and with our rolling stock constructed as at present 
physically impossible.” 





12) The Manchester Ship Canal Company published in the 
Earth Review stated, “Jt is customary in Railway and Canal 


constructions for all levels to be referred to a datum which 
is nominally horizontal and is so shown on all sections. It is 
not the practice in laying out Public Works to make 
allowances for the curvature of the earth 


13) Ina 19th century French experiment by M. M. Biot and 
Arago a powerful lamp with good reflectors was placed on 
the summit of Desierto las Palmas in Spain and able to be 
seen all the way from Camprey on the Island of Iviza. Since 
the elevation of the two points were identical and the 
distance between covered nearly 100 miles, if Earth were a 


ball 25,000 miles in circumference, the light should have 
been more than 6600 feet, a mile and a quarter, below the 
line of sight! 


14) The Lieutenant-Colonel Portlock experiment used oxy- 
hydrogen Drummond’s lights and heliostats to reflect the 
sun’s rays across stations set up across 108 miles of St. 
George’s Channel. If the Earth were actually a ball 25,000 
miles in circumference, Portlock’s light should have 
remained hidden under a mile and a half of curvature. 





15) If the Earth were truly a sphere 25,000 miles in 
circumference, airplane pilots would have to constantly 
correct their altitudes downwards so as to not fly straight off 
into “outer space;” a pilot wishing to simply maintain their 
altitude at a typical cruising speed of 500 mph, would have 
to constantly dip their nose downwards and descend 2,777 
feet (over half a mile) every minute! Otherwise, without 
compensation, in one hour’s time the pilot would find 
themselves 31.5 miles higher than expected. 





16) The experiment known as “Airy’s Failure” proved that 
the stars move relative to a stationary Earth and not the other 
way around. By first filling a telescope with water to slow 
down the speed of light inside, then calculating the tilt 
necessary to get the starlight directly down the tube, Airy 
failed to prove the heliocentric theory since the starlight was 
already coming in the correct angle with no change 
necessary, and instead proved the geocentric model correct. 
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17) “Olber’s Paradox” states that if there were billions of 
stars which are suns the night sky would be filled 
completely with light. As Edgar Allen Poe said, “Were the 
succession of stars endless, then the background of the sky 
would present us a uniform luminosity, since there could 
exist absolutely no point, in all that background, at which 
would not exist a star.” In fact Olber’s “Paradox” is no 
more a paradox than George Airy’s experiment was a 
“failure.” Both are actually excellent refutations of the 
heliocentric spinning ball model. 


Olber (1784-1840) 
Talila cmelm al alice Olalncirci-we 


# of stars ~~ R? 


AV = 47 R2 AR 





18) The Michelson-Morley and Sagnac experiments 
attempted to measure the change in speed of light due to 
Earth’s assumed motion through space. After measuring in 
every possible different direction in various locations they 
failed to detect any significant change whatsoever, again 
proving the stationary geocentric model. 





Whele apparetus rotates 


Bean apiittor 
2 revaieec 


and recembines 
Light sent in 

cppecite ie 
Grections 

wound 

a0par aus 


Murror 


Ir ™ . 4 


‘ Protographic 
plate 
records 
v 4y fringes 
— 


. 
Upnt source « 

Fig. 0 Segnac’s experiment 

ti 


19) Tycho Brahe famously argued against the heliocentric 
theory in his time, positing that if the Earth revolved around 


the Sun, the change in relative position of the stars after 6 
months orbital motion could not fail to be seen. He argued 


that the stars should seem to separate as we approach and 
come together as we recede. In actual fact, however, after 
190,000,000 miles of supposed orbit around the Sun, not a 
single inch of parallax can be detected in the stars, proving 
we have not moved at all. 





20) If Earth were truly constantly spinning Eastwards at 
over 1000mph, vertically-fired cannonballs and other 
projectiles should fall significantly due west. In actual fact, 
however, whenever this has been tested, vertically-fired 
cannonballs shoot upwards an average of 14 seconds 
ascending, 14 seconds descending, and fall back to the 
ground no more than 2 feet away from the cannon, often 
directly back into the muzzle. 





21) If the Earth were truly constantly spinning Eastwards at 
over 1000mph, helicopters and hot-air balloons should be 
able to simply hover over the surface of the Earth and wait 
for their destinations to come to them! 





22) If Earth were truly constantly spinning Eastwards at 
over 1000mph, during the Red Bull stratosphere dive, Felix 
Baumgartner, spending 3 hours ascending over New 
Mexico, should have landed 2500 miles West into the 
Pacific Ocean but instead landed a few dozen miles East of 
the take-off point. 


23) Ball-believers often claim “gravity” magically and 
inexplicably drags the entire lower-atmosphere of the Earth 
in perfect synchronization up to some undetermined height 
where this progressively faster spinning atmosphere gives 
way to the non-spinning, non-gravitized, non-atmosphere of 


infinite vacuum space. Such non-sensical theories are 
debunked, however, by rain, fireworks, birds, bugs, clouds, 
smoke, planes and projectiles all of which would behave 
very differently if both the ball-Earth and its atmosphere 
were constantly spinning Eastwards at 1000mph. 





24) If Earth and its atmosphere were constantly spinning 
eastwards over 1000mph then North/South facing cannons 
should establish a control while East-firing cannonballs 
should fall significantly farther than all others while West- 
firing cannonballs should fall significantly closer. In actual 
fact, however, regardless of which direction cannons are 
fired, the distance covered is always the same. 


25) If Earth and its atmosphere were constantly spinning 
eastwards over 1000mph, then the average commercial 
airliner traveling 500mph should never be able to reach its 
Eastward destinations before they come speeding up from 
behind! Likewise Westward destinations should be arrived 
at thrice the speed, but this is not the case. 


26) Quoting “Heaven and Earth” by Gabrielle Henriet, “/f 
flying had been invented at the time of Copernicus, there is 
no doubt that he would have soon realized that his 
contention regarding the rotation of the earth was wrong, on 
account of the relation existing between the speed of an 
aircraft and that of the earth’s rotation. If the earth rotates, 
as it is said, at 1,000 miles an hour, and a plane flies in the 
same direction at only 500 miles, it is obvious that its place 
of destination will be farther removed every minute. On the 
other hand, if flying took place in the direction opposite to 
that of the rotation, a distance of 1,500 miles would be 
covered in one hour, instead of 500, since the speed of the 
rotation is to be added to that of the plane. It could also be 
pointed out that such a flying speed of 1,000 miles an hour, 
which is supposed to be that of the earth’s rotation, has 


recently been achieved, so that an aircraft flying at this rate 
in the same direction as that of the rotation could not cover 
any ground at all. It would remain suspended in mid-air 
over the spot from which it took off, since both speeds are 
equal.” 


27) If Earth and its atmosphere were constantly spinning 
Eastwards over 1000mph, landing airplanes on such fast- 
moving runways which face all manner of directions North, 
South, East, West and otherwise would be practically 
impossible, yet in reality such fictional concerns are 
completely negligible. 


The airplanes orientation and motion is along its landing path 





and the runway is moving at a different angle and different speed 


28) If the Earth and its atmosphere were constantly spinning 
Eastwards over 1000mph, then clouds, wind and weather 
patterns could not casually and unpredictably go every 
which way, with clouds often travelling in opposing 
directions at varying altitudes simultaneously. 


29) If the Earth and its atmosphere were constantly spinning 
Eastwards over 1000mph, this should somewhere somehow 
be seen, heard, felt or measured by someone, yet no one in 
history has ever experienced this alleged Eastward motion; 
meanwhile, however, we can hear, feel and experimentally 
measure even the slightest Westward breeze. 





30) In his book “South Sea Voyages,” Arctic and Antarctic 
explorer Sir James Clarke Ross, described his experience on 
the night of November 27th, 1839 and his conclusion that 
the Earth must be motionless: “The sky being very clear ... 
it enabled us to observe the higher stratum of clouds to be 
moving in an exactly opposite direction to that of the wind-- 
a circumstance which is frequently recorded in our 
meteorological journal both in the north-east and south-east 
trades, and has also often been observed by former 


voyagers. Captain Basil Hall witnessed it from the summit of 
the Peak of Teneriffe; and Count Strzelechi, on ascending 
the volcanic mountain of Kiranea, in Owhyhee, reached at 
4000 feet an elevation above that of the trade wind, and 
experienced the influence of an opposite current of air of a 
different hygrometric and thermometric condition ... Count 
Strzelechi further informed me of the following seemingly 
anomalous circumstance--that at the height of 6000 feet he 
found the current of air blowing at right angles to both the 
lower strata, also of a different hygrometric and 
thermometric condition, but warmer than the inter-stratum. 
Such a state of the atmosphere is compatible only with the 
fact which other evidence has demonstrated, that the earth 


is at rest." 





31) Quoting “Zetetic Cosmogeny” Thomas Winships states: 
“Let ‘imagination’ picture to the mind what force air would 
have which was set in motion by a spherical body of 8,000 
miles in diameter, which in one hour was spinning round 
1,000 mph, rushing through space at 65,000 mph and 
gyrating across the heavens? Then let ‘conjecture’ 
endeavor to discover whether the inhabitants on such a 
globe could keep their hair on? If the earth-globe rotates on 
its axis at the terrific rate of 1,000 miles an hour, such an 
immense mass would of necessity cause a tremendous rush 
of wind in the space it occupied. The wind would go all one 
way, and anything like clouds which got ‘within the sphere 
of influence’ of the rotating sphere, would have to go the 
same way. The fact that the earth is at rest is proved by 


kite flying.” 


32) If “gravity” is credited with being a force strong enough 
to hold the world’s oceans, buildings, people and 
atmosphere stuck to the surface of a rapidly spinning ball, 
then it is impossible for “gravity” to also simultaneously be 
weak enough to allow little birds, bugs, and planes to take- 
off and travel freely unabated in any direction. 


33) If “gravity” is credited with being a force strong enough 
to curve the massive expanse of oceans around a globular 
Earth, it would be impossible for fish and other creatures to 
swim through such forcefully held water. 


34) Ship captains in navigating great distances at sea never 
need to factor the supposed curvature of the Earth into their 
calculations. Both Plane Sailing and Great Circle Sailing, 
the most popular navigation methods, use plane, not 
spherical trigonometry, making all mathematical 


calculations on the assumption that the Earth is perfectly 
flat. If the Earth were in fact a sphere, such an errant 
assumption would lead to constant glaring inaccuracies. 
Plane Sailing has worked perfectly fine in both theory and 
practice for thousands of years, however, and plane 
trigonometry has time and again proven more accurate than 
spherical trigonometry in determining distances across the 


oceans. 
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35) If the Earth were truly a globe, then every line of 
latitude south of the equator would have to measure a 
gradually smaller and smaller circumference the farther 
South travelled. If, however, the Earth is an extended plane, 
then every line of latitude south of the equator should 


measure a gradually larger and larger circumference the 
farther South travelled. The fact that many captains 
navigating south of the equator assuming the globular theory 
have found themselves drastically out of reckoning, moreso 
the farther South travelled, testifies to the fact that the Earth 
is not a ball. 





36) During Captain James Clark Ross’s voyages around the 
Antarctic circumference, he often wrote in his journal 
perplexed at how they routinely found themselves out of 
accordance with their charts, stating that they found 


themselves an average of 12-16 miles outside their 
reckoning every day, later on further south as much as 29 
miles. 





37) Lieutenant Charles Wilkes commanded a United States 
Navy exploration expedition to the Antarctic from 1838 to 
1842, and in his journals also mentioned being consistently 
east of his reckoning, sometimes over 20 miles in less than 
18 hours. 


38) To quote Reverend Thomas Milner, “Jn the southern 
hemisphere, navigators to India have often fancied 
themselves east of the Cape when still west, and have been 
driven ashore on the African coast, which, according to 
their reckoning, lay behind them. This misfortune happened 
to a fine frigate, the Challenger, in 1845. How came Her 
Majesty’s Ship ‘Conqueror,’ to be lost? How have so many 
other noble vessels, perfectly sound, perfectly manned, 
perfectly navigated, been wrecked in calm weather, not only 
in dark night, or in a fog, but in broad daylight and sunshine 
- in the former case upon the coasts, in the latter, upon 
sunken rocks - from being ‘out of reckoning?’” The simple 
answer is that Earth is not a ball. 
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39) Practical distance measurements taken from “The 
Australian Handbook, Almanack, Shippers’ and Importers’ 
Directory” state that the straight line distance between 
Sydney and Nelson is 1550 statute miles. Their given 
difference in longitude is 22 degrees 2714”. Therefore if 22 
degrees 2’14” out of 360 is 1550 miles, the entirety would 
measure 25,182 miles. This is not only larger than the ball- 
Earth is said to be at the equator, but a whole 4262 miles 
greater than it would be at Sydney’s southern latitude on a 
globe of said proportions. 


40) From near Cape Horn, Chile to Port Philip in 
Melbourne, Australia the distance is 10,500 miles, or 143 
degrees of longitude away. Factoring in the remaining 
degrees to 360 makes for a total distance of 26,430 miles 








Set a typical temperature of 330-350 °C (626-662 °F) or more, if you have a 
soldering station. 


The melting point of traditional tin-lead solders is about 190°C (374°F) but lead-free 
tin-based solders require higher temperatures, having melting points of typically 201-227 
°C. As Antex reminds us, the melting point is not the temperature of the soldering iron 
tip: instead you should set a temperature that ensures the solder melts instantly onto the 
tip. Fixed-temperature soldering irons have no adjustability but they’ll cope just fine with 
either type of solder. A soldering station usually has a variable control that gives more 
control in different circumstances. In practice the iron tip temperature should be set for 
typically 330-350 °C (626-662 °F) or maybe a little more if using lead-free solder. 


around this particular latitude, which is over 1500 miles 
wider than Earth is supposed to be at the equator, and many 
more thousands of miles wider than it is supposed to be at 
such Southern latitudes. 


41) Similar calculations made from the Cape of Good 
Hope, South Africa to Melbourne, Australia at an average 
latitude of 35.5 degrees South, have given an approximate 
figure of over 25,000 miles, which is again equal to or 
greater than the Earth’s supposed greatest circumference at 
the equator. Calculations from Sydney, Australia to 
Wellington, New Zealand at an average of 37.5 degrees 
South have given an approximate circumference of 25,500 
miles, greater still! According to the ball-Earth theory, the 
circumference of the Earth at 37.5 degrees Southern latitude 
should be only 19,757 statute miles, almost six thousand 
miles less than such practical measurements. 
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42) In the ball-Earth model Antarctica is an ice continent 


which covers the bottom of the ball from 78 degrees South 
latitude to 90 and is therefore not more than 12,000 miles in 
circumference. Many early explorers including Captian 
Cook and James Clark Ross, however, in attempting 
Antarctic circumnavigation took 3 to 4 years and clocked 
50-60,000 miles around. The British ship Challenger also 
made an indirect but complete circumnavigation of 
Antarctica traversing 69,000 miles. This is entirely 
inconsistent with the ball model. 





43) If Earth was a ball there are several flights in the 
Southern hemisphere which would have their quickest, 
straightest path over the Antarctic continent such as 


Santiago, Chile to Sydney, Australia. Instead of taking the 
shortest, quickest route in a straight line over Antarctica, all 
such flights detour all manner of directions away from 
Antarctica instead claiming the temperatures too cold for 
airplane travel! Considering the fact that there are plenty of 
flights to/from/over Antarctica, and NASA claims to have 
technology keeping them in conditions far colder (and far 
hotter) than any experienced on Earth, such an excuse is 
clearly just an excuse, and these flights aren’t made because 
they are impossible. 





44) If Earth was a ball, and Antarctica was too cold to fly 
over, the only logical way to fly from Sydney to Santiago 
would be a straight shot over the Pacific staying in the 
Southern hemisphere the entire way. Re-fueling could be 
done in New Zealand or other Southern hemisphere 
destinations along the way if absolutely necessary. In actual 
fact, however, Santiago-Sydney flights go into the Northern 
hemisphere making stop-overs at LAX and other North 
American airports before continuing back down to the 
Southern hemisphere. Such ridiculously wayward detours 
make no sense on the globe but make perfect sense and form 
nearly straight lines when shown on a flat Earth map. 





45) Ona ball-Earth, Johannesburg, South Africa to Perth, 
Australia should be a straight shot over the Indian Ocean 
with convenient re-fueling possibilities on Mauritus or 
Madagascar. In actual practice, however, most 
Johannesburg to Perth flights curiously stop over either in 
Dubai, Hong Kong or Malaysia all of which make no sense 


on the ball, but are completely understandable when mapped 
on a flat Earth. 





46) Ona ball-Earth Cape Town, South Africa to Buenos 
Aries, Argentina should be a straight shot over the Atlantic 
following the same line of latitude across, but instead every 
flight goes to connecting locations in the Northern 
hemisphere first, stopping over anywhere from London to 
Turkey to Dubai. Once again these make absolutely no 
sense on the globe but are completely understandable 
options when mapped on a flat Earth. 





47) Ona ball-Earth Johannesburg, South Africa to Sao 
Paolo, Brazil should be a quick straight shot along the 25th 
Southern latitude, but instead nearly every flight makes a re- 
fueling stop at the 50th degree North latitude in London 
first! The only reason such a ridiculous stop-over works in 
reality is because the Earth is flat. 


48) On a ball-Earth Santiago, Chile to Johannesburg, South 
Africa should be an easy flight all taking place below the 
Tropic of Capricorn in the Southern hemisphere, yet every 
listed flight makes a curious re-fueling stop in Senegal near 
the Tropic of Cancer in the North hemisphere first! When 
mapped on a flat Earth the reason why is clear to see, 





however, Senegal is actually directly in a straight-line path 
half-way between the two. 





49) If Earth were a spinning ball heated by a Sun 93 million 
miles away, it would be impossible to have simultaneously 
sweltering summers in Africa while just a few thousand 
miles away bone-chilling frozen Arctic/Antarctic winters 
experiencing little to no heat from the Sun whatsoever. If 
the heat from the Sun traveled 93,000,000 miles to the 
Sahara desert, it is absurd to assert that another 4,000 miles 
(0.00004%) further to Antarctica would completely negate 
such sweltering heat resulting in such drastic differences. 


50) If the Earth were truly a globe, the Arctic and Antarctic 
polar regions and areas of comparable latitude North and 
South of the equator should share similar conditions and 


characteristics such as comparable temperatures, seasonal 
changes, length of daylight, plant and animal life. In reality, 
however, the Arctic/Antarctic regions and areas of 
comparable latitude North/South of the equator differ 
greatly in many ways entirely inconsistent with the ball 
model and entirely consistent with the flat model. 





51) Antarctica is by far the coldest place on Earth with an 
average annual temperature of approximately -57 degrees 
Fahrenheit, and a record low of -135.8! The average annual 
temperature at the North Pole, however, is a comparatively 
warm 4 degrees. Throughout the year, temperatures in the 
Antarctic vary less than half the amount at comparable 
Arctic latitudes. The Northern Arctic region enjoys 
moderately warm summers and manageable winters, 
whereas the Southern Antarctic region never even warms 
enough to melt the perpetual snow and ice. On a tilting, 
wobbling, ball-Earth spinning uniformly around the Sun, 
Arctic and Antarctic temperatures and seasons should not 
vary so greatly. 


52) Iceland at 65 degrees North latitude is home to 870 
species of native plants and abundant various animal life. 
Compare this with the Isle of Georgia at just 54 degrees 
South latitude where there are only 18 species of native 
plants and animal life is almost non-existent. The same 
latitude as Canada or England in the North where dense 
forests of various tall trees abound, the infamous Captain 
Cook wrote of Georgia that he was unable to find a single 
shrub large enough to make a toothpick! Cook wrote, “Not 
a tree was to be seen. The lands which lie to the south are 
doomed by nature to perpetual frigidness - never to feel the 
warmth of the sun’s rays; whose horrible and savage aspect 
T have not words to describe. Even marine life is sparse in 
certain tracts of vast extent, and the sea-bird is seldom 
observed flying over such lonely wastes. The contrasts 
between the limits of organic life in Arctic and Antarctic 
zones is very remarkable and significant.” 





53) At places of comparable latitude North and South, the 
Sun behaves very differently than it would on a spinning 
ball Earth but precisely how it should on a flat Earth. For 
example, the longest summer days North of the equator are 
much longer than those South of the equator, and the 
shortest winter days North of the equator are much shorter 
than the shortest South of the equator. This is inexplicable 
on a uniformly spinning, wobbling ball Earth but fits exactly 
on the flat model with the Sun traveling circles over and 
around the Earth from Tropic to Tropic. 


54) At places of comparable latitude North and South, dawn 
and dusk happen very differently than they would on a 
spinning ball, but precisely how they should on a flat Earth. 
In the North dawn and dusk come slowly and last far longer 
than in the South where they come and go very quickly. 
Certain places in the North twilight can last for over an hour 
while at comparable Southern latitudes within a few minutes 
the sunlight completely disappears. This is inexplicable on a 
uniformly spinning, wobbling ball Earth but is exactly what 
is expected on a flat Earth with the Sun traveling faster, 
wider circles over the South and slower, narrower circles 
over the North. 
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55) Ifthe Sun circles over and around the Earth every 24 
hours, steadily travelling from Tropic to Tropic every 6 
months, it follows that the Northern, central region would 
annually receive far more heat and sunlight than the 
Southern circumferential region. Since the Sun must sweep 
over the larger Southern region in the same 24 hours it has 
to pass over the smaller Northern region, its passage must 
necessarily be proportionally faster as well. This perfectly 
explains the differences in Arctic/Antarctic temperatures, 
seasons, length of daylight, plant and animal life; this is why 
the Antarctic morning dawn and evening twilight are very 
abrupt compared with the North; and this explains why 
many midsummer Arctic nights the Sun does not set at all! 





56) The “Midnight Sun” is an Arctic phenomenon 
occurring annually during the summer solstice where for 


several days straight an observer significantly far enough 
north can watch the Sun traveling circles over-head, rising 
and falling in the sky throughout the day, but never fully 
setting for upwards of 72+ hours! If the Earth were actually 
a spinning globe revolving around the Sun, the only place 
such a phenomenon as the Midnight Sun could be observed 
would be at the poles. Any other vantage point from 89 
degrees latitude downwards could never, regardless of any 
tilt or inclination, see the Sun for 24 hours straight. To see 
the Sun for an entire revolution on a spinning globe at a 
point other than the poles, you would have to be looking 
through miles and miles of land and sea for part of the 
revolution! 





57) The establishment claims the Midnight Sun IS 
experienced in Antarctica but they conveniently do not have 
any uncut videos showing this, nor do they allow 
independent explorers to travel to Antarctica during the 
winter solstice to verify or refute these claims. Conversely, 
there are dozens of uncut videos publicly available showing 
the Arctic Midnight Sun and it has been verified beyond any 
shadow of a doubt. 
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58) The Royal Belgian Geographical Society in their 
“Expedition Antarctique Belge,” recorded that during the 
most severe part of the Antarctic winter, from 71 degrees 
South latitude onwards, the sun sets on May 17th and is not 
seen above the horizon again until July 21st! This is 
completely at odds with the ball-Earth theory, but easily 
explained by the flat-Earth model. The Midnight Sun is 
seen from high altitudes in extreme Northern latitudes 
during Arctic summer because the Sun, at its inner-most 
cycle, is circling tightly enough around the polar center that 
it remains visible above the horizon for someone at such a 
vantage point. Likewise, in extreme Southern latitudes 
during Arctic summer, the Sun completely disappears from 
view for over 2 months because there at the Northern 
Tropic, at the inner-most arc of its boomerang journey, the 
Sun is circling the Northern center too tightly to be seen 


from the Southern circumference. 





59) Quoting Gabrielle Henriet, “The theory of the rotation 
of the earth may once and for all be definitely disposed of as 
impracticable by pointing out the following inadvertence. It 
is said that the rotation takes twenty-four hours and that its 
speed is uniform, in which case, necessarily, days and nights 
should have an identical duration of twelve hours each all 
the year round. The sun should invariably rise in the 
morning and set in the evening at the same hours, with the 
result that it would be the equinox every day from the Ist of 
January to the 31st of December. One should stop and 
reflect on this before saying that the earth has a movement 
of rotation. How does the system of gravitation account for 
the seasonal variations in the lengths of days and nights if 
the earth rotates at a uniform speed in twenty-four hours! ?” 


Sun rays 





60) Anyone can prove the sea-horizon perfectly straight and 
the entire Earth perfectly flat using nothing more than a 
level, tripods and a wooden plank. At any altitude above 
sea-level, simply fix a 6-12 foot long, smooth, leveled board 
edgewise upon tripods and observe the skyline from eye- 
level behind it. The distant horizon will always align 
perfectly parallel with the upper edge of the board. 
Furthermore, if you move in a half-circle from one end of 
the board to the other whilst observing the skyline over the 
upper edge, you will be able to trace a clear, flat 10-20 miles 
depending on your altitude. This would be impossible if the 
Earth were a globe 25,000 miles in circumference; the 
horizon would align over the center of the board but then 
gradually, noticeably decline towards the extremities. Just 
ten miles on each side would necessitate an easily visible 
curvature of 66.6 feet from each end to the center. 








61) If the Earth were actually a big ball 25,000 miles in 
circumference, the horizon would be noticeably curved even 
at sea-level, and everything on or approaching the horizon 


would appear to tilt backwards slightly from your 
perspective. Distant buildings along the horizon would all 
look like leaning towers of Piza falling away from the 
observer. A hot-air balloon taking off then drifting steadily 
away from you, on a ball-Earth would slowly and constantly 
appear to lean back more and more the farther away it flew, 
the bottom of the basket coming gradually into view as the 
top of the balloon disappears from sight. In reality, 


however, buildings, balloons, trees, people, anything and 
everything at right angles to the ground/horizon remains so 
regardless the distance or height of the observer. 
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62) Samuel Rowbotham’s experiments at the Old Bedford 
Level proved conclusively the canal’s water to be 
completely flat over a 6 mile stretch. First he stood in the 
canal with his telescope held 8 inches above the surface of 
the water, then his friend in a boat with a 5 foot tall flag 
sailed the 6 miles away. If Earth were a ball 25,000 miles in 
circumference the 6 mile stretch of water should have 
comprised an arc exactly 6 feet high in the middle, so the 
entire boat and flag should have ultimately disappeared, 
when in fact the entire boat and flag remained visible at the 
same height for the entire journey. 








63) Ina second experiment Dr. Rowbotham affixed flags 5 
feet high along the shoreline, one at every mile marker. 
Then using his telescope mounted at 5 feet just behind the 
first flag looked over the tops of all 6 flags which lined up in 
a perfectly straight line. If the Earth were a ball 25,000 
miles in circumference the flags should have progressively 
dipped down after the first establishing line of sight, the 
second would have descended 8 inches, 32 inches for the 
third, 6 feet for the fourth, 10 feet 8 inches for the fifth, and 
16 feet 8 inches for the sixth. 











64) Quoting “Earth Not a Globe!” by Samuel Rowbotham, 
“Tt is known that the horizon at sea, whatever distance it 
may extend to the right and left of the observer on land, 
always appears as a Straight line. The following experiment 
has been tried in various parts of the country. At Brighton, 
on a rising ground near the race course, two poles were 
fixed in the earth six yards apart, and directly opposite the 
sea. Between these poles a line was tightly stretched 
parallel to the horizon. From the center of the line the view 
embraced not less than 20 miles on each side making a 
distance of 40 miles. A vessel was observed sailing directly 
westwards; the line cut the rigging a little above the 
bulwarks, which it did for several hours or until the vessel 
had sailed the whole distance of 40 miles. The ship coming 
into view from the east would have to ascend an inclined 
plane for 20 miles until it arrived at the center of the arc, 
whence it would have to descend for the same distance. The 
square of 20 miles multiplied by 8 inches gives 266 feet as 
the amount the vessel would be below the line at the 
beginning and at the end of the 40 miles.” 


65) Also Quoting Dr. Rowbotham, “On the shore near 
Waterloo, a few miles to the north of Liverpool, a good 
telescope was fixed, at an elevation of 6 feet above the 
water. It was directed to a large steamer, just leaving the 
River Mersey, and sailing out to Dublin. Gradually the 
mast-head of the receding vessel came nearer to the horizon, 
until, at length, after more than four hours had elapsed, it 
disappeared. The ordinary rate of sailing of the Dublin 
steamers was fully eight miles an hour; so that the vessel 
would be, at least, thirty-two miles distant when the mast- 
head came to the horizon. The 6 feet of elevation of the 
telescope would require three miles to be deducted for 
convexity, which would leave twenty-nine miles, the square 
of which, multiplied by 8 inches, gives 560 feet; deducting 
80 feet for the height of the main-mast, and we find that, 
according to the doctrine of rotundity, the mast-head of the 
outward bound steamer should have been 480 feet below the 
horizon. Many other experiments of this kind have been 
made upon sea-going steamers, and always with results 
entirely incompatible with the theory that the earth is a 
globe.” 


66) Dr. Rowbotham conducted several other experiments 
using telescopes, spirit levels, sextants and “theodolites,” 
special precision instruments used for measuring angles in 


horizontal or vertical planes. By positioning them at equal 
heights aimed at each other successively he proved over and 
over the Earth to be perfectly flat for miles without a single 
inch of curvature. His findings caused quite a stir in the 
scientific community and thanks to 30 years of his efforts, 
the shape of the Earth became a hot topic of debate around 
the turn of the nineteenth century. 


69) The New York City skyline is clearly visible from 
Harriman State Park’s Bear Mountain 60 miles away. If 


Earth were a ball 25,000 miles in circumference, viewing 
from Bear Mountain’s 1,283 foot summit, the Pythagorean 
Theorem determining distance to the horizon being 1.23 
times the square root of the height in feet, the NYC skyline 
should be invisible behind 170 feet of curved Earth. 








67) The distance across the Irish Sea from the Isle of Man’s 
Douglas Harbor to Great Orm’s Head in North Wales is 60 
miles. If the Earth was a globe then the surface of the water 
between them would form a 60 mile arc, the center towering 
1944 feet higher than the coastlines at either end. It is well- 
known and easily verifiable, however, that on a clear day, 
from a modest altitude of 100 feet, the Great Orm’s Head is 
visible from Douglas Harbor. This would be completely 
impossible on a globe of 25,000 miles. Assuming the 100 
foot altitude causes the horizon to appear approximately 13 
miles off, the 47 miles remaining means the Welsh coastline 
should still fall an impossible 1472 feet below the line of 
sight! 





68) The Philadelphia skyline is clearly visible from Apple 
Pie Hill in the New Jersey Pine Barrens 40 miles away. If 
Earth were a ball 25,000 miles in circumference, factoring in 
the 205 foot elevation of Apple Pie Hill, the Philly skyline 
should remain well-hidden beyond 335 feet of curvature. 





70) From Washington’s Rock in New Jersey, at just a 400 
foot elevation, it is possible on a clear day to see the 
skylines of both New York and Philadelphia in opposite 
directions at the same time covering a total distance of 120 
miles! If Earth were a ball 25,000 miles in circumference, 
both of these skylines should be hidden behind over 800 feet 
of Earth’s curvature. 





71) It is often possible to see the Chicago skyline from sea- 
level 60 miles away across Lake Michigan. In 2015 after 
photographer Joshua Nowicki photographed this 
phenomenon several news channels quickly claimed his 
picture to be a “superior mirage,” an atmospheric anomaly 
caused by temperature inversion. While these certainly do 
occur, the skyline in question was facing right-side up and 
clearly seen unlike a hazy illusory mirage, and on a ball- 
Earth 25,000 miles in circumference should be 2,400 feet 
below the horizon. 
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72) October 16, 1854 the Times newspaper reported the 
Queen’s visit to Great Grimsby from Hull recording they 
were able to see the 300 foot tall dock tower from 70 miles 
away. Ona ball-Earth 25,000 miles in circumference, 
factoring their 10 foot elevation above the water and the 
tower’s 300 foot height, at 70 miles away the dock tower 
should have remained an entire 2,600 feet below the 
horizon. 


73) In 1872 Capt. Gibson and crewmates, sailing the ship 
“Thomas Wood” from China to London, reported seeing the 
entirety of St. Helena Island on a clear day from 75 miles 
away. Factoring in their height during measurement on a 
ball-Earth 25,000 miles in circumference, it was found the 
island should have been 3,650 feet below their line of sight. 


74) From Genoa, Italy at a height of just 70 feet above sea- 


level, the island of Gorgona can often be seen 81 miles 
away. If Earth were a ball 25,000 miles in circumference, 
Gorgona should be hidden beyond 3,332 feet of curvature. 





75) From Genoa, Italy at a height of just 70 feet above sea- 
level, the island of Corsica can often be seen 99 miles away. 
If Earth were a ball 25,000 miles in circumference, Corsica 
should fall 5,245 feet, almost an entire mile below the 
horizon. 





76) From Genoa, Italy 70 feet above sea-level, the island of 
Capraia 102 miles away can often be seen as well. If Earth 
were a ball 25,000 miles in circumference, Capraia should 
always remain hidden behind 5,605 feet, over a mile of 
supposed curvature. 
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Corsica, Elba e Arc Toscano Visti da Genova 





77) Also from Genoa, on bright clear days, the island of 
Elba can be seen an incredible 125 miles away! If Earth 


were a ball 25,000 miles in circumference, Elba should be 
forever invisible behind 8770 feet of curvature. 


Isola d'Elba 
Monte Capanne (m. 1079) 





78) From Anchorage, Alaska at an elevation of 102 feet, on 
clear days Mount Foraker can be seen with the naked eye 
120 miles away. If Earth were a ball 25,000 miles in 
circumference, Mount Foraker’s 17,400 summit should be 
leaning back away from the observer covered by 7,719 feet 
of curved Earth. In reality, however, the entire mountain 
can be quite easily seen standing straight from base to 
summit. 





79) From Anchorage, Alaska at an elevation of 102 feet, on 
clear days Mount McKinley can be seen with the naked eye 
from 130 miles away. If Earth were a ball 25,000 miles in 
circumference, Mount McKinley’s 20,320 foot summit 
should be leaning back away from the observer and almost 
half covered by 9,220 feet of curved Earth. In reality, 
however, the entire mountain can be quite easily seen 
standing straight from base to summit. 








80) In Chambers’ Journal, February 1895, a sailor near 
Mauritius in the Indian Ocean reported having seen a vessel 
which turned out to be an incredible 200 miles away! The 
incident caused much heated debate in nautical circles at the 
time, gaining further confirmation in Aden, Yemen where 
another witness reported seeing a missing Bombay steamer 


from 200 miles away. He correctly stated the precise 
appearance, location and direction of the steamer all later 
corroborated and confirmed correct by those onboard. Such 
sightings are absolutely inexplicable if the Earth were 
actually a ball 25,000 miles around, as ships 200 miles 
distant would have to fall approximately 5 miles below line 
of sight! 


81) The distance from which various lighthouse lights 
around the world are visible at sea far exceeds what could be 
found on a ball-Earth 25,000 miles in circumference. For 
example, the Dunkerque Light in southern France at an 
altitude of 194 feet is visible from a boat (10 feet above sea- 
level) 28 miles away. Spherical trigonometry dictates that if 
the Earth was a globe with the given curvature of 8 inches 
per mile squared, this light should be hidden 190 feet below 
the horizon. 
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82) The Port Nicholson Light in New Zealand is 420 feet 
above sea-level and visible from 35 miles away where it 
should be 220 feet below the horizon. 


83) The Eger Light in Norway is 154 feet above high- 
water and visible from 28 statute miles where it should be 
230 feet below the horizon. 


84) The Light at Madras, on the Esplanade, is 132 feet high 
and visible from 28 miles away, where it should be 250 feet 
below the line of sight. 


85) The Cordonan Light on the west coast of France is 207 
feet high and visible from 31 miles away, where it should be 
280 feet below the line of sight. 


86) The light at Cape Bonavista, Newfoundland is 150 feet 
above sea-level and visible at 35 miles, where it should be 
491 feet below the horizon. 


87) The lighthouse steeple of St. Botolph’s Parish Church 
in Boston is 290 feet tall and visible from over 40 miles 
away, where it should be hidden a full 800 feet below the 
horizon! 





88) The Isle of Wight lighthouse in England is 180 feet high 
and can be seen up to 42 miles away, a distance at which 
modern astronomers say the light should fall 996 feet below 
line of sight. 


89) The Cape L’Agulhas lighthouse in South Africa is 33 
feet high, 238 feet above sea level, and can be seen for over 
50 miles. If the world were a globe, this light would fall 
1,400 feet below an observer’s line of sight. 


90) The Statue of Liberty in New York stands 326 feet 
above sea level and on a clear day can be seen as far as 60 
miles away. If the Earth were a globe, that would put Lady 
Liberty at an impossible 2,074 feet below the horizon. 





91) The lighthouse at Port Said, Egypt, at an elevation of 
only 60 feet has been seen an astonishing 58 miles away, 
where, according to modern astronomy it should be 2,182 
feet below the line of sight! 


92) The Notre Dame Antwerp spire stands 403 feet high 
from the foot of the tower with Strasburg measuring 468 feet 
above sea level. With the aid of a telescope, ships can be 
distinguished on the horizon and captains declare they can 
see the cathedral spire from an amazing 150 miles away. If 
the Earth were a globe, however, at that distance the spire 
should be an entire mile, 5,280 feet below the horizon! 





93) The St. George’s Channel between Holyhead and 
Kingstown Harbor near Dublin is 60 miles across. When 
half-way across a ferry passenger will notice behind them 


the light on Holyhead pier as well as in front of them the 
Poolbeg light in Dublin Bay. The Holyhead Pier light is 44 
feet high, while the Poolbeg lighthouse 68 feet, therefore a 
vessel in the middle of the channel, 30 miles from either side 
standing on a deck 24 feet above the water, can clearly see 
both lights. On a ball Earth 25,000 miles in circumference, 
however, both lights should be hidden well below both 
horizons by over 300 feet! 
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94) From the highland near Portsmouth Harbor in 
Hampshire, England looking across Spithead to the Isle of 
Wight, the entire base of the island, where water and land 
come together composes a perfectly straight line 22 statute 
miles long. According to the ball-Earth theory, the Isle of 
Wight should decline 80 feet from the center on each side to 
account for the necessary curvature. The cross-hairs of a 
good theodolite directed there, however, have repeatedly 
shown the land and water line to be perfectly level. 





95) Ona clear day from the highland near Douglas Harbor 
on the Isle of Man, the whole length of the coast of North 
Wales is often plainly visible to the naked eye. From the 
Point of Ayr at the mouth of the River Dee to Holyhead 
comprises a 50 mile stretch which has also been repeatedly 
found to be perfectly horizontal. If the Earth actually had 
curvature of 8 inches per mile squared, as NASA and 
modern astronomy claim, the 50 mile length of Welsh coast 
seen along the horizon in Liverpool Bay would have to 
decline from the center-point an easily detectable 416 feet 
on each side! 


96) From “100 Proofs the Earth is Not a Globe” by William 
Carpenter, “Jf we take a journey down the Chesapeake Bay, 
by night, we shall see the ‘light’ exhibited at Sharpe's Island 
for an hour before the steamer gets to it. We may take up a 
position on the deck so that the rail of the vessel's side will 
be ina line with the ‘light’ and in the line of sight; and we 
shall find that in the whole journey the light won't vary in 
the slightest degree in its apparent elevation. But, say that a 





distance of thirteen miles has been traversed, the 
astronomers’ theory of ‘curvature’ demands a difference 
(one way or the other!) in the apparent elevation of the light, 
of 112 feet 8 inches! Since, however, there is not a 
difference of 100 hair's breadths, we have a plain proof that 
the water of the Chesapeake Bay is not curved, which is a 
proof that the Earth is not a globe.” 


97) NASA and modern astronomy say the Earth is a giant 
ball tilted back, wobbling and spinning 1,000 mph around its 
central axis, traveling 67,000 mph circles around the Sun, 
spiraling 500,000 mph around the Milky Way, while the 
entire galaxy rockets a ridiculous 670,000,000 mph through 
the Universe, with all of these motions originating from an 
alleged “Big Bang” cosmogenic explosion 14 billion years 
ago. That’s a grand total of 670,568,000 mph in several 
different directions we’re all supposedly speeding along at 
simultaneously, yet no one has ever seen, felt, heard, 
measured or proven a single one of these motions to exist 
whatsoever. 


98) NASA and modern astronomy say Polaris, the North 
Pole star, is somewhere between 323-434 light years, or 
about 2 quadrillion miles, away from us! Firstly, note that is 
between 1,938,000,000,000,000 - 2,604,000,000,000,000 
miles making a difference of 666,000,000,000,000 (over six 
hundred trillion) miles! If modern astronomy cannot even 
agree on the distance to stars within hundreds of trillions of 
miles, perhaps their “science” is flawed and their theory 
needs re-examining. However, even granting them their 
obscurely distant stars, it is impossible for heliocentrists to 
explain how Polaris manages to always remain perfectly 
aligned straight above the North Pole throughout Earth’s 
various alleged tilting, wobbling, rotating and revolving 
motions. 


Polaris 


99) Viewed from a ball-Earth, Polaris, situated directly over 
the North Pole, should not be visible anywhere in the 
Southern hemisphere. For Polaris to be seen from the 
Southern hemisphere of a globular Earth, the observer 
would have to be somehow looking “through the globe,” and 
miles of land and sea would have to be transparent. Polaris 
can be seen, however, up to over 20 degrees South latitude. 


100) If Earth were a ball, the Southern Cross and other 
Southern constellations would all be visible at the same time 


from every longitude on the same latitude as is the case in 
the North with Polaris and its surrounding constellations. 
Ursa Major/Minor and many others can be seen from every 
Northern meridian simultaneously whereas in the South, 
constellations like the Southern Cross cannot. This proves 
the Southern hemisphere is not “turned under” as in the ball- 
Earth model, but simply stretching further outwards away 
from the Northern center-point as in the flat Earth model. 





so this is how it looks like from the ground 


star trails form circles near centre 
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101) Sigma Octantis is claimed to be a Southern central 
pole star similar to Polaris, around which the Southern 
hemisphere stars all rotate around the opposite direction. 
Unlike Polaris, however, Sigma Octantis can NOT be seen 
simultaneously from every point along the same latitude, it 
is NOT central but allegedly 1 degree off-center, it is NOT 
motionless, and in fact cannot be seen at all using publicly 
available telescopes! There is legitimate speculation 
regarding whether Sigma Octantis even exists. Either way, 
the direction in which stars move overhead is based on 
perspective and the exact direction you’re facing, not which 
hemisphere you are in. 


1 stars going in and out 
from behind land horizon 


Deircies very low on horizon 





102) Some heliocentrists have tried to suggest that the Pole 
Star’s gradual declination overhead as an observer travels 
southwards is proof of a globular Earth. Far from it, the 
declination of the Pole Star or any other object is simply a 
result of the Law of Perspective on plane (flat) surfaces. 
The Law of Perspective dictates that the angle and height at 
which an object is seen diminishes the farther one recedes 


from the object, until at a certain point the line of sight and 
the seemingly uprising surface of the Earth converges to a 
vanishing point (i.e. the horizon line) beyond which the 
object is invisible. In the ball-Earth model the horizon is 
claimed to be the curvature of the Earth, whereas in reality, 
the horizon is known to be simply the vanishing line of 
perspective based on the strength of your eyes, instruments, 
weather and altitude. 
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103) There are several constellations which can be seen 
from far greater distances over the face of the Earth than 
should be possible if the world were a rotating, revolving, 
wobbling ball. For instance, Ursa Major, very close to 
Polaris, can be seen from 90 degrees North latitude (the 
North Pole) all the way down to 30 degrees South latitude. 
For this to be possible on a ball-Earth the Southern 
observers would have to be seeing through hundreds or 
thousands of miles of bulging Earth to the Northern sky. 


104) The constellation Vulpecula can be seen from 90 
degrees North latitude, all the way to 55 degrees South 
latitude. Taurus, Pisces and Leo can be seen from 90 
degrees North all the way to 65 degrees South. An observer 
on a ball-Earth, regardless of any tilt or inclination, should 
not logically be able to see this far. 


105) Aquarius and Libra can be seen from 65 degrees North 
to 90 degrees South! The constellation Virgo is visible from 
80 degrees North down to 80 degrees South, and Orion can 
be seen from 85 degrees North all the way to 75 degrees 
South latitude! These are all only possible because the 
“hemispheres” are not spheres at all but concentric circles of 
latitude extending outwards from the central North Pole with 
the stars rotating over and around. 





Now is the time... 


The next diagram shows what would happen if you applied a hot soldering iron to 
an imaginary metal block. In step (1) heat travels out of the iron into the cold metal block, 
which starts to warm up starting at the edges. Gradually (2), the whole metal block’s 
temperature rises until the middle of the block finally rises in temperature as well. In effect 
heat is now travelling back “towards” the iron tip, until finally (3) the whole block is at 
the same temperature as the iron. At this point solder could now be applied. 


106) The so-called “South Pole” is simply an arbitrary point 
along the Antarctic ice marked with a red and white 
barbershop pole topped with a metal ball-Earth. This 
ceremonial South Pole is admittedly and provably NOT the 
actual South Pole, however, because the actual South Pole 
could be demonstrably confirmed with the aid of a compass 
showing North to be 360 degrees around the observer. 
Since this feat has never been achieved, the model remains 
pure theory, along with the establishment’s excuse that the 
geomagnetic poles supposedly constantly move around 
making verification of their claims impossible. 
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107) Ring magnets of the kind found in loudspeakers have a 
central North pole with the opposite “South” pole actually 
being all points along the outer circumference. This 
perfectly demonstrates the magnetism of our flat Earth, 
whereas the alleged source of magnetism in the ball-Earth 
model is emitted from a hypothetical molten magnetic core 
in the center of the ball which they claim conveniently 
causes both poles to constantly move thus evading 
independent verification at their two “ceremonial poles.” In 
reality the deepest drilling operation in history, the Russian 
Kola Ultradeep, managed to get only 8 miles down, so the 
entire ball-Earth model taught in schools showing a crust, 
outer-mantle, inner-mantle, outer-core and inner-core layers 
are all purely speculation as we have never penetrated 
through beyond the crust. 


Inner core 
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108) The mariner’s compass is an impossible and non- 
sensical instrument for use on a ball-Earth. It 
simultaneously points North and South over a flat surface, 


yet claims to be pin-pointing two constantly moving 
geomagnetic poles at opposite ends of a spinning sphere 
originating from a hypothetical molten metal core. If 
compass needles were actually drawn to the North pole of a 
globe, the opposing “South” needle would actually be 
pointing up and off into outer-space. 





109) There are no fixed “East” or “West” points just as 
there is no fixed “South.” The North central Pole is the only 
proven fixed point on our flat Earth, with South being all 
straight lines outwards from the pole, East and West being 
concentric circles at constant right angles 90 degrees from 
the pole. A westerly circumnavigation of Earth is thus 
going around with Polaris continually on your right, while 
an easterly circumnavigation is going around with Polaris 
always at your left. 


110) Magellan and others’ East/West circumnavigations of 
Earth are often quoted as proof of the ball model. In actual 
fact, however, sailing or flying at rights angles to the North 
pole and eventually returning to one’s original location is no 
more difficult or mysterious than doing so on a globe. Just 
as an architect’s compass can place its center-point on a flat 
piece of paper and trace a circle either way around the 
“pole,” so can a ship or plane circumnavigate a flat-Earth. 





111) Since the North Pole and Antarctica are covered in ice 
and guarded “no-fly” zones, no ships or planes have ever 
been known to circumnavigate the Earth in North/South 


directions. The only kind of circumnavigation which could 
not happen on a flat-Earth is North/Southbound, which is 


likely the very reason for the heavily-enforced flight 
restrictions. The fact that there has yet to be a single 
verified North/South circumnavigation of Earth serves as 
standing proof the world is not a ball. 


Some people think going around the 


World means this kind of Circle. When in Reality it is this kind of Circle 


112) The Sun brings noon to every time-zone as it passes 
directly over-head every 15 degree demarcation point, 24 
times per day in its circular path over and around the Earth. 
If time-zones were instead caused by the uniform spinning 
of the ball-Earth around the Sun, every 6 months as Earth 
found itself on the opposite side of the Sun, clocks all over 
Earth would have to flip 12 hours, day would be night and 
night would be day. 


113) The idea that people are standing, ships are sailing and 
planes are flying upside down on certain parts of Earth while 
others tilted at 90 degrees and all other impossible angles is 
complete absurdity. The idea that a man digging a hole 
straight down could eventually reach sky on the other side is 
ludicrous. Common sense tells every free-thinking person 
correctly that there truly is an “up” and “down” in nature, 
unlike the “everything is relative” rhetoric of the 
Newtonian/Einsteinian paradigm. 





114) Quoting, “On the False Wisdom of the Philosophers” 
by Lacantius, “A sphere where people on the other side live 


with their feet above their heads, where rain, snow and hail 
fall upwards, where trees and crops grow upside-down and 
the sky is lower than the ground? The ancient wonder of the 
hanging gardens of Babylon dwindle into nothing in 
comparison to the fields, seas, towns and mountains that 
pagan philosophers believe to be hanging from the earth 
without support!” 








115) The existing laws of density and buoyancy perfectly 
explained the physics of falling objects long before knighted 
Freemason “Sir” Isaac Newton bestowed his theory of 
“gravity” upon the world. It is a fact that objects placed in 
denser mediums rise up while objects placed in less dense 
mediums sink down. To fit with the heliocentric model 
which has no up or down, Newton instead claimed objects 
are attracted to large masses and fall towards the center. Not 
a single experiment in history, however, has shown an 
object massive enough to, by virtue of its mass alone, cause 
other smaller masses to be attracted to it as Newton claims 
“gravity” does with Earth, the Sun, Moon, Stars and Planets. 





116) There has also never been a single experiment in 
history showing an object massive enough to, by virtue of its 
mass alone, cause another smaller mass to orbit around it. 
The magic theory of gravity allows for oceans, buildings and 
people to remain forever stuck to the underside of a spinning 
ball while simultaneously causing objects like the Moon and 
satellites to remain locked in perpetual circular orbits around 
the Earth. If these were both true then people should be able 
to jump up and start orbiting circles around the Earth, or the 
Moon should have long ago been sucked into the Earth. 
Neither of these theories have ever been experimentally 
verified and their alleged results are mutually exclusive. 





117) Newton also theorized and it is now commonly taught 
that the Earth’s ocean tides are caused by gravitational lunar 
attraction. If the Moon is only 2,160 miles in diameter and 


the Earth 8,000 miles, however, using their own math and 
“law,” it follows that the Earth is 87 times more massive and 
therefore the larger object should attract the smaller to it, 
and not the other way around. Ifthe Earth’s greater gravity 
is what keeps the Moon in orbit, it is impossible for the 
Moon’s lesser gravity to supersede the Earth’s gravity, 
especially at Earth’s sea-level, where its gravitational 
attraction would even further out-trump the Moon’s. And if 
the Moon’s gravity truly did supersede the Earth’s causing 
the tides to be drawn towards it, there should be nothing to 
stop them from continuing onwards and upwards towards 
their great attractor. 





Earth 


118) Furthermore, the velocity and path of the Moon are 
uniform and should therefore exert a uniform influence on 
the Earth’s tides, when in actuality the Earth’s tides vary 
greatly and do not follow the Moon. Earth’s lakes, ponds, 
marshes and other inland bodies of water also inexplicably 
remain forever outside the Moon’s gravitational grasp! If 
“gravity” was truly drawing Earth’s oceans up to it, all 
lakes, ponds and other bodies of standing water should 
certainly have tides as well. 


119) It is claimed that the other planets are spheres and so 
therefore Earth must also be a sphere. Firstly, Earth is a 
“plane” not a “planet,” so the shape of these “planets” in the 
sky have no bearing on the shape of the Earth beneath our 
feet. Secondly, these “planets” have been known for 
thousands of years around the world as the “wandering 
stars” since they differ from the other fixed stars in their 
relative motions only. When looked at with an unprejudiced 
naked-eye or through a telescope, the fixed and wandering 
stars appear as luminous discs of light, NOT spherical terra 
firma. The pictures and videos shown by NASA of 


spherical terra firma planets are all clearly fake computer- 
generated images, and NOT photographs. 





120) The etymology of the word “planet” actually comes 
from late Old English planete, from Old French planete 
(Modern French planéte), from Latin planeta, from 


Greek planetes, from (asteres) planetai “wandering (stars),” 
from planasthai “to wander,” of unknown origin, possibly 
from PIE *pele “flat, to spread” or notion of “spread out.” 
And Plane (n) “flat surface,” c. 1600, from Latin 

planum “flat surface, plane, level, plain,” planus “flat, level, 
even, plain, clear.” They just added a “‘t’” to our Earth plane 
and everyone bought it. 


121) When you observe the Sun and Moon you see two 
equally-sized equidistant circles tracing similar paths at 
similar speeds around a flat, stationary Earth. The “experts” 
at NASA, however, claim your common sense every day 
experience is false on all counts! To begin with, they say 
the Earth is not flat but a big ball; not stationary but spinning 
around 19 miles per second; they say the Sun does not 
revolve around the Earth as it appears, but Earth revolves 
around the Sun; the Moon, on the other hand, does revolve 
around the Earth, though not East to West as it appears, 
rather West to East; and the Sun is actually 400 times larger 
than the Moon and 400 times farther away! You can clearly 
see they are the same size and distance, you can see the 
Earth is flat, you can feel the Earth is stationary, but 
according to the gospel of modern astronomy, you are 
wrong and a simpleton worthy of endless ridicule if you dare 
to trust your own eyes and experience. 


Appear Almost Same Size 





122) Quoting Allen Daves, “Jf the Government or NASA 
had said to you that the Earth is stationary, imagine that. 
And then imagine we are trying to convince people that ‘no, 
no it's not stationary, it's moving forward at 32 times rifle 
bullet speed and spinning at 1,000 miles per hour.' We 
would be laughed at! We would have so many people telling 
us ‘you are crazy, the Earth is not moving!' We would be 
ridiculed for having no scientific backing for this convoluted 
moving Earth theory. And not only that but then people 
would say, ‘oh then how do you explain a fixed, calm 
atmosphere and the Sun's observable movement, how do you 
explain that?' Imagine saying to people, ‘no, no, the 
atmosphere is moving also but is somehow magically 
velcroed to the moving-Earth. The reason is not simply 
because the Earth is stationary.’ So what we are actually 
doing is what makes sense. We are saying that the moving- 
Earth theory is nonsense. The stationary-Earth theory makes 
sense and we are being ridiculed. You've got to picture it 
being the other way around to realize just how 
RIDICULOUS this situation is. This theory from the 


Government and NASA that the Earth is rotating and 
orbiting and leaning over and wobbling is absolute 
nonsense and yet people are clinging to it, tightly, like a 
teddy bear. They just can't bring themselves to face the 
possibility that the Earth is stationary though ALL the 
evidence shows it: we feel no movement, the atmosphere 
hasn't been blown away, we see the Sun move from East-to- 
West, everything can be explained by a motionless Earth 
without bringing in all these assumptions to cover up 
previous assumptions gone bad.” 


123) Heliocentrists’ astronomical figures always sound 
perfectly precise, but they have historically been notorious 
for regularly and drastically changing them to suit their 
various models. For instance, in his time Copernicus 
calculated the Sun’s distance from Earth to be 3,391,200 
miles. The next century Johannes Kepler decided it was 
actually 12,376,800 miles away. Issac Newton once said, 
“Tt matters not whether we reckon it 28 or 54 million miles 
distant for either would do just as well!” How scientific!? 
Benjamin Martin calculated between 81 and 82 million 
miles, Thomas Dilworth claimed 93,726,900 miles, John 
Hind stated positively 95,298,260 miles, Benjamin Gould 
said more than 96 million miles, and Christian Mayer 
thought it was more than 104 million! Flat-Earthers 
throughout the ages, conversely, have used sextants and 
plane trigonometry to make such calculations and found the 
Sun and Moon both to be only about 32 miles in diameter 
and less than a few thousand miles from Earth. 


How does the above do these below? 


Answer: 30 miles wide, 3000 miles away 
fe] 


124) Amateur balloon footage taken above the clouds has 
provided stunning visual proof that the Sun cannot be 
millions of miles away. In several shots you can see a clear 
hot-spot reflecting on the clouds directly below the Sun’s 
spotlight-like influence. If the Sun were actually millions of 
miles away such a small, localized hot-spot could not occur. 





The Sun is clearly NOT 93 million miles away. You can see a hot- 
spot directly underneath it, proving it is very close. 





125) Another proof the Sun is not millions of miles away is 
found by tracing the angle of sun-rays back to their source 
above the clouds. There are thousands of pictures showing 
how sunlight comes down through cloud-cover at a variance 
of converging angles. The area of convergence is of course 
the Sun, and is clearly NOT millions of miles away, but 
rather relatively close to Earth just above the clouds. 





126) The Sun’s annual journey from tropic to tropic, 
solstice to solstice, is what determines the length and 
character of days, nights and seasons. This is why 
equatorial regions experience almost year-round summer 
and heat while higher latitudes North and especially South 


experience more distinct seasons with harsh winters. The 
heliocentric model claims seasons change based on the ball- 
Earth’s alleged “axial tilt” and “elliptical orbit” around the 
Sun, yet their flawed current model places us closest to the 
Sun (91,400,000 miles) in January when its actually winter, 
and farthest from the Sun (94,500,000 miles) in July when 
its actually summer throughout most of the Earth. 
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127) The fact that the Sun and Moon’s reflections on water 
always form a straight line path from the horizon to the 


observer proves the Earth is not a ball. If Earth’s surface 
was curved it would be impossible for the reflected light to 
curve over the ball from horizon to observer. 





128) There are huge centuries-old stone sundials and 
moondials all over the world which still tell the time now 
down to the minute as perfectly as the day they were made. 
If the Earth, Sun and Moon were truly subject to the number 
of contradictory revolving, rotating, wobbling and spiraling 
motions claimed by modern astronomy, it would be 
impossible for these monuments to so accurately tell time 
without constant adjustment. 





129) To quote William Carpenter, “Why, in the name of 


common sense, should observers have to fix their telescopes 
on solid stone bases so that they should not move a hair's- 
breadth, - if the Earth on which they fix them moves at the 
rate of nineteen miles in a second? Indeed, to believe that 
‘six thousand million million million tons’ is ‘rolling, 
surging, flying, darting on through space for ever’ with a 
velocity compared with which a shot from a cannon is a 
‘very slow coach,’ with such unerring accuracy that a 
telescope fixed on granite pillars in an observatory will not 
enable a lynx-eyed astronomer to detect a variation in its 
onward motion of the thousandth part of a hair's-breadth is 
to conceive a miracle compared with which all the miracles 
on record put together would sink into utter insignificance. 
Since we can, (in middle north latitudes), see the North Star, 
on looking out of a window that faces it - and out of the very 
same corner of the very same pane of glass in the very same 
window - all the year round, it is proof enough for any man 
in his senses that we have made no motion at all and that the 
Earth is not a globe.” 


130) From “Earth Not a Globe!” by Samuel Rowbotham, 
“Take two carefully-bored metallic tubes, not less than six 
feet in length, and place them one yard asunder, on the 
opposite sides of a wooden frame, or a solid block of wood 
or stone: so adjust them that their centres or axes of vision 
shall be perfectly parallel to each other. Now, direct them to 
the plane of some notable fixed star, a few seconds previous 
to its meridian time. Let an observer be stationed at each 
tube and the moment the star appears in the first tube let a 
loud knock or other signal be given, to be repeated by the 
observer at the second tube when he first sees the same star. 
A distinct period of time will elapse between the signals 
given. The signals will follow each other in very rapid 
succession, but still, the time between is sufficient to show 
that the same star is not visible at the same moment by two 
parallel lines of sight when only one yard asunder. A slight 
inclination of the second tube towards the first tube would 
be required for the star to be seen through both tubes at the 
same instant. Let the tubes remain in their position for six 
months; at the end of which time the same observation or 
experiment will produce the same results--the star will be 
visible at the same meridian time, without the slightest 
alteration being required in the direction of the tubes: from 
which it is concluded that if the earth had moved one single 
yard in an orbit through space, there would at least be 
observed the slight inclination of the tube which the 
difference in position of one yard had previously required. 
But as no such difference in the direction of the tube is 
required, the conclusion is unavoidable, that in six months 
a given meridian upon the earth's surface does not move a 
single yard, and therefore, that the earth has not the 
slightest degree of orbital motion." 


131) NASA and modern astronomy maintain that the Moon 
is a solid, spherical, Earth-like habitation which man has 
actually flown to and set foot on. They claim the Moon is a 
non-luminescent planetoid which receives and reflects all its 
light from the Sun. The reality is, however, that the Moon is 
observably not a solid body, it is clearly circular, but not 
spherical, and not in any way an Earth-like planetoid which 
humans could set foot on. In fact, the Moon has been 


proven largely transparent and completely self-luminescent, 
shining with its own unique light. 





132) The Sun’s light is golden, warm, drying, preservative 
and antiseptic, while the Moon’s light is silver, cool, damp, 
putrefying and septic. The Sun’s rays decrease the 
combustion of a bonfire, while the Moon’s rays increase 
combustion. Plant and animal substances exposed to 
sunlight quickly dry, shrink, coagulate, and lose the 
tendency to decompose and putrify; grapes and other fruits 
become solid, partially candied and preserved like raisins, 
dates, and prunes; animal flesh coagulates, loses its volatile 
gaseous constituents, becomes firm, dry, and slow to decay. 
When exposed to moonlight, however, plant and animal 
substances tend to show symptoms of putrefaction and 
decay. This proves that Sun and Moon light are different, 
unique, and opposites as they are in the geocentric flat 
model. 





133) In direct sunlight a thermometer will read higher than 
another thermometer placed in the shade, but in full, direct 
moonlight a thermometer will read lower than another 
placed in the shade. Ifthe Sun’s light is collected in a large 
lens and thrown to a focus point it can create significant 
heat, while the Moon’s light collected similarly creates no 
heat. In the "Lancet Medical Journal,” from March 14th, 
1856, particulars are given of several experiments which 
proved the Moon's rays when concentrated can actually 
reduce the temperature upon a thermometer more than eight 
degrees. So sunlight and moonlight clearly have altogether 
different properties. 


134) Furthermore the Moon itself cannot physically be both 
a spherical body and a reflector of the Sun’s light. 
Reflectors must be flat or concave for light rays to have any 
angle of incidence; If a reflector’s surface is convex then 
every ray of light points in a direct line with the radius 
perpendicular to the surface resulting in no reflection. 


135) Not only is the Moon clearly self-luminescent, shining 
its own unique light, but it is also largely transparent. When 
the waxing or waning Moon is visible during the day it is 
possible to see the blue sky right through the Moon. And on 
a clear night, during a waxing or waning cycle, it is even 
possible to occasionally see stars and “planets” directly 
through the surface of the Moon! The Royal Astronomical 
Society has on record many such occurrences throughout 
history which all defy the heliocentric model. 





136) Many people think that modern astronomy’s ability to 
accurately predict lunar and solar eclipses is a result and 
proof positive of the heliocentric theory of the universe. 

The fact of the matter however is that eclipses have been 
accurately predicted by cultures worldwide for thousands of 
years before the “heliocentric ball-Earth” was even a 
glimmer in Copernicus’ imagination. Ptolemy in the Ist 
century A.D. accurately predicted eclipses for six hundred 
years on the basis of a flat, stationary Earth with equal 
precision as anyone living today. All the way back in 600 
B.C. Thales accurately predicted an eclipse which ended the 
war between the Medes and Lydians. Eclipses happen 
regularly with precision in 18 year cycles, so regardless of 
geocentric or heliocentric, flat or globe Earth cosmologies, 
eclipses can be accurately calculated independent of such 
factors. 





137) Another assumption and supposed proof of Earth’s 
shape, heliocentrists claim that lunar eclipses are caused by 
the shadow of the ball-Earth occulting the Moon. They 
claim the Sun, Earth, and Moon spheres perfectly align like 
three billiard balls in a row so that the Sun’s light casts the 
Earth’s shadow onto the Moon. Unfortunately for 
heliocentrists, this explanation is rendered completely 
invalid due to the fact that lunar eclipses have happened and 
continue to happen regularly when both the Sun and Moon 
are still visible together above the horizon! For the Sun’s 
light to be casting Earth’s shadow onto the Moon, the three 
bodies must be aligned in a straight 180 degree syzygy, but 
as early as the time of Pliny, there are records of lunar 


eclipses happening while both the Sun and Moon are visible 
in the sky. Therefore the eclipsor of the Moon cannot be the 


Earth/Earth’s shadow and some other explanation must be 
sought. 





138) Another favorite “proof” of ball-Earthers is the 
appearance from an observer on shore of ships’ hulls being 
obfuscated by the water and disappearing from view when 
sailing away towards the horizon. Their claim is that ships’ 
hulls disappear before their mast-heads because the ship is 
beginning its declination around the convex curvature of the 
ball-Earth. Once again, however, their hasty conclusion is 
drawn from a faulty premise, namely that only on a ball- 
Earth could this phenomenon occur. The fact of the matter 
is that the Law of Perspective on plane surfaces dictates and 
necessitates the exact same occurrence. For example a girl 
wearing a dress walking away towards the horizon will 
appear to sink into the Earth the farther away she walks. 
Her feet will disappear from view first and the distance 
between the ground and the bottom of her dress will 
gradually diminish until after about half a mile it seems like 
her dress is touching the ground as she walks on invisible 
legs. Such is the case on plane surfaces, the lowest parts of 
objects receding from a given point of observation 
necessarily disappear before the highest. 





139) Not only is the disappearance of ship’s hulls explained 
by the Law of Perspective on flat surfaces, it is proven 
undeniably true with the aid of a good telescope. If you 
watch a ship sailing away into the horizon with the naked 
eye until its hull has completely disappeared from view 
under the supposed “curvature of the Earth,” then look 
through a telescope, you will notice the entire ship quickly 
zooms back into view, hull and all, proving that the 
disappearance was caused by the Law of Perspective, not by 
a wall of curved water! This also proves that the horizon is 
simply the vanishing line of perspective from your point of 
view, NOT the alleged “curvature” of Earth. 


140) Foucault’s Pendulums are often quoted as proof of a 
rotating Earth but upon closer investigation prove the 
opposite. To begin with, Foucault’s pendulums do not 
uniformly swing in any one direction. Sometimes they 


rotate clockwise and sometimes counter-clockwise, 
sometimes they fail to rotate and sometimes they rotate far 
too much. The behavior of the pendulum actually depends 
on 1) the initial force beginning its swing and, 2) the ball- 
and-socket joint used which most-readily facilitates circular 
motion over any other. The supposed rotation of the Earth is 
completely inconsequential and irrelevant to the pendulum’s 
swing. If the alleged constant rotation of the Earth affected 


pendulums in any way, then there should be no need to 
manually start pendulums in motion. If the Earth’s diurnal 
rotation caused the 360 degree uniform diurnal rotation of 
pendulums, then there should not exist a stationary 
pendulum anywhere on Earth! 





141) The “Coriolis Effect” is often said to cause sinks and 
toilet bowls in the Northern Hemisphere to drain spinning in 
one direction while in the Southern Hemisphere causing 
them to spin the opposite way, thus providing proof of the 
spinning ball-Earth. Once again, however, just like 
Foucault’s Pendulums spinning either which way, sinks and 
toilets in the Northern and Southern hemispheres do not 
consistently spin in any one direction! Sinks and toilets in 
the very same household are often found to spin opposite 
directions, depending entirely upon the shape of the basin 
and the angle of the water’s entry, not the supposed rotation 
of the Earth. 





142) People claim that if the Earth were flat, they should be 
able to use a telescope and see clear across the oceans! This 
is absurd, however, as the air is full of precipitation 
especially over the oceans, and especially at the lowest, 
densest layer of atmosphere is NOT transparent. Picture the 
blurry haze over roads on hot, humid days. Even the best 
telescope will blur out long before you could see across an 
ocean. You can, however, use a telescope to zoom in 


MUCH more of our flat Earth than would be possible on a 
ball 25,000 miles in circumference. 


143) People claim that if the Earth were flat, with the Sun 
circling over and around us, we should be able to see the 
Sun from everywhere all over the Earth, and there should be 
daylight even at night-time. Since the Sun is NOT 93 
million miles away but rather just a few thousand and 
shining down like a spotlight, once it has moved 
significantly far enough away from your location it becomes 
invisible beyond the horizon and daylight slowly fades until 
it completely disappears. If the Sun were 93 million miles 


away and the Earth a spinning ball, the transition from 
daylight to night would instead be almost instantaneous as 
you passed the terminator line. 





144) Pictures of the Moon appearing upside-down in the 
Southern hemisphere and right-side up in the North are often 
cited as proof of the ball-Earth, but once again, upon closer 
inspection, provide another proof of the flat model. In fact, 
time-lapse photography shows the Moon itself turns 
clockwise like a wheel as it circles over and around the 
Earth. You can find pictures of the Moon at 360 degrees of 
various inclination from all over the Earth simply depending 
on where and when the picture was taken. 


Southern Hemisphere 


145) Heliocentrists believe the Moon is a ball, even though 
its appearance is clearly that of a flat luminous disc. We 
only ever see the same one face (albeit at various 
inclinations) of the Moon, yet it is claimed that there is 
another “dark side of the Moon” which remains hidden. 
NASA states the Moon spins opposite the spin of the Earth 





in such a perfectly synchronized way that the motions cancel 
each other out so we will conveniently never be able to 


observe the supposed dark-side of the Moon outside of their 
terrible fake CGI images. The fact of the matter is, 
however, if the Moon were a sphere, observers in Antarctica 
would see a different face from those at the equator, yet they 
do not — just the same flat face rotated at various degrees. 





146) The ball-Earth model claims the Moon orbits around 
the Earth once every 28 days, yet it is plain for anyone to see 
that the Moon orbits around the Earth every single day! The 
Moon’s orbit is slightly slower than the Sun’s, but follows 
the Sun’s same path from Tropic to Tropic, solstice to 
solstice, making a full circle over the Earth in just under 25 
hours. 


147) The ball-Earth model claims the Sun is precisely 400 
times larger than the Moon and 400 times further away from 
Earth making them “falsely” appear exactly the same size. 
Once again, the ball model asks us to accept as coincidence 
something that cannot be explained other than by natural 
design. The Sun and the Moon occupy the same amount of 
space in the sky and have been measured with sextants to be 
of equal size and equal distance, so claiming otherwise is 
against our eyes, experience, experiments and common 
sense. 





148) Quoting “Earth Not a Globe!” by Samuel Rowbotham, 
“Tt is found by observation that the stars come to the 


meridian about four minutes earlier every twenty-four hours 
than the sun, taking the solar time as the standard. This 
makes 120 minutes every thirty days, and twenty-four hours 
in the year. Hence all the constellations have passed before 
or in advance of the sun in that time. This is the simple fact 
as observed in nature, but the theory of rotundity and 


motion on axes and in an orbit has no place for it. Visible 
truth must be ignored, because this theory stands in the way, 
and prevents its votaries from understanding it.” 


149) Throughout thousands of years the same constellations 
have remained fixed in their same patterns without moving 
out of position whatsoever. If the Earth were a big ball 
spinning around a bigger Sun spinning around a bigger 
galaxy shooting off from the Biggest Bang as NASA claims, 
it is impossible that the constellations would remain so 
fixed. Based on their model, we should, in fact, have an 
entirely different night sky every single night and never 


repeat exactly the same star pattern twice. 





150) If Earth were a spinning ball it would be impossible to 
photograph star-trail time-lapses turning perfect circles 
around Polaris anywhere but the North Pole. At all other 
vantage points the stars would be seen to travel more or less 
horizontally across the observer’s horizon due to the alleged 
1000mph motion beneath their feet. In reality, however, 
Polaris’s surrounding stars can always be photographed 
turning perfect circles around the central star all the way 
down to the Tropic of Capricorn. 





151) If Earth were a spinning ball revolving around the Sun 
it would actually be impossible for star-trail photos to show 
perfect circles even at the North Pole! Since the Earth is 


also allegedly moving 67,000mph around the Sun, the Sun 
moving 500,000mph around the Milky Way, and the entire 


galaxy going 670,000,000mph, these four contradictory 
motions would make star-trail time-lapses all show irregular 
curved lines. 


152) In 2003, three University Geography professors 
collaborated in an experiment to prove that the state of 
Kansas is indeed actually flatter than a pancake! Using 
topigraphical geodetic surveys covering over 80,000 square 
miles it was determined that Kansas has a flatness ratio of 
0.9997 over the entire state while the average pancake, 
precisely measured using a confocal laser microscope comes 
in at 0.957, making Kansas thereby literally flatter than a 
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153) Quoting Reverend Thomas Milner’s “Atlas of Physical 
Geography,” we find that, “Vast areas exhibit a perfectly 
dead level, scarcely a rise existing through 1,500 miles from 
the Carpathians to the Urals. South of the Baltic the 
country is so flat that a prevailing north wind will drive the 
waters of the Stattiner Haf into the mouth of the Oder, and 
give the river a backward flow 30 or 40 miles. The plains of 
Venezuela and New Granada, in South America chiefly on 
the left of the Orinoco, are termed Ilanos, or level fields. 
Often in the space of 270 square miles the surface does not 
vary a single foot. The Amazon only falls 12 feet in the last 
700 miles of its course; the La Plata has only a descent of 
one thirty-third of an inch a mile.” 


154) The Felix Baumgartner Red Bull dive outside camera 
shows the same amount of “curvature of Earth” from 
surface-level to jump-height proving it to be a deceiving 
fish-eyed wide-angle lens, while the inside regular camera 
shows a perfectly flat horizon, eye level at 128,000 feet, 
which is only consistent with a flat plane. 


Right Image 


Flat Horizon 





155) Some people claim to have seen the curvature of the 
Earth out their airplane windows. The glass used in all 
commercial airplanes, however, is curved to remain flush 


with the fuselage. This creates a slight effect mixed with 
confirmation bias people mistake for being the alleged 
curvature of the Earth. In actuality, the fact that you can see 
the horizon at eye-level at 35,000 feet out both 
port/starboard windows proves the Earth is flat. If the Earth 
were a ball, no matter how big, the horizon would stay 
exactly where it was and you would have to look DOWN 
further and further to see the horizon at all. Looking straight 


out the window at 35,000 feet you should see nothing but 
"outer-space" from the port and starboard windows, as the 
Earth/horizon are supposed to be BELOW you. If they are 
visible at eye level outside both side windows, it’s because 
the Earth is flat! 





156) People also claim to see curvature in Go Pro or other 
high altitude camera footage of the horizon. While it is true 
that the horizon often appears convex in such footage, it just 
as often appears concave or flat depending on the 
tilt/movement of the camera. The effect is simply a 
distortion due to wide-angle lenses. In lens-corrected and 
footage taken without wide-angle technology, all amateur 
high-altitude horizon shots appear perfectly flat. 





157) If “gravity” magically dragged the atmosphere along 
with the spinning ball Earth, that would mean the 
atmosphere near the equator would be spinning around at 


over 1000mph, the atmosphere over the mid-latitudes would 
be spinning around 500mph, and gradually slower down to 
the poles where the atmosphere would be unaffected at 
Omph. In reality, however, the atmosphere at every point on 
Earth is equally unaffected by this alleged force, as it has 
never been measured or calculated and proven non-existent 
by the ability of airplanes to fly unabated in any direction 
without experiencing any such atmospheric changes. 
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158) If “gravity” magically dragged the atmosphere along 
with the spinning ball Earth, that would mean the higher the 
altitude, the faster the spinning atmosphere would have to be 
turning around the center of rotation. In reality, however, if 
this were happening then rain and fireworks would behave 
entirely differently as they fell down through progressively 
slower and slower spinning atmosphere. Hot-air balloons 
would also be forced steadily faster Eastwards as they 
ascended through the ever increasing atmospheric speeds. 


159) If there were progressively faster and faster spinning 
atmosphere the higher the altitude that would mean it would 
have to abruptly end at some key altitude where the fastest 
layer of gravitized spinning atmosphere meets the supposed 
non-gravitized non-spinning non-atmosphere of infinite 
vacuum space! NASA has never mentioned what altitude 
this impossible feat allegedly happens, but it is easily 
philosophically refuted by the simple fact that vacuums 
cannot exist connected to non-vacuums while maintaining 
the properties of a vacuum — not to mention, the effect such 
a transition would have on a rocket “space ship” would be 
disastrous. 


160) It is impossible for rockets or any type of jet 
propulsion engines to work in the alleged non-atmosphere of 
vacuum space because without air/atmosphere to push 
against there is nothing to propel the vehicle forwards. 
Instead the rockets and shuttles would be sent spinning 
around their own axis uncontrollably in all directions like a 
gyroscope. It would be impossible to fly to the Moon or go 
in any direction whatsoever, especially if “gravity” were real 
and constantly sucking you towards the closest densest 
body. 








“* How metal in the joint actually “sinks” heat away from the tip to begin with. 
Then heat moves back towards the tip until the solder’s melting point is finally reached. 


You'll notice this effect as a time delay when soldering any joint. The “working 
area” of the iron’s tip gets cooled to begin with, because the metal in the rest of the joint is 
sinking heat away from where it’s most wanted. Only after the whole joint has risen in 
temperature can solder be melted onto it. 


161) If Earth were really a ball, there would be no reason to 
use rockets for flying into “outer-space” anyway because 
simply flying an airplane straight at any altitude for long 
enough should and would send you off into outer-space. To 
prevent their airplanes from flying tangent to the ball-Earth, 
pilots would have to constantly course-correct downwards, 
or else within just a few hours the average commercial 
airliner traveling 500mph would find themselves lost in 


“outer-space.” The fact that this never happens, artificial 
horizons remain level at pilot’s desired altitudes and do 
NOT require constant downwards adjustments, proves the 
Earth is not a ball. 





162) All NASA and other “space agencies” rocket launches 
never go straight up. Every rocket forms a parabolic curve, 
peaks out, and inevitably starts falling back to Earth. The 
rockets which are declared “successful” are those few which 
don’t explode or start falling too soon but make it out of 
range of spectator view before crashing down into restricted 
waters and recovered. There is no magic altitude where 
rockets or anything else can simply go up, up, up and then 
suddenly just start “free-floating” in space. This is all a 
science-fiction illusion created by wires, green-screens, dark 
pools, some permed hair and Zero-G planes. 





163) NASA and other space agencies have been caught 
time and again with air bubbles forming and floating off in 
their official ““outer-space” footage. Astronauts have also 
been caught using scuba-space-gear, kicking their legs to 
move, and astronaut Luca Parmitano even almost drowned 
when water started filling up his helmet while allegedly on a 
“space-walk.” It is admitted that astronauts train for their 


“space-walks” in under-water training facilities like NASA’s 
“Neutral Buoyancy Lab,” but what is obvious from their 


“space bubbles,” and other blunders is that all official 
“space-walk” footage is also fake and filmed under-water. 





164) Analysis of many interior videos from the 
“International Space Station,” have shown the use of 
camera-tricks such as green-screens, harnesses and even 
wildly permed hair to achieve a zero-gravity type effect. 
Footage of astronauts seemingly floating in the zero-gravity 
of their “space station” is indistinguishable from “vomit 
comet” Zero-G airplane footage. By flying parabolic 
maneuvers this Zero-G floating effect can be achieved over 
and over again then edited together. For longer uncut shots, 
NASA has been caught using simple wires and green screen 
technology. 
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165) NASA claims one can observe the International Space 
Station pass by overhead proving its existence, yet analysis 
of the “ISS” seen through zoom cameras proves it to be 
some type of hologram/drone, not a physical floating space- 
base. As you can see in my documentary “ISS Hoax,” when 
zooming in/out, the “ISS” dramatically and impossibly 
changes shape and color, displaying a prismatic rainbow 
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“A truth’s initial commotion is directly proportional to how deeply the lie was believed. It wasn’t the 

world being round that agitated people, but that the world wasn’t flat. When a well-packaged web of 

lies has been sold gradually to the masses over generations, the truth will seem utterly preposterous 
and its speaker a raving lunatic.” Dresden James 


"Once you eliminate the impossible, whatever remains, no matter how improbable, must be the truth." 
Arthur Conan Doyle 


“The further a society drifts from truth, the more it will hate those that speak it.” George Orwell 


For dad, who passed away when writing this, thanks for so much. 


For the boys, maybe the incredulous slander allowed the space for this research. 
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1. Introduction 


Many people have woken up to the Earth being a flat plane, and this awakening will gain more 
momentum in the coming years. What still remains a mystery to many within the Flat Earth 
community is the Moon, because it is probably the toughest nut to crack in the basket. 


This offering aims to clearly present what is logical and known about the Moon, plus 
information, myth, and intuition around some of the Moon’s behavior and history - much of 
which the Flat Earth community remains divided and disparate upon....amidst a bombardment 
of disinformation, ego, and confusion. 


The Moon has always been an enigma; it has always been worshipped throughout time, and its 
energy has always been harnessed by mystics and the like, therefore it deserves its own 
publication within the growing Flat Earth community.....and luckily there are still some who 
prefer the refined, literal experience instead of a YouTube clip (at times awash with ghastly 
music, amateurism, subscriber addiction, and haste). 


The book’s structure will /Jayer up, so when reading a passage and you feel you require more to 
be explained, be patient, all is revealed in its most relevant section. The book’s structure is 
designed this way. Some of the earlier chapters, plus the simplistic writing style on some of the 
later deeper subjects are deliberately implemented to make this book accessible to a wider 
range of people. 


There is some information in the latter pages not yet disclosed anywhere else, and | see it as 
important work. For me, personally, the book is partly the fruit yielded from a mystical dream 
puzzle, a puzzle that started during a fifty day, silent fast meditation, within a hermetic cocoon 
up a volcano many years ago. | come from more of a mysticism and astrological background, so 
apologies if you are seeking a 100% pure-rational-science offering throughout. 


| ask one thing: slightly try to let go of labels and preconceived ideas about this mysterious light. 
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2. The Moon is upon a Flat Earth 
Model 


Let us look at the Moon upon the Flat Earth model before we prove this has to be the case. 


The Moon moves around us in spiraling-circles above the stationary Flat Earth, moving from 
tropic to tropic over the course of six months, in an almost identical trajectory to the Sun. 
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Sun & Moon Orbit Sept. 


bOrbit December —-——— 


Sun & Moon Orbit June 





One Face 


All humans on Earth can only ever see one face of the Moon, and it appears with the face 
rotated - with the degree depending on location. The Moon covers the full 360 degrees of 
rotation. Mainstream science simplifies this fact and states the Moon is right-side up north of 
the equator and upside down south of the equator. This isn’t true, it appears rotated to 
different observers in different locations. 


If the Earth and Moon were both balls, then humans at the far north would see a different face 
of the Moon than those in the far south, with some overlap. 
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The view from point A 
would include more of 
the moon's northern 

hemisphere than from 


However, the view of 


#3) the moon from both 
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The view from point B 
would include more of 
the moon's southern 
hemisphere than from 
point A 





The only way we can all see the same face is upon a Flat Earth. 





One can clearly see the Moon moving away from the observer, to the vanishing point of a 
human’‘s eye. Eyes are spherical objects that focus light on the lens at the back, the horizon has 
nothing to do with the shape of the world and everything to do with distance. People are 
fooled into thinking the horizon is the edge of the curve. 





We are told the Moon’s phases (the 29.53 day rhythm of different degrees of illumination) are 
from Sunlight via the Sun’s angle to the Moon, but this cannot be the case. Below is the 
mainstream model. 
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But when it is New Moon in day in the ball model, we should see a black silhouette, we don’t 
though, we see nothing. We should see a silhouette in the ball model because the Sun is so 
much bigger than the Moon and behind it. 





This is not possible on the ball Earth, as during the day, the earth is facing the Sun (red below). 
The Earth would be in the way of someone trying to see the Moon in the daytime. 
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A“ Soldering a small p.c.b. joint 


With experience, you’ ll get a feel for how long it takes before you can apply solder. 
The more metal that is present in the joint, the longer period that heat must be applied for. 
A small p.c.b. joint takes well under one second to complete. A large metal terminal could 
take quite a few seconds or more to heat up. As I explained earlier, higher power (wattage) 
irons cope better with larger workpieces because they recover more quickly and are more 
“unstoppable”, making it easier for them to heat larger workpieces without cooling down 
so much. 


If you apply solder too early, it won’t melt properly and the result will be a grey, 
crystalline joint caused by the solder’s melting point temperature not being reached and 
the flux not having flowed properly. Semiconductors must be soldered as rapidly as 
possible as they are heat-sensitive, but they’re a lot more robust than they used to be. 


Also we can sometimes see the Sun and Moon in the sky at the same time (for some hours in 
the days just before and just after the Full Moon). There is nothing between the Sun and Moon, 
so the Moon should be 100% lit in the ball model. There is nothing obstructing the massive 
Sun’s rays, but the Moon appears only four fifths or so illuminated. 


Norway 


last week Sun and Moon both in sky, but 
so why Moon not full? 

VA akel mer- 1am ef=te) e)(-Me) ame) tal-) mej (e(-mey 
the ‘globe’ see? 


17:00 





If the Moon was orbiting the Earth, and both were orbiting the Sun, then six months later the 
Moon’s phases should have swapped over — and each lunar month, the phases should appear 
different. 


A 28 day 
cycle here 


Would be 
reversed when 
Earth was here 
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We are told that the Sun gives the Moon its light for the phases, but if this were the case, during 
each lunar month, the Moon would be at a different angle to the Sun. It would be impossible 
for the phases to remain the same each lunar month....but they do. 


Study the two images below to get a full understanding of this. These two images both present 
the same mainstream paradox: a) the Moon does what it does with its phases each month. b) 
The Moon goes around the Sun with the Earth. One of these has to be wrong, but we are told 
that both are true 





You can see from the two images above that the Moon should have a different light reflection 
from the Sun at different locations around the Sun, but at the same time and location of its own 
lunar month. 


It should actually act like this below, but it doesn’t, helping to prove the ball Earth model is a 
hoax. 
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This might need some contemplation, a pen and paper, or possibly a re-read. But it is 
indisputable. 


Reflection 


The Moon cannot be above a ball or the reflection on the ocean wouldn’t reach to the person 
on the shore, but it does reach an observer on the shore. 


This is because the ocean from the horizon to you is 100 percent flat. 





If the Moon were above a ball, the reflection on the ocean would behave much differently. See 
below where we have pieced in the (phantom) curvature. 
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Tides 


We are told that the gravitational pull of the Moon alone creates the tides, but this is also 
wrong. 


If the Moon was 2,160 miles in diameter and the Earth 8,000 miles in diameter, the Earth would 
be 87 times larger, and would attract the smaller mass (the Moon) to it, not the other way. 


We are told the Earth’s stronger gravity keeps the Moon in orbit, so how can the Moon’s 
weaker gravity override Earth’s gravity at Earth’s lowest points (sea level and below sea level). 


If the magical error-ridden force called gravity existed, all trees would look like willow trees, and 
all flowers would wilt in an ‘n’ shape. But that is for another time. 


The Earth’s tides vary greatly. For example, near the Isle of Wight, there are four tides a 
day. Some beaches have tides which go out far, while others not so much. The mainstream 
map of tides is not uniform, and would not be caused by a single body moving harmoniously 
across from east to west. 


“If the Moon lifted up the water, it is evident that near the land, the water would be drawn away and 
low instead of high tide caused. Again, the velocity and path of the Moon are uniform, and it follows 
that if she exerted any influence on the Earth, that influence could only be a uniform influence. But the 
tides are not uniform. At Port Natal the rise and fall is about 6 feet, while at Beira, about 600 miles up 
the coast, the rise and fall is 26 feet. This effectually settles the matter that the Moon has no influence 
on the tides. Tides are caused by the gentle and gradual rise and fall of the Earth on the bosom of the 
mighty deep. In inland lakes, there are no tides; which also proves that the Moon cannot attract either 
the Earth or water to cause tides. But the fact that the basin of the lake is on the Earth which rests on 
the waters of the deep shows that no tides are possible, as the waters of the lakes together with the 
Earth rise and fall, and thus the tides at the coast are caused; while there are no tides on waters 
unconnected with the sea.” -Thomas Winship, “ZeteticCosmogeny” (130-131) 
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“It is affirmed that the intensity of attraction increases with proximity, and vice versa. How, then, when 
the waters are drawn up by the Moon from their bed, and away from the Earth's attraction,--which at 
that greater distance from the centre is considerably diminished, while that of the Moon is 
proportionately increased--is it possible that all the waters acted on should be prevented leaving the 
Earth and flying away to the Moon? If the Moon has power of attraction sufficient to lift the waters of 
the Earth at all, even a single inch from their deepest receptacles, where the Earth's attraction is much 
the greater, there is nothing in the theory of attraction of gravitation to prevent her taking to herself all 
the waters which come within her influence. Let the smaller body once overcome the power of the 
larger, and the power of the smaller becomes greater than when it first operated, because the matter 
acted on is nearer to it. Proximity is greater, and therefore power is greater ... How then can the waters 
of the ocean immediately underneath the Moon flow towards the shores, and so cause a flood tide? 
Water flows, it is said, through the law of gravity, or attraction of the Earth's centre; is it possible then 
for the Moon, having once overcome the power of the Earth, to let go her hold upon the waters, 
through the influence of a power which she has conquered, and which therefore, is less than her own? 
... The above and other difficulties which exist in connection with the explanation of the tides afforded 
by the Newtonian system, have led many, including Sir Isaac Newton himself, to admit that such 
explanation is the least satisfactory portion of the ‘theory of gravitation.’ Thus we have been carried 
forward by the sheer force of evidence to the conclusion that the tides of the sea do not arise from the 
attraction of the Moon, but simply from the rising and falling of the floating Earth in the waters of the 
‘great deep.’ That calmness which is found to exist at the bottom of the great seas could not be possible 
if the waters were alternately raised by the Moon and pulled down by the Earth.” -Dr. Samuel 
Rowbotham, “Zetetic Astronomy, Earth Not a Globe!” (159-175) 


“Even Sir Isaac Newton himself confessed that the explanation of the Moon's action on the Tides was 
the least satisfactory part of his theory of Gravitation. This theory asserts that the larger object attracts 
the smaller, and the mass of the Moon being reckoned as only one-eighth of that of the Earth, it follows 

that, if, by the presumed force of Gravitation, the Earth revolves round the Sun, much more, for the 
same reason, should the Moon do so likewise, instead of which that willful orb still continues to go 
round our world. Tides vary greatly in height, owing chiefly to the different configurations of the 
adjoining lands. At Chepstow it rises to 60 feet, at Portishead to 50, while at Dublin Bay it is but 1 2, and 
at Wexford only 5 feet ... That the Earth itself has a slight tremulous motion may be seen in the 
movement of the spirit-level, even when fixed as steadily as possible, and that the sea has a fluctuation 
may be witnessed by the oscillation of an anchored ship in the calmest day of summer. By what means 
the tides are so regularly affected is at present only conjectured; possibly it may be by atmospheric 
pressure on the waters of the Great Deep, and perhaps even the Moon itself, as suggested by the late 
Dr. Rowbotham, may influence the atmosphere, increasing or diminishing its barometric pressure, and 
indirectly the rise and fall of the Earth in the waters.” -David Wardlaw Scott, “Terra Firma” (259-260) 


the Sun and Moon together create the tides. The biggest tides are when the Sun and Moon are 
both above the horizon and one near to the other. 
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The combination of the Sun and Moon locations most probably create electromagnetic 
currents. Tides only happen in the oceans, never in creeks, rivers or marshes. The ocean is 
made up of salt water, and salt is a conductor of electricity, and therefore has an EMF. Salt 
molecules are made of sodium ions and chlorine ions, and an ion is an atom that has an 
electrical charge. 


Here’s a sea temperature map upon the Flat Earth, it’s also possible this has a bearing on tides 
too. 


Sea water temperature 





FlatEarthConspiracy.com 


“I've noticed that when the Sun is over say the Atlantic then it's low tide, and when the Moon is over 
the Atlantic it is high tide, in my research into electromagnetic energy is that the Sun is very energetic to 
humans, animals and even gives food to plants by Chlorophyll. And the Moon is the negative energy as 
it putrefies plants etc, so in studying I've noticed it may be affected by this dual positive/negative 
together and they work in harmony with the ions in the water and electromagnetic fields.” Anonymous. 
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When we look at tides on the Flat Earth model things make more sense. 
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Size, Distance, and Speed 
The Moon is thirty two or so miles wide, as is the Sun. 


The Moon is around 3000 miles away. Do you really think you can see details on something 
235,000 miles away, when you can't see details on a mountain seventy miles away on a clear 
day? | have a theory that the Moon could be as near as 700 miles away, but | would need a 
sextant to do my own calculations, but | don't have one. One thing's for sure, it is much closer 
than we are told. Currently, | cannot go against the '3000 miles-away distance’. 


Gi feltiole-leMelal\Aliat) sea lens 
to the moon’s location 


fe) darme [elt lens 
further away 





The Moon is very similar in distance from Earth as the Sun is, but is a bit closer to Earth as the 
Moon appears in front of the Sun on a Solar Eclipse. The Moon is anything up to a few hundred 
miles nearer to Earth than the Sun is, but the altitude of the Moon (and/or the Sun too) varies. 
How do we know this? We can witness total Solar Eclipses and annular Solar Eclipses (as we will 
see later). 


The Moon travels around sixty to seventy minutes a day slower than the Sun in a twenty-four 
hour period. 


The Moon’s movement (forward motion) is not the forward route through the zodiac as we see 
it in the sky, the Moon’s travel is the other way as the backdrop of the zodiac spins/moves 
faster (as viewed from a human eye). This is also the same rule for the Sun. 


The constellations go much faster than the Moon as viewed from a human eye (so the Moon 
appears to go through a zodiac constellation each 2.5 days or so in reverse - but this is seen in 
astrology as normal / forward). 


The constellations only go slightly faster than the Sun, as viewed from the human eye, so it 
spends a longer time in each constellation -- about a month. 
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Here are images from Stellarium, showing the movement of the Moon from a baseline in 
southern Spain, then forty-eight hours later, and then another forty-eight hours later. 


3 July 2am 


5 July 2am 
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** A clip-on Antex heat shunt fitted to a transistor leg, helps prevent thermal 
damage due to overheating when soldering it in place. Less essential these days, but 
beginners find them re-assuring. 


Until they have gained some practice, novices sometimes buy a small clip-on heat- 
shunt (photo) which resembles a pair of aluminium tweezers. In the example of, say, a 
transistor, the shunt is attached to one of the leads near to the transistor’s body. Any excess 
heat then diverts up the heat shunt instead of into the transistor junction, thereby avoiding 
the risk of thermal damage. Applying far too much heat may destroy the part or damage 
the p.c.b. foil which may lift away from the board. 


In due course constructors learns to judge how much solder should be applied to any 
particular joint. An ideal p.c.b. joint is very slightly concave in shape. If not enough solder 
is used, the result may be an incomplete joint which may cause an intermittent fault later 
on. An excess of solder — shaped like a ball bearing - is an unnecessary waste and in 
extreme cases may cause short circuits, especially on densely-populated boards. There is 
no need to add more solder “for luck”. Professionally-produced p.c.b.s have a green 
solder resist coating which helps to ensure that solder does not stray onto adjacent pads. 
As a finishing touch, I usually spray the solder-side of a circuitboard with aerosol spray 
lacquer afterwards. It keeps the solder joints nice and shiny and helps prevent corrosion. 


Some components can create hazards during a soldering operation: 


Coin cells and button batteries are commonly used as power, clock or memory 
backups. If heated excessively they can explode without warning due to the build-up of 
internal pressure. Spot-welders are used in industry to connect tags to them, but if you 
need to solder wires to such a cell then it should be done as quickly as possible. 


Some memory back-up capacitors or electrolytic capacitors remain energised for 
a while even when the circuit is powered down. Molten solder is a perfect electrical 


The Moon really is moving as Stellarium suggests (essentially ball Earth software) — it’s line in 
the sky is correct. 


A New Moon is basically when the Sun overtakes the Moon, as it moves quicker. A Lunar 
Overtaken. 


A Full Moon is basically when the Moon is as far away from the Sun as it can be within the 
current lunar cycle, but the Sun is slowly catching up and now moving into the same semi-circle. 
A Lunar Run but Can't hide. 


Nodes 


This image is presented as a fact, with the Lunar Nodes around the globe Earth, the cause being 
due to an approximate 5% tilt of the Moon's orbits. 


Lunar South Node 
3 Moon 
Sun ee eee 7 IN 


Lunar North Node 


Within the Flat Earth model, this is simply explained; we look up and we see the Moon moving 
above and below the Sun’s apparent path, which is known as the ecliptic in ball Earth terms. In 
Flat Earth terms, the ecliptic is just a line that shows the Sun’s path, nothing more. 
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So over the course of time (twice a month), the Moon crosses above and then below the Sun’s 
trajectory line (see image above where the Moon is above the line). Where the Moon crosses 
it, this is a Node (in astrological terms). The Moon spends half the time above this line, and half 
the time below this line (from a human eye on our Flat Earth). The Nodes are intersections. 


It’s important you understand and remember this simple Nodes’ explanation for the eclipse 
chapter much later on. We will use the term FE-Node from now on to avoid confusion. 


The Moon at a Node is related to eclipses, and to the past and future in astrology, the South 
Node natal placement of a person is what one brings into this incarnation. The North Node 
natal placement is where one can evolve and learn the most, where one should be heading. 


Why are there no photos of the Moon from one of the thousands of satellites we supposedly 
have in space? Or any photos from the ISS, supposedly it is manned all the time, but no photos 
of the Moon? The Hubble telescope hasn't taken any photos of the Moon, as it is apparently on 
high-zoom mode. NASA has also made some errors with the Moon. Here is the Moon being 
supposedly filmed from The ISS. 
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For sure this is a really poor effort at Photoshop — a white circle - maybe the license ran out and 
they had to use MS Paint? 


Here is a famous NASA image below on the left, the Earth from the Moon. 


Apollo 8 — “Earthrise” nemeny ss —_ 
is nearly 4 times wv 
the widthof / «gm, 4 
in 
the moon 





But this is wrong, the Earth is supposed to be four times bigger than the Moon, but the Earth 
appears about the same size the Moon does from Earth. The image on the left should have 
looked more like the one on the right if the ball model were true. 


3. The Moon Lights Itself 


We are told that the Moon reflects Sunlight, and this is the only reason for its Ilumination. Here 
are some facts. 


Sunlight is gold and yellow, Moonlight is white and blue. 

The Sun's light is drying and preserving while the Moon's light is damp and putrefactive. 
The Sun's rays can put out a common fire while the Moon's light will increase 
combustion. 

The light of the Sun falling upon certain chemicals produces a change of colour such as 
photographic processes. The light of the Moon fails to produce the same effect. 

The Sun's light when concentrated by a number of mirrors, or a large lens produces a 
focus that is entirely non-luminous, but the heat is so great that metallic and alkaline 
substances are quickly fused; Earth and mineral compounds almost immediately 
vitrified; and all animals and vegetable structures and burned and destroyed in a few 
seconds. 

The Moon's light when concentrated produces a brilliant focus, so luminous that it's 
difficult to look upon it, and yet there is no increase of temperature. 


Page 22 


e Indirect Sunlight a thermometer will read higher than another thermometer placed in 
the shade, but in full, direct Moonlight a thermometer will read lower than another 
placed in Moon shade. 


“The Sun's light, when concentrated by a number of plane or concave mirrors throwing the light to the 

same point; or by a large burning lens, produces a black or non-luminous focus, in which the heat is so 

intense that metallic and alkaline substances are quickly fused; Earthy and mineral compounds almost 

immediately vitrified; and all animal and vegetable structures in a few seconds decomposed, burned up 
and destroyed. The Moon's light concentrated in the above manner produces a focus so brilliant and 

luminous that it is difficult to look upon it; yet there is no increase of temperature. In the focus of Sun- 
light there is great heat but no light. In that of the Moon's light there is great light but no heat.” -Dr. 

Samuel Rowbotham, “Zetetic Astronomy, Earth Not a Globe!” (144) 


“Light which is reflected must necessarily be of the same character as that which causes the reflection, 
but the light of the Moon is altogether different from the light of the Sun, therefore the light of the 
Moon is not reflected from the Sun.” -David Wardlaw Scott, “Terra Firma” (151-2) 


Close to the New Moon phase on either side, one can sometimes see most of the Moon faded 
whilst a slither is illuminated. 
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So what is illuminating this more faded part of the Moon above? It is dark up there, we should 
not be able to see this portion if only the Moon’s edge was lit by the Sun. 


When we see Moon at night, it is lit up, illuminated, but when we see the Moon in day, even 
with the Sun in the sky too, it is not lit, but a matt cold stony grey. The Sun is lit in day and 
gives light. So why not the Moon if it is reflecting the Sunlight? Why only at night? If | shine a 
torch on a rock it lights up in day. 


What we are told from repeaters (teachers and scientists) doesn’t make sense. 


Phases of the Moon are just different portions of the Moon’s self-illumination, but the phases 
are highly probably linked to the Sun. 





Note: The Sun revolves above us once every 24 hours, and the Moon revolves above us about once 
every 25.25 hours; the Sun chases the Moon. 


The phases of the Moon are related to (actually, caused by) the relative positions of the Moon 
and Sun in the Flat Earth sky. For example, New Moon always occurs when the Sun and Moon 
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are very close together in the sky. Full Moon always occurs (image above) when the Sun and 
Moon are at opposite positions in the sky - which is why a Full Moon rises about the time of 
Sunset, and sets about the time of Sunrise. First and Last Quarters occur when the Sun and 
Moon are about 90 degrees apart in the sky. 


On the day of the New Moon (image below is a day or so before the New Moon. Remember 
that the Sun is chasing the Moon so to speak), the Moon rises when the Sun rises. It sets when 
the Sun sets. It crosses the sky with the Sun during the day. That’s why we can’t see the New 
Moon in the sky. It’s too close to the Sun’s glare to be visible, but the Moon stops illuminating 
and it doesn't shine. 





Then a day or two later, the Moon reappears, in the west after Sunset. Then it’s a slim waxing 
crescent visible only briefly after Sunset — what some call a young Moon. 


A waxing crescent - almost a New Moon - is seen only very briefly after Sunset. This is because 
at waxing crescent, the Sun rises immediately before the Moon rises, and then the Sun sets 
immediately before the Moon sets. Therefore, right after the Sun sets and the Sun's glare fades 
in dusk, the very slim crescent (nearly a New Moon) becomes visible, and then the Moon shortly 
thereafter sets...and can't be seen for the rest of the night. If the Sun's glare wasn't so bright 
during the day, you could see the Moon with this slight crescent all day long. But you can't. 
However, at dusk, when the Sun's glare fades over the western horizon, the slim crescent 
appears! (It doesn't appear because it comes up above the horizon, but only because the Sun's 
brightness fades into the night). But watch the waxing crescent into night, and you will see it 
quickly set below the western horizon, and it won't be seen again until the following dusk. 
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"A waning crescent" - almost a New Moon - is seen only very briefly before Sun rise. This is 
because at waning crescent, the Moon rises immediately before the Sunrise, and then the 
Moon sets immediately before the Sun sets. As a result, right before Sunrise, in early dawn, the 
slim crescent Moon (almost a New Moon) rises in the East. It appears as it rises above the 
Eastern horizon, before the Sun rises. However, you can't see it very long, either, because then 
the Sun rises, and the Sun's glare is so bright, it overwhelms the slim glimmer of the waning 
crescent! However, it is still there...and is there in the sky all day long! And finally, the Moon 
sets first over the western horizon in dusk, not to be seen. And then the Sun sets...to a 
Moonless night almost all night until right before dawn, when the waning crescent rises to be 
seen again." 





Maybe the Sun drains the power of the Moon, and when the Moon is close to the Sun it loses its 
power (illumination)? The closer to the Sun the Moon gets, the more power (self-illumination) 
it loses, and when it is very close it loses its power (self-illumination) completely, and becomes 
what we calla New Moon. Maybe there is a handshake of energy between the Sun and 
Moon’s energy, be that spiritual-pranic energy or electromagnetic energy. 


Many though think there is another object in the sky. 


| will go into these notions deeper in later chapters, but let us digress and note one thing here: 
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Venus and Mercury also have phases — Mainstream science tells us again that these occur due 
to the Sunlight’s angle too (which we now know is impossible). 


Venus and Mercury are both, at times, in front of the Sun and behind the Moon — this makes 
them very small, and also makes them around the same distance from us as the Sun and Moon. 
Maybe Venus and Mercury’s altitude varies slightly, or the Sun and Moon’s altitude varies 
slightly, or maybe all of these object’s altitudes vary slightly. One or more of these have to be 
true. 


Maybe Venus and Mercury also se/f illuminate according to their distance from the Sun? 


Note that the Maya were obsessed with Venus transit cycles for their cataclysm calendars. 


* KK 


Once in solitude in a meditative state many years ago | watched the Full Moon all night, the Sun 
was nowhere to be seen. | felt then intuitively that the Sun doesn’t illuminate the Moon. 


To conclude this chapter, remember this for later: If the Moon self illuminates, then it also self 
de-illuminates....they are both the same thing. So a waxing Moon, the clever, good people of 
the Flat Earth community believe, is the Moon self illuminating, as they rightly should, but these 
people cannot believe or think that the Moon self de-illuminates on a waning cycle? Remember 
this notation for later for it will become important. 


From what we know thus far, the Moon’s phases have nothing to do with shadows from the 
Earth or shadows from different angles of Sunlight. The Moon self illuminates. 


We were crazy and a little stupid to ever think anything different. 


4. The Moon is Not Transparent 


Let us note firstly, that what science calls the Moon’s valleys and mountains, are really nothing 
more than small surface irregularities that are sometimes enhanced by light and shadow, and by 
our perspective from the Earth's surface. One could rename these valleys and mountains to 
wrinkles and scars, and it would be a million times closer to the truth than what NASA tells us. 
As | said in the introduction, try and stay away from subconscious labels that were delivered to 
you at a young age. The craters on the other hand are real, and are caused by impacts with 
smaller and falling celestial bodies. 


Many in the Flat Earth community think the Moon is semi-transparent at times. 


This is largely based upon three things; blue sky phenomena, star sightings, and Islamic 
symbolism. Let’s dissect and debunk each of these. 
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R a Cla, Dnannmanna 
blue sKY FNenomena 


Many say that as one can see the blue sky through the Moon sometimes, therefore it’s 
transparent. This argument falls down in many ways. 


The blue color of the atmosphere is only fifteen to twenty kilometers thick, and you can clearly 
see this in all of the high-altitude weather balloon videos. When they go over thirty kilometers, 
that blue layer is not there anymore, and when the camera points up, it’s just black, and when 
the camera points down it can be seen that the blue layer below is only above the Earth's 
surface in a thin layer. These images are from around 120,000 feet, and the blue layer is below, 
and the Moon is higher. 
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One modern researcher claimed: 


"The Moon is most certainly self-illuminated, but not a "ball" or "solid." You can easily see through the 
Moon most afternoons. You can see blue sky right through the supposed "craters" on the Moon!" 


The craters of the Moon are just darker than the rest of the Moon's surface, this is why the blue 
haze has more of an impact on the color of the craters. But it’s just a simple and obvious 
illusion. 


Jump the gun sidenote: There are just some portions of the Moon that have a dimmer light, the possible 
malfunctioning (we will come onto this later) is greater in those sections because of stronger impacts 
during cataclysm. 


The so-called blue craters just look darker than the rest of the Moon’s surface, the same as they 
look at night - they don't shine as brightly as the rest of the Moon's surface. 


This thin blue layer of atmosphere is probably some sort of prana or chi, though mainstream 
science says the blue layer is caused by Sunlight scattering more blue (shorter smaller waves) 
than any other colour. This is known as Rayleigh Scattering (basically a type of refraction), and 
for me their evidence is flakey, at best. 
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conductor and in some cases the component’s contacts could be shorted during the 
soldering (or desoldering) operation. If molten solder shorts it out then the arcing may 
cause globules of solder to be spattered outwards without warning, potentially risking 
eyesight damage. 


Always ensure that powered components are electrically inert and discharged before 
soldering. Cells, batteries and battery packs should not be accidentally shorted during the 
soldering process, to avoid arcing and solder spatter. Note that electrolytic capacitors can 
also explode after a while if reverse-connected, so observe polarity closely. 


Let’s now consider the practical stages of soldering components and wires 
successfully. 


Stars in front of the Moon 


There have been many sightings of a light (star and/or planet) passing in front of the Moon. 


“That the Moon is not a perfectly opaque body, but a crystallized substance, is shown from the fact that 
when a few hours old or even at quarter we can through the unilluminated portion see the light shining 
on the other side. Stars have also been observed through her surface!” -J. Atkinson, “Earth Review 
Magazine 


On March 7th, 1794, four astronomers (three in Norwich, one in London) wrote in “The Philosophical 
Transactions of the Royal Astronomical Society” that they “saw a star in the dark part of the Moon, 
which had not then attained the first quadrature; and from the representations which are given the star 
must have appeared very far advanced upon the disc.” Sir James South of the Royal Observatory in 
Kensington wrote in a letter to the Times newspaper April 7, 1848, that, "On the 15th of March, 1848, 
when the Moon was seven and a half days old, | never saw her unillumined disc so beautifully. On my 
first looking into the telescope a star of about the 7th magnitude was some minutes of a degree distant 
from the Moon's dark limb. | saw that its occultation by the Moon was inevitable ... The star, instead of 
disappearing the moment the Moon's edge came in contact with it, apparently glided on the Moon's 
dark face, as if it had been seen through a transparent Moon; or, as if a star were between me and the 
Moon... | have seen a similar apparent projection several times ... The cause of this phenomenon is 
involved in impenetrable mystery." In the monthly notices of the Royal Astronomical Society for June 8, 
1860, Thomas Gaunt stated that the "Occultation of Jupiter by the Moon, on the 24th of May, 1860, was 
seen with an achromatic of 3.3 inches aperture, 50 inches focus; the immersion with a power of 50, and 
the emersion with a power of 70. At the immersion | could not see the dark limb of the Moon until the 
planet appeared to touch it, and then only to the extent of the diameter of the planet; but what | was 
most struck with was the appearance on the Moon as it passed over the planet. It appeared as though 
the planet was a dark object, and glided on to the Moon instead of behind it; and the appearance 
continued until the planet was hid, when | suddenly lost the dark limb of the Moon altogether.” | have 
personally also seen stars through the edge of the waxing/waning Moon. It actually happens fairly 
often; if you are diligent and specifically observing for the phenomenon on starry nights you can 
occasionally see it even with the naked eye.” Zetetic Astronomy, Earth Not a Globe!” (337) 


"On the 15th of March, 1848, when the Moon was seven and a half days old, | never saw 
her unillumined disc so beautifully. .. . On my first looking into the telescope a star of about the 7th 
magnitude was some minutes of a degree distant from the Moon's dark limb. | saw that its occultation 
by the Moon was inevitable. .. . The star, instead of disappearing the moment the Moon's edge came in 
contact with it, apparently glided on the Moon's dark face, as if it had been seen through a transparent 
Moon; or, as if a star were between me and the Moon... .” Zetetic Astronomy 
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This is an artist’s impression of the phenomena. 





Islamic Symbolism 
Some point to the Symbol for Islam as backing up the notion that the Moon is transparent. 


Note that the five pointed star is often Venus in much esoterica. 
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The origin of this symbol is deep in Mesopotamia, with the Crescent of Sin (Nanna to the 
Sumerians) and the Star of Ishtar (Inanna to the Sumerians). 





First Century coin. 





* KK 


There is nowhere near enough evidence to suggest that the Moon is sometimes transparent. 
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My answer to this rare phenomena is this: 


Venus (and possibly Mercury) sometimes (very rarely) pass in front of the Moon: 


They are both a similar distance away from the Earth as they both pass in front of the Sun 
sometimes. In this theory Venus and Mercury would obviously have a pattern in which 
they slowly came a bit nearer to the Earth (in front of the Moon), then slowly moved a bit 
further out again (behind the Moon as is normally the case). This is logical because Venus 
and Mercury sometimes (rarely) pass in front of the Sun, but mostly behind it. Islamic 
scholars and astronomers state that on the dawn of June 10, 640 A.D., Venus was 
conjunct the Sun, around the time Mohammed apparently had a chinwag with Gabriel. 


Below are images of transits in front of the Sun, Venus on the left, Mercury on the Right. 





Transit of Mercury Closeup — November 8, 2006 


Venus transits occur in a pattern that generally repeats every 243 years, with pairs of 
transits eight years apart separated by long gaps of 121.5 years and 105.5 years. Each 
transit lasts a few hours. Funnily enough, it appears as a black dot, like the Moon should 
at New Moon! 


Mercury is known to transit in front of the Sun much more frequently than Venus, about 
thirteen or fourteen times each century. Each transit lasts a few hours. Funnily enough 
it appears as a black dot, like the Moon should at New Moon! Also Mercury’s November 
transits happen every 7, 13, or 33 years, and Mercury’s May transits every 13 or 33 years. 
Occult numbers galore. 


Both Venus and Mercury transits appear differently in different parts of the world, this 
helps prove that this is all going on not too far away. 


If Venus and Mercury pass behind and in front of the Sun in the Flat Earth model, it’s 
highly logical that sometimes they will pass in front of the Moon. Inthe Flat Earth model 
the Sun and Moon are both around 3000 miles away, with the Moon slightly closer. 


Page 33 


e As Venus is much brighter than Mercury, the star in the Moon just has to be Venus. 


**K*K 


To conclude, the Moon is not transparent, it is opaque yes, but transparent, no 


5. The Moon is Flat Not Spherical 


Flat Moon Proof 


This is a subject I’ve had trouble with and have gone around in many circles. | know many 
others have issue with this too. 


First off, through a telescope it appears to be a sphere to the human eye and mind, but this 
doesn’t mean it actually is. First off we’ve been told all our lives it is a sphere so our 
subconscious will project sohere-ness onto it. 
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We saw before how Sunlight and Moonlight clearly have different properties, and furthermore 
the Moon itself cannot physically be both a spherical body and reflect the Sun’s light. Reflectors 
must be flat or concave for light rays to have any angle of incidence; if a reflector’s surface is 
convex then every ray of light points in a direct line with the radius perpendicular to the surface 
resulting in no reflection. 







FORM SHADOW 


REFLECTED LIGHT 


* The Moon's light is 
uniform over the entire 
surface, if it was a 
sphere reflecting the 
sun then the curved 
surface would display a 
highlight and drop-off 

* Moonlight is cold and 
sunlight is hot. 





Hotspot ‘ 
The Moon is self 


luminous and not 
reflecting the sun. 
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“Again, if the Moon is a sphere, which it is declared to be, how can its surface reflect the light of the 
Sun? If her surface was a mass of polished silver, it could not reflect from more than a mere point! Let a 
silvered glass ball or globe of considerable size be held before a lamp or fire of any magnitude, and it 
will be seen that instead of the whole surface reflecting light, there will be a very small portion only 
illuminated. But the Moon’s whole surface is brilliantly illuminated! A condition or effect utterly 
impossible if it be spherical.” -Dr. Samuel Rowbotham, “Earth Not a Globe, 2nd Edition” (97) 


We also have from the Greek legends, the chariot wheels symbolizing the Sun and Moon, and In 
ancient Egypt a boat is transporting the Sun disk. The ancients always referred to the Sun and 
Moon as discs, they never said they were spheres. 


NASA perpetuate the sphere lie and tell us there is a dark side to the Moon that no one ever 
sees, and that they filmed it from photo-mapping. The thing with this time-lapse cartoon movie 
they concocted is the clouds on the Earth don’t move in two days of Earth spinning..... 
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...also in the two day time lapse video, the Moon’s phase would not have changed so much, 
plus, the Moon doesn’t seem to move in its own fake orbit. 
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Why no photo of the Moon’s sphere in 50 years of space travel? Didn’t they land there? 


So it’s flat —but this raises two problems. 


Problem One. Flat, but how? 


When the Moon is retreating from me in Europe (setting in common terms), those on the east 
coast of America would soon see it approaching, but they would see the same face. The Moon 
isn’t a disc that flips 180 degrees when nobody’s looking, so how do we all see the same face? 


The model has to be as such; the Moon is flat and facing down. This is the only way we can all 
see the same and only face. 





But this raises problem two, and it’s a big problem..... 


Problem Two - The Ellipse Issue 


If the Moon is flat and facing down, some would say we should not see it sink behind the 
horizon. But we should, due to our perspective vision and our eyes’ vanishing point. 


As stated before, eyes are spherical objects that focus light on the lens at the back. The horizon 
has nothing to do with the shape of the world and everything to do with distance. People are 
fooled into thinking the horizon is the edge of the curve. 
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Perspective Vision 


} — Varuahing Pout 


Horizon Line 


Horizon Horizon 
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as it moves further the angle decreases 
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But the problem we find is that the Moon does not slowly appear to our eyes as an ellipse 
during its departure (increase in distance from the eye), like all other flat face down circles 


appear to. 
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It appears to us as a circle, as though it is vertical in relation to our eyes. 





Surely within the flat face down model it should turn into an ellipse? 





| held mugs over my head and moved them, and made white paper circles of different sizes and 
got someone to move them away from me, and each crude test (with terrible scale) showed 
them set but also turns into an ellipse. 


Now the only reasons for the Moon not appearing to human eyes as an ellipse | can conjure up 
are: 


e Some sort of refraction or reflection through a lens of some kind. Some sort of lens that 
always reflects the Moon to the facing observer. Some sort of transparent and dense 
medium. Let us note that a layer of density does exists at around 100km up. 

o Note1: Sprites (plasma discharge) are only below 100km. 
o Note2: Elves (large halos of plasma discharge) are only above 100km 
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o Note3: The Northern lights start at 100km altitude. 

o Note4: Temperature changes around 100km. 

o Note5: There is no evidence I’ve seen to suggest and human technology has gone 
above 100km. 

o Note6: Some see this layer as glass (See Libyan Glass), but this can’t be the case as 
this glass would be found at every meteor site (see my rift video for more on this). 


e In mythology, there is mention of a transparent medium that is located in front of the 
Sun, like a shield. From the Nordic legends of Svalinn mythology | quote, “The Earth is 
protected from the full heat of the Sun by the shield Svalinn, which is placed before Sol." 


e The Firmament’s dome ceiling (which contains the meteorites and arcs above the stars) 
has a role to play in how we see the Moon with our eyes. (I see this ceiling as being a 
thick layer made up from metals, rock, ice, and glass). 


e The Moon sits within a layer of liquid of some kind. This may sound strange but when 
one studies the star in a jar (sonoluminescence), it is also something we cannot rule out 
too quickly. Note that the Moon Goddess Pamuya from the Native American Hopi 
meant water Moon, and the Moon Goddess Lasya from Tibet was a beauty who carried a 
mirror. Let us note that Genesis sees the model as a Flat Earth with water above the 
firmament, but yes, the Moon is within / below the firmament ceiling. 


SHEOL 


THE GREAT DEEP 





lam not the only one that thinks the firmament may have a role to play in how the Moon 
appears to our eyes when it approaches and departs. 


“As already stated, the surface irregularities which were thought to exist on the imaginary masses 
called planets, are those of the dome of the sky, such as they are seen through the transparent discs. 
The so called mountains, craters and depressions of the Moon are details of the structure of the dome. 
It may be remarked in this connection that the astronomers at the Mount Palomar Observatory in 
America have recently reported that striking alterations have taken place on the surface of the Moon. 
Gigantic craters and fissures of more than five hundred kilometers are said to have appeared; and 


Page 40 


ranges of mountains as important as the Alps have disappeared without leaving a trace; but all those 
supposed alterations correspond clearly to the successive structural features of the dome which are 


progressively revealed by the luminous and transparent disc of the Moon as it moves on.” 
Gabrielle Henriet 


If anyone has any other ideas or angles on the ellipse problem, then | am all ears. It just has to 
be flat and it has to be face down for the solid reasons presented. 


6. Disinformation 


The Moon has more crazy theories banded about than almost any other subject in our reality. 


Here is a quick list, and a quick debunk so we can move on. 


Lunar waves proving it’s a hologram — this is from digital cameras refreshing. 

It’s a projection — From where or what? 

It’s a hologram — Then how can its light affect plants, chemicals, animals, and people? 
Spaceship Moon theory — Also known as the Vasin-Shcerbakov theory. This is based on 
physical a-lie-ns, which don’t exist (though inter-dimensional entities exist). 

Nazi Space Station on the other side of the Moon — The technology still does not exist to 
go to the Moon, due to radiation and temperature constraints. I’ve yet to see enough 
evidence to suggest that space even exists. 

Tiamat collision theories — Wild conjecture with no evidence or logic. 

Hollow Moon theories — Wild conjecture with no evidence or logic from Hollow Head 
theorists. 

The Moon is Reflection off of the Firmament — Wild conjecture with no evidence of logic. 
David Icke’s Moon Matrix Theory, where reptilians use the Moon as a base, and control 
humanity by blocking off frequencies — Icke is a classic disinformation agent; Build up a 
large following by slagging off banks and police for years, and then send everyone the 
wrong way. This is a man who preaches freedom for $70 a ticket - but he lives in a large, 
middle class house in a conservative area, and happily pays council tax and corporate 
bills. 
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7. Sacred Text, Esoterica, and Myth 


The following chapters will contain much more myths and archetypes to back up some claims, 
so it’s good we define a base for this first. 


The Moon is awash with mystique, myth, superstition, and esoterica, here’s just a small run 
down. 


The Moon has over a hundred deities from all around the world, dating back as far as around 
2700BC. 


At Full Moon the pineal gland opens more, energy is more fizzy, and ritual and ceremony pack 
more punch. The spiritual veil is thinner so to speak. Do ayahuasca or a meditation retreat on 
a New Moon and then on a Full Moon, | guarantee you will experience the big difference in 
energy and flavor. Or go toa rough nightclub New Moon and Full Moon and witness the 
difference — it’s a fact there are more accident and emergency admittances around Full Moon. 
Most humans have dense energy and live in the five senses, and are disconnected from the 
Moon’‘s energetic waxing and waning cycles. 


The New Moon is like the start of a wave, the Full Moon is like the crashing of the wave, and the 
Waning Moon is like the decay of a wave retreating. 


A healthy woman in her power has her menstrual cycle during or near Full Moon. 


It is more beneficial, esoterically, to fast the days before a New Moon. 


In astrological terms, the Moon is ones soul, emotion, and subconscious, and is home in the sing 
of Cancer (feeling, untrusting, subconscious, intuition). | would like to note here that for me, 
astrology is the cycles of the luminaries that are part of the clockwork, a clockwork that fires 
down upon us different rays of energy in multitudes of combinations (aspects). This clockwork 
also allows different soul types to be born, each with their past life karma and emotions 
attached to the soul matrix. 


In the Tarot, the Moon Major Arcana Trump signifies the subconscious, intuition, the past, and 
illusions. It is a card of deception, and in readings it can mean projecting fear into your present 
and your future, based on past experiences. (Remember this for the last couple of chapters). 


Dog - Our trained, domesticated nature. Wolf - Our wild, primitive instincts. Pond - The 
primordial swamp. Path - Mankind’s journey from unconsciousness to spirituality. Towers - 
illusion of safety. Crayfish/Crab - symbol of astrological Cancer. Distant Mountains - Moving 
towards the unknown. Yod’s falling - spiritual help. 
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In the Qabblah, the Moon is the 9th Sephiroth (linking to the Sun 6, Venus 8, and Mercury 7) 
and also the Moon also appears on the Path of Qoph along with the dreamy Pisces energy. 


Let’s look at sacred scriptures regarding the Moon, starting with the Bible: 


Genesis 1: 14 And God said, Let there be lights in the firmament of the heaven to divide the day 
from the night; and let them be for signs, and for seasons, and for days, and 

years: 15 And let them be for lights in the firmament of the heaven to give light upon the Earth: 
and it was so. 16 And God made two great lights; the greater light to rule the day [the Sun], and 
the lesser light to rule the night [the Moon]: he made the stars also. 17 And God set them in the 
firmament of the heaven to give light upon the Earth, 18 And to rule over the day and over the 
night, and to divide the light from the darkness: and God saw that it was good. 


Matthew 24: 29 Immediately after the tribulation of those days shall the Sun be darkened, and 
the Moon shall not give her light, and the stars shall fall from heaven, and the powers of the 
heavens shall be shaken: 


Mark 13: 24 But in those days, after that tribulation, the Sun shall be darkened, and the Moon 
shall not give her light. 


Isaiah 13: 10 For the stars of heaven and the constellations thereof shall not give their light: the 
Sun shall be darkened in his going forth, and the Moon shall not cause her light to shine. 


Isaiah 30: 25 And there shall be upon every high mountain, and upon every high hill, rivers and 
streams of waters in the day of the great slaughter, when the towers fall. 26 Moreover the light 
of the Moon shall be as the light of the Sun, and the light of the Sun shall be sevenfold, as the 
light of seven days, in the day that the Lord bindeth up the breach of his people, and healeth 
the stroke of their wound. 


Jeremiah 31: 35 Thus saith the Lord, which giveth the Sun for a light by day, and the ordinances 
of the Moon and of the stars for a light by night, which divideth the sea when the waves thereof 
roar; The Lord of hosts is his name: 
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Ezekiel 32: 7 And when | shall put thee out, | will cover the heaven, and make the stars thereof 
dark; | will cover the Sun with a cloud, and the Moon shall not give her light. 


Revelation 21: 23 And the city had no need of the Sun, neither of the Moon, to shine in it, for 
the glory of God did lighten it, and the Lamb is the light thereof. 


Isaiah 60: 19 The Sun shall be no more thy light by day; neither for brightness shall the Moon 
give light unto thee: but the Lord shall be unto thee an everlasting light, and thy God thy glory. 
20 Thy Sun shall no more go down; neither shall thy Moon withdraw itself: for the Lord shall be 
thine everlasting light, and the days of thy mourning shall be ended. 


The Book of Enoch states: 


Chapter 28 states “These are the two great luminaries, whose orbs are as the orbs of heaven; 
and the dimensions of both are equal” and “Uriel likewise showed me another regulation, 
when light is poured into the Moon, how it is poured into it from the Sun.” 


Chapter 71 states “In which gates also the Moon rises and sets; and | beheld the conductors of 
the stars, among those who precede them; six gates were at the rising, and six at the setting of 
the Sun.” 


The Quran states: 


He is the One who rendered the Sun radiant, and the Moon a light, and He designed its phases 
that you may learn to count the years and to calculate." (Qur'an 10:5) 


"Most blessed in the One who placed constellations in the sky, and placed in it alamp, and a 
shining Moon." (Qur'an 25:61) 


"He designed the Moon therein to be a light, and placed the Sun to be a lamp." (Qur'an 71:16) 


Vedic book, The Holy Gita states: 


24 Those who know the Supreme Brahman attain that Supreme by passing away from the world 
during the influence of the fiery god, in the light, at an auspicious moment of the day, during 
the fortnight of the waxing Moon, or during the six months when the Sun travels in the north. 


25 The mystic who passes away from this world during the smoke, the night, the fortnight of the 
waning Moon, or the six months when the Sun passes to the south reaches the Moon planet but 
again comes back. 


**K*K 


Lunar comes from the Latin word Luna, meaning Moon. The Roman goddess of the Moon is 
called Luna (Selene in Greek mythology). Luna was the Roman incarnation of Selene, the Greek 
goddess personifying the Moon. (The word Selene likely comes from a Greek root selas, for 


Page 44 


brightness). The adjective lunar is still used today when referring to the activities and features 
of the Moon. But in Antiquity, lunar was also often employed in reference to both a woman’s 
menstrual cycle and to insanity, (i.e., lunacy, lunatic). 


What is the myth of Selene? 





1. Selene, the goddess of the Moon, falls in love with Endymion and unites with him, 
bearing him fifty daughters. She so loves him she cannot bear the thought of his eventual 
death, so she uses her magic of the night to put him into a deep sleep forever. This way 
she may see him, unchanging, for all eternity. 

2. The beautiful boy Endymion was granted eternal youth and immortality by Zeus and 
placed in a state of eternal slumber in a cave near the peak of Lydian Mount Latmos. 
There his heavenly bride Selene descended to consort with him in the night. 


The cave could be the dark rift for anyone following my other work. 


8. Eclipses 


We will break this up into the two different eclipses we can experience; the solar and Lunar 
Eclipses. What we have been taught about eclipses from a young age is based upon the ball 
Earth model so is therefore needs to be scrubbed, and we have to start again with a blank 
canvas. 


The word eclipse comes from a Greek word meaning "abandonment." Quite literally, an eclipse 
was seen as the Sun (Solar Eclipse) or Moon (Lunar Eclipse) abandoning the Earth. 
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It is a myth that only modern science can accurately predict eclipses, this has been going on for 
millennia in various cultures. Thales accurately predicted an eclipse which ended the war 
between the Lydians and Medes all the way back in 600 B.C. Saros astrology can predict 
eclipses and this goes back to Chaldean and Babylonian astronomers. 


Remember that eclipses occur on the Flat Earth model when the Moon is near one of the two 
FE-Nodes. To produce an eclipse, the Sun must also be near a FE-Node at that time: the same 
FE-Node for a Solar Eclipse, or the opposite FE-Node for a Lunar Eclipse. 


Solar Eclipse 


Note that NASA have not taken any photos or videos of a Solar Eclipse from space, since the 
1960's. This is because satellites and spacecraft are hoaxes, and nothing has gone past 100km 
in altitude. 


NASA with all their money and spaceships just give us a diagram and cartoon style CGI (images 
below), so we need to forget all of this hogwash, and go back to ancient myth. 


To) Fla -tea | os-1- 


Sun, Moon, and Earth 
line up, with the Moon 
in the middle. 





The Solar Eclipse has caused fear, and been associated with myths, legends and superstitions 
throughout history. Even today, an eclipse of the Sun is considered a bad omen in many 
cultures, but we will elaborate on this later. 
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Note: Esoterically and astrologically | would say never to make a big life decision near or on a Solar 
Eclipse (or even during the solar and Lunar Eclipse fortnight) unless you really know what you are doing 
with bringing the energy down and harnessing it. 


In Vietnam, people believed that a giant frog was devouring the Sun, while Viking cultures 
blamed wolves for eating the Sun. In ancient China, a celestial dragon was thought to lunch on 
the Sun. 


Norse mythology explained that eclipses were the doing of sky wolves, or warg, which would 
chase and eat both the Sun and Moon. 





According to ancient Vedic mythology, the deity Rahu, a God of Darkness, attempted to sneak a 
taste of an elixir of immortality. The Sun and Moon told the god Vishnu about Rahu’s crime. 
Vishnu sliced off Rahu’s head as the demon was drinking, so Rahu’s head became immortal. In 
rage and frustration, Rahu’s head continues to chase the Sun and Moon, occasionally 
swallowing them. Because he has no body, however, the Moon and Sun disappear only 
momentarily, and fall out the bottom of his head. Rahu is also known as The Black Sun or 
Shadow Planet. 
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There are scores more myths from around the world regarding the Solar Eclipse, but we will 
focus on Rahu from Vedic lore more than the others. 


**K*K 


Remember in the first Chapter we spoke of FE-Nodes; where the Moon crosses the Sun’s 
trajectory in a given Lunar Month. A Solar Eclipse only occurs when there is a New Moon and 
the Sun and Moon are both at the same FE-Node at the same time. This happens about twice a 
year on average. 


There are three types of Solar Eclipse. 


Partial Annular 


Partial 
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Annular 


Total 





The total and annular Solar Eclipses prove that either the Sun or Moon, or both, vary their 
altitude from the Earth. 


Totality during a full Solar eclipse can only be seen from a very small area on Earth. This area is 
usually about 100 miles (160 km) wide and 10,000 miles (16,100 km) long. Areas outside this 
track may be able to see a partial eclipse of the Sun, and most areas will see nothing. These 
facts all fit very well with the Flat Earth model, and distance and size of the Sun and Moon (that 
we presented earlier). 


Have you ever noticed the path of a Solar Eclipse is always a thin stripped curve on the ball 
model? Place this on the Flat Earth and it’s simply the path of the Sun at the time of the eclipse. 
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Soldering Step by Step 


Earlier I explained the individual factors that affect the quality of a solder joint. 


These are: 


Cleanliness — dirt or impurities drastically hinder good solder coverage. 
Temperature — the right level to enable the solder to flow freely! 
Time — apply heat for just the right amount of time! 


Adequate solder coverage — enough to form a good joint without 
touching neighbouring areas. 


These rules apply whether soldering a p.c.b. or performing other tasks such as 
interwiring (hooking everything together with connecting wire). 


We’ ll now summarise the stages of making a typical solder joint — soldering 
components onto a printed circuit board (through-hole soldering). Most people insert 
components into the circuit board and simply splay the wires out to hold them in place 
under spring tension. I find it best to snip excess wire leads off at this stage, to improve 
accessibility. 


All parts must be bright, clean and free from dirt and grease. 
Try to secure the work firmly to stop parts moving around. 


“Tin” the soldering iron tip with a small amount of solder. Do this 
immediately, with new tips being used for the first time. 


Wipe the tip of the hot soldering iron on a damp cellulose sponge to 
remove excess solder or contamination. 


Many people then add a tiny amount of fresh solder to the cleansed tip just 
before using it. 


Heat all parts of the joint with the iron typically for under a second or so, 
until it’s heated throughout. 


While heating, then apply sufficient rosin-core solder to form an 
adequately-covered joint. 


It only takes a second or two at most, to solder the average p.c.b. joint this 
way. 


Do not move parts until the solder has cooled. 


Remove and return the iron safely to its stand. 


This special photo sequence illustrates these stages. It’s best to start with the 
smallest, fiddliest parts first when soldering a blank p.c.b., because that’s when you’ve got 
the most access on the board. Accessibility will be reduced as more components are 
added, so we’ll start with a simple wire link on a professionally designed p.c.b. 
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KKK 


So what causes the Solar Eclipse? 


Many within the Flat Earth community, many believe there is another object, like a Black Sun 
(Rahu), one driver for this is that the Moon cannot eclipse the Sun because it’s semi-transparent 
- but we debunked this earlier. Some even think this extra body in the sky creates the phases. | 
quote from a Flat Earth public forum: 


“Rahu seems to occasionally try to swallow the Sun and the Moon creating solar and Lunar Eclipses but 

it seems like every month Rahu attempts to swallow the Moon very slowly before the Moon gradually 

comes out the other end meaning that Rahu either has a hole in the end of is simply blocking to Sun. | 
wonder if Rahu is an intelligent entity or a dark piece of matter.” 


“Solar eclipses aren't caused by the Moon, but by a ‘shadow plane-t' known in ancient India as Rahu.” 


This is good conjecture, has some rationality behind it, but is wrong, and | will present why. 


We never have a Solar Eclipse when the Moon has just been visible in the sky. The Solar 
Eclipses only occur when the Moon is a New Moon. E.g. when the Moon is always very near the 
Sun. 


A total Solar Eclipse lasts for only a few minutes at any given place, so what does that tells us? 


It seems that the altitude of the Sun and Moon vary slightly, giving us things like Venus Transits, 
Mercury Transits, and the different Solar Eclipses. Therefore, we see the width of the path of 
totality differs from one eclipse to another. This width can even change during a single Solar 
Eclipse. The track of a Solar Eclipse (path of totality) is a very narrow path over the Earth's 
surface. 


The Solar Eclipses have all the characteristics of an obstructing object passing in front of the Sun 
(the narrow shadow on the Earth, the small duration, and the eclipse shape). 


During a Solar Eclipse, the Sun is indeed obstructed by a round celestial body which | am sure is 
the Moon. 


Annular Solar Eclipses are complete proof that a fully round object is passing in front of the Sun. 


The annular eclipse is just like the Venus transit. The only difference is that the body is much 
larger. 


So could this third Sun (Black Sun, Rahu) be responsible for the annular Solar Eclipse? If we 
analyze it we see that it doesn't hold weight, because | repeat, the Moon is near the Sun in the 
days before the eclipse, and it’s getting closer and closer. Plus, in the day of the Solar Eclipse it 
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is almost exactly near the Sun and during the eclipse it is passing in front of it. There is simply 
nowhere else the Moon can be! Note: We will go further into Rahu in the next section. 


These images are from The Miloslav Druckmiller Institute of Mathematics, Faculty of 
Mechanical Engineering Brno University of Technology, Czech Republic. | have no reason to 
believe that these are fake, and the obstructing body does looks very much like the Moon. 

















Lunar Eclipse 
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The Lunar Eclipse is a tougher nut to crack, and this book will start going a bit deeper now, so sit 
down and strap in. This section will be written slowly and clearly, even with some repetition, 
because the concept has never been written about or talked of before. 


Again, NASA has since the 1960's have taken no photos or videos from space of a Lunar Eclipse. 
This is because satellites and spacecraft are a hoax, and nothing has gone past 100km in 
altitude. 


NASA with all their money and spaceships just give us a diagram and CGI (below), so we need to 
forget all of this hogwash, and go back to ancient myth. 


Anatomy of a Lunar Eclipse 
(Ney mxoMcyer-](-)) 


Penumbra 
(partial shadow) 


iW teteval Umbra 


(sel fexx-xe))} (full shadow) 


Penumbra 
(partial shadow) 


Moon's Orbit 





KKK 


In the Edda, an ancient collection of Scandinavian poetry, embodying the national 
mythology, Managarmer is the monster who sometimes swallows up the Moon, and stains 
the heaven and the air with blood. 


"One of the most terrible phenomena to heathens was an eclipse of the Sun or Moon, which they 
associated with a destruction of all things and the end of the world. | may safely assume that the same 
superstitious notions and practices attend eclipses among nations ancient and modern. The Indian 
belief is that a serpent eats up the Sun and Moon when they arc eclipsed, or a demon devours them. To 
this day the Hindus consider that a giant lays hold of the luminaries and tries to swallow them. The 
Chinese call the Solar Eclipse zhishi (solis devoratio), the lunar yueshi (lunze devoratio), and ascribe 
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them both to the machinations of a dragon. Nearly all the populations of Northern Asia hold the same 
opinion. The Finns of Europe, the Lithuanians, and the Moors in Africa, have a similar belief." 
Grimm’s Teutonic Mythology. 


"An eclipse of the Moon filled them with dismay; they supposed the planet was natua, or under the 
influence of the spell of some evil spirit that was destroying it. Hence they repaired to the temple, and 
offered prayers for the Moon's release.” 

Mariner’s Natives of the Tonga Islands 


“The common notion amongst ignorant Mahometans is, that an eclipse is caused by some evil spirit 
catching hold of the Sun or Moon. On such occasions, in Eastern towns, the whole population assembles 
with pots, pans, and other equally rude instruments of music, and, with the aid of their lungs, make a 
din and turmoil which might suffice to drive away a whole army of evil spirits, even at so great a 
distance." 

Discoveries in the Ruins of Nineveh and Babylon, 1853 


There are scores more myth about the Lunar Eclipse, but they all seem to state the same 
two things. Firstly, a Lunar Eclipse is believed to be devoured by some evil demon, or by 
wolves or dogs. This is the superstitious vagary of the Hindus, the Chinese, Asians, 
Europeans, Africans, Americans, and Polynesians. Secondly, a Lunar Eclipse is the precursor 
of some dreadful calamity to the inhabitants of the Earth. These notions are also traceable 
in every quarter of the Earth. 


Rahu and Ketu are mentioned in the Vedas, and their meanings since Vedic times have not 
remained static, as we will present in due course. Commonly they are known as invisible 
celestial bodies (shadow planets, Black Suns) that interact with the Sun and Moon. These 
demons are said to wreak vengeance on the Sun and Moon whenever they come near. The 
head of this great demon snake is known as Rahu and his tail is known as Ketu. 





(Note the word comet below Ketu for later). 
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The Mahabharata from India (Bhismaparva 13.39-45) uses both Svarbhanu and Rahu as 
interchangeable names. Rahu is a graha, 12000 yojanas in diameter, bigger than both the Moon 
(11000 yojanas) and the Sun (10000 yojanas). Rahu had to be bigger than the Sun and the 
Moon so that it could grab them. Note that the term ‘graha’ here carries the sense of a grabber 
and not that of a body in orbit. 


In more modern times they became simply deities for the Lunar Nodes. Note: The Lunar Eclipse 
only occurs when the Moon is Full, and on an opposite FE-Node to the Sun. 





Rahu 
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& === 
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Sahat (Limear chi 


(See the Nodes section in early chapter for the simple FE-Node explanation). 


*K*K 


Mainstream science tells us that the Lunar Eclipse occurs when the Moon and Sun are on 
opposite Nodes, and then the spherical Earth casts a shadow onto the spherical Moon from the 
Sunlight behind the Earth — from a spherical Sun. This can be experienced as a partial Lunar 
Eclipse, or a Total Lunar Eclipse, or a faint Penumbral Eclipse — each depending on the accuracy 
of the three spheres lining up. 


Page 55 


Mainstream science says this doesn’t happen every month because the three spherical objects 
are not lined up fully (Not accurate enough placement at the Nodes). 


In the Flat Earth model this mainstream indoctrination is all hogwash, as we have proven in 
earlier chapters. They also say it only happens on a Full Moon and at night. This is true within 
the Flat Earth Model. 





In recent years, the term and label Blood Moon has become popular when referring to Total 
Lunar Eclipses, due to the Moon turning fiery red in the middle stage of the Lunar eclipse. 
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The mainstream model falls down on so many levels as you should already know by now. 


Here is a video of a Lunar Eclipse occurring with the Sun rising, ignore the globehead in the 
video as his eyes are under hypnosis from his controlled mind. 


Here are a few quotes to add some more weight. 


“The Newtonian hypothesis involves the necessity of the Sun, in the case of a Lunar Eclipse, being on 
the opposite side of a globular Earth, to cast its shadow on the Moon: but, since eclipses of the Moon 
have taken place with both the Sun and the Moon above the horizon, it follows that it cannot be the 
shadow of the Earth that eclipses the Moon, and that the theory is a blunder.” -William Carpenter, “100 
Proofs the Earth is Not a Globe” (57) 


“That the eclipsor of the Moon is a shadow at all is assumption--no proof whatever is offered. That the 
Moon receives her light from the Sun, and that therefore her surface is darkened by the Earth 
intercepting the Sun's light, is not proved. It is not proved that the Earth moves in an orbit round the 
Sun, and therefore, by being in different positions, conjunction of Sun, Earth, and Moon, 'Day some- 
times occur.’ The contrary has been clearly proved--that the Moon is not eclipsed by a shadow; that she 
is self-luminous, and not merely a reflector of solar light, and therefore could not possibly be obscured 
or eclipsed by a shadow from any object whatever; and that the Earth is devoid of motion, either on 
axes or in an orbit through space. Hence to call that an argument for the Earth's rotundity, where every 
necessary proposition is only assumed, and in relation to which direct and practical evidence to the 
contrary is abundant, is to stultify the judgment and every other reasoning faculty.” -Dr. Samuel 
Rowbotham, “Zetetic Astronomy, Earth Not a Globe!” (301) 


“According to the globular theory, a Lunar Eclipse occurs when the Sun, Earth, and Moon are in a direct 
line; but it is on record that since about the fifteenth century over fifty eclipses have occurred while 
both Sun and Moon have been visible above the horizon.” -F.H. Cook, “The Terrestrial Plane” 


The Greenwich Royal Observatory recorded that “during the Lunar Eclipses of July 17th, 1590, 
November 3rd, 1648, June 16th, 1666, and May 26th, 1668 the Moon rose eclipsed whilst the Sun was 
still above the horizon.” McCulluch’s Geography recorded that “on September 20th, 1717 and April 
20th, 1837 the Moon appeared to rise eclipsed before the Sun had set.” Sir Henry Holland also noted in 
his “Recollections of Past Life” the April 20th, 1837 phenomena where “the Moon rose eclipsed before 
the Sun set.” The Daily Telegraph recorded it happening again on January 17th, 1870, then again in July 
of the same year, and it continues to happen during Lunar Eclipses to this day. 


“As before stated, the Earth is proved to be a plane, without motion, and always several hundred miles 
below the Sun and Moon, and cannot, by any known possibility come between them. It cannot 
therefore intercept the light of the Sun, and throw its own shadow upon the Moon. If such a thing were 
a natural possibility, how could the Moon continue to shine during the whole or any considerable part 
of the period of its passage through the dark shadow of the Earth? Refraction, or what has been called 
"Earth light," will not aid in the explanation; because the light of the Moon is at such times "like the 
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glowing heat of firer tinged with deep red." "Reddish is not the word to express it, it was red--red hot." 
"The reddish light made it, seem to be on fire." "It looked like a fire smouldering in its ashes." "Its tint 
was that of red-hot copper." The Sun light is of an entirely different colour to that of the eclipsed Moon; 
and it is contrary to known optical principles to say that light when refracted or reflected, or both 
simultaneously, is thereby changed in colour. If a light of a given colour is seen through a great depth of 
a comparatively dense medium, as the Sun is often seen in winter through the fog and vapour of the 
atmosphere, it appears of a different colour, and generally of such as that which the Moon so often 
gives during a total eclipse; but a shadow cannot produce any such effect, as it is, in fact, not an entity 
at all, but simply the absence of light.” Zetetic Astronomy, Samuel Birley Rowbotham, 1881 


2K KK 


So again, we have to go back to a blank canvas, and really note what we see with our eyes 
regarding the Lunar Eclipse. 


We see the Moon de-illuminate, go fiery red, and then illuminate. Sometimes it de-illuminates 
fully, sometimes only a little — depending on its accuracy to the Sun at the other FE-Node. 


The Lunar Eclipse event cannot be from the Sun’s light in any way, whether it is direct Sunlight, 
Sunlight refracting around the Earth’s atmosphere, or Sunlight somehow bending around the 
Earth’s atmosphere. Why? Because we are ona Flat Earth Model. 


So, what is going on? What is making the Moon turn black and red? And why does everyone 
assume it is a shadow of some kind? 





Again, we can somewhat crudely place a Lunar Eclipse viewing area onto the Flat Earth model 
(note: the dark blue and red signifies 100% visible, and the light blue and white signifies 0% 
visible). This is from a recent Lunar Eclipse. 
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Hopefully you have noticed that there is a massive viewing area of the Lunar Eclipse compared 
to the Solar Eclipse. This is important as we shall present. 


KK 


So what is truly going on? 


It is true that there are three Lunar events we can experience; a total, partial, and a faint de- 
illumination / shadowing of the Moon, with the Moon turning a fiery blood red in the middle of 
a total de-illumination / shadowing. 


Lunar eclipses look the same to all who can see them, and are seen at the same time, even if 
these people are thousands of miles apart. This is different to the Solar Eclipse. 


Lunar eclipses have all the characteristics of the source of light losing its power and changing its 
own color. Before you close the book, please hold on and read further, | will take it slowly. 


A Lunar Eclipse is seen wherever it’s night time. If it were the case that the Moon is obstructed 
by another celestial body (Rahu, Ketu, Shadow Planet, Mount Meru, Black Sun, Lilith) we would 
have seen the same phenomena as in the case of the Solar Eclipse — only visible in a small 
location. 


A Lunar Eclipse may be viewed from any place on Earth that is in darkness (at night). Lunar 
eclipses last for a few hours, much longer than the minutes of the Solar Eclipse. 


They are completely different events. 


As the Lunar Eclipses are seen over a massive land space and at the same intensity, it would 
mean that any obstructing body would be huge (many times bigger than the Moon), and if this 
were the case, then the stars which are situated in a large portion of the sky, surrounding the 
Moon would be eclipsed as well. But that is not the case, and only the Moon is affected. 


Note here | am a firm believer that all the stars are above the Moon, but the wandering stars (plane-ts) 
are much lower and some may come very rarely in front of the Moon — see transparency chapter. 
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“* A typical professional blank p.c.b. — silk-screen printing shows what goes where. 
The underside has been treated with a green solder resist coating, and the solder pads are 
ready-tinned to help with soldering. 


“* Preparing a wire link for soldering — cut off some tinned copper wire and bend 
the ends to fit the p.c.b. correctly. Round-nose pliers (shown) are perfect for this, but 
ordinary electronics or “radio” pliers will do. 


If it were Mount Meru at the North Pole creating the shadow (another theory being banded 
about), or the Black Sun, Rahu etc, it simply would be too huge. 


YouTube videos and forums that spout these sorts of diagrams have not thought it through 
enough, because this would affect our sight to the Moon and sky at other times of the month, 
even daily it would cause a visual experience that we just don’t witness. 





The change in color during a Lunar Eclipse is seen simultaneously by people in different 
continents, and because of this, the obstruction theory is impossible. Rahu and Ketu we will 
sort out soon enough, they do hold relevance to the Sun and Moon, but we must proceed with 
the Lunar Eclipse explanation. 


This event only occurs at a Full Moon, why? 


Since the Earth is flat, we already know that the phases of the Moon are not caused by the 
shadow of the Earth or from the Sun’s light. 


But Lunar Eclipses never happen during the other phases of the Moon, no partial, penumbral, or 
total eclipse of the Moon occurs. There is no Moon eclipse when the Moon is not full. Why is 
this? 


There are no eclipses because during the other phases of the Moon, the Moon is actually 
eclipsed but not by another celestial body, but by itself, it just loses its power, and it does 
exactly the same thing when it’s a Full Moon sometimes, when the Sun and Moon are both at 
opposite FE-Nodes, when the Sun has more of an energetic link to it. An aspect in astrological 
terms. 
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Only when it illuminates and de-illuminates in the space of a few hours do people call it a Lunar 
Eclipse. When the Moon illuminates and de-illuminates more slowly, people call it phases. 


During the phases’ period, which last a long time, the Moon is not obstructed by anything, and 
it illuminates and de-illuminates. During the Lunar Eclipse period, which lasts a shorter time, 
the Moon is not obstructed by anything, and it also illuminates and de-illuminates. 


The Moon also turns a fiery, blood red; this is it sparking, trying to regain its power. It has its 
link to the Sun in geometric alignment at this time via the FE-Nodes, and it wants to regain its 
power. It is fully illuminated (Full Moon), aligned to the Sun, and it is the best and only time for 
it to spark / jolt / surge it’s power. It’s the time when it’s energetically linked to the Sun in a 
geometric aspect, and highly probably at exactly the same height. (We saw earlier the Moon 
and/or Sun’s altitude has to vary slightly). 


What's this about the Moon losing power, regaining power, surging in power sparking in 
power? 


The next chapter will go into this thesis alone as for sure it needs some weight to back up this 
claim, for now we must continue with the Lunar Eclipse. 


**K* 


Because both the Solar and Lunar events are both labeled Eclipses, people automatically think 
they are similar events, but it’s misleading. They are completely different events. 


Another major key in all of this is what happens to the Moon just before and just after it turns 
red. Asmall portion of the Moon starts to illuminate much brighter than it was the previous 
minutes, hours, and even days. 


The first illuminating portion of the Moon after the red colour of the Moon shines really bright. 


The last illuminating portion of the Moon just before the red colour of the Moon also shines 
really bright. 


Before the red experience, this bright illuminated portion gets bigger and brighter, then the 
whole Moon gets illuminated and then it turns red. It is like it is rebooting itself, or surging in 
power, or energetically handshaking with the Sun across at the other FE-Node. 


An obstructing object (Rahu etc) simply cannot do this. 
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Watch these two time lapse videos of the Lunar Event, and let go of what you've been taught. 
What is really happening? Watch passively with your eyes and not your mind. Video1 Video2. 


The Moon is losing power (or preparing energy, retracting), and then sparks (surges, pulses) red, 
then regains power. This could be seen as the Moon simply malfunctioning, akin to a broken 
electronic gadget. It looks like a malfunctioning spotlight that has short-circuited, and it’s 
blinking / flickering. It seems to be a small reset of an already malfunctioning device. 


Remember, this event only happens on a Full Moon (already powered up) and when the Sun is 
in a geometric alignment, and with an FE-Node alignment (energy can be shared between the 
Sun and Moon, akin to a super tight and accurate astrological opposition aspect). 
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Also, really think about these images below, and the labels you have used all your life. On the 
left is a photo of the Moon in phase, and on the right is a photo of a Lunar Eclipse. 





There is no difference in the core of both events; the Moon just de-illuminates in both 
instances. 


2K KK 


Lunar eclipses usually don’t occur in any specific order. However, every once in a while, four 
total Lunar Eclipses happen in a row. This is called a Lunar Tetrad. These total Lunar 
Eclipses happen 6 months apart, having at least six full Moons between two total Lunar 
Eclipses in a tetrad. 


At the time of writing we are coming up to the final Total Lunar Eclipse within the current 
Tetrad, funnily enough, a Tetrad that contains links to Jewish festivals. There is much 
information - Cern relevance, plus Hollywood symbolism stating a meteorite or comet may hit 
the Earth. Pick one from disinformation, top shelf fear porn, an illuminati joke, an illuminati 
controlled event, or something actually coming. We will see. It should be mentioned here 
though that myth all around the ancient world saw the red Moon as a sign of cataclysm. 


Passover Passover Sukkot 
4/15/14 4/4/15 9/28/15 
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9. The Moon is an Old Malfunctioning Sun Thesis - Introduction 





Let go of old notions and fee! the initial logic. 


e The Moon is the same size as the Sun. 

e The Moon is at nearly the same altitude as the Sun. 

e The Moon travels in almost the same trajectory as the Sun (a five degree, skewed tilt 
difference, wherein the Moon crosses the Sun’s trajectory twice a month in what we 
have called FE-Nodes). 

e The Moon nearly travels at the same speed as the Sun, but is slightly slower as it’s lost its 
power and has malfunctioned. The Sun catches it and overtakes it once a lunar month 
at the New Moon. 

e The Moon self illuminates and self de-illuminates for phases. 

e The Moon self illuminates and self de-illuminates for Lunar Eclipses. 

e The Moon turns a fiery blood red when powered up (Full Moon) when at the same time 
holds a geometric aspect to the Sun (strangely labeled a Lunar Eclipse). 

e The Sun has been known to turn the same very fiery red too (explained below). 

e Both affect plants and animals.....and all life on the planet. 

e Both have evidence of being electric in their nature. 

e Both send intelligent light waveforms to the ground of the Earth. 


Obviously we need much more information than the above. So let’s go to old books, scriptures, 
and the ancient myths once again, and include the related Sun information before we start to 
tie things together with more weight. 


It is written in scripture that the Sun we know now also turned red, blood red. The Sun we 
know now also lost its power and turned red. 
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“In AD 542, according to Hector Boetius, "The Sun appeared about noondays, all wholly of a bloody 
colour. The element appeared full of bright stars to every man's sight, continually, for the space of two 
days together." 

Comet/Asteroid Impacts and Human Society: An Interdisciplinary Approach, Peter T. Bobrowsky, Hans 
Rickman — 2007 


“On April 23, 1547, in England, France and Germany, the Sun appeared for three days as if it were 
suffused by blood while at the same time many stars were visible at noon." 
Cosmos: A Sketch of a Physical Description of the Universe, Vol4, Alexander von Humboldt 


"On the forenoon of October 11th, 1520, an eclipse of the Sun was expected. At eight seconds past ten 
a.m. The Sun, having then reached the altitude of 42°, began to lose its brightness, and gradually 
continued so to do, changing to a dark red colour, without any cloud intervening that could be 
perceived. No part of the body of the Sun was hid, but the whole appeared as when seen through a 
thick smoke, till it passed the altitude of 44%°, after which it recovered its former 
lustre." 

Discoveries in the South Sea, p. 39, by Captain James Burney. 


So we see that the stars near the Sun were visible with the Blood-Sun too, meaning the sky was 
not obstructed by anything. It seems the Sun had some problem, it lost its power and it turned 
red........ just like the Moon does. 


Below are some ancient examples of there not even being a Moon in the sky. 


The period when the Earth was Moonless is probably the most remote recollection of mankind. 
Democritus and Anaxagoras taught that there was a time when the Earth was without the 
Moon.(1) 


Aristotle wrote that Arcadia in Greece, before being inhabited by the Hellenes, had a population 
of Pelasgians, and that these aborigines occupied the land already before there was a Moon in 
the sky above the Earth; for this reason they were called Proselenes.(2). 


Apollonius of Rhodes mentioned the time “when not all the orbs were yet in the heavens, 
before the Danai and Deukalion races came into existence, and only the Arcadians lived, of 
whom it is said that they dwelt on mountains and fed on acorns, before there was a Moon.” (3) 


Plutarch wrote in The Roman Questions: “There were Arcadians of Evander’s following, the so- 
called pre-Lunar people.”(4) 


Similarly wrote Ovid: “The Arcadians are said to have possessed their land before the birth of 
Jove, and the folk is older than the Moon.” (5) 


Hippolytus refers to a legend that “Arcadia brought forth Pelasgus, of greater antiquity than the 
Moon.”(6) 
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Lucian in his Astrology says that “the Arcadians affirm in their folly that they are older than the 
Moon.” (7) 


Censorinus also alludes to a time in the past when there was no Moon in the sky.(8) 


Some allusions to the time before there was a Moon may be found also in the Scriptures. In Job 
25:5 the grandeur of the Lord who “Makes peace in the heights” is praised and the time is 
mentioned “before [there was] a Moon and it did not shine.” Also in Psalm 72:5 it is said: “Thou 
wast feared since [the time of] the Sun and before [the time of] the Moon, a generation of 
generations.” A “generation of generations” means a very long time. Of course, it is of no use to 
counter this psalm with the myth of the first chapter of Genesis, a tale brought down from 
exotic and later sources. 


The memory of a world without a Moon lives in oral traditions among Indigenous tribes. The 
Indians of the Bogota highlands in the eastern Cordilleras of Colombia relate some of their tribal 
reminiscences to the time before there was a Moon. “In the earliest times, when the Moon was 
not yet in the heavens,” say the tribesmen of Chibchas.(9) 


In the memory of mankind, no Moon accompanied the Earth.(10) 


Since human beings already peopled the Earth, it is improbable that the Moon sprang from it: 
there must have existed a solid lithosphere, not a liquid Earth. Thus while | do not claim to know 
the origin of the Moon, | find it more probable that the Moon was captured by the Earth. Such 
an event would have occurred as a catastrophe.(11) 


If the Moon’s formation took place away from the Earth,(12) its composition may be quite 
different. 


There is no evidence to suggest whether the Moon was a planet, a satellite of another planet, or 
a comet at the time of its capture by the Earth. Whatever atmosphere it may have had(13) was 
pulled away by the Earth, by other contacting bodies, or dissipated in some other way. 


References for the above claims and quotes:. 

1. Hippolytus, Refutatio Omnium Haeresium V. ii. 

2. Aristotle, fr. 591 (ed. V. Rose [Teubner:Tuebingen, 1886] ). Cf. Pauly’s Realencyclopaedie der classischen Altertumswissenschaft, article 
“Mond” ; H. Roscher, Lexicon d. griech. und roemisch. Mythologie, article “Proselenes.” 

3. Argonautica IV.264. 

4. Plutarch, Moralia, transl. by F. C. Babbit, sect. 76. 

5. Fasti, transl. by Sir J. Frazer, Il. 290. 

6. Refutatio Omnium Haeresium V. ii. 

7. Lucian, Astrology, transl. by A. M. Harmon (1936), p. 367, par. 26. 

8. Liber de die natali 19; also scholium on Aristophanes’ Clouds, line 398. 

9. A. von Humboldt, Vues des Cordilléres (1816), English transl.: Researches Concerning the Institutions and Monuments of the Ancient 
Inhabitants of America, (1814), vol. |, p. 87; cf. H. Fischer, In mondener Welt (1930), p. 145. 

10. [In addition to the sources cited above, cf. The Nihongi Chronicles of Japan (I.ii, in Transactions and Proceedings of the Japanese 
Society, vol. | [1896]) which recount how “Heaven and Earth... produced the Moon-god.” The Kalevala of the Finns recalls a time “when 
the Moon was placed in orbit.” (Rune III.35)] 

11. [Cf. The effects of such an event on the Earth’s rotation calculated by H. Gerstenkorn in Zeitschrift fuer Astrophysik, 36 (1955), p. 245; 
cf. idem, in Mantles of the Earth and the Terrestrial Planets, S. K. Runcorn ed., (New York, 1967); also idem in Icarus 9 (1968), p. 394.] 

12 .[Cf. H. Alfven and G. Arrhenius, “Two Alternatives for the History of the Moon,” Science 165 (1969), 11ff.; S. F. Singer and L. W. 
Banderman, “Where was the Moon Formed?” Science 170 (1970), 438-439: “. 

13. [Cf. Yu. B. Chernyak, “On Recent Lunar Atmosphere,” Nature, 273 (15 June, 1978), pp. 497ff. 
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“And the Sun, and the Moon, and the stars were now all established. Yet was not the Sun then in the 
beginning the same as now; his heat wanted force, and he was but as a reflection in a mirror; verily, say 
the histories, not at all the same Sun as that of to-day. Nevertheless he dried up and warmed the 
surface of the Earth, and answered many good ends.” 

Bancroft, H. H., “The Native Races, vol. 3-Myths and Languages” P51. (Central American myth) 


“Immediately on the death of the gods the Sun began his motion in the heavens; and a man called 
Tecuzistecatl, or Tezcociztecatl, who, when Nanahuatzin leaped into the fire, had retired into a cave, 
now emerged from his concealment as the Moon.” 

Same book as above, P62. (Central American myth) 


“The present is the Fourth Age. To it appear to belong the falling of the goddess-born flint from heaven, 
the birth of the sixteen hundred heroes from that flint, the birth of mankind from the bone brought 
from hades, the transformation of Nanahuatzin into the Sun, the transformation of Tezcatecatl into 
the Moon, and the death of the sixteen hundred heroes or gods. It is called the Sun of Fire, and is to be 
ended by a universal conflagration.” Same book as above, P64 . (Central American myth) 


Jain cosmology records tell us that there were two Sun and two Moon revolving over Jambudvip 
(Earth), as do other myths. 


"This is the age of the fifth Sun......... Eventually, two bright Suns rose in the sky. Angry that Tecciztecatl 
continues to follow Nanauatl, the other gods throw a rabbit at him, dimming the Sun and leaving an 
imprint of a rabbit on his face. This is why the Aztecs say there is a rabbit in the Moon.” 
Welker, Glen. Aztec Creation Story. Indigenous People's Literature 


"And it is the existence of two rival celestial bodies that, as we will see further, is an important motif of 
theMaya and, in particular, Lacandon mythology,as well as the need to subsequently eliminate one of 
them.In the Central Mexican cosmological story, one of the angry gods threw a rabbit in the face of the 
coward Tecuciztécatl, causing him to lose his brilliance. Tecu- ciztécatl thus became the false Sun with 
weak bril-liance — the Moon" 
www.academia.edu/9523131/THE_MAYA_MYTH_ABOUT_TWO_SUNS 


If you think these are crazy old quotes, google recent events of humans witnessing two Suns in 
the sky (see images below). Some witnesses claim that one Sun came from behind the one we 


know. 
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Moving on.....The powers that be invented the term, Sun dogs for a sky phenomena seen many 
times throughout history. Therefore most of this grouping of eye witness accounts from the 
past and recent times are ignored. Maybe people didn't see reflections, they saw parts of our 
reality that they were not supposed to see? 





"My beloved children, | want to tell you that on the day after the departure of our brothers Kuntz and 
Michel, on a Friday, we saw three Suns in the sky for a good long time, about an hour, as well as two 
rainbows. These had their backs turned toward each other, almost touching in the middle, and their 

ends pointed away from each other. And this I, Jakob, saw with my own eyes, and many brothers and 

sisters saw it with me. After a while the two Suns and rainbows disappeared, and only the one Sun 
remained. Even though the other two Suns were not as bright as the one, they were clearly visible. | 
feel this was no small miracle." 
Jacob Hatter, Brotherly Faithfulness: Epistles from a Time of Persecution 





And let us not forget how Hollywood love to put things in our faces. 
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“* Wires are prodded through the holes in the board, then turn it upside down to 
view the solder side. You can then “spring” or splay the ends apart slightly, so they are 
held in place while you solder them. 


“ Wipe the hot soldering iron on the damp sponge to clean the tip. Do this 
periodically when contamination, flux deposits etc. build up on the iron to keep the tip 
nice and shiny. Tip Tinner & Cleaner helps too. 


There have also been reports of two Moons in recent centuries, The first major claim of another 
Moon of Earth was made by French astronomer Frédéric Petit, director of the Toulouse 
Observatory, who in 1846 announced that he had discovered a second Moon in an elliptical 
orbit around Earth. It was claimed to have also been reported by Lebon and Dassier at Toulouse, 
and by Lariviere at Artenac Observatory, during the early evening of March 21, 1846. Also In 
1898 Hamburg scientist Dr. Georg Waltemath made a similar claim, and in 

1918, astrologer Walter Gornold made a similar claim. Some said this was Lilith, but this has 
not been proved. 


Is there other evidence of the Sun losing its power more recently? 


There is a story of a cataclysm in the 6th century few really know of. Between the years 535 
and 536, a series of major global climatic events took place that could easily be described as a 
global cataclysm with catastrophic consequences: 


“There was a sign from the Sun, the like of which had never been seen and reported before. The Sun 
became dark and its darkness lasted for 18 months. Each day, it shone for about four hours, and still 
this light was only a feeble shadow. Everyone declared that the Sun would never recover its full light 
again.” 
John of Ephesus, Church Leader, Historiae Ecclesiasticae 


“... during this year a most dread portent took place. For the Sun gave forth its light without 
brightness...and it seemed exceedingly like the Sun in eclipse, for the beams it shed were not clear.” 
History of the Wars: The Vandalic War.Procopius, who lived between 500 and 565 AD 


The sixth century writer, Zacharias of Mytilene, who authored a chronicle that contains a 
section referring to the ‘Dark Sun’ for the period of 535/536 AD: 


“The Sun began to be darkened by day and the Moon by night, while the ocean was tumultuous with 
spray from the 24th of March in this year till the 24th of June in the following year... And, as the winter 
was a severe one, so much so that from the large and unwonted quantity of snow the birds perished... 

There was distress... among men... from the evil things.” 
Zacharias of Mytilene (Chronicle, 9.19, 10.1) 


In the mid-sixth century, Europe and Asia experienced the most severe and protracted episode of 
cooling of the last 2,000 years. 
Claire Bates, Mail Online 


The year 1816 became known as the year without summer with extremely cool temperatures all 
around the Earth, and snow in rare places in the summer. 
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NASA brings up excuses for the malfunctioning Sun in the above events by saying there was an 
asteroid or volcano eruption, accompanied by some trademark CGI, but don’t be fooled, the 
Sun lost its power. 


Another clue, which helps to prove that the Moon was once a Sun, though now at different 
states of health and life, is that both affect the tides (as we mentioned in an earlier chapter). 


Eric Dollard (called a modern day Tesla), says that the current Sun is losing power. He says the 
Sun burns no energy, actually burns nothing, and has no fusion, but is more a convertor of 
electromagnetic light. A giant Tesla lamp, so to speak. 


So, the Sun is not just a burning celestial body that's emanating heat like a camp fire, because if 
it were it would have been hotter on mountain peaks or at 20 miles’ altitude, for example. 
But that is not the case, it gets very cold as we go up to 100km. We know this for a fact. 


So then, the light from the Sun reacts with the dense atmosphere at ground level and it 
produces heat. 

In interactions with matter, visible light primarily acts to elevate electrons to higher energy 
levels, thus we see that visible light and gamma rays and microwaves are really the same things. 
They are all electromagnetic radiation; they just differ in their wavelengths. 

Most of the electromagnetic radiation from the Sun is in the form of visible light. Light is made 
up of waves of different frequencies. These frequencies are interpreted by our brain as colors. 
Infrared waves and ultraviolet waves are two types of waves from the Sun that we cannot see. 
So because the atmosphere is so dense at ground levels the microwaves from the Sun generate 
heat by generating electron excitation in the air gases. 

The same phenomena happens also to living organisms. We all know the heating effect that 
Sunlight has on our skin. The denser an object is - the greater is the heating effect. 

This type of heat transfer can be observed on Sunny days. Your face will feel warm when you 
are standing in the Sun. The Sunlight is absorbed by your face, and warms your face without 
warming the air around you at the same level. The energy from the Sun that is absorbed by 
your face is called radiant energy or radiation. Radiation is the transfer of this heat energy by 
electromagnetic waves. 


So the light that comes from the Sun is complex and intelligently designed with many 
frequencies. 


Because the Moon is a malfunctioning Sun, the frequencies are changed, and only a fraction of 


the spectrum is emanated because of the dimmed power, so the effect it has on the Earth's 
surface has changed. 
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Please read the online article, “Ultraviolet Spectral Radiant Energy Reflected from the Moon” by 
Ralph Stair and Russell Johnston, from 1953. 

Note: Some systems may not open this link due to a Microsoft bug, if this is the case, copy the below link, apologies; 
http://nvlpubs.nist.gov/nistpubs/jres/51/jresv51n2p81_A1b.pdf 


In the above article we see that some researchers discovered that the Moon has some of the 
wavelengths found in the Sun. Of course they interpreted the data from the round Earth 
perspective, and they incorrectly believed that the frequencies they were recording were 
reflected by the Moon. But since the Moon is self-illuminated, the ultraviolet spectral energy 
was not reflected from the sun, and instead was produced by the Moon itself. 


We all know for sure that the Sun has a huge role in sustaining life on earth, and nobody can 
contradict its importance. But what about the Moon? 

Samuel Rowbotham presented some good proofs based upon observations, and also upon 
experiments; that the moonlight is detrimental to life on earth. 

And it’s exactly what we can expect from a malfunctioning device, its life sustaining functions 
are not present anymore and the light it emits now is not so beneficial for the life on earth, 
since the majority of the life giving frequencies and wavelengths are missing. 


* ** 


The light emanated by the Sun contains multiple wavelengths, and visible light is only a small 
part of it. 


Ultraviolet 


UVB | UVA 





100 280 315 400 700 wavelength (nm) 


The range of electromagnetic energy emitted by the Sun is known as the solar spectrum and 
many researchers have found information encoded in the Sunlight. 
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Sunlight is intelligent, it’s not a huge burning body like NASA wants us to believe. This eludes to 
the fact that it could have inter-dimensional controllers, or human manipulators via something 
like chemtrails. 


Therefore, the Sun must either have some sort of pranic energy or electrical plasma energy. 


Know this too: All solar flare information is presented to us through NASA satellites; it can all be 
scrubbed. Spots on the Sun exist, but flares have to be ruled out for now. 


Ask yourself if you can really know for sure if this is a photo of the Moon or the Sun? 





But how did the old malfunctioning Sun initially occur? How did the new Sun arrive? What 
was the catalyst for this event? 


It seems that during a cataclysm the sky mechanism changed somehow. 


The Moon, as we know it from the perspective of this book, is an ancient Sun that lost its power 
during the last major cataclysm, and is now malfunctioning. This takes us to the last chapter. 
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10. The Moon is an Old Malfunctioning Sun Thesis - Advanced 





To backup such a bold statement that the Moon is an old malfunctioning Sun, | will provide 
more information from all around the world. This chapter will only include a small percentage 
of what | have actually found, for a whole book could be written about this subject alone. 


So for a Sun to lose its power and malfunction, and a new Sun to appear, what event could 
create (or coincide with) this occurrence? 


A Cataclysm, and most know the last big one occurred between 10,000-10,000BC, although 
some say they occur, cyclic, every 5000 years. 


| already have a related long article written here, and a one-hour video here. Neither are 
absolutely necessary before this chapter, but either or both will help to back up claims of the 
Moon and Sun being centre stage in past cataclysms, from a Flat Earth perspective. 


These two offerings elude to the Dark Rift being near us, and a new Sun (and/or destroyer) 
coming out of the dark rift / milky way, also known as the Virgin Birth, the Cosmic Birth, the 
Cave, The Gate to the Underworld, the Great rift, the Black Road, the Road to the Underworld, a 
Crevice in the Branches of the Cosmic Tree, the Mouth of the Cosmic Monster, and the Birth 
Canal of the Cosmic Mother. 
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There are tales all around the world of the Sun’s light dying out, days of darkness, a new Sun, 
old Suns (Maya we are in the 5" Sun, Chinese we are in the 10" Sun, Toltec we are in the 3"), 
the Sun standing still, the Sun causing destruction by fire, there being no Sun, Moon or stars in 
the sky, the Sun dimming, the Moon falling, the Sun falling, the stars falling, the Sun rising in the 
west and setting in the east, the Sun travelling too fast, too slow and the Sun and Moon 
travelling off their normal paths. 


Here is a good example of some of myths and scripture to add some initial weight. 


“The third Sun (or era) is called Quia-Tonatiuh (Toltec Deity), son of rain, because there fell a rain of 
fire; all which existed burned; and there fell a rain of gravel. The sandstone, which we now see 
scattered about ‘boiled with great tumult, there also rose the rocks of vermilion color.’ 

Now, this was in the year Ce Tecpatl, One Flint, it was the day Nahui-Quiahuitl, Fourth rain. Now, in this 
day, in which men were lost and destroyed in a rain of fire, they were transformed into goslings; the 
Sun itself was on fire, and everything, together with the houses, was 

consumed.” 
Donnelly, |., “Ragnarok: The Age of Fire and Gravel” (N.Y.,D. Appleton, 1885) 


“There was a tremendous hurricane that carried away trees, mounds, houses, and the largest edifices, 
notwithstanding which many men and women escaped, principally in caves, and places where the great 
hurricane could not reach them. A few days having passed, they set out to see what had become of the 

Earth, when they found it all populated with monkeys. All this time they were in darkness, without 
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seeing the light of the Sun, nor the Moon, that the wind had brought them.” 
Donnelly, I., “Ragnarok: The Age of Fire and Gravel” 


The Algonquin Indians were located in Eastern Canada and the New England States: 


“She is the evil minded woman who thus brings diseases upon men, who at the outset introduced pain 
and death in the world-our common mother, yet the cruel cause of our present woes... The ancient 
Algonquins believed brought death and disease to the race; ‘it is she who kills men, otherwise they 
would never die; she eats their flesh and gnaws their vitals, till they fall away and miserably perish.’ 
Who is this woman? In the legend of the Muyscas it is Chia, the Moon, who was also goddess of water 
and flooded the Earth out of spite.” 
Brinton, D. C., “Myths of the New World” (Philadelphia, David McKay, 1896). 


The Pawnee Indians of Nebraska are even more descriptive about what happened to the Sun 


when the cataclysm occurred. In their legend they say that when the Sun goes out, the world 
will come to an end. The legend: 


“The old people told us that the Morning-Star said that when the time came for the world to end the 
Moon would turn red; that if the Moon should turn black it would be a sign that some great chief was 
to die; that when the Moon should turn red the people would then know that the world was coming 
to an end. the Sun was also to shine bright and all at once that brightness would die out and the end 
would come.... The old people knew also that when the world was to come to an end there were to be 

many signs. Among the stars would be many signs. Meteors would fly through the sky. the Moon 
would change its color once in a while. the Sun would also show different colors, but the sign which 
was to be nearest to the people was that the rivers and the creeks were to rise.” 
Dorsey, G. A., “The Pawnee Mythology, Pt. 1 “ 


“The Pawnee legend mentions six of the points we mention in our theory: the flood, the high winds, the 
fire from the heavens, the Moon changing color, the waters sloshing around, and finally the Sun 
changing colors. We can forgive them for mixing up the order in which some of these occur; but after 
all, this legend had to have originated about 12,000 years ago, so we could expect some changes from 
the original legend. What is also interesting is that the Pawnee, like the other Indian tribes, knew that 
God is the one who brought this cataclysm down upon man.” 

Dorsey, G. A., “The Pawnee Mythology, Pt. 1“ 


“The Botocudos Indians of Brazil say that the destruction was caused by the Moon falling on the Earth 
from time to time.” Brinton, D. C., “Myths of the New World” (Philadelphia, David McKay, 1896). 


“Mluyscas Indians of Columbia. At one time they associated the Moon with flooding the Earth out of 
spite.” (same books as above-pl56) 
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The Menehune people, who migrated from New Zealand to the Hawaiian Islands thousands of 
years ago, Said that one of their gods, Kahana, brought back the Sun after the Sun had vanished 
and the Earth was dark for a period of time. Now we come to the legends of Kana who restored 
the Sun. In this legend, the evil chief, Kahiki, is the one who takes away the Sun from the 
people. The legend goes as follows: 


“Niheu treats roughly the messenger of Kahoalei (-li’i), ruling chief of Kahiki and the chief in anger takes 
away the Sun, Moon, and stars from Hawaii. Uli sends Kana with Niheu to bring them back. As Kana 
stretches to the sky to reach the light, Niheu dies of cold and is left behind, but Kana bends over to 
Kahiki and drops into the spring of two old relatives, who give him fire to guide him ahead and wind to 
bear him behind until he reaches the border of Kahoalei’s land. He finds Uli’s brother Manu-a guarding 
the pit (cave) down which the food is kept by the people below and handed up to those above. He puts 
down a plump black hand which his relatives recognize and fill, first with food, then with water, then 
with the birds called Kaiwea (fishhawk) which signal the day, then birds and the cock that crows for 
dawn, finally stars, Moon, and Sun, all of which he places in the sky. The chief himself next emerges 
and returns with Kana to tour the land, restoring Niheu to life on theway. When Ka-hoa-lei reaches 
Hawaii he finds that Kana and Niheu have both died and he rules there many years.” 
Beckwith, M., “Hawaiian Mythology” (Honolulu, University of Hawaii Press, 1970). 


The philosopher, Wen-Tze, gives us the following description of what happened during the last 
cataclysm: 


“When the sky, hostile to living beings, wishes to destroy them, it burns them; the Sun and the Moon 
lose their form and are eclipsed; the five planets leave their paths; the four seasons encroach one 
upon another; daylight is obscured; glowing mountains collapse; rivers are dried up; it thunders then in 
winter, hoarfrost falls in summer; the atmosphere is thick and human beings are choked; the state 
perishes; the aspect and the order of the sky are altered; the customs of the age are disturbed (thrown 
into disorder) all living beings harass one another.” 

Velikovsky, I., “Worlds in Collision” 


“Another Taoist author, Hoei-Nan-Tze, says that when the Earth and the Sun leave their path, a 
tremendous flood will cover the Earth.” —Velikovsky, |., “Worlds in Collision” 


Throughout Chinese recorded history, the emperors of China have insisted that astronomy be 
studied to its highest attainable level, for in their mythologies, it is recorded that certain 
catastrophic events occur on the Earth when particular celestial phenomena occur. One of the 
most important of these phenomena is a Solar Eclipse. A Solar Eclipse was considered a very 
evil omen. To quote from the lamentations from the Shih King, Ode 9, (Shik Yueh Kih Kiao): 


“The Sun and Moon announce evil, not keeping to their proper paths. Throughout the kingdom there 
is no (proper) (order), because the good are not employed. For the Moon to be eclipsed is but an 
ordinary matter. Now that the Sun has been eclipsed, how bad it is. 

Grandly flashes the lightning of the thunder. There is a want of rest, a want of good. The streams all 
bubble up and overflow. The crags on the hill-tops fall down. High banks become valleys; deep valleys 


Page 77 


become hills. Alas for the men of this time! How does (God) not stop these things?” 
Muller, F. M., (ed.), “The Sacred Books of the East-vol. 3 


The Hindu book, Vedanta-Sutras, also tells us that the world is periodically devastated and 
changes both name and form. The surface of the Earth dissolves and is later produced a 
new. Inthe book, SatapathaBrahmana there is a good description of what the Sun does at the 


end of a Yuga (world age). 


“That one (the Sun) bakes everything here, by means of the days and nights, the half-Moons, the 
months, the seasons, and the year; and this (Agni, the fire) (the Sun) bakes what is baked by that one: ‘A 
baker of the baked (he is),’ said BharadVaga of Agni; ‘for he bakes what has been baked by that (Sun).’ 
In the year these amounted to ten thousand and eight hundred: he stopped at the ten thousand and 
eight hundred. ” 

Muller, F. M., (ed.), “The Sacred Books of the East, vol. 43 


“Hot rains came down from the heavens, scalding the flesh of the sinners. The entire time the deluge 
lasted: “the Sun and the Moon shed no light.” 
Ginzberg, L., “The Legends of the Jews” 


.’The Teotl Lixco Indians of Mexico which says that the Sun moved toward the East, “traveling toward 
the East and the disappearance in the East.” After the Sun had stopped, they say the Earth was visited 
by upheavals and Earthquakes.” 

Velikovsky, I., “Words in Collision” 


The Maya and Aztec performed human sacrifices to appease their gods; this was done in order 


to prevent the Sun from destroying them. 


Quiches Maya of neighboring Guatemala have a legend that states that the Sun eventually did 
appear, but it was different from the Sun they had seen prior to the destruction: 


“And the Sun, and the Moon, and the stars were now all established. Yet was not the Sun then in the 
beginning the same as now; his heat wanted force, and he was but as a reflection in a mirror; verily, say 
the histories, not at all the same Sun as that of to-day. Nevertheless he dried up and warmed the 
surface of the Earth, and answered many good ends.” 

Bancroft, H. H., “The Native Races, vol. 3-Myths and Languages” 


“Now, there had been no Sun in existence for many years; so the gods, being assembled in a place 
called Teotihuacan, six leagues from Mexico, and gathered at the time round a great fire, told their 
devotees that he of them who should first cast himself into that fire should have the honor of being 
transformed into a Sun. So one of them, called Nanahuatzin . . . flung himself into the fire. Then the 
gods began to peer through the gloom in all directions for the expected light, and to make bets as to 
what part of heaven he should first appear in. And some said . Here, and some said There; but when 
the Sun rose they were all proved wrong, for not one of them had fixed upon the east. And in that same 
hour, though they knew it not, the decree went forth that they should all die by sacrifice. 
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The Sun had risen indeed, and with a glory of the cruel fire about him that not even the eyes of the gods 
could endure; but he moved not. There he lay on the horizon; and when the deities sent Tlotli, their 
messenger, to him, with orders that he should go on upon his way, his ominous answer was, that he 
would never leave that place till he had destroyed and put an end to them all. Then a great fear fell 

upon some, while others were moved only to anger; and among the latter was one Citli, who 
immediately strung his bow and advanced against the glittering enemy. By quickly lowering his head 
the Sun avoided the first arrow shot at him; but the second and third had attained his body in quick 
succession, when, filled with fury, he seized the last and launched it back upon his assailant. And the 
brave Citli laid shaft to string nevermore, for the arrow of the Sun pierced his forehead. 

Then all was dismay in the assembly of the gods, and despair filled their hearts for they saw that they 
could not prevail against the shining one; and they agreed to die, and to cut themselves open through 
the breast. Xolotl was appointed minister, and he killed his companions one by one, and last of all he 
Slew himself alsO............cc:ccccccccceeeees Immediately on the death of the gods the Sun began his motion in 
the heavens; and a man called Tecuzistecatl, or Tezcociztecatl, who, when Nanahuatzin leaped into the 
fire, had retired into a cave, now emerged from his concealment as the Moon.” 

Bancroft, H. H., “The Native Races, vol. 3-Myths and Languages” 


“Now began the struggle between the two brothers, Tezcatlipoca and Quetzalcoatl (the Sun), which was 
destined to destroy time after time the world, with all its inhabitants, and to plunge even the heavenly 
luminaries into a common ruin. The half Sun created by Quetzalcoatl lighted the world but poorly, and 
the four gods came together to consult about adding another half to it. Not waiting for their decision, 
Tezcatlipoca transformed himself into a Sun, whereupon the other gods filled the world with great 
giants, who could tear up trees with their hands. When an epoch of thirteen times fifty-two years had 
passed, Quetzalcoatl seized a great stick, and with a blow of it knocked Tezcatlipoca from the sky into 
the waters, and himself became Sun. For an epoch the Earth flourished under Quetzalcoatl as Sun, but 
Tezeatlipoca was merely biding his time, and the epoch ended, he appeared as a tiger and gave 
Quetzalcoatl such a blow with his paw that it hurled him from the skies (the Sun disappears). The 
overthrown god revenged himself by sweeping the Earth with so violent a tornado that it destroyed all 
the inhabitants but a few, and these were changed into monkeys. His victorious brother then placed in 
the heavens, as Sun, Tlaloc, the god of darkness, water and rains, but after half an epoch, 
Quetzalcoatl poured a flood of fire upon the Earth, drove Tlaloc from the sky, and placed in his stead, 
as Sun, the goddess Chalchiutlicue, the Emerald Skirted, wife of Tlaloc. In her time the rains poured so 
upon the Earth that all human beings were drowned or changed into fishes, and at last the heavens 
themselves fell, and Sun and stars were alike quenched.” (6-p74) 


“It would be when Tezcatlipoca should steal the Sun from heaven for himself; in other words, when 
eternal night should close in upon the Universe.” 
Brinton, D.C., “American Hero-Myths” (Philadelphia, H. C. Watts & Co., 1882) 
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“ Tt often helps to dab a tiny amount of solder wire onto the tip, to improve heat 
transfer. 
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“* Then apply the soldering iron to heat both the solder “pad” and the wire end at 
the same time (say <I second). Apply a few millimetres only, of solder. Then remove the 
soldering iron immediately and allow the joint to cool down by itself. The green solder- 
resist coating ensures solder doesn t flow onto neighbouring pads. 


From a prayer to Tezcatlipoca, the Flying Serpent God: 


“is it already fixed in thy divine counsel that there is to be no mercy nor pity for us, until the arrows of 
thy fury are spent to our utter perdition and destruction? Is it possible that this lash and chastisement is 
not given for our correction and amendment, but only for our total destruction and obliteration; that 
the Sun shall nevermore shine upon us, but that we must remain in perpetual darkness and silence; 
that nevermore thou wilt look upon us with eyes of mercy, neither little nor much?” 

Bancroft, H. H., “The Native Races, vol. 3-Myths and Languages” 


In the Popol Vuh (16th century), the Maya Hero Twins are finally transformed into Sun and 
Moon. 


Ix Chel, Maya goddess of the Moon, was sometimes depicted as the goddess of catastrophe (the 
goddess who stands by as the world floods). Many of her myths show her in a more benevolent 
light—as a goddess who refused to become a victim of oppression. 


She was also depicted as an old woman wearing a skirt with crossed bones, and she had a 
serpent in her hand. She had an assistant sky serpent, whom they believed carried all of the 
waters of the heavens in its belly. She is often shown carrying a great jug filled with water, 
which she overturns to send floods and powerful rainstorms to Earth. 


Aztec Coyolxauhqui was the Moon goddess according the Aztec mythology. Her name means 
"Golden Bells." She was the daughter of the Earth goddess, Coatlicue and the sister of the Sun 
god, Huitzilopochtli. 


Coyolxauhqui encouraged her four hundred sisters and brothers to kill their dishonored mother. 
Coatlicue gave birth to Huitzilopochtli (Aztec Sun and war god) after a ball of feathers fell into 
the temple where she was sweeping (rift?) and touched her. Huitzilopochtli sprang out of his 
mother as an adult fully armed and saver her. 


Coatlicue regretted such violence. Thus, Huitzilopochtli cut off Coyolxauhqui's head and threw it 
into the sky to form the Moon. 


According to Maya mythology, before becoming the celestial objects that we see today, the 
Moon and the Sun were terrestrial creatures. The Moon was a young lady, while the Sun a 
brave hunter. 

They fell in love. After some events, they fled away together. 

The young lady's grandfather got mad at her and he had her killed. The dragonflies collected her 
body and her blood, and they put them in thirteen hollow stumps. 

Meanwhile, the Sun had been looking for his lover for thirteen days. On the thirteenth day, he 
found the stumps. Twelve of them gave life to harmful insects and snakes. They started filling 
in the entire world with their offspring. From the thirteenth one, the Moon came out: she had 
come back to life. 


**K*K 
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The Ute Indians of California and Utah have a very detailed legend of the last destruction. They 
specifically mention the Sun as being the cause of the fire. 


A Ute philosopher declares the Sun to be a living personage, and explains his passage across the 
heavens along an appointed way by giving an account of a fierce personal conflict between Ta- 
vi, the Sungod, and Tawats, one of the supreme gods of his mythology: 


“In that long ago, the time to which all mythology refers, the Sun roamed the Earth at will. When he 
came too near with his fierce heat the people were scorched, and when he hid away in his cave for a 
long time, too idle to come forth, the night was long and the Earth cold. Once upon a time Ta-wats, 
the hare-god, was sitting with his family by the camp-fire in the solemn woods, anxiously waiting for the 
return of Ta-vi, the wayward Sun-god. Wearied with long watching, the hare-god fell asleep, and the 
Sun-god came so near that he scorched the naked shoulder of Ta-wats. Foreseeing the vengeance 
which would be thus provoked, he fled back to his cave beneath the Earth. Ta-wats awoke in great 
anger, and speedily determined to go and fight the Sun-god. After a long journey of many adventures 
the hare-god came to the brink of the Earth, and there watched long and patiently, till at last the Sun- 
god coming out he shot an arrow at his face, but the fierce heat consumed the arrow and it had finished 
its intended course; then another arrow was sped, but that also was consumed; and another, and still 
another, till only one remained in his quiver, but this was the magical arrow that had never failed its 
mark. Ta-wats, holding it in his hand, lifted the barb to his eye and baptized it in a divine tear; then the 
arrow was sped and struck the Sun-god full in the face, and the Sun was shivered into a thousand 
fragments, which fell to the Earth, causing a general conflagration. Then Ta-wats, the hare-god, fled 
before the destruction he had wrought, and as he fled the burning Earth consumed his feet, consumed 
his legs, consumed his body, consumed his hands and his arms-all were consumed but the head alone, 
which bowled across valleys and over mountains, fleeing destruction from the burning Earth, until at 
last, swollen with heat, the eyes of the god burst and the tears gushed forth in a flood which spread 
over the Earth and extinguished the fire. The Sun-god was now conquered, and he appeared before a 
council of the gods to await sentence. In that long council were established the days and the nights, 
the seasons and the years, with the length thereof, and the Sun was condemned to travel across the 
firmament by the same trail day after day till the end of time.” 

Donnelly, |., “Ragnarok: The Age of Fire and Gravel” (N.Y.,D. Appleton, 1885). 


The Pawnee Indians of Nebraska are even more descriptive about what happened to the Sun 


when the cataclysm occurred. In their legend they say that when the Sun goes out, the world 
will come to an end. The legend: 


ak that when the Moon should turn red the people would then know that the world was coming to 
an end. the Sun was also to shine bright and all at once that brightness would die out and the end 
would come.... The old people knew also that when the world was to come to an end there were to be 
many signs. Among the stars would be many signs. Meteors would fly through the sky. the Moon 
would change its color once in a while. the Sun would also show different colors, but the sign which 
was to be nearest to the people was that the rivers and the creeks were to rise.” 
Dorsey, G. A., “The Pawnee Mythology, Pt. 1 “ 1906 
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The Ojibway Indians of the Great Lakes also mention in their legend that the Sun caused great 
havoc on the Earth. The legend is centered around a boy whose bird-skin coat is burned by the 
Sun. 


“He swore that he would have vengence. He persuaded his sister to make him a noose of her own 
hair. He fixed it just where the Sun would strike the land as it rose above the Earth’s disk; and, sure 
enough, he caught the Sun, and held it fast, so that it did not rise. The animals who ruled the Earth 

were immediately put into greatcommotion (Earthquakes). They had no light. They called a council to 
debate upon the matter, and to appoint some one to go and cut the cord, for this was a very hazardous 
enterprise, as the rays of the Sun would burn up whoever came so near. At last the dormouse 
undertook it for at this time the dormouse was the largest animal in the world (the mastodon?); when it 
stood up it looked like a mountain. When it got to the place where the Sun was snared, its back began 
to smoke and burn with the intensity of the heat, and the top of its carcass was reduced to enormous 
heaps of ashes. It succeeded, however, in cutting the cord with its teeth and freeing the Sun, but it 
was reduced to very small size, and has remained so ever since.” 
Donnelly, |., “Ragnarok: The Age of Fire and Gravel” 1885 


In the Southeastern United States, we come to the Creek and Chewkee tribes. The Creeks have 
a creation legend similar to the one described in the Bible. They also say the Earth was entirely 
covered by water. 


“After a long period of time, the Earth became populated with many; but something happened and “the 
Earth became angry and ate up a portion of her progeny; how the people started out on a journey 
toward the Sunrise; how they crossed a River of Slime, then a River of Blood, and came to the King of 
Mountains, whence a great fire blazed upward with a singing sound.” 


This legend seems to allude to the red clay that, that when mixed with the water, appeared to 
be like blood flowing in the streams. The Chewkee tribe, also on the Gulf of Mexico, say that 
the Sun was too close and too hot to the Earth, and it burned up many things. 


The Mbocobi Indians of Paraguay are very specific in pointing out what caused the destruction. 


“The destruction of the world was due to the Sun. This orb once fell from the sky, but a Mbocobi 
hastened to pick it up before it did any injury, and fastened it in its place with pegs. A second time it fell 
and burnt up the Earth. Two of the tribe, a man and his wife, climbed a tree and escaped destruction, 
but a flash of flame reached them and they fell to the ground, where they were changed into monkeys.” 
Brinton, D. C., “Myths of the New World” 1896 


The Ainu culture in Japan does not have what we would call a very clear self-explanatory 
mythology of the last cataclysm. Instead the sequence of events that occurred is coded and 
concealed in some very fanciful mythologies. The main one being the legend of Izanagi. Izanagi 
we would consider their idea of God. The legend tells us his sister, Izanami (the old Sun), went 
to the underworld when she grew old and was about to die. The legend goes on: 
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“After |zanagi had slain his son, the fire-god, and brought into being new gods (a new Sun), including 
dragons, he was seized with longing to see Izanami once more. Accordingly he set out to find her in 
Yomi, the dark Hades of the Underworld ... 

When Izanagi reached the gloomy dwelling of his sister, she raised the door, and he spoke to her, 
saying: ‘Thine Augustness, my lovely young sister! The lands that | and you made are not yet finished; so 
come back.’ “ (20-p357) 


This part of the legend is attempting to tell us that when the old Sun disappeared, surely into 
the rift (door, dwelling), there was a period of darkness that covered the Earth. Later on, the 
legend tells us that associated with the old Sun is fire, thunder, lightning, and 

Earthquakes. Eventually a new Sun reappears and the Earth is brought to life again. 


In other writings, Markandeya goes into greater detail of what happens during the destruction: 


“After a drought lasting for many years, seven blazing Suns will appear in the firmament; (the Sun 
novas) they will drink up all the waters. Then wind-driven fire will sweep over the Earth, consuming all 
things; penetrating to the nether world it will destroy what is there in a moment; it will burn up the 
Universe. Afterwards many-coloured and brilliant clouds will collect in the sky, looking like herds of 
elephants decked with wreaths of lightning. Suddenly they will burst aSunder, and rain will fall 
incessantly for twelve years until the whole world with its mountains and forests is covered with 
water. The clouds will vanish. Then the Self-created Lord, the First Cause of everything, will absorb the 
winds and go to sleep. The Universe will become one dread expanse of water.” 

Mackenzie, D. A., “Indian Myth and Legend” 1913 


From Babylon myth: 


“When that millennium has fully elapsed, which is the second of the religion of the Mazda- 
worshippers.... The Sun conceals itself .. .Then there will be 30 straight winters. Fifty-seven years after 
the Sun goes dark, a new Sun will appear in the sky.” 

Muller, F. M., (ed.), “The Sacred Books of the East, vol. 47, 1897 


The idea of previous worlds and civilizations was well known to the ancient Jews. They believed 
that the previous civilizations had all been destroyed by cataclysms brought down upon them 
by God. They believed that some people perished by the deluge and that others were 
consumed by fire. It was believed that God summoned... 


“...the Angel of the Face, (the Sun) ... to destroy the world. The angel opened his eyes wide, and 
scorching fires and thick clouds rolled forth from them.” Ginzberg, L., “The Legends of the Jews” 1913 


Isaiah 60:19 "The Sun will no more be your light by day, nor will the brightness of the Moon shine on 
you, for the LORD will be your everlasting light, and your God will be your glory." 
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The Nordics also have a legend describing the appearance of the new Sun which is called Dag. 


In the beginning of the battle, Fenris and lormungandr belched forth fire and smoke of 
“noxious, deathly vapours, which filled all heaven and Earth with their poisonous breath (the 
red dust from the Sun).” The roar of battle filled the universe. The first benevolent god to 
perish was Odin, the Sun. Eventually the other benevolent gods were also destroyed. 


“The other gods who took part in the fray, and all the Einheriar having now perished, Surtr suddenly 
flung his fiery brands over heaven, Earth, and the nine kingdoms of Hel. The raging flames enveloped 
the massive stem of the world ash Yggdrasil, and reached the golden palaces of the gods, which were 

utterly consumed. The vegetation upon Earth was likewise destroyed, and the fervent heat made all the 
waters seethe and boil. 

The great conflagration raged fiercely until everything was consumed, when the Earth, blackened and 
scarred, slowly sank beneath the boiling waves of the sea. Ragnarok (day of atonement) had indeed 
come; the world tragedy was over, the divine actors were slain, and chaos seemed to have resumed its 
former sway.” 

Guerber, H. A., “Myths of the Norsemen” 1908 


The only survivors from this godly race were Lifthrasir and his wife, Lif. After the cataclysm had 
passed, they emerged from their cave to repopulate the Earth. 


In Norse mythology, we can find a similar story to Rahu and Ketu, but with different names. 
SkOll is a warg (wolf) that chases the horses Arvakr and Alsvidr, that drag the chariot which 
contains the Sun (Sol) through the sky every day, trying to eat her. Skdll has a brother, Hati, 
who chases Mani, the Moon. At Ragnarok, both Sk6ll and Hati will succeed in their quests. (See 
Gylfaginning, chapters 38 and 51). 


Note the above words, “At Ragnarok.” In Norse mythology, Ragnar6k is a series of future events 
which include a great battle. Therefore this event doesn’t occur at every Sun and Moon eclipse, 
but just at Ragnarok. 


Also in chapter 38, Sturluson says that there are many men in Valhalla, and many more who will 
arrive, yet they will "seem too few when the wolf comes." High foretells that as part of the 
events of Ragnarok, after Fenrir's son Skdll has swallowed the Sun and his other son Hati 
Hrddvitnisson has swallowed the Moon, the stars will disappear from the sky. The Earth will 
shake violently, trees will be uprooted, mountains will fall, and all binds will snap — Fenrisulfr 
will be free. Fenrisulfr will go forth with his mouth opened wide, his upper jaw touching the sky 
and his lower jaw the Earth, and flames will burn from his eyes and nostrils" 


"Fenrir' is just another name for the destroyer, it is hidden in the Nordic legends behind many 
names, and the legend tells us that his children will swallow the Sun and Moon. 
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An Egyptian theory recorded by Herodotus said: 


“That during eleven thousand three hundred and forty years of Egyptian history the Sun of four occa- 
sions altered his course, twice rising where he now sets and twice setting where he now rises.“ 
Stuart, J. A., “The Myths of Plato” 1960 


Also from Egyptian and Celtic scholars in The Kolbrin, we find: 


"The Heavens will burn brightly and redly; there will be a copper hue over the face of the land, followed 
by a day of darkness. A New Moon will appear and break up and fall." 
"The waters were purified, the sediment sank and life increased in abundance ... The Sun was not as it 
had been and a Moon had been taken away ..." 


"In a myth of the Luyia people of Kenya in East Africa, the Sun and Moon were brothers. The Moon was 
older, bigger, and brighter, and the jealous Sun picked a fight with him. The two wrestled and the 
Moon fell into mud, which dimmed his brightness. God finally made them stop fighting and kept them 
apart by ordering the Sun to shine by day and the mud-spattered Moon to shine by night to illuminate 
the world of witches and thieves." 
hwww.mythencyclopedia.com/Mi-Ni/Moon.html 


Rahu and Ketu Revisited 


What recent mythology researchers know about Rahu and Ketu is false. They all try to put their 
own idea on an already semi-fake story. They mix the myth with the fake NASA ball Earth and 
ball planets cosmology, so the result is messy. 


As we know, Rahu and Ketu are the head and tail of the serpent demon, and this is often 
referred to as the the Ouroboros serpent. 
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The Ouroboros (Greek for Tail Devourer) is found all around the world and on one of the many 
levels, symbolizes the cyclic nature of the universe: creation out of destruction, life out of death. 
The Ouroboros eats its own tail to sustain its life, in an eternal cycle of renewal. It is also 
related to Flat Earth; it grew so large that it could encircle the world and grasp its tail in its 
teeth. It is also symbolized as covering the Moon and Sun in a figure of eight, with the Head of a 
Lion and Tail of an Eagle. 
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Where else do we see this lion and bird symbolism? Drumroll..... 





The Ouroborus is a symbol of alchemical dissolution. He dissolves silver & gold which are 
symbolized by the Moon & Sun. The serpent is known all around the world as the milky-way, 
which we know as the dark rift. The dark rift as Ive shown in other works (link1, link2) has 
many myths of a serpent coming out and devouring the Earth and sky. 


Rahu is considered the serpent’s (or dragon's) head and Ketu is known as the serpent's tail. 


Rahu and Ketu are originally symbols, deities, and archetypes of cataclysm — that devour the 
Sun and Moon. 


Here is the myth most know: 


“Just as Vishnu poured a drop of nectar into Svarbhanu’s mouth, the Sun and Moon recognized that he 
was actually an asura! Vishnu chopped him in half, but it was too late. A drop of the immortal nectar 
was already in his mouth! Thus the two halves, Rahu and Ketu were born. The head of the asura who 

ingested the immortal nectar became Rahu and the lower half, the body of the asura, became Ketu. 

Rahu and Ketu are the head and tail of the demon, often referred to as the serpent. A Lunar Eclipse is 

connected to Rahu- this happens when he tries to eat the Moon, but it falls right out of him. Ketu is 
connected to the Solar eclipse. " 


"It is believed that this immortal head from time to time swallows the Sun, causing eclipses. Then, the 


Sun passes through the opening at the neck, ending the eclipse. The body also turned into Ketu due to a 
boon, and it in turn swallows the Moon on timely basis to cause a Lunar Eclipse." 


What the mythologists forget to mention is that this story was referring to the period of 
cataclysm, and not to the eclipses. 
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It’s the same story as in the Maya mythology and also Egyptian mythology, please read below: 


"The Skyworld is a stage on which the players and events of cosmic ordering are made visible, while the 
Underworld stage leaves them hidden from view. In the Skyworld the Milky Way is on occasion seen as 
a serpent that swallows the souls of the recently dead. Also in the Skyworld the two-headed Celestial 
Monster of Classic Maya iconography could represent an "ecliptic snake" which takes the rising Sun into 
its eastern mouth, to discharge it through its western mouth at Sunset--the Sun traveling through its 
body in its path across the sky, in much the same way that the Sun was thought to travel through Nut’s 
body in ancient Egypt." 
http://pperov.angelfire.com/galactic.html#apocatastasis 


This idea that Rahu and Ketu are planets came from people who tried to interpret the Vedic 
astronomy based on the ball Earth and ball planets belief. 


SideNote; It seems that many of the Vedic scriptures were deliberately mistranslated, much has been 
distorted. One example is the that they also distorted periods of time, so instead of a few thousand 
years’ cycles, they exaggerated it so much and wrote stupid things like 1.000.000 years, Yuga x, Yuga y. 
Only the so called scholars knew how to translate the ancient Vedic writings, and they did a great job 
and for me, they intentionally distorted many ancient records. But rant over, let us press on. 


But ancient Hindu records tell us other things about Rahu and Ketu. 


Atharvaveda (13.16-24) employs Ketu to mean ray of light. These nine verses are taken from 
Rgveda (1.50.1-9) in the same order and more or less in the same form. They are also found “in 
one or more other Vedic texts” (Whitney 1905, Vol.2, p.722). More typically Ketu meant 
combination of fire and smoke. The Atharvaveda passage (19.9.10) refers to Dhumaketu as an 
epithet of mrtyu [death]. It either means a comet or literally as “smoke-bannered” to the smoke 
rising from a funeral pyre (Whitney 1905,Vol. 2, p. 914). Atharvaveda (11.10.1-2, 7) uses Ketu 
in the plural, asarunah ketavah [ruddy Ketus]. Here the reference seems to be to comets or 
meteors. Varahamihira’s Brihatsamhita, composed in 6" century CE but containing much older 
material, quotes a still earlier astronomer Garga on a class of 77 comets, called Aruna, which are 
dark red in colour (Bhat 1981,Vol. 1, p.138). 


The revered Ved Vyasa tells Dhrtarastra (Bhismaparva 3.46) as follows.“Cows are giving birth to 
asses; and elephants to dogs. Sons are enjoying sexual pleasures with their mothers. Idols of 
gods are laughing, vomiting blood, feeling sad, and falling off their pedestals on their own. 
Animals are being born with three horns, four eyes, five feet, two urinary organs, and two tails. 
Women are giving simultaneous birth to four —five girls, who immediately start singing, dancing 
and laughing. Trees are floweringout of season. Lotus and water-lily are blossoming on tree 
tops. Even koel, peacock andparrot are making fearsome sounds. There is a downpour of blood 
and bones from the sky.” 
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It is in this background that even the more-reasonable sounding descriptions of celestial 
phenomenon should be seen. A recurring theme is the reference at various places in the 
Mahabharata to Rahu, as if the occurrence of an eclipse was at par with holocaust on Earth. 
“Rahu has seized the Sun.” (Bhismaparva 3.11). 


“Rahu is approaching the Sun.” (Bhismaparva 141.10). 
Rahu swallowed the Sun most untimely.” (Salyaparva 55.10). 
“Rahu eclipsed the Sun and the Moon simultaneously.” (Asvamedhaparva 76. 15, 16, 18). 


Meteors (ulka) and Earthquakes are also similarly invoked. As part of the celestial foreboding it 
is stated that a very dangerous Dhumaketu has overcome the naksatra Pusya. This will bring 
destruction to both sides. (This ill-omen appears in the 4 century CE Buddhist text 
Sardulakarnavadana as well. 


Continuing his listing of ill omens, Ved Vyasa tells Dhrtarastra that the sveta graha (white 
planet) has transgressed Citra, while the parusa graha (harsh planet) has established itself 
between Citra and Svati (Bhismaparva 3.11, 16). The translators have exercised their own 
discretion in rendering these terms. Sveta graha has been left untranslated (Sathe et al. 1985, 
p.39) or equated with Ketu (Ganguli 1884-1896, Book 6,p.12). Parusa graha has been identified 
with Rahu by one translator ( Ganguli 1884-1896, Book 6, p.12) and with Ketu by a different 
translator (Sathe et al. 1985, p.39). 


The arbitrariness is obvious. As we have argued it would be anachronistic to associate Rahu 
and Ketu with a planet in pre-Varahamihira times. 


Greek astronomical elements made their documented appearance in India in 149 CE when a 
Greek astro-text was translated into Sanskrit by Yavanesvara. It was versified in 269CE by 
Sphujidhvaja under the title Yavanajataka (Pingree, p. 1959). The versification was a significant 
development, because it signifies assimilation of Greco-Babylonianelements into Indian 
tradition. And yet, Vedic astronomical tradition remained extant even after the introduction of 
Yavana texts, as can be seen from passages in Sardulakarnavadana, already referred to. 
“Irrespective of the naksatra, when the Sun or the Moon is seized by Rahu, the king along with 
his subjects comes to pain.“Irrespective of the naksatra when Ketu enters the Moon, the 
neighboring enemy kinggets the upper hand.” “When Dhumaketu establishes itself in the Pusya 
naksatra, then defeat in enemy’s assault from all four directions is guaranteed” (Vaidya 1999, p. 
374,couplets 462,463, 466). As we have already noted, Dhumaketu in Pusya as a bad omen is 
mentioned in the Mahabharata also. It is significant that Ketu and Dnumaketu are listed 
separately and along with Rahu under utpata. 
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“ These “end cutters” can then be used to snip off excess wire after soldering... 








| 
| 
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“* ... but ordinary electronics “side cutters” are fine for trimming or snipping 
wires. 


In later Iranian (and Arabic) mythology, the ascending Node Rahu and the descending Node 
Ketu become the head and the tail of the dragon Al —Djawzahr, a serpent linked to cataclysm. 





Chapter Conclusions 


Not many people are looking into ancient cataclysmic myth with the Flat Earth viewpoint, or 
with even knowledge of chemtrails, so we are on new ground. But we can all see that an 
ancient story of our sky that exists with different archetypes al// around the world just has to be 
based upon some larger truths. 


My theory is that there’s a major cataclysm every so often that really shakes up all that is within 
the firmament (sky ceiling, sky dome). A new Sun or a Destroyer of some kind comes through 
the dark rift and wreaks havoc. The Sun dies in the carnage and becomes the Moon. 


The celestial bodies are obstructed during cataclysm, some lose their power, and some of them 
fall. Also this obstruction of the Sun and Moon is probably made by the thick and black smoke 
that will cover the sky just as the cataclysm begins, possibly from the dying Sun or dark rift. 


This is why the ancients feared the eclipses, they saw them as the cataclysm coming again, and 
they were scared because in ancient times there was a period without the Moon. 


Page 90 


So then, this thesis presents that during ancient cataclysm, the sky mechanism was changed, 
and any sign of disturbance since, like an eclipse, and the people have become frightened that 
the cataclysm will start again. 


What | would say currently is that climate change and chemtrails may be related to something 
coming soon, and for sure the powers that be would know this and be acting accordingly. It 
isn’t something that will be put on Fox news that’s for sure. 


I’m not trying to scare anyone, I’m just piecing together information. 


Remember that everything you were taught is wrong....by design. 
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Afterword 


The Moon is a mystical enigma, and cannot be solved with rigid science alone. Her secrets are 
there to be found, but we have to stroke her from many different angles. 


We need to be resolute in our research, because there are government agencies employed to 
lie and send people the wrong way. 


The exact science and mechanism behind the Sun is probably beyond our understanding, or it’s 
that we just don't have access to better information sources. 


The exact way the Sun and Moon function would reveal also a big part of the way the enclosed 
Earth mechanism functions, and that would be a huge find. 





Not one person has the absolute right to claim their complete Flat Earth theory is the correct 
one and that all else is confusion. But by working together, individually studying, debating, 
being open, and creating tangible pieces of work, we can figure it out together. | prefer not to 
spend my time guarding and ring-fencing my work against the opinions of others. | prefer to 
collaborate and progress with more research, and then throw it into the pot. | am happy to be 
corrected - we were all wrong with the ball model, and this is a new paradigm with new 
information in its infancy. 


This work is offered freely, but one is more than welcome to give support to my research and 
site via www.waykiwayki.com, where one can find hundreds of articles, videos, podcasts, and 
other literal offerings, spanning nearly a decade. 
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Come and join the facebook group: Flat Earth Advanced — the Moon. 


You are welcome to email me at waykiwayki@hushmail.com, however | cannot promise a 
prompt reply, due to the increase of incoming traffic recently. 


Much credit goes to other researchers, and also to those who have created the images I’ve 
included. | hope it’s ok that I’ve not yet sourced all of the creators, researchers, and artists. 
Special mention to Ashlee Ellegard Webster for her flattening of globe images. Super special 
credit goes to the man in the shadows who | think has read every book, pantheon, and myth 
ever known. 


This work can be copied freely as I’m not a fan of copyright, which | see as old an old paradigm 
concept. 


With love for truth, 


Mx 
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FOREWARD 





"Diving and Subaquatic Medicine", in its third and highly respected edition, has 
provided a cornerstone of knowledge for the diving medical professional. Now, 
"Diving Medicine — for Scuba Divers" is a condensed, simplified and lighter 
publication for the general diving population. The authors — Drs Edmonds, 
McKenzie and Thomas, have done an excellent job of providing a comprehensive, 
useful and up to date resource base for the diver in the field. 


The presentation of the material reflects the fact that the authors are experienced 
divers as well as specialists in diving medicine. Their thinly disguised sense of 
humour is reflected throughout the text in emphasising important issues and 
occasionally just lightening the academic loading on the reader. Their treatment of 
areas of controversy reflects their experience and background in treating diving 
emergencies. Some readers will find information which may be inconsistent with 
their teachings. It is strongly suggested that the reader pay attention to the advice 
that is presented by the authors. Their many years of cumulative experience is 
reflected in their advice. 


This text represents the broadest coverage of diving medical issues that has been 
focussed upon the general diving public. It does an excellent job of bridging the gap 
between the "dive rescue" type materials put out by the various agencies, and the 
other excellent medical texts which focus primarily on physician education. This text 
should serve the reader well since its intent is clearly designed to stimulate the 
diving population at large to become better informed on current diving medical 
issues. Additional resource materials are presented for those who wish more 
detailed information. 


Glen H. Egstrom Ph.D. 

Professor Emeritus 

Department of Physiological Sciences, 
University of California, Los Angeles. 


Addendum: 


The success of this text, together with its Japanese and Korean editions, has inspired 
me to revise and update the material, even though the person I originally designed it 
for, my young son Mark, is now well into middle age. 


The 2"4 edition is well over a decade old, and it had run out of print. With the 
assistance of my esteemed co-worker, John Pennefather, and life long friend, Clarrie 
Lawler, the 3'4 and final edition is now finished. 


My intent is that it be made available freely (at least on Internet) to all divers, 
conscientious dive instructors, paramedics and doctors new to this fascinating and 
rewarding subject. 


Carl Edmonds, 2010 
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Chapter 1 


HISTORY of DIVING 





Historians are unable to identify the first divers. Probably the techniques they used were similar 
to those of the native pearl and sponge divers. They may have used a stone weight to ensure 
rapid descent, but it is unlikely that they could dive deeper than 30 metres, or spend longer than 
2 minutes underwater. Later, diving was employed for military purposes (such as destroying 
ships anchoring cables, boom defences, etc.) and for salvage work. Divers took part in great 
naval battles between 1800 BC and 400 BC. Alexander the Great was said to have descended in 
a diving bell (circa 330 BC) but the details are scarce and some of the stories of the descent are 
fanciful. 


Commercial diving evolved through the 19" and 20" centuries and encompassed salvage and 
shell diving, extending into exploration, deep diving, off shore oil rigs, aquaculture, ecology 
and most importantly for you — recreational diving. 


The history of diving evolved in two directions. The first is the development of diving 
equipment — described in this chapter. The second is the understanding of diving physiology 
and medicine — described in the rest of this text. 





Fig. 1.1 


A Roman historian, Pliny, recorded the earliest use of surface supplied breathing air by divers 
in AD77, when a breathing tube connected the diver to the surface. This possibly represents an 
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““ The ideal solder joint should be smooth and slightly concave, quite shiny, not dull 
or crystalline-looking nor ball-bearing shaped. 


Try to get consistent results in your soldering, but don’t worry too much about the 
lack of uniformity — this is soldering by hand after all, not by precision machinery, and 
some slight variation is OK provided the solder coverage is good and the soldering is 
generally clean and effective. You’ll improve with practice, that’s for sure! 


“ A large i.c. socket can be added next... 


early "schnorkel". Its use was limited to very shallow dives, since man's respiratory muscles 
cannot draw air very far down from the surface — maximum half a metre. It was also depth 
limited due to the excessive volume of the breathing tube. 


Leonardo da Vinci sketched several designs for diving equipment and submarines. Many 
diagrams of divers' hoods can be found in other historical texts from 1500 AD onwards, but 
much of this equipment would not have worked at 
depths greater than a few feet. They did, however, 
attest to man's desire to remain below the surface 
for extended periods. In 1680 Borelli, an Italian, 
designed a diving set which purported to be a self- 
contained diving apparatus. Although it was 
impracticable, the idea was revolutionary at that 
time. Despite the fact that much diving equipment 
was primitive and rarely functioned adequately, 
diving bells were used with success from the 17th 
century onwards. 





Fig. 1.2 


Diving with a helmet (the equivalent of an upturned bucket which enclosed the diver's head) 
gradually became an accepted method. It contained air that was pumped down from the surface 
following the development of efficient air pumps around 1800 AD. Bellows were used to force 
air down to the divers. This allowed longer and deeper dives and brought to light the many 
physiological problems caused by the undersea environment. 


In 1837 Augustus Siebe marketed the first effective standard 
diving dress. This incorporated an air-supply line connecting 
a pump or compressor on the surface to a diving helmet. The 
helmet was attached by an airtight seal to a flexible suit that 
enclosed the diver and was filled with air. 





Fig. 1.3 


Siebe's helmet. 
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The development of self-contained air supplies was 
impeded by the lack of sufficiently powerful 
compressors and reservoirs. In 1863 the Frenchmen, 
Rouquayrol and Denayrouze, invented the first 
satisfactory demand regulator for self-contained 
underwater breathing apparatus (SCUBA), but due to 
lack of suitable high pressure air compressors and 
cylinders, it was limited to surface air supply lines. 


In 1878 H. A. Fleuss made a workable self- 
contained (closed-circuit) oxygen breathing 
apparatus utilising caustic potash to remove exhaled 
carbon dioxide. "Closed" refers to the absence of an 
outlet for gas (i.e. no bubbles) and means that the 
exhaled gas is rebreathed. This was the forerunner of 
modern closed-circuit diving units. 





Fig 1.4 
Rouquayrol and Denayrouze, Diving suit 1863 


Divers in the late 1800's were capable of reaching depths in excess of 50 metres, but the effects 
of decompression sickness (or bends) caused much concern and many injuries to divers. Paul 
Bert, a French scientist, was the first to explain that the disease was caused by the formation of 
nitrogen bubbles in the body and proposed the idea of a slow ascent to the surface. It was not 
until the early 20th century that Dr J. S. Haldane derived satisfactory mathematical 
decompression tables to overcome this physiological problem of deep diving. The first 
successful tables were based on the assumption that decompression sickness could be avoided 
by not exceeding a 2:1 pressure reduction between stops. It reflected a mathematical model of 
inert gas behaviour in a body and was to be the forerunner of current decompression tables. 
Later observations showed this principle to be incorrect in many cases, but these early tables 
and the later modified versions, prevented many divers from developing the bends. 


Diving research this century has lead to a great improvement in all forms of diving equipment 
and since 1940 the use of such equipment has increased greatly. The design by Cousteau and 
Gagnan in 1943, of a proper demand-regulated air supply from compressed air cylinders worn 
on the back has developed into modern day scuba. 


The scuba equipment used today, with the high-pressure regulator on the cylinder and a single 
hose to a demand valve in the mouth, was invented in Australia and marketed by an engineer 
named Ted Eldred in the early 1950s, under the Porpoise trademark. 


Closed-circuit rebreathing apparatus using, oxygen or oxygen/nitrogen mixtures, has also 
been improved considerably since the early units used by Italian Naval divers in their attacks on 
shipping in Gibraltar in 1941. With the advent of deeper diving, gas economy has become a 
major problem and for this reason closed-circuit systems have achieved even greater 
importance. 


Diving to depths in excess of 100 metres required not only the development of specialised 
closed or semi-closed circuit rebreathing apparatus, but also the use of other inert gas mixtures 
mixed with oxygen. Nitrogen, because of its narcotic effect at depth, has been replaced largely 
by other gases such as helium and hydrogen. These are not used without complications — as all 
gases cause specific physiological problems and no ideal mixture yet exists. 
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Fig. 1.5 


"Jim" one-atmosphere diving suit. 


Fig 1.6 The Royal Australian Navy 
Clearance Diving Team, 1955, with 
oxygen breathing equipmenrt and 

wearing the famous “Clammy Death” suit. 


The advent of saturation diving has completely 
revolutionised the ability to dive and work at great 
depth, and for lengthy durations, and this is 
economically rewarding. The system is based on 
saturation at any depth of all the diver's tissues by 
the inert breathing gas. Once this is achieved the 
body is incapable of absorbing further amounts of 
gas, no matter what the duration of exposure at this 
depth. Hence, further exposure does not lengthen 
decompression times. This practice is now adopted 
for most diving with extended bottom times at 
depths in excess of 100 metres. 


In an attempt to reduce the risks in deep diving, 
one-atmosphere diving suits (ADS) have been 
developed out of strong lightweight alloys. These 
suits are fitted with articulated joints and use 
mechanical levers or claws for "hands". Some even 
have mobility and propulsion, but all require backup 
‘rescue! facilities. They are equipped with a self 
contained rebreathing apparatus and are often used 
at depths of 200-300 metres. Although somewhat 
bulky and requiring hoisting gear at the surface, 
divers can achieve a reasonable degree of movement 
at depth with the latest models. These suits are also 
useful for inspection-type work, although much of 
this is now done by non-manned Remote Operated 
Vehicles (ROV's) with video surveillance. 
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Chapter 2 


PHYSICS 





To understand the physical and physiological problems which can confront a diver, it is 
helpful to recall a few basic physical laws of nature. Only a brief and simplified review of the 
physics of diving is given in this text. For more detailed explanations, refer to the diving 
manuals. 


PRESSURE 


Some of the major physical hazards are related to the effects of pressure. Pressure is defined 
as force per unit area. 1.e. 
PRESSURE = FORCE 
AREA 


If a force is spread over twice the area, the pressure is halved. 
This explains why, for example, wide tyres are preferable for driving on beaches. The weight 


of the vehicle (force) when spread over a large area causes less pressure on the sand. This 
vehicle is less likely to sink into the sand than one with narrow tyres. 





Fig. 2.1 


‘The eftect of stilleto heels on sott wooden boat decks 
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Gases exert pressure because they are made up of lots of fast moving molecules. The greater 
the number and the faster they move, the greater the pressure. 

Pressure on a Submerged Diver 
The pressure acting on a submerged diver has two components: 


1. The atmosphere above the water, termed atmospheric pressure, 
2. The weight of the water above the diver, termed hydrostatic pressure. 


Divers’ depth gauges are calibrated only to read the hydrostatic pressure (the depth of water) 
and so they read zero at sea level. They do not read the 1 atmosphere (1 ATA) above them. 
Thus the “gauge pressure” is always | atmosphere less than the true or “absolute” pressure. 
We will now elaborate. 


Atmospheric Pressure 


The atmosphere above the earth is some 150 km high. Although air is very light, this amount 
of air has significant weight and exerts substantial pressure on the earth's surface. 


Atmospheric pressure at sea 

ABSOLUTE GAUGE DEPTH level is referred to as "one 
PRESSURE PRESSURE of SEAWATER _| atmosphere" or "one bar". It 
ee eeeeee——————eee=s_ iS the same as 101.3 kPa, 1 





Bureee kg/cm2, 760mm Hg and 14.7 

10 metres (33ft) psi. At higher altitudes, 

20 metres (66ft) atmospheric pressure _is 

30 metres (99ft) reduced, a factor which has a 

significant effect on diving 

Table 2.1 in mountain lakes (see 
Pressure at Depth Chapter 6). 


ATMOSPHERIC PRESSURE ABSOLUTE ~- ATA 


5500 metres (18. 00Dft) o 
0.5 ATA : | ABSOLUTE PRESSURE = 0.5 Har 


SEALEVEL | ATA ‘a ABSOLUTE PRESSURE =! Bar 


10 metres (33ft) 2 ATA ABSOLUTE PRESSURE = ? Bars 


20 metres (Bb) 3 ATA ABSOLUTE PRESSURE = 3 Bars 





Fig.2.2 Atmospheric and Hydrostatic Pressures (depth) 
added and thus converted to Absolute Pressure 
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Water is much denser than air and 10 metres (or 33 ft) of 
sea water exerts the same pressure (weight) as the whole 
150 km of atmospheric air i. 1 ATA. For every 
additional 10 metres the diver descends, the water will 
exert a further pressure, equivalent to another 
atmosphere (1 ATA). 





Fig. 2.3 
Common units of pressure (approximately): 


1 ATMOSPHERE = 10 metres sea water 
33 feet sea water 
34 feet fresh water 


1 kg/cm? 


14.7 lbs/in2, psi 

1 bar 

101.3 kilopascals, kPa 

760 millimetres mercury, mm Hg. 





Absolute Pressure 


The total pressure exerted on a diver at depth will be the pressure due to the atmosphere 
acting on the surface of the water (atmospheric pressure) plus the pressure due to the depth of 
the water itself (hydrostatic pressure). 


The total pressure acting on the diver is termed the "absolute pressure". It is often expressed 
in terms of atmospheres and is called "atmospheres absolute" or "ATA". 


To calculate the absolute pressure acting on a diver at a given depth in terms of atmospheres, 
divide the depth in metres by 10 (since every 10 m. sea water exerts 1 atmosphere pressure) 
and add 1 (the pressure of the atmosphere above the water). 

e.g. the absolute pressure at 40 metres is [40+ 10] +1 = 5 ATA 


(The depth in feet, divided by 33 + | also calculates absolute pressure, for those in the USA, 
e.g. the absolute pressure at 99 ft is 99/33 +1 =4 ATA). 
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Gauge Pressure 


As described above, hydrostatic pressure in diving is generally measured by a pressure or 
depth gauge. Such a gauge is normally set to register a pressure of zero at sea level and so it 
ignores the pressure due to the atmosphere (1ATA). 


The pressure registered by a gauge at 10 metres sea water depth would thus be one 
atmosphere gauge (1ATG) or equivalent units. Gauge pressure is converted to absolute 
pressure by adding 1 atmosphere pressure. 


Partial Pressure 


With a mixture of gases, the proportion of the total pressure contributed by each of the gases 
is termed its partial pressure (its part of the pressure). The partial pressure contributed by each 
gas is proportional to its percentage of the mixture. Each gas contributes the same proportion 
to the total pressure of the mixture, as is its proportion in the composition of the mixture. 


e.g. air at 1 ATA contains 21% oxygen, hence the partial pressure of oxygen is 0.21 ATA and 
air at 1 ATA contains 78% nitrogen, hence the partial pressure of nitrogen is 0.78 ATA. 


GAS LAWS 





Gases behave in nature and in diving according to several laws. Knowledge of these laws is 
important to the diver because they influence the duration of the air supply and affect the gas 
containing spaces in the body such as the ears, sinuses and lungs. They also cause other diving 
illnesses. 


Boyle's Law 


This defines the relationship between pressure and volume. It states that the volume of a 
given mass of gas varies inversely with the absolute pressure (if the temperature remains 
constant). 


Stated simply, for a given amount of gas, if the pressure is increased, the volume is 
proportionally decreased and vice versa. This means that if the pressure is doubled, the 
volume is halved and vice versa. 


Stated mathematically: V varies as _1 (where V = volume and P = pressure) 

P 
It follows that for a given amount of gas, the volume multiplied by the pressure always has a 
constant value. 

i.e.P x V is constant. 
So if a sample of gas has an original volume of V, and an original pressure of P,, and either 
the pressure or volume are changed, the new volume V, and the new pressure P,_ will 
multiply out to the same value. 

ie.Py x Vi = Pox V2 
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Fig. 2.4 


This law can easily be demonstrated by a piston and 
cylinder such as a bicycle pump. If the piston is pushed 
into the cylinder half way, and the escape of gas 
prevented, the pressure in the cylinder will be found to 
have doubled. By this process, many litres of air can be 
crammed into a bicycle tyre but at the cost of an 
increase in pressure in the tyre (and hard work). 
Compressors work in this way, squeezing 2000 or 
more litres of air into a scuba cylinder — but at a high 
pressure. 


Since water pressure increases with depth, the 
consequent reduction in gas volume becomes very 
important to the diver because his body has numerous 
air spaces. 


Descent Problems: The air in the diver's middle ear and sinuses will contract in volume as 
the diver descends. If these volume changes are not compensated for by adding more air 
("equalisation"), then pressure damage (barotrauma) to the tissues will result. For example: 


If a 6 litre bag is filled at the surface (1 ATA) and taken to 20 metres 
depth (3ATA), the volume will be reduced by a factor of 3, to 2 litres. 


P; x V1 = Po x Vo 


1 x 6 = 3 x Vo 
le. V2 = 2 litres 
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Depth Pressure Gas Volume 





Fig. 2.5 


In the same way, if a breath-hold diver takes a full breath at the surface and descends to 20 
metres (3 ATA), the volume of air in his lungs may be reduced from 6 litres to 2 litres. The 
chest and lungs cope with compression better than distension. The limit for breath-hold diving 
is not known, but now has been shown to exceed 150 metres in certain individuals. 


Ascent Problems. An average male diver's lungs may contain about 6 litres of gas. If a diver 
takes a full breath at 20 metres (3 ATA) from his scuba set and returns to the surface (1 ATA) 
without exhaling, the volume of gas in his lungs will increase from the 6 litre total lung 
capacity to 18 litres (6 x 3 litres). 


This can be easily calculated this way: 


Pj x Vj; = Po x V2 
P} = 3ATA, Vj =6 litres, Py=1ATA, 
V2 = ?iitres 


V2 Pi_ x Vi 
Po 
3 x 6 
1 


18 litres 





The lungs would have to expand to 18 litres to accommodate this volume — well beyond their 
rupturing point, causing burst lung (pulmonary barotrauma of ascent). 


An important practical observation of Boyle’s Law is that the greatest volume changes take 


place near the surface. This means that the greatest danger from barotraumas is near 
the surface — and this applies with descent as well as ascent. 
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VOLUME (LITRES) 





PRESSURE 1 ATA 2 3 
oer re om 10m 2oen 30m 40m 
Fig. 2.6 
This diagram shows changes in gas volume caused by pressure change 
at various depths. Note that maximal volume change is near the surface. 


For example, if diver has a maximum of 4 litres of air in his lungs at 40 metres depth (5 ATA) 
and ascends 10 metres without exhaling (to 4 ATA), the volume in the lungs will increase to 5 
litres: 


Py x V2 
4x V2 


5 litres 





Some people could possibly accommodate this expansion without lung damage. 


If the same diver started at 10 metres depth (2ZATA), and then ascended 10 metres to the 
surface (the same ascent distance as before), without exhaling, the pressure would change 
from 2ATA to LATA. The air in the lungs would expand from 4 to 8 litres. This would 
rupture his lungs. 


Although the dives involved the same ascent distances, the volume change, and hence the 
danger, in response to Boyle’s Law, is much greater near the surface. 


Many divers are not aware of this and have a fallacious belief that if they confine their diving 
to shallow depths they will minimise the risk of barotrauma. 


Buoyancy compensators are similarly affected by depth changes in response to Boyle's Law. 
Wet suits are also affected and lose their buoyancy and insulating properties with depth. 
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“ Go along the rows of pins and solder them one at a time. See how simple it is! 
Heat both the solder pad and pin with the iron, and dab on a little solder wire to ensure 
full coverage. Ensure the socket is flush against the board. 








| 
“* As hardly any metal is involved each pin should take well under a second to 
solder at most. 


Charles' Law 


Most divers will have noticed that bicycle pumps and air compressors become hot during use. 
As the volume of gas is compressed, heat is produced. This is explained by Charles' Law. 


This Law states that if the pressure remains constant, the volume of a given mass of gas 
varies directly with the absolute temperature (absolute temperature is obtained by adding 
273 to the temperature in degrees Celsius). 


In other words, at a fixed pressure, if gas is heated it expands, and if gas is cooled its volume 
contracts. 


> & to ~ af ae : = = 
— eg a v5) fs al _ 
oer 1 22 ee 
fo bk eR a Sy 
YL 45) 3 PN oe ee 
Sy ——- OS 5 Ms 


Fig 2.7 


Charles' and Boyle’s laws can be combined into the General Gas Law: PV is constant 

T 
For the non-mathematically minded this means that for a given amount of gas, the pressure 
multiplied by the volume, divided by the temperature, always comes to the same value — so if 
one of these factors is varied, it has an effect on the other two. 


If a gas sample having P;Vj has one of these factors changed, 
T) 
the new set of values P2V2 will multiply out to the same answer 


ie. P|V 
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Stated in another way; if a gas is compressed, its volume decreases and it gets hotter. If the 
gas is heated and the volume is prevented from expanding, the pressure rises. 


The consequence of this law has lead to the demolition of several perfectly good automobiles 
(and divers!) following the storage of full scuba cylinders in the boot (trunk) in hot weather. 
Similarly, inflatable dive boats are often pressurised to the maximum and are then left in the 
sun. As the temperature rises, the pressure of the contained air progressively increases and 
then suddenly reduces — when the volume increases and when the boat explodes. 


If gas is allowed to expand rapidly, it cools. Cooling from the expansion of previously 
compressed air, as it is breathed from a scuba cylinder, can lead to the regulator freezing up 
during cold water diving. 








Problem: If the temperature of a scuba cylinder is 37°C after being disconnected from the compressor. 
Its pressure gauge reads 199 ATG, what is the pressure after it has cooled to 17° C? 
Ejvi. = “Fava 
T] T2 
now because V, and V2 are the same (the cylinder volume is unchanged), the equation can be written: 
Pi = Po 
T| T2 
and this can be rearranged to: 
Po = Pils 
i 


Substituting the figures: (note that the cylinder pressure is in ATG and needs to have | atmosphere 
added to get ATA, also that the temperatures have to be converted to degrees absolute by adding 273 degrees) 


*, P2 (199+1) x (273+17) 


(273+37) 





187 ATA 
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Dalton's Law 


With a mixture of gases, the AIR BREATHI 
total pressure exerted by the abe 


mixture, is the sum of the Oxygen 0), 

pressures that would’ be , 

exerted by each of the gases if | ATA Air Nitrogen N 100% O02 may be 
it alone occupied the total | ~ ¢ breathed here, but 
volume. That is, the total ' | may become 
pressure is the sum of the partial }| 2 AIA~ : toxic 

pressures. ee a ee Fe 


As the overall pressure increases 
(with descent underwater), so the 
partial pressure of — each 
constituent gas increases. 


e.g. if air contains approximately 
21% oxygen (Oz) and 78% 
nitrogen (N2), then in a sample of 
air at a given pressure, O» will 
contribute 21% of the total 
pressure and Np» will contribute 
78%. 





Fig. 2.9 


At atmospheric pressure the partial pressure of O> in air is 7 / 100 of 1 ATA. =0.21 ATA 
while the partial pressure of N2 is ae / 100 Of LATA =0.78ATA. 





To calculate the partial pressure of a gas, multiply the percentage of gas by the absolute 
pressure. 


This law is important when considering the toxic effect of gases at depth or the use of O2 for 
treatment purposes. 


Problem: Since O7 can cause convulsions when breathed at greater than 1.8 ATA, would it be safe to breathe a 


mixture of 50% Oz and 50% N> at 30 metres (4 ATA) ? 
The partial pressure of O27 = 50% X 4ATA = 2ATA 
This oxygen / nitrogen mixture would be potentially toxic at this depth. 
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Henry's Law 


This law describes the dissolving of gas in a liquid and states that the quantity of gas which 
will dissolve in a liquid at a given temperature is proportional to the partial pressure of 
gas in contact with the liquid. This means that if the pressure of gas exposed to a liquid 
increases, then more gas will dissolve in the liquid. 





Fig. 2.10 
This diagram shows how more gas molecules are dissolved in a liquid 
as the pressure of the gas exposed to the liquid is increased from 1 to 2 ATA. 


An example of this law can be seen whenever a fizzy soft drink 
bottle is opened. During the manufacture of these drinks, carbon 
dioxide is dissolved in the liquid under pressure and the lid on 
the bottle maintains the pressure. When the bottle is opened and 
the pressure released, the liquid will not allow as much gas to be 
dissolved and so the excess gas is released from solution in the 
form of bubbles. 


At sea level (LATA) the human body contains approximately 1 
litre of N> dissolved in the tissues. Whenever a diver breathes 
compressed air at depth, more N> will dissolve in the body 
because the partial pressure of N> in the air being breathed is 
increased. This is the cause of nitrogen narcosis. 


Under certain circumstances, when the diver returns to the 
surface this Nz can come out of solution in the form of bubbles. 
These bubbles cause tissue injury which is the basis of 
decompression sickness ("bends"). 





Fig. 2.11 
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Diffusion of Gases 


If a diver were to pass wind in a confined room, all the occupants of the room would soon be 
aware of the fact but, fortunately, not necessarily the source. 


This process of distribution of gas is termed diffusion. It is caused by the rapid random 
movement of gas molecules to all parts of a contained space. Gas molecules, being only single 
or small groups of atoms, are able to easily diffuse through watertight membranes such as 
blood capillaries or cell walls. This process allows O and other gases to pass from the lungs 
to the blood and tissues, and then back. 


GASES OF IMPORTANCE 


TO DIVERS 





Air 


Air consists of a mixture of O2 + N» + a trace of carbon dioxide (CO2), and minute amounts 
of rare gases. Rare gases such as Neon (Ne), Argon (Ar) and Xenon (Xe), and Hydrogen (H2) 
exist in trace amounts only. 


The approximate composition of air is: 


Oxygen (QO) — 21% by volume 
Nitrogen (N2) — 78% by volume 


Carbon Dioxide (CQ)) -- 0.04% by volume 
Others -- <1% by volume 





Some less reputable suppliers of air fills for scuba tanks provide free additives to the 
compressed air, such as dust, oil, hydrocarbons, rust, water vapor and carbon monoxide (CO). 


Oxygen -— O74 


This is a colourless, odourless, tasteless gas which is indistinguishable from air to breathe. 


It is essential for metabolism and maintenance of life yet in quantities exceeding those in air it 
is toxic to man. Its proportion in air (21% or more specifically, a partial pressure of 0.21 ATA 
at sea level) is critical. A little more than this causes O> toxicity, a little less will not support 
human life. For this reason most gas mixtures breathed by deep divers contain an inert gas — 
usually either N>2 or helium (He), mixed with Op» to ensure that the O2 composition is 
maintained at a partial pressure close to 0.2 ATA (0.16 —0.40 ATA). 
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O» supports combustion vigorously and can cause normally non-flammable substances (such 
as the occupants of a recompression chamber) to burn brilliantly if it is present at a 
sufficiently high partial pressure. 


Divers should be aware of the potentially explosive and combustible properties of oxygen, as 
they may require to use it in first-aid, or be inadvisably enticed into diving with high oxygen 
mixtures. 


Nitrogen — N> 


This gas, which is the major constituent of air, is also colourless, odourless and tasteless. N» 
dissolves well in body fluids and tissues, causing narcosis at depth and decompression 
sickness when it bubbles out of solution, after ascent. 


It is termed an "inert gas" because it does not take part in human biochemical processes. The 
Creator appears to have included this gas in air to prevent us from developing Op toxicity, and 
to reduce the fire hazard. 


Divers vary this N2/O» ratio (in Nitrox, oxygen enriched air or mixed gas diving) in an 
attempt to improve on nature, extend diving durations, and reduce narcosis. 


Carbon Dioxide — CO) 


This gas is also colourless, odourless and is said to be tasteless. 

However if a diver inhales a mouthful of CO, from a buoyancy 

vest inflated from a CO) cartridge it will be found to taste very 
———~ nasty, due to its formation of carbonic acid in water. 


pon CO, is a by-product of cellular metabolism and we exhale 
approximately 5% of CO in our breath. 


If a diver rebreathes some of his exhaled gas by using faulty 
breathing equipment or an excessively long snorkel the CO» 


will accumulate in the body leading to toxicity. These effects 
are discussed further in Chapter 22. 


Fig, 2.12 
Carbon Monoxide —- CO 
This gas is colourless, odourless and tasteless. It cannot be detected by a diver and even in 
trace amounts can cause loss of consciousness or death. 


It is usually produced as a product of incomplete combustion of carbon containing compounds 
and is a constituent of internal combustion engine exhausts and cigarette smoke. 
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Air contaminated by carbon monoxide, if supplied in scuba cylinders or by surface supply to 
divers, may have lethal results (see Chapter 23). 


Helium — He 


This is a colourless, odourless, tasteless gas, which is very light and very expensive. It is 
obtained from underground natural gas sources found in North America and elsewhere. 


It is used to dilute Oz in gas mixtures breathed at great depths because it has little tendency to 
produce narcosis (e.g. Heliox may be 90% He + 10% Oz, or any other proportion). 


Due to its very low density it readily escapes through small leaks in pipes and valves making 
it difficult to retain. It is also a very effective conductor of heat, causing serious problems with 
hypothermia. 

The low density of He alters the normal process of speech production causing "Donald Duck" 
like speech when a diver breathes this gas. 


Hydrogen — Hy 


This is a very lightweight gas that can replace N> to reduce narcosis at depth. Unfortunately it 
can combine explosively with O and the resultant water (H2O) is not sufficient to 'put out the 
diver’. It is sometimes used with very low Op percentages, at great depths, by skilled 
professional divers. It shares many problems with He. 


Inert Gases: 


Neon — Ne, Argon — Ar, 
Radon — Rn, and Xenon — Xe 


These are more biologically inert gases which are present only in trace amounts in the 
atmosphere. They are of no importance to recreational divers. 


Oil Gases 


Because of lubrication needs in the compressor, oil vapors and hydrocarbons can be produced 
which may then contaminate the air supply. See Chapter 24. 
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BUOYANCY 


It is important for divers to understand the factors affecting buoyancy. These are: 


Density 


Density is defined as mass per unit volume (density = mass + volume). 


For our purposes, mass can be considered to be the same as weight, so density is equivalent to 
weight per unit volume. 


A substance is more dense than another if the same volume has more weight. Try lifting a 
bucket of water and then a bucket of lead, to illustrate this. 


Specific Gravity 


Specific gravity (S.G.) is the density of a substance compared to the density of fresh water 
which is given a value of one. 


Lead has a specific gravity of 13.5 so it is 13.5 times as dense as water. 
e.g.1 litre of water will weigh | kg., while the same volume of lead will weigh 13.5 kg. 


The concept of specific gravity is important since the specific gravity of a substance 
determines whether it will float or sink in water. 


A substance with a specific gravity greater than 1 (ie. 
denser than water) will sink. Lead, with a specific gravity 
of 13.5, does not float well, whereas oil, with a specific 
gravity of 0.8, floats easily — producing an oil slick. 


The human body has a specific gravity of slightly greater 
than 1, depending on its content (fat has a specific gravity 
less than 1, and bones are greater than 1) but the air 
content of the lungs provides enough buoyancy to allow 
most people to float. 





Fig. 2.13 


Chapter 2 — 15 


Archimedes Principle 


The ancient Greek, Archimedes (apparently while reclining in his bath), discovered that when 
an object is immersed in a fluid, it appears to 
be lighter, and that the apparent loss of weight 
(or buoyancy) is equal to the weight of water 
displaced by the object. 


That is — the buoyant effect will be equivalent 
to the weight of fluid of equal volume to the 
immersed object. 


Depending on whether the weight of fluid 
displaced is greater than, equal to or less than 
the weight of the object, an object immersed 
in the fluid will either float, remain suspended 
or sink. Even an object which sinks will still 
appear to be lighter than it would out of the 
fluid. 


Sea water is denser than fresh water 
because of the salt content, so a greater weight 
of sea water will be displaced by an object. 
Fig. 2.14 Hence objects in sea water are more buoyant 
than in fresh water. 





Air (in the abdomen, buoyancy compensator and wet suit) contributes to buoyancy. 
Unfortunately air in these compartments varies in volume in response to the pressure changes 
with varying depth, making constant buoyancy adjustments necessary. This is usually 
accomplished by adding air to, or releasing it from, the diver's buoyancy compensator. 


Divers go to considerable lengths to vary their buoyancy to help them submerge, to stay at a 
given depth, or to ascend or stay afloat in an emergency. 


PHYSICAL EFFECTS OF 


THE ENVIRONMENT 





Temperature 
Body heat is a form of energy, the level of which can be estimated by measuring the body 
temperature. 
Heat energy flows from areas of high temperature to areas of low temperature. The heat 
transfer which is important to the diver is thermal conduction (or transfer of heat by direct 


contact), and may cause hypothermia (low body temperature). 


Since normal body temperature is 37°C and oceanic water temperature is commonly 12—20°C, 
the diver is almost always immersed in water at a lower temperature than his body. Usually 
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the water temperature decreases with depth, but there may be layers of water at different 
temperatures (thermoclines) — especially in still water. 


Cold water creates a strong temperature gradient along which heat flows from the body, 
resulting in a continuous heat loss into the water. This process is assisted by water having a 
high capacity to conduct and absorb heat. 


Since the maintenance of normal body temperature is essential for physiological functioning, 
the diver needs to take steps to minimise heat loss. This may be achieved by inserting a layer 
of air (which is a poor conductor of heat) between the diver and the water. It is conveniently 
contained in minute cells in a wet suit or under a rubber skin in a dry suit. 


Light and Colour 


Substances that transmit light have a tendency to slightly alter the path of the light rays which 
pass through them. This process is termed refraction. The degree to which they do this is 
termed the refractive index. Each time light passes through an interface between substances 
with different refractive indices, its path is bent. 


When a diver views objects underwater, light must pass through the water, the face mask 
glass, and the air in the mask before it 
reaches his eyes. The light rays are refracted 
at each of these interfaces and the distortion 
makes objects appear larger and closer by a 
factor of about 25%. 


Until the diver adapts to this distortion, it 
z. . may be difficult to judge size and distances. 
Aes This creates practical difficulties with simple 
\ %. Water tasks such as spear fishing. 


ae \ ~._ Light rays are scattered by particles in the 

“\ .e., water making shadows less pronounced and 

“ss reducing the ability to see clearly over large 
distances. 





Fig 2.15 The fish appears closer, because the 
light rays are refracted at the air/water interface 


Clear focusing of the eye depends heavily on the refraction of light rays passing between the 
air in front of the eye and the cornea (the clear surface at the front of the eye). If the eyes are 
opened underwater without a face mask, the absence of this air/cornea interface results in very 
blurred vision. 


Water absorbs colours to differing degrees. In clean oceanic water, red is absorbed in the first 
metre, orange in the first five metres, yellow in the first ten, and green and blue at greater 
depths. This explains why most things, regardless of their colour on the surface, appear to be 
coloured shades of blue or green at depths beyond about ten metres. 


Inshore waters often contain yellowish products of vegetable decay which 
absorbs most colours except green. As a result, clean oceanic water appears 
blue, while inshore and estuarine water appears green from the surface. 


Because deep water is lit mainly by blue and green light, coloured corals and fish at these 
depths look less brilliant unless illuminated by a torch or camera flash. 
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4“ Continue until the i.c. socket is soldered. 


Once the smallest parts are soldered into place, you can continue to solder the 
remaining components. It’s easiest to handle the smallest so-called “discrete” parts first 
while you still have plenty of room on the board. I usually solder resistors and capacitors 
next. The principle of soldering them is just the same as a simple wire link: insert them 
from above till they are flush on the board, then splay their wires a little to hold them in 
place, and preferably snip off at least some of the wire to give you more access. 











4“ Continue by inserting “discrete”? components from above, splay their wires out 
yy S [p play 


For safety reasons, it is advisable to wear conspicuously coloured diving equipment. 
However, the absorption of light underwater needs to be considered when choosing these 
colours. Red, for instance, which is easily visible on the surface, appears black at depth 
because of the significant absorption of red light by the water. 


Fluorescent orange or yellow paint or fabric affords better visibility because the fluorescent 
dye actively emits light of its own colour and also provides a good contrast against natural 
aquatic backgrounds. 


Sound 


Sound waves in air are usually reflected at the air—water interface, and therefore shouting 
instructions to submerged divers is not of much value. Underwater, the sound wave travels 
much faster than in air, and this makes localisation of the source much more difficult. An 
example of this is the concern experienced when divers hear outboard engines, but cannot 
identify the distance or direction of the boat. 


Altitude 


If exposed to altitude (less than 1 ATA) a variety of effects may endanger the diver. Some 
equipment may be affected e.g. pressure gauges, and the diving profile needs to be modified 
to prevent pulmonary barotrauma and decompression sickness (see Chapter 6). 
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Chapter 3 
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A basic understanding of the bodies’ processes is needed to grasp the physiological effects of 
diving and the application of diving medicine. The cardiovascular and respiratory systems are 
described here while the physiology of some other organs, such as the ear, are considered in 
specific chapters. 


METABOLISM 


The Need for Energy 


Energy is a fundamental requirement for all life processes. It is needed for growth, repair, 
movement and all the active functions of the body. The fuel for this energy comes from carbon 
compounds, which are incorporated in complex molecules in the food we eat. This is 
biochemically dismantled in the digestive tract into simple chemical compounds which are 
absorbed and carried by the blood stream to the cells. Here they undergo further biochemical 
processing until ultimately the carbon is combined with oxygen (O2), forming carbon dioxide 
(CO2) and releasing energy. 


This is similar to the energy formation which takes place in an automobile engine or a fire, where 
carbon in fuel or wood is combined with O2 to produce energy. The body processes will only 
function under strict conditions of O2 availability, temperature and acidity. 


The body needs a means of transferring food products to the cells, together with delivery of O» 
and removal of CO 2. This is performed by the blood, in the vascular system. It comprises 
arteries which take blood to the tissues, a vast network of microscopic capillaries that bring the 
blood into contact with all the cells of the body, and veins which return blood to the heart. 


The blood is circulated through the blood vessels by a muscular pump — the heart, and the whole 
system is called the cardiovascular system. It brings O2 from the lungs to the cells and 
eliminates CO, through the respiratory system. 


* Reading this chapter can be delayed if time does not permit, and the reader is in a hurry 
to commence diving 
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RESPIRATION 


Anatomical Structure 


The respiratory tract begins at the mouth and nose and ends in the microscopic air sacs called the 
alveoli, in the lungs. 


The nose, apart from its decorative function, warms and humidifies the air that we breathe. It 
also filters large particles which might otherwise be inhaled. If the nose is bypassed by breathing 
through the mouth, a snorkel or scuba regulator, the lung then has to cope with drier, colder, 
unfiltered air. 


After passing through the mouth or nose, the air then enters the throat where the larynx (or voice 
box) is situated. This is recognised as the "Adams Apple". The larynx produces the sounds of 
speech as well as helping to protect the lungs from inhalation of foreign material. 


When sea-water from a flooded snorkel or scuba regulator enters the larynx, a trap-door like 
structure called the epiglottis closes over the opening and the vocal cords shut to prevent the 
foreign material from entering the lungs. If any material passes these structures, the cough reflex, 
activated by foreign material touching the inside of the air passages, may cause a coughing 
reaction which tends to expel whatever has been inhaled. 





Fig. 3.1 
Diagram showing the trachea and bronchial tree, terminating in the alveoli. 
The relationship between the bronchus, alveoli and branches of the pulmonary 
artery can be seen. 
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Below the larynx the air passes through a tube called the trachea. This is about as thick as the 
average snorkel and branches inside the chest into two tubes, the bronchi, which lead to the 
lungs. Those air passages are lined with cells covered with microscopic hairs (cilia) which move 
a sheet of secreted mucous slowly upwards towards the larynx. Small pieces of foreign material 
such as dust eventually find their way to the larynx, along with this mucous sheet. It is then 
either coughed-up or swallowed. The cilia may be damaged by smoking or infection, causing 
retention of mucous and inhaled material which may eventually obstruct the air passages. 


The bronchi divide repeatedly into progressively smaller passages rather like the branches of a 
tree. These passages have encircling muscles in their walls which, by contraction or relaxation, 
can vary the diameter of the air passage. 


In asthma the muscles of the small bronchi become oversensitive and overactive, causing 
excessive narrowing and obstruction of these air passages. This can occur in response to 
exercise, allergy, cold, infection, anxiety, smoking or other inhalants such as sea water. At the 
same time, the cells lining these passages produce excessive and thickened mucous. The 
combination of these factors causes airway narrowing which has serious repercussions for a 
diver. 


The smallest branches of the bronchi end in bunches of microscopic air sacs called alveoli. The 
vast number of alveoli are packed together into the two sponge like organs, the lungs. There are 
about 300 million alveoli in the lungs and the combined surface area of all the alveoli in the 
lungs is equal to about half a tennis court. The alveoli are lined by a thin layer of fluid containing 
a detergent-like substance called surfactant. This acts as a wetting agent to prevent the alveoli 
from collapsing from surface tension. 


The surfactant lining of the alveoli can be damaged in disease or by inhalation of water, leading 
to collapse of the lungs and serious respiratory difficulty. 


Each alveolus is surrounded by a network of blood capillaries. These bring the blood into close 
contact with the air in the alveolus, with only the microscopically thin walls of the alveolus and 
capillary separating the two. 


flioec to the heart 
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Fig. 3.2 
This diagram illustrates an alveolus with its surrounding meshwork of 
capillaries. 
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If the wall of an alveolus is ruptured, as it may be in pulmonary barotrauma ("burst lung"), 
then air from the alveolus is able to enter the blood stream where it may cause blockage of 
distant vessels such as those in the brain. This is called an air embolism. 


The lungs occupy a cavity about the size of a football on each side of the chest. The lung is 
covered by a thin membrane coating, called the pleura, and the inside of the chest wall is lined 
by a similar membrane. Between the two pleural layers is a narrow space which contains a small 
amount of lubricating fluid to minimise friction as the lungs expand and contract during 
breathing. If the outer surface of the lung tears, as it may in pulmonary barotrauma, then air can 
enter this pleural space causing the lung to collapse. This disorder is called pneumothorax. 


The chest wall which encloses the lungs is made up of ribs with muscles between them - known 
as intercostal muscles. At the base of the chest cavity lies a large thin dome shaped muscle called 
the diaphragm. When the diaphragm contracts, it flattens and has a piston like effect, reducing 
the pressure in the chest cavity and increasing the volume of the lungs. The reduced pressure 
draws air into the lungs through the air passages. 


Contraction of the diaphragm is the main method of inhalation in the resting state. It is assisted 
by contraction of the muscles between the ribs which rotate the rib cage upwards and outwards, 
enlarging the chest cavity and reducing the pressure in the chest. A group of neck muscles which 
are attached to the rib cage can also assist respiration when maximal breathing is required. 


At the end of inhalation the elasticity of lungs and rib cage causes the lungs and chest wall to 
contract and exhalation takes place. With quiet breathing, this does nor require muscular effort. 
With heavy breathing, exhalation can be assisted by the abdominal and chest muscles. 


Respiratory Function 


During quiet respiration in adult males, about 500 ml of air is moved in and out of the respiratory 
tract with each breath. The volume per breath is termed "tidal volume". During extremely heavy 
exercise, the tidal volume can increase 10 fold, up to about 5 litres. 


The total amount of air that can be held in the lungs (total lung capacity or TLC) in adult males 
is approximately 6 litres. Only about 10% of the air in the chest is exchanged with each breath 
during quiet respiration. The vital capacity (VC) is the maximum volume that can be exhaled in 
one breath, and the forced expiratory volume (FEV, 0) is the maximum volume that can be 
exhaled in one second. 


The flow of air through the respiratory passages varies at different stages of respiration. It 
reaches a peak about midway through inspiration — and during quiet breathing this peak flow 
rate is approximates 30 litres per minute. This value increases during exercise to 600-700 litres 
per minute. 


Any breathing system (such as a snorkel or demand valve) which the diver is using, should be 
capable of handling these large air flows without significant resistance. If this does not occur, 
then the diver must exert extra effort during respiration in order to overcome this resistance. This 
problem is compounded when the diver is breathing compressed air at depth because the 
increased density of the gas will further increase the resistance to airflow in both the equipment 
and the lungs. 
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Gas Uptake and Loss 


Air, which contains approximately 21% oxygen (O2) and 78% nitrogen (N2), is inhaled into the 
alveoli where it is brought into contact with the blood in the capillaries. This blood contains a 
lower partial pressure of O2 than the air in the alveolus and a higher partial pressure of CO2, 
since it has just returned from the body, which has been using O» and generating CO>. 
Consequently, there is a pressure gradient causing O> to diffuse from the alveoli to the blood, 
and CO, to diffuse from the blood to the alveoli, where it is then exhaled. There is no net 
movement of No» since the N> in the alveoli and in the blood is in equilibrium, except when 
diving, altitude exposure or breathing different gases. 


If the diver breathes air (78% N>2) or another inert gas such as helium, while descending or 
remaining underwater, this inert gas will pass from the alveoli to the blood because the partial 
pressure of the gas in the lungs is increasing as the diver goes deeper. 


On ascent, the partial pressure of inert gas in the lungs will reduce, and this allows inert gas to 
move from the blood (returning from the tissues) to the alveoli, and be exhaled. 


Respiratory Control 


The partial pressures of CO2 and Op in the blood are kept within very strict limits by a sensitive 
control system. There are sensors in the brain which detect small changes in the blood COd. If 
this increases, then the sensor causes stimulation of the respiratory centre within the brain, 
leading to faster and deeper respiration to eliminate more COp. 


When a snorkel diver holds his breath, the CO, level in his blood increases. This produces 
respiratory stimulation which compels the diver to take a breath — hopefully after he has had 
time to return to the surface. 


The sensors for blood O2 pressure are in the carotid arteries which supply the brain. A reduction 
in the blood O» level also leads to respiratory stimulation, but this effect is not as powerful as 
that caused by CO> changes. 


Smoking 


The ingenious habit of rolling tobacco into a tube of paper, setting fire to it and inhaling the 
smoke, sabotages the complex respiratory and circulatory process at several points. 


As well as predisposing to lung cancer and emphysema, noxious tars in the smoke precipitate out 
in the bronchi producing chronic irritation, narrowing of the bronchi and cause a persistent 
outpouring of mucous. This ultimately results in chronic bronchitis. The tar also poisons the 
cilia, which conduct the mucous up the airway to the larynx, resulting in retention of old mucous 
in the lungs (smell the breath!). 


Various toxins in the smoke ultimately cause destruction of the alveolar walls producing cavities 
in the lungs and destruction of the lung architecture, resulting in the disease called emphysema. 
This, combined with obstruction of the air passages, makes the smoking diver less physically fit 
and more liable to air trapping in the lungs and pulmonary barotrauma (see Chapter 11). 


The carbon monoxide content of the smoke reduces the capacity of the blood to carry O2, thereby 
reducing oxygenation of the tissues. 
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Some of the chemical constituents of the smoke are absorbed into the blood stream producing 
changes in the walls of the blood vessels supplying the heart, brain and limbs. Ultimately these 
become obstructed. In later life this can cause heart attacks, strokes and peripheral vascular 
disease (gangrene). 


CARDIOVASCULAR 


SYSTEM 





Blood 


Arteries take blood from the heart. Veins return blood to the heart. Arterial blood (which has 
absorbed Op» as it passed through the lungs), is then pumped to the periphery by the heart and is 
brought close to all the cells in the body by the capillary system. Here the O2 diffuses into the 
cells and the CO> diffuses out of the cells into the blood. 


The blood transports O2 and CO. The O2 is mainly carried by an iron containing compound 
called haemoglobin (Hb) contained in the red cells. 100 ml of blood will transport 
approximately 20 ml of Oo. If the red blood cells are removed, blood plasma (the liquid part of 
blood) will transport only 0.3 ml of Oy per 100 ml blood. A drop of blood contains 
approximately 300 million red cells. 


In arterial blood, the haemoglobin is almost 100% oxygenated when the blood leaves the heart to 
go to the tissues. It is bright red in colour. If for any reason the arterial blood is not adequately 
oxygenated, it causes the blue colour of the skin and tongue (cyanosis) seen in hypoxia (see 
Chapter 20). 





Fig. 3. 
A diagram showing the relationship between the circulations 
produced by the right and left sides (ventricles) of the heart. 
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In venous blood, the haemoglobin in red blood cells returns to the heart with 75% of its Oz load 
still attached. It is then a more bluish colour. 


The tissues need only 25% of the O» carried in arterial blood. This allows a reserve supply of O2 
which can be used during exercise or breath holding. 


CO» is carried from the tissues by the blood in the veins, back to the lungs. Some of it is 
dissolved in blood plasma and some bound to the protein of the haemoglobin molecules. 
Although the CO, dissolved in the blood forms carbonic acid, the acidity of the blood is 
prevented from rising to excessive levels by a system of buffering compounds. 


It is possible to increase the O2 carrying capacity of blood by the use of hyperbaric oxygen. In 
recompression chambers, increased amounts of O» can be physically dissolved in the plasma, 
even though the haemoglobin is fully saturated with Op. 


Heart 


The heart is a large muscular pump (about the size of a man's fist) located in the centre of the 
chest. See fig 3.4. It is composed of two functionally separate pumps which maintain two distinct 
circulations. The right side of the heart receives venous blood from the body and pumps this 
blood through the lungs where it picks up Op» and eliminates CO2. The left side of the heart 
receives this oxygenated arterial blood from the lungs and pumps it through the body. 


Each side of the heart is essentially a two-stage pump which is not unlike a two-stage 
compressor. The atrium is the first or low pressure stage of the pump and it has a thin muscular 
wall. It receives blood from the veins at low pressure. When it contracts, it propels this blood 
into the second or high pressure stage — the more thickly walled and stronger ventricle. 


The ventricle has two “one-way” valves, one valve preventing blood from flowing back into the 
atrium, and the other valve preventing blood flowing back into it from the arteries. When it 
contracts, it pumps blood into the arteries. 


Occasionally there may be openings between left and right sides of the heart (patent foramen 
ovale, septal defects). In divers this allows bubbles to pass from the venous system to the arterial, 
causing serious manifestations of decompression sickness from dives that should otherwise be 
safe. People with significant heart abnormalities should not undertake scuba diving. 


The heart, being a muscle, requires its own blood supply. This is provided by the coronary 
arteries which originate in the aorta, the main artery of the body. Any obstruction of these 
coronary arteries will cause damage to the heart muscle — a heart attack. 


Partial obstruction of the coronary arteries may produce angina (which is pain or discomfort 
arising from insufficient O2 in cardiac muscle), because it is receiving insufficient blood supply. 
Since a heart attack can take some of the fun out of a diving expedition, it is important for divers 
to have skilled medical examinations to exclude this problem or to help predict which divers will 
be susceptible to such heart conditions (coronary artery disease). 


The resting output of the heart is about 5 litres of blood per minute. The heart has considerable 


reserve and if the tissues require it, can increase this output several fold by increasing its rate and 
strength of contraction. 
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Fig. 3.4 
This diagram shows a cutaway drawing of the heart to illustrate the flow of 
blood from the vena cava through the chambers of the heart and the lungs to 
the aorta. 
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Circulation 


The blood flow from the heart is pulsatile and the blood pressure varies depending on the stage 
of heart contraction. The higher blood pressure during the heart's contraction is called the 
systolic blood pressure and has a normal value of around 100-140mm mercury (mm Hg). The 
pressure when the heart is not contracting is the diastolic blood pressure which has a normal 
value of around 60—90mm Hg. Blood pressure is normally recorded as Systolic / Diastolic — e.g. 


130/90. 


Blood vessels can change their internal diameter under the control of the nervous system. This 
allows for some variation in blood flow to parts of the body depending on specific 
circumstances. For instance, during exercise the blood vessels dilate allowing more blood flow to 
the muscles, while under cold conditions the blood vessels to the skin constrict, reducing the 
blood flow to the skin (appearing pale) and so minimising heat loss. 


The constriction or dilatation of the blood vessels also influences blood pressure. Excessively 
high blood pressure (hypertension) can ultimately cause damage to the blood vessels and an 
excessive strain on the heart. High blood pressure requires treatment, often with drugs which 
dilate the blood vessels but which may interfere with safe diving. 


Blood pressure is constantly maintained by a sophisticated sensing and feedback mechanism. 
Variations in blood pressure caused by physical activity or standing from a reclining position are 
quickly compensated for by changes in the diameter of the blood vessel walls. 


When a person is in a reclining position, blood pressure is maintained easily and the effect of 
gravity does not have to be opposed by the contraction of blood vessels. When standing up 
quickly from this position, blood pressure in the upper part of the body may fall. Occasionally, 
even in normal people, the heart and blood vessels cannot compensate rapidly enough and 
fainting or light-headedness can result. This is known as syncope or postural hypotension. 


The cardiovascular system is able to compensate for changes in blood volume, such as those 
associated with severe bleeding (haemorrhage), by constricting the blood vessels and diverting 
blood from non-essential organs to essential organs such as the brain and heart. 


In pulmonary barotrauma, air can gain access to the blood as it passes through the lungs. Air 
bubbles may be carried to vital organs such as the brain and heart, obstructing their blood flow 
and leading to serious consequences (air embolism). In decompression sickness, gas bubbles 
may also be transported by the blood stream. 


COMPRESSED-AIR DIVING 





Scuba allows the diver considerable freedom but has its own limitations. It has all the potential 
problems of free diving, but adds special physiological problems of its own. 


Resistance to Breathing 


A major limitation to diving with scuba is resistance to breathing. During maximal exertion, a 
diver can consume over 70 litres of air per minute at the surface — but the peak flow rate during 
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underneath to secure them in place, then snip and solder the joints exactly as before. Some 
parts like this blue electrolytic capacitor are polarity sensitive (note the — sign), and must 
be inserted the right way round. Same is true of every semiconductor. 


“* This row of 4 watt resistors was next. I like to show the colour codes all the same 
way round, with gold or silver (tolerance bands) on the right for consistency. 











“ This transistor was next. Solder it quickly to avoid damage, and observe polarity 
correctly, so it is the right way round on the p.c.b. The heatshunt is optional. 


inspiration is about three times this value. Some regulators may have difficulty delivering gas at 
this rate, adding considerable resistance to breathing. 


This problem is magnified at depth because the greater pressure increases the density of the 
inhaled gas, especially at depths in excess of 30 metres when air is breathed. The same effect is 
seen at about 200 metres depth when helium /O> (heliox) mixture is breathed, because heliox is 
less dense than air. It is likely that resistance to breathing will ultimately limit the depth to which 
divers can reach. 


An idea of the respiratory loads which the diver faces can be gained from the following table : 


SCUBA OXYGEN RESPIRATORY 
SWIM SPEED* CONSUMPTION MINUTE VOLUME 
Slow scuba swim 0.8 litres / minute 18 litres / minute 
Average scuba 0.8 knots 1.5 litres / minute 28 litres / minute 
swim 


Fast scuba swim 1.8 litres / minute AO litres / minute 


Maximum scuba 3-4 litres / minute 70—100 litres / minute 
swim 


*_a knot is equal to 1 nautical mile per hour, or 1.85 km/hr 
Table 3.1 








Air Consumption 


Oz consumption is virtually the same for a given amount of exercise whether it is performed at 
the surface or deep under water. Because compressed air is being breathed at depth, more Op will 
be supplied than is needed by the diver. The actual volume of gas breathed at any depth will be 
the same as that which would be breathed at the surface. However, since the gas being breathed 
at depth is at greater pressure, the volume breathed, if converted to atmospheric (surface) 
pressure, will also be greater. 


For example, during maximal effort a diver may consume 70 litres of air per minute at the 
surface. If he is performing an equivalent amount of effort at 20 metres depth (3ATA), he will 
still be breathing 70 litres per minute from his scuba regulator at 20 metres, but this will be 
equivalent to : 


70 (litres) X 3 (atmospheres) 
= 210 litres per minute at surface or atmospheric pressure. 


So, the endurance of an air supply decreases with depth. 


The regulator may not be able to meet the respiratory demands of a diver when certain conditions 
apply (see Chapter 5). Under these conditions, the diver may be aware of an inadequate air 
supply and either panic or take other dangerous action, such as a rapid ascent or omission of 
decompression requirements. 


Skip Breathing 


It is possible for a scuba diver to minimize his air consumption by deliberately slowing his 
breathing rate. This type of breathing pattern obviously limits the reserve of O2 which will be 
stored in the divers lungs and haemoglobin, and may lead to retention of CO2 and acidosis. It 
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reduces the safety margin in the event of air supply failure as well as increasing the likelihood of 
pulmonary barotrauma, and is recommended only for those with suicidal tendencies. Excess. 
CO also acts as a narcotic, so the diver may make less sound decisions 


Other Effects on a Scuba 
Diver 


The physiological effects of scuba diving may parallel those of breath-hold diving (see Chapter 
4). Hyperventilation, breath holding, the diving reflexes and the effects of immersion, may all be 
provoked. The dehydration effect of immersion is of importance in aggravating decompression 
sickness. 


The many pathological problems developing from scuba diving are referred to later in this text. 
They include pulmonary barotraumas (see Chapter 11), respiratory decompression sickness (see 
Chapter 15), oxygen toxicity (see Chapter 21), breathing gas contamination (see Chapter 24), the 
drowning syndromes (see Chapters 25 and 26) and scuba divers’ pulmonary oedema (see 
Chapter 32). 


Gas Pressures 


Because of the increased pressures on the diver, high nitrogen partial pressures cause nitrogen 
narcosis (or "narks"). Similarly, higher O, partial pressures may produce QO) toxicity in very 
special circumstances. Gas coming out of solution in the divers body may cause decompression 
sickness and/or dysbaric osteonecrosis (or "bone rot"). 
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Chapter 4 


BREATH-HOLD DIVING 





Free, breath-hold or snorkel diving is a prerequisite for successful scuba diving. The diver can 
thus become comfortable in the aquatic environment and gradually learn the swimming and 
snorkeling skills that may later be used in reaching dive sites and remaining safe even after the 
scuba set has been exhausted. One extension of snorkeling is free diving, used to spear fish, 
prolong underwater explorations, retrieve equipment, check anchors and many other activities . 


It is not difficult for a diver to perform a breath-hold dive for a duration of one minute or more. 
This is possible because there is a reservoir of oxygen (O2) stored in the lungs (about | litre O2 
when the lungs are full), in blood haemoglobin, and in myoglobin in the muscles. 


With these reserves the diver is able to hold his breath for some time without the blood level of 
Oz becoming dangerously low. Below a threshold blood Op» partial pressure (about 30mm Hg — 
less than half the normal value), the brain ceases to function properly, causing loss of 
consciousness. At about this stage, the heart also becomes seriously starved of O 2 causing 
cardiac damage or disturbances of rhythm. 


During a breath-hold dive, Oz is consumed and carbon dioxide (CO?) produced, decreasing the 
blood level of O2 and elevating that of CO. Both effects may stimulate respiration but the CO 
is the more dominant. Usually the diver develops an overpowering desire to breath (he reaches 
the break point) before the arterial O2 level falls to a dangerous value. The urge to breath 
eventually becomes irresistible and the diver may even take a breath under water, if he is 
unable to reach the surface in time. 


Breath-holding can be extended considerably, with experience and will-power but the break 


point is eventually reached. This is nature’s safety mechanism to prevent people from losing 
consciousness from excessively prolonged breath-holding (see Case Histories 33.2 and 33.3). 


ACCIDENTS and DEATHS 


Breath-hold divers suffer from the same problems as scuba divers, except for those related to 
compressed gas inhalation. The common problems include environmental hazards, some 
equipment limitations and medical diseases such as the barotraumas, marine animal injuries, 
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infections, hypothermia, panic and fatigue, cardiac disorders and the drowning syndromes. 
These are discussed in the chapters dealing with scuba diving medicine. 


In an Australian series of snorkeling deaths, the causes were dominated by drowning (45%), 
Cardiac disease (30%) and hypoxic blackout (20%). The first two were mainly in aquatically 
unfit, older tourists, and the last in younger, aquatically fit and experienced free divers. The 
inevitable predominance of time on the surface makes the breath-hold diver more susceptible to 
sunburn, boat injury and tidal currents. 


The other problems more associated with breath-hold divers are discussed here. 


Lung Squeeze 
(Pulmonary Barotrauma of 
Descent) 


During a breath-hold dive the chest and lungs are compressed by the increasing pressure of 
water. As the air in the lungs is compressed, the volume is replaced to a limited degree by 
expansion and engorgement of the lung's blood vessels. Lung injury from this mechanism is 
known as lung squeeze, or pulmonary barotrauma of descent (see Boyle's Law, Chapter 2). 





SURFACE DEPTH 10m. DEPTH 20m. 
Pressure |} ATA Total lung Pressure 2 ATA Totallung Pressure 3 ATA, Total lung 
volurne 6 litres volume 3 litres. volume 2 litres 

Fig. 4.1 


Theoretically, the maximum safe depth for most divers should be about 30 metres (4ATA), but 
it probably varies between individuals, as much deeper breath-hold dives have now been 
performed - in excess of 200 metres. 
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Immersion 


A neutrally buoyant diver is exempt from the main effects of gravity and this produces 
physiological changes in the body. The return of blood flow to the heart and lungs is increased. 
The body interprets this as an excess blood volume and compensates by increasing urine 
production (which may then lead to dehydration). 


Cold water exposure produces many reflexes, including a desire to urinate. Temperature 
regulation is more difficult. The pressure variations may influence lung function with head out 
or vertical positions. Spatial orientation processes are disrupted. Trauma, in the form of 
physical injury from water movement, marine infections, dangerous marine animals, 
barotraumas, drowning etc. are dealt with in separate chapters. 


Dive Reflex 


Aquatic mammals display a reflex known as the "dive reflex". This is associated with profound 
slowing of the heart and redirection of the blood flow away from the muscles and non-essential 
organs to give a better blood supply to the heart and brain. It allows for longer submersions. 
This reflex is present to a less degree in humans and can be produced by immersing the face or 
head in cold water. The heart slowing component of the reflex has been used by physicians to 
treat certain cardiac disorders associated with a rapid heart rate. It can also result in heart 
arrhythmias. 


Other potentially harmful reflexes can be induced by cold, Valsalvas, breath-holding etc. 


Hypoxic Blackout 


This loss of consciousness, due to an inadequate supply of Oz to the brain, usually develops 
without any warning. Underwater this leads to aspiration of water and drowning. It is a 
frequent cause of deaths amongst breath-hold divers. Sometimes the diver arrives on the 
surface still alive but in a state almost unconscious, and with some brain damage. This is called 
LMC (Loss of Motor Control) and causes unsteadiness and clumsiness. It also may occur after 
the diver has been rescued while unconscious or semi-conscious. At other times it may result in 
dementia, severe muscle impairment, visual damage or epileptic convulsions. There are two 
main types of hypoxic blackout, although they can occur together. 


a. Hypoxic Blackout due to Hyperventilation and Breath-holding 


There are some people who find the flaunting of safety mechanisms an overwhelming 
challenge. They may be trying to swim or stay underwater for as long as possible (such as 
swimming the length of a swimming pool, or to impress their peers or girl friend). The break 
point can be delayed by hyperventilating (taking a succession of rapid deep breaths) before a 
dive. This reduces lung and arterial CO> so that it takes longer for the blood level to reach the 
break point during a dive. During this delay, the blood O2 level may fall below that necessary 
to maintain consciousness and the diver may become unconscious without any warning. This is 
one cause of Hypoxic Blackout. This can occur at any depth, such as in a one metre deep pool. 
Using this method some divers have been able to prolong their breath hold dives for extended 
periods — until the body is found! 
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Breath hold breaking A without preceding hyperventilation 
point- Carbon dioxide B with preceding hyperventilation 


This diagram shows the relationship between the fall of oxygen and carbon dioxide levels 
in the blood with breath-holding. Normally, with breath-holding, (A) the breaking point is 
reached before the hypoxic zone is reached. After hyperventilation and breath-holding, (B) 
the breaking point is in the hypoxic zone. 


b. Hypoxic Blackout due to Hypoxia of Ascent 


Most divers will have noticed during a breath-hold dive that the desire to breathe often 
decreases with depth. This is probably due to the partial pressure of O2 in the lungs increasing 
as they are compressed. There is a corresponding rise in the partial pressure of O» in the blood 
which will reduce the hypoxic stimulus to breathing. At depth the diver continues to exercise 
and use up his O2 reserves. As the diver ascends however, the lungs will expand and the partial 
pressure of O2 in them will correspondingly decrease. This produces an abrupt reduction in the 
Op» partial pressure in the blood. It may fall below the threshold and cause unconsciousness 
during or immediately after ascent. This phenomenon is termed hypoxia of ascent. It may even 
occur after a diver has taken the first breath after surfacing, because of the delay between 
taking this breath and the replenished oxygen reaching the brain. 


Some divers, especially those who are spear fishing, taking photographs or deep breath-hold 
diving for other reasons, will not only hyperventilate first, but then dive deep until they feel the 
necessity to breath (the break point). These are exposed to the dangers both of hyperventilation 
and breath-holding, and also to hypoxia of ascent. Death in such breath-hold divers is common, 
as unconsciousness occurs without warning. 
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Hypoxic Blackout - Prevention 


Do not hyperventilate before breath-holding 

Do not dive deep 

Avoid excessive exercise 

Avoid competitive behaviour resulting in the above activities 
Ensure buoyancy near the surface 

Dive with a buddy or have a safety observer/rescuer 

Educate breath-hold divers of this hazard 


Pa era a 


Snorkel Diving 


All the difficulties associated with breath-hold diving occur with snorkel diving — which is just 
breath-hold diving with a snorkel. Snorkel breathing is a convenient way of obtaining air whilst 
on the surface and with the head immersed, however it has several physiological and physical 
limitations due to the snorkel’s structure (see Chapter 5). 
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MEDICAL CHECKLIST 
FOR SNORKELLERS 





Have you ever had any of the following medical conditions : 


1. Any cardiovascular disease? 


(Heart, blood pressure, blood, etc). YES NO 
2. Any lung disease? 

(Asthma, wheezing, pneumothorax, TB, etc.) YES NO 
3. Any fits, epilepsy, convulsions or blackouts? YES NO 
4. Any serious disease? (Such as diabetes) YES NO 
5. Serious ear, sinus or eye disease? YES NO 
6. Any neurological or psychiatric disease? YES NO 


Over the last month have you had any of the following : 


7. Operations, illnesses, treatment? YES NO 
8. Drugs or medications? YES NO 
9. If female, are you pregnant? YES NO 
10. Can you swim 500 metres without aids? NO YES 
11. Can you swim 200 metres in 5 minutes or less? NO YES 

NAME : 

DoB: 

ADDRESS : 


(If under 16 years, guardian to sign.) 


Note : If the candidate indicates an answer in the left hand column, then further 
investigation or action is required before snorkelling is considered as safe. 
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Chapter 5 


DIVING EQUIPMENT 





This chapter has been included to explain the operating principles and the limitations of some of the 
equipment currently used in free and scuba diving. 


FREE DIVING EQUIPMENT 





Mask 


The reason we go diving is to view the spectacular underwater world. Unfortunately, our eyes are 
designed to see through air. In water the view is blurred and distorted — and somewhat magnified. 
The latter is the reason why divers exaggerate the size of the fish they see. Fishermen, who examine 
their catch on the surface, do not have such an excuse for their blatant lying. 


The way we compensate for the water/air interface distortion, is to add an air space in front of our 
eyes. This can be achieved by air-filled contact lenses, swimming goggles or face masks. The last of 
these is used by divers. 


The variety of face masks on the market suggests that the ideal mask has not yet been developed for 
the multitude of different face shapes. 


The mask should cover the eyes and nose but not the mouth. Having the nose included allows the 
diver to exhale into the mask to compensate for the changes in water pressure, and so prevent face 
mask squeeze (see Chapter 12). The ability to exhale into the mask is also essential to clear a face 
mask flooded with water. The mask should be shaped so that the diver's fingers can reach and block 
his nostrils, to make ear equalising easier. 


Ideally, the mask should have a small air volume so as to reduce the effort needed to equalise water 
pressure during breath-hold diving. The face plate should be close to the eyes, to maximise the field 
of vision. With a basic face mask this is limited by the nose. This problem could possibly be 
overcome by radical nasal surgery, but is best achieved by an indented rubber nose piece which 
allows the glass to be brought closer to the eyes. Clear plastic or glass side panels may also possibly 
help. Although this arrangement generally improves peripheral vision, the nose piece still restricts 
downward vision — obscuring the harness, weight belt and emergency gear. 
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Some face masks are fitted with a one-way exhaust or “purge” valve on the undersurface to aid 
elimination of water. This makes clearing the mask of surplus sea water much easier, but the valve 
can be an annoying source of water leakage into the mask, if it does not function correctly. Another 
source of leakage is a moustache or beard. These are still able to permit a seal if adequately wetted 
beforehand. 


The body of the mask may be made of plastic, rubber, or silicone. The material needs sufficient 
rigidity to maintain the basic shape of the mask but a soft flanged edge (or skirt) is necessary to allow 
the mask to adapt to the contours of the face and provide a watertight seal. If the mask is excessively 
rigid it will not accommodate to water pressure changes, making face mask squeeze more likely. 
Masks made of silicone rubber are available for use — essential for divers with rubber or plastic 
allergy. 





Fig. 5.1 
Mask, snorkel and fins — basic free diving equipment 


The viewing plate of the mask can be made of either glass or plastic. 
Masks, like the windscreens of cars, should be made of “tempered “ or 
safety glass, thereby preventing shattering and damage to the face and 
eyes, in the occasional event of trauma. Then it will shatter into small 
cubes rather than sharp splinters when broken. Good quality plastic is 
less likely to break, but is prone to scratching 
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“ Unusually, this toggle switch fitted directly onto the board as well which saved wiring it 
up. Neat idea! 











Fig. 5.2 
Silicone 
masks 


A mask can be chosen by 
fitting the mask to the 
face and gently inhaling 
through the nose. A mask 
which seals adequately 
will then adhere to the 
face without any air leak, 
and not fall off. The mask 
should seal properly 
without excessive tension 
from the mask strap. 
Some mask straps are 
broadened at the back of 





the head to distribute thet tension over a greater area, as narrow bands are less secure 
and often cause local tenderness or headaches. 





CAN YOU EASILY SEE? 


Fig. 5.3 


Diving masks with corrective lenses incorporated into or glued onto the faceplate. 


For those divers who are myopic, they may wear soft or fenestrated contact lenses, or have negative 
corrected lenses built into the face plate. Lenses of differing refractive index are now available which 
slot directly into some masks, replacing the "blank" lenses. For the “oldies”, who need spectacles to 
read their gauges and see the miniscule aquatic animals and plants, they may stick a positive lens 
onto the face plate, low down and on one side only. 
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Snorkel 


The snorkel allows the diver to breathe while floating, with the face submerged. Otherwise he would 
have to disrupt his view of the underwater world to turn his head to breath — like swimmers. It can 
also be used during periods of surface swimming before or following a scuba dive, to conserve 
compressed air or return to safety without relying on the scuba cylinder, which may be near empty. 


Because of the limited strength of the respiratory muscles and the effect of water pressure, it is not 
possible to breath through a snorkel at a depth in excess of about 50 cm. The length of the snorkel 
should be sufficient to allow the diver to swim face down, to look around and to swim through 
choppy water without the snorkel flooding. It should not be excessively long as this increases 
breathing resistance and respiratory 
"dead space". The optimum length 
| is about 30-35 cm. 


The snorkel should be of maximum 
diameter to reduce breathing 
resistance but not wide enough to 
create excessive dead space. The 
optimum internal diameter is 
approximately 1.5—2 cm. It should 
have a minimum of angles and 
curves, and the interior should be 
smooth. Corrugated tubing or sharp 
angles increase breathing 
resistance. Mouthpieces are 
/ sometimes made to swivel and 
| rotate in order to minimise drag on 
| the mouth and permit a comfortable 
| hold. The latter can be assisted by 
| individual “bite moulding” of the 
mouthpiece. 





Fig. 5.4 


A range of snorkels. Some of these have "purge" valves for eliminating water. 


The breathing resistance of a poorly designed snorkel is usually not noticed during quiet breathing, 
but may prevent the diver from exercising to his maximum capacity when needed. With moderately 
heavy breathing, as with anxiety-produced hyperventilation or swimming at >1 knot, snorkels restrict 
the breathing capability of divers engaged in surface swimming. 


Several peculiar devices have been invented to prevent water entering the snorkel during a dive. 
These usually employ buoyant objects such as a table-tennis ball or cork which floats into, and 
obstructs the end of the snorkel when it is submerged. This requires an extra U shaped bend in the 
snorkel which increases resistance and dead space. These devices are unreliable and unnecessary, 
and often catch on other objects. Divers learn to expel water from the snorkel after returning to the 
surface by turning their head towards the side with the snorkel and blowing hard and fast. 


Some snorkels are now fitted with a small purge valve near the mouth piece and which allows most 
of the water to drain from the snorkel automatically. It reduces the amount of water which needs to 
be expelled by the diver, and therefore the effort required. It is also a potential source of leaks. 


If used excessively or gripped too tightly, sometimes the jaw becomes sore after a long dive. See 
Chapter 32. 
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Fins (Flippers) 


The use of fins considerably improves the diver's swimming efficiency. There are several designs 
available. 


Fins have two basic types of foot fitting — one has a shoe integrated with the fin (enclosed heel), and 
the other has a half shoe fitting and a heel strap (open heels) which allows the diver to wear neoprene 
boots. These boots can be used for protection when walking over reefs, and offer some thermal 
insulation to the feet. 


The blades of the fins vary in size and rigidity and some types are fitted with vents (for a venturi 
effect). Studies of various fin types have shown that no one type is ideal for all divers. Fins with 
larger, more rigid blades, allow a more powerful action but require greater strength and are more 
difficult to manoeuvre. Muscular cramps can result from inappropriate powerful fins. In general, fins 
of medium size and medium flexibility are suitable for most recreational divers. 


The way fins are used is important. Traditionally, a narrow, straight-leg kicking stroke has been 
taught. A less graceful wide-kicking stroke using bent knees is more efficient. This comes from 
directing the thrust of the fin along the direction of movement of the diver. Beginners may need 
coaching to avoid a bicycle peddling action, which is ineffective as a swimming stroke. 


Fins with integrated shoes can often cause 
blistering and abrasions ("fin ulcers") on the 
foot or ankle, around the rim of the shoe fitting. 
This can be reduced by the use of socks until the 
diver becomes more accustomed to the 
particular fins. Correct fitting of the fins is 
necessary. If too loose, their loss will endanger 
the diver. An excessively tight fit may cause 
muscular cramps and fin ulcers. 


New divers tend to rely on hand movements for 
propulsion. This is not effective underwater and 
they have to learn to employ fin propulsion 





Fig. 5.5 


Wet Suit 


The wet suit provides protection, comfort and safety. It is made from rubber or neoprene which 
incorporates tiny air bubbles, to provide good thermal insulation. It also provides protection from 
scratching, abrasions and stinging animals. 


On the surface and in shallow water, these suits give great buoyancy. To overcome this effect and 
therefore submerge, accessory weights are usually necessary. At depth however, the air bubbles in 
the wet suit are compressed (remember Boyles Law?), reducing its thickness, buoyancy and 
insulating properties. The variations in buoyancy at different depths may need to be offset by the use 
of a buoyancy compensator. 
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A poorly fitting wet suit can 
cause chafing, especially around 
the neck and arm-pit. A wet suit 
with an excessively tight neck 








WATER can also compress the blood 
vessels to the brain leading to 
EXPOSURE SUIT dizziness and fainting. Tightness 


around the chest may cause 
difficulty in breathing. Zippers 
allow for easier access and exit, 
but contribute to water leakage 
and reduced thermal reliability. 


AT DEPTH 


Fig.5.6 


A wet suit variant containing 
inflatable gas compartments can 
partly overcome these problems. 
These suits can be inflated orally 
or directly from a scuba tank. Careful venting on ascent is necessary in order to prevent too rapid an 
ascent with these suits as the gases expand. They are a modern version of the traditional "dry suit". 
The latter is used in colder waters, when a layer of gas is injected between the rubberised suit and an 
insulating undergarment. A gas cylinder adds air into this space during descent, and the air is 
exhausted during ascent, to maintain neutral buoyancy. Because of the added buoyancy problems, 
special training is needed to use dry suits. See Chapter 12 for suit “blow up”. Urinating in dry suits is 
problemmatic, and the P-Valves that permit urinating into the ocean can cause rare but serious 
problems with retrograde flow of sea water, air and infections into the genito-urinary tract 


EXPOSURE SUIT 


There are hybrid suits that include characteristics of both wet and dry suits, and some include fluids 
and malleable solids that replace the gas spaces and avoid the variable buoyancy effects with depth. 


Weight Belt 


A weight belt is used to offset the buoyancy of the body, wet suit and other items of equipment. 
Ideally the diver should use enough weight to produce neutral buoyancy at the surface (without 
reliance on a buoyancy vest) or at a shallow depth, about 3-5 metres — where a safety stop is often 
indicated. The correct amount of weight is found by trial and error and this should be done in shallow 
water. As the diver descends, compression of the wet suit makes the diver less buoyant. This effect 
can be offset by the use of a buoyancy compensating vest (B.C.). 


A diver without a wet suit will usually require less than 
2 kg (5 Ibs) weight and many divers will require no 
weight at all. A diver wearing a wet suit may require 
about 1 kg weight for each 1 mm wet suit thickness, 
with an extra 1 kg for neoprene booties or hood. 
Inexperienced divers tend to use more weights than 
experienced divers, and are therefore more at risk from 
buoyancy problems. 


Fig. 5.7 


The deliberate attachment of up to 10 kg of lead 
weight, or more, to an otherwise neutrally buoyant air- 
breathing creature in the water has obvious safety 
consequences. It aids in descent, but may impair the 
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ability to surface safely. "Lead poisoning" is a 
common contributor to recreational scuba diver 
deaths 


Most weights are moulded lead shapes through 
which the belt is threaded. For comfort these are 
sometimes curved, and some newer belts incorporate 
zippered compartments filled with lead shot for 
better fit to the body. Weights are usually sold in 1, 
2, or 3 kg. sizes. 


Fig 5.8. Being over weighted is one of the most 
common faults of new divers. 





Fig. 5.9 
Sitting on the gunwale with a 
weight belt on, is living 
dangerously. 





The weight belt should be fitted with a quick release buckle, preferably one which is separate from 
the scuba harness release. Exceptions to this requirement are found in saturation diving and in cave 
diving where a sudden ascent due to inadvertent release of the weight belt could have catastrophic 
consequences. The buckle should be easily identified by feel and therefore different from the harness 
buckle. The strap should not be too long or it will hinder quick release 


The weight belt should fit firmly around the waist. If it does not, compression of the wet suit at depth 
may result in it becoming loose and rotating around the body, with the buckle becoming inaccessible. 
Some new belts are made from elastic material which conforms regardless of depth. 


In a significant proportion of diving accidents, the diver fails to release the weight belt at the time of 
the emergency. Training of divers is required to ensure that release of the weight belt is routine in an 
emergency. When ditching the weight belt, the diver should release the buckle with one hand and 
hold the weight belt well clear of the body with the other, before dropping it — otherwise 
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entanglement with other equipment is possible. Unbuckelling the weight belt per se will not 
necessarily cause it to fall. 


The attachment of weights to the diver using rope or an ordinary belt buckle which cannot be rapidly 
released, has sometimes proved more permanent than the diver would have wished. 


The weight belt should always be the last item of equipment put on before entering the water, 
and the first removed before leaving the water. If this advice is followed, then an inadequately 
equipped diver who does fall back into the water, is more likely to float and not sink or drown. 


Diving Knife 


Contrary to the popular Hollywood image, 
the diver's knife has limited usefulness in 
fighting marauding sharks. It is, however, 
an essential item of safety equipment 
which can be used to cut the diver free 
from entanglements such as rope, kelp, 
fishing lines and nets. Scissors may be 
more effective for this. 


Although stainless steel blades resist rust, 
inferior quality steels do not hold a cutting 
edge well. The knife should be of robust 
construction and of a reasonable size. It 
should be strapped to the diver at a 
location where it will not cause snagging 
(e.g. the inner surface of the calf or arm), 
and easily accessible. It should not be 
attached to any item of equipment, such as 
the weight belt or scuba harness, which 
may be ditched in an emergency. 





Fig. 5.10 
Spear Guns 


Although there is usually some value to specific 
bits of diving equipment, with inevitable problems 
accompanying them, the only piece of common 
diving equipment which can be _ universally 
condemned, is the spear gun. The senior author is 
so scared of divers carrying this equipment, that he 
departs the water as soon as one is observed. 
Sometimes the injury is to other divers, sometimes 
to the spear fisherman himself. The latter was the 
case in the fig 5.11. He managed to spear himself 
with the spear (seen as the white rod in the X-ray) 
penetrating his soft palate, the optic chiasm 
(nerves to the eye), the sinus and a lot of the 
frontal part of his brain (which he probably was 
not using, as he possessed this implement). 





Fig 5.11 
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COMPRESSED GAS DIVING 


EQUIPMENT 





The use of this equipment has given divers a high degree of freedom underwater and the capacity to 
go deep and stay there for long periods of time. 


Strictly speaking, the term "scuba" refers to all self contained underwater breathing apparatus 
but these days it is generally restricted to open-circuit transportable air equipment only (initially 
called the "Aqualung"). With this equipment the diver breathes compressed air from a cylinder 
carried on his back, and then exhales into the water. 


Other equipment used by divers includes surface supply compressed air breathing apparatus 
(Hookah or SSBA) and rebreathing apparatus (semi-closed or closed circuit). Closed circuit and 
semi-closed circuit rebreathing apparatus allows a diver to rebreathe some of his exhaled gas. It 
includes a chemical "scrubber" or absorber to remove exhaled CO>. By re-using exhaled gas it makes 
economical use of the gas supply, as well as minimising bubble release into the water. They have 
obvious advantages for military, technical and commercial operations. See Chapter 43. 


SCUBA 


There are two basic forms of this system — the twin-hose system and the single-hose type. The 
twin-hose system is rarely used now. 


The single-hose unit uses compressed air contained within a steel or aluminium cylinder ("scuba 
tank"). It is usually filled to a pressure of 150—200 Bar (2250-3000 psi). Some systems developed in 
Europe improve endurance by utilising cylinder pressures of approximately 300 Bar (4500 psi). New 
cylinders manufactured from alloy-mix materials permit greater pressures, and are smaller and 
lighter. In most countries, laws require that all cylinders are visually and hydrostatically tested every 
1-2 years. 


A cylinder valve fitted with a mechanical tap and connecting fitting is threaded into the neck of the 
cylinder. Standards require the fitting of a "burst-disc" to this valve so that this will burst before the 
cylinder in the event of overpressure. 


A “first-stage’”’ pressure reducing regulator attaches to the cylinder, usually by a universal screw- 
on or clamp fitting. This regulator reduces the pressure of the gas in the cylinder of 150—200 Bar to 
an intermediate pressure of 7-10 Bar (100-150 psi) above the local pressure and supplies air at this 
pressure to an air hose which passes over the diver's shoulder. The first stage regulator is thus 
designed to adjust the pressure in the air hose to the water pressure at the depth the diver is 
swimming (the environmental or “ambient” pressure). It automatically maintains this pressure 
differential as the diver changes depth. 
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Opern-circuit Scuba 


. Air supply, cylinder, tank 

. On/Off cylinder valve 

. First stage regulator 

. Second stage regulator, 
demand valve 

. Pressure gauge, replaceable 
by 

Console with multiple gauges 





Fig. 5.12 
A basic scuba set, without harness, console, octopus reg. or buoyancy compensator 


The air hose is a small diameter flexible tube made of pressure resistant material which carries air 
from the first stage regulator to a second stage regulator (or demand valve) which in turn supplies 
air to the diver through the mouthpiece. With inhalation, a diaphragm moves to open a valve in the 
demand regulator, and air passes from the air hose to the diver, at the environmental pressure. 


The diver exhales directly into the water through one or more one-way valves which should prevent 
water from entering the demand valve during inhalation. 


It is important that the pressure of the air supply to a diver does not vary as the scuba cylinder 
empties, otherwise it will become progressively more difficult to breath as the tank pressure falls. 
Modern first stage regulators are much improved on the earlier models and have incorporated 
devices such as "balanced" valves to reduce this problem to some degree. 
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With most equipment, it is necessary for the diver to create a slight negative pressure in the 
mouthpiece during each inhalation in order to activate the demand valve mechanism. This negative 
pressure should be minimal or breathing becomes tiring. A regulator which is easy to breathe from at 
the surface, may not necessarily be able to deliver the large gas flows required during exertion at 
depth. When choosing a regulator, divers should refer to independent (e.g. U.S.Navy) testing. 


First oi aaa 


Low pressure hose 
















nflation hose 
uoyancy 
~ compensator, 


inflation button 


Primary regulator 
(2" stage regulator) 
or demand valve : SS . Oral 


Secondary 
(octopus) 
demand valve 


Fig. 5.13 
A scuba rig 


Console, incorporating compass, 
pressure (contents) gauge, 
decompression computer (timer, depth 
recorder, ascent rate monitor, 
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inflator 


Difficulties are still encountered in obtaining adequate air supply with reasonable respiratory efforts 
under the following conditions : 


¢ low cylinder pressures (observable on contents gauges), < 50 Bar 

¢ cylinder valve not fully opened 

* resistance in the first or second stage regulators (poor design or inadequate maintenance) 
* increased respiration (exertion, hyperventilation, negative buoyancy etc.) 

¢ at greater depths where the air breathed is more compressed (dense), > 30 metres 

¢ with other demands on the air supply (inflating buoyancy compensator, octopus reg. etc.) 


Some demand valves are bulky and quite heavy, requiring continual tension on the bite and the jaw 
to retain the mouthpiece. This can lead to painful spasm of the jaw muscles and a dysfunction of the 
jaw (temporo-mandibular) joint (see Chapter 32). Malleable plastic mouthpieces are available which 
attempt to spread the load evenly over the teeth. A soft silastic mouthpiece may be more valuable. 
Lugs attached to the mouthpiece are designed to keep the mouth open slightly, in a comfortable 
position and to locate and retain the demand valve correctly in the mouth. It should not be necessary 
to grip the lugs tightly. 


Cylinder Valve 


The gas outlet from the cylinder to the regulator is controlled by a high pressure valve or tap. High 
pressure "burst discs" are fitted by law to all scuba cylinder valves to minimise the risk of explosion 
if the tank is over-pressurised. 


A common problem with divers is when they open the valve to check tank pressure, then close it to 
prevent accidental air loss en route to the dive site. The high pressure remains in the hoses and so the 
pressure gauge reads “full”. There is enough gas in the hose to permit a breath or two as the diver 
descends. Very soon he finds the supply of gas suddenly depleted, the pressure gauge then reads 
“zero”, or nearly so, and a rapid and embarrassing ascent is required. 


Twin Hose Scuba 


The twin or dual hose unit has both a first and second stage reducing valve combined in a single 
module attached to the cylinder yoke. Air is delivered by an intake hose to the diver's mouth at a 
pressure equal to the surrounding water. An outlet hose exhausts the exhaled air to the regulator for 
release to the water. 


Since the diver's exhaust gas bubbles are released behind the head from the regulator, they tend not 
to interfere with vision. The twin hose apparatus has the disadvantage of requiring two bulky 
corrugated air hoses of around 2.5—3 cm diameter, and it is more difficult to purge the system of 
water. These units are rarely used today, except by photographers and in sites where regulators may 
freeze. The twin hoses were very prone to perishing and leakages. 
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“ As there is comparatively more metal to heat up, it’ll take longer to solder the switch 
terminals, and you'll need more solder as well. Thicker gauge solder is useful at such 
times. Allow say 2-3 seconds to solder each terminal. 


Don’t forget to clean the soldering iron tip on its damp sponge every now and then, 
to ensure the bit is kept clean and shiny. Later on I’ll show you how to correct any 
problems by desoldering using various techniques. Next, well move on from printed 
circuit board “through-hole” soldering and look at how to handle wires and leads. 


HOOKAH and SSBA 


Air can be supplied to the diver by a hose from the surface, either from a compressor (hookah unit) 
or from a cylinder or bank of cylinders (surface supply breathing apparatus - SSBA). 


The air from SSBA is supplied directly to the demand valve at a pressure which is manually preset 
according to the depth at which the diver is operating. The first stage reducing valve (regulator) is 
located on the cylinder at the surface, and can be adjusted according to the diver's depth. This system 
can allow almost unlimited diving duration, which poses a risk of decompression sickness if the 
depth and time of the dive is not monitored. 





Fig 5.15 
Fig. 5.14 Surface supply 


A hookah compressor and motor with capacity for two divers. 


If the gas pressure in the hose from the surface fails due to a hose rupture, compressor failure or an 
empty cylinder, a pressure gradient can rapidly develop between the diver's respiratory tract and the 
failure site. Unless a non-return valve is incorporated in the gas supply line, near the diver, this 
pressure gradient can result in parts of the diver returning to the surface through his air hose. See 
Chapter 12. 


Surface hookah units usually include a small pressurised reservoir as an emergency supply for 
breathing in case of compressor failure. Many divers carry small compressed air cylinders with them 
underwater ("pony bottles" or "bail-out bottles") which are able to be operated manually in the event 
of a main supply failure. 
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STANDARD DRESS or HARD HAT 


This traditional piece of equipment uses compressed air delivered by a flexible hose to a rigid brass 
or copper helmet, usually connected to a heavy duty dry suit. The depth of the dive determines the 
pressure of the delivered air. A continuous air flow is supplied to the helmet at a rate sufficient to 
supply the diver's oxygen needs and to flush out exhaled gas. Originally hand powered compressors 
were used, later superseded by motorised compressors. A bank of compressed air cylinders can also 
be used, as with SSBA. 


This system is bulky and requires heavy lead weights (usually boots and chest corsets) to offset the 
buoyancy of the helmet and the suit. Failure of the gas supply to keep up with the diver's rate of 
descent, or loss of the air supply (in the absence of a non-return valve), can lead to the diver being 
compressed into the helmet — causing head or body barotrauma. See Chapter 12. 





Fig. 5.16 
A "hard hat" or 
standard dress rig. 
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A modern variant of this 
system is used today in deep 
diving. It utilises a smaller, 
light-weight fibreglass or 
aluminium helmet or mask in 
conjunction with a dry or 
warmed wet suit, enabling the 
diver to swim and move more 
freely. The tethering line may 
go to the surface or a diving 
bell. The diver usually 
breathes gas mixtures which 
include helium, to prevent the 
development of nitrogen 
narcosis. 


Fig. 5.17 





A modern professional diving mask in rear 
with Standard Dress helmet in the foreground. 
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Closed and Semi-closed Circuit 


REBREATHING APPARATUS 


With this equipment some or all of the diver's exhaled gas is passed through a carbon dioxide 
absorber ("scrubber") and then rebreathed from a breathing bag ("counterlung"). This minimises gas 
usage, produces fewer bubbles and allows smaller cylinders to be used for an equivalent dive 
duration. 
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Diagram of two types of closed circuit oxygen rebreathing sets. 


A military system, using 100% oxygen in a closed circuit, is employed for clandestine operations 
(blowing up ships, examining potential landing sites, etc.). Because the diver rebreathes 100% 
oxygen, there is a risk of oxygen toxicity, so these sets have a practical depth limit of 9 metres. 


Some of these sets have a demand-type system, where gas is supplied automatically when the 


volume in the counterlung is reduced. Others have a continual gas supply, with excess being 
exhausted. 
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Closed circuit mixed-gas rebreathing systems are used in technical and deep diving operations. These 
are further described in Chapter 43, but are not recommended for use by other than very experienced 
and meticulously trained divers. 





Fig. 5.19 Military diver wearing oxygen rebreathing sets. 


ANCILLARY DIVING 


EQUIPMENT 





Buoyancy Compensator, 
Buoyancy Vest, B.C. 


This device was originally devised as a modified life jacket to provide emergency flotation for the 
diver at the surface. Its value in compensating for changes of buoyancy due to wet suit compression 
with depth, was realised and it was modified to allow the gas content to be varied during the dive, 
depending on the buoyancy needs. It was also variously called a B.C.D. or B.C.V. (buoyancy 
compensating device or vest) or A.B.L.J. (adjustable buoyancy life-jacket) 


Desirable features. When inflated the B.C. positive buoyancy should be sufficient to offset the 
negative buoyancy of the submerged weight of the diver and his equipment. It should support an 
unconscious diver so that his face is clear of the water. Ten kilograms (22 Ibs) of buoyancy is more 
than adequate to achieve this. Most B.C.'s have excess capacity. 


The B.C. should have a means of oral inflation, as well as a means of manually inflating with gas 


from a compressed air cylinder. With modern B.C.s the latter usually takes the form of an auxiliary 
"direct low pressure feed" line from the first stage or reducing valve. This direct-scuba-feed allows 
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the B.C. to be inflated using air from the scuba tank. This may provide insufficient or slow inflation 
with a low tank pressure at depth, especially if air is also needed for breathing. 


Ideally there should be a separate emergency supply of inflating gas — this may be either a CO2 
cartridge or a small compressed air bottle. If a CO cartridge is used it should have the ability to fully 
inflate the vest at depth, which usually requires at least a 20 gram capacity. The CO? cartridge 
triggering device is especially prone to corrosion and needs to be regularly maintained and inspected 
before each dive. The toggles which operate these cartridges can snag on passing obstructions, 
accidentally inflating the vest. This can have disastrous consequences in cave diving, saturation and 
decompression dives and other situations. 


Some B.C.s are fitted with a small compressed air bottle for emergency inflation. This is activated by 
a rotating valve which will not open accidentally. The bottle can also serve as an emergency source 
for a few breaths of air if a modified demand valve is fitted to the vest. These bottles are usually 
charged from the main gas cylinder at the surface just prior to fitting the B.C. 


The B.C. should have a pressure relief valve to prevent rupture from over-inflation on ascent. There 
also needs to be an easily accessible air-dumping valve to allow quick release of gas. The direct 
scuba feed line should also have an easily operated "quick-release" fitting at the B.C. end in case of a 
jammed inflator valve causing greater inflation than can be released by a dump valve. 


The B.C. should be designed so that it will not ride up onto the throat when inflated. This was 
traditionally accomplished by fitting a crotch strap or attachment to the scuba harness. B.C.s are 
becoming increasingly more complex and expensive, and may contribute to diver errors and 
therefore injuries. Operating a B.C. requires repeated training. 


Jacket B.C.s incorporating a scuba-tank backpack have become popular in recent years. These are 
comfortable and convenient to use, do not compress the chest and eliminate many of the straps 
associated with a traditional scuba-tank harness. With most of these units, however, it is difficult in 
an emergency to ditch an empty scuba tank on the surface without losing the B.C. 


Fig. 5.20 This is the type of B.C. you do 
not want. One that tips the unconscious 
diver face down in the water 
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Contents Gauge 


It is essential to monitor the air content of the scuba tank during a dive, to allow a sufficient air 
reserve for return to safety, emergency use and for decompression. 


The pressure observed in the contents gauge overestimates the air available, because a substantial 
pressure is required just to drive air through the regulator. Thus something like 40 Bar should be 
deducted from the reading to calculate the remaining air available for the dive. 





"Reserve" valves are not adequate substitutes 
for contents gauges since they may be 
inadvertently opened before or during the 
dive, and have been observed to leak or fail 
under operational conditions. 


To gain maximum advantage from the 
contents gauge the diver should refer to it 
frequently, and should be aware of the values 
in respect to his own diving air consumption 
at that depth. 


Fig. 5.21. 
Depth and contents gauges (calibrated in feet of sea water and psig, 
respectively). 


Alternate Air Source 


The octopus regulator is a second-stage demand valve which can be used by the diver in the event 
of failure of the main demand valve, or which may be used by another diver who has an equipment 
failure or air exhaustion. The hose for the octopus or second reg. is longer than the primary reg so 
that it can be used easily by the OOA/LOA (out-of-air, low-on-air) diver. This facility eliminates the 
need for buddy breathing from a single demand valve, which can be difficult and dangerous to 
perform in high stress situations or between inexperienced divers. 


Obviously, two divers using the same 
scuba system will halve the endurance of 
the tank. An alternative is to carry a 
complete separate emergency "spare 
air" unit with an adequate supply of air 
to reach the surface. At depth, and with a 
low tank pressure, insufficient air may 
be available for simultaneous use of the 
demand valve and the octopus regulator. 
Other alternative air sources include twin 
scuba cylinders (and independent 
regulators) and air breathing from a B.C. 
supply. 

Fig. 5.22 

A Spare Air unit 
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Diving Watch 


A reliable, accurate, waterproof watch or dive timer is an essential piece of scuba diving equipment, 
in order that decompression requirements can be calculated. 


The device should include some means of measuring elapsed time. A rotating bezel on the face of the 
watch is a simple and popular way of achieving this. It is not essential, but it is traditional, for divers 
to wear black-faced watches. Digital watches with elapsed time counters are also used. 


Electronic dive timers, which are automatically triggered after a shallow descent, may not only 
record the dive duration but also the time between dives (surface interval). 


Depth Gauge 


It is necessary for the scuba diver to have an accurate knowledge of his depth exposure so that 
decompression requirements can be calculated. A depth gauge should be easily read under all 
visibility conditions. There are several types of depth gauge currently available. The simplest type 
uses an air-filled capillary tube. As the air in the tube is compressed during descent, water enters the 
capillary tube and the position of the water interface on a calibrated scale indicates the depth. This 
type of gauge is very accurate at depths down to about 10 metres but it is inappropriate in excess of 
20 metres, due to the small scale deviations available on the gauge at these depths. 


A Bourdon tube gauge incorporates a thin curved copper tube which straightens slightly as 
increased water pressure compresses the air within the tube. The movement of the tube is magnified 
by a gearing system which moves a needle across a scale. This type of gauge may become inaccurate 
due to salt obstructing the water-entry port, repetitive mechanical damage and altitude exposure. 


Another type of gauge has a flexible diaphragm incorporated into the casing of the gauge. The 
diaphragm moves a needle through a magnifying gear system. This type of gauge has the advantage 
of relative simplicity and reliability. 


Modern micro-processor technology has produced digital depth gauges which measure depth using a 
pressure transducer. This type of gauge is dependant on an adequately charged battery with water- 
tight integrity for reliable operation. 


A device which records the maximum depth attained (maximum depth indicator or M.D.I.) is 
recommended as the diver may fail to note the greatest depth attained during a dive. This knowledge 
is necessary in calculating decompression requirements. 


A depth gauge should be regularly recalibrated to ensure its accuracy. Some depth gauges 
incorporate a capillary depth gauge which will provide a cross check of calibration at shallow depth. 
Often depth gauges are contained in "consoles" which also contain cylinder contents gauges, timers 
and compasses. 
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Compass 


Possibly one of the least appreciated pieces of equipment, until one needs 
it to navigate both underwater and on the surface. 


Decompression Meters and Dive Computers (D.C.) 
(see Chapter 14) 


A decompression meter or dive computer uses a mechanical or electronic model of the inert gas 
uptake and elimination by the diver. The dive computers (D.C. or D.C.M.) are based on 
decompression theories or algorithms (the principles on which the tables were developed) but often 
omit some of the safety factors incorporated in the formal tables. It is impossible for them to exactly 
duplicate the very complex gas uptake and elimination from a living diver and to allow for individual 
variation. They do however, accommodate the divers need to undertake both repetitive diving and 
multi-level diving in a much more manageable manner than the formal decompression tables. 


Most current D.C.s also incorporate accurate devices for recording times, depths, ascent rates, 
cylinder contents and even water temperatures. Some provide "print-out" capabilities or connections 
to a computer. These enable accurate graphical representations of a diver's dive profile, and are 
useful to diving physicians treating cases of decompression sickness and to demonstrate where the 
diver went wrong. Unfortunately, sometimes it is the dive computer that goes wrong, not the diver. 


Communication Systems 


The safety of the buddy system of diving depends on the two divers being in constant 
communication. Divers who are not in constant communication are in reality only diving in the same 
ocean and may or may not be available to assist their buddy in an emergency. Even when they do, 
third party rescue is often needed. Buddy lines and buddy diving are discussed in Chapter 34. 


Per npn = : a7 be a. wee 


Surface detection 
aids 


The purposes of this class of personal equipment are to: 


* allow the support boat to monitor and find divers on the 
surface during or after a dive 

* prevent the diver being struck by boat traffic 

¢ mark the diver's position when drift diving or while at 
the decompression stop 

*help rescue services in lifeboats and helicopters to locate 


the diver 





°Fig.5.23 


An inflatable safety sausage or "divers condom". 
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Surface detection aids include: 


Surface marker buoy, Decompression buoy, Delayed SMB, safety 
sausage or blob 

Red or yellow collapsible flag - high visibility, robust, bungeed to 
cylinder 

Glow stick - for night diving 

Whistle - cheap, will only be heard by people far from engine noise 
Torch/flashlight - if at sea after night fall 

Strobe light - needs long-lasting batteries 

High pressure whistle - expensive but effective 

Orange water dye - increases diver's visibility from search helicopters 
Mirror, such as a used compact disc, to reflect sunlight or searchlights 
Red or Orange Pyrotechnic flares -for helicopters and lifeboats 


Emergency Position-Indicating Rescue Beacon (EPIRB) 


A whistle may be of value on the surface, in attracting support from the boat crew or 
other divers. Another system of drawing attention and demonstrating the divers 
position on the surface, where most accidents either commence or end up, is a depth- 
resistant distress signal (smoke for daytime, flare for night). 


A 2 metre orange plastic tube, able to be inflated by scuba or mouth, is of value and is marketed as 
the Safety Sausage. If erect, it is easily seen from aboard boats. Aircraft can identify it more easily 


when it is laid flat on the water surface. It is also known as the "Diver's Condom". 


Underwater a diver can be contacted by a variety of transmitting and homing devices. Lights are of 


real value at night, if the visibility is good. 


It is a sad fact that most divers’ bodies are retrieved only after a search — and usually death occurs 
without the buddy-diver's knowledge. Many deaths could possibly be prevented by the proper use of 


such simple and cheap systems of communication. 


Most divers rely on diving close to each other, with visual communication only. Variations, such as 
one diver leading the other or diving with a group, results in an antithesis of the buddy system — as 


there is no clear and complete responsibility of each diver for the other. 


A buddy-line keeps a pair of divers in close contact. It consists of a short length of cord (2-4 metres 
in length and preferably of floating line) which is attached to each diver's arm by a detachable strap. 
Any emergency affecting one diver will soon become apparent to the buddy even if he is not 
watching. Possibly the only instance where the buddy line should be discarded is when snagging is 


likely, or if a large shark takes a serious interest in one's buddy 
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Chapter 6 


DIVING 


ENVIRONMENTS 





When the aspiring diver is given his formal training, it is usually in a controlled and pleasant 
environment. He is trained to dive in that environment — not in other environments. He often has 
no concept of the demands and dangers of the other environments. He may subsequently 
encounter these dangers without an appreciation of the consequences of his actions, until it is too 
late. A perusal of this chapter may introduce him to some of the problems he could face and that 
need to be overcome. He needs specialised training and supervision when extending his diving 
profile to encompass these new environmental situations, 


We will present only a brief overview. Reference should be made to diving manuals and texts 
for further details (see Appendix A). Divers are advised to obtain expert tuition from diving 
organisations specialising in these environments, before they contemplate venturing into them. 
Even then, they should be chaperoned by divers with specific experience of these environments 


WATER MOVEMENTS 





Tidal Currents 


Currents of several knots* are commonly found in estuaries and ocean sites frequented by 
divers. These cannot be matched by the relatively puny swimming speeds achievable by a diver. 
For a short burst, a diver can manage about 1.5 knots, but a sustained speed of about 1.2 knots is 
the maximum which a fit diver can reach. For a relatively relaxed dive, a current of less than 
half a knot is acceptable. The problems posed by currents can be lessened by correct dive 
planning. 

Firstly the diver needs to be aware that specific currents are a factor in any planned diving 
location. At other times they may be predicted by the tidal charts. This information is best 
obtained from local divers and/or maritime authorities. Currents can sometimes be identified by 
the behaviour of the dive boat at anchor, with the bows usually pointing into the current. 


* 1 knot = 1 nautical mile per hour = 1.85 km per hour 
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The "Half Tank Rule". The best technique is to plan to swim into the current for the first half 
of the dive and use it to drift back to the boat during the second half. The dive is divided into 
halves on the basis of the air supply. After subtracting the air pressure needed to drive the 
regulator and as a reserve, allow half the remaining gas for the swim into the current and return 
using the second half of the supply. In tidal areas, it is necessary to anticipate any change in 
direction as the tide turns, or both halves of the dive may be into current. The best time to dive 
in tidal areas, for both ease and visibility, is usually during slack water - between tides. 


As an example, if there is 200 ATA (or Bar) in the scuba cylinder, 40 ATA would be needed as 
a driving pressure for the regulator. That leaves 160 ATA for the dive. Eighty ATA could be 
used to swim into the current, and that leaves 80 ATA to drift back to the boat, allow for 
navigational errors and perform a safety stop. If one had allocated gas for emergencies, this 
would reduce the dive times accordingly. 


The anchor line can be used to advantage. It is much easier to make headway against a current 
by pulling along a rope or chain, than by swimming. If a rope is attached loosely to the anchor 
line at the surface and run around the side of the boat, divers can enter the water holding onto 
this and use it to pull themselves to the anchor line. By using the anchor line, divers can pull 
themselves down to within 2 metres of the bottom, where the current is often less strong. Avoid 
swimming onto or dislodging the anchor, which can cast the boat adrift or lift and injure the 
diver. Swimming around the anchor allows the diver to check the anchor’s security before 
continuing upstream. 


Another rope (a floating or Jesus line) should drift with the current from the back of the boat, 
for 50 metres or more. This should be supported at regular intervals by buoys or floating plastic 
containers. This line has earned its name by "saving the sinners" who have missed the boat or 
surfaced down-current. 


Another technique used in locations with strong currents is drift diving. Because of the fast 
currents, all equipment should be firmly attached and snagging on environmental hazards and 
other divers must be avoided. A float is towed to mark the diver's position and allow for signals 
to be sent to the surface craft. A rescue or pickup boat must drift with the divers and the current 
to another location, where the divers are hopefully recovered. Any such boat should have a 
propeller guard if it is to be used to rescue the divers. 


Divers being left and lost at sea is unfortunately not a rare event, and it is often difficult for 
boatmen to find their divers if the sea surface is choppy (bubbles not detectable) and waves or 
swells block the diver from the low gunwaled boat. A divers float or a "safety sausage" (a long 
fluorescent inflatable plastic float) is a useful backup for a lost diver after an ocean or drift dive, 
and can be seen for a kilometre or so. A whistle can be used to attract attention, but is difficult to 
hear over engine and ocean noises. Other means of attracting attention of boatmen are low 
pressure horns (with >100dB sounds, for > 1km.), signal mirrors (if the sun is shining, for many 
km.), and waterproof smoke flares (lasting a minute or so, and visible for up to 10 km.). EPIRB 
and other electronic signalling devices may send emergency signals to commercial transports, 
including aircraft, over many km. See Chapter 5 for information on equipment. 


Surge 


In shallow water affected by waves, a to-and-fro surge which is too strong to swim against, 
may be encountered. This is best dealt with by gripping the bottom (with gloves) during the 
adverse surge, and moving with the favourable one. A diver contending with a powerful surge 
can become disoriented from the violent movement, injured from impact with rocks and can 
succumb to panic. 
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Surf 


A surf entry without proper technique can be hazardous. The fully equipped diver presents a 
large vulnerable target to waves which can quickly divest him of essential equipment while 
engulfing him in unbreathable, non-buoyant foam. 


The recommended technique of surf entry is to approach the water backwards after donning all 
equipment including fins before entry. The fins and mask must be firmly attached as they are 
easily lost and the regulator is attached to the vest by a clip in a readily accessible position. The 
diver watches oncoming waves over his shoulder while keeping an eye on his buddy, who is 
using the same procedure. Waves in shallow water should be met side-on to present the smallest 
surface area. The diver adopts a wide stance and leans into the wave. The diver should descend 
and swim while breathing through the regulator as soon as possible. Thus he avoids turbulence 
by diving under oncoming waves. After passing the waves break line, ascent allows 
reconnection with his buddy. 


Floats are towed behind the diver on entry, and pushed in front when returning. Exit is achieved 
by the opposite process and by using incoming waves to help with progress towards the beach. 


ENTRAPMENT 





A variety of ropes, cords, fishing lines, nets, kelp and other material can easily snare the diver or 
his bristling array of equipment. Entrapment of this type can be safely dealt with by a calm 
appraisal of the situation and a sharp knife. Some divers prefer to use scissors (similar to wire 
cutters) instead of a knife, as they are more effective in cutting through particularly tough lines 
made of synthetic fibres. The limited field of view inherent with all face masks complicates 
these problems and makes the assistance of a buddy invaluable in tracing and untangling or 
cutting the causes of entrapment. 


Kelp 


This is a giant seaweed growing in forests from as deep as 30 metres and reaching the surface. It 
has a long trunk with branching fronds near the surface. It occupies cooler waters and provides a 
fascinating but potentially dangerous diving environment. 


A diver can easily become entangled and drowned in kelp, especially near the surface where the 
fronds are thickest and special diving techniques are necessary for safe kelp diving. 


Divers help minimize projections, which cause entanglement, by wearing the knife on the inside 
of the leg, use flush-fitting buckles and tape over protruding equipment. The scuba cylinder can 
be worn “upside down” to reduce regulator entanglement. The water is entered feet first and an 
attempt is made to push a hole in the kelp fronds, through which the diver passes. Divers should 
avoid twisting and turning in the kelp. A good kelp diver is a slow diver.The area near the 
bottom of the kelp causes the least likelihood of entanglement. 
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It is important to return to the surface with an ample reserve of air to ensure that the passage 
through the surface kelp is careful and unhurried. If entangled, be careful when cutting kelp 
stalks with a diameter similar to the regulator hose — you never know... 


Enclosed Environments 


Caves, wrecks, under-ice and even diving beneath large over-hangs are potentially hazardous 
environments which should not be entered without special training and planning. The following 
outline is by no means comprehensive. Specialised training and equipment are needed. 


- Caves. 


A diver in a cave usually cannot return directly to the surface in the event of an equipment 
malfunction or emergency. Even without these problems, it is easy to become lost and be unable 
to find the surface before the air supply is exhausted. The main problems are — panic, loss of 
visibility and navigational difficulties. The roof of a cave may collapse after air (expired from 
scuba) replaces the previously supporting water. 


Caves are usually dark and lined with fine silt which is easily stirred into an opaque cloud by the 

use of fins. This is reduced with small fins, slow movements and avoiding the floors and roof. 

With silt, the natural or artificial illumination sources become valueless, reflecting the light back 
towards the diver. 


All essential equipment and lights are 
duplicated. A compass is mandatory. 
Cave divers carry a spare tank and 
regulator attached to a manifold, with the 
spare regulator on a long hose so it can be 
used by another diver following in a 
narrow passage, if necessary. Totally 
separate emergency air supplies are 
recommended. 


Probably the safest diving equipment to 
use in caves, if not deep and the 
penetration distance not long, is a surface 
supply. Then return can follow the hose, 
which is being withdrawn by the surface 
tender. 


Return to the entrance of the cave is 
marked by a line which is dispensed 
from a reel by the dive leader, who goes 
in first. The diver follows the leader into 
the cave. 





Fig. 6.1 
This allows the way-out to be found by following the line, away from the leader. 


Vertical passage to the surface is marked by a heavier shot line which is less 
likely to entangle the diver ascending in haste. 
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> Wrecks. 


Wreck diving shares many of the problems of cave diving (requiring similar preparations and 
precautions) as well as presenting some unique problems. In many areas the enduring wrecks are 
deep, adding the risk of decompression sickness and nitrogen narcosis to the general hazards. 


Wrecks frequently contain physically or chemically unstable cargo, explosives and ordinance, 
toxic chemicals and unfriendly marine animals. Disturbed silt deep in a wreck and sharp jagged 
metal edges can make navigation through a labyrinth of ladders and passageways difficult. A 
compass may be of little help as the metal in the wrecks is often magnetised. 


- Ice diving. 


Diving under ice requires special equipment and know-how. It shares many of the hazards and 
precautions of cave diving but has the added complication of freezing conditions. Being trapped 
under ice can be an alarming experience for a diver with a frozen and therefore non-functioning 
regulator. Full reliance should not be placed in specialised "ice diving" regulators — in which the 
water is replaced by oil, alcohol or air. These can also freeze especially on the surface, using 
octopus regulators and with over-breathing. Attention has also to be paid to the exit procedure, 
as holes can "ice-over" rapidly. Protection may also be needed for surface tenders, as they may 
be exposed to wind and much colder temperatures than the diver, who is only at zero degrees C. 


ENVIRONMENTAL VARIANTS 





Cold Water 


This can disrupt the performance of both the diver and his equipment. Diving in cold water 
requires the insulating qualities of a thick wet suit or dry suit, with gloves, boots and a hood. 
The wet suit, unfortunately, loses it efficiency when the insulating air layer is compressed with 
depth. 


The cooling effect of compressed air expanding in the regulator, added to the low temperature of 
the water, makes freezing of the regulator a significant problem. Modified regulators which 
reduce these occurrences are available but cannot be fully relied upon. 


Night Diving 


This is not for everyone. The concept holds real fears for some divers who are perfectly 
comfortable diving in daylight. Because of the dangers of anxiety reactions and panic, night 
diving should be avoided by divers who are claustrophobic or feel excessively anxious at the 
prospect. The lack of visual cues can cause disorientation and imagination runs rife. 


Lights well above the waterline, should be displayed on the boat and the shore exit. Torches 


should not be shone into a diver's face — it blinds him temporaribly (destroys night vision) — 
but they may be directed to display one's own hand signals. 
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The problems centre on impaired visibility. Vision is dependent on artificial light which is very 
restricted and can easily fail. It is important for the night diver to be able to find and use all 
items of equipment by touch alone. 


Detecting and rescuing divers who develop problems and surface some distance away, may be 
difficult. An emergency flare, strobe light or chemical light stick (e.g."cyalume") attached to the 
diver's tank valve is worthwhile carrying for this eventuality, as is a whistle. 


Deep Diving 


Dives deeper than 30 metres have an increasing number of complications, possibly with 
inappropriate responses to these. 


The endurance of the scuba air supply is severely limited at greater depths while the 
decompression requirements increases almost exponentially, adding a sense of urgency to the 
dive in the face of a diminishing reserve-air safety margin. 


Decompression stops become obligatory for even short dives to depths in excess of 40 metres 
and requires the provision of extra air for this purpose. Unfortunately, the decompression tables, 
even if followed exactly, become less reliable as the depth increases, raising the possibility of 
serious decompression sickness even after a faultlessly executed dive. 


Nitrogen narcosis can occur at less than 30 metres (100 feet) and progressively impairs 
judgement, attention, perception and an appropriate response to adversity as the depth increases. 
At depths in excess of 45 metres (150 ft.) mental stability, cognition and judgement are seriously 
impaired. See Chapter 18) 


Equipment becomes more difficult to manage at these depths. Breathing through the regulator 
becomes harder. The buoyancy compensator takes much longer to inflate and uses more of the 
limited air supply. Wet suit compression reduces its insulating properties at the same time as the 
diver passes into colder deep water. This compression also progressively decreases buoyancy. 


The environment beyond 30 metres is dark, colourless, cold, relatively devoid of marine life 
(although the fish and sharks are often larger), and replete with physiological hazards. In spite of 
this, some recreational divers feel compelled to experience it, albeit briefly because of the 
limited air endurance. 


The authors recommend that, in view of the increased hazards and the limited diving satisfaction 
available in deep dives, recreational divers regard 30 metres (100 ft.) as the maximum 
recommended safe depth. Uneventful dives beyond this depth often impart a false sense of 
capability — which is then shattered when one or more things go wrong. It is then that the effects 
of narcosis are demonstrated. 
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Altitude Diving 


Diving in waters located above sea level (e.g. a mountain lake or dam) introduces some potential 
hazards which are related to the cold temperatures at altitude and buoyancy problems with fresh 
water (see below). Other variations with altitude are much more important, but not immediately 
obvious. 


Consider a dive in a mountain lake where the atmospheric pressure is half that at sea level (this 
would be at an unlikely altitude of about 6000 metres or 18,000 ft. elevation, but it makes the 
calculations easy). The pressure at the surface of the lake is that of the atmosphere, 0.5 ATA. 
Assume it is a salt water lake (fresh water is slightly less dense and so exerts slightly less 
pressure at a given depth). 


The water in the lake will exert the same pressure at this altitude as it would at any other 
altitude. 


That is, 10 metres of water will still exert a pressure of 1 ATA. 


The pressure at 5 metres depth therefore will be 1 ATA, consisting of 0.5 ATA contributed by 
the atmospheric pressure, and 0.5 ATA contributed by the water. 


The pressure at 10 metres will thus be 1.5 ATA. 


One might think initially that this would give the diver a safety margin since the pressure at a 
given depth in a mountain lake is less than that in the ocean. The critical difference, however, is 
that the diver in the lake is returning to a lower surface pressure. 


This can be illustrated by referring to one of Haldane's hypotheses (see Chapter 13). He 
indicated that a diver could spend an unlimited time at 10 metres (2 ATA) and return to the 
surface (1 ATA) without developing decompression sickness. In other words, a diver could 
return to a pressure of half the original pressure (i.e.a 2: | ratio) without developing nitrogen 
bubbles in the tissues. 


In the mountain lake, because the surface pressure is only half that at sea level (0.5 ATA), the 
diver need dive to only 5 metres (1 ATA) and return to the surface to encounter the same 2 : 1 
“safe” ratio. A 10 metre dive exceeds the “safe” decompression ratio. This makes dive tables 
designed for sea level unreliable at altitude unless considerable corrections are made. 


Decompression at altitude is further complicated by difficulties in estimating depth. Digital 
electronic gauges must be calibrated for altitude. 


A mechanical depth gauge calibrated for sea level is likely to be unreliable at altitude. The 
gauge simply measures pressure and registers this as depth. Since the pressure at the surface of 
the lake is 0.5 ATA (half that of sea level), the gauge will be straining its mechanism and 
possibly bending the needle, trying to get its pointer past the zero stop to register what it 
interprets as negative depth. The gauge may only start to register a depth after it has returned to 
1 ATA. This would not happen in the mountain lake until the water pressure and atmospheric 
pressure added up to 1 ATA — a depth of about 5 metres. 


Even a capillary depth gauge, calibrated at sea level, will not really read accurately. At sea level, 
the air-to-water interface in the capillary will move half way along the capillary at 10 metres, 
since the pressure there is twice that at the surface. In the mountain lake with a surface pressure 
of 0.5 ATA, twice the surface pressure will be encountered at about 5 metres depth. So the 
capillary gauge will reach the "10 metre depth mark" (the half volume mark) at 5 metres. 
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The lower surface pressure also means that gas volume changes with depth are different. The 
gas in a diver's lungs will double in volume between 5 metres and the surface in the lake, instead 
of between 10 metres and the surface as would occur in the ocean. Ascent rates thus need to be 
reduced if the risk of barotrauma is not to increase. The gas expansion in a buoyancy vest will 
also be greater near the surface in the lake, which can lead to buoyancy changes unexpected by a 
diver used to ocean diving. Hyperventilation is more likely at altitude because the air is less 
dense, and over-breathing the regulator is more likely. 


Flying after Diving 


This creates some similar problems to altitude diving. The decompression tables were calculated 
on the assumption that the diver would be returning to a pressure of 1 ATA. If the diver then 
goes to altitude either in an aircraft of on a high mountainous road, with nitrogen still in his 
tissues, bubble formation is more likely because of the lower pressure experienced, and existing 
bubbles are liable to enlarge. Special "post diving flying rules" apply. 


Diving in Freshwater and Dams 


Buoyancy is less in freshwater than saltwater. Depth estimations and calculations are similarly 
disrupted (10 metres of seawater = 10.3 metres of freshwater). Freshwater is often still, and 
therefore develops dramatic thermoclines. Trees and other sources of entanglement tend to 
accumulate and not be destroyed as rapidly as in the sea. Some freshwater currents may cause 
difficulty. Chemical and sewerage pollution can be a major problem, and some specific 
freshwater organisms are very dangerous (e.g. Naegleria causing amoebic encephalomyelitis). 


Dams have a specific problem with outflow below the surface. A diver may be unaware of the 
pressure gradient that can develop if part of the body covers an outflow orifice. Such a gradient 
will tether the diver underwater and may cause grotesque injuries as it forces the diver into and 
through the opening. 


Conclusion 


In this chapter, we have reviewed only some of the problems of diving in various environments 
and only some of the measures that can be taken to reduce the dangers. It is hoped that the 
reader will review this information whenever he is invited to join a diving activity different to 
one for which he has been trained. He may then be encouraged to undertake more specific 
training appropriate to his proposed dive program. 


Fig 6.2 For some divers, 
there are few safe 
environments 





Chapter 6 — 8 


Chapter 7 


STRESS DISORDERS, 
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INTRODUCTION 


The diving equipment and facilities of the 1950's and 1960's were often spartan and the divers 
were to some extent influenced by the difficulties produced by this equipment and the 
environment. Diving was not easy, safe or comfortable and only the dedicated few were 
involved in the sport. The divers who survived tended to be capable and well adapted to the 
environment. They were “water people”. 


The advent of more user-friendly equipment, together with the marketing and general 
popularity of diving, has seen the introduction into the sport of some divers who are less 
naturally suited to the environment. These divers may be more prone to stress syndromes when 
confronted with some of the threatening aspects of the marine world. 


Some of the factors influencing the divers ability to cope with the diving equipment and 
environment will now be considered. 


PERSONALITY FACTORS 





Some personalities are better suited to scuba diving than others. 


Military diving requires exacting physical and psychological standards and this is reflected in 
the high failure rate, generally about 50%. Many professional diving courses have a similar 
requirement and failure rate. This prompted researchers to look at the personality characteristics 
of successful trainees in an attempt to select out those who were not suitable. 
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In general, successful military divers were psychologically stable, not anxious about the 

dangers of diving, intelligent, practical, 

\ physically fit, self sufficient, good 

swimmers, capable and confident in the 
aquatic environment. 


There is little data available for features 
which characterise successful and safe 
recreational divers. While the exacting 
requirements of a military diver 
probably are not as necessary, it would 
seem likely that similar characteristics 
would be shared by the most competent 
divers of both groups. 





Fig. 7.1 


Although there is a high failure rate with military and commercial diving courses, the failure 
rate in many recreational diving courses is close to zero. The standards set by some diving 
organisations is a source of concern, as it is possible that they may be overly influenced by 
commercial considerations. Between 5—10% of deaths in recreational divers occur while under 
training. Possibly this is the result of a combination of unsuitable people being trained in an 
unsafe manner. It is uncommon for a trainee to accept that he is not suited to diving, or for a 
diving organization to admit to less than ideal teaching methods. 


STRESS RESPONSES 





We all have an inbuilt automatic response to threats in the environment. This involves 
activation of the nervous system which prepares the body to confront the challenge or flee — the 
so called "fight or flight" response. 


When this response is triggered, the sympathetic nervous system releases adrenalin into the 
body, stimulating the heart, increasing blood flow to the muscles, alerting the brain and 
increasing respiration. For example, a person suddenly confronted by a mugger is automatically 
primed to fight or run away. If the mugger is armed, the sensible victim usually considers the 
safest option is to quietly hand over money. This is an intellectual decision appropriate for 
survival and overrides the autonomic response. Logic can over-ride emotion. 
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Interwiring - get hooked up! 


With practice, through-hole soldering of p.c.b.s will become second nature. There’s 
no substitute for tackling some soldering jobs though, particularly trying a simple kit 
based on a quality p.c.b. which will boost your confidence enormously. 


Most electronic devices need connecting up to external components such as battery 
packs, speakers, l.e.d.s or switches. Usually, multi-stranded connecting wire is used to 
connect circuit boards and external parts together. Unlike single solid-core wire, multi- 
stranded wire 1s flexible and vibration-resistant. Hobbyists mainly use 7/0.2mm wire (7 
strands, each 0.2mm diameter) for low-voltage hook-ups although much Chinese 
equipment uses much thinner wires than this. So let’s look at some aspects of soldering 
this type of wire. 


In a separate photo sequence I show how a potentiometer (a panel-mounted variable 
resistor) and a light-emitting diode (l.e.d.) are connected using multi-stranded wire. The 
same principles of soldering apply to most other components including panel-mounted 
switches, loudspeakers, buzzers, audio sockets and more. 


Components usually have terminals or “tags” to which wires can be soldered. Start 
by ensuring the component’s tags are clean: otherwise solder will not wet properly and the 
joint will be impossible to solder, so all contamination must be removed. This is especially 
true of parts that have been in storage a long time. The connections often oxidise or 
blacken, so clean the solder tags with e.g. an abrasive glass-fibre brush, or a needle file or 
abrasive paper. Using a glass fibre brush was shown earlier in “Cleanliness and Tinning 
the Bit”. 
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Some divers may respond to certain levels of stress in ways inappropriate to survival. These 
potentially dangerous stress responses are : 


¢ Panic —a psychological stress reaction characterised by excessive anxiety 
¢ Fatigue — a physical stress response to exertion 
e Sudden Death Syndrome — a lethal cardiac response to stress (see Chapter 35). 
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PANIC 


Panic is probably the most common contributor to death in recreational scuba diving. Studies 
have implicated panic as a contributor to between 40-80% of such diving deaths. 


Panic is an extreme and inappropriate response to a 
real or imagined threat. Behavioural control 
becomes lost. Some readers will have experienced, 
or been near to, panic in some real life situations. 


In general, the more naturally anxious a diver is, the 
more likely he is to panic. 


As panic develops, the capacity to think rationally 
and solve the emerging problem deteriorates. The 
diver becomes more and more narrow minded and 
eventually may focus on only one goal e.g. reaching 
the surface — to the exclusion of other vital factors, 
such as exhaling during ascent. 





Fig 7.3 
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Personal Factors 


Fatigue 

Physical unfitness or disability 

Previous medical disorders 

Seasickness and/or vomiting 

Alcohol or drugs 

Inexperience 

Inadequate dive plan 

Dangerous techniques e.g. buddy breathing, 

free ascents 

Psychological problems e.g. excessive 
general anxiety, phobias 

Sensory deprivation — night diving, 
blue orb syndrome, solo diving 

Vertigo and/or disorientation 





Environmental Hazards 
re) 


Factors which upset a diver's emotional equilibrium can contribute to panic. Some of these 
contributing factors are tabulated as follows: 


Equipment Problems 


Buoyancy 

Snorkel 

Face Mask 

Weight Belt 

Wet Suit 

Scuba Cylinder 

Regulator 

Low or Out-of-Air Situations 


Other Equipment faults 
Excessive reliance on equipment 
e.g. B.C.s 
Loss of equipment 
e.g. face mask or fins 
Excess weights 
Entrapment in lines, 
nets, harness etc. 


Tidal currents 
Entry or exit 
problems 

White water e.g. surf 
Kelp 

Caves, wrecks 

Ice and cold water 
Deep diving — 
nitrogen narcosis, 
rapid air 
consumption, 
reduced buoyancy 
Dangerous marine 
animals 


Poor visibility 
Night diving 
Explosives 
Boat accidents 
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Consider the following scene, which has been gleaned from several diving fatalities, to illustrate 
some of the factors contributing (in italics) to a panic-related death. 


Case history. 


Harry was a recently qualified diver who had borrowed equipment to undertake an open ocean dive in an 
unfamiliar area. His borrowed wetsuit was a little tight around his chest, restricting his breathing. 


He decided to use two extra weights on his weight belt to help him descend in the ocean conditions, which were 
somewhat foreign to him. He was inexperienced at open ocean diving and the conditions were regarded as 
marginal so he felt a little uneasy about the dive. 


His companions were more experienced than him and he was unsure of his ability to make his air supply last as 
long as his buddies. After all, he did not want to be the first to run out of air and force his buddies to shorten their 
dive. 


During the dive he was sure he was using more air than the others but he had no way of checking this as his 
borrowed scuba set did not have a contents gauge . 


He became a little more apprehensive. They seemed to have swum a long way both from the dive boat and the 
shore. But he did not want to inconvenience his buddy or embarrass himself by ascending and checking his 
distance from shore or inquire about his buddies air supply. He had no idea how much air he had left but he felt 
that there probably wasn't much. 


He became a little more anxious and his breathing rate increased. He noted some restriction to breathing. Was 
this just resistance in his regulator or was he now running out of air? 


He activated his reserve valve. Perhaps this would improve the restricted gas flow. It didn't. 
There was a tidal current running, which slowed their progress to the planned end of the dive — the safe exit point. 
He was hoping that his companions were also running out of air, as he appeared to be. 


He was becoming more anxious. His heart was pounding and his breathing rate was increasing. It was becoming 
harder to get sufficient air from his demand valve. 


The difficulty in obtaining enough air settled the matter. He decided to get to the surface, fast. In spite of his rapid 
ascent, he still did not seem to be getting more air from his demand valve. He must be out of gas. 


He burst through the surface, gasping for breath. He wrenched off his face mask and demand valve and gasped 
air. 


The water was choppy and waves washed over his face. He kicked hard with his fins to stay on the surface. One of 
the ill-fitting borrowed fins came off. A wave washed over his face and he inhaled water and started coughing. It 
was a real struggle to stay on the surface, he was becoming exhausted. He wondered how long he could keep this 
up. He tried to keep his head well above the waves, but could not. 


His buddy noticed he was missing and after a brief search, surfaced. Harry was no where to be seen. An organised 
search later found his body on the bottom, immediately below where he had surfaced. 


His weight belt was still fastened, his buoyancy vest uninflated. There was ample air in his cylinder and testing of 
his demand valve revealed normal functioning, but demonstrating the usual resistance with high gas flows. 





The autopsy report read "drowning". The real cause was "death from panic". 
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The above story illustrates some of the factors which combined to develop the anxiety which 
leads to panic and illustrates the irrational responses in a panicked diver. An appropriate logical 
response at any one of the steps that led to the disaster, would have prevented or relieved the 
situation. 


Prevention. 


If anxiety is an important precursor to panic, reducing anxiety is an effective counter measure. 
The most effective way to reduce anxiety is to have confidence in, and familiarity with, the 
task. This is achieved by knowledge, training and repeated practice of diving and safety 
procedures. 


A good example is seen in the training of commercial airline pilots. They are required to fly a 
minimum number of hours per month and to practice and demonstrate emergency procedures at 
regular intervals. They spend many hours practicing emergency drills in a flight simulator. The 
usually cool and appropriate performance of these professionals in emergencies is a testimony 
to the success of this approach. 


Another important preventive measure is for the diver to know his limitations and to dive 
within them. A diver may be comfortable, confident and competent in one diving situation but 
not in another. The first allows for safe diving, the second for a panic scenario. Panic is more 
likely when the diver is extending his dive parameters, especially if without competent training 
and supervision. 


FATIGUE 


Studies of recreational diver deaths show that fatigue contributes in about 28% of cases. This 
fatigue comes about from a combination of personal, equipment and environmental factors. 


- Personal. 
A high level of physical fitness is an important survival factor in diving. Even the calmest water 
dive can degenerate into a situation requiring maximal physical exertion due to unforeseen 


circumstances, such as currents, rescue requirements, etc. 


During severe exertion, fatigue and its associated apathy will come sooner to physically unfit 
divers. Also, fatigue is experienced sooner by anxious or neurotic divers. 


As a general rule, scuba divers should be able to swim 200 metres in < 5 minutes, without 


equipment. A fit diver will complete this in 4 minutes and a very unfit diver may take over 5 
minutes. 


- Equipment. 
Much of the diver's equipment, the buoyancy compensator, tank, facemask, and wet-suit either 
increases resistance to swimming or restricts movement. Excessive weights make swimming 
more strenuous. Even the best regulators have appreciable resistance to airflow at high flow 
rates, significantly restricting breathing. All these factors accelerate fatigue. 


- Environment. 


Fully equipped, a diver cannot swim for long against a current of more than about | knot (see 
chapter 6). Rough water and cold exposure will make this even harder. 
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Chapter 8 


THE FEMALE 


DIVER 





Up to the 1960's, diving was almost exclusively a male domain with a certain associated macho 
image. Since then, an increasing proportion of female divers have come to enjoy this sport and 
have proven themselves equal to male divers in every regard. 


Despite this, women are not the same as men and there are important consequences of this 
dissimilarity in diving activities. Unfortunately, much of the following information is based on 
very inadequate data. 


History of Women in Diving 


Probably the most famous of female diver groups are the Ama shell divers of Japan and Korea. 
These divers were originally men but the work was taken over by women, possibly because of 
their better tolerance to cold — the men only dived in summer while women were able to dive 
all year round. Another theory is that the men believed that diving impaired their virility. 


The Ama underwent some remarkable physiological adaptations. During the winter months 
they increased their metabolic rate by 30%, which allowed them to generate more internal heat. 
Also, they reduced their skin blood flow by 30%. The fat content beneath their skin was 
increased. Both these changes improved their insulation. 


There have been numerous famous women diving personalities. In the 1940's, Simone 
Cousteau dived alongside her husband Jacques Cousteau. In Australia, Valerie Taylor and Eva 
Cropp became well known because of their diving exploits. In America, Eugenie Clark was 
known as the 'shark lady' because of her brilliant work in this field. In 1969, Sylvia Earle led 
the first all woman team of aquanauts in the Tektite II habitat experiment. 


Until recent years diving instruction was almost exclusively a male occupation. Many of these 
instructors basked in a 'superman' role and possessed more experience than knowledge. 


In recent years women have become recreational diving instructors and have proven to be 
diligent and highly competent. In general they have been more keen to impress their students 
by knowledge and skills, rather than strength and bravado. 


Women divers must be doing something right. Diving statistics show that females comprise 
34% of trainees, but account for only 10-20% of fatalities (depending on the survey). 
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Scuba Training 


In Western society, women are generally regarded as being less mechanically and 
mathematically adept than men. This prejudice is reflected in attitudes to diver training. In 
many cases, women are patronised by well-meaning male instructors and male companions. 


Until recently, culturally acquired lack of assertiveness on the part of many women led them to 
refrain from asking what appeared to them to be naive questions of their instructors. On the 
other hand, prejudices by instructors led them to assume women would not be interested in, or 
understand, the intricacies of equipment functioning or decompression planning. This 
information tended to be directed towards the males in a training group. Women would often 
turn to a male friend or buddy rather than the instructor for answers to questions which arose 
during training. The information that they received was not always accurate. 


A woman who has __sher 
equipment assembled and 
checked by a male companion, 
who has the equipment carried to 
the water and who is assisted 
into and out of the water, is 
overall less likely to become a 
competent and self sufficient 
diver. 


The old stereotype of the woman 
in a dependent role can lead to 
problems in diving practice. 
Thus having men and women 
buddied together for basic 
training may be inappropriate. 
The concept, introduced by 
PADI some years ago, of an all- 
women class has much _ to 
commend it. 





Fig. 8.1 


Anatomical Differences 


Womankind has been described as the "weaker sex." While it is generally true that on average 
women are less physically strong than men, there is not a vast difference in their performance 
in aquatic sports. For example, in the 1988 Olympics there was only a 10-12% difference in 
times between women and men for swimming events. 


For the same physical size, men on average have greater physical strength than women. This is 


because men have a greater muscle mass per unit body weight. This minor difference in 
strength is much less significant in the weightless aquatic environment. 
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Being physically smaller, the woman has a lower requirement for oxygen at a given level of 
physical activity and will produce less carbon dioxide. With smaller lungs, women also take 
smaller breaths. Thus, women can often manage with less air than a male diving companion 
and so can use a smaller, lighter scuba cylinder. This can offset the apparent disadvantage of 
diminished body size and strength. 


Because of differences in body shape, women have different equipment design requirements. 
There can be difficulty in obtaining appropriate sized or shaped wet suits, fins, boots, and 
gloves, in less developed countries. 


Particular problems arise with male sized equipment, especially face masks which may not fit 
well, and large scuba cylinders which are unnecessarily bulky or heavy. Backpacks can be too 
long and so cover the weight belt, making the release of the belt in an emergency difficult. 
Over sized buoyancy compensators designed for males may give excessive buoyancy and drag 
with females. 


Diving Activity 


It is anecdotally believed that males tend to dive deeper, longer, more frequently and engage in 
more rapid ascents. Whether this is true, is unknown, but they certainly do engage in more risk- 
taking activities than females in all general epidemiological surveys, and so perhaps it is 
correct. They also suffer many more accidents and traumatic deaths than females — at all ages. 


In one study, females dived mostly between 19-40m (61-68% of the activity) and much less 
between 41-60m (16-26%) or greater than 60m (1-2%). Young females dived at a more varied 
depth but also deeper than older females. 


Thermal Variations 


Women are better insulated than their male counterparts. They have a fat layer beneath the skin 
some 25% greater then men. They also have a better ability to constrict the blood flow to their 
limbs, reducing heat loss. These factors allow women to conserve their heat more effectively in 
a cold water environment while producing natural buoyancy, which improves their swimming 
and floating ability. 


Unfortunately women tend to expose themselves less to demanding environmental 
temperatures, and so may not become as well adapted to cold exposure, and initially react more 
to this situation. 


Menstruation 


Some women perceive their ability to dive safely during the menstrual cycle may be impaired, 
and that the activity of scuba diving may alter the menstrual cycle. Statistically there is some 
justification for believing that diving related incidents are more frequent around the time of 
menstruation. 


During menstruation, the average woman is likely to lose 50—150cc blood and cellular debris. 
There are some physical and physiological consequences of menstruation which will be 
discussed, but usually there is no reason why women should not dive during menstruation. For 
convenience, most women today prefer to wear internal protection such as tampons rather then 
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menstrual pads. In the early days, there was some concern that menstrual blood-loss may act as 
an attractant to sharks. In fact, females have a much lower incidence of shark attacks than 
males. This may be related to their different diving behaviour, or that haemolysed blood is a 
shark repellant. 


Hormonal changes before and during menstruation tend to cause fluid retention and swelling. 
There is a theoretical possibility that this might encourage the development of DCS, and one 
study of altitude DCS suggested that DCS was more likely earlier in the menstrual cycle. This 
has not been validated for divers. There is minimal experimental data to support this 
association, but it may be wise for women, at least during this time, to add a safety margin to 
their decompression requirements. 


Some women have significant psychological and physical problems around the time of 
menstruation, with abdominal pain, muscle cramps, headaches, nausea and vomiting. These 
may impair their diving ability. Women who suffer from severe problems of this nature, are 
advised to avoid diving at this time. The psychological disturbances associated with pre- 
menstrual tension and anxiety, may sometimes warrant the avoidance of diving during this 
time. 


Some female migraine sufferers, have an increased likelihood of migraines around the time of 
menstruation. The problems associated with migraine are discussed further in Chapter 32 and 
the recommendations there should be followed. 


Repeated exposure to high pressure environments seems to have no significant effect on 
hormone regulation, ovulation or menstruation. 


Oral Contraceptives 
(the " Pill") 


The physiological and psychological consequences of these hormonal tablets may have similar 
implications to those described above, under "menstruation". In theory, the increased 
coagulation effects from the pill could initiate or aggravate DCS. In practice this has not been 
observed. There is no relationship between the development of DCS and the taking of oral 
contraceptive tablets per se. It was considered prudent to cease oral contraceptives in the 
female team who undertook a long saturation dive during the Tektite No. 2 project. However, 
the absence of males probably made this decision an uncomplicated one. 


Decompression Sickness (DCS) 


Several studies have shown an increased incidence of DCS in women. Some studies of women 
divers showed a more than 3 times increased incidence of DCS compared with men who were 
exposed to the same dive profiles. Other studies have not shown this and perhaps the different 
observations are due to different cohorts with different dive profiles. For example, females in 
the space program seemed to be more susceptible to altitude DCS, and develop more serious 
DCS, than men. 


Studies on female divers indicated that those who did “reverse profile” dives had more DCS 
symptoms than those who did their deeper dives first. In a large series of DCS cases it was 
shown that the men so affected dived deeper than the women (almost 3 metres) and it is 
possible that their diving exposures and ascent rates were greater. 


The weight of evidence does tend to suggest that there might be an increased incidence of DCS 
among women. There are several possible explanations for this. 
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Women are frequently less physically fit than men and physical fitness is negatively related to 
DCS. Women usually have a higher proportion of subcutaneous body fat (+ 10%) for a given 
weight than men, and the body fat has a 4-5 times higher capacity for absorbing nitrogen. Fat 
tissue is slower to absorb and to eliminate the nitrogen. Logically, because of the different fat 
distribution between the sexes, studies that dealt with certain dive profiles (longer dives) could 
have more nitrogen absorbed and a greater incidence of DCS in females. Both reduced physical 
fitness and higher fat content probably increase the incidence of DCS . 


Navy decompression tables were designed for and tested on physically fit, healthy young male 
divers. Strictly speaking, the tables should only apply to this population. 


Because of this increased risk, it is wise for women divers to apply extra safety factors when 
using the dive tables: e.g. by reducing the allowable bottom time for any depth or by 
decompressing for a greater duration. Decompression computer programs should be on the 
more conservative settings. 


A modern decompression problem has emerged with breast implants. Fortunately, gas filled 
implants are no longer used, as the barotrauma consequences of diving with these would be 
disturbing. However, even silicone filled implants do absorb nitrogen during a dive and a 4% 
expansion in the size of these implants has been recorded after dive profiles commonly used by 
women sports divers. This is not likely to cause a problem with the implants. However, if these 
women were involved in saturation diving there is the potential for significant volume changes 
which could lead to damage or rupture of the implant during or after ascent. 


Other Diving Diseases 


In a number of reports on scuba divers pulmonary oedema, a preponderance of females has 
been noted. Others have suggested an increased susceptibility to dysbaric osteonecrosis. 


The relative risk of oxygen toxicity for women compared to men was 1.6 times for pulmonary 
toxicity and 2.9 times for neurological toxicity. 


Panic is acommon and potentially serious problem even amongst experienced divers. Although 
females reported this more frequently than males, the latter waited longer to react and so it was 
more likely to progress to a life threatening situation in them. 


A study of dive masters and instructors found that female instructors and dive masters reported 
more diving-related ear and sinus symptoms than males. This relation was consistent even 
when controlling for potential confounders. 


PREGNANCY 


There has been considerable controversy over whether pregnant women should dive. This 
question arises because most women divers are in the child-bearing age group. The controversy 
hinges on the conflict between restricting the freedom of an individual and the risks (which 
have not been fully evaluated) to the unborn child. The potential problems of diving during 
pregnancy are as follows: 
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Maternal Effects 
QO) Vomiting. 


In the second and third months of pregnancy, many women are prone to vomiting — often 
manifest as "morning sickness". They are more prone to seasickness and to nausea and 
vomiting underwater during certain conditions. This predisposes to serious diving accidents. 


L) Barotrauma. 


From the fourth month onwards, fluid retention and swelling of the lining of the respiratory 
tract, makes sinus and ear equalisation more difficult and predisposes to barotrauma. 


) Respiratory function. 


There is a decline in respiratory function as pregnancy progresses. There is an increase in 
resistance to air flow in the lungs. Later, the enlarging baby presses up into the chest, limiting 
breathing capacity. This combination impairs the pregnant woman's ability to cope with 
strenuous activity which may be required in an emergency, and may predispose to hypoxia or 
pulmonary barotrauma. 


L) Decompression sickness. 


There are major alterations in blood volume and circulation during pregnancy. This may 
increase the uptake and distribution of nitrogen and may make the woman more prone to DCS. 


L) Infection. 


It has been claimed that there is an increased risk of vaginal infection in pregnant women who 
dive. In the later stages of pregnancy some women develop minor leaks of the amniotic sac, 
which surrounds the baby with fluid. There is a possibility of infection of this fluid from 
organisms entering from the water before birth or directly into the womb after birth. 


Effects on the Baby 


The developing foetus is uniquely at risk from some of the physiological hazards associated 
with diving. The potential risk primarily consists of DCS, but hyperoxia, hypoxia, hypercapnia 
and increased nitrogen pressure may also be involved. 


L) Development of the foetus. 


The foetus begins as a single cell organism and up until after the fourth month it is smaller than 
a mouse. A small bubble, such as develops during DCS, could have catastrophic effects. 


The circulation in the foetus is unique and critical. In an adult diver, venous blood returning 
from the body passes through the lung capillaries, which filter out the bubbles frequently 
formed during or after ascent. In the foetus, the blood by-passes the lungs (since the foetus 
does not need to breathe) and passes directly to the left heart without passing first through this 
filtermg network. Even one bubble forming in the tissues then veins of a foetus will be 
transported directly to the arterial circulation and will embolise to somewhere in its body. 
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““ How not to strip insulation off wire: some of the cores have also been cut — avoid 
doing this! 








“ Gripping a wire end in a “Helping Hand” croc clip can help with soldering. 


After stripping a short length of insulation from the connecting wire, there are two 
ways to solder it to a component’s solder tag. The first way is to “tin” the stripped wire 
end to solidify it - just heat it with the iron and melt a little solder on it, and let it cool. 
Poke the wire end through the solder tag, apply the hot iron to both parts and solder them 
together using a few millimetres of solder. 


Although the assembly doesn’t hold itself together so well during soldering 
(consider a Helping Hands jig if needed) this is quicker and easier to make and also easy 
to desolder again, and is perfectly adequate for most joints of this kind. The majority of 
commercial wire joints seem to be made this way. 


In one study it was shown that diving >30 metres in the first trimester was associated with a 
16% risk of foetal abnormality, but the numbers were small. Other studies have produced 
conflicting data. 


UO) Hypoxia. 


The outcome of many non-fatal diving incidents is hypoxia, most likely to be caused by salt 
water aspiration or near drowning. The pregnant diver will not only expose herself to hypoxia 
in this situation but will also expose the much more susceptible foetus to this. 


LO) Hyperbaric oxygen. 


Divers are likely to be exposed to hyperbaric oxygen in two situations. By simply breathing 
compressed air at depth they are inhaling elevated partial pressures of oxygen. In addition, if 
divers develop DCS or air embolism they will be given hyperbaric oxygen therapy for 
treatment of the condition. 


Some foetal tissues are very sensitive to high partial pressures of oxygen. Great care is taken 
with newborn premature babies to avoid administration of high concentrations of oxygen 
because of the danger of retrolental fibroplasia, which causes blindness. The eye of the unborn 
baby is probably even more sensitive to high partial pressures of oxygen. 


The circulation of the foetus contains a channel (the ductus arteriosus) which allows blood to 
by-pass the lungs. This channel closes after birth under the influence of a raised partial pressure 
of oxygen in the blood. There is a danger of premature closing of this and other shunts if the 
foetus is exposed to hyperbaric oxygen because of treatment given to the mother. 


L) Decompression sickness. 


As mentioned earlier, women may have increased susceptibility to DCS and there are 
theoretical reasons to believe that pregnant women are even more susceptible. It is known from 
Doppler studies that showers of bubbles are regularly formed in the veins of divers ascending 
from many routine non-decompression dives. These bubbles do not usually cause any 
symptoms. 


Some experiments in pregnant animals suggest that the foetus is more resistant to bubble 
formation than the mother but that bubbles do form after some dives, especially those deeper 
than 20 metres. Because of the unique circulation of the foetus even a few bubbles in the foetal 
circulation can have disastrous consequences. 


Experiments with pregnant animals have produced conflicting results. One study on pregnant 
sheep (which have a placenta similar to a human) showed that the foetus developed bubbles in 
its circulation even after dives of less than 30 metres (100 ft.) and within the US Navy no- 
decompression limits. These results are disturbing when considering the vulnerability of the 
foetus to any bubble. 


Other studies have shown an increased incidence of abortion, birth defects and still-births in 
pregnant animals after decompression. 


Exposure to hyperbaric oxygen has also been shown in some studies to cause birth 
abnormalities and death. 
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Human Data 


Japanese female divers, the Ama, often dived until late pregnancy, and had a 44% incidence of 
premature delivery with a high incidence of small babies when compared with non-diving 
women from the same area. Another survey on modern day Ama, who were not exposed to the 
same stresses, did not reflect this association. 


Margaret Bolton from the University of Florida carried out a survey on 208 women who dived 
during pregnancy. She found an increased incidence of abortion, still-birth, low birth weight 
and death of the infant within the first month. Of the 24 women who reported diving to 30 
metres (100 ft) or more, three had children with congenital defects. This contrasts with an 
incidence of 1 in 50 in the general population. One of the infants had an absent hand, a very 
rare abnormality. 


An Australian case report, showing multiple grotesque abnormalities after diving, suggested 
that the effects and vulnerable time frame may be similar to taking congenital-abnormality 
producing drug, Thalidomide, during pregnancy. 


It is difficult to draw firm conclusions from these studies, or others that have been conducted, 
because the numbers are too low for statistical validation, or are retrospective. They are 
however consistent with many of the animal studies. 


The Bottom Line --- 


There is considerable evidence suggesting that diving during pregnancy is harmful to the 
foetus. It is generally accepted that unnecessary drugs, alcohol and smoking should be avoided 
during pregnancy because of the risk to the foetus and we recommend a similar conservative 
approach to diving. The sacrifice of not diving during pregnancy may be easier to cope with 
than the guilt, valid or not, associated with abortion or giving birth to a malformed child. 


Evidence in western societies suggest that female divers have accepted the above restriction 
and now do avoid diving when pregnant, or when attempting to become pregnant, making the 
collection of more data difficult, but good for the kids. 


One interesting issue to consider by women who contemplate diving during pregnancy is that 
the foetus, who will have to live with any birth defect which may result, cannot be consulted 
when the decision to dive is made. 
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Fig. 9.1 
Anatomy of the Ear 


COCHLEA 


The ear is divided 
anatomically into the outer 
(external), the middle and 
the inner ear. 


The Outer Ear comprises 
the visible part of the ear 
(the pinna) and_ the 
external ear canal. The 
pinna gathers sound waves 
and reflects them into the 
ear canal and onto the ear 
drum. 


The Middle Ear is a pea 
sized cavity enclosed in a 
solid bony part of the 
skull. It is separated from 
the ear canal by the paper 
thin ear drum. There are 
several structures opening 
into the middle ear space. 
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¢ The Eustachian Tube joins the middle ear with the throat, allowing air to enter the middle ear 
cavity. 


¢ The Mastoid Sinus (air pockets in the mastoid bone) also come off the middle ear. 


There are two openings on the inner bony surface of the middle ear space called the Round and 
Oval Windows, because of their shape. These openings connect the middle to the inner ear. The 
oval window is a tough membrane attached to the end of one of the three interconnecting middle 
ear bones (ossicles), while the round window is closed by a thin delicate membrane. 


The Ear Drum (or Tympanic Membrane) is connected by the three tiny ear bones or ossicles - 


the malleus, incus and stapes - to the oval window across the middle ear space. This bony chain, 
which is barely visible to the naked eye, transmits the sound vibrations from the ear drum to the 
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Fig. 9.2 
Middle ear communicates with external and inner ear 
Transmitting sound from the exterior to the inner ear 


The Inner Ear contains the Hearing and Balance organs. It is entirely encased in bone and 
filled with fluid. The hearing organ (the Cochlea) is a spiral shaped structure containing fluid 
which surrounds nerve cells sensitive to sound vibrations. 


A system of 3 semi-circular canals is also filled with this fluid, and is the balance organ which 
is sensitive to position and movement. It is also called the Vestibular System (or Vestibular 
Apparatus). 


THE MECHANISM OF 


HEARING 





The hearing system works in an ingenious way. Sound vibrations, caught and reflected by the 
pinna, are directed down the ear canal causing the ear drum, at the end of the ear canal, to 
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vibrate. These vibrations are transmitted and magnified by the bony chain system of levers, to 
the oval window. The outer (air) and middle ears (ossicles) thus conduct sound waves to the 
inner ear. 


Damage to the outer and middle ears interferes with the conduction of sound waves to the inner 
ear, and so causes conductive deafness. This affects the low frequency sounds (those 
commonly used with speech, 250-4000 Hz). 


At the oval window, the sound waves are converted to pressure waves in the hydraulic fluid in 
the cochlea. As fluid is incompressible, the inward and outward vibrations of the oval window 
are compensated for by the round window bulging outward and inward, respectively. 


The cochlea is tuned so that vibrations of various frequencies transmitted through it resonate in 
specific areas, allowing the ear to distinguish between differing frequencies of sound. This 
stimulates sensory nerve fibres within the cochlea and the impulses are perceived as sound when 
they reach the brain. Damage to this system causes sensori-neural deafness. 


EXTERNAL EAR 


BAROTRAUMA 





(EXTERNAL EAR SQUEEZE) 


If the external ear canal is obstructed, the enclosed gas will be compressed and so reduce in 
volume during descent (Boyle’s Law, again!). This will cause an outward bulging of the 
eardrum and swelling and bruising of the skin lining the ear canal. 


Obstruction of the canal can be caused by a tight fitting hood, wax in the ears, bony growths 
(exostoses) in the ear or the wearing of ear plugs. As this condition can be encountered at 
depths as little as 2 metres, ear plugs should not be worn during any type of diving. 


The symptoms include discomfort and pain on descent, bleeding from the external ear and the 
other pressure effects of barotrauma on the middle ear, including difficult equalisation. 


BLEEDING and TISSUE 


, EAR PLUG or SWELLING into CANAL 
WA 
2 ATA | 
/ 2 


AIR at 1 ATA EAR PLUG or , EARDRUM 


WAX PUSHED BULGES 
INWARDS OUTWARDS 





Fig. 9.3 35 


Chapter 9 — 3 


MIDDLE EAR BAROTRAUMA 


OF DESCENT 





(MIDDLE EAR SQUEEZE, AEROTITIS MEDIA) 


The main risk of barotrauma to the ears is encountered on descent and the commonest site is the 
middle ear. About one quarter of diving trainees experience this, to a variable degree. 


Water pressure around the diver increases as he descends. This pressure is transmitted to the 
body fluids and tissues surrounding the middle ear space causing compression of the gas space 
in the middle ear (Boyle's Law). The diver is aware of this sensation of pressure and voluntarily 
compensates for the reduction in middle ear gas volume by "equalising the ear" “auto- 
inflation” or "clearing". In this manoeuvre, air is blown up the Eustachian tube to replace the 
volume of gas compressed in the middle ear space. The ways of doing this are described later. 


If the diver fails to equalise, water pressure will force the ear drum inwards, stretching it and 
escalating the sensation of pressure into one of pain. At the same time, reduced gas volume in 
the middle ear is compensated by blood and tissue fluid, swelling of the lining (mucosa) of the 
middle ear space. Ultimately, the blood vessels become over distended and rupture, bleeding 
into the ear drum and the middle ear space. This tissue damage takes days or weeks to resolve. 
Sometimes the ear drum itself will tear or rupture. 


The depth at which this damage occurs depends on the size of the middle ear space and the 


flexibility of the ear drum. It is normally reached at 1—2 metres and if the diver does not equalise 
by the time he has reached this depth, barotrauma of the ear is likely. 


The commonest diving problem! 


If the diver can equalise his ears on the surface, 
the problem is due to incorrect diving technique 





Fig. 9.4 
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If equalisation does not occur, the middle ear space 
is partly filled with blood, tissue fluid and swollen mucosa. 


Clinical Features 


A sensation of pressure is the first symptom of damage to the ear. This pressure sensation may 
develop into pain, which is usually severe, sharp and localised to the affected side. It increases 
as the diver descends, unless he equalises the middle ear spaces. 





Grade 5 


If the diver continues descending 
until the ear drum ruptures, he 
will experience relief of the 
pressure or pain, followed by a 
cold feeling in the ear. This is due 
to the sea-water which enters the 
middle ear space, cooling the bone 
and tissues near the balance organ. 
Thermal currents may _ be 
produced within the balance 
organ, causing stimulation and 
dizziness. Fluid may also be felt 
trickling down the throat, after 
running down the Eustachian tube 
from the middle ear space. 


Fig. 9.6 

Large perforation of 
the ear drum from a 
single dive to 8 metres 
without adequate 
equalisation. 
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Middle ear barotrauma, especially when associated with rupture of the ear drum, may be 
accompanied by dizziness. This sensation is termed vertigo. It may also be accompanied by 
nausea and vomiting. Vomiting underwater is a skill not frequently practiced and it can block 
the air supply and lead to aspiration of sea water (and vomitus) and drowning. 


With lesser degrees of barotrauma, pain or discomfort in the ear may also be felt after the dive. 
There is often a feeling of fullness (or "Water") in the ear and sounds may appear muffled. 
Crackling noises may also be heard (especially with chewing, swallowing or with jaw 
movements), caused by bubbles of air in the blood/body fluid mixtures within the middle ear. 


Occasionally blood from the middle ear is forced down the Eustachian tube when the middle ear 
gas expands on ascent (Boyles Law). After surfacing the diver may notice small amounts of 
blood coming from the nose, on the same side as the barotrauma, or running down the throat. 


Other symptoms due to the ear barotrauma include; a "squeaking" sound during equalisation 
(due to a Eustachian tube narrowed by mucosal swelling, or scarring from repeated episodes of 
barotrauma), or an echo sensation and/or a mild ache and tenderness over the ear/mastoid area 
following the dive. 


Occasionally a diver has a naturally reduced pain appreciation, so that considerable barotrauma 
damage can be done despite the absence of much discomfort. These divers are vulnerable to 
permanent damage, as the usual warnings of middle ear barotrauma are absent. Others can suffer 
significant damage after exposure to even small pressures, e.g. in a swimming pool — especially 
if the submersion and pressure exposure is for many minutes duration. 


The really serious problem from middle ear barotrauma in extension of the pathology to the 
inner ear with haemorrhage, or rupture of the round window and permanent hearing loss. 


Treatment 


A diver who has experienced middle ear barotrauma needs an examination by a diving 
physician to diagnose the condition, and check for complications such as a perforated eardrum 
or inner ear damage. Assessment of the cause, and advice on prevention of future difficulties is 
important (see later). Audiograms (hearing tests) are essential to test for damage to, and 
function of, the middle and inner ears. 


Occasionally, the doctor may prescribe an oral decongestant (or nasal spray) to help open the 
Eustachian tube, while antibiotics may be prescribed if infection is present in the nose or throat 
area, or develops in the blood pooled in the middle ear cavity. This usually presents as a 
recurrence of pain hours or days after the barotrauma. Ear drops do not reach the middle ear 
and are of no value. They may be harmful if the ear drum has ruptured. 


Once serious complications have been excluded, active treatment is usually unnecessary. In 
order to rest the ear and allow healing, diving, flying and middle ear equalisation should be 
avoided until the barotrauma has resolved. This commonly takes from 1-2 days up to 1-2 
weeks. 


The length of time away from diving depends on the severity of the barotrauma. The diver 
should not return to diving or flying until the physician has confirmed resolution of the 
barotrauma and the ability to equalise the ears. Understanding why the barotrauma 
developed is necessary in order to prevent it happening again. 
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If the ear drum was perforated, complete cure may take 1-3 months, even though it may appear 
to have sealed over within days. Early return to diving predisposes to recurrent perforation. 
Occasionally the drum fails to heal and requires surgical "patching" or "grafting" by a specialist. 
Later, diving may be permitted if repair is complete and easy voluntary equalisation of the ear is 
demonstrated. 


It is necessary with the recurrence of symptoms, to perform repeat audiograms to confirm that 
no inner ear damage has occurred. About half of these divers may have ENT pathology, which 
may be treated by an otologist, and half will be recurring because of marginal Eustachian tube 
narrowing and failure to perform the equalisation techniques correctly. Both groups will gain 
from learning the correct “equalisation ahead of the dive” techniques. 


PREVENTION OF BAROTRAUMA 





Equalisation 


Adequate equalisation of pressures in the middle ear space will prevent middle and inner ear 
barotrauma. This equalisation is necessary whenever increasing depth in the water. It should be 
performed frequently and before any ear discomfort is felt. It is necessary to equalise more 
frequently near the surface since the volume changes are greatest there (as explained by Boyle's 
Law). Equalisation should always be gentle to avoid damage. The technique of ear equalisation 
is a skill which improves with practice. Some divers can equalise without any apparent effort or 
action. 


Upper respiratory tract infections (URTIs) cause congestion of the throat and Eustachian tube 
openings, making equalisation difficult or impossible. Hay fever, allergies, snorting drugs or 
cigarette smoking have a similar effect. Diving with these conditions is risky. A deviated nasal 
septum may also predispose to aural barotrauma as well as sinus barotrauma (see Chapter 10). 


There are several ways of active and voluntary 
middle ear equalising before and during descent: 


¢ Valsalva manoeuvre. 


This technique is most frequently used because it 
is easy and effective. The diver holds his nose, 
closes his mouth and blows gently against the 
closed nose and mouth. This raises the pressure 
in the pharynx, forcing air up the Eustachian 
tubes into the middle ear. He hears the ear drums 
“pop”. If they produce a longer squeak, the tube is 
partially obstructed. 


If there is infected material in the throat this can 
also be blown up the Eustachian tube into the 
middle ear, leading to infection. This is another 
reason why divers are advised against diving with 
an upper respiratory tract infection. 





Fig.9.7 
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To supplement this manoeuvre, opening of the Eustachian tubes can be facilitated by 
wriggling the jaw from side to side or thrusting the lower jaw forward as the manoeuvre is 
performed (Edmonds Number 1 technique). 


A drawback of the Valsalva technique is that if it employed too forcefully, it is theoretically 
possible that the inner ear may be damaged. Another drawback is that the nose must be held 
closed with the fingers, which is not always easy with some professional diving helmets or full- 
face masks. 


¢ The Toynbee manoeuvre. 


This involves holding the nose and swallowing simultaneously. This usually causes the 
Eustachian tubes to open momentarily, allowing air to enter or leave the middle ear. 


The Eustachian tubes open only briefly with this manoeuvre and it causes a negative pressure in 
the pharynx, so only smaller amounts of air are able to pass into the middle ear space. 
Consequently, this manoeuvre is not as effective as the Valsalva manoeuvre, but it is used 
successfully by many divers. 


¢ Others. 


Voluntary Opening of the Eustachian tubes (BTV technique) can be performed at will by 
many experienced divers, by contracting certain muscles in their throat. This technique can be 
performed by holding the nose, closing the mouth, and then trying to lift up the larynx (Adams 
Apple), which can be viewed in a mirror. A clicking can be heard in both ears if the procedure is 
successful. This technique is difficult to describe but if it can be mastered it is convenient and 
effective, there is little force involved and the manoeuvre can be performed repeatedly. 


If any difficulty is encountered, the Lowry technique ("swallow and then blow at the same 
time" — a Toynbee + Valsalva combination) or the Edmonds Number 2 technique ("sniff and 
blow" — suck the cheeks in with a sniff against the closed nostrils, immediately followed by a 
Valsalva), may be used. 


Diving Technique 


Anyone who has problems with middle ear equalisation should gently practice this procedure a 
few times each day, on land. Practice improves performance and makes perfect. Voluntary 
controlled equalisation becomes easier with repetition. Some may even need to use nasal 
decongestants to assist this, at first, but they should not be used when diving. Any diver who has 
difficulty with middle ear barotrauma should practice using the Valsalva, Lowry or Edmonds 
techniques, as they cause a positive pressure in the middle ears. They should not rely on 
swallowing, Toynbee or BTV techniques or any others that result in negative middle ear 
pressures, even though they may open the Eustachian tubes. 


Many divers suffer hearing loss because they do not equalise their ears correctly. 


Ideally on the day of a proposed dive, the diver should confirm that he is able to equalise easily 
before setting out on a diving expedition. 


All divers should equalise on the surface immediately before descending. This confirms that 
equalisation is possible and the ear drums balloon slightly outwards, causing a slight positive 
pressure in the middle ear and allowing some margin for error if the diver becomes distracted 
and forgets to equalise during the first metre of descent. 
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“* Apply a hot iron and solder, in order to “tin” the wire ends. This makes them into 
a solid. 


“ Then feed the tinned wire through the hole in the solder tag. Crop the wire with 
cutters if needed... 


The diver should then equalise every metre or less as the descent proceeds, so that no 
sensation of pressure is felt. This is called "equalising ahead of the dive" and is much safer 
than waiting until the pressure sensation (or actual pain) is felt. By that stage the middle ear 
mucosa is already swollen and obstructing the Eustachian tube, making equalisation more 
difficult. 


If any difficulty is encountered, it is unnecessarily dangerous to descend further as equalisation 
will become more difficult - until the middle ear becomes congested with tissue fluid and blood. 
Instead the diver should either abort the dive or, if the dive is an important one, immediately 
ascend a little and repeat the equalisation manoeuvre. The diver should not persist with this "yo- 
yo" technique, or remain at a depth at which a “pressure sensation” is present. The middle ear is 
filling (“equalising”) with blood. This is not a sensible situation. If the ears do not equalise 
easily, abort the dive. That way, he will be back diving much more quickly, having not damaged 
the middle ear. 


If descent is continued, a ‘locking effect' on the Eustachian tube may develop. This is caused 
by the pressure difference between the middle ear and the throat. Equalisation is then 
impossible. 


Descending 'feet first' makes equalisation considerably easier, and is best done on an anchor or 
shot line. This allows accurate control of the descent rate and depth while allowing the diver to 
concentrate on equalisation without the distractions of swimming and depth control. At least 
keep the head vertical when equalising, assisting the passage of air up the Eustachian tubes. 


The novice diver and the diver who has difficulty with his ears should use a face mask which 
allows easy access to the nose to facilitate the various manoeuvres. If one ear causes more 
problems, then cock this ear to the surface when equalising (this brings that Eustachian tube 
even more vertical, and air travels upwards, under water. 


Surgical correction of nasal septal deviations, cessation of smoking and adequate treatment of 
URTIs and allergies may be needed by those who have these predisposing causes. 


Medication 


Medication has been used to facilitate equalisation when there is some disorder of the ear, nose 
or throat. Topical nasal decongestant sprays and drops such as phenylephrine and 
oxymetazoline shrink the lining of the nose and Eustachian tube, reducing congestion and 
opening the air passages. Some oral medications such as pseudoephedrine have a similar effect. 


While these drugs can make diving possible when it otherwise would not be, they assist the 
diver to dive with conditions which should preclude diving, such as upper respiratory tract 
infections. There is an added risk of the drug predisposing to barotrauma during the ascent - 
which is far more dangerous than ear barotrauma of descent. These drugs often relieve 
obstruction of the throat end of the Eustachian tube, improving equalisation during descent. 
Unfortunately they do not influence the middle ear end of the Eustachian tube, thus they do not 
assist release of gas from the middle ear during ascent. Decongestants may also permit diving 
despite minor descent barotrauma but can wear off during the dive, resulting in congestion of the 
pharyngeal end of the Eustachian tube and further obstruction to the outflow of gas from the 
middle ear (see below, “middle ear barotrauma of ascent’). 


Because these drugs mask the symptoms of conditions which would otherwise preclude diving, 
divers are advised that it is better to avoid diving than to continue while taking these drugs. 
See Chapter 37, last page, for more on the problems of drug treatment. They make other diving 
disorders more likely e.g. Sudden Death Syndrome. 
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eMiddle Ear Equalisation (ME=) Client’s Problem Check List 


I descend a bit slower than my buddies. 
If there is any pressure, I halt my descent and wait a bit. Or, 
I may ascend until the ear clears. (Yo-Yo) 


Why do these procedures? If you are not ME= promptly or sufficiently, 
then these procedures merely allow the ME to fill with blood or tissue 
fluids, and thus allow further descent with less pain or discomfort. This is 
not a sensible way to ME=. It results in middle ear congestion, Eustachian 
tube obstruction and other pathology which may be temporary or 
permanent. 


I am trying to use swallowing to ME= 


If you have any difficulty with ME=, employing techniques that result in a 
relatively aan ME pressure causes congestion and Eustachian tube 
blockage. Use the positive pressure Valsalva technique (or Lowry, or 
Edmonds) , prior to and during descents. 


I dive down the shot line. 

This requires greater force to inflate the ME, as you are trying to force air 
down the Eustachian tube. Descend feet first and you can blow air up the 
Eustachian tube. Air travels easier up than down, in the water. Remember 
bubbles? They rise. 


If there is any water in my ears (fullness, crackling) after the dive, I use 
alcohol ear drops to dry them out. 


It is likely that the “water” in your ear is really fluid in your ME! 

I sometimes have a bit of blood from my nostril (or in my throat). 
Although it atl be from your sinus, following expansion of air with ascent, 
it is more likely from the middle ear on that side. In either case, ME= 
correctly (“ahead of the dive”) may well fix both. See previous pages. 
When I dive and ME=, I hear a squeeking sound in my ear. 

This suggests a narrowed Eustachian Tube, possibly from inadequate ME=. 
The sound you should hear when you equalise, and the ear drum moves 
outward, is a click or pop. It takes a split second to achieve. Not a long 
drawn out sound. 


pai often dive once, without problems, but cannot ME= on other 
ives. 


You have probably produced some middle ear congestion in the first 
dive, but continued the dive. By the second dive, you start off with 
significant middle ear congestion, and so ME= is more difficult. 

One ear equalises before the other 


Not a problem. It is normal. You may wish to assist the slow ear by pointing 
it towards the surface as you ME=. 
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If reasonable, avoid the use of hoods which cover the external ear. If it is necessary to use these 
hoods, then it is preferable to have holes inserted over the ear, which will allow air and water 
movement and pressurisation. This is not, of course, necessary or possible with diving helmets 
or certain dry suits. Special ear plugs and masks used for prevention of ear barotrauma probably 
only work by delaying damage and therefore inducing fewer symptoms - not by preventing 
damage. 


MIDDLE EAR BAROTRAUMA 


OF ASCENT 





(ALTERNOBARIC VERTIGO, REVERSE SQUEEZE) 


This condition is relatively uncommon by itself, but it is often a complication of a middle ear 
barotrauma of descent and/or the use of nasal decongestants. During ascent, air in the middle ear 
space expands and must escape. The air normally escapes down the Eustachian tube to the throat 
without any conscious effort by the diver. If very observant, he may actually hear or feel it 
escape from his ear. 


Occasionally the Eustachian tube may obstruct this flow of air, with subsequent air distension 
and increased pressure sensation in the middle ear cavity during ascent. This causes bulging and 
possible rupture of the ear drum. There may also be damage to the inner ear, leading to hearing 
loss (see below, and Chapter 30). The increased pressure in the middle ear may also stimulate 
the nearby balance organ producing vertigo and its associated symptoms. 


Clinical Features 


Increasing pressure and pain is sometimes felt in the affected ear as the diver ascends. Often 
there may be vertigo as well as nausea and vomiting. After surfacing the diver may feel 
fullness or dullness in the ear. Tinnitus or hearing loss may indicate serious damage (inner ear 
barotrauma). 


Vertigo may develop after only a metre or so of ascent (see Chapter 31, Case History 31.2). 
Many of these symptoms can be hazardous, especially as ascent may be prevented by the 
symptoms. 


First—Aid 


If a diver encounters ear pain or vertigo during ascent, he should descend a little to minimise 
the pressure imbalance and attempt to open the Eustachian tube by holding the nose and 
swallowing (Toynbee, or other equalisation manoeuvre). If successful, this equalises the middle 
ear by opening it up to the throat and relieves the distension in the affected middle ear. 


Occluding the external ear by pressing in the tragus (the small fold of cartilage in front of the ear 
canal) and suddenly pressing the enclosed water inwards, may occasionally force open the 
Eustachian tube. If this fails then try any of the other techniques of equalisation described 
previously, and attempt a slow ascent. 
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Treatment 


Uncomplicated cases resolve quickly but eardrum rupture or inner ear damage may need 
specialised care. All cases need expert diving medical assessment, for diagnosis and advice. 
Unless it can be understood and prevented, diving should be avoided. 


INNER EAR BAROTRAUMA 





A serious consequence of ear barotrauma is inner ear (hearing and balance organ) damage. The 
inner ear can be damaged in several ways. 


- Round window fistula (or "leak"). 


If the diver fails to equalise the middle ear adequately, water pressure will bulge the eardrum 
inwards. Since the eardrum is connected to the oval window by the bony chain, this window is 
forced inwards and the round window bulges outwards. If these movements are excessive, the 
small end-bone can be pushed through the oval window or, more commonly, the round window 
may tear. After these injuries, the window may then leak the inner ear fluid (perilymph) into the 
middle ear. 


Round window fistula may also be associated with an excessively forceful middle ear 
equalisation manoeuvre. Increased intravascular pressures in the head associated with this 
manoeuvre may be transmitted to the cochlea fluid, causing bulging and then rupture of the 
round window. Alternatively, the sudden displacement of the eardrum after an equalisation 
manoeuvre may set up a pressure wave in the inner ear fluid which tears the round window. The 
fluid which leaks out is crucial to the healthy function of the cochlea and its loss leads to 
damage to the hearing organ. Permanent severe hearing loss may follow if the fluid loss is not 
interrupted by healing of the round window or surgical repair,. 


The same fluid also bathes the balance organ, and damage to this organ may also result in 
dizziness (vertigo), nausea and vomiting. 


- Other pathology. 


Permanent hearing loss or balance disturbance, unrelated to round window fistula, can be caused 
by direct cochlea damage from inner ear barotrauma. The cause may be haemorrhage (or 
bleeding), inner ear membrane rupture, or air entering the inner ear (from a stretched round 
window). This hearing loss may be temporary or permanent depending on the degree of damage 
and its management. 


Clinical Features 
The cardinal features of inner ear barotrauma are : 
- tinnitus (ringing or buzzing noises in the ears) 
- hearing loss 
+ vertigo (a feeling of being pulled, rotation, rocking or unsteadiness) 


* nausea or vomiting 
- rarely, dysacusis (painful hearing) 
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One or more of these must be present to make the diagnosis. Fluid may be noted in the middle 
ear. 


Tinnitus is a ringing, buzzing or musical sound in the ear, usually high pitched, due to damage 
or irritation of the nerve cells of the cochlea. 


Hearing loss is due to damage of the cochlea. It may improve, stay the same or deteriorate. 
Audiograms may differentiate this type of hearing loss (sensori-neural) from that due to middle 
ear barotrauma (conductive). See Chapter 30. 


Vertigo is the spinning or pulling sensation due to balance organ damage (see Chapter 31). 
Treatment 


A diver presenting with any of these symptoms needs immediate assessment by a diving 
physician. In the interim, he should avoid any exertion, middle ear equalisation, altitude or 
diving exposure, sneezing or nose blowing. 


The physician will examine the ear and perform serial audiograms to detect any hearing loss, 
which may not be obvious to the diver. Tests of balance organ function (ENGs) may be 
necessary. 


Aspirin, nicotinic acid (vitamins), other vasodilators or anti-coagulants should not be taken. 


An expert diving medical opinion concerning future diving should be sought if the diver has 
sustained permanent hearing loss, tinnitus or balance disturbance, as it is probable that further 
episodes of inner ear barotrauma will cause additional and possibly permanent disastrous 
effects. Training in correct middle ear equalisation techniques is essential if a return to diving is 
contemplated. 


- Round window fistula. 


This condition can usually be managed conservatively with absolute bed rest in the sitting 
position. Straining, sneezing, nose blowing, sexual activity, loud noise and middle ear 
equalising should be avoided, to prevent pressure waves in the inner ear. 


The round window fistula often heals spontaneously within a week or two with this regimen but 
if hearing loss progresses or the other features persist, it may be necessary to resort to surgery to 
patch the round window leak. 


Once an oval or round window fistula or cochlea injury has healed, the diver's future in this 
sport is bleak. Flying should be completely avoided for some months to allow complete healing 
of the injury or the surgical repair. 


- Cochlea damage. 


In the absence of a round window fistula, no specific treatment is available 
for this type of injury. Rest in a head elevated position, repeated pure tone 
audiograms, and avoidance of exertion, equalisation attempts and further 
exposures to barotrauma (flying or diving), is necessary until the condition 
has stabilised. 
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Chapter 10 


SINUS 
BAROTRAUMA 


ANATOMY OF THE SINUSES 





The sinuses are air filled cavities contained within the bones of the base and front of the skull. 
Apart from causing inconvenience to divers, their exact function is unknown. 
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Fig. 10.1 


Location of sinuses in the skull. They are connected by canals to the nose. 
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There are four main groups of sinuses, with openings into to the nose : 


¢ Maxillary sinuses in the cheek bones 

¢ Frontal sinuses in the skull above the eyes 

¢ Ethmoid sinuses in the thin bone at the base of the nose 

¢ Sphenoidal sinuses situated deep inside the central part of the skull. 


All the sinuses are lined by a soft mucous-secreting tissue which is richly supplied with blood 
vessels. Each sinus communicates with the nose by its own narrow opening called the ostium, 
and through these, the sinuses are permanently open to the atmosphere. 


The mastoid sinus or antrum is a similar structure that opens into the middle ear cavity. It more 
often reflects the pathology of the middle ear and reference should be made to Chapter 9 for 
this. 


THE MECHANISM OF SINUS 


BAROTRAUMA 





As the water pressure changes during a dive, the sinuses normally equalise automatically by 
free passage of gas into or out of their openings. 


Problems are inevitable, however, if these openings become obstructed. Obstruction can be due 
to congestion associated with allergy, smoking, respiratory tract infection or the overuse of 
topical decongestants and other drugs. Other causes of ostia obstruction include chronic sinus 
inflammation (sinusitis), nasal inflammation (rhinitis), folds of tissue (polyps) and plugs of 
mucous. 


When the sinus is blocked, during descent the gas in the sinus is compressed (according to 
Boyles’ Law) causing sinus barotrauma of descent. The shrinking volume is replaced by 
swelling of the sinus lining, tissue fluid or bleeding — partly filling the sinus. 
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Fig. 10.2 A blocked sinus cavity on the surface, after descent to 10 m. then re-surfacing. 
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This tissue fluid and blood, which may take days or weeks to absorb, represents a rich nutrient 
medium for bacterial growth, promoting sinus infection (see Chapter 28). 


During ascent, blood and tissue fluid from the sinus barotrauma of descent may be discharged 
into the nose or back of the throat by the gas expanding in the sinus, causing an apparent nose 
bleed from the same side as the injured sinus. Alternately, it may be spat out or swallowed. 


If the sinus opening becomes obstructed during ascent, the expansion of gas flattens the sinus 
lining against its bony wall, causing pain and injury to this delicate tissue. This is called sinus 
barotrauma of ascent. 


Sinus barotrauma of descent is more common than ascent, but they often coexist. 


CLINICAL FEATURES 





Sinus Barotrauma of Descent 


This condition usually presents during descent with a sensation of pressure, developing into a 
pain in the region of the affected sinus. It is usually felt over the eye (frontal or ethmoidal), the 
cheek bone (maxillary), or deep in the skull (sphenoidal) depending on which sinus is involved. 
Maxillary sinus barotrauma can also present as pain in the upper teeth. 


The pain may settle during the dive, as blood and other fluids equalise the pressure differential, 
or it may recur as the damaged sinus causes a dull pain or headache afterwards. 


A small amount of blood issuing from the nose during or after ascent is a frequent 
accompaniment of sinus barotrauma. 


Occasionally the maxillary nerve may be involved, causing numbness over the cheek. 


Sinus Barotrauma of Ascent 


This presents with pain in the affected sinus during and after the diver's ascent. Bleeding from 
the sinus frequently drains through the nose or can be spat out. 


Severe headache persisting or developing hours after the dive suggests either inflammation or 
developing infection (i.e. sinusitis) or sinus tissue damage. 


Rarely, the bony walls of the sinus may rupture, with the expanding gas passing into the eye 


socket (orbital emphysema), the brain cavity (pneumocephalus) or tracking elsewhere. Any 
such severe manifestation must be treated as a medical emergency 
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TREATMENT 





Any case of suspected sinus barotrauma accompanied by headache after a dive requires medical 
assessment, because decompression sickness and many other conditions can also present as 
headache. See Chapter 32. 


Normally sinus barotrauma resolves without any treatment. Significant bleeding into the sinus 
may drain more rapidly if topical nasal and oral decongestants are used. 


The diagnosis may be confirmed by X-Rays, CT scans or MRI (preferred) of the sinuses. The 
sooner this is done after the dive, the more likely it is to demonstrate the pathology. 





Fig. 10.3 

Sinus x-ray showing fluid level (opaque area almost filling cavity below right orbit) in 
right maxillary sinus after barotrauma of descent. Left sinus cavity appears clear and filled 
only with air (black). 


Increasing pain in the sinus, with fever or malaise developing after the dive suggests infection 
which is treated with decongestants and antibiotics. 


Diving and flying should be suspended until the condition has resolved, usually from 2-10 
days. 
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PREVENTION 





Active and frequent middle ear equalisation, using positive pressure techniques such as the 
Valsalva, fortuitously assists by forcing air into the sinuses during descent and preventing 
barotrauma of descent. The “equalising ahead of the dive” technique is applicable (Chapter 8). 


Diving should be avoided if the diver is suffering from any upper respiratory tract infection, to 
reduce both the risk of barotraumas and the infection complications. Smoking and allergic nasal 
congestion (hay fever) increases the risk of sinus barotrauma by obstructing the sinuses. A 
deviated nasal septum may also contribute to the development of sinus barotrauma, and if so, it 
can be surgically corrected. 


Not all patients with chronic sinusitis need avoid diving. If the ostia is open and there are no 
polyps or other obstructions, the sinuses may get a good “washout” with air travelling into and 
out of the sinuses as the diver descends and ascends. This medical procedure is free to divers. 


Nasal decongestants used at the time of diving tend to reduce the congestion of the sinus ostia 
(at least at the nasal end), but may not prevent sinus barotrauma of ascent. For this reason they 
should be avoided. It is better for the diver to be prevented from descending (sinus barotrauma 
of descent) than to be prevented from ascending (sinus barotrauma of ascent). See Chapter 37, 
last page, for a discussion on the effects of drugs used to prevent sinus barotrauma. 


Repeated minor sinus barotraumas can result in progressive scarring of the ostia, causing 
obstruction and intractable sinus barotrauma. Then the diver has to choose between ceasing his 
diving career or problematic endoscopic surgery. 
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* ... and apply the iron to heat the joint. As there's quite a lot of metal to heat, 
allow several seconds to heat it up and then simply solder the wire and solder tag 
together with a dab of solder wire. 
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“* The result is a perfectly satisfactory solder joint. 


The second way is to loop the untinned wire through the tag a few turns and then 
solder it. This secures the wire during soldering, but it’s messier to desolder if things go 
wrong (see later): 
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PULMONARY BAROTRAUMA 





(LUNG BAROTRAUMA) 


Pulmonary barotrauma is lung injury caused by pressure changes (Boyle’s Law again). In 


divers it can occur on ascent or descent. Barotrauma of ascent is relevant to scuba diving, 
and barotrauma of descent to free diving (breath-hold). 


PULMONARY BAROTRAUMA 


OF ASCENT 





("BURST LUNG") 


This is second only to drowning as a cause of death in young recreational scuba divers. 


The lungs of a male diver normally contain about 6 litres of air, contained in the alveoli and 
air passages. If a diver takes a full breath at 20 metres (66 ft.) and returns to the surface, that 


6 litre volume expands to 18 litres since the pressure at 20 metres is 3 ATA and at the 
surface, 1 ATA. 
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In this situation, to avoid over distension of his lungs, the diver must exhale 12 litres of air 
(measured on the surface) before or during his ascent. If he does not exhale this air, the 
expanding gas will distend his lungs, like a balloon, and even some normal lungs will 
rupture if they are distended more than 10%. 


When near the surface, this 10% distension can be produced by an over-pressure of about 
80mm Hg. - equivalent to the pressure difference between one metre depth (less than 4 ft.) 
and the surface, making pulmonary barotrauma a real possibility even for a scuba diver in a 
swimming pool. Divers have died from pulmonary barotrauma in shallow swimming pools 


Even if the diver does exhale correctly, he can still encounter this problem if there is some 
obstruction to the venting of air from some part of the lung i.e. some form of lung pathology. 


Like all other barotraumas, this is more a disease of the shallows, than of great depths. Gas 
volumes change more nearer the surface, for each alteration in depth. 
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Fig. 11.1 


Clinical Features of Pulmonary Barotrauma 


If the lungs rupture due to excessive volume expansion, any or all of four consequences can 
follow: 


¢ Lung tissue damage 
¢ Emphysema (gas in the tissues) 
¢ Pneumothorax (gas in the chest cavity) 


¢ Air embolism (gas bubbles in the blood) 
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Fig. 11.2 


The various clinical manifestations of a ruptured lung on ascent. 
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Lung Tissue Injury 


If the lungs are over distended, generalised tearing of the lung tissues with 
severe diffuse damage to the lung structure is likely. Bleeding, bruising, and 
generalised destruction to the lungs causes severe breathing difficulties. 


L) Clinical features. 


Shortness of breath, pain when breathing, coughing, coughing-up blood, and shock are the 
principal manifestations. Death may follow rapidly. 


L) Treatment. 


The diver should be examined and treated for other manifestations of pulmonary barotrauma. 
Lung tissue damage alone has no specific first aid treatment apart from basic resuscitation 
measures (see Chapter 40 and 42). The patient should be given oxygen and taken 
immediately to hospital. 


Surgical Emphysema 


Tearing of the alveoli allows gas to escape into the tissues of the lung. Air tracks along the 
lung tissues to the mediastinum in the midline. From here it migrates into the neck or, in 
severe cases, tracking around the heart sac (pericardial sac) or even into the abdominal 
cavity. 


If the diver has performed a long or deep dive and still has a nitrogen load in his tissues, 
nitrogen will continue to diffuse into these air spaces to expand them over the next few 
hours, with increasing symptoms. 


The presence of the air in the tissues causes damage by compressing the blood vessels, 
nerves, larynx, or oesophagus. In severe cases air can compress the heart, causing 
malfunction. 


) Clinical features. 


It may take some time for symptoms to develop, as the air migrates slowly through the 
tissues. Air in the mediastinum and around the heart may cause chest pain and shortness of 
breath. Air in the throat leads to voice changes (the voice developing a "tinny” or “brassy" 
note), shortness of breath and/or swallowing difficulties. A "crackling sensation" may be 
felt under the skin around the neck — and especially just above the collar-bones (supra- 
clavicular space). It feels like "rice bubbles beneath the skin" or "cellophane paper", on 
pressing. The diver may complain of a sensation of fullness in the throat. 


Chapter 11 4 





CROSS SECTION THROUGH a—a' 


Mechasinn 
Pleural timing P 3 v = <_<" um (shaded 





Wienatace 
(Treen 


Fig 11.3 


The location of the mediastinum can be seen from this frontal view and cross 
section. It is located deep in the chest between the lungs and above the heart, 
and its connection with the neck tissues can be noted. 


L) Treatment. 


The diver should be examined and treated for the other manifestations of pulmonary 
barotrauma. Mild surgical emphysema alone responds to 100% oxygen. (see Chapter 40). 
This causes a diffusion gradient for nitrogen (between the air space and the nitrogen-free 
blood) which eliminates the air bubbles. If not treated, the condition will slowly resolve, but 
it may last many days. 


Severe surgical emphysema, especially if causing compression of the airway or blood 
vessels, will respond to recompression in a recompression chamber, compressing the 
emphysema. If air is breathed, more nitrogen may diffuse into the tissues, making the 
surgical emphysema even worse when the diver is decompressed. Breathing oxygen, 
especially under pressure in a chamber, produces a diffusion gradient of nitrogen out of the 
air spaces, with rapid resolution. 
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Pneumothorax 





Fig. 11.4 
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If the lung ruptures near 
its surface, air gains 
access to the pleural 
space, between the lung 
and the chest wall 
(pneumothorax). The 
elasticity of the lung 
causes it to collapse like a 
burst balloon and the lung 
tissue within the chest 
cavity is replaced by an 
air pocket. 


The air pocket cannot 
escape. 


These schematic diagrams of a normal chest (as seen on x-ray) at the top, and a 
pneumothorax below, with collapse of the right lung. As air pocket in the right side 
expands with further ascent, it pushes the heart and midline structures towards the 
left side of the chest, causing a "tension" pneumothorax on the right. 


Occasionally a valve effect allows air to pass from the air passages into the pneumothorax 
but prevents its return. As more and more air collects in the pneumothorax, the pressure in 
the thoracic cavity rises and forces the contents of the chest (including the heart and lungs) 
to the opposite side. This is called a tension pneumothorax and its effect on cardiac 
function is catastrophic and rapidly fatal if the air is not released. 


If the lung rupture occurs at depth, the air in the chest cavity expands with ascent (Boyles 
Law) and this may also cause a tension pneumothorax 


Bleeding may take place into the pneumothorax, leading to a haemo-pneumothorax. 


Q Clinical features. 


A pneumothorax is usually heralded by chest pain, often made worse by breathing, and 
causes shortness of breath. Respiration becomes rapid and the heart rate increases. 


With a tension pneumothorax, as the mediastinum is pushed to the opposite side, the 
trachea can be felt to be displaced to that side. The patient becomes increasingly short of 
breath and may become cyanotic (blue) and shocked. The pulse is difficult to feel as the 
blood pressure falls. 


With severe cases of burst lung, a pneumothorax will be evident very soon after the diver 
reaches the surface, but in milder cases, the symptoms of pneumothorax may be delayed for 
many hours. Symptoms may be brought on by coughing or altitude exposure (e.g. mountain 
range, travel in aircraft, more diving). 





Fig. 11.5 


X-ray of diver's chest after suffering pulmonary barotrauma of ascent with a 
right sided pneumothorax. The right chest cavity appears "black" due to its being 
filled with air and the collapsed lung (white) can be seen low, near the midline. 
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() Treatment. 


A pneumothorax requires urgent medical attention. The extent of lung collapse is assessed 
clinically and confirmed by a chest x-ray. A large pneumothorax is treated by placing a tube 
into the pleural air space and connecting it to a one-way valve such as a Heimlich valve or 
an underwater drain. This allows air out of the pneumothorax but prevents its return. The 
placement of tubes in the chest is usually beyond the capability of untrained personnel as 
there are important structures, like the heart, which can be injured in the process. After a 
period of hours or days the tear in the lung usually heals and the lung slowly re-inflates. 


A minor pneumothorax (less than 25% lung collapse) may be treated by the diver breathing 
100% oxygen (see Chapter 40). 


A tension pneumothorax is a medical emergency. The pressure in the pneumothorax must 
be relieved by the insertion of a needle or tube through the chest wall, into the 
pneumothorax. 


If the diver is aware of the possibility of a pneumothorax, he may be able to alert a physician 
to the possible diagnosis if any of these clinical features are present. The physician may 
release the air by inserting a needle into the second intercostal space in the mid-clavicular 
line, or through the 5-6 intercostal space in the mid-axillary line. Both have potential 
complications. 


Air Embolism 


When the lungs rupture, tears in the alveoli walls (and contained blood capillaries) can allow 
air to enter the blood circulation. This air is conducted to the left side of the heart, from 
whence it is pumped through the arterial circulation. 





Fig. 11.6 


Diagram of a ruptured alveolus and capillary vessel from pulmonary 
barotrauma of ascent. Air bubbles (emboli) are entering the veins carrying 
blood back to the left atrium of the heart. 
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The air bubbles obstruct or damage blood vessels in vital organs such as the heart and brain, 
leading to impairment of function, serious disability or death. 


L) Clinical features. 


Symptoms present abruptly, usually immediately or within 10 minutes of the diver reaching 
the surface. Air bubbles lodging in the brain may cause loss of consciousness, fits or 
confusion, a pattern of symptoms similar to a "cerebral stroke". This is called Cerebral 
Arterial Gas Embolism or CAGE. 


There is often loss of function of parts of the causing : 


¢ disturbances of sensation such as numbness or tingling 

¢ disturbances of movement including paralysis or weakness 
¢ disturbances of vision 

¢ disturbances of speech 

¢ disturbances of balance or co-ordination 


¢ disturbances of intellectual function 


Air bubbles lodging in the coronary arteries which supply the heart with blood may lead to 
symptoms resembling a heart attack including chest pain, shortness of breath and 
palpitations. Air bubbles lodging in the circulation of the skin cause white or purplish 
patches (marbling). 


If a diver surfaces after a deep dive and develops disturbances of brain function it is also 
possible that he might have cerebral decompression sickness. It may not be possible 
immediately to distinguish between air embolism and cerebral decompression sickness, now 
both called acute decompression illness. Fortunately the initial treatment is similar for both 
(see Case History 33.5). 


L) Treatment. 


Air embolism causes hypoxic damage by obstructing important blood vessels with air 
bubbles. Recompression therapy in a chamber reduces the size of the bubbles and allows 
them to flow on, into smaller less-important blood vessels. The bubbles ultimately pass into 
the venous system, may be trapped in the lungs, and are eliminated as nitrogen diffuses out 
of them. 
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Divers who develop air embolism after free ascent or in submarine escape training, where a 
recompression chamber is available nearby, are immediately recompressed to reduce the air 
bubbles from their original size and so reduce the brain damage. The depth chosen will 
depend on the severity of the condition. High oxygen pressures are administered to reduce 
the bubble further. Otherwise, transport to a chamber must be arranged urgently. 


There is some controversy about the best way to position the patient. Divers used to be 
taught to place the patient in the 30 degrees head down position, to keep the rising bubbles 
away from to the brain. This caused difficulty with resuscitation and transport however, and 
the increased venous pressure in the head worsened the cerebral oedema (brain swelling) 
which accompanies injury. It is no longer advised. 


A more reasonable approach is to place the patient horizontally, on their side (the left side 
is theoretically preferable but this is probably not critical) without a pillow. This will place 
the head slightly lower than the heart. The patient is likely to be unconscious or drowsy and 
this position is also good for patency of the airway. This is often called the coma position. 


The patient should not be allowed to sit up or stand up once this position is adopted as 
there are some case reports of divers rapidly deteriorating after sitting up, even some time 
after the barotrauma event. This may be due to bubbles rising to the brain. 


The patient should be given 100% oxygen to breathe. After an hour of breathing 100% 
oxygen, it is probably safe to allow him to assume a more comfortable position. 


If the patient is unconscious the basic life support (BSL) priciples take precedence and 
should be followed (see Chapter 42). 


The other complications of burst lung, such as pneumothorax or emphysema, must also be 
looked for and treated, if present. 


The definitive treatment is recompression therapy in a well equipped chamber. Urgent 
transport is necessary in order to minimize brain or other essential organ injury. 
Unfortunately, even in the best facilities, full recovery is not always possible. 
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“* The centre wire (potentiometer wiper terminal) has been wrapped around to 
secure it before soldering. 








“ Solder the joint in just the same way — heat it up and dab on some solder wire. 


Predisposing Factors 


UO) Breath-holding. 


This may be due to failure to read "Diving Medicine for Scuba Divers", panic, ignorance, 
forgetfulness or spasm of the larynx after inhalation of water. The first rule that any 
aspiring scuba diver should learn is to exhale (“blow bubbles’) during ascent. Breath- 
holding during ascent can lead to excessive distension of the lungs, and their rupture. 


Q) Air trapping. 


Anything preventing air from leaving all or part of the lungs can lead to pulmonary 
barotrauma. 


Several factors may predispose to air trapping. Obstruction of the bronchi is frequent in; 
asthma, acute and chronic bronchitis, respiratory tract infections. This obstruction may 
allow air to enter the lungs but restrict exit of air — a ball valve effect. Other conditions 
which can cause this include; tuberculosis (T.B.), tumours of the lung, calcified glands, 
cysts in the lung and emphysema. Heavy smoking may cause mucous plug obstructions. 


U) Disorders of lung compliance. 


Lung compliance is a measure of the stretching ability of the lungs. One published study 
investigated pulmonary barotrauma in Navy divers who had correctly exhaled during ascent 
and were previously medically fit. Studies of the lung compliance of these divers showed 
their lungs to be more "stiff" than normal, and therefore presumably more prone to tearing 
when slightly over-expanded. 


Divers with scars or fibrosis in the lungs may have localised reduction in lung compliance 
which may cause shearing forces and tearing in these areas. Fibrosis of this type may be 
found after inflammatory lung disease such as sarcoidosis, tuberculosis, lung abscess or 
even some severe pneumonias. 


Lung tearing has occasionally been described in breath-hold divers. These divers developed 
pneumothorax and mediastinal emphysema during breath-hold dives — the tearing of the 
lungs being caused by the diver taking very large breaths, with excessive respiratory 
pressures. On investigation, these divers were found to have relatively small lungs and 
relatively large chest cavities. Full expansion of the chest cavity in these divers led to over- 
expansion of the lungs and subsequent tearing. 


Q) Rapid ascents 


Any partially obstructed airway may restrict airflow. This can be overwhelmed by the 
massive volume changes which occur during rapid ascents. This risk can be reduced by 
adhering to the recommended slower ascent rate of 9 metres or 30 ft per minute, upon which 
most new decompression tables are based. 
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A slow ascent rate (9 metres or 30 feet/min, or slower), as in most Diving Manuals) 
is strongly recommended by the authors. 
This rate may also help to reduce the risk of developing serious 


decompression sickness. The bottom time should be reduced accordingly 








L) Emergency ascents. 


The sudden failure of gas supply, especially at considerable depths, tends to alarm even the 
most sanguine diver. The subsequent emergency ascent is often undertaken with rapid ascent 
rates. Breath-holding due to anxiety together with a rapid gas expansion, greatly increases 
the likelihood of pulmonary barotrauma. 


UL) Free ascent training (or "Emergency swimming ascent training"). 


A "free ascent" is a manoeuvre in which the diver breathes from compressed air equipment, 
takes a breath and then returns to the surface without breathing further from the equipment. 
Naturally, he must exhale to exhaust the expanding gas — but he may still encounter several 
problems during ascent. Most divers, aware of the dread consequences of breath-holding, 
tend to exhale excessively and may run out of breath before surfacing. 
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In many navies free ascent training, pulmonary barotrauma, salt water aspiration syndrome 
and near drowning were not uncommon accompaniments of these exercises. Thus, a 
recompression chamber and a specialised diving physician had to be available 
immediately adjacent to the practice ascent site. Perhaps because they are of less value, 
civilians do not impose the same standards. 


Unless closely supervised, the rate of ascent is usually excessive, especially from greater 
depths since the diver knows that he only has one lung full of air to sustain him until the 
surface is reached. In fact he has the equivalent of 3 lungs full of air when compressed air is 
breathed at 20 metres depth. The excessive rate of ascent causes rapid gas expansion and 
damage if airways are partially obstructed. 


This outmoded training technique was designed to prepare the divers to cope with an "out- 
of-air" situation in days before contents gauges, octopus rigs, and emergency air supplies 
were common. 


Unfortunately deaths from this procedure made it a questionable practice. Also, the tendency 
of divers to over-inhale before commencing the ascent made the procedure more hazardous 
and not at all similar to the genuine out-of-air situation, where lack of air is usually detected 
after exhalation. Thus, the lungs in a real "out-of-air" situation are not fully inflated. As this 
‘real situation’ usually happens without any inspiratory capability, it is presumably safer. 


() Submarine escape. 


Escape from a sunken submarine usually involves a rapid, buoyancy-assisted free ascent. 
This technique is practiced by most navies from depths of 20-30 metres in especially made 
submarine escape training facilities (SETF). Ascent rates are very fast and pulmonary 
barotrauma can occur in spite of good training and thorough preliminary medical 
examinations. 


The emphasis on escape 
procedures demonstrates 
the optimistic outlook of 
submariners since _ the 
submarines often operate 
in water depths which 
exceed the crush depth of 
the submarine's hull. 


Fig. 11.8 


The Royal Australian 
Navy's S.E.T.F. in 
Western Australia. 
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Q) Buddy breathing. 


Sharing a single regulator with a buddy, when his regulator fails, is not easy to achieve and 
unsuccessful attempts at buddy breathing, especially during ascent, are often followed by the 
diver abandoning the procedure and undertaking a free ascent to the surface. Either diver 
may tend to over-inhale prior to handing over the regulator and then breath-hold during 
ascent, while waiting for its return. These conditions are conducive to pulmonary 
barotrauma. 


Employing an octopus regulator (a spare regulator with a longer hose) or another air supply 
system, is now almost universal, to facilitate safer buddy breathing. See Chapter 5. 


Prevention of Pulmonary Barotrauma of Ascent 


L) Medical fitness. 


Divers should be carefully screened to ensure there are no respiratory problems that 
predispose to pulmonary barotrauma (asthma, fibrosis, cysts, pneumothorax, infections, etc). 
Divers who do burst their lungs and survive are much more likely to have recurrences, which 
are then more severe — often with fatal consequences. Thus an episode of pulmonary 
barotrauma usually precludes further diving. 


Q) Diving techniques. 


Divers are advised to avoid situations which could lead to them having to perform an 
emergency free ascent. Such situations include greater depth, reduced air supply, 
overweighting and/or excessive buoyancy. 


The use of well maintained good quality equipment (e.g. regulator), a contents gauge, an 
octopus rig or better still, and an emergency air source (to avoid the need for buddy 
breathing) are common sense measures which can be employed. 


It is important for scuba divers to remember to keep breathing normally at all times, as a 
relatively small ascent in shallow water while the diver is holding his breath can lead to 
over-pressure (distension) of the lungs and pulmonary barotrauma. "Skip" (controlled or 
reduced) breathing is dangerous because it increases the time when a diver is not breathing. 


Pulmonary barotrauma is a not uncommon accompaniment of "free ascent training" (also 
called "emergency swimming ascent training"). Included in this category is "ditch and 
recovery" drill, where the diver performs a free ascent as he returns to the surface after 
ditching his gear on the bottom. The greatest volume changes due to Boyle's Law take place 
near the surface, so that free ascents from even shallow depths are not safe. 


The concept of training novice divers in "free ascent" technique is controversial. Obviously 
it is desirable for all divers to be familiar with safe "free ascent" principles in case of 
equipment failure. However, if a diver develops a serious air embolism after a free ascent, a 
fatal outcome is likely, unless a recompression chamber with an experienced diving 
physician is available at the site of the dive. This facility is rarely available in sport diver 
training. Even a few minutes delay in instituting recompression has a significant negative 
influence on the outcome of treatment. 


Studies conducted on submarine escape trainees in Sweden showed an almost 4% incidence 
of EEG (electroencephalogram or "brain wave") changes in these divers indicating sub- 
clinical brain damage, presumably due to minor air embolism. Studies of free ascents by 
trainees in the U.S. Navy showed an incidence of pulmonary barotrauma of 1 in 3000. 
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Q) Out of Air (OOA) and Low on Air (LOA) Situation. (See Chapter 34.3) 


All scuba divers should surface with at least 50 ATA air remaining. If not, the dive 
procedure needs reappraisal. Most of the OOA problems are due to failure to comply with 
this rule. 


Without an air supply, hypoxia is inevitable. Whatever the excuse, running out of air 
underwater is hazardous. Alternately, failure to surface is uniformly fatal. Thus the diver 
should have a planned "bail out" procedure to be used if OOA, to reach the surface. 


The more effort used in an OOA swimming ascent, the more the diver risks unconsciousness 
from hypoxia, panic and carbon dioxide build up. 


From the OOA diver’s point of view, a procedure that could be followed, is as follows (in 
priority): 


1. At the first sign of any problem with the air supply, signal to a buddy. 


Do not chase after him unless he is very close or is between you and the surface. Any 
unnecessary effort will further deplete your already limited air supply. 


2. Commence a controlled ascent to the surface. 


3. Unless in an enclosed space (a wreck, cave, etc.), ditch the weight belt — or unclasp it and 
hold it away from your body, so that in the event of more problems arising, it will be ditched 
automatically. 


4. If the buddy responds to the signal by offering an air supply to you, in the form of a 
separate regulator, then remove your non-functioning regulator and accept his. 


Unless you are well trained in buddy breathing and have practised this frequently with the 
rescuer, then it is usually not worth while to attempt an ascent while sharing a single 
regulator. Occasionally this may be necessary (such as when one is in an enclosed area). 


5. If there is no secondary air supply available either from your own equipment or your 
buddies, then leave the regulator in your mouth, as some more air may become available due 
to the decreasing environmental pressure with ascent. It may also reduce the likelihood of 
salt water aspiration. 


6. It may be necessary, depending on your equipment, to inflate the buoyancy compensator, 
but this is often neither prudent nor possible, because of the inadequate air supply. Inflating 
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the BC takes excessive time at depth and could also result in an accelerated ascent as the air 
in the BC expands, with ascent. More reliable and consistant buoyancy is obtained by 
ditching weights. 


7. In the OOA situation there is little time available — but usually adequate if it is not 
wasted. Unnecessary and difficult underwater dialogue, especially followed by reassurance 
from narcotic rescuers-to-be, does not compensate for an air supply. Contacting everybody 
(no matter how important they may be) and evaluating the situation, is a topside indulgence. 
In some circumstances it is necessary to perform a rapid ascent, risking the possibility of 
decompression sickness and barotrauma, in order to avoid the inevitability of drowning . 


If totally OOA, it is often preferable to ditch the weight belt and surface rapidly, 


exhaling if and as required. 





From the buddies point of view it is prudent to : 


1. Supply a secondary air source to the OOA diver. This is usually done via an octopus 

regulator or an alternative air source. In a panic situation, this may be done by giving him 
your own regulator, because this is what he grabs, because he can see it and knows it is 
functioning, and for you to use one of the secondary regulators. 


2. Control the ascent of the OOA diver, assisting this by ditching his weight belt. It is 
preferable not to ditch your own weight belt as it may be necessary for you to descend later. 
As your buddy is already OOA, this requirement will not be needed by him. If necessary to 
obtain adequate buoyancy, it may sometimes be necessary to ditch your weight belt also. 


3. Once you reach the surface, retain a secure hold on the OOA diver, as he could lose 
consciousness from CAGE, within the subsequent few minutes, and sink. Also, once you are 
on the surface, inflate his BC, either by the inflator button or orally. This will ensure his 
buoyancy and reduce his anxiety. 


4. Attract attention and assistance by the use of many of the techniques already referred to 
in this text e.g. whistle, flare, safety sausage, etc. 
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PULMONARY BAROTRAUMA 
OF DESCENT 





(LUNG SQUEEZE) 


There is a slight risk of pulmonary barotrauma during descent as well as ascent, although 
from a different mechanism. 


A diver descending during a breath-hold dive will have the air in his chest and lungs 
progressively compressed in accordance with Boyle's Law. Eventually a lung volume is 
reached when the compression of gas can no longer be accommodated by a further reduction 
in lung volume, and is instead compensated by the engorgement of blood vessels in the 
lungs. The lung blood vessels have only a limited ability to distend, and can be expected to 
rupture once this limit is exceeded, causing pulmonary haemorrhage. 


A rapid descent when standard dress equipment is used, or failure of a surface-supply gas 
pressure in the absence of an effective non-return valve, are also possible causes of 
pulmonary barotrauma of descent. It is theoretically possible whenever a surface-supply of 
air is used e.g. standard dress, surface supply from a compressor or compressed air tanks, or 
pumping the air supply from the surface in commercial devices. 


It is more likely in breath-hold diving, but case reports of this condition are infrequent and 
poorly documented. It is more likely in deep, record breaking attempts. The theoretical basis 
of the condition was severely tested when a world record descent to beyond 200 metres was 
made by a breath-hold diver several years ago. 





Fig 11.9 


SSBA with no non-return valve, when the compressor stops 
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Chapter 12 


OTHER 


BAROTRAUMAS 





Barotrauma can develop wherever there is an enclosed gas space adjoining tissues. With 
descent, the space contracts, pulling tissue and blood into the space (implosions). With ascent, 
the space expands and disrupts tissue (explosions). Because gas changers are greater near the 
surface, barotrauma is more likely in the shallower depths. 


The spaces may be within the body or between the body and the equipment. They include : 
¢ Facial (mask) squeeze 
¢ Skin (suit) squeeze 
¢ Body squeeze and "blow up" 
¢ Gastro-intestinal barotrauma 
¢ Dental barotrauma. 


Barotraumas dealt with earlier include lung, ear and sinus barotraumas. 


FACIAL BAROTRAUMA OF DESCENT 





(MASK SQUEEZE) 


During descent the airspace inside a face mask is compressed and the contraction in volume of 
the gas space is accommodated by flattening of the mask against the face, and later by 
congestion of the facial skin and eyes. 


It can lead to bleeding into the soft tissues under the skin and produce a characteristic bruised 


facial appearance under the mask area. The whites of the eyes may be grossly haemorrhagic 
("red eye"). It may take 1-3 weeks to clear up. 


Chapter 12 — 1 


This condition is easily prevented by exhaling into 
the face mask during descent, to equalise the mask 
with the water pressure. More cases have developed 
since rigid plastic face masks replaced the soft 
rubber ones. Expanding gas automatically vents 
around the edge of the face mask during ascent. 


Divers using swim goggles run the risk of a similar 
form of barotrauma on a smaller scale involving the 


tissues around the eye. In the past, if goggles were 
used to dive, a method of equalising the space around 


the eye, such as that 
shown in diagram 12.2, 
was employed. 











Fig. 12.3 Facial barotrauma from diving with goggles — note the bleeding into the sclera (white 
parts) of both eyes. Face masks can cause similar eye bleeds, but then the surrounding facial tissues 


are also bruised. 
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SKIN BAROTRAUMA OF DESCENT 





(SUIT SQUEEZE) 


Divers using a dry suit or a loose wet suit may experience this problem. During descent, 
pockets of gas can be trapped in folds under the suit. Where the suit has folds, the contraction 
of the gas space is accommodated by the skin being sucked into the space leading to strips or 


welts of bruising. 


It may cause discomfort at the time. After surfacing the diver may notice bruising over the 


skin, corresponding to the folds. 


BODY BAROTRAUMA OF DESCENT 





(BODY SQUEEZE) 


With the solid metal helmet used in standard diving there is a possibility of the diver 
descending and the pressure in the air hose not keeping up with the environmental pressure. If 
this occurs, the diver's body may be forced up into the helmet, and crushed. 





Fig. 12.4 


This can also happen at a 
constant depth, when a non- 
return valve is not used (or is 
not functional) and the air 
supply fails. The only treatment 
for this bizarre injury is to wash 
out the helmet with a good 
antiseptic. 


Even the modern plastic 
helmets, used in deep and 
helium diving, can cause minor 
variants of this condition. 
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Much electronic equipment is connected or inter-wired this way and soldering 
everything together is a key stage in assembling any electronic project. I’Il explain some 
refinements you can try, later. 


SUIT BAROTRAUMA OF ASCENT 





("BLOW UP") 


With either dry suit or standard dress, 
the gas in the suit can expand with 
ascent, causing increasing buoyancy, 
more rapid ascent, etc. and a vicious 
circle develops where the diver may 
hurtle to the surface and be imprisoned 
in a balloon-like inflated suit. Special 
training and emergency procedures are 
needed for recreational divers who wear 
this equipment. As well as the physical 
injury that may _ result, other 
barotraumas and decompression 
sickness are likely. 





Fig 12.5 


GASTROINTESTINAL 


BAROTRAUMA 





Gas is normally present in the gastro-intestinal tract. This finds its way into the atmosphere 
from time to time, as those who consume prunes, baked beans or cabbages will attest. 


During a dive, gas may be swallowed when the diver equalises his ears, especially if in the 
inverted (head-down) position. It may accumulate in the stomach and gastrointestinal tract 
without initially causing any discomfort to the diver. During ascent however, this accumulated 
gas increases in volume, and can result in cramping colicky abdominal pain, belching and 
vomiting. Rare cases of stomach rupture have even occurred. 


Divers are advised not to equalise their ears in the "head down" position. 


Several cases of severe gastric discomfort have been reported during chamber dives when the 
divers drank carbonated beverages while under pressure. One amusing account relates the 
opening of a new hyperbaric facility which was toasted by champagne at 20 metres depth. The 
occupants were disappointed that the champagne appeared to be flat, but they drank with relish 
anyway because it tasted good. Their discomfort was exceeded only by their embarrassment 
during ascent as the gas in the champagne came out of solution and expanded in their 
stomaches. 
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DENTAL BAROTRAUMA 





This uncommon form of barotrauma has on occasions been given sensational publicity, causing 
some divers to believe that they carry potential bombs set into their jaws. 


Decayed teeth can occasionally contain a small air space which may lead to the tooth crushing 
inwards (imploding) during descent or fragmenting painfully (exploding) during ascent. The 
latter happens when there is an opening sufficient to allow air to enter during descent, but 
insufficient to allow it to escape during a fast ascent. As divers age, they develop small air 
spaces around their teeth, resulting in dental pain on descent. Because the air space is constant, 
the depth at which the barotrauma occurs also tends to be constant. 


The explosive potential of this occurrence during descent or ascent has been overrated. 


Diving within several days of a tooth extraction may occasionally allow air to enter the tissues 
through the tooth socket from the positive air pressure generated by breathing through a 
regulator. This results in air tracking into tissues around the face (tissue emphysema). This is 
rarely serious and is treated by the diver breathing 100% oxygen for several hours to eliminate 
the air. 


Diving after any tooth extractions should be avoided until the tooth socket has healed — 
usually this takes about a week to ten days. 
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Chapter 13 


DECOMPRESSION 


mah =) (0) MOLED A: late 
SUSCEPTIBILITY 





Decompression Sickness (DCS) is an illness caused by the effects of gas coming out of 
solution to form bubbles in the body after diving. It is due to the effect of Henry's Law (see 
Chapter 2) following diving exposures. Understanding decompression theories is difficult if 
not impossible, so the average diver may well bypass most of this chapter, if he is not 
technically inclined. 


In sport divers the main gas formed in bubbles is nitrogen (N2) because these divers almost 
always breathe air. However, the same principles apply to other inert gases, such as helium 
(He), which may be breathed by deep commercial and technical divers. 


GAS UPTAKE 


When a diver breaths air from scuba equipment at depth, N2 is breathed at an increased partial 
pressure. Because gas diffuses from areas of high concentration (high partial pressure) to 
areas of lower concentration, N2 is taken up from the lungs by the blood and transported 
around the body and into the tissues. The greater the depth, the greater the partial pressure of 
No, and therefore the amount of N> absorbed. Early in the 20" century, Haldane applied this 
concept to decompression. 


The speed of N> distributing to the tissues depends on the their blood flow. Tissues with high 
metabolic needs such as the brain, heart, kidneys and liver receive most of the blood pumped 
from the heart. They will also receive most of the N> carried in the blood and will have a 
rapid N2 uptake. Such tissues are termed "fast tissues" because of their fast Nz uptake. 
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Because blood passing through the lungs immediately equilibrates with any change in 
inspired Np partial pressure, blood is the fastest tissue of all. 


Other tissues such as ligaments, tendons and fat, with a relatively small blood flow, have a 
relatively slow N> uptake. These tissues are termed "slow tissues". Between the two are 
tissues of intermediate blood flow such as muscle. Some organs, such as the spinal cord, have 
both fast and slow tissue components. The rate of uptake of N> in a tissue is exponential i.e. 
it varies depending on the amount of gas already taken up by the tissue. As the tissue takes on 
gas, the uptake slows because the partial pressure gradient decreases. 


The filling of a scuba cylinder is an example of an exponential process. When an empty 
cylinder is connected to a high-pressure source, the cylinder initially fills quickly, but the 
flow slows as the pressure in the cylinder increases and approaches that of the gas source. 


The uptake of gas in any tissue is initially rapid but slows with time. Accordingly, it may take 
a long time for a tissue to become fully saturated with gas, but fast tissues become saturated 
sooner than slow tissues. 


Since the exponential uptake takes a long time to reach completion, even if it starts rapidly, 
the concept of tissue "half times" is used to compare tissues. The half time is the time taken 
for a tissue to reach half its saturation level. A fast tissue may have a half time as little as a 
few minutes, while a slow tissue may have a half time of some hours. 


GAS ELIMINATION 





N> is eliminated in a reverse of the uptake process. As the diver ascends there is a reduction 
in the partial pressure of N> in the air he breathes, allowing blood to release N> into the lungs. 
The decrease in the blood level of N2 causes N> to diffuse into the blood from the tissues. Fast 
tissues naturally unload N> quicker than slow tissues. 


Theoretically, tissues should lose N» exponentially, and most decompression tables are 
calculated on this assumption. While large amounts of N> are lost initially, the process slows 
with time and it may take 24 hours or longer for all the Nz taken up during a dive to be 
released. Diving again during the time of N2 elimination will mean that the diver will start his 
second dive with a Np» retention in some tissues. Adjustments are provided in the 
decompression schedule to allow for this and are incorporated as the repetitive dive tables. 


If there is diminished circulation to a tissue during decompression, gas elimination will be 
reduced and thus bubble formation will be more likely. 


In practice, even during routine conservative dives, bubbles of Nz frequently form in the 
blood and tissues, interfering with N> elimination. It has been estimated that as much as 5% 
of N2 taken up by the body after some dives is transformed into bubbles on decompression. 
These are often termed "silent bubbles" since they usually do not produce any symptoms. 
They do however have a profound and unpredictable influence on the decompression 
requirements for repetitive diving, because it takes much longer to eliminate gas bubbles in 
tissues than it does gas in solution. 
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SATURATION 





When tissues are subjected to an increased partial pressure of inert gas during a dive, they 
take up dissolved gas in accordance with Henry's Law. However, there is a limit to the 
amount of gas which can be dissolved by a tissue exposed to any given partial pressure of gas 
(i.e. depth of dive). When this limit is reached the tissue is said to be saturated. 


Our bodies are normally saturated with N2 at atmospheric pressure and contain about one litre 
of dissolved N>. If a diver were to descend to 20 metres (3 ATA) and remain there for a day 
or more, his body would take up the maximum amount of Np possible at that pressure and 
would then be saturated at that depth. His body would now have about 3 litres of Nz dissolved 
in it. 


Once the body is saturated with inert gas at a given depth, it will not take up more of that gas, 
no matter how long the diver spends at that depth. Consequently, once the diver is saturated 
the decompression requirement does not increase with time. This economy of time is 
exploited in saturation diving, when the diver is kept at depth for very long periods of time 
(days, weeks, months) but then needs only the same lengthy decompression. 


BUBBLE FORMATION 





The process of bubble formation can be demonstrated easily by opening a bottle of beer (or 
champagne, depending on taste and income). In a carbonated beverage CO? is dissolved in 
the liquid at a high pressure, which is then maintained by the lid. When the lid is opened, the 
pressure over the liquid becomes atmospheric and the partial pressure of CO in solution 
exceeds the critical limit for bubble formation, causing bubbles to form. This could be 
avoided if the pressure was reduced slowly (decompressed). 


During ascent, the pressure surrounding the diver (the environmental pressure) is reduced. 
Eventually, the pressure of N2 dissolved in the tissues may become greater than the 
environmental pressure. The tissue is then said to be supersaturated. 


The tissues are able to tolerate a certain degree of gas supersaturation. Nevertheless, Haldane 
explained that if the pressure of N> in the tissues exceeds the environmental pressure by a 
critical amount, then bubble formation is likely. The pressure differential needed to cause this 
varies between tissues but with most scuba diving it equals or exceeds 2: | (i.e. the partial 
pressure of inert gas in the tissues should not be more than twice the environmental pressure). 
This explains why DCS under recreational diving conditions is unlikely after an isolated dive 
to less than 10 metres — _ the pressure at 10 metres is 2 ATA, while the pressure at the 
surface is LATA — a 2:1 ratio.. 


Gas bubbles in the tissue and blood are the cause of DCS. The exact mechanism of bubble 


formation is complex. It is likely that microscopic gas spaces (bubble nuclei) exist in all 
body fluids and that these form a nucleus for bubble formation during decompression. 
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Bubbles can form in any tissue in the body including blood. The pressure in each bubble will 
be the same as the environmental pressure (if it was not, the bubble would expand or contract 
until it was) and the bubble size is governed by Boyle's Law as the pressure changes. 


At the onset of DCS, the pressure of N2 in the tissues is supersaturated (greater than the 
environmental pressure) so there is an immediate diffusion (pressure) gradient of Nz which 
then diffuses into any bubbles (or nuclei) present, causing them to expand. 


A bubble of DCS contains mainly N> if the diver has been breathing air, but the other gases 
present in the tissues, such as carbon dioxide (CO2), oxygen (Oz) and water vapour, also 
diffuse into it. 


Once a bubble has formed its behaviour depends on several factors. Any increase in pressure 
such as diving or recompression will reduce its size while any decrease in pressure such as 
ascent in the water, over mountains or in aircraft, will expand it. The bubble will continue to 
grow in any tissue until the Nz excess in that tissue has been eliminated. Once this has 
occurred (which may take hours or days) the bubble will begin to decrease in size but it may 
take hours, days or weeks to disappear. In the meantime the bubble can damage the tissues 
around it. 





Fig. 13.1 


There is good evidence that bubbles frequently form in tissues and blood of recreational 
divers after routine no-decompression dives, even when the tables have been faithfully 
followed. These bubbles do not usually cause symptoms but certainly cause doubt about the 
validity of both the decompression tables and dive computer algorithms. 


Tissue damage by a bubble results from several factors. Bubbles in the blood obstruct blood 
vessels in vital organs such as the brain, while bubbles forming in the tissues may press on 
blood vessels and capillaries, obstructing their blood flow. Bubbles in the blood can also 
stimulate the clotting process causing the blood to clot in the blood vessels, obstructing blood 
flow to vital organs, and reducing the ability of the remainder of the blood to clot adequately. 
Many other biochemical and physiological changes with ill-defined sequelae occur in the 
tissues and blood vessels during both decompression and DCS. In the brain, spinal cord and 
other tissues, bubble pressure in or on nerves may interfere with nervous system functioning. 
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DIVE PROFILES 


The type of dive has a significant bearing on where and when bubble formation takes place. 
Short deep dives (i.e. deeper than 30 metres) tend to cause bubbles in the fast tissues 
(blood, brain and spinal cord) while long shallow dives tend to produce bubbles in the slow 
tissues (like the joints). Long deep dives cause bubbles everywhere. 


This distribution occurs because: 


* in short dives, only the fast tissues take up enough N> to form bubbles on ascent and 
¢ after shallow dives, fast tissues eliminate their relatively modest Nz excess before a 
critical pressure differential develops. 


It can thus be seen why it is important to ascend slowly from all deep dives. The slower the 
ascent rate, the longer the time for fast tissues to eliminate Nz through the lungs, before a 
critical Nz pressure-differential develops. Slow tissues are more affected by the total exposure 
(duration + pressure effects) and are more influenced by this and the duration of staging. 


Diving folklore contains a myth that a diver using a single 2000 litres (72 cu. ft) tank cannot 
develop DCS. The air supply available was said to limit the diver to safe dive profiles. This is 
not true. For example, A single dive to 20 metres, may last 30-40 minutes, within the no- 
decompression time given by most tables, but it is not entirely safe. Remember, as mentioned 
previously, that even a single dive in excess of 10 metres can produce DCS. 


The myth may become more apparent for deeper dives. For example, a single 2000 litre tank 
will give around 10 minutes duration for a 50 metre dive. According to most decompression 
tables, a 10 minute dive to 50 metres will require 10 minutes of decompression — but there 
may be no air remaining to complete these stops. Even if there was sufficient air, dives to this 
depth have a significant risk of DCS despite the tables being followed correctly. 


FACTORS INFLUENCING 


DCS 





DCS is unpredictable. In general, anything that increases blood flow to an organ will increase 
the rate of N2 loading. Anything that interferes with blood flow from an organ will reduce the 
capacity to off-load Nz. These alterations may explain some of the possible predisposing 
factors that increase the likelihood of DCS. 


U) Depth/duration. 
Any dive deeper than 10 metres can produce DCS although in general, the deeper the dive, 


the more gas absorbed, the greater the risk. The longer the dive at any one depth, the more 
gas absorbed (until saturation), the more the DCS risk. 
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L) Individuals. 


Some people are to be more susceptible to DCS than others. Even an individual may vary in 
susceptibility at different times, and DCS can develop after a dive profile which has been 
safely followed on many previous occasions. Others frequently get DCS despite conservative 
diving. 


UL) Adaptation. 


Repeated dives to similar depths over a period of time reduce the incidence of DCS. This may 
be due to the elimination of bubble nuclei. A diver returning to these dives after a 2 week 
break loses the benefits of this adaptation or acclimatisation. 


UO) Age. 


Older divers tend to be more predisposed to DCS (an old diver can be defined as anyone 
older than the senior author of this text). This age factor probably comes into play after the 3 
decade. 


UL) Obesity. 


This appears to be a predisposing factor probably due to increased N> solubility (4-5 : 1) in 
fat compared to water (obesity is defined as anyone heavier than the biggest author). This 
may be relevant for those with a BMI of > 25. 


L) Debilitation. 


Factors causing the diver to be unwell such as dehydration, hangover or exhaustion tend to 
predispose to DCS. Fatigue (pre-dive) is observed in some cases. 


Q) Injury. 


DCS, particularly involving the musculo-skeletal system and joints, is more likely with recent 
bruises, strains or chronic injuries. 


OU DCS. 


A previous episode of DCS, especially if it was unexpected from the dive profile, or if it 
damaged tissue (as in neurological DCS), makes the diver predisposed to similar subsequent 
episodes. 


L} Patent Foramen Ovale. 


One reason for some people to have an increased susceptibility to DCS is that they have a 
small hole in their heart. All of us had a hole in our heart when we were a foetus. In about a 
third of the population some remnant of this hole remains, it is called a patent foramen ovale, 
or PFO. These people have an increased susceptibility to DCS, the likely reason is that 
bubbles that would normally be trapped in the lungs without causing symptoms pass through 
the hole, by-passing the lung filter, and on to other parts of the body, where they cause 
noticeable symptoms. However, the risk from a PFO is not great enough for it to be 
appropriate to test all divers for it, and repair of the hole is probably more dangerous than 
diving with it. 
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L) Cold. 


Diving in cold conditions makes DCS more likely, especially when the diver is inadequately 
insulated. More precisely, coldness during the dive inhibits inert gas uptake (because of 
restricted circulation) but allows more N> to dissolve in body fluids — whilst coldness during 
decompression inhibits inert gas release. Theoretically, it may be better to be cold during the 
dive and warm on decompression, unless bubble formation occurs. Warming will then reduce 
gas solubility and increase bubble growth and DCS. 


The association between cold exposure and DCS is complex and contentious. During 
decompression and post-diving the cold environment may cause peripheral constriction of 
blood vessels and more bubble formation. Alternately, taking hot showers also tends to cause 
increased bubble formation and DCS. 


U) Alcohol and other drugs 


It has been observed that divers who over-indulge in alcohol, or perhaps take 
other drugs or medications, may be especially susceptible to DCS. In the case of alcohol, 
especially taken the night before, the effects may be due to the associated dehydration or the 
vascular dilatation (remember the throbbing headache and “hangover’’), increasing N> take- 


up. 
L) Exercise. 


This also is complex and contentious. Some even claim 
that exercise 2-24 hours before diving, and even after 
diving, may reduce bubble formation. At least in rats. 
Strenuous exercise during a dive is likely to increase the 
N> uptake by increasing blood flow to muscles, increasing 
gas uptake and favouring DCS development. Gentle 
exercise during decompression, by promoting circulation 
from the tissues probably aids in N> elimination. The 
effects may depend on whether bubbles or bubble nuclei 
have already formed. Strenuous exercise after the diver has 
returned to the surface makes the development of DCS, 
particularly in the musculo-skeletal system, more likely by 
promoting bubble formation. Strenuously activity, such as 
by shaking a beer can before opening it, aptly illustrates 
this phenomenon. During the first hour or two after a dive, 
particularly when there has been a large N> uptake, it is 
probably best to rest quietly as this is the period of 
maximal N> elimination. 





Fig. 13.2 
QL). Physical Fitness. 


The less physically fit the diver, the more likelihood of DCS, probably because more energy 
is used and more blood flow is required for the same outcome — transporting more N>. 
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L) Gender. 


There is some evidence that women have a higher incidence of DCS for certain dive profiles. 
There are subtle differences in physiology and body composition which could explain this. 
The decompression tables in current use only evolved after extensive testing on men alone 
(see Chapter 8). 


Q) Dive profile. 


Deep dives (greater than 18 metres), long dives, decompression dives and any dives 
exceeding the limiting line (in RN based tables) all have a higher incidence of DCS. 


Square wave profiles (remaining at the maximum depth for all the dive) are probably more 
hazardous an equivalent N> load, than multi-level diving, if the levels are of diminishing 
depths (“forward dive profiles”). Otherwise they can be more dangerous. 


LJ Reverse Dive Profiles 


Divers are advised to dive from deep to shallow (‘forward dive profiles”). The should dive 
their deep dive first in repetitive dives, and dive to progressively shallower depths when 
multi-level diving. If this order is not followed (“reverse dive profiles”), DCS is more likely. 


U) Rapid ascents. 


These allow insufficient time for N> elimination from fast tissues, thus encouraging bubble 
formation. 


L) Multiple ascents. 


Multiple ascents during a dive imply multiple decompressions and often involves rapid 
ascents. Bubbles in the blood (fast tissue bubbles) are likely to form during these ascents. The 
bubbles may not be adequately filtered by the lungs, passing along into the tissues, or may be 
reduced in size during the second or subsequent descent, allowing them to escape through the 
pulmonary filter into the tissues. DCS is then more likely. 


L) Repetitive dives. 


Each repetitive dive begins with a N2 load of some degree from the previous dive. Since 
bubble formation even after routine dives is common, a repetitive dive will often start with 
the diver carrying Nz bubbles from the previous dive. N» elimination is less rapid from 
bubbles than it is from the same amount of gas in solution. These bubbles will be 
supplemented by N>2 taken up during subsequent dives, and make DCS more likely. 


The algorithms used in dive computers are less accurate, and less validated, when used for 
repetitive diving. 


Also with repetitive dives there may be the residual physiological effects of the previous dive, 


increasing the likelihood of decompression sickness. These physiological effects may include 
a lower body temperature, dehydration from immersion and recent exercise. 
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Wire joints 

Soldering isn’t always the best solution to some problems, for reasons that I explain 
in the next section called Fatigue and Breakage. However you can solder wires together to 
join them simply and cheaply, and next I show a classic wire joint of this kind, sometimes 
called a Western Union joint. 


“ Soldering a Western Union wire joint. 


Strip the ends from each wire using wire strippers, and try not to cut any of the 
stranded cores or this will create a weakness. (Stray strands of wire can also be a hazard.) 
Then twist the wires securely together several times, ideally four or five. Apply a 
soldering iron to the exposed joint and dab on some solder until it flows fully over the 
joint, then remove the iron and allow the joint to cool. 


The wire’s plastic insulation may shrink back a little due to the heat, but try not to 
overheat it excessively. If you have the resources you can finish off by insulating the joint 
with some heatshrink tubing (slide it over a wire before you make the solder joint!). 
Otherwise use ordinary PVC tubing or insulation tape if you have any. 


A solder tag can be soldered easily enough, and it’s probably best to feed a stripped 
wire end through the tag and twist it over several times before soldering it, so it’s held 
together when soldering. 


A very short surface interval may avoid some bubble formation in some dives, but if bubbles 
have developed, the longer the surface interval the safer the repetitive dive. 


) Flying after diving. 


The jet age often finds divers flying home after a dive holiday within hours of their last 
(sometimes literally) dive. International airliners are pressurised to an altitude of about 2000 
metres (6500ft.) above sea level. This means a pressure reduction on the diver of about 25% 
with a corresponding increase in the degree of N>2 supersaturation as well as a corresponding 
increase in the size of any bubbles he may be carrying. The increase in size of critical bubbles 
may be sufficient to provoke symptoms or aggravate existing symptoms. 


The DCIEM recommendation is “whenever possible it is inadvisable to 
fly above 600 metres in any aircraft within 48 hours of completing any 
dive. Travelling by vehicle over mountain ranges or hills can expose 
divers to the same dangers as flying and should be avoided in the same 
way for 24 hours. If flying after diving is considered essential, flying 
may be carried out after 24 hours but the increased risk of DCS 

must be borne in mind.” 


U Dive computers. 


Using dive computers that are based on largely invalidated theories (as opposed to practical 
diving and decompression table experience) may result in a diver getting much more time 
underwater while diving — and in the recompression chamber during treatment. Both can be 
included in his log book if he survives. 


They can be made safer by employing the advice given later (see Chapter 14). 


L) Multi-Factorial Effect. 


Often there is more than one factor increasing the likelihood of DCS. Thus in one large 
Australian series over half the cases engaged in multiple dives, deep dives (greater than 
30metres) and/or had ingested alcohol within 8 hours. Another 20% were precipitated by 
aviation exposure. Thus many of these divers would have had at least 2 factors increasing 
their likelihood of DCS. 


Note: The senior (elder) author believes that the only explanation for most cases of DCS lies 


in the random application of Chaos Theory, which he also does not understand, or string 
theory which no-one understands. 
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Chapter 14 


DECOMPRESSION 


TABLES & METERS 





Since the work of J.S-Haldane (a British physiologist) early last century, decompression 
tables have been based on mathematical models of gas uptake and elimination in the body. He 
believed (wrongly) that the exponential rates of uptake and elimination of gases would be 
equal, and that body tissues could tolerate a supersaturation pressure gradient of air equal to 
2:1, without causing bubble formation. He experimented on goats — the closest animal model 
that he could get to the diver — to determine this gradient. Thus a goat could tolerate 2 ATA 
of air pressure in its tissues, even when walking around at 1 ATA! Or, it could ascend from 6 
to 3 ATA, 4 to 2 ATA and from 2 to 1 ATA, without bubble formation. 


Haldane devised mathematical equations (later referred to as models or algorithms) that 
would represent a diver, and applied this to dive exposures. He postulated 5 hypothetical 
tissues (with half-times of 5, 10, 20, 40, 75 min) and decompressed the diver so that the 
supersaturation gradient in each of these 5 tissues would never exceed 2:1. Once any tissue 
reached that ratio, the diver would stop his ascent and “stage” there until the tissue “off- 
gassed” to allow him to ascend to the next stop. Thus bubble formation would be avoided by 
this decompression. 


Although used by the Royal Navy for 50+ years, it was evident that some of Haldane’s dive 
stops, or stagings, were too conservative and others too radical. Also, the assumptions on 
which the procedure was based were wrong. 


The acclaimed 1957 U.S. Navy Tables are based on Haldane's theories. These include equal 
exponential uptake and elimination of inert gases and supersaturation gradients — as described 
in Chapters 1 and 13 — but have been modified by experimental trials and practical diving 
experience. In an attempt to overcome the flaws in Haldane’s tables and to make 
decompression safer, they increased the number of hypothetical tissues to 6 (5, 10, 20, 40, 80 
and 120 minutes), and calculated different maximum safe supersaturation ratios (now called 
M values) for the different tissues at different depths. 


Following experiments and reviewing of the established decompression tables, between 1960 
and 2000 a whole series of innovations and modifications were introduced. Dr Bruce Bassett 
(a USAF physiologist) concluded that the US Navy Tables resulted in an excessive incidence 
of about 6% DCS, when pushed to the no-decompression limits. Merrill Spencer in Seattle 
verified this observation and supported it with extensive Doppler monitoring, showing that 
bubbles developed in many routine dives — implying inadequate decompression. Many others 
observed similar inadequacies and in an attempt to cope with this new information, tables 
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based on modified Haldane principles were developed by Bassett, Huggins, NAUI, PADI, 
and many others. 


The main alterations to improve safety were in; 
¢ reducing the acceptable no-decompression times by 10-20% 
* reducing ascent rates from 18 m/min to 9-10 m/min (at least in the top 30m) 
¢ Adding a “safety stop” of 3-5 min at 3-5 m. 


The Swiss decompression expert, Professor BuhImann produced the Swiss model, which 
includes 16 theoretical tissue compartments with widely ranging half-times. The testing of 
these tables at altitude became more extensive than for most other tables, and he extended the 
concept into repetitive dives. Much later the US Navy E/L model assumed an exponential 
uptake of gas and a linear loss to eliminate gas 


In the UK, Hempleman introduced a slab diffusion concept, which later evolved into the 
RNPL/BSAC tables. A cylinder of tissue was used by Hills in Australia. Other groups 
assumed the presence of bubbles or bubble forming nuclei, bypassing the traditional gas-in- 
solution supersaturation concepts, and decompressed in such a way as to keep the bubbles at a 
tolerable level. These are sometimes referred to as “bubble models” 


Yount in Hawaii developed tables designed to keep gas nuclei from forming larger bubbles, 
and the allowable pressure gradients across these nuclei were less than Haldane’s 
supersaturation ratios. Thus the no-decompression times were less, the initial decompression 
stops were deeper and the ascent rates were slower. Weinke developed these concepts further 
in the Reduced Gradient Bubble Model, and has collected some diving data based on these 
tables. 


The Canadians (DCIEM) considered the transfer of gas between adjoining tissues as a major 
principle, and produced a very well researched table, popular amongst conservative 
recreational divers. Although based on decompression theory, it has been modified by 
extensive human testing in cold water and hard working conditions, with Doppler 
(ultrasound) monitoring. The single no-decompression times, and most repetitive dives, are 
more conservative than the US Navy tables and are often recommended for recreational 
diving. 


Another approach involves the collecting of a vast number of well-documented dive profiles, 
some safe and some unsafe, and letting the computer devise the safe tables. Extending this 
concept, the US Navy, and now DAN, use such statistical analyses to determine the probable 
DCS disk with each dive profile and so “probabilistic” tables that accept a defined DCS 
incidence of 1%, 2.3% or 5% can be derived — in theory. 


When the formal tables were pushed to the limits (decompression diving, deep diving and 
dives approaching non-decompression limits), there was an unacceptable 1—5% incidence of 
DCS. Even in divers who appeared unaffected, Doppler (ultrasound) studies often showed 
bubbles in the major veins during decompression. Nevertheless, in both recreational and navy 
diving there is only a 1/5,000 to 1/10,000 incidence of clinical DCS. This paradox is 
explained by the fact that most dives do not approach decompression or depth limits and so 
do not really test the tables. Also, divers include conservative modifications or "fudge 
factors”, making their diving safer. Even the US Navy has modified its “gold-standard” table 
by reducing ascent rates and incorporating safety stops, making it marginally safer than it 
was. 


It is not possible to make a perfect mathematical model of the decompressing human body. 
Even under normal conditions, the blood flow to some capillary beds shuts off from time to 
time, while flow to other areas increases. During decompression, nitrogen elimination will 
virtually cease from an area of shutdown capillaries. As decompression proceeds, this area 
will have a much higher N> concentration than predicted. No mathematical model can predict 
biological phenomena such as this. 
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When one considers the ill-defined complexities of gas transport through the range of 
different tissues, all with different solubilities, different supersaturation tolerances, different 
nuclei quantity and location - all at different depths, durations and ascent rates - the accurate 
representation of bubble development with mathematical equations, models or algorithms, is 
impossible at this time. Even if one could so define the evolution of bubbles, there are many 
other problematic biochemical and haematological sequelae, as well as individual 
susceptabilities, in the development of DCS manifestations, that reliable modeling is not yet 
likely 








Any decompression table or computer algorithm that offers longer durations underwater, 
deeper or more dives, will result in a greater incidence of decompression illness, unless 
compensated for with slower ascent rates and longer decompression. 





The imminent release of brilliant "new" tables is a permanent rumour. The difficulty in 
producing mathematical models which truly reflect human decompression physiology upon 
which to base the tables or computers, as well as the difficulty and expense of testing them, 
makes the development and validation of tables based on truly new models unlikely. 
However, tables and computers based on recycled mathematical models do frequently arise 
and often there is an amalgamation of decompression theories. 


Towards the end of last century recreational diving involved more repetitive dives and multi- 
level diving. It reflected the interests of recreational divers, taking diving holidays, on live- 
aboard boats, exploring reefs and drop-offs. This was considerably different to the pre- 
planned single-depth/designated-duration dives of navies and commercial divers. With much 
recreational diving, relatively little time is spent at the maximum depth. Attempts to 
accommodate for these different diving profiles were attempted, with ingenious innovations 
by Graver, Huggins, the PADI RDP and Wheel, etc., with variable success. Others, such as 
the Buhlmann tables were more easily modified to incorporate the greater number of 
variables with multi-level and repetitive diving. 


For any given nitrogen loading, multi-level diving from deep to shallow should produce less 
DCS than the single-depth dives documented in the formal dive tables. However, 
decompression from the infinitely variable multi-level diving is almost totally based on 
theory. There have been no adequate and comprehensive trials performed to show the tables 
reliability. 


For both theoretical and practical reasons, most dive authorities advised divers to dive to 
progressively shallower depths, when repetitive or multi-level diving. This is referred to as a 
“Forward Dive Profile”. About a decade ago there was a misplaced academic campaign to 
accept “Reverse Dive Profiles” as having equivalent decompression obligations, as an 
acceptable diving practice, without incurring decompression penalties. Both experimental 
evidence and diving experience subsequently showed that the traditional “deep dive first” 
concept is correct, in both multi-level and repetitive diving. If reverse dive profiles are to be 
used, they will require new decompression schedules, often with longer decompression 
requiremts. 
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DECOMPRESSION METERS 


and COMPUTERS 





With the preponderance of multi-level diving, repetitive diving and multi-day diving, the 
expedient introduction of decompression meters (DCM) and decompression computers (DC) 
resulted in a gradual reduction in the use of established tables and an acceptance of the new 
technology. 


These meters are based on three different principles: 
L) Mechanical models of gas transfer. Decompression meters. (DCM) 


The early meters in the 1960s relied on the movement of gas through small orifices to 
simulate uptake and elimination of nitrogen by compartments of the body. They are obviously 
a gross oversimplification of the gas transfer in divers but one, the SOS meter, was 
moderately safe for single shallow non-decompression dives to less than 24 metres. 


L) Electronic decompression models of existing tables. 


These devices of the 1970s recorded the depth and time of a dive and related this to one of the 
existing decompression tables which was stored in its memory. One was even incorporated 
into a wristwatch. They saved the diver the difficulty of recording his depth and time, reading 
and remembering the tables. 


These meters were not been very popular, because they did not offer any decrease in 
decompression obligation compared to the conventional tables and represented quite an 
expense merely to save the diver the trouble of applying a decompression table. 


L) Decompression computers (DC) 


These are electronic models based on decompression theory. Microprocessors developed for 
computer use were incorporated into the diving world with the Edge (USA) and Decobrain 
(Switzerland), in the 1970s. Instead of following the tables, with their inevitable rounding up 
of depths and durations and the associated safety factors involved in overestimating pressure 
exposure, they were far more precise in their measurements and calculations. This meant that 
they could meticulously track the dive exposure and use algorithms to calculate in real time 
the nitrogen uptake and decompression required, according to any predetermined 
decompression theory. The safety of the DC then depends on the validity of the theory. 















z Fig. 14.1 


DCs are of great value to divers, if they 
are used correctly. They have more 
accurate gauges (depth, duration) than 
previously available and this 
information is stored in a more reliable 
computer than the divers’ narcotised 
memory. The incorporation of an ascent 
meter and alarm is invaluable in 
warning of rapid ascents. 
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These meters are programmed with one of the mathematical models (theories) on which the 
conventional tables have been based (usually the US Navy, Buhlmann or “bubble” tables) and 
this allows for multi-level and repetitive diving calculations. Because of this, and the 
avoidance of the rounding-up safety features inherent in the tables, the DCs usually permit 
longer dive durations, more flexibility in dive depths and repetitive dives, shorter surface 
intervals and less intellectual demand than “table diving”. There are currently over a dozen 
different algorithms determining decompression in DCs. In general medicine, there is an 
axiom that the more treatments that there are available, the less likely it is that any work well. 
Same with diving medicine and DCs . 


Flexibility can be incorporated and with the more advanced DCs, there are optional safety 
factors and restrictions. One can determine whether the DC behaves more conservatively than 
the theoretical algorithm normally calculates, allowing for increased age, weight, importance 
etc — but at the inevitable cost of a reduced dive duration. Many also indicate altitude (flying) 
restrictions post dive. 


Most cases of DCS treated nowadays occur in divers who have correctly followed the 
instructions computed by their DCs. Probably over 90% of divers now use DCs instead of 
decompression tables, and considering the poor comprehension of the tables, this is probably 
a good thing. It certainly means that when an accident does occur, a comprehensive dive 
profile can be downloaded onto another computer for analysis, in retrospect — and sometimes 
to the embarrassment of the diver who pleads innocence of his misdemeanours. 


U) Disadvantages of decompression computers. 


Sophisticated electronics, batteries and sea water are sometimes not compatible. Machines 
and technology sometimes fail. Back up plans are advisable. 


The price to be paid for more dives and longer durations, without longer decompression, is 
increased DCS. 


Most DCs employ algorithms that have not been adequately validated. When each of the 
conventional decompression tables was first formulated from a theoretical model, it had to be 
extensively modified based on human testing. Essentially, the DCs are offering the tables as 
they were, before they were modified with safety factors. With the removal of the tables 
rounding-up safety factors, the price divers pay for their extended underwater durations is that 
they can dive much closer to the DCS margin. 


Most of the new DCs are (like the old SOS meters) conservative for short single, shallow 
dives. The dangers increase with longer, repetitive or deeper diving. They are also probably 
less safe with some multi-level profiles, if reverse profiles are used. 


Nevertheless, DCs are popular and deservedly so. They are perceived as an alternative to 
personal responsibility in coping with a difficult problem (decompression table calculations). 
Unfortunately, to question the value of any specific computer can be interpreted as 
blasphemy, casting aspersions on the owners, bringing a deluge of unsolicited testimonials 
and threats of legal action by the manufacturers. 
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U) Safety suggestions (the DC Ten Commandments). 


If you rely on DCs, the following recommendations are made: 


1. Do not dive in the 24 hours before using the DC. 
2. The DC should be used on all dives, if it is used on any. 
3. Ensure a back-up documentation of the dive profile and details. 
4. In multi-level dives, the depths should be progressively shallower. 
5. Repetitive dives (on the same day) should be progressively shallower. 
6. Repetitive dives should have surface intervals of at least 2 — 4 hours (longer with 
greater depths and longer dives). 
7. With multiple days diving, every fourth day should be non-diving. 
8. Add an extra decompression safety stop for 5 minutes at 5 metres, 
on each dive in excess of 15 metres depth, if practicable. 
9. Do not do dives that require decompression or go into the decompression mode. 
Stay as far away from those dives as possible. 
10. Do not presume that the DC is accurate for diving at altitude or for altitude 
exposure (flying). 
DCs are preferably used at depths of less than 30 metres and definitely depths of less than 40 
metres. Pseudo-science accompanied the technology in the promotion of these DCs, and 


many claims of excellence were more applicable to the colour brochures and marketing than 
any research or development activities. 


For those divers who are more important, or are more susceptible to DCS (age, gender, 
fitness, weight, medications, injuries, DCS history, etc.) or undertaking more hazardous dives 


(depth, duration, decompression obligation, temperature, currents, repetitive, multiple 
ascents, etc), the more conservative modes on the DC should be chosen. 


PREVENTION of DCS 


See the last page of Chapter 16 
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Chapter 15 


DECOMPRESSION 
SICKNESS 


CLINICAL FEATURES 


ACUTE DECOMPRESSION 
ILLNESS (ADD 





Although the term ADI can cover all types of DCS and barotraumas, it is commonly limited 
DCS and arterial gas embolism (AGE) from pulmonary barotrauma. Neurological DCS and 
AGE may be difficult to distinguish as they share similar symptoms - and the initial first aid 
treatment is similar. Rarely the diseases may even co-exist. Combining the two diseases 
under a common presentation is of value to those who find them difficult to distinguish from 
history, symtomatology and clinical signs. 


Eventually, both in definitive treatment and in planning future advice to the diver, it is 
necessary to be more specific. 


CLASSIFICATION OF 


SYMPTOMS 





In the past it was traditional to describe decompression sickness (DCS) as Type | (minor — - 
musculo-skeletal or joint) or Type 2 (serious - cardio-pulmonary and neurological) DCS. 
Now the convention in is to classify the clinical features according to the organ or system 
involved (e.g. neurological, musculo-skeletal etc.). It is prudent to include with this diagnosis 
an indication of the evolution of the symptoms (as described later), as both influence the 
treatment required. 
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ONSET OF SYMPTOMS 





The clinical features of DCS are seen during or after ascent. In the majority of cases, 
symptoms will be evident within six hours, and 50% within the first hour of the dive. Less 
commonly, a delay in onset of 24 hours or greater has been described. Divers often deny the 
reality of their symptoms, or will rationalise them. In one large series, only half the divers 
requested assistance within 12 hours of the first symptom developing. 


The time of onset of symptoms depends to some degree on the type of dive. Deep dives 
(greater than 30 metres), especially those that require decompression or are close to the no- 
decompression limits or in which decompression has been omitted, are likely to present early. 
In extreme cases, symptoms may present during ascent or at the decompression stops. In 
general, the earlier the symptoms, the more potentially serious the DCS. 


Symptoms may be initiated or aggravated by exposure to altitude (driving over mountains, air 


travel), exercise or breathing certain gases. Divers should be advised of the potentially serious 
complications of flying after diving. 


JOINT PAIN 


(MUSCULO-SKELETAL DCS, 
BENDS) 





Pain in or near one of the muscles or tendons around the joints is the most common 
presenting feature of DCS from shallow diving. The shoulder is most often affected while 
the elbows, wrists, hand, hips, knees, ankles are less frequent. It is not unusual for two joints 
to be affected, commonly adjacent ones e.g. the shoulder and elbow on the same side. It is 
less common for multiple joints to be affected in a symmetrical pattern. 


Symptoms may begin with discomfort or an abnormal feeling in or near the joint. Over the 
next hour or two, pain and other symptoms may develop. The pain is generally of a constant 
aching quality (like a toothache), but occasionally may be throbbing. The diver may hold the 
joint in a bent position to reduce the pain. The stooping posture, that was adopted by Caisson 
(tunnel) workers affected by DCS near the hip, led to the term "bends". 


The joint is usually not tender to touch but movement may aggravate the pain. Pressure, as 
from a blood pressure cuff (sphygmomanometer), may relieve the pain. 


If not treated, pain usually continues for several uncomfortable days before slowly subsiding. 
In mild cases, minor and fleeting discomfort lasting only a few hours ("niggles") may be the 
only manifestation. 


Symptoms are often found around a joint which has been subjected to unusual exertion or 
strain during or after the dive or which has been involved in a recent or chronic injury. 


There may occasionally be difficulty distinguishing between DCS and other causes of a 


painful joint such as strain, injury or arthritis. In the latter conditions, the joint is usually 
tender to touch and may be red and swollen. Generalised arthritis is often bilateral and 
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symmetrical and involves smaller joints, and local pressure application produces no relief. 
These signs are uncommon in DCS. 


In general, any pain in or near a joint after compressed air dives in excess 
of 10 metres (or shallower with repetitive or prolonged dives) must be 
assumed to be DCS until proven otherwise. 


NEUROLOGICAL DCS 





DCS can affect the brain, spinal cord and/or peripheral nerves. The clinical features are 
due to disturbance of activity in the nervous system, interfering with one or more of its five 
principal functions: 


* sensation 

* movement (including balance and co-ordination) 
* consciousness and intellectual functions 

* autonomic functions 

¢ reflexes (e.g. knee jerk, cough reflex). 


Of these, the first four are easier for the layman to assess. 
L) The Senses. 


These include sight, hearing, smell, taste, pain and touch. Numbness and _ tingling 
(paraesthesiae) are frequent symptoms. Other abnormal signs include loss of sensation. 


L) Movement. 


This includes the ability to move any muscle, the strength of the movement and the ability to 
co-ordinate it. 


) Higher function of the brain. 


The important intellectual functions are consciousness, orientation (awareness of time, person 
and place), thinking, speech and memory. Epileptic fits (convulsions) and confusion are 
possible. See the AMTS box at the end of this chapter for a rapid, simple method of assessing 
higher function brain involvement. 


LJ Autonomic functions. 


Interference with the control of breathing and heart function may cause shock and collapse. 
Bladder and bowel malfunction usually causes progressive abdominal discomfort and 
tenderness until the bladder or bowels are opened. 


In CEREBRAL (Brain) DCS, the bubbles of DCS may be located in or near the blood 
vessels supplying the brain, causing obstruction of blood flow and direct pressure on the 
neurological tissues. The brain swells like any other tissue when injured, but because it is 
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“* A solder tag is soldered by wrapping a stripped wire end through the hole and 
round again, to secure it. 


“* Apply plenty of heat and solder for a few seconds. 


confined within the solid bone of the skull, the pressure in the skull rises, further impairing 
blood supply to other parts of the brain. Swelling of the brain (cerebral oedema), as well as 
expansion of the nitrogen bubbles themselves, often leads to a steady worsening of this 
condition. 


The onset of cerebral DCS is often heralded by headache — probably due to 
brain swelling. Numbness or tingling (paraesthesiae), weakness or paralysis 
affecting a limb or one side of the body, difficulty with speech, visual 


disturbances, confusion, loss of consciousness or convulsions are all possible 
presenting symptoms of this serious disorder. 





The part of the brain responsible for co-ordination (the cerebellum) may also be affected 
causing incoordination known as "staggers". The position sense and the balance organs can 
also be affected. 


SPINAL DCS has a common association with DCS bubbles in the blood and lungs, 
commonly known as "chokes". It also may be preceded by "girdle pains" — or pain around 
the chest or abdomen. Disturbances in movement such as weakness or paralysis or 
disturbances in sensation such as numbness or tingling are also common. Interference with 
nerve supply to the bladder and intestines, may lead to difficulty in passing urine, or 
opening the bowel. Paraplegia or quadriplegia may develop. 


INNER EAR DCS 


The cochlea (hearing) or vestibular (balance) organs may be involved. This type of DCS is 
more commonly associated with prolonged,,deep, repetitive, diving, breathing a helium- 
oxygen mixture. Hearing loss, ringing noises in the ears (tinnitus), and/or vertigo, nausea 
and vomiting are the usual presenting features. This condition must be distinguished from the 
other major cause of these symptoms in divers — inner ear barotrauma (see Chapter 9). 


LUNGS or PULMONARY DCS 





Nitrogen bubbles are frequently found in the veins of divers ascending after deep dives, 
without necessarily the development of overt clinical DCS. When large numbers of these 
bubbles form, they may become trapped in the small vessels of the lungs, obstructing the 
blood flow. If excessive bubbles occur, this leads to a disturbance of lung function and a 
feeling of breathlessness, known as the "chokes". 


Clinical features also include a tight feeling in the chest, chest pain, difficult and rapid 
breathing. Coughing is often observed, and may be precipitated by smoking, 
hyperventilating or exercise. Frequently the symptoms come on very soon after ascent, from 
relatively deep dives (over 30 metres) or after prolonged dives. Death may supervene. 
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HEART or CARDIAC DCS 





The nitrogen bubbles that commonly form in the veins of divers after deep dives are usually 
filtered by the lung vessels. 


There is a condition affecting the heart (patent foramen ovale — PFO) which is sometimes 
claimed to be present in about 30% of the population, and in which there is a potential 
communication between the right and left sides of the heart — between the right and left atria. 
It is a flap valve, normally kept closed by the naturally higher pressure on the left side (left 
atrium) of the heart. When large amounts of nitrogen bubbles obstruct the lungs, the back 
pressure in the right atrium can exceed the pressure in the left atrium. This flap may then 
open allowing gas bubbles to pass from the right to the left side of the heart, and then be 
pumped and distributed to any part of the body (similar to arterial gas embolism resulting 
from a burst lung — see Chapter 11). 


Bubbles passing through a patent foramen ovale (PFO), or any other cardiac defects, tend to 
rise because of buoyancy. They can be easily carried into the blood vessels supplying the 
brain because it has a large blood supply and is located above the heart. This is one cause of 
cerebral DCS after apparently so called "safe" dives. It may be called cerebral arterial gas 
embolism or CAGE, but is due to DCS, and not pulmonary barotrauma. The term acute 
decompression illness covers both causes. 


Bubbles can occasionally pass down the coronary arteries, which supply the heart, restricting 
the blood supply to the heart itself. In severe instances this can lead to a fatal destruction of 
heart muscle (myocardial infarction) just as for a "heart attack" in a non-diving person. In 
other cases, life threatening disturbances in cardiac pumping and rhythm may result. 


Cardiac symptoms include chest pain, palpitations and shortness of breath. 


GASTROINTESTINAL DCS 





Obstruction of blood flow to the intestines by nitrogen bubbles can occasionally affect the 
gut. Clinical features are not common, but can include vomiting or diarrhoea, cramping 
abdominal pain and haemorrhage into the gut. Severe cases can show clinical shock, and 
can bleed to death. 
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SKIN MANIFESTATIONS of DCS 





These are not common in scuba divers who wear wet suits. 


Itching of the arms and legs, sometimes with a rash, is not uncommon after deep 
recompression chamber dives and with dry suits. This condition is probably due to gas 
passing from the surrounding high pressure atmosphere into the skin. The condition is not 
serious and requires no treatment. 


In more severe DCS, nitrogen bubbles in the blood can obstruct blood supply to the skin, 
causing patchy white, blue and pink areas — "marbling". Obstruction of the lymphatic system 
(drainage of tissues) may produce localised swelling of skin. 


GENERAL SYMPTOMS of DCS 





Apathy, tiredness, malaise, and a generalised weakened state are common observations in 
many cases of DCS. In very severe cases there may be generalised internal haemorrhages, 
shock, and/or death. 


DELAYED SYMPTOMS of DCS 





Prolonged symptoms may be due to damaged nerve, spinal cord or brain (see above), body 
tissues or bone (see Chapter 17). In these cases there can be a persistence or recurrence of 
symptoms. Various psychological problems can also supervene on DCS. Even the stressful 
treatments and peer recriminations can exact an emotional toll on divers. Anxiety states and 
post-traumatic stress disorders are not uncommon sequelae 
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EVOLUTION OF SYMPTOMS 





In general, the slower symptoms are to develop after ascent, the less serious the DCS, and 
vice versa. Also, the longer the delay between ascent and symptoms (say, 6-24 hours), the 
fewer and slower subsequent symptoms are to develop. The corollary of this is: 








With symptoms developing soon after the ascent, the DCS is likely to be more serious. 





In assessing DCS, the time of onset of symptoms should be related to the time of ascent. The 
clinical manifestations and their evolution should be described, together with any aggravating 
factors. 


The manifestations may be progressive (getting worse), static or improving. They may also 
relapse. 


Aggravating factors include not only those that predispose to DCS, but also those that 
precipitate it (see Chapter 13). 


A major observation, supporting the diagnosis of DCS, is the favourable response of DCS to 
raised environmental pressure (re-immersion in the water, treatment in a recompression 
chamber) and, with a slower response, administration of 100% O2. 





Fig. 15.1 
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The ABBREVIATED MENTAL TEST SCORE (AMTS) can 


be used to assess mild delirium, confusion and other 
cognitive impairment. 


The following questions are put to the patient. Each 
question correctly answered scores one point. A score of 6 
or less indicates impairment of brain function. A score 
above 6 does NOT mean that there is no cognitive 
impairment 



























Question 
What is your age? (1 point) 
What is the time to the nearest hour? (1 point) 


Give the patient an address, and ask him or her to repeat it at the end of the test. (1 point) 
e.g. 36 Smithsonian Street 


What is the year? (1 point) 

What is the name of the hospital or number of the residence where the patient is situated? 
point) 

Can the patient recognise two persons (the doctor, nurse, home help, etc.)? (1 point) 
What is your date of birth? (day and month sufficient) (1 point) 


In what year did World War 1 begin? (1 point) 
(other well known dates can be used, with a preference for dates some time in the past.) 


Name the present monarch/prime minister/president. (1 point) 
(Alternatively, the question "When did you come to [this country]? " has been suggested) 


Count backwards from 20 down to 1. (1 point) 






As well as a “‘spot check’’, this test can be used to indicate improvement or 
deterioration, if repeated. It is not as comprehensive as others, which may be employed 
by paramedics and doctors e.g. the Mini-Mental State Examination, or the TYM. 
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Chapter 16 


DECOMPRESSION 


SICKNESS 
TREATMENT 





FIRST AID 


L) Expert advice. 


Expert advice from a diving physician, a diving medical organisation (such as DAN) or a 
hyperbaric facility, should be sought as soon as possible. Appendices B and D contain a list 
of sources for such expert advice. In the interim, first aid treatment must be applied 


The principles of first aid management of decompression sickness (DCS) are: 


¢ basic life support (BLS) (see Chapter 42). 
¢ 100% oxygen (O,) (see Chapter 40). 

* positioning and rest 

¢ fluid replacement 


U) Oxygen therapy 


If the diver breathes 100% oxygen (Oz), nitrogen (Nz) is removed from the lungs. The 
breathing apparatus must supply to the lungs as close to 100% Oz as possible. This means an 
anaesthetic type mask or an O» diving regulator as used in technical and commercial diving. 
It is not the simple plastic hospital oxygen mask that does not produce an air tight seal. 100% 
O> in the lungs results in a high diffusion (pressure gradient) of Nz from the blood to the 
lungs, causing the increased elimination of N2 from the blood and tissues — and also from any 
bubbles there. 
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Unfortunately 100% Oy can be toxic to the lungs if given for 18-24 hours on the surface. 
This may complicate the hyperbaric Oz which is later given to the diver in a recompression 
chamber (RCC). Ideally Oz therapy should 
be given under the supervision of a diving 
physician however, if expert advice is 
unavailable, then all suspected case of DCS 
should be given 100% Oy from the outset, 
before and during movement of the patient 
and transport to the recompression chamber. 


Unconscious divers, if not breathing of their 
own accord, will require assisted ventilation 
(intermittent positive pressure respiration or 
I.P.P.R.). Conscious patients can be treated 
with continuous flow or demand type masks. 
In such cases, treating personnel must always 
check the breathing mask on themselves first 
in order to ensure the oxygen system is 
working, and that resistance to breathing is 
not excessive. 





Fig. 16.1 
Photograph of diver with DCS breathing near 100% O2 from a resuscitation bag. Note reservoir bag 
(lowermost) and high constant flow (>14 litres per minute) through an oxygen delivery tube. 


L) Position and rest. 


An unconscious diver should be placed on his side in the coma position, to protect the airway 
at all times (see Chapter 42). If there is any likelihood of air embolism, the diver is best 
placed horizontal - preferably on the left side, but this is not essential. Some clinicians 
recommend that cases of cerebral DCS should be managed with the patient on the side, 
without a pillow, to prevent buoyant gas bubbles reaching the brain through the circulation. 


The Trendelenburg (30 degree head down, feet up) position is no longer recommended. 
Having the head lowered raises the pressure in the brain — and this can aggravate the brain 


injury. 


Due to the buoyancy of bubbles, sitting or standing may be dangerous in patients with air 
embolism or cerebral decompression sickness where the bubbles are still in the blood stream. 
As a general rule, 100% Oz should be given for at least an hour before allowing the patient to 
sit or stand. After this, the diver can be allowed to adopt any comfortable position but should 
be kept relatively still and on 100% Oj. A diver with "chokes" will be more comfortable 
sitting up. 


) Fluid replacement. 


Severe DCS results in loss of blood and fluids into the tissues. It may be valuable to replace 
this fluid orally or intravenously. Oral fluids may be given if the diver has no abdominal pain, 
nausea or vomiting. Water or electrolyte fluids (eg."Gastrolyte") may be given — with the 
type and volume recorded. Acidic (orange juice) and glucose dinks should be avoided. If 
there is no bladder involvement (i.e. the patient can urinate), a litre of clear fluid every 2-4 
hours should suffice. This fluid intake should be modified by the patient's thirst. 


Some authorities have recommended large volumes of oral fluids while the diver is being 


transported to a RCC in an attempt to replace this deficit. One problem with this (as any party 
goer will attest) is that the fluid load will promote a vigorous urine flow, so the diver arrives 
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at the recompression facility with a stomach and bladder full of fluid. A patient with spinal 
DCS may be unable to empty the bladder and will therefore be in considerable pain. 


The patient will usually be treated on a hyperbaric O2 (HBO) treatment table. There is a very 
real risk of nausea, vomiting and convulsions as complications of this treatment. A full 
stomach can then possibly result in regurgitation of the stomach contents and aspiration into 
the lungs — further complicating treatment. 


If the brain or spinal cord is involved and the patient has difficulty in voiding urine, an in- 
dwelling urinary catheter should be inserted whenever possible by a trained physician or 
nurse. If this is not feasible, care must be taken not to overload the patient with fluids. 


Anyone who is trained to institute and monitor an intravenous infusion can be expected to be 
able to assess the state of hydration and determine the desirability and quantity of intravenous 
fluids, remembering that glucose fluids can aggravate cerebral oedema. 


UO) Drugs. 


Aspirin as a first aid measure has not been demonstrated to be of value in DCS. It may 
interfere with blood clotting and cause haemorrhage (bleeding) — especially in the stomach. 
Haemorrhage is already a major pathology in spinal cord and inner ear DCS. 


The authors have seen one patient with severe DCS bleed to death from an internal 
haemorrhage just before he was to be given an "experimental last-ditch" anti-clotting agent. 
We are therefore reluctant to advocate the routine use of aspirin either for pain relief or to 
inhibit clotting in any DCS case. 


Joint pains of DCS can be significantly eased without the risk of serious side effects by the 
administration of paracetamol (acetaminophen) — 1000 mg (or two tablets) 4 hourly. 
NSAID drugs may be requested by a diving physician, but are not routinely needed. 


Other drugs such as steroids, diuretics and special intravenous fluids such as 
"Rheomacrodex" have been advocated but have not been proven to be beneficial. Anti- 
epileptics and other drugs such as diazepam ("Valium") may be needed to control fitting 
(convulsions), and for confusional states. 


TRANSPORT OF PATIENT 


WITH DCS 





With mild DCS, or if there has been a delay of 12-24 hours or more, and there is no 
progressive deterioration, local treatment with rest, monitoring and breathing 100% O2 may 
be all that is necessary. This decision is best made by a diving physician. 


With more severely affected divers, or those that are deteriorating or need medical attention, 
transport should be expedited. The diver should be transported with minimum agitation and 
as close as possible to sea level or at 1 ATA. Mountainous roads should be avoided whenever 
an evacuation route by land is planned. 100% Oz. should be breathed before and during 
transport (see Chapter 40). 
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Transportation in aircraft presents problems. Apart from movement which aggravates 
DCS, environmental pressure decreases with altitude, causing DCS bubbles to expand 
(Boyle's Law) and more gas to pass from the tissues into any bubbles. 


If the patient is evacuated by air, unpressurised aircraft should endeavor to fly at the lowest 
safe altitude. Even an altitude of 300 metres (1000 ft.) can make the symptoms of DCS 
worse. However, maintaining such an altitude can be alarming when flying over 297 metre 
terrain. 


It should be remembered that most commercial "pressurised" aircraft normally maintain a 
cabin pressure of around 2000 metres (6000 ft.), which could seriously aggravate DCS. 


Whenever possible the cabin altitude should be maintained at LATA. This is attainable by 
many modern commercial jet aircraft, executive aircraft such as the King Air and Lear Jet, 
and some military transport aircraft (Hercules C—130). This requirement is not popular with 
the commercial airlines since it necessitates the aircraft flying at lower than its most efficient 
altitude, resulting in excessive fuel consumption. This requirement may also limit the range 
of certain aircraft. 


Breathing 100% Oxygen before and during the flight may be of value, 
especially from closed or semi-closed circuit equipment. There are risks to the 
aircraft and its inhabitants if open circuit Og is used as many airlines 
recirculate the cabin atmosphere and fire/explosion is possible. 





Fig. 16.2 

A portable patient treatment chamber connected to a second compartment for the exchange 
and transter of attendents and medics. The larger chamber also allows for transfer of patient to 
a larger recompression facility. 
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DEFINITIVE TREATMENT OF DCS 





This is best controlled by diving yes, , hyperbaric facilities or specialised 
diving medical organisations, such as DA 


L) Therapeutic recompression. 


This is the most effective treatment for DCS. Delay increases the likelihood of a poor final 
result. The diver is placed in a recompression chamber (RCC) and the pressure is increased 
according to a specified recompression treatment table. 


The increase in pressure reduces the bubble size (Boyle's Law) and usually relieves the 
clinical features. It also increases the surface area to volume ratio of the bubble, which may 
collapse. The increased pressure in the bubble also enhances the diffusion gradient, 
encouraging nitrogen to leave the bubble. 


The therapeutic recompression schedule determines the depth and duration of the treatment 
profile. The table selected may depend on factors such as the time elapsed since the onset of 
symptoms, the depth of the original dive and the type and severity of symptoms, as well as 
the capability of the treatment facility and the various breathing gases available. The 
treatment may be amended depending on the patient's response. 


In recent years the Oxygen Treatment Tables are preferred because of their increased 
effectiveness. The injured diver is usually compressed to an equivalent depth of 18 metres 
(60 ft.) and is decompressed over 3—5 hours. He breathes oxygen from a mask while the rest 
of the chamber is filled with air. If the whole chamber is filled with oxygen, the fire risk 
increases dramatically. 


Because the attendant breathes chamber air, great care must be taken to monitor his dive 
profile to avoid the embarrassing predicament of an attendant emerging from the RCC with 
DCS. 


The diver breathes oxygen for the duration of the treatment except for 5 minute periods of air 
— or sometimes heliox (He-O2) breathing — every 25 minutes, to minimise oxygen toxicity to 
the lungs. The regimen is not without hazard as there is a significant risk of cerebral oxygen 
toxicity causing convulsions in such persons. 
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““ The completed solder tag 


The next sequence show how the same basic principles of soldering wires are used 
to connect up a device such as a panel-mounting l.e.d.. A series resistor can be wrapped 
around and soldered directly to one of the l.e.d. solid wires, and then two multi-stranded 
connecting leads are soldered to the |.e.d. and resistor. It’s best to use heatshrink tubing or 
PVC sleeve to insulate the solder joints and prevent short circuits afterwards. 








Ne ee ee a tte e tee ete eter eee hero 


\* Multi-stranded wires can be soldered to the solid leads of an l.e.d.: insulate them 
afterwards. Different coloured wires identify the polarity of anode and cathode. 





“*“ PVC sleeving or heatshrink is needed to prevent short circuits. 


Other tables are available which involve compressing the diver to a depth equivalent of 30-— 
50 metres sea-water (100-165 ft.) in air, heliox and nitrox mixtures and then decompressing 
over periods ranging from several hours to several days depending on the severity of the 
symptoms. 


Many other investigations and treatment modalities will be employed by experienced 
physicians in the RCC, including fluid balance, medications, etc, which need not concern the 
average diver. 


A further emergency procedure, Underwater Oxygen Treatment, has been devised for use 
under expert supervision in remote localities. The diver is recompressed in the water to a 
maximum of 9 metres while breathing 100% O2. Details of this procedure are outlined in 
Appendix C. 


Treatment in water with the diver breathing air has been used in many parts of the world 
and water treatment tables are contained in some Navy diving manuals. While success has 
often been reported and delay in treatment can be avoided, this form of treatment has serious 
theoretical and practical difficulties which can result in worsening of the diver's condition. 


The deep water air requirements (30 metres initially, and decompression for many hours)) 
renders the patient and accompanying divers prone to cold (hypothermia), narcosis, gas 
exhaustion, tide and other current changes. Attending divers may well develop DCS from 
extra exposures. This form of treatment is not generally recommended, unless other options 
(RCC, underwater oxygen treatment, etc.) are unavailable. 


LARGE MULTICOMPARTMENT 


CONNECTING RECOMPRESSION CHAMBER 
RING / 
PORTABLE RECOMPRESSION 
: ENTRY CK 
CHAMBER sin / MEDICAL LOCK 






CONNECTING 
TRUNK 


Fig. 16.4 
Schematic outline of large static RCC treatment facility showing linking of a small 
portable chamber to the larger fixed unit. Both chambers are pressurised to identical 
pressures for a "transfer-under-pressure" (TUP). 


UO) Hazards of therapeutic recompression. 
While therapeutic recompression generally produces a dramatic relief of symptoms, it has 
several serious hazards. These include oxygen toxicity in the patient, the risk of fire and the 


risk of producing DCS in the attendant. It should only be used under the close supervision 
of a medical officer experienced in its use. 
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PREVENTION OF DCS 





There are a number of factors which predispose to DCS. These are described in Chapter 13. 
Obviously these should be avoided wherever possible but some are unavoidable. Apart from 
falsifying a birth certificate there is little an individual can do about the predisposing factor of 
age. 


Because of the unreliability of the currently available dive tables and DCs, and the 
unpredictability of the development of DCS, it is possible for even the most careful, well 
trained and conscientious diver to develop this condition. The following suggestions will help 
reduce the risks. 


It is important that the diver never exceeds the no-decompression limits 


and ascent rates. In spite of this, all the dive tables, and especially the dive 
computers so far devised, have a significant failure rate. 





U "Fudge factors". 


The rate of development of DCS varies from less than 1% to as much as 5% depending on 
the table or computer algorithm used, the depth and the duration of the dive, and if these are 
pushed to their limits. The apparent safety of tables and algorithms are probably improved by 
intelligent divers incorporating "fudge factors" of their own. This is especially required for 
older, fatter, less fit divers. Also for more important people, such as your children, spouses, 
best friends etc. Fudge factors imply ascending slowly before it is theoretically necessary — 
reducing bottom times and depths. 


Some fudge factors may be incorporated into the dive as follows: 
¢ For decompression tables; decompress assuming that the dive was carried out at a 
greater depth and/or duration than was the case. Ascend earlier and at a slower rate 
than required. 
¢ For dive computers; ascend well before required to do so according to the display. 
Select the most conservative mode permitted by the computer or chose an altitude 
based decompression whilst diving at sea level 


U) Accurate depth & time. 


It is essential that the diver knows accurately the depths and durations of his diving. A depth 
gauge which indicates the maximum depth attained is useful, because it is common for divers 
to descend deeper than they realise. An underwater watch or, better, a bottom timer is 
valuable, as is a D.C. 


LJ No-decompression diving. 
Although the tables and computers are not totally reliable, they are less reliable for deep 


diving (greater than 30 metres). It is advisable to avoid pushing the dive to the limits when a 
no-decompression schedule is followed and to avoid dives requiring decompression. 
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L) Slow ascent rates. 


A slow ascent is prudent and the diver should certainly not ascend faster than the rate 
recommended by the tables. Preferably a slower ascent rate should be employed (8—10 metres 
or 25-33 ft. per minute is an acceptable safe rate) and the extra time taken is deleted from the 
bottom time. i.e. ascend earlier than permitted by the tables. 


L) Routine decompression stops. 


Most authorities recommend a routine minimum safety ("decompression") stop at 3-5 metres 
for 3-5 minutes, after a no-decompression dive greater than 15 metres, to allow partial 
nitrogen elimination and trapping of venous emboli in the lung vessels. 


L) Exercise 


Avoid strong exertion as far as possible during the dive and decompression 
setae Gentle exercise may assist in de-gassing during the ascent, stapme and 
post dive, although some would advise no exercise at all post-dive. The latter 


would be applicable if bubble formation had occurred. 


UL) Dive planning. 


When repeated dives or multi-level dives are planned, the deeper dives should always be 
performed first. Recreational repetitive dives on the same day should have long surface 
intervals between dives, preferably 4 or more hours if possible, and a maximum of 3 dives 
per day.. 


With multi-day diving, a rest day is included after each 3 continuous diving days. 


With deep diving, gradual build up (acclimatisation) is achieved by progressively deeper 
exposures. 


L) Post-dive restrictions. 


It is advisable to rest for an hour or more after a deep or long dive to ensure elimination of 
nitrogen from the fast tissues. Surface intervals should be > 2-4 hours. 


Flying and significant altitude exposures within 24 hours of diving is not recommended. The 
DCIEM recommendation is “whenever possible it is inadvisable to fly above 600 metres in 
any aircraft within 48 hours of completing any dive. Travelling by vehicle over mountain 
ranges or hills can expose divers to the same dangers as flying and should be avoided in the 
same way for 24 hours. If flying after diving is considered essential, flying may be carried 
out after 24 hours but the increased risk of DCS must be borne in mind.” 


LJ Dive computers (See Chapter 14). 


.A healthy scepticism towards reliance on any mechanical equipment, especially if promoted 
by a glossy brochure or a dive computer salesman, also has good survival value.In addition to 
the above precautions, the diver is advised to buy a good quality waterproof rabbit's foot. 
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Chapter 17 


DYSBARIC 


OSTEONECROSIS 





(DIVERS BONE DISEASE, 
AVASCULAR NECROSIS OF BONE, 
ASEPTIC BONE NECROSIS, 
BONE NECROSIS, BONE ROT, 
CAISSON DISEASE OF BONE) 


This was first noticed in caisson (tunnel) workers in the 19th century, and was described as 
being an area of localised bone death, predominantly occurring in the long bones of the arms 
and thighs. 


If this area of dead bone is located beneath the joint surface of the bones in the hip or 
shoulder joints, pain and symptoms of arthritis, along with a reduction in mobility of the joint 
is a common consequence — often occurring in mid or later life. 


The exact cause of the disorder is probably a delayed effect of damage caused by gas bubbles 
produced during a dive (see Chapter 13). In this sense it is a delayed form of decompression 
sickness. 


Cause 


Bone is a living organ containing bone cells which constantly absorb and lay down new bone. 
It has a cleverly designed structure which resembles reinforced concrete or fibreglass and 
contains fibres of a sinew-like substance called collagen, embedded in a concrete-like 
calcium material. This is traversed by numerous vessels which supply the blood to the bone 
cells embedded in the bone. The bone cells permit the repair of fractures and allow the bone 
to change its structure to accommodate stresses which may vary during the person's life. 


If the blood vessels supplying the bone cells are blocked by gas bubbles or any other cause, 
the bone cells die and the self-repairing ability of the bone stops. It becomes unable to fix the 
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repeated minor trauma which is common around joints and eventually the bone structure 
collapses causing permanent damage to the major load bearing joints, such as the hips or 
shoulders. 





Fig. 17.1 


The reported incidence of this condition varies from less than 1% in some Navy series, to 
80% in Chinese commercial divers. This variance is probably due to factors such as different 
diagnostic criteria and differing ages, dive patterns, deco procedures and dive frequency. 


Predisposing factors which are commonly associated with osteonecrosis include: 


age greater than 30 years 
inadequate decompressions 
experimental dives 

deep dives 

decompression sickness 
long duration dives 


X-Ray changes have been seen as soon as 3 months after a dive and it has been reported 
following a single dive to 30 metres. When joint involvement does occur, the onset of 
symptoms is usually delayed for many years, reflecting the time required for joint 
destruction. Fortunately, in most cases the disease does not cause any serious damage to the 
joints and so produces no symptoms. 


Occasionally bone pain may increase during recompression treatment, or may persist after 
treatment. Some of these progress to dysbaric osteonecrosis over the following months. 
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Classification of Bone Necrosis 


The lesions are classified into two groups: 


¢ Type A lesions — which are near the joint surface (juxta-articular). 
¢ Type B lesions — which are remote from the joint surface (head, neck and shaft). 


L) Type A lesions. 


With these, the joints may become involved as the under-lying bone is destroyed and the joint 
surface collapses. This may produce symptoms which are potentially crippling. Hips and 
shoulders are more frequently affected. 


L) Type B lesions. 


These rarely cause symptoms and are generally of little clinical importance, except to suggest 
more conservative diving procedures. The most common areas affected are the long bones of 
the thigh, leg and upper arm. Occasional cases of bone cancer have developed in these 
lesions. 


Clinical Features 


When Type A lesions injure the joint, common symptoms are pain, which is usually 
aggravated by movement, in the affected joint and accompanied by a restriction of joint 
movement. As the condition progresses, severe osteoarthritis develops and the joint may 
eventually become frozen and incapacitating, due to pain. 


Investigations 


The lesions can also be identified in excellent detail, using MRI (Magnetic Resonance 
Imaging) scanning within days of the incident (but some of these may disappear). This is 
expensive but has no associated risks of irradiation. Early lesions can also be identified with 
radioactive Technetium ("bone scans"), which will bind to an osteonecrotic area and can be 
detected with a scanner within 2 weeks of the injury. 


X-Rays have been the traditional investigative method but these will only reveal lesions once 
bone changes have developed. This may take months or years. 


Treatment 


The pain associated with movement can be reduced with an anti-inflammatory drug such as 
NSAIDS. Severe cases may require the fusion of a joint or its replacement with a synthetic 
joint made of either metal or plastic. While this procedure relieves the pain and increases 
mobility, a synthetic joint is never as robust as the "natural model" and its endurance is 
limited. Other techniques involve replacement from the divers healthy bone, or realignment 
of articular surfaces. 


As the disease is regarded as an occupational hazard of diving, workers compensation claims 
may help off-set expensive medical costs. 
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Divers with high risk factors who develop unexplained joint pain should be assessed to 
exclude this condition. 


Occupational divers and other divers who are 
at increased risk because of their diving 
practices may require regular routine 
screening assessments. Since X-ray 
investigations can involve worrisome 
exposure to radiation, their frequency must 
be weighed against the risk of osteonecrosis 
development, and so MRIs are preferred. 
Divers who are likely to be at risk are 
required to have a baseline investigation 
performed before they are employed. For 
some susceptible occupational divers, 
follow-up assessments at 5 year intervals are 
recommended. 





Fig 17.3 


Replacement hips may cause problents. 
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Chapter 18 


NITROGEN 


NARCOSIS 





(COMPRESSED AIR 
INTOXICATION, 
RAPTURE OF THE DEEP, 
INERT GAS NARCOSIS, NARCS) 


Intoxication in divers is not confined exclusively to beach barbeques and hotel bars. When 
breathed under pressure, nitrogen (which makes up 78% of air) has an intoxicating effect 
which, like alcohol, is variable and may lead to pleasure or disaster. 


This phenomenon was regarded as an annoyance to the helmet diver who could be pulled to 
the surface by his attendant if he behaved irrationally, but the consequences to the scuba 
diver, who's safety is dependent on a buddy exposed to the same effect, can be more serious. 


It will be present in all divers breathing air at a depth in excess of 30 metres, although some 
will notice it earlier. Others may not be aware of the effect, as judgment and perception are 
affected. The severity of symptoms and the exact depth of their onset varies between 
individuals. Because of narcosis, diving on air beyond 30 metres (100 feet) is not prudent, 
and 40 metres is considered unsafe for most recreational divers. A 50 metres depth is 
considered the maximum safe depth for experienced professional divers breathing air. 


Chapter 18 — 1 


CAUSES OF NITROGEN 


NARCOSIS 





The exact cause of this narcotic effect is uncertain. Nitrogen is classified as an inert gas 
because it does not participate in any chemical reactions within the human body. The 
influence of nitrogen on narcosis must therefore be due to some physical reaction. 


When other inert gases such as neon, xenon and argon were investigated, it was found that 
their narcotic effect at depth correlated approximately with the relative weights of their 
individual molecules (i.e. their molecular weights). An increased molecular weight caused a 
greater narcotic effect. It was further shown that the inert gases which were more soluble in 
fat than water, tended to have a greater narcotic effect. There were unfortunately several 
inconsistencies in the behaviour of these gases, including hydrogen, which cast some doubt 
on these generalisations. 


Other theories have been proposed implicating oxygen or carbon dioxide toxicity, lipid 
solubility and enzyme changes in the brain. 


CLINICAL FEATURES 





The narcotic effect usually becomes effective within a few 
minutes of reaching a particular depth and does not worsen as 
exposure continues at this depth. Rapid descents may increase 
the effect, but with ascent it is dissipated. 


The higher brain functions such as reasoning, judgment, 
memory, perception, concentration and attention tend to be the 
first affected by narcosis. This often leads to a feeling of well- 
being and stimulation in a diver secure in his surroundings. In a 
novice or an apprehensive diver, a panic reaction may follow. 
Some degree of tolerance develops at a given depth or with 
repetitive exposures. 


The influence of narcosis may not be evident if the dive is 
uneventful, thus giving a false impression that the diver is in 
control of the situation. Memory and perception deficits may 
only be evidenced by a failure to follow instructions or the dive 
plan, or being inattentive to buoyancy, air supply or buddy 
signals. When a problem develops, the diver may be unaware of 
this — attention and perception being focused elsewhere 
(perceptual narrowing or "tunnel vision"). Thus emergency 
signals will go unheeded, emergency air supplies will not be 
offered, weight belts will not be released, rescue attempts will 
be crude and amateurish. Survival instincts and responses may 
be dampened. The safety of both the diver and his buddy are 
compromised. 
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Death may supervene due to errors provoked by impaired judgment or perception, and 
by over confidence. Loss of consciousness may happen without warning and be 
unnoticed by the diver's buddy. At great depths the diver may lose consciousness from 
the narcosis itself or the interaction between it and other factors such as sensory 
deprivation, carbon dioxide or oxygen toxicity. 


Martini's Law - Table 


20-30 metres Mild impairment of performance on unpracticed tasks, mild euphoria 


30-50 metres Overconfidence and inadequate responses to danger. 
Perceptual narrowing, fixation on a particular function or exercise. 
Judgment impairment, affecting; air supply, buoyancy control. 
navigation, decompression obligations, ascent rates etc. 
Anxiety 


50 metres sedation , loss of judgment. Hallucinations possible. 

50-70 metres In a chamber, depending on conditions - talkative or terrified. 

70 metres Poor reasoning ability. Very poor response to signals or instructions. 

70-90 metres Poor concentration and mental confusion, stupefaction and loss of memory. 


>90 metres Hallucinations and loss of consciousness. 


Factors which are known to increase the effects of nitrogen narcosis include: 


¢ low intelligence 

fatigue or heavy work 

anxiety, inexperience or apprehension 

cold (hypothermia) 

recent alcohol intake or use of sedative drugs 
(includes seasickness medications), marijuana etc. 
¢ poor visibility 


Factors which tend to reduce the effects of narcosis include: 
¢ strong motivation to perform a given task 


¢ acclimatisation following prolonged or repeated exposures 
¢ tolerance to heavy alcohol intake 
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“ A commercial l.e.d.— the series resistor can be made out in the sleeving. 


Wires can also be soldered directly to printed circuit boards by stripping and tinning 
the ends, provided they fit through the holes in the p.c.b. It’s a very common and cheap 
way of hooking up a board using “flying leads” and you’ll see this all the time in 
consumer electronic equipment. For convenience so-called “solder pins” can be used, onto 
which flying leads may be soldered from the component-side instead. 








* A set of l.e.d.s connecting wires, stripped, tinned and ready to be soldered to the 
p00, 





A diver who can "hold his liquor" is said to have a greater tolerance to nitrogen-narcosis. A 
plea of "acclimatising to narcosis" is generally not accepted by the courts however, as 
defence for an alcoholic intoxication charge. 


The effect of nitrogen narcosis has been likened by some to that of drinking one martini on an 
empty stomach for every 10 metres depth (Martini's Law). The "olive" appears to be 
optional. 


Case History Examples: 


1. A group of divers descended into a deep clear freshwater cave in order to savour the pleasant intoxication of 
narcosis. Their bodies were found some weeks later in a deep confine of the cave. They were victims of over- 
confidence and impaired judgment induced by nitrogen narcosis. 


2. Another diver became so elated during his dive that he removed his regulator and offered it to the other 
marine inhabitants. 


3. A diver developed problems with his air supply but, possibly because of the 40 metre depth and narcosis, he 
did not attempt to ditch his weight belt. He triggered the dump valve of his BC instead of the inflation valve, 
and drowned with minimal struggling. 


PREVENTION 





Avoidance of compressed air diving to depths known to cause narcosis is a good policy. This 
implies a depth limit of 30 — 40 metres (100 — 130 feet) depending on the diver's experience, 
his tolerance to narcosis and the task performed. Safe diving beyond 30 metres requires an 
awareness of the ever increasing risk of this condition and its effects on human performance 
and judgment. Some experienced professional divers may be able to perform certain practised 
tasks at depths up to 60 metres with competency, but dives greater than 30 metres should be a 
source of concern for recreational divers and greater than 50 metres should be regarded as 
excessive even for professionals. 


TREATMENT 


A diver incapacitated by narcosis should be protected from injury and inappropriate 
behaviour, and bought to a shallow depth with a controlled ascent, bearing in mind 
decompression requirements. Symptoms clear rapidly as the nitrogen pressure is reduced. 
Any other symptoms present on surfacing (e.g. salt water aspiration and near drowning, 
decompression sickness etc.) are due to complications of experiencing narcosis at depth and 
not narcosis per se. 
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Chapter 19 


HIGH PRESSURE 


NEUROLOGICAL 
SYNDROME 





(HIGH PRESSURE NERVOUS 
SYNDROME, HPNS, 
HELIUM TREMORS) 


This condition is a problem for deep commercial diving operations where helium/oxygen 
(Heliox) mixtures are breathed at depths in excess of 130 metres (430 feet). It causes a 
serious limitation to very deep diving and gets worse as the depth increases. 


It is not a problem to recreational divers unless a grave (sic) miscalculation of depth or 
buoyancy has been made. 
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CLINICAL FEATURES 





The first sign is usually a mild uncontrollable tremor, with muscle twitching and difficulty in 
coordinating movements. If the diver then continues with the descent, confusion, drowsiness, 
disorientation and unconsciousness may follow. Respiration may also be affected by the 
neurologically induced incoordination of muscle activity. A tremor particularly affects the 
hands and arms and resembles the shivering due to cold (which helium breathing may also 
produce). 


The condition is aggravated by rapid descent and thus a slow descent rate is a requirement in 
all deep diving operations using exotic gas mixtures. 


The cause of HPNS is not fully understood. It is probably due to an excitation of a part of the 
brain by the direct mechanical effect of pressure. Evidence for this is that drug induced 
anaesthesia in animals can be reversed by simply compressing the animal to depths which 
provoke HPNS. 


TREATMENT AND 


PREVENTION 





Since the effects of HPNS resembled an excitation of the brain, early researchers reasoned 
that an agent which caused sedation might reverse the condition. Nitrogen narcosis is a 
common cause of sedation during diving, and so divers affected by HPNS were given small 
concentrations of nitrogen to breathe. This produced an effective reduction of some of the 
symptoms of HPNS. This helium-nitrogen-oxygen mixture (Tri-mix) is now used in most 
deep diving and by some technical divers. Small percentages of nitrogen have been included 
to reduce the HPNS — but not enough to cause significant nitrogen narcosis. 


The added nitrogen in Tri-mix also permits better speech comprehension (because helium 


distorts sound production in the human larynx) and may slightly reduce the rapid heat loss 
with helium. 
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Chapter 20 


HYPOXIA 





(ANOXIA) 


Hypoxia refers to an inadequate level of oxygen (Oz) within the cells. Anoxia implies there 
is no Oz left at all in the cells, and is uncommon. Without O most cells, especially those of 
the brain, die within a few minutes. This is the final outcome of many diving accidents and is 
often the ultimate cause of death. 


Hypoxia is caused by an interruption in the chain of physiological processes (see Chapters 3 


& 4) which bring O2 from the outside air (or breathing gas) to the body's cells. There are four 
links in this chain where interruption can cause hypoxia, supplying a logical classification. 


CLASSIFICATION OF 


HYPOXIA 





HYPOXIC HYPOXIA 


Inadequate Oxygen content in Arterial Blood 


In diving, the most common form of hypoxia is hypoxic hypoxia. This usually follows an 
inadequate air supply and/or salt water aspiration or drowning. Either there is inadequate O2 
getting to the lungs because the diver has, for a variety of reasons, only water to breathe, or 
the lungs are unable to convey inhaled O2 to the blood because of alveolar damage due to 
near drowning. 


An inadequate air supply can also arise from an inadequate concentration of O in the 
breathing gas (e.g. a gas mixture in which Op? has been inadvertently omitted or an internally 
rusty scuba cylinder which extracts Oz). It may develop from equipment failure or 
obstruction somewhere in the respiratory tract between the nose or mouth and the alveoli, due 
to: 
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* upper airway obstruction due to unconsciousness 

* tracheal obstruction from inhalation of vomit and 

¢ alveolar damage from salt water inhalation (see Chapters 25 and 26). 
Pulmonary barotrauma is another cause. A less common, but often catastrophic, cause is 


decompression sickness, when the gas bubbles are carried to the lungs in such quantities that 
the lungs cannot cope with them — resulting in “chokes”. 


STAGNANT HYPOXIA 


O2 Taken Up by the Blood Fails to Reach the Tissues 


This is generally due to failure of the heart to pump the blood adequately to the tissues (e.g. 
from a heart attack or air embolism). Poor circulation to the extremities in cold conditions 
can cause localised hypoxia to these areas without generalised hypoxia. 


ANAEMIC HYPOXIA 


Inability of the Blood to Carry O2 in 
the Presence of Adequate Circulation 


This is generally due to inadequate amounts of circulating functional haemoglobin, usually 
from blood loss or carbon monoxide poisoning (see Chapter 23). 


HISTOTOXIC HYPOXIA 


Inability of the Cells to Use the O2 


This is caused by certain poisons including carbon monoxide (see Chapter 23). 


HYPOXIA IN BREATHHOLD DIVING 





Drowning Syndromes 


See Chapters 25 and 26. The inhalation of water into the lungs is the commonest cause of 
hypoxia in all types of recreational diving. 
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Hyperventilation 


As explained in Chapter 4, hyperventilation before a breath-hold dive reduces the urge to 
breathe during the dive and may cause the diver to lose consciousness from hypoxia while 
still underwater (see Case Histories 33.2, 33.3) and with little or no warning. Drowning 
frequently results from this. 


Hypoxia of Ascent 


The partial pressure of Op» in the lungs falls as they expand during ascent from a breath-hold 
dive. In some circumstances, this can cause loss of consciousness from hypoxia during 
ascent. Details are explained fully in Chapter 4. 


HYPOXIA IN COMPRESSED 


GAS DIVING 





Scuba 


Exhaustion of the air supply, equipment malfunction, regulator resistance or loss of the 
demand valve will leave the diver with nothing but water to breathe — inevitably resulting in 
hypoxia due to salt water aspiration or drowning. Panic and poor dive techniques are often 
precursors to these problems. 


Diving induced asthma, pneumothorax (from pulmonary barotrauma) and decompression 
sickness (chokes) can also interfere with breathing sufficient to cause hypoxia. 


Rebreathing Equipment 


This type of equipment shares the same causes of hypoxia as scuba equipment, but has some 
additional hazards. 


A hypoxic gas mixture can be breathed if the wrong gas or wrong mixture is used (i.e. a gas 
mixture containing insufficient O2). A specific example of this is when a gas mixture 
intended for use at great depth (e.g. one containing 5% Oz) is breathed near the surface. With 
rebreathing equipment using a constant flow of gas, the flow of O2 must be sufficient for the 
energy needs of the diver, and this will increase with exertion. Thus, O2 concentrations too 
low, inadequate flow rates or excessive O2 consumption may all lead to hypoxia in 
rebreathers. 


Dilutional hypoxia is a particular problem with rebreathing equipment. When the diver first 
begins to breathe from the diving set, a significant amount of nitrogen may be displaced from 
the lungs and body into the counterlung (breathing bag) of the equipment. If this is not vented 
after a few minutes breathing, the diver is likely to rebreathe almost pure nitrogen from the 
rebreathing bag. Oxygen is consumed by the diver and the carbon dioxide produced is 
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absorbed by chemicals used in the equipment. Because the counterlung will still contain gas 
(mostly nitrogen) the diver will be unaware of the danger. The O2 % may be adequate at 
depth, but not near the surface. 


CLINICAL FEATURES 





In most cases of hypoxia, the diver is unaware that there is anything wrong and therefore can 
lose consciousness without warning. 


Mild hypoxia starves the brain of O2, causing confusion, impaired judgment and clouding of 
consciousness. The diver is frequently unaware that there is a problem and may even become 
over-confident. Sometimes he may notice a loss of colour vision, but this is infrequent. An 
observer should notice a deterioration of performance. 


More profound hypoxia causes unconsciousness and in some cases, muscular jerking and 
spasms (especially of the jaw muscles) or epileptic type fits. Severe hypoxia results in rapid 
death. 


Hypoxia makes the blood blue in colour. Hypoxic blood in the body capillaries gives the skin 
a blue appearance, and is termed cyanosis. It is not easily detected under the blue water, but 
is often obvious when the diver is surfaced 


There is a form of localised cyanosis (stagnant hypoxia) associated with cold which does not 
denote generalised hypoxia. This is seen in the fingers and ears, due to (peripheral) blood 
vessel constriction causing inadequate circulation in these areas, in response to cold. It can be 
distinguished from the cyanosis of generalised hypoxia (hypoxic hypoxia) by looking at the 
colour of the tongue. The tongue is blue only in the generalised hypoxia. 


TREATMENT 


If hypoxia is due to insufficient Oz in the cells, treatment should aim to reverse this. The 
basic resuscitation principles should be applied first (see Chapter 42). 


A. Clear the airway. 
B. Establish or maintain breathing. 
C. Establish or maintain circulation. 


Give the patient the highest possible O2 concentration to breathe and use positive pressure if 
needed (see Chapter 40). 


All diving operations should be undertaken with emergency Oz equipment available, 
sufficient to last until the diver can access more formal medical facilities. A rule of thumb is 
to allow for 15 litres of O2 per minute. There should always be at least one person, who is not 
diving, cognisant of and trained in the application of the O» equipment. This is usually the 
boatman or dive master. 
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PREVENTION 





Most diving deaths are ultimately caused by the hypoxia associated with drowning, 
regardless of the initial problem. In many cases this can be avoided by the buddy system, 
which permits the diver to be rescued and employ positive buoyancy for the victim. A good 
buoyancy compensator should keep even an unconscious diver's face clear of the water. 


Avoid prolonged or deep breath-hold dives. Never hyperventilate before a breath-hold dive 
and avoid exertion as much as possible. 


With scuba, maintain equipment adequately and check it before a dive. Monitor the air 
supply continuously, using a contents gauge. 


With re-breathing equipment, check the O2 concentrations before diving, also the gas 


flows and pressures. Avoid excessive exertion and flush through with appropriate gas before 
ascending. 
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Chapter 21 


OXYGEN TOXICITY 





Oxygen (O2) is toxic when breathed at a partial pressure in excess of 0.4 ATA (40% Op at 
atmospheric pressure) for sufficient time. The greater the concentration and pressure, the 
shorter the time. The two common forms of O2 toxicity affect the lungs and the brain. 


When OQ} is breathed at partial pressures between 0.4 and 1.6 ATA it is eventually toxic to the 
lungs. At partial pressures in excess of 1.6 ATA, it is toxic to the brain as well as the lungs. 
The effects are more pronounced and more rapid as the inspired partial pressure of O2 
increases. 


MECHANISM 


The exact cause of Op» toxicity is unknown. It is generally considered that hyperbaric O2 
interferes with the activity of enzymes in the cells and that this disrupts the biochemical 
functions, particularly in the brain and lungs. 


In the lungs, damage to the cells lining the alveoli causes a general thickening and stiffening 
of the lung tissues, accumulation of fluid and difficulty with breathing. 


In the brain there is a reduction in the amount of certain nerve transmission chemicals as well 
as generalised damage to the nerve cells. If cerebral O2 toxicity is allowed to develop, 
convulsions eventually follow. 


The sensory organs are really neurological outposts. Thus vision, hearing and touch, may also 
be affected. 
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PREDICTION OF O, TOXICITY 





To calculate the inspired partial pressure of O2, multiply the percentage of inspired O> by the 
ambient pressure in atmospheres absolute and divide by 100. 


e.g. the partial pressure of O2 in room air is : 
21% x IATA + 100 = 0.21 ATA. 


The risks of O toxicity increase with increasing partial pressure. In general it is usually 
possible to breath 100% Oy (IATA) for 12-24 hours without developing significant 
pulmonary O> toxicity. This duration reduces as the Op» pressure increases. If therapeutic 
recompression is contemplated, a maximum period of only 6-12 hours breathing 100% O 2 
may be acceptable since the subsequent therapeutic recompression will generally involve the 
use of hyperbaric Oz, and this will summate with existing O» toxicity. The amount of pre- 
treatment of diving casualties with O2 will preferably be discussed with the diving physician 
responsible for the therapeutic recompression. 


Oxygen toxicity results from a combination of Oz pressure and duration of exposure. Both 
must be considered and tables are available to indicate the maximum values allowable for 
different pressures and durations, for both respiratory and cerebral O> toxicity. 








INSPIRED OXYGEN 
PARTIAL PRESSURE (ATA) 








TIME (HOURS) 


Fig. 21.1 
This graph shows the predicted pulmonary and cerebral toxicity limits of exposure to 
varying partial pressures of oxygen. It can be noted that oxygen can be tolerated for 
much longer periods at lower partial pressures. 
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“ Solder the two “flying leads” to the copper pads in the usual way. 
Hopefully the holes are big enough for the wires! 


““ Connecting an l.e.d. to a circuit board with flying leads. 


Wires can also be attached to the underside (solder-side) of circuit boards, tacking 
them onto existing solder joints by re-melting them and absorbing the tinned wire end into 
it (“reflow soldering” — see later). This is a cheap and cheerful, semi-reliable way of 
rigging wires to a circuit board, and it’s used all the time in imported consumer 
electronics. 


CAUSES OF O, TOXICITY 





For resuscitation, 100% Oz should be used for hypoxic diving casualties without any fear of 
O>» toxicity. As mentioned above, the treatment of decompression sickness and air embolism 
cases includes 100% Oz, even before consultation with the diving physician regarding any 
potential negative effects. 


Oxygen re-breathing equipment should be restricted to military, commercial and trained 
technical divers use and diving with this should not be attempted by recreational divers. O2 
diving sets have an absolute depth limit of 9 metres for resting dives and 8 metres for 
working dives in order to reduce the risk of convulsions. Rebreathing and scuba sets 
employing nitrogen/O2 (nitrox) mixtures are limited to depths which produce an inspired O2 
partial pressure of no more than 1.6 atmospheres, and often less. 


In deep diving operations, gas mixtures of helium, nitrogen and O» should have the 
composition adjusted so that the inspired partial pressure of O2 never reaches the toxic range. 


Therapeutic recompression using O2 tables often involves the compression of the diver to 
2.8 atmospheres while breathing 100% On». There is a significant risk of both pulmonary and 
cerebral O» toxicity and these tables should only be employed on the advice of diving 
medical experts. 


CLINICAL FEATURES 





Cerebral Effects 


In this case the earliest symptom may be a convulsion which can develop without any 
warning. It may sometimes be preceded by a variety of features such as facial pallor, visual 
or auditory disturbances, tunnel vision, faintness, or facial twitching — which are often not 
evident underwater. Nausea, retching and even vomiting are common with cerebral O2 
toxicity, as are anxiety and palpitations. There is considerable individual variation in 
susceptibility to cerebral O» toxicity and an individual may vary in his tolerance from day to 
day. It may be increased by anything that increases carbon dioxide levels, such as exercise, 
immersion, resistance from breathing equipment and nitrogen narcosis. 


During therapeutic recompression using O> tables, any convulsion in a diver due to cerebral 
Oy toxicity must be distinguished from a convulsion due to cerebral decompression sickness 
or air embolism. Sometimes the convulsions occur soon after the Oz supply is removed (the 
“off effect’). 
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Pulmonary Effects 


The early symptom is an irritation deep in the central part of the chest, progressing to pain 
and a burning sensation which is aggravated by inspiration and accompanied by coughing. As 
the condition develops, shortness of breath ensues and a pneumonia type illness supervenes. 
Although the early symptoms are reversible, progressive serious symptoms may cause 
permanent lung damage or even death. 





Fig 21.2 


TREATMENT 





Cerebral Effects 


Whilst undergoing therapeutic recompression, if warning signs of cerebral toxicity develop, 
the patient should be encouraged to hyperventilate and then be given air to breath until the 
symptoms abate. Modification to the O2 treatment table may then be necessary. 


If the patient convulses he should be placed on his side to protect the airway from obstruction 
or aspiration of stomach contents. He should be protected from injuring himself on nearby 
solid objects. A padded mouth piece may be gently placed between the teeth to protect the 
tongue. After the convulsion has ceased the patient may be unconscious for a short time. His 
airway should be protected and he should be managed according to the principles outlined in 
Chapter 42. See Case Report 24.2. 
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Pulmonary Effects 


These effects will usually resolve spontaneously if the supplementary O2 administration is 
ceased as soon as symptoms develop. If it is essential to continue O» therapy however, a 
reduction in the partial pressure of O2 given will slow the development of toxicity. Short 
periods of ‘air breathing' (or Heliox), 5 minutes every half hour, are often used by 
experienced doctors to delay oxygen toxicity during O> therapy. 


CONCLUSIONS 


1. Recreational divers should not use O2 enriched diving equipment. Technical divers should 
not expose themselves to O2 pressures greater than 1.6 ATA or durations that could cause 
respiratory manifestations. 


2. Resuscitation training with O»2 equipment is of great value to divers and dive boat 
operators. In diving accidents, the delayed risks of O2 toxicity are outweighed by the benefits 
of treating the hypoxic diving casualty. 


3. The use of Op» in the first-aid treatment of decompression sickness and pulmonary 
barotrauma should always be undertaken whilst bearing in mind the prospect of eventual 
pulmonary oxygen toxicity. Breathing air for 5 minutes after 25 minutes of O2 is one way of 
reducing the risk of pulmonary toxicity, but this should be discussed with the diving 
physician who will ultimately manage the case. 


4. During therapeutic recompression using Oz, the use of short air or Heliox breaks during the 
treatment reduces cerebral and pulmonary O) toxicity. 


5. There are other logistical problems with the use of oxygen, and some of these are 
discussed in Chapter 40. 
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Chapter 22 


CARBON DIOXIDE 


PROBLEMS 





Carbon dioxide (COz) is the gaseous by-product produced when the body consumes oxygen 
to fuel its metabolic processes. The body has an efficient way of disposing of CO, mainly 
through buffering systems in the blood and exhalation from the lungs. 


CARBON DIOXIDE INSUFFICIENCY 
(HYPOCAPNOEA OR HYPOCAPNIA) 





Hypocapnea refers to a blood carbon dioxide (CO2) level below normal. The CO) partial 
pressure in the blood is normally maintained within narrow limits by a biological feedback 
mechanism. Voluntary or involuntary hyperventilation (overbreathing) will overcome this 
regulatory mechanism and lower the blood CO> level. The most common cause for this is the 
rapid sighing respiration associated with hysterical and anxiety states — the feeling one 
experiences on confronting a great white shark eye to eye. 


A number of divers (fewer each year, due to natural selection) deliberately hyperventilate to 
lower their blood CO, level, before a breath-hold dive, in order to prolong the dive. They 
often succeed beyond their wildest dreams. The lethal consequences of this practice are 
explained in Chapter 4. 


With most scuba equipment there is an increased breathing resistance, and this tends to 
diminish the likelihood of hyperventilation and hypocapnoea, Increasing depth also increases 
this resistance to breathing. Some more sophisticated equipment allows for assisted or 
pressure supplemented respiration, and this will increase the likelihood of hypocapnoea. 
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Clinical Features 


A person hyperventilating from anxiety is not usually aware of an altered breathing pattern, 
although it may be evident to an observer. Hyperventilation causes increased resistance to 
breathing with scuba, and this causes more anxiety. 


Symptoms include tingling or "pins and needles" (paraesthesiae) of the fingers, dizziness and 
light headedness, an altered conscious state or confusion. Muscular twitching or spasms can 
occur in extreme cases. 


Treatment 


The simplest treatment for hypocapnea is to reduce the breathing rate and depth. This restores 
the blood CO, level and cures the symptoms. On land, doctors often advise the patient to 
breathe in and out of a brown paper bag (rebreathing), but underwater most divers are not 
prepared to replace their regulator with a soggy paper bag. 


Alternative Diagnoses 


It is important to exclude other serious conditions such as decompression sickness, air 
embolism, carbon monoxide poisoning and salt water aspiration, whenever a diver presents 
with the symptoms of hypocapnoea. These illnesses can in themselves, also cause apparent 
hyperventilation and can mimic anxiety states. 


CARBON DIOXIDE TOXICITY 


(HYPERCAPNOEA) 





CO, toxicity is due to accumulation of CO 2 through excess production or inadequate 
ventilation (breathing). 


The excess production is usually due to metabolism from increased exertion. Whereas only 
0.5 litres/minute of CO is produced at rest, this can rise to over 3 litres during maximal 
exercise. 


Inadequate ventilation can be caused by breath-holding, breath control (“skip breathing”), 
rebreathers or extension of the respiratory passages (“dead space’’) with snorkels, etc. 


The effect of depth on inspired partial pressure is important. While 3% inspired CO 2 may be 
tolerated at atmospheric pressure without significant symptoms, the same percentage at 20 
metres (3 ATA) is the equivalent of 3 x 3 or 9% at the surface — a level which will cause 
serious toxicity. 


Re-breathing exhaled CO is the most common cause of CO» toxicity in divers. Hence, CO» 
toxicity is most commonly encountered with rebreathing equipment, but it can sometimes 
occur in diving helmets, compression chambers, saturation complexes (habitats) or possibly 
even scuba. 
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Causes of CO, Toxicity 


U) Rebreathing equipment. 


Some types of military and technical diving equipment conserve gas and reduce exhaust 
bubble formation by allowing the diver to rebreathe his exhaled gas (exhaust bubbles can be 
detected by the enemy!). A canister of CO absorbent (soda lime) is included in the circuit to 
remove the CO» which the diver exhales (see Chapters 5 & 43). 


This mechanism can fail due to exhaustion of absorbent material, extended dive duration, salt 
water contamination, improper packing, excessive CO, production due to exertion, or 
improper assembly of the equipment. 


U) Diving helmet problems. 


With a standard-dress helmet or with some helmets used in deep diving, the diver can partly 
rebreathe his exhaled gas if the fresh gas flow in the helmet is insufficient to flush out 
exhaled CO». 


L} Chambers and habitats. 


CO, which is exhaled by chamber occupants must be removed by constant flushing of the 
chamber with fresh air or by the recirculation of the chamber gas through a CO) absorbent 
(scrubber). If either of these mechanisms is inadequate, the occupants can develop CO» 
toxicity by rebreathing their own exhaled CO). 


L) Scuba. 


Since rebreathing is not possible with scuba equipment, CO> toxicity is not generally a 
problem for scuba divers unless there is excessive resistance to breathing (regulator 
resistance, increased gas density at depth) or a reduced respiratory response of the diver to 
CO, (possibly due to voluntary control or “skip breathing”, adaptation, nitrogen narcosis, or 
high oxygen levels). 


Clinical Features 


These depend on the rate of onset and the actual partial pressure of the inspired COp. 


A rapid accumulation of CO2 may cause unconsciousness before any symptoms are 
experienced. 


A slower build-up causes a variety of symptoms, including : 
¢ shortness of breath, or air hunger. 
¢ flushing of the face and sweating (sweating is not easy to detect underwater). 
* repetitive activity, such as swimming, without awareness of this. 
¢ light headedness, muscular twitching, jerks, tremors or convulsions. 
¢ impaired vision. 
* unconsciousness. 
¢ a splitting or throbbing headache, usually at the front of the head. This may be 
severe and start after the CO levels have been corrected. It often lasts for hours. 
¢ death. 
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CO, toxicity may increase the likelihood of decompression sickness, oxygen toxicity, 
nitrogen narcosis and resistance to breathing (because of increased respiration). As with 
oxygen toxicity, there is sometimes an “off effect” whereby the symptoms of CO, toxicity 
are temporarily worsened when a diver suddenly resumes breathing normal gases after 
partially adapting to a high CO pressure. 


Treatment 


Any diver, diving with rebreathing equipment, who experiences symptoms of CO? toxicity 
should immediately cease exertion, inform his buddy, flush the rebreathing system with 
fresh gas, then return to the surface by a buoyant ascent and breathe air. 


Attendants of a surfaced diver suffering from CO? toxicity should isolate him from the source 
of CO  rebreathing, give 100% oxygen by mask, and administer basic life support (see 
Chapter 42) including cardiopulmonary resuscitation if appropriate. 


Other causes of headache and breathing difficulties such as pulmonary barotrauma, 
decompression sickness, carbon monoxide toxicity etc. should also be excluded (see Chapter 
32). 


The severe headache which follows COp toxicity should be treated with a simple analgesic 
such as paracetamol (acetaminophen). 
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Chapter 23 


CARBON MONOXIDE 


TOXICITY 





Carbon monoxide (CO) is a gas produced by the incomplete combustion of carbon containing 
compounds. It is a component of the smoke from engine exhausts, slow combustion stoves 
and cigarette smoke. It can also be produced in divers’ air compressors (see Chapter 24). 


CO breathed in anything more than trace amounts can be lethal. It binds avidly to the oxygen 
(Oz) binding sites of haemoglobin (Hb) in the blood, preventing the haemoglobin from 
carrying O2. CO bound to haemoglobin forms carboxyhaemoglobin (HbCO). If a sufficient 
number of the O2 binding sites are occupied by CO, death from hypoxia ensues (see Chapter 
20). 


CO also binds with components of the energy-producing biochemical pathways in the cells, 
interfering with fundamental cellular function. 


AIR INTAKE 
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CLINICAL FEATURES 





Symptoms are those of progressive hypoxia due to the reduction in the oxygen transport by 
the blood. They vary with the carboxyhaemoglobin content of the blood as shown in the 
following table: 


Concentration of CO % Carboxy- Effects 
in Breathing Gas i on a Diver 
400 parts per million (ppm) : Nil or slight 


headaches dizziness, nausea 
breathlessness with exertion 


1600 ppm 29.0% confusion, vomiting, collapse. 


3200 ppm 58.0% paralysis, or 

loss of consciousness 
4000 ppm 72.0% 
4500 ppm 87.0% 





Table 23.1 


The effects of CO are cumulative and are related to the concentration breathed and the 
duration of exposure. A concentration of 400 ppm may produce symptoms in an hour while 
1200 ppm will need only 20 minutes. As the carboxyhaemoglobin (HbCO) level falls, 
following removal of the CO contamination, the clinical state may lag due to CO bound in 
the tissue, or from enzyme or protein damage. The classical "cherry pink" colour is only seen 
in the acute and early cases, before respiratory failure develops. Despite the above table, 
HbCO levels may not correlate directly with mortality or morbidity. 


The effects of CO poisoning are greatly increased by increased pressure at depth, if the 
oxygen pressure is kept consistent. A 400 ppm contamination which would not produce 
clinical effects at atmospheric pressure will be equivalent to 4 x 400 ppm (or 1600 ppm) at 30 
metres depth (4 ATA), a concentration sufficient to cause serious toxicity. Because the 
oxygen partial pressure reduces with ascent, the symptoms of mild CO poisoning may only 
become serious during or after ascent. 


Serious brain damage is a frequent complication of significant CO toxicity due to prolonged 
hypoxia of the brain. (See Case History 24.1) 


Because the contaminated compresed air may be given to other divers who employ the same 


supplier, it is possible that they may also be affected. This may have implications not only on 
the differential diagnosis of the victim, but for prevention of other casualties. 
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TREATMENT 


The diver should be rapidly isolated from the contaminated gas and have 100% Oy 
administered by mask. The administer basic life support (see Chapter 42) including CPR 
should be applied where appropriate. 


Hyperbaric O2 (HBO) is the treatment of choice. The high partial pressure of O2, which 
occurs in a hyperbaric chamber, will dissolve enough Op» in the blood plasma to meet the 
bodies needs without participation of the haemoglobin system. Oxygen is breathed at a partial 
pressure of 2 ATA or more to sustain life while the CO slowly detaches from the 
haemoglobin and is breathed out through the lungs, allowing the haemoglobin to resume its 
normal Op» transport role. 


If hyperbaric Oz is to be of value it should be instituted as soon as possible, preferably within 
6 hours of poisoning. Delay in treatment may result in irreversible and progressive brain 
damage. 


PREVENTION 


The major danger to any diver is from carbon monoxide contamination of the compressed air 
supply. Sources of contamination include: 


LY Direct contamination by CO from gasoline engine exhausts. 

This may come either from the compressor motor itself, or from other nearby motors or gas 
exhaust outlets. The classic case occurs where the compressor air inlet hose is located 
downwind from the compressor motor exhaust. 

LJ Contamination produced by the breakdown of unsuitable lubricants. 

The incorrect use of hydrocarbon-based lubricants used to lubricate an air compressor is a 
common cause, however it may also result from overheating of the compressor. Both carbon 
and nitrogen oxides can be formed. 

LI The intake of polluted atmospheric air to fill air cylinders. 

It is important for suppliers of compressed air to regularly check the quality of the air being 
compressed, to ensure that this and other pollutants are not included in divers' air supplies. 


Adequate filtration systems are necessary on all compressors, and these should always be 
properly maintained. 
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Tidying up 


I’Il leave it to readers to decide whether they should cut off excess wire before or 
after soldering. After the soldering is complete, I prefer to tidy up the joint by snipping 
any excess wire from the joint using a pair of “end cutters” shown earlier. These expensive 
hand tools have specially angled blades that snip the joint neatly down to the top of the 
solder joint. Ordinary side cutters will do fine. 


It’s worth taking time out to inspect the work closely, looking for any missing solder 
joints, whiskers of solder or swarf shorting out any solder pads, and all such potential 
problem areas should be dealt with prior to testing the board. Faultfinding goes beyond the 
scope of this guide, but it’s true to say that almost always, any problems noticed after 
powering up the circuit are due to soldering faults or wrong components being used. 
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BREATHING GAS 


CONTAMINATION 





The supply of uncontaminated breathing gas (air) is of vital importance to the diver because 
of the magnifying effect on contamination by the partial pressure rise with increasing depth. 
For example, 5% contamination of gas at atmospheric pressure is equivalent to 20% at 30 
metres depth (4 ATA). 


Contamination usually arises either from impurities in the air taken into the compressor or 
from contaminants generated by the compressor itself. 


PREPARATION OF COMPRESSED AIR 





Atmospheric air is taken into the compressor and is compressed by one of two methods. Most 
dive shops use a piston and cylinder compressor which raises the pressure of the gas in 
several stages. A more advanced compressor uses a diaphragm pump similar in principle to 
that in a refrigerator. 


Ideally the compressed air should be treated by passing it through several purifying cartridges 
(or filters) to remove contaminants. Silica gel is used to remove water vapour, activated 
charcoal removes oil and hydrocarbons, a molecular sieve removes water droplets and 
dust particles and a catalyst converts carbon monoxide to carbon dioxide, which can be 
absorbed. Less scrupulous air suppliers have been known to substitute women's sanitary pads, 
instead of filters. 
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Schematic diagram of a compressor system with filters. 


GAS PURITY STANDARDS 





Authorities such as the US Navy, NOAA and Standards Australia specify minimum standards 
of purity for breathing gas. 


Case History 24.1 In an area subject to tidal currents an experienced diver planned to dive at slack water. 
He anchored his boat almost at low tide. The hookah compressor he used was correctly arranged with the air 
inlet upwind of the exhaust and the dive commenced. After 90 minutes at 10 metres the diver felt dizzy and lost 
consciousness but was fortunately pulled aboard by his attendant and resuscitated. 

Diagnosis — Carbon monoxide poisoning. 

Explanation — as the tide turned, so did the boat. This put the compressor air inlet downwind of the motor 
exhaust and carbon monoxide from the exhaust was breathed under pressure by the diver. 





Compressors can also generate some lethal contaminants internally. The compressor piston 
requires lubrication and this is usually achieved by the use of special oils. In some 
circumstances, such as where there is excessive wear of the compressor, high temperatures 
can be generated and this may decompose the lubricating oil into toxic products such as 
oxides of nitrogen or carbon monoxide, which are then pumped into the diver's air tank. 
Poor maintenance of the compressor can also lead to an oil and hydrocarbon mist escaping 
into the air supply. 


If the compressor is operated in an unclean environment, dust (and chemical vapours) can 
find its way into the diver's air causing abnormal wear on the moving parts of both the 
compressor and the regulator. 
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Fig. 24.2 A modern air compressor 


Water vapour must be removed from the air delivered 
from the compressor or it can condense in the scuba 
cylinder causing rust, or allow the regulator to freeze up 
during diving in cold conditions. 


Most compressors have a filtration system both on the 
inlet side to prevent the intake of dust, and on the outlet 
side to filter out oil and water vapour. Their efficiency 
depends on regular maintenance and the absence of 
over-loading. 


Occasionally contamination comes from the destruction 
of the filters and lubrication systems. Non-hydrocarbon 
based lubricants with high "flash points' are preferable. 
The problems of oil lubrication can be overcome by 
using a compressor which is lubricated with water or dry 
Teflon materials. Unfortunately the expense of these is 
beyond the reach of many air suppliers. Diaphragm 
pumps also avoid the problem of oil lubrication but are 
also very expensive. 


CLINICAL FEATURES 





Contaminated air may have an unusual taste or smell, or alternately, it may appear quite 


normal. 


As many of the divers may obtain their air supply from the same source, it is not uncommon 
for similar symptoms to be spread amongst the diving group. As only the most serious case 
may present, the other divers should be interrogated for similar but less severe symptoms. 


¢ Oxides of nitrogen cause lung damage, which is likely to cause coughing, wheezing, 
shortness of breath and/or tightness in the chest. 


¢ Carbon monoxide causes headache and unconsciousness — a detailed description can be 


found in Chapter 23. 


¢ Oil can cause nausea, vomiting, chest pain, shortness of breath, coughing and pneumonia. 


° Trichloroethylene and other aliphatic halogens can cause respiratory and 


gastrointestinal symptoms. 
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TREATMENT 


If a diver is affected by breathing contaminated air he should be separated from the source, 
managed according to the basic life support principles outlined in Chapter 42, and gas from 
his scuba cylinder should be sent for analysis to a chemical or gas testing laboratory, as 
should that from others who used the same air compressors. 


PREVENTION 





The diver should breathe from his equipment before entering the water and should not use air 
which has an unusual taste or smell. 


As the expertise of compressed air (and other breathing gases) suppliers vary, divers are well 
advised to obtain air fills only from a reputable supplier. Regular checks by local authorities 
on the quality of the air are advisable, and in many places are now mandatory. It can be tested 
by chemical detector tubes that determine the level of each specific contaminant. Drager (a 
gas and medical equipment company) supply these tubes in a Drager Gas Detection Kit. 
Many others are available. 


Following any diving accident, suspect air can be tested by commercial gas suppliers and 
State Health authorities. 


Case History 24.2 

A diving club had for many years been filling their cylinders from an air bank made up of large cylinders, the 
source of which had been lost in the mists of time. It was decided to return the bank of cylinders to a major 
industrial gas supplier for testing. The cylinders had their original paint in good condition — black cylinders with 
a white collar. The gas company tested the cylinders, found them to be sound and refilled them according to the 
colour code on the cylinders. Unfortunately, this was the standard colour code for pure oxygen and that is what 
the company filled them with, having no idea that they would be ultimately used to fill scuba tanks. 


A member of the dive club took delivery of the cylinders and reinstalled them in the bank. He did not know the 
significance of the colour coding and assumed that because he was using the cylinders to store air that the 
company would refill them accordingly. Because they were already full there was no need to fill them from the 
compressor and the bank was immediately used to fill several sets for a dive the following day. Two divers 
used tanks from this source on a dive to 20 metres. One abruptly convulsed 10 minutes into the dive and was 
fortunately rescued by his buddy before he too convulsed. 


Some clever detective work performed by the rescuing diver, and the diving physician they consulted, 
established the cause of the problem as oxygen toxicity. Swift action by the police to round up all the 
contaminated scuba tanks before they could be used, averted a major disaster. In this case, breathing from the 
cylinder at the surface before the dive would not have disclosed any detectable difference from air. 
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Chapter 25 


DROWNING SYNDROMES 





It is vital for divers to understand the management of near-drowning because it is the final outcome 
of a large number of diving accidents. 


GENERAL 


Drowning is defined as the death of an air breathing animal due to immersion in fluid. When 
patients lose consciousness due to immersion and aspiration, but subsequently recover, the 
term 'near drowning’ is used. When symptoms are not severe enough to classify as near 
drowned, another term the ‘aspiration syndrome’, is employed. There is a continuous 
progression between aspiration, near drowning and drowning cases. 


Aspiration syndromes merge with near drownings - often the intensity of the symptoms and 
the degree of consciousness depending on various circumstances, the activity of the victim and 
the administration of oxygen. 


"Near drowning" cases sometimes die hours or days later, thereby having to be re-classified as 
secondary or delayed drowning. 


Some of the apparently "drowned" victims, because of enthusiastic CPR and capable 
intensive care, surprisingly recover without serious sequelae. 


The incidence of death by drowning appears to be diminishing in the more civilised 
countries, from 7 per 100,000 in 1970s to around 2 per 100,000 now. Drowning is 
second only to motor vehicle trauma as a cause of accidental death in Australia and the 
USA, and is the major cause in some age groups (since the introduction of seat restraints 
in motor vehicles). 


There is an over-representation of young males in most drowning series and there is a 
predictable age distribution for specific types of drowning. Most swimming pool deaths 
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occur in the very young, surf deaths mostly in teenagers and young adults, ocean deaths 
of sailors and fishermen throughout the whole adult range, and bathtub drownings are in 
either babies, the infirm or homicides. 


When a fully conscious human accidentally falls in the water, he usually fights to 
survive, involving a panic reaction with violent struggling followed by automatic 
swimming movements. There may be a period of breath holding and swallowing of large 
gulps of water. Vomiting may occur, followed by gasping and aspiration of water and 
stomach contents. Blood stained froth develops in the airways and may be coughed up. 
Finally the patient convulses and then dies from cerebral hypoxia. 


Drowning was traditionally associated with a "fight for survival" response but in other 
circumstances drowning may proceed in a quiet and apparently unemotional manner. In 
these cases loss of consciousness occurs without any obvious warning, and the 
underwater swimmer/diver then aspirates and drowns quietly. Examples of quiet 
drownings include: 


1. Hyperventilation and hypoxia of ascent in breath-hold diving. This is a common 
cause of drowning in otherwise fit individuals who are good swimmers. Se Chapter 4. 


2. Hypothermia and/or cardiac arrhythmia cases. 


3. Drugs and alcohol effects. These increase the incidence of drowning by impairing 
judgment and reducing the struggle to survive. It is likely that nitrogen narcosis may 
have a similar effect in divers. 


4. Diving equipment problems may produce hypoxia. These include the dilution and 
ascent hypoxias with rebreathers and carbon monoxide toxicity, interfering with oxygen 
metabolism. They are all likely to cause loss of consciousness without excess CO? 
accumulation, dyspnoea or distress. See Chapters 6, 20 & 43. 


5. The salt water aspiration syndrome of divers. See Chapter 26. 


6. Other causes of unconsciousness in divers, leading to drowning, have been described 
in Chapter 33, e.g. cerebral arterial gas embolism, some marine animal envenomations, 
and coincidental medical illnesses such as head trauma, epilepsy, insulin-induced 
hypoglycaemia in diabetics, cerebral haemorrhage etc. 


Fresh or salt water entering the alveoli (air sacs of the lung) appears to wash out or damage the 
surfactant lining them, causing alveoli to collapse and become unavailable for gas exchange. 
Damage to the walls of the alveoli also causes the capillaries to leak blood and protein into the 
lungs. This interacts with air and water producing a foam which the victim may cough up in copious 
amounts. This is called pulmonary oedema. 


The sequence of events in a near-drowning diving incident often goes as follows: 


The degree of panic behaviour is variable, and may be reduced by such factors as personality, 
training, drug intake and nitrogen narcosis. If some air is still available from the regulator, the diver 
may persist with attempting to breathe from this (even at the cost of aspirating some water), and 
request assistance. Even if an alternative air supply is made available, hypoxia may still develop 
because of the water aspirated. Coughing and gasping may be voluntarily suppressed until the diver 
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reaches the surface. If the diver is totally deprived of his air supply for some reason, he initially 
breath-holds until the "break point" is reached and then takes an involuntary breath. 


The resulting inhalation of a bolus of water usually provokes coughing and closure of the larynx 
producing involuntary breath-holding followed by unconsciousness. It is unusual for large amounts 
of water to enter the lungs after the victim loses consciousness as the tongue and loose tissues in the 
throat tend to close the airway. Instead, there is often swallowing of sea water, which makes the 
diver susceptible to vomiting and aspiration. 


CLASSIFICATION of the Drowning Syndromes. 


There are many ways of classifying the drowning syndromes. 

The one used in this text relies on the dictionary definition of drowning as 
death due to submersion. The corollary of this is that near-drowning does not 
lead to death, but was close to it - and usually implies unconsciousness. Salt 
water aspiration is exactly what it implies and is less serious. 


Others, based on the Alice in Wonderland principle that words mean 
whatever you want them to mean, have re-defined the classification and 
allow drowning victims to survive, near-drownings to die (delayed or 
secondary drownings) and others added a series of subdivisions (drowning 
without aspiration, drowning with aspiration, near-drowning with or without 
aspiration, the drowning process, etc.). Some classify them as to the aetiology 
— fresh or salt water drownings. 


Clinicians have classified the drowning syndromes depending on their 
presentation at hospital emergency care units, and the ultimate prognosis is 
based on this essentially neurological classification, but with other factors 
being considered. Sensible and practical — for them. 


Life-guards, first aid workers and other paramedics have an analogous, 
but different, classification based on what should be done at the scene 
of the recovery of the victim. Sensible and practical — for them. 
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Fig. 


CLINICAL FEATURES 





25.1 





The commonest — ultimate 
cause of death in recreational 
scuba divers is drowning. 

For example, any loss of 
consciousness or capability 
when engaging in terrestrial 
activities is unlikely to cause 
death. It would do so more 
frequently if the victim was 
diving under water. 


When first rescued the condition of the 
near-drowned victim may vary from fully 
conscious to unconscious, with normal, 


, laboured or absent respiration. The initial 


effects are on the respiratory system, but 
later damage is due to hypoxia on the 
brain. 


If the victim is breathing, the stiff lungs 
cause laboured respiration and it is 
common for foam, often copious and blood 
stained, to be coughed up or to exude from 
the nose or mouth. Vomiting is also 
common, as is aspiration of stomach 
contents, either spontaneously or during 
resuscitation attempts. Cyanosis (bluish 
coloration of lips, tongue, ears) from 
hypoxia is frequent. The jaws may be 
clenched. 
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TREATMENT 


Rescue and recovery from the 
water is the top priority and 
time should be spent in the 
diving course in this training. 
Success is reliant on buddy 
behaviour, acquiring positive 
buoyancy during ascent and on 
the surface (including ditching 
of weights) and attracting 
attention. 


Treatment at the scene of an 
accident will often determine 
whether the victim lives or dies. 
The standard of first aid and 
resuscitation training of the 
rescuers therefore influences 
outcome. 


The temperature of the water 
and thus the degree of 
hypothermia may also be a 
factor. Poorer results are 
achieved in warm bath water 
drownings. Other factors which 
Fig. 25.2 influence outcomes include: the 
presence of chlorine and other chemicals 
and foreign bodies, the aspiration of stomach contents, the subsequent 
development of pneumonitis, respiratory infection and lung damage, 
haemolysis, renal failure and coagulopathies. These complications are for the 
intensive care physicians to cope with. 





In exceptional circumstance, near drowned victims have fully recovered after 
periods of total immersion of over 15-45 minutes (especially so in children in 
cold waters), so it is worth attempting resuscitation even in apparently 
hopeless cases. 


If the patient is unconscious the basic life support (BSL) priciples take precedence and should be 
followed (see Chapter 42). Oxygen in the highest concentration available should be given by mask 
to offset hypoxia. Masseter spasm (“jaw clenching”) is a common feature of hypoxia, and may 
obstruct artificial respiration. 


Near drowned cases are liable to deteriorate many hours after making an apparent recovery, so all 


near drowned victims should be taken to hospital and must remain there for at least 24 hours under 
observation. 
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The World Congress on Drowning, in 2002, made the following 
recommendations, which may also be applicable to divers, where the 
submersion time is unknown or is known to be less than 15 minutes. 


Whenever a non-breathing victim is found in the water, the rescuer should 
bring the victim's face out of water and extend the neck to open the airway. In 
either shallow or deep water, if two or more rescuers are present, or a single 
rescuer is equipped with a floatation device, the victim should then be 
checked check for breathing. In the absence of spontaneous breathing, rescue 
breathing should be carried out for approximately one minute. 


If breathing is restored, the victim’s airway should be kept open during 
recovery and removal to dry land or boat. Only a brief stop should be made 
to monitor breathing and restart rescue breathing if necessary. 


If breathing is not restored or there is no circulation, the rescuer should 
recover the victim to shore or boat without further attempts at rescue 
breathing. Rescuers should not check victim’s pulse or start compressions 
while in the water. Cardiac compression in the water has been shown to be 
ineffective and pulse checks are both unreliable and slow the rescue process; 
even if CPR is necessary, this may place the victim in further danger of 
aspiration of water and needlessly tire the rescuer. After successful 
resuscitation the victim should be kept under observation for 5 to 10 minutes 
in case breathing stops. Even trained lifeguards cannot always accomplish 
in-water resuscitation technique effectively, especially in deep water. 


Of course, resuscitation and then observation must be continued until 
professional medical assistance supervenes, as describer earlier. 


In the diving situation it may sometimes be possible to improve on these 
measures, and it is strongly recommended to all competent divers that they 
should take advantage of some of the excellent Rescue and Resuscitation 
courses available through the diver training organizations and/or DAN. 
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Reflow technique 


Another technique often used is “reflow” soldering. This is used to “tack” devices or 
wires together, especially if very small, sensitive or fiddly parts are involved. There might 
be no room to make a “proper” sturdy joint, or it might just not be necessary to have any 
mechanical strength in the joint, especially if tiny parts are used. 


As an example, imagine a small temperature sensor (I used a transistor) for use in a 
thermometer project. It could be quite tricky to solder flying leads onto the sensor’s 
leadouts, so a good approach is to tin both the flying leads and the sensor’s leads, and then 
simply touch them together and re-melt the solder with the iron. There’s no need to add 
any more solder, because the solder that’s already there will re-melt and the joint will be 
made. Sometimes this is called a butt joint. 


“ The leads of this sensor (transistor) have been tinned, ready for flying leads to be 
tacked onto them with a reflow method. A Helping Hands jig might help! 


PREVENTION 





It is paradoxical that drowning, which causes more than 80 times the number of deaths 
in recreational divers than either decompression sickness or contaminated air, does not 
rate more than a paragraph or two in some diving medical texts. 


A normally functioning diver, with adequate equipment in a congenial ocean 
environment, is protected from drowning as he carries his own personal life support 
system with him - his scuba. Drowning only occurs when there is; 

¢ diver fault (pathology, psychology or technique), 

¢ failure of the equipment to supply air, or 

¢ hazardous environmental influences. 


A survey was conducted of 100 recreational scuba deaths from drowning and compared 
these with near drownings, and it demonstrated that simple measures were available to 
avoid the fatal drowning cases. They were: 


1. Diver health and fitness. 

Ensure both medical and physical fitness, so that there is no increased likelihood of 
physical impairment or loss of consciousness, or difficulty in handling unexpected 
environmental stresses. 


2. Experience. 
Ensure adequate experience of the likely dive conditions (become trained and dive 
under the supervision of a more experience diver, when extending your dive profile). 


3. Equipment. 

Absence of appropriate equipment is a danger, but not as much as equipment failure 
and misuse. The latter includes the practice of overweighting the diver, and his over 
reliance upon the buoyancy compensator. 


4. Environment. 
Hazardous diving conditions should be avoided, using extreme caution with tidal 
currents, rough water, poor visibility, enclosed areas and excessive depths. 


5. Neutral buoyancy (during the dive). 
Ensure neutral buoyancy whilst diving. This implies not being overweighted and not 
being dependent on the buoyancy compensator. 


6. Air supply. 

An inadequate supply of air for unexpected demands and emergencies may convert a 
problematic situation into a fatal one. It also forces the diver to experience surface 
situations that are worrying and conducive to anxiety, fatigue and salt water aspiration. 
Equipment failure is not as common a cause of inadequate air supply as diver error - 
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failure to monitor the contents gauge and/or a reprehensible decision to breathe the tank 
down to near-reserve pressure. 


7. Buddy diving. 

Use traditional buddy diving practice - 2 divers swimming together. Solo diving, for 
the whole or part of the dive, is much more likely to result in an unsatisfactory outcome 
in the event of diving problems. It is the divers who are committed to the traditional 
buddy diving practices who are likely to survive the more serious drowning syndromes. 


8. Positive buoyancy (post incident) 

Positive buoyancy is frequently required if problems develop. 

Failure to remove the weight belt during a diving incident continues to be a major 
omission, and must reflect on training standards. In most situations, unbuckling and 
then ditching (if necessary) the weight belt is the most reliable course of action once a 
problem becomes evident. 

Buoyancy compensators cause problems in some emergency situations, and not 
infrequently will fail to provide the buoyancy required. They are of great value in many 
cases - but are not to be relied on. 


9. Buddy communication. 

If feasible, inform the buddy prior to ascent. If correct buddy diving practice is being 
observed, the buddy will automatically accompany the injured or vulnerable diver back 
to boat or shore. 


10. Rescue 
Employ the rescue, water retrievals, first aid facilities (including oxygen) and medevac 


systems which were planned before the dive. See Chapters 5 & 39. 


These factors differentiate a drowning fatality from a successful rescue. 
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Chapter 26 


SALT WATER ASPIRATION 


SYNDROME 





This condition was first described in Royal Australian Navy divers in the late 1960's. Some 
divers were repeatedly presenting for treatment with a brief condition characterised by 
shortness of breath, sometimes a pale or bluish (cyanosis) skin colour, mild fever 
accompanied by shivering, malaise, anorexia, and generalised aches and pains. Chest X-rays 
sometimes showed an appearance similar to a patchy pneumonia and blood gases consistently 
verified hypoxia. 


Close questioning of the divers revealed that nearly all the cases had aspirated a fine mist of 
seawater from a leaking or flooded demand valve. "Volunteer" experiments confirmed the 
association between aspiration of sea water and the development of the syndrome. 


CLINICAL FEATURES 





There is often a delay of half an hour or more between aspiration of the water and the major 
symptoms. The onset in mild cases is often provoked by exercise, movement or cold 
exposure. Others may develop after movement, such as arising from bed the next morning. 


The diver has some or all the following symptoms: 


* initial coughing, sometimes with expectoration, after surfacing 
¢ fever with shivering (induced by cold exposure), 

¢ malaise with anorexia, nausea or vomiting, 

¢ shortness of breath, coughing, cyanosis 

¢ headache and generalised aches and pains. 
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TREATMENT 


The condition is self limiting and resolves without treatment within 2-24 hours. Rest and the 
administration of 100% oxygen by mask for several hours until the symptoms have abated, is 
of considerable value. The oxygen not only relieves the hypoxia but produces dramatic 
resolution of the symptoms of this syndrome. 


Because of the nature of the symptoms, it is necessary to distinguish the salt water aspiration 
syndrome from other serious conditions such as decompression sickness (chokes), pulmonary 
barotrauma (burst lung), severe infection and pneumonia — which can all present with some 
or all of the features of this condition. 


PREVENTION 





The condition can be prevented by avoiding situations which will result in the aspiration of 
seawater. Buddy breathing from a single regulator can be a fruitful source of the syndrome if 
the shared demand valve is not adequately cleared of water. Others include a towed search, 
poor regulator performance, exhaustion of air supply and free ascent practice. Proper 
maintenance of the demand regulator and its exhaust valves, is important. 


Other cases develop on the surface, after divers remove the demand valve to talk — as they are 
wont to do. Similar symptoms are observed in surfers and victims rescued from the sea 
(especially by helicopters, which produce a strong down draft causing a sea water spray). 


Some divers are especially vulnerable based on hyperactive airways, with a history of hay 
fever or asthma. In respiratory laboratories, aerosol inhalations of hypertonic saline (sea 
water) are used to provoke these breathing difficulties and demonstrate susceptibility to the 
syndrome. 
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Chapter 27 


COLD & 


HYPOTHERMIA 





A diver is usually immersed in water which is 
considerably colder than the normal body 
temperature of 37:C. Unfortunately, water is 
particularly efficient at removing body heat, 
having a conduction capacity 25 times that of air 
and a specific heat (the amount of heat necessary 
to raise a given volume by a certain temperature) 
1000 times that of air. 


Without insulation, a diver will lose body heat 
much faster in water than in air at the same 
temperature. This can cause hypothermia, a 
harmful drop in body temperature to below 35°C. 


The body can reduce temperature loss by 
generating heat through metabolism, exercise and 
shivering, and by restricting blood flow to the skin. 
The rate of heat loss also depends on factors such as 
the temperature of the water, the thickness of body 
fat, presence a wetsuit or other insulation, and the 
posture of the diver. 





Fig 27.1 


Recognition of the early clinical features of hypothermia may convince a diver to leave the 
water before a serious problem arises. 
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CLINICAL FEATURES 





All divers will have experienced the early features of cold — numbness, blueness or pallor of 
the skin (especially in peripheral areas such as the fingers, toes and earlobes), clumsiness and 
shivering. 


If the body temperature falls by about 2°C, loss of co-ordination and uncontrollable shivering 
may impair the ability to swim and render the performance of finely coordinated movements 
(like manipulating equipment and assisting buddies) impossible. 


After a body temperature drop of 3-4°C, the diver may become weak, apathetic, confused and 
helpless. Drowning is a real possibility at this stage. A body temperature less than about 30°C 
results in unconsciousness. This may be confused with other causes of unconsciousness in 
divers. Often the diver appears to just lose consciousness without other obvious clinical 
manifestations. 


A victim who is unconscious from severe hypothermia may have a very slow respiratory rate, 
and a barely detectable pulse, and may appear dead to the inexperienced observer. It is 
important to not assume the worst in this situation. He may even have fixed dilated pupils and 
still be resuscitated. Do not presume that he is dead, unless he is warm and dead. 


TIME IN WATER (HOURS) 





0 5° 102 15° 20° 25°C 
WATER TEMPERATURE (°C) 
Fig. 27.2 

This graph gives an indication of approximate survival times of an uninsulated human in 
water of various temperatures. These figures are overestimates — a diver would be 
severely incapacitated well before he reached the limits of survival. It is obvious that 
survival times of less than one hour can be expected without insulation in water 
temperatures found in many countries. 
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ESTIMATED MAXIMUM SURVIVAL TIME, HOURS 





WATER TEMPERATURE, "C 





Fig. 27.3 

Graph illustrating survival 
times in varying water 
temperatures for divers 


FIRST AID TREATMENT 





If required, the basic life support (BLS) first aid 
management principles take precedence (see 
Chapter 42). Removal from further danger is 
followed by assessment and treatment. It is 
recommended that expired air resuscitation (EAR) 
and external cardiac compression (ECC) be 
performed at half the normal rate in cases of 
hypothermia because body metabolism is slowed. 
However, unless the rescuer is confident that 
hypothermia is the sole cause of the victim's 
collapse, the usual resuscitation techniques and 
rates are probably indicated. 


The diver must be handled gently. Both active and 
passive movements are to be avoided, as these 
tend to trigger serious or lethal cardiac 
arrhythmias. While the patient is hypothermic, 
ensure that he remains horizontal, as the vertical 
position can cause death. Always clear the airway, 
check for any evidence of heartbeat or respiration, 
and begin resuscitation as necessary. 


The aim of management is to keep the victim 
alive, while returning the body temperature to 
normal. The usual methods of treating the diver 
include wind-proofing, insulation and active 
warming. 


Fig. 27.4 
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If medical or hospital facilities are available, many other treatments are more effective than 
the first-aid and warm water immersion regimes, mentioned below. The immersion treatment 
is probably only indicated for those victims who have sudden or severe hypothermia. 


Wind-proofing is essential. Unless the diver is protected from the wind and the wet, he will 
continue to lose heat. Usually it is best to dry the victim and clothe him, but under some 
exposed situations it may be necessary to leave his wet suit on and cover it with other 
materials, to supply insulation. If a wet suit has to be removed, it is preferable to cut it off. 


Wet weather gear used alone, without a heat source, may help with insulation but may not be 
very effective as they do not generate heat and the victim's heat output is very slow. 
Wrapping in a blankets, plastic (garbage bag), tarpaulin or even newspaper, may also help 
with insulation by reducing air flow over clothes, wet suit or skin. A reflective survival 
blanket over clothes and normal blankets may aid in wind-proofing and insulation. 


Facilities to warm a diver are usually limited at a dive site and improvisation may be 
required. Wrapping the victim in blankets with other divers may be one way of 
transferring body heat to a mildly hypothermic diver. Warm diver buddies, especially of the 
opposite sex, may be sought by some unscrupulous divers who only pretend to be 
hypothermic. 


The engine room of larger vessels is often warm enough to be of value in the management 
of hypothermia and engine cooling water may be a source of warm water in an emergency. 
Treatment can be suspended when the patient’s body temperature reaches 37°C, or he starts to 
sweat. 


Although alcohol produces a warm inner glow, it actually worsens hypothermia by increasing 
blood flow to the skin, accelerating heat loss. It should not be given to hypothermic patients. 
Stimulating drinks such as tea and coffee should also be avoided. Warm water, glucose or 
electrolyte drinks may be given to fully conscious patients. 


Re-warming is most simply achieved by immersing the victim in a warm bath at a 
temperature of 37-38°C. A warm shower is a less efficient alternative and certainly not with 
the patient standing. A pleasantly warm bath or shower is approximately the right 
temperature. Warm packs or hot water bottles over the axilla, groin and abdomen may help — 
but avoid scalding. 


It is possible that oxygen administration may be of value, especially if warmed or if used in a 
re-breathing system. The latter will reduce heat loss by re-breathing warm humidified gas. 


Massage, alcohol or stimulant drinks (coffee), heat packs direct onto the skin and exposure to 
intense sources of heat (such as radiators), are all best avoided. 
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PREVENTION 





Alcohol and other drugs may predispose to hypothermia by dilating peripheral blood vessels 
and losing heat by conduction into the water. 


Diving in cold water is the commonest cause, but even in tropical waters loss of body 
temperature during a dive is likely if the diver is not effectively insulated. 


The most popular and convenient insulator is the wet suit (see Chapter 5). Air bubbles 
enclosed in synthetic rubber provide an insulating barrier between the diver and the water 
without the need for the suit to be waterproof — hence the term "wet suit". They are available 
in various thicknesses depending on the expected water temperature. Wet suits have the 
disadvantage of compression of the air cells at depth, which reduces their insulation and 
causes inconvenient changes in buoyancy. 


This problem is reduced in professional diving operations by the use of a "dry suit" which 
uses air as the insulating material. Other variations include electrical, chemical or hot water 
warming procedures, or even an inflatable air pocket enclosed in a wetsuit. 


When immersed and in a survival situation, heat loss in an uninsulated person can be 
minimised by floating in the H.E.L-P position, a curled-up posture ("foetal" position) with the 
knees near the chest and the arms by the side, so covering the body areas which lose heat the 
most (axilla and groin). This can obviously be done only if the diver has a flotation aid. 
Huddling together with other survivors may be of value. Restriction of movement will also 
minimise heat loss. 


To reduce heat loss, it is best not to swim more than a short distance, as although swimming 
generates some metabolic heat, this is more than offset by heat lost into the water during 
movement. 


Divers should abort dives once they start feeling cold, and should ensure adequate time on the 
surface, in a protected and warm environment, before returning to dive. Hours are needed to 
regain the deep core body temperature. Sweating is a good sign that hypothermia no longer is 
a problem. 
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| OTHER REACTIONS TO COLD 


There are a variety of other problems which can eventuate from cold exposure. These include 
the following: 


L) Reflex Responses. 


Exposure to cold can produce a number of adverse effects on the function of the heart and 
lungs. These reactions can kill a swimmer/diver on entering the water and can cause a 
problem before he develops hypothermia It can cause arrhythmias and interference with the 
coronary artery blood flow — with possible angina or myocardial infarction. It can also have 
reflex effects on the lung function, causing the diver to inhale excessively, causing aspiration 
of sea water, resistance to breathing, electrolyte changes, etc. Another problem is that a diver 
may respond to the cold stimulus with intense contraction of the blood vessels, causing a rise 
in blood pressure and a “stroke”. 


Usually these changes are not noticed by the average diver and are of more interest to the 
diving physician investigating unusual diving accidents. (See Chapter 35) 


Q) Muscular cramps 


Cold exposure increases the likelihood of muscular cramps, especially in the legs (feet, 
calves), aggravated by finning. 


L) Cold Urticaria. 


Some rare divers are particularly sensitive to the inhalation of cold air (due to the drop in 
pressure across the first and second stages of the regulator). This can cause difficulty in 
breathing as the cold air irritates the respiratory passages, producing an asthma-like 
syndrome. Cold water exposure on the skin can also produce an allergy-like effect, with a 
skin reaction similar to hives (urticaria). It can lead to generalised effects on blood vessels 
and blood pressure (shock), and it is important that the diver ceases to expose himself to cold, 
and obtains medical advice. 


L) Sinus and Ear Pain. 

Exposure to cold seems to produce a reflex pain in susceptible divers, similar to the "ice 
cream headache". The site of pain may be related to an over-sensitive area of the skin being 
stimulated by the cold. Similar symptoms may develop during skiing or surface swimming in 
cold water. 


If the external ear is affected, then ear plugs can be worn for surface swimming and 
fenestrated ear plugs for diving. Alternately a hood can be used with a small aperture over the 
ears. This will reduce the cold stimulus effect by retaining the water warmed to body 
temperature. Others instill oil or wax to reduce this effect. 
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“ The three flying leads stripped, tinned and ready to be reflow-soldered onto the 
device. 








“* To reflow solder them, simply hold the two leads together while re-melting the 
solder with the iron. 


Occasionally this disorder has been confused with barotrauma of descent, as it tends to occur 
within a few minutes of immersion, while the diver is descending. 
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Chapter 28 


INFECTIONS 





There are a variety of both exotic and mundane infections to which divers are exposed. Some are 
terrestrial and are the same as experienced by non-divers. Others are caused by specific marine 
organisms and require special methods of identification. 


ABRASIONS AND INFECTED CUTS 





Divers are frequently subjected to minor injuries including cuts and abrasions. These injuries are 
more prone to infection than those encountered in terrestrial pursuits because of the unusual bacteria 
encountered in the aquatic environment and because cuts and abrasions on divers frequently remain 
moist for long periods of time. 


Cuts and abrasions which are not due to coral or other marine life do not require aggressive cleaning 
unless they are obviously contaminated. Bleach, antiseptic or antibiotic cream or powder should be 
applied as soon as possible. When out of the water they should be kept dry and loosely covered to 
prevent further contamination. 


Coral Cuts 


Coral often causes minor cuts and abrasions in unprotected divers in tropical waters. These cuts are 
particularly prone to infection, probably because of the large numbers of marine bacteria on coral 
and the retention of coral particles and slime in the wound. 


They frequently become infected within hours. Even minor cuts or abrasions can become red, 
swollen, tender and painful. Later there may be a discharge of pus from the area. 


A severe infection may spread to the lymphatics and blood stream, with fever, chills and tender 
swollen lymph glands in the groin or armpit, depending on the site of the injury. 
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L) Treatment. 


All coral cuts should be washed with bleach or soapy water as soon as possible and the surface of the 
cut or abrasion should be thoroughly cleaned. This removes foreign material that may be the source 
of inflammation. All cuts should then have local antibiotic powder, cream or ointment applied every 
6 hours until healed. The senior (elderly) author, who has a tendency towards cowardice, relies more 
on the antibiotics than vigorous cleansing. Suitable topical antibiotics include neomycin or 
bacitracin. 


Early attention to every coral cut in this way will usually prevent serious infections. If treatment is 
delayed, or if systemic effects occur, oral broad-spectrum antibiotics may be needed. The 
development of a chronic inflammation may cause severe itching over the next few weeks, but this 
usually responds to local steroid (cortisone) ointments. 


L) Prevention. 


It is wise when diving on coral reefs to always wear protective clothing or a wet suit, gloves and 
booties. Modern lightweight "lycra suits" afford some protection and may be worn in very warm 
tropical waters. These provide no flotation or thermal insulation properties, and diving must be 
adjusted for this. 


EAR INFECTIONS 





Otitis Externa 
(Swimmer's or Tropical Ear") 


This outer ear infection is one of the most common and troublesome problems in divers. It is 
especially likely to occur in hot humid conditions (e.g. tropical climates, standard diving dress, 
compression chambers) or when water is retained within the ear after immersion, especially if with 
contaminated water. Small bony outgrowths (exostoses) are commonly found in the ears of 
swimmers and divers, and these may be large enough to cause retention of water, wax, debris and 
organisms. Local injury induced by scratching the ear canals (with a match or hair pin), or by 
clumsy attempts to remove wax (often using cotton buds) frequently precipitates the infection. 
Sometimes an underlying skin disorder is present such as eczema or dandruff. Many bacterial 
organisms have been incriminated, as well as fungi. 


L) Clinical features. 


Mild infection causes itching of the ear which encourages the diver to scratch the ear canal, further 
breaking down the protective barrier and aggravating the infection. This has prompted the good 
advice that “nothing smaller than your elbow” should be inserted into the ear canal. 


Serious infection may appear as a local boil in the ear canal, or as a diffuse inflammation with 
narrowing of the canal and an offensive smelling discharge. Pain with movement of the jaws or 
pulling on the ear is common. Occasionally a mild hearing loss or dull feeling in the ear may be 
noticed, and dizziness during diving is a possibility if one canal is completely blocked. 
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L) Treatment. 


The condition may be difficult to cure and treatment should be supervised by a doctor. Mild cases 
may only require careful cleansing of the ear canal followed by local (topical) antibiotic + steroid 
ear drops three times per day. More severe cases will need pain killing tablets such as paracetamol 
— two tablets four hourly as required, along with packing of the canal with special antibiotic + 
steroid ointments e.g. "Kenacomb otic". Oral antibiotics may be required in severe cases. Diving, 
along with further exposure to any water, should cease until the infection resolves. 


L) Prevention. 


This can be achieved by the use of olive oil drops in the ears prior to diving, or the application of a 
few drops of a solution of 5% acetic acid in 85% isopropyl alcohol in each ear after a dive to ensure 
adequate drying. Commercial solutions include "AquaEar" and "Otic Domeboro". Scratching the ear 
canal with matches, hair pins, cotton buds and the like, although tempting, should be avoided. 


Otitis Media 
(Middle ear infection") 


Middle ear infection is not very common in adult divers, but may occur after middle ear 
barotrauma or following upper respiratory tract infections (URTIs) or allergies. It may also follow 
an uneventful dive. Most infective organisms enter the middle ear cavity via the Eustachian tubes, 
which lead from the throat to the middle ear cavity, during middle ear equalisation. Occasionally a 
perforation in the ear drum will allow direct entry of contaminated water. 


L) Clinical features. 


Clinically there may be a constant and/or stabbing pain in the ear, fever, ringing noises (tinnitus) 
and often a slight hearing loss. In this case the ear will not usually be tender to touch. 


L) Treatment. 
Treatment is urgent and will include oral broad spectrum antibiotics, pain relieving tablets such as 


paracetamol and decongestants (such as pseudoephedrine). Ear drops are not advised. No diving or 
flying in aircraft should occur until resolution — usually 5-7 days. 


GENERAL INFECTIONS 





There are many diseases that can be caught while diving and swimming. Some are generalised and 
serious, and the organisms are especially adapted to water environments. Others, such as infectious 
hepatitis, poliomyelitis, typhoid, cholera, gastro-enteritis, etc., are common diseases and are found 
especially in contaminated water. Diving in contaminated water needs special clothing and 
protection as well as post-dive cleansing techniques. 
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LY Vibrio and other Aquatic Organisms 


Generalised manifestations such as fever, chills, septicaemia, shock etc. may be accompanied by 
respiratory symptoms, muscular pains, headaches, coma and death. 


LI Key West Scuba Divers Disease 


This condition is not restricted to the city where it was described, in Key West. It is due to 
contamination of regulators (especially older ones with twin hoses) by bacteria and tends to occur in 
multiple divers— such as in diving courses where regulators are shared. It can also develop from 
breathing bags. It is similar to influenza with respiratory symptoms, but usually clears after 3 days. 


LI Naegleria (Amoebic Meningitis). 


This lethal condition is encountered by divers or swimmers bathing in fresh water lakes, streams, hot 
springs, spas or hot tubs. It is caused by a microscopic amoeba which usually enters water by faecal 
contamination. It may survive in warm fresh water (not in sea water). The amoeba enters the body 
through the nose from where it burrows through the olfactory nerve to enter the brain. After an 
incubation period of about a week it causes meningitis and encephalitis, which is difficult to treat 
and is usually fatal. 


The condition is usually manifest by a progressively worsening headache, fever, vomiting, 
discomfort on looking at bright light, neck stiffness, confusion and finally, coma. Death usually 
follows after 5-7 days. 


There is very little that can be done to treat this dangerous condition apart from intensive nursing 
care in a major hospital and aggressive intravenous therapy with several antibiotics — none of which 
are very effective. 


Because the organism enters through the nose, infection can be prevented by not immersing the head 
in fresh water, which is at risk of contamination. Such waters should be avoided if possible, however 
if diving is essential in these areas (police underwater searches, mining or drainage assessments etc.) 
then only diving equipment incorporating helmets which totally enclose the head and face should be 
used, and these rinsed off thoroughly prior to undressing after the dive. Heavy chlorination will kill 
the organism as will cold temperatures and seawater, eventually. 


SINUSITIS 


Because air passes into the sinuses during descent (see Chapters 2 and 10), if the diver has an upper 
respiratory tract infection and goes diving with this, then organisms will be transferred to the 
sinuses as he equalises pressures. Because of the overwhelming infection that is then produced, it is 
common to develop symptoms within hours or days of the dive exposure. 


As a general rule, the more descents carried out, the greater the ammount of infective material which 
passes into the sinuses. Also, if there is any sign of sinus barotrauma (especially on descent) then 
there is blood and fluid in the sinus at body temperature, which makes an ideal medium for the 
growth of organisms. 
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L) Clinical features. 


With sinusitis there is not only a feeling of fullness over the area of the sinus (usually maxillary, 
frontal, ethmoid, sphenoid or mastoid), but there is pain which is likely to increase in severity. If 
there is any significant obstruction of the sinus ostium, then pressure develops within the sinus as 
infection flares. There may be severe systemic signs — similar to that of an abscess, thus the diver 
may be feverish, feel ill and may look sick. 


L) Treatment. 


This usually involves oral broad spectrum antibiotics, pain relief (paracetamol) and decongestants 
(pseudoephedrine). Sometimes a fluid level can be seen on scans or X—Ray or MRI and rarely, 
surgical drainage is necessary. 


Because infections tend to produce scarring, sinusitis must be avoided as much as possible by divers 
— otherwise the openings of the sinuses can become scarred and narrowed. This means that the diver 
is much more likely to develop sinus barotrauma in the future — thereby limiting his diving career. 


LJ Prevention. 


Avoid sinus barotrauma (see Chapter 10). The rapid and effective treatment of infections that do 
develop in the sinuses will be of some preventative value. Of more importance is the avoidance of 
diving during times in which there is any inflammatory disease of the upper respiratory tract (nose, 
throat), such as hay fever, rhinitis or upper respiratory tract infection. 


SWIMMER'S ITCH 





Swimmer's itch is a localised skin infection caused by a bird parasite (Schistosome cercaria) which 
can be encountered by persons swimming or wading in lakes or lagoons frequented by water birds. 
The parasite, which is present in the water, burrows through the skin and then dies, causing an 
inflammatory reaction under the skin. It causes 
multiple small, raised, red itchy lumps, which 
may last for a week or so. 


The lesions usually resolve without treatment. 
Occasionally, more severe reactions may 
follow in individuals who are allergic to the 
parasites and may require medical attention by 
way of oral antihistamines and even topical or 
oral steroids (cortisone). 


Fig 28.1 
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SWIMMING POOL 


GRANULOMA 





Also called Swimmer's Elbow, this infection is due to an organism (marine vibrios) entering the 
skin via an underwater abrasion from a swimming pool, ship's hull etc. Red swellings covered with 
fine scales may develop 3-4 weeks after injury over bony prominences such as the elbows or knees. 
Thick pus may be found if the swelling is incised and spontaneous resolution may take up to a year 
or more. Diagnosis may only be confirmed by microscopic examination of a piece of the ulcer or 
lesion, and culture of the organism involved. 


TINEA PEDIS — "TINEA" 


(or "ATHLETE'S FOOT") 





This is a common fungal infection which affects the feet of divers and swimmers exposed to 
repeated wet and warm conditions, such as shower rooms. It causes itchy, scaly or raw areas 
between the toes and on the feet. 


Many divers suffer from this infection, and are the source of cross-infection to others. The fungus 
can be found in many areas and makes the condition difficult to prevent because of repeated 
exposures. 


Fortunately it responds readily to modern topical anti-fungal agents such as imidazole derivatives, 
(tolnaftate or undecylenic acid). The solution or cream should be applied twice daily and continued 
for two weeks after the condition appears to be cured. Attempts should be made to keep the feet as 
dry as possible, and drying with tissues between the toes after bathing or swimming is helpful. A 
light application of an anti-tinea powder (e.g. econazole dusting powder) daily may also be 
beneficial in preventing recurrence. In severe or resistant cases, oral anti-fungal medication such as 
ketoconazole or griseofulvin may even be necessary. Towels and footwear should not be shared. 


PITYRIASIS VERSICOLOR 


(or "TINEA VERSICOLOR") 





This mild fungus infection of the skin may either cause itching or no symptoms at all. With exposure 
to the sun however, a diver will notice coin-sized spotty areas which do not tan on the chest, back 
and arms. A fine scales on the skin will be seen on close inspection. It is best treated with topical 
anti-fungal lotions or creams such as clotrimazole or econazole applied twice daily. An alternative is 
20% sodium thiosulphate (or photographer's 'Hypo' solution — but this stains clothing). 
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HIV/AIDS 


More than 25 million people have died of AIDS, and there are 35 million people living with 
HIV/AIDS. Half are under the age of 25 years. The potential duration of the disease may be 1-2 
decades, or longer. During this time, inevitably some will experiment with scuba diving. The risks to 
the diver or his companions are not known with certainty. The following is a general discussion 
based on the current information. 


The virus must gain entry to the bloodstream to produce infection and is generally unable to enter 
through intact body surfaces such as skin or mouth lining. It can gain entry through small breaks in 
tissues such as cuts, abrasions or ulcers. Tissue fluid oozing from breaks in the skin or mouth lining 
can contain viruses in infected individuals. The virus is sometimes present in blood (viraemia) and 
saliva, making transmission a possibility (albeit probably only slight) in some situations encountered 
during diving. The viraemia is also the danger period to the patient, as this is the time when the virus 
can attack the central nervous system, especially the brain 


L) Sexual. 


This is the most common mode of transmission. It can be eliminated by celibacy and reduced by 
using condoms ("safe sex" practices), avoidance of both promiscuity and anal intercourse. A wet suit 
should prove an effective barrier if worn at all times. 


L) Blood. 


Blood from infected people can transmit the virus to others. This usually follows the sharing of 
needles or transfusions of infected blood, but there have been a few reports of transmission by 
infected blood splashing onto the skin — usually skin which has been broken. In diving, infection in 
this way could theoretically follow the first-aid treatment of an injured diver after trauma, cuts or 
marine animal injury. The sharing of mouthpieces and regulators, such as during buddy breathing, 
and which have not been adequately cleaned after each individual use, could pose a potential risk of 
infection through oral abrasions. 


LJ Resuscitation. 


Expired air resuscitation often requires mouth-to-mouth or mouth-to-nose contact. There is a 
theoretical risk of transmission of the virus during resuscitation, especially if either the victim or 
rescuer has ulcers or bleeding in the mouth. The risk from saliva is probably small but it would be 
wise, if a known AIDS carrier was involved, to use a mouth-to-mask or resuscitation tube technique. 
If the rescuer is trained in its use, an O2 or air resuscitator bag would be even better. See Chapter 40. 


U) Sharing equipment. 
It is common for equipment to be shared in diving schools. Since the virus is known to be present in 
the saliva of infected people, there is a theoretical risk of transmission of the disease from the 


sharing of demand valves (including buddy breathing practice) and snorkels. The risk is probably 
slight and there have not been any cases of such transmission yet reported. 
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Until the risk is excluded it would seem wise to disinfect shared equipment between uses by soaking 
in a solution known to be lethal to the virus. Check with the manufacturer beforehand to ensure that 
the chosen solution will not damage the equipment. 


L) The HIV positive or AIDS infected diver. 


These individuals could pose a risk to their fellow divers in the situations outlined above. It would be 
considerate for them to take care to avoid situations which might bring their blood or other body 
fluids into contact with others. Breathing equipment should not be shared. 


HIV positive cases (those with the virus infection but no obvious symptoms) have recently been 
shown to have neuropsychological abnormalities not obvious to themselves, but which could be 
detrimental to the normal intellectual functioning and judgment needed for scuba diving. 


Infected divers may be exposing themselves to added risks by diving. Depression of the immune 
system makes them more susceptible to infection from coral cuts and abrasions, from exotic marine 
bacteria, and possibly to infections acquired from shared breathing equipment. It is shown by some 
researchers that hyperbaric environments and hyperbaric oxygen (as occurs with diving and diving 
treatment respectively) may reduce the integrity of the blood brain barrier and allow the extension of 
the virus into the brain, causing the dreaded neurological AIDS. The influence of some of the other 
physiological effects of increased pressure on AIDS infected divers is unknown. 


L) Prevention. 


Both divers and non-divers should avoid contamination of the skin by other people's blood where 
possible, and use disposable plastic or latex gloves whenever possible. If it is unavoidable, wash the 
blood off as soon as practicable with soap or antiseptic solutions. 


If medical attention is sought in underdeveloped countries, try to ensure that only single-dose vials, 
new or disposable syringes (i.e. totally unused) and needles are used, and that re-used instruments 
have been properly sterilised. Transfusions of blood and blood plasma in some of these countries 
carries a significant risk of HIV/AIDS or hepatitis infection. Artificial blood expanding solutions 
such as polygeline ("Haemaccel") should be used whenever available in such countries. 


HEPATITIS 


This is a highly contagious viral condition which infects and damages the liver. There are three or 
more variants of the virus but hepatitis-B probably poses the greatest potential threat to divers. 


Hepatitis-B virus can cause a fatal infection in up to 10% of cases and fatal liver cancer or cirrhosis 
may develop after many years in apparent survivors. It is usually transmitted by infected blood. 


There is potentially a small risk of infection in divers by sharing breathing equipment (as mentioned 
previously for HIV/AIDS), but the greatest risk comes from contamination of the skin by the blood 
of an infected person. In this regard it is similar to, but far more infectious than, HIV/AIDS. The 
virus is also far more "hardy" and can remain infectious for some time. Old dried blood in syringe 
needles found lying about can still infect anyone 'pricked' several weeks after being used by a carrier 
or actively infected person. 


Prevention is along similar lines to HIV/AIDS. 
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INFECTIONS IN HYPERBARIC 


ENVIRONMENTS 





Underwater habitats and compression chambers are humid areas which have a high concentration of 
oxygen. 


This favours the growth of certain types of organisms, both in the chamber and on the skin of 
inhabitants. Outer ear infections (otitis externa), described earlier, are particularly common in 
underwater habitats and pressure chambers because of these environmental conditions, and divers 
occupying these environments are frequently given prophylactic ear drops to prevent these 
infections. 


Should severe infections occur, treatment may prove difficult within such environments. These 
infections include sinusitis, bronchitis, pneumonias and skin infections. An acute attack of 
appendicitis occurring in a diver whilst decompressing from a saturation dive may even require 
surgery within the pressure chamber. The administration of general anaesthesia, along with the 
sterility necessary for such surgery, render this normally simple procedure much more difficult. 
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“ Remove the iron and let the solder cool. The wire is tacked on. 











““ Repeat for the other leads. They just need insulating with sleeving, then job done! 


Depicted next is a typical “tag strip”, an insulated panel with metal solder tags used 
for making sundry connections. (Entire TVs and radios used to be hand-built with them, in 
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DANGEROUS MARINE 


ANIMALS 





There are many marine animals which are dangerous to eat, to be eaten by, or to touch. The 
diver who is content to observe or photograph the creatures of this undersea environment will 
rarely have his safety threatened by them. Of necessity, this chapter is an oversimplification, 
with many significant omissions. The photographs are copied from Dangerous Marine 
Creatures, by Carl Edmonds. 


SHARKS 





Although encounters with sharks are commonplace in diving, shark attacks on skin and scuba 
divers are not common. Many of the attacks recorded have been associated with spearfishing 
or shell harvesting, situations in which vibrations and chemicals given off by the wounded 
marine animal are likely to attract sharks. 


In a large proportion of attacks on divers the victim was unaware of the presence of the shark 
until he was actually bitten. Several behaviour patterns preceding shark attacks have been 
documented. In some cases the shark circles the victim and occasionally bumps him 
(presumably to gain some sensory information about the nature of this unfamiliar but 
potential food source), before attacking. 


In many tropical species, sharks may exhibit a threat display (agonistic), apparently in 


response to a territorial invasion by the diver. This is characterised by the shark swimming 
with an irregular jerking motion, accompanied by an arched back, head up and pectoral fins 


Chapter 29 — 1 


pointed downwards. This type of behaviour is the signal for the diver who wishes to 
experience old age, to depart the area. 


The Great White shark has a "bit and spit" technique in which a single sudden powerful 
attack is made, with the shark then retreating until the victim (seal, dolphin, diver) 
haemorrhages in the water and loses consciousness. The shark can then feed without fear of 
damage from a counter attack. 





Clinical Features 


The seriousness of the injury depends on the size of the shark and the ferocity of the attack. 
Sharks larger than 2 metres in length have extremely powerful jaws equipped with razor 
sharp teeth which are easily capable of severing limbs or biting large pieces out of the torso. 
In spite of this, there have been many instances of divers surviving bites from sharks in 
excess of 4 metres in length. In some of these, the divers sustained severe lacerations from the 
puncture wounds of the teeth but no further injury. A shark of this size could easily bite a 
diver in two, so it appears that in some cases the shark will maul a victim and then not 
persevere, perhaps due to distaste for wet suit material or other items of the divers 
paraphernalia. Some divers may be as distasteful to sharks as they are to non-divers. 


The blood loss from the massive lacerations accompanying shark attack is severe and 
immediate. Major blood vessels are frequently torn and generalised bleeding issues from the 
tissue laceration. Blood loss is often torrential and pulsates from severed arteries. 

The victim will display clinical features of severe blood loss — pale clammy skin, a rapid 
weak pulse, low blood pressure and rapid respiration. Fatality occurs in 25% of cases. 


Treatment 


The principles of successful management of shark attack victims were first described by 
Australian and South African authorities following their combined experiences. They are: 
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) Stop the blood loss. 


This must be done by rescuers at the site of the attack. Bleeding which is oozing or welling 
up from a wound can be stopped by applying a cloth pad (preferably but not necessarily 
clean) to the wound and pressing firmly with the hand or applying a tight bandage. Spurting 
arterial bleeders up to about 3 mm in size can also be stopped by a pressure bandage and pad. 
Larger arterial bleeders can be stopped by the application of pressure by a finger or thumb. 
Bleeding from major blood vessels (the size of a finger) can be stopped by pinching the end 
of the vessel between finger and thumb, or a tourniquet if a limb is involved. Tourniquets 
have to be released every 10—20 minutes to let blood return to normal tissues. 


It is important that pads, used to stop bleeding, have pressure applied to them to force the 
blood vessels closed. It can be disastrous when rescuers merely cover bleeding areas with a 
dressing, without any pressure application. This soaks up and conceals the blood loss, without 
stopping it. Any clean material such as toweling, clothing or handkerchiefs are satisfactory in 
the first-aid situation. 


LJ Resuscitate the victim at the site of the attack. 


If the patient is unconscious the basic life support (BSL) priciples take precedence and should 
be followed (see Chapter 42). 


Immobilisation is advised. Once the victim is in a place of safety, (boat or shore) it is vital 
that he not be moved further. Bundling a victim into the back of vehicle for a bumpy ride to 
hospital has resulted in death of the victim on many occasions. 


The victim should be kept lying horizontal at the rescue site and resuscitation equipment and 
personnel brought to him. 


Resuscitation involves replacing the patient's blood loss by the intravenous infusion of 
blood or blood substitutes such as plasma, saline or other intravenous fluids. It is not safe to 
move the victim until a satisfactory circulating volume has been established. Evidence for this 
is a relatively normal pulse (rate less than 100) and blood pressure. 


This management principle is sometimes difficult to accept by rescuers who understandably 
wish to dispatch the victim to hospital (anywhere!) as soon as possible. However, once the 
victim reaches there, exactly the same management as should have taken place at the shark 
attack site will be needed. i.e. arrest of the blood loss accompanied by the administration of 
intravenous fluids. 


Major hospitals in shark attack prone areas have a shark attack protocol along the lines 
mentioned above. Equipment may be available for immediate transportation to a shark attack 
site. Shark attack is so rare, however, that practice at implementing this protocol is sometimes 
neglected. 


In spite of the severity of the injuries, it is common for the patient not to experience 
significant pain for some time after the attack. This phenomenon is frequently seen in other 
forms of severe injury such as motor vehicle and war injuries. If the patient is suffering 
significant pain or shock, the rescuing medical team will administer morphine in an 
appropriate dose. 


Nothing should be given by mouth to the victim, as an anaesthetic may be required. 
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Prevention 


Since vibrations and chemicals given off by speared fish and other forms of marine life 
commonly attract sharks, the avoidance of fishing should lessen the risk to the diver. The 
carrying of speared fish or shell fish near the diver's body underwater invites a close 
inspection by an interested shark. 


The well publicised practice of diving with a buddy should, on statistical grounds alone, 
reduce the likelihood of a shark attack on oneself by at least 50%. 


Case Report 29.1 A young swimmer was attacked by a shark which amputated his leg above the knee. He was 
pulled from the water by his companions and the bleeding stump was wrapped in a blanket. He was noted to be 
pale and clammy with a weak thready pulse and was semi-conscious. He was placed in the back of a car and 
rushed to the nearest hospital which was over 20 kilometers away. 


A subsequent newspaper report read: "shark attack victim died while being rushed to hospital". 
It should have read: "shark attack victim died because he was rushed to hospital". 


Swimmers are protected by swimming in enclosed or meshed areas. They should not swim 
where shark attacks have occurred, in estuaries and river mouths, or where fish or meat is 
ditched (fish markets, abattoirs etc.). It is safer to swim with groups of people and to avoid 
swimming at dusk (feeding time for sharks) or in areas of low visibility. Urine and blood are 
claimed to attract sharks and thus should not be released into surrounding water. Women who 
are menstruating, produce haemolysed blood which is not an attraction to sharks. 


Divers are given the same advice, but also to avoid deep channels and drop-offs. If diving 
with sharks, carry something to fend them off (shark billy). Avoid sites where shark feeding 
is undertaken (a stupid act). A chain mail suit gives good protection, but it very heavy and 
thus dangerous for recreational divers. Ultrasonic, electrical, chemical and bubble deterrents 
are probably not effective against dangerous animals, but are enthusiastically marketed. 


BOX JELLYFISH or SEA WASP 





This deadly stinging creature is found in the tropical waters of the Indian, Pacific and Atlantic 
oceans during certain seasons. The season for North Australia is October to March, but may 
be all year-long nearer the equator. They are rare in the temperate regions. The animal is an 
active swimmer which may be found even in very shallow water around beaches. 


Its numerous tentacles may trail for up to 3 metres behind the body, which grows to 20 cm 
——— along each side of the cube. The tentacles 
cling to the victim's skin and contain many 
thousands of microscopic stinging cells 
Sahecpasaingarasn tnt (nematocysts) which can inject venom. The 
innumerable tiny doses of venom injected 
combine to form a large injection of toxin into 
the victim. The amount of venom injected 
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Fig. 29.2 Nematocysts from jellyfish 
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The venom has its most serious effects on the heart and the respiratory system. It paralyses 
the respiratory muscles leading to death. Weakening of cardiac contraction, as well as cardiac 
rhythm disturbances, compounds the problem. The venom exerts a local effect producing 
agonising pain with skin and muscle destruction. 


Clinical Features 


The victim experiences immediate agonising pain on contact with the tentacles. With a large 
sting, sudden collapse, cessation of breathing, cyanosis, unconsciousness and death may 
follow rapidly. These effects are particularly dangerous in small children or old frail 
swimmers. 


If the victim recovers, severe pain still persists for many hours, and scarring is common in 
the stung areas due to local tissue destruction. 


Treatment 


Rescue the victim from the water and prevent drowning. This takes immediate precedence. 


If the patient is unconscious the basic life support 
(BSL) priciples take precedence and should be 
followed (see Chapter 42) while enlisting medical 
assistance. 


Apply copious amounts of ordinary household 
vinegar to the tentacles and gently remove the 
tentacles from the victim’s skin. The tentacles 
cannot sting effectively through the thick skin of 
the palm of the hand and fingers so this may be 
safer than it sounds. It is important not to rub or 
damage the tentacles as this will encourage the 
injection of further venom into the victim. 


Alcohol application is no longer advised, as there is 
some evidence that this may cause the discharge of 
further venom into the victim, as may pressure- 
bandage/immobilisation (see later). If the alcohol is 
of good quality, it may be more beneficial to the 
rescuer, once the victim has been taken safely to 
hospital. 


The cause of death in box jellyfish sting is usually 
respiratory arrest. However, this may be transient if 
the victim is kept alive by expired air resuscitation 
or other artificial ventilation during this period. 
The victim should be transported to hospital 
urgently. Most survive, especially if still alive after 
the first few minutes. 


Fig 29.3 Chironex — Box Jellyfish 
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An antivenom against the Chironex box jellyfish may neutralize some of the venom present 
in the victim's body. It has been developed by the Commonwealth Serum Laboratories (CSL 
Australia) and may be used in severe cases to prevent cardiovascular collapse, or where 
significant local scarring is threatened. It may not be as effective against other box jellyfish. 


Prevention 


The practice of covering as much exposed skin as possible by the wearing of a face mask, wet 
suit and hood, overalls or a Lycra suit, prevents the access of tentacles to the skin. This 
protection also reduces the risks of stings from other jellyfish and injuries from corals. Even 
water repellent skin preparations, such as sun-burn oils and creams, may reduce the danger. 


OTHER JELLYFISH STINGS 





Several other stinging jellyfish such as the Portuguese Man-of-War, fire coral and stinging 
hydroids can produce painful and sometimes incapacitating stings, although they are unlikely 
to be lethal. 


The same technique of general management as described for box jellyfish should be followed 
(rescue, resuscitation etc. See Chapter 42). However, different local applications seem to 
work for different species. Vinegar or alcohol may cause further nematocyst discharge in 
some jellyfish stings. Some degree of pain relief can be afforded by the application of local 
anaesthetic (e.g. lignocaine ointment) to the stung area. Other preparations which have a 
variable effect, include "Stingose", "Stop-Itch", Tannic Acid Spray, etc. Any anti-burn 
preparation, including ice packs, may give some relief. More recently, application of heat 
(about 45°C. as for fish stings — see later) has been shown to alleviate some jellyfish stings. 





Fig 29.4 Physalia (Blue Bottle, Man-of-War) Fig 29.5 Stinging Hydroid 
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IRUKANDJI SYNDROME 





This disorder was first described as a result 
of an almost unnoticeable small box jellyfish 
(Carukia barnesi) sting with big after- 
effects. It is now known to be a possible 
complication of many other jellyfish stings. 
It has been the cause of severe cardiac illness 
and has been confused with both an acute 
abdomen and cardio-pulmonary diseases, 
because of its various symptoms. 


The victim may, or may not, be aware of the 
sting. If not, there still may be a red patch 
visible where the sting occurred. After a 
latent period of between a few minutes and 
two hours, severe muscular cramps and pain 
develops (abdominal, spinal, limbs, chest). 
The diver becomes anxious, restless, 
sweating and may have gastro-intestinal and 
respiratory symptoms. There may _ be 
increased pulse rate and high blood pressure 
recorded. Cardiac damage and pulmonary 
oedema can develop. 


Because of the latent period, the relationship 
to the jellyfish sting may not be appreciated, 
leading to many other medical diagnoses, 
including decompression sickness. 


First aid treatment may involve copious 
vinegar application, as for Chironex (above) 
if identified early. Successful medical 
investigations and therapies are available, 
but deaths have been reported. 


The injury can be prevented by wearing 
protective clothing (see above). 


Fig. 29.6 Carukia barnesi. This is the most 
frequent animal incriminated in the Irukandji 
syndrome. Its bell is only a couple of centimetres (one inch) long, but the tentacles, which are 
not always easily seen, are up to a metre long. 
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VENOMOUS CONE 


SHELLS 





A small number of species of the cone shell family are capable of delivering a lethal venom. 
This is injected by a tiny dart shot from a tubular appendage which the animal can direct to 
any part of its shell. This apparatus is normally used by the animal to kill its prey (usually 
small fish), but it will use it as a weapon against a human who is careless enough to handle it. 


Expert knowledge is required to differentiate venomous from harmless cone shells, and divers 
are advised to avoid handling them at all. Reef walkers, being less valuable than divers, may 
do as they wish. 


Clinical Features 
The initial sting may or may not be painful. It can penetrate cloth and skin. They should not 


be handled or put in pockets. The toxin affects the heart, skeletal and respiratory muscles. 
Muscle spasms develop. Death is usually from respiratory arrest. 





Fig. 29.7 A collection of venomous cone shells 
Treatment 
The prompt application of a pressure bandage and immobilisation (see later) should delay 


the spread of venom from the wound, although there have been no clinical case reports to 
verify this. 
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The first aid basic life support measures (see Chapter 42) may keep the patient alive until the 
respiratory paralysis has worn off. This may involve many hours of artificial respiration. 


BLUE RINGED OCTOPUS 





This attractive little animal is found in rock crevices along the water's edge of many islands in 
the Pacific and Indian oceans, as well as in deeper water. If annoyed it will display a 
colourful array of blue or purple rings on its skin. This may arouse the curiosity of a potential 
victim, especially a child. 


Unfortunately it can inflict a small, relatively painless, bite and inject venom through a beak 
at the base of its tentacles. The bite may go unnoticed by the victim until the major effects of 
the venom develop. 


The injected venom can produce general muscular paralysis within minutes, leading to 
cessation of breathing. The victim can then remain fully conscious- but unable to 

; communicate with bystanders 
due to the paralysis. Death 
can then be due to respiratory 
failure, unless treatment is 
given. 


Fig. 29.8 Blue Ringed 
Octopus 

This dangerous little animal should 
not be handled. 





Treatment 


Artificial respiration must be continued until recovery (4 — 12 hours). This is necessary 
because of the respiratory muscle paralysis. Basic life support is needed (Chapter 42) 


A pressure bandage and immobilisation (see later) should be applied promptly to delay 
spread of the venom, and maintained until full resuscitation measures are implemented. 


Case Report 29.2. A diver found a small octopus with attractive iridescent blue rings - hiding in a shell. She 
placed it under her wet suit vest, intending to show it to her companion later. After the dive she complained of 
double vision and respiratory difficulty. When she showed the octopus to her buddy, the buddy correctly 
diagnosed the problem and kept the victim alive by mouth to mouth respiration until hospital was reached. The 
victim later pointed out that she was not encouraged by comments such as "it looks as though she is not going to 
make it " from bystanders who had not realised that she was fully conscious, in spite of being paralysed. 
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SEA SNAKE 





Sea snake bites are not uncommon in the Indo-Pacific ocean waters. In certain areas, sea 
snakes will approach divers underwater. These advances may be inspired by curiosity, as it is 
rare for sea snakes to bite divers without provocation. They will retaliate if grabbed. 


The venom of sea snakes is more potent than that of the cobra. Even when bites occur, the 
presence of short fangs at the back of the mouth deprives some sea snakes of an efficient way 
of delivering this venom into humans. Often venom is not injected, despite the biting. 


Fig. 29.9 Yellow Bellied Sea Snake (Pelamis pl 
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Clinical Features 


If envenomation occurs, symptoms may become evident within minutes to hours after the 
bite. Muscle weakness leading to paralysis, including respiratory muscle paralysis and 
asphyxia, and finally cardiac failure may follow the bite. 


Occasionally the sea snake bite itself results in severe lacerations and blood loss. 


Treatment 


The prompt pressure bandage + immobilisation technique (see later) will delay the 
symptoms until medical assistance, resuscitation facilities and antivenom can be acquired. 


The first-aid basic life support measures should be instituted where necessary (see Chapter 
42). Mouth to mouth respiration is the major requirement. The victim should be taken to 
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the early-mid 20" Century!) The principles of soldering are exactly the same, but more 
time is needed when applying the soldering iron because more metal is present, which 
needs more heat. You’ll need more solder for bigger joints like these, so larger diameter 
solder makes a quicker job of it. Consider adding more flux (see earlier) to see if it helps. 


“* Wrap wires through the terminals and arrange everything neatly, then solder as 
normal. 


& 


S 











“*“ Dont be afraid to apply more heat with larger assemblies like these: they contain 
more metal than, say, an ordinary p.c.b so allow more time for the solder to flow over 


hospital as soon as possible. Serious cases should be treated with sea snake antivenom (made 
by CSL — Australia). 


STONEFISH 





This is the most venomous fish known. It is extremely well camouflaged and may not move 
away when approached, as is implied by its name. 


It is capable of inflicting severe stings by means of 13 poisonous spines along its back. The 
spines are able to penetrate rubber soled 
_ shoes or neoprene boots. At the base of 
each spine is a venom sac which empties 
its contents into the victim's wound. 


Clinical Features 


Envenomation results in severe agonising 
pain at the site of puncture. Extreme 
swelling and local paralysis develops 
rapidly. The venom can _ lead _ to 
respiratory distress, cardiac 
disturbances and syncope (fainting) 
with a reduction in blood pressure. 
Death is uncommon except in children or 
the infirm. 





| 


Fig. 29.10 Stonefish 


Treatment 


Immersion of the stung area in hot water about 45°C (first tested by the attendant's hand, 
to ensure against scalding) often gives significant pain relief and should be employed as soon 
as possible as a first-aid measure. Elevating the wound may reduce swelling. 


The severe pain of the sting can be relieved by the injection of local anaesthetic (with no 
added vasoconstrictor agent such as adrenalin) into the puncture sites. This treatment may 
need repeating several times before the pain stops recurring as the effects of the local 
anaesthetic injection wear off. A physician may prefer to block the nerve supply to the region 
with local anaesthetic as an alternative. Cleansing of the wound and antibacterial treatment is 
required. 


The first-aid basic life support measures should be instituted where necessary (see Chapter 


42). Antivenom from the Australian CSL Laboratories is available and its use may be 
necessary in severe cases. 
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OTHER SCORPION FISH 





Other members of the scorpion fish family such as the fortescue, lionfish (or butterfly cod) 
and bullrout, produce painful stings similar to that of the stonefish, although both the local 
and generalised effects are usually not as severe. Cat fish have a similar effect. 





Fig. 29.11 Butterfly Cod Fig 29.12 Fortescue 


Pain relief can be obtained by immersing the area in hot water at about 45°C (previously 
tested by immersing an unaffected limb in the water) as for the Stonefish sting (above), while 
more sustained relief can again be obtained by injecting the punctures with local 
anaesthetic (no adrenolin). Cleansing of the wound and antibacterial treatment may be 
required, and the wound should be elevated. 


STINGRAY 


These flattened relatives of the shark have one or more long bony spines, which are intended 
for self defence, at the base of the tail. 


The animals often bury themselves in the sand where they can inadvertently be stood upon, or 


otherwise disturbed, by an unsuspecting diver. The stingray defends itself by swinging its tail 
quickly over the top of its body, driving the spine into anything which happens to be above it. 
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The spine may produce a puncture and deposit venom. Its serrated edge can cause serious or 
even lethal lacerations. Parts of the spine, marine organisms and a toxic slime may be left in 
the wound to cause infections and local inflammation. 


Clinical Features 


Fig. 29.13 Typical manner in which a 
stingray injury occurs 


Pain caused by the toxin is 
immediate and very _ severe. 
Swelling is rapid. Toxin may be 
absorbed into the body producing 
generalised symptoms of syncope 
(fainting), weakness, palpitations, 
low blood pressure and disturbances 
of cardiac rhythm. Death is rare — 
except in cases where a vital organ 
such as the heart have been pierced 
by the spine. 





Despite initial improvement, there 
can be a deterioration in the clinical 
state some days later, if there is any 
foreign material or organisms left in the wound, or if damaged tissue becomes necrotic. For 
this reason, all cases should be referred for medical assessment. 


Treatment 


The basic life support resuscitation may be needed (Chapter 42). Hot water immersion 
treatment and/or injected local anaesthetic, as described for stonefish injury, are useful. The 
wound should be cleaned to remove any foreign body or venom. An X-ray, ultrasound, CT 
or MRI may demonstrate an embedded spine, which needs to be removed surgically. Local 
antibiotic cream, and often oral antibiotics (such as doxycycline), are indicated. 


Prevention 
Shuffling the feet while wading in areas frequented by stingrays will usually allow them to 
move away. Footwear may not be adequate to protect the feet or lower legs from these 


injuries. Diving into shallow waters where these animals inhabit could be dangerous. Divers 
should swim well above the sea bed. 


OTHER MARINE ANIMALS 





Many other marine animals may cause major or minor injuries, and require different first-aid 
treatments. These, together with more detailed descriptions of the potentially lethal animals 
and those poisonous to eat, are fully discussed in the companion text "Dangerous Marine 
Creatures" by Dr. Carl Edmonds (See appendix A). 





PRESSURE BANDAGE + IMMOBILISATION 
TECHNIQUE 


This is used to delay the absorption of venom from a wound. A bandage (preferably 
stretchable) is applied over the bite and then wrapped around the limb (and extending up the 
limb) tight enough to block the drainage vessels (lymphatics). The pressure is approximately 
the same as that used to treat a sprained ankle. 


Care must be taken not to put the bandage on so tight that it causes pain and cuts off 
circulation. For this reason the technique is not applicable to painful, swollen bites or stings 
that already have circulation impairment — such as fish stings 


The limb should then be immobilised with a splint to prevent any local muscle movement 
(this spreads the venom despite the bandage). 


The pressure bandaget+timmobilisation of a limb should be continued until the victim has 
knowledgeable medical personnel and facilities available to cope with the envenomation. 
This happens as the bandage is released and the venom moves into the bloodstream. The 
doctors may well administer antivenom (if available), before removing the bandage. 


The technique is especially applicable to sea snake, blue ringed octopus and cone shell bites. 
A variant may be used if the bite is on the torso, with a pad and bandage to produce the 
pressure. 
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Chapter 30 


HEARING LOSS 





This chapter may be easier to understand if the structure and function of the ear, as outlined 
previously in Chapter 9, is reviewed. All cases of hearing loss should be assessed by a diving 
physician. 


Divers frequently complain of a sensation of hearing loss which cannot be verified when 
hearing tests (pure tone audiometry) are performed. It is likely that currently available 
hearing tests, such as speech discrimination, are not sophisticated enough to detect such 
subtle alterations in the sensation of hearing. 


The causes of demonstrable hearing loss fall into two categories: 


¢ Conductive hearing loss — where there is some impediment to the conduction of 
sound vibrations (usually in the external and middle ear) en route to the hearing organ. 


¢ Sensorineural (nerve) hearing loss — where sound vibrations reach the hearing organ 
(cochlea) in the inner ear, but the sound is not perceived due to damage of the cochlea or its 
nerve. 


CONDUCTIVE HEARING LOSS 





The likely causes of conductive hearing loss are in the external or internal ear. 


External Ear Obstruction 


Any obstruction to the outer ear such as wax accumulation, plugs or hoods, outer ear 
infections (see Chapter 28) or exostoses (see Chapter 32) can cause this. 
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Tympanic Membrane 
Damage 


This membrane can be torn by: 


¢ Excessive stretching during descent (middle ear barotrauma). See Chapter 9. 

¢ A shock wave passing down the ear canal, such as an underwater explosion or a pressure 
wave from a fin passing close to the divers ear. 

¢ An excessively forceful Valsalva manoeuvre has also been known to rupture the tympanic 
membrane from within. 


Fig. 30.1 


Case History 30.1. A diver swimming closely behind his buddy suddenly felt pain in his left ear as his buddy's 
fin swept past his ear. Dizziness followed but soon settled. He surfaced and noticed a small amount of blood 
coming from his ear. 


Diagnosis: Rupture of the ear drum caused by a pressure wave from a fin. The dizziness was due to cold water 
entering the middle ear through the ruptured ear drum. The blood was extruded by gas expanding in the middle 
ear, during ascent. 


Case History 30.2. An old professional hard hat diver who smoked cigarettes and had suffered repeated 
tympanic membrane ruptures from barotrauma was in great demand at parties because of his ability to blow 
smoke from his ears. He claimed that during the latter part of his career he no longer needed to equalise. 


Diagnosis A: Chronic perforation of the ear drums. His unusual talent was made possible by smoke passing 
from his throat to his ears through the Eustachian tubes, after he takes a drag from the cigarette and performs a 
Valsalva manoevre. His ears became self equalising later in his career because of permanent holes in his ear 
drums. Although in demand at parties, unfortunately he often misheard the directions and turned up at the wrong 
address. 


Diagnosis B: Poor hearing due to recurrent barotrauma and chronic perforation of tympanic membranes. 
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Middle Ear Disorders 


Disturbances of the middle ear impair conduction of sound vibrations from the ear drum, 
through the bony chain to the cochlea. Causes include: 


¢ Middle ear barotrauma which produces bruising and swelling of the middle ear tissues 
and bleeding into the middle ear space. Both factors dampen sound transmission (see Chapter 
9). 


¢ Middle ear infection (otitis media) which causes swelling and inflammation. This fills the 
middle ear space with pus, which impairs sound conduction (see Chapter 28). 


SENSORINEURAL HEARING LOSS 





This is often accompanied by tinnitus (ringing in the ears) and sometimes by disorientation. 
Tinnitus can sometimes be more incapacitating than hearing loss. In recent hearing loss, early 
treatment increases the likelihood of improvement in hearing. 


Noise Induced Deafness 


Repeated exposure to loud noise may produce a progressive hearing loss which usually 
affects high frequency hearing first. This loss may be noticed by hi-fi enthusiasts who will 
complain that music has lost its sparkle. It is often insidious and may not be noticed for many 
years. Occasionally, a single exposure to loud noise can cause noticeable hearing loss 
immediately. Rock concerts and discos are also incriminated. 


Noise induced hearing loss may be transient in the early stages but repeated exposure leads to 
permanent deafness, which worsens with more exposure. Industrial noise usually affects the 
ears symmetrically, but other noise such as gunfire, commonly affects only one ear (the one 
exposed to the noise or blast). 


The diving environment is often a noisy one. Recompression chambers, compressors, boat 
engines, helmets and compressed air leaks are often loud enough to present a threat to the 
hearing of those in their vicinity. Divers should take care to protect their ears when necessary 
by the use of industrial protective ear muffs or ear plugs (but not when diving). 


Fig. 30.2 
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High frequency hearing loss also renders consonants such as "S" or "CH" difficult to hear — 
hence the story of the yacht owner who was delighted when the curvaceous blonde diver with 
sensorineural deafness accepted his invitation to "crew" on his yacht. 


Barotrauma 


Inner ear barotrauma or associated round window fistula may lead to temporary or permanent 
hearing loss (see Chapter 9). 


Decompression Sickness 


Inner ear damage is an uncommon complication of decompression sickness (see Chapter 15) 
in shallow air breathing divers. It is more common in deep, helium or mixed gas divers. 


OVERVIEW OF HEARING 


LOSS 





¢ All prospective divers must have their ears examined to exclude ear problems likely to 
predispose to barotrauma. 


¢ All divers should have a baseline audiometry performed, to enable the physician to detect 
early hearing loss, to make assessment of future hearing problems much easier and to allow 
early and more knowledgeable treatment to be administered in the (not uncommon) event of 
a diver presenting with hearing loss. 


e Any case of hearing loss in a diver should be assessed as soon as possible by a diving 
physician. The doctor will take a history of the condition, examine the ears, test the hearing 
by pure tone audiometry at least, and possibly perform other specialised investigations such 
as bone conduction, speech discrimination, impedance audiometry, diving tympanogram, 
electro-nystagmograms and brain stem evoked auditory responses. 


The cause is usually fairly obvious and management of the specific conditions is covered in 
other chapters. 


¢ Divers with pre-existing hearing loss should realise that any deafness arising from 
barotrauma will be added to the loss they already have. It is also believed that people with 
hearing impairment are more susceptible to further damage than others. Divers who are 
aware of hearing loss should discuss the implications with a diving physician. 


¢ Occupational implications are raised. Those who need excellent hearing for their 
livelihood, such as musicians, cardiologists, sonar operators and airline pilots, should 
consider whether the small but real risk of hearing damage associated with diving is worth 
taking. 


¢ Hearing loss is sometimes associated with abnormalities of the body's balance 
mechanism, which might have safety implications with diving (see Chapter 31). 
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Chapter 31 


DISORIENTATION 





Accurate orientation whilst underwater is important for the diver so that he can find his way 
back to the surface. On land the diver uses a combination of vision, the feeling of gravity on 
his body, and the balance organs (vestibular system) to tell him which way is up. 


When underwater, the diver becomes virtually weightless, depriving him of the sensation of 
gravity and making him reliant on vision and his balance organs for spatial orientation. With 
poor visibility, even the visual cues are lost, leaving the diver almost totally reliant on his 
balance organs for this orientation. A sensation of disorientation requires investigation by a 
diving physician. 


The experienced diver can acquire some clues about his body position from: 
¢ the way heavy objects such as the weight belt or other metal objects hang, 
¢ the direction his bubbles are going, 


¢ the direction of a life-line or hookah hose. 


Inexperienced or panicking divers are often unable to use this subtle information. If the diver 
becomes disoriented he is likely to experience anxiety. Panic can easily ensue. 


VERTIGO — OR 


"DIZZINESS" 





This is a false sensation of spinning or moving. The diver may either have a sensation of 
himself spinning or the environment spinning about him. It happens because the balance 
organ (vestibular system) can be unreliable underwater — it was designed to work on land. 
Under certain circumstances it can supply the brain with misleading information which is 
falsely interpreted as movement. 


The sensation of vertigo is bad enough, but it is often accompanied by nausea and vomiting 


which can threaten a diver's life. These symptoms may vary from mild to very severe. 
Vomiting into, and then breathing from, a demand valve is not easy underwater. 
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Function of the Vestibular System 


The balance or vestibular system comprises two marble-sized structures located in the skull 
above and behind the middle ear space on either side of the head. Each vestibular apparatus 
has two parts. Abnormalities of either cause vertigo and disorientation. They are: 


L) A system of three interconnecting tubes (Semi-circular canals). 


These are aligned at right angles to each other and filled with fluid. They detect movement in 
all three planes. If the body rotates, the fluid in these three canals tends to lag behind, due to 
its inertia. The differential movement of the body and the fluid is detected by nerve endings — 
hair like projections into the fluid (hair cells) at the base of each canal. 


Go The semi-circular canals are located close to the ear 
canal. Cold water entering the ear canal can cool them 
slightly, causing convection currents in the fluid. The 
movement of the fluid is detected by the hair cells 
and, if this does not synchronise with stimuli from the 
other side, causes vertigo. This is termed caloric 
induced vertigo and is usually associated with the 
diver being in a near horizontal position. 


Fig. 31.1 





U) The Otolith organ. 


These other fluid-filled structures have a viscous base which contains minute calcium 
granules. Hair like projections of nerve cells penetrate this gel and detect any movement of 
the granules. Because of their weight, the granules tend to move in response to gravity and 
acceleration. The hair cells detect this and continuously inform the brain about which way is 
up and the direction of any acceleration. 


Pressure changes can cause barotrauma induced vertigo, and it is possible that this could be 
due to stimulation of the otoliths or the semicircular canals and is usually associated with the 
diver being in a more vertical position. 


e 
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everything properly. 


CAUSES OF VERTIGO 





Problems arising from the vestibular system fall into two principle categories: 


* unequal vestibular stimulation and 
* unequal vestibular response. 


Unequal Vestibular Stimulation 


If both vestibular systems are equally sensitive but are stimulated unequally, then vertigo 
may result due to the unequal responses received by the brain. 


Any condition causing more cold water to enter one external ear more than the other causes 
unequal caloric stimulation. Wax blocking one ear, an air bubble, otitis externa, exostoses, 
ear plugs or a ruptured ear drum will all have this effect. 


With middle or inner ear barotrauma (see Chapter 9) affecting one side, or decompression 
sickness (see Chapter 15) on one side, unequal vestibular stimulation may result in vertigo. 


Failure of the ears to equalise pressures to the same degree can stimulate the vestibular 
system unequally. This is not uncommon on ascent, as the pressure of the expanding gas in 
the middle ear spaces can become greater on one side than the other due to differences in 
patency of the Eustachian tubes releasing it. This is termed Alternobaric Vertigo or middle 
ear barotrauma of ascent (see Chapter 9). It is very common and is often noticed as the 
diver ascends a metre or so, from depth. He may even be aware of the sensation of one 
Eustachian tube opening before the other, or of the expansion of air in the other middle ear. 





Fig. 31.3 


Caloric stimulation producing "convection" current flows in inner ear fluids. 
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Case Report 31.1. A diver using hookah apparatus on a training dive at night lost contact with the bottom. He 
was unable to see his bubbles and had no idea which way was up, but by feeling the direction of his air hose, he 
was able to establish where the surface was. 


Diagnosis: disorientation due to the reduced sensory input (decreased vision) of night diving. 


Case Report 31.2. An inexperienced diver had difficulty equalising his middle ear during descent. He 
continued to descend in spite of this. The pain was abruptly relieved and he became aware of a hissing sound 
and cold sensation in his ear as his ear drum perforated. Seconds later he developed a severe sensation of 
spinning which was accompanied by nausea. He clung onto his shot line and was relieved when the vertigo 
gradually passed off after several minutes. 


Diagnosis: Vertigo due to one sided vestibular stimulation (caloric) from cold water entering the middle ear 
when the ear drum ruptures. As the water warmed to body temperature, the cooling effect to the vestibular 
system subsided. 


Unequal Vestibular 
Response 


The two vestibular systems are normally equally sensitive to any stimulus such as movement. 
Some people may have unequal sensitivity. This can be due to a slight imbalance (either 
overactive or underactive function) which has been present from birth or to damage to one 
side from causes such as ear barotrauma or some medical conditions. In this situation, the 
same stimuli cause a greater response from one side than the other, and is experienced by the 
person as vertigo. 


People with this problem unconsciously adapt by avoiding sudden movements of the head or 
body. They learn by experience to avoid gymnastics and roller coaster rides, but are usually 
not aware of the dangers posed to them by the extreme stimuli which are commonplace in 
diving. 


Water entering the ear canals is a potent cause of vertigo in these people. As mentioned 
above, this water can cool the fluid in the semi-circular canals setting up convection currents 
(caloric stimulation). If the vestibular systems on each side are not equally sensitive, a 
stronger response will be produced from one side. The brain will interpret this information as 
indicating movement, and the diver will experience vertigo and feel disorientated. 


During ascent or descent, equal pressure changes in the middle ear can also produce vertigo 
and disorientation in those with unequal vestibular response. 


Other Causes of Vertigo 


If the diver is deprived of normal visual cues in conditions of poor visibility or at night, it is 
possible for the resulting disorientation to culminate in vertigo, especially in inexperienced 
divers. 
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Nitrogen narcosis may aggravate vertigo. Vertigo has also been recorded as a symptom of 
other conditions not commonly encountered by recreational divers. These include oxygen 
toxicity, carbon dioxide toxicity, carbon monoxide toxicity, and high pressure 
neurological syndrome. 


PREVENTION 





A thorough diving medical examination before a prospective diver undertakes training can 
exclude some of the factors predisposing to vertigo, and is advised for all divers. 


A diver experiencing vertigo under water should avoid unnecessary movement and hold onto 
a fixed object if one is available. Fortunately, in most cases, the vertigo is short lived. If the 
vertigo fails to abate and there are no obstacles above him, ditching of weights, possibly with 
cautious inflation of a buoyancy compensator, should return the diver to the safety of the 
surface. 


Any diver who experiences vertigo under water and survives should abandon the dive, 
consult a diving physician to investigate, identify and correct the cause before diving again. 


Occasionally the diver may be very astute and be aware of the cause of the vertigo, and may 
then correct the problem e.g. with middle ear barotrauma of ascent (see Chapter 9). 


CONCLUSIONS 


While disorientation under water can be unpleasant and dangerous, vertigo can be life 
threatening because of the risk of vomiting or panic. 


Fig. 31.4 
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Chapter 32 


MISCELLANEOUS 
DIO) DI Se 


PULMONARY OEDEMA 





Scuba Divers Pulmonary Oedema is usually described as an uncommon 
disorder, often in apparently healthy individuals. In a survey of scuba divers 
about 1% described it. An individual predisposition for pulmonary oedema is 
a likely factor since a diver or swimmer with pulmonary oedema may have 
other episodes previously or subsequently. 


It presents clinically with difficulty with breathing, with fast shallow 
respirations and a sensation of crackling sounds in the chest. It may be 
associated with fatigue, cough, sometimes blood-stained, and possibly a 
bluish tinge to the lips, tongue and face (cyanosis). 


Symptoms usually resolve rapidly (some hours) after the immersion, but 
deaths have been reported. Treatment includes oxygen inhalation and 
medical assessment is required to verify the illness and exclude any 
predisposing features, such as undiagnosed heart disease. 


Whether the disease is due to the individual diver, the dive profile, 
environmental conditions or the dive equipment, is unknown. It is more 
common in older divers, possibly aggravated by the effects of immersion, 
breathing against a inspiratory resistance from the regulator, cold exposure, 
hypertension, heart disease or using certain drugs (especially beta blockers). 
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Swimmers and surfers can also develop pulmonary oedema, sometimes for 
similar reasons as scuba divers, but often it is seen in very fit young athletes, 
produced because of the extreme exertion encountered by some excessive 
training regimes. 


Other diseases that can produce pulmonary oedema and cause diagnostic 
confusion are the salt water aspiration syndrome, drowning, respiratory 
oxygen toxicity, gas contaminations, cold urticaria and asthma. Pulmonary 
decompression sickness, pulmonary barotrauma and the so-called ‘deep 
diving dyspnoea’ are diving disorders that may cause diagnostic confusion. 
Anxiety produced hyperventilation may also cause some _ diagnostic 
confusion, but this has none of the other respiratory manifestations. 


CONTACT LENSES 





Contact lenses are a convenient alternative to spectacles but can be a source 
of problems to the diver. The most common of these is loss of the expensive 
lens during removal of the face mask. The eyes should be shut while 
removing the mask underwater or on the surface. 


In certain circumstances, especially during long or deep dives or in 
compression chambers, it is possible for gas bubbles to form behind the 
contact lens (particularly with hard, non gas-permeable lenses) causing 
pressure and damage to the cornea of the eye. If this happens, the diver may 
experience discomfort in the eye, blurred vision and the appearance of halos 
around bright lights. Long term effects could include scarring of the cornea. 


Gas bubble damage can be overcome in the hard contact lens by an optician 
drilling a small hole in the centre of the lens (a fenestrated lens) which allows 
gas bubbles to escape. This has no effect on the visual performance of the 
lens. Soft contact lenses are usually not a problem because of their gas 
permeability and flexibility. 


It is now relatively easy to have corrective lens ground into or attached to the 
diver's face mask, as an alternative to contact lenses (see Chapter 5). 
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MUSCULAR CRAMPS 





Cramp is a painful spasm of a muscle group. It is common in divers and can 
cause a dangerous diversion or incapacity. The muscles most commonly 
affected are those in the sole of the foot, the calf and the thigh, but other 
muscles can also be involved. 


Unusual exertion of the muscles, due to changes in fins or equipment, makes 
cramp more likely, especially if the diver is generally unfit. Cold water is 
another predisposing factor. 


Cramp is managed by slowly stretching and maintaining tension on the 
muscle involved. Sometimes this may require the diver to actually stand and 
push down with his toes onto some firm underwater surface in order to 
Stretch the muscle. Ditching of weights underwater or inflation of the 
buoyancy vest on the surface may be helpful in an emergency, avoiding the 
need to continue swimming. 


This condition can be inconvenient or even dangerous if the diver is 
simultaneously coping with environmental problems such as white water, 
strong currents or tidal flows. 


It is best prevented by maintaining a high level of physical fitness, using 
familiar and comfortable fins and having adequate insulation from cold water. 


EAR PROBLEMS 


Wax (Cerumen) 


Ear wax (cerumen) is a protective substance which coats and waterproofs the 
external ear canal. Occasionally the ear produces excessive wax which 
accumulates and obstructs the ear canal, or contributes to water retention 
with subsequent otitis externa (see Chapter 28). It may produce curable 
hearing loss, or caloric induced vertigo if water is able to enter only one ear 
(see Chapter 31). Divers may try to remove this wax with cotton-tipped 
"buds", but unfortunately this often results in infection or the wax being 
compacted even tighter in the canal, precipitating total obstruction. 
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The excessive wax is easily removed by a diving physician using an 
instrument or syringe. This leaves the ear canal somewhat open to infection 
however (otitis externa - see Chapter 28), and therefore should not be done 
unless the wax totally occludes the canal. Ear drops are readily available 
(Cerumol, Waxsol, olive oil etc.) which help to soften wax so that the normal 
self cleaning function of the canal can proceed more easily. Diving itself aids 
in wax removal. 


Exostoses 


The inner part of the external ear canal passes through bone. People who 
swim or dive regularly, especially in cold water, sometimes develop 
outgrowths of this bone, known as exostoses, bulging into the ear canal. 
These can cause partial obstruction which may lead to the accumulation of 
wax and the retention of water causing infection or hearing loss. 


Large troublesome exostoses can be removed surgically, however this is not 
usually necessary. 


Others 


Infections (otitis externa, otitis media) are discussed in Chapter 28, hearing 
loss in Chapter 30, vertigo and disorientation in Chapter 31, barotrauma in 
Chapter 9 and decompression sickness in Chapter 15. 


HEADACHE 


Headache during or after a dive is a frequent complaint and can be caused by 
conditions ranging from trivial to life threatening. It always requires careful 
assessment. 


The most likely cause of the headache can usually be deduced from the past 
medical history, location of the pain, dive history, mode of onset and 
progression. 


Details of clinical and diagnostic features can be found in the relevant 


chapters elsewhere. Although most headaches are not serious, the more 
serious causes will be discussed first. 
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Decompression Sickness and Pulmonary Barotrauma 


Air emboli and bubble development in the brain can cause brain injury and 
swelling which often presents as headache. This may start within a short time 
after surfacing, or may be delayed for several hours. Headache followed by 
confusion or loss of consciousness is very suggestive of this dangerous 
disorder. The dive profile is helpful in diagnosing headaches of this type (see 
Chapters 11 and 15). 


Sinus Barotrauma 


This condition usually affects the various sinuses located around the eyes, or 
the maxillary sinuses in the cheek bones. Sharp pain in the affected sinus 
may be experienced during descent or ascent, or a more dull pain in the 
region of the sinus may be felt after the dive (see Chapter 10). A more serious 
and difficult-to-diagnose sinus headache can develop in the sphenoidal 
sinuses, a deep and central headache. The barotrauma headache is not 
usually long lasting. 


Pain may be referred from the sinus to the upper teeth or behind the eyes. 
After minor barotrauma, an infection (sinusitis) can develop hours or days 
after the dive, causing a headache in similar sites to those mentioned (see 
Chapter 28). 


Migraine 


This condition can be a worrisome problem in divers. It is common in the 
general population. 


Clinical features. 


These may include an "aura" before the onset of the headache, with visual 
effects ranging from flashes of light, shimmering lines, partial loss of a visual 
field to mild blurring of vision. A severe headache aggravated by bright lights, 
usually accompanied by nausea and vomiting, and sometimes numbness, 
tingling, weakness or paralysis of the limbs, most often follows the visual 
aura. 


Migraine headaches can be trivial or can be associated with vomiting, severe 
incapacity and neurological symptoms (visual disorders, numbness or 
‘tingling sensations’ in arms or legs etc.). These more severe symptoms lead 
to diagnostic confusion with air embolism and decompression sickness and 
may result in an emergency evacuation and inappropriate treatment. 


A severe migraine developing during a dive can incapacitate the diver or 
induce vomiting underwater with subsequent drowning. 
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For reasons which are not well understood, mild migraine sufferers can 
sometimes have very severe and unusual migraine attacks precipitated by 
diving. It may be that this is a response to bubbles within the cranial 
extravascular system. Migraine may also result from excessive exercise and 
carbon dioxide/oxygen pressure variations. Cold and exertion are also 
possible aggravating causes. 


For these reasons migraine sufferers are not encouraged to dive. 
Nevertheless, some have no "neurological" features and are very infrequent 
and mild. Then if they do dive, they are usually restricted to non- 
decompression dives and to less than 18 metres and long surface intervals 
(i.e. dives that do not typically produce intra-arterial bubbles or cerebral 
decompression sickness). 


Tension Headache 


Diving and training for diving can be a stressful experience which can cause 
headaches in susceptible individuals from excessive muscular tension. These 
individuals will often recognise the headache as similar to those associated 
with other stressful experiences. Most are frontal or involve the neck and 
back of the head. 


Mask Strap Tension 


Inexperienced divers often tighten their mask strap excessively in the hope 
that the alarming prospect of loss of the mask underwater, can be avoided. 
Excessive tension of this strap interferes with the blood supply to muscles 
around the skull, causing a headache similar to tension headache. The pain is 
prevented by slackening the strap. As the diver gains confidence in his ability 
to deal with a flooded or displaced face mask, the need to keep the strap 
excessively tight disappears. Some headaches are related to the design of the 
strap (ie. wide single straps verses narrow split straps.) Trial and error may 
sort out this type of problem. 


Carbon Dioxide Toxicity 


This is a frequent problem with re-breathing equipment, but is sometimes 
observed with scuba. It can develop as a consequence of a breathing 
resistance from faulty regulators, possibly from excessive depth (when the air 
is more dense) or, more likely, from a voluntary inhibition of breathing 
(slowed or shallow breathing, “skip breathing”) in an attempt by the diver to 
reduce his air consumption. This popular explanation still awaits 
experimental or clinical proof. 


The headache is often severe, throbbing and unresponsive to analgesics. It 
may last for an hour or more. See Chapter 22. 
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Other Types of Headache 


Cold water entering an ear canal can cause headache (or earache) when it 
comes into contact with the ear drum (see Chapter 27). This is easily 
prevented in swimmers with normal ear plugs. These cannot be used safely 
by divers. Special ear plugs designed for divers, with perforations, may work 
The best prevention is a neoprene hood, which allows the trapped water to 
warm to body temperature. Some masks are designed to include the ears. 


There are many other causes of headache, including neurological, 
barotraumatic, thermal, orthopaedic and vascular mechanisms, that are too 
complex to be assessed here. Any headache associated with diving deserves 
investigation, before its consequences during future diving become more 
serious than those occurring while on land. Exertional headaches cause 
particularly difficult diagnostic problems. 


Sunburn, especially in tropical areas, is a common problem for divers. It is 
caused by ultraviolet radiation from the sun. This radiation is scattered by the 
atmosphere and reflected from water so that even sheltering in shade does 
not provide complete protection. 


The clinical features of sunburn have been experienced by almost all divers 
and do not require elaboration. 


Treatment. 


This is essentially symptomatic. Further exposure to sunlight (even indirectly) 
should be avoided. A soothing or cooling lotion is often of value in relieving 
the pain, and steroid (cortisone) creams may be beneficial in severe cases. 
Blisters should not be ruptured as this invites secondary infection. 


Prevention. 

Protection can be afforded by covering the skin by clothing, by wearing a hat 
and by the use of a broad spectrum UV screening cream or lotion. Snorkel 
divers are advised to wear one of the lightweight protective Lycra suits, which 
also give protection against marine stingers and coral cuts. 


Ultraviolet screening agents are now coded by a SP number which gives an 
approximate indication of the degree of protection compared with 


Chapter 32 — 7 


unprotected skin e.g. SP 10 cream will protect the skin from burning for at 
period 10 times longer than unprotected skin. Unprotected skin can begin to 
burn in 15 minutes in strong sunlight so that a sun screen with this level of 
protection can be expected to protect for 2.5 hours if an adequate thickness 
is maintained and the screen is not washed off. SP 15+ creams are even more 
effective and are advised. 


Prolonged exposure to sunlight is associated with an increased incidence of 
skin cancer and premature skin ageing. 


SEASICKNESS 


This is a distressing and potentially hazardous problem for divers. It usually 
develops in susceptible individuals in the dive boat but can also develop 
underwater, during decompression on a shot line, in rough conditions or with 
underwater surge. On the boat, less attention is paid by the sea sick diver to 
dive planning and equipment preparation. 


The associated vomiting causes dehydration on the boat and requires 
considerable skill to cope with underwater, if the diver is to continue 
breathing through his demand valve. It does have the advantage of attracting 
all sorts of fish homing in for a free feed. 


Another potential problem relates to the sedating effect which is produced to 
some degree by most of the available anti-seasickness medications. This will 
affect judgment and aggravate nitrogen narcosis. 


Prevention. 
General measures to be taken include: 


e remain in the centre line of the boat, but not near the bow (reduce 
Spatial movements), 
e positioning in the boat so that head movement is minimised, remain 
still (lie down), 
F a keeping eyes closed or focusing on the distant horizon (avoid 
reading), 
e if in an enclosed cabin, ensure air circulation with a fan if possible. 


If mildly seasick, swimming or snorkeling around on the surface of a 
sheltered area for a short while will often settle symptoms. The diver can then 
reboard the boat to don gear and start the dive. 


Short acting anti-seasickness tablets such as cyclizine are effective if taken 1 
or 2 hours before boarding the boat. These last about 4 hours. 
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Another effective preventative measure is to take promethazine tabs (a well 
known oral antihistamine), 25 mg. at bed time the night before. It will cause 
sedation during the night but this corresponds to the normal sleep time. One 
dose at night will provide some resistance to sea sickness for the early part of 
the following day, with minimum sedation. The depth of diving should be 
limited to less than 30 metres (100 ft.), maximum, and preferably less than 
18 metres (60 ft.) if drugs are used. A cup of coffee fafaine) beforehand 
reduces seasickness and counters sedation in some. 


In all cases, medication should have been tried previously (a "dry run") to 
ensure adverse side effects are not produced. It should not be taken if alcohol 
has been consumed because of additive effects. 


Transdermal ("Scop") skin patches are not recommended for diving due to 
side effects and variable absorption, but may be effective for sailors. 


Acupuncture (via acupressure pads) and_ ginger, although currently 
fashionable, are really only of psychological value. 


TEMPORO-MANDIBULAR 


(JAW JOINT) ARTHRITIS 








Novice divers tend to be apprehensive underwater, especially about the 
reliability of their air supply. They therefore clamp their jaws tightly on the 
mouth piece, causing excessive stress on the joint between the upper and 
lower jaw. This can cause minor injury to the joint, manifested by spasm of 
the jaw muscles, pain, tenderness over the joint (in front of the ear), and 
inability to fully open the jaw. 


In recreational divers this condition is usually temporary and is reversible by 
correcting the cause. The diver is encouraged to grip the demand valve less 
tightly with the jaws. Some older demand valves are heavy and bulky, placing 
undue stress on the jaw, while other types may be positioned so that the air 
hose pulls the jaw to one side, causing uneven and excessive strain. 


In some older divers, permanent arthritic changes to the joint can occur, from 


this cause. Individually mouldable lugs on the mouthpieces of snorkels and 
regulators may help minimize these effects in some cases. 
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EXPLOSIONS - 


UNDERWATER BLAST 


This topic is included only as a warning 
for recreational divers not to use 
explosives underwater. Military divers are 
particularly at risk from these hazards, 
even in training - because of the use of 
"scare charges’ which are designed to 
discourage underwater saboteurs and are 
sometimes used in the vicinity of trainee 
divers to toughen them up. 





When an_- underwater’ explosion — is 
observed from the surface, a sudden 
explosive projection of water and foam 
into the air can be seen immediately after 
the explosion. This is the effect of the 
pressure wave emanating from the blast 
when it meets an air-water interface. 


A similar effect is produced at air-tissue 
interfaces in the body as the shock wave 
travels through the diver. This can shred 
tissues such as lungs, intestines, sinus 

Fig. 32.1 cavities and the middle ear spaces, which 
are in contact with air - all gas containing spaces within the body can be 


affected. 





Clinical features. 


The organs worst affected are the lungs and intestines. Rupture and bleeding 
of the tissues in the lungs and bowel cause: 

e chest pain 

e shortness of breath 

e vomiting or coughing up of blood 

e passage of bloody or black bowel motions. 


Damage to the ears and sinuses causes features similar to barotrauma. 
Ruptured ear drums and deafness are particularly common. 


If a diver is caught in the water where an explosion is inevitable, some 
protection can be afforded by attempting to float on his back, on the surface 
- this will remove some of the air containing tissues from contact with the 


water. 
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Chapter 33 


UNCONSCIOUSNESS 


IN DIVERS 





There are many causes of a diver losing consciousness in the water but the final outcome is 
very often the same — drowning. This chapter provides an overview of the underlying causes 
and basic treatment. 


Unconsciousness on land rarely leads to death. Underwater, it frequently does. Because of the 
hazardous nature of diving in a state of impaired consciousness, great care must be applied to 
ensuring divers are medically fit and have no increased propensity to loss of consciousness. 
Also, once consciousness is lost, the adherence to a genuine "buddy system" is of 
demonstrable value. 


When an unconscious diver is rescued and the first-aid measures necessary for all these cases 
are then instituted (see Chapter 39, 40 and 42), the remainder of the management depends on 
the cause of the unconsciousness. It is therefore important to be able to identify the likely 
causes. 


They are best classified according to the type of diving being performed, and the equipment 
used. More information can be found on each topic elsewhere in this book. 


CAUSES OF LOSS OF 


CONSCIOUSNESS 





The causes common to all types of diving are: 


Hypoxia (from a diversity of causes) 

Salt water aspiration or near drowning 

Cold 

Marine animal injuries 

Vomiting and inhalation of vomit or sea-water 
Underwater explosions 

Miscellaneous medical conditions 
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In addition to these the causes associated with scuba diving are: 


¢ Hypocapnea 

¢ Decompression sickness 

¢ Air embolism from pulmonary barotrauma 

¢ Nitrogen narcosis 

¢ Carbon monoxide toxicity 

¢ Hypoxia due to faulty equipment or gas contamination 

In addition to these, causes associated with rebreathing or mixed gas diving equipment 
(not commonly used by recreational divers) include : 


¢ Hypercapnea 
¢ Oxygen toxicity 
¢ Hypoxia due to ascent, dilution or excessive consumption. 


The more common causes of unconsciousness are as follows: 


HYPOXIA 


(SEE CHAPTER 20) 





Hypoxia of the brain associated with near-drowning is the final event in many diving 
accidents and is the most common cause of unconsciousness in divers. It may follow events 
as diverse as breath-holding in free diving, inadequate air supply, salt water aspiration, 
equipment faults or misuse, inhalation of vomit, pulmonary barotrauma, gas contamination, 
etc. It is frequently associated with panic and physical exhaustion. 


Case History 33.1 A diver breathing from a semi-closed breathing apparatus lost consciousness shortly after 
leaving the surface. He was brought back to the surface and revived with 100% oxygen. His slightly bluish face 
turned red later on when it was discovered that he had filled his cylinders with pure nitrogen. 


Diagnosis: Hypoxia due to inadequate (i.e. nil) inspired oxygen. 
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HYPOXIA DURING 


BREATHHOLD DIVING 


(SEE CHAPTER 4) 





O) Hyperventilation. 


Hyperventilation before a breath-hold dive makes hypoxia more likely because the urge to 
breathe is suppressed. This technique was used by some divers to increase the duration of 
dives. The practice is gradually dying out, along with the divers who use it. 


L) Hypoxia of ascent. 


A diver can lose consciousness from hypoxia of ascent during deep breath-hold dives. The 
partial pressure of O» in the lungs can fall dangerously low during ascent or immediately 
after surfacing. 


Case Report 33.2. A young diver was attempting to beat a local swimming pool underwater distance record. He 
was seen to hyperventilate before the dive. Midway through the second lap, he ceased to swim and sank to the 
bottom. Luckily, he was quickly pulled from the water and revived by mouth to mouth respiration. He was 
discharged some weeks later, with permanent brain damage. 


Case Report 33.3. An experienced diver taking part in a spear fishing competition was found dead on the 
bottom with a speared fish nearby. Post-mortem revealed no abnormality apart from drowning. He was known 
to practise hyperventilation, push himself to the limit and to dive deep. 


NEAR DROWNING 


(SEE CHAPTER 25) 





This is the consequence of many diving accidents. The hypoxia associated with near 
drowning can render a diver unconscious, or the diver can become unconscious first, and then 
drown. 


Chapter 33 — 3 








COLD oR HYPOTHERMIA 


(SEE CHAPTERS 3, 27 AND 35) 





Exposure to cold water can cause an progressive and excessive fall in body temperature 
which can make a diver initially confused (at a body temperature of around 34 °C) and then 
unconscious (below 30°C). A diver suddenly entering cold water can sometimes develop a 
hypertensive spike or cardiac rhythm disturbances which can produce immediate 
unconsciousness from cardiac or cerebral accidents (heart attack or stroke). 


MARINE ANIMAL 


INJURIES 


(SEE CHAPTER 29) 





Venomous animals can cause unconsciousness either from the direct effect of the venom on 
the brain, from hypoxia due to respiratory paralysis, or due to inadequate cerebral circulation 
from a lowering of blood pressure. Shock from blood loss after shark attack can also cause 
unconsciousness. 


Case History 33.4. A group of divers on their first dive on a tropical reef eagerly took to the water. They 
returned later with speared fish, coral and shells among which were several varieties of venomous cone shells 
which they had handled, and in some cases, carried under their wet suits. A member of the boat crew recognised 
the cone shells and advised the divers of their narrow escape. 


Diagnosis: potential loss of consciousness, or "accidents looking for somewhere to happen". 


DECOMPRESSION 


SICKNESS 


(SEE CHAPTERS 14—16) 





Cerebral Decompression Sickness can lead to unconsciousness. It is more likely after deep 
dives and repetitive diving. 
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Case Report 33.5. A 26 year old diver undertook a 55 metre (180 foot) dive with a bottom time of 8 minutes. 
He returned rapidly to the surface when his contents gauge indicated an almost exhausted air supply. While 
climbing into the boat, he complained of numbness down one side, and developed slurred speech. He then had a 
convulsion and lost consciousness. He died en route to a recompression chamber 600 km. away. 


Diagnosis: the probable diagnoses would include cerebral decompression sickness or air embolism (CAGE) 
from pulmonary barotrauma (burst lung). Autopsy verified the diagnosis. 


AIR EMBOLISM FROM 
PULMONARY BAROTRAUMA 


OF ASCENT 


(SEE CHAPTER 11) 





Cerebral arterial gas (air) embolism (CAGE) can arise either during or soon after ascent, from 
any depth. It can cause abrupt loss of consciousness. It is sometimes associated with 
pneumothorax, which needs special management. 


CARBON MONOXIDE 
TOXICITY 


(SEE CHAPTER 23) 





Divers breathing compressed air are vulnerable to this problem if the air source is 
contaminated, often from the exhaust of a nearby internal combustion engine. 


OXYGEN TOXICITY 


(SEE CHAPTER 21) 





Military divers using oxygen equipment, technical or professional divers breathing mixed 
gases are at risk from convulsions due to oxygen toxicity under certain circumstances. A 
convulsion can be followed by unconsciousness and confusion. 
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GENERAL MEDICAL 


CONDITIONS 





A variety of medical emergencies including hypoglycaemia (low blood sugar) in diabetics, 
heart attack, stroke, epileptic fit, drug overdose, head injury, severe infection and shock can 
cause unconsciousness. Many conditions with the potential to cause unconsciousness require 
exclusion in a diving medical examination and people with these conditions would normally 
be advised against diving. 


Case Report 33.6. A 30 year old diver using scuba at 10 metres (33 foot) became unconscious ten minutes after 
the start of the dive while swimming strenuously on the bottom. He was brought rapidly to the surface by his 
buddy. He remained unconscious on the boat and was pale and sweaty with a rapid pulse. He was breathing 
adequately and 100% Oxygen breathing on a mask produced no improvement. Those present were at a loss for a 
diagnosis until the diver's wife informed them that he was a diabetic taking insulin. He was successfully treated 
in hospital by intravenous glucose. 


Diagnosis: Hypoglycaemia (low blood sugar level) due to unexpected exertion, even though the diver took a 


reduced Insulin dosage. He was advised that diving and diabetes requiring medication was a suicidal 
combination and he agreed to take up a sport less dangerous to diabetics 
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RESCUE AND FIRST AID 


TREATMENT 


(SEE CHAPTERS 39-42) 





First ditch the diver's weights. The diver must be brought to the surface and then 
removed from the water as rapidly as possible. Emergency buoyant ascent takes 
precedence over concern for burst lung (pulmonary barotrauma) when the recreational diver 
is unconscious. These unconscious divers will usually exhale passively during ascent as the 
lung volume expands. 


After surfacing the airway must be cleared and if there is no respiration, expired air 
resuscitation commenced. Details of the rescue and resuscitation technique are explained in 
Chapters 39 and 42. After securing the essential basic life support (DRABCD - rescuing the 
diver from the dangerous underwater environment, verifying the state of unconsciousness by 
the diver’s responses, attending to the diver’s airway, breathing and circulation) the cause 
must be sought and specific treatment started. Diving medical advice should obviously be 
sought as soon as possible. 


Diagnosis of the cause is made by a logical process of elimination, taking into account the 
medical history of the diver, the equipment used, the type of diving, the dive profile, the 
events leading to the unconsciousness and the appearance of the diver. Assume the most 
serious and treatable diagnosis. 


Contact medical authorities (see Appendices A and B) with full details (see Check List 
Chapter 39) and follow their advice. Transport may be required to a medical facility or 
formal medevac may be instituted. Divers may be made worse by transport in certain 
circumstances (shark attack, decompression sickness, pulmonary barotrauma, etc.) and so this 
decision is best left to experienced diving physician’s cognisant with the prevailing 
circumstances. If aviation transport is employed, the type of aircraft and its ability to be 
pressurised, is also to be considered. 


While waiting for assistance, administer 100% On, if needed, indicated or if in any doubt 
about the diagnosis. 


Keep detailed records and ensure that these accompany the patient. Secure and retain the 
equipment for future assessment. 
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Fatigue & Breakage 


Earlier I explained how multi-stranded hookup wire is flexible, which also makes it 
vibration proof — that’s why a car’s electrics are full of multi-stranded wiring, and test 
equipment probes use ultra-flexible multi-stranded wire for the same reason. Solid-core 
wire can be bent and will stay in shape (called “plate wiring’’) but if it’s repeatedly bent or 
vibrated then it may eventually break somewhere due to fatigue. 


The same is true of wires that have been soldered or tinned. No longer is the wire 
100% multi-cored and flexible — instead it’s been turned into a single core wire at the point 
where it’s been soldered. This is potentially a weak spot and could eventually fracture due 
to fatigue, if subjected to continued vibration (e.g. in a car engine bay or in motorised 
equipment). 


In a lot of equipment problems can be avoided by adding strain reliefs of some sort, 
to stop the wire being flexed where it’s been soldered. Heatshrink tubing, or a dab of hot- 
melt glue, are ways of taking the pressure off the joint and ensuring soldered wires won’t 
snap off due to vibration. 


One of the reasons that higher-quality equipment and cars etc. use crimp terminals 
and connectors is that crimped (as opposed to soldered) connections retain all the 
flexibility of multi-core stranded wire from end to end, avoiding problems of wires 
breaking off. A ferrule is a very neat way of tidying wire ends and preventing stray 
strands of wire doing damage. Ferrules can be used to connect wires into screw terminal 
blocks etc. Simply clamp the terminal block down onto it and the screw will grip the 
ferrule. 





AAA eed 


““ Instead of soldering them, wires can be terminated with ferrules prior to fitting to 
e.g. screw terminal blocks. This makes them vibration-proof and also avoids any problem 
of stray wires poking out. 
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WHY DIVERS DIE 





INTRODUCTION 


Experience of life suggests that anything which is fun tends to be either illegal, immoral, 
fattening, or dangerous. Recreational diving partly conforms to this universal law, ranking 
below hang gliding and parachuting but above most sports as regards the risk of a fatal 
accident. 


Diving statistics from the USA, UK, Canada and Japans all show diving death rates of 15-30 
per 100,000 divers per year, with the statistical chance of a fatality being about 2-3 per 
100,000 dives. 


These figures tend to contradict the misinformation issuing from some sections of the diving 
industry (fatalities of < 4 per 100,000 divers) which would have us believe that diving is a 
very safe recreation. It is not, but then we accept risks every day. Even driving an automobile 
to a dive site carries an appreciable (but much less) risk of death - a possibility which we 
generally regard with equanimity. 


This chapter will show that many diving deaths should be preventable and that a diver ought 
to be able to minimise his chances of becoming a statistic by understanding and influencing 
the factors which are now known to be associated with diving deaths. 


STATISTICAL EVIDENCE 





The information presented here is mainly based on data gathered by valuable studies 
involving recreational diving fatalities. They have been conducted in different countries, but 
show strikingly similar results. The USA recreational diving deaths, originally compiled by 
John McAniff of the University of Rhode Island and then NUADC, are now collected and 
reported on by DAN, which recently analysed 947 open circuit scuba divers. The DAN 
survey also included technical divers, who dive deeper, longer and with gases other than 
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compressed air. The BSAC do a similar job in the UK and DAN-AP Diver Fatality Project is 
the Australian compiler. Unfortunately significant data is frequently not available and so 
relevant causal factors are often underestimated. Another Australian approach (the ANZ 
series of diving fatalities) was to select and analyse only the accidents in which sufficient 
data was available to make the analysis credible, and to determine what factors materially 
contributed to the fatality. Most of our statistics come from this source and are rounded up, 
for simplicity. 


OVERVIEW 


) Diving Fatality Data 


¢ 90% died with their weight belt on. 

¢ 86% were alone when they died. 

¢ 50% did not inflate their buoyancy vest. 

¢ 25% encountered their difficulty first on the surface, 
50% actually died on the surface. 

¢ 10% were under training when they died. 

¢ 10% were advised that they were medically unfit to dive. 

¢ 5% were cave diving. 

¢ 1% of “rescuers” became a victim. 


UL) Age. 


The recorded deaths range from children (pre-teens) to septuagenarians. Some decades ago 
the average age of the deceased was in the early 20s. Then there developed a small increase 
in the middle ages (45-60 years). This bimodal curve has now become distorted on the other 
side, and the average scuba death age is now 43 years. The reasons for this increasing age of 
death are: 
¢ The “youngsters” from the 1970-80 scuba diving boom are now older 
¢ Cardiac disease, the sudden death syndrome, affects the elderly and diving introduces 
more cardiac hazards than many other sporting activities 
¢ Diving is becoming a life-style option for the increasingly active and affluent elderly, 
with more older people taking up this sport 


L) Gender. 


In the 1990s 1 in 10 of the fatalities were women. The actual percentage of women in the 
overall diving population was about | in 3, suggesting that women are safer divers than men. 
Even now females account for only 20% of the deaths. 


UL) Diving Experience. 


In most series, 1/3 were inexperienced, 1/3 had moderate experience and 1/3 had 
considerable experience. The most dangerous dives were the first dive and the first open 
water dive. In half the cases the victim, based on witness statements and previously logged 
dives, was extending his diving experience (depth, duration, environment, equipment etc.) 
and thus did not have the experience to undertake the final dive. For this reason, any diver 
extending any of his dive parameters (depths, durations, environments, equipment) is advised 
to do this only with more experienced supervisors. 


L) Major Causes of Death identified at Autopsy. 
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According to death certificates, most divers ultimately drowned (over 80%), but a number of 
factors usually combined to incapacitate the diver before this terminal event. Drowning is 
really only the final act in a sequence of events that lead up to this. It is a reflection of the 
medium in which the accident happens, more than the accident itself. Often it obscures the 
real cause of death. Unless there are other factors, drowning should never happen to a scuba 
diver, as he carries his own personal air supply with him! Drowning develops because of 
preceding problems, such as cardiac disease, pulmonary barotrauma, the stress disorders, 
unconsciousness from any cause, salt water aspiration, trauma, equipment difficulties or 
environmental hazards, etc. These are referred to in the following sections and in other 
chapters. 


CONTRIBUTING FACTORS 





Deaths usually followed a combination of difficulties, which alone may have been 
survivable. The factors contributing to deaths are easier to understand when classified, and 
we have categorised them into the following groups: 


¢ Diving Techniques (Inadequate air supply, buoyancy, buddy system) 
¢ Human Factors (medical, physiological, psychological) 

¢ Equipment Factors (misuse, faults) 

¢ Environmental Factors. 


DIVING TECHNIQUES 





Inadequate Air Supply 


In the ANZ survey in half the deaths (56%), critical events developed when the diver was 
either running low or was out-of-air (LOA, OOA). When equipment was tested following 
death, few victims had an ample air supply remaining. The DAN survey found 41% in this 
situation. 


Most problems arose when the diver became aware of a low-on-air (LOA) situation. Some 
divers then died while trying to snorkel on the surface, attempting to conserve air (8%). 


Concern about a shortage of air presumably impairs the diver's ability to cope with a second 
problem developing during the dive, or causes the diver to surface prematurely and in a 
stressed state of mind, where he is then unable to cope with surface conditions. In many cases 
the LOA diver faced these difficulties alone, as his buddy who had more air, continued the 
dive oblivious to the deteriorating situation (see later). LOA situations should be avoidable 
by adequate dive planning, using a cylinder with ample capacity for the planned dive, and 
frequent observation of the contents gauge. 


A particularly dangerous technique was to intentionally use all the available air (breathing the 
tank dry). Then there is much less opportunity to cope with unexpected eventualities and 
greater likelihood of emergency ascent and salt water aspiration. The dive should always be 
completed with at least 50 ATA remaining. 
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A description of the methods of preventing and coping with an OOA and LOA situation is in 
Chapter 11. 





Fig. 34.1 


In some cases the diver was using a smaller cylinder than a 2000 litre (72 cu.ft) tank. A 1400 
litre (50 cu.ft) cylinder has much less endurance than a conventional cylinder, and allows 
fewer breaths once a LOA situation develops at a significant depth. Also, a diver using a 
smaller cylinder will usually run out of air sooner, encouraging separation from his group. 


Buoyancy 


In the ANZ survey, half the diving victims (52%) encountered buoyancy problems. Most 
of these were due to inadequate buoyancy, but some (8%) had excessive buoyancy. The DAN 
survey buoyancy problems were the commonest adverse event leading to death. 


The buoyancy changes peculiar to wet suits were a significant factor. The considerable 
buoyancy offered by a wet suit at the surface needs to be compensated by weights. An 
approximate formula for this is: 

¢ | kg for each 1 mm thickness, 

¢ | kg for "long john" extensions and a hood, 

¢ | kg for an aluminium tank, 

e + |—2 kg for individual body variations in buoyancy. 


Based on the above formula, 40% of divers who perished were found to be grossly 
overweighted at the surface. This factor would have been greater at depth. When weighted 
according to this formula, a diver should be neutrally buoyant at or near the surface. In this 
state, descent or ascent are equally easy. 


During descent, the wet suit becomes compressed, making the diver negatively buoyant. This 
is where the buoyancy compensator (B.C.) comes in. It is inflated just sufficiently to restore 
neutral buoyancy. This is why it is called a buoyancy compensator. 


Evidently, some divers deliberately overweighted on the surface, using this excess weight 
to descend more easily and were then using the B.C. to maintain depth and then later to return 
to the surface. This places excessive reliance on the B.C.. This dangerous practice is 
unfortunately promoted by some instructors. It has advantages from a commercial point of 
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view, as it expedites training. Groups of divers can be quickly taught to descend with 
minimum skill. The technique is less advantageous in terms of longevity of the diver. 


In another fatality survey on buddied divers who ran into LOA/OOA situations, it was of 
interest that irrespective of who became OOA first, the overweighted diver was the one who 
died — at a 6:1 ratio. See Chapter 5, dealing with weights, buoyancy compensators, etc. 


In spite of being heavily reliant on their B.C., many divers then misused them. Examples of 
this include accidental inflation or over-inflation causing rocket like ascents ("Polaris missile 
effect"), confusion between the inflation and dump valves, and inadequate or slow inflation 
due to being deep or LOA. The drag induced by the inflated B.C. (needed in many cases to 
offset the non-discarded weight belt) was a factor contributing to exhaustion in divers 
attempting to swim to safety on the surface. 


There are other unpleasant consequences of buoyancy problems. The American Academy of 
Underwater Sciences, in a symposium in 1989, reported that half the cases of 
decompression sickness were related to loss of buoyancy control. After acquiring the 
initial open-water certificate, possibly the best course to undertake would be on buoyancy 
control. 


Ditching of Weights 


This was omitted by most victims (90%). This compelled them to swim towards safety 
carrying many kilos of unnecessary weight, and made staying on the surface very difficult in 
these cases. This critical and avoidable factor should be easily remedied by restoring the 
traditional weight belt ditching drills. 


Earlier diving instructors taught that the weight belt was the last item put on, the first taken 
off. It was to be removed and held at arm's length in the event of a potential problem. The 
diver then had the option of voluntarily dropping the belt if the situation deteriorated, or 
replacing it if the problem resolved. When problems did develop, the belt was dropped 
automatically! Some current diving students now question the validity of dropping these lead 
(? dead) belts — perhaps the high cost of replacement is worth more than their lives. "Lead 
poisoning" is a frequent contribution to fatalities. 


When ditched, the belt is held at arms length to avoid falling and fouling on other equipment. 
This entanglement occurred in some of the reported fatalities. In other cases, the belt could 
not be released because it was worn under other equipment (e.g. B.C., backpack harness, 
scuba cylinder etc.), or the release buckle was inaccessible because a weight had slid over it, 
or it had rotated to the back of the body. In some cases the belt strap was too long to slide 
through the release buckle. Other fatalities have occurred where release mechanisms have 
failed, due to the use of knotted belts (which could not be untied), or lead balls contained 
within a backpack. 


In an emergency requiring either ascent or buoyancy, to keep the diver afloat on the surface, 


several kilograms of flotation are immediately available by simply discarding the weight belt. 
This action also results in a more consistent, controlled ascent than with an inflated B.C.. 


Buddy Diving System 
The value and desirability of the buddy system is universally accepted in the recreational 


diving community. Two maxims have arisen in diving folklore from this concept: 


¢ "Dive alone — die alone" 
¢ "Buddies who are not in constant and direct communication are not buddies, 
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— merely diving in the same ocean". 


In spite of this, only 14% of divers who perished still had their buddy with them, and in 
the Hawaiian series it was 19%. In 33% of the ANZ cases, the deceased diver either dived 
alone or voluntarily separated from his buddy beforehand, 25% left their buddy after a 
problem developed, and 20% became separated by the problem. Of those who started diving 
with a buddy in the DAN series, 57% were separated at the time of death. 


A common cause of separation was one diver (the subsequent casualty) having inadequate 
air, OOA or LOA. In this case, the buddy often continued the dive alone, or accompanied the 
victim to the surface, before abandoning him and continuing the dive. 


There were many misapplications of the buddy system. In some cases more than two divers 
‘pbuddied' together, leading to confusion as to who was responsible for whom. A particular 
variant of this is a training technique in which a group of inexperienced divers follows a dive 
leader. When one becomes LOA, he is paired with another (usually another inexperienced 
diver) in the same situation, and the two instructed to return to the surface together. Often the 
heaviest air consumers are the least experienced and are over-breathing through anxiety. Two 
such inexperienced, anxious divers, both critically low on air, are then abandoned underwater 
by the dive leader and left to fend for themselves! 


In others, the buddy was leading the victim and therefore not immediately aware of the 
problem. Generally, the more experienced diver took the lead, affording him the luxury of 
constant observation by his buddy, while he gave intermittent attention in return. In this 
situation, unless a "buddy line" is used, the following diver (upon developing a problem 
such as LOA or OOA) has to expend precious time and energy and air, catching his buddy to 
inform him of the difficulty. Often this was impossible, and the first indication the leading 
diver had of the problem was the absence of his buddy, who by this time was unconscious on 
the sea bed or well on the way to the surface. 





A BUDDY LINE SYSTEM 


Fig. 34.2 
A buddy line may be life saving 
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Fig 34.3 
But not always 


UO) Buddy rescue. 


In only a minority of cases was the buddy present at the time of death. Most divers ultimately 
died alone, usually because of poor compliance with the principles of buddy diving. In only 
1% of cases did the buddy die attempting rescue, indicating that adherence to the buddy 
principle is reasonably safe for the would-be rescuer. 


W) Buddy breathing. 


4% of fatalities were associated with failed buddy breathing. In a study of failed buddy 
breathing conducted by NUADC, more than half were attempted at depths greater than 20 
metres. In 29% the victim's mask was displaced and the catastrophe of air embolism occurred 
in 12.5% of cases. 


One in 8 victims refused to return the demand valve, presumably to the righteous indignation 
of the donor. In one reported instance, knives were drawn to settle the dispute! Nevertheless, 
donating a regulator rarely results in the donor becoming the victim. 


The use of an octopus rig or (more sensibly) a complete separate emergency air supply 
(e.g. "Spare Air") would appear to be a more satisfactory alternative, having the added 
advantage of providing a spare regulator for the owner in the (not so rare) event of a failure 
of the primary air supply. 
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HUMAN FACTORS 
MEDICAL, PSYCHOLOGICAL 


AND PHYSIOLOGICAL 





In at least 25% of cases, the diver had a pre-existing disease which should have excluded 
him from diving (compared to 8-10% in the potential diver trainee population). The diseases 
either killed the diver or predisposed him to the diving accident. 


In assessing the cause of scuba fatalities, it is too easy to ignore the disorders which have no 
demonstrable pathology, such as panic and fatigue, but to do so results in less understanding 
of the incident. Drowning obscures many other pathologies and some, such as asthma or the 
sudden death syndrome, may not show up at autopsy. 


Panic 


39% of deaths were associated with panic. Panic is a psychological stress reaction of 
extreme anxiety, characterised by frenzied and irrational behaviour. It is an unhelpful 
response which reduces the chance of survival. This topic is covered in detail in Chapter 7. 


Evidence of panic was derived from witness accounts of the diver's behaviour, in the 
Australasian series. Other studies suggest a 40-60% incidence of panic. 


Panic was usually precipitated when the diver was confronted by unfamiliar or threatening 
circumstances such as LOA, OOA, poor visibility, turbulent water, unaccustomed depth, 
buoyancy problems (usually insufficient buoyancy), or separation from diving companions. 


After panicking, the diver frequently behaved inappropriately by actions such as failure to 
ditch weights or inflate the B.C., rapid ascent, or abandoning essential equipment such as the 
mask, snorkel and regulator. 


Fatigue 
In 28% of cases fatigue was a factor. Fatigue is a consequence of excessive exertion, and 
limits the diver's capacity for survival. Physical unfitness aggravates it. 
It commonly arose from a variety of circumstances including attempting to remain on the 
surface while overweighted, long swims in adverse sea conditions or swimming with 
excessive drag from an inflated B.C.. 
The fatigue factor was not restricted to unfit divers — under special circumstances any diver 


will become fatigued. In some cases the fatigue was associated with salt water aspiration 
syndrome, cardiac complications or asthma. 
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Salt Water Aspiration 


This factor was present in 37% of cases. It refers to inhalation of small amounts of sea 
water by the conscious diver. 


In many cases this was the result of; a leaking regulator, aspiration on the surface after 
removing the regulator, and buddy breathing. In most cases salt water aspiration was a pre- 
terminal event as the situation became critical. It frequently predisposed to the development 
of panic, fatigue, respiratory and other complications. 


Pulmonary Barotrauma 


13% of deaths had autopsy evidence of pulmonary barotrauma (burst lung). In some 
cases it was a complicating factor rather than the initial cause. Factors promoting the 
barotrauma were diverse, including panic, rapid buoyant ascents, asthma and regulator 
failure. Half the cases had an identified cause for the illness. The other half were 
unexplained. 


Cardiac (Sudden Death Syndrome) 


In these cases there was either gross cardiac pathology or a clinical indication of cardiac 
disease (See Chapter 35). In the DAN series, 26% of deaths were due to this. Of the cardiac 
deaths, 60% complained of chest pain, dyspnoea or feeling unwell before or during the dive. 


Victims tend to be older — cardiac causes explain 45% of the scuba deaths in those over 40 
years. They tend to be more experienced divers, often with a history of known cardiac disease 
(arrhythmias or ischaemia) or high blood pressure - often under control with medication 
(especially beta blockers). 


They usually die quietly and the pathophysiology is probably a cardiac arrhythmia 
(ventricular fibrillation). Resuscitation is difficult or impossible under these environmental 
conditions. The trigger factors producing this very rapid ineffective heart beat include the 
following; exercise, drugs, hypoxia from salt water aspiration, respiratory abnormalities from 
breathing under dysbaric conditions through a regulator and with restrictive clothing and 
harness, cardio-pulmonary reflexes and cold exposure. 


Asthma 


In at least 9% of deaths the diver was asthmatic in the ANZ survey, and in at least 8% 
of cases asthma contributed to the death. In some other surveys (especially those with less 
data on each fatality, or those that do not specifically check the previous medical history), 
this data is not so obvious. 


Asthmatics should normally be excluded by a competent medical examination. Even so, 
surveys have shown that between 0.5 and 1% of divers are current asthmatics. When this 
figure is contrasted with the 9% of fatalities who have the condition, it implies that asthma is 
a significant risk factor. 
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There was often a series of adverse contributors to death in this group, including panic, 
fatigue and salt water aspiration. The ultimate pathology was usually drowning or pulmonary 
barotrauma. 


The risk of pulmonary barotrauma is predictable, considering that asthma narrows and 
obstructs airways. Added to this is the possibility of an incapacitating asthmatic attack during 
the dive. A considerable number of divers in the survey died this way, some as they were 
returning to get their medication (aerosol inhalers). Others took it before the dive! 

The diving environment can aggravate asthma in several ways: 

) Salt water aspiration. 

Respiratory physicians use nebulised salt water to provoke an asthmatic attack in cases of 
questionable asthma. Divers immerse themselves in such a solution and often breathe a fine 
mist of seawater through regulators. 


QO) Cold dry air. 


Breathing this air precipitates attacks in some asthmatics. Divers breathe this type of air 
continuously. It is carefully dried by the filling station before being used to fill scuba tanks, 
and cools as it expands in the regulator. 

L) Exertion. 


This aggravates many attacks. Even the most routine dive can require unexpected and 
extreme exertion, due to adverse environmental factors such as rough water or currents. 


O) Hyperventilation. 


The effects of anxiety cause hyperventilation and changes in respiratory gases. This will have 
little effect on normal lungs. It provokes asthma in those susceptible. 


QO) Breathing against a resistance. 


Many of the cases first notice problems at depth, where the air is more dense, or if there is 
increased resistance in the regulator — such as with a LOA or OOA situation. 


A study from Denver showed that although normal divers did not show any change in 


respiratory function with exercise or breathing through scuba regulators, asthmatics had 
decreases of 15% and 27% respectively. 


Vomiting 


Apart from the cases that vomited during resuscitation — and there were many — in 10% 
vomiting initiated or contributed to the accident. It was often produced by sea sickness or salt 
water aspiration, but ear problems and alcohol over-ingestion also contributed. 
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Faults & Desoldering techniques 


By putting into practice the guidelines in my Basic Soldering Guide practice, there’s 
no reason at all why you should not obtain perfect results and eliminate any potential 
problems. Hopefully the information gives you plenty of guidance to tackle various 
soldering projects with confidence. There’s no substitute for getting some hands-on 
experience though, so I’d repeat the advice to try assembling a simple high quality 
electronic kit or two, such as those produced by Velleman and see how you get on. 
Powering up your first project successfully is a great thrill as every electronics hobbyist 
knows. 





““ Popular desoldering products, a pump and various widths of desolder braid. 


Let’s now look at reversing the soldering procedure — what to do if things go wrong, 
or maybe you have to repair a circuit by replacing a faulty component. 


A solder joint which is badly made is likely to be electrically “noisy”, unreliable and 
will probably worsen over time. Expansion and contraction of the joint due to heating and 
cooling can also throw up intermittent problems later down the line. The joint may look 
OK but underneath it may have a poor electrical connection, or could work initially and 
then cause the equipment to fail at a later date! These intermittent problems can be 
maddening to fix. TV repair technicians have an uncanny ability to go straight to a faulty 
solder joint because they see the same problem all the time, especially on equipment that 
has a “reputation”. 


Nitrogen Narcosis 


This was an effect of depth, and contributed in 9%, but was never the sole cause of death in 
the ANZ series. 


Respiratory Disease 


A further 7% of casualties had chronic bronchitis, pleural adhesions, chest injury or other 
respiratory conditions. Because divers with these conditions are in a minority, they appear to 
be over represented in the deaths. 


Drugs 


Alcohol and cannabis (marijuana) are well known contributors to drowning. Cocaine is an 
established cause of sudden death in athletes. What surprised us was the apparent association 
between drugs taken for hypertension and the deaths from the sudden death syndrome. Anti- 
asthma drugs seemed to have the same association. 


Decompression Sickness 


The dread of DCS is prominent in the minds of most divers. Perhaps this is why there are no 
deaths due to this condition in the ANZ studies, and less than 1% in the NUADC. Hawaiians 
reached 4%, due to deep diving for black coral. The DAN survey has 2.5%, probably because 
of the inclusion of technical divers, who often dive deeper — the mean depth being 68 metres 
(226 ft) in that study. 


While DCS is an important cause of serious disability (such as paraplegia) in all divers, it is 
not a frequent cause of mortality in recreational divers. This is not, however, true for 
professionals. 


EQUIPMENT PROBLEMS 





A significant proportion of deaths were associated with equipment malfunction (35%) 
or misuse (35%). There was some overlap in the equipment faults and the equipment misuse 
categories. In spite of the advanced technology available, modern equipment still frequently 
fails and divers need to be prepared for this possibility (see Chapter 5). 
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Regulator 


In 14% of deaths there was a regulator fault, and in 1% it was misused. Subsequent 
testing of the regulators showed the majority of problems were due to leakage allowing 
inhalation of salt water, but in some cases there was excessive breathing resistance following 
a mechanical dysfunction. In a few cases, the regulator failed catastrophically, or the hose 
‘blew out’. 


The difficulty of obtaining useable air from the regulator was often complicated by other 
factors such as panic or exhaustion. 


Fins 


13% of cases lost one or both fins. In some cases this was due to defective or ill fitting fins, 
but in the majority of instances the cause was not obvious. 


A likely explanation is that the fin(s) was lost because of vigorous swimming efforts during 
attempts to stay afloat with inadequate buoyancy, or during an attempt to swim to safety. 
Once a fin is lost swimming efficiency is drastically impaired. Panic and fatigue probably had 
a significant role in these situations. 


Buoyancy Compensator 


In 8% of cases the B.C. malfunctioned. Usually this was due to failure of the inflation 
system, but some B.C.s did not remain inflated. 


In 6% of deaths, the B.C. was misused. Some divers confused the inflation and dump 
valves, usually causing over-inflation of the B.C. and precipitating an uncontrolled ascent. 
Others pressed the wrong button and sank when they wanted to float. 


Scuba Cylinder 


12% of deaths had problems with the cylinder, usually from misuse. These included 
under-filling, using a cylinder too small for the dive, the cylinder being dislodged from its 
harness, and failure to turn on the cylinder valve. 


Other Equipment Problems 


In 5% or less of deaths, problems were experienced due to failure or misuse of: 


¢ weight belt — usually inability to discard it (see Chapter 5) 
¢ harness — design faults or covering the weight belt 

¢ mask — loss, flooding, and broken straps 

¢ protective suit — ill fitting, usually too tight 

¢ lines — entanglement 

¢ gauges — faulty readings, blow off. 
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ENVIRONMENTAL 


PROBLEMS 





Environmental factors contributed to 62% of deaths (see Chapter 6). 
Deaths near the Surface 


25% of the accidents commenced on the surface, and 50% of the divers died at the 
surface. This may seem surprising as most divers would regard the surface as a safety zone. 
In many cases they were compelled to surface because of exhaustion of the air supply. 


Turbulent (White) Water 


Difficult water conditions caused problems in 36%. These included excessive current, 
rough water, surf and surge around rocks, underwater surge from wave movement, and 
impaired visibility caused by these conditions. 


These unfavourable conditions often assailed the diver who was forced prematurely to the 
surface, OOA or LOA, and who was also frequently overweighted and hampered by the drag 
of his inflated B.C.. Exhaustion or panic then resulted in drowning. 


Depth 


Excessive depth was a factor in 12%. Often the fatal dive was the deepest ever for the 
victim. Deep water is a more gloomy and dangerous environment. 


The dangers of excessive depth are predictable. They include; increased air consumption, 
impaired judgment from nitrogen narcosis, colder water, reduced visibility, slow or failed 
response to B.C. inflation, excessive air consumption, resistance to breathing, and a 
prolonged ascent in the event of problems. 


Other Environmental Problems 
Factors which contributed to less than 10% of fatalities included: 


* cave dives — sometimes causing multiple deaths 

¢ marine animal injury — including shark and other animal bites, 
marine stings (3-6%) 

¢ difficulties entering and exiting the water 

* cold 

¢ entanglements with ropes, lines and kelp 

¢ entrapment — under caves, ledges, or boats 

¢ night diving. 
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DEATHS IN PROFESSIONAL DIVERS 





Professional divers have a much higher death rate than recreational divers, especially when 
operating from deep sea oil rigs. Death rates up to 4.8 per thousand divers per year have been 
reported, however recent figures from the U.K. indicate that the current deaths in professional 
divers is now approaching that of recreational divers (30/100,000 per year). Unfortunately, 
technical divers, have taken over the high fatality rate previously claimed by professionals.. 


The causes of death differ from recreational divers. DCS and CAGE accounted for up to 28% 
of deaths. These divers not only frequently develop DCS, but sometimes die from the disease. 


Because of the inhospitable environment in areas like the North Sea, cold and heavy seas 
were a significant factor in deaths, as was increased depth and duration in technical diving. 
Enclosed diving, such as in caves, salvage, wrecks, and under ice, were also hazards to which 
the recreational diver is not usually exposed. 


Other important factors were equipment failure (saturation divers are highly dependent on 
equipment integrity for their survival), and the use of more complex gas mixtures and 
equipment. 


Surprisingly, in spite of legislation requiring careful medical supervision, 6% of deaths had a 
contributing medical factor. 


SUMMARY 


Diving fatalities generally arise from a combination of factors, none of which alone would 
have caused disaster. 


The contributing factors show an emerging pattern which needs to be addressed by diver 
education and training. For example, the majority of deaths were in divers who were 
medically unfit to dive or had a LOA or OOA element. 


Competent and repeated dive medical examinations are essential. Diver training and re- 


training should result in proper planning, buoyancy control and air supply monitoring. Most 
of the deaths in recreational divers were preventable. 
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Case Report 34.1 A composite diving fatality might unfold as follows: 


A young, inexperienced, slightly overconfident, indifferently trained, male diver undertakes a dive in open water 
under conditions with which he is relatively unfamiliar. He is healthy but does no regular exercise apart from 
occasional diving. He has a vague dive plan which he does not discuss with his equally casual buddy. He is 
mildly anxious because of the unfamiliar conditions. He follows his usual practice of using a generous number 
of weights, initially inflating and then deflating his B.C. on the surface, to allow his weights to help him 
descend. Fascination with the environment leads him and his buddy to descend to 40 metres, deeper than they 
originally intended. He checks his contents gauge and is alarmed to find he is close to his reserve. His anxiety is 
increased by the realisation that there may be a decompression requirement for this dive, but he may have 
insufficient air to complete even a safety stop. He is unsure of the decompression requirement, if any, and he did 
not bring any tables with him. He had not chosen any of the more conservative options on his decompression 
meter. 


He activates the inflation valve on his B.C. but gets so little response that he swims for the surface. He heads for 
the surface alone with some urgency, unable to communicate with his buddy who is some distance away and 
preoccupied with other marine life. His air supply runs out during the ascent and he arrives at the surface in a 
state of panic. 


He has extreme difficulty staying afloat but in his frenzied state, neglects to ditch his weight belt or orally inflate 
his B.C.. His predicament is aggravated by inhalation of sea water and the loss of one of his fins. He becomes 
exhausted trying to remain on the surface, because of his negative buoyancy and reduced propulsion. 


A search team later found his body on the bottom — directly below where he surfaced. They have difficulty in 
surfacing the body, until they release the weight belt. 


The most significant factors in recreational diving fatalities are: 


e diving with disqualifying medical conditions 
stress responses -panic and fatigue 
salt water aspiration 
environmental water movement 
buoyancy problems 
inadequate air supply - LOA or OOA 
adverse sea conditions 
failure to ditch the weight belt when in difficulty 
ignoring or misapplying the buddy system 
improper use of equipment 
failure of equipment. 
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PREVENTION 





Many of the factors associated with diving deaths are avoidable. 


Contributing medical factors should be largely preventable by adequate dive medical 
examinations prior to commencing diving and periodically after that, especially after diving 
and non-diving illnesses. With increasing age, the examinations should be more frequent. 

As a rule of thumb, routine medical examinations should be at least every 5 years when 
young, reducing to annual with old divers. 


Some changes in the emphasis of diver instruction, aimed at better education concerning the 
high risk areas of diving, would be helpful. Divers who may be knowledgeable of 
decompression theory and practice, are running out of air and drowning in solitude, with their 
excessively laden weight belts still firmly attached. 


Before diving is attempted, aquatic skills including unassisted swimming and snorkeling 
should be acquired. Scuba training should be from professional diving instructors, both for 
the initial open water training and subsequent courses on buoyancy control, rescue and 
advanced diving. Supervision is needed while extending diving activities involving different 
environments, equipment or dive parameters. 


Fig 34.4 
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Chapter 35 


SUDDEN DEATH 
SYNDROME 


(Cardiac Death) 





PATHOLOGY 


Sudden death in divers, especially middle aged divers, is not a rare event. The usual cause is 
cardiac — either a fatal disturbance of cardiac rhythm (arrhythmia), heart muscle death 
from a blockage of a diseased coronary artery (coronary occlusion causing ischaemia, 
myocardial infarction or "heart attack"), or a disease of the heart muscle itself (myocarditis, 
cardiomyopathy). 


Statistical studies on deaths in diving show a disturbingly high incidence of death attributed 
to heart disease, and rising. In the DAN series, 26% of deaths were cardiac and they 
contributed to 45% of the scuba deaths in those over 40 years. They tend to be in more 
experienced divers, associated with known cardiac history, arrhythmias or ischaemia, 
hypertension or the use of cardio-active drugs. 


Cardiac Arrhythmias 


The heart normally beats in an orderly and regular way (see Chapter 3). The atria contract, 
first propelling blood into the ventricles which then in turn contract, ejecting blood into the 
major arteries. 


If this rhythmic contraction is disturbed (an arrhythmia or "irregular heart beat"), the 
efficiency of cardiac function is impaired and the heart has to work harder, requiring more 
oxygen and blood flow of its own. Impaired efficiency may also cause lowered blood 
pressure, which can reduce blood flow to the brain, causing unconsciousness. The 
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arrhythmia which causes sudden death is called ventricular fibrillation, and this usually 
results in unconsciousness within a few seconds and death within a few minutes. 


Severe arrhythmias tend to occur in divers who already have less severe arrhythmias, those 
with cardiac ischaemia, cardiomyopathies or who take cardio-active drugs (such as for 
hypertension, asthma, stimulants etc.) 


Coronary Artery Disease 


The heart receives its own blood supply from 
the coronary arteries. Its requirement for blood 
increases when it has to perform more work, 
for example during exercise. For a given level 
of exercise the heart has to work even harder if 
the blood pressure is elevated, or if the heart 
has to beat too rapidly, or if the resistance to 
blood flow is increased. Arrhythmias also 
increase the cardiac workload. 


Fig.35.1 


The heart is less able to cope with extra 
demands for work if the coronary arteries are 

: obstructed, since the blood flow to the heart is 
reduced. When the coronary arteries do not supply sufficient blood and oxygen to the heart 
muscles, the latter becomes painful and produces central or left sided chest pain ("angina") 
or breathlessness (dyspnoea). This may be temporarily remedied by reducing the exercise 
and the demand for oxygen, by resting. If this deprivation of oxygen to the heart muscle is 
severe enough, heart muscle dies, and this is then called a myocardial infarction ("heart 
attack"). In divers, the first sign of this may be at autopsy. 





Heart Muscle Disease 


Some forms of heart muscle disease (cardiomyopathy — hereditary, alcoholic, or toxic) may 
affect its function and can occur at all ages. In non-divers who become aware of these 
diseases, heart transplants are often the only successful treatments. Divers may be unaware 
that they have these diseases. Viral infections sometimes involve the heart muscle 
(myocarditis), often without the patient being aware of this, and these infections predispose 
to cardiac deaths. 
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CONTRIBUTING CAUSES 





There are a number of ways death or incapacity from cardiac diseases can come about and 
they are usually precipitated by one or more trigger factors encountered while diving. 
Some of these are: 


Exercise 


Severe exercise can cause sudden death by a number of mechanisms. Probably the most 
well known example was the death of the first marathon runner who dropped dead after 
running from Marathon to Athens to deliver the news of the Greek victory over the 
Persians. In reality, his death was probably due to heat stroke or heat exhaustion. Usually 
exercise will cause cardiac deaths only in those with some cardiac disease or malfunction. 


A diver is at a disadvantage in some ways during exercise. During exertion on land, the 
cardiac output increases to meet the metabolic demands of the exercising muscles. In doing 
this, the work of the heart is made easier by blood vessel dilatation in the peripheral 
circulation, reducing the resistance to blood flow. In an exercising diver however, the skin 
blood vessels do not dilate because they are trying to conserve heat in response to the 
surrounding cold water. The diver's heart has to pump against an increased resistance and so 
work harder for a given amount of exercise, compared to a land athlete. 


One of the limitations to exercise on land is the inability to disperse the metabolic heat of 
exercise. With the diver, much of this heat is conducted away by the water. As a result, it is 
possible to exercise in the water to a greater degree without the "hot and sweaty" 
discomfort. 


It is therefore possible to exercise to a great degree in the water, with less discomfort but at 
a greater strain on the heart. In a trained athlete with a healthy heart this probably is only of 
academic interest. In a middle aged (i.e. over 40 years) diver with some degree of coronary 
artery disease ("narrowing of the arteries") the diver can overload the heart without realising 
it. This can result in sudden death. 


Exercise, even in fit healthy divers, has been shown to cause significant arrhythmias with 
diving. It is much more likely to cause incapacitating or fatal arrhythmias in divers with 
cardiac disease. 


Psychological and Personality Factors 


Some personalities are more susceptible to cardiac disease than others. The so called Type 
A or Type D personality is believed to be most prone to cardiac disease. These individuals 
are intensely competitive, aggressive and as a result, by society standards, usually 
successful. They drive themselves hard and do not give up. They are twice as likely to 
develop coronary artery disease than others, and when they develop it they are likely to 
push their diseased heart beyond its limitations. 


Traditionally this has been a male personality trait, but in a more competitive and equal 


society it is probable that a similar disease pattern will emerge in women competing in 
previously male dominated areas. Sudden death is not uncommon in Type A personalities. 
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Anxiety can have threatening cardiac consequences. Anxiety typically causes internal 
release of adrenalin, one of the stress hormones, which stimulates the heart to contract more 
forcefully, beat faster, and makes it more prone to arrhythmias. A fast beating heart has less 
time to replenish its own blood supply and becomes relatively starved of blood. 


In the peripheral circulation, adrenalin causes constriction of blood vessels to the skin and 
internal organs, increasing the resistance to blood flow and the work of the heart. The 
stressed anxious individual thus has a fast beating heart with a poor blood supply which is 
more prone to arrhythmias and which has to work harder for a given exercise load. 


A condition analogous to fainting (known as vasovagal syncope) is commonly seen in 
individually threatening situations such as a blood donation or the receiving of injections. A 
nervous response through central stimulation of the vagus nerve causes profound slowing of 
the heart. The end result is inadequate blood pressure and reduced cerebral circulation 
causing the diver to lose consciousness (“faint”). 


Cold 


Sudden incapacity and death of divers soon after entering cold water has been frequently 
reported. The body has several immediate responses to cold water which could explain this. 


During cold water immersion there is an increased sympathetic nervous system activity 
resulting in the release of adrenalin. This causes the potentially deleterious cardiac effects 
described above. A greater sympathetic response has been described in individuals who are 
not adapted to cold water exposure or who are unfit. 


Sudden death from vagal stimulation associated with the diving reflex can occur after 
immersion of the face in cold water, although it can also be produced by immersion of the 
trunk in cold water. See below. 


Sudden immersion in cold water is thought to be associated with a sudden death syndrome 
associated with reflex coronary artery spasm, fatal arrhythmias or myocardial 
infarction. 


Divers will be familiar with the involuntary over breathing which can accompany sudden 
immersion in cold water or even a cold shower. In experimental animals, and also in man, 
the heart becomes more prone to arrhythmias caused by the reduction in blood carbon 
dioxide from this involuntary hyperventilation. 


Hypothermia also makes the heart more prone to arrhythmias and may combine with some 
of the other problems mentioned above to cause sudden death. 


Reflexes Associated with Diving 
U) The Diving Reflex. 


Diving mammals such as whales are able to hold their breath for an hour and attain amazing 
depths. They are able to do this partly because of the evolution of the dive reflex. When the 
mammal leaves the surface there is a profound stimulus of the vagus nerve which slows the 
heart to about a fifth of its normal rate. At the same time, there is intense constriction of the 
blood supply to the skin and most organs with the exception of the heart, lungs and brain. 
This conserves oxygen reserves for use by the organs which need it most. The diving 
mammal maintains a normal blood pressure, but the output and work of the heart is 
dramatically reduced. 
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“ These dry or grey/ gray joints were caused by dirty parts, poor heating and 
inadequate solder coverage 


A solder joint that’s poorly formed is called a “dry joint” or “cold joint” or a “grey/ 
gray” joint. Usually it results from inadequate heating, dirt or grease preventing the solder 
from melting onto the parts properly, and is often noticeable because the solder tends not 
to wet the surface properly. Instead it forms beads or globules. Alternatively, if it seems to 
take a very long time for the solder to wet the joint, that’s another sign of contamination 
and that the joint may be a dry one, or the material is incompatible anyway. A matt, 
crystalline appearance instead of a shiny joint points to inadequate heating: the solder 
cooled down far too quickly and didn’t flow properly. 


Whether you want to replace a faulty component or fix a dry or poor-quality solder 
joint, it’s usually necessary to remove the troublesome solder and then re-solder it afresh. 
Naturally, there are tools and techniques that make the job easy. It’s very bad practice to 
simply re-melt the joint and then lash out with the board, whiplash style, hoping that the 
molten solder will be flicked off the board. 


The usual way of removing solder from a joint is to use a desoldering pump. These 
work like a small spring-loaded bicycle pump, only in reverse! A plunger is pressed down 
until it locks into position. It’s released by pressing a button which sucks air back through 
a pointed nozzle, carrying any molten solder with it. It may take one or two attempts to 
clean up a joint this way, but a small desoldering pump is an invaluable tool especially for 
p.c.b. work and they are widely available now. 


This reflex is present to some extent in humans. When a human is immersed in cold water 
there is vagal stimulation which slows the heart, as well as sympathetic nervous stimulation 
which constricts blood vessels to the skin and other organs. Because the reflex is only 
incompletely developed in man, there is often a rise in blood pressure but minimal or no fall 
in cardiac output. This increases, rather than reduces, the work of the heart. 


The result of this process in man is increased work of the heart as well as the development 
of cardiac arrhythmias. Studies conducted on the traditional breath-hold Ama who showed 
an incidence of arrhythmias of 43% in summer, and an even higher incidence in winter. 


) Carotid Sinus Syndrome. 


The Carotid arteries, on each side of the neck, are the main arteries which supply the brain 
with blood, and these have a pressure sensing organ — the carotid sinus — in their walls at 
about the level of the larynx. External pressure on these carotid sinuses causes the cardiac 
control centre of the brain to mistakenly assume that the blood pressure has suddenly risen. 
This leads to a reflex slowing of the heart and reduced blood pressure. This can cause 
faintness or even loss of consciousness. 


A similar effect is caused by pressure from the collar of a tight fitting wetsuit or dry suit 
neck seal, on the carotid sinus. The problem is especially likely in wet suits without a front 
zip fastener or having tight "crew necks". 


In a series of 100 carefully documented diving deaths in Australia, only one case was 
thought to be due to this carotid sinus syndrome. In other cases however, distressed divers 
were seen to pull a constricting wetsuit away from the neck. This may have been a response 
to respiratory difficulty from cardiac causes, a tight neck opening in the suit, or the carotid 
sinus syndrome. 


Hyperbaric Exposure 


Studies in experimental subjects breathing air at pressures similar to those experienced by 
sports divers showed a significant incidence of arrhythmias caused by the hyperbaric 
exposure. This may be partly due to the elevated partial pressures of oxygen breathed at 
these depths. 


Immersion 


Simply immersing the body in water causes an increased return of blood to the heart, due to 
the change from a gravity influenced circulation to weightlessness. This rush of blood to the 
heart can rapidly double its workload until stability is returned. In redistributing blood from 
the periphery to the lungs, there may be a predisposition to pulmonary oedema (see Chapter 
32) 


With immersion, the effect of gravity on the blood vessels is removed. Sudden exposure to 
a gravity effect on the blood vessels, such as climbing up the ladder and out of the water, 
increases the possibility of hypotensive syncope. This is a good reason to not hover 
underneath divers on ladders. 
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Aspiration 


Aspiration of seawater — always a possibility in diving — can cause immediate cardiac 
effects by a mechanism akin to the diving reflex (see above), It can also be followed by 
delayed effects due to hypoxia as the lungs are involved, as in the salt water aspiration 
syndrome (see Chapter 26). 


Drug Effects 


A large variety of drugs have arrhythmic and other effects on the heart, which may 
predispose to sudden death. Many can be purchased ‘over-the-counter’ in pharmacies or 
supermarkets. Some are contained in 'cold cures' and ‘cough mixtures' and may be 
inadvertently used by divers. Some of these drugs include: 


¢ Alcohol 

¢ Nicotine — cigarette smoking 

¢ Caffeine — coffee and tea, stimulant drugs to overcome sleepiness 

e "Social" drugs such as cocaine, weight reducing and stimulant drugs such as 
amphetamines 

¢ Blood pressure controlling drugs (e.g. calcium channel blockers, beta blockers) 

e Drugs used to suppress arrhythmias (e.g. beta blockers) 

¢ Drugs that change electrolyte concentrations in the blood — diuretics and electrolytes 

¢ Sympathomimetic drugs (e.g. decongestants such as pseudoephedrine, anti-asthma 
medications such as salbutamol, and some anti-seasick drugs). 

¢ Others that may cause arrhythmias —antidepressants, digoxin, some anti-malarials, local 
anaesthetics. 


Cardiac Disease 


L) Coronary artery disease or CAD. 


This heart disease (causing narrowing or obstruction of the coronary arteries), while 
considered to be a disease of middle and older age, is probably present to some degree even 
in some young adults. 


It would appear from post-mortem studies done during the Korean and Vietnam wars that 
coronary artery disease begins in early adulthood, but usually only causes symptoms and 
death from heart attack after 40 years of age. The older the diver, the more significant this is 
likely to be. Divers with this disease are more prone to sudden death due to arrhythmias or 
myocardial infarction secondary to impaired blood supply to the heart muscle. 


L) Coronary artery bypass grafts. 


Some blockages of the coronary arteries can be bypassed by blood vessel grafts — usually 
using arteries or veins. This reduces cardiac pain and improves cardiac performance but 
does not cure the underlying disease, which affects the many coronary arteries not improved 
with the by-pass. People with such grafts are still more prone to arrhythmias and cardiac 
dysfunction and should not dive, unless proven to be cured. A similar situation exits in 
those people who have already suffered a myocardial infarction or "heart attack" and those 
needing or possessing pacemakers 
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U) Myocarditis. 


Some viral infections which produce a flu-like illness can temporarily affect the heart 
muscle, impairing its performance and making it susceptible to arrhythmias. Sudden deaths 
from this often insidious condition (myocarditis) are occasionally reported in very fit 
athletes and in divers. It is unwise to dive or perform heavy exertion when suffering from a 
viral infection, for this reason. 


Sometimes the heart is permanently and irreversibly damaged by such viruses. It is then 
similar to a cardiomyopathy. In terminal cases the only effective treatment is a heart 
transplant. 


PREVENTION 





All candidates should be carefully examined by an experienced diving physician before dive 
training. Those with known cardiac disease or a tendency to arrhythmias cannot dive safely. 
Middle aged divers, and those with high coronary risk factors need regular assessments. 


Coronary risk factors include: 


¢ a family history of heart disease at a similar age to the diver 
* cigarette smoking 
¢ hypertension 
* cardio-active drugs (see earlier) 
* obesity 
¢ high cholesterol — hyperlipidaemia 
¢ physical unfitness 
¢ diseases such as diabetes and alcoholism. 


Diving situations often require extreme physical exertion, which stresses the heart. A high 
standard of physical fitness brought about by regular exercise will improve the hearts ability 
to cope with this exertion. 


While jumping into cold water gets the discomfort over quickly, it maximises the 
physiological stress. Enter cold water slowly to minimise these physiological stresses. 


The combination of performance anxiety, transport stress, inadequate sleep, excessive 


alcohol, coffee and other drugs which often accompany a "high-living" diving holiday may 
be possible contributors to cardiac arrhythmias, and some deaths in divers. 
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Chapter 36 
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DISORDERS 





Psychological Traits of Successful Divers 


This topic has not been extensively researched, but the few studies which have been done on the 
psychological make-up of divers have shown the following — successful divers tend not to be 
anxious people; they are self sufficient, intelligent and emotionally stable. Their tolerance to 
stress often allows them to continue to function during difficulties which would incapacitate many 
non-divers. This may be helped by their tendency to use "denial", a mental mechanism by which 
they ignore the hazards which may confront them. 


In spite of their overall stability, divers, like anyone else, can suffer from psychological 
disturbances (see Chapter 7 for a full description of stress and panic responses). 


Anxiety States 


It is quite normal for divers to feel concerned with the very real hazards of diving — and this book 
is full of them. Some people, however, develop an excessive and inappropriate anxiety to diving 
hazards which may become a phobia — an irrational fear. This may be the result of a previous 
traumatic event (such as near drowning during childhood) or may be an exaggerated reaction to 
some diving danger. Phobias may relate to diving in general or to a specific diving hazard (such 
as an excessive fear of sharks) or a situation (e.g. claustrophobia with the face mask, night diving, 
poor visibility). 


Phobias can be treated by psychological de-conditioning therapy. 


Most people who are anxious about diving are aware of this early in their training and quite 
sensibly desist. Why continue a recreational activity which causes apprehension? Unfortunately 
some continue because of peer pressure, ego challenge or other personal reasons. These divers 
tend to have a high baseline level of anxiety (neuroticism or "high trait anxiety") when diving 
and are more prone to panic when confronted with real or imagined hazards. 
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Flora Fisk Quiz for Recreational Divers: 
Question: Is recreational diving supposed to be fun? Answer: Yes 


Question: Are you having fun? If "yes" — continue diving. 
If "no" — STOP DIVING. 





Some divers experience a general anxiety reaction under special circumstances. It is an aquatic 
manifestation of a general medical (psychological) disorder produced by sensory deprivation - 
called the Blue Orb Syndrome by high altitude aviators. It usually happens to a lone diver in 
deep water, where there are no visual references. The diver develops an anxious feeling of being 
alone in the vastness of the ocean. This can lead to mounting anxiety and panic. The panicked 
diver may rush to the surface, omitting decompression or develop pulmonary barotrauma from 
failure to exhale adequately on ascent. The symptoms usually subside if the diver can establish 
visual contact with concrete objects such as the sea bed, a dive boat or even another diver, or by 
concentrating on diving instruments, such as a watch or depth gauge. 


This syndrome can be avoided by diving with a buddy who provides reassuring company and a 
visual reference. Avoidance of deep water where there are no visual references, is also helpful. 


Panic 


This frenzied and irrational behaviour is the end result of a number of diving difficulties. It is 
more likely to occur in anxiety prone divers and frequently results in a diving accident or fatality. 
It is an important topic for divers to understand and is covered in detail in Chapter 7 and Case 
History 7.1 


Psychological Disturbances due to 
Medical Causes 


Brain function can be disturbed by physiological factors (such as nitrogen narcosis, 
hypothermia) and by other diving related illnesses. 


Cerebral decompression sickness and air embolism can cause alteration of brain function 
during both the acute event and recovery. A diver may act irrationally because of these diseases, 
and not just his basic personality. Suspect this if he is acting “out of character”. 


Near drowning, hypoxia and the gas toxicity diseases (oxygen, carbon dioxide, carbon 
monoxide, etc.) may also cause temporary or permanent brain damage. 


Symptoms include confusion, irritability and irrational behaviour. This should always be borne in 


mind if a victim of a diving accident is unreasonably reluctant to undergo treatment. People who 
know the diver well will normally be the best judges of whether the behaviour is out of character. 
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Dementia 


This is a deterioration of intellectual capacity and memory which is common in the elderly and 
has a variety of causes. Alzheimer’s ("old timers") Disease is a severe form of dementia. Diving 
folklore holds that divers suffer an increased incidence of dementia. This belief has been 
supported by media reporting and anecdotal accounts of divers suffering from the condition. 
Some even believe that only "demented" persons would take up diving! 


There are plausible theoretical reasons why divers could sustain brain damage sufficient to cause 
dementia from conditions such as repeated subclinical, or overt, cerebral decompression 
sickness, air embolism, near drowning or carbon monoxide poisoning, to name a few. 


There are also some scientific studies which show evidence of at least transient brain damage in 
some divers. A study in Sweden showed 3.5% of free ascent trainees to have EKG ("electrical 
brain wave") abnormalities after free ascent training, and in another survey, EEG abnormalities 
were found in 43% of a group of Polish professional divers compared to 10% in a normal 
population. 





Fig. 36.1 


In Australia, a group of divers, studied after treatment for decompression sickness, showed 
neurological, psychological and EEG abnormalities for some weeks after treatment, even in 
those who had no symptoms of neurological decompression sickness. 


There have been several studies worldwide which appear to show deterioration of intellectual 
performance and psychological disturbances in divers suffering from neurological decompression 
sickness or "near miss" diving accidents. Unfortunately the methodology of these studies was 
grossly inadequate, making the conclusions unreliable. 


To clear up some of the controversy a study of all 152 professional abalone divers, from a closed 
community, was undertaken in Australia by Edmonds and others in 1988. The divers in the study 
had diving exposures which would generally be regarded as extreme. On average they had been 
diving for 16 years and had been professional abalone divers for 12 years. They averaged 5 hours 
underwater per day on Hookah equipment for 105 days per year at an average depth of 15 metres 
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(50 ft) and admitted to being "bent" four times. Many other incidents of decompression sickness 
went unrecognised and untreated. Half of the divers used a dive profile which would, according to 
conventional dive tables, require decompression but which they omitted. Of the 69 cases of 
decompression sickness in this group which were actually treated, at least half were neurological. 


It would seem that if there was any group of compressed air divers prone to brain injury after 
excessive diving exposure, it would be this one. 


The divers were subjected to a wide battery of tests including intelligence tests, psychometric 
investigations to detect psychological abnormalities, memory tests and studies designed 
specifically to detect early dementia, EEG studies and neurobehavioural tests. The divers were 
compared with control groups taken from non-diving fishermen in the same localities. 


The results showed the divers studied were within the normal range for the general population and 
displayed no evidence of brain damage or dementia. This implies that air divers, in general, have 
no greater risk of dementia or brain damage than non-divers. If brain damage does occur, it is 
either rare or so mild that it could not be detected by conventional testing. 


Since the diving practices of this group were extreme, it seems reasonable to conclude that divers 
following more conservative practices, as well as other, more conventional, professional 
compressed air divers, have no greater risk of dementia or progressive brain damage than non- 
divers, unless they suffer a major diving accident affecting the brain (such as those mentioned 
above). 


The signs of brain damage which have been described in studies performed soon after minor 
diving events are presumably temporary in nature. 
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Chapter 37 


DRUGS 
AND 


DIVING 





It is common for divers to enter the water under the influence of drugs. These may vary from 
paracetamol taken for a minor headache, to alcohol or marijuana from a beach party the night 
before, or a therapeutic drug for an illness such as high blood pressure. 


Since some drugs are innocuous while others can have potentially lethal effects with diving, it 
is important to know something about them. 


Problems can arise from effects of the drugs themselves, but commonly the condition for which 
the medication is taken poses a greater threat to the diver. For instance, most antibiotics have 
no harmful influences on divers, but a diver being treated for bronchitis with an antibiotic, has a 
significant risk of developing pulmonary barotrauma until the condition resolves. 


We will consider commonly used drugs under four categories: 
e Drugs taken for treatment of illnesses 
¢ Drugs taken for prevention of illness (prophylaxis) 


¢ Recreational or social drugs 
¢ Drugs used for diving related illnesses. 


TREATMENT DRUGS 





In many cases the drug which is used to treat an illness can be a greater hazard to the diver than 
the illness itself. Some drugs may have frequent and predictable effects on diving activities and 
these are summarised here, but much more information can be sought by an Internet search. 


The idiosyncratic effects of other therapeutic drugs on an individual are unpredictable. Thus, if 
drugs are to be used when diving, they should be introduced to the diver long before the diving 
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is undertaken. Then a drug reaction is less likely to complicate the interpretation and treatment 
of potential diving diseases. 


Cardiac and Blood Pressure Medications 
L) Beta-blockers. 


A variety of these drugs (e.g. atenolol, metoprolol) are used to treat high blood pressure or pain 
from coronary artery disease (angina). Their main action is to block the effect of the cardiac 
stimulant, adrenalin, on the heart. Adrenalin acts on specific drug receptors in the heart known 
as "beta receptors", thus giving rise to the term beta-blocker. 


By inhibiting the action of adrenalin, beta-blockers reduce the force of contraction of the heart 
muscle. This diminishes the work it performs and so reduces angina symptoms, while the 
reduced output of blood lowers the blood pressure. 


A diver taking beta-blockers has a significant limitation of the reserve pumping capacity of the 
heart. If a large blood supply is required by the muscles to extract the diver from an emergency 
e.g. heavy wave action or and adverse current, it may not be available. 


Beta-blockers have been incriminated in the production of both arrhythmias and pulmonary 
oedema in divers. 


Beta-blockers also act on the muscle lining of the bronchi and may unmask asthma in some 
individuals, exposing them to the dangers of both asthma and burst lung. Even those beta- 
blockers which are described as "cardio-selective" can still have these effects. 


These drugs are often used in eye drops for the treatment of glaucoma. Significant amounts can 
sometimes be absorbed into the body causing generalised effects. Divers using these drops 
should seek medical advice to ensure that they are not affected in this way. They can avoid this 
complication by using a eye-drop technique called lacrimal compression. 


The conditions for which the drugs are taken can cause difficulties as well. For example, a diver 
under treatment for high blood pressure is also at high risk of coronary artery disease, and may 
already have a sub-clinical form of this disease. The drugs may summate with, or potentiate, 
other causes of heart rate reduction associated with diving, and provoke arrhythmias and the 
sudden death syndrome (see Chapter 35). 


L) Other blood pressure drugs. 


Apart from beta-blockers, blood pressure lowering drugs fall into two broad categories — blood 
vessel dilators and diuretics (stimulators of urine production). 


¢ Blood vessel dilators (vasodilators) reduce blood pressure by widening peripheral 
blood vessels, where most of the resistance to blood flow occurs. These include prazosin 
and felodipine. 


Some can inhibit the bodies ability to compensate for changes in posture, causing fainting on 
standing. This is an undesirable side effect in a diver attempting to ascend a ladder to leave the 
water, especially in adverse sea conditions or if he is preceding his buddy. 


A newer drug, the ACE inhibitors, can produce a dry cough which can be troublesome in the 
diving environment. Others, (such as calcium channel blockers like verapamil) may affect the 
nerve conduction of the heart, making it more susceptible to the sudden death syndrome (see 
Chapter 35). 
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¢ Diuretics stimulate the production of urine and tend to dry the body out. This reduces 
blood volume and so tends to lower the blood pressure, but there are probably other 
mechanisms acting as well. The effects on diving are not clear but there are potential 
problems. 


Reduction of the blood volume may affect blood viscosity and the dynamics of blood flow and 
so increase the dangers with bubble formation. In addition, changes to regional blood flow may 
alter the pattern of gas uptake and elimination (decompression). 


Some diuretics tend to lower the blood potassium level, making the heart more prone to 
disturbances of rhythm. These arrhythmias may be unmasked by the effects of cold, the dive 
reflex, heavy exertion and the other causes of the sudden death syndrome (see Chapter 35). 


One group of diuretics, carbonic anhydrase inhibitors, is also used as treatment for glaucoma. 
These cause increased paraesthesia especially in the cold-exposed hands of divers, and may 
lead to a mistaken diagnosis of decompression sickness. 


Psychotropic Drugs 


QO) Tranquillisers and sedatives. 


This group of drugs includes benzodiazepines, of which diazepam ("Valium") is a common 
example, and sleep making drugs like barbiturates. A significant proportion of the population 
takes drugs to relieve anxiety. Excessive anxiety alone is a significant risk factor in diving, and 
the drugs taken to relieve it further complicate the problem. 


Another class of tranquillisers, like phenothiazines, (e.g. chlorpromazine — "Largactil") and its 
modern equivalents, are used to treat serious psychiatric disorders such as schizophrenia. Apart 
from the side effects of these drugs, people suffering from this disorder often have a tenuous 
grip on reality and this can seriously impair their ability to make safe judgments related to 
diving. 


Tranquillisers and sedatives cause; drowsiness, impaired judgment, slowing of thought 
processes and reduction in problem solving ability. These effects are intensified by nitrogen 
narcosis, but they are potentially dangerous at all depths. 


L) Antidepressants. 


Depression is not an ideal state of mind for an active diver. Even when successfully treated with 
antidepressants, the diver is left with potentially harmful side effects from the drugs. Some of 
the antidepressants cause sedation, but the principal problem is the tendency of others to cause 
potentially lethal disturbances of heart rhythm and epilepsy. Some can react with certain foods 
and other drugs to affect blood pressure and consciousness. 


U) Anticonvulsants (anti-epileptic drugs). 


These have similar sedative side effects to the tranquillisers as well as some other specific 
complications. Any form of epilepsy can have disastrous effects on cerebral activity, with loss 
of consciousness being common. The influence of nitrogen narcosis on these drugs is unknown. 
Some diving conditions (stress, glare and flickering light, high or low oxygen and carbon 
dioxide levels) can precipitate convulsions, despite these medications. Epilepsy and 
medications used for its control (e.g. phenytoin or carbamazepam), preclude safe diving. 
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“*“ A hobby desoldering pump primed for use 


Desoldering pumps often have a heatproof P.T.F.E. nozzle which may need 
replacing occasionally. Each time the button is pressed, a plunger clears the nozzle but 
sometimes solder particles and swarf will be ejected in the process; when you prime the 
pump, point the nozzle into a small pot or old aerosol top to catch any debris. Remove the 
spout and clean out the pump from time to time. 


“* Suck up molten solder using a desoldering pump 


With very stubborn joints where the last traces of molten solder just can’t be shifted, 


Antihistamines 


These are usually taken to treat allergic conditions. Pharmacologically, many are closely related 
to the psychiatric drugs and share a common side effect, sedation. They cause the same 
potential hazards to diving as other sedatives. In addition, if antihistamines are taken to treat 
hay fever, there is a strong possibility of the diver developing ear or sinus barotraumas. These 
drugs seldom completely cure the nose and throat congestion. Other recently developed drugs 
are less sedative, but may provoke cardiac arrhythmias or bronchospasm (asthma). 


Antibiotics 


These have a large number of side effects, but few of specific relevance to diving. Tetracyclines 
can occasionally cause photosensitivity, a condition resembling sunburn caused by enhancing 
sensitivity to sunlight. Many antibiotics increase susceptibility to vomiting. 


The condition for which the antibiotic is taken is usually of more concern. This especially 
applies to respiratory tract infections which make the diver prone to barotraumas. 


Analgesics 


A diver suffering from pain which warrants the use of pain killers should generally not be 
diving. Apart from the adverse interactions some diseases can have on diving, the commonly 
used analgesics can have undesirable side effects. There is also the diagnostic confusion that 
may result between the painful condition aggravated by diving, and decompression sickness. 


Q) Aspirin. 


This commonly used analgesic causes an inhibition of the clotting ability of blood, with just one 
dose and lasts for many days. 


This is usually not a problem in everyday use — in fact the blood effect is used to prevent heart 
attacks and strokes. However, it can have implications if the diver develops inner ear 
barotrauma or serious decompression sickness. The increased bleeding tendency can result in 
haemorrhage into injured tissues, such as the spinal cord, with greater consequences. Ulcer-like 
erosions can also occur in the stomach, with vomiting and occasionally bleeding from the gut 


It may also cause bronchospasm, like asthma, in some divers. 

L) Paracetamol (acetaminophen). 

If a diver needs to take analgesics for minor pain (hopefully after excluding diving related 
illnesses as a cause), it is better to use paracetamol which has fewer side effects than aspirin. 


Paracetamol does not effect blood coagulation and avoids the stomach upsets, common with 
aspirin. 
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UL) Strong analgesics. 


Preparations containing codeine or dextropropoxyphene (both narcotic derivatives) and other 
strong analgesics are sometimes prescribed for severe pain. 


These drugs have comparable sedative effects to the tranquillisers and can have similar adverse 
interactions with diving. People with pain of this intensity should not be diving. 


Insulin and Anti-diabetic Agents 


People taking these drugs are prone to sudden depression of the blood sugar level which 
produces anxiety, confusion and then unconsciousness. This is particularly likely during 
exercise. This complication in the water often has a fatal outcome. Because of this possibility 
and other potential physiological complications (e.g. acidosis and hyperventilation), diabetics 
are generally advised against diving. 


Bronchodilators and other 
Asthma Medications 


Asthma is an inflammatory condition of the air passages of the lungs. It causes swelling of the 
lining of the airways, spasm of the muscles in the airways (bronchospasm) and obstruction of 
airflow through them. The bronchospasm can be reduced by aerosol sprays containing drugs 
such as salbutamol ("Ventolin") or oral bronchodilators. These can disturb cardiac rhythm and 
precipitate the sudden death syndrome during diving, because of the multiple trigger factors 
(see Chapter 35). 


While the use of these and other asthma medications will improve some of the airway flow and 
thus relieve symptoms, it does not cure the condition. Asthmatics have airways which are 
excessively sensitive to irritants, reacting with bronchospasm to stimuli such as cold dry air and 
sea water inhalation. There is usually a degree of obstruction in some of the airways most of the 
time. This makes them susceptible to pulmonary barotrauma or death from the diving sequelae 
of asthma - panic and drowning. 


Some oral bronchodilators (theophylines) can cause pulmonary vasodilatation — which could 
potentially allow asymptomatic venous bubbles from normally safe dives to enter the arterial 
circulation as gas emboli, even without pulmonary barotrauma. Asthma and these medications 
are incompatible with safe diving. 


Implanted Drug Delivery Systems 


Implanted reservoirs are now being used to deliver drugs which cannot be taken orally and 
which need to be used over prolonged periods. Many of the conditions for which these 
reservoirs are used are incompatible with scuba diving. 


Implants form a potential site of bubble formation during decompression. If bubbles form inside 
or around the reservoir, expansion in response to the gas laws may lead to excessive delivery of 
the drug. As experience with these devices in diving is limited, divers fitted with them are 
advised to seek expert medical advice concerning the possible complications. 
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PROPHYLACTIC 


(PREVENTION) DRUGS 





Statins 


These are frequently used to reduce the harmful effects of cholesterol, but may have other 
beneficial effects. Patients who need these drugs are likely to have an increased risk of cardiac 
disease, and so should be assessed more completely by their diving physician. 


Some recipients will respond to statins with serious muscular and other disorders and so diving 
should be delayed for some weeks or months to ensure these problems are not experienced. 


Oral Contraceptives — the "Pill" 


These preparations can have serious side effects, even without the complication of diving. In 
older high dosage drugs, excessive blood clotting resulted in occasional deaths from pulmonary 
embolus or strokes. 


Occasionally the pill produces serious psychological sequelae, migraine, nausea and vomiting, 
which may make diving more hazardous. 


The newer low dose oral contraceptives have a lower incidence of these disorders. The concern 
with diving is the possibility of more congealable blood interacting with gas bubbles during 
decompression. There is no overwhelming evidence to either confirm or refute this theoretical 
risk, despite a number of surveys on female divers. 


Anti-Sea Sickness Drugs 


See Chapter 32. 
Antimalarial Drugs 


Tropical countries offer some spectacular diving locations but also frequently have endemic 
diseases, including malaria. 


The chances of contracting this potentially lethal disease are reduced by the use of anti-malarial 
drugs such as chloroquine and pyrimethamine ("Maloprim"). Unfortunately many countries 
now have strains of malaria which are resistant to conventional anti-malarial drugs, making 
their use as a preventative measure not fully reliable. As well as being fallible, these drugs can 
have serious side effects including suppression of white blood cell production, anaemia, and eye 
damage. 


One of the anti-malarials, mefloquine ("Lariam"), can cause coordination disturbances and 
vertigo which may have alarming implications and cause diagnostic problems for divers. 
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A diver intending to visit a malaria endemic area should seek expert medical advice regarding 
prophylaxis for malaria in that area, as well as other more exotic tropical diseases. A diving 
physician should also be asked about possible interactions of the prescribed drugs with diving. 


RECREATIONAL (SOCIAL) 


DRUGS 





Alcohol 


Diving culture has traditionally included substantial use of alcohol. Like other drugs, it can 
have adverse interactions with diving. 


There is no safe blood alcohol level for diving and few people in their right mind would 
consider diving while under its influence. Some may not be aware that the liver has a limited 
capacity to metabolise this drug, so it is possible to have an appreciable blood alcohol level on 
the morning after a night of heavy consumption. Traffic police are well aware of this. They 
frequently apprehend drivers going to work with an illegal blood alcohol level on the morning 
after. 


The danger of alcohol consumption associated with aquatic recreations is well documented — 
80% of drownings in adult males are associated with alcohol use, in Western countries. The 
hazards are predictable. Alcohol intoxication, as well as impairing judgment and 
coordination, causes cardiac rhythm disturbances, impairs the pumping ability of the 
heart, reduces the blood volume due to excessive urine production, and increases heat loss 
through the skin (hypothermia). 


The disturbed physiology — otherwise known as a "hangover" — after excessive alcohol 
consumption is well known to the younger authors of this text. Used to excess, this drug is a 
toxin, damaging the liver, heart and brain. In divers, the vascular and metabolic dysfunction 
after heavy consumption is a probable risk factor for the development of decompression 
sickness. Increased susceptibility to both sea sickness and vomiting is frequently observed. 
Soporific effects may summate with those of nitrogen narcosis. 


Tobacco 


The gentle art of inhaling burnt tobacco leaf has some unfortunate side effects. The associated 
risks of lung cancer, heart and vascular disease are well known. There are more subtle effects. 


A smoker inhales carbon monoxide, which binds to the haemoglobin and reduces the blood's 
ability to transport oxygen by up to 10%. This reduces the capacity for exertion and impairs the 
physical ability to respond to an emergency (e.g. fatigue from a surface swim). The nicotine in 
the tobacco also stimulates the heart, making it prone to rhythm disturbances (arrhythmias). 


Airway narrowing caused by chronic smoke irritation impairs exercising ability and increases 


the risk of pulmonary barotrauma. A similar chronic irritation of the upper respiratory tract 
predisposes to ear and sinus barotrauma. 
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Marijuana — Cannabis or "pot" 


Chronic use of this drug causes many of the diving related respiratory problems attributable to 
cigarette smoke, and chronic bronchitis is especially common in heavy users. This predisposes 
to pulmonary barotrauma. 


Marijuana causes altered perception, impaired judgment, and mood alterations, which are 
incompatible with diving safety. As with other drugs, these effects are compounded by the 
effects of nitrogen narcosis. It also is said to increase the likelihood of hypothermia by 
blocking blood vessel response to cold. The allegedly "beneficial effects" of marijuana are 
negated by pressure! 


Cocaine ("coke") and Other Stimulants 


These drugs have similar physiological effects to adrenalin, stimulating and irritating the heart, 
causing potentially lethal cardiac rhythm disturbances, and elevating the blood pressure. 
Sudden death in young people from the cardiac effects is common, especially in athletes who 
exercise after taking cocaine. 


The mental stimulation and mood elevation impair judgment and encourage risk taking. Its 
use while diving, apart from being illegal, is very risky. 


Caffeine 


This drug is found in coffee, tea, cola, and many natural foods. Even chocolate drinks, 
periodically given to children at bedtime, contain it. It is one of the more innocuous drugs 
which is used almost universally. 


When used to excess it can irritate the heart causing rhythm disturbances which are a potential 


problem in diving or other strenuous exercise. It also stimulates urine production which 
discourages some divers from lending their wet suit to known caffeine abusers. 


Narcotics 
The sedative and judgment impairing qualities of these drugs makes their use during diving 


even more dangerous and destructive than their use as a recreational drug. 


Intravenous drug users have a significant risk of being infected with the hepatitis and HIV 
(AIDS) virus, which should be born in mind by their diving companions (see Chapter 28). 
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DRUGS FOR DIVING 


DISEASES 





Anti Sea Sickness Drugs 


See Chapter 32 
Sinus and Ear Problems 


Many inexperienced divers have difficulty equalising the ears and sinuses to pressure changes. 
Often this difficulty is associated with congestion of the lining of the nose, generally due to 
allergy (hay fever) or infection (URTI). Poor technique is a contributing factor. 


Nasal congestion can be relieved to some extent by the use of tablets such as pseudoephedrine 
("Sudafed"), or nasal decongestant sprays such as phenylephrine or ephedrine. They all have a 
disruptive effect on the heart's conduction system and may thus increase the likelihood of the 
sudden death syndrome. 


These agents used in proper doses on land have few harmful generalised effects. However their 
activity on the nasal tissues can be unpredictable. Prolonged use causes localised tolerance to 
the drug, eventually aggravating the congestion which they are supposed to relieve. This applies 
particularly to nasal sprays. Their effect can wear off during the dive, allowing a trouble free 
descent, followed by sinus or ear barotrauma during ascent (see Chapters 9 and 10). 


These drugs are sometimes used by divers to overcome the temporary nasal congestion of an 
upper respiratory tract infection (a cold or URTI). A safer approach is to avoid diving during 
the course of these infections. 


If the decongestant is somewhat effective, it may result in the diver avoiding barotrauma of 
descent (as the beneficial effect is on the nasal lining) but have little or no effect on the 
"internal" opening of each of the air passages (Eustachian tube, sinus ostia, etc.). Thus the diver 
is now vulnerable to an internal blockage which manifests during ascent and produces 
barotrauma of ascent. This disorder is far more dangerous than the disease for which he is 
taking it, as it prevents ascent to safety. Barotrauma of descent merely stops him diving. 


Self medication with these drugs is unwise and divers with “congestion” problems should seek 
the advice of a diving physician. 


Medication for use in Decompression Sickness 


In view of the relative unreliability of the decompression tables, researchers have experimented 
with drugs to inhibit the development of bubbles and speed gas elimination from the body. 
While some experimental drugs now allow laboratory animals to dive with a much greater 
margin of safety, no agents useful to human divers have yet been convincingly demonstrated. 
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Chapter 38 


MEDICAL 
EXAMINATIONS 


FOR DIVERS 





This chapter is not adequate to instruct a medical practitioner on the complexities of performing 
diving medical examinations. Special courses and qualifications are needed for this purpose. 


Because of the unique physical and physiological conditions encountered in diving, medical 
standards for divers differ considerably from those of other sports. As a result it is sometimes 
necessary for a diving physician to advise a prospective diver against diving because of a 
disqualifying condition. Sometimes the recipient of this advice is supremely physically fit, and 
some have been of Olympic standard. These individuals understandably find it difficult to 
comprehend how a physically fit athlete is not necessarily fit to dive, medically. 


To those with more knowledge of diving patho-physiology it becomes obvious that even the 
highest standard of physical fitness will not protect a diver from some of the complications from 
lung cysts or asthma, from a diving death. 


The examining physician must consider many factors when conducting a diving medical 
examination. Almost 10% fail the medical and 10-15% incur specific diving limitations or 
advice, for safety reasons. 


PSYCHOLOGY 


The ideal diver is probably the cool James Bond like character we would all like to be - stable, 
calm under stress, able to endure physical and mental pressure, not prone to anxiety, able to 
conveniently ignore danger, slightly overweight and perhaps not surprisingly, a fluent liar. 


Psychological stability is difficult to evaluate during the medical examination. Some clues may 
be gained from the history of sporting activities and occupation. Often the diving instructor is 
best able to evaluate the diver's psychological make-up during the course of instruction. 
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Fig. 38.1 


AGE 


Ideally the trainee diver should be aged between 18 and 35 
years although exceptions can be made at both extremes of 
age. Divers over 45, if complying with the medical standards 
should be acceptable, but may require special tests such as a 
cardiac risk assessment and physical fitness checks. 


Divers younger than 16 require very careful supervision 
during and after training because of their often smaller 
stature, limited strength and (most importantly) emotional 
immaturity. A buddy line to an experienced adult diver is 
recommended during the training of youthful divers. The 
mature and experienced buddy of an adolescent diver should 
take control of the dive and remember that his buddy may be 
an unreliable rescuer if difficulties arise. Most reputable 
medical authorities will not certify divers under the age of 
15-16 years, without imposing serious limitations. This does 
not prevent younger divers being given a limited "diving 
experience" by qualified diving instructors under very strict 
and controlled conditions, and provided they are medically 
fit. 


OCCUPATION 


Pilots and aircrew are advised of the risks associated with flying after diving. Musicians, sonar 
operators, cardiologists, pilots and others reliant on excellent hearing for their livelihood are 
informed of the small but real risk to their hearing, or development of tinnitus, should they 


suffer ear barotrauma. 


MEDICATION 


Any illness requiring drug treatment needs careful consideration because either the illness or the 
drug may compromise diving safety. Sedatives, tranquillisers, antidepressants, antihistamines, 
anti-diabetic drugs, steroids, anti-hypertensives, anti-epilepsy drugs, alcohol and hallucinatory 
drugs such as marijuana and LSD all place the diver at risk. See Chapter 37 for more specific 


details. 
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Some antibiotics may have no direct adverse effect on diving, but the condition for which they 
were prescribed may have. 


Experience and experiments indicate that many drugs which affect the brain have unpredictable 
effects on a diver exposed to the very high pressures encountered in deep diving. 


HEART 


Most heart diseases or abnormalities of heart rhythm are incompatible with safe diving and are 
disqualifying conditions. They can often be inferred from the personal or family history, clinical 
examination, biochemical tests or electrocardiograms (ECGs). The blood pressure should be 
normal for the age of the diver. See Chapter 35. 


OBESITY 


The overweight person is more prone to decompression sickness when air diving and is likely to 
have a reduced level of physical fitness. Most physically fit obese individuals may dive safely 
with appropriate reductions of the allowable durations of dives. 


LUNGS 


Lung disease is a disqualifying condition. The diver needs normal lung function to allow a 
reserve of respiratory function to cope with exertion and to permit easy air flow from the lungs 
to avoid pulmonary barotrauma. The lungs must be very elastic to 
enable them to stretch during sudden volume changes on ascent. A 
history of asthma, chronic bronchitis, bronchiectasis, fibrosis, cysts, 
spontaneous pneumothorax, chest injury or chest surgery are 
disqualifying conditions. 


The doctor may be able to detect localised airway obstruction (which 
can lead to a burst lung) by listening to sounds made in the chest 
when the diver breathes deeply and rapidly. The history and 
respiratory function tests (expiratory spirometry) aid in the 
assessment. Occasionally radiological screening (Chest X-ray, CT 
scan etc.) may be necessary. 





There was a dramatic drop in the incidence of burst lung in 
Australian Navy divers after the institution of these standards. 


Fig 38.2 
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Fig. 38.3 
Diving candidate blowing into a "Spirometer" to assess lung function. These devices have been largely 
replaced by digital expiratory spirometers, standardised for the specific population being tested. 


EAR, NOSE AND THROAT 





The ears, nose, throat and sinuses account for most diving induced illnesses. Any acute infection 
such as a cold will temporarily disqualify a candidate. A history of chronic or recurrent allergies, 
hay fever, sinusitis, tonsillitis, or tooth decay needs special assessment. Diving should be 
avoided while so affected. A deviated nasal septum (often appearing as a crooked nose) can 
cause obstruction of the sinus openings. All these factors can predispose to sinus or ear 
barotrauma. 


The ears are carefully examined. The outer ear must be free from infection and not blocked with 
wax. The eardrum must be seen to be moved voluntarily during the Valsalva, or other 
equalising manoeuvre. An eardrum which has been scarred from previous perforation may be 
weakened. The examining physician, by viewing the ear drum while the diver attempts middle 
ear equalisation, can advise on correct techniques to be used when diving. 
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it sometimes helps to actually add more solder and then desolder the whole lot again with 
a pump. 


The hearing function test (pure tone audiogram) measuring hearing up to 8000 Hz is 
performed. Any significant hearing loss is regarded seriously since there is a risk of further 
hearing loss if barotrauma to the ears occurs during the diver's exposures. 


Damage to the hearing organ may also be associated with disturbance of the balance organ. A 
special type of balance test is used to detect this, called the Sharpened Romberg, and further 
investigation is by an electronic measurement (electronystagmogram) if necessary. It is 
important to detect any balance organ dysfunction since it can lead to vertigo and vomiting 
underwater. 


EYES 


Good vision is essential for the diver to see his boat or buddy, if he surfaces some distance 
away. A diver who has impaired vision can have corrective lenses included into his face mask, 
but should always dive with a visually fit buddy in case the mask is lost or broken during the 
dive. See Chapter 5. 


Contact lenses can pose problems and advice is needed about these. Hard lenses can trap 
bubbles between them and the cornea, causing pressure damage. Soft lenses are susceptible to 
loss — especially during mask removal. These divers are advised to keep the eyes closed when 
removing the mask, either underwater or on the surface. See Chapter 32. 


The operation of radial keratotomy, used to surgically correct short sightedness, can cause 
problems. With this procedure, the cornea is cut radially in a sunburst pattern to change the 
curvature of the cornea. These cuts weaken the cornea which is prone to burst if the eye is 
bumped or subjected to external pressure reduction. If such a diver develops face mask squeeze 
(see Chapter 12), the eyeballs may actually rupture. Anyone who has undergone this operation 
should not dive. Most modern techniques, such as Laser resections for myopia, involve only 
minimal damage to the cornea, and are not a problem. 


Colour vision is of lesser importance, apart from a few professional diving situations involving 
colour coded cylinders or wires (involving explosives). 


BRAIN 


Any disorder of the nervous system will complicate and confuse diagnosis and treatment of 
diving illnesses such as cerebral air embolism and decompression sickness. 


Epileptics, even if controlled by drugs, should not dive as an epileptic fit underwater could 
prove fatal. The higher partial pressures of oxygen encountered during a scuba dive may render 
these persons more vulnerable to such attacks. Hypoxia, hyperventilation and sensory 
deprivation can aggravate fits. Many divers have had their first fit underwater. 


Migraine is often made worse by diving (see Chapter 32). Severe migraine attacks leading to 


incapacity have occurred during dives in previously mild sufferers. It may also complicate 
recompression treatments. If certain precautions are observed some migraine sufferers can 
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engage in limited diving in reasonable safety. A patent foramen ovale in some divers may 
increase the frequency of migraine. 


GENERAL CONDITIONS 





Other diseases of the body such as diabetes mellitus (see Case History 33.6), severe kidney or 
liver disease also increase the risks of diving. 


Muscle, bone and joint diseases or injuries can predispose to decompression sickness and make 
diagnosis and treatment of this disorder more difficult. Fatigue may be induced more easily. 


Professional divers or those who frequently undertake decompression diving may require long 
bone radiology or scanning (see Chapter 17) to establish a baseline in the event of bone 
abnormalities developing, and for legal reasons. Because of the low risk of dysbaric 
osteonecrosis, the cost and the potential hazards posed by radiation exposure, these are not 
usually recommended for recreational divers. 


A history of motion sickness is significant because it interferes with safe diving and it is 
difficult to vomit through a demand valve. Divers with a propensity to this condition need 
advice from the physician on remedies for seasickness which are compatible with safe diving 
(see Chapter 32). 

Smoking diminishes physical fitness and can predispose to lung, sinus and ear barotrauma. 


Pregnancy should preclude diving (see Chapter 8). 


PHYSICAL FITNESS 





This refers to the strength and speed, so necessary to athletes. It includes muscular, cardiac and 
respiratory capabilities. It is important to divers, as they are often called upon to exert 
themselves, to survive. One reasonable standard is to require an ability to swim, unaided, a 
distance of 200 metres in less than 5 minutes for recreational divers who do not subject 
themselves to difficult conditions. For professional or competent divers, this could be reduced to 
4 minutes. 


Medical fitness for diving refers to the freedom from illness likely to prejudice diving safety. 
"Physical fitness' does not necessarily equate with 'diving medical fitness'. 


It is not uncommon for physically fit young individuals to feel quite distressed when advised 
against scuba use by diving medical practitioners. 
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MEDICAL EXAMINATION 


FORMAT 





There is little doubt amongst responsible diving instruction 
groups and diving medical associations, that mandatory full and 
comprehensive medical examinations should be performed on all 
divers before commencing scuba training. It is also needed 
before using scuba apparatus — even in such shallow and 
apparently safe locations as a swimming pool. 


During a recent workshop on diving medical examinations, the 
following consensus was achieved with this advice for 
recreational divers: 


¢ All diving candidates must be examined according to an 
established diving medical Standard. An example is the South 
Pacific Underwater Medicine Society (SPUMS) Medical Format 
(included in this Chapter) prior to commencing any use of scuba 
apparatus — even if only in a pool. Fig 38.4 





¢ The medical examiner must have been trained appropriately (at a recognised course) in 
diving medicine. 


¢ Should any doubt exist as to the 'fitness' of an individual, then that person must be 
referred to a specialist diving medical practitioner (i.e. one with extensive training and 
experience in diving medicine). 


This textbook is not aimed at instructing medical practitioners in Diving Medicine — although it 
will serve as a useful primer for those interested in this type of medicine. A list of recommended 
courses of instruction and reading texts is included in Appendix A. 


A copy of a typical Diving Medical Format follows. It is suitable for candidates wishing to 
experience Scuba diving or to subject themselves for diver training. It must be performed and 
interpreted by a physician trained in diving medicine by an accredited body. 


It comprises 3 sections: 


(1) Medical history 
(2) Diving [and diving medical] history 
(3) Clinical examination and investigations. 


Each is necessary and every item except for identification data, is of relevance to diver safety 
and diving limitations. 
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APTENTIX B 
PRE-DIVE MEINCAL FORM FOR PROSPECTIVE ENTRY-LEVEL SCUBA DIVERS 
The first two pages te be competed by candidate 
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| cereify that the abowe informative is true aad Comptese wo the beet of fry kncrwledge arsl | hereby authorise 
; to give medical opinoon as to my fitness, of temporary of permasent 
enfitness to dive to (Diveshap) | also authors him oc Ser co obtain of sappty 
medical information regaeding me bo other doctor as may be necessary 


Sagned: Date: 


Llapwi JO ~~ 7 


MEDICAL EXAMINATION: To ie Completed By As Approved Medical Practitioner. 





Detach the certificate below and hand to the candidate, 
Medical Benefits Refund andor Medical Retate is not permeedble, by Liw, for this examination. Eewe of any 
lien Number which allows the candidate to claim suct benefit will result ts the physician being guilty of meditrond 


This is to certify that I hawe examined 
Name 
Address: 


in accordance with the requarements of thee Australian Standard for the truinkng amd certification of recreational 
divers, und bave foend hiner to be: 

Fe Permanenly Unfit ‘Temporarily Unfit (0 be reverwed om ) for diving and 
diving training to 18 m undertakes using coorpressed air underwaict. Auhogram oontadahnormal (see bebow) 
Primed Name Sagned 

Adkiveas: 


Date 
Telkeptoae 
Advice 


Chapter 38 — 10 


Chapter 38 — 11 


Chapter 39 


FIRST — AID KIT 





Certain drugs and equipment are of value in a diving accident and a diving team could 
reasonably be expected to acquire and carry these on diving expeditions. Training in the use of 
these, as well as in resuscitation, is of great importance. 


FIRST-AID MATERIALS 





For shark attack or trauma, large sized thick cotton pads (more than 20 cm square) with 10 cm 
crepe bandages (6 of each) are useful to make pressure dressings to stop bleeding and also 
for pressure bandages to reduce venom absorption. If obtainable, shell dressings of the type 
used by the military are ideal for this purpose. They can sometimes be obtained from army 
disposal stores. 

A rubber bandage 10 cm wide ("esmarch" bandage obtainable from a medical equipment 
supplier) for use as a tourniquet. When wrapped tightly around the limb this is the best form 
of tourniquet. It covers a wide area, effectively stopping blood flow to the limb while 
minimising damage to tissues under the tourniquet. 

Small adhesive skin dressings such as Elastoplast or Band-Aids. 


Surgical instruments — scissors, artery forceps, fine forceps, disposable scalpel blade, 
disposable syringes and needles. 


An aluminised thermal blanket such as a "Space blanket" to protect divers suffering from 
hypothermia. 


Heat packs — of value in treating fish and jellyfish stings. 
Cold packs — of value in treating jelly fish sting and general muscular strains 
Eye irrigation solution. 


Torch, pen and paper (for recording purposes). 
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RESUSCITATION 


EQUIPMENT 





¢ Airways (Guedel type) in two adult sizes are useful if a victim loses consciousness and 
develops airway obstruction, or if artificial respiration is needed. A positive pressure air system 
(such as an AMBU Bag) is of value in combination with the airway for prolonged artificial 
respiration. 


¢ Oxygen Resuscitation Equipment. A supply of oxygen and equipment to administer it can 
be lifesaving in some diving accidents. Devices as described in Chapter 40 should include a 
complete oxygen supply and delivery system in a robust portable container. 


¢ A large oxygen cylinder with appropriate adaptors should be available if diving at a distance 
from diving medical facilities and recompression chambers. 


An underwater oxygen system (appendix C) for recompression therapy by more sophisticated 
groups, in remote areas. 


MEDICATIONS FOR 


DIVING PROBLEMS 





¢ Household vinegar, preferably in a one litre container, to neutralise adherent stinging cells of 
box jelly fish and some other jelly fish. Household bleach is useful for sterilising coral cuts. 


¢ Local anaesthetic spray or ointment (lignocaine) to relieve the pain from minor stings from 
animals such as Portuguese man-o-war and other jellyfish stings. Solacaine or other anti-burn 
preparations such as Tannic acid sprays may be efficacious for this purpose. 

¢ Topical antibiotic powder to prevent infection from coral cuts and other minor injuries. 


¢ Skin antiseptic solution such as chlorhexidine for cleaning wounds contaminated with dirt. 


¢ Broad spectrum antibiotic tablets (e.g. erythromycine, doxycycline) to initiate treatment for 
serious infections, otitis externa, otitis media, sinusitis, and coral cuts etc. 


¢ Prophylactic ear drops such as commercial preparations of Aqua Ear, Vosol or Otic 
Domoboro. 


¢ Therapeutic ear drops, including antibiotic and steroid combination, for outer ear infections. 
¢ Local anaesthetic for injection such as lignocaine 1% (without adrenalin) for wounds from 
stone fish and other fish stings. Up to 15 ml of this solution can be injected into the stung area 


in an adult and repeated every 2 hours if necessary. 


¢ Antivenoms — depending on the geographical location. 
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GENERAL MEDICATIONS 





¢ Anti-diarrhoea tablets such as diphenoxylate ("Lomotil") or loperamide ("Imodium"). 


¢ Analgesics (pain killers) such as paracetamol (acetaminophen). Aspirin, or drugs containing 
this substance, may be unpredictable and hazardous and are best avoided. 


¢ Ultra-violet blocking sunscreen (SP15+ or greater). A 1% hydrocortisone cream is useful 
to treat sunburn, allergic dermatitis or itching. 


¢ Anti-Seasickness tablets (see Chapter 32). 
¢ Decongestants — pseudoephedrine tablets, and topical nasal sprays. 


¢ Topical antibacterial and antifungal preparations, such as Cicatrin or Neosporin. 


TRAINING 





A diving team venturing to a remote locality should have at least one member (preferably two 
in case that one becomes the victim of an accident) trained in first aid relevant to divers. 
Resuscitation and oxygen administration requires expert training and supervision. Training in 
the use of injections is an advantage, both for the administration of local anaesthetics, 
antivenoms and other drugs under the direction and advice of a distant medical specialist. 


MEDICAL INFORMATION 





Perhaps the most valuable addition to any first aid box is a source of information. This should 
include diving medical texts (see appendix A) and general contact numbers (see appendix B 
& D) for both medical assistance and recompression chamber availability. This should be 
supplemented by local contacts and phone numbers of knowledgeable divers and diving 
physicians. 


A copy of this book should remain with the First-aid kit. 


Also in the kit should be a list of its contents, including purchase and 
expiry dates of the drugs. 
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Desolder Braid 


An alternative to a pump is to use desoldering braid which arrives in small 
dispenser reels. It’s a flux-impregnated fine copper braid which is applied to the molten 
joint, and the solder is then drawn up into the wick by capillary action. It’s remarkably 
effective and for certain tasks, it can be more thorough than a pump. I recommend that a 
small reel is bought (start with 1.5mm width) for the toolbox, to tackle larger or difficult 
joints which would take several attempts with a pump. 


“ Desolder braid is also handy and can sometimes be more effective than a 
desolder pump. It comes in various widths to suit the scale of work being tackled. 


To use desolder braid, press the end of the braid down onto the joint using the tip of 
an iron, and let the solder melt underneath: the braid will then absorb the solder. The braid 
becomes hot so beware of burns. Once the solder’s solidified on the braid, cut it off and 


discard. 








INFORMATION NEEDED 
about a DIVING ACCIDENT. 
CHECK LIST 





Name of informant 
Name and age of victim 


TELEPHONE NUMBER to return call, or if 
disconnected 


Geographical location (+ local medical facilities or 
RCCs) 


Case history 
Initial symptoms, including time of onset 
Description of clinical symptoms + progress 
Signs of illness 
Negative findings (symptoms NOT present e.g. micturition, 
dyspnoea, skin wounds) 
First aid given (including oxygen, amount and method) 





Dive details: Profile, gases, deco,(+ recent dives) 
Personal history 
Diving 
IlInesses — diving and general 
Medications and surgery 
Any other persons injured 
First aid facilities and/or medical personnel available on site 


Follow up arrangements 


Medevac possibilities 
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Chapter 40 


OXYGEN THERAPY 


ee eles 





100% Oxygen (O2) therapy is an essential technique in first-aid treatment of many diving 
emergencies. Unfortunately, the correct use of O2 equipment is often poorly understood by 
divers. See Chapter 16 for details of the use of O2 in decompression sickness. 


OXYGEN BREATHING 


EQUIPMENT 





The apparatus for administering O2 is not unlike a scuba system. It comprises a cylinder 
which holds the oxygen at a pressure comparable to scuba tank pressure, and a pressure 
reducing valve (regulator) connected either to a demand valve or to a constant flow 
system. There is a need to avoid the use of flammable lubricants (such as oils and silicone 
grease) which can cause explosions in the presence of Op. 


Oxygen can accelerate burning, cause spontaneous combustion, and can make ordinarily non- 
combustible materials burn furiously, so its use requires a strict fire prevention attitude. 
Oxygen should not be administered near heat sources, and smoking near O» is even more 
hazardous to your health than usual. Oxygen should not be used in poorly ventilated areas 
where high concentrations can build up. All equipment must be kept clean and the cylinder 
valve should be turned on slowly and the system purged before Op is given to the patient. If 
the patient is unconscious, always check that the apparatus is working by you or an attendant 
breathing on it first. 


The O2 can be delivered in high or low concentrations depending on the apparatus used. With 
a constant flow system, the O can be delivered to the patient through either a cheap 
disposable (usually loose fitting) plastic oxygen mask, nasal prongs, a nasal catheter or a 
bag-valve-mask resuscitator system. 


Where the administration of 100% Oz is required (e.g. in first aid for decompression illness) 
this means that nothing but Op is inhaled by the diver. Many of the O2 masks commonly used 
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in medicine have 100% Oy delivered to the mask, but, the patient inhales only about 25-50% 
O» because the design of the mask allows this Oz to mix with air, which dilutes the final 
breathing mixture. The disposable plastic O2 masks in common use in ambulances and 
hospital casualty rooms are of this type. 


These are NOT adequate for treating serious diving injuries. 





a, 





Fig. 40.1 
These oro-nasal plastic masks, catheters and nasal prongs 
are not adequate for treating divers with 100% O2. 


As a general rule, decompression sickness, gas embolism (and other manifestations of 
pulmonary barotrauma), carbon monoxide poisoning and near drowning cases should be 
given 100% Oz from the outset. 


Other diving accidents which produce shock or hypoxia can sometimes be helped with lower 
concentrations of O2. In general, if the patient is cyanosed (blue) they need O> in a sufficient 
concentration to make them pink again. Usually, 100% Oz is needed for treatment of diving 
accidents. 


CONSTANT FLOW 


SYSTEMS 





Such devices deliver a constant flow of O» to a mask or an alternative delivery system. 


There are several types of plastic disposable oxygen masks available, the Hudson mask 
being typical. Each is normally accompanied by instructions which specify the correct O2 
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flow to use, most masks using a flow of about 4—6 litres per minute. These masks allow the 
O, flow to be diluted by inspired air, the flow of which varies during inspiration and peaks at 
about 30 litres per minute. Because of this, the concentration of O2 which the patient actually 
inhales is reduced from 100% to about 40 or 50%. 


To increase the inspired O» percentage, increase the O2 flow. Unless this is increased beyond 
30 litres per minute an inspired percentage of 100% is not attainable. Such high flow rates 
rapidly deplete most divers’ O2 supply. 


A device known as a nasal prong (see above photo) is available which delivers O2 by small 
tubes directly into the patient’s nostrils. An elastic head strap holds the prongs in place. This 
system has a similar efficiency to the common loose fitting O2 mask but is more comfortable 
and more effective for long term use because it is less likely to dislodge when the patient 
sleeps. 


These systems are acceptable when O2 supplementation in low concentrations is all that is 
required. Cases in this category would include typical general medical conditions found in 
hospitals such as heart attack, and mild recovering cases of near drowning, salt water 
aspiration syndrome and shock associated with serious trauma or shark attack. 


HIGH CONCENTRATION OXYGEN 


SYSTEMS 





When near 100% Op delivery is required in cases such as decompression sickness, pulmonary 
barotrauma or near drowning, a more efficient Oz delivery system is necessary. 


This can be achieved by a demand valve, an O> circuit incorporating a rebreathing bag, or a 
bag—valve—mask device with an Op? inlet and a reservoir bag with a very high Op flow rate. 


Demand Valves 


The simplest and most effective way to deliver 100% Oy» is via a demand valve - like a 
second stage regulator. 


Some demand valves have been specially designed for O2 administration. Some, such as the 
Oxiden and LSP demand valves, are designated to provide O2 only to spontaneously 
breathing patients. Others, such as the Robert Shaw (which is used on the Oxy Viva, 
marketed in Australia) and the Elder demand valves, can produce 100% Oy to a 
spontaneously breathing patient as well as provide QO resuscitation to a non-breathing 
casualty via a manual trigger. DAN also supplies an oxygen kit with this type of valve. 


These demand valves are usually used with a tight fitting anaesthetic type mask. However, 
some can be fitted with a scuba mouthpiece to provide O2 to a breathing diver (in this case 
the diver's nose should be sealed with a nose clip or by some other means). 


In an emergency in remote locations, certain demand valves can be adapted to deliver Op, 
with an adaptor connected to an O2 reducing valve, or alternatively by connecting the diver's 
first stage regulator to an Op cylinder, using the specialised adaptor. It is essential if this 
system is used that all components in the breathing system (including the lubricants) are O 


Chapter 40 — 3 


compatible. Otherwise the diving illness may be complicated by fire, explosion, or shrapnel 
injuries. When using this type of system the regulator should be tested for safety by purging it 
before anyone breathes from the system. 





Fig. 40.2 
A system designed by DAN (USA) specific for divers and incorporating a demand valve for 
100% O32 inhalation. The diver must be breathing spontaneously. 


Rebreathing System 


Oxygen use can be reduced if the diver breathes from a system which permits him to 
rebreathe some of his exhaled gas. This requires the nitrogen to be flushed from the breathing 
circuit after a few minutes rebreathing, and the exhaled CO; to be absorbed in a soda line (or 
similar chemical) canister. There are commercially available units using this system. 
Technical divers frequently use diving sets that can be used for 100% Op. 
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PSA Oxygen Concentrator 


These devices use a molecular sieve to filter nitrogen from air and deliver high 
concentrations of oxygen. They are available in a portable size and can be battery powered. 


Bag—Valve—Mask Respirator 


These devices comprise a self inflating rubber or plastic bag and a valve system which allows 
the patient to be ventilated with air through a mask by squeezing the bag. Oxygen can be 
piped into the circuit to increase the inspired O» concentration. If a reservoir bag is attached 
to the inflation bag, the inspired O2 concentration can be increased to almost 100% by using a 
large O2 flow (approx. 12—14 litres per minute), providing a good seal is achieved and the 
patient's respiratory volume is not excessive. The valve system also allows the patient to 
breath spontaneously from the device. Details of the operation of these devices vary between 
manufacturers and are outlined in the instruction manual supplied. 





Fig. 40.3 
A resuscitator showing anaesthetic-type mask, hand-squeezed breathing bag, oxygen 
reservoir bag and head strap to secure mask to diver's face. 


Multiple Systems 


Most countries have a variety of multi-purpose near 100% Oz delivery systems available. 
Aga, AG, CIG, Ambu, LSP, Drager and Laerdal and DAN manufacture such units. Self- 
contained O, therapy units and resuscitation devices are now available with a demand valve 
allowing the patient to either breathe spontaneously out of the device, be given positive 
pressure ventilation by manual pressure, or use a breathing bag. A flow meter can be fitted to 
another part of the system, to allow O2 to be delivered to a mask at a high continuous flow 
rate. The details vary between resuscitators and are explained in instructions supplied with 
them. The entire device should be contained in a sturdy rustproof metal or heavy duty plastic 
box which is compact, water resistant and easy to carry. It should have an adaptor and be able 
to be supplemented by connection to a larger O cylinder, if necessary. 
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GENERAL INFORMATION 





Oxygen Toxicity 


(See Chapter 21). 100% Oz will cause some reversible damage to lungs after 18—24 hours. 
This has to be balanced against the benefit of the condition being treated and this will usually 
be physician's decision. If medical advice cannot be obtained, in decompression sickness and 
gas embolism cases, or with near-drownings or carbon monoxide toxicity, Oz toxicity is 
generally the lesser of two evils, and it is usually best to continue giving 100% Op until 
expert advice to the contrary is given. 


Oxygen toxicity is generally not a consideration with low concentration devices as they do 
not delivery much more than 40% Op, which is probably below the threshold for toxicity for 
the estimated duration of exposure. 


Contraindications to O, Therapy 


In addition to the problems of O2 toxicity, there are some problems associated with oxygen 
usage in the general community. 


There is a theoretical risk to premature babies (eye damage) and to sufferers of emphysema 
(respiratory depression). Neither of these groups are numerous in the diving population. 


In recent years a problem of sensitivity to O2 has emerged in cancer sufferers who have been 
treated with the drug Bleomycin, and similar substances. These people can suffer from 
severe, permanent lung damage if given O» in concentrations greater than 21% (air). This 
problem is not likely to be frequently encountered, as these people should be excluded from 
scuba diving. 


Practicalities of O, Administration 


The main disadvantage of resuscitation apparatus is the limited O2 supply available from the 
contained O» cylinder, because sufficient O2 must be supplied to allow for transport of the 
diver from the accident site to an appropriate medical facility. This can be overcome by 
carrying additional cylinders or by an adaptor which allows a connection to a larger O2 
cylinder. Estimate the rate of consumption of O2, the supply available, and plan accordingly. 
During transport, and whenever O is given, attention must be paid to adequate ventilation to 
prevent O> build up to dangerous levels. 
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All divers are encouraged to undergo additional training in resuscitation and O 
administration. This should be mandatory for dive masters and dive instructors. 


Cases such as gas embolism and decompression sickness generally require 100% inspired 
QO, from the outset. A system capable of delivering 100% O must be chosen. Even then, an 
ill fitting mask may allow air to be breathed around the seal, diluting the O2. Attention to the 
mask fit and attachment is necessary to prevent this. It is especially likely if the patient 
sleeps. If a demand valve is used, make sure the patient does not breathe air through the nose 
at the same time. This can be prevented by using a nose clip (improvise if necessary) or a 
diver's face mask. 


Whenever O> is administered there is a serious fire hazard since increased concentrations of 
O> accelerate burning and can make ordinarily non-combustible materials burn furiously. The 
area where the O is administered should be well ventilated and sources of ignition and 
combustible materials (including cigarettes) should be avoided. The system should be turned 
on slowly and should be tried and running before it is applied to the patient's face. 


Further information may be obtained from the text "Oxygen First Aid for Divers"— by John 
Lippmann, J.L. Publications, Australia. 





Guedel Airways 


Fig 40.4 

A portable oxygen resuscitator. This system allows positive pressure ventilation with 100% O2 
for a non-breathing diver, or passive demand supply for a breathing diver. A long supply hose 
can be fitted to a larger cylinder containing 100% O2 for prolonged use. The airways and suction 
appliance are included 
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Chapter 41 


TRAINING & SAFETY 
CHECKLIST 


SAFETY INFORMATION AND BACKUP 





Diving manuals and library (see Appendix A). 

Diving medical and safety manuals and texts (see Appendix A). 

Diving medical organisations (see Appendix B & D). 

Medical Insurance — DAN has organised this for North Americans, world wide. 
DAN.AP covers the area from the eastern Indian ocean to the western Pacific ocean 
BSAC arranges insurance from the UK/Europe. 

Most diving shops and organisations advise on the relevent local contacts. 


DIVER TRAINING 





¢ Physical fitness — 200 metres unassisted swim in less than 5 minutes. 

¢ Medical examination fitness for diving by a qualified diving physician. 
Includes pure tone audiogram and expiratory spirometry. 

¢ Entry level diving certificate. Qualified by a diving instructor from a reputable 
training organisation. 

¢ Advanced level training, specialty courses such as buoyancy training. 

¢ Diving rescue and resuscitation training. 

¢ Specialised courses for the specific diving environments (cave, deep, etc.). 
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DIVE PLAN 


¢ Boat operator's safety and equipment check. 

¢ Dive plan — includes terrain information, navigation and emergency plan, 
maximum depth, air supply, ascent rate, safety and decompression stops. 

¢ Basic diving equipment check and maintenance. 

¢ Dive responsibility, documentation and buddy system. 

e Diving rescue equipment — includes BC, emergency air supplies, 

alarm signals, etc 

Lost diver strategy, including EPIRB in open ocean. 

Diving rescue plan - includes boat / buoy / diver backups. 

First-Aid kit and resuscitation equipment. (See Chapters 39 and 40). 

Emergency contact numbers (local and elsewhere). 


FOR DIVE OPERATORS 





Register trip plan with local maritime or port authority 
Rescue and resuscitation equipment and training 
Onboard observer and recorder (diver in/out times) 


Communication system. Satellite phone, radio etc 


A good lawyer! 
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“* Desolder braid can also be used to remove excess solder, e.g. two i.c. pins 
shorted together. 
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“* Press some desolder braid over the joint, then melt it with an iron to draw molten 
solder up the braid. 


CHECK LIST FOR DIVING 


ACCIDENTS 





INFORMATION NEEDED if reporting a DIVING ACCIDENT. 
for both reporter and recipient 


Check List 


¢ NAME of informant 
¢ NAME AND AGE of victim 
¢ TELEPHONE NUMBER to return call, or if disconnected 
* Geographical LOCATION (+ any local RCCs) 
¢ CASE HISTORY 
o Initial SYMPTOMS, including time of onset 
o Description of clinical symptoms + progress 
o Signs of illness 
¢ NEGATIVE FINDINGS (symptoms that are NOT present) 
¢ FIRST AID given (including oxygen, amount, method and time) 
¢ DIVE DETAILS Profile, gases, deco, (+ recent dives) 
¢ PERSONAL HISTORY 
o Diving 
o Illnesses — diving and general 
o Medications and surgery 
¢ Any other persons injured 
¢ First aid FACILITIES and/or medical personnel available on site 
¢ Follow up ADVICE and ARRANGEMENTS 
¢ Possibility of medevac 


n.b You may think that you have read this before, in Chapter 39. You have. In emergencies, 


either chapter may be accessed. 
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Chapter 42 


RESUSCITATION 


REVIEW 





It is not possible to learn the techniques of resuscitation from a book. To acquire these skills, the 
authors recommend that all divers undertake a resuscitation course from one of the many 
organisations worldwide which teach these techniques. Once learnt, the skills need to be practised 
regularly, just as do diving emergency procedures. 


The protocol used here is meant as a reminder to divers who have already been trained in 
resuscitation. It is based on the basic life support (BLS) recommended by the Australian 
Resuscitation Council <http://www.resus.org.au/>. Organisations in other countries may have 
slightly different protocols, but if from reputable organisations they should be equally effective. 


WHAT IS RESUSCITATION? 





Resuscitation is the restoration or preservation of life using basic life support (BLS). This includes 
the A-B-C — Airway, Breathing, and Circulation — to preserve oxygenation to vital tissues. The 
most important tissue to protect from hypoxia is the brain. 


Expired Air Resuscitation (EAR) is usually the best method of initially ventilating the lungs. If the 
rescuer has the equipment and skill to ventilate the victim with an Oxygen Resuscitator, then that is 
preferable for diving accidents. 


ASSESSMENT OF THE DIVING CASUALTY 
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D and R - DANGER and RESPONSE 





DANGER 


It is important to protect yourself, others and the victim from further injury. It includes retrieval of 
the victim from a drowning or hypothermic situation, protection from marine animal injuries (shark 
attack, chironex tentacles etc.) and avoidance of physical trauma from boats, surf etc. 


RESPONSE. Is the Victim Conscious? 


Most problems arise in an unconscious victim. If the victim appears unconscious, confirm this by 
shouting at him and squeezing the shoulder. If the victim does do not respond, he is probably 
unconscious. If the victim is conscious he will normally take care of his own airway and breathing. 


Exceptions to this are the sea snake, blue ringed octopus or box jellyfish (Chironex) envenomation, 
where the victim may be conscious but paralysed. In these cases the victim will not respond to 
shouting, so the management for an unconscious victim (which is appropriate) will be undertaken. 


If the victim is unconscious he will be in danger of hypoxic hypoxia from obstruction of the airway 
or inhibition of breathing, or of stagnant hypoxia from lack of circulation (see Chapter 20). 


With an unconscious victim, take care of the following systems: 


e AIRWAY 
¢ BREATHING 
¢ CIRCULATION 


This is easily remembered by the mnemonic — A-B-C. 


Maintenance of airway, breathing and circulation takes precedence over other forms of care. Without 
these functions, the victim is certain to die. 


A — AIRWAY 


An unconscious victim loses muscle control. Loss of control of the muscles of the throat and tongue 
can cause the airway to become obstructed. This is particularly likely when the victim is lying on his 
back, mainly due to the tongue falling backwards into the throat, due to gravity. 


The airway can be further obstructed by vomit, saliva or foreign material. This would normally be 
swallowed or spat out by a conscious person, while any material which entered the larynx or trachea 
would elicit the reflexes of coughing and laryngeal closure. These reflexes may be lost in the 
unconscious patient. 
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Clear the airway 


Cases of near-drowning, and other unconscious victims rescued from the ocean, are probably best 
managed initially with the victim on his side. 


To prevent airway obstruction, turn the victim on his side (left side down for gas embolism). 

Sweep any foreign material from the mouth with the fingers. 

Position the mouth slightly downward to allow any fluid to drain out. (In these cases, there is 
frequently fluid, vomit or other material in the airway). 

The side (lateral) position with the mouth turned slightly downward will help any fluid to drain from 
the airway. 


In other cases, and after clearing the airway of obstructions, secure the airway with the victim on 
their back. (See the chapter on pulmonary barotrauma for special considerations in this condition). 


Tilt the head backwards, to open the airway, if necessary apply the chin lift maneuver (taught 
in resuscitation courses) if the airway remains obstructed. If there is a possibility of spinal injury, 
further injury by unnecessary movement of the spine should be avoided when positioning the 
patient, but clearing the airway takes precedence. 


B — BREATHING 





Even with a clear airway the victim may not breathe because of respiratory muscle paralysis, 
cerebral injury, hypoxia, cardiac arrest or other reasons. 


Check for breathing — look, listen and feel. 

Look and feel for respiratory movements of the chest and abdomen. Listen and feel for air moving 
from the nose and mouth. Occasional gasping respirations should be treated as not breathing. 

If the victim is making respiratory movements ensure that the airway is clear. 


Recognition of airway obstruction 

If the airway has been cleared of foreign material, it can still be obstructed. 

Signs of obstructed airway are snoring sounds, crowing sounds or movements of the chest and 
abdomen with no air moving from the nose and mouth. 

If there is airway obstruction, look to improving the head tilt and chin lift maneuver. 


If the victim is breathing, put him or leave him on his side (coma position) and keep the airway 
clear. 


If the victim is not breathing: 
Turn onto the back, commence expired air resuscitation (EAR). 
The theory and practice of this are covered in a resuscitation course. The steps are: 


— clear the airway 

— tilt the head back, apply chin lift 

— use mouth to mouth or mouth to nose expired air resuscitation 

— look for the chest rising with each breath (if it is not, clear and open the 
airway) 

— look, listen and feel for exhalation 
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If the rescuer has the equipment and skills, help secure the airway using an airway device (eg guedel 
airway), and ventilate using mouth to mask, a self inflating bag (eg Ambubag) with or without 
oxygen, or an oxygen inflating device ( eg Oxyviva). 

Give two full inflations of one second each then: 


Check the circulation 


C — CIRCULATION 





If the victim is unconscious, unresponsive and not breathing it can be assumed that there is no 
circulation and external cardiac compression (ECC) should be started (Australian Resuscitation 
Council recommendation). 


Note: Previous protocols recommended feeling for a pulse at this stage. This has now been omitted 
as it is often difficult to feel a pulse in these circumstances, even by medical personnel, and feeling 
for a pulse and then deciding there is none delays the start of life saving ECC. 


Advanced resuscitators such as doctors or paramedics may check for circulation by feeling for a 
carotid pulse before commencing ECC. But this may be unreliable even in experienced hands and no 
more than 10 seconds should be used checking for a pulse. If there is no pulse, or any doubt, 
commence ECC. 


When there is no circulation, the sooner ECC is commenced, the better the outcome. 


Commence external cardiac compression (ECC) and Cardiopulmonary 
Resuscitation (CPR) 


External cardiac compression. Circulation sufficient to keep the victim alive can be restored 
with this technique. The chest is compressed by pressure on the sternum, forcing blood into the 
major arteries and producing some circulation to the vital organs. It takes numerous compressions to 
establish a blood pressure adequate to provide circulation. If compressions are stopped, the blood 
pressure immediately falls and the process has to be restarted. Thus the number of times 
compressions are stopped should be minimized. 


The combination of artificial respiration and external cardiac compression is called CPR. This is 
performed as follows. 
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CARDIOPULMONARY 


RESUSCITATION (CPR) 





When the heart stops, so does the breathing (except for occasional gasping respirations in some 
cases). It is necessary to maintain respiration and cardiac function simultaneously. CPR is EAR and 
ECC combined. 


Give two EAR (expired air resuscitation) breaths of one second per inspiration 
each, then 


Start external cardiac compression (ECC) 


Practical details of this are covered in a resuscitation course. Remember, compress: 


— vertically 

— over the lower half of the sternum (the centre of the chest) 

— with the heel of the hand, both hands locked together 

— with no pressure on the ribs 

— to a depth of 4—5 centimetres (1.5—2 inches or 1/3 the depth 
of the chest) in adults 

— arate of 100 per minute (almost 2 per second) 

- time of compression equal to relaxation — allow complete 
relaxation 


CPR with one rescuer 
2 respiratory inflations to 30 cardiac compressions. 
CPR with two rescuers 


2 respiratory inflations to 30 cardiac compressions 


Co-ordinate the inflation with the relaxation phase of compressions. Pause the compressions to allow 
the inflations. 


Continue ventilation and chest compressions at a 30 to 2 ratio until the patient 
recovers. 


Do not stop resuscitation to check for signs of life. If the victim recovers it 
should be obvious. 


If multiple rescuers are present, rotate chest compression duty every 2 minutes 
as it is very tiring. 


If rescuers are unable or unwilling to give expired air resuscitation, chest 
compressions alone are better than nothing. 
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Duration of CPR 


Continue CPR until: 


signs of life return 

more qualified help arrives 

rescuers are exhausted. 

an authorized person pronounces the patient dead. 


Recovery checks 
Frequent recovery checks (stopping cardiac compressions to feel the pulse) are no longer considered 


appropriate. Interruptions to cardiac compressions result in a poor outcome. Lay people often have 
difficulty feeling a pulse. Continue CPR until there are signs of life. 


D -—- AUTOMATIC 





DEFIBRILLATION 


If an AED (Automated External Defibrillator) is available 
attach it and follow the prompts. 


Some causes of cardiac arrest (e.g. ventricular fibrillation) can be fixed by giving an electrical shock 
through the chest. 


An AED can analyse the cardiac electrical activity and automatically give a shock if appropriate. 

If required, the AED should be used as soon as possible after initial CPR. 

CPR should be continued until the AED is attached. 

If the device detects a shockable rhythm and delivers a shock, CPR should be continued for a further 


two minutes - the heart takes a few minutes to recover its strength. The machine should then be used 
to recheck the rhythm. 
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AUSTRALIAN RESUSCITATION COUNCIL <http://www.resus.org.au/> 
BASIC LIFE SUPPORT (BLS) 


Using the mnemonic, DRABCD stands for: 


D Danger — always check the danger to you, any bystanders and then the injured or ill person. 
Make sure you do not put yourself in danger when going to the assistance of another person. 


R Response — is the person conscious? Do they respond when you talk to them, touch their 
hands or squeeze their shoulder? 


A Airway — can the person breathe? Is their airway clear? 

If the person is responding, they are conscious and their airway is clear. Assess how you can help 
them with any injury. 

If the person in not responding, they are unconscious. You need to check their airway by opening 
their mouth and having a look inside. If the mouth is clear, tilt their head gently back (by lifting their 
chin) and check for breathing. If the mouth is not clear, place the person on their side, open their 
mouth and clear the contents. Then tilt the head back and check for breathing. 


B Breathing — check for breathing by looking for chest movements (up and down). Listen by 
putting your ear near their mouth and nose. Feel for breathing by putting your hand on the lower part 
of their chest or against your cheek. 


C CPR (cardiopulmonary resuscitation) — if the person is not breathing, place them flat on their 
back. Tilt their head back gently by lifting their chin. Pinch their nostril closed, place your open 
mouth firmly over their open mouth and give them 2 breaths — one after the other. Stop. Check for 
signs of life. If there are none, commence compressions on the chest. Place the heel of one hand in 
the centre of their chest and your other hand on top. Press down firmly and smoothly (compressing 
to one-third of their chest depth) 30 times. Give 2 breaths. Keep going until medical assistance 
arrives. 


D Defibrillator — use a portable defibrillator (if you have one). This is a machine that applies 
electrical therapy to overcome irregular heart beat (arrhythmia), allowing the heart to re-establish an 
effective rhythm. Be sure to follow the instructions and picture on the machine and on the package 
of the pads as well as the voice prompts. If the person responds to defibrillation, follow the 
DRABCD Action Plan. 
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Chapter 43 


TECHNICAL DIVING 





Most recreational SCUBA divers use compressed air in a single cylinder, with a single-hose 
regulator, to depths up to 30-40 metres, and avoid any decompression staging obligation (although 
routinely a safety stop is included for dives exceeding 12 metres). 


Technical diving is a term used to describe extended diving or where the gas and/or the equipment 
is different from the original “Aqualung” concept, which only used open circuit, compressed air. 
The purpose of this technical diving is to extend durations or depths. The simplest modification is 
the use of a different gas in the scuba cylinder. Then comes the use of several different gases, in 
multiple cylinders. To reduce the increasing bulk of this diving apparatus, as well as to reduce gas 
loss, complex rebreathing equipment can be added. 


The increasingly complex equipment bestows some advantages, but with increased risks. Some 
industry representatives and other enthusiastic advocates have promoted this technical diving to the 
recreational diving community as a safer alternative, enticing others who may not be as adept. It is 
a more complex and more risky activity than recreational diving and requires expensive equipment 
and extensive training — two reasons why it appeals to the diving industry. 


Most of the diving accidents and deaths which occur in recreational scuba diving, are not due to 
decompression sickness. Indeed the major causes include the ocean environment (Chapter 6), the 
stress responses on the individual (Chapter 7), equipment failure or misuse (Chapter 5 & 34) and 
some diving practices which are especially hazardous — exhaustion of the air supply, buoyancy 
problems, and failure to follow buddy diving practices (Chapter 34). Technical diving techniques 
do not reduce and often increase these risks. 


The complexity and novelty of technical diving has attracted many established divers, mainly men. 
Possibly the element of danger and the avant guarde nature of the activity combine to offer an 
enticing challenge, extending diving experiences and excitement. 

The technical diver, often studious and attracted to risk taking behaviour, operates on a reduced 


safety margin but usually with a quiet confidence in his skills and equipment. 
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He may have commercial interests, being involved in wreck salvage, equipment manufacture, 
marketing and sales, diver training, or other related activities. An appreciable number of high- 
profile experts in technical diving have died undertaking this activity, and their deaths have 
hopefully served to caution many younger and less experienced divers. 


DEFINITION 


1. USING GASES OTHER than COMPRESSED AIR 
e.g. OXYGEN 

NITROX, (Oxygen Enriched Air), 
HELIOX, (Helium & Oxygen) 
TRIMIX, (Helium, Nitrogen & Oxygen) 

2. DECOMPRESSION DIVING 

3. DEEP DIVING (> 40 metres) 

4, REBREATHINGEQUIPMENT 








Technical diving refers to diving in excess of the usual range for recreational scuba divers. This 
may involve an extension of duration at any depth, the depth itself (in excess of 30-40 metres), 
changing the gas mixtures to be used, or using different types of diving equipment. All these fall 
into the realm of technical diving. 


It is important, when discussing technical diving, to specify which type, as the relative risk varies 
from little or no additional risk (compared with recreational diving) to a high one, such as with 
rebreathing equipment. 


Decompression dives and deep diving using only compressed air have added risks and have 
already been dealt with in previous chapters. 


The other risks increase as the gas mixture deviates from normal air and with increased complexity 
of the equipment. 


Diving on 32% oxygen, 68% nitrogen instead of air in a scuba cylinder, to a maximum of 40 
metres on a no-decompression conventional air profile, could possibly incur slightly less risk than 
a recreational scuba air dive. 
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““ Remove the braid immediately and don t drag “whiskers” of molten solder 
around. The excess solder is absorbed by the braid, which is snipped off ready for the next 
job. 


Be aware that you can damage a printed circuit board accidentally when removing 
the desolder braid if it’s not removed quickly enough. The solder will soon solidify, which 
effectively solders the braid to the printed circuit board! A careless tug may yank copper 
tracks or pads away from the board, stuck to the braid. You can also drag solder 
“whiskers” onto neighbouring pads unless the braid is removed cleanly. Why not practice 
using desolder braid with an old circuit board? 


Whichever desoldering method you use, care is needed to ensure that the boards and 
parts are not damaged by excessive heat. It’s not that difficult to apply so much heat when 
desoldering that the adhesive holding the copper foil tracks on the p.c.b. eventually fails, 
causing the copper track to lift away — everyone’s worst nightmare. 


THE TECHNICAL DIVE 








1. DIVE PROTOCOLS, PROFILES and GAS MIXTURES 
2. EQUIPMENT COMPLEXITY 
3. PHYSIOLOGICAL ASSUMPTION 
— EAD/02/C02/ INERT GAS TRANSFER 
4. ENVIRONMENTS 
5. ACCIDENT & RESCUE IMPLICATIONS 








1. DIVE PROTOCOLS, PROFILES and GAS MIXTURES 


The diver attempts to select the theoretically ideal gas mixture for the ascent and descent (travel 
mixes), the bottom (bottom mix) and the decompression staging (usually oxygen or a high oxygen 
mixture). 


The simplest form of technical diving has the diver breathing a mixture of 32% or 40% oxygen 
(O2) in nitrogen (N2). With the increased O2, there is proportionately less N2. That means less 
decompression obligation (and less N2 narcosis). For the same decompression risk, the dive can 
therefore be prolonged and this is highly desirable in some dive trips. The additional risk of oxygen 
toxicity must be appreciated. 


Using a single O2 enriched gas mixture limits the technical diver to shallower dives than with 
compressed air. A series of gas mixtures in separate cylinders, with diminishing O2 percentages, 
allows the technical diver to reach greater depths. Substituting helium (He) for N2, either in Heliox 
(He/O2) or Trimix (N2/He/O2) allows the technical diver to descend further, while avoiding or 
reducing N2 narcosis. During ascent the changes of gas mixtures is reversed until nearing the 
surface, when higher O2 percentages may be breathed to expedite the elimination of inert gas (He 
or N2). 

When there are various gas mixtures being breathed, the safe profile of the dive may be very 
complex and errors may be made in the choice of gas breathed. Nevertheless, using open circuit 


equipment and several gas mixes, dives to over 100 metres have been safely performed. 


The use of rebreathing equipment enormously increases the potential hazards (see later), while 
attemting to control and monitor the gases breathed and thedecompression required.. 
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2. EQUIPMENT COMPLEXITY 


Technical diving involves more complex equipment for producing, supplying and delivering the 
various breathing gases, other than air. With an increase in the complexity of the equipment there 
is an associated increase in the likelihood of human error at all these 3 stages. 


The handling of mixtures with higher than normal oxygen percentages implies greater risk of fire 
and explosions. Gas mixtures may not be as compatible as the "normal" oxygen/nitrogen mix in 
air, and the heat generated during compression must be appreciated. Although not common, 
explosions associated with high oxygen percentages are very destructive. 


Problems and mistakes develop from the use of multiple gases and complex equipment: 

¢ Mixing, labelling and transport of gas; 

¢ Handling it at the dive site; 

e Analysing the gases and confirming that they are the ones appropriate for 
the dive to be performed; 

¢ Selection of appropriate gases during the dive. 

¢ Different gases require different cylinders together with the various 
attachments; manifolds, O rings, contents gauges, high pressure hoses, 
and often, separate regulators. 


Because of the added complexity of the equipment, the use of multiple gas mixtures and the 
increased support facilities, there are substantial initial capital outlays, operating and maintenance 
costs. 


3. PHYSIOLOGICAL ASSUMPTIONS 


There is considerable doubt regarding some of the physiological assumptions on which technical 
diving is based. It is claimed that the equivalent air depth (EAD) calculation can be used to 
determine the different influence of the gas mixture on the diver, and this has been applied to both 
nitrogen narcosis and decompression sickness (DCS). There is, in fact, no really good evidence 
that this EAD is a strictly accurate concept. Experience in highly controlled navy diving has been 
reassuring, and the implication is that the EAD concept is a valid approximate assumption. 


Divers using O2/N2 mixtures decompress using tables of EAD. These calculate of the 
actual partial pressure of N2 for the dive and from this calculate the depth of an air dive 
that has the same N2 pressure. The diver then decompresses as if he had done an air dive to 
the calculated depth, the EAD. 


Thus a diver breathing 40% O2 at 30 metres (60% of 4 ATA = 2.4 ATA of N2) has an 


EAD of 20 metres (80% of 3ATA = 2.4 ATA of N2). So, after this dive to 30 metres, our 
diver decompresses as if he had dived to 20 metres on air. 
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For the same depth/duration dive, the O2 enriched diver may have less DCS risk and less 
N2 narcosis, but he will have more risk of O2 toxicity, than the air breathing diver. There 
are the physiological implications of breathing oxygen at varying partial pressures, as well 
as increased carbon dioxide retention with both increased oxygen diving and deep diving. 


Inadequate factual information is available regarding the physiological interactions of multiple 
gases. The rate of inert gas transfer between the breathing gases in the lungs, the body tissues and 
any gas spaces (including decompression bubbles) varies both with the gas and the depth. Thus the 
selection of different gas mixtures is likely to influence the transfer of inert gases in many ways, 
far more complex than can be deduced from a simplistic formula. Anyone who doubts this should 
peruse one of the more sophisticated texts on such topics as nitrogen narcosis and the counter 
diffusion of gases. 


Decompression procedures and algorithms are often unproven. Even with the vast data available on 
air diving to 40 metres, there are many inexplicable decompression accidents. Adding the vagaries 
of extended depths and durations, multiple gas mixtures and computer modelling, makes for 
greater uncertainty in technical diving. Technical divers should question the origin and validity of 
the decompression schedules they are encouraged to use. Some have had to be altered to reduce 
their incidence of DCS. The lack of controlled trials have caused some to compare the promoters 
of these decompression protocols to a pharmaceutical company marketing a drug without testing it 
and then expecting the consumers to determine the correct dosages. 


4. ENVIRONMENTS 


The main purpose of technical diving is to extend the environments into which diving is 
performed. This usually results in an increase in the hazards associated with such environments. 
The exception is a reduction of the N2 narcosis of deep diving, by the substitution of helium. Most 
of the other problems with deep diving are aggravated. Not only can the depth or duration of the 
dive be extended, but so can the actual diving terrain. This is the reason why many wreck divers 
and cave divers have embraced this activity. 


5. ACCIDENT & RESCUE IMPLICATIONS 


For the above reasons, the mixed-gas diver often wears a large amount of equipment, complex and 
bewildering (especially when problems develop during the dive). The likelihood of superimposed 
equipment problems is thus compounded. Difficulties include those of buoyancy and entrapment. 
Depth control requires greater discipline and skill as the margin between the "safe" depth and the 
oxygen toxicity depth, is much reduced. Sometimes a full facemask is indicated so that drowning 
becomes less likely and rescue more possible. 


Because of the different equipment and gases, and the extension of the environments, the 
procedures for accident management and rescue may have to be altered to take into account the 
specific problems — such as difficulty in removal of heavy and cumbersome gear. With each 
variation from the conventional scuba system, there is a price to pay, and a possible modification 
of the first aid and treatment procedures. 
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OXYGEN PRESSURE 





1. CNS AND RESP. TOXICITY 

2. EFFECT ON RECOMPRESSION THERAPY 
3. ? NITROGEN NARCOSIS & DCS 

4. MIXING & HANDLING DANGER 

5. HYPOXIC MIXTURES 

6. CO2 BUILD UP 

7. EQUIPMENT CHANGES 





There is little concern about oxygen toxicity when diving with compressed air within recreational 
diving limits. Neurological and respiratory oxygen toxicity are virtually impossible. Also, the 
amount of oxygen exposure is unlikely to significantly influence any recompression treatments that 
may be needed for decompression accidents. Neither statement can be applied to technical diving. 


It had been assumed that oxygen, by virtue of its replacement of nitrogen, would to some degree 
reduce the severity of nitrogen narcosis and decompression sickness. Although this is possibly so 
in theory, the scant experimental evidence that there is available, would suggest that oxygen may 
actually contribute to nitrogen narcosis. The possibility that O2 could contribute to DCS has been 
proposed, but this is unproven. 


Inadequate mixing can result in oxygen pressures being higher or lower than intended. This has 
implications regarding the safety of the dive profile. 


Higher oxygen levels are also likely to interfere with carbon dioxide transport in the blood. This 
has implications as regards carbon dioxide and oxygen toxicity, nitrogen narcosis and possibly 


decompression sickness. 


The handling of gas mixtures, where oxygen is used or is added to air or other gases, can produce 
some hazards. Oxygen increases the risk of fire and explosion. 


Some divers have observed that O2 aggravates the deterioration of soft materials, such as O-rings 
and other materials that comprise the diving equipment. It can also accelerate corrosion in 


cylinders. 


See The Technical Dive, above. 
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OXYGEN ENRICHED AIR 
or 
NITROX (EANx) 











CONFUSION of TERMINOLOGY and JARGON ——— SPECIFY or DIE 
40/60 = 40% O2 (EUROPE) or 60% O2 (USA) 
NOAA 36% + 32% O2 — max. 1.6 ATA O2 pressure 
NURC, NC — max. 1.45 ATA / 
SWEDEN — max. 1.4 ATA 7 
DAN (R. VANN) — max. 1.2 ATA ‘ 


BUT O2 TOX = ?CNS, ?RESP, ?CO2. Specify which. 
"EAD" = EQUIVALENT Nz PRESSURE 


Much of the technical diving now performed involves the use of nitrogen/oxygen mixtures in 
which the oxygen concentration is greater than that of compressed air. Under these conditions it is 
very important to specify exactly how much oxygen is being used. Such phrases as 40-60 or 60-40 
are not only confusing but often misleading. In Europe 40-60 could imply 40% oxygen, whereas in 
the USA it is more likely to imply 40% nitrogen. 


The actual percentages used in technical diving do vary with different countries and establishments 
but NOAA in the USA have chosen 32% oxygen and 36% oxygen as their two major mixes. These 
should not be referred to as Nitrox 1 or Nitrox 2, as this could also be misleading. 


The EANx refers to enriched air (nitrox) with the x = oxygen percentage. Thus EAN 32 should 
mean 32% oxygen and not 32% nitrogen! Do not rely on jargon. Specify the exact mixture, in full. 


Any EANx diving has a safe depth range less than air, due to oxygen toxicity. 


The oxygen pressures that are considered acceptable vary with different authorities, and in many 
cases there is confusion between the neurological oxygen toxicity (which can result in nausea, 
vomiting, seizures, etc.) and respiratory oxygen toxicity, which tends to only occur with prolonged 
exposure. Also, many of the pressures being quoted in the literature refer to the oxygen pressures 
observed with rebreathinge quipment, when the carbon dioxide levels have not been measured — 
complicating considerably the actual cause of symptoms. Most of the work carried out during 
World War 2 and soon after, failed to measure the carbon dioxide levels and therefore their 
conclusions regarding safe oxygen limits, are questionable. 
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NOAA states that the maximum oxygen pressure acceptable is 1.6 ATA. The National Undersea 
Research Centre in North Carolina recommends 1.45 ATA. The Swedish authorities have 
recommended 1.4 ATA and Dr Richard Vann of the Divers Alert Network has suggested 1.2 ATA. 
The US Navy gives a much greater range, and relates it to the duration of the exposures. 


The claimed advantages of EANx diving include a probable reduction in decompression sickness 
incidence, and a possibility of reduced nitrogen narcosis. 


On a theoretical basis, presuming nitrogen pressure as the sole cause of nitrogen narcosis, a 20% 
oxygen mixture (air) at 23 metres could be replaced with 36% oxygen at a depth of 30 metres. to 
give an equivalent "narcotic effect". Experimental verification for belief in this theory has been 
sought, but it was unable to be verified. 


A common claim is made that there is less post-dive fatigue with EANx than there is with air. This 
has not yet been verified. 


LOW RISK NITROX DIVING 


NITROX (EANx) REPLACES AIR. SAME EQUIPMENT 
(Same Profile as AIR DIVE). RANGE 15 — 40 metres depth. 


ADVANTAGES 

1. LESS DCS 

2. ? LESS NITROGEN NARCOSIS 

3. ? LESS POST DIVE FATIGUE 
DISADVANTAGES 

1.GAS MIXING PROBLEMS 

2. LESS MAX DEPTH (O02 TOXICITY) 

3. ? DETERIORATION OF DIVE EQUIPMENT 
4.2? MORE CO2 RETENTION 











It is possible to use EANx to obtain possible advantages, with relatively few disadvantages, under 
certain conditions. 


In this type of technical diving, the nitrox mixture, usually 32% or 36% oxygen, replaces air, but 
the same equipment is used and the same decompression profiles permitted, within the 15 — 40 


metre range. Others use 28-40% oxygen, the latter with appropriate depth reduction. 


It has been claimed that there is deterioration in the dive equipment by using high oxygen mixtures 
but this has not been verified. It is believed that halofluorocarbon O-rings (e.g. Viton) are less 
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likely to oxidise and have a higher ignition point — and are thus frequently preferred by technical 
divers. 


It is likely, because of the higher oxygen levels inhaled that there will be a concomitant degree of 
carbon dioxide retention, based on the common and competitive pathways for the transfer and 
transport of these gases. 


HIGHER RISK NITROX DIVING 


NITROX (EANx) REPLACES AIR — PROFILE AS FOR E.A.D. 

ADVANTAGES RANGE 15 — 40 metres 

1. INCREASED DURATION of NO-DECO DIVE 

or LESS DECO STOPS 

or GREATER DURATION/DEPTH of DIVE for SAME 
DECO 

2. DECO VALUE — IF AIR STOPS FOLLOWED (LESS N2) 

DISADVANTAGES 

1. GAS MIXING, HANDLING & CORRECT USAGE 

2. MAX DEPTH LIMITED (O02 TOXICITY) 

3. ?ALTERATION OF DCS & RECOMPRESSION 
THERAPY 

4.? DYSBARIC OSTEONECROSIS (SLOW TISSUES 

AFFECTED BY LONGER DIVES) 











In this type of diving (EANx) the profile of the dive is altered to make allowance for the high 
oxygen, lower nitrogen levels, based on the EAD or similar calculations. Thus the diver is likely to 
increase the duration of his no-decompression dive, reduce the decompression stops required or 
increase the duration or depth of the dive for the same decompression time commitment. Whether 
this calculation is justifiable under all conditions, has yet to be demonstrated. 


The probable only genuine safety advantage of this kind of diving occurs if "air stop" times are 
followed during decompression, whilst using EANx. 


There is a possibility of an increased risk of decompression sickness, due to the effects of oxygen 
contributing to this disorder, or because of the use of untested algorithms used in commercial 
nitrox decompression profiles. The "bent" diver is also more likely to have had a higher oxygen 
dose, contributing to respiratory damage during the recompression therapy, than his air breathing 
colleague. 


There may well be an alteration in the type of decompression sickness sustained with this form of 
diving because of the increased duration that it frequently entails. Thus the slower tissues are more 
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likely to be affected, and this should be considered during the subsequent recompression therapies, 
and of a possible increased susceptibility to dysbaric osteonecrosis. 


HIGH RISK, HELIUM DIVING 


LESS DENSE, LESS SOLUBLE, FASTER DIFFUSION, HEAT CONDUCTIVITY 


ADVANTAGES 

1. LESS NARCOSIS — GREATER DEPTH 

2. LESS BREATHING RESISTANCE — GREATER DEPTH 
3. REDUCED CO2 RETENTION 


4. LESS DECO (for LONGER DIVES) 


DISADVANTAGES 

1. DEEPER DIVING 

2. MORE DECO (for SHORT DIVES) 

3. HEAT LOSS (ENVIRONMENT, ? RESPIRATORY) 
4. VOICE DISTORTION 5.MIXING _ 6. HPNS 








There are significant differences in the way the body handles helium and nitrogen. Both are inert 
gases, but helium is much less dense and is also less soluble in some tissues than nitrogen. It does, 
however, have a much greater speed of diffusion and also conducts heat more rapidly. 


The real advantage compared to nitrogen is that it does decrease the incidence of nitrogen narcosis. 
For dives in excess of 30 — 40 metres, the risks of nitrogen narcosis can be proportionately 
decreased as helium replaces nitrogen. It thus tends to be used for dives of greater depths. An 
additional factor is the reduction in breathing resistance due to its decreased density and other 
factors, also allowing dives to greater depths. 


The effects on decompression likelihood are more complicated. It is probably likely to produce less 
decompression requirement for the longer dives, but may well require more decompression for 
shorter dives. Many of the helium and Trimix decompression tables are less well validated than the 
air tables, and herein lies a major difficulty with helium diving. 


The main aggravating problem is that the divers are diving deeper with helium and Trimix than 
with compressed air, and therefore are exposed to all the associated problems of depth (other than 
nitrogen narcosis and breathing resistance). Barotrauma and DCS risks are aggravated. The 
environmental difficulties associated with depth include poor visibility, buoyancy implications, 
excess gas consumption, stress factors and the increased problems with first aid, rescue and 
resuscitation. 
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There is also a greater conductive heat loss from helium, even though there is some question 
regarding the respiratory heat loss. Heliox feels colder to breathe, and in a helium environment the 
heat is lost more rapidly. Increased depth also aggravates heat loss. 


Voice distortion can produce communication problems. At greater depths the high pressure 
neurological syndrome (HPNS) also becomes relevant. 


The difficulties with mixing gases, referred to above, are also present with helium and are 
complicated by the different compressibility of helium, as well as the risk of ascending with low 
oxygen pressures — which are commonly used with deep helium diving. 


Comparison with the commercial deep divers is noteworthy. These experts usually require a 
surface supply of gas, full facemasks, communication systems, a standby diver, a wet bell and a 
recompression chamber on site. Experience has demonstrated the need for these. The less trained 
amateurs appear to have no such requirements. 


VERY HIGH RISK. RE-BREATHERS or CIRCUIT SETS 


Rebreathing equipment has been in use for more than a century, causing many deaths and cases of 
unconsciousness. Despite the recent electronic mechanisms, the essential problems of rebreathing 
equipment remain. It is very much a high risk strategy to employ for specific reasons, by 
professionals. 


The value of rebreathing equipment is that it produces fewer bubbles, and is therefore quieter. This 
is of use both in clandestine military operations and for marine photography. It is more economical 
on gas, as the gas is recycled through the diving equipment, in a "circuit". It can also be 
constructed with low magnetic materials, which are useful if one is working around magnetic 
mines. 


The disadvantage that is inherent in all types of rebreathers is the failure of the carbon dioxide 
absorbent system to work effectively under all diving conditions. This may occur for various 
reasons. One is an inappropriate canister design. The early absorbent canisters were inadequate for 
maximal exertion. It is surprising how few improvements the manufacturers have included in some 
of the carbon dioxide absorbent canisters in the sets now being promoted. Also, the absorbent itself 
is not always reliable. It frequently varies in efficiency, and each absorbent batch needs to be 
tested. This is not feasible for the individual diver. The handling and storing of absorbent may 
result in deterioration in efficiency, as will the degree and type of wetting that may occur. 


When diving in sea water, hypertonic saline can enter the system, causing a great reduction in 


efficiency. The absorbent itself, when combined with carbon dioxide, produces water as a by- 
product, which can also influence the efficiency. Water traps are incorporated in some sets. 
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REBREATHERS 


ADVANTAGES 
SILENT, ECONOMICAL, +/- MAGNETIC 





DISADVANTAGES 





1.CO2 TOXICITY 

2. DILUTION HYPOXIA, HYPEROXIA 

3. CAUSTIC COCKTAIL 

4. INITIAL and MAINTENANCE EXPENSE 


OXYGEN RE-BREATHERS : 
DEPTH LIMIT 8 — 9metres 





CONSTANT FLOW. O2 = FLOW vs. ENERGY 





OXYGEN MONITORS = FAILURE. DCS? 





Onocye@cn Rebreather 

































at @oeawpe- + 
13) Mw ge « owe 
CF) tive em ee Oe re 
14) Dee he em the & ee ee 
<3) CO eee ee a + ees 
18) 0 pete 

Cie. « = fe bs 
ee, Of ape ere Gee & we ie 
*) ope rere “> Sees 
C2 | Cee ee ett © ome 
L329 Cet eBags oe ge tee 
Cis} Merwe a pers ee * 
3.) (hee fe reer’ Owes 


Chapter 43 12 





*“ Typical copper track damage (centre) caused by overheating during soldering or 
desoldering. The track has lifted off, but you can try repairing it by adding extra wiring or 
SuperGlue it if the track isn t broken. 

If this should ever happen, remove the iron immediately and permit the area to cool 
(a freezer aerosol is valuable at such times). If you’re lucky, you can maybe repair the 
lifted track using a droplet or two of Super Glue, or add “jumper wires” to bypass the 


damage. 


“A Freezer aerosol can give rapid cooling where excess heat has been applied 


The carbon dioxide absorbent must be packed correctly into the canister. This is an acquired skill 
and requires training. The density of packing influences the efficiency. Lower temperatures also 
reduce the efficiency of the absorbent. Some absorbents can be pre-pachaged. 


Often absorbent canisters will work very well at a moderate work load, but when exertion is 
required, the absorbent canister will eventually fail — especially if it has been in use for a 
considerable time. 


The manufacturers' claims regarding the safe duration of carbon dioxide absorption in their diving 
equipment are usually very optimistic, and do not apply to emergency situations where the diver is 
exerting himself maximally (such as when swimming against a current, or trying to rescue and tow 
a companion — even on the surface). 


When water gets into the rebreathing set, it may collect some of the alkali from the absorbent and 
enter the divers mouth and lungs, which can be very unpleasant. This is called a "caustic cocktail". 


A rebreathing set can cause dilution hypoxia, usually by incorrect technique and failure to "clear 
the set" (and the lungs) of the inert gas. This is more likely when the supply gas is on demand, 
compared to the old fashioned constant flow sets. It can also occur if there is a small amount of 
inert gas in the gas cylinder, and especially so when there is a considerable amount of nitrogen or 
helium, such as with nitrox, heliox or trimix diving. It may be induced by an incorrect mix, a leak 
from or obstruction to the inflow, or low cylinder pressure. It can even occur in 100% O2 sets, 
especially those that supply gas on demand. 


Sometimes the hypoxia will only be noticed during ascent. A lower oxygen percentage at depth 
may translate to a dangerously low oxygen partial pressure nearer the surface. 


Re-breathers require specialised diving protocols, when rescue and resuscitation are needed. It is 
not just a matter of removing a mouthpiece and replacing it with another. Companion diver drill 


needs to be tailored for each type of re-breather. 


The problems of gas mixing and handling, as described above, also relate to this equipment. 
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¢ The oxygen rebreathers are closed circuit sets, used to a maximum depth of about 8-9m, are 
usually restricted to specialised navy divers. They have resulted in many cases of unconsciousness 
and death. 


Occasionally photographers use this equipment, but they would be considered unwise to do so. The 
companion rescue drill is often required and marine photographers are not gregarious beasts. 


¢ Some rebreather sets have a constant flow of nitrox, heliox or trimix gas. They are usually semi- 
closed circuit sets. With these, the oxygen level in the breathing bag or inspiratory tube may vary 
according to two major factors. The first is the flow of oxygen into the set, and the second is the 
amount lost from the set. The inspiratory oxygen range can be a variable quantity, and should be 
designated pre-dive. The relevant factors determining inspiratory oxygen include: 

— the volume and mixture of the incoming gas 

— the energy utilised in metabolism (oxygen consumption) 

— the volume and mixture of gas released as bubbles (e.g. with ascents). 


The interaction between the input and output of oxygen will result in a variable oxygen percentage 
and ascent or descent will then determine the oxygen pressure. These sets are especially likely to 
cause dilution hypoxia and hypoxia of ascent. 


As hypoxia usually produces no warning prior to it causing unconsciousness, the use of constant 
flow rebreathing sets would be considered unwise. Close attention to the cylinder pressure, 
ensuring an adequate inflow of gas, and a replacement with fresh gas prior to ascent (a "flush- 
thru") is essential 


¢ The more expensive closed circuit mixed gas rebreathing sets use analysers and solenoids to 
measure and control the oxygen pressures during the dive and a feed back system adds oxygen or a 
diluent gas (nitrogen, helium, mixtures) as required — to ensure that the oxygen partial pressure 
remains within a certain range. This equipment is extremely expensive, often not reliable and 
should only be used by those with faith in this technology. 


N.B. Anyone who uses a rebreather should be aware of the much greater risk of unconsciousness. 
Without a full facemask, this problem usually converts to subsequent drowning and death. 
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Closed-Circuit Rebreather 





ADietsthtenedn (2) Ouygue sence 
PY Ovwegre mee Gee wel (DD Cope eee cd 
WD Dike sappy cyteaties «= (31) Matt electowars 


Chapter 43 16 


CONCLUSION 


There are few problems in understanding the general concepts of technical diving, using different 
gas mixtures, different equipment and extending limits beyond those of recreational diving. The 
principles are relatively simple. The devil is in the application. 


Perhaps the most important thing about technical diving is to realise that the majority of the diving 
deaths that occur in recreational divers occur for reasons which will be aggravated by the use of 
more complex equipment, in more hazardous environments. Technical diving is therefore, by its 
very nature, likely to have greater risks than normal recreational diving, other factors being 
constant. 


The margin for error in this type of diving is appreciably less, and therefore it should only be 
employed by divers with enormous experience, detailed training and meticulous attention to 
equipment selection, maintenance and use. The advocates of technical diving tend to lay great 
stress on certain aspects of safety - which are relatively unimportant compared to the others 
referred to in Chapter 34. 


To overcome some potential equipment related problems, technical divers may stress the need for 
redundancy, redundancy, redundancy. Complexity is an unintended accompaniment. 


They will stress the importance of decompression sickness, and the physiological advantages of 
oxygen, but may ignore the more frequent causes of diving deaths, such as exhaustion of gas 
supply, buoyancy problems, stress responses, etc. They will also tend to ignore the areas in which 
the "technical advances" have been meagre e.g. the efficiency of carbon dioxide absorbents, to 
focus in preference on high-tech oxygen sensors and theoretical decompression algorithms. 


The leaders in this field will be experienced, highly skilled, very fit, entrepreneurial divers often 


with a high public profile. It is not for occasional, pleasure seeking divers who anticipate a relaxed, 
hassle free, unencumbered dive and an automatic expectation of survival at the end of the day. 
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Appendix A 


DIVING MEDICAL 
LIBRARY 


DIVING TEXTS 





¢ Physics, Physiology and Decompression Theory for the Technical 
and Commercial Diver — Bruce Wienke 

¢ Deeper Into Diving — John Lippman and Simon Mitchell 

¢ High Altitude Diving - Bruce Wienke 

¢ Scuba Equipment Care and Maintenance - Farley and Royer 

¢ Oxygen and the Scuba Diver - Hendrick and Thomson 

¢ Oxygen First Aid — John Lippmann 

The Application of Enriched Air Mixtures - Betts 

Sport Diving in Depth - Griffiths 

The Physics and Engineering of Diving - Dickens 

The Underwater Handbook, a Guide to Physiology and Performance for the Engineer 

(1976) — by C. W. Shilling, M. F. Werts & N. R. Schandolmeier. 

Mastering Rebreathers - Jeff Bozanic 

Nitrox Manual - Dick Rutkowski 

Recreational Nitrox Diving - Robert N. Rossier 

Technical Diving In Depth - Bruce R. Wienke 

Snorkeling and Free Diving - Tom Scott, Jim Flagg 

Cold Water Diving - John N. Heine 

Scuba Diving - Dennis K. Graver 
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DIVING MANUALS 





¢US Navy Diving Manual, Revision 6, (Vol 1 Air Diving) - Naval Sea Systems Command, 
Supervisor Of Diving. Free download on internet 

¢ British Subaqua Club (BSAC) Diving Manual http://www.bsac.com/ 

¢ National Oceanic and Atmospheric Administration (NOAA) Diving Manual 

¢ Professional Association of Diving Instructors (PADI) — Open Water Diving Manual. 

¢ National Association of Underwater Instructors (NAUI) — Diving Manual. 


NEWSLETTERS 


¢ Undercurrent — this doubles both as a consumer guide to holiday dive sites, as well as a forum for 
the presentation of recent technical data, diving accidents, etc. : 
Address : PO BOX 1658 Sausalito, California 94965, U.S.A. 


e Alert Diver — a quarterly newsletter of the Divers Alert Network. An excellent informative 
newsletter regarding diving medical safety and accident information, produced by DAN : 
Address : BOX 3823 Duke University Medical Centre, Durham, North Carolina 27710, U.S.A. 


¢ Pressure — a bi-monthly newsletter of the Undersea and Hyperbaric Medical Society, with 
information of a social, academic and educational nature, relevant to the Society and its members — 
mainly physicians and paramedics: 

Address : Undersea and Hyperbaric Medical Society 9650 Rockville Pike, Bethesda Marylands 
20814, U.S.A. 


¢ Diving and Hyperbaric Medicine Journal — a bi-monthly journal/newsletter of the South Pacific 
Underwater Medical Society and the European Undersea Biomedical Society. This contains both 
original diving medical articles and reviews, and also summaries of other diving medical research 
conducted throughout the world: 

Address: SPUMS, c/- ANZCA, 630 St Kilda Rd, Melbourne Vic, 3004, Australia 

email spumsadm@bigpond.net.au 


¢ Undercurrent. A USA newsletter with excellent independent 
information on equipment and dive travel sites. 
http://www.undercurrent.org/ 


e X-Ray Mag. A free internet magazine. More into ecology, marine 
animals, photography, etc. URL: http:/Awww.xray-mag.com/ 


¢ Advanced Diver. More into high tech diving and equipment. 
http://www.advanceddivermagazine.com/ 





NB. Many other countries have their own variations of the above newsletters, from local institutions. 
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DIVING MEDICAL TEXTS 





¢ *Diving Medicine — for Scuba Divers — (2010) by Carl Edmonds, Bart McKenzie, John 
Pennefather and BobThomas . 


¢ *The DAN Emergency Handbook — by John Lippmann & Stan Bugg. 
¢ *Dangerous Marine Creatures * — by Carl Edmonds, 
e * Oxygen First-Aid for Divers — by John Lippman, J.L. Publications, 


¢ Diving And Subaquatic Medicine (4th Edition) Carl Edmonds, Christopher Lowry, John 
Pennefather, And Robyn Walker. Arnolds Publ. 


¢ Bove and Davis’ Diving Medicine— A.A. Bove by, published by Saunders, Philadelphia. 


¢ Bennett and Elliott’s Physiology & Medicine Of Diving-5th Edition - Alf Brubakk, Tom 
Neuman 


¢ The Physicians Guide to Diving Medicine (1984) — by Shilling, Carlston and Mathias. 
Published by Plenum Press, New York. 


¢ Diving Accident Management (1990) — the 41st Undersea and Hyperbaric Medical Workshop, 
edited by Bennett and Moon, and published by the Undersea and Hyperbaric Medical Society, 


e¢ Assessment Of Diving Medical Fitness For Scuba Divers And Instructors - Peter B. Bennett, 
Frans J. Cronje, Ernest S. Campbell 


¢ Encyclopedia Of Underwater Investigations - Robert G. Teather 
* = Suitable for recreational divers 


NOTE Most of the above can be acquired over the internet, and most texts can be obtained from: 
Amazon.com 

Best Publishing 

Divers Alert Network. 

Some can be accessed from the internet, free. (such as the US Navy Diving Manual) and 


Diving Medicine — for Scuba Divers — (2010) by Carl Edmonds, Bart McKenzie, John 
Pennefather and BobThomas . www.divingmedicine.info 
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Diving and — 
Subaquatic Medicine 


FOURTH EDITION 


GARL EDMONDS « CHRISTOPHER LOWRY 
JOHN PENNEFATHER & ROBYN WALKER 


DIVING MEDICAL 
REFERENCES 





Apart from the Diving Medical Societies (see Appendix B) and in the medical texts referred to 
above, the best source of diving medical references is: 


http://rubicon-foundation.org 





In the past there have been excellent sources of references and reports. They include 


A Bibliographical Sourcebook of Compressed Air, Diving and Submarine Medicine. Vols 1, 2 and 3. 
U.S. Govt publication. 


Key Documents of the Biomedical Aspects of Deep-Sea Diving, Vols 1-5. Undersea Medical Society 
publication. 


Underwater Medicine and Related Sciences. A Guide to the Literature. Vols 1-6. Undersea Medical 
Society publication. 


It is possible to conduct research without access to these publications, but I do not see how. CE 
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Appendix B 


INFORMATION 


CONTACTS 





SOCIETIES 


Apart from the instructor organisations (NAUI, PADI, SSI, YMCA, BSAC, CMAS, IANTD, etc.) 
there are certain societies which would be very useful for any diving paramedic to belong to. 


These include the following : 
¢ Divers Alert Network (DAN) — BOX 3823 Duke University Medical Centre, Durham, NC 27710 


(USA and the American continent, offshore and USA islands and trust territories). 
www.diversalertnetwork.org 





¢ Divers Alert Network, Asia Pacific(DAN.AP). P.O. Box 384, Ashburton, Vic, Australia. 
www.danasiapacific.org Email: info@danasiapacific.org 








¢ Undersea and Hyperbaric Medical Society — Mailly American. www.uhms.org 


¢ South Pacific Underwater Medicine Society (SPUMS) — C/- The Australian and New Zealand 
College of Anaesthetists. Mainly the Indo-Pacific region, centred in Australia). www.spums.org.au 





¢ European Underwater and Biomedical Society. www.eubs.org 
¢ British Subaqua Club (BSAC) — (mainly around the U.K. and Europe). www.bsac.org 


¢ CMAS Confédération Mondiale des Activités Subaquatiques. Mainly 
European. http://www.cmas.org 


¢ JANTDAn organisation that publishes information for technical divers. 
http://www.iantd.com/iantd2.html 





See Appendix D for all DAN regional offices and emergency contacts 
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during soldering. Also used in circuit faultfinding to identify overheating parts. 


You now know everything you need to know about making the ideal solder joint, 
and desoldering it in case you need to make a repair. Just to remind you, a Quick 
Summary guide follows. 


Your Area: 


Others : 


Others : 


Others : 


Others : 


Others : 


EMERGENCY TELEPHONE 





NUMBERS 











Telephone : 











Telephone : 











Telephone : 











Telephone : 











Telephone : 











Telephone : 











Telephone : 











Telephone : 
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Appendix C 


IN-WATER Oz 
RECOMPRESSION 
THERAPY 


AUSTRALIAN UNDERWATER 
OXYGEN TABLE 





Notes : 


1. It is recommended that the application of this therapy technique usually be limited to 
trained and experienced diving medical practitioners and paramedics. 


2. This technique may be useful in treating cases of decompression sickness in localities 
remote from recompression facilities. It may also be of use while suitable transport to 
such a centre is being arranged. 

3. In planning, it should be realised that the therapy may take up to 3 hours. The risks of 
cold, immersion and other environmental factors should be balanced against the 
beneficial effects. 


4. The diver must be accompanied by an attendant at all times. 
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() Equipment. 
The following equipment is essential before attempting this form of treatment : 


1. Full face mask with demand valve and surface supply or helmet with free flow. 
2. Adequate supply of 100% oxygen for patient, and air for attendant. 

3. Wet suit for thermal protection. 

4. Shot with at least 10 metres of rope (a seat or harness may be rigged to the shot). 
5. Some form of communication system between patient, attendant and surface. 


L) Method. 


1. The patient is lowered on the shot rope to 9 metres, breathing 100% oxygen. 

2. Ascent is commenced after 30 minutes in mild cases, or 60 minutes in severe cases, if 
improvement has occurred. These times may be extended to 60 minutes and 90 minutes 
respectively if there is no improvement. 

3. Ascent is at the rate of | metre every 12 minutes. 

4. If symptoms recur, remain at depth a further 30 minutes before continuing ascent. 

5. If oxygen supply is exhausted, return to the surface, rather than breathe air underwater. 

6. After surfacing, the patient should breathe 1 hour on 100% oxygen, one hour off, for a 
further 12 hours. 


Fig. 1 App C. Breathing 
intermittent O2 after treatment 





Fig. 2 App C. An 
Underwater O2 unit 


Fig. 3 App C. A cheap 
full face mask. Cressi-Sub 
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Appendix D 


DIVERS ALERT 


NETWORK 





(DAN) 


The Divers Alert Network (DAN) is a group of not-for-profit organisations 
dedicated to improving diving safety for all divers. Regional DAN 
organisations have been established throughout the world to provide safety 
services to divers. These include DAN America, DAN Europe, DAN Asia- 
Pacific (AP), DAN Europe, DAN Southern Africa and DAN Japan. 


As part of its mission, DAN provides or funds 24-hour diving emergency 
hotlines throughout the world; offers emergency evacuation cover and dive 
injury insurance to members; provides diving medical information services; 
offers quality training in accident management including first aid and oxygen 
provision; collects data and reports on dive accidents; funds research into 
dive medicine and dive safety; and provides support for recompression 
chambers in remote locations. 


DAN Asia-Pacific 

P.O. Box 384 (49A Karnak Rd) 
Ashburton, Victoria 3147 
AUSTRALIA 

Tel +61-3-9886 9166 

Fax +61-3-9886 9155 
info@danasiapacific.org 
www.danasiapacific.org 

Diving emergencies: 

DES Australia 

within Australia 1800-088200 
outside Australia +61-8-8212 9242 
DES New Zealand 0800-4DES 111 





DAN AP Korean Hotline 
010-4500 9113 

DAN AP Chinese Hotline 
+852-3611 7326 
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DAN America 

6 West Colony Place Durham, N.C. 27705 USA 
Tel +1-919-684-2948 
Fax+1-919-490-6630 
dan@DiversAlertNetwork.org 
www.diversalertnetwork.org 
Diving emergencies: 

DAN America 

+1-919-684 8111 

DAN America—Mexico 
+52-5-629 9800 code 9912935 





DAN Europe 

P.O. Box DAN 

Roseto 64026 ITALY 

Tel +39-085-893-0333 
Fax +39-085-893-0050 
mail@daneurope.org 
www.daneurope.org 
Diving emergencies: 
+39-06-4211 8685 





DAN Japan 

Japan Marine Recreation Association Kowa-Ota-Machi Bldg, 2F, 

47 Ota-Machi 4-Chome, Nakaku, Yokohama City, Kagawa 231-0011 JAP 
Tel +81-45-228-3066 

Fax+81-45-228-3063 

E-mail dan@danjapan.gr.jp 

www.danjapan.gr.jp 

Diving emergencies: 

+81-3-3812 4999 





DAN Southern Africa 
Private Bag X 197 Halfway House 1685 SOUTH AFRICA 
Tel +27-11-254 1991 
Fax: +27-11-254 1993 
E-mail mail@dansa.org 
www.dansa.org 

Diving emergencies: 
inside South Africa: 
0800-020111 

outside South Africa 
+27-10-209 8112 
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Foreword 


Recreational scuba diving has progressed from its beginnings in the 1950s. Dennis 
Graver’s fifth edition of Scuba Diving is uniquely designed toward a level of edu- 
cation that provides new divers with an exceptional level of knowledge while 
promoting safety and enjoyment. With our training agencies, Scuba Educators 
International (the former YMCA scuba program) and PDIC International, our 
goal is to provide a full education for new divers. This text accomplishes that 
goal and perhaps can also be used for advanced programs as well. 

Ata time when instant gratification leads many to seek recreational activities 
that can be accomplished with little effort in a brief time, scuba takes new divers 
into an environment that remains challenging. Therefore, the need for a full 
education has not changed. Perhaps the delivery of information will change in 
the future; however, the need to understand the complexities of the undersea 
world will not. 

In addition to bringing this fifth edition up to current levels of information, 
Dennis has provided end-of-chapter questions that result in additional learn- 
ing. This edition is among the best of texts in the scuba industry for new divers. 

Dave Barry wrote, “There is nothing wrong with looking at the surface of the 
ocean itself, except that when you finally see what goes on underwater, you 
realize that you’ve been missing the whole point.” I couldn’t agree more. 


Tom Leaird, CEO 
Scuba Educators International 
PDIC International 
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By the end of this chapter, 
you will be able to do the 
following: 


The Joys of Diving 


Describe the joys of 
diving. 

Define the terms closed 
circuit, open circuit, 
scuba, semi-closed 
circuit, and C-card. 


Explain the training 
requirements for 
participation in scuba 
diving activities. 

List two medical 
conditions that disqualify 
an individual from scuba 
diving. 

Describe three risks 
associated with scuba 
diving. 

List several questions to 
ask when selecting an 
entry-level scuba diver 
training course. 


Explain several 
responsibilities that 

you assume when you 
become a certified scuba 
diver. 


As a diver, you are weightless and can move in all directions. 
Your freedom approaches that of a bird as you move in three 
dimensions in a fluid environment. Diving weightless in clear 
water in a forest of underwater plants with sunlight streaming 
down is only one of many unforgettable experiences awaiting 
you. 

Just as there are mountains, plains, and various environ- 
ments above water, there are various environments for you to 
experience underwater. Coral reefs, kelp forests, incredible rock 
formations, and other natural wonders await divers in various 
geographical regions. In addition, divers can explore piers, jet- 
ties, quarries, mysterious shipwrecks, and other artificial struc- 
tures. The variety of underwater sights is limitless. There is more 
to view underwater than anyone could possibly see in an entire 
lifetime. A range of activities—such as photography, hunting, 
and collecting—make diving challenging and rewarding. Scuba 
diving includes an activity to interest everyone. 

Divers are friendly and easy to get to know; their camaraderie 
is well known. Diving is a sharing activity, and there is much 
to share. If you enjoy traveling, you will probably love diving. 
Dive travel is the number one business of recreational diving. 
Reasonably priced dive vacations to exotic islands abound. Most 
divers plan one or more diving vacations each year. 

The sensations of diving are fantastic but are difficult to 
explain. Words cannot describe the peaceful solitude of inner 
space. Diving contributes to good health, can help reduce work- 
related stress, can increase self-esteem, and can make you feel 
great. You need to experience the emotions and sensations for 
yourself. You will then begin to know the joys of diving. 














When you descend beneath the 
surface of the water, you enter an 

entirely new and beautiful world. 

You have opportunities to see 
incredible life-forms that only a 
few people ever see. Imagine 
swimming in a giant aquarium, 
and you'll get a glimpse of what 
you can expect to experience in 

the underwater world. 












Diving Into Scuba Hl 3 


How Diving Evolved 


Interest in the underwater world has always existed. Driven by curiosity and 
the need for food, people have ventured beneath the surface of Earth’s seas for 
thousands of years. Records exist of sponge divers, oyster pearl divers, military 
divers, and even salvage regulations dating back to 3000 BC. In ancient times, 
the two methods employed for diving were breath holding and the use of an 
inverted, air-filled bell (which was large and heavy). John Lethbridge, an Eng- 
lishman, developed an oak cylinder diving engine in 1715 to pump air into a 
bell. The hand-operated air compressor, invented in 1770, allowed fresh air to be 
pumped into a submerged diving bell. In 1772, Sieur Freminet of France invented 
a helmet-hose system that permitted divers to work without a bell. The greatest 
early advancement in underwater equipment occurred in 1837, when Augustus 
Siebe (a German living in England) invented the first closed-dress diving suit, 
which became known as the hard-hat system. Siebe’s system was so effective 
that it dominated underwater work for 100 years, and it is still in use today. 

The origin of recreational diving can be traced to 1825. That year, William H. 
James, an Englishman, invented the first open-circuit self-contained underwater 
breathing apparatus (scuba) system. Although this system was not very practi- 
cal, it did solve the problems of the air hose tether and the depth restrictions 
related to oxygen poisoning. Benoit Rouquayrol (a French mining engineer) and 
Auguste Denayrouze (a French naval officer) invented the aerophore in 1865. 
Their creation is considered the source of modern scuba equipment. 

Later, two Englishmen, Henry Fleuss and Robert Davis, developed a closed- 
circuit oxygen rebreather system in 1878. This system eliminated the air hose 
that had previously tethered divers and restricted their movement. The system 
had great military application because bubbles were not exhausted into the 
water. Oxygen rebreathers were used extensively by Italian and British frogmen 
during World War II. However, the use of oxygen rebreather systems is limited 
to a depth of 20 feet (about 7.6 m) because breathing pure oxygen at greater 
pressures causes convulsions, which can be fatal during submersion. 

Yves Le Prieur of France developed a manually controlled open-circuit scuba 
system in the early 1920’s (year disputed); however, modern scuba diving was 
launched with the development of a “demand” scuba system that was perfected 
by Frenchmen Emile Gagnan and Jacques Cousteau in 1943. With this system, 
a diver could demand compressed air from a steel cylinder by simply inhaling 
from a pressure regulator held in the mouth. Scuba was introduced in the United 
States in 1950 and has been popular ever since. 

The military has continued to improve underwater breathing systems that 
have found their way into use by recreational divers. The latest scuba systems 
are semi-closed-circuit rebreathers. These systems use sophisticated electronics 
to control the oxygen mixture that a diver breathes, periodically releasing only 
a small amount of bubbles. High levels of training, frequent use, and dedicated 
maintenance are required for the safe use of these expensive rebreathers. Table 
1.1 outlines the basic features of each type of breathing system in more detail. 


The Diving Community 


The recreational diving community consists of equipment manufacturers, diving 
retailers, diving educators, diver training organizations, dive resorts, diving 





Quick Summary Guide 


To round off the Basic Soldering Guide, let’s summarise how to make the perfect 
solder joint. 


e Ensure materials to be soldered are compatible with tin/ lead or lead-free 
solder. 


All parts must be clean and free from dirt and contaminants. 
e Try to secure the workpiece firmly during soldering. 


e Brand new soldering iron tips must be flooded with solder immediately, 
the first time they are used. 


e Wipe the tip of the hot soldering iron on a damp cellulose sponge at 
frequent intervals. Then “tin” the iron tip by applying a small amount of 
solder. 


e Aim to heat all parts of the joint with the iron for under a second or so, to 
bring them up to the same temperature. 


e Continue heating and apply sufficient rosin-core tin/ lead or lead-free 
solder to form a complete joint. 


e It only takes a second at most, to solder the average p.c.b. joint. It should 
be smooth and shiny, and through-hole joints should be slightly convex in 
shape. 

e Remove the iron and return it safely to its stand. 

e Do not move parts until the solder has cooled. 

e Tin the soldering iron tip and clean it well, when switching it off, ready for 
next time. 

e Consider using e.g. electronics flux dispenser pens or Colophony (rosin) to 


help with difficult joints. 


Sometimes solder joints don’t go quite to plan, and sooner or later everyone is faced 
with the need to problem-solve or troubleshoot, so a simple Troubleshooting Guide 
follows next. 
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Table 1.1 Scuba System Comparisons 





Open-circuit scuba Semi-closed-circuit scuba Closed-circuit scuba 
User inhales User inhales oxygen and User inhales pure oxygen 
compressed air inert gas 
Exhaled air exhausted | Exhaled gases enter closed Exhaled gases enter closed 
into water system system 
Air supply duration Carbon dioxide absorbed Carbon dioxide absorbed 
varies with depth within system within system 
Components simple Oxygen added as needed Oxygen added as needed 
Unit easily maintained — Air supply duration Depth limit of 25 feet 
unaffected by depth 
Affordable Components sophisticated Convulsions and death 
and complex possible 
Basic training required Unit requires high Components simple 
for use maintenance 
Expensive High maintenance 


Highly technical specialty Not available for 
training required recreational use 


A predecessor to 
semi-closed-circuit scuba 


supervisors, dive guides, dive clubs and associations, publishing companies, and 
certified divers. Commercial, scientific, and professional diving are not consid- 
ered recreational pursuits; separate communities are involved in these types of 
diving. This book addresses only recreational skin diving and scuba diving. A 
scuba diver breathes compressed air underwater, while a skin diver holds his or 
her breath while submerged. 

Few laws pertain to recreational scuba diving. The laws that exist do not 
govern who may dive. The diving industry is self-regulating. The diving com- 
munity realizes that it is dangerous when people who have not completed a 
sanctioned course of instruction attempt scuba diving. Dive businesses require 
proof of completion of training before they will allow you to have your scuba 
tanks filled or allow you to participate in diving activities. Many dive operations 
also require proof of recent experience documented in a diving logbook. If you 
have not been diving for a year or more, you may be required to complete at 
least one dive under the supervision of a diving professional. The supervised 
dive requirement helps increase the safety of divers whose skills may need to 
be refreshed. 

When you complete your training requirements as a scuba diver, you receive 
a certification card called a C-card. Most C-cards do not require renewal, but 
the recreational diving community universally recommends the completion of 
refresher training after periods of inactivity in excess of six months. 

Certified divers may dive without supervision or may employ the services of 
a diving guide. Just because a divemaster or diving supervisor is aboard a dive 
boat, you should not assume that this person is a guide who will dive with you. 
Guide services are not necessarily included with diving trips. If you want a guide 
to lead you about underwater and show you the sights, you should arrange for 
guide services in advance. 
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You will learn more about the community as your diving experience increases. 
Many opportunities for adventure and enjoyment can be found within this 
community. Get actively involved in the community when you complete your 
training and officially qualify as a scuba diver. 


Diver Training 


A national diver training organization must sanction your training. The train- 
ing organization establishes standards of training that you must meet before 
the organization will issue a certification card. The Appendix A includes a list of 
national diver training organizations. Your instructor should have credentials 
that identify her as a qualified instructor. The instructor’s membership in the 
training organization must be current in order for the person to be qualified to 
teach and certify divers. Be sure to confirm your instructor’s qualifications. 

An entry-level training course usually consists of a series of academic ses- 
sions, pool or confined-water (pool-like conditions in open water) sessions, and 
open-water training (in actual diving locations). You will learn theory in the 
classroom, learn skills in controlled conditions, and then apply your skills in an 
actual diving environment. This logical progression is common for all approved 
diver training courses. 

The minimum requirements for your training are as follows: You should have 
four or more academic sessions, four or more pool sessions, and at least four scuba 
dives in open water. A skin dive in open water may also be part of your training. 

Your initial training should involve a total of 30 to 40 hours of instruction. 
The instruction should occur over a period of several weeks instead of a few 
days. The time between class sessions allows you to reflect on your training and 
helps you absorb and retain the knowledge and skills better than a concentrated 
training schedule would. 


Proficiency Testing 


After you have learned and practiced the skills of skin and scuba diving, you 
must demonstrate your competence at a level established by the agency spon- 
soring your training. Proficiency testing may include diving exercises that are 
challenging and fun. Examples include mask recovery and clearing for skin 
diving, simulated boat exit for scuba diving, alternate air source breathing, buddy 
breathing, equipment handling, and a sequence of surface entry and equipment 
donning known as a bailout. 


Diving Prerequisites 


Scuba diving can be undertaken by anyone over 12 years of age who is in normal 
health and has a reasonable degree of physical fitness. People younger than 
this should not participate in scuba diving (even when supervised by adults) 
because they do not have the mental and emotional maturity to deal with the 
problems that might arise. Skin diving is a good activity for youngsters if they 
are well supervised. 

For scuba diving, you need to have swimming ability, but you do not need 
to be a competitive swimmer. At the beginning of your training, you should be 
able to swim 200 yards (183 m) nonstop at the surface using any combination 
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of strokes. There is no time requirement for the swim. Being comfortable in the 
water is more important than being able to swim fast. You also need to be able 
to swim 25 feet (7.6 m) underwater with no push-off. By the end of the course, 
you should be able to swim 300 yards (274 m) nonstop at the surface using 
any combination of strokes; you should also be able to swim 50 feet (15.2 m) 
underwater with no push-off. The goal is to increase your aquatic proficiency 
during the course. 

Good health means your heart, lungs, and circulation are functional and 
that you do not have any serious diseases. Any medical conditions—even if 
controllable under normal conditions—that might incapacitate you in the water 
could cause you to drown while scuba diving. Some individuals with asthma 
or diabetes may be able to dive if they have obtained special medical approval. 
People with physical disabilities may also dive if they have medical approval 
from a physician. The air spaces in your body—sinuses, ears, and lungs—must 
be normal because changes in pressure affect them. Other medical conditions, 
such as seizure disorders, absolutely preclude a person’s involvement in diving; 
a seizure while diving can be fatal. Women who are pregnant should not scuba 
dive. Increased pressure can adversely affect an unborn child. Pregnant women 
may choose to participate in snorkeling as an alternative to scuba diving. Many 
women ask whether they may dive during menstruation. Menstruation does 
not preclude a woman from diving if her health permits participation in other 
sports during that time. 

You need to be emotionally fit as well as physically fit for diving. If you are 
terrified of water or of feeling confined, diving is probably an activity you should 
avoid. Normal concerns are to be expected, but stark terror is unacceptable. 

You should have a physical examination before you begin your training, espe- 
cially if it has been more than a year since your last exam. Ask your instructor to 
recommend a diving physician. Physicians who do not understand the physiology 
of scuba diving sometimes inappropriately grant approval to people who have 
medical conditions that place them at great risk in and under the water. Your 
instructor can likely recommend a physician who understands medical issues 
related to scuba. 


Diving Risks 


All activities present some risk. There is risk involved in walking across the street 
or driving a car. To avoid injury while participating in an activity, people take 
precautions for their safety. Precautions must be taken for scuba diving just as 
for any other pursuit. The level of risk in diving is similar to that of flying in an 
















SCUBA WISE 


| nearly drowned when | was 4 years old, and | became terrified of water. When | was 8, | 
spent a summer with my uncle in Ohio. He would take me to Lake Erie and give me pen- 
nies if | would wade into water deep enough to cover my navel. | learned to swim as a Boy 
Scout at age 11. Although | completed a lifesaving class at age 16, | was still apprehensive 
about water. When | learned skin and scuba diving and discovered that | could actually 
relax in water, the water became my ally. For the first time in my life, | enjoyed water and 
was able to rid myself of my childhood fears. Just because someone feels anxiety about 
water does not mean that the person can’t enjoy scuba diving. If you can swim 200 yards, 
you can learn to dive and to love being in and under the water. 








airplane. Both are low-risk activities when done 
with well-maintained equipment according to 
established rules and in good environmental condi- 
tions. Unfortunately, both activities are unforgiv- 
ing if you ignore the rules and recommendations 
designed to minimize the risks. 

The following information (and the informa- 
tion throughout this book) will make you aware 
of injuries that scuba divers can incur. This infor- 
mation alerts you to potential hazards and, more 
important, helps you learn to avoid injury. If you 
do what you are taught to do as a diver, your risk 
will be minimal, and all of your diving experiences 
will likely be pleasant ones. 

Pressure changes with depth. Changes in pressure 
can severely injure bodily air spaces if you are not 
in good health or if you fail to equalize the pres- 
sure in the bodily air spaces with the surrounding 
pressure. You will learn equalizing techniques as 
part of your training. Gases are normally dissolved 
in the fluids and tissues of your body. Increased 
pressure increases the amount of gas dissolved in 
your body. If you ascend too rapidly from a dive, 
the gases in your system can form bubbles and pro- 
duce a serious illness known as decompression 
illness. By regulating your depth, the duration of 
your dive, and your rate of ascent, you can avoid 
decompression illness. Failure to heed depth and 
time schedules and ascent rates can result in seri- 
ous, permanent injuries. 

Diving can be strenuous at times. You need suf- 
ficient physical fitness and stamina to handle long 
swims, currents, and other situations that may 
arise. If you become winded from climbing a flight 
of stairs, you may need to improve your level of 
fitness before learning to scuba dive. Exhaustion in 
and under the water is hazardous. A good exercise 
to improve fitness for diving is swimming with fins 
while breathing through a snorkel. 

Diving takes place in water, an alien environ- 
ment. You use life-support equipment to dive, but 
you cannot depend entirely on the equipment for 
your well-being. Aquatic skills are essential in and 
around water. People with very weak aquatic abil- 
ity can drown when minor equipment problems 
occur—problems that could be handled easily by a 
person with good water skills. To be a scuba diver, 
you must be comfortable in the water. 

You should not be overly concerned with the 
potential risks of diving because the possible 
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injuries are preventable. Learning how to dive as safely as possible is the purpose 
of your training. You will learn to minimize the risk of injury and maximize your 
enjoyment of the underwater world. 


Selecting a Dive Course 


There are many diver training organizations and thousands of professional diving 
educators. Your phone book might list diving businesses that offer sanctioned 
courses. Many universities, community colleges, and recreational departments 
also offer scuba courses. (See Appendix A for a list of diver training organiza- 
tions.) Ask about the qualifications, experience, and reputation of several diving 
instructors in your area to select the course that can provide you with the best 
possible training. Here are some questions you should ask: 

o Is this training sanctioned by a diver training agency? 
How long has the instructor been teaching scuba diving? 
Which levels of training is the instructor qualified to teach? 
May I speak with the graduates of a recent class? 
Why is this course better than others in the area? 
Are assisting and rescue techniques taught in the course? 


o 0 0 0 0 90 


How many instructor-supervised open-water dives are included? 


The tuition for diving instruction is usually between $200 and $300. The 
lowest-priced course may not necessarily be a bargain. Find out what is included 
with the course fee and, more important, what the total cost will be for you to 
become certified as a scuba diver. You do not have to purchase all the equipment 
needed to scuba dive, but you need to have a mask, snorkel, fins, and usually 
boots and gloves for your training (see figure 1.1). Use of the additional required 
equipment is typically part of the course tuition. 

You should find out whether the price of the course includes the costs of 
educational materials and certification. There may be additional costs for travel, 

lodging, parking, boat fees, and equipment rental for open- 
water training. Determine the complete cost before 
enrolling in a course. 

When you have selected the best program 
for you and have enrolled in a course, 
you should receive a reading assign- 
ment for your first session. If you are 
not given an assignment, speak with 
the instructor; your learning will be 
enhanced if you read in advance 
about the topics to be presented 
in class. Good diving instructors 
provide a handout with reading 

assignments. 





s 
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Figure 1.1 Required scuba diving training equipment. 
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Diving Responsibilities 


When you qualify as a scuba diver, you assume many responsibilities. You are 
responsible for your safety, for the safety of those you dive with, for the image 
of scuba divers, and for the preservation of the diving environment. The diving 
community encourages divers to accept responsibility for their actions. To be 
part of the diving community, you need to be a responsible diver. Learn what 
you should do, then do what you learn. 


Summary 


Diving can be a source of great joy. Many exciting experiences await the trained 
diver. You need dive credentials to participate in diving activities. You must 
complete diver training to obtain your C-card and logbook. But diving is not for 
everyone. You must have normal health, good swimming skills, and reasonable 
physical fitness. Diving poses risks that a well-trained, wise, and fit diver can 
minimize. Compare training programs and choose the best education, which may 
not be the quickest or the least expensive. Remember that you accept a great 
deal of responsibility when you become a diver. Do not assume that you can 
transfer the responsibility for a dive accident to someone else. Ultimately, you 
control your actions underwater. Become a competent, self-reliant diver who 
adheres to recommended safety practices, and you will discover the joy of diving. 


Application-of-Knowledge (AOK) Questions 


The following questions will enhance your understanding of what you have learned 
in this and every chapter. Take time to consider each question before you look at the 
answer, which is at the back of the book in Appendix B. When you apply the basic 
knowledge you have learned and correctly respond to the following questions, you 
demonstrate understanding, which is a higher level of learning than mere knowledge. 
Do not be concerned if you do not have a correct response. Your analysis of the 
question and the revelation of the answer will increase your understanding. 


1. What is your primary reason for learning to scuba dive? What do you think 
you will do while scuba diving after completion of your initial training? 


2. Why do beginning recreational divers use open-circuit breathing systems 
instead of closed-circuit systems? 


3. Why should you document your dives in a logbook? 


4. What are the advantages of completing a 40-hour scuba diving course rather 
than a course that is much shorter in duration? 

5. Why is a medical examination recommended for those who want to learn 
scuba diving? What type of doctor is the best choice for a scuba diving 
medical exam? 

6. List three actions you can take to minimize your risk of injury when scuba 
diving. 

7. What are some of the factors that you should consider when selecting a 
scuba diving course? 


8. List three actions you can take to demonstrate that you are a responsible diver. 
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Dive In and Discover 


By the end of this chapter, you will 
be able to do the following: 


oO 


° 


List three body air spaces of 
concern to divers. 


Describe the process of hearing 
in air. 

Describe the cardiorespiratory 
process. 


Explain the effect of carbon 
dioxide on breathing. 


Define the terms eardrum, 
middle ear, eustachian 

tube, nitrogen narcosis, 
hyperventilation, 
hypoventilation, density, 
buoyancy, pressure, gauge 
pressure, absolute pressure, 
Boyle’s law, Gay-Lussac’s law, 
Dalton’s law, squeeze, reverse 
block, ingassing, outgassing, 
and partial pressure. 

Explain the principle of 
buoyancy and the key to 
controlling buoyancy. 


Explain the effects of pressure 
and temperature on a volume of 
air in a flexible container. 
Explain why it is important 

to vent your lungs when you 
ascend in water. 

Convert any temperature to 
absolute temperature. 

Explain the process of ingassing 
and outgassing. 

State the two primary factors 
that affect the air consumption 
of a scuba diver. 

List four methods of heat loss. 
Describe three potential 
problems for scuba divers that 
may be caused by humidity. 


Describe the effects of water on 
vision and hearing. 








Anatomy for the Diver 


Inside your body are air-filled spaces that are affected by 
changes in pressure. The three body air spaces of primary 
concern to you as a diver are the lungs, the ears, and 
the sinuses. Understanding the structure and function 
of your throat will also help you as a diver. Figure 2.1 
illustrates the structure and functions of the sinuses, 
throat, and lungs. 


Sinuses 


The sinuses warm and humidify inspired air. They secrete 
mucus to help protect the body by trapping airborne 
germs. The small airways that connect the sinuses to the 
nasal passages are normally open. Congested sinuses pose 
problems for divers. In the next chapter, you will learn 
more about sinus problems and how to prevent them. 


Throat 


In addition to being the organ of voice, the throat and 
larynx help prevent foreign matter from entering the 
lungs. If something foreign, such as food or water, comes 
into contact with the larynx, a reflex action causes a 
spasm of the larynx. Coughing expels the foreign sub- 
stance. You have experienced this sensation when some- 
thing has “gone down the wrong pipe.” Review the throat 
section of figure 2.1. During your scuba diving training, 
you will learn how to keep water out of your larynx to 
avoid coughing and choking in and under the water. 


Lungs 


Healthy lungs are essential for scuba diving. The lungs 
are large organs that contain millions of microscopic air 
sacs. Your lungs have a maximum capacity and a mini- 
mum capacity. When you exhale completely, your lungs 
are not empty. They contain about 2 pints (1L) of air. 
The air remaining in your lungs after you have exhaled 
completely is your residual volume. The amount of air 
you move in and out of your lungs is your tidal volume. 
When you are at rest, your tidal volume is small. When 
you exert yourself, your tidal volume increases until 
you reach both your maximum lung volume and your 
residual volume with each breath. Your vital capacity is 
the difference between the volume of air for a maximum 
inhalation and the volume of air for a maximum exha- 
lation—typically about 6 to 8 pints (2.8 to 3.8L). In the 
next chapter, you will learn several reasons why your 
lungs are the most critical air spaces when diving. 








The epiglottis and the soft palate in the 
back of your pharynx seal the airways to 
your nasal passages and to your lungs 
when you swallow. 
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The pleural lining is 
a slippery layer of tissue 
that helps maintain lung 
inflation and keeps the 
constant motion of the 
chest from irritating the 
chest walls. 













The alveolar walls are very 
thin to allow gas to diffuse from 
the lungs into the blood and 
from the blood into the lungs. 


Figure 2.1 Functions of the sinuses, throat, and lungs. 
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Sinuses form air spaces that reduce 
the weight of the head. The sinuses 
are connected to the nasal 
passages by small airways. 





The lungs are more like 
sponges than balloons. 
Air traveling down the 
trachea passes into the 
bronchi, which rebranch 
over 20 times into airways 
called bronchioles. The 
bronchioles end in 
microscopic respiratory 
air sacs called alveoli. 


Lung volume (liters) Small Average Large 
8.0 
6.0 
2.0 


Liters of air (average person) 











Your body is a marvelous machine. It performs 
many complex functions automatically. 
Your body is well adapted to an air 
environment, but it can also adjust in 
many ways to the aquatic environment. 
In this chapter, you will become 
familiar with some of the structures 
and functions of your body that are 
important for scuba diving. You will 
learn the differences between the 
air and water environments and how 
changes in pressure affect your body. 
As a diver, you face many challenges 
in the underwater environment, but these 
challenges can be managed. 
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Ears 


Behind your eardrum is an air space called the middle ear, which is illustrated 
in figure 2.2. The pressure in the middle ear must equal the pressure in the outer 
ear; otherwise, the eardrum cannot move freely. The next chapter explains how 
to keep pressure inside your ears equal to external pressure. Your eustachian 
tube allows the equalization of pressure in the middle ear. The liquid-filled 
cochlea contains hairlike projections called cilia, which convert mechanical 
movement to electrical signals for the brain. The movement of the oval window 
by the tiny bones of the middle ear causes the liquid and the cilia in the cochlea 
to move back and forth. The oval window movement could not take place 
without a second window in the hearing organ—the round window. When the 
oval window moves inward, the round window moves outward, and vice versa. 

If the motion sensed by your semicircular canals and the visual cues received 
by your eyes are not in harmony, motion sickness can result. Sudden changes 
in temperature or pressure in the middle ear can affect your semicircular canals 


ees Abbreviations 


Y ATA atmospheres absolute Y FSW _ feet of seawater 

Y atm atmospheres 7 ft feet 

/ co carbon monoxide /m meters 

J co, carbon dioxide J O, oxygen 

Y °C degrees Celsius Y psia pounds per square inch absolute 
J °F degrees Fahrenheit Y psig pounds per square inch gauge 
/ FFW feet of freshwater 
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' Semicircular (| © semicircular canals sense 
H ' canals motions and help the brain 
maintain body balance. 






Oval window: To couple sound 
‘to the cochlea, 
Round =| the round and 
oval windows 
move in opposite 
directions. 





Three tiny bones 
couple vibrations 
from the eardrum 
to the inner ear. 
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The eardrum (a 
flexible, airtight barrier) 
separates the outer ear 
from the middle ear. 
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Eustachian tube % 





The eustachian tube is an 
airway between the 
middle ear and the throat. 


Figure 2.2 Process of hearing in air. 


and cause temporary disorientation. (The next chapter presents potential ear 
problems for divers, how to avoid them, and how to handle them if they happen.) 


Teeth 


You may be surprised to learn that there are dental concerns for divers. Pressure 
can affect air pockets in improperly filled teeth and can cause tooth pain. Ifa tooth 
hurts only under pressure or only after a dive, see your dentist and tell him what 
you suspect. The roots of some upper molars extend into the sinus cavities. You 
should postpone diving for several weeks after you have had a tooth extracted. 

Your mouth and jaws are designed for an even bite. If you bite hard on a 
mouthpiece with only your front teeth for prolonged periods, your jaws will 
become sore. Special mouthpieces designed for a proper bite can help reduce the 
problem. You should not have to bite hard on a mouthpiece to hold it in place. 
If you find biting necessary, get lighter equipment. Prolonged, improper biting 
that irritates your jaws can lead to serious inflammation of your jaws and ears. 


Respiration and Circulation 


One of the fascinating processes within the human body is your ability to breathe 
in air and circulate oxygen to the tissues with no conscious effort. As your level 
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of exertion increases, your heart and lungs automatically adjust to meet the 
increased demands for oxygen and nourishment. An understanding of the gases 
involved in respiration and the basics of respiration and circulation can help 
you understand the effects and the demands of diving on your lungs and heart. 


Gases We Breathe 


Several gases affect recreational divers. You need to know about their effects 
on your body. About 80 percent of air is nitrogen (N). At sea-level pressures, 
nitrogen has no effect on your body. At a depth of about 100 feet (30 m), the 
increased pressure of the gas has a detrimental effect, which is called nitrogen 
narcosis. Excessive nitrogen in your body at the end of a dive can produce a 
serious illness known as decompression sickness. You will learn more about 
nitrogen narcosis and decompression sickness in the next chapter. 

Oxygen (O,) is the gas that supports human 
life. Any other gas mixed with oxygen serves 
only as a vehicle for oxygen to be inspired. 
Approximately 21 percent of air is oxygen (see 
figure 2.3). You need to breathe at least 10 
percent oxygen to remain conscious. However, 
oxygen breathed under high pressure is poison- 
ous and causes convulsions because oxygen at 
increased pressure affects your nervous system. 
You usually have compressed air—not pure 
oxygen—in your scuba tanks. A specialty form 
of diving uses a nitrogen and oxygen mixture 
with a higher percentage of oxygen than is found 
in air. The mixture, which reduces the effects of 
nitrogen at depth, is called nitrox. The use of 
special mixed gases, including nitrox, requires Figure 2.3 Composition of air. 
special training, equipment, and procedures. 

As your tissues use oxygen, they produce carbon dioxide (CO,). Carbon 
dioxide is the primary stimulus for respiration. The greater the level of carbon 
dioxide in your body, the greater your urge to breathe will become. If the level 
of carbon dioxide in your body becomes too great, unconsciousness will result. 

Carbon monoxide (CO) is a poisonous gas produced by the incomplete com- 
bustion of gas or oil. The exhaust from an internal combustion engine contains 
carbon monoxide. An oil-lubricated air compressor that overheats can produce 
carbon monoxide. Even a minute amount of carbon monoxide in your scuba 
tank can poison you and lead to unconsciousness or death. Air filling stations 
must take care to avoid contamination of air with carbon monoxide. 


Trace elements 0.04% 
Carbon dioxide 0.03% 
Argon 0.93% 







Oxygen 21% 


Nitrogen 78% 


Breathing and Circulation Mechanics 


When you need to breathe, sensors at the base of your brain send a signal that 
stimulates your diaphragm to contract and your chest to expand. This draws 
air into your lungs in the same way that an old-fashioned bellows draws in air 
when you expand it. Your diaphragm contracts and increases the volume of the 
chest cavity, while the muscles of your chest expand your chest cavity to inspire 
air. Figure 2.4 illustrates how the heart, lungs, and circulatory system work in 
the process of respiration. 











The function of capillaries 
is to exchange materials between 
the bloodstream and the 
interstitial fluid surrounding body 
cells. In some organs, specialized 
capillary structures help do this 
job. The structure of the 
alveolus, villus, and 
glomerulus all serve to 
maximize capillary 
surface area. 
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On the venule end of the capillary bed, 


On the arteriole end of the capillary, blood 
blood pressure in the vessel is less than 


pressure in the vessel is greater than the 





osmotic pressure of the blood in the vessel. the osmotic pressure of the blood in the 
The result is that fluid moves out of the vessel. The net result is that fluid, carbon 
vessel to body tissue, carrying hormones, dioxide, and wastes are drawn from the 
small proteins, oxygen, and nutrients to cells. body tissue into the capillary vessel. 


Figure 2.4 The cardiorespiratory system. 
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Blood consists of plasma (which is a colorless liquid) and a variety of cells. 
Hemoglobin, a blood component, is the primary oxygen-carrying mechanism in 
the blood. Approximately 45 percent of the blood is hemoglobin. Hemoglobin 
releases oxygen when it reaches tissues that need oxygen. 

When the tissues use oxygen, they produce carbon dioxide. The carbon dioxide 
diffuses into the venous system and into the lungs in exchange for oxygen. This 
completes a circulatory cycle, which takes about 30 seconds. 

Carotid sinuses on each side of the neck sense blood pressure within the cir- 
culatory system. Excessive pressure on the carotid sinuses during exercise causes 
the heart to slow when it should be working hard 
to meet the oxygen demands of the body. 
Decreased output from the heart can lead 
to insufficient oxygen for the brain, 
which can cause unconsciousness. A 
blackout caused by pressure on the 
carotid sinuses (see figure 2.5) is 
a carotid sinus reflex. Therefore, 
beware of diving equipment j 
that is tight around your neck. — ta =e 

Exhalation is usually a pas- 
sive process. To exhale carbon- 
dioxide-laden air from the 
lungs, the diaphragm relaxes, 
and the elasticity of the chest 
cavity forces air from the lungs. 
You ventilate your lungs approxi- 
mately 12 to 20 times per minute 
when at rest. Respiration functions Figure 2.5 Excessive pressure on the carotid 
automatically. The key to respiration is sinuses can lead to unconsciousness. 
the level of carbon dioxide in your circula- 
tory system. When the carbon dioxide in your 
body reaches a certain level, your brain stimulates 
respiration. When you voluntarily hold your breath, the buildup of carbon 
dioxide within your body urges you to breathe. Many people believe that the 
amount of oxygen in the body controls respiration, but it is primarily the level 
of carbon dioxide that regulates breathing. 

Hyperventilation is rapid, deep breathing in excess of the body’s needs. 
Limited hyperventilation—three or four breaths—enhances breath holding (see 
figure 2.6a). But if you hold your breath after excessive hyperventilation, you 
may lose consciousness without warning before being stimulated to breathe 
(see figure 2.6b). A breath-holding diver who loses consciousness from lack of 
oxygen usually blacks out near the surface during ascent. The sudden loss of 
consciousness near the surface is called shallow-water blackout. Loss of con- 
sciousness while in the water can cause drowning. You should avoid excessive 
hyperventilation. 

If you breathe rapidly and shallowly, carbon dioxide continues to build in 
your system, but you do not expel it from your lungs. Inadequate breathing is 
hypoventilation. Shallow breathing is dangerous, especially when you exert 
yourself, because you can lose consciousness from lack of oxygen. You need to 
breathe sufficiently to exchange the air in your lungs. 












Diving Science Hl 19 


Limited hyperventilation Excessive hyperventilation 
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Figure 2.6 Charts showing (a) limited hyperventilation and (b) excessive hyperventilation. 


Contrasts in Air and Water Environments 


We live immersed in air, which is a fluid. Air has weight and takes up space. 
We don’t pay much attention to our immersion in air because we are adapted 
to this environment. We have lived in it all of our lives, and we cannot see the 
air. The weight of the atmosphere does affect us, however. 

Air weighs about 0.08 pound per cubic foot (1.28 mg per cubic cm) at sea 
level. As altitude increases, air becomes thinner, so its weight per volume is less 
in the mountains than it is at the seashore (see figure 2.7). The change in the 
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Figure 2.7 Air density and pressure are affected by altitude. 
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weight of air affects the air spaces in our ears when we fly or when we drive in 
the mountains. 


Density 


Density is weight per unit volume (for example, pounds per cubic foot). Water 
is a fluid, but it is much heavier than air. Seawater weighs about 64 pounds per 
cubic foot (1.025 g per cubic cm), which makes it about 800 times denser than 
air. Freshwater, because it does not contain salt, weighs a little less than seawater: 
62.4 pounds per cubic foot (1 g per cubic cm). Temperature affects the density 
of water, air, and all fluids; cold water is slightly denser than warm water. 

Air can be compressed, but water is essentially incompressible. Air becomes 
thinner as altitude increases, whereas water density remains constant through- 
out the water column. 


Drag 


Drag is a force that slows movement. Resistance to movement is much greater 
in water than in air. Factors affecting drag include the viscosity of the fluid, the 
speed of motion, and the size and shape of the object moving through the fluid. 
Drag is greater when the fluid is denser, the motion is faster, the object is larger, 
or the surface of the object is more irregular (see figure 3.9 in chapter 3). 
Because of water’s higher density, the molecules of water are much closer 
together than those of air. The tightly packed molecules affect the transmission 
of light, sound, and heat (see table 2.1). Light travels about 27 percent slower 
in water than in air. Sound travels about 4 times faster in water than in air. Still 
water conducts heat nearly 25 times faster than air does and moving water can 


Table 2.1 Water Compared With Air 


Property rNig WENK=y¢ Comparison Effects 
Density 0.08 Ib/ft® 62.4 to 64 Ib/ft? Water is 800 times Resistance to 
(1.3 kg/m’) (1,000 kg/m‘) denser than air. movement 
Compressibility Yes No Air density varies; Affects body & 
water density is attached air spaces 
constant (at dive 
pressures). 
Speed of light 186,000 mi/s 140,000 mi/s Light travels 27% Affects vision 
(300,000 km/s) (225,400 km/s) more slowly in water. 
Light Low High Water absorbs Light & color loss 
absorption color quickly. 
Speed of 1,125 ft/s 4,900 ft/s Sound travels 4 Unable to determine 
sound (340 m/s) (1,400 m/s) times faster in water. source 
Conductivity Onl 3.86 to 4.12 Heat loss is 22 to 24 Rapid loss of body 
times faster in water heat 
than in air. 
Heat capacity 0.24 0.94 to 1.0 The heat capacity Absorbs heat quickly 





of water is 4 times 
greater than air. 





conduct heat hundreds of times faster than air. Water has an enormous capacity 
for absorbing heat with little change in its temperature. The higher density of 
water affects you in many ways when you dive. The next chapter explains how 
to deal with the effects of water density. 


Buoyancy 


An object’s ability to float in a liquid depends on the density of the object com- 
pared with the density of the fluid in which the object is immersed. Water exerts 
pressure equally in all directions, even upward. You can feel the upward force 
(buoyancy) of water when you try to push something under the water. Buoy- 
ancy results from the difference in pressures on the upper and lower surfaces of 
an object. The weight of an object plus the weight of the fluid (air, water, or both) 
above the object exert a downward force. Fluid pressure pushes upward from 
below. The difference between these two forces is the buoyancy of the object. 
Archimedes, an ancient Greek scientist, discovered that the force of buoyancy 
acting on a submerged object equals the weight of the water displaced (this is 
known as Archimedes’ principle). A hot-air balloon floats in air because the 
hot air inside the balloon weighs less than the volume of cooler air the balloon 
occupies. A diver is buoyed upward with a force equal to the weight of the water 
that the diver displaces (see figure 2.8). If you and your equipment weigh less 
than the weight of the water you displace, you will float, or have positive buoy- 
ancy. If you and your equipment weigh more than the water being displaced, 
you will sink. An object that sinks has negative buoyancy. If you and your equip- 
ment weigh exactly the same as the water displaced, you neither float nor sink. 
Instead, you remain at the depth where you are; you have neutral buoyancy. 


An object immersed ina 
fluid is buoyed up by a 
force equal to the weight 
of the fluid displaced. 
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Figure 2.8 Principles of buoyancy. 
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As a diver, you can float at the surface, sink to the bottom, or hang suspended 
between the bottom and the surface. If the volume of an object increases with 
very little change in its weight, buoyancy increases. This happens when you add 
air to an inflatable jacket or vest. The next chapter addresses the factors affecting 
buoyancy and the principles of buoyancy control. 


Pressure Measurement 


Force (often weight) per unit area—such as pounds per square inch or grams per 
square centimeter—is pressure. The envelope of air surrounding the earth is 
the atmosphere. The weight of one square inch of the atmosphere at sea level is 
14.7 pounds (1.03 kg per square cm), or 1 atmosphere (atm) of pressure. As you 
descend in water, the weight of the fluid—the pressure—exerted on each square 
inch of your body increases. One square inch of saltwater that is 33 feet (10.1 m) 
in height weighs 14.7 pounds, 1 atm, or 1.01 bar. One square inch of freshwater 
34 feet (10.36 m) in height also exerts a pressure equivalent to 1 atm. Because 1 
bar is almost equal to 1 atm, we’ll consider them identical in this book. Because 
water does not compress (at the pressures involved with recreational diving), 
it follows that water pressure increases by 1 atm for every 33 feet of saltwater 
(33 FSW) and for every 34 feet of freshwater (34 FFW). Figure 2.9 shows how 
atmospheric pressure and water pressure are measured. 
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Gauge pressure compared to absolute pressure in fresh and salt water. 


Figure 2.9 Principles of pressure measurement. 





The reference for pressure is either the atmospheric pressure at sea level or 
zero pressure (outer space). A pressure gauge that reads zero at sea level displays 
only the pressure in excess of one atmosphere. Tire gauges and depth gauges 
are good examples of instruments that indicate gauge pressure, which may be 
measured in pounds per square inch gauge (psig), feet or meters of seawater, 
or bars of pressure. 

The total pressure exerted is what matters to divers. The pressures of both the 
atmosphere and the water apply to diving. The reference for the total pressure 
is zero, as in a vacuum. The total pressure is called absolute pressure, which is 
measured in pounds per square inch absolute (psia). When people express abso- 
lute pressure increments in atmospheres, they use atmospheres absolute (ATA). 

You obtain absolute pressure by adding atmospheric pressure to gauge pres- 
sure. Be sure you understand the concept because we’ll use absolute pressure 
when dealing with the effects of pressure in this and later chapters. 


Gas Laws 


When you compress a quantity of gas, you reduce its volume and increase its 
density and temperature. Allowing a quantity of gas to expand increases its 
volume, decreases its density, and decreases its temperature. Because divers 
use gases, you need to understand the relationships between these properties 
(pressure, volume, density, and temperature) of gases. 


Boyle’s Law 


Boyle’s law states that for any gas at a constant temperature, the volume varies 
inversely with the absolute pressure, while the density varies directly with the 
absolute pressure. If you compress a closed, flexible air space (such as a balloon), 
you reduce its volume in proportion to the increase in pressure. When you double 
the pressure, a closed, flexible air space occupies only half the volume that it did 
originally. No air is lost. The molecules compress into a smaller area. The density 
of the air is twice as great as it was originally. When you return the compressed 
air space to its original pressure, the air inside expands until the object reaches 
its original volume. You compress your lungs during a breath-hold descent, and 
they return to normal volume when you return to the surface, provided that 
you do not expel air underwater. 

Scuba equipment provides air to you at the exact pressure of the surrounding 
water. This allows you to expand your lungs to their normal volume regard- 
less of the depth. The density of the air inside the lungs increases in proportion 
to the water pressure. If the water pressure doubles, the density of the air in 
your lungs also doubles. Figure 2.10 shows the relationships between pressure, 
volume, and density for a gas-filled, flexible-walled container. 

Boyle’s law also applies when you reduce the surrounding pressure. As out- 
side pressure decreases, compressed air in a closed, gas-filled, flexible container 
expands in proportion to the reduction in pressure; for instance, if the pressure 
halves, the volume doubles. If a container filled with compressed air at depth 
is vented correctly during ascent, expanding air escapes through the vent, and 
the container remains full throughout the ascent. If the container is not vented, 
pressure inside increases when the container reaches its maximum volume. If 
the container is weak, the increase in pressure will rupture the container. This 
concept is important to scuba divers, who have many air spaces filled with 
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Troubleshooting Guide 


This troubleshooting guide may help fix common problems encountered with troublesome 


Solder won’t “take” (wet) and won’t flow 
properly over the joint — molten solder 
forms beads or “ball bearings” instead of 
flowing properly. 


Solder doesn’t melt or flow very well — the 
joint is crystalline or grainy-looking - a grey 
or dry joint. 


Solder joint forms a “spike” and applying the 
iron again makes it even worse! 


The copper foil of my p.c.b. has lifted off the 
circuit board! 


Brown varnish-like deposits are left behind 
after I finish soldering. 


solder joints. 


Grease or contaminants present; 


Material may not be suitable for soldering with 
standard lead/tin or lead-free solder, e.g chromium. 


Joint has been moved before being allowed to cool 
naturally, or: 


Joint was not heated adequately. Too large a joint — 
too much metal present — and/ or the soldering iron 
temperature or power rating are too low. 


Probably overheated, burning away the flux. The 
iron, when removed, would cause the solder to stand 
up in a spike. 


Excessive use of heat has damaged the adhesive. 
Provided the track hasn’t broken, it may be 
repairable. 


These are the remains of rosin flux and are nothing to 
worry about. 


Treat contaminated parts with 
abrasive cleaners etc. as required to 
expose base metal. 


Some metals can’t be soldered with 
electronics-grade solder. 


Desolder and remake. 


Apply heat for a longer period, or 
use a higher power soldering iron, or 
check the temperature setting and 
raise it if possible. 


It is usually best to desolder and 
remake the joint freshly again. 


You can sometimes repair it with 
Super Glue, or re-wire the board 
with jumper wires. 


It can be removed with PCB cleaners 
or some solvents, if you want to tidy 
up the board and inspect your work. 
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Figure 2.10 Pressure, volume, and density relationships. 


compressed air. Vented air spaces do not pose a hazard. But if your lungs are 
not vented during ascent, life-threatening injuries will result. If you do not vent 
air from a flotation jacket during ascent, control of buoyancy will be lost as air 
expands and the jacket volume increases. 

Figure 2.10 shows an interesting point about the rate of change of pressure 
(and volume) in water. The pressure doubles from 1] atm to 2 atm in 33 feet (10 
m) of seawater. Doubling the pressure again requires a depth of 99 FSW (30 
m). Note that you must ascend from 99 feet to a depth of 33 feet—a distance 
of 66 feet (20 m)—to experience the same rate of change of pressure that you 
experience when you ascend from 33 feet to the surface. In other words, the 
closer you get to the surface, the greater the rate of change of pressure (and of 
the volume of an air space). You must be more attentive to compressed air in 
air spaces the nearer you are to the surface. 

The change in pressure that you experience during descents and ascents in 
water is perhaps the most significant challenge of diving. Changes in pressure 
have direct, mechanical effects on your body. Pressure imbalance in your body air 
spaces can cause discomfort. In the air environment, you feel pressure changes 
as aresult of changes in altitude, but pressure changes in water occur at amuch 
greater rate than in air. You can sustain serious injury unless you keep the pres- 
sure in air spaces inside and attached to you equalized with the surrounding water 
pressure. Boyle’s law causes squeezes and reverse blocks, which figure 2.11 
illustrates. Knowledgeable and experienced divers routinely equalize pressures 
to avoid squeezes and blocks. Keeping pressure in air spaces equalized with the 
surrounding pressure is one of the main subjects of the next chapter. 


Gay-Lussac’s Law 


Boyle’s law addresses gas at a constant temperature because the temperature 
affects the pressure and volume of a gas. Jacques Charles, a French chemist, 
discovered that the volume of gas at a constant pressure changes with tem- 
perature. Joseph-Louis Gay-Lussac, a French scientist, defined the effect of 
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If the pressure inside an air space is 
less than the surrounding water 
pressure, the outside pressure 
attempts to compress the air space. 
This condition is a “squeeze.” 


During descent, squeezes may occur 
in ears, sinuses, the mask, and other 
air spaces in or attached to the body. 


Descent 





During ascent, the pressure surrounding an air 
space decreases. If the air inside the space, which 
was equalized to a higher pressure during 
descent, cannot escape, a situation that is the 
reverse of a squeeze occurs. When the pressure 
inside an air space is greater than the surrounding 
pressure, the condition is a “reverse block.” 
Ascent A “block” describes a situation where some form of 
blockage prevents compressed air from entering. 





Prevention of both squeezes and Equalization 
blocks involves keeping the pressure 

within an air space equalized with 

the surrounding pressure. 


Figure 2.11 An explanation of squeezes and reverse blocks when equalizing pressure. 


temperature: For any gas at a constant volume, the pressure of the gas varies 
directly with the absolute temperature. Just as absolute pressure must be used 
for pressure calculations, absolute temperature must be used for temperature 
computations. The absolute temperature scale for Fahrenheit temperatures is 
Rankine. To convert a Fahrenheit temperature to Rankine, add 460 degrees. 
The absolute temperature scale for a Celsius temperature is Kelvin. To convert 
a Celsius temperature to Kelvin, add 273 degrees. 

You can observe the effect of Gay-Lussac’s law with a scuba tank, which has 
a constant volume. Decreasing the temperature of the air in a tank causes the 
pressure to decrease. Increasing the temperature of the air in a tank causes the 
pressure to increase. A scuba tank taken from the trunk of a hot car and cooled 
in water experiences a drop in pressure, although no air leaves the cylinder. 
Pressure increases or decreases in a standard 80-cubic-foot (2,265 L) aluminum 
scuba cylinder at a rate of about 6 psig per degree Fahrenheit temperature change. 
Pressure increases or decreases in a standard 71.2-cubic-foot (2,016 L) steel scuba 
cylinder at a rate of about 5 psig per degree Fahrenheit temperature change. 


Dalton’s and Henry’s Laws 


A gas can diffuse into or out of a substance. When a gas comes into contact 
with a liquid, the gas dissolves into the liquid. The amount of gas that diffuses 
into the liquid depends on the density and temperature of the liquid, the pres- 
sure of the gas in contact with the liquid, and the length of time that the gas is 
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in contact with the liquid. Another term for the process of gas diffusion into a 
liquid is ingassing. Because the human body is primarily liquid, the gases you 
breathe diffuse into your body tissues. 

In a mixture of gases, such as air, the percentage of the total pressure exerted 
by each gas is the partial pressure of that gas. Dalton’s law states that the total 
pressure exerted by a mixture of gases is the sum of the pressures that would be 
exerted by each gas if it alone were present and occupied the total volume. The 
partial pressure of a gas determines the amount of that gas that dissolves into a 
liquid. Henry’s law expresses gas absorption: The amount of a gas that dissolves 
in a liquid at a given temperature is directly proportional to the partial pressure 
of that gas. Table 2.2 shows the partial pressures of gases in the air at 1 ATA. 

The partial pressure of a gas is the percentage of the gas in the mixture times 
the absolute pressure of the mixture. The partial pressure of a gas at depth has 
the same effect as a higher percentage of that gas at the surface. If a mixture 
of gas contains 2 percent carbon dioxide (CO,) at sea level (14.7 psia, or 1.03 
kg per square cm), the partial pressure of the CO, is 0.294 psia (0.021 kg per 
square cm). If the absolute pressure of the same mixture of gases increases 
to the pressure found at a depth of 99 feet (30 m) in the ocean (58.8 psia, or 
4.12 kg per square cm), the partial pressure of the CO, is 1.176 psia (0.082 kg 
per square cm). The amount of CO, sensed by the body at 99 feet is four times 
greater than the amount that is sensed at the surface. Breathing 2 percent CO, 
at a depth of 99 feet is the same as breathing 8 percent CO, at the surface! A 
high level of CO, has a profound effect on respiration. The surface-equivalent 
effect of partial pressures makes minute amounts of contaminants in breathing 
gases unsafe at depth. Table 2.3 shows the surface-equivalent effect of partial 
pressures at various depths. 


Table 2.2 Partial Pressures of Gases in Air at 1 ATA 
Partial pressure at Partial pressure of 


Percentage 1 ATA gas at 1 ATA (metric) 
Nitrogen 78% 11.466 psia 0.803 kg/cm? 
Oxygen 21% 3.087 psia 0.2163 kg/cm? 
Argon 0.93% 0.137 psia 0.0095 kg/cm? 
Trace gases 0.04% 0.006 psia 0.0004 kg/cm? 
Carbon dioxide 0.03% 0.004 psia 0.0003 kg/cm? 
Totals 100% 14.7 psia 1.03 kg/cm? 


Table 2.3 Surface-Equivalent Effect of Partial Pressures 


Dy=yey aa Pressure O,*a CO*b CO,*c 
0 ft (0 m) 1 ATA 20% 20 ppm 2% 
33 ft (10 m) 2 ATA 40% 40 ppm 4% 
66 ft (20 m) 3 ATA 60% 60 ppm 6% 
99 ft (30 m) 4 ATA 80% 80 ppm 8% 
132 ft (40 m) 5 ATA 100% 100 ppm 10% 


“Breathing 20% oxygen at 132 ft (40 m) has the same effect as breathing 100% oxygen at the surface. 
“Breathing a mixture containing 40 ppm CO at 66 ft (20 m) is the same as breathing 120 ppm CO at the surface! 


“Breathing a mixture containing 2% CO, at 99 ft (30 m) is the same as breathing 8% CO, at the surface and 
causes shortness of breath, rapid breathing, and headache. 


Ms Additional Information About Gas Laws 


The following gas formulas can be used to make precise mathematical calculations of 
pressure, volume, and temperature. 
Boyle’s law: P,V, = PV, 
P, = Initial pressure (psia or ATA) 
P, = Final pressure (psia or ATA) 
V, = Initial volume 
V, = Final volume 


Example: A balloon with 2 pints of air floats from 2 ATA to the surface (1 ATA). What 
is the volume of the balloon at the surface? 


P=2 Ara 
Pele ALA 
V, = 2 pints 


V, = Unknown 


Rearranging the formula to solve for V,, we find that: 


Ta (eo) 


V 
Sa 1 


= 4 pints 


Partial pressure = absolute pressure 3 percentage of gas 


Example: What is the partial pressure of oxygen if the gas constitutes 20 percent of a 
gas mixture that has an absolute pressure of 58.8 psi? 


PP = 58.8 X 0.2 = 11.76 psia 


P P 
Gay-Lussac’s law: —1 = — 
1 


= 
N 


P, = Initial pressure (psia or ATA) 
P, = Final pressure (psia or ATA) 
T, = Initial temperature (°R or °K) 
T, = Final temperature (°R or °K) 


Example: A scuba tank with a pressure of 2,250 psig and a temperature of 70 °F is 
heated to a temperature of 150 °F. What is the pressure of the scuba tank at the higher 
temperature? First, convert readings for pressure and temperature to absolute measures. 


P, = 2,250 psig + 14.7 psia = 2,265 psia 
P, = Unknown 
T, = 70 °F + 460 = 530 °R 
5 = 150 °F + 460 = 610 °R 
Rearranging the formula to solve for P,, we find that 
_ BT, _ 2,265x 610 


P 
eer 530 





= 2,607 psia 


2,607 psia — 14.7 psia = 2,592 psig 
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When a liquid has absorbed all of a gas that it can hold, the liquid is saturated. 
When you reduce the partial pressure of the gas in contact with the liquid, gas 
diffuses out of the liquid. This process is outgassing. Ingassing and outgassing 
provide a foundation for the dive computers and tables used to prevent decom- 
pression sickness; these tables are presented in chapter 7. 


Air Consumption 


The volume of air you breathe per minute during exertion is much more than 
the volume you breathe at rest—up to 17 times more on land and about 14 times 
more in the water. In the water, pressure on the torso allows only 85 percent 
of normal inhalation. 

Because the density of the air breathed increases with depth, depth signifi- 
cantly affects the rate at which you consume air. For a given level of exertion, a 
supply of air lasts only half as long at a pressure of 2 ATA as it does at a pressure 
of 1 ATA. With heavy exertion at a pressure of 4 ATA (at a depth of 99 feet, or 
30 m), you exhaust an air supply over 40 times faster than you would when at 
rest at the surface! The rapid depletion of your air supply is one reason that you 
must avoid heavy exertion while diving. 

The rate of air consumption is expressed in cubic feet per minute (or liters 
per minute) or psig (or atmospheres or bars) per minute. By knowing your con- 
sumption rate for various levels of activity, you can plan your dives. When you 
know your consumption rate and the amount of air available, you can calculate 
air supply duration for future dives. 


Heat, Humidity, Light, and Sound 


You experience many changes when you enter water. You lose body heat faster, 
and you lose body moisture when you use scuba equipment. In addition, what 
you see is deceiving, and what you hear can cause confusion. When you under- 
stand what happens to you in water (and why it happens), you can better manage 
the differences between the water and air environments. 


Heat Transfer 


The net effect of the various forms of heat transfer is that you can chill quickly 
while diving. Radiation, convection, and conduction transfer heat from one 
medium to another (see figure 2.12). Heat waves radiate from exposed sur- 
faces, heat travels upward through fluids by convection, and heat is transferred 
directly via conduction between substances in contact with each other. Metals 
are good conductors. Water is a poor conductor compared with metal, but water 
conducts heat about 25 times faster than air (depending on density). Conduc- 
tion and convection are the primary means by which heat is transferred from a 
diver to the surrounding water. Heat rises from the skin, and water carries the 
heat away. You also lose body heat through the process of evaporation. Moisture 
evaporates from your lungs when you are breathing underwater and from the 
surface of your skin when you perspire above water. Scuba equipment expands 
high-pressure air and cools it. Your body heat warms the air you breathe, and 
you lose the heat with each exhalation. 








Losing or retaining excessive heat is dangerous! 


Radiation Convection 
Heat waves radiate to Heat warms surrounding 
surrounding objects fluid, which rises and 


without physical is replaced by 
contact. cooler fluid. 





Conduction 
Heat lost through 
direct physical 
contact. Water 
conducts 25 
times faster 


than air! 
Evaporation (in air) - Respiration 
Perspiration cools when it Heat added to air in the 
changes from a liquid to a vapor. lungs is lost with exhalation. 


Figure 2.12 Heat transfer and loss. 


You can slow the transfer of heat by insulating yourself with a material that 
is a poor conductor of heat. Exposure suits help insulate you from the environ- 
ment, but insulation does not help reduce heat lost through respiration. The 
next chapter presents ways to manage the problems of heat loss. 


Humidity 


Scuba divers must be aware of the effects of humidity, or the amount of water 
vapor present in a gas. The temperature of the gas determines the amount of 
water vapor a gas can absorb and retain. The warmer the gas, the more humid- 
ity the gas can contain. 

You humidify inspired air. The process of compressing the air that is put into 
scuba tanks dehumidifies the air in the cylinder. You lose moisture from body 
tissues when you breathe dry scuba air. The resulting fluid loss can cause partial 
dehydration, an undesirable condition, especially for a scuba diver. In the next 
chapter, you will learn how to avoid the problems of dehydration. 

Diving poses other humidity challenges that you must manage. Moisture in 
the air inside your mask condenses on the faceplate as the air cools. Unless you 
thoroughly clean your mask lens in advance so that the condensation runs off in 
a thin sheet, foggy beads of condensation will form and blur your vision. Chapter 
6 presents the process for cleaning, or defogging, your mask. 
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Rs Additional Information About Air Consumption 
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The following air consumption formulas can be used to calculate consumption rates and 
air supply duration. To calculate the rate of air consumption, you need three items of 
information: the depth at which you have remained for a period of time, the length of time 
you have remained at that depth, and the amount of air you have used during that time. 


1. Determine your depth air consumption rate (DACR). This is simply the amount 
of air used divided by the time at depth. For example, the DACR for a diver who 
uses 1,000 psi (68 atm) in 10 minutes is 100 psi (6.8 atm) per minute. 

Air used 
DACR = — 

Time at depth 

2. Convert the DACR to the surface air consumption rate (SACR). You need to 
express the rate in terms of volume rather than pressure. After you do this, you 
can apply the air consumption rate to any depth and to a cylinder of a different 
size from the one used initially to calculate the air consumption rate. Obtain the 
surface consumption rate by multiplying the DACR by the ratio of the pressure at 
the surface to the pressure at depth. Because you can express pressure in terms 
of depth, you can use the following formula: 


33 ft (or 10m) 
Diving depth + 33 ft (or 10 m) 


If, for example, your depth consumption rate for a depth of 33 feet (10 m) is 30 
psi (2 atm) per minute, your SACR is 30 (33/66) = 15 psi per minute, or 2 (10/20) 
= 1.0 atm per minute. 


SACR = DACR X 


3. Convert the rate to volume, establish a ratio of the tank volume and pressure 
(when the tank is full) to the breathing rate volume and pressure, then solve for 
the breathing rate volume (BRV) as follows: 


V, V, 
ee 
where 
V, = Full tank volume 
V, = Breathing rate volume (BRV) 
P, = Full tank pressure 
P, = Breathing rate pressure 
so 


V, XP, 
BRV = 


1 
For example, the breathing rate volume (BRV) for a diver with an 80-cubic-foot 
(2,265 L), 3,000 psi (204 atm) tank and an SACR of 30 psig (2.04 atm) per minute is 


BRV = 80 ft® 3 30 psi/min/3,000 psi = 0.8 ft?/min 
Metric BRV = 2,265 L 3 2.04 atm/min/204 atm = 22.65 L/min 


A. For the same level of activity, you can calculate the approximate duration (in min- 
utes) of any amount of air from a tank of any size used at any depth. Here is an 
example: How long will 1,750 psi (119 atm) of air from a 71.2-cubic-foot (2,016 
L), 2,475 psi (168 atm) tank last at a depth of 70 feet (21.3 m) for a diver with a 
breathing rate volume (BRV) of 0.8 cubic feet (22.7 L) per minute? 


First, determine the volume of air in the tank at a pressure of 1,750 psi (119 
atm). The formula for determining the volume of air in the tank is 


ee ese 
P, 
where 
V, = Full tank volume 
V, = Partially filled tank volume 
P, = Full tank pressure 


P, = Partially filled tank pressure 
The air supply volume for the partially filled tank is therefore 








71.2 1,750 psi 3 
= —— = 50.3 it", or 
2,475 psi 
2,016LxX119 atm 
We =1,428L 
168 atm 


The formula for air supply duration (ASD) is 


ee Air supply volume | Diving depth + 33 ft (or 10 m) 
BRV 33 ft (or 10 m) 





The air supply duration (ASD) for the question posed earlier is 


50.3ft?  70ft+33ft 


-—$—_—+—=+ = 20min 
0.8 ft" / min 33 ft 


1428L 21.3m+10m 


—————- + = 20 min 
22.7 L/min 10m 


Metric ASD = 

These calculations may seem complicated at first, but the ideas are simple. The 
calculations become easy with practice. Let’s review the four steps of air con- 
sumption calculations: (1) Determine your depth air consumption rate (DACR); 
(2) determine your surface air consumption rate (SACR); (3) determine your 
breathing rate volume (BRV); and (4) determine the air supply duration (ASD) 
for a quantity of air. The abbreviated formulas for the calculations are as follows: 


Air used 
DA Ge — 
Time at depth 
33 ft (or 10 m) 
SACR = DACR = 





Diving depth + 33 ft (or 10 m) 


V,xP, 





BRV = 
1 


_ Air supply volume | Diving depth + 33 ft (or 10 m) 
BRV , 33 ft (or 10 m) 





ASD 
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In freezing temperatures, moisture from your exhaled breath can cause a scuba 
regulator to freeze. Water in other items of diving equipment can also freeze. If 
you intend to dive in a cold environment, you should complete special training 
and should know how to prepare and use your equipment in those conditions. 


Light and Vision 


The density of water makes it challenging for divers to interpret what they see 
and hear. Light travels faster in air than in water. When rays of light traveling 
in water pass through the lens of your mask, they accelerate and bend (refract). 
The effect is that what you see underwater is magnified. Objects appear to be at 
three-fourths of their actual distance (25 percent closer) and four-thirds of their 
actual size (33 percent larger). The visual distortion requires adjustments, and 
you will learn to make these with experience. An object that is 12 feet (3.7 m) 
away appears to be only 9 feet (2.7 m) away. A fish that appears to be about 2 
feet (0.6 m) long is actually only 1.5 feet (0.5 m) in length. Many new divers 
discover that items they bring back from diving are much smaller than they 
perceived them to be underwater. Figure 2.13 illustrates how light is perceived 
differently in water. 

One difficulty caused by the refraction of light is that distant objects appear 
closer than they are. This can create a hazard in clear water when you look 
downward from a drop-off. You may be tempted to go to a point that appears to 
be ata safe distance but might actually take you beyond your planned maximum 
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Figure 2.13 Visual perception is distorted underwater. 
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SCUBA WISE 


There is an old joke about a young woman who returned home from her first session of 
scuba diving training and was unenthusiastic when asked whether she enjoyed the class. 
Her reply was “First the instructor told us all the ways that we could die, then he worked 
us in the water until | thought that | was going to die.” Fortunately, instructors do not teach 
classes that way today. The reason for learning about potential injuries is to understand 
how to prevent them. Armed with knowledge that you can convert to wisdom through 
proper application, you can avoid all of the potential problems identified in this chapter. 
The use of scuba diving instruction for fitness training is also outdated. Reasonable physi- 
cal fitness is a prerequisite for scuba diving. Any healthy person who can swim 200 yards 
(61 m) continuously is fit enough to dive. The objective of modern scuba training is to help 
you learn to relax in and under the water, not to whip you into shape. 


depth. You must realize that distance perception is inaccurate, and you must 
rely on your depth gauge instead of your vision. 

You have two types of vision: day vision and night vision. You use different 
parts of your eyes for each type. When you move from a brightly lit area into 
a dimly lit area, your vision needs 15 to 30 minutes to adapt to the lower level 
of light. Even after the adaptation, your ability to see fine details is much less 
than your ability with day vision. In addition, particles in water diffuse, scatter, 
and attenuate light. The deeper you go, the less light there is. In turbid water, 
the amount of light decreases very quickly with depth. A dive in turbid water 
involves a change from day vision to night vision. 

Water affects light in many ways. The surface of water reflects light. When 
light strikes the surface of calm water at an angle less than 48 degrees, the water 
reflects all the light. Early morning and late afternoon sunlight do not penetrate 
calm water. Light rays going toward the surface from underwater also reflect 
from the interface, making the underside of the surface appear like a mirror 
when viewed at the proper angle. 

Objects you view underwater often lack their natural colors. White light, such 
as sunlight, comprises all the colors of the spectrum. Increasing depth absorbs 
various colors. The water absorbs warm colors, such as red and orange, with 
only 30 feet (9 m) of depth. Cooler colors, such as blue, penetrate deepest. This 
is why deep, clear water is blue. The underwater scene appears drab at depths 
below 100 feet (30 m). Fortunately, you can restore all the colors of the spectrum 
underwater by using an artificial light at close range. 

Another visual challenge is disorientation. When you are weightless in water 
and do not have a visual reference, vertigo can result. Vertigo is the feeling of 
movement perceived as a spinning sensation. This problem can occur when the 
water is turbid and visibility is poor, when the water is crystal clear but there 
are no visual clues for orientation, and when waters of different densities mix 
together. You will learn how to manage the challenges of disorientation in the 
next chapter. 

A final visual problem is poor visibility in water compared to air. In air envi- 
ronments, visibility is measured in miles, but in water it is measured only in feet. 
Particles suspended in water cause turbidity, which hampers vision. Reduced 
visibility makes it difficult to locate objects underwater, to maintain contact 
with your buddy, and to find your way. You must develop skills to cope with 
these challenges, including search techniques, buddy system techniques, and 
underwater navigation skills. 
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Sound and Hearing 


Sound travels well in water. You can hear many sounds while diving. On land you 
can determine the direction of a sound by the difference in the time it takes the 
sound to reach one ear and then the other. This interval is brief but sufficient for 
your brain to discern it. Underwater, you hear sound conducted through water 
and the bones of your head to your inner ears. Sound travels about four times 
faster in water than in air. The time delay between a sound reaching one ear and 
then the other is so small that directional discernment is difficult underwater. 

Sound does not transfer well from air to water. Only 0.01 percent of sound 
can travel directly between air and water. You must use special devices to make 
voice communications effective underwater. 


Summary 


The aquatic environment affects your body in several ways. Pressure affects 
your air spaces: your ears, sinuses, and lungs. The rate of change of pressure in 
water is many times greater than in air and increases as you approach the surface 
during ascent. Changing pressures also affect the diffusion of gas into and out 
of liquids. The level of carbon dioxide in your body controls your respiration, 
and the partial pressure of the carbon dioxide is affected by depth. Temperature 
also affects the pressure of a constant volume of gas. Depth and activity have 
the greatest effect on air consumption. Water absorbs heat from the body, so 
divers need insulation to help prevent excessive heat loss. Humidity can cause 
several problems for scuba divers. The difference in density between air and 
water affects your buoyancy, mobility, heat loss, vision, and hearing. Now that 
you are aware of the effects of the aquatic environment on your body, you are 
prepared to learn to adjust to the underwater environment. 








Application-of-Knowledge (AOK) Questions 


al 


If you are exerting underwater and find yourself breathing rapidly and deeply 
and suddenly feel that you are not receiving enough air, what should you do? 


. Asudden change of conditions while you are diving increases your anxiety, 


and you notice that your breathing is rapid and shallow. Your anxiety level 
increases because you feel unable to manage the situation in which you find 
yourself. What action will help alleviate your anxiety and abnormal breathing? 


. While diving with an experienced diver, you compare tank pressures and dis- 


cover that you are using twice as much air as your buddy, who is the same 
size as you. You are using equipment that is identical to your buddy’s. What 
could be causing you to have the high rate of air consumption? 


. Maintained scuba equipment is extremely reliable, but if your regulator started 


leaking water when you inhaled and you were at a depth of 60 feet (18.3 m), 
what should you do? 


. While swimming in a pool, you notice a swimmer breathing rapidly and deeply 


before swimming underwater. You keep an eye on the swimmer because he 
may lose consciousness without warning while submerged. What is the cause 
of this problem, and what could you tell the swimmer to help him understand 
how to prevent an accident? 


. You are diving in water that has a temperature of 60 °F. (15.6 °C) and begin 


shivering. You decide to increase your activity level to produce more body 
heat. Is this a good course of action? 
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Cup corals in the Red Sea 











By the end of this chapter, you will be able 
to do the following: 


Define the terms hypothermia, 
hyperthermia, vasoconstriction, 
heat exhaustion, heatstroke, 
equalization, Toynbee maneuver, 
Valsalva maneuver, trapdoor 

effect, skip breathing, barotrauma, 
pulmonary barotrauma, arterial 

gas embolism, mediastinal 
emphysema, subcutaneous 
emphysema, pneumothorax, vertigo, 
perfusion, ambient pressure, half- 
time, compartment, controlling 
compartment, decompression illness, 
dehydration, and nitrogen narcosis. 


State the cause, effect, signs and 
symptoms, first aid treatment, 

and prevention of hyperthermia, 
hypothermia, squeezes, reverse 
blocks, respiratory distress, 
pulmonary barotrauma, vertigo, 
seasickness, decompression illness, 
and nitrogen narcosis. 

Explain three ways to control 
buoyancy while scuba diving. 

Explain when to equalize pressure in 
your ears during descent and what to 
do if the pressure does not equalize. 
Explain how to minimize resistance to 
movement for underwater swimming. 













To function effectively underwater, you need 
specific attitudes, equipment, knowledge, and skills. 
This chapter provides the fundamental knowl- 
edge and begins shaping the attitudes required to 
minimize the risk of injury. You will apply the basic 
aspects of anatomy, physiology, and physics you 
have learned to a typical person descending into the 
depths and ascending back to the surface. 


Thermal Adjustments 


Maintaining your body’s core temperature within 
a few degrees of normal is challenging in water. 
When you are immersed in water, you lose body 
heat rapidly. A water temperature of 50 °F (10 °C) 
can incapacitate an unprotected diver within 15 
minutes. Even water at a temperature of 80 °F (27 
°C), which feels relatively warm, can chill a diver 
within an hour. Wearing only a bathing suit in 80 
°F (27 °C) water is the same as being without any 
clothing in air that is 42 °F (6 °C). 

Your brain regulates your body functions to 
maintain your body temperature. If your core tem- 
perature is less than 95 °F (35 °C), you will suffer 
from hypothermia. You need to guard against 
mild and severe hypothermia, both of which can 
be dangerous. If your core temperature is higher 
than normal, you experience the effects of hyper- 
thermia. You need to understand the effects of 
two types of hyperthermia—heat exhaustion and 
heatstroke—and you must try to prevent them. 
They both can be dangerous. 





In chapter 2, you learned about the effects 
of water on your body. In this chapter, you 


will learn how to deal with those effects. 
Most people with average intelligence 




















to the aquatic environment, Such as 

















environment requires professional 











then do wnat you have learned. 





and normal health can make adjustments 


buoyancy control and the equalization of 
pressure. You make many adjustments 
automatically, but some you must make 
consciously. Learning to make the transition 
from an air environment to an underwater 
nstruction 
and guidance. You need to learn what to do, 
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Heat Loss 


Your body has a variety of physi- 
ological responses to the loss of heat. 

: A : ; Head and 

Respiration increases automati- fiaeic 
cally when you get chilled. This 
is undesirable because you heat 
and moisturize inspired air, and 
you lose the heat and moisture 
with each exhalation. The more Underarms 
you breathe, the more heat and 
moisture you lose to the envi- 
ronment (and the shorter your 
dive time). Water depth com- 
pounds the problem because 
the greater the surrounding 
pressure, the greater the den- Hands 
sity of the air that you breathe. 
Denser air absorbs more heat 
than air that is less dense. The 
deeper you dive, the quicker 
you get cold. 

Anything that affects the 
function of your body—excite- 
ment, fear, seasickness, and other 
forms of illness—can increase heat 
loss. This is why good health and 
a confident state of mind are safety 
recommendations. 

One way your body responds to cold 
is to shunt blood from the extremities 
through vasoconstriction. The circulatory 
shunting reduces heat loss because it keeps Figure 3.1 Areas prone to 
warm blood from passing through areas of your high heat loss. 
body that have little insulation. Your head, neck, 
underarms and sides, groin, hands, and feet are the areas of 
your body most prone to heat loss underwater (see figure 3.1). Fortunately, you 
can insulate these areas easily. In cold water, you can lose considerable heat from 
your head and neck because the head receives a large supply of blood and lacks 
natural insulation. Your body does not shunt blood from your head as it does 
from other body extremities. In water at a temperature of 70 °F (21 °C) or less, 
you must be sure to insulate your head and neck. 

Hands have large surface areas relative to their volume. To prevent excessive 
heat loss from your hands when you get cold, your body shunts blood from them 
until they reach a temperature of 50 °F (10 °C). At this temperature, your body 
restores circulation to your hands to partially rewarm them. Hands quickly lose 
their warmth to the water. If you dive without hand protection in cold water, 
you lose body heat through your hands. Because your hands may become numb 
and lack strength when they get cold, you should insulate them to keep them 
functioning and to conserve body heat. 





Torso 





Abdomen 
and groin 


Feet 
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Small people chill more quickly in water than large people do. Small people 
have less muscle mass to generate and store heat. Insulation is important for all 
divers, but protection against heat loss is more critical for those of smaller stature. 

Failure to wear adequate insulation leads to hypothermia. Hypothermia 
also results from repeated or prolonged exposure. Slow chilling of your body is 
undesirable. You lose muscle strength and feeling, and your muscles may cramp. 
Severe heat loss also affects your ability to reason. Another body response to 
heat loss is shivering, which restores heat through muscular activity. Shivering, 
which generates about five times as much heat as your body produces at rest, is 
helpful on land, but is not beneficial in water. Water conducts away the heat you 
produce by shivering, and you get colder. Uncontrollable shivering indicates that 
you have lost too much heat from the core of your body and that you cannot 
rewarm yourself without getting out of the water. When you are shivering, you 
should terminate the dive. Rewarm yourself thoroughly before diving again. To 
help your body temperature return to normal, you should put on clothes that 
are warm and dry, stay in warm surroundings, and consume warm nonalcoholic 
drinks. You can become so cold that shivering ceases. This occurs because severe 
hypothermia has incapacitated the body’s ability to produce heat. A cold person 
who is not shivering requires medical care. 

You must understand that warming the surface of your body is different from 
warming the core of your body. You may feel warm, but your deep core tempera- 
ture may remain below normal. If you return to the water in this condition, you 
will quickly become chilled. The only way to be sure that you are thoroughly 
warmed is to keep warming yourself until you begin to perspire. Perspiration 
occurs when the core temperature begins to rise above normal. To warm your- 
self, get dry, wrap everything except your face in blankets, and stay that way 
until you perspire. Most people will shed the blanket when their skin is warm, 
not being aware that the core of their body is still below normal temperature. 


Overheating 


You can prevent excessive loss of body heat by insulating your body with an 
exposure suit, but insulation can cause another problem. When you insulate your 
body to reduce heat loss in water, you reduce your body’s ability to rid itself of 
excess heat above water. The evaporation of perspiration helps cool your body, 
but if you cover your body, perspiration cannot evaporate. You may become 
overheated in warm climates when you are preparing to dive. Maintaining your 
body temperature within acceptable limits before, during, and after dives can be 
a challenge. Figure 3.2 describes some of the causes and effects of overheating. 

When a person is unable to stop the rise of core temperature, heat exhaustion 
occurs. This condition is serious. A person affected by heat exhaustion becomes 
weak and may collapse. The victim looks pale and feels sweaty. Place a person 
with this condition in a cool place, remove the exposure suit, and take steps to 
lower the person’s body temperature. If the victim is alert and not nauseous, have 
him or her drink a diluted electrolyte fluid or water to replace lost body fluids. 

A more serious form of hyperthermia is heatstroke, which occurs when the 
body temperature becomes so high that the body’s temperature-regulating abil- 
ity shuts down. A victim of heatstroke looks flushed and has hot, dry skin. The 
mental status of a heat stroke victim is not normal. The victim may be delirious, 
or unresponsive, or have seizures. Heat stroke is extremely serious. Cool the 
patient’s body immediately and summon medical assistance. 














Diving Adjustments Hl 41 










Minimize exertion 
and exposure to 
direct sunlight. 


Insulation reduces Unfit and overweight 
your ability to get rid people are more 
of excess body heat. susceptible to overheating. 





_ Heat exhaustion Heatstroke 





(a medical emergency) 


¢ Collapse ¢ Collapse 

° Pale appearance e Flushed appearance 

¢ Skin cool ¢ Skin hot and dry 
and clammy 







Figure 3.2 Take precautions against overheating by learning the symptoms of heat stroke and exhaustion. 


Preventing hyperthermia is much better than treating it after it occurs. You 
should avoid prolonged exposure to warm temperatures when wearing insula- 
tion. If the air temperature is warm, douse yourself with water after donning 
your exposure suit and before donning the remainder of your diving equipment. 
Stay out of direct sunlight if possible. All thermal considerations for diving are 
especially important for divers whose physical fitness is marginal. 


Buoyancy Adjustments 


Exposure suits and other equipment affect your buoyancy. You must adjust the 
amount of weight you wear to control your depth in the aquatic environment. 
When you are too buoyant, you must fight to remain submerged; when you 
carry excess weight, you must work hard to keep from sinking or to stay off 
the bottom. You need to maintain neutral buoyancy underwater and positive 
buoyancy at the surface. In chapter 2, you learned the principle of buoyancy 
and the three states of buoyancy: positive, negative, and neutral. Now you will 
learn some practical applications of buoyancy. 

Your body—which is composed of solids, liquids, and air spaces—has an aver- 
age density nearly the same as water. A typical human body immersed and relaxed 
in water has a positive buoyancy of a few pounds when the lungs are filled with 
air; it has a negative buoyancy of a couple of pounds when the lungs contain 
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the minimum amount of air. Fortunately, the density of water and resistance to 
movement prevent you from moving up and down rapidly when you breathe. 


Factors Affecting Buoyancy 


People usually wear some type of exposure suit when diving. Most exposure 
suits increase buoyancy, so divers wear weights to offset the buoyancy of the suit 
and achieve neutral buoyancy. These weights are made of lead, which is about 
12 times denser than water. 

Your initial state of buoyancy in water will depend on the volume of water 
you and your equipment displace. You can vary your volume—with a negligible 
increase or decrease in your weight—by adding air to or venting air from your 
buoyancy compensator (BC). Increasing BC volume increases buoyancy, while 
decreasing BC volume decreases buoyancy. 

Your buoyancy is affected by your physical size and weight, your lung capac- 
ity, the equipment you wear, and the items you carry (see table 3.1). Exposure 
suits use air or small bubbles of gas for insulation. When you descend while 
wearing an exposure suit, pressure compresses your suit and reduces its volume, 
so you become less buoyant. You must add air to your BC to compensate for 
buoyancy lost from suit compression. On the other hand, buoyancy increases 
as you consume air from your scuba cylinder. Air weighs 0.08 pounds per cubic 
foot (1.3 g per L). A typical scuba tank contains 80 cubic feet (2,265 L) of air. A 
full tank weighs 6 pounds (2.7 kg) more than an empty tank. As you consume 
air from your scuba tank, you must vent some of the air that you added to your 
BC to compensate for suit compression. The trade-off helps you keep buoyancy 
constant during a dive. 

Inflating your lungs increases your buoyancy, while deflating them reduces 
buoyancy. A high average lung volume makes you float; a low average volume 
makes you sink. When you become excited or begin moving quickly, your respi- 
ration increases, which affects your buoyancy. For optimal control of buoyancy, 
you should maintain a calm, relaxed state. 

The density of water also affects buoyancy. Saltwater is denser than freshwa- 
ter, so you are more buoyant in the ocean than in a lake. This means that if you 


Table 3.1 Factors Affecting Buoyancy 


Factor Effect 





Size and weight of diver Obese divers are more buoyant. 

Type and amount of equipment Larger equipment is more buoyant 
(because of increased volume). 

Amount of weight worn Weights decrease buoyancy. 

Amount of air in BC Increasing volume increases buoyancy. 

Amount of air in tank Buoyancy increases as air decreases. 

Amount of air in lungs Exertion or excitement increases volume 
and buoyancy. 

Suit compression Pressure decreases volume and 
buoyancy. 

Items carried Added weight decreases buoyancy. 


Type of water (salt or fresh) Denser water increases buoyancy. 
















SCUBA WISE 


At some point, many divers discover a special feeling of becoming part of the underwater 
world. | remember vividly an overwhelming feeling—a strange combination of peace and 
exhilaration—that | experienced during a dive in the Red Sea. The goal of training is to 
help you adjust to a new environment. When you adjust, you can relax, and when you can 
relax, you can focus more on your exciting new surroundings than on yourself. Meeting the 
demands of diving is challenging, but when you succeed, the exuberance is worth every 
adjustment you have to make. People can adjust well to new situations. Training helps 
people adjust more quickly, easily, and safely than they can by trial and error. Study the 
remaining chapters carefully to learn how to adjust to the subaquatic environment. | want 
you to feel what | felt in the Red Sea and have felt many times since while diving. The feel- 
ing of being one with the sea is powerful, moving, and unforgettable. 


are weighted for neutral buoyancy in the ocean, you must remove some weight 
to achieve neutral buoyancy for freshwater diving. The amount of weight you 
remove is about 3 percent of the combined dry weight of you and your equip- 
ment. For example, if a neutrally weighted 160-pound (73 kg) diver with 60 
pounds (27 kg) of equipment, including 16 pounds (7 kg) of weights, wants to 
dive in freshwater instead of seawater, the diver must remove about 7 pounds 
(3 kg) of weight in order to be weighted correctly. 


Ways to Control Buoyancy 


As a diver, you can control buoyancy in three ways: by the amount of weight 
you wear and carry, by the amount of air in your BC, and by the amount of air 
in your lungs. These means of control are coarse, medium, and fine adjustments, 
respectively. The skills you need to learn in order to adjust to the aquatic environ- 
ment include determining the correct amount of weight to be worn, regulating 
the amount of air in your BC, and varying your breathing for minor buoyancy 
adjustments. Chapter 6 describes these skills. 


Pressure Equalization 


One of the most important adjustments you must learn is how to handle the 
effects of pressure changes in water. Pressure changes rapidly as you descend 
and ascend. To avoid discomfort and injury, you must keep the pressure in the 
air spaces inside and on your body equalized with the outside pressure. This 
section identifies the procedures for pressure equalization. 


Equalizing Pressure in the Sinuses 


Your sinuses equalize pressure automatically as long as they are healthy. But 
when you have a cold or respiratory illness, the membranes lining your sinuses 
become swollen. The swelling can close the narrow air passages leading to the 
sinuses. If you descend with swollen sinus membranes, a sinus squeeze will 
result. Because the sinuses are formed in bone, they do not compress as a flex- 
ible container does. When the pressure inside the sinuses is less than the sur- 
rounding pressure, the outside pressure causes the linings of the sinuses to swell 
and ooze fluids into the cavities. The swelling and fluid reduce the volume and 
compress the air that is there. Do not attempt this painful method of equalization 





Possible Hazards and simple First Aid 


It’s extremely rare that soldering iron operators receive any burns or other injuries 
from the use of hot soldering irons. Soldering is perfectly safe provided that common 
sense precautions are taken during the soldering operation. Here are some of them: 


e Components are very hot after soldering, so let them cool before handling 
them to avoid skin burns. 


e Beware of splashes of molten solder caused by careless handling of a hot 
soldering iron. 


e Beware of energised components (capacitors, batteries etc.) being shorted 
by molten solder and ejecting solder splashes due to arcing. 


e Always park a hot iron safely on a stand in between use — never hang it 
vertically next to the bench. 


e Keep a hot soldering iron away from its mains cable (silicone cables 
reduce the risk of accidental damage). 


e Beware of wire offcuts flying off (danger to eyesight) when snipping wires 
to length before or after soldering. 


Avoid inhalation of solder and flux fumes as this can irritate the 
respiratory tracts, especially in sensitive cases (e.g. asthma). 


Should you receive a more serious skin burn which requires attention, then: 


e Cool the affected area immediately. Use plenty of cooler running water — 
but avoid ice cubes etc. as they can cause nerve damage after a time or inhibit 
the flow of blood to the affected area. 


e Remove any objects which may be constrictive, before any swelling starts 
(rings, watches, bracelets). 


e Do not prick blisters nor apply ointments, salves or lotions at this stage. 


e Local pain relief for small burns can be obtained by spraying Burneze 
aerosol onto unbroken skin. 


e Seek medical attention for more serious burns. 


Eyesight problems are exceptionally rare, e.g. pieces of wire offcuts or solder 
splashes lodging in the eye area, and should be treated by a qualified first-aider or A&E. 
The best you can do 1s bathe the affected area with e.g. a first-aid eyewash bottle or fresh 
water. Then seek professional medical help straight away. 
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because your problems are not 
over after you descend. When 
you ascend in this condition, 
the compressed air in the 
sinuses expands to its original 
volume. The expansion can 
force the fluid in your sinuses 
out through the openings, 
which are swollen shut. Avoid 
this painful process; don’t dive 
unless your sinuses are clear 
and normal. Figure 3.3 shows 
what happens to both healthy 
and congested sinuses under 
pressure. 

Do not use medications to 
relieve stuffiness and conges- 
tion caused by an illness before 
you go diving. Increased pres- 


Healthy sinus 


A. B. C. 
io lie 
Air 


Air can move freely in and out of a healthy sinus (A), so 
equalization is automatic during descent (B) and 
ascent (C). 





Congested sinus 


A. 
-& '@ 
Fluid Fluid 
e 


Air cannot get into or out of a congested sinus (A). Th 
body forces fluids into the sinus at depth to BAe 
the pressure (B). The air in the sinus tries to expand to 
its original volume during ascent (C). 


Figure 3.3 The mechanisms of equalizing pressure 
in the sinuses. 





sure can reduce the medica- 

tion’s effects and the duration of its effectiveness. Decongestants do not cure an 
illness; they simply mask its symptoms. When medication taken to open swollen 
airways wears off, a rebound effect occurs. The airways become more swollen 
than they were before you took the medication. If the rebound occurs while you 
are diving, you can trap high-pressure air in your sinuses. If you are not well 
enough to dive without medications, you should not dive. 


Equalizing Pressure in the Ears 


You must equalize the pressure in your ears more often than any other air space. 
Whereas the air passages to your sinuses are normally open, the eustachian 
tubes from your throat to your ears are normally closed. You must learn how 
to open the tubes at will to allow air to pass through them and equalize pressure 
in the air spaces of your middle ears. 

You can make several movements to open the ends of the eustachian tubes 
where they connect with the throat. Swallowing, yawning, lifting the base of 
your tongue, and jutting the jaw forward (either individually or in combination) 
should produce a cracking sound in your ears. The opening of the tubes causes 
the sound. Some divers are fortunate because they can use simple movements 
to equalize pressure in their ears during descent. Most people require a more 
forceful means of equalization. Many divers use a technique known as the Toyn- 
bee maneuver, which you do by blocking your nostrils, closing your mouth, 
and swallowing. The Valsalva maneuver is even more forceful and is done by 
blocking your nostrils, closing your mouth, and gently attempting to exhale. 

You must avoid excessive force when you use the Valsalva method because 
you could damage your ears permanently by rupturing the round window. When 
pressure in the outer ear increases, the eardrum bulges inward. The bones of 
hearing in the middle ear transmit the movement to the oval window in the 
inner ear. When you attempt to exhale against closed airways, you create an 
internal pressure on your inner ears. The attempted exhalation pressure in con- 
junction with the external pressure exerted on the oval window can cause the 
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round window to rupture; this is a serious injury that can result in a permanent 
high-frequency hearing loss and constant ringing in the ear. Because you control 
how hard you attempt to exhale in a Valsalva maneuver, you can prevent this 
injury. Be careful! 

You must equalize pressure in the air spaces of your middle ear early (before 
descent) and frequently. If you delay equalization during descent, increasing 
pressure will hold your eustachian tubes closed—and if you attempt to force air 
through them, this will only close them tighter. This is the trapdoor effect, a 
difficulty you can avoid by keeping the pressure in your middle ears and your 
throat equal. You can then open your eustachian tubes and allow air to pass 
through them. Figure 3.4 shows the trapdoor effect. 

You should equalize pressure in your ears before descending and about every 
2 feet (0.6 m) for the first 15 feet (4.6 m) of descent, about every 3 feet (0.9 m) 
from 15 to 30 feet (4.6 to 9.1 m), and as needed thereafter. You can feel and 
hear air enter your ears when you eliminate any difference in pressure. If you 
attempt to equalize pressure but cannot get air into your ears, you should ascend 
several feet to reduce the pressure on your eustachian tubes and try again. If 
that works, continue your descent. If that does not work, ascend a few more feet 
and try again. Your initial descents may be somewhat jerky until you become 
accustomed to equalization techniques. 

Failure to equalize pressure in your middle ears is as bad as trying to equalize 
forcefully. In an unequalized middle ear, pressure bows the eardrum inward. If 
the squeeze continues, pressure forces blood and fluid into the middle ear. This 


Methods to equalize pressure: 
¢ Blowing gently with mouth closed and nostrils blocked. 
¢ Swallowing with mouth closed and nostrils blocked. 
¢ Jutting the jaw forward while yawning with mouth closed. 






Trapdoor 
effect 


When pressure is not equalized often 
during descent, the pressure difference holds 

the end of the eustachian tube closed and prevents 
any further equalization until the diver ascends enough 
to relieve the pressure. 


Figure 3.4 Helpful techniques for pressure equalization. 
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process takes time, but it is usually painful. It also damages the ear. If you feel 
discomfort or pressure in your ears during descent, you should ascend until the 
pain is gone, and then ascend another couple of feet before trying to equalize. 

If you ignore an ear squeeze and continue your descent, the pressure differ- 
ential can rupture your eardrum. The rupture instantly equalizes the pressure in 
your middle ear but damages your ear in the process. A rupture of your eardrum 
causes a temporary loss of hearing and a feeling of fullness in your ear. Cold 
water rushing into the middle ear can also cause temporary disorientation (see 
the section on Equilibrium Adjustments and Seasickness later in this chapter). 
If you suspect an ear injury, see a physician; prompt treatment can minimize 
the risk of permanent injury. 

You can cause an outward rupture of an eardrum if you block the ear canal 
with a plug or if you cover your ears with a watertight covering. When you 
obstruct an ear canal, the air in your outer ear remains at surface pressure while 
the pressure in your middle ear increases with equalization during descent. The 
difference in pressure between the middle and outer ear pushes the eardrum 
outward until it breaks. You can prevent such an injury. Do not wear earplugs 
while diving, and avoid waterproof seals over your ears. 

Equalizing is easier when you descend in an upright position as opposed to 
a head-down position. Membranes line the airways in your head, and gravity 
affects blood in the vessels within the membranes. When you are upside down 
in water, the membranes of your air passages swell and narrow. 

Difficulties with ear equalization during ascent are uncommon. Air expanding 
inside the middle ear escapes through the eustachian tube. Air passes out through 
the tube much more easily than it goes in; you do not have to do maneuvers 
to open your tubes so the air can escape. But if a plug of mucus happens to 
block a tube, pressure can build up in the middle ear and cause an uncomfort- 
able reverse block. If you feel pain or pressure in an ear during ascent, stop the 
ascent. Excess pressure inside the ear usually works its way out if given time. If 
you are forced to surface, the pain will increase, and an injury can result. Have 
the ear examined by a physician, especially if you have recurring reverse blocks. 


Equalizing Pressure in the Mask 


The air space inside the dive mask is affected by changes in pressure. If you 
descend without increasing the amount of air inside your mask, pressure pulls 
your face and eyes into the mask slightly. The pulling sensation, if ignored, rup- 
tures capillaries in your eyes and on your face and causes a mask squeeze. After 
a mask squeeze, the whites of your eyes will be red, and your face will be red 
and puffy. There is no excuse for a mask squeeze. You can prevent the problem 
by exhaling through your nose as needed during descent to keep the pressure 
inside your mask equal to the surrounding pressure. 


Breathing Adjustments 


Breathing while in water differs from breathing while on land in several ways. 
You cannot breathe as freely in water as you can on land. Pressure on the lungs 
from immersion in water prevents you from breathing as fully as you can in air. 
Also, it is not as easy to get large quantities of air from a scuba system as it is to 
breathe deeply above water. 











Diving Adjustments Hl 47 


When you ascend, compressed air in your lungs expands, which can cause your 
lungs to rupture unless you allow the excess air to escape. A normal breathing 
pattern allows expanding air to escape; breath holding does not. A primary rule 
of scuba diving is to always breathe continuously. 

There is a chance that you will inhale some water. This may cause you to 
choke and gasp when the water strikes your vocal cords. You need to learn the 
correct methods of breathing while in and under the water. 


Lung Overexpansion 


The most important aquatic breathing adjustment is overcoming the instinct to 
hold your breath underwater. When you breathe compressed air at depth, the 
density of the air in your lungs is greater than it is at the surface. When you 
ascend, the air in your lungs expands as the surrounding pressure decreases. 
If you hold your breath, your lungs expand until they reach their maximum 
volume, then rupture with an ascent of as little as 4 feet (1.2 m). You must avoid 
breath holding when breathing compressed air underwater. You should breathe 
continuously or exhale a small amount of air continuously, and you should 
never hold your breath during ascent after breathing compressed air. Figure 3.5 
illustrates why you must breathe continuously, and the section following the 
figure describes the possible consequences of breath holding while ascending 
with compressed air in your lungs. 


Skip Breathing 


Some divers attempt to extend their air supplies by holding each breath for 
several seconds. This dangerous practice is called skip breathing. When you 
hold your breath, you increase the amount of carbon dioxide in your circulatory 
system, which increases your urge to breathe and reduces your breath-holding 
ability. A high level of carbon dioxide in your body will reduce your ability to 
cope with difficulties that may arise. And if you skip breathe, you may forget to 
exhale while ascending, or you may have a headache after the dive. You must 
be sure to breathe continuously when breathing compressed air. 


Breathing Problems 


Divers can encounter respiratory difficulties if they overexert themselves, breathe 
contaminated air, inhale water, or run out of air. Fortunately, you can prevent 
all of these problems. 


Overexertion 


Scuba equipment allows you to breathe comfortably while underwater. A regu- 
lator delivers air with little respiratory effort, but breathing underwater requires 
more effort than breathing above water. If you do not maintain your scuba 
equipment properly, the effort required to inhale and exhale can be excessive 
and can cause respiratory distress. 

Scuba regulators have a limited capacity to supply air. Regulators are not 
designed for activities involving heavy exertion. Commercial divers use helmets 
with air hoses to supply large amounts of air to meet their requirements while 
working underwater. You must avoid strenuous activities underwater because 
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Figure 3.5 A breath-holding ascent after breathing compressed air can cause lung rupture. Breathe con- 


tinuously while ascending. 


you can overbreathe your equipment and experience air starvation, a suffocat- 
ing feeling of not being able to get enough air. 
While diving, you should make your breaths longer and slower than your 





breaths on land. Pace your activity to keep respiration at a slow, controlled rate. 
If breathing becomes rapid or labored, cease all activity immediately and focus 
on exhaling deeply until your respiration returns to a controlled rate. 
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Contaminated Air 


If the compressed air in your tank comes from an air compressor that is not 
operated or maintained properly, your tank can contain contaminated air. 
The contamination is likely to be carbon monoxide (CO), a gas produced by 
incomplete combustion. CO in the body impedes the blood’s ability to transport 
oxygen. Blood hemoglobin’s affinity for CO is 210 times greater than its affin- 
ity for oxygen. Hemoglobin normally exchanges oxygen for CO, about every 
half minute, but when CO attaches to hemoglobin, the contaminant remains 
bonded to the hemoglobin for hours. Breathing contaminated air under pres- 
sure can make you ill and render you unconscious. Avoid contaminated air by 
having your tank filled only with pure air. CO is an odorless, tasteless gas, but 
it is usually accompanied by other gases that have a foul taste and odor. If the 
air from a scuba tank smells or tastes foul, do not use it. Report the situation 
immediately to the facility that filled the cylinder. Good air stations have their 
air tested regularly to ensure purity. 


Water Inspiration 


If you inhale water, your larynx spasms as a reflex action to keep the liquid out 
of your lungs. Avoid coughing and choking in water; not only are these reflexes 
unpleasant, but they can cause you to inspire more water and lose buoyancy. 
You need to breathe differently underwater than you do on land. Avoid quick 
inhalations. Begin a breath with a light, slow inhalation to ensure that you 
are inhaling air and not water. Once air begins flowing, the remainder of your 
inhalation can be normal. 

You can also prevent droplets of water from going down your throat by plac- 
ing the tip of your tongue on the roof of your mouth behind your upper teeth 
to act as a splashboard. If, in spite of all you do to avoid it, you inhale some 
water and start coughing, try swallowing hard three times in rapid succession. 
The swallowing helps you overcome your coughing reflex. 

If water does enter your lungs, it interferes with respiration. If an extensive 
area of the lungs is irritated by water, you can drown. This is a risk you face in 
any aquatic pastime. The purpose of your training is to allow you to enjoy the 
aquatic environment with the minimum risk of injury, especially of drowning. 
When you follow the rules and practices that you are taught, the risk of injury 
while diving is negligible. 

An automatic response to the inhalation of water is to swallow it in an effort 
to keep your airways dry. When you swallow saltwater, you can experience ill- 
ness, nausea, or diarrhea. If you swallow several mouthfuls of saltwater while 
diving, you should terminate the dive. 


Running Out of Air 


Some divers do not monitor their air supplies and run out of air at depth. Run- 
ning out of air underwater is no more excusable than running out of gas on 
the freeway when you have a working gauge. There are ways to manage an 
out-of-air situation (which you will learn in chapter 6), but it is much better to 
avoid the problem by monitoring your instruments and keeping them in working 
order. 





Mes Potential Lung Injuries 


Pulmonary Barotrauma 


Barotrauma is trauma or injury caused by pressure. Pulmonary barotrauma is any 
lung injury caused by pressure. Failure to allow expanding air to escape from the lungs 
during ascent can cause several forms of pulmonary barotrauma, either singularly or in 
combination. 


Arterial Gas Embolism 


An embolism is a blockage of circulation. An embolism 
resulting from an air bubble blocking the arterial circulation 
is an arterial gas embolism (AGE). This occurs when air 
expanding in the lungs forces bubbles of air into the circula- 
tion. Air bubbles enter the capillary beds of the lungs and 
pass through the heart, which pumps the bubbles into arter- 
ies supplying blood to the body. The diameter of an artery 
decreases as the distance from the heart increases. At some 
point, a bubble lodges in an artery and becomes an embolus 
(plug). It is common for an arterial gas embolism to occur 
in an artery leading to the brain. The embolus has the effect 
of a stroke, causes unconsciousness, and is an extremely 
serious injury. Anytime a diver loses consciousness after 
a dive, you should suspect AGE. The temporary obstruction of an airway, such as that 
caused by a cold, increases the risk of AGE. Healthy lungs are a prerequisite for diving. 





Air embolism 


Mediastinal Emphysema 


If a rupture of the lung does not force air into the circula- 
tion, the air may travel along the bronchi and enter the 
middle area of the chest (called the mediastinum). This 
results in a mediastinal emphysema, which means that 
air is in the tissues in the middle of the chest. The injury 
causes a dull ache or tightness that worsens with cough- 
ing, swallowing, or taking a deep breath. Expanding air 
can interfere with the circulation of the heart and cause 
loss of consciousness. Mediastinal emphysema 





Heart and Lungs 


Immersion changes your cardiac workload. When you are upright in water, there 
is greater pressure on your lower limbs than on the upper part of your body. The 
pressure differential shifts more blood than normal into the upper part of your 
body. Your heart pumps a greater volume with each beat and works from 1.3 to 
over 1.5 times harder in this situation than it does on land. 

Water temperature alters your heart’s rate and rhythm. In addition, physical 
and emotional stress make your heart work harder. The combined effects of water 
pressure, exercise, cold, and stress can cause serious problems if your heart is 
not healthy. If you have heart problems and wish to dive, you should first obtain 
medical approval from a diving physician. Even minor heart problems can cause 
you to suddenly lose consciousness in the water, and you could drown. Fitness 
for diving is an important safety issue. 
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Subcutaneous Emphysema 


Expanding air in the mediastinum can migrate upward 
along the breastbone. The air then swells the tissues 
around the neck, producing an injury known as subcu- 
taneous emphysema, which means that air is in the 
tissues under the skin. The injury can cause changes in 
the voice, crackling of the skin, and a feeling of fullness 
in the neck. 





Subcutaneous emphysema 


Pneumothorax 


If a lung rupture forces air into the space between the Collapsed 
lungs and the lining of the chest wall, a condition known 
as pneumothorax occurs. This means that air is trapped 
in the chest cavity. As the air trapped in the pleural space 
expands during ascent, it collapses the lung and can affect 
the action of the heart. Symptoms include severe pain and 
breathing difficulty. 

Lung injuries are serious and can be life threatening. 
Life support may be required. This is one reason that you 
should complete a course in cardiopulmonary (heart and 
lung) resuscitation (CPR). You may have to administer 
first aid until professional medical treatment (which all 
lung injuries require) is available. 

Failing to allow excess air to escape causes nearly all 
lung overexpansion injuries. You can prevent injuries by 
breathing continuously. If you remove the scuba regula- 
tor from your mouth for any reason, exhale lightly and 
continuously to avoid breath holding. 





Pneumothorax 


Cold water increases the effort required by your heart because cold causes 
the body to reduce circulation to the extremities in order to conserve heat. With 
more blood in the core of the body and an increased workload from pressure, 
your heart may not be able to pump the increased blood volume. The result 
can be excess blood in the small blood vessels of the lungs. These small blood 
vessels will transfer fluid to the air spaces of the lungs to reduce pressure. The 
accumulation of fluid in the lungs—known as pulmonary edema—causes severe 
breathing distress and can lead to panic or even loss of consciousness. You should 
test your circulatory ability gradually. Avoid strenuous dives in cold water until 
you have gradually adjusted to being underwater. 

Your ability to exert effort in water is not as good as it is on land. When under 
pressure, your heart and lungs do not function as well as they normally do. A 
situation in which you are trying to work hard underwater can quickly result in 
a frightening sensation of suffocation when your equipment is unable to deliver 
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the amount of air that your body requires. To stay within your cardiopulmonary 
limitations, you must learn to limit your activities and to pace yourself. 


Equilibrium Adjustments and Seasickness 


If you rupture an eardrum, water that is colder than body temperature can come 
into contact with the semicircular canals of your inner ear. The canals provide 
information for your brain to maintain equilibrium and are sensitive to tem- 
perature and pressure changes. Cold water cooling the semicircular canals can 
cause vertigo, a subjective feeling of movement perceived as a spinning sensa- 
tion. This disorientation will pass when the water in the middle ear warms to 
body temperature. Obviously, it is better to prevent vertigo than to deal with it. 

When a sudden change in pressure occurs in the air space of the middle ear 
of one ear (a change that affects the semicircular canals), this can also produce 
a disorienting sensation called alternobaric vertigo. The disorientation from 
alternobaric vertigo passes quickly when the brain recovers from the sudden 
pressure change. 

Vertigo has many causes. Fortunately, instances of severe disorientation are 
rare in diving. If you experience disorientation while underwater, try to grasp 
a solid object for a point of reference until the feeling passes. If suspended in 
the water, close your eyes and hug yourself to reduce the effects of the vertigo. 
Avoid panic by telling yourself that the sensation will not last long. 

Motions detected in your inner ears, visual references, and pressures on 
the joints of your limbs all affect your equilibrium. When your brain receives 
mixed signals from your inner ears, eyes, and body, you can experience motion 
sickness. You must avoid seasickness—motion sickness experienced aboard a 
vessel—because vomiting in or under the water is hazardous. 

Medications can help reduce the tendency to be seasick. The medicine dulls 
the senses of the organs of balance in your ears. Unfortunately, the medications 
can have other undesirable effects. If you are prone to seasickness, consult a 
diving physician about the type of medication you should try. Take some of the 
medicine several days before you plan to dive, and note the effects, if any. If the 
medication produces drowsiness or blurred vision, do not use it while diving. 
Seek an alternative that does not produce side effects. Medications that cause 
dizziness, drowsiness, changes in heart rhythm, or blurred vision can cause you to 
lose consciousness under pressure. Many divers do successfully use medications 
to prevent seasickness; you need to find a type that works for you. Take medica- 
tion for motion sickness at least 30 minutes before you are exposed to motion. 

If you do not want to use medication, you may use other techniques to reduce 
the likelihood of seasickness. Eat a good, non-spicy meal before diving. An empty, 
acid-filled stomach becomes upset more easily than a full one. People whose 
breakfast before diving consists of coffee and orange juice are good candidates 
for motion sickness. When aboard a vessel, you should position yourself as near 
the center of the boat as possible. Avoid the front end of the boat. You should 
also avoid breathing engine fumes and avoid reading. You can reduce your 
reaction to the boat’s motion by lying down for a while with your eyes closed. 
Being still allows your inner ears to adjust to the motion without visual signals 
confusing your brain. 
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You can become disoriented when you are weightless in a dimly lit environ- 
ment. Under some conditions, it can be difficult to tell which way is up if you 
rely only on your sense of balance. To prevent disorientation, you must learn to 
recognize clues about your orientation in the water. Water in your mask settles 
to the lowest point, bubbles ascend, and heavy objects you hold (such as your 
weight belt) orient themselves up and down. 


Visual Adjustments 


Experience will help you adjust to magnified vision underwater. You can adjust 
so quickly to distance corrections in water that you have to readjust when you 
surface from a dive. At the end of a dive, the distance to a boat or to the shore 
can look much greater than it is. You may be surprised to find that you require 
less time than you think to swim to a destination. 

Your vision also compensates for color differences. If you know an object’s 
true color, the object will look more like that color. The use of artificial light 
at close range makes it easier to view the rich and magnificent colors in the 
underwater world. 

Your vision adjusts to low light levels, but the process takes time. Short, deep 
dives in turbid water do not allow complete visual adjustment, and details will 
not be clear. You cannot see well without artificial light. You can improve your 
ability to see while diving by avoiding bright light and glare before a dive. Wear 
good, dark sunglasses above water during the day. When you complete training 
for night diving, you will learn other techniques to help your eyes adjust for 
diving at night. 

Humidity can cause condensation to form on the lens of your mask and obscure 
your vision. A clean glass surface will not fog, so make sure you clean the lens 
or lenses of your mask thoroughly before diving. 


Ingassing and Outgassing 


Your body absorbs nitrogen underwater, and there are limits to the amount of 
nitrogen that you can safely eliminate at the end of a dive. If you exceed these 
limits, you can be injured. In this section, you will learn the theory of decom- 
pression, which will help you understand how dive tables and dive computers 
function to help you avoid injuries. 


Decompression Theory 


Gases diffuse by moving from areas of greater concentration to areas of lesser 
concentration. When external pressure increases, gases diffuse from your lungs 
into your blood, and then from your blood into your tissues. When the ambient 
(surrounding) pressure decreases, diffusion occurs in the reverse sequence. 
Two factors that affect diffusion of gases in your body are time and perfusion 
(the circulation in a tissue). The greater the circulation in a tissue, the sooner 
the pressures of the gases in that tissue come into balance with the pressures 
of the gases you breathe. Reaching this state of equilibrium takes time. The 
amount of time it takes a tissue to accumulate half of the gas it can hold at a 
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given pressure is a half-time. A tissue is saturated (holds all the gas it can at a 
given pressure) after six half-times. If perfusion permits 50 percent of a gas to 
diffuse into a tissue in 5 minutes, the tissue saturates in 30 minutes. Outgassing 
also occurs in six half-times. 

Air is primarily nitrogen and oxygen. The oxygen in the air you breathe is of 
no concern during decompression within the limits of recreational diving (130 
feet or 39.6 m maximum) because you use the oxygen. Nitrogen, the primary 
component of air, is inert. Your body cannot use the nitrogen, so when you 
ascend, you must eliminate the excess nitrogen that you absorbed at depth. 
Because nitrogen diffuses from your body, there is no problem unless the reduc- 
tion in pressure is so great that you 
cannot eliminate the nitrogen fast 
enough. When you reduce the pres- 
sure on a liquid rapidly and there is 
sufficient gas dissolved in the liquid, 
the gas forms bubbles. An excellent 
example of this is CO2 dissolved in 
carbonated beverages (see figure 
3.6). The gas remains dissolved in a 
sealed, pressurized container. When 
you reduce the pressure suddenly by 
opening the container, the gas forms 
bubbles because it cannot diffuse out 
of solution slowly. If a beverage con- 
tainer has a tiny leak, however, the 
carbon dioxide comes out of solution 
slowly without bubbling. There is no 
bubbling when you open a container Figure 3.6 Rapid pressure reduction 
that has a slow leak because the gas Causes dissolved gases to form bubbles 
has already diffused out of solution. Manhuthne Ope Ouiples sec NquG, 

You must be concerned about the amount of nitrogen in solution in your 
body and the rate at which you eliminate it. If you absorb too much nitrogen 
while diving and do not ascend in a manner that allows the excess nitrogen to 
be eliminated without forming bubbles, the bubbles are likely to cause decom- 
pression sickness, a serious diving illness. 

Mathematical models provide estimates of the amount of nitrogen in different 
parts of your body. Because circulation varies in different parts of your body, 
tissues absorb nitrogen at differing rates. Decompression experts use mathemati- 
cal models, called compartments, to estimate gas absorption and elimination 
by various areas of the body. A compartment is identified by its half-time. A 
5-minute compartment has a half-time of 5 minutes. Experts use compartments 
ranging from 5 minutes to as long as 960 minutes when calculating gas absorp- 
tion and elimination. 

A compartment that has absorbed gas can withstand some lowering of pressure 
before bubbling occurs. Originally, scientists believed that a reduction in pres- 
sure by a ratio greater than two to one would cause bubbling to occur in divers 
whose tissues were saturated at a particular depth. This ratio was considered a 
surfacing limit that could not be exceeded. Then scientists discovered that the 
surfacing ratios are different for various compartments because of differences in 
perfusion. For example, brain tissue absorbs and eliminates inert gas faster than 
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bone tissue. Body areas that eliminate gas quickly have a higher surfacing ratio 
than compartments that eliminate gas slowly. The difference in ratios poses an 
interesting and complex problem for divers because one tissue controls how long 
a diver can remain at one depth, while another tissue controls how long the 
diver can remain at another depth. The controlling compartment was used to 
establish our modern time limits for diving. Do not remain at any depth longer 
than the time it takes the controlling compartment to exceed its surfacing ratio. 
If you do, you must prevent bubble formation by stopping during the ascent to 
allow time to eliminate the excess gas. The time limits for various depths have 
been conveniently arranged into tables and included in dive computer software. 
These tools help divers keep the amount of nitrogen in solution in the various 
tissues of the body within the surfacing ratio of each compartment. 

It takes time to eliminate excess gas from tissues. The rate at which you reduce 
pressure (ascend) is important. The dive tables presented in chapter 7 use an 
ascent rate, or pressure reduction rate, no greater than 30 feet (9 m) per minute. 
The mathematical models for some dive computers use rates two or three times 
slower than the dive tables. You must ascend slowly to prevent the formation 
of bubbles in your body tissues. 

Partial ascents with stops before continuing the ascent can help with outgas- 
sing and the prevention of bubble formation. These delays are called safety stops 
or rest stops, and they are recommended when ascending from any depth in 
excess of 30 feet. The deeper you dive, the more safety stops you should take 
when ascending. The recommended practice is to stop for five minutes at half of 
the deepest depth to which you have been diving and to stop again at a depth 
of 15 to 20 feet (4.5 to 6.1 m) for five minutes before surfacing. 


Decompression Illness 


Commonly known as the bends, decompression illness (DCI) is the result of a 
reduction in pressure (decompression) that is too rapid for the amount of gas 
in solution in body tissues. The gas forms bubbles in the tissues or in the blood 
before it can diffuse into the lungs and be eliminated. Scientists do not fully 
understand what occurs when DCI strikes. The symptoms may appear imme- 
diately after surfacing from a dive or days after diving. About half of all DCI 
cases occur within one hour after diving. The symptoms vary depending on the 
amount and location of the bubbles. Severe cases of decompression illness can 
have severe neurological effects and produce permanent paralysis. Common 
symptoms include the following: 


o A mottled skin rash 
Joint pain 
Numbness 

Tingling 

Weakness 


o Oo 0 0 0 


Paralysis 


The following factors can increase the chances of DCI: 


© Lack of sleep 
o Tight-fitting apparel 
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Alcohol and its aftereffects 
Exercise during and after diving 
Dehydration 

Cramped position 

Illness 

Altitude after diving 

Age 

Scar tissue or injuries 

Cold water 


o 00 00 0 0 0 0 0 


Medical conditions 


Some experts believe that you should avoid postdive activities that stimulate 
circulation because increased perfusion may contribute to DCI. Specific activi- 
ties to avoid include physical exercise, drinking alcoholic beverages, and taking 
hot showers or baths. Reduced pressure at altitude, such as flying in a plane or 
driving into the mountains too soon after diving, also poses an additional risk 
factor that can cause DCI. Avoid all activities that increase the likelihood of 
decompression illness. 

A person suffering from DCI requires prompt first aid and medical treatment 
because it is an extremely serious condition. The illness worsens with time. The 
best first aid measure is to administer oxygen in the highest concentration pos- 
sible. Breathing oxygen eliminates nitrogen in inspired air and enhances the 
diffusion of nitrogen from the body. The patient should remain still and should 
sip water. Make arrangements to have the patient transported to the nearest 
medical facility. After initial medical treatment, the medical staff will arrange to 
transfer the patient to a facility that has a hyperbaric (high-pressure) chamber. 
The patient is placed inside a large vessel called a recompression chamber (see 
figure 3.7). Hyperbaric treatment consists of increasing the pressure in the cham- 
ber to reduce or eliminate the symptoms, administering medications, and then 
slowly decompressing the patient. Recompression must be done in a chamber. 





Figure 3.7 Recompression chambers are the only safe method to restore pressure after 
becoming sick. 
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Decompression illness is extremely serious because it can cause permanent 
injury. DCI can cause joint pain and neurological deficits that cannot be cured. 
To reduce the likelihood of DCI, you should remain well within the established 
time and depth limits for diving. Surface at a rate no faster than that specified 
by the dive computer you use. Stop at least twice during ascent (as previously 
recommended) and eliminate excess nitrogen before surfacing (see figure 3.8). 
Ascending at the proper rate and stopping are forms of decompression that 
reduce the likelihood of DCI. (The details about planning your ascent and time 
delays are provided in chapter 7.) An additional precaution that can help you 
avoid DCI is to delay excursions to altitude after diving. 

Another point to keep in mind is that it is often difficult to distinguish between 
the symptoms of an arterial gas embolism and DCI. Any diver who has neuro- 
logical symptoms after a dive should seek medical attention immediately. 









Figure 3.8 Divers 
completing a decompres- 
sion stop on their ascent 
to the surface. 
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Nitrogen Narcosis 


The increased partial pressure of nitrogen can cause a condition known as 
nitrogen narcosis, or rapture of the deep, at depths of about 100 feet (30 m) and 
deeper. Scientists do not know the exact mechanism of nitrogen narcosis, but 
its effects are similar to those of anesthetic gases. The feelings associated with 
narcosis range from euphoria to overconfidence to terror, although some divers 
do not experience any unusual feelings. Narcosis affects you whether or not you 
experience abnormal feelings. And it impairs thinking, judgment, reasoning, 
memory, and the ability to do physical tasks. Narcosis is hazardous; it reduces 
your awareness and your ability to respond to an emergency. Susceptibility to 
narcosis varies from person to person and within an individual from day to 
day. 

Narcosis begins suddenly at depth—usually around 100 feet (30m). You can 
relieve its symptoms rapidly by ascending to a shallower depth to reduce the 
narcotic effect. 

The following factors predispose a person to narcosis: 


A high level of systemic CO2 caused by exertion 
Alcohol or its aftereffects 

Anxiety 

Cold 

Medications 


oo 090 0 0 


Social drugs 


Experience, frequent diving, and concentration will reduce susceptibility to 
narcosis. Preventing narcosis is always better than attempting to cope with it. 

Specialty training can qualify you to dive with special gas mixtures that reduce 
the effects of nitrogen. Diving with mixed gases without completing the required 
training is dangerous and should never be attempted. 


Dehydration Prevention 


You need to preserve body fluids to prevent dehydration. Getting cold makes 
you produce more urine than normal. Each breath you take from your scuba 
cylinder must be humidified as explained in the previous chapter. Breathing 
dehumidified air causes dehydration. You receive air underwater by creating an 
inhalation pressure that opens valves in your air delivery system. The inhalation 
pressure is slight, but it is greater than normal. Inhaling harder than normal is 
negative-pressure breathing, which also has the physiological effect of increasing 
urine production. Breathing underwater compounds the problem of dehydration. 

Diuretic beverages (such as coffee and alcohol) and some types of medications 
cause increased urine production. Avoid ingesting anything that makes you 
urinate more than normal. You must prevent excessive dehydration because 
the condition predisposes you to diving injuries. To prevent dehydration, you 
should do the following: 


o Insulate yourself to stay as warm as possible. 
© Keep your regulator well maintained so you can breathe as easily as possible. 
o Avoid diuretic drinks and medications. 
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© Replenish body fluids frequently; drink fluids before and between dives. 
Note: If you wait until you are thirsty to drink when diving, you are 
already dehydrated. Be proactive and drink at least 1 pint (500 ml) of 
appropriate fluid after every dive. A good after-dive beverage is a sports 
drink diluted with an equal amount of water. Avoid alcoholic beverages 
because they increase dehydration. 


Mobility Adjustments 


The equipment that you wear for diving limits your mobility. It reduces your 
range of motion and makes it difficult to walk. The colder the water, the thicker 
your exposure suit, so the less your range of movement. 

Diving equipment is fairly heavy, and it is challenging to lift and move. 
Improper lifting techniques can cause back injuries. Squat down and lift with 
your legs to pick up a tank or weight belt instead of bending over. The weight of 
the equipment changes your center of gravity and affects your balance. Keeping 
your balance during entries and exits can be challenging on a rocking boat or 
an uneven surface for your feet. Move carefully and hold on to something or 
someone for support when you move around out of the water. 

You wear fins so that you can use the large muscles of your legs for propul- 
sion. When diving, you need to learn to use your legs for swimming and your 
body angle to control direction. These techniques free your hands for other 
uses underwater. Minimize the use of your hands for propulsion. Fins make it 
difficult for you to walk when you’re out of the water. Shuffle your feet while 
moving backward or sideways, keep your knees bent, and be careful not to fall. 

Drag slows your movement in the water. One factor affecting drag is the speed 
of motion. The greater the speed, the greater the resistance to movement. The 
average diver can sustain a speed of a little more than 1] mile an hour (0.9 knot, 
or 1.6 km per hour). A knot equals 1.15 miles per hour (1.85 km per hour) and 
is the method of measuring speed in water. Doubling the speed increases the 
energy requirement fourfold. Trying to move in water as if it were air causes 
exhaustion quickly. Use a slow, steady pace and slow, deliberate motions to 
reduce the effects of drag. 

Another factor affecting drag is the size of the object in motion. The larger the 
surface area exposed, the greater the resistance. A swimming diver is under the 
influence of four forces: Weight (negative buoyancy) pulls the diver downward, 
lift (positive buoyancy) pulls the diver upward, thrust moves the diver forward, 
and drag slows forward progress (see figure 3.9). Divers usually wear weight 
around the waist, which pulls the lower half of the body downward. Buoyancy 
from the BC lifts the upper half of the body. The effect of these forces increases 
the surface area of the diver and therefore the drag. You should adjust the 
amount of weight you wear so that your body is as horizontal as possible in the 
water. Correct weighting minimizes drag and the effort required to swim. Also 
consider placing a small amount of weight near the top of your body to adjust 
your trim—that is, your position in the water. 

Water flows smoothly across a smooth and rounded surface but flows turbu- 
lently across an irregular surface. When the surface is irregular, the turbulent flow 
increases drag. Just as vehicles designed to travel through fluids are streamlined 
to reduce the drag caused by turbulent flow, you can choose and configure your 
equipment so that it presents the smoothest surface possible to the flow of water. 
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The forces affecting a swimming diver 
include weight (W), drag (D), thrust (T), 
and lift (L) or buoyancy. 


If lift and weight forces are 

not aligned, the diver will not be level. 
Part of the thrust must be used to 
overcome the head-up or the 
head-down position. 


If the diver is weighted and trimmed 
correctly, as shown in the center 
illustration, all of the thrust is 

along the direction line. 


la ~ 
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Improper trim Proper trim 


and 
streamlining 


Correct trim and streamlining of 
equipment reduce frontal area and 
the energy requirements of swimming. 


When the bottom is silty, a head-down 
position is desirable to keep the fins 
from stirring up silt. 


Figure 3.9 Weight, drag, thrust, and lift (buoyancy) affect divers as they move through the water. 
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Summary 


You have to make many changes in your normal behavior to adjust to the 
underwater environment. The way you breathe is the most important adapta- 
tion. You must breathe continuously and avoid breath holding when you use 
scuba equipment. You must also limit your activity and pace yourself to avoid 
overexertion. Managing the mechanical and physiological effects of pressure 
requires major adjustments. You must keep pressure equalized in your air spaces 
to avoid pressure injuries, and you must limit your depth and time at depth to 
avoid nitrogen narcosis and decompression illness. Being in the underwater 
environment seems strange at first, but you can conform to weightlessness and 
other strange feelings. The sensations of diving become exhilarating as you gain 
experience in the new world beneath the surface. 


Application-of-Knowledge (AOK) Questions 


Remember that this is an exercise in thinking, not a quiz. If you carefully consider 
each situation and how you would respond to it, your time will be well invested even 
if your thoughts are different from the solution provided. Imagine each situation as 
vividly as possible. 


1. You are wearing a wetsuit and swimming against a current (which is a good 
idea under most circumstances) in cold water. You are becoming colder with 
each passing minute. What action, other than ending the dive, can you take 
to reduce your heat loss? 


2. After a dive during which you shivered, you exit the water on a cool, cloudy, 
windy day. What actions can you take to get warm that are not likely to cause 
physiological problems? Hint: Rapid rewarming can affect your heart rhythm 
and may also cause decompression illness. 


3. You are wearing 17 pounds of lead weights while diving at a depth of 40 feet 
(12 m) when your weight belt suddenly slips off. How rapidly do you think you 
will float upward, and what actions can you take to recover from this situation? 


4. You are wearing a wetsuit, a BC, and a weight belt while scuba diving at a 
depth of 33 feet (10 m). Your buoyancy is adjusted to be perfectly neutral at 
this depth. You have to ascend 10 feet (3.3 m) to clear a reef. What actions 
will you need to take to control your buoyancy as you swim over the reef? 


5. You are pulling yourself hand over hand down an anchor line to descend to 
a dive site and are having difficulty equalizing the pressure in your ears. Your 
normal equalization methods are not working. What should you do to equalize 
the pressure in your ears? 


6. Why do you need to equalize the pressure in your body air spaces and your 
mask more frequently at the beginning of the descent than when you are 
approaching your diving depth? 

7. You are having trouble keeping up with your buddy, who is swimming ahead. 
You are breathing heavily and beginning to feel starved for air. What actions 
should you take? 


8. When you switched tanks between dives, you accidently selected one that is 
almost empty. You were also distracted and failed to check the pressure before 
you started the dive. You are at a depth of 50 feet (15 m) when it becomes 
hard to breathe. You look at your pressure gauge and find a reading of zero. 
Based on what you know at this point in your training, what action do you 
think is appropriate? 
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Useful resources 


Details of the Antex range of soldering equipment, solder tips and spare parts can be 
obtained from www.antex.co.uk. UK and international distributors are also listed on the 
Antex (Electronics) web site. 


If you’re interested in hobby electronics then why not try EPE Magazine, the No. 1 
UK magazine for hobby electronics enthusiasts, students, trainees and technicians around 
the world. You can buy a printed edition from newsstands, download a PDF version (for 
Windows) or try a tablet/ smartphone version from Pocketmags. More details at 


www.epemag.com 
You can learn more about the writer at his website http://www.alanwinstanley.com/ 


Some mail order suppliers of soldering equipment and electronic parts include: 
e ESR Electronic Components Ltd. (soldering equipment, Velleman kits) 
e Bowood Electronics (Antex irons and spares, electronic parts) 


e Rapid Electronics (components, tools, equipment) 


Cricklewood Electronics (CCTV, Antex soldering irons and spares, 
components) 


e Maplin Electronics (UK electronics retailer and mail order) 

e Farnell Electronic Components (major UK industrial supplier) 
e RS (UK electronics industrial supplier) 

e Brewsters Ltd (soldering equipment mail order specialists) 

e Velleman UK (electronic kits) 

e Quasar Electronics (Velleman kit mail order retailers) 

e Kemo Kits (Germany, trade only) 

e Hobbytronics (UK hobby mail order supplier) 

e Multicore Solders (now a Henkel brand) 


These links were correct at the time of going to press, July 2013. 





By the end of this chapter, you will 
be able to do the following: 


Describe the purpose, types, 
features, selection criteria, and 
care and maintenance of skin 
and scuba diving equipment. 


Contrast steel and aluminum 
scuba cylinders, wet and 
dry suits, integrated and 
nonintegrated weighting 
systems, and reserve and 
nonreserve valves. 


Define the terms buoyancy, 
compensator, defogging, 
shorty, jumpsuit, Farmer 
Johns, K-valve, J-valve, DIN 
valve, valve seat, burst disk, 
O-ring, port, stage, octopus, 
capillary gauge, Bourdon tube, 
Boyle’s law, outgassing, bezel, 
submersible pressure gauge 
(SPG), blowout plug, alternate 
air source (AAS), pony tank, 
Spare Air unit, lubber line, 
console, and ceiling. 
























You will become familiar with the following items in 
this chapter: 

Masks 

Snorkels 

Fins 

Skin diving vests 

Exposure suits 

Weighting systems 

Buoyancy compensators 

Scuba cylinders 

Cylinder valves 

Scuba regulators 

Alternate air sources 

Instrumentation 

Dive knives and other accessories 

Specialized equipment 

You need to be equipped properly to dive in open 

water. A snorkeler (a diver who remains at the surface) 
should wear a mask, a snorkel, fins, and a skin diving 
vest. A skin diver (a breath-holding diver who dives 
beneath the surface) uses snorkeling equipment and 
may wear an exposure suit and a weight belt (if the 
suit requires weights). Scuba equipment includes, at a 
minimum, a mask, a snorkel, fins, an exposure suit, a 
weighting system (if needed), a buoyancy compensa- 
tor (BC), a scuba unit (cylinder, valve, regulator, alter- 
nate air source), instrumentation, and a dive knife. For 


cold water, a diver also needs a hood, boots, and gloves. 
Figure 4.1 shows fully equipped divers. 


Equipment helos people adapt to the 
underwater environment. It allows 
them to see, breathe, move, 
monitor their position, remain 
comfortable, have fun, and rest. 
Diving is an equipment-intensive 
activity. In this chapter, you will 
learn what equipment you need, 
how to select the best equipment 
for your needs, and how to care for 
your equipment. 
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Figure 4.1 Fully equipped 
cold-water (left) and warm- 
water (right) divers. 


Basic Equipment for All Divers 


The mask, snorkel, fins, and some flotation device are basic equipment for all 
types of recreational diving (snorkeling, skin diving, and scuba diving). 


Masks 


The eyes require an air space in front 
of them to focus sharply. Your mask 
provides an air space and a window to 
another world. Many styles of masks 
are available, but only two basic types 
are used for recreational diving: purge 
and nonpurge. A purge is a one-way 
valve through which you can expel 
water that enters the mask. As you 
will learn in chapter 6, you can remove 
water from a mask without a valve, 
so many masks do not feature a purge 
valve. A third type of mask, a full-face 
mask, is for commercial and specialty 
applications only. Figure 4.2 shows the 
most common types of masks. 





Figure 4.2 Test dive masks before you buy to ensure a snug 
and comfortable fit. 
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The type of mask you choose is not nearly as important as the fit of the mask 
on your face. The mask must fit your facial contours perfectly so it will remain 
comfortable and watertight throughout a dive. Fit and comfort are the most 
important features to consider when you select a mask. To test the fit of a mask, 
remove the strap or position it on the front of the mask. Tilt your head back and 
lay the mask (do not push it) on your face. Make sure your hair is not under the 
sealing edge of the mask; then inhale gently. If the mask pulls onto your face 
snugly from the partial vacuum created by your inhalation, the mask fits. If you 
have to push the mask to get it to seal on your face, the mask will probably leak 
when you use it underwater. 

Factors that affect the fit and comfort of a mask include the style, the type 
of material, and the type of sealing edge of the mask. The best masks are made 
from silicone, which is soft, pliable, and nonallergenic and resists deterioration 
better than rubber compounds (see figure 4.3). The buoyancy of smaller masks 
poses no problems, but the tug of buoyancy of a larger-volume mask can affect 
the seal. Low-volume masks are easier to clear of water and provide excellent 
visibility. A wide, double-edged seal does a better job of keeping out water than 
a single-edge seal. 

A film of oil from production is on the surface of the glass lenses of new 
masks. You must remove the film completely—a process called defogging—or 
the mask will fog continuously underwater. Clean your mask thoroughly with 
scouring powder. The glass (which is tempered) is too hard to be scratched by 
the abrasive, so do not be timid when cleaning your mask. Commercial defog- 
ging solutions help keep your mask clear while you dive. If a clean mask fogs 
slightly during use, you can allow a small amount of water into the mask and 
wash it across the fogged area to resolve the problem. 


; Nondeteriorating 
Soft, wide material 
sealing edge Low volume 







Corrective 
lenses 


Nose pocket 
for equalization Easily adjustable, 
access securely locking 


ar strap buckles 


Figure 4.3 Mask features. 
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Several options are available for visual correction if you need it. Hard contact 
lenses cannot be used, because gases that are released from the body during 
ascent can be trapped between the lens and the surface of the eye. This can 
injure the eye. If you wear soft contact lenses, you can use them for diving after 
you complete your training; however, you should not use them during training 
because you may lose them when you are learning how to clear water from 
your mask. Some contact lens wearers prefer a mask with a small purge valve 
because they can expel water from the mask with little risk of losing a contact 
lens. Several companies prepare and bond corrective lenses into any diving mask. 
Interchangeable corrective lenses are available for some masks. If you require 
only a simple correction, you may be able to obtain corrective lenses for your 
mask when you purchase it. 

Store your mask in a mask box when you are not using it. The box helps keep 
the mask from getting damaged and helps prevent discoloration of the silicone 
mask skirt. 


Snorkels 


A human head weighs about as much as a bowling ball. If you had to swim while 
holding a bowling ball out of water, you would become exhausted quickly. If you 
swim while holding your head above water, you will tire rapidly. But if you allow 
buoyancy to support your head in the water, you can relax and swim for hours. 
A snorkel allows you to breathe while water supports your head—allowing you 
to conserve energy and enjoy continuous underwater viewing. 

In its simplest form, a snorkel is nothing more than a breathing tube that 
extends from a diver’s mouth to a point above the waterline. A basic diving snor- 
kel is a J-shaped tube with a mouthpiece on one end. Just as with masks, there 
are two types of snorkels: purge and nonpurge (see figure 4.4). A purge snorkel 
has a one-way valve through which you can expel water that enters the tube. As 
you will learn in chapter 6, you can clear water from a snorkel that lacks a purge 
valve, so some snorkels do not have a 
valve. Some types of purge snorkels 
are self-draining; gravity drains water 
from the tube automatically when you 
are at the surface of the water. 

Additional snorkel options include a 
swivel mouthpiece and a flexible hose 
for the lower half of the tube. With 
the flexible hose, the lower part of the 
tube—which is usually curved—hangs 
straight down when you are not using 
your snorkel (see figure 4.5). The 
flex-hose snorkel reduces interference 
between the snorkel and your scuba 
regulator. Special mouthpieces can be 
used to maximize comfort, and devices 
are available to prevent water from 
entering the top end of the snorkel, 


although water exclusion devices are Figure 4.4 Three common types of snorkel are purge (two 
not essential. at left and far right) and nonpurge (center right). 
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reflective 
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Water 
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Purge valve 


Figure 4.5 Features of a flex hose and self-draining snorkel. 


The fit of your snorkel is the most important consideration, much more impor- 
tant than the type. The mouthpiece must not irritate your mouth, gums, or jaw 
when in place for extended periods of time. The angle of the mouthpiece in your 
mouth should not require you to bite hard to hold the mouthpiece in place. A 
snorkel that fits poorly may cause sore gums or jaws. A snorkel tube should 
have an inside diameter of approximately 3/4 inch (1.9 cm) so that resistance 
to airflow through the tube does not make breathing difficult. 

Attach the snorkel to your mask strap on the left side using a snorkel keeper 
because your regulator hose goes over your right shoulder. Several types of 
snorkel keepers are available. Popular keepers are the simple ones depicted in 
figure 4.6. The adjustment is correct if the snorkel mouthpiece remains in your 
mouth when you open your mouth wide. 





Figure 4.6 Two types of snorkel keepers. 
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Fins 

Diving would be much less enjoyable without fins. Fins increase your ability to 
move in the water and free your hands for other activities. You move in water 
by pushing against the water. Fins increase your ability to move by presenting a 
larger surface area than your hands or feet alone. The muscles of your legs are 
much larger and stronger than your arm muscles. Your arms would tire quickly 
if fins were attached to your hands, but your legs are strong enough to handle 
the load. Fins also help stabilize you in water by providing a large surface to 
resist movement. The resistance provides leverage for countermovement and 
directional control. 

The two basic types of fins are shoe (full-foot) fins and open-heel fins. Shoe 
fins slip on to bare feet, so they are good snorkeling fins for tropical climates. You 
wear open-heel fins with foot coverings called boots. Open-heel fins, generally 
used for scuba diving, are usually larger and stiffer than shoe fins (see figure 
4.7). Small, flexible snorkeling fins may be inadequate for the harder work of 
scuba diving. 

Special materials and designs abound. The fundamental features of a fin are 
the size and stiffness of the blade (see figure 4.8). The larger and stiffer the blade, 
the greater the propulsion but also the greater the physical demand when you 
move the fin through the water. A blade that is too stiff can cause you to cramp 
and become fatigued. You should begin with fins of a moderate size and stiffness. 
When you can use those fins for extended periods without difficulty, you may 
consider fins that can provide greater propulsion. 

The most important criteria for the selection of any item of diving equipment 
are fit and comfort, and this is especially true of fins. To help ensure proper fit, 
sit down and try on a fin. Wear a boot if you are trying on an open-heel fin. 
Hold your foot in the air and wiggle it up and down and from side to side. The 
fin and your foot should move as a single unit. If your foot moves inside the foot 
pocket, the fin is too large. Diving equipment should fit snugly but not tightly. 





Figure 4.7 Three styles of open-heel fins. 
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Elongated foot 
pocket 






High-tech 
material 


Blade size 
and stiffness 


Easily adjustable, 
securely locking straps 


Figure 4.8 Features of dive fins. 


A fin that is too tight can cause your foot to cramp. The foot pocket of the fin 
should fit snugly but should not exert pressure on your foot. Select your fins 
using fit, comfort, and blade size and stiffness as your primary criteria. Features, 
fashion, and cost should be secondary considerations. 


Skin Diving Vests 


When you blow air into a skin diving 
vest (which is smaller and less complex 
than a buoyancy compensator), you can 
achieve positive buoyancy (floating). 
Positive buoyancy is invaluable when you 
want to rest at the surface or carry items 
you have collected while diving. Wear a 
buoyancy device whenever you dive. You 
can achieve negative buoyancy (sinking) 
by venting air from the skin diving vest. 

Divers use one basic type of skin diving 
vest; this vest fits around the neck and 
secures at the waist (see figure 4.9). A 
standard feature of a skin diving vest is 
an oral inflation tube, which comes in 
various sizes. It is easier to use larger tubes 
with mouthpieces than smaller tubes 
without mouthpieces. Figure 4.9 Skin diving vest. 
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Care and Maintenance of Skin Diving Equipment 


Your skin diving equipment will provide years of service if you take care of it 
properly. Rinse the equipment with clean, freshwater after use; dry it in the 
shade; and store it in a cool, dark, smog-free location. Prolonged sunlight, smog, 
salt crystals, and swimming pool chlorine will harm your equipment. Fill a skin 
diving vest partially with freshwater after use, and swish the water inside. Drain 
the vest completely, and then inflate it for drying and for storage. Periodically 
inspect the straps on your mask and fins for drying and cracking, and replace 
straps when they begin to deteriorate. After your mask has dried, rub a drop of 
defogging solution on the lens to help keep the lens clean during storage. 


Exposure Suits 


You should wear some type of exposure protection when diving regardless of 
the water temperature. An exposure suit provides protection against scrapes and 
stings in addition to providing insulation. 

The two basic types of exposure suits are wet suits and dry suits. Generally 
speaking, the colder the water, the thicker your suit should be and the more of 
your body should be covered by the suit. Suits come in many configurations, but 
most are one piece or a combination of a jacket and pants. Vests are accessories 
that help conserve heat in vital organs. Hoods, boots, and gloves help reduce 
heat loss from the head, feet, and hands, respectively. 


Wet Suits 


A wet suit is a good exposure suit for water temperatures ranging from 60 to 85 
°F (15.6 to 29.4 °C). A wet suit allows water inside, but any water that enters can 
also exit and carry heat with it. The better the fit of the suit, the less water inside 
and the warmer the suit. Table 4.1 provides a comparison of the various types 
of wet suits. The following descriptions provide some additional information. 


Table 4.1 Wet Suits 


Temperature 

Type Warmth Features range 
Spandex 45% more than Light, compact; useful as is) 2 

bare skin undergarments for thicker suits (25.6 °C) + 
Thermoplastic 30% warmer than _Neutrally buoyant; no weights 75 °F 

spandex required; wicks perspiration; (23.9 °C) + 

windproof 

Plush-lined 10% warmer than Same as thermoplastic 12 Ne 
thermoplastic unlined (22.2 °C) + 
Foam neoprene 20-100% warmer Buoyant; weights required; Down to 60 
1B in. (2-3 mm) than plush-lined long drying time; evaporation Ae (IB XC) 
316 in. (4 mm) thermoplastic chills wearer; minor repairs 
1/4 in. (6-6.5 mm) easy to do 
Hoods, vests, boots, 16-66% more Reduces water circulation; Down to 60 
and gloves or mitts warmth layering allows flexibility for °F (15.6 °C) 


various temperatures 
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Spandex suits are thin, stretchy, attractive, full-body garments that are popular 
for diving in tropical waters. Spandex garments provide 45 percent more insula- 
tion than bare skin and provide protection against stings, scrapes, and sunshine. 
Spandex suits are light and compact for travel. They are also useful as undergar- 
ments for thicker neoprene wet suits, adding an extra layer of insulation and 
allowing you to slip into the heavier suit more easily. If you live in a temperate 
climate, you can use a spandex body suit beneath a neoprene wet suit for local 
diving and use the spandex suit by itself for vacation diving in the tropics (see 
figure 4.10). 

Thermoplastic—sandwiched between two layers of spandex—is another type 
of wet suit material. A suit made from this three-ply material is about 30 percent 
warmer than a spandex suit. Thermoplastic suits are thin (1.2 to 1.4 mm) and 
designed for use in tropical waters (75 to 85 °F [24 to 29 °C]). Some suits feature 
soft, plush lining for extra warmth. The plush lining increases the warmth of the 
suit by about 10 percent. You can wear a thermoplastic suit beneath a neoprene 
wet suit for extra warmth in colder water. 

Thermoplastic material offers several advantages: The balance between the 
weight and volume of this unique material makes it neutrally buoyant, so you 
may not need a weight belt. The stretchy fabric allows you to move freely. The 
material draws perspiration away from your body but is windproof. 

A third type of wet suit material is foam neoprene, as in the suits shown in 
figure 4.11. The foam contains tiny bubbles of inert gas, which provide insula- 
tion. The thicker the wet suit material, the greater the insulation quality of the 
suit. A 1/8-inch (about 3 mm) neoprene wet suit is about 20 percent warmer 
than a plush thermoplastic suit. 

The thickness of foam neoprene in wet suits ranges from 1/8 inch for warm- 
water diving to 3/8 inch (about 9 mm) for extreme cold-water diving. The most 
common wet suit thicknesses are 1/8 inch, 3/16 inch (about 4mm), and 1/4 inch 
(about 6 mm). You can layer wet suit material on critical areas of your body to 


AYA ah 


Figure 4.10 Common styles of warm-water wet suits: Figure 4.11 Common styles of cold-water wet suits: 
foam neoprene jumpsuit (left), shorty (center), and nylon Jackets at left and center (worn with or without an attached 
(right). hood) are worn over Farmer Johns at right to form layers. 
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reduce heat loss, but the thicker the insulation you wear, the more difficult it is 
for you to control buoyancy. Choose the thickness of wet suit material used by 
experienced divers in the area where you plan to dive. 

Nylon usually covers both sides of the neoprene used for wet suits. The nylon 
increases the strength and durability of the suit, which is glued and sewed 
together. You can make minor repairs with wet suit cement, but you should 
have a wet suit manufacturer do extensive repairs. 

Neoprene wet suits require weights to achieve neutral buoyancy. The suit 
provides immediate buoyancy when you release the weights, but the buoyancy 
of the suit can be either a benefit or a hazard. Neoprene is not windproof, and 
the evaporation of water from the suit between dives can chill you. You can 
wear a wet suit overgarment to retain warmth between dives in colder climates. 
Neoprene suits take longer to dry than other types of exposure suits. Mobility is 
good with thin neoprene wet suits but decreases as the thickness of the mate- 
rial increases. 

Numerous wet suit designs are available, including the shorty, the one-piece 
jumpsuit, and Farmer Johns (see figures 4.10 and 4.11). You must consider 
several features when selecting a wet suit design. The more zippers a suit has, 
the more water circulates inside the suit and the greater the loss of heat. You can 
get zipperless suits for cold-water diving. Good wet suits feature a spine pad to 
minimize water circulation along the channel formed by your spine, and some 
suits for cold-water diving have attached hoods to minimize water circulation at 
the neck. You may spend time kneeling around and in the water, so knee pads 
are a desirable feature. 

Heat packs are available for wet suits. These packs contain a nontoxic, reusable 
chemical that heats to about 130 °F (54 °C) for half an hour or more, depending 
on conditions. The packs fit into special pockets that are an optional suit feature. 

You can buy wet suits in standard sizes, or you can have a suit tailored for a 
custom fit. The fit of a wet suit is its most important feature. The suit must fit 
snugly all over, but it must not fit so tightly that it hampers your breathing and 
circulation. A suit that fits well may feel slightly restrictive out of the water. The 
true test of the fit of a suit is to dive with it. You may be able to rent a wet suit 
identical to one you would like to purchase. 


Wet Suit Accessories 


Scuba divers wear footwear for warmth and foot 
protection. Several types of footwear—called 
boots or booties—are available for various needs. 
Boots, usually made from neoprene, may cover 
only the foot or both the foot and the ankle 
(see figure 4.12). Boots range from inexpensive 
neoprene socks to sturdy footwear with durable, 
molded soles. They may or may not have zippers. 
Zippered boots are easier to don and remove, but 
boots without zippers are warmer. 

You should wear hand coverings when the 
water temperature is less than 70 °F (21 °C). 
Some divers wear gloves for protection, such as 
when catching lobsters. Types of hand coverings 
include gloves, mitts, and gauntlets (see figure 





Figure 4.12 Boots are available with or 
without zippers. 
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4.13). Wear mitts in cold 
water because they are thicker 
and have less surface area for 
heat dissipation than gloves 
have. Wear gauntlets (neo- 
prene mitts with long cuffs) 
when the water is extremely 
cold. Thin neoprene gloves 
provide sufficient insulation 
in temperate water. Do not 
wear gloves in tropical areas. 
You are more likely to touch 
things when wearing gloves, Figure 4.13 Gloves and mitts protect divers’ hands 
and grabbing delicate coral from cold temperatures and injuries. 

reefs and marine animals 
while wearing gloves may 
harm the animals. 

A hood is an important 
warmth accessory that can 
reduce your heat loss from 
20 to 50 percent, depend- 
ing on the temperature of 
the water. Two basic types of 
hoods—attached hoods and 
separate hoods—are avail- 
able for wet suits (see figure Figure 4.14 Hoods conserve warmth in cold 
4.14). Cold-water divers like waters. 
attached hoods because they 
restrict water circulation in a 
suit more than separate hoods 
do. Some separate hoods have 
skirts that end at the base of 
the neck; other cold-water 
hoods have large bibs that 
cover the neck and shoulder 
area. Thin hoods are used for 
protection in warm water, 
and thicker hoods are used 
for insulation and protection 
in cold water. 

You can increase the warmth of your wet suit by as much as 16 percent by 
wearing a vest. Wet-suit vests come in all types of material and provide an addi- 
tional layer of insulation (see figure 4.15). Layering is an effective technique 
that reduces water circulation while increasing insulation. Some vests have 
attached hoods. 











Figure 4.15 The addition of a vest can increase the 
warmth of your wet suit by as much as 16 percent. 


Wet Suit Care and Maintenance 


With proper care, wet suits can provide years of service. Soak your wet suit in 
clean, warm freshwater after each use. If you can’t soak your suit, rinse it. Hang 
your suit on a wet suit hanger, which is wider than a typical clothes hanger; dry 
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the suit in the shade; and store it on the hanger in a cool, dark, smog-free loca- 
tion. A garage is a poor environment for storing equipment because of emissions 
from automobile exhaust. Do not fold your wet suit for storage because folds 
can form permanent creases, which insulate poorly. Inspect your suit regularly 
for seam integrity and tears. Make repairs or have them made as needed. 


Dry Suits 


When the water temperature is less than 60 °F (15.6 °C), consider using a dry 
suit, which is an exposure suit that keeps out water. Dry suits are much warmer 
than wet suits for three reasons: 


1. Airis in contact with your skin instead of water. Because air conducts less 
heat than water, you lose less heat via conduction. 


2. You wear undergarments beneath a dry suit. The undergarments trap a 
layer of air, which is a good insulator. 


3. Suit compression affects two of the three types of dry suits only slightly, 
so the insulating ability of those types of dry suits remains nearly constant 
regardless of depth. Constant volume in a dry suit provides an advantage 
over a wet suit, which compresses with depth and expands during ascent. 


Dry suits are identified by the material from which they are made. Table 4.2 
compares the three most common types of dry suits. The foam neoprene dry 
suit is made of the same material as a wet suit, but the dry suit has seals at the 
wrists and neck, attached dry boots, and a waterproof zipper (see figure 4.16). 

A dry suit can cost two to five times as much as a wet suit, but with proper 
care and maintenance, a good dry suit will last many times longer than a wet 
suit. If you dive primarily in cold water, a dry suit is a good investment. 

A dry suit creates a closed air space that is subject to squeezing. A low-pressure 
inflator valve, which is a standard feature, allows you to add air to the suit during 
descent to prevent suit squeeze. Because air expands during ascent, an exhaust 
valve is another standard feature. Get a dry suit that has a constant-volume 
exhaust valve that automatically maintains a constant state of buoyancy during 
ascent. 

Diving is a diuretic activity—that is, it increases the amount of urine you pro- 
duce. Urination in a wet suit is a regular practice by divers in open water, but 
the problem is more complex when you wear a dry suit. An optional feature for 
a dry suit is a relief zipper, which is useful only when you are out of the water. 


Table 4.2 Dry Suits 


Advanta es Disadvantages 
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Divers wearing a dry suit have to exit the water to uri- 
nate, and those without a relief zipper must disrobe. 

Several types of undergarments for dry suits are avail- 
able. Some are inexpensive but compress with depth 
and lose insulating ability when wet. More expensive 
undergarments are highly resistant to compression and 
retain most of their insulating quality even if wet. Many 
divers who wear dry suits prefer to wear two layers of 
undergarments: a thin garment against the skin to carry 
perspiration away from the body and a thicker overgar- 
ment to provide the bulk of the insulation. Moisture 
conducts heat, so you are warmer when perspiration is 
wicked away from your body. 

Dry suits have several drawbacks. Controlling buoy- 
ancy is more difficult with a dry suit than with a wet 
suit. Rapid, uncontrolled ascents can occur unless you 
control the suit. Training is essential before attempting 
to dive in a dry suit. Dry suits are bulkier than wet suits. 
It is easier to don and remove a dry suit than a wet suit, 
but the bulkiness of a dry suit makes surface swimming 
difficult. A dry suit also restricts your mobility more than 
a wet suit does. The inconveniences of a dry suit are 
of little consequence, however, when warmth is your 
primary concern. 


Dry Suit Accessories 
Most dry suits have attached boots, a desirable feature. 





Thin latex booties are found on less expensive suits; Figure 4-16 Dry suits can be made 
from foam neoprene, crushed neo- 


more expensive suits have hard-soled boots. You should 
wear heavy socks for insulation with latex booties, and 
you must wear wet suit boots over the latex booties to 
protect them. The end result is that divers who wear dry suits usually need fins 
with large foot pockets. 

You can wear neoprene gloves or mitts with a dry suit. If the water is extremely 
cold, you can get dry gloves with insulating liners that attach to some dry suits. 
An attached latex dry hood is an option for some models, but most divers use a 
separate neoprene dry suit hood. Figure 4.17 shows examples of dry suit acces- 
sories. 


prene, or nylon. 


Dry Suit Care and Maintenance 


Dry suits require more care than wet suits. The zipper and the control valves 
are expensive to replace, so do not allow salt crystals to form in the zipper or in 
the valves. Soak and rinse the zipper and valves in clean freshwater as soon as 
possible after a saltwater dive. Wash the neck and wrist seals with soapy water, 
and then rinse them. Coat latex seals with pure talc after they dry. The talc helps 
protect the rubber from the elements. Fold dry suits in half over a wide hanger 
for drying. Lubricate the suit zipper according to the manufacturer’s instruc- 
tions, then store the suit with the zipper open. If the suit needs to be repaired, 
have an authorized dealer make the repairs. As with wet suits, store your dry 
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Figure 4.17 Dry-suit boots and gloves help keep divers warm. 


suit inside your home. The rubber seals on dry suits are adversely affected by 
exhaust emissions. 


Exposure Suit Selection 


You should consider many factors when selecting an exposure suit and acces- 
sories: your physical characteristics, where you intend to dive, how you intend 
to dive, how much diving you intend to do, and what you intend to do while 
diving. The amount of money you want to invest is also a factor, but keep in 
mind that buying an inexpensive suit may be false economy. If the suit does not 
meet your needs, you will have to spend more money for another suit. 

The amount of diving you intend to do is an important factor. If you plan to 
make only one dive per day, your insulation requirements are not as great as 
they are if you plan to dive several times per day. The more time you plan to 
spend in the water, the warmer your suit needs to be. 

If you are a thin person who gets chilled easily, you need more insulation 
than the average person for a given water temperature. People with more-than- 
average body fat may not require as much insulation as those with average body 
fat; fat is a good, natural insulator. Thermal comfort is essential for diving safety 
and enjoyment. 

If you intend to do most of your diving in one area, the most popular type 
of suit in the area is probably the best type for you. If the local waters are cold, 
you have to choose between a wet suit and a dry suit. If you choose to get a 
wet suit as your first exposure suit for cold-water diving, a layered design with 
Farmer John pants, a vest, and a step-in jacket with an attached hood retains 
more warmth than high-waisted pants, a regular jacket, and a separate hood. A 
custom fit retains more warmth than a suit of a standard size. 

Dry suits are not desirable for long surface swims because you can overheat, 
and the drag caused by the bulkiness of some dry suits may cause you to tire or 
cramp. On the other hand, dry suits retain much more warmth at depth than 
wet suits. If most of your diving will be deeper than 40 feet (12 m), if the water 
is 60 °F (15.6 °C) or colder, and if you can avoid long surface swims, a dry suit 
is a good choice—as long as you obtain training before using the suit. 
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If you plan to dive in a variety of climates, a spandex or thermoplastic suit 
combined with a neoprene wet suit may be a good option. You can wear differ- 
ent parts of the suits to meet different warmth requirements. Your diving activ- 
ity affects your needs. An underwater hunter looking for game generates more 
body heat than an underwater photographer whose movements are minimal. 
The less active you are while diving, the more insulation you need. Your desires, 
needs, and budget determine the features you select for your exposure suit. 
When choosing features for your suit, you should consider the features that are 
popular with local experienced divers and diving leaders. 

The accessories you select for your suit depend on the type of suit you choose, 
the temperature of the water, the activity you intend to pursue, and your budget. 
A hood may be thin and short for warmer water, thick with a long skirt for colder 
water, or a dry suit type. Foot coverings may be low cut, ankle high, or attached 
to the suit. The soles may be soft or hard. Hand coverings range from nothing 
to thick mitts, gauntlets, or dry gloves. 

Local diving professionals can help with your selection of an exposure suit and 
accessories. No matter what type of exposure suit you choose, keep in mind that 
itis an investment in your enjoyment of diving. Diving is not fun if you get cold. 


Weighting Systems 


Exposure suits increase your buoyancy. You need weights for ballast in order to 
achieve neutral buoyancy. One type of weighting system is a weight belt (see 
figure 4.18); another type integrates the weights into the scuba unit. 

Weights can be attached to or inserted into a belt that you wear around your 
waist. The belt is heavy nylon webbing two inches (five cm) wide. You can thread 
the belt through lead weights, wrap pouches of lead shot around the belt, or 
put weights or pouches of lead shot into pockets on pocket-type belts. A hollow 
fabric belt that you can fill with lead shot is more comfortable on your hips than 
hard weights. Lead shot, which comes in different sizes, causes less damage than 
hard lead weights if you drop the belt accidentally. Smaller-diameter shot weighs 
more per volume than larger shot, so the more weight you need, the smaller 
the shot you should use. 

Because exposure suits compress with depth, a weight belt around your waist 
loosens unless it has a means of compensating for the suit compression. An 
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Figure 4.18 Weight belt with various sizes of weights. 
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elastic compensator is a desirable feature for a weight belt; you can select from 
a variety of designs. 

Secure the weights on your weight belt so that they will not shift position. 
Pocket-type belts are good in this respect. When you thread separate weights 
onto a belt, you should secure the first and last weights with retainers, which 
are available as accessories. 

The most important feature of any weighting system is the quick release. In 
the event of an emergency, you must discard weights quickly to establish positive 
buoyancy. No matter what type of system you choose, a reliable, easily located, 
and easily operated quick release is essential. 

Several types of weights are available. Large, curved hip weights help offset 
the buoyancy of cold-water exposure suits. Smaller, rectangular weights find 
widespread use because they are economical. Coated weights are attractive and 
practical. Manufacturers mold weights into various shapes and offer a heavy 
vinyl coating as an option. The coating reduces pollution from lead, improves 
appearance, makes the weights easier to see in the water, and reduces suit abra- 
sion. Fabric mesh packets filled with lead shot are popular. You can get bulk lead 
shot for hollow fabric belts. Coated lead shot, although slightly more expensive, 
is better than uncoated shot. Shot-filled tubular ankle weights are also available, 
although some diving experts believe ankle weights are unnecessary. 

An integrated weighting system eliminates the need for a weight belt by 
holding lead weight in the backpack that holds the scuba cylinder or in the 
buoyancy compensator. An integrated weighting system makes the scuba unit 
heavier, but it also allows better distribution of weight than a separate system 
can provide. Some divers consider an integrated weighting system advanta- 
geous because weights are less likely to shift, a suit compression compensator 
is not needed, and having the weight above the waist improves the diver’s trim 
in the water and reduces strain on the lower back. However, when you raise 
your center of gravity, you are more likely to lose your balance and fall when 
you are out of the water. You need strength, good balance, and caution to use 
an integrated weighting system. Integrated systems usually use lead shot, either 
in bulk or in pouches. 


Weighting System Care and Maintenance 


Weighting systems do not require as much care and maintenance as other items 
of diving equipment. Do not soak or rinse raw lead after use because lead in the 
runoff pollutes the environment. If gray water seeps from your weight system, 
replace the lead with new, coated lead. (You can recycle old lead, so do not throw 
it away.) Pocket-type weighting systems allow you to remove the weights and 
rinse the remainder of the system. 

Regularly inspect the functional aspects, such as the quick release and the 
compensator. If you use a belt, inspect the weight retainers to make sure they are 
not broken, and make sure the end of the belt is clean and neat for easy insertion 
into the buckle. If the end of your belt is frayed, trim and singe it. When you fix 
a frayed end, be careful that you do not cut or burn yourself. 


Weighting System Selection 


When selecting a weighting system, you should consider your physical charac- 
teristics, the amount of weight you need, and how frequently you will need to 
change the amount of weight you use. 
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If you have a large build, your waist is larger than your hips, and your expo- 
sure suit is thick, a weight belt may not work well—especially if you need more 
than 30 pounds (13.6 kg) of weight. In chapter 6, you will learn how to test your 
buoyancy to determine the amount of weight that you need. Consult with divers 
whose physical characteristics are similar to yours for advice about weighting 
systems. If you require more than 30 pounds of weight, you may need weights 
on a weight belt plus an integrated system. If you require only a small amount 
of weight, nearly any type of weight system is acceptable. 

If the type of diving you do varies, the amount of weight you need also varies. 
If you dive in freshwater and in saltwater, you need to adjust your weights. When 
you vary your exposure suit configuration, you also need to vary the amount 
of weight you wear. The more you need to change weights, the more you need 
a weighting system that allows changes to be made easily. 


Buoyancy Compensators 


A buoyancy compensator (BC) helps you 
control buoyancy. You can inflate your BC at 
the surface to increase buoyancy, deflate it to 
reduce buoyancy for descent, and add air to 
it to achieve neutral buoyancy underwater. 
Most BCs also contain a backpack to hold 
your scuba cylinder. 

The three types of BCs are jacket style, 
back mounted, and front mounted (see 
table 4.3 for style comparison). Most BCs 
used in diving today have a wraparound 
jacket design, which provides front and 
rear buoyancy. There are two basic jacket 
designs: One style has inflation tubes over 
the shoulders; a newer style has straps over 





; Figure 4.19 Jacket-style buoyancy 
the shoulders. The straps have convenient, compensator with shoulder straps and 


adjustable releases (see figure 4.19). quick-release clasps. 


Table 4.3 Buoyancy Compensators 


| MoYeor- lilo) ame) i 





Type LolULoyYZ-Taven aren at-lanley=) am ave hYc-laye-\e(=s-) Disadvantages 
Jacket style Front and rear Even lift; diver can Not suitable for skin 
remain upright diving 
Back mounted Rear Does not interfere with Pushes diver forward; 
valve operation for dry __ difficult for diver to 
| suits remain upright 
Front mounted Front Suitable for skin diving; | Need separate backpack 





allows diver to remain for cylinders; requires 

upright disconnection of inflator 
hose before removal; 
does not provide as 
much lift as jacket 
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Back-mounted BCs place buoyancy chambers behind you. These systems 
are useful for underwater modeling and for specialty diving activities. Models 
look better without bulky BCs covering them, and back-mounted units do not 
interfere with valve operation on dry suits as much as other types of BCs do. 

Front-mounted BCs fit around your neck and cover your chest area. This was 
the first type of BC, but few divers use front-mounted BCs today. Most divers 
today believe that BC jackets are superior to front-mounted ones. You can use a 
front-mounted BC for both skin diving and scuba diving. Jacket-style and back- 
mounted BCs are not suitable for skin diving. 

In its simplest form, a BC is a bladder with attachments (see figure 4.20). 
The bladder may be coated material that constitutes the BC itself, or a separate 
bladder may be inside a fabric shell. The seams of a BC bladder are glued or 
electronically welded, depending on the type of material. 


Buoyancy Compensator Selection 


When selecting a BC, you should consider your physical characteristics, where 
you plan to dive, and the type of diving you plan to do. Some BCs provide more 
buoyancy than others. A cold-water diver wearing a wet suit needs more lift 
than a warm-water diver wearing a thin exposure suit, although a large amount 
of lift is not necessarily desirable. 

If you are a large, strong individual, the size and bulk of a BC may not be of 
much concern. But if you are small, you may be wise to choose a small, compact 
BC. The length of the BC is important. If the BC extends downward too far, this 
makes donning and removing your weight belt difficult. If you are shortwaisted, 
consider an integrated weighting system. The fit is important because a BC needs 


Pressure Single-bladder Pull-dump valve 
relief valve construction (cable inside hose) 





Shoulder 
adjustment 
and release 
Cylinder 
retaining 
Accessory band on 
rings back 
Low-pressure 
inflator valve 
Pockets 


Cummerbund Deflation/oral 
waistband inflation valve 


Figure 4.20 Desirable BC features. 
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to support you in the water. The BC should fit snugly and not ride up on your 
body. Models that allow adjustment for a custom fit are desirable. 

Another desirable feature is a single-bladder construction, which is less expen- 
sive and requires less maintenance than a separate bladder. Renting and using 
different types of BCs will aid you in making a selection. Talk to experienced 
divers and diving professionals, and observe BC preferences in the area where 
you dive. 


Buoyancy Compensator Care and Maintenance 


Your investment in a BC is large. But, like most diving equipment, your BC 
will provide years of service if you take care of it. You need to rinse your BC 
inside and out after use, especially after use in a swimming pool or in the ocean. 
Chlorine in pool water and salt crystals from seawater are harmful to your BC. 
Drain the water from your BC after use, fill it about a third full with freshwater, 
swish the water around, and then drain the bladder. Rinse the inflator assembly 
thoroughly, and leave the BC fully inflated until it dries. Inflation will test the 
airtight integrity of the bladder and valves. If the BC does not remain firm for 


Rss Diving Equipment Checklist 


Y Mask, snorkel, and snorkel keeper Y Signaling devices (whistle, mirror, 

Y Fins and boots safety tube) 

Y Scuba tank (filled) V Dive knife 

Y Buoyancy compensator Y Float, dive flag, and anchor 

Y Exposure suit, hood, and gloves / Dive tables 

Y Weight system V Dive light 

Y Regulator with pressure gauge V Slate and pencil 

Y Alternate air source ¥ Marker buoy 

Y Instruments to monitor depth, time, VY Collecting bag 
and direction (separate or integrated) /Y Gear bag 

Spare equipment 

Y Scuba tank(s) 

Y Weights 

J Straps 

Y O-rings 

Y Snorkel keeper 

Secondary equipment 

¥Y First aid kit Y Jacket 

Y Emergency phone numbers and Y Hat or visor 
radio frequencies Y Sunglasses 

¥ Logbook / Dive kit 

¥ Swimsuit ¥ Save-a-dive kit 

¥ Towel Y Drinking water 
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at least an hour, take it to a professional repair facility. Anytime your BC fails to 
function properly, have it professionally repaired. It is hazardous to attempt BC 
repairs without special training, tools, and parts. 


Scuba Cylinders 


A scuba cylinder stores compressed air at high 
pressure. The container must be strong and free of 
corrosion. Scuba cylinders (also called tanks) are 
made of either aluminum or steel. Each type has 
advantages and disadvantages. Figure 4.21 shows 
examples of various steel and aluminum tanks. 


Steel Cylinders 


Steel scuba cylinders come in various sizes with 
various pressure ratings. Common sizes are 63, 
71.2, 80, and 100 cubic feet (1,784, 2,016, 2,265, 
and 2,832 L). The pressure to which the cylinders 
can be filled, called the working pressure, ranges 
from 1,800 to more than 4,000 pounds per square 
inch (psi), or 122 to 272 standard atmospheres 
(atm). 

Some compressors pump air only to 2,500 psi (170 atm). When you cannot 
get air at a pressure higher than 2,500 psi, a steel tank may be more desirable 
than an aluminum tank. A steel 71.2-cubic-foot scuba tank filled to 2,250 psi 
(153 atm) contains about 5 cubic feet (142 L) more air than an 80-cubic-foot 
aluminum tank filled to the same pressure. The aluminum tank must be filled 
to 3,000 psi (204 atm) to obtain 80 cubic feet. 

The main disadvantage of a steel cylinder is that it can rust, which can render a 
tank unsafe and unusable. Do not allow water inside a scuba cylinder. The high- 
pressure atmosphere has a large amount of oxygen to fuel corrosion. You can 
keep the inside of a steel scuba tank dry, but the outside is exposed to moisture. 
Galvanizing inhibits rust on the outside of steel tanks, but the inside may not be 
galvanized because galvanization affects air purity. Painting a galvanized surface 
may improve the appearance of a cylinder, but paint alone is an inadequate finish 
because cracks or chips in the paint allow moisture to reach the steel. The tank 
will begin to rust unless there is a galvanized coating beneath the paint. 

Another disadvantage of a steel scuba tank is that it has a rounded bottom 
because of the manufacturing process. The tank cannot stand by itself unless you 
place a rubber or plastic boot, called a tank boot, on the end of the cylinder. The 
boot makes the base of the tank flat so it will stand. Some boots have flat sides 
to help keep a tank from rolling when you lay the cylinder on its side. Moisture 
and salt trapped between the tank boot and the cylinder can cause corrosion. 
Boots with internal ridges—the preferred type of boot—are self-draining. 


Aluminum Cylinders 


Aluminum alloy cylinders also come in various sizes with various pressure rat- 
ings. Common sizes are 63, 80, and 100 cubic feet (1,784, 2,265, and 2,832 L). 
The working pressure for aluminum cylinders is 3,300 psi (224 atm). 






Figure 4.21 Scuba cylinders come in many 
sizes and are made of steel or aluminum. 





Photography 


All photographs were taken by the author using Sony Alpha DSLRs and 50mm 
macro lens with extension tubes, and a Sony macro flash. High-resolution versions of 
these and more technical photos are available for commercial or educational royalty-free 


use. Please contact me with any enquiries. 
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Aluminum corrodes, but the oxide that forms arrests the corrosive process— 
this is a significant advantage over the corrosive process of rust in steel tanks. 
Rust is an accelerating process, but corrosion in an aluminum cylinder is a self- 
arresting process. 

The bottom of an aluminum cylinder is flat. You do not need a tank boot on 
the cylinder to allow it to stand by itself, but many divers put boots on aluminum 
tanks to protect the tank and any objects struck by the bottoms of the cylinders. 

Aluminum cylinders also have drawbacks. Aluminum is softer than steel, so 
aluminum tanks can be dented and gouged more easily than steel tanks. On 
aluminum tanks, brass cylinder valves control the flow of air. Electrolytic action 
between the dissimilar metals of the cylinder and the valve can cause the valve 
to seize in the aluminum cylinder threads unless the valve is removed periodi- 
cally and coated with a special compound. Valve seizing seldom is a problem 
with steel cylinders. 

Aluminum cylinders do not need to be galvanized. You can paint them to 
improve appearance, but do not bake the paint finish. Temperatures hotter than 
180 °F (82.2 °C) reduce the strength of an aluminum cylinder and can cause it 
to explode when filled. If you would like your cylinder painted, have it done by 
a professional tank-painting service. 


Cylinder Markings 


Several rows of markings on 
the neck of a scuba cylinder 
provide useful information 
about the cylinder. You should 
be able to determine the mean- 
ing of several of the marks. 
Figure 4.22 shows an example 
of cylinder neck markings. 

The first row of marks on 
tanks manufactured in the Department of Materials used Service 
United States discloses the Transportation forsteeltank pressure in psi 

overnment agency that sanc- ' \ ri 

fone the ae of the pra ; DOT]-[3AAI2250] 4 Diese 
tank, the type of metal from 123456]/[PST|/[1 - 16]/ 
which the tank was made, Manufacturer 6-95 Month and year 
from, and the working pres- Month and year of current 
sure. The first letters in the of original hydrostatic test hydrostatic test 
row identify the government Figure 4.22 Cylinder neck markings. 
agency, such as DOT (U.S. 
Department of Transportation), CTC/DOT (Canadian Transportation Commission 
and the U.S. Department of Transportation), or ICC (the former U.S. Interstate 
Commerce Commission). The next characters in the first row identify the type 
of metal that the tank was made from. The marks 3A and 3AA are designations 
for steel cylinders. The marks 3AL, E 6498, and SP6498 are designations for 
aluminum cylinders. The final figures in the first row—the important ones for 
you to remember—are numbers indicating the working pressure of the cylinder 
in pounds per square inch. 

The second row of markings includes the serial number of the tank (which 
you should record for identification purposes) and letters or numbers identifying 
the manufacturer of the cylinder. The month and year of the tank’s first pres- 
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sure test are located somewhere below the second row. U.S. regulations require 
compressed gas cylinders to be pressure-tested before being put into service and 
every five years thereafter. Subsequent test dates can be stamped anywhere on 
the neck of the tank. A registered symbol between the month and year of a 
pressure test identifies the facility that did the testing. 

Tanks are filled at an air (or “fill”) station (see figure 4.23).When you take your 
cylinder to an air station for filling, the facility personnel will examine the tank 
markings to determine whether the cylinder test date is current and to identify 
the pressure to which the tank can be filled. 


Cylinder Selection 


The main criteria for the selection of diving equipment—fit and comfort—apply 
to scuba tanks as well. A small person should use a small tank. Larger divers may 
require larger tanks because they have larger lungs and use more air. 

The material from which a tank is made affects its capacity, size, and working 
pressure. Although steel is heavier than aluminum, aluminum tanks are larger 
and heavier than steel tanks with similar capacities. Because aluminum is not 
as strong as steel, the walls of an aluminum tank are thicker than the walls of a 
steel tank of approximately the same capacity. The higher the pressure rating, 
the greater the capacity of a tank of a given size. Modern high-pressure steel 
scuba tanks are high-capacity cylinders, but they are quite heavy. Good sizes for 
small divers to consider for an initial scuba tank are 50 and 63 cubic feet (1,416 
and 1,784 L). Popular sizes for divers of average size are 71.2 and 80 cubic feet 
(2,016 and 2,265 L). 

Another important factor to consider when selecting a scuba tank is the 
buoyancy of the cylinder, which is determined by the volume and weight of the 
tank. Aluminum tanks are more buoyant than steel tanks. High-capacity tanks 
have a greater change in buoyancy than smaller cylinders as you use air from 
them. The change in buoyancy between a full and an empty tank can vary by 
more than 8 pounds (3.6 kg; see table 4.4). Some tanks are negatively buoyant 





Figure 4.23 Scuba cylinder filling station. 
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Table 4.4 Cylinder Size, Working Pressure, and Buoyancy 


Working |= TUTo)*e-lalena (ie) Migeyan 
Capacity (ft°/L) : pressure (psi) full to empty 





whether full or empty, but most tanks sink when full and float when empty. 
Buoyancy for tanks varies so much that you should select the tank most often 
used for diving in your area or try diving with several different tanks to deter- 
mine which is easiest to manage. 

You need to decide whether you are going to dive using compressed air, 
enriched-air nitrox, or mixed gases. If your breathing gas is anything other than 
compressed air, your cylinder, cylinder valve, and regulator must be dedicated 
to the specialized gas. It is unsafe to use a compressed air cylinder and regulator 
with mixed gases. Regulators, valves, and cylinders must be “oxygen clean” and 
“oxygen safe” when used with mixed gases. 

Multiple-tank scuba units are used for specialty applications. As a beginning 
diver, you do not need double or triple scuba tanks. A single tank is adequate 
for most diving activities. 


Cylinder Accessories 


Fabric or plastic sleeves can help protect the exterior of your scuba cylinder. 
Some sleeves have places to attach items within easy reach. Tank bands, which 
secure a cylinder to a buoyancy compensator, vary. Some allow you to attach a 
small, backup scuba cylinder to your main cylinder. Additional accessories are 
available to help you carry or transport your scuba cylinders. Tank boots are a 
desirable cylinder accessory. 


Cylinder Care and Maintenance 


Scuba tanks are high-pressure vessels. They are strong, but you should handle 
them with care. Exterior damage can render your scuba tank useless. Avoid 
throwing scuba tanks or allowing them to roll about on the deck of a boat or 
in the trunk of your car. Secure cylinders for transportation or storage. Unless 
you are holding a scuba cylinder, do not leave it standing in an upright position, 
especially at a dive site. If the cylinder falls, it can injure someone or damage the 
tank valve or regulator. However, you should store your scuba tanks in an upright 
position so that any moisture inside will settle to the bottom where inspectors 
can detect it with relative ease. Rinse the outside of your cylinder with clean, 
fresh water after use, and pay special attention to the boot area of steel tanks. 
Corrosion can ruin a cylinder rapidly, and pieces of corrosion can damage a 
tank valve or scuba regulator. One way to prevent moisture from entering a tank 
is to keep air in the tank. Water can get into an empty scuba cylinder while you 
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are diving, so avoid using all the air in your tank. Moisture can enter an empty 
tank if you store it with the valve open. Store your scuba cylinder with a few 
hundred pounds (about 20 atm) of pressure inside. A low pressure keeps moisture 
out but provides little oxygen to aid corrosion if there is moisture in the tank. 

The filling process can force water into the tank. A water trap in an air com- 
pressor is supposed to remove moisture from air, but if the moisture-removal 
system does not function properly, water can be pumped into your tank along 
with air. The filling hose attachments for scuba tanks can get wet, and water 
inside the filling attachments can be forced into your cylinder. Using a high- 
quality air station is important. 

The diving industry requires an annual visual inspection of scuba cylinders. 
The examination consists of an external inspection, the removal of the valve from 
a cylinder, an internal inspection using a special light, special electrical testing 
for aluminum cylinders, the replacement of the valve, and the attachment of a 
decal indicating the inspection date. Most air stations require a current inspec- 
tion sticker on a tank before they will fill it. When you handle your scuba tank, 
listen for sounds of anything moving inside the cylinder. If you hear anything, 
have the tank visually inspected. 

U.S. government regulations specify that compressed gas cylinders must be 
pressure-tested every five years. Some countries require pressure testing every 
year or two. The test is hydrostatic because it takes place in water. An inspec- 
tor fills a scuba tank with water and submerges it in a closed container that is 
completely filled with water. The inspector applies pressure to the scuba tank 
hydraulically, and the tank expands slightly from the pressure. The expansion 
displaces water from the container holding the scuba tank. The inspector mea- 
sures the expansion and then releases the pressure. The tank must return to 
within 10 percent of its original volume within a specified period of time. If the 
tank is too brittle to expand and contract correctly, the inspector condemns it. 

You may transport a scuba tank on an airplane only if the tank is completely 
empty and the valve is open—a situation that is not good for scuba tanks. Do not 
transport your cylinder by air. Diving destinations have tanks readily available, 
so there is no need to take a tank on a dive trip. 


Cylinder Valves 


Cylinder valves control the flow of a liquid or gas. Four types of valves are avail- 
able for scuba tanks: the simple valve, the reserve valve, the high-pressure valve, 
and the multiple-cylinder valve. Because multiple tanks are for advanced specialty 
diving activities, this section addresses only the simple and high-pressure valves. 


Simple Valve 


A simple valve is an on-off valve that operates like a faucet. You turn the valve 
handle counterclockwise to open it and clockwise to close it. The first catalog 
of diving equipment listed this type of valve as item K, and the valve has been 
identified as a K-valve ever since (see figure 4.24). 

The valve seat is a soft-sealing surface. It is the portion of the valve that closes 
and stops the flow of air. You can damage the seat with excessive closing pressure. 

Valves for scuba tanks have several features, one of which is a snorkel tube 
that extends from the bottom of the valve into the scuba cylinder. The valve 
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snorkel prevents moisture or particles from entering the valve when you invert 
the tank. Another standard feature of tank valves is a thin, metal disk called a 
burst disk. If a tank is overfilled or the heat from a fire causes the tank pressure 
to increase to a hazardous level, the disk 

will burst and vent the tank to prevent an O-ring 

explosion. The disks corrode over time, On/off knob 

and occasionally a burst disk ruptures. 
The failure makes a loud noise, and the 
tank hisses loudly, but the situation is not 
dangerous (even if it occurs while you are 
diving, which is unlikely). If the burst disk 
in your tank valve ruptures, you need to 
have the valve serviced professionally. 
Manufacturers rate burst disks for vari- 
ous pressures, and the correct disk must 
be used. Keep the pressure rating of the 
burst disk in mind if you want to change Valve =_____1 
a valve from one scuba tank to another. ali 
A valve with a low-pressure burst disk 
will rupture if you use it on a tank with 
a higher pressure rating. 

There are two types of outlets for scuba 
tank valves. The traditional outlet is 
nearly flush with the surface of the valve 
and surrounded by a soft, circular ring 
called an O-ring. The ring forms the high- 
pressure seal between the valve and the 
scuba regulator, so the ring must be clean 
and free of nicks or cuts. A newer type of 
threaded outlet with a recessed O-ring 
seal is a DIN valve, which withstands 
higher pressures than a traditional O-ring 
valve (see figure 4.25). Tank pressures in 
excess of 3,000 psi (204 atm) requirea | A 
DIN fitting. Figure 4.25 Close-up of a DIN valve. 








Figure 4.24 K-valve. 
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Reserve Valve 


A J-valve (the valve was listed as item J in the first equipment catalog) was 
designed to maintain a reserve of air to permit a normal ascent. The introduc- 
tion of submersible pressure gauges (SPGs) for scuba tanks has rendered the 
J-valve obsolete. 

The reserve lever on a J-valve created problems. If the lever was in the incorrect 
position (down), the valve would not maintain a reserve. If the diver failed to 
put the reserve lever in the up position before a dive or if the lever was bumped 
during a dive, the diver relied on a reserve of air that was not available. Safety 
concerns also contributed to the demise of the J-valve. 


Valve Care and Maintenance 


Cylinder valves are made of soft metal and have thin areas, so physical abuse can 
ruin them. A protective cap is a good accessory for a tank valve. The cap helps 
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prevent loss of the O-ring, helps keep dirt out of the valve, and helps prevent 
physical damage to the high-pressure sealing surface around the valve opening. 
Protection of the valve is one reason that you should secure scuba tanks when 
you store them and should not leave them standing unattended. If a tank rolls 
about or falls over, this can damage the valve and render it inoperable. 

When you open a tank valve, you should turn it slowly, open it all the way, 
and then close it one half turn. If something strikes the handle, a valve seat that 
is fully open will be damaged more than if it were closed slightly. When you 
close the valve, avoid excessive force, which shortens the life of the valve seat. 

Rinsing your tank valve after use is a good idea, but soaking the valve by 
inverting your scuba tank in a container of warm water is better than rinsing. 
Water remains in the valve opening after rinsing or soaking. Open the valve 
momentarily to blow the water from the opening. If you leave the water in the 
opening and have the tank filled before the water evaporates, moisture will be 
forced into the tank. 

Have your tank valve serviced annually by a professional. Also have your 
valve professionally serviced anytime it fails to operate easily or when the burst 
disk needs to be replaced. Valves receive partial servicing (lubrication) during the 
annual visual inspection of your scuba tank. The large O-ring that seals the valve 
to the scuba tank can be replaced at the time of the visual inspection. But partial 
servicing of your valve during a tank inspection is not the annual servicing of 
the valve. In a complete valve servicing, a qualified repair technician completely 
disassembles the valve, cleans the parts, replaces various parts, reassembles the 
valve, and then tests the unit. 


Scuba Regulators 


The function of a regulator is to reduce high-pressure 
air to a breathable level. Most scuba regulators 
use two stages of pressure reduction. The 
first stage of a regulator attaches to the 
valve of a scuba cylinder and reduces 
the high pressure to an intermediate 
pressure of about 140 psi (9.5 atm). 
The first stage of the regulator con- 
nects via a hose to the second stage, 
which contains the mouthpiece. 

The second stage reduces the 
pressure from the intermediate 

level to the surrounding pressure. 

A scuba regulator is a demand 
system; it delivers air only when 

you demand it by inhaling, unlike 

a constant-delivery, free-flow 
system, which commercial divers 
use. Scuba regulators are highly reli- 
able and have a fail-safe design that 







Figure 4.26 Scuba regulator nomenclature: (1) first 
stage, (2) dust cover, (3) low-pressure hose, (4) low- 
pressure inflator hose, (5) console, (6) high-pressure 


turns the demand system into a free-flow __ hose, (7) primary second stage, (8) extra second stage. 


system in the event of a component failure. 
Figure 4.26 provides more information about 
scuba regulator terms. 
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First Stages 


The first stages on scuba regula- 
tors are either balanced or unbal- 
anced. Changes in tank pressure 
affect the performance of a bal- 
anced first stage only slightly. 
With an unbalanced first stage, 
the performance of the regula- 
tor changes as tank pressure 
changes, so a balanced first stage 
is desirable. 

The two main types of valves 
for the first stages of regulators 
are diaphragm and piston (see 
figure 4.27). A diaphragm first 
stage has a diaphragm that keeps 
water and dirt from the working 
parts inside. A bias spring com- 
bined with water pressure pushes 
the valve open. Tank pressure 
closes the valve when the first- 
stage pressure equals intermedi- 
ate pressure plus water pressure. 
A diaphragm valve has more 
parts than a piston first stage, so 
it is more expensive to manufac- 
ture and service. The diaphragm 
valve’s exclusion of water and 
dirt from the mechanics allows 
high performance for longer peri- 
ods of time than a piston valve. 

Piston first stages have an 
open, simple design with few 
moving parts. Water pressure 
in direct contact with the piston 
combines with the force of a bias 
spring to open the piston valve. 
Tank pressure causes the piston 
to move and the valve to close 
when the first-stage pressure 
equals intermediate pressure plus 
water pressure. Piston first stages 
are easier and less expensive 
to service than diaphragm first 
stages. But dirt, salt crystals, and 
mineral deposits that accumulate 
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Figure 4.27 Typical regulator first stages. Red 
arrows represent spring pressure. Black dots repre- 


sent O-rings. 


inside a piston regulator can affect its performance. Each type of first stage has 
advantages and disadvantages, so either type is acceptable. A diaphragm-piston 
regulator combines the diaphragm and piston concepts. The diaphragm excludes 
water and dirt and transfers pressure to a piston. 
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A first stage must have a means of attachment to the tank valve. A typical 
regulator has a yoke that surrounds the valve and mates the regulator to the 
tank valve. The regulator inlet, which has an inlet filter, secures to a tank with 
a yoke screw. Scuba regulators that operate at above-average pressures use a 
DIN fitting instead of a yoke screw. A DIN fitting screws directly into a DIN valve 
and does not have a yoke. 

First stages include multiple openings called ports. One of the ports is for 
high-pressure air measurement with an SPG. The remaining ports are for low- 
pressure air. A regulator should have several low-pressure ports to supply air to 
the primary second stage, an alternate second stage, a BC inflator, and possibly a 
dry suit inflator. The sizes of ports vary. The high-pressure port is usually larger 
than the low-pressure openings. This helps prevent connection errors; a low- 
pressure hose inadvertently connected to the high-pressure port would rupture. 

Some regulators feature environmental shielding by sealing special fluid inside 
a flexible chamber attached to the first stage. The sealed, flexible chamber trans- 
mits water pressure to the regulator, but no water, salt, or dirt can enter the first 
stage. Extremely cold water can cause an unshielded regulator to freeze, but the 
fluid in an environmental chamber does not freeze. 


Second Stages 


The most common second stage is shaped like a cup lying on one side (see figure 
4.28). Imagine a pliable diaphragm across the top of the cup, a mouthpiece 
attached to the bottom of the cup, and an exhaust valve attached to the lower 
side. A lever that activates a valve inside the container is in contact with a static 
diaphragm. An inhalation through the mouthpiece creates a partial vacuum 
inside the second stage. The pressure reduction pulls in the diaphragm, which 
moves the lever and opens the valve, allowing air to flow from the first stage 


Air from tank 















Inlet valve Inlet valve Inlet valve 
opens closes 
Purge 
button _ Mouthpiece Inhalation Exhalation 
Movable 
lever 
Flexible \ 
diaphragm Exhaust valve Exhaust valve Exhaust valve 
closed open 
Static Diver inhales Diver exhales 
Do not depress purge button Have regulator serviced 
when rinsing a regulator. professionally every year. 


Figure 4.28 Regulator operation. 
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of the regulator into the second stage. When you stop inhaling, the buildup of 
pressure returns the diaphragm and lever to their normal positions, closing the 
valve and stopping the flow of air. When you begin to exhale, increased pressure 
inside the second stage opens the exhaust valve, allowing air to escape. 

The two types of second-stage valves for scuba regulators are the downstream 
valve and the pilot valve. In a downstream-valve regulator, a small bias spring 
holds a valve closed. Inhalation moves the diaphragm, which moves a lever. The 
lever movement overcomes the resistance of the bias spring and opens a valve, 
allowing intermediate-pressure air to enter the second stage. After inhalation, 
air flows until the diaphragm moves outward, allowing the bias spring to close 
the valve. Downstream second-stage valves are simple and inexpensive, and 
they tolerate more sand and dirt than pilot valves do. 

In a pilot-valve regulator, the movement of the diaphragm in the second stage 
opens a small valve that in turn opens a larger valve. When you stop inhaling 
from the regulator, the diaphragm returns to its normal position, and the valves 
close. A pilot valve delivers air up to four times more easily than a downstream 
valve. But pilot valves are more expensive to manufacture and service than 
downstream valves, and in shallow water, you may experience the effect of 
shuddering air movement with a pilot-valve regulator. 

All regulators have a purge button or area on the regulator that you depress 
to manually open the second-stage valve. Use the purge to test the regulator, to 
expel water and debris from inside the second stage, and to relieve the pressure 
in the regulator after you close the tank valve. 

The location of the exhaust valve varies. The exhaust valve may be at the 
bottom, the side, or the front of the second stage. The position of the exhaust 
affects the bubble pattern and the clearing of the regulator when it has water 
inside and the mouthpiece is in your mouth. Some regulators direct exhaust 
bubbles by means of an exhaust tee. You will learn more about regulator posi- 
tioning for clearing in chapter 6. 

A regulator is either right-handed, left-handed, or bidirectional, referring to 
the direction from which the regulator hose must come when the regulator is 
in your mouth. For example, the hose must come from the right side when you 
are using a right-handed regulator. The hose may come from either side when 
you are using a bidirectional regulator. The directional configuration is important 
only for knowing how to orient the regulator when you place it in your mouth. 
Figure 4.29 shows the possible directional configurations. 

Some second-stage casings feature strong, light, durable materials that do 
not bend or corrode as metal does. Several types and styles of mouthpieces are 
available. Use a soft, comfortable mouthpiece that does not cause jaw fatigue. 
A repair technician can replace mouthpieces quickly and easily. 


_~_@& &— 


Figure 4.29 Scuba regulators have different configurations. 
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Regulator Accessories 


A regulator hose is flexible but has rigid metal connectors crimped onto the ends. 
The points where the hose and the metal meet are stress points because the hose 
fibers strain against an unyielding surface. To prevent the breakdown of the hose 
fibers at the stress points, you should use hose protector sleeves. Ata minimum, 
equip all regulator hoses with hose protectors at the first-stage end of each hose. 

Padded regulator bags help protect your regulator during transportation or 
storage. The bag should be large enough to accommodate the regulator and all 
hoses without bending the hoses sharply. 

Adapters allow you to use DIN-fitting regulators on standard cylinder valves. 
Use protective covers for the threads on DIN fittings. 

Purge depressors are a built-in feature on some regulators and an accessory 
for regulators that do not have them. A purge depressor partially depresses the 
purge button to remove bias spring pressure from the second-stage valve when 
you are not using the regulator, thus extending the life of the valve seat. 

Colored second-stage covers allow you to color-coordinate your regulator with 
your other equipment. Other accessories include various mouthpieces and hose 
adapters (as previously mentioned). 


Regulator Selection 


It takes effort to inhale and exhale through a scuba regulator. Effort is needed 
to overcome resistance; good regulators have minimal breathing resistance. 
Compare the performance data for various regulators, and select one that lets 
you breathe easily over a wide range of tank pressures, which implies a balanced 
first stage. 

Choose a widely used and easily serviced regulator. You should get a regula- 
tor that can be serviced by facilities anywhere you happen to be and that uses 
readily available parts. 

The type of diving you do should affect your selection. If you plan to do most 
of your diving from shore, you should avoid a pilot-valve second stage, which 
is adversely affected by sand and dirt. Diaphragm first stages are a better choice 
if most of your diving is from shore. 

If you do not have a scuba tank, consider purchasing the tank and regulator 
at the same time so that you can match the fittings of the regulator and the cyl- 
inder valve. If you will be diving in water that is near freezing, you should select 
an environmentally shielded regulator. Remember that enriched-air nitrox and 
mixed gases require specially cleaned and dedicated regulators. 


Regulator Care and Maintenance 


Your regulator is a precision instrument; it requires care and maintenance to 
ensure the best possible performance. Keep sand and dirt out of your regulator. 
Do not allow salt crystals to form inside. Soak your regulator in clean, fresh, warm 
freshwater as soon as possible after diving in the ocean. You need to remove salt 
before it dries. If you cannot soak your regulator, you should at least rinse it. A 
combination of soaking and rinsing is best. Follow these rules when rinsing or 
soaking a regulator: 


° Keep the inside of the first stage dry. The purpose of the dust cover on the first 
stage is to keep out water and dust. Develop the habit of replacing the dust 
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cover and securing it in place with the yoke screw anytime you do not have the 
regulator attached to a tank. Make certain the dust cover is in place before you 
rinse or soak a regulator. 


o Allow low-pressure water to flow gently through the second stage and also into the 
openings on the first stage. High-pressure water can force dirt or grit into crevices, 
where it causes damage. Gentle pressure washes the dirt away. 


°o Do not press the purge button when you rinse the second stage unless the regula- 
tor is pressurized. If you do not pressurize the regulator and you press the purge 
button while water is inside the second stage, you open the second-stage valve 
and allow water to flow through the hose into the first stage. 


When the regulator has dried thoroughly, lay it flat for storage. For prolonged 
storage, place the regulator in a plastic bag to help protect it against the harmful 
effects of smog. Do not bend the hoses sharply because bending damages hose 
fibers. Replace hoses that are cut, bulging, or leaking. 

You can avoid most problems with your regulator by having it serviced annu- 
ally. Have your regulator serviced even if it seems to be functioning properly. 
Failure to invest in regular service can affect your safety and shorten the life of 
your regulator. 


Alternate Air Sources 


Several equipment options can help if you run out of air underwater (although 
running out of air is due only to sheer negligence). Your best option is an alternate 
air source (AAS), which is a source of compressed air other than your primary 
scuba regulator. An AAS is valuable if your primary source of air begins free- 
flowing or leaking during a dive; you can switch to the AAS and make a normal 
ascent. The two primary types of alternate air sources are extra second stages and 
backup scuba units. An extra second stage allows two divers to share air without 
passing a single mouthpiece back and forth. Backup scuba units are fully redun- 
dant scuba systems that provide an independent source of air in an emergency. 
You are not dependent on a buddy to provide air when you are equipped with 
a backup system. Extra second stages are less expensive than backup scuba units 
but do not provide the benefits of an independent scuba system. 


Extra Second Stages 


2 
Two types of extra second stages are PY | 1 a 
available. The first is an extra second a T _| —So 
stage for your regulator; the second is | At} | 
a BC low-pressure inflator that has an 
integrated regulator second stage (see 
figure 4.30). An extra second stage, or 


octopus, should meet the following 
criteria: 


o The first stage of the regulator 
should be capable of meeting the 
airflow demands of two second 
stages. 





Figure 4.30 Extra second stages. 
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o The hose on the extra second stage should be several inches longer than 
the hose on the primary second stage. 


o The extra second stage should attach to your chest area in such a way that 
your buddy can remove it quickly and easily. Do not allow the extra second 
stage to dangle. 


o The attachment device should cover the mouthpiece opening of the extra 
second stage to prevent the regulator from free-flowing and to keep dirt 
and debris from getting inside. 


o The extra second stage should be brightly colored for easy identification. 


A regulator second stage may be integrated into a BC low-pressure inflator 
in one of two ways. The BC inflator can have a built-in regulator second stage, 
or quick-release hose fittings on the regulator second stage can allow it to be 
connected in series in the low-pressure hose leading to the inflator assembly. 
Both types of extra second stages have advantages and disadvantages. An inte- 
grated second stage requires one less hose on your regulator because a single 
hose provides air for both the extra second stage and the BC inflator. When you 
must share air and you have an integrated second stage, you must breathe from 
the integrated second stage because the hose is too short for your buddy to use. 
With an extra second stage, you or your buddy can use either air source. Extra 
second stages integrated into the BC inflator may leak air. To stop a leak, you 
must disconnect the low-pressure air, thereby losing the functions of the low- 
pressure inflator and the extra second stage. 


Backup Scuba Units 


Two types of backup scuba units are 
available. A pony tank is a small 
(about 13- to 20-cubic-foot, or 368 
to 566 L) scuba cylinder with a 
separate, standard regulator. 

You clamp a pony tank to 

the side of your main scuba 
cylinder. A Spare Air unit 

is a smaller (2 to 4 cubic 

foot, or 57 to 113 L) scuba 

cylinder with a special 
regulator integrated 

directly into the valve. 

A pony tank provides an 

adequate supply of air 

for many situations, but 

a Spare Air unit provides 

only enough air to permit Pony tank 
an ascent from shallow 

depths. On the other hand, 

a Spare Air unit is small and 

light, whereas a pony tank is 

bulky and heavy (see figure 

4.31). Figure 4.31 A pony tank and a Spare Air unit. 





Spare 
Air unit 
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Alternate Air Source Care and Maintenance 


AAS equipment should receive the same care and maintenance as your primary 
scuba equipment. Some divers attempt to save money by having only their pri- 
mary scuba equipment serviced annually. This is false economy. AAS equipment 
needs servicing just as much as primary scuba equipment does. 


Instrumentation 


You move in three dimensions in water the way a pilot does in air. Instruments 
are important safety requirements for flying. A pilot needs information about 
altitude, direction, time, and amount of fuel remaining. Similarly, you need infor- 
mation about depth, direction, time, and amount of air remaining. The minimum 
instrumentation you need is a depth gauge, an underwater timer, a submersible 
pressure gauge (SPG), and a compass. A dive computer is highly recommended. 
All required instrumentation can be provided by a single integrated device. 


Depth Gauges 


To tell how deep you have descended, you can use one of four types of depth 
gauges: a capillary gauge, a Bourdon tube, a diaphragm gauge, or an elec- 
tronic gauge. Manufacturers calibrate depth gauges in seawater. Most mechani- 
cal gauges do not indicate the correct depth in freshwater, but they indicate the 
equivalent seawater depth if you use them starting at sea level in freshwater or 
if they adjust for altitude pressure changes. The reading of gauges in freshwater 
is acceptable because tables for time limits at various depths are based on sea- 
level depths. Table 4.5 compares the four types of depth gauges. 

A capillary depth gauge is a simple instrument. It is a hollow, air-filled, trans- 
parent plastic tube sealed at one end and placed around a circular dial. The 
open end of the tube aligns with zero on the gauge dial. A capillary gauge uses 
the principle of Boyle’s law. Water pressure compresses the air inside the tube 
during descent. The position of the air—water interface inside the tube relative 


Table 4.5 Depth Gauges 


Type Accuracy Advantages Disadvantages 

Capillary Accurate only to Rugged, inexpensive Can clog with debris 
depth of about or air bubbles 
40 ft (12 m) 

Bourdon tube Reading accurate Accurate Can be damaged by 
within 1% to 2% reduced pressure at 

altitude 
Diaphragm Very accurate Can adjust zero Expensive 


setting for pressure 
changes at altitude 


Electronic Reading accurate Gauge may zero Must have sufficient 
within 6 in. (15 cm) itself to compensate battery power; 
for changes in expensive 
atmospheric 


pressure 
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to markings on the dial indicates the depth. At two atmospheres of pressure, the 
air column in the tube compresses to one half its original length. 

A Bourdon tube is a thin metal tube formed into a spiral. The tube may be 
open to the water, or it may be closed and placed inside a housing filled with 
oil. Oil-filled Bourdon gauges are more popular than open-tube gauges. Pres- 
sure on an open-tube gauge begins to straighten the tube and increases the coil 
diameter. The straightening produces a spiral movement of the tube, which is 
linked mechanically to a needle to indicate the depth. Water pressure causes 
the coil of a closed-tube gauge to decrease in diameter. The movement of the 
coil, linked mechanically to a needle, indicates the amount of pressure exerted 
on the gauge. 

The accurate but expensive diaphragm gauge uses elaborate mechanics to 
connect a thin, movable diaphragm to an indicating needle. Electronic depth 
gauges, also accurate and expensive, use a pressure sensor (transducer), electri- 
cal circuitry, a display, and a battery to indicate depth. 

A maximum-depth indicator is a desirable feature for depth gauges. As you 
will learn in chapter 7, you must know the depth ofa dive for planning purposes. 
A digital depth gauge retains the maximum depth you attain. The instrument 
displays the information until the next dive or for 12 or more hours after a dive; 
it then resets automatically. Many modern depth gauges with needle displays 
have a thin indicating wire that the gauge needle pushes along the dial face. 
When the needle retreats, the wire remains at the highest point reached on the 
dial. You can reset the indicating wire by turning a screw on the dial face. When 
you use this type of gauge, you must remember to reset the maximum-depth 
indicator before each dive. 


Underwater Timers 


You can use either an automatic or a manual underwater timer to keep track 
of time during a dive. Either type may indicate time with hands on a dial or 
with a digital display. Pressure activates automatic timers, which start timing at 
a depth of about 3 to 5 feet (1 to 1.5 m) and stop timing when the depth is less 
than that. Automatic timers are better than watches because you do not have 
to remember to start or stop the timing of your dive, although you have to reset 
some watch-type automatic timers before a dive. Waterproof watches that you 
can use as underwater timers usually feature a rotating bezel, a movable ring 
that you can set to indicate elapsed time. Digital watches are accurate, but their 
small buttons can make them difficult to operate. The best timers are electronic 
automatic timers, which can keep track of how long you dive, how long you are 
at the surface between dives, and how many dives you make. You do not have 
to remember to reset or activate anything when you use an automatic electronic 
timer. Dive computers track underwater time precisely. Some computers can 
display a timed profile of the dives that you make. 


Dive Compasses 


Rarely can you see more than 100 feet (30 m) underwater, so a navigational 
aid can be valuable. If you dive without a directional reference, you can end 
a dive a long distance from your planned exit point. A dive compass can help 
you avoid long surface swims or swims through thick surface canopies of water 
plants. You can use a compass to navigate beneath the canopies, where there 
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are passages through the plants. A compass is also useful for relocating a precise 
area underwater and as a surface navigation device if fog arises. 

Three types of compasses are card types, needle types, and electronic. Card 
and needle compasses are mechanical. Magnetic deposits in the earth near the 
North Pole attract either a magnetized disk or a magnetized needle to provide 
a directional reference. The compass card or needle can deviate from its correct 
alignment if it is in close proximity to ferrous metal or a source of magnetic 
forces such as a magnet or electrical motor. 

The earth’s magnetic field varies in different locations, and the variations 
affect the balance of the compass card or needle. Some manufacturers offer 
compasses balanced for different zones of the earth. A good compass has a good 
tilt potential of plus or minus 30 degrees. Be sure to ask about balancing when 
selecting a compass. 

Diving compasses have liquid inside to dampen the swinging of the needle or 
disk. To be useful for diving, a compass needs a reference line, called a lubber 
line, to indicate the direction of travel relative to the needle reference. Another 
desirable feature is a rotating bezel with bracketing index marks that allows you 
to mark the needle position for a specific direction. 

You view some compasses from the top and some from the side. Side-reading 
compasses display the course in a window on the side of the instrument. You 
look across a top-reading compass. You will learn how to read and use a compass 
in chapter 6. 

Digital compasses are 
usually an integrated com- 
ponent of a dive com- 
puter (see figure 4.32). 
The direction of travel is 
displayed both graphically 
and numerically. A heading 
(desired direction) can be 
set and the device will indi- 
cate any correction needed 





to remain on course. Bear- ‘ . 3 
ings can be stored in a Figure 4.32 Console with computer and SPG (left) 
memory device. and electronic dive compass (right). 


Submersible Pressure Gauges 


An SPG is analogous to the gas gauge of a car and is just as essential. The SPG 
measures scuba cylinder pressure. You can use either a mechanical or an elec- 
tronic SPG. A mechanical SPG is a high-pressure Bourdon tube. High-pressure air 
from the cylinder passes through the regulator first stage, through a high-pressure 
hose, and into a Bourdon tube inside a housing at the end of the high-pressure 
hose. The pressure tries to straighten the spiral tube, which moves a needle on a 
dial to indicate the tank pressure. Physical shock can damage a mechanical SPG. 

An electronic SPG has a pressure sensor (transducer), circuitry, a battery, and 
a display. It is a form of a high-pressure depth gauge. The display may be digital 
or graphic. Either a symbol or numbers (in pounds per square inch, atmospheres, 
or bars) indicate the amount of air in your tank. If the electronics get wet or if 
the battery dies, an electronic SPG will not function. Some electronic SPGs are 
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hoseless—they do not require an air hose between the cylinder and the gauge, 
which usually serves multiple functions (dive computer, compass, and SPG). You 
should retain at least 300 to 500 psi (20 to 34 atm) in your tank at the end of a 
dive. Mechanical SPGs typically have a red area on the dial for the last 500 psi. 
When you dive, you should monitor your air supply and make sure that you 
surface before the needle gets into the red area. Electronic depth gauges usually 
warn of a low supply of air by blinking the display. 

An SPG has a blowout plug to relieve pressure in the housing in the event 
of a high-pressure leak. Identify the blowout plug on your SPG, and do not 
place anything over the plug that will prevent it from functioning. If the plug 
cannot come out to release high pressure inside the SPG housing, the face of 
the instrument can explode. 


Instrument Consoles 


You can purchase diving instruments individually or in combination. It is conve- 
nient to combine several gauges into a display unit called a console. An instru- 
ment console attaches to the high-pressure hose coming from your regulator 
first stage. When your instruments are in a console, your arms are free of gauges, 
and dive preparations are quicker. 

The two types of instrument consoles are mechanical and electronic. A 
mechanical console contains an SPG and a depth gauge. Some also contain an 
underwater timer, a compass, and a thermometer. The instruments usually fea- 
ture luminous displays, which are easy to read in low light. 

With an electronic console, all instrument information is in a single display 
(see figure 4.32). If one gauge fails in a mechanical console, the remainder can 
still function; but when an electronic console fails, all the information provided 
by the unit is lost. Electronic displays are difficult to read in the dark unless they 
feature some type of illumination. 


Dive Computers 


A dive computer is an electronic instrument with a pressure sensor, electronic 
circuitry, a battery, and a display. A programmed computer inside the instrument 
uses pressure and time information to continuously calculate the uptake of nitro- 
gen by various compartments that have different half-times. A half-time is the 
length of time required for a mathematical model (compartment) to increase or 
decrease its gas absorption or elimination by one-half. A compartment—which 
resembles, but does not duplicate body tissues—is completely saturated or 
desaturated in six half-times. When the absorption by any one of a computer’s 
compartments reaches a predetermined level, the device indicates that you are 
approaching the time limit after which a direct ascent to the surface will no longer 
be possible. On reaching that time limit, the computer indicates a minimum 
depth—a ceiling—that you cannot exceed during ascent. You risk decompression 
sickness unless you wait until the computer indicates that sufficient outgassing 
has occurred to allow you to continue your ascent. A dive computer provides 
extremely accurate time and depth information. Other common features are a 
low-battery warning, a rapid-ascent warning, a dive log mode, a dive-planning 
mode, and information about flying after diving. Additional information about 
dive computers is provided in chapter 7. 
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Instrument Care and Maintenance 


Physical abuse can damage instruments, so protect your instruments from shock. 
Secure your console instead of allowing it to swing freely. 

Heat or prolonged exposure to hot sunlight can cause oil in a liquid-filled 
gauge to expand and break the seal on the housing encasing the instrument. If 
you break the seal, you must have the gauge repaired. Hot water in a whirlpool 
or a shower can cause an underwater timer to expand, break a seal, and allow 
water inside. Do not subject diving instruments to high temperatures. 

Have air leaks in SPGs repaired at the first opportunity. Have your depth gauge 
tested for accuracy from time to time by a professional repair facility, or com- 
pare your gauge with an extremely accurate instrument, such as a digital depth 
gauge. Follow all the manufacturer’s recommendations. Reduced pressure at 
elevations above sea level can damage some instruments. Unless an instrument 
is designed for use at altitude, pack it in an airtight container for flying. Soak 
and rinse instruments with clean, fresh water after use. Give special attention 
to pressure-sensing areas to prevent them from becoming clogged with dirt or 
salt crystals. 

Electronic gauges require batteries. Some gauges must be returned to the 
manufacturer for battery replacement. Gauges that permit the consumer to 
replace batteries will flood if the batteries are not replaced properly. 


Dive Knives and Accessories 


This section addresses some addi- 
tional required and optional 
equipment. Figure 4.33 shows 
examples of a dive knife and other 
dive accessories. 


Dive Knives 


A dive knife is a required equip- 
ment item. Lines and cords in 
water can cause entanglements, 
so you must have a knife to cut 
yourself or your buddy free if 
necessary. 

The many designs of dive knives 
include large knives and small Figure 4.33 Dive knives and accessories. 
knives. A small knife positioned 
where you can reach it easily is better than a large knife that you cannot reach. 
The most important feature of a dive knife is an effective cutting edge. Good 
blades are corrosion resistant and hold a sharp edge; serrated blades cut lines 
more effectively than straight blades. 

Some knives are multipurpose tools designed for prying, digging, pounding, 
and measuring in addition to cutting. If you have a multipurpose knife as a diving 
tool, you should also have a small, separate dive knife. 

A dive knife comes with a sheath, which has some means to lock the knife 
in place. Make sure the sheath lock is reliable to prevent losing a knife. You 
can attach a small knife to your leg, your arm, your console, or your BC. Wear 
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a large knife on the inside of your leg and secure it with straps that stretch to 
compensate for exposure suit compression. 

To prevent corrosion, rinse your dive knife after diving. Inspect the edge for 
sharpness, remove any rust, and coat the blade with grease. 


Accessories 


You are likely to need several small, but important, accessory items. These items 
include a gear bag, a dive flag and float, dive lights, dive kits, signaling devices, 
dive slates, and a diver’s first aid kit. 


Gear Bags 


You need so much equipment for diving that you also need a means to carry it. 
Gear bags can be simple or complex. They can feature multiple compartments, 
padding, novel ways for carrying or moving, sealed fabric edges, and various 
fabrics. The best type for you depends on your needs and how much you want 
to invest. Be sure to get a bag with webbing handles that completely surround 
the bag to provide full, durable support. No matter what your budget, you need 
a gear bag for your equipment. 


Dive Flags and Floats 


In many areas, local law requires the use of a dive flag while diving. In the United 
States, the traditional dive flag is a red flag with a white diagonal stripe (see figure 
4.34). The flag is usually vinyl, mounted on a fiberglass staff, and stiffened with 


National 









International 


Figure 4.34 Dive flags. 
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a wire so that it stands out from the staff at all times. In addition to the red and 
white flag, you should use the international Alpha flag—a swallow-tailed blue 
and white flag—when diving from a vessel. The Alpha flag is a general dive flag 
in countries other than the United States. 

Unless you are diving from a boat, you need a float to support your dive flag. 
Some flagstaffs have a float attached. You can also get attachments to secure a 
dive flag to an inner tube. Another option is a flag-holding canvas covering for 
an inner tube. 


Dive Lights 


A dive light can increase your diving enjoyment. Light levels are low underwater, 
and a light restores color to objects at depth and allows you to peer under ledges 
and into holes. You can see and enjoy much more when you use a dive light. 
The many types of dive 
lights available include 
large, powerful, recharge- 
able lights and small lights 
that use disposable batter- 
ies. Consider a small dive 
light initially. A large light 
is for night diving, which 
is an advanced activity. A 
small light is easy to carry 
and is useful both for day 
dives and as a backup light 
for night diving. Many of 
today’s small dive lights are 
bright and compact (see 
figure 4.35). Maintain your 


dive light according to the Figure 4.35 Dive lights are useful during the day or 
manufacturer’s instructions. night to restore color visibility and illuminate dark places. 





Kits 

Two equipment kits are recommended: a dive kit and a save-a-dive kit. The dive 
kit contains items you use frequently for diving. The save-a-dive kit contains 
items you may need to salvage a dive. See the Equipment Kits sidebar for items 
that you might include in each kit. Because the items in your dive kit are small 
and get wet, you may want to keep them in a container by themselves so you 
can find them easily. 

Once you get yourself and your equipment to a dive site, you don’t want a 
minor equipment problem to keep you from diving. A broken strap, a missing 
O-ring, and a torn mouthpiece are examples of problems that can stop you from 
diving unless you have spare parts. Keep save-a-dive items in a waterproof box. 
Do not mix wet items from your dive kit with dry items in your save-a-dive kit. 


Dive Slates 


You need to record and refer to information around and in the water when 
you dive. Plastic slates are better than paper because water does not affect the 
slates. You can write on dive slates with a standard lead pencil or a grease pen. 





Ms Equipment Kits 


Dive Kit 
o Defogging solution for your mask o Seasickness medication 
© Lip balm o Sunscreen 
o Wet suit shampoo 
Save-a-Dive Kit 
o Mask strap o Twine 
© Regulator mouthpiece °o Weight keepers 
o Fin strap o Duct tape 
© Crescent wrench o Superglue 
o Snorkel keeper o Extra batteries 
© Screwdrivers o Heavy nylon thread and heavy-duty needles 
o Tank valve O-rings o Neoprene cement 
© Cable ties o Fiberglass cast tape for temporary repairs 
© Quick-release buckle 


Dive slates include checklist slates, reference slates, logbook information transfer 
slates, and writing slates. All types have value. You will probably have several 
slates when you become an experienced diver. Initially, you should have an 
equipment checklist, a dive-planning slate, and an underwater writing slate. 


Signaling Devices 


Long-range signaling devices are invaluable if you become adrift, especially in 
areas where currents are strong. You should have a whistle readily available. 
A whistle is more effective than shouting to gain attention. The sound from a 
whistle does not require much energy to produce, and it travels well over water. 

A diver’s air horn, powered by low-pressure air, works with as little as 50 psi 
(3.4 atm) of tank pressure and produces a sound that can be heard up to a mile 
away. Although this device is small, it is so loud that you must point the horn 
away from yourself to avoid hearing damage. 

You can get long, bright, thin, inflatable safety tubes that fit easily into your 
BC pocket. Inflate a safety tube at the surface to make yourself easier to spot in 
the water. 

You can use a signal mirror to flash sunlight long distances over water. Other 
forms of signaling devices for divers are flashlights, strobe lights, and waterproof 
flares. The greater the chance of being caught in a current, the greater your need 
for signaling devices. 


Diver's First Aid Kit 


Diving takes place in remote areas, and because it is a physical activity, someone 
may be injured. You need to be prepared for an emergency. You should have 
a first aid kit at the dive site. See the First Aid Kit sidebar for items that should 
be included in a standard first aid kit. Pack the items in a waterproof container. 
Chapter 6 addresses the use of the first aid items. 
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Conclusion 


I really hope the Basic Soldering Guide will give you the confidence to try your 
hand at electronic soldering. It’s really a lot easier than it sounds, and armed with the 
guide’s advice and photographs, the next thing to do is invest in a decent-quality soldering 
iron such as the excellent range manufactured by Antex that will serve you well for years 
to come. 


Soldering an electronics kit together such as the professional designs produced by 
Velleman is a great way of testing out your new skills. Start with a small, simple kit 
costing a few pounds to gain confidence and experience, and avoid the temptation to 
tackle something too complex until you’re ready to extend yourself further. 


Feedback is welcomed by email to alan@epemag.demon.co.uk 


You can learn more about me at www.alanwinstanley.com or read my column in 
EPE Magazine. 


Good luck with your soldering! 


Alan Winstanley 


Text and Photographs © Copyright © Alan Winstanley 1997-2013 








es First Aid Kit 


Rescue breathing mask Baking soda 

Tweezers Diving first aid book 

Seasickness medication Analgesic and antiseptic ointment 
Bandage scissors Space blanket 

Isopropyl] alcohol Hot packs 

Penlight Pen and small notebook 
Hydrogen peroxide Eyewash 

Coins for emergency phone calls Rubber band tourniquet 

White vinegar Triangular bandages 


Emergency contact information 
for diving accidents 


Specialized Equipment 


Other specialized equipment for scuba diving includes nitrox (oxygen-enriched 
air) equipment, mixed-gas equipment, and rebreathers. This equipment permits 
divers with specialty training to obtain longer dive times. The risks associated 
with the use of specialized equipment make training and adherence to the rules 
pertaining to its use absolutely essential. 


Enriched-Air Nitrox (EANx) 


Breathing gas that contains levels of oxygen greater than the 21 percent found 
in air provides benefits for divers. Higher oxygen levels reduce the amount of 
nitrogen absorbed, thereby reducing the problems posed by decompression illness. 
However, divers must know the technical requirements and dangers associated 
with the use of EANx. Dedicated equipment and specialty training are essential. 

Filling standard cylinders with EANx is not permitted. Nitrox equipment is 
clearly marked to differentiate it 
from standard scuba equipment 
(see figure 4.36). Nitrox blend- 
ing stations are available at many 
modern dive facilities. Standard 
blends of nitrox are EAN32 and 
EAN36, which contain 32 and 36 
percent oxygen respectively (also 
called Nitrox32 and Nitrox36). 
Nitrogen and oxygen are blended 
together during the filling process, 
but the final mixture may not 
be exact. Divers need to test the 
oxygen percentage of the gas in 
their cylinder before diving. The 
divers use a handheld oxygen 
analyzer to ensure that the oxygen 
level is acceptable. 

If you breathe oxygen at a Figure 4.36 _ Nitrox tanks have explicit mark- 
partial pressure that is too high, _ ings to differentiate them from standard cylinders. 
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convulsions can occur. Partial pressures of oxygen must be kept within safe limits 
(1.4 to 1.6 atm or bars). For this reason, there are maximum operating depths 
(MODs) for nitrox diving. The MODs for EAN32 and EAN36 are 110 feet (33.5 
m) and 95 feet (29 m) respectively. These are absolute depths and must not be 
exceeded. Additionally, divers must determine equivalent air depths (EADs) 
for decompression. Modern dive computers allow divers to select the type of 
breathing gas being used. The computers automatically calculate EADs and are 
recommended for mixed-gas diving. 

Dive operators and gas blending facilities require proof of specialty training 
for the use of EANx. Training is widely available. 


Technical Diving 


This form of diving is even more specialized than the use of enriched-air nitrox 
because it involves the use of mixed gases and highly technical equipment. 
Breathing gases include helium, neon, nitrogen, and oxygen; these gases are 
mixed in various quantities depending on the depth. Obviously, divers need 
substantial training before they attempt this method of diving. Some gas mixtures 
will not sustain life until the partial pressure of the oxygen in the mix increases 
with depth. In this instance, technical divers must use travel tanks to reach a 
safe depth before switching to the low-oxygen mixture in the primary unit. The 
principal goal of technical diving is to allow divers to exceed recreational depth 
and time limits. Technical diving has greater risks than recreational diving, but 
many consider the rewards worth the risk. 

Some technical divers use multiple large-capacity cylinders for open-circuit 
scuba diving. Others use complex and expensive closed-circuit rebreathers 
(CCRs) to obtain greatly extended dive times. Rebreathers, which use a mixture 
of oxygen and inert gas, allow exhaled oxygen to be breathed repeatedly until 
it is metabolized. Additional oxygen is added as needed to the inert gas in the 
system to maintain required levels. Exhaled 
carbon dioxide is absorbed by a canister called a 
scrubber. Oxygen replacement may be controlled 
automatically by a central processing unit or may 
be controlled manually by a valve. The result, 
which is not affected by depth, allows a diver to 
remain submerged for hours at a time or to make 
multiple dives with a single fill of breathing gas. 
Figure 4.37 illustrates a modern CCR. 

Dive preparation and predive procedures 
vary greatly from open-circuit scuba diving. For 
example, a diver needs to prebreathe a CCR to 
activate the absorption process of the carbon 
dioxide scrubber. This procedure can take sev- 
eral minutes and is affected by the temperature 
of the absorbent. The diver also needs to check 
the unit’s calibration at a depth of 20 feet (6 m) 
during descent. Changes in the gas mixture that 
are made during ascent must be managed bya Figure 4.37 CCR 2000 
central processing unit or managed manually by _ rebreather. 
the diver. This truly is technical diving. Courtesy of Dan Wible. 











SCUBA WISE 


If you want to avoid diving accidents, you should use familiar, correctly fitting, well-main- 
tained dive equipment the way that it is intended. As | look back over several decades of 
dive experience, | can recall many instances when divers got into trouble because they 
did not follow the essential equipment safety procedures summarized in the previous 
sentence. Diving allows us to explore an alien environment using life-support equipment. 
Modern scuba equipment is manufactured well, but you must take care of it and have it 


serviced periodically to keep it functioning properly. Would you even consider going into 
outer space with life-support equipment that was not carefully maintained and serviced? 
We go into inner space when we dive. Our life-support equipment is just as vital to us as 
an astronaut’s. 

Equipment problems while diving do arise, but equipment failure is rarely the cause of 
an accident. Problems cause anxiety and stress. A diver experiencing stress from environ- 
mental factors and fear may panic from the added stress that a minor equipment problem 
might pose. Learning to manage yourself and your equipment helps you reduce stress, 
avoid panic, and prevent an accident. One of the most important rules of accident-free 
diving is to have good, familiar equipment that is in good condition and to use it properly. 





Oxygen levels are managed by employing multiple sensors, which are accurate 
devices when maintained and calibrated. Current CCRs lack reliable carbon diox- 
ide sensing devices. Carbon dioxide toxicity can be fatal, and a diver’s symptoms 
are not a reliable indicator. This problem requires the usage time of the carbon 
dioxide absorbent to be monitored and the absorbent must be discarded when 
time limits (based on statistical tests) have been attained. 

Because CCRs are expensive, must be used frequently, and require extensive 
maintenance, they are used by relatively few divers. But the advantage of greatly 
extended dive times appeals to many divers, so the popularity of rebreathers is 
increasing. 


Summary 


Diving involves a great deal of equipment. You are beginning to understand the 
equipment you need to have, how to select it, and how to care for it. You will 
learn more about equipment from your instructor, from retailers, from magazines, 
and from other divers. Get good equipment, and give it the best care possible. 
Diving is not enjoyable if you have constant equipment problems. 
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Application-of-Knowledge (AOK) Questions 


alr 


Diving equipment is expensive. What are the best procedures to follow that 
will increase the life of your equipment? 


. What two concerns are most important when selecting diving equipment? 
. You were unaware that your regulator was free-flowing behind you at the 


surface at the end of a dive, and your tank lost all of its air. When you move 
your tank after the dive, you feel water sloshing inside. How was the water 
able to get into your cylinder? 


. You have weighted yourself to be weightless in water and are able to sink with 


your BC deflated just by exhaling. At the end of the dive you are unable to 
stop your ascent as you near the surface, even when you exhale completely. 
What is causing this undesirable change in buoyancy? 


. You are diving in a dry suit. You have added air to the suit to maintain a con- 


stant volume as you descend. You find a small anchor on the bottom and 
decide to salvage it. You pick up the anchor and carry it with you. To offset 
the weight of the anchor, you add more air to your dry suit. Why is this action 
a dangerous practice? 


. You and your buddy are practicing compass navigation by swimming a 


compass course. You place your compass next to your buddy’s to compare 
headings and proceed along your planned course, but you missed your mark 
and had to surface. You find that you swam in the wrong direction. What 
caused this error? 


. What is the best way to remove salt, debris, or chlorine from you diving 


equipment? 


. Ascuba regulator can have four or five hoses attached to the first stage. Can 


you think of the purposes of these hoses? 


. What are the best reasons for having good dive equipment and maintaining 


it properly? 
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Dive In and Discover 


By the end of this chapter, you will 
be able to do the following: 


© Describe the aquatic food cycle 


Aquatic Biology 


The plants and animals of the underwater world are 





and explain how the process 
contributes to red tide. 


List five types of aquatic life 
injuries and three ways to avoid 
such injuries. 


List four types of pollutants and 
describe the effects they have 
on the underwater environment. 


List three actions that divers 
can take to help preserve 
aquatic life. 


List five ways to keep from 
damaging the environment while 
you are underwater. 


Contrast the general diving 
conditions for freshwater diving 
and saltwater diving. 


Describe the hazards of cavern 
diving, cave diving, and ice 
diving. 

Explain the cause of tides and 
their effects on diving activities. 


Explain the cause of waves and 
surf and their effects on diving 
activities. 


Explain the causes of currents 
and their effects on diving 
activities. 


Describe a rip current and 
explain how to escape from one. 


Define the terms plankton, 
bloom, red tide, kelp, stipes, 
fronds, ciguatera, scombroid, 
tetrodotoxin, thermocline, 
overturn, reverse thermocline, 
upwelling, eddies, cavern, cave, 
sink, siphon, turbid, continental 
shelf, tsunami, stand, spring 
tide, neap tide, flood, ebb, 
slack water, fetch, swell, 

crest, trough, wave height, 
wavelength, wave period, 

wave train, surge, surf, gyres, 
downwelling, rip current, drift, 
set, drift dive, and trail line. 


wondrous and diverse. The millions of animals in the 
aquatic realm range from those that are microscopic to 
those weighing tons. To appreciate, respect, and enjoy 
aquatic life, you need to learn a bit about biology. This 
section familiarizes you with the flora and fauna of the 
aquatic realm. Aquatic life fits into three categories: life- 
forms that drift with the currents, those that swim freely 
and are able to move against the currents, and those that 
dwell on the bottom. 


Drifters 


The drifters are called plankton. Animals that drift are 
called zooplankton. Drifting plants are called phyto- 
plankton. Plankton begins the food cycle in the waters 
(see figure 5.1). Small animals eat plankton, and larger 
animals eat the smaller animals. When the large animals 
die, their remains sink to the bottom and decompose. 
The decomposed material rises to the surface, where it 
becomes food for the plankton. Warm water and nutri- 
ents cause some plankton to multiply. Overpopulations 
of plankton, called blooms, can color the water, destroy 
underwater visibility, and form toxins in animals that 
feed by filtering water. Toxin from blooms makes clams 
and mussels unsafe for consumption during summer 
months in some areas. One type of red phytoplankton 
often creates blooms, known as red tide, in the seas. 
Diving conditions are poor in areas affected by plankton 
blooms. 

Another type of aquatic plant, called algae, is an 
important part of the aquatic world. Plants use light to 
produce their own food and become food for animals. 
They convert water and carbon dioxide to oxygen and 
carbohydrates through the process of photosynthesis. 
Various types of algae are found in underwater areas 
where light is available. Most algae grow in shallow water 
where light is most abundant. Thick moss drapes objects 
in some freshwater areas. Turtle grass is a grasslike, green, 
tropical saltwater plant that provides a habitat for many 
forms of life. Some types of long, flowing algae in cold 
and shallow water, such as surf grass or eel grass, can 
cause you to trip if you try to walk in them. Slippery 
plants cover rocks and can cause you to slip and fall 
unless you move cautiously. 

Giant algae, called kelp, produce long strands, called 
stipes, in which you can become entangled. You can 
learn how to avoid and how to deal with this problem. 
A rootlike structure, called a holdfast, anchors kelp to 
the bottom; numerous gas bladders, called floats, lift 











Learning to dive gives you an opportunity 
to become more familiar with the aquatic 
environment, which covers over 70 
percent of the surface of the earth. The 
underwater world is fascinating. This 
chapter introduces you to biological 
and physical conditions of the diving 
environment. You will learn the effect 
of people on the environment and the 
effect of the environment on people. 
You affect the underwater world more 
than you might imagine. 


























the top parts toward the surface. What appear to 
be the leaves of kelp are fronds. Large areas of kelp 
are known as kelp beds, which have thick canopies that 
blanket the surface of the water (see figure 5.2). It is difficult to swim through 
a kelp canopy at the surface, but it is easy to swim between the clumps of stipes 
beneath the surface. Underwater navigational skills are important when diving 
in areas where kelp is dense. Kelp forests are popular diving areas because they 
contain great quantities of life. 
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Figure 5.1 The underwater food cycle. 
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Figure 5.2 Atypical kelp bed. 



















Swimmers 


One of the rewards of diving is seeing fish. Fish can be found in nearly all the 
waters of the world. You cannot outswim even the slowest fish, so do not chase 
them. If you want to observe fish closely, you must blend into the environment. 
Fish will get closer to you than you could ever get to them. 

Collecting for aquariums requires specialized knowledge and procedures. Most 
fish have an internal air bladder for buoyancy control. If a fish is taken to the 
surface too quickly, the air bladder expands and kills the animal. Avoid handling 
fish because the experience can be traumatic as well as physically damaging to 
the animal. And the fish's spine could injure you. 

Eating some types of fish can harm you, as some fish are poisonous. Types of 
fish poisoning include ciguatera, scombroid, and tetrodotoxin. Ciguatera 
results from eating fish that consume a certain species of algae. Ciguatera poison- 
ing causes gastrointestinal problems within 6 to 12 hours. Scombroid poisoning, 
which produces nausea and vomiting within an hour, can result if you eat fish 
that have not been kept chilled. Tetrodotoxin, the most serious fish poisoning, 
results from eating exotic fish such 
as blowfish or puffer fish (figure 5.3). 
Tetrodotoxin poisoning can cause death 
within minutes. Avoid eating large and 
unusual-looking fish. Check with local 
fishermen to determine which fish are 
safe for consumption. 

Many large mammals—sea lions, 
seals, dolphins, whales, and manatees— 
inhabit the water. They are graceful, 
beautiful, and sometimes awesome in 


Figure 5.3 Eating improperly 
prepared puffer fish can result in 
potentially fatal poisoning. 
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appearance. Viewing them is an exciting experience. Some are curious and may 
approach you. Aquatic mammals will usually not harm you in the water if you 
leave them alone. But sea lions and seals are defensive on land and might bite 
if you get too close. 


Bottom Dwellers 


Bottom dwellers include animals that are stationary, such as coral and sea fans, 
as well as animals that move about, such as crabs and lobsters. Living, station- 
ary bottom dwellers are usually not included in fish and game regulations, and 
you should not take them. Do not take coral, sea fans, and animals that appear 
stationary, such as starfish. If you hunt crabs and lobsters for food, you should 
know how to determine the gender of the animals, how to catch them without 
harming them, and how to measure them for minimum size. Do not take females, 
particularly those bearing eggs. Some divers take only one claw from a crab to 
conserve the species. A crab can feed and defend itself with one claw and can 
regenerate a new claw to replace the one taken. 


Hydroids 


If you dive in saltwater, you should know about hydroids, a category of animal 
that includes bottom dwellers, such as coral, and swimmers, such as jellyfish (see 
figure 5.4). Some hydroids, such as the beautiful sea anemone, have a round, 
columnlike body with a mouth surrounded by tentacles. This is a polyp form 
of hydroid. Another type, called the colonial form, can assume many different 






Portuguese Sea wasp 


man-of-war 








Left: Undischarged stinging cell, 
or nematocyst, of a coelenterate. 
Right: Discharged stinging cell. 
(Microscopic views) 






Some hydroids, such as 
jellyfish and fire coral, have 
stinging cells that can inflict 
painful injuries. 








The hairlike projections 
from fire coral cause 
painful stings. 







Figure 5.4 Several types of hydroids have stinging cells. 
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Scuba Diving 


Potentially dangerous aquatic animals: (a) White tip shark; (b) cone snail; (c) sea snake; and (d) jellyfish with jacks. 


Scott Frier: www.wildlifephotoworkshops.com 


shapes. Colonies of hydroids can encrust a surface, and groups of colonies form 
jellyfish. Learn to recognize and avoid hydroids that can injure you. 


Potentially Dangerous Aquatic Animals 


Aquatic animals use a variety of mechanisms to obtain food and to defend them- 
selves from attack. You can minimize your chances of injury by being familiar 
with the ways in which animals can inflict injury. Aquatic animals are rarely 
aggressive toward humans; they flee, hide, or stand still as you approach. If you 
do not touch, threaten, or provoke an animal, the animal is unlikely to injure 
you intentionally. But remember, aquatic animals are wild animals (figure 5.5). 
If you feed them, and they bite you in the process, you should not blame the 
animals. Table 5.1 lists types of injuries that you could sustain from aquatic ani- 
mals and recommended first aid. 


Animals That Cause Abrasions or Cuts 


Many animals, such as some types of coral and barnacles, have sharp, hard 
structures that easily cut flesh. Such cuts can be painful, are slow to heal, and 
can get infected. Avoid contact with reefs and rocks covered with sharp animals. 
Some fish have knifelike protrusions on their gill plates or at the base of their 
tails. They defend themselves by flailing rapidly back and forth and slashing 
anything near them. 


Animals That Puncture or Lacerate 


Sea urchins are the porcupines of the seas. Cold-water urchins have short, thick 
spines, while warm-water urchins have spines that are long and thin. The spines 
of all urchins can penetrate an exposure suit if you bump into them. The spines 
break off in your flesh and produce a painful, red, swollen wound. The spines 
can be difficult to remove, so if you are unable to avoid a sea urchin injury, see 
a physician to have the spines removed. 

Some fish have a row of long, sharp spines along their back. The scorpion- 
fish has hollow dorsal spines that have venom-filled sacs at the base. If you are 
punctured by the spines and compress the venom sacs, you inject yourself with 
a toxin. The toxin of some species, such as the stonefish, can cause serious symp- 
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toms. Some fish, such as the lionfish (also called the turkey fish or zebra fish), 
have spines in other fins. The toxin of a lionfish produces serious symptoms in 
humans. Freshwater catfish also have venomous spines. 

A shellfish called the cone shell uses venom to kill animals for food. The venom 
is highly toxic, and these animals can inject their venom into humans. Do not 
handle conical shells in tropical waters. 

Rays are bottom dwellers that are round and flat. Some rays have a sharp, 
serrated barb at the base of the tail. The rays blend into the bottom. When some- 
one disturbs a ray, it defends itself by arching its back and thrusting its barb into 
the attacker. A sheath, which often remains in the laceration wound, covers 
the barb and contains a toxin. Stingray wounds in the ankles of divers, waders, 
and swimmers are common in some areas. Avoid stingray wounds by shuffling 
your feet along the bottom as you walk. The torpedo ray, an animal found on 
the West Coast of the United States, can generate electricity. This ray can stun a 
diver, so you need to be able to recognize it. Avoid contact if you encounter one. 


Animals That Bite 


Use discretion to avoid being bitten by aquatic animals. One large freshwater fish 
that can bite is the gar. Turtles can inflict serious wounds. Muskrats may attack 
in defense, and moray eels in the ocean can deliver a serious bite. Alligators also 
have the potential to inflict an injury but have not been known to hurt divers. 

Sharks can bite, but attacks on scuba divers are nearly nonexistent. Hollywood 
has exaggerated the danger of sharks; only a few species of sharks are aggres- 
sive, and it is rare to encounter these types in the waters visited by divers. Most 
divers would be delighted to see a shark because these animals usually retreat 
from an area frequented by scuba divers. 

Retreat from snakes if you encounter them. Do not handle snakes; they can 
be extremely venomous. A sea snake’s bite can produce a life-threatening emer- 
gency. Some freshwater snakes, such as the cottonmouth, are also venomous. 
The blue-ringed octopus, while only the size of a golf ball, is one of the most 
toxic creatures on earth. Don’t allow curiosity to endanger your life. 


Animals That Sting 


Many aquatic animals can sting. Learn to identify and avoid contact with jel- 
lyfish, featherlike or whiplike hydroids, certain worms, and even some sponges. 
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Table 5.1 Potentially Dangerous Aquatic Animals 
Abrasions or cuts 
Barnacle Scrub and disinfect the wound. 
Coral 
Punctures or Lacerations 


Cone shell Soak the injured area in hot water. For a cone shell 
Sea urchin sting, apply a venous tourniquet and immobilize 

: the injured area. It is advisable to seek medical 
Venomous fish attention for injuries caused by the spines of the 
(e.g., scorpionfish, lionfish) scorpionfish family. 
Stingray 
Bites 
Barracuda Stop the bleeding; clean and disinfect the wound. 


For a blue-ringed octopus bite, apply pressure 


Blue-ringed octopus : t : 
to the wound and seek immediate medical 


Moray eel attention—it may be necessary to administer 
Sea snake rescue breathing. For a sea snake bite, apply 
Shark pressure, immobilize the area, and get prompt 


; medical attention. 
Turtle, muskrat, alligator 


Stings 

Bristle worm Soak the injured area in vinegar. 
Fire coral 

Fire sponge 

Jellyfish 


Seek medical attention as needed for any injury. 


Hydroids have tiny stinging cells, called nematocysts, that they use to kill food. 
The sting of some animals, such as encrusting fire coral, is merely annoying; but 
the sting of others, such as the Portuguese man-of-war or the box jellyfish, can 
cause a medical emergency. A tropical marine worm, called a bristle worm, has 
tufted, silky bristles along the sides of its body. The bristles, which are fine and 
brittle, penetrate the skin easily, are difficult to remove, and cause a burning 
sensation. Do not touch or handle these worms. You should wear an exposure 
suit at all times while diving in the ocean. The suit provides protection from 
stings, but be careful when you remove it. The stinging cells of marine animals 
remain active even if they are not on the animal. Parts of jellyfish and other 
animals that are on your equipment can sting if they come into contact with 
your skin when you remove the equipment. Avoid contact with any unusual 
debris clinging to your equipment after diving in salt water because it could be 
part of a jellyfish. Some jellyfish come to the surface at night in tropical waters. 
Dangerous stinging animals are seasonal in some regions. Check with local divers 
to find out what to avoid and when to be on the alert. 
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Avoiding Danger 


Many aquatic animals are potentially dangerous. Tropical waters have the most 
dangerous animals. Serious injuries to divers are not common because divers 
avoid animals that can hurt them. You should respect animals, but do not be 
overly concerned about them. Do not panic or flee just because you see a poten- 
tially dangerous animal; simply avoid contact with it. Learn to recognize the 
dangerous animals in an area, know where to look for them, be alert for them, 
and keep clear of them. Move slowly and look carefully. Shuffle your feet when 
wading. Don’t touch anything unless you know it is safe to touch it. Neutral 
buoyancy—the ability to hover—is an excellent defense against aquatic injuries. 

The biology of the underwater world is so interesting that many divers study 
it as a hobby. It is fun to learn about animals and plants and then observe them 
in their natural habitats. Some divers, fascinated with aquatic life, pursue biol- 
ogy as a career. 


Conservation and Preservation 


Life in the waters is beautiful and precious, but pollution from people jeopardizes 
life in the lakes and seas. Divers are physically ruining beautiful reefs. Unless we 
take action immediately, there is a real danger that many areas of the underwa- 
ter world will become barren and lifeless. We must preserve and conserve the 
resources of our waters. 

Because the waters are so vast, people often take them for granted. Lakes and 
seas seem too big to be harmed, but that is not the case. The underwater envi- 
ronment is fragile; the balance of nature can be upset more easily than many 
people realize. We think of the seas as being great and powerful because we see 
big waves and pounding surf. People who do not see beneath the surface may 
not realize the delicate nature of the animals that inhabit the waters. Some living 
things in the seas grow slowly, only a fraction of an inch (or centimeter) per year. 

As a diver, you can help reduce damage to the underwater world. Every diver 
should take two actions: (1) Do everything possible personally to preserve the 
diving environment, and (2) do everything possible to educate others and help 
them learn to preserve the aquatic environment. You will get closer to the aquatic 
environment than most of your friends. You will see firsthand the effects of pol- 
lution, litter, and exploitation. You will also see the beauty and abundance that 
are possible when the environment is clean and unmolested. Your influence 
in society can make a difference. If you do not become part of the solution to 
problems in the aquatic environment, you are part of the problem. 


Pollution 


Stemming pollution is one of the greatest challenges facing the world. Humans 
are incredible polluters of the environment; we have polluted the air, the land, 
and the waters. People dump billions of gallons and pounds of waste into water 
every day. People seem to think that when something is out of sight, it is no longer 
a problem. This is not true of pollutants. Sewage, industrial waste, garbage, and 
sediment have killed and are continuing to kill many underwater environments. 
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If we stopped all pollution today, the aquatic environment would continue to 
suffer for decades from the waste materials that are already in the water. 

Runoff from land that enters rivers and streams and flows into the ocean also 
causes pollution. Chemicals used in agriculture, on lawns, and in gardens cause 
death and destruction in the aquatic environment. Sediment from construction 
and drilling finds its way into water. The sediment blocks out life-giving sunlight 
and smothers bottom-dwelling creatures. 

Lakes and oceans have been viewed as bottomless toilets for waste disposal. 
There are two problems with this narrow view: (1) Animals and plants live in the 
water and are killed by the pollution; (2) the water cannot be replaced because 
large bodies of water cannot be flushed. 


Diver Impact 


As a diver, you can harm the environment in several ways. You can remove 
living things from the environment, you can smash and kill living things while 
moving about underwater, and you can stir up clouds of silt on the bottom. The 
silt can choke and kill some organisms. Good intentions can also cause problems; 
handling and feeding animals can kill them. 

You can be an effective predator underwater. Many animals are available for 
you to hunt and take. A few callous individuals kill things for sport, but respon- 
sible people take only what they will eat. Although the impact of divers is of 
little significance compared with commercial fishing, you should keep in mind 
that you do have an effect. If you spearfish on a reef, the fish in the area will 
soon be unapproachable by divers. If you want to be a predator, you must do 
so in a responsible manner. Conservation and preservation of aquatic resources 
are important topics that are discussed later in this section. 

It is difficult to resist touching animals underwater, but you should refrain 
until you know what animals may be touched and how to touch them without 
harming them. Many animals are delicate; rough handling will kill them. Preda- 
tors will eat animals that a diver removes from a protected area for viewing. 
Some animals, including fish, have a protective coating of mucus. If the coating 
is removed by handling, the animal can develop an infection and die. The stress 
of being handled by a gigantic, bubble-blowing monster may be more than some 
aquatic animals can take. Sea turtles may abort their eggs after being harassed 
by a playful diver. Do not be guilty of killing things for your amusement. After 



















SCUBA WISE 


There are similarities between the environments above and below water. Temperature, 
weather, plants, and animals change when you travel from region to region on land. We 
enjoy the variety of mountain, plain, forest, and desert regions. Similarly, the world beneath 
the water varies from region to region. The enjoyment that the various underwater environ- 
ments provide is a major reason why dive travel is so popular. 

When you go to places on land that are rugged, remote, and hazardous, you need spe- 
cial training and equipment. There are dangers everywhere you go. Careful planning and 
preparation help minimize risks and are essential. A guide makes exploration safer and 
more enjoyable. When you go diving in places that are rugged, remote, and hazardous, 
the same requirements apply. Enjoy the wonderful differences beneath the waters —coral 
reefs, vertical walls, wrecks, and so forth—but always be properly prepared and equipped 
and always obtain an orientation to a new area. 
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you learn how, you can get extremely close to animals underwater. You can 
interact with them and enjoy them without handling them. 

Feeding animals underwater was a popular activity until environmental- 
ists showed that this is harmful (not to mention dangerous). Several potential 
problems are associated with feeding aquatic animals. Unnatural food given to 
animals can interfere with their digestion. The animals may become dependent 
on the food fed to them by divers and may not be able to forage if the food 
supply is discontinued. Food can make animals overcome their natural fear of 
divers. When an animal that would normally take cover at the sight of a diver 
becomes accustomed to divers providing food, the animal will readily approach 
a diver who is a hunter. 

A diver underwater has the potential to be a bull in a china shop. Overweighted 
divers plow along the bottom with their fins pointed downward, stirring up 
great clouds of silt. Buoyancy difficulties cause divers to hold on to and crash 
into reefs and other living things. Divers who rest on the bottom crush plants 
and animals without realizing the damage. Divers who swim too close to a reef 
often kick animals to death. 


Prevention of Diver Impact 


One of the most important reasons for developing good buoyancy control skills 
is to prevent damage to the underwater environment. An environmentally 
responsible diver is properly weighted and in control of buoyancy at all times. 
Make your diving no-contact diving. You should be able to hover above a reef, 
move your mask within inches of an animal, and view it without touching any- 
thing but water and without stirring up silt. Learn to use your hands to scull 
into position while your fins remain still. Sculling is positioning achieved with 
short movements of the hands (not the arms). Buoyancy control and sculling 
are excellent skills for reducing diver impact. Figure 5.6 shows a diver sculling. 

Another way to protect the environment is to keep your equipment secured 
close to you so that it does not dangle and drag. Equipment that drags along the 
bottom for an entire dive can do a lot of damage. Streamline your equipment. 
Moving slowly underwater conserves energy and air and makes 
you less likely to come into contact with animals. This helps 
you avoid injuring both yourself and animals. 

If you must hold on to something underwater or 
push yourself away from something, you should 
look before you touch, and you should avoid 
touching anything that is living. If you must 
settle onto the bottom for some reason, select 
an area where there is no visible life. If you 
are weightless, keep in mind that one finger 
may be all you need to provide the leverage 
to move. Leave no evidence that you ever 
visited an underwater area. 






















Figure 5.6 Sculling helps 
minimize the diver’s impact on 
the aquatic environment. 
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Conservation 


Many animals that were once plentiful are nearly extinct because of a lack of 
conservation. Buffalo and passenger pigeons are good examples of this happen- 
ing on land. In some areas, this is happening to aquatic animals. Bait fish that 
once swarmed in enormous schools in some areas no longer exist. With no food 
to eat, larger predatory fish no longer frequent the areas. 

Fish and game regulations are designed to conserve natural resources. Rules 
regarding sizes, seasons, limits, and the means by which game may be taken have 
been established to help ensure an ongoing supply of a resource. Obey fish and 
game regulations, and encourage others to abide by them as well. In most areas 
you need a license to harvest fish and seafood. There are written regulations 
you need to be familiar with. Size, sex, limit, and season laws can impose a stiff 
fine if you fail to adhere to the regulations. Check with your local Department 
of Fish and Game. The rules can benefit everyone in the long run. 

If you take living things from the water, do it in a responsible manner. Avoid 
taking animals from areas that are popular dive sites. Limit hunting and collect- 
ing to remote areas where the impact of divers is much less. Take only what you 
need, not what you can get or what you are allowed. The two types of hunt- 
ers most harmful to the environment are the quantity hunter and the trophy 
hunter. The quantity hunter seeks to take as much and as many of everything 
as possible to build an image as a mighty hunter. The trophy hunter seeks the 
largest animals, which destroys the fittest of the breeding stock. If you kill an 
animal, you have a duty to know how large one must be to breed and what 
the maximum size of the animal is. You should take animals that have had the 
opportunity to reproduce, but do not take the largest ones. It is difficult at times 
to be selective, but you should attempt to conserve life. 

Nature left undisturbed maintains a balance of life. Animals are both predator 
and prey. An animal eats another animal and is in turn eaten by others. If there 
are too many predators, their population diminishes because of an inadequate 
food supply. If there is a temporary overpopulation of prey, the number of preda- 
tors increases. People upset nature’s balance. We are the most reckless predators 
of all. We disturb the food cycle with pollution, hunting, fishing, boating, and 
every other way that we affect the aquatic environment. It takes nature longer 
to recover from our impact than from any natural disaster. People must lessen 
their effect on the environment to reduce interference with the natural manage- 
ment of the life within the waters. 


Preservation 


Preservation is everyone’s business, but it is more your business now than it 
was before you became a diver. You probably know more than your friends 
and neighbors about the aquatic environment. You must be an ambassador for 
preservation. You must educate and motivate people to help preserve the diving 
environment. 

What people do above water affects life beneath the surface. What people put 
down their drains and toilets winds up in the aquatic environment, as do the 
chemicals they use on their lawns and gardens. Litter in and around the water 
kills animals, birds, fish, and shellfish Think twice about the products you buy, 
how you use what you purchase, and how you dispose of your wastes. Where 
will the toxic chemicals and waste you use end up? Be environmentally conscien- 
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tious; then teach others to be so, too. A simple act, such as the use of detergents 
without phosphates, can make a difference. Phosphates are powerful nutrients 
that upset the balance of nature when dumped into the aquatic environment. 

Be involved in your community. Be concerned about issues such as sewage 
treatment, toxic wastes, and construction, which can be extremely harmful. 
Waste products from manufacturing are also harmful. Help others understand 
the seriousness of pollution. 

Become more informed and keep informed. Join groups that are working to 
preserve the environment. Organizations such as the Ocean Conservancy, the 
Reef Environmental Education Foundation (REEF), and the Oceanic Society 
merit your membership. These groups provide up-to-date information and details 
on how you can help. Various organizations sponsor underwater cleanups from 
time to time; these are enjoyable and worthwhile. (For a list of environmental 
organizations you can join, see Appendix A.) 

There are actions you can and should take when you go diving. Dispose of 
trash properly, and encourage others to do the same. If you have a boat for diving, 
anchor it away from reefs to avoid reef damage caused by the anchor and chain. 
Retrieve trash you find in the environment, especially plastic. Collect plastic, 
monofilament, lead, and stainless steel leaders. Not all trash is bad. Bottles and 
cans provide homes for animals. Report unlawful dumping and lost or discarded 
fishing nets and traps, which continue to catch and kill after abandonment. 


Aquatic Conditions 


The particular state of the environment and the physical situations in which 
divers find themselves are referred to as the aquatic conditions. The conditions 
of concern include the temperature, visibility, and the degree of movement of 
the water. You need to be familiar with aquatic conditions in general and local 
aquatic conditions specifically. 


The Big Picture 


Many factors affect the seas. The sun bears down on the earth at the equator 
more directly than on other parts of the earth. The climate and waters near the 
equator are warm; the greater the distance from the equator, the colder the 
water. The difference in water temperatures in different parts of the world causes 
the movement of air and water by convection currents. Winds move from areas 
of high pressure to areas of low pressure. Winds and the turning of the earth 
move water. On a global scale, water currents move in a clockwise direction in 
the northern hemisphere of the earth and in a counterclockwise direction in the 
southern hemisphere. Weather generally moves from west to east. The gravita- 
tional attraction between the earth and other planetary bodies produces changes 
in the water level called tides. Storms at sea produce energy in the form of waves 
that travel thousands of miles before giving up their energy in the form of surf. 

Seasonal changes, winds, and storms affect inland bodies of water. Water from 
snow and rain in the mountains and hills flows into streams, rivers, and lakes. 
Water seeping into the ground resurfaces in quarries and springs. 

Weather, seasons, geography, and other factors affect both surface and under- 
water diving conditions. The water can be rough at the surface but calm at depth. 
There may be a current at the surface but none on the bottom. The visibility may 
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be good at the surface but poor on the bottom, or vice-versa. The temperature 
is usually warmer at the surface than it is at depth. You should become familiar 
with both surface and underwater conditions and their effect on your diving. 

Perhaps the most important fact to remember about diving conditions is that 
they vary. Thus, an environmental orientation is important when you dive in 
a new region. The diving conditions usually dictate the way you dive. What 
works well in one area may be totally ineffective for another. An understand- 
ing of the effects of diving conditions in an area is important. You should know 
what conditions to expect, how the conditions affect your approach to diving, 
and how to manage the effects of the conditions. For example, in one area, it 
may be safe to wade into the water and put on your fins; however, in another 
area, you may need to put your fins on before you wade in. 


General Freshwater Diving Conditions 


Freshwater is 2.5 percent less dense than saltwater, so you are less buoyant in 
freshwater than in saltwater. The density of water varies with temperature. Fresh- 
water is most dense at a temperature of 39.2 °F (4 °C)—the usual temperature 
and density of the water at depths greater than 60 feet (18 m) in freshwater 
lakes and quarries. The water becomes lighter when it is either warmer or cooler 
than this. Freshwater often forms layers: a layer of warmer, lighter water on 
top of a layer of colder, denser water. The change from the warm water to the 
colder water, called a thermocline, is abrupt. When the water is calm, the ther- 
mocline appears to have wisps of smoke on top of it when viewed from above. 
The refraction of light is different when the density of the water is different, so 
there is a slight visual blurring at the interface of a thermocline. When you dive 
in freshwater, you must insulate yourself for the water temperature below the 
thermocline. Although the surface of a lake may be warm and sunny, the water 
at the bottom may be close to freezing. 

The best season for diving in a freshwater lake or quarry depends on the body 
of water. Spring and fall are often good times because the water temperature is 
the same from surface to bottom, there is oxygen for fish at all depths, popula- 
tions of plankton are low, and visibility is usually good. 

In later spring, the sun warms the surface water, and the lack of wind keeps 
the surface water from mixing with the colder water at depth. The water strati- 
fies, and a thermocline forms that remains until fall. The layer of water below 
the thermocline stagnates in most lakes during the summer. Decaying matter 
depletes oxygen and creates toxins. Fish seek refuge above the thermocline. 
Sunlight and warm water often lead to plankton blooms, which are aggravated 
by pollution. 

In the fall, the surface water in lakes and quarries cools until it equals the 
temperature of the water at depth. Colder water and reduced sunlight stifle 
plankton growth, and visibility improves. Winds cause water circulation. The 
movement of water from the top to a depth of about 60 feet, called an overturn, 
carries oxygenated water to the bottom and leads to what is called spring diving 
conditions. Visibility tends to be poor during an overturn. 

In the winter, the surface water in a lake or quarry is colder than the water at 
the bottom. A reverse thermocline exists and remains until the temperature 
of the surface water warms to that of the water at the bottom. This allows the 
spring overturn to begin. Water becomes 10 percent lighter when it freezes. If ice 
sank when it froze, bodies of water could become solid ice from top to bottom. 
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Ice that forms over water insulates the water beneath it. Figure 5.7 shows the 
annual cycle of freshwater lakes and the concept of thermoclines. 

When a strong wind blows along a shore for a sustained period over a body 
of water, the surface water is pushed away from shore. This water is replaced 
by colder water flowing up from the depths. This is called an upwelling, which 
can also occur in the ocean. If the wind conditions persist, the water tempera- 
ture can become constant throughout the water column, even in the summer. 
An upwelling carries nutrients from the depths into shallow water and brings 
animals into the area. After an upwelling, a bloom can occur because of the 
increase in nutrients in warm, shallow water. 


Specific Freshwater Diving Conditions 


People can have good diving experiences in many kinds of freshwater environ- 
ments. Springs, low-altitude lakes, and quarries are good sites for divers who do 














50 - 


100 - 


Depth in feet 


150 - 














Thermocline 


























40.50 60 
Temperature °F 











50 - 


Depth in feet 
S 
oO 
T 


150 - 











Reverse 
thermocline 




















Figure 











40.50 60 
Temperature °F 





5.7 Thermocline, reverse thermocline, and the annual cycle of overturn in lakes. 
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not live near a coast. Other freshwater environments—such as rivers, caverns 
and caves, high-altitude and frozen lakes, and areas with submerged wreck- 
age—can be dangerous. You should complete specialty training courses before 
diving in any hazardous area. 

You may encounter strong currents in rivers (see figure 5.8). The currents 
are strongest at the surface and on the outside of bends. Countercurrents and 
swirling currents, called eddies, are common, and entanglements are likely in 
many rivers. Water flowing through a porous obstruction, such as a pile of logs, 
can pin a diver against the debris. Currents can undercut the bank of a river, 
so direct access to the surface can be impossible at times. Rivers are especially 
prone to seasonal changes and are often unpredictable. 

Freshwater springs can provide beautiful diving environments. The flow of 
clean, calm water, which is usually at a moderate temperature (65 to 78 °F, 
or 18 to 26 °C), provides excellent visibility. The water often flows through 
underground limestone cave systems that extend for thousands of feet. Diving 
in open-water basins in a spring is appropriate for certified divers, but a diver 
should not enter any overhead area where a direct, vertical ascent to the sur- 
face is not possible. A large, roomlike opening where light from the surface can 
be seen is called a cavern. Areas that extend farther than a cavern where no 
surface light can be seen are called caves (see figure 5.9). Divers must com- 
plete specialty courses and must meet several requirements to dive in caverns 
and caves. Entering such an environment—even for a short distance—without 
the required training and equipment can be fatal. No amount of diving experi- 
ence without cave diving training qualifies a diver to enter a cave. It is easy to 


Figure 5.8 Because many rivers have 
E\ico)are Mosel ac-\ait-wr-lale Ml ofey=\-Meolia(=)mUlal(elb(-Melhlale) 
challenges, specialty training is advised. 
Berenika/iStock/Getty Images 
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Figure 5.9 Dark blue areas are caves; light blue areas are caverns. 





become disoriented, to stir up thick clouds of silt that instantly reduce visibility 
to nothing, and to panic and drown. You may dive in spring basins, but stay 
out of caverns and caves unless you meet the requirements to dive in them. 
Appendix A contains contact information for organizations that offer training 
in cavern and cave diving. 

Sometimes the earth collapses into an underground cave system and forms 
a sink. The water flowing into the sink forms a basin. An opening called a 
siphon channels water from a sink back into the system. Diving in siphons can 
be dangerous. The amount of water moving through a system depends on the 
amount of rainfall in the area. Under extreme conditions, the normal flow of 
water can reverse. 

People dig pits to excavate sand, gravel, and stone. At some depth, they 
encounter the water table, and the pit floods, forming a quarry or sand pit. At 
some of these sites, you can see submerged construction equipment that was 
abandoned when the pit flooded. Sand pits and quarries tend to have fair to good 
visibility, although the disturbance of silt that has settled to the bottom can ruin 
the visibility quickly. Gravel quarries usually have more silt than other types of 
quarries, so the water may be turbid. 

Lakes can be excellent dive sites. There are freshwater lakes at altitudes above 
10,000 feet (3,048 m). Diving at altitudes above 1,000 feet (305 m) is a specialty 
called altitude diving. This type of diving presents many hazards because the rate 
of pressure change is greater when you descend into water at an atmospheric 
pressure that is less than the pressure at sea level. You must follow special 
procedures to avoid decompression sickness. Problems can also result from the 
thinner air, which provides less oxygen with each breath taken above water. 

When ice forms over water in the winter, diving becomes hazardous. Perils 
of ice diving include hypothermia, the freezing of regulator and buoyancy 
control valves, and getting lost beneath the ice. Ice diving can be beautiful and 
adventurous, but it is dangerous when attempted without the proper training, 
equipment, and procedures. 
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Potential hazards when diving in freshwater include body heat loss, submerged 
trees, wire, fishing line, hooks and lures, log jams, debris, currents, rapids, whirl- 
pools, poor visibility, silt, and overhead restrictions. You can minimize these 
hazards with training, experience, equipment, correct diving techniques, area 
orientations, and good judgment. 


General Saltwater Diving Conditions 


The earth contains five oceans. Seas, gulfs, and bays are smaller sections of the 
oceans. The land beneath the oceans is not flat. The continental shelf is an 
underwater area that extends from land and slopes gradually to a depth of about 
600 feet (183 m). Beyond the continental shelf are great underwater canyons 
and mountains, as well as hills, valleys, and great plains. In some areas, the tips 
of mountains and volcanoes extend above the surface of the ocean from great 
depths, forming islands. In other areas, deep canyons sever the continental slope, 
creating deep-water conditions close to shore. 

The saltwater environment varies greatly from one part of the earth to another. 
The clear waters of the Caribbean, with temperatures that can exceed 85 °F (29 
°C), feature coral reefs covered with beautiful, lush animals that look like plants. 
Schools of colorful tropical fish abound. Temperate waters, with temperatures 
ranging from 55 to 70 °F (13 to 21 °C), may have great forests of kelp, which 
contain more life per volume than a tropical rain forest. Cold ocean waters in 
northern latitudes are nutrient rich and teeming with life. Beautiful sights and 
wonders can be experienced in all the oceans of our planet. 

Oceans are always in motion. Tides, winds, and currents cause water move- 
ment. An underwater earthquake can move water by creating gigantic seismic 
waves known as a tsunami. Although these giant waves are also called tidal 
waves, the tide has nothing to do with them. Tsunamis can cause great destruc- 
tion, but they are rare and can be forecasted. 

The energy source for movement of ocean water may be local or may originate 
thousands of miles away. You need to understand what causes water to move, 
how it moves, and how to dive in ocean water that is in motion. 


Tides 


The gravitational attraction between the sun, the moon and the earth pulls 
water toward these heavenly bodies. The resulting increase in water depth is a 
high tide. Water pulled away from the sides of the earth in the process produces 
a decrease in water depth called low tide. A high tide forms on the side of the 
earth opposite the moon because the attraction of the moon is least at that point 
and because of the centrifugal effect created by the rotation of the earth. At any 
given time, two areas on the earth are experiencing high tides and two areas 
are experiencing low tides. During a brief period of time called a stand, the tide 
neither rises nor falls; four tidal stands can occur per day—two high and two 
low. Geographical formations interfere with or enhance the rising and falling of 
the water in some areas. 

The sun also affects the tides, but only about half as much as the moon because 
the moon is much closer to the earth. When the moon and the sun are aligned 
with the earth, which occurs twice monthly (during the new and full moons), 
tides are highest and are called spring tides (see figure 5.10). When the moon 
and sun are at right angles to each other in relation to the earth, tides are lowest 
and are called neap tides. 
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Figure 5.10 _ The effect of the sun and moon on tidal patterns. 


The moon rotates around the earth in the same direction that the earth spins; 
therefore, the duration of a lunar day (moonrise to moonrise) is nearly 25 hours. 
This causes tides to occur at different times each day and explains why the heights 
of subsequent tides vary. 

During a tidal change, water flows from one area to another. The water move- 
ments caused by the tides are called tidal currents, and they vary in velocity 
between tides. The flow of water into an area because of high tide is called a 
flood. The flow of water away from an area because of low tide is called an ebb. 
Between flood and ebb, a period of time occurs when the water has minimal 
movement. The term for this period is slack water. Because of geographical fea- 
tures of the earth, water cannot move instantly in many areas. There is usually a 
delay between the predicted time of a tide and the time when the water is slack. 

Tidal changes affect diving activities and operations. Large differences in the 
water level between tides affect visibility and other conditions. Water height 
also affects entries and exits, shoal areas when boating, the mooring of boats, 
and the loading and unloading of vessels. Divers should know how high the 
tide will be. Tidal changes are small (less than 2 feet, or 
0.6 m) in some areas or on some days, but they are large 
(more than 6 feet, or 1.8 m) in other areas or on other 
days. The greater the difference between high and low 
tide, the greater the effect of the tides. 

Because the earth, moon, and sun follow set courses, 
the tides are predictable. Tides vary because the distance 
between planetary bodies and their positions relative to 
one another change constantly. Despite all the variables, 
scientists can predict with accuracy when the tides will 
occur and the heights of the tides. The U.S. government 
publishes tide tables, and national weather channels 
broadcast tidal information continuously. Local correction 
tables and current tables can provide more precise infor- 
mation. Tide tables refer to the height of the tide in rela- 
tion to an average of the low tides in an area (see figure 
5.11). Wind and barometric pressure affect the height of 
tides, aiding or opposing the movement of tidal waters. Figure 5.11. Tide table. 
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Low tide High tide 
am. ht. p.m. ht. am. ht. p.m. ht. 

Sunrise 6:19 -PST- Sunset 5:08 
1 Su 1:35.10 2:35 05 7:49 64 8:46 4.7 
2M 2:06 1.3 3:17 0.9 8:21 67 9:36 4.4 
3Tu 2:38 1.7 4:06 1.0 8:56 8.8 10:35 °4.0 
4w 3:14 21 5:02 0.9 9:33 6.7 11:44 3.7 
5Th 3:50: =2:6' °6:03' 0:7 1019 65 = = 

Sunrise 6:24 -PST- Sunset 5:03 
6F 4:42 3.0 7:17 04 1:14 3.5 (11:15 6.0) 
7Sa 6:00 33 8:36 0.2 2:57 3.8 12:28 5. 
8Su 8:23 3.3 9:48 0.1 4:15 40 2:03 
9M 10:12 2.8 10:42 0.1 5:01 4.4 oa 
10Tu 11:22 2.1 11:27 0.3 5:37 4.9 4:55) 
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1wW  —)  — +12:14 14 6:09 5.3 5; 
12Th 12:06 0.6 12:59 0.8 6:34 56 
13F 12:38 0.9 1:38 03 6:59 5.9 
14Sa 1:07 13 2:13 0.1 7:24 81/ 
1:31 1.6 2:45 j 








2:21 2.2 
18W 2:40 2.5 
19Th 3:03 2.7 
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Generally, it is best to dive at high tide, but you may need to time your diving 
to coincide with slack water in areas with strong tidal currents. The timing may 
not be important in areas where tidal changes are small. Consider local knowl- 
edge about the effects of tides when planning your dives. 


Waves and Surf 


Ripples form when wind blows across water. You can see this in a puddle on a 
windy day. When ripples form on a large body of water and the wind continues 
to blow, the sides of the ripples form a surface against which the wind can push 
to set the water in motion. The longer and harder the wind blows in a constant 
direction, the larger the waves that form. As waves move away from the area 
in which they were created—an area called the fetch—the tops of the waves 
become rounded, undulating forms called swells. The water within a swell moves 
in a circular motion but has little forward motion. The effect is similar to the 
transmission of a waveform along a rope that is tossed up and down at one end. 
Waves of energy travel along the rope, but the rope itself does not move forward. 

Swells are energy forms that can travel thousands of miles through water and 
still contain a great deal of energy. The top of a wave is called the crest. The 
bottom is called the trough. The distance from the crest to the trough is the 
wave height. The distance between waves is a wavelength. The time it takes 
two waves to pass a given point is a wave period. A long series of waves is a 
wave train. The greater the height of a wave and the greater the wavelength 
of a train of waves, the greater the energy contained in the waves. Two trains 
of waves can have phases during which the waves of each train reinforce one 
another and produce larger waves, called wave sets. The formation of larger and 
smaller waves can occur in phases. By timing the rhythm of the surf, you can 
make entries and exits easier by moving through the surf zone when the wave 
sets are small. Figure 5.12 illustrates fundamental concepts of waves and surf. 

The water within a passing wave moves in a circular motion (this motion is 
called an orb). The diameter of the motion equals the height of the wave at the 
surface and diminishes with depth. Motion from a passing wave can be felt to 
a depth equal to half the wavelength for a series of waves. If there is 100 feet 
(30 m) between waves, you can feel the effect of a passing wave to a depth of 
50 feet (15 m). 

When waves enter shallow water, contact with the bottom interrupts the 
circular motion of the water within the waves. The circular movements flatten 
and eventually become a back-and-forth subsurface motion called surge. Wave 
contact with the bottom causes waves to slow and to become steeper. The wave 
height increases as the depth of the water decreases. When the depth of the water 
is about the same as the wave height, the wave becomes unstable and tumbles 
forward. At this point, the water within the wave moves forward and gives up 
its energy in breaking waves known as surf. In areas with offshore reefs, sand 
bars, and underwater obstructions, waves can break in shallow water, pass over 
the obstruction, reform, and break again in shallow water near the shore. Waves 
that break offshore indicate the presence of shallow water in the area where the 
waves are breaking. 

Waves can break and release their energy all at once, or they can spill forward 
and expend their energy over a wide area. Waves that build quickly and break 
suddenly form plunging breakers. Waves that spill forward over some distance 
to shore are spilling breakers. Plunging breakers occur on steeply sloping shores, 
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Figure 5.12 Wind speed, the absence or presence of obstacles, and the shape and depth of the 
ocean floor influence the formation of waves and surf. 


while spilling breakers occur on bottoms with shallow slopes. Spilling breakers 
tend to reduce visibility more than plunging breakers. 

The crashing water of surf contains air. The white water and foam in the surf 
zone do not provide as much buoyancy as water that does not contain air. It 
can be difficult to remain above water in the foam of surf, but you should not 
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attempt to rise above the breakers because you can be picked up and tossed 
forward by the moving water. You should remain low in the wave and breathe 
from your scuba regulator. 

Surf rushes up the face of a beach and then flows back again to the still water 
level. The return flow of water is called the backrush. This countercurrent, some- 
times called an undertow, does not extend beyond a depth of three feet (about 
a meter). Although backrush can be strong when surf is large on a steep beach, 
the belief that an undertow can carry a swimmer out to sea is a misconception. 

The surf’s crashing onto the shore moves sand. Gentle summer waves carry 
sand onto the beach. Large, rough winter waves carry the sand offshore, where it 
forms sand bars. This action explains why some beaches are rocky in the winter 
and smooth in the summer. 


Currents 


Currents are to water what wind is to air—fluid in motion. Because water is 800 
times denser than air, water poses much more resistance to movement than air. 
You need to know how and why water moves and how to move with it. The 
force of water in motion is too great to resist. You must learn to use the flow of 
water to your advantage. 

Wind, gravity, tides, and convection cause currents; the most common currents 
are wind-generated surface currents. Because of the rotation of the earth, cur- 
rents flow at an angle to the wind that generates them. When the wind pushes 
water away from an area, a compensating current replaces the water displaced. 
Overall, the effect on the earth is to produce large circulating currents, called 
gyres, that move clockwise in the northern hemisphere and counterclockwise 
in the southern hemisphere. 

When wind blows along a coast, a vertical compensating current—an upwell- 
ing—occurs. Another vertical current, the opposite of an upwelling, is a down- 
welling. A strong downwelling current is rare, but it can occur under the right 
conditions where there is a steep drop-off near shore. It is frightening to be pulled 
downward in water. You should find out if and where a downwelling occurs in 
an area, and you should avoid that location. If you get caught in a downwelling, 
swim horizontally until you are clear of the current. Trying to swim up against 
the current can lead to exhaustion and panic. 

Water flows in layers (see figure 5.13). The 
water at the surface moves quickly with 
the wind, whereas the water a few feet 
beneath the surface moves slower. 
The greater the depth, the less the 
effect of a surface current. After 
12 hours of a sustained wind in 
a given direction, the speed of a 
surface current is approximately 
2 percent of the wind that 
drives it. Because water flows in 


Laminar flow 








layers, it is possible for a surface Figure 5.13 The laminar flow of water 
is similar to a stack of boards with rollers 


current to flow in one direction between them. When the stack is tipped, 
and for a subsurface current to the top board moves much farther than the 
flow in the opposite direction only bottom board. Surface water moves more 
a few feet beneath the surface. than water at depth. 











Diving Environment Mi 131 


Surface water at the equator expands as it is warmed and flows slowly toward 
the poles of the earth. At the same time, water cooled near the poles increases 
in density and sinks. Slow-moving convection currents result. These currents 
do not affect diving procedures, but they greatly affect the oceans by moving 
nutrients and pollution. 

Water can move swiftly, and water movement intensifies whenever an amount 
of water passes through a restriction. When water moves past irregular forma- 
tions, turbulence produces dangerous eddies and whirlpools. Swift-water diving 
is a specialty that is considered hazardous even with experience and training. 

Incoming waves can pass over an underwater obstruction, such as a sand bar, 
and trap water on a shore. If the backrush of water flows back to sea through a 
narrow opening in the obstruction, a rip current exists. The current is narrow 
and strong and moves away from shore. The current dissipates shortly after 
passing through the restricted area. You can identify rips by a fan-shaped area of 
water on the shore, by muddy and foamy water in the rip area, and by a section 
of waves that breaks before the other waves (see figure 5.14). Rip currents can 
be stationary or moving. You must learn to recognize and avoid rip currents. If 
you are unable to swim toward shore, you are probably in a rip current. Swim 
parallel to the shore for about 60 feet (18 m) to get clear of the rip; then turn 
and proceed toward shore. 

Waves breaking on a shore at a slight angle move water along the shore. The 
current is called a longshore current, and it affects diving. On steep beaches, the 
current can cut a shallow trough in the bottom close to shore. The trough, called 
a longshore trench, is a sudden drop-off and can cause an unsuspecting wading 
diver to fall. Items dropped into the surf zone move along the shoreline in the 
direction of the longshore current. The movement of sand on beaches occurs 
because of wave action combined with longshore currents. 

Two types of currents result from all the forces of nature: standing currents, 
which are constant, and transitory currents, which occur briefly. The Gulf Stream 
that flows around Florida and up the eastern coast of the United States and the 
Antilles Current that flows through the Caribbean are examples of standing 
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Figure 5.14 A classic rip current. 
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currents. A longshore current is a transitory current. A rip current can be either 
type. You should be familiar with the currents you will encounter or may 
encounter in an area. 

Currents can flow at a rate of hundreds of feet per minute. The speed of a 
current is its drift, and the direction assumed by a current is its set. A fully 
equipped diver can swim at a rate of 60 to 100 feet (18 to 30 m) per minute (0.6 
to 1.0 knots). Attempting to fight even a mild current is a futile waste of energy. 
Strong water movement can dislodge equipment, cause regulators to free-flow, 
and cause rapid heat loss. You must learn to recognize and estimate currents. If 
the currents are strong, you must avoid them. Even if they are mild, you should 
avoid struggling against them. The primary rule for diving in currents—when 
you begin and end your dive at the same point—is to dive in a direction opposite 
the flow at the surface; then use the surface current to aid you when you return 
at the end of the dive. (See chapter 7 for techniques to estimate currents.) 

You also need to know some other general rules for diving in currents. Water 
movement is minimal at the bottom. Whenever possible, descend along a line 
from the surface to the bottom. If the current is still strong when you reach the 
bottom, ascend on the line and abort the dive. When you are unsure of your 
location during a dive, it may help to surface, determine the direction to the exit 
point, redescend, and move along the bottom toward your destination. 

When there is a surface current, you should minimize the time spent at the 
surface. Whenever possible, hold on to a fixed object at the surface to keep from 
drifting downcurrent at a dive site. When a surface current is mild, swim against 
it to maintain your position at the surface. Develop the habit of noting your 
surface position in relation to a fixed reference. If you are caught in a sudden, 
strong current, swim across it to escape from it. 

A dive in which the diver moves with the flow of a current is a drift dive. 
Simple drift dives along a coast are acceptable when planned. You enter the water 
at one point, move along the shore with the current, and exit at another point 
downstream. Another type of drift diving, which is a specialty activity, involves 
diving in currents from a boat. This type of diving is hazardous because the boat 
must be operated while divers are in the water. Do not attempt drift diving from 
boats unless you have completed specialty training and have a trained, experi- 
enced captain for the vessel. 

Potential saltwater diving hazards include body heat loss, currents, surf, marine 
life, poor visibility, and fishing nets and equipment. You can minimize the haz- 
ards of ocean diving by following the recommendations that were described in 
this section. 


Boat Diving 


All divers eventually dive from boats, either small private boats or large charter 
vessels. Space is limited aboard boats, so you should organize your equipment 
compactly and pack it in the order in which you will need it. You may need to 
carry equipment for some distance to a boat, so plan to wear your scuba tank 
and weight belt and carry a bag in each hand. One bag should contain your dive 
gear, and the other bag should hold your lunch, camera, and any items that you 
want to keep dry. 
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Charter Boat Diving 


You need to be well rested, so you should avoid partying the night before boat 
diving. Eat a meal that is free of acid and fat before you depart. Arrive at least 
30 minutes before the scheduled departure time. Check in with a crew member. 
Usually, you must sign a roster and complete some forms. Ask where to stow 
your gear, and pick out a suitable space to store your dry items. If you are prone 
to seasickness, take preventive medication before the boat gets underway. 

Tour the vessel. Locate the head (bathroom) and the emergency equipment. 
Stay out of the engine room and the wheelhouse (see example in figure 5.15). 
If you did not come with a buddy, you should find one before reaching the dive 
site. Listen carefully to the orientation provided by the captain or crewmember. 

If you begin to feel queasy after the boat gets underway, you should go out- 
side to the center of the boat and concentrate on the horizon. Sleep may help 
you acclimate to the boat’s motion. If you are nauseated or vomiting when it 
is time to dive, avoid scuba diving. Vomiting underwater is hazardous. Mildly 
seasick divers may recover by snorkeling or by swimming to a nearby shore and 
waiting until they feel better. 

Diving operations begin only when indicated by the captain. When you are 
ready to enter the water, check out with the divemaster. Typically, you will enter 
the water by stepping off the side of the boat, and you will exit the water by 
boarding a swim step at the stern (rear) of the vessel. Using the anchor line for 
your descent is a good practice. 

Begin your dive against any current so that the water movement can assist 
you back to the boat at the end of the dive. Crew members often deploy a trail 
line—a long line with a float attached—to the stern for you to use in pulling 
yourself to the boat against the current (see figure 5.16). You should dive upcur- 
rent; however, if you end up downcurrent from the boat and are unable to reach 
the trail line, you should make yourself buoyant, signal the boat, remain calm, 
and wait to be picked up after all the other divers have boarded the vessel. 

If you hear a yelping, sirenlike sound while underwater, you should surface. 
The sound is from an electronic diver recall system. Remain where you are, and 


Wheelhouse/top deck Water entry — Tank fill 


Spear gun bins 
(either side) 














Stern/aft 













Float 









Exit water on ramp 


——=====>> Snack bar ! Game tanks 


Lounge head Tank rack 
(either side) 
Bunks below deck = Water entry 







Figure 5.15 Typical charter boat configuration. 
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Figure 5.16 Divers can use a trail line to pull themselves 
to the boat if they surface downcurrent. 





look to the boat for instructions. Learn the 
vessel’s recall procedures in advance. 

At the end of the dive, return to the boat 
by swimming along the bottom or at the 
surface. You should avoid skimming (swim- 
ming just beneath the surface), because you 
cannot be seen and you could be struck by 
a passing boat. Also avoid crowding the 
exit area. Divers should exit one or two at 
a time and remain clear of divers climbing 
the boarding ladder. Retain your equipment 
until immediately before exiting the water. 
If you do not know what equipment to 
remove, ask for instructions. Immediately 
after exiting, pick up any equipment that 
you handed to someone during your exit, 
and clear the exit area to make room for 
others. 

After your last dive, pack your equipment 
before the boat gets underway. Be available 
for a visual roll call, which is required. Watch 
and learn from experienced divers. 

Charter boat dives provide memorable 
diving experiences. Learn the proper tech- 
niques for diving from charter boats and 
then do what you have learned. 


Small-Boat Diving 


When you plan to dive from a small boat, 
make sure the boat is equipped for safety 
and has all the equipment required by the 
Coast Guard. The boat should also have a 
first aid kit. Leave a float plan—information 
about where you are going and when you 
plan to return—with someone who can 
summon assistance if you are delayed. Have 
a radio or cell phone aboard for emergency 
communications. Check the weather and 
water conditions in advance, and reschedule 
the dive if conditions will be unfavorable or 
are marginal on the planned dive day. Diving 
is not good when the weather is bad. 
Small boats pitch, roll, and pound, so 
stow your equipment securely and expect 
it to get wet. If the trip to the dive site is 
short, you should suit up on shore. Doing 
so is easier and safer. If you must suit up in 
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a small boat, remain seated and help one another. Before you enter the water, 
make sure that there is a means to get back into the boat. More than one diver 
has been stranded alongside a boat, unable to exit the water. Display the dive 
flag, but only while diving. Deploy a trail line and float. 

The usual entry from a small boat is a seated back roll made by two divers at 
the same time. This method enables the divers to avoid rocking the boat and 
causing one diver to lose balance and fall in when unprepared. The descent 
should be down the anchor line to ensure that the anchor is set and clear. If 
possible, you should leave an operator in the boat. A sudden weather change, 
a slipping anchor, or a change of water movement could pose serious problems 
at the end of a dive if the boat is unattended. 

At the end of the dive, remove your weights and scuba unit before exiting. If 
you cannot hand them to someone in the boat, clip them to gear lines that have 
been hung over the side. Exit the water and pull in your equipment. 

Boat diving is good diving. Be prepared, conserve space, plan ahead, learn 
the rules, and follow those rules. Learn more about boating to make boat diving 
more enjoyable. Complete a course in seamanship and small-boat handling. 


Summary 


The aquatic environment is vast and wonderful. We depend on it for our exis- 
tence. We need to learn about it, care for it, and respect it. We must protect the 
environment and encourage everyone we know to assist in that effort. Because 
the environment varies greatly from place to place, you need an area orienta- 
tion before diving. There are hazards in the underwater world, just as there are 
hazards on land. You can minimize aquatic hazards with training, experience, 
planning, proper procedures, and common sense. 


Application-of-Knowledge (AOK) Questions 


This chapter provides knowledge but does not explain how to apply it. In the remain- 
ing chapters you will learn the skills for diving in various environments. Right now 
you need to digest what you know about the diving environment and consider how 
it might affect your diving. 


1. In what ways will the temperature of the water affect your diving? 


2. In what ways will the visibility under water be affected by the environment 
and by you? 


3. What ways can you recall that can help you manage currents while diving? 

. When you encounter strange animals while diving, how should you respond? 

5. How much training and experience are required until you are able to dive 
anywhere at any time? 

6. When you are an experienced scuba diver, where is the safest and most 
comfortable place to be when diving? 

7. If you were equipped for diving in the ocean and wanted to dive in fresh water, 
what equipment changes would you need to make? 

8. What do you think you need to know about diving conditions when you intend 
to go diving? 
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Dive In and Discover 


By the end of this chapter, you will 
be able to do the following: 


© Prepare, assemble, don, adjust, 


inspect, and disassemble your 
equipment for skin and scuba 
diving. 

Demonstrate 16 skin and scuba 
diving hand signals. 


Explain how to test and control 
buoyancy. 

Explain how to clear water from 
a mask, a snorkel, and a scuba 
regulator. 


Explain how to descend, swim 
with fins, and ascend when skin 
and scuba diving. 


Explain how to handle, remove, 
and replace skin and scuba 
diving equipment. 

Describe various entry and exit 
techniques for skin and scuba 
diving. 

Explain how to use dive flags. 
Explain the buddy system and 
lost buddy procedures. 


Explain how to use a compass 
for underwater navigation. 


Explain how to prevent 

and manage seasickness, 
dizziness, stress and panic, 
overexertion, coughing, cramps, 
entanglement, loss of buoyancy 
control, loss of air supply, and 
dive emergencies. 


Explain how to rescue a diver 
who is not breathing and the 
first aid procedures for an 
injured scuba diver. 


Define the terms buddy system, 
flutter kick, scissors kick, 
modified frog kick, dolphin kick, 
surf, neutral buoyancy, diver’s 
push-ups, open-valve ascent, 
reference descent, nonreference 
descent, buddy line, compass 
heading, compass course, 
reciprocal compass course, 
flaring, and buddy breathing. 





You will learn most of the diving skills in controlled 
conditions; when you have developed the basic skills, you 
will apply them in open water. (Open water is any body 
of water representative of dive sites in the local area.) 
When you can demonstrate the skills of diving in open 
water, you are ready to receive your diving certification. 


Preparing to Skin Dive 


This section covers the skills of skin diving, many of 
which apply to scuba diving. When you swim at the 
surface and breathe through a snorkel, you are snor- 
keling. Scuba divers snorkel to conserve the air in their 
cylinder for underwater activities. When you breathe 
through a snorkel at the surface, hold your breath, and 
dive beneath the surface, you are skin diving. As a diver, 
you need to master the skills of snorkeling, skin diving, 
and scuba diving in order to enjoy all that the underwater 
world has to offer. 


Preparing Equipment 


Be ready to start your lesson when you come to your first 
water session. Prepare your mask, snorkel, and fins in 
advance. Clean your mask lens thoroughly so it will not 
fog (a description of the cleaning procedure is provided 
in chapter 4). Adjust the mask strap so it is snug but not 
tight. Attach the snorkel to the mask strap on the left 
side, and adjust the snorkel so it is comfortable in your 
mouth. If your fins have heel straps, adjust them so they 
are snug but not tight. Complete all adjustments before 
your first water session. 

Inspect your skin diving vest or buoyancy compensa- 
tor by inflating it, making sure it does not leak, and then 
deflating it. Put it on, reinflate it, and adjust the strap or 
straps so it will stay in position in the water. You may 
need to use a strap that runs between your legs and 
attaches to the front and back of the flotation device to 
keep it from riding up when you are in the water. 

If you wear an exposure suit, your instructor will sug- 
gest an initial amount of weight for your weight belt. 
Adjust the length of the belt at the buckle end so the 
excess strap at the opposite end does not exceed 6 inches 
(15 cm). Allow 2 inches (5 cm) for each two-slot weight 
that you thread onto the belt. Distribute the weight on 
both sides of the belt so that you will be balanced in the 
water. Lock the weights in place with weight retainers. 

Mark your personal equipment with your initials so 
that you can identify it. You can use special paint or 
markers (available at dive stores) or colored tape. Pack 











Diving requires many skills, and you 
must repeat these skills Correctly 
until you can execute them 
automatically. When you have 
mastered the skills of diving, your 
enjoyment can begin because 
you will be able to devote more 
attention to things of interest. The 
basic skills of skin diving 
and scuba diving are 
introduced in this chapter. 
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your equipment—with the exception of your weight belt—in 
a gear bag. Place the items you will don last, such as your fins, 
on the bottom. Place the items you will don first, such as your exposure suit, 
on the top. 


Donning and Inspecting Skin Diving Equipment 


Don the pants or legs of your exposure suit first, then your boots, and then the 
top part of your suit. Donning a snug-fitting wet suit is easier if you wet the inside 
of your suit with water (to which you have added some mild shampoo) or if you 
wear a spandex suit as an undergarment. Place the ends of the legs of your wet 
suit over the tops of your boots so that water can drain from your suit when you 
exit from a dive. If the boots are outside the legs of your wet suit, water from 
the suit will balloon your boots when you get out of the water. If you become 
warm while donning the exposure suit, cool yourself before proceeding with 
your preparations. For open-water diving, don a cold-water hood before don- 
ning your wet suit jacket so that the skirt of the hood is underneath your jacket. 

After you put on your exposure suit, you should clean and defog your dive 
mask and then set it aside until you are ready to don it (see the description of 
the cleaning procedure in chapter 4). Leave about 1/2 inch (1.27 cm) of water 
inside the mask so it will not dry before you put it on, and place the mask where 
it will not get damaged. 

Don your skin diving vest or BC next. Place the skin diving vest over your 
head, and then secure the straps. Inflate the vest fully to make sure it will not be 
too tight. The straps should be as snug as possible without being uncomfortable 
or interfering with breathing. 

Don your weight belt after the skin diving vest so the belt will be clear of the 
vest straps. Grasp the free end of the weight belt (the end without the buckle) 
in your right hand, and grasp the buckle end in your left hand. Pick up the belt, 
step through it, pull it into position across your back, and bend forward so that 
gravity supports the weight of the belt. Then tighten the belt and secure the 
quick release. Always wear the weight belt with a right-hand release, even if 
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you are left-handed, so that a rescuer will know how to release your belt in an 
emergency. If you always hold the free end of the belt in your right hand when 
donning it, you will always have a right-hand quick release. 

Don the remainder of your skin diving equipment—mask, snorkel, and fins—at 
the water’s edge or, if it is calm, in the water. Place the mask on your forehead 
and pull the mask strap over the back of your head using both hands to position 
the strap. Position the mask on your face, clearing any hair from beneath the 
sealing edge of the mask. Reposition the mask strap so it lies flat. If the mask has 
a split strap, position the split above and below the crown of your head. Don 
your snorkel when you don your mask. Check the adjustment of the snorkel 
when your mask is in place. 

Stabilize yourself when putting on fins so that you don’t lose your balance 
and fall. Hold on to your buddy (see “The Buddy Diving” section later in this 
chapter) or an object for support, or sit at the water’s edge. Hold one side of a 
fin, bend one leg into a figure-four position, push the fin onto your foot, and 
pull the strap or heel pocket into place (see figure 6.1). Repeat the process for the 
other fin. Avoid walking with fins. If you must walk a few steps while wearing 
fins, shuffle your feet and walk backward. If you try to walk forward, you can 
lose your balance or damage your fins. 

After you have donned your equipment, you should inspect it for complete- 
ness, correct positioning, and adjustment. When you are satisfied with your 





Donning fins. 








equipment, inspect your buddy’s equipment while he inspects yours. Inspect 
from head to toe. You may be able to see something that your buddy could not 
see, or vice versa. Develop the habit of inspecting each other’s equipment before 
every dive. 


Skin Diving Skills 


Diving skills can be divided into three categories: skin diving skills, scuba diving 
skills, and problem management skills. This section introduces skin diving skills. 


Using Skin Diving Hand Signals 


You cannot talk with a snorkel in your mouth and your face in the water, so you 
must use hand signals as a primary means of communication. You need to learn 
and use the standard hand signals shown in figure 6.2. You will learn additional 
hand signals for scuba diving. Display hand signals clearly and deliberately when 
you send them, and acknowledge all hand signals you receive. 


Figure 6.2 Skin diving hand signals. 





1. Descend 2. Ascend 3. Stop 





4a. OK 4b. OK 4c. OK 





5. Something’s not right 6. Emergency 
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Using a Skin Diving Vest 


You inflated and deflated your skin diving vest as part of your diving preparations. 
You also need to learn how to deflate and inflate the vest in the water. To deflate 
the vest, position your body so the vest’s exhaust port is the highest point. Hold 
the deflation valve open while you sink lower in the water. The water pressure 
helps force the air from the vest. You may have to hold the collar of the vest 
down with one hand to remove the air from that area. When you have vented 
all of the air from the vest, close the valve to prevent water from entering. Get 
your buddy to confirm that all the air is out of your vest. 

Inflating the vest in the water is easier with your head underwater instead of 
above water. Take a breath of air, duck your face beneath the surface, insert the 
oral inflator into your mouth, open the valve, exhale into the vest, and close the 
valve. Repeat this process until you have the desired buoyancy. 


Testing Buoyancy 


Your buoyancy should be neutral at the surface. If you are too buoyant, you 
will have to struggle to descend and remain underwater. If you are not buoyant 
enough, you will tire quickly at the surface and sink while swimming under- 
water. You must be able to adjust your buoyancy correctly. 

If you are wearing an exposure suit, you need weights to offset the buoyancy 
of the suit. With all equipment in place, position yourself in chest-deep water. 
Exhaust all air from your skin diving vest. Take a full breath, hold it, lift your 
feet from the bottom, and remain motionless while you slowly count to 10. If 
you sink, remove some weight and try again. If you exhale half of the air in your 
fully inflated lungs and still can’t submerge, you need to add weight until you 
can. When your weighting is correct, you remain at the surface while holding 
a full breath and sink when exhaling. Adjust your weighting until you achieve 
neutral buoyancy, which means that you neither sink nor float when holding 
an average breath. Have your buddy watch while you make the final test. With 
your lungs about half full of air, the top of your head should remain even with 
the surface of the water when you are motionless in a vertical position. 


Clearing the Mask 


When your head is above the surface, water inside a mask will run out if you pull 
the bottom of the mask away from your face. Water inside a mask underwater 
also flows out the bottom of the mask if you displace the water with air. Putting 
air inside the mask is easy: Just exhale lightly through your nose. A long, light 
exhalation is better than a short, forceful one because a strong exhalation blows 
air past the seal of the mask and does not displace water effectively. 

To clear a mask that has a purge valve, seal the mask against your face, tilt your 
head downward to make the purge the lowest point in the mask, and exhale 
through your nose until the mask is clear of water. To clear a mask without a 
purge, hold the top of the mask against your forehead, take a breath, and start 
exhaling slowly (see figure 6.3). When the level of the water is below your 
eyes, tilt your head back while continuing to exhale, and the remainder of the 
water will flow out the bottom of the mask. You must be exhaling when you 
tilt your head back or water will run up your nose. Bubbles from the bottom of 
the mask indicate when you have cleared all the water from your mask. It may 








Figure 6.3 Clearing a mask. 





sound as though it takes a long time and a lot of air to 
clear a mask, but with practice you will be able to flood 
and clear your mask several times after a single inhala- 
tion. Clearing requires only a few seconds. 


Using the Snorkel 


Stand in the water and lean forward with the snorkel 
in your mouth. Place your face in the water and inhale 
gently. If you inhale forcefully at first, you might inhale 
water. When you are sure the tube is clear, you may 
breathe more forcefully through your snorkel. When 
you descend beneath the surface, the snorkel tube can 
fill with water. Self-draining snorkels drain nearly all the 
water from the tube when you surface. 

If your snorkel is not the self-draining or water exclu- 
sion type, you have to blast the water from the tube with 
a strong, sharp exhalation. To do this, blow hard into the 
snorkel to force the water out. Inhale cautiously after 
exhaling. If a littke water remains in the tube, you can 
breathe past it if you inhale gently. After you fill your 
lungs again, expel the remaining water with another 
forceful exhalation. 

If you have a simple snorkel without valves, you can 
clear the tube while ascending by using the displacement 
method. Begin by looking up to invert the snorkel; then 
exhale a small amount of air into the tube. As you ascend, 
the air expands according to Boyle’s law and displaces the 
water in the tube, which will be clear of water when you 
reach the surface. The tube is inverted at this point, how- 
ever, so when you turn it to the upright position, water 
will flow into the tube unless you exhale while rolling 
your head forward at the surface. Continuous exhalation 
prevents water from entering the tube. When you use 
the displacement method, which is easier than the blast 
method, you can take a breath the moment you reach 
the surface. Figure 6.4 shows the displacement method. 
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Figure 6.4 Displacement method of 
clearing a snorkel. 
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Learn to keep the snorkel in your mouth when you are in the water. Avoid the 
temptation to remove the mouthpiece and shake the water from your snorkel. 
You do not have to remove the mouthpiece when you can clear your snorkel 
proficiently. When your hands are occupied, you will not be able to remove and 
replace the snorkel to clear it. 


Using Fins 


Fins provide large surfaces that you can push—using the strong muscles of your 
legs—against the water for propulsion. The blades of the fins need to push the 
water the way a broom sweeps a floor. A broom cannot sweep if you move it up 
and down, and your fins will not provide propulsion if you move them length- 
wise in the water. You must kick them back and forth in wide, sweeping kicks. 
Small fins allow short, quick kicks, but larger fins require wider, slower kicks. 
Moving efficiently, not speedily, is your objective when wearing fins. 

The most common fin kick is the flutter kick, which is an up-and-down kick 
that you can do facing down, up, or to the side. Your fins need to be underwater 
to provide propulsion. It is easier to keep your fins submerged at the surface 
when you are on your back or on your side instead of your belly. Move your 
legs up and down from the hip while bending your knees only slightly. Extend 
your legs almost fully throughout each stroke, and use wide, slow kicks. Keep 
your hands at your sides or extend them in front. Do not use your hands and 
arms to swim. Figure 6.5 shows the flutter kick. 

The scissors kick, shown in figure 6.6, is a resting kick. The scissors kick is 
similar to a flutter kick, but it requires less energy. While lying on your side, 
slowly extend one leg backward while you extend the other leg forward, and 
then pull your legs together quickly. Hold a streamlined position with your toes 
pointed while you glide through the water. When you come to a stop, repeat 
the stroke. Extend your legs almost fully throughout the stroke. 

A modified frog kick is useful because it uses different muscles than the 
flutter and scissors kicks. Changing kicks is helpful if you become tired or 
develop leg cramps. The modified frog kick is different from a swimmer’s frog 
kick. Assume a facedown position with your fins perpendicular to the bottom. 
Rotate your ankles so that the tips of the fins point outward, slide the fins tip 
first in an outward direction, then pull the bottoms of the fins together quickly 
in a wide, sweeping arc. Extend your legs almost fully throughout the stroke, 
and then hold the final position with your feet together and your toes pointed 
while you glide (see figure 6.7). When you come to a stop, repeat the stroke. 











The dolphin kick is also useful for a change of pace or if you lose a fin. Hold 
both feet together continuously. Exert force against the water with a wavelike 
up-and-down motion of your body. To begin, straighten your body, extend your 
feet together, bend your shoulders forward, and pull your feet slightly backward. 
Next, lift your shoulders, thrust forward forcefully with your hips, and then pull 
down with your fins. When you see this kick demonstrated, you will be able to 
learn it by imitation. If you lose a fin, you can use the dolphin kick to propel 
yourself. Cross your legs and put the leg without a fin behind the one that has 
a fin. Figure 6.8 shows the dolphin kick. 


Performing Surface Dives 


You need to be able to dive down to see the beautiful world beneath the surface. 
The initial dive beneath the surface of the water is a surface dive. The principle 
of a surface dive is simple: You raise part of your body above the water and point 
yourself straight down; the part of your weight above the water drives you down- 
ward. Once you are submerged, you start swimming to continue your descent. 

You should learn three types of surface dives: the pike, the tuck, and the feet- 
first dive (see figure 6.9). You do the pike dive while moving forward at the sur- 
face. Bend forward at the waist to make your trunk vertical in the water. Next, 
quickly lift your legs out of the water to a vertical position. The more of your legs 
you can lift out of the water, the farther your surface dive will push you under 
the water. For shallow dives, you can do the pike dive by lifting only one leg. 

When you have learned the pike dive, you are ready for the tuck dive, which is 
similar. Do the tuck dive from a stationary position. Begin in an upright position 
in the water, pull your knees to your chest, and sweep backward with your arms 
to roll yourself forward in the water. When you are inverted, extend yourself 
fully into a vertical position. The procedure is a coordinated movement that you 
must do quickly to get your legs above water. After you extend your legs, the 
remainder of the dive is the same as the pike dive. 

Use a feet-first dive in areas where surface plant growth is dense because you 
are less likely to get entangled. Begin in a stationary, upright position, and use a 
strong scissors kick to propel yourself up and out of the water as far as possible. 
Pull your arms downward to your sides for added lift. When you reach the highest 
point, point your toes downward, and hold your arms to your sides. The weight 
of your body will push you below the surface. Raise your arms upward when 
you are below the surface to push yourself even lower. When your downward 
momentum ends, do a tuck dive to invert yourself, then continue your descent. 
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Pike 





Tuck 






Feet-first 


Figure 6.9 Surface dives. 


Performing Descents, Underwater 
Swimming, and Ascents 


To prepare to descend, vent all air from your flotation device. Use an ear-clearing 
maneuver (described in chapter 3) at the surface so that it will be easy to equal- 
ize pressure in your ears while you descend. Hyperventilate three times, inhale 
as fully as possible, and don’t exhale until you return to the surface. 

Initiate your descent with a good surface dive. Equalize the pressure in your 
ears and mask every couple of feet during your descent. Use wide, slow, powerful 
kicks to propel yourself to your desired depth, and then relax as much as possible. 











Swimming underwater sounds simple, but some 
people have trouble controlling direction. Your 
head is your rudder. Pull your head backward while 
swimming facedown to go up. Bend your head 
forward to go down. Bend your trunk to the left 
or right to turn. With practice, you can go in any 
direction you choose without using your hands. 

Follow these four rules for ascents: 


1. Reach up; extend one arm over your head 
for protection (see figure 6.10). 


2. Look up to avoid obstructions and to deter- 
mine when the surface is near. 


3. Come up slowly. A slow ascent is better than 
a rapid ascent because swimming rapidly 
uses more oxygen. 


4. Revolve once or twice during your ascent to 
check your surroundings. 


Alternate breath-hold dives with your buddy. 
One diver should remain at the surface, watching, 
while the other diver is underwater. Make sure 
your buddy knows where you are at all times. 


Handling Equipment 


Occasionally you may need to remove, adjust, and 
replace skin diving equipment while you are inthe Figure 6.10 Extend your arm for protection 
water. You should be able to handle your equip- @Uring a skin diving ascent. 
ment easily with training and practice. 

To remove, adjust, and replace your mask, begin by inflating your skin diving 
vest. Because you will make the adjustment above water, you should use buoy- 
ancy to reduce the effort. After you make the adjustment, replace your mask 
using the procedure for donning the mask described earlier in this chapter. 

You may need to adjust a fin strap or remove sand or gravel from your fins 
while diving. The fins are easier to remove, adjust, and replace than the mask 
is. You do not need as much buoyancy to work with your fins because you can 
look into the water and make the adjustment underwater. In fact, too much air 
in your skin diving vest can be a nuisance. Keep your face in the water, breathe 
through your snorkel, and work with one fin at a time. 

You may need to tighten, adjust, or replace your weight belt. The weights may 
slip, or the belt may fall off. To tighten or replace your weight belt, you need to 
get the belt across the small of your back while you are in a facedown position 
breathing through your snorkel. If you try to replace or tighten the belt in an 
upright position, you will have a constant fight with gravity. When you are in 
the correct, facedown position, gravity becomes your ally while you secure the 
buckle. To get the belt into position across your back, begin in an upright posi- 
tion, holding the free end of the weight belt against the outside of your right 
thigh. Lean back into a horizontal, faceup position momentarily, and then roll to 
your left to a facedown position while continuing to hold the free end of the belt 
against your right thigh. At this point, the belt will be draped across the backs 
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of your thighs. Clear your snorkel so that you can breathe. While holding the 
free end of the belt in your right hand, reach down with your left hand, grab the 
buckle end, pull the belt into position across your back, and secure the buckle. 


Removing Equipment 


Your equipment helps you adapt to the underwater environment. Develop the 
habit of keeping your equipment in place while you are in the water. You may 
need to defog your mask or make an adjustment, but other than that you should 
wear your equipment continuously. Avoid the tendency to prop your mask on 
your forehead when you are at the surface. Mask propping is a sign of distress 
and a good way to lose your mask and snorkel. If you must remove your mask 
while in the water, pull it down around your neck where it will be secure. 

Bottom conditions at the dive site determine whether you should remove 
your fins when leaving the water. In some areas, you can remove your fins in 
waist-deep water and wade out of the water. In other areas, you need to wear 
your fins until you are clear of the water. Fins can be removed in several ways. 
When you prepare to climb a boat ladder, hold the ladder continuously while 
crossing your legs in a figure-four position to remove each fin. If the boat has a 
platform at the rear, swim onto the swim step and remove your fins in a kneel- 
ing position. When you remove fins in waist-deep water or on land, you should 
use your buddy for support. On steep beaches, you may choose to crawl from 
the water. Your buddy can remove your fins while you are on your hands and 
knees. Your buddy then crawls ahead of you, and you remove your buddy’s fins. 
When you stand up, you exchange fins. 

Weight belt removal also varies. When you can walk or climb out of the 
water, keep your belt on while doing so. When you remove a weight belt, lower 
it gently instead of dropping it. You can cause damage or injury if you develop 
the habit of dropping your weight belt. If you must pull yourself onto a dock or 
into a small boat, remove your belt first and hand it up. 

Keep your skin diving vest in place until you are clear of the water. Remove 
your skin diving vest, and then your wet suit. Remove your wet suit by turning 
it inside out. Be sure to remove your boots before your wet suit pants. You will 
need assistance from your buddy to remove a pullover jacket or a jumpsuit. 


Preparing to Scuba Dive 


Nearly all of the skills of skin diving are used in scuba diving, but you need to 
learn many additional skills for scuba diving. This section introduces the prepara- 
tory skills of scuba diving; the next section covers basic and postdive skills. The 
more familiar you become with the skills by studying them, the better you will 
be able to perform them. You must learn the skills correctly from the outset in 
order to develop good habits for diving safety. 


Packing Equipment 


Nothing is more inconvenient than getting ready to dive and discovering that 
something is missing or not right. You should take steps to prevent equipment 
inconveniences. Begin by using a checklist when you pack your diving equip- 
ment to ensure that you have everything you need (see the diving equipment 
checklist). After taking inventory, inspect your equipment as you pack it. If you 












Diving Skills Hi 149 


have not used your equipment for a while, 
assemble it and test it first. Make sure every- 
thing works properly. 

Pack your equipment in your gear bag— 
except for your weight belt, tank, and BC. 
When you have to carry your equipment, 
put your BC on your tank, and carry the 
tank on your back. Carry your gear bag in 
one hand, and carry your weight belt in the 
other hand. Equipment-carrying devices 
with roller wheels can reduce the work of 
moving your diving equipment (see figure 
6.11). 


Assembling Equipment 


Today’s backpacks are part of the BC and ae : 
have one or more bands to secure the scuba Figure 6.11 A gear bag with wheels 
cylinder. Many of the bands are made of can make transporting equipment easier. 
webbing, which stretches when wet. Soak 
a fabric tank band in water for a couple of 
minutes before securing it around a scuba 
tank. The soaking softens the webbing and 
allows it to stretch when you tighten the 
band. A dry fabric belt may allow the tank to 
slip when the band gets wet and stretches. A 
tank that slips from a pack can be a hazard. 

Orient your backpack with the opening of 
the tank valve facing the backpack. Stand the 
tank up with the valve handle facing to your 
right. Slide the tank band over the tank with 
the tank between you and the pack. Tighten 
the band so the valve opening points directly 
toward the pack (see figure 6.12). 

The height of the tank band on the tank 
varies with the type of backpack. Generally, Figure 6.12 Strapping the backpack 
the top of the pack is even with the base of io the tank. 
the tank valve. After you attach the pack 
and before you attach the regulator, don the scuba tank and check the height 
adjustment by slowly tilting your head backward. If your head hits the tank 
valve, the tank is too high in the pack. Reach over your shoulder for the tank 
valve. If you cannot touch it, the tank is too low in the pack. Adjust the height 
as needed. When you become familiar with the correct height adjustment, you 
will not need to test it before completing the assembly of the scuba unit, but you 
should check it before entering the water. 

Tighten the band as much as possible before securing it, and test the tightness 
by grasping the tank valve with one hand and the top of the pack with the other 
hand. Try to move the pack up and down on the tank. If there is movement, 
the band needs to be tighter. 

Attach the regulator assembly to the scuba tank. The tank valve should have 
a valve protector or a piece of tape over the valve opening. Remove the cover 
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or tape (but do not litter—put the tape in a trash container or in your gear 
bag). Make sure that the O-ring remains in place and is free of debris. Loosen 
the regulator yoke screw, and remove the dust cover. If your regulator second 
stages have purge depressors, release the purges. Expel any water or dirt from 
the valve by opening the tank valve slightly and momentarily before you attach 
the regulator to the tank. 

Your regulator has several hoses. Orient the hose to your primary second 
stage toward the same side of the tank as the handle of the tank valve so that 
the hose will come over your right shoulder. When you orient the hose this 
way, the other hoses are properly oriented automatically as long as they are 
untangled and can hang freely. 

Carefully seat the inlet opening of the regulator on the tank valve outlet, and 
then turn the yoke screw or DIN fitting until it is snug but not tight. Tighten the 
fittings using only your fingers and thumb. See figure 6.13 for an example of a 
regulator attachment. 

Attach the various regulator hoses to the scuba unit. It is easier to attach the 
low-pressure hose to the BC before you pressurize the hose. Attach your instru- 
ment console to the BC, but do not attach your extra second stage yet. 

Turn on the air. Hold the SPG with the front facing away from you and others 
so it will not cause an injury if it fails when pressurized. The SPG blowout plug 
should prevent an explosion from occurring, but holding the gauge is a good 
precaution. Open the tank valve slowly in a counterclockwise direction. Open 
the valve all the way; then close it one-quarter turn. You should feel the hoses 
stiffen under pressure. Listen for leaks in the system. If the regulator free-flows, 
cover the mouthpiece opening with your thumb to stop the flow. If air leaks 





Your regulator and hoses should look like this if attached correctly to the 
cylinder. 








from the tank valve seal, turn the air off, remove the regulator, and inspect the 
seal. You may have to replace the O-ring. Solve all air leakage problems before 
you use the scuba unit. 

Testing the unit is the final step. Use your SPG to make sure the tank is full. 
Reset instruments in your console as needed. While looking at the SPG, depress 
the regulator purges momentarily to test the second stages and clear them of any 
debris; then breathe deeply through each second stage several times. The tank 
pressure reading should remain constant while you breathe from the regulator. 
If the pressure reading drops when you inhale, you have not opened the tank 
valve sufficiently. Do not open the valve partially to check the pressure of the 
tank. When you have finished testing the regulators, attach the extra second 
stage to the BC. Depress the low-pressure inflation valve on the BC for one or 
two seconds to make sure the valve functions correctly. When you have com- 
pleted the assembly and testing of the unit, lay it on its side with the regulator 
and instruments on top. 

Equipment assembly procedures are the same for both new and experienced 
divers. Always assemble and test your scuba equipment before you suit up. 
Practice will help you recall the assembly procedures. 


Donning and Inspecting Scuba Equipment 


With skin diving equipment, you don the weight belt after the skin diving vest, 
but with ajacket-type BC, you should don the weight belt before the scuba unit. 

A good way to don a scuba unit out of the water is for your buddy to hold the 
system and help you into it. Once your arms are through the shoulder straps, 
you should bend forward and balance the unit on your back while you secure 
the waistband. Place the regulator hoses over your shoulders while you fasten 
the waistband so the hoses are not trapped beneath the waistband. Some dive 
boats have vertical tank racks on seats to allow you to sit while donning the 
system. Do not sit on the deck or ground to don a scuba tank, however, because 
the tanks of other scuba divers can strike you in the head. 

Some divers prefer to don the scuba unit in the water—this is a good practice 
if you dive from a small boat or have a minor back problem. Put the scuba unit 
into the water first. Make sure that it does not float away! To don a jacket BC 
unit in the water the way you would don a coat, inflate it fully, sit on it, put your 
arms through the arm holes, and slide off and into the unit. Or you may put 
your scuba unit on over your head. Maneuver the tank in front of you with the 
valve facing you and the backpack facing up. Place the regulator in your mouth 
and keep the hose of the primary second stage between your arms. (If you place 
your right arm inside the loop of the hose, the hose will wrap around your arm 
when you try to lift the tank over your head.) Place your forearms completely 
through the arm holes just past your elbows, and begin to lift the scuba unit 
over your head. Rather than lift the unit, you should push yourself down in the 
water and duck beneath the scuba unit. Lower the tank into position on your 
back. Use your left hand to pull your snorkel clear of your BC as the tank lowers 
into position. When the tank is in place, lean forward and secure the waistband. 

When you have donned your scuba equipment and the remainder of your 
diving equipment, inspect all your equipment to make sure it is positioned, 
adjusted, and functioning correctly. Your buddy should do likewise. Then inspect 
each other’s equipment. 
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Do a head-to-toe buddy check. Specific checks for each item of equipment 
are listed in the Head-to-Toe Buddy Check sidebar. 

Equipment inspections are important. Solving problems is easier before you 
enter the water than afterward. It does not take much time to inspect each 
other’s equipment, but the practice can save a lot of time later. Make predive 
inspections a habit. 


Scuba Diving Skills 


To be a scuba diver and enjoy diving with minimum risk of injury, you need 
to learn the proper procedures for entering and exiting the water, controlling 
your buoyancy, descending and ascending, monitoring your instruments, and 
coordinating with a buddy. This section provides a helpful introduction to these 
skills, but you must learn them by doing. You will learn the skills in pool-like 
conditions and then apply them in open water. 


Using Entry Techniques 


The four basic types of water entries for divers are wading, seated, feetfirst, and 
back roll. You need to learn when to use each type and the procedures for each. 
The objective of any entry is to get into the water as easily as possible without 
injuring yourself or losing any equipment. After you enter the water and are 
under control, switch from your regulator to your snorkel if you are going to 
swim or remain at the surface. 

You can make open-water entries from the shore or from a boat. You can wade 
in from the shore, or you can enter from an artificial structure such as a dock, 
pier, or jetty. The conditions vary greatly, and so do the entry techniques. Surf 
may be a factor at some locations. Bottom conditions can range from smooth 
and soft to rough and firm. The bottom may slope gradually or steeply, and there 


Ms Head-to-Toe Buddy Check 


Mask In place, flush on face, no hair under skirt, not fogged 
Snorkel Attached to left side of mask 


Scuba cylinder Valve open all but a quarter turn, valve facing user’s right 
side, height OK, snug in pack 


SPG_ Full pressure, not damaged or leaking 


Scuba regulator Primary and alternate air sources function OK, both 
buddies know the placement of the alternate air systems, 
regulator hoses oriented properly and free for use 


Buoyancy compensator Inflates and deflates properly 


Weighting system In place, proper amount of weight, right-hand quick 
release accessible, weights clear to drop, both buddies 
familiar with weight release system 


Exposure suit Properly positioned and zipped 
Dive knife Attached properly, easy to access, secured 
Fins Securely strapped or worn 
Instruments Watch, dive timer, or dive computer ready for use 





may be holes and drop-offs. Plants, animals, and rocks may be present in the 
entry area. A good entry technique for one location may be inappropriate for 
another. It takes experience and knowledge of the area to determine an effec- 
tive entry procedure. 

You need to know some general techniques when making wading entries at an 
open-water site. A wading entry sounds simple, but keep in mind that diving 
equipment affects your center of gravity, your mobility, and your peripheral 
vision. You must walk backward or sideways when wearing fins. 

If there is little or no surf, you can wade in, don your fins, and begin your dive. 
Breathe through your regulator and have your BC inflated partially. Shuffle 
your feet to detect holes and rocks and to chase away bottom-dwelling creatures 
(see figure 6.14). When the water reaches your thighs, lie down in the water 
and start swimming. In some areas with muddy bottoms, you should not wade 
because you can sink deeply into the mud and lose a fin when you try to extract 
your foot. When the bottom is firm and the water is calm, you can wade into 
the water without your fins and don them in the water. It is helpful to have 
information about the bottom conditions of a dive site. 

In most areas where there is surf, you should don your fins before you enter 
the water, and you should not remove them until you are clear of the water after 
the dive. Time your entry to coincide with small waves (see the discussion of 
waves and surf in chapter 5). Keep all equipment in place, and breathe through 
your regulator. Deflate your BC because you need to duck beneath breaking 
waves when they are higher than your waist. If you inflate your BC, you will be 
unable to duck beneath the waves, and a large wave could lift and toss you. Hold 
your mask with one hand at all times; spread your fingers and curl them over 
the top of the mask so you can see. Keep your knees bent and shuffle sideways 
into the waves to minimize your profile to the moving water. Stop moving just 
before a wave hits you, allow the wave to pass, and then resume your shuffling 
until the water is deep enough for you to swim. Allow incoming waves to pass 
over you, and move through the surf zone quickly. 

From a commercial dive boat, you can enter the water from the side or from a 
water-level platform at the back of the boat. Have all equipment in place, breathe 











My ~ 


Figure 6.14 When 
entering surf, shuffle 
sideways (keeping knees 
bent), hold your mask, 
and lean into waves. 
Courtesy of Fred Humphrey. 
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from your regulator, and hold your mask securely. Have any specialty items, 
such as a camera, handed to you after you are in the water; another option is to 
retrieve these items from an equipment line. When entering from the side of a 
boat, note the direction of boat movement. Wind will cause an anchored boat 
to swing from side to side. If you enter the water on the side of the boat when 
the boat is moving in that direction, the boat may pass over you after you enter. 

You can do a controlled, seated entry from a dock, from a swimming platform 
on a boat, or from any surface where you can sit close to the water, whether 
the water is only a few feet deep or too deep for standing. With all equipment 
in place, turn and place both hands on one side of your body on the surface 
that you are seated on. Then lift yourself slightly, move your body out over the 
water, and lower yourself into the water. A controlled, seated entry is a simple 
and easy entry (see figure 6.15). 

Use feet-first entries when the distance to the water is too high for a seated 
entry, such as when entering from a commercial charter boat. Two types of feet- 
first entries can be used: giant stride and feet together. 

Use the giant-stride entry, shown in figure 6.16, when the distance to the water 
is about 3 to 5 feet (1 to 1.5 m) and you want to remain at the surface during 
the entry. Stand at the entry point with your equipment in place and your BC 
partially inflated. Observe the point of entry and make sure the area is clear. Hold 
your mask firmly with one hand, spreading your fingers so you can see. Look 
straight ahead while stepping out with one leg. The entry is a step, not a hop 
or a jump. If you step out as far as you can, your trailing leg follows automati- 
cally. Keep one leg extended forward and the other leg extended backward until 
you hit the water; then pull your legs together quickly to stop your downward 
momentum. As soon as you stabilize at the surface, turn and signal that you are 
OK, and then move away from the entry point so that the next diver can enter. 





Entering the water from a Giant-stride entry. 
seated position. 
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Use the feet-together entry to avoid discomfort from the impact when the 
distance to the water is too high for a giant-stride entry. The procedures are the 
same as for the giant-stride entry, except that after you step out from the entry 
point, you bring your legs together before you hit 
the water. A feet-together entry submerges you. | 
After you bob back to the surface and stabilize, || 
signal the next diver and clear the entry area. s 

A back-roll entry can be done from either 
a seated or squatting position. Use the seated z 
back-roll entry from a low, unstable platform, | 
such as a small boat. You can also use a back- | 
roll entry when the distance to the water is too 
high for a regular seated entry and the platform 
is too unstable for you to stand. To doa seated | 
back roll, sit with all equipment in place and 
your back to the water. Move your bottom to 
the very edge of the surface on which you are 
sitting. Have someone make sure the entry area 
is clear. Hold your mask with one hand and j 
your mask strap with the other hand. If you do Lofaglp v : 
not hold the mask strap, the force of the water Figure 6.17 Entering with legs extended risks 
may wash it up over your head, and your mask _ clipping the heels on the boat. Tuck the legs into 
may fall off. Lean backward to begin the entry. _ the chest instead. 

Hold your knees to your chest as you roll back- = Christian Wheatley/Getty Images 

ward; if you don’t, you may clip your heels on 
the edge of the surface you were seated on (see 
figure 6.17). You are likely to do a backward, 
disorienting somersault in the water with this 
entry. You can reorient yourself when you bob 
back to the surface. 

A squatting back roll is used when there is no 
suitable surface on which to sit. The thin side 
of a small, rocking boat is a good example of an 
unsuitable seat. For a squatting back-roll entry, 
prepare yourself while sitting on an adequate 
seat immediately adjacent to the entry area. 
Make sure the entry area is clear, then stand 
partially, turn your back to the entry area, and 
literally sit down into the water (see figure 6.18). 
Pull your knees to your chest as you enter so 
that you do not catch your heels. Figure 6.18 Squatting back-roll entry. 








Surface Snorkeling With Scuba Equipment 


You may use your snorkel for surface swimming in order to conserve the air 
in your scuba tank. This procedure is used in areas where divers need to swim 
from shore to reach the dive area. If you use air from your cylinder for surface 
swimming, you will reduce the amount of time you can remain underwater. 
When snorkeling while wearing scuba equipment, you should inflate your BC 
partially. Excessive air in your BC combined with the weight of your scuba tank 











Ms Three Important Scuba Diving Rules 


1. Equalize pressure in your ears early and often. 
2. Always breathe; avoid breath holding. 
3. If the scuba regulator is out of your mouth, exhale continuously. 


can cause you to roll sideways when swimming facedown. It is better to swim 
on your back or side; these positions allow wider kicks than when swimming 
facedown, and the tank weight is not a factor. If you swim on your back, you 
can breathe without the snorkel. Swim beside—not behind or in front of—your 
buddy. Move slowly and steadily, pacing yourself. If you feel short of breath after 
snorkeling, rest before beginning your descent. 


Recovering and Clearing the Regulator 


When you are in the water wearing scuba equipment and have removed your 
regulator second stage from your mouth—such as when snorkeling or talking 
at the surface—you need to recover it from behind your right shoulder (where 
it falls naturally). The second stage will have water inside, and you must clear 
the water before you breathe. If you start with the regulator in your mouth, 
you need to place the regulator in the water. The task is more difficult than it 
sounds because if you place the second stage in the water with the mouthpiece 
facing up, the regulator free-flows. Place the second stage in the water with the 
mouthpiece facing downward to prevent free-flow. 

Two methods can be used to recover the regulator second stage from behind 
your shoulder. The most popular technique is the sweep method. Lean to the 
right side so gravity swings the second stage away from you. Reach back with 
your right hand until you touch the bottom of your scuba tank, and then extend 
your arm and sweep it forward in a large arc. The hose will lie across your arm, 
where you can retrieve the second stage easily. 

The second method of recovering the second stage is the over-the-shoulder 
reach. Reach back toward your regulator first stage with your right hand while 
lifting the bottom of your scuba tank with your left hand. Grasp the second-stage 
hose where it attaches to the first stage and follow it down to the second-stage 
end. Some divers find this recovery method difficult or impossible. 

Clearing the regulator can be as simple as exhaling into it. As long as the 
exhaust valve is at the lowest point, the water inside the second stage will be 
displaced. If the exhaust valve is not at the lowest point when you exhale, only 
part of the water may be exhausted, and you may inspire some water when you 
inhale. To avoid choking on inhaled water, find out where the exhaust valve 
is on your regulator, be sure to make it the lowest point when you clear your 
regulator, and inhale cautiously after clearing the regulator. 

Another way to clear a regulator second stage—the purge method—involves 
using low-pressure air to clear the water from the chamber. If you insert the 
mouthpiece into your mouth and depress the purge, you may blow water down 
your throat. You can prevent this in two ways. One way is to depress the purge 
lightly as you place the bubbling regulator in your mouth, and to use back pres- 
sure from your lungs to keep water out of your mouth and throat. The other 
method is to place the regulator into your mouth, block the opening with your 
tongue, and depress the purge momentarily to clear the chamber. Either method 





is acceptable. If you are purging the regulator while placing it in your mouth, 
release the purge the moment the regulator is in place to avoid overinflating 
your lungs. Develop the habit of blowing a continuous stream of tiny bubbles 
any time the regulator is out of your mouth to avoid holding your breath while 
breathing compressed air. 


Performing Snorkel-—Regulator Exchanges 


You must be able to switch from breathing from your snorkel to breathing from 
your regulator and vice versa. When you prepare to descend for diving, you 
exchange your snorkel for your regulator; when you surface after a dive, you 
exchange your regulator for your snorkel. Do both exchanges with your face 
in the water. Take a breath, exchange one mouthpiece for the other, and clear 
the new breathing device. 


Inflating and Deflating the BC 


You should be familiar with two ways to inflate a BC and two ways to deflate 
it. The easiest and most commonly used means of inflation is the low-pressure 
inflator, which is used to add air to the BC in short bursts. Inflating the BC for 
several seconds can cause serious buoyancy control problems if the inflator valve 
sticks. By adding air a little at a time, you have better control of your buoyancy. 

If your low-pressure inflator or your integrated second stage develops a prob- 
lem while you are diving, you may need to disconnect the low-pressure hose. 
When you disconnect the hose, the low-pressure inflator no longer functions, 
so you have to control buoyancy by orally inflating the BC. The mouthpiece of a 
BC is usually more elaborate than the mouthpiece of a skin diving vest. To help 
keep water out of a BC, the mouthpiece has a purge so that the water inside can 
be cleared before you open the valve to the BC. To clear the BC mouthpiece and 
orally inflate the BC, follow this procedure: 


1. Insert the mouthpiece into your mouth. 

. Exhale a small amount of air into the mouthpiece to clear it. 
. Keep the mouthpiece in your mouth. 

. Depress the manual inflator-deflator valve. 

. Exhale into the BC. 

. Release the manual inflator-deflator valve. 


nu BP WN 


7. Repeat the procedure until you achieve the desired amount of buoyancy. 


You can use the same bobbing technique at the surface that you learned 
for the skin diving vest (see the previous explanation in this chapter), but oral 
inflation procedures are different underwater. To inflate a BC orally underwater, 
follow these steps: 


1. Grasp the inflation valve with your left hand, and grasp your regulator 
second stage with your right hand. 

. Take a breath. 

. Insert the BC mouthpiece into your mouth. 

. Clear the mouthpiece. 

. Exhale most of the air in your lungs into the BC. 


Wa BP WN 
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6. Save enough air to clear the regulator, which fills with water when you 
remove it from your mouth. 


7. Repeat the procedure until you achieve the desired amount of buoyancy. 


You can deflate your BC with the manual inflator-deflator valve or with a 
dump valve. If you do not use a dump valve, you must open the deflator valve 
at the lower end of the BC hose and hold it higher than the highest point of the 
BC. Using a dump valve is more convenient than using the deflator valve. Note 
that you can deflate your BC only when the exhaust port is the highest point. 
Air cannot escape if you try to deflate a BC in a horizontal or inverted position, 
so you need to be in an upright position to deflate your BC. 


Testing Buoyancy 


Similarities exist between buoyancy testing for skin diving and buoyancy test- 
ing for scuba diving, but there are also some important differences. Buoyancy 
varies more when you scuba dive than when you skin dive. The volume of air 
in your lungs varies more in scuba diving. You dive deeper, so suit compression 
affects your buoyancy more. As you use air from your scuba tank, your buoy- 
ancy changes. You need to sense buoyancy changes quickly to maintain control 
of your buoyancy. 

Your initial buoyancy test for scuba diving can be the same as your buoyancy 
test for skin diving. Begin by testing your BC at the surface. Inflate it fully and then 
deflate it. Make sure the low-pressure inflator and all deflation valves function 
correctly. With your regulator in your mouth and your BC completely deflated, 
relax and breathe slowly. When your lung volume is high, you should remain 
at the surface with your eyes just below the surface—water interface. If you sink 
with your lungs full of air, you need to remove some weight. When you exhale 
completely, you should sink. If you cannot sink after a complete exhalation, you 
need additional weight. Test your buoyancy while you are close to your point of 
entry, and correct any buoyancy problems before you attempt to dive. 

As you descend in open water, you may need to add air to your BC in order to 
maintain neutral buoyancy. Strive to maintain neutral buoyancy continuously. 
Add air to your BC in small amounts, and test your buoyancy by stopping all 
motion and observing what happens. If you are sinking, inhale and add air to 
your BC. If you are rising in the water, exhale and release air from your BC. 
With experience you will know when to add air to your BC, when to vent air 
from your BC, and how much air to add or release. 

You can learn buoyancy control in a swimming pool by assuming a rigid, face- 
down position with your arms at your sides. If your buoyancy is correct, a slow, 
full inhalation raises your shoulders while your fin tips remain on the bottom; 
a slow, complete exhalation causes your shoulders to sink. Some people call this 
buoyancy evaluation diver’s push-ups (although you do not use your hands). 
If you do not rise with a full inhalation, you should add a small amount of air 
to your BC and try again. Figure 6.19 illustrates a diver doing diver’s push-ups. 

As a scuba diver, you need enough weight to get down at the beginning of a 
dive and enough weight to allow you to remain in control when you ascend at 
the end of the dive. The precise weight for scuba diving is the amount you need 
to hover at a depth of 15 feet (4.6 m) with 300 psi (20 atm) of air in your tank 
and no air in your BC. This amount may overweight you slightly at the begin- 
ning of a dive. Test your buoyancy at a depth of 15 feet at the end of a dive to 
see if you need to make an adjustment for your next dive. 











Figure 6.19 Executing proper diver’s push-ups ensures good buoyancy control. 


Controlling Buoyancy 


No skill identifies a scuba diver’s ability as much as buoyancy control. The ability 
to finely control buoyancy is important for safety, for enjoyment, and for the 
welfare of the environment. When your buoyancy is out of control, a hazard 
exists for both you and the environment around you. 

With your buoyancy adjusted to the point where you can pivot slightly up and 
down on your fins on the bottom (in a pool) while inhaling and exhaling, push 
yourself about 2 feet (0.6 m) off the bottom and remain motionless. You may 
or may not remain in a horizontal position, but that is not important. Maintain 
your depth by controlling your average lung volume, but remember to breathe 
continuously. If you are sinking, keep more air in your lungs. If you begin rising, 
reduce the amount of air in your lungs. With practice, you will be able to hover 
motionless just off the bottom. 

To demonstrate mastery of hovering, assume a vertical position in the water. 
Cross your legs at the ankles, grasp one wrist with the opposite hand, and 
remain motionless. Find an eye-level reference and develop the ability to hover 
motionless while upright in the water. Pay attention to the buoyancy effects of 
breathing. Once you master hovering both horizontally and vertically, you will 
realize several benefits. Your air will last longer, swimming will not tire you as 
much, you will need fewer buoyancy adjustments, and you will do less damage 
to the diving environment. Your buoyancy control continues to improve with 
practice until you become a highly experienced diver. 

A useful skill for maintaining neutral buoyancy during ascent is a BC vent- 
ing technique called an open-valve ascent. When you ascend, air in your 
BC expands and affects your buoyancy. You must release the expanding air to 
control buoyancy. If you vent the air from time to time, your buoyancy is in a 
constant state of change: You may not release enough air, or you may release 
too much. The open-valve ascent is a better alternative. Hold the BC inflator- 
deflator valve just below the level of your shoulder, point the mouthpiece of 
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the inflator-deflator valve downward, and open the deflator valve. Air cannot 
escape because the opening is lower than the exhaust port on the BC. While you 
hold the mouthpiece downward and the deflation valve open, raise the inflator- 
deflator slowly until air just begins to bubble from the mouthpiece. Bubbling 
occurs when the mouthpiece and the exhaust port on the BC are at the same 
level. If you hold the inflator-deflator valve at the bubbling level while ascend- 
ing, the expanding air inside the BC bubbles out through the open valve, and 
your buoyancy remains constant. If you need to release additional air to control 
buoyancy, raise the inflator-deflator slightly; if you need to decrease the amount 
of air you release, lower the assembly slightly. 


Using the Dive Flag 


You should display the appropriate dive flag or flags when diving. Authorities 
in some areas require you to use a flag, and flag use is encouraged in all areas. 
Follow these conventions when you use a dive flag: Display the flag only when 
divers are in the water, and surface within 100 feet (30 m) of your flag—the 
closer the better. The flag does not guarantee your safety from boaters, who are 
supposed to give the flag a berth of at least 100 feet; however, the flag does serve 
as a signal to many boaters who recognize that the flag means there are divers 
in the vicinity. Figure 6.20 shows a boat anchored with a dive flag indicating 
there are divers in the area. 

If you support your flag with a surface float, you need to tow your float to the 
area where you wish to dive. In areas lacking underwater plants, you can tow 
the float while you dive. In areas with plants, you need to anchor the float to 
keep it from drifting away, and you must navigate back to the flag at the end of 
your dive. When entering through surf, you should tow the surface float behind 
you. Push the float ahead of you when exiting through surf. 
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Descending 


Scuba descents are different from skin diving descents. You usually descend 
headfirst as a skin diver, but scuba divers descend feet-first. A feet-first descent 
allows better control of buoyancy, provides better orientation, allows buddies to 
maintain contact during descent, helps prevent the swallowing of air, and allows 
easier pressure equalization of air spaces. 

Descending involves several procedures, which seem complex at first but 
become routine with practice. The process of descending includes preparing to 
descend, initiating the descent, and completing the descent. 


1. Preparing to descend 


o Check your instruments. Orient yourself at the surface and set a refer- 
ence on your compass. Be sure your underwater timer and depth gauge 
are zeroed. 

o Confirm that your buddy is ready to begin. 

o Exchange your snorkel for your regulator. 

o Pressurize your ears slightly to begin the equalization process (see 
chapter 3). 

o Hold your BC deflator valve in your left hand. 

o Give or acknowledge the signal to descend. 

2. Initiating the descent 

o Begin the descent by venting your BC. It is better to do this with the 
dump valve than by holding the deflator valve above your head. Hold 
the inflator-deflator valve in your left hand throughout the descent so 
you can add or release air from your BC at any time. Exhale fully to 
help get started downward. 

o Breathe shallowly for the first 10 feet (3 m). 

o Equalize pressure in your ears about every 2 feet (0.6 m) for the first 
15 feet (4.6 m). If you experience equalizing problems, ascend a few 
feet to reduce the pressure, equalize again, and descend again. Exhale 
some air into your mask to prevent a mask squeeze. (See chapter 3 for 
a description of pressure equalization.) 

© Keep your fins still while you descend so that you do not stir up silt on 
the bottom. 

© Control your rate of descent by the average amount of air you keep in 
your lungs. When you begin sinking while your lungs are full, add a 
short burst of air to your BC to regain neutral buoyancy. 

3. Completing the descent 
o Remain with your buddy throughout the descent. 
o Avoid contact with the bottom. 


© Hover above the bottom, level off to a swimming position, agree on a 
direction with your buddy, and begin your exploration. 


Two types of descents are performed in open water: reference descents and 
nonreference descents. A reference descent is one that you control by following 
a line or the slope of the bottom. You should do a reference descent whenever 
possible. A descent made vertically in water without any external reference is a 
nonreference descent, which is more difficult to control than a reference descent. 
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Clearing the Mask 


To clear a mask while scuba diving, you need to develop the skill of breathing 
through your mouth with your nose exposed to water. With concentration and 
practice, you can master this skill quickly. First, try inhaling through your mouth 
and exhaling through your nose. Next, try inhaling and exhaling through your 
mouth. If you feel any water going up your nose, exhale inmediately to keep 
the water out. 

To practice clearing a mask, you need to flood it with water. This is not dif- 
ficult, but a few tips make it easier. If you exhale lightly while tilting the mask 
forward on your face to break the seal at the top, the mask releases from your 
face easily, and the air escapes at the highest point. When you reseat your mask 
to begin clearing it, be sure to hold back any strands of hair with one hand while 
you reseat the mask with the other. Hair under the mask causes leakage. If you 
are wearing a hood, make sure that the hood is clear of the mask before you 
attempt to clear water from the mask. 


Buddy Diving 


You should always dive with a companion, using the buddy system. A buddy 
provides reminders and assistance and sees things that you might not see. Bud- 
dies inspect each other’s equipment, provide feedback based on observations, 
and work as a team. Dive buddies should remain close enough to each other that 
one can immediately assist the other in the event of an emergency. The more 
turbid the water and the greater the depth, the closer buddies should remain to 
each other. During your training, you should strive to remain within touching 
distance of your buddy at all times; learn to keep track of your buddy. Maintain- 
ing contact with a dive buddy in open water is not difficult when you follow a 
few standard procedures. 

Agree on a position relative to one another and maintain that position as 
much as possible. That way, your buddy will know where to look for you, and 
you will know where to look for your buddy. The best dive team configuration is 
side by side; the least desirable is for one diver to be above and behind the other. 
Looking up and back is difficult when you are hampered by your equipment. 

Agree on a direction of movement. Both parties should maintain that direction 
until both agree to proceed in a different direction. When you follow this practice, 
there are fewer directions to consider if you and your buddy become separated. 

Confirm your buddy’s position every few seconds. If you scan the areas ahead 
from side to side while swimming, you should get a glimpse of your buddy each 
time you turn your head in your buddy’s direction. 

When visibility is poor, physical contact can keep you and your buddy together. 
Holding hands is appropriate. Or you can use a short line—a buddy line—to 
keep in contact with each other. If you become separated from your buddy 
underwater, look for your buddy for up to one minute. If you are unable to 
locate your buddy, ascend slightly and turn in a circle while looking for bubbles. 
The visibility is often better a few feet above the bottom than it is at the bottom. 
If you do not see your buddy’s bubbles, ascend to the surface and wait for your 
buddy, who should also duplicate this procedure. When you have reunited at 
the surface, you can descend again and continue your dive. Obviously, it is better 
to remain together underwater than to surface to reunite. 





Ms The Buddy System 


Teaming up with a qualified partner is appropriate for activities that involve risk, such 
as swimming, rock climbing, and skin and scuba diving. Safety is the primary purpose 
of the buddy system, but having a dive buddy also makes diving more enjoyable. The 
following list describes the duties and responsibilities of a good dive buddy: 


o Helps to plan the dive in advance and after arrival at the dive site 

o Reviews signals and emergency procedures 

o Assists with the donning of the scuba unit 

o Inspects equipment 

o Maintains contact while diving and follows procedures for reuniting if separation 
occurs 
Provides reminders concerning depth, direction, time, air pressure, and ascent rate 
Points out items of interest 
Identifies problems that you are unaware of, such as an air leak 


Summons additional assistance as needed 


° 
° 
° 
o Provides reassurance and assistance as needed 
° 
o Provides first aid as needed 

° 


Assists with exits and the removal of the scuba unit 






















If you are unable to relocate your buddy underwater and your buddy does 
not surface promptly, look at your surroundings to mark your position so that 
you will know the approximate location where your buddy was last seen. If 
someone is overseeing the diving operations, notify this person that your buddy 
is missing so that a search can be initiated. If you are alone, try to locate bubbles 
that could indicate your buddy’s position. 


Underwater Swimming 


When you swim along the bottom, your fins can raise a cloud of silt that harms 
the environment and reduces visibility. Silting is more of a problem 
when you are overweighted because the excess weight angles 
your fins toward the bottom when you swim (see figure 
6.21). The first step in reducing silt is to weight your- 
self properly. In areas where the bottom silt is thick, 
add air to your BC to make yourself slightly buoy- 
ant underwater. The buoyancy forces you to 
swim at a slight downward angle and keeps the 
thrust of your fins directed upward. Another 
way to reduce silt is to remain far enough 
from the bottom to keep from disturbing it. 


Figure 6.21 Overweighting can 
cause divers to stir up a cloud of silt. 
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Finally, consider changing your kick if you boil up silt with your kick strokes. 
You should also consider redistributing your weight by placing a small portion 
of it higher on your body to achieve level trim as described in the “Mobility 
Adjustments” section of chapter 3. 

When you kick something while swimming, you must overcome the tendency 
to want to get away from whatever you kick. Your kicks are strong and can 
damage the environment or another diver. As soon as you feel something with 
a fin, stop kicking, look back to see what you have hit, and maneuver yourself 
clear before proceeding. 


Navigating 


To find your way underwater, you can use natural navigation and compass 
navigation. You can best determine your relative position with a combination 
of both types of navigation. 

With natural navigation, you use your natural surroundings to determine 
where you are. Light, shadows, plants, formations, water movement, depth, 
and other indicators can help you navigate. As you move, note your surround- 
ings. Observe which way you are going relative to the movement of the water, 
the sand ripples on the bottom, the depth contour, and the angle of the sun. By 
noting natural aids to navigation, you can find your way underwater. 

A dive compass increases the accuracy 
of navigation. Figure 6.22 shows two 
types of dive compass. You need to be 
able to set a direction (called a compass 
heading) and to determine which way 
you are going relative to the directional 
reference you have set. Your compass 
should have a reference line, called a 
lubber line, that you point in the direc- 
tion of travel. The north-seeking needle 
or card of the compass establishes a posi- 
tion relative to the lubber line as long as 
you hold the compass in a level position. 
Many dive compasses have index marks 
on a movable bezel. You set the index 
marks to indicate the heading. Electronic 
compasses allow you to set a heading and 
use arrows to indicate the direction that 
you need to turn to remain on course. 

To go in the direction set on the compass, you must hold the compass so the 
lubber line is directly in line with the centerline of your body. If the lubber line 
points to one side, you will not be on course even though the north reference 
is at the correct point on the dial. Figure 6.23 shows a compass lock position. 

A compass course is a series of headings that leads to a destination. Many 
types of compass courses may be used. One frequently used course is the square 
compass course. To navigate a square course, set your initial heading and 
proceed in that direction for a given distance, which can be measured by time, 
tank pressure, or fin kicks. Stop and turn 90 degrees to the right while continu- 
ing to keep the lubber line aligned with the centerline of your body. Note the 





Figure 6.22 Traditional dive compass 
(left) and electronic dive compass (right). 








relative position of north on 
the compass, and proceed 
in the new direction for the 
same distance as you covered 
on the first leg of the course. 
Stop again, and turn another 
90 degrees to the right. Note 
the position of north on the 
compass, which should be 
opposite your initial heading. 
Proceed along the third leg 
of the course for the same 
distance as before. Stop once 
more, turn again 90 degrees 
to the right, note the relative Figure 6.23 The compass-lock position. 

position of north, and follow 

the new heading back to your starting point. 

Divers also frequently follow a reciprocal compass course—an out-and-back 
course. Set the initial heading on the compass. At the midpoint of the dive, turn 
180 degrees until north on the compass is directly opposite the original heading. 
Then follow the reciprocal heading back to your starting point. Advanced scuba 
diving courses provide additional compass navigation training. 

If you do not know precisely where you are when the end of a dive approaches, 
you may need to surface, find a reference for your exit, and set a compass head- 
ing that leads directly to the end-of-dive location. Be especially careful if you 
surface more than 100 feet (30 m) from your dive flag. 

A compass provides correct directional reference information when it is not 
affected by nearby objects. Metal objects, other compasses, and electrical fields 
within a couple of feet of a compass can cause it to deviate from its correct read- 
ing. Keep metal, magnets, dive lights, and other compasses away from your 
compass to help ensure accuracy. 


Monitoring Instruments 


Most diving instruments are passive; that is, they do not provide information 
unless you look at them. Some instruments emit an audible beep, but most 
require observation to provide information. Develop the habit of checking your 
instrumentation frequently while diving so that you can control your depth, dive 
time, and direction. This will also help you avoid running out of air. You should 
be able to accurately estimate your tank pressure at any time during training. If 
you cannot estimate the pressure within 300 psi (20 atm) at any time, you need 
to monitor your SPG more frequently. 

When you are planning to dive in open water, you should look at your instru- 
ments when you assemble your equipment. Look at your instruments again 
when you inspect your equipment. Look at your instruments again before you 
descend and again while you are descending. Refer to your compass for direc- 
tional reference before you begin moving underwater. Monitor your gauges every 
few minutes while diving, and compare your air pressure with your buddy’s 
several times during a dive. At any given time during a dive, you should be able 
to accurately estimate your depth, your dive time, your direction, your tank 
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pressure, and your buddy’s tank pressure. If you cannot do this, you need to 
improve your instrument-monitoring skills. 


Using Scuba Diving Hand Signals 


Scuba divers use several hand signals that are not used for skin diving. The 
signals specific to scuba diving relate to air supply. Learn and use the standard 
hand signals shown in figure 6.24. Remember to display hand signals clearly and 
deliberately and also to acknowledge the hand signals you receive. 


Ascending 


Scuba ascents are different from skin diving ascents, although there are a few 
similarities. The procedures you need to learn become automatic with practice 
and experience. 

To initiate an ascent, one member of a buddy team gives the ascent signal, 
which the other acknowledges. Always obey the ascent signal. Prepare to ascend 
by noting your time, depth, and remaining air. Locate your BC inflator-deflator 
assembly, and hold it in your left hand. Begin the procedures for the open-valve 
ascent previously described (see “Controlling Buoyancy”). 

Begin ascending slowly with your buddy while breathing continuously. Moni- 
tor your depth gauge and keep tabs on your buddy. The maximum rate of ascent 
is 0.5 feet (0.15 m) per second, which is quite slow. Some instruments warn you 
when your rate of ascent is too rapid. You need training, practice, and awareness 
to avoid exceeding the maximum rate of ascent. 

Stop and decompress (outgas) when indicated by your dive computer. Whether 
or not you make a “deep stop,” you should stop for one to three minutes at a 
depth of 15 feet (4.6 m) to help prevent decompression sickness (DCS). The 
procedures for decompression are described in chapter 7. As you ascend, look 
up and around. Extend one hand above your head for protection against over- 
head obstacles. Make one full rotation to view the surrounding area as you near 
the surface. When you reach the surface, make another rotation to view the 
area, and then inflate your BC to establish buoyancy. Exchange your regulator 
mouthpiece for your snorkel. 


Handling Equipment 


Sometimes you will need to remove, adjust, and replace scuba equipment while 
you are in the water. You may need to remove equipment to exit the water onto 
a boat, to make an adjustment, or to free the equipment from an entanglement. 
With training and practice, you should be able to handle your equipment easily. 

Removal of the scuba unit is easy because it is similar to removing a coat. 
Open the releases, slip your left arm free, swing the scuba tank forward under 
your right arm, hold the scuba unit with your left hand, and pull your right arm 
free. Freeing your left arm is easier if you insert your hand and wrist through 
the armhole of the BC first and remove it hand first (instead of pulling your 
arm through first). If you are at the surface in water too deep for you to stand 
when you want to remove your scuba unit, you should remove your weight 
belt first and place it on a surface float or support station. Don the scuba unit in 
the water according to the in-water donning procedures previously presented 
in this chapter. 











1. Descend 2. Ascend 3. Stop 4a. OK 4b. OK 


a 


4c. OK 5. Something’s not right 6. Emergency 7. Low on air 









8. Out of air 10. Look 11. Danger 





12. Watch me 13. You lead, | follow 14. Get with your buddy 
(finger pointing to chest) 


Figure 6.24 Scuba diving hand signals. 
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Using Exit Techniques 


The technique you use to exit the water depends on the situation. To exit from 
shallow water in a swimming pool, begin by removing your weight belt, tank, 
and fins, in that order. Carefully place the equipment on the side of the pool; 
then climb out by using the ladder or lifting yourself up onto the edge of the pool. 


To exit from the deep end of a swim- 
ming pool (as shown in figure 6.25), 
begin with your BC inflated partially. 
If you exit on a ladder, grasp the ladder 
with one hand and remove your fins 
with the other; maintain contact with 
the ladder at all times. Place your fins 
on the edge of the pool, or slide the heel 
straps over your wrists; then climb the 
ladder to exit the water. Clear the exit 
area at once, and take your fins with 
you. Remove your scuba system and 
weight belt when you are well clear of 
the exit area. 

To exit from deep water without a 
ladder, begin by removing your weight 
belt and carefully placing it out of the 
water. Remove the scuba unit and use 
one hand to trap the regulator hose 
against the surface onto which you will 
exit. Use your other hand to remove 
your fins, and place them out of the 
water. Place both hands on the exit edge. 
With the regulator hose trapped under 
one hand, lower yourself to about chin 
level in the water while you extend one 
leg forward and one leg backward. Pull 
yourself upward with your arms, and 
pull your legs together forcefully in a 
strong scissors kick to provide upward 
momentum. Pull with your arms until 
you are far enough out of the water to 
push downward and lift yourself from 
the water (see figure 6.26). Immediately 
after your exit, turn around and pull 
your scuba unit from the water carefully. 

If you are boarding a boat that has a 
ladder, you should keep your tank and 
mask on and keep your regulator in your 
mouth in case you fall back into the 
water (see figure 6.27). Use the ladder 
exit technique described for exiting the 
deep end of the pool. Maintain contact 
with the ladder at all times when you 





using a ladder. 


E os 





Exiting from the deep end 
without a ladder. 








are in the water. If the boat has a platform 
at the rear, you usually swim onto the plat- 
form, remove your fins, and then stand on 
the platform and board the vessel. 

Techniques for wading exits in open water 
vary with the environment. You should usu- 
ally wear all your equipment until you are 
clear of the water. Shuffle your feet along the 
bottom while moving backward. Surf exits 
require training and practice. Stop outside 
the breaking waves and evaluate the surf. 
Approach the surf zone with your regula- 
tor in your mouth and your BC deflated. 
Hold your mask continually in the surf 
zone. Follow a breaking wave, and allow 
additional waves to pass over you until the 
water is only a couple of feet deep. If the 
surf is mild, you can stand at that point and 
back out of the water. If the surf is strong, 
swim until you can crawl; then crawl clear 
of the water (see figure 6.28). 

When you are clear of the water, work 
with your buddy to remove your fins. The 
buddy system is in effect even when you are 
out of the water. 


Disassembling Equipment 


The first step in disassembling your scuba 
equipment is to turn off the air by turning 
the valve in a clockwise direction. Release 
the pressure in the hoses by depressing the 
purge on the regulator second stage. Keep 
the purge depressed until you bleed all the 
air from the system. Next, disconnect all hoses that are connected to the scuba 
unit: the low-pressure inflator, the extra second stage, and the SPG. Loosen the 
yoke screw and remove the regulator from the tank. Dry the first-stage dust 
cover thoroughly and replace it. Loosen the tank band and remove the BC from 
the scuba tank. Be sure to rinse and care for your equipment as soon as possible 
(following the procedures described in chapter 4). 


Courtesy of Fred Humphrey. 


Managing Physiological Problems 


If you do everything you are trained to do as a scuba diver, you can avoid 
problems. But it is not a perfect world. If you fail to pay attention or forget 
to do something, a problem can occur. Good divers can deal with nearly any 
problem. This section introduces you to proven ways of dealing with potential 
diving difficulties. Do not be overly concerned about the problems presented. 
You can prevent them, but knowing how to deal with them helps reduce your 
apprehension. 


Figure 6.28 Using a crawling exit in strong surf. 
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Difficulties affecting your physiology include seasickness, dizziness, stress 
and panic, overexertion, coughing, and cramping. When you have one of these 
problems, your body sends messages that something is wrong. You need to know 
the messages and the actions you can take to overcome physiological difficulties. 


Seasickness 


The best strategy is to try to prevent seasickness (see “Equilibrium Adjustments 
and Seasickness” in chapter 3) because taking medication after you are seasick 
is usually ineffective. If you do get seasick, you are likely to vomit. Vomiting 
underwater can be dangerous because of involuntary gasping that can cause you 
to choke. Only you can determine your degree of nausea. If you throw up or 
feel as if you are on the verge of doing so, do not dive. If you feel queasy, getting 
into the water may help you overcome the feeling. Some divers who feel slightly 
nauseated find that they feel better if they get into the water quickly and dive. 
After that first dive, they are fine for the remainder of the day. 

You should surface if you feel nauseated while diving. If you must vomit 
underwater, do not vomit through your regulator. Hold the second stage against 
one corner of your mouth, and depress the purge fully while you vomit. You 
should get air instead of water if you gasp. When you have finished throwing 
up, place the second stage in your mouth, clear it, and resume breathing. The 
purge method should be a last resort. Vomiting through the regulator is not 
recommended because this method sometimes results in clogging. 

If you are seasick and have to throw up while aboard a boat, do it over the 
rail on the side of the vessel opposite the wind. Do not use the restroom (or 
head, as it is called on a boat). The best remedy is to get to land, rest until you 
feel better, and take seasickness medication before returning to the vessel. If you 
are ill from motion sickness—and if the dive boat has a dinghy and there is land 
nearby—you should request to be taken to shore for a while. 


Dizziness 


The absence of visual clues in a weightless environment can cause temporary 
dizziness. Visual references can help you prevent disorientation (see chapter 
3). Injury, temperature changes, and pressure changes affecting the inner ear 
can also cause a whirling feeling called vertigo, which may be more difficult to 
overcome than dizziness caused by disorientation. 

To cope with either dizziness or vertigo, you should first seek a fixed visual 
reference. If possible, make physical contact with something solid for a point of 
reference. If there is nothing to see or to grasp, close your eyes and hug yourself. 
In most cases, dizziness passes in a minute or two. If you then move slowly and 
keep your head still, you should be able to surface. A good buddy can recognize 
your difficulty and assist you. 


Stress and Panic 


Stress is the perception of a substantial imbalance between environmental 
demand and a person’s response capability, and it occurs under conditions where 
failure to meet demand is perceived as having serious consequences. Stressors 
are conditions or attitudes that cause stress. Dive stressors, which can be internal 
or external, include cold, illness, exhaustion, injury, fear, equipment problems, 








loss of air supply, buddy separation, depth, darkness, currents, and disorienta- 
tion. Stress is not always bad. Moderate stress can cause a feeling of exhilaration, 
improve performance, and lead to a positive condition called eustress. Excessive 
stress causes anxiety, decreases performance, and leads to a negative condition 
called distress. 

Knowledge and appraisal of a situation affect your reaction to stress. Training, 
experience, and your predisposition toward a situation affect your knowledge 
and appraisal. Thus, your perception of the circumstances is determined by what 
you know and are able to do, by what you have done, and by any inherent fears 
about the circumstances that you might have. 

The problem with stress in diving is that it can lead to panic—a sudden, uncon- 
trolled, irrational reaction to a perceived danger. Divers who panic often perish. 
You must manage stress in order to prevent panic. Dr. Tom Griffiths, who has 
researched stress, said the following: “The most critical factor in the progression 
of panic after stress increases is whether or not a problem arises.” Divers who 
can recognize and manage stress can overcome problems and are far safer than 
those who cannot cope with the effects of stress. 

Stress has both physiological and psychological components. Anxiety causes 
involuntary physiological changes. When stress leads to anxiety, your breath- 
ing rate and heart rate increase, your nervous system becomes more active, and 
your awareness decreases. These factors decrease your performance and increase 
your anxiety. Then heightened anxiety begins the cycle again. Unless you inter- 
rupt the cycle, anxiety escalates into panic. Psychological difficulty is every bit 
as critical as the physical problems. Frank Pia, a chief lifeguard, says, “Much of 
the distress that a person experiences when difficulty arises stems from what the 
person tells himself about the situation.” You can be exhilarated by a situation 
or allow it to cause anxiety and distress. Pia continues, “The difference between 
panic and a heightened physiological state is the thought process.” 

Michael J. Asken, who has written books about stress, encourages the use of 
task-relevant instructional self-talk (TRIST). You determine your emotional state 
when in distress by what you tell yourself. Asken says that in a stressful situ- 
ation, “Success is not achieved by focusing on the outcome, hoping for a good 
outcome, or even telling yourself that the outcome will be OK. The most effec- 
tive self-talk involves imagining that your instructor is sitting on your shoulder 
guiding you through your response.” 

With the previous concepts in mind, you can recognize and manage stress. 
The first steps are to sense your breathing rate and identify your self-talk when 
a problem occurs. If your breathing rate is fast and you are having negative 
thoughts about the situation, it is time to break the stress cycle. Stop all physical 
activity, establish buoyancy, and breathe deeply. Divers in distress usually have 
an adequate supply of air! As you gain control of respiration, you can think more 
clearly. Take control of your thoughts before they take control of you. Imagine 
that you are telling someone else how to deal with this situation. Assess your 
options, determine the best course of action, and then take deliberate action. As 
you begin to overcome the difficulty, your confidence increases and your physi- 
ological condition begins to return to normal. Figure 6.29 shows how to break 
the stress cycle that leads to panic. 

Now you can understand why some divers are thrilled by the same situation 
that causes another diver to panic. Remember that stress is simply a matter of per- 
ception and that you can change your perception with training and experience. 
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You can also learn to manage difficult The panic cycle 
situations by imagining them vividly in 

your mind. Your body cannot distin- > 

guish the difference between an actual 

event and one that you imagine. As * y 
you learn to solve problems in your 


Problem Stress 


mind, you can learn to recognize and Narrowed -— Uncontrolled 
manage stress. thinking respiration 
Overexertion 

Breaking the panic cycle 
If you work too hard while scuba 
diving, the equipment may not be able aoe Pichler 


to supply enough air to meet your 
respiratory needs. You experience a & 

sudden feeling of suffocation, and you ¥ 
may suspect that your equipment has 
malfunctioned. It is unlikely that scuba 
equipment will cease to function sud- 

denly in a way that restricts airflow. & 
More likely than not, overexertion is 
causing the feeling that you cannot get 
enough air. You can manage overexer- 
tion similarly to the way you manage & ¥ 
stress. Stop all physical activity and 
breathe deeply; you should overcome 
your respiratory problem within a 
minute or two. 


Expanded 


thinking ie 


v 


Uncontrolled 
respiration 


Controlled 
respiration 


Reduced é 
activity 

Figure 6.29 The panic cycle and how to 

break it. 


Recognition 


Coughing 


When water strikes your larynx, a reflex coughing action tries to clear the for- 
eign matter from your airway. When you cough while in water, you may inhale 
additional water, which can complicate the situation. You need to overcome 
the reflex as quickly as possible. The best way is to swallow hard three times in 
rapid succession. If you must cough, try to do so through a regulator so that you 
inhale air rather than water if you gasp. You can lose buoyancy as you expel air 
when coughing, so you may need to establish positive buoyancy if you cough 
excessively. 


Cramps 


When your muscles get cold or when circulation to your muscles is inadequate, 
cramping can occur. A cramp is a sudden, strong, involuntary, persistent, painful 
muscle contraction. Divers tend to get cramps in the lower legs and the feet. To 
alleviate a cramp, stretch the affected muscle and rub it to increase circulation. 
Pounding a cramped muscle is ineffective and causes tissue damage. If you expe- 
rience a cramp in your leg or foot in the water, you may be able to get rid of it 
by grasping the tip of your fin and pulling it toward you. Another technique to 
help release a leg cramp is to contract the muscles of the opposite leg. This action 
can inhibit nerve impulses to the cramped muscles. Buddies should assist one 
another with getting rid of cramps. Figure 6.30 shows a diver relieving a cramp. 








Your diving buddy 
can help you relieve a cramp 
by rubbing and stretching the 
cramped muscle. 





Managing Physical Problems 


Potential physical difficulties in diving include entanglement; loss of buoyancy 
control; loss of air supply; and a distressed, injured, or incapacitated buddy. As 
with physiological problems, you can overcome these problems, but it is better 
to avoid them. 


Entanglement 


You will probably encounter fishing line, nets, wire, string, and rope in the 
water—and these items can entangle you. Underwater plants can also entangle 
divers in some areas. Streamlining your equipment to minimize places where 
things can get caught helps reduce the chance of entanglement. Being aware also 
helps. When you encounter something that can entangle you, swim around it 
or push it beneath you and swim over it. Avoid swimming beneath things that 
can cause entanglement. The area of your tank valve and regulator first stage is 
one of the easiest places to become entangled and also one of the most difficult 
areas to free from entanglement. 

If you become entangled underwater, you should stop. Then try to examine 
the problem without turning because turning often compounds the problem. If 
you can reach the entanglement, you should free yourself. If not, signal your 
buddy to help you get free. If you can see what you are doing, you can use 
your dive knife to cut yourself free. Trying to cut yourself free from something 
in the area of your tank valve is an obvious mistake. If your tank is entangled 
and you can’t reach the entanglement—and your buddy is not nearby to lend 
assistance—you should remove your scuba unit, free it from the entanglement, 
and put it back on. 


Loss of Buoyancy Control 


You can lose control of buoyancy underwater if you lose weights or if a low- 
pressure inflator on your BC or dry suit sticks. You can take steps to prevent loss 
of buoyancy control. Check your weight system from time to time while you are 
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diving to make sure it is secure. Inspect your low-pressure inflators before each 
use, and have them serviced at the first sign of unusual operation. 

If your weights fall off while you are underwater, immediately maneuver your- 
self into an inverted position, swim down forcefully, and retrieve the weights. If 
you are successful, you can avoid an uncontrolled ascent; if you are unsuccess- 
ful, you will float to the surface. Your rate of ascent depends on how buoyant 
you are without your weights, the type of exposure suit you are wearing, the 
amount of air in your BC at the time, your depth, and the amount of surface 
area you can expose to the direction of motion. You learned in chapters 2 and 
3 that the greater the cross-sectional area of an object moving in a given direc- 
tion, the greater the resistance to movement in that direction. If you lose control 
of buoyancy and your ascent is uncontrolled, you can slow your rate of ascent 
by flaring—arching your back, extending your arms and legs, and positioning 
your fins parallel to the surface. Flaring (shown in figure 6.31) is the method 
recommended to slow a buoyant ascent. 

Unless you care for your BC inflator carefully and have it serviced annually, 
the inflator valve will eventually stick. If your low-pressure inflator sticks in the 
open position, you should first hold your BC deflator valve in the open position. 
Modern BCs vent air faster than the low-pressure inflator admits air. If the infla- 
tor valve remains stuck, disconnect the low-pressure hose. If an uncontrolled 
ascent results, flare to slow your rate of ascent. 


Loss of Air Supply 


You are unlikely to have air supply difficulties if you have your regulator serviced 
annually, if you maintain your regulator properly, and if you monitor your SPG. 
Potential problems include a regulator that free-flows, low air pressure, and no 
air to breathe. Divers have ways to deal with each of these difficulties. 


Flaring 
is an excellent way to 
slow a rapid ascent. 








Sand, dirt, vomit, and freezing can cause regulator free-flow. If free-flow occurs, 
your best course of action is to switch to your extra second stage. You could also 
use your buddy’s extra second stage. If there is no source of air except the regu- 
lator that is free-flowing, you can breathe from it by pressing your lips lightly 
against the mouthpiece, taking the air you need, and allowing the excess air to 
escape. Look down while you breathe from the regulator to keep the escaping 
air from causing your mask to leak. 

You are supposed to end a dive with at least 500 psi (34 atm) of air in your 
tank. If you are inattentive and breathe nearly all the air from your cylinder 
while diving, it will become difficult to get air from your regulator. Divers often 
refer to this situation as being “out of air,” but, in reality, they are out of air only 
at the depth at which breathing is difficult. As you ascend, the lower ambient 
pressure allows you to obtain additional air from your tank. When breathing 
becomes difficult and your tank is nearly empty, you should use your buddy’s 
alternate air source (AAS) or ascend while continuing to breathe shallowly 
through your regulator. 

In the rare event that you should com- Emergency ascent option hierarchy 
pletely lose your primary source of air 
while underwater, you have five ascent Make a buoyant emergency ascent (BEA) 
options. Figure 6.32 shows the order of ©) if the depth is 50 ft (15 m) or greater. 
preference of these options. 

An extra-second-stage-assisted ascent & 
closely approximates a normal ascent. ae 

" . Make an emergency swimming ascent 
You ascend while breathing from your (4) (ESA) if depth is less than 50 ft (15 m). 
buddy’s extra second stage. When you 
require air underwater, get your buddy’s a 
attention and give the signals for “out of 
air” and “give me air,” if possible. If your (3) operas OMIT Nessie TerS.cUe 
buddy’s extra second stage and primary 
second stage are similar, your buddy & 
will hand you the extra second stage, or : 

A ; Breathe from buddy’s alternate air source 
you may take it. If your buddy’s extra (2) (AAS). 
second stage is integrated into the BC 
low-pressure inflator, your buddy will “ 
hand you the primary second stage and 
breathe from the integrated second stage. (1) Breathe from a backup scuba unit. 
If you cannot get your buddy’s atten- 
tion, take the extra second stage, begin Figure 6.32 Loss-of-air options. 
breathing, and then signal your buddy 
that you have no air. After you establish a breathing rhythm, grasp each other’s 
right forearm or BC and ascend normally (see figure 6.33). 

An emergency swimming ascent (ESA) is a scuba ascent you do using only 
the air in your lungs. The ascent rate of an ESA is faster than a normal ascent, 
but it is not rapid. Retain your regulator in your mouth, and try to breathe from 
it from time to time. Do not hold your breath or you risk a lung overexpan- 
sion injury. If you exhale too much air, you will have a strong urge to inhale. 
The key to a successful ESA is to exhale enough air that your lungs remain at 
a comfortable volume. When you do an ESA correctly, you can ascend 50 feet 
(15 m) easily without an overwhelming desire for air. If the depth is over 50 
feet, discard your weights to initiate a buoyant emergency ascent (BEA). Swim 
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Figure 6.33 Air shar- 
ing involves cooperation 
and coordination with 
your buddy. 


for the first portion of the ascent, but allow yourself to drift up when buoyancy 
can replace swimming. Flare during the last 15 feet (4.6 m) of a BEA, and keep 
your lungs at a comfortable—but not maximum—volume. 

Buddy breathing—the sharing of a single regulator second stage by two 
divers—is not a desirable loss-of-air option because it jeopardizes the safety of 
two people. You and your buddy should practice buddy breathing at the surface 
before beginning a dive if buddy breathing is a loss-of-air option for the dive. 
Not all divers are trained to buddy-breathe, and buddy breathing attempted by 
two divers who are not proficient with the skill can result in disaster. However, 
those who are proficient buddy breathers can make a loss-of-air situation a mere 
nuisance. 

Initiate buddy breathing with the “out-of-air” signal followed by the signal for 
“give me air.” Your buddy holds the regulator second stage in the right hand and 
grasps your shoulder strap with the left hand. Your buddy extends the second 
stage toward you and holds it in such a way that you have access to the purge. 
You grasp your buddy’s wrist (not the regulator) with your left hand and grasp 
your buddy’s shoulder strap with your right hand. Guide the second stage to 
your mouth and push your lips against the mouthpiece to make a seal instead of 
inserting the mouthpiece into your mouth. By not putting the mouthpiece into 
your mouth to breathe, you can exchange the regulator quickly and reduce mask 
leakage caused by facial movements. Take several quick breaths initially; then 
pass the regulator back to your buddy. Exhale a small amount of air continuously 
when you are not breathing from the regulator. The exhalation helps prevent 
a lung overexpansion injury during ascent. After the initial contact, you and 
your buddy each take two breaths before passing the regulator. Do not inhale 
fully when buddy breathing because full breaths can cause buoyancy problems 
or lung injuries. A medium inhalation is adequate because you receive air every 
few seconds. You should exhale fully after each first breath that you take. The 
complete exhalation helps expel carbon dioxide and reduces your urge to breathe. 





As soon as you and your buddy estab- 
lish a breathing rhythm, you should 
swim to the surface, holding on to each 
other throughout the ascent. Blow 
bubbles continuously when the regula- 
tor is not in your mouth. Remember to 
control your buoyancy. 

Skills for loss-of-air situations require 
proficiency, so they must be learned 
well and renewed periodically. Discuss 
the procedures for a loss-of-air situa- 
tion with your buddy, and agree on the 
options you will use. You should both 
be familiar with the signals, positions, 
and techniques. 


Assisting Your Buddy 


You have read about many ways to 
assist your buddy and how your buddy 
can assist you, so you should realize the 
importance of the buddy system while 
diving. 

In addition to helping your buddy 
handle entanglements, cramps, equip- 
ment problems, and loss-of-air situa- 
tions, you may need to provide assis- 
tance if your buddy is incapacitated from 
exhaustion, illness, or injury. 

A buddy who becomes agitated at 
the surface needs assistance in regain- 
ing control. Help such a buddy estab- 
lish buoyancy, calm down, and breathe 
slowly and deeply. When the situation is 
under control, you may be able to help 
your buddy resolve the difficulty that 
caused the agitation. 

If your buddy becomes exhausted, 
provide assistance at the surface with 
a biceps push, a fin push, or a do-si- 
do (arm-under-arm) push. The three 
types of pushes are illustrated in figure 
6.34. Use the biceps push when your 
buddy can help, and use the fin push 
when your buddy is too exhausted to 
help at all. Monitor your buddy and 
offer encouragement while you provide 
assistance. (Note: Scuba rescues require 
techniques different from surface assis- 
tance.) 


using the (a) biceps push, (6) fin push, and (c) do-si-do push. 
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Managing Emergencies 


Diving accidents occur when divers do not exercise good judgment or when they fail 
to follow recommended practices. If you do what you are supposed to do, the chances 
of a diving accident are extremely small. But you may have to render aid to someone 
else who violates safety rules. This section identifies the aid you should be capable of 
providing. 


Training and Preparation 


Three types of emergency preparedness training are recommended for all divers: 
first aid, cardiopulmonary resuscitation (CPR), and diving rescue techniques. 
You can get first aid and CPR training from various public service organizations. 
You'll learn some diving rescue techniques in your entry-level course, but you 
should also complete a rescue specialty course. 

Emergency preparedness includes having emergency equipment and informa- 
tion available. The emergency equipment available at a dive site should include 
these items: 


o Diving first aid kit (see the checklist of kit items in chapter 4) 
© Oxygen delivery system 

o Blanket (if appropriate) 

o Drinking water 


You may not have all of the emergency equipment yourself, but you can 
determine whether it is available aboard a boat or as part of an organized dive. 

Have a means of communication—a telephone, cellular phone, CB radio, or 
marine radio—to summon assistance. Have contact information for local emer- 
gency medical assistance and for the emergency treatment of divers at the dive 
site. Have phone numbers and radio frequencies for local emergency support 
services. Examples of numbers to have include the Coast Guard, paramedics, 
hospital, ambulance, police or sheriff’s office, recompression facility, and the 
Divers Alert Network (DAN). The Divers Alert Network has a 24-hour emer- 
gency number 919-684-8111 to assist with the coordination of responses to 
diving accidents. 


Scuba Lifesaving 


The principal elements of scuba lifesaving are cognizance, assessment, rescue, 
and evacuation (CARE). Cognizance is the ability to detect signs that identify 
or predict an accident. Trained and experienced divers can recognize situations 
that can lead to accidents before divers enter the water, when they enter the 
water, at the surface, during descents, underwater, during ascents, and during 
exits. As your experience increases, you will become more cognizant of potential 
difficulties. 

Assessment is an ongoing evaluation of various factors that can affect a lifesav- 
ing situation. Rescuers need to consider their own ability to rescue the victim, 
the victim’s condition, the environmental conditions, the equipment available, 
and additional resources. 

Rescue techniques include approaches, extensions, throws, assists, establishing 
buoyancy, defenses, towing, deep-water rescue breathing, equipment removal, 
and removing the victim from the water. The ability to rescue both conscious 








and unconscious divers at the surface and underwater is an important skill to 
develop; you should take a scuba lifesaving or rescue specialty course as soon 
as possible after completing basic scuba training. 

An unconscious diver underwater can drown unless rescued immediately. IIl- 
ness, drugs, and blows to the head can cause loss of consciousness. If a diver loses 
consciousness underwater, make the diver buoyant and get her to the surface 
immediately. You do not need to concern yourself about expanding air if the diver 
is not breathing because an unconscious person exhales automatically regard- 
less of head position. Do not concern yourself about the diver’s decompression 
status; she can be treated for DCS but will die after about four minutes without 
air. Do not jeopardize your own safety when attempting to rescue another diver. 

A diver who is not breathing needs air quickly and must get it at the surface. 
This is where your CPR skills and diving rescue techniques are invaluable. Open 
the victim’s airway. Often this is all an unconscious person needs to be able to 
breathe. To open the airway, tilt the head and lift the chin. Turn the person’s 
head to the side to drain water from the mouth and throat. Vomiting is common, 
so be prepared for it. Clear vomit from the victim’s mouth and throat at once or 
the person may inhale it and choke. 

A person who is not breathing after you have opened the airway requires 
rescue breathing and medical assistance. Shout for help. If you can remove the 
victim from the water quickly, you should do so. If removal will be delayed by 
even a couple of minutes, begin rescue breathing while you remain in the water. 
Keep the victim's airway open and lightly pinch the victim’s nostrils to seal them. 
Seal your mouth over the other person’s mouth and fill the person’s lungs with 
air until the chest rises gently. Give the victim one breath every 5 seconds or 
two breaths every 10 seconds while swimming to safety. A gurgling sound from 
the victim indicates water or vomit in the airway. Roll the person to the side 
and drain the fluid before continuing rescue breathing. The preferred method 
of in-water artificial respiration involves using a rescue-breathing mask, which 
you can carry in the pocket of your BC. Figure 6.35 shows a person doing rescue 
breathing using such a mask. 

You will probably not be able 
to detect a pulse in the water, so 
don’t bother trying. You cannot 
administer CPR in the water; you 
must remove the victim from the 
water and position her on a firm 
surface. 

Evacuation is the final element 
of scuba lifesaving. Evacuation 
procedures include accident pre- 
paredness, communications, and 
transportation options. Advance 
planning is essential to evacu- 
ate an injured diver to a medical 
facility. 


First Aid 


Some aspects of diving first aid 
are not taught in standard first 


Rescue breathing with a breathing mask. 
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aid courses. This section touches on those aspects, but you need the additional 
study and training that you can get in rescue specialty and oxygen administra- 
tion courses. 

Nothing is more important than attending to basic life support: airway, breath- 
ing, and circulation. The next priority for any serious diving injury is treatment 
for shock. Lay an injured diver who is breathing on his side, keep the person 
warm (but avoid overheating), and administer sips of water if he is conscious. If 
you suspect an air embolism, DCS, or near drowning, have the person breathe 
oxygen in the highest possible concentration. Keep any diver who has lost con- 
sciousness or who has symptoms of DCS lying down until he can be evaluated 
at a medical facility. Monitor the victim continuously. 

You should be able to recognize signs and symptoms that indicate a serious 
diving illness. The following signs and symptoms indicate an injury that requires 
the prompt administration of oxygen and medical treatment: 


Confusion 

Seizure 

Loss of consciousness 

Nausea or vomiting 

Shortness of breath 

Sudden, extreme weakness 

Numbness or a pins-and-needles sensation 
Inability to do simple motor skills 

Paralysis 


o 000 00 0 0 0 0 


Unequal pupils 


Venomous marine animals may be encountered in some parts of the world. A 
few venomous animals can inflict life-threatening wounds (see chapter 5). The 
wounds can cause pain, weakness, nausea, shock, mental confusion, paralysis, 
convulsions, depression, arrest of breathing, and even cardiac arrest. Fortunately, 
such wounds are rare. 

Venomous injuries are either punctures or stings. First aid for venomous 
puncture wounds involves removing all foreign matter from the wound, apply- 
ing hot packs to the injured area for half an hour, and keeping the injured area 
below the level of the heart. The injured person should obtain medical attention. 

First aid for a venomous sting includes killing any stinging cells that are in 
contact with the skin, removing any residue, cleansing the area, applying an 
analgesic ointment for pain relief, and seeking medical attention. Vinegar is a 
good solution to apply to all stings to neutralize stinging cells initially. 

You may not recall the appropriate first aid procedures in the event of an 
accident; therefore, you should bring along a diving first aid book to help you 
identify an injury and administer the appropriate first aid. A wilderness first aid 
book is also strongly recommended because diving often occurs in remote areas. 


Managing Accidents 


If a serious diving accident occurs, and no supervisory personnel are available 
to take charge, you have to manage the situation to the best of your ability. 
Summon help, but do not leave a seriously injured diver unattended. Enlist 
the aid of others. Try to locate the injured diver’s identification and medical 
information. Write down what happened, as well as the person’s dive profile, 





















SCUBA WISE 


People are creatures of habit, and habits are the result of repetition. If you repeat an 
action correctly enough times, you form a good habit. On the other hand, if you repeat 
an action incorrectly enough times, you create a bad habit. Divers need good habits to 
avoid accidents, but sometimes they fail to take the time to develop them. | often watch 
divers on charter boats and at dive sites as they prepare to dive. | notice that some fail to 
inspect their equipment adequately, some fail to plan their dive properly, and some fail to 
follow the practices outlined in this chapter. They usually know what to do, but because 
they have bypassed many steps every time they go diving, they have a habit of skipping 
important items. How safe is a pilot if he ignores the preflight checklist? Taking the cor- 
rect action requires concentration initially, but when repeated until the action becomes a 
habit, the process becomes automatic. People can make complex processes simple by 
repeating them. When a skill is executed properly every time, it not only becomes habit 
but also is easier to recall when you really need it, such as in an emergency. | strongly 
encourage you to take the time to form good diving habits. If you do, | assure you that 
the odds of being injured are extremely small. 


symptoms, dive times, and so forth. Pin the information in a conspicuous place, 
and send it with the injured diver to the medical facility. Accompany the diver 
to the medical facility, if possible. 


Summary 


The skills of diving range from simple skin diving procedures to complex scuba 
skills to problem management. You need to learn the skills correctly the first 
time, practice them until you can do them easily, and renew them frequently 
to stay proficient. You also need to be trained and prepared to handle a diving 
emergency. As mentioned previously, visualization of skills can help you develop 
skills. This is especially important for problem-management skills. Some prob- 
lems are not common, and you may never encounter them; but you need to be 
prepared to manage them. If you visualize a problem vividly in your mind, you 
will be able to remain relatively calm when that problem occurs because you 
will know what actions to take. Knowing what to do helps you remain relatively 
calm, which allows you to think and to better manage your situation. 


Application-of-Knowledge (AOK) Questions 


1. What are ways in which you can control buoyancy? 
2. What do you need to remember to do while ascending from a scuba dive? 


3. What can you do to minimize the chances of becoming separated from your 
buddy while scuba diving? 


4. The inflator valve on your BC sticks when you open it to add air. What actions 
can you take to prevent a rapid ascent? 

5. What should you do if your regulator begins free flowing while you are under- 
water and cannot be stopped? 

6. When preparing to exit the water into a small boat, what is the correct order 
for the removal of your equipment? 


7. While swimming against a current at the bottom in 40 feet (12.2 m) of water, 
you begin to experience air starvation. What is the proper way to manage 
this problem? 


8. If you become entangled underwater, what can you do to get free of the 
entanglement? 
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Welcome 


Welcome to MAKE's Getting Started with Soldering Kit, and congratulations 
on taking a big step into the world of DIY electronics. Once you get the hang 
of soldering, you can put together some of the many great kits that are avail- 
able, fix electronics that are broken, and build inventions of your own. With 
this kit, you'll learn how to: 


* Prepare and clean your soldering iron 


* Assemble electronic circuits from kits 


* Transfer circuit designs from a solderless breadboard to a prototyping 
PCB 


* Correct soldering mistakes you've made 


Basic Tools 


There's a lot of great stuff in the box, and before you start using it, here’s a 
tour of what you'll find in there. Figure O-1 shows the soldering tools you'll 
be using most of the time. 








Dive In and Discover 


By the end of this chapter, you will 
be able to do the following: 


° 


° 





List at least nine factors to 
consider in dive planning. 


Explain the why, who, where, 
when, how, and what of advance 
planning. 

Explain the on-site planning 
procedures for a dive. 


List at least five methods of 
obtaining area orientations for 
scuba diving. 


Use dive tables to plan repetitive 
dives that do not require 
decompression. 


Explain the planning procedures 
for cold or strenuous dives, 
variations in ascent rate, 
multilevel dives, omitted 
decompression, diving after 
required decompression, 

going to altitude after diving, 
exceeding maximum time 
when doing precautionary 
decompression, and a 
repetitive-dive residual nitrogen 
time that exceeds the absolute 
bottom time of the previous 
dive. 


Define the terms residual 
nitrogen, repetitive dive, surface 
interval time, maximum bottom 
time, decompression stop, 
repetitive group, safety stop, 
residual nitrogen time, actual 
bottom time, total bottom time, 
emergency decompression, 
no-decompression-stop limit, 
dive profile, step dive, spike 
dive, multilevel dive profile, 
sawtooth dive profile, scrolling, 
and contingency plan. 

Explain contingency planning for 
scuba diving. 

Compare the advantages 

and disadvantages of dive 
computers. 





In this chapter, you will learn about all phases of dive 
planning: advance planning, short-term planning, on-site 
planning, and postdive planning. You will also learn about 
area orientations and how to do dive profile planning. 
An essential part of dive planning is scheduling your 
time and depth to avoid DCS (decompression sickness). 

A well-planned dive increases enjoyment and satisfac- 
tion and decreases the risk of injury. A poorly planned 
dive can result in disappointment, embarrassment, and 
discomfort. By the end of this chapter, you will under- 
stand the significance of the expression “Plan your dive, 
and then dive your plan.” 


Dive-Planning Factors 


Many factors affect your plans for a dive or a diving trip. 
Keep the following considerations in mind when you are 
looking ahead to a dive outing: 


o Health and fitness are important. Illnesses, required 
medications, and recent operations probably disqualify 
you for diving. If your health is not normal, consult a 
diving physician. If there is any doubt about your physi- 
cal condition, refrain from diving until you are in good 
health. If you are prone to motion sickness, take steps 
to try to prevent it. 


© Climate is a big factor affecting dive planning. If you 
dive close to where you live, dive planning is easier than 
if you intend to dive thousands of miles away. A differ- 
ence in climate usually means a big difference in diving 
conditions, which means a difference in your equipment 
requirements. 


o The distance you travel to a diving destination affects 
your planning. If you travel far to reach the destination, 
allow a day to rest and recover from travel before you 
dive. After even one day of repetitive diving, wait one 
full day before flying home. 


o Weather affects diving conditions significantly. 
Storms and sudden changes in the weather can make 
diving dangerous. Know the weather forecast, and 
reschedule your dive if poor weather is predicted. Know 
the expected wind speed, air temperature, and water 
conditions. 


o Seasonal changes affect water movement, water 
visibility, air and water temperatures, entry and exit 
areas, and the presence of certain types of animals. You 











First you learn the theory of 
diving, then the skills of diving, 
and then you apply what you 

have learned. Your training 
objective is to qualify to 

dive without supervision, 
which involves planning your 
underwater excursions. 








should know what to expect at a dive site at differ- 
ent times of the year. It helps to know the visibility, 
water temperatures, tides, surf, surge, currents, bottom 
composition, silt conditions, plants, and animals. 


You need to be physically and mentally fit for diving. Fitness for diving implies 
that you are well rested, are well nourished, have the physical strength and 
stamina to meet the requirements of the environment and the activity, are quali- 
fied for the activity, are not apprehensive about your plans, are not goaded into 
doing something you are not prepared to do, and do not allow pride to affect 
good judgment. 

Your objective for the dive affects your planning. Different diving activities 
require different plans and different equipment. The planning of an underwater 
photography dive is not the same as the planning of a dive where you intend 
to hunt for game. 

You must know and observe laws, regulations, and customs. Some areas 
have laws that require the use of a dive flag. Obey fish and game regulations. 
Some diving professionals discourage the taking of any living thing in an area. 
You need to know the behavior expected of you. Knowing the expectations in 
advance can help you avoid being embarrassed at the dive site. 

Etiquette is important. Will early-morning diving activities be offensive to 
residents near the dive site? Will the parking of vehicles at a site irritate people? 
Be considerate of others who may be in the area where you intend to dive, 
including those who are fishing nearby. Consider the impact of noise, changing 
clothes, and dive site access. Then make your plans using good etiquette. 


Advance Planning and Preparation 


The first phase of dive planning is the determination of why, who, where, when, 
how, and what. 
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Why? 
Who? 
Where? 


When? 


How? 


What? 


Determine the objective of the dive. What do you want to do? 
Take photos? Explore? Look for artifacts? 


Determine with whom you want to dive. Select a buddy who is 
interested in your dive objective. 


Determine a primary and an alternative site. If conditions at the 
primary site are unfavorable, go to the alternate site. 


Determine the best time to dive. The water at most areas is usually 
calmer in the morning than it is in the afternoon. Tidal currents 
and height may affect the best time to dive. 


Decide how to reach the dive site. Who will drive? What are the 
directions? 


Determine what equipment is needed for the dive. Who will bring 
the float and flag? How many tanks do you need? Are there any 
special needs for the intended activity? 


Advance preparation can include 


making reservations, 


paying deposits, 


buying or renting equipment, 


having equipment serviced or repaired, 


getting tanks filled, 


obtaining a fishing license or permit, 


preparing equipment for photography, and 


obtaining emergency contact information. 














Your preparations will usually include a trip to your local dive facility. Inspect 
your equipment before you go. You may discover a needed repair that requires 
some time to complete. Identify your equipment needs early. 


Short-Term Planning and Preparation 


The day and evening before you intend to go diving, you need to take three 
actions. First, you should find out the weather forecast and current water con- 
ditions so you can determine if conditions will be acceptable for your diving 
activities. Call your dive buddy to discuss and confirm your plans. Last-minute 
revisions, such as going to the alternative site, may be necessary. If you anticipate 
poor diving or weather conditions, reschedule the dive. 

The second step of short-term preparation is packing your diving equipment 
and your personal items. (See chapter 4 for an equipment checklist.) 

The third step of short-term planning is to write down your dive plans and 
schedule. Leave this information with a friend. Instruct your friend to notify the 
authorities if you fail to return by a certain time. 


On-Site Planning and Preparation 


When you and your buddy arrive at the dive site, you must determine whether 
the conditions are acceptable for diving. If not, go to an alternative site. If the 
conditions at the alternative site are also unacceptable, abort the dive. 

An important step in the assessment of a dive site is the estimation of the 
current. Look for telltale signs such as kelp bent over from water movement, a 
wake around the anchor line or behind an anchored boat, or objects drifting on 
the surface. Determine the velocity of moving water by measuring how long 
it takes a floating object to move a known distance, such as the length of your 
boat. When an object moves 100 feet (30 m) in one minute, the speed of the 
object is approximately 1 knot (1.15 miles or 1.85 km per hour). When a cur- 
rent exceeds about 1/3 knot (0.4 miles or 0.6 km per hour), you must heed it 
because you can swim at a speed of only about 3/4 knot (0.86 miles or 1.4 km 
per hour). Plan the dive so that the current assists you in swimming to your 
exit point at the end of the dive. Figure 7.1 includes a table that can help you 
estimate current velocity. 

If the diving conditions are favorable, you should then determine the diving 
area. Select the entry and exit areas for the dive, and discuss the entry and exit 
procedures. Agree on the course to be followed during the dive. Agree on time, 
minimum air pressure, and landmarks for changes in direction. You and your 
buddy should know in advance approximately where you will be at any time 
during the dive. 

An important part of your planning is discussing and agreeing on the proce- 
dures for the buddy system. Decide who is in charge of the team, where you 
will position yourselves relative to each other, how you will move (steadily or 
start and stop), and what reunion procedures you will follow in the event of 
separation. Remember that communication is much easier on land than it is 
underwater, so take advantage of the opportunity you have to communicate 
and coordinate while preparing for a dive. 





Dive Planning i 187 









188 Ml Scuba Diving 


Current velocity estimation 


20 feet (6 meters) 





Anchor 
line 

























12 seconds 


Measure how long it takes a floating object to travel 100 feet (30 meters). 
If an object travels 20 feet (6 meters) in 12 seconds, it travels 100 feet 
(30 meters) in 1 minute. 


Current velocity table 
(time to travel 100 feet or 30 meters) 








Time Speed Time Speed 

(seconds) (knots) (seconds) (knots) 
5 12.0 95 0.62 
10 6.0 100 0.59 
20 3.0 110 0.54 
30 2.0 120 0.49 
40 1.5 130 0.46 
50 2 140 0.42 
60 1.0 150 0.39 
70 0.84 160 0.37 
80 0.74 170 0.35 
90 0.66 180 0.33 


Figure 7.1 You can estimate the velocity of a current if you time how long it takes a floating object to move 
the length of your boat. 


Always review your plans for emergencies. Agree on air-sharing procedures. 
Discuss what to do in the event of a serious diving emergency. Know where, 
how, and whom to call for help. Make sure you both have access to a first aid kit 
and other emergency equipment. A few minutes spent coordinating procedures 
before an emergency can save precious seconds if an accident occurs. 

Scuba diving requires dive profile planning. You and your buddy need to 
agree on the maximum time and depth for your dive. You must limit time and 
depth to avoid decompression illness. Dive profile planning is discussed later in 
this chapter. 
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Area Orientations 


You should recognize the importance of learning about a dive site before diving 
there. Because orientation is vital and because you want to be a responsible 
diver, you need to learn how to obtain orientations. Area orientations can be 
formal or informal. A formal orientation is provided as a service by a diving 
professional. The professional will tell you what to look for and what to look out 
for in the area and will lead you on a dive. A professional dive guide provides 
suggestions and points out items of interest and potential hazards. When you 
have completed a formal orientation, ask the professional to sign and stamp 
your logbook. A continuing education dive course is another excellent form of 
formal orientation to a new area. 

Formal orientations are ideal, but if you cannot arrange to have a professional 
introduce you to a new region, consider some or all of the following options for 
an informal orientation: 


o Read books, articles, and brochures about diving in the area. Learn as much 
about an area as you can before you go there. 


o Write to dive stores in the region where you intend to dive. Ask if you can 
participate in a dive class session for your orientation to the area. 


o Write to dive clubs in a region where you intend to dive. Ask if you can 
participate in a club-sponsored dive when you are in the area. Ask for con- 
tact information for several club members who dive regularly and may be 
willing to allow you to go diving with them. 


o When you arrive in a new area, find local dive sites and visit them when 
divers are likely to be there. Ask the divers about the sites while they are 
preparing to dive or after they exit from a dive. If you have your equipment 
ready, you may be able to accompany them ona dive. Make sure they have 

experience in diving at the site. 








SCUBA WISE 


Having reviewed dive accident reports for many years, | have found that failure to adequately 
plan or to carry out the plan for a dive is a common cause of accidents and injuries. | have 
been able to avoid serious injury during decades of diving. However, | have had some bad 
experiences. These experiences occurred when | failed to plan adequately, when | attempted 
activities without first completing training for the activity, or when | did not have adequate 
knowledge of a new dive site. 

| dived from shore in California on a beach with a steep incline without taking the time 
to research the dive. | was used to donning my fins, wading into the water, and swimming 
beneath the oncoming waves. When | attempted this procedure on this type of beach, | 
found that there was a trough created by plunging waves, and that the trough was a dropoff. 
The trough is also where the waves break suddenly and violently. As | waded into the water, 
| lost my footing at the trough at the same time that a large breaker suddenly formed and 
pounded me into the trough. | managed to kick past the trough before the next wave hit, 
but | was humbled by the experience. A key part of dive planning is to understand the 
terrain and learn the local procedures. After the dive, | watched a local diver literally run 
into the water after a wave broke, jump over the trough, turn onto his back, pull on one 
fin, and kick beyond the area where the waves broke. | have used that technique on steep 
beaches ever since that day when the plunging surf taught me a lesson. Avoid surprises 
that could be dangerous by learning about any new location before diving there. 
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o Purchase a space on a diving charter boat. When you board the vessel, tell 
the crew you are new to the area. Ask for advice about diving procedures, 
and ask to be introduced to an experienced diver who can provide addi- 
tional information. 


When you dive with local divers, allow them to go first. Do as they say and 
do as they do. Procedures vary from region to region. A procedure you use in 
your area may be inappropriate in a different area. For example, in your normal 
diving environment, you may be able to enter the water from a boat in a cur- 
rent without holding on to a line. But if you tried to do so in a different area, 
you might be swept away at once. Be humble, listen to others, and follow their 
example to avoid embarrassment. 


Dive Profile Planning 


There are limits on how long you may remain at various depths. The amount of 
nitrogen absorbed by your body determines the limits. You need to be aware of 
the effects of residual nitrogen, which is nitrogen remaining in your system 
from a dive made within the past 12 hours. Whether you do one dive or a series 
of dives, it takes time to eliminate nitrogen from your body. If you dive again 
before the excess nitrogen has had time to outgas, you add to the nitrogen 
already in your body, and you reach critical nitrogen levels faster than if you 
had not already absorbed excess nitrogen. A repetitive dive is any dive made 
within 6 to 24 hours (depending on the dive-planning device) of a previous 
dive. Figure 7.2 shows how the amount of residual nitrogen in the body builds 
from repetitive dives. A rest stop—a precautionary decompression stop during 
ascent—reduces the risk of decompression illness. 








A—Normal amount of nitrogen in body 

B—Amount of nitrogen in body after first dive 

C—Amount of nitrogen in body after first surface interval 
D—Amount of nitrogen in body after second dive 
E—Amount of nitrogen in body after second surface interval 
F—Amount of nitrogen after third dive 


Figure 7.2. If you make a repetitive dive before allowing the residual nitrogen to leave 
your body, the nitrogen continues to accumulate. 








Decompression experts use complex mathematical calculations and field test- 
ing to establish time limits for various depths for single and repetitive dives. The 
time limits are published in tables and programmed into calculators and dive 
computers. You need to know how to use these dive-planning devices to plan 
your dive profile so that you can minimize the risk of decompression illness. 

No dive-planning device can guarantee that you will not develop decompres- 
sion illness. Dive tables, calculators, and computers provide information based 
on statistics acquired through testing. If a diver adheres to the profile limits of a 
device, the statistical probability that the diver will develop decompression ill- 
ness is small. The devices assume that you are in good health, that you do not 
get cold during the dive, that you do not exert strenuously, and that you ascend 
at the correct rate. 

If you dive to the maximum time limits indicated by any dive-planning device, 
you increase the likelihood of decompression illness. Reducing your exposure 
to pressure reduces the likelihood of decompression illness. 


Dive Tables 


The U.S. Navy (USN) developed tables for dive planning. The recreational diving 
community adopted the military tables in 1980 and has used modified versions 
successfully. Although the tables were designed for military diving rather than 
recreational diving, many decompression experts still consider the USN dive 
tables—with reduced maximum dive times—appropriate tables for recreational 
use. New Doppler-tested dive tables developed by the USN are the basis for the 
dive tables presented in this chapter. 

The USN tables use compartments with half-times of 5 minutes, 10 minutes, 
20 minutes, 40 minutes, 80 minutes, and 120 minutes. The amount of nitrogen 
remaining in the 120-minute (2-hour) compartment determines the repetitive 
group designations of the tables, which are represented by letters. Because 
outgassing of a compartment takes six half-times, you can see why the USN 
tables define a repetitive dive as any dive within 12 hours (6 X 2 hours) of a 
previous dive. 

The tables include four sets of dive tables: 


A. Total bottom timetable 

B. Surface interval timetable 
C. Residual nitrogen timetable 
D. Decompression timetable 


Dive Table Modifications 


Diving organizations and manufacturers have modified the dive tables to make 
them more appropriate for recreational diving. Here are some typical differ- 
ences between standard dive tables and the modified dive tables presented in 
this chapter: 


© Reduced time limits—Dive-planning devices today include maximum time 
limits that are less than the no-decompression-stop limits of the USN dive tables. 
o Reduced depth limits—The USN dive tables provide dive-planning infor- 
mation for depths to 190 feet (58 m). The recommended maximum depth limit 
for recreational diving is 100 feet (30.5 m). New divers should limit diving to 
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SEI & PDIC International Air Diving Tables are designed 
to enhance diver safety and assist in dive planning. 

The Air Diving Tables should be used only by persons 
properly trained in their use. SEI & PDIC International 
Air Diving Tables provide a conservative safety margin 

to help avoid decompression sickness. Use of these 

Air Diving Tables is not guaranteed to eliminate the 
possibility of decompression sickness. To gain the 
greatest conservative margin from these tables, divers 
must carefully plan their dives in accordance with the 
No-Decompression Stop Limits and ascend no faster 
than 30 feet per minute with appropriate safety stops. Do 
not exceed the No-Decompression Stop Limits. Do not 
dive deeper than 100 feet. Do not use these tables for 
high altitude diving without calculating an adjustment for 
high altitude. Susceptibility to decompression sickness 
varies in accordance with a diver’s physical wellness and 
readiness, environmental conditions, ascent rates, and 
many other situations and conditions. 
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Repetitive Group 





Designation i» 





RESIDUAL NITROGEN TIME (RNT) IN MINUTES 
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Note: For repetitive dives less than 35 feet use the RNT values for 35 feet 
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SURFACE INTERVAL TIME (SIT) IN HOURS AND MINUTES 
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REPETITIVE DIVE PROFILES 


DIVE 1 


DIVE 2 





DEFINITIONS 


BOTTOM TIME (BT). The elapsed time in minutes, starts when the diver leaves the 
surface in descent and stops when the diver begins safety stop or surfaces (round up to 
next whole minute). On repetitive dives this is Actual Bottom Time (ABT). 

DEPTH. The depth of a dive; use the maximum depth attained during the dive in feet 
or meters of seawater. When depth is not indicated on the table use the next greater 
depth available. 

NO-DECOMPRESSION STOP LIMIT. The longest amount of time a diver can spend at 
depth without requiring a decompression stop. Table A lists these for all depths. For 
repetitive dives the Residual Nitrogen Time (RNT) must be added to the Bottom Time 
(BT) and the Total Bottom Time (TBT) must not exceed the No-Decompression Stop Limit. 
REPETITIVE DIVE. Any dive conducted within the time period specified by the surface 
interval table (Table B) of a previous dive with a minimum surface interval of 10 minutes. 
For repetitive dives of less than 35 feet, use the RNT (Table C) values for 35 feet to 
calculate Total Bottom Time (TBT). 

REPETITIVE GROUP DESIGNATION (RG). Letters that relate to the amount of residual 
nitrogen in a diver’s tissues for the time specified in the Suface Interval Table. 

RESIDUAL NITROGEN TIME (RNT). Located in Table C, an amount of time, in minutes, 
which must be added to the Bottom Time (BT) of a repetitive dive to calculate Total Bottom 
Time (TBT). Represents residual nitrogen still in a diver’s tissues from previous dives. 
SAFETY STOP. A 3 minute minimum safety stop at 15-25 feet is recommended at the 
end of all dives. 


SURFACE INTERVAL TIME (SIT). Located in Table B, the elapsed time from when a diver 
surfaces following a dive to the time (next whole minute) that diver starts the descent of 
the next dive. SIT must be a minimum of 10 minutes. 

TOTAL BOTTOM TIME (TBT). Calculated by adding the Bottom Time (BT) and the 
Residual Nitrogen Time (RNT). For times not indicated at a particular depth, use the next 
longer time available for that depth. 


RULES 
ASCENT RATE. Divers should ascend at 30 feet per minute or slower. 


DIVES LESS THAN 25 FEET. Dives less than 25 feet do not have a specific No- 
Decompression Stop Limit. However, if conducted as repetitive dives, they must be 
calculated as a 35 foot dive for Residual Nitrogen Times (RNT), Table C. 


EXCEEDING THE NO-DECOMPRESSION STOP LIMITS. If divers err and stay longer 
than the times allowed on the No-Decompression Stop Limit, Table A, the divers have 
exposed themselves to an increased decompression requirement and must refer to the 
Decompression Stops Table, Table D, for required decompression stops to complete the 
dive. Once on the surface these divers should not dive again for at least 12 hours or fly 
for at least 24 hours. 

FLYING AFTER DIVING. The longer the surface interval before flying the less likely a 
diver will experience decompression sickness. A minimum surface interval of 12 hours 
is required before ascent to altitude in a pressurized aircraft (or a ground altitude of 
1000 feet above sea level). Divers who plan to make multiple dives for several days or 
computer assisted dives should take extra precaution and wait an extended surface 
interval of greater than 12 hours before flying or ascending to altitude. Divers who have 
made dives requiring decompression stops should wait a minimum of 24 hours before 
flying or ascending to altitude. 

HIGH ALTITUDE DIVING. These Air Diving Tables are not to be used for diving 
at altitudes greater than 1000 feet above sea level without calculating altitude 
adjustments. 

ORDER OF DIVES. All repetitive dives should be conducted with each successive dive 
equal in depth or shallower than the previous dive. 


SPORT DIVING MAXIMUM DEPTH. Sport divers should not exceed 100 feet of depth. 


SPORT DIVING TIME LIMIT. On any dive the Total Bottom Time (TBT) should not 
exceed the No-Decompression Stop Limit. Dives requiring mandatory decompression 
stops should not be planned. 
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12:2 
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15.2 


60 
18.3 
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Time 
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Table D 


DECOMPRESSION STOPS TABLE 


Time to 
First Stop 
(min:sec) 


0.40 
0.40 
0.40 
0.40 


1:00 
1:00 
1:00 
1:00 


1:20 
1:20 
1:20 
1:20 
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1:40 
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2:00 
2:00 
2:00 


2:20 
2:20 
2:20 
2:20 


Decompression 
Stops (min) 
@ 20ft. 


Total 
Assent 
(min:sec) 


7:20 
15:20 
22:20 
28:20 


3:40 

5:40 

9:40 
22:40 


4:00 
9:00 
16:00 
25:00 


11:20 
16:20 
26:20 
46:20 
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Figure 0-1. Basic soldering tools 


Deluxe soldering iron 
(Top left) This soldering station includes a variable temperature con- 
troller, a cleaning sponge, soldering iron, and a ringed holder. 
Crosscut pliers 
(Left) You'll use these to trim away excess leads after you solder com- 
ponents in place. 
Solder tube 
(Bottom) This is enough solder to get you started and keep you busy 
over many projects. 
Helping hands 
(Right) For those times when you need a third or fourth hand, the helping 
hands let you hold items steady while you solder. 


Advanced Tools 


Most of the time, you'll only need the basic tools to get things done. But when 
you need to replace your soldering iron tip, correct a mistake you made while 
soldering, or need a tool to help keep components from overheating, you'll 
need the items shown in Figure 0-2. 
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Actual Bottom Time (ABT)—The elapsed time in minutes (rounded up to the next 
whole minute) from when a diver leaves the surface in descent until the diver begins 
a rest stop or surfaces. 


No Decompression Stop Limit (NDSL)—The maximum time that a diver may stay 
at a specified depth (indicated in table A). For repetitive dives, the residual nitrogen 
time (RNT) from table C must be added to the actual bottom time (ABT) to obtain the 
total bottom time (TBT), which must not exceed the NDSL specified in table A. Table 
C also indicates the maximum ABT for various depth and repetitive group combina- 
tions that will prevent the TBT from exceeding the NDSL. 


Repetitive Dive—Any dive conducted within 12 hours of a previous dive with a 
minimum 10-minute surface interval. For repetitive dives of less than 40 feet, use 
the 40-foot (12 m) values in table C (RNT table) to determine the TBT. 


Repetitive Group Designation (RGD or RG)—A letter that indicates the amount 
of residual nitrogen in a diver’s tissues for 12 hours after diving. 


Residual Nitrogen Time (RNT)—An amount of time (in minutes) that must be 
added to the actual bottom time (ABT) of a repetitive dive to determine the total 
bottom time (TBT). RNT compensates for residual nitrogen remaining in a diver’s 
tissues from previous dives. 


Surface Interval Time (SIT)—The elapsed time (rounded up to the next whole 
minute) from when a diver surfaces after a dive to the time the diver begins the 
descent of a repetitive dive. The minimum SIT is 10 minutes. 


Total Bottom Time (TBT)—The sum of ABT and RNT. For times not indicated at a 
particular depth, use the next longest time available for that depth. 


depths of about 60 feet (18 m). Advanced divers qualify to dive to approximately 
100 feet. Divers who complete a deep-diving specialty course qualify to dive to 
130 feet (39 m). Technical divers qualify to dive at even greater depths. Depth 
in water is similar to speed on land. When you qualify for a driver’s license, 
you may drive at speeds up to the legal limit. Driving at much higher speeds is 
hazardous and requires specialized training, special equipment, and controlled 
situations to minimize the risk of serious injury or death. Deep diving (beyond 
100 feet) is similar to race car driving in many respects. Deep diving is a profes- 
sional endeavor that unqualified recreational divers should not attempt. 


o Revised surface interval times—In 1983, a USN study reported a number 
of errors in the surface interval timetable. The errors usually do not affect the 
type of diving that recreational divers do, but some modified versions of the 
tables include the corrections. 

© Combined tables—Modified versions of the USN dive tables often combine 
information to make the tables easier to use. Tables may include the total bottom 
time (TBT) for repetitive dives along with the residual nitrogen time (RNT). 
Tables may include required decompression information to eliminate a separate 
decompression timetable. 


Dive Table Use 


In this section we'll take a closer look at some of the individual elements com- 
prising the combined dive tables. 
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Table A provides the NDSL, ee Table A 
a . DEPTH 
without required decompres- v TOTAL BOTTOM TIME (TBT) IN MINUTES 
sion stops for various depths. 57 | 101 [ 158 | 245 | 426 FT uf -||—.| g 
: ‘ 46 | 15 36 | 60 | 88 | 121] 163| 217| 297|449| | | | | | = 
This table also provides a letter 6.1 | 20 26 | 43 | 61 | 82 | 106 | 133 | 165 | 205 | 256 | 330/40] | | = 
designation for various dive S | 76 | 25 | 35a] 20 | 33 | 47 | 62 | 78 | 97 | 117 | 140 | 166 | 198 | 236 | 285 | 354| = 
: ; ; T [91 | 30 [223] 17 | 27 | 38 | 50 | 62 | 76 | 91 | 107 | 125 | 145 | 167 | 193 | 223] 
profiles. The letter designation A | 20.7 | 35 | s68 [24 [23 | 32 | 42 | 52 | 63 | 7 | 87 | 100 115 | 131 | 148168) © 
indicates the amount of excess p [122 40 | 135] 12 | 20 | 27 | 36 | 44 | 53 | 63 | 7 | 24 | 95 | 108 8 
‘* . ~ - ne} 
nitrogen remaining in your 7 [oz as [aoe [an [a7 [20 [an [39 [a [ss [6 | 72 | o 
: 152/50 | 80] 9 | 15 | 21 | 28 | 34 | a1 | 48 | 56 | 63 g 
body after a dive. 167| 55 | 63 | 8 | 14 | 19 | 25 | 31 | 37 | 43 | 50 | 56 a 
H [183 [ 60 | 51 {| 7 | 12 | 27 | 22 | 28 | 33 | 39 | 45 = 
E [213] 70 [ 42 | 6 | 10 | 14 | 19 | 23 | 28 | 32 > 
R | 244| 80 | 32 [5 | 9 | 12 | 16 | 20 | 24 8 
g |274| 90 | 24 [4 [7 | a1 | 14 | a7 [ 0 3 
305|100] 18 | 4 | 6 | 9 | 12 18 ° 
335 [110] 16] 3 | 6 | 8 | 1 16 Fo 
366 [120] 10[ 3 | 5 | 7 | 10 = 
39.6 |130| 6 | 2 | 4 | 6 a 
Reames TTT ETL bid d ddd 
ABCDEFGHIJKLM 





Designation 


Table B, the surface interval ere 














timetable, provides letter group —~ ABCDEFGHIJSKLM 
information based on your Bie Beth in { { { { { { { { { { { { 
10: 


surface interval time (SIT). You 











mg Ay — | 229/238 | 432 15:23 | 6:25 | 7:08 | 8:00 ] 8:52 [9:44 [10:36)11:20]12:21]13:13 

eos f : eats 0:10 | 1:17 | 2:12 | 3:04 | 3:56 | 4:49 | 5:41 | 6:33 | 7:25 | 8:17 | 9:10 |10:02|10:54 
egin a surface interval with one B 1:16 | 2:11 | 3:03 | 3:55 | 4:48 | 5:40 | 6:32 | 7:24| 8:16 | 9:09 |10:02/10:53 
<— D — [6510 | 0:56 | 1:48 | 2:40 | 3:32 | 4:24 | 5:17 | 6:09 | 7:01 | 7:53 | 8:45 [9:38 





letter group designation; as you 
outgas nitrogen, you acquire 
lower letter group designations. 


<i ee | 9:55 | 1:47 | 2:39 | 3:31 | 4:23 | 5:16 | 6:08 | 7:00 | 7:52 | 8:44 | 9:37 
C 0:10 | 0:53 | 1:45 | 2:38 | 3:30 | 4:22 | 5:14 | 6:07 | 6:59 | 7:51 | 8:43 


—_— es | 0:52 | 1:44 | 2:37 | 3:29 | 4:21 | 5:13 | 6:06 | 6:58 | 7:50 | 8:42 
D 0:10 | 0:53 | 1:45 | 2:38 | 3:30 | 4:22 | 5:14 | 6:07 | 6:59 | 7:51 


<i | 0:52 | 1:44 | 2:37 | 3:29 | 4:21] 5:13 | 6:06 | 6:58 | 7:50 
E 0:10 | 0:53 | 1:45 | 2:38 | 3:30 | 4:22 | 5:14 | 6:07 | 6:59 


q— es | 0:52 | 1:44 | 2:37 | 3:29 | 4:21 | 5:13 | 6:06 | 6:58 
F 0:53 | 1:45 | 2:38 | 3:30 | 4:22 | 5:14 | 6:07 


<q es | 0:52 | 1:44 | 2:37 | 3:29 | 4:21 | 5:13 | 6:06 
G 0:10 | 0:53 | 1:45 | 2:38 | 3:30 | 4:22 | 5:14 


<«H es | 0:52 | 1:44 | 2:37 | 3:29 | 4:21 | 5:13 
0:10 | 0:53 | 1:45 | 2:38 | 3:30 | 4:22 


—q_— I es | 0:52 | 1:44 | 2:37 | 3:29 | 4:21 






























































Dive table courtesy of Scuba Educators International. 
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Table D, the decompression stops Table D 
. . DECOMPRESSION STOPS TABLE 
table, provides the amount of time 
that you must decompress if your “rect “Time” fier Stop Stops(min) Assent Repetve 
y . p . 7 Meters (min.) (min:sec) @ 20ft. (min:sec) Group 
total bottom time (actual dive time = fi 7 
. . . 40 150 0.40 6 7:20 fo) 
plus residual nitrogen time) exceeds Gon ee u 15:20 z 
the maximum no-stop time (NDSL) i 28s Oss 27 Hae zg 
ase os 2 st 
Now you are ready to learn how 15.2 100 1:00 3 3:40 9 
to plan dives using the air diving = : 
tables. Use table A to determine the 60 *® ie 2 ase k 
. . 70 1:20 14 16:00 N 
maximum no-stop time (NDSL) fora 13 % io 23 28:00 8 
dive. This is the maximum time you 42 0 
70 2 wf BB of 
can spend underwater for the deep- 213 © 10 i i620 X 
est depth you reach during a dive. 
. 32) 10) H 
If your total bottom time exceeds 80 2:00 a 340 1 
the NDSL time, you must complete Oe see ef ee . 
mandatory decompression using 24 ~ 0 - : 
table D (this will be discussed later). 90 2:20 14 17:00 L 
v . : 27.4 40 2:20 23 26:00 M 
Your goal is to avoid exceeding the 45 2:20 31 34:00 N 
~~ ee 
Rows are horizontal, and columns 305 3 2:40 26 29:20 M 
are vertical. Enter table A on the row 7 ; : 
corresponding to the deepest depth 110 2 a0 . ya L 
you plan to reach duringadive,and 335 3 = 30 39 ‘2:40 N 
then move across to the end of the woe ie 9 te 0 
row to find your maximum NDSL. Be ee Bi B20 ql 
After your dive, reenter the row and one Annee = ane : 
. . . . 6 0 Cc 
find the first number (in minutes) 130 3:40 1 5:20 S 
that does not exceed your actual 396 2% 3:40 vu 21:20 k 


dive time. Proceed downward on 
the column containing your dive 
time and locate the repetitive group 
designation letter (from A to M) for your dive. For example, a dive of 50 feet 
(15 m) for 30 minutes assigns you to group E. Remember that whenever the 
depth or duration of your dive exceeds a listed number in the table, you must 
use the next larger number. 

Next, you use table B, the surface interval table, to determine your letter group 
for a repetitive dive. Your group designation depends on the amount of time that 
you remain at the surface until you dive again. The longer your surface interval, 
the closer to the beginning of the alphabet your letter group will be. 

Enter table B using the group designation you obtained from table A. Move 
downward along the column until you find the time range (expressed as hours: 
minutes; for example, 1:26 is 1 hour and 26 minutes) that your surface interval 
time (SIT) falls into. Remember that when you exceed a number on the dive 
tables, you must use the next larger number. Follow the row to the left to find 
your ending letter group designation. For example, if your letter group was E 
at the beginning of a 2:00 surface interval, you would be in group C at the end 
of the surface interval. You would be in group C after a surface interval ranging 
from 1:45 to 2:39. 


Dive table courtesy of Scuba Educators International. 








Use table C, the residual nitrogen time (RNT) table, to determine both your 
adjusted maximum no-stop time for a repetitive dive and your residual nitrogen 
time (which must be added to your actual dive time) for your planned depth. 
For example, if your repetitive group letter from a previous dive is C and your 
planned depth for your next dive is 50 feet, your actual bottom time (the smaller, 
lower number for the depth column coordinate) must not exceed 57 minutes. 
Additionally, the residual nitrogen time (RNT) for the depth (the larger, upper 
number for the depth column coordinate) must be added to your actual bottom 
time. If you dived to 50 feet for 40 minutes as a group C diver, you would add 
23 minutes of RNT to your actual bottom time to obtain a total bottom time 
(TBT) of 63 minutes. 

After a repetitive dive, you return to table A and use your total bottom time 
(TBT) to obtain a new repetitive group designation. For example, your dive to 
50 feet for 40 minutes as a group C diver yielded a TBT of 63 minutes. According 
to table A, 63 minutes of TBT at a maximum depth of 50 feet would assign you 
to repetitive group I at the beginning of your next surface interval. 

Table D is for emergency use only when you exceed the maximum no-stop 
time (NDSL) for a depth. Avoid dives that require planned decompression. If you 
unintentionally allowed your total bottom time (TBT) to exceed the NDSL, you 
would refer to table D to determine the required decompression. For example, 
if your TBT for a depth of 60 feet (18 m) was more than 51 minutes (the NDSL), 
but less than 61 minutes, you would need to decompress at a depth of 20 feet (6 
m) for 2 minutes. Your total ascent time, including the decompression, would 
require 4 minutes. Your repetitive group after the decompression dive would 
be L. This example is for emergency purposes only. You should never plan a 
decompression dive unless you complete specialty training and meet every 
requirement for safety. 


Special-Equipment Dive Planning 


You must use special dive tables if you dive using oxygen-enriched air (nitrox); 
you learn how to use these tables when you take a nitrox specialty course. Do 
not attempt specialized diving without proper training. Exceeding the 130-foot 
(39 m) depth limit by a few feet when breathing compressed air is not particu- 
larly dangerous, but exceeding the maximum depth limit (which varies with the 
gas mixture) when breathing mixed gases can cause seizures and drowning. Gas 
mixtures other than compressed air are only for divers who have the prerequisite 
training and equipment. 


Dive Profile Terms and Rules 


Divers use several types of dive profiles, which are created by plotting the time 
and depth of a dive. Figure 7.3 shows a diagram of a standard profile. A dive to 
a constant depth for a given period of time is typically depicted as a profile with 
square corners. A multilevel dive profile is a dive that progresses from deep 
to shallow during a given period of time. When you make a dive in a series of 
steps, you can refer to it as a step dive. A sawtooth dive profile is a dive 
that progresses from deep to shallow and back to deep. Avoid this type of dive. 
Another profile is the bounce profile. This represents a dive with a short ABT, 
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Depth Safety 





Figure 7.3 Standard dive profile. 


such as a dive to free a fouled anchor. You should also avoid this profile, which 
is depicted graphically as a spike. Bounce profiles are also called spike dives. 
Figure 7.4 graphically depicts these four profiles. 


Dive Profile Diagramming 


Diagram your dive profiles when planning and recording your dives. Include 
planned and actual depths, rest decompression stops, bottom times, repeti- 
tive group letter designations, and surface interval times. For repetitive dives, 
include RNTs and TBTs. A simple method for diagramming dive tables is to use a 
worksheet like the one shown in figure 7.5. Some dive computers automatically 
record a profile of your dive that may be displayed for review. 

Try the following exercise, which combines diagramming with the dive table 
procedures you have learned. Use the blank diagramming worksheet in figure 
7.5 asatemplate. If you have any difficulties, refer to the preceding section about 
the use of the dive tables. Assume that all dive times include three-minute rest 







(21 m) 15 minutes 
15 minutes 
30 minutes 
Multilevel or step profile 
30 minutes 
70 ft 
Square profile (21 m) 
2 minutes 





40 minutes 


Sawtooth profile 


Figure 7.4 Types of dive profiles. 








Bounce or spike profile 








= BNT —— 


ABT —— + RNT —— 


= BNT —— 
PD = Planned depth 
AD = Actual depth 


Figure 7.5 Use a worksheet like this to plan your dives. 


stops. Calculate and diagram the following series of dives (the answers to the 
diagramming problem are in the next paragraph and in figure 7.6): 


o The first dive is to 78 feet (24 m) with an ABT of 20 minutes, followed by 
a surface interval of 1.5 hours. 


© The second dive is to 55 feet (16.8 m) with an ABT of 25 minutes, followed 
by a surface interval of 2 hours. 


© The third dive is to 40 feet (12 m) with an ABT of 25 minutes. 


Solution: The repetitive group after the first dive is E. After the surface inter- 
val, the repetitive group changes to D. The RNT fora D diver at 55 feet (16.8 m) 
is 26 minutes. The TBT (ABT + RNT) for the second dive is 51 minutes (25 + 26). 
The repetitive group after the second dive is I. After the second surface interval, 
the group changes to G. The RNT for a group G diver at 40 feet is 64 minutes. 
The TBT for the third dive is 89 minutes (25 + 64). The repetitive group after 
the third dive is J. 

The following tips help make dive profile diagramming easier: 


o Enter the repetitive group letter at every upper corner of a profile except 
the first corner. 


o Add ABT and RNT to obtain TBT for every repetitive dive. Use the recall 
word ART to help remember that you add ABT and RNT to obtain TBT. 


Now combine the dive table procedures to plan a series of dives. Use the blank 
diagram shown in figure 7.5. Assume that the depth of the first dive—the deep- 
est dive—is 60 feet. The NDSL, according to table A, is 51 minutes. Plan an ABT 


PD 
AD 





ZO 26 =ent 37 
ABT +RNT 3S 
PD = Planned depth 

AD = Actual depth 


Figure 7.6 Completed diagramming worksheet. 
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ME Rules 


Ascent Rate. Divers should ascend at 30 feet per minute or slower. 


Dives Less Than 25 Feet. Dives less than 25 feet do not have a specific No Decompression Stop 
Limit. However, if conducted as repetitive dives, they must be calculated as a 35 foot dive for 
Residual Nitrogen Times (RNT), Table C. 


Exceeding the No Decompression Stop Limits. If divers err and stay longer than the times 
allowed on the No Decompression Stop Limit, Table A, the divers have exposed themselves to an 
increased decompression requirement and must refer to the Decompression Stops Table, Table D, 
for required decompression stops to complete the dive. Once on the surface, these divers should 
not dive again for at least 12 hours or fly for at least 24 hours. 


Flying After Diving. The longer the surface interval before flying, the less likely a diver will 
experience decompression sickness. A minimum surface interval of 12 hours is required before 
ascent to altitude in a pressurized aircraft (or a ground altitude of 1000 feet above sea level). 
Divers who plan to make multiple dives for several days or computer-assisted dives should take 
extra precaution and wait an extended surface interval of greater than 12 hours before flying or 
ascending to altitude. Divers who have made dives requiring decompression stops should wait a 
minimum of 24 hours before flying or ascending to altitude. 


High Altitude Diving. These Air Diving Tables are not to be used for diving at altitudes greater 
than 1000 feet above sea level without calculating altitude adjustments. 

Order of Dives. All repetitive dives should be conducted with each successive dive equal in depth 
or shallower than the previous dive. 

Sport Diving Maximum Depth. Sport divers should not exceed 100 feet of depth. 

Sport Diving Time Limit. On any dive, the Total Bottom Time (TBT) should not exceed the No 
Decompression Stop Limit. Dives requiring mandatory decompression stops should not be 
planned. 


Ris Definitions 


200 


Bottom Time (BT). The elapsed time in minutes starts when the diver leaves the surface in descent 
and stops when the diver begins safety stop or surfaces (round up to next whole minute). On 
repetitive dives, this is Actual Bottom Time (ABT). 


Depth. The depth of a dive; use the maximum depth attained during the dive in feet or meters of 
seawater. When depth is not indicated on the table, use the next greater depth available. 


No Decompression Stop Limit. The longest amount of time a diver can spend at depth without 
requiring a decompression stop. Table A lists these for all depths. For repetitive dives, the Residual 
Nitrogen Time (RNT) must be added to the Bottom Time (BT) and the total bottom time (TBT) 
must not exceed the No Decompression Stop Limit. 


Repetitive Dive. Any dive conducted within the time period specified by the surface interval table 
(Table B) of a previous dive with a minimum surface interval of 10 minutes. For repetitive dives 
of less than 35 feet, use the RNT (Table C) values for 35 feet to calculate Total Bottom Time (TBT). 

Repetitive Group Designation (RG). Letters that relate to the amount of residual nitrogen in 
a diver’s tissues for the time specified in the Surface Interval Table. 

Residual Nitrogen Time (RNT). Located in Table C, an amount of time, in minutes, which must 
be added to the Bottom Time (BT) of a repetitive dive to calculate Total Bottom Time (TBT). Rep- 
resents residual nitrogen still in a diver’s tissues from previous dives. 


Safety Stop. A 3-minute minimum safety stop at 15-25 feet is recommended at the end of all dives. 
Surface Interval Time (SIT). Located in Table B, the elapsed time from when a diver surfaces 


following a dive to the time (next whole minute) that diver starts the descent of the next dive. 
SIT must be a minimum of 10 minutes. 


Total Bottom Time (TBT). Calculated by adding the Bottom Time (BT) and the Residual Nitro- 
gen Time (RNT). For times not indicated at a particular depth, use the next longer time available 
for that depth. 








of 28 minutes (including rest stop) for the dive. Your repetitive group designa- 
tion after the first dive is E. Now plan a repetitive dive to the same depth. Refer 
to table C to plan the dive because table C provides the maximum allowable 
times for various letter group designations. If your surface interval is less than 
52 minutes, you remain in the E group, your RNT is 29 minutes, and your ABT 
must not exceed 22 minutes. Your surface interval should be at least 1 hour, 
as recommended. If you wait an hour between the first and second dive, your 
repetitive group changes to D, your RNT is 24 minutes, and your ABT cannot 
exceed 27 minutes. If you want to dive for 28 minutes, you need to extend your 
surface interval to at least 1 hour and 45 minutes to obtain repetitive group C. 

Assume that you repeat the first dive as a group C diver. Your RNT is 19 min- 
utes and your ABT is 28 minutes, so your TBT is 47 minutes. Your repetitive 
group after the second dive is I. 

Assume that the dive site is so good that you want to make a third dive to 60 
feet. No ABT minutes are allowed for a diver with a group I designation. Proceed 
up the column of the table. If you want to dive to 60 feet again for 28 minutes, 
you need to attain repetitive group C, which allows 32 minutes of diving with- 
out required decompression. When you know the group that you need to attain 
as well as your starting group, you can plan your surface interval. Table B tells 
you that you must wait at least 5 hours and 14 minutes to move from group I 
to group C. It would be wise to consider a shallower dive at this point. 

Use the tables to plan dives that enable you to avoid emergency decompres- 
sion. You have three options for planning repetitive dives that do not require 
mandatory decompression. If your RNT prevents you from making a desired 
dive, you can (1) reduce the duration of the dive, (2) reduce the depth of the 
dive, or (3) increase the surface interval preceding the dive. 


Special Procedures 


Unusual circumstances may arise that require special procedures. You should 
know the procedures for dive profile planning for each of the following situations: 


o A cold or strenuous dive—When a dive is particularly cold or strenuous, 
use the next greater time for the dive. If the dive is both cold and strenu- 
ous, use the next greater time and depth. 


© Variations in the rate of ascent—If you ascend faster than 30 feet (9 m) 
per minute, extend your rest stop by at least two minutes. The faster you 
ascend, the more you should increase the stop time. 


© Multilevel dives—Treat dives to multiple levels as square-profile dives, as if 
all the time of the dive was at the deepest depth of the dive. Do not attempt 
to extrapolate the dive tables. 


© Omitted decompression—If you need to decompress but fail to do so, use the 
following procedure for omitted decompression. If you have no symptoms 
of decompression illness after the dive, remain out of the water, breathe 
oxygen in the highest concentration possible, rest, drink water, and be 
alert for symptoms of decompression illness. Wait 24 hours before diving 
again. If you suspect decompression illness, proceed at once to a hyperbaric 
facility for a medical examination. The USN has a procedure for in-water 
decompression, but diving medical experts agree that this procedure is 
inappropriate unless there is no alternative. 
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o A rest stop that causes your ABT or TBT to exceed NDSL—TIf a rest stop 
causes ABT or TBT to exceed the maximum time limits, determine your 
repetitive group letter designation using the NDSL for the profile. 


© Diving after mandatory decompression—After a dive that requires decom- 
pression, wait at least 24 hours before diving again. 


°o A repetitive dive with an RNT that exceeds the ABT of the previous dive—If 
the RNT for a repetitive dive exceeds the ABT of the previous dive, use the 
RNT for planning the repetitive dive. 


o Altitude after diving—Ascending to altitude after diving increases the like- 
lihood of decompression illness because of further reduction in pressure. 
Driving in the mountains or flying after diving can cause decompression 
illness that would not occur if you remained at sea level until you elimi- 
nated the excess nitrogen. 


The Divers Alert Network (DAN) recommends that divers wait a minimum 
of 12 hours before ascent to altitude in a commercial jet airliner (higher than 
8,000 feet, or 2,438 m) after a single no-decompression dive. If you make 
multiple dives for several days, wait at least 18 hours before flight. If your dive 
requires decompression, a preflight interval substantially longer than 18 hours 
is required. Lengthening your preflight time interval reduces the chance that 
you will experience decompression illness. 

DAN does not have a recommendation for flying or driving at lower altitudes. 
The most extensively tested tables for altitudes are the Swiss dive tables. The Swiss 
tables use a compartment with a much longer half-time than the USN tables. A 
reasonable approach to altitude delays after diving makes the surface intervals 
of the USN dive tables equivalent to those of the Swiss tables. Converted USN 
minimum surface intervals in table 7.1 specify the minimum time required to 
attain permissible nitrogen levels for various altitudes. 

Altitude is any elevation above 1,000 feet (305 m). The altitude delay timetable 
provides recommended time delays for altitudes up to 10,000 feet (3,048 m). To 
use the altitude delay timetable, enter the table horizontally on the top line and 


Table 7.1 Altitude Delay Timetable 
Starting repetitive group 
Altitude (ft/m) ABC 





2,000/610 0:00 0:00 0:00 0:00 0:00 0:00 0:00 0:00 0:00 2:26 
3,000/914 0:00 0:00 0:00 0:00 0:00 0:00 0:00 0:00 2:37 4:08 
4,000/1,219 0:00 0:00 0:00 0:00 0:00 0:00 0:00 2:53 4:30 5:51 
5,000/1 ,524 0:00 0:00 0:00 0:00 0:00 0:00 3:04 4:57 6:29 7:44 
6,000/1,829 0:00 0:00 0:00 0:00 0:00 3:20 5:24 7:12 8:38 9:54 
7,000/2,134 0:00 0:00 0:00 0:00 3:41 6:02 8:06 9:43 11:10 12:36 
8,000/2,438 0:00 0:00 0:00 4:08 6:50 9:11 11:04 12:41 14:19 15:40 
9,000/2,743 0:00 0:00 4:57 8:06 10:48 12:58 14:51 16:39 18:11 23:09 


10,000/3,048 0:00 6:18 10:37 13:25 15:56 18:05 20:10 21:18 23:24 24:50 


Note: Times represent the minimum recommended time delay before ascending to the listed altitude and are USN surface interval 


times with a delay factor of 5.4. Times are in hours:minutes (for example, 5:24 is 5 hours 24 minutes). 


“Recommended minimum repetitive groups for indicated elevations. 


(S) | In | al | @) | ae] | S| 2s 


C 








find your starting repetitive group. Next, find the altitude to which you wish 
to ascend. If you exceed a number, use the next greater one. The time at the 
coordinates of the desired altitude and your starting repetitive group indicates 
the minimum time delay recommended before ascending to the altitude selected. 


Profile Contingency Planning 


When you plan a dive profile, you should also plan for contingencies. You should 
know what to do in case you unintentionally exceed your planned depth or time 
or both. A simple matrix, such as that depicted in figure 7.7, is helpful. When 
diving using dive tables, you should prepare a contingency matrix in advance 
of your dives and carry it with you while diving. Dive computers automatically 
provide contingency information. 

Not all dive-planning information displayed by a computer can be accepted at 
face value. You must learn to apply the dive computer guidelines included in 
this section. 

After you complete your plans, you need to implement them. The first rule 
of dive planning is to plan your dive, and then dive your plan. You and your 
buddy should make every effort to do as you agreed to do before the dive. When 
circumstances force changes in your plans, it helps to have contingency plans. 


Times in boxes are emergency decompression times. 


40 minutes 
50 minutes 


Planned time 30 minutes 


Sample 





© | Next greater time 
© | Next greater time 


jo) 


Planned depth 60 ft 





oO 
oO 
oO 


Next greater depth 70 ft 














Next greater depth 80 ft 0 5 | 10 





Planned time 
Next greater time 
Next greater time 





Planned depth 





Next greater depth 

















Next greater depth 





Figure 7.7 Acontingency matrix helps you plan ahead for unexpected events. 
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Figure 0-2. Advanced soldering tools 


Heat sink 
(Left) Clip this to sensitive components to help dissipate heat. 


Desoldering wick 
(Bottom left) Use this to wick away excess molten solder. 


Desolder pump 
(Center left) This pump will suck up molten solder when you have a lot 
of solder to remove. 


Soldering tools 
(Center right) The scrapers, brush, and slotted probe come in handy 
when you need to move solder around or precisely position a 
component. 


Replacement tips 
(Right) Tips don't last forever. When you've worn out your tip, use one 
of these as a replacement. 


Welcome vii 
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These plans need to address many possible contingencies for a dive. For example, 
you should know what to do if you 


© surface downcurrent from a boat when you had planned to surface in front 
of it, 

are unable to reach or use the exit point you had selected on shore, 

end the dive a long distance from your exit location, 

exceed the maximum allowable bottom time (ABT or TBT) for a dive, 
experience a failure of your dive computer while diving, or 


o Oo 0 0 0 


ascend directly to the surface without precautionary decompression. 


Dive Calculators and Dive Computers 


The benefits of a dive computer outweigh the potential problems associated with 
the use of these devices. Because dive computers simplify dive planning, you 
should obtain a dive computer as soon as you can. However, make sure you 
learn how to use dive tables and dive calculators so that you will know how 
to plan a dive if you do not have a dive computer. Although dive computers 
have minimized the use of dive tables, divers must be able to use dive tables as 
a backup in case the dive computer fails to work. 

Dive calculators are circular planning devices that eliminate the mathematics 
required with the dive tables. Dive calculators provide precalculated numbers, 
and they eliminate the need to add and subtract times. Guides on the calcula- 
tors help eliminate line-jumping errors frequently made when using dive tables. 

Dive tables have 5- or 10-foot (1.5 or 3 m) increments and require all the 
time of a dive to be counted at maximum depth of the dive. If the first part of 
your dive is deeper than the remainder of the dive, you suffer a penalty because 
the tables treat the entire dive as if it took place at the deepest depth (see figure 
7.8). At the end of the dive, you receive a repetitive group designation that is 
higher than you deserve. Dive tables are advance-planning devices, while dive 
computers provide constant information on decompression status. 

Dive computers use 1-foot (0.3 m) increments for profile planning, and they 
calculate nitrogen absorption continuously. As you vary depth during a multilevel 
dive, you are charged only for 
the nitrogen you absorb. You Surface 
do not incur the maximum- 
depth penalty (see figure 7.8) 
of the dive tables, so your 
residual nitrogen time after 
a multilevel dive is less than 
when calculated using dive 
tables. The penalty avoidance 
is the primary advantage of a 
dive computer as a planning 
device. Dive computers also 
provide advance-planning 
information by scrolling a 


sequential display of time Figure 7.8 The striped area represents penalty 
limits for various depths. You __ time imposed by dive table procedures. 
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must carry your dive computer with you when you dive because it provides 
information about your decompression status continuously and keeps track of 
your residual nitrogen. 

Regardless of the type of dive computer you choose, you need to understand 
some basic principles. First, be sure to read the instruction manual that comes 
with your computer. Wait 24 hours after diving with dive tables before using a 
dive computer to ensure that you eliminate all residual nitrogen from your body. 
Do not exceed the ascent rate specified by the manufacturer, and do a five-minute 
rest stop at a depth of 15 to 20 feet (4.6 to 6.1 m) at the end of every dive. If 
you exceed the rate of ascent specified for your computer, extend the duration 
of your precautionary stop by at least the amount of time it should have taken 
you to ascend to the stop depth. Do not make repetitive dives deeper than 80 
feet (24 m). Keep your dive computer activated until its outgassing is complete. 
If your computer fails at any time while you are diving at a depth in excess of 
30 feet (9 m), terminate the dive immediately with a rest stop. If your computer 
fails or if you switch it off accidentally, discontinue diving for 24 hours. 

If you exceed the maximum time limit for a dive, decompression is mandatory. 
The computer displays a ceiling—the minimum depth to which you may ascend. 
As you decompress, the ceiling becomes shallower until the computer indicates 
that you may surface. After a minimum interval at the surface, the computer 
begins scrolling—displaying the time limits for various depths sequentially. Wait 
24 hours before diving again after any dive for which a ceiling was displayed. 

The concept of backup planning with dive tables is good for square profiles; 
however, for multilevel dives planned with a computer, the use of the dive tables 
for backup planning is not feasible. 

Modern dive computers offer many features. Here are some examples of the 
features that a computer may include: 


° 


Operating modes for various breathing gases 


° 


Decompression stop data 


° 


A wireless transmitter that provides both cylinder pressure and remaining 
air data 


° 


Dive profile lifetime history memories 


Ms Dive Computers 


Advantages 
o The maximum-depth penalty of the dive tables is avoided. 
o Dive profile information is accurate. 
o Dive computers store a record of the dive profile. 
o You can eliminate common errors made when using manual dive planners. 
o Dive computers offer additional features, such as an ascent rate indicator. 


Disadvantages 
o Dive computers are electronic instruments that can fail. 
o Dive computers are expensive to purchase and service. 
o Each diver must have a separate computer. 


o The mathematical model varies from one type of computer to another, so some 
confusion results when each diver of a buddy team uses a different type of computer. 
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A multiple-step ascent rate indicator 
Altitude adjustment 

A dive-planning mode 

Backlighted displays 

Audible alarms 


o Oo 0 0 90 


An integrated, wireless-transmitting, digital-compass dive computer provides 
dive-planning information before, during, and after your dives. This type of 
computer is a highly desirable device. Central processing units (CPUs) in closed- 
circuit rebreathers (CCRs) are also sophisticated dive computers that provide 
highly technical dive-planning information. 

The advantages of dive computers greatly outweigh the disadvantages, and 
computers have become an almost essential item for scuba divers. 


Postdive Review 


After a dive, you and your buddy should reflect on your experience. How closely 
did the actual dive match the dive that you planned? If there were deviations 
from the plan, what caused them? Could you have prevented the deviations 
with a different plan or approach? What changes can you make to improve the 
next dive? Some problems require research, or you may need to ask the advice 
of a diving professional. The experience of each dive should affect your plans for 
future dives. Your dives with your buddy should progress more smoothly each 
time you dive together. Each time you visit a dive site, your dive procedures 
should improve. A review of each dive with your buddy and a discussion about 
future diving are valuable parts of dive planning. Even if you have a new dive 
buddy for a dive, you should plan your dives together and discuss the experi- 
ence afterward. It is a good idea to keep notes about your dives on a waterproof 
slate and transfer unusual experiences to your dive log along with the usual 
data. Reflecting on past experiences from time to time will help you become a 
better diver. 


Summary 


The saying “If you fail to plan, you plan to fail” is true for scuba divers. All 
phases of dive planning are important and help ensure enjoyable and successful 
underwater experiences. Follow the recommended steps for planning, get area 
orientations when appropriate, have contingency plans, and discuss your dives 
with your buddy. 

Dive profiles are a large portion of dive planning. Plan to dive conservatively. 
No dive-planning device can guarantee that you will not develop decompres- 
sion illness after diving. The deeper, longer, and more frequently you dive, the 
greater your risk of decompression illness. Limit multiple-day and multilevel 
dives because repetitive multiple-depth profiles make you more susceptible to 
decompression illness. Make a rest stop at the end of every dive, avoid improper 
profiles, and have surface intervals of an hour or more. After three consecutive 
days of repetitive diving, wait a full day before diving again. Exercise good judg- 
ment and common sense. 








Application-of-Knowledge (AOK) Questions 


1. 
2. 
3. 


What is the most difficult task of dive planning? 
How can you make dive planning easier and be more likely to accomplish it? 


You have a dive planned, the weather and water conditions are good, and you 
catch a cold virus the day before your dive. Cold medicine minimizes your 
congestion. What should you do? 


. A friend who has more diving experience than you invites you to dive ona 


shipwreck that is located at a depth of 120 feet (36.6 m). How should you 
respond to his invitation? 


. Would you rather plan a dive by using a dive computer or by using dive tables? 


What is the advantage of each approach? 


. You have been diving at a resort for a week. None of your dives have required 


decompression other than safety stops. Your plane leaves the day after tomor- 
row at 10 a.m. When should you stop diving? 


. If you have to go over a mountain pass with an altitude of 5,000 feet (1,525 m) 


to return home after diving, what action do you need to take? 
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By the end of this chapter, you will 
be able to do the following: 


List 11 special-interest areas 
for novice divers and 6 special- 
interest areas for advanced 
divers. 


List at least five ways to 
continue your scuba diving 
education. 

List at least three ways to get 
involved with the local diving 
community. 

List several actions to take 
when preparing for a dive 
travel trip. 








Continuing Education 


A good diver never stops learning. You cannot learn 
everything you need to know about diving during a 
single course of instruction. After you complete your 
entry-level course, you can enroll in an intermediate or 
advanced scuba course immediately. These courses allow 
you to gain additional experience under supervision, 
help you develop important skills (such as navigation), 
and introduce you to special interest areas of diving. 
When you have identified a diving specialty you would 
like to pursue, you should complete a specialty course 
for that topic. A specialty course helps you begin enjoy- 
ing the special area from the outset and helps you avoid 
mistakes and injury. Specialty areas that are of interest 
to new divers include the following: 

Underwater photography 

Underwater hunting and collecting 

Underwater environment 

Scuba lifesaving and rescue 

Night diving 

Boat diving 

Dry suit diving 

Drift diving 

Cavern diving 

Altitude diving 

Nitrox diving (enriched air) 


As a qualified scuba diver, you can 
do many things. You can learn 
more, dive in different areas, be 
recognized for expertise, helo 
others, or earn money, just to 
name a few. Opportunities abound. 











Wreck diving at Grand Cayman. 


4eii 


The following specialty courses may be of interest to experienced scuba divers 
with advanced training: 


Wreck diving (penetration) 
Ice diving 
Cave diving 
Deep and wall diving 
Light salvage 
River diving 
Search and recovery 
Rebreather diving 
Mixed-gas diving 
Courses are only one way to learn about diving. Many diving seminars, 
workshops, and conferences are also available. Check the calendar section of 
diving publications to learn of events scheduled in your area. Diving changes 
constantly, so you need to keep updating your knowledge of diving medicine, 
diving equipment, and diving procedures. Continuing education programs give 
you the opportunity to learn from professionals who are continually involved 
in diving. 
You can learn more about scuba diving by reading books, magazines, and 
newspapers. Subscribe to a scuba periodical and read all you can about diving. 


The appendix contains a list of scuba periodicals. You can also visit websites by 
and for scuba divers. 
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Scuba Diving 


Another good way to continue your diving education is to join a dive club. Dive 
clubs offer many benefits to divers, including education. A talk on an interesting 
subject by a good speaker is usually part of the monthly meeting of a local club. 

Continuing your education is important for your safety and enjoyment. When 
you have increased your knowledge about diving, you may become interested 
in helping others to learn. 


Local Opportunities 


You do not need to live in a coastal area to dive regularly or to get involved in 
diving. You can dive nearly anywhere you can find water, and there are dive 
stores, dive clubs, and diving events in noncoastal areas. Get involved in diving 
in your area right away. Find all the diving-related businesses and groups in 
your area: dive clubs, dive stores, dive boats, diving events, and diving publica- 
tions. Join a dive club, attend the meetings, and participate in club dives. Find 
a local diving website to make contact with other divers in the area. Complete 
continuing education courses. Attend local diving seminars, workshops, con- 
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ferences, and shows. Talk to other divers when you attend diving events. Seize 
every opportunity to learn and every opportunity to dive with those who are 
more experienced than you. 


Dive Travel 


Many divers enjoy taking dive trips to exotic destinations, and there are thousands 
of beautiful and exciting diving locations to choose from around the world. If 
you plan to travel somewhere to dive, you need to know how to arrange dive 
travel, how to prepare to travel, and how to enjoy your trip. 

Travel agencies that specialize in dive trips provide valuable information, so it 
is a good idea to book your trip through one of them. You might want to consider 
a dive package that includes accommodations and diving. Dive resorts advertise 
these packages in diving publications and often offer packages for bargain prices 
at dive shows. Many resorts have toll-free numbers you can call to obtain infor- 
mation about dive packages. To ensure the best value for your money, compare 
several packages before you book a trip. If a brochure from a dive resort is out 
of date, check with the resort for current offers. 

When planning a dive travel trip, you need to decide whether you want to 
dive from a live-aboard dive boat or from a shore-based dive resort. A live-aboard 
trip allows you to dive in a variety of locations. The vessel moves from place to 
place throughout the day. You dive in remote areas that only a few divers visit. 
You may find a live-aboard dive trip to be a wonderful experience if diving is the 
only objective of your trip and you are not affected by motion sickness. 

Consider a shore-based dive trip if you do not care for confinement and if you 
want to participate in activities other than diving. Many beautiful islands and 
resorts offer a variety of things to do in addition to diving. Nondiving members 
of your travel party can usually find many sources of enjoyment at a land-based 
diving destination. 

Many diving publications and diving websites are available to help you decide 
where to dive, although making a choice from all the fantastic destinations 
available can be difficult. Recommendations from other divers, trips sponsored 
by your dive club or dive store, and travel presentations can help you decide. 

When you have decided on the region for your dive trip, get as much informa- 
tion as possible about diving in the area. Obtain and review brochures, books, 
articles, videos, and any other materials about the region. The Internet is another 
excellent resource for information on dive locations. Talk to divers who have 
been to the location where you plan to go. The more you know in advance, the 
more enjoyable you can make your experience. 

After you select your diving destination, you should make your reservations 
well in advance, confirm all arrangements in writing, and get clarification con- 
cerning cancellations, refunds, and so forth. 

Research and plan your dive trip by learning about the water temperature for 
the time of year when you will be diving. Then obtain the appropriate exposure 
protection. Remember that too much insulation is better than too little. Also 
make sure that all your equipment is in good working order. 

Plan to avoid sunburn. Sunlight in tropical areas is more intense than in other 
climates. Use a sunscreen, and unless you are well tanned, keep yourself covered 
at all times, even while in the water. Use lip balm with a sunscreen ingredient. 





Project 1: Learn to Solder Skill Badge 


Our Learn to Solder Skill Badge Kit (the 2011 model is shown in Figure 0-3) 
has been used to teach thousands of people of allages how to solder at Maker 
Faires across the country. It’s a simple, fun way to learn how to solder and 
also how to teach others to solder. After you build the one included in the 
box, you can order more from makershed.com and teach others how to 
solder. 
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Figure 0-3. Learn to Solder Skill Badge, 2011 model 


Blinking or Color Change LED 
(Top left) This is an LED (Light-Emitting Diode) with a twist. Normal 
LEDs give off a single color, and keep shining as long as you give them 
power. Also, normal LEDs require a specific voltage to operate: don’t 
give it enough power, it won't light at all; give it even a little too much, 
and you could burn it out. 
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Underwater salvage operations. 


You cannot develop a tan in a few days, so it is silly to try if you do not already 
have one. Sunburn can ruin an expensive vacation, and donning an exposure 
suit is painful when you are burned. It takes only a few minutes for an untanned 
person to get burned in the tropics, so be careful! 

Obtain all required documentation well in advance. Obtaining passports and 
visas can take months. Be sure to find out whether the country to which you 
are traveling requires immunizations. 

Learn what to expect when you arrive at your destination. Know the frequency 
and voltage of the electricity; take converters if you are bringing electrical devices 
that operate on a different voltage. Know the monetary exchange rate. Consider 
taking a small pocket calculator to help compute the conversion of money. 

If you have an expensive camera, video equipment, or jewelry, take your 
property to a customs office before you leave the country and have it documented 
to avoid being charged duty on the items when you return home. 

Do not procrastinate in making your preparations. Procrastination can cause 
a cancellation of your trip, a forfeiture of your deposit, and a great deal of frus- 
tration. Consider travel insurance. 

Limit what you pack for your trip. You do not need much clothing for a dive 
trip unless you plan to attend formal events. A few pairs of shorts and T-shirts, 
some swimsuits, and a couple of sets of nice clothes for dinner should suffice. 
Experienced dive travelers travel light when it comes to clothing and personal 
effects. 
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Diving destinations provide tanks and weights, so you do not need to take 
those items with you. When you pack for your trip, keep in mind that there 
may be weight limitations for your baggage. Excess baggage costs can be very 
high. To guard against theft, avoid flaunting expensive diving, photography, and 
video equipment. Use inconspicuous containers to ship your equipment, and 
it will be less likely to disappear. Insure luggage that contains expensive equip- 
ment. Items I always take with me are mask, snorkel, fins, exposure suit, boots, 
gloves, regulator, buoyancy compensator, and dive computer. I rent tanks and 
weights. My gear can be packed in a dive bag, but I prefer to use a suitcase for 
better protection of the equipment. I pack a dive gear bag in the suitcase because 
I don’t want to use a suitcase at the dive site. There are also dive gear bags that 
have wheels, which are useful when you can roll the bag. 

Be prepared for travel illnesses. Obtaining medications for nausea, diarrhea, 
and colds is easier before a trip than it is if you become ill in a foreign land. 

Flying is the most common method of transportation for dive travel. Air travel 
usually produces jet lag and dehydration. A viral illness a couple of days after 
reaching your destination is common because many virus germs are concentrated 
inside the cabins of airliners. Here are some tips and suggestions concerning air 
travel: 

Schedule your flight to arrive the day before you start diving. It is unwise to 
plan to dive the same day you arrive. 

Drink a full glass of water or fruit juice every hour during your flight to avoid 
dehydration. Avoid alcohol, milk, and drinks containing sugar. The humidity in 
an aircraft is about 8 percent, so you will become dehydrated unless you drink 
plenty of fluids. 

Avoid eating heavy meals and salty foods when flying. Light foods cause less 
dehydration than fatty foods. Consider ordering a special meal of salad and fruit, 
or bring your own food if meals aren’t served on the flight. 

Wash your hands frequently when traveling. Germs from your hands can get 
into your eyes and nose and lead to viral infections. 

Remember that baggage compartments on airliners are unpressurized and 
that the reduced atmospheric pressure can damage your gauges. Therefore, you 
should either bring your gauges inside the cabin in your carry-on luggage or 
store them in airtight containers. 

As soon as possible after reaching your destination, get some exercise and drink 
plenty of liquids. Limit your consumption of alcohol, which causes dehydration. 
Getting intoxicated at the outset of a diving vacation is one of the worst things 
you can do because you increase your chances of getting DCS. 

Confirm your return air reservations as soon as you arrive, especially if you 
travel to another country. If you fail to do this, you are likely to lose the reserva- 
tions. You could end up arriving at the airport to go home and discovering that 
your tickets are not valid. 

Your first dive at your destination should be an orientation dive. In addition to 
learning about diving in the area, you should use the dive to check your buoyancy 
and make any needed adjustments. Work out any equipment problems during 
a dive in shallow, still, calm water. Avoid deep dives or moving water until you 
have acclimated to the area. 

After three days of repetitive diving, refrain from diving for a day so that your 
body can outgas. Go shopping or take a land tour for a refreshing change of pace. 
Allow one day between your final scuba dive and your scheduled flight home. 


















SCUBA WISE 


Scuba equipment is a means to an end—a mechanism that enables you to go to areas 
that are otherwise unreachable by the average person. | think of scuba diving as a means 
of transporting myself to a destination where | can explore or participate in a special 
activity. Scuba diving without an objective loses its thrill after only a few dives. You need 
to develop an interest area, which can be anything from bottle collecting to wreck diving. 
When you have an objective for your dives, diving can be extremely rewarding. Over 
the years, | have participated in many different diving activities. My favorite underwater 
pursuit is photography. | can collect priceless memories without removing anything from 
the environment. In my opinion, underwater photography is the most challenging and 
the most satisfying dive activity. Select a diving activity that appeals to you, complete 
training for the activity, and then pursue it. You may choose several different activities. 
No matter what you choose to do while diving, | hope that your experiences will be as 
wonderful as mine have been. 


The nondiving day before flying helps prevent DCS caused by altitude, and it 
gives you the opportunity to rinse, dry, and pack your diving equipment. Snor- 
keling is a good last-day activity, and your mask, snorkel, and fins dry quickly 
for last-minute packing. 

Dive travel can be fun, exciting, and memorable when you plan it well. You 
can avoid unpleasant, frustrating, and disappointing experiences by researching 
your destination and preparing properly. Good diving to you! 


Dive Destinations 


One of the great pleasures of scuba diving is visiting different regions of the 
country and the world. Fantastic dive sites can be found nationally and interna- 
tionally. The following areas are popular dive destinations that you might want 
to visit. The pictures throughout this book were taken at these destinations. 


California 


Dense kelp beds that form surface canopies make diving in California an unforget- 
table experience. The kelp provides shelter for many forms of life. Rock forma- 
tions provide anchorage for the buoyant kelp and support additional life-forms, 
such as abalone, lobster, and moray eels. An expedition on a live-aboard dive 
boat to one or more of California’s offshore islands during the summer months 
is an extremely worthwhile scuba experience. Shore diving in California can be 
difficult because of surf and low visibility. An area orientation is essential before 
attempting to dive through surf. 


Washington 


Puget Sound, which was carved into the landscape by glaciers, forms a gigan- 
tic body of ocean water that is much more protected than the coastal waters. 
The Sound contains many shipwrecks and artificial reefs, which are havens for 
many life-forms. Puget Sound is the home of the world’s largest octopus as well 
as giant lingcod, monkey-faced eels, and beautiful orange and white anemones 
called metridians. The water is cold, but the visibility is 15 to 20 feet (4.5 to 6.1 
m) most of the time. Dry suits are recommended. 











Florida 


Florida features some of the best and most diverse diving in the United States. 
From crystal clear springs and rivers to the Keys, there are many spectacular 
dive sites. Cavern and cave diving are popular, but training for these specialties 
is mandatory. The Florida coast has abundant shipwrecks. The Keys boast coral 
reefs and colorful fish. All scuba divers should definitely have a dive excursion 
to Florida included in their dive log. 





New England 


The cold waters of the New England area offer a great variety of diving oppor- 
tunities. Wrecks, reefs, kelp, and creatures captivate your attention. Lobsters 
with claws and other interesting life-forms are great attractions. If you are able 
to schedule some time to dive when you travel to this part of the country, you 
should try to include the adventure in your itinerary. 


Great Lakes 


These great bodies of freshwater boast the most well-preserved shipwrecks in 
the United States. Many of these wrecks are in deep water, so you must have 
specialty training to explore them. Divers who are unfamiliar with the Great 
Lakes should use the services of a divemaster. If you like wreck diving, this is 
one of the places to include on your must-see list. 


Hawaii 


Hawaii offers exciting diving that includes good visibility, spectacular underwater 
formations, beautiful reef fish, large turtles, and giant marine mammals. Hawaii 
is a popular diving destination that you should visit if you get the chance. Aloha! 


Caribbean 


The Caribbean is one of the world’s most popular places to dive, 
and for good reason. The area includes reefs, wrecks, drop- 
offs, and life-forms that are unique and breathtaking. 
Visibility is usually excellent. Many dive resorts in the 
area offer trips to phenomenal locations. Nearly 
every experienced diver talks about Caribbean 
diving experiences. 



















South Pacific 


The islands in the South Pacific offer some 
of the most beautiful diving to be found 
anywhere on Earth. Divers can see fantas- 
tic soft corals, sea fans, and incredible fish. 
Visibility is outstanding. Many of the island 
waters feature wrecks and war artifacts. The 
beauty found above and beneath the water in 
this part of the world makes trips to the South 
Pacific highly desirable for scuba divers. 
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Middle East 


The diving destination in this region is the Red Sea, which is unparalleled for 
scuba diving. The shear walls, the abundant and colorful life-forms, and the 
crystal clear waters make this one of the most desirable of all diving destinations. 
If you can afford a trip on a live-aboard charter boat to offshore islands, you will 
be treated to unforgettable sights. 

To learn details of the world’s most popular diving destinations, you can do a 
search of the topic on the Internet. Many websites provide excellent informa- 
tion. Traveling to exotic dive destinations is one of the most enjoyable aspects 
of scuba diving. 


Career Opportunities 


Some people love diving so much that they want it to be their vocation. Career 
opportunities exist for those who are willing to put forth the effort to achieve 
their desires. Jobs within the recreational dive industry include resort dive guide, 
instructor, journalist, dive travel coordinator, retail salesperson, and sales repre- 
sentative for equipment manufacturers. People can also work in nonrecreational 
scuba jobs, such as scientific research, archaeology, engineering studies, hull 
cleaning, salvage, and underwater repairs. Two of the same rules that apply to 
recreational pleasure diving also apply to underwater work: (1) Complete training 
for an activity before you attempt it, and (2) use complete, proper equipment 
for the activity. Career training opportunities abound. If you are interested in 
diving as a vocation, you can find information about training in dive periodicals. 
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Leadership Opportunities 


After you have become an experienced diver, you may want to help others 
learn and enjoy scuba diving. You can take courses to become qualified as a 
divemaster, assistant instructor, and instructor. Many people who love diving 
work part-time in the industry in leadership positions. When you are ready for 
leadership training, contact your scuba training agency for information. 


Summary 


Always remember that a good diver never stops learning. You should complete 
additional training, make sure you are trained for any special activity before you 
attempt the specialty, read as much as possible, join a dive club, and attend edu- 
cational events. Take advantage of every opportunity to learn more about diving. 

Increase your diving abilities and experience by applying what you learn. 
Participate in dive trips and charters. Research and plan your excursions thor- 
oughly to maximize your enjoyment and minimize your disappointment. Many 
opportunities are available for diving adventures throughout the world. 

Another opportunity for you as a diver is to make a positive contribution to 
the diving community. You can do this by conducting yourself in a responsible 
manner at all times and encouraging other divers to act responsibly. Help establish 
a good image of diving, get involved in issues that pertain to the diving environ- 
ment, and help educate people who do not dive. Whether your contribution is 
small and personal or vast and international, you can make a difference. Decide 
now that your involvement in the wonderful pursuit of scuba diving will be a 
positive one. 


Application-of-Knowledge (AOK) Questions 
1. Why are you learning to dive? Do you just want to investigate a new activity, 
or are you interested in an activity that requires scuba diving? 
2. What do you visualize as your progression of training as a scuba diver? 


3. How often do you think you will dive? Will most of your diving be local or 
related to dive travel? 


4. If anondiving friend asked you what can be done to reduce the risk of injury 
while scuba diving, what advice would you provide? 


5. What causes you the greatest concern about scuba diving? What can you 
do to minimize your concerns? 


6. How do you see yourself as a scuba diver in 5 years? In 10 years? 
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Appendix A 


Associations and 
Periodicals 


Diver Training Organizations 


International Diving Educators Association (IDEA): www.ideascubausa.com/ 
home_15.html 


Multinational Diving Educators Association (MDEA): http://neptuneshop. 
wix.com/mdea#! 


National Association of Scuba Educators (NASE): http://naseworldwide.org 
National Association of Underwater Instructors (NAUI): www.naui.org 
Professional Association of Diving Instructors (PADI): www.padi.com/Scuba- 
Diving 

Scuba Diving International: www.tdisdi.com 

Scuba Educators International (SEI): www.seidiving.org 

Scuba Schools International (SSI): www.divessi.com 


Environmental Organizations 


Blue Frontier Campaign: http://bluefront.org 

Cousteau Society: www.cousteau.org 

Earthecho International: http://earthecho.org 

Living Oceans Society: www.livingoceans.org 

Marine Conservation Society: www.mcsuk.org 

Oceana: http://oceana.org 

Ocean Defense International: www.oceandefense.org 
Oceanic Preservation Society: www.opsociety.org 

Reef Check: www.reefcheck.org 

Reef Relief: www.reefrelief.org/mission 

Save Our Seas: http://saveourseas.com 

Sea Shepherd Conservation Society: www.seashepherd.org 
Coral Reef Alliance: http://coral.org 

Ocean Conservancy: www.oceanconservancy.org 

The Ocean Project: http://theoceanproject.org 

NOAA National Marine Sanctuary Project: http://sanctuaries.noaa.gov 
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Scuba Diving Magazines 


Advanced Diver: www.advanceddivermagazine.com 
Alert Diver: www.alertdiver.com 

Dive Training: https://dtmag.com 

Diver: http://divermag.com 

Scuba Diving: www.scubadiving.com 

Undercurrent: www.undercurrent.org 
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Chapter 1 


1. 


Some people learn to scuba dive because they seek a new experience or 
adventure. Scuba diving training opens the gate to a beautiful underwater 
world, which can provide many pursuits. Scuba diving should be con- 
sidered a mode of transportation that takes you to places where you can 
pursue underwater interests such as exploring, photography, and wreck 
diving. After completion of your basic scuba diver training, continue your 
education and obtain an advanced scuba diver rating. With the additional 
skills acquired with advanced training, you will be ready to learn specialty 
activities and seek the rewards of your chosen endeavors. 


. An open-circuit scuba system allows a diver to breathe compressed air 


from a pressurized cylinder and exhaust the used gases into the water. It 
is a simple, reliable, easily maintained air delivery system, which makes 
it the safest and most popular scuba system. A closed-circuit scuba system 
allows a diver to rebreathe exhaled air by removing carbon dioxide and 
adding the correct amount of oxygen without allowing gases to escape 
from the system. It is a complex air delivery system that requires specialty 
training and extremely careful maintenance. Closed-circuit scuba systems 
are very expensive compared to open-circuit systems. 


. Ascuba certification card (C-card) indicates that you have completed initial 


training, but it does not reflect how recently you have been diving. Certi- 
fication agencies recommend that you complete simple refresher training 
if you have not dived for a year or longer. This training is a review of your 
basic skills under the supervision of an instructor during an open-water 
dive. The confidence you gain from knowing that your skills are refreshed 
will make your diving safer. A good reason to log your dives is to docu- 
ment your diving activity. Some dive resorts and charter boats will want 
to review your log book to determine your diving experience, especially 
your most recent dives. Logged dives also can help you recall many facts 
that you would otherwise forget. 


. It is logical that the more time you can use your knowledge and skills of 


scuba diving under the supervision of a certified diving instructor, the 
better your knowledge and skills will become. Extended training also allows 
you to ponder your learning between training sessions. You have time 
to think of questions that will clarify concepts and increase your under- 
standing of principles. Short scuba training courses do not provide these 
benefits. The goal of learning is to transfer knowledge and skills acquired 
in a controlled environment to the actual environment in which they will 
be used. Longer scuba courses develop a greater ability to transfer your 





This LED is different in both respects: it has three elements (red, green, 
and blue) that are under the control of a small integrated circuit (IC) 
embedded within the LED. The IC causes the elements to change color 
inarepeating pattern. Because the IC controls the voltage thatit delivers 
to the individual color elements, it’s more tolerant of variations in the 
voltage you give it. For example, even though red LED color elements 
typically operate at around 2 volts, you're able to use a 3 volt battery 
with the pin. 
The 2012 model uses two self-blinking LEDs instead of one self-color 
changing RGB LED. 

CR1220 battery 
(Lower left) This “coin cell” battery supplies power to the pin. 


Printed Circuit Board (PCB) 
(Center) The 2011 Learn to Solder Skill Badge features a friendly robot. 
The 2012 model will also have a robot, every bit as friendly. 


Pin and clutch 
(Top right) This is what holds the pin to your clothing. 


Battery holder 
This keeps the battery on the PCB. 


Welcome ix 
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knowledge and skills, which increases your safety for your independent 
diving after training. 


. A medical exam for scuba diving should be performed by a scuba diving 


physician who understands medical issues that could be problematic for 
those considering scuba training. Knowledge of how pressure affects medi- 
cal conditions can help prevent pain, suffering, and even death. 


. Actions you can take to minimize your risk of injury while scuba diving 


are to dive only when you are in good health, use well-maintained equip- 
ment, dive in good environmental conditions, and adhere to the safety 
rules of scuba diving. 


. When you are in the process of selecting an instructional course for scuba 


diving, you need to know the sanctioning national agency, the instructor’s 
experience, the total cost of the course, the course curriculum and dura- 
tion, and how much open-water (real environment) training is included. 


. You can show that you are a responsible diver if you do only what you 


are qualified to do, dive within your personal limitations, adhere to safety 
rules, and remain aware of how your conduct will be viewed by others— 
divers and nondivers—when you go diving. 


Chapter 2 


1. 


Your exertion has used much oxygen, which has produced much carbon 
dioxide (CO,), which stimulates you to breathe more to expel the CO,. The 
feeling of a lack of air is caused by the need to reduce the amount of CO, 
dissolved in your blood. You need to minimize your activity immediately 
and breathe deeply until your breathing returns to normal. 


. Rapid, shallow breathing (hypoventilation) moves only a small amount of 


air in and out of your body. The structures from your mouth to your lungs 
do not allow gas exchange, so your body is not getting oxygen or ridding 
itself of CO,. Gaining control of your breathing by stopping or reducing 
activity and breathing deeply until you feel better is the correct course of 
action and can help prevent panic. When your breathing is under control, 
you can think clearly and manage the difficulty that caused your anxiety. 


. Many factors affect air consumption, but the primary cause of high air 


consumption is exertion. Relax and move slowly. If you are too buoyant 
and have to exert to maintain your position in the water, your air supply 
will be depleted rapidly. If you are wearing too much weight, your attitude 
in the water will increase your frontal surface area and drag will increase 
air consumption. Adjust your weight and trim so you can hang suspended 
in a level position, and then relax and enjoy diving. 


. The first step is to tell yourself that you have time to manage this prob- 


lem. The next step is to think of the options available to you. The quickest 
and easiest solution is to switch to your extra second stage or alternate 
air source. Your buddy’s extra second stage is another good choice. The 
worst way to manage this problem is to spit out your regulator and swim 
to the surface. 


. Rapid and deep breathing before holding your breath is hyperventilation, 


which flushes carbon dioxide from your body. The buildup of carbon 
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dioxide when you hold your breath is what stimulates you to breathe. If 
you eliminate too much carbon dioxide from your body, you may lose 
consciousness while breath holding before you are stimulated to breathe. 
Loss of consciousness underwater can cause drowning. Hyperventilation 
should be limited to a few breaths before underwater breath holding to 
avoid what is called shallow-water blackout. 


6. Your body loses heat rapidly in water. When you increase your heat pro- 
duction by exercising in cold water, you lose more heat than you would 
if you had not increased exertion. If you are wearing a wet suit, ascend- 
ing to shallower water will increase your insulation as the water pressure 
decreases. Avoid moving directly into a current, which will push cold water 
through your suit. Your best action is to obtain better insulation for your 
entire body for future dives. 


Chapter 3 


1. The current is pushing cold water into and through your wet suit. If you 
swim at an angle to the current, you will reduce the flow of cold water 
through your suit and not get as cold. You can also look for places where 
you can be shielded from the current. You do not need to swim constantly 
when diving. Most of the life in the ocean is less than 1 inch (2.45 cm), 
so it is a good idea to stop and look closely at any underwater formations. 


2. Some of the best and safest ways to warm yourself after diving are to 
remove your wet suit, get dry, get out of the wind and into a warmer 
environment, wrap yourself in a blanket or sleeping bag, eat high-energy 
food, drink warm drinks, and avoid stimulants. The principle is to warm 
yourself from the inside out instead of using external heat, which is dan- 
gerous. Remember that your core temperature will not be normal until 
you begin to perspire. 

3. Did you think about the density of water and how much resistance to 
movement it causes? People usually think they will ascend rapidly if they 
lose their weights, but if you respond quickly, this situation is not difficult 
to manage. Quickly deflate any air from your BC. Then invert yourself to 
get your fins above your head, swim downward forcefully for a few kicks, 
grasp your weight belt, and replace it. (You will learn how to do this skill 
in chapter 6.) 


4. When you ascend 10 feet (3.3 m) to swim over the reef, your buoyancy 
will increase because your wet suit and the air in your BC will expand. If 
the upward excursion is brief, you may be able to control your buoyancy 
just by keeping the amount of air in your lungs minimal. If the excursion is 
long or you are unable to control your buoyancy by breathing, vent some 
air from your BC to maintain neutral buoyancy until you descend again. 


5. Remember that it is easier to equalize pressure in your ears if you descend 
feet first. It is good to use an anchor line for reference and control during 
a descent, but remain upright as you make your way down the line. 

6. You should recall that the rate of change of pressure is greatest near the 
surface. Therefore, you need to equalize pressure in your ears and mask 
more frequently near the surface than will be required as the depth of 
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descent increases. If you can keep your air spaces equalized for the first 
33 feet (10 m), you are not likely to have problems beyond that depth. 


. If you don’t stop swimming, you will experience air starvation. And if 


you do stop swimming, your buddy will disappear and you may become 
separated. Prevention is best. Get your buddy to agree that you will swim 
side by side at all times and that when one of you stops, you both stop. 
If your buddy is ahead of you and you want or need to stop, use a rock 
or the butt of your dive knife to bang on your tank to get your buddy’s 
attention. If your efforts fail, stop and get your breathing under control 
and then surface to reunite with your buddy if he does not return to you. 


. You are out of air, but only at a depth of 50 feet (15 m). As amazing as it 


sounds, if you start swimming slowly to the surface, there will be additional 
air to breathe from your tank as the surrounding pressure decreases with 
ascent. This is not the best option, however. In chapter 6 you will learn 
other ways to deal with situations involving loss of air supply. 


Chapter 4 


1 


. Minimize sun exposure, soak and rinse after use, store in a dark and dry 


location that is free of smog, inspect your gear regularly, and have your 
equipment serviced regularly or as needed. 


. The most important concerns for most diving equipment are fit and com- 


fort. Features, colors, and price do not matter if the equipment does not 
fit well or is uncomfortable to use. If possible, rent equipment before you 
make a purchase so you will know if an item is right for you. 


. If all of the air escapes from your tank and the valve in your second stage 


is open (or if you happen to depress the purge button and open the valve), 
water can enter your tank. You will learn how to minimize the chances 
that your regulator will free-flow. If you detect water inside you scuba 
cylinder, take it to a facility for maintenance as soon as possible. 


. Air has weight. The air in a typical scuba tank weighs five to six pounds 


(~2.25-2.7 kg) when the tank is full. As you deplete the air, your buoyancy 
increases. The loss of weight may not be apparent at depth if you wear an 
exposure suit because pressure compresses the suit. You simply add less 
air to your BC than you would if you were not wearing an exposure suit. 
Problems arise as you near the surface with a scuba tank that is nearly 
empty because your suit expands and you are unable to overcome the 
positive buoyancy caused by the loss of weight from your cylinder. To 
avoid this problem, you need to adjust your weight to be neutrally buoy- 
ant just below the surface while using a tank with approximately 500 psi 
of air remaining in the tank. 


. You need just enough air in a dry suit to keep it from squeezing you. Any 


excess air forms a bubble inside the suit, and the bubble rises to the high- 
est point. If you tip upside down to do something, the bubble can rise to 
your feet, may loosen your fins, and can cause you to float upward in 
an inverted position. This problem is just one example of why you need 
special training in the use of a dry suit. 
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6. A compass is a magnet, and magnets attract one another. Placing your 
compass near your buddy’s compass causes the needles to shift position and 
the readings to be inaccurate. You need to keep your compass away from 
any items that can cause the needle to deviate from its natural direction. 


7. The best way to clean your diving equipment is to soak it in warm water, 
rinse it gently with flowing water, and dry it thoroughly before storing it. 
Some equipment parts, such as dry suit zippers, require scrubbing. Follow 
the manufacturer’s instructions. 


8. The attachments to a scuba regulator first stage may include a cylinder 
pressure gauge, a primary second stage regulator, an alternate air source 
second stage, a BC inflator hose, and possibly a dry suit inflator hose. 


9. The best reasons for having good dive equipment and maintaining it prop- 
erly are safety and comfort. You will know when your equipment is right 
when you are not concerned about it while you are diving. 


Chapter 5 


1. The water temperature affects the equipment you use, your body tempera- 
ture, your diving procedures, the visibility underwater, and the underwater 
life, among other things. Water temperature has a profound impact on 
your diving adventures. Knowing what to expect and how to be prepared 
for the temperature of the water is essential. 


2. Water visibility is affected by depth, pollution, water movement, weather 
conditions, algae, temperature, your movements, and other factors. Check 
present diving conditions with your local dive facility and postpone diving 
when visibility is poor. 

3. A good way to manage currents is to know in advance what to expect. 
Obtaining training for diving in various currents is important. Being aware 
that the current is weaker at the bottom than at the surface is helpful. 
Swimming at right angles to a current may help you get out of some cur- 
rents. Diving against the current is a common practice, but in some situ- 
ations it is best to drift with the flow of the current. 


4. When you encounter a strange animal underwater, respond by stopping 
movements, respecting the animal, observing it from a distance, and 
refraining from provoking or feeding the animal. Nearly all marine animals 
are defensive, not aggressive. Think and respond. The worst action to take 
when you see a strange or large animal is to panic and ascend rapidly to 
the surface. 


5. No matter how much training or experience you obtain, you will always 
need to acquire local knowledge about diving in a new area. Watching and 
mimicking experienced local divers are a good way to avoid embarrass- 
ment, but learning in advance about why the divers use the techniques 
they use is even better. 


6. While it may be difficult to accept until you gain experience, the safest and 
most comfortable place to be while diving is near the bottom. It is much 
more uncomfortable and dangerous at the surface of the water. 
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7. 


The transition from saltwater diving to freshwater diving requires changes 
that include the amount of weight you wear and perhaps the type and 
thickness of your exposure suit. 


. When you plan to dive in a new area, you need information about the 


area. Weather conditions, seasons, forecasts of diving conditions, area haz- 
ards, equipment requirements, and local diving procedures are important 
to know in advance. Chapter 8 provides resources to help you obtain the 
information that you need. 


Chapter 6 


1. 


Buoyancy can be controlled by the amount of weight worn, the amount 
of air in your BC, and the amount of air in your lungs. Think of these 
methods as large, medium, and small ways of control, respectively. 


. To ascend properly from a scuba dive, alert your buddy, hold your BC 


inflator-deflator with the mouthpiece facing down and the valve open, 
reach up, swim up, ascend slowly, monitor your rate of ascent and your 
buddy, turn slowly, stop at a depth of 10 feet (3.05 m) for precautionary 
decompression, ascend to the surface, and make a complete turn to assess 
your surroundings. Ascending is a complex skill. Learn it well. 


. Successful buddy contact requires predive planning and communica- 


tions, agreeing on a direction and maintaining that direction until you 
both agree on a new direction, maintaining the same position (side by 
side) relative to one another, holding hands or using a buddy line when 
visibility is poor, and committing to reunite using standard procedures if 
you become separated. 


. This situation can be frightening unless you respond quickly. All you have 


to do is raise and open the deflator valve with one hand and disconnect 
the low-pressure hose with the other hand. You do not need to terminate 
your dive because you should have the skills needed for manual inflation 
of your BC. 


. When a regulator free-flows and will not stop, simply switch to your extra 


second stage and ascend. Remove your tank at the surface and turn off 
the air supply. If you allow the tank to empty and the second-stage valve 
is stuck in the open position, water can get inside your cylinder. 


. To exit the water into a small boat, remove your weight belt and place it 


in the boat, inflate your BC about half full, and remove your scuba unit. 
Next, grab the rail of the boat and, while holding the regulator hose from 
your tank under one hand, kick yourself up and into the boat. Remove 
remaining equipment after you are in the boat. 


. Swimming against a current can be tiring. If there is a nearby obstruc- 


tion, such as a rock formation, that you can get behind to minimize the 
current and rest, seek shelter. If there is an outcropping you can grasp 
that will allow you to rest and catch your breath, use it. If the bottom is 
sandy, plunge your knife into the bottom to maintain your position while 
you recover. The most important action is to reduce your exertion and get 
your breathing under control. If the situation is unmanageable, surface 
and drift back to your exit point. 


Appendix B: AOK Answers ll 229 


8. The assistance of your buddy is the best way to get free of an entangle- 
ment, but you can also remove your scuba unit, clear the entanglement, 
and replace your equipment. Be sure you learn the skills of equipment 
removal and replacement well so you can manage minor problems that 
may occur while scuba diving. 


Chapter 7 


1. The most difficult task of dive planning is getting started! Most people agree 
that planning is a good idea, but they procrastinate. You can be successful 
with almost any task if you push yourself to get started. If you keep a list 
of things to do, consider adding dive planning to that list. 


2. To make dive planning easier, find a buddy who would like to dive with 
you and agree on which items each of you will plan. Set a date to talk 
again about your plan. By taking responsibility and setting a date, you 
will have less work to do and will be more likely to meet your goal of 
developing a good dive plan. 


3. If your health is not normal, do not dive. Congestion from a cold can 
make it difficult to equalize pressure in your ears and sinuses. Pressure 
can cause the medicine to terminate sooner than it normally would. When 
decongestants stop working, air passages can swell and close rapidly and 
trap air. Notify your dive buddy that you need to postpone your dive trip 
until you are well again. 


4. Assuming you are a novice scuba diver, it would be unwise to attempt a 
dive on a wreck in deep water. Shipwrecks often occur where conditions, 
such as currents, can be treacherous. Tell your friend that you are extremely 
interested but that you need to complete advanced and specialty training 
so you will be adequately prepared for the dive. 


5. When you dive using a dive computer, you avoid the dive table penalty 
rule of having to assume that all of your dive time was spent at the maxi- 
mum depth. The computer also stores valuable information about your 
dive, helps you control your rate of ascent, and indicates when you need 
to stop for decompression. The disadvantage of a dive computer is that it 
is an electronic instrument that can fail. Dive tables do not need batter- 
ies. The best approach to planning time and depth limits is to develop a 
contingency plan using dive tables, write the plan on an underwater slate, 
and take it with you when you dive with your computer. If your computer 
stops working or you inadvertently turn it off, your contingency plan can 
help keep you safe. 


6. You need to plan. After multiple dives, you should wait 18 hours before 
flying, so your diving needs to end today. 


7. When driving decreases pressure with altitude after you have been diving, 
you need to consult the altitude delay timetable. If your driving altitude 
reaches 5,000 feet and your starting repetitive-dive group is 1, you need 
to wait 3 hours 4 minutes before driving over that pass. This requires plan- 
ning. If your altitude delay timetable is at home in your book, you won't 
know how long you need to delay your journey. 
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Chapter 8 


1. 


Some people learn to dive just to experience the activity. They complete 
training, purchase equipment, make a few dives, and stop diving. Other 
people continue training, get involved in the diving community, pursue an 
underwater hobby, and dive for many years. If you think of scuba diving 
as ameans to an end, it can provide wonderful experiences that will keep 
you involved for many years. 


. You might see yourself completing an advanced diver course and several 


specialty courses. It helps to gain some dive experience in addition to your 
training dives. Just be sure that your excursions are limited to the condi- 
tions and depths to which you are qualified. 


. If you are not certain that you will dive regularly or that you will dive 


only locally, consider renting the major equipment (cylinder, regulator, 
exposure suit, buoyancy compensator, and weight belt). If you find your- 
self diving frequently, buy your gear. Renting equipment will help you 
make a good selection. If you plan to dive primarily at dive destinations, 
rent the major equipment at the destination. When you become an avid 
scuba diver, you are likely to have full sets of equipment for both cold- 
and warm-water diving. 


. The best ways to reduce the risk of injury from scuba diving are to be 


trained for what you do while diving, have the proper equipment for your 
dive, and gain experience gradually. Making a dive that greatly exceeds 
your training and limitations without first gaining several experiences that 
gradually increase your training and limitations is unwise. 


. Phobias are natural, but if something terrifies you and it is related to diving, 


learn how to deal with the fear before you are exposed to it. For example, 
many people fear sharks because of what they have seen in media. What 
you should know is that dangerous shark encounters are rare and most 
likely occur at the surface of the water. If you see a shark, remain calm, 
stay on the bottom, and enjoy the exciting experience. 


. When you look to the future, do you envision yourself diving regularly? 


Are you just going to wait and see what happens, or do you intend to 
continue your training, get involved, and become a frequent diver with 
many friends who also enjoy diving? You can dive for a lifetime and not 
even begin to see everything the underwater world has to offer. May all 
your diving experiences be enjoyable and memorable! 








Glossary of 
scuba Diving Terms 


absolute pressure—The total pressure exerted on a diver, which is measured 
by adding atmospheric pressure to gauge pressure. 


actual bottom time—The elapsed time in minutes from when a diver leaves 
the surface in descent until the diver begins a rest stop or surfaces. 


alternate air source—A source of compressed air other than the diver’s primary 
scuba regulator. The two primary types of alternate air sources are extra second 
stages and backup scuba units. 


ambient pressure—The surrounding pressure. 


Archimedes’ principle—tThis principle states that the force of buoyancy acting 
on a submerged object equals the weight of the water displaced. 


arterial gas embolism (AGE)—An embolism resulting from an air bubble 
blocking the arterial circulation. 


atmospheric pressure—The pressure exerted by the atmosphere. 
backpack—The equipment that holds the diver’s scuba cylinder. 
barotrauma—Trauma or injury caused by pressure. 

bends—See decompression illness. 


bezel—A movable ring on a waterproof watch (being used as an underwater 
timer) or compass that you can set to indicate elapsed time or direction. 

blooms—Overpopulations of plankton that can color the water, destroy under- 
water visibility, and form toxins in animals that feed by filtering water. 

blowout plug—A plug included in a submersible pressure gauge to relieve 
pressure in the housing in the event of a high-pressure leak. 

Bourdon tube—A type of depth gauge that uses a thin metal tube formed into 
a spiral. The movement of the coil, linked mechanically to a needle, indicates 
the amount of pressure exerted on the gauge. 

Boyle’s law—This law states that for any gas at a constant temperature, the 
volume varies inversely with the absolute pressure, while the density varies 
directly with the absolute pressure. 

buddy breathing—The sharing of a single regulator second stage by two divers. 

buddy line—A short line used by two divers to keep in contact with each other 
when visibility is poor. 

buddy system—The practice of teaming up with a qualified partner for activities 
that involve risk, such as skin and scuba diving. A buddy provides reminders 
and assistance and sees things that you might not see. 

buoyancy—The upward force of water. 

buoyancy compensator—An item of equipment that helps a diver control 
buoyancy. You can inflate your buoyancy compensator at the surface to increase 
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buoyancy, deflate it to reduce buoyancy for descent, and add air to it to achieve 
neutral buoyancy underwater. 


burst disk—A thin metal disk that is a standard feature of the valves for scuba 
tanks. If a tank is overfilled or the heat from a fire causes the tank pressure to 
increase to a hazardous level, the disk will burst and vent the tank to prevent 
an explosion. 


capillary gauge—A type of depth gauge that is made up of a hollow, air-filled, 
transparent plastic tube sealed at one end and placed around a circular dial. 
Water pressure compresses the air inside the tube during descent (based on 
Boyle’s law), and the position of the air—-water interface inside the tube relative 
to markings on the dial indicates the depth. 

cavern—A large, roomlike opening in a natural formation where light from the 
surface can be seen. 

caves—Openings in a natural formation that extend farther than a cavern where 
no surface light can be seen. 

C-card—tThe certification card you receive when you complete your training 
requirements as a scuba diver. 

ceiling—The minimum depth that a diver cannot rise above without the risk 
of DCS. 

ciguatera—Fish poisoning that results from eating fish that consume a certain 
species of algae. 

closed-circuit—Refers to a scuba system that eliminates carbon dioxide from 
exhaled breath and resupplies oxygen without allowing gases to escape from 
the system. 

compartments—Mathematical models used to estimate gas absorption and 
elimination by various areas of the body. 


compass course—A series of headings on a compass that leads to a destination. 
compass heading—A direction that is set on a compass. 


console—A display unit into which several instruments can be combined. An 
instrument console attaches to the high-pressure hose coming from the regu- 
lator first stage. 

continental shelf—An underwater area that extends from land and slopes 
gradually to a depth of about 600 feet (183 meters). 

contingency plans—Plans that address possible circumstances that could force 
changes in the original plans for a dive. 

controlling compartment—tThe area of the body that determines how long a 
diver can remain at a given depth. The determination is made by how quickly 
a gas diffuses from that compartment. 

crest—The top of a wave. 

Dalton’s law—A law stating that the total pressure exerted by a mixture of 
gases is the sum of the pressures that would be exerted by each gas if it alone 
were present and occupied the total volume. 

decompression illness (DCI)—A serious medical condition in which a diver 
has neurological symptoms on surfacing. Also known as the bends. 

decompression stops—Precautionary stops made during ascent in order to 
reduce the risk of decompression illness. 


defogging—tThe process of removing the film of oil from the surface of the glass 
lenses on a scuba mask in order to prevent the mask from fogging underwater. 
Commercial defogging solutions can help keep your mask clear while you dive. 


dehydration—A physical condition resulting from the excess loss of body fluids. 
density—Weight per unit volume. 


DIN valve—A newer type of threaded outlet for a scuba tank valve that has a 
recessed O-ring seal and withstands higher pressures than a traditional O-ring 
valve. Tank pressures in excess of 3,000 psi (204 atmospheres) require a DIN 
fitting. 

dive profiles—Diagrams used to plan a dive by plotting the time and depth of 
the dive. 

diver’s push-ups—A buoyancy evaluation used to learn buoyancy control. 
When the diver is weighted properly, a full inhalation will raise the shoulders 
while the fin tips remain on the bottom, and an exhalation will cause the 
shoulders to sink. 


dolphin kick—A type of fin kick in which a diver holds both feet together 
continuously and exerts force against the water using a wavelike up-and-down 
motion of the body. 


downwelling—A compensating downward current that occurs when wind 
blows along a coast where there is a steep drop-off near shore. 


drag—A force that slows movement. 
drift—tThe speed of a current. 
drift dive—A dive in which the divers move with the flow of the current. 


eardrum—A thin membrane that separates the ear canal from the middle ear 
and transmits vibrations to the inner ear via a series of small bones that are 
attached to the membrane. 


ebb—The flow of water away from an area because of low tide. 

eddies—Swirling currents that result from non-linear water flow 

embolism—A blockage of circulation. 

emergency decompression—A required delay in ascent that a diver must take 
if the actual or total bottom time (ABT or TBT) exceeds the no-decompression- 
stop limit for a dive. 

equalization—tThe process of keeping the pressure inside an air space in or 
attached to the body equal to the ambient pressure. 

eustachian tube—The part of the ear that allows the equalization of pressure 
in the middle ear. 

Farmer Johns—A type of wet suit design where the leg material extends upward 
to cover the chest and is held in place with shoulder straps 

fetch—The area in which waves were created. 

fetch length—The distance wind travels unobstructed. The length of water over 
which a given wind has blown. 

flaring—A method of slowing an uncontrolled ascent by arching the back, 
extending the arms and legs, and positioning the fins so they are parallel to 
the surface. 


flood—tThe flow of water into an area because of high tide. 
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Project 2: 555 Timer Blinky 


The 555 timer blinky is a simple circuit that makes two LEDs flash in an al- 
ternating pattern. When one is on, the other is off. Figure 0-4 shows the 
components for this project, and Figure O-5 shows the finished project. This 
is a slightly more challenging project than the skill badge. 





Figure 0-4. 555 blinky parts 


LEDs 
(Left) Unlike the LEDs used in the skill badge, these are your normal, run 
of the mill LEDs. 


Protoboard 
(Center) Look back at the skill badge PCB. Notice how it was custom 
designed for a single purpose. Now look at this protoboard PCB: it’s got 
alot of different holes in convenient locations. You can build many kinds 
of simple electronics projects on a board like this. 


555 Timer 
(Top left) The 555 timer is a special type of integrated circuit that can 
turn electrical current on and off in a repeating pattern. It’s just what 
you need to blink an LED. 

Capacitor 
(Top right) To customize the 555 timer, you need to connect certain 
components to it. The value (capacitance or resistance) of the compo- 
nent determines how quickly the 555 turns things on and off. 
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flutter kick—The most common type of fin kick. The flutter kick is an up-and- 
down kick that you can do facing down, up, or to the side. 


fronds—tThe portions of kelp that appear to be the leaves. 


gauge pressure—The pressure indicated by a pressure gauge that reads zero at 
sea level (this type of gauge displays only the pressure in excess of one atmo- 
sphere). 

Gay-Lussac’s law—This law states that for any gas at a constant volume, the 
pressure of the gas varies directly with the absolute temperature. 


gyres—Large circulating currents that move clockwise in the northern hemi- 
sphere and counterclockwise in the southern hemisphere. 


half-time—The amount of time it takes a tissue to accumulate half of the gas 
it can hold at a given pressure. 


heat exhaustion—A medical condition that occurs when the core temperature 
of the body is above normal and the victim has become dehydrated. 


heatstroke—An emergency medical condition that occurs when the body 
temperature becomes so high that the body’s temperature-regulating ability 
shuts down. 


Henry’s law—This law states that the amount of a gas that dissolves in a liquid 
at a given temperature is directly proportional to the partial pressure of that gas. 


hyperthermia—Higher-than-normal body core temperature. 
hyperventilation—Rapid, deep breathing in excess of the body’s needs. 
hypothermia—Excessive loss of heat from the core of the body. 


hypoventilation—Rapid and shallow breathing that does not allow you to 
expel carbon dioxide from your lungs. 


ingassing—The process of gas diffusion into a liquid. 
jumpsuit—A one-piece dive suit. 
J-valve—A cylinder valve that was designed to maintain a reserve of air to 


permit a normal ascent. The introduction of submersible pressure gauges for 
scuba tanks has rendered the J-valve obsolete. 


kelp—Giant algae that produce long strands that a diver can become entangled 
in. 


Kelvin—The absolute temperature scale for Celsius temperatures. To convert a 
Celsius temperature to Kelvin, add 273 degrees. 


K-valve—A cylinder valve that is a simple on-off valve that operates like a faucet. 
You turn the valve handle counterclockwise to open it and clockwise to close it. 


lubber line—A reference line on a compass that indicates the direction of travel. 

mediastinal emphysema—A lung injury in which air is present in the tissues 
in the middle of the chest. 

middle ear—The air space behind the eardrum. 

modified frog kick—A fin kick in which the diver rotates the ankles so that the 
tips of the fins point outward, slides the fins tip first in an outward direction, 
then pulls the bottoms of the fins together quickly in a wide, sweeping arc. 

multilevel dive profile—A dive that progresses from deep to shallow during 
a given period of time. 


neap tide—The twice-monthly period of lowest tides, which occurs when the 
moon and sun are at right angles to each other in relation to the earth. 

neutral buoyancy—A state of buoyancy that a diver achieves when the diver 
neither sinks nor floats when holding an average breath. 

nitrogen narcosis—A detrimental effect caused by the increased pressure of 
nitrogen that occurs at a depth of about 100 feet (30 meters). 

nitrox—A nitrogen and oxygen mixture with a higher percentage of oxygen 
than is found in air. The mixture reduces the effects of nitrogen at depth. 

no decompression stop limits—The maximum time that a diver may stay at 
a specified depth. 

nonreference descent—A descent made vertically in water without any exter- 
nal reference. 

octopus—A term used to describe an extra second stage. 

open-circuit—Refers to a scuba system that permits a diver to breathe com- 
pressed air from a pressurized cylinder and exhausts the used gases into the 
water. Open-circuit systems are the safest and most popular form of scuba 
system. 

open-valve ascent—A method for maintaining neutral buoyancy during an 
ascent by keeping the BC inflator-deflator valve open while holding the valve 
in a special way. 

O-ring—A soft, circular ring that surrounds the outlet for scuba tank valves. 

outgassing—The process of gas diffusing out of a liquid. For diving, it pertains 
to the diffusing of nitrogen absorbed under pressure. 

overturn—The movement of water from the top of a lake to a depth of about 
60 feet as a result of water circulation caused by winds. This water movement 
carries oxygenated water to the bottom and leads to what is called spring diving 
conditions. 

partial pressure—tThe percentage of the total pressure exerted by each gas in 
a mixture of gases. 

perfusion—The circulation in a tissue. 

plankton—Aquatic life-forms that drift with the currents. 

pneumothorax—A lung injury in which air is trapped in the chest cavity. 

pony tank—A backup scuba unit consisting of a small scuba cylinder with a 
separate, standard regulator. 

ports—The openings in the first stage of a regulator. One of the ports is for 
high-pressure air measurement with an SPG. The remaining ports are for low- 
pressure air. 

pressure—Force (often weight) per unit area. 

pulmonary barotrauma—Any lung injury caused by pressure. 

Rankine—The absolute temperature scale for Fahrenheit temperatures. To 
convert a Fahrenheit temperature to Rankine, add 460 degrees. 

reciprocal compass course—A course where the diver moves in a given head- 
ing for a given distance and returns to the origination point by reversing the 
direction of travel. 
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red tide—Blooms created by a type of red phytoplankton. 


reference descent—A descent that the diver controls by following a line or 
the slope of the bottom. 


repetitive dive—Any dive made within 6 to 24 hours (depending on the dive- 
planning device) of a previous dive. 


repetitive group or repetitive group designation—The letter on a dive table 
that indicates the amount of nitrogen in a diver’s body. 


residual nitrogen—Nitrogen remaining in your system from a dive made 
within the past 12 hours. 


residual nitrogen time—An amount of time that must be added to the actual 
bottom time (ABT) of a repetitive dive to determine the total bottom time 
(TBT). RNT compensates for residual nitrogen remaining in a diver’s tissues 
from previous dives. 


rest stop—A precautionary decompression stop during ascent. 


reverse block—Discomfort that occurs when the pressure in the middle ear is 
above normal during an ascent due to blockage of the Eustachian tube. 

reverse thermocline—The point of transition from a layer of cold water toward 
the surface of a lake to a layer of warmer water toward the bottom. This state 
exists in winter. 

rip current—The narrow, strong current that moves away from shore as a 
result of water flowing back to sea through a narrow opening in an underwater 
obstruction. 

sawtooth dive profile—A dive that progresses from deep to shallow and back 
to deep. 

scissors kick—A fin kick that can be used as a resting kick. While lying on the 
side, the diver slowly extends one leg backward while extending the other leg 
forward, and then pulls the legs together quickly. 

scombroid—A type of fish poisoning that can result if you eat fish that have 
not been kept chilled. It produces nausea and vomiting within an hour. 

scrolling—A method used by dive computers to provide advance-planning 
information through a sequential display of time limits for various depths. 

scuba—Self-contained underwater breathing apparatus. 

semi-closed-circuit—Refers to a scuba system that combines the benefits 
of closed-circuit and open-circuit systems. Small amounts of used gases are 
released periodically. 

set—tThe direction assumed by a current. 

shallow-water blackout—The sudden loss of consciousness near the surface 
of the water. 

shorty—A one-piece dive suit with short arms and legs used for diving in warm 
water. 

sink—The area formed when the ground collapses into an underground cave 
system. 

siphon—An opening where water is channeled from a sink back into the system. 

skip breathing—An attempt to extend one’s air supply by holding each breath 
for several seconds. 


slack water—tThe period of time between flow and ebb when the water has 
minimal movement. 


Spare Air unit—A backup scuba unit consisting of a small scuba cylinder with 
a special regulator integrated directly into the valve. A Spare Air unit is smaller 
than a pony tank and provides only enough air to permit an ascent from shal- 
low depths. 

spike dives—A dive with a short actual bottom time (ABT), such as a dive to 
free a fouled anchor. 

spring tides—The twice-monthly period of highest tides, which occurs when 
the moon and sun are aligned with the earth. 

square compass course—A series of headings that allows the diver to travel 
in a square pattern so that the dive ends where it began. 

squeeze—A condition that occurs when the pressure on the outside of an air 
space in or on the body is greater than the pressure inside the air space. This 
condition may cause pain and injury and may be avoided by keeping the pres- 
sures equal (see equalization). 

stages—The two parts of a scuba regulator that perform the two steps in the 
pressure reduction process. 

stand—A brief period of time during which the tide neither rises nor falls. 

step dive—A dive that is made in a series of steps. 

stipes—Long strands of kelp. 

subcutaneous emphysema—A lung injury in which air is present in the tis- 
sues under the skin. The air swells the tissues around the neck. 

submersible pressure gauges—An instrument that measures scuba cylinder 
pressure. 

surf—Breaking waves that occur when the water within the wave moves for- 
ward and gives up its energy. This occurs when the depth of the water is about 
the same as the wave height. 

surface interval time—tThe elapsed time from when a diver surfaces after a 
dive to the time the diver begins the descent of a repetitive dive. 

surge—tThe back-and-forth subsurface motion of the water within waves when 
the waves enter shallow water. 

swells—The rounded, undulating forms that waves take as they move away 
from the area in which they were created. 

tetrodotoxin—A type of fish poisoning that results from eating exotic fish such 
as puffer fish or blowfish. Tetrodotoxin is the most serious form of fish poison- 
ing and can cause death within minutes. 

thermocline—An abrupt transition from a warmer layer of water to a colder 
layer of water. 

total bottom time—The sum of actual bottom time and residual nitrogen time. 

Toynbee maneuver—A method of opening the eustachian tubes by blocking 
the nostrils, closing the mouth, and swallowing. 


trail line—A long line with a float attached that is deployed from the stern 
of a boat. Divers use the trail line to pull themselves to the boat against the 
current. 
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trapdoor effect—A condition that exists when pressure prevents the Eusta- 
chian tube from opening. This condition may be overcome by ascending to 
reduce pressure. 


trough—tThe bottom of a wave. 
tsunami—Gigantic seismic waves caused by an underwater earthquake. 
turbid—Water that is unclear or murky because of stirred-up sediment. 


upwelling—tThe replacement of warm water at the surface with colder water 
flowing up from the depths as a result of a strong wind blowing along the shore 
for a sustained time. 


Valsalva maneuver—A method of opening the eustachian tubes by blocking 
the nostrils, closing the mouth, and gently trying to exhale. 


valve seat—The portion of the cylinder valve that closes and stops the flow of air. 
vasoconstriction—Narrowing of the blood vessels. 

vertigo—A subjective feeling of movement perceived as a spinning sensation. 
wave height—The distance from a wave crest to the trough. 

wave period—The time it takes two waves to pass a given point. 

wave train—A long series of waves. 

wavelength—tThe distance between waves. 
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Gay-Lussac’s law 24-25, 27 

gear bags 101 

giant-stride entry 154, 154f 
Great Lakes 217 

guides 4 

gyres 130 


H 
habits 191 
half-time 54, 99 
hand coverings 
77f, 78 
hand signals 
scuba diving 166, 167f 
skin diving 141, 141f 
Hawaii 217 
head-to-toe buddy check 152 
hearing 14, 15f, 34 
heart 50-52 
heat 
exhaustion 40, 41f 
loss 28-29, 29f, 39-40, 39f 
heatstroke 40, 41f 
Henry’s law 25-26, 26t 
high altitude diving 200, 202, 202t 
hoods 74, 74f, 76, 78, 139 
humidity 29 
hydroids 113-114, 113f, 116 
hyperthermia 38 
hyperventilation 18, 19f 
hypothermia 38, 40 
hypoventilation 18 


73-74, 74f, 76, 


I 
ingassing 26, 53-58, 54f, 56f-57f 
injuries 50, 114-117, 116t, 179-181 
instrumentation 
equipment 96-100, 96f, 98f, 152 
monitoring 165-166 


J 

job opportunities 218 
jumpsuit 72f, 73 
J-valve 88 


K 

kelp 110-111, 112f, 216 
kicks 144-145, 144f-145f, 164 
kits 102-104 

knives 100-101, 100f, 152 
K-valve 87, 88f 


L 

lacerations 114-115, 116¢ 

laws 4 

leadership opportunities 219 
lifesaving scuba 178-179, 179f 
lift 59, 60f 

light 32-33, 32f 

lights, dive 102, 102f 

local diving opportunities 212-213 
lubber line 98 

lungs 12, 13f, 47, 48f, 50-52, 176 


M 
magazines 222 
mask 46, 65-67, 65f-66f, 138-140, 
147-148, 152 
clearing 142-143, 143f 162 
defogging 29, 66, 139 
maximum-depth indicator 97 
mediastinal emphysema 50 
menstruation 6 
middle ear 14, 15f, 52 
Middle East 218 
mobility adjustments 59, 60f 
modified frog kick 144, 145f 
multilevel dive profile 197, 198f 


N 

navigation 97-98, 98f, 164-165, 
164f-165f 

NDSL. See no decompression stop 
limit 

neap tides 126 

neutral buoyancy 21, 142, 158- 
159, 161 

New England 217 

nitrogen narcosis 16, 58 

nitrox equipment 104-105, 104f, 
197 

no decompression stop limit (NDSL) 
191, 194-197, 195t, 199-200, 
202 

nonreference descents 161 


oO 

octopus 94 

on-site planning and preparation 
187-188, 188f 

open-circuit scuba 3, 4t 

open-valve ascent 159-160, 166 

organizations 121, 221 

O-ring 88-89, 150-151 

outgassing 26, 28, 53-58, 54f, 56f- 
57f, 166 

overexertion 47-48, 172 

overheating 40-41, 41f 

overturn 122, 123f 

overweighting 163, 163f 


P 

packing 148-149, 149f 
panic 170-172, 172f 
partial pressure 26-27, 26f 
periodicals 222 


physical problems, managing 173- 
177, 174f-177f 
physiological problems, managing 
169-172, 172f-173f 
plankton 110, 111f 
planning. See dive planning 
pneumothorax 51 
pollution 117-118 
pony tank 95, 95f 
ports 91 
postdive review 206 
preparation 
scuba diving 148-152, 149f-150f, 
185-188, 188f 
skin diving 138-141, 140f 
prerequisites, diving 5-6 
preservation 117-121, 119f 
pressure 
absolute 23, 26-27 
ambient 53 
atmospheric 22-23, 22f 
equalization 7, 14, 24, 25f, 43-46, 
A4f-45f 
gas laws and 23-24, 24f 
injury from 50 
measurement 22-23, 22f 
partial 26-27, 26t 
reduction, stages of 89-95, 90f- 
92f, 94f 
proficiency testing 5 
Puget Sound 216 
pulmonary barotrauma 50 
punctures 114-115, 116t 


R 


Rankine 25 

reciprocal compass course 165 

recompression chamber 56, 56f 

recreational diving 3-4 

Red Sea 218 

red tide 110 

reference descents 161 

regulators, scuba 89-94, 89f-92f, 
149-152, 150f, 156-157 

repetitive dive 190-191, 190f, 194, 
200 

repetitive group designation (RGD 
or RG) 191, 194, 200 

reserve valve 88 

residual nitrogen 
197, 195t 

residual nitrogen time (RNT) 194- 
202, 195t 

respiration 15-18, 16f-17f 19f 

responsibilities 9 

rest stops 55, 57f, 190, 196, 196t, 
200-201 

reverse blocks 24, 25f 

reverse thermocline 122, 123f 

RG. See repetitive group designation 

RGD. See repetitive group designation 

rip current 131, 131f 


190, 190f, 194- 
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Hookup/Jumper Wire 
(Top right) You'll need this to connect one thing to another. 


Resistors 
(Bottom) Resistors serve two purposes here: two are used to make sure 
the LEDs don't get too much current; the other two work with the ca- 
pacitor to control the behavior of the 555 timer. 


Battery Box 
(Right) This holds 3 AAA batteries. 





Figure 0-5. Finished 555 blinky 


Contact Us 
Maker Shed is here Monday to Friday, 7:30 AM to 5:00 PM Pacific Time 


Email: help@makershed.com 
Phone: 800-889-8969 or 707-827-7019 


Answers to our most commonly asked questions: http://www.makershed 
.com/help.asp 


Got a kit or product you think we should sell? Send a note to 
kits@makezine.com. 


Want to carry MAKE books or kits in your store? Send a note to 
resellers@makershed.com. 


Welcome xi 
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risks 6-8 
RNT. See residual nitrogen time 


S 
safety stops 55, 57f, 190, 196, 196t, 
200-201 
saltwater diving conditions 126-132, 
127f, 129f-131f 
save-a-dive kit 102-103 
sawtooth dive profile 197, 198f 
scissors kick 144, 144f 
scombroid 112 
scrolling 204-205 
scuba (self-contained underwater 
breathing apparatus) 
backup 94-95, 95f 
cylinders 83-87, 83f-85f, 86t, 
149-150, 149f-150f 
lifesaving 178-179, 179f 
regulators 89-94, 89f-92f, 149- 
152, 150f, 156-157 
systems 3, 4t 
scuba diving 
ascents 159-160, 166, 174-176, 
174f-175f, 200-201 
descents 161 
entry techniques 152-155, 153f- 
155f 
exit techniques 
169f 
hand signals 166, 167f 
at high altitude 200, 202, 202t 
laws 4 
navigation 97-98, 98f, 164-165, 
164f-165f 
organizations 221 
preparation for 148-152, 149f- 
150f, 185-188, 188f 
prerequisites 5-6 
recreational 3-4 
responsibilities 9 
rules 156, 200 
skills 152-169, 153f-155f, 159f- 
160f, 163f-165f, 167f-169f 
technical 105-106, 105f 
underwater swimming in 163- 
164, 163f 
wreck diving 217 
sculling 119, 119f 
seasickness 52-53, 170 
seated entry 154, 154f 
self-contained underwater breathing 
apparatus. See scuba 
semi-closed-circuit scuba 3, 4t 
set, of current 132 
shallow-water blackout 18 
short-term planning and prepara- 
tion 187 
shorty 72f, 73 
signaling devices 102-103 
signals. See hand signals 
silting 163, 163f 
simple valve 87-88, 88f 
sink 125 


168-169, 168f- 


sinuses 12, 13f, 43-44, 44f 
siphon 125 
SIT. See surface interval time 
skills. See diving skills 
skin diving 
ascents 146-147, 147f 
equipment 70-71, 70f, 138-141, 
140f, 147-148 
hand signals 141, 141f 
preparation 138-141, 140f 
prerequisites 5-6 
recreational 4 
skills 141-148, 141f, 143f-147f 
skip breathing 47 
slack water 127 
slates 102-103 
small-boat diving 134-135 
snorkel 67-68, 67f-68f, 138, 140, 
143-144, 143f, 152, 155-157 
snorkeling 155-156 
snorkel-regulator exchanges 157 
sound 34 
South Pacific 217 
Spare Air unit 95, 95f 
specialized equipment 
104f-105f, 197 
SPGs. See submersible pressure 
gauges 
spike dive 198, 198f 
spring tides 126, 127f 
square compass course 164-165 
squatting back-roll entry 155, 155f 
squeezes 24, 25f 
stages, of pressure reduction 89-95, 
90f-92f, 94f 
stand 126 
steel cylinders 83-85 
step dive 197, 198f 
stings, animal 115-116, 116¢ 
stipes 110 
stress 170-172, 172f 
subcutaneous emphysema 51 
submersible pressure gauges (SPGs) 
88, 98-100, 98f, 150, 152, 165 
surf 128-130, 129f, 153, 153f, 169, 
169f 
surface dives 145, 146f 
surface interval time (SIT) 194-196, 
195t, 200 
surface snorkeling 155-156 
surge 128 
surrounding pressure. See ambient 
pressure 
swells 128 
swimmers 112-113, 112f 
swimming 
ESA 175-176, 175f 
kicks 144-145, 144f-145f, 164 
surface dives 145, 146f 
underwater 146-147, 147f, 163- 
164, 163f 


104-106, 


sl 9 
tanks. See cylinders 


task-relevant instructional self-talk 
(TRIST) 171 

TBT. See total bottom time 

technical diving 105-106, 105f 

teeth 15 

temperature 20, 23-27, 32, 34. See 
also thermal adjustments 

tetrodotoxin 112 

thermal adjustments 38-41, 39f, 41f 

thermocline 122, 123f 

throat 12, 13f 

thrust 59, 60f 

tides 126-128, 127f 

total bottom time (TBT) 194-202 

Toynbee maneuver 44 

trail line 133, 134f 

training 5-8, 8f, 210-212, 221 

trapdoor effect 45, 45f 

travel 213-218 

TRIST (task-relevant instructional 
self-talk) 171 

trough 128 

tsunami 126 

turbid water 33 


U 

underwater food cycle 
lllf 

underwater swimming 
147f, 163-164, 163f 

underwater timers 97 

upwelling 123 


VIO=114, 


146-147, 


Vv 

Valsalva maneuver 44 

valves, cylinder 87-89, 88f 

valve seat 87 

vasoconstriction 39 

venomous injuries 
180 

vertigo 33, 52 

vests 74, 74f, 138-139, 142, 148 

visibility 33, 162 

vision 32-33, 32f, 67 

visual adjustments 53 

volume 23-24, 24f 

vomit 52, 133, 170 


114-115, 116¢, 


WwW 
wading entry 153, 153f 
Washington 216 
water 
environment 19-23, 19f, 20t, 
21f-22f, 28-29, 29f, 32-34, 32f 
slack 127 
wave height 128 
wavelength 128 
wave period 128 
waves 128-130, 129f 
wave train 128 
weighting systems 78-80, 78f, 138- 
140, 147-148, 152 
wet suits 71-75, 71t, 72f-74f, 77-78, 
139, 148 
wreck diving 217 
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books and manuals on scuba diving, 
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Scuba Diving from Human Kinetics. In 
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Association of Underwater Instructors 
(NAUI), Graver wrote several diving texts, 
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graphing many wonders under the water, 
from the Red Sea off the coast of Egypt to 
the barrier reefs of Australia. He has won 
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Introduction 


The wide array of equipment available is often bewildering to a novice 


diver. Some items are essential in all circumstances, while others are 


used only in specific diving environments. The more research you do 


and advice you seek, the more likely you are to buy safe, suitable gear. 





BUYING AND RENTING GEAR 

You could begin dive training with 

as little as a swimsuit, but it may be 
advisable to at least obtain a good- 
quality mask, snorkel, and fins. ‘This 
means that you always have three key 
pieces of gear that fit perfectly, and with 
which you are comfortable. 

Many divers own no more than this 
basic gear, preferring to rent the rest. 
There are pros and cons to this 
approach: it frees you from carrying 
heavy gear around, but it can also mean 
using ill-fitting equipment that has been 
worn by many people, and which may 
not have been well cared for. The 
alternative is to buy and transport all 
your own gear. This is recommended if 


DIVERS TOURING A REEF 

Knowledge and care of gear is vital, since 
your equipment is your life-support system 
for exploring the underwater world. 


you are likely to be diving regularly in 
your local area (although a local club or 
shop may have gear you can rent). It is 
not so practical if you plan to dive any 
farther afield—taking your own gear 
overseas can be expensive, although 
most dive tour operators are fairly 
generous with their excess baggage 
allowances. You can rent a tank and 
weights from any dive center, so you 
need never travel with these items. 

The best places to buy equipment 
and obtain advice are dive shows or 
local dive shops. Second-hand gear is 
worth investigating, but inspect it for 
signs of wear and corrosion before 
making a purchase, and make sure 
that it is serviced before use. 















BASIC EQUIPMENT 
CONFIGURATION 





BC CONTROLS 

This is the primary means 
by which you inflate and 
deflate your BC. 





SECOND STAGE 
Also called the demand 
valve, this is your 
breathing device. 





KNIFE 

A sharp knife or line- 
cutter should be carried 
in case of entanglement. 


CORE EQUIPMENT 

There are several items of gear that are 
essential, in addition to your mask, fins, 
and snorkel. A buoyancy compensator 
(BC) is an inflatable jacket that keeps 
you afloat at the surface, helps you 
adjust your buoyancy underwater, and 
supports other vital pieces of equipment. 
Weights, and a belt to mount them on, 
are another necessity, although weights 
can also be carried on some BCs 


INTRODUCTION 





COMPUTER 

A dive computer enables 
you to monitor depth and 
safe dive times. 


AIR TANK 

This straps on to your 
BC and attaches to the 
regulator first stage. 


(see p.59). You will also need some kind 
of dive suit (see pp.50—55) depending on 
the water temperature—and boots. 

A regulator (the device that supplies air 
to the diver) is also necessary, preferably 
one that incorporates an alternative air 
source (an octopus) and an instrument 
console with a compass. Dive computers 
are a useful aid to safe diving, and you 
should also carry a knife to cut yourself 
free if you become snagged underwater. 
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DIVING ACCESSORIES Flashlights are essential for diving at 
There is a range of equipment and night, in murky water, and in low-light 
accessory items designed for specialized environments, such as caverns and wrecks. 
diving. Try to borrow or rent specialty If you will be doing a lot of open- 
gear that you may only use infrequently. _ water diving, especially in currents, you 

Slates are useful accessories, since should purchase a marker buoy, either 
they allow you to write messages to your a surface marker buoy (SMB) or an 
buddy, or to make notes from your inflatable surface marker buoy. These 
dive—for example, on species that you indicate your position to observers on 
do not recognize—or to sketch a site. the surface, and also aid your ascent. 























EQUIPMENT FOR COLD WATER 

Cold seas make extra demands on diving 
equipment, and additional peripheral 
items may be needed to ensure safe 
diving. Thermal protection is a priority. 


MASK 
The glass lenses should 
be tempered and offer 
a good field of view. 


Robust BC 


Light-reflective 
safety strip 


Crushed 
neoprene 
drysuit 





GAUGES 

Gauges with large, clear 
dials are easier to read in 
low-light environments. 





BUOY AND REEL 


A marker buoy and reel 
are useful for guiding an 
ascent to the surface. 


FLASHLIGHT 
Temperate waters tend 
to be murky, so a flash- 
light may be required. 











— . 
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Lastly, you may wish to record your 
dive experiences with a camera. Digital 
cameras in housings are now small 
enough to fit into pockets in your kit. 


DIVING IN COLD WATER 

If you plan to dive frequently in cold 
water, you might want to invest in a 
drysuit (see pp.54 
underlayer is essential with a drysuit, since 


). A good thermal 


loss of body heat can result in poor 
decisions and lead to exhaustion, speeding 


MAKING THE RIGHT CHOICE 


Don’t rush into buying the first bit of new 
gear you see—always look at a range of 
products and compare prices. Take 
advice from fellow divers and shop staff, 
but remember that everyone has their 
favorite brands. Reviews in magazines 
and on the Internet can give you more 
information, so that you can weigh the 
options before you buy. 











Diving in cold water requires extra equipment, 
and appropriate training in how to use it. Safety 
devices are especially important in such waters. 


the onset of hypothermia. Dive clothing 
manufacturers make special thermal 
undersuits with w g properties to 
draw moisture away from the skin. If you 
are planning on doing any extreme cold 
water diving or ice diving (see pp. 188-89) 
you will need to use an environmentally 
sealed regulator, because these are more 
resistant to freezing. 

Also necessary in cold water are a 
the thickness of which 
will depend on the water temperature. 


hood and glo 


The thicker the neoprene, the more 
insulation it offers, but the more it will 
restrict movement. Thick gloves or 


mittens reduce dexterity considerably, 


which is worth bearing in mind if you 


intend to use smaller items of gear. 
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Masks 


A well-fitting mask is arguably your most important piece of diving 


gear, so take time to choose one that is right for you. There are many 


styles and designs to choose from, but above all you need one that 


fits correctly, and suits your personal diving requirements. 





SEEING UNDERWATER 

Human eyes cannot focus in water, 
which is why you have to wear a mask 
when diving. The way masks work is to 
trap a pocket of air in front of the eyes, 
allowing them to focus normally. A 
standard mask consists of a single or 
double panel of tempered glass inside 

a frame, with a silicone skirt forming an 
airtight seal against the face. A strap and 
buckles hold it all in place. 

If you take care of your mask and 
keep it in a sturdy case to avoid damage, 
it should last for many years. ‘The lenses 
of new masks have a protective coating 
from the manufacturers that should be 
removed before use. This can be wiped 
off using a nonabrasive cloth and non- 
gel toothpaste (or a fine abrasive cleaner) 
to clean the coating off without 
scratching the glass. If in doubt, consult 
the manufacturer’s instructions. Make 


sure you rinse your mask in fresh water 
after use and store it away from direct 
sunlight in a dry place. 


TESTING FOR FIT 

There are lots of shapes and sizes of 
mask, so take time to find one you like 
that fits. A simple test is to hold it up 
to your face and inhale gently through 
your nose. If you then lean forward, it 


should remain in place. 





Hold the mask in 

front of your face 
with the strap 
hanging loose. 


Place it on your face. 

Inhale through your 
nose—the mask should 
stay on without support. 





MASK DESIGNS 


CLASSIC This is a slightly old-fashioned 
design, but it is still popular with 

photographers because it gives a clear 
view of the diver’s face. It offers a good 


Single tempered 
glass lens 


Oval metal 


field of view, but its high internal volume of f outer frame 
air makes clearing the mask a little harder. 


EXTENDED VISION Many new designs 

of mask are constructed to give the diver ’ Removable 
an extended field of view, especially lenses 
downward. This model is a multi-lens Laer) 

design, which also allows corrective d 2s ae Lower lenses 


| : enhance 
lenses of different strengths to be fitted. a downward view 


MATTE FINISH Some divers prefer to use 

a mask with a black silicone skirt to avoid Sins kid 
confusing reflections on the inner surface 

of the glass. This is especially useful to j Single-lens 
marine photographers. However, this design 
feature does reduce peripheral vision. 


SIDE VIEW Some designs offer improved 
peripheral vision through glass panels on 
either side of the main lens, but are still 
low-volume, so are easy to clear. When Clear, light: 
choosing, make sure that additional lenses permeable skirt 
do not distort perspective. 


Side lenses 
widen view 


FULL FACE Mostly used in ‘ 2 = Quick-release 
commercial diving, full-face masks ¢ fj . a faceplate 
are advantageous in very cold or 
polluted water. Some recreational 
models have intercom radio units : Radio intercom 
so divers can communicate. : \ ha system 


Primary lens 





EYE TO EYE 

Evolution has 
equipped fish with 
eyes that focus 
underwater, but divers 
must rely on masks 
for clear vision. 


Some masks can be fitted with prescription lenses, so if you 
wear glasses you will still be able to see underwater. Contact 
lens wearers can use normal masks—they provide an adequate 
degree of protection from water, unless accidentally removed. 


Lightweight 
: plastic frame 


Corrective lens 


Outer 
lens 
bracket 


Inner lens 
gasket 
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Snorkels and fins 


Along with a mask, a snorkel and a pair of fins are probably the first 
pieces of gear you will buy. Snorkels vary very little, but there are 
plenty of styles of fins to choose from, depending on your budget. 
As always, look for a good fit and features that suit your diving needs. 





CHOOSING A SNORKEL 
A snorkel is simply a tube that allows you 


to breathe easily at the surface without Basic snorkels are little more than a 
needing to raise your head from the curved tube, but some models have 

i a splash-guard at the top of the tube to 
water. When diving, you do not need a : 3 

prevent ingress of water, and a drainage 

snorkel underwater; however, you may valve at the lower end. Collapsible types 
use one before and after submerging, A are easy to stow away when not in use. 
good snorkel should be easy to breathe 


through, and should not be too shore 
long—ideally no more than 17 in = 

(43 cm)—-so it is easy to clear. 

Attach your snorkel to the left-hand 
side of your mask, leaving the right- 
hand side free for your regulator hose 
(see pp.60—61). Always rinse your snorkel Collapsible snorkel 


, : with case 
after use and store out of direct sunlight. 








FITTING FINS of agility underwater, but many divers 
Sometimes incorrectly referred to as believe traditional models deliver more 

flippers, fins are used to aid propulsion outright thrust. Before deciding which 

when diving, A standard fin consists of pair to buy, consider the kind of diving 

a shoe made of rubber and a blade made you will be doing, and seek advice from ‘ 


of a stiffer material, often with ridges and _ store staff or other divers. 
vents to enhance performance. ‘The shoe 
can either fit the whole foot like a slipper FIN POWER 


or leave the heel exposed. The latter is A diver employing 
the “frog kick” with 


conventional fins. 








held on with a strap, and is designed to 
be worn over neoprene boots. When 
buying fins of this type, it is advisable 

to take your boots along with you, since 
their thickness will need to be taken into 
account when testing for fit. 


SELECTING THE RIGHT PAIR 
Advances in fin technology mean 
that there is a wide range for the 
diver to choose from, depending 
on their specific preferences. For 
example, split fins offer a high degree 
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TYPES OF FINS 








Ridges to 


CONVENTIONAL A basic fin with Cf 
reinforce blade 


a single, fairly rigid blade, the 
conventional design is a good 
starter fin, but you may want to 
try other types to see if they offer 
features that suit you better. 


Flexible plastic 
blade 


FORCE FINS Made exclusively 
by a California manufacturer, 
this range of fins is designed to 
minimize the water turbulence oper 
produced, and reduce the toed foot 
diver’s kicking effort. pocket 


Blade curves 


upward 













Polyurethane 
blade 





PIVOTING A design that 

has been adopted by two 
manufacturers, this fin features 
a flex-point in its structure and a 
V-shaped area of softer plastic to scoop 
water for better traction and speed. 


Hinged area to 
allow flexing 


Softer plastic 
to scoop water 


SPLIT A popular style, split 
fins offer better agility than 
standard fins. However, some 
divers believe they are less 
effective than conventional 
fins in strong currents. 


Soft, flexible 
construction 


Split blades 


SNORKELING Fins designed 
for snorkeling are lighter than 
scuba fins, and of a foot-pocket 
design, so they can be used with 
bare feet. Some also have 
shortened blades. 


rie 


Foot pocket 


Lightweight build 


Short blades 





FIT AND FASTENING 

Fins are held on the foot 
in two basic ways: in a 
form-fitting foot pocket, 

or by a Strap over the heel. 











Foot-pocket fin Heel-strap fin 
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Diving suits 


In all but the very warmest waters, you will need some kind of 


thermal protection during your dive. Good diving suits (which are 


technically known as “exposure suits”) are available in every price 


range, but always look for comfort, fit, and quality of construction. 





BEATING THE CHILL 
Water conducts heat away 
from the body much more 
efficiently than air. Unless 
the water you are in is the 
same temperature as the 
surface of your skin— 
about 90°F (32°C), which 
is hotter than most corals 
can withstand—your 
body will lose heat, and 
you will get cold. This 
means that in almost SECOND SKIN 





WHICH SUIT? 

Personal warmth 
requirements vary. 

If possible, take various 
suit options—you can 
layer these to give you the 
best protection. It is rare 
to be too hot underwater, 
but in tropical climates 
you may overheat in your 
suit before you enter the 
water. This can be 
prevented by wetting the 


all diving environments, Modern wetsuits are made of —_— suit before putting it on. 


thermal protection is 
required. If you are 
diving in warm waters, a normal wetsuit 
will be sufficient. Only in the warmest 
waters should you consider a non- 
insulating or “skin” suit. Never be 
tempted to dive in just a swimming suit; 
even if you don’t need insulation, a thin 
layer will prevent stings and abrasions. 
If you are diving in cooler waters, you 


should consider the heavyweight options: 


a semi-dry suit or a drysuit. 


EXPOSURE PROTECTION 


There are guidelines for the type and 
thickness of suit needed in different 
conditions. For the tropics, where the 
waters rarely drop below 68°F (20°C), 
a 2-3-mm wetsuit is fine. In the 
Mediterranean in summer, a 5—6-mm 


full wetsuit is more appropriate, rising 
to 7-8 mm during winter months. 

A semi-dry suit of 10-15-mm thickness, 
with a hood and thick gloves, will 

cope with most conditions in colder 
temperate waters, but in waters below 
50°F (10°C), a drysuit is necessary. 





materials that offer highly 
efficient heat insulation. 


Buying a suit for 
every temperature range 
is too expensive for most divers, but most 
suits will suffice for a variety of waters. 
Although in the tropics you would be 
too warm in a drysuit, you could opt for 
a full-length wetsuit, as its extra warmth 
would be welcome in the cooler depths. 

In addition to a suit, you may need 
accessories such as gloves, boots, a hood, 
and talcum powder, which is useful for 
easing entry into suits. 


Shortie Full wetsuit 


SUIT LAYERS 


Wetsuits and drysuits keep the diver 
warm in different ways. In wetsuits, 

a thin film of water is trapped next to 
the diver’s skin and acts as an insulator. 
Drysuits seal a layer of air inside the 
suit, and this permits the use of thermal 
undergarments for extra insulation. 


Wetsuit 


Insulating film 
of water 


Neoprene shell 


Sea 


Drysuit 


Air layer 
Undersuit 
Air layer 
Outer shell 


Sea 


SKINSUITS AND SHORTIES 

In warm, tropical waters, you will 
probably not require any thermal 
insulation, but a thin layer over your 
body will prevent your equipment 
from rubbing on your skin, as well 
as giving protection from the Sun 
before and after dives and providing 
a barrier to stings and scrapes. 

The thinnest skinsuits are made 
of Lycra, but some manufacturers 
offer suits made from 0.5-mm 
neoprene. Lycra suits can also be 

Light 


material 


Leather 
palms 


Light gloves Skinsuit vest 










DIVING SUITS 


used as a base layer under a heavier suit, 
so they are a good add-on option if you 
are not sure how warm or cold your 
destination will be. 

So-called “shortie” wetsuits offer 
slightly more thermal protection than 
skinsuits, typically being constructed of 
3-mm neoprene. However, they do leave 
the arms and legs exposed and 
unprotected from stinging plankton and 
jellyfish or abrasions on rocks or coral. 

























SHORTIE WETSUIT 
This type of wetsuit 
is a good choice in 
warm waters, and 
does not cost as 
much as a full suit. 


Non- 
chafing 


Tough 
plastic 
zipper 


Thin 
neoprene 





TROPICAL DESCENT 

Even in warm waters, a full-length wetsuit may 
prove invaluable, because water temperatures 
drop as the diver ventures deeper. 


FULL-LENGTH WETSUITS 

The next level of thermal protection 
after shorties and skinsuits is a full-length 
wetsuit. These offer increased thermal 
protection for the arms and legs, and are 
typically made from 2—8-mm neoprene. 
But thickness is not the only factor in 
thermal efficiency—a close-fitting suit 
provides better insulation. A correctly 
fitting wetsuit should not only be easy 
to put on, but should follow the contours 
of your body as closely as possible. 
Wetsuits rely on trapping a thin film of 
water next to the body, which gradually 
becomes warm. If the suit fits badly, 
water flows more freely between the 
body and the suit, and chills—rather 
than insulates—the diver. 


CARING FOR YOUR WET: 


A simple maintenance regimen is vital to 
prolong the life of your wetsuit. After 
every dive, wash your suit to remove salt 
and debris, which can cause it to rot. It is 
best to use special wetsuit shampoo, 
which helps to maintain the suppleness 
of the neoprene and prevent mildew. 
Once the suit is fully dry, place it on a 
hanger and store it in a cool, dry place. 














FULL-LENGTH WETSUIT 
Scuba wetsuits are 
available in a range 
of styles, categorized 
by the thickness of 
neoprene they are 
made from. 


Torso area has 
extra insulation 


Side panels for 
better flexibility 


Thin 
neoprene 


Gloves 


Zipper 
for easy 
access 





SEMI-DRY SUITS 
Though intended for colder temperate 


waters, where they are worn with a hood 
and gloves, semi-dry suits are a versatile 
style that can be used even in warm 
Mediterranean seas. Like standard 
wetsuits, semi-dry suits are made of 
neoprene and work by trapping an 
insulating layer of water between the 
body and the suit. However, they have 
more efficient seals at the wrists and 
ankles and around the neck or hood, 



















Efficient 
neck seal 







DIVING SUITS 


which stops water from flushing through 
the suit and allows the trapped water to 
warm up. They also tend to be made of 
thicker neoprene and are often designed 
to be used in layers (with a jacket fitting 
over a coverall-style base layer). 

The thickness of the neoprene in 
some semi-dry suits has a tendency to 
restrict movement on land (although not 
in water). However, suits made of super- 
flexible material are available that offer an 
equivalent degree of thermal protection, 
but are much easier to put on and move 
around in. Although a semi-dry suit offers 
protection sumilar to a drysuit (see p54), 
some divers prefer a drysuit, because 
a damp body can be uncomfortable 
after the dive, especially in cold weather. 


SEMI-DRY SUIT WITH EQUIPMENT 
Good-quality semi-dry suits are suitable 
for a range of dive environments and 
conditions, and allow you to withstand 
the chill of greater depths. 





DIVE COMPUTER 
Often no bulkier than a wrist watch, 
a dive computer may need a strap 
extension when worn with thicker 
suits such as a semi-dry suit. 


FLASHLIGHT 
In the colder and deeper waters 
accessible with a semi-dry suit, 
visibility can be impaired, so a 
light should always be carried. 
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DIVING IN DRYSUITS 

Drysuits are the most expensive type of 
diving suit but offer excellent thermal 
protection. They use trapped ai, not 
water, as an insulating barrier. Drysuits 
are available off the rack, but it is worth 
spending a little extra to get a made-to- 
measure garment, because a well-fitting 
suit will be more comfortable and more 
likely to avoid buoyancy problems 





caused by unequal air distribution. 
Drysuits are made from a variety of | KEEPING WARM 
materials, including crushed neoprene Even in conditions as extreme as those 
encountered diving under ice, drysuits 
provide good thermal protection, 
ensuring the diver stays comfortable. 


and membrane materials. Crushed 
neoprene suits are tough and offer 
a good degree of thermal 

insulation. Membrane drysuits are 





made from strong, thin, waterproof “ -- 
fabrics, which offer less inherent 


























thermal insulation than 
crushed neoprene, and are 
designed to be used with 
a thermal undersuit. 

They are more supple 





than neoprene types, and 
INFLATOR VALVE 

This is connected to 
the regulator first stage 
(see p.61) and allows 
air to be introduced 
into the suit. 


so easier to move around 
in. However, they can be 
looser-fitting, and allow 
excess air to move around 
inside, which can shift 
buoyancy to the legs, and 


Airtight 


tip the diver upside down. 
design 


CRUSHED NEOPRENE SUIT 

The inherent buoyancy of a suit 

made of neoprene that has been 
“crushed”—treated with heat and 
pressure to flatten its internal air 
cells—remains the same at any depth. 





USING A DRYSUIT 







Fabric resists 
abrasion 





Drysuits are more challenging to use 
than wetsuits, as they have variable 
buoyancy, due to their air-inflation 
mechanism. If you plan to use one for 
the first time, take an orientation course 
in a pool before diving in open water. 

A drysuit should be serviced once a year 
(or after long periods of storage) by an 
approved repair technician. 









Integral boots 
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FASTENINGS AND SEALS more fragile, so there is the risk that they 

Drysuits generally have an “across the may tear. Neoprene seals, by contrast, 

shoulder” zipper to allow entry. You will are tough, easy to repair, and warm, 

need help from your buddy to do this but it can be difficult to get a good fit. 

up. These zippers need regular coating 

with wax or “zip slip” to keep them INFLATING WITH AIR 

lubricated and protected from corrosion. Drysuits have an inflator valve on 

To prevent water from entering the __ the chest that injects air to reduce the 

suit, drysuits have watertight seals— “shrink wrap” sensation caused by water 

made of thin neoprene or latex—at the _ pressure squeezing the suit against the 

wrist and neck. Latex seals are generally body. This air expands on ascent and 

less likely to leak than neoprene versions, must be dumped via a valve, normally 

but do not offer any insulation and are located on the shoulder, which can be 
manual or automatic. Cuff 





dumps are also available that 
work by raising your arm to 
release excess air. 


TOP COVER 

A neoprene hood is 
necessary in cold waters 
to insulate the head. 





THERMAL UNDERSUIT 
___ Shoulder —— Specialty garments, 
\ dump lets ’ ) undersuits can be 
excess alr . 
; escape worn under drysuits 


for extra insulation 
and comfort. 











Thick 
neoprene 






Heavy wetsuit 
gloves 


High-tech fibers 
trap heat inside 


MEMBRANE SUIT 

The tough, lightweight fabric of 

a membrane suit is more flexible 
than neoprene and so allows 
greater ease of movement. 
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Buoyancy compensators 


Unlike fish, humans have no natural way to adjust their buoyancy, 


or floating ability, when underwater. Divers wear a buoyancy 


compensator (BC)—a jacket that can be filled and emptied of air— 


to control their buoyancy underwater and at the surface. 





HOW A BC WORKS 
The BC (also known as BCD, or 
buoyancy compensation device) offers 
flotation at the water’s surface and fine 
adjustment of buoyancy underwater, 
and acts as a harness for equipment 
items. At the surface, a fully inflated 
jacket will keep your head well out of 
the water. Underwater, buoyancy can be 
increased by inflating the BC with small 
amounts of air. 

All BCs are connected 
via an air hose to the 
regulator first stage (see 
p.61), which supplies 
pressurized air from the 
tank for inflating the 
jacket. BCs can also be 
inflated orally, via a 


STOWING KIT 

Buoyancy compensators (right) 
are fitted with handy stowage 
points for peripheral gear. 





corrugated hose that hangs down over 
the left shoulder. Controls for automatic 
inflation and deflation are usually 
located at the end of this hose. 

Of course, BCs must be able to 
reduce buoyancy as well as increase it. 
This is achieved by venting air from the 
jacket via dump valves at various points. 
Air can be released through the oral 
inflation hose by depressing a button, 
and can also be vented by using a pull- 
cord dump valve, which 
acts more quickly. These 
are often located on the 
opposite shoulder from 
the oral inflation hose, 
and at the bottom edge of 
the jacket. They should be 
used cautiously, since they 
alter buoyancy rapidly. 
Many BCs also vent air 
when the oral inflation 
hose is tugged sharply. 


SURFACING IN SAFETY 

When fully inflated, BCs allow the diver 
to float effortlessly at the surface. Here, 
two divers signal OK after a dive. 
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FIXINGS AND FASTENINGS dive. A well-designed BC will have 
The tank (see .68) is also attached to the various adjustable straps around the 
BC. A strap attached to a rigid backplate waist and at the shoulders, to ensure 


wraps around the tank and holds it in that it fits snugly. These can be easily 
place with a cam-action buckle. It is re-adjusted underwater. Steel or plastic 
important that your tank is fastened D-rings (see below) can be used to attach 
securely and does not move during the smaller items of gear. 


FRONT VIEW Pillar valve of 
OF BC JACKET air tank 









D-RING 

Used for clipping on 
items of peripheral 
equipment, like a 
flashlight or reel. 











WHISTLE 
A safety feature for 
attracting attention. 
Here, it is tied to the 

oral inflation hose. 


Air bladder Corrugated hose 







oa) 







HARNESS RELEASE CLIPS Waist belt BUOYANCY CONTROL 
For quick release from The inflation and deflation 
support pad 2 
the harness, and easy controls and oral inflator 
donning of the jacket. are at the end of the hose. 
SIDE VIEW ¢ Tank held 
OF BC JACKET Ee. securely in place 
Low-pressure 
inflator hose Hose-end 
air dump 





AIR DUMP 

Valve allowing air to be 
vented rapidly from the 
air bladders. Harness straps is part oftank have one or two. 


TANK STRAP 


Cam-action buckle locks 
Plastic boot air tank in place. BCs may 


1/Getting the 
Workspace Ready 


Before youcan start soldering, you need to get your iron ready. This involves 
a few steps. First, you'll have to attach the tip to the soldering iron. Then, 
you'll need to prepare the station: make sure your sponge is moistened, set 
the temperature, and “tin” the tip by applying some solder to it. 


At the end of this chapter, your soldering iron will be assembled, clean, and 
hot enough to begin soldering. 


Solder contains harmful chemicals. Wash your hands after soldering as well 
as after handling solder or the solder station sponge. Though it may be 
tempting to snack while you're working, keep any food or drink away from 
your soldering area. 
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CHOOSING A JACKET 
A basic BC is like 

a padded vest, and these 
are often only adjustable 
at the waist. More 
advanced models have 
adjustable straps to 
make sure the jacket 

fits as snugly as possible 
underwater. Ideally, you 
should buy one that fits like a glove 
and does not roll around with a tank 
attached. You should also find it easy 
to take on and off. If possible, you 
should try it on with your wetsuit 

(or drysuit) to check the fit, and to 
ensure that there is room for more 
adjustment on every strap in case of 


changes in your suit or your body shape. 


Beyond the basic models of BCs there 


SERVICING YOUR BC 


Careful maintenance of your BC will 
keep it in good working order for many 
years. It should be serviced at least 
once a year, or after it has been stored 


unused for more than six months. Take 
it to a recommended dive shop. Only 
service it yourself if you have been 
trained to do so. Do not take risks by 
diving with old or unserviced gear. 
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SPECIALTY JACKETS 
High-volume “wing” style 
BCs (top) are used in 
advanced diving (left). The 
large air capacity of these 
jackets provides extra lift 
for heavily laden divers. 


are the more specialized 
features available on some 
jackets, such as weight 
integration, or a “wing” style design 

(see opposite page). Whatever the features 
of the jacket you decide to buy, make 
sure they suit the type of diving you 

will be doing the most. Try out several 
different jackets before deciding. 


CARING FOR YOUR BC 

As with all items of equipment, your 
BC should be rinsed with fresh water 
after every dive. The inside should also 
be rinsed by flooding it through the 
corrugated hose. The jacket should then 
be emptied again by turning it upside- 
down and draining it through the same 
hose. After this, you should reinflate it 
to help locate and remove any remaining 
water, which will rattle around inside 
when the BC is shaken. The jacket 
should be stored in a cool, dry place 

in a partially inflated state. 
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INTEGRATED WEIGHT BC 
Some BCs feature integral 
weight systems. Many 
people find these quick- 
release weight pockets 
more comfortable to use 
than a traditional weight 
belt. The weights should 
be removed before putting 
the BC on and taking it off. 


INTEGRATED BREATHING BC 
The Mares HUB (Human 
Underwater Breathing) 
system was the first to 
integrate the regulator 

into the design of the BC. 
A great advantage of this 
top-of-the-line product is 
its simplified profile, which 
reduces drag in the water. 


WING / SEMI-WING BC 
Favored by technical divers 
(see p.194), these offer high 
lift capacity. The air bladder 
is rear-mounted: this aids 
horizontal posture under 
the water, but can push the 
diver face-forward at the 
surface. A semi-wing offers 
better surface support. 


WOMEN’S BC Women 
divers are increasingly 

well catered to with special 
jacket designs to give 

a comfortable fit without 
the usual tension points 
across the chest. Such 
jackets offer other 
convenient options like 
weight integration. 


TRAVEL BC If you travel 
often, it is a good idea to 
consider a lightweight BC 
without a rigid back, which 
can be rolled up. These 
designs have a lower lift 
capacity, as they are mostly 
used in warm-water sites, 
where minimal weight is 
carried by the diver. 


BUOYANCY COMPENSATORS 


Inflator 
mechanism 
incorporates a 


backup regulator 


Regulator 
integrated with 
jacket design 


Semi-wing 


= 


Specially shaped | 


harness 


Toggle for 
jettisoning 
weight 
pouches 










High-lift air 
bladder 


Tough plastic 
backplate 


Quick-release 
weight pouches 


Regulator 
built into BC 


Reflective shell 


for visibility 


Ergonomic 
inflator controls 


Rear-mounted 
air bladder 


Steel D-rings for 
attaching gear 


Padded waist 
belt for comfort 


Tough nylon- 
weave fabric 


Padded 
backplate 


Quick-release 
weight pouches 


Lightweight, 
foldable form 


controls 
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Regulators 


One of the most important items of diving gear is a regulator. This 


two-stage gas-supply system provides you with air from your tank at 


the correct pressure for you to breathe underwater. Since it is a key 


life-support device, most divers buy their own regulator. 





BREATHING UNDERWATER RS 
Your tank can store large 
amounts of air in a small 
space because the air it 
contains has been highly 
compressed (see pp.68-69). 
Before you can breathe 
this stored air, it must 

be reduced to a safe 
pressure, which varies 
according to how deep 
you are underwater. 





The deeper you go, the STORING REGULATORS 
greater the weight of Regulators are tough, butthey = mouth), which is also 


water pressing on your 
chest cavity from outside 
(see pp.94—95). This is 
called ambient pressure. Air for 
breathing must be supplied at an 


UNDERSEA EXPLORER 

The regulator reduces the pressure of 
the highly compressed air in the tank 
to a level that is safe to breathe. 


should be well cared for. 
them up ina cool, dry pla 
away from sunlight. 


out of 
around 


Hang 
ce 


equivalent pressure, 
otherwise your lungs 
will not be able to inflate 


properly. 


HOW REGULATORS WORK 
Supplying air at the right 
pressure is the job of the 
regulator, which is made 
up of the first stage 
(which fits on to the tank) 
and the second stage (the 
piece you put in your 


known as the demand 
valve. The first stage 

reduces the air passing 
he tank to a lower pressure of 
116-145 psi (8-10 bar) above 


ambient. A valve in the first stage allows 





some of this low-pressure air to pass into 


a hose, 


and then closes again. When the 


air in the hose has been inhaled by the 





diver, the first stage detects a decrease in 


pressure in the hose, and allows more air 
to flow in, to replace that which was 
used. It automatically alters air-pressure 
in the hose when depth changes occur. 
The first stage also supplies air for BC 
and drysuit inflation (via separate hoses). 
The second stage reduces the 
low-pressure air in the hose to the same 
pressure as the water you are swimming 
through, allowing normal breathing. 
The second stage houses a diaphragm 


A-CLAMP 
FIRST STAGE 

A common and 
convenient clamp- 
style first stage, 
suitable for most 
recreational diving 
requirements. Less 
secure than DIN. 
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that is subject to equal forces of water 
pressure on one side, and air pressure 
from your breathing passages on the 
other. When you inhale, the diaphragm 
flexes inward, causing an inlet valve to 
open, and air flows into your mouth. 
Exhaling causes the diaphragm to flex 
outward and triggers an exhaust valve 
to open, allowing used air to be 
expelled. The unit can be cleared of 
water by using the purge button, which 
is located on its front surface. 


DIN-TYPE 

FIRST STAGE 

A screw-in first 
stage that can 
handle high tank 
pressures of more 
than 3,000 psi (200 
bar). Highly secure. 











SECOND STAGE 
Designed to supply 
air safely at all depths, 
your second stage 
should fit comfortably 
in your mouth. 





OCTOPUS SECOND STAGE 
The octopus is for use 

in the event that your 
main second stage 

fails, or for donation 

to other divers. 











INSTRUMENT CONSOLE 
A high-pressure hose 
from the first stage feeds 
directly into a pressure 
gauge, indicating 
remaining air supplies. 





BC JACKET 
A low-pressure hose 
from the first stage 
supplies air to your 
BC to inflate the 
jacket underwater. 
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THE OCTOPUS SECOND STAGE 
Most recreational regulators are set up 
in an “octopus” configuration (so called 
because of the multiple hoses emerging 
from the first stage). This incorporates 
a backup second stage, which is intended 
for use if your main one fails, or if your 
buddy needs a donated air supply. Over 
time, this backup air source has become 
known as the octopus second stage, or 
simply the octopus. 

The octopus and the hose to which 
it is attached are usually finished in a 
bright yellow color for easy location in 
an emergency, and to distinguish them 
from your main second stage (which 
ordinarily has a black hose). ‘The 
octopus hangs unused from your BC 


most of the time, and for this reason it 
is often detuned (adjusted) to prevent 
“free-flow”—an accidental discharge 
of air that occurs more easily when 
the mouthpiece of the regulator is left 
continually flooded. Some types of 
octopus are attached to the hose via 

a swiveling joint, so that they can be 
easily and safely donated to your buddy 
regardless of whether they are beside 
you, or face-to-face. 

The hose supplying an octopus 
should be longer than the one feeding 
the main second stage. This will allow 

it to be offered to a buddy easily and 
for the buddy pair to remain face-to-face 
during a shared-air ascent (see p./ 40). 
Practice air-sharing procedures regularly. 





STOWING THE OCTOPUS 

Consider where to stow your octopus 
so that it can be easily located in an 
emergency by either you or your buddy. 
You can buy specialized clips of various 
designs to attach the octopus to your 
BG, which allow it to be freed easily 


SAFE STOWAGE 

Attach your octopus to your BC at a point where 
you can easily access it, and where it will be 
clearly visible at all times. 





when required, and replaced again 
afterward. Many divers hang their 
octopus near their midriff, but others 
mount it higher up on the chest, so it 
remains constantly within sight and 
close at hand. You can also buy 
regulator retainers made from rings of 
surgical tubing. ‘These go around your 
neck, meaning the octopus is always 
right under your chin, though some 


find this arrangement constricting. 


EMERGENCY ACCESS 
Special quick-release clips are 
available for fastening your 


octopus to your gear. 





TYPES OF REGULATORS 


BASIC REGULATOR Simple, inexpensive 
regulators at the budget end of the market 
can be very reliable and durable. However, 
some may deliver air a little less smoothly 
than high-performance models. 


OCTOPUS SECOND STAGE Octopus second 
stages are often just standard second 
stages with high-visibility color schemes. 
However, some designs can be swiveled 
to any angle for easy access. 


HIGH-PERFORMANCE REGULATOR At the top 
end of the market are regulators that 
combine high build quality with low 
inhalation effort and toughness. Many are 
environmentally sealed for cold-water use. 


OXYGEN-COMPATIBLE REGULATOR Divers 
who wish to use nitrox mixes (see pp.194- 
95) that are very rich in oxygen will need a 
regulator designed to handle high oxygen 
concentrations without risk of combustion. 


VINTAGE-STYLE REGULATOR In twin-hose 
regulators, the valve of the second stage is 
separated from its mouthpiece, and sits 
behind the diver’s head, where it releases 
bubbles out of the diver’s field of vision. 


CHOOSING A REGULATOR 
As with all items of dive equipment, 
prices vary enormously, but the regulator 
is one piece of gear worth investing 
decent money in. Basic regulators use a 
piston valve in the first stage and can be 
very reliable but often feature rather 
chunky second stages. ‘The more 
expensive models use a diaphragm in 
the first stage and tend to have more 
streamlined second stages. ‘Top- 
of-the-line models may be 
designed specifically for cold 
water diving, or be optimized 
for efficient air delivery on 
deep dives. They may also 
have dials to adjust the 


DEEP BREATH 

Regulators are designed to 
stringent standards, and are 
very reliable if well-maintaine 
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oxygen rating 
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Twin air 
hoses 


inhalation effort required to open the 
valve and deliver air. These can be used 
either to tune the unit to free-flow less 
easily, or maximize air delivery during a 
normal dive. Always rinse your regulator 
in fresh water after use, and have it 
serviced annually by a qualified dive- 
equipment technician. 
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Gauges and consoles 


To stay within safe time and depth limits and avoid running out of 
air, you must carry instruments that monitor your air consumption, 
time underwater, and depth. There are various devices on the market 
to help with this, from simple gauges to complex digital consoles. 





BASIC INSTRUMENTS 

You should never dive without some 
means to measure the time you spend 
underwater, the amount of air you have 
left in your tank, and your depth. 

A waterproof watch with a bezel— 

a rotatable outer ring—allows you to 
mark significant times, and thus keep 
track of how much time has elapsed. 





It also serves as a backup in case of 
INDICATING REMAINING AIR SUPPLY 

The air-pressure gauge allows you to keep track of 
the amount of air in your tank; let your buddy know 
(see p.145) when your supply is running low. 


failure of digital equipment used to 
monitor time, such as a dive computer. 
Depth gauges allow you to monitor 
your depth even if you cannot see the 
water’s surface. They are usually analog 
(needle-and-dial) devices, although digital 
versions are also available. Both work in 


maximum depth of your dive, and 
remember to reset it after every dive. 
Equally important is an air-pressure 
the same way: they measure the pressure _—_ gauge, also known as a submersible 
of the water around you, and convert this _ pressure gauge (SPG) or contents gauge. 
into an accurate reading of your depth. This is connected to your regulator first 
Make sure you buy one that records the stage via a high-pressure hose and 
measures the pressure of 
the air in the tank. You 


should check your air- 


CHOOSING A CONSO 


Your console is your dive information center, so you must 
be happy with the way it handles. Different consoles need 
to be held at different angles to read the dials; experiment 
before you buy to find out which is easiest for you to use. 


pressure gauge every few 
minutes during the dive to 
carefully monitor your air 


Choose one with large, easy-to-read numbers. 
Some are equipped with other instruments, 
such as a compass; these can be either 

on top of the console or on the back. 


Compass 


Pressure 
gauge 


High-visibility 
luminous dial 


Shockproof casing 





consumption. 


GAUGE CONSOLES 
Depth and air-pressure 
gauges are often 
combined in a single 
integrated console that 
attaches to your regulator 
first stage and hangs by 
your side during a dive. 
Mounted together like 
this, the gauges are easy 
to locate and can be 
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TYPES OF GAUGES AND CONSOLES 


STAND-ALONE DEPTH GAUGE A depth gauge 


is usually oil-filled and reacts to ambient 
pressure changes. Mostly analog, these 
gauges are accurate and durable. 


STAND-ALONE AIR-PRESSURE GAUGE Typically 


analog, this type of gauge contains a tube 
that expands or contracts according to the 
air pressure inside your tank. 


DEPTH AND AIR-PRESSURE CONSOLE This 
option allows at-a-glance checking of both 
depth and tank pressure, and also 
registers your maximum dive depth. 


DIGITAL CONSOLE This console has an 
integrated computer and displays a range 
of information, such as air consumption, 
temperature, depth, time, and ascent rate. 


read simultaneously, like a “diver’s 
dashboard.” They can sometimes also 
include other instruments, such as a 
compass or a thermometer. 

Consoles should be rinsed with fresh 
water after use and stored away from 
direct sunlight, and kept in a padded or 
protective case to avoid damage. 


ADVANCED CONSOLES 
Some manufacturers offer instrument 
consoles with digital rather than analog 


gauges. Consoles are also available that 


Pressure gauge 

















Reading is given by 
a needle on a dial 


Wrist strap 


Streamlined shape 


Air hose 


Depth gauge 






Digital 


Backlit screens readout 


for night diving 


perform the same advanced functions 

as a dive computer (see pp.66-67). As 

well as indicating dive time, depth, and 
decompression schedules like a normal 
computer, these also incorporate a digital 
air-pressure gauge. For divers who use 

a wrist-mounted computer to monitor 
dive information, console instruments 
can provide an essential backup. 


ANALOG VERSUS DIGITAL 

Although less easy to read, analog gauges 
sometimes give slightly more accurate readings 
than digital ones, particularly at shallow depths. 
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Dive computers 


To avoid decompression sickness, it is critical to monitor your depth 


and time underwater on every dive. In the past, this would have been 


done using a watch and a depth gauge, but these functions and many 


others can now be performed by a dive computer. 





USING A DIVE COMPUTER 

The main functions of a dive computer 
are to monitor your dive time and depth 
and calculate safe dive schedules. A basic 
model uses this data to assess the level of 
nitrogen absorption in your body while 
you are under the water, and also 
displays information about your ascent 
rate, including any stops you may need 
to make during an ascent to avoid 
decompression sickness (see pp. 100-01). 
More advanced models also inform you 
about the temperature of the water and 
your air consumption (if linked via 

a transmitter to your regulator first 
stage), both for normal air and technical 
gas mixes (see pp.194—95). 


TYPES OF DIVE COMPU’ 


MULTI-GAS This type of computer can 
calculate dive schedules for several 
different mixtures of breathing gas, from 
normal air to various oxygen-enriched 
blends of nitrox. 


CONSOLE-INTEGRATED This computer is 
built into the diver’s instrument console 
(see p.65), which is attached to the high- 
pressure hose from the regulator. As such, 
it also displays remaining air supplies. 


WRIST-MOUNTED This instrument is 
typical of a basic level, watch-style dive 
computer. It provides data on depth, dive 
time, ascent rate, and safe dive schedules, 
and is for use with normal breathing air. 


Computers are more flexible than dive 
tables (see pp.100—-01). Dive tables show 
how long you can spend at different 
depths before needing decompression 
stops. Most tables assume that you spend 
your entire dive at the greatest depth; 
computers can make more complicated 
calculations, including the time spent at 
all the different depths reached on a dive. 
Some computers will also schedule deep 
decompression stops. These reduce the 
risk of nitrogen microbubbles forming 

in your body, meaning that less time is 
spent decompressing in shallow water. 
When making repeat dives, especially 

in places where you are not limited by 
times of tides and slack water, using dive 


Computer can be 
linked to rebreather 


Detailed display, 
which uses icons 
as well as numbers 


Integrated 
compass 


Hand-held device with 
finger-tip controls 


Data displayed 
in basic form 


Push-button controls alter 
information displayed 





RADIO-UPDATED This wrist-mounted 
computer also displays how much air 
remains in the diver’s tank by means of 
radio updates from a module screwed into 
the regulator’s first stage (see pp.60-61). 


Wrist strap 


Radio 
module 
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4 
A _ 
Wrist-mounted 


dive computer 


DIGITAL INTERFACE 

Peripheral devices are available that link dive 
computers to PCs, enabling you to download 
dive profiles and create dive logs. 


tables instead of a computer may not 
give you the maximum number of dives 
you can safely make each day. 
Computers are also able to monitor 
your ascent rate accurately. In your dive 
training, you will be taught to ascend no 
faster than the smallest exhaled bubble, 
but it is more accurate to follow a digital 
readout that tells you the safe ascent rate. 


BUYING A DIVE COMPUTER 

A key consideration when buying a 
computer is the readability of the display. 
Too many figures on a small screen are 
difficult to read—the simplest models are 
often the best. Choose one with digits that 





SAFETY CHECKS 

As you ascend, keep a close watch on your dive 
computer to make sure that you are not exceeding 
the maximum ascent rate it recommends. 


are large enough to read with ease, 
without any nonessential data on the 
primary screen. It is also advisable to opt 
for a brand with a proven track record. 
Computers are the most precise way 
of monitoring your dive, but they are not 
a foolproof means of avoiding DCS. It is 
impossible for data from a computer to 
exactly reflect your body’s requirements. 
All models have built-in safety margins, 
but to be sure of avoiding problems, you 
should always dive conservatively, and not 
push your depths and times to the limit. 


MALFUNCTION PRECAUTIONS 


Never rely solely on a computer. As 

a precaution against malfunction, it is 
always worth practicing how to calculate 
dive times using tables. Although your 
computer will give early warning of a low 
battery, make sure you carry back up 
devices—either a watch and depth 
gauge, or a second computer, which 

can be mounted on your console. 








1: Attach the Tip 


Locate the soldering iron (make sure it’s unplugged and cool), a soldering 
iron tip, and the tip nut that holds the tip in place. Insert the tip into the 
soldering iron as shown in Figure 1-1, and push it in as far as it will go. It will 
not require much force to insert it. 


ix WARNING: Make sure the soldering iron is unplug- 
e ged and cool. 





Figure 1-1. /nserting the tip into the tube 


2: Secure the Tip 


Slide the tip nut over the tip, and screwitin place. Youcanuse pliers to tighten 
it (see Figure 1-2). Be careful not to overtighten it, since you will eventually 
need to replace it when the tip gets worn from all the projects you'll be making 
with it. 


Z Learn to Solder 
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Tanks 


Also referred to as “cylinders” and “bottles,” tanks contain 
pressurized air for breathing underwater and have a valve that 
delivers this air to the regulator. Requiring regular testing and 
inspection, they can almost always be rented from dive centers. 





SIZE AND MATERIALS 


different intervals (from 


Different sizes of tanks 
are available, but most 
commonly they have a 
volume, or capacity, of 
72, 80, or 95 cubic feet. 
The maximum pressure 
to which these can be 
filled varies—it can be 
as much as 4,350 psi 
(300 bar), but is more 


one to five years) in 
different countries. Your 
test stamps must be in 
date for your tank to be 
filled by any reputable 
dive center. 

Many recreational 
divers use an 80 cubic 
foot tank, but if you find 
you usually run low on air 





commonly 3,000 psi 
(206 bar). These figures 
are stamped on the neck 


before your buddies do, 
SECURED AGAINST MOVEMENT 
Tanks stored upright must be 
secured. Always store them out 
of direct sunlight. 


you should consider using 
a larger size. On deeper, 
of the tank, along with or more lengthy dives, 
two tanks (a “twin-set”) 


may be needed. Compact “pony bottles” 


the dates of manufacture 
and most recent testing. Visual 


inspection at a certified dive shop must are often used as a backup air source; 


be carried out annually, and hydrostatic © mounted next to the main tank, these are 


testing (for metal fatigue) is required at equipped with an independent regulator. 


TYPES OF TANKS 


Tanks may be made of aluminum or Knob to Test date is | Pillar 
steel. Steel is heavy and corrodes in salt turn air stamped on 8. t valve 
water, but if well maintained it is durable supply on einai 

and long-lasting. Aluminum is a lighter Steel body A 

metal, but because tank walls must galvanized then 

therefore be thicker, this adds bulk, ees 

and largely negates any 

weight advantage; 
they are also more 


Black/white 
indicates oxygen 
enrichment 


e__ O-ring within 


“hb valve 
ql Pillar Standard hazard 


valve Ibn, , | symbols 
ay 


— Nitrox 
és & content 
Contains A, warnings 
inert gas P) 


Suit inflation 3-liter pony Nitrox 
tank bottle tank 


prone to damage. 


Rubber “boot” 
on base 
prevents 
rolling when 
laid down 


A steel tank 








Tanks are most commonly filled with 
compressed air. For technical diving 
(see pp.194—95), however, they can be 
filled with special gas mixes, such as 
nitrox and trimix. Drysuit inflation 
tanks, used mainly by technical divers, 
are filled with the inert gas argon, 
which, being denser than air, retains 
body heat for longer. 

Because the air inside the tank is 
used up during the course of a dive, 
it gradually becomes lighter. Most 
people forget that air weighs a certain 
amount too, and compression packs 
a great deal of it into one tank. 
Aluminum tanks may even become 
positively buoyant as air is used up. 


THE TANK VALVE 

A valve screwed into the neck of the tank 
provides an attachment for the regulator 
first stage, for either an A-clamp or a 





DIN (see pp.60—63), and a means of 
turning the gas supply on and off. 
Always check that there is a sound 
O-ring in the valve before fitting your 
regulator. Without one, or with a 
damaged one, the fitting won’t seal. 


MAINTENANCE AND STORAGE 

Fill your tank at reputable dive shops or 
centers and make sure it is “in date” and 
regularly serviced. If you are storing 
your tank on a boat, do not leave it 
standing up (especially if gear is 
attached) unless secured in a rack. Take 
care to lay it down and secure it so that 
it does not roll around. Tanks are full of 
highly-pressurized gas, so handle with 
care. Store tanks out of direct sunlight, 
especially when full, as this can cause a 
pressure buildup inside. If you have not 
used your tank for more than six months, 
have it refilled to get rid of any stale air. 


DOUBLE CAPACITY 

A twin-set is ideal for deep dives 
that require long, scheduled 
decompression stops. 
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Weight systems 


When diving, your suit, BC, and even your own body all add to your 
buoyancy. There are many systems for carrying the lead ballast used 
to offset this, and they can be tailored to the environment you will be 
exploring. Comfort and ease of use should be a consideration. 





STAYING DOWN 

When wearing a drysuit 
or thick wetsuit (see 
pp.50—55), you will need 


to wear a considerable 


Many BCs now 
feature integrated 
weight pockets, 
offering a more 
adjustable approach to 
weight distribution and 
counteract the buoyancy trim. The lead carried 
of the suit. The most PASSING A WEIGHT BELT by such BCs is mostly 


inexpensive way of When handing over a belt, always stored in quick-release 
hold it with the buckle down, so that 

. : pockets, but there are 
the weights cannot slide off. 


belt carrying hard lead usually secondary 


amount of weight to 





wearing ballast is on a 


tablets. Other systems use lead shot as stowage areas that are inaccessible during 
the ballast, which is more comfortable to a dive. It is important to make sure the 
wear around your waist, as it molds to amount of releasable lead in the BC will 
your contours. This is of most relevance __ give you sufficient positive buoyancy to 
to women, who often find that a standard guarantee an unassisted return to the 
weight belt is uncomfortable on the hips. — surface if you have to jettison it. 


WEIGHT SYSTEMS 


STANDARD WEIGHT BELT A basic nylon Webbing 
belt carries lead tablets that have two slits weight belt 
through which the belt is threaded. The 

entire belt is dumped in an emergency, 

via a rapid-release cam buckle. 


POUCH-STYLE WEIGHT BELT Some belts have cir for 
pouches that hold bags filled with lead = weight bags 


shot, which are easy to pull out and discard. vf 
A variation on this is a belt with a single Bag filled 


compartment to which you add loose shot. 5 with shot 








WEIGHT HARNESS Taking weight off 

. Rae Broad load- 
your waist and suspending it from both bearing straps 
shoulders makes carrying the load more 
comfortable. Quick-release catches Padded lumbar 
allow dumping in an emergency. support 


WEIGHT-INTEGRATED BC This is perhaps 
the most comfortable way of carrying 
weight. The weight can be distributed Stowage area 


inside BC 
around your body, aiding correct posture guasd 


in the water (see also BCs, pp.56-59). 


Removable 
weight pouch 
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SECURING WEIGHTS TO A BASIC BELT ; ; 

To prevent the lead tablets from sliding ane fetts By 
along your belt and altering your stability 
during a dive, you can secure them in 
place with plastic keepers. Alternatively, 


you can twist the belt to hold them in 
place. Insert the belt through the first 
slit in the weight, make a half turn, and 
then run the belt through the second slit. 





To use a keeper on a basic Take the belt up through Pull the belt taut on each 





weight belt, thread the belt the keeper, bend and side of the weight. Be careful 
through the weight tablet, and thread back through the keeper, to avoid kinking the webbing as 
locate in the desired position. | then through the weight. you do so. Repeat as necessary. 
REFINING YOUR WEIGHT SYSTEM ’ LEAVING GRAVITY BEHIND 
Weights are something you will not want i Heavy weights, though 


awkward on land, will not 


to travel far with—and you do not need 
be a burden underwater. 











to, because they can be rented at dive 
centers. You will find that when you 

dive in different environments and in 
different suits, your weight requirements 
change. Record the configurations that 
work best for you somewhere handy, 
such as at the back of your log book. 
Whichever way you decide to wear your 
weights, it is vital that you can release 
them quickly and safely in an emergency. 


ANKLE WEIGHTS 


When a diver wears a drysuit (see 
pp.54-55), the air within the suit can 
become trapped around the legs and 
feet, inverting the diver. Ankle 

. weights will help 
to counteract this 
€ undesirable effect. 

Weights mounted 


in ankle strap 
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Dive flashlights 


A flashlight is an essential item of dive gear. Although primarily used 
when diving at night and in conditions of reduced visibility, such as 
in caves or in murky water, flashlights also have other useful roles, 
including illuminating subjects for underwater photography. 





LIGHTING UNDERWATER 


: ; . USING A DIVE TORCH 
Lights vary enormously in design and 


cost, but the basic function is to provide Flashlights are easy to lose, especially 
reliable illumination when submerged. during dives in strong currents. Wrist 
straps offer a degree of security, but it 
is safer to clip them on with a flexible 
leash. Stow them close to your body to 
hand-held ones, are easy to lose and minimize the risk of being hit on rocks. 
damage, so it is worth weighing up Also, try not to switch the light on and 
off too often during the dive, because 
this may cause the bulb to fail. 


There are good designs in nearly every 
price range, but flashlights, especially 


carefully how much you want to spend. 
It is also wise to obtain an equally 
reliable backup flashlight, such as Wrist strap 
a smaller pencil-style model, to stow in 
a pocket, for use if your primary light 
fails during a dive. 


BURN TIME AND BATTERIES 

One of the most important factors to 
consider when buying a flashlight is 
burn time—you do not want to run out 





of battery charge halfway through a dive, 


LIGHT IN THE DARKNESS 

A cavern diver surveys the inside of 
® ) a sea cave. Lights are an essential 
piece of diving safety equipment. 





TYPES OF FLASHLIGHTS 


HIGH-INTENSITY DISCHARGE This 
type of light burns brighter than 

a halogen bulb and, because it 
requires less power, has a long 
burn time. Such lights can be heavy 
and expensive, however. 


BACKUP A range of flashlights have 
evolved that are intended for use 

if the diver’s primary light fails. 

As such, they are small and 
lightweight, but only generate 
enough light for emergency use. 


Plastic 
casing 


PISTOL-GRIP This is probably the 
most widely used style of light 
among recreational divers. They 


are fairly inexpensive and usually 
use conventional non-halogen 
filament flashlight bulbs. 


UMBILICAL An umbilical light has 
the battery housed in a separate 
case. This model uses high- 
intensity light-emitting diodes 
(LEDs) to generate a beam. 
Umbilicals have long burn times. 


HIGH-TECH RECHARGEABLE This 
model can be charged via a special 
“wet” contact that means the case 
does not have to be opened, 
minimizing the risk of flooding 
through careless reassembly. 





which could compromise safety. 
There is usually a trade-off between 
output and burn time. Some lights are 
very bright and offer an excellent field 
of illumination for a short duration. But 
many lower-output models can outlast 
much brighter competitors, so consider 
carefully which would be more useful for 
you before making a purchase. 
Rechargeable flashlights are more 
cost-effective than those requiring 
battery replacements, and tend to offer 
the greatest light output but the shortest 
burn time. Also consider the recharge 
time, especially if you are diving from a 
liveaboard boat and the vessel’s generator 
is run only for short periods of time. 


DIVE FLASHLIGHTS 







Long casing for 
batteries 


Powerful, 
intense beam 


Holster can be clipped 
onto mask strap 


Twisting collar 
activates light 


Pistol grip for 
ease of use 


Wide reflector 
for broad beam 


Battery pack 
worn by diver 


Six LEDs for 
efficient burn 





Rigid metal 
handle 


Precision- 
engineered case 


Rear of light 


BUOYANCY AND BEAM 
Another factor to consider is buoyancy. 
Some flashlights are positively buoyant, 
because they have a large airspace 
within the reflector. This makes them 
unbalanced in the water and difficult to 
handle. A positively buoyant light cannot 
be laid down, for example, if you need 
to light a subject for photography. 
Lamps also vary in the size of the 
hotspot (central area of beam) and 
peripheral halo. The halo can be useful 
because it lights up a wider area than 
just the main hotspot. The hotspot is 
the brightest part of the beam, and is 
best for highlighting specific objects or 
for illuminating murky surroundings. 
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Surface marker buoys 


Marker buoys may be used either during a whole dive or just before 
you ascend, to let those at the surface or on the shore know where 
you are, and also to aid your ascent. These devices offer a sense of 
security for both diver and surface cover, and aid safe recovery. 





SMB OR DSMB? Grip Standard reel 
A surface marker buoy 
(SMB) is an inflatable 

float linked to the diver 


by a line. It allows an 


Winder handle 


Je. 


most are orange. 
Z STANDARD REEL AND LINE REEL AND DSMB 
he ae als the float Reels are available for both —_ Line and buoy can be 
or buoy is attached is usually right- and left-handers for wound and clipped together 
stowed on a special reel. ‘The ease of winding. for compact storage. 








observer at the surface 
to monitor the diver’s 
position underwater. 
SMBs should be in a 
high-visibility color— 








reel should be held in one 

hand, with not too much slack on the line. Another type of buoy is deployed only 
You should use an SMB when your boat at the end of a dive, or in an emergency. 
cover needs to be aware of your position The delayed SMB (or DSMB) is carried 


at all times, such as during drift dives deflated during the dive, then inflated 
(where undersea currents propel the diver underwater (see pp.150-31) before ascent, 
along), or where there is a likelihood of carrying a line from the reel up 
heavy boat traffic overhead. to the surface. When it pops up, 


DIVER WITH DSMB INFLATED 
By the time you surface, 
your boat cover should be 
en route to pick you up. 





it shows where you are about to surface. 
Its line also acts as a guide for making a 
slow, safe ascent and for decompression 
stops (see p.101). Always make sure you 
are some distance from other divers 
using buoys before deploying, or you risk 
fouling each other’s lines. 


USING A REEL 

Both SMB and DSMB lines should 

be tied with a bowline knot to the reel. 
A reel should be compact enough to 








DIVER WITH SURFACE MARKER BUOY 
Only one SMB, inflated before the dive, 
is needed per buddy pair, provided you 
remain together during the dive. 


fit into a pocket or clip onto your BC, 
but not so small that it is difficult to 
operate, especially if gloves are worn. 
Some reels have a ratchet action to stop 
the line from unwinding on its own, and 
this helps to avoid tangles. The length 
of line you use should correspond to 
the depth you are expecting to dive 

to; this may be 130 ft (40 m) 

or even more. If the line is 


Lifting Self- Self- : 
bag sealing inflating too short, then when it runs 
out, the DSMB will yank 
you upward at a dangerously 
fast rate until the buoy 
reaches the surface. This can 
also happen if the reel jams, 
Tough:nylon which is why you must never 
fabric 
deploy a DSMB while the 
reel is still clipped to your 
; BCD: you must hold the 
Webbing Small air . 
straps cylinder for reel in your hand so that 
auto;infatign in an emergency you can 
Dump valve 


for venting air 


Internal 
baffle stops 
air from 


escaping ‘ 





simply let it go. 


TYPES OF DSMBS 

The cheapest lifting bags have 
an open base from which air 
can escape after inflation. Self- 
sealing types are more reliable. 
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Safety and signaling devices 


It is rare to be lost at the surface, but you must be equipped for such an 


eventuality. To guide rescuers to your position, you should carry high- 


visibility surface location aids. The boat crew must know what color 


equipment you are wearing, and which aids you are likely to be using. 





SIGNALING OPTIONS 
Even on a relatively 
straightforward dive, the 
current can take you a 
long way away from your 
boat cover, and heavy 
swell can make you 
difficult to locate. If this 
happens, stay close to 
your buddy, and, if 
possible, secure yourself 
to them. Signaling to 

the boat will speed up 
recovery, and there are various gadgets 
available for this. The devices that are 
most commonly used are inflatable 
surface marker buoys (see pp.74-75). It 


SIGNALING DEVICES 


FLAG Collapsible plastic flags in high- 
visibility or fluorescent colors are excellent 
for signaling at the surface, especially in a 
swell. They can be rolled and stowed 
alongside your cylinder. 


STROBE LIGHT Strobes are particularly 
effective when attached to the top of a 
folding flag. If attached to your BC, the 
flash may only be intermittently visible 
as waves lap over and around it. 


DISTRESS FLARES Aerial flares do not 
pinpoint your position, so they are best 
used in conjunction with other devices. 
They can be difficult to operate when 
wearing gloves, or with cold hands. 


PERSONAL LOCATOR BEACON (PLB) Devices 
that broadcast radio distress signals can be 
used to alert surface and air searchers to 
your presence. Some are also equipped with 
bright lights for close-range visual detection. 





SURFACE OBSERVATION SIGNAL 
This tall, inflatable signal is 
easily seen by boats or aircraft. 
It is inflated using compressed 
air from your cylinder. 


is best to use the long 
“safety sausage” type, 
which stands up in the 
water, and remains 
inflated once deployed, 
rather than an open- 
ended one. If you opt for 
the latter, make sure you 
also carry an alternative device, such as 
a collapsible flag. Surface horns and 
power whistles are also used. ‘They are 
of limited range, but can help to attract 


Folding or 
telescopic handle 
for easy storage 


od 


Fluorescent for 
maximum visibility 


Strobe gives up to 
8 hours constant use 


Battery housed in 
waterproof casing 


Unbreakable 
plastic box 


Box houses firing 
mechanism 


_— PLB antenna flashes 
to aid location 


Signal from beacon 
has range of at least 
35 miles (55 km) 
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attention if the boat is not too far away. 
You should always carry a flashlight, 
since the beam can be easily spotted at 
night, especially when moved slowly in a 
scanning motion, both vertically and 
horizontally (see pp.184—85). Make sure 
you also carry a backup light. Strobe 
lights are even more effective, since their 
flashing light travels in all directions, 
eliminating the need for scanning. 
Flashlights and strobes must be robust 
and reliable; regular inspection and 


INTEGRATED SAFETY DEVICES 


Some safety devices can be integrated 
into existing gear. Air-horns, for example, 
attach to the low-pressure hose on your 
BC. These are far louder than whistles, 
and are useful if you are out of breath or 
under stress. Safety sausages can also 
be inflated with your BC. 





Air horn 
attachments 





maintenance is vital, with special 
attention to sealing surfaces and O-rings. 

Reflective signals are useful in bright 
weather. It is worth carrying an old CD 
or mirror to use as a reflective device to 
attract attention. Reflective patches on 
your hood and upper body may be 
visible to aircraft searching overhead. 
Dye markers stain the water and can 
help a search from the air, but should 
only be used once the aircraft is 
overhead, since the dye rapidly dissipates. 

If you find yourself on the surface 
with no signaling devices whatsoever, 
waving your arms or even your fins and 
shouting may help to alert attention if 
your boat cover is nearby. Keep calm 
and persist with signaling. 


RESCUE FLAGS 

A brightly colored flag is a 
cheap, simple-to-carry, easy- 
to-deploy, and highly visible 
location device. 








Figure 1-2. Making sure the tip stays put 


x WARNING: Over time, the tip nut might become 
e loose. Let the iron cool down before you tighten it. 


Getting the Workspace Ready ) 


78 EQUIPMENT 


Knives 


A dive knife is essential for freeing yourself if you get snagged on 
fishing lines and other obstacles. The simplest dive knife—little more 
than a basic blade in a plastic mount—will get you out of most 
tangles, but a good one will prove an invaluable multipurpose tool. 










SELECTING A KNIFE 
Knives must be rustproof, but the better 7] 


the rust-proofing of stainless steel, the fe 
f 


Line-cutter 
harder it is to maintain a sharp edge. 


notch 
Titanium knives, while expensive, are 
light, rust-resistant, and stay sharp. Ly 
Knives come in various sizes. Small 
ones can be mounted on your BC d ; Wh 
or belt, where they are easy to < 


reach and out of the way. 


Scabbard with 
locking system 


Ventilated light- 
weight handle 






TITANIUM KNIFE 

This state-of-the-art blade 
has a tough sheath and an 
integral line cutter. 


SHEARS AND MULTI-TOOLS 


Multi-tools incorporate both types of : : ¥ 
knife blades, for slicing and sawing— Standard knives with 4’ in (11.5 cm) 


useful for rope and monofilament line. blades are most popular. Blades may be 
Underwater shears are only really serrated for sawing rope or smooth for 
needed if diving in very hazardous 


= slicing monofilament line, and may have 
eee Sees toes a line-cutter notch. Blunt-ended blades 
are ideal for tasks that need leverage, such 
as prying open containers. It is worth 
choosing a knife with a metal pommel 

on the end, which can be 

used as a hammer. 


Underwater 
shears 






KNIFE SIZE 
Large knives are popular, but 
a smaller blade can be just 
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Bags 





Whenever you move to and from a dive location, you will need 


a bag to carry all your gear. Ideally, your chosen dive bag should be 


capacious and light, but it must also be durable enough to survive 


the rigors of transporting heavy equipment. 





BUYING A BAG 
When choosing a bag, check that it has 
strong seams, sturdy handles, and no 
parts that are likely to rust. Also consider 
security, especially when travel will 
involve your being separated from your 
baggage. Thin bags can be cut open, 
so a padlock will not guarantee that the 
contents stay safe. You may want to invest 
in a rigid or semi-rigid bag (see p.238). 
Many divers use a large duffel bag 
for travel, and a smaller day bag (or even 
two) for dive days. Duffel bags range in 
size from 6,000 to 10,000 cu in (100 to 
180 liters), day bags from 1,800 to 
5,000 cu in (30 to 80 liters). There are 
countless “extra” bags, such as fin bags, 


BAGS FOR DIVERS 


MESH BAG Perforated bags can be used to 

rinse all your gear at once in fresh water, or 
to carry small items aboard a boat without 

fear of water ruining the bag. 





FLIGHTS TO FAR-AWAY LOCATIONS 

Dive baggage has to be hard-wearing and tough, 
especially as several transfers are often needed 
to reach a dive location. 


mask bags, tool pouches, and pony-bottle 
pouches. While useful, most of these are 
not essential if you pack your gear 
carefully into one large duffel bag. 


Water-permeable 
mesh fabric 





DUFFEL BAG These can accommodate most 
of your gear, and also have various 
compartments where you can stow small 
items, such as slates and carabiners. 


Rustproof 
plastic zippers 





REGULATOR BAG Your regulator is valuable, 
and needs its own padded bag. It can be 
put in your main bag, but when flying, 
most divers stow it safely in their carry-on. 


DRY BAG When you reach the dive site, 
a watertight bag or case is essential to 
protect clothing and electrical equipment, 
such as cameras, from moisture and salt. 





Protective 
padded sides 


Aperture can 
be sealed 





TRAVEL CASE A secure, rigid-sided case 
gives extra protection to your gear while in 
transit. Wheels and a telescoping handle 
make transportation easier. 





Outer pockets for 
nonvaluable items 
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Gadgets and accessories 


There are a host of diving gadgets on the market, including fun items 


such as underwater MP3 players. Other accessories, however, have 


more practical uses. Clips and retractors are very useful for securing 


equipment, and may save you the loss of a camera or flashlight. 





DIVER PROPULSION DEVICES 
Underwater scooters, usually referred 
to as DPVs (diver propulsion vehicles), 
make great toys, but they can be 
practical and useful, too—for example, 
when exploring a large wreck site. There 
are two basic types: those that you sit 
astride, and those you hold on to, which 
tow you along. It is safest to use DPVs 
only to travel on a horizontal plane. 
Descending or ascending under power 
can be very dangerous, due to rapid 
pressure changes. DPVs are not cheap, 
but there are less expensive models 
suitable for general recreational use— 


( 


DIVER USING SCOOTER 

A diver propulsion vehicle, 
or DPV, takes the effort out 
of exploring large dive sites. 


= 


: 
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that is, where failure of the device would 
hardly constitute an emergency. More 
expensive but tougher, more reliable 
machines are generally not aimed at 
the leisure diver but intended for 
expeditions, such as cave explorations, 
where failure of the unit mid-dive 
would be a more serious development. 
Jetboots, made by a California 
diving company, also propel the diver 
along effortlessly: they comprise a pair 
of propellers that attach to your legs, 
controlled by a switch at your waist. 
Jetboots can propel you as fast as 
some DPVs, and leave your hands free. 
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BANDS, CLIPS, AND FASTENINGS 


Cam bands—webbing straps that hold your 
cylinder to your BC—are available with a 
number of different buckle mechanisms 
that ensure that the tank is secure and 
held close to your body. Retractors are 
very useful for attaching items, such as a 
flashlight or slate, to your BC because they 
pull the item close to your body when not 
in use. Carabiners and bolt-snap clips 
(as used on dog leashes) are useful for 
attaching equipment securely to your 
BC during the course of a dive. 


SAFE STOWAGE 

When you have your hands full, 
retractor lanyards retain loose 
items, such as flashlights. 





ATTRACTING ATTENTION 
There is a range of gadgets that you 


can use to attract your buddy’s attention 
underwater. Some BCs have a buzzer 
that uses a small amount of compressed 
air to generate a sound. Slightly more 
low-tech are tank pingers—a piece of 
elastic with a hard plastic ball attached. 
This is slipped around the cylinder and 
can be stretched and released to “ping” 
against it, creating a metallic sound that 
travels well underwater. Shakers are tubes 
filled with metal balls. When agitated, 
these create a clearly audible rattle. 


WRITING UNDERWATER 

Slates are handy for mapping dive sites 
or making notes on any unusual species 
encountered on your dive. They are 
made of white plastic, with a matte 


AIR-LOCK TANK CAM BAND 

Some dive gadgets are labor-saving devices. 
Tank band buckles that can be tightened using 
compressed air are a useful example. 























Retractor Spring-loaded 


snap clips 


surface that can be written on with a 
pencil. Flat slates can be attached to 

a BC or slipped into a pocket; wrist- 
mounted slates are contoured to fit 
around your arm. The latter are 
especially useful when making technical 
dives with various decompression stops: 
you can read your computer and the list 
of stops from the same arm. A compass 
can be mounted on a flat slate, enabling 
you to look at navigational notes while 


checking your bearings. 
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New technology 


In the 1950s, development of the scuba unit revolutionized diving, 
and its technology continues to develop apace. Modern equipment 
is sleek, lightweight, and colorful, and advances in the efficiency of 
rebreather systems are transforming diving once again. 





MASKS AND VEHICLES 

One of the most notable recent advances 
in modern dive equipment is the use of 
head-up displays in masks, which are 
sumilar to those used by military pilots. 
Essential dive information is sent via radio 














frequency from the tank to the mask, 
where it is presented on an LCD. 
Masks with an integral ss 
radio communication 
MASK TECHNOLOGY 
New mask developments 
include head-up displays 
of critical information (top) 
and masks that correct optical 
distortion underwater (left). 









system, which allows | 
divers to talk directly | 
to one another, are 
also available. 

Advanced synthetic 
materials have made dive equipment 
stronger and lighter, and have been used FROM SCUBA TO REBREATHER 
in the development of diver propulsion _In the last decade, rebreather technology 
vehicles (DPVs; see p.80) that are smaller has become available to the recreational 
and easier to handle. diver, representing the most dramatic 
leap forward in diving equipment since 
the development of scuba itself: 

In contrast to scuba—an “open 











circuit” system that discharges most 
of a diver’s air supply into the water 
with the exhaled breath—rebreathers 
recycle the diver’s exhaled breath, using 
chemicals to remove waste (mainly 
carbon dioxide) and allowing the 
diver to inhale the gas again. Each 
breath uses about 4 percent of the 
oxygen in the inhaled gas mix, so 
one of the main tasks of a 
rebreather is to maintain oxygen 
levels in the breathing loop, 
generally by adding extra oxygen. 


UNDERWATER SCOOTER DPV 

The breathing observation bubble 
(BOB) is powered by an electric motor 
and has a top speed of 2.5 knots. 
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Rebreathers using pure oxygen were used 
by frogmen in World War II, for whom 
the absence of bubbles was vital to hide 
their presence. Dive depths were limited 
to 20 ft (6 m), at which point pure oxygen 
becomes toxic. A revolution in rebreather 
technology occurred in the mid-1980s, 
allowing the use of nitrogen—oxygen gas 


REBREATHER TECHNOLOGY 


Modern rebreathers are divided into two 
categories—semi-closed rebreathers 
(SCRs) and closed-circuit rebreathers 
(CCRs). SCRs expel a small quantity of 
exhaled gas into the water, whereas CCRs 
only dump gas into the water on ascent. 
Both types clean exhaled gas ina 
scrubbing unit, which removes COp. 
They also ensure that the oxygen 
content of the inhaled gas is at a 
suitable level for the diver, and 
monitor toxicity, which the diver 
can check manually on a 

gauge, or on a computer 

display. Computer control has 
dramatically increased 

the efficiency and safety 

of rebreathing devices. 


























mixes rather than pure oxygen. Modern 
rebreathers electronically monitor the 
concentration of oxygen in the mix and 
adjust it to safe levels for a given depth. 
Rebreathers offer longer dive times 
and fewer decompression stops. They 
remain costly, and need careful 
maintenance and specialized training. 


HOW A REBREATHER WORKS 

A chemical in the scrubbing unit absorbs 
carbon dioxide from exhaled gas, while pure 
oxygen is introduced to the breathing loop 
to replace that consumed by the diver. 
Exhaled gas from 
mouthpiece flows 


into scrubbing 
canister 





Pure oxygen 
cylinder replaces 
Oz used by diver 


Absorbent 
chemical in 
scrubbing unit 
removes CO2 


Air from cylinder 
maintains 
volume of gas in 
breathing loop 





Oxygen flow 
Inhaled gas flow 


Exhaled gas flow 





Computer display 


REBREATHER BENEFITS 
» Because gas is recycled in a rebreather, 
™ you use it up at a slower rate than with 
5 >» scuba gear, and so can spend longer 
in’ underwater. The consistently high levels 
of 0, help reduce post-dive fatigue. 
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Equipment assembly 


The gear assembly process is a key part of any dive. During your 


training, you will be taught the basics of assembling dive gear. With 


experience and a few simple tips, you can perfect this process and 


make it efficient, rapid, and—most importantly—consistently safe. 





THE IMPORTANCE OF PREPARATION 
With clear, blue water beckoning, the 
Sun shining, and the dive site awaiting 
you, you may find that there is a great 
temptation to rush the gear assembly 
process. However, the equipment used 
for diving is nothing less than life- 
support gear, and should be treated with 
a corresponding level of respect. It is 


reasonable to say that putting dive gear 


Lay out equipment on a 

mat or other clean, grit- 
free surface where you can 
assemble the gear easily. 





Attach the regulator first 
stage to the tank. Do not 
overtighten the clamp (or screw before connecting it to the BC’s inflator valve. Make sure 


thread, on a DIN fitting). 





Wet the tank band on your 
BC, if possible, since 
this helps improve its grip on 
the tank’s metal surface. 


together safely before jumping into the 
sea is as important as packing a parachute 
correctly before jumping out of a plane. 


CHECKING FOR DAMAGE 

The first stage in assembling your gear is 
to carry out a visual inspection. This is 
particularly important if the equipment 
is unfamiliar or rented. It is essential to 
examine the test dates (see p.68) for the 


Position the tank with the 

pillar valve O-ring facing the 
backplate of the BC, then fasten 
the band around it. 





INFLATOR VALVE 

The spring-loaded collar on 
the end of the hose fits on 
to the inflator valve. 


Pass the inflator hose from your regulator’s first stage 
(see pp.60-61) through the jacket’s guides and straps 


the valve has engaged securely with the hose coupling. 


tank and also the integrity of the 
O-ring (see p.88). Any nicks or cuts in 
the O-ring may lead to serious problems 
during the dive, yet replacing a damaged 
O-ring before the dive takes only seconds. 
Also look for wear and tear on the 
regulator hoses, particularly where they 
join the ports of the first stage. This is 
a common point of strain for regulator 
hoses, resulting in cracks and splits in the 
hose with sustained use. If the integrity 
of a hose has degraded, it may rupture 
when the air supply is turned on. 

Check for signs of damage to the 
BC. With regular diving, there will 
be inevitable signs of wear and tear, 
but be sure to check the integrity of 
the buckles and load-bearing straps. 
These must be completely sound. 





Turn on the air supply, 
opening the tank’s pillar 
valve all the way. Then turn the 

knob a quarter-turn back. 





Test air supply by breathing 

from both your primary and 
secondary air Sources. Check 
air quality and delivery. 


Secure the gear, if you are not 
diving immediately, by tucking any 
loose parts inside the BC for protection. 
Most breakages occur in transit. 
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ASSEMBLING YOUR GEAR 

When you are satisfied that your 
equipment is in good order, follow 

the steps below to make it ready. ‘Take 
particular care to ensure that the band 
securing the tank to the BC is neither 
too high (resulting in the tank possibly 
coming free), or too low (resulting in 
the pillar valve restricting movement 
of your head during the dive, or actually 
striking it on entry). 
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Disassembly 


The end of a dive is an exciting time, and neglecting your dive gear 


at this stage is an easy trap to fall into. Take a little time, however, 


to clean and store your equipment properly: not only will it last much 


longer, but everything will be in order at the start of your next dive. 





DEVELOPING A ROUTINE 

As with so many things in diving, routine 
is the key. Many experienced divers attend 
to their gear the moment the dive is 
finished, and regard the dismantling, 
rinsing, and storage of their gear as an 
integral part of the dive itself. This is 
particularly true for diving from a boat, 
where a shortage of space frequently leads 
to cluttered decks and broken gear. 


Diving equipment can cost a considerable 
amount of money, so it is worth taking a 
few moments to make sure it is properly 
dismantled and safely stowed. 

The first stage of disassembly is 
to turn the tank off and purge any 
remaining air from the hoses using the 
purge button on the second stage (see 
also pp.60—63). The regulator first stage 
may then be removed from the pillar 





Shut off the gas supply, 

turning the knob on the 
tank’s pillar valve all the way 
off before disassembly. 





Disengage the regulator first stage from the 
pillar valve of the tank, and free the hoses 
from the BC by undoing all the clips and straps. 


Purge gas from the system 

using the purge button on 
the regulator to vent any air 
remaining in the hoses. 


Disconnect the inflator hose 

from your BC’s inflator 
valve, and the hose from the 
drysuit inflator, if worn. 


A-CLAMP 

FIRST STAGE 
Remove this type 
of first stage by 
loosening the 
clamp first. 


DIN-TYPE 

FIRST STAGE 

Turn the knurled 
collar to unscrew 
the regulator first 
stage from the 
pillar valve. 
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valve of the tank. It should take no at any of the points of attachment to 
more than finger pressure to turn the the first stage. You can then detach your 
clamp or collar; any more resistance BC from the cylinder and drain it of any 
indicates that compressed air remains saltwater. Rinse the BC inside and out 
in the system. You will need to check with fresh water, and inflate it orally 

that the tank is completely turned off, to allow quick drying and prevent the 
then purge the hoses again. formation of salt crystals inside. 

After removing the regulator first Dive gear must be dried thoroughly 
stage from the tank, use a blast of air between dives, ideally by hanging it up 
from the tank to dry the dust cap and out of direct sunlight. Do not store it 
filter. Fit the dust cap securely, then where it is compressed or where moisture 
rinse the regulator thoroughly in fresh may accumulate, such as in a boat deck 
water. Never forget to put the dust cap locker or a diving bag. 


on, otherwise water will enter the 
delicate mechanism of the first stage: 
this is to be avoided at all costs. 
Hang the regulator up to dry, 








ensuring that the hanging method 
does not put strain on the hoses 





Remove the BC from the 

cylinder by undoing the 
cam buckle on the strap, and 
then sliding the BC upward 
until it is clear. 


Drain the BC of salt- 

water by depressing 
the deflator button at the 
end of the corrugated hose. 
This allows the water to 
escape through the oral 
inflation point. 


3: Wet the Soldering Station Sponge 


You'll need to perform this step (and the remaining ones in this chapter) at 
the beginning of each soldering session. 


As you use the soldering iron, you're going to be wiping the tip a lot, so you 
need to keep the solder station sponge moist. Pour alittle clean, fresh water 
on the sponge as shown in Figure 1-3. Don’t soak it, but make sure it’s com- 
pletely moistened. 


NOTE: If your water has a high mineral content, use 
CL distilled water for wetting the sponge. 





Figure 1-3. Wetting the sponge 


4: Set the Station’s Temperature 


Plug your soldering iron in, and set the heat setting to the mark shown in 
Figure 1-4 (pointing at the 3 o'clock position on the dial). Give the iron a 
couple minutes to warm up. 


4 Learn to Solder 
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Equipment maintenance 


Diving equipment is your life-support system underwater, yet many 
divers take a worryingly relaxed approach to maintaining their gear. 
A few simple steps will increase the life span of your dive gear, avoid 
the expense of constant replacements, and increase your safety. 





TOOL KITS 
Most divers carry a set of Allen keys, 








SCUBA MULTI-TOOL 
A useful gift for any diver, 
this contains tools for most 


screwdrivers, or adjustable wrenches. 5 : 
small maintenance jobs. 


Scuba multi-tools are all-in-one 
alternatives that incorporate adjustments to hose 
virtually every basic tool that configuration, for example, 
a diver might need on a dive are simple, commonly required 
boat or at a dive site. These tasks that can be undertaken 
include a range of hexagonal 


Allen keys designed to fit dive 


by anyone with such a kit. 
Experienced divers also carry 





equipment and standard wrenches spare parts with them. This is sensible 

for regulator adjustment, as well as diving practice, and while the range of 

screwdrivers and a marlin spike. items differs from diver to diver, it usually 
Diving shops also sell “save-a-dive” _ includes items such as spare O-rings, 

kits, which consist of a set of lubricants, _ silicone grease, tape, adhesive, an O-ring 

parts, and tools that can be used in the extractor, spare plugs for the regulator 

majority of equipment-related incidents __ first stage, and any spare buckles or 

on site. O-ring replacement and straps that might be necessary. 

O-RING MAINTENANCE the O-ring has not degraded. In many 

The most disappointing reason for cases, simply cleaning the O-ring and 

having to cancel a dive is the lack of the valve groove with a lint-free towel 

a spare O-ring for a cylinder. O-ring will solve the problem. Pull the O-ring 

malfunction may be indicated by air through your fingers—if you can feel 

escaping once the regulator is fitted, but cracks, it should be replaced. When 

even in the absence of this you should removing an O-ring, never use a sharp 

make regular inspections to check that tool, as this is likely to damage the ring. 





To remove the O-ring from a cylinder’s pillar Inspect the O-ring closely and replace it if 
valve (see pp.68—69), use a specially any cracks or tears are visible. Clean the valve 
designed extractor tool. Alternatively, use the groove with a lint-free towel, then press the new 


rounded end of a tie-wrap or even accredit card. O-ring in carefully with your fingertips. 
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ADDING A REGULATOR HOSE models may not have this feature. The 
To add a hose to your regulator or high-pressure port is for the pressure 
change an existing hose is a simple gauge, while other ports are for a 
process. You must avoid attaching alow- __ second stage or the inflator hoses. It is 


pressure hose to the high-pressure port, as _ worth taking time to ensure that the 
this will rupture the hose. Most regulators hose configuration is practical and 

now make this impossible by having comfortable, to avoid strain on the base 
different- sized ports, although older of the hoses and reduce drag. 





When adding a hose, be careful to select the Remove the plug from the regulator port 

correct port (high/low pressure). If the ports using the correct-sized Allen key. Some 
are not clearly differentiated, or if you are in regulators still have raised bolts—these can 
any doubt, consult the manufacturer’s manual. be loosened with a wrench. 





Attach the hose by simply screwing it into Exactly the same procedure can be used 

place. Tighten the nut with a wrench of the to attach further hoses to the other ports, 
appropriate size—hose nuts are soft and can and to replace damaged hoses. Always check 
easily be damaged by pliers. hoses for cracks, fraying, and abrasion. 
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Post-dive, wash all of your gear in 2 a a : —— | 
ocr ‘ | 


clean, fresh water, and check out any —_ 
problems you may have noticed. 
















The diving 
environment 
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Introduction 


When you go diving, you are introducing your body to an alien 


environment. Evolution has not equipped our bodies for the 


underwater world, and you will encounter unusual sensory 


phenomena when you descend into the depths for the first time. 





LIGHT AND VISION 
Our eyes are designed to focus in air; 
underwater, our vision blurs unless we 
wear a mask, which puts an air space in 
front of our eyes. However, light travels 
more slowly in water than it does in air, 
and as it passes through the mask from 
water to air it bends, causing refraction— 
an optical effect that makes objects 
appear bigger and closer than they are. 
Colors also look different to us as 
depth increases (see p.183). Objects near 
the surface look as colorful as they would 
above water, but as you go deeper, first 
reds disappear, then oranges, yellows, 
greens, and blues, until all light is lost. 
Colors can be revived by illuminating 
a submerged object with a flashlight. 


SOUND AND HEARING 

Above the surface, sound travels at 
approx 1,150 ft (350 m) per second, but 
underwater it travels four times faster. 


ANATOMY OF A DIVER 
The land-based development of the peut lan 
frame means that your body is no 
many aspects of the underwate 


Exposed skin radiate 
quickly into wa 


Internal cavities, such as the gut, 
are subjected to external water 
pressure as depth increases 


This makes it hard to identify the 
direction of a sound source: if your 
buddy signals to you by tapping his tank, 
you will hear the sound easily but may 
not be able to pinpoint where it is 
coming from. The range of audible 
sounds is also reduced, but the 
underwater environment is not as quiet 
as is popularly supposed: you can hear 
the scratching and snapping sounds 
made by fish and crustaceans, along with 
the sound of your breathing and any 


Direction of Objects appear 
sounds harder closer to the 
to discern observer 





















Verbal 
communication 
impractical 






Lungs must adapt to a 
longer, slower breathing 
cycle underwater 


boat noise close by. However, you will 
find it difficult to communicate verbally 
underwater, even if you remove your 
regulator and shout, which is why divers 
use hand signals (see pp.1 44-45). 

Sounds made above water do not 
easily penetrate below the surface, so 
any noises made to alert divers must be 
made underwater. A typical recall signal 
from a dive boat is to bang on the metal 
ladder on the craft’s stern, which, as its 
lower part is in the water, transmits 
sound to divers beneath. 


SEA CHANGE 

Divers patrol a reef wall in the Red Sea. 
As depth increases, physiological effects 
become more profound and numerous. 
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HEAT AND PRESSURE 
Water conducts heat 25 times more 
efficiently than air, so the human body 
loses heat quickly underwater. In extreme 
cases, a diver may lose heat faster than it 
can be generated by their body, leading 
to hypothermia. When diving, it is 
important to always wear thermal 
protection appropriate to the conditions. 
The airspaces in the body—not just 
the lungs, but the inner ear, sinuses, and 
gut—will be increasingly affected by 
pressure as you make your descent. 
This can lead to uncomfortable sensations 
(see pp.98—99) that must be relieved by 


equalizing internal and external pressure 


manually using the Valsalva maneuver. 





Na 
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Depth and pressure 


To understand the principles of diving, it helps to have a grasp of basic 


physical laws. When you dive, water exerts pressure on your body, 


and this pressure increases with depth. This simple fact influences 


all aspects of diving, from buoyancy control to safety considerations. 





UNDERSTANDING PRESSURE 

On land, your body is constantly 
subjected to external pressure from the 
weight of all the gases in the atmosphere. 
This is called atmospheric pressure, and it 
is measured in pounds per square inch 
(psi) or bar. Atmospheric pressure at sea 
level is 14.7 psi (1 bar)—that is, 14% lb 
pressing on every square inch (1 kg per 
square centimeter) of your body’s surface. 
This pressure is not fixed; it varies slightly 
with weather conditions and decreases 
with altitude. At the summit of Mount 
Everest (29,028 ft/8,848 m), atmospheric 
pressure is only 4.5 psi (0.31 bar). 

When you dive underwater, pressure 
is also exerted on your body by the weight 
of the water above and around you. 
Because water is denser than air, the 
pressure generated by just 33 ft (10 m) of 


HOW PRESSURE RELATES TO DEPTH 


Because water is much denser than air, 
pressure increases quickly with depth 
underwater. Water cannot be 
compressed and transmits pressure 
freely, so pressure increases 
cumulatively, and at a constant rate, as 
you dive deeper. At a depth of 33 ft 

(10 m) of seawater, absolute pressure 
is 29.4 psi (2 bar). This figure is the 
sum of the pressure generated by the 
atmosphere (14,7 psi) and by 33 ft of 
water (14.7 psi). At 66 ft (20 m) 
absolute pressure is 44.1 psi (3 ban), 
and so on, rising by 14.7 psi for every 
additional 33 ft of water depth. 

If diving at a high altitude site, like a 
mountain lake, atmospheric pressure 
is reduced; consequently, absolute 
pressure is lower, too. You must use 
special dive tables at such sites. 


Surface 


33 ft 
(10 m) 


seawater is equal to that generated by 
all the gases in the atmosphere above 
sea level. Seawater is denser than fresh 
water, because it contains dissolved 
salts and minerals. ‘This increased 
density means that pressure increases 
slightly faster with depth in seawater 
than in fresh water. 

When you dive, you are subject 
to the cumulative weight of both 
atmospheric pressure and water 
pressure. The combined total is known 
as absolute pressure. Your depth gauge 
translates pressure into an accurate 
depth reading, but it is calibrated to 
ignore atmospheric pressure, so it 
indicates zero depth when you are at the 
surface. This is known as gauge pressure. 
Always use absolute pressure to calculate 
the total pressure at a given depth. 


PRESSURE GRADIENTS 

Normal recreational dives take 
place within a 100-ft (30-m) 
depth range from the surface. 


14.7 psi (1 bar) 
air pressure 


29.4 psi (2 bar) 
absolute pressure 


44.1 psi (3 bar) 
absolute pressure 


58.8 psi (4 bar) 
absolute pressure 
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HOW PRESSURE AFFECTS GASES 


In the 17th century, scientist Robert Descent Ascent with added gas 
Boyle made an important discovery. 
He found that at a constant 
temperature, the volume of a gas is 
inversely proportional to the pressure 
exerted on it—meaning that as 
pressure increases, the volume that 
a gas occupies decreases. This 
relationship is known as Boyle’s law. 
Boyle’s discovery has important 
implications for divers. Buoyancy 
devices such as BCs contain bladders 
filled with air. These provide upward 
lift to help you float weightlessly 
underwater. As you descend, however, 
increasing water pressure compresses 
the air inside the BC. This means it 
displaces a smaller volume of water, 
and so generates less buoyancy (see 
p.97), causing you to sink. You must 
then inject more air into the BC to 
boost volume to its former level. On 
ascent, this must be released again, 
because as pressure decreases, the 
extra air inside the BC expands, 
causing you to become very buoyant 
and rise too quickly. For the same 





Gas expands _ 
during ascent 






Additional 
compressed 
gas added 





If you took a volume of If you added extra gas 
reason, you should never hold your gas, like that contained to the same balloon at 
breath underwater. Compressed air within a balloon, and depth, it would expand 
inhaled at depth expands as you submerged it, the space _ slightly. During ascent, 

ace 5 the gas occupied would the gas inside would 
ascend, and if it is not exhaled, it can get smaller with expand to more than the 
burst delicate vessels in your lungs. increasing depth. balloon’s original volume. 


IN DEEP 

Diving exposes you to 
pressure effects not 
encountered on land. 
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Breathing compressed gas 


On land, we seldom need to worry about the availability of air, its 
composition, or the pressure it 1s supplied at. But when you venture 
underwater, things are very different. Being aware of how the diving 
environment affects your respiration cycle is of prime importance. 





BREATHING UNDERWATER breathing higher concentrations of both 
Scuba divers draw breath from a gases than you would be at the surface, 
tank of highly pressurized air, via a though the percentage of each in the 
regulator. The regulator (see pp.60—-61) mixture does not change. Both of these 
reduces the pressure of the air in the gases can have toxic effects on the body 
tank to that of the water around you when pressurized. Nitrogen enters your 
(ambient pressure), allowing it to be body’s tissues, and can have a narcotic 
inhaled safely. As depth increases, so effect (see pp.100—01). Oxygen is vital for 
does ambient pressure, meaning that supporting life, but becomes toxic if 

the regulator must adjust the pressure inhaled in sufficient concentrations. As 
of the air it delivers to match. the pressure of the air you are breathing 


Air, like any gas, is compressible, and __ rises, there are more and more molecules 
becomes denser when pressurized. This of oxygen packed into each breath you 
take. Beyond a depth of 200 ft 
(60 m), there is a risk that the 
concentration of oxygen in 


means that at depth you will 







be inhaling more air per 
breath than you would at 


the surface (because the pressurized air could have a 


gas molecules are packed 
WHAT AIR IS MADE OF 
Air is mainly composed of 
nitrogen, with oxygen forming 
nearly 21 percent. Inert gases like 
argon and freon form the remainder. 


in more tightly). Because 
air is mainly composed 
of oxygen and nitrogen, 
this means you will be 


DEPTH AND AIR CONSUMPTION 

Most divers consume approximately 1 cubic foot | Air consumption 
of air per minute at the surface, though this rate Soeceeumaue) 
varies between individuals, and is also dependent 
on how much you exert yourself, and what your 
mental state is. An anxious or excited diver will 
consume more air than a calm one. 

Because your regulator supplies you with denser 
air as you go deeper, your air consumption will 
also increase as you descend. In seawater, your 
Surface Consumption Rate (SCR) will have doubled 
by the time you reach a depth of 33 ft (10 m), 
tripled by 66 ft (20 m), and so on. There are various 
methods of obtaining an accurate calculation of 
your SCR, which you will find in your diving 
manual. Once you know this you will be able to 
establish how long the air in different sizes of tank 
(filled to maximum operating pressure) will last at 
different depths, and plan your dive accordingly. 


1 
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toxic effect on the body, leading to 
convulsions, loss of consciousness, and 
even death, in extreme cases. 

To get around these problems, 
“technical” divers going beyond the 
limits of normal recreational diving 
(see pp.194—95) use special gas mixes. 
These contain altered percentages of 
oxygen and nitrogen, and also include 
helium. These mixes are used during 
dives in excess of 165 ft (50 m). 


WASTE GASES 

One by-product of the respiration cycle 
is carbon dioxide. The more you exert 
yourself} the more carbon dioxide is 
produced. Since your body’s breathing 
reflex is triggered by a build-up of carbon 


dioxide in the blood, not by falling oxygen 


levels, overexertion underwater will make 
you feel short of breath. On the surface, 
your body would respond to this by 
breathing faster, thus flushing out carbon 
dioxide. Your regulator, while efficient, 
cannot process the same volume of air as 
you can breathe on land. Always rest for 
a moment if you begin to feel breathless. 


DEEP BREATH 

Slow, even breathing 
patterns promote low air 
consumption and help 
prevent hyperventilation. 


BREATHING AND BUOYANCY 


An object immersed in water is subject 
to an upward thrust equal to the weight 
of the water it has displaced. You will 
only float, therefore, if your weight is 
less than that of the water you displace. 
If it is greater, you will sink; if the two 
are equal, you will do neither—you will 
have neutral buoyancy. The compressed 
gas you breathe underwater alters your 
buoyancy. When you inhale, the volume 
of your chest gets larger—you displace 
more water without becoming any 
heavier, and so become more buoyant. 


A diver 
displays 

buoyancy 
control 













hot enough to burn you. Don't touch the tip and 
don't touch the tip to anything other than solder or 
components you are soldering together. 


@ WARNING: The iron will get very hot, and certainly 


Getting the Workspace Ready 5 
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Pressure and the body 


When you dive, your body is subjected to pressure generated by the 
weight of the water around you. As you descend, you will feel the 
increase in pressure in some of your body’s internal air spaces, chiefly 
your ears. If you do not act to correct this, you may be injured. 





EQUALIZING PRESSURE 

The body contains four major air spaces 
that are affected by pressure underwater: 
the ears, the sinuses, the airways and 
lungs, and the stomach and gut. Air 
spaces in our respiratory and digestive 
systems are compressible, in that they 
are contained by soft tissue that can 





expand or contract to accommodate 
ROUTINE MANEUVER 

Equalize pressure in your ears and sinuses every 
3 ft (meter) or so, during your descent to the 
bottom. Don’t wait until your ears begin to hurt. 


pressure changes. However, your 
regulator (see pp.60—63) ensures that the 
air pressure in your lungs and airway is 
always in equilibrium with external water 


pressure, so pressure effects are never felt greater than that within, a “squeeze” 


here. You should barely notice any effect 
on your stomach and gut, although you 
may break wind, especially on ascent. 
The air spaces in your head, 
however, such as the ears and sinuses, 
are rigid and cannot be compressed. 
When the pressure outside them is 


is created, which can cause pain and 
damage, especially to the eardrum. 
You must equalize the pressure in these 
cavities with the ambient pressure of 
the water around you as you descend. 
Equalizing is simple, using a procedure 
that clears the ears called the Valsalva 


THE IMPORTANCE OF EQUALIZATION 


The ear is divided into the outer, middle, and inner 
ear. The eardrum separates the middle and 

inner ear from the outside world, and it is this 
membrane that is most vulnerable to pressure 
changes. If you do not equalize as you 

descend to raise the pressure behind your 
eardrum—by sending air to the ear from your 
throat via your eustachian tubes—then the 
eardrum will eventually rupture and let water 

into your middle ear, leading to possible 

infection and deafness. Your sinuses are 

pairs of cavities within the bones of your face. 
Under normal circumstances they are open, via 
your nasal passages, but if you have a cold, or 
congestion caused by allergies, they fill with mucus 
and become blocked. Failure to equalize will cause 
blood vessels in the lining of the sinuses to 
rupture and bleed into the sinuses, which 

can be quite painful. 


Air spaces 
involved in 
equalization 


Frontal 
sinus 


Middle ear 


Eustachian 
tube 


Auxiliary sinus 


Nasal passage 
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maneuver. You just have to hold 

your nose and breathe out against your 
nostrils. ‘This will send air from your 
throat through the eustachian tubes into 
the middle ear so that the pressure there 
becomes equal to that of the water 
outside, thus easing the discomfort. 

This maneuver should also equalize the 
pressure in your sinuses, and in addition 
resolve any problems of dizziness or 
vertigo you may be experiencing (as 
balance is also controlled within your 
ears). Some people get the same result 
by simply swallowing repeatedly. 

You need to equalize regularly on 
descent, but on ascent equalization 
should occur automatically. If you have 
problems equalizing on the way down, 
ascend a little to reduce the pressure 
slightly, and try again. This equalization 


process is vital for comfort when diving; 


never dive with ear plugs or with 
anything tight over your ears. Check 
that your hood does not fit too tightly, as 
this can hinder efficient equalization. If 
you have any problems with your sinuses 
or ears, do not attempt to dive, since this 
may make them worse. A cold, or any 
nasal congestion, may cause blockages in 
your airways and you will not be able to 
clear your ears and sinuses. If you notice 
a slight nosebleed after a dive, this is a 
common sign that you have a mild sinus 
blockage and you should not dive again 
until it has cleared up. Decongestants 
will not necessarily help once you are 

at depth, and you should not dive while 
you are taking them. 


SAFE DESCENT 

To adapt safely to the underwater world, you 
must understand how depth affects the human 
frame, especially internal cavities. 
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Nitrogen and decompression 


When you dive using scuba gear, nitrogen gradually accumulates 


in your body, and is released when you ascend. In order for this to 


happen safely, you must plan your dive carefully and employ diving 


procedures that minimize the risk of decompression sickness (DCS). 





GAS ABSORPTION 
Gases are soluble in 
liquids, and dissolve more 
easily when they are 
pressurized. When you 
breathe compressed air 
underwater, the two main 
gases it is composed of 
(nitrogen and oxygen) 
enter and dissolve in your 
bloodstream. This “gas 
exchange” takes place in the lungs, 
via tiny saclike vessels called alveoli. 
Nitrogen is particularly easily 
absorbed into the blood and body 
tissues. Your regulator supplies denser 
and denser air as depth increases (see also 


NITROGEN AND BODY TISSUES 


When you breathe compressed air 
underwater, its nitrogen content enters the 
blood and begins to penetrate the body’s 
tissues. When you ascend, ambient 
pressure drops and nitrogen starts to come 
out of the tissues again. If your ascent is 
slow and controlled, the nitrogen reenters 
the blood and exits the body harmlessly, 


NITROGEN ENTERS BODY TISSUES 
Pressurized air dissolves in blood and its 
nitrogen content enters tissues, especially 
fatty areas, where it is temporarily stored. 








BOTTOM TIME 

The longer you spend at 
depth, the more nitrogen 
builds up in your body. 


p.60), which means that 
every breath you take 

is loaded with more 
nitrogen molecules than 
an equivalent breath at 
the surface. This surplus 
of nitrogen rapidly 
accumulates in the tissues of your body. 
If you ascend too quickly, the nitrogen 
in your tissues can reenter the blood 

in the form of harmful bubbles. It is 
therefore very important for you to 
manage your dive time and depth, 


via your lungs. If your ascent is too fast, 
the escaping nitrogen can form harmful 
bubbles, leading to decompression 
sickness (DCS; see pp.142-43). DCS can 
cause minor discomfort if the bubbles are 
lodged under the skin or in the joints, but 
if they are in the brain or nervous system, 
it can lead to paralysis or even death. 


FORMATION OF NITROGEN BUBBLES 

If pressure drops too quickly during ascent, 
nitrogen forms bubbles in the bloodstream, 
which can lead to decompression sickness. 


NITROGEN AND DECOMPRESSION 





| ECT PERCH 

Dive boats sometimes lower a “trapeze” for 
divers to hold on to while making decompression 
stops, with a spare air tank attached for safety. 


using either dive tables or a dive 
computer, to ensure that nitrogen does 
not build up to levels that cannot be 
safely dissipated during ascent. 

Dive tables help you to calculate 
how long you can safely dive at a given 
depth, and what the safe limits are for 
any following dives that day (excess 
nitrogen takes 24 hours to fully leave the 
body). The tables will also tell you if you 
need to perform a decompression stop. 
This is a scheduled pause in your ascent 


that allows nitrogen to dissipate safely. 
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three minutes during ascent, even if 
your dive tables do not require it, just 
as a precautionary measure. ‘This is 
called a “safety stop.” Dive computers 
also generate safe diving schedules, by 
making continuous calculations during 


the dive (see pp.66-67). 


NITROGEN NARCOSIS 

The nitrogen in compressed air can also 
have a narcotic effect at depth, ranging 
from a feeling of euphoria to anxiety. 
Nitrogen narcosis rarely causes death 
directly but at depths below 30m (100ft) 
it causes divers to make increasingly bad 
judgments. If you feel the effects of 
narcosis during a dive, 
ascend to a shallower depth 
and the narcosis should 
rapidly disappear. Keep an 
eye on your buddy for 
symptoms of narcosis, such 
as sluggish responses and 
irrational behaviour. 


USING DIVE TABLES 

An understanding of the use of 
dive tables is a key element in 
all dive training programs. 
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Tides and currents 


The tides have a huge impact on the marine life and conditions of 
many dive sites, and localized currents can create unseen offshore 
hazards. Knowing how tides and currents work and how they affect 
diving procedures is essential for safe diving at any location. 





INTERTIDAL ZONE 
Sometimes submerged and 
sometimes exposed, this is a 
harsh habitat for marine life. 


TIDAL MOVEMENT 
Water levels at the 
shoreline can vary 
considerably over the 
from site to site, but it is 
often best at high tide, 
while incoming tides tend 


tidal cycle, in extreme 
cases by as much as 
50 ft (15 m). The region 
between the highest and to bring marine species 
lowest tide marks is called closer in to shore with 
the intertidal zone. 
Make a thorough 
check of local tidal 


conditions and coastal topography when 


them. The most important 
tidal event for divers is 





“slack water,” a short 
interval when tidal flow halts at the 
planning a dive, otherwise you may changeover of every tide. Tidal currents 
encounter unexpected hazards, like areas__mean that some sites are only safe for 


of strong tidal flow. Water clarity varies diving during the slack water period. 


HOW TIDES ARE FORMED 


The Earth’s seas are subject to the 
gravitational pull of both the Sun and the 
Moon. Although the Moon is smaller than 
the Sun, it is much closer to the Earth, so its 
influence is stronger. The gravitational pull 
of the Moon draws water into a bulge on the 
side of the planet closest to it. A counter- 


NEAP TIDES: FIRST AND THIRD QUARTER MOONS 
With the Sun and Moon at right angles, high 
tides are at their lowest, as they are subject to 
the gravitational pull of the Moon alone, but low 
tides are at their highest, pulled by the Sun. 


bulge forms on the opposite side of the 
Earth because the water there is pulled 
less toward the Moon than the planet is 
itself. As the Earth rotates, the two 
opposing bulges of water move across the 
face of the planet, creating two high tides 
and two low tides in just over 24 hours. 


SPRING TIDES: NEW AND FULL MOONS 
Twice a month, the Sun and Moon 

are in line with the Earth. Their combined 
gravitational pull creates the highest high 
tides, and low tides are at their lowest. 





TIDES AND CURRENTS 


TYPES OF CURRENTS 
Currents are created by 
winds, tides, the rotation 
of the Earth, and the 
confluence of bodies of 
water of differing salinity 
and temperature. Tidal 
currents occur when local 
topography, such as a 
narrow channel, creates an 
area of unusually strong 
flow when the tide is coming 
in (flooding) or going out 
(ebbing). These currents can 
be powerful enough to carry 
away even strong swimmers. 
Standing currents are 
permanent currents independent of 
tides. Longshore currents, which flow 
in one direction along the coast, are 
localized standing currents. There are 
also standing currents in the open ocean, 
such as the Gulf Stream, which flows 
northward from the Gulf of Mexico, 
driven by the prevailing southwest winds, 
to the mid-North Atlantic, where it 
divides into two lesser currents. 


WAVE SURGE 

Underwater topography and weather conditions 
can combine to create dangerously strong water 
movement where surf breaks on the shore. 
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DIVERS EXITING SEA 

Plan your entrance and exit so that you avoid swimming 
against the tide. The best time to dive is usually at “slack 
tide”—at high or low tide, when the tidal pull is weakest. 


Rip currents occur when incoming waves 
force the backwash from previous waves 
sideways. The backwash streams along 
the shore until it finds a route back to the 
open sea, such as a gap in a sandbar, 
and surges out in a strong, narrow 
current, perpendicular to the shore. 

To escape a rip current, swim across the 
current, parallel to the shore. You may 
find that trying to swim out of a rip 
current leads you into a longshore current, 
which pushes you back into the rip 
current. If this happens, swim out of 


the rip current in the opposite direction. 

















Diving skills 
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Introduction 


Good basic skills are key to being a competent diver. Some 
techniques, such as buoyancy control, may seem difficult to master 
at first, but with practice they will become second nature, allowing 
you to relax and enjoy your dives. Skilled divers are also safer divers. 





SUPPLEMENTING YOUR TRAINING only dive once a year on vacation, 
This chapter of the book discusses or even less frequently, so it is very 
diving skills, but is not intended to be, important to keep up to date with your 


or in any way replace, a training manual. diving skills. If you have been away from 
While it covers the skills and techniques _ diving for any length of time, take a 
that are taught in the basic dive training __ refresher course or an easy trial dive. 
offered by approved agencies, it must 
















not be used in place of any element of 
that training. There is no substitute for 
comprehensive dive training with a 
certified instructor. 

In this chapter, therefore, we outline 
the skills you need in order to be a safe 
and competent diver. Many people 


STEPPING OUT 
Knowing how to enter the water 
properly will help you get your 

dive off to a good start. 


USING A COMPASS 

Don’t forget to practice navigation skills 
regularly. Getting lost can ruin a dive, and 
may hinder your return to a safe exit point. 


You will find that most of your basic 
skills are still familiar to you after a 
break, or will come back in due course. 
However, if you are put in a stressful 
situation, you may not be able to react 
quickly and effectively if your skills are 
rusty. Even experienced divers can 
benefit from regular practice of basic 
skills, and you should always be thinking 
about how to improve your equipment 
configuration and technique. 


KEEPING SKILLS CURRENT 

A great way of keeping your skills up to 
date is to practice in a pool (see pp.146— 
49). This might not be as much fun as 


getting out into the open water, but it 





DEPLOYING A BUOY 
Diving requires the 
use of many items of 
special equipment 
that you must learn 
how to use safely. 











will certainly provide you with a safe 


environment in which to perfect key 
skills such as buoyancy. Regular training 
in a pool or sheltered water can help you 
to meet the challenges of open-water 
diving more confidently. If your local 
waters are cold and stormy in winter, 
use the off-season to brush up drills and 
procedures. Joining a diving club may 


give you access to a nearby pool. 





5: Wipe the Iron’s Tip 


Wipe the tip on the sponge as shown in Figure 1-5, being sure to turn the iron 
afew times as you wipe it, so you wipe all of its surfaces. It will make a sizzling 
sound as the water in the sponge comes into contact with the tip. The figure 
shows a sponge that’s been used a few times. Notice the little blobs of solder 
that have come off the tip over time. A clean tip is critical to successful sol- 
dering. Even a small layer of oxidized material or other crud will limit the 
amount of heat that’s transferred to the component you're soldering. Wipe 
the tip often, and keep the tip clean. 





Figure 1-5. Wiping the tip clean 


6: Tin the Iron’s Tip 


Before you begin soldering components, you should put a thin layer of solder 
on the tip as shown in Figure 1-6. This will have two effects: burning off any 
crud that shouldn't be there, but also providing a thin layer of liquid solder. 
This layer makes for a very effective heat transfer between the soldering iron 
and whatever you're soldering. Give the tip one more quick wipe on the iron 
and place the soldering iron into the holder until you need it. 


6 Learn to Solder 


108 DIVING SKILLS 


Pre-dive skills 


Good organizational skills will help ensure a trouble-free diving trip. 
A successful dive begins before you even leave your home, with 
checks on weather conditions and equipment. Even if someone else 
is organizing the dive, make sure you are well prepared and informed. 





GETTING OFF TO A GOOD START 

On the morning of the dive, get a 
detailed, up-to-date weather forecast 
specific to the site you are diving, and 
double-check tide times if appropriate. 
If you don’t feel well for any reason, 
make an honest assessment of whether 
you are fit to dive that day. It is better 
to sit out a dive than to feel ill 
underwater and have to abort. Illnesses 





affecting lung or circulatory efficiency 


. : : While a group leader will take overall charge of 
also increase the risk of decompression the dive plan, you must take responsibility for 


sickness (see p.142)—a very good reason _ your own fitness and equipment readiness. 


for skipping the dive. 
Always check your gear Ps 
before you set off on a diving _ _ 




















trip. Before you leave home, 
you must be sure that you 
have everything you need. 

It is good practice to make 

a checklist of all the items 
you will need, and keep this 
in your bag. When you arrive, 
be sure to transfer all your gear 
from the initial mustering 
point to the actual dive site, 
or onto the boat you are 
diving from. All too often, 
divers leave a vital piece of 








DIVING WITH A NEW BUDDY 





Diving abroad often means that 
you will dive with strangers. Make 

sure you give the dive organizer an 
honest assessment of your level of 
ability and interests, so they can pair 
you with a suitable buddy. Even if you 
don’t know your buddy, give them all 
the respect and assistance you would 
offer a familiar dive partner. 
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gear on the dock, such as a weight 

belt or mask, and only realize their 
mistake when the dive boat reaches its 
destination—by which time it is too late. 


DIVING FROM A BOAT 

The boat should have been booked in 
advance, but even so, it is polite to call 
the skipper again before you arrive. 

He or she will be able to confirm that 
weather and conditions are favorable 

for diving. When you board, check that 
the boat has adequate first aid and safety 
signaling devices on board, and appears 
to be in a seaworthy condition. Before 
you leave shore, notify the coastguard or 
relevant authority—and do not forget to 
inform them of your safe return when you 


GETTING READY TO DIVE 
If you have organized your day efficiently, you 

will be able to relax and concentrate on getting 
yourself ready to dive. 




































COMFORT AFLOAT 

Remember to bring seasickness tablets with you 
on boat trips. Test them 24 hours beforehand to 
make sure they have no adverse effect on you. 


get back. Ensure that the skipper reviews 
safety procedures, including the location 
of lifejackets, flares, and life rafts, and 
demonstrates the underwater recall signal. 


DIVING FROM THE SHORE 

If you are diving from the shore, always 
check for the easiest possible access to 
your dive site on arrival (or before) to 
avoid long walks down to the beach with 
heavy gear. You may need permission 

to drive to the water’s edge to unload. 


WATCHING THE WEATHER 











Obtain a forecast that includes the 
wind speed and direction, sea state, | 
and visibility (fog, mist, etc). Do 
not take any risks with diving in 
bad weather—it is betterto miss | 
the dive than dive in surging seas 
or in visibility so poor your boat 
cover will not be able to locate 
you. You should also check tide 
tables to establish the timings of 
slack water. This is critical when diving 
areas affected by strong tidal currents. | 


Rough seas 
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Final checks 


Diving with a partner (or buddy) means that there is someone to help 

if you encounter problems underwater. For the system to work properly, 
however, you and your buddy need to conduct your own briefing before 
a dive and check that all equipment is functioning properly. 





MAKING BUDDY CHECKS check—-sit or stand next to your buddy 
Just before the start of the dive, get and carefully check each other’s gear, 
together with your buddy and assemble —_ following the sequence shown below. 
your gear (see pp.84—85) and put it on. Do not be tempted to rush these vital 


There is no particular order in which to — checks—you may regret it later. They 
do this, but most divers find that to avoid ensure that you know how each other’s 


overlooking anything, it is useful to gear is assembled, how it works, and that 
develop a routine. When you are both it is functioning. They also serve as 
suited up and before either of you enter —_ a double-check that neither of you has 
the water, you should carry out a buddy overlooked anything before you dive. 









Check BCs so that you and your buddy Check that weights are present and securely 


know where each other’s inflation and fastened. You and your buddy must be 
deflation points are, and ensure that they are especially aware of how each other’s weights are 
working. Do the same for drysuits, if worn. released, in case either diver is incapacitated. 






wae 
Check harness is secure and note where, Check air contents gauges and 
on your buddy’s kit, key fastening points breathe from your regulators to 
and harness release clips are located, and check they are working. Test each 


how they are operated. other’s octopus second stage. 


BUDDY BRIEFING 

Suiting up provides a good opportunity 
to talk over a dive plan with your buddy. 
Ensure first that you are both agreed, 
as a pair, on the aim and course of the 
dive, your entry and exit points, and your 
predicted maximum depth and time for 
the dive. Check that you both have the 
required amount of air for your plan 
(including a reserve for emergencies). 
Agree on who will lead the dive and 

on whether you will dive to the left 

or right of your buddy. Decide on all 
communication signals, including how 
and when you will signal for the end 

of the dive, and on what you will do if 
you become separated. Once you have 
agreed a plan, stick to it unless 

it becomes impossible to do so. If 
circumstances change during the dive, 
use hand signals to discuss how, as a 
pair, you are going to modify the dive. 


Ready to dive? Give each other a last 

once-over to establish who is carrying any 
miscellaneous pieces of gear, such as reels and 
slates, and where they are fastened. When you 
are ready to dive, make a final OK signal. 
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PREVENTING FOGGING 


Mask fogging is a very common 
inconvenience, and is caused by oils 

on the mask’s lens allowing moisture 

to bead. The traditional way to prevent 
fogging is to rub saliva onto the inside 
of the lens glass, then lightly rinse clear, 
before putting on the mask for a dive. 
Anti-fogging sprays are also available. 


Using an anti- 
fogging spray 
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Entry 





Every site will require a different method of entry, and the easiest 


method possible at each site is the best one to use. In all cases, it is safer 


to enter without large, heavy equipment, such as cameras, so if 


conditions allow, have them passed to you once you are in the water. 





SHORE ENTRY 

When entering the water from a beach, 
make sure your gear is assembled and 
on your back, then carry your mask 
and fins to the water’s edge. There, put 


on your fins and mask with your buddy’s 


help and walk backward into the water 
(walking forward with your fins on is 
difficult). As soon as you are deep 
enough, lower your center of gravity 
by bending down, then start to swim, 
or “fin,” out into open water. If there 
is surf, make sure your BC is partially 
inflated and wait until a big wave 
approaches; lean into it, and let the 
return surge take you away from shore. 





ENTERING FROM THE SHORE 

If entering through surf, be careful not to 
lose your fins as you put them on. Breathe 
from your regulator throughout entry. 





CONTROLLED SEATED ENTRY 

This is the easiest method of entry into 
a pool or from a platform just above 
water level, and an especially useful 
method if you have difficulty with 
mobility on land or with keeping your 
balance when standing on a floating 
platform. It also enables you to =@ 


anor 
Turn from the waist to place 
both hands on the hard 
surface to one side of your body, 
ready to take your weight. 


put on your gear while seated.» eg ’ 


Pivot your body around, 

using your hands to 
support you, so that you 
turn to face the side 
while easing yourself 
into the water. 
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Hold on to any 
gear, such as 
a flashlight or 
camera, that 
could rise up 
on impact and 
hit your face 















GIANT STRIDE ENTRY 

Stepping into the water is a good entry 
method to use from a large diving boat 
or off a dock or platform, provided there 
is sufficient depth of water. Partially 
inflate your BC, place your regulator in 
your mouth and hold it and your mask 
in place with one hand, and take 

a large stride out into the water. 


Take a giant stride, 

holding your mask 
and regulator in place. 
Keep looking forward, 
not down. 














2 splayed-scissor = 
position of your legs will 
cushion the impact and 
keep you at the surface. 











ENTRY POSITION 
Hold your mask and regulator in place with 
one hand and ease yourself backward until 
your tank is hanging over the water. 


BUDDY PROCEDURE AND SIGNALS 


After entering the water, meet on the 
surface and make an OK signal (hand on 
head or fingertips together) to shore or 
boat cover. One exception to this is 
when making a negatively buoyant entry 
through strong surface currents. In this 





BACKWARD ROLL case, descend as quickly as possible, 
and rejoin your buddy on the seabed. 


Use this entry from small boats with a 
low freeboard (distance from deck to 
waterline). With your regulator in place, 
check that your fins are free from 
obstruction, and that the water behind 
you is clear. Ease yourself over the edge 
and roll over backwards, aiming to hit 





the water first with your upper back. 
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Descent 


Descending to the seabed is always an exciting experience, but 


while you may want to get there quickly, you must always descend in 


a controlled manner. The method you use will depend partly on the 


site and prevailing conditions, and partly on your own preferences. 





MAKING YOUR DESCENT 

Having met up with your dive buddy in 
the water, follow the preparatory steps 
below. If you find that you do not sink, 
check that no air remains in your BC 
(and drysuit, if applicable). If the 
problem persists, you probably do not 
have sufficient weight on your belt (see 
pp.70-71), and should return to the boat 
or the shore to get some more. It is 

a good idea to note how much weight 
you need each time you try a different 
equipment configuration—record the 
details in your logbook for reference. 





= > 
Meet up with your buddy on the surface, 
well clear of any boat cover. If using a 
snorkel, remove it, and switch to breathing 
from primary regulators. 


At a depth of 10 ft (3 m) you should 
carry out a bubble check. This involves 
briefly stopping so that you and your 
buddy can check each other’s equipment 
for signs of air leaks—for example, from 
an incorrectly fitted hose. This will allow 
you to return to the surface to resolve 
the issue before you resume the dive. 
By fixing minor problems now, you may 
avoid bigger problems during the dive 
that could lead to an emergency. 

As you descend, you will feel pressure 
in your ears. Release this regularly by 


swallowing or holding your nose and 


Give an OK signal to each other when ready to 

begin the dive. If using a “buddy line” to link 
yourselves together (useful when one buddy is a 
novice), ensure now that you are both attached. 





The “down” signal confirms your intention 

to descend immediately. If your buddy is a 
novice or nervous, reassure them by holding 
their hand and helping them to descend. 


Both you and your buddy should deflate your 
BCs and exhale together, so that you become 


negatively buoyant and start to sink simultaneously. 
If you have a problem sinking, address it now. 


blowing against the closed 
nostrils—a process called 
“equalization” or “ear- 
clearing” (see also pp.98— 
99). If you feel you are 
descending too fast, allow 
a little air into your BC. 
Your mask will also start to 
press on your face; relieve 
this by exhaling gently 
through your nose. If you 
are wearing a drysuit, you 
will feel the water pressing 


EQUALIZATION 


it against your body. Ease this by letting 
air into the suit, but not so much that it 
alters your buoyancy too greatly—and 

remember to release it again on ascent. 


DESCENT OPTIONS 
Many divers prefer to descend feet-first 
so that they can remain face to face with 
their buddy and maintain eye contact. 
This is good practice, unless you need to 
descend quickly through a current and 
therefore have to use your fins. 

A free descent is where no line is 
used and you descend freely (head- or 
feet-first) to the seabed. If you are using 


FINAL CHECK 

A group of divers meeting at the bottom ofa 
guideline give a last “OK” signal to each other 
before exploring the dive area. 





Pinch your nose and blow at 
intervals to equalize pressure in 
the skull with that of the water. 





BUBBLE CHECK 

Buddy pairs check each other’s 
gear for telltale air leaks before 
descending further. 


an SMB (see pp.74-75), 
ensure before descent that 
the buoy is fully inflated 
and the line is free. Your 
buddy should stay on the 
same side throughout the 
descent to avoid confusion 
and tangling in the line. 
On group dives there may 
already be a weighted guideline in place, 
attached to a buoy and leading to 

a wreck or fixed point on the seabed, 
which will give you and your buddy 

a handy point of reference. Do not use 
the line to pull yourself down, since it 
may not be anchored securely at the base. 
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Breathing underwater 


Swimming freely underwater for the very first time can be 
exhilarating, but also potentially unnerving and even frightening. 
Learning and perfecting good breathing techniques allows the 
novice diver to become calm and relaxed in this new environment. 





LEARNING TO RELAX CONSERVING AIR 
The sheer thrill of your The more relaxed you are, 


very first dive will:catisé the less air you will use and 
: the longer your dive will last. 
your heart rate to increase 
and make you breathe First, and most important, 
faster than normal. never hold your breath 
You may be alarmed underwater, because you 
at how quickly your air will run the risk of 
supply runs out, but after bursting a lung. Inhale 


a few dives, you will learn and exhale more deeply 





to be calmer and more than you would normally 


relaxed, and your air consumption will do on land. Try to maintain neutral 
decrease. When you feel comfortable buoyancy (see pp.118—21), since this will 
underwater, take a few moments to decrease your need for leg and arm 
concentrate on your breathing and movements to maintain a constant 
remind yourself of the dos and don’ts position, and thus reduce air 

of underwater breathing. consumption. Furthermore, avoid 


CLEARING THE REGULATOR 
A regulator can be cleared of 
water by simply exhaling, or by 
pressing the button on the 
J front to purge the water. 












BREATHING OUT 


If you remove your regulator, 
exhale slowly to minimize the 
tisk of lung expansion injury. 





swimming unnecessarily against 
currents—it is better to go with the flow 
than to waste your air by overexertion. 
Always be aware of where your 
buddy is and what he or she is doing; 
many novice divers lose sight of their 
buddy and rapidly become anxious. 
If there is a problem, stop, breathe, 
and think before taking action. Acting 
too quickly and without thought could 
lead to panic and further problems. 
Make sure that you are familiar with 
your equipment and fully understand 
how it works. You must know exactly 
where each item is stored to avoid panic 
if things go wrong during a dive—for 
example, if you lose your regulator or 
your mask begins to fill up. Regularly 
practice emergency procedure drills (see 
pp.136—43), either in the pool or in open 
water, to ensure confidence in a real crisis. 


PLANNING YOUR AIR CONSUMPTION 
On an open-water, fairly shallow dive, 
the rule of air consumption is to plan 
your dive so that you can carry out your 










descent, exploration, and ascent, and 
still surface with a reserve of 725 psi 
(50 bar). If you have to come back 
to a given point to exit, such as a 
guideline or anchor line, start 


FREQUENT CHECKS 

Buddies should regularly check each other’s air 
reserves, to maintain a good awareness of the 
remaining levels of both members of the team. 


your return when you have 1,500 psi 
(100 bar) left. If there is a current, swim 
out against it and swim back with it, so 
that the return is never longer than the 
outward trip. It is also wise to swim back 
to your point of entry or shotline at a 
shallower depth than on the outward 
journey, since this reduces air 
consumption. In difficult environments, 


follow the “Rule of Thirds” (deloz). 


THE RULE OF THIRDS 


When planning a dive in an 
environment that is covered 
overhead—such as a 
wreck, cave, or under 
ice—or when making 
deeper dives, always 
apply the Rule of Thirds. 
The rule states that you 
should use a third of 
your air for descent 

and exploration, and 

a third returning to your 
guideline or point of 
entry and for ascent. 
The remaining third is 
an emergency reserve. 











Figure 1-6. Tinning the soldering iron tip 


NOTE: Asmall puff of smoke will appear as the rosin 
CL flux inthe center of the solder is activated. The rosin 


serves two purposes: to clean the soldering iron 
(and the joint that you are soldering) and to help the 
solder flow freely. Avoid inhaling this smoke. 


Go Make Your Learn to Solder Skill Badge 


With your workstation all set up, you're ready to try your hand at soldering. 
The Learn to Solder Skill Badge (“Project 1: Learn to Solder Skill 

Badge” on page viii) is a great place to start. It’s so simple, we think you can 
even try it before you read any more. But before you try the second project 
(“Project 2: 555 Timer Blinky” on page x), you should definitely give the rest 
of this guide a read. 


Getting the Workspace Ready v 
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Buoyancy control 


Without doubt, the most important skill for a diver to master is that 


of buoyancy control. Until you achieve this, you will be constantly 


expending effort in order to maintain your position in the water, 


wasting air resources and distracting you from your dive. 





SUITS AND WEIGHTS 

Wearing any type of exposure suit will 
make you more buoyant in the water, 
and thus make it more difficult to dive. 
Drysuits contain an airspace between 
the suit fabric and the diver’s body. 
Wetsuits have air cells within their 
neoprene fabric, and so the thicker 
the neoprene, the more buoyant you 
will be. The function of weights is to 
counteract the buoyancy your suit gives 
you so that, with your lungs full of air 


but your BC uninflated, you float at the 
correct level at the water’s surface. 





Too high Too low 


Correct assessment of how much weight 
you need to carry for a given dive is very 
important. Spend time conducting 
weight tests for different suit and 
equipment combinations, and note your 
findings for future use. Remember, 
saltwater is denser than fresh water, so 
you will require more weight when you 
dive in the sea than in fresh water. 


USING YOUR BC 

At the start of a dive, you will usually 
enter the water with your BC inflated, 
as having positive buoyancy allows you 


CONDUCTING A WEIGHT TEST 
Empty your BC, and take a 
deep breath and hold it. Float 
in an upright position. If you 
are wearing the right amount 
of weight, you will float at eye- 
level to the waterline. Add or 
discard weights as necessary 
until this is achieved. 


Correct level 





BUOYANCY CONTROL 


to float at the surface effortlessly while 
you meet up with your buddy—the only 
exception to this is at sites where there 
are strong surface currents, when it is 
important to get to the bottom quickly. 

In order to descend, you must be 
negatively buoyant, which you achieve 
by deflating your BC and exhaling 
(see pp.114—15). However, as you sink, 
you will find that your descent rate 
accelerates as your suit—and the 
remaining air in your BC—becomes 
compressed. To counteract this, you 
must add air to your BC. If this halts 
you before you have reached the desired 
level, let air out. Repeat the process, 
letting small amounts of air in and out 
of your BC until you become stationary 
at the desired depth. 

When this happens, you will have 
achieved neutral buoyancy underwater— 
a state in which you neither float nor 
sink. Achieving this perfect equilibrium 
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LEARNING THE BASICS 

An instructor looks on as a student diver 
practices fin pivots (see pp.146-49), an exercise 
designed to improve basic buoyancy control. 


of weight ballast and lifting forces means 
you do not waste effort and air using 
your fins to maintain a certain depth. 

When you want to ascend, the same 
control principles apply, but in reverse. 
As you go up, the air in your suit and 
BC expands as external water pressure 
decreases, making you increasingly 
buoyant, and causing you to rise rapidly. 
As it 1s important to ascend at a slow, 


HOVERING OVER A REEF 
Buoyancy control is critical 
when diving over delicate 
coral that can be damaged 
by physical contact. 
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steady rate (see pp.128-31), you'll need 

to vent air accordingly as you rise. To 
descend and ascend as smoothly as 
possible, you must become familiar with 
how your BC responds to inputs of air, 
and how quickly it vents air. 

Drysuits have independent inflation 
and deflation controls (see pp.5 4-55). If 
you are diving in a drysuit, the air space 
between your suit and your body will 
become compressed, and you will need 
to inject a little air into the suit to avoid 
discomfort from being “shrink-wrapped” 
by external water pressure. This will 
make you more buoyant, so you will 
need to vent air from your BC to 
counteract it. On ascent, you will need 
to dump the excess air from your drysuit. 


FINE CONTROL OF BUOYANCY 

Small movements up and down—to look 
at different parts of a reef, for example— 

are best achieved through breath control, 

rather than letting air in and out of your 
BC. Good buoyancy control only comes 


Efficient finning style 
maintains correct 
horizontal posture 








JETTISONING YOUR WEIGHTS 


In extreme circumstances, such as being 
caught in a powerful downcurrent, it 
may be necessary—as a last resort 
only—to dump your weight belt. You will 
instantly start to rise up rapidly through 


the water, so be ready to vent air from 
your BC to slow your ascent. Breathe out 
on the way up, to minimize the risk of 
lung expansion injury (see p.95). 





with practice, and is worth perfecting. 
Take time at the start of each dive to 
practice fine control of buoyancy before 
you set off exploring. From a neutrally 
buoyant position on the seabed, slowly 
inhale—you should rise up and hover 
Just above the seabed. Breathe out 

a little—you should sink. Practice 
breathing in and out and become 
familiar with how it influences your 
gentle rise and fall. You should be 

able to hover over the seabed and 
control your buoyancy by breathing 
alone, without constantly filling and 


Correct choice of suit for 
temperature conditions 

keeps diver warm and 
contributes extra buoyancy 


hereon ‘poste minimizes — 


drag and 


u 





ence kicking effort, 
as well as downward and 
pward depth fluctuations 





BUOYANCY CONTROL 


emptying your BC. Once you have 
mastered this, you will be able to float 
at any depth without effort. 


TRIM AND WEIGHT DISTRIBUTION 

The position of your weights and 
equipment has an important part to 

play in maintaining good “trim” (correct 
posture and balance) underwater. 
Distribution of weight is key in achieving 
a good horizontal attitude, which makes 
buoyancy control easier and helps you to 
propel yourself along with the minimum 
of drag. A streamlined profile also helps 


ACHIEVING PERFECT BUOYANCY 

Thinking about buoyancy as a system of 
influences to be harmonized, rather than 
just weights and BC, will help you 
perfect the art of moving underwater. 


Additional weight to 
fine-tune weight 
distribution 


Weights evenly 
spaced and held 

in place with 
retaining buckles 
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posture and ease of movement, 

which helps to reduce air consumption. 
Experiment with different weight 
systems and stowage points until you 
find a comfortable combination that 
helps you achieve the best position in 
the water. Some designs of BC allow 
you to stow weight at different points, 
not just on a belt. For example, some 
have special quick-release pouches that 
are designed to take moderate weight 
loads (see p.59). Always check that you 
are able to jettison the bulk of your 
weight load in case of emergency. 


BC filled with 
correct amount of 
air for depth and 
weight load 












Relaxed mental 
attitude helps 
maintain buoyancy; 

tense divers make 
too many corrective 
movements and find 
it hard to adopt a 
horizontal posture __| 





Console and octopus 
second stage clipped 
close to body to 
minimize drag and avoid 
damage or entanglement 
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Moving underwater 


The duration of your dive is limited by your rate of air consumption, 


which in turn depends on how much energy you expend. Good finning 


technique, buoyancy control, and a streamlined profile will all make 


your movement underwater more energy-efficient. 





EFFICIENT PROPULSION 
Your movement through 
the water should be 
driven and controlled by 
your legs. If you watch 
experienced divers, you 
will notice that they use 
their arms very little, 
and move effortlessly 
through the water, saving 
energy, minimizing air 
consumption, and avoiding damage 
to reefs and the marine environment. 
Swimming with fins should be an 
extremely efficient way of propelling 
yourself through the water, but many 




















y MINIMIZING ARM USE 

To practice with your legs only, 
cross your arms in front of you 
or let them hang by your side. 


divers are let down by 

a poor finning technique. 
There are several 
different strokes you can 
use, but all should be 
carried out with strong, 
rhythmic movements, 
fully extending the leg (or legs) with 
each kick. Uncontrolled thrashing and 
incomplete kicks will simply waste 
energy. It is worth asking your buddy to 
give you feedback on your technique— 
even to photograph or film you. You 
may be surprised at the results. 

Scuba diving is not a race, and the 
faster you go, the less you see. Learning 
to pace yourself and move at a leisurely 

speed will help you to relax, and 
a relaxed diver is an aware, 

efficient, and safe one. 


EFFORTLESS PROPULSION 

The less strenuous your 
movements, the less energy and 
air you will use, and the longer 
your dive will be. 








MOVING UNDERWATER 


PROFILE AND BUOYANCY 
To achieve the most 
streamlined (and 
therefore most energy- 
efficient) swimming 
position, you should be 
almost horizontal in the 
water. Your hips will 
be slightly lower than 

, 


your upper body due to : 
POOR PROFILE 


that area being weighted. 
During a dive, you should 
look forward and 
downward most of the 
time—raising your head too much will 
lift your upper body and make your 
profile less streamlined. 

Carrying the correct amount of 
weight is important. Being overweighted 
will drag your hips and lower body 
downward. Swimming will then require 


TYPES OF KICKING STROKES 


With the flutter kick (below), all fin 
movement takes place above the 
body’s centerline, reducing the 
amount of water directed 
downwards. This can be useful 
when you wish to avoid stirring up 
sediment on the seafloor. The frog 
kick is also ideal for use where fine 
silt can ruin visibility if disturbed, 
because it directs thrust horizontally 
behind you. The swimmer kick is 
good for power, but uses up energy 
quickly. Most divers tend to drift 
slightly when using the flutter kick 
or the swimmer’s kick, because one 
leg is slightly stronger than the other. 










Ankle relaxes 
as knee moves 
up to starting 
position 






Power is in 
the downstroke 


FLUTTER KICK 

Bend the knees slightly, shorten the stroke 
of the kick, and keep the hips fairly static. 

The stroke ends when the knee is straight. 





Swimming with the wrong 
profile may mean that your fins 
kick up silt, impairing visibility. 
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greater effort due to your 
unnatural angle in the 
water, which will produce 
increased drag. You can 
improve your profile by 
repositioning the weights 
in your BC, or refining 
your weight requirements 
(see pp.118-21). 

Achieving neutral 
buoyancy (see pp.118—21) 
is the key to maintaining 
a good dive profile with 
ease, and also increases 
your efficiency. If you are positively 
buoyant, you will be constantly 
swimming downward; if negatively 
buoyant, you will have to swim upward 
all the time or crawl along the bottom— 
all of which require more effort than 
horizontal, neutrally buoyant, swimming. 










Fins force water 
behind them as 
they come together 


a — 


faite 


di Knees 


straighten 
with stroke 





FROG KICK 

Spread your legs and bring up your knees. 
Rotate your fins so that the bottoms of the 
blades face behind you. Bring the fins 
together in an arc, thrusting out behind. 


Straight legs 
make large 

up-and-down 
strokes 








SWIMMER KICK 

Lock your legs straight and kick from the hips 
with long strokes. This technique exploits the 
power in your thigh and hip muscles. 
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Exploring and navigating 


Learning how to use instruments and natural features to find your 


way around underwater is important. Accurate navigation will help 


you to reach your planned exit point at the end of a dive, and will 


also help you find and explore features of interest, such as wrecks. 


MAPPING THE SITE 


It is easy to become disoriented in 


poor visibility, but good navigation skills 


will help you find your way, even when 
conditions are against you. Developing 
such skill 


on other divers for your own safety— 


will make you less dependent 


FOLLOWING A REEF WALL 

In clear conditions, a reef wall makes an easy 
navigational reference point. Try to remember 
distinctive features as you go along. 





if you always rely on your buddy to 
lead the way, you could find yourself 
in trouble if you become separated. 
On first entering the water, make 
mental notes of the surrounding featur 
such as unusual rocks, coral, or your 
position on a wreck site. As you progress 
through the dive, try to build up a map 
of the site in your mind. At every turning 
point, note nearby features and which 
direction you turned in relation to them. 








Look at the seabed geology, too: rocks 


often have features or show strata that 
make memorable visual markers. It may 
be helpful to jot notes down on a slate. 


NATURAL NAVIGATION AIDS 

A compass (see pp.126—27) gives the most 
accurate directional information, but 
there are also clues in nature. If the water 
is clear and shallow enough, or if there 
are any shadows cast by rocks, you can 


READING SAND RIPPLES 
















Sand ripples run parallel to the shore, at 
go degrees to the path of incoming and 
outgoing tidal currents. Sand ripples get 
closer together nearer to shore, providing 
a useful reference point for underwater 
navigation. If the spacing of sand ripples 
underneath you appears to be getting 
narrower, you are swimming toward 
shallow water and a possible exit point. 









Sand ripples on the seabed 








MENTALLY MAPPING THE DIVE SITE 

Reef, rock, and seabed features, sunlight, and 
even shoals of fish can all help you to orient 
yourself at the dive site. 


use the Sun as a directional reference. 
On a morning dive, for example, the Sun 
will be in the east. Take note of which 
way the current is running, (If you are 
diving close to slack water (see pp.102— 
03), at high or low tide, this may change 
by as much as 180° as the tide begins to 
turn.) Even if you cannot feel the current, 
you can find visual clues to its direction. 
Plankton, for example, drift along with 
the current, so shoals of fish station 
themselves facing into the current so that 
they can feed on them. Kelp fronds flow 
in the direction of the current. Exhaust 
bubbles will rise up toward the surface 
(unless you are in a down current). 


FOLLOWING A REEF 

On a basic reef dive, swim out with the 
reef wall on one side of your body and 
then return with the wall on your other 
side. When diving around a wreck, try to 
maintain either a clockwise or counter- 
clockwise motion, especially if the 
wreckage is fragmented. Keep the main 
part of the wreck to one side of your 
body during the dive, so that you return 
to your starting point after one circuit. 
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USING A HANDHELD COMPASS 

In case you are separated for any reason, 
both you and your buddy should carry and 
be confident at using a magnetic compass. 





USING A COMPASS 
A compass has a circular body, often 
divided into 360-degree increments, and 
a needle that swivels to point to magnetic 
north. Many also have a “bezel”—an 
outer ring, also marked with increments 
and the points of the compass, that can 
be rotated independently to the body. 
This can be used in conjunction with 

the “direction of travel” arrow (known 
as the “lubber line”), 
which is marked on the 
compass body, to establish 
the direction you want 

to travel in relation to 
magnetic north. Point 

the lubber line in the 
direction in which you 
wish to travel, then turn 





the bezel so that its “north” mark 
matches the direction in which the 


needle is pointing. If you ensure that the 
needle always points to the north mark, 
as you move in the direction indicated 
by the lubber line you will maintain your 
intended direction. Digital compasses 
work in the same way, but display the 
information on an LCD. 

A compass is a fairly basic device, 
but it is easy to use it incorrectly. If it is 


a wrist-mounted model, ensure that your 














MEASURING DISTANCE 

When navigating underwater, you can judge 
relative distances by counting how many fin 
strokes you have made in a given direction, 
or by timing your progress along a course. 


EXPLORING AND NAVIGATING 


wrist is held square to the direction of 
travel, and not at an angle. It is simpler 
to use a compass mounted on a console 
or a retractable lanyard, which can be 
held out straight in front of you. Use 
both compass readings and environmental 
observations, so that you can correct any 
inaccuracies in either method. Mark 
readings down on a slate as you go, 
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and try to integrate these into your 
mental map of the dive site. In slack 
water, timing how long it takes to get 
from one point to the next gives you 
an idea of your position if you return 
along the same compass course. 
Combining this information with depth 
readings taken along the way will help 
you navigate with more accuracy. 





LAYING A DISTANCE LINE 

In low-visibility environments—such as 
murky temperate waters—it may be 
necessary to lay lines to aid navigation 
back to a convenient point. Lines can also 


be used to search an area: if you know 
the approximate position of a specific 
site, natural object, or artifact, you can 
use a line, in arcs of different lengths, 

to scan a large area of seabed efficiently. 





Find a solid anchor point to attach the line to. 

Make a couple of turns around the object for 
extra security. Do not secure a line to jagged 
edges that will fray or cut through it. 


Unspool the line as you | 
making sure that your bi 
keeps clear to one side. The 
should be tied off again whe 
you change heading. 


Secure the line to the anchor point. If you have 

a reel and line you use regularly, fit a spring 
clip to the end of the line so that it can wrap 
around the anchor point and clip back on to itself. 
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Ascent 





All good things come to an end, and at some point your dive will 


be over. Ascending at the end of a dive should be carried out with 


great care. This is the part of the dive where decompression sickness 


(see pp.142—43) can develop, so your ascent must not be hurried. 





WHEN TO ASCEND 

Dives often end when you 
reach a prearranged time 
to surface, either to meet 
the boat cover or to 
account for changing tides. 
However, you may decide 
to ascend before this if the 
site proves uninteresting, 

or if you or your buddy are 
cold or tired. You may also 
be forced to ascend if you have only 

725 psi (50 bar ) left in your tank, if you 
are making a decompression dive (see 
pp.130-31) and reach the scheduled 
minimum volume of air in your tank, 

or if problems cause you to abort the dive. 


MONITORING A DIVE COMPUTER 

Dive computers (see pp.66-67) help the 
diver judge ascent rate. Some devices give 
audible warnings if safe limits are exceeded. 








SIGNALING TO ASCEND 

To ask your buddy if they are 
ready to ascend, or to signal 
your intent, raise your thumb. 


Before ascent, you 
and your buddy should 
signal the “thumbs up” 
to each other that you 
are both able and ready 
to ascend to the surface. 

If possible, avoid 
making a “free ascent,” with no visual 
reference to guide you. If you can follow 
a reef wall or a permanent mooring line, 
for example, this will give you a natural 
sense of your ascent rate, in addition to 
your computer readings, and can help 
avoid disorientation. Sometimes, though, 
it is not possible to ascend up a line or 
along a natural feature, and it can be 
helpful to deploy an delayed surface 





marker buoy (DSMB; see pp.130-31)— 
this will give you a vertical reference and 


also signals your position at the surface. 
Ideally, both members of the buddy pair 
should carry a DSMB. If you are diving 
on a wreck or a site with a guideline, 
aim to get back to the line for your 
ascent—not only will boat cover know 
where to pick you up at the surface, but 
the line will assist you in making 


FOLLOWING A SLOPE 
Ascending next to a natural 

feature, such as a reef, offers 
a reassuring reference point. 


ASCENT cod 
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BUDDY PAIR ASCENDING A GUIDELINE 

A buoyed line moored to a wreck or seabed 
feature offers one of the safest guides for an 
ascent, especially in a strong current. 


decompression stops and, in a current, 
can provide something to hold on to. If 
you do not manage to get back to the 
guideline, send up a DSMB. 


MAKING YOUR ASCENT 

To start your ascent, slowly breathe in 
or let a little air into your BC—this 
should cause you to rise up. Rise up next 
to, and ideally face-to-face with, your 
buddy so that you can check each other’s 
rate of ascent and condition. As ascent 
continues, carefully monitor the amount 
of air in your BC (and drysuit if 
relevant)—the air will expand as the 
pressure decreases during your ascent, 
causing your rate of ascent to increase 
rapidly. Keep one hand on the BC 
exhaust hose in order to vent air from 
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it as you ascend. You may also need to 
dump air from your drysuit. You can fin 
to assist your ascent, especially to gain 
momentum to begin with, but this will not 
be necessary if you are correctly weighted 
and positively buoyant. Keep breathing 
normally and do not hold your breath. 

A conservative estimate of a safe rate 
of ascent is 50 ft (15 m) per minute (or 
slower) up to 16 ft (5 m) in depth. At this 


MAKING A SAFETY STOP 

Divers make a precautionary safety stop 
at 16 ft (5 m) to allow nitrogen to exit the 
body’s tissues at a safe rate. 


point many divers make a 3-minute safety 
stop. Whether you do or not, the last 16 ft 
(5 m) to the surface should take another 
full minute. If making a decompression 
dive, make all your scheduled safety stops 
and check with your buddy as you do so. 





DEPLOYING AN INFLATABLE BUOY 
Since ascent must be conducted in 

a controlled way, it is helpful to carry 
your own portable guideline—an 
inflatable buoy, or safety sausage. ‘These 
highly visible tubes are launched using 


air from your second stage, and allow 
you to ascend up an attached line. Using 
them is a real skill, so seek training 
before your first attempt. Remember to 
reel the line in as you ascend, since slack 
line can get wrapped around your gear. 


M 





Unfurl the buoy, which 

should be attached to a reel. 
Unclip the reel from yourself, 
taking care not to drop it. 


Partially inflate with a 

small burst of purged air 
from your octopus (see p.61) 
to stand the buoy upright. 


Hold the reel in one hand, 

and with the other, hold 
your octopus valve under the 
buoy’s inflation point. 





ASCENT 


Launch the buoy 

by purging a long 
blast of air into it with 
your octopus. Release 
the spool, holding tight 
to the reel, and the 
buoy will shoot upward. 


When the spool 
stops spinning, 
start to ascend, reeling 

in the line as it 
slackens. Ascend at 

a safe pace: do not tug 
on the line to pull 
yourself up. During 
ascent, keep one hand 
ready to vent air from 
your BC if required. 


Await recovery at the 
surface from your boat 
cover, which will have sighted 
the buoy at the start of your 
ascent. The buoy should be 
left in its inflated state until 

you have been recovered. 
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Surface skills and recovery 


Once you and your buddy have completed your dive and are at the 


surface, you need to head back to shore or wait to be picked up by 


your boat cover. Always remember that the dive isn’t over until you 


and your buddy are back on dry land or on your dive vessel! 





EXITING ON TO THE SHORE 

If completing a shore dive, you and your 
buddy should swim to the shore and find 
a safe, appropriate method of getting 
back on to dry land. If you are diving 
from a sandy beach, it is usually best to 
keep your fins on for as long as possible 
and walk backward up the beach 

until you are well out of the way of 

any swell. Removing your fins too early 
can lead to problems if you are swept 
off your feet or back out to sea, since 
you will have no propulsion. 

If diving from a rocky shore, try to 
find an easy route back on to the rocks. 
Again, aim to keep your fins on for as 
long as possible. As you take off your 
gear, place it clear of any swell that 
could carry it back into the water. 


EXITING ON TO A BEACH 

Only remove your fins and walk forward when 
exiting the shallows of a calm sea, or once you 
are out of the way of any swell. 





SIGNALING TO A BOAT 

Your dive plan should ensure that your boat cover 
knows roughly when you will surface. If you need 
help quickly, shout and wave a signaling flag. 


SIGNALING TO BOAT COVER 

If you are diving from a boat, remain 
close to your buddy with your regulator 
in place and signal to your boat that you 
are OK and awaiting recovery. If there 
is a problem or emergency (see p./4/) 
and you or your buddy require 
immediate recovery, wave to the boat, 
or draw extra attention to yourselves by 
blowing a whistle, shouting, or waving 





a flag. As the boat 
approaches, move to it 
with caution, keeping 
your distance until you 
have a signal from the 
boat that it is in neutral 
and safe to approach. 


EXITING ON TOA 

BOAT OR RIB 

To get into a rigid 
inflatable boat (RIB), you 
should first get a hold on 
the boat, either by a rope or by a handle 
on the side. Make sure your BC is 












inflated, hand your weight belt in first, 
and then slip out of your BC by 
unclipping one of its shoulder straps. 
Keep hold of it until someone from 
the boat can pull it in, along with 
your tank. You should then be able 
to kick with your fins and pull 
yourself up on to the RIB. 
If returning to a hard boat, 
head for the ladder and hold 
on to the bottom. Take 


SURFACE SKILLS AND 


DIVER GIVES “OK” SIGNAL 

A standard signal for “I’m OK” 
at the surface is to put your 
hand on top of your head, 
forming a closed arc. 





BOARDING A BOAT 

It is usually easiest to hand 
up any small items first, then 
hoist yourself up the ladder 
while still suited up. 


great care in a swell—the 
ladder will move in the 
water. The skipper or dive 
master will probably tell 
you whether to de-kit in 
the water or to enter the 
boat wearing your gear. 
You may be able to hand 
in your weight belt, BC and tank, but 
often it is easy enough to remove just 
your fins at the base of the ladder, hand 
them up to someone in the boat or hold 
on to them, and simply climb the ladder 
fully kitted up. If you feel you are not 
strong enough to do this, let someone on 
board know (preferably before you dive). 
Once on the boat, be aware that 
others may be waiting in the water to 
get on board. Stand back to let others 
on, stow your gear quickly and neatly, 
and then offer assistance if it is needed. 
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Post-dive and debriefing 


Your dive is over, and there is equipment to be cleaned and stowed, 
and records to write up while your dive is still fresh in your mind. 
Problems may have occurred during the dive, and questions may 
have arisen that need to be addressed. Now is the best time to do this. 





PRACTICAL MATTERS 

The first post-dive task is to wash your 
gear. You need to ensure that it is clean 
and free from mud or sand. If you have 
been diving in saltwater, then this also 
needs to be thoroughly rinsed off before 
the salt starts to corrode metal parts. 
Large dive boats and liveaboards usually 
have one facility for washing electronic 
equipment, such as computers and 
cameras, and another for your BC, 
regulator, and other gear. Rinse all items 
thoroughly to remove excess salt and 


sand, which can easily work itself into 
O-rings and regulators. There may also 
be facilities on board to dry your gear 
before stowing it away in a bag or box 
for your next dive. Make sure you follow 
instructions and do not leave gear lying 
around—this can lead to loss or damage, 
which may impede your next dive. If 
you are diving from a rigid inflatable 
boat (RIB) or small dive boat, you will 
need to find a water source back on land 
to rinse your gear, and then leave it to 
dry or stow it for transport. 





POST-DIVE AND DEBRIEFING 


ANALYZING THE DIVE 
There will normally be 
some sort of debriefing 
with your dive leader 
after a dive. This gives 
you an opportunity to ask 
questions about the dive 
(for example, to identify 
fish species that you did 
not recognize, or discuss 
problems with gear, 
navigation, or currents). 
This is a time when you 
can learn about the site 
for a future dive and share 
with others ways to improve skills. 

You should always fill in a log book 
after every dive, recording the depth, 
time, and conditions (including visibility, 
water temperature, and currents), as well 
as key features of the dive—details of 
a wreck, species encountered, equipment 


REACHING THE SHORE 
Eager as you may be to talk 
about what you have seen, 
attend to your gear first. 


















DIVER CLEANING GEAR 
Rinsing, drying, checking, and 
stowing your gear should 
become a post-dive routine. 
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configuration, the type 
of suit you were wearing 
and the weights you used, 
and any problems you 
experienced. The log will 
be a valuable reference 
for future dives. 

Finally, ensure that 
after every dive you are 
well rehydrated. You will 
have expended a high 





level of energy and will 
have lost fluids. Choose 
non-fizzy soft drinks or, 
ideally, water, to ensure 
that you rehydrate your body properly. 
Keep your energy levels up, especially if 
you are diving again soon, by having a 
good meal or eating a snack with a high 
energy content. If you are cold after a 
dive, get warm and dry—have a hot drink 
and get out of your wetsuit, if possible. 


LOOKING FORWARD 
If you are planning to make more 

than one dive in the same day, consider 
beforehand what your surface interval 
will be between dives. Aim to do your 
deepest dive first, and shallower dives 
subsequently. Make sure you are in 

good shape to dive again—if you have 
become cold or fatigued on the first dive, 
it is better to spend time recovering than 
to dive again too soon. 









DIVERS DEBRIEFING 
Talking to other divers in the post-dive get- 

together will help broaden your knowledge of 
diving, and you may pick up some handy tips. 
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Problem solving 


Diving is a safe sport if you follow the rules, avoid taking unnecessary 
risks, and always dive with a buddy. But that does not mean you will 
never encounter difficulties during a dive. Learning how to anticipate 
and solve problems is part of becoming an accomplished diver. 





KNOW YOUR LIMITS 
One of the most 
exciting things about 


perhaps, and there may 
be minor problems 
underwater that you 
diving is that no two have to deal with. In 
dives are ever the same. this unpredictable sport, 


Even consecutive dives you must be mentally 





on the same dive site, and physically prepared 
with the same buddy, for every eventuality. 
will be different due REGULAR SIGNALING To minimize the 
to changes in currents, Remain in close communication with —_Jikelihood of problems 


your buddy at all times, and signal to 


and incidents occurring 
each other regularly that you are OK. 2 


visibility, and your own 


attitude. Some days during a dive, do not 
you will feel great, and everything will dive without preparation in conditions 
work out perfectly, and other days you with which you are unfamiliar. For 
might be tired, have a slight headache, example, if you have never dived in 


a cave, wreck, or under ice, make sure 
that you undergo the relevant training 
__ before attempting to do so. Diving 

















in conditions for which you are 
nprepared will lead to anxiety, 
and sometimes to panic—and that 
is when problems often arise. 
The buddy system is important 
for your safety, but as a diver you 
must ultimately take responsibility 
for your own welfare. If you feel 
uneasy during a dive, tell your 
buddy, and either change or 
abort the dive. Never let 
peer pressure push you 
beyond your limits and 
training, even if this means 
that your buddy’s dive may be 
unsatisfactory. Buddy compatibility 
is important, since accidents can occur 
when two egos clash. 


LOOKING OUT FOR YOUR BUDDY 

Your buddy is your underwater lifeguard, but 
it is a two-way relationship—you also have to 
support your buddy when problems arise. 


PROBLEM SOLVING 


MENTAL AND PHYSICAL FITNESS 

Confidence, a positive mental attitude, good 
health, and good levels of fitness are essential 
ingredients for a safe, successful dive. 


ANTICIPATING EQUIPMENT PROBLEMS 
It is rare that equipment fails during 

a dive, but you should nevertheless take 
great care when assembling, storing, and 
servicing your gear. After all, this is what 
keeps you alive underwater, so it is worth 
spending time and money on keeping it 
in perfect working order. 

Consider “what if” situations ahead 
of a dive, and think through how you 
will deal with the failure of any element 
of your gear. Do you have a spare if your 
buddy is not close by? Your regulator 
should always have an octopus second 
stage (see p.61), to use as a backup in case 
your main second stage fails. 


HANDLING INCIDENTS CALMLY 

Many things can go wrong on a dive, but 
most are minor issues that can be solved 
without aborting the dive. Even serious 
problems can be dealt with if you remain 
focused and positive. Be persistent, and 
say “no” to failure. When you become 
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aware of a problem, stop, think, breathe, 
and then act. Whatever happens, do not 
panic—remember that your buddy is 
there to help. Make sure you are there 
for your buddy, too, and be quick to 
reassure or assist them if they appear 
disoriented or anxious. 


THE INCIDENT PIT 


Minor problems can escalate into major 
ones if you do not stay calm and deal with 
them methodically. Imagine that you lose 
your regulator while trying to ease cramp 
in your foot, and then fumble as you try 
to retrieve it. If you panic, you may inhale 
water, choke, and become disorientated. 
This type of scenario is known as the 
“incident pit”—stay out of it by thinking 
clearly and acting methodically. 





2/How to Solder 


With your soldering iron prepped, you're ready to begin soldering. This 
chapter has many helpful tips and techniques for soldering effectively, 
safely, and neatly. 


Working with Solder 


Solder is made of metal with a core that contains flux, which cleans the con- 
nection as you solder. When the metal melts, the flux begins to flow onto the 
joint. Some solder lead-based, but the solder in this kit is lead-free. To melt 
solder, heat it with the soldering iron as shown in Figure 2-1. 





Figure 2-1. Melting some solder 


Try melting some solder, but be careful not to drip it on yourself or anything 
other than a work surface. You can try pushing tiny balls of solder around on 
your work surface to see how it flows. If you have some bare hookup wire or 
similar metal, try heating it up by holding the soldering iron to it (don’t hold 
the wire while you're heating it). Touch a piece of solder to the wire, but 
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TROUBLE-SHOOTING 

The equipment problems you will 
encounter most commonly will involve 
your regulator, mask, and inflator hose. 

If your regulator comes away from 
your mouth and you cannot retrieve it, 
reach for your octopus second stage 
(see p.61) and breathe from it. If your 
octopus is not accessible for any reason, 
signal to your buddy, who should offer 
you their own octopus to use. Take a 
few breaths from this to calm down and, 
with your buddy’s help, locate your main 
regulator and replace it. 

Should air start to flow uncontrollably 
from your regulator, take the regulator 
out of your mouth and push the purge 
button, which should clear any grit that 


may be jamming the valve open. If this 


does not work, switch to your octopus 
second stage and signal to your buddy 
that your air supply is running down 
more quickly than normal. Monitor 


CALMING YOUR BUDDY 
Reassuring physical contact can 
help to calm a disoriented buddy 


RETRIEVING LOST REGULATOR 

A lost regulator is usually easy to retrieve, but if 
your buddy is finding this difficult, go to their 
aid and, if necessary, offer them your octopus. 


your air supply carefully, and ascend 
immediately with your buddy. Note 

that in very cold fresh water, freezing up 
be the 
cause of any free-flow, in which case 


of the regulator will probak 


purging will not help. In this scenario, 
you may need to breathe from your 
buddy’s octopus while performing a 
shared-air ascent together (see p.140). 











SECURING A BUDDY’S LOOSE TANK 

Some problems are difficult to solve alone, 
and you should not hesitate to alert your 
buddy if you need assistance. 


SOLVING MASK AND HOSE ISSUES 
If your mask is dislodged or starts to fill 
with water, simply clear it in the normal 
way. Lean your head back, press in the 
upper edge of the mask, and breathe 
out through your nose. The air bubbles 
you exhale will clear any excess water in 
your mask. At depth, this can 
seem daunting, so be 













REMOVING YOUR WEIGHT BELT 

You must be competent at removing your weight 
belt underwater, in case you need to adjust your 
weights or if your belt becomes snagged. 


prepared to practice this procedure 
until you are comfortable with it and 
can execute it confidently. 

On occasion, you may find that the 
inflator hose for your BC or drysuit fails 
to work. This is usually caused by grit 
becoming lodged in the valve. If 
necessary, BCs can be inflated orally, 
both underwater or at the surface. 


LOCATING A LOST BUDDY 
During a dive, you may find you lose 
sight of your buddy, especially in low 
visibility conditions. The correct 
procedure is to look around 
for a minute or two, and then 
surface independently. If your 
buddy is using a surface marker buoy 
(see p.74), it will indicate their position. 
Having located it, you can then follow 
the line down to find your buddy again. 
If neither buddy nor buoy is visible, 
signal to any boat cover to recover you; 
alert the coastguard if your buddy has 
not appeared after a few minutes. 
In all probability, your buddy will surface 
shortly after you do. You can then decide 
whether or not to resume the dive. 
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FREE AND BUOYANT ASCENTS injury. If, however, you have a little air 
If you run out of air, locate your buddy _left, you can make a more controlled 
and follow the procedure below. If you “buoyant ascent.” Let some air into your 


cannot find your buddy, you will need to —_ BC to kick-start your ascent, and tilt 
make a rapid “free ascent” by finning to your head back to watch for the surface. 
the surface. This can be aided by ditching Again, breathe out during the ascent. 
your weights, but be ready fora sudden — Control your ascent rate by venting air 
increase in buoyancy. Breathe out slowly from the BC, but not so much that you 
during ascent to prevent lung expansion __ lose buoyancy. Do not rise any faster than 





OUT-OF-AIR PROCEDURE WITH BUDDY 
If you have not kept track of your air 
consumption and find that you are out 
of air, locate your buddy and ascend 
using their octopus or pony bottle. If 

no alternate air source is available, then 
buddy breathe. This involves both divers 
using the same regulator, with each diver 
taking two breaths before passing it to 
their buddy. This is a complex procedure, 





Signal to your buddy that you are out of air ‘ fie 
by making a chopping motion at your however, that needs to be practiced if it 


neck with the flat of your hand. is to succeed in a real-life crisis. 





Your buddy will offer you their octopus 
second stage, or, if they have one, a 
separate regulator attached to a pony bottle. 





When your buddy is sure that you are OK Hold on to one another as you rise to the 
and your breathing has settled, you should surface. Make any decompression stops 
lock arms and ascend to the surface. as you would do during a normal ascent. 
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your exhaled bubbles. At the surface, 
signal to boat cover immediately. If there 
is no boat, swim to the shore. Your buddy 
will need to be found and, as you have 
ascended without safety stops, you will 
need to be monitored for DCS (see p./42). 


MAKING EMERGENCY LIFTS 

If your buddy is unconscious or injured, 
keep their regulator in their mouth and 
perform a buoyant lift to get them to the 
surface. This means holding on to your 
buddy’s harness as you ascend, using their 
BC to adjust buoyancy for both of you. 
Alert any boat cover once at the surface. 
If your buddy is not breathing, artificial 
ventilation (AV) may be needed until 
medical help arrives. If there is no cover, 
or if you are close to shore, you may 
decide to tow your buddy to safety. Both 
towing and AV require special training; 
if your dive training did not cover them, 
a lifesaving course is recommended. 


SIGNALING FOR HELP 
Supporting your buddy at the 
surface, wave one arm in a wide 
arc and shout to alert boat cover. 


OVERCOMING PANIC 


If you feel panic coming on, alert your 
buddy, stop moving, and steady your 
breathing. If your buddy panics, reassure 
them with hand signals but observe them 
from a safe distance, since a flailing arm 
can knock your regulator from your mouth 
or injure you. When they have calmed 
down, hold their hand or arm, make sure 
their regulator stays in place, and remain 
close until normal breathing resumes. 
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Decompression sickness 


If a diver ascends too quickly, the rapid pressure change causes 
bubbles of nitrogen to form in tissues and blood vessels (see pp.1 00-01), 
resulting in decompression sickness (DCS). This condition must be 





watched closely and treated quickly, since in extreme cases it is fatal. 





DCS SYMPTOMS 

Severe DCS may cause 
impaired vision and 
balance, convulsions, 

and even unconsciousness. 
Nitrogen bubbles can form 
under the skin, or become 
trapped in capillaries and 
restrict the blood supply to 
the lungs, slowing 
breathing, lowering blood 
pressure, and causing 
shock. If a bubble enters 
the brain or spinal cord, it 
can lead to paralysis or 
even death. Symptoms 


usually appear between one and six hours 
after surfacing, but occasionally do not 
manifest themselves until 24 hours later. 
They start with minor aches in joints, 
rashes, and itching. These will disappear 



















EMERGENCY OXYGEN 

It is vital that the dive boats 
carry an oxygen administration 
kit in case of emergencies. 


after a few hours in mild 
DGS, but with severe DCS 
they will be precursors of 
serious complications. At 
the first sign of symptoms, 
request emergency 
medical attention (from 
the coast guard, if you are 
at sea) and give basic first 
aid: supply the patient 
with 100 percent oxygen; 
keep them warm and still 
(ying down if possible); 
provide nonalcoholic fluids 
(ideally sports or 
rehydrating drinks); and 


apply pressure to joints to alleviate pain. 
The patient should be referred for 
medical attention and may need to be 
treated in a recompression chamber. 

If so, provide those in charge of 


the chamber with the diver’s symptoms 
and details of the dive. In the chamber, 


the pressure is raised until it causes gas 
bubbles in the diver’s tissues 
_ and blood to shrink. The 
diver is decompressed 


under controlled 
conditions, allowing 

_any residual nitrogen 
| to dissipate safely. 


JOOKING FOR SYMPTOMS 
n rashes and joint 
pains may be precursors 
of more serious problems. 
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il ha tal DCS AT SEA 
Fie * + Record the symptoms, 
if give first aid, and get 
| to shore if feasible— 
or wait for the coast 
guard to arrive. 
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Hand signals 


Good communication with your dive buddy is important, not just 


in an emergency, but also to monitor each other’s progress, share 


underwater experiences, and agree when to end the dive. ‘The most 


effective method of communication is to use hand signals. 





USING HAND SIGNALS 

Verbal communication is not an option 
underwater (see p.92) unless you are 
wearing a full-face mask, but most 
messages can be conveyed using a 
combination of hand signals and 
drawings on a slate. Using hand signals 
will allow you to exchange information 
with your dive buddy and even ask each 
other questions underwater. They can 
also be reassuring. 

Signal to your buddy regularly 
during a dive, as this will ensure that you 
remain in close contact and can easily 
notify each other of any problems that 
may develop. Repeat any sign that is not 
clear to your buddy, and acknowledge 
every signal that he or she makes with 
an “OK” to show you understand. If 
your buddy is slow to respond to a 


signal, check that they are OK. If you 
are diving at depth, sluggish responses 
may indicate the onset of nitrogen 
narcosis (see pp.100—01), which impairs 
reaction times and mental acuity. 

Signals are not just limited to 
showing each other how much air you 
have left or highlighting problems. ‘They 
can also be used to inform your buddy 
of interesting things you have seen, or 
to alert them to something you are both 
looking for, such as a particular marine 
organism. There are numerous signals 
for marine animals, and you can develop 
your own within your buddy pair. A 
common example is the use of a straight, 
upright hand (representing a fin) on top 
of your head, meaning “I’ve seen a 
shark.” Signals for animals like turtles 
and rays can be readily improvised. 


QUALIFYING THE SIGNAL 

To make it clear that a signal refers 
specifically to yourself—for example, 
“watch me”—point to yourself first. 
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COMMON HAND SIGNALS 


There are a number of standard hand 
signals that are essential to all divers, and 
you can also improvise new signals with 
friends. Always review signals at the start 
of a dive, especially if you are diving with 
a new buddy. Give signals to your buddy 


slowly and clearly, to ensure that they are 
understood. Use combinations of signals 
to convey messages more precisely (for 
example, something is wrong/I can’t clear 
my ears). Below are some of the most 
important and common diving signals. 


OK/Are you OK? 

Form an O with thumb 
and index finger. Point 
the other fingers up. 


1,500 psi (100 bar) left 
Form T-shape with 
hands to indicate 
1,500 psi remaining. 


Slow down 

Move palms slowly 
downward together 
(pivoting at elbows). 


es 
lam cold 
Hug yourself with 
both arms crossed 
to indicate chill. 


Something is wrong 
Tilt the flat of your 
hand from side to 
side, palm down. 


750 psi (50 bar) left 


Up/Let’s ascend 
Point thumb straight 
upward with fingers 
clenched in a fist. 


1 am out of air 


Make a fist, with palm Make a horizontal 


outward, to indicate 
750 psi remaining. 


Stay/Move together 
Move index fingers 
together, until 


I can’t clear my ears 


chopping motion 
across base of neck. 


Stay at this depth 
Hold both hands 
horizontally and move 
touching side by side. one over the other. 


Feeling breathless 


Down/Let’s go down 


Point thumb downward 


with fingers clenched 
in a fist. 


Stop 

Present flat of hand, 
palm outward, to halt 
buddy or other divers. 


Watch/Look 


Point at your eyes, then 
at subject of interest, or 


self, or another diver. 


Point at ear to indicate If you are feeling out of breath and need to rest 
for a moment, you should use the flat of your 
hand to mimic your chest rising and falling. 


you are having 
difficulty equalizing. 
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Developing your skills 


With any skilled pastime, it is important to keep your technique sharp. 
Many divers only dive once a year (or even less frequently), and it is 
easy to forget even basic skills during your time off from diving. 
Honing your skills in sheltered water is a good way to stay proficient. 





PERFECTING BUOYANCY inhalations and exhalations to make the 
Beginners, occasional divers, and even upper part of your body rise and fall. 
those who dive regularly will benefit Keep your fins on the bottom and your 
from practicing key skills in a pool or legs apart. They will act as the “hinge” 
sheltered water. Buoyancy is the most of your upward and downward 


fundamental diving skill of all, so itisa |= movements. The value of this exercise 
good place to start when reviewing your __ is that it trains you to use breathing to 
technique. Refamiliarize yourself with adjust your buoyancy, rather than 
buoyancy control with “fin pivots,” using controlling it only with your BC. Also, 
try swimming through 

a hoop with your arms 
folded—this will test your 
buoyancy control and give 
you an idea of the space 
you can squeeze through 
with your equipment on. 


To practice fin pivots, 

breathe in gently and feel 
your upper body rise, keeping 
your fin tips on the floor. Stop 
at a 45° angle to the bottom. 





Slowly release the air in 
your lungs until your body 
\ begins falling. Then, before 
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CONFIDENCE-BUILDING EXERCISES happen on an open-water dive, but if 
Mask clearing is one of the most basic, _ you are already prepared, you will be 
yet important, skills in diving. Building able to cope with the situation calmly 
coordination and confidence by and effectively. Practice all of these 
removing and replacing your mask, and __ exercises in a pool or sheltered water. 
even performing tasks without it, will 
improve your diving. It will also prepare 
you for minor upsets like your mask 
being accidentally dislodged. Begin 
building up your confidence slowly by 
removing and replacing your mask in 
shallow water, before repeating the 
exercise in deeper water. Repeat while 
swimming, and then try it with your 
regulator removed. You can also try 
swapping masks with your buddy. This 

is simply a variation on the solo exercises 
but also helps you to develop useful 
cooperative skills. 





Giving yourself other handicaps 


REDUCED VISIBILITY 


; : rae Most divers feel uncomfortable swimming with 
underwater. Try swimming with just one their mask removed, but with practice, you will 


fin, for example. Losing a fin can become confident performing tasks without it. 


can also help improve your confidence 





To exchange masks, kneel on the bottom Swap masks with your partner. It is much 

facing each other. Give each other the easier to keep your eyes open throughout the 
“OK” signal, then remove your masks, while exchange, but perfecting this by touch, with your 
continuing to breathe normally. eyes closed, is a very useful exercise. 





Don each other’s masks, and blow them Adjust the mask for comfort, then open your 
clear (see p.139). Ignore any urge you eyes and signal OK to indicate a successful 
feel to hurry when putting the mask on. In swap. The masks can then be swapped back 


particular, make sure the strap is not twisted. again for further practice. 


choose a point that’s an inch or so from where the soldering iron is touching. 
How close do you have to get to the soldering iron tip before it melts? 


Keeping the Circuit Board from Moving 


When you're soldering, you've got a lot to juggle: the soldering iron, the sol- 
der, and the two things you are connecting to each other. The helping hands 
let you place the items you're soldering in a stable position. Use the clips to 
hold the item in place as shown in Figure 2-2. But once you start inserting 
items into the board, you need some way to keep them from moving. “Placing 
a Component in the Board” on page 11 shows you how to do that. 





Figure 2-2. Holding a PCB in the helping hands 


Tinning Solder Pads 


You'll sometimes come across things that need a layer of solder to work 
right. For example, on the Learn to Solder Skill Badge, you need to put a 
bump of solder in place to give the battery a snug fit. With solder pads that 
are this big, you need to heat the pad with the iron really well; the pad is so 
large that it’s going to take longer to heat. It’s best if you melt the solder by 
pushing it onto the pad rather than pushing it directly against the iron. This 
makes sure that the solder flows thoroughly over the pad. If the solder 
doesn't melt, try tinning the tip again first. 


10 Learn to Solder 
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VARYING THE ROUTINE 

Skills exercises don’t have to be simple 
drills. Introducing an element of fun or 
setting an objective can motivate you to 
train for longer. Games for the pool or 
sheltered water include “hide the mask,” 
which forces you to navigate and search 
without your mask; or you can practice 
breath control by performing simple 
exercises without breathing apparatus, 
such as retrieving objects from the 
bottom, or swimming through a series of 
hoops, extending the course as your 
stamina improves. 


The seeker closes his eyes while the hider 
finds a corner of the pool to put the mask in, 
and returns to signal the seeker to start searching. 












“Hide the mask” begins with an “OK” signal 
from the seeker, once the diver who is going 
to hide the mask has removed it. 


The seeker opens his eyes and starts to 
methodically search the pool bottom until 
the mask is found and replaced. 





REMOVING AND REPLACING GEAR 
Familiarity with your basic gear is a vital 
skill. One exercise that helps to foster 
confidence in this area is to remove 

your scuba unit—that is, your BC and 
breathing apparatus, all fully connected— 
and put it back on underwater, keeping 
your regulator in your mouth throughout. 
This exercise should be carried out at 
the bottom of a pool or in sheltered 
water, and if you are a beginner or 
haven’t tried this before, it may be useful 
to have an instructor present who can 
guide you through the process. Start by 
undoing all fastening clips on the front 
of your BC and pull your left arm out 
of it first (even if you are left-handed), 
using your right arm to pull it around to 
your right. The BC jacket should now 


be in front of you, between you and the 
tank. Keep the hose for your regulator 
second stage between your arms 
(otherwise it may get caught under your 
shoulder strap when you put the unit 
back on). Then put the scuba unit back 
on by reversing the operation. 

For an extra challenge, once you 
have removed your BC, try removing 
your regulator from your mouth and 
swimming away to a distance of about 
30 ft (10 m), before returning and 
putting your gear back on again. 

Alternatively, try entering the water 
without your gear, then putting it on while 
treading water, keeping your head above 
the surface. This is a much more difficult 
exercise, and should only be carried out 
under the guidance of an instructor. 
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Pull the whole unit around To put gear back on, 

in front of you. Keep a firm reverse the operation, 
grip on your BC to avoid losing making sure all clips and 
hold of the scuba unit. fastenings are reconnected. 
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Dive fitness 





As a diver, you are reliant on your body as well as your gear for a safe 


and enjoyable dive—so make sure both are well maintained. Diving 


regularly helps keep you in shape, but it is important to maintain 


your fitness levels if you go for long periods without diving, 





HOW FITNESS AFFECTS DIVING 
Staying in shape reduces some of the 
risks associated with diving, and makes 
it more enjoyable. Having healthy lungs 
and an efficient circulatory system 
means you will use less air, so dives 
last longer. A good level of 
cardiovascular fitness will also help 

to prevent panic attacks, which can 

be triggered by a buildup of carbon 
dioxide in the blood. A fit body will 
expel this by-product of respiration 
more efficiently, reducing that risk. 
General strength is required for lifting 
equipment and other incidental tasks. 


Maintaining a healthy weight for your size 
is also advisable. When you dive, nitrogen 
builds up in the tissues of your body with 
each intake of breath, and fat retains 
nitrogen longer than all other tissue types. 
Therefore, if you are overweight and 
breathe rapidly because you are out of 
shape, you expose yourself to an 
increased risk of DCS (see pp.142—45). 

Weight loss and gain can also alter 
your buoyancy. Fat is inherently buoyant, 
so if you have put on or lost a lot of 
weight since your last dive, you must 
adjust how much lead weight you carry 
as ballast (see pp.118-21). 








TALKING THINGS THROUGH 


If you have any injuries or physically weak areas, let 
those diving with you know before you dive. Don’t be 
afraid to ask for assistance if this will help prevent injury. 


DEVELOPING A FITNESS REGIMEN 
There is no quick fix for getting and 
staying fit. Aim to exercise regularly, 
tailoring your routine to strengthen the 
muscles you use most during diving: those 
of your back, legs, shoulders, and arms. 
If you do not already exercise regularly, 
seek medical advice before embarking on 
a fitness routine. Start gently with easy 
exercises, and build up slowly. A routine 


GOING AGAINST THE FLOW 

Finning into strong currents 
places demands on your leg 
muscles and lungs. 
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based on the exercises overleaf 
could start, for example, with ten 
repetitions of each, building up 
to 50, three times a week. You 
should also aim to undertake 
regular cardiovascular exercise 
(such as walking or cycling), for 
30 minutes two or three times 
a week to improve your general 
fitness and respiratory health. 
Whatever exercise routine you 
decide to adopt, try to incorporate 
it into your normal daily routine 
wherever possible. A walk to work 
every day does more good than a monthly 
gym session. Never exercise after diving. 
This is a time when it is important not to 
do any strenuous activities—there is still 
residual nitrogen in your body, and this 
may form bubbles if you exercise too 
hard. Do some gentle stretches and take 
it easy for the rest of the day. Avoid hot 
baths or showers after diving, since these 
can also raise your vulnerability to DCS. 


PROTECT YOUR BACK 


Be very careful when carrying and 
loading heavy equipment. A poor lifting 
technique can result in pulled muscles, 
and possibly long-term back problems. 
A back injury can spoil a trip, but diving 
with a weak back can also be a safety 
risk: surface maneuvers, climbing onto 
boats, and exiting surf, for example, are 
all compromised by weakness in this 
area. If your lower back is vulnerable, 
consider transferring your weights from 
a belt to a harness (see p.7o). 


Loading dive equipment 
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WARMING UP 
Always warm up and stretch—especially 


your thighs, calves, and upper and lower 
back—before exercising, and spend a 
few minutes gently stretching and 
cooling down afterward. Many sporting 
injuries are caused by failure to warm up 
properly, so treat it as an important part 
of your fitness routine. 


ARM AND LEG EXERCISES 
Basic squats build up strength in your 
legs. Standing upright with your feet 
shoulder-width apart and your knees 
soft, place your hands on your hips 
and shift the weight back into your heels. 
Keeping your head and chest pointing 
forward and your back straight, bend at 
the hip and knees, as if you were sitting 
down onto a chair. Keep your heels on 
the floor; you should be able to move 
your toes, since all your weight is on your 
heels. Straighten and repeat. 

Lunges are a more advanced exercise 
for legs. Stand upright with one foot a 
good stride in front of the other, with your 


HEALTHY LUNGS 

Cardiovascular training builds up 
lung capacity, making snorkeling 
feel even more effortless. 





BASIC PUSH-UP 

The push-up is a great all-around exercise for 
the upper body and arms. Beginners can start 
with their knees resting on the ground. 


hips parallel and your toes forward. Your 
back heel should be off the ground and 
your front foot flat on the floor. Both 
knees should be bent and your back 
straight. Drop your body weight toward 
the floor until your front knee is bent at 
a 90° angle. You may have to tilt your 
pelvis forward to get this position right. 
Rise up and repeat. 

Biceps curls strengthen the biceps— 
muscles in the upper arms that are used 
whenever you lift anything. Using hand 
weights or a weighted bar, stand upright, 
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LUNGE EXERCISE 

Practicing lunges in front of a mirror will help 
you to get the position of your front leg right: 
knee directly over foot, bent to a right angle. 


with your back straight and knees slightly 
soft, and hold the weights in your hands 
with your palms facing upward. Without 
rocking or moving your shoulders, bend 
the arms toward the chest and then 
lower, taking care not to lock the elbows. 


EXERCISING YOUR TORSO 

Push-ups strengthen your shoulders, 
upper body, and core muscles. Lying on 
your front, bend your knees, curl your 
toes under your feet, and place your 
hands shoulder-width apart below your 


ABDOMINAL CRUNCH 

Always keep your lower back flat on the floor and 
never arched. For a harder workout, aim your right 
elbow to your left knee, and vice versa. 


shoulders. Press your body weight up 
and down from this position. Keep your 
back straight at all times and your 
elbows pointing out to the sides. 
Crunches strengthen abdominal 
muscles, which will help protect your 
lower back. Lying on your back, bend 
your knees slightly and place the soles 
of your feet on the floor. Place your 
fingertips behind your ears and lift your 
upper torso and shoulders off the floor. 
Hold this for three to five seconds while 
looking forward, then lower and repeat. 
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HYDRATION AND NUTRITION 


During a dive, you can burn as much 
energy as you would playing an aerobic 
sport, such as squash or badminton. ‘The 
precise amount will vary according to 
your fitness, the temperature of the water, 
and any prevailing currents. But while it is 


tempting to stoke up on a big fried 


breakfast in preparation for a day’s diving, 


better food choices before a dive are 


complex carbohydrates, which will keep 
you feeling fuller for longer and provide a 
steady supply of blood sugar to maximize 
energy levels while you are diving. Some 
foods may make you feel uncomfortable 
on a dive—commonly, greasy or hot and 
spicy dishes—so these are best avoided. 
After a dive, you need to replace the 
energy you have burned with foods that 
release energy into your blood relatively 
quickly, such as refined carbohydrates. 
Have something to eat within an hour of 
surfacing, if possible. Energy-replacement 
drinks can be a quick fix, but avoid those 


with a high caffeine content. 


















GOOD DIVING FOODS 

Whole-wheat bread, legumes, and unrefined 
cereals and pasta release energy slowly during 
a dive. Dried fruit and nuts make good snacks. 


Above all, the most important thing is 
to remain well hydrated before and after 
a dive. Your physical performance will 
be reduced if you become even mildly 
dehydrated, and this is a big issue if you 
are diving in warm waters where the 
outside temperature is also high. Aim 

to drink at least 2 quarts (liters) of water 
during the course of the day (more if it 
is hot). This will help to reduce muscle 


cramps and fatigue, and also helps 
decrease the risk of DCS. 


3 Ls AVOIDING PROBLEMS 
alae © tis important to get plenty 
* — of sleep before and after diving, 

to give your body a chance 
to recharge. Diving is physically 
demanding, and if you are run down, you 
are more susceptible to catching colds. 
If you do have a cough or a cold, you 
should not dive, because some symptoms 
of respiratory illness can prevent you from 
being able to equalize and may increase 
your vulnerability to DCS (see pp.100-01). 
Avoid taking decongestants, since these 
can impair your performance underwater. 


STAYING HYDRATED 

Make sure you drink plenty of still water 

to maintain good hydration. Tea, coffee, 

and carbonated drinks are no substitute. 
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FOODS TO EAT WHEN DIVING 
- 





The following list gives examples of the 
kinds of foods it is good to include in 
meals and snacks before and after a dive: 


BEFORE A DIVE Multigrain, whole-wheat, 
or rye bread; whole-wheat pasta; sweet 
potatoes; brown rice; oatmeal; bran- 

based cereals; legumes and nuts; beans; | 
leafy vegetables; and plain yogurt. 


AFTER A DIVE Pasta and rice (ideally in 
a salad or low-fat sauce); potatoes; fresh 
fruit; white bread or bagels. 











AFTER A DIVE 

It’s tempting to head for the bar after a day’s 
diving, but have something to eat, too. Even 
standing still in cold water burns calories. 


So can alcoholic drinks, which are best 
avoided the night before a dive because 
they can also contribute to dehydration. 
Divers sometimes experience minor 

ear infections, especially after days of 
continuous diving or if diving in slightly 
polluted waters. There are various ways 
of avoiding ear problems, including 
rinsing the ears with fresh water after 
every dive, or using an alcohol-based fluid 
designed for swimmer’s ear. 

Lastly, you should have a regular 
dive medical to check that you are in 
good enough shape to dive. If, between 
medicals, there have been any changes 
in your health since you last dived, then 


it is always best to have a checkup. 








Going diving 








Start with a little blob as shown in Figure 2-3, and spread it around evenly. 
When you've got the desired thickness, first pull the solder away, then pull 
the soldering iron away. Doing it in this order will avoid leaving chunks of 
solder behind. 
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Figure 2-3. Laying down some solder 


Placing a Component in the Board 


You don't want components falling out of the board while you're soldering. 
In fact, you'll often insert a component with the board upside down (see 
Figure 2-4), then flip the board over when you put it in the helping hands. So 
the components have plenty of opportunity to fall out. To keep the compo- 
nent in place, bend the leads out as shown in Figure 2-5. 


In some cases, you may need to quickly tack a component in place to keep 
it from moving. See “Stabilizing and Straightening Compo- 
nents” on page 14. 


Don't try to place every component at once. Start with low-profile (shorter) 
components, solder them in one at a time, and move on to higher-profile 
components. 
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Introduction 


Becoming a qualified diver is a tremendously exciting experience, but 


the range of choices facing you post-qualification can be daunting, The 


joy of diving is that within one sport lies a host of different specialties, 


all requiring different skills, knowledge, and planning techniques. 





RECREATIONAL DIVING 

Upon qualification, the world of diving 
opens up to you. Whether you become 
a casual resort diver or an advanced 
technical diver with a liking for the more 
extreme elements of the sport, only time 
and experience will tell. 

The broad spectrum of recreational 
diving encompasses many different 
environments and experiences, including 
reefs, caves and caverns, wreck diving, 
ice diving, freshwater diving, and night 
diving. There are also various specialty 
activities in which you can participate, 
such as filming and photography, wildlife 
and conservation diving, underwater 
archaeology, and free diving (diving 


without an air supply). The majority 





BEACH BRIEFING 

Becoming confident enough to conduct your 
own dives without a guide or instructor gives 
you greater freedom. Always plan and brief dives 
thoroughly before entering the water. 


of divers find that they derive most 
enjoyment from sampling a range of 
different environments and activities, 
rather than limiting themselves to one 
specific aspect of diving. 

Many new divers aim to acquire 
further specializations, pins, and 
qualifications from the moment they 







pass their initial training course. This 

urge, while understandable, should be 

tempered by the need to gain general 

diving experience. There is no substitute: 

for time spent in the water—what was 

once intimidating becomes familiar, 

helpful routines start to emerge, 

skills and safety consciousness 

improve, and knowledge increases. 

You will also feel more confident 

and comfortable in the water 

as you learn to tailor your 

equipment to your own needs. 
Only when you have served 

your “apprenticeship” by 

gaining experience of different 

environments and diving skills 

should you make any decisions 

about future specializations. 

Without putting in the hours 

underwater, you will find 

further training and courses 

more difficult, no matter how 

well structured and delivered 

they are. In addition, the 

more experience you have, 

the more aware you will be 

of your own likes, dislikes, 

and aptitudes, allowing you 

to make more informed 

choices for the future 

direction of your diving, 
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Fortunately, gaining general diving 
experience is relatively easy, with dive 
groups and clubs springing up in 
abundance to meet the sport’s growing 
appeal. Furthermore, dive travel is so 
well established that almost any region 
of the world is now accessible, and 
opportunities to dive exist in virtually 
every coastal resort around the world. 





A whole range of diving encounters are 
available—from a casual beach dive PLOTTING YOUR FUTURE COURSE 


through to full-blown expeditions— The more experience you gain, the better 
informed you will be when deciding whether 


all easy to arrange via the Internet or . ie 
or not to pursue a particular aspect of diving. 


through dedicated dive travel agencies. 
PROFESSIONAL DIVING 


The enjoyment of diving leads some 






































people to consider a full-time career in 
which diving plays an essential part. 
Diving professionals range from 
recreational instructors and dive 
masters, whose main role is to 
introduce others to diving, through 
to military experts, commercial 
specialists, scientific divers, 
fishermen, and underwater 
cameramen and photographers. 
Further skills are always 
needed to succeed in your 
chosen career—an underwater 
filmmaker, for example, must 
be an accomplished camera 
operator as well as a superb 
diver, and an instructor needs 
good communication and 
teaching skills, in addition to 
first-class abilities in the water. 
Professional diving can 
offer excellent rewards, both 
personal and financial, but 
they tend to be well earned. 
Professionals must dive in all 
conditions and at all times, 
and the work is often arduous 
and sometimes dangerous. 


PREPARING FOR AN ICE DIVE 

Diving under ice is thrilling, but it is not 
for beginners. The hazards of enclosed 
surroundings and extreme cold mean 
that special training is required. 
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Identifying your aims 


Time spent researching a dive is time well spent. Not only does it 


help you to unearth new attractions and clarify the aims of the dive, 


but it is also likely to heighten anticipation, enhance safety, and 


maximize the pleasure and interest you derive from the trip. 





ASSESSING AIMS 
The nature of dive 
research will vary from trip 
to trip, but certain core 
issues should always be 
taken into consideration. 
Identifying the divers 
is obviously one of the 
first items to be addressed. 
Diving is not, as a rule, 
an individual sport, so of 
necessity others will be 
involved in the dive itself. The 
experience and qualifications of divers 
within a group will vary, and what may 
be a comfortable dive for one person 
may be extreme for another. Time spent 





BEGINNING RESEARCH 

Use magazines, books, and 
maps to highlight basic issues 
that you can then investigate in 
depth on the Internet. 


discussing qualifications 
and experience levels may 
well prove invaluable in 
establishing the ideal dive 
location and activity for 
the group as a whole. 
Along with making 
sure that you have the right mix of 
divers, you will need to ensure that their 
aims are not likely to conflict. Imagine 
the scenario, for example, of an avid 
photographer preparing to take an 


TROPICAL CONSIDERATIONS 

When planning tropical dives, consider 
the effect of local weather patterns. 
Runoff from tropical islands in the wet 
season, for example, may impair visibility. 








DIVING WEBSITE 

The Internet is an invaluable research resource, 
allowing you to access the opinions and advice 
of authoritative dive organizations. 


award-winning image of a sunken ship, 
when an impatient wreck enthusiast 
swims in front of the camera lens and 
ruins the shot. Establishing the main 
aim of the dive at the outset, or even 
allocating buddy teams with the same 
interests, should prevent such problems. 
When diving with a local operator, 
try to check out their credentials. In many 
parts of the world there are associations 
set up by groups of respectable operators 
to govern the local dive industry. Failing 
that, many tourist boards and even 
government agencies require dive 
operators to register—it is always worth 
getting an independent view of your 
potential host from these organizations. 


LOCATION AND TIME 
Conditions can vary greatly along even 
the most bland section of coastline or 
within the most innocuous-looking body 
of water. Choosing an exact site in 
advance has the benefit of allowing 
very specific research into local issues. 
Key questions to be answered include: 
what are the hazards involved? Where 
are the established entry and exit points? 
What are the divers likely to encounter 
during the dive? What is the tidal range? 
What are the prevailing currents? 

The timing of the trip is also 
important. Tides, for example, may 


affect not only visibility, but also the 
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marine life present, as well as entry and 
exit considerations. Marine life will also 
be influenced by seasonal variations, 

as will water temperatures. Furthermore, 
a different range of marine animals may 
well be present at night than during the 
day, while boat traffic and use of the 
area for other watersports will vary 
throughout the day and the week. Diving 
at the wrong time can make the event 

a disappointing experience. 

Safety is the most important area of 
your research. You will need to assess the 
conditions you are likely to encounter— 
waves, currents, depth, temperature— 
and the facilities available to you should 
an accident occur. You should not show 
up at a dive site unless you know the 
exact location of the nearest hospital, 
recompression chamber, and casualty 
evacuation facilities. Knowing how to 
contact these agencies in an emergency 
is also crucial—researching phone 
numbers in the comfort of your own 
home is infinitely better than trying 
to do it on a rocking boat while caring 
for an injured diver. 





UNDER THE ICE 

The possibilities for thrilling diving trips around 
the world are almost endless, limited only by 
time, budget, and imagination. 







Planning a trip 


Armed with the fruits of your research, you will have a clear idea of 
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where you want to dive, when you want to go, who you will be diving 


with, and what you will see when you get there. The final task before 


your departure is to plan the trip in as much detail as possible. 





REALISTIC TIMETABLING 
Most trips revolve around 
a key moment in time— 
the instant when the 
divers enter the water. 
This is often determined 
by a certain phase in the 
tide when the diving is 
most favorable, or by the 
desire to dive at a specific 
time of the day or night, 
such as when the Sun is 
high for photography, 

or in the gathering dusk 
when the reef is at its 
most active. A realistic, workable 
timetable is thus vital to achieve such 
time-specific goals. 

Devising a timetable, such as the 
chart below, by working backward from 
the moment you aim to enter the water 
is the best way to plan your diving day. 
This method is used by many divers to 


REVERSE TIMI 


A diver knows they must enter the water 
at 3:00 pm to dive during slack water 
between the tides. They work backward 





PACKING YOUR EQUIPMENT 
Checklists and routines will 
help to ensure that all your 
gear makes it to the dive site. 


ensure that their diving 
is as stress-free and as 
enjoyable as possible. 


PRESSURE TEST 

Before you start packing 
your equipment for a dive, 
carry out a pressure test. 
This involves rigging the 
gear to a tank, and 
ensuring that the seals 
and regulators are all 
functioning as they ought 
to be. This is also a useful 
means of ensuring that 
your tank is full prior to departing for the 
dive site. There is no more sickening 
sensation than journeying to a dive site, 
looking out over perfect conditions, 
assembling your dive gear, and turning 
on the air to be greeted by a cacophony 
of hissing regulators and seals—or, 
indeed, the tank itself being empty. 


from this to calculate a realistic departure 
hour, building in a contingency to ensure 
arrival at the dive site in good time. 





1 hour 12:45 pm 
30 min 12:15 pm 





PACKING WITH CARE 

The greatest cause of the postponement 
or cancellation of dives is forgetting 
pieces of gear. A fool-proof method of 
guaranteeing that you pack all of your 
equipment is to load your gear into your 
dive bag at home in the order that you 
will be putting it on at the dive site. 
Visualizing your arrival at the site and 
suiting up will lead you to load your dive 
bag in the following sequence: suit, 
boots, knife, weight belt, tank, BC, 
regulator, computer, hood, mask, 








CAVE DIVING 

For more complicated trips, such as cave dives, 
special equipment may be necessary, and this 
must be factored into your planning. 


snorkel, fins, gloves, and finally any 
ancillary items (safety sausage or DSMB, 
flashlight, slate, and so on). 

An alternative packing technique is to 
run through a checklist from head to toe, 
and again pack your gear in that order. 
The list then runs: hood, mask, snorkel, 
suit, regulator, BC, tank, computer, 
gloves, weight belt, knife, boots, fins. 

There are innumerable ways 
of trying to ensure that no item 
of equipment is forgotten, but 
the most effective are those that 
are convenient, quickly become 
a habit, and take little time. 


DIVERS ENTERING THE WATER 

A realistic timetable will ensure that 
suiting up and briefing on site is not 
rushed, and that you do not miss your 
window of opportunity with the tide. 
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Site-specific planning 


Pre-dive research is important, but there is no substitute for a thorough 


assessment of the site on the day of the dive. This may highlight 


issues not raised by your research, and allow you to make adjustments 


to accommodate changes in conditions before the dive starts. 





FINALIZING YOUR PLAN 

Once you know when and where you 
are going to dive, you must devise a 
practical plan for each of the dives you 
mean to conduct on the day. Whether 
you are planning for just yourself and a 
friend, or for a larger group, always take 
local conditions into account before 
settling on a final dive plan. 

You must address a number of key 
points in your dive plan. First, it should 
broadly define the aim of the dive, the 
dive’s entrance and exit points, and its 
general route, as well as describing an 
alternative exit in case the main choice 
is inaccessible. It should also define the 
dive’s maximum depth and time, as well 
as decompression restrictions, and 
should specify the minimum reserve of 
air that divers must surface with at the 
conclusion of the dive. 

Depending on the aim of the dive 
and the experience of the group, special 
signals may be required. It is imperative 
to select diver recall systems—the signals 
or sounds that will be used to indicate 





INSPECTING THE DIVE SITE 

Resist the temptation to enter the water as quickly 
as possible. Assess the conditions and inspect 
the site, noting the dive’s entry and exit points. 





LA 
UNLOADING THE GEAR 
Even if you feel sure that every item of gear was 
packed before the trip, double-check on site that 
you have everything you need. 





that the dive should be aborted. Your 
plans for the dive should also identify 
any potential hazards that may be 
encountered. If an incident occurs, what 
procedures should be followed? Define 
what action to take if divers become 
separated—in murky waters, this is one 
of the most common reasons for dives 
being aborted. Make sure that the divers 
you intend to pair together as buddies 
share similar interests or levels of 
experience, so that there are no conflicts 
of interest during the dive. 

Assess local conditions and examine 
weather reports; worsening weather 
conditions might dictate a move to a 
more sheltered site nearby, or rule out 
the use of a boat. Finally, ensure that 
the designated shore marshal or dive 
supervisor understands their duties, 
including recording tank pressures 
and the times that divers enter the 
water, and responding to incidents. 
Provide them with contact details 
of local agencies to be informed 
in the event of an emergency. 





SITE-SPECIFIC PLANNING 





THE DIVE BRIEFING 


The final task is to brief the entire dive 
crew. The briefing, which should ideally 
take place overlooking the dive site, must 
cover all aspects of the dive plan, and 
include not only divers, but also shore 
marshals, deck hands, and anyone else 


ENTERING THE WATER 
By the time you enter the water, everyone 
involved with the dive should be fully 
aware of the dive parameters. 
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OUTLINING THE PLAN 

If it helps, you can always draw 
simple sand maps to clarify the 
route to the other divers. 


associated with the dive. 

At the end of the briefing, 
ensure that all the divers 
clearly understand the 
constraints of the dive plan, 
and are fully prepared for 
the dive. After any final 
questions from the group, 
the dive can begin. 

The simple maxim “plan the dive, 
and dive the plan” is an old one, but its 
worth has been proven over time. 
Following it means that all of the divers 
will get the most they can from the dive, 
and, importantly, will enjoy it in safety. 
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Wreck diving 


Exploring wrecks is—for many people—the main reason to dive. ‘This 


activity is particularly popular in countries without coral reefs to dive 


on. However, it also has a general appeal, because wrecks give a 


historical context for a dive and demand mastery of special skills. 





DIVING ON WRECKS 
Sunken ships have an 
obvious attraction as 
sites of archaeological 
and historical interest. 
A wreck is a time capsule 
from a given period, and 
the waters around most 
countries contain 
thousands of them. 
Although most known 
wrecks are metal-hulled 
vessels, unusual conditions 
will sometimes preserve 
wooden-hulled ships 
dating back hundreds of 
years. These provide an 
excellent opportunity to examine past 
shipbuilding techniques, and sometimes 
hold interesting and unusual artifacts. 
To explore significant wrecks, you should 
be properly trained and, preferably, work 
within an archaeological organization. 
Information on recent wrecks, such 
as warships sunk during the two world 
wars, is usually readily accessible. It is 
often possible to research the 
specifications and history of the vessel, 
along with details of its crew and 








DESCENDING A GUIDELINE 
Popular wrecks often have 
a buoy moored to their 
structure to make location 
and descent easier. 


mission. Historical 
records may give details 
of the events surrounding 
the sinking of the ship. 
Wrecks also make for 
good diving because they 
act as artificial reefs, 
attracting all sorts of 
marine life. Over time, 
the structure becomes 
encrusted with marine 
growth, especially filter- 
feeders, if it lies in a tidal 
stream. Fish exploit the 
safety and shelter that 
wrecks offer: smaller fish 
tend to shoal around 
wrecks; larger fish, such as moray or 
conger eels, can hide safely in nooks and 
crannies; and predators, such as sharks, 
may be found in the wreck’s surroundings, 
because they feed off the smaller fish. 


PREPARATION AND SKILLS 

Wreck diving can be a fascinating 
activity, but it is not without risks. 
Under no circumstances go inside a 
wreck if you lack appropriate training 
and equipment; the danger of 
entrapment is very real, and 
specialist knowledge and skills 
are required to enter wrecks 
safely. Exploring the outside of 
wrecks is safer, but always treat 
such sites with respect. 


TANK IN TRUK LAGOON, SOUTH PACIFIC 
Wreck diving is not just about ships; 
crashed aircraft and military vehicles 
carried by sunken vessels provide 
equally enthralling alternatives. 
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Figure 2-4. Inserting an LED 
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Figure 2-5. Bending out the leads 
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FINNING TECHNIQUE 

Wrecks often contain a lot of static silt 
and mud, which is easily disturbed by 
changes in water currents caused by 
divers finning overhead. Good visibility 
can suddenly and dramatically change to 
almost zero, so using a frog kick (see p.123), 
which generates relatively little turbulence, 
is recommended to minimize disruption 
of the silt. The best time for wreck diving 
is at slack water, but a small current can 
help sweep away any disturbed silt. 


USING GUIDELINES 

When you arrive at the dive site, ensure 
that your boat cover is moored to the 
wreck’s marker buoy. If it doesn’t have 
one, an experienced diver needs to swim 
down and attach a guideline directly to 








DIVING IN CONFINED SPACES 

Wreck penetration often involves exploring in 
dark, confined spaces. It is not recommended 
for those with claustrophobic tendencies. 


the wreck, to act as a guide for other 
divers to follow. If you intend to return 
to the surface via the same guideline, 

it can be useful to use a distance line 

(see p.127) to help you find your way back 
to the bottom of the guideline, especially 
in poor visibility. If you plan to ascend 
from another part of the wreck, deploy 
an inflatable marker buoy (see pp.130-3 1). 


PENETRATING WRECKS 

When wreck diving, you should carry 
backups of certain pieces of gear, such 

as your reel and your flashlight, as well 

as an independent air source, such as a 
pony bottle (see p.68), in case 
of emergencies. You must also 
ensure that you follow the 
“Rule of Thirds” (see p.117) 
with your air consumption—a 
third of your air is used to get 
to the site and explore, a third 


LEVEL POSITIONING 

The frog kick is a gentle swimming 
stoke that mainly causes turbulence 
in the water behind and not below 
you, and so does not kick up silt. 


to return to the point of entry, and a 
third is left in reserve as a contingency. 
Allow extra time at the end of the dive 
to find the guideline, and do not take any 
unnecessary risks with your dive time, 
depth, or penetration. 


EXPLORATION TIPS 

It is a good idea to investigate the area 
around a wreck, since artifacts may have 
spread over time and pieces of wreckage 
may have been knocked off that might 
be of interest, but take great care. 
Always be aware that the structure 

(both inside and outside a wreck) may 
be much degraded and potentially 
dangerous. Wear protective gloves, even 
in warm waters, as corroded metal can 
be sharp. Wrecks are often heavily 
fished, so carry a knife in case you 
become entangled in fishing line. You 
also need a powerful flashlight (and a 
backup) to illuminate your way in poor 
visibility, and to signal to your buddy. In 
some very enclosed wrecks, it is advisable 
to wear a helmet and head lamp. 


DIVER USING WRECK KIT 

Carrying extra air and nitrox is a failsafe, and 
can help to extend dive times and shorten 
decompression stops. Good light sources 
and dive plan information are also essential. 
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THE GOLDEN RULE 














Never remove items from a wreck. As 
with any artifact, marine finds are more 
useful to archaeologists when examined 
in situ, and their context provides more 
information about the wreck than if they 
are handed in without details of where 
they were located. Worse still is if they 
are lost forever in a diver’s personal 
artifact collection. 





RESPONSIBILITIES WHEN DIVING 


Wrecks are historical sites, and just as 


you would not remove artifacts from a 
historical site on land, such as a castle 

or monument, you should also respect a 
wreck and not damage it in any way. Be 
considerate of the enjoyment of others 
who may dive the wreck after you. Dive 
responsibly and with care, and do not 
remove anything without being given 
permission to do so. When you find an 
artifact, such as a ship’s bell, after a long, 
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hard search, you may feel that you 
deserve to be able to take it away as a 
trophy, but all such discoveries should 
remain where they were found, or be 
raised by trained archacologists for 
preservation in a museum. 


WOODEN-HULLED VESSELS 

Most of the wrecks that you are likely to 
explore will be metal-hulled, but wooden 
ships are also preserved under some 
conditions. Avoid touching the wooden 
structure, as it is likely to be extremely 
fragile. Historic wooden vessels may 
have been lying protected under sand or 
silt for many hundreds of years. If you 
want to expose parts of the wreckage for 
any reason, you should do so by wafting 
your hand over it to remove the silt, 
creating a current to take the silt away. 


WRECKED BY DESIGN 

The former US Coastguard cutter Keith Tibbetts 
was sunk deliberately at Cayman Brac to provide 
an artificial reef for divers to explore. 


Wrecks from the two world wars can 
provide fascinating dive experiences 
for military history buffs, but remember 
at all times that they may also contain 


live ammunition that could potentially 
be very dangerous. Never touch 
anything that resembles a shell or mine, 
and research what you are likely to find 
on the wreck before diving. 





ARTIFICIAL REEFS 

At some popular dive sites, wrecks have 
been sunk deliberately to provide a safe, 
interesting dive at a reasonable depth for 
recreational divers. Such wrecks quickly 
become colonized by marine life and 
provide a fantastic opportunity for diving 
and marine research. They are generally 
a good place to start wreck diving, since 
the structure will be intact and any 
hazards will have been removed. At 
some wreck sites there are special diving 
trails with underwater display boards to 








explain the layout. There may also be 
laminated booklets that you can take 
with you on the dive, which enable you 
to read about the most interesting 
features of the wreck while on site. 


VIRGIN WRECKS 

Every wreck diver’s dream is to find 

a previously undiscovered wreck—and 
there are certainly still plenty to be 
found. Before you embark on such a 
search, you should familiarize yourself 
with the law regarding wrecks, and any 
wreck you find should be reported to 


















the authorities. Generally speaking, you 
can dive any wreck around the world 
apart from those that are designated as 
historic wrecks and war graves, which 
are restricted and require special 
permission to dive. 

Locating a virgin wreck can be a 
icult, lengthy task, and is likely to 
expensive. But a modern hardboat 
an experienced skipper and high- 


3-D imaging of the seabed, and a GPS 
system, combined with charts and some 
good background research on your part, 
could help you hit the jackpot. Many 
undiscovered wrecks are found in very 

_ deep water, so make sure you are fully 


ech equipment such as an echo sounder, 
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RESPECTING HISTORY 

Many wrecks sunk during 
conflict are official war graves 
and may not be dived. 


FINDING OUT MORE 

If your interest in a wreck 
goes beyond merely diving 
it and you wish to 
enhance your dive by 
finding out more about 
the wreck’s history, there 
are a number of available 
sources of information. 
Good starting points 
include books on wrecks 
in the area that you are 
diving, and using the Internet to do 
some background research. There are 
numerous websites and forums where 
you can discover more about wrecks, 
and also make contact with other 

divers interested in finding new wrecks. 
Furthermore, local museums may have 
displays of artifacts recovered from 
wrecks in the area, and local divers 

and boat skippers may be able to reveal 
information about the history of a wreck. 


EXPLORING VIRGIN WI 


If you are searching for a particular 
undiscovered wreck, it is important to 
start your research in the archive. 
Studying the ship’s specifications and 
plans will help you identify any remains 
that you find, and determine whether 
they belong to the subject of your 
search. It is a good idea to take video 
footage of anything you find on a dive, 
as this is a nonintrusive method of 
recording the remains, and the footage 
will be critical in identifying the wreck 
and for showing to experts. 


Navigational chart 
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Nature and conservation diving 


Recreational divers represent a huge pool of manpower that can 


potentially contribute to conservation work. Many divers take up the 


sport due to an inherent fascination with nature, and more and more 


are now applying their skills to organized conservation projects. 





DIVING RESPONSIBLY 
Most divers have a certain 
level of knowledge and 
enthusiasm for marine 

life and the ocean 
environment, and realize 
that along with the thrill 
of exploration comes 
responsibility. Divers are 
in a unique position to 
observe the deterioration ’ 
of busy coastal margins 
around the world and, 
with the development of 
the modern ecotourism 
market, are now also able 
to actively contribute to conservation 
projects in the same regions. 

At the most basic level, conservation 
work simply means responsible diving by 
anyone taking up the sport in the first 
place. Always adhere to a “no-touch” 
rule when diving delicate reef systems; 


USING IDENTIFICATION SLATES 

To familiarize themselves with marine life during 
a dive, divers use species identification slates— 
waterproof cards with pictures of the species 
likely to be found at the dive site. 










A group of divers at a 
conservation site discuss the 
work they will be conducting. 


you will find this 
vigorously enforced by 
most dive operations 
around the world. 
Good buoyancy control, 
streamlined equipment, 
and a respect for the 
varied inhabitants of 
the sea are now widely 
taught as the only way 
to dive, and as a result 


—1. 


GOOD PREPARATION 


even heavily dived 
areas experience less 
habitat disturbance 
than they used to. 











MAKING A DIFFERENCE 
Voluntary work, though often conducted 
at the most basic level, can nonetheless 
be extremely significant at a local and 
even international level. The efforts of 
one voluntary organization alone—Cor. 
Cay Conservation—contributed greatly 
to the establishment of the Belize Barrie 
Reef (see pp.3 16-17) as a World Heritagi 
Site, and have seen eight Marine 
Protected Areas (MPAs) established 
around the world in the last 20 years. 
Formally observing and recording 
marine life is not just the preserve 
of the scientific expedition. 
Significant work has been 
done by enthusiastic 
amateurs. Organized 
conservation and 
monitoring projects range 
from casual one-day beach 
cleanups run by local diving 
clubs, to multi-national 
operations setting up nature 
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reserves throughout the world. Diving 
conservation is now big business, with 
hundreds of organizations around the 
world claiming (with varying levels of 
accuracy) to run projects that contribute 
to scientific knowledge or the 
establishment of marine reserves and 
protected areas. Most organizations put 





volunteers through an intense training 
period before allowing them to take part | REEF EXPOSED 


in even relatively simple sampling or A healthy reef at low tide. Rising global 
temperatures are harming coral, and sights like 


monitoring programs. : : 
8 pros this may become less common in future years. 


FIRST PRINCIPLES experience to be able to keep a watchful 
There are two principal considerations eye on the ever-present factors of depth, 
that must be borne in mind by anyone time, and potential hazards while 
working as a diver on a marine simultaneously making meticulous 
conservation project. The first is safety. observations. Enthusiasm for the work 


You need good diving skills, and enough being undertaken must not distract you 





PRESERVING HABITATS 
Carrying out conservation 
work not only allows you to 
give something back to the 
marine environment, but 
may give you the opportunity 
to visit exotic destinations. 
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from the normal rules of safe diving. 


The second factor is consideration for 
marine life. Unless you are working 
under the direction of a well-recognized 
conservation group, you must only 
gather data without touching or 
harming the marine environment. 

Both marine algae and animals should 
be recorded only in situ. 


WORKING TOWARD OBJECTIVES 

Good science starts with a clear means 
to identify the subject of the research. 
In the case of most amateur enthusiasts, 
this means reading up in accurate 
reference works and guides about the 
dive environment in question. A further, 
essential part of any observation 
program is the need to record data 
effectively, requiring not only a means 
of noting down results, but a framework 
of headings and categories that remain 
the same for the entire observation 


CORAL MONITORING PROGRAM 
Advanced or potentially invasive techniques 
should only be used under the direction of a 
recognized conservation group. 


FINDING A PROJECT 


Conservation, to paraphrase an old 
adage, begins at home. There are 
marine ecology programs in most 
countries, and interested divers can 
usually find groups in their area that 
contribute to protecting the local marine 
environment. Search the Internet and 
specialty diving magazines to find 
suitable organizations local to you. 





program. Only by combining these 
two important factors—accurate 
identification and consistent record- 
keeping—can you accomplish truly 
effective research and monitoring. 
Repeated observation of species 
populations within a given area, for 
example, can provide invaluable data 
for analysis by research groups. Your 
recordings may help local initiatives, 
or possibly go forward to form part of 
a much larger-scale project, in which 
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J i) 
DIVING AT A MARINE RESERVE 
Even a little research into how and why an area 
is protected will add food for thought to your 
enjoyment of the dive. 


complex statistical techniques may 
be used to draw conclusions with far 
greater significance than you perhaps 
imagined when gathering your data. 


EQUIPPED FOR THE JOB 


Although this is the age of the computer 


and of instant global communications, 


most scientific expeditions still use some 


fairly basic equipment to record data in 
the field. Observation strategies can 
begin with nothing more than a sharp 
pair of eyes, an underwater slate, and 
a good guidebook. An additional item 
that can be extremely useful is a 
magnifying glass. This simple tool 
greatly enhances enjoyment and has 


become essential for many divers around 


the world when diving complex reefs. 
Underwater photography and 
videography, if correctly documented, 
can provide potentially valuable 
information. In an organized program, 
you may receive training in advanced 
techniques, such as the use of catch 
bags, nets, and quadrats, or in ways 





to ensure that the target region is 
sampled effectively, such as GPS 
systems and datum lines. Effective 
sampling and observation does not 
necessarily require high-tech gadgets, 
but an effective strategy to ensure 
scientific integrity in the results you 
achieve is essential. 


A CAREER IN CONS 


Should you wish to develop your 
interest in conservation techniques, 
there are many courses and reference 
works available. Formal qualifications 
may be sought at undergraduate and 
postgraduate level, although demand 
for places is extremely high. Jobs in this 
area are also relatively difficult to come 
by. However, the rewards for persisting 
in either scientific or conservation work 
can be immense. 


The loggerhead turtle, an endangered species 
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Photography and videography 


Since the dawn of diving, there has been interest in capturing images 


of the remarkable ecosystems and animals of the sea. Although 


underwater photography was initially a complex process, advances 


in technology have seen it become an accessible, absorbing pastime. 





EARLY PIONEERS 
The development of underwater filming 
and photography has mirrored the 
evolution of diving itself. Early pioneers 
made their own waterproof housings for 
cameras, but the invention of the O-ring 
(enabling watertight hydraulic seals) in 
1937 and the Aqua Lung in 1943 
convinced camera companies that they 
should make and sell their own designs. 
What prompted this was the huge 
appetite for images of the underwater 
world. The rapid growth of recreational 
diving, and growing interest in underwater 
films among movie audiences, spurred 
the development of underwater film and 
stills photography equipment. Although 
the first underwater film was made in 
1939 by diving pioneer Hans Hass—an 
instructional documentary for spear- 
fishermen called Stalking Underwater—the 
first truly commercial underwater movie 
was made by Jacques Cousteau in 1956. 
His feature film The Silent World was an 
Oscar-winning sensation that established 
him as the world’s premier underwater 


filmmaker and explorer. 








MINUTE SUBJECTS 

One of the most interesting aspects of 
underwater photography is macro (close-up) 
work. Tiny creatures can make dramatic subjects. 


GROWING MOVEMENT 

Until the early 1980s, underwater 
stills photography and filming was seen 
as the preserve of either the dedicated 
amateur or full-time professional diver. 
Underwater photography was brought 
to the masses with the development of 
the Nikonos series of amphibious 
cameras—culminating in the Nikonos 
V, still viewed by many as the best 
underwater camera ever made. 











Underwater filming did not become 

a popular pastime until the mid-1990s, 
when digital video cameras came onto 
the market, making moving 
pictures cheaper and 
technically easier for 
amateurs to produce. Digi 
imaging also revolutionizec 
stills photography 
underwater. Small, easy-t 
use digital cameras with: 


STALKING A SUBJECT 
Photographing marine specie 
underwater requires guile an 
a good understanding of ani 
behavior and habitats. 
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many automated functions have 
made it simpler for divers to 
record high-quality images of 
their underwater experiences. 
Despite this, the jump to 
producing professional-standard 
material remains as great as ever. 
Light behaves very differently 
underwater than in air (see p.183), 
and there are myriad extra factors 
to take into consideration when 
aiming for truly professional 





results. The work that you see on 
the page or the screen may well CAMERA CONTROL 


have involved lengthy planning, Though cameras, especially digital models, have become 
smaller and easier to use, it still takes great skill to wield 


complex equipment, and the 
P pies . one effectively underwater, especially for video footage. 


specialized skills of a professional 


post-production studio. impeccable diving skills. Add to this 
However, the same principles that mix some tips on technique when 
guide professionals can enhance amateur photographing and filming underwater, 
work. You must have knowledge of and you will be well placed to get the 
the underwater environment and the best from the dazzling range of camera 


behavior of target animals, and possess _and video gear available to divers. 


USING LIGHT CREATIVELY 

An understanding of how light 
behaves underwater is essential 
to capture a mood effectivel 


Knowing Which Way a Component Goes 
In 


Some components don't care which way you put them in: resistors, some 
capacitors (such as the one that comes with this kit), and many other com- 
ponents fall into that category. On the other hand, LEDs are polarized; elec- 
trical current will only flow through them in one direction. So if you put your 
LED in backwards, it won't light up at all. Youcan determine an LED's polarity 
in a couple of ways: First, the longer of the two leads is the positive (+), and 
the shorter is negative (-). 


Second, look closely at the bottom of the LED and examine the ring that 
bulges out around it. There is a flattened part of that ring that indicates the 
side of the LED that’s negative (-). Youcan see this flattened side on the right 
in Figure 2-6. 


With ICs, this also matters. Every pin has a specific function, and there will 
be one or more pins for positive (+) and one or more pins for negative (-). 





Figure 2-6. Polarity—LEDs have it 
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STILLS PHOTOGRAPHY 

The advent of the digital age has 

seen an explosion in the popularity of 
underwater photography, with more and 
more divers creating images of their 
dives for posterity. However, producing 
good results consistently is a craft, and 
this is what separates the professional 
from the amateur photographer. 


CAMERA SYSTEMS 

Underwater camera systems for stills 
photography can be divided into two 
categories. The first consists of truly 
amphibious cameras that do not require 
a housing to be used underwater, and 
can also operate on dry land. The 
pioneering Nikonos V camera is a 
famous example of the type. Amphibious 
cameras often have interchangeable 
lenses, and are available in both film and 
digital formats. These highly specialized 
cameras feature oversized controls for 
ease of operation underwater. 

The second category, housed 
systems, are conventional cameras 
in waterproof cases. The cameras 
themselves can be divided into two sub- 
categories: compact devices, and SLR 
(single lens reflex) models. 

Compacts come in film and digital 
formats, and are light and convenient to 
carry and use. Most models offer fully 
automated focus and exposure control. 
You cannot change the lens on a 
compact, but some have variable focal 
length (zoom) lenses. After-market add- 
on lenses that attach to the outside of 
camera housings are also available. 





ANIMAL MAGIC 

To capture the vibrant colors of marine creatures 
and environments, you will need a purpose- 
designed strobe lighting system. 


SLR cameras, which are available in 
both digital and film versions, allow 

the use of a range of lenses and offer 
complete creative control over key 
functions such as aperture, shutter speed, 
and focus. For this reason they are 
invariably the choice of professional 
underwater photographers, although 
SLR-compatible ports, housings, and 
lighting systems can be very expensive. 


CAMERA HOUSINGS 

Both compacts and SLRs require 

a housing to protect them from water 
damage. These are normally made of 
plastic, though aluminum housings 

are also available for SLRs. Aluminum 
housings are strong and durable but 
expensive and bulky, and hide the 
camera within, making it harder to 
operate. Plastic housings are cheaper 
and allow you to see the camera, but 
can be less durable. They are especially 
vulnerable to scratches and abrasion. 





NIKONOS CAMERA 
Amphibious cameras like the 
Nikonos V have an integral 
water-resistant housing. 


DIGITAL COMPACT 

Fully automated functions 
make digital compacts easy to 
use, but limit creative control. 


SLR CAMERA 

Available in film and digital 
formats, SLRs are bulky but 
offer superior image control. 









Flash 
hot-shoe 






Shutter- 
sync wire 


Strobe 
unit 










Shutter 


SLR HOUSING (FRONT VIEW) H 
trigger 


Serious investments in their own 
tight, large SLR housings offer 
excellent access to key controls. 


Watertight controls 





Viewing 
screen 


COMPACT IN PLEXIGLAS HOUSING 

The housing features push-button 
mechanical controls for taking, reviewing, 
and even editing images underwater. 


UNDERWATER LIGHTING SYSTEMS 
Lighting is one area where compact 
digital cameras fall short. Their built-in 
flashes are too close to the lens to avoid 
backscatter (see p.183). You can distance 
the light source from the lens by using 
an auxiliary strobe light, bolted to the 
housing. SLR-based and amphibious 


HOUSING MAINTENAI 


Maintaining a housing is relatively 
straightforward. O-ring integrity should 
always be checked and the ring lightly 
lubricated with silicone grease. Make 
a final visual check before diving. 
Housings should be rinsed in fresh 
water as soon as possible 

after a dive. Operate the 

mechanical controls during 

rinsing to prevent a build-up 

of salt crystals. If water 

penetrates the housing, it 

will ruin the camera, so 

a few moments taken to 

prepare and rinse gear can 
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prevent expensive damage. 


catch 
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joint 





Strobe 
arm mount 






Hand grip 


port 








COMPACT WITH STROBE 
A diffuser lens placed 

over the strobe softens 
the light it casts. 

















Bare strobe unit , 
Add-on wide- 
angle lens 


systems often use strobes in pairs, 
mounted on flexible arms to allow the 
subject to be lit from different angles. 
Knowing how to position strobes to best 
advantage and manipulate power settings 
is essential, though many cameras will 
automatically trigger the strobe to fire 
for the correct duration for the exposure. 


Shutter 


Optical trigger 


viewfinder 


Display 
screen 


Digital compact in 
Plexiglas housing 
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MAKING FILMS UNDERWATER 

Like underwater stills photography, 
videography has been revolutionized 
by the advent of digital cameras, 
which are small and easy to use, 
compared to film or analog 
video. Basic point-and-shoo 
underwater videography 
is quite easy with 
consumer-grade digital 
cameras. ‘To advance 
beyond the novice 
stage, however, you 
need special skills, 
more advanced 
equipment, and 

a flair for using video 
editing software. 


CHOOSING A VIDEO SYSTEM 

Choice of camera is the first decision for 
novice videographers. ‘Though analog 
video cameras are still available, digital 
is now the dominant technology. Digital 
cameras are available in digital tape, 
flash media, HDD (hard disk drive), 
and DVD recording formats. Look for 
cameras with three-chip processors 
(called 3CCD cameras). These divide 
red, green, and blue color information 
into separate processing paths, offering 
richer colors than cheaper one-chip 
models. At the top end of the market 
are cameras with HD (high definition) 
imaging, which produce video of 
astonishing clarity, due to the high rate 
at which they scan visual information. 


Auto- 
focus lens 





Viewfinder 


BASIC VIDEO CAMERA 

Affordable cameras for home use usually feature 
automatic focus and exposure control, but may 
also have some manual options for skilled users. 


Manual 
controls 





Microphone 


PRECISE POSITIONING 

To be a good underwater film- 
maker, you need to perfect your 
buoyancy control and finning. 


A robust housing will be 
ecessary to protect the 
amera from water 
damage, while a basic 
nderwater lighting 
system is essential for 
capturing good color 
footage, since water 
filters out various 
colors from natural 
light as depth 
increases (see p.183). 


FILMING SKILLS 
Creating high-quality underwater 
video requires you to do more than 
merely jump in with everything set 
to automatic, press record, and film 
throughout the dive. Many automatic 
systems perform poorly underwater. For 
example, autofocus becomes inaccurate 
in low-contrast environments, resulting in 
hazy images. Careful manual control of 
focus and manipulation of white balance 
(which sets the baseline for color values 
in different light conditions) are key skills. 
Your diving skills also must be 
excellent; you need to be a steady 
platform for the camera—camera shake 
is a common cause of ruined footage. 
The camera and housing should also be 
neutrally buoyant (they should neither 
sink nor rise underwater) for ease of 






Viewing 
screen 


Glare shield 


ADVANCED DIGITAL CAMERA 

Top-end video cameras have advanced features 
like high definition, multi-chip processing, plus 
image stabilization systems for sharp images. 


PHOTOGRAPHY AND VIDEOGRAPHY 
















Monitor screen 
with housing 








PRESSURE HOUSING AND LIGHTS 
Housings fall into two categories— 
electronic or manually controlled. 
The latter use plungers, rods, pins, 
and cogs to allow the camera 








Articulated 
arm 

















High-intensity 
video light 
Housing with lights 


handling, and you should familiarize 
yourself completely with how your 
camera is operated, so its use becomes 
second nature underwater. 


PRODUCTION AND EDITING 

Thorough planning is the secret to good 
filmmaking, and video should be shot 
with an audience or editor in mind. 
Building a story around a given dive 

is not a complex process, but creates 


Basic light 


controls to be manipulated from 
outside the housing; they require 
more skill, but have the advantage 
of avoiding electronic systems that 
can go wrong or short out in the 
event that the housing is flooded. 


Carrying 


Tough 
° handle 


casing 





Battery 
power cord 


Bare housing 

a target shoot list for the camera operator 
to work from, and gives the finished film 
an engaging narrative. You can place 
scenes in order and polish the results 

to a professional standard using video 
editing software that is commercially 
available for use on home computers. 


KEEPING CLEAR 

While filming, be careful to avoid causing physical 
damage to the organisms you have come to film. 
Avoid touching, or kneeling on, reefs. 
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KEY PRINCIPLES 
Modern cameras and 
housings allow even 
the novice to achieve 
consistently good 
photographs and video 
footage. One key 
development of the last 
ten years has been the 
ability to immediately 
view the results—even 
during the course of 
the dive—and then 
make adjustments 
accordingly before 

the next shot. But 
throughout the 

history of underwater 
photography and videography, certain 
principles have applied as much to 
hardened professionals as they have to 
happy snappers. Following these simple 
rules can immeasurably improve even 
your first forays into photography and 
filmmaking underwater. 


GETTING CLOSER 

The first principle when shooting 
underwater is to get as close to the 
subject as is feasibly possible. Even the 
most crystal-clear water contains a mass 
of suspended particles, and even if your 
eyes cannot pick them out, you can be 





LINING UP FOR A SHOT 

Good positioning relative to your 
subject can help make subjects 
stand out from the background. 


sure your lighting 
system or lens will. 
Getting close to the 
subject means greater 
clarity of the resulting 
image, and this is one 
of the reasons why 
“close-up wide-angle” 
is such a popular 
approach. This uses 
a wide-angle lens at 
close range, allowing 
the whole subject to 
be viewed with the lens 
only a short distance 
away. For the same 
reason, “macro” 
(close-up) photography 
is often a good place to start if you are 
a beginner, since clear, well-lit macro 
images are relatively easy to achieve. 
For the novice photographer or 
videographer, another excellent principle 
is to remember to take shots with an 
upward orientation. There is nothing 
worse than viewing an endless series 
of dull blue or green shots where the 
subject is lost in the background of reef 
or seabed. Shooting upward isolates the 


SUNLIGHT THROUGH WATER 

The shifting light patterns encountered 
underwater can make for dramatic photography, 
but are challenging to expose correctly. 





subject against the background of the 
open water, and creates a more striking 
contrast. ‘The composition of such shots 
can still include reef or coral, wall or 
wreck; however, the subject itself should 
be consistently easier to spot. 


USING LIGHT SOURCES 

Effectively lighting a subject is one area 
where most amateurs struggle. It is also 
one of the areas where modern compact 
digital cameras built-in flashes will let 

a picture down. If the light source is 
too close to the lens, particles in the 
water will reflect the flash directly 

back into the lens. This creates a 
phenomenon known as “backscatter,” 
a snowstorm effect of white dots on 
the photograph. One of the most basic 





WAITING FOR A SHOT 

Many fish are inquisitive, but easily alarmed; 
good buoyancy control will allow you to hold 
still until a subject presents itself. 


prerequisites of taking good underwater 
images in anything other than perfect 
underwater conditions is an ability to 
position a strobe away from the lens. 
This allows the flash to come in at an 
obtuse angle, and helps to prevent 
backscatter from spoiling a shot. 

These simple principles do not, 
unfortunately, guarantee good images 
every time, but they are useful for 
anyone starting out in photography 
or filming. Trial and error will help to 
refine your skills over time, and the best 
advice is to jump in, remember the 
basics, snap or film away, and enjoy! 





DEPTH AND COLOR LOSS 

Water absorbs different wavelengths of 
light as depth increases, causing images 
taken without artificial illumination to seem 
washed-out and dominated by blue tones. 
Reds fade from visibility at a depth of 
10-15 ft (3-5 m), oranges at 35 ft (10 m), 
and yellows around 50 ft (15 m); by 80 ft 
(25 m) greens have almost disappeared, 
and by 100 ft (30 m) everything appears 
deep blue or black to the naked eye. 
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Night diving 


To many, the idea of diving at night may seem a little crazy, but 


there is far more to it than just the thrill of exploring in the dark. 
Night diving reveals a whole host of underwater organisms that 
lie hidden during the day and only become active at dusk. 





LIGHT AND COMMUNICATION 
Night diving is obviously less 
simple than diving during the day, 
but when properly organized, 

it is relatively straightforward. 

A powerful flashlight will easily 
light your way and the creatures 
around you, revealing marine life 
in its true colors. However, if 
you cover your flashlight (never 
switch it off; the bulb may blow 
when you turn it back on), you NIGHT ON THE OCEAN 


will be surprised at how much When diving on a clear, moonlit night such as this, you 
may be surprised at just how effectively the Moon is able 


to illuminate the underwater environment. 





light there is underwater. Many 
creatures use phosphorescence 
at night, and as you move through the the position of their flashlight beam. 
water, you will cause plankton to release Signaling to your buddy can be done in 
















tiny pulses of light, leaving beautiful the normal way, but while shining your 
glowing wakes trailing behind you. light on to your hand as you make the 
The main restrictions compared to sign. Attract your buddy’s attention by 
daytime diving relate to communication, — waving your light, but take great care 
not only between divers, but also—and __ not to shine it at their face, since it can 
perhaps more importantly—between take as long as 15 minutes for their eyes 
divers and boat cover. You will be able to fully readjust to the near-darkness and 
to monitor your buddy’s location from restore night vision. 
At the surface, avoid flashing your 
LIGHTING TIPS light unless you need to alert the surface 


i If ivi 
It is vital that all divers carry a flashlight, Boye a athe teenGy Tt YOUane aan 


and at least one other as a backup. Take 
spare batteries; if using rechargeables, there—for example, a bright boat light, 
make sure they are fully charged. Use flashlight, or beacon—so you can easily 
hand-held lights, not head-mounted find your way back to land after 

ones: one look at your buddy with a 
head-mounted light will ruin their night : ae 
vision. A glow-stick attached to the back with colored lights, to distinguish them 
of your suit, while not from any other light sources. 

essential, will increase y You will find that most gauges 
your own visibility. 


from the shore, leave a light source 


surfacing. Exit points should be marked 


and computers are easily readable 
Hand-held eel | by flashlight, and just shining the 
festa beam directly on to your gauge will 


make it luminous for a while. 


TAKING PRECAUTIONS 

Night-diving buddy pairs often link 
themselves together with a short line. 
While not essential, this is recommended 
for novice night divers and in poor 
visibility. If you are diving on a wreck 
to which a guideline and buoy are 
attached, secure a strobing marker light 
to the base of the line so it can be easily 
located in the dark. When choosing 

a dive site, opt for something simple, such 
as a shallow wreck or reef with plenty of 
distinctive features. An interesting 
daytime dive may be worth revisiting to 
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DIVING INTO DISCOVERY 

Avery different “night shift” of marine life can 
be seen during nocturnal dives, like this 
outlandish basket star. 


investigate marine life that emerges at 
night. To minimize the risk of incidents, 
do not dive too deep, since any problems 
will be much harder to cope with in the 
gloom. If diving a more open site, use 

a surface marker buoy with marker light 
attached to identify it to any boat cover. 
Be careful not to lose contact with surface 
cover: getting lost at night could mean 
you are not recovered until morning. 





FLASHLIGHT SIGNALS 
During a dive, your torch 
beam will alert your buddy 
to your position. You can 
also make simple signals 
with your flashlight beam 
on the seabed to 
communicate with your 
buddy. At the surface, wave 
your torch vigorously from Sabana 
side to side if you require 
immediate assistance. 


Tracing a large circle on the 
seabed communicates to your 
buddy that you are OK. 





SIGNALING FOR ATTENTION 

A rapid side-to-side movement 
means that you want to show 
or tell your buddy something. 
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Cavern diving 





Rich with opportunities for dramatic dives, caverns offer a bridge 


between ordinary open-water diving and the far more specialized 


activity of cave diving. Nonetheless, diving in caverns demands 


careful preparation and respect for potential risks. 





WHAT IS CAVERN DIVING? 
A cavern is a large, enclosed area of 
rock or coral that is of sufficient size to 
allow a diver to enter and move around. 
These fascinating environments can be 
extremely dramatic, are often eerily lit, 
and may play host to an array of animals 
not encountered on the open reef. 
Unlike the more extreme sport of 
cave diving, in which divers penetrate 
beyond the reach of natural light, in 
cavern diving the exit is always clearly 
within view. However, cavern diving still 
carries inherent risks because the diver 
does not have direct access to the surface 
in the event of an emergency. If simple 
safety drills are not followed at all times, 
there is the potential for very serious 
problems to develop when diving even 
in simple caverns. 





CAVERN DIVING EQUIPMENT 






















A flashlight is an essential item for 
cavern diving, but it is also sensible to 
bring along a backup light. This need 
not be a large, bulky model but must be 
able to provide enough light if your main 
flashlight malfunctions. Be sure to keep 
batteries freshly charged. An alternative 
air source, such as a pony bottle 

(see p.68), is also an excellent idea in 
caverns, since the diver cannot ascend 
directly to the surface if the primary 
air source suffers an 
unexpected failure. 






A backup 
flashlight 


SAFETY AND SKILLS 


The first rule of cavern diving is to 


prevent your natural curiosity from 
turning a cavern dive into a cave dive! 
The exit should be clearly visible at all 
times—if not directly in your line of 
sight, then at least the natural light 

of the cavern entrance should remain 
visible. For many divers, the temptation 
to explore deep into cave systems is 
strong; however, the moment the exit 

is lost from view and natural light fades, 
the dive becomes a cave exploration, 
which should not be attempted without 
appropriate equipment and special 
safety and skills training. 

Certain skills are essential when 
diving larger caverns. Buoyancy control 
is important, particularly when there is 
a silty substrate on the cavern floor. 


ON THE THRESHOLD 

A diver hovers at the entrance of a 
freshwater cavern in Australia. Following 
basic safety rules is essential at such sites. 


It is also advisable to use a finning 
technique known as the frog kick (see 
p.123). This is a gentle, circular fin- 
stroke that helps you avoid stirring up 
sediment. One misplaced kick from a fin 
can turn a cavern into an impenetrable 
soup of silt and lead to disorientation 
and panic. For this reason, and as a 
matter of plain common sense, it may 
also be appropriate to tie off a line at 
the entrance of larger caverns (see p.127) 
to provide a direct route to the exit in 
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INNER SPACE 

A diver shines light on the interior of a sea cave. 
Caverns have a mysterious ambience quite 
different from that of open diving environments. 


case of reduced visibility. It is also 
strongly advisable not to enter a cavern 
without local knowledge or a guide; 
there may be specific issues about a 
cavern system and the hazards it 
contains—such as seasonal changes in 
visibility—that do not appear in any 
standard dive guidebooks. 


Stabilizing and Straightening 
Components 


ICs present a unique problem. They don't have long enough leads for you to 
bend out effectively, which means they are more likely to slip and slide while 
you're soldering them. So do the best you can with that (see Figure 2-7), but 
flip the board back over after you solder the first joint. ln most cases, you'll 
find that the IC has shifted. But since you only have one joint soldered, you 
can easily move the IC into the position you want. Once you've done this, flip 
the board over and solder the remaining connections. 





Figure 2-7. Tacking down an IC 
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Ice diving 


Diving under ice might not sound like an attractive proposition, but it 


is a uniquely exciting experience. Visibility is typically excellent beneath 
ice, with soft light filtermg through from the world above. Ice diving 
can also take you to breathtakingly beautiful parts of the world. 





UNIQUE ENVIRONMENT 


Ice diving can be done in the sea or 


water, so it is not churned up by the 
wind, and low light levels under the ice 
in frozen lakes. The aquatic life you also help to inhibit algal growth. 
encounter will depend on where you 


KNOWING THE ROPES 


If you are planning to go ice diving, you 


are in the world and whether you are 
in a marine or freshwater environment. 
Visibility is often stunning; the ice will need to undergo special training. 


provides a protective layer over the This will teach you not only the safety 


aspects of diving while tethered on a 
COLD-WATER GEAR 


A diver waits to enter the water wearing 
special equipment designed to cope with 
conditions of extreme cold. 


rope under ice, but also how to cut the 
ice hole through which you enter the 
water, and how to tend safety ropes for 
other divers while you remain on 


Double 
hood 
protects 
head 


the surface in a support role. 
Ice diving requires a 
minimum of four to six people 


per dive. There will normally be 
two divers operating as a buddy 
pair (see pp.110—11), and two 
people to tend their lines. It is advisable 

































Cold-water 
regulator set 
to have at least one extra person on 
Dry glove 
system keeps 
hands warm 


standby. It is standard practice for each 
diver to be tethered separately, and it is 
Drysuit not advisable to tether two divers on one 
line, because if anything happens to this 
rope, then both divers can be lost. Lines 
should always be tied using a bowline 


knot, which is very secure. 


SIGNALS AND SAFETY 

Signaling to your tender is an important 
part of ice diving. Since you are diving 
in extreme conditions, it is vital that he 
or she knows you are OK throughout 
the dive. You will learn about giving 
rope signals during training. 

Apart from the obvious dangers of 
diving in an enclosed environment, you 
must also be careful to monitor your 
core body temperature. Repeat dives 


SPECIAL PROCEDURES 

Ice divers rely on a surface 
support team (above) for 
safe diving under the ice. 


should only be 
undertaken when you 
are fully warmed up. 
You should also ensure 
that you eat high- 
energy, hot food to 
replace the calories you 
will burn during the 
dive and in keeping 
warm afterward. 


SPECIAL GEAR 
Ice diving requires 
special equipment. You 


will need an environmentally sealed 
regulator set (see p.63), which is designed 
to be less susceptible to freezing. You will 
be taught to submerge this in the water 
before diving, to acclimatize it to the 
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FROZEN DEPTHS 

A diver films the fascinating world 
beneath the surface. Many unique 
animals live in cold seas. 





" temperature. You must 


only breathe from it 
when submerged, to 
reduce the risk of free- 
flow (an uncontrolled 
release of air due to 

a frozen mechanism). 
It is also recommended 
that your primary air 
source and octopus 
are mounted on 
separate first stages 
(see p.61) to ensure 

that one will work if 
the other freezes. Your 
cylinder will need a 
special pillar valve to 
accommodate this. 


You will need to wear warm 
undergarments beneath your drysuit, 
thick neoprene gloves or a pair of 
waterproof dry gloves (see p.54), and 
two thick hoods for extra warmth. 
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Freediving 


Once simply a fishing technique, freediving—diving using only the 


air carried in the lungs—has become increasingly popular as a sport. 
Extreme athletes now constantly push the perceived limits of human 
performance, diving to remarkable depths on a single breath of air. 





PURE SPORT 

Freediving is not exclusively the preserve 
of the extreme athlete: anyone who has 
snorkeled and duck-dived to explore the 
seabed could describe themselves as a 
freediver, making this the most accessible 
of all diving disciplines. Many would 
argue that it is also the purest form of 
diving, requiring only the minimum 
amount of equipment and relying 
entirely on discipline, courage, and 
physical conditioning. 

The roots of freediving stretch back 
to when the human race took its first 
tentative steps into the sea, diving into 
the water to harvest food and explore 
the seabed. Modern freediving, by 
contrast, is a disciplined sport, with 
record attempts highly regulated by 
the two governing bodies—A.I.D.A. 
(Association Internationale pour le 
Développement de l’Apnée) and FR.E.E. 
(Freediving Regulations and Education 
Entity). Divers compete in a number of 





STATIC BREATH-HOLD COMPETITION 

Divers compete for the length of time they can 
hold their breath. World-class competitors 
can achieve times of over seven minutes. 


EQUIPMENT 


Freediving does not require much 
equipment, but specialized items, such 
as streamlined suits and fins of variable 
flexibility, are used to maximize the 
speed of movement through the water. 
Masks with low internal volume are also 
useful, as they allow divers 

to conserve air that would 

otherwise be used to 

exhale into a standard 

mask to counteract 

mask squeeze 

(see p.115). 
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categories, two of which usually take 
place in a swimming pool: static breath- 
hold—a simple endurance test with 
a timed immersion in a shallow pool— 
and dynamic breath-hold, a test of the 
distance divers can swim using only 
a single breath. In open water, 
competitors are judged on the depths 
they can reach and return from safely. 
Freediving naturally carries inherent 
risks—the most advanced and extreme 
disciplines demand that the body’s supply 
of oxygen is completely used on a dive, 
and losing consciousness is always 
a danger. Exploration of freediving 
limits should never be conducted alone, 
and only after attending one of the 
many introductory courses available to 
those interested in taking up the sport. 
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TOUCHING THE DEEP 


A freediving competitor DIVING DEPTHS 


a eee Competitive depth records are judged 
A d sls ti Fit B t depth in strict categories, defined by precise 
i ace ay. parameters such as the use of weights or 
rt] has been reached—this 
fins. In “No Limits’—the category in which 
must be presented at the : : 
 ] Pee for inspection the highest-profile records are set—the 
= s a wgsboc lO diver is dragged down by a weighted sled, 
gpuoses. and rockets to the surface using an airbag. 
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Depth obtainable 


by an average Competent 
club freediver. amateur 
freediver 

100 ft (30 m) 

1 

| 
Depth obtainable by 
a competitor in the 
“Constant Weight” 








category, which 

allows the use of 
fins and ballast. 

Top divers can reach 
330 ft (1400 m)— 
roughly the height of 
the Statue of Liberty 
in New York or Big 
Ben in London. 





330 ft+ (100 m+) 


Depth obtainable 
by the top “No 
Limit” class of 
freedivers. 
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Underwater archaeology 


While marine archaeology is mainly confined to the academic and 


scientific world, it could be said that every diver who explores a 


wreck has an archaeological interest and responsibility. Both the 


seabed and many freshwater sites hold compelling historical secrets. 





RULES FOR THE AMATEUR 

Although every dive has the potential 
to reveal historic artifacts, targeted 
methodical surveying is an altogether 
more serious business, as is the correct 
means of excavating and recording 
any finds. Archaeological divers can 
therefore be placed in one of two 
distinct categories—the serious 
professional diving archaeologist, 

and the enthusiastic amateur. 

Although this is a field in which 
amateurs can make a very valuable 
contribution, it is essential that they 
do so only through involvement in 
an organized project, conducted by 
a recognized and authorized group. Far 
too many sites have been destroyed, and 
artifacts removed, by what amounts to 


MORE THAN YOU BARGAI 


By taking an artifact from a dive site, 

you destroy its integrity and hinder 
efforts to learn about past peoples. 

And that may not be the end of the 
matter. In many parts of the world, 

sites of marine archaeological interest 
are strictly regulated. The recovery of 
artifacts is—quite rightly—taken very 
seriously, and penalties for illegal activity 
and for removing items can be severe. 


Amphorae, used to store oil and wine, 
recovered from a Turkish site 





vandalism and theft—the equivalent on 
land might be digging a historic site or 
burial ground without permission, which 
is unthinkable, of course. 

There are many organizations that 
welcome help from amateur volunteers, 
and will supervise and guide you. ‘The 
thrill of discovery really does reach a new 
level when it is shared with individuals 
who understand the full significance of 
a find. You may find that more scope for 
joining an organized project exists if you 
first undertake some training, perhaps by 
volunteering on digs on land. 

Learning professional marine 
excavation and recovery techniques 
can be fascinating for the amateur. 
Archaeologists go to great lengths to 
avoid damaging a surveyed location, 
and even when they locate an item 








of interest, try to avoid intrusive 
collecting techniques 
or digging. 





WHAT TO EXPECT 


Marine archaeological expeditions are 


usually initiated because research or local 
knowledge has pointed to a region that 
has archaeological potential. Modern 
GPS (Global Positioning System) 
equipment has made pinpointing such 
sites much easier. On 
reaching the site, 












a detailed survey 
is generally first 
carried out. 


UNDERWATER ARCHAEOLOGY 







RELIC OF CONFLICT 

Divers inspect the remains 
of a Japanese fighter aircraft 
shot down in the Pacific 
during World War Il. 


This may involve using 

a datum line (a fixed 
reference line on the 
seabed from which 
measurements are taken), 
or pegging out a grid. 
Precise recording of the 
location and state of 

the site before digging is 
vital, and is usually conducted through 
photography or extensive sketching, Small 
test digs may take place before a full-scale 
excavation occurs, with the exact site of 
each find carefully logged, and the finds 
themselves sketched or photographed. 
Preservation and restoration techniques 
are extremely specialized for such finds. 
Marine archacology is a long way 

from the derring-do of Indiana Jones, 
requiring organization, attention to 
detail, fine diving skills, and persistence. 


CAREFUL SURVEY 
Meticulous recording of survey data 
is one way in which amateurs can 

help on a professional dig. 


fastenings for 







GOING DIVING 


Technical diving 


The desire for ever-deeper dives and longer periods underwater has 
led to the development of special gas mixtures. The use of these in 
technical diving offers an exciting range of new skills and marine 
environments for qualified technical divers to explore. 





PUSHING BACK BOUNDARIES 

Scuba divers are limited, by simple 
physical laws, to a certain amount of 
time under water (dependent on the 
depth of the dive) and an overall 
maximum depth. Training agencies 
recommend that recreational divers 
using compressed air go no deeper 
than 130-165 ft (40-50 m). Beyond this, 
nitrogen can build up dangerously 
quickly in the body, greatly increasing 
the risk of decompression sickness 


Multiple light 
sources 













Heavy-lift 


Complex BC jacket 


extra gear 


(DCS; see pp.142—45). In addition, 

the increased levels of nitrogen in the 
bloodstream below 165 ft (50 m) can lead 
to severe nitrogen narcosis (see pp.100—-01). 
The oxygen content of air, too, becomes 
increasingly toxic to the nervous system 
the deeper you dive (see pp.96-97). 

To extend dive times and allow 
exploration to greater depths, special 
mixtures of gas have been developed in 
which the balance of oxygen and nitrogen 
has been altered, or that contain new 
gases to dilute the impact of either oxygen 
or nitrogen. The use of these mixes is 
known as technical diving, and involves 
three types of gas mixes: nitrox, which 
allows longer dive times, and trimix and 
heliox, to reach greater depths. 


EXTENDING DIVE TIMES 

Normal air is composed of around 

21 percent oxygen and 79 percent 

nitrogen. Nitrox is a gas mixture that 

contains a higher percentage of oxygen 
and a lower nitrogen content than 
normal, allowing longer dive times 
before the diver’s body stores up too 
much nitrogen, and also reducing 
diver fatigue after the dive. Nitrox can 

be mixed in various proportions, from 


UNDERGROUND ODYSSEY 

A diver emerges from the water wearing the 
complex equipment required for cave diving, 
including tanks filled with special gas mixes, 
and sophisticated dive computers. 


Tanks contain gas mixtures 
for specific depth ranges 


Heavy-duty drysuit worn over a thermal 
undersuit insulates the diver from the 
low temperatures of extreme depths 


THE COMPLETE 
ENCYCLOPEDIA OF 


MINERALS 


Description of over 600 Minerals 
from around the world 








Explanation of the abbreviations used in the book 


C- - color 

S — streak 

L = — luster 

D- - diaphaneity 
DE - density 

H-~ - hardness 
CL - cleavage 

F — fracture 

M  — morphology 
LU — luminescence 
R == remark 

X — crystal 


XX  -— crystals 


In the figure captions, the bigger dimension is 
always mentioned 


Scale of the frequency of the occurrence 


@ - very rare 
@@ - rare” 
@@@ - uncommon 
@@@@ ~ abundant 
@e@@@8 - common 
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Safely Soldering Sensitive Components 


You need to avoid applying too much heat to a component, or you might 
damage it. One way to help avoid this is to clamp the heatsink to the com- 
ponent as shownin Figure 2-8. This will draw heat away from the component, 
protecting it somewhat. 
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Figure 2-8. Keeping heat away from the component 
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Introduction 


The ever increasing number of publications about 
minerals reflects a growing interest in nature. 
Most of those publications though only deal with a 
few dozen of the most common mincrals or 
gemstones. This book fills the gap by also 
featuring less common and rare minerals. The 
authors describe over 600 mineral specics and 
varieties, illustrated with about 750 color 
photographs. In choosing illustrations of particular 
mincrals, aesthctic criteria such as size of crystal 
and color played a role in addition to their 
importance and distribution in nature. This book 
includes some rare minerals, known only from one 
locality. because they form very attractive crystals 
or aggregates. There are mincrals known to 
humankind since prehistoric times such as quartz 
and gold, but also minerals first described quite 
recently like rossmanite. The photographs show 
well-formed and colorful crystals but many 
aggregates, which are more common in nature, are 
also included. The minerals in the book are listed 
according to the mincralogical system of Hugo 
Strunz, in his book Mineralogtsche Tabellen in 
1978. The chemical formulae of individual 
minerals follow the form of Glossary of Mineral 
Species 1995 by M. Fleischer and J.A. Mandarino. 
The information is complemented in both cases 
with the latest knowledge from scientific 
literature. such as new nomenclature of 
amphiboles, micas and zeolites. 

The mineral descriptions cover the basic physical 
and chemical data, including chemical formula 
and crystal system. The data provided correspond 
mainly to the end-members. The less common 
valence of the chemical elements is marked in the 
chemical formula (Fe*. Mn", As", Mn*, Pb"). 
Where an element features in both valences in the 
mineral, they are both marked (c.g. ilvaite, 
braunite). 

The origin of individual minerals is described in 
detail. We chose for a relatively simplified scheme 
because the normal complexity cannot be 
described here in detail. Minerals can be 
distinguished as either primary (resulting directly 
from a solidifying of magma, crystallizing of an 
aqueous solution or metamorphism —_ re- 
crystallization in a solid state) and secondary 
(resulting from alteration of the original mineral, 
¢.g. during its oxidation or reduction under low 
temperature and pressure close to the surface of 
the Earth). Primary mincrals are divided into 
following groups: |. magmatic, when a mincral 
crystallizes directly from a melt (it includes 
magmatic and effusive igneous rocks. including 
granitic and alkaline sycnite pegmatites and 


Marcasite, 100 mm, Misburg. Germany 
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meteorites): 2. sedimentary, when a mincral 
crystallizes during a process of diagenesis or from 
hydrous solutions under normal temperature 
(clastic, organic and chemical sedimentary rocks); 
3. metamorphic, when a mineral crystallizes 
during metamorphic processes in a solid state at a 
wide range of temperature and pressure (it 
includes regionally and contact metamorphosed 
rocks and skarns); 4. hydrothermal, when minerals 
crystallize from aqucous solutions and fluids 
under high to low temperatures (it includes ore and 
the Alpine-type veins, cavities in volcanic rocks, 
minerals and rocks, hydrothermally altered under 
high temperature, e.g. greisens). 

Secondary minerals are divided into following 
groups: |. oxidation. when minerals result from 
the oxidation (weathcring) of the primary minerals 
in the oxidation zone of ore deposits and other 
rocks (it includes the origin of malachite and 
azurite during the chalcopyrite oxidation, also the 
origin of secondary phosphates in granitic 
pegmatites during the oxidation of primary 
phosphates); 2. cementation. when minerals result 
from the reduction of the primary mincrals (the 
origin of native copper and native silver under the 
reduction conditions in the cementation zone of 
ore deposits). This classification is very much 
simplified of course, because in many cases we 
cannot readily determine a specific origin of a 
particular mineral. This relates to minerals that 
crystallize under conditions which approximately 
represent a transition between separate phases of 
the origin, such as the magmatic or hydrothermal 
origins of clbaite in the pegmatite cavities: the 
metamorphic or hydrothermal origins of grossular 
in skarns; the magmatic or metamorphic origins of 
cordierite in migmatites; and the hydrothermal or 
secondary origins of some phosphates in granitic 
pegmatites etc. 

With the localities for individual minerals we have 
tried to list the most important worldwide 
localities regardless of their recent production but 
we have also included recent discoveries since 
these may produce important mineral specimens. 
Where a mincral has an important use this is listed 
at the end of mincral description. We would like to 
acknowledge all who contributed in any way to the 
production of this book, particularly those private 
collectors and institutions which loaned minerals 
for photography. We hope those fascinated in the 
world of minerals and of nature will find this book 
a fascinating source of information. 

This book is dedicated to the memory of Dr. 
Jaroslav “venck, who was of extraordinary 
influence to several generations of Czech and 
Slovak mineralogists and mineral collectors with 
his enthusiasm for mineralogy and attitude to life. 





1. Elements 


CUBIC @e@e0e0 

Properties: C ~ light pink to copper-red, it darkens and 
covers green to black in air; S — red; L - metallic; D - 
opaque; DE - 8.9; H ~ 2.5 - 3; CL - none; F - hackly; 
M - cubic crystals and its combinations, dendritic 
aggregates, shcets, slabs, massive. 

Origin and occurrence: Primary hydrothermal copper 
is mainly related to basic igneous rocks; it is also 
common as a product of supergene cementation. It is 
associated with cuprite, malachite, azurite, silver. 
chalkocite, bornitc and other minerals. The largest ac- 
cumulations of primary copper are in the Keweenaw 
Peninsular. Lake Superior, USA, the largest being 15 x 
7x 3m (approx. 50 x 23 x 10ftjand weighing 420 tons. 
Fine crystals up to 50 mm(approx. 2in) also occur 
there. as do calcite crystalwith copper inclusions. Su- 
perb supergene coppercrystals come from many 
localities like Tsumcb, Namibia and Chessy, France. 
Crystals up to 140mm (5% in) long occurred in the 
Ray mine and in Bisbee, Arizona, USA. Very fine 
spinel-law twins up to 5 cm in size and dendritic ag- 
gregates come from Mednorudnyansk, Ural moun- 
tains. Russia; crystals up to 30 mm (/isin) were found 


Silver, $2 mm, Freiberg, Germany 
Copper, 120 mm, Keweenaw Peninsula. U.S.A. 





Copper, 42 mm, Cornwall, UK 





in Dzhezkazgan, Kazakhstan. Fine specimens of cop- 
per, associated with cuprite, azurite and malachite oc- 
curred in Rudabanya. Hungary. Application: electro- 
nics, electrical engineering, ingredient in gold alloys. 





Silver 
Ag 


CUBIC eee 


Properties: C — silver-white, tarnishes gray to black: $ 
- silver-white; L — metallic; D - opaque: DE - 10.5; H 
- 2.5 - 3; CL - none; F - hackly; M — cubic crystals. 
dendritic aggregates, wires. leaves, massive. 

Origin and occurrence: Hydrothermal in ore veins and 
also of secondary cementation origin in association 
with acanthitc, stephanite, proustite, pyrargyrite, 
copper and many other minerals. The best specimens of 
crystallized and wire silver come from Kongsberg, 
Norway, where wires up to 400mm (16 in) long and 
crystals up to 40 mm (17% in) in size have been found. 


Silver, 55 mm, Schwarzwald, Germany 


Beautiful specimens of wire silver with wires over 100 
mm (4 in) long are known from Freiberg, Schneeberg 
and St. Andreasberg. Germany. Wires several cm long 
were also found in Pribram and Jachymov, Czech 
Republic. Dendritic aggregates from Batopilas, 
Chihuahua, Mexico, reached up to 150 mim (6 in). 
Crystals and aggregates of silver, grown together with 
copper are genetically unique in the basalt cavities in 
the Keweenaw Peninsula near Lake Superior, 
Michigan. USA. Wires, up to 100 mm (4 in) long, 
come also from the San Genaro Mine in Huancavclica 
and Uchucchaqua, Peru. New finds of silver wires, up 
to 150 mm (6 in) long, have been made in 
Dzhezkazgan, Kazakhstan. 

Application: photographic industry, jewelry, clec- 
tronics. 





Gold, 48 mm. Ei Dorado, California, US.A. 





Gold 


Au 


CUBIC ee 


Properties: C — gold-yellow: S - yellow: L - metallic: 
D - opaque: DE - 19.3; H — 2.5-3; CL — none: F - 
hackly; M — octahedral and cubic crystals, skeletal 
and dendritic aggregates, leaves, nuggets. 

Origin and occurrence: Primary hydrothermal in ore 
veins, also in contact metamorphic deposits and 
pegmatites. Placer deposits are secondary. It occurs 
with pyrite, arsenopyrite, quartz, sylvanite, calaverite. 
krennerite and other mincrals. Beautiful leaves and 
crystals of gold found in many localities in California, 
USA (Colorado Quartz mine, Nigger Hill and others). 
Fine leaf gold comes from Rosia Montana. Romania. 
The best crystals, skeletal octahedra, up to 50 mm (2 
in) have been found in alluvial sediments near Gran 
Sabana, Roraima Shield, Venezuela. Gold wires up to 
110 mm (4% in) long were very rare in Ground Hog 
mine, Gilman, Colorado. USA. The largest known 
sheets of crystallized gold occurred in the Jamestown 
mine. California, USA, where a cavity, which yielded 
49 kg (108 Ib) of golden leaves, was discovered on 
26.12.1992. The largest measures about 300 mm 
(11% in) and has about 25.79 kg (56 Ib 13 oz) of 


Gold, 68 mm, Eagle's Nest Mine, California, US.A. 








gold on it. Typical aggregates of fine gold wires come 
from Farncomb Hill near Breckenridge, Colorado, 
USA. Fine crystals were also found in Berezovsk. 
Ural mountains and in the Lena River basin, Siberia. 
Russia. Fine scales and larger nuggets from placer 
deposits were found in Klondike, Alaska; Tuolumne 
County, California, USA and in Ballarat, Victoria, 
Australia. Fine dendritic aggregates occurred in the 
Hope's Nose, Devon. UK. A unique lind of leaves up 
to 100 mm (4 in) was made in Krepice near Vodnany, 
Czech Republic. 

Application: practically the only source of gold as a 
metal; used in jewelry, electronics and medicine. 


Mercury 
Hg 


TRIGONAL ee 


Properties: C - tin white; L - metallic to adamantine; 
D — opaque; DE - 13.6; M — liquid at temperatures 
above -39°C (-38.2°F); R - very poisonous fumes. 

Origin and occurrence: Hydrothcrmal in low- 
temperature ore deposits, also connected with hot 
springs. It is associated with cinnabar, calomel and 
other Hg minerals. It occurred in Almaden. Spain; 


Mercury, 30 mm, Socrates Mine, California, U.S.A. 


Idria and Avala, Serbia; New Almaden and New Idria. 
California, Terlingua. Texas, USA; Dedova hora, 
Czech Republic and Rudnany, Slovakia as droplets 
and liquid cavity fillings. 

Application: chemical industry, measuring instru- 
ments, metallurgy. 


Moschellandsbergite 
Ag2 Hg3 


CUBIC ee 


Properties: C - silver-white; S — silver-white: L - 
metallic; D — opaque; DE - 13.5; H - 3.5; CL — good; 
F — conchoidal; M — dodecahedral crystals and their 
combinations, granular. massive. 

Origin and occurrence: Hydrothermal in low- 
temperature deposits. associated with cinnabar. 
tetrahedrite, pyrite and other minerals. Crystals. 
several mm long. were found in Moschellandsberg, 


Moschellandsbergite. 6 mm grain, Moschellandsberg 
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Germany. They are also known fiom Sala, Sweden; 
Les Chalanches, France and Brezina, Czech Republic. 


Lead 


Pb 
CUBIC ee 


Properties: C — gray-white, tarnishes to lead-gray and 
gets dull; S — lead-gray: L — metallic; D - opaque; DE 
— 11.3; H — 1.5; CL —- none; M - octahedral and cubic 
crystals, massive. 

Origin and oceurrence: Hydrothermal, also sedi- 
mentary (authigenic), associated with willemite and 
other minerals. The best specimens with crystals up to 
40 mm (1% in) in size, come from LDngban, 
crystallized also from Pajsberg. Sweden. Octahedra, up 
to 10 mm (‘Ain), are described from El Dorado. Gran 
Sabana. Venezuela. It also occurs in Franklin, New 
Jersey, USA and Jalpa, Zacatecas, Mexico. 


Tron 
Fe 


cuBIC ee 


Properties: C — steel-gray to black; S — gray: L - 
metallic; D - opaque: DE - 7.9; H - 4; CL - perfect; 
F - hackly; M — crystals, granular, massive. 

Origin and occurrence: Terrestric iron occurs mainly 
in basic rocks, but it is also known from carbonate 
sediments and the petrified wood. The most famous 
locality is Blaatjeld near Uivfaq on Disko Island, 
Greenland, where masses up to 20 tons were found. 


Lead, 53 mm, Langban, Sweden 





Chunks, weighing over 10 kg (22 ib) come from Bihi 
near Kassel, Germany. [mpregnations of iron in 
doicrite occur in the Khuntukun massif and masses up 
to 80 kg (176 Ib) are known from Ozernaya Mt., 
Siberia, Russia. 


Platinum 
Pe 


CUBIC ee 


Properties: C - stecl-gray to dark gray; S — steel-gray to 
silver-white: L - metallic; D —- opaque: DE - 21.5: H 
44.5; CL - none; F - hackiv: M - cubic crystals, 
nuggets. grains and scales. 


Platinum, 8 mm, Kander, Russia 





/ron, 80 mm, Biihl, Germany 








Origin and occurrence: Platinum occurs in magmatic 
segregations, together with chromite, olivine and 
magnetite in ultrabasic rocks; secondary in placers. 
The best crystals up to 15 mm ('%1 in) come from 
Konder in Khabarovsk Region, smail crystals, but 
mainly nuggets, weighing up to 11.5 kg (25 Ib 5 oz) 
found in the Tura River basin near Turiinsk, Ural 
Mountains. Primary platinum is known from deposits 
in the vicinity of Nizhniy Tagil, Ural Mountains, 
Russia: from the Onverwacht mine, Bushveld, South 
Africa and Sudbury, Ontario, Canada. Fine smaiier 
nuggets, weighing up to 75 g (165 Ib) were found in 
the Trinity River sediments in California, USA and 
the Choco River sediments in Columbia. 
Application: chemical industry, catalytic convertors, 
rocket industry. 


Arsenic, 45 mm, Alden Island, Canada 


Arsenic 
As 


TRIGONAL eee 


Properties: C — tin-white. tarnishes quickly to black; 
SB tin-white: L - metallic: D - opaque; DE — 5.8; H 

3.5; CL — perfect; F - uneven; M - rhombohedral 
crystals, botryoidal aggregates, granular, massive. 
Origin and occurrence: Mainly hydrothermal, 
together with other As minerals. It forms massive 
veins, up to 200 mm (7s in) thick, with botryoidal 
surface in Jachymov, Czech Republic and in Freiberg, 
Germany. In Akatani, Japan, spherical aggregates 
consisting of small crystals were found. It is also 
known from Sacarimb, Romania. Botryoidal 
aggregates of arsenic with leaf gold were found in the 
Royal Oak mine, Coromandel, New Zealand. Crystals 
of metamorphic origin come from Sterling Hill. New 
Jersey, USA. 


Subarsen, 58 mm, Adin, Canada 








Antimony, 37 mm, New Brunswick, Canada 


Stibarsen 
SbAs 


TRIGONAL eee 


Properties: C — tin-white to gray, tarnishes black; S 
gray; L - metallic. sometimes dull: D - opaque: DE 
6.3; [I] = 3-4; CL — perfect; M — indistinct crystals, 
botryoidal aggregates. 

Origin and occurrence: |n pegmatites with antimony, 
stibiotantalite and microlite; hydrothermal in ore 
veins withpyrargyrite. proustite, pyrostilpnite and 
dyscrasite. Beautiful botryoidal aggregates of 
stibarsen (previously labeled as allemontite), up to 
100 mm (approx. 4 in) in size, come from Pribram 
and Trebsko, Czech Republic. Botryoidal aggregates 
up to 80 mm (3'%s in) and imperfect crystals were 
found in quartz veins in Atlin, British Columbia, 
Canada. Fine specimens occurred in a Li-bearing 
pegmatite near Varutrask, Sweden. 


Antimony 
Sb 


TRIGONAL eee 


Properties: C ~ tin-white; S - gray: L - metallic; D 
opaque; DE — 6.7: H ~ 3-3.5; CL — perfect; F 
uneven; M — rhombohedral crystals, botryoidal 
aggregates, massive. 

Origin and occurrence: Hydrothermal in ore veins 
with silver, stibnite, stibarsen, sphalerite and other 
minerals; also in pegmatites. As veinlets in a 
pegmatite in Varutrask, Sweden. Cleavable plates. up 
to 50 mm (2 in) known from Tornava, Finland. 


Massive aggregates up to 200 mm (7’/s in) come from 
Pribram, Czcch Republic. Rhombohedral crystals up 
to 10 mm (‘/« in) across and accumulations up to 300 
mm (11% in) in size described from Lake George, 
New Brunswick, Canada. 


Bismuth 
Bi 


TRIGONAL eee 


Properties; C —- silver-white, tarnishes pink; S —- 
silver-white; L ~ metallic; D — opaque; DE - 9.8; H - 
2-2.5; CL - perfect; M - rhombohedral crystals, 
granular, massive. 

Origin and occurrence: \t is found in pegmatites, 
greisens and hydrothermal in ore veins together with 
chalkopyrite. arsenopyrite, lollingite, nickeline, 
breithauptite and many other minerals. Common in 
pegmatites in Anjanabonoina, Madagascar. Very fine 
crystals, up to 20 mm (*/2 in} known from Schlema 
and Hartenstein, Germany. Skeletal aggregates. over- 
grown with other arsenides, occurred in Jachymov, 
Czech Republic. Masses weighing several kg found in 
Bolivia (Tasna, Velaque) and Australia (Kingsgate. 
New South Wales). Cleavable masses up to 12 cm 
(4"/«in) described from Cobalt and Gowganda, 
Ontario, Canada. 

Application: Bi ore. 


Arsenolamprite 
As 


ORTHORHOMBIC e 


Properties: C - gray-white, it covers with a black 
coating: S — black, L — metallic to adamantine; D 

opaque: DE — 5.6; H ~ 2; CL — perfect: M — acicular 
crystals. tabular and fan-shaped aggregates. massive. 
Origin and occurrence: Hydrothermal in ore veins 
associated with arsenic, bismuth, silver and other 
minerals. [ts crystals and veinlets were found with Cu 


Bismruth, 20 mm, Cinovec, Czech Republic 





Arsenolamprite, 70 mm, Jachymovy, Czech Republic 





arsenides in Cerny dul, Czech Republic. Occurs also 
in Jachymoc, Czcch Republic and Maricnberg 
Germany. Found recently in Cavnic. Romania. 


Graphite 

¢c 
HEXAGONAL @eeeee 

Properties: C — black to steel-gray; S — black to steel- 
gray; L - metallic, dull, earthy; D - opaque; DE - 2.3; 
H - 1-2: CL - perfect; M — hexagonal tabular crystals, 
massive. 

Origin and occurrence: Metamorphic, from 
metamorphism of a scdimentarvmaterial with C 
contents: also primary magmatic.Associated with 
many materials, stabile underconditions of the 
graphite origin. Crystals several cm in size known 
from Nordrce Stromfjord. Greenland. Crystals were 
also found in Sterling Hill, New Jersey and 
Crestmore, California. USA Foliated aggregates are 
found in Sri Lanka (Radegara, Galle region). Accu- 
mulations in Buckingham and Grenvillc, Quebec, 
Canada are industrially important. Also common in 
Shunga deposit in Karelia, Russia: in Cesky Krumlov, 
Netolice and Blizna, Czech Republic. 

Application: metallurgy, nuclear industry, production of 
lubricants. 


Graphite. 130 mm, Krichim. Bulgaria 
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Soldering a Component in Place 


Wipe the soldering iron on the sponge and hold it so it’s touching both the 
solder pad and the lead that protrudes through. Avoid using the soldering 
iron to melt the solder. Instead, heat up both the lead and the pad so that the 
solder melts when you touch it to them. 


This must all be done quickly: within a second of touching the iron to the joint, 
push a small amount of solder into the joint, and let it flow around the joint 
as shown. Give it a second to flow, take the solder away, then wait a second, 
and take the iron away. With practice, you should be able to do all of this in 
three to four seconds per joint. Figure 2-9 shows how you'd solder the pin 
to the skill badge. Figure 2-10 shows an LED being soldered. 


If you hold the iron to the component too long, you run the risk of damaging 
either the component or the solder trace on the PCB. 





Figure 2-9. Soldering a pin 
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Diamond 
c 


CUBIC ee 


Varieties: bort (opaque technical diamonds), balas 
(dark colored, spherical radial aggregates), carbonado 
(brown-black to black massive aggregates, up to egg 
sized} 

Properties: C — colorless, yellow, brown, white, pink, 
black, red, blue, green; S — white; L — adamantine; D 
— transparent to translucent; DE — 3.5; H — 10; CL - 
perfect; F — conchoidal; M - octahedral and cubic 
crystals, LU — sometimes fluorescent, sometimes 
phosphorescent. 

Origin and occurrence: Primary magmatic 
occurrences are limited to kimberlite pipes, secondary 
occurrences to placers. Large primary deposits are 
known from South Africa (Premicr mine, Kimberley) 
and Yakutia, Russia (pipes in the vicinity of Mirnyi). 
Primary and secondary occurrences of diamonds are 
located in lamproites and placcrs near Argyle, 
Western Australia. Australia. Most historical dia- 
monds from India (Golconda). Brazil (Diamantina, 
Minas Gerais), Congo. Angola and Namibia were 
found in placer deposits. Diamonds of industrial 
grade always prevail over the gem quality stones. The 
largest gem-grade diamond ever found. the Cullinan, 
weighing 3106 carats. comes from the Premier mine 


Diamond, 15 mm x, Mirnvi. Russia 


in Kimberley, South Africa. It yielded gem rough for 
104 faceted stones, the heaviest of which weighs 531 
carats. The largest faceted diamond known, called 
Golden Jubilee. was found in the same place in 1986. 
It weighed 755 carats before cutting and as a finished 
stone it weighs 545.65 carats. The dark blue Hope (44 
carats) and the green Dresden (76 carats) probably 
came from India. Absolutely unique red diamond, 
weighing 5 carats, which is at the Smithsonian Insti- 
tution, Washington, DC, USA, is of unknown origin. 
Application: the most popular gemstone, bort and 
carbonado varicties are used as abrasives. 


Sulfur 
s 


ORTHORHOMBIC @ee@e 

Properties: C - sulfur-yellow, yellow-brown, greenish, 
reddish to ycllowish-gray: S — white; L - resinous to 
greasy; D - transparent to translucent; DE - 2.1; II - 
1.5-2.5: CL — imperfect: F - conchoidal to uneven: M — 
dipyramidal, disphcnoidic and thick tabular crystals, 
botryoidal and stalactitic aggregates. 

Origin and occurrence: Hydrothermal product of 
fumaroles, product of an activity of microorganisms, 
disintegration of sulfides and acidic chemical reactions; 
associated with gypsum, anhydrite, aragonite, calcite, 





Sulphur, 66 mm, Sicily, Htaly 





celestite and halite. The world’s best crystals come from 
many localities near Girgenti, Sicily, Italy (Caltanisseta. 
Cianciana) where they reached up to 12 cm (4"/:sin) in 
size. Fine crystals are also known from Tarnobrzeg. 
Poland and Yavokskoye near Lvov, Ukraine. As a 
product of solfataras it occurs in many volcanically 
active places. like Solfatara near Pozzuoli, Italy or in 
sulfur lava near Shiretoku, Japan. Sulfur layers, up to 30 
m (100 ft) thick, associated with salt diapirs, are located 
near Charles Lake, Louisiana, USA. It originates during 
intensive oxidation‘reduction reactions of pyrite in Rio 
Tinto. Spain and in Kostajnik, Serbia. 

Application: chemical, paper-making, rubber and 
leather-making industries, agriculture. 


Selenium, 110 mm, Kladno, Czech Republic 








Selenium 
Se 


TRIGONAL ee 


Properties: C - gray to red-gray; S — red; L — metallic, 
D - opaque to translucent; DE - 4.8; H - 2; CL — good; 
M - acicular crystals, droplets of vitreous surface, felt- 
like agercgates. 

Origin and occurrence: Secondary, resulting from 
altcration, fumaroles and from burning coal dumps, 
with sulfur, sal ammoniac and other sulfates. Also from 
oxidation of organic compounds in U- and V-bearing 
deposits of the Colorado Plateau type, associated with 
pyrite, zippeite and other minerals. Red needles up to 
20 mm (%/» in) long come from the United Verde mine, 
Jerome, Arizona, USA. Black selenium needles found 
in burning coal dumps in Kladno and Radvanice, 
Czech Republic. Occurs with ores of U and V along 
sandstone fissures in the Peanut Mine, Bull Canyon, 
Colorado, USA. Occurred through volcanic activity in 
Vulcano, Lipari Islands, Italy. 


Tellurium 
Te 


TRIGONAL ee 


Properties: C — tin-white; S - gray; L — metallic; D - 
opaque; DE - 6.2; HP - 2-2.5; CL — perfect; M - 
prismatic and acicular crystals, granular, massive. 
Origin and occurrence: Primary hydrothermal in low- 
temperature ore deposits; it originates also as secondary 
through the oxidation-reduction reactions of tellurides. 
It is associated with gold. sylvanite, altaite, pyrite and 
other minerals. Crystals up to 30 mm (1*/s in) long are 
known from Balya, Turkey. Crystals up to 20 mm (/xz 
in) long occurred in the Au deposits Cripple Creek and 
Colorado City, USA. Crystals up to 10 mm (*/s in) 
across come from Kawazu and Suzuki, Japan. Rich 
cleavage masses and crystals up to 70 mm (2% in) long 
were found in Uzbekistan. Crystallized tellurium is also 
known from Fata Baii and Baia de Aries, Romania. 


Tellurium, 1 mm xx, Zlatna, Romania 








2. Sulfides 


Algodonit 
CugAs 


HEXAGONAL ee 


Properties: C — steel-gray to silver-white, it quickly 
covers with a brown coating on air; S - gray; L - 
metallic; D — opaque; DE - 8,7; H - 4; CL — none; F 
—conchoidal: M — crystals, granular, massive. 
Origin and occurrence: Hydrothermal, mainly 
intimately inter-grown with other Cu arsenides. Its 
largest accumulations are known from Cu deposits in 
melaphyres in the Keweenaw Peninsula, Lake 
Superior, Michigan, USA. It is also known from 
Chile (Algodones mine near Coquimbo, Atacama). 
Other localities are Talmessi, Iran and Langban, 
Sweden. 


Domeykite 
Cu3As 


CUBIC eee 


Properties: C — tin-white to steel-gray, it tarnishes 
yellow and covers with a brown coating; S — gray; L 
— metallic; D — opaque: DE - 7,9; H - 3-3,5; CL - 
none; F - uneven; M — botryoidal aggregates, 
massive. 

Origin and occurrence: Hydrothermal with copper. 
cuprite, algodonite and silver. Common in masses, 
weighing several kg, together with algodonite in the 
Keweenaw Peninsula, Michigan, USA. The largest 
accumulations are known from Talmessi and Anarak, 
Iran. It occurs near Copiap and Chanarcillo, Chile. 
Massive aggregates in cuprite up to 50 mm (2 in) 
come from Biloves, Czech Republic. 


Sphalerite, 56 mm, Picos de Europa. Spain 
Algodonite, 60 mm, Keweenaw Peninsula, U.S.A. 








Domeykite, 3 mm x, Rudabanya, Hungary 






Allargentum 
Ag|.xSb 


HEXAGONAL e 


Properties: C — silver-white; S - gray; L — metallic; 
D — opaque; DE — 10,1; H — not determined; CL - 
none; M - small crystals, granular. 

Origin and occurrence: Hydrothermal in the silver- 
bearing ore veins, associated with — silver, 
breithauptite and dyscrasite. Crystals up to | mm ('/12 
in) known from Hartenstein, Germany. Its inter- 
growths with silver ores were found in Cobalt, 
Ontario, Canada. It is also known from Broken Hill, 
New South Wales, Australia and microscopic in 
Rejska vein in Kutna Hora, Czech Republic. 


Allargentum, 50 mm, Schlema, Germany 





Dyscrasite 

Ag3Sb 
ORTHORHOMBIC ee 

Properties: C — silver-white, it tarnishes yellow to 
black; S — silver-white; L — metallic; D— opaque; DE 
— 9,7; H - 3,5-4; CL - good; F - uneven: M — 
pyramidal and prismatic crystals, granular, massive. 
Origin and occurrence: Hydrothermal in the ore 
veins, associated with silver, stibarsen, pvrargyrite, 
calcite and other minerals. The best specimens come 
from the silver-bearing veins, cross-cutting the U 
deposit Haje near Paibram, Czech Republic, where 
prismatic crystals up to 50 mm (approx. 2 in} long 
and striated tabular twins were found. They arc 
mostly embedded in stibarsen; all the specimens, 
appearing in the mineral shows, are etched out of 
matrix. Deformed crystals of completely different 
habit are known from St. Andreasberg, Germany. 
Crystals occurred also in the Consols mine in 
Broken Hill, New South Wales, Australia. 


Chatcocite 
Cu2S 


MONOCLINIC @eee 


Properties: C — \ead-gray to black: S — lead-gray to 
black; L — metallic; D — opaque: DE — 5,8; If - 2,5- 
3; CL - imperfect: F - conchoidal; M — prismatic to 


Dyscrasite, 75 mm, P?ibram, Czech Republic 





tabular crystals, granular, massive. 

Origin and occurrence: Hydrothermal, also scdi- 
mentary and metamorphic, mostly secondary, in the 
oxidation and cementation zones of ore deposits. It 
occurs together with pyrite, chalcopyrite, covellite. 
bornite and other minerals. Crystals up to 25 cm (9's 
in) found in the M’Sesa mine, Zaire. Beautiful 
crystals several cm across come from Redruth and St 
Just. Cornwall, UK. Crystals over 20 mm (sz in) 
across occurred in Bristol, Connecticut and in Butte, 
Montana. Crystals up to 50 mm (2 in) in size known 
from the Flambeau mine near Ladysmith, Wisconsin, 
USA. Shiny cyclic twins of crystals up to 20 mm 
(sx: in) found in Dzhezkazgan, Kazakhstan. Massive 
aggregates are important Cu ore in Rio Tinto, Spain: 
Bor. Serbia; Bisbee, Arizona, USA and Tsumeb, 
Namibia. 

Application: important Cu ore. 


Djurleite 
Cu31S16 


MONOCLINIC eee 


Properties: C — lead-gray to black; S — lead-gray; L 
— metallic: D — opaque; DE - 5.8; H - 2,5-3; CL - 
none; F — conchoidal: M — short prismatic to tabular 
crystals, granular, massive. 

Origin and occurrence: Secondary as a product of 
the cementation zone in ore deposits. Crystals up to 
10 mm (sin) across known from the Botallack mine 


Chaleocite, 17 mm x, Cornwall, UK 





near St. Just, Cornwall. UK. Aggregates of thick 
acicular crystals up to 30 mm (1 Ye in) long found in 
Dzhezkazgan, Kazakhstan. 

It occurs in massive form in many porphyry copper 
deposits (Butte, Montana; Bisbce, Arizona. USA). 
also in Tsumeb. Namibia, together with chalcopyrite, 
pyrite and other minerals. 


Djurleite, 3 mm xx, Dzhezkazgan, Kazakhstan 





Berzelianite 
Cu7Se 


CUBIC eee 


Properties: C — silver-white, tarnishes black; S - 
silver shiny: L -— metallic; D — opaque: DE - 7,3; H 
— 2.5; CL - none; F — uneven; M - granular, massive. 
Origin and occurrence: Hydrothermal, together with 
other selenides in U, Fe and Au deposits. It is the 
main mineral in the selenide mineralization in 
Tilkerode, Germany. Grains, up to several tens of cm 
across, greenish tarnished, occurred together with 
other selenides in Bukov, Habei, Petrovice and 
Pr edborice , Czech Republic. Similar occurrence is 
known from near Pinky Fault near Athabasca Lake. 
Saskatchewan, Canada. 


Berzelianite, 60 nm, Bukov, Czech Republic 





Bornite. 15 mm xx, Dzhezkazgan. Kazakhstan 





Bornite 

Cu 5FeS, 
ORTHORHOMBIC eeee 

Properties: C - copper-red, tarnishes iridescent; S — gray- 
black; L — metallic; D— opaque: DE — 5,1; H - 3-3,5; CL 
— imperfect; F — uneven to conchoidal: M -- pseudo-cubic 
octahedral crystals, massive. 

Origin and occurrence: Magmatic, hydrothermal, 
sedimentary, in skarns and pegmatites together with 
chalcocite, chalcopyrite, pyrite, quartz and other mine- 
rals. Fine crystals up to 10 mm (‘/ in) across are known 


Bornite, 3 mm xx, Dzheskazgan, Kazakhstan 








from Carn Brea, Cornwall, England, UK. Crystals up 
to 30 mm (A« in) come from Likasi, Shaba, Zaire. 
Beautiful crystals up to 40 mm (1’/ in) across were 
found recently together with chalcocite in 
Dzhezkazgan. Kazakhstan. Massive aggregates are 
common and used as Cu ore in Kipushi, Shaba, Zaire. 
Fine-grained, sedimentary bornite occurs in Cu- 
bearing shales in Mansfeld, Germany, where it forms 
the main ore layer. Crystals, up to 20 mm (fx in) in 
size, occurred in the Cole shaft and masses, weighing 
several thousands of tons, were mined in the Campbell 
shaft, Bisbee. Arizona. USA. Application: Cu ore. 


Umangite 
Cu3Se2 


TETRAGONAL eee 


Properties: C - blue-black with reddish tint. tarnishes 
purple: S — black; L - metallic; D - opaque; DE ~ 6,6; 
H - 3; CL — imperfect; F - uneven to conchoidal; M — 
granular, massive. 

Origin and occurrence: Hydrothermal in ore veins 
together with other selenides (clausthalite. berzelianite). 
It is common, associated with berzelianite in Tilkerode, 
Germany; Sierra de Umango, Argentina and Slavkovice, 
Czcch Republic. Larger accumulations occur in the 
Martin Lake mine near Athabasca Lake. Canada. 


Acanthite 
Ag2S 


MONOCLINIC eee 


Properties: C — black; S — black; L — metallic; D - 
opaque; DE - 7,2; H - 2-2,5; CL - none; F — uneven; 
M - pseudo-cubic crystals, massive. It mainly occurs 
as paramorphs after argentite (high-temperature 
phase of the same composition). 

Origin and occurrence: Hydrothermal in ore veins. 
Beautiful crystals over 50 mm (2 in) long occurred in 
the Himmelsfiirst mine in Freiberg, in Annaberg and 
Schneeberg, Germany. Acicular crystals are known 
from Jachymov, Czech Republic. It is common in 
association with silver, proustite, pyrargyrite, poly- 
basite, stephanite. galena and other minerals in 
Mexico, Probably the best paramorphs after argentite 
up to 70 mm (2% in) across come from the Rayas 
mine, Guanajuato. Fine crystals occur in the Las 
Chispas mine, Arizpe, Sonora and many localities in 
Zacatecas, Chihuahua. 

Application: important Ag ore. 


Argentite 


CUBIC eee 


Properties: C - black-gray, tarnishes black: S - 
black: L - metallic; D - opaque: DE - 7,1; 11 - 2-2,5; 
CL - imperfect: F - uneven to conchoidal; M - 
octahedral and cubic crystals, dendritic aggregates, 
massive. Stabile at temperatures over 179EC 
(354.2°F), below this temperature there are 
paramorphs of acanthite after argentite. 


Umangite, 40 mm, Beaverlodge Lake, Canada 











Acanthile, 23 mm, Arizpe. Mexico 






Origin and occurrence: Hydrothermal in low- 
temperature ore deposits, associated with silver, 
galena and Ag sufosalts. Occurs between the 
oxidation and cementation zone with stromeyerite, 
silver, jalpaite, iodargyrite and other mincrals. Fine 
crystals up to 40 mm (1"4s in) across, are known 
from Freiberg and Schneeberg, Germany. Similar 
crystals found in Jachymov and Midinec., Czech 
Republic. Crystals up to 30 mm (1’/» in) occur in 
Sarrabus, Sardinia, Italy. Maybe the best argentite 
crystals occurred in Mexico (Arizpe, Sonora; 
Zacatecas; Guanajuato), where crystals reached up 
to 40 mm (1*/s in). Fine crystals up to 20 mm (*f» in) 
across reported from Chafiarcillo in Chile. 
Application: important Ag ore. 


Argeniite, 29 mm. Zacatecas, Mexico 


Aguilarite, 4 mm xx, Guanajuato, Mexico 





Hessite 
AgzTe 


MONOCLINIC eee 


Properties: C — \ead to stecl-gray, tarnishes black: S - 
light gray; L — metallic; D - opaque; DE — 8,4; H - 2- 
3; CL — imperfect; F — even; M — pseudo-cubic crystal 
combinations, granular. massive. 

Origin and occurrence: Hydrothermal in medium- 
and low-temperature ore veins together with calave- 


Hessite, 31 mm, Botes, Romania 


rite, sylvanite, altaite, gold, tellurium and other sul- 
fides. The best specimens with crystals up to 20 mm 
(#h: in) across (*/2 in) and aggregates up to 100 mm 
(4 in) come from the Bote mine. Romania. Small 
crystals occur in the Jamestown mine, California, 
USA. Massive aggregates were found in Gold Hill, 
Colorado. USA and Moctezuma, Mexico. Aggre- 
gates, up to tens of cmv (several sq in) in size, were 
known in the Zavodinskii mine. Altai, Kazakhstan. 


Aguilarite 
AggSeS 


ORTHORHOMBIC e 


Properties: C — lead-gray, tarnishes black, S — gray- 
black; L - metallic; D — opaque; DE — 7,7; H — 2,5; 
CL — none; F - hackly; M — skeletal crystals, 
massive. 

Origin and occurrence: Hydrothermal in ore veins, 
together with silver, stephanitc, proustite, pearccite, 
calcite and quartz. The best crystallized specimens 
with crystals up to 30 mm (1°/is in} across come from 
the San Carlos mine, Guanajuato and Chontalpan, 
Taxco, Guerrero, Mexico. It is also known in inter- 





growths with acanthite and naumannite from the 
Comstock Lode, Virginia City, Nevada, USA. 


Argyrodite 
AggGe S¢ 


ORTHORHOMBIC e 


Properties: C — stecl-gray, tarnishes black; S — gray- 
black; L — metallic; D - opaque; DE — 6,3: H — 2,5- 
3; CL = none; F — uneven to conchoidal; M — 
combinations of cubic crystals. botryoidal 
aggregates, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature base metal deposits, associated with Ag 
sulfosalts, It occurred in crystals in the Himmelsfhrst 
mine, Freiberg, Germany. Crystals were also found 
in several localities in Bolivia (Atoche, Colquechaca, 
Potosi). Crystal measuring 60 mm (24 in) across is 
reported from Porco. Bolivia. 


Stromeyerite 
AgCuS 


ORTHORHOMBIC eee 


Properties: C — dark steel gray, tarnishes bluc; S 
steel-gray; L — metallic; D - opaque; DE — 6,3; H 
2.5-3; CL - none; F = conchoidal; M - pseudo- 
hexagonal tabular crystals, massive. 

Origin and occurrence: Mostly secondary in the 
cementation zone of ore veins, associated with 
freibergitc, bornite, chalcocite, galena and other 
minerals, Fine tabular crystals up to 10 mm (‘v/s in) 
across found in Dzhezkazgan. Kazakhstan, where 
pseudo-morphs of stromeyerite after silver wircs also 
occur. Skeletal prismatic pscudo-morphs after 
chalcocite crystals come from Vraneice, Czech 
Republic. Massive aggregates are common in many 
deposits in Colorado, USA (Aspen; Red Mountain), 
Chile (Copiapo). Bolivia (Potosi) and Canada (Cobalt, 
Ontario). 


Stromeyerite, 6 mm xx, Dzhezkazgan, Kazakhsian 
_— 








Jalpaite, 30 mm veinlet, P?ibram, Czech Republic 





Argyrodite, 34 mm, Mexico 


Jalpaite 
Ag3 CuS 2 


TETRAGONAL ee 


Properties: C - light gray. tarnishes dark gray to iri- 
descent; S — black: L — metallic; D - opaque: DE — 6,8; 
H — 2-2.5; CL = good; F - conchoidal: M - crystals, 
granular. 

Origin and occurrence: Hydrothermal in low-tem- 
perature ore veins. Crystals up to 25 mm (1 in) across 
known from Jalpa. Queretaro, Mexico. Crystals up to 
30 mm ("ie in) across come from the Caribou mine, 
Colorado, USA. Massive aggregates, associated with 
galena, sphalerite. pyrite, stromeyerite, polybasite and 
other mincrals, occurred in Paibram, Czech Republic. 
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Pentlandite, 90 mm, Sudbury, Canada 





Pentlandite 
(Fe,Ni)gSg 
CUBIC ee¢e0 


Properties: C — light bronze to red-brown: S - light 
bronze: L - metallic; D- opaque: DE - 5,0; H - 3.5- 
4: CL - none; F — conchoidal; M — crystals, massive. 
Origin and occurrence: Typical magmatic liquid 
mineral, associated with pyrrhotite and chalcopyrite. 
It is common in Sudbury, Ontario, Canada, as mostly 
microscopic inclusions in chalcopyrite, but also as 
imperfect crystals. Large accumulations are known 
from Talnakh near Norilsk, Siberia, Russia, where it 
occurs together with Cu, Pt and Pd sulfides. ft is also 
important ore in the deposit near Rustenburg, South 
Africa. 

Application: the most important Ni ore. 


Sphalerite, 31 mm, Elmwood. US.A. 





Sphalterite 
ZnS 
CUBIC eee 


Varieties: clciophane (green, yellow, orange), 
marmatite (black) 


Properties: C - colorless, yellow, orange, green, 
brown, black: S — brownish, light ycllow, white; L - 
resinous to adamantine; D — transparent, translucent, 
opaque: DE - 4,1; H - 3,5-4; CL — perfect; F - 
conchoidal; M — tetrahedral and dodecahedral 
crystals, botryoidal, fibrous and stalactitic aggregates, 
massive; LU — sometimes orange. 

Origin and occurrence: Magmatic (liquid, in pegma- 
tites); hydrothermal in low- to high-temperature 
deposits, skarns, hydrothermal sedimentary deposits; 





rare sedimentary and metamorphic. It occurs together 
with galena, pyrite, chalcopyrite, marcasite, fluorite. 
barite, quartz and other minerals. Beautiful crystals up 
to 100 mm (4 in) across come from Trepea. Serbia. 
Green and red crystals up to 100 mm (4 in) known 
from Cananea, Sonora, Mexico. Fine yellow crystals 
up to 30 mm (1?/6 in) were common in Banska “tiav- 
nica, Slovakia; similar crystals occur in Madan, Bulga- 
ria. The most beautiful yellow, orange and red crystals 
up to [50 mm (6 in) across found in Picos de Europa, 
Santander, Spain. They are sometimes faceted. Brown 
crystals up to 50 mm (2 in) come from Joplin, 
Missouri; stalactitic aggregates up to 150 mm (6 in) 
long come from Galena, Illinois, USA. Perfect black, 
shiny crystals and twins up to 50 mm (2 in) are famous 
from Dalnegorsk, Russia; yellow crystals, up to 30 
mm (I> in), occurred in Dzhezkazgan, Kazakhstan. 
Transparent crystals up to 30 mm (1°/« in) also found 
in Franklin, New Jersey, USA. Green crystals up to 
100 mm (approx. 4 in) across occurred in the Big Four 
mine, Colorado, USA. Crystals up to 50 mm (2 in) 
known from the Oppu mine, Aomori. Japan. 
Application: principal Zn ore. 


Coloradoite 
HgTe 


CUBIC ee 


Properties: C - black-gray; S - black-gray: L 
metallic; D - opaque; DE - 8,1; H — 2,5; CL — none; 
F - uneven to conchoidal; M ~ granular, massive. 
Origin and occurrence: Hydrothermal, associated 
with altaite, calaveritc, krennerite. gold, pyrite and 
other minerals in Au-bearing veins. It was common 
in Cripple Creek and in the Smuggler mince, 
Colorado; in the Norwegian mine, California, USA. 
Grains, reaching up to several mm, come from 
Jilove, Czech Republic. 


Coloradoite, 70 mm, Kalgoorlie, Australia 





Chalcopyrite, 10 mm xx, Cavnic, Ramania 





Chatcopyrite 
CuFeS> 


TETRAGONAL e#eeee 

Properties: C — brass-yellow, tarnishes iridescent; S 
~ green-black: L — metallic; D — opaque; DE ~ 4,3; 
H - 3,5-4; CL —- imperfect; F - uneven: M —- 
tetrahedral crystals, boiryoidal aggregates, massive. 
Origin and occurrence: Magmatic. hydrothermal 
and sedimentary, in association with — sphalerite, 
galena, tetrahedrite, pyrite and many other sulfides. 
Fine crystals up to 30 mm (1¥is in) across are known 
from Banska “tiavnica, Slovakia and from Cavnic. 
Romania. 

Crystals up to 120 mm (4"/isin) across, associated 
with other sulfides, come from the Nikolai mine in 
Dalnegorsk. Russia. Beautiful crystals up to 120 mm 
(4"/uin) found in Japan (Arawaka, Osarizawa). Fine 
crystals reaching up to several cm occur in Peru 
(Huanzala. Huaron). Massive aggregates are 
important Cu ore in Sudbury, Ontario, Canada; 
Bingham, Utah; Bisbee, Arizona. LSA and Rio 
Tinto, Spain. 

Application: important Cu ore. fae 


Chalcopvrite. 15 mm x, Ground Hog Mine. U.S.A. 
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Luzonite, 60 mm, Recsk, Hungary 


Germanite, 40 mm, Tsumeb, Namibia 





Luzonite 
Cc u3As S4 


TETRAGONAL ee 


Properties: C — dark pink-brown; S - black; L — 
metallic; D —- opaque: DE - 4,5; H — 3,5; CL - good: 
F — uneven to conchoidal: M — crystals, granular, 
massive. 

Origin and occurrence: Hydrothermal in low- to 
medium-temperature veins, associated with enargite, 
tetrahedrite, sphalerite, bismuthinite, Ag sulfosalts and 
other minerals. Crystals up to 40 mm (1% in) across 
come from Quiruvilca; it is common in Cerro de 
Pasco, Peru. It is also common in the Teine mine, 
Hokkaido, Japan; crystals also occur in Kinkwaseli, 
Taiwan. It is known from Bor, Serbia and Recsk, 
Hungary. 


Stannite 
Cu2FeSnS,4 
TETRAGONAL eee 


Properties: : C — steel-gray to black, tarnishes blue; 


Stannite, 10 mm xx. Potosi. Bolivia 





S — black; L - metallic; D - opaque; DE — 4,5; H - 
4, CL — imperfect; F — uneven; M — pseudo- 
octahedral crystals, granular, massive. 

Origin and occurrence: Hydrothermal in high- 
temperature Sn deposits. The best specimens come 
from Bolivia; crystals up to 50 mm (2 in) across 
known from Llallagua: crystals up to 30 mm (1/is 
in) from Chocaya and cross-like inter-growths from 
the San Jose and Itos mines near Oruro. It occurs as 
massive vein fillings in Carn Brea, Cornwall, UK 
and Cinovec, Czech Republic. It was also found in 
amblygonite pegmatites in Caceres, Spain and in 
quartz-amblygonite veins near Vernegov, Czech 
Republic. 

Application: Sn ore. 


Germanite 
Cu7¢FeqGe4S3> 


CUBIC ee 


Properties: C- pink to purple-grey, S — black, L - 
metallic, D - opaque, DE — 4.5, H - 4, CL — none, F 
— uneven, M — tetrahedral crystals, granular, 
massive. 

Origin and occurrence: Hydrothermal, often inter- 
grown with tennantite, bornite and other minerals. It 
was important only in one particular place in 
Tsumeb, Namibia, where larger accumulations were 
found. Smaller occurrences are known from the 
Shikanai mine, Japan; small cubic crystals come 
from the Humboldt mine, Colorado, USA. 


Tennantite 
Cu 2As4813 
CUBIC eeee 


Properties: C — steel-gray; S — black, brown to dark 


red; L - metallic; D ~ opaque; DE - 4.6; H — 3-4,5; 
CL - none; F — conchoidal to uneven; M — tetrahedral 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in ore veins 
and grcisens with pyrite, calcite, dolomite, quartz and 
other sulfides and Cu-Pb-Zn-Ag sulfosalts. Fine 
crystals are known from Cornwall. UK (Wheal Jewel. 
Gwennap: Carn Brea). Crystals up to 150 mm (6 in) 
across, come from Tsumeb, Namibia. Crystals of 
binnite in Lengenbach, Binntal. Switzerland, up to 30 
mm (If in). Crystals up to 20 mm ("1 in) across 
were found recently in Dzhczkazgan, Kazakhstan. 
Large masses occurred in Kipushi, Zaire. Crystals up 
to 25 mm (I in) known from El Cobre, Zacatecas. 
Mexico. Application: Cu ore. 


Tetrahedrite 
Cup 2Sb4513 
CUBIC @eee 

Properties: C — steel-gray to black: S — black, brown: 
L - metallic: D - opaque: DE - 5.0: H ~ 3-4.5; CL - 
none; F - conchoidal: M — tetrahedral crystals, 
granular, massive. 

Origin and occurrence: Hydrothermal in low- to 
medium temperature veins; in contact metamorphic 
deposits together with chalcopyrite. galena, sphalerite, 
pyrite, bornite, calcite, quartz and other mincrals. The 
largest known crystals up to 25 cm (97s in) across 


Tetrahedrite, 10 mm xx, Peru 


Tennantite, 26 mm, El Cobre, Mexico 





come from Anzen and Irazein in Pyrennecs, France. 
Common crystals scveral cm in size occur in Cavnic, 
Romania. Fine specimens with crystals up to 70 mm 
(23% in) across found in the Mercedes mine in 
Huallanca, Peru. Other Peruvian localities like 
Casapalca and Morococha yielded fine crystallized 
specimens. Fine crystals up to 20 mm (**/u in) in size 
known from Peibram, Czech Republic. 

Application: ruda Cu. 





Freibergite, 1S mm xx, Obecnice, Czech Republic 
- — eS a 





Freibergite 
(Ag,Cu,Fe); 2(Sb,As) 4513 


CUBIC eee 


Properties: C — gray to black; S — black, brown to 
dark red; L — metallic; D - opaque; DE - 5,4; H - 3- 
4.5; CL - none; F -— uneven to conchoidal; M — 
tetrahedral crystals. massive. 

Origin and occurrence: Hydrothermal in ore 
deposits, associated with many sulfides and 
sulfosalts. It is mainly massive in the Himmelsfurst 
mine in Freiberg, Germany; Cobalt, Ontario, Canada 
and in Mount Isa, Queensland, Australia. It was a 
principal Ag ore in Kutna Hora, Czech Republic. 
Application: Ag ore. 


Wurtzite 
ZnS 
HEXAGONAL eco 


Properties: C — dark red-brown. dark brown to brown- 
black: S — brown: L — resinous to submetallic; D — 


Wurtzite, 30 mm xx, Animas, Bolivia 





translucent to opaque; DE - 4,1; H - 3,5-4; CL - 
good; M - pyramidal, prismatic to thick tabular, 
striated crystals, concentric banded and radial 
aggregates. 

Origin and occurrence: Hydrothermal in ore veins 
with sphalerite, marcasite, pyrite and other minerals. 
Also of low-temperature origin along the cracks of 
clay concretions. The best wurtzite crystals come from 
Bolivia: crystals up to 40 mm (1%is in) across from 
Animas and crystals up to 20 mm (?4/u in) across from 
Llallagua and Potosi. Fine crystals up to 30 mm (1/6 
in) across found in Talnakh near Norilsk, Siberia, 
Russia. Interesting radial aggregates, up to several cm 
in diameter, occurred in Peibram, Czech Republic. 


Greenockite 
CdS 


HEXAGONAL ee0e 


Properties: C — yellow to orange, dark red: S - 
orange-yellow to brick-red; L - adamantine to 
resinous; D — upaque ty uanslucent, DE — 4,8; H —3- 
3,5; CL - good; F — conchoidal; M -— trillings, 
pulverulent coatings. 

Origin and occurrence: Mainly secondary as 
pulverulent coatings on sphalerites. It also occurs in 
cavities of volcanic rocks together with prehnite, 
zeolites and calcite. Crystals are known from ore 
veins in Llallagua, Bolivia. Pulverulent coatings are 
described from Poibram. Czech Republic; Bleiberg, 
Austria and from the deposits in the Tri State region, 
Missouri, USA. Crystals up to 10 mm (*/s in) 
occurred in the cavities of volcanic rocks near 
Renfrew, Scotland, UK. 


Enargite 
Cu3AsS, 
ORTHORHOMBIC ee@e@e 


Properties: C - gray-black to black; S ~ gray-black; 


Grenockite, 20 mm, Ocna de Fier, Romania 





an 


L - metallic; D — opaque; DE - 4,4; H - 3; CL- 
perfect; F - uneven; M — tabular and prismatic, 
striated crystals, massive. 

Origin and occurrence: Hydrothermal in medium- 
temperature, sometimes in low-temperature deposits, 
associated with quartz, pyrite, sphalerite, galena, bor- 
nite and other minerals. Beautiful crystals, up to 100 
mm (4 in) across, come from the Luz Angelica mine 
in Quiruvilea; crystals up to 150 mm (6 in) across 
from Morococha and Cerro de Pasco, Peru. Fine crys- 
tals were found in Butte, Montana, USA and in Man- 
cayano, Luzon, Philippines. [t occurs as a principal Cu 
ore in several deposits (Bor, Serbia: Huaron, Peru). 
Application: Cu ore. 


Cubanite 
Cu7FeS3 


ORTHORHOMBIC eee 


Properties: C - brass-yellow to bronze; S — black; L 
- metallic; D ~ opaque; DE - 4,1; H - 3,5; CL - 
none; F - conchoidal; M — tabular crystals, massive. 
Origin and occurrence: Magmatic in liquid deposits 
as inclusions in chalcopyrite, as hydrothermal in 
high-temperature deposits, associated with chalco- 
pyrite, pyrite, pyrrhotite and sphalerite. The best 
crystals, twins, up to 40 mm (1°/ in) across, come 
from the Henderson No.2 mine, Chibougamau, 
Quebec, Canada. It was also described in crystals 
from Sudbury, Ontario, Canada and Morro Velho, 
Brazil. Its large accumulations are important Cu ore 


Cubanite, 33 mm x, Chibougamau, Canada 





Enargite, 41 mm, Butte, U.S.A. 


in Sudbury, Ontario, Canada; in Mooihoek, South 
Africa and in Prince William Sound, Alaska, USA. 
Application: important Cu ore. 
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Sternbergite, 20 mm, StA 







adreasherg, Germany 


— 


Sternbergite 
Ag2FeS3 


ORTHORHOMBIC ee 


Properties: C -— golden-brown: S — black: L - metal- 
lic to adamantine: D — opaque: DE — 4.3: H - 1-1,5: 
CL - perfect; M —- thin tabular pseudo-hexagonal 
crystals, often in rosettes and fan-shaped aggregates. 
Origin and occurrence: Hydrothermal in Ag-bearing 
veins, associated with stephanitc, acanthite, proustite, 
argentopyrite and other minerals. Tabular crystals up 
to several mm across known from Jachymov and 
Midinec, Czech Republic: from St. Andreasberg, 
Johanngeorgenstadt, Schneeberg and Freiberg, 
Germany. 


Pyrrhotite, 68 mm, Dalnegorsk, Russia 


Argentopyrite, 60 mm, M?d?nec, Czech Republic 





Argentopyrite 
Ag2FeS 3 


ORTHORHOMBIC ee 


Properties: C - gray-white, tarnishes iridescent: S — 
gray; L — metallic; D — opaque. DE - 4,3: H - 3,5 - 
4: CL — none; F — uneven: M — thick tabular pseudo- 
hexagonal crystals, granular. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with proustite, pyrargyrite, stephanite, 
sternbergite, dolomite, quartz and other minerals. 
Crystals up to 5S mm ('“e in) across come from Jachymov 
and Midinec, Czech Republic: it is also known from 
Schlema, Freiberg and Schneeberg, Germany and from 
Colquechaca, Bolivia. 


Pyrrhotite 
Fe). (x = 0-0,17) 
MONOCLINIC eeee 

Properties: C - bronze-ycllow to brown, tarnishes 
quickly; S - dark gray-black: L — metallic; D - 
opaque; DE - 4,7; H - 3,5-4,5; CL - none; F - 
uneven to conchoidal; M — tabular, pyramidal and 
prismatic crystals, massive. 

Origin and occurrence: Magmatic liquid in basic rocks, 
together with pyrite and pentlandite; in pegmatites; 
hydrothermal in high-temperature and metasomatic 
deposits: sedimentary and metamorphic. Tabular 
crystals up to 300 mm (11"%15 in) across come from 
Trepea, Serbia and Dalnegorsk, Russia; prismatic crys- 
tals up to 150 mm (6 in) long found in Santa Eulalia, 
Chihuahua, Mexico and Chiuzbaia, Romania. Tabular 
crystals up to 110 mm (4%s in) occurred in Cavnic, 
Romania. Large imperfect crystals, coated with 
wavellite. are known from Llallagua, Bolivia. Huge 
masses of industrial importance occur in Sudbury, 
Ontario, Canada; Talnakh near Norilsk, Siberia, Russia 
and elsewhere. Application: sometimes as Fe ore. 


Nickeline, 138 mm, Pohla. Germany 


Nickeline 
NiAs 
HEXAGONAL @eeee 

Properties: C - light copper-red, tarnishes gray to 
black; S ~ light brown-black: L - metallic; D 
opaque; DE - 7,8: H - 5-5,5; CL - none; F - 
conchoidal: M — striated crystals, botryoidal and 
dendritic aggregates, granular. massive. 

Origin and occurrence: Hydrothermal in high- 
temperature ore veins with skutterudite, nickel- 
skutterudite, safflorite, rammelsbergite and other 
minerals. Also magmatic in norites and peridotites. 
Crystals up to 15 mm (“x in) across come from 
Pohla: small crystals were found in Richelsdorf, 
Germany. Fine massive aggregates and small 
crystals occurred in Bou Azzer, Morocco. Huge 
accumulations are known in Cobalt and Gowganda, 
Ontario, Canada. 

Application: Ni ore. 


Breithauptite 
NiSb 





HEXAGONAL ee 


Properties: C — light copper-red, purplish: S — red- 
brown: L — metallic: D — opaque: DE — 8,6: H — 5,5: 





CL ~ none; F - conchoidal to uneven: M — thin 
tabular crystals, dendritic aggregates, massive. 
Origin and occurrence: Magmatic, hydrothermal 
and metamorphic, associated with silver. nickcline, 
cobaltite and other sulfides. It occurs inter-grown 
with pyrrhotite and pentlandite in magmatic liquid 
deposit Vlakfontein, South Africa. It is common in 
hydrothermal veins in Cobalt, Ontario, Canada: also 
known from Sarrabus, Sardinia, Italy and St. 
Andreasberg, Germany. 


Breithauptite, 80 mm, Cobalt, Canada 





33 


Millerite, 26 mm, Antwerp, U.S.A. 


Millerite 
NiS 


TRIGONAL eee 


Properties: C - light brass-ycllow to bronze, tarnishes 
iridescent; S — greenish-black; L — metallic; D - 
opaque; DE -- 5,4; H - 3-3.5; CL - perfect; F — uneven; 
M - acicular crystals, cleavable masses, aggrcgatcs of 
parallel inter-grown crystals with velvety surface. 

Origin and occurrence: Hydrothermal in low-tempe- 
raturc ore deposits. also as a product of decomposition 
of Ni sulfides, [t is associated with pyrrhotite, 
ankcrite. whewellite, barite and other minerals. 


Alabandite, 40 mm, Sacarimh, Romania 








Cleavable masses occurred near Temagami near 
Sudbury. Ontario, Canada and in Kambalda, Western 
Australia, Australia. Acicular crystals come from ore 
veins in Jachymov and Pribram, Czech Republic; 
needles in cavities of siderite concretions in the 
vicinity of Kladno, Czech Republic, reached up to 70 
mm (2% in). Acicular crystals up to 80 mm (3'/s in) 
long known from the limestone cavities near Dort- 
mund, Germany. Beautiful specimens with crystals up 
to 50 mm (2 in) long in the cavitics in hematite occur- 
red in the Sterling mine, Antwerp, New York, USA. 
Velvety fibrous aggregatcs were found in the Thomp- 
son mine, Manitoba. Canada. Application: Ni ore. 


Alabandine 
MnS 





cCuBIc ee 


Properties: C - black: S — green; L — submetallic; D 
- opaque; DE - 4,1; H — 3.5-4; CL ~ perfect; F - 
uneven; M — cubic and octahedral crystals, granular, 
massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with rhodochrosite, calcite, galena, 
sphalcrite, pyrite and other minerals. Crystals up to 20 
mm (*/2 in) across together with granular aggregates 
are relatively common in Romania (Sacarimb, Baia de 
Arics , Rogia Montana). Crystals are also known 
from the Queen of the West mine, Colorado and from 
the Lucky Cuss mine, Tombstone, Arizona, USA. 


Galena, 56 mm, Neudorf, Germany 





Galena 
PbS 





CUBIC eeeee 


Varieties: steinmannite 


Properties: C - lead-gray: S - lead-gray; L 
metallic; D — opaque: DE — 7,6; H - 2.5; CL - 
perfect; F — conchoidal; M — cubic crystals and their 
complex combinations, tabular crystals, skelctal 
aggregates, massive. 

Origin and occurrence: Magmatic, hydrothermal, 
metamorphic, very rare sedimentary, associated with 
sphalerite. chalcopyrite. pyrite. quartz and other 
minerals. Large crystals up to several tens of cm in 
size come from many localities in the USA. (Joplin, 


Clausthalite. 20 mm veinlet, Tilkerode, Germany 


Galena, 66 mm, Picher, U.S.A. 





Missouri; Galena, Kansas; Picher, Oklahoma; 
Sweetwater mine, Missouri). Beautiful. often skeletal 
crystals or spincl-law twins up to 200 mm (7/4 in) 
across known from the Nikolai mine in Dalnegorsk,. 
Russia. Fine crystals occur also in Naica. Chihuahua, 
Mexico. Famous complicated combinations of 
crystals were found in Neudorf, Germany. Octahedral 
crystals up to 10 mm (* in) (steinmannite varicty) 
were common in Pribram, Czech Republic. Beautiful 
specimens with cubes up to several cm across come 
from Madan, Bulgaria; spinel-law twins occurred in 
Herja, Romania. 

Application: the mos! important Pb ore. 


Clausthalite 
PbSe 


CUBIC eee 


Properties: C — lead-gray, bluish; S — gray-black; L 
— metallic; D - opaque; DE — 8,3; H - 2,5 — 3; CL- 
good: F — granular; M - granular, massive.. 

Origin and occurrence: Hydrothermal in ore veins with 
a low S content, together with berzelianite, umangite, 
uraninitc and other minerals. It occurs as massive 
aggregates in calcite veins with other sclenides in 
Clausthal and Tilkerode. Germany. It is similar in 
Skrikerum, Sweden: common in the U deposits in 
Predborice. Bukov and Zlatkov, Czech Republic. 
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Trimming Your Leads 


After you solder a component in place, you need to tidy things up. Grab the 
cutters from your kit, and trim the leads as close to the solder joint as pos- 
sible (see Figure 2-11 and Figure 2-12). Don't cut into the solder joint; the idea 
is to trim the excess wire lead. 


When you clip it, the wire lead will fly away from the clippers very fast, and 
could injure someone. The best way to keep this from happening is to use 
one or two fingers to hold the lead you're clipping. With one finger, you can 
put enough pressure on it to keep it from flying away. 





Figure 2-11. Trimming leads on the 555 blinky 


18 Learn to Solder 


Altaite. 65 mm, Stania, Romania 


Altaite 
PbTe 


CUBIC eee 


Properties: C - tin-white to yellowish. tarnishing to 
bronze: S — black; L - metallic; D - opaque; DE 
8.3; H - 3; CL = perfect; F — conchoidal; M - cubic 
and octahedral crystals, massive. 


Miargyrite, 20 mm. Kutna Hora, Czech Republic 








Origin and occurrence: Hydrothermal in vein Au 
deposits, associated with other tellurides, galena and 
other minerals. Crystals up to 20 mm (*/» in) across 
are known from the Revenge mine, Colorado, USA. 
It is massive with aguilarite in Kalgoorlie, Western 
Australia, Australia, It is relatively common with 
other tcllurides in Sacarimb , Romania; in the 
Zavodinskii mine, Altai, Russia and in Zod near 
Sevan Lake, Armenia. 


Miargyrite 
AgSbS2 


MONOCLINIC eee 


Properties: : C — black to stecl-gray; S — cherry-red: 
L - metallic, adamantine; D — opaque; DE — 5,3; H 
— 2,5; CL — imperfect; F — conchoidal; M — thick 
tabular, striated crystals. massive. 

Origin and occurrence: Hydrothermal in low- 
temperature ore veins, together with proustite, 
pyrargyritc, polybasite, silver, quartz and other 
minerals, Fine crystals, up to 10 mm (’/s in) across, 
occurred in Pribram and Kutna Hora, Czech 
Republic: in Braunsdorf and Freiberg, Germany. It is 
also known from many localities in Bolivia (Tatasi, 
Oruro - 10 mm (’/c in) crystals, Potosi) and Mexico 
(Sombrercte, Catorce). It was also found in 
Hiendelaencina, Guadalajara, Spain. 

Application: Ag ore. 


Franckeite 
(Pb,Sn)gFeSn2Sb 2S 14 
TRICLINIC ee 


Properties: C — gray-black; S — gray-black: L - 
metallic; D - opaque: DE -. 5,9; H - 2,5-3: CL 


Franckeite. 30 mm, Oruro, Bolivia 





Cytindrite, 30 mm. Poopo, Bolivia 


perfect; M — thin tabular, curved crystals, often 
rosctte-like aggregates of crystals. 

Origin and occurrence: Hydrothermal in Ag-Sn 
deposits, associated with cylindrite, zinkenite, 
cassiterite, wurtzite and other minerals; in contact 
metamorphic limestones. The best crystals up to 60 
mm (24 in) across come from various localities in 
Bolivia (Mollecagua near Poopo; Huanuni; Chocoya 
near Potosi: Colquechaca and Oruro). It is known in 
contact metamorphic limestone from the Kalkar 
quarry, California, USA. 

Application: Sn ore. 


Cylindrite 
Pb3Sn4FeSb2S 14 


TRICLINIC ee 


Properties: C - lead-gray to black; S - black; L - 
metallic; D - opaque; DE - 5,4; H - 2,5; CL — 
perfect. M - cylindrical. conical and spherical 
crystal aggregates, massive. 

Origin and occurrence: Hydrothermal in Sn-bearing 
veins with franckcite, stannite, cassiterite. galena 
and other minerals. World famous specimens with 





crystals up to 50 mm (2 in) long come from the 
Trinacria and Santa Cruz mines near Poopo, Bolivia. 
It was also reported from the Smirnovsk deposit, 
Transbaikalia, Russia. 


Cinnabar 
HgS 
TRIGONAL @eee 

Properties: C - red to brownish-red; S - crimson: L - 
adamantine to metallic. also dull; D — opaque: DE - 
8,2; H - 2-2,5; CL — perfect; F - conchoidal to uneven: 
M - rhombohedral, thick tabular and prismatic 
crystals, massive. 

Origin and occurrence: Low-temperature hydro- 
thermal mineral, associated with realgar, mercury, 
pyrite, marcasite and other minerals. The worlds 
best specimens with crystals up to 70 mm (2% in) 
across are known from many localities in China 
(Hunan and Guizhou provinces). Fine shiny crystals 
up to 10 mm (’/s in) across come from Nikitovka. 
Ukraine and in Khaidarkan, Kyrgyzstan, Crystals up 
to 30 mm (1°*/ in) also found in Monte Amiata and 
Rippa near Seravezza, Italy. Its massive aggregates 
are an important Hg ore in Allchar, Macedonia; 
Almaden, Spain and elsewhere. 

Application: the most important Hg ore. - 


v 


Cinnabar, 30 mm x, Hunan, China 
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Covellite, 65 mm, Butte, U.S.A. 





Covellite 
Cus 


HEXAGONAL eee 


Properties: C — indigo-blue, tarnishing iridescent; S 
— lead-gray; L — submetallic to resinous; D - opaque; 
DE - 4,6: H - 1.5-2: CL - perfect; F - uneven; M ~ 
hexagonal tabular crystals, massive. 

Origin and occurrence: Rare hydrothermal; mainly 
secondary in the oxidation zone of ore deposits. 
associated with chalcopyrite, chalcocite, djurleite, 
bornite and other minerals. Tabular crystals up to 30 
mm (1s in) across are known from Butte, Montana 


Linneite, 60 mm, Ruwenzori, Uganda 





and Summitville, Colorado. USA; also from 
Sarrabus, Sardinia, Italy. Massive aggregates are 
common in Bor, Serbia; Bisbee. Arizona, USA and 
elsewhere. 

Application: Cu ore. 


Linneite 
Co**co3* 45, 


CUBIC eee 


Properties: C — light gray to steel-gray; S — black- 
gray; L — metallic; D — opaque; DE - 4,9; H - 4,5- 
5,5; CL — imperfect; F - uneven to conchoidal; M — 
octahedral crystals, granular, massive. 

Origin and occurrence: Hydrothermal in ore veins 
and metamorphic deposits, together with 
chalcopynite, pyrrhotite, millerite, bismuthinitc and 
sphalerite. The best crystals up to 30 mm (1%/t in) 
across come from the Kilembe mine, Uganda. 
Crystals are also known from Musonoi, Shaba. 
Zaire; Mhsen, Germany; siderite concretions in 
Kladno, Czech Republic and from the Bastnas mine 
near Riddarhyttan, Sweden. 


Carrolite 
Cu(Co,Ni)3S4 


CUBIC eee 


Properties: C — light to steel-gray. tarnishing red- 
purple; S — gray; L - metallic; D — opaque; DE - 4.8; 
H - 4,5-5,5; CL — imperfect; F — conchoidal to 
uneven: M — octahedral crystals, granular, massive. 
Origin and occurrence: Hydrothermal in ore veins, 
associated with linneite, chalcopyrite and other 
minerals. It is a principal Co ore in deposits in Zaire. 
Beautiful crystals up to 20 mm (*/s2 in) across are 
known from the M’Sesa mine near Kambove, 
Kolwezi and from Kamoto, Shaba. 

Application: Co ore. 





Stibnite 
Sb2S3 


ORTHORHOMBIC e@eeoe 


Properties: C — steel-gray. tarnishing iridescent or 
black; S — lead-gray; L - metallic; D —- opaque: DE - 
4.6; H — 2; CL — perfect; F - conchoidal to uneven: 
M - thick to thin prismatic crystals, thin needles, 
massive. 

Origin and occurrence: Hydrothermal in medium- and 
low-temperature ore veins with quartz and gold, the 
other associated minerals are rare (arsenopyrite, 
berthierite. gudmundite, antimony). The largest known 
stibnite crystals occurred in the in the Ichinokawa 
mine, Shikoku, Japan. where they were up to 60 cm 
(24 in) long. Similar sized crystals were found recently 
in several localities in China (the Xikuangshan mine, 
Hunan). Crystals up to 200 mm (7% in) across come 
from Manhattan. Nevada, USA. Beautiful crystals are 
known from Romania; long prismatic ones with barite 
crystals are prevalent in Baia Spric, clusters of thin 
needles come from Herja and thick prismatic crystals 
from BaiuJ . Perfect druses of crystals up to 150 mm (6 
in) long, associated with purple fluorite crystals, barite 
and calcite, occurred in Kadamdzhai, Kyrgyzstan. 
Beautiful druses of stibnite crystals with quartz come 
also from Kremnica, Slovakia. Also Kostajnik, Serbia 
and La Lucette, France yielded fine crystals in the past. 
Application; Sb ore. 


Stibnite. 120 mm, Baia Sprie, Romania 


Stibnite, 187 mm, Ichinokawa, Japan 
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Bismuthinite, 160 mm, Tasna, Bolivia 





Bismuthinite 





ORTHORHOMBIC @eeeoe 


Properties: C - lead-gray to tin-white, tarnishing 
yellow and iridescent: S — lead-gray; L — metallic; D 


Kermesite, 20 mm xx, Freiberg, Germany 





an 


Tetradvmite, 80 mm, Ciclova, Romania 





~ opaque: DE ~ 6.8; H ~ 2-2.5; CL - perfect; F -- 
uneven; M — thick prismatic to acicular, striated 
crystals, fibrous aggregates, massive. 

Origin and occurrence: Hydrothermal in ore 
deposits; also in recent volcanic exhalation deposits, 
associated with bismuth, arsenopyrite, stannite, 
galena and other minerals. The world’s best crystals 
over 50 mm (2 in) long. come from Bolivia (Tasna; 
Huanuni; Llallagua). Fine crystals were also found in 
Redruth, Cornwall, UK. Rich finds were made in 
Biggcenden. Queensland. Australia. Interesting 
crystals are known from Spind, Norway. 
Application: Bi ore. 


Kermesite 
$b2S70 


TRICLINIC e®ee 


Properties: C — cherry-red; S — brown-red; L —- 
adamantine to submetallic; D translucent to 
opaque: DE - 4,7; H - 1-1,5: CL — perfect; M - 
acicular crystals, radial agercgates. 

Origin and occurrence: Secondary, as a result of a 
stibnite oxidation in Sb deposits, associated with 
stibnite, antimony, senarmontite, valentinite and 
stibiconitc. Famous specimens with needles up to 100 
mm (4 in) long, in radial aggregates. come from 
Pezinok and Pernek, Slovakia. Crystals up to 50 mm 
(2 in) long found in the Globe and Phoenix mines, 
Zimbabwe. It is also known from Bolivia (San 
Francisco mine, Poopo; Oruro) and Braunsdorf, 
Germany. 


Nagvagite, 100 mm, Sacarimb, Romania 





Tetradymite 
BigTe2S 


TRIGONAL eee 


Properties: C — light stecl-gray. tarnishing dark to 
iridescent, S — light steel-gray; L - metallic; D - 
opaque; DE - 7,3; H ~ 1,5-2; CL — perfect; M 
pyramidal crystals, curved bladed aggregates, 
massive. 

Origin and occurrence: Hydrothermal in medium- 
and high-temperature Au deposits; also in contact 
metamorphosed deposits, together with gold. hessite, 
calaverite, pyrite and other minerals. Crystals up to 
10 mm (*/s in) across are known from Zupkov , 
Slovakia. It is common in Colorado (Red Cloud) and 
in California (Carson Hill), USA. It occurs with gold 
in skarns in Baija Bihorului, Romania. 


Nagyagite 
PbsAu(Te,Sb)4Ss5.g 


TETRAGONAL ee 


Properties: C — black-gray; S — black-gray: L 
metallic: D — opaque: DE — 7,5; H — 1.5; CL = 
perfect; F — uneven: M - thin tabular to foliated 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature veins, associated with altaite. arsenic, 
gold. rodochrosite and other minerals. Foliated 
crystals up to 40 mm ([*/« in) across come from 


Sacarimb and Baia de Aries , Romania. Fine speci- 
mens were also found in Tavua, Viti Levu, Fiji and in 
the Sylvia mine, Tararu Creck, New Zealand. It also 
occurred in Gold Hill and Cripple Creek, Colorado. 
USA and in Kalgoorlie, Western Australia, Australia. 


Splvanite 
(Au, Ag) Teg 


MONOCLINIC eee 


Properties: C — stecl-gray to silver-white, tarnishing 
to yellow; S — stecl-gray to silver- white; L 
metallic; D — opaque; DE - 8,2; H — 1,5-2; CL - 
perfect; F — uneven: M — short prismatic to thick 
tabular crystals, skeletal aggregates, granular. 
Origin and occurrence: Hydrothermal in low- 
temperature ore veins, also in medium- and high- 
temperature deposits as one of the latest minerals, 
associated with gold. calaverite, hessite, krennerite 
and other minerals. The best specimens come from 
Sacarimb and Baia de Aries , Romania. where it 
occurs as skeletal crystals and aggregates. Crystals 
were also found in Cripple Creek, Colorado, USA: 
crystals up to 10 mim (’/ in) across come fioin the 
Emperor mine. Viti Levu, Fiji. 


Sylvanite, 20 mm, Cripple Creek, U.S.A. 
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Krennerite, 3 mm xx, Sacarimb, Romania 





Krennerite 
AuTe2 


ORTHORHOMBIC ee 


Properties: C — silver-white to brass-yellow: 5 - 
silver-white; L — metallic: D — opaque; DE — 8,9; H 
~ 2-3: CL — perfect: F — conchoidal to uneven, M - 
short prismatic, striated crystals, massive. 

Origin and occurrence: Hydrothermal in gold- 
bearing veins, associated with gold, tellurium, pyrite, 
quartz and other tellurides. Crystals up to 20 mm 
(5/2 in) across found in Tavua, Viti Levu, Fiji. Small 
crystals occurred in Sacarimb and Baia de Aries , 
Romania and in Cripple Creek, Colorado, USA. 
Application: Au ore. 


Calaverite 
AuTe2 


MONOCLINIC eee 


Properties: C — brass-yellow to silver-white; S - 
greenish; L - metallic, D - opaque; DE — 9,3; H - 
2,5-3; CL = none; F — uneven to conchoidal; M — 
bladed and short prismatic, striated crystals, 
granular, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature Au-bearing veins, sometimes in 
medium- and high-temperature deposits, associated 
with coloradoite, altaite, krennerite and other 
tellurides. It is common in the Mother Lode in 
California (Carson Hill). It is important. together 
with hessite in Cripple Creek, crystals up to 10 mm 
(+s in) across come from the Cresson mine, 
Colorado, USA.. {t is also known from several mines 
near Kirkland Lake, Ontario, Canada. 

Application: Au ore. 


an 








Pyrite 
FeS2 
cuBic @#eeoeee 

Properties: C - light brass-yellow, tarnishing 
iridescent and darkens; S — green-black to brown- 
black: L ~ metallic: D — opaque: DE — 5,0; H - 6-6.5; 
CL — imperfect; F - conchoidal to uneven; M - 
combinations of cubic crystals, striated, stalactitic 
and spherical aggregates, massive. 

Origin and occurrence: Magmatic segregations in 
basic rocks with pyrrhotite and pentlandite, in 
pegmatites and skarns; hydrothermal in porphyry and 
vein deposits together with other sulfides; hydro- 
thermal sedimentary. sedimentary and metamorphic. 
Magmatic segregations are known from Sudbury, 
Ontario, Canada and Merensky Reef, Transvaal. 
South Africa. Large crystals up to 200 mm (7's in) 
across are known from Rio Marina, Elba, Italy. Fine 
octahedra come from Llallagua, Bolivia. Crystals, up 
to 120 mm (4"/sin) across, were found in Bingham 
and Park City, Utah, USA. Crystals up to 150 mm (6 
in) are known from Huanzala and Quiruvilca, Peru. 
The largest pyrite deposit is Rio Tinto, Spain, where 
fine-grained pyrite formed accumulations about | 
billion tons. Beautiful cubes up to 80 mm (3'/s in) 
come from Navajun, Spain. Large deformed crystals 


Calaverite, 21 mm, Nagyag, Romania 


Pyrite, 74. mm, Navajun, Spain 


up to 200 mm (7° in) across occurred in the Samo 
mine near Hnust’a , Slovakia. Interesting, complex 
combinations of crystals found in Nanisivik, on an 
edge from Climax, Colorado, USA. 

Application: production of sulfuric acid. 


Hauerite 
MnS2 


CUBIC eee 


Properties: C - red-brown to brown-black; $ - 
brown-red; L — metallic to adamantine; D — opaque: 
DE - 3,44; H — 4; CL -— perfect; F - uneven to 
conchoidal; M - octahedral crystals and their 
combinations, spherical aggregates.. 

Origin and occurrence: Low-temperature sedimen- 
tary mineral, limited to clays with high S contents. 
The best crystals up to 50 mm (2 in) across come 
from the Destricella mine near Raddusaa. Sicily, Italy. 
Crystals up to 25 mm (I in) and their aggregates are 
known from Viglasska Huta (former Kalinka) near 
Zvolen, Slovakia. Crystals up to 15 mm ("fn in) 
across occur in Tarnobrzeg, Poland. Also found with 
sulfur, gypsum, realgar and calcite in the salt domes 
near High Island, Texas, USA. 





Pyrite, 135 mm, Washington, U.S.A. 


Hauerite, 39 mm, Raddusa, italy 
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Sperrylite, 55 mm, Talnakh, Russia 


Sperrylite 
PtAs? 


CUBIC ee 


Properties: C — tin-white; S — black; L — metallic; D 
— opaque; DE - 10,8: H — 6-7: CL - imperfect; F - 
conchoidal; M - complex combinations of cubic 
crystals, massive. 

Origin and occurrence: It is mainly of magmatic 
liquid origin, associated with pyrrhotite. pentlandite, 
cubanite and other mincrals. The best crystals come 
from Talnakh near Norilsk, Siberia, Russia, where 
inter-grown crystals reached up to 50 mm (2 in). 
Crystals up to 40 mm (1° in) across known from 
Tweefontein, Potgictersrust, Bushveld, South Africa. 
It also occurred as disseminated aggregates in 
Sudbury. Ontario, Canada. 


Aurostibite 

AuSb2 

CUBIC ee 

Properties: C - gray, tarnishing iridescent; S — gray: 


L - metallic: D — opaque; DE - 9,9: H - 3; CL 
Bnone; M - granular. 








Origin and occurrence: Hydrothermal in quartz 
veins, associated with gold and other Sb minerals. 
Grains up to 5 mm (?/s in) across come from Krasna 
Hora. Czech Republic. It also occurs in the Giant 
Yellowknife mine, Northwest Territories and Hemlo, 
Thunder Bay, Ontario, Canada and is also reported 
from Bestyube, Kazakhstan. 


Krut’aite 
CuSe2 


CUBIC e 


Properties: C — gray; S — gray; L — metallic; D - 
opaque: DE — 6,5; H - 4; M - microscopic crystals, 
massive. 

Origin and occurrence: Hydrothermal, associated with 
clausthalite, uraninite and other minerals. The richest 
accumulations of massive aggregates were found in the 
El Dragon mine, Potosi, Bolivia, where crystals up to | 
mm ("2 in) occurred as well. It was originally des- 
cribed as microscopic from Petrovice, Czech Republic. 


Cobaltite 
CoAsS 


ORTHORHOMBIC eee 


Properties: C — silver-white; S -— gray-black; L - 
metallic, adamantine to dull; D — opaque;DE ~- 6,3; 
H - 5,5; CL — perfect; F — uneven: M — pseudo-cubic 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in high- 
temperature ore deposits and mctamorphic. together 


Aurostibite, 4 mm grain, Krasna Hora, Czech Republic 


oS ae 





Krut‘aite, 40 mm, El Dragon, Bolivia 





with magnetite, sphalerite. chalcopyrite, other sulfides 
and arsenides of Co and Ni. The best dodecahcdra. 
several cm across, come from metamorphic sulfide 
deposits in Tunaberg. Sweden, Other Swedish 
localities. like Hakansboda and Ramsberg, yielded 
crystals up to 60 mm (24 in) across. Fine crystals 
about 10 mm (*/s in) occurred in the magnesite deposit 
Mutnik near Hnust'a , Slovakia. Cubic crystals up to 
30 mm (1?f% in) across found in Espanola, Ontario, 
Canada. Beautiful crystals are known from the skarn 
in Bimbowric, South Australia, Australia. 
Application: Co ore. 


Gersdorfite 


NiAsS 
CUBIC eee 


Properties: C ~ silver-white to stecl-gray, tarnishing 
gray-black; S ~ gray-black; L — metallic; D — opaque; 
DE — 6,0: H~— 5.5; CL — perfect; F - uneven; M — octa- 
hedral siriated crystals and their combinations. massive. 
Origin and occurrence: Hydrothermal in medium- 
temperature ore deposits in association with nickel- 
ine, nickel-skutterudite, ullmanite, siderite and other 
minerals. Crystals up to 100 mm (4 in) across come 
from the Snowbird mine, Montana, USA. {1 is import- 





Cobaltite, 5 mm x, Hakansboda, Sweden 





ant in several mines near Sudbury and Cobalt. Ontario, 
Canada. Large cleavable masses are known from Dob- 
sina, Rudnany and Nizna Slana, Slovakia. Crystals 
from the Ait Ahmane mine near Bou Azzer. Morocco, 
reached up to 40 mm (1°/1 in) . Application: Ni ore. 


Gersdorffite, 10 mm xx, Bou Azzer, Morocce 
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Ulimanite. 60 mm, Bou Cricha, Morocco 





Ullmanite 
NiSbS 


CUBIC ee 


Properties: C - steel-gray to silver-white; S — gray- 
black; L - metallic; D — opaque: DE - 6,8; H - 5-5,5; 
CL - perfect; F — uneven; M - combinations of cubic 
crystals, massive. 

Origin and occurrence: Hydrothermal in ore veins 
together with other Ni minerals. Fine crystals, up to 
20 mm (#/2 in) across, come from Monte Narba near 
Sarrabus. Sardinia, Italy. Twins are known from 


Marcasite, 42 mm, Vintirov, Czech Republic 





ae 


Lolling, Austria. Crystals up to 10 mm (*/ in) were 
found in Ksice near Steaibro, Czech Republic. It is 
common in Broken Hill. New South Wales, Australia 
and in Cochabamba, Bolivia. 

Application: Ni ore. 


Marcasite 

FeS2 
ORTHORHOMBIC eeee 

Properties: C — tin-white, bronze-yellow, tarnishing 
iridescent; S - grayish to brownish- black: L — me- 
tallic; D -- opaque; DE — 4,9; H - 6-6,5; CL - good; 
F — uneven; M — tabular, pyramidal and prismatic 
crystals, often twinned into the form of cockscomb- 
like aggregates, stalactitic, botryoidal and massive. 
Origin and occurrence: It originates at low tempera- 
tures in very acidic environment, cither in sedimen- 
tary, or in hydrothermal deposits, associated with 
pyrite, pyrrhotite, galena, sphalerite, fluorite, 
dolomite and calcite. Hydrothermal crystals and 
pseudo-morphs after pyrrhotite are known from Frei- 
berg, Germany: Llallagua, Bolivia and Chiuzbaia, 
Romania. Crystals from Wiesloch, Germany and 
Reocin. Santander. Spain are of similar origin. Large 
crystals occurred in Joplin, Missouri and in Galena, 
Illinois, USA. The best crystals of sedimentary 
marcasite come from coal basins. Fine crystals from 
black coal are known from Essen, Germany. 
Cockscomb-like aggregates up to 150 mm (6 in) 
across, come from the brown coal basin in Vintigov, 
Czech Republic. Spherical, radial concretions with 
pyrite are known from Sparta. Illinois, USA and 
from Champagne, France. 

Application: production of sulfuric acid. 


Marcasite, 70 mm, Sparta, U.S.A. 





Lollingite, 7 mm xx. Cobalt, Canada 





Lollingite 
FeAsz 


ORTHORHOMBIC eee 


Properties: C — stecl-gray to silver-white; S — gray- 
black; L — metallic; D - opaque: DE - 7,5; H — 5-5,5: 
CL - sometimes good; F — uneven; M — prismatic 
crystals, massive. 

Origin and occurrence: Magmatic in pegmatites: 
hydrothermal in greisens and Sn-W veins, rare in the 
other types of ore veins, together with skutterudite, 


Safflorite, 70 mm, Bou Azzer, Morocco 





bismuth, nickeline, siderite, calcite and other mi- 
nerals. Fine crystals arc known from syenite in 
Langensundsfjord, Norway. Crystals up to 50 cm (20 
in) across come from a pegmatite in Kaatiala, 
Finland. Masses occur in the Kobokobo pegmatite, 
Kivu, Zaire. Massive aggregates with schorl were 
found in Dolni Bory. aggregates with cassiterite in 
Peebuz. Czech Republic. 


Safflorite 


(Co,Fe)As> 
ORTHORHOMBIC eee 


Properties; C - tin-white, tarnishing to dark gray; S 
— gray-black; L — metallic; D - opaque: DE - 7,5; H 
- 4,5-5; CL — good; F - uneven to conchoidal; M - 
prismatic crystals. radial aggregates, massive. 
Origin and occurrence: Hydrothermal in medium- 
temperature with skuttcrudite, rammelsbergite, 
nickeline, silver, bismuth and lollingite. It is 
common in Schneeberg. Germany; Cobalt, Ontario, 
Canada; Batopilas, Chihuahua, Mexico and in Bou 
Azzer. Morocco. 


Rammelsbergite 
N iAs2 


ORTHORHOMBIC eee 


Properties: C — tin-white, pinkish; S$ - gray-black: L 
metallic: D — opaque: DE - 7,1; 11 ~ 5.5-6; CL - 
good: F — uneven; M — prismatic crystals, radial and 
fibrous aggregates, massive. 
Origin and occurrence: Hydrothermal in medium- 
temperature veins associated with other Ni and Co 
minerals. Botryoidal aggregates come from 
Schneeberg, Germany. It is common in Sarrabus, 
Sardinia, Italy; in the Eldorado mine near Great Bear 
Lake: in Cobalt, Ontario. Canada and Bou Azzer, 
Morocco. 


Rammelshergite, 60 mm, Schneeberg, Germany 
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Arsenopyrite, 26 mm x, Portal, Mexico 





Arsenopyrite 
FeAsS 


MONOCLINIC eee 

Properties: C — silver-white to stcel-gray; S — black; L 
— metallic; D — opaque: DE - 6,2; H — 5,5 - 6; CL - 
good; F - uneven: M ~ thick tabular to prismatic striated 
crystals. granular, massive. 

Origin and occurrence: It occurs in pegmatites: 
hydrothermal in high-temperature vein deposits and 
grciscns; metamorphic in contact metamorphic skarns, 
gneisses and mica schists. Long prismatic crystals up to 
30 cm ( 12 in) long are known from the Obira mine, 
Japan. It is very common in greisen Sn and W deposits, 
fine crystals are known from Hlorni Slavkov, Czech 
Republic and Ehrenfriedersdorf, Germany. Beautiful 
crystals up to 50 mm (2 in) across come from 
Panasqucira. Portugal, where they occurred associated 
with fluorapatite, wolframite and siderite. Historically 
important were large crystals from Tavistock. Devon , 
UK. Crystals up to 40 mm (1°. in) found in Llallagua, 
Bolivia. Crystals up to 50 mm (2 in) across were found 
recently in the Nikolai mine in Dalncgorsk, Russia. 


Gudmundite, 10 mm xx, Polar Urals, Russia 





Shiny crystals up to 30 mm (1?/« in) across, come from 
Hunan province, China. Application: As ore. 


Gudmundite 
FeSbS 


MONOCLINIC eee 


Properties: C — silver-white to stecl-gray; S — black; 
L — metallic; D — opaque; DE — 7,0; H - 5-6; CL - 
none; F — uneven: M — prismatic twinned crystals, 
massive. 

Origin and occurrence: Late hydrothermal mineral 
of ore deposits, also in metamorphic deposits and 
skarns. It is common in metamorphic sulfide depo- 
sits in Sweden (Boliden, Gudmundstorp). Massive 
aggregates are known from Kutna Hora and Vlas- 
tijovice, Czech Republic. It was common in Broken 
Hill, New South Wales, Australia. 


Molybdenite 
MoS 
HEXAGONAL @#eee 

Properties: C — lead-gray; S — bluc-gray; L — me- 
tallic; D - opaque; DE — 4,0: H — 1-1,5; CL — perfect; 
M — tabular and prismatic crystals, scaly aggregates. 
Origin and occurrence: Magmatic in pegmatites. 
granites and aplites, hydrothermal in high- 
temperature veins, also in porphyry ore deposits and 
in contact metamorphic deposits; associated with 
chalcopyrite, quartz and other mincrals. Large 
crystals come from pegmatites in Blue Hill Bay. 
Maine, USA and in Mutue-Fides-Stavoren, Trans- 
vaal, South Africa, where they reach several tens of 
cm in size. Crystals up to 150 x70 mm (6 x 2% in) 
across come from the transitional type between 
pegmatites and quartz veins near Arendal and Moss. 
Norway: large crystals also occur in the Temiska- 
ming district, Quebec, Canada; tabular crystals up to 
120 mm (*/: in) across found in quartz-molybdenite 
breccia pipes in veins in Australia (Qucensland, New 
South Wales). Fine crystals are also known from 
Kladnica near Vito_a, Bulgaria: Horni Slavkov, 
Czech Republic and Ehrenfriedersdorf, Germany. As 
a fine grained disseminated ore was mined in 
Bingham, Utah and Climax, Colorado, USA. 
Application: Mo ore. 


Skutterudite 
CoAs2.3 
CUBIC eee 


Properties: C — tin-white to silver-gray, tarnishing to 





gray and iridescent: S -- black; L - metallic; D— opaque: 
DE - 6.8: H - 5,5 - 6; CL - good; F — conchoidal to 
uneven: M — combinations of cubic crystals, skeletal 
ageregates, granular, massive. 

Origin and occurrence: Hydrothermal in medium- to 
high-temperature ore veins, associated with other Ni 
and Co minerals. Crystals up to 50 mm (2 in) across 
come from Bou Azzer. Morocco. Crystals up to several 
cm in size were found in Schneeberg and Annaberg, 
Germany. Large massive accumulations occur in Cobalt 
and Gowganda. Ontario, Canada. Application: Co ore. 


Skutterudite, 25 mm, Schneeberg, Germany 








Nickel-skutterudite 
NiAs3 


CUBIC e@eeee 

Properties: C — tin-white to silver. tarnishing to gray 
and iridescent; S - black; L — metallic; D — opaque: 
DE - 6,5; H — 5,5 — 6; CL - good; F - conchoidal to 
uneven: M — combinations of cubic crystals, skeletal 
aggregates, granular. 

Origin and occurrence: Hydrothermal in medium- 
tempcrature veins with arsenopyrite, arsenic, bismuth, 
calcite and siderite. Known in crystals from Chatham, 
Connecticut and Chester, Massachusetts, USA: also 
Val d’Anniviers, Wallis, Switzerland. Massive agerc- 
gates come from Dobsina, Slovakia; Les Chalanches, 
France: Mohawk mine, Michigan, USA; Schneeberg, 
Germany. Application: ruda Co a Ni. 


Nickel-skutterudite, 36 mm. Saxony. Germany 





49 


Proustite, 25 mm, Chanarcillo, Chile 








Pvrargyrite, 61 mm, Zacatecas, Mexico, 


Proustite 
Ag3zAsS3 


TRIGONAL ee 


Properties: C — crimson, darkens upon exposure to 
light; S — crimson; L — adamantine: D — translucent to 
opaque: DE —- 5,6; H - 2-2,5; CL - good: F — con- 
choidal to uneven; M — prismatic, rhombohedral and 
scalenohedral crystals, massive. 

Origin and occurrence: Low-temperature hydrother- 
mal mineral. also in the oxidation and cementation 
zone together with stephanite, silver. xanthoconite, 
acanthitc and other minerals. The best specimens with 
crystals up to 100 mm (4 in) long come from the 
Dolores mine, Chanarcillo, Chile. Crystals up to 80 
mm (3's in) long found in the Himmelsfurst mine in 
Freiberg, Niedcrschlema and Schnceberg, Germany. 
Large druscs with crystals up to 40 x 20 mm (I"/ x 
*/y in) across occurred in Jachymov; crystals up to 20 
mm (2 in) across known from Peibram and Stara 
Vozice, Czech Republic. Fine crystals come from Ba- 
topilas, Chihuahua and Sombrerete, Zacatecas, Mexi- 
co. Crystalline masses of prousute, weighing over 250 
kg (550 Ib), were found in 1865 in the Poorman mince. 
Silver City, Idaho, USA. Application: Ag ore. 





Pyrargyrite 


TRIGONAL ee 


Properties: C ~ dark red, darkens upon exposure to 
light: S - crimson; L - adamantine: D - translucent to 
opaque; DE — 5.9; H - 2,5; CL - good; F - conchoidal 
to uneven; M — prismatic, rhombohedral and 
scalenohedral crystals, granular, massive. 

Origin and occurrence: Low-temperature hydrother- 
mal mineral, also secondary in the oxidation and 
cementation zone, together with silver, acanthite, 
other Ag sulfosalts, calcite and quartz. Crystals in 
Colquechaca, Bolivia and Chafiarcillo, Chile reached 
several cm in size. Crystals up to 70 mm (2% in) long 
occurred in the Santo Nino vein in Fresnillo, Zacate- 
cas, Mexico. San Genaro mine in Fluancavelica, Peru 
yielded crystals up to 50 mm (2 in) across. Crystals 
up to 40 mm (1*/ in) across found in Freiberg; smal- 
ler crystals only are known from St. Andreasberg, 
Germany. Crystals up to 20 mm (*/z in) across come 
from Pribram and Stara Vozice, Czech Republic. 
Crystals up to 50 mm (2 in) across found in the San 
Carlos mine, Hiendclacncina. Spain. 

Application: Ag ore. 


Xanthoconite 
Ag3AsS3 


MONOCLINIC ee 


Properties: C — dark crimson, orange-ycllow to 
yellow-brown: S - orange-yellow; L - adamantine; 
D - translucent; DE - 5,5; H — 2-3; CL - good; F - 
conchoidal: M — tabular and lath-like crystals, 
botryoidal and radial aggregates. 


Xa Germany 





nthoconite, 2 mm xx, Marienberg, 












Pyrostilpnite, 60 mm, Potosi, Bolivia 





Origin and occurrence: Hydrothermal in ore veins 
together with proustite, pyrargyrite, acanthite, arse- 
nic and calcite. Botryoidal masses with yellow 
crystals up to 7mm (*/2 in) long come from Freiberg: 
other important localities are St Andreasberg, 
Germany: Ste-Marie-aux- Mines, France; Cobalt, 
Ontario, Canada; Pribram, Trebsko and Jachymov, 
Czech Republic. 


Pyrostilpnite 
Ag3SbS3 


MONOCLINIC ee 


Properties: C — hyacinth- to orange-red; S - orange- 
ycllow; L — adamantine; D — translucent: DE - 6,0: 
H — 2; CLB perfect; F — conchoidal; M — tabular to 
lath-like crystals, radial aggregates. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature veins, associated with pyrargyrite, stephanite, 
acanthite and other Ag minerals. The best crystals 
come from St. Andreasberg. Germany. Crystals up to 
10 mm (4 in) long were found in Pribram, Trebsko 
and Jachymov, Czech Republic. It is also described 
from Colquechaca, Bolivia and Chafiarcillo, Chile. 
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Samsonite 
Ag4gMnSb7S¢ 


MONOCLINIC e 


Properties: C — steel-gray; $ — dark red; L - metallic; 
D —- opaque; DE — 5,5; H — 2,5; CL — none; F - 
conchoidal; M — prismatic striated crystals. 

Origin and occurrence: The only locality, where it 
occurred in relatively larger amount, was the Samson 
mine in St. Andreasberg, Germany, where crystals up 
to 10 mm (*/: in) across were found. 


Chatcostibite 
CuSbS 


ORTHORHOMBIC ee 


Properties: C - lead-gray, tarnishing to blue and 
green: S — lead-gray: L — metallic: D — opaque; DE 
— 5,0; H - 3-4: CL - perfect: F - conchoidal; M - 
long prismatic, striated crystals, granular, massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with jamesonite, chalcopyrite, tetra- 
hedrite. stibnite, andorite and other minerals. Partly 
altered crystals up to 100 mm (4 in) long are known 
from Rar-cl-Auz near Casablanca, Morocco. It is 
often in deposits in Bolivia (Huanchaca. Oruro, 
Colquechaca), where its crystals reach 10 mm (* in) 


Chatcostibite, 29 mm, Saint Pons, France 


Samsonite, 12 mm x, StAndreasberg, Germany 











Emplectite, 60 mm, Schwarzenberg, Germany 


in size. The world’s best crystals up to 16 cm (6'/.s in} 
long were discovered recently near St Pons, France. 


Emplectite 
CuBiSy 


ORTHORHOMBIC eee 


Properties: C - gray to tin-white, S ~ gray; L - 
metallic; D —- opaque: DE — 6,4; H - 2; CL — perfect; F 
— conchoidal to uneven: M — thin prismatic to acicular 
striated crystals. 

Origin and occurrence: Hydrothermal in high- 
temperature veins associated with chalcopyrite, 


Berthierite, 98 mm, Herja. Romania 





Wittichenite, 50 mm, Wittichen, Germany 





molybdenite, quartz, tetrahedrite and other minerals. 
Fine acicular crystals up to 30 mm (1’/ in) long 
come from Krupka, Czech Republic. Crystallized 
specimens were also found in Wittichen and 
Johanngeorgenstadt, Germany; Colquijirca, Peru and 
in the Akenobe mine. Japan. 


Wittichenite 


ORTHORHOMBIC ee 


Properties: C — steel-gray to tin-white, tarnishing 
yellow to steel-gray; S — black; L — metallic; D — 
opaque; DE - 6,2: H - 2-3; CL — none; F - 
conchoidal; M__ prismatic crystals, massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with other Bi minerals, Cu-Fe sulfides. 
selenides and secondary U minerals. It occurs in 
Wittichen, Germany: Baita Bihorului, Romania; 
Tsumeb, Namibia and Cerro de Pasco, Peru. 


Berthierite 
FeSb2S4 


ORTHORHOMBIC eee 


Properties: C ~ dark stecl-gray. tarnishing iridescent 
to brown; § — dark brown-gray; L — metallic; D 
opaque; DE - 4,7: H — 2-3; CL — imperfect: M — long 
prismatic, striated crystals, fibrous, felt-like and 
radial aggregates. 

Origin and occurrence: Hydrothermal in low-tempera- 
ture Sb deposits. Acicular crystals up to 10 mm (‘4 in) 
long are known from the St. Antoni de Padua gallery in 
Kutna Hora, Czech Republic: thick prismatic crystals 
come from Poproc, Slovakia. Iridescent columnar 
aggregates up to 200 mm (7*/« in) long occur in Herja, 
Romania. Fine specimens are known also from Oruro, 
Bolivia. 
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Stephanite, 8 mm xx. Zacatecas, Mexico 





Stephanite 
AgsSbS4 


ORTHORHOMBIC ee 


Properties: C — black; S - black; L - metallic; D - 
opaque; DE - 6,3; H — 2-2,5; CL — imperfect: F - 
conchoidal; M — short prismatic to tabular striated 
crystals, massive. 

Origin and occurrence: Late hydrothermal mineral in 
Ag deposits. associated with proustite. acanthite, 
silver, tetrahedrite, galena, sphalerite and pyrite. 
Crystals up to 40 mm (I%e in) long come from 
Pribram and Jachymov, Czech Republic and from St. 
Andreasberg, Germany. Crystals up to 50 mm (2 in) 
across found in the Las Chispas mine, Arizpe, Sonora, 
Mexico and Hicndelacncina. Spain. Smaller crystals 
occurred in Freiberg, Schncecberg and Annaberg, 
Germany. Application: Ag ore. 


Pearceite 
Ag) 6As2S) | 


MONOCLINIC ee 


Properties: C - black: S - black; L - metallic: D - 
opaque; DE — 6,1; H - 3; CL — none; F — conchoidal 
to irregular; M -- short prismatic to tabular crystals 
and rosctte-like aggregates, massive. 





Origin and occurrence: Hydrothermal in low- to 
medium-tempcrature deposits with acanthite, silver, 
proustite, quartz, barite and calcite. Crystals several 
mm across are known from Jachymov, Moldava and 
Midinec, Czech Republic; from Arqueros, Chile and 
from the Veta Rica mine, Coahuila, Mexico. Crystals 
up to 12 mm ('*/z in) across were found in the Cari- 
bou mine, Colorado, USA; also in Dzhezkazgan, 
Kazakhstan. 

Huge accumulations of almost pure pcarceite 
occurred in the Mollie Gibson mine near Aspen, 
Colorado, USA. 

Application: Ag ore. 


Polybasite 
(Ag, Cu) | gSb25, | 


MONOCLINIC ee 


Properties: C — black; S - black; L — metallic; D 
Bopaque; DE — 6,4: H — 2-3; CL - imperfect; F - 
uneven; M — pseudo-hexagonal tabular crystals, 
massive. 

Origin and occurrence: Hydrothermal in low- to 
medium-temperature ore veins, associated with 


Pearceite, 15 mm xx, Guanajuato, Mexico 





Polybasite, 39 mm, Zacatecas, Mexico 





pyrargyrite, tetrahedrite, stephanite, acanthite, 
quartz and other minerals. Crystals. several cm 
across. are known from Wolfach. St. Andreasberg. 
Freiberg and Schnecberg, Germany; also from 
Guanajuato, Mexico. The best specimens with 
tabular crystals up to 90 mm (3’/ in) across come 
from the Las Chispas mine, Arizpe, Sonora. Mexico. 
Application: Ag ore. 


Lorandite, 10 mm x, Alichar, Macedonia 











Lorandite 
TIAsS2 


MONOCLINIC ee 


Properties: C — crimson, lead-gray, it covers with a 
yellow coating; S — cherry-red; L - metallic to 
adamantinc; D — translucent to transparent; DE — 
5,5; H — 2-2,5; CL — perfect; M — short prismatic to 
tabular crystals, granular, massive. 

Origin and occurrence: Hydrothermal, associated 
with stibnite, rcalgar, orpiment, pyrite and other 
minerals. Crystals up to 50 mm (2 in) across were 
found in Allchar, Macedonia. {It is also known from 
Djijikrut, Tajikistan and from the cavities in dolomite 
from Lengenbach, Binntal, Switzerland. 


Livingstonite 
HgSb4Sg 


MONOCLINIC ee 


Properties: C — black-gray; 5 — red; L — metallic to 
adamantine: D — opaque; DE - 5,0; H - 2; CL - 
perfect; M —acicular crystals, columnar and fibrous 
aggrceatcs, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature veins, associated with cinnabar, 
stibnite, getchellite and other mincrals. The best 
specimens with prismatic crystals up to 50 mm (2 
in) long are known from Khaidarkan, smaller 
crystals only found from Kadamdzhai, Kyrgyzstan. 
It is also described from the La Cruz mine. 
Huitzuco, Guerrero, Mexico and from the Matsuo 
mine, Japan. 


Livingstonite, 40 mm, Khatdarkan, Kyreystan 





Going From Solderless Breadboard to 
PCB 


The beauty of protoboard is that it mirrors the layout of a solderless bread- 
board, which is used for prototyping electronic circuits. Once you have your 
project laid out and working on a breadboard, you can easily transfer it to 
the protoboard. As with a solderless breadboard, the protoboard has rows 
and columns that are tied together. The layout is slightly different, though. 
Where the breadboard has two rails (one for positive, one for negative) on 
both the top and bottom as shown in Figure 2-13, the protoboard that comes 
with this kit has its rails in the center of the board. 


Figure 2-14 shows the project from Figure 2-13, but laid out on a protoboard 
instead of the solderless breadboard. 
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Made with (9 Fritzing.org 


Figure 2-13. The 555 blinky project on a breadboard 


NOTE: The breadboard diagram in Figure 2-13 was 

LA made with Fritzing, an open-source initiative to 
support designers, artists, researchers and hobby- 
ists to work creatively with interactive electronics. 
For more information, see http://fritzing.org/. 
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Bournonite, 62 mm, Cornwall, UK 


Bournonite 
PbCuSbS3 
ORTHORHOMBIC @eeee 

Properties; C ~ stcel-gray to black: S - stcel-gray to 
black; L -adamantine to dull; D - opaque; DE - 5.8; 
H - 2,5-3: CL — imperfect; F — conchoidal to uneven; 
M - short prismatic to tabular crystals, often striated, 
granular, massive. 

Origin and occurrence: Hydrothermal in medium- 
temperature ore deposits, together with galena. 
tetrahedrite, pyrite, siderite and other minerals. The 
finest crystals, complex twins called cogswhecl ore. 
over 50 mm (2 in) across come from the Herodsfoot 
mine near Liskeard, Cornwall. UK. Tabular crystals 
up to 40 mm (1% in) across found in siderite cavities 
in Pribram, Czech Republic; large prismatic and 
tabular crystals known from Neudorl, Germany. 
Smaller crystals common in Cavnic and Baia Spric, 
Romania. Crystals, up to 100 mm (4 in) across, 
occurred in Machacamarca, Bolivia. Crystals up to 
40 mm (1% in) come from Huancavelica, Peru. 
Crystals up to 100 mm (4 in) across reported from 
the Les Malines mine, France. Crystals up to 20 mm 
(25/32 in) across found at Chenzhou. Hunan 
province, China. Application: Pb, Cu and Sb ore. 








Aitkinite 
PbCuUBiS; 


ORTHORHOMBIC ee 


Properties: C — black-gray, tarnishing brown; S - 
gray-black: L — metallic; D — opaque; DE — 7,3; H- 


Aikinite, 2 mm xx, Rud?any, Slovakia 


Berekhtinite, 10 num xx, Dzhezkazgan, Kazakhstan 





2-2,5: CL - imperfect; F — uneven; M — prismatic to 
acicular, striated crystals, massive. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with gold, pyrite, galena, tennantite and 
other minerals. It is common in quartz veins with 
gold in Berezovsk, Ural Mountains, Russia, where 
crystals up to 30 mm (1*/s in) long were found; fine 
crystals come also from La Gardette, Bourg 
d’Oisans, France. Grains up to 50 mm (2 in) across 
occurred in the Outlaw minc, Nevada. USA. It is also 
known in metamorphic veins in Val d‘Anniviers, 
Switzerland. 


Betekhtinite 
Cu 9(Fe,Pb)Sg 


ORTHORHOMBIC ee 


Properties: C - black: S - black; L — metallic; D 
opaque; DE - 6,1; 1 - 3-3,5; CL - good; M 
acicular crystals, granular. 

Origin and occurrence: Hydrothermal in ore 
deposits. The best specimens come from Dzhez- 
kazgan as clusters of acicular crystals up to 70 mm 
(2% in) long. associated with bornite, chalcocite, 
djurleite and other minerals. Rich specimens found 


in Kipushi Kipushi, Shaba, Zaire. Granular aggre- 
gates fairly common in calcite veinlets, cross-cutting 
Cu-bearing shales near Fisleben, Mansfeld, Germany. 


Andorite 
PbAgSb3S, 


ORTHORHOMBIC ee 


Properties: C — dark steel-gray, tarnishing to yellow 
and iridescent; $ — black; L — metallic; D — opaque: 
DE - 5,4; H - 3-3,5; CL - none; F - conchoidal; M - 
prismatic and tabular striated crystals, massive. 
Origin and occurrence: Hydrothermal in ore deposits, 
together with cassiterite, jamesonite, stannite and 
other minerals. The worlds best specimens come 
from the Itos and San Jose mines in Oruro and the 
Tatasi mine in Potosi, Bolivia, where it forms crystals 
up to 30 mm (1?/s in) across. Thin tabular crystals are 
known from Baia Spric. Romania and from the 
Keyser mince, Nevada, USA. Needles up to 10 mm ('s 
in) long occurred in Trebsko, Czech Republic. 
Application: ruda Ag. 


Andorite, 43 mm, Oruco, Bolivia 
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Freieslebenite, 2 mm xx, Baia Sprie, Romania 
pa — 
a 7 E 4) Sarg 





Freieslebenite 
AgPbSbS; 


MONOCLINIC ee 


Properties: C - light stecl-gray, lead-gray to silver- 
white; S — light stcel-gray, lead-gray to silver-white; 
L - metallic; D — opaque; DE — 6,2; H - 2-2,5; CL - 
imperfect: F - conchoidal to uncven; M — prismatic, 
striated crystals. 

Origin and occurrence: Hydrothermal in ore deposits, 
associated with acanthite. pyrargyrite, silver, galena, 
siderite and andorite. 

Crystals up to 20 mm (*/: in) across come from the 
Santa Cecilia, Guadalajara. Spain; Freiberg, Germany; 


Diaphorite, 5 mm xx, Pribram, Czech Republic 





en 





Oruro, Bolivia and from the Treasury Lode, Colorado, 
USA. 


Diaphorite 
Pb2Ag3Sb3S3 


MONOCLINIC ee 


Properties: C - stecl-gray: S — stecl-gray; L — metal- 
lic; D— opaque; DE — 6,0; H — 2,5-3; CL ~ none; F 
~ conchoidal to uneven: M - prismatic striated crys- 
tals. 

Origin and occurrence: Hydrothermal in medium- 
temperature ore veins. associated with galena. 


Sartorite, 4mm x, Binntal, Switzerland 





sphalerite, pyrargyrite, pyrite and other minerals. 
Beautiful striated crystals up to 10 mm (‘/s in) come 
from the cavitics of quartz veins in Poibram; rare 
small crystals, several mm across found in the 
cavitics of quartz veins in the St. Antoni de Padua 
gallery in Kutna Hora, Czech Republic. Complica- 
ted combinations of crystals were described from 
Braunsdorf, Germany. Crystals up to 80 mm (3'/s 
in) long occurred in Hiendelaencina, Guadalajara, 
Spain. [t is also reported from Catorce, San Luis 
Potosi, Mexico. 


Sartorite 
PbAs7S4 


MONOCLINIC ee 


Properties: C — dark lead-gray: S — chocolate-brown; 
L - metallic; D - opaque; DE - 5,1; H - 3; CL—- 
good; F — conchoidal; M — prismatic striated crystals. 
Origin and occurrence: Hydrothermal in dolomite, 
associated with tennantite. dufrenoysitc, pyrite and 
realgar. The best crystals up to 100 mm (4 in) long 
come from Lengenbach, Binntal. Switzerland. It was 
also found in the Zuni mine, Colorado, USA. 


Baumhauerite 

Pb3As4Sq 

TRICLINIC e 

Properties: C — lead- to steel-gray, tarnishing 


iridescent; S — chocolate-brown; L — metallic: D — 
opaque: DE - 5,4; H - 3; CL - perfect: F - 
conchoidal: M — tabular to short prismatic striated 
crystals, granular. 

Origin and occurrence: Hydrothermal. associated 
with realgar and other sulfosalts. The best crystals up 
to 25 mm (1 in) across come from Lengenbach, 
Binntal, Switzerland. Massive aggregates were 
found in Hemlo, Thunder Bay, Ontario. Canada and 
Sterling Hill, New Jersey, USA. 


Baumhauerite, 50 mm, Binntal, Switzerland 


ae a 








Rathite, 60 mm, Binntal, Switzerland 


‘ 


Rathite 
(Pb,T1)3As5$ 10 


MONOCLINIC e 


Properties: C — lead-gray, tarnishing iridescent; S — 
chocolate-brown; L ~— metallic; D - opaque: DE 
5,3: H - 3; CL — perfect; F - conchoidal; M — 
prismatic striated crystals. 

Origin and occurrence: Hydrothcrmal, associated 
with other Pb-TI-As-S minerals. Crystals up to 10 
mm (‘fs in) across come from dolomite in Lengen- 
bach. Binntal, Switzerland. 


Dufrenoysite 
Pb As2S5 


MONOCLINIC ee 


Properties: : C — lead- to stecl-gray; S — red-brown to 
chocolatc-brown; L - metallic: D - opaque: DE — 5,6; 
H — 3; CL — perfect; F — conchoidal; M — clongated 
striated tabular crystals. 

Origin and occurrence: Hydrothermal low-temperature 
mineral. associated with rathite. sartorite, baumhaucrite 
and realgar. Crystals up to 25 mm (1 tn) across come 
from dolomite in Lengenbach, Binntal, Switzerland. 
Also found in Batopilas, Chihuahua, Mexico. 


Dufrenoysite, 10 mm x, Binatal, Switzerland 
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Jordanite 
Poig (As,Sb) 6593 


MONOCLINIC ee 


Properties: C — lead-gray, tarnishing iridescent; S — 
black; L - metallic: D —- opaque: DE - 6.4; H-3; CL 
~ perfect: F - conchoidal: M — tabular crystals, 
botryoidal aggregates. 


Geocronite, 70 mm. Pribram, Czech Republic 





AN 


Origin and occurrence:. Hydrothermal in low- 
temperature ore veins, also in metamorphic dolo- 
mites, together with tennantite, sphalerite, galena, 
dolomite and other mincrals. The most famous 
crystals up to 50 mm (2 in) across come from cavities 
in dolomite in Lengenbach, Binntal, Switzcrland. 
Tabular crystals occurred also in Sacarimb , Romania. 
Botryoidal aggregates, growing on barite crystals, 
were described from the Yunosawa mine, Japan. 


Geocronite 
Pb 4 (Sb,As)¢523 
MONOCLINIC ee 

Properties: C — light lead-gray: S — light lead-gray to 
gray-blue; L - metallic; D - opaque: DE — 6,4; H - 2,5; 
CL - good: F - uneven; M ~ tabular crystals. massive. 
Origin and occurrence: Hydrothermal in ore veins, 
associated with galena, pyrite, tetrahedrite, barite, 
fluorite and quartz. Crystals, up to 80 mm (3*/s in) 
across, come from Pictrasanta, Italy. Crystals up to 
90 mm (3% in) found in Virgem da Lapa, Brazil. 
Tabular crystals up to 40 mm (1°%/1 in) across occur- 
red in the Kilbricken mine, Ireland. Massive aggre- 
gates are known from Pribram, Czech Republic. 


Zinkenite 
Pb9Sb77549 


HEXAGONAL eee 


Properties: C - stecl-gray, tarnishing iridescent: S - 
steel-gray; L — metallic; D — opaque: DE — 5,3; H - 
3-3.5; CL — imperfect; F - uneven; M — thin 
prismatic striated crystals, radial to felt-like aggre- 
gates. massive. 

Origin and occurrence: Hydrothermal in ore 
veins, associated with stibnite, jamesonite, bou- 
langcrite, bournonitc, stannite and other minerals. 
Crystals up to 50 mm (2 in) across are known from 
the Itos and San Jose mines in Oruro. Bolivia. It 
was also found in Wolfsberg, Germany: St. Pons. 
France: Sacarimb and Baia Sprie, Romania. 


Jamesonite 
PbgFeSbgS 14 
MONOCLINIC e@eee 

Properties. C — gray-black, tarnishing iridescent; S — 
gray-black; L — metallic; D - opaque: DE - 5,8; H - 
2.5: CL -- good; F — uneven, M - acicular crystals, 
fibrous and felt-like aggregates, massive. 


Zinkenite, 39 mm, Oruro, Bolivia 





Jamesonite, 30 mm xx. Sombrerete, Mexico 





Origin and occurrence: Hydrothermal in medium- 
and low-temperature base metal! ore veins, associated 
with other Pb-sulfosalts, pyrite, sphalerite, galena, 
tetrahedrite, quartz and other minerals. Needles up to 
80 mm (3's in) long occur in many localitics in 
Bolivia (Tasna; Bolivia mine, Poopo; San Jose and 
Itos mines, Oruro). It also comes from Wolfsberg 
and Freiberg, Germany; Nizna Slana . Slovakia and 
Sombrerete, Zacatecas, Mexico. 

Application: Pb and Sb ore. 
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Semseyite 
PbgSbgS31 


MONOCLINIC ee 


Properties: C - gray to black: S - black: L 
metallic; D — opaque, DE - 6,1; H - 2.5; CL —- 
perfect; M — tabular and prismatic crystals and their 
rosette-like aggregates. 

Origin and occurrence: Hydrothermal in medium- 
temperature veins, associated with jamesonitc, 
bournonite. zinkenite, sphalerite and other minerals. 
Fine rosctte-like aggregates of crystals over 10 mm 
(/s in) across come from Baia Sprie, Herja and 
Rodna, Romania. It was also found in the San Jose 
mine, Oruro, Bolivia: Wolfsberg, Germany and 
Huancavelica, Peru. 


Boulangerite 
PbsSb4Sj1 
MONOCLINIC @@008 


Properties: C —lead-gray; S ~ brownish; L - metallic 
to silky: D - opaque: DE - 6,2; H — 2,5-3; CL - 


Semseyite, 40 mm, Cavnic, Romania 





oo" 





good; M - acicular striated crystals, fibrous and felt- 
like aggregates. 

Origin and occurrence: Hydrothermal in low- and 
medium-temperature ore veins, together with other 
Pb sulfosalts, galena. sphalerite and other minerals. 
Fine needles over 100 mm (4 in) long come from 
cavities in quartz in Pribram, Czech Republic. It is 
common in the Cocur d’Alene district, Idaho. USA. 
Acicular crystals up to 30 cm (12 in) long were 
found in Trepea. Serbia and Leadville, Colorado, 
USA. It is also known from Wolfsberg. Germany and 
Bolivia (Colquechaca, Huanuni, Isca-Isca). 


Cosalite 
Pb2Bi2Ss 


ORTHORHOMBIC eee 


Properties: C — lead- to stecl-gray, silver-white; S — 
black; L — metallic; D - opaque: DE - 7,1; H —2,5- 
3; CL - none; F — uneven; M — prismatic to acicular 
crystals, radial and fibrous aggregates. 

Origin and occurrence: Maginatic in peguiatlites, 
hydrothcrmal in medium-temperature deposits; also 
metamorphic, associated with sphalerite, chalco- 


Boulangerite, 40 mm, Zacatecas, Mexico 


Cosatite, 3 mm xx, Ocna de Fier, Romania 





pyrite, pyrite, cobaltite and other minerals, Elonga- 
ted crystals are known from Crodo, Italy. Fine 
needles up to 40 mm (1% in) long. included in 
quartz crystals. were found in Kara-Oba, Kazakh- 
stan. It occurs also in Au deposits (Homestake mine, 
South Dakota. USA) or in skarns (Baija Bihorului. 
Romania). 


Kobellite 
Pb272Cug(Bi,Sb) 39549 


ORTHORHOMBIC eee 


Properties: C — black-gray to steel-gray; S — black; L- 
metallic; D - opaque; DE - 6,5; H - 2,5-3; CL — good: 
M - fibrous aggregates, granular, massive. 

Origin and occurrence: Hydrothermal in high-tempe- 
rature veins and pegmatites, together with cobaltite, ar- 
senopyrite, chalcopyrite and other minerals. It is known 
from a sulfide rich pegmatite in the Superior Stone 
quarry, North Carolina, USA. Massive aggregates arc 
common in Jedl’ovec , Slovakia. It was originally des- 
cribed from the Hvena mine near Askersund, Sweden. 





Kobellite, 20 mm xx, Rozhava, Slovakia 


we = 





Realgar. 64 mm, Shimen, China 


Realgar. 
AsS 





MONOCLINIC @eeese 

Properties. C — red \o orange-yellow; S — orange-red 
to red, L — resinous to greasy: D — transparent to 
translucent; DE — 3,6; H — 1.5-2; CL — good; F — 
conchoidal; M — prismatic striated crystals, granular, 
massive. 


Orpiment, 40 m 


m, Baia Sprie, Romania 
. ; : — 


= ME 











Origin and occurrence: Hydrothermal in low- 
temperature veins, associated with other As-Sb 
minerals. also as a sublimation product of volcanic 
gasses. in hot springs and sediments. The most 
beautiful crystals over 100 mm (4 in) long come 
from Shimen, Hunan, China. Crystals up to 70 mm 
(2% in) long occurred in the Getchell mine, Nevada, 
USA. Crystals up to 80 mm (3'/s in) long were found 
in Lengenbach, Binntal, Switzerland. Crystals are 
also known from Baia Sprie, Romania. Massive 
aggregates are common in Alichar, Macedonia. 


Orpiment 
As7S3 
MONOCLINIC eeee 

Properties: C -— lemon-yellow to bronze-yellow; S — 
light lemon-yellow; L - resinous to pearly: D - transpa- 
rent to translucent; DE - 3,5; H - 1,5-2; CL — perfect; 
M - prismatic crystals, foliated and fibrous aggregates. 
Origin and occurrence: Hydrothermal in low-tempera- 
ture veins, together with reaigar, stibnite. calcite etc., 
also from hot springs and fumaroles. It is also a com- 
mon product of realgar oxidation. The best crystals up 


to 100 mm (4 in} long come from Shimen, Hunan, 
China. Fine cleavable lamellae occur in Lukhumi, 
Georgia and Men-Kyule, Yakutia, Russia. Crystals up 
to 50 mm (2 in) across found in the La Libertad mine, 
Quiruvilca and Huayllapon. Ancash, Peru. Crystals up 
to 80 mm (3's in) long described from the Getchell 
mine, Nevada, USA.. Fine specimens are also known 
from Allchar, Macedonia and Khaidarkan. Kyrgyzstan. 
Application: As ore, pigment, 


Getchellite 
AsSbS 3 


MONOCLINIC ee 


Properties: C — dark red, tarnishing green and irides- 
cent; S - orange-red; L - pearly to glassy, resinous: D 
— transparent; DE - 4,0; H - 1,5-2: CL - perfect; F - 
splintery; M - imperfect curved crystals, massive. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature ore deposits, associated with orpiment, 


Orpiment, 35 mm, Huavllapon, Peru 








Getchellite, 60 mm, Khaidarkan, Kyrgystan 


realgar, stibnite, cinnabar and other minerals. It was 
described from the Getchell mine, Nevada, USA. 
Beautiful specimens with grains up to several cm 
across come from Khaidarkan, Kyrgyzstan. It is also 
known from Zarehshuran. Kurdistan, Iran. 
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Figure 2-14. The 555 blinky project on a protoboard 
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3. Halides 


Fluellite 
Al, (PO4)F2(OH) .7 H2O 


ORTHORHOMBIC ee 


Properties: C - colorless. white, yellow: S — white; L 
- vitreous; D - transparent; DE - 2.2; H - 3; CL - 
imperfect; M -- dipyramidal crystals. 

Origin and occurrence: Hydrothermal in grcisens, 
also secondary as a result of triplite alteration. 
Crystal druses over 10 mm (*/: in) in size come from 
Horni Slavkov. Czech Republic. Very similar 
specimens were found in Stenna Gwyn near St. 
Austell, Cornwall, UK. Also found in pegmatites in 
Kynavart, Czech Republic and in Hagendorf, 
Germany as a product of triplite alteration. 


Cryolite 
Na3AlF, 


MONOCLINIC eee 


Properties: C - colorless, white, purple, brownish; S 
~ white; L - greasy to pearly: D —- transparent to 
translucent: DE - 3; H— 2.5; CL - none; F - uneven; 


M - pseudo-cubic crystals, massive. 
— 


Fluorite. 67 mm, Berbes, Spain 
Cryolite. 35 mm, lvigttt, Greenland 








Fluellite, 10 mm x, Hornt Slavkov, Czech Republic 


Origin and occurrence: Characteristic mineral of the 
cryolite pegmatites. Crystals up to 30 mm (1/6 in) in 
size were found in Ivigtut, Greenland, where it was 
mined as the Al ore for more than 100 years. It was 
associated with other aluminofluorides, sphalerite, 
cassiterite. ferrocolumbite and other minerals. It is 
also known from the Francon quarry in Montreal, 
Quebec, Canada in crystals up to 10 mm (?/ in) 
across. Massive cryolite occurs in Miass, Ural 
Mountains, Russia and in St. Peter’s Dome, Pikes 
Peak batholith, Colorado, USA. 

Application: it was an important Al ore. 
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Creedite, 70 mm, Santa Eulalia, Mexico 


Creedite 
Ca3zAlz(SO4)(F,OH) j9 .6 H2O 
ORTHORHOMBIC eee 

Properties: C — colorless, white, purple; S — white; L 
— vitreous; D — transparent; DE — 2.7; H - 4; CL - 
perfect, F - conchoidal:; M - short prismatic to 
acicular crystals, granular, massive. 

Origin and occurrence: Hydrothermal, associated 
with fluorite and barite. Purple crystals, several cm 
long, come from Wagon Wheel Gap near Creede, 
Colorado, USA. Nice druses were found in Santa 
Eulalia, Chihuahua, Mexico. The best creedite 
specimens with purple crystals up to 30 mm (1/6 in) 
long were recently found in Akcha-tau, Kazakhstan. 


Carnallite 
KMgCl3 .6 HO 


ORTHORHOMBIC eee 


Properties: C — colorless, white, yellowish, red, blue; 
S - white; L - vitreous to greasy; DE — 1.6; H— 1-2; 
CL — none; F - conchoidal; M — pseudo-hexagonal 








pyramidal and tabular crystals. granular; LU — 
strong: R — decomposes under wet conditions. 
Origin and occurrence: Sedimentary. one of the last 
products of evaporation of salty solutions; also 
supergene as a product of a reaction of older salts 
with solutions, rich in potassium, associated with 
halite, sylvite and other minerals. Crystals up to 40 
mm (1%is in) across are known from the vicinity of 
Carlsbad. New Mexico, USA. Nice crystals come 
also from Stassfurt and Alexanderhall. Germany. 
Massive aggregates are common in many salt 
deposits, like in Saskatchewan, Canada; in Kalush, 
Ukraine and elsewhere. 

Application: : the most important potassium salt, 
used as fertilizer and for production of metal Mg. 


Atacamite 
Cu2CI(OH)3 


ORTHORHOMBIC eee 


Properties: C - emerald-green, black-green,; S - 
green; L — vitrcous; D — translucent; DE | 3.8; H — 
3-3.5; CL — perfect; F — conchoidal; M — prismatic 
crystals, columnar, radial and lamellar aggregates, 
granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits in the arid climate, associated 
with other Cu minerals. Crystals up to 10 mm (?/s in) 
long were described from Burra district, Southern 
Australia, Australia. Crystals up to 10 mm (*/s in) 
across come from Tsumeb, Namibia; also from 
Bisbee, Arizona, USA. Rich aggregates of acicular 
crystals occur in many localities in Atacama 
province, Chile (Copiapo, Remolinos). 


Carnallite, 80 mm, Merkers, Germany 
= « POU ose peste 


Atacamite, 78 mm, Atacama. Chile 





Boleite 
Pb2gAggCuz4Cig2(OH) 4g 
CUBIC e 


Properties: C — blue: S — blue; L — pearly; D — 
translucent: DE — 5.1; H — 3-3.5; CL — perfect; M — 
cubic crystals, R — soluble in water. 


Boleite. 65 mm, Santa Rosalia, Mexico 


Origin and occurrence: Secondary, originated in 
the oxidation zone of Cu deposits in the arid cli- 
mate. By far the best specimens were found in 
Boleo, Baja California, Mexico, where cubes up to 
25 mm (1 in) in size were found. It is also known 
from Phillipsburg, Montana, USA and Challacollo, 
Chile. 
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Cumengite, 21 mm, Boleo, Mexico, 





Cumengite 
Pb2 | Cuz9Cl42(OH) 49 


TETRAGONAL e 


Properties: C — indigo-blue; S - blue; L - vitreous; D — 
translucent; DE - 4.7; H - 2.5; CL — good; M — tetrago- 
nal pyramidal crystals, also epitaxially overgrown on 


lodargyrite, 2 mm xx, Rudabanva, Hungary 


boleite cubes. Origin and occurrence: Secondary in 
the oxidation zone of Cu deposits in the arid climate. 
associated with boleite. The largest crystals up to 35 
mm (1?/sin) are known from Boleo, Baja California. 
Mexico. It is also reported from Newport Beach near 
Falmouth. Cornwall, UK. 


lodargyrite 
B -Agl 


HEXAGONAL eee 


Properties: C — colorless, tarnishes to yellow: S - 
yellow; L - adamantine; D —- transparent to 
translucent; DE — 5.7; H — 1-1.5; CL — perfect; F - 
conchoidal; M — prismatic to tabular crystals, 
granular, massive. 

Origin and occurrence: Secondary, product by 
oxidation of Ag ores. with other Ag minerals. Common 
greenish crystals over 10 mm (sin) in size occur in 
Broken Hill, New South Wales, Australia. Also found 
in Vrancice, Czech Republic: Tonopah, Nevada, USA; 
Chanarcillo and Copiapo, Chile. 


Villiaumite 
NaF 


CUBIC eee 


Properties: C — dark red; S - white; L — vitreous; 
D -- transparent to translucent; DE - 2.8; H — 2-2.5; 
CL — perfect; M — small crystals, granular, massive; 
R — soluble in water. 

Origin and occurrence: Late mineral in cavities in 
alkaline igneous rocks (nepheline  syenites). 
Crystals, several cm long, arc known from the 
Rasvumchorr Mountain, Khibiny massif, Kola 
Peninsula, Russia; only slightly smaller crystals 
come from Mont St.-Hilaire, Quebec, Canada and 
Illimaussaq, Greenland. 


Villiaumite, 10 mm xx, Khibiny Massif, Kola, Russia 





Halite, 55 mm, Trona, U.S.A. 


Halite 


Nacl 
CUBIC ees 


Properties: C - colorless, gray, white, red, blue; S — 
white; L - vitreous; DE - 2.2; H — 2; CL — perfect; F 
— conchoidal; M — cubic crystals, granular. massive; 
R = soluble in water. 

Origin and occurrence: Product of high-temperature 
fumaroles (Etna. Mt. Vesuvius: Italy); mainly sedi- 


Halite, 18 mm xx, Sonora, Mexico 





mentary, as a result of evaporation of sca water, 
associated with sylvite, carnallite and other mincrals. 
Very fine cubes over 10 mm (’/x in) are known from 
Weliczka and Bochnia., Poland. Blue cleavable aggre- 
gates are found in Bernburg, Germany. Salt deposits 
in Austria (Hallstatt, Hallein) are also important. 
Huge halite deposits, associated with potassium salts 
are mined in the vicinity of Stassfurt, Germany. Fine 
skeletal crystals are known from many localities in 
California, USA. 

Application: food and chemical industries. 
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Sylvite, 77 mm. California, US.A. 





Sylvite 
KCI 


CUBIC eee 


Properties: C — white, gray, blue, red; S - white; L - 
vitreous; D - transparent; DE — 2; H - 2; CL - per- 
fect; F — uneven; M - cubic crystals and their com- 
binations; granular, massive; R — soluble in water. 
Origin and occurrence: Sedimentary as a result of 
evaporation of sea water, together with halite, 
carnallite and other minerals. Nice cubes up to 50 
mm (2 in) come from Stassfurt; it forms stalactites in 
Wathlingen, Germany. Crystals are also known from 
Kalush. Ukraine and from Salton Sea, California, 
USA, where it occurs as octahedra on halite crystals. 
Application: chemical industry. 


Calomel, 30 mm, Terlingua, US.A. 








Sal ammoniac, 10 mm x, Batonyterenye, Hungary 


Sal ammoniac 
NH,Cl 


CUBIC eee 


Properties: C - colorless, white, gray, yellow, brown; S 
— white; L — vitreous; D — transparent; DE - 1.5; H- 
1-2; CL —- imperfect; F -— conchoidal; M - 
combinations of cubic crystals, dendritic and skeletal 
aggregates; earthy. 

Origin and occurrence: Typical mineral for 
fumaroles and burning coal dumps. associated with 
sulfur and other minerals. Complicated crystals are 
known from Mt. Vesuvius, Etna and Vulcano, Italy. 
Crystals over 10 mm (?'/s in) in size occurred on 
burning coal dumps near Kladno, Czech Republic; 
similar from localities in Eastern Pennsylvania, USA 
and near Ste-Etienne, France. 


Calomel 
HgCl 


TETRAGONAL ee 


Properties: C — colorless, white, gray, brown, it dar- 
kens on air; S — white; L — adamantine; D — transpa- 
rent to translucent: DE — 7.2; H — 1.5; CL — good; F - 
conchoidal; M —- tabular to pyramidal crystals, 
coatings, earthy; LU ~ dark red. 

Origin and occurrence: Secondary as a result of 
alteration of Hg minerals, associated with cinnabar, 
mercury and other minerals. Crystals were found 
in Moschellandsberg, Germany; Avala, Serbia; 


Khaidarkan, Kyrgyzstan and Terlingua, New 
Mexico, USA. 

Fluorite 

CaF2 

CUBIC eeeeoe 


Properties: C — colorless, white, yellow, red, green, 
blue, purple, brown, black; S$ — colorless; L - vi- 
treous; D — transparent to translucent, opaque; DE — 
3.2; H - 4; CL - perfect: F —- conchoidal to splintery; 
M = combinations of cubic crystals, granular, mas- 
sive; LU — blue, blue-green, also phosphorescent. 

Origin and occurrence: Rare magmatic, mainly 
hydrothermal and metasomatic. Associations are 
very diverse, depending on a type of the deposit, in 
which it occurs. Beautiful crystals are known from 
many localities all over the world. Pink octahedra, 
several cm in size, are known from pegmatites in 
Nagar. Pakistan. Nice crystals were also found in 
greisens in Cornwall, UK (Wheal Mary mine) and 
from Horni Slavkov, Czech Republic. Beautiful 
green cuhes up to 20 cm across and colorless cubes 
up to 10 mm (°c in) across from Dalnegorsk, Russia 
are of hydrothermal origin. Famous green and 
purple crystals come from Alston Moor and 
Weardale, England, UK. Nice pink octahedra up to 
30 mm (1/:s in) occurred in Huanzala, Peru. Beauti- 


Fluorite. 23 mm x, Chamonix, France 


Fluorite, 50 mm, Argentina 





ful yellow cubes up to 50 mm (2 in) associated with 
barite, are known from Halsbriicke and Annaberg. 
Germany. Purple complex combinations of crystals 
come from La Collada, Spain. Mainly purple cubes 
up to 10 mm (*/« in) occurred in Rosiclare, Illinois; 
in association with honey-yellow calcite crystals are 
known from the Elmwood mine, Tennessee; similar 
occurrences are also in several localities in Ken- 
tucky, USA. The most valuable fluorite specimens 
are pink octahedra up to 150 mm (6 in) from 
Goschenen, Switzerland; Mont Blanc massif, 
France and other Alpine localities. 

Application: metallurgy, chemical industry, special 
optics.optika. 
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4. Oxides 


Cuprite 
Cu29 


cuBIc eee 


Farieties: chalcotrichite (acicular to hair-like crystals) 
Properties: C - red; S — red: L ~ adamantine to sub- 
metallic; D - transparent to translucent; DE — 5.8-6.2; 
H — 3.5-4; CL - imperfect; F — conchoidal to uneven; 
M - combinations of cubic crystals. hair-like 
aggregates, granular, massive. 

Origin and occurrence: Secondary, as a result of the 
oxidation of Cu sulfides. Crystals up to 150 mm (6 in} 
in size, covered with malachite, occur in Onganja, Na- 
mibia. Shiny octahedra, up to 40 mm (1% in) in size, 
come from the Mashamba West mine, Zaire. Acicular 
and fibrous crystals of the chalcotrichite variety were 
found in Bisbee. Arizona, USA. Combinations of 
cubic crystals, covered with malachite, are known 
from Chessy near Lyon, France. Crystals up to 30 mm 
(1*/e in) across are reported from Tsumeb, Namibia. 
Application: important Cu ore. 


Zincite 
ZnO 
HEXAGONAL ee 


Properties: C — yellow, orange, red; S — orange- 
Pp yello 8 & 
yellow; L — adamantine; D — transparent to trans- 


Amethyst. 122 mm, Guerrero, Mexico 
Cuprite, 18 mm x, Mashamba West, Zair 











Zincite. [] mm x, Franklin, USA. 





lucent: DE - 5.7; H - 4.5-5; CL - perfect: F - 
conchoidal; M - pyramidal crystals, granular, 
massive. 

Origin and occurrence: Metamorphic, associated 
with willcmite and franklinite. It forms very rare 
crystals up to 40 mm (1"/ in) in size in the metamor- 
phosed Zn deposits in Franklin and Sterling Hill. 
New Jersey, USA, it is mostly granular and massive. 
Zincite crystals and aggregates of vitreous luster 
from Poland, which are offered at the mineral shows, 
are not of a natural origin, there arc smelter products. 


Chalcotrichite, 50 mm. Bisbee, U.S.A. 
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Soldering Jumper Wire 


Jumper wire can be treated a lot like other components (see “Placing a 
Component in the Board” on page 11): make sure there’s enough bare wire 
poking through so you can bend it outward enough to hold it in place. The 
notched probe included with this kit can be helpful with placing jumper wire 
in the right place (see Figure 2-15). 





Figure 2-15. Placing the jumper wire 


Bridging Joints with Solder 


When you're working with the protoboard, you will sometimes need to bridge 
joints that are close to each other. This is preferable to using jumper wire 
since your board remains uncluttered on the top. It doesn't always look great 
on the bottom, though, because you end up with a lot of solder in some 
places. Figure 2-16 shows the start of a bridge: feeding the solder into the 
gap between solder joints. Figure 2-17 shows a bridge being formed. 


22 Learn to Solder 


Tenorite 
Cud 


MONOCLINIC ee 


Properties: C — steel-gray to black; S - gray: L - 
metallic: D — opaque: DE - 6.5: H - 3.5; CL — im- 
perfect: F — uneven to conchoidal; M — thin tabular 
to scaly crystals, earthy, massive. 

Origin and occurrence: Secondary, in the oxidation 
zone of Cu deposits, together with other Cu super- 
gene minerals. It was common in Cu deposits in the 
Keweenaw Peninsula, Michigan, USA. It was mined 
as Cu ore in Bisbee, Globe and Morenci, Arizona, 
USA. Thin tabular crystals are known from Tsumeb, 
Namibia. 


Spinel 
MgAI2O4 


cusic eee 


Varieties: pleonast (black) 

Properties: C — pink, red, green. blue, brown, black; 
S - white; L — vitreous to dull; D — transparent to 
opaque; DE - 3.6; H — 7.5-8; CL — imperfect; F - 
conchoidal to uneven; M — octahedral crystals, gra- 
nular, massive. 

Origin and occurrence: Magmatic, metamorphic. also 
in placers, associated with corundum. sillimanite and 
other minerals. Large pleonast crystals reaching up to 
150 mm (6 in) were found in the Aldan massif, Yakutia, 


Spinel, 10 mm x, Mogok, Burma 


Tenorite. 3 mm xx, Bisbee, US.A 





Russia. Fine crystals weighing up to 14 kg (30 Ib 12 02) 
come from Amity, New York. Crystals up to 120 mm 
(4/« in) across are known from Sterling Hill, New 
Jersey. Blue crystals of spinel come from Bolton, 
Massachusetts, USA and South Burgess, Ontario. 
Canada. Gemmy pink and red crystals up to 20 mm (“#2 
in) reported near Ratnapura, Sri Lanka and in Mogok, 
Burma. Fine pink crystals up to 50 mm (2 in) in size 
occur in Kukh-i-lal, Tajikistan. 

Application: gemstone. 


Gahnite 
ZnAlzO4 
CUBIC eee 


Properties: C — black-green, black; S — gray; L - 
vitreous to greasy; D - translucent to opaque; DE — 





Pleonast, 15 mm xx, Vietnam 





4.4-4.6; H — 7.5-8; CL - imperfect; F — conchoidal to 
uneven; M - octahedral crystals, granular. 

Origin and occurrence: Magmatic and metamorphic, 
associated with wolframite, chalcopyrite and other 
minerals. Crystals up to 120 mm (4% in) in size come 
from Franklin and Sterling Hill. New Jersey, USA. 
Crystals from Broken Hill. New South Wales, Austra- 
lia reached up to 30 mm (I°/s in). Blue-green crystals 
were found in Rowe, Massachusetts, USA. Cuttable 
blue crystals occur near Gidan Wayo, Nigeria. 


Magnetite 
Fe**Fe3*10,4 
CUBIC e000 


Properties: C — black: S - black: L - metallic: D - 
opaque: DE — 5.2; H — 5.5-6.5; CL — none; F - un- 


Magnetite, 20 mm x, Chester, U.S.A. 


lia 
—s 


Gahnite, 90 mm, Broken Hill. Austra 
. - 
— . < ote eS. 








even to conchoidal; M — octahedral crystals, gra- 
nular, massive. 

Origin and occurrence: Magmatic, hydrothermal 
and metamorphic. rare sedimentary. Parageneses dif- 
fer according to the origin. Fine crystals up to 170 
mm (6''/s in} in size, come from Traversella, Italy. A 
crystal 25 cm (9'"1e in) in size was found in Vastan- 
fors, Sweden. Fine crystals up to 40 mm (1°/ in) 
occur in Dashkesan, Azerbaijan, where it is associa- 
ted with andradite, epidote and apatite. Beautiful shi- 
ny octahedra up to 40 mm (1° in} are known from 
Alpa Lercheltini, Binntal, Switzerland. Rare cubes 
up to 20 mm (*/x in) on edge come from the ZCA 
No.4 minc, Balmat, New York. USA.. Magnetite 
crystals reaching up to 10 cm were found in pegma- 
tites in Jaguaragu, Minas Gerais, Brazil. Crystals up 
to 20 cm (7'/ in) in size reported from the Gardiner 
complex, Greenland. Crystals up to 50 mm (2 in) 
were lately found in Kovdor, Kola Peninsula, Russia. 
Application: Fe ore. 
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Franklinite. 30 mm, Sterling Hill, U.S.A. 





Frankdlinite 
(Zn,Mn2* Fe2*)(Fe3*,mn2*).0,4 


CUBIC ee 


Properties: C - black; S - dark brown; L - metallic; 
D - opaque; DE —- 5.1-5.5: H - 6; CL — none; F - 
uneven to conchoidal; M — octahedral crystals, 
granular, massive. 

Origin and occurrence: Metamorphic, associated 
with willemite. zincite and other minerals. The only 
localities, where it is common and occurs in very 
large accumulations, are Franklin and Sterling Hill, 
New Jersey. USA. Crystals up to 170 mm (6'%/ie in) 


Chromite, 87 mm, Finnland 


across are known from there. It is rare in Langban, 
Sweden and Ocna de Fier, Romania. 
Application: Zn ore. 


Chromite 
FeCr2O4 


CUBIC eee 


Properties: C - black: S — brown; L - metallic; D - 
opaque; DE - 4.5-4.8; H - 5; CL — none; F — uneven; 
M - octahedral crystals, granular, massive. 

Origin and occurrence: Magmatic, together with 
magnetite, uvarovite and other minerals. Rare crys- 
tals reaching up to 10 mm (s in) are known from 
Uzun Damar, Turkey. It occurs mostly massive, like 
in deposits in Bushveld, South Africa; in Sarany, 
Ural Mountains, Russia and in Guleman, Turkey. 
Application: Cr ore. 


Hausmannite 
Mn2*Mn3*,04 


TETRAGONAL eee 


Properties: C — black: S — brown; L - submetallic; D 
~ opaque; DE - 4.8; H- 5.5; CL — perfect; F — uneven: 
M — pseudo-octahedral crystals, granular, massive. 
Origin and occurrence: Hydrothermal in high-tem- 
perature Mn deposits. also as a product of the contact 
metamorphism. The best specimens with crystals 
up to 30 mm (1% in) in size come from the 
N’Chwaning mine, Kuruman, South Africa. Smaller 
crystals were found in Ilfeld and IImenau, Germany. 
It also occurred as fine crystals in Langban and 
Jakobsberg, Sweden. 


Minium, 60 mm, Broken Hill, Australia 





TR 


Minium 
Pb2*,Pb4to, 


TETRAGONAL eee 


Properties: C - red, S — orange-yellow; L - dull to 
greasy; D — opaque; DE — 8.9; H — 2.5; CL — perfect; 


Hausmannite, 42 mm, Kuruman, South Africa 


M - earthy and pulverulent aggregates, massive. 
Origin and occurrence: Secondary mineral, as a 
result of the galena oxidation. It occurs in 
Langban, Sweden; in Anarak, Iran: in Leadhills, 
Scotland, and in Broken Hill, New South Wales, 
Australia. 
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Chrysoberyl, 35 mm, Espirito Santo, Brazil 





Chryzoberyl 
BeAl2O4 


ORTHORHOMBIC eee 
Varieties: alexandrite 


Properties; C - yellow-green, yellow. blue-green, 
alexandrite is green in daylight, purple in artificial 


Alexandrite, 75 mm, Malyshevo, Russia 









light; S — white; L - vitreous: D - transparent to 
translucent; DE — 3.8; H — 8.5; CL —- good; F — 
conchoidal to uneven; M — thin to thick tabular 
crystals common cyclic twins. 

Origin and occurrence: Magmatic in pegmatites, 
prevailing as metamorphic, in association with 
schorl, phenakite and other minerals. Twins up to 22 
cm (8"/6 in) occurred near Pancas, Espirito Santo, 
Brazil. Complicated twins up to 100 mm (4 in) in 


size come from Ambatondrazaka and other localities 
in Madagascar. Tabular crystals several cm in size, 
embedded in the sillimanitic rock, were found in 
Mar_ikov, Czech Republic. Fine alexandrite crystals 
up to 80 mm (3'/ in) are known from Malyshevo, 
Ural mountains. Russia, together with emerald and 
phenakite. Alexandrite crystals reach up to 30 mm 
(fs in) in Nyanda, Zimbabwe. Gemmy chryso- 
beryls, commonly with a cat’s eye effect. come from 
the vicinity of Ratnapura, Sri Lanka. 

Application: gemstone. 


Valentinite 
$b203 


ORTHORHOMBIC eee 


Properties: C — colorless, white, brownish; S — white; 
L - adamantine; D - transparent to translucent; DE - 
5.7-5.8: H - 2.5-3; CL - perfect: M — prismatic to 
tabular crystals, radial aggregates, massive. 

Origin and occurrence: Secondary mineral, origina- 
ted in the oxidation of stibnite. The best specimens 
with crystals up to 30 mm (1?/is in) were found in 
Pribram, Czech Republic. Fine crystals come also 
from Braunsdorf, Germany. Crystals up to 20 mm 
(/2 in) long occur in Oruro, Bolivia. Beautiful radial 
aggregates up to 40 mm (1*/« in) in diameter, 
associated with kermesite, are known from Pezinok 
and Pernek. Slovakia. Pscudo-morphs after stibnite 
crystals up to 35 cm (13*’s in)long, are reported from 
the Xikuangshan Mince. Lengshuijiang. China. 


Arsenolite 
As703 


CUBIC ee 
Properties: : C — white: S — white; L — vitreous; D - 
transparent to translucent: DE - 3.9: H - 1.5; CL - 


good: F - conchoidal; M — octahedral crystals, 
crusts, coatings; R - soluble in water. 


Arsenolite, 3 mm xx, Recsk, Hungary 








Valentinite, 40 mm, Nicolet, Canada 


Origin and occurrence: Secondary mineral, resulting 
from the oxidation of As ores. Poorly developed crystals 
several mm long, occur in Jachymov, Czech Republic; 
in Johanngeorgenstadt and St. Andreasberg, Germany. 
Crystals up to 20 mm (*/: in) long originated during a 
mine fire in the White Caps mine. Nevada, USA. 


Senarmontite 
Sb,03 


CUBIC eee 


Properties: C - white, light gray; S - white; L - 
greasy, vitreous to adamantine; D — transparent to 
opaque; DE — 5.2-5.8; H - 2-2.5; CL — imperfect; F 

uneven; M - octahedral crystals, granular. massive. 
Origin and occurrence: Secondary, produced by 
stibnite oxidation, with valentinite and cerussite. 
The finest crystals up to 30 mm (1*/« in) in size 
come from Djebel Hammimate, Algeria. Also 
occurred in Cetine. Italy and in Dubrava, Slovakia. 
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USA. 
. 3 





Bixbyite, 11 mm x, Thomas Range, 





Bixbyite 
(Mn3*,Fe3*),03 


CUBIC ee 


Properties: C - black; S - black; L - metallic to sub- 
metallic: D — opaque; DE ~ 5; H — 6-6.5; CLB 
imperfect; F - conchoidal to uneven; M - cubic 
crystals, also twins. 

Origin and occurrence: Hydrothermal in rhyolite 
cavities and metamorphic, Cubes up to 12 mm ("7x 
in) are found together with topaz in Thomas Range, 
Utah, USA. Crystals up to 25 mm (1 in) occurred in 


Corundum, 10 min xx, Miass, Russia 





en 





Leucosapphivre, 30 mm, Sri Lanka 





the Postmasburg mine, South Africa. Crystals up to 
80 mm (3'%s in) come from Ultevis, Sweden. 


Corundum 4 
Al,03 
TRIGONAL econ 


Varieties: ruby, sapphire, leucosapphire, emery 


Properties: C - colorless (leucosapphire), yellow, 
pink, red (ruby), blue (sapphire), purple, green, 


Rub 
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Corundum, 4 mm. Montana, USA. 


Ruby, 16 mm x, Jegdalek, Afghanistan 





gray; S - white; L - vitreous to adamantine; D - 
transparent to opaque: DE - 4.0-4.1: H - 9; CL - 
none; F —- conchoidal to uneven; M — long pris- 
matic to barrel-like crystals. pebbles; LU —- rare 
dark red. 

Origin and occurrence: Magmatic in andesites, peg- 
matites and basalts. metamorphic and in placers, in 
association with andalusite, topaz. spinel and other 
minerals. Crystals of common corundum weighed up 
to 30 kg (66 Ib) near Bancroft, Ontario, Canada. A 
crystal, weighing 151 kg (333 lb 3 0z) was also found 
in the Letaba district, South Africa. Sapphire crystals 
weighing up to 20 kg (44 Ib), come from the vicinity 
of Ratnapura and Rakwana, Sri Lanka. Fine sapphire 
crystals are also known from Kashmir, India. Rough 
gem sapphire is mined from the Yogo Gulch sedi- 
ments in Montana, USA and from Anikia, Queens- 
land, Australia. Fine blue crystals up to 50 mm (2 in) 
long. occur near Miass, Ural mountains, Russia. Ru- 
by is even much rarer variety of corundum. Its beauti- 
ful crystals up to 50 mm (2 in) long come from Jeg- 
dalek, Afghanistan; Mogok. Burma and from Luc 
Yen, Vietnam. Prismatic crystals of opaque ruby, up 
to 40 mm (1°%s in) in size were found in the Khit Is- 
land near Kola Peninsula, Russia. Ruby crystals up to 
30 cm (12 in) in size embedded in green zoisite from 
the vicinity of Arusha, Tanzania are very decorative. 
Application: emery as abrasive material, sapphire 
and ruby as gemstones. 





Sapphire, 41 mm, Kashmir. India 
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Hematite, 50 mm, La Fibbia, Switzerland 






Hematite 
Fe203 
TRIGONAL @eee@ 

Properties: C - red, gray. black; S — red; L - metallic, 
dull; D — opaque; DE - 5.3; H — 6-6.5. earthy to 1; 
CL — none: F — uneven to conchoidal: M - thick to 
thin tabular crystals, massive, earthy. 

Origin and occurrence: Magmatic, hydrothermal. 


Loparite-(Ce), 10 mm xx, Khibiny Massif, Kola, Russia 


na 


sedimentary, also metamorphic, parageneses vary 
according to the origin. Beautiful crystals up to 100 
mm (4 in) in size come from Brumado, BahRa. 
Brazil. Crystals up to 30 cm (12 in), were found in 
the Wessels mine, Kuruman, South Africa. So called 
iron roses reached up to 100 mm (4 in) near St. 
Gotthard. Switzerland. Fine crystals several cm in 
size, occurred in Rio Marina, Elba, Italy. Very fine 
tabular crystals reached up to 70 mm (2% in) in 
Nador. Morocco. New finds of fine crystals up to 40 
mm (1% in) in size were made in the Korshunovs- 
koye deposit, Russia. Fine botryoidal aggregates 
come from Hradiste and Horni Blatna, Czech 
Republic and from Botallack, Comwall, UK. Sedi- 
mentary banded iron ores form huge deposits near 
Krivoy Rog, Ukraine or in the vicinity of Lake Supe- 
rior (Mesabi Range, Minnesota: Marquette, Michi- 
gan, USA). 

Application: important Fc ore. 


Iimenite 
FeTiO3 
TRIGONAL @eeee 

Properties: C - black; S — black; L — metallic to dull; 
D - opaque: DE - 4.5-5; H - 5-6; CL — none; F - 
conchoidal to uneven; M -— thick tabular crystals, 
granular, massive. 

Origin and occurrence: Magmatic, metamorphic 
and in placers, associated with pyrrhotite. rutile, 
magnetite and other minerals. Crystals weighing up 


imenite, 11 mm x, Binntal, Switzerland 





to 30 kg (66 lb) were described from the Faraday 
mine near Bancroft, Ontario, Canada. Crystals up to 
150 mm (6 in) in size occurred near Girardville, 
Quebec, Canada. Crystals also reached up to 100 
mm (4 in) near Miass, Ural mountains, Russia. Crys- 
tals up to 120 mm 120 mm (47/6 in), were found in 
Arendal and Kragero, Norway. Crystal rosettes up to 
10 mm (*%« in) in size come from Maderanertal, 
Switzerland. It is also common in placers (Kamituga. 
Kivu, Zaire: Sri Lanka; Travancore, India: Madagas- 
car etc.). 


Perovskite 
CaTiO3 


ORTHORHOMBIC eee 


Properties: C — dark brown to black; S - colorless to 
gray; L - metallic to adamantine; D - opaque; DE - 
4.0-4.3; H 5.5-6: CL - imperfect; F - conchoidal to 
uneven; M — pseudo-cubic crystals, granular. 

Origin and occurrence: Magmatic in basic and ultra- 
basic rocks, metamorphic, together with magnetite, zir- 
con and other minerals. Fine pseudo-cubic crystals up 
to 40 mm (1% in) in size come from Zlatoust and Ak- 
hmatovsk, Ural mountains, Russia. It occurs as crystals 
up to 80 mm (3'/« in), associated with magnetite crys- 
tals in the Gardiner complex, Greenland. Crystals up to 
40 mm (1° in) were found in Jacupiranga, Sao Paulo, 
Brazil. Crystals from Val Malenco, Italy, reached up to 
20 mm (7s: in). Crystals up to 20 mm (4/2 in) were 
lately found in Afrikanda, Kola Peninsula, Russia. 


Loparite-(Ce) 
(Ce,Na,Ca)TIO3 


ORTHORHOMBIC e 


Properties: C — black, S - dark red-brown, L - 
metallic; D — opaque: DE —- 4.6-4.9; H - 5.5-6; M — 
pseudo-cubic crystals, granular; R — metamict. 

Origin and occurrence: Magmatic in alkaline rocks, 
with lorenzenitc, eudialyte and acgirine. Fine inter- 
penetration twins up to 20 mm (*/s: in) in size come 
from Mount Nyorkpakhk, Kola Peninsula, Russia. 


Perovskite, 60 mm, Zlatoust, Russia 
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Figure 2-16. Feeding solder into a gap 





Figure 2-17. Forming a bridge across the gap 
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How to Solder 


Stibiconite, 230 mm, Catorce, Mexico 





Stibiconite 
Sb3*Sb5*50,¢(OH) 
CUBIC eee 

Properties: C - white, creamy, light yellow, brown; 
S - white; L — vitreous, greasy to dull; D — opaque; 
DE - 4.1-5.8; H — 3-6; M — pseudo-morphs after 
stibnite crystals, earthy, massive. 

Origin and occurrence: Secondary, as a result of the 
stibnite oxidation, associated with valentinite and 
other minerals. Fine pseudo-morphs after stibnite 
crystals up to 30 cm (12 in) long come from Catorce, 


Bindheimite. 4 mm. Rudabanya, Hungary 








San Luis Potosi, Mexico. Similar pseudo-morphs 
were also found in Kostainik, Serbia; in the Ichino- 
kawa mine, Japan and in Pereta, Italy. Pseudo- 
morphs after stibnite up to 20 cm (77/s in) long occur 
also in Cukuroren, Turkey. 


Bindheimite 
Pb2Sb70,(0,0H) 


CUBIC eee 


Properties: C - yellow. brown, gray; S — yellow, L - 
resinous, dull to earthy; D — translucent to opaque; 
DE - 4.6-5.6; H - 4-4.5; F - conchoidal to earthy; 
M - botryoidal, nodular and earthy crusts. 

Origin and occurrence: Secondary in the oxidation 
zone of Pb-Sb deposits. Needles up to 10 mm (*/ in) 
long come from Rudnik, Czech Republic. It is com- 
mon in Broken Hill, New South Wales, Australia; in 
Bisbee, Arizona, USA and in Sidi-Amor-ben-Salem, 
Tunisia. Lamellar pseudo-morphs up to several cm in 
size are known from Tsumeb, Namibia. 


Pyrochlore 
(Na,Ca)2Nb204(OH,F) 


CUBIC eee 


Properties: C — yellow-brown, brown, black: S - 
brown; L — vitreous to greasy; D — translucent to 
opaque. DE - 4.5; H — 5-5.5; CL — locally good; F - 
conchoidal to uneven; M — octahedral crystals, gra- 
nular; R - radioactive (admixtures of U, Th). 

Origin and occurrence: Magmatic in alkaline rocks, 
together with zircon, astrophyllite and other minerals. 
Fine brown shiny crystals up to 20 mm (?*/s: in) in size 
come from the vicinity of Vishnevogorsk, Ural moun- 
tains, Russia. Crystals reaching 10 mm (*/s in) occur 
in the Panda Hill deposit, Tanzania. Crystals are also 
known from Oka, Quebec, Canada. Single octahedra 
measuring 5 mm (*/6 in) were found in Luesha, Kivu, 
Zaire. Application: Nb,U and Th ore. 


Microlite, 7 mm x, Gillette Quarry, US.A. 
vr ™ = 





Pyrochlore, 58 mm, Vishnevogorsk, Ural Mts., Russia 


* 





Betafite 
(Ca,Na,U)2(Ti,Nb,Ta)2O4(OH) 


CUBIC ee 


Properties: C — black, brown, yellow-brown; SB red- 
brown: L — resinous to greasy; D - translucent to 
opaque: DE - 4.2; H — 3-5.5; CL — none; F ~ 
conchoidal to uneven: M - octahedral crystals; R - 
radioactive, metamict. 

Origin and occurrence: Magmatic in granitic peg- 
matites, rich in U, Th and rare earth elements, asso- 
ciated with beryl, euxenite-CY) and other minerals. 


Betafite, 20 mm, Silver Crater. Canada 








The world’s best specimens come from many locali- 
ties in Madagascar (Betafo, Ambatofotsikely etc.), 
where crystals up to 6 kg (13 Ib 3 0z) were found. 
Beautiful specimens with crystals up to 100 mm (4 
in) in size occur in the Silver Crater mine near Ban- 
croft, Ontario, Canada. It is also known from Evje, 
Norway. 


Mikrolite 
(Na,Ca)Ta204(0,OH,F) 


CUBIC eee 


Properties: C — brown, yellow, green, reddish; S - 
white: L - vitreous to greasy, locally adamantine; 
D - translucent to opaque; DE — 5-6.4; H — 6-6.5; CL 
— locally good; F - conchoidal to uneven: M - 
octahedral crystals, granular, massive. 

Origin and occurrence: Magmatic. typical for granitic 
pegmatites, together with manganocolumbite, manga- 
notantalite and other minerals. Octahedra up to 65 mm 
(2%/e in) in size occur in Ankola, Uganda. Crystals up 
to 30 mm (1: in) in size come from Virgem da Lapa, 
Minas Gerais, Brazil. Crystals up to 75 mm (3 in) are 
reported from the Harding pegmatite, New Mexico, 
USA. [t occurs in important accumulations near 
Wodgina, Western Australia. 
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Quartz, 60 mm, Herkimer, U.S.A. 


Quartz 
Si0> 
TRIGONAL @eeee 

Varieties: rock crystal, citrine, smoky citrine, 
morion, amethyst, rose quartz. chrysoprase, jasper, 
chalcedony, agate, onyx, sardonyx, aventurine, helio- 
trope, tiger’s eye, falcons eye. 


ge 





Properties: C — colorless (rock crystal), white, yellow 
(citrine), brown (smoky citrine), black (morion), 
purple (amethyst), pink (rose quartz), green (chryso- 
prase); D — these varieties are mostly transparent, 
often translucent; C — other varieties are mainly multi- 
colored, separate colors have different hues and the 
color is commonly caused by microscopic admixtures 
of other minerals; varieties: red, green, brown. yellow 
(jasper), banded with different colors (agate); white 


Rock crystal, 95 mm, La Gardette, France Citrine, 32 mm, Charcas, Mexico 





and black bands (onyx), white and red-brown bands 
(sardonyx), green to red-brown with mica or hematite 
inclusions (aventurine), dark green with red spots 
(heliotrope), yellow-brown to black-brown, fibrous 





Smoky quartz, 70 mm, Middle Moat Mt, U.S.A. 


with silky luster (tiger’s eye), blue-gray to yellow- 
brown, fibrous with silky luster (falcon’s eye); S - 
white; L - vitreous, silky, dull, D — transparent to 
translucent, opaque; DE - 2.6; H — 7; CL — none; F - 


Smoky quartz, 81 mm, Switzerland 
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Morion, 100 mm, Agadir, Kazakhstan Amethyst, 100 mm, Bochovice, Czech Republic 





conchoidal; M — long to short prismatic, acicular, 
dipyramidal to tabular crystals, fibrous, botryoidal 
and stalactitic aggregates and coatings, concretions, 
geodes, granular, massive. 

Origin and occurrence: Magmatic in different types 
of rocks, mainly in granites, granitic pegmatites and 
volcanic rocks: metamorphic in different types of 
rocks, mainly in quartzites and mica schists; 
hydrothermal in different types of ore and Alpine- 





Rose quartz, 145 mm, Minas Gerais, Brazil 





Amethyst, 200 mm, Guerrero, Mexico 


type veins; secondary in the oxidation zone of ore 
deposits; also in different types of sedimentary 
rocks and in organic remains, also in placers. 
Probably the most common mineral in the Earth’s 
crust and the most important rock-forming mineral, 
as well. 

Large crystals of rock quartz up to 7 m (23 ft) long 
come from pegmatites in the Betafo region in 
Madagascar and from the Alpine-type veins, like 





Uri. Grimse] and Furka, Switzerland: perfect 
crystals are known from the cracks in marbles near 
Carrara, Italy; it also occurs in the quartz veins in 
Herkimer, New York and Hot Springs, Arkansas, 
USA. Citrine occurs mainly in granitic pegmatites 
and large crystals come from Goias, Brazil; from 
Suky and Netin, Czech Republic; from Murzinka, 
Ural mountains, Russia. Smoky quartz originates 
mostly in granitic pegmatites. it also occurs in the 
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Chalcedony, 68 mm, High Atlas. Morocco Chrysoprase. 60 mm, Szklary, Poland 





Alpine-type quartz veins and in cavities of volcanic 
rocks. Perfect crystals up to several meters long, 
come from many places, the largest crystal, 
weighing 77 tons , was found in Kazakhstan: perfect 
crystals occur in pegmatites in many places in 
Brazil; also in Korostenskiy massif, Ukraine; in the 
Pikes Peak batholith, Colorado, USA; in the Alpine- 
type veins in Maderanertal and in Grimsel, 
Switzerland. Morion crystals, commonly associated 
with smoky citrine, were found in quartz veins and 
in pegmatites. 

Its crystals are known from St. Gotthard, Switzer- 
land. Amethyst comes from quartz and ore veins, 
cavities in volcanic rocks, rare in the Alpine-type 
veins. Famous localities in volcanic rocks are in the 
states of Rio Grande do Sul and Minas Gerais, 
Brazil, doubly terminated crystal, weighing 5.5 
tons, come from Diamantina. In Serra do Mar, Rio 
Grande do Sul. a cavity covered with amethyst 





Carnelian, 40 mm, Nova Paka, Czech Republic 


Jasper, 50 mm, Ural Mis., Russia 


io uty 
bung 


™ 





av 


Jasper. 60 mm, Oregon, U.S.A. 





crystals measuring 10 x 2x 1 m (33 x 6 x 3 ft 3in) 
was found: rich druses occur also in the ore veins in 
Porcura, Romania and Julimes, Mexico. Rose 
quartz, forming masses up to several meters in 
granitic pegmatites in the Rose Quartz pit. Quade- 


fron stained quariz, 95 mm, Horovice. Czech Republic 


Petrified wood, 70 mm, Podkrkonosi, Czech Republic 





ville, Ontario, Canada; in Ambositra, Madagascar; 
crystals up to 10 mm (’/s in) long growing on quartz 
crystals, come from Sapucaia. Minas Gerais, Brazil. 
Dark green chrysoprase veins up to 50 mm (2 in) 
thick are known from serpentinites in Szklary, 
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Agate, 50 mm. Zeleznice, Czech Republic 





Poland. Jasper is known from volcanic rocks and 
their contacts with sediments, locally as a result of 
petrification of organic matter, mainly plants, it is 
also known from quartz veins. Rich aggregates 
occur in Idar-Oberstein, Germany; in Podkrkonosi 
region and in Krusne hory mountains, Czech 
Republic; in the Petrified Forest National Park, 
Holbrook, Arizona, USA; in Ural mountains, 
Russia: in Kabamby, Madagascar. Chalcedony is 
mostly found in quartz veins and geodes in volcanic 
rocks, also in sediments. 

Rich aggregates come from  Idar-Oberstein, 
Germany; Julimes, Mexico: many localities in 
Uruguay and Brazil; in Huttenberg, Austria. Agates 
are known from cavities in volcanic rocks, rare in 
hydrothermal veins and in sediments. The most 
important localities are located in the southern part 
of Brazil in the state of Rio Grande do Sul; in 
Uruguay; also in Yemen; India; Mongolia; in several 


Agate, 140 mm. Horni Halze. Czech Republic 


na 


Onyx. 65 mm, Brazil 





Moss agate, 40 mm, Krdjali. Bulgaria 








Agate, 60 mm. Brazil 


localities in the USA; in Idar-Oberstein, Germany: 
in Podkrkonosi, Czech Republic. The most famous 
localities of onyx and sardonyx are in Brazil and 
Uruguay. 

Rich aggregates of aventurine come from Miass, 
Ural mountains, Russia: Mariazell, Austria; Belany, 
India. Heliotrope occurs in Idar-Oberstein, Germa- 
ny; Kozakov. Czech Republic and in Brazil. 


Aventurine, 50 mm, India 











Application: important raw material in glass indus- 
try, many colored varieties, like amethyst, smoky 
citrine, citrine, onyx, sardonyx, and heliotrope are 
cut as gemstones. 





South Africa 


SSS 


Tiger s eye, 50 mm, Griqualand, 


Zas 


Relieving Strain on Cables 


If you have something heavy dangling off your board, such as a battery box, 
it's very likely that the solder joints will come undone. If you pass the wires 
through the large holes on the board before soldering them down (Fig- 

ure 2-18), youcan add some strain relief (Figure 2-19) that will help prevent 
this from happening. If you have a small drill, you can also drill out a couple 
of holes close to where you are going to solder the connection, and loop the 
wire through there. This will be even more rugged than using the larger holes. 





Figure 2-18. Soldering the battery holder wires 
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Tridymite, 9 mm, Big Luc Mt. U.S.A, 
Pad ‘ 


ee 





Tridymite 
SiO> 


ORTHORHOMBIC eee 
Properties: C - colorless to white: S -- white; L — 
vitreous: D — transparent: DE — 2.3; H — 6.5-7; CL — 


none: F — conchoidal: M — pscudo-hexagonal tabular 
crystals. 





Cristobalite, 110. mm, Vechec, Slovakia 





Origin and occurrence: Magmaitic in cavities of young 
felsic volcanic rocks in association with cristobalite, 
chalcedony and other minerals. Pscudo-hexagonal 
tabular crystals up to 10 mm (‘/s in) in size, come from 
Vechec, Slovakia. Similar crystals found in Ichigayama, 
Japan. Crystals up to 10 mm (*/s in) occur with topaz 
and other minerals in the Thomas Range, Utah, USA. 


Cristobalite 
SiOz 


TETRAGONAL eee 
Varieties: lussatite (fibrous) 


Properties: C — colorless to white; S - white; L — 
vitreous; D - translucent: DE - 2.3; H - 6.5; CL - 
none; M ~ pseudo-octahedral crystals, spherical and 
botryoidal aggregates. 

Origin and occurrence: Magmatic in cavities of 
young felsic volcanic rocks. associated with tridy- 
mite. Crystals up to 4 mm (‘/ in) are known from 
Cerro San Cristobal, Hidalgo, Mexico. Crystals up 
to 2 mm (‘fie in) long occur in Vechcc, Slovakia. Gray 
spherical aggregates come from Coso Hot Springs, 
California. USA. 


Common opal, 60 mm, Kfem3e, Czech Republic Opal, 50 mm, Herlany, Slovakia 





Opal brown, red-brown, yellow, green, gray, blue; S ~ 
SiO2 .n H20 white; L - vitreous, dull, carthy, waxy; D - 
—_—_—_——~.e ooo transparent to translucent, opaque: DE - 2.1; H - 
AMORPHOUS eeoeoee 5.5-6.5; CL — none; F - conchoidal; M — botryoidal 


and stalactitic aggregates. coatings. concretions, 
Varieties: hyalite, milky opal, Fire opal, precious —_ geades, massive; LU — white, yellow-green, green. 
opal, wooden opal, geysirite. Origin and occurrence: Hydrothermal in volcanic 

rocks and tuffs, also in various types of volcanic 
Properties: C — colorless (hyalite), white (milky rocks and tuffites, in different types of sedimentary 
opal), red (fire opal), iridescence (precious opal), rocks, in organic remnants and hot springs, rare in 


Hyalite, 45 mm, Valec, Czech Republic 
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Opal, 47 mm, Opal Butte, US.A. 





Luo ELM ESI Vel Movants hydrothermal veins; secondary in the weathering 

zone of different types of rocks. It is often associated 
with chalcedony. Coatings and stalactitic aggregates 
of hyalite up to 50 mm (2 in) thick known from 
Cerritos, Mexico; Valec, Czech Republic; Klamath 
Falls, Oregon, USA. Milky opal occurs in Dubnik, 
Slovakia, Smreek, Czech Republic and many other 
localities. The most famous locality of fire opal is 
Zimapan, Hidalgo, Mexico. Precious opal comes 
from many localities in Australia, e.g. Baracoo 
River, Queensland; Coober Pedy, Southern Australia 
and White Cliffs, New South Wales, where it forms 
tich aggregates and vcinlcts in sandstones, classic 
locality is Dubnik, Slovakia, where it occurs in 





Dendritic opal. 56 mm. Kremie, Czech Republic 





andesites and was probably mined already by ancicnt 
Romans. Beautiful precious opals come also from 
the Virgin Valley. Nevada. USA. Petrified trees, 
known as wooden opal, reach Iengths of several 
meters in the Petrified Forest National Park, Hol- 
brook. Arizona, USA; in L'ubictova and Povraznik, 


Precious opal, 55 mm, Opal Butte, US.A, 





Fire apal. 20 mm, Mexico 


Slovakia. White geysirite is known mainly from the 
hot springs in Iceland; Yellowstone National Park, 
Wyoming, USA; New Zealand. 
Application: colored opal varieties, primarily 
precious opal and fire opal are cut as gemstoncs, 
diatomite in chemical industry. 
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Melanophlogite, 80 mm, Fortullino, lialy 





Melanophlogite 
SiOz 


CUBIC e 


Properties: C - colorless, white: S — colorless: L - vi- 
treous; D - transparent: DE — 2; H — 6.5; CL - none; 
M -— pseudo-cubic crystals, spherical aggregates. 

Origin and occurrence: Hydrothermal, associated 
with sulfur and other minerals. It was originally 
described from the sulfur deposit in Racalmuto, 
Sicily, Italy as crystals up to 4 mm (*/ in) in size. It 


Rutile, 21 mm, Ibitiara, Brazil 


is also known from Chvaletice, Czech Republic, 
where it forms crystals up to 2 mm (‘Zw in) in size, in 
Alpine-type veins. 


Rutile 

TiO? 
TETRAGONAL @eeee 

Properties: C — red-brown, red, brown, yellowish, 
black; S - light brown; L — metallic to adamantine; 
D — transparent to translucent: DE — 4.2; H - 6-6.5; 
CL - good: F - conchoidal to uneven; M - short pris- 
matic, striated crystals, common twins, acicular 
crystals, granular, massive. 

Origin and occurrence: Magmatic and metamorphic, 
also in placers, together with monazite-(Ce), topaz, 
beryl, quartz and other minerals. The largest crystals 
up to 150 mm (6 in) in size come from the Mount 
Graves, Georgia, USA. Beautiful epitaxial inter- 
growths with hematite occur in Cavradischlucht. St. 
Gotthard, Switzerland and in Ibitiara, Bahia, Brazil. It 
is common as inclusions in smoky citrine (quartz) 
crystals from Ibitiara, Bahia and Itabira, Minas 
Gerais, Brazil. Knee-like crystal twins up to 70 (2% 
in) cm in size were found in the vicinity of Golcuv 
Jenikov and Sobeslav, Czech Republic. 

Application: Ti ore. 


Rutile, 48 mm, Bahia, Brazil 





Cassiterite, 110 mm, Yunnan, China 





Cassiterite 
Sn02 
TETRAGONAL @#eee0e 

Properties: C — colorless, brown, black; S — white, 
grayish. brown: L — metallic to adamantine, dull; 
D - transparent to opaque: DE - 6.3-7.2; H - 6-7: CL 
- imperfect; F - conchoidal to uneven; M - 
dipyramidal and short prismatic crystals, multiple 
twins, granular, massive. 

Origin and occurrence: Magmatic in pegmatites, 
hydrothermal in high-temperature deposits, meta- 
morphic and in placers, together with wolframite, 
topaz and other minerals. Crystal twins up to 150 
mm (6 in) in size come from Horni Slavkov, Czech 
Republic. Crystals of similar size were also found in 
Panasqueira, Portugal. Fine twins up to 80 mm (3's 
in) were found in Rossarden. Tasmania, Australia. 
Crystals up to 70 mm (2% in) in size were found in 
Llallagua, colorless and transparent crystals up to 50 
mm (2 in) in size in Viloco, Bolivia. Crystals up to 
110 mm (4% in) occurred lately in Tenkergin, 
Chukotka, Russia. Crystals up to 130 mm (57/1 in) in 
size arc known from pegmatites in Minas Gerais, 
Brazil (Fazenda do Funil). New finds of shiny 
crystals up to 100 mm (4 in) long were made in 
Hunan and Yunnan provinces, China. 

Application: Sn ore. 


Plattnerite 
PbO» 


TETRAGONAL ee 


Properties: C — black; S - brown; L — metallic to ada- 
mantine; D — opaque; DE - 9.6; H - 5.5; CL — none; 
M ~ acicular crystals, botryoidal aggregates. massive. 
Origin and occurrence: Secondary, as a result of the 
oxidation of other Pb minerals, together with pyro- 
morphite, hemimorphite and other minerals. Fine 
crystals come from Mina Ojuela. Mapimi, Durango. 
Mexico and from the Blanchard mine, New Mexico, 
USA. Botryoidal aggregates, weighing up to 100 kg 
(220 Ib), were found in the Morning mine, Mullan. 
Idaho, USA. 


Plattnerite, 150 mm, Mapimi, Mexico 
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Pvrolusite, 88 mm, Baraga, USA. 





Pyrolusite 
MnO? 
TETRAGONAL @eeee 

Properties: C ~ black, steel-gray; S — black; L — 
metallic to dull; D - opaque; DE - 5.1; H — 6-6.5; 
CL — perfect; F — uneven; M — prismatic to acicular 
striated crystals, stalactitic and botryoidal aggre- 
gates, granular, massive. 

Origin and occurrence: Secondary, as a result of alte- 
ration of manganite and other primary Mn minerals, 
also hydrothermal. Crystals up to 20 mm (“2 in) long 
come from Horni Blatna, Czech Republic. Radial 
shiny aggregates were found in Ohrenstock, Germany. 
It occurred in Ilfeld, Germany, too. Large sedimentary 
Mn deposits, where pyrolusite is the main constituent, 
are known near Chiaturi, Georgia or near Nikopol, 
Ukraine. Crystals are reported also from Tsumeb, 
Namibia and Hotazel, South Africa. 

Application: important Mn ore. 


Hollandite 

Ba(Mn4*,Mn2*),0 16 

MONOCLINIC eee 

Properties: C — gray-black; S - black; L - submetailic; 


D— opaque; DE — 5; H - 6; CL — good; M — short pris- 
matic crystals, racemous and columnar aggregates. 


int 


Origin and occurrence: Metamorphic in Mn depo- 
sits with braunite, scheelite and other minerals, also 
secondary. Crystals up to 5 mm (/ in) long come 
from the Bradshaw mountains, Arizona, USA. It is 
common in the metamorphosed Mn deposits in 
Ultevis, Sweden; in Nagpur and Balaghat, India. 


Coronadite 
Pb(Mn4+,Mn2*)g0 1g 


TETRAGONAL eee 


Properties: C — black, black-gray: S$ — brown-black: 
L — submetallic to dull; D — opaque; DE — 3.4; II - 
4.5-5.5; M — botryoidal crusts with fibrous structure, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Mn deposits. Spherical aggregates up to 100 
mm (4 in) in diameter come from the Bou Tazoult 
mine, Imini. Morocco. Small crystals were found in 
the Beltana mine, Southern Australia, Australia and 
in the Silver Bill mine, Arizona, USA. 


Todorokite 
(Mn2*,Ca,Mg)Mn4*,07 .H 20 
MONOCLINIC @@6 


Properties: C — gray. brown-black, black; S - brown; 





L — metallic to dull; D - opaque; DE ~ 3.5-3.8; H- 1; 
CL - perfect; M — platy crystals, stalactitic and 
nodular aggregates. 

Origin and occurrence: Secondary mineral. as a result 
of the oxidation of Mn minerals. Crystals are reported 
from several mines in the Kalahari region, South 
Africa (Hotazel. Smart). It was originally described 
from the Todoroki mine. Hokkaido, Japan. It is an 
important constituent of occanic Mn concretions. 


Ferrotapiolite 
FeTazOg 


TETRAGONAL eee 


Properties: C - black. brown; V — red-brown: L — sub- 
metallic, adamantine, resinous; D — opaque; DE - 7- 
7.8; EL — 6-6.5; CL - none; F — uneven to conchoidal; 
M - dipyramidal and short prismatic crystals, massive. 
Origin and occurrence: Magmatic in pegmatites, 
together with manganotantalite, microlitc, cassiterite 
and other minerals. Crystals up to 40 mm (1°/« in) in 
size are known from the vicinity of Govcrnador 
Valadares, Minas Gerais, Brazil. A crystal 120 mm 
(4s in) long has been described from Angarf, 
Morocco. Short prismatic crystals come from 
pegmatites near Topsham and Paris, Maine, USA. 


Hmencorutile 
(Ti,Nb,Fe)Oz 


TETRAGONAL eee 


Properties: C — black: S - brown; L - submetallic; D 
- opaque; DE — 4.2; H - 6-6.5; CL - good; F - con- 
choidal to uneven; M -- prismatic crystals, granular. 
Origin and occurrence: Magmatic in pegmatites, 
together with schorl, zircon, fluorapatite and other 
minerals. Prisms several cm long come from Udraz 
near Pisek, Czech Republic. It is also known from the 
vicinity of Miass, Ural mountains, Russia and Evje, 
Norway. 





Todorokite, 60 mm, Kamogun, Japan 






Ferrotapiolite, ov mm, Marxtkov, Czech Republic 


pers we. 


Hmenorutile, 10mm x, Pisek, Czech Republic 
= - 
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Anatase 
TiO2 


TETRAGONAL eee 


Properties: C — black-gray, brown, red-brown, blue, 
rare colorless, S — white; L — submetallic to adaman- 
tine; D — transparent to opaque; DE — 3.8-4; H — 5.5- 
6; CL - perfect; F - conchoidal: M — dipyramidal 
and tabular crystals. 

Origin and occurrence: Hydrothermal in the Alpine- 
type veins, associated with brookite and quartz, also 
sedimentary and metamorphic. Beautiful crystals up 
to 50 mm (2 in) long were found in Alpa Lercheltini, 
Binntal, Switzerland. Famous black-blue crystals 
reaching up to 30 mm (1° in) come from Mats- 
korhae, Hardangervidda, Norway. Crystals up to 15 
mm (1%: in) were recently found in Dodo, Polar Ural, 
Russia. Crystals up to 30 mm (PAs in) in size occurred 
in the Old Lot and Vulcan mines, Colorado, USA. 


Tellurite 
TeO2 
ORTHORHOMBIC ee 


Properties: C - yellow, yellow-orange; S —- 
yellowish; L — adamantine: D - transparent; DE - 


Anatase, 16 mm, Hardangervidda, Norway 








5.8; H — 2; CL — perfect: M —- acicular and thin 
tabular crystals, radial aggregates, pulverulent. 
Origin and occurrence: Secondary, resulting from 
the oxidation of AuBTe ores. Crystals up to 10 mm 
(‘4s in) long occurred in the Kawazu and Susaki 
mines, Japan. Beautiful specimens were found in 
Moctezuma, Sonora. Mexico: it also comes from 
Cripple Creek, Colorado, USA. 


Brookite 
TiO2 


ORTHORHOMBIC eee 


Properties: C — light to dark brown, yellow-brown, 
black; S — white to gray: L — submetallic to adaman- 
tine; D — transparent to translucent, opaque: DE 
4.1; H — 5.5-6: CL - imperfect; F — conchoidal to 
uneven; M - tabular, dipyramidal, long and short 
prismatic crystals. 

Origin and occurrence: Wydrothermal along the 
fissures of the Alpine-type veins and in granitic and 
alkaline pegmatites; it occurs as pseudo-morphs after 
titanite and ilmenite; also in sedimentary rocks. Perfect 
tabular crystals up to 50 mm (2 in) in size found in 
Rieder Tobel, Switzerland: Magnet Cove, Arkansas. 
USA: Passo di Viza, Italy. New finds of crystals up to 
50 mm in size made in Dodo, Polar Ural, Russia. 


Brookite, 50 mm, Puiva, Polar Urals, Russia 


Tellurite, 1 mm x, Fata Batt, Romania 


™. 





Ferberite 
FewO4 


MONOCLINIC eee 


Properties: C — black: S — brown-black to black; L - 
submetallic; D — opaque: DE — 7.5; H — 4-4.5; CL — 
perfect; F — uneven: M — short prismatic to tabular 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal! in high- to 
medium-temperature ore veins, in greisens and 
skarns; rare magmatic in granitic pegmatites and 
granites; it also occurs in placers. It is usually 
associated with cassiterite, scheclite, sulfides and 


Ferberite, 68 mm, Mundo Nuovo, Peru 


quartz. Perfect tabular crystals up to 120 mm (4/16 
in) in size found in the Quartz Creek mine, Colora- 
do, USA; also in Cinovec, Czech Republic; 
Panasqueira, Portugal; Ehrenfriedersdorf. Ger- 
many and Potosi, Bolivia. 

Application: W ore. 


Hubnerite 
MnW0O, 


MONOCLINIC eee 


Properties: C — yellow-brown, red-brown, black: S - 
yellow-brown to black-gray; L — submetallic; D - 
translucent to opaque; DE - 7.2; H — 4-4.5; CL - 
perfect; F — uneven; M ~ short prismatic to tabular 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in high- to 
medium-tempcrature ore veins, in greisens; rarely 
magmatic in granitic pegmatites; also in placcrs. 
Perfect tabular to short prismatic crystals up to 25 
cm (9% in) in size, come from the Huayllapon 
mine. Pasto Bueno. Peru; also from Baia Sprie, 
Romania; Kara-Oba, Kazakhstan; the Sweet Home 
mine, Alma and Silverton, Colorado, USA. 
Application: W ore. 


Hubnerite, 39 mm, Silverton, US.A. 
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Figure 2-19. Strain relief 


Getting the Perfect Solder Joint 


It's not hard to get a great solder joint, but it’s also easy to be sloppy. Here 
are some pictures of good and bad joints to help you out. 


Figure 2-20 
Here's a good solder joint on the positive (+) pad: solder surrounds the 
joint and makes alittle peak. This joint had just the right amount of solder 
and just the right amount of heat. 

Figure 2-21 
The joint on the negative (-) pad is sloppy. The solder didn’t flow around 
the joint, and some of it is spread out across the lead. You can try to fix 
it by holding the iron to the joint for a couple seconds; the solder should 
flow down the lead and onto the joint. 

Figure 2-22 
The joint on the positive (+) pad has too much solder, and it’s balled up. 
Youcan use the desoldering wick or solder sucker to remove the excess. 
After you do that, hold the iron to the joint for a couple seconds to get 
the solder to flow around it. 

Figure 2-23 
Here are two joints for comparison: one good, one blobby. 


How to Solder 25 


Titanowodginite. 20 mm, Tanco, Canada 





Titanowodginite 
MnTiTa,Og 


ORTHORHOMBIC e 


Properties: C — dark brown, black; S — dark brown: 
L - submetallic; D - translucent to opaque; DE - 6.9: 
H ~— 5.5; CL - imperfect. F — uneven; M — 
dipyramidal crystals, granular. 

Origin and occurrence: Magmatic in granitic 
pegmatites. Dipyramidal crystals up to 10 mm (?/s in) 
long occur in the Tanco mine, Bernic Lake, 
Manitoba, Canada. 

Application: Ta ore. 


Ferrocolumbite, 90 mm, Middletown, U.S.A. 


tne 








Ferrocolumbite 
FeNb2O, 


ORTHORHOMBIC eee 


Properties: C — black, red-brown: S — red-brown to 
black: L - submetallic; D — translucent to opaque: 
DE - 5.2; H - 6; CL - good: F - uneven to 
conchoidal: M — long to short prismatic and tabular 
crystals, granular. massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites and granites: rare hydrothermal in high- 
temperature ore veins and in greisens; also in 
placers. Tabular crystals up to | m (39%/s in) in size 
occur in granitic pegmatites near Custer and Key- 
stone, South Dakota, USA: in Malakialina, Mada- 
gascar; Ichikawa, Japan: masses, weighing up to 270 
kg (594 Ib) come from the Meyers quarry, Colorado. 
USA. 

Application: Nb ore. 


Manganotantalite 

MnTaz20¢ 

ORTHORHOMBIC eee 

Properties: C - red, red-brown. black-brown, black: S 
dark red to black; L — submetallic: D - translucent to 

opaque; DE - 8.0; H - 6-6.5; CL — good; F — uneven 


Manganotantalite, 19 mm, Nuristan, Afghanistan 





Euxenite-(Y), 49 mm, Ambatofotsy, Madagascar 





to conchoidal: M —- prismatic to tabular crystals, 
granular, massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites and granites; also in placers. Crystals up to 
100 mm (4 in) in size come from Li-bearing peg- 
matites in the Tanco Mine, Bernic Lake, Manitoba, 
Canada; also from Sao Jose da Safira, Minas Gerais, 
Brazil. 

Application: Ta ore. 


Euxenite-(¥) 
(¥,Ce,U,Th) (Nb, Ta, Ti) 29% 


ORTHORHOMBIC ee 


Properties: C — black with brownish and green hues: 
S — gray. yellowish, brownish: L - submetallic. 
resinous: D - translucent to opaque: DE — 4.6; H - 6: 
CL = none: F — conchoidal: M — tabular crystals, 
granular, massive: R — locally weakly radioactive, 
commonly metamict. 

Origin and occurrence: Magmatic in granitic and 
alkaline pegmatites; also in placers. Typically 
associated with monazite-(Ce), zircon, ilmenite and 
other oxides of rare earth elements. Crystals up to 
150 mm (6 in) in size are known from Kragero and 
Hitteré, Norway: from Ankazobe, Madagascar, 


Aeschynite-(Ce) 
(Ce,Ca) (TiNb) 204 


ORTHORHOMBIC ee 


Properties: C - black. red-brown. yellow; S — red- 
yellow, L — vitreous, resinous, adamantine; D — 
translucent to opaque: DE - 5.0; H — 5.5; CL — none; 
F — conchoidal: M — prismatic and tabular crystals, 
granular, massive: R — locally weakly radioactive, 
commonly metamict. 

Origin and occurrence: Magmatic in alkaline and 
granitic pegmatites and carbonatites. It is associated 





Aeschynite-(Ce), 45 mm, Hittero, Norway 





with zircon and oxides of rare earth elements. 
Crystals up to 190 mm (7*16 in) long occur in 
Quadeville, Ontario, Canada; other localities are 
Kragero, Norway; Trout Creck Pass, Colorado, USA. 


Stibiotantalite 
SbTaO,4 


ORTHORHOMBIC ee 


Properties: C - yellow, yellow-brown, red-brown, 
yellow-green; S — yellow-brown; L - submetallic, 
vitreous, resinous; D — transparent to translucent; 
DE ~ 7.5; H — 5-5.5; CL — good; F — uneven to 
conchoidal: M — prismatic, tabular and dipyramidal 
crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites: also in placers. Crystals up to 120 mm 
(4° in) in size occur in Muiane, Alto Ligonha, 
Mozambique: also found in the Little Three mine, 
Ramona, and the Himalaya mine, Mesa Grande, 
California, USA. Also known from Greenbushes, 
Western Australia, Australia. 

Application: Ta ore. 


Stibiotantalite, 10 mm grain, Dobra Voda, Czech Republic 
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Uraninite 
UO, 
CUBIC eeee 

Properties: C — black, black-brown, black-gray; S - 
black, black-brown to greenish; L - submetallic, 
greasy, earthy; D — opaque; DE — 7.5-10,6; H - 5-6. 
earthy aggregates 3; CL — imperfect; F — uneven to 
conchoidal; M — cubic crystals, botryoidal aggre- 
gates, granular. massive; R — strong radioactive. 
Origin and occurrence: Mainly hydrothermal in ore 
veins, skarns; magmatic in granitic pegmatites; in 
sedimentary rocks; also in placers. 


Uraninite, 8 mm x, Portland, US.A, 





1Ag 


usually associated with other U minerals, e.g. 
coffinite and secondary alteration products, mainly 
U micas. Perfect crystals up to 100 mm (4 in) in size 
and weighing up to 2.5 kg (5 lb 8 oz) come from the 
Fissure mine, Wilberforce, Ontario, Canada. where 
they occur in simple pegmatites, cross-cutting 
marbles. 

Crystals are also known from Dieresis, Spain and 
Shinkolobwe, Zair. Rich botryoidal aggregates were 
found in Jachymov and Slavkovice, Czech Republic; 
in Bois-Noirs and Margnac, France. 

Application: U ore. 


Gibbsite, 80 mm, Gamba, Brazil 


Brucite, 30 mm, Azbest, Russia 





Gibbsite 
AI(OH)3 


MONOCLINIC eee 


Properties: C - colorless, gray, white, greenish; S — 
white; L —- vitreous. pearly; D — transparent to 
translucent; DE - 2.4; H - 2.5-3.5; CL — perfect; F - 
uneven; M — tabular crystals, lamellar and carthy 
aggregates. coatings and stalactitic films, granular, 
massive. 

Origin and occurrence: Hydrothermal as a product 
of alteration Al-rich rocks; secondary in the 
oxidation associated with goethite; metamorphic in 
weakly metamorphosed Al-rich rocks, typically with 
diaspore: a constituent of bauxites. Tabular crystals 
up to 100 mm (4 in) in size were found in Zlatoust. 
Ural mountains. Russia; also in Villa Rica, Minas 
Gerais, Brazil. 


Brucite 
Mg(OH)> 


TRIGONAL eee 


Properties: C ~ colorless, gray, white, bluish, bluc, 
yellow, brown: S - white; L - vitreous, pearly: D - 
transparent to translucent; DE - 2.4: H - 2.5; CL - 
perfect: F - uneven: M ~ tabular crystals, foliated, 
acicular and earthy aggregates. granular, massive. 
Origin and occurrence: Hydrothermal in veins in 
serpentinites or dolomitic marbles. a product of 
pcriclase alteration: rare metamorphic in skarns and 
marbles. Perfect crystals up to 18 cm in size, come 
from the Low’s mine, Pennsylvania and the Tiliy Foster 
mine, New York, USA; also known from Asbestos, 
Quebec. Canada: Predazzo. the Alps, Italy; bluc 
crystals up to 50 mm (2 in) in size were found in the 
Bazhenovskoye deposit. Azbest. Ural mountains. 
Russia. 


Diaspore 
AIO(OH) 


ORTHORHOMBIC eee 


Properties: C - colorless, gray, white, greenish, 
yellowish, pink, purplish; S — white; L. — vitreous, 
pearly; D — transparent to translucent; DE - 3.4; H - 
6.5-7; CL - perfect; F - conchoidal; M - tabular 
crystals, foliated aggregates, stalactitic films, 
granular, massive. 

Origin and occurrence. Hydrothermal as a product 
of alteration Al-rich minerals, e.g. andalusite, 
typically with pyrophyllite and corundum; meta- 
morphic in Al-rich rocks: a constituent of bauxites. 
Tabular crystals up to 120 mm (47/s in) in size come 
from Menderess, Turkey: also from Naxos, Greece; 
Chester. Massachusetts, USA. 


Diaspore, 35 mm, Milas, Turkey 
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Goethite, 77 mm, Santa Eulalia, Mexico 





Goethite, 60 mm, Pribram, Czech Republic 





Goethite 
Fe?*O(OH) 


ORTHORHOMBIC @eeeee 


Varieties: velvet ore 


Properties: C - black-brown, yellow-brown. brown; 
S — yellow-brown; L — submetallic, metallic, silky, 
earthy; D — translucent to opaque; DE ~— 4.3; H ~ 5- 
5.5; CL - perfect; F — uneven to conchoidal; M 

acicular to prismatic crystals, botryoidal aggregates, 
commonly with radial structure, coatings and 


Lepidocrocite, 30 mm, Rudabanva, Hungary 





stalactitic films, earthy, granular, massive. 

Origin and occurrence: Secondary as one of the 
most common minerals of the oxidation zone of ore 
deposits, it forms a significant part of limonite; 
hydrothermal in ore veins, in cavities in pegmatites 
and volcanic rocks. It forms pseudo-morphs after 
pyrite and other Fe sulfides. Rich botryoidal 
aggregates of velvet ore with a velvety surface come 
from Pribram, Czech Republic; acicular crystals up 
to 50 mm (2 in) long are known from Bottalack and 
Redruth. Cornwall, UK; it also occurs in Siegen and 
Horhausen, Germany; in Florissant, Colorado, USA. 
Application: Fe ore. 


Manganite 
mMn3*0(OH) 
MONOCLINIC @eeee 

Properties: C — black to black-gray; S - red-brown to 
black; L - submetallic to dull: D — opaque; DE - 4.3; 
H - 4; CL — perfect; F — uneven to conchoidal; M — 
long to short prismatic crystals, acicular and earthy 
aggregates, concretions, granular, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature ore veins, together with quartz; secon- 
dary in the oxidation zone of ore deposits; sedi- 
mentary and rare metamorphic in Mn-rich rocks. 
Druses of black crystals up to 40 mm (1° in) long 
come from the classic locality I!feld, Germany; it 
also occurs in Ohrenstock and I!menau, Germany; in 
Nikopol, Ukraine; in Sterling Hill, New Jersey, 
USA: in the N'Chwaning No. 2 mine, Kuruman, 
South Africa. 

Application: Mn ore. 


Lepidocrocite 
Fe?*O(OH) 


ORTHORHOMBIC eee 


Properties: C — dark red to red-brown; S - orange to 
brick-red; L - submetallic, adamantine to silky; D — 
transparent to opaque: DE - 4.0; H — 5; CL - perfect; 
F — uneven to conchoidal; M — tabular to short 
prismatic crystals, acicular, bladed and carthy 
aggregates, concretions, granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits, overgrown on botryoidal 
goethite. It occurs together with goethite as a 
constituent of limonite, its tabular crystals and their 
aggregates are known from Herdorf, Germany and 
Rancie, France. 


Manganite, 85 mm. lifeld, Germany 





Lithiophorite 
(Al,LiMn4*05(0H)2 


MONOCLINIC eee 


Properties: C - black. commonly with bluish tint; 
S - black-gray to black; L - metallic to dull; D - 
opaque; DE — 3.3; H — 3; CL — perfect; F - uneven; 
M - scaly crystals. botryoidal and earthy aggregates, 
coatings, granular. massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits and along the cracks in 
sedimentary rocks. Botryoidal aggregates occur in 
Schneeberg, Germany; Jivina and Zajecov, Czech 
Republic; Miyazaki, Japan. 


Lithiphorite, 60 mm, Rangersdorf, Germany 


Curite 
Pb2Uc0)7 .4 H30 


ORTHORHOMBIC ee 


Properties: C — dark orange to red-orange; S — light 
orange; L — adamantine to earthy; D - transparent to 
translucent: DE - 7.4: H — 4-5; CL — good: F — uneven; 
M - acicular crystals, carthy aggregates, coatings, 
massive: R - strong radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits, associated with other secondary U 
minerals, ¢.g. torbernite, kasolite and uranophane. 
Rich aggregates were found in Shinkolobwe, Zaire: 
also known from La Crouzille, France; South 
Alligator, Northern Territory, Australia. 


Curite, 30 mm, Shinkolobwe, Zair 
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5. Carbonates 


Magnesite 

MgO; 

TRIGONAL eeee 

Properties: C - colorless, white, yellowish, 


brownish, black; S — white; L — vitreous to dull; D - 
transparent; DE — 3.1; H - 4; CL - perfect: F — con- 
choidal: M — rhombohedral and prismatic crystals, 
massive cleavable aggregates, earthy; LU — occasio- 
nally blue or green. 

Origin and occurrence: Rarely magmatic, mainly 
hydrothermal metasomatic and metamorphic. The 
largest crystals are known from Brumado, Bahia. 
Brazil, reaching up to | m (39s in) in size, embedded 
in metamorphosed dolomites. Crystals in cavities in 
the same locality arc up to 50 mm (2 in) in size, Also 
crystals up to 50 mm (2 in) found in the Eugui 
quarries. Spain. Crystals up to 10 mm (*/s in) across 
come also from Val Malcnco, Italy, It prevails as 
massive aggregates, forming huge deposits. like 
Veitsch. Austria; Liao-Tung, China. Many deposits 
are located in Slovakia (Jelsavska Dubrava, Hnusta). 
Application: heat-resistant material. 

<— + 


Calcite, 40 mm, Houghton Co., U.S.A. 
Magnesite, 148 mm, Brumado, Brazil 








Smithsonite, 32 mm, Tsumeb, Namibia 





Smithsonite 
ZnCO3 


TRIGONAL eee 


Properties: C — white, gray, green, pink, blue; S - 
white; L - vitreous to pearly; D - transparent to 
translucent; DE - 4.4: H — 4-5; CL — perfect: F - 
conchoidal to uneven; M — rhombohcdral crystals, 
botryoidal and stalactitic aggregates, massive; LU — 
sometimes green or blue. 

Origin and occurrence: Supergenc, as a result of oxi- 
dation of the primary Zn ores. associated with other su- 
pergenc Pb minerals. The largest ycllow scalenohedra 
crystals up to 40 mm (1° in) in size come from Bro- 
ken Hill, New South Wales, Australia. Pink crystals, up 
to 30 mm (1/is in) long occurred in Tsumeb, Namibia. 
World famous blue-green botryoidal crusts up to 100 
mm (4 in) thick found in the Kelly Mine, Magdalcna, 
New Mexico, USA. Nice aggregates and banded 
stalactites described from Monte Poni, Sardinia, Italy. 


Smithsonite, 40 mm, New Mexico, US.A. 
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Siderite, 26 mim, Governador Valadares. Brazil 





Siderite 
FeCO3 


TRIGONAL @eeoe 


Properties: C — yellow, brown, black; S — yellowish- 
white; L — vitreous; D — translucent; DE — 4: H-4; CL 


Sphaerocobaitite, 16 mm, Bou Azzer, Morocco 
ee pe. 
ce » * 


— perfect; F— uneven to conchoidal; M — rhombohedral 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in medium- 
and low-temperature deposits, sedimentary. Crystals 
up to 40 cm long found in Mont St.-Hilaire, Quebec, 
Canada. Crystals up to 100 mm (4 in) in size come 
from Panasqucira, Portugal. Crystals up to 30 mm 
(1s in) in size occurred in Neudorf, Germany. 
Rhombs up to 20 mm (*¥z in) also found in Pribram, 
Czech Republic. Pscudo-morphs of goethite after 
siderite up to 70 mm (2% in) across described from 
Pikes Peak, Colorado, USA. Deposits of massive 
siderite in Erzberg and Huttenberg, Austria yielded 
crystals up to 50 mm (2 in) long. Fine crystals 
reported from Tavistock. Devon and Redruth, 
Cornwall, UK. 

Application: important Fe ore. 


Sfaerocobaltite 
CoCO2 
TRIGONAL eee 


Properties: C - pink, gray, brown; S ~ red; L - 
vitreous; D -- transparent to translucent; DE - 4.1; H 
- 4; CL — perfect; M - scalenohedral and 
rhombohedral crystals, radial aggregates, massive. 
Origin und vecurrence: Secondary, as a product of 
the oxidation of primary Co minerals. The best 
specimens, with crystals up to 30 mm (1¥i6 in) long, 
come from Zaire (Musonoi; Kakanda). Crystals up 
to 10 mm (4 in) long known from Bou Azzer, 
Morocco. 





Rhodochrosite, 117 mm, Sweet Home Mine, USA. 





Rhodochrosite, 70 mm, Mina Capillitas, Argentina 


Rhodochrosite 
MnCO3 





TRIGONAL @eee 


Properties: C — white. pink, red, brown, locally black 
coatings on crystals; S - white; L - vitreous; D - 
transparent to translucent: DE — 3.6; H - 3.5-4; CL- 
perfect; F - conchoidal to uneven; M — rhombohce- 
dral and scalenohedral crystals. hemispherical and 
botryoidal aggregates, granular, massive. 

Origin and occurrence: Only rare in pegmatites, 
hydrothermal in medium- and low-temperature veins, 
sedimentary and metamorphic. The most beautiful 
crystals come from the Sweet Home mine. Alma, 
Colorado, USA, where rhombs up to 150 mm (6 in) 
in size occur, associated with purple fluorite, hubne- 
rite, tetrahedrite and other minerals. Beautiful dark 
red scalchohedra, up to 100 mm (4 in) found in the 
N‘Chwaning No.l and 2 mines, Kuruman, South 
Africa. Pink rhombs up to 80 mm (3's in) come from 
Silverton, Colorado, USA. Nice pink hemispheres 
and botryoidal aggregates are known from Cavnic 
and Baia Spric. Romania. Similar specimens occur- 
red in Huaron, Peru. Pink banded crusts and stalac- 
tites were found in the Mina Capillitas, Catamarca. 
Argentina. Pink rhombs, associated with bertrandite, 
were lately found in Kounrad, Kazakhstan. 
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Figure 2-21. A messy solder joint 


26 Learn to Solder 


Calcite. 150 mm, Elmwood Mine, U.S.A. 


Calcite 
Caco3 
TRIGONAL e#eee8e 

Properties: C — colorless, white, gray, yellow, brown, 
pink, red, blue, green. black; S — white; L — vitreous 
to pearly; D — transparent to opaque: DE — 2.7; H - 
3; CL ~ perfect; F — conchoidal: M — crystals of 
various habit. concretions, stalactites, oolitic 
aggregates, granular, massive; LU — sometimes red 
to orange. 


Calcite, 30 mm, Tunguzka, Russia 








Origin and occurrence: One of the most common 
minerals, resulting from a wide range of conditions, 
it is magmatic, hydrothermal, sedimentary, meta- 
morphic and secondary, it occurs in various para- 
geneses. Large crystals found in many localities 
throughout the world. Pinkish and yellow crystals 
over 500 mm (20 in) long come from Joplin. 
Missouri and from the Elmwood mine, Tennessee, 
USA. Beautiful calcite crystals, crystallographically 
of very complex habits, found in Dalnegorsk, 
Russia. Nice calcite specimens occurred also in 
Mexico (Naica, Chihuahua: Charcas, San Luis 
Potosi). European localities, like Pribram. Czech 
Republic; St. Andreasberg. Germany: Kongsberg. 
Norway are famous by their calcites, too. Wine 
yellow, complicated crystals are known from the 
Sarbayskoye deposit in Rudnyi, Kazakhstan. Clear 
cleavable aggregates of the birefringent calcite (so 
called Iceland spar) were found in basalt cavities in 
Helgustadir, Iceland. The largest of them reached up 
to 6 x 2 m (20 x 6 fi 6 in) in size. Very nice 
scalenohedra up to 80 mm (3'/s in) long with copper 
inclusions occur in Keweenaw Peninsula, Michigan, 
USA. Perfect scalenohedra and their twins up to 100 
mm (4 in) long arc known from Egremont and 
Frizington, UK. Beautiful butterfly twins up to 80 
mm (3'/s in) recently reported from Guiyang, Hunan, 
China. Crystals of calcite with sand inclusions up to 
100 mm (4 in) in size come from the vicinity of 
Fontainebleau, France. 

Application: building industry, optical industry. 


Dolomite, 33 mm x, Navarro, Spain 





Dolomite 
CaMg(CO3)9 
TRIGONAL e@eeeed 

Properties: C — gray-white, pink, red, green, brown, 
black; S — white; L - vitreous to pearly; D - 
transparent to translucent, DE — 2.9: I] - 3.5; CL 
perfect: F — conchoidal; M - rhombohedral crystals, 
massive. 

Origin and occurrence: Magmatic in pegmatites, 
hydrothermal, metasomatic, sedimentary and meta- 
morphic, together with siderite, magnesite, calcite 
and other minerals. Crystals up to 100 mm (4 in) 


Ankerite, 20 mm xx, Roudny, Czech Republic 





long found in Brumado. Bahia, Brazil. Fine crystals 
also occurred in Banska Stiavnica. Slovakia and in 
Cavnic. Romania. Crystals up to 200 mm (77s in) in 
size come from Eugui, Spain. Crystals up to 150 mm 
(6 in) long found in cavities in dolomitic rocks in 
Lengenbach, Binntal, Switzerland. Crystals several 
cm long known from Jachymov, Czech Republic. 
Large accumulations of massive dolomite are 
common in magnesite deposits. 

Application: metallurgy. heat-resistant material. 


Ankerite 
CaFe(CO3)2 
TRIGONAL eee 

Properties: C — white, yellowish, brown-yellow; S — 
white; L — vitreous to pearly; D — translucent; DE 
3; H - 3.5-4; CL —- perfect; F - conchoidal; M — 
rhombohedral crystals, granular. 

Origin and occurrence: Hydrothermal in medium- 
and low-temperature veins, also sedimentary and 
metamorphic, togcther with siderite and other 
mincrals. Crystals up to 50 mm (2 in) occurred in the 
Tui mine, New Zealand. Brown rhombs up to 40 mm 
(1% in) in size known from Gilman, Colorado, 
USA. Yellowish crystals up to 10 mm (?/s in) come 
from concretions near Kladno, Czech Republic. 
Massive aggregates are common in metasomatic 
deposits of siderite (e.g. Nizna Slana, Slovakia). 
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Kutnohorite. 60 mm, Kutna Hora, Czech Republic 





Kutnohorite 
CaMn(CO3)2 


TRIGONAL eee 


Properties: C — white, gray, pink, yellowish; S — 
white; L - vitreous: D — translucent, DE - 3.1; H - 
3.5-4; CL —- perfect; F - conchoidal: M ~ poorly 
developed crystals, granular, massive. 

Origin and occurrence: Hydrothermal and metamor- 
phic, associated with ankerite, quartz and other mine- 
tals. Poorly developed crystals are known from Kut- 
na Hora, Czech Republic. Small crystals several mm 
in size are described from Mont St.-Hilaire, Quebec, 
Canada. Large crystals occurred in Moncure, North 


Aragonite, 49 mm, Tazouta, Morocco 





Huntite, 110 mm, Koksin, Czech Republic 





Carolina, USA. Small gray-white crystals were found 
in Broken Hill, New South Wales, Australia. 


Huntite 
CaMg(CO3)2 


TRIGONAL ee 


Properties: C — white; S - white; L - earthy; D 
opaque; DE - 2.7; H - 1.5; CL — none; F — 
conchoidal, M — fibrous aggregates, earthy. 

Origin and occurrence: Secondary mincral resulting 
trom the oxidation of dolomite, associated with 
magnesite and dolomite. Fine fibrous aggregates come 





Flos ferri, 110 mm, Erzberg. Austria 





from Koksin, Czech Republic. It also occurs in the Ala- 
Mar deposit. Nevada. USA. Massive aggregates are 
known from the Boquira mine, Bahia, Brazil. 


Aragonite 
CaCO; 


ORTHORHOMBIC eee 


Varieties: Nos ferri, hot-spring tufa, peastone. tarno- 
witzite, 

Properties: C - colorless. white, yellow. reddish, 
greenish. purplish, bluish, gray; S — white: L 


Peastone, 35 mm, Karlovy Vary, Czech Republic 








vitreous: D — transparent to opaque: DE — 3: H — 3.5- 
4.5: CL — imperfect; F -- conchoidal; M — prismatic 
crystals. oolitic. banded, columnar and dendritic 
aggregates, massive; LU ~ locally weak cream 
yellow. 

Origin and occurrence: Primary as a late hydro- 
thermal mineral of high-temperature deposits more 
commonly secondary as a product of the oxidation 
of siderite and pyrite. [t also results from 
precipitation of thermal springs, it is sedimentary 
and metamorphic. Fine white prismatic crystals up 
to 70 mm (2% in) long found together with blue 
celestite crystals in _pania Dolina, Slovakia. 
Similar crystals come from sulfur deposits in 
Cianciano, Italy and Tarnobrzeg, Poland. Maybe 
the best aragonite crystals in the world are known 
from the gossan of the magnesite deposit in 
Podrecany, Slovakia, where druses of crystals up to 
200 mm (7°%s in) long were found. Wine yellow 
crystals up to 100 mm (’/: in) long occurred in 
cavities of volcanic rocks in Horenec near Bilina, 
Czech Republic. Those crystals were the only gem 
rough, suitable for facctting, in the world. Very 
interesting copper pscudo-morphs after aragonite 
come from Corocoro, Bolivia. Banded and oolitic 
aggregates found in Karlovy Vary, Czech Republic. 
Dendritic aggregates from Erzberg, Austria and 
elsewhere are known as flos ferri. 

Application: decorative stone. 


119 


Strontianite, 34 mm, Hardin Co., US.A. 





Strontianite 
SrCO3 


ORTHORHOMBIC e@e0e 


Properties: C - colorless, gray, yellowish. greenish, 
reddish. brown: S — white; L — vitreous to resinous; 
D - transparent to translucent; DE - 3.8; H- 3.5; CL 
~ perfect; F - conchoidal to uneven; M — prismatic 
and acicular crystals, columnar and fibrous aggre- 
gates, massive, earthy. 

Origin and occurrence: Hydrothermal in low-tem- 
perature veins, in cavities of volcanic rocks, mainly 
sedimentary, together with calcite and zeolites. 
Crystals up to 80 mm (3's in) long occur near 


Witherite. 20 mm x, Alston Moor, CK 


Bleiberg, Austria. Smaller crystals known from 
Strontian. Scotland. Crystals up to 50 mm long found 
in marls in Ahlen near Minster, Germany. 


Witherite 
BaCO3 


ORTHORHOMBIC ee 


Properties: C - white, gray, yellowish; S — white; L 
— vitreous to greasy. D — translucent: DE - 4.3; H 
3.5; CL — good; F — uneven; M — pseudo-hexagonal 
dipyramidal crystals, fibrous and botryoidal 
aggregates, massive. 

Origin and occurrence: Hydrothermal in low- 
temperature deposits with fluorite. barite, calcite and 
other minerals. Beautiful yellowish crystals up to 
120 mm (4'Visin) long come from the Minerva No. | 
mine, Cave-in-Rock, Illinois, USA. Crystals. up to 
70 mm (2% in) in size occurred in Hexham and 
Alston Moor, England, UK. Its pseudo-hexagonal 
crystals or botryoidal aggregates were very rare in 
Pribram, Czech Republic. 


Cerussite 

PbCO3 

ORTHORHOMBIC eee 

Properties: C - colorless, whitish, yellow, black; S — 


white; L - greasy to adamantine; D — translucent; DE 
- 6.6; H — 3-3.5; CL - good; F - conchoidal: M - 





Cerussite, 92 mm, Tsumeb, Namibia 


prismatic and pyramidal crystals, common trillings 
and twins, granular, massive; LU - sometimes 
yellowish. 

Origin and occurrence: Secondary mineral, result- 
ing from the oxidation of galena and other Pb 
minerals, together with pyromorphite, vanadinite. 
barite and other minerals. The best specimens come 
from Tsumeb, Namibia, where trillings up to 200 
mm (7'/s in) in diameter occurred. Large twins also 
known from Broken Hill, New South Wales, 
Australia. Beautiful crystals up to 50 mm (2 in) in 
size reported from Mibladen, Morocco. Fine crystals 
up to 50 mm (2 in) long found in Stribro, Czech 
Republic. Typical white acicular crystals, up to 60 
mm (2°/s in) long come from the Flux mine, Arizona. 
USA. 


Barytocatcite 

BaCa(CO3)2 

MONOCLINIC ee 

Properties: C — colorless. white, gray, yellowish; S - 


colorless; L.— vitreous to resinous; D — transparent to 
translucent; DE — 3.7; H - 4; CL — perfect: F - 





conchoidal to uneven; M ~ prismatic, often striated 
crystals, massive; LU - light yellow. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature veins, together with calcite, barite and other 
minerals, Crystals several cm in size and cleavable 
masses are known from Alston Moor, Cumbria, UK. 
Imperfect crystals about 10 mm (‘/ in) in size occur- 
red in Surbro, Czech Republic. It is also described 
from Freiberg. Germany and from Langban, Sweden. 


Barytacaicite, 52 mm, Alston Moor, UK 
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Azurite, 48 mm, Touissit, Morocco 


Matachite, 63 mm, Mashamba West, Zair 





Azurite 
Cu3(CO3)2(OH)2 
MONOCLINIC @eeoe 

Properties: C ~ blue: S — blue: L ~ vitreous; D — 
transparent to opaque; DE — 3.8: H - 3.5; CL 
perfect; F — conchoidal: M — tabular and prismatic 
crystals, pulverulent. 

Origin and occurrence: Secondary, resulting from the 
oxidation of Cu sulfides. mainly associated with 
malachite. Crystals up to 200 mm (7%4 in) long come 
from Tsumeb, Namibia. Crystals from Touissit, Mo- 
Tocco reach up to 70 mm (2% in). Tabular crystals up 
to 50 mm (2 in) in size found in Chessy near Lyon. 
France. Famous crystals up to 50 mm (2 in) across oc- 
curred in the Copper Queen mince in Bisbee, Arizona. 
USA. Fine azurite concretions with crystals on the 
surface come from La Sal, Utah, USA. Crystal roset- 
tes. reaching up to 130 mm (5°/« in) in size were 
found in the Yang Chweng Mine, Guang Dong, China. 
Application: Cu ore. 


Matachite 
Cu7(CO3)(OH)2 
MONOCLINIC eeeoe 


Properties: C - green; S — light green; L - vitreous, 
dull, earthy; D - opaque; DE — 4.1; H - 3.5-4; CL 


1.7 


perfect; F — conchoidal to uneven: M — acicular and 
prismatic crystals, botryoidal aggregates, stalactites. 
massive. 

Origin and occurrence: The most common super- 
gene mineral of Cu, associated with azurite, cuprite 
and other minerals. Crystals up to 30 mm (1?/m in) in 
size occur in Kambove, Zaire. Crystals up to 20 mm 
(7/2 in) also found in Rudab<nya, Hungary. Pseudo- 
morphs after azurite crystals up to 100 mm (4 in) in 
size known from Tsumeb: pseudo-morphs after 
cuprite crystals up to 50 mm in size come from 
Onganja. Namibia. The blocks of banded malachite 
weighing up to 250 tons . occurred in Mednorudn- 
jansk, Ural mountains, Russia. Similar material in 
huge quantitics come from many deposits in Shaba 


Malachite, 70 mm, Shaba, Zair 





Rosasite, 270 mm, Gleeson, U.S.A. 





province, Zaire, where stalactites up to 500 mm (20 
in) long were also found. 

Application: Cu ore, production of decorative objects 
and jewelry. 


Rosasite 
(Cu,Zn)7(CO3)(OH)2 


MONOCLINIC ee 


Properties: C -- green, blue: S — grecnish: D - 
opaque; DE - 4.0-4.2; H- 4.5; CL - good: M - small 
acicular crystals, fibrous and botryoidal crusts. 

Origin and occurrence: Secondary, forming in the 


Hydrozincite, 65 mm, Tiger, U.S.A. 





oxidation zone of Cu and Zn deposits, together with 
other secondary mincrals of Cu. Spherical aggre- 
gates of acicular crystals up to 10 mm (*/s in) found 
in Mina Ojuela, Mapimi, Durango, Mexico. Similar 
finds were made in Bisbee. Arizona, USA. 


Hydrozincite 
Zng(CO3)2(OH)e 


MONOCLINIC eee 


Properties: C - white, ycllowish: S — white; L ~ pearly 
to dull; D — opaque: DE — 4; H - 2-2.5; CL — perfect, 
F — conchoidal: M — tabular crystals, massive, earthy: 
LU - locally blue. 

Origin and occurrence: Secondary, resulting from 
the oxidation of sphalerite. together with ccrussite, 
smithsonitc and hemimorphite. Small crystals are 
known from Mapimi, Durango, Mexico. Spherical 
aggregates, several mm in diameter. were found in 
Sterling Hill. New Jersey, USA. Stalactites and thick 
crusts occurred in Long-Kicng, Burma. Crusts and 
stalactites were also described from Bleiberg, Aus- 
tria: from Mezica, Slovenia and from Raibl, Italy. 


Aurichalcite 
(Zn,Cu)5(CO3)2(OH)g 


ORTHORHOMBIC eee 


Properties: C — light green, blue-green. blue; S — 
bluc-green; L - silky to pearly; D - translucent; DE - 
4; H ~ 1-2; CL — perfect: M — acicular crystals, crusts. 
Origin and occurrence: Secondary in the oxidation 
zone of Cu and Zn deposits in the arid climate, 
associated with linarite and other mincrals. Large 
prismatic crystals comc from Mina Ojucla, Mapimi, 
Durango, Mexico. Nice rosettes of acicular crystals arc 
known from Bisbee and from the 79 mine, Banner 
district, Arizona, USA. It also occurred in Montcponi, 
Sardinia, Italy. 


Aurichaicite, 80 mm, Arizona, US.A. 
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Dawsonite, 2 mm aggregate. Recsk, Hungary 





Parisite-(Ce), 71 mm. Boyaca, Colombia 





Dawsonite 
NaAl(CO3)(OH)2 


ORTHORHOMBIC @®ee 


Properties: C — colorless to white; S — white; L — 
vitreous; D — transparent; DE - 2.4: H — 3; CL — 
perfect; M — acicular to blade-like crystals, radial 
aggregates. 

Origin and occurrence: Hydrothermal in low-tempe- 
rature deposits, associated with calcite, dolomite and 
other minerals. Fine acicular crystals up to 35 mm 
(14s in) long come from Mont St.-Hilaire, Quebec, 
Canada. Radial aggregates along the rock cracks 
were found in Dubnik and Zlata Bana, Slovakia. 


Bastnasite-(Ce) 
(Ce,La)(CO3)F 
HEXAGONAL e@¢@@ 


Properties: C - yellow to brown; S — yellow-brown; 
L— vitreous to greasy; D — translucent; DE - 4.8-5.2; 





H - 4-4.5; CL - good: F — uneven; M — tabular 
crystals, granular, massive. 

Origin and occurrence: Magmatic in pegmatites, 
also metamorphic, together with allanite-(Ce) and 
other rare earth elements minerals. Crystals up to 
200 x 150 mm (7'/s x 6 in) in size occur in Andeka- 
tany, Madagascar. Crystals up to 100 mm (4 in) long 
are known from Karonge, Burundi. Transparent 
crystals up to 25 mm (1 in} long were found recently 
in the Trimouns quarry, France. It forms important 
local deposits, as those of Mountain Pass, California, 
USA. Application: ore of rare earth elements. 


Parisite-(Ce) 
CaCe7(CO3)3F2 


TRIGONAL eee 


Properties: C — brown, yellow-brown, gray-yellow: 
S - brownish; L —- vitreous to resinous; D — 
transparent to translucent: DE - 4.4; H = 4.5; CL - 
perfect: F —conchoidal to splintery: M - dipyramidal 
striated crystals. 

Origin and occurrence: Magmatic in pegmatites, also 








hydrothermal and rarely metamorphic, together with 
bastnasite-(Ce} and other minerals of rare earth 
elements, Crystals several cm long come from Quincy. 
Massachusetts, USA. Crystals up to 80 mm (3'/s in) 
long occurred in pegmatites near Hundholmen, 
Norway. Crystals up to 23 cm (9'/« in) long found in 
the Snowbird mine, Montana, USA. Transparent 
crystals up to 15 mm (1/: in) were lately reported in 
the Trimouns quarry, France. Very unusual association 
have been described from Muzo, Columbia, where 
crystals up to 50 mm occur together with emeralds. 


Phosgenite 
Pb2(CO3)Cly 


TETRAGONAL ee 


Properties: C - colorless, white, yellow-white, gray. 
brown; S — white; L - adamantine; D - transparent to 
translucent: DE — 6.1; H — 2-3; CL — good; F - 
conchoidal; M — short to long prismatic and tabular 
crystals, granular, massive; LU — sometimes yellow. 
Origin and occurrence: Secondary, resulting from the 
oxidation of galena. associated with cerussite and other 
secondary Pb minerals. Crystals up to 150 x 100 mm 
(6 x 4 in) across known from Monteponi, Sardinia. 
Italy. Crystals from Tsumcb, Namibia reached up to 
100 mm. Crystals up to 30 mm (IVs in) in size found 
in Matlock, Derby, UK. Crystals up to 35 mm (1/1 in) 
long occurred in the Mammoth mine. Tiger, Arizona. 
USA. 


Phosgenite, 23 mm, Monteponi, italy 
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Figure 2-22. A blobby solder joint 





Figure 2-23. Comparing two joints 


How to Solder 2/ 


Bismutite, 3 mm xx, Brdarka, Slovakia 





Bismutite 
Bi202(CO3) 


TETRAGONAL eee 


Properties: C - yellow, brown, gray. blue, black: S - 
white: L - vitreous, pearly to dull: D — translucent to 
opaque; DE — 6.1-7.7; H - 3.5; CL - good; M - 
spherical, radial aggregates, massive, pulverulent. 

Origin and occurrence: Secondary. originated from 


Weloganite, 30 mm xx, Francon Quarry, Canada 
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Gaylussite, 30 mm, Natron Lake, Tanzania 





the oxidation of Bi minerals, associated with 
bismuthinite and other minerals. It is common from 
pegmatites in Madagascar (Ampangabe) and in 
Mozambique. Large pebbles found in Kivu province, 
Zaire, It also occurred in Tasna, Bolivia. 


Gaylussite 
Na7Ca(CO3)2 a5) H2,0 


MONOCLINIC eee 


Properties: C — colorless, white, gray, yellowish; S — 
colorless; L — vitreous; D -— transparent to 
translucent; DE — 2; H — 2.5-3; CL — perfect: F - 
conchoidal; M — lenticular to prismatic crystals. 
Origin and occurrence: Sedimentary, typical a con- 
stituent of salt sediments. Crystals up to 80 mm (3'/s 
in) long come from Searles Lake, California, USA. It 
also occurs in Borax Lake and Mono Lake, 
California. USA. Large crystals are known from 
Amboseli Lake. Kenya. 


Weloganite 
Na2Sr3Zr(CO3)¢ .3 H20 


TRICLINIC e 


Properties: C — white, yellow, S ~ white, L - 
vitreous; D — transparent to opaque; DE — 3.2; H - 
3.5; CL - perfect: F - conchoidal; M — pscudo- 
hexagonal striated crystals. 

Origin and occurrence: Hydrothermal in the alkaline 
rocks, together with zircon, dresscrite and other 
mincrals. Crystals up to 50 mm (2 in) come from 
cavities in the Francon quarry, Montreal: crystals up 
to 30 mm (IAs in) are known from St. Michel. 
Quebec, Canada. 


Artinite, 10 mm, Fethiya, Turkey 





Artinite 
Mg7(CO3)(OH)2 aa H20 


MONOCLINIC eee 


Properties: C — white; S — white; L - silky; D ~ 
transparent; DE - 2; H - 2.5; CL — perfect; M 
sphcrical, radial aggregates, vcinlets, crusts. 

Origin and occurrence: Hydrothermal, originating at 
low temperatures in serpentinites, associated with 


Zaratite, 70 mm, Lawcaster Co., U.S.A. 








Hydrotalcite, | mm xx, Dunabogdany, Hungary 





Magnesite, aragonite and other minerals. Radial 
aggregatcs up to 20 mm (*/s: in) in size occur in the 
Gem mine. San Benito County, California, USA. 
Needles up to 20 mm (**/: in) long come from Val 
Malenco, Italy. Clusters of acicular crystals were 
found on Staten Island. New York, USA. 


Zaratite 
Ni3(CO3)(OH)4 .4 H20 


cusBic eee 


Properties: C ~ emerald-green; S — light green; L - 
vitreous to greasy: D — transparent to translucent; DE 
— 2.6-2.7; H -— 3.5; CL - none; F — conchoidal; M —- 
crystalline crusts, stalactites, coatings. 

Origin and occurrence: Secondary, originating from 
the oxidation of Ni minerals, associated with 
milleritc, brucite and other minerals. It occurs as a 
product of the oxidation of Ni minerals in ultrabasic 
tocks in Kraubat and Stubachtal, Austria. Large 
green coatings found in Hcazlewood, Tasmania, 
Australia. It covers millerite needles in the vicinity 
of Kladno, Czech Republic. 


Aydrotatcite 
MggAl2(CO3)(OH), 6° 4 H2° 


TRIGONAL ee 


Properties: C — white; S — white: L — pearly to waxy; 
D - transparent; DE ~ 2.1; H — 2; CL — perfect; M - 
fibrous and layered aggregates, massive. 

Origin and occurrence: : Hydrothermal in ultrabasic 
and metamorphic rocks. It occurred with serpentine 
in Nordmark. Norway and also found at Franklin and 
Sterling Hill, New Jersey, USA. 
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Stichtite. 35 mm. Rouchovany, Czech Republic 





Stichtite 
MggCr(CO3)(OH) | 4.4 H20 
TRIGONAL ee 

Properties: C — pink to purple: S - white to light 
purple; L — pearly, waxy to greasy; D — translucent: 
DE - 2.2; H - 1.5-2; CL — perfect; M — lamellar and 
fibrous aggregates, massive, 

Origin and occurrence: \t occurs in serpentinites as 
scaly aggregates and veinlets in Bou Azzer, 
Morocco; in Dundas. Tasmania, Australia and in 
Barberton, South Africa. 


Alumohydrocaicite, 70 mm, Ladomtrovo, Slovakia 
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Alumohydrocatcite 
CaAl2(CO3)2(OH)4 o3 H20 


TRICLINIC ee 


Properties: C — white, gray: S — white; L — earthy: D 
— opaque; DE - 2.2; H — 2.5; CL — perfect; M — 
chalky aggregates, consisting of acicular crystals. 
Origin and occurrence: Secondary, associated with 
alophane and other minerals. It was described from 
the Khakasy deposit, Siberia, Russia, where it 
originates from the oxidation of alophane. Nice 
white radial aggregates occurred along the cracks in 
shales in Ladomirovo, Slovakia. 


Ancylite-(Ce) 
Sr3(Ce,La)4(CO3)7(OH)4 .3 H20 
ORTHORHOMBIC ee 

Properties: C — colorless, yellow, yellow- brown, 
light purple, brown; S — white; L - vitreous to grea- 
sy, D— transparent to opaque: DE - 4. H — 4-4.5, CL 
— none; F - splintery; M — short to long prismatic 
and pseudo-octahedral crystals. 

Origin and occurrence: Hydrothermal in alkaline 
tocks, associated with nepheline and other minerals. 
Crystals up to 6 mm (% in) long are known from 


6. Borates 


Ludwigite 
Mg>Fe? BOs 


ORTHORHOMBIC eee 


Properties: C - dark green, black-green, black: S 
blue-green; L B silky to dull; D— opaque; DE — 3.9; 
H - 5; CL — perfect; F B uneven: M — prismatic 
crystals, fibrous aggregates, granular, massive. 
Origin and occurrence: Metamorphic in skarns and 
dolomitic marbles, locally associated with magnetite 
and other borates. Rich aggregates are known from 
Ocna de Fier. Romania: Kamineichi, Japan and the 
Hol Kol mine, Suan, North Korea. 

Application: chemical industry. B ore. 


Gaudefroyite 
CagMn3 3(BO3)3C03(0,0H)3 


HEXAGONAL e 


Properties: C — black; § ~ black: L —- adamantine to 
dull; D — opaque; DE - 3.4; H - 6; CL - good; F - 
uneven; M — prismatic crystals, fibrous and acicular 
aggregates, 

Origin and occurrence: Hydrothermal in calcite 
veins. Prismatic crystals up to 50 mm (2 in) long 


Gaudefroyite, 40 mm, Kuruman, South Africa 
Ludwigite, 120 mm, Ocna de Fier, Romania 





Inderite, 230 mm, Boron, U.S.A. 





were found on the mine dumps near Tachgagalt, 
Morocco and in the N’Chwaning No. 2 mine and the 
Wessels mine, Kuruman, South Africa. 


Inderite 
MgB303(OH)s .5 HO 


MONOCLINIC @ee 


Properties: C - colorless, white to pink in 
aggregates: S ~ white; L — vitreous; D ~ transparent 
to translucent; DE — 1.8: H - 2.5; CL — good; F 
conchoidal to uneven; M — prismatic crystals, 
acicular and fibrous aggregates, nodules. massive. 
Origin and occurrence: Sedimentary in boron 
deposits, commonly associated with colemanite and 
other borates. Prismatic crystals up to 100 mm (4 in) 
long occur in Boron, California, USA. It is also 
known from Inder, Kazakhstan. 

Application: chemical industry, B ore. 
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Inyoite, 96 mm, Turkey 


Borax, 60 mm x, Searles Lake, US.A. 





Inyoite 
CaB303(OH)s .4 H20 


MONOCLINIC eee 


Properties: C — colorless, white; S — white; L 
vitreous: D -- transparent to translucent: DE B 1.9; H 
~ 2: CL — good; F - uneven; M — short prismatic to 


Ulexite, 20 mm aggregate, Death Valley, California, US.A. 


tabular crystals, columnar aggregates, massive. 
Origin and occurrence: Sedimentary in boron 
deposits. commonly associated with colemanite and 
other borates. Clear tabular crystals up to LOO mm (4 
in) long found in Kirka and Emet, Turkey. It also 
comes from Inder, Kazakhstan and the Corkscrew 
mine, California, USA. 

Application: chemical industry, B ore. 





Borax 
Na7B4Os(OH)4 8 H20 


MONOCLINIC eee 


Properties: C — white, colorless, yellowish, gray, 
greenish; S — white; L B vitreous to dull; D — 
transparent, translucent to opaque: DE - 1.7; H - 2- 
2.5; CL — perfect; F -— conchoidal; M — short 
prismatic to tabular crystals, columnar to earthy 
aggrcgates, crusts, coatings, granular, massive; R — 
soluble in water. 

Origin and occurrence: Sedimentary in boron 
deposits, associated with other borates and halite. 
Prismatic crystals up to 150 mm long are known from 
Borax Lake, also Searles Lake and Boron, California, 
USA. It also occurs in Kirka, Turkey. 

Application: chemical industry, B ore. 


Ulexite 
NaCaB,O,¢(OH)¢ 5 HzO 


TRICLINIC ees 


Properties: C - white, colorless, light gray; S —- 
white; L B vitreous to silky: D — transparent to 
translucent: DE — 2.0: H — 2.5; CL — perfect; F B 
uneven; M ~ clongated prismatic to acicular crystals, 





fibrous aggregates, crusts, nodules, granular, 
massive. 

Origin and occurrence: Sedimentary in boron 
deposits, associated with other borates. Slabs up to 
100 mm (4 in) thick consisting of fibrous aggregates 
occur in Boron, California; also found in Esmeralda, 
Nevada, USA; Emcet, Turkey and Inder, Kazakhstan. 
Application: chemical industry, B ore. 


Colemanite 
Ca7B,0) | . 5 H20 


MONOCLINIC eee 


Properties: C ~ colorless, white, yellowish, light 
gray; S — white; L ~ vitreous; D — transparent to 
translucent; DE - 2.4, H — 4.5; CL — perfect; F B 
uneven; M — short prismatic and isometric crystals, 
granular, massive. 

Origin and occurrence: Sedimentary in boron 
deposits. associated with other borates. Perfect 
crystals up to 200 mm (7’% in), come from Emet and 
Kirka, Turkey. Crystals up to 70 mm (2% in) long 
occur in Gower Gulch, Inyo, California; also known 
from Esmeralda, Nevada, USA and_ Inder, 
Kazakhstan. 

Application: chemical industry. B ore. 


133 


Kernite, 100 mm, Boron, USA. 





Kernite 
Na2B40¢(OH)2 Bis} H,0 


MONOCLINIC @ee 


Properties: C — colorless, white, light gray: S — 
white; L — vitreous to dull, silky; D — transparent, 
translucent to opaque; DE - 1.9; H - 2.5-3; CL - 
perfect: F - uneven; M — isometric crystals, fibrous 
aggregates, granular, massive; R - soluble in water. 


Rhodizite, 23 mm, Anisirabe, Madagascar 








Hambergite, 64 mm, Pamir. Tadzhikistan 


Origin and occurrence: Sedimentary in boron 
deposits, associated with borax and other borates. 
Platy aggregates and crystals up to 2.5 x 1 m (8 ft x 
39*/s in) found in Boron, California, USA; also known 
from the Tincalayu mine, Salta province, Argentina. 


Hambergite 
Be,BO3(OH,F) 


ORTHORHOMBIC ee 


Properties: C ~ colorless, white, light gray; S - 
white; L — vitreous; D — transparent to translucent; 
DE - 2.4: H — 7.5; CL B perfect; F B uneven: M — 
tabular to prismatic crystals, granular. 

Origin and occurrence: Magmatic in granitic and 
rarely also in alkaline pegmatites; hydrothermal in 
cavities within the pegmatites, associated with 
tourmaline, danburite and beryl. Tabular crystals up 
to 200 mm (7°%/ in) from the Little Three mine, 
Ramona, California. USA. Crystals up to 110 mm 
(4/1 in) also known from several localities in 
Madagascar, ¢.g. Imalo and Anjanabonoina; also 
found in Hyakule, Nepal and Ctidruzice, Czech 
Republic . 


Rhodizite 
(K,Cs)Al4Be4(B,Be) | 20278 


CUBIC ee 


Properties: C — colorless, white, yellow, light gray; S 
white; L - vitreous to adamantine; D - transparent 
to translucent; DE - 3.5; H - 8.5; CL — imperfect; F 
- conchoidal to uneven: M — isometric crystals, 
granular. 
Origin and occurrence: Magmatic in granitic 
pegmatites, associated with tourmaline, danburite 
and beryl. Cubic to tetrahedral crystals, reaching up 
to 30 mm (I*fs in) occur in several localities in 


Madagascar, e.g. Sahatany and Antandrokomby; also 
known from the Animikie Red Ace pegmatite, 
Florence, Wisconsin, USA. 


Boracite 
ORTHORHOMBIC eee 
Properties: C — colorless, white, yellowish, light 


gray, light to dark green; S -- white; L — vitreous; D 
- transparent to translucent; DE — 3.0: H — 7-7.5; CL 


Boracite, 12 num x, Alto Chapare, Bolivia 





- none; F - conchoidal to uneven: M -- isometric 
crystals, fibrous aggregates, granular, massive. 
Origin and occurrence: Sedimentary in evaporitic 
deposits, together with halite, gypsum and anhydrite; 
metamorphic in metamorphosed evaporates. Crys- 
tals up to [5 mm ("2 in) come from Alto Chapare, 
Cochabamba, Bolivia: crystals about 5 mm (‘Ye in) in 
size, occur in Stassfurt, Hanover and Kahlberg, 
Germany. Crystals are also known from Choctaw, 
Louisiana, USA and the Boulby mine, North 
Yorkshire. England, UK. 


135 





7. Sulfates ' 


Anglesite 
PbSO4 


Anglesite, 81 mm, Touissit, Morocco 


ORTHORHOMBIC eee 


Properties: C - colorless, white, yellowish, gray. 
greenish; S — white; L — adamantine to greasy; D 
transparent to translucent: DE — 6.4: H- 2.5 -—3: CL 
— dobra; F — conchoidal: M — thick tabular crystals, 
massive, LU — sometimes yellowish. 

Origin and occurrence: Secondary, as a result of the 
galena oxidation. together with cerussite and other 
minerals. Beautiful yellowish crystals up to 100 mm 
(4 in) in size come from Touissit, Morocco. Crystals 
from Tsumeb, Namibia, reached up to 40 mm (1*/te 
in). Large crystals are also reported from Phoenix- 
ville, Pennsylvania, USA. Crystals up to 20 mm (*%/12 
in) occur in cavities in weathered galena in Sardinia, 
Italy. Crystals, reaching up to 40 mm (If in) also 
found in Mezica . Slovenia. Prismatic crystals up to 
75 mm (3 in) long known from the Bunker Hill mine, 
Idaho, USA. 


Barite, "17 mm xx, Péhla, Germany 
Anhydrite, 55 mm, Simplon Tunnel, Switzerland 





Anhydrite 
CaSO4 


ORTHORHOMBIC @eeee 


Properties: C — coloricss, white, bluish, purplish, red, 
brown; S - white: L - pearly to vitreous; PS - 
transparent to translucent; DE - 2.8-3; H - 3-3.5; CL - 
good: F — splintery to uneven; M — isometric and 
prismatic crystals, granular. massive. 

Origin and occurrence: Mostly sedimentary, as a 
result of the evaporation of sea water, associated 
with gypsum, calcite and other minerals; rare in 
pegmatites and hydrothermal, It is very common in 
form of massive aggregates in salt deposits in 
Stassfurt and Wathlingen, Germany, where small 
crystals also occur. Folded layers in clays known 
from Wicliczka, Poland. Purplish crystals up to 20 
mm (/2 in) found in cracks in metamorphic rocks 
near Simplon and St. Gotthard, Switzerland. Fine 
druses of bluish crystals up to 200 mm (77s in) long 
found in Naica, Chihuahua, Mexico. 
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Celestine, 270 mm, Madagascar 


Celestite 
SrSO4 


ORTHORHOMBIC eee 


Properties: C - colorless, white, yellowish, blue; S — 
white; L — vitreous: D — transparent to translucent; 
DE - 4; H — 3-3.5; CL - perfect: F - uneven; M — 
prismatic and tabular crystals. columnar aggregates, 
concretions. 

Origin and occurrence: Rate hydrothermal, mainly 
sedimentary. together with halite, anhydrite and 
gypsum. Beautiful blue crystals several cm long occur 
in cavities of concretions in the Sakoany mince, 
Madagascar. Prismatic crystals up to 100 mm (4 in) 
long in sulfur deposits in Poland (Tarnobrzcg) and 
Italy (Caltanissetta). Fine blue tabular crystals 
associated with aragonite crystals found in _pania 
Dolina. Slovakia. Fine crystals are known from marls 
in Tunisia and Libya. 


Barite 
BaSO, 


ORTHORHOMBIC eeee 

Properties: C — white, yellow, bluc, red, brown, 
black; S - white; L - vitreous; D - transparent to 
translucent; DE ~ 4.3-4.7; H - 3.5; CL - perfect: 
F — conchoidal to splintery; M — tabular to pris- 





matic crystals, massive; LU -- sometimes blue. 

Origin and occurrence: Hydrothermal, it originates 
under medium and low temperatures, also sedi- 
mentary, together with fluorite. calcite, cinnabar and 
other minerals. Beautiful barite crystals up to SO mm 
(2 in) found in hydrothermal veins in Pribram, Czech 
Republic. Blue tabular crystals up to 100 mm (4 in) 
from Dedova hora, Czech Republic. Beautiful tabular 
crystals up to 100 mm (4 in) known from Banska 
Stiavnica, Slovakia; Cavnic and Baia Spric, 
Romania. Very fine crystals of up to 200 mm (77 in) 
occurred in Alston Moor, Frizington and Mowbray, 
Cumbria, UK. Beautiful druses of honey-brown 
crystals up to 70 mm (2% in) long found in Pohla, 
Germany. Fine druses of prismatic crystals known 
from Elk Creek, South Dakota, USA; so called 


Antlerite, 60 mm, Chuquicamata, Chile 





Barite, 100 mm xx. Stoneham Co., US. A. 





desert roses (crystals with inclusion of sand grains) 
originating in desert climate occur in the vicinity of 
Norman, Oklahoma, USA. Shiny crystals come from 
Freiberg and Ilalsbrucke, Germany. 

Application: an ingredient of drilling fluids. chemical, 
glass, paper and rubber industries. 


Antlerite 
Cus(SO4)2(OH)g .3 H2O 


ORTHORHOMBIC eee 


Properties: C — green: § — light green; L —- vitreous: 
D - translucent; DE - 3.9; H - 3.5; CL — perfect; F 
—conchoidal to uneven; M — short prismatic and 


Brochantite, 14 mm aggregate, Bingham, US.A. 





acicular crystals, crusts and carthy aggregates. 
Origin and occurrence: Secondary, resulting from 
weathering of Cu ores, associated with other secondary 
Cu minerals. It is a principal mineral of the oxidation 
zone in Chuquicamata, Chile. where it forms crystals 
up to 5 mm (?/« in). Acicular crystals, up to 20 mm (*/s 
in) long. occurred in Bisbee. Arizona, USA. 
Crystalline crusts are known from Spania Dolina and 
Piesky, Slovakia. 


Brochantite 
Cug(SO4)(OH), 


MONOCLINIC eee 


Properties: C — green; S — light green; L — vitreous, 
in cleavage planes pearly; D - translucent to 
transparent; DE — 4; H — 3.5-4: CL - good: F 
conchoidal to uneven; M - long prismatic to acicular 
crystals, granular. 

Origin and occurrence: Secondary, as a result of the 
oxidation of Cu ores usually in the arid climate, 
together with other secondary Cu minerals. Crystals 
up to 70 mm (2% in) long found in Bisbee, together 
with pseudo-morphs of malachite after brochantite. 
Crystals are also known from Tsumeb, Namibia. 
Prismatic crystals up to 50 mm (2 in) long from 
Cerro Verde, Peru. Emerald-green crusts occur in 
Lubictova, Slovakia. 
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Linarite, 23 mm xx, Grahan: Co., USA. 


‘Sm 





Linarite 
PbCu(SO4)(OH)2 


MONOCLINIC ee 


Properties: C - azure-blue: S - light blue; L 
vitreous to adamantine; D — translucent; DE - 5.3- 
5.5; H - 2.5; CL - good; F — conchoidal; M — tabular 
and prismatic crystals, coatings. 

Origin and occurrence: Secondary, as a result of the 
oxidation of Cu and Pb sulfides at low pH. The largest 
crystals, reaching up to 80 mm (3'/s in), come from the 
Mammoth mine, Tiger, Arizona, USA. Crystals from 
the Grand Reef mine in Arizona up to 50 mm (2 in) 
long. Very fine crystals, up to 30 mm (I’/e in) were 
found in Keswick, Cumbria, England, UK. Large 
crystals were also described from Tsumeb. Namibia 
and from Broken Hill, New South Wales, Australia. 


Alunite 
KAI3;(SO4)2(OH)¢ 


TRIGONAL eee 


Properties: C — white, yellowish. gray: S$ - white; 
L - vitreous to pearly; D — transparent to opaque: 
DE - 2.8; H - 3.5-4; CL — perfect; F — conchoidal; 
M - rhombohedral crystals, porous aggregates, 
granular. 

Origin and occurrence: Secondary, as a result of 
reactions of sulfuric acid with Al-rich rocks, associated 
with gypsum. Small crystals are known in Berehovo, 
Ukraine. Massive aggregates occur together with 
turquoise in Cu deposits in Arizona, USA. (New 
Cornelia mine and others). Huge alunite deposits, like 
Zaglik, Azerbaijan, are mined for Al. 

Application: Al ore. 


Alunite, | mm xx, Nagyegyhaza, Hungary. 





Natrojarosite 
NaFe3*3(SO4)3(OH), 


TRIGONAL ee 


Properties: C — yellow, brown; S — light yellow; L - 
vitreous; D — transparent to translucent; DE - 3.2: FI 
~ 3; CL ~ good: F — conchoidal; M - tabular to 
rhombohedral crystals. carthy aggregates.. 

Origin and occurrence: Secondary. as a result of 
weathering Fe sulfides, associated with fibroferrite, 
alunite and other minerals. It occurs in Modum, 
Norway: Soda Springs Vallcy, Nevada, USA: 
Chuquicamata, Chile and clsewhcre. 


Jarosite 
KFe3*3(SO4)9(OH)g 
TRIGONAL eee 


Properties: C - yellow: S ~ light yellow; L —- 
adamantine to dull; D — translucent; DE - 2.9-3.3; H 
- 2.5-3.5; CL — good: F - conchoidal to uneven; M — 
rhombohedral to tabular crystals, granular, massive. 
Origin and occurrence: : Secondary, as a result of 
weathering Fe sulfides. usually associated with 


Jarasite, 2 mm xx, Gyongydsoroszi, Hungary 





Natrojarosite, $0 nm, Laurion, Greece 





natrojarosite and other sulfates. The world’s best 
specimens come from Pena Blanca Uranium mine. 
near Aldama, Chihuahua, Mexico, where crystals, up 
to 20 mm (*/: in) were found. Crystals, up to 10 mm 
(/« in), were found in Tombstone, Arizona, USA. 
Crystals. together with pscudo-morphs of jarosite 
after alunite, occurred in Chuquicamata, Chile. 
Tabular crystals also were described from Horni 
Slavkov, Czech Republic. 


Beudantite 
PbFe?*3(AsO4)(SO4)(OH), 


TRIGONAL ee 


Properties: C ~ dark green, brown. red-brown: S — 
greenish, pray-yellow; L — vitreous to resinous; D — 
transparent to translucent; DE — 4; H - 3.5-4.5; CL - 
good; M - rhombohedral crystals, crusts. 

Origin and occurrence: Secondary, occurring in the 
oxidation zone of Pb deposits, together with scorodite 
and other minerals. Crystals, several mm in size. 
found in Tsumeb, Namibia, are the best in the world. 
Small crystals are known from Bisbee, Arizona, USA; 
Ashburton Downs, Western Australia, Australia and 
Kamarcza near Laurion, Greece. 


Be 





eudantite, 70 mm, Moldava, Czech Republic 
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Hanksite 
Na22K(SO4)9(CO3)2Cl 


HEXAGONAL Cm ) 


Properties: : C — colorless, yellowish; S — colorless; 
L - vitreous to dull; D — transparent to translucent: 
DE —- 2.6; H - 3.5; CL ~ good: F - uneven; M — 
tabular to short prismatic crystals. 

Origin and occurrence: Sedimentary in salt lake 
sediments, together with halite, borax and other 
minerals. Crystals up to 200 mm (7% in) found in 
Searles Lake. California, USA. It is also known from 
borax deposits in the Death Valley, California. USA. 


Caledonite 


ORTHORHOMBIC ee 


Properties: C — green to blue-green; S — light green; 
L - resinous; D - transparent to translucent; DE - 
5.6; H - 2.5-3; CL - perfect: F - uneven; M - 
prismatic crystals, radial aggregates. 


Origin and occurrence: Secondary, occurring in the 
oxidation zone of Cu and Pb deposits, associated 
with linarite and other minerals. Crystals up to 20 
mm (*/: in) come from Leadhills, Scotland, UK. 
Crystals, up to 15 mm ("/2 in), were found in the 
Mammoth mince, Tiger, Arizona, USA. Rich druses 
are known from Anarak,. Iran. Crystals reaching up 


Hanksite, 30 mm. Searles Lake. U.S.A. 





to 20 mm (*/s: in) occurred in the Blue Bell mine, 
California, USA. 


Leadhillite 
Pbg(SO4)(CO3)2(OH)2 


MONOCLINIC ee 


Properties. C — colorless, yellowish, gray; S - color- 
less; L — resinous to adamantinc; D — transparent to 
translucent: DE -— 6.5; H - 2.5-3; CL — perfect: F — 
conchoidal: M — pseudo-hexagonal tabular crystals. 
Origin and vecurrence: Secondary mineral from the 
oxidation zone of Pb deposits, associated with 
cerussite, anglesite, linarite and other minerals. The 
largest crystals, measuring up to 15 cm, come from 
Tsumeb, Namibia. Crystals up to 25 mm (1 in) found 
in the Mammoth mine, Tiger, Arizona, USA. 
Crystals in Leadhills, Scotland. UK were of similar 
size. 


Chaltcantite 
CuSO4.5 HO 


TRICLINIC eee 


Properties: C — deep blue: S — white; L - vitreous to 
resinous; D — transparent to translucent; DE - 2.3: 11 

2.5; CL — imperfect; F — conchoidal; M — short 
prismatic to tabular crystals, stalactites, films; R - 
soluble in water. 


Caledonite. § mm x, Graham Co., US.A. 





ARAN EEERS Ot 


perrhy A AeEBTEAED, Wak 





Origin and occurrence: Secondary. as a product of 
the oxidation of Cu sulfides. stable only in arid 
climate. Crystals up to 40 mm (1*/s in) in size. and 


Melanterite, 80 mm, Harz Mis., Germany 








Crane, Ju mnt, 2 nd OU, UDA 





stalactites, up to | m (39%s in) long are known from 
Bisbee, Arizona. USA. Crystals were also found in 
the oxidation zone in Chuquicamata, Chile. 
Beautiful stalactites come from Rio Tinto, Spain. 
Application: rarely mined as Cu ore. 


Melanterite 
FeSO4.7H,0 
MONOCLINIC eccece 


Varieties: pisanite (with Cu contents), kirovite 
(with Mg contents} 


Properties: C — light green; S — colorless; L — vi- 
treous; D — translucent; DE — 1.9; H - 2; CL — per- 
fect: F - conchoidal: M - granular crusts, botryoidal 
and stalactitic aggregates, films: R — soluble in 
water, 

Origin and occurrence: Secandary, as a result of 
the oxidation of Fe sulfides, together with other 
sulfates. It is unstable under atmospheric con- 
ditions, Crystals up to 20 mm (*/z in) long are 
known from Bisbee, Arizona and from the Boyd 
mince, Tennessee, USA. Stalactites, up to 50 cm (20 
in) long, occurred in Chvalctice, Czech Republic. 
It is also common in Rio Tinto, Spain and Banska 
Stiavnica, Slovakia. 
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Epsomite 

MgSO, at H20° 
ORTHORHOMBIC e@eee 

Properties: C — colorless to white; S — colorless; L - 
vitreous to silky; D — transparent to translucent; DE - 
1.7; H - 2; CL ~ perfect; F — conchoidal; M — small 
crystals, granular, stalactitic aggregates; R - soluble in 
water, decomposing under atmospheric conditions. 
Origin and occurrence: Secondary, as a result of the 
oxidation of Fe sulfides, also from crystallization of 
the salt lake water. associated with halite and other 
minerals. Crystals up to 1 m (39% in) long were found 
on Mount Kruger, Washington; prismatic crystals up 
to 50 mm (2 in) long also occur in Bisbee. Arizona and 
necdles of a similar size come from the White Caps 
mine, Nevada, USA. It is also known as a product of 
the activity of fumaroles in Mount Vesuvius, Italy. 


Morenosite 
NiSOq .7 H20 


ORTHORHOMBIC eee 


Properties. C — green, green-white; S — greenish; L - 
vitreous; D — transparent to translucent; DE — 2; H 
2-2.5; CL - good; F - conchoidal; M -- stalactitic 
crusts and efflorescences; R — soluble in water. 
Origin and occurrence. Secondary. as a product of the 
oxidation of Ni minerals, stable mainly in the arid 
regions. It is very common in Sudbury, Ontario, 
Canada; also in Richclsdorf. Germany and Potucky. 
Czech Republic. 


Epsomite, 10 mm xx, Stassfurt, Germany 
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Ci oquimbite 
Fe?*,(SO4)3 -9 H7O 


TRIGONAL eee 


Properties: C — purple. yellow, green, colorless; S — 
colorless; L - vitreous; D — transparent; DE — 2.1; H 
2; CL — imperfect; F — conchoidal to uneven; M — 
prismatic to tabular crystals, granular, massive; R 
soluble in water. 
Origin and occurrence: Secondary, associated with 
other sulfates. Crystals, several cm long, were found 
in the Dexter No.? mine. Calf Mesa, Utah, USA. 
Small prismatic crystals are known from Zeleznik , 
tabular crystals occurred in Banska Stiavnica, 
Slovakia. It is very common in Chilean deposits, like 
Chuquicamata and Tierra Amarilla. 


Alunogen 
Aly(SO4)3 . 17 H2O 


TRICLINIC eee 


Properties: C — colorless, white, gray-yellow; S — 
colorless; L - silky; PS — transparent; DE — 1.8; II - 
1.5; CL —- perfect; M — pseudo-hexagonal crystals, 
granular: R — soluble in water. 

Origin and occurrence: Secondary, as a result of the 
pyrite oxidation. also a product of sublimation on 
volcanoes and buming dumps, associated with other 
sulfates. Large crystals are known from the Dexter 
No.7 mince, Calf Mesa, Utah, crusts, over 1 m (39%%s 
in) thick were found on Mount Alum, New Mexico, 


Morenosite, 60 mm, Potucky, Czech Republic 





Coquimbite. 110 mm, Cerritos Bajos, Chile 





USA. Fine aggregates occur on the walls of 
underground workings in the old opal mines in 
Dubnik, Slovakia. 


Halotrichite 
FeAl2(SO4)4 22 H,0 


MONOCLINIC eee 


Properties: C — white. greenish: S - colorless: L - 
vitreous: PS — transparent to translucent; DE — 1.9- 
2.1; H — 1.5-2; CL - imperfect; F - conchoidal; M 
acicular crystals, fibrous aggregates, efflorescences; 
R —soluble in water. 

Origin and occurrence: Secondary, as a result of the 
pyrite oxidation, also a product of the activity of hot 
springs ans solfataras. associated with other sulfates. 
Common fibrous crusts occur in Dubnik. Slovakia. It 
looks similar in Rio Marina, Elba, Italy and in 
Chuquicamata, Chile. It is known from solfataras in 
Pozzuoli, Italy. It is a product of hot springs activity 
in the Lassen Peak National Park. California, USA. 


Apjohnite 
MnAi2(SO4)4 -22 HO 


MONOCLINIC eee 


Properties; C - colorless, white, pink, grecnish, 
yellow; S - colorless: L - silky: D — transparent; DE 
— 1.9; H — 1.5; M — fibrous aggregates, coatings, 
massive; R — soluble in water. 

Origin and occurrence: Secondary, occurring toge- 
ther with other sulfates. Large accumulations are 
known from Little Pigeon Creek. Alum Cave, Ten- 
nessce, USA. It also occurs in Delagona Bay. 
Mozambique. 


Alunogen, 80 mm, Dubnik, Slovakia 












Apjohnite, 60 mm, Smolnik, Slovakia 
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Bilinite, 60 mm, Bilina, Czech Republic 





Bilinite 
Fe2*Fe3*4(SO4)4 .22 H2O 


MONOCLINIC ee 


Properties: C — white to wellowish; S — white: L — 
silky; D ~ opaque: DE —- 1.9; H - 2; M -- fibrous 
aggregates: R — soluble in water. 

Origin and occurrence: Secondary, as a tesult of the 
pyrite oxidation, associated with other sulfates. 
Fibrous aggregates are known from Svitec near 
Bilina, Czech Republic. Also described from Bisbee. 
Arizona, USA. 


Tschermigite 
(NH4)AN(SO4)9 12 HO 





CUBIC eee 


Properties: ; C —- colorless; S — colorless; L - 
vitreous; D — transparent; DE — 1.6; H — 1.5; F - 
conchoidal; M — octahedral crystals. fibrous and 
columnar aggregates; R — soluble in water. 


Tschermigite, 50 mm, Mogyororosbanya, Hungary 





1AA 


Origin and occurrence: Sccondary in the brown coal, 
also on burning dumps and as a product of solfataras. 
Skeletal crystals up to 10 mm (’/ in) in size are known 
from the brown coal basin near Most and Bilina, Czech 
Republic. Original locality Eermniky, Czech Republic 
yiclded fibrous crusts, up to 50 mm (2 in) thick. Fine 
octahedra. up to 10 mm (*/% in) come from burning 
dumps near Zastavka near Brno, Czech Republic. Oc- 
tahedra occur also in Geysers, California, USA. Small 
crystals on Etna, Sicily. Italy are of volcanic origin. 


Polyhalite 


TRICLINIC eee 


Properties: C - colorless, brown, red-brown: S — 
colorless; L - vitreous; D — transparent to trans- 
lucent; DE - 2.8; H — 3-3.5; CL — perfect: M ~ 
acicular to prismatic crystals, columnar, scaly and 
fibrous agyregates. 

Origin and occurrence: Sedimentary, as a consti- 
tuent of salt deposits, also as a product of volcanic 
activity. Tabular and prismatic crystals are found 
tarcly together with massive polyhalite aggregates in 
Stassfurt. Germany. Fibrous aggregates come from 
Halstatt, Austria. Large deposits of polyhalite arc 
located near Carlsbad. New Mexico, USA. Coatings 
occur on Mount Vesuvius. Italy. 


Gorgeyite 
KyCas5(SO4), -H79 
MONOCLINIC ee 


Properties: C — colorless, yellowish; S — colorless: L 
vitreous; D - translucent: DE — 3; H —- 3.5; 


Polyhalite, 54 mm, Carlsbad, U.S.A. 





Gypsum, 62 mm, Carneville, Utah, USA. 





CL — good: F - conchoidal: M -- tabular crystals. 
Origin and occurrence: Sedimentary in salt deposits. 
associated with halite and other mincrals. Fine crystals 
up to 80 mm (3's in) long found near Inder Lake. 
Kazakhstan: also known from Bad Ischl, Austria. 


Gypsum 
CaSO4.2H20 
MONOCLINIC e©eee08 

Varieties: Maria-glass, alabaster, satin spar. selenite. 
Properties: C — colorless, white, gray, yellowish: $ — 
colorless; L — vitreous to pearly; D - transparent to 
translucent, DE - 2.3; H — 1.5-2; CL — perfect; F - 
conchoidal; M — typical monoclinic crystals, often 
twins, fibrous and platy aggregates, granular, 
massive; LU — crystals with inclusions sometimes 
bluish to yellowish. 


Gorgevite, 80 mm, Inder Lake, Kazakhstan 


Origin and occurrence: Rare primary hydrothermal, 
mostly sedimentary and as a weathering product, 
associated with anhydrite, halite and other minerals. 
Crystals up to 50 mm from Cavnic, Romania are 
probably hydrothermal. Huge crystals up to 1.5 m (5 
ft) long found in karst cavitics (Cave of Swords) in 
gossan in the PbBZn deposit Naica, Chihuahua, 
Mexico. Crystals up to 9 m (29 ft 6 in) long from 
Santa Eulalia, Chihuahua, Mexico, where they were 
found combined with interesting ageregates, called 
‘ram’s horns” from their shape. Crystals up to 4 m 
(13 ft) long occurred in Tarnobrzeg, Poland. Com- 
mon crystals are also known from Gorguel, Spain. 
The ‘desert roses’ or crystal druses, from Sahara 
desert in Tunisia and Algeria, with sand grain inclu- 
sions are mineralogically interesting. Large slabs of 
the transparent varicty, called Maria-glass, found in 
Fricdrichsrode, Germany. Fine-grained variety ala- 
baster occurs e.g. in Italy. Fibrous varicty selenite 
(sometimes also called satin spar) comes from the 
Sylva river basin, Perm. Russia. 
Application: building, chemical 
industries. 


and medical 


Langite 
Cu4(SO4)(OH), .2H2O 


ORTHORHOMBIC eee 


Properties: C - blue, blue-green; S — light blue; L - 
vitreous to silky; D - translucent: DE — 3.3; H — 2.5- 
3: CL — perfect: M -- small isometric crystals, fine- 
grained crusts, carthy aggregates.. 

Origin and occurrence: Secondary, as a product of 
the oxidation of Cu ores, associated with gypsum 
and other minerals. Crystals known from St. Just, 
Comwall, UK. Crystals occurred in Tsumeb, 
Namibia. Fine specimens come from Spania Dolina 
and Lubictova, Slovakia and from Borovec, Czech 
Republic. It is also common in Ely. Nevada, USA 
and in El Cobre, Chile. 


Langite, 49 mm, Allihies, Cork, Ireland 
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3/Desoldering 


If everything wentright the first time, you'd never learn anything. This section 
shows you how to recover from little soldering mistakes, and also includes 
a gallery of various solder joints so you can compare your work. 


Desoldering is the “undo” command for soldering. With this technique, you 
can remove solder from a joint, allowing you to free the component so you 

can reorient it as needed. There are two tools for this: the desoldering wick 
(sometimes called desoldering braid) and the solder sucker. 


The Desoldering Wick 


Pull a small length of wick out of its spool (Figure 3-1). You don't need much, 
but if you don't use it all, you can wind the wick back into its spool. 





Figure 3-1. Pulling out some wick 
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Fibrojerrite, 70 mm, Dubnik, Slovakia 





Fibroferrite 
Fe?* (S04)(OH) . 5 H70 


ORTHORHOMBIC eee 


Properties: C — yellowish, greenish, gray; S — white; 
L - silky; D — opaque: DE — 1.9; H — 2.5; CL 
perfect; M — small crystals, fibrous and botryoidal 
crusts; R — soluble in water. 

Origin and occurrence: Secondary as a product of 
the pyrite oxidation, together with other sulfates. 
Crystals in cavities in melanterite found in the 
Dexter No.7 mine, Calf Mesa. Utah, USA. Vein 
fillings up to 3 m (10 ft) thick come from the Santa 
Elena mine, La Aleaparrosa, Argentina. Fine fibrous 
aggregates occur in Dubnik, Slovakia. It is common 
in many localities in Chile (Tierra Amarilla, 
Chuquicamata). 





Aluminite 
Alx(SO4)(OH)4 . 7 HO 


MONOCLINIC eee 


Properties: C — white; S - white; L - dull; D - 
opaque: DE - 1.7-1.8; H — 1-2; CL - none; M - 
earthy nodules, consisting of microscopic needles, 
Origin and occurrence: Secondary, resulting from 
the reaction of sulfuric acid with Al in Al-rich rocks. 
Large nodule, 30 cm (12 in) in diameter, known from 
Newhaven, Sussex. UK. Fine white nodules 
described from Mala Chuchle, Prague. Czech 
Republic. It also occurs near Halle, Germany and 
covers limestone in the vicinity of Joplin, Missouri, 
USA. 


1A 


Aluminite, 60 mm, Bicske-Csordakut, Hungary 





Botryogen 

MgFe** (SO4);(OH) .7 H7O 
MONOCLINIC eee 

Properties: C — orange-red: S - yellow; L — vitreous; 
D — transparent to translucent; DE — 2.1: H — 2-2.5; 
CL — perfect: F — conchoidal: M — prismatic striated 
crystals, racemose and spherical aggregates with 
radial structure. 

Origin and occurrence: Secondary. as a result of the 
pyrite oxidation in arid regions, together with other 
sulfates. Crystals up to 35 mm (1*/16 in) long from the 
Libiola mine near Genoa, Italy. It is common in 
Chuquicamata and Quetena in Chile; also known 
from Rammelsberg, Germany. 


Botryogen, 3 mm xx, Knoxville, U.S.A. 





Devilline, 10 mm xx, Spania Dolina, Slovakia 


Copiapite 
(Fe**,Mg)Fe3* 4(SOQ4)g(OH), . 20 H2O 
TRICLINIC eee 


Properties: C — ycllow, grecn-ycllow, orange; S - 
yellow; L. — pearly; 1D - transparent to translucent; 
DE - 2.1-2.2: H— 2.5; CL - perfect: M — thin tabular 
crystals, scaly and pulvcrulent aggregates, earthy. 
Origin and occurrence: Secondary, originated 
from the pyrite oxidation, together with other 
sulfates. 

Tabular crystals come from the Dexter No.7 
mine. Calf Mesa, Utah. USA and also from 
Zeleznik . Slovakia. Fine crystals were found in 
many localities in Chile (Tierra Amarilla, Chu- 


Copiapite, 96 mm, Copiapo, Chile 











Serpierite, 80 mm, Pribram, Czech Republic 





quicamata). It also occurs in Rammelsberg, Ger- 
many. 


Devilline 
CaCug(SO,4)2(OH)g .3 H2O 


MONOCLINIC ee 


Properties: C — cmerald-green; S — white to light 
green; L - vitreous to pearly; D — transparent to 
translucent; DE - 3.1; H - 2.5; CL - perfect: M - 
thin tabular pseudo-hexagonal crystals and coatings. 
Origin and occurrence: Secondary, as a result of the 
oxidation of Cu sulfides, associated with other 
secondary Cu mincrals. The world’s best specimens 
come from Spania Dolina, Slovakia. where crystal 
roscttcs up to 10 mm (#5 in) in diameter were found in 
the past century; also known from Botallack, 
Cornwall, UK and Tsumeb, Namibia. 


Serpierite 
Ca(Cu,Zn)4(SO4)2(OH), .3 HO 


MONOCLINIC ee 


Properties: C - blue; S - white; L - vitreous; D - 
transparent to translucent; DE - 3.1; H - 2.5; CL - 
perfect; M — tabular crystals, coatings. 

Origin and occurrence: Secondary, originated in the 
oxidation zone of Cu-Zn deposits. together with 
smithsonite and other minerals. Its small crystals and 
aggregates occurred in Laurion, Greece. Recently 
confirmed at Pribram, Czech Republic. 


149 


Enringite, 45 mm, Kuruman, South Africa 





Ettringite 
CagAl2(SO4)3(OH), 2: 26 H20 


HEXAGONAL ee 


Properties: C - colorless, yellow; S -— white; L — 
vitreous to silky; D - transparent; DE — 1.8: H - 2.5; 
CL — perfect; M —- prismatic crystals, fibrous 
aggregates. 

Origin and occurrence: Metamorphic, associated 
with sturmanite. The world’s best crystals reaching 
up to 100 mm (4 in) come from the N’Chwaning 
mine, Kuruman, South Africa. Crystals up to 4 mm 
(C+: in) occurred in Franklin, New Jersey, USA. Also 
known from the contact metamorphic conditions in 
Crestmore, California, USA. 


Sturmanite 
CagFe3*,(SO4)2[B(OH)4]. (OH) ;2 ~25 H2,0 


TRIGONAL e 


Properties: C - yellow, yellow-green: S — white; L 
vitreous; D - transparent to translucent; DE — 1.9; H 
- 2.5; CL— perfect: M — flat dipyramidal crystals. 
Origin and occurrence: : Probably metamorphic, 
associated with barite, hematite and ettringite. 
Crystals up to 140 mm (54 in) long come from the 
N’Chwaning mine, Kuruman, South Africa. 


Stermanite, 35 nim xx, Kuruman, South Africa 





Johannite 
Cu(YO)2(SO4)2(OH)2 .8 H20 


TRICLINIC ee 


Properties: C - green: S— light green; L - vitreous: 
D - transparent to translucent; DE — 3.3; H — 2-2.5; 
CL — good: M - prismatic to thick tabular crystals, 
scaly aggregates, coatings: R — radioactive. 

Origin and occurrence: Secondary, as a result of the 
uraninite oxidation, together with other secondary U 
minerals. Crystals are known from Jachymov, Czech 
Republic and Johanngeorgenstadt. Germany. It was 
common with zippeite in Central City, Colorado, 
USA and also reported from Mounana, Gabon. 


Zippeite 
K4(UO2)¢(SO4)3(OH) jg -4 H2O 


ORTHORHOMBIC eee 


Properties: C - orange-yellow; S — yellow; L — dull 
to earthy; D - opaque; DE — 3.7; H — not determined; 
CL — perfect; M - acicular and tabular crystals, 
pulverulent and acicular aggregates, coatings; LU — 
green: R - radioactive. 

Origin and occurrence: Secondary, forming during 
the uraninite oxidation, associated with other 
secondary U minerals. Small tabular crystals come 
from Drmoul, Czech Republic. Coatings and 


Johannite, 70 mm, Jachymov, Czech Republic 





acicular aggrcgates arc known from Jachymov, 
Czech Republic and Central City. Colorado, USA; 
also occurs in Shinkolobwe, Zaire. 


Scheelite 
Cawo, 
TETRAGONAL @eeee 

Properties: C - colorless, gray-white. yellow-brown, 
orange, red, greenish; S — white; L — greasy to ada- 
mantine; D - translucent: DE - 6.1; H - 4.5-5; CL 
good; F - conchoidal to uneven; M - pseudo-octa- 
hedral crystals, granular, massive; LU — blue-white. 
Origin and occurrence: Magmatic in pegmatites, 


Scheelite, 77 mm, Sichuan, China 





Zippeite, 40 mm, Lodeve, France 


hydrothermal in greisens and metamorphic; para- 
geneses vary significantly according to the origin. 
Beautiful brownish crystals up to 100 mm (4 in) in 
size come from Taewha and Tongwha in Korea. Si- 
milar crystals were recently found in China, Orange 
crystals up to 40 mm (1’/s in) in size are associated 
with cassiterite crystals on quartz crystals from lultin 
and Tenkergin, Russia. Clear crystals, weighing up to 
50 kg (110 lb), occurred in pegmatites near Natas. 
Namibia. Crystals up to 70 mm (2% in) reported 
from several mines near Traversella, Italy. Beautiful 
red crystals up to 20 mm (sz in) were very rare in 
Peibram, Czech Republic. Ycllow crystals up to 40 
mm (1*/ in) are known from quartz veins with 
pumpellyite in Obai Dsl, Czech Republic. 
Application: W ore. 
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Stolzute, 20 mm, Arizona, USA, 


Crocoite, 44 mm, Dundas, Australia 





Stolzite 

PbWO, 
TETRAGONAL ee 

Properties: C — gray-brown, orange-ycllow, red, 
green: S - colorless; L - adamantine to resinous; D 
transparent to translucent: DE — 7.9-8.3; H - 2.5-3; 
CL — imperfect; F - conchoidal to uneven; M - dipy- 
ramidal and thick tabular, striated crystals. 

Origin and occurrence: Secondary, as a product of the 
oxidation of primary W minerals. Crystals up to 60 mm 
(2% in) from St Leger-de-Peyrc, France. Prisms and 
needles up to 25 mm (1 in) long found in Broken Hill. 
New South Wales, Australia. Crystals up to 24 mm (1 
in) also known from Tsumeb, Namibia. Crystals up to 
20 mm (8/12 in) reported from Cinovec, Czech Republic 
and from the Black Pine mine, Montana, USA. 


Ferrimolybdite. 60 mm. Hurky, Czech Republic 





14? 





Crocoite 
PbCrO, 
MONOCLINIC ee 

Properties: C - orange, red; S — orange-yellow; L - 
adamantine to greasy; D — translucent; DE — 6; H - 
3; CL — good; F - conchoidal to uneven: M — long 
prismatic to acicular crystals, crusts.. 

Origin and occurrence: Secondary, as a result of the 
galena oxidation in basic rocks. The world’ best 
specimens come from the Dundas district, Tasmania, 
Australia where crystals up to !00 mm (4 in) long 
were found in several mines. Fine crystals up to 40 
mm (1!*/s in) long are known from Berezovsk, Ural 
mountains. Russia. Crystals up to 20 mm (’/» in) 
were recently found in Callenberg, Germany. 


Betpakdalite, 70 mm, Bayan Tsogdo, Mongolia 





Ferrimolybdite 
Fe2(Mo04)3 8 H29 


ORTHORHOMBIC ee 


Properties: C - yellow, whitish; S — light yellow; L - 
adamantine, silky, earthy: D - opaque: DE - 4.4; H - 
1-2; M — small acicular crystals, fibrous and radial 
aggregates, carthy. 

Origin and occurrence: Secondary. as a product of 
the molybdenite oxidation. Microscopic crystals were 
found in Glen Innes, New South Wales, Australia. It 
occurred as yellow coatings in Climax and Telluride. 
Colorado, in the Getchell mine, Nevada, USA; also in 
Hsrky near Eista, Czech Republic. 


Betpakdalite 
CaFe3*Hg(MoO4)5(AsO4)2 .8 H2O 


MONOCLINIC e 


Properties: C — lemon-yellow; S — yellow; L - 
vitreous, waxy, dull: D — opaque; DE - 3; H - 3: CL 
- good: M - short prismatic microscopic crystals, 
pulverulent. 

Origin and occurrence: Secondary mincral. Origi- 
nally described from Kara-Oba, Kazakhstan. It also 
occurred in Tsumeb, Namibia and in Krupka. Czech 
Republic. 


Hulfenite, 38 mm, Los Lamentos, Mexico 


Wulfenite 
PbMoO, 


TETRAGONAL eee 


Properties: C — yellow, orange, brownish, red. 
greenish; S — white: L — greasy to adamantine; D — 
transparent to translucent; DE - 6.3-7; H - 3; CL - 
good: F — uneven to conchoidal; M — thin tabular and 
dipyramidal crystals, granular, massive. 

Origin and occurrence: Secondary, as a result of 
the galena oxidation, together with cerussite, 
vanadinite and other minerals. The best specimens 
are known from the Red Cloud mine near Yuma, 
Arizona, where red tabular crystals found up to 50 
mm (2 in) diameter. Yellow-brown crystals up to 
100 mm (4 in) come from the Glove mine, Arizona, 
USA. Thick tabular orange crystals up to 20 mm 
(%/2 in) in diameter found in the Erupcion mine, 
Villa Ahumada, Los Lamentos, Chihuahua. Beau- 
tiful yellow plates up to 60 mm (2°/s in) with 
orange mimetite spheres occurred in the San 
Francisco mine, Magdalena, Sonora, Mexico. Rare 
tabular crystals up to 70 mm (2% in) across come 
from Tsumeb, Namibia. Fine orange-ycllow 
tabular crystals up to 20 mm (*%/n in) across, and 
pyramidal crystals are known from Blciberg, 
Austria and Mevica , Slovenia. Crystals up to 100 
mm (4 in) were found recently in Touissit, 
Morocco. 
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8. Phosphates 


Lithiophosphate 
LizPO,4 


ORTHORHOMBIC e 


Properties: C — colorless. white, pinkish; S — white: 
L — vitreous; D - transparent to translucent: DE 
2.5; H — 4: CL — perfect; F - uneven: M — prismatic 
crystals. granular. 

Origin and occurrence: Hydrothermal in granitic 
pegmatites, where it forms by replacement of spodu- 
mene and montebrasite. Cleavable aggregates up to 
100 mm (4in) across occur in the Tanco Mine, Ber- 
nic Lake, Manitoba, Canada; crystals up to 25 mm (1 
in) across in the Foote mine, Kings Mountain, North 
Carolina. USA. 


Beryllonit 
NaBePO, 


MONOCLINIC ee 


Properties: C — colorless, white, yellowish; S — white: 
L — vitreous; D ~ transparent to translucent: DE — 2.8; 
H - 5.5-6; CL — perfect; F - uneven, M — short 
prismatic to tabular crystals, granular. 

Origin and occurrence: Wydrothermal in cavities in 
granitic pegmatites where it is associated with herde- 
rite, albite and tourmaline. Crystals and their twins, up 
to 150 mm (6 in) across come from Stoncham and 
Newry. Maine, USA; also from Viitaniemi, Finland and 
Paprok, Afghanistan. 


Adamite, 52 mm, Mapimi, Mexico 
Lithiophosphate, 30. mm, Tanco, Canada 





Beryllonite, 31 mm. Paprok, Afghanistan 






Triphyllite 
LiFePO, 


ORTHORHOMBIC eee 


Properties: C ~ gray-green, gray-blue, gray, brown: 
S - gray-white; L -- greasy to vitreous; D — trans- 
parent to translucent; DE — 3.4; H - 4-5; CL — good: 
F — uneven; M B short prismatic crystals, granular, 
massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites. associated with graftonite, sarcopside 
and many sccondary phosphates. Large triphyllite 
crystals up to 1.5 m (5 fl) across are known from 
Hagendorf, Germany; from the Tip Top mine, Custer, 
South Dakota and Palermo No. | mine, North 
Groton, New Hampshire, USA; also from Hihner- 
kobel, Germany. 


Triphy lite, 70 mm, Hagendorf, Germany 


Lithiophilite, 120 mm, Viitaniemi, Finnland 






Lithiofilit 
LiMnPO, 


ORTHORHOMBIC ee 


Properties: C — pink, red-brown, brown; S - white; L 
— vitreous; D — transparent to translucent; DE — 3.3; 
H - 4-5; CL — good; F - uneven; M — short prismatic 
crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites. It is sometimes associated with triplite and 
triphyllite, typically replaced by many secondary 
phosphates. Large masses of lithiophillite, reaching 
up to | m (39% in), occur in Karibib, Namibia; 
Kitumbe, Rwanda. Other localities are Mangualde. 
Portugal; Tanco mine, Bernic Lake, Manitoba, 
Canada; Stewart Lithia Mine, Pala, California, USA. 


Purpurite, 40 mm, Usakos, Namibia 





Berzeliite, 120 mm, Langban, Sweden 
i se * 


‘ > ? 


Purpurite 
Mn3*PO, 


ORTHORHOMBIC ee 


Properties: C — pink, purple, dark brown; S B red- 
purple; L ~ dull to velvet; D - translucent to opaque; 
DE - 3.7; H — 4-4.5; CL - good; F - uneven; M B 
granular, massive. 

Origin and occurrence: Hydrothermal, as a product of 
lithiophillite replacement in granitic pegmatites. It is 
usually associated with many secondary phosphates. It 
is known from Kitumbe, Rwanda: Usakos and 
Sandamab, Namibia; the Tip Top and Bull Moose 
mines. Custer, South Dakota and Branchville. 
Connecticut, USA. 


Berzeliite 
(Ca,Na)3 (Mg,Mn)z (AsO4)3 


CUBIC ee 


Properties: C — yellow, orange; S - red-purple; L - 
resinous; D — transparent to translucent; DE - 4.1; H 
- 4-4.5; CL — none; F - conchoidal to uneven; M — 
isometric crystals, granular, massive. 

Origin and occurrence: Metamorphic, together with 
haussmanite, rhodonite and tephroite. It occurs as 
massive in Langban and Nordmark. Sweden. 


Whitlockite 
Cag(Mg,Fe)H(PO4)7 


TRIGONAL ee 


Properties: C — colorless, white, yellowish, pinkish; S 
- white; L — vitreous to dull; D — transparent to trans- 
lucent: DE — 3.1; H — 5; CL — none; F — conchoidal to 
uneven: M — rhombohedral crystals, granular, massive. 


Origin and occurrence: Hydrothermal, as a product 
of replacement of primary phosphates in granitic 
pegmatites, rare in sedimentary rocks - phos- 
phorites: very rare magmatic in mctcorites. Mainly 
associated with apatite and carbonates. Imperfect 
crystals around 10 mm (’/: in) across. occur in the 
Palermo No. | mine, North Groton, New Hampshire: 
also in the Tip Top mine, Custer. South Dakota, 
USA, 


Xenotime-(Y) 
YPO, 


TETRAGONAL eee 


Properties: C - brown, yellow. gray, greenish; S — 
white: L — vitreous to resinous; D — transparent, 
translucent to opaque: DE - 4.5; H - 4.5; CL - good; 
F — conchoidal to uneven: M — long prismatic to 
tabular crystals, granular, R — sometimes weakly 
radioactive and metamict. 

Origin and occurrence: Magmatic in granitic and 
alkaline pegmatites, granites and syenites: hydro- 
thermal in the Alpinc-type veins: metamorphic in 
gneisscs: common in placers. It is associated with 
monazite-(Ce) and zircon. Perfect prismatic crystals 
up to 100 mm (4in) across occur mainly in pegma- 


Xenotime-(Y), 14 mm x, Washington Co. USA. 








Whitlockite, 10 mm xx, New Hampshire, U.S.A. 


tites in Kragero and Hitteré, Norway: Ytterby, 
Sweden; in several places in Madagascar: in 
Ichikawa, Japan. Crystals about 20 mm (*/: in) are 
known from the Alpine-type vcins in Binntal, 
Switzerland. 

Application: ore of rare carth clements. 
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Preparing the Wick 


Before you use the wick, hold it as shown in Figure 3-2, and push inward. This 
will cause the wick to spread out, giving you more surface area to work with. 





Figure 3-2. Spreading the wick 


30 Learn to Solder 


Monazite-(Ce) 
CePO, 


MONOCLINIC eee 


Properties: C — yellow, brown, red-brown, orange. 
gray-green: S — white; L — vitreous to resinous; D — 
transparent, translucent to opaque: DE — 4.6; H — 5- 
$.5; CL — good: F — conchoidal to uneven; M — long 
prismatic to tabular crystals, granular; R 
sometimes weakly radioactive and metamict. 

Origin and occurrence: Magmatic in granitic and 
alkaline pegmatites, granites, syenites. carbona- 
tites; hydrothermal in the Alpine-type veins and 
greisens; metamorphic in gneisses: common in pla- 
cers. 

It is associated with apatite, xenotime-(Y) and 
zircon, Perfect prismatic crystals up to 200 mm (77/s 
in) come from Mars Hill, North Carolina. Trout 
Creek Pass, Colorado. USA; also from Arendal, 
Norway; Ambatofotsikely and Ampangabe, Mada- 
gascar, where masses weighing several kg are com- 
mon: crystals, up to 200 mm (77/s in) across found 
in Minas Gerais. Jaguaragu, Brazil. 

Application: ore of rare earth elements. 


Monazite-(Ce), 34 mm, Felicio, Brazil 


Hydroxytherderite 
CaBe(PO4)(OH,F) 


MONOCLINIC ee 


Properties: C — colorless, white, yellowish, grcenish; 
S — white; L — vitreous to dull: D — transparent to 
translucent; DE - 3.0; H — 5-5.5; CL -— good; F - 
conchoidal to uneven: M — prismatic to tabular 
crystals, radial aggregates, granular. 

Origin and occurrence: Hydrothermal in cavities in 
gtanitic pegmatites and in greisens. Perfect crystals, 
up to 120 mm (4"/isin} long come from Marilaca and 
together with colored tourmalines from Virgem da 
Lapa, Minas Gerais, Brazil; also known from 
Topsham and Stoncham. Maine. USA. 


Amblygonite 
LiAI(PO4)(F,OH) 


TRICLINIC eee 


Properties: C — colorless, white, yellowish, bluish, 
gray; S — white: L — vitreous to dull; D - transparent 
to translucent: DE — 3.1; H — 5.5-6; CL - good; F - 
conchoidal to uneven; M — short prismatic crystals, 
granular, massive. 


Hydroxylherderite, 22 mm, Anza, California, USA. 





Montebrasite, 80 mm, White Picacho, Arizona, USA. 





Origin and occurrence: Magmatic in granitic 
pegmatites and some granites; rare hydrothermal in 
greisens and in ore veins. Large amblygonite masses, 
several meters across. come from pegmatites, like 
the Beccher, Custer and Hugo mines, Keystone, 
South Dakota, USA, where its blocks weighed up to 
200 tons; also known from Viitaniemi, Finland; Uto. 
Sweden. Typical representative of the quartz- 
amblygonite veins is Verncrov, Czech Republic. 
Application: Li ore and raw matcrial for ccramics. 


Montebrasite 
LiAI(PO4)(OH,F) 


TRICLINIC eee 


Properties: C - colorless. white. yellowish, yellow, 
bluish, gray: S — white; L — vitreous to dull: D - 
transparent to translucent; DE — 3.0; H- 5.5-6; CL - 
good; F — conchoidal to uneven; M - short prismatic 
to tabular crystals, granular, massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites and granites: hydrothermal in granitic 
pegmatites. It occurs very frequently with ambly- 
gonite, which it replaces. Large masses are known 
from Montebras, France: also from the Tin Mountain 
mine, Custer. South Dakota. USA.. Perfect tabular 
crystals up to 150 mm (6 in) across found in 
Taquaral, Minas Gerais, Brazil. 


Wagnerite 
Mg2(PO4)(ROH) 


MONOCLINIC eee 


Properties: C — light yellow, yellow-green, yellow- 
brown, green; S — white; L — vitreous to greasy; D - 
transparent, translucent to opaque; DE = 3.2; H — 5- 
5.5; CL — imperfect: F - conchoidal to uneven; M - 
short prismatic crystals. granular, massive. 


Magnerite, 18 mm x, Werfen, Austria 





Origin and occurrence: Magmatic in granitic 
pcgmatites: metamorphic in gneisses and cclogites; 
hydrothermal in quartz veins and in salt deposits. 
The most famous finds come from the quartz veins 
in Hollgraben and Radelgraben, the Alps, Austria, 
where wagnerite occur together with lazulite and 
forms crystals up to 30 mm (J*/« in) across: also 
known from Mangualde. Portugal and Bodenmais. 
Germany. 


Amblygonite, 55 mm, Minos Gerais, Brazil 
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Zwieselite, 30 mm grain, Doni Borv, Cz 


Lwieselite 
Fez(PO4)(FOH) 
MONOCLINIC eee 

Properties: C — dark brown to black-brown; S — light 
brown; L - vitreous to greasy; D — translucent to 
opaque; DE - 4.0; H -- 5-5.5; CL - imperfect; F 
conchoidal to uneven; M — short prismatic crystals, 
granular. massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites: rare hydrothermal in greisens. It is associated 
with apatite, triplitc and secondary phosphates. 
Imperfect crystals and granular aggregates are known 
from pegmatites ncar Zwiescl, Germany: Dolni Bory, 
Czech Republic. 


Libethenite, 80 mm, L'ubietova, Slovakia 








Triplite, 70 mm, Viitaniemi. Finnland 





Triplite 
Mn9(PO4)(F,OH) 


MONOCLINIC eee 


Properties: C — pink, light brown, S — light brown; L 
~ vitreous to greasy; D ~ translucent to opaque: DE 
— 3.8; H — 5-5.5; CL — imperfect; F - conchoidal to 
uneven: M - short prismatic crystals, granular. 
massive. 

Origin and occurrence: Magmatic in granitic 
pegmatites and granites; hydrothermal in greisens 
and in quartz veins. It is usually hydrothermally 
altered and replaced by secondary phosphates. Huge 
masses several meters in size come from pegmatites 
in Karibib, Namibia; it also occurs in Mangualde, 
Portugal and in Sukula, Finland. 


Libethenit 
Cuz(PO4)(OH) 


ORTHORHOMBIC eee 


Properties: C - black-green to light green: S — olive- 
green; L - greasy; D — translucent; DE - 3.9; Ht - 4; 
CL - imperfect; F — conchoidal to uneven; M - short 
prismatic and dipyramidal crystals. botryoidal 
agegrcgates, granular, massive. 

Origin and occurrence: Secondary in Cu deposits, 
where it occurs together with malachite. pseudo- 
malachite and brochantite. Perfect crystals, up to 30 
mm (1% in) across, come from the Rokana mine, 
Zambia; crystals, up to 10 mm (‘/s in), are known 
from Kambove. Zaire: Lubictova . Slovakia; Nizhniy 
Tagil, Ural Mts.. Russia. 


Olivenite, 80 mm, Tsumeb, Namibia 


Olivenite 
Cu2(AsO4)(OH) 


ORTHORHOMBIC eee 


Properties: C - olive-green, green-brown. gray- 
green to gray: S ~ light green; L ~- greasy: D - 
translucent to opaque; DE - 4.4: ff - 3; CL 
imperfect; F — conchoidal to uneven: M - long to 
short prismatic and dipyramidal crystals, acicular 
and radial aggregates, massive. 

Origin and occurrence: Secondary in Cu deposits. It 
is associated with other secondary Cu mincrals, 
malachite, azurite and scoroditc. Perfect crystals up 
to 10 mm (*/s in) across occurred in Wheal Gorland, 
Cornwall, and Tavistock, Devon UK; also in 
Tsumeb, Namibia and Ashburton Downs, Western 
Australia, Australia. 


Adamine 
Zn2(AsO4)(OH) 


ORTHORHOMBIC eee 


Properties: C — yellow-green, yellow, green, color- 
less, purple; S -- white: L - vitreous: D - transparent 
to translucent: DE — 4.4; H — 3.5; CL - imperfect; F 
~ conchoidal to uneven: M — long to short prismatic 
and dipyramidal crystals, acicular and radial aggre- 
gates, massive; LU — yellow-green. 








Origin and occurrence: Secondary in Zn deposits, 
associated with hemimorphite, gocthitee and 
smithsonite. Rich druses of green and rare purple 
crystals up to 70 mm (2% in) across come from Mina 
Ojuela. Mapimi, Durango. Mexico; also known from 
Tsumeb, Namibia: Laurion. Greece and Cap 
Garanne, France. 


Adamite, 34 mm, Mapimi. Mexico 
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Lazulite, 1] mm x, Lincoln Co., USA. 





Lazulite 
MgAl2(PO4)2(0H)2 


MONOCLINIC eee 


Properties: C — dark to light blue. blue-green: S - 
white; L - vitreous; D - transparent to translucent; 
DE - 3.1; H - 5.5-6; CL — imperfect; F — conchoidal 
to uncven; M — short prismatic and dipyramidal 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in quartz 
veins and granitic pegmatites, where it is formed by 
decomposition of primary phosphates: metamorphic 
in quartzites, 

Imperfect crystals up to 100 mm (4 in) across come 
from Iorrsjoberg, Sweden: perfect crystals about 50 
mm found in Ashudi, Pakistan; also known from 


Scorzalite, 80 mm, Palermo No.2 Mine, USA. 








Big Fish River. Yukon, Canada and near Werfen. 
Austria. 


Scorzalite 
FeAl,(PO4)2(OH)2 


MONOCLINIC eee 


Properties: C — dark blue. blue-green: S -- white; L 
vitreous: D — transparent to translucent; DE — 3.3; H - 
6; CL — imperfect; F - conchoidal to uneven; M — 
prismatic crystals. granular, massive. 

Origin and occurrence: |[vdrothermal in granitic peg- 
matites, as a replacement product of primary phospha- 
tes. rare in quartz veins. Dark blue, granular aggre- 
gates up to 100 mm (4in) across occur in the Palermo 
No. | and No. 2 mines, North Groton. New Hampshire 
and the Victory mince, Custer, South Dakota, USA. 


Rockbridgeite 
Fe2*Fe3* 4(PO4)3(OH)s 


ORTHORHOMBIC eee 


Praperties: C ~ dark and light green, black-green: S - 
green; L ~ dull; D ~ translucent to opaque; DE - 3.4: 
H - 4.5; CL - good; F - uneven; M - acicular crystals, 
radial aggrcyates and crusts, granular, massive. 
Origin and occurrence: Secondary in granitic pegma- 
tites and in Fe deposits. It mostly originates from the 
hydrothermal alteration of primary phosphates, mainly 
triphyllite. and it is associated with other secondary 
phosphates. Rich radial aggregates up to 50 mm (2 in) 
across come from Ilagendorf, Germany: the Tip Top 
mine. Custer, South Dakota and the Fletcher mine. 
Groton, New Hampshire, USA. 


Rockbridgeite, 70 mm, Hagendorf, Germany 


Frondelite, 15 mm xx, Custer, U.S.A. 





Frondelite 
MnFe3* ,(PO4)3(OH)s 


ORTHORHOMBIC eee 


Properties: C — light olive-green, brown, black- 
green: S - green; L ~ dull; D — translucent to opaque: 
DE - 3.5; H — 4.5: CL — good: F — uneven; M — 
acicular crystals, radial aggregates and crusts. 
granular. massive. 

Origin and occurrence: Secondary in granitic peg- 
matites, where it forms as a result of the hydrother- 
mal alteration of primary phosphates, mainly 
lithiophiflite. Radial aggregates occur in the Fletcher 
mine, Groton, New Hampshire, USA; also in 
Sapucaia, Minas Gerais. Brazil. 


Dufrenite 

Fe2* Fe3* 4(PO4)3(OH)s .2 HO 
MONOCLINIC eee 

Properties: C ~ dark green, black-green. black: S 
green: L — vitreous to dull; D — translucent to 
opaque: DE - 3.4: H - 3.5-4.5; CL — good: F - 
uneven: M - radial aggregates and crusts. granular, 
massive. 

Origin and occurrence: Secondary in granitic 
pegmatites and in the oxidation zone of Fe deposits: 
it forms in pegmatites as a result of the hydrothermal 
alteration of primary phosphates. Radial aggrcgates 
occur in pegmatites in Hagendorf and Hiihnerkobel, 
Germany; also in gossan in the Wheal Phoenix mine. 
Cornwall, UK. 





Dufrenite, 9 mm, Lancaster, USA. 


Pseudomatachite 
Cus(PO4)2(OH)4 


MONOCLINIC eee 


Properties: C — green, black-green; S — green: L — 
vitreous to dull; D — translucent to opaque: DE - 4.3; 
TE — 4.5-5; CL — good; F — uneven; M - short 
prismatic crystals. botryoidal aggregates with radial 
structure, massive. 

Origin and occurrence: Secondary in Cu deposits. 
associated with malachite. chrysocolla, libcthenite 
and gocthite. Beautiful botryoidal aggregates and 
large masses come from Nizhniy Tagil. Ural 
mountains, Russia; also from Eh] and Virneberg, 
Germany: from L'ubictova , Slovakia; and also from 
many localitics in Shaba province, Zaire. 


Pseudomatachite, 80 mm, L'ubietova, Slovakia 
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Cornubite, 30 mm, Farbiste, Slovakia 





Cornubite 
Cus (AsO4)2(OH)4 


TRICLINIC e 


Properties: C ~ light to dark green; S — light green: 
L — vitreous to dull: D — translucent: DE - 4.8; H 
not determined: CL — not determined: F — uneven: M 
— botryoidal aggregates, massive. 

Origin and occurrence: Secondary in Cu deposits, It 
was found together with olivenite and clinoclase in 
the Bedford United quarry. Cornwall, UK: also in 
Ashburton Downs. Western Australia, Australia and 
Farbiste, Slovakia. 


Cornetite, 10 mm aggregate, Lumumbashi. Zair 








Augelite. 34 mm. Yukon Territory, Canada 


Augelite 
Al2(PO4)(OH)3 


MONOCLINIC eee 


Properties: C - coloricss, white, yellowish, pinkish; 
S- white; L — vitreous to dull; D — transparent to 
translucent: DE — 2.7; H- 4.5-5; CL — good; F 
uneven; M — thick tabular to prismatic crystals, 
granular, massive. 

Origin and occurrence: Hydrothermal in granitic 
pegmatites as a product of primary phosphates 
replacement: rare metamorphic in quartzites. 
Massive aggregates several decimeters across occur 
in pegmatites in Burango, Rwanda; also in the Hugo 
mine, Custer, South Dakota and Mount White, 
California, USA. Crystals up to 20 mm (2 in) 
across come from Rapid Creek, Yukon, Canada and 
from the Champion mine, California; rare small 
crystals found in the Palermo No. 1 mine. North 
Groton. New Hampshire, USA. 


Cornetite 
Cu3(PO,4)(OH)3 


ORTHORHOMBIC e 


Properties: C ~ dark blue to blue-green; S$ -- light 
blue; L - vitreous: D — transparent to translucent: DE 
- 4,1, H= 4.5; CL ~ none: F - conchoidal to uneven; 
M - short prismatic crystals, coatings. 

Origin and occurrence: Secondary in Cu deposits. It 
is rare in the Etoile mine near Lumumbashi and in 
Kalagi, Shaba province, Zaire; also occurs in 
Ycrington, Nevada and in Saginaw Hill, Arizona, 
USA, 


Clinoclase, 40 mm, Cornwall, UK 


Conichalcite, 70 mm, Tintic, U.S.A. 





Clinoclase 
Cu3(AsO4)(OH)3 


MONOCLINIC ee 


Properties: C — dark grcen-blue to black-green: S - 


blue-green; L —- vitreous; D — transparent to 
translucent; DE — 4.4; H — 2.5-3; CL — perfect: F - 
uneven: M -— prismatic and tabular crystals. 


botryoidal aggregates. 

Origin and occurrence: Secondary in Cu deposits. 
often associated with malachite. azurite and other 
secondary Cu minerals. Spherical aggregates up to 
10 mm (/« in) known from the Majuba Hill mine. 
Nevada, USA; occurs rarely near Tavistock, Devon. 
UK; also in Novoveska Huta, Slovakia. 


Conichatcite 
CuCa(AsO4)(OH) 


ORTHORHOMBIC eee 


Properties: C - yellow-green to emerald-green: S - 
light green; L — vitreous to greasy: D — transparent to 
translucent: DE — 4.3; H - 4.5; CL — none; F - 
uneven; M —- short prismatic crystals, botryoidal 
aggregates with radial structure, massive. 

Origin and occurrence: Sccondary in Cu deposits. It 
occurs as rich botryoidal aggregates in Otavi, 
Namibia; Tintic. Utah, in the Higgins minc, Bisbec, 
Arizona and Yerington, Nevada, USA. 


Duftite 
PbCu(AsO,4)(OH) 


ORTHORHOMBIC ee 


Properties: C — yellow-green, olive-green to gray- 
green: S — light green: L — vitreous to greasy; D - 
translucent; DE - 6.5; H — 3: CL — not determined: F 
— uneven: M - small crystals, botryoidal aggregates 
and coatings. 

Origin and occurrence: Secondary in base metals 
deposits. It is associated with malachite and azurite 
in Tsumeb, Namibia: in Mina Ojuela, Mapimi, 
Durango, Mexico; in Moldava, Czech Republic. 


Duftite. 90 mm, Tsumeb, Namibia 
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Descloizite, 38 mm. Grootfontein, Namibia 


Arsendescloizite, 95 mm, Mapimi, Mexico 





Descloizite 
PbZn(VO4)(OH) 


ORTHORHOMBIC eee 


Properties: C — red-orange, red-brown to brown- 
black. gray-green; S - light yellow-brown; L — 
greasy; D - transparent, translucent to opaque; DE 
6.1; Fl -- 3-3.5; CL — none: F - conchoidal to uneven: 
M - crystals of different habits, mostly pyramidal or 
prismatic, botryoidal and skeletal aggregates, 
massive. 

Origin and occurrence: Secondary in base metals 
deposits. It is mainly associated with pyromorphite, 
mimetite, vanadinite and other secondary Pb 
minerals. Occurs as crystals up to 30 mm (Ie in) 
long in Tsumeb and Berg Aukas, Namibia: also 
Broken Hill, Zambia; and the Mammoth mine, Tiger. 
Arizona, USA. 


Arsendescloizite 
PbZn(AsO4)(OH) 


ORTHORHOMBIC e 


Properties: C - light yellow: S - white: L— adamantine 
to greasy; D —- transparent to translucent: DE - 6.1, H 

4; CL - none; F - conchoidal to uneven: M — tabular 
crystals, rosette-like aggregates. 





166 


Origin and occurrence: Secondary in base metals 
deposits. associated with mimetite and gocthite. 
Found rarely as crystals of 1 mm ('/ in) in size in 
Tsumcb, Namibia; also Mina Ojucla, Mapimi. 
Durango, Mexico. 


Mottramite 
PbCu(AsO4)(OH) 


ORTHORHOMBIC ee 


Properties: C — grass-green to black-green: S — light 
green: L —- vitreous to dull; D —- transparent to 
opaque: DE - 5.9; H —- 3-3.5; CL — none; F - 
conchoidal to uneven: M — crystals of different 
habits, botryoidal and dendritic aggregates. crusts 
and coatings, massive. 

Origin and occurrence: Secondary in base metals 
deposits, associated with mimetite. descloizite and 
vanadinite. It occurs in Mottram, Cheshire, UK: in 
Tsumeb, Namibia: Mammoth mine, Tiger. Arizona, 
USA. 


Brazilianite 
NaAl3(PO4)2(OH)4 


MONOCLINIC eee 


Properties: C — colorless, white, yellowish. ycllow- 
green; S — white: L ~ vitreous: D — transparent to 
translucent; DE - 3.0; H - 5.5; CL - good; F - 
uneven: M ~ short prismatic to isometric crystals, 
radial aggregates, granular. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites, where it is associated with 
fluorapatite. albite and tourmaline. It occasionally 
originates as a product of amblygonite replacement. 
Perfect yellow-green crystals up to 150 mm (6 in) 
across found in cavities in pegmatites in Conselheira 
Pena and Corrego Frio. Linopolis. Minas Gerais and 
from Pietras Lavradas, Paraiba, Brazil. 


Motiramite, 60 mm. Tiger. Arizona, US.A. 





Cafarsite. 9 mm x, Binntal. Switzerland 





Cafarsite 
Cag(Ti,Fe2*,Fe3*,Mn)(As?*03)), .4 HzO 


CUBIC ® 


Properties: C ~ dark brown: S — yellow-brown: L 
submetallic: D - translucent; DE 3.9:H  $.5-6; CL - 
none; F - conchoidal: M — isometric crystals. 

Origin and occurrence: Hydrothermal along cracks 
in Alpine-type veins. Cubic crystals up to 30 mm 
(1'/ie in) across come from Binntal, Switzerland and 
Pizzo Cervandone, Italy. 


Brazilianite, 47 mm. Conselheira Pena, Brazil 
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Desoldering with the Wick 


Position the wick over the joint, and press down on the wick with the soldering 
iron as shown in Figure 3-3. The heat will pass through the wick and melt the 
solder. As this happens, the wick will soak up the solder, removing it from 
the joint. When you're done, you can trim off the used portion of wick with 
your wire snips. 





Figure 3-3. Desoldering 





hands off it as soon as you press the soldering iron 


} WARNING: The wick will get very hot, so take your 
é to it (the soldering iron will hold it in place). 


Desoldering 31 


Carminite 
PbFe>*2(AsO4)2(OH)2 


ORTHORHOMBIC ee 


Properties: C — crimson-red, red-brown; S — red- 
yellow; L - adamantine to pearly; D - translucent: 
DE - 5.5; H - 3.5; CL - good: F - conchoidal to 
uneven; M - prismatic crystals, acicular, radial, felt- 
like to porous aggregates. coatings and crusts. 
Origin and occurrence: Secondary in base metals 
deposits, associated with mimetite and scorodite. 
Crystals up to 10 mm (*/s in) across occur in Tsumeb, 
Namibia: in Mina Ojucla, Mapimi. Durango, 
Mexico; in Calstock, Cornwall, UK. 


Carminite, 2 mm xx, Nadap, Hungary 
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Bayldonite, 34 mm, Tsumeb, Namibia 





Bayldonite 


MONOCLINIC ee 


Properties: C — yellow-green, olive-green; S — light 
green; L ~ resinous: D — translucent; DE - 5.5; H - 
4.5; CL — not determined; F - uneven: M — earthy 
aggregates, coatings, massive. 

Origin and occurrence: Secondary in the oxidation 
zone in hydrothermal Cu deposits and in greisens. It 
occurs as common yellow-green coatings and 
crystals up to 10 mm (*/s in) across, associated with 
large azurite and mimetite crystals in Tsumeb, 
Namibia; also as coatings in St. Day, Cornwall, UK; 
in Moldava, Czech Republic. 


Vesignieite 
BaCu3(VO4)2(OH)2 
MONOCLINIC ee 


Properties; C — ycllow-grecn, olive-green: S - light 
yellow-green; L ~ vitreous to dull; D - translucent; 
a 


Vesigneite, 80 mm, Vrancice, Czech Republic 





DE - 4.1; H ~ 3-4: CL - good: F — uneven; M - 
carthy and pulvcrulent aggregates and coatings, 
massive, 

Origin and occurrence: Secondary in base metals 
deposits and in sediments, containing Cu sulfides. It 
occurs as yellow-green coatings in sediments in 
Horni Kalna, Czech Republic: also in the Masham- 
ba West mine, Zaire: together with barite and 
psilomelanc in Friedrichsroda, Germany. 


Arsentsumebite 
Pb»Cu(AsO4)(SO4)(OH) 


MONOCLINIC e 


Properties: C - bluish-green to light green: S - light 
green: L — dull; D - translucent: DE — 6.5: H - 3; CL 
~ good; F — uneven: M - earthy aggregates, coatings. 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone. where it forms as a result of mimetite replace- 
ment. Found rarely in Moldava, Czech Republic; in 
Tsumeb. Namibia, where it forms pseudo-morphs 
after azurite crystals. 
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Fluarapatite. $0 mm, Dusso, Pakistan 


Fluorapatite 
Cas(PO4)3F 
HEXAGONAL @e0e¢ee 

Properties: C — colorless, white, yellowish, pinkish, 
blue. purple, green. brown with various hues: S 
white; L - vitreous to dull; D— transparent to trans- 
lucent. sometimes opaque; DE — 3.2: H — 5; CL - 
imperfect: F - conchoidal to uneven; M ~— long 
prismatic to tabular crystals. botryoida!. carthy and 
fibrous aggregates, massive; LU — yellow. 

Origin and occurrence: Magmatic in granites, 
syenites. diorites, gabbros and various types of peg- 
matites. also in volcanic rocks; hydrothermal! in 
quartz veins, ore veins, greisens and Alpine-type 
veins; metamorphic in different types of gneisses, 
migmatites, mica schists, skarns and amphibolites: 
in different types of sedimentary rocks. Perfect. 
short prismatic, purple transparent crystals up to 40 
x 40 mm (J%s x Is in) are renowned from 
pegmatite in the Pulsifer quarry, Mount Apatite, 
Auburn, Maine, USA; pink crystals from Dusso, 
Pakistan. Perfect crystals about 100 mm (4in) across 
also from Alpinc-type veins, ¢.g. in Fisch. Switzer- 
land: also known from the quartz veins in greisens, 
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associated with wolframite, in Panasqucira. Portu- 
val; in Horni Slavkov, Czech Republic; Ehrenfrie- 
dersdorf, Germany. Also found in skarns at Cerro de 
Mercado. Durango. Mexico. Large deposits of mas- 


Chlorapatite. 20 mm x, Bob's Lake, Ontario, Canada 
pm 





sive apatite located in Kola Peninsula, Russia: 
crystals weighing up to 300 kg (660 Ib) from the 
vicinity of Clear Lake, Ontario, Canada. 
Application: main source of P, chemical industry, 
fertilizer. 


Chlorapatite 
Cag(PO4)3Cl 


HEXAGONAL eee 


Properties: C — white, various hues of yellow; S 
white: L — vitreous to dult; D - transparent to trans- 
lucent: DE — 3.2; If ~ 5; CL - imperfect: F — 
conchoidal to uneven; © -- long prismatic to tabular 
crystals, granular. 

Origin and occurrence: Magmatic in nepheline 
syenites and their pegmatites, some gabbros and 
volcanic rocks, also in meteorites: metamorphic in 
skarns. It is usually associated with scapolite, 
amphibole. titanite and magnetite. Perfect prismatic 
crystals up to 35 cm (13% in) long, come from 
pegmatites in Bamle, Norway: also from Kurokura, 
Japan. 


Hydroxylapatite 


HEXAGONAL eee 


Properties: C — white, yellow, various hucs of gray: 
S - white; L - vitreous to dull; D - transparent to 
translucent; DE - 3.2; H - 5; CL — imperfect; F - 
conchoidal to uneven; M - short prismatic to tabular 
crystals, acicular aggregates. granular. 

Origin and occurrence: Metamorphic in talc schists 
and serpentinites: hydrothermal in granitic pegma- 
tites: sedimentary in organic remnants. Crystals up 
to 30 mm (1% in) across known from Snarum, 
Norway: Hospental, Switzerland; Eagle, Colorado. 
USA. 


Carbonate-fluorapatite 
Cag(PO4, €O3)3F 


HEXAGONAL eee 


Properties: C — white, gray; S — white; L - vitreous 
to dull: D — transparent to translucent: DE - 3.2; H 
- 5; CL — imperfect: F — conchoidal to uneven: M 
B spherical and botryoidal aggregates, massive. 
Origin and occurrence: Hydrothermal in ore veins 
and along the cracks in volcanic rocks, Rich botryoi- 
dal agercgates arc known together with hyalite opal 
from Valec, Czech Republic; the Wheal Franco mince. 
Tavistock. Devon. UK. 








Hydroxylapatite, 2 mm xx, Tornaszentandras, Hungary 





Carbonate-fluorapatite, 80 mm, Staffel, Germany 
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Pyromorphite, 41 mm, Les Farges, France 





Pyromorfite 
Pbs(PO,4)3Cl 





HEXAGONAL @eeeoe 


Properties: C ~ green, brown, ycllow, orange. white, 
gray: S -white; L - adamantine to greasy; D - 
transparent to translucent; DE — 7.1; H-3.5-4; CL - 
imperfect; F — conchoidal to uneven; M — long 
prismatic to tabular and pyramidal crystals, 
botryoidal aggregates with radial structure, acicular 
and earthy aggregates, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Pb deposit, associated with cerussite, 
gocthitee and other secondary minerals. Perfect 
crystals up to 40 mm (1° in) long come from many 
localities, e.g. green and brown ones from Bad Ems 
and Zschopau, Germany: yellow-brown ones from 
Les Farges, France: green, brown and yellow ones 
from Mina Ojuela, Mapimi, Durango, Mexico. 
Green, orange and brown crystals, up to 60 mm (27/ 
in) long, are known from the Bunker Hill mince, 
Idaho, USA. 


Pyromorphite, 62 mm, Les Farges, France 
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Mimetite, 14 mm x, Johanngeorgenstadt, Germany 





Mimetite 
Pbs(AsO4)3Cl 


HEXAGONAL eee 
Varieties: campylite 


Properties: C — yellow, orange, brown, ycellow- 
brown, white, gray; S — white; L — adamantine to 
greasy: D — transparent to translucent; DE - 7.3: 11 
3.5-4: CL — imperfect: F — conchoidal to uneven; M 
long to short prismatic and pyramidal crystals. 
botryoidal aggregates with radial structure. acicular 
and earthy aggregates, granular. 
Origin and occurrence: Secondary in Pb deposits. 
associated with pyromorphite and gocthite. Perfect 
crystals up to 20 mm (*/s: in) long come from 
Johanngcorgenstadt, Germany; campylite occurs in 
Drygill, UK: crystals up to 50 mm (2 in) across 
found in Tsumeb, Namibia; Santa Eulalia and San 
Pedro. Chihuahua. Mexico. Beautiful yellow crystals 
up to 30 mm (1's in) found recently in Hat Yai 
province, Thailand. 


Vanadinite 
Pbs(VO4)3C! 


HEXAGONAL eee 


Properties: C — yellow. orange. red, brown, yellow- 
brown; S — white: L - adamantine to greasy; D 
transparent to translucent; DE — 6.9; H — 2.5-3; CL 
none; F — conchoidal to uneven; M — long to short 
prismatic and pyramidal crystals, botryoidal 


agegrcegates with radial structure, acicular and carthy 
agercgates, granular. 

Origin and occurrence: Secondary in Pb deposits, 
associate with pyromorphite, wulfenite and gocthite. 
Perfect crystals up to 130 mm (57/6 in) long come 
from Djcbcl Mahseur and Mibladen. Morocco. Pris- 
matic crystals were also found in Tsumeb, Namibia; 
in the Old Yuma, Red Cloud. Apache and Mammoth 
mines, Arizona, USA. 


Fanadinite, 64 mm, Mibladen, Morocco 
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Atclestite, 70 mm, Schneeberg. Germany 





Atelestite 
Bi2(AsO4)O(OH) 


MONOCLINIC e 


Properties: C - yellow, yellow-green; S - white: L - 
adamantine to greasy: D ~ transparent to translucent: 
DE - 7.0; H ~ 4.5-5; CL ~ imperfect; F - conchoidal to 
uneven: M ~ small tabular crystals. spherical aggrega- 
tes, 

Origin and occurrence: Secondary in the oxidation zone 
of Bi deposits. It was found in Schneeberg, Germany. 


Hureaulite 
Mng(PO,4)2[PO3(OH))2 .4 H29 
MONOCLINIC eee 

Properties: C — orange-red. pink, purplish, white, 
gray; S - white; L — vitreous: D ~ transparent to 
translucent; DE - 3.2; H - 3.5; CL — good: F - 
uneven; M - prismatic to tabular crystals, coatings, 
granular. massive. 


Hureaulite, 33 mm, Shingus, Pakistan 








Variscite, 30 mm, Fairfield, U.S.A. 





Origin and occurrence: Secondary in granitic peg- 
matites, as a result of alteration of the primary phos- 
phates, mostly lithiophillite, triphyilite and grafto- 
nitc. Purplish crystals up to 50 mm (2 in) across 
come from Shingus. Pakistan. Similar crystals found 
in Hagendorf, Germany. Also known from Mangual- 
de, Portugal: Sao Jose da Safira. Minas Gerais, Bra- 
zil,; from the Tip Top mine, Custer. South Dakota. 
USA. 


Variscite 
Al(POq) .2 H2O 


ORTHORHOMBIC eee 


Properties: C — colorless, greenish, blue-green; S - 
white; L - vitreous; D — transparent to translucent; 
DE - 2.6; H . 3.5-4.5; CL - good; F - uneven; M — 
isometric crystals, botryoidal aggregates, nodules, 
coatings. massive. 

Origin and occurrence. : Hydrothermal in cracks in 
sedimentary rocks, rich in Al and P, also in phos- 
phates deposits. It is associated with apatite, 
wavellite and other phosphates. Renowned greenish 
nodules up to 30 cm (12 in) in diameter come from 
Clay Canyon. Fairfield, Utah, USA; also known 
from Ronneburg. Germany and Jivina near Bcroun, 
Czech Republic. 


Strengite 
Fe3*(PO,4) .2H20 


ORTHORHOMBIC eee 


Properties: C - colorless, pinkish, red-purple: S 

white; L — vitreous; D — transparent to translucent; 
DE - 2.8; H — 3.5-4.5; CL — good; F - conchoidal: 
M - isometric, tabular to short prismatic crystals, 
botryoidal aggregates with radial structure, coatings. 
Origin and occurrence: Secondary in granitic 


Strengite, 34 mm, Svappavaara, Sweden 





Scorodite, 10 mm x, Zacatecas, Mexico pegmatites where it forms as a result of hydro- 
thermal replacement of primary phosphates: in the 
oxidation zone of Fe deposit together with 
goethite. Purple crystals up to 5 mm (/« in) across, 
come from the Bull Moose mine, Custer. South 
Dakota, USA: also known [rom Pleystein, Ger- 


many and from Teskov. Czech Republic. 


Scorodite 
Fe3*(AsO4).2 H20 





ORTHORHOMBIC eee 


Properties: B = light green, gray-green, olive-green, 
colorless, blue, yellow-brown: S — light green; L - 
vitreous to resinous: D -- transparent to translucent: 
DE - 3.3: 11 - 3.5-4; CL — imperfect: F - conchoidal: 
M dipyramidal to short prismatic crystals, 
botryoidal and earthy aggregates, coatings. granular, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits, associated with arsenopyrite, 
lollingite and other arsenides; in granitic pegmatites; 
hydrothermal in the hot springs. 

Perfect crystals up to 50 mm (2 in) across come from 
Tsumeb, Namibia; the Kiura mine, Oita, Japan; 
Mina Ojucla, Mapimi. Durango. Mexico: green 
crusts, several cm thick. were found in Djebel Debar, 
Algeria. 
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Phosphophyttite, 18 mm x, Potosi, Bolivia 





Phosphophyllite 
ZnzFe(PO,)> .4 H,0 


MONOCLINIC ee 


Properties: C - colorless, blue-green, blue: S 
white; L - vitreous: D - transparent to translucent: 
DE —- 3.1; H - 3-3.5; CL — good; F - uneven; M — 
long to short prismatic and thick tabular crystals, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits: in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals, up to 
140 mm (5% in) across come from sulfide cavities in 
the Unificada mine, Potosi, Bolivia. Also occurs at 
Hagendorf. Germany. 


Ludlamite 
Fe3(PO4)2 .4 H,0 


MONOCLINIC ee 


Properties: C -- light green. green: S — white; L 
vitreous; D - transparent to translucent: DE - 3.2; 11 
— 3.5; CL — perfect: F — uneven; M — thin to thick 
tabular crystals. granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits: in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals up to 
90 mm (3° in) across known from the San Antonio 
mine, Santa Eulalia, Chihuahua. Mexico: also from 
Morococala. Bolivia and the Blackbird district, 
Idaho. USA. 


Ludlamite, 36 mm, Morococala, Bolivia 





Anapaite 
CazFe(PO,4)2 4 H20 


TRICLINIC ee 


Properties: C — light to dark green, colorless; S 
white; L - vitreous; D - transparent to translucent; 
DE - 2.8; H - 3.5; CL — perfect: F - uneven: M — 
thin to thick tabular crystals, rosctte-likc aggregates, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits and in sedimentary rocks, rich in 
P. Tabular crystals several mm across and sphcrical 
aggregates, up to 30 mm (1?/. in) across, come from 
the cracks within oolitic ores near Anapa and Kerch, 
Crimea, Ukraine; also known from Bellaver de 
Cerdena, Spain. 


Vivianite 
Fe3(PO4)2 8 H20 
MONOCLINIC @®eee 

Properties: C = colorless when fresh, quickly 
oxidizes to blue, green, purple. black-bluc: S — white 
to bluish; L ~ vitreous; D — transparent, translucent to 
opaque; DE —- 2.7; H - 1.5-2; CL — perfect; F - 
uneven: M — long prismatic to acicular crystals, 
fibrous, earthy to pulverulent aggregates. coatings, 
granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits; in granitic pegmatites. where it 
forms by the replacement of primary phosphates and 
in sedimentary rocks in proximity of organic 


Anapaite, 18 mm aguregates, Anapa, Ukraine 


material: hydrothermal in the ore deposits. Crystals 
up to 1.5 m (5 ft) long found in clay sediments in 
Anloua, Cameroon; crystals up to 200 mm (7’/s in) 
across known from Morocacala. Bolivia. Smaller 
crystals come from Trepca. Serbia; Leadville, 
Colorado, Bingham Canyon, Utah, USA; also from 
Kerch and Anapa, Crimea. Ukraine. 


Erythrine 
Co3(AsO4)2 .8 H2O 
MONOCLINIC e@@@ 


Properties: C - dark purple, pink, colorless: $ — light 
pink to white: L — vitreous; D ~ transparent to trans- 


Erythrite, 








lucent; DE - 3.2; H ~ 1.5-2.5: CL — perfect; F - 
uneven: M — long prismatic. acicular to tabular 
crystals, earthy aggregates, coatings, granular, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Co. Ni and U deposits. Tabular crystals up to 
60 mm (2%. in) long come from Bou Azzer, 
Morocco. Other important localities are Schneebcrg, 
Germany; Talmessi. Iran; Cobalt, Ontario, Canada; 
Mount Cobalt, Queensland, Australia. 


Vivianite, 48 nim, Morococata, Bolivia 
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Desoldering with the Solder Sucker 


The solder sucker is another tool for removing solder. It’s best for removing 
excess solder, and you can use it to clean things up a bit before you use the 
wick. To use the solder sucker, press the plunger down until it locks. Use the 
soldering iron to melt the solder around the joint, and quickly bring the solder 
sucker's nozzle to the joint (Figure 3-4). Press the button on the sucker, and 
it will pull the solder right up into the tube. When you press the plunger again, 
any solder in the tube will be ejected. 





Figure 3-4. Using the solder sucker 
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Phosphophyllite, 18 mm x, Potost, Bolivia 


Phosphophyliite 
Zn7Fe(PO4)2 .4H20 


MONOCLINIC ee 


Properties: C — colorless, blue-green, blue: S 
white; L — vitreous: D — transparent to translucent; 
DE - 3.1; H - 3-3.5; CL ~ good: F — uneven; M — 
long to short prismatic and thick tabular crystals, 
granular. 

Origin and occurrence: Sccondary in the oxidation 
zone of ore deposits; in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals, up to 
140 mm (54% in) across come from sulfide cavities in 
the Unificada mine, Potosi, Bolivia. Also occurs at 
Hagendorf. Germany. 


Ludlanite 
Fe3(PO4)2 4 H20 


MONOCLINIC ee 


Properties: C — light green, green; S — white; L 
vitreous; D - transparent to translucent; DE — 3.2; H 
— 3.5; CL — perfect; F - uneven: M - thin to thick 
tabular crystals, granular, massive. 

Origin and occurrence; Secondary in the oxidation 
zone of ore deposits: in granitic pegmatites, where it 
replaces primary phosphates. Perfect crystals up to 
90 mm (3° in) across known from the San Antonio 
mine, Santa Eulalia, Chihuahua, Mexico; also from 
Morococala, Bolivia and the Blackbird district, 
Idaho. USA. 


Ludlamite, 36 mm, Morocucata, Bolivia 





Anapaite 
CazFe(PO4)2 .4 H20 


TRICLINIC ee 


Properties: C — light to dark green, colorless; S 
white; L — vitreous; D — transparent to translucent; 
DE - 2.8; H - 3.5; CL — perfect; F — uneven; M — 
thin to thick tabular crystals, rosctte-like aggregates, 
granular. 

Origin and occurrence: Secondary in the oxidation 
zonc of Fe deposits and in sedimentary rocks, rich in 
P. Tabular crystals several mm across and sphcrical 
aggregates, up to 30 mm (I/. in) across. come from 
the cracks within oolitic ores near Anapa and Kerch, 
Crimea, Ukraine; also known from Bellaver dc 
Cerdena, Spain. 


Vivianite 
Fe3(PO4)2 8 H20 
MONOCLINIC @eee 

Properties: C - colorless when fresh, quickly 
oxidizes to blue. green, purple. black-blue: S — white 
to bluish; L - vitreous; D — transparent, translucent to 
opaque: DE —- 2.7; H — 1.5-2: CL — perfect; F 
uneven: M — long prismatic to acicular crystals, 
fibrous, carthy to pulverulent aggregates, coatings, 
granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits; in granitic pegmatites, where it 
forms by the replacement of primary phosphates and 
in sedimentary rocks in proximity of organic 


Anapaite, 18 mm aggregates, Anapa, Ukraine 


ee =. 


material; hydrothermal in the ore deposits. Crystals 
up to 1.5 m (5 ft) long found in clay sediments in 
Anloua, Cameroon; crystals up to 200 mm (77s in) 
across known from Morococala, Bolivia. Smaller 
crystals come from Trepea. Serbia: Leadville, 
Colorado, Bingham Canyon, Utah, USA: also from 
Kerch and Anapa. Crimea, Ukraine. 


Erythrine 
Co3(AsO4)2 8 H20 


MONOCLINIC eee 


Properties: C — dark purple, pink, colorless: § -- light 
pink to white: L — vitreous; D -- transparent to trans- 








lucent; DE - 3.2: H - 1.5-2.5: CL —- perfect: F - 
uneven; M — long prismatic, acicular to tabular 
crystals, earthy aggregates, coatings, granular. 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone ofiCo, Ni and U deposits. Tabular crystals up to 
60 mm (2% in) long come from Bou Azzer, 
Morocco. Other important localities are Schneeberg, 
Germany: Talmessi, Iran; Cobalt, Ontario, Canada: 
Mount Cobalt. Queensland, Australia. 


Vivianite, 48 mm, Morococala, Bolivia 
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Annabergite, 55 mm, Laurion, Greece 














Annabergite 
Ni3(AsO4)2 .8 H20 


MONOCLINIC eee 
Varieties: cabrcrite (Mg contents) 


Properties: C - light to dark green, white; S — white: 
L - vitreous; D — transparent to translucent: DE - 
3.2: 11 - 1.5-2.5; CL -- perfect; F - uneven; M — long 
prismatic to acicular and tabular crystals, acicular 
and carthy aggregates, coatings, granular, massive. 
Origin and occurrence: Secondary in the oxidation 
zone of Ni deposits, associated with erythritc. Crys- 
tals up to 5 mm (‘/ in) across occur in Gukuroren. 
Turkey; Sierra Cabrera, Spain; Laurion, Greece. 
Nodules up to 20 mm (#/n in) come from the 
Snowbird mine. Montana, USA. 


Symplesite 
Fe3(AsO4)2 .8 H790 


TRICLINIC ee 


Properties: C ~ bluish, dark blue, light green, black- 
green: S — white; L — vitreous: D ~ transparent to 
translucent; DE — 3.0 H — 2.5; CL ~ perfect: F - 
uneven; M - acicular to tabular crystals, spherical 
aggregates with radial structure, carthy agerceates 
and coatings, granular, massive. 

Origin and occurrence: Secondary in the oxidation 
zonc of ore deposits and in granitic pegmatites with 


Picropharmacolite, 128 mm. France 


As minerals, mainly arsenopyrite and lollingite. It 
occurs in Schnceberg, Germany: Baia Sprie, Roma- 
nia and Trebsko, Czech Republic. 


Picropharmacolite 
CagMgH (AsO 4)4 12 H,O 


TRICLINIC ee 


Properties: C — colorless, white: S — white; L 
vitreous: D - transparent to translucent; DE - 2.6; II 
- 2,5; CL - perfect; F - uneven; M - acicular 
crystals, spherical aggregates with radial structure, 
coatings. 

Origin and occurrence: Sccondary in the oxidation 
zone of ore deposits with As minerals, mostly 
arscnopyrite and lollingite. It is also known from 
Ste-Marie-aux-Mines and Salsigne. France; 
Freiberg, Germany and Jachymov, Czech Republic. 


Brushite 
CaH(PO4) .2 H70 


MONOCLINIC ee 


Properties: C - colorless, white; S -— white; L - 
vitreous, pearly on cleavage planes: D — transparent 
to translucent; DE - 2.3; H — 2.5; CL — perfect; F — 
uneven: M - prismatic, acicular to tabular crystals, 
earthy aggregates and coatings. massive. 

Origin and occurrence: Secondary on bat and bird 


Brushite, @ mm xx, Domica, Slovakia 








Legrandite, 25 mm xx, Mapimi, Mexico 


excrements and bones, it impregnates bones, along 
the cracks of phosphorites. Tabular crystals up to 20 
mm (7/2 in} across come from Quercy, France also 
occurs near Oran. Algeria and Pig Hole, Virginia. 
USA. 


Legrandite 
Zn2(AsO4)(OH) . H2O 


MONOCLINIC ee 


Properties: C — colorless, yellow, purple; S — white; 
L - vitreous; D — transparent to translucent; DE - 4.0 
H — 4.5; CL — imperfect; F - uneven; M - long 
prismatic crystals and their inter-growths, radial 
aggregates. 

Origin and occurrence: Secondary in the oxidation 
zone of Zn deposits and in pegmatites. Prismatic 
crystals up to 250 mm (9° in) long found in Mina 
Ojucla, Mapimi. Durango. Mexico. It is also known 
from Galileia, Minas Gerais, Brazil and Tsumeb, 
Namibia. 
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Euchroite. 10 nim xx, L'ubietova. Slovakia 





Euchroite 
Cu7(AsO4)(OH) .3 HO 


ORTHORHOMBIC ee 


Properties: C — emerald-green; S -— white; L — 
vitreous; D - transparent to translucent; DE - 3.5; H 
— 3.5-4, CL - imperfect; F - conchoidal to uneven: 
M © short prismatic to thick tabular crystals, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, associated with olivenite and 
malachite. Thick tabular crystals up to 30 mm (D/s 
in) come from Uubictova, Slovakia. It also occurs in 
Zapacica, Bulgaria and Chessy, France. 


Vauxite, 20 mnt xx, Llallagua, Bolivia 





Strunzite, 10 nim xx, Hagendorf, Germany 





Vauxite 
FeAl,(PO4)7(OH)2 .6 HzO 


TRICLINIC ee 


Properties: C - light to dark blue; S - white; L — 
vitreous; D - transparent to translucent; DE - 2.4: H 
~— 3.5; CL — none; F -- uneven; M ~ tabular crystals. 
radial aggregates, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Sn deposits, associated with wavellite. 
Crystals occur in the Siglo XX Mine, Llallagua. 
Bolivia. 


Strunzite 
MnFe3*»(PO4)2(OH)2 .6 H2O 


MONOCLINIC eee 


Properties: C - light yellow, yellow-brown; S — 
yellowish; L - vitreous; D - transparent to 
translucent; DE — 2.5; H — not determined; CL — not 
determined; F - uneven; M — acicular crystals, 
acicular and fibrous aggregates. 

Origin and occurrence: Secondary in granitic pegma- 
tites, as a result of weathering of primary phosphates, 
mostly triphyllite; rarely hydrothermal in the cracks of 
Fe-rich sedimentary rocks. Acicular crystals up to 20 
mm (§/2 in) across known from Hagendorf, Germany: 
the Palermo No.1! and No. 2 mincs, North Groton and 
the Fletcher mine, Groton, New Hampshire, USA. 


Cacoxenite, | mm xx, Hellertown, Pennsylvania, U.S.A. 


Cacoxenite 
(Fe3*,Al)25(PO4)) 70¢(OH)| 2 -75 H2O 


HEXAGONAL eee 


Properties: C — light yellow, yellow-brown, orange; S 
yellow; L - silky: D ~ transparent to translucent; DE — 
2.3; H - 3-4: CL -- not determined; F - uneven; M — 
acicular and fibrous aggregates, often with radial 
structure. botryoidal crusts and coatings. 

Origin and occurrence: Hydrothermal on the cracks 
of sedimentary Fe ores. associated with wavellite; 
rare as secondary in granitic pcgmatites, as a product 
of weathering of primary phosphates. Crystals up to 
10 mm (’/s in) across come from the Horcajo mine, 
Ciudad Real. Spain; golden-yellow acicular aggre- 
gates occur in Hrbek near Svata Dobrotiva and 
Trenice, Czech Republic and in Amberg, Germany. 


Beraunite 
Fe?*Fe3*,(PO4)4(OH)s .4 H20 
MONOCLINIC ee 

Properties: C - red-brown, red, gray-green; S —- 
ycllow to green-brown; L — vitreous to dull; D - 
translucent: DE — 3.0; H — 3.5-4; CL - good: F — 
uneven; M — acicular aggregates. often with radial 
structure. botryoidal crusts and coatings. 

Origin and occurrence: Hydrothermal on the cracks 
of sedimentary Fe ores, typically together with 
wavellite; secondary in granitic pegmatites, as a 
product of weathering of primary phosphates. 
Acicular aggregates up to 10 mm (sin) across occur 
in Mount Indian. Alabama, USA: also known from 
Hrbek near Svata Dobrotiva, Czech Republic and 
Amberg. Germany. 








Beraunite, 3 mm aggrega 


tes, Nekeszeny, Hungary 
oa ’ ; 


-. af 









Diadochite 
Fe3+,(PO4)(SO4)(OH) .5 HO 


TRICLINIC eee 


Properties: C - yellow-brown, brown, red-brown, ycl- 
low-green, gray-green; S - ycllow to light brown; L - 
dull, waxy: D - translucent to opaque: DE - 2.0-2.4; 
H —3: CL - not determined: F - uneven. conchoidal, 
earthy: M — nodules. coatings and crusts, massive. 
Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits. Diadochite caves in abandoned 
mines are known from Saalfeld, Germany; nodules 
found in New Idria, California and Eureka, Nevada, 
USA. 


Diadochite, 40 mm, Recsk, Hungary 
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Wavellite, 40 mm, Trenice, Czech Republic 





Eosphorite, 4 mm-xx, Lavra du liha, Brazil 





1°79 


Wavellite 
Al3(PO4)2(OH,F)3 5 H290 


ORTHORHOMBIC eee 


Properties: C — colorless, white, greenish, light bluc- 
green, green, yellowish; S — white; L — vitrcous to 
pearly: D — transparent to translucent: DE — 2.4; H 
3.5-4; CL — perfect: F —- uneven: M ~ isomctric 
crystals, hemispherical aggregates with radial 
structure, botryoidal aggregates, nodules. coatings, 
massive. 

Origin and occurrence: Hydrothermal in the cracks 
of Al and P-rich sediments, also in phosphate 
deposits, ore veins and pcgmatites. Beautiful hemi- 
spherical aggregates up to 40 mm (1°%:5 in) in dia- 
meter occur in Pencil. Garland and Magnet Cove. 
Arkansas. USA; also known from Trenice and 
Milina, Czech Republic and Ronneburg, Germany. 


Eosphorite 
MnAl(PO4)(OH) - H20 


ORTHORHOMBIC ee 


Properties: C — pinkish, colorless, white, brownish, 
red-brown: S - white; L — vitreous to pearly, D — 
transparent to translucent; DE - 3.1; H - 5; CL 
imperfect; F — uneven to conchoidal; M — long to 
short prismatic crystals, radial aggregates, granular. 
Origin and occurrence: Secondary in granitic 
Ppegmatites, as a product of hydrothermal replace- 
ment of primary phosphates. Crystals up to 100 mm 
(4in) long found in the Joao Modesto dos Santos 
mine, Minas Gerais. Brazil. It occurs in Rapid Creck, 
Yukon, Canada, too. 


Turquoise 
CuAlg(PO4)4(OH)g .4 H20 


TRICLINIC eee 


Properties: C ~ bluc, blue-green, green; S - white; L 
— waxy; D ~ transparent, translucent to opaque; DE 
2.9: H — 5-6; CL - good: F - conchoidal to uneven: M 
short prismatic crystals, botryoidal aggregates. 
coatings, massive. 
Origin and occurrence: Secondary in the surface 
parts of rocks with clevated contents of P and Cu, 
c.g. in the oxidation zone of some Cu deposits. Small 
crystals occurred near Lynch Station, Virginia, USA. 
Massive blue and bluc-grecn concretions come from 
Mount Ali Mirsai near Maden, Iran. Other localities 
are Cortez, Nevada, Los Cerillos and Eureka, New 
Mexico and Bisbee, Arizona, USA. 
Application: popular gemstone. 


Turquoise, 3 mm ageregates, Humboldt Co., USA. 






Chatcosiderite 
CuFe3*,(PO4)4(OH)g .4 H2O 


TRICLINIC ee 
Properties: C — dark green: S - white; L — vitreous: 
D - transparent to translucent; DE — 3.3; ff 4.5: CL 


good: F - conchoidal to uneven; M —- short 
prismatic crystals. coatings. 


Turquoise, 30 mm, Kazakhstan 


Origin and occurrence: Secondary in the oxidation 
zone of some Cu deposits, together with gocthite. 
dufrenite and pharmacosiderite. [It occurs in 
Bisbec, Arizona, USA; in the Wheal Phoenix mine, 
Cornwall, UK: Schneckenstein, Germany; Horni 
Slavkov. Czech Republic. 


Chalcosiderite, 90 nun, Cornwall, UK 
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Chenevixite, 100 mm, Chuquicamata, Chile 





Chenevixite 
CupFe3*,(AsO4)9(OH)4 .H2O 


MONOCLINIC e 


Properties: C — dark green, olive-green to ycllow- 
green: S - yellow-green; L - greasy: D ~ translucent; 
DE —- 3.9; H - 3.5-4.5; CL — not determined; F — 
conchoidal to uneven; M - earthy aggregates, 
coatings, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, associated with malachite. 
tyrolite. azurite and other mincrals. Massive aggre- 
gates occur in the Mammoth mine, Tintic, Utah, 
USA; also in Klein Spitzkopje, Namibia. 


Tyrolite 


ORTHORHOMBIC eee 


Properties: C - apple-green, green-bluc to blue; S - 
light green to blue-green: L — vitreous to pearly, D 
transparent to translucent; DE - 3.3; H - 2; CL 
perfect; F — uneven; M B scaly and tan-shaped 
aggregates, coatings and crusts. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, frequently associated with 
chalcophyllite. Rich aggregates occur in the Majuba 
Hill mine, Nevada, also in Tintic, Utah, USA. It is 
also known from Brixlegg, Austria: Saalfeld and 
Schnecberg, Germany; Novoveska Huta, Slovakia. 






Tyrolite, 90 mm, Novoveska Huta, Slovakia 


Delvauxite 

CaFe3* 4(PO4,S04)(OH)g . 4-6 H2O 
AMORPHOUS eee 

Properties: C - yellow-brown, brown, red-brown. 
black-brown; S - yellow; L - greasy, waxy; D - 
translucent to opaque; DE ~ 1,8-2.0; H - 2.5; CL — not 
determined; F -— conchoidal, earthy: M - nodules, 
stalactites, coatings and crusts, massive. 

Origin and occurrence: Secondary in oxidation zone of 
Fe deposits. Nodules of 50 cm (20 in) across in Czech 
Republic. Also known in Berneau and Richelle. 
Belgium; Zeleznik, Slovakia: Kerch, Crimea, Ukraine. 


Delvauxite, 80 mm, Nucice, Czech Republic 


Bukovskyite, 40 mm, Kank, Czech Republic 






Bukovskyite 
Fe3*(AsO4)(SO4)(OH) .7 Hy 


TRICLINIC e 


Properties: C ~ ycllow-green, gray-green; S - yellow- 
ish white; L - dull to carthy; D - translucent to opaque; 
DE - 2.3: H — not determined; CL — not determined; F 
- earthy; M B botryoidal aggregates and nodules. 
Origin and occurrence: Secondary on the old mine 
dumps where it forms as a product of arsenopyrite 
weathering. Nodules up to 60 cm (24 in), occur on me- 
dieval dumps in Kank near Kutna Hora. Czech 
Republic. 


Chatcophyitite, 36 mm, Chile 


Veszelyite 
(Cu,Zn)3(PO4)(OH)3 2 H70 


MONOCLINIC ee 


Properties: C - green, blue-green. dark blue; S - 
green; L — vitreous; D — translucent; DE - 3.4; H - 
3.5-4; CL - good; F - uneven; M — short prismatic to 
tabular crystals, granular. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu-Zn deposits. Crystals up to 50 mm (2 in) 
across found in the Black Pine mine. Philipsburg, 
Montana, USA; also from Moravita, Romania: 
Arakawa, Japan; Wanlockhead, Scotland, UK. 


Chalcophylite 
CujgAl(AsO4)3(SO4)3(OH)27 - 36 HO 
TRIGONAL eee 

Properties: C — emerald-green, blue-green; S — light 
green; L — vitreous. pearly; D — transparent to 
translucent; DE - 2.6; H - 2; CL — perfect; F — 
uneven: M - tabular crystals, scaly, fan-shaped 
aggregates, coatings, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits, usually associated with tyrolite. 
Rich aggregates occur in the Majuba Hill, Nevada 
and in the Tintic district, Utah, USA. Nice specimens 
also come from Novoveska Huta and Piesky, 
Slovakia; Nizhniy Tagil. Ural mountains. Russia; 
Cap Garrone, France. 


Feszelyite, 13 mm, Philipsburg, US.A. 





4/What’s Next? 


Now that you've learned the ins and outs of soldering, it’s time to do more. 
You can share this book with a friend so they can learn, or you can teach 
them yourself. And the world is full of wonderful things you can make now 
that you know how to solder. 


Teach the World to Solder 


Before you can teach someone to solder, you need to figure out what you 
want them to try making. You can purchase more Learn to Solder Skill Badge 
Kits from http://makershed.com. Here are a few tips for teaching soldering 
to others: 


Keep Your Hands Off the Tools 
You're there to teach, not to solder. And your students will learn best if 
they always have their hands on the tools. If you grab the tools from 
them and do part of the work, they won't learn from it. 


Be Patient 
Try to remember what you went through the first time you tried to sol- 
der. It takes time, and you did things incorrectly, and maybe you even 
made mistakes that required desoldering. Let your students learn from 
their mistakes, and let them take their time. 


No Food or Beverages 
Even with lead-free solder, there are chemicals in the flux that aren't 
good for you. If you allow food or drink near the work area, it could get 
contaminated. Keep food and drink away from where you're working. 
Make Sure There's Plenty of Light 
The components you work with while you solder are small, and hard to 
see. Make sure to use a well-lit workspace for teaching. 
Keep Spare Parts Around 
Beginners will break things. Pick up some Spare resistors, LEDs, and 
other common components, and have them on hand in case you need 
to replace a damaged component. 
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Liroconite. 86 mm, Cornwall. UK 





Lirokonit 
CuzAlKAsO4)(OH),4 .4 H20 


MONOCLINIC ee 


Properties: C - blue, green: S — light blue; L 
vitreous to resinous; D - transparent to translucent; 
DE 30: H - 2-2? 5: CL — imperfeet; F -- conchoidal 
to uneven: M — lenticular, dipyramidal crystals, 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits. together with olivenite, 
malachite and azurite. Perfect crystals up to 30 mm 
(1’/. in) across come trom Redruth and St. Day, 
Cornwall. UK. It is also known from Cerro Gordo, 
California, USA. 


Evansite, 5 mm aggregates, Sirk - Zeleznik, Slovakia 
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Evansite 
Al3(PO4)(OH), .6 H2O 


AMORPHOUS 3 


Properties: C — colorless, white, greenish, light blue- 
grecn, ycllowish; S — white; L — vitreous, resinous, 
waxy; D — transparent to translucent; DE - 1.8-2.2; 
H ~ 3-4; CL - none; F - conchoidal; M — botryoidal, 
stalactitic and hemispherical aggregates and 
coatings. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits, rich in P. associated with 
alophane and gocthite. Rich stalactitic aggregates 
come from Zeleznik, Slovakia and from Epernay, 
France. 


Whiteite-(CaFeMg) 
CaFeMg,Alz(PO4)4(OH)2 8 H20 


MONOCLINIC ee 


Properties: C — brown: S — white; L — vitreous; D — 
transparent to translucent; DE - 2.6; I] — 4; CL - 
good: F - uneven: M ~ short prismatic crystals. 
Origin and occurrence: Hydrothermal in the cracks 
of P-rich sediments. Perfect crystals up to 20 mm 
(/2 in) across come from Big Fish River, Yukon. 
Canada. Crystals up to S mm (‘te in), are known 
from Lavra da Ilha de Taquaral, Minas Gerais, 
Brazil. 


Whiteite-(CakeMyg). 65 mm. Yukon Territory, Canada 





Jahnsite-(CaMaMg), 60 ma, Custer, U.S.A. 





Jahnsite- (CaMnMg) 
CaMnMg7Fe**2(PO4)4(OH)4 .8 HO 


MONOCLINIC ee 


Properties: C ~ yellow, light to dark brown: S -- light 
yellow; L — vitreous: D — transparent to translucent: 
DE — 2.6; H - not determined; CL — good: F - 
uneven; M - short to long prismatic crystals, 
granular. 

Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a result of replace- 
ment of primary phosphates. Perfect crystals up to 
10 mm (ys tn) across occur in the Tip Top mine. 
Custer, South Dakota, USA. It is also known from 
Hagendorf, Germany. 


Wardite 
NaAl3(PO4)2(OH)4 2 H,0 


TETRAGONAL eee 


Properties: C - colorless, white, greenish, light bluc- 
green; S -white; L -- vitreous; D - transparent to 
translucent: DE -- 2.8: H — 5; CL — perfect; F 
uneven; M - dipyramidal crystals. radial and 
hemispherical agercgates, coatings, crusts, granular. 
Origin and occurrence: Secondary in granitic 
pegmatites. where it forms as a product of primary 
phosphate replacement; hydrothermal in the cracks 
in P-rich sediments. Perfect crystals up to 30 mm 
(14+ in) acrass come from Rapid Creck, Yukon, 
Canada. {t is also known from Picdras Lavradas, 
Paraiba, Brazil. 


Wardite, 48 mm, Yukon Territory, Canada 





Cyrilovite 
NaFe?*3(PO4)7(OH)4 .2 H20 


TETRAGONAL ee 


Properties: C — yellow, orange, brown-yellow; S - 
yellow; L — vitreous: D — transparent to translucent; 
DE - 3.1: H - 4; CL ~ good; F - conchoidal: M 
tabular and dipyramidal crystals. coatings and crusts. 
Origin and oecurrence: Secondary in granitic 
pegmatites, where it forms as a result of replacement 
of primary phosphates. Small crystals occur in 
Cyrilov, Czech Republic: Ilagendorf. Germany and 
Sapucaia, Minas Gerais, Brazil. 


Cyrifavite, 60 mm, fron Monarch, Australia 
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Liraconite, 86 mm. Cornwall, UK 





Lirokonit 
CuzAl(AsO4)(OH)4 4 H290 


MONOCLINIC ee 


Properties: C - blue, green; S —- light blue; L - 
vitreous to resinous: D — transparent to translucent: 
DE - 3.0, H - 2-2.5, CL — imperfect; F — conchoidal 
to uneven; M —- lenticular. dipyramidal crystals. 
massive. 

Origin and occurrence: Secondary in the oxidation 
zone of Cu deposits. together with olivenite, 
malachite and azurite. Perfect crystals up to 30 mm 
(l/s in) across come from Redruth and St. Day, 
Cornwall. UK. It is also known from Cerro Gordo, 
California, USA. 


Evansite, § mm aggregates, Sirk — Zeleznik, Slovakia 





1kA 


Evansite 
Al;(PO4)(OH)¢ .6 H20 


AMORPHOUS 3 


Properties: C - colorless, white, greenish, light blue- 
grcen, yellowish; S - white; L — vitreous, resinous, 
waxy; D — transparent to translucent; DE — 1.8-2.2; 
H — 3-4; CL — none; F - conchoidal; M — botryoidal, 
stalactitic and hemispherical aggregates and 
coatings. 

Origin and occurrence: Secondary in the oxidation 
zone of Fe deposits, rich in P associated with 
alophane and goethitc. Rich stalactitic aggregates 
come from Zeleznik, Slovakia and from Epernay, 
France. 


Whiteite-(CaFeMg) 
CaFeMg7Alz(PO4)4(OH)2 .8 H20 


MONOCLINIC ee 


Properties; C — brown; S — white; L — vitreous; D 
transparent to translucent; DE - 2.6; H ~ 4; CL - 
good; F — uneven; M — short prismatic crystals. 
Origin and occurrence: Hydrothermal in the cracks 
of P-rich sediments. Perfect crystals up to 20 mm 
("42 in) across come from Big Fish River, Yukon. 
Canada. Crystals up to 5 mm (‘7m in), are known 
from Lavra da Ilha de Taquaral, Minas Gcrais, 
Brazil. 


Whiteite-(CaFeMeg), 65 mm, Yukon Territory, Canada 





Jahnsite-(CaMinMg), 60 mm, Custer, USA. 





Jahnsite-(CaMuMg) 
CaMnMg2Fe3*5(PO4)4(OH)4 . 8 HzO 
MONOCLINIC ee 

Properties: C ~ yellow, light to dark brown: S - light 
yellow; L -. vitreous; D — transparent to translucent; 
DE — 2.6; Il = not determined: CL — good: F - 
uneven: M — short to long prismatic crystals, 
granular. 

Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a result of replace- 
ment of primary phosphates. Perfect crystals up to 
10 mm (‘4 in) across occur in the Tip Top mine, 
Custer, South Dakota. USA. It is also known from 
Hagendorf. Germany. 


Wardite 
NaAl3(PO4)2(OH)4 2 H20 


TETRAGONAL eee 


Properties: C ~ colorless, white, greenish. light blue- 
green: S -white; L -- vitreous: D — transparent to 
translucent: DE — 2.8: H ~ 5; CL = perfect: F - 
uneven; M — dipyramidal crystals, radial and 
hemispherical aggregates, coatings, crusts, granular. 
Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a product of primary 
phosphate replacement; hydrothermal in the cracks 
in P-rich sediments. Perfect crystals up to 30 mm 
(Pée in) across come from Rapid Creek. Yukon, 
Canada. It is also known {rom Piedras Lavradas, 
Paraiba, Brazil. 





Wardite, 4&8 mm, Yukon Territory, Canada 


Cyrilovite 
NaFe3*,(PO4)9(OH)4 .2 H2O 


TETRAGONAL ee 


Properties: C ~ ycllow, orange, brown-yellow: S - 
yellow: L — vitreous; D - transparent to translucent: 
DE - 3.1; H - 4; CL - good: F - conchoidal; M 
tabular and dipyramidal crystals, coatings and crusts. 
Origin and occurrence: Secondary in granitic 
pegmatites, where it forms as a result of replacement 
of primary phosphates. Small crystals occur in 
Cyrilov, Czech Republic: llagendorf, Germany and 
Sapucaia, Minas Gerais, Brazil. 


Coritovite. 60 mm, Iron Monarch, Australia 
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Pharmacosiderite, 35 mm, Cornwall, UK 








Phd 





Pharmacosiderite 
KFe3* 4(AsO4)3(OH)4 6 H2O 


CUBIC eee 


Properties: C - green, yellow-brown. brown; S - 
white; L ~ adamantine to greasy; D — transparent to 
translucent; DE — 2.8; H - 2.5; CL — imperfect: F - 
uneven: M ~ cubic crystals, coatings, crusts, 
granular, massive. 

Origin and occurrence: Secondary in granitic 
pegmatites and in the oxidation zone of ore deposits. 
where it forms as a product of arscnopyrite and 
lollingite replacement. Cubic crystals up to 10 mm 
(‘4 in) across occur in St. Day, Liskeard and Redruth. 
Cornwall, UK. It also comes from the Majuba Hill 
mince, Nevada, USA; Horhausen, Germany and Cap 
Garrone, France. 


Arseniosiderite 
CaFe?*3(AsO4)302 .3 H2O 


MONOCLINIC ee 


Properties: C - yellow, light to dark brown; S - 
ycllow: L — submetallic to silky; D - opaque: DE - 
3.6; H~ 1.5; CL - good: F — uneven; M — fibrous and 
earthy aggregates. coatings, crusts, massive. 

Origin and occurrence: Secondary in the oxidation 
zone of ore deposits and in granitic pegmatites, 
where it forms as a product of arsenopyrite and 
lollingite replacement. Rich aggregates occur in 
Romanche. France; also from the Eurcka mine, 
Tintic, Utah. USA and Wittichen. Germany. 


Lavendulane 
NaCaCuc(AsO4)4Cl .5 H2O 


ORTHORHOMBIC ee 


Properties: C — light blue-purple. blue; S - white; L 
— vitreous to waxy: D — translucent: DE - 3.5: 1] - 
2.5; CL - good; F - uneven; M - acicular crystals, 
acicular and earthy aggregates, coatings. 

Origin and occurrence: Secondary in the oxidation 
zone of Co, Cu and Ni deposits, as a result of 
arsenide weathering, associated with erythritc. Rich 
acicular aggregates come from Talmessi and Anarak, 
Iran. Small crystals found in the Blanca mine, San 
Juan, Chile and in Annaberg, Germany. Crystals up 
to 4 mm (‘/z in) across occur in the Gold Hill mine, 
Utah, USA, 


Kovdorskite. 15 mm x, Kovdor. Kola, Russia 





Mixite 
BiCug(AsO4)3(OH),g .3 H20 


HEXAGONAL ee 


Properties: C - emerald-green, blue-green. light 
blue. light green, whitish; S — light green, light blue; 
L - adamantinc to dull; D - translucent: DE — 3.8; H 
3-4; CL — not determined: F — uneven; M — acicular 
crystals, acicular and carthy aggregates, coatings, 
massive. 
Origin and occurrence: Secondary in the oxidation 
zone of Bi and Cu deposits, together with bismuthinite. 
It occurred in Jachymov. Czech Republic; in Tintic. 
Utah. USA; Schnceberg and Wittichen, Germany. 


Torbernite, 120 mm, Katanga, Zair 


Kovdorskite 
Mgs(PO,4)2(CO3)(OH)2 - 4,5 H20 


MONOCLINIC e 


Properties: C — light pink-brown, white, blue; S — 
white; L — vitreous; D — transparent to translucent; 
DE - 2.6; H — 4; CL - none; F - conchoidal to 
uneven; M -~ tabular crystals, massive. 

Origin und occurrence: Hydrothermal, associated 
with magnesite. magnetite and other minerals. Blue 
and pink-brown crystals up to 25 mm (1 in) across 
come from the Zhcleznyi mine, Kovdor, Kola 
Peninsula, Russia. 


Torbernite 
Cu(UO2)7(PO4)2 . 8-12 H2O 
TETRAGONAL eee 

Properties: C - emcrald-green to grass-green: S — light 
green; L — vitreous to dull, pearly on the cleavage planes; 
D - transparent to translucent; DE — 3.3; H— 2-2.5: CL - 
perfect; F — uneven; M — tabular to pyramidal crystals. 
earthy aggregates, coatings, granular, massive; R - 
strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zonc of U deposits. also in pegmatites and sedimentary 
rocks, resulting from the hydrothermal alteration of 
uraninite and other U mincrals. Emcrald-green tabular 
crystals, several cm across, come from Sabugal. 
Portugal; Jachymov, Czech Republic; Shinkolobwe, 
Zaire; Bois-Noirs, France: Moctezuma, Mexico and 
many localities in the Colorado Plateau, Utah. USA. 
Beautiful druses of.crystals up to 20 mm (#/: in) across, 
found in the Margabal mine. Aveyron, France. 
Application: U ore. 
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Autunite. 15 nit xx, Troncasa, Portugal 





Autunite 
Ca(UO)2(PO4)2 . 10-12 HO 


TETRAGONAL eee 


Properties: C — light to dark yellow. yellow-green to 
green; S ~ light yellow: L - vitreous to dull: D 
transparent to translucent; DE -- 3.1; H— 2-2.5; CL 
perfect: F — uneven; M - tabular crystals, foliated. 
scaly, earthy and pulverulent aggregates, coatings, 
massive: LU ~ ycllow-grecn; R — strongly radio- 
active. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits, in pegmatites and in some U- 
rich sedimentary rocks, as a result of hydrothermal 
alteration of uraninite and other U minerals. It is 
frequently associated with torbernite and other U 


Uranacircite, 78 mm, Minas Gerais, Brazil 








Novacekite, 70 om, Brumado, Brazil 





secondary minerals. Tabular crystals up to 30 mm 
(1% in) across come from Schneeberg and Johann- 
georgenstadt, Germany and Autun, France, It is also 
known from Rum Jungle, Northern Territory, Austra- 
lia: St. Austel, Cornwall, UK: Mount Spokane, 
Washington, USA and Jachymov, Czech Republic. 
Application: U ore. 


Uranocircite 
Ba(UO2)2(PO4)2 . 10 H30 


TETRAGONAL ee 


Properties: C — light to dark yellow, light yellow- 
green; S — light yellow; L — vitreous to dull, pearly 
on the cleavage planes; D -- transparent to translu- 


Zeunerite, 5 mm xx, Cinovec, Czech Republic 


cent; DE - 3.5; H - 2-2.5; CL — perfect: F - uneven; 
M - tabular crystals, foliated and earthy aggregates, 
pulverulent coatings, massive; LU — green; R 
strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits. Yellow tabular crystals up to 10 
mm (*/s in) across occurred in Dametice, Czech 
Republic: Bergen and Wolsendorf, Germany and in 
the Sao Pedro mine, Suagui, Minas Gerais, Brazil. 


Novacekite 
Mg(U02)2(AsO4)2 10 H2,0 


TETRAGONAL ee 


Properties: C — straw-ycllow, light yellow: S - light 
yellow; L - vitreous to dull; D - transparent to 
translucent: DE - 3.7; H - 2.5; CL — perfect; F - 
uneven: M — tabular crystals, lamellar. earthy and 
pulverulent aggregates, massive; LU - dark green; R 
strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits. Tabular crystals up to 50 mm (2 
in) across come from the Pedra Preta Mine, 
Brumado, Bahia, Brazil. Lamellar aggregates are 
known from Zalcsi, Czech Republic; Aldama, 
Chihuahua, Mexico: Wittichen, Germany. 


Zeunerite 
Cu(UO)9(AsO4)9 - 10-16 H2O 


TETRAGONAL ee 


Properties: C — emerald-green, yellow-green: S 
light green: L — vitreous to dull; D — transparent to 
translucent; DE - 3.4; H - 2.5: CL - perfect; F - 
uneven; M -- tabular crystals, foliated aggregates, 
massive; R - strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits. Tabular crystals up to 30 mm 
(Pe in) across, come from the Pedra Preta Mine. 
Brumado, BahRa, Brazil. It is also known from 
Zalesi, Czech Republic and Schnecberg. Germany. 


Carnotite 

K2(UO7)2(VO4)2 - 3 H2O 

MONOCLINIC eee 

Properties: C - light to dark yellow, yellow-green; S$ 
light yellow; L — dull; D ~ transparent to trans- 

lucent, opaque: DE — 4.9; H — not determined; CL - 

perfect: F - uneven; M — earthy aggregates, massive; 

R ~ strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 

zone of sedimentary U deposits. typically associated 


Carnotite, 55 mm, Utah, USA. 





with tyuyamunite. Platy crystals, up to 2 mm ('/s in) 
across found in the Mashamba West mine, Zaire. 
Earthy and pulverulent aggregates occur in many 
localities in the Colorado Plateau, c.g. Paradox 
Valley, Colorado and La Sal, Utah, USA. Also 
known from Tyuya Muyun, Uzbekistan and Radium 
Hill, Southern Australia. Australia. 

Application: U and ¥ ore.. 


Tyuyamunite 
Ca(UO2)2(VO4)2 . 5-8 H2O 


ORTHORHOMBIC eee 


Properties: C - yellow-green, canary yellow, S 
light yellow: L - silky to adamantine; D ~ translucent 
to opaque: DE — 3.6; I] - 2: CL — perfect; F - 
uneven: M — carthy agercgatcs, massive; LU - weak 
yellow-green: R — strongly radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of sedimentary U deposits, together with carno- 
tite. Common earthy and pulvcrulent aggregates oc- 
cur in many localities in the Colorado Plateau, e.g. 
Paradox Valley, Colorado and Red Creck, Utah, USA. 
It was described from Tyuya Muyun, Uzbekistan. 
Application: U and V ore. 


Tyuyamunite, 80 mm, Fergana, Uzbekistan 








9. Silicates 


Phenakite 
Be,SiO, 


TRIGONAL eee 


Properties: C - colorless, white, yellowish; S - 
white: L — strong vitreous; D — transparent to trans- 
lucent. DE - 3.0: H - 8: CL - imperfect: F — 
conchoidal; M — long prismatic to tabular crystals. 
radial aggregates, granular. 

Origin and occurrence: Magmatic in granitic pegma- 
tites: hydrothermal in greisens; metamorphic in mica 
schists. associated with beryl. chrysoberyl, apatite 
and quartz. Prismatic crystals up to 250 mm (9"/1 in) 
long occurred in Kragero. Norway. It is also known 
from Sao Miguel de Piracicaba, Minas Gerais, Brazil 
in crystals, up to 100 mm (4 in) long. The other 
localities are Habachtal, Austria, Malyshevo, Russia: 
Anjanabonoina, Madagascar. 

Application: sporadically cut as a gemstone. 


Willemite 
Zn7SiO4 


TRIGONAL eee 


Properties: C ~ white, yellowish, gray, grcen; S — white; 
L — vitreous: D — translucent: DE — 4.0: H — 5.5; CL — 
good; F B conchoidal to uneven: M — prismatic to 
tabular crystals, radial aggregates, granular: LU - 
distinct light green. 

Origin and occurrence: Metamorphic in marbles: 
secondary in the oxidation zone of ore deposits, 


Topaz, 60 mm, Thomas Range, U.S.A, 
Willemite, 76 mm, Tsumeb, Namibia 





Phenakite, 200 mmx. Kragero, Norway 





associated with zincite, franklinite, hemimorphite 
and smithsonite. Crystals up to 100 mm (4 in) across 
come from Franklin, New Jersey, USA. Mont St.- 
Hilairc, Quebec, Canada. 

Application: as Zn ore. 
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Make More Things 


Maker Shed (http://makershed.com) carries many electronic kits that you 
can apply your newly-learned soldering skills to. Here's just a few of them: 


Supercap Racer Kit 


One of the latest in our popular Mintronics line of DIY kits is this tiny race car 
designed by George Albercook. Once assembled, this little racer (Fig- 

ure 4-1) will run around getting its juice from a supercapacitor. Capacitors 
are like little batteries. Supercaps store and release power faster than ordi- 
nary ones, so they're great for making quick-charge gadgets and power-on- 
demand circuits. 





Figure 4-1. Supercap Racer Kit 


34 Learn to Solder 


Forsterite, 40 mm, Suppat, Pakistan 


Forsterite 
OLIVINE GROUP 
MgySiO4 
ORTHORHOMBIC eeee 

Properties: C — yellowish, greenish, colorless; S — 
white: L — vitreous; D — transparent to opaque; DE — 
3.3; H - 6.5-7; CL — good; F — conchoidal to uneven; 
M - tabular to prismatic crystals, granular. 

Origin and occurrence: Mctamorphic in regionally 
and contact metamorphosed dolomites. Typical rock- 
forming mincral, associated with enstatite, spinel, 
phlogopite and chlorite. Green gemmy crystals up to 
80 mm (3's in) long come from Suppat, Pakistan. It 
also occurred in Crestmore, California, USA. Mount 
Timobly, British Columbia, Canada and Monte 
Somma, Italy. 





Olivine 
OLIVINE GROUP 
(Mg,Fe)2SiO4 


ORTHORHOMBIC @eeee 


Varieties: chrysolite 


Properties: C - grecn, yellow-green (chrysolite), 
brown-green to black-green; S — white; L - vitreous; 
D — translucent to opaque; DE — 3.3-3.6; H ~ 6.5-7; 
CL - good: F B conchoidal to uneven; M ~ imperfect 
crystals, granular. 

Origin and occurrence: Magmatic in some ultra- 
basic rocks, e.g. dunites, lherzolites, peridotites, 
gabbros and in meteorites. Typical rock-forming 
mineral, usually associated with diopside, magnetite 
and pyrope. Classic locality of chrysolite is Zcbirget 
Island in the Red Sca, Egypt. where tabular crystals 


Olivine, 60 min, Smrci, Czech Republic 





up to 100 mm (4 in) across occurred. It is also known 
from the San Carlos Indian Reservation, Arizona, 
USA. Olivine was found in many basaltic rocks in 
laacher See. Germany: Rockport. Massachusetts, 
USA and elsewhere. 

Application: chrysolite is cut as a gemstone. 


Fayalite 
OLIVINE GROUP 
Fe SiO, 


ORTHORHOMBIC @e8 


Properties: C ~ black-green to black: S - gray; L - 
dull to vitreous: D - opaque; DE - 4.2: H -6.5-7; CL 
— good: F B conchoidal to uneven; M - imperfect 
prismatic crystals. granular. 

Origin and occurrence: Magmatic in granitic peg- 
matites, granites and syenites, associated with ortho- 
clase, gadolinite-(Y) and epidote; rare metamorphic. 
Poorly developed crystals up to 150 mm (6 in) long 
found in pegmatites near Baveno, the Alps, Italy. 


Fayatite, 80 nm, Rackport, US.A. 








It is also known from Strzegom, Poland and the 
Sawtooth Batholith, Idaho, USA. 


Tephroite 
OLIVINE GROUP 
Mn2SiO4 


ORTHORHOMBIC ee 


Properties: C — gray, olive-green. red-brown; S$ — 
white: L - dull to vitreous; D - translucent to trans- 
parent; DE — 4.2; H - 6; CL - good: F B conchoidal 
to uneven; M — prismatic crystals, granular. 

Origin and occurrence: Metamorphic in skarns 
and Mn-rich metamorphosed sediments, together 
with rhodonite, franklinite and spessartine. Granu- 
lar aggregates and perfect crystals up to 50 mm (2 
in) across known from Franklin, New Jersey, USA: 
Langban, Sweden. It comes also from Tarnobrzeg, 
Poland, in crystals, up to 80 mm (3's in) across. 


Tephroite, 60 mm, Harstigen, Sweden 
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Pyrope, 3 mm grains, Trebivlice, Czech Republic 
, — 





Pyrope 
GARNET GROUP 
Mg3Al2Si30 12 


CUBIC eeee 


Properties: C — red to purple-red, light purple, black- 
brown; S - white; L - vitreous; D - transparent to 


Almandine, 38 mm x, Otztal, Austria 











translucent; DE - 3.5; H — 7-7.5; CL - none; F B 
conchoidal to uneven; M -— isometric crystals, 
granular. 

Origin und occurrence: Magmatic in some ulltra- 
basic rocks, e.g. lherzolites, peridotites, kimberlites, 
eclogites and serpentinites; metamorphic in quartz- 
ites; also known from placers. It is associated with 
diopside, magnetite and diamond. It comes from 
many localities in ultrabasic rocks, like Trebenice 
and Mirunice, Czech Republic; Zoblitz, Germany: 
Madras, India; Kimberley, South Africa. Crystals up 
to 250 mm (9/6 in) across were found in Dora 
Maria, the Alps, Italy. 

Application: cut as a gemstone. 


Almandine 
GARNET GROUP 
Fe3Al2Si30; 2 
CUBIC eeooe 

Properties: C — red to purple-red, black-brown: S — 
white; L — vitreous; D — transparent to translucent: 
DE —- 4.3; H} - 7; CL - none; F B conchoidal to 
uneven: M B well-formed crystals, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed rocks, as chlorite schists, gneisses, 


Spessartine, 96 mm, Gilgit, Pakistan 





Grossular, 17 mm x, Ashestos, Canada 


mica schists and migmatites; magmatic in some 
granites and pegmatites; also in placers. Well- 
developed crystals up to 150 mm (6 in) across are 
known from Ishikawa pegmatites, Japan and 
Shingus, Pakistan. It comes from many mica schists 
and gneisses as crystals, up to about 50 mm (2 in), 
like Fort Wrangel, Alaska. USA; Otztal, Austria; 
Bodo, Norway. It occurs in placers near Ratnapura, 
Sri Lanka. 

Application: cut as a gemstone, abrasive material. 


Spessartine 
GARNET GROUP 
Mn3Al2Siz0 12 
cuBIC @eeee 

Properties: C - red, orange, light brown to 
yellowish; S — white; L - vitreous; D — transparent to 
translucent; DE - 4.3; H - 7-7.5; CL — none; F B 
conchoidal to uneven: M — perfect crystals, granular. 
Origin and occurrence: Magmatic in granitic 
pegmatites and some granites: hydrothermal in 
cavitics in rhyolitcs; metamorphic in some skarns and 
Mn-rich metamorphic rocks. Perfect crystals up to 30 
mm (I’/s in) across were found in granitic pegmatites 
in the Hercules mine, Ramona, California, USA; near 
Marienfluss river, Namibia and in rhyolite cavities in 
Nathrop, Colorado, USA. 

Gemmy crystal fragments up to $0 mm (2 in) across 
were recently found in an undisclosed locality in 
Minas Gerais, Brazil. 

Application: cut as a gemstone. 





Grossular 
GARNET GROUP 
Ca3Al,Siz0 12 


cuBic @eeee 


Varieties: hessonite, tsavorite 


Properties: C - red, green (tsavorite), orange. red- 
brown (hessonite) to colorless; S — white; L - 
vitreous; D - transparent to tranlucent; DE — 3.4; H 
- 6.5-7; CL — none: F B conchoidal to uneven; M - 
perfect crystals, granular. 

Origin and occurrence: Metamorphic in Ca-rich, 
contact metamorphic rocks, skarns, rodingites; 
hydrothermal along the cracks in these rocks, 
associated with diopside, vesuvianite, wollastonite, 
scapolite and epidote. Perfect crystals about 30 mm 
(1/« in) across occur in the Jeffrey quarry. Asbestos, 
Quebec, Canada and Sierra de las Cruces, Coahuila, 
Mexico. 

Tsavorite crystals up to 50 mm (2 in) across come 
from the Tsavo National Park, Kenya and Merelani 
Hills, Arusha, Tanzania. The other well-known 
localities are Ala, Italy and Ciclova, Romania. 
Grossular crystals up to 100 mm (4 in) in size in 
Vapenna, Czech Republic; Xalostoc. Mexico and 
Sandare, Mali. 

Application: cut as a gemstone. 


Andradite, 30 mm xx, Graham Co., USA. 
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Andradite 
GARNET GROUP 
Ca3Fe3*,Si,0)> 


CUBIC @eee 


Varieties: demantoid, melanite 


Properties: C - dark red, black-brown, brown. green 
to yellow-green (demantoid), black-brown to black 
(melanite); S — white; L - vitreous; D — transparent 
to translucent: DE — 3.9; H - 6.5-7; CL - none; F B 
conchoidal to uneven: M B well-developed crystals, 


granular. 
Origin and occurrence: Metamorphic in Ca and Fe 
rich contact metamorphosed rocks. skarns. 


rodingites; hydrothermal along the cracks of these 
rocks; magmatic in some alkaline igneous rocks, 
usually in the same localities as grossular. Crystals 
up to 40 mm (1%:5 in) across come from Sinerechens- 
koye, Russia. Fine crystals were also found in the 
Namgar mine. Usakos, Namibia and Ciclova, 
Romania. Fine melanite crystals occur in Magnet 
Cove, Arkansas, USA. Demantoid crystals up to 30 
mm (!?/5 in) across known from Val Malenco, Italy 
and in the Bobrovka river basin, Ural mountains, 
Russia. 

Application: demantoid is cut as a gemstone. 


Melanite, 5 mun xx, Rudnyi, Kazakhstan 


Uvarovite, 2 mm xx, Sarany, Russia 


z 






Uvarovite 
GARNET GROUP 
Ca3zCrzSiz0 12 


CUBIC ee 


Properties: C - dark emerald-green: S - white; L - 
vitreous; D — transparent to translucent: DE — 3.9; H 
~ 6.5-7; CL — none; F B conchoidal to uneven: M — 
perfect crystals, granular. 

Origin and occurrence: Metamorphic and also 
hydrothermal are almost only limited to rocks with 
increased Cr content, ultrabasic rocks with chromite, 
serpentinites and skarns. It occurs as crystals up to 8 
mm (*/is in} across along cracks in chromite in 
Sarany, Ural mountains, Russia. Crystals up to 20 
mm (**/:2 in) across, come from Outokumpu. Finland. 
It is also known from Orford. Quebec, Canada. 


Zircon 
ZrsiO 4 


TETRAGONAL @®ee 
Varieties: jargon, hyacinth. 


Properties: C — yellow (jargon), brown, yellow- 
brown, red-orange (hyacinth), red to colorless; S — 
white; L — vitreous. greasy to adamantine; D - 
transparent to translucent; DE - 4.7; H - 7.5; CL - 
imperfect; F B conchoidal to uneven; M — perfect 
long and short prismatic crystals, granular; LU — 
yellow: R B sometimes radioactive and usually 
metamict. 

Origin and occurrence: Magmatic and metamorphic 
as an accessory mineral in different rock types; rarely 
hydrothermal in the Alpine-type and quartz veins; also 


in sediments and placers. Prismatic crystals up to 30 
cm (12 in) across, occur in syenite pegmatites in Ren- 
frew and Bancroft. Ontario, Canada. It is also known 
from Miass, Ural mountains and from Mount Vavnbed, 
Lovozero massif. Kola Peninsula, Russia. Classic 
occurrences in granitic pegmatites are Alto Ligonha, 
Mozambique: Arcndal. Norway; Ytterby, Sweden and 
Jaguaragu, Minas Gerais, Brazil. Gemmy zircons of 
different colors up to 80 mm (3's in) in size come from 
placers near Ratnapura, Sri Lanka and elsewhere. 
Application: hyacinth and jargon are cut as gem- 
stones, Zr ore. 


Zircon, 20 mm x, Vishnevogorsk, Ural Mts., Russia 
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Eulytite, 2 mm-xx, Schneeberg, Germany 





Eulytine 
Bi4Siz0)2 


CUBIC ee 


Properties: C — brown, yellow, gray, colorless; S$ — 
white; L greasy: D translucent: DE —- 6.6; H 
4.5; CL — good: F B conchoidal to uneven; M — small 
dipyramidal crystals, radial aggregates, granular. 
Origin and occurrence: Secondary in Bi deposits, 
typically associated with bismuth. 

Its small crystals come from Horni Slavkov, Czech 


Euclase, 42 mm, Minas Novas, Brazil 


Sillimanite, 10 mm grains, Havlithiv Brod, Czech Republic 
2 ' . 






Republic: Schneeberg and Johanngeorgenstadt, 
Germany. 


Euclase 

BeAISiIO4(OH) 

MONOCLINIC ee 

Properties: C — colorless, white, greenish, blue; S — 


white; L - vitreous; D — transparent to translucent: 
DE - 3.1; H - 7.5; CL — good: F B conchoidal to 





2.00 


uneven: M — long prismatic crystals, radial agere- 
gates. granular. 

Origin and occurrence: Hydrothermal occurs in 
pegmatites, greisens and in quartz and Alpine-type 
veins: rare in placers. Well-formed crystals up to 80 
mm (3!/* in) in size known from Santa do Encoberto, 
Minas Gerais, Brazil. Blue crystals up to 50 mm (2 
in) across occurred in the Last Hope Mine, Karoi. 
Zimbabwe. It also come from the sediments of 
Sanarka River, Ural mountains, Russia. Dark blue 
crystals up to 150 mm (6 in) across were found 
recently in the Chivor Mine. Colombia. 
Application: locally cut as a gemstone. 


Sillimanite 
Al2SiO5 
ORTHORHOMBIC @eeee0 
Properties: C - white. gray. greenish. yellowish: S - 
white; L ~ vitreous to dull; D — transparent to 
translucent; DE - 3.3; H - 6.5-7.5; CL — good; F — 
uneven; M — long prismatic crystals, fibrous agere- 
gates, granular. 

Origin and occurrence: Almost exclusively meta- 
morphic in gneisses and migmatites; only rare 
magmatic in pegmatites and granites: also in placers. 
Typical rock-forming mineral, very commonly 
associated with andalusite. Typical localities are 
Bodenmais, Germany and Mar_ikov, Czech Repub- 
lic. Gemmy crystals up to 20 mm (#4: in) long are 
known from Rakwana-Deniyaya, Sri Lanka. 


Andalusite 
Al,SiO5 


ORTHORHOMBIC @eeee 


Varieties: chiastolite, viridine 


Properties: C — pink, red-brown, red, gray, whitish, 
green (viridine); S- white; L — vitreous to dull; D - 
translucent to transparent; DE — 3.2; H — 6.5-7.5; 
CL — good; F - uneven; M — prismatic crystals, 
fibrous agercgates, granular, massive. 

Origin and occurrence: Metamorphic in regionally 
and contact metamorphosed rocks; magmatic in 
pegmatites and granites, hydrothermal in quartzites. 
Typical rock-forming mineral, commonly associated 
with sillimanite. corundum and cordieritc. Re- 
nowned localities are Lisens. the Alps, Austria; 
Bimbowrie, South Australia, Australia. Green 
gemmy crystals come from Morro do Chapeu, 
Bahia, Brazil. Viridine is known from Darmstadt, 
Germany. 


Andalusite, 28 mm x, Aracuay, Minas Gerais, Brazil 





Chiastolith, 20 mm, Bimbowrie, Australia 
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Kyanite 
Al2SiOs 
TRICLINIC eeee 

Properties: C — blue, gray, white, green, dark gray, 
colorless; S — white; L —- vitreous to dull; D - 
transparent to translucent; DE — 3.6; H - 4.5-7.5; CL - 
good; F — uneven; M — prismatic to tabular crystals, 
fibrous aggregates, granular, massive. 

Origin and occurrence: Almost only metamorphic in 
regionally metamorphosed rocks. mica schists, 
gneisses. granulites and cclogites; less frequently 
Magmatic in pegmatites and granites; rarely 
hydrothermal in quartz veins. Typical rock-forming 
mineral, associated with andalusite and sillimanite. 
Blue columnar aggregates and crystals up to 150 mm 
(6 in) long occur in Barra do Salinas, Minas Gerais, 
Brazil. Other renowned localities are Pizzo Forno, 
Switzerland: Prilep, Macedonia; Keivy, Kola 
Peninsula, Russia. 


Kyanite, 87 mm, Minas Gerais, Brazil 


AN 








Topaz. 18 mm xx, Ghundao Hill. Pakistan 





Topaz 
Al,SiO 4(F,OH) 


ORTHORHOMBIC eee 
Varieties: pycnite 


Properties: C — colorless, blue, yellow, gray, white. 
greenish, pinkish, red; S — white; L - vitreous; D - 
transparent to translucent: DE — 3.6; H- 8; CL - 
good; F - uneven; M - perfect prismatic to tabular 
crystals, radial and columnar aggregates, granular. 

Origin and occurrence; Magmatic in pegmatites 
and granites; hydrothermal in greisens, in rhyolite 
cavities, in quartz veins, also in placers. Topaz 
crystals in pegmatites are occasionally very large, 
like the crystal measuring 80 x 60 x 60 cm GI’ x 
24 x 24 in) across from Fazenda do Funil: crystals 


Topaz, 49 mm, Ramona, U.S.A. 





up to 30 cm (12 in) from Virgem da Lapa, both 
Minas Gerais, Brazil. Blue. brownish and bicolored 
crystals up to 40 cm (15% in) long come from 
Volodarsk Volynskii, Ukraine. Other topaz 
localities are Iveland. Norway; Murzinka, Ural 
mountains, Russia; Little Three mine, Ramona, 
California; Pikes Peak, Colorado, USA; Gilgit, 
Pakistan; Spitzkopje, Namibia. Orange to red topaz 
(imperial topaz) comes from quartz veins near Ouro 
Preto, Minas Gerais, Brazil. Pink topaz crystals up 
to 70 mm (2% in) found at Mount Ghundao, 
Mardan. Pakistan. Important topaz specimens were 
also found in Schneckenstein, Germany, Thomas 
Range, Utah, USA: Nerchinsk, Siberia. Russia. 
Columnar aggregates of pycnite come from 
Cinovec, Czech Republic and Altenberg, Germany. 
Application: cut as a gemstone. 





Wee Blinky Kit 


The Wee Blinky kit (Figure 4-2) is an easy-to-solder two (2) LED blinker cir- 
cuit. It comes with a 9V battery snap, but will work with almost any voltage 
from 3V to 12V. A 9V battery is required but not included. It’s tiny, it blinks, 
and it’s a great kit to hone your soldering skills since it’s cheap too! 


Wee Blinky 
DaleWheat.com 


+5) = 





Figure 4-2. Wee Blinky Kit 
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Staurolite, 80 mm, Keivy, Kola, Russia 





Staurolite 
Fe7AlgSiqO77(OH)2 


ORTHORHOMBIC @eeee 


Properties: C — dark to light brown, yellow; S — 
white; L - dull to vitreous: D — transparent to almost 
opaque: DE - 3.7; H-7-7.5; CL — good; F— uneven; 


Sapphirine, 26 mm, Vohimena, Madagascar 





TNA 


M - prismatic to tabular crystals and their combi- 
nations, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed rocks, gneisses and mica schists; 
rare magmatic in granites; also in placers, commonly 
associated with almandine, andalusite and kyanite. 
Crystals up to 50 mm (2 in) across come from Pizzo 
Forno, Switzerland. It is also known from Rio 
Arriba, New Mexico, USA. Its cross-like twins. up 
to 200 mm (7% in) across, occur in Keivy, Kola 
Peninsula. Russia and Morbihan, France. 


Sapphirine 
Mg2Al4Sio 10 


MONOCLINIC ee 


Properties: C — dark to light blue, green: S — white: 
L — vitreous to dull: D — transparent to translucent; 
DE — 3.5: H — 7.5; CL — imperfect; F — uneven; M— 
tabular crystals, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed rocks, rich in Al and Mg and poor in 
Si, associated with spinel and corundum. Crystals up 
to 40 mm (1%/is in) across come from Fiskenaesset, 
Greenland; Betroka and Androy, Madagascar. Other 
localities include Val Codera, Italy and Enderby 
Land, Antarctica. 


Chondrodite, 15 mm x, Brewster, US.A. 





Chondrodite 
MgsSi2Qg(OH,F) 


MONOCLINIC eee 


Properties: C — yellow, greenish, brown: S — white; 
L — vitreous to dull: D — transparent to translucent; 
DE —- 3.2; H — 6-6.5; CL - imperfect; F — uneven; M 
- crystals of different habits, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed carbonate rocks: rare 
magmatic in carbonatites, typically associated with 
spinel, chlorite and phlogopite. Perfect crystals up to 
50 mm (2 in) long come from the Tilly Foster mine. 
Brewster, New York, USA. Other localities arc 
Pargas, Finland; Monte Somma, Italy; Riverside, 
California, USA. 


Clinohutmite 
Mg9SigO | 6(OH,F)4 


MONOCLINIC eee 


Properties: C — yellow, red, brown. white; S — white; 
L - vitreous to dull; D — transparent to translucent; 
DE - 3.3; H — 6; CL - imperfect; F — uneven; M - 
crystals of different habits, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed carbonate rocks, 
serpentinites and talc schists, associated with spinel, 
chlorite, forsterite, serpentine and phlogopite. 
Gemmy yellow crystals up to 30 mm (1?/t in) across 
come from Kukh-i-Lal. Pamir, Tajikistan. Other 
localities are Pargas, Finland; Monte Somma, Italy: 
Jensen quarry, California, USA. 


Clinohumite, 19 mm, Kukh-i-lal, Tadzhikistan 





Chapmanite 
SbFe**2Si2Qg(OH) 


MONOCLINIC ee 


Properties: C — olive-green to dark yellow; S - 
yellowish to yellow; L -dull; D — translucent; DE — 
3.7; H - 2.5; CL - imperfect; F — uneven: M - 
elongated crystals, massive. 

Origin and occurrence: Hydrothermal and 
secondary in the cracks of rocks. sometimes with 
stibnite. Its massive aggregates occur in Smilkov 
near Votice, Czech Republic: in the Keely mine, 
Cobalt, Ontario. Canada. 


Chapmanite, 4 mm. Pernek, Slovakia 
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Braunite, 60 mm, Langban, Sweden 





Braunite 
Mn2*Mn3*,sio 12 


TETRAGONAL eee 


Properties: C - black, black-gray, black-brown: S - 
gray: L — submetallic to metallic: D - opaque; DE - 4.7; 
H ~ 6-6.5; CL - perfect: F -- uneven to conchoidal; M — 
dipyramidal crystals, granular. 

Origin and occurrence: Metamorphic in regionally 
and contact metamorphosed rocks; hydrothermal in 


Thaumasite, 3 mm aggregate. Maglovec, Slovakia 








sedimentary rocks rich in Mn and in hydrothermal 
veins, associated with hausmanite, pyrolusite and 
other Mn minerals. Its perfect crystals up to 70 mm 
(2% in) long. come from Kacharhavee and Tirodi, 
India. It is also known from Langban, Sweden: Ilfeld 
and Ilmenau, Germany; St. Marcel, Italy; Tizi 
Bashkun, Morocco. 

Application: Mn ore. 


Thaumasite 
CagSip(CO3)9(SO4)9(OH)) 2 .24 H2O 


HEXAGONAL ee 


Properties: C — white to colorless: S — white: L - 
vitreous to dull: D — transparent to translucent; DE - 
1.9; H - 3.5; CL = imperfect; F - uneven; M B 
acicular aggregates, granular, massive; LU - white. 
Origin and occurrence: Hydrothermal or meta- 
morphic in contact metamorphosed carbonate rocks, 
usually associated with other Ca silicates and 
carbonates, like ettringite and prehnite. Typical loca- 
lities are Crestmore, California; West Paterson, New 
Jersey, USA: Langban, Sweden; N’Chwaning mine 
No. 2. Kuruman, South Africa. 


Titanite 
CaTiOSio, 
MONOCLINIC e@ee2e 

Properties: C - colorless, yellow, brown, green, gray 
to black: S — white: L -. vitreous to dull; D — trans- 
parent, translucent to opaque; DE — 3.5: H — 5-5.5: 
CL — good; F — uneven to conchoidal: M — tabular 
crystals and their combinations, granular, massive. 
Origin and occurrence: Metamorphic and magmatic 
as a common accessory mineral in many igneous and 


Fersmanite. 10 mm x, Khibiny Massif. Kola, Russia 





Titanite, 20 mm xx, Stubachtai, Austria 





metamorphic rocks and pegmatites: hydrothermal in 
the Alpinc-type veins; also in placers. 

The most beautiful crystals up to 180 mm (7'f: in) 
long occur in Alpine-type veins in Tavetsch and 
Binntal, Switzerland; Zillertal and Felbertal, Austria: 
Dodo, Polar Ural, Russia. Large. poorly developed 
crystals weighing up to 40 kg (88 Ib), come from 
Eganville. Ontario, Canada and Rossie. New York. 
USA. 


Chloritoid, 30 mm, Ile de Croix, France 





Fersmanite 
(Na,Ca)4(Ti,Nb)2Si20 | |(OH,F)2 


TRICLINIC ee 


Properties: C — light to dark brown; S -white; L - 
vitreous to dull: D— translucent: DE — 3.5; H — 5-5.5; 
CL — none; F — uneven to conchoidal; M — tabular 
crystals. 

Origin and occurrence: Magmatic to hydrothermal in 
alkaline pegmatites together with pectolite, apatite and 
sulfides. Crystals up to 30 mm (If in) across known 
from Mount Eveslogchorr, Khibiny massif. Kola 
Peninsula, Russia. 


Chloritoid 
Fe2Al4SizO ] o(OH)2 


MONOCLINIC, TRICLINIC eee 


Properties: C - dark gray. gray-green to black-green; 
S ~ gray; L - vitreous to dull: D - translucent; DE - 
3.6; H— 6.5; CL — perfect; F - uneven to conchoidal; 
M - tabular crystals, foliated and scaly aggregates, 
granular. 

Origin and occurrence: Metamorphic in some mica 
schists and phyllites; hydrothermal alteration 
product in lavas. Typical localitics are Zermatt, 
Switzerland; Ottrez, Belgium: Pregraten, Austria. 
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Datolite, 30 mm xx, Datnegorsk, Russia 





Datolite 
CaBSiO4(OH) 


MONOCLINIC eee 


Properties: © — white to colorless, yellowish, 
greenish. gray: S — white; L — vitreous to dull; D - 
transparent to translucent: DE — 3.1; H - 5-5.5; CL- 
none; F — uneven to conchoidal; M — prismatic to 
tabular crystals, nodules, granular. 

Origin and occurrence: Metamorphic and 
hydrothermal in contact metamorphosed rocks, in 
cavities in volcanic rocks, in ore veins and pegma- 
tites. It is commonly associated with zcolites, 
prehnite, calcite and also with tourmaline. Prismatic 


Gadolinite-(¥), 60 mm, Hitreré, Norway 





and tabular crystals up to 100 mm (4 in) long occur 
in Dalnegorsk, Russia. Other typical localities are 
West Paterson, New Jersey: Keweenaw Peninsula. 
Michigan, USA: Haslach. Germany: Charcas. San 
Luis Potosi, Mexico. 


Gadolinite-(Y) 


Y2FeBe7Si20)9 
MONOCLINIC ee 


Properties: C — black, dark red, brown, greenish; S - 
gray-grcen: L — vitreous to greasy, D — transparent to 
translucent; DE — 4.4; H — 6.5-7; CL — none; F - 


Howlite, 30 mm, California, U.S.A. 





Dumortierite, 60 mm, Dehesa, U.S.A. 


conchoidal: M — prismatic crystals, granular; R 
locally metamict. 

Origin and occurrence: Magmatic in granites and 
pegmatites. locally associated with fluorite and 
allanite; rare hydrothermal in the Alpine-type veins. 
Aggregates, up to 40 cm (15% in) across come from 
Hittero, Norway. Barringer Hill and Clear Creek, 
Texas, USA yiclded aggregates, weighing up to 90 
kg (198 Ib). Other famous localities are Blatchford 
Lake. Northwest Territories, Canada; Baveno. the 
Alps, Italy; Iveland. Evje, Norway. 


Kornerupine 
Mg4Alg(Si,Ai,B)5O> i] (OH) 


ORTHORHOMBIC ee 


Properties: C ~ colorless, white, greenish, gray, 
brown; S — white; L — vitreous to dull; D ~ trans- 
parent to translucent: DE - 3.3: If - 6.5-7; CL - 
none; F ~ conchoidal; M - prismatic crystals, radial 
aggregates. granular. 

Origin and occurrence: Metamorphic in strongly 
metamorphosed rocks, as granulites. Crystals up 
to 230 mm (9'/1s in) across known from Fisken- 
aesset, Greensland. It also occurs in Lac Ste- 
Marie, Quebec, Canada: Waldheim, Germany; 
Itrongay, Madagascar. 





Dumortierite 
(ALTi,Mg)AlgBSi30 | g(0,OH)2 
ORTHORHOMBIC eee 

Properties: C — purple, pink, blue, brown; S — white; 
L - vitreous to dull; D — transparent to translucent; 
DE - 3.4; H - 8.5; CL - good; F - uneven; M ~ 
prismatic crystals, radial and acicular aggregates, 
massive. 

Origin and occurrence: Metamorphic in some Al- 
rich metamorphic rocks, e.g. in migmatites and 
gneisses; magmatic in granites and pegmatites; 
hydrothermal in altered rocks. [1 comes from 
Dehesa, California; Rochester, Nevada, USA: Beau- 
nan. France; crystals are known from the vicinity of 
Kutna Ilora, Czech Republic: Soavina, Madagascar. 


Howlite 
Ca7B5SiO9(OH)s5 


MONOCLINIC ee 


Properties: C — white; S — white: L — vitreous to dull: 
D - transparent to translucent; DE — 2.5; H- 3.5; CL 
- good; F — uneven; M — tabular crystals, nodules, 
massive. 

Origin and occurrence: Hydrothermal in borate 
deposits, associated with ulexite and colemanite. 
Crystals, several cm across, come from the vicinity 
of Bras d’Or Lake. Nova Scotia. Canada. It occurs 
also in Lang and Daggett. California, USA. 


Kornerupine, 90) mm, Lac Ste.-Marie, Canada 
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Cuprosklodowskite, 82 mm, Muso. 


noi, Zair 


: 





Cuprosklodowskite 
Cu(UO2)2Si207 6 H29 


MONOCLINIC ee 


Properties: C - various hues of green; S - greenish: 
L - vitreous to dull: D — transparent to translucent: 


GUranophane, 125 mm, Brewster. Texas, U.S.A. 








DE -- 3.8, H - 4; CL — good; F - uneven; M - radial, 
acicular agercgates. thin coatings, granular, massive; 
R — strong radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits, associated with autunite, 
torbernite. uranophane and other L secondary mi- 
nerals. Crystals, up to several cm long. come from 


Kasolite, 30 mm, Musonoi, Zair 





the Mashamba West mine, Musonoi, Zaire. It also 
occurred in Jachymov, Czech Republic. 


Uranophane 


MONOCLINIC @ee 


Properties: C — various hues of yellow to brown: S — 
yellowish: L - vitreous to dull; D - transparent to 
translucent: DE - 3.9; H - 2.5: CL - good: F - 
uneven: M - radial, acicular aggregates, thin 
coatings, granular, massive: LU — yellow-green; R — 
strong radioactive. 

Origin and occurrence: Secondary in the oxidation 
zone of U deposits as a product of uraninite 
alteration, associated with autunite. torbcrnite and 
other secondary U minerals. Needles up to 10 mm 
(4s in) long, comc from Musonoi. Shinkolobwe, 
Zaire. 

It is also known from the Faraday mine, Bancroft. 
Ontario. Canada. It occurs in Wolsendorf, Germany. 
as well as in Jachymov, Czech Republic. 


Kasolite 
PL(UO>)SIO4 .H2O 


MONOCLINIC ee 


Properties: C — various hues of yellow, green to 
brown; S — yellowish; L — vitreous to dull: D — trans- 
lucent to opaque: DE - 6.2; H - 4.5; CL ~ good; F - 
uneven: M — prismatic crystals. radial and acicular 
aggregates, thin coatings, granular, massive; R — 
strong radioactive. 

Origin and occurrence: Secondary mineral in the 
oxidation zone of U deposits. It is a product of 
uraninite alteration and is associated with 
uranophane, torbernite and U hydroxides. Crystals 
up to 10 mm (’/: in) long occur in Shinkolobwe, 
Kasolo, Zaire and Mounana, Gabon. 


Akermanite 
Caz M gSi2O7 


TETRAGONAL eee 


Properties: C - white, gray, green, brown; S — white; 
L - vitreous to dull: D — transparent to translucent; 
DE - 2.9; H - 5.5; CL — good: F - uneven to 
conchoidal: M — short prismatic crystals, granular. 

Origin and occurrence: Magmatic in volcanic basic 
tocks; metamorphic in contact metamorphosed 
marbles. A typical representative of localitics in 
marbles is Crestmore, California, USA. It occurs 
also in Ca-rich volcanic rocks in Velardena, Mexico. 





Akermanite, 5 mm xx, Mt. Vesuvius, Haly 


Gehlenite 
Ca27AlzSiO7 


TETRAGONAL eee 


Properties: C — white, gray, yellowish; S$ — white; L 
vitreous to dull; D — transparent to translucent; DE 

- 3.0; H — 5-6; CL — good: F — uneven to conchoidal: 

M - short prismatic crystals. granular. 

Origin and occurrence: Magmatic in volcanic basic 

tocks; metamorphic in contact metamorphic 

marbles. 

It occurs in Crestmore. California. USA; Monzoni. 

Italy; Oraviza, Romania and elsewhere. 


Gehlenite, 80 mm, Vata de Sus, Romania 
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Hvaite, 20 mn xx, Dainegorsk, Russia 





Bertrandite, 36 mm, Mt.Antero, US.A. 





71? 





fivaite 
CaFe?* Fe3*Si203(OH) 


ORTHORHOMBIC eee 


Properties: C - black to black-gray; S — black; L - 
submetallic to dull; D - opaque, DE - 4.1, H - 5.5- 
6; CL — good; F — uneven; M - prismatic crystals, 
granular. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contact metamorphosed Fe, Zn and Cu 
deposits. Prismatic crystals up to 100 mm (4 in) long 
come from Rio Marina, Elba, Italy. Crystals up to 30 
cm (12 in) long are known from Serifos Island, 
Greece. Crystals, several em long occur also in 
Dalnegorsk. Russia and in the Laxey mine, Idaho, 
USA. 


Bertrandite 
Be4SizO7(OH)2 


ORTHORHOMBIC eee 


Properties: C - colorless. white, yellowish; S - 
white: L - vitreous to dull; D — transparent to 
translucent: DE - 2.6; H - 6-7; CL — perfect; F - 
uneven; M — tabular crystals and their combinations, 
radial aggregates, granular, massive. 

Origin and occurrence: Hydrothermal in granitic 
pegmatites, greisens and in hydrothermal veins, 
together with beryl, also as pseudo-morphs after 
beryl. Tabular crystals up to 50 mm (2 in) across 
occur in Conselhcira Pena, Minas Gerais, Brazil. Itis 
known from Kounrad and Kara-Oba, Kazakhstan in 
crystals up to 30 mm (1*/is in) across. It also comes 
from Stoncham, Maine, USA; Pisek, Czech Repub- 
lic and Iveland, Norway. 

Application: the most important Be ore. 


Hemimorphite 
ZngSizO7(OH)2 . HzO 


ORTHORHOMBIC eee 


Properties; C — colorless, white, ycllowish. greenish; 
S - white; L ~ vitreous to dull: D - transparent to 
translucent; DE - 3.4; H ~ 4.5-5; CL — perfect; F - 
uneven; M -- tabular crystals and their combinations, 
botryoidal and radial aggregates, granular, massive. 
Origin and occurrence: Secondary in the oxidation 
zone of Zn deposits, associated with sphalerite, 
smithsonite and cerussite, Crystals up to 100 mm (4 
in) long come from Bisbee, Arizona, USA.. It is also 
from the El Potosi Mine, Santa Eulalia, Chihuahua, 
Mexico; Bleiberg, Austria; Cho-Dien, Vietnam. 
Application: Zn ore. 


Hemimorphite, 30 mm xx, Mapimi, Mexico 





Lamprophylite 


MONOCLINIC ee 


Properties: C - brown to dark brown; S - white; L - 
vitreous to submetallic; D — translucent; DE - 3.5; H - 
2-3; CL — perfect; F — uneven; M — tabular crystals, 


Hemimorphite, 26 mm, Arizona, U.S.A. 





radial aggregates. 

Origin and occurrence; Magmatic in alkaline syenites 
and their pegmatites, associated with nepheline, 
aegirine and eudialyte. The best crystals up to 150 mm 
(6 in) long come from Mount Flora, Lovozero massif, 
Kola Peninsula, Russia. It is also known from 
Langesundsfjord, Norway and Mont St.-Hilaire, 
Quebec, Canada. 


Lamprophyilite. 30 mm xx, Lovozero Massif, Kola, Russia 





213 


MintyBoost 


The MintyBoost (Figure 4-3) is asmall and simple USB charger for your iPod 
or other MP3 player, your camera, cellphone, and any other gadget you can 
plug into a USB port to charge. 





/ 


Figure 4-3. MintyBoost USB Charger Kit 


36 Learn to Solder 


Clinozoisite. 36 mm, Eden Mills, U.S.A. 


Clinozoisite 
MONOCLINIC eoeee 

Properties: C - colorless, yellowish, green, pink; S 
white; L — vitreous to dull; PS — transparent to 
translucent: DE - 3.4; H ~ 6.5: CL ~ good: F - 
uneven: M — prismatic crystals, columnar. radial 
aggregates, granular, massive. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contacts of marbles and in the Alpine-type 
veins. Prismatic crystals up to 60 mm (2%: in) long 
come from Radoy Island, Norway. It comes also 
from Eden Mills, Vermont; Allens Park, Colorado, 
USA; Pinos Altos, Baja California, Mexico. 


Epidote 
Ca2(Al.Fe3*)3Si30 ; 2(OH) 
MONOCLINIC eeeee 

Properties: C — green, brown, greenish, yellow- 
green: S - white: L — vitreous to dull; D ~ transparent 
to translucent, locally opaque; DE - 3.4: H - 6-7; CL 





- good: F ~- uneven; M - prismatic crystals, 
columnar and radial aggregates, granular, massive. 
Origin and occurrence: Metamorphic in marble’ 
granite contacts; hydrothermal in the Alpine-type 
veins and in hydrothermally altered rocks, typically 
associated with albite, prchnite and amphibole. Its 
green crystals up to 140 mm (54% in) long, were 
found in Sobotin, Czech Republic. Perfect crystals 
up to 100 mm (4 in) across come from Knappen- 
wand, Austria. Thick tabular crystals occur in Prince 
of Wales Island, Alaska, USA. Fine crystals, 
resembling Austrian crystals, were found recently in 
Alchuri, Shigar, Pakistan. Fine columnar aggregates 
of crystals are known from Pampa Blanca. Peru and 
also reported from Arendal, Norway. 


Piemontite 
Ca9(Al,Mn3*)3Si30 | (OH) 


MONOCLINIC ee 


Properties: C — red-brown to black, crimson, red- 
yellow: S - white: L - vitreous to dull; D = translucent, 
locally opaque: DE - 3.5; H - 6; CL — good: F - 
uneven; M — prismatic crystals, radial aggregates, 
granular. 

Origin and occurrence: Metamorphic in shales and 
Mn-rich metamorphic rocks; rare magmatic in 
thyolites and pegmatites. Needles up to 30 mm (1 "1s 


Epidote, Dashkesan, Azerbaidzhan 





Epidote, 50 mm, Knappenwand, Austria 





in) long come from St. Marcel, Piedmont, Italy and 
Otakiyama, Japan. 


Allanit-(Ce) 
(Ca,Ce,¥)2(Al,Fe3*)3Si30 | 2(OH) 


MONOCLINIC eee 


Properties: C - black to dark brown; S - light gray: 
L greasy to submetallic: D ~ translucent to opaque: 
DE — 3.9; Hl - 5.5-6; CL -- none: F - vonchoidal to 


Piemontite, 45 mm, Todyrvact, Morocco 





uneven; M 
metamict. 
Origin and occurrence: Magmatic in pegmatites and 
granites; metamorphic in various types of meta- 
morphic rocks, ¢.g. migmatites, amphibolites and 
gneisses. Grains, up to 70 cm (27*"ts in) across found 
in pegmatites near Bancroft. Ontario, Canada. Also 
occurs in Barringer Hill. Colorado: Amelia district, 
Virginia, USA; Arendal and Hittero, Norway; Yttcr- 
by and Riddarhyttan, Sweden; Yates mine, Quebec, 
Canada. 


tabular crystals, granular: R — usually 


Allanite-(Ce), 40 mm, Vizcaya, Spain 
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Tanzanite, 37 mm, Arusha, Tanzania 





Zoisite, 60 mm, Weisenstein. Germany 








Zoisite 
CazA13Si30 | (OH) 


ORTHORHOMBIC eee 
Varieties: thulite, tanzanite 


Properties: C — colorless. yellowish, green, pink, red 
(thulite), blue (tanzanite); S — white; L — vitreous to 
dull; D — transparent to translucent; DE — 3.4; H — 
6.5; CL — good: F - uneven; M — prismatic crystals, 
radial aggregates, granular. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed Ca-rich rocks, mainly in pyroxenic 
gneisses, amphibolites and in marble contacts. It is 
known from many localities like Saualpe. Austria: 
Zermatt, Switzerland: Lexviken, Norway (thulite); 
Traversella. Italy; Alchuri. Pakistan; Mcrelani Hills, 
Arusha, Tanzania (tanzanite), where crystals up to 70 
mm (2% in) long were found. 

Application: tanzanite and thulite are cut as gem- 
stones. 


Thutite, 40 mm, Lexviken, Norway 





Vesuvianite 

Ca I 9(Al,.Mg,Fe) I 35i I gO6g(OH,F0) 10 
TETRAGONAL eee 

Properties: C — brown, yellowish. green, blue. purple, 
colorless; S — white: L — vitreous to dull; D - 
transparent to translucent; DE — 3.3: H - 6-7; CL - 
imperfect: F — uneven to conchoidal; M — prismatic to 
tabular crystals. columnar aggregates with radial 
structure, granular, massive. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contact metamorphosed Ca-rich rocks. 
mainly in skarns, in marble contacts, also in 
rodingites: rarely magmatic in alkaline rocks. It is 
usually associated with grossular, wollastonite and 
diopside. Perfect green crystals up to 180 mm (7% 
in) long and purple crystals up to 70 mm (2% in) 
long come from the Jeffrey quarry. Asbestos, 
Quebec, Canada. It is also known from Hazlov, 
Czech Republic; Crestmore, California. Franklin, 
New Jersey. USA; Monzoni, Italy. 


Viluite 
Ca ] g(Al,Mg) 1 38,Si | g068(0,0H), 0 


TETRAGONAL @ 


Properties: C — dark green, gray-brown; S — white; L 
— vitreous to dull: D — transparent to translucent; DE 
— 3.4; H — 6; CL —- imperfect; F - uneven to con- 
choidal; M - prismatic crystals. 


Viluite, 30 mm xx, Vilui River. Russia 


Vesuvianite, 110 mm, Asbestos, Canada 





Origin and occurrence: Metamorphic in serpenti- 
nized skarn, associated with grossular. Its perfect 
prismatic crystals up to 50 mm (2 in) long are only 
known from the Vilui River basin, Yakutia, Russia. 





217 


Benitoite 
BaTiSizO9 


TRIGONAL ee 


Properties: C — bluc, pink, white, colorless; S — white; 
L ~ vitreous to dull; D — transparent to translucent; 
DE - 3.6; H — 6-6.5: CL — imperfect; F — uneven to 
conchoidal: M — prismatic to tabular crystals, mainly 
with trigonal cross-section: LU — bluish. 

Origin and occurrence; Hydrothermal in veins, 
cross-cutting serpentinites, always associated with 
neptunite and natrolite. Its classic locality is the 
Benitoite Gem mince, San Benito Co.. California, 
USA. where it forms tabular crystals up to 40 mm 
(1%:« in) across. 


Catapleiite 
Na2ZrSizOg cod H20 


HEXAGONAL ee 


Properties: C ~ light yellow, yellow-brown, pink. 
brown. blue; S - white: L — vitrcous to dull; D — 
transparent to opaque, DE — 2.8; H — 5-6; CL - good: 
F ~ uneven; M — thin tabular crystals, lamellar 
aggregates. 

Origin and occurrence: Magmatic in nepheline 
sycnitcs and their pegmatites, together with acgirine, 
titanite, nepheline and microcline. It occurs in Mont 
St.-Hilaire. Quebec. Canada. as tabular crystals up to 


Benitoite, 28 mm x, San Benito Co., USA. 








150 mm (6 in) across. Crystals up to 30 mm (1°/is in) 
across come from Mount Yukspor, Khibiny massif, 
Kola Peninsula. Russia. It is also known from Lange- 
sundsfjord, Norway; Magnet Cove, Arkansas, USA. 


Eudialyte 
Nag(Ca,Fe,Ce,Mn)2ZrSigO, g(OH,Cl) 


TRIGONAL ee 


Properties: C — red, pink to brown; S - white; L — vitrous 
to dull; D — transparent to translucent; DE — 2.8; 11 —5- 
5.5; CL — imperfect; F — uneven: M — prismatic and 
tabular crystals, granular. 

Origin and occurrence: Magmatic in nephcline 
syenites and their pegmatites, associated with 
acgirine, nepheline and microcline. Crystals up to 80 
mm (3'/« in} across comc from Mount Kukisvum- 
chorr, Khibiny massif, Kola Peninsula, Russia. Crys- 
tals up to 50 mm (2 in) across are also known from 
Mont St.-Hilaire. Quebec, Canada. It also occurs in 
Langesundsfjord. Norway and in Los Island, Guinea. 


Ferroaxinite 
Ca2FeAl2BSisO| 5(OH) 
TRICLINIC eee 


Properties: C -— brown to purple- brown, light 
purple; S — white; L — vitreous to dull; D — trans- 


Catapleiite, 37 mm. Mont St.-Hilaire, Canada 


Eudialyte. 20 mm grain, Khibiny Massif. Kola, Russia Ferroaxinite, 62 mm, Khapalu, Pakistan 





parent to translucent, DE - 3.3: H - 6. 5-7; CL - 
good: F — uneven to conchoidal; M — tabular crystals. 
platy agercgates, granular. massive. 

Origin and occurrence: Metamorphic and hydro- 
thermal in contacts of marbles and granites. 
associated with clinozoisite. prchnite, calcite and 
actinolite, also in the Alpine-type veins and pegma- 
tites. Perfect tabular crystals up to 150 mm (6 in) 
across come from Puiva. Polar Ural. Russia. Other 
renowned localities are Obira, Japan; Bourg 
d’Oisans, France: Monte Scopi, Switzerland. 


Tinzenite 
Ca(Mn,Fe);Al,BSi40 ;5(OH) 


TRICLINIC ee 


Properties: C - yellow, orange to red; S$ — white; L - 
vitrous to dull: D — transparent to translucent; DE 
3.3, II - 6.5-7; CL — good: F - uneven to conchoidal; 
M — tabular crystals, platy and fibrous aggregates, 
granular, massive. 

Origin and occurrence: Hydrothermal in the Alpine- 
type veins, cross-cutting a rock, rich in braunite. It 
comes from Tinzen. Val d’Err, Switzerland and in the 
Cassagna minc, Genova, Italy. 
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Beryl 
Be3Al2SigO 13 
HEXAGONAL e@eee 


Varieties: emerald, aquamarine, heliodor, morganite, 
goshenite, red beryl (bixbite). 


Properties: C — variable in different varieties: 
common beryl — mostly yellow, yellow-green, light 
green to white, rare blue; varieties: emerald — dark 
emerald-green, aquamarine — light to dark blue- 
green: morganite — pink; heliodor — light yellow to 
yellow-green: goshenite — white to colorless: red 
beryl B red: S — white; L — vitreous to dull; D — trans- 


Emerald, 30 mm x, Boyaca, Colombia 





parent to translucent; DE - 2.6; H ~ 7.5-8; CL - 
imperfect; F - uneven to conchoidal; M — long pris- 
matic to tabular crystals, columnar and radial 
aggregates, granular, massive. 

Origin and occurrence: Magmatic in pegmatites and 
granites; hydrothermal in greisens, in cavities in 
rhyolite, in quartz veins; metamorphic in mica 
schists. Perfect prismatic crystals of common beryl 
up to 9 m (29 ft 6 in) long found in the Etta mine, 
Keystone, South Dakota, USA. Crystals weighing up 
to 177 tons, come from Namivo, Alto Ligonha, Mo- 
zambique. Other localities are Pici. Brazil; Iveland, 
Norway; Antsirabe, Madagascar. Emerald crystals 
occur in mica-schists, marbles and ultrabasic rocks, 
associated with other Be minerals, phenakite and 


Aquamarine, 97 mm, Koronel Hurta, Brazil 








Emerald, 30 mm. Ural Mts., Russia 





oe 


chrysoberyl. Beautiful dark green transparent crys- 
tals are known from Malyshevo. Ural Mts.. Russia: 
Muzo and Coscuez, Colombia; Habachtal, Austria, 


Emerald, 90 mm, Muzo, Colombia 


where the largest crystals reach up to 120 mm (4% 
in) in size. Aquamarine is mainly known from 
pegmatites and hydrothermal veins, commonly 


Aquamarine, 158 mm, Shingus, Pakistan 
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Heliodor, 87 mm, Volodarsk Volvnskii, Ukraine 





Heliodor, 26 mm x, Pamir, Tadzhikistan 


associated with tourmaline, quartz and albite. Intense 
blue crystals are known from many pegmatites in 
Minas Gerais, Brazil, where in the Marambaia mine, 
crystals, up to 70 cm (27% in) long and weighing up 
to 110 kg (242 Ib) found. Very beautiful gemmy crys- 
tals over 30 cm (12 in) long recently occurred in the 
Medina Mine. It also come from Murzinka, Ural 
mountains and Adun Chilon, Siberia, Russia. It also 
comes from Spitzkopje. Namibia; Gilgit. Pakistan and 
elsewhere. Morganite is a typical mineral of granitic 
pegmatites, where it occurs in mainly in cavities, 
usually associated with color varicties of tourmaline, 
quartz and albite. Its tabular crystals up to 100 mm (4 
in) across found in the White Queen mine, Pala, Cali- 
fornia, USA. Smaller crystals come from San Piero in 
Campo, I:lba, Italy. Crystals up to 50 cm (20 in) 
across reported from several localities in Minas 
Gerais, Brazil. Heliodor also occurs in pegmatite ca- 
vities, hydrothermal veins and in gneisses, commonly 
associated with quartz and albite. Prismatic crystals 
up to 200 mm (7% in) long, come from Volodarsk 
Volynskii, Ukraine. It is also known from Nerchinsk. 
Siberia, Russia and several mines in Minas Gerais, 
Brazil. Goshenite occurs only in peymatites. Its 
prismatic crystals come from Goshen, Massachusetts. 





Goshenite, 39 mm, Apalygun, Pakistan Red beryl. 17 mm x, Wah Wah Mts., US.A. 





USA; San Piero in Campo, Elba. Italy. Red beryl 
occurs in Violet Claims. Wah Wah mountains, Utah, 
USA, where crystals up to 50 mm (2 in) were found. 
Application: Be ore, color varieties are cut as gem- 
stones. 


Morganite, 43 mm x, San Diego Co., US.A. 
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Bazzite, 70 mm, Tordal, Norway 





Bazzite 
Be3(Sc,Al)2Si,g0 18 


HEXAGONAL e 


Properties: C — light to intense blue; S — white; L - 
vitreous to dull; D - transparent to translucent; DE - 
2.8; H - 6.5: CL — imperfect: F - uneven to con- 
choidal; M — long prismatic crystals, columnar and 
radial aggregates. 

Origin and occurrence: Hydrothermal in the Alpine- 
type veins and pegmatites. Crystals up to 20 mm (7%/s2 
in) long come from Tordal, Norway. It is also known 
from Lago Maggiore, Italy and St. Gotthard, 
Switzerland. 


Cordierite 
Mg2Al4SisO 1g 


ORTHORHOMBIC e@eee 


Varieties: iolite (gemmy bluc) 


Cordierite, 50 mm, Fishtail La. 


wt eye 


‘ke, Canada 











Sekaninaite, 40 mm x, Delni Bory, Czech Republic 


Properties: C — blue, purple, gray. gray-green, gray- 
brown, trichroic: S - white: L — vitreous to dull: D - 
transparent to translucent; DE - 2.5; H - 7-7.5: CL - 
imperfect; F ~ uneven to conchoidal; M — short 
prismatic crystals, granular. 

Origin and occurrence: Metamorphic in migmatites 
and gneisses and in contact cherts; magmatic in 
granites and granitic pegmatites, usually associated 
with andalusite and sillimanite. also known {rom pla- 
cers, It is a typical rock-forming mineral. Its prismatic 
crystals are very rare. Poorly developed transparent 
crystals up to 200 mm (7"/s in) long come from Naver- 
berg, Sweden. It also occurs in Orijarvi, Finland: Kra- 
gero, Norway: Bodenmais, Germany. Gemmy pebbles 
are known from the vicinity of Ratnapura, Sri Lanka. 


Sekaninaite 
Fe27Al4Si5O 18 
ORTHORHOMBIC eee 


Properties: C — blue, purple, strongly pleochroic; $ 


Dravite, 27 mm, Gujarkkot, Nepal 


- white; L - vitreous to dull; D — transparent to 
translucent; DE — 2.8: H - 7-7.5; CL — imperfect: F 
uneven to conchoidal; M — short prismatic crystals, 
granular. 
Origin and occurrence: Magmatic in granitic peg- 
matites and some granites, associated with andalu- 
site and tourmaline; metamorphic in gneisses and 
migmatites. Conical, imperfect crystals, up to 70 cm 
(276 in) long typically come from Dolni Bory, 
Czech Republic: also known from San Piero in 
Campo. Elba, Italy. 


Dravite 

TOURMALINE GROUP 
NaMg3Alg(BO3)3Sig0) g(OH)4 
TRIGONAL @eeeoe 

Properties: C — light to dark black-brown, blue, 
colorless, commonly pleochroic; S - white; L - 
vitreous to dull; D — transparent to translucent; DE 
3.0; H - 7-7.5: CL — none; F — uneven to conchoidal; 
M - long to short prismatic crystals, columnar to 
acicular aggregates, granular. 

Origin and occurrence: Metamorphic in migmatites, 
gneisses, mica schists, marbles and in contact meta- 





Buergerite, 12 mm x, San Luis Potosi, Mexico 


somatic rocks; magmatic in some granitic peg- 
matites; hydrothermal in quartz veins and ore veins, 
also known from placers. Brown to dark brown 
perfect crystals up to 200 mm (7% in) long come 
from mica schists near Dravograd, Slovenia. It is also 
known from marbles in Gouverneur, New York, 
USA. Crystals up to 150 mm (6 in) across found in 
Yinnietharra, Western Australia, Australia. Crystals 
up to 50 mm (2 in) long were recently found in 
Gujarkot, Nepal. 

Application: transparent crystals are cut as gem- 
stones. 


Buergerite 
TOURMALINE GROUP 
NaFe3*3Al,(BO3)3Sig02|F 


TRIGONAL e 


Properties: C - black. strongly pleochroic; S - 
yellow-brown: L — vitreous to dull; D — translucent to 
opaque: DE — 3.3: H — 7; CL — none; F - uneven to 
conchoidal: M B prismatic crystals, granular. 
Origin and occurrence: Hydrothermal in rhyolites. 
Its black crystals, up to 40 mm (19/16 in) long, are 
known from Mexquitic, San Luis Potosi, Mexico. 
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Schorl, 40 mn, Gilgit, Pakistan 





Schorl 

TOURMALINE GROUP 
NaFe3Al,(BO3)3Si,0) 3(OH)4 
TRIGONAL @eee 

Properties: C - black, black-brown. blue-black, 
strongly pleochroic: S ~ white; L — vitreous to dull: 
D - translucent to opaque: DE - 3.3; H — 7-7.5; CL 
— nonce; F — uneven to conchoidal; M — long to short 
prismatic crystals, columnar to acicular aggregates, 
granular, massive. 

Origin and occurrence: Magmatic in granites and 
granitic pegmatites; hydrothermal in greisens, in 
quartz and ore vcins: metamorphic in migmatites, 
gneisses, mica schists and tourmalinites: also known 
from placers. It is usually associated with muscovite, 
quartz and albite. Perfect black crystals come from 
many pegmatite localities. 

Its long prismatic crystals, up to 5 m long, come 
from Arendal, Norway. Very good crystals are also 
known from Kaatiala, Finland: Dolni Bory, Czech 
Republic; Consclheira Pena and Galilcia, Minas 
Gerais, Brazil. 





Povondraite 
TOURMALINE GROUP 
NaFe3*,MgoFe3* 4(BO3)3Sig0 | g(OH)4 


TRIGONAL e 


Properties: C — black; S — gray; L — vitreous to dull; 
D = translucent to opaque: DE - 3.3; H - 7; CL - 


Povondraite, 60 mm, Alto Chapare, Bolivia 


Elbaite, 115 mm, Tourmaline Queen Mine, US.A. 


none; F - uncven to conchoidal; M — short prismatic 
crystals, granular. 

Origin and occurrence: lydrothermal along the 
cracks in metamorphosed evaporitcs. {ts black 
crystals up to 10 mm (%s in) long typically come 
from Alto Chapare, Cochabamba, Bolivia. 


Elbaite 
TOURMALINE GROUP 
Na(Li, Al) 5)Alg(BO3)3SigO | g(OH)3F 


TRIGONAL eee 
Varieties: rubellite, verdelite, indiccolite, achroite 


Properties: C ~ varies in different varieties, rubellite 
— pink to red; verdelite - various hues of green; indic- 
colite — blue; achroite — colorless. other colors include 
yellow, brown and black; S — white; L = vitreous to 
dull; D — transparent to translucent; DE — 3.0; H — 7; 
CL - none: F ~ uncven to conchoidal: M — prismatic 
crystals, columnar aggregates, granular. massive. 

Origin and occurrence: Almost only magmatic and 
hydrothermal in granitic pegmatites, typically 
associated with lepidolite and albite; also in placers. 
lts crystals are mostly known from pegmatite cavi- 





Elbaite, 153 mm, Afghanistan 





Rubellite, 23 mm, Pala, USA 
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ties in many localities. Rubellite crystal called ‘The 
Rocket’ (109 em/43%ie in long) was found in the 
Jonas mine, Minas Gerais. Brazil. Rubellite crystals 
up to 40 cm (15% in) long come from Alto Ligonha 
district, Mozambique. Rubellite crystals up to 250 
mm (9*%is in) long occurred in the Stewart Lithia, 
Tourmaline King and Tourmaline Queen mines, 
Pala, California, USA. Verdelite crystal 270 mm 
(10% in) long, is known from the Dunton mine, 
Newry, Maine. USA. Other important localities 
include San Piero in Campo, Elba, Italy; Malkhan, 
Transbaikalia, Russia; Rozna , Czech Republic; Uto, 
Sweden: Gilgit. Pakistan; Paprok, Afghanistan. 
Application: commonly used as a gemstone. 


Uvite 

TOURMALINE GROUP 
CaMg4Als(BO3)3SigO| g(OH,F)4 
TRIGONAL eee 

Properties: C — gray. black, brown, green, red, 
pleochroic; S — white; L — vitreous to dull; D - 
translucent to opaque; DE - 3.3; H - 7-7.5; CL - 


Uvite, 41 mm. Brumado, Brazil 


none: F — uneven to conchoidal; M — long to short 
prismatic crystals, columnar aggregates. granular. 
Origin and occurrence: Metamorphic in Ca-rich 
rocks, marbles, skarns; magmatic in some peg- 
matites; hydrothermal! in ore veins. 

Perfect green and red crystals, up to 30 mm (17/1. in} 
across, occur in Brumado, Bahia, Brazil. It is also 
known from Gouverneur and Pierrepont, New York, 
USA. 


Liddicoatite 
TOURMALINE GROUP 
Ca(LizAl)Alg(BOz)3SigO | g(OH)3F 


TRIGONAL eee 


Varieties: rubellite, verdelite 


Properties: C — varies in different varieties, mainly pink, 
green, green-brown to yellow-brown; S — white; L - 
vitreous to dull; D — transparent to translucent; DE — 3.1; 
H - 7; CL ~ none; F - uneven to conchoidal; M - 
prismatic crystals, columnar aggregates, granular. 

Origin and occurrence: Magmatic in granitic peg- 


Liddicoatite, 60 mm, Anjanobonoina, Madagascar 





Verdelite, 24 mm, Gillette Quarry, U.S.A. 


Indigolite, 32 mm, Esmeralda Mine. Mesa Grande, USA. 








Matites in association with lepidolite, spodumene Anjanabonoina. It is also known from Blizna, Czech 
and albite. Its perfect red and green crystals up to Republic. 

250 mm (9's in) long come from pegmatite cavities Application: cut as a gemstone. 

in many localities in Madagascar, e.g. Sahatany and 


Liddicoatite, 41 mm, Madagascar 
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Foitite 
TOURMALINE GROUP 
D Fe2AIAlg(BO3)3SigO | g(OH)4 


TRIGONAL eee 


Properties: C — black to black-purple; S — white; L 
vitreous to dull; D - translucent to opaque: DE — 3.3; 
H — 7; CL - none: F — uneven to conchoidal; M - 
prismatic crystals, acicular aggregates. 

Origin and occurrence: Magmatic in granitic 
pegmatites and granites; hydrothermal in pegmatite 
cavities. Foitite typically forms black tips of elbaite 
crystals (moors heads) in Dobra Voda, Czech 
Republic: San Piero in Campo, Elba, Italy; White 
Queen mince, Pala, California, USA. It occurs 
together with schorl in some granitic pegmatites, like 
Rozna, Czech Republic. 


Rossmanite 
TOURMALINE GROUP 
C1 LiAl2Alg(BO3)3Sig0; g(OH),4 


TRIGONAL e 


Properties: C — pink; S - white; L -- vitreous to dull: 
D — transparent to translucent; DE - 3.1; H-7; CL 
none: F — uneven to conchoidal: M — prismatic 
crystals, columnar aggregates. 
Origin and occurrence: Magmatic in granitic 
pegmatites. Prismatic crystals. up to 20 mm (-‘/s: in) 
long, were found in massive lepidolite in Rozna. also 
in Lastovieky, Czech Republic. 


Foitite. 20 mm x. Dabra Voda, Czech Republic 








Dioptase 
CugSigOQ1g -6 HO 


TRIGONAL ee 


Properties: C — cmerald-green to blue-green; S 
light blue-green; L — vitreous to dull; D - transparent 
to translucent; DE — 3.3; H - 5; CL - good; F - 
uneven to conchoidal; M — long to short prismatic 
crystals, granular. 

Origin and occurrence: Secondary in the oxidation 
zonc of Cu deposits, associated with other secondary 
Cu minerals. Beautiful crystals up to 50 mm (2 in) 
across occur in Tsumeb, Namibia; Altyn Tyube. 
Kazakhstan; Renneville, Congo. It also comes from 
the Mammoth mine, Tiger, Arizona, USA. 


Milarite 
KCazAlBe2Si | 2O39 .H20 


HEXAGONAL ee 


Properties: C — colorless, white, gray, light green; S 
white; L — vitreous to dull; D — transparent to 
translucent: DE — 2.5; II — 5-6; CL — none; F - 
uneven to conchoidal; M — long prismatic to acicular 
crystals, granular. 
Origin and occurrence: Hydrothermal in the Alpine- 
type veins, in pegmatites and hydrothermal veins, 
associated with adularia. Crystals up to 40 mm (1‘/is 
in) long come from Jaguaragu, Minas Gerais, Brazil. 
It was also found in St. Gotthard, Switzerland: Klein 
Spitzkopje, Namibia; Valencia mine, Guanajuato. 
Mexico. 


Rossmanite, 10 mnt xx, Lastovicky, Czech Republic 


Dioptase, 40 mm, Mindouli, Zair 





Ss ugilite — none; F — uneven to conchoidal: M — long prismatic to 
KNa2(Fe,Mn,Al)2Li3Si| 2039 acicular crystals, granular. 

_—_— Origin and occurrence: Hydrothermal in alkaline 
HEXAGONAL e syenites. associated with pectolite, albite and acgirine. 


It occurs in Iwagi Island. Japan and Hotazcl, South 
Properties: C - purple: S - white: L - vitreous to dull; = Aftica. Application: cut and polished as a gemstone 
D - transparent to translucent; DE - 2.7; H - 6-6.5;CL and decorative stone. 


Milarite, 22 mm, Jaguaracu, Brazil Sugilite, 40 num, Hotazel, South Africa 
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Bronzite, 15 mm, Minas Gerais, Brazil 





Enstatite 
PYROXENE GROUP 
Mg2Si29% 


ORTHORHOMBIC eeee 


Varieties: bronzite 


Properties: C — colorless, gray, yellowish, greenish, 
brown (bronzite); S — white: L - vitreous to dull; D 
— transparent to opaque; DE — 3.2; H — 5-6; CL — 
good: F - uneven to conchoidal; M —- prismatic 
crystals. granular. 

Origin and occurrence: Magmatic in ultrabasic 
rocks, gabbros. peridotites and in meteorites; mcta- 
morphic in marbles, associated mainly with olivine 
and pyrope. Known from Bamle, Norway in crystals 
up to 50 cm (20 in) long. It was originally described 
from Ruda nad Moravou, Czech Republic. Gemmy 
crystals up to 20 mm (**/2 in) long occur in Brumado, 
Bahia, Brazil. 


Diopside 
PYROXENE GROUP 
CaMgSi2O, 


MONOCLINIC @eeeee 


Varieties: chrome diopside, fassaite, jeffersonite 


Properties: C — light green, dark green (chrome 
diopside), colorless, white, gray, brown, rare blue; $ 
— white; L - vitreous to dull; D — transparent to 
translucent; DE — 3.3; H - 5.5-6.5; CL - good: F - 
uneven to conchoidal; M — long to short prismatic 
crystals, granular. 








Chrome diopside, 5 mm grains, Inagli, Russia 





Origin and occurrence: Metamorphic in Ca-rich 
rocks, skarns, pyroxene gneisses, marbles; magmatic 
in basic igneous rocks, pegmatites and metcorites; 
hydrothermal in the Alpine-type veins. Fassaite occurs 
in skarns, chrome diopside in metamorphic deposits of 
Cu and Cr; jeffersonite in metamorphic deposits of Mn 
and Zn. Diopside is a typical rock-forming mineral, 


Diopside, 22 mm x, Ala, haly 


associated with plagioclase, grossular and epidote. 
Well formed crystals are relatively rare. Jeffersonite 
forms prismatic crystals up to 250 mm (9"/s in) long 
in Franklin, New Jersey, USA. Crystals in Corrego 
Setuba, Minas Gerais, Brazil reach up to 30 cm (12 in). 
Other typical localities are Zillertal, Austria: 
Nordmarken, Sweden: Orford mine, Quebec, Canada. 
Fassaite is known from Val di Fassa, Italy. Chrome 
diopside crystals reach up to 100 mm (4 in) in 
Outokumpu. Finland and gem rough recently found in 
Inagli, Yakutia, Russia. 


Hedenbergite 
PYROXENE GROUP 
CaFeSi2O¢ 
MONOCLINIC @eeee 

Properties: C - dark green. brown-green, brown to 
black; S — white to gray: L — vitreous to dull; D — 
transparent to translucent; DE — 3.6; H - 6; CL — 
good; F — uneven to conchoidal; M — long to short 
prismatic crystals, granular. 

Origin and occurrence: Metamorphic in Ca-rich 
rocks, like Fe-skarns and pyroxene gneisses: mag- 
matic in some granites and syenitcs, associated with 
magnetite, grossular and epidote. Crystals are 
relatively rare, reaching up to 50 mm (2 in) from 


Hedenbergite, 40 mm, Dalnegorsk, Russia 
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Augite, 17 mm, Firmerich, Germany 





Dalnegorsk, Russia and Franklin, New Jersey, USA. 
Also occurs in Nordmarken, Sweden. Large lamellar 
aggregates come from skarns in Rio Marina. Elba, 
Italy. 


Augite 

PYROXENE GROUP 
(Ca,Mg,Fe,Al)(Si,Al) 704 
MONOCLINIC @eeeeoe 

Properties: C - dark brown to black; S — gray-green; 
L - vitreous to dull; D — translucent to opaque: DE - 
3.6; H — 6; CL — good; F — uneven to conchoidal; M 
— short prismatic crystals. granular. 

Origin and occurrence: Magmatic in basic rocks 
(basalts, gabbros, diabases and their tuffs); rare 
metamorphic in skarns. It is a typical rock-forming 
mineral, known from many localities. Well formed 
crystals up to 150 mm (6 in) across occur mainly in 
volcanic rocks, such as near Lake Clear, Ontario, 
Canada. Also known from Laacher See, Germany; 
Lukov and Pa_kapole, Czech Republic, in crystals, 
up to 50 mm (2 in) in size. 
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Omphacite, 4 Lue Se a ustria Om iP hacite 
§ . ; SEA, wee PYROXENE GROUP 
: : (Ca,Na)(Mg,Fe2*,Fe3*,Al)(Si,Al)2O, 


oy 





ate” % 





MONOCLINIC @eee 


Properties: C~ green to dark green: S - gray-white; L 

vitreous to dull: D — translucent ta opaque; DE — 3.3; 
fl - 5-6: CL — good: F — uneven to conchoidal: M - 
short prismatic crystals, acicular aggregates, granular. 
Origin and occurrence: Metamorphic in ultrabasic 
and basic rocks, originated under high-temperature, 
usually associated with pyrope, diopside and kyanite. 
It occurs in eclogites and granulites in Rubinberg, 
Germany: Headsburg. California, USA and elsewhere. 





Nephrite, 60 mm, Jordanow, Poland 





Jadeite 
PYROXENE GROUP 
NaAiSiO, 


MONOCLINIC ee 
Varieties: nephrite 


Properties: C — white, lavender to gray. in aggregates 
also light green (nephrite): S — white: L - vitreous to 
dull; D - transparent to translucent: DE — 3.2: 11-6: 
CL — good; F — uneven to conchoidal; M — prismatic 
crystals, acicular aggregates, granular. 

Origin and occurrence: Exclusively metamorphic in 
strongly metamorphosed rocks; also in placers. 
Blocks. weighing several tons, are known from Ben 
Sur, California, USA. It also come from Tawmaw, 
Burma: New Zealand; Tibet and elsewhere. 
Application: as a material for carvings and decora- 
live purposes. 


Aegirine 
PYROXENE GROUP 
NaFe3*Si.0, 


MONOCLINIC eee 


Properties: C - dark green to black-green: S — light 
yellow-gray: L ~ vitreous to dull; D — translucent to 
opaque: DE — 3.6; H - 6; CL - good; F - uneven to 
conchoidal; M — long prismatic to acicular crystals, 
acicular aggregates. 

Origin and occurrence; Magmatic, mainly in alkaline 
Magmatic rocks (syenites, carbonatitcs, alkaline 
granites and their pegmatites), rare hydrothermal in 


sediments. Well formed prismatic crystals up to 150 
mm (6 in) long come from Mount Malosa, Malawi. 
Crystals up to 30 em (12 in) occur in Langensunds- 
fjord. Norway. Other localities are Mount Karnasurt. 
Lovozcro massif. Kola Peninsula, Russia and Mont 
St.-Hilaire. Quebec, Canada. 


Aegirine, 77 mm, Mt.Malosa, Malawi 
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Spodumene, 52 mm x, Kunar, Afghanistan Hiddenite, 35 mm, Adams Property, US.A. 








Spodumene 
PYROXENE GROUP 
LiAISi2Og 


MONOCLINIC ee 
Varieties: kunzite, hiddenite, triphane 


Properties: C — white, gray, yellowish (triphane), 
green (hiddenite), pink to purple (kunzite); S —- 
white: L — vitreous to dull: D - transparent to trans- 
lucent: DE — 3.2; H - 6.5-7.5; CL - good; F — uneven 
to conchoidal: M — long to short prismatic crystals, 
cleavable aggregates, granular; LU — orange. 

Origin and occurrence: Magmatic in granitic pegma- 
tites; hydrothermal in pegmatite cavities. It is known 
from many localities. Its poorly developed crystals up 
to 6 m (20 ft) long occur in the Etta mine, Keystone, 
South Dakota and in Kings Mountain, North 
Carolina, USA. Transparent kunzite crystals up to 40 
cm (15% in) long come from Mawi, Laghman, Af- 
ghanistan. Kunzite crystals up to 280 mm (11 in) 
long found in the Pala Chief: mine, Pala, California, 
USA. Cracked kunzite crystals, up to 1 m (39%s in) 
long known from Aracuai, Minas Gerais, Brazil. Hid- 
denite occurs in crystals up to 250 mm (9'"/s in) long 
in Resplendor, Minas Gerais, Brazil. It also comes 
from the Adams property, North Carolina, USA. 
Application: raw material for ceramics, kunzite and 
hiddenite are cut as gemstones. 





Carpholite, 70 mm, Horns Slavkov, Czech Republic 





Carpholite 
MnAl2Si20¢(OH)4 


ORTHORHOMBIC ee 


Properties: C — various hues of yellow: S - white: L 
— vitreous to dull; D — translucent; DE — 3.0; H-5- 
5.5; CL - good: F - uneven to conchoidal: M — 
acicular crystals and their aggregates. 

Origin and occurrence: Wydrothermal in veins, 


Lorenzenite, 20 mm xx, Flora Mt., Kola, Russia 





cross-culting greisens, associated with fluorite, 
quartz and cassiterite; also in metamorphic rocks. It 
was described from Horni Slavkov, Czech Republic, 
where it forms acicular crystals up to 10 mm (*/s in) 
long and radial aggregates. It is also known from 
Meuville. Belgium and Wippra, Germany. 


Lorenzenite 
NagTi 2S8i2z09 


ORTHORHOMBIC ee 


Properties: C — brown to black: S - yellowish; L - 
vitreous to dull; D — translucent to opaque; DE — 3.4: 
H — 6; CL - good; F - uneven to conchoidal: M - 
prismatic crystals, columnar aggregates, granular. 

Origin and occurrence: Magmatic in alkaline syenites 
and their pegmatites. associated with astrophyllite, 
nepheline and aegirinc. Crystals up to 80 mm (3'/s in) 
long come from Mount Flora, Lovozero massif, Kola 
Peninsula, Russia. Other localities are Narssarssuk. 
Greenland and Mont St.-Hilaire, Quebec, Canada. 


Ajoite 
(K,Na)Cu7zAlSigO24(OH), .3 H2O 


TRICLINIC e 


Properiies: C — blue-green; S — light green; L - vitreous 
to dull; D -- translucent to opaque; DE — 3.0; H — not 
determined; CL - not determined; F - uncven to 
conchoidal: M — prismatic crystals, massive. 

Origin and occurrence: Secondary in Cu deposits, 
associated with shattuckite. It occurs rarely as small 
crystals in the New Cornelia mine, Ajo, Arizona, 
USA. It is also known as inclusions in quartz crystals 
in the Messina mine, Transvaal, South Africa. 


Ajoite, 60 mm, Ajo, USA. 
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Holnquistite, 60 mm, Lac Matartic, Canada 






Antophyllite 
AMPHIBOLE GROUP 
Mg7SigO27(OH,F)2 
ORTHORHOMBIC @eeee 

Properties: C -— white, light brown, yellow, light 
green; S — white; L — vitreous to dull: D - transparent 
to translucent; DE — 3.4: H -- 5.5-6; CL - good: F 
uneven to conchoidal: M - long prismatic crystals, 
columnar and radial aggregates. granular. 

Origin and occurrence: Metamorphic in gneisses, 


Anthophytlite, 60 mm, North Carolina, US.A. 


serpentinites and at the contact of serpentinites and 
pegmatites, usually with actinolite or tremolite and 
cordicrite. Crystals up to 150 mm (6 in) long come 
from the Marbridge No.I mine. Quebec, Canada. It 
is also known from Bodenmais, Germany: Snarum, 
Sweden and Hermanov, Czech Republic. 


Holmquistite 
AMPHIBOLE GROUP 
Li2Mg3Al2SigO72(OH,F)2 


ORTHORHOMBIC eee 


Properties: C - bluc. purple, gray, black: S — white; L 
— vitreous to dull; D - transparent to translucent; DE - 
3.0; H — 5.5-6; CL - good; F — uneven to conchoidal; 
M -— acicular and prismatic crystals, fibrous 
agercgates, granular. 

Origin and occurrence: Hydrothermal at the 
contacts between complex Li-bearing pegmatites 
and amphibolites, sometimes associated with biotite. 
It occurs in Greenbushes, Western Australia, 
Australia where its tibers reach up to !80 mm (7'/is 
in) in length. It is also known from Uto, Sweden; 
Manono, Zaire and Brandbrucken, Austria. 


Manganogedrite 
AMPHIBOLE GROUP 
Mn2FesSigO29(OH)2 


MONOCLINIC ee 


Properties: C — gray, dark green, brown, greenish; S — 
white; L — vitreous to dull; D — translucent to opaque; 
DE - 3.5; H - 5-6; CL- good; F - uneven to 
conchoidal; M - columnar, acicular and radial 
aggregates, granular. 

Origin and occurrence: Metamorphic in contact and 
regionally metamorphosed Mn rich rocks, associated 
with chlorite and magnetite. It comes from 
Dannemora, Sweden and elsewhere. 


Manganogedrite, 70 mm. Franz Joseph leeberg, New 
Zealand 





Tremolite, 37 mm, Maricopa Ce., Arizona, USA. 


Actinolite, 30 mm xx, Austris 





Tremolite 
AMPHIBOLE GROUP 
CazMgs5SigO79(OH)2 
MONOCLINIC @eeoeoee 

Properties: C — white. gray, greenish, green, brown, 
pink: S - white; L — vitreous to dull; D — transparent 
to translucent; DE - 2.9. H — 5-6: CL - good: F 
uneven to conchoidal: M — columnar, acicular and 
radial aggregates. granular. 

Origin and occurrence: Metamorphic in contact and 
tegionally metamorphosed rocks, dolomites and 
ultrabasic rocks: hydrothermal in the Alpine-type 
veins, typically associated with diopside, talc, 
dolomite and calcite. It is a typical rock-forming 
mineral, known from many localities. Prismatic 
crystals up to 40 cm (15% in) long come from 
Brumado, Bahia, Brazil. It occurs also in Campo- 
lungo, Switzerland: Zillertal. Austria: Gouverneur. 
New York. USA and elsewhere. 


Actinolite 
AMPHIBOLE GROUP 
Caz(Mg,Fe)5SigO29(OH)2 
MONOCLINIC @eeee 

Properties: C - light green to almost black: S ~ 
white; L - vitreous to dull: D- transparent to trans- 
lucent; DE ~ 3.2: H — 5-6, CL — good: F — uneven to 
conchoidal; M - columnar, acicular and radial 
aggregates, granular. 

Origin and occurrence: Metamorphic in contact and 
tegionally metamorphosed rocks, also in dolomites 
and some basic rocks (amphibolites. shales). It is a 
typical rock-forming mineral, associated with 
anthophylite, chlorite. talc. dolomite and calcite. It is 
known from many localities where it forms columnar 
agercgates up to 250 mm (9%. in) long, as in 
Knappenwand and Zillertal. Austria; Val Malenco, 
Italy; Brumado, BahRa, Brazil and Sobotin, Czech 
Republic. 


Edenite 

AMPHIBOLE GROUP 
NaCa2(Mg,Fe)5SizAlO73(OH)2 
MONOCLINIC @eee 

Properties: C — white, gray to dark green; S — white; 
L - vitreous to dull; D — transparent, translucent to 
opaque; DE ~ 3.1; H - 5-6; CL — good; F -- uneven 
to conchoidal; M — prismatic crystals, granular. 
Origin and occurrence: Metamorphic in regionally 
metamorphosed basic rocks and marbles; magmatic 
in diorites and gabbros. Typical rock-forming 
mineral, its crystals up to 40 mm (1% in) long come 
from Edenville, New York, USA and Bancroft, 
Ontario, Canada. 


Edenite, 48 mm, Wilberforce, Canada 
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Pargasite 

AMPHIBOLE GROUP 
NaCa2(Mg,Fe)4AlSi,AlzO22(OH)2 
MONOCLINIC @eeo0e 

Properties: C — light brown, green-blue, brown to 
black-brown; S — white: L - vitreous to dull; D - 
transparent to translucent; DE - 3.1; H - 5-6; CL — 
good; F — uneven to conchoidal; M — prismatic 
crystals, granular, massive. 

Origin and occurrence: Metamorphic in regionally 
metamorphosed basic rocks, marbles and skarns; 
Magmatic in diorites and gabbros; typical rock- 
forming mineral. Crystals up to 80 mm (34 in) 
across come from the Jensen quarry, Riverside, 
California, USA; Pargas, Finland; Hunza, Pakistan. 


Common Amphibole 
AMPHIBOLE GROUP 
(Ca,Na)2(Mg,Fe,Al).(Si,Al)gO22(OH,F)2 
MONOCLINIC e@eeeed 

Properties: C — dark green, brown to black: S - gray: 
L — vitreous to dull: D - translucent to opaque: DE - 
3.4; H — 5-6; CL — good; F — uneven to conchoidal: 
M - short prismatic crystals, columnar aggregates. 
granular. 

Origin and occurrence: Metamorphic in basic rocks. 
as amphibolites and shales; magmatic in some 
igneous rocks, as syenites, diorites, andesitcs and 
basalts. Typical rock-forming mineral, known from 
many localities. Large crystals up to 1 m (39%¥« in) 
long come from Silver Crater, Ontario, Canada. It is 
also known from Zillertal, Austria; Lukov, Czech 
Republic and clsewherc. 


Pargasite, 70 mm, Limberg, Parainen, Finniand 


— 


TAN 






Common Amphibole, 50 mm x, Lukov, Czech Republic 


Richterite 

AMPHIBOLE GROUP 
Na2Ca(Mg,Fe,Al)5(Si,Al)gO22(OH,F)2 
MONOCLINIC ee0 

Properties: C — brown, yellow, dark red, dark green; 
S — gray: L — vitreous to dull; D — transparent to 
translucent; DE - 3.1; Hl - 5-6: CL -— good; F - 
uneven to conchoidal: M — long prismatic crystals, 
columnar aggregates, granular. 

Origin and occurrence: Magmatic in alkaline rocks, 
as trachytes and alkaline granites: rare metamorphic 
in some metamorphosed rocks, as skarns and 
marbles. Crystals up to 100 mm (4 in) long come 
from Wilberforce, Ontario, Canada and Langban, 
Sweden. 


Richterite, 40 mm, Wilberforce, Canada 


Riebeckite, 45 mm, Griqualand, South Africa 





Riebeckite 


AMPHIBOLE GROUP 
Na(Fe2*,Mg)3Fe>* SigO27(OH)2 


MONOCLINIC @eee 


Varieties: crocidolite (tiger’s eye) 


Properties: C ~ dark blue to black, crocydolite — gray- 
blue; S — white; L - vitreous to dull; D— translucent to 
opaque; DE ~ 3.4; H — 5; CL — perfect: F — uneven to 
conchoidal; M — long prismatic crystals, acicular to 
fibrous aggregates. 

Origin and occurrence: Magmatic in alkaline rocks, 
as granites, syenites and rhyolites; metamorphic in 
regionally metamorphosed Fe rich shales. Large 
crystals up to 150 mm (6 in) long come from 
Khangay, Mongolia. Crocidolite is famous from 
Griqualand, South Africa. 


Wollastonite, 44 mm, Crestmore, USA. 








Aenigmatite, 40 mm xx, Eveslogchorr, Kola, Russia 


Aenigmatite 
Na7Fes TiSigQO29 


TRICLINIC ee 


Properties: C - black; S — red-brown; L — submetal- 
lic to dull; D -almost opaque; DE - 3.8; H - 5.5; CL 

perfect: F — uneven to conchoidal; M — long pris- 
matic crystals, columnar aggregates, granular. 
Origin and occurrence: Magmatic in alkaline 
syenites and volcanic rocks, associated with aegirine 
and arfvedsonite. It occurs in Julianchab, Greenland; 
Lipari Island, Italy and elsewhere. 


Wollastonite 
Ca3Siz09 
TRICLINIC e@eee0e 

Properties: C - white, gray, light greenish, pink; S - 
white: L - vitrous to dull; D — transparent to 
translucent; DE - 3.0; H — 4.5-5; CL - good; F - 
uneven to conchoidal; M — tabular to short prismatic 
crystals, columnar and radial aggregates, granular: 
LU - orange. 

Origin and occurrence: Metamorphic mainly in 
contact metamorphosed rocks, as marbles, skarns, 
less common in pyroxene gneisses and quartzites, 
associated with grossular. diopside and vesuvianite. 
Columnar and acicular aggregates up to 180 mm 
(7'he in) long occur in the Strickland quarry, 
Connecticut, USA. It also come from Crestmore, 
California, USA: Ciclova, Romania and Zulova , 
Czech Republic. Short prismatic crystals up to 30cm 
(12 in) across are known from the Santa Fe mine, 
Chiapas, Mexico. 
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Bustamite, 20 mm xx, Broken Hill, Australia 





Bustamite 
(Mn,Ca)3Si3O9 


TRICLINIC eee 


Properties: C — pink to red-brown; S — white; 1. 
vitreous to dull; D — transparent to translucent; DE - 
3.4; H - 5.5-6.5; CL - good; F — uneven to 
conchoidal; M -— tabular crystals, acicular 
aggregates, massive. 

Origin and occurrence: Metamorphic or hydro- 
thermal in Mn rich metamorphic rocks or skars. It 
is associated with rhodonite and other Mn silicates in 
Franklin, New Jerscy, USA; Langban. Sweden: 
Broken Hill, New South Wales, Australia. 


Pectolite, 70 mm, Zelechovske udoli, Czech Republic 








Pectolite 
CazNaSi30g(OH) 
TRICLINIC @ee 

Properties: C — white, pinkish; S — white; L - 
vitreous to dull; D — transparent to translucent; DE - 
2.9; H — 4.5-5; CL — good; F - uneven to conchoidal; 
M B acicular and radial aggregates; LU — locally 
yellow to orange. 

Origin and occurrence: Hydrothermal in basalt 
cavities, less frequently along the cracks in marbles. 
associated with zeolites. Classic localities are West 
Paterson, New Jersey, USA, where it forms acicular 
spherical aggregates up to 180 mm (7'/« in) across; 
also Monte Baldo, Italy; Zclechovske udoli, Czech 
Republic. Prismatic crystals up to 50 mm (2 in) long 
come from Mont St.-Hilaire, Quebec, Canada. 


Serandite 
MnzNaSi3Og(OH) 


TRICLINIC e 


Properties: C - pink, red; S -— white; L — vitreous to 
dull; D - transparent to translucent; DE - 2.9; H — 4.5- 
5; CL — good; F - uneven to conchoidal; M — tabular 
and prismatic crystals, granular. 

Origin and occurrence: Hydrothermal in cavities of 
igneous rocks (alkaline sycnite, carbonatitc) together 
with acgirine and analcime. Perfect pink crystals up 
to 200 mm (7% in) long come from Mont St.- 


Serandite. 25 mm. Mont St.-Hilaire, Canada 


Hilaire. Quebec. Canada; crystals up to 60 mm (2°/s 


in} long found in the Yubileinaya dike, Mount 
Karnasurt, Lovozero massif. Kola Peninsula, Russia. 


Charoite 
(K,Sr,Ba)(Ca,Na)9(Si,Al) 40 | 9(OH,F) 


TRICLINIC ee 


Properties: C - purple; S - white; L — vitreous to dull; 
D - translucent to opaque; DE — 2.6; H - 5-6; CL - 
good: F - uneven; M — fibrous aggregates, massive. 
Origin and occurrence: Hydrothermal in alkaline 
igneous rocks, associated with acgirine and nephe- 
line. Rich aggregates occur in Sirenevyi Kamen. 
Chara river basin, Murun massif, Yakutia. Russia. 
Application: cut and polished as decorative stonc. 


Agrellite 
NaCa2Si4gO I oF 


TRICLINIC e 


Properties: C — gray-white to greenish; § -- white; L 
— vitreous, dull to pearly; D - transparent to 
translucent; DE — 2.9: H ~ 5.5: CL - good: F - 
uneven: M — long prismatic crystals, granular. 

Origin and occurrence: Metamorphic in alkaline 
gneisses. It occurs as prismatic crystals up to 100 mm 
(4 in) long in the Kipawa river basin, Quebec, Canada. 


Okenite 
CaSi2z04(OH)2 . H,0 


TRICLINIC ee 


Properties; C — white, yellowish: S - white; L - 
vitreous to dull; D — transparent to translucent: DE - 
2.3; H — 4.5-5; CL - good; F - uneven to conchoidal: 
M_ B blade-shaped crystals. acicular crystals and 
their spherical aggregates. 


Agrellite, 120 mm, Kipawa, Canada 








Charaite, 50 nm, Sirenevyi Kamen, Russia 
SS 


oI 


Hydrothermal in basalt 


Origin and occurrence: 
cavitics together with zeolites. Rich acicular 
sphcrical aggregates up to 80 mm (3'/s in) in 
diameter come from basalt cavitics in the vicinity of 
Poona, India: also known from Facroc Islands. 


Okenite, 125 mm, Mumbai, India 
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How to solder 


This pdf refers on informations from the site: http://store.curiousinventor.com/guides/ 
Have also a look to the 7min. Tutorial video on: _http://store.curiousinventor.com/guides/How_to Solder 








Select a Soldering Iron 


A 25 or 30 Watt iron should suffice for most small electronics work. 


1. 


Most soldering "guns" are vastly overpowered for electronics soldering and can easily overheat 
components or expose them to harmful voltages. However, some people cleverly use them to solder 
multiple leads on surface mount devices. Soldering "guns" are for plumbing and much heavier duty 
applications, and are usually over 100 Watts. The "guns" work by passing high currents through the 
tips, and these currents can generate voltages that damage electronic components. Also, magnetic fields 
from guns with transformers can damage some electronics.By forming the heating element in the shape 
of of the chip, a soldering gun can be used to heat many leads simultaneously. 


How much wattage do you need for a particular application and how does wattage relate to tip 
temperature? 


A loose analogy: Imagine a car tire has a leak, but you’re trying to keep it inflated by pumping air into 
the tire at the same time it's escaping out the leak. The bigger the leak, the more air you have to pump 
into it to keep the pressure up. If the tire pressure represents tip temperature and the air lost through the 
leak represents heat lost through the tip, then wattage represents the maximum amount of air your pump 
could supply. Once more air escapes through the leak than your pump can replace, the tire pressure (or 
tip temperature) starts to drop. 


If you had a very small leak and a huge pump (say a 100 Watt iron equivalent), you might be afraid that 
the pump would cause the tire to explode since so much more air is going in and so little going out. But 
if you have a nozzle to regulate the pump's air, you could only allow just the right amount of air in to 
replace what's lost through the leak. This is how "temperature controlled" soldering irons work. As long 
as you aren't losing more heat out of the tip than the iron can replace (up to its rated wattage), it will 
automatically regulate just the right amount of heat into the tip to maintain the same temperature. 


However, typical plug-in irons have no such regulation. A 15 Watt iron always delivers 15 Watts of 
heat to the tip, and the tip temperature stops increasing only when 15 Watts of heat escape through the 
air. When the tip touches a part, its temperature drops, and if the part you're soldering can dissipate 
enough heat, the temperature will keep dropping until it won't melt solder any more. After the iron is 
pulled away from the joint, the temperature will climb again. There is some amount of natural 
regulation: as the tip gets hotter, it dissipates more heat, and as it gets cooler, it dissipates less. 


Usually, the bigger the component the more heat it can absorb and dissipate, so the general rule is that 
you need more wattage for larger parts. If you're just soldering small resistors and ICs, 15 Watts will 
probably suffice, but you may have to wait a bit in between joints for the tip to recover. If you're 
soldering larger components, especially ones with heat sinks (like voltage regulators), or doing a lot of 
soldering, you'll probably want a 25 or 30 Watt iron. For soldering larger things like 10 gauge copper 
wire, motor casings, or large heat sinks, you may need upwards of a 50 Watt iron or more. The 
following video shows what happens to tip temperature as 15, 25, and 40 Watt irons solder various 
sizes of wires and components. For cheap irons, higher wattage does indeed mean higher temperatures! 


What is the difference between cheap RadioShack® irons and more expensive ones like Wellers®? 
What do $100+ and $400+ soldering "stations" have over the cheaper kinds that plug straight into the 
wall? expand Among the irons that plug straight into a wall and don't have a separate station, the dirt 
cheap kinds will work satisfactorily for many applications. From personal experience, the tips on 
RadioShack® irons often come loose and sometimes can be impossible to remove. The irons can also 
get uncomfortably hot to hold after several hours of use. The more professional Weller (or other) lines 
are made for longer, continuous use and have insulation on the handles that keeps them cooler. They 


Xonotlite, 20 mm vein, Stare Ransko, Czech Republic 





Xonotlite 
CagSigO| 7(OH)2 


MONOCLINIC ee 


Properties: C - white, pinkish. gray: S — white; L - 
vitreous, dull to pearly: D - transparent to 
translucent: DE - 2.7, H - 6.5; CL — good; F - 
uneven to conchoidal; M — acicular to fibrous 
aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities of 


Elpidite, 128 mm, Mont St.-Hilaire, Canada 





basic and ultrabasic rocks and in the Alpine-type 
veins, associated with calcite and zeolites: rare meta- 
morphic in skarns and in contact metamorphosed 
marbles. It comes from Tetela de Xonotla, Puebla, 
Mexico; Crestmore, California, USA; Mihara mine, 
Japan. It is was also found in Stare Ransko. Czech 
Republic. 


Elpidite 
Na2ZrSigO 15° 3 H0 


ORTHORHOMBIC 6@e 


Properties: B — colorless. yellowish, red: S — white: 
L - vitreous to dull; D — transparent to translucent; 
DE —- 2.6: H - 5.5-6.5: CL — good: F - uneven to 
conchoidal: M — long prismatic crystals, fibrous 
aggregates. 

Origin and occurrence: Hydrothermal in albitized 
parts of alkaline pegmatites, associated with albite 
and aegirine. Perfect crystals up to 30 cm (I2 in) 
long come from Tarbagatay, Kazakhstan. Crystals up 
to 200 mm (7% in) long found at Mont St.-Hilaire, 
Quebec, Canada. Also known from Khan Bogdo, 
Gobi desert. Mongolia; Umbozero mine on Mount 
Alluaiv. Lovozero massif, Kola Peninsula, Russia. 


Rhodonite, 35 mm x, Broken Hill, Australia 


Rhodonite, 70 mm, Malove Sedeinikovo, Ural. Mts., Russia 





Rodonite 
CaMngSi3zO9 


TRICLINIC eee 


Properties: C - pink, red, red-brown, gray; S - white; 
L - vitreous to dull: D - transparent to translucent: 
DE - 3.7; H = 5.5-6.5; CL — good: F — uneven to 
conchoidal: M — tabular crystals. granular. massive. 
Origin and occurrence: Metamorphic in Mn-rich 
rocks, hydrothermal in ore veins, associated with 
spessartine and Mn oxides. Perfect crystals up to 200 
mm (7"4 in) long come from Franklin, New Jersey, 
USA; also from Broken Hill, New South Wales, 
Australia. 

Granular and massive aggregates occur in Langban. 
Sweden and in Maloye Sidelnikovo, Ural mountains, 
Russia. 

Application: cut and polished as a decorative stone. 


Babingtonite 
CazFe2*Fe3*SigO, 4(OH) 


TRICLINIC ee 


Properties: C - green-black to black-brown; S - 
green-gray: L - vitreous to dull: D - translucent to 
opaque: DE — 3.3; H- 5. 5-6; CL - good: F - uneven 
to conchoidal; M — short prismatic crystals, granular. 
Origin and occurrence: Hydrothermal along the 
cracks in rocks, associated with prehnite, adularia and 
epidote. 

Well-formed crystals about 20 mm (*4/: in) across are 


known from Arendal, Norway. Other localities are 
Westfield. Massachusetts, USA: Baveno, Italy. 


Babingtonite, 5 mm x, Mumbai, India 
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Kinoite 
Ca7Cu7Siz0g(OH),4 


MONOCLINIC e 


Properties: C — bluc; S -- light blue: L — vitreous to 
dull; D — transparent to translucent; DE - 3.2; H—- $; 
CL B perfect: F — uneven to conchoidal; M ~ pris- 
matic crystals, granular. 

Origin and occurrence: Hydrothermal along cracks 
in rocks, associated with apophyllite and copper. 
Small crystals were found in the Christmas mine. 
Santa Rita mountains, Arizona, also in the Kearsarge 
vein, Keweenaw Peninsula, Michigan, USA. 


[nesite 
Ca2Mn7Si I 0©28(OH)2 5 H3z0 


TRICLINIC ee 


Properties: C - pink, brown: S - white; L - vitreous 
to dull; D — translucent; DE — 3.0; H - 3.5; CL - 
good; F — uneven to conchoidal, M ~ short prismatic 
and tabular crystals. columnar and radial aggregates, 
granular. 

Origin and occurrence: Hydrothermal in ore veins, 
associated with rhodochrosite, rhodonite and calcite. 
Rich agegrcgates and well-formed crystals about 10 
mm (°/s in) across found in Langban, Sweden: also in 
Hale Creek, California, USA: Broken Hill, New 


Kinoite, 36 mm, Christmas Mine, U.S.A. 





AK 





South Wales, Australia. Its spherical aggregates up to 
30 mm (14 in) in diameter are known from the 
Wessels mine, Kuruman, South Africa. 


Neptunite 
KNajLiFe2Ti7SigO27 


MONOCLINIC ee 


Properties: C -- dark brown to black; S - red-brown; 
L = vitreous to submetallic; D -- translucent to 
opaque; DE — 3. 2; H — 5-6; CL — good; F — uneven 
to conchoidal; M -- long prismatic crystals, granular. 
Origin and occurrence: Hydrothermal in veins, 
associated with natrolite, benitoite and eudialyte. 
Well-formed prismatic crystals up to 80 mm (3'/s in) 
long come from the Benitoite Gem mine, San Benito 
Co., California, USA. It is also known from Mont 
St.-Hilaire, Quebec. Canada and Narssarssuk, 
Greenland. 


Epididymite 

NaBe7Si307(OH) 

ORTHORHOMBIC ee 

Properties: C — white, gray, yellowish; S — white; L 


vitreous to dull; D — transparent to translucent: DE 
- 2.6; H - 6-7; CL — good; F -- uneven to conchoidal; 


Inesite, 50 mm, Kuruman, South Africa 





Neptunite, 28 mm, San Bentta Co, U.S.A. 





M - tabular crystals. lamellar aggregates. granular. 
Origin and occurrence: Hydrothermal in cavities of 
alkaline pegmatites, associated with zeolites. 
Tabular crystals up to 60 mm (2% in) across come 
from Mount Malosa. Malawi. It is also known from 
Langesundsfjord. Norway; Mont St.-Hilaire. 
Quebec, Canada; Narssarssuk, Greenland. 


Bavenite, 40 mm, Yermolayevskove, Russia 








Bavenite 
CagAl2BeSigQ02¢4(OH)> 


ORTHORHOMBIC eee 


Properties: C - white, yellowish, pinkish: S ~ white; L 
vitreous to dull; D - transparent to translucent; DE 
2.8; H - 5.5; CL — good; F - uneven to conchoidal; M 

prismatic to tabular crystals. radial and lamellar 
aggregates. Origin and occurrence: Hydrothermal in 
pegmatic cavitics with albite: typically produced by 
beryl replacement in pegmatites or helvite replacement 
in skarns. Found in Baveno, Italy with crystals up to 20 
mm (#42 in) across. Also known from Strzegom, 
Poland. Crystals up to 4 mm (*/ in) across found in the 
Hewitt quarry, USA. 


Epididymite, 70 mm, Apatity. Kola, Russia 
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Prehnite, 28 mm, Brandberg, Namibia 






Prehnite 
CaAl7SizO ; 9(OH)2 
ORTHORHOMBIC eeee 

Properties: C — white, greenish to green, yellow, 
gray: S — white; L — vitreous; PS - transparent to 
translucent; DE - 2.9; H — 6-6.5; CL - good: F - 
uneven to conchoidal; M — tabular to prismatic crys- 
tals, usually forming botryoidal or spherical aggre- 
gates, granular. 

Origin and occurrence: Hydrothermal in basalt 
cavities and in the Alpine-type veins, commonly 
associated with calcitc, albite, epidote and zcolites. 
Rich aggregates are known from West Paterson, New 
Jersey, USA: Val di Fassa, Italy; Poona, India. 


Astrophyllite, 30 mm xx, Khibiny Massif, Kola, Russia 


QAR 





Fluorapophyllite, 47 mm, Poona, india 


Crystals up to 45 mm (1% in) across found in 
Copper Valley, Brandberg, Namibia, Asbestos, 
Quebec, Canada and Talnakh, Siberia, Russia. 


Astrophyllite 
(K,Na)3(Fe,Mn)7Ti2SigO24(0,OH)7 


TRICLINIC ee 


Properties: C — various hues of yellow; S— white; L - 
vitreous to dull; D — transparent to translucent; DE - 
3.3; H — 3; CL - good; F - uneven to conchoidal: M - 
long prismatic crystals, bladed aggregates. 

Origin and occurrence: Magmatic in alkaline peg- 
matites. Crystals and their radial aggregates reaching 
up to 100 mm (4 in) come from Mount Eveslogchorr. 
Khibiny massif, Kola Peninsula., Russia. It is also 
known from Mont St.-Hilaire, Quebec. Canada. 


Fluorapophyllite 
KCagSigO29(FOH) .8 HzO 


TETRAGONAL eee 


Properties: C - white, grecnish yellowish, pinkish; S 
— white: L — greasy to pearly; D — transparent to 
translucent; DE — 2.4; H — 4.5-5; CL — perfect; F - 
uneven; M — prismatic and tabular crystals. lamellar 
agercgates, massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, along the cracks in the Alpine-type 
veins, in ore veins and pegmatites. Well-formed 
crystals up to 100 mm (4 in) long are known from 
Jalgaon and Poona. India: Centreville and Fairfax, 


Pyrophyllite, 37 mm, California, U.S.A. 





Virginia, USA. Other localities are St. Andreasberg. 
Germany; Bento Gongalves. Rio Grande do Sul. 
Brazil. 


Pyrophyllite 
Al,Si4O1 9(OH)2 


MONOCLINIC @eeee 


Varieties: agalmatolite 


Properties: C - white, greenish, yellow, gray; S - 
white; L - greasy to pearly: D - translucent to 
transparent; DE - 2.8; H - 1-2; CL — perfect; F - 
uneven; M B foliated and lamellar aggregates, 
massive (agalmatolite), radial to acicular aggregates. 
Origin and occurrence: Metamorphic in Al-rich 
rocks, together with andalusite and kyanite, hydro- 
thermal in veins with quartz and micas. Rich foliated 
and radial aggregates and poorly-formed crystals up 
to 10 mm (°/s in) across arc known from Zermatt. 
Switzerland: Berezovsk, Ural mountains, Russia and 
the Champion mine, California, USA. 

Application: heat-resistant material, agalmatolite as 
decorative stone. 


Tale 
Mg3Sig©19(OH)2 


MONOCLINIC @#e@eee0e 

Properties: C — white, greenish, yellow, pinkish, 
gray; S - white; L — greasy to pearly; D - transparent 
to translucent; DE — 2.8: H — 1: CL — perfect; F - 





Agaimatolite, 70 mm, India 


uneven; M — tabular crystals, foliated aggregates. 
massive. 

Origin and occurrence: Metamorphic in metamor- 
phosed basic rocks and dolomites, together with 
actinolite. dolomite and chlorite; hydrothermal in veins. 
Tabular crystals up to 20 mm ("%/x in) across come from 
Brumado, Bahia, Brazil and Chester, Massachusetts, 
USA. Rich foliated aggregates are known from Ziller- 
tal, Austria. Pscudo-morphs after quartz crystals come 
from St. Gotthard, Switzerland. Large deposits of 
massive talc are mined in China. 

Application: as a filling material in textile, paper and 
chemical industries, heat-resistant material. 


Tale, 61 mm, Rochester, U.S.A. 
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Muscovite 
MICA GROUP 
KAI3Si30  9(OH,F)2 
MONOCLINIC @eeee 

Varieties: fuchsite 

Properties: C - white. greenish. yellowish. pinkish, 
green (fuchsite), gray: S - white: L — vitreous to 
pearly: D — transparent to translucent; DE - 2.8; H 
2.5-3: CL — perfect: F — uneven; M — tabular crystals, 
lamellar and scaly aggregates, massive. 

Origin and occurrence: Metamorphic in various 
rock types, as mica schists, gneisses; magmatic in 
granites and pegmatites; hydrothermal in veins ar 
next to ore veins (fuchsite). Important rock-forming 
mineral, usually associated with quartz, K-feldspar, 
albite and biotitc. Its sheets, reached up to $x 3 min 
size and weighed up to 85 tons in the Inikurti mine, 
Nellore, India. Large sheets arc also known from 
Custer, South Dakota, USA. Well-formed crystals up 
to 100 mm (4 in) across come from Alabashka near 
Murzinka, Ural mountains, Russia. Other famous 
localities include Mamsk, Ural mountains, Russia 
and Cruzciro mine, Minas Gerais. Brazil, where 
gemmy crystals were found. 

Application: insulation material in electrical applica- 
tions and construction. 


Muscovite, 35 nim, Plunos, California, US.A. 





6n 





Celadonite 

MICA GROUP 
KFe3*(Mg,Fe2* Al)Sig0 | (OH) 2 
MONOCLINIC eee 

Properties: C -- light green to blue-green; S — white; 
L- dull; D - translucent to almost opaque; DE — 3.0; 
H - 2; CL - perfect: F — uneven: M - carthy, 
sometime small scaly aggregates, massive. 

Origin and occurrence: Hydrothermal as a product 
of mafic mineral replacement in volcanic rocks, 
associated with zeolites, prehnite and calcite. 
Famous localities are Val di Fassa and Monte Balda, 
Italy; also known from Bisbee, Arizona, USA. 


Boromuscovite 
MICA GROUP 
KAI, BSi30 | (OH) 


MONOCLINIC e 


Properties: C — ycllowish; S - white; L - dull; D 
transparent to translucent; DE - 2.8; H — 2.5; CL 
perfect; F - uneven; M —- small scaly aggregates, 
massive. 

Origin and occurrence: Hydrothermal in cavities in 


Fuchsite, 4 mn xx, Pamir. Tadzhikistan 


Celadonite, 60 mm, Unhost'any, Czech Republic 





complcx pegmatites, associated with albite, elbaitc 
and Icpidolite. Fine-grained scaly aggregates were 
described from the Litthe Three minc, Ramona, 
California, USA; also in Recice, Czech Republic. 


Paragonite 
MICA GROUP 
NaAl3Si30 | 9(OH,F)2 


MONOCLINIC eee 


Properties: C -— white, greenish, yellowish, pinkish: 
S - white: L - vitreous to pearly; D — transparent to 
translucent: DE — 2.8: H — 2.5; CL B perfect; F - 
uneven: M - tabular crystals, scaly aggregates, 
massive. 

Origin and occurrence: Metamorphic in various 
rock types, as mica schists and gneisses. Fine- 
grained scaly aggregates are known from Pizzo 
Forno. Switzerland and elsewhere. 


Boromuscovite, 40 mm, Ramona, U.S.A. 








Puragonite, 80 mm, St.Gotthard, Switzerland 






Glauconite 

MICA GROUP 

Ko 9(Al,Fe2*,Fe3*,Mg)(Si,Al)4® | 9(OH)2 
MONOCLINIC @eeees8e 

Properties: C - light green, yellow-green to blue- 
green; S — light green; L - dull; PS - translucent to 
opaque: DE - 2.9; H - 2; CL B perfect; F - uneven: 
M B earthy and platy agercgates, massive. 

Origin and occurrence: Hydrothermal in sedimen- 
tary and volcanic sedimentary rocks, also as a pro- 
duct of replacement of mafic minerals in volcanic 
rocks. Common in sandstones and limestones, 
locally associated also with phosphorites. It occurs 
in many localities in the Karpathians, Poland; in 
Polabi region, Czcch Republic. Massive aggregates 
are known from the N’Chwaning No. 2 mine. 
Kuruman. South Africa. 


Glauconite, 80 mm, Malomerice, Czech Republic 
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Annite, 120 mm. Budec. Czech Republic 


Philogopite, 45 mm, Shulvanka, Russia; 





Annite 
MICA GROUP 
KFe3AISiz0 1 0(OH,F)2 


MONOCLINIC eee 


Properties: C - black, locally with reddish or 
greenish tint: S — colorless; L — vitreous to pearly; D 
— wansparent to translucent, locally opaque, DE - 
2.8; H — 2.5-3; CL — perfect: F — uneven; M — tabular 
crystals, lamellar aggregates, massive. 

Origin and occurrence: Metamorphic in skarns: 
magmatic in some pegmatites and granites. Its 
lamellar aggregates are known from Langban, Swe- 
den and Cape Ann, Massachusetts, USA. Crystals up 
to 150 mm (6 in) across come from Mont St.-Hilaire, 
Quebec, Canada. 


Phlogopite 
MICA GROUP 
MONOCLINIC @eeee 
Properties: © — light brown, greenish, yellowish, 
colorless, gray: S — white; L — vitreous to pearly; D 
transparent to translucent; DE — 2.8; H— 2.5-3; CL 
- perfect; F - uneven: M — tabular crystals, platy and 
scaly aggregates, massive. 
Origin and occurrence: Metamorphic in various 
rock types, as marbles and some ultrabasic rocks, at 
the contacts of pegmatites and serpentinites, mag- 
matic in some ultrabasic rocks and pegmatites, 
associated with dolomite, diopside, anthophyllite. 
Rich scaly aggregates come from many localities, as 
Pargas, Finland and clsewhere. Crystals up to 5 m 
(16 ft) across found in Sludyanka, Siberia, Russia. 
Crystals up to SO cm (20 in) across occurred in the 
Gardiner complex, Greenland. The largest crystals. 
10 x 5 m (33 x 16 ft) across, weighing up to 90 tons, 
come from the Lacy mine, Ontario, Canada. 
Application: as insulation material in electrical 
applications. 


4474 


Biotite 
MICA GROUP 
K(Fe,Mg)3AISi30 | 9(OH,F)2 
MONOCLINIC @eeeee 
Properties: C - brown to black, commonly with red 
or green tint; S — colorless; L — vitreous to pearly; D 
transparent to translucent, locally opaque; DE — 
2.8; H— 2.5-3; CL — perfect: F - uneven; M — tabular 
crystals, scaly aggregates. massive. 
Origin and occurrence: Metamorphic in various 
tock types. as mica schists, gneisses, migmatites and 
different types of metamorphosed shales; magmatic 
in pegmatites, granites, syenites and dioritcs, rare in 
basalts and ultrabasic rocks. Typical rock-forming 
mincral, usually associated with quartz, feldspars 
and muscovite. Rich scaly aggregates are known 
from a pegmatite in Evje, Norway, where its crystals 
reach up to several meters across. Other famous 
localities are Bessnes, France; Uluguru mountains, 
Tanzania; Silver Crater mince, Ontario, Canada and 
Laacher See, Germany. 


Polylithionite 
MICA GROUP 
KLi2AISi4O 19 (ROH) 


MONOCLINIC eee 


Properties: C - gray, colorless, yellowish, purple; S 
— colorless: L - vitreous to pearly; D — transparent to 
translucent; DE — 2.8; H - 2.5-3; CL — perfect; F - 
uneven; M 8B tabular crystals, scaly aggregates, 
massive. 

Origin and occurrence: Magmatic and locally also 
hydrothermal in alkaline pegmatites, granites and 
carbonatites, rare in Li-bearing granitic pegmatites. 
Well-formed crystals up to 40 mm (11s in) across 
are known from cavities in alkaline pegmatites from 
Mont St.-Hilaire, Quebec, Canada. [t comes also 
from [limaussag, Greenland and from cavities in 
granitic pegmatites in Recice, Czech Republic and 


Biotite, 30 mm x, Ontario, Canada 





elsewhere. Large industrial deposits known in 
Blatchford Lake, Northwest Territories. Canada. 
Application: Li and Cs ore. 


Trilithionite 

MICA GROUP 

KLi; sAlz 5SizOj9 (FOH)2 
MONOCLINIC eeee 

Properties: C — purple, pink, blue, colorless, green: 
S — colorless; L — vitreous to pearly: D — transparent 
to translucent: DE — 2.8; H — 2.5-3; CL — perfect: F 
~ uneven; M - tabular crystals. scaly aggregates, 
massive. 

Origin and occurrence: Magmatic in Li-bearing 
pegmatites and granites, commonly associated with 
elbaite, spodumene, petalite, quartz and albite; 
sometimes hydrothermal in quartz veins and peg- 
matites. Well-formed crystals from pegmatite cavi- 


Polvlithionite, 30 mm, Lovozero Massif, Kola, Russia 





ties are known from Virgem da Lapa, Minas Gerais, 
Brazil. Massive aggregates come from the Stewart 
Lithia mine, Pala, California and the Brown Derby 
No. | mine, Colorado, USA; Varutrask, Sweden: 
Rozna , Czech Republic: Meldon Quarry, Devon, 
UK, 

Application: Li and Cs ore. 


Zinnwaldite 

MICA GROUP 
KLiFeAl2Si30 10 (F,OH)2 
MONOCLINIC eee 

Properties: C — gray, colorless, brown: S — colorless; 
L - vitreous to pearly; D — transparent to translucent; 
DE - 3.7; H — 2.5-3; CL — perfect: F - uneven; M - 
tabular crystals, scaly aggregates, massive. 

Origin and occurrence: Hydrothermal in quartz 
veins and greisens: magmatic in pegmatites and 
granites, associated with fluorite, cassiterite and 
wolframite. Rich aggregates with scales up to 100 
mm (4 in) across are known from quartz veins in 
Cinovec, Czech Republic. Crystals up to 150 mm (6 
in) across come from pegmatite cavities in Virgem da 
Lapa. Minas Gerais, Brazil. It also occurs in the 
Pikes Peak batholith, Colorado, USA: Baveno, Italy. 
Application: Li ore. 


Trifithtonite, 70 mm, Tanco, Canada 





Zinnwaldite, 10 mm xx, Cinovec, Czech Republic 
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can also take a wider variety of tips. 

Soldering iron "stations" usually provide some control over the heat being supplied to the iron tip. Ones 
that are temperature controlled automatically control the amount of heat delivered to the tip so that it 
remains at a set temperature. In every iron, when the tip touches a component, some heat is lost and the 
temperature drops. One measure of quality is the time needed for the tip to regain its temperature. A 
nice feature of many soldering stations is that the tip heats up in seconds after you turn it on. 

Many stations also allow you to hot-swap the iron tip, which can be very helpful if you're alternating 
between surface mount joints and larger components. 


If standard tin-lead solder melts below 400 °F (and lead free below 500 °F), why do most soldering 
irons have tip temperatures between 600 and 800 °F? Just what is the right soldering temperature? 
expand The basic reason that tips are so much hotter than solder's melting point is because that 
difference helps to transfer heat faster to the joint. What is the "correct" temperature is a debatable 
topic, but a common rule of thumb is to start off at 600 °F and increase from there until acceptable 
results are achieved. Typical Kester (a solder manufacturer) datasheets recommend 600-700 °F for lead- 
based solder, and 700-800 °F for lead-free solder. "No-clean" or "low solids" fluxes will burn off before 
a joint can be made with higher temperatures, so low temperatures (below 700) may be essential for 
these fluxes. 

From Kester's hand-soldering knowledge base: "When hand soldering with a rosin flux such as the 
Kester #44 or the # 285 the recommended iron tip temperature is 750°F. If you are soldering with a low 
residue no clean solder such as the #245or # 275 we recommend a tip temperature of 600-650°F. 

What are acceptable results? The goal is to heat up the parts enough so that solder will adhere to them 
and form a good bond. The higher the iron temperature, the faster it will heat up the parts, so why not 
set it extremely high to work faster? 

Besides the obvious increased risk of overheating components and the board, higher temperatures cause 
the iron tip to oxidize faster and can significantly reduce its life. Some claim a 10 °C rise reduces tip 
life by half (ref p.33). For occasional use, though, tip life may not be much of a factor, especially if the 
tip is kept covered with solder at all times. 


Tip size and shape: a basic guide is to pick a tip that's slightly smaller than the pad you're soldering to. 
From there, you want a tip with a large thermal mass and short stroke (why?) In most soldering irons, 
the tip is not actually the heater, but sits in between your work and the heater. You can think of it like a 
heat bucket that empties into your work and gets filled again by the heater. Typically touching a 
component empties heat out of the tip much faster than the iron can replace it, and if you have a small 
bucket (tip), the temperature will quickly drop to an ineffective level. 

Especially if you have a small wattage iron (15 Watts or less), the temperature will drop before you can 
heat up a larger part, or you'll have to wait a bit in between joints for the tip temperature to recover. 
With a bigger bucket (tip), you can handle larger joints with smaller wattage, but eventually you'll need 
to step up the wattage. 

The "stroke", or length of the tip should be minimized to get the heater closer to the work; it takes some 
time for heat to transfer through the tip. This is balanced with the need to get into tight places where 
you need a longer tip. 


What do common tip shapes look like and what applications are they best for? 





Margarite, 73 mm, Chester, US.A, 





Margarite 
CaAl4SizO 1 o(OH)2 


MONOCLINIC eee 


Properties: C — pinkish, colorless, yellowish; S - 
colorless; L - vitreous to pearly; D ~ transparent to 
translucent; DE - 3.1; H -- 3.5-4.5: CL B perfect: F 
uneven; M - tabular crystals, platy and scaly 
aggregates. massive. 

Origin and occurrence: Metamorphic, associated 
with corundum, diaspore, tourmaline and staurolite 
in various types of metamorphosed shales. Coarse 
platy aggregates come from Chester, Massachusetts 
and Sterling Hill, New Jersey, USA. 


Clintonite, 3 mot xx, Pomaz, Hungary 
Ld . 











Clintonite 
Ca(Mg,Al)3(Al3Si)O j 9(OH)2 


MONOCLINIC ee 


Properties: C colorless. yellowish, pinkish, 
greenish; $ - colorless; L - vitreous to pearly; D 
transparent to translucent; DE - 3.1; H - 3.5; CL - 
perfect; F — uneven; M ~ tabular crystals, lamellar 
aggregates, massive. 

Origin and occurrence: Metamorphic in contact 
metamorphosed marbles. associated with vesuvia- 
nite, grossular, diopside and spinel. Rich aggrcgates 
with lamellac up to 20 mm (*/z in) across occur in 
Green Monster mountain, Alaska and Crestmore, 
California, USA and Monzoni, Italy. 


Stilpnomelane, 100 mm. Horni Udoli, Czech Republic 





Stilpnomelane 
K(Fe2*,Mg,Fe>*)9(Si,Al) | 7(0,OH)27 
MONOCLINIC eeee 

Properties: C —- black, black-brown, black-green, 
yellow-brown; S — colorless; L — vitreous to dull; D 
-~ translucent to opaque: DE - 2.8; H - 3; CL - 
perfect: F - uneven: M — tabular crystals, foliated, 
lath-like and acicular ageregatcs.. 

Origin and occurrence: Metamorphic in Fe-rich 
shales, usually associated with chlorite, magnctite 
and albite. Crystals up to 20 mm (*/z in) across 
come from Jim Pond township, Maine, USA. 
Foliated aggregates are known from Horni Udoli 
near Zlate Hory, Czech Republic; Mesabi Range, 
Minnesota, USA. 


Montmorillonite 

(Ca,Na)9 33(AlMg)2SiqO) 9(OH)2 -n HzO 
MONOCLINIC @eeee 

Properties: C — white. yellowish, greenish, bluish; S 
~ white; L - greasy; D ~ translucent to opaque; DE — 
2.3; Il — 1-2; CL — perfect, wet massive aggregates 
are plastic; F — uneven; M — carthy aggregates, 
massive. 

Origin and occurrence: Hydrothermal as a product 
of replacement of other minerals in volcanic rocks, 
granitic pegmatitcs and sediments. It is abundant in 
many localities. Montmorillonite deposits arc known 
from Antrim, Northern Ireland, UK; in Hungary: 
Slovakia and many places in the USA. 

Application: ceramics and chemical industry. 


Saponite 
(Ca,Na)p 3(Fe,Mg)3(Si,Al) 49 1 q(OH)2 4 H,0 
MONOCLINIC eee 


Properties: C - white, yellowish. gray-green. bluish; 
S — white: L - greasy; D - translucent to opaque: DE 


Montmorillonite, Kisthaas, Syria 





Saponite, 2 mm crust. Erdobenye, Hungary 


—2.1: H - 1-2; CL — perfect, massive aggregates are 
plastic under wet conditions; F — uneven: M — earthy, 
nodular, massive. 

Origin and occurrence: Hydrothermal as a product 
of replacement of other minerals in volcanic rocks 
and serpentinites. It occurs together with copper in 
many placcs in Keweenaw Peninsula, Michigan, 
USA. Scales up to 10 mm (*/* in) across described 
from Mont St.-Hilaire, Quebec. Canada. 


vermiculite 
(Fe,Mg,Al)3(Si,Al)4O | 9(OH)2 . 4 H2O 
MONOCLINIC eee 

Properties: C — yellow-brown, gray-green, grcen- 
brown: S - white; L — greasy: D — translucent to 
opaque: DE — 2.5; H ~ 1.5; CL B perfect; F — uneven; 
M - scaly aggregates, massive: R — it expands when 
heated. 

Origin and occurrence: Hydrothermal as a product 
of replacement of phlogopite and other mafic micas 
in various rock types. It occurs in Palbora, South 
Africa; Milbury, Massachusetts, USA: Kovdor 
massif, Kola Peninsula, Russia. 

Application: clectrical applications and paper 
industry. 


Vermiculite, 50 num, Drahonin, Czech Republic 





255 


Cookeite, 60 mm, Dobra Voda, Czech Republic 





Cookeite 
CHLORITE GROUP 
LiAl4SizO 9(OH)g 


MONOCLINIC ee 


Properties; C - white, yellowish. pinkish, brown; S$ - 
colorless; L — vitreous to pearly; D — transparent to 
translucent; DE - 2.6; H - 2.5-3.5; CL — perfect; F - 
uneven; M B scaly. locally radial aggregates. 
massive. 

Origin and occurrence: Hydrothermal in cavities in 
Li-bearing pegmatites, associated with elbaite, 
lepidolite, fluorapatite and albite, it also replaces 
spodumene; metamorphic in Al-rich shales, together 
with diasporc and pyrophyllite. Massive aggregates, 
replacing spodumene. occur in the Tanco mine. 
Bernic Lake, Manitoba, Canada. It also comes from 
cavities in pegmatites in the Litthe Three mine. 


Kammererite, 11 om xx, Kop Daglari, Turkey 








Clinochlore, 5 mm xx, Sarany, Russia 





Ramona and the Himalaya mine, Mesa Grande, 
California. It is also known from the Pulsifer quarry, 
Maine, USA and Muiane, Mozambique. 


Clinochtore 
CHLORITE GROUP 
(Mg,Fe)sAl2Si3O | p(OH)g 


MONOCLINIC @eeee 


Varieties: kammererite 


Properties: C ~ greenish, gray, white, yellowish, 
brown, red-purple (kammererite); S — colorless; L - 
vitreous to pearly; D — transparent to translucent: DE 
— 2.7; H - 2-2.5; CL — perfect: F - uneven: M B 
poorly-developed tabular crystals, foliated and radial 
aggregates, massive. 


y 


Chamosite, 70 mm, Hajan, Hungary 





Origin and occurrence: Mctamorphic in various 
types of shales and marbles; hydrothermal in quartz 
veins and Alpine-type veins, occasionally replaces 
certain minerals as biotitc. Crystals up to 50 mm (2 
in) across, associated with chondrodite and magne- 
tite, are known from the Tilly Foster mine, Brewster, 
New York and Chester, Pennsylvania, USA. It also 
occurs in Val d°Ala, Italy and Zillertal, Austria. 
Scales up to 40 cm (15% in) across come from 
Beramy, Madagascar. Kammererite crystals up to 20 
mm (*/n in) across found in Kop Daolari, Erzerum, 
Turkey. 


Chamosite 
CHLORITE GROUP 
(Fe,Mg),AlzSiz0 I o(OH)g 
MONOCLINIC @eeee 

Properties: C - gray, gray-green, brown: S — gray- 
green; L - vitreous to dull; D — translucent to opaque: 
DE — 3.2; H —2-2.5; CL — perfect: F — uneven; M B 
scaly and oolitic aggregates, massive. 

Origin and occurrence: Metamorphic to hydro- 
thermal in various types Fe-rich sediments, typically 
associated with siderite and magnetite. 

It is common in Chamoson, Switzerland; Nucice, 
Czech Republic. Spherical aggregates up to 15 mm 
("2 in) in diameter found in Mont St.-Hilaire, 
Quebec, Canada. 


Kaolinite 
Al2Si20,(OH), 
TRICLINIC @eeeee 

Properties: C - white, yellowish, greenish, gray; C - 
colorless; L - earthy; D — translucent to opaque; DE 
- 2.6; H- 1; CL - perfect; F - uneven; M - earthy 
and exceptionally scaly agercgates, massive. 

Origin and occurrence: Hydrothermal, as a result of 
feldspar replacement in various rock types, as 





Dickite, 100 mm, Nowa Ruda, Poland 
" < 


granites and arcoses. It forms large deposits in 
China, France, UK and Czech Republic. 
Application: raw material for ceramics. 


Dickite 
AlzSi2O,(OH), 


MONOCLINIC eee 


Properties: C — white, yellowish; S - colorless; L 
carthy to pearly; D — translucent to opaque; DE — 
2.6; H — 1; CL — perfect; F — uneven: M — earthy and 
platy aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities in 
hydrothermal veins, together with quartz, carbonates 
and sulfides. It occurs in Essen, Germany; Anglesey, 
Wales , UK; Kladno, Czech Republic. Microscopic 
crystals come from Mas d‘Alary, France. 


Kaolinite, 50 mu, St.Austell, UK 
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Nah ite, 70 mm, Rochlitz, Germany 





Nacrite 
AlSizO5(OH)4 


MONOCLINIC eee 


Properties: C — white. yellowish, gray-white; S 
colorless; L — earthy to pearly; D — translucent to 
opaque: DE — 2.6: H — 1; CL — perfect; F - uneven: 
M - earthy and scaly aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities of 
hydrothermal veins, associated with quartz, fluorite 
and topaz. It occurs in Horni Slavkov, Czech 
Republic; Freiberg, Germany. Pseudo-morphs after 
topaz come from Ouro Preto, Minas Gerais, Brazil. 


Antigorite 
Mg3Si205(OH),4 


MONOCLINIC @eeee 


Properties: C — white, yellowish, greenish, gray: 
S — colorless to gray: L -- vitreous, pearly, silky, 


Antigorite, 110 mm, Felsocsatar, Hungary 


earthy; D — translucent to opaque; DE ~ 2.6; H — 
2.5-3.5; CL — perfect; F — uneven: M B foliated, 
lamellar and fibrous aggregates, massive. 

Origin and occurrence: Metamorphic in serpenti- 
nites, marbles and other Mg-rich rocks; hydrother- 
mal in veins cross-secting these rocks. It is important 
rock-forming mineral. It occurs in Kraubat, Austria; 
Hrubsice, Czech Republic: Antigorio, Italy and 
elsewhere. 


Amesite 
MgAI(SiAl)Os(OH)4 
TRICLINIC ee 


Properties: C -— greenish, gray; S — colorless; L - 
vitreous to pearly; D — translucent; DE — 2.8; H - 
2.5-3; CL — perfect; F - uneven; M B foliated to 
radial aggregates, massive. 

Origin and occurrence: Hydrothermal in Mg-rich 
rocks, associated with diaspore, magnetite and 
chromite. It comes from Chester, Massachusetts, 
USA. Crystals up to 40 mm (1°/« in) across found in 
Sarany, Ural mountains, Russia. 


Cronstedtite 
Fe2+,Fe3*.Si05(OH)4 


MONOCLINIC ee 


Properties: C — black, black-brown, black-green; S — 
dark olive-green: L - vitreous to submetallic; D - 
translucent to opaque; DE — 3.6; II - 3.5; CL 
perfect: F - uneven; M — prismatic crystals, 
columnar aggregates. 

Origin and occurrence: Hydrothermal in ore veins. 
Fan-shaped aggregates of crystals come from Pribram 
and Kutna Hora, Czech Republic; Ouro Preto, Minas 
Gerais, Brazil: Salsigue mine, Auge, France. 


Amesite, 40 mm, Sarany, Ural Mts., Russia 





Cronstedfite, 42 mm, Hunan, Bolivia 


Chrysocolla, 50 mm, Arizona, U.S.A. 





Chrysocolla 
(Cu,Al)2H2Si205(OH)4 .n H2O 
MONOCLINIC eeee 

Properties: C - different hues of blue-green; S — 
white; L - vitreous, greasy to earthy; D — translucent 
to almost opaque: DE — 2.0-2.4; H — 2-4: CL — none: 
F — conchoidal to uneven: M — microscopic acicular 
crystals, botryoidal, stalactitic and carthy aggregates. 
Origin and occurrence: Secondary in Cu deposits, 
associated with malachite and other secondary Cu 
minerals. 

Rich aggregates come from many places in Arizona, 
USA, like Bisbee and Morenci. It is also known 
from Mednorudnyansk, Ural mountains, Russia and 
Broken Hill. New South Wales, Australia. 


Allophane 
approximately Al,SiO, .n H2O 


AMORPHOUS eee 


Properties: C - white, gray, bluish, greenish, brown; 
S -white; L — vitreous, greasy and earthy, D — 
transparent, translucent to opaque; DE - 1.9; H — 2- 
3; CL - none; F -— conchoidal to uneven; M —- 
botryoidal, stalactitic and carthy aggregates. 

Origin and occurrence: Hydrothermal product of 
alteration along the cracks of sedimentary rocks in 





coal deposits and in the oxidation zone of ore 
deposits, associated with other secondary minerals. 
Rich botryoidal aggregates occur in Dehr, Germany; 
Moldova Nuova, Romania; New Cornelia mine, 
Arizona, USA: EI Dragon mine, Potosi, Bolivia. 


Allophane, 90 mm, Zlate Hory, Czech Republic 
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Palygorskite. 120 mm, Burda. Hungary 





Palygorskite 
(Mg,Al)2Si4O | 9(OH) . 4 H20 
MONOCLINIC e@eeee 

Properties: C — white, gray; S — white; L - dull; D - 
translucent to almost opaque; DE - 2.2; H- 1; CL- 
good; F — uneven, aggregates plastic under wet 
conditions; M — acicular crystals, fibrous agercgates, 
massive. 

Origin and occurrence: Hydrothermal as a product of 
alteration of different rock types, such as scrpentinites, 
granites, marbles and graywackes, also in ore veins 
and the Alpine-type veins. Rich aggregates resembling 
leather occur along the cracks in marbles in Hejna near 
Horazd’ovice, Czech Republic; in the Mammoth mine, 
Tiger. Arizona, USA and in Palygorskava, Russia. 


Sepiolite, 70 mm, Eskisehir, Turkey 








Sepiolite 
Mg4SigO1;5(OH)2 .6 H20 


ORTHORHOMBIC eee 


Properties: C - white, yellowish, gray; $ — white; L 
- dull; D — opaque; DE - 2.0; H — 2-2.5; CL — not 
determined: F -— uneven; M - earthy aggregates, 
massive. 

Origin and occurrence: Hydrothermal as a product 
of serpentinite alteration. typically associated with 
magnesite. Classic locality is Eskisehir, Turkey; also 
known from Biskoupky, Czech Republic. 


Zeophylite 
Ca,4SizOg(OH,F)4 .2 H20 
TRICLINIC ee 

Properties: C - white; S — white; L - pearly; D - 
transparent to translucent: DE - 2.6; H - 3; CL - 
perfect; F — uneven; M — platy crystals, commonly 
with radial structure. 

Origin and occurrence: Hydrothermal in cavities of 
volcanic rocks, associated with zeolites. Its most 
important locality is Radejein, Czech Republic, 
where it forms spherical aggregates up to 10 mm (‘4 
in) in diameter. Also known from Schellkopf, 
Germany and Monte Somma, Italy. 


Cavansite 
CaVOSi4O 19 4 H20 


ORTHORHOMBIC ee 


Properties: C - green-blue, blue; S — light blue; L - 
vitreous; D — transparent; DE - 2.2; H - 3-4; CL - 
good: F - uneven: M - long prismatic to acicular 
crystals, radial aggregates. 

Origin and occurrence: Hydrothermal in cavities of 
volcanic rocks, associated with calcite, apophyllite 
and zeolites. Rich radial aggregates up to 30 mm 


Zeophyllite, 60 nm, Radejcin, Czech Republic 





Cavansite, 120 mm, Poona, India 





Nepheline, 43 mm, Aouti, Morocco 





(['4 in) in diameter come from the Wagholi Quarry, 
Poona, India. 


Nepheline 
(K,Na)AISIOg 


HEXAGONAL e@eeoee 


Properties: C - colorless, white, greenish, yellowish, 
gray, green. brown; S — white; L — vitreous to greasy: 
D - transparent to translucent; DE — 2.7: H - 5.5-6; 
CL - none; F - uneven to conchoidal; M — prismatic 
crystals. granular, massive. 

Origin and occurrence: Magmatic in many alkaline 
rocks, as alkaline syenites and their pegmatites, also 
in some basalts; rare mctamorphic in gneisses. It is a 
typical rock-forming mineral. associated with 
leucite, augite and apatite. Well-formed crystals 
found in Mount Vesuvius, Italy. Rich aggregates are 
known from many localities in Khibiny massif, Kola 
Peninsula, Russia. Crystals up to 70 cm (27% in) 
long occur in Davis Hill, Bancroft, Ontario. Perfect 
crystals up to 35 mm (1’/e in) long, come from Mont 
St.-Hilaire, Quebec, Canada. 

Application: locally as Al ore and in ceramic 
industry. 
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Peralite, 23 mm, Paprok, Afghanistan 





Petalite 
LiAISigO 1g 


MONOCLINIC eee 


Properties: C — colorless, white, greenish, yellowish; 
S - white; L - vitreous; D - transparent to trans- 
lucent; DE - 2.5; H - 6-6.5; CL - good: F — uneven 
to conchoidal; M — prismatic crystals, granular. 

Origin and occurrence: Magmatic in Li-bearing 
pegmatites, associated with lepidolite, elbaite, 
amblygonite and locally replaced by a mixture of 


Chkalovite, 70 mm, Umbozero, Kola, Russia 





quartz and spodumene. Gigantic crystals several 
meters long. come from Bikita, Zimbabwe: and 
Varutrask, Sweden. Clear gemmy crystals up to 230 
mm (9/6 in) across found in pegmatite cavities in 
Paprok, Afghanistanand also in San Piero in Campo, 
Elba, Italy. Crystals up to 100 mm (4 in) across occur 
in Aracuai, Minas Gerais, Brazil. 

Application: ceramic industry. 


Chkalovite 
Na2BeSi2O0, 


ORTHORHOMBIC ee 


Properties: C - colorless, white; S - white; L - 
vitreous; D — transparent to translucent: DE - 2.7; H 
— 6, CL - imperfect; F — conchoidal; M - prismatic 
crystals, granular, massive. 

Origin and occurrence: Hydrothermal in alkaline 
pegmatites, usually associated with natrolite, 
sodalite and eudialyte. Crystals up to 200 mm (7 
in) across come from the Umbozcro mine, Mount 
Alluaiv, Lovozero massif. Kola Peninsula, Russia; 
also at Julianhab, Greenland and Mont St.-Hilaire, 
Quebec, Canada. 


Sanidine, 30 mm x. Drachenfels, Germany 





Sanidine 

FELDSPAR GROUP 
KAISi;Og 

MONOCLINIC eccece 


Properties: C - colorless, white, yellowish, pinkish. 
gray; S ~ white; L — vitreous: D - transparent to 
translucent; DE - 2.6; H - 6-6.5; CL — good; F - 
uneven to conchoidal; M — prismatic crystals, 
granular, massive. 

Origin and occurrence: Magmatic in acid volcanic 
rocks, as rhyolites and trachytes, a typical rock- 
forming mineral. Well-formed crystals and their 
combinations up to 100 mm (4 in) in size occur in 
thyolites and trachytes in Drachenfels and Laacher 
Sec, Germany. It also comes from Roc de Courlande, 
France; Beaverdell, British Columbia, Canada; 
Kyustendil. Bulgaria. 


Orthoclase 

FELDSPAR GROUP 

KAISi3Og 

MONOCLINIC eeccee5e 


Varieties: adularia, moonstone (gemmy variety with 
chatoyancy) 


Orthoclase, 32 mm x, Oro Grande, U.S.A. 





Properties: C - colorless, white, yellowish, pinkish, 
gray. brown, yellow; S — white; L - vitreous to pearly 
(adularia); D - transparent to translucent; DE — 2.5; 
H - 6-6.5; CL — good: F - uneven to conchoidal; M 
- prismatic and tabular crystals and their combi- 
nations, granular, massive. 

Origin and occurrence: Magmatic in rhyolites, 
trachytes, granites, syenites and pegmatites; 
metamorphic in various rock types, as orthogneisses 
and migmatites; hydrothermal in the Alpine-type 
veins, ore veins and some sediments, also in placers. 
a typical rock-forming mineral. Well-formed crystals 
and twins up to 200 mm (77s in) across come from 
granites in Twentynine Palms, California, USA; 
Marina di Campo, Elba, Italy; Loket and Karlovy 
Vary. Czech Republic; in pegmatite cavities in 
Strzegom, Poland: San Piero in Campo, Elba, Italy. 
Yellow gemmy crystals up to 70 mm (2% in) across 
found in Itrongay, Madagascar. Gigantic feldspar 
crystals up to tens of meters long known from 
several pegmatite localities in Black Hills, South 
Dakota, USA; also Hagendorf, Germany. Adularia is 
known from Alpine-type veins in St. Gotthard, 
Switzerland: pebbles of moonstone occur in gem- 
bearing gravels in Ratnapura, Sri Lanka. 
Application: ceramic and glass industry, moonstone 
as a gemstone. 


Adularia, 60 mm, Alps, Switzerland 
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Screwdriver, spade, and conical are some of the more common tip shapes. Personal preference is the biggest 
factor when choosing a tip, but the goal is to get as much surface area contact between the tip and work as 
possible. Chisel and spade tips have more surface area at their ends, and also "hold" solder at their tips more 
readily than conical tips, which have a tendency to draw solder away. Even for fine pitch surface mount 
soldering, having a small flat at the end can be helpful. 


wen (a 5 cc me [SS ; .¢ 
athe wen, ee 

west:  — a ; T co mes fo a I 
| eee 7 wes, a 

ates = + © oA eae ST ao 
aw f>>- ~- C i me [ . .$ 
main i 

aa [oo OC ON eee <-> S 
ween | ay . ~ mate i xj o 
i 

wie [I - a ee amare | RY 
aan fio «- S a mane = a o 
bi 4 ‘ i BS. 

wm f>—- + CG owe Lo ~~ S 
ont, 

om i= SS CO | ow se "SS 
om fo SO | me em = FC 


There are myriad other tip shapes and sizes. The picture to the right shows one Plato catalog page of 
many. Some other non-standard shapes include a knife-blade (useful for fine pitch leads) and a surface 
mount desoldering tip. 


desolder surface 
mount resistors 


hip 
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desoldering a surface mount soic cl 





ee 


apply flux 





apply solder to tip contact chip lift off 
To preserve tip life, the number one thing you can do is reduce the tip temperature (if your iron allows 
this). After that, ALWAYS keep a layer of solder on the tip to prevent the tip itself from oxidizing, and 
clean it in between uses. Put a glob of solder whenever you put it back in the stand, and before you turn 
it off. When heating up a new tip for the first time, hold solder against it so the tip can be covered as 
soon as the iron gets hot enough. 

The longer flux residues and oxides are left on the tip, the harder they are to clean off. They also can 
drastically reduce the tip's ability to heat up a part, and prevent solder from "wetting" the tip. Regular 
cleaning of the tip before use is one of the best ways to prolong tip life and make soldering easier. It's 
important that solder "wet" or cling to the surface of the iron--without solder in between the tip and 
work the tip's ability to heat is drastically reduced. 


= What about gas powered irons and the Cold Heat® iron that is supposedly touchable | sec. after use? 
Butane (and other gas) powered irons are mainly used in situations where electrical power isn't 


Microctine. 110 mm. Lake George. Teller Co.. US.A. 





Microcline 

FELDSPAR GROUP 
KAISi305 

TRICLINIC eecece0e 


Varieties: amazonite 


Properties: C — colorless, white, yellowish, pinkish, 
gray, light to dark green (amazonite); S - white; L ~ 
vitreous; D — transparent to translucent; DE — 2.6; H 
~ 6-6.5; CL - good: F - uneven to conchoidal; M — 
prismatic crystals, granular, massive. 

Origin and occurrence: Magmatic in granites, 
syenites and pegmatites; metamorphie in various rock 
types. as orthogneisses and migmatites; hydrothcrmal 
in the Alpine-type veins and ore veins; a typical rock- 
forming mineral. Well-formed amazonite crystals up 
to 40 cm (15% in) across occur in pegmatite cavities 
in Crystal Peak, Colorado, USA: Keivy, Kola 
Peninsula, Russia: Morefield mine, Virginia, USA. 
Gigantic microcline crystals up to 12 m (39 ft) across 
come from pegmatites in Black Hills, South Dakota. 
USA; Kaatiala, Finland. 

Application: ceramic industry, amazonite as a 
decorative stone. 


Hyalophane 
FELDSPAR GROUP 
(K,Ba)AI(Si,Al) 30g 


MONOCLINIC eee 


Properties: C - colorless, white, yellowish; S — 
white; L — vitreous; D - transparent to translucent; 
DE - 2.9; H - 6-6.5; CL - good; F - uneven to 
conchoidal; M — prismatic crystals, granular, 
massive. 


Amazonite, 60 mm, Keivy, Kola, Russia 





Hvalophane, 50 mm, Busovaca, Bosnia 





Origin and occurrence: Magmatic in phonolites: 
metamorphic in various rock types, as marbles, 
gneisses and Mn-rich rocks; hydrothermal in the 
Alpine-type and ore veins. Crystals up to 100 mm (4 
in) across found in Alpine-type veins near Busovaca, 
Bosnia-Hercegovina. 


Albite 

FELDSPAR GROUP 
NaAISizOg 

TRICLINIC eeece 


Varieties: pericline, cleavelandite 


Properties: C — colorless, white, yellowish. pinkish, 
gray. greenish. bluish: S - white: L — vitreous; D - 
transparent to translucent; DE — 2.6; II - 6-6.5; CL - 


Albite. 85 mm, Governador Valadares, Brazil 








Oligoclase, 40 mm, Ural Mts., Russia 





good; F - uneven to conchoidal; M — tabular crystals 
and their twins, platy aggregates, granular, massive. 
Origin and occurrence: Magmatic in granites, 
syenites and their pegmatites; metamorphic in various 
rock types, as orthogneisses. migmatites, phyllites 
and metamorphosed shales; hydrothermal in the 
Alpine-type veins and ore veins, a typical rock- 
forming mineral. Well-formed tabular to platy cleave- 
landite crystals up to 150 mm (6 in) across occur in 
pegmatite cavities in the Amelia district, Virginia and 
the Pala district. California, USA. Albite crystals also 
come from Strzegom, Poland; San Piero in Campo, 
Elba, Italy; Murzinka, Ural mountains, Russia; many 
localities in Minas Gerais, Brazil. Pericline crystals 
are known from the cracks along Alpine-type veins in 
Grossgreiner, Austria; St. Gotthard, Switzerland: also 
from ore veins in Roznava, Slovakia. 


Oligoclase 
FELDSPAR GROUP 


(Nag 9.9,76a0, 1-0,3411 1-1,35!2,9-2, 798 


TRICLINIC eeeee 


Varieties: peristerite. sunstone 


Properties: C — white, yellowish, pinkish, greenish, 
iridescent (peristerite); S — white; L - vitreous; D — 
transparent to translucent, DE - 2.6; H - 6-6.5; CL— 
good: F — uneven to conchoidal; M — tabular crystals, 
platy aggregates, granular, massive. 

Origin and occurrence: Magmatic in granites, 
syenites, andesites and pegmatites; metamorphic in 
gneisses and migmatites; hydrothermal in the Alpine- 
type veins; typical rock-forming mineral. Large 
crystals, several dm long, are known mainly from 
pegmatites. Peristerite comes from Arcndal, Norway: 
Miass, Ural mountains, Russia; Quadeville, Ontario, 
Canada; Tvedestrand, Norway. It also occurs in Vezna 
, Czech Republic. Sunstone is mined in the Ponderosa 
mine near Lakeview. Oregon, USA. 

Application: peristerite and sunstone are used as 
gemstones. 
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Andesine, 50 mm, Bodenmais, Germany 





Andesine 
FELDSPAR GROUP 
(Nap, 7-0,5€20,3-0,54!) 3.1,55!2,7.2,508 


TRICLINIC eeee 

Properties: C ~ yellowish, pinkish, gray, light green: 
S - white; L - vitreous; D — transparent to trans- 
lucent; DE - 2.7; H - 6-6.5; CL — good: F - uneven 
to conchoidal; M - platy aggrcgates, granular, 
massive. 


Labradorite, 30 mm, Labrador, Canada 


Anorthite, 10 mm xx, Pasmaada, Finnland 





Origin and occurrence: C - white to dark gray. 
greenish; S — white; L — vitreous, pearly; D — trans- 
parent to translucent; DE - 2.7; H - 6-6.5; CL - 
good; F -- uneven to conchoidal: M B cleavable 
aggregates, granular, massive. 


Labradorite 
FELDSPAR GROUP 


Cao 7.0,5Na0,3-0,54!1 5-1,75!2,5-2,398 


TRICLINIC eee 

Properties: Nlagmatic in andesites. diorites, meta- 
morphic in gneisses and migmatites; typical rock- 
forming mineral. Large grains are known from mig- 
matites in Bodenmais, Germany and Adamello, Italy, 
Origin and occurrence: Magmatic in gabbros, basalts, 
anorthosites: metamorphic in amphibolitcs. Large 
iridescent aggregates up to ] m (39*/s in) across, come 
from Nain, Labrador, Quebec, Canada and also occur 
in Korostenskiy massif. Ukraine and Ylamaa, Finland. 
Application: as a decorative stone. 


Anortite 

FELDSPAR GROUP 
CaAlzSizOg 
TRICLINIC eee 


Properties: C - gray, greenish. pinkish; S — white; L 
vitreous, dull; D - transparent to translucent; DE - 
2.8; H - 6-6.5; CL —- good: F - uneven to conchoidal; 
M B granular, massive. 
Origin and occurrence: Magmatic in gabbros, 
basalts, anorthosites; metamorphic in contact meta- 
morphosed rocks. Pinkish grains and poorly- 
developed crystals come from Val di Fassa. Italy. 
Crystals up to 50 mm (2 in) across are known from 
Miyake-Jima Island, Japan. It was also found in 
Mount Erebus, Antarctica and Monte Somma, Italy. 


Danburite 
CaB2Si2Og 


ORTHORHOMBIC eee 


Properties: C — colorless, white. gray, greenish, 
pinkish. yellow, brown, red-brown; S - white; L - 
vitreous, dull; D ~ transparent to translucent; DE — 3.0; 
H ~ 7; CL — imperfect: F - uneven to conchoidal; M 
prismatic crystals, columnar aggregates, granular. 
massive. 

Origin and occurrence: Hydrothermal in pegmatite 
cavitics, ore veins and the Alpine-type veins: meta- 
morphic in skarns and contact metamorphosed 
rocks. 

Well-formed prismatic crystals up to 250 mm (9/1 
in) long come from Russell. New York. USA: 
Toroku, Japan: Dalncgorsk, Russia; and Charcas, 
San Luis Potosi, Mexico. 


Cancrinite 
NagCaAlSig024(CO3) .2 H20 
HEXAGONAL eee 

Properties: C - colorless, white, yellow, orange, 
bluish; S — white; L — vitreous; D — transparent to 
translucent; DE — 2.4, H — 5-6: CL — good: F = un- 
even to conchoidal; M — prismatic crystals, granular, 
massive. 

Origin and occurrence: Magmatic in alkaline 
syenites; hydrothermal as a product of replacement 
of volcanic rocks, associated with nepheline and 
sodalite. 

Crystals up to 20 mm (#22 in) across come from 
Mont St.-Hilaire. Quebec, Canada. It was also found 
in Litchfield, Maine. USA; Cancrinite Hill, Ban- 
croft, Ontario. Canada and elsewhere. 


Cancrinite, 70 mm, Ditrau, Romania 





Danburite, 109 mm, Charcas, Mexico 





Leifite 


Na2(Si,Al,Be)7 (0,OH,F) | 4 
TRIGONAL @ 


Properties: C — colorless; § — white; L - vitreous; D 
- translucent: DE — 2.5: II — 6; CL — good: F - 
uneven; M — acicular crystals. 

Origin and occurrence: Hydrothermal in cavities of 
alkaline pegmatites, associated with microcline and 
zinnwaldite. Crystals up to 20 mm (#42 in) across 
occur in Narssarssuk. Greenland. Fine crystals are 
also known from Mont St.-Hilaire, Quebec. Canada, 
associated with scranditc. 


Leifite, 100 mm. Mont St.-Hilaire, Canada 





267 


Sodatlite, 50 mm. Bancroft, Canada 


Sodalite 


CUBIC eee 
Varieties: hackmanite 


Properties: C — colorless, white, blue, yellow, pink 
(hackmanite); S — white; L — vitreous; D — transpa- 
rent to translucent; DE — 2.3; H - 5.5-6; CL — imper- 
fect: F -— uneven to conchoidal: M — isometric 
crystals, granular, massive; LU — orange-red. 

Origin and occurrence: Magmatic in alkaline 
syenites and phonolites, associated with nepheline. 


Nosean, 6 mm grains, Laacher See, Germany 











zircon and titanite; hydrothermal in marbles. Gra- 
nular aggregates are known from the Princess 
Sodalite mine. Bancroft, Ontario, Canada and 
Ditrau. Romania. Crystals up to 100 mm (4 in) 
across come from Kangerdluarssuk. Greenland. 
Application: cut as a gemstone. 


Noseane 
NagAl¢SigO74(SO4) 


CUBIC ee 


Properties: C - colorless, white, blue, gray, black; S 
- white; L — vitreous; D — transparent to translucent: 
DE - 2.3; H - 5-6; CL — good; F — uneven to con- 
choidal; M - isometric crystals, granular, massive. 
Origin and occurrence: Magmatic in alkaline basalts 
and similar effusive rocks, associated with nepheline 
and haiiyne. Granular aggregates are known from 
Laacher See, Germany and Monte Sommaa, Italy. 


Lazurite 
(Na,Ca) gAl6SigO7 4(S,S04) 


CUBIC eee 


Properties: C - dark blue; S -light blue; L —- 
vitreous; D — transparent to translucent; DE — 2.4; 
H — 5-5.5; CL — imperfect; F - uneven to con- 
choidal; M — isometric crystals, granular, massive. 
Origin and occurrence: Metamorphic in contact 
metamorphosed marbles, associated with pyrite. 
Crystals up to 50 mm (2 in) across come from Sar-e- 
Sang, Badakhshan province, Afghanistan. Granular 
agercgates are known from many localities, such as 
Malobystrinskoye deposit near Lake Baikal, Russia 
or Monte Somma, Italy. 

Application: decorative stone and gemstone. 


Lazurite, 60 mm, Afghanistan 





Lazurite, 21 mm x, Nuristan, Afghanistan 





Tugtupite 
NagBe2AlzSigO74Cla 


TETRAGONAL ee 


Properties: C - white, pink. red, bluish: S - white; L 
— vitreous; D — transparent to translucent: DE - 2.3; 
H — 5; CL - good; F ~ uneven to conchoidal; M — 
small crystals. granular, massive. 

Origin and occurrence: Hydrothermal in alkaline 
syenites and their pegmatites, also as a product of 
chkalovite alteration. Aggregates up to 60 mm (2°/, 
in) across come from the Umbozero mine, Mount 
Alluaiv, Lovozero massif, Kola Peninsula, Russia 


Tugtupite. 90 mm, Hilimaussaq, Greenland 


Lazurite, 60 mm, Chile 






and IIRmaussaq, Greenland. Small crystals occur in 
the Poudrette quarry, Quebec, Canada. 


Danalite 
Fe4Be3Siz0, 7S 
CUBIC ee 

Properties: C — gray,yellow,pink, red, brown; S - 
white: L — vitreous; D — transparent to translucent; 
DE ~ 3.4; H — 5.5-6; CL — imperfect; F — uneven to 
conchoidal; M —- isometric crystals, granular, 
massive. 

Origin and occurrence: Magmatic in granitic peg- 
matites: hydrothermal in greisens, skarns and ore 
veins. It occurs in Cape Ann, Massachusetts, USA; 
Hortekollen, Norway and Coolgardie, Western 
Australia, Australia. 


Danalite, 70 mm, Yxjoberg, Sweden 
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Helvite, 2 mm xx, Cavnic, Romania 





Helvite 
MngBe3Siz0 1 2s 
CUBIC eee 

Properties: C — brown. gray. yellow, yellow-green; S 
~ white; L - vitreous: D — transparent to translucent; 
DE - 3.4; H - 6; CL - good: F - uneven to con- 
choidal; M — isometric crystals. granular, massive. 
Origin and occurrence: Magmatic in granitic 
pegmatites and alkaline syenites: hydrothermal in 
greisens, skarns and ore deposits. Cubic crystals up 
to 25 mm (1 in) across known from the Sawtooth 
Batholith, Idaho, USA. Crystals also come from 
Schwarzenbcrg, Germany: Cavnic, Romania: and 
Oslotjord, Norway. 

Application: Be ore. 


Scapolite, 44 mmx, Leslie Lake, Quebec, Canada 





Marialite 
SCAPOLITE GROUP 
Nag(AISi3Og)¢ (Clz SO4) 
TETRAGONAL eee 

Properties: : C — colorless, white, gray. purplish, 
yellow; S - white; L — vitreous. locally pearly: D 
transparent to translucent; DE - 2.5; H — 5-6; CL - 
good; F - uneven to conchoidal: M - prismatic crys- 
tals, columnar aggregates. granular. massive; LU — 
ycllow to orange. 

Origin and occurrence: Hydrothermal in veins, cross- 
cutting alkaline metamorphic rocks and in pegmatites. 
cross-cutting ultrabasic rocks: metamorphic in mar- 
bles and mctaevaporites. It comes from Ankazobe. 
Madagascar; Umba. Tanzania and Crestmore, Califor- 
nia, USA. 


Meionite 

SCAPOLITE GROUP 
Cag(AlgSizOg)g (CO3,80,4) 
TETRAGONAL eeee 

Properties: C — colorless, white, gray, purplish, 
green. bluc; S - white; L - vitreous; D — transparent 
to translucent; DE — 2.8; H - 5-6; CL — good; F - 
uneven to conchoidal; M -- long prismatic crystals, 
columnar aggregates, granular, massive; LU — 
ycllow to orange. 


Leucite, 30 mm, M1. Vesuvius. italy 





Analcime, 45 mm, Tunguzka, Russia 





Origin and occurrence: Metamorphic in skarns, 
marbles, granulites and in contacts of volcanic rocks; 
hydrothermal in veins. cross-cutting Ca-rich rocks. 
Well formed crystals up to 40 cm (15% in) across 
come from Lake Clear and Eganville, Ontario. 
Canada. Crystals are also known from Monte 
Somma. Italy: Sludyanka, Siberia, Russia and 
Pargas, Finland. 


Leucite 

ZEOLITE GROUP 

KAISi204 

TETRAGONAL @eeee 

Properties: C — colorless, white, gray: S - white; L - 

vitreous: D — transparent to translucent; DE — 2.5; H 

~ 5.5-6: CL- imperfect; F — uneven to conchoidal; M 
isometric crystals, granular, massive. 

Origin and occurrence: Magmatic in effusive K-rich 

basalts. associated with nepheline and sanidine. 

Well-formed crystals, several cm in size. come from 

Mount Vesuvius, Italy and Laacher Sec, Germany. 

Application: ceramic industry. 


Analcime 
ZEOLITE GROUP 
NaAlSi20, .H20 
CUBIC @eeee 

Properties: C — colorless, white. pinkish, yellowish: 
S - white; L ~ vitreous; D - transparent to trans- 
lucent: DE — 2.3; H — 5-5.5; CL — imperfect: F - un- 
even to conchoidal: M — isometric crystals. granular, 
massive. 

Origin and occurrence: Mainly hydrothermal as a 
product of nephcline or sodalite replacement: rarc 
magmatic in cffusive rocks; also in sediments, 
associated with calcite and zeolites. Well-formed 
crystals up to 30 cm (12 in) across come from Nidym, 
Siberia, Russia: Lago Maggiore. Naly; Mont St- 
Hilaire, Quebec, Canada; West Paterson, New Jersey. 
USA and elsewhere. 


Pollucite 
ZEOLITE GROUP 
(Cs,Na)AISi20, . H20 


CUBIC eee 


Properties: C - colorless, white, gray; S - white, L - 
vitreous; D — transparent to translucent; DE - 2.9; H 
— 6.5-7; CL — none: F - uneven to conchoidal: M - 
isometric crystals, granular, massive. 

Origin and occurrence: Magmatic and rarcly also 
hydrothermal in Li-bearing pegmatites, associated 
with lepidolite, albite, quartz and petalitc. Almost 
monomincral layer of pollucite several meters thick 
occurs in the Tanco mine, Bernic Lake. Manitoba, 
Canada. White and colorless crystals from pegmatite 
cavities up to 60 cm (24 in) across come from 
Paprok, Afghanistan. Also known from San Piero in 
Campo, Elba, Italy and Gilgit. Pakistan. 
Application: ceramic industry, Cs ore. 


Pollucite, 22 min x, Gilgit, Pakistan 
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Natrolite, 47 mm, Maricopa Co.. Arizona, U.S.A. 





Scolecite, 165 mm, Nasik, India 


Natrolite 
ZEOLITE GROUP 


ORTHORHOMBIC eecec0e 


Properties: C — colorless. white, yellowish, pinkish; 
S - white: L — vitreous to silky; D — transparent to 
translucent; DE — 2.2; H — 5-5.5; CL — perfect: F - 
uneven to conchoidal; M — long prismatic to acicular 
crystals, fibrous and radial aggregates, granular, 
massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, alkaline pegmatites, along the 
Alpine-type fissures, also as a product of plagioclase 
replacement. commonly associated with calcite and 
zeolites. Colorless and white acicular crystals up to 
30 cm (12 in) long come from cavities of alkaline 
pegmatites in Mount Putelichorr, Khibiny massif, 
Kola Peninsula, Russia. Crystals were also found in 
Narssarssuk, Greensland and Mont St.-Hilaire, 
Quebec, Canada. Crystals also occur in cavities of 
basaltic rocks in Teigarhorn, Iceland; Zalezly and 
Soutisky, Czech Republic and in Faeroe Islands. 





97? 


V 
Skolecite 

ZEOLITE GROUP 

CaAl2Si3z0 19 .3 H,0 


MONOCLINIC eee 


Properties: C ~ colorless, white; S — white; L - 
vitreous to silky; D — transparent to translucent; DE 
~ 2.3; H- 5; CL - good; F — uneven; M — long pris- 
matic to acicular crystals, fibrous and radial 
aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks and along the Alpine-type fissures, 
associated with calcite and zeolites. Clear prismatic 
crystals up to 200 mm (7’/s in) long come from basalt 
cavities near Nasik, India. Crystals come also from 
Teigarhorn. Iceland and Suderoy, Faeroe Islands. 


Mesolite 
ZEOLITE GROUP 
Na] 6Ca)6Al4gSi72O240 64 H20 


ORTHORHOMBIC eee 


Properties: C — colorless, white: S ~— white; L - 
vitreous to silky; D — transparent to translucent: DE 
~ 2.3; H - 5; CL ~ good; F - uneven; M - acicular 
crystals, fibrous and radial aggregates, granular, 
massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, associated with other zeolites. Color- 
less necdles up to 150 mm (6 in) long come from the 
basalt cavities in Berufjord and Teigarhorn, Iceland. 
Radial aggregates up to 200 mm (7*/« in) in diameter 
known from the vicinity of Poona, India. Prismatic 
crystals up to 100 mm (4 in) long found in 
Skookumchuck Dam. Washington, USA. 


Fs des 


Thomsonite, 30 mm, Bazsi, Hungary 


“we 


Mesolite, 150 mm, Mahrashitra, India 





Thomsonite 

ZEOLITE GROUP 
Ca2NaAl4(Al,Si)2SigO29 6 H,0 
ORTHORHOMBIC eee 

Properties: C — colorless, white, yellowish, brown-red; 
S — white; L - vitreous to pearly; D - transparent to 
translucent; DE - 2.3; H — 5-5.5; CL — good: F - un- 
even to conchoidal; M — prismatic crystals in clusters 
with radial structure, botryoidal aggregates, massive. 
Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, also as a product of hydrothermal 
feldspar replacement. Colorless and white acicular 
crystals, forming radial aggregates up to $0 mm (2 in) 
in diameter come from Old Kilpatrick, Scotland, UK 
and West Paterson, New Jersey, USA. Hemispherical 
aggregates up to 30 mm (1*/% in) across known from 
Vinaicka hora near Kladno, Czech Republic. 
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available. Weller sells some battery powered irons as well. 

Everyday Practical Electronics gives a pretty damning review of the Cold Heat iron here, in addition to 
having one of the better how-to guides out there. To summarize, the Cold Heat® iron has a forked end 
that you must bridge with the work or solder to turn on the iron, so it can be hard to hold it in a place 
that keeps it on and also effectively heats the part. Many people complain about pushing harder to make 
a good connection and then having the brittle tips break. Running power through your work to heat it 
may not be the greatest idea with some parts. Finally, the iron doesn't get hot enough for a lot of jobs, or 
cool enough to do anything like throwing it in your pocket right after use. But for something that's 
portable and cordless, heats up and down in under a few seconds, maybe it's worth the price ($20). 
Weller's battery powered ($20) iron doesn't have a forked end and supposedly heats up in under 15 
seconds, but I don't know about cool-down time. 





Goanardite. 10 mm xx, Zalahalap. Hungary 


Gonnardite 

ZEOLITE GROUP 
(Na,Ca)¢_(Al,Si)29O qq . 12 H20 
TETRAGONAL @ee 

Properties: C - colorless, white, yellowish: S - 
white; L - vitreous to pearly: D - transparent to 
translucent: DE - 2.3: H — 4.5-5: CL ~ good: F - un- 
even to conchoidal: M - prismatic crystals, fibrous 
and radial agercgates. 

Origin and occurrence: Hydrothermal in cavities in 
voleanic rocks, associated with zcolites, also in the 
contact zone of marbles, associated with wollastonite. 
Acicular crystals and fibrous aggregates occur in Aci 
Castello. Sicily, Italy: Weilberg, Germany; Bundoora, 
Victoria, Australia. 


Edingtonite 
ZEOLITE GROUP 
BaAl2Si30; 0- 3 H20 


TETRAGONAL eee 


Properties; C -- white. gray. pinkish; S - white: L — 
vitreous; D -- transparent to translucent: DE -- 2.8; H 








- 4: CL - good; F — uneven to conchoidal; M -- 
prismatic crystals, granular, massive. 

Origin and occurrence: Hydrothermal in cavities 
and along the cracks in volcanic rocks. associated 
with calcite and harmotome. Colorless and white 
prismatic crystals up to 40 mm (1/1. in) across come 
from Old Kilpatrick. Scotland, UK: Stare Ransko. 


Edingtonite, 100 nm, Stare Ransko, Czech Republic 





Czech Republic and Mont St.-llilairc. Quebec. 
Canada. 


Dachiardite-Ca 
ZEOLITE GROUP 
(Cag 5,Na,K)sAlsSi;9O4g 13 H20 


MONOCLINIC ee 


Properties: C — colorless, white, yellowish; S - 
white; L — vitreous to pearly; D — transparent to 
translucent; DE — 2.1: H — 4-4.5; CL — good: F - 
uneven to conchoidal; M — prismatic crystals and 
complex interpenetration twins. 

Origin and occurrence: Hydrothermal in cavities in 
granitic pegmatites, associated with albite, petalite 
and elbaite. also as pseudo-morphs after petalite. [t 
occurs in San Picro in Campo, Elba. Italy and in the 
Opal Hill quarry, Riverside, California, USA. 


Ferrierite-Ca 
ZEOLITE GROUP 
(Ca,Na,K,Mg)¢Alg$i39O72 . 18 H20 


ORTHORHOMBIC ee 


Properties: C - colorless, white, greenish, pink, 
brownish: S -- white: L — vitreous; D — transparent to 
translucent: DE - 2.1; H — 3-3.5; CL — good: F - 
uneven to conchoidal; M — tabular crystals, platy and 
columnar aggregates, massive. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, along the cracks of the Alpine-type 
veins and in volcanic tuffs, associated with calcite and 
zeolites. Platy aggregates occur in Svojanov, Czech 
Republic; Albero Bosso and Monastir, Sardinia, Italy: 
Kamploops Lake, British Columbia, Canada. 


Ferrierite-Ca, 2 mm aggregates, Regec. Hungary 


Dachiardite-Ca, 2 mm xx, Regec, Hungary 
>? * ; ;_ R s 





Laumontite 
ZEOLITE GROUP 
CagAlgSi| O48 18 H20 


MONOCLINIC eee 

Properties; C — colorless, white, yellowish, pinkish: 
S — white: L — vitreous; D — transparent to trans- 
lucent, weathered almost opaque; DE - 2.4; H — 3-4; 
CL - good: F — uneven to conchoidal; M — prismatic 
crystals, fibrous and radial aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, along the cracks in the Alpine-type 
veins, in ore veins and sediments, associated with 
calcite and other zeolites. Colorless and white acicular 
crystals up to 38 cm (14%: in) long come from the 
Pandulena Hill Quarries, India. Crystals up to 150 
mm (6 in) long known from Pine Creek, Bishop, 
California, USA. It was also found in Dillenburg. 
Germany. 


Laumontite, 120 mm, Markovice, Czech Republic 





Heulandite-Ca, 8 mm xx, Parana, Brazil 


Heulandite-Ca 

ZEOLITE GROUP 

(Cag 5,Sr9.5,.Na,K)4 5AlgSi27072 24 H20 
MONOCLINIC @eeee 

Properties: C — colorless, white, yellowish, pinkish, 
red, brown; S - white; L B vitreous to pearly; D - 
transparent to translucent; DE - 2.1; H-3.5-4: CL - 
perfect; F —- uneven to conchoidal; M — prismatic to 
tabular crystals, granular, massive. 


a 





Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, in the Alpine-type fissures, ore veins 
and sedimentary rocks, usually associated with 
calcite and other zeolites. Colorless and white 
tabular crystals up to 100 mm (4 in) across come 
from Nasik, India; West Paterson, New Jersey, USA; 
Teigarhorn, Iceland. Red heulandite found in Val di 
Fassa, Italy. 


Clinoptilolite-Ca, 2 mm xx, Hon?ova Hurka, Czech 
Republic 





Clinoptilolite-Ca 

ZEOLITE GROUP 
(Cag_5,Na,K)4,5AlgSi27072 - 24 H20 
MONOCLINIC eeece 

Properties: € — colorless, white, yellowish. pinkish, 
ted. greenish; S — white; L - vitreous: D - trans- 
parent to translucent; DE - 2.2; H - 3.5-4: CL - 
perfect; F — uneven to conchoidal: M — platy crystals, 
massive. 

Origin and occurrence: Hydrothermal in voleanic- 
sedimentary rocks. Large industrial deposits occur in 
New Zealand, Japan and Australia. Crystals come 
from Agate Beach, Oregon, USA. 

Application: construction, chemical industry and 
agriculture. 


Stilbite-Ca 

ZEOLITE GROUP 

(Cag _5,Na,K)gAlgSiz7O72 .28 H2O 
MONOCLINIC @eeo0e 

Properties: C — colorless, white, yellowish, pinkish, 
brown; S — white; L — vitreous, locally pearly; D — 
transparent to translucent, DE - 2.2; H — 3.5-4. CL - 
good; F — uneven to conchoidal: M — prismatic and 
tabular crystals, commonly complicated interpenetra- 
tion twins and sheaf-like aggregates, granular, 
massive. 

Origin and occurrence: Hydrothermal in cavities of 
volcanic rocks. along Alpine-type fissures, in ore 
veins, also in sedimentary rocks and hot springs, 
typically associated with calcite and other zeolites. 
Colorless and white tabular crystals and their combi- 
nations up to 200 mm (7%/: in} across come from the 
Pandulena Hill Quarries, India. Crystals arc also 
known from Teigarhorn, Iceland; Faeroe Islands; 
West Paterson, New Jersey, USA and elsewhere. 


Epistilbite, 15 mmx, Nasik, India 





Epistilbite 
ZEOLITE GROUP 
(Ca,Na2)Al2SigO 12- 4 H20 


MONOCLINIC eee 


Properties: C — colorless. white. yellowish. pinkish, 
light brown: S — white; L — vitreous; D — transparent 
to translucent; DE - 2.2; H - 4; CL - good; F - 
uneven to conchoidal; M — prismatic crystals, radial 
aggregates. 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks: associated with other zeolites. Clear 
and white tabular crystals and their twins up to 30 
mm (1%: in) across come from Jalgaon, India; also 
in Teigarhorn, Iceland and Faeroe Islands. 


Stilbite-Ca, 83 mm, Nasik, India 
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Gixmondine, 2 mm xx, Tapolca-Diszel, Hungary 





Gismondine 
ZEOLITE GROUP 
CaAl7Si20g . 4,5 HO 


MONOCLINIC ee 


Properties: C - colorless, white. bluish, pinkish: S — 
white; L — vitreous: D — transparent to translucent; 
DE - 2.3; H - 4.5; CL - good: F - uneven; M —- 
complex twins of crystals, platy aggregates. 

Origin and occurrence: Hydrothermal in cavitics in 


Harmotome, 79 mm, Strontian, UK 


acqn 








Phillipsite-K, 3 mm xx, Limberg, Germany 





volcanic rocks, in hydrothermally altered rocks. It 
comes from Capo di Bove. Italy; Schiffenberg, Ger- 
many and Dobrna, Czech Republic. 


Phillipsite-K 

ZEOLITE GROUP 

(K,Na,Capg 5)AlsSi| 1932 12 H29 
MONOCLINIC eee 

Properties: C — colorless, white, reddish; S — white; 
L - vitreous: D - transparent to translucent; DE - 
2.2; H—4-4.5; CL — good; F — uneven; M — prismatic 
crystals and complex interpenetration twins, 
granular, massive. 

Origin and occurrence: Hydrothermal in cavitics in 
volcanic rocks, sedimentary rocks and hot springs: 
associated with calcite and other zeolites. Colorless 
and white interpenctration twins up to 20 mm (*/s2 in) 
across come from Capo di Bove, Italy: Doughboys, 
Tasmania, Australia; Sovince near Litomiace, Czech 
Republic and elsewhere. 


Harmotome 

ZEOLITE GROUP 

(Bag 5,Cag 5,K,Na)sAlgSiy 1932 - 12 H20 
MONOCLINIC eee 

Properties: C —- colorless, white, gray, reddish, 
yellow, brown; S — white; L — vitreous: D — trans- 
parent to translucent; DE — 2.4; H - 4.5; CL — good: 
F — uneven: M ~ prismatic crystals, commonly com- 
plex interpenctration twins, granular massive. 
Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks, in the Alpine-type vcins, ore vcins 
and in pegmatites. Prismatic crystals and their twins 
up to 20 mm (*/s in) across are known from 
Strontian, Scotland. UK. Crystals also come from St. 
Andreasberg and Obcrstein, Germany: Kozakov, 
Czech Republic and Kongsberg, Norway. 


Goosecreekite 
ZEOLITE GROUP 
CaAl2Siz9j)9 5 H20 


MONOCLINIC e 


Properties: C — white, colorless; S — white: L 
vitreous; D — transparent to translucent; DE — 2.2; H 
~ 4.5: CL B perfect; F — uneven to conchoidal: M - 
prismatic crystals, granular, 

Origin and occurrence: Hydrothermal in cavities in 
volcanic rocks. It is known from Goose Creek, 
Virginia, USA. Crystals up to 30 mm (1°/:s in) across 
found in the Pandulena Hill quarries, India. 


Chabasite-Ca 

ZEOLITE GROUP 

(Cag 5,Na,K)AlgSigO74 ot2 H20 
TRIGONAL eee 

Properties: C — colorless, white. yellowish, pinkish, 
greenish: S - white: L — vitreous to dull; D - 
transparent to translucent: DE - 2.2: H -- 4-4.5; CL - 
imperfect. F - uneven to conchoidal; M -— rhombo- 
hedral crystals and their twins, granular, massive. 
Origin and occurrence: Hydrothermal in cavities in 


Chabazite-Ca, Passhoro, Nova Scotia, Canada 


Goosecreekite, 25 mmxx, Maharashtra, India 





volcanic rocks and pegmatites, along Alpine-type 
fissures and in hot springs, usually associated with 
calcite and other zeolites. Colorless and white 
interpenetration twins up to 60 mm (24 in) across, 
come from Facroc Islands. Crystals are also known 
from Repcice, Czech Republic: Berufjord, Iceland: 
Panvil. India: Maglovec, Slovakia and elsewhere. 
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10. Organic compounds 


Whewellite 
Cal 7O4 2 H20 


MONOCLINIC eee 


Properties: C — colorless, white, grayish: S - color- 
less; L — vitreous; D - transparent to translucent; DE 
- 2,2; H - 2,5; CL — good; F - conchoidal; M — pris- 
matic crystals, commonly twinned. 

Origin and occurrence: Rare hydrothermal, mainly 


Amber, 40 mm, Baltic Sea, Latvia 
Whewellite, 27 mm x, Burgk, Germany 


sedimentary in coal basins, associated with barite, 
ankerite and other minerals. Hydrothermal crystals up 
to 70 mm (2% in) long, come from U-bearing veins in 
PrRbram, Czech Republic. Similar crystals, up to 70 
mm (2% in) long, occurred in Cavnic, Romania. Heart- 
shaped and butterfly twins, up to 100 mm (4 in) found 
in concretions near Kladno, Czech Republic. Similar 
specimens are known from Burgk near Dresden, 
Germany. Interesting flat radial aggregates found along 
cracks in clays in the vicinity of Most, Czech Republic. 





Meilite, 170 mm, Bicske-Csordakit, Hungary 





Mellite 
Alg[C6(COO),] . 18 HO 


TETRAGONAL ee 


Properties: C - honey-yellow; S - white; L - 
resinous to vitreous: D — transparent to translucent: 
DE - 1,7; H - 2: CL—- imperfect; F — conchoidal: M 
- dipyramidal crystals, granular: LU — blue. 

Origin and occurrence: Secondary in the cracks in 
brown coal and lignite. The best specimens with crys- 
tals up to 40 mm (I's in) in size, come from Csorda- 
kut near Tatabanya, Hungary. Crystals, up to 10 mm (*/ 
in) across, were found in Artern, Germany. Granular 
aggregates are known from Valchov, Czech Republic. 


Evenkite 
C24Hs59 


MONOCLINIC e 


Properties: C - colorless to light yellow: S — colorless; 
L - waxy; D - translucent: DE - 0,9; H - 1; CL - 
good; M — pscudo-hexagonal tabular crystals: R 
melts at 50EC (122°F). 

Origin and occurrence: Probably sccondary. It occurs 
within geodes near Evenki, Siberia, Russia. Also 
known from the cracks in altered andesite in Dubnik, 
Slovakia. 
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Fichtelite 
C19H34 


MONOCLINIC @ee 


Properties: C — colorless to ycllowish: S — colorless: 
L - vitreous; PS — transparent to translucent: DE - 1: 
H - I; M — thin tabular crystals, scales, crystalline 
crusts. 


Evenkite, 30 mm, Dubnik, Slovakia 





Fichtelite, 80 mm, Mazice, Czech Republic 





Origin and occurrence: Secondary, typical mineral 
of peat-bogs. Its crystals are known from Borkovice 
near Sobeslav. Czech Republic; also known from 
Marktredwitz. Germany. 


Amber 


a mixture of hydrocarbons 
AMORPHOUS eee 


Properties: C — honey-yellow. yellow-brown. brown, 
red-brown, blue, green. black: S ~ white; L - 
resinous. dull: D - transparent to translucent. rare 
opaque; DE - 1,0-1,1; H -- 2-2,5: CL - none; F - 
conchoidal; M — massive irregular or drop-shaped 
aggregates, nodules and fragments; LU -— light blue, 
ycllow, 

Origin and occurrence: Amber is a petrified resin 
from Tertiary and Mesozoic conifers, occurring rare- 
ly in sediments. Plant or insect remnants arc some- 
times found trapped in amber. The most famous 
localities are located along the southern coast of the 
Baltic Sea in Poland. Germany, Lithuania, Estonia. 
Latvia and Russia. The largest masses found 
weighed up to 10 kg (22 ib). Blue amber is known 
from the Dominican Republic. Other amber locali- 
ties are found in Syria, Lebanon. Thailand, Vietnam, 
Canada and the USA. 

Application: as a gemstone. 


Amber, 95 mm, Madagascar 
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What kind of solder (rosin cored, etc. lead-free)? What is flux and 
when is it necessary? 


As a starting place, for most small electronics soldering, 1/32 inch (.03) rosin-cored, 60/40 (tin-lead) or 63/37 
solder should work fine. Rosin-cored lead-free is fine, too. Unless you have reason otherwise, don't use "no- 
clean" solder--it's very likely that you don't need to clean the regular rosin-cored solder. The solder should be 
thin enough to prevent accidentally applying too much (and causing a solder bridge), but thick enough so that 
more doesn't have to be gathered from the coil too often. 


Flux cored wire at 30X 
magnification 


© 2007 CuntousInventor.com 





Besides affecting your feed-rate and convenience, the solder thickness also relates to the amount of flux that is 
delivered. Flux is basically a weak acid that removes oxides so that solder can adhere to the metal, and is so 
essential to the soldering process that it's built into the core of common wire-solder. It also helps the solder 
spread out (reduces surface tension), transfer heat, and acts as a protective blanket to keep oxygen away from the 
metal until solder displaces it. 


For the most part, manufacturers include a sufficient amount of flux in the wire, but if you use an extremely thin 
wire there may not be enough to clean the joint OR the iron tip. Consider using a thicker gauge for cleaning the 
tip periodically if you're using especially thin solder. Liquid flux is helpful for SMD soldering, too. 


When picking a wire-solder, there are 4 features to decide on: flux type and amount (% weight), alloy (tin-lead, 
lead free, silver bearing, etc.), thickness and total amount (loz, 11b?). 


e ~—- Flux: Just what is flux, what kinds are there, and when do I need liquid flux? 


Why it's needed: Solder doesn't just freeze on a joint, it actually forms a metallurgical bond by 
dissolving and chemically reacting with the base material. Unfortunately, almost all metals oxidize in 
air and form an oxidized layer that prevents solder from wetting and bonding to them. What is 
oxidation? 


Oxidation, is when Oxygen (or other oxidizing agents like sulfur) atoms combine with base materials, 
stripping loosely attached electrons and forming new compounds like iron(II) oxide. It is what happens 
when apple slices turn brown, iron rusts, copper turns black / green and unsolderable. (read references 
for more accurate/complete explanation) 


Results vary significantly. When iron rusts, the oxides flake off until no iron is left. Alternatively, 
aluminum oxidizes extremely rapidly, but is then protected from additional oxidation by the oxide 
layer. This layer makes Al impossible to solder without using special solder and extremely aggressive 
flux, or plating the surface with a solderable metal, like nickel. The chromium in stainless steel fulfills 
the same function, oxidizing to form a protective barrier that is difficult to solder. Gold remains shiny 
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11. Rocks, meteorites and tektites 


Rocks consist of minerals and often of fragments of 
other rocks and organic matter. Since rocks are 
mixtures, we cannot determine certain physical / 
chemical data (chemical formula, crystal system, 
hardness. etc.). Unlike minerals, some rocks form 
huge bodies which may cover several thousand km 
so no single localities are shown in this book. Rocks 
are mainly used for building. in agriculture. and as 
raw materials for chemicals, ceramics and metals. 
Rocks are generally divided into three principal 
groups according to their origin: 

\. igneous rocks 

2. sedimentary rocks 

3. metamorphic rocks. 


I, Igneous rocks 


Properties: C - light gray, gray, white, brown, black, 
gray-green, pinkish, red-brown: D - opaque, rare 
transparent to translucent; L — dull, rare vitreous, DE 
~ varies from 2.6 up to about 3.8: F — uneven, rare 
conchoidal; M — coarse to fine grained, commonly 
Massive aggregates, consisting of microscopic or 
larger grains or crystals of various minerals, up to 
several decameters across, glass is also present 
rarcly. Minerals in rocks usually have characteristic 
texture features, like graphic granite and others. 

Origin and classification: |gncous rocks form at high 
temperature and commonly at high pressure in 
solidification of mainly silicate magma of variable 
composition. The mineral composition reflects a 
chemical composition of magma. Typical roek- 


Orbicular granite, 130 mm, Sweden 
Pegmatite, 65 mm, Dotni Bory, Czech Republic 











Granite, 6) mm, Norway 






forming minerals are quartz, orthoclase, microcline, 
plagioclase, biotite. muscovite. amphiboles, pyroxenes, 
olivine and nepheline. Rocks may solidify at various 
depths. according to which they are either intrusive, 
dyke or effusive. They can be grouped according to 
chemical composition (SiO2 content): 

felsic — granite, syenite, pegmatite, rhyolite, obsidian 
intermediate — diorite, andesit basic — gabbro, basalt 
utrabasic ~ peridotite. varies from 1.0 up to about 2.8; 
F — uneven, sometimes conchoidal: M — coarse to fine 
grained and massive aggregates, consisting of grains or 
crystals, from microscopic to several dm in size, also 
of rock fragments and organic matter, banded textures 
are typical and some rocks are fossiliferous. 


Diabase, 65 mm, Rozany, Czech Republic 
— 7 = . ; 


Sandstone, 65 mm, Buffalo Gap, South Dakota, U.S.A. 
- er ays 
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2. Sedimentary rocks 


Properties: C ~ grey, brown, red-brown, black, green- 
grey. pinkish, white, yellow, often variable even within 
one rock, banding is typical; D — opaque. rare 
translucent; L — dull, sometimes vitreous, greasy or 
carthy; DE -varies from 1.0 up to about 2.8; F - uneven. 
sometimes conchoidal: M — coarse to fine grained and 
massive aggregates. consisting of grains or crystals. 
ranging from microscopic to several dm in size, also of 
rock fragments and organic matter, banded textures are 
typical and some rocks are fossiliferous. 

Origin and classification: Scdimentary rocks 
originate under surface temperatures and pressures, 


Limestone, 65 non, Italy 








as a result of sedimentation of mineral and rock 
fragments and organic matter of different size 
through the water and wind activity, or by precipi- 
tation from water solutions. Typical rock-forming 
minerals are quartz, calcite, dolomite, halite, clay 
minerals and others. According to their origins we 
can distinguish several groups of sedimentary rocks: 
clastic (consisting of rock fragments) - sandstone, 
conglomerate, quartzite, siltstone. 

organic (consisting mainly of organic matter) — 
limestone, coal. 

chemical (originating by precipitation from water 
solutions) — evaporites, travertine, 


Evaporite, 40 mm, Walkenried, Germany 


Serpentinite, 65 mm, Hrubsice. Czech Republic 
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3. Metamorphic rocks 


Properties: C - light gray, gray, brown, green, red- 
brown, black, green-gray, pinkish, whitc, sometimes 
variable within onc rock. banding is relatively common: 
D - opaque: L -- dull, rare vitreous; DE - varies from 
2.5 to 4.8: F — uneven, rare conchoidal: M — coarse to 
fine-grained, platy, acicular and sometimes massive 
aggregates, consisting of grains and crystals, ranging 
from microscopic to several decimeters across. Typical 
are planar textures and foliation of some mincrals. 

Origin and classification: Metamorphic rocks origi- 
nate under higher temperature and pressure during 
metamorphism of originally igneous or sedimentary 


Marble, 100 mm, Greece 








blic 






Gneiss, 65 mm, Doubraveany, Czech Repu 
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tocks. The source ofa thermal encrgy could be magma, 
then this type is called contact metamorphism. or the 
thermal source lics in the depth of the earth's crust and 
effects large areas, then this type is called regional 
metamorphism. During a process of metamorphism 
new mincrals originate. Typical rock-forming mceta- 
morphic minerals are quartz, orthoclase. plagioclases, 
biotite, muscovite, amphiboles. pyroxencs. calcite, 
dolomite, sillimanite, kyanite, almandine. staurolite 
and serpentine. 

Regionally metamorphosed rocks: serpentinite, 
mica schist, yneiss, marble. 

Contact metamorphosed rocks: contact chert 
(porcclanite), skarn. 


Skarn, 65 mm, Lisna, Czech Republic 
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fran meteorite, $0 mm, Sikkote-Alin, Russia 








Meteorites 


Properties: C - light gray, gray, gray-green, black; D - 
opaque; L - dull, metallic, rare vitreous; DE — varies 
from 3.0 to 7.3; F — uneven; M — coarse to fine- 
grained, sometimes massive aggregates, consisting of 
irregular grains of different mincrals, ranging from 
microscopic to several cm across. 

Origin and classification: Metcorites are igncousrocks 
formed in space. Most originate in the asteroidbelt 
between Mars and Jupiter. They consist of various mine- 
rals and their chemical composition differs greatly. 
Typical rock-forming minerals in meteorites arc 
olivine, pyroxenes, plagioclases, Fe and Ni alloys and 
sulfides, rarely also organic matter. Meteorites fall into 
four main groups, accordingto metallic iron and 
silicate component: 

iron meteorite; 

siderolite; 

chondrite; 

achondrite; 

Occurrence: Meteorite falls are known throughout the 
world. The largest known iron meteorite, weighing 
approximately 60 tons , is located near the Hoba farm, 
Namibia. The largest known chondrite, weighing about 
1 ton , fell in 1948 in Norton County, Nebraska, USA. 
Most meteorites that have been found recently come 
from large glaciers such as those of Antarctica and 
from desert in Namibia. 


Moldavite, 35 mm, Southern Bohemia, Czech Republic 
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Tektites 


Properties: C - light to dark green, yellow-green, 
brown-green, brown, green-gray, black: D — transpa- 
rent, translucent to opaque; L — vitreous, DE © varies 
from 2.3 to 2.6; H — 6-7; F — conchoidal to uneven; 
M — massive irregular. drop-shaped or disc-shaped 
aggregates, irregular fragments, sometimes with 
typical sculptured surface. 

Origin, classification and occurrence: Natural glas- 
ses, rich in SiO2. which formed as a result of rapid 
melting of surface rocks during impacts of large 
meteorites or comets. 

They are classified according to their age and occur- 


Moldavites, 40 mm. Southern Bohemia, Czech Republic 





Tectite, 35 mm, Dalat, Viernam 





rence (following sequence from the oldest to the 
youngest): 

Bediasites and georgianites — the USA, Mexico, 
Barbados, Cuba; 

Urengoites — Novyi Urengoi, Russia; 

Moldavites — southern Bohemia and western Mora- 
via, Czech Republic; 

Ivorites — Ivory Coast; 

Irghisites - Zhamanshin, Russia; 

Indochinites, phillipinites, javanites, bilitonites — 
southeastern Asia: 

Australites — Australia. 

Application: some tektites, mainly moldavites, as 
gemstones. 
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THE COMPLETE 


ENCYCLOPEDIA OF 


MINERALS 


The Complete Encyclopedia of Minerais is a book for 
all the people, who are interested in the beautiful 
world of minerals. They can find here hundreds of pho- 
tographs of beautiful crystals and crystal aggregates, 
together with a list of classic and new occurrences for 
each mineral species. Minerals are arranged into chap- 
ters according to the mineral system: 


# Elements « Sulfides « Halides © Oxides 
* Carbonates © Borates ¢ Sulphates « Phosphates 
* Silicates « Organic compounds 


© Rocks, meteorites and tektites 
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because it doesn't oxidize, and is easy to solder to, but forms brittle joints. Heat, moisture, and salt all 
increase the rate of oxidation. 


Oxidation can add a hidden cost to components and boards that may have been sitting on the shelf for 
long periods of time, or have been exposed to hot, humid environments. Copper pads on PCBs (printed 
circuit boards) are covered with solder or are plated to prevent oxidation, but given enough time, 
oxygen can still penetrate these barriers. Surplus parts in particular may need a bit of steel wool. 


Some interesting references: 

rusting chemical reaction 

fairly understandable explanation of oxidation 
wiki/Corrosion 

wiki/Oxidation 








Oxidation occurs much faster at higher temperatures, so even if you somehow had clean metals to start 
with, you would still need flux to prevent new oxides from forming while soldering. 


The main choice to make when deciding on a flux, whether it comes in a cored wire or a liquid or paste 
form, is how aggressive it should be. The more aggressive or "active" the flux, the harder the oxides it 
can remove, and the faster it can remove them. Going from weakest to strongest, typical choices for 
hand soldering applications include: "no clean", RMA (Rosin Mildly Activated), RA (Rosin Activated), 
and water soluble. A newer classification system (J-STD-004) has recently been adopted and classifies 
fluxes not by rosin content, but by activity, material, and halide presence. 


The new system classifies flux by material (RO=rosin, RE=resin, OR=organic, IN=inorganic), activity 
level (Low, Moderate, High), and halide presence (0 or 1). No-clean, rosin-based no-clean fluxes might 
be labeled ROLO or ROL1. Although there is no direct translation between the old system and new, 
most R and RMA fluxes fall under Low activity level, RA are generally labeled as Moderate activity, 
and water soluble are High activity. (source IPC-HDBK-001 www.ipc.org) 


The downside to choosing a more aggressive flux is that the residues left over after soldering MAY be 
corrosive, conductive, or enable fern-like growths called "dendrites" to grow between connections. A 
brief description (p.29) of dendrite growth and some great pictures at the end of this paper. 


Because of the risk of corrosion and dendrite growth, most manufacturers clean off the residue from 
RMA and RA fluxes, and some even clean "no-clean" residues. The question of what flux to use and 
whether / how to clean it is quite involved. 


Rosin flux is quite an interesting animal. Made from pine tree sap, at room temperature, it's an excellent 
insulator and non-corrosive. When it hits 226 °F it begins to turn acidic and attack oxides, but then 
when it cools it supposedly leaves residues that are again inert. Kester's data sheet for "44" flux 
(classified as RA and ROM1) claims no cleaning whatsoever is necessary. I haven't read of any 
manufacturers that would use a RA (or even an RMA) flux and not clean it--the military won't even use 
a RA flux WITH cleaning because of the risk that some will be left behind. This Chemtronics author 
recommends cleaning even the "no-clean" fluxes. He also points out that even if the residue is non- 
corrosive and non-conductive, it might be tacky and attract dust that causes a short. 


To add one more piece to the puzzle, flux generally gets used up during the soldering process. This is 
why no-clean fluxes are oftentimes ineffectual for lead-free soldering, which can require slightly higher 
temperatures and longer heating because the lead-free solder "wets" slower. The no-clean flux can burn 
off before the joint is complete. Alternatively, if you apply liquid flux far from a joint, it may still be 
active (corrosive) if it never got heated. 
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Foreword 


Everything in nature, from the mountains and 
the oceans to the air we breathe and food we 
eat are made up of simple substances called 
elements. You may have already heard of 
several of them, including gold, iron, oxygen, 
and helium, but these are just four out of a total 
of 118. Many have unique — and sometimes 
surprising — chemical and physical properties. 
Gallium, for example, is a solid but melts in your 
hand. A compound of sulfur gives off a nasty 
smell of rotten eggs. Fluorine is a gas that can 
burn a hole straight through concrete! 





Chunk of 
silver 


Cube of melting 
gallium 


Zirconium 
crystal bar 


The elements are rarely found in their pure 
form. Mostly, they are combined with each other 
to make compounds, which make up substances 
around us. For example, hydrogen and oxygen 
make water, sodium and chlorine form salt, and 
carbon is found in millions of compounds, many 
of which — including proteins and sugars — make 
our bodies work. 

To find out more about the elements, we need 
to take a good look at the periodic table. This is 
used by scientists around the world to list and 
detail the elements. It shows the key information 





Iodine ina 
glass sphere 


Barium Chunk of grey Magnesium 
crystals selenium crystals 





Throughout this book you will find boxes with the following 
symbols. This is what each of them mean. 


for each element, grouping them into similar 
types. With this information, we can use the 
elements to make many things we need: a 
fluorine compound in toothpastes toughens 
our teeth and silicon crystals engineered into 
microchips operate our gadgets and phones. 
Every element has its own story of where it 

comes from, what it can do, and how we use 
it. Let’s begin a tour of every element one by 
one. It’s going to be a fascinating journey. 


}) 


This shows the structure of an atom of an element, with 
the nucleus (made of protons and neutrons) at the centre 
and electrons surrounding it in their shells. 





Electron 


Proton 


Neutron 


O @ @ 





The state of the element at a temperature of 20°C 


State (28°F). It can be a liquid, solid, or gas. 


Discovery This details the year in which the element was discovered. 
Tom Jackson 








Chunk of Gold Thulium Calcium 
uranium crystals crystals crystals 





>» Elemental 
building blocks 


Introduction 


Elements are everywhere: some you Elements in our world 

can see, like gold, others are almost There are 118 elements in the periodic table; 
Pee ‘ 92 of them are found in nature, while the 
invisible, like oxygen gas. An element others are made by humans. Every element 
is a substance that cannot be broken up is unique. Most of the elements are solids, 

; : : . : like the metals. At room temperature, 

into simpler ingredients. Each one is made Tielaments aie eases, while bromine 

up of tiny building blocks called atoms, and mercury are the only two liquids. 


which are unique for every element. 
Most elements are joined with other 
elements to make compounds, 
which are made by combining two 
or more elements. This includes 
water, which is a compound 

of hydrogen and oxygen. 





Bismuth crystals 


8 Bromine liquid with bromine gas 


Ancient ideas 

The idea of elements is very old, dating 
back about 2,600 years to ancient Greece. 
However, Greek thinkers believed that 

the world was made of just four elements: 
earth, water, fire, and air Empedocles, an 
influential scholar, was the first to propose 
that these elements made up all structures. 
Only much later did scientists learn that 
none of these are actually elements. For 
thousands of years, everybody from ancient 
Egyptian priests to medieval European 
alchemists, speculated about the definiton 
and classification of an element. 
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Elements in and around us 

About 99 per cent of the human body is made from just 
six elements, though they are combined together to form 
thousands of different compounds. On the other hand, 
Earth’s atmosphere is a mixture of gases, most of which 
are pure elements. About 99 per cent of the air is made 
from nitrogen and oxygen. 





Others 0.1% 
Phosphorus 1% , Others 1% 
Ici : Argon 0.9% 
Calcium 1.5% . Nitrogen 3% 
= Hydrogen 10% —— Oxygen 21% 





into gold. They failed because elements cannot be changed 
from one type to another But, in the process, they discovered 
many new elements and developed several processes that 
chemists still use today. 


fast Carbon Iranian alchemists in their workshop 
18.5% 
Alchemy and mysticism 
Chemists are scientists who study elements and compounds. 
However, before they existed, the alchemists were medieval 
Oxygen Nitrogen researchers. Believing in a mixture of science and magic, 
65% 78% alchemists tried to change ordinary metals (such as lead) 


Earth’s atmosphere 


ROBERT BOYLE 


The first person to use 
science to understand 

the elements was the 

Irish scientist and inventor 
Robert Boyle. He pursued 
science through reason, 


and in the 1660s he 
performed the first 
chemistry experiments 
to show that much of 
what the alchemists 
believed was wrong. 








Gold crystals 
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Chemical 
discoveries 


The ancient concept of four elements — earth, water, 
fire, and air — expanded to a belief that every substance 
on Earth was made from a mixture of these elements. 
However, many substances including mercury, sulfur, 
and gold did not fit this idea. Over the last 300 years, 
chemists have followed a long series of clues to reveal 
the true nature of elements, their atoms, and what 
happens to them during chemical reactions. 


Pioneering chemists 

Many of the first breakthroughs in 
chemistry came in the 1700s, from 
investigations into the composition 

of air. Chemists such as Joseph Black, 
Henry Cavendish, and Joseph Priestly 
discovered several different “airs”, which 
we now call gases. They also found 

that the gases could react with solid 
substances, which they called “earths”. 
These discoveries began a journey 

that revealed that there were dozens 

of elements, not just four Today, 
scientists have identified 118 
elements, but more may be 
discovered in time. 


Antoine Lavoisier 

In 1777, the French scientist Antoine 
Lavoisier proved that sulfur was an 
element. This yellow substance was 
familiar for thousands of years, but 
Lavoisier performed experiments to 
show that it was a simple substance 
that could not be divided up any further. 
In the same year, he also found out 
that water was not an element, but a 
compound of hydrogen and oxygen. 


Granule of pure sulfur 


Humphry Davy 

In the early 19th century, the 
English scientist Humphry 
Davy discovered several new 
metals. He used a revolutionary 
process called electrolysis, in 
which electric currents split 
chemical compounds into their 
elements. Davy discovered a 
total of nine new elements, 
including magnesium, 
potassium, and calcium. 


















Magnesium crystals 


JOHN DALTON 


Like many scientists of his day, the English 

scientist John Dalton already believed that 

matter must be made of tiny particles. In 

1803, he began to think about how these 4 
particles might join together. He came to ®D oe 
realize that there are different particles for © Conan 
every element, and that the particles of 

one element all have the same mass. He O Oxygen 7 
also realized that the particles of different 

elements combine in simple proportions 

to make compounds. So, for example, the 

particles of the elements carbon and oxygen 

can combine to make carbon monoxide. He 

suggested that during a chemical reaction, 

the particles rearrange to make compounds. 

He formulated the first modern theory 

of atoms. 


Elements can exist in three states of 
matter: solid, liquid, and gas. At room 
temperature, most elements are solids, 
11 are gases, and only two are liquids. 
However, elements can change from 
one state into another. These changes 
don’t alter the atoms of these 
elements, but arrange them in 
different ways. 
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Dalton’s table of elements 
A solid keeps its 


shape and has a 
Jixed volume. 





Jacob Berzelius 

In the early 1800s, the Swedish doctor 
Jacob Berzelius investigated chemicals 
in rocks and minerals. He found two 
minerals that contained new elements. 
He named these elements cerium (after 
Ceres, the dwarf planet) and thorium 
(after Thor, the Viking god of thunder). 
Berzelius also invented a system of using 
symbols and numbers that chemists 
still use to identify elements and 
compounds today. 


In a solid, all the atoms are attracted to each 
other and locked in position. 


A liquid takes 
the shape of 
its container, 
but its volume 
remains fixed. 





In a liquid, the atoms begin to move around 
as the attraction between them weakens. 


A gas will fill 

any container, 
no matter how 
large or small. 


In a gas, the atoms are weakly attracted to each 
other, so they all move in different directions. 





Robert Bunsen 

The German chemist Robert Bunsen is best known for 

inventing a gas burner that is often used in laboratories. 

In the 1850s, Bunsen used such a burner — which produced 

a hot, clean flame — to study the unique flame colours 

produced by different elements. When an unknown 

Pure caesium inside substance made bright blue flames, he named it 

Chunk of pure cerium a sealed container caesium, meaning “sky blue”. 11 
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Inside an atom 





An atom is the smallest unit of an element. Atoms are too small to see 
(even with the most powerful microscopes) but they are everywhere. 
They consist of smaller particles called protons, neutrons, and 


electrons. Every element has a unique number of protons. 


What’s the atomic number? 

The number of protons in an atom of an element is 
called the atomic number. The atomic number of an 
atom identifies the element it belongs to. Every atom 
also has an equal number of electrons. For elements 
found naturally on Earth, hydrogen has the smallest 
atomic number (1), while uranium atoms have the 
highest atomic number (92). 


Atomic This shell is the space 

number in the hydrogen atom 
where one electron 
circles the proton at 
the centre of the atom. 


Hydrogen atom 


Ina lithium atom, 
two shells house 

three electrons, which 
circle the protons and 
neutrons at the centre. 


Lithium atom 


a uranium atom. 





Uranium atom 





Seven shells house 
the 92 electrons in 





Electron > The tiny, 
negatively charged 
particles in an atom are 
called electrons. They 
are involved in the way 
the atoms of an element 
react and form bonds 
with the atoms of 

other elements. 


















Shell } The electrons in an atom move 
around the nucleus. They are arranged 
in layers called shells. When reacting 
with each other, atoms tend to fill up 
their outer shells to become more stable. 






I'm not making missile guidance electronics, I'm making a robot that pours a beer, what flux 
should I use and do I really need to clean? Even manufacturers of non-life critical electronics have 
much more stringent reliability requirements than an individual. They must ensure that tens of 
thousands of products will work for multiple years, not a single project. 


The safe advice is to use the least aggressive flux that enables solder to quickly wet or cling to the 
surfaces, and then clean off the residues with alcohol and lint-free wipes (don't just spread the flux 
around). Try starting with a rosin-based mildly activated flux: RMA. I am inclined to trust Kester's spec 
sheet for "44" (RA) flux that says it does not actually require cleaning. Other flux manufacturers may 
have RA or RMA level fluxes that do indeed need to be cleaned, so if you don't know what you're 
using, cleaning is probably prudent. If you are going to clean rosin fluxes, do it soon after soldering 
because they quickly harden (see pics under 'Cleaning'). Finally, I would personally avoid no-clean 
fluxes and solder unless you have a critical application and very clean parts. 


Lead-free solder generally requires a made-for-lead-free flux designed to be used under slightly higher 
temperatures. 


Liquid flux can greatly help with surface mount soldering and desoldering components, but the flux 
inside cored-solder should be sufficient for through hole components. When soldering SMD 
components and desoldering pretty much anything, liquid flux acts as a blanket that helps to spread heat 
and also keep oxygen away from the metals. Finally, flux lowers the surface tension of solder, helping it 
to spread out and wick into connections. 


A water-soluble flux may be necessary for heavily oxidized parts or difficult metals like nickel. Without 
question, clean these fluxes. Special fluxes and solders exist for aluminum and stainless steel and these 
also certainly require cleaning. Never use acid-core solder; it deposits zinc chloride into the solder that 
cannot be cleaned out. A final reason to clean flux residues is if you'd like to apply a conformal coating 
and aren't sure whether it will adhere to those residues. 


Some more references: 


Never use acid-core and how to solder to stainless steel (Kester) 

White residue and all about rosin (more Kester) 

Good mini-class on fluxes: Bolton University 

To clean or not to clean and a brief history of electronics cleaning: more Bolton 

The Kester catalog provides good info on the solderability and flux requirements of various 
materials (see p.14). 

Flux residues and what to do about them. This explains a bit about cleaning options and the 


oooo0oo°o 


(e) 





health risks of rosin and non-rosin fluxes. 





Alloy: 60/40, 63/37, tin-lead, lead-free, silver bearing, RoHS, eutectic, oh my... 


Neutron > As its name suggests, neutrons are 
neutral particles, which means they do not have 
an electric charge. A neutron weighs the same 
as a proton, and much more than a electron. 









Proton > Protons have a positive electric 
charge. This charge attracts the negatively 
charged electrons, holding them in place 
around the nucleus. Because each proton’s 
charge is cancelled out by the equal 
charge of an electron, the atom 

has no overall charge, and 

is therefore neutral. 


Nucleus > The central core, or nucleus, of an atom is 

made up of protons and neutrons. Nearly all the mass of 
the atom is packed into the nucleus, and this gives every 
element a unique atomic mass. 








© © 
He-3 He-4 


Isotopes 

While every element has a unique 
number of electrons and protons in 

its atoms, the number of neutrons 

can vary. These different forms are 
called isotopes. For example, helium 

has two isotopes: one contains three 
neutrons (He-3), the other has four (He-4). 


Electromagnet attracts metal pieces 


Electromagnetism 

Atoms work like tiny magnets. A force 
called electromagnetism holds them 
together. It makes particles with opposite 
charges, such as protons and electrons, 
attract each other. Those with similar 
charges repel each other. A magnet is an 
object in which the magnetic forces of the 
atoms attract and repel other objects. An 
electromagnet develops magnetism when 
an electric current runs through it. 





ATOMIC PIONEERS 


During his atomic research in 

the early 20th century, Sir Ernest 
Rutherford, a New Zealand scientist, 
expanded our understanding of the 
structure of atoms. He discovered 
protons and proved that they were 
located in an atom’s nucleus. 
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Periodic table 
of elements 


The periodic table is a useful way of organizing the elements. 
It arranges the elements in order of their atomic number, 
which is the number of protons in the nucleus of an atom, 
and is unique to every element. The table also divides the 
elements into rows, called “periods”, and columns, called 
“groups”. Dmitri Mendeleev, the chemist who devised the 
table, arranged the elements based on the similarity of 
certain physical and chemical properties. 
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metals and the transition 
metals, but have been 
moved below to give 
them more space. 















KEY 


a Hydrogen w The Boron Group 
fl Alkali Metals ® The Carbon Group 
o Alkaline Earth Metals | The Nitrogen Group 


fh Transition Metals pr} The Oxygen Group 


fa Lanthanides Ej The Halogen Group 


re] Actinides fy Noble Gases 


Elements of this group 
are semi-metals (elements 
with the properties of 
metals and non-metals): 
they are shiny like metals 
but crumble easily 

like non-metals. 


This group contains 

the noble gases, which 

never form bonds with other 
elements, and are unreactive. 


















Element symbol 

Every element has a unique symbol of one or two 
letters. These symbols ensure that scientists who 
speak different languages do not get confused while 
describing the same element. 





The atomic number is the number of protons 
in the nucleus of this element's atoms. 
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The first letter of a symbol is always 
a capital, but the second is lower case. 


The atomic mass number is the average of all the 
atoms of the element. It is not a whole number 
because there are different isotopes (forms) of each 
element, each with a different number of neutrons. 


Periods 

Elements in the same period, or row, have the same 
number of electron shells in their atoms. So elements 
in period one have one electron shell, while those in 
period six have six electron shells. 


= 


Groups run from 
top to bottom. 


Periods run from 
left to right. 


Groups 

Members of a group, or column, all 
have the same number of electrons 

in their outermost shell. For example, 
group one elements have one outer 
electron, while group eight elements 
have eight outer electrons. 


The periodic table was 
developed by the Russian 
chemist Dmitri Mendeleev in 
1869. Others had tried before, 
but his table was periodic, 

or repeating, because the 
characteristics of elements 
follow a pattern. The table was 
incomplete as some elements 
had not yet been discovered. 
However, Mendeleev predicted 
the positions of the missing 
elements, and was proved right 
when they were finally isolated 
many years later. 
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Explosive reaction 

In this chemical reaction, pure 
lithium reacts with air to make 
the compound lithium oxide. It 


Reactions 





takes energy to break the links 
between the lithium atoms and 


then make bonds 


to begin, but they 


with oxygen 


in the air. Reactions need energy 
often produce 
energy as heat and light. 





The elements can combine in different ways to make 

10 million compounds, possibly more. As well as learning 
about the physical and chemical properties of elements, 
chemists also want to find out how and why certain 
elements react with each other to form compounds. 
Chemical reactions are happening all the time. During 

a reaction, substances change into new substances. 

The bonds that hold them are broken and then 

remade in a different combination. 


1. This piece of pure lithium is placed on 
a surface and is exposed to the air. 





2. A gas torch is used to heat the lithium, 
and in just a few seconds it turns red, 
which is a typical colour for this metal 
when it becomes hot. 


3. Very quickly, the lit 


fire. The white areas forming here 
are the compound lithium oxide, 
which is a combintion of lithium 


and oxygen. 





hium catches 





A mixture is a combination 
of substances that can be 
separated by physical means, 
such as filtering. It is not 
the same as a compound, 
where the ingredients are 
















connected by bonds and can 
only be separated using a 


chemical reaction. Mixtures Solution Colloid Suspension 
can be classified as solutions In this mixture, a substance This mixture contains This type of mixture 
> 


colloids, and su spen sions. is completely and evenly unevenly spread particles consists of large particles 
mixed, or dissolved, and clusters that are of one substance floating 

into another substance. too small to see. Milk in another substance. Muddy 

Seawater is a solution. is a colloid. water is a suspension. 
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Na = cl Na* ; Na cl 
} Electon 
Sodium atom Chlorine atom The sodium The chlorine Bond 
ion is positive. ion is negative. 
1. A sodium atom donates one electron 2. These are now charged atoms known as ions. 3. Sodium is attracted to — and 
to a chlorine atom. This gives both The sodium ion has a positive charge and the forms a bond with — chlorine, 
atoms full outer electron shells. chlorine ion has a negative charge. forming a molecule of the 


compound sodium chloride. 
Forming compounds 
There are two kinds of bonds formed between elements 
during a chemical reaction. In an ionic bond, such as 
in sodium chloride (above), one atom gives away its 
electron(s) and another accepts them. This results in 
each having full outer electron shells. The other type is 
called covalent bonding. In this, atoms sit together and 
share their electrons so they both have full outer shells. 


As lithium burns 
in air, it becomes 
lithium oxide. 





eh el . An Reactions in the real world 
, Chemical reactions happen all around 
us. There are reactions when we cook, 

take medication, or breathe. The image 

above shows a rusty iron ship. Over time, 

the element iron develops this red, flaky 

layer when it reacts with oxygen present in 

oY water or air to form the compound iron 
oxide — more commonly known as rust. 










Pure hydrogen 
(H) fills this 
glass sphere, 


and produces 
a purple 
glow when 
electrified. 
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Atomic structure Physical properties Chemical properties Compounds 
A hydrogen (H) atom Hydrogen gas is the lightest Hydrogen is highly The most common 
has one electron moving material in the Universe. Pure flammable. It hydrogen compound 
around a nucleus hydrogen is rare on Earth, as forms compounds is water. Acids are 
consisting of a it escapes quickly from the with both metals compounds that 


single proton. atmosphere into space. and non-metals. contain hydrogen. 
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Hydrogen gas is trapped 
inside this glass sphere, and 
gives off a purple glow 
when electrified. 
The Sun is * ” 
four-fifths 
hydrogen. 
Three quarters 
of this planet is 
made up of layers SS 
of gaseous and 
liquid hydrogen. aa we 
Bi wee a. SP 
2 Be / 
eS Each water 
molecule has 
two atoms of 
hydrogen and 





one of oxygen. 


Hydrogen is the first member of the periodic other gases, such as helium and methane. On 


table because it has the simplest atoms of Earth, hydrogen is commonly found in water. 
all elements: they contain just one proton Although it is rare in Earth’s atmosphere, hydrogen 
and one electron. Pure hydrogen is a is the most common element in the Universe. 
transparent gas. The biggest planets, such as Stars, such as the Sun, contain large amounts 


Jupiter, are vast balls of hydrogen mixed with of hydrogen. At the centre of a star, atoms of 
















HOW ROCKET FUEL WORKS 








Many space rockets use 
1. This chamber contains a liquid hydrogen as a fuel. 
fuel called liquid hydrogen. The hydrogen reacts 
with oxygen to form 
2. This chamber contains extremely hot steam, 
liquid oxygen, which helps which blasts out of the 
the hydrogen burn. nozzle. This creates 
thrust, which pushes 


3. Pumps control the flow the rocket upwards. 
of the liquids as they enter 
the combustion chamber. 


Delta IV rocket 


4. The combustion chamber is 
where the liquids mix together, 
creating an explosion. 


uooyeq pe][y-ussoipAy 


5. The nozzle emits hot vapour, 
pushing the rocket upwards. 





This balloon can rise high 
into the atmosphere where 
sensors gather information F 
about atmospheric pressure, Margarine 
temperature, and wind speed. — 





This powerful rocket uses 
45,460 litres (12,000 gal) of 


Margarine is liquid hydrogen as fuel. 
made of vegetable 
oils thickened by 
adding hydrogen. This liquid is 


used as a cleaner. 


This powerful 
explosion was 
created by fusing 
hydrogen atoms. ri 
This energy- ‘ 
efficient bus runs 


on a fuel cell fed R 
by hydrogen. Hydrogen bomb explosion 


Hydrogen 
peroxide 









The 
only waste 
product 
of hydrogen fuel 
is steam. 
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Hydrogen-powered bus 


this element are fused together, releasing heat and can fly higher than air-filled ones. Supercold 

light. New stars form inside nebulae — such as the _ liquid hydrogen is used as rocket fuel. Atoms of 

Orion Nebula. They are clouds of hydrogen gas _ hydrogen fuse together to produce a lot of energy 

that slowly collapse in on themselves. Hydrogen in hydrogen bomb explosions. Pure hydrogen is 

gas is the lightest element of all, and much lighter also a clean energy source used to power some 

than air This is why hydrogen-filled balloons buses and cars. 21 
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exposed to air. 





Standard lead-based solder is made of tin and lead. When you see 60/40 or 63/37, it means 
60% tin by weight, 40% lead. Either once of these alloys should be fine for typical small 
electronics soldering. 63/37 in bulk is slightly more expensive because of additional tin, but 
has the special property of being a "eutectic" alloy, which transitions from liquid to solid at 
one temperature (like water) instead of range of temperatures. Basically, in non-eutectic alloys 
like 60/40, there is a "pasty" region of temperature where portions of the solder are frozen and 
other portions are liquid. What does this mean for soldering and is 63/37 really that much 
better? 


Alloy metals have some interesting properties that are different from the metals comprising 
them. In tin-lead solder, the mixture has a lower melting point than either lead or tin alone, and 
the melting point varies depending on the portions. The mixture that yields the lowest melting 
point is called eutectic. This is also the only mix where all the constituents melt and freeze at 
the same temperature. 


If the tin-lead alloy isn't eutectic (ie, if it is not 63% tin), it will go through a "pasty" phase 
while it freezes. Unlike water, which freezes entirely at 0 °C, some parts of a non-eutectic 
mixture of tin-lead freeze at higher temperatures than other parts. For a somewhat simplified 
explanation, if you held the temperature of 60/40 slightly above 361 °F, the "extra lead" would 
solidify and be floating in a liquid 63/37 eutectic mix. For a more exact and great explanation 
of this process, look here. 


How is it that the mixture of two elements somehow lowers the melting point? And I quote: 
"increased entropy." Chew on this. (Another great phase-diagram explanation with a bonus of 
why ice and salt can get almost 30 °F below freezing--enough to freeze ice cream) And one 
last great explanation--talks a bit about grain structure and how solder isn't a simple 
homogeneous mixture of tin and lead. 


This compares the difference between eutectic freezing in tin-lead and eutectic freezing in 
more complex 3 element lead-free alloys. 


tin-lead phase diagram 


all liquid 


b + eutectic liquid 


eutectic: 63% tin, ~361 deg. F 


all solid 





lead = =10 20 30 40 50 60 70 80 90 stin 
tin percent 


a= solid, 19% tin dissolved in 81% lead [7] pasty phase 
b= solid, 3% lead dissolved in 97% tin 
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Alkali Metals 


After hydrogen (H) — which is in a group of its own — the first column of the 
periodic table contains the alkali metals. This group gets its name from 


the way the elements react with water. These vigorous reactions always 
produce acid-attacking compounds called alkalis. None of the alkali metals 
are ever found in a pure form in nature. The first three metals are common 
in many minerals, while the last three are rarer. 





& 
Atomic structure Physical properties Chemical properties Compounds 
The atoms of all alkali These metals are soft Alkali metals are highly These metals react with water 
metals have just one electron enough to be cut with reactive. They form to form compounds called 
in their outer shell. Alkali a knife. They are all bonds with other elements, _ hydroxides. They react easily 
metal atoms are among silvery and very giving away their single with halogens to form salts, 


the biggest of all atoms. shiny when clean. outer electron. such as sodium chloride. 
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These mushrooms men 
absorb lithium 
from the soil. 


Pale 
quartz 










Prawns and other 
shellfish absorb lithium 
jrom seawater. 


pe seaside Shiny pure lithium * : 
. becomes dull when Y or ey A 

bawes . it is exposed to air 
Bar of pure lithium refined in a laboratory e 


EE ie << 





Grey-white 
crystals 





contains millions of tonnes of dissolved lithium. 
Lithium is found in many foods, such as 
mushrooms, prawns, nuts, and seeds. It also 
has many everyday applications. Glass composed 
of lithium is resistant to heat and is used in 
scientific equipment, such as mirrors inside 


Lithium is the the lightest of all metals: 

in fact, it can easily float on water. Pure 

lithium is very reactive and exists in nature 

only in minerals, such as lepidolite and 

petalite. Many lithium minerals dissolve 
24 | well in water, and the world’s seawater 


Uses “*) LITHIUM-ION BATTERY 


Smartphones run on rechargeable Lithium-ion batteries are widely used in digital devices. They store 


batteries that use lithium to store electricity, electrical energy to power gadgets and are rechargeable. This 
diagram shows a device’s battery in use; when it is charging, this 
process is reversed. 









3. As ions move inside the battery, 
negatively charged electrons are 
pushed through the phone, providing 
the electricity to make it work. 


1. Inside the battery, 
positively charged 
lithium ions move 
from the negative 
electrode (-) to the 
positive electrode (+). 2. The positive 
electrode receives 
lithium ions as the 
battery loses charge. 
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<==) = Syringe 


Lithium-rich grease is 
used to keep mechanical 
parts of engines running 
smoothly, even when hot. 


a coating on the me of some syringes 
delays the clotting of the blood sample. 


Hale telescope mirror 


Some artificial teeth 
contain lithium discilate, 
which makes them strong. 











Lithium added to the glass 
in this mirror stops the disc 
warping at extreme temperatures. 








This car 
runs for at least 
64 km (40 miles) 
on one charge of 

its lithium-ion 
battery. 







Artificial teeth 


This air scrubber used 
lithium hydroxide to purify the 
air inside the Apollo 13 spacecraft. 










This charging 
point can recharge 
an electric car 

in one hour. 





Air scrubber 





telescopes. The main use for lithium is in ones. A soapy compound called lithium stearate 
rechargeable batteries. Lithium-ion batteries is used to make grease, which helps automobile 
are small but powerful, so they are ideal for engines run smoothly. This element also forms 
smartphones and tablet computers. Larger hard ceramics that are used to produce strong 
lithium batteries can power electric cars, artificial teeth. Lithium compounds are used 


which are less polluting than petrol-powered in some medicines as well. 25 
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Forms 


This sodium-rich 
mineral is an example 
of a zeolite, a mineral 
with tiny holes that 

can trap gases. 







Alkali Metals 







Soft, shiny metal 















Polished gemstone made 
of the mineral sodalite 


The thick, white crust 
covering this salt flat contains 
sodium chloride and other salts. 
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This glass case 
holding pure sodium has 
no air in it, to prevent 
Cube-shaped the metal from reacting - . 
transparent crystals with oxygen in air. Salar de Uyuni, Bolivia 






Everyday salt contains lots of sodium. halite, and it is what makes seawater salty. Other 
Although abundant on Earth, sodium is sodium minerals include sodalite, a soft blue 
never found in its pure form naturally: it forms stone that can be shaped and polished. Pure 


compounds with other elements. Sodium chloride, sodium is soft enough to be cut with a knife. 
which also contains chlorine, is the most common _ It reacts with oxygen in the air, forming a 
26 sodium compound. It is also known as the mineral compound called sodium oxide, and bursts 





Ancient Egyptians 
believed in life after 
death and so preserved 


the bodies of their 1. Organs, such as the stomach and 


vy dead. A dead body lungs, were removed from the dead body, 
Edible salt was washed and the 
is made by organs removed, then 
refining the crystals of sodium 


mineral halite. compounds were 
used to dry it out. 2. Sodium compounds were spread 
Finally, the body over the body to dry it. 





a was wrapped, which 
3 completed the process 
3 of mummification. 
5 
® 3. The body was wrapped 
> in cloth to mummify it. 
\ . a F 
This tube glows bright yellow-orange 
This mummified body, when sodium gas is electrified. 


or mummy, was preserved 
using sodium compounds. 


Sodium fireworks 


— Some soaps __ 


2 
contain 
sodium 
hydroxide. 








were sacred 
in ancient Egypt, so 
their bodies were 
mummified. 













Bright yellow lights 
in fireworks get their 
colour from burning 
sodium compounds. 


Odourless 
white powder 


Indigo dyes — often 
used in blue jeans — 
contain sodium. 





‘ = Spraying salt keeps roads 
| : et praying Pp. 
Indigo dye powd! free from ice and frost. 





into flames when in contact with water Sodium __rise by releasing bubbles of carbon dioxide. When 
compounds in fireworks burn with a yellow- refined, sodium chloride, or common salt, has 
orange colour In ancient Egypt, crystals of sodium _ several uses. It makes ice melt so it is used in 
compounds were used to preserve dead bodies as _ salty grit added to slippery, frozen roads. This 
mummies. Another useful compound is sodium _helps de-ice them to make them safer. It is also 
bicarbonate, or baking soda, which makes dough an important seasoning for meals. 
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S A LT F L AT Hundreds of artificial ponds dot the hillside near the small town 
of Maras, high in the Andes of Peru. The ponds fill with water 
from a stream that runs down from the nearby mountains. In the sunshine, the water evaporates, 


leaving behind a thick salt crust that can be collected. The people of Maras have been gathering 
salt in this way for at least 500 years. 


The salt forms part of rocks deep underground before 

it is dissolved by the stream and flows into the pools. 
Evaporation can also be used to collect salt from seawater 
or other salty water sources (known as brines). Today, 
however, most of the world’s salt comes from underground 
mines containing thick layers of salt that are a result of 





ancient seas drying out. Over millions of years, that 
dry salt has become buried under dense layers of rocks. 
This so-called “rock salt” is sometimes unearthed using 
excavators. At other mines, it is washed out by piping in 
warm water, which dissolves the salt. The brine is then 
pumped up to the surface for evaporation. 
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This glass case holding pure 
Forms potassium has no air ini, Laboratory sample The yellow and 
preventing the metal from of pure potassium green colour comes 





reacting with oxygen in air. 






in an airless vial from impurities. 
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This mineral 3 - 
head aA a 
potassium chloride. sea 4 "7 





UJ 
| 





This mineral contains 
potassium chloride, which 
gives it a salty taste. 







Potassium was first found in the dust of element's chemical symbol, K, is taken from 
burnt plants. It was discovered by Sir Humphry = kalium, a Latin word for “ash”. Potassium is never 
Davy when he experimented with potash — found pure in nature, but is present in minerals 

a mixture of substances made from the ash such as aphthitalite and sylvite. Potassium is 
of burnt plants soaked in water. The name vital for the human body, helping muscles and 


30 | potassium comes from potash but the nerves work properly. For this, we rely on 
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Soda water 
contains potassium 
compounds for 
added flavour. 





Potassium 
solutions are used 
to hydrate patients. 

















This explosive mixture 
contains powdered 
potassium nitrate. 


Avocado 








Sweet potato j 


oO 
~ 
i] 
~~ = This salt contains 
r | oO potassium chloride, 
° which helps lower 
a) blood pressure. 


goslum 


This cylinder contains 
a compound called 
potassium superoxide. 


This soap contains Ttiliz, er 
potassium hydroxide, 
which is a cleaning agent. | 
Toughened 





This strengthened glass sheet 
contains potassium nitrate. 


REBREATHER 


A rebreather is a machine used by expert divers 
so they can stay underwater for long periods. 
Mouthpiece 

5. The diver 


breathes in 
this oxygen. 










1. Exhaled air, containing 
carbon dioxide, enters 
the rebreather. 
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4. Oxygen 
flows out of 
the chamber. 


2. Carbon dioxide 
flows into the 
chamber and reacts 
with a compound 
called potassium 
superoxide. 


Sg YP 


3. Oxygen is 
produced in 
the chamber. 






Potassium-rich fertilizer 
is easily absorbed by the soil 
and boosts plant growth. 
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glass Screen 









potassium-rich food, such as bananas, root 
vegetables, and avocados, which contain 
potassium chloride. In tiny amounts, this 
compound can enhance flavours, as it does 
in soda water. It is also a healthy alternative 
to sodium chloride, or common salt, and an 


important ingredient in saline drips for 
rehydrating patients who are seriously ill. 
Potassium nitrate is a compound of 
potassium, oxygen, and nitrogen, and is 
found in gunpowder and toughened glass 


screens for mobile phones. 31 
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Forms 


This soft mineral contains 
up to 3.5% rubidium. 
Pale, 


waxy Leucite 
mineral 


/ f Rubidium makes 
up only about 

\\ 1 per cent 
\\\ of this mineral. 





___ This glass case contains 
pure rubidium, preventing 
it from coming into contact 
with air and catching fire. 


Rubidium was named after the Latin word __heat. Rubidium is not often concentrated in 
rubidius, meaning “deepest red”. This refers _ particular minerals, but instead is spread in small 
to the red-coloured flame it produces when amounts through a wide range of minerals, such 
burned. This highly reactive element ignites on as leucite and pollucite. The pure metal is 
contact with air On contact with water, itreacts | sourced mainly from the mineral lepidolite. 
vigorously, producing hydrogen gas andalotof Another mineral called rubicline has even more 


So which is better, 60/40 or 63/37? A decade or so back (before the lead-free movement), most 
manufacturers incurred about a 5% increase in cost to switch from 60/40 to 63/37. 63/37 flows 
slightly easier, makes shinier joints, and has a faster total freezing time which means there is 
less risk the joints will be "distrubed," which is what happens when the joint moves during 
solidification. This can lead to internal fractures that cause poor electrical connections and 
unreliable mechanical joints. Note that 63/37 doesn't freeze instantly (just like water)--it still 
has a window of time during which the joint can be disturbed, too. 


I think most would say that the enhanced properties of 63/37 really only matter for mass 
soldering operations like wave or reflow soldering, and that there is little difference for hand 
soldering. A dull joint is more often caused by insufficient heat, dirt or oxides, or lack of flux 
rather than alloy makeup. (A no-clean flux may burn off before the joint is complete) Holding 
everything else constant, the difference in shininess between 60/40 and 63/37 is completely 
cosmetic. If you'd like to see a shiny 60/40 joint, try using Kester 60/40 with #44 flux. 


Silver bearing solder: (that is, contains silver, not for roller bearings) Silver is used in one of 
the leading alloys for lead free solder (An96.5% Ag3.0% Cu.5%) and also as an addition to 
tin-lead solder, usually in the 2-4% range (when you se 62/36/2 this means Sn64Pb36Ag2). 


People claim that it flows better, has a lower melting point, is stronger, and has a higher 
conductivity. According to Indium's solder wire data sheet, their 2% silver solder has an 
electrical conductivity that is 11.9% of Cu compared to 11.5% of 63/37 tin-lead solder, a shear 
strength of 7540psi vs. 6200psi, and a tensile strength of 7000psi vs. 7500psi for 63/37. So, 
yes, the claims are true, and also mostly insignificant. Silver was initially added to solder to 
prevent silver platings on component leads from dissolving into the solder ("silver migration") 
and forming brittle joints. Having silver in the solder reduces migration, so you may want to 
use it on silver joints. (Note: this logic doesn't entirely make sense to me. If silver getting in 
the solder caused embrittlement, how does adding more silver prevent this?) 


Audiophiles seem to be enamored by 4% silver bearing solder, namely some from WBT, 
Cardas, and WonderSolder. Are these really better for audio? 


The superior claims include things like higher purity, eutectic alloys, higher conductivity, and 
better flux. I haven't found any controlled studies showing that a group of people can actually 
hear the difference, so I'm skeptical. Although additional silver does increase conductivity, the 
increase is small and the joint distance over which that conductivity applies is also extremely 
small. For what it's worth, here's a forum discussion that discusses a bit about solder in high- 
end audio and also a FAQ (scroll down)concerning solder on Cardas Audio's site. Another 
decent discussion. 


Bad joints made with any solder can create a high-resistance connection, especially if the 
underlying components were heavily oxidized initially. My advice: if it makes you feel better, 
get it, but be wary of sellers that don't provide spec sheets. 


Lead-free Solder: As of July 1st, 2006, European laws mandated that new electronics be 
almost entirely lead free. As of yet, there are no US laws (outside CA) mandating the removal 
of lead, but most manufacturers are switching over for competitive reasons. More on RoHS, 
WEEE, and lead risks: 


The European Union passed directives in 2003 stating that no equipment sold in Europe 
should, by July 2006, have more than .1% lead in any homogenous component (like a solder 
joint). The directives are known as the WEEE (Waste Electrical and Electronic Equipment) 
and RoHS (Restriction of Hazardous Substances) (wiki). There are corresponding laws in 
China, Korea, and California. Japan manufacturers actually voluntarily begin switching to lead 
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About a quarter of all rubidium atoms are radioactive. 

Slowly over time, they break down into strontium atoms. 
These lenses contain rubidium, Comparing the amounts of these elements in a rock 
ICT TIRE shows when that mineral was formed. Older rocks have 
less rubidium and more strontium in them. 







Rubidium-87 atoms , Only small amounts 
(red) decay at a | of strontium-87 The amount of 
predictable rate. | (blue) in the rock. strontium-87 has 
increased over time. 
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the brain can be seen This sensitive device insulators. 
clearly because of the use detects light by using a —— 
of radioactive rubidium. rubidium compound. 
sg 
oO 
Z s 
sg 
a a 
a 
: : 
rH F 
4 ro) 
72) 
Q 
9 
=] 
| “ 





This purple colour comes = 
from burning a nitrogen 
rubidium compound. 










Magnetometer 





This device from the early 20th century used 
rubidium to measure the strength of magnetic fields. 





rubidium in it but is very rare. Rubidium atoms are patient’s body, rubidium targets tumours, which 
sensitive to light and can be used in photoelectric show up clearly on PET (positron emission 
cells (devices that convert light energy into tomography) scans. Rubidium is also used by 
electricity) and night-vision equipment. This light-sensitive electronics called photomultipliers, 
element has radioactive forms, which can be used and in making insulators for high-voltage 

to measure the age of rocks. When injected into a cables and some special types of glass. 
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Forms : | Uses 








The crystals of Shiny, silver-gold metal This highly accurate clock is 
this mineral are also called a caesium clock. 
used in jewellery. 













Sealed 
glass tube ___ 


Caesium was discovered in 1860 by 
German scientists Robert Bunsen and 
Gustav Kirchhoff. They burned a sample 
of mineral water on a burner, which split 
the flame’s light into individual colours. 
One of them was a distinctive light blue, 
which came from caesium. 





High-density caesium Drilling fluid 
% f compounds in this fluid 
es stop toxic gases rising 


“ein to the surface. 
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As the most reactive metal on Earth, caesium means “sky blue” and refers to the colour of 
explodes into flames if in contact with airor caesium’s flame when burning. Caesium is used 
water. Therefore, pure caesium, is stored in a in atomic clocks, which measure time down 
sealed glass tube from which all the airhasbeen __ to abillionth of a second. These clocks are so 
sucked out. This element is rare, and most of it accurate that they would gain or lose no more 
is extracted from the mineral pollucite. Itsname than one second every 300 years. 
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> State: Solid 

























This mineral 
was discovered in 
1828 in Norway. 





Francium is the rarest natural element 
on Earth. Scientists think there may be 

just 30 g (1.1 oz) of francium in Earth’s rocks. 
Francium atoms are created when radioactive 
elements break down. Francium can be 
extracted from radioactive ores such as 
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7, MARGUERITE PEREY 
The French chemist 
Marguerite Perey discovered 
francium in 1939 while 
studying the way a pure 
sample of another radioactive 
metal — actinium — decayed. 
She found that actinium 
broke down to form thorium 
and a previously unknown 
element. She named 
this element francium 
after her home country. 
= = = —— 
The dark crust is a aE 
uranium mineral that holds P a | 
tiny amounts of francium. ff Earth’s rocks \ 
have one \ 
francium atom }\ | 
| for every million 
\ trillion uranium {/ / 
atoms. £ /| 
thorite and uraninite, both of which 
contain tiny amounts of this element. Even so, 
to date the largest sample of the metal made 
contained only 300,000 atoms, and lasted 
only a few days. Francium has no known 
uses outside of research. 
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Barium 



















Atomic structure 
The alkaline earth metals 
have two electrons in their 
outermost electron shell. 
Radium (Ra) is the most 
radioactive member. 


M 
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Physical properties 
All members of this 
group are soft and 
shiny when pure. They 
are solid at room 
temperature. 






































































































Chemical properties 
These metals are similar to 
the alkali metals, but not as 

reactive. Except for beryllium 
(Be), all alkaline earth metals 
react with hot water or steam. 


Compounds 
These elements form 
compounds with non-metals 
by losing their outermost 
electrons. Several compounds 
are found in teeth and bones. 
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Fo rms This mineral can 


also be brown, green, 


or orange. 


This widely used element gets its name 
from the Greek word beryllos, after which 
the mineral beryl is also named. Beryllium 

is the lightest of the alkaline earth metals, but 

it does not share many of the group’s properties. 
For example, it does not react with water and is 











These crystals have 
this pale blue colour 
due to iron impurities. 


Beryllium is 
found in more than 
30 kinds of 
mineral. 


Lightweight 
metal 


much harder than the other metals in its 
group. Two common beryllium minerals are 
chrysoberyl and beryl. Beryl has different 
forms, such as aquamarine and emerald. 
Beryllium is useful in many ways. For example, 
some military helicopters use windows made 

















Beryllium 
alloy window 


This seal made 
of a beryllium- 
nickel alloy is 
strong enough to 
stop high-pressure 
water supply 
leaking through. 


of beryllium-rich glass to shield optical 

sensors to aid pilots flying at night or through 
fog. Objects made of this metal keep their 
shape well and hardly expand or contract if 

the temperature changes. This makes beryllium 
useful in valves for fire sprinklers and car 





LOUIS NICOLAS VAUQUELIN 


Beryllium was discovered 
in 1798 by the French 





chemist Louis Nicolas q 
Vauquelin. He extracted = 
the pure metal from > 
emerald, which is a — 
valuable green form of — 
the mineral beryl. He had = 
already discovered the m 
: F 3) 
element chromium, which 5 
. . fa 
is also found in emerald = 
and gives it its green colour. = 
cr 
2, 
a 


These beryllium mirror This beryllium pipe 
segments will not contract delivers beams of protons 
in the cold of space. into this device. 










ATLAS, a device at 
the Large Hadron 


James Webb Space Telescope Collider, CERN 
Switzerland 
This airbag is triggered by a 
sensor that contains beryllium. & > /~— . } 


seqiy 


This beryllium 
disc can withstand 
higher temperatures 
than a disc made 
of aluminium. 


sensors that trigger airbags. NASA's James 

Webb Space Telescope will use a large 

beryllium mirror that is light and strong. Beryllium 

is also used to make brake discs for racing 

cars. Alloys of beryllium and copper are used 

in springs as well. 39 


@1i2 @i2 © 12 _ Discovery: 1755 





Magnesium .*. -- 


Forms 






Feather-like grory saMple 
appearance Shiny, grey 
crystallized form 







This green, magnesium-rich 
mineral forms deep underground. 









Alkaline Earth Metals 





Magnesium has 


22 known 
isotopes. 








This ore is a 
natural form 
of magnesium 
carbonate. 





Magnesium was named after Magnesia Magnesium has many important applications. 
in Greece. This element largely exists deep Alloys of magnesium are not only strong, but 
inside Earth’s mantle, but it can also be found also lightweight, so are used in a range of 

in seawater and many minerals in our planet’s objects, from car wheels to cameras. For 
crust, including serpentine. Another mineral, centuries, many naturally occurring magnesium 


40 dolomite, is also a source of pure magnesium. minerals have been used in traditional medicines. 
























Magnesium alloy 
makes this wheel 
strong and shiny. 


Canon 


LENS _EF 50m), 


Mark tll 
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White lights 
from burning 
magnesium 
compounds 


This indigestion 
medicine is a 
mixture of water 
and magnesium 
carbonate. 


ae , 2, 


Milk of magnesia 








This widely 
used cement 
contains powdered 
magnesium oxide. 


Magnesium carbonate, or magnesia, reacts 
with acid in the stomach to settle indigestion. 
Heating magnesia produces magnesium oxide, 
which is one of the ingredients in cement. 
Magnesium compounds are also used in 
fireworks, and they burn hot with a white 





The magnesium alloy body xs | 
of this camera is lightweight 6 
and will not rust. 


Magnesium 
fireworks 


MAGNESIUM IN CHLOROPHYLL 


orophyll is an important 
lecule in plants and is 
what makes them green. 

its centre sits a 
magnesium atom, 

which helps plants 

convert sunlight into 
energy in a process 

called photosynthesis. 











Chlorophyll 
molecule 
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Crystals containing 
magnesium sulfate are 
added to warm water 
Jor a soothing bath. 





This powder Ses 
makes skin a 
smooth and soft. 





The magnesium alloy case of 
this laptop is strong but lightweight. 


flame. Salts composed of magnesium, 
called Epsom salts, named after the place 
in England where they were first mined, 
work as a muscle relaxant. Magnesium 
silicate, known as tale, is a soft mineral 


used in body powders. 41 
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Decalcium =... 







Forms This crystal has a . ure Calc; 
shiny surface. This pure o - ' 
metal is soft No) gab Orato, 
— enough to cut P . 
with a knife. 
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Calcite 


Large, 
fang-like 
crystals 


These column- 
shaped crystals 
contain calcium 
carbonate. 





Bones are hardened 
by calcium phosphate. 





The most abundant metal in the human contain the compound calcium phosphate. 
body, calcium is also the fifth most The hard, outer layers of many other animals, 
common element on Earth. It appears in such as the shells of sea snails, are made of 
many minerals: calcite and aragonite are made_ calcium carbonate. Calcium is very important 
of a compound of calcium and carbon called in our diet. We get calcium by eating calcium- 


42 calcium carbonate. Bones in animal skeletons __ rich food, including dairy products, green 


free years before RoHS or WEEE for competitive reasons. IPC's informative lead-free website: 
here. 


Although only .5% of lead used in the US gets embedded in electronics (verses 80% in 
batteries), there is concern that the lead from those electronics will leach into ground water 
supplies from landfills. Why the concern over solder joints when batteries contain so much 
more lead? For the most part, lead containing batteries are recycled and regulated, whereas 
electronics are routinely just thrown away. The EPA claims that 1% of municipal waste is 
electronics. Interestingly, according to this publication by IPC, no studies have found any 
evidence of lead getting into the ground water from landfills. 


Lead health risks: Lead does not get absorbed through the skin, and is actually not present in 
solder fumes to any appreciable degree (fumes are still bad for you, see fumes section below). 
The greatest risk of hand soldering with lead comes from ingesting lead by eating or smoking 
without first washing. Health risks include increased blood pressure, fertility problems, nerve 
disorders, muscle and joint pain, irritability, and memory or concentration problems. The latest 
health data indicates that there is no amount of lead that will not be detrimental to health. 
Google lead or start with this link. 


Some great lead-free joint pictures: here. 


The most popular lead-free alloy seems to be Tin 96.5% Silver 3.0% Copper .5%. The wiki 
page on solder mentions several different lead-free varieties. 

-AIM lead-free solders. 

-Huge list of Indium lead-free solders and their properties. 





Lead-free solder generally melts at a higher temperature, and doesn't wet as quickly to metals. 
(Eutectic tin-lead solder melts at 361 °F and the SnAg3Cu.5 melts at 423 °F.) Manufacturers 
generally recommend setting soldering iron temperatures between 700-800 °F for lead-free 
instead of 600-700 °F for tin-lead soldering. The 15 Watt RadioShack® iron I had operated a 
bit below 500 °F, so soldering should be possible with it, but maybe slow. Technique wise, 
since lead-free wets slower, joints will take longer (upwards of 4-7 seconds), but this doesn't 
mean the soldering iron temperature should be turned up excessively--patience is better than 
higher temperatures. If you're going to use a lead-free solder, get a flux that's designed for the 
higher temperatures--the regular no-clean fluxes will likely burn off before doing their job. 


A quick word on reliability. Some say that lead-free joints are stronger, and while the material 
is indeed stronger, it's less flexible than lead-based solder, so expansion and contraction due to 
temperature change has been shown to break components held by lead-free solder. It seems 
true mechanical reliability of lead-free vs. lead depends heavily on the situation (see p.30). 
There is also concern of something called "tin whiskers." These are extremely thin crystalline 
growths that grow perpendicularly out from surfaces. These took down some space systems 
and NASA has a great page here. These are different from dendrites (which grow on the 
surface) and appear to be more likely on bright all-tin platings. Most component platings used 
to consist of a tin-lead mixture, and since all-tin platings are a common lead-free replacement, 
people are concerned. I have yet to find any literature that points to TinSilverCopper solder as 
a risk factor, though. I believe it is a plating issue, only. 


One more link: -Why tin or silver? 





Thickness and Amount: As a general guide, .032" thick solder (21 gauge) should be suitable for 
through hole soldering and some surface mount soldering. For finer pitch surface mount devices, use 
.02" or .015", and if you're soldering a lot of switch terminals, or tinning thick gauge wire you may 
want .05". If you use .015" solder consider having some thicker solder on hand to re-tin your tip, since 
the amount of flux in .015" may not be enough to remove tip oxides. The picture below shows how the 
various thicknesses compare next to the standard .1" spaced DIP pins. 
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This tablet contains 
calcium carbonate, which 
is an alkali —a substance 








An adult 
human contains 


of calcium 
in the body. 







Shells of sea 
snails are hardened 
by calcium carbonate 
absorbed from 

sea water. 








Calcium-;; 
food = 


D 








These chalks contain 
calcium sulfate. 





Marble forms 
when limestone 
comes under high 
temperature 

and pressure. 





Orange 










about 1 kg (2 Ib) 













As running water flows into caves, it deposits 
calcium carbonate. These deposits build up to 
form structures called stalactites and stalagmites. 





that balances out acids. t Ay A 
2%, Loe Water with dissolved calcium carbonate 
oe o flows through a crack and into the cave. 


Stalactite hangs 
from the ceiling. 


Stalagmite 
grows up from 
the ground. 
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Over time, calcium carbonate 
starts to build up on the 
ground and ceiling. 


Water drips 


onto the 
ground. 








ate, 
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This plaster of Paris cast hardens 
when dry, supporting broken bones. 













The Sphinx, Egypt 


- -_, 
».. 





This statue is made of | 
limestone, a natural rock 
containing calcium carbonate. 


; im ee) 


Oranges are also a good source of calcium, and 
most orange juices have extra calcium added to 
them. Antacid tablets, used to settle 
indigestion, contain calcium carbonate. This 
compound reacts with acid in the stomach. 
Calcium compounds are also common in 


construction materials. Plasterboard, which 

is used to make walls smooth, writing chalk, 
and Plaster of Paris are all made from the 
mineral gypsum. Calcium oxide is an 
important ingredient in cement and 


helps turn it into hard concrete. 43 








F LY G EY S FE The multicoloured Fly Geyser in the Black Rock Desert of 
Nevada, USA, is made from a mound of calcium carbonate 
rock. Such mounds and pools are made naturally in many other places where springs gush out 


warm, calcium-rich waters. The amazing colours of the rocks are caused by algae and bacteria 
that live in this water. 


Fly Geyser is not a natural wonder. It was made 
by accident in 1964 when engineers were drilling 
a well to find a source of hot water. They did find a 
small reservoir of water that is heated by volcanic 
activity deep beneath the surface, but they chose 
to cap the well and look elsewhere. Eventually, 








the hot water broke through, creating a natural 
fountain, or geyser. Over the decades, the calcium 
deposits have slowly built up. The central mound is 
now 1.5 m (5 ft) tall and nearly 4 m (13 ft) wide. The 
scalding water that gushes out can reach a height 
of 1.5 m (5ft). 
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1" __ This mineral 
is found in some 
microorganisms. 


Strontium was discovered in 1791 ina was called strontianite, and it is the main ore 
mineral found near the Scottish village of strontium. Pure strontium was first extracted 
of Strontian. The mineral burned with a by British chemist Humphry Davy in 1808, who 
bright crimson flame, and Scottish chemist conducted an experiment using electricity to 
Thomas Charles Hope studied it and found obtain the element from the mineral. Strontium 


46 — that it contained a new element. This mineral was once used in television screens, but today 


Uses 


Glazed ceramic 





The bowl’s smooth 
finish is due to 
strontium oxide. 


Strontium burns in air 
with a bright red colour. 


ae J 








: 


GENERATING ELECTRICITY 


A radioactive form of strontium, called an isotope, 
can be used to produce electricity. A radioisotopic 
thermoelectrical generator (RTG) converts heat from 
the element into electricity for use in spacecraft. 


Radiator fin prevents the 
RTG from overheating. 





A thermocouple is a 
device that converts heat 
from the radioactive 
metal into electricity. 


Inside the capsule, atoms of 
radioactive strontium break 
down into those of lighter 
elements and produce heat. 


RTG is insulated to stop 
radioactivity from leaking out. 


there are fewer uses for it. Strontium oxide in 
pottery and ceramic glazes creates distinctive 
colours, while strontium carbonate produces a 
red colour in flares and fireworks. Magnets that 
contain iron oxide can be made stronger by 
adding strontium to them. These strong magnets 










Navigation 
buoy 


Lights in 
unmanned buoys 
can be powered 

by radioactive 
strontium. 





ae yaspeaker 





Magnets inside 
this loudspeaker 
contain strontium. 


Strontium compounds 
in some toothpastes 





provide relief from pain. ____. 
4 *~ Toothpaste for 
sensitive teeth 
Unmanned i } 
radar stations (———- ry ini 


run on electricity ho 
produced using a 
form of strontium 
called strontium-90. 





Weather radar station 





are used in loudspeakers and microwave 
ovens. Strontium chloride is added to some 

kinds of toothpaste, while radioactive strontium 
is a source of electricity for radar stations in 
remote places where there are no power lines 

or fuel supplies. 
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Ba Barium 









et — 
Farmers golden shine. 
used witherite as 
This mineral is used rat poison 
to make ceramic glazes. Wr, until the 


Petal-like shapes 
form in the desert 
when sand mixes 
with barite 

or with gypsum. 


Barium is named after the Greek word 
barys, which means “heavy”, because 
barium and its minerals are dense. The 
pure form of this element was first discovered 
in 1808 by the English chemist Humphry Davy, 
who extracted it from an oxide of barium. This 


18th century. 


State: Solid 
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A grey layer of 
tarnish forms when 
the metal comes into 
contact with air. 


Dd These glassy, blue 
Tai crystals contain 
barium and titanium. 





does not exist in nature. Davy obtained it by 
heating the mineral witherite. Today, the main 
source of barium is barite, a mineral of sulfur 
that forms in deserts and in rock deposits that 
come into contact with hot water. A rarer mineral 
called benitoite also contains barium. The 


Uses BARIUM SOLUTION 


Barium is used in a medical test for checking 
Spark plug a patient's digestive tract for problems. In this 
= . test, a patient swallows a barium liquid solution, 
Z woes which fills the organs in the digestive tract. 










[ 1. The barium 


This plug contains voy: 
solution is ingested. 


an alloy of barium 
and nickel. 


shows up Clearly. 


me 
| 2 
n 
¥ 2. The solution 
3 enters the stomach 3. Under an X-ray scan, 
a and begins to fill it. the barium-filled stomach 
S 
oa 


This glass can be made 
shinier by adding barium 
oxide and barium carbonate. 





This pot is made 








aa from clay that is The barium in 
rich in barium. the metallic strip 
Ww absorbs gases in the tube, < 
maintaining a vacuum. © 
c 
c 
= 
a. co 
c 
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©. oO 
A, 
4. 
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As) wares * 
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~~ 
Wey 
The intestine is filled 
with a barium solution. 
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element is used in spark plugs to make them density. Doctors make use of barium’s density by 
produce more powerful sparks and is added to giving patients a solution of barium compound to 
glass to increase its shine. Barium compounds swallow, before taking X-rays of their digestive 
are added to some types of clay used for making system. The barium makes the soft digestive 
pots and vases. In oil wells, barium compounds _ organs denser, allowing them to be seen clearly 
are added to drilling fluids to increase their with an X-ray machine. 
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Radium is the only radioactive member 
of the alkaline earth metals. It is also the 
rarest element in this group, and forms in small 
amounts when the atoms of more common 
metals — such as uranium and thorium — break 
down. Radium atoms do not survive for long, 


State: Solid 
@88 @ss © 138 Discovery: 1898 






This ore contains just 0.7 g 
(0.02 oz) of radium in every 
1,000 kg (2,205 lb) of rock. 


In 100 
yeas time, 
only 4% of the 

radium atoms in this 
watch would have 
broken down. 


with most of them quickly decaying into 
radon, a radioactive noble gas. This element 
is highly dangerous and is rarely used today. 
However, in the early 20th century, radium 
compounds were in common use. Luminous 
paints, like those used to make watch dials 









Uses PIERRE AND MARIE CURIE 


Radium was discovered in 
1898 by Marie and Pierre 
Curie. They found that 
uranium ores produced 
more radioactivity than 
expected from samples 
of uranium. They realized 
another radioactive metal 
was present and named 

it radium. 









The radium paint 
in this clock makes 
the numbers glow 
green-blue in the dark. 
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This vial contains 
a liquid called 
radium chloride. 









Vials for 


radium treatment 
=— . age lave t 


——- 


This machine from the 
early 20th century mixed 
radium into water, which 

was thought to make it 
healthier to drink. 


Tetp snourwint ® 
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Cosmetics 


Radium emanator 


Radium face 









powder was 
‘ ; ae once thought 
malumuereconmen® 500 
in the 1920s. Bese: 
glow in the dark, were created using radium. stronger, not weaker. They injected themselves 
People working with this paint often became with vials containing a radium compound, 
ill, especially with cancer, because the believing it gave them an energy boost. They 
radiation produced by radium damages DNA. also thought that creams and cosmetics with 
Nevertheless, until the 1940s, many people radium in them made the skin healthier, even 


thought radium’s radioactivity made them though they did exactly the opposite. 51 











Expand to see how .032" and .015" solder compare to a SOIC surface mount chip and fine pitch (.02") 
device. 


()32" solder next to .05 


spaced SOIC leads 
~ 
~“ 
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A 
Atomic structure Physical properties Chemical properties Compounds 
Most transition These elements are generally Transition metals are not as Many compounds of 
metals have two hard and dense metals. Mercury reactive as alkali and alkaline transition metals are brightly 
outer electrons, but (Hg), the only element that is earth metals. However, they coloured. These metals 
a few, such as copper liquid at room temperature, form many varied and are often used in alloys, 


(Cu), have just one. also belongs to this group. colourful compounds. such as brass and steel. 
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These crystals 
contain only tiny 
amounts of scandium. 


Greasy texture 






Transition Metals 





The silvery colour 
of this metal turns 


yellow in the air Laboratory sample 


of pure scandium 






Uses = we “ic 


The scandium iodide 
gas inside the tube glows 
with a bright bluish light. 


This lightweight alloy 
handle does not bend. 








Some high-speed jets 





Metal halide lamp have a fuselage made —= : 
Ck of scandium alloys. ~~ ~ N 
a, 
A soft and lightweight metal, scandium is also contain small amounts of many other rare 
similar to aluminium. It is spread so thinly metals, such as cerium and yttrium. Scandium 


in Earth’s rocks that it is very difficult to collect = mixed with aluminium makes a strong alloy, 

a large amount of this element. Scandium is only which is used in lightweight equipment for 

used for specialist applications. Its main ores are _ sports, such as lacrosse, and to make high- 
54 the minerals gadolinite and euxenite, which speed jets, such as the MiG-29. 


S Titanium 


Forms 





This grey, cubic 
crystal is made of the 
compound calcium 


State: Solid 
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Uses 


The titanium plate placed 
inside acts as as shield. 











This titanium joint 
can replace damaged 
bone in body. 
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titanium oxide. 


Sunscreen 


This large, deep red 
crystal of brookite 
contains titanium dioxide. 









The titanium 
dioxide in this 
sunscreen blocks 
damaging ultraviolet 
(UV) radiation 

in sunlight. 






Body armour 
Drill bit 


This drill bit is 


This watch 
casing is made of 
a titanium alloy. 





hardened with a coating 
of titanium nitride. 






These are crystals 
of the mineral albite. 










This metal’s shine fades to 
grey when exposed to air. 
This 
titanium 
frame is 
lightweight 
but strong. 





Laboratory sample of pure titanium 


to prepare titanium dioxide, a compound 

of titanium and oxygen that is used in paints 

and sunscreen. Titanium is not toxic so it can 

be used to make medical implants, such as 

artificial hip joints. Wristwatches made 

with titanium alloys are light and strong. 55 


Named after the Titans, a race of mythic 
Greek gods, titanium is a silvery metal. It is 
as strong as steel but much lighter, and it is not 
corroded by water or chemicals. This strong 
metal also makes excellent protective shields 
in body armour. Titanium is commonly used 


Transition Metals 


56 





Tools made with 
alloys of vanadium 
and steel are durable. 


Vanadium can be hammered and stretched 
without breaking. This hard, strong metal is 
easy to shape. Vanadium was first purified 

in 1869 by the British chemist Henry Roscoe. 
Today, it is commonly extracted from its ore 
vanadinite. Ancient metalworkers used tiny 


This mushroom 
contains high levels 
of vanadium. 


AJ agaric 
yshroom 





These brittle 
crystals are the main 
source of vanadium. 


all vanadium 


State: Solid 


@23 @23 © 28 _ Discovery: 1801 

















Silvery 


ayjouseD 





This powdery yellow 
crust contains tiny 
amounts of vanadium. 






This knife has been 

strengthened by the 

About addition of vanadium. 
85% of 


is used to 
toughen steel. 


amounts of vanadium compounds to make a 
very tough substance called Damascus Steel. 
This was named after the capital city of Syria, 
where ironworkers made the world’s sharpest 
swords. Vanadium is still used to toughen tools, 
such as spanners and knives. 













State: Solid 
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These large red 
crystals contain 
chromium and lead. 













This grater can resist 
corrosion because it 
contains chromium. __~ 
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Crocoite 






Stainless steel 
kitchenware 





Chromite 






Chromite is dark grey 
to brown in colour. 






Aw 
SS 
Ts j This red colour is d 
4 & This metal stays is red colour is due 
> to the presence of tiny 






shiny even when 
exposed to air 
and water. 






amounts of chromium 
oxide in the crystal. 






Ruby 









The chromium 
plating protects this 
motorbike from rusting. 


Chromium is named after chroma, the Greek poisonous. Pure chromium doesn’t corrode 
word for “colour”. Many minerals of chromium, easily, so it is combined with iron and carbon to 
including chromite and crocoite, are brightly produce stainless steel. Chromium also gives 
coloured. An artificial form of crocoite,known gemstones, such as rubies, their deep-red 

as “chrome yellow”, was once used in paints, but colour Some motorcycles have chromium- 


it was banned when scientists discovered it to be plated bodywork, giving them a shiny finish. 57 
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Transparent, rose- 
coloured crystal 











Like magnesium, this element gets its 
name from the Greek region of Magnesia. 
There are many manganese minerals, including 
the colourful mineral rhodochrosite. The pure 
form of the metal is obtained mainly from the 
ore pyrolusite. Pure manganese is dense, 









Manganese 
was purified er 
e iny, 
oa from pyrolusite silvery 
: — for the first time niceal 


in 1774. 





This mineral is made 
of manganese dioxide. 


hard, and brittle. This element is present 

in seawater as the compounds manganese 
hydroxide and manganese oxide, which have 
built up in layers over millions of years to form 
masses on the sea bed. The human body needs 
a tiny amount of manganese, which we can get 





Uses cay), JOHAN GOTTLIEB GAHN 


kel | | In 1774, Swedish chemist Johan Gottlieb 
Gahn discovered manganese by reacting 
manganese dioxide with charcoal — which 


Pineapple 





( 


by contains 

‘ carbon — Ss 

under a lot a 

of heat. The FA 

carbon took os 

the oxygen S 

away from the =z 

compound, o 

leaving 2, 

Manganese- = 
rich food behind pure 
manganese. 










This US coin from 
World War IT was made J 
using manganese and 
silver because nickel These steel 
was in short supply. tracks have 
manganese added 
to them to make 


them stronger. 









ey 
~ 
2 § 
~ 
@ Oo This petrol contains a 
= Q, 
= ~~ manganese compound, 
a (7) which is less toxic than lead. 
: : To 
pal : i] 
A Railway tracks = 
This battery contains = The black 
manganese dioxide. colour comes from 





manganese dioxide. 








Purple glass bottle 








. 1g This glass is coloured 
by adding a manganese 
Lascaux cave paintings, France compound called permanganate. 
from mussels, nuts, oats, and pineapples. The are also added to petrol and used to clean 
applications of manganese include its use in impurities from glass to make it clear or to 
strengthening steel, which is used in making give it a purple colour. In prehistoric times, 
railway tracks and tank armour Certain dry the compound manganese dioxide was 
cell batteries carry a mixture containing crushed to make the dark colours used in 


manganese oxide. Manganese compounds cave paintings. 59 
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Spinach leaves provide not 
only iron but other important 
elements, such as potassium, 

calcium, and manganese. 


Cube-shaped 
crystal 


This mineral is a 
compound of iron 2acp, 
and sulfur. 


Pure iron is a 
brittle metal that 
can shatter easily. 
Iron 
is the most 
common 
rit 

xocite metal 

on our planet. 









Solid lump 
of pure iron 





Blood contains almost 
70% of the iron in the 
human body, 








Blood sample — 


Most of the iron on our planet is locked away pure iron in a process called smelting. Iron-rich 


in Earth’s hot, molten core. This element is meteorites — chunks of rock from outer space 
widely found in rocks worldwide, and almost that crash to Earth — are one of very few sources 
2.9 billion tonnes of iron is purified every year. of naturally pure iron. The human body uses iron 
Mineral ores rich in iron include pyrite. Other to make haemoglobin, a substance in blood that 


60 ores, including haematite, are used to extract carries oxygen around our body (oxygen helps 


Uses 


This steel body 
resists rusting. 





New York City, USA 





This fastener is 
made of strong steel. 


Stainless steel is quite 
resistant to rain and wind. 


A steel blade stays 
sharp longer than a 
blade of another alloy 







g or metal because of 
& the iron in it. 
© = 
These small grains 
| 


of pure iron are 
magnetic and are 
attracted to the end 
of a magnet. 


—_ 


= Ea a = 
—— a 
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Iron filings 
and magnet 


our cells produce energy for the body to work). 
Foods containing iron include meats and green 
vegetables, such as spinach. When pure iron 
comes into contact with air and water, it develops 
a flaky, reddish-brown coating called rust, which 
weakens the metal. In order to make iron tougher, 


Thin wires of steel 
are used to clean 
hard surfaces. 

















Tractor 








These tall 

structures are 

made from stiff 
steel girders. 
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This iron pot retains 


heat well while cooking. Tears Tiasion COWwers 
r 1SS1 wer 


SMELTING 


Pure iron is separated 
from its ores in a process 
called smelting. During 
this process, iron reacts 
with carbon in coal at a 
high temperature. As the 
mixture burns, the carbon 
takes the impurities out 
of the ore, leaving behind 
a layer of pure iron. 










1. Iron ore and 
coal are added 
to the furnace. 





2. Hot air is 
added here to raise 
the temperature. 


3. Impurities float 
on the pure metal, 


then released. ——~ 4. Pure iron sinks to the 
== bottom, then removed. 


tiny amounts of carbon and other metals, such as 
nickel and titanium, are added to it. This forms an 
alloy called steel, which is used to make bolts and 
strong tractor bodies, among other applications. 
Adding the element chromium to steel creates 

a stronger alloy called stainless steel. 
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ST E F L M A KI N A stream of red-hot, liquid metal pours from a furnace at 
a steelmaking workshop. This is the end of a long process 
in which iron ore is transformed into steel, a tough alloy that is strong enough to make girders for 


supporting skyscrapers and bridges. The steel may even be moulded into car bodies, woven into 
superstrong cables for elevators, or turned into powerful magnets that can levitate maglev trains. 
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How much solder do I really need? An ounce? A pound? How long will a pound last? 


To get a very approximate feel for just how much solder is in an ounce vs. a pound, I measured how 
much .032" solder it took to attach ten 16 pin DIPs. Trying to provide an upper bound, the soldering is 
excessive, and a generous glob was placed on the tip in between each chip to account for solder used to 
tin and protect the tip during normal use. 


—-- . aS 

10:16 pin DIPS took about > inchesof.0325 

a ee ‘ 
MrSolder. or about .052 oz 
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The ten chips took about 15" of generously applied .032" solder that weighed in approximately at 
.0520z. This particular solder weighed about .003480z/in. At about 3.27e-4 oz/joint, a 1 oz spool should 
last 3060 joints, a half pound should last 25 thousand joints, and a pound should last about 50 thousand 
joints. Mileage will certainly vary with different sized solders, joints, tinning wires, and highway vs. 
city driving, but if you're not in a production environment, a half pound should last a while. 


{2 


Steel is an alloy of iron that contains about two per cent 
carbon and some other elements. The carbon locks all 
the atoms together and prevents the metal from cracking. 
This makes steel harder than iron: it bends before it 
breaks and doesn’t shatter easily. To make steel, iron 
ore is smelted in a blast furnace to remove its impurities, 


such as nitrogen, sulfur, or phosphorus. Other elements can 
be added to create different varieties of steel. For example, 
chromium in steel stops it from rusting, while manganese 
makes it harder. Adding silicon to steel can make the alloy 
more magnetic, while nickel makes it less brittle at extremely 
low temperatures. 
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The distinctive purplish 
colour gives it the 
nickname “red cobalt”. 






Forms 














: This shiny metal 
3 is fairly hard. 





These cubic crystals 
contain a sulfur 
compound of cobalt. 


This silvery 
mineral smells 
like garlic when 
crushed due to 
the presence 

of arsenic. 


Pure cobalt is hard and shiny, and is 
added to steel and other alloys to make 
them stronger. Alloys containing cobalt 
are used in the blades of jet engines and 
in artificial joints, such as hip and knee 
joints. Cobalt is one of the few elements 


Medieval German miners often mistook 
ores of cobalt for precious metals. When 
they tried to purify these, the arsenic gas 
released made them sick. This unwanted 
side-effect led to the name kobold, which 

64 is German for “goblin”, a mischievous spirit. 








Tough and lightweight 
artificial joints can be 
made from an alloy of 
cobalt and chromium. 




















This part of 
the joint is screwed 
into the hip bone. 


permanent magnet 








This magnet 
can work at 
temperatures as 
high as 800°C 
(1,400°F). ___ 





These blades made of 
a cobalt alloy stay hard 
even when very hot. 









Cobalt 
blue paints 
have been 
in use Since 
3000 BCE. 








This blue glass 
is manufactured 
using cobalt 
compounds. 






This intense 

Cobalt-60 is an isotope, or form, of this epleue cies il 

; an . Jade easily over 

element. It is created artificially in nuclear time or upon 

reactors. Because of its radioactivity, it exposure to light. 
is useful in some cancer treatments. 









A neutron is fired at 
the cobalt-59 nucleus. Added neutron 






This symbol shows that 
this fruit has been treated 
with radioactive cobalt-60. 
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Cobalt-59 is a Cobalt-60 is a 


stable atom with radioactive atom 
59 neutrons. with 60 neutrons. 


employed to irradiate food, a process by 


that can be used to make a permanent 
which food is exposed to a tiny dose of 


magnet. Large permanent magnets are 
made from a tough alloy of cobalt, nickel, radiation to kill harmful germs. Cobalt can 


and aluminium, called alnico. A radioactive also produce a deep shade of blue: cobalt 
form of cobalt, called cobalt-60, is produced blue paints and dyes are formed by reacting 


in nuclear reactors. This form is widely aluminium with cobalt oxide. 65 
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This reddish mineral 
is made of iron and 
nickel sulfide. 


This green colour comes 
Jrom the presence of nickel. 






Transition Metals 


This nickel ore also 
contains arsenic. 







These silvery white metal 
pellets have a yellowish tinge. 





Nickel is named after Old Nick, a demonic copper, they named it Kupfernickel, meaning 
spirit from Christian lore that was believed “Old Nick’s copper’. Nickel is also found in other 


to live underground. In the 18th century, ores, such as garnierite and pentlandite. This 
German miners mistook a poisonous nickel element is one of the most useful metals, with 
mineral, now known as nickeline, for a a number of applications. Because pure nickel 


66 copper ore. When this mineral failed to yield does not rust, it is used to coat objects to make 


Uses Nickel-copper alloy 
plating makes propellers 
strong and durable. 


ickel goblet drum 
N cae . This nickel-plated 


instrument has 
a shiny finish. 








Rust-resistant 
handle 


The US five cent 
coin is made of an 
alloy of 75% copper 
and 25% nickel. 
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This silver-coated 

fork is made of an 

alloy of nickel, 

L copper, and zinc. 


PERMANENT MAGNETS 


A temporary magnet works when it is put in a magnetic 
field, but a permanent magnet retains its charge even when 
it is taken out of that field. Nickel is one of only a few 
elements that can be used to make permanent magnets. 


1. Atoms in a piece of nickel 
metal are arranged randomly, 


2. When a magnetic field 
is applied, the atoms align 
in one direction. 


R } ° d 3. The atoms then stay aligned 

Zz and produce a magnetic field of 
. “ «their own, even afer the external 
/ ) ) field is removed. 








them look like silver — a trick still used to make 
inexpensive ornamental objects. Nickel is also 
mixed with copper to make an alloy called 
cupronickel. This is used as plating on propellers 
and other metallic parts of ships, as the alloy does 
not corrode in seawater. The same alloy is used 












Ship propeller 


Electric guitar 





These nickel-plated 
guitar strings help 
create a clear tone. 


This Coin 
from the USA, 
made of a nickel- 
copper alloy, 
is called a 
nickel. 





Nickel cutlery 


To aster 


Nickel alloy wires 
heat up to make toast. 





in most of the world’s silver-coloured coins. 
Nickel is used in the strings of electric 
guitars. This element is added to chromium 
to make an alloy called nichrome. Wires made 
of this alloy conduct heat very well, so are 
used in toasters. 
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These golden 
yellow crystals 
contain copper sulfide. 


Branchlike 
crystals 
of copper 


Colourful tarnish 
develops when the 





mineral reacts with air. 


Crustacean blood 





Crustacean blood is blue 
because it contains copper. 





Copper is a soft, bendy metal that is an Copper is the only metal that has a reddish 
excellent conductor of electricity and heat. colour in its pure form. Pure copper is mainly 
Although it is one of the few elements found used as wires in electrical equipment. Copper 
pure in nature, most of it exists in ores such as wire wrapped around an iron core and then 
chalcopyrite. Other copper minerals, such as electrified helps create an electromagnet. Because 


68 | malachite and azurite, are brightly coloured. they can be switched on or off, electromagnets can 


This positive 
electrode is made 
of copper and 
slowly dissolves 
in the liquid. 





Copper coating on steel 
slows down corrosion. 





This solution 
contains dissolved 


ELECTROPLATING 


A thin layer of copper can be added to metal, 
usually iron, to stop it from corroding easily. 
This process is called electroplating. 


Electrons flow from 
the positive to the 
negative electrode. 


This electrode 

is made of iron. 
Copper ions form 

a protective coating 
over the metal. 





s[222W UOLpsUeAL 





copper ions. 
















Massive crane-mounted 
electromagnets contain 
huge coils of copper wire. 


A copper glaze on the vase 
gives it a metallic shine. 

















| ae 2 Prete: 


: 
The brass tube contains ; 
air that vibrates to produce 


ie 






o S musical sounds. 
2 
A 0 
° 
% ae" This tough alloy 
.°S does not weaken 


over time. 


A verdigris 
layer protects 
pure copper 
from additional 
weathering. 


Pure copper 
can be stretched to SESE 


form long wires. ee 


be magnetic as and when they are needed. They Statue of Liberty. Copper is often mixed with 
can be much more powerful than normal magnets _ other metals to produce tougher alloys. Bronze, a 
and can lift heavy objects. Pure copper does not copper-tin alloy, is more durable than pure copper 
rust, but it reacts with air over time to formalayer and has been used since ancient times. Brass, a 

of grey-green copper carbonate called verdigris. copper-zinc alloy, is used in musical instruments, 


This can be seen on copper statues, such as the such as trumpets. 69 





Not much thicker than a human hair, these copper wires 
are twisted together and woven into a tight bundle. One 


COPPER WIRES 


of the main uses for these wires is to shield a thicker copper wire that transmits a signal to a 


television. As the signal carries pictures and sounds in the form of electrical currents, the wires 


wrapped around it prevent interference from other electrical sources nearby. 


Copper is a very good conductor of electricity, but not the 
best; silver is better. However, copper is more widely used 
because it is much cheaper to find and purify. Each year, 
about 15 million tonnes of pure copper is produced, and 
more than half of it is used to make electrical components, 
such as this mesh. Today, more than a billion kilometres of 


copper wiring is running unseen in power supplies, buildings, 
and electronics. Copper is now the most common electrical 
metal, but it has a long history. It was the first element to be 
refined from ores in large amounts about 7,000 years ago in 
the region that is now Iraq. Today, Bingham Canyon in Utah, 
USA, is the world’s largest copper mine. 
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This zinc mineral 
Jorms rough nodules 
inside cracks. 
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This ore is 
the main source 
of zinc. 


Hard, shiny metal 








Zinc was used in India and China The mineral sphalerite, containing zinc sulfide, 
hundreds of years before the German is the major source of pure zinc. Another 
chemist Andreas Marggraf identified it principal mineral, hemimorphite, contains 


as a new element in the 18th century. This zinc and silicon. Zinc is essential in our diet. 
element is a rare transition metal that is never | We consume it from food such as cheese and 
72 pure in nature, but is found in many minerals. sunflower seeds. Zinc compounds have a wide 


Solder Fumes: 


What is exactly in solder fumes? Am I safer using lead-free solder? 


> 







Flux from rosin-cored 
solder boiling under 
magnification 


Lead boils at over 3000 °F, and in most cases soldering tips should be kept below 750 °F, so it is highly 
unlikely that gaseous lead is present in the fumes. The fumes are actually from the flux boiling, which 
still isn't great for you--many of the chemicals found in cigarette smoke are found in flux fumes: 
formaldehyde, toluene, alcohols, and hydrochloric acid to name a few. Most of the public health 
literature indicates that asthma is the major health risk from soldering fumes (not cancer or lead 
poisoning). When acquired, it is permanent and can cause hyper sensitivity so that even small amounts 
of fumes bring on attacks. Surprisingly, scientists have not been able to determine what exactly in the 
fumes cause the health defects, nor what amounts are harmful. Yet, the British health department has 
set exposure limits of .05 mg/m‘3 over 8 hours and .15 mg/m‘3 over 15 minutes. I believe these limits 
have been shown to provide a safe work environment and also one for which the necessary systems / 
filters are financially reasonable. 


Some informative links: 


Oo Solder Fumes and You A British health department pamphlet explaining the health hazards of 
rosin-based flux fumes (irritation, headaches, dermatitis, asthma) and what precautions 
employees and employers should take. Note the total lack of any mentioning of lead poisoning. 

0 Workplace Exposure to Rosin-based Solder Flux Fume During Hand Soldering A study done 
by the UK Health and Safety Laboratory measuring exposure levels and also the effectiveness 
of various exhaust, ventilation, and filter systems. 

Oo Measurement of the Performance of Air Cleaners Against the Particulate Element of Rosin- 
based Solder Flux Fume Another UK Health study investigating the effectiveness of various 
fume extraction and filter systems. Most interesting finding: although activated carbon filters 
can remove gaseous hazards, they are largely ineffective for fine particulate in the fumes 
which they believe to cause much of the harm. Some combination of carbon and HEPA filter is 
needed, and even these are useless without sufficient air flow. 














Returning to the topic of lead, it is widely agreed that eating, smoking and drinking without first 
washing is the greatest risk factor. Despite the high boiling point of lead, there is also agreement that at 
least a small amount of lead particles are indeed present in the fumes. The conspicuous lack of 
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eaousledns 


_—— Medical tapes that contain 
zinc oxide stop wounds from 
getting infected with microbes. 





Along with many other elements, 
zinc atoms are formed inside 
supernovae (exploding giant stars). 











The zinc coating 
on this steel bridge 
protects it from rust. 


Akashi Kaikyo Bridge, 
Kobe, Japan 


This zinc coin is 
coated with copper. 






This mineral contains 
zinc carbonate. 







Hemimorphite 






This soothing skin 
lotion contains a 
mixture of zinc G —  ? 


was discovered by 
James Smithson, the 


















compounds. ‘ 
founder of the Zinc oxide crystals > 
Smithsonian are generally colourless. | 
Institution. g 
g | 
{o) 
= 
o 
(=) 
om 
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Gs) 
a 
This flexible rubber is made O 


stronger by adding zinc oxide. 


GALVANIZED STEEL 





Steel is protected from corrosion by coating 

it with zinc. Alloys of iron and zinc form in 
>. layers between the steel and pure zinc. 

F This process is called galvanization. 


Pure zinc 
94% zinc 
and 6% iron 


90% zinc 
and 10% iron 


Steel is an 
alloy of iron 
and carbon. 





range of applications. For example, a compound paints that glow in the dark. When pure 


of zinc and oxygen called zinc oxide is used zinc is exposed to air, the metal reacts 
in medical tape and sunscreen. Zinc oxide with oxygen to form a protective layer 
can also be used to toughen the rubber used of an oxide. This coating can prevent 
in boots and tyres. A compound of zinc and objects covered in zinc, such as bridges, 


sulfur called zinc sulfide is used to make some _ from corroding easily. 73 
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than silver. 





This rock sample was brought to 
Earth by NASA's Apollo 16 mission. 


This mineral 
contains trace 
amounts of uranium, 

which is radioactive. 


This silvery 
element does not 
corrode easily, 


This 
vegetable 
contains 
yttrium. 





This reddish-brown mineral 
contains about 2% yttrium. 


The samples of rock brought back fromthe xenotime and monazite. Yttrium was 


Moon by astronauts in NASA's Apollo discovered in a compound in 1794 by the 
missions contained higher levels of yttrium Finnish chemist Johan Gadolin, but it wasn’t 
than rocks on Earth. This element is never isolated until 1828. Other yttrium compounds 
found in pure form in nature, but small traces have since been found in vegetables, including 


74 of it are present in many minerals, including cabbage, and in seeds of woody plants. In 


Uses FRIEDRICH WOHLER 


In 1828, the 
German chemist 
Friedrich Wohler 
became the first 
person to purify 
yttrium. He did so 
by extracting it from 
the compound 
yttrium chloride. 
He was also the 
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This bulb 


contains 
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yttrium 
sha first person to 
t 
at ae eu extract the metals 
‘0 proauce a This laser is beryllium and 


warmer, more 
yellow glow. 


powered using 
crystals composed ; 
of yttrium and heir ores. 
silicon, and can 

cut through metal. 





itanium from 












Shock-proof lenses are 
made from yttrium-infused 
glass to make them tough. 
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This radioactive form 
of yttrium is used to treat 
cancers in the body. 


This fabric mantle holds ; 
_ This superconductor 

the hot flame inside. ; 
produces a magnetic 
A small magnet floats field that repels the 
over the superconductor. magnet above it. 


NASA 
spacecraft use 
yttrium lasers to 
map the Surface 
of asteroids 
in space. 





Yttrium superconductor 


LED lamps, yttrium converts blue light to other form of this element has medical applications. 
colours. Many lasers use an artificial mixture of Yttrium is added to the glass in a camera lens 
yttrium and aluminium inside a silicon-rich to make it tough. Yttrium compounds are also 
crystal called garnet. Powerful yttrium lasers are used in superconductors — materials that 
used for treating some skin infections, as well as conduct electricity easily when cooled to very 
by dentists during tooth surgery. A radioactive low temperatures. 
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This greyish-white pure 


This dark brown colour element is easy to shape. 


is caused by iron impurities. 


Transition Metals 






U ses This zirconium- 
filled bulb produces 
a bright light. 
1 crow These tough dental : 
Denta : Ds crowns are made of a oan ni 
zirconium-rich ceramic. ‘ crystal] ri 
< ; 4 ing 





ux & 


This hard, non-metallic 


Ceramic blade does not require This ring 
knife frequent sharpening. contains cubic 
Camera flash from zirconia crystals. 

the 1960s 





This element is named after the mineral in the form of the compound zirconium dioxide, 
zircon, which means “golden” in Persian, a or zirconia. Powdered zirconia is heated to produce 
reference to the golden-brown colour of its a hard glass-like ceramic, which is used to create 
crystals. The Swedish chemist Jacob Berzelius dental crowns and sharp ceramic knives. 


was the first person to isolate pure zirconium,in Powdered zirconia also forms sparkling zirconia 
76 1824. Today, however, the element is mostly used crystals that look like diamonds. 


= Niobium 


This dark, dense 
ore has a light 
metallic shine. 


» Poy Columbite 
“Sy or, is named after 
» qd, This pair o, 
ON % te the country of tees : 
44g 08, Columbia. thin, powerful 
oe) , ny lenses made of a 
p> niobium compound. 





Niobium is so similar to the metal tantalum 
that the two were wrongly thought to be the 
same element for almost 40 years. The mineral 
columbite is the main source of this shiny metal. 
Niobium is not found naturally in its pure form. 
When extracted, it has many uses. As the element 
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The niobium case houses 
a battery that regulates the 
beating of a human heart. 


Command Module from 
the Apollo 15 mission 


This nozzle made 
of a niobium alloy 
kept its shape even 

when very hot. 


does not react adversely in the human body, it is 
used in implants, such as pacemakers. Niobium 
also does not expand when hot, so it is used to 
make parts of rockets, such as the one on the 
Command Module from NASAs Apollo 15 
spacecraft that went to the Moon in 1971. 


( 
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Forms 


Uses 


This slippery lubricant, which 
contains finely powdered molybdenite 
mixed with oil, protects fast-moving 
mechanical parts in engines. 





Molybdenum gets its unusual name 

from the Greek word molybdos, which 
means “lead”. Miners once mistook 
molybdenite, a dark mineral containing this 
metal, for an ore of lead. This element is much 
harder than lead, so it is easy to distinguish 





This mineral feels 
greasy to the touch. 


This metal’s pure form is 
silver-grey and has a very high 
melting point: 2,623°C (4,753°F). 





These closely fitting parts 
are hard so they do not get 
damaged easily, 


This lightweight 
but stiff frame 
is made from a 
steel containing 
molybdenum 

and chromium. 












between these two elements when they are pure. 
Molybdenite is soft and slippery, and it is the 
main molybdenum ore. Pure molybdenum 

is mainly used to make alloys that are resistant 
to corrosion. These are lightweight so are 

ideal for constructing bike frames, but 








State: Solid 
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This experimental sports car 
is built with a rust-resistant alloy 
that contains molybdenum. 


are hard enough for 
making sturdy tools, too. 
Molybdenum alloys are 
used in the latest designs 
of supercars, such as the 
Vencer Sarthe. 


= Technetium 
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This pure form of 
the metal is produced 
inside nuclear reactors. 


This body scan 
was created using 

the radioactive 
effects of technetium. 


Technetium-based 
imaging 


joyoeel e Ul peonpore 
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This box contains radioactive molybdenum, 
which breaks down into technetium. 


\ 


Generating technetium 


Technetium was the first element to be produced artificially by 
researchers. It is named after the Greek word for artificial, tekhnetos. 
Technetium does not exist in nature: any of its atoms that once existed on 
Earth broke down millions of years ago. Tiny amounts of this element were 
discovered in the waste produced by early nuclear reactors. Technetium is 
the lightest radioactive element. It is used extensively in medical imaging. 
It is injected into a patient's body, where it emits radiation for a short 
while. Some machines use this radiation to show bones clearly. 
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These crystals have 
a bright, silver colour. 






pentian dit 


5 oF. 





This yellow-brown 
mineral is often found 
deep underground. 
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This 
component 
contains 
ruthenium 
dioxide. 


SwissTech Convention 
Centre, Switzerland 


The metal alloy in the 
switch is toughened by 


Electronic circuit board adding ruthenium. 


These low-cost solar panels 
are made using ruthenium. 





circuits, including resistors and microchips for 
computers and other digital devices. Adding a 
small amount of ruthenium makes softer metals, 
such as platinum and palladium, much tougher. 
Moving parts in devices such as switches 
benefit from this property. 


Ruthenium is named after Ruthenia, an 
old Latin name for Russia. This rare metal 
is found in the mineral pentlandite, and its 
pure form is commonly extracted from this 
ore. A compound called ruthenium dioxide 
80 is used in several components in electronic 





This metal is 
shiny and silvery 
when pure. 





This golden mineral 
is defined by its needle- 





shaped crystals. 


The rosy red colour of one of its 
compounds inspired the name rhodium. 
The Greek word rhodon means “rose-coloured”. 
Rhodium is unreactive and does not form 
compounds easily. It is a rare metal. Most 

of the pure form is extracted when platinum 
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This rhodium-alloy 
reflector provides 
a bright light. 





Parts of this 
microscope are coated 
with rhodium and can 
resist corrosion. 


The rhodium plating 
prevents jewellery from 
losing its shine. 


These fibreglass strands 
are made by passing 
molten glass through 

rhodium-enriched trays. 
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is mined. Pure rhodium is hard and is used to 
toughen precious jewellery, mirrors, and optical 
devices, such as microscopes. It is mainly used 
in the production of catalytic convertors for cars. 
Fibreglass, which is often found in protective 
gear — like helmets — also contains rhodium. 
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The converter gets A 
hotter as more SP *SS+ 
pollutants enter s <e 
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The mines in this area 
have a high concentration 
of palladium. 






Palladium 
absorbs 
hydrogen, like 
. asponge soaking 
up water. 























Blue Ridge mines, South Africa 





Pure form can be produced by 
separating it from the ores of other 
metals, such as copper and nickel. 


This device uses palladium 
compounds that change colour 
when poisonous carbon monoxide is 
detected, which triggers an alarm. 





Carbon monoxide detector 


This commemorative coin is made from 
the palladium produced by the Stillwater 
Mining company in Montana, USA. 


Palladium is a rare, precious metal: it is many applications, the element’s main use 

10 times rarer than silver and twice as rare is in catalytic converters, which are devices 
as gold. Like these metals, palladium has a used in vehicles to convert poisonous exhaust 
shiny surface and does not corrode easily. gases into less harmful ones. A compound 
Palladium is found pure in nature, but it also called palladium chloride is used in carbon 


has a few rare minerals, such as braggite. Of its monoxide detectors. Because the element is 


emphasis on lead poisoning in all the research done by the UK health department implies that these 
particles are of little concern. Sentry Air Systems has a brief page that is one of the very few sources I 
found to claim that lead particles under normal soldering conditions are harmful. The company sells 
fume extraction technology. 


The material safety data sheet for Kester #44 cored solder says under the fire fighting section: "Melted 
solder above 1000 °F will liberate toxic lead and/or antimony fumes." 





According to IPC's DVD-11, "General Safety in Electronic Assembly," when solder is heated past 850 
°F the lead can become atomized and end up in the fumes. video link (if link breaks, you may have to 
search for DVD-11 at www.ipc.org). 


Useful comments from someone in the manufacturing world regarding lead. 


It would seem that, for typical lead-based, rosin cored solder, the risks are probably not that great from 
the fumes if you only solder occasionally, don't use abnormally high temperatures, and are in a well 
ventilated area. If ventilation isn't too good, and you're soldering for long periods of time, the cheaper 
foam-type carbon filters may not be good enough. 


But what about lead-free solder? Lead-free solder often requires higher temperatures and more active 
fluxes, and both of these factors lead to significantly worse fumes. 


Fume Extraction Becomes More Important in a Leadfree Environment - from the Weller blog 





Another excellent article on the increased risk of lead-free fumes from OK International. 


Instructables has all sorts of home-made fume extractors. 


14 


r || CATALYTIC CONVERTER 


Many cars contain engines that are attached to 
catalytic convertors. These important devices 
convert toxic exhaust gases into less harmful 
pollutants. Palladium plays a key role in the process. 








2. A chemical reaction occurs 
in the palladium mesh, which 


reduces harmful pollutants. This palladium 


nib is decorated. 





s[222W UOLpsUeAL 


Palladium is added to 
gold to remove its colour. 


3. Gases with less harmful 
fumes exit through 
the exhaust pipe. This tiny spring, 
which keeps time in 
a watch, is made of 
palladium alloys. 


1. Polluting gases 
enter the converter. 
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These tools are made This test strip contains 

This flute contains & pas onus ne s, which palladium, which contributes 
alladium that enables eep them sharp for a long time. toa reaction that measures 
; glucose in a drop of blood. 





it to resist corrosion. 





Orchestral flute 


with gold to form an alloy called white gold, 
which is used in jewellery. Some fountain 
pens have nibs decorated with palladium. 
The element is also used in glucometer 
test strips so that patients can check the 
level of glucose in their blood. 


precious, it is used to make commemorative 
coins in some countries. Palladium is alloyed 
with steel to make it more resistant to corrosion. 
These alloys are used to make surgical 

tools and expensive musical instruments, 

such as some flutes. Palladium is often mixed 
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» @ Silver 











State: Solid 
@47 © 61 Discovery: c. 3000Bcz 
— 

wn 
i Forms This mineral’s 
c) colour changes 
= to purple when it is 
5 exposed to bright light. 1 g (0.03 oz) 
2 - ra rg of silver can be 
72) Sry : 
= “Yte drawn into a 2=km-= 
ec c 
= (1.2-mile-) 

long wire. 





The bright surface tarnishes 
after reacting with air. 










These large 
opaque 

crystals have a 
glistening sheen. 













Black silver sulfide 
forms twisted crystals. 


Silver gets its symbol “Ag” from its Latin nature, but mostly it is mined from ores, such 
name argentum, which means “shiny white”. as pyrargyrite and acanthite. Because this 
It is considered a precious metal because its element is valuable and can be moulded easily, 
pure form has a grey shine that does not pure silver was used historically to make coins. 
corrode quickly, and it stays untarnished if This metal is also ideal for making bracelets 


84 cleaned regularly. Silver can be found pure in and settings for gems. Some people even use 


Uses 


MAKING CLOUDS 





Rain is crucial to our Earth, especially for growing 
healthy crops. Where there are no clouds, scientists 
can form tiny water droplets that cling to silver 
iodide powder, forming artificial rain clouds. 


1. Aircraft releases @= 
silver iodide powder * 2. Ice and water droplets 


produce a cloud. 


3. Rain falls when the VS 
water droplets ina cloud 


The polished surface 
has a pale, metallic shine. 










Ol 


a 


Silver nitrate is 
mixed with water to 


.  / clean cuts and scrapes. 
Glass infused with silver 


chloride turns brownish when 


exposed to sunlight. hromati 
IS pnotoc IC g7 
S, 


— 


flattened silver foil to decorate food. Silver 
spoons and forks were the only pieces of 
cutlery that did not create a nasty metallic 
flavour in the mouth in the days before the 
invention of stainless steel. Silver conducts 


electricity better than copper, and is used 


moulded and cut 
into varying shapes 


of silver called 
“vark” are edible. 


when silver bromide 













Silver coating is used on 
some circuit board parts. 


Soft silver is 
easily pressed 
into coins. 


Pure silver 


Photography plate 


Se 





Silver 
nitrate 


An image forms 


darkens quickly on 
exposure to light. 


in some circuit boards. Silver nitrate (a 
compound of silver, nitrogen, and oxygen) is 

a mild disinfectant used in some anti-bacterial 
soaps. Silver forms light-sensitive compounds 
with chlorine (used in sunglasses) and bromine 


(used in old photography plates). 85 
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Forms 


This mineral contains a rare Poa Fedo 
jorm of cadmium sulfide, a as a Oluish tinge. 
compound of cadmium and sulfur. 





Transition Metals 





a. 


Cadmium is a highly toxic metal, and is 
known to cause cancer. This rare element is 
found in the ore greenockite, but it is mostly 
obtained as a by-product of zinc extraction. 
Cadmium was discovered in 1817 from a 
mineral called calamine. Today, this metal is 


| is. 

we e \ 
of 
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B Cadmium x = 
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Uses 


This deep red pigment 
contains powdered 
cadmium oxide. 






Cadmium and 

nickel layers 

create electricity in °. 
*e 

this rechargeable 

battery. 







Nickel- 
cadmium battery 








we 
& 
a” 
® ss 
O, 1 WW 
egy Pure cad™ J 
2 a laborat 
The yellow colour of 
this zinc mineral is due : . 
to cadmium impurities. This electronic 
component used ~ 
re in circuits contains : Co t Red paint — 
ae o a compound of Lig, Ming cadmiv 
‘es 4 ’ , cadmium and sulfur. 4 Os 
Wl 7 &s, % 
A oN Cadmium-covered 


screws do not rust. 


iN 





This research sample is being Cadmium-plated 
viewed under ultraviolet (UV) light screws 
produced by a cadmium laser. 





Fluorescent microscope 


mainly used in conjunction with nickel in 
rechargeable batteries. The compound 
cadmium oxide was once used in preparing 
red paints, but not anymore because of its 
toxicity. Cadmium is also used to create lasers 
for use in powerful microscopes. 


Hf ; 27 2 
H a ni U Mm = State: Solid 
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Forms 







Hafnium uses up 4% 
of the mass of this 
zircon crystal. 


A zircon 


s[229W UOLpsUeAL 


crystal can be up to 
4 billion 
years old. 


Laboratory sample 
of pure hafnium 












This element’s pure 
form is resistant to 
corrosion in air. 


Small electronic 
components in 
this microchip 
contain hafnium. 


Sections of this 


U ses cutter are made 
of hafnium. 


19}}Nd [e}9aI| 





Hafnium is named after Hafnia, the similar sizes. Hafnium is used in powerful 
Latin word for the city of Copenhagen cutters that pierce metallic objects with 
in Denmark. It took a long time to distinguish a hot stream of sparks. It is also used to 
hafnium from zirconium because the two make ultra-small electronics — only a 
elements are present together in crystals few millionths of a millimetre wide — 


of the mineral zircon and their atoms are in microchips. 


fi 
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S@lantalum |. -- 


Transition Metals 
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Forms 
The mineral 
has a dark, 

waxy surface. 











The pure metal barely reacts 
with air, so stays shiny. 


Tantalum is a hard metal named after 
Tantalus, a man from Greek mythology 
who was punished by the gods. It is 
extracted from a rare mineral called tantalite. 
This tough metal is not harmful to the human 
body, so it is used to make artificial joints and 





Rods of pure tantalum 
refined in a laboratory 
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These yellow The tantalum 


crystals contain the shell of this 
mineral stibiotantalite. hip implant 
is lightweight 


and flexible. 





Tantalum capacitors are 
used to store a lot of electric 

charge in small circuits, such as 
the ones inside mobile phones. 






_ The case and 
strap of this 
watch are made 


of an alloy of 
~~ —— tantalum, gold, 
a and copper. 


other body implants. Tantalum powder is used 

in capacitors — devices used in electronic circuits 
to store electricity. This strong metal toughens 
watches made of softer, precious metals. 
Tantalum is also used to create strong turbine 
blades that do not corrode. 
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Forms 


This dark, metallic This mineral is 
mineral contains the main source 
tungsten and iron. of pure tungsten. 










aye tslOM. 


© 
A, 
fo} 
Q. 
os 
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Pure tungsten is 
a hard, grey metal. 


Cylinder of pure tungsten 
refined in a laboratory 








fo} 
Uses a Tungsten filaments 
# are becoming less 
on popular as they are 
Tung sten ae] not energy-efficient. 
Drill bit ‘{ pigments 


were in use in 
Chinese porcelain 


This drill bit has a coating 350 years ago. 
of tungsten carbide, which 
protects it from damage. 


A tungsten sinker 
is preferred to a 
lead one because 

it is not poisonous. 


Tungsten has the highest melting point tungsten carbide is used to harden objects 
of any metal: it turns to liquid at asearing — such as drill bits. Tungsten’s high melting 
3,414°C (6,177.2°F). Itis a very dense metal, _ point allows it to be used in the filaments 
and its name comes from the Swedish phrase of light bulbs. This element is also useful 
for “heavy stone”. This metal is usually obtained in producing weights, such as sinkers 
from the mineral wolframite. A compound called used with fishing lures. 
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These tubes contain a 
rhenium alloy that produces 
X-rays when a stream of 
electrons smashes into it. 








Rhenium is very rare in nature: only one 
atom out of every billion in Earth’s crust 
is a rhenium atom. Discovered in Germany 
in 1925, and named after the Rhine river — it 
was the last stable, non-radioactive element 
to be found. Rhenium has a very high melting 


Rhenium 
has the 
highest 
boiling point 
of any element. 


State: Solid 
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This ore contains 
molybdenum and small 
amounts of rhenium. 


Pure rhenium 
pellet 







Pure rhenium is 
denser than gold. 














This plane has jet 
engines containing 
a heat-proof 
rhenium alloy. 










point, and can stay solid at extreme temperatures. 
This allows alloys made of this element to 

be used in very hot conditions, such as those 
inside the tubes of X-ray machines, as well 
those in the exhaust nozzles of rockets and 

the jet engines of fighter planes. 












This is a natural 
alloy of osmium 
and iridium. 


The pure form 
is hard but 
shatters easily, 


Osmium is the densest of all naturally 
occurring elements: 250 ml (8.5 fl 02) of this 
metal (in its liquid form) weighs 5.5 kg (12 lb). 
This rare element is found in the ore osmiridium. 
Pure osmium reacts with oxygen in the air to 
form a poisonous oxide, so the metal is used safely 
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Transmission 
electron microscope 
(TEM) image 
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Fingerprint 
powder in use 






Osmium oxide is 
used to highlight 
objects inside a cell. 





Black osmium 
oxide powder 
clings to oily 
Jingerprints. 


The needle of 
this old record 
player is made 
of osmium. 








Record player 


Fountain pen 





The nib of this pen moves smoothly 
because of its hardy osmium alloy. 


by combining it with other elements or alloys. A 

red osmium oxide stains cells so they can be seen 
clearly under a powerful microscope, while a 

black oxide powder allows fingerprints to be 

revealed in crime investigations. A hard osmium 

alloy is used in fountain pen nibs. 91 
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Fo rms These rocks contain a 


layer of iridium-rich clay. 






This metal 
is 22 times as 
dense as water. 


Transition Metals N 
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Badlands National Parks, 
South Dakota, USA 









This meteorite, 
found in Oregon, 
USA, contains just 
0.00047% iridium. 


Iridium is the rarest natural element on in meteorites and other space rocks. A layer 
Earth: there is one iridium atom out of of iridium-rich clay is found in Earth’s crust 
every billion atoms in Earth’s rocks. This all over the world, especially in the Badlands 
dense metal can be found in its pure form in of South Dakota, USA. Scientists believe 
nature as well as in other common ores that this small quantity of iridium in our planet’s 


92 contain nickel and copper. Iridium is present crust was deposited by the dust from an 


Prepare the Work 


Corroded pin repels solder 


2007 CurtousInventor com 





e Start with clean components: Flux can remove small amounts of oxides, but will be of little help for 
heavy oxidation, grease, oil or dirt. Notice how the solder in the adjacent picture has been repelled by 
the heavily oxidized pin. It may be necessary to lightly use steel wool or fine grit sand paper to remove 
especially bad oxides. Some people say that you should not do this because it creates scratches that can 
promote future oxidation... sand at your own risk. Use Silicon Carbide sandpaper (black) as opposed to 
Garnet (brown, for woodworking) sandpaper because the Garnet paper will shatter and become 
embedded in the metal. An effective and gentle alternative is to use a pink eraser, especially for copper 
traces. 

e Clamp your work: PanaVise makes a popular clamp that accepts several different attachments for 
holding different sized circuit boards. It's by far the most popular clamp and is also very sturdy. Having 
the work held in place is especially helpful for desoldering when it's necessary to push or pull a bit. The 
alligator hands are a cheap alternative. 





e Wire preparation: Tin stranded wires so they don't "bird-cage," or bend out from their original lay. 
Expand for instructions on the correct way to strip a wire manually, use an automatic stripper, and tin 
wire. 
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This door protects the 
equipment from the Sun’s glare. 








This telescope is 
used to study X-rays 
from objects in space. 





The iridium coating 
on the mirror is only 











This spark plug contains a tiny amount of Iridium is a few atoms thick. 
iridium, and can resist the high temperatures 
created during sparking in vehicles. the second 
Sark blue densest 
- metal, after The moving parts of some 
, compasses are made of the 
osmium. alloy osmiridium. 





LUIS WALTER ALVAREZ 





In 1980, the American 
physicist Luis Walter 
Alvarez and his son 
Walter discovered a 
layer of iridium-rich 
clay in rocks all over 
the world. They 


suggested that this 
was the result of a 
meteorite impact 
about 66 million 
years ago, which 
led to the extinction 
of the dinosaurs. 





explosion 66 million years ago when a large than platinum and copper, and is therefore 
meteorite hit our planet. The applications preferred over these metals for use in spark 

of this element include coating the mirror of plugs. Iridium is also mixed with osmium to 
NASA's Chandra X-ray Observatory, an make an alloy called osmiridium, which is used 
Earth-orbiting telescope that studies X-rays in compasses and put in nibs for some fountain 


from distant stars. Iridium is more durable pens to make them hardy. 93 
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a2) This dense, shiny mineral 
Ss consisting of platinum and 
C4) arsenic is the most common Plati 
= ore of platinum. atinum 
Ss melts at the 
» : 
or high temperature yugget 
5 f 1,768°C ineg ,, P 
re Or 2, 78 » 7 
E 
(3,214°F). lag ey 


Large nuggets 
of pure platinum 
are rare. 





Spanish explorers first found platinum in even at high temperatures. This makes it difficult 
the mines of South America in the 1700s. to extract from its ores, such as sperrylite. Pure 
They obtained a whitish substance that the locals platinum does not corrode or tarnish. It is, 
living near there called platina, meaning “little however, not easy to shape or mould, so use of 
silver”. This precious metal has a silvery white platinum was limited to the making of simple 


94 shine. Platinum rarely reacts with other elements, jewellery and watches. By the 20th century, 
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This thermometer 
records temperature 
by measuring the 
electric current 
flowing through a 
fine platinum wire. 


Expensive 
watches use 
the precious 
metal platinum. 


Platinum prints 
have a wider range 
of shades than 
silver prints. 
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Platinum 
was found 

in an Egyptian 

casket from the 

7th century 

BCE 








more applications were discovered. Platinum 
can be used in place of silver to generate 
photographic prints, and in place of gold for 
making dental fillings. Today, platinum plays 
an important role in various technologies. For 
example, it is used in fuel cells — devices that 


—__— Jewellery made 
of platinum does 
not lose its shine. 


ANTONIO DE ULLOA 


Although platinum had been in use in jewellery on 
the west coast of South America for more than 2,000 
years, it was Spanish naval officer Antonio de Ulloa 
who made the first major study of it. In 1735, while on 
a South American expedition, he found grains of the 
metal in river sands. He brought them back to Spain 
to examine them. 
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This drug contains 
platinum and kills 
cancer cells in 


Dental fillings once 
contained platinum 
and mercury. 
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This stent made 


of platinum is 
not harmful to the 
body and anchors 
a damaged blood 
vessel as it heals. 


This fuel cell 
contains platinum, 
which speeds up 
the reaction 
between hydrogen 
and oxygen. 


generate electricity by combining hydrogen 
and oxygen. These cells do not need to be 
recharged like other batteries. Powerful drugs 
for treating cancer contain this element, 
while stents made of pure platinum help 


heal damaged blood vessels. 95 
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Forms Gold’s 
chemical symbol 
Pure gold has Au, comes 


a dark yellow 


colour unlikeany ~# y ; / 
other metal. 4 


from its latin 
name, aurum. 


Transtion Metals 


This mineral 
ore contains gold 
and tellurium. 


These crystals 
may be elongated, 
rectangular, or cubic. 






These flakes of 
pure gold are locked 
into quartz crystals. 





People were making gold ornaments more yellow colour. Gold is naturally pure and seldom 
than 6,000 years ago. This was many centuries makes compounds in nature; the compound in the 
before they learned how to purify copper, iron, mineral ore calaverite is an exception. Pure gold 
and other metals. Gold is believed by many to found in nature may form nuggets but mostly is 
be the first metal element to be identified. It is a found as tiny specks embedded in rocks. Gold 

96 dense, unreactive metal with a distinctive deep miners crush up these rocks and wash out the 


This mask 











Uses 


This very thin layer of 
gold protects the astronaut 
from the Sun's heat. 






Tutankhamun’s 
death mask 


This glass plate 
contains specks 
of gold. 






pueriey,y ‘epduraz 


A thin layer of gold 
covers this entire temple. 


gold dust with water or strong acids. The 
applications for gold include heat shields in 
astronaut’s visors. This metal has always 

been seen as valuable and many ancient artefacts, 
such as the 3,300-year-old death mask of 
Egyptian pharaoh Tutankhamun, were forged 


These replacement teeth 
are made of gold and mercury. 


Gold foil keeps this car 
engine at a stable temperature. 





McLaren F1 car engine 







Wasplated olen “") THE HOLTERMANN NUGGET 


the pharaoh’s 
mummified face. The largest piece of natural gold was found on 


19 October, 1872, near the small town of Hill 
End in Australia. Named after its discoverer, 
Bernhardt Holtermann, the piece contained 
moe than 90 kg (198 Ib) of pure gold. 
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Holtermann Nugget Child aged 10 years old 





Gold bars stored 
in banks are a sign \0 flakes 
of wealth. ge ; 

: The fiakes 
decorating 
this expensive 
chocolate 


are edible. 


This neck ornament 
is made from cast gold. 


from it. Some of the earliest coins, found in 
Turkey, were made of it. Gold is used to cover 
important buildings, such as Thailand's Wat 
Phrathat Doi Suthep temple. This precious 
metal is most commonly used today in 


jewellery or decorations. 97 


GOLDEN BUDDH 


a temple in Nha Trang, Vietnam. The Buddha is depicted as holding a range of sacred objects, 
including scrolls and white lotus flowers. This statue is completely covered in a layer of pure gold, 
and it draws in hundreds of devotees from across the world. 
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A precious statue of Buddha with one thousand eyes 
and one thousand hands stands in Long Son Pagoda, 
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Although humans have discovered many strong metals and 
useful elements, gold has remained one of the most valuable. 
Before people knew what it was, they saw glittering gold dust 


in river beds or dug large gold nuggets out from rocks. They 
found that gold has many valuable qualities: it is soft enough to 
hammer into any shape and can be melted down for moulding 
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into ornaments. Best of all, its gleaming golden colour never 
fades away. Ancient cultures prized items made of gold: in 
ancient Egypt, gold was used to make coins as well as to cap 
the tops of pyramids. Gold is, however, so rare that if all the 
world’s mined gold were forged into a cube, it would fit inside 
the penalty area of a soccer pitch. 
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Transition Metals 
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iW sry 
H Sebo? 
& = State: Liquid 


Forms _ ee, 


This bright red 
mineral is the main ore 
of mercury used today. 


Cinnabar 


Solid 
mercury is soft 
enough to be 





cut with 
The “ribbed” effect 7 
is due to mercury’s ; a knife. 
extremely high density. This metal melts \ A 
at —39°C (-38°F). ' 
Mercury is the only metal that is liquid used for many centuries: ancient Romans 
at room temperature. Along with water, it is roasted cinnabar to release a liquid they called 


one of the few liquids found naturally on Earth’s hydrargyrum, meaning “silver water”. This 
surface. Pure mercury forms around volcanoes was the element mercury. It was later known 
where the heat separates it from its minerals, as quicksilver because of how fast it flowed as 
such as cinnabar. This red mineral has been a stream of liquid. This metal is very poisonous: 


Uses 


This thermometer 
contains mercury, 
which expands as 

it gets warmer and 
contracts as it cools. 








= 
oO 
a 
Pills containing Ss 
mercury were rs 
: commonly used to o 
treat constipation = 
| =} and toothache. 
T= 
fat 
ae = 
3 E a 2 This bulb glows when 
+4 ac e the mercury vapour 
rf s “ inside it is electrified. 
HS 7 
-— o 
a 
= = {o) 
se 3 - 
+ 0 Mercury 
oe cae o 
= oe oO : 
2 4 4 has been in use 
& 7 for more than 
" c 
4,000 years. 
- 
- CFL bulb 





— mirror side Paes 


it can damage organs and nerves if inhaled or 
swallowed. As a result, the use of this metal 

is carefully monitored today. Mercury is used 

in some batteries, some thermometers, and in 
low-energy, compact fluorescent light (CFL) 
bulbs. Its compounds are used to prepare 


This bright red 
paint is made with 
powdered cinnabar. 


HOW DOES A BAROMETER WORK? 


i. 
This part of the 
tube has no air. _\_ 


A barometer is an 
instrument used to 
measure air pressure 
to forecast the weather. 


__— Glass tube 


Mercury rises 


when the air : 
Air presses pressure is high The simplest — and 
down on and fallswhen earliest — designs used 
mercury, it is low a column of mercury 


inside a glass tube. 


7 Eh 


’ ’ J Mercury in a container 
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This large, a 
low-cost mirror The needle moves Be 
made of a pool of pure with the rise and e 
mercury is used in an fall of mercury. 2 
oO 


astronomical telescope. 





strong, red paints. Until the early 18th century, 


mercury was used in pills for treating some 
common ailments. It gradually fell out of use 
when it was found to be toxic. The first accurate 
barometers also contained this liquid, but such 
devices are rarely seen today. 
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Transition Metals 


102 


104 





Ernest Rutherford 


105 





Albert Ghiorso 


= Dubnium 


= Rutherfordium 








State: Solid 
@ 104 @104 © 163 Discovery: 1964 





Rutherfordium was the first superheavy 
element to be discovered. In this type 

of element, each atom has 104 or more protons 
in its nucleus. It is named after the New Zealand 
scientist Ernest Rutherford, who, in 1913, 
suggested that every atom has a nucleus, or 
core. Pure rutherfordium is synthesized by 
researchers in a laboratory. 





The US 
scientist Albert D 
Ghiorso discovered 
12 elements 
in the 20th 
century. 


State: Solid 
Discovery: 1968 





It took scientists nearly 30 years to agree on 
a name for this element. Dubnium was finally 
named after the Russian city of Dubna, where the 
first atoms of this artificial, radioactive element 
were created, in 1968. However, a team of 
American scientists led by Albert Ghiorso also 
produced samples of the element at the same 
time. This radioactive element has 12 isotopes, 
or forms, with different numbers of neutrons. 





O Manual wire stripping: The natural way you would think to use the wire strippers is to first 
cut the insulation, and then use the same cutting hole to push off the insulation slug. In 
production environments where reliability is critical, this is not allowed because it's very easy 
to nick the wires this way. The pliers at the tip of the stripper are actually meant to remove the 
insulation slug. First score the insulation with the cutting hole, and then pull it off with either 
the pliers or by hand. If removing by hand, twist slightly while pulling to keep the strands in 
place. This is the "right" way to strip a wire, if you're careful, pulling the insulation off with 
the cutting hole is probably fine. 





wire nicks to avoid 


© 2007 CunousInventor.com 





o Automatic stripping: With one squeeze these cut and pull off insulation. 
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= Seabor 





State: Solid 
@ 106 @ 106 © 163 Discovery: 1974 





Atoms of seaborgium break apart in about 
three minutes, so little is known about it. 
Scientists think it may be a metal. The element 
was isolated in 1974 in a machine called the 
Super Heavy Ion Linear Accelerator at the 
Lawrence Berkeley National Laboratory. It was 
named after the US scientist Glenn T Seaborg. 


This huge 
machine was 
used to discover 
five new 
elements. 


This giant tube forms part 
of the Super Heavy Ion Linear 
Accelerator, which is a type 

of particle accelerator —a 
machine in which atoms 

are smashed together. 
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Glenn T Seaborg 


NOBEL PRIZE IN CHEMISTRY 


Glenn T Seaborg and his fellow US researcher 
Edwin McMillan were awarded the Nobel 
Prize for Chemistry in 1951 for their work 

in creating neptunium. This was the first 
element to be isolated that was heavier than 
uranium — the heaviest natural element. 
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Nobel Prize medal 


Super Heavy Ion Linear Accelerator, Lawrence 
Berkeley National Laboratory, California, USA 
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Bohrium 


Niels Bohr 


assium 


Hassium was produced 
inside this chamber. 


Peter Armbruster 


ute.» 

A chamber at Centre 

for Heavy Ion Research, 
Darmstadt, Germany 
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Bohrium is an artificial 
element named after the 
Danish scientist Niels Bohr. 
This was to honour his model 
of the structure of atoms’ 
electron shells. Bohrium 

was first produced by firing 
chromium atoms at bismuth 
atoms in a particle accelerator 
(a machine in which atoms are 
smashed together). Atoms 

of this metal are unstable: 

half of any sample of bohrium 
atoms breaks apart in 61 
seconds. As a result, it is 

not very well understood. 








State: Solid 
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Scientists think hassium 

is a metal, but they have 
not been able to produce 
enough of its atoms to study 
it in any detail. Hassium is 
very radioactive, and most of 
its atoms break apart within a 
few seconds. This element is 
named after the German state 
of Hesse, the location of 

the Centre for Heavy Ion 
Research, where hassium 
was first created artificially 
by a team led by the German 
physicist Peter Armbruster. 
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Researchers think meitnerium might 

be the densest of all elements. It is 

very unstable, and even the atoms of its 
most stable isotope, or form, break apart 

in a matter of seconds. Meitnerium is named 
after the Austrian physicist Lise Meitner, 

to honour her achievements in physics. 
Several universities, such as Humboldt 
University in Berlin, Germany, also have 
buildings in her name. 
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Meitner Haus building, 
Humboldt University, Germany 





. 
, A 





J es 
Lise Meitner (left) works with the German chemist Otto Hahn 
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= Darmstadtium 
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This artificial element is named after the 
German city of Darmstadt — the home 

of the Institute for Heavy Ion Research 
where this element was first produced. 

A team led by the German physicist Sigurd 
Hofmann created darmstadtium by smashing 
nickel atoms into lead atoms in a particle 
accelerator (a machine in which atoms are 
smashed together). 


= Roentgenium 






State: Solid 
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Scientists believe that this metal 

shares many characteristics with 
precious metals, such as gold and silver. 
However, its atoms break apart within 
seconds, so this has not yet been confirmed. 
Roentgenium was created in Darmstadt, 
Germany. It was named after Wilhelm 
Rontgen, the German scientist who 
discovered X-rays in 1895. 
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oo € / Some 
scientists 
think copernicium 
could be the only 
\ gaseous 
metal. 
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State: Solid 
Discovery: 1996 





This statue stands in 
front of the Polish 
castle in which 
Copernicus lived. 
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This German research institute 
is where copernicium was discovered. 
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Heavy Ion Research Centre, Germany 


The atoms of this radioactive 
element survive only for a few 
minutes, before breaking down. 
Copernicium is created in particle 
accelerators by smashing together atoms 
of lead and zinc. Only a few atoms of 
this artificial element have ever been 
produced. Copernicium is named 
after Nicolaus Copernicus, 
the Polish astronomer who 
theorized that our planet 
orbits the Sun. 107 


Europium’s 
(Eu) colour 
changes 
when left 
in the air. 
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Lanthanides 


This set is named after lanthanum, the first element in this series. The 
name “rare earth metals” is also given to these elements because they 
were discovered mixed together in complex minerals in Earth’s crust, 
and were thought to be uncommon. However, they are actually not rare 
but abundant. These metals — between barium (Ba) and hafnium (Hf) — 


should fit between the alkaline earth metals and the transition metals, 
but they are normally shown underneath the main table to save on space. 








Atomic structure Physical properties Chemical properties Compounds 
Atoms of every element in The lanthanides are dense, = These elements react slowly Many lanthanides 
this group have two outer shiny metals, which tarnish with oxygen (0) at room form compounds with 
electrons. The lanthanides easily when exposed to temperature, but the oxygen called oxides. 
have large atoms, all with air. They do not conduct reactions speed up These are often used 


six electron shells. electricity very well. when heated. in lasers and magnets. 
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a en ta Black tarnish ; oat 
Ss Fo rms a : Se forms on pure metal ais 
= hp y \ when it comes into 

“3 / y Lanthanum \\ contact with air. 

= / 9 

s / / carbonate is used to \ \ 







treat patients with | 
kidney of 
disease. // 







This reddish-brown 
mineral is also found in 

other colours, including 
white, tan, and grey. 





This metal burns 
easily when ignited. 





Uses 
This lens can better 
focus light on an object 
due to the presence 
2. of lanthanum oxide 
¢ in the glass. 
= ——__— This lamp 
< uses lanthanum 
v to reduce the . 
3 yellow colour In its molten 
cS Ba ah 3 state, lanthanum 
r5) in its light. ° 
3 is used to smooth 
in — rough diamonds. 
wr Molten lanthanum Camera lens 
Although the word “lanthanum” means 100 years to find a way to purify the metal. 
“to lie hidden”, it is more abundant than Today, the mineral bastnasite is a source 
most metals. For example, it is three times of pure lanthanum. The element's 
more common than lead. This element was applications range from its use in film 
discovered in the mineral cerite in 1839. studio lights and lens-making to 


110 | However, it took chemists almost another refining petroleum. 
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Cerium was the first of the lanthanides to be 
discovered. It is named after the dwarf planet Ceres, 
which was discovered two years before the element 
was isolated. Cerium is highly toxic when pure, but 
safer cerium compounds have some uses. The main use 
of cerium is in making phosphors, which are chemicals 
that produce lights of different colours. Phosphors are 
present in flatscreen TVs and bulbs. 
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Television 


Laboratory sample ¢ A 
of pure cerium 






The inside of this screen is coated 
with cerium-containing phosphors, 
which emit red, green, and blue light. 
















Kitchen spatula 







This red colour comes 
from a compound 


The pure form of the called cerium sulfide. 


metal tarnishes on 
contact with air. 
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= Praseodymium 


This piece of the Part of this element’s name comes from 
element’s pure ei 7 
form is ofien stored | prasinos, the Greek word for “green”. 
in mineral oil to stop, ——-s Mgrmally a grey colour when pure, the element 
it from reacting with ‘ ‘ 
oxygen in the air. reacts slowly on contact with air to form a Q 

green coating. Praseodymium compounds State: Solid 
give a yellow colour to glass and heat-resistant Pecovery: 1000 | 
ceramics, and provide a green colour to some 
artificial jewels. This element also boosts 


the strength of magnets that contain it. 


























ehiow ceramic Pot 





This artificial gem 
gets its green colour 
from tiny amounts 
of a compound of 
praseodymium 

and oxygen. 


This yellow colour 
is produced by a solution 
containing praseodymium. 


Laboratory sample of 
pure praseodymium 
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Strong magnets made of neodymium can be 
used to lift thousands of times their own mass. 
This element was discovered in 1885 by the Austrian 


chemist Carl Auer von Welsbach, and it was originally ae 


Lanthanides 





Ne used to colour glass. Small amounts of neodymium L 
SP turn glass pinkish purple. Today, this element is Laboratory sample 
This glass gets | alSO employed in lasers used in eye surgery. of pure neodymium 







its colour from 
very tiny amounts 
of neodymium. 


The pure 
element turns 
black when it 
reacts with air. 





This paint glows as a result | 
of radioactive promethium. 


State: Solid 


This missile uses radioactive \ shee aes 


promethium for electrical power. 








Missile g 





Promethium is the rarest lanthanide element. 

Any promethium that was in Earth’s rocks decayed 

billions of years ago. Promethium is therefore 

produced artificially in nuclear reactors. Being very 

radioactive, it is used in some missiles, because 

it converts this radioactivity into electrical power. 
Promethium-rich paint in The addition of promethium also makes some 

112 a tin seen from above paints glow in the dark. 








Tinning: Just like soldering a joint, the key here is to apply solder to the wire, not the iron tip. 
If the wire is hot enough to melt the solder directly, then it's hot enough to form a good bond 
with the solder. Hold the iron against one side of the wire and apply a small amount of solder 
in between the tip and wire to form a heat bridge (if there isn't already enough solder from 
tinning the tip). Now apply solder to the opposite side. The solder should wick into the strands. 
Move the iron and solder as necessary to coat the surfaces. You should still be able to clearly 
see the individual strands when it's complete. 


Don't tin wires that are going to be held in clamping terminals since the solder will slowly 
deform under pressure and cause the connection to come loose. 





Got a lot of tinning to do? For under $300 you can get a vat of molten solder to speed up the 
process. The only catch is that there's no flux in the vat, so you need to dip the end of the wires 
in liquid flux before dunking them in the molten solder. Only dip the very end of the wire in 
the flux; capillary action will draw it further up the strands. If you dipped more than just the 
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This element is named after the mineral 
samarskite from which it was first purified. 
However, another lanthanide-rich mineral called 
monazite is the main source of this element today. 
Samarium is mixed with cobalt to make permanent 
magnets that are often used in electric guitars. 


pickups 














Gust? 


These pickups (components 
that sense vibrations produced 

by guitar strings) are made of 
samarium-cobalt magnets. 





This silvery white metal 
darkens on contact with air 
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oratory sample of pure ey ; . 
SO > Europium was named after the continent 
of Europe. However, most of the world’s supply 
of the element comes from the USA and China, where 
the mineral bastnasite is mined for the extraction of pure 
europium. A compound called europium oxide is used 
in euro and British bank notes. When placed under 


ultraviolet (UV) light, the compound gives off a red glow. 
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This red glow 
proves this 
note is real. 


The crystals of this Sal Die ee 
yellowish metal often Geese ‘ 


have patches of dark oxides. Section of British note under UV light 
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Gadolinium, and its mineral ore gadolinite, 
This soft, silvery are named after the Finnish chemist 
metal darkens when Johan Gadolin, who discovered the 
exposed to air. sos 

element. Gadolinium compounds are used 
to obtain clear MRI scans. It is also used in 
electronics, and to make rust-resistant steel. 











This mineral contains tiny 
amounts of gadolinium. 


This image of the 
brain is clear because a 
gadolinium compound 
was injected into the 
patient's blood. 





MRI scan of the 
human brain 





= Terbium 











Q 
State: Solid 
Bee ‘ : @94 Di : 1843 
Terbium is named after the village of Ytterby in Sweden. : j eis J 
It is a silvery metal that can be obtained from the ore monazite. ss ee cai 
This element has only a few uses. Pure terbium is added SoundBug ty de magnets to turn 
to other metals to make powerful magnets usedin sound- , ~“*« Vice Hs ee alice is 
a a Z = _ , 
producing devices, such as the SoundBug™. Its i= , ; a loudspeaker. 








compounds are used to line mercury lamps. Theat 


vapour in this 
lamp produces 
ultraviolet light when 
electrified, and this 
is turned into a 
bright yellow glow 
by terbium. 


os ®» 








Mercury lamp 





The pure metal is soft 
enough to be cut with a knife. 


Laboratory sample of pure terbium . v 








6 


@Dysprosium | =: 











@66 @66 ©97 _ Discovery: 1886 





Dysprosium reacts more easily with air and 













saplueyquey & 


in ne ‘es water than most other lanthanide metals. 
amounts of Although it was discovered in 1886, it took until 
east the 1950s to purify it. This metal is often used with 


This pure metal | NeOdymium to produce magnets that are used in 
remains shiny at car batteries, wind turbines, and generators. 


room temperature. 





Some hybrid car batteries 
contain dysprosium. 






Laboratory sample of pure dysprosium 
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= Holmium 
( ) 
State: Solid | 
The Swedish chemist Per Teodor Cleve named holmium _- llllaiaiias tI: 








after the Swedish city of Stockholm. Pure holmium can 

< : : This artificial 
produce a strong magnetic field and is therefore used in magnets. eae ee or 
Its compounds are used to make lasers, and to colour glass and red by small amounts 
artificial jewels, such as cubic zirconia. aes 


Bright, 
silver 
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This silvery element La b erbium, which protects The rose pink finish 
slowly tarnishes on of ratory Samp] a welder’s eyes from of this vase is from an 
contact with air. Pure erbi a ° heat and bright light. erbium chloride glaze. 





pink pottery 


Welding goggles 


Like terbium and ytterbium, erbium is also 
named after the Swedish village of Ytterby, 
near which it was discovered. This element 
does not occur in its pure form in nature, but 
it can be obtained from the mineral monazite. 

| Many erbium compounds are pink in colour 

| aiid sla and are used to colour pottery and glass. 


iThulium 
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This machine emits — =a 
X-rays using a very lll ~~ ~*~) 
small amount of thulium. r . . 
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Thulium is the least abundant of all the 
lanthanide metals. It is used to create lasers 
that surgeons use to cut away damaged body 
tissue. Thulium also has a radioactive form 
that can produce X-rays: portable X-ray 
machines make use of this form. 





Bytterbium * —-€ 
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Ytterbium tends to be more reactive 
than other lanthanide metals. It is stored 
in sealed containers to stop the metal from 
reacting with oxygen. The pure metal has 
only a few uses. A small amount of ytterbium 
is used in making steel, while its compounds 
are used in some lasers. 


Laser cutting 





This bright, shiny metal can Laboratory sample 
be hammered into thin sheets. 


An ytterbium laser can cut 


of pure ytterbium 
through metals and plastics. 





MmLutetium 


State: Solid 
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Some oil refineries use lutetium to break down 
crude oil to make fuels, such as petrol and diesel. 





This element is the hardest 
and densest lanthanide metal. 


Lutetium was the last of the rare earth metals to be 
discovered. It is also the final member of the lanthanides. 
In its pure form, lutetium is very reactive and catches 
fire easily. It is rare and has few uses, mainly as 

a substance mixed with crude oil. 


Oil refinery 








lum 


1S uran 


=I 
(3) 
= 
fl 
) 
t=) 
C3] 
& 
c) 
=) 
” 
(4) 
S 


a 
Bo Dues 
= 
eoYuvu& 
asec 
ga Fa 
eran 
” 
5888 
5k daptoy, 
a 


Th 























































































































































a) hah IS 
(ey Gea a Ke a 
my | 
Jase 
Hea ae 
an a 
ea Fe 
Tas a 
we te EI. 
CS 
Sn ne 
Soo] 
JERR 
Fea saws 
SES ees 
SARE nm 
| eS 
BRaBenhae 


Atomic structure Physical properties Chemical properties Compounds 
All the elements in Natural actinides are dense The actinides are reactive Actinides form colourful 
this group have two metals with high melting metals and are never found compounds with halogens. 
electrons in their outer points. The physical properties in pure form in nature. They Most actinide ores also 
shell. Their atoms all have of most of the artificial react easily with air, the contain compounds of 


seven electron shells. ones are unknown. halogens, and sulfur (S). oxygen (0) called oxides. 
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Rare in nature, actinium is a metal formed by 
the decay of other radioactive elements. Its 
atoms are unstable and break down to make the 
elements francium and radon. Actinium is found 
in tiny amounts in uranium ores, such as uranite, 
and has limited applications. Its isotopes are 
used in radiation therapy to treat cancer. 
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The most common natural radioactive metal, 
thorium is used inside vacuum tubes to allow 
an electric current to flow. It can also undergo 
nuclear fission, a process in which atoms split in 
two and release energy. Scientists are exploring 
ways of making thorium-powered nuclear 
reactors that produce electricity. 


This durable rock 
made of solidified lava 
contains 12% thorium. 





This thorium coating creates an 
electric current by releasing electrons. 





This ore contains small 


Thorianite crystals of thorium compounds. 





120 Vacuum tube 
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This vibrant green > 
radioactive mineral contains a8 
hd 

tiny amounts of protactinium. Ss 
, a. 

Oo oO 

State: Solid bi 





Discovery: 1913 





A Geiger counter measures 
the sample's radioactivity. 























This bottle 

contains a 
protactinium 
sample. 


Protactinium 
research 


The name protactinium means “before 
actinium”. This is because a uranium atom 
decays to form a protactinium atom, which 
then quickly breaks down into an actinium atom. 
Small quantities of protactinium are found in 
edo ancient sands and mud. Geologists use Geiger 
feels waxy. counters to carry out research to calculate 
how old the sands are. 


These used nuclear fuel 
rods contain protactinium. 


Nuclear waste 


Torbernite 
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Named after the planet Uranus, uranium was 
the first known radioactive element. In the early 
20th century, some manufacturers used uranium 

in glass bowl glazes, only to realize later 
that it was a harmful metal. 
An unstable form, called 
uranium-235, is used as 
fuel in nuclear 
reactors and 
in atomic 
bombs. 

















These black sections 
contain uranium dioxide, which 
is the main source of uranium. 


This sample of pure 
uranium is waste 


from a nuclear plant. 
Uranium mixed into 


glass makes this bowl 
glow bright green under 
ultraviolet (UV) lamps. 





Glass bowl 


aD 
State: Solid 
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The radioactive 
elements in this 
mineral decay to 

form neptunium. 

This cyclotron, 

built in 1938, was 

used to discover 
neptunium. 





Cyclotron at the University 
of California, Berkeley, USA 


Sitting next to uranium in the periodic 
table, neptunium was named after the 
planet Neptune. It exists in small amounts 
in radioactive ores, such as aeschynite. 

It forms during nuclear explosions and 
was first identified inside a machine called 
a cyclotron. There are no known uses 

for neptunium. 


end into the flux, the capillary action would draw flux beyond the insulation where it can't be 
cleaned, and would eventually corrode the wire. 
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Insert, clinch and trim components: First, make bends before inserting the components. Avoid 
stressing the connection between lead and component by bracing the lead with pliers while bending. 
Pliers with serrated tips aren't used in high-reliability production because the grooves can create nicks 
in the leads that eventually cause a break after a lot of vibration and thermal changes. Round nose pliers 
make it easy to make any sized radius. 


Unless the component has a metal casing or needs clearance for air flow to keep cool, insert it until it's 
flush with the board. This doesn't apply to some transistors, and also capacitors that have plastic 
coverings that need to be kept out of the solder joint. Clinch or bend out the leads so the component is 
held in place during soldering, and finally trim the leads to about the radius of the pad. Trim the leads 
before soldering since doing so afterwards can shock and crack the joint. Wearing safety glasses for this 
process is not at all excessive--those leads can get you. Everything else about proper component 
installation: NASA guide. 
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Hardly any plutonium exists This Martian rover 
in nature: most of it has decayed mene nid 
into other elements over time. generate electrical power. 
It was discovered during the 
development of nuclear 
bombs in World War II. 
Today, plutonium is used 


mostly as a nuclear fuel. 
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This ore contains 
trace amounts 
of plutonium. 


This plutonium 
battery was used 
in early pacemakers. 
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1970’s pacemaker Curiosity 
battery Rover 


BAmericium ®. 
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This metallic element is 

not found in nature. Instead, 
it is produced inside nuclear 
reactors when uranium or 
plutonium atoms are bombarded 
with neutrons. Remarkably, 
americium is the most common 
radioactive element used in the 
home. Radioactivity emitted by 
americium atoms causes the 

air inside smoke detectors to 
conduct electricity. When smoke 
disrupts the electric current, 

an alarm goes off. 


This smoke detector contains tiny, 
harmless quantities of americium. 
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This lander 
studied 

the surface 
composition 
of the 

comet 67P. 


Actinides 
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Curium is a silvery, radioactive metal that 

glows reddish purple in the dark. This element 

was discovered by the US scientist Glenn T Seaborg 

at the University of California. It was named after 
Marie Curie, the scientist who discovered the element 
polonium. Several space probes, such as the Philae 
comet lander, use X-ray devices containing curium 
Marie Curie working in her laboratory to study their environment. 


BeBerkelium 


This element was named after the city 
of Berkeley — home to the University of 
California — where this artificial element 
was discovered. It was first synthesized by 
Glenn T Seaborg. Berkelium has no uses 
other than the creation of heavier elements, 
such as tennessine. 
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Seaborg 
helped develop 
the atom bomb, 
but opposed 
using it in 
World War II. 


















University of California, Berkeley campus, USA 
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Discovery: 1950 












This machine uses 
californium to find 
water underground. 
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This isotope, 
or form, of 
californium 
produces a lot 
of neutrons. 





Pellets of 
radioactive californium 






Californium is named after the US state of 
California. This soft, silvery metal does not exist 

in nature and is made by smashing berkelium atoms 
with neutrons in a particle accelerator (a machine in 
which atoms are smashed together). This radioactive 
Water detector element is used in the treatment of cancer. 


nsteinium 


Only a 
few 
milligrams 
of einsteinium are 
made every 
year. 
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Einsteinium was discovered in the chemicals 
left over after the first hydrogen bomb test 
in 1952. The huge explosion fused smaller 
atoms together to make larger ones, including 
einsteinium. This element was named after the 
great German-born scientist Albert Einstein, and 
was found to be a silvery, radioactive metal that 
= . glows blue in the dark. It is only used for making 
Albert Einstein in his study heavier elements, such as mendelevium. 125 
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This artificial element was 
named after the Italian scientist 
Enrico Fermi. He built the first 
nuclear reactor in 1942, starting 

the American effort to build nuclear 
weapons during World War II. 
Fermium was first identified in the 
debris of an atom bomb test in 1953. 
This unstable element has no known 
uses beyond research. 














Some 
scientists call 
Enrico Fermi the 
“father of the 
atomic age”. 








Dmitri Mendeleev 
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State: Solid 
Discovery: 1955 
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Mendeleev’s notes from 1869 
show his method of arranging 
elements in columns and rows. 





Mendelevium is named after the Russian 
chemist Dmitri Mendeleev, who invented 
the periodic table. Mendelevium is produced 
in very small amounts by firing parts of helium 
atoms at einsteinium atoms in a particle 
accelerator (a machine in which atoms 

are smashed together). 
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— This artificial metal 
_ is named after the 

| Swedish chemist Alfred 
Nobel, who started the 
Nobel Prize. It was 
discovered in 1963 by a 
team of scientists working 
in California, USA. This 
team included Albert 
Ghiorso, Torbjorn 
Sikkeland, and John 
R Walton. They used 
a particle accelerator 
to fire carbon atoms at 
curium atoms, creating 
nobelium atoms, which 
broke apart within minutes. 
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Albert Ghiorso, Torbjorn Sikkeland, and John R Walton 


awrencium 


Lawrencium 
was produced at 
the Berkeley 
lab set up by 
Ernest Lawrence. 
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State: Solid 
Discovery: 1965 





















Lawrencium is named after the US scientist 
Ernest Lawrence, who developed the first 
cyclotron particle accelerator. This is a 

machine in which parts of atoms are smashed 

together by making them spin round in circles. 
Lawrencium atoms were produced in a 

. similar machine by firing boron atoms at 

An early cyclotron californium atoms. 127 








Pure gallium (Ga) 
Hf becomes liquid 
| Hh |) at 29°C (84.2°F). 
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*® 
Atomic structure Physical properties Chemical properties Compounds 
Members of this group All elements, except boron, Most of the elements don’t They form compounds by 
have three electrons in are shiny solids. Every react with water. Aluminium _ losing electrons to other 
the outer shell of every member of this group is soft, (Al) forms an oxide layer in elements. All of them react 
atom. Some elements except for boron (B), which is water, and can react with it with oxygen (0) by bonding 


have unstable isotopes. one of the hardest elements. when this layer is corroded. to three oxygen atoms. 





Boron 


Forms 









This transluscent mineral 
is found in dried lakes. 
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Ulexite 
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and boron. 





Some boron compounds are among the 
toughest artificial substances on Earth, with 
only diamond being harder. This element is 

a very hard material and becomes even harder 
when made to react with carbon or nitrogen. Pure 
boron can be extracted from various minerals, 





State: Solid 
Discovery: 1808 







Boron-rich corn 


Boron-deficient 
corn does not 
grow properly. 









This metal 
is dark and 
slightly shiny. 






including ulexite and kernite. The demand for 
this element was once so high that people moved 
to live in the extreme heat of Death Valley, USA, 
to work in boron mines there. Compounds of 
boron in soil are essential for plants to grow 
healthily. We use boron in our homes every day. 











This searing desert 

is one of the main U ses 
places on Earth 
where boron is found. 








The salt sodium borate, also called borax, was already 
in use 1,000 years ago. In 1808, the Frenchmen Joseph 
Louis Gay-Lussac and Louis Jacques Thénard isolated 
pure boron by heating borax with potassium. 
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This tough glass < 
Death Valley, contains boron oxide. So 





USA 


Louis Jacques Thénard Joseph Louis Gay-Lussac 
Born into a poor family, This French chemist is also 
Thénard excelled as a scientist. remembered for discovering 
He also discovered a compound _ that the pressure of a gas goes 
called hydrogen peroxide. up with its temperature. 











Needle- and leaf- 
shaped crystals 


















These white crystals are 
obtained from sodium borate. 





This clay is bouncy but also 
firm because it contains boron. 















This screen is or 
composed of ge 

fo] boron-rich glass, fa] 

® which makes it s 

5 scratch-resistant. O° 
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Boron 
carbide 
is one of the 


hardest 


materials in use 













The protective body of this 
tank contains boron carbide, 
a compound of boron and carbon. 








F Military tank 
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Tough, heat-resistant glassware, such as some kinds of modelling clay and bouncy silly 
measuring cups, are strengthened with boron. putty contain boron compounds. Boron is named 
Boric acid is a natural antiseptic and canbe used after a crumbly white salt called borax, which is 
to treat minor cuts and scrapes. A flexible layer of | used in detergents. The element is also present 
boron-based glass fibres is used to toughen thin in a diverse range of objects, from insecticides 


LCD screens for televisions and laptops. Even to armour for military tanks. 131 
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This crystal contains This aluminium ore 
aluminium and sulfur is the world’s main 
compounds. source of the element. 





Reflective surface 


This slice of aluminium 
phosphate mineral has 
a turquoise green colour. 


Although aluminium is the most common also be found in other minerals, including 

metal in Earth’s rocks, scientists did not variscite. Today, aluminium is often recycled 

discover it until the early 1800s. Eventhen, because producing it anew requires 15 times 

it took a further 80 years for scientists to work more energy. The metal makes a strong, shiny 

out how to use the ore bauxite to extract foil when rolled flat, and is useful for storing 
132 | large amounts of pure aluminium. It can foods. A fire protection suit made from 





clinch leads 


clinch opposité DIP 


corner leads flush cutters 





Add heat sink: Some semi-conductors (some transistors and diodes) are especially heat sensitive. This 
clip acts a heat shunt to keep the transistor protected. 
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This foil does not 
break even as it is 
bent and twisted. 





This aluminium frame 
makes the racket light. 


This suit protects 
against temperatures 
up to 1,000°C (1,800°F). 














Aluminium can 












Aluminium 
cables are 
lightweight. 









this foil reflects away heat. Aluminium is 

the most widely used metal after iron. It is 

very lightweight compared to iron’s alloy steel 
and almost as strong. A dome made from 
aluminium, such as the one in the Esplanade 
Theatre in Singapore, can be much larger than 


Aluminium is expensive to purify, so it is often recycled instead. 
Drinks cans are almost 100 per cent pure aluminium and can 
be shredded, melted down, and made into new cans. 






This can is produced 
from recycled aluminium. 


Recycling 
one aluminium can 
saves enough energy 
to run a TV for 
three hours. 





1. Used cans are 
collected for processing. 


ee 2. They are crushed 
Fa into small bricks. 
6. These are ad 


. 3. The blocks 
pressed into ( f\.) are shredded 
2 yy) into tiny pieces. 


metal sheets. , OF ies ala) 


@_§ 


Smartwatch 


7. New cans 
are made from 
these sheets. 
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5. The blocks are 
then cast into 
smaller sections. 


4. The pieces are then 
melted into large blocks. 


Parts of this dome 
are made of aluminium. | 














Esplanade Theatre, — 


Singapore 
The aluminium | 
casing protects 
the touchscreen. 
A 
a 
This plane’s fuselage is built Sey ’ 


from sheets of aluminium @” 
stretched around a frame. 
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a steel-based one, which would collapse 
under its own weight. Aluminium is also a 
good electrical conductor and so is used in 
overhead cables. Tough aluminium alloys 
are used to produce parts of some aircraft, 


including the Boeing 737. 133 














J FE T T U R BI N The curved blades of this jet engine are shaped very precisely 
to catch the air, and they are also strong enough to stay stiff 
when working at high temperatures. There are several tough metals that fit these requirements, 


but most are very dense, making them too heavy for an engine powering an aeroplane into the air. 
That leaves only one metal for the job: aluminium. 








Aluminium is what makes high-speed, long-range air and bodies of jet aircraft. There is almost twice 

travel possible. Easily moulded, it is one-quarter the as much aluminium in Earth’s rock as there is iron. 
weight of steel, and it never rusts. Steel is stronger, but However, purifying aluminium takes a lot of energy. 

a plane made from it would be too heavy to fly. Instead Once pure, though, it can be recycled over and over 
aluminium is mixed with titanium and steel to produce again. So, one day these engine blades might transform 
tough yet lightweight alloys, which are used in the engines into a fizzy drink can. 
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as Thermometer 
= This medical 
thermometer uses 
a gallium alloy 
instead of mercury. 





A gallium laser 
is used to read 
Blu-ray discs. 







Blu-ray disc 





The red LED 
gets its colour from 
gallium compounds. 





The needle-like crystals 
form on the surface. 









Pure gallium 
has a very low 
melting point. 








Pportuni 
rover 


O ty 






The solar panels powering this 
rover, which is exploring Mars, 
contain gallium and arsenic. 





Gallium melts at just 29°C (84.2°F), which Gallium has a number of uses. It is mixed 

means it soon becomes liquid when held with indium and tin to form a liquid alloy called 

in the hand. This element is found in small galinstan, which can be used in thermometers. 

amounts in ores of zinc and aluminium, such Gallium is also found in Blu-ray lasers, LEDs, 

as diaspore. Pure gallium is isolated when and some solar panels, such as those on NASA's 
136 | the other elements from this ore are extracted. Mars rovers. 


bent, indium 
produces a “tin 
cry” —asound 







Uses 


This touchscreen has a grid 
of very thin, transparent wires 
made of indium tin oxide. 












Protective goggles coated 
with indium stop the heat 








State: Solid 
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When 


similar to a 
scream. 







Pure indium mould 
cast in a laboratory 


This zinc mineral 
is the main source 
of indium. 


Pure indium 
is soft enough to 
draw lines on paper. 


This glass coated 
with indium oxide 
is shiny but still lets 
light through. 


The tiny electronic 
switches inside 

this transistor 
contain indium. 





Touchscreen tablet damaging the welder’s eyes. Windows in a building 


Indium is named after indigo, which is the 
colour of the light its atoms release when 
electrified. Its minerals are rare, and most of 
the metal is obtained from lead and zinc ores, 
such as sphalerite. Pure indium is very soft, 
and the element is mostly used in compound 


form. For example, a compound called indium 
tin oxide used on a touchscreen allows the 
computer to detect when a finger makes contact 
with the screen. Indium is also required in 
microchips, and to produce welder’s goggles 
and windows that are heat- and glare-proof. 
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The Boron Group 
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@ Thallium 


State: Solid 
@81 @81 © 123 Discovery: 1861 





The grey crust on this aluminium mineral 


Fo rms contains small amounts of thallium. 


This mineral contains 
iron, sulfur, and tiny 
amounts of thallium. 


Thallium was named after the Greek 

word thallos, which means “green shoot”: 

it was first identified from the colours in its 
flame, which includes a bright green light. 
Thallium was discovered in 1861 by William 
Crookes and Claude-Auguste Lamy. Although 


Laboratory sample of pure thallium in an airless vial 














This soft and silvery metal is kept 
in a sealed glass tube as it is highly 
toxic and reacts easily with air. 









both chemists worked separately, they found 

the element in the same way — as a residue while 
making strong acids using the mineral pyrite. 
Thallium was later found to exist in larger amounts 
in other minerals, including thallium alum. 

Pure thallium is toxic and has to be handled 


Uses 


Heart function scan 





Blood injected with a 
- thallium compound shows 
up on a patient's heart scan. 


=e LI 





These thin 
Until the lenses contain 
1970s, thallium \\ (7re,"aun 
7 salts were commonly 
used as ant 
poison. 


toxic and has to be handled with care 
when used. A chlorine compound of 
thallium is used in scans to study a 
patient's blood circulation. Thallium 
oxide also helps make glass stronger 
for use in spectacles and cameras. 


ine 


= Nihonium 





a ; ; State: Solid 
@ 113 @113 © 183 Discovery: 2004 





Kozuka Morita (left), with a visiting official at the 
RIKEN Nuclear Research Centre, Wako, Japan 


Nihonium was named after the Japanese word 
nihon, which means Japan. A metallic element, 
nihonium was first detected in 2003 by teams studying 
the artificial element moscovium, which has the 
atomic number of 115. They noticed that atoms 

of moscovium broke apart after only a few seconds 
into atoms of an element with an atomic number of 
113. In 2004, Kozuka Morita and a team of scientists 
at the RIKEN Nuclear Research Centre in Japan 
isolated this element in a different way: they fused 
bismuth and zinc atoms together 


dnoiy uoi0g aul { . 


139 





tance 
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Atomic structure Physical properties Chemical properties Compounds 
Members of this group have At room temperature, all All natural elements These elements react with 
four electrons in the outer natural elements in this in this group can react hydrogen to form compounds 

shell of each atom. These set are solid. Flerovium (Fl) with hydrogen (H).Carbon(C) called hydrides. Each element 
atoms can bond with up is an artificial element,and _—_ and silicon(Si) can react with can lose up to four electrons 


to four other atoms. scientists think it may bea solid. both metals and non-metals. | when forming compounds. 





cj NO, 
a Carbo ~ = 


@6 @6 6 _ Discovery: Prehistoric 


+a 
j 3 g 
This compressed form ; oy. 








Forms 


















of sooty carbon is & = . 
formed underground. x o a) ' 
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Mixture 
of liquid, 
carbon-rich 
compounds 








This colourless 
crystal forms in 
magma deep 
underground. 


This diamond's brightness 
depends on its cut, which determines 
how many times light entering 

the gem will reflect inside. 


The shiny, metallic 
surface feels soft 
and slippery. 
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Carbon has the largest number of 
compounds of any element — with more 
than nine million known. Carbon is the 
fourth most common element in the Universe. 
Each carbon atom can bond to four others, 
142 | allowing them to form chains and rings. Pure 


carbon exists in three forms on Earth — 
graphite, diamond, and buckminsterfullerene 
(a structure based on 60 interlinked carbon 
atoms). Diamond is the hardest substance in 
nature. It is often used in jewellery. The blades 
of some saws are coated with diamonds, and 


Clean and tin the Tip 


© 2007 CunousInventor com 





- Regular cleaning = easier soldering and longer tip life: The iron tip's ability to transfer heat is drastically 
reduced when it gets covered in oxides and burnt flux residues. Not only does heat not transfer as well through 
this debris, but the contaminants also prevent solder from wetting or sticking to the tip. Most heat transfer 
actually goes through a fluid solder "heat bridge" that lies between the iron tip and components, so an iron tip 
that repels solder will be very ineffective. 


The longer oxides and charcoaled flux residues remain on the tip, the harder they become to remove, so it's a 
good idea to clean the tip every time you pick up the iron. 





Wiping the iron on an edge of a hole cut into a sponge can help to remove oxides easier, and also allows waste to 
fall away. A dry cleaner can also be used. It consists of soft metal shavings that are coated with flux. You clean 
by thrusting the iron into the shaving a few times. By avoiding the thermal shock of touching a damp sponge, 
these cleaners help to increase tip life, and in our opinion, do a better, faster job. 
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This carbon filter 
absorbs harmful 
chemicals in water. 


Sturdy and 
lightweight frame 





This sharp blade 
is coated with 
tiny diamonds. 


Q : 
S bon. fibre picycle 











y This wheel is 
be composed of carbon 
fibre and some other 

materials, which 
make it rigid. 


Soft graphite leaves a mark 
when pressed against paper. 


| ry HARD AND SOFT CARBON 


of the arrangement of their atoms — tetrahedrons in 
diamond, and sheets of hexagons in graphite. 


| 
| 


Soft as graphite 
Graphite contains layers of 


I Hard as diamond 

The tetrahedron, or pyramid 
structure, of atoms creates 

a rigid shape that is equally 
| strong in all directions. 





can cut into anything. Only a diamond can 


cut another diamond. Graphite is much softer, 


which is why it is used in pencil “lead”. It is 
also used in some batteries. Coal is currently 
the largest source of fuel for the generation 
of electricity, but its fumes are also known 
















Pencil “lead” containing graphite, not lead 





| Diamond and graphite have different properties because 


carbon atoms that slide over 
each other easily, as there are 
only weak forces between them. 








Asayeg 


This battery 
has a graphite 

core that carries 
! electric current. 
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This 
strong but 

light frame is 
made by fusing 
together carbon 
fibres. 











This flame is fuelled 
by carbon-rich oil. 
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This flexible plastic material om : 
. ‘ wn | 
is composed of chains of carbon 3° j 
and hydrogen atoms. “aN errs 
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to have harmful environmental and health 
effects. Crude oil, natural gas, and coal are 
hydrocarbons (compounds containing only 
hydrogen and carbon) that occur in nature. 
They can be used as fuels and as plastics 


for objects such as polythene bags. 143 





PI N K DIA M O N With a mass of only just over 3 g (0.1 oz), this jewel — 
known as The Sweet Josephine — is one of the largest 
pink diamonds ever sold. Diamonds are normally colourless forms of pure carbon, and if there is 


any colour, it comes from tiny amounts of another substance. For example, boron makes the gem 
appear blue. Strangely, pink diamonds have no impurities, and no-one knows why they are pink. 


The Sweet Josephine was cut from raw diamond that 

is more than 1.5 billion years old. This formed 150 km 

(93 miles) beneath Earth’s surface and was then pushed up 

by a volcanic eruption, before eventually being dug out at a 
mine in Australia. Diamonds form when carbon is squeezed 
and heated to more than 1,000°C (1,832°F). This process 





rearranges the carbon atoms into a rigid crystal that makes 
diamond the world’s hardest substance. The process also 
gives diamond the ability to bend light, a property that gives 
these jewels their glorious sparkle. With the right cut and 
polish, a diamond can be made into a beautiful gem that 

is prized throughout the world. 
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This glassy mineral tube 
is formed when quartz-rich 
sand is struck by lightning. 







The pure element 
can shatter easily. 












Tiny hairs on these leaves 
have silica tips that break 
off when you touch them, 
releasing chemicals that sting. 
















Sand is mostly tiny 


grains of quartz that have <f 
broken away from rocks. v 


ee 








This purple form of 
quartz gets its colour 
from iron impurities. 










About 90 per cent of the minerals that make silica. It is also the most common substance in 
up Earth’s rocks contain silicon,acommon sand. Amethyst is a type of quartz. Quartz 
element in our planet’s crust. Nearly all silicon deposits are widely found in rocks such as granite 
minerals are compounds of silicon and oxygen, and sandstone. A valuable type of silica is opal, 
known as silicates. The most common silicate is _ which is used as a gemstone. The clays used to 


146 | quartz, the mineral form of silicon dioxide, or make pottery and ceramics are also silicates. 


_ Uses 9:0 ala | SILICON IN SPACE 





ol Earth and Mars contain similar amounts of 
| Opalis yoy AoA silicon. This element forms on the outer layer, 
| ajewel jy *: ” OSS Oa or crust, of both planets. In contrast, the Moon 
eile n Oe y is almost half silicon. Astronomers think this 
neand s it et tells us that the Moon was formed from Earth’s 
| water \ ¥ <0 eee surface after an asteroid smashed into our 
molecules. _S— planet about 4.4 billion years ago. 
Screens of silicon-based \N & 
_ smoke can be used in battles. \ & 
\ Mars Earth Moon 
; 21% silicon 27.7% silicon 45.5% silicon 










Sunlight-powered plane 


Smokescreen 


— 


SOLARIMPULSE 
nt atennentee 


This silicone tray is soft, 


The engines run on electricity 
but it does not melt in the oven. 


produced using sunlight. 





Aerogel conducts 
the heat from the 
flame poorly, 
preventing 

it from passing 

to the flower. 










Ceramic is 

made of a silicon- 
based clay that 
has been shaped 
and permanently 
hardened by heat. 


This silicone 
band is flexible 
and strong. 







Silicate aerogel in 
an experiment 








One of the most important uses of silicon is in that does not conduct heat well. It is used in 


electronics. Thin slices called silicon wafers fire-fighting suits, and prevents flames reaching 
drive electronic circuits. This versatile element a firefighter. Another silicon compound is 

is also used to turn sunlight into electricity in silicone, which can be moulded into any 

solar panels. Artificial silica is used to create shape, and is used in a wide range of 


aerogel, a lightweight but tough substance products from baking moulds to watches. 
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Forms Uses 





State: Solid 
Discovery: 1886 
















The Carbon Group e 


This sulfur 
mineral is rich 


: : The germanium 
in germanium. 


oxide in the glass 
of this lens bends 
surrounding light 
from a large area 
into the camera. 






This microchip 
is made of silicon 
and germanium. 





Germanium \\ 
| is found in the 

|| atmosphere | | 
\\ of Jupiter. // 


\ 


This car contains a 


The pure form i 
shiny tkea ise Of PUNE Bi hmaniy aan iid 
7 1 in a labo 
metal, but brittle. refined Tato ry from obstacles. 





This semi-metal is named after the but this element is mainly extracted from the 
country Germany. It was discovered there ores of silver, copper, and lead. One of its 

in 1886 by chemist Clemens A Winkler, nearly compounds, germanium oxide, is used in wide- 
20 years after Russian chemist Dmitri angle camera lenses. It is also used in some 


Mendeleev predicted its existence and properties. microchips and in a number of car sensors 
148 | Germanite is a mineral rich in germanium, that aid in navigation. 
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The black colour 
of the crystals is due 
to iron impurities. 


This pale, silvery 
metal is easily moulded. 





This shiny alloy The large pipes of this organ 
contains around 90% tin. are made of tin and lead. 
Tin plating over steel 


(i ye 


resistant to corrosion. — 3 —_= a > = 5 ee Se 
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The tin plating on this 


Tin whistle steel whistle prevents rusting. 





Pipe organ 
Tin was one of the first metals used plating steel objects, such as cans, to stop 
by humans. As long as 5,000 years ago, them corroding. A compound called tin 
tin was mixed with copper to make bronze, chloride is used for dyeing silks. This metal 
an alloy that was stronger than either pure continues to be used in a variety of tough 
metal. The ore cassiterite is the main source alloys, including pewter, soft solder, 


of pure tin. Uses for tin are many, including and bronze. 149 
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Fo rms This soft, crumbly mineral _ on This mineral has a 


is made of lead chromate. Me 










bright, silvery shine. 





Brown crocoite 


The Carbon Group % 


The prism-like crystals 
of this mineral contain 
a lead-sulfur compound. 
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Thi Igl kA g 
is crystal glass sparkles more ’ 
than regular glass because a / For many \ 
it contains lead oxide. ~» /f years,leadand \\ 
oa 6 
ay tin were thought to 
n 
5 be different forms 
& of the same // 
\X. metal. ' 
Rust-resistant pipe “a af 
The chemical symbol for lead, Pb, crocoite, anglesite, and galena — the main 
comes from the Latin word plumbum. source of pure lead. Lead was used far 
This is where the word “plumber” comes from: more commonly in the past as an important 
in ancient Roman times, water pipes used in ingredient in paints, hair-dyes, and insecticides. 
plumbing were made from this soft metal. A common historical use was in glassware. 


150 | Lead compounds are found in the minerals It has limited applications today. Lead can 


Pure strip of lead refined 
in a laboratory 










This pure form 
of the metal has 
a dull grey colour. 







These pale crystals 
on the galena are 
a calcium mineral. 










ms == Flashings, 
= | £ or “lead sheets”, 
\ é 4 cover exposed 
ss _ | SS corners on roofs 
mL to make them 
| 


“waterproof. 


line 


Flashings 





because it absorbs radiation. It is 
also used in weights for diving, car 
batteries, and bendy “flashings” 
for sealing roofs. Lead fell out of 
favour because it turned out to 


be poisonous. 


BFlerovium 








State: Solid 


@ 114 @114 175 Discovery: 1999 
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f This machine 


by Smashing 
together atoms 
of calcium and 
plutonium. 


Particle accelerator at Joint Institute 
for Nuclear Research, Dubna, Russia 


Georgy Flerov 





Flerovium takes 

its name from the 
Russian scientist 
Georgy Flerov. He 
founded the Joint 
Institute for Nuclear 
Research in Dubna, 
Russia, where this 
element was first 
produced in a particle 
accelerator (a machine 
in which atoms are 
smashed together). 
Flerovium is highly 
radioactive and its 
atoms last for only 

a few seconds before 
breaking apart. 






produces flerovium 
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Usually touching the tip with rosin-cored solder will supply enough flux so that oxides can be removed with a 
damp sponge. If this isn't sufficient, you can purchase "tip tinners and cleaners" that are a mixture of solder paste 
and flux. The flux is oftentimes stronger (more activated) to help remove oxides. 





Finally, when that doesn't work, special polishing bars to can be used to salvage extremely bad tips. Another last 
resort is to gently rub the oxides off with an emery cloth or soft steel brush. Cover the tip immediately with 
solder after cleaning to prevent further oxidation. Never file the tip to clean it or form a different shape. The tips 
are mostly copper with a protective iron plating, and once that plating is pierced, the tip will die quickly. Copper 
is used because it's an excellent heat conductor, but if exposed to solder, it will quickly dissolve into the solder. 





Tin the tip: Add a small amount of solder back onto the tip. This helps to protect the newly cleaned and exposed 
tip, and also helps to transfer heat to components. 
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Atomic structure 
Members of this group have 
atoms with five electrons in 
the outer shell. These atoms 
can form up to three bonds 

at the same time. 





















Physical properties 
All the members are solids, 
except nitrogen (N). The density 
of elements increases down the 
group: bismuth (Bi) is 8,000 
times denser than nitrogen. 





































Chemical properties 
Phosphorus (P), which 
exists in two main forms, 
is reactive, but the 
others in this group 


















































Compounds 
When reacting with three 
hydrogen (H) atoms, all 
members of the group 
form reactive gaseous 


are fairly stable. compounds called hydrides. 





The Nitrogen Group 
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xo” 
moon has an atmosphere , 


containing 48% nitrogen. 





Liquid nitrogen 


e SS 





This clear and 
colourless liquid 
jorms when nitrogen 
is cooled to below 
195°C (-319°F). 





Pure nitrogen gas = = Nitrogen gas gives 
is trapped inside Climemeigelayleng 
this glass sphere. when electrified. 


This is a naturally 
occurring form of 
sodium nitrate. 


Bacteria living a: 
inside plant roots 

can take nitrogen 

Jrom the air for 

use by the plant. 


ABR GS 
Microscopic image 
of root nodule 





Nitrogen surrounds us all the time because Nitratine is one of the few minerals rich in 


it is the transparent gas that makes up nitrogen. Some useful nitrogen compounds 
nearly three-quarters of Earth’s atmosphere. can be made by industrial processes. A group 
Since pure nitrogen does not react easily, of nitrogen compounds is used in explosives, 
its liquid form can be used to freeze and including TNT and nitroglycerine. When 


preserve items such as blood and tissue samples. ignited, they explode because the bonds 






This lander used 
U ses 12 hydrazine-powered 
thrusters to land on Mars. 
Trinitrotoluene (TNT) 
does not explode below 


240°C (464°F). 







TNT 
Phoenix Mars Lander 


Nitroglycerine 
can be used 
to treat heart 
conditions. 


Aeids autsa0A[30131N 


Drag bike 


NITROGEN CYCLE 


Nitrogen is essential for life. The nitrogen cycle is a process 





that constantly recycles nitrogen between Earth’s atmopshere 


and all living things. 





in the air into nitrogen —— 
compounds, which dissolve 
, in rainwater and fall 

<> # to the ground. 





3. Animals take in 4. Fungi, such as 


2. Bacteria in the soil 





and plant roots produce nitrogen compounds mushrooms, break 
nitrogen compounds when they eat, and down dead plants and 
from pure nitrogen release it in their dung. animals, which release 

in the air. their nitrogen compounds 


back into the soil. 


between nitrogen atoms detach very quickly. 
Nitrogen fuels, such as nitromethane, are used 
in drag bikes, providing a lot more power than 
carbon-and-hydrogen only fuels, such as petrol. 
The compound hydrazine is used in thrusters on 
spacecraft, such as the Phoenix Mars Lander. 











1. Lightning turns nitrogen : io. 


/ “5. Bacteria break apart 
nitrogen compounds in 
the soil, returning pure 
nitrogen into the air. 


Motorcycles use 
nitromethane to fuel 
their powerful engines. 
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These nitrogen-based azo dyes 
are often used to colour textiles. 





Textile dye 





Superstrong glues contain small 
nitrogen compounds that link together. 





SUPER GLUE 


402. (39) 


wet wr, 07 


Super glue 


These fertilizers contain compounds called 
ammonium nitrates that promote growth in plants. 





Nitrogen fertilizer 


Some nitrogen compounds are put in dyes and 
glues. An industrial technique called the Haber 
process turns nitrogen and hydrogen gas into 
ammonia, a liquid commonly used to make 
nitrogen fertilizers. When mixed with soil, 


these fertilizers boost plant growth. 155 
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DRAG RACING 2eorrre tore 2 cer sealant ack, these al-powerful 
dragsters accelerate all the way to the finish line. They 


contain massive engines filled with an extra-powerful fuel called nitromethane, which is often 


shortened to “nitro”. Burning eight times faster than regular petrol used in most cars, this 
super fuel can push dragsters to speeds in excess of 480 km/h (300 mph). 





Nitromethane contains carbon, hydrogen, and nitrogen, 
but it is the latter element that really gives this fuel its 
immense power. During the process of combustion — when 
oxygen is mixed with the fuel in the race car’s mighty 
engine — nitromethane burns so violently that nitrogen 
escapes from the fuel and returns to its pure form. This 


chain of events leads to a release of energy, which 
propels the dragsters to breakneck speeds. Although 
these races are an incredible spectacle to behold, 
driving using nitromethane can be dangerous due to 


the explosive nature of nitrogen when used in this way: 


drag racers are taking a risk to win. 
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Deep phosphate mines eae ; ‘y 
make up 80% of this aie Z cya ire if : = State: Solid 
tiny Pacific island. : ras Discovery: 1669 


This is the most 
common form of 
the pure element. 














This element 
-@ remains stable 


ore in water, but 


catches fire on Dont — 
contact with air. Sere 


All bones, including those 
in the skull, are hardened 
by calcium phosphate. 






This purple colour 
of the crystals is due 
to metal impurities. 





This fish is rich This form of phosphorus 
in phosphorus. is made in a laboratory by 
heating red phosphorus. 


Phosphorus was accidently discovered by __ substance, which he called phosphorus, 

German alchemist Hennig Brand. In 1669, meaning “giver of light”. Phosphorus is 

in his quest for the mythical Philosopher's Stone _ the first element to have a discoverer 

(a material some believed could turn any metal = with a recorded name. It is never pure in 

into gold), he boiled a large pot full of urine for —_ nature, and occurs in different minerals. 
158 | days. This produced a mysterious glowing Phosphorus has several flammable, 


ar This light, strong 
china contains 
calcium phosphate. 







China tea set 


Spraying ammonium 
phosphate over burning 
material cuts off its supply of 
oxygen. This extinguishes the fire. 
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solid forms, including red, white, black, and 
violet. The glow seen by Brand was caused 
by white phosphorus reacting with oxygen. 
Phosphorus is mainly found in phosphate 
minerals (in which phosphorus links to 
oxygen), such as apatite, its main ore. 





Safety match box 






with phosphates kills 
pests, such as insects. 
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a 
DNA - short for deoxyribonucleic acid — is like a mini 
database packed with instructions telling your body how to 
work properly. It consists of a chain of molecules and looks 
like a twisted ladder called a double helix. The edges are sugar 
molecules linked together by units containing phosphorus. 


LIFE’S BUILDING BLOCKS 
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These flexible fibres are Fibre optics 


composed of phosphate-rich glass. 





The striking 
surface on the 
sides of the box 
contains phosphorus, 
which ignites the 
match upon contact. 


Spraying crops 





This fertilizer contains 
ammonium phosphate to 
boost plant growth. 


Pesticides 





Phosphates are present in fine china, and 
are an important ingredient in fertilizers. 
The strips on the sides of safety match 
boxes contain pure phosphorus. More 
complex phosphorus compounds used 


in pesticides are poisonous. 159 
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The Nitrogen Group 
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@ Arsenic 


Forms 


\ _ These leaves 
absorb arsenic 


from soil. 
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This ore is found in 
hot volcanic springs. Realgar 












Uses 
When 
This tip This poisonous arsenic, heated, 
is an alloy compound kills rats. F 9 
sf Ghee arsenic doesn’t 
and lead. g melt, instead it 
s a turns into 
= / “a 
a Bz PS a ga 4 p 4 The electrodes 
we G # ox inside this battery 
~~ oe - Oy contain arsenic. 





Arsenic is often called the “king of poisons”. 
Every form of arsenic — either pure or in a 
compound — is poisonous to animals. In fact, 
arsenic poisons have been used for centuries. 
This semi-metal is found in several minerals with 
striking colours, including orpiment. Naturally 


occurring pure arsenic has a shiny, grey colour. 
Arsenic compounds are used in making some 
rat poisons. The leading use of arsenic today 
is for strengthening lead. This is done by mixing 
arsenic with lead to create a tough alloy that is 
often used in car batteries. 
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Form S This mineral U ses 


tarnishes on 
contact with air. 
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These needle- 
like crystals 
contain antimony, 
lead, and iron. 
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These metallic 
letters are used 
by some printing 
presses, and 

are made of an 
antimony-tin alloy. 


Printing press metal type 


8 
This silvery ‘ re anv gee 
semi-metal is j Pu & These matches with antimony in the tip 





hard but brittle. & => sia burn brighter than the ones without it. 





Kohl is a dark 
eyeshadow. 


' Kohl makes 
\ it easier to 
S$@é@ in strong 


sunlight. 
Antimony gets its name from the Greek the Latin word for kohl, a form of eye make-up. 
word anti-monos, meaning “not alone”. The mineral ore stibnite is the largest source of 
This may refer to the fact that the element is pure antimony. Its pure form is mostly used to 
never found pure in nature, but is always found make hard alloys, such as that in the metal type 
combined with heavier metals, such as lead. used by some printers. Ancient Egyptian kohl 


The element’s symbol, Sb, comes from stibium, was made from powdered stibnite. 161 
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Hopper crystals refined 
in a laboratory 


These rainbow colours form 
when the metal on the surface 
begins to react with oxygen. 


This mineral is 
the main source 
of pure bismuth. 


The Nitrogen Group 





In Earth’s 
crust, bismuth is 
about twice as 
abundant 


These bismuth crystals were 
produced in a laboratory. 





Bismuth is a radioactive element but ancient Egyptians used a bismuth mineral 

its atoms are relatively stable and last to make their cosmetics glittery. Pure bismuth 
for millions of years. People have known forms an oxide in air that is seen as colourful 
about bismuth for centuries. The Incas of crystals called hopper crystals. This element 
South America added it to weapons made is very brittle and has few uses when not 


162 | of the alloy bronze to harden them, while in a compound form. Yellow bismuth 


Heat and Solder the Joint 


Heat the joint: Place the iron tip so that it touches both the component lead and pad--the goal is to get 
as much surface area contact between the iron tip and joint as possible. Almost no heat will travel 
through the point. 


Wrong = heat transfers » | Good conical tip placement Good chisel tip placement 
through tip surface. mot 

point & 

— 





Make heat bridge: Add a small amount of solder between the tip and the work--heat transfers much 
faster through the liquid solder than dry surface contact. This is why a tip that won't "wet" is so difficult 
to use. Pressing hard should not be necessary. This step may not be necessary if there's enough solder 
already on the tip from tinning it after cleaning. 
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Apply solder to opposite side: Apply solder to the parts, not the iron. By doing this, you ensure the 
parts are hot enough for the solder to "wet" and bond with them. Also, solder will run towards the heat 
source, so applying solder opposite from the iron helps to spread it out and cover the joint. 


For larger joints, rather than dumping in all the solder quickly, continuously pulse in small amounts to 
keep a fresh supply of active flux available. 
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Time: The joint should take about 2-5 seconds total time for standard 60/40, 63/37 lead based solder 
and a non- no-clean flux, and up to 7 seconds for lead-free solder. Lead-free solder just takes longer to 
"wet" the metal. 


Wetting is how easily and quickly solder spreads out over a surface. A water droplet on a freshly waxed 
car shows poor wetting, as does solder on a heavily oxidized soldering iron tip. It basically comes down 
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This cold box uses a compound 
called bismuth telluride, which 
becomes cold when electrified, 
and keeps items cool. 









Portable refrigerator 





This nail polish 
gives a pearly 
effect because 
of bismuth 
compounds. 
: i 
- Yellow 
: cosmetics 
4 This medicine contains 
a bismuth compound 
35 4's: , that helps settle an 
ve xs upset stomach. 





Unlike most 
elements, 
bismuth’s liquid 

state is heavier 

than its solid. 









Digestive 
medicine 


pigments are used in paints 
and cosmetics, while several 
bismuth compounds are also 

in medicines. An alloy of 
bismuth and tin is an ingredient 
in fire sprinklers. 





BB Moscovi um 


















This is one of the 
machines in this 


State: Solid (predicted) research centre. 
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Joint Institute for Nuclear Research, Dubna, Russia 


Only about a hundred or so atoms of this heavy, 
artificial element have been made. Moscovium 
was first created at the Joint Institute for Nuclear 
Research in Dubna, Russia. A team of Russian 
scientists, led by Yuri Oganessian, created this element 
by smashing americium atoms with parts of calcium 
atoms. It is named after the Russian capital city of 
Moscow. This element is extremely radioactive, and 
its atoms break up within a fraction of a second. 
Scientists think that moscovium would be a dense, 
metallic solid but with such small samples, they 

can only measure how big the atoms are before 

they break up. 
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Atomic structure Physical properties Chemical properties Compounds 
All members have six The members of this group are The reactivity of these These elements can form 
electrons in the outer shell solids, except oxygen (0), which elements decreases down compounds with each other. 
of each atom. This electron isagasatroomtemperature. the group. Oxygenis always They all react with carbon (C) 
structure makes these The density of the elements involved in the process to form compounds, some 


elements highly reactive. increases down the group. of combustion. with strong smells. 
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Streaks of light adorn the sky as 
atoms of oxygen in the air are hit by a 


This glass sphere 
stream of particles blasting from the Sun. 


traps pure oxygen, 
which produces a 
silver-blue glow 
when electrified. 


The Oxygen Group 





Northern lights 












Plants release 
oxygen in sunlight. _ 


Flames are 
produced when 
oxygen reacts with 
Juel, such as wood. 





WHAT IS COMBUSTION? 


Each water 
molecule has two 
atoms of hydrogen 


A beaker is placed over 
a candle, starving the 


Combustion is a chemical reaction that 





and one of oxygen. produces heat and light. Oxygen is essential 
for combustion to take place. gOmEOF Ech 
The flame is steady 
in the presence of oxygen. The flame goes out 
. ' when the oxygen 





supply is cut off 


Water 


Candle wax is made of a 
flammable carbon compound, 
which acts as a fuel. 








oxygen for survival. Animals breathe in air to 


Oxygen is the most common element in 
collect the oxygen in it. Our bodies’ cells then use 


Earth’s crust. Oxygen and its compounds make 
up half of all rocks and minerals on our planet. that oxygen to break apart sugars to release 
In the atmosphere, pure oxygen makes up energy, which powers our bodies. Another 
around one-fifth of the air This element is a process that involves oxygen is the burning 
166 | transparent gas. Life on Earth depends on reaction called combustion, in which oxygen 


Uses 


The piston then squeezes Hot steel may have 
the mixture of oxygen impurities that are burned 
and fuel. away using pure oxygen. 







This cylinder takes in 
oxygen along with the fuel. 





A 
% 
. ey = Kar. pan 
This piston a ¢ ad Mey 
is pushed S38 Nata ba 
down when the Steelmaking 


mixture explodes. 


The oxygen in this cylinder 
can last for up to 30 minutes. 
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~ ° This rocket carries liquid oxygen 7 


that mixes with the fuel to produce hot 


Fhe ap on gowrn onan gases, which help the rocket lift off. 


of the pistons makes the 
wheels of a car spin. 














This liquid Oxy gen is 
contains 3 
an oxygen colourless x 
(3) 
compound ° 
that prevents as a gas, but looks . 
water from p ale blue . 
freezing in Pie 3 
an engine. as a liquid. e ce 
me) 
Mountaineers have to adjust | A He as 
slowly to changing levels of i} — evlinder 
oxygen as they climb higher. > . j is Bo ie 
= ob patients in ‘ 
rag controlled 2\ \ 
° amounts. od > c 
; Xx ~ : 
Y — This flammable 
5 “ gas-oxygen 
J mixture burns = | 
hot enough to ‘s 
melt metal. j 





reacts with a fuel and produces fire. Oxygen is of petrol or other fuels. Oxygen is also useful 

also used up when it reacts with other elements _in the making of steel. Tanks of oxygen let 

to form compounds called oxides. However, itis | mountaineers breathe easily in environments 
replenished by plants through a process called __ that have low levels of this gas. Rockets, such 
photosynthesis, which releases fresh oxygen. as the Atlas V, carry liquid oxygen to burn fuel 

Car engines are powered by the combustion in the absence of air in space. 167 





The Oxygen Group 
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@ Sulfur 


These yellow sulfur crystals 


Form S often attach to volcanic mud. This grey-blue 
5° crystal contains 
S a sulfur compound 
Fs called strontium sulfate. 
3 
=) 
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Hydrogen sulfide 
bubbles form in 
volcanic mud. 
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Known since ancient times, sulfur is one of 
the few non-metals that can be found pure 
in nature. This yellow, crystalline element is 
found in large amounts near volcanic craters. 
Another name for sulfur is “brimstone”, which 
refers to the way its crystals burn, melting into 
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Hot liquid sulfur is 
pumped up from an 
underground mine. 


Soft, brittle granules 


Skunks release a x 
foul spray that § x 
: S 
contains three a Ss ’ 
kinds of sulfur oy i ‘ 
{= 4 
compounds. S 5 I 
Se 
us ’ 
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Cut onions release 
sulfur compounds that 
make our eyes water. 








a blood-red liquid. In some religions, brimstone 
is thought to be the fuel that burns in the 
underworld. Pure sulfur is extracted from 
underground deposits using hot water. The hot 
liquid sulfur is then pumped to the surface. 
This element is a common ingredient in many 


Uses 





Vulcanized rubber — made 
by heating sulfur with natural 
rubber — is weatherproof. 


Creams that contain 





Some dried fruits are preserved using 
powder containing a sulfur compound. 
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When burned, sulfur in this 
candle drives away pests. 


GREENHOUSE 


SULPHUR CANDE 
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Sulfur candle 






ACID RAIN 


Sulfur dioxide gas produced by burning fuel 
dissolves in rain water, making a sulfur acid. 
This falls to the ground as acid rain. 
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3. Sulfur dioxide 


2. The wind mixes with water in 
1. Burning coal carries pollutants. clouds and forms 
in power stations a sulfur acid. 
releases sulfur 
dioxide. ee: —. 
sy : ON 
a - ; se 
[- we 4. Acid rain 


corrodes buildings 











muir compounes + and harms plants. 
can disinfect skin. = 
oo 
2 2 
as Q 
This plant rs 8. 
emits a a 6. It also makes 5. Acid rain changes 
rotting smell rivers and lakes acidic. soil chemistry. 
| to attract 
meat-eating 
b insects. This battery contains 
} strong sulfuric acid. 
‘ie : This limestone 
| sin pills 
penicillin P sculpture has 
Pe, i been weathered 
yet ie By cid vai 
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minerals, such as celestine. Many sulfur 
compounds smell bad. For example, the rotten- 
egg smell of volcanic pools is due to hydrogen 
sulfide gas. Other examples include skunk 
spray, the gaseous substance emitted by chopped 
onions, and the odour of the titan arum 


Acid rain Some antibiotics contain 
destroys sulfur compounds that kill 
harmful bacteria. 
forests by 
removing nutrients sulfur ee 
in the soil and in in damas 
ra -_ 
the leaves. fee 







flower. There are many uses for this non-metal. 
Its compounds can harden natural rubber for 
use in tyres, preserve dried fruits, and make 
strong battery acids. The element has anti- 
bacterial properties and is used in antibiotic 
medicine, such as penicillin. 
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DA N A KI L D FE [2 R F S S I O This hot spring in Africa’s Danakil 
Depression is surrounded by a yellow 


crust of pure sulfur. The sunken region between Ethiopia and Eritrea in East Africa is a wild 


volcanic area, packed with erupting craters, arid deserts, boiling mud, and pools with unusual 
colours caused by the presence of sulfur and many mineral salts. 
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At more than 100 m (330 ft) below sea level, the Danakil 
Depression is one of the lowest points on Earth’s surface. 
This area receives little or no rainfall and the weather is hot 
and dry, with temperatures soaring above 50°C (120°F). 
The scalding green water of the springs inside the 
depression contains pure sulfur as well as a toxic sulfur 


compound called sulfuric acid. As the water evaporates, 
sulfur deposits build up around the edges of the pools, making 
beautiful shapes across the vast landscape. Tourists visit 

to marvel at the remarkable sights at Danakil, even though 
the inhospitable conditions in the area give it the title 

of the “cruellest place on Earth”. 
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Uses EF ep, Photocopier 


This bright colour 


. ; comes from the red > 
This calculator is powered selenium in the glaze. 
by a solar cell made of 


-—~ 
selenium and nickel. & | “4 
: Rs 
= —- 
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oS 

= Many office 

3 photocopiers 

@ use selenium in 

i powdered form. 

Calculator < 
A selenium compound in 
this shampoo treats dandruff. & 

Selenium is named after Selene, the Greek powder. The most common use of selenium 
goddess of the Moon. This element is a is as an ingredient that provides colour in 
semi-metal and so has the properties of both glass and ceramics. Selenium is sensitive 
metals and non-metals. Selenium has two main _ to light, so it is used in solar cells that convert 
pure forms: grey selenium, which is a hard sunlight into electricity. It is also utilized in 


172 | substance, and red selenium, which is a soft photocopy machines. 


to how attracted the liquid molecules are to each other verses the surface (see surface tension). In 
industry, tests are done to determine the "solderability" of materials by measuring the time it takes 
solder to spread out over a surface, or measuring how much force a pot of liquid solder will pull down 
on a component partially submerged. 


Good pictures and description of wetting and surface tension. Contains a video of a razor blade floating 
on the surface of water until a drop of soap is added. 





A brochure for a solderabiliy testing station. Scroll down a few pages to see some great pictures of this 
machine holding one lead of a surface mount chip in a drop of solder. 


Another related wiki: wiki/Surface_energy 





In general, the goal is to make the joint as quickly as possible. Longer times can char and damage the 
board, lift pads, overheat components, burn off and polymerize flux (making it harder to remove), and 
finally lead to a more brittle joint. Solder doesn't just freeze on a joint, tin in the solder dissolves and 
chemically reacts with copper in the connection to form a new bonding material, called an 
"intermetallic layer". While this layer is what makes an excellent thermal and electrical bond, it is also 
extremely brittle; a doubling of its thickness reduces joint tensile strength by half (ref 1). Since this 
layer grows faster with higher temperatures, joints should be made using the coolest temperature and 
shortest soldering time possible. This layer is also why re-heating joints has been shown to weaken 
them. Having said all this, I have to admit that I don't know just how long is too long for projects that 
don't need to operate for 30 years with 100% reliability. After 10 seconds there's a good chance the flux 
has been used up. 


Remove solder, then iron: Pull the iron out fairly quickly to avoid leaving a solder spike. 





© 2007 CunousInventor. com 


Good and bad joint gallery: The solder should smoothly ramp to meet surfaces and be shiny in 
appearance if it's lead-based. Lead-free solder will have a duller and grainier surface, but will still be a 
good joint as long as there are no signs of non-wetting. The important thing to look for is any solder 
that looks like it didn't cling to a surface, or is just sitting on top or next to a surface. 


Gallery of joints: 


A NASA gallery of every possible joint / board defect you could ever imagine. Here's another great 
gallery of defects. 


Great comparison pictures between lead-based and lead-free joints. p. 34 
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= Tellurium 


Forms Uses 


This metallic crust 
This ore is a soft contains tellurium, 
but dense solid. gold, and silver. 










mite 
= These glass fibres 
contain tellurium. 








ganite 
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This deep red 
colour comes 
from adding 
tellurium. 


This semi-metal can form 
silvery white crystals. 







Tefineg . 

se a nerciise BR? @ lag Tellurium 
Fog Migs NaS Ae ney protects 
bronze from 
corroding 


easily in air. 





The solar panels are 
linked to power cells 
containing tellurium. 


Topaz solar farm, 
California, USA 





Tellurium is one of the 10 rarest elements product when lead and copper are refined. Pure 
on this planet. It gets its name from the Latin tellurium can take on two forms: a shiny, metallic 
word tellus, which means Earth. This element is solid or a brown powder. This element is mainly 
often found as a compound with another element, used in the glass of fibre optics, which carry 
such as the metal nickel, as in the case of the ore _ high volumes of information much faster than 


melonite. Tellurium is also produced as a waste —- copper cables. 173 


The Oxygen Group X 
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/ 
= Polonium _— 
State: Solid 
(4125 Discovery: 1898 


Forms 














This “\\ 
/ uranium ore 

| contains | 

,, 0.0000001 

percent // 
polonium. 


This mineral 
contains uranium 
atoms that break 
apart to form 


This robotic lunar buggy 
was kept warm on the Moon's 

surface by the heat produced 
by the polonium inside it. 
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This bomb can be 
detonated when the 
polonium inside it ignites. 


This brush is used to 
remove static electric 
charge from camera 

lenses and music records. 


quwiog wo1y 





and is normally produced in nuclear reactors. 
Despite its radioactivity, this element is used 
in a few ways. It can trigger the explosion of 
atom bombs. It heats and powers spacecraft, 
such as the Russian Lunokhod rovers, which 
landed on the Moon in the 1970s. 


Polonium is very radioactive: 1 g (0.03 oz) 
of this metal quickly heats up to 500°C 
(932°F) because of the radiation it emits. 
This element was discovered by Marie and 
Pierre Curie in 1898. Marie named it after 
Poland, her homeland. It is rare in nature, 
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= Livermorium 


State: Solid 
Discovery: 2000 














Livermorium 
has been 
named 
after this 
laboratory. 





Heavy ion cyclotron, 
Joint Institute of Nuclear Research, Dubna, Russia 





Lawrence Livermore National Laboratory, California, USA 


When livermorium atoms were first with material provided by the Lawrence 
produced in 2000, they broke apart in Livermore National Laboratory in California, 
a fraction of a second. The first successful USA. This highly radioactive element was 
attempt to create atoms of this element was produced by firing calcium atoms at curium 
made at the Joint Institute of Nuclear atoms in a particle accelerator (a machine 


Research at Dubna, Russia. The team worked in which atoms are smashed together). 
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The Halogen Grou 


One of the most reactive groups in the periodic table, this set includes 
non-metals. The name “halogen” means “salt former’, which refers 

to the way that elements in this group react with metals to form salts, 
such as sodium chloride, widely known as common salt. Scientists 
don’t know much about tennessine (Ts), an artificial halogen. 


" 








£ ° uN 
¥ 
Atomic structure Physical properties Chemical properties Compounds 
All members have seven Bromine (Br) is the only Every halogen atom The halogens react with 
electrons in the outer shell halogen that is liquid. receives one electron from hydrogen (H) to form acidic 
of each atom. There is space Fluorine (F) and chlorine other atoms to form compounds. Halogen 
for one more electron in (Cl) are gases, while iodine a compound. Reactivity compounds are used in 


each outer shell. and astatine (At) are solids. decreases down the group. products such as bleach. 
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Forms Laboratory sample 











This soft mineral is 
brittle, which means it 
breaks easily into lots 
of pieces. 









This sealed case 
contains a mixture of 
fluorine and helium. 









Topaz 
means 
“fire” in the 
ancient Indian | 


language of / 
Sanskrit. 
Sf, 













These cubic 
crystals are green 
due to impurities. 






This precious gemstone 
contains 20.7% fluorine. 





This highly reactive element is incredibly is often stored in nickel containers that can resist 

dangerous when pure: just a tiny amount its attack. Minerals such as cryolite and fluorite 
added to the air can kill a person. A pale contain this element. This gas and its less 

yellow gas, fluorine reacts with brick, glass, harmful compounds have a wide variety of uses. 

and steel, burning a hole straight through Hydrofluoric acid is a toxic liquid used to etch 


them. Because it is so dangerous, pure fluorine patterns on glass, as seen in some glass vases. 


a - In the early 1800s, 
peter er ne ceri in Europe 
: realized that minerals 
such as fluorite 
contained an unknown 
element. However, it 
took another 70 years 


electricity supply in an emergency. 


before the French 
chemist Henri Moissan 
extracted pure fluorine 
following a series of 
dangerous experiments 
that even poisoned 
him several times. 
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Fluorine-rich plastic 
clothing repels water. 










These patterns 

form after the Ceramic pot 
surface of the glass 
is burned by an 
acidic fluorine 
compound. 





















The shiny coating 
on this ceramic dish 
is from a fluorine- 
containing glaze. 










Upon injection, 





Waterproof clothing 


this fluorine- ; “iu 
PTFE rich liquid heals Waermnviys we 
damaged tissues 
was used by by carrying 














oxygen to them, ____ 





NASA to make 
spacesuits 
because it protected 
against heat. 








This pan has a PTFE 
coating that resists heat. 










Some toothpastes contain 
fluorides that harden tooth enamel. 









~-yoothpaste 





Non-stick pan 





slippery and prevents food that has burned while 


Some glazes used to coat ceramics contain 
cooking from sticking to the pan. Thin fibres 


fluorine minerals. When heated, these glazes 
release fluorine, which hardens the ceramic made of PTFE are also used to make lightweight, 


underneath. Another compound called waterproof clothing. One of the most common 
polytetrafluoroethylene (PTFE) is commonly uses of fluorine compounds is in toothpaste: 
used to make non-stick pans: this material is they toughen teeth against decay. 









179 


{Wi chlorine 


This orange colour is 
due to the presence of 
the mineral hematite. 













The Halogen Group 


%. 
. 
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Cube-shaped crystals - 





The intense red 
colour is due 
to impurities. 
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State: Gas 


Discovery: 1774 
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The skin of this tree frog 
contains a chlorine compound. 


This glass sphere 
traps pure chlorine 
So as to prevent any 
reactions with air. 








Pure 
chlorine 
is heavier 
than air. 











Chlorine is named after the Greek word 
chloros, which means “pale green”, a reference 
to the colour of this gaseous element. Chlorine 
is a highly reactive gas that forms a number of 
compounds, and does not exist pure in nature. 


180 | The most common chlorine compound is sodium 





chloride, found in nature as the mineral halite. 
Chlorine compounds are important for the body 
and are used by muscles and nerves. They are also 
present in sweat. As it is poisonous in its pure form, 
chlorine gas was used as a weapon during World 
War I: soldiers had to wear masks for protection 


i CHLORINATION 





The process of cleaning dirty water with 
chlorine is called chlorination. This method 
involves passing the water through a filter 






1. Dirty water 


enters the tank 3. Chlorine mixed 


in water kills the 
remaining germs. 
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2. The filter traps 

: tiny particles 
The soles of some of impurities. — 
running shoes 4. Clean water for 
contain chlorine ; drinking, cooking, and 
compounds. washing is released. 














Sodium chloride is 
used to season meals. 









Strong water 
Common salt pipes are composed 






of thick PVC. 
& This chlorine-rich 
5 Breathing in plastic is tough. 
Sey , ° 
i) this chlorine- 
5 infused liquid 
ra makes people 
1—) fall unconscious. 









The chlorine levels in this pool 
need to be regulated carefully to 
maintain the quality of water. 








Swimming pool 






This case 
is tough 
but flexible. 








This bleach 
cleaner 
contains a 
compound 
called sodium 
hypochlorite. 
























against this weapon. Today, chlorine is used in chlorine acid is used to clean water in swimming 
many ways. Its compounds are present in pools, while bleach and other cleaners use 
everything from running shoes to choloroform. chlorine compounds to kill germs. One of the 

It reacts with hydrogen to make hydrochloric acid, | most widely used plastics, polyvinyl chloride 

an industrial cleaner. This corrosive liquid eats away (PVC), contains chlorine. It is a tough plastic, 


at most metals, releasing hydrogen gas. A weaker — used to make many rigid objects. 181 





Nha 





0 C E A N C L E A N U Chlorine is a common ingredient in cleaning products, 


and can be used for scrubbing everything from 
bathroom tiles to ocean floors. These divers are trying to remove harmful seaweed in the Mediterranean 
Sea using the power of chlorine. This green weed grows quickly and can potentially kill other sea plants 
by depriving them of their essential nutrients. Some fish are also poisoned if they eat this toxic weed. 











Good joints: 





© 2007 Cunousinveator. com 


Great joints: 





What's the right amount? A large amount of solder is not needed, just enough to cover the pad and 
lead without any gaps (actually, only 270° is required by IPC J-STD-001). The measure for too much 
solder is whether or not you can see the outline of the lead in the solder. This is important because you 
need to be able to see whether the solder adhered or "clung" to the lead (indicating a true bond), and 


24 





The two divers use chlorine twice in the cleaning 
process. First, they cover the thick seaweed with 
a sheet made of PVC, a tough plastic containing 


chlorine. Next, they pump a compound of sodium 
and chlorine called sodium hypochlorite under the 
sheet. This powerful liquid bleach kills the unwanted 


seaweed. Several weeks later, the divers return to remove 
the PVC sheets. The invading seaweed will not regrow, 
and the plants on the seabed will gradually return. Although 
chlorine is highly reactive and can damage skin and 

other body parts, divers are well-protected by their 

rubber wetsuits. 











BBromine 



















State: Liquid 
@35 @35 © 45 Discovery: 1826 
a. 
3 Forms 4 m™ 
o 
So : \ This sealed glass container 
5 ; - ex prevents bromine vapour 
a Bromine vapour i from escaping. 
= = 
<= 
ao @ 
= OF 
i eX 
oo 8 
Se 
a y 
LY f 





Bromine 
is named after 
' the Greek word for | 
“stench” 
because of its 
strong smell. 






Pure bromine is 
a red-brown liquid. 





Bromine is the only non-metal that is 


and extremely salty lakes, such as the Dead 
a liquid at room temperature. A thick 


Sea in the Middle East. Solid bromine salts, 
vapour given off by this liquid is dangerous including potassium bromide, collect as 
if breathed in. Pure bromine is never found the water evaporates away, leaving behind 
in nature. Its compounds can easily mix in 
184 


crusts of white crystals. Bromine can then 
water, and are found dissolved in seawater 


be extracted from the solid salts. A common 


This bromine salt 
was used in the late 
19th century to help 


Crusts of bromine 
salts form along 
the Israeli shoreline. 





use of this element is as a disinfectant to clean 
water. It works better than chlorine in hot tubs 
as chlorine escapes into the air easily from 

the warm water. The concentration of bromine 
in swimming pools can be regulated using 
chemical test kits. Bromine compounds 


patients sleep. 
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Uses 


The colours on 
this test kit show 
how much bromine 


is in the water. E 
Bromine 


was uSed as a 
weapon 
in World War I. 


In 1826, French chemist 
Antoine-Jéréme Balard 
discovered bromine. He 
heated seawater from 
salt marshes, and after 


most of the water had 
evaporated, he passed 
chlorine gas through what 
was left. The remaining 
liquid turned orange-red: 
this was bromine. 

















extinguisher 


This fire 
extinguisher uses a 
non-flammable, 
bromine-rich gas 

to extinguish fires. 


This image was created 
when light reacted with 
silver bromide. 
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The fabric used to make 
this suit contains bromine 
compounds that make it fireproof. 





can be used in film photography in which 
images are printed using chemicals on 
negatives. Today, bromine is mainly used 
in fireproof material, such as firefighter 
suits or furnishings, because it doesn't 
catch fire easily. 
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State: Solid 
© 74 Discovery: 1811 


iodine 
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Ss This sealed glass 
5 r container prevents 
fo] op . iodine from reacting 
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These lenses contain 
iodine, which filters out 
bright, reflected light. 





























Purple Solid 
iodine Rae sino iodine does 
vapour urpie-Olack solid loadine 
not melt 
when heated, but The bright red 
i colour of these 
turns into cherries is due to 






This disinfectant is 
applied to wounds to stop 
the spread of infection. 


a vapour. an iodine dye. 






Betadine 


This crab 
absorbs iodine 
from seawater. 














Seafood, including crabs and fish, provide the 
element in our diet. The human body needs 
small amounts of iodine to make an important 


Iodine is the only halogen that is solid at 
room temperature. The element forms a purple 
gas when heated, and is named after the Greek 





word iodes, which means “violet”. Iodine was first 
discovered in seaweed, and many plants and 


186 | animals in the sea have high levels of iodine. 





substance called thyroxine, which helps us grow. 
Iodine is also used to make printing ink, red 
and brown food dyes, and disinfectants. 
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Inside this mineral, unstable atoms 
of the element francium are breaking 
apart, forming astatine atoms. 


Atoms of astatine are unstable, 
and typically break down after 
just a few hours, into atoms 
of lighter elements, such as 
bismuth. This radioactive 
element itself forms in a similar 
way when atoms of a heavier 
element called francium break 
apart. Tiny amounts of this rare 
element are found in uranium 
ores, such as uraninite. The 
Italian physicist Emilio Segré was 
one of the first scientists to isolate 
a sample of pure astatine. He was 
able to do so by using a particle 
accelerator: this is a machine that 
smashes together atoms and then 
studies the results. 
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Atoms NN 


of tennessine 
f existed for a } 


\ few seconds | 


\ afterthey were / 
\ formed. y 


_— — 





State: Solid 
Discovery: 2011 (predicted) _ 





\ 


of 








Tennessine is the youngest element in the 

periodic table. It was produced in 2011, in the 

Russian city of Dubna. The element was named 

after the US state of Tennessee, home to the Oak 

Ridge National Laboratory, which houses one 

of the first, large-scale nuclear reactors ever built. 

Only a few atoms of this halogen element have 

ever been made. Even so, scientists have predicted 

it to be a semi-metal, not a non-metal like all the 

other halogens. 187 


Nuclear Reactor, Oak Ridge National 
Laboratory, Tennessee, USA 








Krypton (Kr) 
becomes 
visible only 
when it is 
electrified. 
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°& 
Atomic structure Physical properties Chemical properties Compounds 
Apart from a helium (He) All the members of this group Noble gases never reactin ‘These gases form no natural 
atom that has twoelectrons _are colourless gases. Going nature. In the laboratory, compounds. However, xenon 
in its outer shell, all other down the group, the density heavier noble gases (Xe), krypton (Kr), and argon 
elements in this group have increases —radon (Rn) is 54 can be forced to form C:No Metelam exeMritele (oman) 


atoms with eight electrons. times denser than helium. compounds with fluorine (F). form compounds. 
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Noble Gases 
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This sample of 
helium is trapped 
in a glass sphere. 


Helium is a 
transparent gas, 
but it glows purple 

when electrified. 


Sa Lup 
2 Natural gas 
often contains 
some helium. 







Saturn's atmosphere 
is made up of clouds of 
hydrogen and helium. 


Gas flare rig 


Helium is the second lightest element 
after hydrogen. This transparent gas was first 
discovered in 1868 by Sir William Ramsay, a 
Scottish chemist. Today, we know that a quarter 
of all the atoms in the Universe are helium. It 

is one of the main gases in the atmospheres of 
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State: Gas 
Discovery: 1895 


Uses 


A particle accelerator is a 
machine that smashes atoms together: 
this one uses liquid helium to cool its parts. 





it ae L . i. as 

Large Hadron Collider, 
CERN, Switzerland 
_cooled 

Av canner 
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giant gas planets, such as Saturn. Being so 
light, however, helium is very rare on Earth: it 
escapes from our atmosphere into space. It was 
not until 1895 that chemists managed to collect 
a sample of helium gas coming from uraninite, a 
radioactive uranium mineral. Today, helium is 
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Qe Airship 
% 
3 Helium-ion microscope 





This balloon contains a 












This airship contains large quantities 
of helium to make itself lighter than air. 


FF] sun cas =) 


In 1868, during a total solar eclipse (when 
the Moon passes directly in front of the 
Sun), helium was discovered in the cloud of 
gas seen around the Sun. The yellow colour 
of this cloud showed it contained an 
unknown gas, which was named after 
Helios, the Greek god of the Sun. 


The Moon blocks the 


mixture of helium and air. 


This high-speed train uses a pair 
of magnets: one to move forward 
and one to float over the track. 


This powerful microscope 
can zoom in to view much 
smaller details than most 
other microscopes. 


Sun’s light from 
reaching Earth. 


This outer gas cloud 
can only be seen 
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collected from underground reservoirs or is 
found mixed in natural gas and oil. Unlike 
hydrogen, which is very reactive, helium is 

a noble gas and does not react at all. This 
property makes it safe to use in objects such 

as party balloons and airships. To turn helium 





| tanks as they empty 


clearly during 
a solar eclipse. — 


The edge of the 
Sun's disc is still visible. 





The track is lined with a 
magnet that repels the one 
on the train, making it float. 


Rocket helium tank 
= = 





Helium in this 
container will fill 
up a rocket’s fuel 


out during liftoff 


into a liquid, it must be cooled to an extreme 
temperature of —269°C (—452°F). Liquid helium 
is used to make things very cold, including the 
powerful magnets used to make maglev trains 
float along special tracks. MRI scanners also 
use liquid helium for cooling. 
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N F B U L This glowing nebula (cloud of gas and dust) is the Crescent Nebula. 
It is so vast that our entire Solar System would fit inside it seven 


times over. The nebula’s light comes from a super-heated star at its centre. Known as WR 136, 
this star is 15 times heavier than our Sun and 250,000 times brighter. Its immense power 
comes from its fuel — helium. 





didn't just freeze around it. This applies to all types of joints: tinning wires, soldering to connectors, 
surface mount components... the solder should never completely hide the underlying wires or leads. 


Ideal amount 


Almost too 
much 


Ye 
: * Too much 
| 
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Disturbed joint (bad): If the component moves during solidification, the internal structure of the 
solder will have fractures, leading to a high resistance or unreliable electrical connection, as well as a 
fragile mechanical one. The solder also appears dull and grainy--typical signs of a "cold" joint that 
doesn't actually bond with the underlying surfaces. 


"Cold" joints are often formed when the underlying pad or lead didn't get hot enough for the solder to 
wet it. 


Disturbed andy'cold" joint--component 


moved during solidification 


2007 Curse 





Awful joints: 


25 





Helium makes WR 136 hot and bright. The star once burned sending out a cloud of gas that spread around it. The star 
using hydrogen, like our Sun. Hydrogen atoms smashed is producing a wind of electrified gases that hurtles out at 
together in the star’s core until they became helium atoms, 1,700 km (1,056 miles) every second. This wind continues to 
releasing energy in the process. However, the star ran out of crash into the gas cloud, making it glow into the nebula we 
hydrogen about 200,000 years ago. It began smashing together see. Eventually, WR 136 will run out of helium and its other 
helium atoms instead, and ballooned into a gigantic red star, fuels, and explode into an enormous fireball called a supernova. 
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This sample of 
neon is trapped in 

a glass sphere, and 
gives off a red-orange 
glow when electrified. 





U ses Glass tubes filled 
with neon are used 
A deep red beam is as brightly lit signs. 

emitted by this laser. 


Helium-neon laser 


Neon is a rare element: it makes up just 
0.001 per cent of our atmosphere. Some 

of it was locked in Earth’s rocks when the 

planet formed, and this is released into the air 

by volcanic eruptions. Pure neon, a transparent 
gas, is extracted by cooling air to a temperature 





State: Gas 
@10 @10 © 10 _ Discovery: 1898 


Volcanic eruption 





Volcanic eruptions release 
neon gas into the atmosphere. 


/ Neon \\ 
f lights may \ 
refer to lighting | 
\\ produced using } 
, any noble gas. / 


\ 


usIS UOdN 


of —189.34°C (—308.81°F), at which point the 
neon gas in the air turns to liquid. Neon can be 
mixed with helium to create research lasers. 
However, it is most commonly used in lighting, 
such as in illuminated signs or as bright warning 
beacons in the path of aircraft at airports. 








State: Gas 
Discovery: 1894 


This sample of argon 

is trapped in a glass 

sphere, and gives off 

a pale purple colour 

when electrified. Some diving suits 
: are inflated with 
argon to retain 
heat in cold water. 


sasey ajqon 





The space 
between the 
glass panes 
is filled with 
argon to 
slow the loss 
of heat. 
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The Magna Carta, a historical document, is stored 
in argon, which forces out oxygen and water vapour 
that would damage the parchment. 


Argon in this flame 
prevents metals from 
reacting with oxygen 


Argon is the third most abundant gas inthe and in diving suits during cold, deep dives. 


atmosphere, after nitrogen and oxygen. It Its lack of reactivity is useful. Argon is used in 
undergoes no reactions with any other element, | museum displays to protect delicate exhibits. 
and was named after the Greek word argos, It also stops metals reacting during hot welding. 
meaning “idle”. Argon does not conduct heat This element can also be useful in the production 


well so it is put in double-glazed windows, of titanium. 195 
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When this camera’s Krypton-based 
flash activates, it’s lasers illuminate 
a result of krypton this building. 
being electrified by 

the camera's battery. 







This sample of 
krypton is trapped 
in a glass sphere. 





Digital camera 
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Krypton is a transparent 
gas but it glows with 

a blue-white light when be - . 
electricity flows through it. > a! 


Uses : — 


This globe 
contains a mixture 
of noble gases, . 


including krypton. ___ (a 
a This energy- 


efficient bulb 
contains krypton. 





Incandescent bulb 


The word krypton means the “hidden one” a very bright white light when electrified 

in Greek. This element exists as an inert gas with a current, which makes it ideal for 

in nature, which means that it does not react use in flash bulbs. Krypton can react with 
with almost any other element. Krypton is not — the element fluorine to form the compound 
found in any minerals and only tiny amounts of __ krypton fluoride, which is used to power 

it can be found in the air Pure krypton produces some kinds of laser. 
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Xenon is a transparent 
gas but it glows with a 
blue light when an electric 
current flows through it. 
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Anaesthesia machine 










Xenon is 

used in powerful 

lasers that 
can kill 
bacteria. / 











The xenon produced 
by this device makes 







: : Xenon glow 
a patient unconscious a . 
; disinfects the air 
before an operation. : 
in a room. 








This sample 
of xenon is 
igeloecemimel 
glass sphere. 


Xenon headlights glow 
brighter than the more 
common halogen headlights. 








High pressure inside this 
lamp makes electrified xenon 
glow very brightly. Electrified xenon blasts 
: from the exhaust, pushing 


the probe forwards. 





Modern film projector lamp 


Xenon is so rare that there is only one atom car headlights. The gas is harmless when 

of this gaseous element for every 10 million — breathed in and can be used as an anaesthetic. 

atoms in the air. Like the other noble gases, When preparing food, xenon lamps can purify 

xenon is colourless and odourless. It glows brightly the air. To propel spacecraft, xenon is used in 

when electrified, making it useful in very powerful some rocket engines that produce streams 

lamps, such as those used in film projectors and of fast-moving, electrified atoms. 197 
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BRadon 







This uranium mineral 
releases radon gas, as 
radioactive metals in 

it break apart. 


It takes only 
3.8 days for 
half of radon’s atoms 
to split into atoms of 
other elements. 


Radon is the only natural 
radioactive noble gas. This element 
is produced by the breakdown of 
uranium and other radioactive metals. 
Being a gas, radon escapes from minerals, 
such as uraninite, into the air Radon is very 
radioactive and breathing it in can cause illness, 
such as lung cancer. In most places, the amount 
of radon in the air is incredibly tiny. However, its 
levels are high around volcanic springs and 
mud, where it bubbles out with other hot gases. 
Radon is also present in the water at geothermal 
power plants, which use heat energy from deep, 
volcanic rocks to make electricity. Radon is also 
more common in areas rich in granite rock. In 
these places, people use test kits to monitor their 
homes’ radon levels. 





These yellow crystals 








State: Gas 
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belong to another uranium 
mineral called uranophane. 


As it decays, a 
compound called 
thorium dioxide 
emits radon. 


Uraninite 
ca 
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The muddy water 
from volcanic springs 
contains radon. 
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State: Solid 
These pipes draw water containing Discovery: 2006 
radon from deep under the ground, 2 _—— 
and this is then used to power the plant. 








Yuri Oganessian 





The heaviest element yet made is oganesson. Scientists 
think it would be solid at room temperature, but it may really 
be an unreactive, noble gas. However, only a few atoms 

have been created so far, so its properties are not well 
understood. Oganesson was first produced by a team of 
Russian and American scientists who smashed californium 
and calcium atoms together at the Joint Institute for 
Nuclear Research in Dubna, Russia. The element was 
named after Yuri Oganessian, the leader of the tear. 
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This kit collects radon from 
the air so the amount of the gas 
in the area can be measured. 





me xest kit 





Joint Institute For Nuclear Research, Russia 199 





DICTIONARY OF 
SELF-AFFIRMING 
POWERFUL 
QUOTATIONS 


By Christian H. Godefroy 
with the help of 
Didier Penissard 


Published by Christian H. Godefroy (2001 Christian H. Godefroy. 
All rights reserved. No part of this publication may be reproduced, 
stored in a retrieval system, or transmitted in any form or by any 
means, electronic, mechanical, recording or otherwise, without the 
prior written permission of the author. 


Manufactured in the United States of America. 





Table of contents 





Contents Page 2 





Contents 
ECG OM oe 36 crcsen daaacestsnsateesusanenasace datas sseseacuecn soreness: 3 
Paap eo sce ee ese ees 10 
Pesca sate te esses soe eet eect oto 36 
sto reece todent cats eee vee seescan sarod veme ieee eaaeneeesennuenoseeeates 47 
DE eassep se tepseena cs eect aeons pon oe 78 
Ties ea cetitep ya ti coeeciesa hela soesiesiee vee sane escemsientunetneah eens: 103 
Te ie tosses ore ote ene ode once ei veers eens 125 
geste seven sree ayecinn ev tae teen ssa icoeo sea: 152 
| [een ee nee een ne ver eee cee een ane ee me ene eer ere ee 160 
Meese eeb eric cee seta ce parc eect ccte tenets cca type ecto sees eee 181 
Wace uetesetee st cete dusts tits ceeusvasuesosisectd aun cases cutoctsdGeccesseendassossene tues 204 
TS Sogpece aes seeks pe spies te ances soe nea aspen eee 209 
WD soe sepaaea usta wien ctavesiaceseecqsaseesecosenmetoanasinne neyo 211 
I aes eec lca aates ae nee ats eto cee nous eects 229 
DN escape ae apt eee eesti Sees eet ett 254 
ices hee hese ce ese vaste caine aud haste rce te sane tenons alee aasuinneeeoee: 261 
I soph caecceip ecg tepi en ocseseco pgs ves oremtee tee 272 
OD esses es cada egies souaninneceneteaanaaisavcimeseneaeianerseon tees 306 
| ae an te oe rT PO TO Ye 307 
Se eee aren ere PY ner eek eT ne em ee 331 
OD os sesties aavmenae ns sie asinn enti aneiesagoees pusareisisceaespen sete eee 387 
Meester tsa esc eep este ston Sere ace ease sla ameccnei ces 408 
OY socisteescione a eietebarencisavaia teu adecee tease ak asiacpce sveestceasaph wien setaceu: 412 
BO casaesup Senet nstonn saint xt eiaieuvarsaceasstausa iene aanabaueeneeutsuncaenventenien: 418 
SY gies go utesseciectuvaiesayehresecpodectdassazeiy ence aaatoeneneteotseaenene: 437 





Table of contents 





Introduction Page 3 
eee 


Introduction 


What power do words have? 


You surely remember fairy tales from your childhood where the 
wicked queen cast a spell on the hero. The spell usually consisted of 
some gesture, accompanied by a “Magic Formula” with powerful 
effects. Sometimes the spell was a curse or malediction (literally: words 
which convey a wish that harm come to someone). 


During your childhood people around you cast all kinds of spells 
on you. Very often you were not aware of it, but Magic Formulas - 
transformed into so-called “killer sentences” - had their effect on your 
mind, and continued harming you in subtle ways. 


Let’s look at a few examples. Has anyone ever said something to 
you like: 


- You’re really good for nothing. 

- You'll never make it. 

- Blockhead!!! 

- You’re just a chip off the old block! 

- You’re even worse than your mother. 

- You’re not going to start crying again, are you!?! 
- Stop trying to be so special... 

- It never fails : you’re incapable of being on time. 
- What an idiot you are! 

- You have absolutely no sense of humor. 

- You’re always sick. 
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- You just don’t have any talent. 
- You should never... 


Every time someone used the words “be” or “have” or “always” 
or “never” when referring to you, chances are they were casting a 
harmful spell on you. 


How harmful spells affect your life 


Because these kinds of sentences were stored in your subconscious 
at an age when you were not able to question their validity, they con- 
tinued to affect you in subtle ways right into adulthood. 


Of course they may be more specific: 


- Beware of women. 

- Beware of men. 

- You'll never understand anything about math. 
- Mechanics is a man’s job. 

- Never trust a Frenchman. 

- Making love is dirty. 


These kinds of thoughts may not prevent you from getting mar- 
ried, making love or repairing your car, but the causes for your lack 
of confidence, for the problems and failures you encounter in life, can 
very often be traced back to these negative seeds. 


You are also casting spells on yourself 


Do you sometimes talk to yourself? Of course you do, just like 
everyone else. And do you sometimes blame yourself for the way 
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you behave? Are you ever negative about yourself? Of course you 
are. 


- What an idiot I am! 

- ’ll never make it. 

- I’m always so clumsy when I’m with other people. 
- I’m just not lucky. 

- I’m going to get shafted (taken for a ride) again. 

- I’m not good enough. 

- I’m so much less talented than... 


You’ve taken up where the others have left off, and are casting 
spells on yourself! Ideally you would identify these kinds of negative 
reproaches and replace them with stimulating, positive thoughts 
which liberate you, make life easier, and affirm your worth instead of 
inhibiting and prohibiting you. 


How to weed out these negative thoughts? 


Using the Dictionary of Self-Affirming Powerful Quotations is 
an excellent way to discover where these seeds of failure, anxiety, 
health or relationship problems, etc. are hidden. It’s as if, by consult- 
ing the dictionary, you are trying to defend yourself against them. 
Whenever a positive thought makes you uncomfortable, or bothers 
you without your knowing exactly why, or just seems stupid, take it 
as a sign. Continue working with that thought until it reveals its se- 
cret meaning to you. 


You can also make a list of the difficulties you have to face, the 
problems you encounter, and then use a corresponding positive 
thought as an antidote. 
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Try to remember what was said to you just before you started 
feeling “down on yourself” or depressed. 


How to neutralize the power of negative spells 


Many people before you have had to deal with these kinds of 
negative thoughts. That’s why therapists, doctors, and specialists in 
the art of suggestion have developed antidotes in the form of posi- 
tive affirmations. The Dictionary of Self-Affirming Powerful Quota- 
tions offers you a selection of the best of these. 


Better still, they’ve all been transcribed into the first person (I) so 
that you can use them to replace the negative spells you are casting 
on yourself. Here’s what to do: 


1. Using the alphabetical headings and index, find a positive 
thought that can serve as an antidote. If you like you can copy 
the structure of existing affirmations to create your own new 
ones. 


2. Read it carefully, out loud if possible. Then repeat it silently to 
yourself. Copy it on a pad or in a notebook that you carry 
around with you. Make it a theme of meditation: while driving, 
or riding on the train or bus, or lying the beach - any time your 
mind starts wandering - repeat the positive thought. 


3. Use altered states of consciousness resulting from relaxation, 
meditation or self hypnosis to impregnate your subconscious 
more deeply. You can tape an hypnosis-inducing text on cassette, 
followed by your positive thought(s), and then a wake-up mes- 
sage. 
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4. Discuss your situation with a friend or close relative. Exchange 
points of view with persons who do not have the same problem 
as you do, in order to understand how their minds work, and 
eventually to use them as models for your own behavior. Also 
try to read personal accounts of how others have successfully 
dealt with the same type of problem. 


5. Allow at least 21 days for your inner transformation to take 
place. If you are trying to make some very drastic changes, per- 
severe for at least 3 months. 


A marvelous tool for personal development 


The Dictionary of Self-Affirming Powerful Quotations is a con- 
stant companion, always ready to inspire you and guide you along 
the paths of life. It will help you learn to know yourself better, and 
exploit the formidable power of your subconscious to help you attain 
your goals. 


You can also use it as an instrument of divination: just ask your- 
self a question, and then open the book at random. You'll be sure to 
find an answer, or at least its essential elements. 


Copy the thoughts you find most inspiring. The simple act of 
writing out a thought helps make it your own. 


If you’re living through a difficult period in your life or feel that 
you're under a lot of stress, immerse yourself in the Dictionary of 
Self-A ffirming Powerful Quotations and let it wash away all the nega- 
tive influences and emotions you experience during the course of a 
day. 
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And if you happen to be a therapist or teach some form of relax- 
ation or meditation, or if you want to use positive suggestions to help 
your children, the dictionary will provide you with a constant source 
of counsel and guidance. 


A valuable tool in your interpersonal relations 


Does your child have a tummy ache? Does he or she have trouble 
concentrating? Is your sister in the process of rebuilding after a diffi- 
cult divorce? Is your partner having business problems? 


Open the Dictionary of Self-Affirming Powerful Quotations to 
the appropriate page. Select one or a number of sentences. A single 
positive thought can change your life. It can be the branch that saves 
a drowning person, the talisman, the blessing that breaks the evil spell. 


Offer these thoughts to others as you would offer a bouquet of 
flowers. The Dictionary is like a jewel box, the positive thoughts it 
contains are like precious gems. Offer them as gifts to your friends 
and loved ones. And like jewels they will reflect the light of love and 
dispel the shadows of despair. 


As you'll soon discover, this dictionary is an amazing collection 
of positive thoughts with almost magical powers. It’s almost like an 
Aladdin’s lamp, ready to grant all your wishes. All you have to do is 
keep reading it. In no time at all your life will become simpler and 
easier, free of all the obstacles which have been holding you back in 
the past. 


Life gives you what you expect of it, on condition that you culti- 
vate positive and creative thoughts. And the Dictionary of Self-Af- 
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firming Powerful Quotations will help you change your way of think- 
ing. You'll see opportunities where others see only obstacles, solu- 
tions where others see only problems, lessons to be learned where 
others see failure, and beauty where others see nothing at all. 


Consider this dictionary as a great prayer of enthusiasm and con- 
fidence in life and in humanity, full of gratitude. 


Christian H. Godefroy, mailto:webmaster@hy pnotic-words.com 
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ABUNDANCE 


This great power, the power to choose, gives me the necessary 
hope and the necessary state of mind and the necessary courage to 


get everything I really want out of life. 
J. Martin Kohe, Your Greatest Power, published by A Different Life Ltd., 1979 


I believe in abundance, I desire abundance, I receive abundance. 
Shakti Gawain, Reflections In The Light, New World Library, 1978 


I allow this infinite abundance to pass freely through me and 
through all those who listen to me, just as I freely give up the money 
I possess, allowing it to flow through my hands, giving where it can 


do the most good. 
Robert Collier, Riches At Your Doorstep, S.I.P. 1962 


I am grateful, and I rejoice in a life full of abundance. 
Dr. Joseph Murphy, The Miraculous Power To Attract Infinite Wealth, Godefroy Publications, 1979. 


[lead a rich and abundant life, physically, spiritually, and on other 


levels. 
Shad Helmstetter, The Power Of Inner Motivation, 1987. 


The universe is a horn of plenty which everyone can draw from. 
My very nature is abundance, and | accept it fully. Abundance is what 
I really am. And I accept it fully and joyfully. The universe is pure 


abundance! 
Shakti Gawain, Techniques Of Creative Visualization, Editions Soleil, 1978. 
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ACCOMPLISHMENT (AIso see Success) 


By using my imagination I move towards accomplishment. I re- 
move the debris caused by the wounds I have suffered, which de- 


prive me of the inner security I deserve. 
Dr. Maxwell Malts, Psychocybernetics and Self Accomplishment, published by A Different World Ltd. 1970. 


I was conceived to accomplish, built for success, and gifted with 
the seeds of greatness. 


Zig Ziglar, Rendezvous At The Summit, published by A Different World Ltd., 1975 


I will do things that will make me live longer... live better. 


J.V. Cerney, Stay Younger - Live Longer through the Magic of Mental Self-Conditioning, 
Parker Publishing Company, Inc. 1968. 


ACNE (See Urticaria, Eczema) 


ACTION (Also see Opportunity) 


From now on I will savor every one of my actions! 
Shakti Gawain, Techniques Of Creative Visualization, Editions Soleil, 1978. 


I will act immediately. 
Og Mandino, The Greatest Secret In The World, published by A Different World, 1979. 


I act constructively. I do what my conscience dictates. 
W. Clement Stone, Napoleon Hill, Success Through Constructive Thinking, Godefroy Publications, 1978. 


I flow with my energy - all the time. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 
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I act in a positive way. 
Subli Power - Subli Control, Edit Inter, 1989. 


I act. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I cease all actions which work against me. Then the right actions 


are revealed to me. 
Vernon Howard, Psycho- Pictography, S.LP., 1965 


I don’t want to remain passive in the face of life any longer, nor 
allow myself to be carried along by circumstances. I want to act. I 


want to attain my goals. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


Inow know that to overcome fear I have to act without hesitation 
and my doubts will disappear. I now know that action transforms 
fear into serenity. I will live this day as if it were my last. Action is the 
bread and the wine that nourishes my success. Action is the spark 
that gives life tomy dreams, my plans, my goals, and transforms them 


into reality. 
Og Mandino, The Greatest Secret In The World, published by A Different World, 1979. 


I am capable of action. 
Jean Chartier, How To Acquire A Superior Personality, Published by Dangles, 1971. 


Iam in the process of changing my life through my actions. This 


is a choice that belongs to me. 
Richard Corriere & Joseph Hart, Staying In Psychological Shape, Les Editions de l’Homme, 1979. 


Iam completely ready. 
Raymond Hull, Wanting Is Power, Les Editions de l’Homme, 1969. 


I simplify my life. I get rid of disorder and actions which are not 
fruitful. I continue asking myself questions, at least once a week: 
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“What is it, above and beyond my daily routine, that constitutes the 
essence of my life, and what are the real activities to which I should 


be devoting my time?” 
Denis Waitley, Seeds Of Greatness, Editions Pocket Books, 1984. 


ADVERSITY 


I face up to things courageously. I stay calm. 
Alan Houel, How To Deal With Difficult People, Godefroy Publications, 1990. 


Iam happy to encounter a certain form of opposition. It offers me 


an opportunity to test my strength and my ideas. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


Adversity always contains the seed of a new opportunity. I can 


do it, if I believe I can! 
W. Clement Stone & Napoleon Hill, Success Through Constructive Thinking, Godefroy Publications, 1978. 


Once I start playing a game I always do my best to hit the ball 


back and defeat my opponent. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


AEROPHAGY (Flatulence) 


Although my stomach is swollen, I know the swelling will gradu- 
ally disappear. Little by little my stomach will regain the strength 
and elasticity it lost, and as it regains this strength and elasticity it 
will return to its normal size, and carry out the functions of digesting 
food and sending it to the intestines more and more easily, until my 


stomach and intestines are in perfect form. 
Emile CouE, Complete Works, Astra Publications, 1976. 
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Clean Up 


Most manufacturers will clean off residues from any flux that isn't labeled "no-clean," despite flux datasheets 
like Kester's that say even some of the more active fluxes do not need to be cleaned. For short life-span hobby 
projects, it probably doesn't matter unless you're using a solder/flux labeled "organic" or "water-soluble"--these 
fluxes leave behind very aggressive acids that will quickly eat away circuits. Cleaning may be necessary if 
you're applying a protective coating that won't adhere to flux residues. Finally, some rosin residues are tacky and 
may attract dust that can short a circuit. 


The fact that a flux is made from rosin doesn't tell you much about how strong it is or whether it should be 
cleaned. What matters is how concentrated the mix is and how much acidic (halides) activators were added. 
RadioShack® doesn't supply any information on the flux in their standard rosin-cored solder, but it's probably 
weak enough that the residues do not need to be cleaned off. 


Isopropyl alcohol works decently on rosin-based residues, but clean shortly after soldering because the residues 
quickly harden. Use water for water-soluble fluxes. This pump containing bottle dispenses a little alcohol when 
you push down on the top with a brush, and keeps the rest from evaporating. If you are going to clean, make sure 
you wipe up the remnants with a lint-free cloth--don't just spread them around the board with a brush and 
alcohol. 
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ADVICE 


God will tell me what I should do. 


Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


My subconscious becomes a more and more important part of 
myself... 1 can ask it questions... it answers... it advises me and guides 


me. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


AFFECTION 


I am affectionate. 
Dr. Wayne W. Dyer, Your Erogenous Zones, Tchou, 1976. 


The positive emotions of love, affection and patience appear when 


I am in touch with my true self. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965 


AFFIRMATION 


[have the right to be myself. Affirmation is a measure of my suc- 


cess. I affirm myself more and more, in all areas of my existence. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


AGING 


I avoid being inactive and doing nothing... I make sure not to let 
my movements slow down too much... I cultivate vivacity in order to 
keep myself alert. 
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Iam sure I will stay forever young... my mind will remain lucid... 
and I will not suffer the pains of aging until very late in life... my life 


is rich and productive. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I adapt to the ups and downs of life by maintaining my sense of 
humor. I keep the child alive and awake within me. 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I may be aging, but I am also improving with age. 
Emrika Padus, Encyclopedia of Emotions And Health, Edi Inter, 1991. 


AGITATION 


At the least sign of becoming over-excited I react and remain im- 


passive. 
Paul-Clement Jagot, How To Develop Your Personal Magnetism, published by Dangles, 1982. 


AGREEMENT 


I try to reach explicit agreements in the form of contracts. 
Pierre Nicolas, Time Is Money - and Pleasure, Inter Editions, 1981. 


AGGRESSION 


The spirit in me is my shield. The spirit in me is my saviour. I 


have nothing to fear - the power of the spirit protects me. 
Marcelle Auclair, The Book Of Happiness, Editions de Seuil, 1959. 


The spirit in me is my refuge and my fortress. 
Marcelle Auclair, The Book Of Happiness, Editions de Seuil, 1959. 





able oF contents 


A Page 16 





AIDS 


My immune system is back to full strength again. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


ALCOHOLISM (Also see Sobriety) 


Drinking is no longer important to me. 

Drinking is no longer a necessity for me. 

I forgive myself for past mistakes which led me to drink. 
I am becoming a more relaxed person. 

My self confidence is growing day by day. 

I like people, and I feel they like me. 

I think of myself as a positive person. 


I like to think of myself as a person who doesn’t drink. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec/Amerique Publications, 1874. 


I like drinking water. 
Subli Power, Sublihealth, Edi Inter, 1989. 


I free myself of the habit of alcohol. I love myself, and I love life 


more every day. Iam proud of myself. 
Karl O. Stoeber, Psycho-training, Godefroy Publications, 1984. 


I don’t have to have a drink whenever I am upset or frustrated. I 
can survive life’s frustrations without alcohol. And because I have 
proven to myself over and over again that I have never been able to 


handle alcohol intelligently, Iam going to abstain altogether. 
Frank S. Caprio, M.D. and Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc. 1974. 


I have no trouble controlling my drinking habit. I now drink al- 
cohol in moderation. I can easily go several days without having a 
drink. The less I drink the healthier I get. I am mastering my habits, 
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and my general health is improving day by day. I like my body, and I 
want to keep it healthy for as long as possible. So I take care of it. I 
drink very moderately. There are many days I don’t drink at all, and 
I’m perfectly happy. 

Iam giving up alcohol completely. I have no trouble not drinking 
at all, and I feel a lot better. My body and mind are completely free of 
the alcohol habit. I have more and more control over my emotions. | 
can stop drinking completely, starting right now. From now on I'll be 
sober and happy. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I couldn’t care less about drinking, any place, any time, under 


any circumstances. Others can drink, but I’m really not interested. 
Clement Auger, Transform Your Life Through Auto-suggestion, Heritage Press, 1979. 


I feel as if all my problems were fading away.. I’ve solved them 
all... nothing can change my mind... I feel absolutely no desire for 
alcohol any more... drinking doesn’t interest me... it turns me off... 
more and more... even the thought of alcohol turns me off... just look- 
ing at alcohol makes it even more repulsive. 

From now on I won’t drink any alcohol... nothing can make me 
change my mind... I’m happy to be improving my health, and I feel 
better every day... Ill never drink alcohol again. I find it more and 
more repulsive. Even the though of alcohol disgusts me. 

If I drink a single glass, I’ll get sick. My stomach can’t take any 
alcohol... even a glass will make me very sick... I will try not to suc- 
cumb to temptation. 

I'll never drink alcohol again. 

Just the sight of alcohol makes my disgust grow... I’m so happy to 
be free of it... nothing can make me change my mind. I can’t drink 


any alcohol... and I won't! 
Professor Kurt Tepperwein, Secret Techniques of Hypnosis, Godefroy Publications, 1981. 
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Iam capable of resolving my problems, and thus of freeing my- 


self from the burden of alcoholism. 
Professor Kurt Tepperwein, Think and Heal, Godefroy Publications, 1984. 


I’m going to stop drinking not because others want me to, but 


because I really want to. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


I’m a nice person when I don’t drink. I look better when I don’t 
drink. I work better when I don’t drink. I lose weight when I don’t 


drink. I’m healthier when I don’t drink. 


Editorial staff of Practical Health Guides: How To Activate Your Body’s Natural Defences, 
Godefroy Publications, 1989. 


ALLERGIES 


Ihave more and more fun with cats. Cats are gentle, affectionate 


animals. My body reacts completely normally when I’m with them. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I'ma healthy normal person. My body functions normally, under 
any conditions. I function perfectly normally in the presence of ani- 
mals. My body functions normally, whatever the surrounding odors 
are. I am free of past negative influences which have been causing 
my allergic reactions. Soon I'll be able to eat any food I like. Each day 
that goes by strengthens my conviction that I am in the process of 
resolving all past problems. I perceive of myself as a person who is 


not allergic to anything. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


ALLERGIES (Food) 


I can now eat 





(name the food) easily and find it delicious. I 
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am free of past negative influences. My body now reacts normally to 


all the foods I eat. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


ALTRUISM 


To me loving means listening unconditionally and without preju- 
dices, to the needs of another person, and fully appreciating his or 


her worth. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Ihave the right to be open with other people. 
Christian. H. Godefroy & John Clark, How To Have More Time, Godefroy Publications, 1989. 


I stop thinking only about myself, and think more about others. 
Every day I try to do something kind, something that brings a smile 
to a suffering face. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


always take other people’s feelings into consideration. Iam aware 
of their feelings, sensitive to their attitudes and opinions. I know how 
to listen. I show a sincere interest in the convictions, thoughts and 
ideas of others. And since my interest is sincere, other people recog- 


nize that and start counting on me. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


AMBITION 


(Also see Vitality, Dynamism, Enthusiasm) 

I maintain a victorious attitude towards life. I know there is no 
task a person cannot accomplish once he or she has made up his mind. 
I want to accomplish... (name the task). My ambition is completely 
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legitimate. I want to make progress in my work, as well as in my 
intellectual and moral development. I will leave nothing to chance. 


Attaining the success I aspire to depends solely on me. 
Professor Robert Tocquet, The powers Of The Will, Godefroy Publications, 1989.¥ 


I reconstruct myself with a brighter future. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Iam not content with being less than I can become. I’m as capable 
as any other human being who has ever lived. I am not afraid of my 
own greatness. 

I always remember that I can become anything I choose to be, 


and that greatness is there for the taking if I really want it. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


Iam no longer satisfied with what I can get, but only with what I 


want to get. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I know I can obtain everything... gain access to the highest circles... 
I only have to want it... and have faith in my success, and I will suc- 


ceed. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


Iam aware, conscious, and ready! I am overflowing with vitality 
and ambition. I exploit every opportunity with dynamism and en- 


thusiasm. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam a CEO (ora lawyer, or any profession of your choice). Every 
day brings me closer to my goal. I know I am already there. It’s fan- 


tastic. 1 accept my own amazing future. 
Charles Baudouin, Psychology And Practice of Auto Suggestion, Idegraph Publications, 1990. 


Tam full of ambition, and there is nothing wrong with that. I want 
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to succeed in my work, as well as in my personal development. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


ANAEMIA 


My blood is getting richer and richer, more and more red, more 
and more nourishing. It is getting to be more and more like healthy 
blood. My anaemia is gradually disappearing, carrying away with it 


the host of problems that accompany being anaemic. 
Emile Coue, Complete Works, Astra Publications, 1976. 


My blood is rich, and is replenished daily. 


Louis Proto, Self Healing, Piatkus Publications, 1990. 


ANAESTHESIA (Also see Pain, Wounds) 


With each pinch the anesthesia spreads. At first I pinch lightly, 
adding pressure each time. The fourth time I pinch, the anesthesia 


will be complete. 
Leslie M. Le Cron, Liberate The Forces In You Through Self Hypnosis, Tchou/Ariston, 1964. 


All right, now I’m going to count to three, and on the count of 
three my arm will become rigid, and the more I try to bend it, the 
more rigid it will get. During this time my right hand will grow more 
and more numb, more and more numb... more and more insensitive. 
Now even my left hand is becoming rigid, so the anesthesia in my 


right hand is getting stronger. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 
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ANAESTHESIA - DENTAL 


My cheek is numb, I can prick it with a needle, and not feel a 
thing... My lower gum is numb, I can prick it with a needle, and not 
feel a thing... My whole mouth including gums and teeth are totally 


numb, like a block of wood. 
Giovanni Sciuto, Real Hypnosis, Dangles Press, 1975. 


ANGER (Also see Migraines) 


What other people think or say about me doesn’t bother me. If 
my inner Guide is with me, if He (or She) approves of my thoughts 


and actions, then everything is all right. Iam calm and strong! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


It’s normal to get angry from time to time. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I take responsibility for my emotions. When I begin to get angry I 
acknowledge the fact that I own my emotions. I remove myself from 
any potentially hostile situations. When I talk about my anger or dis- 
satisfaction I say: “I feel angry when I see that happening,” instead of 
saying, “You make me angry when you do that.” Only I can make 
myself angry. 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I master my emotions. I never get angry for no reason, nor do I 


react violently to any situation whatsoever. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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Iam very careful not to get angry. I have a good character, I dem- 
onstrate patience, and I always think before I act. I avoid complain- 
ing. 


Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


When I get angry about not achieving the results I want ina situ- 
ation, I move quickly from “stewing to doing.’ I ask, “What can I do 
to turn this situation around? Is there anything I can salvage from 
this situation? What can I learn from this situation? How can I pre- 


vent it from happening again?” 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


When I get angry I remind myself that everyone has the right to 
be what s/he chooses to be, and demanding that others be different 
will only result in prolonging my anger. I make sure to let other people 


make their own choices. After all, don’t I claim that right for myself? 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


When I feel myself getting angry I quickly give myself the sug- 
gestion that I can switch my thoughts to something else. If need be I 
can always walk away from the person who is provoking the anger 
reaction, or expend my energy in doing something that will divert 
my mind - finding some other outlet for my pent-up emotions. I am 
going to remind myself that people can make me angry only if I al- 
low them to do so, and that getting angry is actually flattering the 


other person. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


ANGINA (Chest) 


The attack is passing and my heart is beating normally. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 
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Desoldering 


The three most common inexpensive ways to remove solder include a "solder sucker", solder wick, and an iron 
with an attached desoldering bulb. 





e Solder Sucker: To use, press in the plunger, heat up the joint, and as quickly as possible, pull out the 
iron, place the sucker's nozzle over the joint and press the release button. It may take a few iterations to 
clean out a joint enough to wiggle free a component. On plated through holes it may actually be easier 
to add more solder to the joint before sucking, since the sucker won't be able to create a vacuum with 
too little solder remaining. 


ventongom 





e Desoldering Iron: This works just like the solder sucker, but is much easier to use because there's no 
race to suck out the solder before it freezes, as with the "solder sucker". 
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ANSWERS 


My Real Self knows all the answers I need. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


ANXIETY 


From now on, whenever I feel anxious I will breathe deeply, re- 


lax, and feel a surge of energy rising through me. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, 
Godefroy Publications, 1989. 


I express the anxieties I have about myself, and then let go of 


them. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam completely calm... completely calm... A marvelous feeling of 
peace and harmony spreads through my body... lam happy... my cir- 


culation is regular and my digestion is perfect. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


I feel a hot current flowing through my solar plexus. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


In the past I would look anxiously outside, waiting nervously for 
something bad to happen. From now on I look inwards, full of 


confidence. I look to my Inner Guide. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I am learning to interpret my anxiety as a state of excitement in- 


stead of nervousness. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 
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I stop anxiously fighting all the little complications of life. I sim- 
plify my affairs. 

I have to work towards freeing myself of all forms of fear and 
anxiety. 


I feel less tense and anxious. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I am in the process of becoming a much more self confident per- 


son. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I see my life and everything that happens from the calm, clear 


perspective of my conscience, and profound understanding. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


My tension can be an ally because if I feel any anxiety, I take it as 
a sign to call on the means at my disposal to deal with the situation. 

I take a deep breath and relax. Everything’s all right. I am in con- 
trol of the situation, and of myself. 

It’s all over, I’ve succeeded. 


It wasn’t as bad as I thought it would be. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


Everything is fine. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


ANXIETY - SOCIAL 


It does no good to worry. It’s much better thinking about what I 
can do rather than becoming anxious. I have plenty of time to take a 
deep breath and relax before dealing with the situation. 

I don’t have to prove anything to anyone. If others accept me, all 
the better. If they don’t, too bad. I’m not trying to make everyone 
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love me. 
I concentrate on the present moment. What do I have to do now? 
I think mostly about the things I have to do, and about the posi- 
tive results these actions will bring. 
If I deal with the situation step by step, I won’t have any trouble. 
I can’t expect people to always think as I do, and do what I want 


them to. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


APLOMB 


In all situations where I used to be too impressionable, Iam now 


protected by a suit of armor through which nothing can penetrate. 
Charles Baudouin, Psychology And Practice of Self Suggestion, Idegraph Publications, 1990. 


I develop my aplomb and my confidence. 
SubliPower, Subli Confidence, Edi Inter, 1989. 


I feel an imperturbable calm in the face of anything that happens. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I don’t allow anyone to influence me. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


APPEARANCE (PHYSICAL) 


I know that my appearance, my weight and my well being de- 
pend solely on me. I do everything necessary, every day and every 
instant, to create the “me” I really want to be. 

Iam in control of myself. Only I decide what my physical appear- 


ance is like, how much I weigh, and how I feel. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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APPETITE (Also see Digestion, Stool) 


I’m hungry at mealtimes... lam attracted by natural, healthy foods. 
Sublipower, Subli Health, Edi Inter, 1989. 


APPREHENSION 


I am calm, courageous and free! My inner Guide fills me with 
confidence, self assurance, love and harmony. I feel free, joyous and 


strong. I am free, and secure under Your wing. I am free! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


Negative suggestions, phobias, apprehensions, dark or sad 
thoughts all gradually disappear of their own accord, without my 
having to fight them. Even dark thoughts and feelings which are based 


on reality are gradually receding. 
Charles Baudouin, Psychology And Practice of Self Suggestion, Idegraph Publications, 1990. 


APPROVAL 


I feel good because I want to, and my feeling good has nothing to 
do with you. 

No one is unhappier than people who need (the approval of) other 
people. But those who want to love others become happy themselves. 

I thank people who tell me things that can help me, even if what 
they say is difficult to accept. My feeling of gratitude replaces my 
need for approval. 

I stop looking to my spouse, or to anyone else, for approval of 
what I say, by cutting out things like, “Isn’t that true, dear?” or... “Don’t 
you agree?” or... “Ask so and so, she'll tell you.” 
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Ireprimand myself out loud every time I find myself seeking other 
people’s approval. By doing so I become aware of this kind of behav- 


ior, so that I can stop it. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


It is completely normal that people forget to express or even feel 
gratitude; therefore, if I expect other people to reward me through a 
show of gratitude, I am only exposing myself to a flood of bitter dis- 


appointments. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


I’m sure the sales manager will notice my effort and my results. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


ARCHERY 


Iam perfectly relaxed when I practice archery. 

My reflexes are getting faster and more efficient. I can hit the tar- 
get more and more easily, shot after shot. I am improving all aspects 
of my archery. My vision and reflexes are working marvelously well. 


Archery is easy for me. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


ARTHRITIS 


I relax the muscles around my joints. I feel a cascade of clear wa- 
ter flowing over my joints, washing them, purifying them, making 
them strong. The water carries away the pain. I see the cool clear 
water flowing over my fingers, my knees, my shoulders. It calms me, 
washing away the inflammation. I can already feel the water sooth- 
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ing my joints, relaxing them, so that I can move with no pain at all. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, 
Godefroy Publications, 1989. 


My joints are supple again, and feel smooth and comfortable. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


My energy circulates more and more freely through my whole 
body, which is becoming light and luminous. My pains completely 
disappear because the amazing power of my subconscious mind is 


healing me completely. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


ARRHYTHMIA 


My heart beats slowly and calmly. 


Tam my heart. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


ASKING 


I have the courage to ASK. 


Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


ASSIDUITY (Also see Perseverance) 


I’m interested in material things, and I do my work conscien- 
tiously. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 
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Work that you’ re interested in is never difficult, and sure to suc- 


ceed. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


ASSIMILATION 


I’m getting stronger day by day. I assimilate information more 
and more rapidly and precisely, and my willpower is getting stron- 


ger. 


Paul Clement Jagot, The Power Of The will, Dangles Press, 1950. 


ASSISTANCE 


The universe is always there to help me. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


ASSISTANCE - SPIRITUAL 


I send you strength and courage. United with the forces of your 
inner Guide, I consciously direct our plenitude towards you, so that 
we can offer you assistance and stimulate the right conditions which 
will help your development. 

I love you and send you energy, faith and courage. May a clear 
vision awaken in you of the right path to follow. Everything good 


you wish to accomplish will succeed. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


Right now divine love is doing its perfect work for the benefit of 
all. 
From now on may divine love and light work through me. 
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Divine love goes before me and prepares the way. 


From now on God will show me the way. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


ASSOCIATES 


My time and energy are precious. I choose to surround myself 
with positive associates who are focused on possibilities, learning, 
improving and taking responsibility for results. I guard my mental 


life against negative influences. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


ASSURANCE (Also see Self Confidence) 


Every day I feel more and more sure of myself, and it’s great. A 
beautiful, exciting life is awaiting me; it’s wonderful to feel this sense 
of assurance growing in me, this confidence in myself that I feel get- 


ting stronger and stronger. 
Charles Baudouin, Psychology And Practice of Auto Suggestion, Idegraph Publications, 1990. 


I’m ready for action, I look more assured, more vibrant, more con- 


vincing. I speak with conviction and tread firmly. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


I feel strong and calm no matter what happens. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I always feel calm and self assured. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


I can be whoever I want to be with total support. I can go fast or 


slow - it’s my choice. I am protected. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 





‘able of contents 


A Page 32 


Iam calm and confident. I possess the tranquil assurance that my 


life will be a success. 
Shad Helmsletter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam happy, self assured and strong. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


I am confident. 
Matthew McKay & Patrick Fanning, Self Esteem, New Harbinger Publications, 1990. 


ASTHMA 


Every day I feel more and more free and relaxed. I react normally 
to all situations. I fill my lungs fully when I breathe. And I can easily 
overcome any tension or anxiety I feel. Iam in perfect control of my 
body in all situations. 

My bronchial tubes and lungs are strong and relaxed. I breathe 
calmly and deeply in all situations. I always stay calm, and control 
my body’s reactions. I feel more and more confident and relaxed all 


the time. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Isend energy from my brain into my nostrils, which will remain 
open, sending air to my longs, for as long as I want. 


My lungs are relaxing, air is entering, the attack is subsiding. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


Iam completely relaxed, breathing deeply and freely. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I am convinced that my asthma problem is getting better every 
day. 
I free myself of the causes of my asthma attacks. 
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Iam convinced that I don’t have to have these attacks. 

I’m becoming a relaxed person. 

I feel stronger and healthier every day. 

I see myself as a healthy, normal person. 

I always breathe easily and normally. 

I don’t have to use an asthma attack to get other people’s atten- 
tion. 

I can now share my feelings with others more easily. 

Ihave strong willpower, and I can easily control my physical re- 


actions. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


My breathing is relaxed and effortless. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


My breathing is slow and regular; with each breath the muscles 
in my bronchial tubes and lungs relax more and more deeply; air 
enters my rib cage more and more freely, and my breathing becomes 
easier and easier. 

After each session I see myself gradually improving. I breathe 
much more easily, the wheezing in my chest is disappearing, I am 
becoming much calmer, much more relaxed, and much less nervous. 

As soon as I place my left hand on my chest, the muscles in my 
lungs and bronchial tubes relax; I feel them relaxing, I feel the air 
flowing more and more freely into my lungs, my breathing becomes 
easier and easier; with each breath my chest muscles relax more and 
more, and my breathing becomes calm, regular, calm, regular and 


easy. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


My breathing is completely normal, deep, regular and calm. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 
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e Solder Wick (desoldering braid): The above two tools will often not be able to completely remove all 
the solder. Many people use the sucker devices above to remove most of the solder, and then get the 
rest with solder wick, which absorbs solder through capillary action. It's a fine weave of copper wires 
that are coated in flux. Place it over a joint and then heat from the opposite side with a soldering iron. It 
may help to have a bit of solder already on the iron's tip to speed heat transfer. 
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Surface mount desoldering: Surface mount chips are especially hard to desolder because it's very difficult to 
completely remove all the solder pin by pin, and avoid overheating the board and lifting a pad. Professional 
shops use expensive hot air guns or special tips (shown below) to heat all the joints at once. 


desoldering a surface mount soic chip 
‘ a. 3:5 — 
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apply flux apply solder to tip contact chip lift off 
There are fortunately a few cheap ways to desolder surface mount chips. 


e §=ChipQuik provides an interesting solder that when melted over existing joints produces a new low- 
melting point alloy (under 200 °F) with a much longer solidification time. The longer solidification time 
enables you to melt all the joints at once and then flick off the chip. 

e There are many guides for making a DIY hot air gun with the RadioShack® desoldering iron and a fish 
tank air pump. Engadget has one of the better how-to guides, Here and here are some more plus the 
supposed original. 
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ASTHMA ATTACK 


It’s stopping, I’m already breathing easier. 
I can feel myself breathing more easily. One more breath and it'll 


be over. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


AUDACITY (Also see Courage) 


I will go where failures fear to tread. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I dare to do what I want. I act! I’m no longer afraid, and I will 


succeed. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I dare take the first step towards my rightful castle. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I can’t always be reasonable and please everybody if I want to 
feel good about myself; I have to take risks, risks which develop a 


feeling of direction in me. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


I Can, I Want, I Dare, I Act. 


Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I want to dare. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


To succeed I risk failure, and that is the proof of audacity. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 
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If there’s nothing to lose and a lot to gain, I'll go for it. 
W. Clement Stone, Passport To Success, Godefroy Publications, 1962. 


AUTOSUGGESTION (Also see Hypnosis) 


Iam going to follow the suggestions which I implant in my sub- 


conscious mind. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


AVAILABILITY 


Iam always available for people whom I consider important, and 


for things which I consider important. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


AWARENESS (See Self Awareness) 
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BAD CHARACTER 


Iam acquiring a pleasant and joyous character. 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


I believe that my bad temper can be controlled, and I am not go- 


ing to rationalize by thinking that I cannot help myself. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


BAD HABITS (See Habits - Negative) 


BACKACHE 


All the muscles in my back are relaxing. The tension in my dorsal 
region is dissolving completely. My whole back feels better and as 
this happens my confidence grows. My spine is relaxing. My back is 


getting stronger every day, and all tension is disappearing. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


BALANCE (Also see Peace, Strength, Wisdom, 
Health, Harmony) 
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In the past I used to suffer from fears that almost made me physi- 
cally sick, but Iam gaining strength as I become more and more bal- 


anced, and the strong and healthy person I know myself to be. 
Arthur Wassmer, The Art Of Making Friends And Being Happy, Belfond Publications, 1978. 


I eat and sleep well. 

I take care of my physical balance, since it plays such an impor- 
tant role in my ability to work well, and remain emotionally stable. 

I know that the best thing is to maintain a constant and balanced 
relationship with my body, instead of getting preoccupied with it from 


time to time. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am well structured and balanced. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I am a balanced person. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am perfectly balanced. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


A sign of the presence of God in me is my feeling of peace and 
balance. 

Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 

My body is balanced, in perfect harmony with the universe. I am 


always deeply relaxed and balanced. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


BALDNESS 


Now that I am no longer using my energy to work, I will channel 
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it to my scalp; the energy flows more normally, replenishing my hair 
as it did in the past so that it grows quickly. 
Like crabs who grow new legs I can regrow my haizr. 
I want my hair to look like... (add description). 
My hair is growing... growing. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


BEAUTY (Also see Health) 


Every day my beauty shows a little more clearly. Every day Imove 
closer to this promise of beauty. I feel better and better. 
Charles Baudouin, Psychology And Practice of Self Suggestion, Idegraph Publications, 1990. 


I give thanks for ever increasing health, beauty and vitality. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


My body is pure and beautiful. I love nature and count my bless- 


ings. I see beauty in others, and experience it in myself. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


BEHAVIOR 


The totality of my actions and behavior determines how others 


decide they should treat me. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


BEING 


I am a strong, affectionate and creative being. 
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I am a radiant expression of God. From now on my body and 


mind will express divine perfection. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


BELIEF 


Tallow myself to hold something sacred in life. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


BELONGING 


I move forward with confidence and chances are I will experi- 


ence a sense of belonging. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


BENEVOLENCE (Also see Sincerity) 


I look at myself with benevolence and I can thus fend off my soli- 


tude indefinitely. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam more and more benevolent towards myself and towards oth- 


ers. 
Sublipower, Subliconfidence, Edi Inter, 1989. 


I am always serene and benevolent. 
Alan Houel, How To Deal With Difficult People, Godefroy Publications, 1990. 


Everyone wants the best for me. 
Francoise and Michel Moine, Develop Your Psi Powers, Stock Editions, 1982. 
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[I treat everyone with kindness. I treat everyone as a precious 
and passing gift. ] 


Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


BEST 


I accept and deserve the best, which is flowing to me now that I 


have become an open channel. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


BIRTHING 


I prepare for giving birth every day, and make sure to practice the 
techniques I’m learning in my prenatal classes to make the birthing 
easier. 1am a woman who is in full control of myself and my reac- 


tions. 
Marcel Rouet, Mastering Your Subconscious, published by Dangles, 1982. 


I feel very good, and I look forward to the birth impatiently... all 
this is engraved in my subconscious... As soon as I look at my right 
hand, I experience a state of deep relaxing sleepiness... pain does not 
exist... All I have to do is look at the palm of my hand and all the pain 


disappears... I feel completely fine. 
Dr. Kurt Tepperwein, Secret Techniques of Hypnosis, Godefroy Publications, 1981. 


BLAME 


I don’t expect anything from anybody, and I have no one and 


nothing to blame. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 
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BLESSING 


May God bless all my undertakings. 


Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I accept the good that comes to me, here and now. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I love so that I see only what is good, give only what is good, and 


receive only what is good. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I count my blessings. 
Og Mandino, The Greatest Secret In The World, A Different World Press, 1979. 


I thank God for the gift of life. 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


From this moment on I am a complete expression of love and 


gratitude for God. | realize that there is so much good in my life. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


Iam ready to receive all the blessings of this abundant universe. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Iam grateful for the blessings I receive daily. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Iam thankful for everything that happens to me. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


BLISS 


I feel the happiness and bliss of being alive. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
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BLUSHING 


My blood is descending into my feet. My feet are getting hot. My 


feet are burning! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


BODY 


I have a body, but I am not my body. My body may be tired or 
rested, healthy or sick, but that has nothing to do with the real me. 
My body is a precious instrument which I use to experience and act 
on the outer world. But it is only an instrument. I treat it well, I try to 
keep it in good health, but it is not me. I have a body, but Iam not my 
body. 


Dr. Robert Assagioli, Psychosynthesis, Epi, 1965. 


BOREDOM 


Every day I try to overcome my boredom by working on achiev- 


ing worthwhile goals. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I overcome boredom because I concentrate on the details and 
nuances of each new situation. Because I’m always interested in learn- 


ing, I stay interested in my work. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


Boredom disappears for good when I observe the vastness of life. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


No matter what happens I will not allow boredom or obstacles 


on my path to deprive me of my peace of mind. 
Orison Swett Marden, The Joy Of Living, J.H. Jeheber Publications. 
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BOWLING 


My bowling style is getting better every day. My approach is 
supple and relaxed. I release the ball with more and more precision. I 
am able to control the ball and put the effect I want on it. I can hit 
strikes with ease. My score is getting better every time I play. Bowl- 


ing is easy for me. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


BRAGGING 


I learn to control myself when I am about to brag or try to take 


advantage of someone. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


BRAVERY (Also see Strength, Courage) 


I am in the process of becoming a brave person. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


BREAKING UP 


I chose to love you. That was then, but now I’ve changed my 


mind. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


BREASTS 


My breasts are developing... growing... at the same time they are 
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becoming firmer and firmer... my breasts are becoming beautiful. 

My breasts are becoming more beautiful every day... more and 
more beautiful... firmer and firmer... my breasts are becoming fantas- 
tic... I feel them swelling... pushing outward... growing... they grow 
larger every week. 

Isee myself with beautiful breasts... pushing against my sweater... 
attracting men’s looks. 

My chest will develop more and more... and I'll be proud of my 
breasts... which are becoming more and more beautiful... more and 


more attractive. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


BREATHING 


My breathing is full, regular and deep; I am developing the habit 
of correct breathing even when I don’t think about it, and I know that 
it is helping to keep my blood healthy. 


Charles Baudouin, Psychology And Practise of Autosuggestion, Idegraph Publications, 1990. 


My breathing is regular and calm. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


My breathing is completely calm and regular. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


Iam breathing a little more slowly. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


Every day I do deep breathing exercises... to maintain the elastic- 
ity of my lungs... increase their capacity... to purify my blood... and 


give my organism even mote vitality. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 
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BRIDGE 


I defend myself very well at bridge. 


Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


BUDGET 


I allow myself a budget for personal expenses. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


BUSINESS (Also see Money) 


All my money comes from God. He has sincerely given me enough 
to meet all the needs of my business, or if He hasn’t given it to me yet, 
it won’t be long in coming. If I need more, He will provide more. 
Therefore, I don’t even want to think about easy ways of making 
money by taking advantage of others. God gives abundantly, and 
I’m going to manage this business as if He were always here, close to 


me. 
Robert Collier, Riches At Your Doorstep, S.1.P., 1962 


I am becoming a better businessman / woman. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965 


My business affairs are the affairs of God - they are owned, oper- 


ated and expanded by divine guidance. 
R. Charles Barker, The Science Of Success, Dangles Publications, 1983. 
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BUYING 


I get the coat (house, car, etc.) that I want for a great price. Wear- 
ing it (or living in the house, or driving the car, etc.) gives me an 


enormous amount of pleasure. 
Raymond Hull , Wanting Is Power, Les Editions de l'Homme, 1969. 
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CALM (Also see Self Control) 


I feel calm and in control of myself under all circumstances. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


I use my resolute calm to combat the threatening attitudes of vain, 


excitable and impulsive people. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I cultivate calm. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I am becoming a calmer, more relaxed person. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I feel calm, rested and radiant. 
I am becoming calm and balanced. 
And as I become calm, I feel peaceful. 


Iam completely calm and reposed. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


I stay calm, no matter what happens! 
Alan Houel, How To Deal With Difficult People, Godefroy Publications, 1990. 


Iam calm and am comfortable being who I am. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


Tam calm... calm... calm... calm... calm... calm... 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 
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Iam calm, tranquil, imperturbable. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


I am calm, very calm. 
Francoise and Michel Moine, Develop Your Psi Powers, Stock Editions, 1982. 


I am calmer and calmer in all situations. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I am imperturbable, calm. I am relaxed and peaceful. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


I am completely calm. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


My breathing is calm. My heart is beating peacefully. I am as tran- 


quil as the depths of the sea. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


Iam cool, calm and collected. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


I control myself with the confidence of a master psychologist, and 

I stay cool under the most difficult circumstances. 
Franck Rudolph Young, Cyclomancia, SIP, 1966. 
Iam cool, calm and lucid no matter how important the person 


I’m speaking to is. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


CANCER 


I now imagine my tissues getting rid of this waste, becoming 
healthy again, clean and normal. My treatment is a success. I’m in 
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good health. I’m getting stronger and stronger. I feel better and bet- 
ter. I smile a lot. I see myself as a smiling, happy, active, healthy per- 
son. Everything’s fine. I am healed. 

Now I imagine my cancer being defeated. My cancerous cells re- 
treat, they are beaten, they disappear over the horizon, far, very far 
away, out of sight. My cancer disappears, melts into the distance, very 


far away, so far no one can ever find it. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


For me, the word ‘incurable’ simply means that the illness cannot 
be cured from the outside, but only from the inside ... Dissolving 
mental patterns dissolves disease. 

Anything can be healed. So, I am realistic, and plan for a miracle! 

The doctors are amazed at my total remission. 

My body is healing itself totally. 


Louis Proto, Self Healing, Piatkus Publications, 1990. 


CARDIAC TROUBLE 


My heart is beating calmly and regularly. 


Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


CARE 


The more I take care of myself, the more others take care of me. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


CAREER 


God leads me forward in a career filled with success. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 
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I know that I can earn a living in different ways, that I don’t have 
to stick to the same job or even the same career just because I already 
have a lot of time invested in what I’m doing. I give myself permis- 
sion to be whoever I want, and get into new areas which may have a 


bearing on my professional decisions. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


I find the ideal job that perfectly fulfils all my needs and desires. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I see every job change or career change as an opportunity to at- 
tain my objectives. I have a positive opinion of myself, and I feel good 
about myself. I am clear, calm, confident, and in control. 

I never feel committed to work or a career that isn’t totally ben- 


eficial. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


CHALLENGE 


I look at every day as a challenge; and I try to give it the best shot 
Ihave. I start the day by making myself receptive to the outside world, 
and setting objectives which I try to define very clearly. I then decide 
what I can do to attain those objectives, and get right to work. I de- 
velop the habit of exploiting the opportunities that arise every day in 


order to attain my goals. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Each victory strengthens me for the next challenge. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


At this moment, even as I express these truths about myself, I 
know that I can succeed and that I will succeed. If I think about the 
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challenges awaiting me, whatever they are, I know I can win. 
Just look what I can accomplish today! I am incredible... and to- 


day is the ideal day to prove it! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I am eager to face new challenges! 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


Challenges are stimulating. I meet each challenge with determi- 
nation and dynamism, and with the absolute certitude that I will get 


the best possible results. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


CHANGE (Also see Habit) 


It is easy for me to reprogram the computer of my mind. All of 


life is change, and my mind is ever new. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I have the courage and strength to make the changes that need to 


be made. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I have the power to change myself the way I want. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


I stop thinking that I have to change my situation before I can 
change myself. I change myself, and my situation changes naturally. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I start this day in a new and better way. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I will really begin a new life. 
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The world will start to become better as soon as I choose to make 
it better. I won't wait for others to improve the world. I won’t wait for 
my neighbor to improve him or herself. I’ll be the one to start. 

Ican change my own small world, and that’s what counts. I choose 
to believe that I can change it. 

If I use my power to choose it is amazing how well things work 


out for me, even beyond my wildest expectations. 
J. Martin Kohe, Your Greatest Power, A Different World Ltd., 1979. 


I can change if I make the necessary effort. 


I am going to be different. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I want to change this. 
I want to change. 


I want something different. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


CHARM (Also see Slimness, Health, Sincerity) 


Iam a radiant being, full of love and light. 
From now on my perfect partner will find me divinely irresist- 
ible. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I am a warm, sincere, caring and affectionate person. And I see 


these qualities in others as well. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Other people appreciate me because I try to make them feel good. 
I’m attractive in many ways. I attract other people, their interest, their 
enthusiasm, their friendship and their confidence. I bring the best 
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out in everyone, and that makes me attractive. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


My relations with men and women are more and more harmoni- 
ous. I’m becoming more charming every day. I am capable of loving 


and of being loved. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


CHILL 


I feel fine, I’m not cold, I’m not going to catch cold. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


CHOICE OF PROFESSION 


Before making a choice that will determine the course of my en- 
tire existence I will spend weeks - months if necessary - gathering as 
much information and data as I can find concerning my future pro- 
fession. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I completely abandon myself to You, my inner Guide. Lead me 
along the right path, and tell me what the right decision is. Enlighten 
me as to my vocation so that I can choose the profession that is best 


suited for me. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986 


CIRCULATION (Also see Anemia) 


My heart is beating normally and regularly; my circulation is regu- 
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Soldering — a never-ending story 


for more than 5,000 years already 


Man had scarcely learned how to 
use metals for his purposes when 
the desire to join them arose in 
him. Many of the pieces of jew- 
elry, tools and weapons we know 
from the Bronze Age owe their 
usefulness and beauty to the art of 
soldering. 





Today, it is difficult to say who first 
discovered how to "glue" metals. 
One thing is certain - the gold- 
smiths of ancient Egypt knew how 
to join gold and silver already more 
than 5,000 years ago. Their col- 
leagues in Troy were also master 
craftsmen long before the ancient 
Teutons could even dream of such 
handicraft. Soldering really "came 
of age" when tin was discovered 





as a joining metal. And that was, 
after all, already 4,000 years ago! 


From then on, soldering technology 
was on its way. It first spread around 
the Mediterranean. The Cretans 
showed it to the Etruscans who then 
taught it to the Romans, Tunisians, 
Spaniards, followed by many others, 
including the less developed cultures 
of the time - the Swiss, Bohemians, 
Hungarians, Teutons and Scandina- 
vians. From culture to culture, from 
generation to generation, the craft of 
soldering was continuously improved 
and refined. 


The ancient Romans already laid 
down and soldered 400 km of leaden 
water pipes, conjured up stoves and 
bathtubs from bronze sheets, not to 
mention the excellent craftsmanship 
of their armorers and goldsmiths. 
Apart from craftsmanship in solder- 
ing, our understanding of the sci- 
ence of soldering has grown and has 
been refined over the centuries. 


Today, soft soldering in the electron- 
ics industry has developed into a 
full-fledged production technol- 

ogy, encompassing the fields of 
mechanics, chemistry, physics 

and metallurgy. Ernst Sachs, the 
founder of Ersa (the company name 
consists of the initial letters of his 
first and last name) contributed to 
this development. In 1921 he devel- 
oped the first electrically operated 
soldering iron for the industry that 
was manufactured in series. Since 
that time, Ersa has committed itself 
to the further development and 
perfection of soldering technology 
with great passion and extending its 
full power of innovation. 


Today, Ersa stands for the most 
comprehensive product range in 
the soft soldering technology world- 
wide and for more than 90 years of 
industry experience and innovation, 
know-how and highest product 
quality. 


The Ersa soldering iron product 
range covers ultra-fine solder- 

ing tips, classical soldering irons 
powered from the standard power 
net and special soldering tools up to 
the 550 W hammer soldering iron. 
Ersa’s electronically temperature- 
controlled soldering stations repre- 
sent the industry standard, as does 
the extensive range of rework and 
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lar; | know how my heart and circulation are affected by emotions, 
thoughts and suggestions. Thus I can achieve perfect circulation; if 
an organ has a tendency to become congested and swollen, it will 
receive less blood and less nourishment from now on, so that it gradu- 
ally shrinks back to its normal size. If an organ tends to become ane- 
mic it will receive more blood. This, plus the fact that the blood it 
receives will be of a better quality due to my improved digestion, 
will make it grow stronger. 

Charles Baudouin, Psychology And Practice of Self Suggestion, Idegraph Publications, 1990. 

My blood circulates freely, my heart beats calmly and strongly. 


Sublipower, Sublihealth, Edi Inter, 1989. 


CIRCUMSTANCE 


I create my own future circumstances. I change myself today, and 


tomorrow’s circumstances will be as I wish them to be. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


CLARITY 


By cleaning and tidying up my physical environment, I clean and 


enlighten my whole life. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


CLIENTS 


The people I call need my products and services. 
I can’t lose what I don’t have. Any prospect I gain is one more 
than I have now. 
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I’m widening the base of my contacts. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


COLD (Common) 


It’s getting better now. It’s getting better. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


Iam getting rid of my tendency to catch colds. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I am breathing more and more easily now. My nose and sinuses 
are clearing up completely, and I feel myself breathing well. I feel 


wonderful. All my respiratory passages are opening. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


My sinuses are perfectly healthy. My head is completely clear, 


and my eyes are dry. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


COLIC (Biliary or Hepatic) 


Iam relaxing my biliary passages; the channels are dilating; the 


stone is moving down into my intestine. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


COMFORT (Feeling At Ease) 


I feel completely comfortable when I’m with other people. 
Shakti Gawain, Techniques of Creative Visualization, Editions Soleil, 1978. 
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I feel at ease, sure of myself, and others appreciate me. 
Claude Arpel, “I Have Confidence In Myself” - A Subliminal Method, Procauvi Publications, 1986 


Every day I appreciate other people more, and find them fasci- 


nating. I feel more and more comfortable in the presence of strangers. 
Paul-Clement Jagot, Education of the Word, Dangles Press, 1975. 


COMMITMENT 


I learn to say NO as if it means YES, Iam already committed. One 
of the best ways to relieve stress is to schedule my time so that I can, 


comfortably, keep my commitments. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I don’t commit myself halfway, but all the way in order to attain 


my objectives. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I honor my commitments. 
Sublipower, Sublisuccess, Edi Inter, 1989. 


Everything I do involves a price to pay. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


COMMUNICATION 
(Also see Confidence, Tension) 


It’s easier and easier for me to see other people’s points of view. 


Christian H. Godefroy, Human Relations and Communication: The Subliminal Method, Godefroy Publications, 
1987. 


Ihave the right to be open with other people. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 
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I communicate with ease and with joy. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I always communicate clearly and effectively. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


The first thing I do is show the respect I have for the other person. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I speak with ease, anywhere and to anyone. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I share my emotions. 
I enjoy speaking in public. 


Christian H. Godefroy, Human Relations and Communication: The Subliminal Method, Godefroy Publications, 1987. 


I always think about saying what I feel. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


Iam the best judge of my actions, thoughts and feelings, and lam 
the one who is responsible for their consequences. 

In order to develop, learn and evolve I communicate with others 
about my limitations. 

In my search for happiness, it is in my best interests to communi- 
cate with others about conditions that promote our mutual well be- 
ing. 

Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


Tam in charge of what I say and how I say it. Realizing that noth- 
ing is learned while I talk, much of my communication is listening, 
observing and qualifying. When I communicate I am prepared to 
deliver a message that offers value and leads to mutual understand- 


ing on the part of the receiver. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 
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There’s no mystery about communicating. I know how to listen, 


and I always listen with a clear and receptive mind. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


People feel at ease with me. People feel good in the presence of 


someone who radiates relaxation. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


COMPANY 


My company is there to serve me, and not vice versa. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


COMPASSION 


I will not forget that my compassion can make me free. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I can’t offer compassion to others unless I am compassionate with 


myself. I am not unfair with myself. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I know that others are equally worthy, equally imperfect. I have 
compassion for them because they are engaged in the same struggle 
for survival that I am. Since I know that everyone is doing his or her 


best, it’s easy for me to feel sympathy and compassion for other people. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


COMPETENCE (Also see Money, Skill) 


I have confidence in my competence. 
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I am competent. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


I’m always learning something new. I’m happy with the skills I 
already possess, and try to become even more competent in all my 


activities. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam becoming the best in my field, and money flows to me as if 
by magic. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I’m competent, hard-working, and really good at what I do. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I am open to learn new things every day, and that gives me the 


optimism, energy and inspiration to create a future full of success. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


I am strong and competent. 
Emrika Padus, Encyclopedia of Emotions And Health, Edi Inter, 1991. 


I want to develop my skills to their highest level, and acquire 


superior competence and ability in my fields of expertise. 
Paul Clement Jagot, Power Of The Will, Dangles Press, 1950. 


My confidence is growing, and as my confidence grows so does 


my competence. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


COMPETITION 


I have confidence in myself and in my subconscious mind. I can 
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develop all the skills necessary for me to get ahead of the competi- 


tion. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


I never compare myself to others in order to compete with them, 
because I can never become someone else, and therefore I cannot at- 
tain exactly what someone else attains. But what I can do that no one 
else can do is to be myself, fulfill my life’s tasks, and reach the very 


summit of my own field of endeavour. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


COMPLEX 


I embrace life openly... with no complexes... so that I can partake 


of the quintessential joy and pleasure of really being alive. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


COMPLEX - INFERIORITY 


I have no complexes at all towards people I judge superior to 
myself. 


Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


Iam no longer preoccupied with what other people think about 
me, since I know that all they’re doing is wondering what I think 
about them. 

Iam totally indifferent to the opinions of others. 

I thank my enemies for using their sharp eyes and tongues to 
point out the weaknesses in my life, and myself. 

I thank everyone who has deceived me for making me more vigi- 
lant, and for having prevented me from becoming dishonest myself. 
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I know they probably all enjoyed doing this for me, but that is small 


payment for the service they provided. 
Clement Auger, Transform Your Life Through Autosuggestion, Heritage Publications, 1979. 


I know that in certain respects Iam superior to many people I am 


acquainted with. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


The best way not to feel inferior of others is to do something about 
my inferiority complex. Confidence follows accomplishment. Feel- 
ing sorry for myself will never cure me of my shyness. Working hard, 
making myself useful, doing something for someone else will give 
me the kind of inner satisfaction that brings with it a feeling of self 
confidence. 

I must not use my sense of inferiority as an alibi for being too lazy 


to improve myself. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


When I am with another person I never consider myself inferior 
to that person, not even in my thoughts. I always see myself as an 
equal. Because my personality is unique, just like his or hers, and I 
am the only one who can do what I must do. 

I don’t think about another person’s professional or financial 
standing, but only about the person in whom, like myself, there lives 
an inner Guide whose role it is to harmonize personal good with the 
general good, so that I have no reason to fear, but rather sufficient 
reason to love and see in the other person an accomplice to my evolu- 


tion. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


COMPLEX - SEXUAL 
I let Nature do its work; I let myself get carried away in (sensual) 
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improvisations which arise spontaneously in my partner or myself, 
because I know that everything is normal and good about the ways 


men and women use to express their love for one another. 
Clement Auger, Transform Your Life Through Autosuggestion, Heritage Publications, 1979. 


I am free to express my sexuality as I choose. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


COMPLIMENTS 


I always say “Thank you” when I am paid any compliment, by 
any one, for any reason. Neither do I try to play down or play up 
value that is bestowed. The ability to accept is the universal mark of 


an individual with solid self esteem. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


COMPOSURE 


I cultivate composure... and stay calm under all circumstances. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I want to acquire constant composure, imperturbable self assur- 


ance and confidence that is worthy of who I am. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


COMPREHENSION 


I make sure I understand the person I’m talking to correctly by 
reformulating his or her point of view, and asking if I’ve summed it 


up well. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 
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CONCENTRATION (Also see Delegating) 


I am learning to concentrate. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I concentrate all my energies on the challenge at hand, and my 


actions help me forget about everything else. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I’m in control of my thoughts and my imagination. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I believe I can concentrate. I am going to make concentrating a 
habit. Iam going to reduce distractions to a minimum whenever I am 
reading or studying. Iam going to visualize myself as a person hav- 
ing a good mind, the capacity to listen well, to become interested in 


everything, to concentrate better and achieve success in life. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I develop and improve my powers of concentration. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I master my powers of concentration perfectly. I can direct my 
attention and control my thoughts. My mental faculties are getting 
sharper every day, and I’m always looking for opportunities to make 
them even better, and to develop and improve my concentration. | 
practice concentrating my attention and my thoughts, so that I am 


the master of my own mind. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I concentrate on what I desire and prevent myself from thinking 


about what I don’t want. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 
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inspection systems, wave-, reflow- 
and selective soldering systems. 
The line of Ersa screen printers 
complements the product range. 


Ersa’s quality soldering tools are 
used in the hobby area, such as, for 
example, in model-making or tiffany 


A soldering iron 
heated up in burning fire: 
Soldering technology 
around 1536 


soldering, in the craft sector, in labo- 


ratories and in industrial electronics 
manufacturing. 


New challenges for the soldering 
technology were raised by the ban 
on certain hazardous substances 
(RoHS) in 2006. Since 1 July 2006 
electric and electronic equipment 
may not contain any lead, mercury, 
hexavalent chromium, PBB (Po- 
lybrominated biphenyls) or PBDE 
(Polybrominated diphenyl ethers). 


In many cases this restriction 
entailed having to depart from the 
use of the well-known soft solders 
based on tin and lead. 


By publication of this small primer, 
Ersa would like to facilitate your 
entry into the "World of Soldering", 
and raise your enthusiasm for a 
modern technology with a long 
history. 
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I can control my thoughts. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I can concentrate. 

I can concentrate better and better. 

Ihave a powerful ability to concentrate. 

Nothing can distract me when I concentrate. 

I do concentration exercises every day, I do them with pleasure, 


and they don’t tire me out at all. 
Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 


I know I’m moving in the right direction; I look ahead, never back- 
wards. Since I am able to concentrate on one thing at a time, I concen- 


trate on the work at hand and finish it! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam calm. I feel good. I feel very good. Nothing can disturb my 


mind. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


My powers of concentration are improving day by day. I can there- 


fore accomplish all my tasks more rapidly and effectively. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


The power of concentration has no limits, and I use it every time 


I speak or act. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


My mind does not wander. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


My mind can focus effectively on one thing at a time. The best 
use of my time and energy is to concentrate on the details of the task 


at hand and take things one step at a time. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 
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Not now, I’m concentrating on something. 
Professor Kurt Tepperwein, How To Learn The Painless Way, Godefroy Publications, 1983. 


CONFIDENCE 


The answer is Yes! 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I trust in the process of life. I am safe. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I have confidence in — (name the person). 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


([I have a right to be here. Iam a person too. I am okay.) 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


There are no weaknesses in my outlook... I always see the future 


serenely... with tranquil certitude and confidence. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


I leave yesterday behind and search for goals that will liberate 


my creative abilities. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I will not let this insignificant impression (or event) affect me. 
Paul Clement Jagot, Power Of The Will, Dangles Press, 1950. 


I can do everything I want. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


I can handle it. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 
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I am capable. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I relax and trust the environment to support me. I place my trust 
in the Universe which helps me whenever I follow the dictates of my 


heart. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


People like me. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


The Real Me is completely confident, in any situation. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


No person and no thing has power over me. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I do nothing I cannot talk about, and I’m ready to talk about ev- 
erything I do. 


Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


If I confide in others, others will confide in me. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


CONFIDENCE IN THE FUTURE 


My future is bright, healthy, loving, prosperous and SAFE. Being 
healthy, happy, loved and with no problems feels totally SAFE. My 
life gets better and better with every day that passes. With every day 
that passes I feel stronger and more alive. I look forward to the future 


with confidence and trust. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 
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CONFIDENCE - SELF (See Self Confidence) 


I think about my conflict situations. I try to find solutions. But I 
also now live joyously, as if my problems were already resolved. I 


live with this confidence, which never leaves me. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


If I’m in conflict with someone, I imagine that I am both myself 


and that other person. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


If I have to deal with a delicate or a conflict situation I make sure 
to create a positive atmosphere of respect for the persons opposing 


me at the moment. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


From this moment on all the difficulties between —— (name) and 


myself are erased and our relationship is marvelous. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


CONFORMING 


Iam infinitely more important than all these rules and social norms 
which are imposed on us for appearance’s sake... talking in a certain 


way, never leaving the beaten path... that kind of repressive nonsense. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l’'Homme, 1979. 


CONGRATULATIONS 


Tonight when I go to bed I will review my accomplishments of 
the day and reinforce my self image. I will think about them calmly 


and with pleasure; chances are I will have a very good sleep. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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I did my job perfectly today. I’m becoming more efficient every 
day. 


Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


I’m pleased with myself. My work was impeccable. 
Raymond Hull, Wanting Is Power, Les Editions de l'‘Homme, 1969. 


CONSENSUS 


I always look out for an agreement or some kind of consensus, 


even if certain things cannot be formulated officially. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


CONSIDERATION (Also see Respect) 


I show others my consideration by making myself really avail- 
able when I’m with someone, and through concrete actions that can 


help, rather than just empty words and wasted time. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I give myself the consideration and respect I deserve. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I treat myself as well as I would like others to treat me. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


People see me as a good worthwhile person. Those who fail to 
see my worth have something on their screen that keeps them from 
seeing what a good person Iam. When people really see me, they see 


me as a good person. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 
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CONSTIPATION 


From this moment on I will feel the need to go to the bathroom 
every morning after breakfast... every morning without fail I will feel 
the need to empty my bowels... 

I will feel the need to go to the toilet... at night before going to 
bed, I will go to the toilet... where all my tensions will be released... 
my stool is normal... evacuation is easy... all my tension disappears... 
my digestion is perfect... I’m so happy not to have digestion prob- 


lems any more. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


Using my own nervous energy I can provoke a bowel movement... 
I am trying. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


Every morning when I get up, or more precisely twenty minutes 
after breakfast, I have a bowel movement without having to take any 


medication, or depend on any artificial substances whatsoever. 
Emile Coue, Complete Works, Astra Publications, 1976. 


CONSTRAINT 


Iam now ready to give up control. I no longer hurt myself. I am 


strong, wonderful and free. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


CONTACT 


Every person is a link in the golden chain of my own, as well as 


the universal well being. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 
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I can choose the people I want to associate with. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


I touch others more often. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


CONTRACT 


I make sure the contract is mutually profitable, i.e. that the sum 
of the gains for both parties present is as large as possible. 

Talso make sure the contract is equitable, i.e. that the sacrifices or 
losses (and not the gains) are equally spread among the parties present. 

I then establish a contract with the other parties which precisely 
defines “who does what, how, and with what means.” 


And I always include a clause that allows for renegotiation. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


CONVERSATION 


Wherever I’m involved in important or delicate discussions I take 
careful notes and eventually I offer a summary of the conversation to 


the other party and ask if he or she agrees with my interpretation. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


CONVICTION 


I speak with conviction to everyone, and this influences them. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 
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COOPERATION (Also see Help) 


It is easier and easier for me to receive and give aid and coopera- 
tion. 
Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


I commit myself to cooperate with others on constructive projects. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I meet my ideal business partner. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


COUGH 


I don’t cough anymore. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


COURAGE (Also see Dynamism, Resistance, 
Energy, Enthusiasm, Strength, Bravery) 


Today is a magnificent day for courage. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


Everything important in life deserves fighting for. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


Ihave the courage to aim higher. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I summon my courage. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 
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I feel courageous, full of energy and enthusiasm. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


I feel happy, joyous and courageous. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


I try to enjoy everything I do. I feel courageous, energetic and 
enthusiastic; the things I have to do seem easy. Work distracts me, 


interests me and attracts me. 
Professor Robert Tocquet, The powers Of The Will, Godefroy Publications, 1989. 


I take hold of my courage with both hands; it’s so easy to aban- 
don everything, and so hard to keep your head held high. 


Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I am brave, I am strong, I am courageous. 
George Barbarin, How To Overcome Fears And Anxiety, Dangles Press, 1974. 


When I work I am supple, relaxed and happy. 


R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


Work distracts me, interests me and attracts me. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


The things I have to do seem easy. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


COURTESY 


I am honest and sincere with everyone. I treat everyone I meet 


with courtesy and respect. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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COWARDICE (See Lying, Laziness) 


CREATION (Also see Money) 


From now on [have the firm intention of creating — (specify what) 


here and now! 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


CREATIVITY (Also see Sensitivity, Love) 


In my own unique way, I am a genius. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


My aim is to understand an idea with maximum clarity. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I recognize and approach problems creatively. I view all prob- 
lems as “situations needing improvement” or as “temporary incon- 
veniences” and “opportunities to grow.” 

I take time to ride my bike, build sand castles, fly a kite, smell a 
rose, walk in the woods or walk barefoot in the sand. I explore the 
wonderful creative world of children (and I’m going to do just that 
this weekend). 

I know that ideas are expendable, and there’s always a new and 
better one. I challenge myself to make them work and get them into 


practical use. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I am becoming more and more creative every day. I realize that 
the only limits on my creativity are the ones I imposed on myself in 
the past. I now choose not to limit my creativity any longer. 
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Solder joints hold the world together 


Connecting pacemakers and solar parks 


To imagine today’s world without 
soft soldering is not possible. It is 
the means to fabricate safely 
functioning, electrically conducting 
connections. Regardless of whether 
we talk about power technology, 
drive technology, telecommunica- 
tions, automation or electronic 
controls — in all those fields sol- 
dered connections have a decisive 
share that everything functions in a 
way as has been foreseen and 
planned by the developers and 





visionaries of the products. Today, 
soft soldering is such a common 
place occurrence, that no one 
wastes any further thought on it. We 
take the daily use of our computers, 
mobile phones and play stations for 
granted, the modern comforts 
provided for by electronics found in 
modern automobiles is expected as 
a matter of course, and we fly - 
privately or on business — to the 
farthest spots in the world. 


Consequential damage because of 
the failure of a solder joint in an 
iPod is relatively limited. It is a 
different matter altogether, though, 
if the electronics in an airplane full 
of vacationers, in a space shuttle, 
or in an implanted pacemaker fails. 





Such failures are immanently 
life-threatening. But not to worry - 
the highest quality demands apply 
for those applications, and rightfully 
so! 


Aside from soldering in consumer 
electronic products, there are 
numerous other applications such 
as, to name but a few, alternative 
power generation with wind turbines 
or solar parks, R&D departments 
and in work performed by crafts- 
men such as electricians and 
plumbers. Let us not forget the 
many part-time and hobby users for 
whom there are no limits curtailing 
their phantasies and artistic free- 
dom when handling a soldering iron 
and solder. 


| 
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I’m not afraid of exploring new ground or looking for the best 
solutions to problems concerning every aspect of my life. 

The more I make use of my creativity, the more creative I become. 
The more creative I am the more successful I am in my undertakings. 

I use my creativity to explore the source (of universal energy) 
from which all ideas spring forth. I ask myself a question, and the 
answer appears in my mind. I define the problem, and my creative 


mind indicates a solution. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I never experience “writer’s block” when I write a letter or memo. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I step beyond the limits of conventional ideas. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I will always be a part of the living spirit. The creative power of 


God is in me and acts through me. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


Iam more and more creative and inspired in all areas of my life. I 
find plenty of ideas and solutions to my problems because I am able 
to draw from the inexhaustible wealth of my subconscious mind. 


I am more and more creative. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I feel more and more inspired every day. I feel more creative in 


dealing with life situations, full of new and original ideas. 
Charles Baudouin, Psychology And Practice of Self Suggestion, Idegraph Publications, 1990. 


From this moment on I am an open channel for creative energy. 
Iam the architect of my life. 
From now on I will create my life exactly as I want. 


Iam an inexhaustible source of creative energy. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
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Iam the creative power in my world. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I am wise. I am intelligent and creative. I accept that a positive 


mental attitude is an important part of creating my reality. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


My subconscious provides me with answers for everything. I can 
always look to my subconscious for solutions to problems that arise. 


Now I feel creative, I feel inspired to get the best out of life, always. 
Charles Baudouin, Psychology And Practice of Self Suggestion, Idegraph Publications, 1990. 


If I try to get both hot and cold water out of the same tap at the 
same time, I only end up with water that is lukewarm. If I try to criti- 
cize and create at the same time, I can neither criticize objectively, nor 
create ideas with enthusiasm. I am therefore going to concentrate on 


creating new ideas, and leave the criticizing for later. 


Virginia Godefroy and Thierry de Foichaings, How I Got Rid Of My Money Problems Once And For All, 
Godefroy Publications, 1985. 


If the problem appears to be a new one requiring new solutions, I 


rely on the creative approach. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I do what is necessary to make each day a creative day. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


CREDIT 


I am going to get my loan. 


My bank manager will approve the loan. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 
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CRISIS 


It is entirely possible not to suffer the burdens of one crisis after 
another. 


My Real Me can understand and resolve each crisis. 
Vernon Howard, Psycho-Pictography, S.L.P., 1965. 


I never fail to take five minutes alone to get hold of myself (dur- 


ing a time of crisis). 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


CRITICISM 


I want to judiciously examine all the ideas that come to me spon- 
taneously, that I read about or hear about, before accepting them as 


valid. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


I do my best. Then I open my old umbrella and walk tranquilly 
through the storm of criticism, which no longer gets under my skin. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I laugh at critics... at bad reviews... which cannot disturb my se- 


renity... nor destroy my confidence. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


I never forget that unjust criticism is often a compliment in dis- 
guise. I tell myself that criticism is often just a form of jealousy. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I never talk badly about anybody. I avoid criticizing, and even 
teasing people. I am only hard on myself. I try to notice other people’s 
qualities in order to imitate them, and the bright side of situations in 


order to enjoy life. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 
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I keep a scrupulous account of all my blunders and write my own 
criticism of each one. Since no one can hope to be perfect, I try to do 
what a little soap salesman once told me: “I seek out frank, useful 
and constructive criticism.” 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


Outside criticism doesn’t bother me as long as I stay calm and 
don’t react negatively. I have criticized others, it’s human nature, but 
I want to get rid of the habit. In future I won’t judge anyone on ap- 
pearances. I'll let my inner Guide be the judge, which means I can 
accept everything and everyone with benevolence instead of criti- 
cism. And this will immunize me against hostile remarks. I'll take 
them with a smile, learn what I can and then continue on my way 
without being affected. My success is the best proof that the path | 


have chosen is the right one. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I thank my critics for spurring me on to ever greater achievements 
by offering criticism, which I may have misconstrued as a desire for 


vengeance, in the past. 
Clement Auger, Transform Your Life Through Autosuggestion, Heritage Publications, 1979. 


If I had to read all the criticism that is directed at me, never mind 
answer it all, I’d be better off closing down shop. I do my best with 
the capabilities I have, and try to see things through to the end. If it 
turns out that I’m right, then what was said against me is of no im- 
portance. And if I’m wrong, well ten angels could swear I’m right 


and it wouldn’t make any difference. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


CURIOSITY 


I experience the world with excitement and curiosity so that ev- 


ery day is a great day for me. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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DANGER 


In case of danger I don’t panic... 1 summon all my energy. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


There is a force in me that always makes me stronger than what- 
ever is threatening me. I dominate the situation and come out a win- 


ner. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


DEAFNESS 


I hear the truth. I know and love the truth. My ears are in tune 
with God’s perfect plan. That is why my hearing is good. Divine har- 


mony is revealed to me through the perfection of its instruments. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


DEBT (Also see Money, Projects) 


I obtain the sum of money I need to finance my project and repay 
my debts. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


My business is not encumbered with debts, and my cash flow is 
good. 


Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 
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DECISIONS 


I forget about past mistakes; I stop torturing myself about them. 
Today is a day that will never return; I have to do everything I can to 
seize good opportunities when they occur. 

I will not run around in circles any longer; I will set a direction for 


myself that will help me attain objectives which are really worthwhile. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I will always choose the correct course of action and accomplish 
it, because my Guide influences my thinking, inspires my words and 
directs my actions. With my Guide’s help I can solve any problem 
and make positive decisions. I know what I want. I will succeed. Iam 


succeeding! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I create a hierarchy of my priorities in order to develop clear cri- 


teria upon which to base my decisions. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I will not allow anyone to influence my decisions... to make me 


do what I don’t want to do. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I will never make a hasty decision. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


I make judicious decisions. 
When I learn to think with an open mind, the decisions I have to 


make on a daily basis become easy and profitable. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I make my decisions at the most opportune time. 
I transform my decisions into actions that result in both profit 
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and satisfaction. 


I never go around in circles. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I will be able to define what would please me the most, and thus 
make decisions. I will feel that my decisions are the right ones. At the 
same time I will try to improve my life, by continuing with my stud- 


ies, for example. 
Charles de Liguori, Hypnotism, de Vecchi Publications, 1975. 


I am certain that I’ve based my decisions on a solid foundation, 
one that would benefit both myself and those close to me. 


I have no trouble making decisions. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


My subconscious mind guides me towards making the right de- 


cisions in all my undertakings. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


When I have an important decision to make I not only try to opti- 
mize the quality / price ratio, but also the quality / time-spent ratio. 

I try to involve the people close to me in the decisions I make, and 
try to explain my way of thinking to them. 

If I can’t decide between two options, I look for new ways to ap- 
proach the problem. 

Before committing myself to a course of action I evaluate the im- 
pact my decision will have on the people concerned (and on my even- 
tual public). 


Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I approve of myself and my decisions are always perfect for me. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 
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DEFEAT 


I never talk about defeat. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


DEFEATISM 


There is only goodness, and the manifestations of goodness. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I never accept “no” as a satisfactory answer. I say “yes” to vic- 


tory, Isay “yes” to life! 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I never, never accept defeat. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


DEFENCE 


I have the courage and strength to defend myself. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


DEFIANCE 


I become more self confident, and this confidence gives me the 
certitude that I am capable not only of doing well, but of doing very 
well, of accomplishing anything I desire, within reason of course, and 
also of fulfilling my duty. 


Emile Coue, Complete Works, Astra Publications, 1976. 
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I am regaining confidence in myself. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


DELEGATING 


I concentrate on what is essential, on where my efforts are profit- 
able, and delegate the rest. 


I only do one thing at a time, with variations in what I do. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am learning to organize, to delegate a portion of my powers, to 
direct and to survey. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I delegate as much as possible. 


I know how to make other people work. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I delegate a portion of my reading to subordinates and then tell 


them to sum up the text orally, or ina memo. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


DEPENDENCE 


Iam convinced that my whole life depends on my relation with 
the Creator... | don’t rely on people, or on the conditions around me... 


I rely on the Infinite... on the Eternal. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 
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DEPRESSION 
(Also see Conditioning, Confidence, 
Happiness, Health, Abundance, Optimism) 


Day by day I feel better and better... I feel more and more happy... 
more and more joyful... I feel completely comfortable with my life. 

My self confidence is growing day by day... I feel more and more 
happy... more and more joyful... I feel absolutely wonderful. 

My mind is clear, free of all dark thoughts. I feel joyful and happy. 


Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


I try to consider depression as a passing feeling. I don’t consider 
it a permanent part of myself. 


I banish my depression. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I start and end each day with a smile. All day long I make a con- 
scious effort to smile and to feel good about myself. 

I only allow myself to get carried away by thoughts that can help 
me attain my most important goals. My thoughts are always clear, 


constructive and powerful. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I believe that life with all its complications and hardships is worth 
living. 1am going to stop brooding because I’m depressed. I am go- 
ing to remind myself that depressed spells quite often vanish - that 
they are transient and that everyone at times experiences the ‘blues’ 
or low moods. 

If my depression is chronic or too deep-seated, I will contact my 
physician, have him check me physically, and will let him decide 


whether I should consult some specialist. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 
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The art of soldering 





( What’s behind it? 


In a soldering process two metal 
parts are joined by means of a molten 
metallic bonding agent (solder), 
whereby the melting point of the 
bonding agent is always lower than 
that of the metal parts to be joined. 

If the melting point is below 450 °C, 
then it is a soft soldering process, if it 
is above, it is called hard soldering or 
brazing. Welding, on the other hand, 
is the process where two metals will 
be heated up to their melting point, at 
which time they will, together with a 
filler material, form a pool of molten 


mm [iu 


The prepared parts and the solder are 
heated 


To achieve the highest mechanical 
stability, i.e. to assure the durability 
of the solder joint, the diffusion 
zone may neither be too thick 

nor too thin. Its ideal thickness is 
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Conductor 


Reaction of the flux during manual soldering on a PCB using flux cored solder wire 


Soldering tip 


material causing coalescence. In soft 
soldering, the seams between the 
metals to be joined will be filled with 

a tin alloy. It is important that the alloy 
does not simply stick to the foreign 
metals’ surface after cooling but unites 
with the metal. For this purpose, a 











Cross section of a solder joint 


The liquid solder flows into the gap 
and fills it 


0.5 ym. The formation of the diffu- 
sion zone depends on the tempera- 
ture, the solder time and the alloy 
used. If the diffusion zone is too 
thick, the solder joint will be brittle 


Base material 


small quantity of the foreign metals 
must dissolve and unite with the tin 
alloy forming a mix of crystals - the 
so called diffusion zone. That is the 
task of the tin, whereas the alloy's 
other components are responsible for 
the solder liquefaction and the joint's 
mechanical stability. A solder joint 
consists of the following layers: 

® Base metal 

@ Diffusion zone 

® Solidified solder 

@ Diffusion zone 

® Base metal 


Cres 


The solidified solder joins the parts 
together 


and porous, whereas the formation 
of a zone which is too thin indicates 
that an insufficient connection or no 
mechanical connection at all has 
been formed. 
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I am becoming a stronger person. 
I am free of the negative conditioning of the past. 
I like myself. 


Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I allow my hidden feelings to surface. I study them and sort 
through them. I keep those I like and reject the others. It’s normal to 
feel depressed from time to time. But then I free myself of these feel- 
ings of melancholy. I don’t allow myself to become a prisoner. I am 
free because I am able to reject feelings that make me sad or depressed. 

I feel strong, healthy and full of energy. Everything is working 
out in my life. lam liked by other people. I like what I do. My life is 
happy and serene. I know what peace is. I feel good about myself. I 
have confidence in the future. 


I don’t know what real depression is. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


Although I feel depressed for the moment, I know it won’t last. 
And soon, when I’ve practiced more, these kinds of feelings won’t 


affect me at all. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1982. 


I will not allow myself to miss out on any more of the good things 
in life. I have no intention of falling back into a stupid feeling of de- 


pression which I know only too well. 
Vernon Howard, Psycho-Pictography, S.L.P., 1965. 


I am abundance. 

Iam becoming a stronger and stronger person. I have confidence 
in life and I’m recovering my sense of joy. May this feeling of joy stay 
with me. I feel more and more happy. The current of life flows through 
me, bringing me an abundance of love and happiness. 

I congratulate myself for handling the affair so well. And in fu- 
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ture I will always handle myself just as well. I’m in great shape, and 
I’m completely positive. I’m in a very good mood. I congratulate 
myself. 

Every day, and in all aspects, Iam becoming stronger, more con- 
fident, happier and healthier. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I am relaxed, calm and happy. Everything is fine. I feel good. I 
await the future with confidence. Everything is fine, everything is 
calm. 

Even if the weather is bad at the moment I know it won’t last, and 


besides the weather isn’t important. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


Iam happy, confident and strong. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


I want my perceptions of things to be just as positive, and my 
feelings just as pleasant as they are negative and demoralizing when 


I’m depressed. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


Everything is going well, really well. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


DERMATOSIS 


My blood is pure. My skin is beautiful. 


Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


DESIRE 
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I have desires, but Iam not my desires. My desires are transitory 
and sometimes contradictory. Attraction alternates with repulsion. 


There are desires in me, but they are not me. 
Dr. Robert Assagioli, Psychosynthesis, Epi, 1965. 


I now have enough time, energy, wisdom and money to realize 


all my desires. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I know that by applying the principles of autosuggestion, any 
desire that I choose to go after will soon materialize, first through 


external signs, and then as the attainment of the goal itself. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 


The power of Infinite Understanding is at work in my conscious- 


ness and will realize all the desires in my heart. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


Now I very much want what I desire. Now I have the strength, 


energy and courage to be myself. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


If I really desire something I can obtain it. 
Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


DESIRE - SEXUAL (See Sexual Desire) 


DESTINY 


Thus, day by day I write my own destiny; for inexorably I be- 


come what I do. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 
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I have the power to create the life I wish for. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


I can create my life with my thoughts. 
Iam responsible for everything that happens to me. 
Change my thoughts, and I change my life. 


Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I can orient my thoughts accordingly and, this done, and by us- 
ing the greatest power I have - the power of choice - Iam indirectly in 


a position to control circumstances. 
J. Martin Kohe, Your Greatest Power, A Different World Ltd., 1979. 


Iam the Master of my Destiny, I am the Captain of my Soul. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I am the master of circumstances. 
Sublipower, Subliconfidence, Edi Inter, 1989. 


Only I can decide what my destiny will be. I must do what I want 


to do, despite the obstacles. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Above all I want, I want with all my strength, all the power lying 


dormant within me. I want to build a beautiful destiny. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


DETERMINATION (Also see Energy) 


It is only by being relentless that I will succeed. I will therefore 


not be stingy with my efforts... 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 
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I keep my head high. I look like the winner I am, and I act and 
think like a winner. Every time a problem starts wearing me down, | 
act immediately. I straighten up and attack my problems, and I solve 
them. Frustration and failure only make me stronger, more positive, 
better organized and more determined than ever! 

I can imagine myself attaining my goals. I’m becoming more posi- 


tive every day, and I’m more committed than ever! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I will never fail if my determination to succeed is strong enough. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I never let myself stray from the path I have chosen, nor allow 


anything or anyone to influence me in any way. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


Ican do what I please if I have enough determination and energy. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Ihave great determination. I know that nothing can stop me ex- 


cept myself. That’s why I never stop moving forward. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I know that determination is the ultimate ingredient of all suc- 
cess, and I have a lot of it. 

I am resolute, able to make decisions, constant, persevering and 
committed. 

Each day I see how determined I am to attain all the goals I have 
established for myself, concerning both work and my personal life. 

And because I accept and respect myself, I know that I really do 
deserve to be a winner in life. And that gives me the determination | 
need to be a winner, every day, in the most positive and beneficial 


sense of the word. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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I want to do the right thing at the right time, despite any obstacles 


or warnings which may try to prevent me. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


If I work assiduously enough and for long enough to attain what 


I believe in, I will make the dream a reality. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I don’t act with precipitation, but with determination. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I want to decide my own course of action and adhere inflexibly to 


the resolutions and decision I have made after proper deliberation. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


DIALOG 


I always let other people express themselves freely and completely. 


I am attentive and reassuring when other people talk to me. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


DIET (Also see Hygiene, Negative Habits) 


At each meal J eat half as much as usual. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


From now on I will no longer eat between meals. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


[like to eat the foods that are part of my diet. They are quite enough 


for me. 
Raymond Hull, Wanting Is Power, Les Editions de l’‘Homme, 1969. 
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Now I no longer want to eat what I crave at any given moment. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


My diet is doing me a world of good. I’m losing a pound and a 


half every week. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


DIFFERENCE 


Please forgive me. I don’t ask you to approve of what I did, or 
agree with me, but I do ask you to forgive me. I want to put our dif- 


ferences in the past, wipe the slate clean, and start fresh. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


DIFFICULT TASKS 


This job looks so big that I’m avoiding doing anything. I’m going 
to break it down into smaller, manageable tasks and then get started 


on the first step. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


This task was destined for me. I can do it. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


DIFFICULTY (Also see Worry) 


This is a tough situation. I’ll have to dig deeper. Now is the time 
to really use my professional skills. | welcome the chance to test my- 
self. 


Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 
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Each difficulty is a challenge which I accept. 


Christian H. Godefroy, Positive Thinking: The Subliminal Method, Godefroy Publications, 1987. 


I succeed in dominating all difficulties that arise. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1982. 


The Spirit in me knows, the Spirit in me can. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


When a difficulty arises I don’t ask, “Who’s to blame?” Instead I 


ask, “What's to be done?” 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


Whatever happens I will react as calmly and intelligently as pos- 
sible. 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


DIGESTION (Also see Appetite, Stool) 


I have a good appetite, I eat calmly, and I digest my food per- 
fectly normally. 
Professor Kurt Tepperwein, The Powers Of The Will, Godefroy Publications, 1989. 


I feel no more pain, I have no weakness, my digestion is good, 


my circulation is very regular, all my bodily functions are normal. 
Henry Durville, Course In Hypnosis and Suggestion, Durville Publications, 1938. 


I transform the sunlight warming my skin into energy which I 


send to my lazy stomach to help it digest properly. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


My digestion and metabolism are functioning well. Every day at 
mealtime I tell myself that I am feeling very hungry; I eat with plea- 
sure, but also with moderation; I get into the habit of chewing my 
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food well so that digesting is easier. I also know how sensitive my 
stomach and intestines are to emotions and to cerebral activity, and 
therefore to suggestion. Thus I can make my stomach and intestines 
function normally through the power of suggestion. If I digest prop- 
erly I will assimilate my food properly as well. This means my organ- 
ism will be nourished as it should be. And finally, my bowel move- 


ments are completely normal. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


My digestion is fine. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


I digest food freely and easily. 


Sublipower, Sublirelax, Edi Inter, 1989. 


My stomach is ready to do its work harmoniously. I’m happy to 
sit down at the table since the meals I eat will be perfectly assimilated 
by my body. 


Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


My stomach is functioning normally again. It has all the energy it 
needs to do its work and assimilate all the foods I eat. I am now di- 
gesting more and more easily. I assimilate foods with ease. My diges- 
tion takes place normally and easily, and I am relaxed and in good 
spirits. 

Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Since my digestion is good I will also assimilate foods well; my 
body will benefit from all the foods I give it, using the nourishment 
to create blood, muscles, strength, energy - in short, life - so that each 


day I get stronger and more vigorous. 
Emile Coue, Complete Works, Astra Publications, 1976. 


Since I digest well, my intestinal functions are also normal. Every 
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morning when I get up I feel the need to have a bowel movement, 
and without having to use any kind of medication or artificial stimu- 
lus whatsoever I perform the function normally and to my complete 


satisfaction. 
Emile Coue, Complete Works, Astra Publications, 1976. 


DIGNITY 


I stop debasing myself. 


I never neglect my human dignity. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I will by worthy of respect, confidence and esteem. I want to set a 
noble example. I will therefore overcome any faults I have, in order 


to live up to this esteem. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


Tam worthy. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


DIPLOMA 


I will make sure to finish my program of studies since I want to 
obtain my —— (specify which) diploma. 


Raymond Hull, Wanting Is Power, Les Editions de l’‘Homme, 1969. 


Iam a successful person. There is no way I won’t get my doctoral 
degree (or any other diploma - specify which). I am certain to suc- 
ceed, because I know my success is already a part of the order of 


things. A new and fascinating life is opening up for me. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 
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1. The soldering iron 


required 


e neat 


Heat is required to melt the solder. 
This is the soldering iron's job. 


the soldering iron's thermal output 
and an efficient heat transfer to the 
solder joint to be made is decisive. 
One either selects a soldering iron 
that performs within the tempera- 
ture range required, or a soldering 
station with temperature control 

is used. Temperature-controlled 
soldering stations enable the user 
to work on different applications 
without loss of solder joint quality, 


Temperatures of 200 °C — 450 °C 
are required depending on solder 
joint and solder alloy. In the field of 
electronics, the usual temperature 
lies between 250 °C and 375 °C. 


In order to have the proper temper- 
ature for any soldering application, 







150 W heating element 


Sensor actually measures 
tip temperature near 
solder joint! 





u need for soldering? 





because of the precise control 
of the preset temperature at the 
soldering iron tip. 


Both the soldering station's regis- 
tration of the actual tip temperature 
should be highly precise, and the 
heating element should be powerful 
and recover quickly in order to 
avoid over-heated or cold solder 
joints. 


Soldering tip temperature 
Iron tip 
temperature 


Lead-Free 
solder joint 
process window 





Joint 1 


i-TIP for better eet 


heat transfer and longer life! 


Tamne aC a of controlled tin temperature 


Joint2 Joint 3 
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DIRECTING OTHERS 


I know how to be encouraging and understanding. I incite others 
to do their best and to fulfil themselves. I always seek out and find 
the best in the people who work for me, and instruct them in a posi- 
tive way. Since I expect the best from others, I always get it. | assume 
complete responsibility for my person. And when I exercise my di- 


rectorial functions, I let others assume their responsibilities as well. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


DISAGREEMENT (AIso see Feud) 


Tomorrow ——— (add name) will announce that s/he has 
changed his / her mind. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I don’t feel insulted by people who disagree with me. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


If, by chance, our opinions happen to coincide, all the better. If 


they don’t, we can’t do anything about it. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


My willpower is strong; I will calmly refrain from arguing. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1982. 


DISAPPOINTMENT 


I try to laugh at my little failures and disappointments. 
I try to see the funny side of things. I tell myself that it’s not the 
end of the world, and that things will work out better next time. I 
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overcome my disappointments by not making mountains out of mole- 
hills. 


Emrika Padus, Encyclopedia of Emotions And Health, Edi Inter, 1991. 


I’m disappointed with the results I’m getting so far. I’d better find 
out as much as I can about what is going wrong in this situation so | 
can improve it or at least get feedback to help me perform better in 


the future. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


DISAPPROVAL 


When faced with someone’s disapproval I react automatically by 
using sentences beginning with “you.” I let anyone who is trying to 
make me feel guilty know that I am quite capable of surviving their 


disapproval. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


DISCIPLINE (Also see Laziness, Disorder) 


Iam teaching myself to be disciplined, and to listen with defer- 


ence and goodwill to the people in charge of my education. 
Professor Robert Tocquet, The powers Of The Will, Godefroy Publications, 1989.¥ 


DISCOMFORT 


It won't be long before I feel better. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 
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DISCOURAGEMENT 


I will not let the hesitations and errors caused by my inexperi- 


ence discourage me. I can always learn something very important. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


DISCUSSION 


At the end of a discussion I make sure everyone involved has 
understood each other. 

At the end of a discussion I specify the conclusions I have drawn, 
and ask the other parties to do the same. 

I define, along with the other persons, the goals of the discussion 
and the points to be covered. 

I make sure I am completely available for the entire duration of 
the discussions. 

I try to terminate a discussion within the allotted time, even when 


I am talking to long-winded persons. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


When a difficult moment in a discussion arises I try to concen- 


trate on what I like or appreciate about the other person(s). 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


DISOBEDIENCE 


I am becoming more obedient and reasonable. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 
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DISORDER (Also see Discipline, Laziness) 


All areas of my life are becoming more and more orderly. I am 
becoming a disciplined and orderly person. Iam more and more en- 
thusiastic and I enjoy my work. I take pleasure in accomplishing all 
my day to day activities. I have all the energy I need to do what | 
have to do. Every morning I wake up overflowing with energy, and I 


attack the day with determination and discipline. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Iam learning to organize my mind and my time more effectively, 
and to relax and free myself of worries about all kinds of things that 


are out of my control. 
Arthur Wassmer, The Art Of Making Friends And Being Happy, Belfond Publications, 1978. 


DISSATISFACTION 


When I am dissatisfied I ask myself what I would like to be doing 


at that moment, and then I try to do it. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


DISTRACTION 


I am going to keep myself busy and utilize my leisure time to 
advantage. I will always find something to do that will give me a lift, 
like seeing a good movie, reading an interesting book, listening to 
music or anything that will help me relax and make me forget my 


troubles. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 
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DISTRESS 


My inner Guide always advises me correctly, and shows me the 
right path to take. My Guide will rescue me from distress. S/He has 
the answers to all the questions that are tormenting me. S/He dis- 
solves all my doubts. I have complete confidence in my Guide, and | 


know S/He is advising and assisting me at this very moment. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


DOUBT (AlIso see Self Confidence) 


Here we are, with no doubts whatsoever. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


DREAMS (AIso see Fear of the Unknown) 


Ilet myself dream. I tell myself that I can have everything I want. 
With no taboos or prohibitions. That I have all the money I need to 
live out my fantasies for a period of fifteen days. I see that almost all 
my fantasies are realizable, that I don’t desire the moon but simply 
things that I can obtain on condition that I get rid of my fear of the 


unknown and make the effort to stretch out my hand. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I want to remember one of my dreams, I can remember one of my 
dreams, and tomorrow morning I will have a clear recollection of 


that dream. 
Christian Godefroy, Mental Dynamics, Robert Laffont Publications, 1976. 


Tonight, as on all nights, Iam going to live a new adventure, and 


tomorrow I will remember all of it! 
Pierre Fluchaire, The Dream Revolution, Dangles Press, 1985. 
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My dreams are becoming concrete reality more easily every day. 
Sublipower, Sublisuccess, Edi Inter, 1989. 


Ihave peaceful dreams, and my mind is at rest. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


I can modify my dreams when I want to. 
Christian Godefroy, Mental Dynamics, Robert Laffont Publications, 1976. 


I can (I want to) remain conscious when I dream. 
Christian Godefroy, Mental Dynamics, Robert Laffont Publications, 1976. 


When I have a clear and lucid dream I feel perfectly rested. 
Christian Godefroy, Mental Dynamics, Robert Laffont Publications, 1976. 


DRIVING 


I always stay calm when I’m driving. All my tension and ner- 


vousness disappears. I think before I react. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


I am a competent driver. I pass my test easily and effortlessly. 


Driving gives me pleasure. I find it easy and fun. 
Vera Pfeiffer, Positive Thinking, Element Books, 1989. 


DRUG ADDICTION 


I feel more and more detached from my real life... 1am free of my 
negative, annoying thoughts... Nothing is important... 1 abandon 
myself to this feeling of deliverance. 

Everything around me becomes clear, clean and more and more 
beautiful... Colors and music blend into pleasant images... [abandon 
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myself to the sounds and colors... nothing can disturb me. 

I am indifferent to the noises from outside... I concentrate on 
myself... 1am ina state which is much higher than any drug can take 
me... I can enter this state whenever I like... and be free of all worries, 
problems and negative influences. 

No drug can do this for me... I don’t need —— (specify the drug) 
which is ruining my health... and my health is improving every day. 

I have confidence in my destiny, which I control through my de- 
sires... but nothing will make me go back to taking drugs... I don’t see 
the point anymore. 

Drugs disgust me... nothing on earth could make me start taking 
drugs again... if I feel the need to shut out reality, I will do some self 
hypnosis or meditation... things which regenerate my entire organ- 
ism. 

I do a few minutes of meditation every day... 1 concentrate on my 
future... 1 am overflowing with strength and energy... the solution to 
my problems becomes clearer every day... and I’m doing more and 


more to attain my goals. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


I’m proud of myself and my success. 
People like me when I’m not on drugs. 
I’m healthy when I’m not on drugs. 


I work much more efficiently when I’m not on drugs. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


DRUGS 


I will not forget that tobacco, coffee and alcohol are drugs. i.e. 
means of stimulating my body. They can be positive, but there is also 
a risk of becoming dependent. 
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I avoid using one drug to compensate for the effects of another 
(for example drinking coffee when I’ve had too much alcohol). 
I change my habits from time to time, especially those concern- 


in dru s, to determine if I’m addicted or not. 
7 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


DUTY 


I will do today’s duty today. 


Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


DYNAMISM (Mental - Also see Ambition, 
Enthusiasm, Vitality) 


When I'm in the alpha state I condition my mind to become more 
open to the suggestions and directives I give it. I feel better every 


time I practice my alphagenic exercises. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


From this moment on I will always be ready and alert, strong and 
conscious of my goals. Nothing can distract me from attaining my 
objectives. I am untiring, opinionated and persevering. I take more 


and more pleasure in the joy of creation. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


From this moment on I am positive and I am going to keep mov- 
ing forward! 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 
lama super dynamic per son. 


Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 
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DYSFUNCTION (Organ) 


Generally speaking, if I have one or a number of organs which 
are defective to a greater or lesser degree, I tell myself that these or- 
gans are starting to function better and better, so that they gradually 


return to normal and I am completely healed. 
Emile Coue, Complete Works, Astra Publications, 1976. 


My mind is in command. All my organs obey my mind. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I make sure all my organs are functioning well; my heart beats 
normally and my blood circulates as it should; my lungs are working 
well; my stomach, intestines, liver, bladder and kidneys all perform 
their functions normally. If one of these organs happens to be mal- 
functioning at the moment, the problem will diminish day by day, so 
that in the very near future it will disappear completely, and the or- 


gan will resume its normal function. 
Emile Coue, Complete Works, Astra Publications, 1976. 


DYSPEPSIA 


I send my stomach the order to contract. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 
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EASE 


It’s easier for me to do what is good for me. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


I master X technique (specify) easily and pleasantly. 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


ECONOMIZING 


Inever spend my money stupidly. I know the value of wise spend- 
ing. All my financial decisions are based on the principles of economy 


and moderation. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


ECZEMA (Also see Acne, Urticaria) 


From now on I will stop thinking about my eczema, and think 
about my intestines instead; I have to get rid of the toxins that are 
being eliminated through my skin through the mucous membrane of 
my large intestine instead. As soon as | start doing this my eczema 


will disappear. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 
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2. The soldering tip 





( to transfer the heat from the heating element to the tip 














lron-plating 


ERSADUR LF coating (up to 600 micron) 
is factory pre-tinned with lead-free solder at 
working end 





The base material made of highly conduc- 
tive electrolytic copper ensures unhindered 
heat transfer from the heating element to 
the ERSADUR LF coating 


Chrome-plating prevents 
corrosion and solder 
collection on undesirable 





Cross-section of an ERSADUR soldering tip, non-scale representation 





The soldering tip is the "heart" of the 
soldering iron and responsible for 
the heat transfer from the heating 
element via the solder to the solder 
joint. Depending on the soldering iron 
and the application, different types 
of tips are available. Prerequisites 
for good solder joints are the correct 
soldering iron tip shape, perfect heat 
transfer, a good condition of the tip 
and a reliable performance over time. 
In addition, the soldering tip has to 
convey also the necessary amount of 
sensitivity back to the operator. 


How to take solder joint quality to its peak - ERSADUR long-life soldering tips 


Traditional soldering tips are made of 
copper which conducts heat well and 
is inexpensive, but the tip oxidizes 
heavily when heated and releases 
copper particles into the solder until 
it has been "corroded" entirely. To 
maintain the tip in operational shape, 
it requires intensive care. Today, only 
coated soldering tips are used in 
electronics production — the largest 
field of application for soft soldering. 


ERSADUR long-life tips have been 
conceived for continuous operation 
and for high-quality results. They 
are galvanically plated with an iron 
coating and protected against corro- 
sion and oxidation by an additional 
chrome layer in a very special manu- 
facturing process, developed and 
used exclusively by Ersa. And their 
perfect thermal conductivity protects 
the heating element from overheat- 
ing and premature wear. Ersa offers 


a comprehensive range of soldering 
tips for the diverse requirements. 


Proper tip care increases tip lifetime 

considerably: 

* Never clean the long-life tip before 
putting the soldering iron into its 
holder, since the solder remaining 
on the tip prevents oxidation of 
the solder track. 

* Always keep the long-life solder- 
ing tip covered with solder, as 
otherwise it becomes passive and 
will no longer wet properly. 


Passive tips can be reactivated by 
the application of the lead- and 
halogen-free Ersa TIP REACTIVA- 
TOR. All that is needed is to wipe the 
hot tip on the surface of the regen- 
eration compound. Furthermore, the 
hot tips should regularly be cleaned 
with a moist viscose sponge before 
soldering. Alternatively the tips can 


be dry cleaned using the Ersa "dry 
sponge", a sponge made of special 
metal wool. Dry cleaning has proven 
to be advantageous in lead-free 
soldering. The soldering tips are not 
cooled abruptly, and contaminated 
tips resulting from dirty sponges are 
avoided. Due to the slightly abrasive 
properties of the special wire mesh, 
passive layers that accumulated on 
the tip can easily be removed. Tip 
life is thus increased considerably in 
lead-free hand soldering. 


Ersa TIP REACTIVATOR. A comprehen- 
sive range of accessories is available at 
www.ersa.com 
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Iam a healthy person, pure and perfect; my skin is healthy, and I 
am healed. 
My skin is perfect. 


Dr. Joseph Murphy, The Miracles Of Your Mind, Dangles Press, 1984. 


My skin is becoming normal, my eczema is disappearing and my 
skin is becoming smooth, beautiful to the touch, and perfectly nor- 


mal. 
Clement Auger, Transform Your Life Through Autosuggestion, Heritage Publications, 1979. 


EDUCATION 


As a father of six children I know from experience that the great- 
est gifts a parent can give their children (and that managers can give 
their employees) are roots and wings. Roots of responsibility and 


wings of independence. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


It is my responsibility to teach my child, by example, what real 
love is and how to work out his problems intelligently, instead of 
emotionally, how he can live with the greatest amount of happiness 


in this society of ours. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I never resort to exaggerated threats or warnings which are for- 
gotten in any case. I stick to my word. 

I tend to give large or small rewards on all kinds of occasions. 

For me each day is an opportunity to show, by setting an example, 
what the best way to live is. 


I teach the values I believe in by setting a good example. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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I understand the difference between punishment, discipline and 
teaching, and I always try to consider these elements from their proper 


perspective. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


My children are my greatest joy. Their noisy games are a sign of 
their minds’ vitality and vivacity. My spouse brings life into the home, 
and merits all my love. We smile at each other a lot and understand 


each other better each day. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


First, I am able to recognize my children’s unique abilities and 
talents - to reinforce them, nurture them and help them recognize 
what is special about themselves. 

Second, I am able to understand their behavior in the context of 
who they are - I don’t misinterpret natural shyness as being unfriendly, 
or a need for privacy as rejection. Seen in context, even negative be- 
havior is more understandable and predictable. 

Third, seeing my children accurately helps me focus on changing 
only the behavior that is important to change - behavior that’s harm- 
ful to them, behavior that isolates them socially, or behavior that is 


disruptive to the family. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


EFFICIENCY 


Every day I am improving, I’m improving more and more in all 
ways. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
I give the best of me in everything. 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 
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Iam efficient in everything I do. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I use my time well. I do everything I have to do quickly and pas- 


sionately. 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


I concentrate my time and energies on the 20% of my activities, 
contacts and concepts that have proven most productive to me in the 


past. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I do my best. 


Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I do my work as well as possible, and I am no more incompetent 


than anyone else. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 
1989. 


I always do my best according to my awareness at the moment. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I remind myself to only do one thing at a time. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam an organized and efficient person. I am mastering the art of 


doing more in less time. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I’m doing my job better. My performance is improving. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 
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EFFORT 


Master of my body, master of my thoughts, I want my effort to 


also be others’ salvation. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


Every effort also constitutes an investment. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


EGOISM 


Attaining an objective implies sharing it with other people, and 


thus I move from isolation to happiness. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


By developing a love of humanity in myself I eliminate all hate, 
envy, jealousy, all egoism and all cynicism from my heart, because | 
know that harboring a negative attitude towards others can only re- 


sult in disappointment. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 


ELIMINATION (Bowel Movement) 


I will assure better elimination of my body waste. 


J.V. Cerney, Stay Younger, Live Longer Through The Magic Of Mental Self-Conditioning, 
Parker Publishing Company Inc., 1968. 


ELOCUTION 


Every one of my words is spoken deliberately, fluently, and pro- 
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nounced clearly. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I have all the tools I need for perfect elocution. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I dare speak out. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I pronounce my words strongly, clearly and fluidly. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I am determined to make my words become influential and domi- 
nating. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I’m going to think carefully before saying anything - being mind- 
ful of the effect my words may have on others. I am going to avoid 
being sarcastic, learn to become more diplomatic and develop the art 
of friendly and interesting conversation. I am going to be less argu- 
mentative. If I learn to control the impulse to say the wrong thing in 
haste, I will become a better person, one who will be loved and re- 


spected. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I make sure I have the language, with enough vocabulary and 
sufficiently varied examples, to best adapt what I’m saying to the 


person or people listening to me. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I’m becoming much more articulate and effective in my use of 


language. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


My elocution is becoming clear, harmonious and supple. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 
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EMOTION 


Today I will be the master of my emotions. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I have emotions, but Iam not my emotions. These emotions are 
innumerable, changing, often conflicting, yet | always remain my- 
self, through hope and despair, joy and pain, irritation and calm. | 
can observe, understand and judge my emotions; I can master them 
and channel them and use them in better and better ways. I have 


emotions, but I am not my emotions. 
Dr. Robert Assagioli, Psychosynthesis, Epi, 1965. 


I dominate my emotions. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I am able to control my emotions. 
Claude Arpel, Self Confidence: The Subliminal Method, Procauvi Publications, 1986. 


When a problem arises I avoid becoming emotional. I Stay Calm. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


EMOTION - NEGATIVE 
(Also see Fear, Anxiety, Nervousness) 


I cease being the victim of negative emotions. I realize that they 
have absolutely no power over me. 

I know Iam on the path towards dissolving all my negative emo- 
tions when I begin to consider what they really are. 

I become my best friend by trying to understand my negative 
emotions. 

The power of self awareness allows me to reject negative emo- 
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tions whenever they try to influence me. 
I destroy unhealthy thoughts and harmful emotions as soon as I 


start becoming aware of them. 
Vernon Howard, Psycho-Pictography, S.L.P., 1965. 


I am able to control my emotions perfectly in all situations. I am 
gaining complete mastery of my reactions. am more and more posi- 


tive and fulfilled in all situations. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I am going to keep my negative emotions under control. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


EMOTIONAL SCARS 


I erase the scars of my negative feelings. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


EMPHYSEMA (Also see Asthma Attacks) 


Iam calm, I am breathing, my lungs are relaxing, my kidneys are 


opening. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


ENCOURAGEMENT 


I play a role in the lives of all the people I get close to. By treating 
someone like the person they should be, I offer a powerful encour- 


agement for them to become that person. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 
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ENDURANCE (Also see Dynamism, Courage) 


Since I take good care of myself I have a lot of energy, endurance 
and vitality. 
I now have more energy and endurance than I did before. 


I love life, and I’m happy to be alive. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I have more and more endurance... more and more strength... I 


get stronger every day... 1 can make progress... and become stronger. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


I know that success isn’t due to chance. Real and durable success 
requires a sum of intellectual and moral qualities. The principal physi- 
cal quality is endurance. I must be healthy. Therefore I want to live in 
a healthy way. 


Henry Durville, I Want To Succeed, Durville Publications, 1968. 


I possess dynamism, courage and endurance. I have a very posi- 
tive attitude towards myself and towards everything I do. Iam prac- 
tical and realistic, but I also believe in getting the best possible results 


from any situation. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I have more and more endurance, more and more strength. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


I have more endurance than X (specify). 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 
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ENERGY (Also see Courage, Determination, 
Strength, Vitality, Health) 


Each day I accumulate new energy in my solar plexus region. 
Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 


I have energy. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


inhale and I am inspired. I exhale and energy flows through me. 
Christian H. Godefroy, The Seven Eternal Laws of Success, Godefroy Publications, 1980. 


Iam overflowing with more and more energy and strength. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I will destroy the negative images my enemies have tried to inject 
into my mind, and replace them with joyful images that encourage 


me and increase my energy. 
Orison Swett Marden, The Joy Of Living, J.H. Jeheber Publications. 


I feel very good today! I have more energy than ever. 

Ican do great things. And every task I accomplish gives me even 
more energy! 

[have a lot of energy, which I nourish with my curiosity and en- 
thusiasm. 

Ihave more and more energy every day. I am full of life, in great 
shape, and in an exceptionally good mood. 

When I do something that requires a surplus of energy I call on 
my reserves and find that I always have more than I need. 

Every day I am becoming more and more aware of my energy 


and vitality. I create an unlimited reserve of energy in myself. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I do not waste my emotional energy. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 
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I feel the life force flowing through my body. 


Shakti Gawain, Reflections In The Light, New World Library, 1978. 


Iam in excellent health, overflowing with energy. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


I am bursting with energy. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


Energy flows freely through my body. 


Sublipower, Sublirelax, Edi Inter, 1989. 


My breathing is getting deeper and energy is circulating freely 
through my body. 


Sublipower, Sublihealth, Edi Inter, 1989. 


My most powerful energy for creating my life is present in me at 
this moment. 

My energy is stimulated by my breathing, by love, and by life- 
giving thoughts and words. 


Iam bursting with energy and light. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


To be energetic I act energetically! 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


Every day and from all points of view I am more and more ener- 


getic. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I feel great! I’m full of energy! I’m so strong, I’m always going to 
feel healthy! 


Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I balance my energy. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 
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What do you need for soldering? 





( The basics — the 5 essential factors 


Prerequisites for good soldering results are: 


3. The solder 


for the connection 


Metallic bonding agents (solders), 
mostly in the shape of a wire or a 
bar, are available as diverse alloys. 


Soft solders consisted mostly of 

a mix of tin (Sn) and lead (Pb). 
Since the implementation of the 
RoHS directives on 01 July 2006 
the use of solders containing lead 
is prohibited. Lead-free solders are 
usually alloys containing silver (Ag) 
and copper (Cu). 


The alloy's composition determines 
melting temperature and physical 
properties of the joint. Criteria for 
the choice of an alloy are: produc- 
tion process, specification of the 
product, field of application, cost 
of the alloy. 


N Suitable soldering iron 


‘ Clean surfaces of where to solder 


XN Sound soldering tip 


‘N Suitable fluxes 
NX Suitable solder alloy 
N Correct soldering time 





Solder wire with one or with multiple flux cores 


4. The flux 





(for the ability to wet 


Fluxes are used to attain the best 
possible bonding between solder 
and metal. They provide for metal- 
lically clean surfaces of the parts 
to be soldered, remove the oxides 
as well as other flow-inhibiting 
contaminations and prevent the 
formation of new oxides during the 
soldering process. A difference is 


Examples of some common alloys 


Alloy Flux type 

L-Sn60Pb40 EN 29454/1.1.2 (F-SW 26/DIN 8511) 
L-Sn60Pb38Cu2 EN 29454/1.1.2 (F-SW 26/DIN 8511) 

L-Sn63Pb37 EN 29454/1.1.3 (F-SW 32/DIN 8511), free of halogen 
L-Sn62Pb36Ag2 EN 29454/1.1.3 (F-SW 32/DIN 8511) 


Alloy - lead-free / complying RoHS-WEEE 


L-Sn95,5Ag3,8Cu0,7 
L-Sn96,5/Ag3,5 
L-Sn99,3Cu0,7 


EN 29454/1.1.2 (F-SW 26/DIN 8511) 
EN 29454/1.2.3 (F-SW 33/DIN 8511), free of halogen 
EN 29454/1.2.3 (F-SW 33/DIN 8511), free of halogen 


, free of halogen 


made between acidic (as used in 
plumbing) and acid-free products 
(as used in electrical and electronic 
applications). It is most common to 
use solder wire with one or more 
flux cores in electronics production, 
whereas bar solder is the form of 
choice in plumbing as well as in the 
radiator and auto body work. 


Melting point / range 
183 °C - 190 °C 

183 °C - 190 °C 

183 °C eutectic 

178 °C - 190 °C 





217 °C eutectic 
221 °C eutectic 
227 °C eutectic 
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as 
I’m in good physical condition. 
Francoise and Michel Moine, Develop Your Psi Powers, Stock Editions, 1982. 


I’m in great shape. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defences, Godefroy Publications, 
1989. 


ENERGY - CREATIVE 


Iam overflowing with divine light and creative energy. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


ENERGY - VITAL 


I absorb the energy scattered throughout the atmosphere, and store 
it in me. I exhale air, but I retain the energy which is carried into my 
body by the air I breathe, and which I make my own. 


Paul Clement Jagot, The Power Of The Will, Dangles Press, 1982. 


ENJOYMENT 


I relish each golden day. 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


All the obstacles to my total expression in life and my complete 


enjoyment of existence are now dissolved. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


ENLIGHTENED MIND 


My mind is clear, alert and ready to meet any challenge. 
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I enthusiastically wait for opportunities to put my mind to the 
test and improve it. Instead of considering problems as difficulties to 
avoid, I see them as opportunities to sharpen my mental faculties. 

Iam awake and fully conscious. My senses are sharp, my mind is 
clear. lam aware of everything around me, and I am in control of my 
life. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Divine light and divine love are flowing through me. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


ENTERITIS 


If lam suffering from enteritis I imagine the enteritis is clearing 
up; the intestinal inflammation is gradually disappearing, and the 
phlegm and other secretions are becoming less and less abundant 


until they disappear and I am completely cured. 
Emile Coue, Complete Works, Astra Publications, 1976. 


ENTERPRISING SPIRIT 


The search for the best in myself is my greatest enterprise. It is a 
creative adventure, because it leads me towards self acceptance. 

With an enterprising spirit I can combat all negative feelings which 
belittle me and destroy my true identity. 

With an enterprising spirit I increase the power of my personal- 
ity as I find new horizons, and fully accept what I have already dis- 
covered. 

With an enterprising spirit I progress towards a world of pure 
dynamic energy. 

My enterprising spirit is the creative effort I make to resolve the 
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enigma which is in me, to try and understand my complexities and 


problems in order to overcome them. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


ENTHUSIASM (Also see Ambition, 
Dynamism, Vitality, Energy, Courage) 


Today is the first day of the rest of my life. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Thunder and lightning! Life electrifies me! 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


Iam naturally enthusiastic. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Iam enthusiastic about my goals; I develop this quality which is 
so essential to my success. 

I apply myself with gusto to creative endeavors. I understand 
that life can be enjoyable and fun. 


Every day I see myself in top form. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


[have an iron will... nothing can discourage me... on the contrary, 
problems only give me more energy... the energy I need to overcome 
them... nothing can stifle my enthusiasm... absolutely nothing. 


I cultivate my enthusiasm... my passion for everything I do. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I give myself a chance to become spontaneously enthusiastic about 
what I’m doing. 


I am enthusiastic about everything I choose to undertake. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 





T ak: “ 
adie OF contents 


E Page 117 


I stimulate my enthusiasm by maintaining a high level of inter- 
est. The more my activities interest me, the more enthusiastic I am. 
The more enthusiastic I am, the more energy I have. 

Iregularly program my mind with positive instructions designed 


to keep me in shape, full of youthful enthusiasm. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I am enthusiastic about life and filled with energy and enthusi- 


asm. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


Life interests me. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


My day starts when I wake up in the morning and shake off the 
numbness of sleep, overcome my negative impulses and promise to 
make this day exciting. 

I will not spend my day doing nothing; I have exciting goals and 


I’m full of enthusiasm. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam enthusiastic about my life. 
Christian H. Godefroy, Positive Thinking: The Subliminal Method, Godefroy Publications, 1987. 


Oh, this is a great day for getting out there and conquering the 


world! 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


To be enthusiastic I act enthusiastically! 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


Every day, in all ways, 1am becoming more and more enthusias- 
tic. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 





able oF contents 


E Page 118 





ENURESIS (Bedwetting) 


From now on I will stop wetting my bed, and I won’t get angry 
when [have to go to bed. My bed won't be wet when I wake up in the 
morning. 

I like going to bed at night. 

If Ihave to go to the bathroom at night I get up and use the toilet. 
As soon as I get back into bed I fall asleep and my bed stays dry. 


Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


From now on I will have a very strong desire to overcome this 
shameful habit, which is really a feeling of inferiority. A moment will 
come when my desire to control my bedwetting will be stronger than 
anything else. 

I can now control myself much better than before. 

Every night before falling asleep I order myself to wake up as 
soon as I feel the need to go to the bathroom. If It happens I will wake 
up. 

I can control myself. I will not wet my bed. I am capable of con- 
trolling my bladder no matter what. Even if bedwetting has some 
hidden meaning for me, even if I want to be obstinate, I can still over- 
come my enuresis. 

And even if I have a relapse, it doesn’t mean anything. I will look 
for the cause of the relapse. I no longer suffer from enuresis. I can 


control it, and I will succeed in controlling it. 
Charles de Liguori, Hypnotism, de Vecchi Publications, 1975. 


I always call my mummy, and my bed is always clean. 
Emile Coue, Complete Works, Astra Publications, 1976. 


I always ask my mummy when I have to go to the toilet, and I 
always stay clean when I sleep. It’s easy for me to stay dry and clean 
the whole night long. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


T ae: “ 
aple OF contents 





E Page 119 


I can restrain myself all night long and my bed is always clean 
and dry. 


Emile Coue, Complete Works, Astra Publications, 1976. 


Iam a pretty little girl and people like me a lot. Everyone likes me 
because I’m so likable, so happy and gay. People like me because I 
only sleep in a clean, dry bed. I always sleep in a warm, dry bed. If I 


have to go to the bathroom, I always wake up in time. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


My bed is clean and dry, and I always wake up when I have to. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


If I concentrate on what I feel as I urinate during the day, I will 
feel the same sensation at night when I’m asleep, and after I’ve gone 


to the bathroom I'll get back in bed and fall asleep instantly. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


ENVY 


This is so wonderful! I rejoice in that person’s prosperity, and wish 


him/her more and more good fortune. 
Dr. Joseph Murphy, The Miracles Of Your Mind, Dangles Press, 1984. 


EQUILIBRIUM (See Balance) 


EQUANIMITY 


I maintain my tranquillity and equanimity. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 
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ERRORS (See Mistakes) 


ESTEEM (Also see Self Esteem) 


I accord myself this elementary form of respect. I do not deny 
who I am. I’m worth more than that. I am in no way obliged to lead a 


monotonous existence. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I esteem myself. I know I am a good person. 
Claude Arpel, Self Confidence: The Subliminal Method, Procauvi Publications, 1986. 


I never belittle myself to myself. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


EVOLUTION 
I am a directly linked representative of the ever-evolving, ever- 


expanding consciousness of the Creator. Iam spirit expressing through 


a physical structure. Iam patient with myself. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


EVOLVING 


I have the right to develop, to learn and to evolve. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


EXAMS 


(Say this to yourself on the night before an exam): I will not waste 
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a single minute more on this stupid activity, and I really don’t care if 


I pass or not. 
Dr. Maxwell Maltz, Psychocybernetics, Godefroy Publications, 1978. 


From now on I always concentrate only on what I’m doing, and 
any noises only serve to reinforce my concentration. 

I prepare very carefully for all my exams. 

I am calm and relaxed. I can always remember what I learned 
when I need to, and therefore all my answers are clear and precise. 

I channel all my attention towards my goal. 

My marks are improving daily. 

Iam in complete control in all situations, and I attain the goals I 


set for myself within their prescribed time limits. 
Professor Kurt Tepperwein, How To Learn The Painless Way, Godefroy Publications, 1983. 


I study hard. I am certain to be ready on exam day. 
Raymond Hull, Wanting Is Power, Les Editions de l’Homme, 1969. 


I will pass my exam. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


Iam going to pass the exam. I am calm and my mind is clear. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


I am secure in the knowledge that I have prepared well for my 
exam. My thorough revision is now paying off. Everything I have 
revised is ready in my mind to be recalled easily and effortlessly dur- 


ing the exam. 
Vera Pfeiffer, Positive Thinking, Element Books, 1989. 


EXCHANGE 


I like to give and I like to receive. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
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I give and I receive. 
Sublipower, Sublisuccess, Edi Inter, 1989. 


EXCUSES 


Once and for all, and from this moment on, I will get rid of these 
excuses. 
I will not excuse myself all the time, especially when I’m really 


not sorry for what I said or did. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


Ican decide not to start acting in such and such a way again, I can 
realize that I’m wrong to adopt such and such a behavior, but excus- 
ing myself all the time is a sickness which makes me feel responsible 


for the emotions of others. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


EXERCISE (Also see Obesity, Nutrition) 


I have to exercise every day so that I won’t get sick... and stay in 
top shape. 

By exercising every day... never missing a single day... evenif only 
for afew minutes if I’m pressed for time... I will live at least ten healthy 


years longer. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


Every time I exercise I have a better opinion of myself. I’m really 
proud of the extraordinary work I’m accomplishing. 

I always get the exercise I need. I don’t stop until I have attained 
my objective, every time I exercise. 

I never force myself too much or hurt myself physically or other- 
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wise. I do exactly the amount of exercise I need. 

Icouldn’t live without exercise. It helps keep my healthy. It makes 
me alert, makes me feel better, and allows me to give the best of my- 
self! 

I set objectives for myself and then I achieve them. I’m on a regu- 
lar exercise program, I eat healthy food and I get enough sleep. I spend 


a part of each day staying in shape. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I like doing exercise. 


I feel like moving, walking... 
Sublipower, Sublihealth, Edi Inter, 1989. 


I can’t wait to do some exercise today. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I will do a moderate amount of exercise every day, and I'll have 


fun doing it. 
J.V. Cerney, Stay Younger, Live Longer Through The Magic Of Mental Self-Conditioning, 
Parker Publishing Company Inc., 1968. 


I am going to engage in some form of moderate daily exercise. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Any amount of exercise (running, jumping rope, aerobic danc- 
ing, bicycle riding, etc.) gets my mind and body working much bet- 
ter. Exercise makes joy! 

Exercising brings me joy. 

Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


EXPERIENCE 


Ihave learned from my experiences, even if sometimes they were 
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5. A safe and clean working environment 





( to ensure quality and health 


Safety first, especially while solder- 

ing. The VDE and GS emblems en- AYN ( yo» | N 

sure the electrical safety of soldering 4’ (SO | 

equipment. The use of the VDE sign C \FQ .\ . 
obligates the manufacturer to monitor : : 
production accordance with test 

guidelines and to conduct tests ac- 

cording to the regulations determined = Health protection during soldering 
by the VDE testing institute. 

The breathing zone is very close to the soldering process during manual 
soldering, and the solder is added by hand. Thus there is the danger of 
contaminated air and hands or items which may have been touched 


Noxious gases develop in every solder- 
ing process 


Flux vapors can be damaging to the operator's health and should be kept 
out of the breathing area. Suitable devices for this purpose are solder 
fume extractions, which extract the smoke and associated vapors from 
the workplace and remove particles and gases. Modern fume extractions 
can be programmed to operate only when the soldering process is taking 
place, thus saving energy. 


One should never eat, drink or smoke in rooms where soldering is pre- 
formed. Contaminations which remain on the hands can enter the human 
organism through food or cigarette smoke. 





Hands should be washed thoroughly after soldering. 
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painful. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I listen for the secret messages hidden in my experiences. I let 


these help me develop positive and useful habits. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


To get into a specialty I first have to learn the basics. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


EXPRESSING ONESELF (See Self Expression) 
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FAILURE 


From this moment on | will very calmly devote all my energy to 
finding ways likely to reduce the impact of the consequences which | 
have already mentally accepted. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


This is NOT a catastrophe! This is not horrible, humiliating, or 
the end of the world! It’s inconvenient. I’m disappointed. Now I’m 


going to learn something and start again. So let’s get going! 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


Iam learning that failure, no matter how serious, can be a tram- 


poline to success and not a chopping block. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


At least once a week I review my goals and find out what I truly 
want now. I am willing to risk giving up all I have been for what I can 


become. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I'll do better next time. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I transform failure into success. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Next time I will succeed. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 
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FAILURE (In School) 


I can, therefore I must. I could have avoided this mistake, I should 
have been able to avoid it. I could have learned the lesson better and 
more quickly, so I should have done it. I could have done better, so I 
should have. 


Professor Robert Tocquet, The powers Of The Will, Godefroy Publications, 1989. 


FAITH (AIso see Fear) 


Belief helps me follow the way. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I have faith, faith in my ideas, in my destiny, and faith in God. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Iam free of all fear, 1 am firm in my faith. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


Faith is invincible. 
I believe, I really believe. 

Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 
Well directed faith adds amazing power to all of my thoughts. 


Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 


FALSE BELIEFS 


I never let my convictions trap me into passivity. Becoming at- 
tached to a belief based on past experience is like trying to escape 
reality. Only the present exists, and what is true in the present may 
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not necessarily be true of the past. I do not base my behavior on what 
I believe but on what is, what I experience in the present. By opening 
myself to the present experience instead of clouding reality with my 


beliefs, I realize that the unknown is a vast and fascinating domain. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I am ready to clear up any beliefs that hold me back from the 


good I want in life. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


FAMILY LIFE 


My professional life and my family life are mutually enriching. 

My family life is rich and creative. 

Iam there for my loved ones, giving them both time and my full 
attention. 

My family understands and appreciates my professional activi- 
ties. 

I don’t feel guilty about being absent from home when I work. 

I make sure that my family life plays an important role in my 
balance as a human being and my personal fulfillment. 

Ialways make a note of any meetings with my spouse or children 
in my agenda, in the same way that I keep track of meetings with my 
boss, or clients. 

Iask myself if there is anything positive in my family life that can 


also be applied to my professional life (and vice versa). 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


FASCINATION 


Others find me fascinating and terrific. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 
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FATIGUE 


I like my work, but I also make sure to take time out to have fun: 


in this way I rarely feel tired. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I am not in the least tired. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


Tam never lazy... physically or mentally. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


I’m in great shape. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


The sensations of fatigue and weakness that I sometimes feel will 
gradually disappear and be replaced by sensations of strength and 


vigor which will become stronger every day. 
Emile Coue, Complete Works, Astra Publications, 1976. 


FAULTS 


Every day Iam going to improve and eventually I will succeed in 


eliminating the faults I have discovered in myself. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


I accept the helpful criticism of my friends, and I use self hypno- 


sis to purge myself of whatever personality shortcomings I possess. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I accept my weaknesses and my faults so that I feel all right even 


when I fail. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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I use my faults as inspiration to motivate me to improve and save 


more time. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


FEAR (Also see Emotional Paralysis, Anxiety, 
Nervousness, Guilt, Rejection) 


I confront my fears with a positive state of mind and positive 


behavior. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I do what frightens me. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I have nothing to fear, the Spirit in me is watching, I have every- 
thing to hope for. 


Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I fear nothing since my faith in the Mystery is great. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I know that the love of goodness fills my soul and dissolves all 


fears. I now live in the joyous expectation of goodness. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


Simply because I am aware of it, and because I abhor it, because I 


absolutely don’t want this to happen - it will not happen! 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


Nothing can harm me since I am united with my inner Guide! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


The Real Me knows no fear. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 
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No matter what threatens me I will face up to it and meet the 
challenge! 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


If I find myself in a situation that frightens me, for example, I 


think about something that will calm me down. 
Franck Rudolph Young, Cyclomancia, SIP, 1966. 


What cannot defeat me only makes me stronger. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


Every day I overcome my fears, worries and any other destruc- 


tive thoughts. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


[To overcome fear I use my mind.] 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I confront my fears and I accept them. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


I free myself of my fear of what other people think. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


Only I can free myself from my fears. I start by becoming aware 
of what I fear, and stop myself whenever I find that I’m thinking or 
talking about it. I become aware of the ‘fear-talk’ around me, and 
stop listening to it. 

I specify my fears. As long as they remain unclear they continue 
to have power over me. 

Task myself what the worst that could happen is. Not only is the 
worst hardly likely to occur, the answers often make me laugh! 

I don’t suppress fear. I feel it, talk about it objectively. 

I am as safe as I allow myself to be. Only good comes to me. I 
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have nothing to fear. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Tallow myself to be, without the need to prove myself to anyone. 
Ilive my power without fear of defeat or rejection. I control my dreams, 
my life. 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I am not afraid of being afraid. 


Knowing myself helps free me from fear. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I reject useless fears. 


I understand my fears and I can explain them rationally. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


Ismile and my fears evaporate. Iam strong. I am powerful. I have 


confidence in myself. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


I am calm and relaxed. 
Fears may come and go, but it doesn’t matter; I can control them 
as long as I stay relaxed. 


When I can control my thoughts, I can control my fears. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


I am inviolable, I am invulnerable. 
George Barbarin, How To Overcome Fears And Anxiety, Dangles Press, 1974. 


The Eternal is my refuge, and I make the Highest of the high my 


home. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


The Real Me cannot be afraid of anyone. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 
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FEAR OF ANIMALS 


From now on I am no longer afraid of —— (name the animal). I 
find them tranquil, calm animals. When I see them | identify as much 


as possible with them. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


I love all animals. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


FEAR OF DEATH 


I meditate on death every day in order to give my life more mean- 
ing. 


Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


FEAR OF ELEVATORS 


I have no trouble taking the elevator. I now feel perfectly relaxed 
whenever I enter an elevator. I am able to control my reactions and 
emotions completely. I am able to master the situation completely, 


remaining calm and relaxed. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


FEAR OF EXAMS (Also see Stagefright) 


I know I can pass my exam. I know the material perfectly. I’m 


ready. I have no reason to WOITY. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 
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FEAR OF FAILURE (Also see Disapproval) 


I’m making a common mistake. I’m thinking of failure as the en- 
emy of success. But it isn’t at all. Failure is a teacher - a harsh one 
perhaps, but the best. I can be discouraged by failure - or I can learn 


from it. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


Iremind myself that fear of failure is really often a fear of disap- 
proval or ridicule, and I tell myself that everyone has a right to their 


own opinion, but that other people’s opinions don’t concern me. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I do not fear failure. lam responsible for my actions. I acquire the 
necessary knowledge and skills to succeed, and I move forward. 


I am never afraid to try. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


FEAR OF FLYING 


I like airplanes, I am fascinated by them, they are a wonderful 
way to travel, and I am fortunate to be living in an age where this 
mode of travel is available to me. I am sharing the benefits of modern 


progress with many thousands of other people. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


FEAR OF REALITY 


I remind myself that nothing human is foreign to me. I can be 
what I choose to be. I engrave this sentence in my mind, and I recall 
this aphorism every time I fall into the familiar habit of trying to es- 
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Best solder quality 
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due to the right preparation and correct soldering parameters 


Preparation 


The most important prerequisite 
for a good solder joint is absolute 
cleanliness. Conductor and com- 
ponent must be free of dirt, oil and 
oxides. They can be removed with 
solvents or flux. 


Prior to soldering ERSADUR solder- 
ing tips should be cleaned while hot 
with a moist sponge or with a metal- 
lic dry sponge. Do not file the tip as 
you would copper tips, because this 
would damage the protective coat- 
ing and render the tip unusable. 


Soldering process 


The soldering process has three 
phases: wetting, flowing, and bond- 
ing, whereas the working tempera- 
ture is the most important criterion. 
It is best to work at the lowest 
temperature at which the three 
phases can progress smoothly. 
This requires some experience. A 
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Wetting the soldering iron tip 


Soldering a joint 
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The selection of the right soldering tip is decisive for good soldering results 


temperature-controlled soldering 
station will definitely facilitate this 
work. Place the tip on the joint to be 
soldered after cleaning and heat up 
the joint. Then feed the flux-cored 
solder wire between the soldering 
tip and the joint and melt as much 


solder as is required to wet the com- 
plete joint. Then remove the solder 
wire first and right after that the 
soldering tip to prevent overheat- 
ing the solder. Allow the solder to 
solidify, avoiding any vibrations or 
jarring during this time. 
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cape reality. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


FEAR OF REJECTION 


It’s better to ask for what I wish to obtain and get “no” for an 


answer than never to ask for anything, and never get anything. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


FEAR OF THE DARK 


From now on lam no longer afraid of the dark. Nothing changes 
when it gets dark. There is no reason to be afraid. On the contrary, I 
know that darkness is my friend because it helps me rest. 


The darkness is my friend, it helps me get a good night’s rest. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


FEAR OF THE FUTURE 


Starting today I am no longer afraid of the future. I feel strong. I 
am in control of my destiny. I have absolutely no reason to be afraid. 


The future belongs to me. I am happy, loved and respected. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defences, Godefroy Publications, 1989. 


(From now on only beautiful things will happen in my life. 
I rejoice at the thought of the beautiful moments I am going to 


experience.) 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Iam very happy... I feel good about who I am... I look confidently 
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into the future... and I know: my destiny is full of wonderful events. 
Day by day, in all ways, things are getting better. 


Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


Life is for me. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


Guide me, celestial light, guide me on the right path; I don’t ask 
to see what the distant future holds in store for me. Just the next step 
is enough. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


FEAR OF THE OPPOSITE SEX 


I feel better and better in my relations with the opposite sex. I feel 
more and more comfortable with men / women. My relationships 
are harmonious. Iam completely at ease, and men / women find me 
attractive. 1 am more and more confident and sure of myself with 


men / women. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


FEAR OF THE UNKNOWN 


If I really believe in myself, everything is possible. The totality of 
human experience is at my disposal from the moment I decide to 
adventure into unknown territory, without asking for guarantees of 
any kind. Just because it’s different, and I’ll have fun doing it. 

If I see myself shrinking back from the unknown, I ask myself: 


“What is the most terrible thing that can happen?” 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 
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FEAR OF VEGETABLES 


From now on Iam no longer afraid of — (name the vegetable). I 
know I am stronger. I see them as friends. They are beautiful plants, 
basking in the same sunshine as we do. We share the planet with 


them. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 


FEAR OF WATER 


From now onI am no longer afraid of water. I know there is noth- 
ing to fear because water is an element of nature. I am confident, am 
happy, I feel good in the water. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses , Godefroy Publications, 1989. 


FEELINGS 


To attain emotional maturity each of us must learn to develop 
two critical capacities: the ability to live with uncertainty and the abil- 


ity to delay immediate gratification in favor of long range goals. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I accept all my feelings as forming a part of myself. 

From now on I will try to live all my feelings. 

It’s good to express my feelings, and from now on I will allow 
myself to do so. 


I like myself when I express my feelings. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Ihave the right to express my feelings. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 
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I am in control of my feelings. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I can assume responsibility for my own feelings. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I can control my feelings. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I know how to communicate my feelings to other people. I un- 
derstand them and they understand me. I am not afraid of approach- 


ing people and telling them what I feel. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


If there’s no feeling in it I don’t want it any more. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


FEELINGS - NEGATIVE 


I refuse to allow images of disaster and of a terrible future to take 
root in my mind and dominate my personality with feelings of fail- 
ure. 

I refuse to allow distorted, rambling thoughts to occupy any space 
in my mind. 

Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Trying to rise above my negative feelings means that I am mak- 


ing progress. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


FEELINGS - POSITIVE 


I am working to continue my past successes and create entirely 
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new ones. As a constructive observer of the mind, I make sure my 


feelings of success are constantly growing in my imagination. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


FERMENTATION (Intestinal) 


Under my hand my intestine is contracting and pushing the gas 


upwards. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


FEUDING 





I want my problems with (name the person) to stop. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


To cut the thread of my negative thoughts towards someone I cut 


the knot attached to my own mind. 
Vernon Howard, Psycho-Pictography, S.L.P., 1965. 


Your inner Guide is allied with my own. Together they can bring 
us peace. understand you, and you understand me. Our inner Guide 


is our only guide. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


FEVER 


My temperature is going down. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 
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FIBROMA 


The contractions of my uterine muscles strangle the blood ves- 
sels which nourish my fibroma; lacking blood, it atrophies and dis- 


appear S. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


FIGHTING SPIRIT 


I know that I have the fighting spirit to attain my objectives; that 


means I try, and when I try I succeed. If I fail I try again. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I develop the habit of reacting positively and with a fighting spirit 
to threats and problems. I do this by adopting a positive, fighting 
attitude towards all day to day problems, as well as the problems in 
my mind. 

Dr. Maxwell Maltz, Psychocybernetics, Godefroy Publications, 1978. 


FILING 


I equip myself with the necessary material ( office furniture) to 


set up an efficient filing system. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


FINANCE 


I find it easy to organize my finances. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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[I attain my financial objectives. ] 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


My finances are prospering more every day. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


FIRMNESS 


I can achieve goals in this situation with firmness. I don’t need to 
be this angry. I can assert myself and be firm without being so angry 


or demanding. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


Ihave the right to say no to someone without losing that person’s 


love or respect. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I am learning to say no. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I never cave in to pressures or demands imposed by others... ex- 


cept if I have personal reasons for doing so. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I know how to say ‘No’ without being aggressive or timid. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I want to maintain a firm and dignified attitude, without becom- 


ing arrogant or cynical, without violence and without fear. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


Other people can say ‘No’ to me without my being affected. 
Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 
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FLAB 


Iam aware of the weight I’ve put on around the waist and stom- 
ach... my waist is going to get a little smaller every day... and my 
kidneys will purge my body of fat. 


Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


FORCE OF NATURE 


No force of nature is bad - it all depends on how it is used. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


FOREIGN LANGUAGES 


Studying this language gives me more pleasure every day... | await 
each class with impatience. I concentrate exclusively on learning this 
new language... nothing can distract me. Every new word I learn is 
engraved forever in my subconscious... I don’t forget anything that 


I’ve learned. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


I learn the —— (specify) language easily. My memory absorbs 
new words more and more easily. I understand the language better 
and better, and I’m also speaking much more fluently. My memory 
for this new language is improving day by day. Learning is easy 
for me. 





Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 
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FORGIVENESS (Also see Resentment) 


It is over, I can forgive myself. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


Every night I forgive all my enemies for everything. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I forgive my father with a sincere heart. He acted as he thought 
best. I accept what he did. I wish him peace, joy and harmony. I am 


sincere. I say what I think. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I forgive all those who have offended me. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I forgive others, they are only human. I forgive myself, I’m hu- 
man also. If I harbor resentment I may be able to hurt other people, 
but I am sure to hurt myself with the poison my resentment builds 
up in me. A person who can’t forgive is not really alive. 

When I forgive others I take a giant step towards maximum re- 


laxation; and when I forgive myself, I attain it. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I forgive —— (name the persons who offended you). I will radi- 
ate love, peace, benevolence and all good things under heaven to- 
wards them. They are free and I am free. I know I am free of them 
because I can think about them without any pain, but rather with a 


gentle feeling of peace and a blessing that springs from my heart. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


Iam willing to forgive anyone who ever hurt me, and wish them 


well. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 
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I fully and freely forgive you. I loose you and let you go. I do not 
wish to hurt you. I am free and you are free and all is well again 
between us. I feel love toward you and I glory in your success, pros- 


perity and complete good. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I now forgive you and liberate you all. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I may not be able to overcome my human weakness and actually 
love my enemies, but for the sake of my own health and happiness | 
forgive them and forget about them. 

Please open your heart to me. Understand, accept and forgive. 


I wish this hadn’t happened, but I was trying to meet my needs. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


FORESIGHT 


I never undertake something without having a contingency solu- 


tion, just in case. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I consider what I will do in case of success as well as in case of 


momentary failure. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


FORTUNE 


My happiness? My fortune? They are within me. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 
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Soldering time 


The soldering process should be 
completed within 2 to maximum 5 
seconds with a correctly dimen- 
sioned soldering tip. When solder- 
ing electronic components with 
lead-free solders, experience 


Solder joint quality 


When the leads of the components 
mounted on the board are crimped, 
a good solder joint has been formed 
when the contour of the soldered 
lead is still visible. This will not be the 
case, if an excessive amount of sol- 
der has been used to form the joint. 


A further quality attribute is the 
wetting angle. This consideration is 
based on the fact that good wetting 
of the pad, discernible through a 
small wetting angle, has given rise 
to the formation of a diffusion zone 
(intermetallic zone). Wetting angles 
of up to 25° identify a good joint, 
wetting angles of up to 50° are still 
tolerable in manual soldering. 


Correct! 


shows that more time is required. 
But even here requiring more than 
5 seconds is not permissible, and it 
indicates that either the tempera- 
ture setting is too low or the solder- 
ing iron lacks the necessary power. 


Another quality indicator is what the 
solder surface actually looks like. It 
should be smooth and shiny, without 
any porous areas visible. Grainy 
surfaces indicate either overheating 
of the solder or an excessive solder- 
ing time. Using lead-free solders, 
especially silver loaded alloys, matt 
surfaces may form. 


The only absolute quality indicator 
for a sound and strong solder joint is 
the formation of the diffusion zone. 
In the diffusion zone, intermetallic 
compounds of copper and tin are 
formed, whose presence is the final 
proof of quality (mixed crystals, see 
page 5). Unfortunately, the only way 


Wrong! 
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to make this zone visible is through 
a destructive test (sectioning of the 
joint). If the diffusion zone is too 
thick, the solder joints have no ten- 
sile strength and become brittle. The 
higher the soldering temperature and 
the longer the soldering duration, 
the thicker the diffusion zone will be. 
Therefore the joint should be made 
at the lowest suitable temperature 
and within shortest soldering times. 


As soon as the last solder joint 

has been made, the soldering iron 
is placed securely into the holder. 

At this time, the tip should not be 
cleaned, because the remaining sol- 
der on the tip prevents oxidization. 
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FOUNTAIN OF YOUTH 


I feel and think as if [had a magic charm, as if I were much younger 
than lam. INEVER consider myself older than twenty-eight to thirty- 


five years old. 
Franck Rudolph Young, Cyclomancia, SIP, 1966. 


FRANKNESS (Candor) 


I am always frank about everything I do. I never lie out of self 
interest, negligence or even for amusement. Everything my conscience 


finds reprehensible I refrain from doing. 
Professor Robert Tocquet, The powers Of The Will, Godefroy Publications, 1989. 


I force myself to play the game frankly and openly. 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


If I realize I’ve made a mistake | admit it; I try to learn from the 


experience in order to change my line of action. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


FRATERNITY 


My activities and my life, in fact my entire being finds meaning 


in the spirit of human generosity and fraternity with all people. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


FREEDOM 


Iam not resistant to new truths. They can free me. lam not bound 
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to a sad past except by my own mental chains. I break them apart. I 
can be totally free of negative feelings linked to the past. And this 


freedom makes everything in the present seem fresh and new. 
Vernon Howard, Psycho-Pictography, S.L.P., 1965. 


I plan ahead and free my energy in order to benefit others. I breath 
in goodness, which liberates me. 
I breath the desire to give into my heart, instead of just taking all 


the time, and I feel free and full of power. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I know that there are infinite forces at work within me. I want to 


free them, and make them grow constantly. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


(I am limitless. I know no boundaries as I live unconditional love 


and creativity. I recognize my true identity.) 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I use my power to choose wisely. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I choose what happens in my life instead of leaving things to 


chance. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam now at peace with my past. It’s finished, and I am free! 
From now on I will forgive everyone whom I come in contact 
with. We are all happy and free. I don’t have to try and please others. 


Iam worthy of being loved and appreciated, whatever I do! 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I am free to act as I wish. 
Francoise and Michel Moine, Develop Your Psi Powers, Stock Editions, 1982. 
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Iam free to live in any way I choose. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I want to be free; free of myself as well as of others. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


When my mind is really free I won’t be imprisoned by my emo- 
tions. A man who is freed from prison doesn’t have to think about 


freedom or imprisonment any longer. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


In harmony with the whole universe I find my individual free- 


dom. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


FREE TIME 


I never miss an opportunity to do nothing, and give myself the 


time to do so regularly. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


FRIENDSHIP 


I need friends, I need to be surrounded with people who will 
help me as I help them. 


Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


I like others and I like myself. I find it easy to make new friends. 
Vera Pfeiffer, Positive Thinking, Element Books, 1989. 


I create close links of friendship around me, in which the prin- 


ciple attractions are not problems or needs, but values and goals. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 
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I cultivate friendships which are important to me. I allow myself 


to have confidential relationships with certain people. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


I keep making new friends. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


I make friends easily, and I have a lot of respect for them. My 


friends can count on me. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I only have friends. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


I never neglect my friendship with others. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam funny and adorable, and I have some very, very good friends. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I am surrounded by friends. 
Francoise and Michel Moine, Develop Your Psi Powers, Stock Publications, 1982. 


I appeal to You, my Inner Guide, to give me the power to radiate 
love and sympathy all around me, so that I can attract others to me. 
Help me find those with whom I can forge real and lasting friend- 
ships. Let these people cross my path, and help us recognize immedi- 
ately that we are on the same wavelength, that we belong to each 


other. I thank You for your help and guidance. 
K.O. Schmidt, Success At Your Doorstep, Astra Publications, 1986. 


FRIGIDITY 


[have gained a better understanding of my problem. I know that 
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Iam not really frigid, that 1am a warm person and that the sex act is 
an expression of love. 


Iam not frigid and I can achieve an orgasm. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Ilove my body and [have the right to be sexually satisfied. I find 
it easier and easier to have an orgasm. I love orgasms, and abandon 
myself completely, with complete confidence. I am becoming a sexu- 
ally fulfilled woman, vibrant with sensuality. I find it easy to attain 
orgasm, and to satisfy my partner. I love my body, and my partner’s 


body, and Iam becoming a more and more desirable woman. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


[like my body and I like myself. reach orgasm with ease. awaken 
my partner’s desire and I know how to satisfy him. I am a sensual 


woman and I can abandon myself to my desire. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


Iam anormal woman who functions normally. 

I can be perfectly relaxed and enjoy a sexual encounter. 

I know that having an orgasm is completely normal. 

Tama healthy woman; I relax completely and open myself to my 
partner. 

I accept my orgasm without forcing it or wanting it too much. 

Iam convinced that making love is a beautiful and pleasant ex- 
perience. 

I see myself as a woman who can always have an orgasm. 

My body and mind are free of past sexual failures. 

Iam a woman, a feminine being, and I love to make love with my 


companion. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 
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FRUGALITY 


Whether I’m out or at home I enjoy eating small portions. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I found health by living in moderation and eating frugally, sim- 


ply in order to assure my survival. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I like leaving the table still feeling a little hungry. 
Sublipower, Sublihealth, Edi Inter, 1989. 


I will only eat healthy foods, and never to excess. 


J.V. Cerney, Stay Younger, Live Longer Through The Magic Of Mental Self-Conditioning, Parker Publishing 
Company Inc., 1968. 


When I sit down to eat I always tell myself: “I live better when I 
eat less.” 

I like eating less. Although I am always well nourished, I really 
like eating small portions and staying a bit hungry. 

I never eat more than I should. I know how much food I need, 
and I’m proud of myself because I eat well, Iam reasonable, and I’ve 


never looked better! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


FRUSTRATION 


I stop brooding about the best way to do things and simply start 


doing them. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I remind myself that frustration is a waste of time. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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I can always reap an advantage of some kind from a negative 
experience. I no longer react to frustration as I did at one time, for I 
know that I can profit from whatever happens, good or bad, in one 


way or another. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


FULFILLMENT 


I am burning to discover the best part of myself, that confident, 
companionable and responsible person I sometimes am. I avidly 
search for occasions to fulfill myself and refuse to get frustrated and 
boxed into a dead end. 

I never neglect the responsibility I have to myself to open the 


doors of my real personality and live my life to the fullest. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


[I am excited to be alive. I am glad to be here. I am a bright shiny 


star that glows every day and night. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


In future everything I say will tend to magnify my life. I want to 
live a noble and full life, spreading good to those around me, in an 


atmosphere of clarity and serene joy. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


I want to live fully. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


I feel fulfilled. 


Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 
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FUTURE 


I try to be as conscious and as positive as possible when making 


decisions that affect my life and my future. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


This is a great opportunity. I am constructive and positive, and I 


am starting to work on my future. 
Vera Pfeiffer, Positive Thinking, Element Books, 1989. 
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GAMBLING (Games Of Chance) 


Iam incredibly smart. I know which (card, horse, number, etc.) is 
going to win. 
Win, win, win. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


I never play. 
NEVER. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


GASTRITIS (Inflammatory) 


Blood flows into my stomach and intestines, repairing my mu- 
cous membranes, which are red and inflamed; my white blood cells 


close up the sores, and my mucous membrane is healed. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


GENEROSITY 


[I am gentle and generous with the people I like.] 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I am a generous and loving person. 
Emrika Padus, Encyclopedia of Emotions And Health, Edi Inter, 1991. 
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The more I share my possessions the more is given to me in re- 


turn. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


GIFTS (Talents) 


Every day I develop the gifts that have been bestowed upon me. 
I cultivate them assiduously, and with more and more noticeable suc- 
cess. Once again I let my inner Guide act through and for me. His will 
is my own. 

Iam united with my inner Guide. It activates my inner aptitudes, 
especially my gift for... (specify). Every day this gift gets stronger. 


K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


GOALS (Aims) 


Every time I want to do something or change something about 
my life I write it down, I develop a plan for attaining my goal, and set 
myself a deadline. In this way all my goals are transformed into ac- 
tion. 

Whenever I want to change something about myself, or get some- 
thing in life, I set myself a goal, I write it down, I read it over every 


day, and I take the necessary steps to attain my objectives. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I find my goals and decide now to go after them (intense desire 
makes things happen!). 

I write my goals down. (Writing goals has magic. I have a plan, 
rather than a wish or daydream. Writing is a commitment). 

I read my goals every day (I reinforce my commitment, and in- 
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Desoldering with a solder wick 
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Desoldering with a temperature- 
controlled soldering iron 
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(suction) tip 


Soldering tip 


\ 








lak 


Desoldering with a desoldering pump 





To achieve good results in desoldering, it is essential to select the right equipment. One can choose between desoldering wicks 
(desoldering using the principle of capillary action), mechanical desoldering pumps or electronically temperature-controlled de- 
soldering systems. These are divided in desoldering systems with conductive heat or those with hot air. 


Correct desoldering made easy 


The right tool for each application 





Desoldering 


Reheating is not recommended for 
repairing a faulty solder joint. It is 
better to remove the solder and to 
resolder the joint. When using a de- 
soldering pump, the solder joint has 
to be heated with the soldering iron 
until the solder has molten. Then the 
tip is removed and the desoldering 
pump is placed on the joint to extract 
the solder. 


Using a heated desoldering tool, 
the hollow desoldering tip is placed 
on the joint to be repaired, making 
certain that there is good thermal 
contact. Once the solder has mol- 
ten, itis extracted. 


Desoldering is also dependent on 
proper tip selection. For example, 
the desoldering tip's inner diameter 


should be the same size as the 
diameter of the through-hole or even 
slightly larger (by max. 0.3 mm, see 
above drawing). The best desoldering 
results with least damage to PCB or 
the components can be achieved with 


Temperature-controlled desoldering iron 





temperature-controlled desoldering 
irons (also see pages 24/25). Please 
note that basically it has to be dis- 
tinguished between the desoldering 
of through-hole components and the 
desoldering of SMD components. 


Sucking up the old, molten solder rem- 
nants with a mechanical solder sucker 
(desoldering pump) 
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spire action). 

I visualize myself reaching my goal (just after awakening and 
just before falling asleep). 

Imake an affirmation for my goal and affirm myself. (Affirmations 
are the fuel for motion. I affirm my objective(s) many times each day. 
I keep building my confidence. I repeat each day’s words aloud 10 


times, 3 times daily). 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I will not waste my strength on idle pleasure or useless work. All 


my actions will lead towards my goal. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


I don’t get all worried about results. I take pleasure in the journey 


towards my goal. I know exactly what I want. 
Vernon Howard, Psycho-Pictography, S.L.P., 1965. 


I always set new and higher goals once the old ones have been 


attained. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I know what I want. 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


I know I am capable of attaining the goal I set for myself; there- 
fore I demand continued and indefatigable action from myself, di- 
rected towards my goal. 

I have a clear written description of the precise goals I set for 


myself, and I will not stop trying to attain them. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 


Iam strong. I am courageous. I pursue my choices with focus and 


confidence. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 
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Once I set goals for myself, I find it easy to attain them. 
Sublipower, Subli Success, Edi Inter, 1989. 


My desires lead to positive goals which direct my life. 
Sublipower, Subli Success, Edi Inter, 1989. 


My prayers are powerful, and I know they will help me attain my 
goal. 


Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


One of the keys to my success is knowing precisely what I want 


to do. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


GOLF 


My golf swing is improving day by day. I hit the ball with power 
and precision, no matter what the situation. My swing is becoming 
elegant and effective. I hit my irons as well as my woods. And I’m 
doing very well with my putter too. Golf is becoming easy for me. 


My score is improving all the time. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


GOOD HUMOR 


At the center of every human being there lives an inner Guide. 
May my Guide awaken and transform the sullen side of my person- 


ality into a friendly, joyous and harmonious disposition. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I try to maintain my good humor and enthusiasm. 


Every morning I try to wake up in a good mood, ready for action! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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GOODNESS 


I try to see the good in others, but first I look for what is good in 
myself. 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I put my best self out there. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I am good. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


If I want to find happiness I have to stop thinking about the grati- 
tude or ingratitude of others, and give solely for the joy of giving. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


If man is good, the world is good. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


GRATITUDE 


Inow give thanks for all the good things I have and all that is still 


to come. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


If I want my children to be grateful I have to show them how 
myself, by being grateful to others. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I give thanks for having been allowed to discover the divine as- 
pect of my mind and body, and for the help I received in settling my 
business affairs and personal relations. 

Now I give thanks for this life full of health, wealth, happiness, 
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and perfect self expression. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


GREED 


Ihave more material wealth than I need, because I am not greedy 
and desire only what I can use constructively in my life. It took a lot 
of effort to get where I am, and I have always observed the laws of 


nature by developing positive habits to which I adhere. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


GRIEF (Also see Forgiveness) 


I free myself of my grief, and the incessant flow of negative 
thoughts. 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


GRIEVANCES 


I agree to let bygones be bygones, and bury my grievances in the 


past. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


GROWTH 


I’m open to new ideas. The best in me surges forward, never stop- 
ping, never ending, filling me with joy and freedom. That is the law 


of growth working within me, leading me towards what is good. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 
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My world is opening and expanding. 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


GROWTH - PHYSICAL 


I have a good appetite, I am digesting my food better, my lungs 


are getting stronger, I’m becoming robust, and developing normally. 
Emile Coue, Complete Works, Astra Publications, 1976. 


GUILT (Also see Fear, Rejection) 


Feeling guilty won't change the past and won’t make me a better 
person. 

I tell myself that the past can never be changed, no matter how 
unpleasant it may be. What’s done is done. I can feel as guilty as I 


like, but that won’t change anything. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


Ihave the right not to feel responsible for other people’s feelings. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I stop feeling needlessly guilty. I try to find the reason for a mis- 
take, without blaming myself. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I give myself the right to make mistakes. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I pardon and absolve myself of all guilt, here, now and forever! 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I forgive all those who tried to make me feel guilty about sex and 
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my body. 


Louis Proto, Self Healing, Piatkus Publications, 1990. 


I thank God every day for what life brings me. I an thankful for 
my luck and for my joys, and also for the obstacles and deceptions. I 


ask forgiveness for my prejudices against others, and thus free my- 
self of guilt. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


Everybody makes mistakes, it’s only human. 

I accept the consequences of my actions without embarrassing 
myself by blaming myself for past errors. 

However bad a decision I made, it doesn’t matter. I accept myself 
as a person who, like everyone else, is just trying to survive. 

I can learn from my mistakes without guilt or worry. 

Iam not responsible for others. 


Everyone’s awareness is different, so comparisons are worthless. 
Matthew McKay & Patrick Fanning, Self Esteem, New Harbinger Publications, 1990. 


I shake off all my erroneous thoughts, as well as those of the people 


around me. My mind is perfectly clear and free. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 
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HABIT 


I reject my negative habits, those which don’t do me any good; I 


cultivate my positive habits, those which work to help me. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I know that habits can be changed. I have already altered old habits 
and acquired new ones, whether in sales, bowling, or thinking. I have 
done it (1) when I became aware of the habit; (2) when I became con- 
vinced it was blocking me from reaching my goals; (3) when I worked 


at substituting a new, more useful habit. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


Iam completely free of this habit. Harmony and peace of mind 


reign Over me. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


HABITS - NEGATIVE 
(Also see Diet, Habit, Hygiene) 


No negative habit can dominate or influence me. I am in control 
of myself and my actions. I always do what is best for me and for my 


future. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I have decided not to have any unhealthy habits. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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I do not identify with undesirable habits. They are only acquired 


traits, and are not part of my real Self. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Iam free of this habit, I have peace of mind. 
Dr. Joseph Murphy, The Miracles Of Your Mind, Dangles Press, 1984. 


My bad habits disappear easily and are replaced by positive ones, 
especially concerning my diet and hygiene. And this naturally con- 


tributes to improving my general state of physical health. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


It is easy for me to replace one habit with another. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


HABITS - POSITIVE 


I will develop good habits and become their slave. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I have good working and living habits. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am going to develop habits that are going to make me think 


better and feel better. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


HAIR 


I can improve the condition of my hair... help it grow back... 
through mental action... I feel my hair revitalizing... getting stronger 
and more vigorous every day. 

I’m not afraid my hair will fall out... losing my hair is no longer a 
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problem... because I know I can keep my hair. 
I think about caring for my hair every day... helping to give it 


strength and vitality. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


HAIR LOSS 


I’m not at all worried about going bald one day... I know I will 
keep my hair... I don’t think about losing it any more... on the con- 
trary I’m certain I have the power to keep my hair... I am free of the 
fear of losing my hair... I actually feel it getting stronger and thicker... 


growing more and more... 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


HALITOSIS 


My breath smells fresh. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defences, Godefroy Publications, 


HANDICAP 


I can be greater than anything that happens to me. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


HAPPINESS 
(Also see Love of Self, Confidence, Intimacy) 


None of my past sufferings, nothing unpleasant or tragic that 
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happened to me will enter my mind. I will only allow positive 
thoughts, thoughts of joy and of the friends with whom I shared happy 
times, thoughts of peace and success, to enter my mind today. 

I will not allow anything to disturb my happiness: I have the right 
not only to exist today, but to really live. 

I don’t want to be unhappy today, whatever happens. I want to 
live and rejoice to the fullest on this day. I won’t let anything make 
me angry. 

Orison Swett Marden, The Joy Of Living, J.H. Jeheber Publications. 


Today is the best day ever. 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


God wants me to be happy. 


The happier I am, the happier the people around me are. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I assert my permanent good health, my happiness, the perfect 


creative expression of myself. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I have the right to be happy. I work on getting better at being 
happy. 


Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


I have the right to try to be as happy as possible as long as I re- 


spect others. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


I always have what I need to be happy here and now. 
Iam rich, I feel good about myself, Iam happy. 
I do, however, also accept responsibility for trying to make the 


world an oasis of happiness and abundance for everyone. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
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Some examples of SMD components }=——————__»> 


Ever smaller, ever finer 
SMD technology, a true challenge 


SMD Soldering 


SMD technology (Surface Mount Single solder joints, for example on 
Device Technology) is currently resistors, are made with ERSADUR 
the standard process in electronics long-life soldering tips starting with a 
manufacturing. Ever smaller and diameter of 0.2 mm. Fine-pitch con- 
highly integrated surface mount nections with a high pin-out, i.e. IC’s, 
components place growing demands _are most efficiently soldered with 

on SMD soldering equipment. Ersa PowerWell soldering tips. 


Ersa PowerWell technology for soldering fine pitch components within seconds 
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I believe that happiness comes from the ability to enjoy life and 


an unselfish desire to comfort and help others. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I make an effort to be happy. 


Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I deserve to be happy, healthy and wealthy. My mind’s natural 


state is happiness. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Iam immersed in happiness. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


I think of happiness as a state of inner freedom. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I know how to savor each instant of happiness. I live intensely, in 


the present moment. 
Christian Godefroy, 1987. 


I will be happy. 


Og Mandino, The Greatest Secret In The World, Different World Press, 1979. 


Iam happy to be alive and to be building my success. 
Charles Baudouin, Psychology And Practice of Self Suggestion, Idegraph Publications, 1990. 


The spirit in me is the artisan of my happiness. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


My mind and my soul are a haven of happiness, joy and confi- 
dence. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 
To be happy I make others happy! 
I have found happiness by helping others find it. 


W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 
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For me, true happiness never comes alone... 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


HARMONY 


I accept the divine balance between male and female. I experi- 
ence this male / female relationship with love and understanding. I 


allow this relationship to expand and strengthen me every day. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


Iam in perfect harmony with the universe. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


HARMONY - CONJUGAL 


Each day I shall remind myself to be less sensitive. Love frustra- 
tions are often the result of over sensitivity. We all know couples who 
truly love each other, yet constantly bicker over trivialities, each over- 
sensitive and on the defensive. Their love is like a duet, played ona 
discordant note. 

I must give my wife companionship. 

I must not expect my wife to conform to my way of thinking about 
everything. 

Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I like being married and I take advantage of the numerous ben- 
efits it offers. 

My marriage is a success because I do my part. I don’t take my 
success for granted, and I make a conscious effort to make my mar- 
riage a success, and help it grow. 

My marriage is proof of the effectiveness of teamwork. Iam never 
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alone in life, because I am part of a loving, attentive and successful 
team. 
I respect my marriage and my partner, and I always try to resolve 


our differences in as positive a way as possible. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I begin and end each day with a declaration of love for my spouse, 
and during the day, if possible, I devote three minutes of telephone 
time just to chat with him / her and express my love. 

I’m a good listener. I care about my spouse’s life, about the thou- 
sand and one details and little incidents that occur every day. I re- 
mind myself that things done out of duty may be done well, but things 
done out of love are done with grace. I see how something begun as a 
duty can be transformed into a work of love. It’s actually amazing 
how fascinating the ‘little things’ in life can be. 

I do not force my spouse to compete with the children for my 
attention. I make sure to spend time alone with my spouse. 

When we disagree about something I think that it is possible to 
have different opinions without arguing. However, we never go to 
sleep before resolving our differences. 

Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 

I know and believe that there is a man out there who will love 
and take care of me. I also know that I can contribute to his happiness 
and peace. He will accept me the way I am. He won’t want to re- 
educate me, and I don’t want to be re-educated. It won’t be necessary, 
because our relationship will be based on love, freedom and mutual 
respect. 

I can picture very clearly the qualities I’d like to see in my hus- 


band. I think about these qualities, so that they also become my own. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


Iam you and you are me. We are one, nothing can separate us. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 
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Every day our relationship is becoming more and more harmoni- 
ous. We are happy to live together, we compliment each other and 


our love for each other is growing. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


We always solve our differences with understanding and consid- 
eration. 

I respect the unique character of my spouse. I admire the numer- 
ous qualities in her / him which makes this relationship unique. 

Iam honest and sincere, and I express my thoughts and opinions 


openly, while taking what my partner has to say into account. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Our relationship is going very well. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


HARMONY - FAMILIAL 


(I invest in the well being of my children. And I must make my 


wife feel like a woman and not a mother substitute.) 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


HARVEST 


Task God to bless each furrow of ploughed earth. Every seed that 
is put into the seeder is blessed, and I have a clear image in my mind 


of the abundant harvest that will come later, God willing. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 
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HATE (Also see Love) 


Whenever I feel an impulse of hate or anger arising in me I re- 
place it with a loving thought and act as if I feel love instead of aver- 


sion. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I celebrate a general amnesty, freeing all those who have hurt me. 

I wish them all peace, health and happiness, and send them my bless- 
ings. 

Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


HEALING 


My healing powers are developing and getting stronger. 
Sublipower, Sublihealth, Edi Inter, 1989. 


What the mind causes the mind can cure. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


My thoughts are becoming more positive every day, healing me, 


assuring my success and bringing me happiness. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


I love my body. I have the power to heal myself. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


I believe and know that divine love is in the process of healing 


me. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I direct all the energy in me towards God and His powers of heal- 
ing. And the seed of this attitude sprouts and grows in the fertile soil 
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of my subconscious mind. 

I know that the infinite power of healing is healing me right now. 
It can heal me despite any logical proofs to the contrary. I feel it, I 
believe it, and I’m ready to attain my objective, which is my complete 


recovery. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I will recover. 
Emile Coue, Complete Works, Astra Publications, 1976. 


I rejoice in this new body and give thanks. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I am getting better. 


I want to get better. 
Professor Robert Tocquet, The powers Of The Will, Godefroy Publications, 1989.¥ 


The love of God saturates my entire being. The peace that comes 
from God fills my soul, and I give thanks for the marvelous healing 


that is taking place in me at this very moment. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


The power of my subconscious heals my body and makes it per- 
fectly healthy. 


I have the power to heal myself. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


The doctors are amazed at my progress. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


My state if health is improving. 
Dr. Joseph Murphy, The Miracles Of Your Mind, Dangles Press, 1984. 


If one of my organs is functioning badly the natural power of 
healing will work on curing the anomaly day by day. 
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My healing powers are strong and protect me against all disease. 
Sublipower, Sublihealth, Edi Inter, 1989. 


The power of suggestion accompanied by effective treatment will 


assure my recovery. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


Every day, and in all ways, I am feeling better and better. 
Emile Coue, Complete Works, Astra Publications, 1976. 


Everything is fine. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


HEALTH - GENERAL (Also see Beauty, 
Vitality, Confidence, Happiness, Looking 
Good, Slimness, Charm, Balance, Harmony, 
Self Expression, Peace, Success, Prosperity, 
Love of Life, Energy) 


As my essential functions of digestion, circulation, breathing and 


sleep get better and better, so does my general health. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


From today on I will develop my body and mind. I will remain in 


good health. Iam solid and strong because I have decided to be so. 
Raymond Hull, Wanting Is Power, Les Editions de l’‘Homme, 1969. 


Calm and relaxed, I regain my strength and health. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


Every cell of my body breathes harmony and health. My whole 
body radiates health. I feel wonderful. I’m in great shape. The way I 
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look and move expresses health and harmony. I radiate well being. 
Every day my positive thoughts keep me healthy. My thoughts 
create harmony in my body and in my relations with people. These 


harmonious thoughts give me strength and health. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


Every day I get more beautiful and healthy! 
Everything I do promotes my health and beauty. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


The prototype of my body in all its perfection can be found in my 


subconscious mind. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I can feel my body more healthy now. I visualize, think and speak 


well of my health. I use positive self-talk on a regular basis. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Iam acquiring good health. I make sure to keep all the parts of 
my body healthy. 


Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


I have an increasingly positive mental attitude in a perfectly 
healthy body. 
Iam constantly creating positive images and thoughts which keep 


me healthy and in top shape. 
Christian Godefroy, Mental Dynamics Seminar, 1978. 


I listen to my inner voice which always tells me the truth about 
my physical condition. I always listen to its warnings and advice. 

My mind takes good care of me. By giving it clear inner instruc- 
tions, I consciously condition it to keep my body bursting with health, 
energy and vitality. My mind always obeys my commands. 

I am very healthy, but I don’t take my health for granted. I am 
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proud of the efforts I make to stay healthy. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I use the power of my mind to control my thoughts, and keep my 
body and mind healthy. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


I will consult my dentist and physician for periodic checkups. I 


am going to devote a portion of each day to improving my health. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


(I feel good, I look good, Iam good.) 


Louis Proto, Self Healing, Piatkus Publications, 1990. 


I feel very healthy! I feel happy! I am in great shape! 


W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


(Iam a friend to my body. I always let my body guide me in per- 


fect equilibrium. I have confidence in my body.) 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I feel good. 


Iam in perfect health. 
George Barbarin, How To Overcome Fears And Anxiety, Dangles Press, 1974. 


I feel fine... I’m healthy... I have confidence in my subconscious... 
which watches over me and keeps my sympathetic nervous system 
in balance... my sympathetic nervous system which regulates all my 
bodily functions... and which keeps me in perfect health... 

Nothing can affect me... nothing can harm me... my health can 
withstand anything... my vital forces are inexhaustible... I am in per- 
fect health... in great shape. 


Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 
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Iam now in perfect health. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 
Tam very healthy. God is my health. 


Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


I will always live with a positive frame of mind, and that will 
keep my body healthy. 
Day by day my health is improving. 


Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


My body’s natural state is exuberant health! I see myself perfectly 


healthy, radiant and strong. I focus on health. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


The idea of perfect health now fills my mind. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


Every cell, every tissue of my body is regaining its health and 
harmony. 
My health is improving day by day, I am glowing with health. 
My strength is growing and my health is improving daily. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


The life of God penetrates every fiber of my being. 1 AM well and 
whole in every part of my body. Iam composed of billions of cells all 
containing intelligent life, and this intelligence guides me towards 
health, happiness and prosperity. 

Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 

My body is my friend. 

The power of life is in me and regenerates me. 

Sublipower, Sublihealth, Edi Inter, 1989. 


My body is perfect. 


Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 
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Soldering fine-pitch components 
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At first glance, soldering fine-pitch 
components by hand seems to be 
a tough job. Yet it is easy, with the 
right equipment at hand: 


Insert an Ersa PowerWell i-TIP (1) 
into the i-TOOL soldering iron (2) 
and set a tip temperature of 285 °C 
to 360 °C (depending on the alloy 
used — tin/lead or lead-free). 


Then position the component (3) 
and fix two corner pins. 


Add flux cream (also see page 30) 
to the pins on all 4 sides. Clean the 
front and concave portion of the 
PowerWell tip with a damp sponge 
or the Ersa dry sponge. 


Fill the concave portion with solder 
to slightly above the rim by melting 


the solder wire, until a small dome 
occurs (4). Take care not to add too 
much solder. 


Place the i-TOOL lightly on the flat 
section of the pins (5), and pull the 
tip across the pins towards you (6) 
without exercising pressure. 


Repeat steps (4) to (6) to solder the 
remaining sides. 
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Everything about me is an affirmation of balance and health. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


HEART 


I feel each heart beat. My heart is strong. It is doing its work per- 
fectly. [can count on it. It is strong, healthy and vigorous. It is beating 
regularly, calmly. It is strong. 

My heart is vigorous. The blood it circulates is pure. 

My cardiovascular system is purified. My arteries are free of all 


obstructions. My arteries are healthy. I feel good. I feel fine. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


My heartbeat is slow and regular. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


My heart is beating slowly and regularly. 
My heart is beating regularly, calmly, and strongly. It is working 


completely normally. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


My heart is strong again, and functioning normally. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


My heart is getting stronger and stronger, more and more calm, 
more and more rested. It is beating slowly and regularly, easily send- 
ing fresh blood full of oxygen to all parts of my body. My heart is 
getting stronger day by day, becoming more and more calm and pow- 


erful. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


My heart feels fine. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 
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I’m feeling better and better. 

My heart is beating normally and regularly. 
My heart is perfectly calm. 

My heart is perfectly healthy. 

My heart is doing fine. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


HEART ATTACK (See Tachycardia) 


HELP (Also see Cooperation) 


God is with me, God helps me, He cannot abandon me. 
Marcel Baugin, Hypnotism, Suggestion and Telepsychic Phenomena, Scientific Distribution, 1956. 


I accept the help others give me. 
Subli Power, Sublicontrol, Edi Inter, 1989. 


I have the courage to ask for help. 
Shakti Gawain, Reflections In The Light, New world Library, 1978. 


I make use of everything that can or could help me. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I am supported by life. 


Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


May God give me the patience to accept what I cannot change, 


the courage to change what I can, and the wisdom to know the differ- 
ence. 


W. Clement Stone & Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978 


Everybody loves me and supports me wherever I go. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 
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HESITATION 


As soon as I decide something... I do it, after having considered 
all the advantages... I do it right away... enthusiastically... and I reso- 


lutely eliminate all doubt and hesitation from my mind. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


HINDRANCES 


I now get rid of all the feelings of guilt, fear, resentment, disap- 
pointment and hate I may have accumulated. I am free of all hin- 


drances! 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I free myself of the hindrances that are no longer useful. 
SubliPower, SubliControl, Edi Inter, 1989. 


HOMEWORK (Al\Iso see Studies) 


When I’m at home I concentrate on my homework. I finish all of 
it carefully. I don’t let myself get distracted. I’m not going to be tempted 
to do anything else until my homework is completed and my courses 


for tomorrow are prepared. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


HOMOSEXUALITY 


Iam aman. 
A boy’s penis smells bad. It’s horrible, disgusting. 


Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 
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HOME 


I find my dream home. It’s exactly what I’ve been looking for, 
and corresponds to all my needs. My subconscious is an infallible 
guide. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


HONESTY (Also see Frankness, Sincerity) 


Honesty demands that I rid myself of the need to evaluate my 
own worth in terms of exterior values, instead of looking at myself as 
objectively as possible, with an eye towards an even better life than 
the one I am living today - in other words, instead of being more or 
less faithful to ‘the way it’s always been.’ 

Being honest with myself requires that I realistically evaluate my 
strong points and my weak points so that I can identify and separate 
all the defence mechanisms I’ve built up around me from my valid 
inner messages, and eliminate them. 

I can decide to continue listening to false inner signals, trying to 
hide my real self from others, but even if I do, from now on I will be 


totally honest with myself. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


HONOR 


I would be ashamed not to live up to my responsibilities and de- 
lude myself; therefore I must live up to my responsibilities to others, 


and not try to delude them. 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 
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HOPE 


I build my hope, and never destroy it. 


I choose to believe that something good can happen. 
J. Martin Kohe, Your Greatest Power, A Different World Ltd., 1979. 


Everything is tranquil around me. I feel good. I am confident. My 
life unfolds under the sign of hope. I am proud of what I have accom- 
plished up to now. And I will continue being proud. My life is calm, 


pleasant and full of hope. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


HUMILIATION 


No one can humiliate or upset me. I won’t allow it. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


Humor 


I am going to convince myself that a sense of humor is an anti- 
dote to worry. It will help me develop a balanced personality, and is 
as essential to intelligent living as food is for survival. 

Ineed to laugh for the maintenance of good health, for the relax- 
ation of my mind and body. Iam going to remind myself not to take 
either myself or my troubles too seriously. Laughter will help me make 
life more bearable. Laughter is a habit. I am capable of cultivating it 
by simply repeating each day that I will find something to laugh about. 


Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Ihave a kindly sense of humor about myself. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 
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HURT 


Only the False Me can hurt me. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


No one can hurt me unless I authorize them to do so. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I eliminate the hurt of a negative emotion by refusing to identify 
with it; this means that I don’t see it as a permanent part of myself, 
but rather as a feeling that is just passing through me. 

I try to put a definitive end to my inner hurt instead of seeking 


temporary solutions. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


HYGIENE (Also see Negative Habits, Dieting) 


I give my body the best. 


I love my body and I admire my beauty. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I will keep my body and mind clean because I want to live longer 


and stay young. 


J.V. Cerney, Stay Younger, Live Longer Through The Magic Of Mental Self-Conditioning, 
Parker Publishing Company Inc., 1968. 


I am good to my body and my body is good to me. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
I am going to develop habits that are conducive to making me 


think and feel better. am going to cultivate healthy living habits. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 
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HYPERTENSION 


My blood pressure is always normal, and my heart beats regu- 
larly. 


Christian Godefroy, Mental Dynamics Seminar, Godefroy Publications, 1978. 


HYPNOSIS 


I am certain I can put anyone under, at any time. 
Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 


Iam going to use the technique of self hypnosis to develop a will 
to improve, a desire to study, learn and make progress in every as- 


pect of my life. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


My hypnotic powers are developing day by day. 


Pr. Lawrence Powers, The Ten Secrets Of Hypnotic Power, Godefroy Publications, 1982. 


I am influencing your mind. I am going to put you to sleep. You 


cannot resist me. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


My hypnotic power is developing day by day. 


Dr. Lawrence Powers, Ten Secrets Of Hypnotic Power, Godefroy Publications, 1982. 
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IDEALS 


I intend to become.... (specify). 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


I will become great. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I can be one of the cogs in a great cause. I strive to attain my 


highest ideals, which always include excellent physical and mental 
health. 


W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


My role is to try to acquire the intellectual and moral qualities of 
the person I wish to imitate. I therefore observe my ideal model closely. 


I am aware of the value of each word I speak. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


My ideal is my guide. It is easier and easier for me to attain the 


goals I set for myself. 
Christian H. Godefroy, The Seven Eternal Laws of Success, Godefroy Publications, 1980. 


IDEAS 


I don’t forget the ideas that enter my mind. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 
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I make a conscious effort to think of new and better ideas, which 


are the subconscious keys to the vault of my mind. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I try to put an idea to practical use in my business or job, at home, 
and in my social relations. 

I often review the immensely beneficial ideas I have concerning 
my Real Self and my False Self. 

I take all these ideas and store them in my mental filing cabinet. 

If an idea is really effective, it will prove itself sooner or later. I 


want to give my ideas a chance to prove their worth. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


The idea that will enable me to succeed is already in my mind. I 


just have to think to get it out. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I am part of the vital flow of divine ideas. I gather them and re- 


joice in them. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


The exact idea I need today will appear in my mind. Coming from 
the Divine Intelligence, it also contains all the subsidiary ideas I need. 


I allow this right idea to govern my thoughts. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


IDEAS - LUCRATIVE 


I find the idea I need to double my revenue in one year. 

My subconscious comes up with ideas for rapidly earning $50,000 
(or the amount you need). 

My subconscious comes up with ideas for rapidly earning 
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$100,000. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


My mind is always creating new and lucrative ideas. 
Christian H. Godefroy, Prosperity: The Subliminal Method, Godefroy Publications, 1987. 


IDEAS - NEGATIVE 


Ilet go of any mental pattern which is creating negative effects in 
my life. 


Louis Proto, Self Healing, Piatkus Publications, 1990. 


IDEAS - PRECONCEIVED 


I have a conversation with someone whom I’ve avoided up to 
now. I soon notice that my preconceived ideas, when re-evaluated, 


paralyze me and nourish my indifference. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


IDENTITY 


I master the principles of perception. I learn to know myself. I 


discover my real identity. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


Iam 





(specify what kind) of person. 


Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


Iam happy being me right now. 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 
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SMD desoldering in 3 seconds — with the Ersa desoldering tweezers 


Some examples of different desoldering tip shapes: —————> 


SMD Desoldering 


To desolder or rework a damaged 
SMD component, the suitable 

tools are required to remove the 
component from the board. When 
using desoldering tweezers, it is 
extremely important to select the 
proper pair of desoldering tips. After 
having desoldered the component, 
the pad has to be cleared of the 
residual solder (e. g. with a suitable 
soldering tip and a no-clean desol- 
dering wick). Afterwards the new 
component can be positioned and 


Solder melting and removal with a 
desoldering wick 


Desoldering 


soldered. An optional IR heating 
plate is a very useful addition — par- 
ticularly in lead-free hand soldering 
applications. 


More comprehensive instructions 
on SMD desoldering is available 

in the process description "SMD 
desoldering” on our website at www. 
ersa.com. For the soldering and 
desoldering of BGAs or other high 
pin-out SMDs, particularly those 
with hidden joints, we recommend 
the semi-automatic Ersa rework 
stations (see page 31). 


Ersa desoldering tweezers 






Desoldering tips 








to desolder and remove MELF’s 

ee, 

———S— 
eR 


to desolder and remove SOIC’s 





! \ 
SS 


to desolder and remove QFP 
and PLCC components 


The compact CHIP TOOL VARIO. 
desoldering tweezers are perfect for 
precise desoldering of very small 
SMDs. 
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Iam ME. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences the same way as I give , 
Godefroy Publications, 1989. 


IGNORANCE (Also see Sickness) 


As I give myself the right to make mistakes, I also give myself the 
right to be ignorant. 


Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


Divine force is manifesting itself in me, I am positive, positive, 


positive. I have the power to destroy sickness and ignorance. 
Richard Ingalese, The Power Of The Mind, Dangles Publications, 1981. 


ILLNESS (Also see Pain, Ignorance) 


In the final analysis I must love in order not to fall ill. 
I have learned the lesson(s) I needed to learn and no longer need 


to be ill. 
intend to enjoy myself in spite of my illness, rather than brood- 


ing over it and bringing myself down with worry. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I have now transcended all preconceived ideas about illness. I 


am free and healthy! 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


I forget about illness. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I feel better. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 
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I know I can resist all diseases... whatever they are... I cannot be 
sick... I feel full of vitality... no discomfort whatsoever... no illness can 


catch my subconscious off guard. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


Illness begins in the mind. I will never allow my mind to fall prey 


to thoughts which are likely to result in disease. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 
1989. 


You couldn’t get the better of me, you will never get the better of 


me again. 
Emile Coue, Complete Works, Astra Publications, 1976. 


Iam in good health, and my body no longer has any trace of dis- 
ease. I look in the mirror and I feel happy. My skin is clear, my eyes 
shine with health. I feel good. I have energy. Life interests me. Every- 
thing is fine. My body is healthy, perfectly healthy. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


ILLUSION 


If I accept myself I choose reality and its accompanying roles: 
happiness, confidence and success. I don’t have to live in a world of 


illusion any longer, because I’m very happy to be who I am. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I get rid of outdated attitudes and acquired convictions. My life 


will be free of illusions. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 
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IMAGINATION 


I use my imagination in a constructive way. 
My imagination is a friend, responsible for my past successes. I 
construct my present based on these positive images of the past, and 


make progress towards building a good and pleasant life for myself. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


The power of my imagination is my greatest strength. 

Even if I haven’t had a lot of success, what I have accomplished 
remains in my imagination, where it really counts. 

I use my imagination to help establish goals for myself; it pro- 
vides me with realistic objectives, unclouded by fantasies, which will 
make me a happier person. 

Tallow my imagination to work creatively for me and for others, 


by planning sensible and attainable goals. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


My imagination is a powerful tool for creation. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


My imagination always helps me find new ways to succeed... new 
and enriching paths to follow. 

I have confidence in my imagination, which shows me the best 
ways to overcome obstacles. 

My imagination is becoming more and more fertile. | am con- 
stantly discovering things I had no idea about... things that enrich 
and diversify my mind... so that Ihave a definite advantage over those 
whose horizons are limited. 


I know I can count on my imagination. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


All the strokes of luck I have benefited from in life already ex- 
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isted in my imagination. 
Imagination is my mind’s workshop. It is where I convert my 


mental energy into action and wealth. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 


IMMUNITY 


(I am convinced that unconditional love is the most powerful 


stimulant for the immune system.) 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


IMPASSE 


When faced with an insurmountable obstacle I try to see things 


on a higher level. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


IMPATIENCE 


I will no longer feel impatient or angry; on the contrary I will 
always be patient, always in control of myself. And from now on the 


things that used to bother or irritate me won’t affect me any more. 
Emile Coue, Complete Works, Astra Publications, 1976. 


IMPOTENCE (Also see Premature Ejaculation) 


Tonight when I am alone with my partner I will feel exactly as I 
do now. I will be completely confident, sure of myself, I’ll feel vigor- 
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ous and healthy, exactly as I do now. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


It’s easy for me to get a strong and long lasting erection. And I 
have no trouble satisfying my sexual partner. I only ejaculate when I 
want to - I have perfect control. I like making love more and more, 
and I’m more and more skillful and loving with my partner. I am 


becoming more and more virile, and I satisfy my partner completely. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I have perfect control of my erections. I love to make love, and I 
know how to satisfy my partner. Day by day I am becoming more 


and more virile and loving. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


I am a normal man, with normal functions. 

I feel confident with the woman I have chosen as my sexual part- 
ner. 

Just as I am able to stay erect when I masturbate, I can do the 
same when I am making love. 

I am a normal man, with normal sexual habits. 

I only think about my successful sexual encounters. 


I know that my sexual functions are normal. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


IMPULSE - NEGATIVE 


I want to control my physical and emotional impulses and refuse 
to act on those which run counter to goals, principles and which dis- 
turb my vital balance. Next time I’m going to think before I act. 1am 


absolutely determined to control my impulses. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 
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I am always calm... and I control all my impulses. I never act be- 


fore deliberating... but once I’ve made a decision I see it through. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


INCOME 





I now have a satisfactory income of $ per month. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I’m doing what I really like. I therefore excel at what I do and my 


income is constantly increasing. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


My abilities are improving and helping to increase my income. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


INDECISION 


I am no longer undecided, I make no more mistakes or errors of 
judgment. My conscience is a perfect center of Intelligence of the uni- 


versal Understanding which is God. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


INDEPENDENCE 


As an independent and positive observer of the mind, I do my 
best to be a complete and independent person. I refuse to let others 


dominate and control my thoughts. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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I don’t need to be accompanied by a friend to do what I want to 
do. 


Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


Ihave the right to live my own life, as long as I don’t harm myself 
or others. 


I live my own life. It belongs to me. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I will never allow others to think for me. I must remain the mas- 
ter of my thoughts and actions. I am capable of steering my boat the 


way I want. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 


I am the sole creator of my universe and day and night I watch 
over my thoughts and feelings in order to guarantee my indepen- 


dence from others. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


INDEPENDENCE - FINANCIAL 


I make a good living! Iam heading for even greater success and 
financial independence. 

I appreciate the financial independence which allows me to at- 
tain my financial objectives. The more precise and detailed my finan- 
cial plan is, the more rapidly I will attain my objectives, and the more 


financially independent I will be. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I aim for financial independence and I make sure I don’t owe 
anyone anything. If I have to beg for money I become its slave. In 


cases where I can’t borrow money I find a creative way to earn it. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 
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INDIGESTION 


My digestive system is calming down. 
Emrika Padus, Encyclopedia of Emotions And Health, Edi Inter, 1991. 


INDIVIDUALITY 


I am a unique creature. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


INFARCTUS 


After each session I feel the pain in my chest diminishing. I will 
not feel my heart laboring. It now beats regularly and much more 
strongly. 

The fear I feel about my heart is disappearing, and I will stop 
thinking about it all the time. My heart is now healthy and strong 


enough, and I am recovering. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


INFERIORITY (See Complex) 


INFLUENCE 


I have a positive influence on other people. 
Sublipower, Subliconfidence, Edi Inter, 1989. 


I influence the people around me at will. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 
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I will tell X that ——— (specify) and my words will have a pow- 


erful effect. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I am sure of myself, no one can resist my influence. 
Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 


I intimidate you, and you can do nothing to resist me. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


The fact of understanding another person gives me power and 


influence over that person. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


The acts and words of others have no power or authority over 


me. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


X! During our meeting on — (specify) your opinions will change 
when I tell you that (specify). 


Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 





INFORMATION 


I try to promote the exchange of a maximum of information, con- 
sidering that other people are, in a sense, really strangers, and that I 


am also a stranger to myself. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I make sure I’m well informed about new developments in my 
field. 


Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


Other people (superiors, subordinates and colleagues) know what 
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I’m doing, as well as why and how. 

Iam well informed about everything that has to do with my work 
and with my business. 

I make sure there are no misunderstandings about the informa- 
tion I circulate. 

I consider that a part of my work consists of circulating informa- 
tion. 

If I’m in doubt about whether or not to divulge a piece of infor- 
mation, I go ahead and do it. 

I make sure to always reformulate the information I receive in 
order to verify that I’ve understood it correctly. 

I do not hesitate to be redundant, i.e. to repeat the same informa- 
tion two or three times in slightly different forms, to make sure that I 


have been understood correctly. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


INNER DIALOG 


I stop focusing my thoughts on the negative. I just let them go! 
Being realistic doesn’t demand focusing on a problem continuously. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I turn all negative ‘self-talk’ into positive ‘self-talk.’ 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


INNER GUIDE 


I learn to take charge of myself. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I learn to take orders from my inner headquarters - the Real Me. 
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Rework or repair soldering 







DynamiclR Bottom: 


A: Component for rework 
B: PCB 
C: Adjacent component 
(top side) 
D: Adjacent component 
(bottom side) 
AccuTCs: Thermocouples (4 each) 
IntelligentIRS: Non-contact infrared sensor 
DynamiclR Top: Top IR radiator (4 zones) 
Bottom IR radiator (5 zones) 
RPC: Reflow Process Camera 
IRSoft: Control & documentation 
software 
MIC: Microprocessor controls the 
DynamiclR heating system 


Principle of a rework station i) 





( The rework process demonstrated on the example of 


Rework designates the repair or 
touch-up of electronic components 
such as Ball Grid Arrays (BGAs) or 
SMTs. This chapter describes the 
process steps for BGA rework: 


1. Desoldering the BGA 


The rework station heats the 
printed circuit board from the bot- 
tom, whereas the BGA body itself 
is heated from the top. 


The real-time temperature of the 
component controls the pre-set 
temperature curve so that all solder 
joints melt at the same time. Then 
the vacuum suction cup is placed 
on the BGA and once all joints 
have molten the BGA is lifted off. 


2. Removal of residual solder, 
cleaning 


Solder remaining on the pads is 
removed with a soldering iron. 

To do so the residual solder is 
coated with flux. Then a flat 
soldering tip (e. g. 0102ADLF40 

or 0102ZDLF 150) is moved over 
the pad without applying any force. 
The solder adheres to the larger 
surface area of the tip, thereby 
levelling off the remaining solder of 
the connection pads. Flux residues 
are finally cleaned off (e. g. using 


Ersa FLUX-REMOVER). 
3. Reballing - 
Reusing the BGA 


Desoldered BGA‘s can be refit with 
new solder balls and re-attached to 
the board. This process is referred 
to as reballing. Residual solder is 
removed from the BGA by means 
of a soldering station. Lying on 


a BGA (Ball Grid Array) 


its back, the component is coated 
with flux first. Then the new solder 
balls are attached, for example by 
means of a stencil. These solder 
balls are heated up to the melting 
point with the rework station 

to firmly connect with the BGA 
body. Now the BGA is ready to be 
re-attached. 


4. Application of flux 
or solder paste 


The component and the connec- 
tion pads are now fluxed, or, as 
the case may be, solder paste is 
added through stencil printing. The 
type of technique applied depends 
on the application, components 
and the skill level of the operators. 
For the commonly used PBGA‘s 
the application of flux is mostly 
sufficient. 
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It is always a sure guide. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I listen to my inner guide for everything that is good, honest and 


positive. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


The law of love guides me. 

The inner force which guides me shows me how I can best serve 
humanity. In my dealings with friends and clients I am conscious of 
the fact that God resides in them, and I work with them for the tri- 


umph of happiness, prosperity and peace. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


My true Self guides me in all my actions. 
Divine love guides me and always takes care of me. 


It is now my inner wisdom that is my guide. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


INNER PEACE 


I often practice mental relaxation. When I want to relax completely, 
even if only for a moment, I use my imagination to project myself to 
a place where I know I will immediately feel inner peace. 

I possess inner peace. I live in a positive and interesting way. I 
have a reason for being here. I like what I am, and that gives me even 


greater assurance and inner peace. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


The secret place where I find refuge is found deep in my own 


mind. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 
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INNER STRENGTH (See Strength - Inner) 


INSOMNIA 


Every night from the moment I want to go to sleep to the moment 
I want to wake up the next morning, I will fall into a deep, calm, 
tranquil sleep during which I will have no nightmares. When I awaken 


I will be completely refreshed and feel great. 
Emile Coue, Complete Works, Astra Publications, 1976. 


As soon as I go to bed I fall asleep. 
As soon as I go to bed I fall into a deep sleep. I sleep all night 


long, and wake up refreshed and full of energy. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


Being physically and mentally relaxed will enable me to sleep 
well again... a deep, restorative sleep... This sleep will make me feel 
completely rested when I wake up. 

I will never be nervous again... always relaxed... 1 know how to 
relax and fall asleep when I want to. 

I will sleep deeply all night long... nothing can bother me. And in 
the morning when I wake up I'll feel happy, lucid, completely rested... 


and full of joyous and well channeled energy. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I always get enough sleep; my body makes sure to get all the rest 
that it needs! 

I love sleeping. I get tired, and sleep comes. I am going to have a 
deep sleep. 

My body craves sleep. I will sleep well right through the night, 
and I'll wake up happy and full of new energy! 
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I feel the peaceful calm of the night making me drowsy; I am 
completely relaxed; I am in a state of repose, peace and harmony. | 
am calm, I feel lama part of the rhythm of the night... lam weary and 
relaxed... I feel free and in tune with the natural rhythm of nature, 
which sleeps at night... my thoughts are getting fuzzy... I’m so tired... 


I’m falling asleep... sleep. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I sleep deeply and calmly. 


R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


I sleep better and better. 
Emile Coue, Complete Works, Astra Publications, 1976. 


I fall asleep easily, I will sleep deeply all night long and wake up 


refreshed and full of energy and good humor. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


I fall asleep easily. I savor my sleep. Every night when I go to bed 
I forget my worries, fears and anxieties. I am happy, relaxed, calm, 
and ready for a great night’s sleep. 

I don’t wake up during the night. Everything is fine. Everything 
is calm. I sleep deeply right through to the morning. I am calm and | 
don’t think about anything. I sleep deeply. 

Everything around me is calm. I do not wake up. I sleep deeply. I 
am relaxed and happy. Everything is fine. 

Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 

I couldn’t care less about whether I’m going to sleep or not. Even 
if I stay up till tomorrow morning it wouldn’t bother me. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


Iam calm... my muscles are loose... my nerves relaxed. I am calm... 
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and I am falling asleep. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


I am anormal person and I can fall asleep naturally. 

The noise in my room helps me sleep. 

The noise outside my room helps me sleep. 

Ican sleep the whole night through, without waking up, as I have 
done many times. 

When I go to bed I leave my worries and preoccupations behind. 

Iam relaxed, free of all the negative influences that troubled my 
sleep in the past. 


I don’t have to try to sleep any more - I just let myself fall asleep. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I am going to use self hypnosis and practice relaxing my body 
and my mind. I am going to sleep soundly and awaken in the morn- 


ing feeling refreshed and invigorated. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


A wonderful feeling of quiet and harmony spreads through my 
body... I feel happy... Every night when I go to bed this feeling over- 
comes me. 

I fall asleep immediately... my sleep is healthy and natural... when 
I wake up I feel rested and refreshed... I can feel the peace and har- 
mony spreading through me... I’ll be happy when I wake up... day by 
day things are getting better and better. 

Every night when I go to bed I eliminate all negative or annoying 
thoughts... I fall asleep right away... and sleep all night long until the 
next morning... When I awaken this marvelous feeling of peace and 
harmony is still there... I feel happy... day by day my condition is 
improving. 

Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 
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INSOMNIA - CHILDREN 


I love to go beddy-by because it feels so good. 


R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


INSPIRATION (Also see Creativity, Optimism) 


Every day ideas and creative inspiration come to me. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Something good is waiting for me. And God sends me love. God 
is the light of my life, the source of all my knowledge and inspiration. 
God, who is at the heart of my being, knows all. He provides the 
nourishment for my thoughts, ideas which serve me well, and clear 


divine intelligence. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


Iam now guided by God. His love fills my soul. God inspires me 
and enlightens my life. I am full of goodwill and love for all. Every 


instant of my life I submit to the will of God. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I am optimistic and inspired. 
Sublipower, Subliconfidence, Edi Inter, 1989. 


The inspiration I need will come to me while I sleep. Tomorrow I 


will resolve all my problems easily. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


My subconscious helps me discover the solution I am looking for. 
The answer I seek comes to me with ease. What is the best way to — 
— (specify)? 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 
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If I am stymied or at a dead end with a problem, I change the 
scenery and my mood. I try relaxing and reflecting by getting away 
for a day at the ocean or in the country. I remember that the right 
brain creative problem solver in my mind is always available for re- 


view when my left brain logic slows down. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


INTELLECT 


[have an intellect, but lam not my intellect. It is fairly developed 
and active; it lacks discipline but it can be controlled and channeled; 
it is an instrument for gaining knowledge, both of the exterior world 
and the inner world, but it is not me. I have an intellect, but I am not 


my intellect. 
Dr. Robert Assagioli, Psychosynthesis, Epi, 1965. 


INTELLIGENCE (Also see Self Confidence) 


The self image I choose depends only on me. I can choose to con- 
sider myself intelligent by applying my own criteria. For me, the hap- 


pier I am the more intelligent I am. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I am intelligent. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


I am wise. I am intelligent and creative. I accept that a positive 
mental attitude is an important part of creating my reality. 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I am an intelligent person. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 
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INTIMACY 


Ihave the right to be intimate with someone. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


Iam capable of being intimate. I like having someone close to me. 
Iam not afraid of intimacy. I’m ready to commit myself to an enrich- 


ing relationship. Iam happy to love someone. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


Iam completely happy. My intimate relations are deeply satisfy- 
ing and enriching. 

Ilook at my being and my intimacy with enthusiasm and hope. I 
believe that I deserve the best. I am worthy of the very best, and I 
obtain it. 

I am aware of my most intimate feelings and desires. I possess a 
fabulous treasure - my magnificent intimacy with another human 
being. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


INTRANSIGENCE 


I will never convince anyone by using force. The feelings this 


would create are very negative and the results are short lived. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


INTRODUCTIONS 


I always greet the people I meet with a smile. When introducing 
myself in any new association I take the initiative to volunteer my 
own name first, clearly; I always extend my hand first, looking the 
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person in the eyes when I speak. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


INTUITION 


By listening to my intuition I can hear the voice of God. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


Iam intuitive... my intuition is the voice of my inner Guide. S/He 


leads me and I obey. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


My intuition is getting better and better... and this intuition comes 
from my subconscious, which protects me... which knows what I 
should do... to stay healthy... to be loved... to succeed in my affairs... 


to earn money. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I develop my intuition and heed its advice. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I recognize my own intuitive ability. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I know what I need to know each moment. My consciousness is 


forever expanding and deepening. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


Iam receptive to the counsel of my inner self. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


The Universal Understanding which is in me knows things that I 
don’t. I let this great force of understanding and the power of action 
do what has to be done. All the wisdom, all the spirit and all the 
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intelligence of God are now working through me to accomplish my 


goals. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


The spirit in me knows. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


Intuition is not merely a hunch, but is an irresistible light which 
must be followed. 


I never ignore my inner messages. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


My intuition is perfect, my perception of things is also perfect. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


INVESTMENT 


I resolve to get my money working instead of me. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


INVOLVEMENT 


insist on my right to be a constructive member of the great hu- 
man family. 

No one can force me to isolate myself. 

I live in the present, even in moments of tension, pain or grief. 

I voluntarily strive to attain new and inspiring objectives. 

I make sure I am open towards people. 

I get involved in constructive projects. 

Today is another day during which I can become wholeheartedly 


involved with other people. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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IRRITATION 


Iam starting to free myself from anger, resentment and irritation 
as I recognize that the causes of my anger are mostly in my mind, and 
disappear as soon as I modify my mental attitude. 

If I get into a bad mood I sit or lie down, I close my eyes, I rest, 
breathing deeply a number of times and concentrating on an image 
of tranquility I repeat, ‘I am at peace. I am at peace. Iam calm, I am 


strong.” 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I don’t get irritated every time a problem arises. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


ISOLATION 


I reject whatever can separate me from others. 


If I neglect my self esteem I will find myself isolated. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam overcoming my feeling of isolation from others. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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5. Placing the component 


Once the pad has been prepared, 
the component has to be placed. 
Since all solder joints of a BGA are 
hidden under the component body, 
a component placement unit is re- 
quired. Successful visual placement 
by hand requires an operator with 
extensive experience and excellent 
skills. If the component is placed on 
solder paste deposits, great care 
has to be taken not to squash the 
solder depot, since doing so may 
lead to shorts after soldering. 


6. Resoldering the BGA 


The component is heated to the melt- 
ing temperature of the solder alloy 
used via a controlled temperature 
curve. The heating continues until 

all solder joints have melted and 
remained so for some seconds. 
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1. Remove BGA 





4. Application of flux or solder paste 


During this time durable and lasting 
solder joints are formed. After 
resoldering, the board is cooled in 
a similar fashion as had been done 
after desoldering. 


components. Subject to the type of 
connections (wired, hidden) they may 
slightly vary. 


These process steps are gener- 
ally applicable for all surface mount 


Rework - Repair of high-terminal count IC’s 
to successfully repair SMT assemblies, 
the several points must be observed: 


\ Dimensions and properties of the assembly have an influence on its 
temperature requirement 


‘ PCB holders and supports keep the assembly flat and prevent warpage 


XN Agentle and controlled heating process, continuously monitored, prevents 
damage of components or the board 


\ Accurate component placement is a prerequisite for a good soldering result 


NX Operators that are well trained will understand the process and ensure 
good results 


Rework process steps 









3. Reballing - addion of new solder 
balls 


2. Remove residual solder from the pads 
of the board 





5. Placement of the new or reballed 
component 


6. Resolder the BGA on the prepared 
surfaces of the board 
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JEALOUSY 


I have complete confidence in my husband / wife. 

Iam no longer afraid that s/he will leave me. 

I won’t try to eavesdrop on his / her telephone conversations 
any more. 


I know s/he loves me as much as I love him / her. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 


I love him / her as s/he loves me - unselfishly. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I am ready to allow Love to flow through me, working for the 
benefit of all. I free myself of all hate, all unpleasant thoughts, and all 


jealousy. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


May my confidence shine through all my actions and attitudes. I 
show my love for my spouse by doing special little things for him / 
her, and I do everything I can to fulfil his / her needs and desires. I 
don’t ask for anything s/he is not willing to give voluntarily; I firmly 
believe in our love, and I see how the magic power of love and mu- 


tual confidence changes both of us for the better. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 
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JOBS (Also see Remuneration) 


From now on [have a perfectly satisfying and well paying job. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I now have a good job. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I will find the ideal job. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I am keeping my job. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


leasily find a well paid and pleasant job such as ——— (specify). 


Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


The ideal job for me does exist. But I have to start by believing it 


if I want to find it. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


Infinite Spirit, give me the possibility of having a job (or a house, 
or abundance, or anything else you desire) which pleases me, a job 
that keeps me busy, a job where I am needed, and which no one else 
can do as well as I. May I meet the right people so that I find a job 
where I can offer good service and get well paid for it. Lead me to 
where I can make the right contacts. I leave it up to You, and I know 


that all will be well. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I accept the inevitable. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 
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JOIE DE VIVRE (See Love Of Life) 


JOY 


I smile a lot. I feel happy inside, and I show it. 
I’m a happy person by nature. I try to look at life with warmth 


and joy, and I believe that life is worth living. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Today is a great day. And I have everything I need. So I choose to 


live wonderfully, in joy and love! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Each day I prepare myself to be receptive to joy. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Every day my mind is filled with joy, love and peace. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


I now choose harmonious thoughts and let the joy flow freely 


through me. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I let go of the past and now live totally in the present. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I think and act joyously, and so I am joyous. 
Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I smile because I want to share my joy. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


I am as joyous as possible. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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(I am excited to be alive.) 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I am always joyous, active and energetic. Eternal joy is my 


strength. Iam always in a good mood, free and full of happiness. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


Because my morale is getting stronger and stronger, I feel more 
and more in control of all situations, however difficult they are. In- 
stead of all those negative and depressing thoughts, I will concen- 
trate my mind on thoughts of health, courage, confidence in life and 


in myself, certitude and joy. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


JUDGMENT (Also see Action, Memory) 


Moderation, common sense, good judgment and balance are all 


important elements of the way I live. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I channel my thoughts and take the time to exercise judgment 


concerning all my activities. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I never act contrary to my own better judgment. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


My thoughts are ordered and clear. 


My judgment is rapid and sure, my memory is accurate. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


In order to clarify my judgment I try to understand other people’s 


opinions about my behavior, my ideas and my emotions. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 
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JUSTICE 


To be just, I act justly. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


JUSTIFICATION 


I refuse to justify everything I do. If someone asks why I do such 
and such a thing, I reply that I have no reasonable explanation. I do 


what I do simply because I feel like it. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 
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KLEPTOMANIA (Also see Honesty) 


I no longer feel the need to steal. I am in perfect control of my 
reactions and my impulses. In stores I always pay for the merchan- 
dise I take. I can easily master my impulses. I take pleasure in spend- 
ing money for objects I desire. I am a perfectly honest person, and 
happy about it. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


KNOW-HOW 


I trust myself to acquire the knowledge and skills I need if this 


plan or approach does not lead to the results I want. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


KNOWLEDGE 


I seek knowledge in order to make wiser choices. 

My daily job is to broaden my knowledge. 

I can do whatever I want, but what I want is determined by what 
I know. 


Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I raise my consciousness, my level of understanding. 
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I raise my level of knowledge. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I make harmonious and confident use of the knowledge I acquire 
in my life. 
Professor Kurt Tepperwein, How To Learn The Painless Way, Godefroy Publications, 1983. 


I collect all the information I can. 

I replace the effort of thinking with a tranquil understanding of 
everything that is going on. 

I transform my acquired knowledge into personal knowledge. 
And then I experience the miracle of peace, every day. 

The supreme secret for breaking out of the vicious circle of prob- 


lems is knowledge. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I invest in my own knowledge. I enroll in an extension or semi- 
nar class in some aspect of personal or professional development. I 
make the bookstores and fitness centers my new haunts for ‘happy 


hour.’ 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


(Each person’s knowledge is different, therefore no comparison 


is of any value.) 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 
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LACK 


People give to me freely: I do not have to beg or fight. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


LAUGHTER 


From now on I will cultivate laughter. I will smile, and my diges- 
tion will improve; I will rejoice and my burden will grow lighter; I 
will laugh, and my life will be prolonged, because that is the secret of 


long life, and it is now mine. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


My scale of values changes as my inner self develops. So now I 


laugh about things that caused me to suffer in the past. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


LAZINESS (Also see Cowardice, Lying, 
Disorder, Discipline) 


Tomorrow I will wake up at — (specify) o’clock. I will feel rested 
and eager; I will not waste a minute lying around in bed; I will jump 
out of bed and joyously greet the day that awaits me. I will maintain 
my enthusiasm throughout the day, and I will work with joy and 
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presence of mind, certain that my efforts will lead to the desired re- 
sults. 

Starting today I will not allow myself to waste time on insignifi- 
cant things, in order to prevent the bacteria of laziness from taking 
over my mind and my body. I walk straight and stand tall, not bent 


over like a crescent moon. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


Iam becoming a good worker, committed, courageous, and more 


and more frank and sincere. 
Emile Coue, Complete Works, Astra Publications, 1976. 


I will react against laziness and I will work with courage and regu- 


larity (dedication). 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


I’m starting to like what I do again. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


I can now get up on time every morning, feeling great. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I am rested and full of drive. I rejoice in the things I have to do. 
Today is a lucky day for me. I am calm and serene, and I can handle 


any situation! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


LEARNING (Also see Knowledge) 


Learning is like depositing gold in the bank of your mind. I in- 


vest in myself every day. I can learn whatever I want. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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I love to learn. I find the time to learn new things, and constantly 


develop my mind. 
Christian H. Godefroy, The Seven Eternal Laws of Success, Godefroy Publications, 1980. 


I am constantly learning! 
W. Clement Stone, Passport To Success, Godefroy Publications, 1962. 


After you have gained general knowledge in a field or subject, 
concentrate on learning one aspect of it well. Succeed in specializing, 
before you diversify. Doing one thing well, until you have mastered 


it, brings confidence and a reputation for excellence. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I take great joy in learning. 

Iam completely relaxed, and assimilate the text perfectly. 

I can easily remember everything I learn when I wish, and I am 
satisfied with my progress. 

I will stick to the program I set up for myself right to the end, and 
I will not let myself get distracted. 

Iam very happy to learn so quickly and easily in this way, and I 
feel great. 

I listen enthusiastically to the information I want to acquire, and 
assimilate it as if it were the easiest thing in the world to do. 

I always concentrate on what I am doing, at the moment I’m do- 
ing it. 

Learning brings me more joy every day. 

I feel free of all obstacles, and learn with enthusiasm. 

Each time I make progress I get more pleasure from my work. 

Each day brings me a greater and greater understanding of the 


deeper meaning of what I learn. 
Professor Kurt Tepperwein, How To Learn The Painless Way, Godefroy Publications, 1983. 


I believe I can learn anything. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 
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Miniature soldering iron 





( Ersa MINOR S 


The MINOR § miniature solder- 
ing iron with a rating of 5 W and 
a maximum tip temperature of 
440 °C is an ideal tool for ultrafine 
soldering applications on micro 
IC’s and under a microscope. 

It can either operate with a 6 V 
transformer or a 6 V battery. 


Besides electronics the MINOR S 
can also be used in watch repair, 
in the photographic industry and in 
dental technology. 





MINOR S, 5W 


Ersa MINOR S (5 W), a featherweight at 6 g for ultrafine soldering applications 


Micro soldering irons 





Ersa MULTITIP Series 


The MULTITIP soldering irons are 
especially short, light and easy-to- 
handle soldering irons with minimal 
distance between soldering tip and 
the handle's front part. They are 
ideally suited for small solder joints. 
Its internally heated soldering tip 
provides an enhanced degree of 
efficiency. 


The MULTITIP is available for 

15 W and 25 W which makes it 
suitable for micro soldering joints 
and medium-sized joints, as for 
example, on distributor strips or in 
the hobby sector. 





MULLTITIP series, 15/25 W 


Ersa MULTITIP (15/25 W) internally heated soldering iron for small to medium solder joints 
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LEARNING WHILE ASLEEP 


Soon I will be deeply asleep. And yet I will easily be able to hear 
what I taped, and memorize it without waking up. I will learn the 


text on the tape easily, while I am completely calm and relaxed. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Ina few minutes, when I fall asleep, and even if I sleep very deeply, 
I will be able to hear the tape recorder; it will be easy to learn and 


memorize everything I hear. 
Valery Sanfo, Practical Guide To Self Hypnosis, de Vecchi Publications, 1987. 


LEISURE 


I engage in inspirational recreation. I get out the kites, grab the 
Frisbees, dust off the picnic basket, share a project with the children, 
attend little theatre productions, musicals, and concentrate most of 


my television and movie viewing on shows that warm my heart. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


My leisure time is full. 

I am aware that I can take an active part in managing my leisure 
time, just as I manage my professional life, or anything else I want to 
do. 

I don’t consider leisure time as wasted, or just time to kill. On the 
contrary it is an opportunity to develop myself and to relax. 

Every now and then I review how I make use of my leisure time, 


and plan various ways to use it better (theatre, vacations, etc.). 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 
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LESIONS 


If there are lesions in one or another of my organs, these will heal 
up day by day, and will rapidly disappear. 


Emile Coue, Complete Works, Astra Publications, 1976. 


LEVEL HEADEDNESS 


I am always level headed, calm and serene. God’s peace perme- 
ates my mind and my soul, my entire being. I am full of goodwill, 


and sincerely wish all people peace and happiness. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


LIFE 


Life is an amusing game which I want to play. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Inow dedicate my entire mind to the Divine Plan of creative life. 
I refuse to be a mediocre person achieving mediocre results in my 


life. God has given me the genius of the Spirit. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


Now is the best time to be alive. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


LIKABILITY 


Iam likable and affectionate, and I have a lot to share with others. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 





able of contents 


L Page 216 
it 


I am likable. 


Dr. Wayne W. Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I am always relaxed, never irritable, and therefore always smil- 
ing and likable. 


Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


LIMITATION 


I never allow the obtuse thoughts of others to limit me; instead I 


open myself to limitless possibilities. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


There is no limit to how good I can feel. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Iam limitless. I know no boundaries as I live unconditional love 


and creativity. I recognize my true identity. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


Iam free, nothing frightens me, nothing can limit me. The realm 


of the mind has no boundaries. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


(Iam a limitless being.) 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


All thoughts of limitation and poverty are now erased from my 


mind. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


No task is impossible if I know and understand my limits. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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My only limit is my mental image. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


LISTENING 


I listen to what other people are saying instead of preparing my 
answers, and I make sure they have finished expressing their point of 


view before responding. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I listen to everything the people I’m talking to have to say, not 
only a part of it. To me listening doesn’t mean waiting for my turn to 
speak. When I listen, I really listen. 

Iam an attentive listener. I don’t listen just for the sake of listen- 
ing, but to understand. 

I listen to other people’s thoughts, but I also listen to my inner 
voice, the voice of my best friend and advisor. I listen to the advice I 
receive. 

Every day I become more and more skilled in the art of positive 
listening. I like to use my listening skills every time I have an oppor- 
tunity to do so, no matter who it is I’m talking to, what the occasion 


is, or where I am. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


LOGIC 


I am a rational person. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


My thoughts are coherent and organized in an orderly way. 
Sublipower, Sublimemory, Edi Inter, 1989. 
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LOOKING GOOD 
(Also see Weight, Losing Weight, Health) 


Iam gradually reaching my ideal weight. Every day I am closer 
to having the figure I dream about. I’m looking better every day. My 
body is firm, and I feel light. Life is nourished by life: I feel like eating 
living nourishing food, rich in vitamins. I love the life-giving taste of 
fresh raw fruits and vegetables, which enhance my beauty and en- 
ergy. 

Each day I feel my body becoming more beautiful and I rejoice in 


the life flowing through me. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


When I take an honest look at myself in the mirror I like what I 


see. I’m proud of the efforts I make to look and feel good! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


(I know I have to look good as good as I can to please my hus- 
band / wife.) 


Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I vibrate with immense happiness, in a magnificent body sculpted 


by the immense power of my subconscious. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


LOSING WEIGHT 
(Also see Strength, Body Fitness) 


I'll soon reach my ideal weight. I feel happy, and my body is look- 
ing better and better every day. I don’t have to deprive myself of any- 
thing. [like my body, I like myself. My subconscious mind is my most 
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powerful ally. Through the power of my subconscious I can completely 
master my eating habits. I am free and happy. As I lose weight I feel 
more fulfilled, I am more active, more considerate of others, and 


prouder of my image. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


Every time I start eating I rapidly lose my hunger. I will not eat 
any more foods that make me gain weight, and I won’t eat between 
meals. My body will function on a strict minimum of food and, by 


perspiring, will eliminate all toxic substances. 
Valery Sanfo, Practical Guide To Self Hypnosis, de Vecchi Publications, 1987. 


I lose a couple of pounds every week, and I feel fine. 
Professor Kurt Tepperwein, Secret Techniques of Hypnosis, Godefroy Publications, 1981. 


From now on | willbe slim, strong and in perfect condition, what- 


ever I do. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I find it pleasant and easy to lose X number of pounds. 
Raymond Hull, Wanting Is Power, Les Editions de l’‘Homme, 1969. 


I love this new beautiful body my subconscious is sculpting day 
after day. I’m losing weight. I’m looking better. I feel good. Every 
breath I take is filled with health and energy. Every time I exhale I get 
rid of toxins and excess fat. 

My fat is melting. I’m looking better and better every day. I have 
less and less desire for useless foods that do nothing for my health. I 
am free of all that. I feel light, so light. I’m in great shape. And I feel 
great. 

I feel so much better being myself in a slim body, free of all those 


false cravings and superficial pleasures. 
Charles Baudouin, Psychology And Practice of Auto Suggestion, Idegraph Publications, 1990. 
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I am gradually reaching my ideal weight, and can maintain it 
easily. My health is improving. My appearance is also getting better 
and better, and people like to be with me more. I’m looking better 
every day. I only eat healthy foods, which help me lose weight with- 
out feeling hungry. I am becoming more and more attractive and 
healthy, thanks to the power of my subconscious mind. I can easily 
reach my ideal weight, and stick to it with no effort. I like my body, 
and the new self image my subconscious is helping me create. | am in 
perfect control of my eating habits. I love my body, and I have the 


power to lose weight. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Ihave no trouble maintaining my ideal weight. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam always slim and healthy. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 


Whenever I sit down to eat I never let anyone else influence me, 
tempt me, or discourage me in a negative way. I am learning to say 


no to food and yes to success. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Losing weight the self hypnosis way will definitely improve my 
appearance. 

Losing weight the self hypnosis way will change my personality, 
giving me greater self confidence, a sense of pride, a feeling of ac- 
complishment. 

Losing weight the self hypnosis way will make me less tired and 
sluggish. 

Losing weight the self hypnosis way will improve my sex life by 
making me more attractive. 

Losing weight the self hypnosis way will prolong my life. 


Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 
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LOST OBJECTS 


You know all things; therefore You know where my ring is and 


You will reveal where it is to me. 
Dr. Joseph Murphy, The Miracles Of Your Mind, Dangles Press, 1984. 


LOVE (Also see Success, Happiness) 


To love is to look beyond other people’s faults and failings. I con- 
centrate on the good in other people. 
I love, and I never hesitate to go that extra mile, or spend that 


extra time to show someone my love. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Every time my partner is affectionate, I forget all my worries, and 


feel full of love and tenderness. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


My life is an experience of love and warmth. 
Christian H. Godefroy, Positive Thinking: The Subliminal Method, Godefroy Publications, 1987. 


Giving and accepting love makes me strong. I always treat love 


as the most prized gift. The natural state of my heart is love. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I accept appreciation for my loving actions. As I give freely, I also 
receive freely. I appreciate myself as a male and female. 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I greet this day with my heart full of love. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I love to love and be loved. 
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The more I love, the more love I have to give to others. 

From now on I will love and receive love without any reserva- 
tions. 

All the love I seek is already in my heart. 

The more I love myself, the more I love ———. 

I love ———- and ———— loves me. 


I now invoke the quality of love. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I love life, and life loves me in return. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I love. 
Jean Chartier, How To Acquire A Superior Personality , Dangles Press, 1971. 


I learn to think in terms of love in my mind, and I feel love in my 


heart. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I give and receive love freely. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I don’t hate anyone, I don’t envy anyone, but I love and respect 


the whole of humanity. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I could stop loving you, but for the time being I prefer to con- 


tinue. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I radiate love through my thoughts, words and actions. Love 
brings harmony and happiness to my life, and to my relations with 


others. 
Dr. Joseph Murphy, Triumph Over Yourself And Others, Le Jour Publications, 1988. 
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Iam always in love with the universe, with life, and with myself. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


Iam a person worthy of love and affection. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I live in a cosmic universe, and I can hate no person, nation or 


race. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I live according to the law of love. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I love you. 
Marcelle Auclair, The Book Of Happiness, Seuil Publications, 1959. 


The emotions of love exists in me when I can be with other people 


and not want anything from them. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


The Spirit in me loves the Spirit in you. 
Marcelle Auclair, The Book Of Happiness, Seuil Publications, 1959. 


Harmony surrounds me. I listen with love to the pleasant and the 


good. I am a centre for love. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I fill myself with love and always expect the best. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


LOVE - FILIAL (Also see Creativity, Sensitivity, 
Optimism, Peace, Joy, Tenderness) 


I love and respect my father because he is good for me. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 
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Universal soldering iron 
ERSA 30 S, MULTI-PRO, ERSA 15+ and ERSA 25+ 


; { The proven ERSA 30 §, available 

with a 30 or 40 W rating, is a very 
robust and durable soldering iron. 
Its improved ergonomics is further 
enhanced by the practical stick-on 
rubber support disk. This universal 
soldering iron is designed for multi- 
purpose use in the crafts, service 
and hobby sector. 


The MULTI-PRO with its heat-resis- 
tant power supply cord is extremely 
flexible, as it can be operated 

with a wide range of different tips. 
Therefore, it is suitable for almost all 
conventional soldering applications. 






The ERSA 15+ universal sol- 
dering iron is the ideal tool for 
cost-effective soldering. Internally 
heated soldering tips guarantee 

an outstanding performance. The 
ERSA 15+ can be operated with 
diverse fine tips of the 832 and 842 
tip series. Its ergonomic handle as- 
sists in the safe processing of fine 
soldering joints. 


ERSA 30 S, 30/40 W 
Ersa MULTI-PRO, 20 W 


ERSA 15+, 15 W 
ERSA 25+, 25 W 





The ERSA 25+ is perfect for sol- 
dering applications with increased 
heat requirements. The internally 
heated, larger soldering tips of the 
832 and 842 tip series ensure good 
heat transfer at a high thermal 
performance. The ergonomic 
handle provides a safe grip for 
every soldering application. 





— 


Ersa universal soldering irons — for almost all applications 
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I love my mother, but I’m not responsible for her happiness. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


LOVE LIFE 


I respect myself and assume the responsibility of being myself in 
my love life. 

Iam loving and caring both towards my partner and myself. 

I don’t consider marriage an institution where one partner domi- 
nates the other. I have faith in love, in the support and opinions of my 
partner, but I am the only one who is in control of my life. 

[like the way my partner looks at me, and I know that this look is 
a reflection of my approval and appreciation for him / her. 

I feel sincere admiration for my partner, and I show it. I often 


express my admiration and approval, both in public and at home. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


LOVE OF LIFE (Also see Prosperity, Happiness, 
Self Confidence, Courage, Peace, Love) 


I am going to regain my zest for life. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Life is fantastic. That’s right, fantastic. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


[I am going to make a positive effort to enjoy life, based on the 


principle that happiness is an attitude that can be cultivated.] 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I am excited to be alive. I’m glad to be here. I am a bright, shiny 
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star that glows every day and night. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I rejoice in life, and I am happy to be alive at this point in history. 


I contemplate the bounty and richness of life all around me. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I profit from life. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


Iam full of life. I love life and I’m happy to be alive. Iam a very 


special person, living an extraordinary life. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Life is fun and pleasurable. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


LOVE OF SELF 
(Also see Self Confidence, Self Esteem) 


(The more responsibilities I accept, the more energy and self love 
I have.) 


Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I love the body I was given. Itis a part of me, and I love who Iam. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I love and appreciate myself as I am. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Ilove myself without condition or judgment. I am an energy pat- 
tern like no other before or after me. I am comfortable in my indi- 
viduality. 

Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 
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I love myself the way Iam. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


I respect and love myself. 
Sublipower, Sublisuccess, Edi Inter, 1989. 


I feel warm and loving towards myself. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


LOYALTY 


I invest my sincerity and loyalty in others. This brings me closer 
to people. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


LUCIDITY (Also see Self Control) 


By acquiring a lucid and constructive mind I become my own 
judge; not a judge who condemns with impunity, but a compassion- 
ate judge who does everything to plead my cause. 

The lucidity of my mind is my laboratory. 

My lucidity helps me develop positive habits. 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I think clearly and judiciously. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I want to be perfectly lucid under all circumstances, remain in 
control of myself whatever happens, and feel perfectly at ease with 


everyone I meet. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 
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My mind is always clear and lucid, and the results I obtain are 


the proof. 


Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


LUCK (Also see Money) 


ful. 


I am lucky. 


Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I am getting luckier and luckier. 
Christian H. Godefroy, Positive Thinking: The Subliminal Method, Godefroy Publications, 1987. 


Ihave the right to be lucky and rich. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I go through life smiling. 


Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


Iam a magnet for everything good. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Love, that divine magnet, attracts everything that is good. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


Everything comes to me easily and effortlessly. 
From now on everything will contribute to make my life beauti- 


Everything good comes to me easily and effortlessly. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


LUNG DISEASE 


My lungs are getting stronger. 
Sublipower, Sublihealth, Edi Inter, 1989. 
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My lungs are clean and strong. I can breathe deeply. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


LYING (Also see Cowardice, Laziness) 


I always tell the truth. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 
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MAGNETISM (Also see Influence) 


I am accumulating great magnetic power. 

I accumulate all ambient magnetic energy in my solar plexus. 
My magnetism is becoming more radiant every day. 

The magnetic power I emit makes my suggestions irresistible. 


Ican easily concentrate the magnetism in me, and project it where 
and how I want. 


Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 


I am projecting my magnetic force. I am saturating this person 
with the flow of my magnetic energy. 


Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


The people who enter my life are attracted by my own personal 
level of magnetism. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Ihave magnetism because I am in control of my mind and body... 
this gives me great inner strength... this force... each day... I feel it 
developing in me. 

I control and channel my thoughts at will... and this cohesion of 
my personality has a positive influence on those around me. 

Such thoughts attract similar forces... of love and benevolence... 
which reinforce my personal magnetism. 

I feel myself radiating a powerful magnetic force... which helps 
me succeed in life... which makes me attractive... to both men and 








‘able of contents 





M Page 230 


women... I always try to be friendly, hoping to benefit them in some 


way... with my magnetic force. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I now exert an irresistible attraction on people. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I project my personal magnetism. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


I feel attractive, bursting with all the power in my soul. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


I feel more and more attractive, more and more powerful and 
magnetic. I have a positive influence on everyone around me. More 
and more people are attracted to me. Yes, day by day I feel my mag- 


netism getting stronger. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


Other people love to have me around. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


My personality is becoming more and more magnetic. I can influ- 
ence the people around me at will. 
People are attracted to me more and more. I’m liked by everyone 


I meet. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I’m working on my facial expression: I want it to be frank, full of 
light and strength, ready to spread my power wherever necessary. 


Henry Durville, I Want To Succeed, Durville Publications, 1968. 


No one can resist the power of my eyes. 
Professor Lawrence Powers, The Ten Secrets Of Hypnotic Power, Godefroy Publications, 1982. 
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Nothing can resist my gaze. 
Marcel Rouet, Techniques And Practise Of Hypnotism, Paris Productions N.O.E., 1974. 


MAIL 


I answer my mail, or throw it away, or delegate it every day, so 


that it doesn’t pile up. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


The mail I send projects a positive image of my service and of 
myself. 

Taking care of my correspondence doesn’t take a lot of time. 

I use empty blocks of time to take care of my mail. 

I write creatively. 

I am learning (through practice) to write clean copy on the first 
draft. 

I am learning (through practice) to dictate a clean copy to my 


secretary on the first draft. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


MANAGEMENT 


I build other winners too. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


MANAGEMENT - MONEY 


I enjoy managing money carefully and successfully. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 
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I know how to manage my money. I have a healthy respect for 


what I earn and what I know, and I put them to the best possible use. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I know where I stand financially. 
My spending is in line with my resources, with a sufficient mar- 


gin for maneuvering. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


MANAGEMENT - TIME 


I dedicate about twenty minutes a day to managing my time: ten 
minutes in the morning going over the list of things I have to do, and 
one minute per hour throughout the day. 

I regularly ask myself what I can do to save time. 

Iallow myself sufficient time alone to think about how I’m orga- 
nizing my time. 

I know how to say ‘no’ and avoid time wasting activities. 

Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I make a list of my daily tasks, in order of importance. 

I know how important it is to remain in control of my time and 
my priorities. 

Since I establish my own priorities and since I am aware of the 
importance of each of my actions, I give them exactly the amount of 


time and degree of attention they merit. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


(I manage my time well.) 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I take time for sunsets and flowers. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 
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MARRIAGE 


I am wanted by someone. I am happily married to a good and 
loving man / woman who is interested in things of the mind. I am 


secure. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


MATURITY 


I am becoming more mature every day. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


MEDICAL TREATMENT 


This treatment is totally successful and feels very comfortable. 


My pills are working wonders - and with no side effects. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


MEDITATION 


I bow before the power that is in me. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I remain awake in a passive way. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


MEETING PEOPLE 


I like to meet people and I focus on their good qualities. My goal 
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tandard and hammer soldering irons 


The ERSA 50 S$/80 S or 150 S 

a % series is designed for applications 
where a large amount of heating 
capacity is required, as, for ex- 
ample, on copper conductors with 
cross-sections of 2.5 mm to 6 mm. 


The ERSA 200, 300 and 550 
hammer soldering iron series are 
particularly suited for sheet metal 
processing and installation work 
and for soldering commutators and 
copper bus bars. 

Hammer soldering irons have 

also proven their merit in leveling 
applications during body work and 
lead glazing. 









ERSA 50 S, 80 S, 150 S, 50/80/150 W 


ERSA 200/300, 200/300 W 


ERSA 550, 550 W 


| High-speed soldering iron 


Ersa MULTI-SPRIN 





The Ersa MULTI-SPRINT is an er- 
gonomically designed and extremely 
light-weight, pistol-type soldering 

iron with up to 150 W power which 
does not require a transformer. Its 
PTC heating element, together with 
the internally heated ERSADUR 
long-life soldering tip, ensures its 
exceptionally high efficiency. Due 

to its very short heat-up time, it is 
ideally suited for making quick single 
soldering joints. The MULTI-SPRINT 
is powered only as long as the button 
is pressed. Depending on the heat tips of the 832 / 842 series make the 
requirement of the solder joint to MULTI-SPRINT suitable for more 
be made, additional energy can be than only the use in repair 
supplied by periodically pressing the and service applications. 
button. The large variety of soldering 





Ersa MULTI-SPRINT, 150/75 W 
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is to make each person glad they talked with me. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


I take great pleasure in meeting other people, and I always see 
their good side. I am in no way unconsciously fearful of people, I 
know that the Spirit in all people is one of warmth and loving friend- 
ship. I give thanks for all the people I know, and for those I will meet 


in the future. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I approach people with heartfelt friendship. 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I can’t select all the people I'd like to work with and be with; but 
I control whom I spend most of my time with, and I can meet new 
people. I can change my environment and seek out successful role 


models to learn from and share with. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Now I meet exactly the type of people I want to know. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


The more I meet different people, the more opportunity I have to 
realize that my fears were all a waste of time. With this in mind the 
unknown becomes something that I want to explore instead of some- 


thing I want to shy away from. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


You are you and I am me. 

I am not in this world to meet your expectations. 
You are not in this world to meet mine. 

Iam here to do my thing. 

You are here to do your thing. 

Sometimes we will meet - and that’s beautiful. 
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Sometimes we won't. Too bad. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


MEETINGS 


I always get to my meetings slightly ahead of time, and I make 


sure I never miss a plane or train. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


Each time I am called upon to make a presentation to my depart- 
ment I prepare carefully and arrive at the meeting feeling completely 
sure that I know my material and that I will be in control of the meet- 
ing. 

Each time I meet with our financial advisors I feel very much a 
part of the family. Being young only emphasizes my capabilities. Sit- 
ting with my colleagues I feel calm and serene, one member of a team 
all collaborating to achieve the same objectives. Because my mind is 
concerned with the decisions that we will soon have to make, I am 
oblivious to my body, and I am calm, concentrated and completely 


without tension. 
Arthur Wassmer, The Art Of Making Friends And Being Happy, Belfond Publications, The 1978. 


I prepare for my meetings. 

I make sure that the person chairing the meeting does his or her 
job properly. 

Only the people who are required to make the meeting more ef- 
fective are allowed to participate. 

The meetings I chair always result in explicit decisions being made 
and understood by all participants. 

When I'm not chairing a meeting that I find is going badly I try to 
exert a positive influence by getting myself appointed secretary, or 


by suggesting that we take time out to evaluate the proceedings. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 
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Whenever I am asked a point-blank question in a group meeting 
I am usually able to respond because I always pay attention to the 
discussion. I feel calm. I don’t worry about coming up with the “right” 


answer because after all, I am the expert. 
Arthur Wassmer, The Art Of Making Friends And Being Happy, Belfond Publications, 1978. 


MELANCHOLY 


Iam never melancholy. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


When I am in one of my melancholy moods I will make sure not 


to project my disturbed feelings of gloomy disposition onto others. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


MEMORY 
(Also see Concentration, Judgment, Willpower) 


Starting today all aspects of my memory are improving. It is get- 
ting better and better. I retain everything I need to know more and 
more easily. I have confidence in my memory. It is more and more 


accurate. It is becoming more and more effective. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


What I record in my memory is written in indelible ink, and stays 


there forever. 
Professor Kurt Tepperwein, How To Learn The Painless Way, Godefroy Publications, 1983. 


Whenever I repeat the word X three times in a row my memory 
becomes perfectly active. It is ready to assimilate data, and I learn 
everything I have to with ease. Whenever I read or listen to some- 
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thing my mind will be more open and will store as much information 
as possible. My memory is improving, and it is much easier to con- 


centrate on the subject at hand. 
Valery Sanfo, Practical Guide To Self Hypnosis, de Vecchi Publications, 1987. 


I have a good memory... a faultless memory... I can retain what- 
ever I want. 
My memory is powerful... and improving every day... as I orga- 


nize my thoughts. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I like going to classes more and more as my memory improves. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


My memory is improving daily. My memory is getting better day 
by day, so that I can remember everything I need for my work. 

All aspects of my memory are improving. From now on I can 
easily remember everything I have to, under any circumstances and 
in any place. My memory is more and more precise and faithful. I 
absorb all the information I need in my day to day life more and more 
easily. My memory is improving daily, and will soon be completely 
effective. I control my memory under any circumstances. 

I congratulate myself. I really have a fantastic memory. I should 
be proud to have such a good memory. I can easily remember all the 
dates, events, statistics, thoughts, words, reading and work-related 
information I need to know. I really have an effective memory. Once 


again, bravo! I congratulate myself! 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I train my memory in order to make it more powerful, and I use it 


to advance in my chosen profession. 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


limagine my memory as a fruit (any fruit). It is healthy, perfectly 
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smooth, free of imperfections. It is perfect. That is my memory. 

I am relaxed. Everything is going well, everything is calm. My 
memory is improving day by day. I have a good memory, a faithful 
memory. I can count on my memory because it is becoming more and 
more accurate. 

My memory is faithful. I can count on it. It is becoming more 
faithful every day. Iam happy about the progress it is making. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


I always remember my conversations with others clearly. I can 
repeat important parts word for word. This helps in my work, and in 


all other areas of my life. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam going to devote a part of each day to improving my memory. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I want to make my memory fast and accurate, my assimilation 


(of information) clear and correct, and my willpower faultless. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


My mind stores information with ease. 

All [have to do is give myself a mental command to retrieve any 
information I want from my memory. 

Every day I work on developing my concentration and memory. 

My memory is getting better every day. 

I have confidence in my memory, as it becomes more and more 
accurate. 

My memory is getting stronger every day. 

My thoughts transform into images, which are engraved on my 
mind. 

I can easily recall any information I need, when I need it. 

I have the power to remember everything I see, hear or read. 
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My memory is my friend, and I can count on it. 

If I want to forget an event, a thought, a person or an object, my 
memory obeys. 

The more I use my memory, the more accurate and faithful it be- 


comes. 
Sublipower, Sublimemory, Edi Inter, 1989. 


I now have complete confidence in my memory. It is now fully 
effective. I can control it under any circumstances. It absorbs every- 
thing I need to know, and provides me with the information I need, 


when I need it. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


MENOPAUSE 


Iam not at all worried about my life as a woman... because I can 
stay young... stay young for a very long time. 

I feel good... I am relaxed... I am not worried... I am resolutely 
optimistic... at this age where women reach their full potential... A 
great life lies ahead... full of promise... and I feel good, wonderfully 
good. 

Iam going to manage my menopause and make it another, even 


more enriching stage in my life as a woman. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


MENSTRUATION 


I know that the menstrual cycle should occur regularly every 
twenty-eight days, and not every thirty days as many people believe. 
It will last for four days, no more, no less, and the flow will be neither 
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too abundant or too sparse, both before and during the period; I should 
not suffer from kidney or lower back pains, headaches or any other 
kind of pain, since this natural function should take its course natu- 


rally, without my having to suffer in any way at all. 
Emile Coue, Complete Works, Astra Publications, 1976. 


I am balanced and peaceful in all changes of cycles, and I bless 
my body with love. 


Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


My uterus is tightening, emptying itself. 


My uterus is becoming empty; I want it to be empty. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


MENTAL CONTROL 


I take charge of my thoughts. I can do what I will with them. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


Iam responsible for the thoughts in my head. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


MENTAL FACULTIES (Also see Concentration) 


My faculties are developing day by day. 


R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


MENTAL FATIGUE 


My thoughts are clear and precise, my mind is fresh and alert. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 
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I do not hesitate to take a break from my work if I’m tired... to 
relax my muscles... to breathe deeply and restore my energy... or to 
relax my brain by emptying my mind. 

Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


MENTAL PROJECTION 


I develop my faculties of concentration and mental projection. I 
learn to project my mind and all my senses in the desired direction, to 


any place and any level in the universe. 
Christian Godefroy, Mental Dynamics, Robert Laffont Publications, 1976. 


I am learning to develop my five senses, my concentration, and 


to project my mind to any place and any level in the universe. 
Christian Godefroy, Mental Dynamics, Robert Laffont Publications, 1976. 


MENTAL RETREAT 


In my place of retreat I am free, and I am in control of my subcon- 


scious. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


MERIT 


I merit the best, and from now on only the best will come to me. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I was just talking about luck, but luck had nothing to do with it. I 


got that good grade because I deserved it. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 
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I want to imitate the examples of those who succeed, of those 
who fear no obstacles. I want to merit and obtain success, joy, power 


and love. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


MIGRAINE (Also see Emotion) 


I can relax at any time. My head feels cool... my head feels light... 


my neck and shoulders are supple and relaxed. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


In afew moments my mind will become clearer. The excess blood 
congesting my head is flowing back down to other parts of my body. 


Soon my headache will be gone. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


I feel my head getting calm. 

I feel my head relaxing, getting lighter. 
I feel free of all mental stress. 

I feel my head is normal, clear. 

I am in control of my emotions. 


I feel free of the past events which caused my migraines. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I will feel good today, my head will be clear and lucid. 


Leslie M. Le Cron, Liberate The Forces In You Through Self Hypnosis, Tchou/Ariston, 1964. 


I am going to free myself of migraines. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 


My head is opening, becoming calm and light. Energy is once 
again circulating normally though my head, eliminating all fatigue 
and all tension. My blood is irrigating every part of my brain fully, 
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bathing it in a soft light. My head is completely relaxed. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


My forehead feels pleasantly cool. 


Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


My headache has disappeared. 


Emrika Padus, Encyclopedia of Emotions And Health, Edi Inter, 1991. 


Go away! Go away! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


MIND (Also see Memory, Concentration) 


I use the vast power of my mind. 


I concentrate my mind on one thing at a time. 
Vernon Howard, Psycho-Pictography, S.1.P., 1965. 


I want to be mindful of everything because whatever I am aware 


of can inspire new ideas and opportunities. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


All the functions of my mind, like memory, attention, etc. are 
improving. 
Charles Baudouin, Psychology And Practice of Self Suggestion, Idegraph Publications, 1990. 


Like an eagle my mind was created to rise to great heights. 


I rely on my aptitude for developing maximum mental power. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I affirm the existence of the Real Me. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I will never use the power of my mind to do harm to others. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 
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Power soldering iron 
( Ersa MULTI-TC and PTC 70 





The MULTI-TC and PTC 70 are 
powerful and robust, temperature- 
controlled soldering irons. Both 
tools offer an outstanding heat-up 
rating. 


a 







Due to their high thermal per- 
formance, and because of the 
large selection of soldering tips, 
the MULTI-TC and PTC 70 are 
suitable for fine soldering joints in 
electronics as well as for joints with 
medium heat requirements. The 
MULTI-TC is furthermore also used 
anywhere else where standard 
irons with 150 W power are in use, 
including, for example, lead glass 
and Tiffany soldering. 





Ersa MULTI-TC, 75 W 
Ersa PTC 70, 75 W 


Yo 
Gas soldering irons 


Ersa INDEPENDENT 75 and INDEPENDENT 130 


Ersa gas soldering irons are fueled 
with commercially available lighter 
gas and are fired up through the 
piezo ignition. Compared with electri- 
cal soldering irons, the INDEPEN- 
DENT 75 has between 15 - 75 W, 
and the INDEPENDENT 130 be- 
tween 25 — 130 W performance. Both 
irons are available in the BASIC-SET 
and PROFI-SET versions. 


Aside from handling the usual types 
of electronic components, the selec- 
tion of tips available enables the 
INDEPENDENT to also handle SMD 
soldering, micro-welding, forming and 
Cutting of synthetic materials and the 
processing of shrink sleeves. 





Ersa INDEPENDENT 75, 15 — 75 W 
Ersa INDEPENDENT 130, 25 — 130 W 
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I rejoice in this Life which exists for me. Iam an incarnation of the 
Mind of all life. 


R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I AM everything of substance that is. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


[I am going to think with my mind and not my emotions. I am 


learning to think love in my mind, so that I will feel love in my heart.] 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


My mind is a divine center of operations. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


Everything is the Mind. When the Mind is well, everything is 


well. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


MIND PROJECTION 





I want X (specify who) to be forced to reveal (specify what). 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


MIRACLES 


The light in me is accomplishing miracles in my life, here and 
now. 
The light in me is accomplishing miracles in my body, in my mind, 


and in my affairs, here and now. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Iam the greatest miracle in nature. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 
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Divine love is working in me here and now in order to create 
something. 
The Christ in me is accomplishing miracles in my life, here and 


now. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


My own words create miracles in my life. 


I expect a miracle. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


MISOGYNY 


I will make an attempt to understand and appreciate feminine 
psychology so as to better comprehend the underlying motivations 
for my wife’s behavior. 

I cannot expect love and respect from my wife if I belittle or abuse 
her. 

I must also remind myself that little courtesies, tender attentions 


and acts of kindness are as important to her as material gifts. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


MISTAKES 


I collect my mistakes with pleasure. I consider them as tools for 


learning. 
Raymond Hull, Wanting Is Power, Les Editions de l’Homme, 1969. 


Ihave the right to make a mistake. 


To err is human. I am a human being. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 
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I nourish my conviction to rise above my mistakes. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I learn from my mistakes. 
Sublipower, Sublisuccess, Edi Inter, 1989. 


(My father thought that it is important not to make mistakes. But 
I have to learn how to do this work. I can only learn by trying. If I 


worry about mistakes I will stagnate, I won’t learn anything.) 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I know that I am free to make mistakes, it is fine to make mis- 
takes. I do the best I can. I always do the best I can within the limits of 
my awareness. Within the limits of what I know at any given time I 
do the best I can. I love myself, mistakes and all. 1am a good person. 
I learn from my mistakes, and I am free to make them. 

Iam free to make mistakes. I can learn from my mistakes without 


guilt or worry. The past is over and there is nothing I can do about it. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


When I make a mistake or get ridiculed or rejected, I look at mis- 
takes as learning experiences, and ridicule as ignorance. After a rejec- 
tion, I take a look at my BAG - Blessings, Accomplishments, Goals. I 
look at rejection as part of one performance, not as a turndown of the 


performer. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Here’s a mistake I promise myself I’ll never make again, with the 
help of God! 


Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 
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MISTRUST 


I believe everything —— (name the person) tells me about his / 


her activities. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defences, Godefroy Publications, 1989. 


MISUNDERSTANDING 


I make sure not to mistake a misunderstanding for a real disagree- 


ment. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


MODERATION (Also see Discernment) 


Iam happy to possess this or that object. I promise to use it wisely 


and in moderation, so that I get as much pleasure as I can from it. 
Raymond Hull, Wanting Is Power, Les Editions de l’Homme, 1969. 


When I reprimand someone or express my unhappiness I try to 
do so after the urge to fight or become upset has subsided. The best 
way to get my feelings across is when I can speak in a normal voice, 
without all of the warlike body language. When I am upset I try a 
substitute physical exercise such as running, tennis, racquetball, or 
handball, in which there is impact involved to release the built-up 
adrenaline in my system. I do speak my mind, but I criticize the be- 


havior without attacking the other person. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Everything has its just measure, and I respect it. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 
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I am going to observe moderation in everything I do. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


MONEY (Also see Business, Luck, Competence, 
Creation, Projects, Debts, Vocations) 


From now on I have more money at my disposal than I need. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I earn more money than I spend. 
Christian Godefroy Collection, Magic Formulas For Being Happier And More Successful, Godefroy Publications. 


Imanage my affairs wisely and confidently. I earn enough money 


to satisfy my needs. 
Raymond Hull, Wanting Is Power, Les Editions de l’Homme, 1969. 


I don’t dislike money... it gives me security... and I know that I 


can make money if I want to. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


I can do anything I want to extremely well, including making 


money. 
J. Martin Kohe, Your Greatest Power, A Different World Ltd., 1979. 


Iam receiving plenty of money for doing exactly what I want to 
do. 


Shakti Gawain, Reflections In The Light, New World Library, 1978. 


Iam mentally and spiritually connected to the money I gave —— 
— (name) and it will come back to me multiplied and magnified in 


the Divine Scheme. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 
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I bless you so that you can bless others in turn. May you enrich 
everyone you touch. I thank God on your behalf, but I thank Him 
even more for the thousands of others like you. I bless this infinite 
abundance. I thank God for it, and receive it with an ever more open 


mind. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I find the money I require to buy the car I need. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Money is energy, and I control its flow. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Money makes me, and the people close to me, happy. 
Money allows me to help others. 


Money comes to me without effort. 
Christian H. Godefroy, Prosperity: The Subliminal Method, Godefroy Publications, 1987. 


Money comes to me freely. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Life places people on my path who can help me progress finan- 
cially. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


On the first of —— (month), 19— (five years from now) I will 
have $50,000, accumulated gradually over a 5 year period. In ex- 
change, I will do my best to provide excellent service as a (describe 
the service or merchandise) salesman. 

I firmly believe that I will have that money. My conviction is so 
strong that I can already see it in front of me. I can touch it... it’s there 
waiting for me to take it. [instruct my subconscious mind to come up 
with a plan that will get me that money, and as soon as my subcon- 


scious mind forms a plan I will put it into action. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 
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I become more financially comfortable every day. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


MOODS 


From now onI willbe ina good mood more and more often. Joy, 


happiness and serenity will become my normal states of mind. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


Iam going to devote time to studying the reasons for my mood 
swings. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


MOROSITY 


I greet this day with a heart full of love. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 


I no longer think there is no point to life. I use the principles of 
truth to discover goals in life. 

Life is worth living when I understand the value of the richness 
of life. 

My life becomes richer and fuller when I can free myself from my 


negative self and the errors that part of me commits. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Oh, what a wonderful day for going out and enjoying what the 


world has to offer! 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


This is the day God has made; I will rejoice and be happy on this 
day. I thank God for the abundance of life, I thank God for lasting 
love. I thank God for joy. I thank God for magnificent health, I thank 
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God for infinite abundance. 
I have awakened to a new day. | feel at one with the birds and 
with all living creatures, celebrating this new day with a burst of song 


and thanksgiving. God, I thank You for the abundance that is mine. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


MOTIVATION 





I like (specify an activity which you like but which you 


haven't had the courage to undertake.) 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defences, Godefroy Publications, 1989. 


I feel rich! I feel happy! I feel great! 


W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I enjoy my professional activities. 
Iam enjoying the new project I’m working on. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Ishow my self respect through this inner motivation which keeps 
me on the path of achieving my goals, on the path of success, even if 
I fail now and then. 

Iam my goal. 

Iam success, even before | attain it, since I am already on the path 


of full realization. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


If I want to achieve permanent, sustaining success, the motiva- 
tion that will drive me toward that goal must come from within. It 
must be personal, deep-rooted and a part of my innermost thoughts. 
All other motivation, the excitement of a crowd, the stimulation of a 
pep-talk, the exhilaration of a passing circumstance is external and 
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temporary. It will not last. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


MOTIVATION - SCHOOL 


After I finish this lesson I can go and watch the football game. 


I'll do three more chapters, and then I can watch the movie on TV. 
Professor Kurt Tepperwein, How To Learn The Painless Way, Godefroy Publications, 1983. 


MOVING 


I’m soon moving to a really nice apartment that will make my life 


more stimulating. 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


MUSCLES 


Every muscle in my body is controlled by my Muscle Coordina- 


tion Center. 
Franck Rudolph Young, Cyclomancia, SIP, 1966. 


My muscles are relaxed and warm. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


My muscles are strong and supple. 
My muscles are supple and healthy. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 
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MUTUAL AID 


Every day I find occasions to help my peers and accomplish con- 


structive things. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


MYOPIA (See Nearsightedness) 





ave Ol CONLEMS 


The basic soldering station 





( Ersa ANALOG 60 





22 


The electronically temperature-con- 
trolled ANALOG 60 is Ersa's basic 
soldering station model. It has the 
tried and proven RESISTRONIC 





temperature control technology 
with the PTC heating element 
serving as the temperature sensor. 
The high heat-up rating of 190 W 


Digital soldering station 


Ersa RDS 80 — high performance for low cost 


The digital soldering station 

Ersa RDS 80 offers the proven 
and tested Ersa RESISTRONIC 
temperature control technology with 
a strong heating power of 80 W. 
The ceramic PTC heating element 
(Positive Temperature Coefficient) 
acts as the temperature sensor in 
this control system. Due to its very 
high ramp-up capability of up to 
190 W, the station reaches operat- 
ing temperature very fast. 


guarantees the immediate supply 
of heat and a heat-up from room 
temperature to 280 °C within 60 
seconds. The BASIC TOOL 60 
soldering iron uses the internally 
heated ERSADUR long-life solder- 
ing tips of the 832/842 series and 
provides very high performance. 


Due to the wide range of 832/842 
soldering tips, the Ersa ANA- 

LOG 60, which is also available as 
an antistatic version, covers a wide 
range of applications with the most 
varied soldering requirements. 
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NAIL BITING 


Every time I bring my nails to my mouth to bite them, as soon as 
I put my nails in my mouth, I will experience an extremely bitter 
taste, and the taste will get more and more bitter, more and more 
unbearable to the point where I will feel sick and want to vomit. 

Gradually, as I grow up, I will become more and mote attractive. 
So I don’t want to harm my appearance by having ugly hands; beau- 
tiful hands with well trimmed nails will make me even more attrac- 
tive, and for this reason I will make a determined effort to stop biting 


my nails. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 
Ss yp P Sy y 


I no longer feel any need to bite my nails. I find it easy to break 


the habit, and my hands are becoming beautiful and elegant. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


NATURAL 


Iam natural and confident. 


I act as naturally as I feel inside. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


NEARSIGHTEDNESS 


The lens of my eye, too rounded (too convex) ... is relaxing. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 
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NEED 


Ihave legitimate needs and wants. I can choose what I need and 
want without having to justify it to anybody. I make choices, and | 


take responsibility for them. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


It’s all right to meet my needs as I see fit. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I express my needs honestly, listen to the needs of others, and 


look for the deepest truth. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


I first understand my own needs, and then the needs of others. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I can invent new ways to satisfy a need and wisely choose the 


best option. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


Iam secure enough to grow. I ask for what I need. All my needs 
will be fulfilled. 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


The universe always provides for my needs. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


What I say, I get. 


And I always have everything I need. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 
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NEGOTIATING 


I know how to break off negotiations if I have to. 

My negotiations always result in clear, explicit and concrete agree- 
ments. 

Before negotiating I clearly define my objective(s) in order to know 
exactly what I want and what I don’t want to happen. 

Before negotiating I clearly define my bottom line (without nec- 
essarily telling the other party) in order to use dissuasive strategies 
without being forced to walk away from the table. 

When I negotiate I try to remember that any business relation- 
ship is comprised of one part cooperation and one part competition, 
each of which may predominate according to the time and circum- 
stances. 

Iam careful not to get boxed into an undesirable choice: friend or 
enemy, trust or mistrust, cooperation or competition. 

I make clear pronouncements of the points of agreement as they 
occur. 

I know how to break down my negotiations, so that the discus- 
sion about one clause does not systematically bring into question all 
the clauses already agreed to. 

Breaking down the negotiating agenda allows me to remain firmly 


opposed to the other party on certain points. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


If I negotiate without having the power of decision, I make sure 
the scope of my delegated authority is clear in my mind, and in the 


minds of everyone involved. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 
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NERVOUS BREAKDOWN 
(Also see Nervousness) 


From now on I will no longer be taken by surprise as I was in the 
past; every time I feel a nervous attack coming on I will be warned by 
certain symptoms; but these symptoms will no longer frighten me at 
all, because at the same time as I feel them I will hear a voice inside 
me saying, as quick as lightning, “No... no... I will not allow this break- 
down to happen. My nervousness is disappearing... it has disap- 


peared.” 
Emile Coue, Complete Works, Astra Publications, 1976. 


NERVOUSNESS (Also see Agitation, Anxiety, 
Fear, Nervous Breakdown) 


I always act calmly... without making needless gestures... and I 


never swear in moments of impatience. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I don’t have to be nervous and tense. I am capable of relaxing. I 


have learned how to relax my mind and body. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I want to dominate my anxiety, fear, nervousness and any other 


paralyzing emotions. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


When I find my Real Self, nervousness disappears forever. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 
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NERVOUS SYSTEM 


My nervous system is making amazing progress. I am affecting it 
in two ways, which makes my influence doubly effective. Firstly I 
influence it directly through suggestion, since the nervous system is 
directly related to the brain; secondly I influence it indirectly by im- 
proving my general state of health, since the nervous system is also 
affected by the body’s general state. My nervous system is becoming 
more and more sensitive and vibrant, as it should be, and at the same 
time it is becoming more and more calm, strong and resistant, as it 
also should be. 


Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


NEW BEGINNING 


Iam making a new beginning towards a new and better life, and 


I will get involved with other people. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


NOISE 


Noise doesn’t bother me... I know how to adapt to any situation... 


without becoming nervous. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


NOSTALGIA 


I should not be nostalgic about the past. I should think about to- 
day. 
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Today is the day I should be living. 

Iam doing all I can to love this day. 

I will use this day to express my positive qualities freely. 

I am ready for a day of confidence and accomplishment. 

I combat negative emotions which will destroy my having a good 
day. 

I call on my positive qualities: life is lived in the present. 

I nourish my enthusiasm for the present moment. 


I will use this day to try and express the best of myself. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


The good old days are here and now! 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


NOVELTY 


I like to invite people with very diverse opinions about things. I 
seek out novelty instead of limiting myself to conventionality, where 


the unpredictable is excluded. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


NUMBNESS 


I want (specify which part of your body) to become numb. I im- 
pose my will. 

Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scien- 
tific Distribution, 1956. 


My hand feels dead, completely numb... and this numbness will 
soon move up into my wrist, my forearm, my upper arm, right up to 
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my shoulder... I can feel it moving upwards... my whole arm is be- 
coming numb... there is no feeling at all... it is becoming more and 


more numb... my whole arm is dead... numb... completely numb. 
Marcel Rouet, Techniques And Practise Of Hypnotism, Paris Productions N.O.E., 1974. 


NUTRITION 


I only eat foods which are good for me. 
I only eat foods which are healthy and which help me maintain 


my ideal weight. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I put only the best fuel into my body. 


Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


[I am constantly fulfilled in my life. Since I know life, I nourish 


myself with joy. I construct my body in a balanced way.] 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


Iam going to eat good wholesome food and not overeat, or over- 


indulge in foods that are not good for my health. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 
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OBESITY (Also see Nutrition, Physical 
Exercise) 


I respect my body, I care for my body, I need my body to live. 


Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


Iam gradually reaching my ideal weight. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I maintain my ideal weight. It’s easy to do because I exercise and 


eat in a balanced and healthy way. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I never eat between meals. 

I chew my food very slowly. 

I don’t eat food that contains wheat. 

I don’t eat food that contains sugar. 

I don’t eat standing up. 

I visualize the body I want. 

I eat smaller portions. 

I don’t need to be encouraged not to overeat. 

I like myself and I want to be the best I can be. 


I persevere until I attain my goal. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


Losing weight through self hypnosis will keep me from develop- 
ing health complications associated with obesity, such as hardening 
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of the arteries, coronary disease, diabetes, etc. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I stay at my ideal weight no matter what I eat. 
Sublipower, Sublihealth, Edi Inter, 1989. 


OBJECTIVES (Also see Goals, Self Control) 


Every day I make progress towards attaining my objectives. 

Every day I continue moving forward by trying as much as pos- 
sible to avoid the hazards of life. To do this I summon my inner re- 
sources to lead my to my objectives. 

I learn to attain my objectives by mastering my fears and reject- 
ing my negative emotions. 

I choose realistic objectives and then work on attaining them. 

I concentrate on my objectives. 

I try to attain my objectives every day. I break out of the prison I 


have created for myself and strive to reach my objectives. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


It is easier and easier for me to realize all my dreams. 
Christian H. Godefroy, Prosperity: The Subliminal Method, Godefroy Publications, 1987. 


Ihave clear objectives which guide me in determining my priori- 
ties. 

I often review my priorities in life, my professional and personal 
priorities, in order to discern convergencies or contradictions, and 
any lack of coherence. 

I define my priorities in order to make them concrete, stimulat- 
ing, and attainable. 

I am make sure to explain my objectives to superiors and subor- 
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dinates. 
I work on my objectives. 
For each objective I strive for harmony between the objective it- 


self, the results it yields and the methods used to attain it. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I easily attain all the objectives I set for myself. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I make a list of goals that I hope to achieve for the day. I visualize 
myself accomplishing each goal in the best way. I write a note of thanks 


that I’ve reached my goals. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Testablish my objectives and then use the resources I possess with 
devotion and perseverance in order to obtain the desired results. 
When | keep my mind fixed on an objective I increase my chances 


of attaining it immeasurably. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


I make sure my objectives are clear to myself. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


I set precise objectives and deadlines for myself. 
Sublipower, Sublisuccess, Edi Inter, 1989. 


I set my objectives, write them down, and review them often. 

My objectives are a clear illustration of my future! 

I spend a few minutes every day reading over the file of objec- 
tives I’ve written for myself. I read over my objectives every morning 
after I get up, and every evening before going to sleep. 

My objectives are very precise. The more detailed and precise they 
are the better I can visualize them and make them a concrete part of 
my life. 
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Multifunctional soldering stations 





r 


| Ersa i-CON NANO and i-CON PICO — small, powerful and versatile 





The soldering stations i-CON NANO 
and i-CON PICO, two models of the 
i-CON product family, fulfill all the 
needs of today’s electronics manu- 
facturing while requiring minimal 
space. They are designed for con- 
tinuous operation in the electronic 





manufacturing environment as well 
as for special applications in labora- 
tories and R&D departments. 


Due to the simple and user-friendly 


operating concept, the fac- 
tory settings provide for a variable 


settings from 150 °C to 450 °C 
N Three selectable power levels 


longer tip life 


adjustment of operating tempera- 
ture as well as the setting of stand- 
by time and calibration value. 


Further adjustments such as fixed 
temperatures, power level, interlock 
and shutdown functions are avail- 
able with the free PC software and 
an optionally available micro smart 
SD card. 





The concept of the Ersa i-CON 
stations ensures that each applica- 
tion is processed with the optimal 
parameters. They stand for the 
highest level of process safety and 
quality control at low investment and 
operating cost. 


XSmall footprint (145 x 80 mm) - saves valuable space 
NX Antistatic as per MIL-SPEC/ESA (only i-CON NANO) 


NX Three fixed temperature settings or continuously adjustable temperature 


NX Ultra-light and ergonomic soldering tool with max. 80 W power 
\ Wide range of low-cost exchangeable long-life soldering tips 


N Automatic stand-by and sleep function for low energy consumption and 


\ Password interlock for maximum process control 
N Calibration function for a precise tip temperature 


‘ Complete parameterization through PC software and Micro-SD card 


N 
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I set myself an objective. I don’t hesitate, but start striving to at- 
tain it. 1 know the universe is overflowing with opportunity. Look at 
what I can do! Where I can go! Look at what I can accomplish, simply 
by saying “Yes!” to myself. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I never lose sight of my long term objectives. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I’m in my car driving towards my destination. I’m in the driver’s 
seat, and I don’t let anyone else drive my car. I am the driver. If I get 
to a dead end I back up, turn around and continue my journey to- 
wards my objective. 


I remind myself to concentrate on my objective all day long. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I eliminate this objective for such and such reasons. I realize I no 
longer need it, or no longer want it. My initial idea is now only a 
memory of a desire. It has no more power or effect on me. It no longer 
interests me. I am now concentrating all my interest and all my en- 


ergy on a new and better objective. 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


My objectives in this situation are important. If I don’t achieve 
them, I’ll be disappointed and it will be inconvenient, but it will not 
be a catastrophe or a horrible event. By thinking about negative re- 
sults as a catastrophe, I’m creating tension and fear that actually re- 


duce my chance of success. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


OBJECTIVES - FINANCIAL 
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In one year I will find the $————— I need to buy a house. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


OBLIGATION 


I always respect the obligations I accept. I never accept obliga- 


tions which I cannot respect. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


OBSESSION 


I am now calmly and confidently concentrating my mind on an- 


other subject. 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 


If I cannot meet such and such a deadline, I won’t let it become an 


obsession. I am satisfied knowing I’ve done my best. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


OBSTACLES 


I eliminate the word impossible from my vocabulary! 


I possess the means to overcome all obstacles. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I can overcome obstacles by mentally flying over them. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I will take care of all kinds of obstacles as I encounter them. I will 


go as far as I can, and when I get there I'll be able to see even farther. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 





able oF contents 


O Page 266 
st 


I was born to win, to succeed. I am very prosperous, and through 
the power of God I overcome all obstacles and all problems. I am 
happy, joyous and free. 


Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


Ican overcome anything, and see everything through to the end. 
George Barbarin, How To Overcome Fears And Anxiety, Dangles Press, 1974. 


Up to now no problem has been able to get the better of me: I’ll 


overcome this one as well. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


Now everything will work out. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


The greatest obstacle to my success lies within me. What prevents 


me from doing what I want to do is my belief that I cannot do it. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


OFFERING 


The more I give the more I receive and the happier I feel. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


OPINIONS 


I don’t have to give up my opinions for those of another person 


just because that person seems sure of him/herself. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I can refuse to discuss my opinions or try to convince someone of 
the logic of my position, and simply believe that I am right. 
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When I buy clothes or other personal objects I have confidence in 
my taste, and I don’t start by asking advice from someone whose 


opinions I deem to be more valuable than my own. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


Other people can disagree with me without it affecting me. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


OPPORTUNITY 


I take action! I seize opportunities! 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I readjust my objectives according to circumstances, in order to 


exploit opportunities to their fullest. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am always at the right place at the right time, doing the right 


and successful thing. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I take advantage of every opportunity. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


A favorable opportunity will give me a sign if Iam meant to see 
it; 1 am on the lookout for opportunities, and I always try to take 


advantage of them. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


OPTIMIZING 
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I always try to make the next hour better and more productive 


than the one that has just past. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


OPTIMISM (Also see Depression, Inspiration, 
Positive Thinking) 


Whenever my attention strays from what is constructive and posi- 


tive [immediately concentrate on things that are good and beautiful. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


I love life... it’s wonderful... full of all kinds of surprises and sud- 
den developments... I never get morose... I’m never bored... because I 
only see the good side of things. 

I stay away from pessimistic people... people who criticize and 
complain all the time... who are never satisfied with anything... in- 
stead I seek out spiritual people, people who radiate health, and whose 


inner life is calm and serene. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I listen to upbeat, inspiring music. When I am getting ready for 
work or school I turn the radio on to a good FM station. I stay away 
from the morning TV news. I can brief myself by scanning the news 
on the front page of the Wall Street Journal. I resist the temptation to 
waste time reading the sordid details of someone else’s tragedies. | 
listen to music or cassette tapes in my car. If possible I have breakfast 
and lunch with an optimist. Instead of sitting in front of the TV at 


night, I spend time listening to and being involved with those I love. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I use positive words. Never negative words. I use the RIGHT 
WORDS! 


Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 
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I inject myself with optimism. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I always expect the very best for myself. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I feel good, very good, my life is going wonderfully well. Ihave 
no reason to be afraid. I never get depressed. I’m an optimist. I have 
confidence in the future, the people close to me love me, my colleagues 


respect me. I do my work well. I have no fears about the future. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


One of the best ways to make other people happy is to spread 
optimism and good humor. Every one of my words and actions can 


contribute to that. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


OPULENCE 


Iam ever thankful for God’s riches, present as always, unchanged 


and abundant. 
Dr. Joseph Murphy, Miraculous Power Attracts Infinite Riches, Godefroy Publications, 1978. 


ORDER 


Order which is the Spirit is, from this moment on, a part of all my 
affairs, a part of the way I use my time, a part of my body, my thoughts, 


my mind and the world. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


Now I put my life in order as I prepare to accept all the good that 


awaits me. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
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ORGANIZATION (Also see Efficiency) 


I accomplish my tasks in order of importance. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I am well organized in my work. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I possess an organized and orderly mind, and that shows in the 
way I live. 

Iam very organized. Every night I draw up a list of tomorrow’s 
activities. I establish my priorities and I stick to them. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
I take time out to think about the problem at hand, and then I act 
scientifically. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 
I get the best out of my time. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


ORIENTATION (See Choice of Profession) 


ORIGINALITY 


I will find the original me when I eliminate all acquired percep- 


tions concerning myself. I am eliminating them. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 
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OUT OF BODY EXPERIENCE 


I know that I can condense my identity and appear in a distant 


place. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


OVERWORK 


Ihave the right to take my time. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


Ihave the right to live in the present. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I have the time I need to do what I want to do. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I keep my Workaholic firmly under control. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I can stay relaxed and focused on my timetable. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


Iam relaxed and balanced. I have all the time I need to do all the 
things I have to do. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


My days unfold tranquilly, at the pace I like. I am satisfied with 
my accomplishments, and with my life. I am affectionate with the 
people close to me, and greatly appreciated by those around me. I 


react positively. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 
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PACE 


I adapt my pace to the activity I am engaged in. I make sure to 
work at the right pace. 


Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


PAIN (Also see Hepatic Colic, Illness, Wounds, 
Anesthesia) 


Soon the pain will pass. I will feel fine. 
Leslie M. Le Cron, Liberate The Power In You Through Self Hypnosis, Tchou/Ariston, Forces 


As soon as I press the nail of my thumb against the inside of my 
little finger I will block all the nerves conducting the pain. 

A wonderful feeling of calm and security will pervade my body... 
as long as I keep pressing my thumb nail against the inside of my 


little finger I will feel no pain... I will feel completely fine. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


I eliminate the pain. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


I relax my entire body and forget about the pain. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


I concentrate on calming my body down. Iam completely relaxed, 
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and feel this sense of relaxation throughout my whole body. I don’t 
think about the pain at all. Instead I savor this beneficial sensation of 
total relaxation. 

As I count down from five the sensation of pain will diminish. 
Each number eases the pain even more. When I reach the number 
one the pain will be completely gone. Now I’m counting down... five... 


four... three... the pain is disappearing... two... one... 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


Energy circulates harmoniously in me. A wonderful wave of heat 
and well being spreads throughout my body, which is becoming light, 
very light and pure, full of light and life. My pain dissolves and dis- 
appears completely in this wave of light and heat. The power of life 
flows and spreads through my regenerated body. I am completely 
healed. 


Charles Baudouin, Psychology And Practise of Autosuggestion, Idegraph Publications, 1990. 


Pain is sometimes caused by, and always amplified and aggra- 
vated by nervous tension and anxiety... Therefore as soon as I relax | 
start feeling better. And gradually, as become more relaxed, the pain 
gets less and less intense. And now I feel so totally and completely 


relaxed that the pain is gone. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


My pain is disappearing. Soon I won't feel it at all, it will be com- 
pletely gone. I’m already suffering a lot less, less and less... In an hour 


(or in a few minutes - set a time limit) I will not be suffering at all. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


PARALYSIS 


God has not given me a fearful mind, but a mind full of power, 
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High-end soldering and desoldering stations 





( The Ersa i-CON product family for highest productivity and process safety 





The stations of the i-CON product 
family are Ersa's innovative solution 
for intelligent manual soldering. The 
need to be able to cope with higher 
working temperatures and with pro- 
gressively smaller process windows 
when working with lead-free solders, 
poses no problem whatsoever for the 
i-CON product family. 


The i-CON is available as a single 
station or as double iron station. The 


i-CON1 with i-TOOL soldering 
iron with high-performance micro 
heating element 





installed in the handle. This now 
allows for each individual i-TOOL 
to be calibrated independent of the 
soldering station. 


In contrast to the concept followed 
by the cartridge-type soldering tips, 
only the tip itself is exchanged at the 
i-TOOL. The cost-intensive heating 
element remains. 


The double iron soldering station 
i-CON2 can be operated either with 
a second i-TOOL or with the SMD 
desoldering tweezers CHIP TOOL 


Ersa i-CON2 with i-TOOL and CHIP TOOL 


single station i-CON1 is delivered to- 
gether with the i-TOOL soldering iron. 
The i-TOOL is extremely small, ultra- 
light and ergonomic. It is powered 

by a 150 W micro heating element, 
which realizes short heat-up times 
(within 9 seconds up to 350 °C!) and 
rapid heat recovery. 





The microprocessor which stores 
the temperature calibration of the 
iron is located in the PCB which is 


Soldering miniature and densely placed 
SMD components with the i-TOOL and 
i-TIPS, starting at a 0.2 mm diameter. 


NX i-TOOL soldering iron with 150 W micro heating element technology 
\ Low-cost exchangeable long-life tips of the i-TIP series 

NX User friendly “One-Touch” operation 

N Three power levels — no overshoot 

\ Process window and alarms 


NX Interface to control peripheral equipment on the workplace, such as heat- 
ing plate and solder fume extraction systems 


N Stand-by control for tools, heating plate and solder fume extraction system 
XN i-TOOL calibration 

NX Tools for SMT and conventional soldering applications 

\ Automatic tool recognition 
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love and health. My faith is in the curative powers of God, my cre- 
ator. 1 am relaxed and peaceful. Each one of my nerves is also one of 
God’s ideas, and I feel revitalized, energized and healed. I give thanks 
to God. 


Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


PARTNERSHIP 


I find the partner I need to help with my work. Our association 


will be mutually profitable. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


PASSION 


The only way to be happy and make a lot of money is to do what 
I really like to do. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


PATIENCE (Also see Understanding) 


It’s easy for me to be patient, understanding and just. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


When I have to wait I do so without getting impatient... by using 


the time to relax. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


Nothing can stop me today. If I need some extra determination, 
I'll find it! If Ineed extra energy and drive, well I’ve got it! Whatever 
task or problem awaits me, I have the power and the patience to over- 
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come it. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


PEACE (Also see Joy, Love, Wisdom, 
Prosperity, Health, Success) 


God, my Father, all my thoughts are of You. My body, my heart, 
my intelligence, my soul, my mind, depend on You. In You I find 
refuge, light and life. 


Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


I inhale the peace of God, and exhale the peace of God for all. 


Dr. Joseph Murphy, Miraculous Power Attracts Infinite Riches, Godefroy Publications, 1978. 


Iam completely relaxed physically and intellectually. I am free. I 
believe in the wisdom of God and I feel my mind filling with His 


peace. I feel it right to the bottom of my heart and my being. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


Iam at peace with myself and with others. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


Peace is in me... peace reigns in this home. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


The current of God’s peace flows freely through my whole being, 
and I am immersed in the peaceful river of God at this moment. 

Iam relaxed and calm. I am at peace. A peace which goes beyond 
understanding fills my mind. Peace is in my home, in my heart, and 


in all my affairs. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


Joy now flows freely through me, and I am at peace with life. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 
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I raise my soul towards you, Lord. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


PEACE OF MIND 


Iam at peace with myself. 


My mind is at peace. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


PERFECTION 


Iam whole and complete unto myself. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


My life unfolds in total perfection. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I am perfect. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I always try to improve myself, eliminate my faults, resist my 
negative impulses and become a better and more perfect person each 
day. 


Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


PERFECTIONISM 


It doesn’t bother me to be imperfect. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


I stop trying to attain perfection in myself. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


- A k - te 
apie OF contents 





P Page 277 


I stop making it an obligation for me or my children to succeed at 


everything we undertake. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


I always do my best. Each thought and action is the best I am 
capable of at the time. Because I’m human, I make mistakes. I accept 
my mistakes without blame or judgment. When I make a mistake | 


learn from it. Iam imperfect, and I forgive myself for my mistakes. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


PERFORMANCE (Also see Self Image) 


My concentration always improves when I make an effort... con- 
centrating allows me to unite all my energies into one effort... and 


thus impr ove my per for mance. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I maintain and develop my image of technical performance. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


One of the best, quickest and most effective ways to improve my 
image and my performance is to be part of an organization which has 


useful goals. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


PERFORMANCE - SPORTS 


In a short time I will regain my superiority. 

I’m sleeping more and more deeply... more and more deeply... I 
take pleasure in competition because I know my performance is im- 
proving day by day... day by day my performance is improving... I 
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feel very good. 


Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


PERSEVERANCE 


It is still too soon to abandon everything, and I won’t give up. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I keep trying. 


Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I'll go that extra mile. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I tell myself to persevere and attain my objective; I refuse to be 
swayed by doubt and fear. 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I never forget that my life belongs to me. I continue trying. If I 
can’t make it on my own, someone else will probably help. But I keep 
trying and I persist. 

Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I persevere until I succeed. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I will persevere until I succeed. 
As long as there is a breath left in me I will persist. Because I now 
know one of the most important elements of success - if I persevere 


long enough I will win. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I persist with my dreams; they’Il become real. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 
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I will stay healthy and generate new strength which will help me 


want to act with perseverance. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


Iam strong... I succeed at everything I do because I persevere... I 


see things through to the end... Iam conscious of my power! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I want to play an active role and dedicate all my strength to at- 
taining my goals. I will persevere despite all obstacles because I am 
certain that properly directed willpower can overcome anything, if 


the goal is just and honorable. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


Once I make a decision I persevere in carrying it out for as long as 


I believe I am right. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


If I don’t succeed on the first attempt I try again and again. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


PERSONAL AFFAIRS 


Iam very efficient at taking care of my personal and/or family 


affairs. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Editions, 1981. 


PERSONAL DEVELOPMENT 


Iam changing my life. I experience a deeper connection with my 


true self. Iam excited about my growth. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 
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PERSONALITY 


I am asserting my real personality more and more every day. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I do what I have to do, and you do what you have to do. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


I don’t try to do better; I try to be different. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I don’t imitate others. I try to understand my personality fully, 
and be myself. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I don’t compare myself to others. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I am not inferior. I am not superior. Iam simply me. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I’m not going to let myself imitate the undesirable personality 


traits of other people. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I’m not here to live the way you want me to. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


I make a firm decision to be myself and not an imitation of some- 
body else. 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam me and you are you. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 
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Iam me. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I am a unique being and I express my self fully, aiming for suc- 


cess and wealth. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Tam unique and I like it that way. 
Sublipower, Subliconfidence, Edi Inter, 1989. 


Iam unique, from head to toe. I may resemble other persons, act- 


ing and speaking like them, but I am not them, I am me. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I want to acquire constant calm, imperturbable self assurance, and 


justified confidence in myself. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1973. 


My personality is who I think I am. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


The more I express myself, the happier I feel. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


You are not alive to live the way I want you to live. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


PERSUASION 


The most persuasive influence I have over others is my mature 


personality. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 
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PESSIMISM 


I forgive myself for holding on to negativity, and now let go of it. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I will not allow my personal opinions to distort the facts in a nega- 


tive and pessimistic way. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


PHOBIAS (Also see Fear, Negative Thoughts) 


Tam in harmony with God, and I have nothing to fear. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


My phobia is afraid of me because it knows I am much stronger 
than it is. 1am at ease, perfectly relaxed and confident of my strength. 
I smile because my phobia has no more power over me. It is unim- 


portant. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


Little by little I see these fears, these ideas, these phobias appear- 
ing less and less frequently in my mind; they are getting weaker and 
weaker, less and less tenacious; they have less and less influence on 
me; I am eliminating them right now by repeating the formulation: 


“Tt’s over, it’s all over...” 
Emile Coue, Complete Works, Astra Publications, 1976. 


PHYSICAL STRENGTH (See Strength - Physical) 


PLANNING (Also see Money) 


Above all it is essential I obtain such and such results, which will 
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bring me closer to my ultimate goal, whether materially, or by in- 


creasing my worth or my power. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


Ihave finally come up with a working plan, and I intend to stick 


to it. 
Raymond Hull, Wanting Is Power, Les Editions de l’‘Homme, 1969. 


Every day I draw up a list of things to do. 

I determine the time required for each activity. 

I allot some time for pauses, unexpected events, and a margin of 
error. 

I draw up my list of things to do every day. 


I make plans. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I study, I think, I take the time to make plans! 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I do high priority work first. I set my priorities on a must-do- 


now, should-do-soon, and would-like-to-do-when-possible basis. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I gave myself orders and I carried them out. 
Raymond Hull, Wanting Is Power, Les Editions de l’‘Homme, 1969. 


I never waste my time because I plan. And since I always stick to 


my schedule, I have enough time to accomplish what I choose to do. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam in control of my time. My time is the very essence of my life, 
and I take control of it. 


I create as much free time as | like, and I know how to delegate. 
Christian Godefroy, The Creativity Method, Godefroy Publications, 1992. 
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1. Low-cost i-TIP 
long-life soldering tips 
2. i-TIP tip fastener 


3. High-power heating element 
(stick-on type, long-life) 
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Ersa i-TOOL: The ideal soldering iron — ultra light (only 30 g), ultra short (only 
155 mm), and ultra short tip-to-grip (only 45 mm) and extremely powerful. 


respectively with the desoldering irons 
X-TOOL or X-TOOL VARIO. 


The CHIP TOOL facilitates safe and 
quick desoldering, of the smallest 
chips up to large PLCC’s. To remove 
the residual solder and to desol- 

der wired components — also on 


PROCESSWINGOW CONTROL 


User-friendly controls: quick programming & 
lock, huge multi-functional display with i-Op 
controls, menu in 7 languages, online help 


multilayer boards — the X-TOOL or 
X-TOOL VARIO desoldering iron is 
the right tool. 


The C-line of the i-CON stations 
was developed, so that peripheral 
equipment could be controlled or 

to communicate with them. Via a 
serial interface, the i-CON1 C or the 
i-CON2 C controls the Ersa IR heat- 
ing plates or the Ersa solder fume 
extraction systems. 





High-mass through-hole desoldering 
with the X-TOOL VARIO 


i-CON VARIO 4 multi-channel station with X-TOOL VARIO desoldering iron, i-TOOL sol- 
dering iron, i-TOOL AIR S hot-air iron and CHIP TOOL VARIO desoldering tweezers. 








Top Tips 





i-TIPS for all applications 





*Figure with i-TIP tip fastener 


Additional 
soldering tips for the i-TOOL 

and the i-CON soldering stations is 
available on our web site: 
www.ersa.com 
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Planning builds self confidence. I know beforehand what I am 
going to do each day. This enables me to develop self discipline, which 
is so essential to success. 

Planning gives my life direction. I must know where I am going, 
the goals I wish to attain, and how not to dissipate my time. As my 
plans materialize I become inspired by a sense of achievement. 

Planning enables me to get more fun out of life. The habit of day 
to day planning should include time for enjoyment of life whether it 
is reading an interesting book, listening to soothing music, playing 
golf or other sports, seeing a good movie or play or anything else that 
will relax my mind. To be happy I must make plans for happier liv- 
ing. 

Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


When I plan, I don’t just plan FOR the future, I plan so that I will 
HAVE a future. 

This task needs to be done but I can’t do it right now. I’m going to 
schedule a time when I know I'll be able to do it and stick to that 
schedule. If I don’t there’s a good chance I won’t get to it. Now that 
I’ve scheduled it I can forget about it and concentrate on the job at 
hand. 


Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


I choose which Concepts, Contacts and Commitments warrant 
the most attention and effort. 1am responsible for which of them be- 
come contractual, with priorities and deadlines. I create my own track 


to run on - slow, medium, or fast - in my commitments. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I finish each task before moving on to the next one. 
Sublipower, Sublisuccess, Edi Inter, 1989. 
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PLANS 


I am open to new points of view, perspectives and plans. 
God as Understanding knows what I should know, and I am 
united with this universal Understanding so that I know everything 


I need to know. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


From now on I live in harmony with the divine plan assigned to 
my life. 
From now on I recognize, accept and conform to the divine plan 


of my life, as it is revealed to me step by step. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Talking about ideas and plans needs to be balanced by trying them 


out. Theory and practice converge into wholeness. I field-test my ideas. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Starting today I will become the architect of my life. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


PLAY 


(I am free to enjoy myself any way I want.) 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I take time to play like a child. 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


PLEASING OTHERS 


I please everyone I meet. I have confidence in life because I have 
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confidence in myself. I know I can count on this immense reservoir of 
energy that is within me, and which attracts others. I radiate the en- 


ergy that is mine. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


I want to please everyone. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


PLEASURE 


I begin the day with pleasure! 


Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


PLEASURE - SEXUAL 


I deserve love and sexual pleasure. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


PLEURISY 


I call on the forces of nature to help heal me. I absorb the curative 
forces of nature and unite them with my own. | eliminate the gas and 


other waste products which are making me ill. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


POSITIVE MENTAL ATTITUDE 


I like people and people like me. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 





+ A F - breY 
Ape OF Contents 


LP Page 287 
Ot 


Iam learning to love instead of suffer! I am learning to love what 
I hated, and transform negative forces into positive energy. I am forg- 
ing a path towards happiness. I react positively, even if it takes a great 
effort at first. And I remain positive even if an adversary is not as 
positive as I am. I notice the changes this is producing in my life and 


in the way people see me. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


Whatever the situation, I always adopt a positive mental attitude. 


And I succeed thanks to my positive mental attitude. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


Every morning I am going to condition my mind and instill a 


positive mental attitude for the rest of the day. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I am developing a positive mental attitude. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


POSSESSION 


I can have anything I want! 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


POSSIBILITY 


I always exceed my possibilities. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


POTENTIAL 


I awaken the giant within me! 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 
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I nourish my real potential. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


POVERTY 


I will buy it! I’ll get it! 


J. Martin Kohe, Your Greatest Power, A Different World Ltd., 1979. 


My inner Guide is the spirit of plenitude and will preserve me 


from all misery. I will lack nothing. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


POWER (Also see Self Confidence) 


I can do anything. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I can. 
I can do it if I believe I can! 


I can make it if I believe I can! 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I possess a great and marvelous power. 
J. Martin Kohe, Your Greatest Power, A Different World Ltd., 1979. 


I could do it. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


When I want to do something within reason, or when I have to 
do something that is my duty to do, I always imagine that whatever 
I dois easy. May words like difficult, impossible, I can’t, it’s too much 
for me, I can’t help myself... and so on, disappear from my vocabu- 
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lary. They are not English. I don’t understand them. What I do under- 


stand is: it’s easy, and I can do it. 
Emile Coue, Complete Works, Astra Publications, 1976. 


Each day brings me more strength and power. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Day by day, in all ways, lam becoming more powerful and confi- 


dent. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I possess vast power which I have not yet realized. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Tam united through my inner Guide with an inexhaustible source 
of health, courage, abundance and prosperity. It fills me with strength 
and spirit. It provides me with everything I need to move forward 
ceaselessly. I am confident in its power; it is my strength and my wis- 
dom. It makes me strong and independent of things and people. Iam 


persevering, strong and courageous. I am strong! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


My constant contact with God gives me the power of an eagle 


soaring above the clouds and the humility of a gentle dove. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


POWER - PSYCHIC 


I am learning how to use my mind in extraordinary ways, like 


mastering my psychic powers, and I am becoming a different person. 
Franck Rudolph Young, Cyclomancia, SIP, 1966. 
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POWER - SPIRITUAL 


I can touch the sky. I can be big. I can fly if I want to - I can do 
anything. 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


POWER - SUBCONSCIOUS 


I have unshakable faith in the power of my subconscious... un- 
shakable faith. 


Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


PRAISE 


S/he worked hard to get the promotion s/he wanted. I wish him / 


her well. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


I allow others to love me and praise me. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


PRAYER 


God has received my request. 
Richard Ingalese, The Power Of The Mind, Dangles Publications, 1981. 


May my comings and goings be done in all honesty, and in the 
full light of day; not in disorder and drunkenness, not in licentious- 
ness, not in anger or envy. I place my faith in our Lord Jesus Christ, I 


care nothing for the needs of my body, or for my frivolous desires. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 
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I pray, I really pray. 


Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


PRECAUTIONS 


I care for myself enough not to expose myself to physical risks or 


emotional damage. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


PREGNANCY 


I await my pregnancy with pleasure. 
I will be happy to be pregnant. 


I want to get pregnant. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


I feel marvelous... I know the birth will be easy. 

I’m enthusiastic about the prospect of having a wonderful child. 

My thoughts have a positive influence on the health of my child... 
on his development. If I am assailed by negative thoughts I always 
remember that they can hurt my child... and I immediately replace 
them with joyous, optimistic thoughts of a radiant future. 

Everything is going fine... I am firmly optimistic... firmly opti- 
mistic. My pregnancy is progressing normally... and will continue to 
do so right up to the birth, which will be easy... very easy. 

I know that my child is developing perfectly. 1am sure to have a 
beautiful baby... a superb, magnificent child. 


Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 
I will not suffer from morning sickness. 


I'll get my figure back after giving birth. 
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Iam thrilled at the idea of waiting for my baby. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


PREJUDICE 


Iam now dissolving all my negative and limiting prejudices. They 


no longer have any power over me. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


PREMATURE EJACULATION 
(Also see Impotence) 


I control my ejaculation. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


PREOCCUPATION 


Everything is going very well. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


PRESSURE 


I choose not to spend my life trying to live up to other people’s 
expectations. I don’t let others pressure me with their beliefs unless | 


accept them. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


When external pressures become too strong I call on my inner 
strength to combat them; to do this I mentally review the successes | 
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have already achieved. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


PRIDE 


(Iam proud of my accomplishments and goals.) 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


PRIORITIES 


I have enough time for my priorities: 80% of the time, every day, 
I work on two out of three priorities. 

I set deadlines and time limits for myself, and I ask others to do 
the same. 


I regularly sit down and review my priorities. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I re-evaluate my priorities. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I am a person who is responsible and I act in timely manner to 


reach my goals and priorities. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


PROBLEMS 


Before attacking a problem I try to formulate it in terms of “How 
to do what for whom?” 

Before attacking a problem I ask myself, “Am I really determined 
to resolve this problem?” 
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Hybrid Rework Station 





{ Ersa HR 100 A — The innovative combination of hot air and infrared radiation 






The Ersa HR 100 A applies the as the heat output, but also record 
Ersa Hybrid Rework Technology for and run profiles. A positioning laser 
a safe desoldering and replace- whose laser point makes it possible 
ment of small SMD components. Its __ to keep track of the component 


medium wave length IR radiation, worked on through the complete 
combined with a safe stream of hot process is integrated in the grip of 
air ensures optimal heat transfer to the ergonomic hybrid tool. 


the component. aad 


The HYBRID TOOL offers a gentle ea. system with Be i a 
and homogeneous warming of all Reet) PCB ie aoe eee 
sizes of components, from 0201 saa aces 

chips up to 20 x 20 mm SMD’s 






and larger. Exchangeable hybrid ‘ HYBRID TOOL with 200 W heating element, positioning laser integrated in grip 
adapters target the thermal energy XN 3 exchangeable hybrid adapters (6 x 6 mm, 10 x 10 mm and 20 x 20 mm) 
available (up to 200 W) on to the NX Silent rework fan (below 40 dB) 
component, all the while protecting N Integrated vacuum pump and vacuum pen; tool holder and K-type thermo- 
neighboring areas and not blowing couple input socket; USB interface; LED display 
away or moving adjacent chips. \ 2-channel temperature recording: 
TC & IRS; AccuTC and Flexpoint thermocouple holder 
Its user-friendly are permits N Tool holder with z-axis height adjustment 
even operators wit ittle experience \ xy PCB holder (290 mm x 250 mm) 
to safely and efficiently operate the ; ; 
HR 100. More experienced opera- \ 800 W IR heating plate with glass cover: 
tors, on the other hand, can not only 125 mm x 125 mm IR high-performance heating element 
variably adjust the air a as well XN Rework profile and documentation software Ersa IRsoft 
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If the problem consists of choosing between a relatively small 


number of clearly defined options, I use the “Pros and Cons” method. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


All right, here’s the problem. I look at it calmly and carefully study 
its elements. I consider its implications. I take time out for careful 


reflection. And above all... no emotions! 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


This is my problem. I can do anything I want about it. I know the 


answer to everything. I will find the solution. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


It works! 


My subconscious knows the answer to all my problems. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Tonight my subconscious mind will resolve the problem of — 
(specify). When I wake up tomorrow morning I will remember the 


solution, either as a dream, or as a flash of inspiration during the day. 
Christian Godefroy, Mental Dynamics, Robert Laffont Publications, 1976. 


In quietness I find the answer to every problem. Everything I need 


to know is inside me. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Iam learning to see problems ona higher level of understanding. 
They seem to solve themselves under my very eyes. I try to approach 
a problem as if I had no connection to it whatsoever. This prevents 
me from clinging to prejudices and ideas which are impossible to 
realize, and allows me to access a higher level of understanding. In 


fact a problem can only be solved when it is completely understood. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 

I seek an end to all problems. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 
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I know that the resolution of my problem depends on me: the 
answer is in me because God is in me. I now feel calm and relaxed. I 
am at peace. I know that confusion never comes from God. Iam now 
in harmony with the infinite. I believe and know that infinite wis- 
dom will reveal the correct solution to me. 

I know that all problems can be solved when the mind is calm. I 


confide in God because He knows the answer. I am at peace. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I attack the problems of life without being afraid to make mis- 


takes, and thus I break free of my chains. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I’m not afraid of problems, I solve them. I don’t try to ignore them, 
I confront them. I don’t avoid them, I conquer them! 
I know that every problem’s solution has a key. Therefore the 


clearer the problem is, the better I can determine its solution. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I can easily resolve — (specify the problem). 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l’Homme, 1979. 


I look at each problem as an opportunity. 
Christian H. Godefroy, Self Confidence: The Subliminal Method, Godefroy Publications, 1987. 


I overcome any problems easily. My life is enjoyable and posi- 


tive. 
Vera Pfeiffer, Positive Thinking, Element Books, 1989. 


I know my victory over my problems is certain because I know 


that my intelligence is a part of God. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 
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I know you have the answer to this question and I know you will 
give it to me when you are ready. I will wait patiently, in complete 


confidence. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


I see you with the eyes of love. There is a harmonious solution, 


and I accept it now. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


Easy is right. 


Louis Proto, Self Healing, Piatkus Publications, 1990. 


Only living beings have problems. The more problems I have, 


the more alive I am. I am happy to have these problems. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I relax and let divine wisdom and the divinely accurate action of 
my subconscious mind resolve this problem. I disassociate myself 


from the problem and let things take their course. 
Dr. Joseph Murphy, Miraculous Power Attracts Infinite Riches, Godefroy Publications, 1978. 


I offer thanks to my Father for His Divine solution. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


PROCRASTINATION 


Today I will do my work without wasting time. 
[have finally decided to correct my habit of putting things off for 


later. 
Raymond Hull, Wanting Is Power, Les Editions de l’Homme, 1969. 


Right now is the best time. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 
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This task is important and it’s the kind I might procrastinate on 
or forget to do at all. I’m going to do it now and get it out of the way. 
It won't be hanging over my head and I'll be mentally free to concen- 


trate on my other work or just relax. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


I act immediately. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


It is my duty to finish what I begin. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I stop worrying about what I can’t do now, and do what I can do 


with all my heart and soul. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I always do what I have to do on time. 

I immediately transform all indecisiveness into ACTION, and so 
I stop stalling. 

I don’t let chance decide for me. Since I can make decisions rap- 
idly, stick to my convictions and act in consequence, I have no time to 
stall around. 

I have learned to recognize all the arguments that tend to drag 
me down, and I avoid them instead of avoiding the tasks I encounter 


in the course of doing my work. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I do everything I have to do at the right time. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I do it now! 
John Clark, Do It Now, Godefroy Publications. 


I'll do it without wasting a minute. 
W. Clement Stone, Passport To Success, Godefroy Publications, 1962. 
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I'll do it right away... I’ll do it immediately! 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I set to work immediately and passionately. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I will not neglect today’s tasks by putting them off for tomorrow, 


because I know that tomorrow never comes. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I profit from each day: I don’t put off what I have to do, and I do 
it with joy. 
Raymond Hull, Wanting Is Power, Les Editions de l’‘Homme, 1969. 


When I’m faced with a problem I solve it right away if I have all 


the facts. I don’t put off making decisions. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


If I want to succeed I have to start this very day. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I do everything I undertake with care, and I complete it before 


moving on to some other occupation. I never put off for later what I 


should and can do now. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


PRODUCTION 


I am satisfied with the results produced by my working time. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


PRODUCTIVITY 


Whenever I make a change in my life, from the current way I am 
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doing something, I anticipate a temporary drop in productivity and 
efficiency. I don’t worry if a change I made in profession or lifestyle 
isn’t bearing fruit right away. It takes time for a change to be assimi- 
lated. As familiarity and confidence rebuild, productivity will increase 


again. I don’t stew, I let it simmer for awhile. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


PROFESSION (Also see Wealth) 


I deserve to have a profession that satisfies me 100%, and which 
gives me the opportunity to develop and enrich myself beyond my 


expectations. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


There are experts and professionals in my field who will help me 
learn, improve and excel. They will respond to my sincere, thought- 


out questions and concerns. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


PROFIT 


I profit from the present moment. 
Sublipower, Sublisuccess, Edi Inter, 1978. 


PROGRESS 


I have everything I need to make profitable progress under the 


present circumstances. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 
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I move forward with all my strength. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


I develop affirmative statements, about five words in length, de- 
scribing my correct performance, in the present tense. I relax and lis- 
ten to myself state the affirmation, and visualize the accompanying 


action or feeling. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Iam pleased with the progress I am making. I’m going to tell my 


best friend about it. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


I move forward! 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I want to do better. 


I want to do more. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


PROJECTS (Also see Debt, Money) 


I set a deadline for every project. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


This project does not have to succeed, and if it fails the world 
won't come to an end. But I want it to succeed, and so I’m going put 


all my energy and enthusiasm into it. What do I risk by doing that? 
John Clark, Do It Now, Godefroy Publications. 


Creative wisdom is at work through me to bring all my projects 


and plans to fruition. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 
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PROMISES 


Every time I promise something I keep my word faithfully and 


exactly. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


PROMOTION 


I am qualified for the promotion to (specify the job you wish to 
get) because everyone appreciates me and because I always demon- 


strate goodwill towards my employer and my colleagues. 
Raymond Hull, Wanting Is Power, Les Editions de l’Homme, 1969. 


I have a right to my place under the sun. I carve out this place 
through my work, through the contacts I make, through the dignity 


of my life, through friends and the help I give to others. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


PROSPERITY (Also see Happiness, Budget, 
Love Of Life, Health, Peace, Success) 


Every day I am acquiring better health, a greater love of life and 


more and more prosperity. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


My interests are prospering day and night. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


I accept and believe in prosperity for myself. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 
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I organize my budget well, and my affairs prosper. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


I believe with all my heart that health, peace, success and pros- 
perity in my affairs are mine to enjoy. I see myself under the spiritual 
sign of peace, harmony and inner development, an image which is 
completely oriented towards success and prosperity. 

I impregnate my subconscious mind with ideal images of pros- 
perity and success. I rely on the infinite source from which every- 
thing I need flows. I listen to the voice of God in me. His voice guides 
and directs me in everything I undertake. I feel linked to the wealth 
and generosity of God. I believe and I know that there are new and 


better opportunities in store for me. God will reveal them to me. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I deserve prosperity and happiness. From now on I will be pros- 
perous and happy. 

Iam now ready to accept all the joy and prosperity that life offers 
me. 

Iam blessed with financial prosperity. Each day makes me more 


prosper OuS. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I have divine guidance all day long, and everything I do pros- 
pers. Divine justice and the law of divine order govern all my under- 
takings, and everything I do succeeds. 

I know that prosperity means spiritual growth from all points of 
view. God helps me succeed in mind, body, and in the things I do. 
God’s will is constantly at work in me, bringing me health and wealth, 


and making me an expression of divine perfection. 
Dr. Joseph Murphy, Miraculous Power Attracts Infinite Riches, Godefroy Publications, 1978. 
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PROTECTION 


I remain under the protection of the Most High. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


Iam never afraid because I know that the Divine Presence which 


is in me is my saviour. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I am safe and secure at all times. Love surrounds me and protects 


me. All is well. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I am guarded, I am protected. 
George Barbarin, How To Overcome Fears And Anxiety, Dangles Press, 1974. 


The Spirit walks ahead of me, showing me the path... I have abso- 
lutely nothing to fear, the Spirit protects me... the wisdom of the Spirit 


guides me in all my actions. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


PSYCHIC SHIELD 


I will completely reject and ignore all negative and pessimistic 


“facts” which I can do nothing to change. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


PUBLIC SPEAKING 


I like talking to people. When I address a group I feel self confi- 


dent and relaxed. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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CLEAN-AIR solder fume extractions 





( Ersa EASY ARM 1 and EASY ARM 2— protecting environment, health and resources 


Ersa EASY ARM 1 


The Ersa EASY ARM 1 is a 
compact yet powerful filter unit to 
efficiently clean the process air 

at the workplace. Both i-CON1 C, 
i-CON2 C and i-CON VARIO can be 
connected to the EASY ARM 1 with 
an interface cable. The solder fume 
extraction has three filtration levels 
to remove noxious gases. 


With the solder fume extraction 
EASY ARM 2, Ersa offers the user 
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a further compact and highly ef- 
ficient fume extraction unit for either 
one or two workplaces. One or two 
units i-CON1 C/i-CON2 C/i-CON 
VARIO can be connected to the 
EASY ARM 2 via interface cable. 


Both EASY ARM systems are 
provided with a stand-by mode and 
operate only when the soldering sta- 
tions they are connected to are being 
used. The EASY ARM 1 and 2 are 


Q&A 1: So, how can you get rid of them? By using a solder fume extraction unit to 


clear the air from particles and gases. 





easy to install and can be placed very 
flexibly. Due to their very low noise 
level, they can be operated in virtually 
all environments, be it repair shops, 
development facilities or laboratories. 


To accommodate different working 
conditions and applications, a vari- 
ety of extraction arms and nozzle 
shapes which can easily and quickly 
be exchanged are available to meet 
different working conditions. 


Noxious gases develop in every solder- 
ing process. 





Q&A 2: How does that work? Active 
carbon in the filters absorbs harmful 
gas molecules; result: a clean working 
environment. 


PH 
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As soon as I begin speaking... I feel transported... I speak with 
conviction and warmth. 

I could speak for hours... ideas keep coming to me one after the 
other. 

At a meeting or conference... [am more and more likely to get up 


and express my ideas. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I have the energy, assurance and complete self control I need to 
speak in public. I speak easily and eloquently. 

I feel relaxed in public. I feel at ease in any situation. I have com- 
plete confidence in myself and in what I have to transmit to others. 
Everything will be fine. 

Iam the most important thing I have to transmit to others. I am 
perfectly at ease. I am in perfect control of myself. I know exactly 


what I have to say. Iam perfectly at ease in public. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


I have nothing to fear. I’m going to concentrate on the message I 
wish to pass on to my audience and not on myself - I have confidence 


in the power of my own mind. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I feel comfortable in public. I feel at ease under any circumstances. 
Ihave complete confidence in myself, and in what I have to transmit 


to others. Everything will be fine. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


Iam the most important thing I have to transmit to others. I am 
perfectly at ease. I am in perfect control of myself. I know exactly 


what I have to say. I am perfectly at ease in public. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 
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PUBLISHING 


Infinite Intelligence paves the way for the acceptance and publi- 


cation of my writing. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


PULMONARY DISEASE (See Lung Disease) 


PUNCTUALITY 


I arrive on time for my meetings. 


I arrive at the prescribed time. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am always punctual. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I rarely hurry, and I feel good about myself. 


Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


PURIFICATION 


Every breath I take cleanses my body totally. With every out breath 
I rid my body of toxins. 


Louis Proto, Self Healing, Piatkus Publications, 1990. 


I eliminate gasses and all other waste products from my body. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1973. 


I clean my mind with the waters of love and life. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 198 
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QUALIFICATIONS 


Ihave the necessary qualifications, and everything else I need to 


succeed. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


QUALITY 


It is my —— (specify which quality) that people appreciate in 


me. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


Ihave the potential to develop all the qualities I admire in others. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


I cultivate and develop my qualities. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


I acknowledge my qualities, as well as those of others. 
Christian H. Godefroy, Positive Thinking: The Subliminal Method, Godefroy Publications, 1987. 


QUALITY OF LIFE 


The quality of my life improves day by day. 


Louis Proto, Self Healing, Piatkus Publications, 1990. 
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RADIANT 


Iam a being of light. I am energy. I am whole as a spirit, mind, 
and body. 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


The more radiant I am the more | attract good things. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


REACTION 


Iam perfectly capable of reacting in a happy and healthy way, no 


matter what happens to me. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


READING 


I look at books as working tools. 

Sometimes I read very quickly, sometimes very slowly, depend- 
ing on what my objective is. 

Ihave an alarm system that goes off every time I find myself get- 
ting distracted, reading a sentence over and over without really tak- 
ing it in because I’m thinking about something else. 

When I finish reading something I ask myself what I got out of 
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the book or article, and how I can put this information to good use. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


Realization 


All my thoughts tend to materialize in my life. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


What the mind can conceive and believe, it can also realize! 
W. Clement Stone, Success Through Constructive Thinking, Godefroy Publications, 1978. 


Ihave the right to realize my desires. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I can do anything I believe I can. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I'll do it! 


Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


I can do anything through the power of my subconscious mind. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


I realize what I want to do. 
Christian Godefroy, Mental Dynamics Seminar, Godefroy Publications, 1978. 


The universe is now paying me to do what I really love. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


Everything I have to do is simple and easy. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 
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REALIZATION - SELF 


Every day I take a small step towards self realization. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


REALISM 


I take care to always remain in contact with reality. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I am practical and realistic, and I keep my feet planted firmly on 
the ground. But I also give myself the freedom to live according to 


my ideals. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I am a realist. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


REBIRTH 


Today I start a new life. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


Just as the pain of childbirth is forgotten, I experience each aspect 
of my life as a manifestation of peace and joy. The past is dead. I am 
free of all suffocating prejudices. Iam reborn every instant, I triumph 
in my rebirth and my new and happy being. 


Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 
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RECEPTIVITY 


Iam receptive to healthy ideas and techniques. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


REFLECTION 


I determine the time a task will take before starting it. 
I sit down from time to time to reflect on things that are impor- 


tant to me. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


I always find a solution if I take the time to reflect. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I give myself the time to reflect on subjects that are important to 
me. 

I write these subjects down in my agenda so I won’t forget about 
them. 

I know that reflection takes time, and that this time is not neces- 
sarily directly connected to solving my problems: a time of reflection 
can also be a time of maturing. 

Whenever possible I either write down or record the fruit of my 
reflections. 

Whenever possible I allow myself time for reflection before mak- 
ing a decision. 

As I reflect I establish “satisfaction criteria” concerning the re- 
sults I hope to achieve from the decision I make. 

I use my time of reflection to gather ideas which I would then 


note down in my agenda. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 
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I want to think about things, because every profound idea con- 


tains information that is only revealed through reflection. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


REFUSAL 


I always say no when it’s the right thing to do. 

By not giving in to the demands or influence of others I become 
more aware of my freedom and my self control. 

I am able to say no easily. I am self confident, and always in con- 
trol of my life. 

Inever feel obliged to do something I honestly haven’t chosen to 
do. I say what I think. I am frank, direct and honest. I know what | 
want and where I am, and I express my opinions clearly and without 
hesitation. 

Tallow no one to sell me anything against my will. I live accord- 
ing to my own decisions, without ever giving in to pressures from 


salespersons or anyone else. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


REGULARITY - ABDOMINAL 


My solar plexus radiates heat. 


I feel a source of heat in my abdomen. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


REGULARITY - RESPIRATORY 


I am all breathing, there is something breathing inside me, I feel 
my rib cage rising and falling like a boat on the ocean, my breathing 
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is calm, I listen to my breathing. I am breathing gently. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


REJECTION 


(I confront my fear, rejection and guilt and let go of them. I am 
going to discover and overcome these feelings which are obscuring 
my real light.) 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I allow myself to be, without the need to prove myself to anyone. 
Ilive my power without fear of defeat or rejection. I control my dreams, 
my life. 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


REJOICING 


It’s good for me to have fun and rejoice, and that’s what I do! 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


The more I enjoy myself, the more alive I feel. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


RELATIONS - COMMERCIAL 


I can never control another person; I can only influence him. If I 
expect to be able to control him I'll probably be angry and frustrated. 
If I accept that I can influence his free choices I’Il be calmer, learn 


more about him, and be much more effective. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 
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RELATIONS - FAMILY 


I love my family. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


My relations with my family are improving. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


RELATIONS - HARMONIOUS 


Ihave the right to be happy with my chosen love. 

My relationship with X is becoming more and more harmonious, 
happy and enriching every day. We are evolving together. We always 
compliment each other perfectly. I give love and receive abundance 
in return. I live in the abundance of love and life. X is abundance, I 


am abundance. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Iam now ready to get involved in a fulfilling and happy relation- 
ship. 

I am ready to have harmonious relations with everyone. 

Divine love is now working through me to establish a perfect re- 
lationship with —. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
The spirit in me speaks to the spirit in —— so that there is only 


harmony, peace, love and understanding between us. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 
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Tiffany soldering 








Soldering tip 


Copper foil 





Solder 








Step 1: spot soldering 













Copper foil 





Soldering tip 





Solder 





Step 2: rough soldering 


Tiffany or sheet metal soldering 


Soldering beyond the field of electronics 





Tiffany soldering 
(Lead glass soldering) 


Soldering a Tiffany object generally 
involves three individual steps: 

* Spot soldering 

* Rough soldering 

* Finishing 


Prior to the actual soldering process, 
copper foil is glued on the glass edg- 
es. The next step is spot soldering, 





i.e. the glass parts are fastened or 
connected by taking a drop of solder 
with the tip of the soldering iron and 
carefully applying it to the solder joint. 
Each spot soldering operation should 
only take about a second. During 
rough soldering the gap between the 
glass is filled with solder after flux 
has been applied. For this purpose 
the tip and solder are moved together 
along the joint. Always drag the 
soldering iron, never push it. Only if 





Guiding the soldering iron when soldering a broad seam 









Solder 





Soldering tip 





Guiding the soldering iron when soldering a narrow seam 


this procedure is accurately followed, 
and if a sufficient amount of solder 
is applied, the desired, half-round 
and convex seams are achieved. The 
lack of visual quality of the seam 

at this stage is optimized during the 
finishing soldering step, in which the 
soldering tip is dragged slowly and 
from the beginning of the seam until 
the end at an even speed. The seam 
worked on should always lie flat on 
the bench. 


Plumbing and tinsmith work 
For the joining of sheet metal and 
metal pipes, the joints to be soldered 
have to be bare. This calls for a good 
prior cleaning. 

After this, the flux — either solder 
grease or solder fluid, a zinc chloride 
solution — is applied. Then the area to 
be soldered is heated with the tip of 
the soldering iron. 

Once the soldering area is sufficiently 
hot, solder is added and the solder 
gap is filled. 

The aggressive flux residues are 
removed after cooling to avoid the risk 
of future corrosion. 


R Page 314 





RELATIONS - HUMAN 


To improve my human relations I accept people as they really are 


and not as I would like them to be. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I choose my relations. I deliberately seek out people with high 


moral values who see the beauty in life. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


I am not interested in relating to anybody who does not respect 


me as much as I respect myself. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


My relations with people are becoming happier and more fulfill- 
ing every day. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


When I change my inner self, I also change all my external rela- 


tions. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


From now on my relations with others will be happy, satisfying 


and full of love. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I have confidence in myself and I like being with other people. 
Alan Houel, How To Deal With Difficult People, Godefroy Publications, 1990. 


I have fruitful and pleasant relations with the people I see (both 
professionally and socially). 

If 1am with someone, I give them all my attention. 

I try to discern what other people are feeling. 

I may take a calculated risk of breaking off a relation if that is the 
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only way I can work things out. 

Iam careful to concern myself with only one pole of the relation 
at a time: me, the other person, or the situation. 

I periodically review my personal relations and evaluate them, 
dividing the people I spend time with into positive and negative cat- 
egories. I then determine those with whom I'd like to try and im- 
prove my relations, and those with whom I'd like to establish a rela- 


tion, but haven’t done so as yet. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I have very easy-going human relations. 

Iunderstand the natural laws governing relationships, and I work 
in harmony with them. 

When I am in touch with my Real self, all my relations are cordial 
and effective. 

Any sincere effort to improve my human relations will be reward- 


ing. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I like people a lot, and I like to be nice to them. 
Arthur Wassmer, The Art Of Making Friends And Being Happy, Belfond Publications, 1978. 


I like to thank others. 

The more I like myself, the easier it is for me to like others. 

I am available for other people. 

I know how to listen. I encourage people to talk about themselves. 
I listen to them, and they confide in me. 

I find it easy to meet new people. 

I accept people the way they are. 

I like to demonstrate my care and thoughtfulness. 

I am sincerely interested in other people. 


I wish others only positive things. 
Christian H. Godefroy, Human Relations and Communication: The Subliminal Method, Godefroy Publications, 1987. 
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I will try to be a little more friendly towards others. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I will do all Ican to understand and maintain good relations with 


—— (specify such and such member of the family, colleague, etc.). 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


Iimagine myself at my best and I project that image to others in 


order to improve my relations and become a happier person. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam going to practice the technique of self-relaxation whenever I 
find myself in a situation that may precipitate an argument. 

Whenever I find myself baited into a heated argument | will 
change the subject or will remind myself to remain calm and realize 
that the other person may have reasons for feeling as he does. 

I am going to give myself the daily suggestion that I will talk 
more to people, act more friendly and initiate the kind of conversa- 


tion that will enlist the interest of the other person. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I seek and find the essential quality of each person I meet. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Tam in harmony with others. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


I treat others as I would have them treat me. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


I want to maintain the friendly and harmonious relations I have 


created with the people around me, my family, friends and colleagues. 
Raymond Hull, Wanting Is Power, Les Editions de l’‘Homme, 1969. 


The only kind of relation I can have with anyone, no matter who 
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that person is, is one of love, understanding and peace. I am a free 


expression of God. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


RELATIONS - PERSONAL 


People are important to me. I like the people who are a part of my 
life, and I know they like me. 

[naturally attract honest and sincere people who respect my opin- 
ions, as I respect theirs. 

My personal relations are warm, meaningful and enriching. I am 
always honest and sincere with the people I meet, whatever the situ- 
ation, and whatever kind of relation we have. 

I am worthy of confidence, I am responsible, and other people 
greatly appreciate these qualities in me. 

Iam always ready to give someone the benefit of the doubt, what- 
ever the situation. When I’m uncertain, I always imagine the best 


possible scenario. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


RELATIONS - PROFESSIONAL 


The basis of all the thoughts, words and actions I use to address 


my superiors and colleagues is my ever present good will. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


My relations with associates are governed by the law of harmony. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 
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RELAXATION 


Every time I take a breath, and every time I exhale, I relax more 


and more deeply. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


Each inhalation and exhalation relaxes me even more. 

Each new movement makes me a little more relaxed. I breathe in 
deeply and hold the air for the time it takes to count to five. I exhale 
very slowly. My body is feeling more and more rested, making me 
even more relaxed. And the more I relax, the better I feel. The feeling 


of being completely relaxed is very pleasant and reassuring. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I feel more and more relaxed. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I know how to relax and let go. I can flow with the current. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I know how to organize spaces of relaxation, even during very 


intense activity. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am relaxing now. I am at peace. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I am going to take time each day for some form of recreational 


relaxation to balance my day with work and play. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


My body is loose and relaxed. 


Emrika Padus, Encyclopedia of Emotions And Health, Edi Inter, 1991. 


Every time I do my alphagenic induction exercises I relax quickly 
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and deeply. 

I do relaxation exercises every day. 

I feel completely numb and insensitive to the position of my body. 
Iam cut off from the people around me. I feel secure and in control of 
the situation. 

My body is relaxing more and more. I am becoming numb to all 
sensation. 

I feel relaxed from head to foot. Every part of my body is relaxed, 
and I stop analyzing my feelings. I am not thinking about anything 
except relaxing as I watch the indicator continuing to descend. Soon 


I will be completely impervious to everything around me. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


With each breath I become more relaxed, with each breath my 


body becomes looser, heavier and more numb. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


I am falling asleep. My whole body is resting. I will awaken in 
half an hour, at exactly —— (specify the time), rested and full of en- 


ergy. am so light I feel as if I’m floating! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I relax every night. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I can relax. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I feel good, very relaxed. 

A feeling of well being gently spreads through my body. 
My scalp is relaxing little by little. 

My forehead and face are relaxing. 

My tongue is loose in my mouth. 

I relax my throat, my tonsils, my vocal chords. 
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The muscles around my eyes are relaxing. 

My neck and back are loosening up. 

My tension is dissolving day by day. 

My breathing is unobstructed and is getting fuller all the time. 
My diaphragm massages my internal organs. 

My solar plexus is relaxing. 





Sublipower, Sublirelaxation, Edi Inter, 1989. 


(I am going to practice relaxation as a way of life. 1am going to 
practice relaxing each part of my body (progressive relaxation) until 
I have learned to master the technique of relaxing my entire body 
(complete relaxation). When my body is relaxed my mind will relax. 
Relaxation is the best antidote for worry. Iam going to make good 


use of my new habit of hypnotic self-induced relaxation.) 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Relaxing is important to me, and I always make sure to get my 
required dose. I use my time not only to pursue my goals, but also to 


appreciate the beauty of life. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Everything is relaxing... everything is opening... becoming peace- 
ful and relaxed... my head is heavy, my jaws are loose... my body 


becomes calmer and calmer every minute. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


RELAXATION - DIGESTIVE 


My solar plexus radiates warmth. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


RELAXATION - MENTAL (See Inner Peace) 
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REMUNERATION (A\Iso see Job) 


Ihave a wonderful job and I am very well paid. I offer a valuable 


service and do my work admirably. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


REPARTEE 


I can answer any question at all without hesitating. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


REPRESSION 


As I count to ten I start becoming conscious of these emotions. I 
feel them more and more strongly. I will feel them intensely, in every 
fiber of my being. 


Charles de Liguori, Hypnotism, de Vecchi Publications, 1975. 


REPROACH 


I remind myself that my relatives, my spouse, my friends, my 
boss, my children and all kinds of other people I come in contact with 
will often disagree with my behavior, but their reproaches have abso- 


lutely nothing to do with my inner self. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I start accepting certain attitudes which I have chosen to adopt 
but which others may disapprove of. Therefore, if a relative or my 
boss or a neighbor or even my spouse reproaches me for such and 


able of contents 





R Page 322 


such behavior, I find it completely natural that they do so. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


No more blaming! 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


RESENTMENT (Also see Forgiveness) 


No feelings of resentment can enter my mind because I have a 
spiritual understanding of all beings. I contemplate the love of God 


in people, which blesses me and fills me with goodness. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I give up all my resentment; this done I find I can be honest with 
myself. 

I reject my feelings of resentment; I use my intelligence to find 
ways to spend my days fruitfully. I forget the day’s setbacks and, 
above all, I stop being obsessed with the numerous injustices I suf- 


fered in the past. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I forgive you. I may not approve or agree, but I can forgive. I can 
let go of the past and wipe the slate clean. I know better than to ex- 
pect atonement. I let go of revenge and resentment. Our differences 
are in the past. I am in control of the present and I can forgive you in 


the present. I can leave my anger behind. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I want to get rid of all my bad memories, eliminate all hate and 
resentment from my heart and retain nothing which can degrade or 


belittle me. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


TT ag: > 
apie OF contents 





R Page 323 





RESOURCES 


God is the infallible and unlimited source of all my resources. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


My mind is strong and its resources allow me to control my body, 


my emotions and my thoughts. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


RESPECT (Also see Consideration) 


I earn the respect of others. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Iam respectful and listen to people who have experience. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


First I respect myself, then I respect others. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I respect myself enough to say ‘yes’ only when I mean it. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I respect myself. I respect my values, my thoughts, my ideas and 
acts. And I respect myself the most when I stick to the path I have 
chosen. 

I have a healthy attitude towards myself. I really like myself. I 


cultivate a very positive self image, and a deep respect for who Iam. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I respect others and they respect me. Every person I meet is im- 
portant to me. I can easily create a feeling of respect and confidence 


between myself and others. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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ERSADUR Tiffany soldering tips 


The types VD, GDLF, LDLF and 
MDLF of the comprehensive 832 
tip series are particularly suited for 
Tiffany work. On account of their 





Tate 


Ook 


832 LDLF 


shapes and their high mass (excel- 
lent because of the ensuing heat 
retention capacity), the seams be- 
tween the glass parts can quickly 


832 MDLF 

















832 VD 


and easily be filled with solder. And 
the ERSADUR finish warrants a 
long tip lifetime. 


ERSADUR Tiffany soldering tips 


Ersa DIGITAL 2000A, Ersa MULTI-TC and ERSADUR soldering tips 





Tiffany lamp 


The MULTI-TC soldering iron is 


very light, robust and powerful. The 


Ersa SENSOTRONIC Control with 
the PT-1000 temperature sensor 
in the tip reacts immediately when 
heat is withdrawn. 


The MULTI-TC is provided with a 
2.2 mm wide, chisel-shaped sol- 


dering tip. Together with the Tiffany 


soldering tips, the slim MULTI-TC 
is superbly suited for the use in 
Tiffany work. 


Due to its precise temperature con- 


trol, the DIGITAL 2000 A soldering 
station completely eliminates the 


possibility to overheat any glass 
components or the copper foil, and 
the station has tremendous power 
reserves, making it comparable 
and putting it on an equal level with 
unregulated 150 W soldering irons. 


The Ersa SENSOTRONIC control 
with its internally heated soldering 
tip, where the temperature sensor 
is mounted directly below the tip, 
provides for precise temperature 
control and ensures uniform 
temperature levels at the 
soldering joint. 





Ersa MULTI-TC, 75 Watt 





The long-life ceramic PTC heating 
element provides up to 290 W 
heat-up rating which means that 
the powerful soldering iron is ready 
for use in only 60 seconds. 


The DIGITAL 2000 A is provided 
with a 2.2 mm wide, chisel-shaped 
soldering tip. Particularly good 
results are achieved with the 
optionally available tip versions 
832 VD, 832 GDLF, 832 CDLF and 
832 MDLF, which are specifically 
offered for Tiffany applications. 


Ersa DIGITAL 2000 A with POWER TOOL 


So 
16 2 
O4 + —'3 
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Above all I respect myself. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


RESPONSIBILITY 


(I am completely responsible for my thoughts, feelings and ac- 


tions.) 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


I consider everything that happens to me as being my fault. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


Ihave to accept my responsibilities with joy in order to relax my 
Real Self. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I will leave nothing to chance because chance does not exist, and 


the success I aspire to depends solely on myself. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


I assume responsibility for my strength, my happiness, and for 
my positive and healthy attitude; I am responsible for my past, present 


and future. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam grabbing hold of my life. 


Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Iam happy to realize that am nota victim of life’s circumstances. 

Iam creating the happy life I lead. Iam the author of my own life 
story. 

I don’t need to make up excuses, and no one is obliged to assume 
my responsibilities for me. I carry my burden with pride and joy. 
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Every day I recognize and assume responsibility not only for my 


actions, but also for my emotions, my thoughts, and even my beliefs. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I am in control of myself and my environment. I take charge of 


myself! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam responsible for what happens to me. 
Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


I am responsible for my life. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


Iam responsible for myself because I have chosen to be so. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


I am responsible. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


I want more responsibilities. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l’'Homme, 1979. 


REST (Also see Sleep) 


I always allot myself sufficient time for rest and relaxation. I get 
enough sleep, and my sleep is deep and regenerating. 
I give both my mind and body enough rest, but I don’t depend 


solely on rest to recharge my energy. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I am resting peacefully. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 
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As long as I don’t move and don’t get upset I am in perfect re- 
pose. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


REST - MENTAL 


When one minute has passed I will count from one to seven. When 
I reach the number 7 I will emerge from my state of mental rest and 
feel as if [had slept deeply for two hours. 


Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


RESULTS (Also see Work) 


I get more done because I work harder. I like to make that extra 
effort and obtain better results. 

I feel great satisfaction in knowing that I work hard and well. I 
try to be more efficient and get better results every day. 

I improve my results by concentrating my energy and attention 
on what I am doing. When I have a task to accomplish, it is the only 
thing I think about. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Infinite Intelligence shows me the best ways to get better results. 
Dr. Joseph Murphy, Miraculous Power Attracts Infinite Riches, Godefroy Publications, 1978. 


Iam getting better results at work every day. I find my work more 
and more fulfilling. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I let the results come naturally and effortlessly. 
Vernon Howard, Psycho-Pictography, S.LP., 1965. 
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From now on the divine light within me produces perfect results 


in all aspects of my life. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


RESULTS - SCHOLASTIC 


My interest is growing day by day and my scholastic results are 


improving. I am doing everything in my power to attain my goal. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


RETIREMENT 


Iam going to make my golden years interesting and meaningful. 
I’m not going to be a stay-at-home just because I am past 60 or even 
70. Growing old graciously means practising being kind, unselfish 


and understanding. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


REVENUE (See Income) 


REWARD 


I reward myself with gifts! 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I give myself what I want; I feel I deserve it. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I reward myself when I bring a project in on time. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 





able of contents 


R Page 328 


(I deserve this reward.) 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I will spend this Saturday doing something I really want to do. I 
don’t mean next month. I mean this Saturday. I will enjoy being alive 
and being able to do it. I deserve it. There will never be another me. I 


will spend at least one day a week on ME! 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


When this project is finished I’ll buy myself the new suit I’ve been 


wanting. 
John Clark, Do It Now, Godefroy Publications. 


When this job is finished I’ll relax and have something to eat. 
John Clark, Do It Now, Godefroy Publications. 


When I complete this assignment I’m going to reward myself with 
my favorite —— (specify which food, item of clothing, TV show, 


movie, sports or leisure activity). 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


If I finish all this today I'll go to a movie tonight. 
John Clark, Do It Now, Godefroy Publications. 


RICHES (See Wealth) 


RISK 


I accept responsibility for some of the risks involved in the deci- 
sions I make, because taking calculated risks is the only way to ac- 
quire experience. Therefore I always ask myself this question: ‘If this 


fails, am I ready to assume responsibility for the consequences?’ 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 
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I risk nothing if I fear nothing. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


I take risks that may complicate my life, but which could prove to 


be extremely profitable. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


My path is a luminous one of sunshine and promise. I follow it 
with joyous anticipation. When I take a necessary risk, I look ahead, 
anticipating the best, and never turn back. 

I reduce the risk of running risks by informing myself as much as 
possible in advance. Then, once my decision is made, I accomplish 
each stage with the determination to succeed. 

I take positive risks which always bring the desired reward, and 
contribute to my health and well being. 

I only take risks which provide me with even more positive en- 
ergy, and which contribute to my well being, as well as to the well 


being of those close to me. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


RIVALRY 


Ino longer feel any rivalry with my neighbors. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


ROUTINE 


I take risks to break the routine. For example, I take unplanned 
vacations, with no reservations, no maps, telling myself that what- 
ever happens I am capable of dealing with any situation. I apply fora 
new job, or talk to someone I’ve avoided in the past because I was 
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afraid of what might happen. I take a different route to get to work, 
or I eat at midnight instead of at six. Why? Because it’s different, and 


because I feel like it. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 
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SADNESS 


If I sometimes got sad or bored, moody or overcome by dark 
thoughts, I know that this will no longer happen, and instead of be- 
ing sad, instead of feeling melancholic and dark I will be joyful, joy- 
ful for no reason perhaps, but joyful all the same, just like I got sad for 
no reason in the past. And what’s more, even if I have reason to be 
sad, real reasons that cause me to feel dark and melancholic, I will 


not do so. 
Emile Coue, Complete Works, Astra Publications, 1976. 


I will fill this day with my laughter; I will fill this night with song. 
I will never have to work to be happy; instead I'll keep myself too 


busy to be sad. Today’s happiness must be enjoyed today. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


SALARY (Also see Work, Value) 


My salary is in accordance with my integrity and honesty. I ex- 
ploit my talents to their fullest. 1 am appreciated and sought after, 
and I am indispensable. It’s wonderful! 

My salary is in line with my spiritual values. My revenue corre- 
sponds to my faith and my expectations. My wealth depends on the 
Universal Substance, and the degree to which people accept me de- 
termines the amount of my salary. I accept all the good that comes 
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my way, here and now. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


SALES 


I am learning about the marketplace. I’m widening my base of 


contacts. The people I call need my products and services. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


Starting today my sales will increase every day. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I will develop my understanding of people, of myself and of the 
merchandise I am selling in order to multiply my sales. 

I will become the top salesman in my department because I am 
unique. 

I will be the greatest salesperson the world has ever known. 

I will work harder than ever, pushing my body to its limit, and 
then I’ll do even more. I’Il make more contacts than ever, more sales 


than ever, and I'll make more money than ever. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I’m not just any salesperson. I am an experienced salesperson. I 


am a champion salesperson. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


Iam a spiritual magnet, attracting clients who are interested by 
what I have to offer. The service I give is improving day by day. Iam 
highly successful in everything I undertake. I bless everyone who 
comes into my store, and treat them well. All these thoughts are now 
filtering down into the deepest part of my subconscious mind, trans- 
forming my life into one of abundance, security and peace of mind. 
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It’s wonderful. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


I am an excellent salesperson. I like to sell and I appreciate the 
numerous rewards my profession offers me. 

I always put in the time required to find new clients. It is natural 
and easy for me to generate new business. 

I always take care of details related to my work. I like everything 
that has to do with sales, and I always have the time to pay attention 
to details. 

I have a great talent for sales. I am a professional salesperson, 


and it shows. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam going to start out every morning with the idea that this is 
going to be a good day for me, that I am going to experience an inner 
feeling of confidence, a feeling that I can sell almost anything to any- 
one, that I can make more sales than I ever have before. 

I believe in the usefulness and value of what I am selling. 

Iam going to train myself not to do all the talking, but to listen 
well, ask questions so that my client is made to feel comfortable and 
not high-pressured into buying something against his better judg- 
ment. 

I am going to read and study as many books as I can, pertaining 
to the psychology of selling and apply whatever knowledge I acquire. 


Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Phone calls lead to appointments; appointments lead to sales; sales 
lead to referrals. 

Each person I contact has the potential of opening up a world of 
new customers and referrals. 

I am taking charge of my inner life by choosing my self-talk. I 
warm up mentally by focusing on effective self-talk and I prepare 
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thoroughly for every sales interaction. 
Iam thankful to have this opportunity to present myself and my 


product. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


My sales are increasing every day. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


Despite all the people who have come before me, if I constantly 
try to surpass my own record I will constantly make progress, more 


sales and lots of money. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


SALES - REAL ESTATE 


Infinite intelligence will bring me the right buyer for this house, 
someone who needs it and will benefit from it. The person will be 
attracted to me through the creative intelligence of my subconscious 


mind, which commits no errors. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


SATISFACTION 


I always get what I need when I need it. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I tell myself that I did the best thing at the best time. 


Iam satisfied with myself at the end of the day. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I feel good about myself, and all aspects of my life provide me 


with great satisfaction. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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SAVINGS 


I am fully insured (or protected by my savings). 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


Because I know how to manage my money I am always able to 
save a part of it. lset myself monthly and annual savings goals, and I 


respect them. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


SCHOOLWORK 


From now on I will concentrate totally on what my professors are 
saying. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


From now on I will concentrate on what my teachers at school 
are saying... I will not let myself get distracted... I will raise my hand 
whenever I know the answer to a question... I will participate enthu- 
siastically in all my classes. 

I will do my homework conscientiously. I will concentrate on my 
lessons. 

I won't let myself get distracted. I won’t do anything else until 
I’ve finished my homework, and prepared for the next day’s courses. 

I’m doing much better in school... I’m happy with my results. 

Day by day I am improving my performance at school... | work 
with joy... and my work is improving day by day... day by day my 
schoolwork is improving. 

Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 
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SECURITY 


Security is found in myself. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Intimately united with you, my inner Guide, I am stronger and 
stronger in all situations. I feel secure under your protection and guid- 
ance. I am independent of exterior circumstances, things and people. 
You help me and thanks to you all obstacles become incentives. Your 
strength is my strength. Your supremacy creates my superiority. You 
make everything succeed for me, and transform all things to my ad- 


vantage. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


(I have what I need. I will always have what I need.) 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Iam at home. I am comfortable as I move into a deeper connec- 


tion with my true self. I am flexible and secure in my life. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I try as much as possible to eliminate external explanations from 
my behavior, and external circumstances from my life, my thoughts 


or my feelings. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


SEDUCTION 


I am responsible for keeping myself physically attractive, clean 


and desirable for my husband. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I am becoming more seductive every day. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
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I am seductive. 
Charles Baudouin, Psychology And Practise of Autosuggestion, Idegraph Publications, 1990. 


I want to make a favorable impression on ——. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


SELF ACCEPTANCE 
(Also see Self Confidence, Self Expression) 


I continue searching for the best in myself. I accept myself the 
way I am, and at the same time I do what is required in order to 


improve myself and gain ever greater satisfaction. 
Dr. Maxwell Maltz, Psychocybernetics and Self Accomplishment, published by A Different World Ltd. 1970. 


I accept my situation and I feel perfectly good about it. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


I accept all my feeling as part of myself. 

I like myself and accept myself the way I am. 

I don’t have to try and please anyone, I please myself and that’s 
what counts. 

I like myself the way I am, and I feel better and better. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


[have the right to be myself. 


Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I like who I am, and live each day in the freedom of self accep- 


tance and self confidence, and with the joy of expressing myself fully. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I like and accept both my body and my spirit. 


Shakti Gawain, Reflections In The Light, New World Library, 1978. 
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I exercise my right to self acceptance. 
I am learning to accept myself. 
I accept myself for who I am, and I don’t try to imitate anyone 


else. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I stop concerning myself with social popularity. I am working on 


accepting myself. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I accept myself and I accept others. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


(I stand tall and shine brightly. I appreciate myself and respect 
myself.) 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I'd make a bad somebody else, but I’m the best ‘me’ there is. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


SELF AFFIRMATION 


Here I am. I have as much right to be here as anyone else. I mat- 


ter. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I have the absolute right to be who I am, to think what I think, to 


feel what I feel, and to want what I want. 
Arthur Wassmer, The Art Of Making Friends And Being Happy, Belfond Publications, 1978. 


Ihave the right to say ‘NO’ to someone without losing their love 


or friendship. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 
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I have the right to affirm myself, and it is to my advantage to 
communicate. I have the right to ask for what I want. I give others the 
freedom to say ‘yes’ or ‘no.’ If [don’t express what I want, no one will 
know and I'll always be dissatisfied. 

I have the right to have needs, and to fulfill them, as long as it 


doesn’t harm anyone. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


SELF AWARENESS 


I know that I never waste time asking myself what other people 
think about me. If I want to know, I simply ask them! In this way I 


obtain the information I need, and I also feel I know myself better. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


Self awareness helps me see that unhappiness is not a part of the 
Real Me, and is therefore not necessary to endure. Relaxation and 
tranquility are the result of self understanding. I make self under- 
standing my goal each day. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


The more I know myself the more I love myself. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Iam convinced that Iam a center of pure self awareness; I am a 
center of willpower, capable of dominating and influencing, using all 
my psychological and bodily functions. 


Dr. Robert Assagioli, Psychosynthesis, Epi, 1965. 


Iam MYSELF, a Center of pure consciousness. 
Dr. Robert Assagioli, Psychosynthesis, Epi, 1965. 
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SELF CONFIDENCE (Also see Self Esteem, 
Self Control, Competence, Depression) 


My self confidence grows stronger every day. 


I have confidence in myself. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 


I’m more confident of myself every day. I’m getting stronger. I 


AM ME. I love who Iam. I can handle any situation. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


I have more and more confidence in myself every day. 
I often tell myself: “It’s easy, you can do it.” 

I speak clearly and articulately. 

I decide what I really want, and act accordingly. 


I can now depend on myself. 
Suplipower, Subliconfidence, Edi Inter, 1989. 


I have confidence in my abilities. 


I trust in myself and believe in my innate wisdom. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I have confidence in my inner powers. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I have confidence in myself and in the future. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


Iam confident in myself, in others and in life. 
Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


I have confidence in you. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 
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I have faith in myself. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I have everything I need to be happy, here and now. 


Everything I need is already within me. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I have absolute confidence in myself... and I feel at ease under 
any circumstances... even in public I feel no apprehension... all my 


faculties remain intact... because I am sure of myself. 
Marcel Rouet, Motivating Your Subconscious, Dangles Press, 1982. 


I like who I am. 
I feel good about myself. 


Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I will reach the highest summits through the power of this 


newfound confidence in myself. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 


I trust my inner knowing in all situations. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


I believe in myself. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I develop my self confidence and have faith in my clear conscience, 
letting it guide me without fear as my confidence grows. 

I avoid negativity. I help myself live more fully in the present 
moment, by keeping in mind the confidence I felt when I succeeded 
in the past. 

I have confidence in my abilities. 


The more I am myself, the more I believe in myself. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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I am gradually gaining more and more self confidence. 
Alan Houel, How To Deal With Difficult People, Godefroy Publications, 1990. 


I congratulate myself on each new success. 
Christian H. Godefroy, Self Confidence: The Subliminal Method, Godefroy Publications, 1987. 


I feel calm and sure of myself. 
I am confident. 
I build up my confidence. 


My approach is relaxed, calm, tranquil and confident. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


I prefer not to be a chronic worrier. I am going to manifest faith in 
everything I do - faith in the thought that nothing will happen. My 
faith in a Higher Power will always come to my rescue and provide 


me with peace of mind. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Iam the greatest miracle in the world! 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I am a positive person and I have confidence in myself. I emit 
positive vibrations. If you look closely you can even see a halo around 
my head. 

If [have suffered from a lack of self confidence in the past I don’t 
anymore. Today is an ideal day for getting rid of all those false beliefs 
which have paralyzed me up to now. 

It doesn’t matter what I demand of myself, I can do it, I know I 
can. 

Today, right now, Iam capable of offering myself the gift of solid, 


unshakable self confidence. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Others appreciate my company. I have self confidence and self 
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esteem. I like myself, and others find that irresistible. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Now I am very sure of myself. I have complete confidence in 
myself, and confidence in life. I know my life will be very beautiful, 
because it is a pleasure to use this newfound confidence to work on 


myself, and to give to others. 
Charles Baudouin, Psychology And Practice of Self Suggestion, Idegraph Publications, 1990. 


I trust and follow my ‘gut feelings’ at all times. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


SELF CONTROL (Also see Objectives, 
Calm, Self Confidence, Willpower) 


I’m in control of my body, now. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Iam in complete control of my thoughts and faculties. I use them 
to attain my objectives. 


Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


I command and then I obey my own command. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


Every day I am in better control of my habits. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


I become a mental magician when I control not only what I want 


to do, but also what I don’t want to do. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


All my thoughts lead to acts. 
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I control my thoughts, and I control my world. 
My thoughts make things happen. 


Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I am in perfect control of my mental impressions. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


Every day I expect to gain greater control of my feelings and my 
thoughts. 


Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


Iam in control of my thoughts, ideas and feelings. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


From this moment on I am ready to control the personality which 
awakens in me each morning. I will control my emotions by acting in 
a positive way, and it is by controlling my emotions that I can control 
my destiny. 

I become my own master. 

Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I feel in complete control of myself. 
Francoise and Michel Moine, Develop Your Psi Powers, Stock Editions, 1982. 


I take full control of my mind and my emotions. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


Iam the master of my life and my own authority. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I am in control of my gestures, my thoughts, my emotions. I am 
free of the things I inherited, free of my impulses which I have brought 
to heel. I am free of all restraints. I follow my chosen path calmly and 
firmly. 


Henry Durville, I Want To Succeed, Durville Publications, 1968. 
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SELF CRITICISM 


Ican calmly review and critique my performance and then make 
improvements without calling myself names or blaming my perfor- 


mance on someone else. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


I try to be myself as much as possible. I don’t criticize myself that 


much. After all, you have to live a little. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


When I make a mistake I don’t scold or berate myself with left- 
brain criticism. I develop an affirmative statement, about 5 words in 
length, describing my correct performance, in the present tense. I re- 
lax, and listen to myself stating the affirmation, and I visualize the 


accompanying action and feeling. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


SELF ESTEEM 
(Also see Self Confidence, Self Love) 


Increase my self esteem and I will be better respected by every- 


one. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Iesteem myself and recognize that I am capable of exploiting the 
potential of every aspect of my being. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


(I have enough self esteem to accept what I think is the best.) 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


‘abie of contents 





S Page 346 
st 


I speak about myself in a positive way. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I am capable of handling a position of authority. But to do that I 


must start by improving my self esteem. 
Charles de Liguori, Hypnotism, de Vecchi Publications, 1975. 


Tama human being. I am worthwhile just because I exist and try 
to survive. I take care of myself. I take myself seriously. I correctly 
take myself into consideration first in all matters. No one is any more 


or less worthy than I. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I’m a wonderful person just the way I am. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Iam really unique. I like who I am and I feel good about myself. 
I always wanted to be someone, and now I know that I am. 

I prefer being me to any other person in the world. 

I like what I feel, I like the way I think and act. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I reject thoughts of “I’m this way...” or “I’m like that...” as much 
as possible. 

I let the people close to me know that I intend to try to get rid of 
certain labels which are attached to me. I choose the labels I want to 
eliminate first, and ask them to tell me whenever I continue using 
them. 

I make a decision to act differently than I did in the past. I set 
myself the task of eliminating one label per day. 

I tell someone I can confide in about my decision. 

I ask him / her to tell me every time I seem to fall back and start 
hiding behind a negative image or label. 

I try to get rid of all these labels day by day. 


Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 
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The farther I get away from my old habit of underestimating 
myself and my abilities, the more excited I become about the pros- 


pect of living my life in a really fulfilling way. 
Arthur Wassmer, The Art Of Making Friends And Being Happy, Belfond Publications, 1978. 


I sometimes fail on purpose. If I lose a tennis match or a game of 
cards, does that in any way impair my integrity? Or do I remain an 
estimable individual who is simply participating in an activity for 


the fun of it? 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


SELF EVALUATION 


I cease evaluating myself according to other people’s standards. I 


use my own personal standards. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


SELF EXPRESSION (Also see Self Acceptance, 
Self Confidence, Health, Happiness) 


Every time I express my personal opinion I do it as precisely as 
possible, speaking in the first person. I explain my expectations clearly, 
and I encourage others to do the same. 

I express my opinions frankly, making sure not to be aggressive 
towards others, and I do not hesitate to express emotions like satis- 


faction or disappointment when I feel it is necessary. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I speak with gentleness and love. I exhale only the good. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 
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I know how to express myself in a dynamic way. 
I express myself freely, fully and easily. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Iam capable of expressing everything I feel, even if I don’t know 


ahead of time what these feelings will be. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


Iam conscious of myself. I believe in my ability to express myself 


fully on a physical, spiritual or emotional level. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I want to express my feelings. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


When I express myself I pay attention to other people’s reactions 
(verbal or non-verbal) in order to make sure that I am being under- 
stood. 

If necessary I know how to talk in very simple language, using 


images, gestures and illustrations to get the point across. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


SELF FORGIVENESS 


Tama human being, worthy but imperfect. Iam like you. We are 
both just trying to survive. When I hurt you I was just trying to do 
what seemed best for me at the time. If [had then the awareness I do 
now, I would have chosen differently. But at the time, I could only do 
what I did. I understand that I hurt you, and I want you to know that 


hurting you was not my goal. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 
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SELF HEALING 


I trust that I have the power to heal myself. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


My healing power is getting stronger day by day. 


Sublipower, Subli Health, Edi Inter, 1989. 


SELF HYPNOSIS 


I feel fine, perfectly fine. This session is over, and I’m going to 
resume my normal activities. I am in full possession of all my facul- 


ties. 
Francoise and Michel Moine, Develop Your Psi Powers, Stock Editions, 1982. 


Now I am sleeping. So calm, so serene! Everything is tranquil. 
My mind is free, calm. This feeling of calm encompasses everything. 


I feel it in my legs right up to my chest, in my arms and in my head. 
Charles de Liguori, Hypnotism, de Vecchi Publications, 1975. 


My ability to practise self hypnosis is improving from session to 
session. My eyelids are heavy... they’ re getting heavier and heavier... 
They are so heavy that soon I will have to close them, and when I do 


I will enter a state of self hypnosis. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


SELF IMAGE 


As much as possible I am going to think: ‘Success is inevitable, 
and I am already the kind of person I want to be.” Iam going to feel 


and act like that new person. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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Ihave a positive self image. 
Claude Arpel, Self Confidence: The Subliminal Method, Procauvi Publications, 1986. 


I encourage myself to choose and stick to the path that gives mea 
healthy self image. 

To improve my self image I learn from the school of successful 
failures. 

Now that I like myself the way I am I consolidate my self image 
every day. 


Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


I allot myself some free time each day to work on a better me. 

This decision to improve myself each day gives me the strength 
to improve the image I have of myself. This is going to be a good day, 
and my self image will be even more positive. 


I concentrate on strengthening my self image. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I know that my dominating thoughts have to go through a num- 
ber of stages before they become reality; that’s why I devote 30 min- 
utes every day to thinking about the man I intend to become, creat- 


ing a precise image of that person. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 


When I visualize myself “in the present” as if I were already ac- 
complishing one of my goals, I make certain my visual image is as I 
would see it out of my own eyes, not “watching me do it” through 


the eyes of a spectator. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


All the negative images and attitudes I have about myself are 


now dissolved. I love and appreciate myself. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
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SELF IMPROVEMENT 


I believe that I am capable if improving my life by improving my 
way of thinking. 


Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I dedicate a little time each day to improving myself as a human 
being. 

I make a daily resolution to improve myself. 

Progressing towards my goals implies a powerful desire to im- 
prove myself. In other words I want to become better, I want to 
strengthen the image I have of myself. I search for new horizons, I 


want to give my life a deeper meaning. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I love and approve of myself totally, every moment. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I stand tall and shine brightly. I appreciate myself. I respect oth- 


ers 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


Id rather be me than anyone else in the world. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


Iam a unique and valuable human being. I always do the best I 


can. I love (like) myself, mistakes and all. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I see what is positive in me and I appreciate it. 
Sublipower, Subliconfidence, Edi Inter, 1989. 
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SELF LOVE (See Love Of Self) 


SELF PUNISHMENT 


I reward myself, never punish myself. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


SELF REJECTION 


I am trying to feel better about myself. 
I offer myself my own friendship. 


I will never abandon my sense of self. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


SELF RESPECT 


I respect myself and appreciate myself. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


SELF SUFFICIENCY 


I do not have to try so hard. I have enough. I am enough. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


SENSATION 


I accept and experience all my feelings. (wrong section!) 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 
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Iam in control of my way of sensing things. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


SENSE OF SMELL 


My sense of smell is improving fantastically... 1 am able to per- 
ceive odors with amazing accuracy... over unusual distances... | am 
surprised at the number of different odors I can smell... and their in- 
tensity... My sense of smell is developing... I can sense even the most 


subtle odors... my sense of smell is becoming very developed. 
Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 


SENSES 


All my senses are sharpened. My vision, sense of smell, hearing, 


and even my sense of touch are more awake than ever. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


SENSITIVITY 


I concentrate my mental energy, my time and emotions on what 


concerns me. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


I am a magnificent, sensitive, likable, creative and valuable be- 


ing. 


Louis Proto, Self Healing, Piatkus Publications, 1990. 
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Technical data 
and further 
detailed 
information on 
our range of 

| hand soldering 
Ait omen equipment is 
available in our “Soldering Tools” 
catalog. This is available in printed 
form and as PDF, as are the 
“Rework & Inspection” catalog. 


Aside from 
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Se selection of hand 
= soldering tools, 
rework stations 
and inspection 
systems for 
non-destructive inspection, Ersa, 
as Europe's largest manufacturer 
of soldering systems, also offers a 
complete range of selective, wave 
and reflow soldering systems, as 
well as stencil printers for the 
industrial electronic manufacturing 
industry. 


Please refer to our brochures and 
our website www.ersa.com for 
further information. 


OPEC) 
[a] 


Ersa GmbH 
Leonhard-Karl-StraBe 24 
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Ersa France 
Chevigny Saint Sauveur, France 
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Ersa North America 
Plymouth, USA 
info-ena@kurtzersa.com 


Ersa Asia Pacific 
Hong Kong, China 
info-eap@kurtzersa.com 


Ersa Shanghai 


Shanghai, China 
info-eap@kurtzersa.com 
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SENSUALITY 


I express my love and my sensuality in many ways. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


SERENITY 


I love the tranquility and peace I create in my mind. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


From now on I will feel deep inner peace and serenity. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I am calm, tranquil and serene. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I always remain in a state of serene and peaceful balance because 
I know that God will always provide the right solution to any prob- 


lem I encounter. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


Nothing can disturb my serenity. 
Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 


SERVICE 


I try to be useful, pleasant, set a good example and help others on 


all occasions. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


I can get everything I want out of life if I help other people get 
what they want. 
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If Ido something for someone who can’t help me in return, I still 


get more than I give. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


SETBACKS 


I never allow a setback to make me physically ill. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am coming back stronger day by day! 

Now life is starting to look like a friend instead of the enemy it 
appeared to be before. The more I get into the habit of not expecting 
any help from anyone, except from my inner Guide, the closer I get to 
realizing my hopes and fulfilling my desires, while my fears of pow- 


erful adversaries and those who wish me harm disappear. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


SEXUAL BLOCKS 


Women (or men) like and accept me the way I am. 

Whether or not my sexual activities always work out is of no im- 
portance. 

My sexual life is enjoyable, and does not cause me any tension or 


anxiety. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


SEXUAL DESIRE 


I feel more and more sexually aroused. My whole body vibrates 
with desire and love. 1am more and more desirable, and I find my 
partner (name) more and more desirable. I am irresistibly at- 
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tracted to him / her. I find my partner charming and sensual. My 
desire grows stronger day by day, and all aspects of my sexual life are 
improving. 

Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


SEXUALITY 


I give my fantasies the freedom to live in my mind and strengthen 
the joy and beauty of my love life. 

I take the time to let my partner know about my needs and thus 
allow him / her to participate in my sexual fulfillment. 

The intimate sexual expression of my being constitutes one of the 
greatest joys of my life. I give myself the freedom to experience plea- 
sure with my whole being. 

I love touching. I have no trouble expressing myself physically 
with the person of my choice. 

I know it is good for me to express my sexuality, which consti- 
tutes a positive and important part of my overall well being. 

Iam a GREAT lover! I know how to relax and satisfy both myself 
AND MY PARTNER, simply by being myself. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I know that the sexual act is an expression of love on a physical 
level; I know that it is natural for me to be a warm, sensual woman, 
and there is absolutely nothing wrong with that. 

I know that sexual pleasure is a right given to us by nature; I 
know that the union of two beings is creative in ALL senses of the 
word; it is the earthly expression of oneness with the total BEING 
through union with another. 

I am constantly more enthusiastic, both actively and passively, 
when I make love with my husband; it’s easy for me to close my eyes 
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and savor all the pleasant sensations associated with the act of love; I 
am relaxed and not in a hurry; I abandon myself to the tide of plea- 


sure without even trying to think about having an orgasm. 
Clement Auger, Transform Your Life Through Autosuggestion, Heritage Publications, 1979. 


Iam comfortable with my sexuality. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


Iam free to express my sexuality as I choose. I enjoy my sexuality 


tremendously. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Iam going to enjoy the sex act; I can and will have complete sexual 


fulfillment whenever I have sexual relations with my spouse. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


When I take my partner in my arms an irresistible desire over- 
comes me... I feel ready to move on to the act of love... physical love is 
completely natural... and when I make love I am relaxed and free of 
complexes. 

Tam happy with my partner... just thinking about it awakens my 


physical desire... 1 am ready for love. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


My body is alive. 


Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


SHARING 


I give to others. Doing so makes me feel good. I practice my abil- 


ity to share with others. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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I give and I share. 
Sublipower, Sublisuccess, Edi Inter, 1989. 


I don’t ask favors from anyone, but I have the privilege of shar- 
ing the blessings I have received with those who want to partake of 
them. 

I share a part of the good and desirable things I possess with oth- 


ers. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


The more I have the more I want to give. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


The richer I get, the more I have to share with others. The more I 


receive, the more I have to give. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


As I give to myself, it is fun to give to others. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


SHORTNESS OF BREATH 
(Also see Breathing, Smoking) 


Iam catching my breath. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


My breathing is regular and calm. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 
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SINCERITY 
(Also see Benevolence, Warmth, Honesty) 


I will be sincere with myself, and not create any more illusions or 
overestimate my qualifications or possibilities. I will also be sincere 


with other people. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


Iam warm, sincere, honest and authentic. I am all this and much 
more. All these qualities are a part of me! I love who I am, and I’m 
happy to be me. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


My attitude towards friends is sincere, and my sincerity is real. 
Since I like, appreciate and accept others, benevolence and sincerity 


are a part of my personality. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


SKIN 


My skin is becoming more and more beautiful and radiant. My 
face is glowing with health. My skin is improving day by day, be- 
coming as fresh as a rose. My skin looks younger every day as it re- 
gains its freshness, elasticity and radiance. 


My skin is getting softer and smoother. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


SLANDER 


The storm will soon blow over, and in any case slanderous words 
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cannot hurt me. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I never talk about anyone except to express my esteem. I never 


slander anyone. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


SLAVERY 


I flee from servitude; instead I look for ways to become involved. 


In this way I move from isolation towards happiness. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


SLEEP (Also see Rest) 


Every night brings me deep restorative sleep. I sleep, I sleep (in- 
hale), 1am deeply asleep, I am deeply asleep (exhale). 


II fall deeper and deeper into sleep. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Tonight, tomorrow night, and on all nights to come, as soon as I 
wish to sleep I will fall asleep, and sleep right through the night until 
the next morning, until the hour I set for myself to wake up. I will 
sleep deeply, calmly, tranquilly, and when I awaken I will feel com- 
pletely refreshed, happy and ready to greet the day. 


Emile Coue, Complete Works, Astra Publications, 1976. 


I sleep perfectly every night, and wake up fully rested. 


Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


I slide gently into a tranquil sleep. 
Tonight I will feel calm and relaxed. 
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I will fall asleep with a calm body and mind. 
My sleep will be deep and calm. 
My sleep is calm and restful. 


Every night I will sleep more and more deeply. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


Iam falling asleep in harmony and plenitude. 
Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


I feel good and I am secure when I sleep. 
I love sleeping in a natural, normal way. 


I never resist sleep, whatever time of day it is. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I will soon fall calmly asleep... my muscles are relaxing... my mind 
is calm... just one minute more and I'll be asleep... the thought of sleep 


fills my mind... Iam going to sleep. 
Henry Durville, Hypnotism and Suggestion, Durville Publications, 1938. 


I will get into the habit of going to bed at approximately the same 


hour each night. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Just before falling asleep I flex and then relax every muscle in my 
body, starting with my feet and moving progressively upwards. I rid 


each muscle of tension. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


When I wake up I will feel full of energy. I’ll be ready to do a 
thousand and one things, because I will have slept wonderfully well. 
I'll be in a good mood, happy, enthusiastic. I’m sleeping better every 
night. I’m sleeping better and better. Everything is fine. I sleep deeply. 


All is tranquil. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 
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Now I will fall deeply asleep until tomorrow morning... I am 
deeply asleep... deep deep sleep. 


Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


My sleep is calm, deep, restful, restorative. It lasts right through 
until morning, from the time I want to go to sleep to the time I want 


to wake up, and I wake up exactly on time. I must do this. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


I sleep deeply... As soon as I get into bed I forget about all my 
problems... I fall asleep right away. My sleep is healthy, natural and 
restorative... In the morning I feel rested and happy to face the new 
day. 


Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


When I wake up I shall feel totally refreshed, energized and well. 


Louis Proto, Self Healing, Piatkus Publications, 1990. 


Every night, from the moment I want to go to sleep to the mo- 


ment I wake up, I sleep deeply, calmly and tranquilly. 
Sublipower, Sublihealth, Edi Inter, 1989. 


SLIMNESS (Also see Charm, Looking Good, 
Health, Weight Loss) 


Female goal: I enjoy weighing — (specify your ideal weight) 
pounds and looking slim in my new bathing suit. 
Male goal: I weigh a trim, athletic (specify your ideal weight) 


pounds and enjoy exercising every day. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 





I know that my weight depends solely on the way I see myself, 
and what I tell myself. I am learning to see myself as slim, in shape, 
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healthy and very happy. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I am now slim. 
I’m getting slimmer every day. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Everything I eat makes me more beautiful, healthy, slim and 


charming. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


SMILING 


I belong to the compliment and smile club. When I smile at some- 


one and the person smiles back I automatically feel better. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


Iremind myself to laugh a little every day. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I smile at life. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


Iam going to smile at least three times a day. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


SNACK 


I have the willpower and assurance to control myself. I decide 
what I eat, and when I eat! 

I will not eat between meals out of habit any longer, nor replace 
meals with impulsive snacking. From now on | will eat regular meals 
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Soldering Guide 


Safety Precautions 


Never touch the element or tip of the soldering iron. 
They are very hot (about 400°C) and will give you a nasty burn. 


Take great care to avoid touching the mains flex with the tip of the iron. 

The iron should have a heatproof flex for extra protection. Ordinary plastic flex melts 
immediately if touched by a hot iron and there is a risk of burns and electric shock. 
Always return the soldering iron to its stand when not in use. 

Never put it down on your workbench, even for a moment! 

Allow joints a minute or so to cool down before you touch them. 

Work in a well-ventilated area. 

The smoke formed as you melt solder is mostly from the flux and quite irritating. Avoid 
breathing it by keeping you head to the side of, not above, your work. 

Wash your hands after using solder. 

Solder contains lead. 


Treatment for minor burns 


Most burns from soldering are likely to be minor and treatment is simple: 


¢ Immediately cool the affected area under gently running cold water. 
Keep the burn in the cold water for at least 5 minutes (15 minutes is recommended). 


If ice is readily available this can be helpful too, but do not delay the initial cooling 
with cold water. 


Do not apply any creams or ointments. 
The burn will heal better without them. A dry dressing, such as a clean 
handkerchief, may be applied if you wish to protect the area from dirt. 


¢ Seek medical attention if the burn covers an area bigger than your hand. 





Preparing the soldering iron 


Place the soldering iron in its stand and plug in. 

The iron will take a few minutes to reach its operating temperature of about 400°C. 
Dampen the sponge in the stand. 

The best way to do this is to lift it out the stand and hold it under a cold tap for a moment, 
then squeeze to remove excess water. It should be damp, not dripping wet. 

Wait a few minutes for the soldering iron to warm up. 

You can check if it is ready by trying to melt a little solder on the tip. 

Wipe the tip of the iron on the damp sponge. 

This will clean the tip. 

Melt a little solder on the tip of the iron. 

This is called 'tinning' and it will help the heat to flow from the iron’s tip to the joint. It only 
needs to be done when you plug in the iron, and occasionally while soldering if you need to 
wipe the tip clean on the sponge. 

You are now ready to start soldering! 

Please turn the page for further instructions... 








© John Hewes 2006, The Electronics Club, www.kpsec.freeuk.com 
This document may be copied for educational purposes. 
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of just enough healthy and nourishing food. 

I never eat between meals to soothe my anxiety, my nervousness, 
my tension or solitude. Isolve my problems by facing up to them and 
working on them. But I never replace a solution with a snack. 

Ino longer eat just to pass the time, or while I’m reading, work- 
ing, talking or watching TV. 

Every day I manage to eat less and less between meals. I am de- 
veloping the healthy habit of keeping my weight down. I am a win- 


ner, and I am proving it every day! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


SOBRIETY (Also see Alcoholism) 


I will not drink today. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam acquiring the habit of sobriety, and I can control myself. 
Raymond Hull, Wanting Is Power, Les Editions de l'‘Homme, 1969. 


I will never allow drinking to become a problem; I will use dis- 


cretion as to how many drinks I can have or handle. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I don’t drink any more and I feel better both mentally and physi- 
cally every day. 


Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


Iam sober. I don’t drink alcohol. I’m making a success out of my 


life. 1am happy and serene. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses , Godefroy Publications, 1989. 


I will surmount life’s frustrations without drinking. I am sober 
and happy. 


Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 
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Sobriety and peace of mind are now mine to enjoy, and I am thank- 
ful. 


Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


I am affirming my sobriety more and more strongly every day. I 
am becoming completely sober. My Guide is helping me faithfully, 
removing temptation from my path until I have completely van- 
quished this harmful habit. I am strong, I am joyous, I am free! I am 


strong, I am joyous, I am free! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


SOLITUDE 


I like myself and I naturally attract loving relationships. 


My relations with people are solid and affectionate. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I treat others with benevolence. 
The fact of not criticizing myself so much any more means that I 


am being fair with myself, and that Iam overcoming my solitude. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I find a partner who likes me, and who is cultivated, sincere, spiri- 
tual, faithful, happy, and at peace with him / herself. We feel an irre- 
sistible attraction for each other. In my life only things which are the 
result of love and truth can occur. I gratefully accept the fact that there 


is someone out there who is the ideal partner for me. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I am a center of creative intelligence, love and good grace. I am 
no longer alone, because Divine Love is flowing through me, making 
all people feel affection for me. I attract those who are in the same 
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state of mind as I am. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I want to be loved. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 


If lam always myself I will be sure to meet people who love and 


respect me. 
Dr. Martin Shephard, How To Overcome Your Cares, Marabout Publications, 1973. 


SOLUTIONS 


I now see this point in a completely new light. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


There is a solution, and I’m going to find it. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I gather as much information as possible concerning my prob- 


lem. Knowing the problem is the key to finding the right solution. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I dare to be aware of myself! Iam completely capable of finding 
the solution I need. 

I stop running around looking for solutions. I simply remain 
calmly receptive to my Real Self; it always provides a solution to my 
problem. 


Solution, solution, solution... 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


Iam now being guided towards the perfect solution to this prob- 


lem. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
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At night I ask my subconscious to find a solution for a problem I 
cannot solve, using the ‘blackboard’ technique. The next day when | 
wake up, or sometime during the day, the solution appears in my 


mind. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


Dear God, I know that You have the answer, and so I submit my 


question. It is in Your hands, and I will patiently await the solution. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


SORROW 


Today I start a new life. I will forget everything that has caused 


me pain, sorrow or shame in the past. 
Orison Swett Marden, The Joy Of Living, J.H. Jeheber Publications. 


SOULMATE 


From now on I won’t be afraid to approach a person who attracts 


me. I am strong. I am ready to love and be loved. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


I will attract a man who is honest, sincere, loyal, good, faithful 
and prosperous. He is peaceful and happy. These qualities are now 
engraved on my subconscious, and as | assimilate them, they become 
a part of me. I know that the law of attraction is irresistible, and that 
I will attract the man who corresponds to my subconscious convic- 


tions, and deepest feelings. 
Dr. Joseph Murphy, The Miracles Of Your Mind, Dangles Press, 1984. 


I will meet my ideal partner, someone whom I love deeply, and 
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who loves me deeply in return. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


My ideal partner is waiting for me, and I will meet him (or her) in 


the right place, at the right time. 
Vera Pfeiffer, Positive Thinking, Element Books, 1989. 


SPEECH MAKING 


My voice will be strong enough for this speech, and my positive 


thoughts are now helping me systematically improve my speech. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


When I speak my voice is clear, firm and distinct. I breathe deeply 
and regularly. My body is perfectly calm. When I look up from my 
notes I look at my audience, making sure to make eye contact with as 


many people as possible. 
Arthur Wassmer, The Art Of Making Friends And Being Happy, Belfond Publications, 1978. 


SPENDING 


Every dollar I spend comes back to me multiplied. 
Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


I deserve to spend money on things I desire. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


I earn more money than I spend. 
Christian H. Godefroy, Prosperity: The Subliminal Method, Godefroy Publications, 1987. 


I never spend impulsively, nor do I feel obliged to spend simply 


for the pleasure of spending. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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SPIRITUALITY 


God is always good. 


W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


He’s got the whole world in his hands - and that includes ME. I 


surrender to the will of God. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I believe in the existence of a Higher Power, A Force of Love, that 


is eternal, that puts meaning into our lives. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


Iam one with my supreme nature and my creative power is infi- 
nite. 

God is in me and manifests in the world through me. 

Divine light and divine love flow through me and radiate from 


me, lighting up everything around me. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Iam the king’s son. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


SPORT 





I weigh a trim, athletic 
day. 


pounds, and enjoy exercising every 


Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I do a lot of sports. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am capable of taking part in sports. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 
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Taking take three deep breaths through my mouth gives me the 
strength to perform great sporting feats. 


My performance in sports is improving day by day. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


STAGEFRIGHT (Also see Fear Of Exams) 


Starting today I will no longer experience stage fright. 

I have overcome it once and for all. 

I am confident, I know my strong points. 

I feel relaxed, calm and serene, just like when I —— (describe a 
personal and pleasant event). 

From now on whenever I have to write an exam I will feel as 
comfortable as on the day I (insert your personal and pleasant 
experience). 

My stage fright is disappearing gradually. 

I have overcome it, and I am a stronger person. 


I have confidence in myself. I know I am going to succeed. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 





I have the ability to concentrate on what I am going to accom- 
plish before the fact... I think of nothing else... and I concentrate my 
energy... also... [never feel any anxiety... even at the idea of speaking 
in public... lam never afraid... lam never anxious... Iam sure of my- 
self. 

So I speak and act with vitality... knowing that my stage fright 
has disappeared... my mind is perfectly clear. 

I am not afraid to speak out.... whether I’m with friends... or in 
front of a group of people I don’t know. 


Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 
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I sing wonderfully well. 


I an tranquil, serene, calm and full of confidence. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


Iam calm and relaxed. 


I can deal with any situation. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


Iam strong! I will triumph! I will succeed! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


(I’m ready. I have already succeeded in the past.) 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


STAYING IN SHAPE 


I’m in great shape. 
Charles Baudouin, Psychology And Practise of Autosuggestion, Idegraph Publications, 1990. 


Iam conscious of my body and its importance vis-a-vis my over- 
all well being. I always to what is necessary to stay in top shape. 

I do everything I have to do to stay healthy and in shape, and 
maintain my well being. 

I enjoy the challenge of getting and staying in shape. I accept the 


challenge, and nothing can prevent me from succeeding. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


STOMACH ACHE 


Rays of healing energy flow through my stomach. Everything is 


fine and my stomach is functioning normally. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 
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STOOL (See Digestion, Appetite) 


STRENGTH (Also see Courage) 


I decided I was strong. 


I dare to be healthy and strong. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


Ihave faith. Strength will come. It lies sleeping in me. I make an 
effort, I struggle. My hidden strength will surge to the surface. I per- 
severe, knowing that my strength is growing, is transforming me. 
Weak as I am now, I will become strong and robust. I stop my crying 
and hold my head high. I reject negative thoughts. I don’t believe my 


strength will abandon me. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


I seek out and use my personal strength. 
The greatest contribution I can make to others is to be strong within 


myself. People need my strength. 
Vernon Howard, Psycho-Pictography, S.1.P., 1965. 


I feel stronger with every moment that passes. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I am strong. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


I am very strong. Stronger than I’ve ever been in my life. Stron- 


ger, much much stronger. I am surprised at how strong I am. 
Dr. Maxwell Maltz, Psychocybernetics, Godefroy Publications, 1978. 
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STRENGTH - INNER 


I feel a more and more irresistible strength growing within me. 
Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 


STRENGTH - PHYSICAL 
(Also see Losing Weight, Staying In Shape) 


Every time I say the word X (choose a word) three times the 
strength of my muscles will immediately double. My muscles will be 


perfectly nourished by my blood, giving me perfect muscle tone. 
Valery Sanfo, Practical Guide To Self Hypnosis, de Vecchi Publications, 1987. 


STRESS 


As soon as I lie down I feel completely calm. My problems disap- 


pear. My body and nerves relax. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


I approach life in a relaxed way. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


Stress slides of me like water off a duck’s back. I relax with each 
breath I take. If a stressful event occurs I take a deep breath and re- 


gain my inner calm. 
Christian H. Godefroy, The Creativity Method, Godefroy Publications, 1992. 


I create pressure in any situation by what I focus on and what I 
say to myself. I can remove pressure by concentrating on doing the 


best job I can right now and learning all I can. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 
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Making soldered joints 


¢ Hold the soldering iron like a pen, near the base of the handle. 
Imagine you are going to write your name! 
Remember to never touch the hot element or tip. 
¢ Touch the soldering iron onto the joint to be made. 
Make sure it touches both the component lead and the track. 
Hold the tip there for a few seconds and... 
¢ Feed a little solder onto the joint. 
It should flow smoothly onto the lead and track to form a volcano shape as shown in the 
diagram below. Make sure you apply the solder to the joint, not the iron. 
¢ Remove the solder, then the iron, while keeping the joint still. 
Allow the joint a few seconds to cool before you move the circuit board. 
¢ Inspect the joint closely. 
It should look shiny and have a ‘volcano’ shape. If not, you will need to reheat it and feed in 
a little more solder. This time ensure that both the lead and track are heated fully before 
applying solder. 





GOOD JOINT BAD JOINT 


(volcano shape) (dry joint) 






shiny 


solder dull 


solder 





copper tracks 






PCB or 


component stripboard 


lead 


component 








Using a heat sink 

Some components, such as transistors, can be damaged by heat 
when soldering. It is wise to use a heat sink clipped to the lead 
between the joint and the component body, as shown in the picture. 
You can buy a special tool, but a standard crocodile clip works just 
as well and is cheaper! 





Soldering advice for components 

Some components require special care when soldering. 
Many must be placed the correct way round and a few 
are easily damaged by the heat from soldering. 
Appropriate warnings are given in the table on the next 
page, together with other advice which may be useful 
when soldering. 
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I release any thought that subjects me to any stress whatsoever. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I never allow destructive tension to accumulate in me. I overcome 
stress by attacking its causes. I make a conscious effort to guard my- 
self against stress and tension by maintaining a long-term perspec- 
tive, by establishing simple goals for myself, and by taking appropri- 
ate measures such as exercise and relaxation. 

I feel the peace that comes from relaxation and contentment. Ev- 
ery time I repeat these words to myself I become more confident and 
more relaxed, and I free myself from all the stress inherent in all areas 
of my life. 


Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam happy because my attitude is making my life more joyous 
and serene. I am free of stress. 

Tam a totally individual being, with my joys and heartaches. Iam 
healthy and good. Every time I feel some tension building up inside 
me I take refuge behind my mental shield. Stress cannot break through 
my shield. I feel protected, night and day. I see all kinds of tension 
smashing into my mental shield without being able to break through 
it, 

Tension cannot affect me. I am protected against stress. Other 
people may become upset, but I do not. I go about my life tranquilly, 


at my own pace. Everything is fine. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


Iam completely calm... relaxed... I will concentrate on everything 
I do, and I will remain calm and relaxed inside... I do my work calmly... 
nothing can upset me... I know I can deal with any situation... and 
this certitude fills me with strength and energy. 

I am sure of myself... It is a marvelous feeling to be able to say: ‘I 
will triumph! I will realize all my projects while remaining calm and 
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relaxed.’ 

Day by day my sense of inner calm and self assurance grows stron- 
ger. 

Iam more and more calm... I feel completely comfortable with 
my situation. My heart beats calmly, regularly... My circulation is regu- 
lar... any effort only makes me stronger... my health is improving day 
by day. I feel completely good about my situation... Day by day, and 


in all ways, things are improving. I feel better and better. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


STUBBORNNESS 


I am learning to be mentally supple in all situations. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


The universe is running its course to perfection. I have no need to 
be stubborn. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


STUDIES 


Today I learn things easily. My memory is functioning perfectly. 
If I have an exam I will remain calm and relaxed, and find the right 
answers. My marks will improve day by day, and I will take pleasure 


in learning. 
Professor Kurt Tepperwein, How To Learn The Painless Way, Godefroy Publications, 1983. 


May God show help me complete my —— (specify which) year 


of university, in harmony with divine law and order. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 
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I do my homework and learn my course material. 
I participate in courses whenever I can. 


Learning interests me. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


I know I can do this work since I am studious... may I also be 


wise. 
Professor Robert Tocquet, The powers Of The Will, Godefroy Publications, 1989. 


When I study I do nothing else! I concentrate my mind and en- 


ergy on the object of my study. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


When my homework is done I prepare for the next day’s courses. 
Everything I undertake I do conscientiously. So I also do a good 


job preparing for tomorrow’s courses. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


My thoughts are organized, and my comprehension is growing. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


If I draw a blank on a certain subject, like algebra for example, it’s 
just a natural result of the choices I made up to now. If I decided to 
make an effort to study these subjects by putting in the necessary 


time, I would certainly make progress. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


STUTTERING 


Every time I say the word —— in my mind I will feel calm and 
relaxed, the muscles in my windpipe will remain completely relaxed 
and I will speak very well, with confidence and ease. It will be easy 


for me to communicate with others. 
Valery Sanfo, Practical Guide To Self Hypnosis, de Vecchi Publications, 1987. 
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I can now express myself correctly... correctly... with no problem 


whatsoever... correctly. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


SUBCONSCIOUS MIND 


Tam united with the infinite wealth of my subconscious mind. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


SUBCONSCIOUS PROGRAMMING 


I program my subconscious in order to realize my desires... my 
projects... my subconscious gives my imagination the means to attain 


my goals. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


SUBMISSIVENESS 


I remind myself that habit is not a reason for doing something. 
Just because I’ve always had a submissive attitude doesn’t mean I 


have to continue being submissive. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


SUCCEEDING 


Ihave the right to succeed and get the best out of life. 
Sublipower, Sublisuccess, Edi Inter, 1989. 


I have everything I need to succeed. 
Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 
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I do everything in my power to succeed at such and such an en- 


deavor. 
Raymond Hull, Wanting Is Power, Les Editions de l’‘Homme, 1969. 


I am determined to succeed. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


I am succeeding. 

I know I will continue to succeed, as I have done up to now. Iam 
more determined than ever to reject anything that can become an 
obstacle to my success, anything that is unhealthy in my life. 


Everything I do succeeds. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defenses, Godefroy Publications, 1989. 


Iam happy and successful because I have decided to succeed. 
Raymond Hull, Wanting Is Power, Les Editions de l‘Homme, 1969. 


Today I am going to succeed wonderfully well in everything I do. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


I want to be happy and succeed. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I want to succeed. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


The greatest secret in the world is that I just have to be a little 


better than mediocre... that’s all I need to succeed. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I succeed at everything I do. 
Christian H. Godefroy, Prosperity: The Subliminal Method, Godefroy Publications, 1987. 
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SUCCESS (Also see Wealth, Happiness, Self 
Love, Peace, Prosperity, Health) 


Stocks may go up or down on the exchange, but in life my abili- 


ties are constantly helping me reach new heights of success. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam now willing to be happy and successful. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


Ihave the certitude that Iam making the best use of what I have. 
With this in mind, and armed with the desire and determination to 
see things through, chances are very good that I will attain success. 

I believe I was put on earth to succeed, to be happy and healthy, 


and to attain useful goals. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


I know that my future is one of progress, creative endeavor and 
financial security. This in no way depends on external factors. It de- 
pends on my mind, and I am grateful only to God, in the present as 


well as in the future. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I make my dreams a reality. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I make sure to take advantage of events. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


Iam attaining a higher level of existence as I become more recep- 
tive to superior powers. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I turn to you, my inner Guide, with my prayer. I am confident 
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you will assist me in everything that has to do with my inner progress 
and my exterior success, both today and all the days to come. 

You are helping me attain the goal I so ardently desire. I thank 
you for your support. You are the power that makes my desires a 
reality. 1am one with my desires and | attain success. With your help 


I always attain success. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I will succeed by attracting the forces necessary for my success, 
by always being the first to be of service, and by instilling in my peers 


a desire to help me. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 


I will succeed because I am able to handle any situation. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


Iam succeeding more and more easily at everything I do. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I succeed very well in certain areas. 


I am in the process of becoming a successful person. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I am strong, I feel better every day, and I will succeed at what I 
do. 


Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


Life is beautiful. I am succeeding! I am succeeding! 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


My mind is constantly opening to new ideas. I use all the means 
at my disposal to achieve success. I am open to new ideas which lead 


to my success. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 
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Today is God’s day. I choose to let harmony, success, prosperity, 


abundance, security, and divine justice guide my actions. 
Dr. Joseph Murphy, Miraculous Power Attracts Infinite Riches, Godefroy Publications, 1978. 


accept the responsibility of being alive. I concentrate my thoughts 
on what I want to do and who I want to be. I know I can obtain all the 
good things I can imagine. I rid my subconscious of all negative 
thoughts which can prevent me from achieving what I desire. They 
do not exist. God’s power over me is now complete, and I progress 
on the path of right thinking. I await the results of my actions, and | 


give thanks. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I grant myself success, happiness, love of self and love of others. 
Sublipower, Subliconfidence, Edi Inter, 1989. 


I look to my past successes. 


I invite success and not failure. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I only envisage the possibility of success... and so I succeed. 
W. Clement Stone, Passport To Success, Godefroy Publications, 1962. 


I persevere until I attain success. 

Iam more and more successful in everything I do. I am able to 
attain all my objectives more and more easily. I am becoming a suc- 
cessful person. Life smiles on me. Everything I do succeeds. I move 


from one success to another, more and more easily. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Iam the personification of success. I do my work, allowing God 
to guide me in all my undertakings. 
The divine wisdom in me will reveal the solutions and means I 


need to attain professional success. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 
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I succeed when I attain my objectives, but I also succeed each 
day, on the voyage of life. I know that success does not only exist at 


my final destination, but at every step along the way. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I am aware of my worth. I know I merit success in everything I 


undertake, and that I also merit the rewards my success will bring. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam on the road to success. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


All the powers of my subconscious are working for my success. 

Negative thoughts and doubts are erased and replaced by new 
ideas and positive thoughts of success. 

I have all the qualities I need to succeed. 

The creative power of the universe is at my disposal to help me 
succeed. 

I like having a goal and persevering until I succeed. 

Each day I take a step closer to success. 

I have confidence in my intuition, which is guiding me towards 


success. 
Sublipower, Sublisuccess, Edi Inter, 1989. 


SUCCESS - FINANCIAL 
(Also see Marketing, Happiness) 


Financial success comes to me easily and effortlessly. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
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SUFFERING 


It’s going away, it’s going away... 
Emile Coue, Complete Works, Astra Publications, 1976. 


(I choose to ignore death. I live my life based on what I think and 
feel.) 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


When I face up to my suffering and treat it, my present suffering 


frees me from future suffering. It must be confronted. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


SUGGESTION - POSITIVE 


I have a positive attitude towards each one of these suggestions, 
and I am convinced that they will make me a happier person. 
The suggestions I am receiving will help me and I will listen to 


them. These suggestion will influence me every day of my life. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


SUPERIORITY 


The person opposing me is no trouble at all. S/he knows nothing 
about my expertise or experience on the subject, and so I have every 
advantage over him / her. 1am strong! Much stronger that s/he imag- 


ines. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 
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Components Pictures Soldering advice 
Resistors No special precautions are required. 
— Connect either way round. 
Diodes Diodes must be connected the correct 
=n 
a = kK way round: a = anode, k = cathode. 
Use a heat sink with germanium diodes. 

IC holders Ensure the notch is at the correct end. 


(DIL sockets) 


Do not insert the IC at this stage to 
prevent it being damaged by heat. 





Presets (small 
variable resistors) 


Capacitors, 
non-polarised 
(less than 1[F) 


No special precautions are required. 
On stripboard take care to ensure you 
insert them the correct way round. 


No special precautions are required. 
Connect either way round. 
Take care to identify their value. 








Capacitors, Electrolytic capacitors must be 

electrolytic axial | Connected the correct way round, they 

(1uF and greater) a are marked with + or - near one lead. 
radial 

LEDs LEDs must be connected the correct 


(Light Emitting Diodes) 


way round: a = anode, k = cathode. 
Use a heat sink with small (8mm) LEDs. 





Transistors 








Transistors have three leads and must 
be connected the correct way round. 
Use a heat sink clipped to each lead in 
turn between the joint and the transistor. 





Wire links 
between points on 
the board 


Use tinned copper wire (such as the 
offcut from a resistor lead) or single-core 
plastic-coated wire. 





Other parts 
mounted on the 
board 


No special precautions are required for 
most parts, but make sure they are the 
correct way round. 





Battery clips, 
buzzers and other 
parts with wires 


Red (+) and black (-) wires must be 
connected the correct way round. 





Wires to parts off 
the board such as 
switches 


Use plastic-coated stranded wire which 
is flexible, single-core wire is likely to 
break at the joint. 








Integrated Circuits 
(ICs or ‘chips’) 








When all soldering is complete, carefully 
insert ICs the correct way round in their 

holders. Make sure all the pins are lined 
up before pushing in firmly. 





For further information about electronic components please see: www.kpsec.freeuk.com 
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SUPPLENESS 


Every breath I take makes me more supple. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


My bones must always stay healthy, and my joints, especially those 
in my spine, should move freely and easily. 
I make sure that my muscles are healthy, able to respond rapidly, 


and always ready to function. 
Christian Godefroy, Mental Dynamics Seminar, Godefroy Publications, 1978. 


SUPPORT 


Everyone around me helps me to grow. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


SURGERY 


The operation is a total success. Everything is healing as it should. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Nothing is going to disturb my recovery. I’ll have no complica- 


tions, and I will feel good because I know it’s all over. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


SURPASSING 


Today I will surpass everything I did yesterday. 
It isn’t important to surpass others; the only important thing is to 


surpass myself. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 
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SWEETS 


I don’t eat sweets. I imagine life without sweets. I imagine that I 
(specify a daily activity) without feeling the need to eat sweets. I don’t 
like sweets. But I do like to be healthy. I am in great shape and full of 
energy. I don’t eat sweets. 

I now reject my tendency to eat sweets. I don’t like sweets. I reject 
them because they harm my body. They are bad for my teeth. They 
make me gain weight. I don’t like them. Sweets disgust me. 

Because I have always succeeded at what I tried in the past, I will 
also succeed in getting rid of this harmful habit. I don’t eat sweets. 
They’re bad for my health. I want to be healthy, slim and full of en- 
ergy. 

Without sweets my skin looks fresh and pure. 

Without sweets I do not gain weight. 


Without sweets I don’t run the risk of becoming diabetic. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


I give up candy, chocolate and sweets. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


Sweets disgust me... and day by day this feeling of disgust grows 
stronger... From this moment on I won’t eat any more sweets. I will 
lose two pounds every week... I feel a lot better... I have lost this vora- 
cious craving... I eat two meals a day... and I don’t snack between 
meals. 

My health is improving day by day... my digestive functions are 
working wonderfully well... Eating doesn’t interest me... I feel great. 

I don’t eat a lot at mealtimes... and I don’t snack on sweets be- 


tween meals... day by day I find sweets more and more disgusting. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


I make sure I don’t overeat. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 
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SYMPATHY 


I feel more and more sympathetic towards people. People like 


me and spontaneously seek me out. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 
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TACHYCARDIA 


I want my heart to slow down now. 


My heartbeat is becoming regular. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


My heart is beating regularly and normally. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


TACT 


I am adept at treating people tactfully. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


TALENT (Also see Gift, Salary, Service) 


[have talent, I am intelligent and creative. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


Ihave anumber of talents which are just waiting to be awakened 


and used to carry me right to the top. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


(I change everything. I share my creative talents in my daily life. 


I am a ray of sunshine.) 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 
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I possess numerous qualities and numerous talents. I even have 
aptitudes which I’m still not aware of. I’m always discovering new 


ones. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I take what I have and use it, and my talent grows, which brings 
me more profit. 
Since I possess the only me there is, I am precious. So I take my- 


self and my talent and I exploit them. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


I proclaim my uniqueness. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I find a job which exploits my talents and qualities to the fullest. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


TELEMARKETING 


I can improve my phone technique. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


TELEPATHY 


I will make ..... (specify who) think about me... s/he won’t be able 
to resist thinking about me.... my image is forcing its way into his / 


her mind. 
Paul Clement Jagot, The Power Of The Will, Dangles Press, 1950. 


I perceive each of your sensations, all your states of mind, your 
emotions, everything that enters your mind. 
From this moment on our minds are very close, our minds inter- 
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penetrate and fuse with each other, transforming us into a single mind. 

From this moment on I will have no trouble reading your thoughts; 
all your thoughts will appear to me as clear and precise mental sen- 
sations. 

I find myself in your body; your body has become my own, your 
mind is my mind. I see through your eyes, I hear with your ears, | 
think with your brain. 

Your thoughts are present in me; I perceive them very clearly, 
they are my thoughts. 


I am perfectly capable of reading your mind... 
Valery Sanfo, Practical Guide To Telepathy, de Vecchi Publications, 1984. 


I am going to read your mind... I can read your thoughts... but 
first I will empty my own mind... Iam not thinking about anything... 
then when I tell myself to... your thoughts will appear in my mind 
like writing on a blackboard, and they will be easy to read... I will see 


them clearly... and I will tell you what they are. 
Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 


TELEPHONE 


In my telephone communications at work or at home I answer 
the telephone pleasantly, immediately giving my own name to the 
caller, before I ask who’s calling. 

Whenever I initiate a call to any residence or place of business 
where someone new may answer, | always give my own name up 
front, before I ask for the party I want and before I state my business. 


By leading with my own name I| underscore my value. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 
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TEMPTATION 


I have mastered the blind force which caused me to submit to 
temptation and I have subjugated it to my will; I will consciously 


make use of this force for positive ends. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


I keep the force that is pushing me to give in to this temptation to 


myself. ??? 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


TENACITY 


What others call defeat or failure never stops me. I know that so- 
called failure is nothing more than a detour. So I get over it and con- 
tinue on my way. 

Whenever I set a precise goal for myself, whatever it is, and de- 
velop a specific plan to attain it, I never let it out of my sight, and 


pursue it tenaciously. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Each step brings me closer to victory. Each obstacle contains the 


seed of a blessing and of even greater opportunity. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I never stop trying; I will make it through. I will stick with it. 


Everything will work out in the end. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I persist in a positive and flexible manner until I get things done. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


I keep at it and I will succeed. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 
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One last effort may be all that is keeping me from success. I’m 
going to do it, right now! 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


TENDERNESS (See Love) 


TENNIS 


I find it easier and easier to play tennis. And I’m making more 
and more of my shots. Tennis is becoming easy for me. I’m improv- 


ing day by day, and I’m winning more and more matches. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


TENSION (Also see Confidence, 
Communication) 


With each exhalation I get rid of my worries and tension. 
Sublipower, Sublirelax, Edi Inter, 1989. 


As I breathe in deeply I am able to overcome my tension. 
It is easy for me to relax. 

I avoid situations that create tension. 

The image I project is of a relaxed person. 

I like being a relaxed person. 


I perceive myself as a relaxed person. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I let my benevolent mind support me in moments of tension; it 


gives me confidence in my ability to overcome any kind of tension. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 
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I feel calm and relaxed. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


A good part of my tension disappears because I feel secure and 
good about myself, and because I put all the little things that irritate 
me into their proper perspective. 

In short, little things don’t annoy me any more. 

My bank account of confidence is growing, the communication 
barriers in my life are falling by the wayside, and my family life is 


benefiting as well. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


(I will no longer live in a state of constant tension, afraid to relax, 
not allowing myself to smile and spending too much time reliving 
unhappy memories from the past. I’m going to make every single 
day a pleasure. 

In order to prevent nervous tension from developing, I try to keep 
my mind relaxed and free of unpleasant thoughts that tense me up. I 
nourish myself with pleasant thoughts. 

I use the technique of self hypnosis to relax my muscles. Relaxing 


my body relaxes my mind.) 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


All my tension is disappearing. 
Emrika Padus, Encyclopedia of Emotions And Health, Edi Inter, 1991. 


TEST 





Iam very well prepared for (specify the situation). 
Raymond Hull, Wanting Is Power, Les Editions de l'Homme, 1969. 
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THOUGHTS 


I choose my thoughts... I can do it... I change my thoughts... Ican 


do it. 
J. Martin Kohe, Your Greatest Power, A Different World Ltd., 1979. 


THOUGHTS - NEGATIVE 


Every day I create new positive and harmonious thoughts and 


emotions. They transform my life, bringing me happiness and health. 
Christian Godefroy Collection, Magic Formulas For Success And Happiness, Godefroy Publications. 


I prohibit myself from thinking negative thoughts. Everything 


that happens to me has a positive side. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


I drop negative thoughts like hot pans! 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I reject and rid my subconscious of all acquired negative thoughts. 
I am the Spirit, and thus I am in no way affected by disease, death, 
unhappiness, poverty or frustration. All these things no longer exist 


in my subconscious mind. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I recognize my wealth and material energy. I get rid of negative 
thoughts which sap my strength. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


THOUGHTS - POSITIVE 


Iam going to discover for myself that I have the power within me 
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Desoldering 


At some stage you will probably need to desolder a joint to remove or re-position a wire or 
component. There are two ways to remove the solder: 


1. With a desoldering pump (solder sucker) 


e Set the pump by pushing the spring-loaded plunger down until it locks. 

¢ Apply both the pump nozzle and the tip of your soldering iron to the joint. 

¢ Wait a second or two for the solder to melt. 

¢ Then press the button on the pump to release the plunger and suck the molten solder into the 
tool. 

¢ Repeat if necessary to remove as much solder as possible. 

¢ The pump will need emptying occasionally by unscrewing the nozzle. 


2. With solder remover wick (copper braid) 


¢ Apply both the end of the wick and the tip of your soldering iron to the joint. 
¢ As the solder melts most of it will flow onto the wick, away from the joint. 

¢ Remove the wick first, then the soldering iron. 

¢ Cut off and discard the end of the wick coated with solder. 


After removing most of the solder from the joint(s) you may be able to remove the wire or component 
lead straight away (allow a few seconds for it to cool). If the joint will not come apart easily apply 
your soldering iron to melt the remaining traces of solder at the same time as pulling the joint apart, 
taking care to avoid burning yourself. 





Using a desoldering pump (solder sucker) 


What is solder? 

Solder is an alloy (mixture) of tin and lead, typically 60% tin and 40% lead. It melts at a temperature 
of about 200°C. Coating a surface with solder is called ‘tinning’ because of the tin content of solder. 
Lead is poisonous and you should always wash your hands after using solder. 

Solder for electronics use contains tiny cores of flux, like the wires inside a mains flex. The flux is 
corrosive, like an acid, and it cleans the metal surfaces as the solder melts. This is why you must melt 
the solder actually on the joint, not on the iron tip. Without flux most joints would fail because metals 
quickly oxidise and the solder itself will not flow properly onto a dirty, oxidised, metal surface. 

The best size of solder for electronic circuit boards is 22swg (swg = standard wire gauge). 


For plugs, component holders and other larger joints you may prefer to use 18swg solder. 
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to control and influence my mind at will, that I can quickly convert 
negative thinking into positive thinking. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I have positive thoughts. 
Claude Arpel, Self Confidence: The Subliminal Method, Procauvi Publications, 1986. 


(I avoid other people’s negativity. (I am strong. I do not share in 
the failures that stem from the minds of others.) 
I do not get mired down by depression, fear, anger, poverty, dis- 


ease, lack of energy, struggle, conflicts or bad relationships.) 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I change my mental diet and refuse to ingest negativity. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


I concentrate on good thoughts. I retain thoughts which are likely 


to help me, and reject the others. 
J. Martin Kohe, Your Greatest Power, A Different World Ltd., 1979. 


I think positively. 


Sublipower, Subliconfidence, Edi Inter, 1989. 


I saturate my subconscious with well directed positive thoughts 


which help get me what I expect out of life. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 


I am confident of my power to forge the future through the 
thoughts of today. That is why I take care to formulate them in accor- 


dance with my most sincere wishes. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


My thoughts are positive. 
Francoise and Michel Moine, Develop Your Psi Powers, Stock Editions, 1982. 
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YES. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


My thoughts are more and more positive. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


TIME 


I have all the time in the world for what I want to do. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


TIMIDITY 
(Also see Inferiority Complex, Self Confidence) 


I find it easy to talk to individuals and groups of people. 


Iam at ease in the company of members of the opposite sex. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


Each time I mentally repeat the word X at least three times I will 
feel perfectly relaxed; I am sure of myself, and talk to people with a 


strong sense of confidence and serenity. 
Valery Sanfo, Practical Guide To Self Hypnosis, de Vecchi Publications, 1987. 


I confront the unknown, and triumph over it. 
Claude Arpel, Self Confidence: The Subliminal Method, Procauvi Publications, 1986. 


I take great pleasure in meeting impressive, well-known people. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


I dare to speak out. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 
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I no longer attach much importance to what other people think 
about me... and this frees me from my shyness. 

I never waste an opportunity to fight my timidity... I often ap- 
proach people I don’t know and engage them in conversation. 

I like to get involved in group discussions... in the street I don’t 
hesitate to find some pretext or other to talk to people. 

When I talk to people I look them right in the eye... naturally and 
openly... without trying to avoid eye contact... without being shy... 


with absolutely no timidity whatsoever. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I must not consider shyness as something to be ashamed of. Shy- 
ness is merely a symptom of a lack of self confidence, feelings of inse- 


curity, inferiority and a fear of people. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I will not be shy; I won’t be nervous when I talk to people, no 
matter who they are. 


I will be perfectly at ease in all situations. 
Paul Clement Jagot, Education Of The Word, Dangles Press, 1975. 


If my inner Guide approves of me, which is always the case when 
I feel His presence, then whatever other people think or say about me 
doesn’t matter. It doesn’t affect me. I see my goal, and let my inner 


Guide lead me to it. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


TOBACCO ADDICTION 
(Also see Shortness Of Breath, Cough) 


I can easily stop smoking. I completely renounce the smoking 
habit. At the same time my health and general state will improve. I 
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can control my reaction to cigarettes. I have absolutely no desire to 
smoke. I am becoming a new person with absolutely no need to smoke. 
My subconscious is helping me to stop smoking easily, completely 
and forever, without gaining weight. 

I don’t smoke any more. I stopped smoking completely and de- 
finitively. My health is great. I’m breathing better and I feel wonder- 
ful. 

I congratulate myself for having stopped smoking. I really look a 
lot better. I’m in great shape. This is fantastic. I have stopped smok- 
ing. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 

I feel less and less like smoking, and I have less and less need for 
cigarettes. I feel good. I feel better every day. I’m smoking less and 
less. I already feel a lot better. 

I’m smoking less. I feel better. I feel full of energy, and I have the 
courage to continue. I know I’m going to stop smoking once and for 
all. I already smoke less and less, and I feel great. 

I don’t smoke any more. I don’t need tobacco. I’m breathing bet- 
ter. I fill my lungs with pure air. Each breath fills me with pure oxy- 
gen and vitality, recharging my body with energy and doing me a 
world of good. 


Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


Ihave an image of myself without cigarettes. I imagine myself as 
a non smoker. I give up tobacco, I reject the habit. My body rejects it, 
my mind rejects it. I don’t smoke and I feel great. 

I reject cigarettes because I know they are harming me. I do it for 
myself, for my health and well being. And since my life is a success, | 
will continue to succeed as anon smoker. I choose to be anon smoker. 

I’m breathing better and better, and I have more and more en- 
ergy. I feel wonderful. I breathe easily, I have more endurance. The 
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people around me are happy at my success. I feel marvelous without 


cigarettes. [am a non smoker! 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body’s Natural Defences, Godefroy Publications, 1989. 


I’m learning to do without cigarettes... | don’t want to smoke any 
more... it doesn’t interest me... smoking doesn’t interest me at all... 
Even the idea disgusts me... Whenever I smell smoke I feel this dis- 
gust. 

Now I don’t smoke anymore... Nothing can make me change my 
mind. 

I’m happy to be able to improve my health by not smoking. 

My health is improving day by day... I don’t smoke anymore. 

Day by day it’s getting easier not to smoke. 

Ihave absolutely no interest in smoking... even the idea of smok- 
ing is enough to make me feel disgusted with cigarettes... The smell 
of cigarette smoke disgusts me more and more. 

I’m very happy not to smoke anymore... Nothing can make me 


change my mind... I’ll never smoke again. 
Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 


I will smoke less or not at all. 


J.V. Cerney, Stay Younger, Live Longer Through The Magic Of Mental Self-Conditioning, 
Parker Publishing Company Inc., 1968. 


I don’t feel like smoking anymore. My health is already better, 
I’m breathing better, I’m becoming a new person. Not smoking is an 
expression of my freedom. My subconscious is my most powerful 
ally, and it is helping me to stop smoking, to build a new self image 


which is more free and more fulfilled. 
Karl O. Stoeber, Psychotraining, Godefroy Publications, 1984. 


I don’t smoke and I’m proud of myself. 
When I see a cigarette or think about smoking, the words ‘I Do 
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Not Smoke’ automatically enter my mind and I abstain. 

I really like breathing fresh clean air, I like being healthy and in 
complete control of my mind and body. 

My lungs are healthy. I can breathe deeply. 

It’s easy for me to be anon smoker. After all, I was born that way, 
so the state is completely natural for me. Iam anon smoker! I do not 
smoke. 

I let myself relax, breathe deeply and feel good. I appreciate be- 
ing healthy and a non smoker no matter what the circumstances. 

I do not in any way see cigarettes as a symbol of power, of intelli- 
gence or of prestige. I see cigarettes for what they are, and refuse to 


allow them any place in my life. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


Iam breathing deeply... and this purifying breath eliminates my 
need to smoke... with each purifying breath my need to smoke di- 
minishes... I need to smoke less and less... 

Iam breathing deeply... and each exhalation gets rid of the toxins 
which tobacco has deposited in my lungs... 1 am cleaning my body of 
these poisons which have been contaminating my blood... weaken- 
ing my organism... and ruining my health. 

Not smoking will give me new vitality... make me more dynamic... 
more active... I will feel better from all points of view... and I will be 


victorious in gaining mastery over myself. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I know I am going to get more satisfaction from not smoking than 
I did from smoking. 

I know that I am indifferent to cigarettes, anywhere, anytime, 
under any circumstances; other people may smoke but as for me, | 


don’t care about cigarettes. 
Clement Auger, Transform Your Life Through Autosuggestion, Heritage Publications, 1979. 
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Ihave decided to make life as pleasant as possible by becoming a 
non smoker. I have made a deliberate choice not to smoke, and I feel 
great. 1am a non smoker. I’ve found the way to get rid of my bad 
habits. 

The next time I need to relax Ill do a few breathing exercises and 
drink a glass of water or juice instead of lighting up a cigarette. 

The next time I go to a restaurant or take a plane I'll sit in the non 


smoking section. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defenses, Godefroy Publications, 1989. 


I’m intelligent, I’ve got common sense. I need my body to live, 


and cigarettes are poison. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


Iam free of the habit of smoking. 
Jack Ensign Addington, How To Set Goals And Attain Them, A Different World Publications Ltd., 1977. 


I absolutely want to stop smoking. 

The taste of tobacco is disgusting. 

I don’t need to smoke anymore. 

Iam aware that it is much better not to smoke. 

I want my breath to smell good, without the after odor of tobacco. 

I respect my body. 

Iam in good health. 

I am gradually freeing myself of my dependence on tobacco. 

I substitute the harmful habit of smoking with beneficial habits 
of nutrition. 


As I stop smoking I watch what I eat so I won’t gain weight. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


Freedom and peace of mind are now mine. I know that believing 
and affirming these truths will allow them to penetrate deeply into 
my subconscious, which will in turn force me to give up cigarettes, 
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because smoking is harmful and breaks the laws of my subconscious 


mind. 
Dr. Joseph Murphy, Miraculous Power Attracts Infinite Riches, Godefroy Publications, 1978. 


My voice is normal again. 
I don’t cough anymore. 


My mouth is fresh tasting and I feel better and better every day. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


If I light up a cigarette I won’t get any pleasure out of it. On the 
contrary the taste will disgust me, to the point where Ill have to put 


the cigarette out. It will be impossible for me to smoke. 
Valery Sanfo, Practical Guide To Self Hypnosis, de Vecchi Publications, 1987. 


If I must smoke I will smoke in moderation. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


TOLERANCE 


From now on I will think, feel and act justly. I will do what is 
right, and never deviate from the path of justice. I think, speak and 
write without taking sides or being prejudiced. From now on I will 
not react like an ignorant fanatic, but base all my actions on the di- 
vine spirit that resides in me. I wish from the bottom of my heart that 
all men may live in liberty, and rejoice fully in their right to life and 


happiness. I obey the golden rule and the law of love. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I accept and respect the right of each person to choose. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


(I use self hypnosis techniques to strengthen my potential for tol- 
erance, and I never have any problems.) 
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Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I cease imposing temporary conditions in order to organize and 


program other people’s lives. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


I never force others to share my points of view. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam full of tolerance for myself and for others. 
Christian H. Godefroy, Self Confidence: The Subliminal Method, Godefroy Publications, 1987. 


(Iam a warm, open and tolerant person.) 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


I am going to criticize less and be a little more tolerant of others, 
of their faults, their failures and errors. I will interpret their actions in 
the best light possible. 


Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


TOOTHACHE (Also see Pain) 


I just have to touch my —— (name the part of the body) for it to 


become numb. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


TORMENT 


I calmly try to reduce the impact of extreme circumstances. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


This too will pass. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 
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Iam learning to mentally detach myself from external turmoil. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I calmly determine what worst case scenario is that I may have to 
deal with. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I prepare myself to accept the irremediable if necessary. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


I never abandon myself; I support myself when things go badly 


or start getting difficult. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


TOXINS 


With every out breath I rid my body of toxins. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


TRANQUILLITY 


My mind and body are tranquil. 


Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I am completely tranquil. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


When I repeat the word X just once, my mind enters a state of 


rest. 
Valery Sanfo, Practical Guide To Self Hypnosis, de Vecchi Publications, 1987. 


TRANSACTIONS 
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Safety Rules for Soldering 


Department of Electrical, Computer and Biomedical 


Engineering, University of Rhode Island 


. Wear goggles for eye protection. When trimming off 
leads or excess solder dross, be careful of the 
flyaway that could injury yourself as well as other 
people nearby. 


. Work in a well-ventilated area and use a fume 
extractor. Do not inhale fumes from the soldering 
processes. 


. Always return the soldering iron to its stand when 
not in use. Never put it down on your workbench. 
The soldering iron tip is very hot (about 400°C). 
Avoid touching plastic, wire insulator, or any 
flammable material in the working area with the 
soldering iron. Turn the soldering station to standby 
or off if not used for more than few minutes. Turn 
unit off or unplug it when done. 


. Use a third hand, a circuit board vice, pliers, 
tweezers, or clamps for holding components to 
avoid burns. Legs and arms should be covered to 
avoid burns from splashed hot solder. 


. Do not have food or drink near the working area. 
The solder is usually a tin/lead alloy and lead is 
toxic. The flux is a chemical used to help metal parts 
soldered together. It is acidic and toxic. Clean up 
spilled flux immediately. Wash hands after 
soldering. Flux can cause acid burns to the skin or 
damage clothing. In case of acid burns, flush 
immediately with water. 


. Wash hands thoroughly after handling flux and 


solder containing lead. Use lead-free solder 
whenever possible. 


. Clean up the area when finished. Discard lead and 
silver solder and dross in a container with a lid. 
Label the container: “Lead/Silver Solder Waste for 
Recycling”. Used solder sponges and contaminated 
rags must be disposed of as hazardous waste. 





Soldering Techniques 


. Basic tools include an electric soldering station (a 


temperature-adjustable type preferred), solder, a 
pair of needle-nose pliers, a wire stripper, a flush 
cutter, a desoldering bulb, a utility blade, and a third 
hand or a vice. 


. Workspace should be as uncluttered as possible. 


Clear the path between the soldering station stand 
and the project to be soldered. 


. Prepare the soldering iron tip. Scrape off oxides with 


a utility blade if necessary. Adjust to an appropriate 
temperature. It won't work if you can't get the solder 
melt onto the soldering tip. Tinning the soldering tip 
by coating it with a thin coat of solder. This helps 
heat transfer between the tip and the components. 
The cleaning sponge should be soaking wet. Quickly 
run the soldering tip over the wet sponge to get rid 
of excess solder. 


. Clean the contact surfaces of the metal parts if 


necessary. Scrape off oxides with a utility blade. In 
some cases, it is easier to tin the individual 
components first before joining them. 


. Position the components using a third hand or a 


vice. Avoid holding the metal part of a component 
with your fingers. 


. Timing is important for soldering the components 


together. The solder needs to be completely melt at 
the joint to avoid a “cold solder point.” However, too 
much heat could damage a sensitive electronic 
component or melt the insulator of a wire. The 
required time depends on the heat transfer, which is 
affected by the temperature of the soldering tip, the 
mass of the components, the presence of flux or 
rosin, and how clean the contact surfaces are. 


. Start_over when an attempt fails. Old solder has 


impurities. Remove old solder completely with a 
desoldering bulb or pump. Clean up flux/rosin 
residuals. Try again. 


Examples: www.leadsdirect.co.uk/technical/perfectsolderjoint.html 


Good - clean, shiny, 
and just the right 
amount of solder. 


Bad — too much 
solder which is 
uneven, has sharp 
points in places, and 
was probably 
overheated. 


Worse — uneven 
texture, and the flux 
remaining on the 
joint. 


T Page 404 
et 


God is always present in my transactions, and I never finish a 


day without accomplishing something valuable. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


Infinite intelligence governs and protects all my financial trans- 


actions. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


TRANSFORMATION 


Today I am starting a new life. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I find it easy to transform myself. 
Sublipower, Sublicontrol, Edi Inter, 1989. 


I am transformed. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


Iam anew person every minute. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I want everyone around me to notice my transformation. I have 
an improved attitude. I am straightening up: my muscles are firmer 


and stronger. I feel new life flowing through me. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


TRAVEL TIME 


Before going somewhere I make sure I am using the means of 
transportation that is going to save me the most time, not necessarily 
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the one which is fastest. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I try to organize my traveling time so that my mind is clear, and I 
can use it to work or think. 


I avoid encumbrances, and only move around when I have to. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


TROUBLE 


I try not to bother too much about my troubles. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I avoid blaming myself for things I cannot change. 


They aren’t really important. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


I assign a lot less time for worrying about things. 

I give myself ten minutes in the morning and ten minutes in the 
afternoon to vent my anxiety and reassess all the catastrophes I can 
think of during those time periods. 

Then I use my ability to control my thoughts and stop troubling 


myself until the next worry period. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


Everything is fine the way it is. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


Iam going to auto condition my mind every morning with a posi- 


tive attitude toward each new day. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


TRUTH 
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I have the courage to look truth in the eye. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I seek the truth. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I am full of desire to unlearn false ideas and learn new truths. 

I don’t need to fall into any traps. Desire without hope dissolves. 
I have nothing to fear. There is enough of everything to satisfy my 
real needs. I place Truth above all else, and everything else comes to 
me. The mental struggle is useless. I just have to relax. I am aware, 


and I let Truth liberate me. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Ihave to confront myself and search for truth within myself, with 
my own means, because I consider it important. 

Whether I am aware of it or not my mind is functioning in a unique 
and natural way, based on the fundamental principle of showing me 


the truth about any situation I encounter. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


TUBERCULOSIS 


Every cell, every nerve and every muscle in my lungs is now be- 
ing purified, strengthened and perfected. My whole body is healthy 


and harmonious. 
Dr. Joseph Murphy, The Miracles Of Your Mind, Dangles Press, 1984. 


TUMOUR 
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I want my little tumor to go away. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 
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ULCERS (Also see Digestion) 


My body is building a protective barrier of tissue around the 
wound; the wound stops bleeding and heals up. 
My wound is no longer painful; all the reflexive reactions disap- 


pear; my stomach is calm and digests normally. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


My stomach digests better and better. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


UNCERTAINTY 


(When I’m not very sure about what I’m doing I examine the con- 


sequences of each possible course of action.) 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


UNDERTAKINGS 


I have a clear conscience; it will surely guide me in all my en- 


deavors. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I undertake things which I have always avoided under the pre- 


text that I didn’t understand enough about them. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 
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UNEMPLOYMENT 


All right. I haven't got a job. I have to react immediately. I’m go- 
ing to find work this week. In any case, it’s not serious. It'll do me 
good to see different things, meet different people. Because in fact, I 
didn’t really like the job I had. I was starting to get really bored. 

Iam competent. I have experience. I’m due for some luck. I am 
convinced that somewhere out there, right at this very moment, is 
my ideal job. And I’m going to find it. 


Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 
In the universal harmony where all human beings have their place, 
I have the useful and well paying job I deserve. Thank you! 


Marcel Auclair, The Book Of Happiness, Seuil Publications, 1959. 


The god in me knows what kind of work suits me best, where it 
is, and what I must do to carry it out. May this knowledge in me 
become a living revelation to my conscious mind, so that Imay know 


where my real work lies, and the steps I must take to find it. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


UNEXPECTED EVENTS 


I schedule the time I need to deal with unexpected events. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


I never let myself get flustered. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


UNHAPPINESS 
I stop trying to be happy. I try to understand the causes of my 
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unhappiness. 


Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I believe I have the mind-power to survive all life’s frustrations, 


disappointments and misfortunes. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


UNIFORMITY 


I remind myself that uniformity and death are the opposite of 


fulfillment. 
Wayne Dyer, Your Erogenous Zones, Tchou Press, 1976. 


UNION 


I know that an irresistible law of attraction exists and that I will 
attract aman / woman who is in harmony with my subconscious 


beliefs. I attract what my subconscious believes to be true. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


I know that the intelligence of my subconscious mind has united 


us in accordance with the divine order of things. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


I am in union with Life, Love and Truth, because I live with God. 
I am united with all beings because the image and reflection of per- 


fect Life resides in everyone. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 
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URINE RETENTION (Uremia) 


In a minute Iam going to empty my bladder completely. 
Dr. G.R. Rager, Hypnosis, Sophrology and Medicine, Fayard Publications, 1973. 


I will urinate tonight, and then more tomorrow. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


URTICARIA (See Eczema, Acne) 


USED CARS 


I will find the used car I am looking for. At a good price. It is in 
excellent condition. It corresponds exactly to my needs. My subcon- 


scious mind is infallibly guiding me towards this car. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


UTERINE BLEEDING 


My uterus is tightening; the blood vessels are closing; the flow of 
blood is stopping. 


I feel my uterus getting tighter as I tighten my fist. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


UTERINE SPASMS 


My uterus is relaxing, the pain is going away, and I feel fine. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 
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VACATION 


(This is good, I’ll be able to relax, Ill take a vacation.) 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Itry to take short vacations instead of extended ones which would 
probably exceed my real need for physical and emotional relaxation. 

I remind myself that other people have the same need for relax- 
ation as I do. 

I plan my vacations, and discuss them with my spouse and chil- 
dren. 

I know that I am not obliged to spend all my vacations with my 
family (relatives, spouse, children, etc.). 


I make sure I get a lot of free time when I’m on vacation. 
Pierre Nicolas, Time Is Money... And Pleasure!, Inter Publications, 1981. 


VENGEANCE 


I never try to do the same to my enemies as they have done to me 
because by seeking revenge I hurt myself more than the people I want 
to hurt. I follow General Eisenhower’s example: I never waste even a 
minute thinking about the people I don’t like. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 
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VERTIGO (Dizziness) 


Starting today I won’t suffer from vertigo anymore. Every time I 
feel dizzy I will think that I feel as good as on the day I (insert a 
pleasant experience). [am serene, happy and confident. I can go wher- 


ever I like. I am in control of my sensations. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


VICE 


I am free of the vice that has been sapping my strength. No nega- 
tive impulses can make me renounce my freedom. They no longer 
have any power over me. I see my goal clearly, and nothing can dis- 


tract me. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


VICTORY 


Iam the greatest of nature’s miracles. And nature knows no fail- 
ure. It always wins, as will I starting today. And thanks to my victo- 


ries the struggles to come will be less severe. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


I embark on the path of life with a new ideal. I embark with a 
victorious attitude, and a generous and beautiful soul. I know I will 


be victorious. And I want to be worthy of my victory. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


I am a victory. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 
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I want to be victorious. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


I want to be victorious, and to do so I must start by triumphing 


over myself. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 


VIGILANCE 


(I always expect the unexpected.) 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I am always vigilant for opportunities. 
Vernon Howard, Psycho-Pictography, S.L.P., 1965. 


I concentrate on performing with a smooth, relaxed alertness. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


VIGOR 


I see myself as a vigorous person in the best of health. 
Dr. Anthony and Mary Zaffuto, Alphagenics, Quebec - Amerique Publications, 1974. 


A guaranteed way to stay young and vigorous is to first change 


my inner self. The energy will follow. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


VISION 


I relax the muscles in my eyes, in both eyes, and my vision is 
improving. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 
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I can see better and better; I have excellent vision, in an intellec- 
tual, spiritual and physical sense. 

The divine spirit, which has the infinite power of healing, is now 
opening my eyes and recreating my visual faculties. My eyes are the 
instruments of perfection desired by God, and allow me to see both 
inside myself and out into the exterior world. The magnificence of 


God is revealed to me through my eyes. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


My vision is becoming clear again... I can see better and better. 
Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 


VISION - POSITIVE 


I see with love and joy. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


Visualization 


Who I see in my imagination will always rule my world. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


lincrease my receptivity to mental images. I make them work for 


me more and more. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I use my senses on all mental levels as I experience the external 


world. 
Christian Godefroy, Mental Dynamics Seminar, Godefroy Publications, 1978. 


I can obtain what I want by visualizing it. 
Sublipower, Sublisuccess, Edi Inter, 1989. 
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VITALITY (Also see Ambition, Dynamism, 
Enthusiasm, Beauty, Health) 


Every breath I take increases my aliveness. 


Every day that passes I feel stronger and more alive. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Iam overflowing with more and more energy and strength. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


Iam overflowing with vitality and enthusiasm! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I am regaining my balance and vitality. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


Iam energetic and overflowing with vitality. 


I give thanks for my ever increasing health, beauty and vitality. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I am strong and vital. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


My natural state is to have radiant health, boundless energy and 


vitality throughout my life. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


VIVACITY 


Ihave a pleasant and lively mind, and I find that people appreci- 


ate it because I use it a little more each day. 
Arthur Wassmer, The Art Of Making Friends And Being Happy, Belfond Publications, 1978. 
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I am intelligent, my mind is lively, alert, brilliant and amusing. 
Since my thoughts are positive, my mind creates harmonious situa- 


tions in my life. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


VOCATION (Also see Money) 


I trust my preferences to show me where my true vocation lies. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


My subconscious mind will infallibly guide me to the vocation 
where I will succeed best, and which will bring me all the money | 


need. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Subconscious Mind, help me discover the vocation that pleases 


me the most. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


VOICE 


I am certain I won’t lose my voice, not even for a moment. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


I want my voice to be more confident; I want it to express my 


decisions not as commands, but rather as well thought out advice. 
Henry Durville, I Want To Succeed, Durville Publications, 1968. 
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WAKING UP 


I wake up every morning full of joy and confidence. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


All I have to do is concentrate on a given time in order to wake 


up at that time feeling refreshed and ready to face the world. 
Christian Godefroy, Mental Dynamics, Robert Laffont Publications, 1976. 


When I wake up I feel great and full of energy. 
Sublipower, Sublihealth, Edi Inter, 1989. 


Whenever I use my mental clock and sincerely want it to work, I 


wake up at the exact time I choose. 
Christian Godefroy, Mental Dynamics, Robert Laffont Publications, 1976. 


Tomorrow at precisely —— o’clock I will wake up feeling re- 


freshed, and get out of bed immediately. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 





I want to wake up at o'clock. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


WARTS 


The blood vessels in my wart are contracting; the wart is no longer 
being nourished with blood, and is drying up. 


Dr. Gaston Durville and Dr. Andre Durville, Mental Cure, Naturist Institute Publications, 1923. 
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WEAKNESS 


I give up being helpless. 


Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I have the right not to be strong. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


WEALTH (Also see Profession, Success, Value) 


This year I will double my income to $———, and in six years 


from now, that is on (specify the date) I will be a millionaire. 
Marc Fisher, The Instant Millionaire, Golden Publications Ltd. and Godefroy Publications, 1986. 





Each day I am getting wealthier in all things. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


Each day brings me closer to wealth. 
I desire to be rich. 

Iam capable of being rich. 

I want to be rich. 


My subconscious is guiding me infallibly towards wealth. 
Christian H. Godefroy, Prosperity: The Subliminal Method, Godefroy Publications, 1987. 


Every day, in all ways, I am becoming more and more wealthy. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


Every day Iam more and more wealthy in everything. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


There is no logical reason which can prevent me from becoming 
wealthy. 
Iam getting more and more wealthy. 
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Iam becoming wealthy. 
Iam getting wealthier day by day. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Ihave confidence in you, my inner Guide, and from now on ev- 
erything will be fine. I feel my mental distress and the obstacles sepa- 
rating me from enjoying wealth disappearing. I feel 1am flowing with 
the current of abundance, and I am moving forward with it. I know 


that with your help my wishes will be granted. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I have the right to be rich, healthy and prosperous. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


I opt for the richness of life here and now. Wealth is already up- 
permost in my thoughts. Yes, I am grateful for all the wealth of my 
mind and my life. I feel wealthy. Iam wealthy. lam becoming wealthier 
every day. 

All the riches of the world circulate joyously and freely in my life, 
and I am very grateful. I know that all my needs are satisfied because 
I accept wealth. The world is there for me to enjoy, and I am rich. lam 
rich because | accept being rich. I can feel all my wealth now. I feel it 


with gratitude. 
Charles Baudouin, Psychology And Practise of Autosuggestion, Idegraph Publications, 1990. 


Iam becoming more and more wealthy. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Iam becoming wealthy. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Tenrich myself day by day. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 
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I do not believe that wealth is the private domain of a selected 
few, but rather that the abundance of life offers wealth to everyone 


who creates it. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I do things that are likely to bring me good fortune... I don’t bar- 
gain with God... I don’t set an amount that I'd like to reach... I con- 
duct my business by submitting to His impulses, knowing that He 


will give me what I firmly desire. 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


I reflect with a positive mental attitude, and I become rich! 
The more I share what I possess with others the more my wealth 


increases. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


Iam now a mental millionaire. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Tam rich. 
Charles Baudouin, Psychology And Practice of Autosuggestion, Idegraph Publications, 1990. 


Iam a child of infinity, and wealth flows through me freely, joy- 
ously and eternally. I am enriched with happiness, peace, wealth, 
success and extraordinary sales. I seek wealth in the deepest recesses 


of my mind, and abundance is the result. 
Dr. Joseph Murphy, Miraculous Power Attracts Infinite Riches, Godefroy Publications, 1978. 


The power of ‘collective consciousness’ helps make my fortune 
and my money grow. 
I think and become rich because nothing, absolutely nothing can 


stand in my way. 
Napoleon Hill, Think And Get Rich, Tchou / Ariston, 1966. 
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My connection to infinite being and infinite intelligence is quite 


enough for me to amass a considerable personal fortune. 
Christian H. Godefroy, Mental Techniques For Financial Independence, Godefroy Publications, 1983. 


My life is a free flow of infinite wealth. 
This universe is bursting with riches for every one of us. 
Infinite wealth appears easily in my life. 


Iam wealthy within and without. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


My affairs are improving every day. Iam making progress, mov- 
ing forward, and I am richer every day. 


Dr. Joseph Murphy, The Miracles Of Your Mind, Dangles Press, 1984. 


One day I will be a millionaire. 
J. Martin Kohe, Your Greatest Power, A Different World Ltd., 1979. 


WEIGHT 


Now that I weigh — pounds I feel fine, I look great and my physi- 


cal condition is excellent. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


WELL BEING 


I am responsible for creating my life. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


There is no limit to how good I can feel. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I have the power to feel good. 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 
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I love my body and accept it totally. 
I love doing what makes me feel good. 


It is good to be alive on this earth. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I experience continual well being. 
Professor Robert Tocquet, The powers Of The Will, Godefroy Publications, 1989.¥ 


Iam at home in my body. 
Louise L. Hay, You Can Heal Your Life, Hay House, 1984. 


I’m doing fine, intellectually, physically and financially. I feel fine, 
day and night. 


Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I feel good about myself. 


Claude Arpel, Self Confidence: The Subliminal Method, Procauvi Publications, 1986. 


I feel good, really good. 


Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I feel fine. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


I feel better and better. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


I feel relaxed and happy. I feel good about myself. 


Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


Iam completely calm... 1 experience a marvelous sensation of calm 
and harmony spreading through me... a feeling of indescribable joy 


flows from my heart. 
Professor Kurt Tepperwein, Think And Heal, Godefroy Publications, 1984. 


My persevering quest for the principles of truth will be sure to 
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produce an inner change which, in turn, will produce a warm feeling 


of well being. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


I refrain from doing anything that may inadvertently cause me 


harm. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


WILLPOWER 
(Also see Self Control, Self Confidence) 


Ihave confidence in myself. My willpower is already very strong, 
and it is getting stronger and stronger. I want to succeed. I want to 
follow the examples of those who have attained the goals they set for 
themselves. I will persevere because I know with certitude that prop- 
erly directed willpower will succeed when it is working for ajust and 


honorable goal. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


I have willpower... I never give in to outside influences... I don’t 


care what people may think. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 


Ihave the willpower to act. 
Jean Chartier, How To Acquire A Superior Personality, Dangles Press, 1971. 





I desire (specify) and I am in the process of obtaining it. 


Emile Coue, Complete Works, Astra Publications, 1976. 


I do not let circumstance defeat me. I control them psychologi- 
cally. 


Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 
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I can act according to my reason, and that is how I want to act. 
Paul Clement Jagot, How To Develop Your Personal Magnetism, Dangles Press, 1982. 


Ican encourage my mind to think in a certain way, and direct my 
actions towards accomplishing a certain project. 

When my willpower is intensified to the point where I can defy 
circumstances and realize the project I envisage, I will achieve results 


in my life which will astonish everyone. 
Franck Rudolph Young, Cyclomancia, SIP, 1966. 


Ican have or be anything I want as long as I have enough energy 


and willpower. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 


I can do it and I want to do it. 
Leon Kendal, Personal Magnetism, Godefroy Publications, 1911. 


I can do it! It’s easy. I can do this task better than anyone else. 
Thanks to the power of my inner Guide no obstacle can stop me. | 


succeed at everything I do! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I know what I want and I believe I can get it. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


I know exactly what I want and I authorize my subconscious to 
act according to the law so that it becomes immediately manifest. 
All paths are free, all doors are open. At this very moment all my 


actions are perfect, and I will get what I want. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I feel my willpower getting stronger and stronger. 
Professor Lawrence Powers, Ten Secrets Of Hypnotic Power, Godefroy Publications, 1982. 


I am in control of my actions, my thoughts and my emotions. I 
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am free of all restraints. My willpower is getting stronger and stron- 


ger. I have confidence in myself and in the future. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


I am a centre of conscious willpower. 
Isabelle Capanio, The Powers Of the Will, De Vecchi Publications, 1987. 


(Iam going to develop the technique of self hypnosis in order to 
develop my willpower to improve, my desire to study, to learn and 


to make progress in all aspects of my life.) 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


I want to train my willpower until it is strong enough to change 
my life. 


Paul Clement Jagot, The Power Of The Will, Dangles Press, 1973. 


I want, I can, and I am sure of myself. 
Professor Lawrence Powers, The Ten Secrets Of Hypnotic Power, Godefroy Publications, 1982. 


I want, therefore I can. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 


I want... I want... I want... 
Claude M. Bristol, Harold Sherman, Your Inner Power = TNT, A Different World Publications, 1954. 


Playing my role means trying to acquire the intellectual and moral 
qualities of a man of willpower. I want it with all my strength, with 
all the power I have. I want to create a beautiful future. 

My willpower is getting stronger and stronger. 

To play my role faithfully, I first develop the attitude of a person 


who is strong and who wants to succeed. 
Professor Robert Tocquet, The Powers Of The Will, Godefroy Publications, 1989. 


My willpower is getting stronger and stronger, more and more 


powerful. 
Marcel Rouet, Techniques And Practice Of Hypnotism, Paris Productions N.O.E., 1974. 
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My willpower is consolidating. 
Marcel Baugin, Hypnotism, Suggestion and Telepsyche, Scientific Distribution, 1956. 


When I want to, I can. 
Norman Vincent Peale, When You Want, You Can!, A Different World Press, 1974. 


WINNING 


I now win all the time. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


I won! I won! I won! 
Richard Corriere, Joseph Hart, Getting Into Psychological Shape, Les Editions de l'Homme, 1979. 


[have the right to win. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I know that everything depends on me, and nothing but me. Ev- 
erything will depend on the way I see things, and on what I do. That's 


what success is all about, and that’s why I always win. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


I play to win. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I’m a winner. I’m a winner. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


I’m a winner. I’m a likable person, I’m enthusiastic, warm and 
honest, the type of person people like to be with. 

Every day my personality becomes stronger and more radiant, 
revealing ever more clearly the positive, optimistic spirit that ani- 


mates all my actions. 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 
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My ability to become a full time winner depends entirely on my 
determination to want to think like a winner, and erase all self im- 
ages of being a loser that I may have accumulated in the past. My 
capacity for being a person with No Limits, and reaching beyond even 


my own wildest dreams is entirely in my own hands. 
Wayne. W, Dyer, The Sky’s The Limit, Mortagne Publications, 1988. 


I am a winner in my life. I am not a victim, I’m a winner! 
Shad Helmstetter, The Power Of Inner Motivation, Published by Le Jour, 1987. 


WISDOM 


Now joy, wisdom and the peace of God are uppermost in my 


mind. 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


With God everything is possible. All powerful God is the spirit 


living in me, and the source of all wisdom and enlightenment. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


I trust myself and believe in my innate wisdom. 
Liah Kraft-Macoy, 30 Days To Happiness, Stillpoint, 1987. 


I pray every day, not to amass more wealth, but to become wiser 
so that I can recognize and benefit from the abundance of goods which 


are always in my possession, and take pleasure in them. 
W. Clement Stone and Napoleon Hill, Success Through Positive Thinking, Godefroy Publications, 1978. 


I am wiser than I think. When I rid my mind of false notions, 


wisdom surges upward like an underground spring. 
Vernon Howard, Psycho-Pictography, S.I.P., 1965. 


Iam full of the wisdom of divine life. 
Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 
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Iam a balanced being of love. Creation is my playground. I open 


to my inner wisdom and live it every day. 
Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


My heart contains perfect wisdom. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


WISDOM - SUBCONSCIOUS 


My subconscious knows exactly what is good for me, and what 


can help me in life. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


WISH 


It’s okay to ask for what I want - and get it. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


(specify your wish) will come to me easily and without 
effort. 


Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 
Life is a self fulfilling prophesy; I won’t necessarily get what I 


want in life, but in the long run I will usually get what I expect. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 


WIFE 


My wife wishes to be loved and respected as a person. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 
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WONDER 


I never lose my sense of wonder about life. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


WORK (Also see Reward, Salary, Worth) 


Today I'll finish all the work I have joyously and easily. Every- 
thing I have to do interests me. My mind is constantly present and 
alert; lam ready to use the opportunities this work, or any other week 


provide, to do my best to succeed. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


In my life work and play are the same. 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


I like my job, my colleagues and my responsibilities. Through 


them I add value to life, and thus I become useful to God. 
R. Charles Barker, The Science Of Success, Dangles Press, 1983. 


I like my work, therefore my work likes me. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


I like my work. It fulfils me on both a creative and financial level. 
Shakti Gawain, Creative Visualization Techniques, Soleil Publications, 1978. 


I choose to do this because it is in my best interests, based on the 
current realities and my current goals. No one is forcing me to do 
this, and I don’t ‘have to’ do it. I’ve assessed the consequences and 


alternatives and on that basis I choose to do this. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


I make my work an exercise in concentration: I do it consciously, 
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with interest, and I apply myself body and soul. In no time at all my 
work becomes a pleasure. Instead of being bored, I discover new 
sources of interest and opportunities for success in my work that I 


had no idea existed until now. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I find my work more and more fulfilling. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


I’m happy in my work. 


Emrika Padus, Encyclopedia of Emotions And Health, Edi Inter, 1991. 


I work well. 
Editorial Staff, Practical Health Guides, How To Stimulate Your Body's Natural Defences, Godefroy Publications, 1989. 


My work is interesting and easy, and I do it with pleasure. Prob- 
lems are made to be overcome. I will see things through. And I have 
the strength to do even better. Not only does my work provide me 


with real benefits, it also enriches my mind. 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


My work is a joy and a pleasure. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


When I think about my business and the office I am filled with 


love and joy, inner peace and harmony. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


All my work bears fruit in accordance with the divine order of 
things. 


Dr. Joseph Murphy, Exploit The Power Of Your Subconscious, Tchou / Ariston, 1962. 


All work becomes simple and pleasant for me. 
R.L. Charpentier, Autosuggestion And Its Practical Application, Champs Elysees Publications, 1958. 
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WORRY 


Instead of worrying about being afraid, I am going to do some- 
thing about it. 1am going to read various books explaining the psy- 
chology of fear. I am going to learn the difference between normal 
and abnormal fears. If I understand the facts about various fears | 


will be more successful in overcoming them. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


God is watching over me, and that’s wonderful! 
Dr. Joseph Murphy, These Truths Will Change Your Life, Published by Le Jour, 1982. 


I describe the things around me to myself. While I do that I stop 


thinking about my worries. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


Iam getting stronger day by day. At the same time all my worries 
and fears, all my inner problems are dissolving. I am strong and free. 
[have all the energy of my Guide at my disposal, and S/He will surely 


lead me to my goal. My goal is near, and I will succeed! 
K.O. Schmidt, Success At Your Service, Astra Publications, 1986. 


I don’t want to worry about that now; I'll worry about it tomor- 


row. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Stop! Fear and worrying are a waste of time and energy, and they 


block me from using my skills. 
Dr. Marty Seldman, Super Selling Through Self Talk, Price Stern Sloan, 1986. 


God is the light shining on my path; Iam no longer groping, trem- 
bling with vain hopes, I see no seeds of worry or struggle on my 


path, but only seeds of joy and love of life. 
Robert Collier, Wealth At Your Doorstep, S.I.P., 1959. 
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Teliminate worrying, the major consumer of wasted time, as much 


as possible. 
Christian H. Godefroy and John Clark, How To Have More Time, Godefroy Publications, 1989. 


I count my reasons for being happy instead of unhappy. 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


Worries and negative thoughts slide off me like water off a duck’s 
back. 


Christian H. Godefroy, Positive Thinking: The Subliminal Method, Godefroy Publications, 1987. 


My mind is free of all worry. 
Francoise and Michel Moine, Develop Your Psi Powers, Stock Editions, 1982. 


My mind is free of doubt and worry. 
Since these words come from my soul, they erase all my negative 


thoughts and negative feelings. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


No matter what happens or doesn’t happen to me today there is 


one thing I am sure of: I want to get the most I can out of this day. 
Orison Swett Marden, The Joy Of Living, J.H. Jeheber Publications. 


Two months from now I will have completely forgotten this set- 
back, so why should I worry about it today? 

Why not assume the attitude I’ll probably have in two months 
right now? 


Dale Carnegie, Overcome Your Worries, Flammarion, 1944. 


From now on the setbacks in life no longer affect me. If I am as- 
sailed by doubt, fear and worry, I know that my faith will overcome 


them. 
Dr. Joseph Murphy, Mastering Yourself And Others, Published by Le Jour, 1988. 


If I am sometimes assailed, pursued, haunted by harmful and 
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SOLDERING 


Theoretical background for technicians 


1. Introduction : 

Progress within the electronics industry would not have resulted in the mass production of 
electronic appliances as we know them today, without a similar progress in the field of soldering 
technology. 


To be able to understand how soldering techniques are used in the electronics industry, 
we first have to get familiar with the materials used during the soldering process, and we have to 
learn how a soldering connection is created on a molecular level. 


Soldering is an old technique for creating permanent electrical and mechanical connections between 
metals. In contrast to ordinary glueing, which makes only a physical connection between materials 
(although electrically conducting glue also exists) soldering causes a chemical reaction with other 
materials, creating a new alloy. 


There are several soldering techniques, which all have a few things in common: basic metals, 
soldering flux, solder and heating. 


2. Basic metals : 

When we place electronic components on a PCB, the legs of the components and the 

soldering lands on the PCB, are the basic metals that will connect with the solder. 

Several metals like copper, bronze, silver and some types of steel react with solder 

and make a strong chemical and physical connection. 

Other materials like aluminium, titanium, etc. are difficult or even impossible to solder. 

The fact that materials exist which can not be soldered is very important, as these materials can 
be used for making soldering machines and soldering irons. These materials can also be used 
for covering components during soldering. 


There is a direct relationship between how strongly the surface of the basic metal oxidizes and how 
the soldering reacts on this: When there is more oxidation present, the soldering connection 

will be weaker. 

The fact that most metals oxidize very quickly when heated, is a specific problem, because 

if one wants to obtain a chemical soldering reaction, a high temperature is necessary... 

Flux is used to counteract this oxidation problem. 


3. Soldering flux : 


Although the soldering surface looks clean, there is always a thin layer of oxide on the metals. 
This layer always arises as soon as the metal is exposed to air. Reliable soldering connections 
can only be made on "clean" surfaces. "Clean" surfaces could be accomplished using 

cleaning product, but this would be insufficient as metal oxidizes incredibly fast when heated. 
To prevent the creation of the layer of oxide, the use of soldering flux is necessary. 


Using soldering flux on the basic metals before the soldering starts has various reasons and 
advantages: 


The main reason of the use of flux is to stop the oxidation of the basic metals during heating. 

The flux makes sure that the air can't reach the soldering surface, and therefore prevents the 
formation of oxidation during warming up. 

Most of the different flux types have acid components which are used to remove the oxidation 

that is already present on the basic metal. 

If a very strong acid is active in the flux, theoretically it would be possible to remove all the oxides. 
This however is in practice not possible, as the acid would also affect the PCB and the components, 
which of course is not the intention. 
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unhealthy thoughts, by fears, phobias, temptations or resentment, I 
know they will fade away gradually, seeming to melt from my mind, 
growing faint like a distant cloud which will soon disappear com- 
pletely. 

As dreams disappear when I awaken, so will all these vain im- 


ages disappear as well. 
Emile Coue, Complete Works, Astra Publications, 1976. 


WORTH (Also see Wealth, Work, Salary) 


Today I will multiply my worth a thousand times. 
Og Mandino, The Greatest Secret In The World, A different World Press, 1979. 


Every day I multiply my worth a hundred times, and my success 
grows as a result. 

Day by day, in all ways, I am becoming better and better. All ar- 
eas of my life are enriched, because I multiply my worth a hundred- 
fold. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


Iam aware of my worth. 
Claude Arpel, Self Confidence: The Subliminal Method, Procauvi Publications, 1986. 


I have worth because I struggle to survive. 
Matthew McKay and Patrick Fanning, Self Esteem, New Harbinger Publications Inc., 1990. 


Tevaluate my real worth by asking how good I feel about myself. 
Recognizing my own worth is the beginning of a mature accep- 


tance of myself and others. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


I believe I am unique and special. 
Denis Waitley, Seeds Of Greatness, Pocket Books Press, 1984. 
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Iam a rare, exclusive, different, unique individual on this earth. 


These attributes give me enormous worth. 
Zig Ziglar, Rendez-vous At The Top, A Different World Publications, 1975. 


Iam a worthy person. 
Alan Houel, How To Deal With Difficult People, Godefroy Publications, 1990. 


I am unique and unlimited. 
Jean-Marie Boisvert and Madeline Beaudry, Self Affirmation and Communication, Godefroy Publications, 1979. 


Iam unique. My worth is multiplying, allowing me to do a job 
which I like and which pays very well. 


Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


(I deserve to be who I am.) 
Shakti Gawain, Reflections In The Light, New World Library, 1978. 


The best way to increase my worth is to improve my self image. 
Charles Albert Poissant & Christian Godefroy, The Secret Of Being A Millionaire, Godefroy Publications, 1987. 


The more I realize my true worth, the more everybody respects 


me. 
Louis Proto, Self Healing, Piatkus Publications, 1990. 


Whatever anyone says or does to me, I remain a worthy person. 
Alan Houel, How To Deal With Difficult People, Godefroy Publications, 1990. 


WOUNDS (Also see Pain, Numbness) 


Now the pain is disappearing from my —— (name the part of the 
body) and my blood is coagulating rapidly. The pain is diminishing 
rapidly. I won’t feel any more pain for half an hour. It will disappear 
completely. Now I’m going to count to five. And on the count of five 
my pain will disappear completely for half an hour (or substitute the 
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desired period). One, two, three, four, five! 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


WRINKLES 


Iam relaxing the muscles in my face... in my forehead... I feel a 
cool wave of relaxation... 

Every time I feel myself getting tense or upset... I will think of the 
word serenity... and immediately all the muscles in my face will re- 
lax. 

My face will look younger... it is going to look younger... releas- 
ing... relaxing all my features will prevent wrinkles from forming... 
smooth over those that are already there... and chase away my wor- 


ries. 
Marcel Rouet, Mastering Your Subconscious, Dangles Press, 1982. 
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YOUTH 


I do not accept the passive lifestyle of many elderly persons. I 
live an active life. 
I refuse to always think about the past, as too many elderly per- 


sons do. I am alive today; I live in he present moment. 
Dr. Maxwell Maltz, Psychocybernetics and Self Realization, A Different World Ltd. Publications, 1970. 


Iam going to remain young in mind and heart by finding new 


pleasures, new interests and new friends. 
Frank S. Caprio, M.D. & Joseph R. Berger, Helping Yourself With Self Hypnosis, Prentice Hall Inc., 1974. 


My body is getting younger and more vigorous. I am regaining 
(or maintaining) optimum use of my bodily functions. My hearing, 
my vision and my memory are becoming more and more efficient 
and healthy. I am in excellent health. My face looks younger every 
day, and I’m looking better and better. I feel more and more young, 
more and more relaxed, more and more healthy. I am regaining my 
youthful enthusiasm and sense of curiosity. Youth. Youth. Youth. I 


am more and more energetic, creative, and young in body and mind. 
Christian H. Godefroy, Helping Yourself Through Self Hypnosis, Godefroy Publications, 1985. 


(I can be whoever I want to be with total support. I can go fast or 
slow - it’s my choice.) 


Barbara J. Gress, Personal Power Cards, Aslan Publishing, 1991. 


I’m losing weight... 1 am happy to feel so good about myself... 
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day by day everything is getting better... my skin is supple... I feel 
younger and younger... slimmer and slimmer... full of newfound en- 


ergy. 


Professor Kurt Tepperwein, Secret Techniques Of Hypnosis, Godefroy Publications, 1981. 
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Therefore there will always be a search for the balance between a flux that contains strong acids, 
and as a consequence also removes the oxidates more effectively (but also affects the PCB), and a flux 
that contains a less strong acid and therefore removes less oxides. (but does not affect the PCB). 


Most fluxes though use types of acid. Therefore it generally is necessary to remove the flux residues 
after soldering. 


When solder is applied, the flux needs to flow off so that the solder can make direct contact with 
the basic metal. During this process it is however impossible to avoid the flux mixing with 

the solder. 

Flux developers make use of this fact to develop a flux that has the property to reduce 

the surface tension of the solder on contact, as a result of which better "wetting" arises. 


Flux consists of natural or synthetic resin and chemical additives, called activators. 

In PEM a"no clean" flux of Tamura is used (for the placement of Flat-Package-IC's). Consequently 
it is not necessary to remove the flux after soldering. 

Furthermore it is not necessary to add extra flux when doing easy manual soldering 

because the soldering wire contains flux (3.3 %), like a resin core. 


4. Solder : 

There several existing metals and metal alloys that can be used for soldering. 

The choice for using a certain metal is based on the properties of the metal: 

Is the metal flexible or fragile? How well does it conduct heat? 

Does it expand rapidly when heated? What is the electrical resistance of the metal? 

How strong is it? Is it toxic? And not unimportant: what does it cost? 

Although it is not perfect, an alloy of tin and lead is most often used traditionally. 

Pure tin melts at 203°C and pure lead melts at 330°C. A mixture of both metals has a lower 
melting point. 

By using a different mixture the melting temperature of the soldering alloy can be changed. 


A alloy of tin and lead (e.g. 60/40) has a relatively low melting point (183°C) and can be produced at 
a relatively low price, in comparison to other alloys with similar properties. 

Lead is a very cheap and can be found in a lot of places. Therefore the cost of the tin-lead alloy 

is mainly determined by the cost of tin. 


When this alloy is warmed up, it goes through several phases: 

the alloy goes from a "fixed" condition, to a "paste" condition (semi-liquid), and finally becomes totally 
liquid. It is difficult to solder with an alloy that is in a "paste" condition: because there is 

little movement or vibration during this "paste" condition, this can cause bad soldering. 

If the alloy is of 50% tin and 50 % lead, it starts to melt at a temperature of 193°C, 

and will be totally melted at a temperature of 216°C. 


To prevent bad soldering during the "paste" condition, "eutectical" solder is used. 

An "eutectical" alloy is an alloy that, when heated, goes immediately from a fixed condition to 

a liquid condition: the "paste" stage is effectively skipped. 

An "eutectical" tin-lead alloy contains 63% tin and 37% lead. 

Often a tin-lead alloy with 60% tin and 40% lead is used. This alloy can be produced cheaper than the 
eutectical solder because it contains less tin. But because this alloy is almost "eutectical", it can 
effectively be used for soldering. 

During soldering, be careful to make no sudden movements whilst the solder is cooling. 

This can cause "interrupted connections" and therefore unreliable soldering. 

An "interrupted" soldering connection has a rough and irregular surface and appears dim 

instead of clear and shiny. 

It is also very important that no impurities get into the solder. 

If small metal particles from the components get into the soldering "cup" of the soldering machine. 
This can result in a serious change to surface tension, and consequently bad soldering connections. 
These metal impurities could even change the melting temperature of the solder. 
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5. Heat, generation of soldering connection 

If the solder gets in contact with a copper surface, 

the solder dissolves and penetrates the copper layer. 

The molecules of the solder and the copper get mixed and a new 

alloy is created, consisting partially of copper and partially of solder. 

This reaction is called "wetting" and has as a result an "inter-metallic" connection 

between the components. "Wetting" can only take place if the surface of the copper does not contain 
oxides. The solder and the surface of the copper also have to be at the right temperature before the 
"wetting" can take place. 


SOLDER 
INTERMETALLIC BOND 


PC BOARD 


6. Soldering with a soldering iron: 


The following 4 factors determine the quality of the soldering connection: 


- clean surfaces 

- temperature 

- time 

- quantity of solder 


a) Clean surfaces: "dirt is the enemy of a good soldering connection!" 
It is enormously important that there are no impurities on all of the components (including the 
soldering bit). Soldering on "dirty" components is not possible! 
Old PCB's or components sometimes can not be soldered due to a 
large layer of oxide on the islands and the legs of the components. 
In such cases the solder is rejected and goes to everywhere, except for where we want it to go. 
In a desperate attempt to solder in such a situation, a common reaction is to raise the 
soldering temperature. However, this is certainly not a solution. On the contrary! 
The only correct solution is thorough cleaning. (e.g. with a brush of glass fibre) 


Before the soldering iron can be used, the soldering bit first has to be coated with tin. 
Some solder has to be melted onto the bit. Afterwards the bit has to be cleaned. 

For cleaning the soldering bit, it is best is to use a slightly moistened sponge 

(with demineralized water). The use of ordinary tap water is not reccomended, because the 
silver layer on the bit gets affected by calcium in the tap water, which results in less thermal 
contact. This diminished thermal contact runs the risk of cold soldering, etc. 

To improve the thermal contact between the bit and the soldering surface, it is advisable 

to coat the soldering bit with a little bit of solder before every soldering action. 


b) Temperature & time : 


The temperature of the soldering bit is not the most determining factor for successful soldering: 

the heating cycle (combination of temperature of the bit and the time the heating takes) is! 

How fast the soldering components warm up, how warm they get and how long they stay warm, are 
the most important factors that have to be controlled to make a reliable soldering 

connection. 


The time soldering takes is very important. A soldering task may only take a couple of 
seconds: when heated too long, the components and the soldering lands can be damaged. 


It is also totally wrong to use the soldering bit to rub melted solder across the soldering surface. 


Although the temperature of the bit is not the most determining factor, it is advisable to 
to do soldering at the lowest possible temperature. 
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EVERYONE AND EVERYTHING WITHIN 
THE VICINITY OF SAGRED G WILL GET 
BLASTED WITH POSITIVE VIBES THAT 
UNLOCK ENERGY AND BOOST PERFOR- 
MANGE. INCREASING THE AMOUNT OF 
SACRED G YOU USE WILL INCREASE THE 
AMOUNT OF ENERGY YOU HAVE. 


SACRED G STICKERS COME IN 6 UNIQUE 
DESIGNS: 





THE SAGRED G SPOT IS DESIGNED TO 
PHYSIGALLY GLEANSE YOUR GELLS, 


FREEING UP MORE ENERGY FOR THE 
BODY TO RUN MORE EFFIGIENTLY. 


SAcREO G” TRANSPORTER 





THE SAGRED G TRANSPORTER 'S 
DESIGNED TO FREE UP USABLE ENERGY 
TRAPPED AS EMOTION IN YOUR PAST 
MEMORIES. EAGH NIGHT THAT YoU 
SLEEP ON SACRED G, MORE AND MORE 
ENERGY !IS RELEASED RESTORING YoU 
TO YOUR NATURAL STATE OF PEACEFUL 
BuLiss. 





THE SAGRED G ASCGENDER is 


DESIGNED TO BOOST ENERGY AND 
INGREASE SELF CONFIDENGE BY 
SOLVING CONFLICTS WITHIN YOUR 


THOUGHTS AND BELIEF SYSTEMS. THIS 
ENABLES YOU TO PERCEIVE MORE INFOR- 
MATION AT ONGE INGREASING YOUR 
LEVEL OF FOCUS AND REACTION TIME. 





THE SAGRED G TRANGENDANGE [5 A 
COMBINATION OF THE FIRST THREE 
DESIGNS PLUS ADVANGED MEMORY 
SYSTEMS THAT AGGELERATE THE 
LEARNING AND DOWNLOADING OF NEW 
INFORMATION FROM THE GOLLECGTIVE 
CONSCIOUSNESS. 





THE SAGRED G SIMULATOR Is 
DESIGNED TO UPGRADE YOUR FRIEND- 
SHIPS AND RELATIONSHIPS BY 
ATTRACTING NEW PRODUCTIVE ONES 
WHILE EMPOWERING YOU TO LET GO OF 
OLD ONES THAT NO LONGER SERVE 
YOU. THIS DESIGN WILL INGREASE THE 
NUMBER OF SYNCGHRONICITIES IN YOUR 
LIFE AND GREATE AN AWAKENED SENSE 
OF ADVENTURE AND PURPOSE. 





PAPEL 
THE SAGRED G L.O.V.E.™ AGTIVATOR 
COMBINES ALL OF THE DESIGNS WITH A 
NEW MOTION ACTIVATION SYSTEM THAT 
TAKES YOU BEYOND YOUR LIMITS TO 
AGHIEVE YOUR GOALS. THE ACTIVATOR 
1s THE ULTIMATE STATE-OF-THE-ART 
DNA ACTIVATION TEGHNOLOGY. 


PE a ee | 





VISIT THE WEBSITE TO LEARN ABOUT 
THE MOST ADVANGED SAGRED G 
DESIGN CALLED “FUSION” WHIGH 
INGORPORATES EVERY DESIGN INTO 
ONE. 






SveEeEP / Pittow GASE 

PLACE THE SACRED G 
hd \ BENEATH YOUR PILLOW 
i OR INSIDE YOUR PILLOW- 

GASE DESIGN SIDE UP. 


NoTricE HOW THE SACRED G ALTERS YOUR 
SLEEP AND DREAM STATES. THE BODY 
FREES UP THE MOST AMOUNT OF ENERGY 
WHILE YOU SLEEP. SAGRED G ENHANCES 
THIS PROCESS CONTINUALLY INCREASING 
THE AMOUNT OF ENERGY YOU FEEL. 





W ENERGIZED WATER 


, SUPER CHARGE YOUR 
WATER WITH ENERGY BY 
PLAGING IT ON TOP OF 
THE SACRED G. 


TEST: TAKE TWO GLASSES OF TAP WATER, 
PLAGE ONE ON TOP OF THE SACRED G, AND 
THE OTHER AT LEAST SIX FEET AWAY. 
ALLOW THE WATER TO GHARGE OVERNIGHT, 
THEN TASTE THE DIFFERENGE BETWEEN THE 
TWO GLASSES IN THE MORNING. THIS TEST 
SHOWS HOW SAGRED G TEGHNOLOGY NOT 
ONLY CLEANS YOUR WATER, BUT IS ALSO 
INSTRUMENTAL IN PHYSICALLY CLEANSING 
THE TOXINS FROM YOUR BODY INCREASING 
ENERGY. 


“| WILL NEVER RIDE 
A BOARD THAT’S NOT 
G’pD OUT AGAIN!” 






RoB DYRDEK 


X-TREME PERFORMANCE ENHANCEMENT: 
PLaceE THE SAcRED G ON SKATEBOARDS, 
SURFBOARDS, TEAM UNIFORMS, OR ANY 
GEAR AND EQUIPMENT THAT YOU USE. 


WATCH AS YOUR PERFORMANCE is 
ENHANCED AND YOUR GAME IS IMPROVED. 


VISIT THE WEBSITE TO LEARN OVER 35 
WAYS TO USE SACRED G TO BOOST YOUR 
ENERGY, PLUS 5 COOL TESTS THAT YOU 
CAN DO. ALSO, BE SURE TO WATCH THE 
SAGRED G EPISODE ON MTV’S Ros & BIG 
SHOW TO SEE HOW SAGRED G GAN BOOST 
YOUR PERFORMANCE. 


VISIT THE WEBSITE TO DOWNLOAD ALL OF 
THE SACRED G DESIGNS FOR FREE! 
BONUS: WATCH A 3 HOUR VIDEO ON THE 
SCIENCE OF SACRED GEOMETRY! 


www .CORYHERTER.COM 
© 2008 ° CORY HERTER 
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The first that has to be examined before the soldering starts in the 'thermal mass" of the components. 


Every soldering task has its own specific "thermal mass" which is determined by the heat absorption 
of the components. For soldering e.g. the component pins and solder lands. 

For components on a heat sink there will be a large thermal mass. In other words: the heat will be 
"absorbed " by the heat sink, as a result of which more warmth will have to be added than 

e.g. for soldering the leg of an IC. 

Secondly it is very important that the temperature of all the components that will be soldered have 
more or less the same temperature. 

An example: it is necessary that the leg and the soldering land have had at the same time the 
necessary warming up before the solder is added. 

We have to take care that, while warming up, the soldering bit gets in contact with both the leg and the 
soldering land. 

"Thermal contact” is theretore very important. 


The thermal contact is low The thermal contact is higher 
The warmth ts transmitted by means of the bit. by adaing a bit of solder 
to the leg and the soldering land to the point of contact 


The size and the shape of the soldering bit, as well as the position of the bit, will determine 
whether or not it makes a good thermal contact. For being able to make a good thermal contact ir 
all circumstances, different types of soldering bits exist (different shapes). 

Normally the soldering bit has to be placed on the "largest mass point" of the soldering connectior 
that needs to be made. 

This will make fast heating possible. 


c) Adding solder & quantity 


The last factor necessary for a high quality soldering connection, is adding the correct quantity 
of solder. 

Too much solder is an unnecessary waste and can aid the formation of "bridges" across legs 
If not enough solder is added, this can cause an "insufficient soldering" or "dry soldering" 
Adding the correct quantity of solder takes a lot of exercise and experience 


Melted solder always flows from a "colder" area to a "warmer" area. 

Before the solder is added, the surface temperature of the components to be soldered has to be 

higher than the melting temperature of the solder. 

Never let the soldering wire melt by holding it against the soldering bit. This may cause the solde! 

to fall on a surface where the temperature is lower than the melting temperature 

This can result in a cold soldering, with almost no or insufficient "wetting". 

If the solder is added to a clean, fluxed and sufficiently heated surface, then the solder will melt and flow 
nicely without direct contact with the heat source. (soldering bit’ 

Therefore it is advisable to put the soldering wire on the sufficiently heated surface 

so that the solder melts as a consequence of the contact with the heated surface 


The solder is melted as a consequence of the contact with 
the heated surface. No contact with the soldering bit is necessary. 
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PRAYER 


‘I bow before the noblest of sages, Patarijali, who 
brought serenity of mind by his work on yoga, clarity 
of speech by his work on grammar and purity of body 
by his work on medicine.’ 


‘L salute Adigvara (the Primeval Lord Siva) who taught. 
first the science of Hatha Yoga - a science that stands 
out as a ladder for those who wish to scale the heights 
of Raja Yoga.’ 


PART I 


What is Yoga? 


The word Yoga is derived from the Sanskrit root yuj meaning to bind, 
join, attach and yoke, to direct and concentrate one’s attention on, to 
use and apply. It also means union or communion. It is the true union 
of our will with the will of God. ‘It thus means, says Mahadev Desai 
in his introduction to the Gita according te Gandhi, ‘the yoking of all the 
powers of body, mind and soul to God; it means the disciplining of the 
intellect, the mind, the emotions, the will, which that Yoga presupposes; 
it means a poise of the soul which enables one to look at life in all its 
aspects evenly.’ 

Yoga is one of the six orthodox systems of Indian philosophy. It was 
collated, co-ordinated and systematized by Patanjali in his classical 
work, the Yoga Sutras, which consists of 185 terse aphorisms. In Indian 
thought, everything is permeated by the Supreme Universal Spirit 
(Paramatma or God} of which the individual human spirit (jivatma) 
is a part. The system of yoga is so called because it teaches the 
means by which the jivatma can be united to, or be in communion with 
the Paramatma, and so secure liberation (moksa). 

One who follows the path of Yoga is a yogi or yogin. 

In the sixth chapter of the Bhagavad Gita, which is the most important 
authority on Yoga philosophy, Sri Krishna explains to Arjuna the mean- 
ing of Yoga as a deliverance from contact with pain and sorrow. It is said: 


‘When his mind, intellect and self (aharnkara} are under control, 
freed from restless desire, so that they rest in the spirit within, a 
man becomes a Yukta - one in communion with God. A lamp does 
not flicker in a place where no winds blow; so it is with a yogi, 
who controls his mind, intellect and self, being absorbed in the 
spirit within him. When the restlessness of the mind, intellect and 
self is stilled through the practice of Yoga, the yogi by the grace 
of the Spirit within himself finds fulfilment. Then he knows the 
joy eternal which is beyond the pale of the senses which his reason 
cannot grasp. He abides in this reality and moves not therefrom. 
He has found the treasure above all others. There is nothing higher 
than this. He who has achieved it, shall not be moved by the 
greatest sorrow. This is the real meaning of Yoga - a deliverance 
from contact with pain and sorrow. 


2 The Illustrated Light on Yoga 


Asa well cut diamond has many facets, each reflecting a different 
colour of light, so does the word yoga, each facet reflecting a differ- 
ent shade of meaning and revealing different aspects of the entire 
range of human endeavour to win inner peace and happiness. 


The Bhagavad Gitd also gives other explanations of the term yoga and 
lays stress upon Karma Yoga (Yoga by action). It is said: ‘Work alone 
is your privilege, never the fruits thereof. Never let the fruits of action 
be your motive; and never cease to work. Work in the name of the Lord, 
abandoning selfish desires. Be not affected by success or failure, This 
equipoise is called Yoga.’ 

Yoga has also been described as wisdom in work or skilful living 
amongst activities with harmony and moderation. “Yoga is not for him 
who gorges too much, nor for him who starves himself. [t is not for 
him who sleeps too much, nor for him who stays awake. By moderation 
in eating and in resting, by regulation in working and by concordance 
in sleeping and waking, Yoga destroys all pain and sorrow.’ 

The Kathopanishad describes Yoga thus: ‘When the senses are stilled, 
when the mind is at rest, when the intellect wavers not - then, say the 
wise, is reached the highest stage. This steady control of the senses and 
mind has been defined as Yoga. He who attains it is free from delusion.’ 

In the second aphorism of the first chapter of the Yoga Sutras, Patanijali 
describes Yoga as ‘chifta urtti nirodhah’. This may be translated as the 
restraint (nirodhah) of mental (chitta) modifications (vrtti) or as sup- 
pression (nirodhah) of the fluctuations (vrtti) of consciousness (chitta). 
The word chitta denotes the mind in its total or collective sense as being 
composed of three categories: 


(a) mind (manas, that is, the individual mind having the power and 
faculty of attention, selection and rejection; it is the oscillating 
indecisive faculty of the mind); 

(b) intelligence or reason (buddhi, that is, the decisive state which 
determines the distinction between things); 

(c) ago (aharnkara, literally the I-maker, the state which ascertains that 
‘T know’). 


The word vriti is derived from the Sanskrit root vrt meaning to turn, to 
revolve, to roll on. It thus means course of action, behaviour, mode of 
being, condition or mental state. Yoga is the method by which the rest- 
less mind is calmed and the energy directed into constructive channels. 
As a mighty river which when properly harnessed by dams and canals, 
creates a vast reservoir of water, prevents famine and provides abundant 
power for industry; so also the mind, when controlled, provides a reser- 
voir of peace and generates abundant energy for human uplift. 

The problem of controlling the mind is not capable of easy solution, 
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as borne out by the following dialogue in the sixth chapter of the Bhaga- 
vad Gita. Arjuna asks Sri Krishna: 


‘Krishna, you have told me of Yoga as a communion with Brahman 
(the Universal Spirit), which is ever one. But how can this be per- 
manent, since the mind is so restless and inconsistent? The mind 
is impetuous and stubborn, strong and wilful, as difficult to har- 
ness as the wind.’ Sri Krishna replies: ‘Undoubtedly, the mind is 
restless and hard to control. But it can be trained by constant 
practice (abhyasa) and by freedom from desire (vairagya). A man 
who cannot control his mind will find it difficult to attain this 
divine communion; but the self-controlled man can attain it if he 
tries hard and directs his energy by the right means.‘ 


THE STAGES OF YOGA 


The right means are just as important as the end in view. Patafjali 
enumerates these means as the eight limbs or stages of Yoga for the 
quest of the soul. They are: 


1. Yama (universal moral commandments); 

2. Niyama (self purification by discipline); 

3. Asana (posture); 

4, Pranayama (rhythmic control of the breath); 

5. Pratyahara (withdrawal and emancipation of the mind from the 
domination of the senses and exterior objects); 

6. Dharana (concentration); 

7. Dhyana (meditation); 

8. Samadhi {a state of super-consciousness brought about by profound 
meditation, in which the individual aspirant (sadhaka) becomes one 
with the object of his meditation — Paramatma or the Universal 
Spirit). 


Yama and Niyama control the yogi’s passions and emotions and keep 
him in harmony with his fellow man. Asanas keep the body healthy 
and strong and in harmony with nature. Finally, the yogi becomes free 
of body consciousness. He conquers the body and renders it a fit vehicle 
for the soul. The first three stages are the outward quests (bahiranga 
sadhana}. 

The next two stages, Pranayama and Pratyahara, teach the aspirant 
to regulate the breathing, and thereby control the mind. This helps to 
free the senses from the thraidom of the objects of desire. These two 
stages of Yoga are known as the inner quests (antaranga sadhana). 

Dharana, Dhyana and Samadhi take the yogi into the innermost 


a4 


4 The Illustrated Light on Yoga 


recesses of his soul. The yogi does not look heavenward to find God. 
He knows that HE is within, being known as the Antaratma (the Inner 
Self). The last three stages keep him in harmony with himself and his 
Maker. These stages are called antaratmad sadhana, the quest of the soul. 

By profound meditation, the knower, the knowledge and the known 
become one. The seer, the sight and the seen have no separate existence 
from each other. It is like a great musician becoming one with his instru- 
ment and the music that comes from it. Then, the yogi stands in his 
own nature and realizes his self (Atman), the part of the Supreme Soul 
within himself. 

There are different paths (margas) by which a man travels to his 
Maker. The active man finds realization through Karma Marga, in which 
a man realizes his own divinity through work and duty. The emotional 
man finds it through Bhakti Marga, where there is realization through 
devotion to and love of a personal God. The intellectual man pursues 
Jiiana, Marga, where realization comes through knowledge. The medi- 
tative or reflective man follows Yoga Marga, and realizes his own div- 
inity through control of the mind. 

Happy is the man who knows how to distinguish the real from the 
unreal, the eternal from the transient and the good from the pleasant 
by his discrimination and wisdom. Twice blessed is he who knows true 
love and can love all God’s creatures. He who works selflessly for the 
welfare of others with love in his heart is thrice blessed. But the man 
who combines within his mortal frame knowledge, love and selfless 
service is holy and becomes a place of pilgrimage, like the confluence 
of the rivers Ganga, Saraswati and Jamuna. Those who meet him 
become calm and purified. 

Mind is the king of the senses, One who has conquered his mind, 
senses, passions, thought and reason is a king among men. He is fit 
for Raja Yoga, the royal union with the Universal Spirit. He has Inner 
Light. 

He who has conquered his mind is Raja Yogi. The word raja means 
a king. The expression Raja Yoga implies a complete mastery of the Self. 
Though Patanjali explains the ways to control the mind, he nowhere 
states in his aphorisms that this science is Raja Yoga, but calls it Astanga 
Yoga or the eight stages (limbs) of Yoga. As it implies complete mastery 
of the self one may call it the science of Raja Yoga. 

Swaztmarama, the author of the Hatha Yoga Pradipika (hatha = force 
or determined effort) called the same path Hatha Yoga because it 
demanded rigorous discipline. 

It is generally believed that Raja Yoga and Hatha Yoga are entirely 
distinct, different and opposed to each other, that the Yoga Sutras of 
Patafijali deal with Spiritual discipline and that the Hatha Yoga Pradtpika 
of Swatmarama deals solely with physical discipline. It is not so, for 
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Hatha Yoga and Raja Yoga complement each other and form a single 
approach towards Liberation. As a mountaineer needs ladders, ropes 
and crampons as well as physical fitness and discipline to climb the icy 
peaks of the Himalayas, so does the Yoga aspirant need the knowledge 
and discipline of the Hatha Yoga of Swatmarama to reach the heights 
of Raja Yoga dealt with by Patanijali. 

This path of Yoga is the fountain for the other three paths. It brings 
calmness and tranquillity and prepares the mind for absolute unquali- 
fied self-surrender to God, in which all these four paths merge into one. 


Chitta Vrtti (Causes for the Modification of the Mind) 


In his Yoga Sutras Patafijali lists five classes of chitta vrtti which create 
pleasure and pain. These are: 


1. Pramana (a standard or ideal), by which things or values are 
measured by the mind or known, which men accept upon (a) direct 
evidence such as perception (pratyaksa), (b) inference (anumana) and 
(c) testimony or the word of an acceptable authority when the source 
of knowledge has been checked as reliable and trustworthy (agama). 


2. Viparyaya (a mistaken view which is observed to be such after study). 
A faulty medical diagnosis based on wrong hypotheses, or the formerly 
held theory in astronomy that the Sun rotates round the Earth, are 
examples of viparyaya. 


3. Vikalpa (fancy or imagination, resting merely on verbal expression 
without any factual basis). A beggar may feel happy when he imagines 
himself spending millions. A rich miser, on the other hand, may starve 
himself in the belief that he is poor. 


4, Nidra (sleep), where there is the absence of ideas and experiences. 
When a man is sleeping soundly, he does not recall his name, family 
or status, his knowledge or wisdom, or even his own existence. When a 
man forgets himself in sleep, he wakes up refreshed. But, if a disturbing 
thought creeps into his mind when he is dropping off, he will not rest 
properly. 


5. Smsti (memory, the holding fast of the impressions of objects that 
one has experienced). There are people who live in their past experi- 
ences, even though the past is beyond recall. Their sad or happy 
memories keep them chained to the past and they cannot break their 
fetters. 


Patafijali enumerates five causes of chitta vrtti creating pain (kleSa). 
These are: 


d) Soldering : 7 steps 








GOOD JOINT BAD JOINT 
(volcano shape) (dry joint) 


dull 
copper tracks solder 


PCB or 
stripboard 


Be 


component 


1. Cleaning of the soldering bit: 
For soldering to be effective, the soldering bit has to be clean: 





no dirt and no oxides are allowed on the soldering bit. 
The soldering bit needs to be cleaned before soldering. 


2. Heating of the components that will be soldered. 


For soldering to be effective, the components which have to be 
connected, have to be heated (in this case the pin and the solder 
lands) to a temperature that at least equals the temperature of 
the melting point of the soldering alloy. (183 °C) 

Bear in mind the "thermal mass", the type of bit and the position 
of the bit! 


3. Adding the solder: 

After both components are heated sufficiently, solder can 

be added. 

Let the solder melt as a consequence of the contact with the heated 





surface. In other words: don't make any direct contact with the 
soldering bit. 





4. Quantity of the solder to be added and letting the solder flow. 
Let the solder flow nicely between both components 
and add solder until the right quantity is reached. 


5. Remove the soldering wire 





When sufficient solder is added, the soldering wire 
may be removed. 


6. Remove the soldering bit. 





When the solder has nicely flowed open, and there is "wetting", 

the soldering bit may be removed so that the solder 

can solidify. 

Pay attention for possible sudden movements during this operation. 
(risk of "disturbed" soldering) 


7. Check the soldering connection 





Check the soldering connection. 
Nicely formed soldering is shining and 
even. Also pay attention to the shape: 
a spherical shape is not good! 





6 The Illustrated Light on Yoga 


1. Avidyda (ignorance or nescience); 

2. asmita (the feeling of individuality which limits a person and 
distinguishes him from a group and which may be physical, mental, 
intellectual or emotional); 

3. raga {attachment or passion); 

. dvesa {aversion or revulsion); 

5. abhinivega (love or thirst for life, the instinctive clinging to worldly 
life and bodily enjoyment and the fear that one may be cut off from 
all this by death). 


i 


These causes of pain remain submerged in the mind of the sadhaka (the 
aspirant or seeker). They are like icebergs barely showing their heads 
in the polar seas. So long as they are not studiously controlled and 
eradicated, there can be no peace. The yogi learns to forget the past and 
takes no thought for the morrow. He lives in the eternal present. 

As a breeze ruffles the surface of a lake and distorts the images 
reflected therein, so also the chitta vrtti disturb the peace of mind. The 
still waters of a lake reflect the beauty around it. When the mind is still, 
the beauty of the Self is seen reflected in it. The yogi stills his mind by 
constant study and by freeing himself from desires. The eight stages of 
Yoga teach him the way. 


Chitta Viksepa (Distractions and Obstacles) 


The distractions and obstacles which hinder the aspirant’s practice of 
Yoga are: 


1, Vyadhi - sickness which disturbs the physical equilibrium 

2. Styana - languor or lack of mental disposition for work 

3. SarnSaya ~ doubt or indecision 

4, Pramada ~ indifference or insensibility 

5. Alasya - laziness 

6. Avirati ~ sensuality, the rousing of desire when sensory objects 

possess the mind 

. Bhranti Dargana — false or invalid knowledge, or illusion 

8. Alabdha Bhimikatva -~ failure to attain continuity of thought or — 
concentration so that reality cannot be seen 

9. Anavasthitattva — instability in holding on to concentration which 
has been attained after long practice. 


“J 


There are, however, four more distractions: (a) duhkha — pain or misery, 
(b) daurmanasya - despair, (c) angamejayatva — unsteadiness of the 
body and (d) $vasa-prasvasa — unsteady respiration. 

To win a battle, a general surveys the terrain and the enemy and 
plans counter-measures. In a similar way the Yogi plans the conquest 
of the Self. 
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1. Vyadhi. It will be noticed that the very first obstacle is ill-health or 
sickness. To the yogi his body is the prime instrument of attainment. If 
his vehicle breaks down, the traveller cannot go far. If the body is broken 
by ill-health, the aspirant can achieve little. Physical health is important 
for mental development, as normally the mind functions through the 
nervous system. When the body is sick or the nervous system is affected, 
the mind becomes restless or dull and inert and concentration or medi- 
tation become impossible. 


2. Styana. A person suffering from languor has no goal, no path to 
follow and no enthusiasm. His mind and intellect become dull due to 
inactivity and their faculties rust. Constant flow keeps a mountain 
stream pure, but water in a ditch stagnates and nothing good can 
flourish in it. A listless person is like a living corpse for he can concen- 
trate on nothing. 


3. Samsaya. The unwise, the faithless and the doubter destroy them- 
selves. How can they enjoy this world or the next or have any happi- 
ness? The seeker should have faith in himself and his master. He should 
have raith that God is ever by his side and that no evil can touch him. 
As faith springs up in the heart it dries out lust, ill-will, mental sloth, 
spiritual pride and doubt, and the heart free from these hindrances 
becomes serene and untroubled. 


4, Pramdada. A person suffering from pramada is full of self-importance, 
lacks any humility and believes that he alone is wise. No doubt he 
knows what is right or wrong, but he persists in his indifference to the 
right and chooses what is pleasant. To gratify his selfish passions and 
dreams of personal glory, he will deliberately and without scruple sacri- 
fice everyone who stands in his way. Such a person is blind of God's 
glory and deaf to His words. 


5. Alasya. To remove the obstacle of laziness, unflagging enthusiasm 
(virya) is needed. The attitude of the aspirant is like that of a lover ever 
yearning to meet the beloved but never giving way to despair. Hope 
should be his shield and courage his sword. He should be free from 
hate and sorrow. With faith and enthusiasm he should overcome the 
inertia of the body and the mind. 


6. Avirati. This is the tremendous craving for sensory objects after they 
have been consciously abandoned, which is so hard to restrain. Without 
being attached to the objects of sense, the yogi learns to enjoy them 
with the aid of the senses which are completely under his control. By 
the practice of pratyahara he wins freedom from attachment and emanci- 
pation from desire and becomes content and tranquil. 
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7. Bhranti Darsana. A person afflicted by false knowledge suffers from 
delusion and believes that he alone has seen the true Light. He has a 
powerful intellect but lacks humility and makes a show of wisdom. By 
remaining in the company of great souls and through their guidance he 
sets his foot firmly on the right path and overcomes his weakness. 


8. Alabdha Bhiimikatva. As a mountain climber fails to reach the summit 
for lack of stamina, so also a person who cannot overcome the inability 
to concentrate is unable to seek reality. He might have had glimpses of 
reality but he cannot see clearly. He is like a musician who has heard 
divine music in a dream, but who is unable to recall it in his waking 
moments and cannot repeat the dream. 


9. Anavasthitattva. A person affected with anavasthitattva has by hard 
work come within sight of reality. Happy and proud of his achievements 
he becomes slack in his practice (sadhana). He has purity and great 
power of concentration and has come to the final cross-roads of his 
quest. Even at this last stage continuous endeavour is essential and he 
has to pursue the path with infinite patience and determined persever- 
ance and must never show slackness which hampers progress on the 
path of God realization. He must wait until divine grace descends upon 
him. It has been said in the Kathopanisad: ‘The Self is not to be realized 
by study and instruction, nor by subtlety of intellect, nor by much learn- 
ing, but only by him who longs for Him, by the one whom He chooses. 
Verily to such a one the Self reveals His true being. 


To overcome the obstacles and to win unalloyed happiness, Patanijali 
offered several remedies. The best of these is the fourfold remedy of 
Maitri (friendliness), Karuna (compassion), Mudita (delight) and Upeksa 
(disregard). 


1. Maitri is not merely friendliness, but also a feeling of oneness with 
the object of friendliness (atmiyata). A mother feels intense happiness 
at the success of her children because of atmiyata, a feeling of oneness. 
Patanjali recommends maitri for sukha (happiness or virtue). The yogi 
cultivates maitri and atmiyata for the good and turns enemies into 
friends, bearing malice towards none. 


2. Karuna is not merely showing pity or compassion and shedding tears 
of despair at the misery (duhkha) of others. It is compassion coupled 
with devoted action to relieve the misery of the afflicted. The yogi uses 
all his resources — physical, economic, mental or moral — to alleviate the 
pain and suffering of others. He shares his strength with the weak until 
they become strong. He shares his courage with those that are timid 
until they become brave by his example. He denies the maxim of the 
‘survival of the fittest’, but makes the weak strong enough to survive. 
He becomes a shelter to one and all. 
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3. Mudita is a feeling of delight at the good work (punya) done by 
another, even though he may be a rival. Through mudita, the yogi 
saves himself from much heart-burning by not showing anger, hatred 
or jealousy for another who has reached the desired goal which he 
himself has failed to achieve. 


4, Upeksa: It is not merely a feeling of disdain or contempt for the 
person who has fallen into vice (apunya) or one of indifference or superi- 
ority towards him. It is a searching self-examination to find out how 
one would have behaved when faced with the same temptations. It is 
also an examination to see how far one is responsible for the state into 
which the unfortunate one has fallen and the attempt thereafter to put 
him on the right path. The yogi understands the faults of others by 
seeing and studying them first in himself. This self-study teaches him 
to be charitable to all. 


The deeper significance of the fourfold remedy of maitri, karuna, mudita 
and upeksa cannot be felt by an unquiet mind. My experience has led 
me to conclude that for an ordinary man or woman in any community 
of the world, the way to achieve a quiet mind is to work with determi- 
nation on two of the eight stages of Yoga mentioned by Patafijali, 
namely, asana and pranayama. 

The mind (manas) and the breath (prana) are intimately connected 
and the activity or the cessation of activity of one affects the other. 
Hence Patanjali recommended pranayama (rhythmic breath control) for 
achieving mental equipoise and inner peace. 


Sisya and Guru (A Pupil and a Master) 


The Siva Samhita divides sadhakas (pupils or aspirants) into four classes. 
They are (1) mrdu (feeble), (2) madhyama (average), (3) adhimatra 
(superior) and (4) adhimatratama (the supreme one). The last, the high- 
est, is alone able to cross beyond the ocean of the manifest world. 

The feeble seekers are those who lack enthusiasm, criticize their 
teachers, are rapacious, inclined to bad action, eat much, are in the 
power of women, unstable, cowardly, ill, dependent, speak harshly, 
have weak characters and lack virility. The Guru (Teacher or Master) 
guides such seekers in the path of Mantra Yoga only. With much effort, 
the sadhaka can reach enlightenment in twelve years. (The word mantra 
is derived from the root ‘man’, meaning to think. Mantra thus means a 
sacred thought or prayer to be repeated with full understanding of its 
meaning. It takes a long time, perhaps years, for a mantra to take firm 
root in the mind of a feeble sadhaka and still longer for it to bear fruit.) 

Of even mind, capable of bearing hardship, wishing to perfect the 
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work, speaking gently, moderate in all circumstances, such is the aver- 
age seeker. Recognizing these qualities, the Guru teaches him Laya 
Yoga, which gives liberation. (Laya means devotion, absorption or dis- 
solution.) 

Of stable mind, capable of Laya Yoga, virile, independent, noble, 
merciful, forgiving, truthful, brave, young, respectful, worshipping his 
teacher, intent on the practice of Yoga, such is a superior seeker. He 
can reach enlightenment after six years of practice. The Guru instructs 
this forceful man in Hatha Yoga. 

Of great virility and enthusiasm, good looking, courageous, learned 
in scriptures, studious, sane in mind, not melancholic, keeping young, 
regular in food, with his senses under control, free from fear, clean, 
skilful, generous, helpful to all, firm, intelligent, independent, forgiv- 
ing, of good character, of gentle speech and worshipping his Guru, such 
is a supreme seeker, fit for all forms of Yoga. He can reach enlightenment 
in three years. 

Although the Siva Samhita and the Hatha Yoga Pradipiké mention the 
period of time within which success might be achieved, Patarijali 
nowhere lays down the time required to unite the individual soul with 
the Divine Universal Soul. According to him abhyasa (constant and 
determined practice) and vairagya (freedom from desires) make the 
mind calm and franquil. He defines abhydsa as effort of long duration, 
without interruption, performed with devotion, which creates a firm 
foundation. 

The study of Yoga is not like work for a diploma or a university degree 
by someone desiring favourable results in a stipulated time. 

The obstacles, trials and tribulations in the path of Yoga can be 
removed to a large extent with the help of a Guru. (The syllable gu 
means darkness and ru means light. He alone is a Guru who removes 
darkness and brings enlightenment.) The conception of a Guru is deep 
and significant. He is not an ordinary guide. He is a spiritual teacher 
who teaches a way of life, and not merely how to earn a livelihood. He 
transmits knowledge of the Spirit and one who receives such knowledge 
is a Sisya, a disciple. , 

The relationship between a Guru and a Sisya is a very special one, 
transcending that between parent and child, husband and wife or 
friends. A Guru is free from egotism. He devotedly leads his sisya 
towards the ultimate goal without any attraction for fame or gain. 
He shows the path of God and watches the progress of his disciple, guid- 
ing him along that path. He inspires confidence, devotion, discipline, 
deep understanding and illumination through love. With faith in his 
pupil, the Guru strains hard to see that he absorbs the teaching. He en- 
courages him to ask questions and to know the truth by question and _ 
analysis. 
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A Sisya should possess the necessary qualifications of higher realiz- 
ation and development. He must have confidence, devotion and love 
for his Guru. The perfect examples of the relationship between a Guru 
and a Sisya are those of Yama (the God of Death} and Nachiketa in the 
Kathopanisad and of Sri Krishna and Arjuna in the Bhagavad Gita. 
Nachiketé and Arjuna obtained enlightenment through their one- 
pointed mind, their eagerness and questioning spirit. The sisya should 
hunger for knowledge and have the spirit of humility, perseverance and 
tenacity of purpose. He should not go to the Guru merely out of curi- 
osity. He should possess $raddha (dynamic faith) and should not be 
discouraged if he cannot reach the goal in the time he had expected. It 
requires tremendous patience to calm the restless mind which is 
coloured by innumerable past experiences and sarhskara (the accumu- 
lated residue of past thoughts and actions). 

Merely listening to the words of the Guru does not enable the sisya 
to absorb the teaching. This is borne out by the story of Indra and 
Virochana. Indra, the king of Gods, and Virochana, a demon prince, 
went together to their spiritual preceptor Brahma to obtain knowledge 
of the Supreme Self. Both stayed and listened to the same words of 
their Guru. Indra obtained enlightenment, whereas Virochana did not. 
Indra’s memory was developed by his devotion to the subject taught 
by the love and faith which he had for his teacher. He had a feeling of 
oneness with his Guru. These were the reasons for his success. Viroch- 
ana’s memory was developed only through his intellect. He had no 
devotion either for the subject taught or for his preceptor. He remained 
what he originally was, an intellectual giant. He returned a doubter. 
Indra had intellectual humility, while Virochana had intellectual pride 
and imagined that it was condescending on his part to go to Brahma. The 
approach of Indra was devotional while that of Virochana was practical. 
Virochana was motivated by curiosity and wanted the practical know- 
ledge which he believed would be useful to him later to win power. 

The sisya should above all treasure love, moderation and humility. 
Love begets courage, moderation creates abundance and humility gener- 
ates power. Courage without love is brutish. Abundance without mod- 
eration leads to over-indulgence and decay. Power without humility 
breeds arrogance and tyranny. The true Sisya learns from his Guru about 
a power which will never leave him as he returns to the Primeval One, 
the Source of His Being. 


Sadhana (A Key to Freedom) 


All the important texts on Yoga lay great emphasis on sadhana or abhy- 
a$a (constant practice). Sadhana is not just a theoretical study of Yoga 
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texts. It is a spiritual endeavour. Oil seeds must be pressed to yield oil. 
Wood must be heated to ignite and bring out the hidden fire within. In 
the same way, the sadhaka must by constant practice light the divine 
flame within himself. 


‘The young, the old, the extremely aged, even the sick and the 
infirm obtain perfection in Yoga by constant practice. Success will 
follow him who practises, not him who practises not. Success in 
Yoga is not obtained by the mere theoretical reading of sacred 
texts. Success is not obtained by wearing the dress of a yogi or a 
sanyasi (a recluse), nor by talking about it. Constant practice alone 
is the secret of success. Verily, there is no doubt of this.’ 

Hatha Yoga Pradipika, chapter 1, verses 64-6. 


‘As by learning the alphabet one can, through practice, master all] 
the sciences, so by thoroughly practising first physical training one 
acquires the knowledge of Truth (Tattva Jnana), that is the real 
nature of the human soul as being identical with the Supreme 
Spirit pervading the Universe.’ 

Gheranda Samhita, chapter 1, verse 5. 


It is by the co-ordinated and concentrated efforts of his body, senses, 
mind, reason and Self that a man obtains the prize of inner peace and 
fulfils the quest of his soul to meet his Maker. The supreme adventure 
in a man’s life is his journey back to his Creator. To reach the goal he 
needs well developed and co-ordinated functioning of his body, senses, 
mind, reason and Self. If the effort is not co-ordinated, he fails in his 
adventure. In the third valli (chapter) of the first part of the Kathopanisad, 
Yama (the God of Death) explains this Yoga to the seeker Nachiketa by 
way of the parable of the individual in a chariot. 


‘Know the Atman (Self) as the Lord in a chariot, reason as the 
charioteer and mind as the reins. The senses, they say, are the 
horses, and their objects of desire are the pastures. The Self, when 
united with the senses and the mind, the wise call the Enjoyer 
(Bhoktr). The undiscriminating can never rein in his mind; his 
senses are like the vicious horses of a charioteer. The discriminat- 
ing ever controls his mind; his senses are like disciplined horses. 
The undiscriminating becomes unmindful, ever impure; he does 
not reach the goal, wandering from one body to another. The 
discriminating becomes mindful, ever pure; he reaches the goal 
and is never reborn. The man who has a discriminating charioteer 
to rein in his mind reaches the end of the journey — the Supreme 
Abode of the everlasting Spirit. 

‘The senses are more powerful than the objects of desire. Greater 
than the senses is the mind, higher than the mind is the reason 
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and superior to reason is He - the Spirit in all. Discipline yourself 
by the Self and destroy your deceptive enemy in the shape of 
desire.’ 

Bhagavad Gita, chapter III, verses 42-3. 


To realize this not only constant practice is demanded but also renunci- 
ation. As regards renunciation, the question arises as to what one should 
renounce. The yogi does not renounce the world, for that would mean 
renouncing the Creator. The yogi renounces all that takes him away 
from the Lord. He renounces his own desires, knowing that all 
inspiration and right action come from the Lord. He renounces those 
who oppose the work of the Lord, those who spread demonic ideas and 
who merely talk of moral values but do not practise them. 

The yogi does not renounce action. He cuts the bonds that tie himself 
to his actions by dedicating their fruits either to the Lord or to humanity. 
He believes that it is his privilege to do his duty and that he has no 
right to the fruits of his actions. 

While others are asleep when duty calls and wake up only to claim 
their rights, the yogi is fully awake to his duty, but asleep over his 
rights. Hence it is said that in the night of all beings the disciplined and 
tranquil man wakes to the light. 


Astanga Yoga — The Eight Limbs of Yoga 


The Yoga Sutra of Patanjali is divided into four chapters or pada. The 
first deals with samadhi, the second with the means (sadhana) to achieve 
Yoga, the third enumerates the powers (vibhati) that the yogi comes 
across in his quest, and the fourth deals with absolution (kaivalya). 


Yama 


The eight limbs of Yoga are described in the second chapter. The first 
of these is yama (ethical disciplines) - the great commandments trans- 
cending creed, country, age and time. They are: ahimsa (non-violence), 
satya (truth), asteya (non-stealing), brahmacharya (continence) and apa- 
rigraha (non-coveting). These commandments are the rules of morality 
for society and the individual, which if not obeyed bring chaos, violence, 
untruth, stealing, dissipation and covetousness. The roots of these evils 
are the emotions of greed, desire and attachment, which may be mild, 
medium or excessive. They only bring pain and ignorance. Patanjali 
strikes at the root of these evils by changing the direction of one’s 
thinking along the five principles of yama. 
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1. Ahimsé. The word ahimsa is made up of the particle ‘a’ meaning ‘not’ 
and the noun himsa meaning killing or violence. It is more than a nega- 
tive command not to kill, for it has a wider positive meaning, love. This 
love embraces all creation for we are all children of the same Father - 
the Lord. The yogi believes that to kill or to destroy a thing or being is 
to insult its Creator. Men either kill for food or to protect themselves 
from danger. But merely because a man is a vegetarian, it does not 
necessarily follow that he is non-violent by temperament or that he is 
a yogi, though a vegetarian diet is a necessity for the practice of yoga. 
Bloodthirsty tyrants may be vegetarians, but violence is a state of mind, 
not of diet. It resides in a man’s mind and not in the instrument he 
holds in his hand. One can use a knife to pare fruit or to stab an enemy. 
The fault is not in the instrument, but in the user. 

Men take to violence to protect their own interests — their own bodies, 
their loved ones, their property or dignity. But a man cannot rely upon 
himself alone to protect himself or others. The belief that he can do so 
is wrong. A man must rely upon God, who is the source of all strength. 
Then he will fear no evil. 

Violence arises out of fear, weakness, ignorance or restlessness. To 
curb it what is most needed is freedom from fear. To gain this freedom, 
what is required is a change of outlook on life and reorientation of 
the mind. Violence is bound to decline when men learn to base their 
faith upon reality and investigation rather than upon ignorance and 
supposition. 

The yogi believes that every creature has as much right to live as he 
has. He believes that he is born to help others and he looks upon creation 
with eyes of love. He knows that his life is linked inextricably with that 
of others and he rejoices if he can help them to be happy. He puts the 
happiness of others before his own and becomes a source of joy to all 
who meet him. As parents encourage a baby to walk the first steps, he 
encourages those more unfortunate than himself and makes them fit 
for survival. 

For a wrong done by others, men demand justice; while for that done 
by themselves they plead mercy and forgiveness. The yogi on the other 
hand, believes that for a wrong done by himself, there should be justice, 
while for that done by another there should be forgiveness. He knows 
and teaches others how to live. Always striving to perfect himself, he 
shows them by his love and compassion how to improve themselves. 

The yogi opposes the evil in the wrong-doer, but not the wrong-doer. 
He prescribes penance not punishment for a wrong done. Opposition 
to evil and love for the wrong-doer can live side by side. A drunkard’s 
wife whilst loving him may still oppose his habit. Opposition without 
love leads to violence; loving the wrong-doer without opposing the evil 
in him is folly and leads to misery. The yogi knows that to love a person 
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whilst fighting the evil in him is the right course to follow. The battle 
is won because he fights it with love. A loving mother will sometimes 
beat her child to cure it of a bad habit; in the same way a true follower 
of ahimsa loves his opponent. 

Along with ahimsa go abhaya (freedom from fear) and akrodha (tree- 
dom from anger). Freedom from fear comes only to those who lead a 
pure life. The yogi fears none and none need fear him, because he is 
purified by the study of the Self. Fear grips a man and paralyses him. 
He is afraid of the future, the unknown and the unseen. He is afraid 
that he may lose his means of livelihood, wealth or reputation. But the 
greatest fear is that of death. The yogi knows that he is different from 
his body, which is a temporary house for his spirit. He sees all beings 
in the Self and the Self in all beings and therefore he loses all fear. 
Though the body is subject to sickness, age, decay and death, the spirit 
remains unaffected. To the yogi death is the sauce that adds zest to life. 
He has dedicated his mind, his reason and his whole life to the Lord. 
When he has linked his entire being to the Lord, what shall he then 
fear? 

There are two types of anger (krodha), one of which debases the mind 
while the other leads to spiritual growth. The root of the first is pride, 
which makes one angry when slighted. This prevents the mind from 
seeing things in perspective and makes one’s judgement defective. The 
yogi, on the other hand, is angry with himself when his mind stoops 
low or when all his learning and experience fail to stop him from folly. 
He is stern with himself when he deals with his own faults, but gentle 
with the faults of others. Gentleness of mind is an attribute of a yogi, 
whose heart melts at all suffering. In him gentleness for others and 
firmness for himself go hand in hand, and in his presence all hostilities 
are given up. 


2. Satya. Satya or truth is the highest rule of conduct or morality. Mah- 
atma Gandhi said: ‘Truth is God and God is Truth. As fire burns 
impurities and refines gold, so the fire of truth cleanses the yogi and 
burns up the dross in him. 

If the mind thinks thoughts of truth, if the tongue speaks words of 
truth and if the whole life is based upon truth, then one becomes fit for 
union with the Infinite. Reality in its fundamental nature is love and 
truth and expresses itself through these two aspects. The yogi’s life 
must conform strictly to these two facets of Reality. That is why ahimsa, 
which is essentially based on love, is enjoined. Satya presupposes per- 
fect truthfulness in thought, word and deed. Untruthfulness in any form 
puts the sadhaka out of harmony with the fundamental law of truth. 

Truth is not limited to speech alone. There are four sins of speech: 
abuse and obscenity, dealing in falsehoods, calumny or telling tales and 
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e) Soldering of a flatpackage IC 

For soldering a "Flat-package IC" (gull wing type) one can use, beside the ordinary point soldering, 
(= leg by leg), a special soldering technique: the DRAGGING TECHNIQUE. 

For this technique, one must use a special soldering bit that will, after filling-up, act as a kind of 





"mini-soldering-wave", and with which one can solder a whole row of legs in one ongoing movement 





= os 1. Cleaning of the soldering surface: 

Remove all possible soldering residues (caused by desoldering) anc 
make all the paths nicely even by going over those paths with the 
soldering bit. (without adding solder) 

















2. Positioning of the IC: 
Position the IC on the patterns. 








This has to be very precise. 
A little movement can cause 
serious problems. 


3. Fixing of the IC: 
Fix the IC on the PCB, by "temporarily" soldering 
some legs on both sides. 


4. Add sufficient flux on all sides. 











5. Filling of the bit and start of the soldering: 
Fill the special (concave) soldering bit with solder. 





Now start a slow dragging movement from one leg to another. 


Pay attention that the solder nicely moves up on the 
legs of the IC. 








If the PCB is equipped with a "soldering thief" ( a soldering land 
that is positioned next to the last leg), one has to solder 

in the direction of the soldering thief, so that at the end 

the possible surplus of solder flows on this soldering thief and 
no short circuit is created on the last two legs of the row. 
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lastly ridiculing what others hold to be sacred. The tale bearer is more 
poisonous than a snake. The control of speech leads to the rooting out 
of malice. When the mind bears malice towards none, it is filled with 
charity towards all. He who has learnt to control his tongue has attained 
self-control in a great measure. When such a person speaks he will be 
heard with respect and attention. His words will be remembered, for 
they will be good and true. 
When one who is established in truth prays with a pure heart, then 
things he really needs come to him when they are really needed: he 
does not have to run after them. The man firmly established in truth 
gets the fruit of his actions without apparently doing anything. God, 
the source of all truth, supplies his needs and looks after his welfare. 


3. Asteya. The desire to possess and enjoy what another has, drives a 
person to do evil deeds. From this desire spring the urge to steal and 
the urge to covet. Asteya (a = not, steya = stealing), or non-stealing 
includes not only taking what belongs to another without permission, 
but also using something for a different purpose to that intended, or 
| beyond the time permitted by its owner. It thus includes misappropri- 
ation, breach of trust, mismanagement and misuse. The yogi reduces 
his physical needs to the minimum, believing that if he gathers things 
he does not really need, he is a thief. While other men crave for wealth, 
power, fame or enjoyment, the yogi has one craving and that is to 
adore the Lord. Freedom from craving enables one to ward off great 
temptations. Craving muddies the stream of tranquillity. It makes men 
base and vile and cripples them. He who obeys the commandment Thou 
shalt not steal, becomes a trusted repository of all treasures. 


4. Brahmacharya. According to the dictionary brahmacharya means the 
life of celibacy, religious study and self-restraint. It is thought that the 
loss of semen leads to death and its retention to life. By the preservation 
of semen the yogi’s body develops a sweet smell. So long as it is 
retained, there is no fear of death. Hence the injunction that it should 
be preserved by concentrated effort of the mind. The concept of brahma- 
charya is not one of negation, forced austerity and prohibition, Accord- 
ing to Sankaracharya, a brahmachari (one who observes brahmacharya) 
is a man who is engrossed in the study of the sacred Vedic lore, con- 
stantly moves in Brahman and knows that all exists in Brahman. In 
other words, one who sees divinity in all is a brahmachari. Patafijali, 
however, lays stress on continence of the body, speech and mind. This 
does not mean that the philosophy of Yoga is meant only for celibates, 
Brahmacharya has little to do with whether one is a bachelor or married 
and living the life of a householder. One has to develop the higher 
aspects of Brahmacharya in one’s daily living. It is not necessary for 
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one’s salvation to stay unmarried and without a house. On the contrary, 
all the smrtis (codes of law) recommend marriage. Without experiencing 
human love and happiness, it is not possible to know divine love. 
Almost all the yogis and sages of old in India were married men with 
families of their own. They did not shirk their social or moral responsi- 
bilities. Marriage and parenthood are no bar to the knowledge of divine 
love, happiness and union with the Supreme Soul. 

Dealing with the position of an aspirant who is a householder, the 
Siva Samhitd says: Let him practise free from the company of men in a 
retired place. For the sake of appearances, he should remain in society, 
but not have his heart in it. He should not renounce the duties of his 
profession, caste or rank; but let him perform these as an instrument of 
the Lord, without any thought of the results. He succeeds by following 
wisely the method of Yoga; there is no doubt of it. Remaining in the 
midst of the family, always doing the duties of the householder, he who 
is free from merits and demerits and has restrained his senses, attains 
salvation. The householder practising Yoga is not touched by virtue or 
vice: if to protect mankind he commits any sin, he is not polluted by it. 
(Chapter V, verses 234-8.) 

When one is established in brahmacharya, one develops a fund of 
vitality and energy, a courageous mind and a powerful intellect so that 
one can fight any type of injustice. The brahmachari will use the forces 
he generates wisely: he will utilize the physical ones for doing the work 
of the Lord, the mental for the spread of culture and the intellectual for 
the growth of spiritual life. Brahmacharya is the battery that sparks the 
torch of wisdom. 


5. Aparigraha. Parigraha means hoarding or collecting. To be free from 
hoarding is aparigraha. It is thus but another facet of asteya (non- 
stealing). Just as one should not take things one does not really need, so 
one should not hoard or collect things one does not require immediately. 
Neither should one take anything without working for it or as a favour 
from another, for this indicates poverty of spirit. The yogi feels that the 
collection or hoarding of things implies a lack of faith in God and in 
himself to provide for his future. He keeps faith by keeping before him 
the image of the moon. During the dark half of the month, the moon 
rises late when most men are asleep and so do not appreciate its beauty. 
Its splendour wanes but it does not stray from its path and is indifferent 
to man’s lack of appreciation. It has faith that it will be full again when 
it faces the Sun and then men will eagerly await its glorious rising. 

By the observance of aparigraha, the yogi makes his life as simple as 
possible and trains his mind not to feel the loss or the lack of anything. 
Then everything he really needs will come to him by itself at the proper 
time. The life of an ordinary man is filled with an unending series of 
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disturbances and frustrations and with his reactions to them. Thus there 
is hardly any possibility of keeping the mind in a state of equilibrium. 
The sadhaka has developed the capacity to remain satisfied with what- 
ever happens to him. Thus he obtains the peace which takes him beyond 
the realms of illusion and misery with which our world is saturated. He 
recalls the promise given by Sri Krishna to Arjuna in the ninth chapter of 
the Bhagavad Gita: ‘To those who worship Me alone with single-minded 
devotion, who are in harmony with Me every moment, I bring full 
security. I shall supply all their wants and shall protect them for ever.’ 


Niyama 


Niyama are the rules of conduct that apply to individual discipline, 
while yama are universal in their application. The five niyama listed by 
Patanjali are: saucha (purity), santosa (contentment), tapas {ardour or 
austerity), svadhyaya (study of the Self} and Isvara pranidhana (dedi- 
cation to the Lord). 


1. Saucha. Purity of blood is essential for well-being. While good habits 

like bathing purify the body externally, 4sana and praayama cleanse it 

internally. The practice of 4sanas tones the entire body and removes the 

toxins and impurities caused by over-indulgence. Pranayama cleanses 

| and aerates the lungs, oxygenates the blood and purifies the nerves. 

| But more important than the physical cleansing of the body is the cleans- 

ing of the mind of its disturbing emotions like hatred, passion, anger, 

lust, greed, delusion and pride. Still more important is the cleansing of 

the intellect (buddhi) of impure thoughts. The impurities of the mind 

are washed off in the waters of bhakti (adoration). The impurities of the 

intellect or reason are burned off in the fire of svadhyaya (study of the 

Self). This internal cleansing gives radiance and joy. It brings benevol- 

ence (saumanasya) and banishes mental pain, dejection, sorrow and 

despair (daurmanasya). When one is benevolent, one sees the virtues 

in others and not merely their faults. The respect which one shows for 

another's virtues, makes him self-respecting as well and helps him to 

fight his own sorrows and difficulties. When the mind is: lucid, it is 

easy to make it one-pointed (ekagra). With concentration, one obtains 

mastery over the senses (indriyajaya). Then one is ready to enter the 

temple of his own body and see his real self in the mirror of his mind. 

Besides purity of body, thought and word, pure food is also necessary. 

Apart from cleanliness in the preparation of food it is also necessary to 
observe purity in the means by which one procures it. 

Food, the supporting yet consuming substance of all life, is regarded 

as a phase of Brahman. It should be eaten with the feeling that with 
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each morsel one can gain strength to serve the Lord. Then food becomes 
pure. Whether or not to be a vegetarian is a purely personal matter as 
each person is influenced by the tradition and habits of the country in 
which he was born and bred. But, in course of time, the practitioner of 
yoga has to adopt a vegetarian diet, in order to attain one-pointed atten- 
tion and spiritual evolution. 

Food should be taken to promote health, strength, energy and life. It 
should be simple, nourishing, juicy and soothing. Avoid foods which 
are sour, bitter, pungent, burning, stale, tasteless, heavy and unclean. 

Character is moulded by the type of food we take and by how we eat 
it. Men are the only creatures that eat when not hungry and generally 
live to eat rather than eat to live. If we eat for flavours of the tongue, 
we over-eat and so suffer from digestive disorders which throw our 
systems out of gear. The yogi believes in harmony, so he eats for the 
sake of sustenance only. He does not eat too much or too little. He looks 
upon his body as the rest-house of his spirit and guards himself against 
over-indulgence. 

Besides food, the place is also important for spiritual practices. It is 
difficult to practise in a distant country (away from home), in a forest, 
in a crowded city, or where it is noisy. One should choose a place where 
food is easily procurable, a place which is free from insects, protected 
from the elements and with pleasing surroundings. The banks of a lake 
or river or the sea-shore are ideal. Such quiet ideal places are hard to 
find in modern times; but one can at least make a corner in one’s room 
available for practice and keep it clean, airy, dry and pest-free. 


2. Santosa. Santosa or contentment has to be cultivated. A mind that is 
not content cannot concentrate. The yogi feels the lack of nothing and 
so he is naturally content. Contentment gives bliss unsurpassed to the 
yogi. A contented man is complete for he has known the love of the 
Lord and has done his duty. He is blessed for he has known truth 
and joy. 

‘Contentment and tranquillity are states of mind. Differences arise 
among men because of race, creed, wealth and learning. Differences 
create discord and there arise conscious or unconscious conflicts which 
distract and perplex one. Then the mind cannot become one-pointed 
(ekagra) and is robbed of its peace. There is contentment and tranquillity 
when the flame of the spirit does not waver in the wind of desire. The 
sadhaka does not seek the empty peace of the dead, but the peace of 
one whose reason is firmly established in God. 


3. Tapas. Tapas is derived from the root ‘tap’ meaning to blaze, burn, 
shine, suffer pain or consume by heat. It therefore means a burning 
effort under all circumstances to achieve a definite goal in life. It involves 
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purification, self-discipline and austerity. The whole science of character 
building may be regarded as a practice of tapas. 

Tapas is the conscious effort to achieve ultimate union with the Divine 
and to burn up all desires which stand in the way of this goal. A worthy 
aim makes fife illumined, pure and divine. Without such an aim, action 
and prayer have no value. Life without tapas, is like a heart without 
love. Without tapas, the mind cannot reach up to the Lord. 

Tapas is of three types. It may relate to the body (kayika), to speech 
(vachika) or to mind (manasika). Continence (brahmacharya) and non- 
violence (ahimsa) are tapas of the body, Using words which do not 
offend, reciting the glory of God, speaking the truth without regard for 
the consequences to oneself and not speaking ill of others are tapas of 
speech. Developing a mental attitude whereby one remains tranquil and 
balanced in joy and sorrow and retains self-control are tapas of the 
mind. 

It is tapas when one works without any selfish motive or hope of 
reward and with an unshakable faith that not even a blade of grass can 
move without His will. 

By tapas the yogi develops strength in body, mind and character. 
He gains courage and wisdom, integrity, straightforwardness and 
simplicity. 

4. Svadhydya. Sva means self and adhyaya means study or education. 
Education is the drawing out of the best that is within a person. 
Svadhyaya, therefore, is the education of the self. 

Svadhyaya is different from mere instruction like attending a lecture 
where the lecturer parades his own learning before the ignorance of his 
audience. When people meet for svadhyaya, the speaker and listener 
are of one mind and have mutual love and respect. There is no sermoniz- 
ing and one heart speaks to another. The ennobling thoughts that arise 
from svadhyaya are, so to speak, taken into one’s bloodstream so that 
they become a part of one’s life and being. 

The person practising svadhyaya reads his own book of life, at the 
same time that he writes and revises it. There is a change in his outlock 
on life. He starts to realize that all creation is meant for bhakti (adoration) 
rather than for bhoga (enjoyment), that all creation is divine, that there 
is divinity within himself and that the energy which moves him is the 
same that moves the entire universe. 

According to Sri Vinoba Bhave (the leader of the Bhoodan movement), 
svadhyaya is the study of one subject which is the basis or root of all 
other subjects or actions, upon which the others rest, but which itself 
does not rest upon anything. 

To make life healthy, happy and peaceful, it is essential to study 
regularly divine literature in a pure place. This study of the sacred books 
of the world will enable the sadhaka to concentrate upon and solve the 
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difficult problems of life when they arise. It will put an end to ignorance 
and bring knowledge. Ignorance has no beginning, but it has an end. 
There is a beginning but no end to knowledge. By svadhyaya the sad- 
haka understands the nature of his soul and gains communion with the 
divine. The sacred books of the world are for all to read. They are not 
meant for the members of one particular faith alone. As bees savour the 
nectar in various flowers, so the sadhaka absorbs things in other faiths 
which will enable him to appreciate his own faith better. 

Philology is not a language but the science of languages, the study of 
which will enable the student to learn his own language better. Simi- 
‘larly, Yoga is not a religion by itself. It is the science of religions, the 
study of which will enable a sidhaka the better to appreciate his own 
faith. 


5. ISvara pranidhana, Dedication to the Lord of one’s actions and will is 
Isvara pranidhana. He who has faith in God does not despair. He has 
illumination (tejas). He who knows that all creation belongs to the Lord 
will not be puffed up with pride or drunk with power. He will not stoop 
for selfish purposes; his head will bow only in worship. When the waters 
of bhakti (adoration) are made to flow through the turbines of the mind, 
the result is mental power and spiritual illumination, While mere physi- 
cal strength without bhakti is lethal, mere adoration without strength 
of character is like an opiate. Addiction to pleasures destroys both power 
and glory. From the gratification of the senses as they run after pleasures 
arise moha (attachment) and lobha (greed) for their repetition. If the 
senses are not gratified, then, there is Soka (sorrow). They have to be 
curbed with knowledge and forbearance; but to contro] the mind is more 
difficult. After one has exhausted one’s own resources and still not 
succeeded, one turns to the Lord for help for He is the source of all 
power. It is at this stage that bhakti begins. In bhakti, the mind, the 
intellect and the will are surrendered to the Lord and the sadhaka prays: 
‘1 do not know what is good for me. Thy will be done.’ Others pray to 
have their own desires gratified or accomplished. In bhakti or true love 
there is no place for ‘I’ and ‘mine’. When the feeling of ‘I’ and ‘mine’ 
disappears, the individual soul has reached full growth. 

When the mind has been emptied of desires of personal gratification, 
it should be filled with thoughts of the Lord. In a mind filled with 
thoughts of personal gratification, there is danger of the senses dragging 
the mind after the objects of desire. Attempts to practise bhakti without 
emptying the mind of desires is like building a fire with wet fuel. It 
makes a lot of smoke and brings tears to the eyes of the person who 
builds it and of those around him. A mind with desires does not ignite 
and glow, nor does it generate light and warmth when touched with 
the fire of knowledge. 

The name of the Lord is like the Sun, dispelling all darkness. The 
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moon is full when it faces the sun. The individual soul experiences 
fullness (pirnata) when it faces the Lord. If the shadow of the earth 
comes between the full moon and the sun there is an eclipse. If the 
feeling of ‘I’ and ‘mine’ casts its shadow upon the experience of fullness, 
all efforts of the sadhaka to gain peace are futile. 

Actions mirror a man’s personality better than his words. The yogi 
has learnt the art of dedicating all his actions to the Lord and so they 
reflect the divinity within him. 


Asana 


The third limb of yoga is 4sana or posture. Asana brings steadiness, 
health and lightness of limb. A steady and pleasant posture produces 
mental equilibrium and prevents fickleness of mind. Asanas are not 
merely gymnastic exercises; they are postures. To perform them one 
needs a clean airy place, a blanket and determination, while for other 
systems of physical training one needs large playing fields and costly 
equipment. Asanas can be done alone, as the limbs of the body provide 
the necessary weights and counter-weights. By practising them one 
develops agility, balance, endurance and great vitality. 

Asanas have been evolved over the centuries so as to exercise every 
muscle, nerve and gland in the body. They secure a fine physique, 
which is strong and elastic without being muscle-bound and they keep 
the body free from disease. They reduce fatigue and soothe the nerves. 
But their real importance lies in the way they train and discipline the 
mind. 

Many actors, acrobats, athletes, dancers, musicians and sportsmen 
also possess superb physiques and have great control over the body, 
but they lack control over the mind, the intellect and the Self. Hence 
they are in disharmony with themselves and one rarely comes across a 
balanced personality among them. They often put the body above all 
else. Though the yogi does not underrate his body, he does not think 
merely of its perfection but of his senses, mind, intellect and soul. 

The yogi conquers the body by the practice of A4sanas and makes it a 
fit vehicle for the spirit. He knows that it is a necessary vehicle for the 
spirit. A soul without a body is like a bird deprived of its power to fly. 

The yogi does not fear death, for time must take its toll of all flesh. He 
knows that the body is constantly changing and is affected by childhood, 
youth and old age. Birth and death are natural phenomena but the soul 
is not subject to birth and death. As a man casting off worn-out garments 
takes on new ones, so the dweller within the body casting aside worn- 
out bodies enters into others that are new. 

The yogi believes that his body has been given to him by the Lord 
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not for enjoyment alone, but also for the service of his fellow men during 
every wakeful moment of his life. He does not consider it his property. 
He knows that the Lord who has given him his body will one day take 
it away. 

By performing 4sanas, the sadhaka first gains health, which is not 
mere existence, It is not a commodity which can be purchased with 
money. It is an asset to be gained by sheer hard work. It is a state of 
complete equilibrium of body, mind and spirit. Forgetfulness of physical 
and mental consciousness is health. The yogi frees himself from physical 
disabilities and mental distractions by practising 4sanas. He surrenders 
his actions and their fruits to the Lord in the service of the world. 

The yogi realizes that his life and all its activities are part of the divine 
action in nature, manifesting and operating in the form of man. In the 
beating of his pulse and the rhythm of his respiration, he recognizes 
the flow of the seasons and the throbbing of universal life. His body is 
a temple which houses the Divine Spark. He feels that to neglect or to 
deny the needs of the body and to think of it as something not divine, 
is to neglect and deny the universal life of which it is a part. The needs 
of the body are the needs of the divine spirit which lives through the 
body. The yogi does not look heaven-ward to find God for he knows 
that He is within, being known as the Antaratma (the Inner Self). He 
feels the kingdom of God within and without and finds that heaven lies 
in himself. 

Where does the body end and the mind begin? Where does the mind 
end and the spirit begin? They cannot be divided as they are inter-related 
and but different aspects of the same all-pervading divine con- 
sciousness. 

The yogi never neglects or mortifies the body or the mind, but cher- 
ishes both. To him the body is not an impediment to his spiritual libera- 
tion nor is it the cause of its fall, but is an instrament of attainment. He 
seeks a body strong as a thunderbolt, healthy and free from suffering 
so as to dedicate it in the service of the Lord for which it is intended. 
As pointed out in the Mundakopanisad the Self cannot be attained by one 
without strength, nor through heedlessness, nor without an aim. Just 
as an unbaked earthen pot dissolves in water the body soon decays. So 
bake it hard in the fire of yogic discipline in order to strength and 
purify it. 

The names of the asanas are significant and illustrate the principle of 
evolution. Some are named after vegetation like the tree (vrksa) and the 
lotus (padma); some after insects like the locust (Salabha) and the scor- 
pion (vr$chika); some after aquatic animals and amphibians like the 
fish (matsya), the tortoise (karma), the frog (bheka or mandika) or 
the crocodile (nakra). There are asanas called after birds like the cock 
(kukkuta), the heron (baka), the peacock (maydra) and the swan 
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(harnsa). They are also named after quadrupeds like the dog (Svana), 
the horse (vatayana), the camel (ustra) and the lion (sirnha). Creatures 
that crawl like the serpent (bhujanga) are not forgotten, nor is the human 
embryonic state (garbha-pinda) overlooked. Asanas are named after 
legendary heroes like Virabhadra and Hanuman, son of the Wind. Sages 
like Bharadvaja, Kapila, Vasistha and Vigvamitra are remembered by 
having asanas named after them. Some asanas are aiso called after gods 
of the Hindu pantheon and some recall the Avataras, or incarnations of 
Divine Power. Whilst performing asanas the yogi’s body assumes many 
forms resembling a variety of creatures. His mind is trained not to 
despise any creature, for he knows that throughout the whole gamut 
of creation, from the lowliest insect to the most perfect sage, there 
breathes the same Universal Spirit, which assumes innumerable forms. 
He knows that the highest form is that of the Formless. He finds unity 
in universality. True dsana is that in which the thought of Brahman 
flows effortlessly and incessantly through the mind of the sadhaka. 

Dualities like gain and loss, victory and defeat, fame and shame, body 
and mind, mind and soul vanish through mastery of the asanas, and 
the sadhaka then passes on to pranayama, the fourth stage in the path of 
yoga. In pranayama practices the nostrils, nasal passages and mem- 
branes, the windpipe, the lungs and the diaphragm are the only parts 
of the body which are actively involved. These alone feel the full impact 
of the force of prana, the breath of life. Therefore, do not seek to master 
pranayama in a hurry, as you are playing with life itself. By its improper 
practice respiratory diseases will arise and the nervous system will be 
shattered. By its proper practice one is freed from most diseases. Never 
attempt to practice pranayama alone by yourself. For it is essential to 
have the personal supervision of a Guru who knows the physical limita- 
tions of his pupil. 


Pranayama 

Just as the word yoga is one of wide import, so also is prana. Prana 
means breath, respiration, life, vitality, wind, energy or strength. It also 
connotes the soul as opposed to the body. The word is generally used 
in the plural to indicate vital breaths. Ayama means length, expansion, 
stretching or restraint. Pranayama thus connotes extension of breath and 
its contro]. This control is over all the functions of breathing, namely, 
(1) inhalation or inspiration, which is termed ptraka (filling up); 
(2) exhalation or expiration, which is called rechaka (emptying the 
lungs), and (3) retention or holding the breath, a state where there is 
no inhalation or exhalation, which is termed kumbhaka. In Hatha Yoga 
texts kumbhaka is also used in a loose generic sense to include all the 
three respiratory processes of inhalation, exhalation and retention. 
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A kumbha is a pitcher, water pot, jar or chalice. A water pot may be 
emptied of all air and filled completely with water, or it may be emptied 
of all water and filled completely with air. Similarly, there are two states 
of kumbhaka namely (1) when breathing is suspended after full 
inhalation (the lungs being completely filled with life-giving air), and 
(2) when breathing is suspended after full exhalation (the lungs being 
emptied of all noxious air). The first of these states, where breath is 
heid after a full inhalation, but before exhaiation begins, is known as 
antara kumbhaka. The second, where breath is held after a full exha- 
lation, but before inhalation begins is known as bahya kumbhaka. 
Antara means inner or interior, while bahya means outer or exterior. 
Thus, kumbhaka is the interval or intermediate time between full inha- 
lation and exhalation (antara kumbhaka) or between full exhalation and 
inhalation (bahya kumbhaka). In both these types breathing is sus- 
pended and restrained. 

Pranayama is thus the science of breath. It is the hub round which 
the wheel of life revolves. ‘As lions, elephants and tigers are tamed very 
slowly and cautiously, so should prana be brought under control very 
slowly in gradation measured according to one’s capacity and physical 
limitations. Otherwise it will kill the practitioner,’ warns the Hatha Yoga 
Pradipika (chapter Il, verse 16). 

The yogi's life is not measured by the number of his days but by the 
number of his breaths. Therefore, he follows the proper rhythmic pat- 
terns of slow deep breathing. These rhythmic patterns strengthen the 
respiratory system, soothe the nervous system and reduce craving. As 
desires and cravings diminish, the mind is set free and becomes a fit 
vehicle for concentration. By improper practice of pranayama the pupil 
introduces several disorders into his system like hiccough, wind, 
asthma, cough, catarrh, pains in the head, eyes and ears and nervous 
irritation. It takes a long time to learn slow, deep, steady and proper 
inhalations and exhalations. Master this before attempting kumbhaka. 

As a fire blazes brightly when the covering of ash over it is scattered 
by the wind, the divine fire within the body shines in all its majesty 
when the ashes of desire are scattered by the practice of pranayama. 

‘The emptying the mind of the whole of its illusion is the true rechaka 
(exhalation). The realization that “I am Atma (spirit)” is the true piraka 
(inhalation). And the steady sustenance of the mind on this conviction 
is the true kumbhaka (retention). This is true pranayama,’ says Sankara- 
charya. 

Every living creature unconsciously breathes the prayer ‘So’ham’ 
(Sah = He: Aham = Aham = I-He, the Immortal Spirit, am I) with 
each inward breath. So also with each outgoing breath each creature 
prays ‘Hamsah’ (I am He). This ajapa-mantra (unconscious repetitive 
prayer) goes on for ever within each living creature throughout life. The 
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yogi fully realizes the significance of this ajapa-mantra and so is released 
from all the fetters that bind his soul. He offers up the very breath of 
his being to the Lord as sacrifice and receives the breath of life from the 
Lord as his blessing. 

Prana in the body of the individual (jivatma) is part of the cosmic 
breath of the Universal Spirit (Paramatma). An attempt is made to 
harmonize the individual breath (pindaprana) with the cosmic breath 
(Brahmanda-prana) through the practice of pranayama. 

It has been said by Kariba Ekken, a seventeenth-century mystic: ‘If 
you would foster a calm spirit, first regulate your breathing; for when 
that is under control, the. heart will be at peace; but when breathing 
is spasmodic, then it will be troubled. Therefore, before attempting 
anything, first regulate your breathing on which your temper will be 
softened, your spirit calmed.’ 

The chitta (mind, reason and ego) is like a chariot yoked to a team of 
powerful horses. One of them is prana (breath), the other is vasana 
(desire). The chariot moves in the direction of the more powerful animal. 
If breath prevails, the desires are controlled, the senses are held in check 
and the mind is stilled. If desire prevails, breath is in disarray and the 
mind is agitated and troubled. Therefore, the yogi masters the science 
of breath and by the regulation and control of breath, he controls the 
mind and stills its constant movement. In the practice of pranayama 
the eyes are kept shut to prevent the mind from wandering. ‘When 

i the prana and the manas (mind) have been absorbed, an undefinable 
joy ensues.” (Hatha Yoga Pradipika, chapter IV, verse 30.) 

Emotional excitement affects the rate of breathing; equally, deliberate 
| regulation of breathing checks emotional excitement. As the very object 
of Yoga is to control and still the mind, the yogi first learns pranayama 
to master the breath. This will enable him to control the senses and so 
reach the stage of pratyahara. Only then will the mind be ready for 
concentration (dhyana). 

The mind is said to be twofold - pure and impure. It is pure when it 
is completely free from desires and impure when it is in union with 
desires. By making the mind motionless and freeing it from sloth and 
distractions, one reaches the state of mindlessness (amanaska), which 
is the supreme state of samadhi. This state of mindlessness is not lunacy 
or idiocy but the conscious state of the mind when it is free from 
thoughts and desires. There is a vital difference between an idiot or a 
lunatic on the one hand, and a yogi striving to achieve a state of mind- 
lessness on the other. The former is careless; the latter attempts to be 
carefree. It is the oneness of the breath and mind and so also of the 
senses and the abandonment of all conditions of existence and thought 
that is designated Yoga. 
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Prana Vayu. One of the most subtle forms of energy is air. This vital 
energy which also pervades the human body is classified in five main 
categories in the Hatha Yoga texts according to the various functions 
performed by the energy. These are termed vayu (wind) and the five 
main divisions are: prana (here the generic term is used to designate 
the particular), which moves in the region of the heart and controls 
respiration; apana, which moves in the sphere of the lower abdomen 
and controls the function of eliminating urine and faeces; samana, which 
stokes the gastric fires to aid digestion; udana, which dwells in the 
thoracic cavity and controls the intake of air and food; and vyana, which 
pervades the entire body and distributes the energy derived from food 
and breath. There are also five subsidiary vayas. These are: naga, which 
relieves abdominal pressure by belching; karma, which controls the 
movements of the eyelids to prevent foreign matter or too bright a light 
entering the eyes; krkara, which prevents substances passing up the 
nasal passages and down the throat by making one sneeze or cough; 
devadatta, which provides for the intake of extra oxygen in a tired body 
by causing a yawn, and lastly dhanarhjaya, which remains in the body 
even after death and sometimes bloats up a corpse. 


Pratydhara 


If a man’s reason succumbs to the pull of his senses he is lost. On the 
other hand, if there is rhythmic control of breath, the senses instead of 
running after external objects of desire turn inwards, and man is set 
free from their tyranny. This is the fifth stage of Yoga, namely, pratyah- 
ara, where the senses are brought under control. 

When this stage is reached, the sadhaka goes through a searching 
self-examination. To overcome the deadly but attractive spell of sensual 
objects, he needs the insulation of adoration (bhakti) by recalling to his 
mind the Creator who made the objects of his desire. He also needs the 
lamp of knowledge of his divine heritage. The mind, in truth, is for 
mankind the cause of bondage and liberation; it brings bondage if it is 
bound to the objects of desire and liberation when it is free from objects. 
There is bondage when the mind craves, grieves or is unhappy over 
something. The mind becomes pure when all desires and fears are 
annihilated. Both the good and the pleasant present themselves to men 
and prompt them to action. The yogi prefers the good to the pleasant. 
Others driven by their desires, prefer the pleasant to the good and miss 
the very purpose of life. The yogi feels joy in what he is. He knows 
how to stop and, therefore, lives in peace. At first he prefers that which 
is bitter as poison, but he perseveres in his practice knowing well that 
in the end it will become as sweet as nectar. Others hankering for the 
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union of their senses with the objects of their desires, prefer that which 
at first seems sweet as nectar, but do not know that in the end it will 
be as bitter as poison. 

The yogi knows that the path towards satisfaction of the senses by 
sensual desires is broad, but that it leads to destruction and that there 
are many who follow it. The path of Yoga is like the sharp edge of a 
razor, narrow and difficult to tread, and there are few who find it. The 
yogi knows that the paths of ruin or of salvation lie within himself. 

According to Hindu philosophy, consciousness manifests in three 
different qualities. For man, his life and his consciousness, together 
with the entire cosmos are the emanations of one and the same prakrti 
{cosmic matter or substance) - emanations that differ in designation 
through the predominance of one of the gunas. The gunas (qualities or 
attributes) are: 


1. Sattva (the iluminating, pure or good quality), which leads to clarity 
and mental serenity. 

2. Rajas (the quality of mobility or activity), which makes a person 
active and energetic, tense and wilful, and 

3. Tamas (the dark and restraining quality), which obstructs and 
counteracts the tendency of rajas to work and of sattva to reveal. 


Tamas is a quality of delusion, obscurity, inertia and ignorance. A 
person in whom it predominates is inert and plunged in a state of torpor. 
The quality of sattva leads towards the divine and tamas towards the 
| demonic, while in between these two stands rajas. 
The faith held, the food consumed, the sacrifices performed, the aus- 
terities undergone and the gifts given by each individual vary in accord- 
ance with his predominating guna. 

He that is born with tendencies towards the divine is fearless and 
pure. He is generous and self-controlled. He pursues the study of the 
Self. He is non-violent, truthful and free from anger. He renounces the 
fruits of his labour, working only for the sake of work. He has a tranquil 
mind, with malice towards none and charity towards all, for he is free 
from craving. He is gentle, modest and steady. He is illumined, clement 
and resolute, being free from perfidy and pride. 

A man in whom rajé-guna predominates has inner thirst. As he is 
passionate and covetous, he hurts others. Being full of lust and hatred, 
envy and deceit, his desires are insatiable. He is unsteady, fickle and 
easily distracted as well as ambitious and acquisitive. He seeks the 
patronage of friends and has family pride. He shrinks from unpleasant 
things and clings to pleasant ones. His speech is sour and his stomach 
greedy. 

He that is born with demonic tendencies is deceitful, insolent and 
conceited. He is full of wrath, cruelty and ignorance. In such people 





What is Yoga? 2 


there is neither purity, nor right conduct, nor truth. They gratify their 
passions. Bewildered by numerous desires, caught in the web of 
delusion, these addicts of sensual pleasures fall into hell. 

The working of the mind of persons with different predominating 
gunas may be illustrated by their different ways. of approach towards a 
universal commandment like ‘Thou shalt not covet.’ A man in whom 
tamd-guna predominates might interpret it thus: ‘others should not 
covet what is mine, no matter how I obtained it. If they do, I shall 
destroy them.’ The raj6-guna type is a calculating self-interested person 
who would construe the commandment as meaning: ‘I will not covet 
others’ goods lest they covet mine.’ He will follow the letter of the law 
as a matter of policy, but not the true spirit of the law as a maiter of 
principle. A person of sattvika temperament will follow both the 
letter and the spirit of the precept as a matter of principle and not of 
policy, as a matter of eternal value. He will be righteous for the sake of 
righteousness alone, and not because there is a human law imposing 
punishment to keep him honest. 

The yogi who is also human is affected by these three gunas. By his 
constant and disciplined study (abhyasa) of himself and of the objects 
which his senses tend to pursue, he learns which thoughts, words and 
actions are prompted by tamas and which by rajas. With unceasing effort 
he weeds out and eradicates such thoughts and he works to achieve a 
sattvika frame of mind. When the sattva-guna alone remains, the human 
soul has advanced a long way towards the ultimate goal. 

Like unto the pull of gravity is the pull of the gunas. As intensive 
research and rigorous discipline are needed to experience the wonder 
of weightlessness in space, so also a searching self-examination and 
the discipline furnished by Yoga is needed by a sadhaka to experience 
union with the Creator of space when he is freed from the pull of the 
gunas. 

Once the sadhaka has experienced the fullness of creation or of 
the Creator, his thirst (trsna) for objects of sense vanishes and he looks 
at them ever after with dispassion (vairagya). He experiences no dis- 
quiet in heat or cold, in pain or pleasure, in honour or dishonour and in 
virtue or vice. He treats the two imposters - triumph and disaster - 
with equanimity. He has emancipated himself from these pairs of op- 
posites. He has passed beyond the pull of the gunas and has become a 
gunatita (one who has transcended the gunas). He is then free from 
birth and death, from pain and sorrow and becomes immortal. He 
has no self-identity as he lives experiencing the fullness of the Univer- 
sal Soul. Such a man, scorning nothing, leads all things to the path of 
perfection. 
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Dharana 


When the body has been tempered by asanas, when the mind has been 
refined by the fire of pranayama and when the senses have been brought 
under control by pratyahara, the sadhaka reaches the sixth stage called 
dharana. Here he is concentrated wholly on a single point or on a task 
in which he is completely engrossed. The mind has to be stilled in order 
to achieve this state of complete absorption. 

The mind is an instrument which classifies, judges and co-ordinates 
the impressions from the outside world and those that arise within 
oneself, 

Mind is the product of thoughts which are difficult to restrain for.they 
are subtle and fickle. A thought which is well guarded by a controlled 
mind brings happiness. To get the best out of an instrument, one must 
know how it works. The mind is the instrument for thinking and it is 
therefore necessary to consider how it functions. Mental states are classi- 
fied in five groups. The first of these is the ksipta state, where the mental 
forces are scattered, being in disarray and in a state of neglect. Here the 
mind hankers after objects, the rag6-guna being dominant. The second 
is the viksipta state, where the mind is agitated and distracted. Here 
there is a capacity to enjoy the fruits of one’s efforts, but the desires are 
not marshalled and controlled. Then in the midha state the mind is 
foolish, dull and stupid. It is confounded and at a loss to know what it 
wants and here the tamé-guna predominates. The fourth state of the 
mind is the ekagra (eka = one; agra = foremost) state, where the mind 
is closely attentive and the mental faculties are concentrated on a single 
object or focussed on one point only, with the sattva-guna prevailing. 
The ekagra person has superior intellectual powers and knows exactly 
what he wants, so he uses all his powers to achieve his purpose. At 
times the ruthless pursuit of the desired object, irrespective of the cost 
to others, can create great misery, and it often happens that even if the 
desired object is achieved it leaves behind a bitter taste. 

Arjuna, the mighty bowman of the epic Mahabharata, provides us 
with an example of what is meant by dharana. Once Drona, the pre- 
ceptor of the royal princes, organized an archery contest to test their 
proficiency. They were called upon one by one to describe the target, 
which was pointed out to them. Jt was a nesting bird. Some princes 
described the grove of trees, others the particular tree or the bough on 
which the nest stood. When Arjuna’s turn came, he described first the 
bird. Then he saw only its head, and lastly he could see nothing but 
the shining eye of the bird, which was the centre of the target chosen 
by Drona. 

There is danger, however, of an ekagra person becoming supremely 
egotistical. Where the senses start roaming unchecked, the mind follows 
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suit. They cloud a man’s judgement and set him adrift like a battered 
ship on a storm-tossed sea. A ship needs ballast to keep her on an even 
keel and the helmsman needs a star to steer her by. The ekagra person 
needs bhakti (adoration of the Lord) and concentration on divinity to 
keep his mental equilibrium so that he goes on always in the right 
direction. He will not know happiness until the sense of ‘T’ and ‘mine’ 
disappears. 

The last mental state is that of niruddha, where the mind (manas), 
intellect (buddhi) and ego (aharnkara) are all restrained and all these 
faculties are offered to the Lord for His use and in His service. Here 
there is no feeling of ‘I’ and ‘mine’. As a lens becomes more luminous 
when great light is thrown upon it and seems to be all light and undis- 
tinguishable from it, so also the sadhaka who has given up his mind, 
intellect and ego to the Lord, becomes one with Him, for the sadhaka 
thinks of nothing but Him, who is the creator of thought. 

Without ekagrata or concentration one can master nothing. Without 
concentration on Divinity, which shapes and controls the universe, one 
cannot unlock the divinity within oneself or become a universal man. 
To achieve this concentration, what is recommended is eka-tattva- 
abhyasa or study of the single element that pervades all, the inmost 
Self of all beings, who converts His one form into many. The sadhaka, 
therefore, concentrates upon auM, which is His symbol, to achieve 
ekagrata. 


Aum: According to Sri Vinoba Bhave, the Latin word Omne and the 
Sanskrit word Aum are both derived from the same root meaning all 
and both words convey the concepts of omniscience, omnipresence and 
omnipotence. Another word for Aum is pranava, which is derived from 
the root nu meaning to praise, to which is added the prefix pra denoting 
superiority. The word, therefore, means the best praise or the best 
prayer. 

The symbol aum is composed of three syllables, namely the letters a, 
u, M, and when written has a crescent and dot on its top. A few instances 
of the various interpretations given to it may be mentioned here to 
convey its meaning. 

The letter A symbolizes the conscious or waking state (jagrata- 
avastha), the letter u the dream state (svapna-avastha) and the letter m 
the dreamless sleep state (sugupta-avastha) of the mind and spirit. The 
entire symbol, together with the crescent and the dot, stands for the 
fourth state (turiya-avastha), which combines all these states and trans- 
cends them. This is the state of samadhi. 

The letters a, u and M symbolize respectively speech (vak), the mind 
(manas) and the breath of life (prana), while the entire symbol stands 
for the living spirit, which is but a portion of the divine spirit. 
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The three letters also represent the dimensions of length, breadth and 
depth, while the entire symbol represents Divinity, which is beyond the 
limitations of shape and form. 

The three letters a, u and M symbolize the absence of desire, fear and 
anger, while the whole symbol stands for the perfect man (a sthita- 
prajna), one whose wisdom is firmly established in the divine. 

They represent the three genders, masculine, feminine and neuter, 
while the entire symbol represents all creation together with the Creator. 

They stand for the three gunas or qualities of sattva, rajas and tamas, 
while the whole symbol represents a gunatita, one who has transcended 
and gone beyond the pull of the gunas. 

The letters correspond to the three tenses — past, present and future 
- while the entire symbol stands for the Creator, who transcends the 
limitations of time. 

They also stand for the teaching imparted by the mother, the father 
and the Guru respectively. The entire symbol represents Brahma Vidya, 
the knowledge of the Self, the teaching which is imperishable. 

The a, u and m depict the three stages of yogic discipline, namely, 
asana, pranayama and pratyahara. The entire symbol represents sam- 
adhi, the goal for which the three stages are the steps. 

They represent the triad of Divinity, namely, Brahma — the creator, 
Visnu ~ the Maintainer, and Siva — the Destroyer of the universe. The 
whole symbol is said to represent Brahman from which the universate 
emanates, has its growth and fruition and into which it merges in the 
end. It does not grow or change. Many change and pass, but Brahman 
is the One that ever remains unchanged. 

The letters a, u and also stand for the mantra ‘Tat Twam Asi’ (‘That 
Thou Art’), the realization of man’s divinity within himself. The entire 
symbol stands for this realization, which liberates the human spirit from 
the confines of his body, mind, intellect and ego. 

After realizing the importance of auM, the yogi focusses his attention 
on his beloved Deity adding aum to the name of the Lord. The word 
AUM being too vast and too abstract, he unifies his senses, will, intellect, 
mind and reason by focussing on the name of the Lord and adding the 
word aum with one pointed devotion and so experiences the feeling 
and meaning of the mantra. 

The yogi recalls the verses of the Mundakopanisad: ‘Taking as a bow 
the great weapon of the Upanisad, one should put upon it an arrow 
sharpened by meditation. Stretching it with a thought directed to the 
essence of That, penetrate the Imperishable as the mark, my friend. The 
mystic syllable aum is the bow. The arrow is the Self (Atma). Brahman 
is the target. By the undistracted man is It penetrated. One should come 
to be in It, as the arrow in the mark.’ 
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Dhyana 


As water takes the shape of its container, the mind when it contemplates 
an object is transformed into the shape of that object. The mind which 
thinks of the all-pervading divinity which it worships, is ultimately 
through long-continued devotion transformed into the likeness of that 
divinity. 

When oil is poured from one vessel to another, one can observe the 
steady constant flow. When the flow of concentration is uninterrupted, 
the state that arises is dhyana (meditation). As the filament in an electric 
bulb glows and illumines when there is a regular uninterrupted current 
of electricity, the yogi’s mind will be illumined by dhyana. His body, 
breath, senses, mind, reason and ego are all integrated in the object 
of his contemplation - the Universal Spirit. He remains in a state of 
consciousness which has no qualification whatsoever. There is no other 
feeling except a state of SUPREME BLIss. Like a streak of lightning the 
yogi sees LicuT that shines beyond the earth and the heavens. He sees 
the light that shines in his own heart. He becomes a light unto himself 
and others. 

The signs of progress on the path of Yoga are health, a sense of 
physical lightness, steadiness, clearness of countenance and a beautiful 
voice, sweetness of odour of the body and freedom from craving. He 
has a balanced, serene and a tranquil mind. He is the very symbol of 
humility. He dedicates all his actions to the Lord and taking refuge in 
Him, frees himself from the bondage of karma (action) and becomes a 
Jivana Mukta (a Liberated Soul). 

‘What becomes of him who strives and fails to reach the end of Yoga, 
who has faith, but whose mind wanders away from Yoga?’ To this query 
of Arjuna, the Lord Sri Krishna replied: 


‘No evil can befall a righteous man. He dwells long years in the 
heaven of those who did good, and then he is reborn in the house 
of the pure and the great. He may even be born in a family of 
illumined yogis; but to be born in such a family is most difficult 
in this world. He will regain the wisdom attained in his former 
life and strives ever for perfection. Because of his former study, 
practice and struggle which drive him ever onwards, the 
yogi ever strives with a soul cleansed of sin, attains perfection 
through many lives and reaches the supreme goal. The yogi 
goes beyond those who only follow the path of austerity, know- 
ledge or service. Therefore, Arjuna, be thou a yogi. The greatest 
of all yogis is he who adores Me with faith and whose heart 
abides in Me.’ 

Bhagavad Gitd, chapter VI, verses 38 to 47. 
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Samadhi 


Samadhi is the end of the sidhaka’s quest. At the peak of his meditation, 
he passes into the state of samadhi, where his body and senses are at 
rest as if he is asleep, his faculties of mind and reason are alert as if he 
is awake, yet he has gone beyond consciousness. The person in a state 
of samadhi is fully conscious and alert. 

All creation is Brahman. The sadhaka is tranquil and worships it as 
that from which he came forth, as that in which he breathes, as that 
into which he will be dissolved. The soul within the heart is smaller 
than the smallest seed, yet greater than the sky, containing all works, 
all desires. Into this the sidhaka enters. Then there remains no sense 
of ‘T’ or ‘mine’ as the working of the body, the mind and the intellect 
have stopped as if one is in deep sleep. The sadhaka has attained true 
Yoga; there is only the experience of consciousness, truth and unutter- 
able joy. There is a peace that passeth all understanding. The mind 
cannot find words to describe the state and the tongue fails to utter 
them. Comparing the experience of samadhi with other experiences, 
the sages say: ‘Neti! Neti!’ ~ ‘It is not this! It is not this!’ The state can 
only be expressed by profound silence. The yogi has departed from the 
material worid and is merged in the Eternal. There is then no duality 
| between the knower and the known for they are merged like camphor 

and the flame. 
| There wells up from within the heart of the yogi the Song of the Soul, 
sung by Sankaracharya in his Atma Satkam. 
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Yogasanas 


HINTS AND CAUTIONS 


THE REQUISITES 

1. Without firm foundations a house cannot stand. Without the practice 
of the principles of yama and niyama, which lay down firm founda- 
tions for building character, there cannot be an integrated personality. 
Practice of asanas without the backing of yama and niyama is mere 
acrobatics. 


2. The qualities demanded from an aspirant are discipline, faith, ten- 
acity, and perseverance to practice regularly without interruptions. 


CLEANLINESS AND FOOD 

3. Before starting to practise asanas, the bladder should be emptied and 
the bowels evacuated. Topsy-turvy poses help bowel movements. If the 
student is constipated or it is not possible to evacuate the bowels before 
the practice of Asanas, start with Sirsasana and Sarvangasana and their 
variations. Attempt other asanas only after evacuation. Never practice 
advanced Asanas without having first evacuated the bowels. 


BATH 

4. Asanas come easier after taking a bath. After doing them, the body 
feels sticky due to perspiration and it is desirable to bathe some fifteen 
minutes later. Taking a bath or a shower both before and after practising 
asanas refreshes the body and mind. 


FOOD 

5. Asanas should preferably be done on an empty stomach. If this is 
difficult, a cup of tea or coffee, cocoa or milk may be taken before doing 
them. They may be practised without discomfort one hour after a very 
light meal. Allow at least four hours to elapse after a heavy meal before 
starting the practice. Food may be taken half an hour after completing 
the asanas. 


TIME 
6. The best time to practise is either early in the morning or late in the 
evening. In the morning asanas do not come easily as the body is stiff. 


fA 


De)soldering with warm air and soldering paste: 


In some cases it is impossible to solder or desolder certain components 
with a classical soldering iron or a normal desoldering station. 


This is often the case for SMT components, with contact legs 

(partly) underneath the component. SMT component 

In such a case one has to use a (de)soldering appliance that uses with contact surfaces 
warm air or infra-red heat. beneath the component 


1. Fluxing of the component: 





To have a good temperature conductance during warming up, 
the soldering surfaces need to be moistened with flux. 

If these surfaces are parly underneath the component, flux can 
be put on the borders of the component. 








2. Warming-up of the soldered surfaces: 





Use a "pointing nozzle" and point it at the component you want to 
remove. Keep a distance of 1 cm between the nozzle and 

the surface you want to warm up. Choose the temperature of the 
warm air e.g. +/- 340°C. (dependant on the temperature profile of 
the compents.) 

Pay attention : if the contact surfaces are partly under the 


component, it is necessary to warm up the body of the component. 








Often the component is not useable afterwards. 


3. Removal of the component 





When the solder (paste) has melted, the component can be removed 
with a pair of tweezers. 


4. Cleaning of the soldering surfaces: 





Remove all redundant soldering paste with a classical 
desoldering station. 





5. Adding soldering paste: 
Add with a measured squirt the necessary soldering paste 





on the soldering lands. 
Pay attention: soldering paste needs to be stored in strict 


circumstances. (see the instructions of the supplier) 





6. Checking the quantity of soldering paste: 
Check the quantity of the added soldering paste. 
Only the contact surfaces should be covered with soldering paste. 





Too much soldering paste can cause a short circuit during 
"re-flowing". 
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The mind, however, is still fresh but its alertness and determination 
diminish as time goes by. The stiffness of the body is conquered by 
regular practice and one is able to do the asanas as well. In the even- 
ing, the body moves more freely than in the mornings, and the asanas 
come better and with greater ease. Practice in the morning makes one 
work better in one’s vocation. In the evening it removes the fatigue 
of the day’s strain and makes one fresh and calm. Do all the dsanas 
in the morning and stimulative asanas (like Sirsdsana, Sarvangasana 
and their variations and Paschimottanasana) should be practised in 
the evening. 


SUN 
7. Do not practise asanas after being out in the hot sun for several 
hours. 


PLACE 
8, They should be done in a clean airy place, free from insects and 
noise. 


9. Do not do them on the bare floor or on an uneven place, but on a 
folded blanket laid on a level floor. 


CAUTION 
10. No undue strain should be felt in the facial muscles, ears and eyes 
or in breathing during the practice. 


CLOSING OF THE EYES 

11. In the beginning, keep the eyes open. Then you will know what 
you are doing and where you go wrong. If you shut your eyes you will 
not be able to watch the requisite movements of the body or even the 
direction in which you are doing the pose. You can keep your eyes 
closed only when you are perfect in a particular asana for only then 
will you be able to adjust the bodily movements and feel the correct 
stretches. 


MIRROR 

12. If you are doing the asanas in front of a mirror, keep it perpendicular 
to the floor and let it come down to ground level, for otherwise the 
poses will look slanting due to the angle of the mirror. You will not be 
able to observe the movements of placing the head and shoulders in 
the topsy-turvy poses unless the mirror reaches down to the floor. Use 
a mirror without a frame. 





THE BRAIN 

13. During the practice of asanas, it is the body alone which should be 
active while the brain should remain passive, watchful and alert. If they 
are done with the brain, then you will not be able to see your own 
mistakes. 


| BREATHING 
14. In all the asanas, breathing should be done through the nostrils 
only and not through the mouth. 


15. Do not restrain the breath while in the process of the asana or while 
staying in it. Follow the instructions regarding breathing given in the 
technique sections of the various asanas as described hereafter. 


SAVASANA 
16. After completing the practice of asanas always lie down in Savasana 
for at least 10 to 15 minutes, as this will remove fatigue. 


ASANAS AND PRANAYAMA 

17. Read carefully the hints and cautions for the practice of pranayama 
before attempting it (see Part III). Pranayama may be done either very 
early in the morning before the asanas or in the evening after completing 
them. If early in the morning, pranayama may be done first for 15 to 
30 minutes: then a few minutes of Savasana, and after allowing some 
time to elapse during which one may be engaged in normal activities, 
practise Asanas. If, however, these are done in the evening, allow at 
least half an hour to elapse before sitting for pranayama. 


SPECIAL PROVISIONS FOR PERSONS SUFFERING FROM 
DIZZINESS OR BLOOD PRESSURE 

18. Do not start with Sirs&sana and Sarvangasana if you suffer from 
dizziness or high blood pressure. First practise Paschimottanadsana 
Uttandsana, and Adho Mukha Svandsana before attempting topsy-turvy 
poses like Sirsdsana and Sarvangasana and after doing these poses 
repeat Paschimottanasana, Adho Mukha Svanasana and Uttanasana in 
that order. 


19. All forward bending poses are beneficial for persons suffering from 
either high or low blood pressure. 


SPECIAL WARNING FOR PERSONS AFFECTED FROM PUS IN 
THE EARS OR DISPLACED RETINA 

20. Those suffering from pus in the ears or displacement of the retina 
should not attempt topsy-turvy poses. 
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SPECIAL PROVISIONS FOR WOMEN 

21. Menstruation: Avoid asanas during the menstrual period. But if the 
flow is in excess of normal, Upavistha Konasana, Baddha Konasana, 
Virasana, Janu Sirsasana, Paschimottanasana and Uttanasana will be 
beneficial. On no account stand on your head nor perform sarvanga- 
sana, during the menstrual period. 


22. Pregnancy: All the asanas can be practised during the first three 
months of pregnancy. All the standing poses and the forward bending 
asanas may be done with mild movements, for at this time the spine 
should be made strong and elastic and no pressure be felt on the abdo- 
men. Baddha Konasana and Upavistha Konasana may be practised 
throughout pregnancy at any time of the day (even after meals, but 
not forward bending immediately after meals) as these two asanas will 
strengthen the pelvic muscles and the small of the back and also reduce 
labour pains considerably. Pranayama without retention (kumbhaka) 
may be practised throughout pregnancy, as regular deep breathing will 
help considerably during labour. 


23. After delivery: No asanas should be done during the first month after 
delivery. Thereafter they may be practised mildly. Gradually increase 
the course as mentioned in the Appendix. Three months after delivery 
all 4sanas may be practised with comfort. 


EFFECTS OF ASANAS 

24. Faulty practice causes discomfort and uneasiness within a few days. 
This is sufficient to show that one is going wrong. If you cannot find 
the fault yourself, it is better to approach a person who has practised 
well and get his guidance. 


25. The right method of doing asanas brings lightness and an exhilarat- 
ing feeling in the body as well as in the mind and a feeling of oneness 
of body, mind and soul. 


26. Continuous practice will change the outlook of the practiser. He 
will discipline himself in food, sex, cleanliness and character and will 
become a new man. 


27. When one has mastered an asana, it comes with effortless ease and 
causes no discomfort. The bodily movements become graceful. While 
performing asanas, the student’s body assumes numerous forms of life 
found in creation — from the lowliest insect to the most perfect sage — 
and he learns that in all these there breathes the same Universal Spirit 
— the Spirit of God. He looks within himself while practising and feels 
the presence of God in different dsanas which he does with a sense of 
surrender unto the feet of the LORD. 





TECHNIQUE AND EFFECTS OF ASANAS 
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(After the name of each asana, there is a number with an asterisk. These numbers before an 
asterisk indicate the intensity of the asana; the lower the number, the easier the asana, the higher 
the number, the more difficult the asana.) 


1| Tadasana 
(also called Samasthiti) 
ONE* 


Tada means a mountain. Sama 
means upright, straight, unmoved. 
Sthiti is standing still, steadiness. 
Tadasana therefore implies a pose 
where one stands firm and erect as a 
mountain. This is the basic standing 


pose. 


TECHNIQUE 


1. Stand erect with the feet 
together, the heels and big toes 
touching each other. Rest the 
heads of metatarsals on the floor 
and stretch all the toes flat on the 
floor. 


2. Tighten the knees and pull the 
knee-caps up, contract the hips 
and pull up the muscles at the 
back of the thighs. 


3. Keep the stomach in, chest 
forward, spine stretched up and 
the neck straight. 


4. Do not bear the weight of the 
body either on the heels or the 
toes, but distribute it evenly on 
them both. 


5. Ideally in Tadasana the arms 
are stretched out over the head, 
but for the sake of convenience, 
One can place them by the side of 
the thighs. In this case, keep the 


arms parallel with the body. The 
fingers together and pointing 
downwards. Each of the 
standing poses described below 
can then be followed easily, 
starting with the pupil standing 
in Tadasana with palms by the 
side of the thighs. 


EFFECTS 


People do not pay attention to the 
correct method of standing. Some 
stand with the body weight 
thrown only on one leg, or with 
one leg turned completely 
sideways. Others bear all the 
weight on the heels, or on the 
inner or outer edges of the feet. 
This can be noticed by watching 
where the soles and heels of the 
shoes wear out. Owing to our 
faulty method of standing and not 
distributing the body weight 
evenly on the feet, we acquire 
specific deformities which 
hamper spinal elasticity. Even if 
the feet are kept apart, it is better 
to keep the heel and toe in a line 
parallel to the median plane and 
not at an angle. By this method, 
the hips are contracted, the 
abdomen is pulled in and the 
chest is brought forward. One 
feels light in body and the mind 
acquires agility. If we stand with 
the body weight thrown only on 
the heels, we feel the centre of 
gravity changing; the hips become 
loose, the abdomen protrudes, 





the body hangs back and the 
spine feels the strain and 
consequently we soon feel 
fatigued and the mind becomes 
dull. It is therefore essential to 
master the art of standing 
correctly. 
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2| Utthita Trikondsana 
THREE* 


Utthita means extended, stretched. 
Trikona (tri = three; kona = angle) 
is a triangle. This standing dsana is 
the extended triangle pose. 


TECHNIQUE 


1. Stand in Tadasana. (Plate 1) 


2. Inhale deeply and with a jump 
spread apart the legs sideways 
3 to 3% feet. Raise the arms 
sideways, in line with the 
shoulders, palms facing down. 
Keep the arms parallel to the 
floor. (Plate 2) 


3. Turn the right foot sideways 
90 degrees to the right. Turn the 
left foot slightly to the right, 
keeping the left leg stretched from 
the inside and tightened at the 
knee. 


4. Exhale, bend the trunk 
sideways to the right, bringing 
the right palm near the right 
angle. If possible, the right palm 
should rest completely on the 
floor. (Plates 3 and 4) 


5. Stretch the left arm up (as in 
the illustration), bringing it in line 
with the right shoulder and 
extend the trunk. The back of the 
legs, the back of the chest and the 
hips should be in line. Gaze at 
the thumb of the outstretched left 


hand. Keep the right knee locked 
tight by pulling up the knee-cap 
and keep the right knee facing the 
toes. 


6. Remain in this position from 
half a minute to a minute, 
breathing deeply and evenly. 
Then lift the right palm from the 
floor. Inhale and return to 
position 2 above. 


7. Now, turn the left foot 
sideways 90 degrees to the left, 
turn the right foot slightly to the 
left, keep both knees tight and 
continue from position 2 to 6, 
reversing all processes. Inhale and 
come to position 2. Hold the 
posture for the same length of 
time on the left side. 


8. Exhale, and jump, coming 
back to Tadasana. (Plate 1) 


EFFECTS 


This asana tones up the leg 
muscles, removes stiffness in the 
legs and hips, corrects any minor 
deformity in the legs and allows 
them to develop evenly. It 
relieves backaches and neck 
sprains, strengthens the ankles 
and develops the chest. 





3| Utthita 


Parsvakondasana 
FOUR* 


Parsva means side or flank. Kona is 
an angle. This is the extended lateral 
angle pose. 


TECHNIQUE 


1. Stand in Tadasana. (Plate 1) 
Take a deep inhalation and with 
a jump spread the legs apart 
sideways 4 to 41% feet. Raise the 
arms sideways, in line with the 
shoulders, palms facing down. 


(Plate 2) 


2. While exhaling slowly, turn 
the right foot sideways 90 degrees 
to the right, and the left foot 
slightly to the right, keeping the 
left leg stretched out and 
tightened at the knee. Bend the 
right leg at the knee until the 
thigh and the calf form a right 
angle and the right thigh is 
parallel to the floor. 


3. Place the right palm on the 
floor by the side of the right foot, 
the right armpit covering and 
touching the outer side of the 
tight knee. Stretch the left arm 
out over the left ear. Keep the 
head up. (Plates 5 and 6) 


4. Tighten the loins and stretch 
the hamstrings. The chest, the 
hips and the legs should be in a 
line and in order to achieve this, 
move the chest up and back. 
Stretch every part of the body, 
concentrating on the back portion 
of the whole body, specially the 
Spine. Stretch the spine until all 
the vertebrae and ribs move and 


——" 





there is a feeling that even the 
skin is being stretched and pulled. 


5. Remain in this pose from half 
a minute to a minute, breathing 
deeply and evenly. Inhale and lift 
the right palm from the floor. 


6. Inhale, straighten the right leg 
and raise the arms as in position 1. 


7. Continue with exhalation as in 
positions 2 to 5, reversing all 
processes, on the left side. 
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8. Exhale and jump back to 
Tadasana. (Plate 1) 


EFFECTS 


This asana tones up the ankles, 
knees and thighs. It corrects 
defects in the calves and thighs, 
develops the chest and reduces 
fat round the waist and hips and 
relieves sciatic and arthritic pains. 
It also increases peristaltic activity 
and aids elimination. 
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4| Virabhadrasana I 
THREE* 


Daksa once celebrated a great 
sacrifice, but he did not invite his 
daughter Sati nor her husband Siva, 
the chief of the gods. Sati, however, 
went to the sacrifice, but being 
greatly humiliated and insulted threw 
herself into the fire and perished. 
When Siva heard this he was gravely 
provoked, tore a hair from his matted 
locks and threw it to the ground. A 
powerful hero named Virabhadra rose 
up and awaited his orders. He was 
told to lead Siva’s army against 
Daksa and destroy his sacrifice. 
Virabhadra and his army appeared in 
the midst of Daksa’s assembly like a 
hurricane and destroyed the sacrifice, 
routed the other gods and priests and 
beheaded Daksa. Siva in grief for Sati 
withdrew to Kailas and plunged into 
meditation. Sati was born again as 
Uma in the house of Himalaya. She 
strove once more for the love of Siva 
and ultimately won his heart. The 
story is told by Kalidasa in his great 
poem Kumara sambhava (The Birth 
of the War-Lord). This a@sana is 
dedicated to the powerful hero created 
by Siva from his matted hair. 


TECHNIQUE 


1. Stand in Tadasana. (Plate 1) 


2. Raise both arms above the 
head; stretch up and join the 
palms. (Plate 7) 


3. Take a deep inhalation and 
with a jump spread the legs 
apart sideways 4 to 41 feet. 


4. Exhale, turn to the right. 
Simultaneously turn the right 





foot 90 degrees to the right and 
the left foot slightly to the right. 
(Plate 8) Flex the right knee till 
the right thigh is parallel to the 
floor and the right shin 
perpendicular to the floor, 
forming a right angle between the 
right thigh and the right calf. The 
bent knee should not extend 
beyond the ankle, but should be 
in line with the heel. 


5. Stretch out the left leg and 
tighten at the knee. 
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6. The face, chest and right knee 
should face the same way as the 
right foot, as illustrated. Throw 
the head up, stretch the spine 
from the coccyx and gaze at the 
joined palms. (Plate 9) 


7. Hold the pose from 20 seconds 
to half a minute with normal 
breathing. 


8. Repeat on the left side as in 
positions 4 to 6, reversing all 
processes. 
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9. Exhale and jump back to 
Tadasana. (Plate 1) 


All standing poses are strenuous, 
this pose in particular. It should 
not be tried by persons with a 
weak heart. Even people who are 
fairly strong should not stay long 
in this 4sana. 


EFFECTS 


In this pose the chest is fully 
expanded and this helps deep 
breathing. It relieves stiffness in 
shoulders and back, tones up the 
ankles and knees and cures 
stiffness of the neck. It also 
reduces fat round the hips. 


5| Virabhadrasana II 


ONE* 


TECHNIQUE 


1. Stand in Tadasana. (Plate. 1) 


2. Take a deep inhalation, and 
with a jump spread the legs apart 
sideways 4 to 41 feet. Raise the 
arms sideways in line with the 
shoulders, palms facing down. 


(Plate 2) 


3, Turn the right foot sideways 
90 degrees to the right and the 
left foot slightly to the right, 
keeping the left leg stretched out 
and tightened at the knee. Stretch 
the hamstring muscles of the left 


4. Exhale and bend the right 
knee till the right thigh is parallel 
to the floor, keeping the right 
shin perpendicular to the floor, 


_ 


thus forming a right angle 
between the right thigh and the 
right calf. The bent knee should 
not extend beyond the ankle, but 
should be in line with the heel. 
(Plate 10) 


5. Stretch out the hands 
sideways, as though two persons 
are pulling you from opposite 
ends. 


6. Turn the face to the right and 
gaze at the right palm. Stretch the 
back muscles of the left leg fully. 
The back of the legs, the dorsal 
region and the hips should be in 
one line. 


7. Stay in the pose from 20 
seconds to half a minute with 
deep breathing. Inhale and 
return to position 2. 


8. Turn the left foot sideways 90 
degrees to the left and the right 
foot slightly to the left, flex the 
left knee and continue from 
positions 3 to 6 on the left side, 
reversing all processes. 
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9. Inhale, again’ come back to 
position 2. Exhale and jump back 
to Tadasana. (Plate 1) 


EFFECTS 


Through this pose the leg 
muscles become shapely and 
stronger. It relieves cramp in the 
calf and thigh muscles, brings 
elasticity to the leg and back 
muscles and also tones the 
abdominal organs. 

Mastery of the standing poses 
prepares the pupil for the 
advanced poses in forward 
bending, which can then be 
acquired with ease. 
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6| Parsvottandsana 
SIx* 


Parsva means side or flank. Uttana 
(ut = intense, and tan = to extend, 
stretch, lengthen) means an intense 
stretch. The name implies a pose in 
which the side of the chest is stretched 
intensely. 


TECHNIQUE 


1. Stand in Tadasana. (Plate 1) 
Inhale deeply and stretch the 
body forward. 


2. Join the palms behind the back 
and draw the shoulders and 
elbows back, 


3. Exhale, turn the wrists and 
bring both palms up above the 
middle of the back of the chest, 
the fingers at the level of the 
shoulder-blades. You are doing 
‘namaste’ (the Indian gesture of 
respect by folding the hands) 
with your hands behind your 
back. (Plate 11) 


4. Inhale and with a jump spread 
the legs apart sideways 3 to 342 
feet. Stay in this position and 
exhale. , 


5. Inhale and turn the trunk to 
the right. Turn the right foot 90 
degrees sideways to the right 
keeping the toes and heel in a 
line with the trunk; turn the left 
foot with the leg 75 to 80 degrees 
to the right and keep the left foot 
stretched out and the leg 
tightened at the knee. Throw the 
head back. (Plate 12) 


6. Exhale, bend the trunk 
forward and rest the head on the 
right knee. Stretch the back and 
gradually extend the neck until 
the nose, then the lips and lastly 
the chin touch and then rest 
beyond the right knee. (Plate 13) 
Tighten both the legs by pulling 
the knee-caps up. 


7. Stay in the pose from 20 
seconds to half a minute with 
normal breathing. Then slowly 
move the head and trunk 
towards the left knee by swinging 
the trunk round the hips. At the 
same time turn the left foot 90 
degrees towards the left and the 
right foot 75 to 80 degrees to the 
left. Now raise the trunk and head 
as far back as you can, without 
bending the right leg. This 
movement should be done with 
one inhalation. 


8. Exhale, bend the trunk 
forward, rest the head on the left 
knee and gradually extend the 
chin beyond the left knee by 
stretching the neck as in 

position 6. 


9. After holding the pose from 20 
seconds to half a minute with 
normal breathing, inhale, move 
the head to the centre and the feet 
to their original position so that 
the toes point forward. Then raise 
the trunk up. 


10. Exhale and jump back to 
Tadasana (Plate 1), releasing the 
hands from the back. 


11. If you cannot fold the hands 
together behind the back, just grip 
the right wrist and follow the 
above technique. (Plate 14) 








EFFECTS 


This asana relieves stiffness in the 
legs and hip muscles and makes 
the hip joints and spine elastic. 
While the head is resting on the 
knees, the abdominal organs are 
contracted and toned. The wrists 
move freely and any stiffness 
there disappears. The posture 
also corrects round and drooping 
shoulders. In the correct pose, the 
shoulders are drawn well back 
and this makes deep breathing 
easier. 
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7. Positioning of the component 





Position the new component carefully with the contact surfaces 
in the soldering paste with a pair of tweezers. 
Position the component by the guide lines on the PCB. 


8. Reflowing of the component: 
Use a "pointing nozzle" and point it on the component you want to 





remove. Keep a distance of 1 cm between the nozzle and 

the surface you want to warm up. Choose the temperature of the 
warm air e.g. +/- 340°C. (dependant on the temperature profile of 
the component.) Warm up until one sees that the soldering paste 
is active or flowing. The result should be a good soldered joint. 
Pay attention: For most of the warm air soldering appliances one 





can choose the air pressure. The speed should be minimum, 





otherwise there is a possibility of blowing the component away. 


9. Checking of the soldering: 
If possible, check the soldered joints. 





Good soldering shines and has flowed evenly. 





10. Checking of the electrical connection 


If possible check the electrical connection with a meter. 


Example of a "warm air soldering appliance": PACE. 
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7| Prasarita 


Padottandsana 
FOUR* 


Prasarita means expanded, spread, 
extended. Pada means a foot. The 
pose is one where the expanded legs 
are stretched intensely. 


TECHNIQUE 


1. Stand in Tadasana. (Plate 1) 


2. Inhale, place the hands on the 
waist and spread the legs apart 
4% to 5 feet. (Plate 15) 


3. Tighten the legs by drawing 
up the knee-caps. Exhale, ‘and 
place the palms on the floor in 
line with the shoulders between 
the feet. (Plate 16) 


4. Inhale and raise the head up, 
keeping the back concave. 








all 
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5. Exhale, bend the elbows and 
rest the crown of the head on the 
floor, keeping the weight of the 
body on the legs. (Plates 17 and 
18) Do not throw the body weight 
on the head. Both feet, both palms 
and the head should be in a 
straight line. 


6. Stay in the pose for half a 
minute, breathing deeply and 
evenly. 


7. Inhale, raise the head from the 
floor and straighten the arms at 
the elbows. Keep the head well 
up by making the back concave as 
in position 4. (Plate 16) 


8. Exhale and stand as in 
Position 2. (Plate 15) 


: 
9. Jump back to Tadasana. 
(Plate 1) 


BFFECTS 


In this pose the hamstring and 
abductor muscles are fully 
developed, while blood is made 
to flow to the trunk and the head. 
People who cannot do Sirsasana 
(Plate 90) can benefit from this 
‘pose, which increases digestive 
‘powers. 

_ All the standing poses 
‘described above are necessary 
‘for beginnings. As the pupil 
“advances he attains better 
flexibility and then the standing 
poses can be dispensed with, 
‘though it is advisable to do them 
once a week. All these standing 
poses help to reduce the body 
weight. 

« 
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8| Ustrasana 
THREE* 


Ustra means a camel. 


TECHNIQUE 


1. Kneel on the floor, keeping 
the thighs and feet together, toes 
pointing back and resting on the 
floor. 


2. Rest the palms on the hips. 
Stretch the thighs, curve the spine 
back and extend the ribs. 

(Plate 19) 


3. Exhale, place the right palm 
over the right heel and the left 
palm over the left heel. If 
possible, place the palms on the 
soles of the feet. 


4. Press the feet with the palms, 
throw the head back and push the 
spine towards the thighs, which 
should be kept perpendicular to 
the floor. 


5. Contract the buttocks and 
stretch the dorsal and the coccyx 
regions of the spine still further, 
keeping the neck stretched back. 
(Plate 20) 


6. Remain in this position for 
about half a minute with normal 
breathing. 


7. Release the hands one by one 
and rest them on the hips. (Plate 
19) Then sit on the floor and 
relax. 


EFFECTS 


People with drooping shoulders 
and hunched backs will benefit by 
this asana. 

The whole spine is stretched 
back and is toned. This pose can 
be tried conveniently by the 
elderly and even by persons with 


spinal injury. 








9| Padangusthasana 


THREE* 


Pada means the foot. Angustha is the 
big toe. This posture is done by 
standing and catching the big toes. 


TECHNIQUE 


1. Stand in Tadasana. (Plate 1) 
Spread the legs a foot apart. 


2. Exhale, bend forward and 
hold the big toes between the 
thumbs and the first two fingers, 
so that the palms face each other, 
Hold them tight. (Plate 21) 


3. Keep the head up, stretch the 
diaphragm towards the chest and 
make the back as concave as 
possible. Instead of stretching 
down from the shoulders, bend 
forward from the pelvic region 
to get the concave shape of the 
back from the coccyx. 


4. Keep the legs stiff and do not 
slacken the grip at the knees and 
toes. Stretch the shoulder-blades 
also. Take one or two breaths in 
this position. 
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10| Padahastasana 
S1x* 


Pada means the foot. Hasta means the 
hand. This posture is done by bending 
forward and standing on one's hands. 


TECHNIQUE 


1. Stand in Tadasana. (Plate 1) 
Spread the legs a foot apart. 


2. Exhale, bend forward and 
without bending the legs at the 
knees insert the hands under the 
feet so that the palms touch the 
soles. (Plate 23) 


3. Keep the head up and make 
the back as concave as possible. 
Do not slacken the grip at the 
knees and take a few breaths in 
this position. 


4. Now exhale, and move the 
head in between the knees by 
bending the elbows and pulling 
the feet up from the palms. (Plate 
24) Stay in the pose for about 20 
seconds with normal breathing. 





5. Now exhale, and bring the 
head in between the knees by 
tightening and pulling the toes 
without lifting them off the floor. 
(Plate 22) Remain in this pose for 
about 20 seconds, maintaining 
normal breathing. 


5. Inhale, raise the head and 
come back to position 2 (Plate 
23), with the head well up. Take 
two breaths. 


6. Inhale, come to position 2 
(Plate 21), release the toes and 
stand up. Return to Tadasana. 
(Plate 1) 


6. Inhale, stand up and return to 
Tadasana. (Plate 1) 
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EFFECTS OF 
PADANGUSTHASANA AND 
PADAHASTASANA 


The second asana is more 
strenuous than the first, but the 
effects of both are the same. The 
abdominal organs are toned and 
digestive juices increase, while 
the liver and spleen are activated. 
Persons suffering from a bloating 
sensation in the abdomen or 
from gastric troubles will benefit 
from practising these two 
asanas. 

Slipped spinal discs can only be 
adjusted in the concave back 
position as in Plates 21 and 23. 
Do not bring the head in between 
the knees if you have a displaced 
disc. I have experimented with 
persons suffering from slipped 
discs and the concave back 
position proved a boon to them. 
It is imperative to get guidance 
from a guru (master) before 
trying this pose, because it may 
not be possible to achieve the 
concave back position 
immediately. One has to master 
other minor poses before 
attempting this one. 


11| Uttandsana 
EIGHT* 


Ut is a particle indicating 
deliberation, intensity. The verb tan 
means to stretch, extend, lengthen 
out. In this dsana, the spine is given 
a deliberate and an intense stretch. 


TECHNIQUE 


1. Stand in Tadasana (Plate 1), 
keeping the knees tight. 


2. Exhale, bend forward and 
place the fingers on the floor. 
Then place the palms on the floor 
by the side of the feet, behind 
the heels. Do not bend the legs 
at the knees. 


3. Try to hold the head up and 
stretch the spine. Move the hips a 
little forward towards the head so 
as to bring the legs perpendicular 
to the floor. 


4. Remain in this position and 
take two deep breaths. 


5. Exhale, move the trunk closer 
to the legs and rest the head on 
the knees. (Plate 25) 


6. Do not slacken the grip at the 
knees, but pull the knee-caps well 
up. Hold this position for a 
minute with deep and even 
breathing. 


7. Inhale and raise the head from 
the knees, but without lifting the 
palms from the floor as in 
position 3. 


8. After two breaths, take a deep 
inhalation, lift the hands from the 
floor and come back to Tadasana. 
(Plate 1) 





EFFECTS 


This asana cures stomach pains 
and tones the liver, the spleen 
and the kidneys. It also relieves 
stomach pain during menstrual 
periods. The heart beats are 
slowed down and the spinal 
nerves rejuvenated. Any 
depression felt in the mind is 
removed if one holds the pose for 
two minutes or more. The 
posture is a boon to people who 
get excited quickly, as it soothes 
the brain cells. After finishing the 
asana, one feels calm and cool, the 
eyes start to glow and the mind 
feels at peace. 

Persons who feel heaviness in 
the head, flushing or any 
discomfort while attempting 
Sirsasana (Plate 90), should do 
Uttanasana first; then they will be 
able to do Sirsasana (the head 
stand) with comfort and ease. 








12| Salabhasana 


ONE* 


Salabha means a locust. The pose 
resembles that of a locust resting on 
the ground, hence the name. 


TECHNIQUE 


1. Lie full length on the floor on 
the stomach, face downwards. 
Stretch the arms back. 


2. Exhale, lift the head, chest and 
legs off the floor simultaneously 
as high as possible. The hands 
should not be placed and the ribs 
should not rest on the floor. Only 
the abdominal front portion of the 
body rests on the floor and bears 
the weight of the body. (Plate 26) 


3. Contract the buttocks and 
stretch the thigh muscles. Keep 
both legs fully extended and 
straight, touching at the thighs, 
knees and ankles. 


4. Do not bear the weight of the 
body on the hands but stretch 
them back to exercise the upper 
portion of the back muscles. 


5. Stay in the position as long as 
you can with normal breathing. 


6. In the beginning it is difficult 
to lift the chest and the legs off the 
floor, but this becomes easier as 
the abdominal muscles grow 
Stronger. 





27 


EFFECTS 


The pose aids digestion and 
relieves gastric troubles and 
flatulence. Since the spine is 
stretched back it becomes elastic 
and the pose relieves pain in the 
sacral and lumbar regions. In my 
experience, persons suffering 
from slipped discs have 
benefited by regular practice of 
this Asana without recourse to 
enforced rest or surgical 
treatment. The bladder and the 
prostate gland also benefit from 
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the exercise and remain healthy. 
A variation of the pose may 
also be tried to relieve aches in the 
lower part of the back. Here, the 
legs are bent at the knees and the 
thighs are kept apart while the 
shins are kept perpendicular to 
the floor. Then with an 
exhalation, the thighs are lifted 
off the floor and brought closer 
together until the knees touch, the 
shins still being kept 
perpendicular. (Plate 27) 
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13| Dhanurasana 
FOUR* 


Dhanu means a bow. The hands here 
are used like a bowstring to pull the 
head, trunk and legs up and the 
posture resembles a bent bow. 


TECHNIQUE 


1. Lie full length on the floor on 
the stomach, face downwards. 


2. Exhale and bend the knees. 
Stretch the arms back and hold 
the left ankle with the left hand 
and the right ankle with the right 
hand. Take two breaths. 


3. Now exhale completely and 
pull the legs up by raising the 
knees above the floor, and 
simultaneously lift the chest off 
the floor. The arms and hands act 
like a bow-string to tauten the 
body like a bent bow. (Plate 28) 


4. Lift up the head and pull it as 
far back as possible. Do not rest 
either the ribs or the pelvic bones 
on the floor. Only the abdomen 
bears the weight of the body on 
the floor. 


5. While raising the legs do not 
join them at the knees, for then 
the legs will not be lifted high 
enough. After the full stretch 
upwards has been achieved, join 
together the thighs, the knees 
and the ankles. 


6. Since the abdomen is 
extended, the breathing will be 
fast, but do not worry about it. 
Stay in the pose to your capacity 
from 20 seconds to one minute. 


7. Then, with an exhalation, 
release the ankles, stretch the legs 
straight, bring the head and the 
legs back to the floor and relax. 





EFFECTS 


In this posture the spine is 
stretched back. Elderly people do 
not normally do this, so their 
spines get rigid. This asana brings 
back elasticity to the spine and 
tones the abdominal organs. In 
my experience, persons suffering 
from slipped discs have obtained 
relief by the regular practice of 
Dhanurasana and Salabhasana 
(Plate 26) without being forced to 
rest or to undergo surgical 
treatment. 


14| Chaturanga 


Dandasana 
ONE* 


Chatur means four. Anga means a 
limb or a part thereof. Danda means 
a staff. Lie flat on the floor, face down 
and take the weight of the body on 
the palms and toes, exhale and keep 
the body parallel to the floor, stiff as 
a staff. The four limbs supporting the 
body are the hands and feet. The pose 
is similar to dips in western 


gymnastics. 


TECHNIQUE 


1. Lie flat on the floor, face 
downwards. 


2. Bend the elbows and place the 
palms by the side of the chest. 
Keep the feet about a foot apart. 








3. With an exhalation, raise the 
whole body a few inches above 
the floor, balancing it on the 
hands and the toes. (Plate 29) 
Keep the body stiff as a staff, 
parallel to the floor from head to 
heel and the knees taut. Stay for 
some time with normal 
breathing. 


4. Then gradually extend the 
whole body forward so that the 
feet rest on the upper portion of 
the toes on the floor. (Plate 30) 


5. Stay in the pose for about 30 
seconds with normal or deep 
breathing. The movement may be 
Tepeated several times. Then relax 
on the floor. 


EFFECTS 


The pose strengthens the arms 
and the wrists develop mobility 
and power. It also contracts and 
tones the abdominal organs. 


ne 





15| Bhujangasana I 
ONE* 


Bhujanga means a serpent. In this 
posture, lie flat on the floor, face 
downwards, lift the body up from the 
trunk and throw the head back like a 
serpent about to strike. 


TECHNIQUE 


1. Lie on the floor face 
downwards. Extend the legs, 
keeping the feet together. Keep 
the knees tight and the toes 
pointing. 
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2. Rest the palms by the side of 
the pelvic region. 


3. Inhale, press the palms firmly 
on the floor and lift the body up 
from the trunk until the pubis is 
in contact with the floor and stay 
in this position with the weight 

on the legs and palms. (Plate 31) 


4. Contract the anus and the 
buttocks, tighten the thighs. 


5. Maintain the pose for about 
20 seconds, breathing normally. 


6. Exhale, bend the elbows and 
rest the trunk on the floor. Repeat 
the pose two or three times and 
then relax. 


EFFECTS 


The posture is a panacea for an 
injured spine and in cases of 
slight displacement of spinal 
discs the practice of this pose 
replaces the discs in their original 
position. The spinal region is 
toned and the chest fully 
expanded. 
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16| Urdhva Mukha 


Svandasana 
ONE* 


Urdhva Mukha means having the 
mouth upwards. Svdna means a 
dog. The pose resembles a dog 
stretching itself with the head up in 
the air, hence the name. 


TECHNIQUE 


1. Lie on the floor on the 
stomach, face downwards. 


2. Keep the feet about one foot 
apart. The toes should point 
straight back. Place the palms on 
the floor by the side of the. waist, 
the fingers pointing to the head. 


3. Inhale, raise the head and 
trunk, stretch the arms 
completely and push the head 
and trunk as far back as possible, 
without resting the knees on the 
floor. 









4. Keep the legs straight and 
tightened at the knees, but do 
not rest the knees on the floor. 
The weight of the body rests on 
the palms and toes only. 

(Plate 32) 


5. The spine, thighs and calves 
should be fully stretched, and 
the buttocks contracted tight. 
Push the chest forward, stretch 
the neck fully and throw the head 
as far back as possible. Stretch 
also the back portions of the 
arms. 


6. Stay in the pose from half a 
minute to a minute with deep 
breathing. 


7. Bend the elbows, release the 
stretch and rest on the floor. 


EFFECTS 


The pose rejuvenates the spine 
and is specially recommended for 
people suffering from a stiff back. 
The movement is-good for 
persons with lumbago, sciatica 
and those suffering from slipped 
or prolapsed discs of the spine. 
The pose strengthens the spine 
and cures backaches. Due to 
chest expansion, the lungs gain 
elasticity. The blood circulates 
properly in the pelvic region and 
keeps it healthy. 


17| Adho Mukha 


Svandsana 
FIVE* 


Adho Mukha means having the face 
downwards. Svana means a dog. 
The pose resembles a dog stretching 
itself with head and forelegs down 
and the hind legs up, hence the name. 


TECHNIQUE 


1. Lie full length on the floor on 
the stomach, face downwards. 
The feet should be kept one foot 
apart. 


2. Rest the palms by the side of 
the chest, the fingers straight and 
pointing in the direction of the 
head. 


3. Exhale and raise the trunk 
from the floor. Straighten the 
arms, move the head inwards 
towards the feet and place the 
crown of the head on the floor, 
keeping the elbows straight and 
extending the back. (Side view: 
Plate 33. Back view: Plate 34) 


4. Keep the legs stiff and do not 
bend the knees but press the heels 
down. The heels and soles of the 
feet should rest completely on the 
floor, while the feet should be 
parallel to each other, the toes 
pointing straight ahead. 


5. Stay in the pose for about a 
minute with deep breathing. 
Then with an exhalation lift the 
head off the floor, stretch the 
trunk forward and lower the 
body gently to the floor and 
relax. 














EFFECTS 


When one is exhausted, a longer 
stay in this pose removes fatigue 
and brings back the lost energy. 
The pose is especially good for 
runners who get tired after a hard 
race. Sprinters will develop speed 
and lightness in the legs. The 
relieves pain and stiffness in 
the heels and helps to soften 
calcaneal spurs. It strengthens 
the ankles and makes the legs 
shapely. The practice of this 
a helps to eradicate stiffness 
in the region of the 
shoulder-blades, and arthritis of 
the shoulder joints is relieved. 
The abdominal muscles are 
drawn towards the spine and 
engthened. As the diaphragm 
is lifted to the chest cavity the rate 
of the heart beat is slowed down. 
This is an exhilarating pose. 
5 Those who are afraid to do 
sana (Plate 90) can 
conveniently practise this 
Be oition. As the trunk is lowered 
_ in this Asana it is fully stretched 
od healthy blood is brought to 
region without any strain on 
' “the heart. It rejuvenates the 
- cells and invigorates the 
by relieving fatigue. 
Persons suffering from high 
pressure can do this pose. 
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18| Danddsana 
TWwo* 


Danda means a staff or rod. 


TECHNIQUE 


Sit on the floor with the legs 
stretched in front. Place the palms 
on the floor by the hips, the 
fingers pointing to the feet. 
Stretch the hands straight and 
keep the back erect. (Plate 35) 





8) Lead free soldering 


Introduction. 

Normally all solderings (mechanical - and hand soldering) were executed with soldering material that 
contained lead. (40 % lead / 60 % tin) 

But lead is toxic and therefore damaging for humans and for nature. 

Hence European directives were made in which companies will be obliged to use soldering techniques 
without lead after July 2006. 


Soldering without lead is relatively new in the world of electronics. 


Lead-free solder: 
If no lead is present in the soldering wire, this has to be replaced. The soldering wire needs to contain 
another metal, like SILVER & COPPER. ( 96,5 % tin / 3% silver / 0,5 % copper ) 





This new composition has the advantage that it is no longer toxic and that the soldering connections are 
stronger. (lead is relatively weak). But this new composition also has some negative consequences: 


1) The cost is higher (silver and copper alloys are more expensive than lead) 
2) The joints look different (more granular instead of shining) 
3) The melting temperature is higher 


One of the main points of interest is the higher melting temperature. One would think that as a 
consequence of the higher melting temperature of the solder, also the soldering temperature needs 
to be raised. This however is not always allowed! Some components are only able to handle a certain 


maximum temperature for a certain time. 


In practice: 


- You can use your original soldering station if you can reach the correct temperature at the soldertip 


- The soldering bit has to be a bit larger than a soldering bit for soldering with lead. 


Pay attention: 


Solder with lead and solder without lead can never be mixed. 


9) Temperature specifications of the soldering bit 


Solder with lead 


Process____-[BitType_—~—S~*diSolder Min [enter [Max | 


IF / BTCC 
OBL Display___[ TCC 

BTL / BTR 
Flexible POB___[ STF 
1121-0490 


Removal bridge ETB / ETCC UOS-005 [320°C 340°C 360°C 


Lights ETF / BT /1121-0519 
SMT/SMD repair ETL / ETF 


Temp. specifications Pioneer standard ZES-AO15 & ZES-BO16 
Solder without lead 





Process______—‘([Bit Type [Solder [Min [Center [Max 


[TB / LTCC 


LCD ~ = —— ~ _ LER / LPec UOS-027 |320°C _|340°C 360°C 


OBL Display____|LTCC 
Connector [LT J UF 
Flexible PCB____[LTF 

1121-0490 


Removal bridge Lie y LTCC UOS-027 |320°C [340°C [360°C 


LIF / 07 
SMT/SMD repair LTL / LTF 


Temp. specifications Pioneer standard ZES-A043 


Types of soldering wire: 





Cc 


With lead UOS-014 (1 mm) + UOS-005 ( 0.8 mm) + UOS-004 (0.5mm) 
Without lead UOS-026 (1 mm) + UOS-027 ( 0.8 mm) + UOS-028 (0.5 mm) 
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19| Paripurna Navasana 
TWo* 


Pariptirna means entire or complete. 
The posture here resembles that of a 
boat with oars, hence the name. 


TECHNIQUE 


1. Sit on the floor as in 
Dandasana (18 above). 


2. Exhale, recline the trunk 
slightly back and simultaneously 
raise the legs from the floor and 
keep them stiff as a poker with 
the knees tight and the toes 
pointing forwards. Balance is 
maintained only on the buttocks 
and no part of the spine should 
be allowed to touch the floor, 
from which the legs should be 
kept at an angle of 60 to 65 
degrees. The feet are higher than 
the head and not level with it as 
in Ardha Navasana. (Plate 37) 


3. Remove the hands from the 
floor and stretch the arms 
forward, keeping them parallel to 
the floor and near the thighs. 
The shoulders and the palms 
should be on one level, and the 
palms should face each other. 
(Plate 36) 


4. Stay in the pose for half a 
minute, with normal breathing. 
Gradually increase the time to 
one minute. One feels the effect 
of the exercise after only 20 
seconds. 


5. Then exhale, lower the hands, 
rest the legs on the floor and relax 
by lying on the back. 





EFFECTS 


This asana gives relief to persons 
who feel a bloating sensation in 
the abdomen due to gas and also 
to those suffering from gastric 
complaints. It reduces fat around 
the waistline and tones the 
kidneys. 


























20| Ardha Navasana 


TWwo* 


Ardha means half. Nava is a ship, 
boat or vessel. This posture 
resembles the shape of a boat, hence 
the name. 


TECHNIQUE 


1. Sit on the floor. Stretch the 
legs out in front and keep them 
straight. (Plate 35) 


2. Interlock the fingers and place 
them on the back of the head just 
above the neck. 


3. Exhale, recline the trunk back 
and simultaneously raise the legs 
from the floor, keeping the thighs 
and knees tight and the toes 
pointed. The balance of the body 
rests on the buttocks and no part 
of the spine should be allowed to 
touch the floor. (Plate 37) One 
feels the grip on the muscles of 
the abdomen and the lower back. 


4, Keep the legs at an angle of 

about 30 to 35 degrees from the 
floor and the crown of the head 
in line with the toes. 


5. Hold this pose for 20 to 30 
seconds with normal breathing. 
A stay for one minute in this 
posture indicates strong 
abdominal muscles. 


oO 


6. Do not hold the breath during 
this Asana, though the tendency is 
always to do it with suspension 
of breath after inhalation. If the 
breath is held, the effect will be 
felt on the stomach muscles and 
not on the abdominal organs. 
Deep inhalation in this asana 
would loose the grip on the 
abdominal muscles. In order to 
maintain this grip, inhale, exhale 
and hold the breath and go on 
repeating this process but 
without breathing deeply. This 
will exercise not only the 
abdominal muscles but the organs 
also. 


7. The difference between Ardha 
Navasana and Paripurna 
Navasana should be noted; in the 
latter, the legs are moved higher 
and the distance between them 
and the stomach is less than in 
the former. 


EFFECTS 


The effects of Ardha Navasana 
and that of Pariparna Navasana 
(Plate 36) differ due to the 
position of the legs. In Pariparna 
Navasana the exercise is effective 
on the intestines; whereas, Ardha 
Navasana works on the liver, gall 
bladder and spleen. 

In the beginning, the back is 
too weak to bear the strain of the 
pose. When power to retain this 
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pose comes, it indicates that the 
back is gaining strength. A weak 
back is a handicap in many ways, 
especially to women as they need 
strong backs for child-bearing. 
These two asanas coupled with 
lateral twistings of the spine will 
help to strengthen the back. 

The importance of having a 
healthy lower back can be 
realized if we watch old people 
when they sit down, get up and 
walk, for consciously or 
unconsciously they support their 
backs with their hands. This 
indicates that the back is weak and 
cannot withstand the strain. As 
long as it is strong and needs no 
support, one feels young though 
advanced in age. The two asanas 
bring life and vigour to the back 
and enable us to grow old 
gracefully and comfortably. 
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21| Siddhdsana 
ONE* 


Siddha means a semi-divine being 
supposed to be of great purity and 
holiness, and to possess supernatural 
faculties called siddhis. Siddha 
means also an inspired sage, seer or 
prophet. 


‘The Siddhas say that as among 
niyamas, the most important is not to 
harm anyone, and among the yamas 
a moderate diet, so is Siddhdsana 
among the asanas.' 

‘Of the 84 lacs of asanas, one 
should always practise Siddhasana., It 
purifies 72,000 nadis. (Nadis are 
channels in the human body through 
which nervous energy passes.) 


‘The yogin practising 
contemplation upon Atman and 
observing a moderate diet, if he 
practises Siddhasana for twelve years, 
obtains the yoga siddhis.’ (Atman 
means the Self and the supreme Soul. 
Siddhis are supernatural faculties.) 

‘When Siddhasana is mastered, the 
Unmani Avastha (Samadhi) that 
gives delight follows without effort 
and naturally.’ 


The soul has three avasthds or 
conditions which are included in a 
fourth. They are waking,.dreaming, 
sleeping and what is called Turiya. 


‘The first condition is that of 
wakefulness, where the self is 
conscious of the common world of 
gross objects. It enjoys gross things. 
Here the dependence of body is 
predominant. The second condition is 
that of dreaming, where the self 
enjoys subtle things, fashioning for 
itself a new world of forms from the 


material of its waking experience. The 
spirit is said to roam freely unfettered 
by the bonds of the body. The third 
condition is that of sound sleep, 
where we have neither dreams nor 
desires. It is called susupti. In it the 
soul is said to become temporarily one 
with Brahman and to enjoy bliss. In 
deep sleep we are lifted above all 
desires and freed from the vexations 
of spirit... . The soul is divine in 
origin, though clogged with the flesh. 
In sleep it is said to be released from 
the shackles of the body and to regain 
its own nature. . . . But this (that is, 
the eternal dreamless sleep) is likely 
to be confused with sheer 
unconsciousness. . . . The highest is 
not this dreamless sleep, but 
another, a fourth state of the soul, a 
pure intuitional consciousness where 
there is no knowledge of objects 
internal or external. In deep sleep the 
spirit dwells in a region far above the 
changeful life of sense in absolute 
union with Brahman. The turiya 
condition brings out the positive 
aspect of the negative emphasized in 
the condition of deep sleep.’ 
Radhakrishnan in Philosophy 
of the Upanishads. 


This fourth condition has been thus 
described in the Mandiikya 
Upanishad as follows: 


‘The fourth, say the wise, is not 
subjective experience, nor objective 
experience, nor experience 
intermediate between the two, nor is 
it a negative condition which is 
neither consciousness nor 
unconsciousness. It is not the 
knowledge of the senses, nor is it 
relative knowledge, nor yet 
inferential knowledge, Beyond the 
senses, beyond understanding, 
beyond all expression, is the fourth. 


It is pure unitary consciousness, 
wherein all awareness of the world 
and of multiplicity is completely 
obliterated. It is the supreme good. 
It is One without a second, It is the 
Self. Know it alone!’ 

‘Raja-Yoga, Samadhi, Unmani, 
Manomani, Immortality, 
Concentration, SiinyaSinya (void 
and yet non-void), Parama Pada (the 
Supreme State), Amanaska 
(suspended operation of the mind), 
Advaita (non-duality), Niralamba 
(without support), Niranjana 
(pure), Jivanmukti (emancipated 
state), Sahajavastha (natural state) 
and Turiya (literally the Fourth), all 
mean the same thing. As a grain of 
salt thrown into water unites and 
becomes one with it, a like union 
between the Mind and the Atman is 
Samadhi. When Prana and Manas 
(mind) are annihilated (absorbed), the 
state of harmony then arising is called 
Samadhi.’ 

Hatha Yoga Pradipika, 
chapter IV, verses 3 to 6. 


There is no asana like Siddha, no 
kumbhaka like Kevala, no mudra like 
Khechari, and no laya (absorption of 
the mind) like Nada. 

(Khechari Mudra, literally 
roaming through space, is described 
in the Gheranda Sarnhita as follows 
in verses 25 to 28 of the third chapter: 


‘Cut the lower tendon of the tongue 
and move the tongue constantly; rub 
it with fresh butter, and draw it out 
(to lengthen it) with an iron 
instrument. By practising this 
always, the tongue becomes long and 
when it reaches the space between the 
eyebrows, then Khechari is 
accomplished. Then (the tongue being 
lengthened) practise turning it up and 
back so as to touch the palate, till at 
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length it reaches the holes of the 
nostrils opening into the mouth. 
Close those holes with the tongue 
(thus stopping inspiration), and gaze 
on the space between the eyebrows. 
This is called Khechari. By this 
practice there is neither fainting, nor 
hunger, nor thirst, nor laziness. 
There comes neither disease, nor 
decay, nor death. The body becomes 
divine.’) 


(Nada is the inner mystical sound. 
Verses 79 to 101 of the fourth 
chapter describes it in great detail 
with a variety of similes. Yoga is 
defined as control over the aberrations 3g 
of the mind. In order to control the 
mind it is necessary that it should 
first be absorbed in concentration of 
some object, then it is gradually 
withdrawn from that object and 
made to look within one's own self. 
This is where the yogi is asked to 
concentrate upon the inner mystical 
sounds. ‘The mind is like a serpent, 
forgetting all its unsteadiness by 
hearing Nada, it does not run away 
anywhere.’ Gradually as Nada 
becomes latent so does the mind 
along with it. ‘The fire, catching the 
wood, is extinguished along with it 
(after burning it up); and so the mind 
also, working with Nada, becomes 
tent along with it.’) 


3. Now bend the right leg at the 
knee and place the right foot over 
the left ankle, keeping the right 
heel against the pubic bone. 


4. Place the sole of the right foot 
between the thigh and the calf of 
the left leg. 


5. Do not rest the body on the 
heels. 


6. Stretch the arms in front and 
rest the back of the hands on the 
knees so that the palms face 
upwards. Join the thumbs and the 
forefingers and keep the other 
fingers extended. (Plate 38). 
eT TOUE 7. Hold this position as long as 
you can, keeping the back, neck 
and head erect and the vision 
indrawn as if gazing at the tip of 
the nose. 


1, Sit on the floor, with legs 
stretched straight in front. 
(Plate 35) 


2. Bend the left leg at the knee. 
Hold the left foot with the hands, 
Place the heel near the perineum 
and rest the sole of the left foot 
against the right thigh. 
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8. Release the feet and relax for 
some time. Then repeat the pose 
for the same length of time, now 
placing the right heel near the 
perineum first and then the left 
foot over the right ankle as 
described above. 


EFFECTS 


This posture keeps the pubic 
region healthy. Like Padmasana 
(Plate 53), it is one of the most 
relaxing of asanas. The body 
being in a sitting posture is at 
rest, while the position of the 
crossed legs and erect back keeps 
the mind attentive and alert. 
This Asana is also recommended 
for the practice of pranayama 
and for meditation. 

From the purely physical point 
of view, the asana is good for 
curing stiffness in the knees and 
ankles. In it the blood circulates 
in the lumbar region and the 
abdomen, and this tones the 
lower region of the spine and 
the abdominal organs. 
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22| Virasana 
ONE* 


Vira means a hero, warrior, 
champion. This sitting posture is 
done by keeping the knees together, 
spreading the feet and resting them 
by the side of the hips. 

The pose is good for meditation and 
pranayama. 


TECHNIQUE 


1. Kneel on the floor. Keep the 
knees together and spread the 
feet about 18 inches apart. 


2. Rest the buttocks on the floor, 
but not the body on the feet. The 
feet are kept by the side of the 
thighs, the inner side of each calf 
touching the outer side of its 
respective thigh. Keep the toes 
pointing back and touching the 
floor. Keep the wrists on the 
knees, palms facing up, and join 
the tips of the thumbs and 
forefingers. Keep the other 
fingers extended. Stretch the 
back erect. (Back view: Plate 42. 
Front view: Plate 43) 


3. Stay in this position as long as 
you can, with deep breathing. 


4. Now interlock the fingers and 
stretch the arm straight over the 
head, palms up. (Plate 44) 


5. Stay in this position for a 
minute with deep breathing. 


6. Exhale, release the fingerlock, 
place the palms on the soles, 
bend forward and rest the chin 
on the knees. (Plate 45) 





7. Stay in this position for a 
minute with normal breathing. 


8. Inhale, raise the trunk up, 
bring the feet forward and relax. 


9. If you find it difficult to 
perform the pose as described 
above, try placing the feet one 
above the other and rest the 
buttocks on them. (Plate 39) 
Gradually move the toes further 
apart, separate the feet (Plates 
40 and 41) and bring them to rest 
outside the thighs. Then, in time 
the buttocks will rest properly on 
the floor and the body will not rest 
on the feet. 


EFFECTS 


The pose cures rheumatic pains 
in the knees and gout, and is also 
good for flat feet. Due to the 
stretching of the ankles and the 
feet, proper arches will be 
formed. This, however, takes a 
long time and requires daily 
practice of the pose for a few 
minutes for several months. 
Those suffering from pain in the 
heels or growth of calcaneal spurs 
there will get relief and the spurs 
will gradually disappear. 

The pose can even be done 
immediately after food and will 
relieve heaviness in the stomach. 
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23| Supta Virasana 
Two* 


Supta means lying down. In this 
dasana one reclines back on the floor 
and stretches the arms behind the 
head. 


TECHNIQUE 


1. Sit in Virasana. (Plate 43) 


2. Exhale, recline the trunk back 
and rest the elbows one by one on 
the floor. (Plate 46) 


3. Relieve the pressure on the 
elbows one after the other by 
extending the arms. 


4. At first rest the crown of the 
head on the floor. (Plate 47) 
Gradually rest the back of the 
head and then the back on the 
floor. (Plate 48) Take the arms 
over the head and stretch them 
out straight. (Plate 49) Hold this 
pose as long as you can while 
breathing deeply. Then place the 
arms beside the trunk, press the 
elbows to the floor and sit up 
again with an exhalation. 


5. The hands may be stretched 
over the head or placed beside 
the thighs. When they are 
stretched over the head, do not 
raise the shoulder-blades from 
the floor. 


6. Beginners may keep the knees 
apart. 







































EFFECTS 


This asana stretches the 
abdominal organs and the pelvic 
region. People whose legs ache 
will get relief from holding this 
pose for 10 to 15 minutes and it 
is recommended to athletes and 
all who have to walk or stand 
about for long hours. It can be 
done after meals and if before 
retiring at night the legs feel 
rested next morning. Several of 
my pupils who were cadets at 
the National Defence Academy 
after long route marches found 
great relief by combining this 
asana with Sarvangasana I. 
(Plate 102) 


24) Baddha Kondsana 


THREE* 


Baddha means caught, restrained. 
Kona means an angle. In this 
posture, sit on the floor, bring the 
heels near the perineum, catch the feet 
and widen the thighs until the knees 
touch the floor on either side. This is 
how Indian cobblers sit. 


TECHNIQUE 


1. Sit on the floor with the legs 
stretched straight in front. 
(Plate 35) 


2. Bend the knees and bring the 
feet closer to the trunk. 


3. Bring the soles and heels of 
the feet together and catching 
the feet near the toes, bring the 
heels near the perineum. The 
Outer sides of both feet should 
Test on the floor, and the back of 
the heels should touch the 
perineum. 





51 


4. Widen the thighs and lower 
the knees until they touch the 
floor. 


5. Interlock the fingers of the 
hands, grip the feet firmly, stretch 
the spine erect and gaze straight 
ahead or at the tip of the nose. 
(Plate 50) Hold the pose as long 
as you can. 


6. Place the elbows on the thighs 
and press them down. Exhale, 
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bend forward, rest the head, then 
the nose and lastly the chin on 
the floor. (Plate 51) Hold this 
position from half a minute to a 
minute with normal breathing. 


7. Inhale, raise the trunk from 
the floor and come back to 
position 5. (Plate 50) 


8. Then release the feet, 
straighten the legs and relax. 
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EFFECTS 


The pose is specially 
recommended for those suffering 
from urinary disorders. The 
pelvis, the abdomen and the 
back get a plentiful supply of 
blood and are stimulated. It keeps 
the kidneys, the prostate and the 
urinary bladder healthy. It is 
well known that diseases of the 
urinary tract are rarely found 
among the Indian cobblers and 
the reason for that is that they sit 
all day in this pose. 

It relieves sciatic pain and 
prevents hernia. If practised 
regularly, it relieves pain and 
heaviness in the testicles. 

The pose is a blessing to 
women. Coupled with 
Sarvangasana I (Plate 102) and its 
cycle (Plates 113 to 125) it checks 
irregular menstrual periods and 
helps the ovaries to function 
properly. It is found that 
pregnant women who sit daily in 


this pose for a few minutes will 
have much less pain during 
delivery and will be free from 
varicose veins. (It is 
recommended for pregnant 
women in Dr Grantly Dick Reed’s 
book Childbirth Without Fear.) 

Along with Padmasana (Plate 
53) and Virasana (Plate 43) this 
asana is recommended for 
Pranayama practice and for 
meditation. When sitting in 
meditation in this pose the 
palms should be folded in front 
of the chest (Plate 52), but to do 
this with the back erect requires 
practice. This asana can be done 
without fear even after meals as 
long as the head is not rested on 
the floor. 


25 Padmasana 
FOUR* 


Padma means a lotus. This is the 
lotus posture, one of the most 
important and useful asanas. It is the 
posture for meditation and the 
Buddha is often depicted in it. 

Verse 48 of the first chapter of the 
Hatha Yoga Pradipika describes 
the posture and the practice of breath 
control while seated in it thus: 


‘Assuming Padmasana and having 
placed the palms one upon another, 
fix the chin firmly upon the breast 
and contemplating upon Brahman, 
frequently contract the anus and raise 
the apana up; by similar contraction 
of the throat force the prana down. 
By this he obtains unequalled 
knowledge through the favour of 
Kundalini (which is roused by this 
process).’ 


Kundalini is the Divine Cosmic 
Energy in bodies. It is symbolized by 
a coiled and sleeping serpent in the 
lowest bodily centre at the base of the 
spinal column. This latent energy has 
to be awakened and made to go up 
the spine to the brain through 
Susumna Nadi, a channel through 
which nervous energy passes, and 
through the six chakras, the subtle 
centres in the body, the fly-wheels in 
the nervous system of the human 
machine. The awakening of 
Kundalini is discussed in detail in 
Arthur Avalon's (Sir John 
Woodroffe’s) book entitled The 
Serpent Power. 

This is one of the basic postures 
and is often used in the variations of 
Sirsasana and Sarvangasana. 





























TECHNIQUE 


4. Sit on the floor with the legs 
straight. (Plate 35) 


2. Bend the right leg at the knee, 
hold the right foot with the 
hands and place it at the root of 
the left thigh so that the right 
heel is near the navel. 


3. Now bend the left leg, and 
holding the left foot with the 
hands place it over the right at 
the root, the heel being near the 
navel. The soles of the feet 
should be turned up. This is the 
basic Padmasana pose. (Plate 53) 


4, People not used to sitting on 
the floor seldom have flexible 
knees. At the start they will feel 
excruciating pain around the 
knees. By perseverance and 
continued practice the pain will 
gradually subside and they can 
then stay in the pose comfortably 
for a long time. 


5. From the base to the neck the 
spine should remain erect. The 
arms may be stretched out, the 
tight hand being placed on the 
tight knee and the left hand on 
the left knee. The forefingers 
and the thumbs are bent and 


touch each other. 


6. Change the leg position by 
placing the left foot over the 
right thigh and the right foot over 
the left thigh. This will develop 
the legs evenly. 





EFFECTS 


After the initial knee pains have 
been overcome, Padmasana is 
one of the most relaxing poses. 
The body being in a sitting 
posture, it is at rest without being 
sloppy. The position of the 
crossed legs and the erect back 
keeps the mind attentive and 
alert. Hence it is one of the asanas 
recommended for practising 
pranayama (breath control). 

On the purely physical level, 
the pose is good for curing 
stiffness in the knees and ankles. 
Since the blood is made to 
circulate in the lumbar region and 
the abdomen, the spine and the 
abdominal organs are toned. 
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10) Types of soldering bits: 


ETF 
11) Soldering devices: 


"Clean-o-point": for automatic "Bit cleaner": 


cleaning of the soldering bit 
with 2 rotating sponges 


for drying and cleaning 
of the soldering bit 


—= 


"Flux dosing bottle ": 
for easy adding of flux 
(with brush) 








"V-cutter" : for making a cut 

in the soldering wire, in order to 
reduce the formation of little 
soldering balls 


" Brush" : for removal 
of possible soldering residues 
after soldering 


"Tweezer-copper bit": handy tool for 
the removal of SMD/SMT components. 





"Solder dispenser" : for a simple 
supply of soldering wire 


"Soldering magnifying glass": 
for a good view during 





"Warm air desoldering appliance": "Desoldering appliance": 


for easy desoldering of for easy desoldering 
flat-package IC's of point solderings soldering 
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26| Parvatasana 
FOUR* 


Parvata means a mountain. In this 
variation of Padmasana the arms are 
stretched over the head with the 
fingers interlocked. 


TECHNIQUE 


1. Sit in Padmasana. (Plate 53) 


2. Interlock the fingers, and 
stretch the hands vertically up 
over the head. Keep the head 
bent forward with the chin on the 
breast bone. 


3. Stretch the arms up from the 
latissimus dorsi (near the 
floating ribs at the back) and the 
shoulder-blades. The palms 
should face upwards. (Plate 54) 


4. Hold the pose for a minute or 
two with deep and even 
breathing. Change the crossing of 
the legs and the interlock of the 
fingers and repeat the pose, 
keeping the back erect. 


EFFECTS 


The asana relieves rheumatic 
pains and stiffness in the 
shoulders. It helps draw free 
movement and to develop the 
chest. The abdominal organs are 
drawn in and the chest expands 
fully. 


27| Matsyasana 
FIVE* 


Matsya means a fish. This posture is 
dedicated to Matsya the Fish 
Incarnation of Visnu, the source and 
maintainer of the universe and of all 
things. It is related that once upon a 
time the whole earth had become 
corrupt and was about to be 
overwhelmed by a universal flood. 
Visnu took the form of a fish and 
warned Manu (the Hindu Adam) of 
the impending disaster. The fish then 
carried Manu, his family and the 
seven great sages in a ship, fastened 
to a horn on his head. It also saved 
the Vedas from the flood. 


TECHNIQUE 
1. Sit in Padmasana. (Plate 53) 


2. Lie flat on the back with the 
legs on the floor. 





3. Exhale, arch the back by lifting 
the neck and the chest, take the 
head back and rest the crown on 
the floor. Drag the head further 

back by holding the crossed legs 
with the hands and increase the 
back arch. (Plate 55) 





4. Now take the hands from the 
legs, bend the arms, hold the 
elbows with the hands and rest 
the forearms on the floor behind 
the head. (Plate 56) 


5. Stay in this position from 30 to 
60 seconds while breathing 
deeply. 


6. Rest the back of the head on 
the floor, lie flat on the back, 
inhale and then come up to 
Padmasana, release the legs and 
relax. 


7. Recross the legs the other way 
and repeat the pose for the same 
length of time. 


8. If positions 3 and 4 are difficult 
to achieve, lie flat on the back with 
the arms stretched straight over 
the head. (Plate 57) 


EFFECTS 


The dorsal region is fully 
extended in this posture and the 
chest is well expanded. Breathing 
becomes fuller. The thyroids 
benefit from the exercise due to 
the stretching of the neck. The 
pelvic joints become elastic. The 
asana relieves inflamed and 
bleeding piles. 
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28| Baddha Padmdsana 
six* 


Baddha means caught, restrained. In 
this position the hands are crossed at 
the back and the big toes are caught 
from behind. The body is caught 
between the crossed legs in front and 
the crossed hands behind, hence the 
name. 


TECHNIQUE 


1. Sit in Padmasana. (Plate 53) 


2. Exhale, swing the left arm 
back from the shoulders and 
bring the hand near the right hip. 
Catch the left big toe, hold the 
position and inhale. 


3. Similarly, with an exhalation, 
swing the right arm back from the 
shoulder, bring it near the left hip 
and catch the right big toe. (Front 
view: Plate 58. Back view: Plate 
59) 


4, If the toes are difficult to catch 
stretch the shoulders back, so that 
the shoulder-blades are brought 
near each other. A little practice 
in swinging the arms back with 
an exhalation will enable one to 
catch the big toes. 


5. If the right foot is placed over 
the left thigh and then the left foot 
over the right thigh, catch the left 
big toe first and then the right big 
toe. If, on the other hand, the left 
foot is placed over the right thigh 
first and then the right foot over 
the left thigh, catch the right big 
toe first and then the left big toe. 
Catch first the big toe of the foot 
which is uppermost. 


on Yoga 
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6. Throw the head as far back as 
possible and take a few deep 
breaths. 


7. Inhale deeply, and then with 
an exhalation bend the trunk 
forward from the hips and rest 
the head on the floor, without 
releasing the toes from the hand 
grip. Bending the head forward in 
Baddha Padmasana (Plate 58) and 
touching it on the floor is called: 





29| Yoga Mudrasana 
SIx* 


This dsana is especially useful in 
awakening Kundalini. 


EFFECTS 


Crossing the hands behind the 
back expands the chest and 
increases the range of shoulder 
movement. Yoga Mudrasana 
(Plate 60) intensifies the 
peristaltic activity and pushes 
down the accumulated waste 
matter in the colon and thereby 
relieves constipation and 
increases digestive power. 


30| Maha Mudra 


FIVE* 


Maha means great or noble. Mudra 
means shutting, closing or sealing. 
In this sitting posture the apertures 
at the top and bottom of the trunk 
are held fast and sealed. 


TECHNIQUE 


1. Sit on the floor with the legs 
stretched in front. (Plate 35) 


2. Bend the left knee and move 
it to the left, keeping the outer 
side of the left thigh and the left 
calf on the floor. 


3. Place the left heel against the 
inner side of the left thigh near 
the perineum. The big toe of the 
left foot should touch the inner 
side of the right thigh. The angle 
between the extended right leg 
and the bent left leg should be a 
right angle of 90 degrees. 





4, Stretch the arms forward 
towards the right foot and hook 
the big toe with the thumbs and 
forefingers. 


5. Lower the head to the trunk 
until the chin rests in the hollow 
between the collar bones just 
above the breast-bone. 


6. Keep the spine fully stretched 
and do not allow the right leg to 
tilt to the right. 


7. Inhale completely. Tighten the 
entire abdomen from the anus to 
the diaphragm. Pull the abdomen 
back towards the spine and also 
up towards the diaphragm. 


8. Relax the abdominal tension, 
then exhale, again inhale and 
hold the breath, maintaining the 
abdominal grip. Hold this posture 
as stated above from one to three 
minutes. (Plate 61) 





9. Relax the abdominal tension, 
exhale, raise the head, release 
the hands and straighten the bent 


leg. 


10. Repeat on the other side, 
keeping the left leg straight and 
the right one bent for an equal 
length of time. 
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EFFECTS 


This asana tones the abdominal 
organs, the kidneys and adrenal 
glands. Women suffering from a 
prolapsed womb find relief as it 
pulls the womb up to its original 
position. Persons suffering from 
spleen ailments and from 
enlargement of the prostate gland 
will benefit by staying in this 
pose longer. It cures indigestion. 

‘This Mahamudra destroys 
death and many other pains. 
‘There is nothing that one cannot 
eat or has to avoid (if one has 
practised it). All food regardless 
of taste and even when deadly 
poisonous is digested.’ ‘He who 
practices Mahamudra, 
overcomes consumption, 
leprosy, piles, enlargement of the 
spleen, indigestion and other 
complaints of long duration.’ 
(Hatha Yoga Pradipika, chapter 3, 
verses 14, 16 and 17.) 
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31| Janu Sirsasana 
FIVE* 


Janu means the knee. Sirsa is the 
head. In this posture sit with one leg 
stretched out on the ground and the 
other bent at the knee. Then catch 
the extended foot with both the hands 
and place the head on that knee. 


TECHNIQUE 


1. Sit on the floor, with legs 
stretched straight in front. 
(Plate 35) 


2. Bend the left knee and move 
it to the left, keeping the outer 
side of left thigh and the left calf 
on the floor. 


3. Place the left heel against the 
inner side of the left thigh near 
the perineum. The big toe of the 
left foot should touch the inner 
side of the right thigh. The angle 
between the two legs should be 
obtuse. Do not keep the left knee 
in line with the left thigh at a 
right angle to the extended right 
leg. Try and push the left knee 
as far back as possible, so that the 
body is stretched from the bent 


leg. 


4, Extend the arms forward 
towards the right foot and hold it 
with the hands. First catch the 
toes of the right foot, then 
gradually catch the sole, then the 
heel and finally extend the arms 
and catch the wrist of one hand 
with the other, beyond the 
outstretched foot. (Plate 62) 
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5. Keep the right leg stretched 
throughout by tightening the 
knee. See that the back of the 
right knee rests on the floor. 


6. Exhale, move the trunk 
forward by bending and 
widening the elbows, and rest 
first the forehead, then the nose, 
then the lips and lastly the chin 
beyond the right knee. (Plate 63) 
The right foot will tilt to the right 
in the beginning. Do not allow 
the leg to tilt. 


7. Stretch the back fully, pull the 
trunk forward and keep the chest 
against the right thigh. 





8. Stay in this position with deep 
breathing from half a minute to 
a minute. One can also do the 
pose holding the breath after 
each exhalation. 


9. Inhale, raise the head and 
trunk, straighten the arms and 
gaze up for a few seconds, 
extending the spine and trying to 
make it concave. (Plate 62) 


10. Release the hand grip on the 
right foot, straighten the left leg 
and come back to position 1. 


11. Repeat the pose keeping the 
left leg stretched out and 
bending the right leg at the knee. 
Stay in the pose for the same 
length of time on both the sides. 
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EFFECTS 


This asana tones the liver and the 
spleen and thereby aids 
digestion. It also tones and 
activates the kidneys, the effect on 
which can be felt while one is 
performing the pose as explained 
above. 

Persons suffering from 
enlargement of the prostate 
gland will benefit by staying 
longer in this pose. They should 
practice this asana along with 
Sarvangasana. (Plate 102) 

The pose is also recommended 
for people suffering from low 
fever for a long time. 





32| Ardha Baddha Padma 


Paschimottandsana 
EIGHT* 





Ardha means half, baddha means 
caught, restrained and padma a 
lotus. Paschimottandsana (Plate 81) 
is the posture where the back of the 4 tay » 
whole body is intensely stretched. 





TECHNIQUE 


1, Sit on the floor, with the legs 
stretched straight in front. 
(Plate 35) 


2. Bend the left leg at the knee, 
and place the left foot over the 
Tight thigh. The left heel should 
press the navel and the toes 
Should be stretched and pointing. 3. Bring the left arm round the 4. After holding the left big toe, 
This is the half lotus posture. back from behind and with an move the bent left knee nearer 





exhalation catch the big toe of the _ to the extended right leg. Stretch 
left foot. If the toe cannot be the right arm forward and catch 
grasped easily, swing back the the right foot with the right 

left shoulder. hand, the palm touching the 


sole. (Plates 64 and 65) 
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5. Inhale, stretch the back and 
gaze up for a few seconds, 
without releasing the grip on the 
left big toe. 


6. Exhale, move the trunk 
forward by bending the right 
elbow outwards. Rest the 
forehead, then the nose, then the 
lips and lastly the chin on the 
right knee. (Plate 66) 


7. In the initial stages, the knee 
of the extended leg will be lifted 
off the floor. Tighten the thigh 
muscles and rest the entire back 
of the extended right leg on the 
floor. 


8. Stay in this position from 30 to 
60 seconds, breathing evenly. 


9. Inhale, raise the head and 
trunk, release the hands, 
straighten the left leg and come 
to position 1. 


10. Repeat the pose on the other 
side, keeping the left leg stretched 
out on the ground, bending the 
right knee and placing the right 
foot on the left thigh. Stay for the 
same length of time on both sides. 


11. If you cannot hold the toe 
with the hand from behind, hold 
the extended leg with both hands 
and follow the above techniques. 
(Plate 67) 


EFFECTS 


Due to the half lotus pose, the 
knees become flexible enough to 
execute the full lotus pose. While 
placing the chin on the knee of the 
extended leg, the bent knee is 
brought close to the stretched leg. 
This gives a good pull to the navel 
and abdominal organs. Blood is 
made to flow round the navel and 
the genital organs. The navel is 
considered to be a nerve centre, 
and the Svadhisthana Chakra, 
one of the purificatory fly-wheels 
in the human nervous system, is 
situated there. This chakra 
corresponds to the hypo-gastric 
plexus. The pose is 
recommended for persons with 
rounded and drooping 
shoulders: 
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33| Trianga 
Mukhaikapda 


Paschimottandsana 
FIVE* 


Trianga means three limbs or parts 
thereof. In this posture the three 
parts are the feet, knees and buttocks. 
Mukhaikapada (a compound of three 
words, mukha = face, eka = one, and 
pada = leg or foot) corresponds to the 
face (or mouth) touching one 
(extended) leg. In Paschimottandsana 
(Plate 81) the back of the whole body 
is intensely stretched. 


TECHNIQUE 


1. Sit on the floor, with the legs 
stretched straight in front. 
(Plate 35) 


2. Bend. the right leg at the knee 
and move the right foot back. 
Place the right foot by the side of 
the right hip joint, keep the toes 
pointing back and rest them on 
the floor. The inner side of the 
right calf will touch the outer side 
of the right thigh. 


3. Balance in this position, 
throwing the weight of the body 
on the bent knee. In the 
beginning, the body tilts to the 
Side of the outstretched leg, and 
the foot of the outstretched leg 
also tilts outwards. Learn to 
balance in this position, keeping 
the foot and toes stretched and 
pointing forward. 


4. Now hold the left foot with 
both the palms, gripping the sides 
of the sole. If you can, then 
extend the trunk forward and 
hook the wrists round the 
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outstretched left foot. (Plate 68) 
Take two deep breaths. It usually 
takes several months before one 
can hook the wrists in this way, 
so do not despair after the first 
few attempts. 


5. Join the knees, exhale and 
bend forward. Rest first the 
forehead, then the nose, next the 
lips and ultimately the chin on 
the left knee. (Plate 69) To 
achieve this, widen the elbows 
and push the trunk forward with 
an exhalation. 


6. Do not rest the left elbow on 
the floor. In the beginning, one 
loses balance and topples over to 
the side of the extended leg. The 
trunk should, therefore, be 


slightly bent towards the side of 
the bent leg and the weight of the 
body should be taken by the bent 
knee. 


7. Stay in this position from half 
a minute to a minute, breathing 
evenly. 


8. Inhale, raise the head and 
trunk, release the hands, 
straighten the right leg and come 
to position 1. 


9. Repeat the pose on the other 
side, keeping the right leg 
stretched out on the ground, 
bending the left knee and placing 
the left foot by the left hip joint. 
Stay for the same length of time 
on both sides. 
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EFFECTS 


This asana is recommended for 
persons suffering from dropped 
arches and flat feet. It cures 
sprains in the ankle and the knee, 
and any swelling in the leg is 
reduced. 

Along with Janu Sirsasana 
(Plate 63) and Ardha Baddha 
Padma Paschimottanasana (Plate 
66), this Asana tones the 
abdominal organs and keeps 
them free from sluggishness. We 
abuse our abdominal organs by 
over-indulgence or by 
conforming to social etiquette. 
Abdominal organs cause a 
majority of diseases and ancient 
sages emphasized that their 
health was essential for 
longevity, happiness and peace of 
mind. These forward bending 
asanas keep the abdominal 
organs healthy and in trim. Apart 
from keeping the muscles in 
shape, they work on the organs 
as well. 


34| Marichyasana I 
FIVE* 


This dsana is dedicated to the sage 
Marichi, son of the Creator, 

Brahma. Marichi was the grandfather 
of Stirya (the Sun God). 


TECHNIQUE 


1. Sit on the floor with the legs 
stretched straight in front. 
(Plate 35) 


2. Bend the left knee and place 
the sole and heel of the left foot 
flat on the floor. The shin of the 
left leg should be perpendicular to 
the floor and the calf should 
touch the thigh. Place the left 
heel near the perineum. The 
inner side of the left foot should 
touch the inner side of the 
outstretched right thigh. 


3. Stretch the left shoulder 
forward till the left armpit touches 
the perpendicular left shin. Turn 
the left arm round the left shin 
and thigh, bend the left elbow 
and throw the left forearm behind 
the back at the level of the waist. 
Then move the right hand 
behind the back and clasp the left 
hand with the right at the wrist or 
vice versa. If that is not possible 
then clasp the palms or the 
fingers. (Plate 70) 


4. Now, turn the spine to the 
left, keeping the outstretched 
right leg straight. Remain in this 
position gazing at the 
outstretched right big toe and 
take a few deep breaths. 
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5. Exhale, and bend forward. 
Rest the forehead, then the nose, 
next the lips and lastly the chin 
on the right knee. (Plate 71) 
While in this position, keep both 
shoulders parallel to the floor 
and breathe normally. Stay in the 
pose for about 30 seconds and 
see that the back of the entire 
extended leg rests on the floor 
throughout. 


6. Inhale, raise the head from the 
right knee (Plate 70), release the 
hands, straighten the left leg and 
come to position 1. 


7. Repeat the pose on the other 
side for an equal length of time. 


EFFECTS 


The fingers gain in strength by 
the practice of this asana. In the 
preceding asanas (namely, Janu 
Sirsasana (Plate 63), Ardha 
Baddha Padma 
Paschimottanasana (Plate 66) 

and Triang Mukhaikapada 
Paschimottanasana (Plate 69) the 
abdominal organs are made to 
contract by gripping a leg with the 
hands. In this pose the hands do 
not hold the legs. To bend 
forward and to rest the chin on 
the knee of the extended leg the 
abdominal organs have to 
contract vigorously. This creates a 
better circulation of blood round 
the abdominal organs and keeps 
them healthy. In the beginning it 
is very difficult to bend forward 
at all after gripping both hands 
behind the back, but it comes with 
practice. The dorsal region of the 
spine is also exercised in this pose. 
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NOTE 


The four poses, Janu Sirsasana, 
Ardha Baddha Padma 
Paschimottanasana, Triang 
Mukhaikapada 
Paschimottanasana and 
Marichyasana I, are preparatory 
poses for the correct 
Paschimottanasana. (Plate 81) It 
is difficult for many to get a good 
grip on the feet in 
Paschimottanasana even after 
several attempts. These four 
asanas give one sufficient 
elasticity in the back and legs so 
that one gradually achieves the 
correct Paschimottanasana (Plate 
81) as described later. Once this 
is done with ease, these four 
asanas can be practised once or 
twice a week instead of daily. 





The Basic Soldering Guide 


http://www.epemag.wimborne.co.uk/solderfag.htm (for text in this document) 





basics for wire (Good intro) : http://www.youtube.com/watch?v=BLfXXRfRIzY 
The Happy Soldering Iron: http://www.youtube.com/watch?v=AL-_RGbyf1s 
basics: http://www.youtube.com/watch?v=I NU2ruzyc4 

Watt/temp comparison http://www.youtube.com/watch?v=Vh9pWu6K 6tc&NR=1 

tip sizes: http://www.youtube.com/watch?v=Sfb1 Ve52ztY &NR=1 

types of solder: http://www.youtube.com/watch?v=COqGk YMOA44 
maintenance: http://www.youtube.com/watch?v=krxTfZCFptk&NR=1 























Good overview with some odd bits: http://www.youtube.com/watch?v=AOdnGUMi71Q 





Desoldering overview: http://www.youtube.com/watch?v=j-_pnc-Qqm8 
2™ good overview: http://www.youtube.com/watch?v=8UN3D2-f64A 

Hot air pencil/gun: http://www.youtube.com/watch?v=Ax YhF6Ab2CU 
Desoldering gun (short): http://www.youtube.com/watch?v=8Z6MvZz_uNc 














Crazy Guy from Make Electronics: http://www.youtube.com/watch?v=3N3ApzmyjzE 
Not Soldering!! — Bread board: http://www.youtube.com/watch?v=oiqNaSPTI7w 








This written guide will help beginners and novices to obtain effective results when 


soldering electronic components. If you have little or no experience of using a soldering 
iron, then EPE (Everyday Practical Electronics magazine) recommends that you practice 
your soldering technique on some fresh surplus components and clean stripboard 
(protoboard), before experimenting with a proper constructional project. This will help 
you to avoid the risk of disappointment when you start to assemble your first prototypes. 
If you've never soldered before, then read on! 


Soldering irons 


The most fundamental skill needed to assemble any electronic project is that of 


soldering. It takes some practice to make the perfect joint, but, like riding a bicycle, once 
learned is never forgotten! The idea is simple: to join electrical parts together to form an 
electrical connection, using a molten mixture of lead and tin (solder*) with a soldering 
iron. A large range of soldering irons is available - which one is suitable for you depends 
on your budget and how serious your interest in electronics is. 


[*Note: the use of lead in solder is now increasingly prohibited in many countries. "Lead 
free" solder is now statutory instead.] 
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35| Upavistha Konasana 
NINE* 


Upavistha means seated. Kona means 
an angle. 


TECHNIQUE 


1. Sit on the floor with the legs 
stretched straight in front. 
(Plate 35) 


2. Move the legs sideways one 
by one and widen the distance 
between them as far as you can. 
Keep the legs extended 
throughout and see that the back 
of the entire legs rests on the floor. 


3. Catch the big toes between the 
respective thumbs and index and 
middle fingers. 


4. Keep the spine erect and 
extend the ribs. Pull the 
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diaphragm up and hold the pose 
for a few seconds with deep 
breaths. (Plate 72) 


5. Now clasp the feet with the 
hands. Exhale, bend forward and 
rest the head on the floor. (Plate 
73) Then extend the neck and 
place the chin on the floor. 





6. Then, try to rest the chest on 
the floor. (Plate 74) Stay in this 
position from 30 to 60 seconds 
with normal breathing. 


7. Inhale, raise the trunk off the 
floor (Plate 72) and release the 
hold on the feet, bring them 
together and relax. 








EFFECTS 


The Asana stretches the 
hamstrings and helps the blood 
to circulate properly in the pelvic 
region and keeps it healthy. It 
prevents the development of 
hernia of which it can cure mild 
cases and relieves sciatic pains. 
Since the asana controls and 
regularizes the menstrual flow 
and also stimulates the ovaries, 
it is a boon to women. 


36| Paschimottanasana 
(also called Ugrasana 
or 


Brahmacharyasana) 
sIx* 


Paschima literally means the west. It 
implies the back of the whole body from 
the head to the heels. The anterior or 
eastern aspect is the front of the body 
from the face down to the toes. The 
crown of the head is the upper or 
northern aspect while the soles and 
heels of the feet form the lower or 
southern aspect of the body. In this 
asana the back of the whole body is 
intensely stretched, hence the name. 

Ugra means formidable, powerful 
and noble. Brahmacharya means 
religious study, self-restraint and 
celibacy. 


TECHNIQUE 


1, Sit on the floor with the legs 
Stretched straight in front. Place 
the palms on the floor by the side 
of the hips. Take a few deep 
breaths. (Plate 35) 


2. Exhale, extend the hands and 
Catch the toes. Hold the right big 
toe between the right thumb and 





the index and middle fingers and 
likewise the left big toe. (Plate 75) 


3. Extend the spine and try to 
keep the back concave. To start 
with the back will be like a hump. 
This is due to stretching the spine 
only from the area of the 
shoulders. Learn to bend right 
from the pelvic region of the back 
and also to extend the arms from 
the shoulders. Then the hump 
will disappear and the back will 
become flat as in Plate 75. 

Take a few deep 

breaths. 
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4. Now exhale, bend and widen 
the elbows, using them as 
levers, pull the trunk forward 
and touch the forehead to the 
knees. (Plate 76) Gradually rest 
the elbows on the floor, stretch 
the neck and trunk, touch the 
knees with the nose and then 
with the lips. (Plate 77) 
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5. When this becomes easy, 
make a further effort to grip the 
soles and rest the chin on the 
knees. (Plate 78) 


6. When this also becomes easy, 
clasp the hands by interlocking 
the fingers and rest the chin on 
the shins beyond the knees. 
(Plate 79) 


7. When position 6 becomes 
easy, grip the right palm with the 
left hand or the left palm with the 
right hand beyond the 
outstretched feet exhale and rest 
the chin on the shins beyond the 
knees. (Plate 80) 


8. If position 8 also becomes 
easy, hold the right wrist with 
the left hand or the left wrist with 
the right hand and rest the chin 
on the shins beyond the knees. 


(Plate 81) 


9. See that the back of the legs at 
_ the knee joints rests firmly on the 
‘ground. In the initial stages the 
knees will be lifted off the floor. 
ten the muscles at the back 
the thighs and pull the trunk 
ard. Then the back of the 
knee joints will rest on the floor. 





10. Try and stay in whichever of 
the above positions you can 
achieve from 1 to 5 minutes, 
breathing evenly. 


11. Inhale, raise the head from 
the knees and relax. 


EFFECTS 


This asana tones the abdominal 
organs and keeps them free from 
sluggishness. It also tones the 
kidneys, rejuvenates the whole 
spine and improves the 
digestion. 

The spines of animals are 
horizontal and their hearts and 
below the spine. This keeps them 
healthy and gives them great 
power of endurance. In humans 
the spine is vertical and the heart 
is not lower than the spine, so 
that they soon feel the effects of 
exertion and are also susceptible 
to the heart diseases. In 
Paschimottanasana the spine is 
kept straight and horizontal and 
the heart is at a lower level than 
the spine. A good stay in this pose 
massages the heart, the spinal 
column and the abdominal 
organs, which feel refreshed and 


Yogasanas 81 


the mind is rested. Due to the 
extra stretch given to the pelvic 
region more oxygenated blood is 
brought there and the gonad 
glands absorb the required 
nutrition from the blood. This 
increases vitality, helps to cure 
impotency and leads to sex 
control. Hence, this 4sana was 
called Brahmacharyasana. 
Brahmacharya means celibacy 
and a Brahmachari is one who 
has controlled the sex appetite. 
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37| Purvottanasana 
ONE* 


Piirva literally means the East. It 
means the front of the whole body from 
the forehead to the toes. Uttana 
means an intense stretch. In this 
posture, the whole front of the body 
is stretched intensely. 


TECHNIQUE 

1. Sit on the floor with the legs 
stretched straight in front. Place 
the palms on the floor by the 
hips, with the fingers pointing in 
the direction of the feet. (Plate 35) 


2. Bend the knees and place the 
soles and heels on the floor. 


3. Take the pressure of the body 
on the hands and feet, exhale 
and lift the body off the floor. 
Straighten the arms and the legs 
and keep the knees and elbows 
tightened. (Plate 82) 





4. The arms will be 
perpendicular to the floor from 
the wrists to the shoulders. From 
the shoulders to the pelvis, the 
trunk will be parallel to the floor. 


5. Stretch the neck and throw the 
head as far back as possible. 


6. Stay in this posture for one 
minute, breathing normally. 


7. Exhale, bend the elbows and 
knees, lower the body to sit on the 
floor and relax. 


EFFECTS 


This posture strengthens the 
wrists and ankles, improves the 
movement of the shoulder joints 
and expands the chest fully. It 
gives relief from the fatigue 
caused by doing other strenuous 
forward bending Aasanas. 


38| Salamba Sirsdsana I 
FOUR* 


Salamba means with support. Sirsa 
means the head. This is the head 
stand pose, one of the most important 
Yogi dsanas. It is the basic posture, 
It has several variations, which are 
described later as the Sirsfsana cycle, 
Its mastery gives one balance and 
poise, both physically and mentally. 
The technique of doing it is given at 
length in two parts; the first is for 
beginners, the second for those who 
can remain balanced in the pose. 
Attention is specially directed to the 
hints on Sirsdsana given after the two 
techniques. 








TECHNIQUE FOR 
BEGINNERS 


1. Spread the blanket fourfold on 
the floor and kneel near it. 


2. Rest the forearms on the 
centre of the blanket. While 
doing so take care that the 
distance between the elbows on 
the floor is not wider than the 
shoulders. 


3, Interlock the fingers right up 
to the finger-tips (Plate 83), so that 
the palms form a cup. Place the 
sides of the palms near the little 
fingers on the blankets. While 
going up on to your head or 
balancing, the fingers should be 
kept tightly locked. If they are left 
loose, the weight of the body falls 
on them and the arms ache. So 
remember to lock them well. 
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4. Rest the crown of the head 
only on the blanket, so that the 
back of the head touches the 
palms which are cupped. (Plate 
84) Do not rest the forehead nor 
the back but only the crown of the 
head on the blanket. To do this 
move the knees towards the 
head. 


5. After securing the head 
position, raise the knees from the 
floor by moving the toes closer to 
the head. (Plate 85) 
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6. Exhale, take a gentle swing 
from the floor and lift the legs off 
the ground with bent knees. Take 
the swing in such a way that both 
feet leave the floor 
simultaneously, to come to 
position as in Plate 86. When 
once this position is secured, 
follow the various stages of the 
leg movements as in Plates 87, 88 
and 89, step by step. 


7. Stretch the legs and stand on 
the head, keeping the whole body 
perpendicular to the floor. (Front 
view: Plate 90. Back view: Plate 91. 
Side view: Plate 96) 


8. After staying in the final 
position to capacity, from one to 
five minutes, flex the knees and 
slide down to the floor in the 
reverse order as in Plates 89, 88, 
87, 86, 85, 84 and raise head from 
the floor. 


9. A beginner must have the 
assistance of a friend or do the 
asana against a wall. While 
practising against a wall, the 
distance between it and the head 
should not be more than 2 or 

3 inches. If the distance is greater, 
the spine will curve and the 
stomach will protrude. The 
weight of the body will be felt on 
the elbows and the position of the 
head may change. The face will 
appear to be flushed and the eyes 
either strained or puffed. It is, 
therefore, advisable for a 
beginner to do the head stand in 
a corner where two walls meet, 
placing the head some 2 to 

3 inches from either wall. 











10. While doing the head stand 
against a wall or in a corner, the 
beginner should exhale, swing 
the legs up, support the hips 
against the side of the wall and 
move the feet up. In a corner, he 
can touch the heels to either side 
of the walls. He should then 
stretch the back vertically up, 
gradually leave the support of 
the wall and learn to master the 
balance. While coming down, he 
can rest the feet and hips against 
the wall, slide down and kneel, 
resting his knees on the floor. 
The movements of coming down 
and going up should be done 
with an exhalation. 


11. The advantage which the 
beginner has of balancing in a 
corner is that his head and legs 
will be in the right angle formed 
by the walls, and he will be sure 
of his right position. This will not 
be the case if he balances against 
a straight wall. For while his 
balance is insecure he may sway 
’ from the wall, or his body may 
tilt or swing to the stronger side, 
while his legs may rest against 
the wall with a bend either at the 
waist or the hips. The beginner 
will not be in a position to know 
that he has tilted to one side, 
much less to correct it. In time he 
may learn to balance on the 
head, but by habit his body may 
still tilt or his head may not be 
Straight. It is as hard to correct a 
wrong pose in the head stand as 
itis to break a bad habit. 
Moreover this wrong posture 
May well lead to aches and pains 
in the head, neck, shoulders and 
back. But the two walls of a 
corner will help the beginner to 
‘Keep the asana symmetrical. 
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12, When once balance is 
secured, it is advisable to come 
down to the floor with the legs 
straight (that is, without bending 
the knees at all) and with a 
backward action of the hips. At 
first, it is not possible to go up 
and come down without bending 
the legs, but the correct method 
should be learnt. Once the 
beginner has confidence in the 
head stand, he will find it more 
beneficial to go up and down 
with the legs together and 
straight, without any jerks. 


13. It takes time for the beginner 
to become oriented to his 
surroundings while he is 
balancing on his head. Everything 
will seen at first to be completely 
unfamiliar. The directions and 
instructions will appear 
confusing and he will find it an 
effort to think clearly or to act 
logically. This is due to fear of a 
fall. The best way to overcome 
fear is to face with equanimity the 
situation of which one is afraid. 
Then one gets the correct 
perspective, and one is not 
frightened any more. To topple 


over while learning the head 
stand is not as terrible as we 
imagine. If one overbalances, one 
should remember to loosen the 
interlocked fingers, relax, go limp 
and flex the knees: Then one will 
just roll over and smile. If the 
fingers are not loosened they will 
take the jerk of the fall which will 
be painful. If we do not relax and 
go limp while falling we hit the 
floor with a hard bump. If we flex 
the knees, we are unlikely to 
graze them in the fall. After one 
has learnt to balance against a 
wall or in a corner, one should 
try the head stand in the middle 
of the room. There will be a few 
spills and one must learn the art 
of falling as indicated above. 
Learning to do Sirsasana in the 
middle of a room gives the 
beginner more confidence. 








TECHNIQUE FOR THOSE 
WHO CAN BALANCE 
EIGHT* 


1. Follow the technique 
described for beginners from 
positions 1 to 4. 


2. After securing the head 
position, stretch the legs straight 
by raising the knees from the 
floor. Move the toes nearer to the 
head and try to press the heels to 
the floor, keeping the back erect. 
(Plate 92) 


3. Stretch the dorsal or middle 
region of the spine and stay in 
this position for about 30 seconds 
while breathing evenly. 


4. Exhale, raise the heels and 
take the toes off the floor with a 
backward movement of the hips. 
Raise both legs simultaneously, 
keeping them poker stiff. (Plate 
93) Take a breath. 


5. Again with an exhalation 
move the legs up until they are 
parallel to the floor. This position 
is called: 





39| Urdhva Dandasana 


EIGHT* 


(Urdhva = up, dand = a staff) 
Stay in this position for 10 seconds 
with normal breathing. 


6. Exhale, move the legs up as in 
Plate 95, and then pull them up to 
the vertical position. (Side view: 
Plate 96) Stay in this pose from 
1 to 5 minutes while breathing 
evenly. 


7. Come down gradually, 
observing the above technique in 
a reverse order. (Plates 95, 94, 93 
and 92) Rest the feet on the floor, 
bend the knees (Plate 84) and 
raise the head from the floor or 
blanket. (Plate 83) 


8. While coming down, it is 
advisable to stay in Urdhva 
Dandasana according to capacity 
up to one minute while breathing 
normally. In this position, the 
neck and trunk will not be 
perpendicular to the floor but will 
sway slightly backwards. The 
neck, shoulders and spine will be 
put to a very great strain and in 
the initial stages one cannot stay 
with the legs parallel to the floor 
for more than a few seconds. The 
Stay will become longer as the 
neck, shoulders, abdomen and 
Spine become stronger. 


HINTS ON SIRSASANA 


1, In Sirsasana the balance alone 
is not important. One has to 
Watch from moment to moment 
and find out the subtle 
adjustments. When we stand on 
Our feet, we need no extra effort, 


strength or attention, for the 
position is natural. Yet the correct 
method of standing affects our 
bearing and carriage. It is, 
therefore, necessary to master the 
correct method as pointed out in 
the note on Tadasana. In 
Sirsdsana also, the correct position 
should be mastered, as a faulty 
posture in this asana will lead to 
pains in the head, neck and back. 


2. The whole weight of the body 
should be borne on the head 
alone and not on the forearms 
and hands. The forearms and 
hands are to be used only for 
support to check any loss of 
balance. In a good pose you feel 
a circle, about the size of an Indian 
rupee, of the head in contact with 
the blanket on the floor. 
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3. The back of the head, the 
trunk, the back of the thighs and 
the heels should be in a line 
perpendicular to the floor and 
not inclined to one side. The 
throat, chin and breast-bone 
should be in one line, otherwise 
the head will tilt to one side or 
move forward. As regards the 
interlocked hands behind the 
head, the palms should not be 
stuck into the head. The upper 
and the lower sides of the palms 
should be in a line, otherwise the 
crown of the head will not rest on 
the floor correctly. 


4. The elbows and the shoulders 
should be in a line and the 
elbows should not be widened. 
The shoulders should be kept as 
high above the floor as possible 





Electronics catalogues often include a selection of well-known brands of soldering iron. 
Excellent British-made ones include the universally popular Antex, Adcola and Litesold 
makes. Other popular brands include those made by Weller and Ungar. A very basic 
mains electric soldering iron can cost from under £5 (US$ 8), but expect a reasonable 
model to be approximately £10-£12 (US$ 16 - 20) - though it's possible to spend into 
three figures on a soldering iron "station" if you're really serious! Check some suppliers' 
catalogues for some typical types. Certain factors you need to bear in mind include:- 


Voltage: most irons run from the mains at 240V. However, low voltage types (e.g. 12V 
or 24V) generally form part of a "soldering station" and are designed to be used with a 
special controller made by the same manufacturer. 


Wattage: Typically, they may have a power rating of between 15-25 watts or so, which is 
fine for most work. A higher wattage does not mean that the iron runs hotter - it simply 
means that there is more power in reserve for coping with larger joints. This also depends 
partly on the design of the "bit" (the tip of the iron). Consider a higher wattage iron 
simply as being more "unstoppable" when it comes to heavier-duty work, because it 
won't cool down so quickly. 


Temperature Control: the simplest and cheapest types don't have any form of 
temperature regulation. Simply plug them in and switch them on! Thermal regulation is 
"designed in" (by physics, not electronics!): they may be described as "thermally 
balanced" so that they have some degree of temperature "matching" but their output will 
otherwise not be controlled. Unregulated irons form an ideal general purpose iron for 
most users, and they generally cope well with printed circuit board soldering and general 
interwiring. Most of these "miniature" types of iron will be of little use when attempting 
to solder large joints (e.g. very large terminals or very thick wires) because the 
component being soldered will "sink" heat away from the tip of the iron, cooling it down 
too much. (This is where a higher wattage comes in useful.) 


A proper temperature-controlled iron will be quite a lot more expensive - retailing at say 
£40 (US$ 60) or more - and will have some form of built-in thermostatic control, to 
ensure that the temperature of the bit (the tip of the iron) is maintained at a fixed level 
(within limits). This is desirable especially during more frequent use, since it helps to 
ensure that the temperature does not "overshoot" in between times, and also guarantees 
that the output will be relatively stable. Some irons have a bimetallic strip thermostat 
built into the handle which gives an audible "click" in use: other types use all-electronic 
controllers, and some may be adjustable using a screwdriver. 


Yet more expensive still, soldering stations cost from £70 (US$ 115) upwards (the iron 
may be sold separately, so you can pick the type you prefer), and consist of a complete 
bench-top control unit into which a special low-voltage soldering iron is plugged. Some 
versions might have a built-in digital temperature readout, and will have a control knob to 
enable you to vary the setting. The temperature could be boosted for soldering larger 
joints, for example, or for using higher melting-point solders (e.g. silver solder). These 
are designed for the most discerning users, or for continuous production line/ professional 
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by moving them up and 
stretching them sideways. In 
order to learn the correct shoulder 
stretch, release the interlocked 
fingers and remove the hands 
from behind the head and widen 
the wrists from the forearms, 
keeping the elbows stationary. 
Place the wrists on the floor with 
the palms facing up, touch the 
shoulders with the fingers, 
keeping the wrists on the floor 
and maintain the balance. (Plate 
97) This will not only improve the 
balance but also prepare you for 
the other Sirsasana poses 
described later. 


5. As to the position of the trunk, 
the dorsal region should be 
pushed forward as well as up. 
The lumbar (waist) and pelvic 
regions should not be pushed 
forward, while the trunk from the 
shoulders to the pelvis should be 
kept perpendicular. If the pelvic 
area juts forward, it means that 
you are bearing the weight of the 
body not on the head alone but 
also on the elbows for you have 
not stretched the dorsal region 
(the chest) correctly. When 
viewed from the side, the body 
from the neck to the heels should 
appear straight. 


6. As far as possible try and join 
the thighs, knees, ankles and 
toes. Stretch the legs fully, 
especially the back of the knees 
and thighs. If the legs swing back 
tighten the knees and the lower 
median portion of the abdomen 
above the pubes. This will keep 
the legs perpendicular. Keep the 
toes pointing up. If the legs swing 
forward, stretch the dorsal region 
and push the pelvic area slightly 


back until it is in line with the 
shoulders. The body will then 
feel light and the pose will be 
exhilarating. 


7. While going up or holding the 
head stand the eyes should never 
become bloodshot. If they do, the 
pose is faulty.* 


8. The time limit for Sirsasana 
depends upon individual 
capacity and the time at one’s 
disposal. One can hold it 
comfortably from 10 to 15 
minutes. A beginner can do it for 
2 minutes and go up to 5 minutes. 
It is always difficult for a 
beginner to balance for one 
minute, but once he succeeds he 
can be sure that from then on he 
will be able to master Sirsasana 
soon. 


9. While going up or coming 
down, move both legs together, 
inch by inch. All the movements 
should be done with exhalation. 
Inhale while waiting in a 
position. The effect of going 
down and coming up straight 
without bending the legs at the 
knees is that harmonious slow 
movement is gained and the 
flow of blood to the head is 
controlled. The face does not flush 
from jerky and fast movements, 
as the flow of blood to the waist 
and the legs is also controlled. 


* Lhave taught this pose to a lady of 65 
who was suffering from glaucoma. Now 
she finds the eyes are completely rested 
and the pain in them is much lessened. 
Medical examination revealed that the 
tension in the eyeballs had decreased. 
lam mentioning this to prove the value 
of the correct head stand. 




















Then there is no danger of losing 
balance from giddiness or 
numbness of the feet when one 
stands up immediately after the 
head balance. In course of time 
the whole movement of going 
up, staying and coming down 
should become as effortless as 
possible. In a perfect Sirsasana 
your body feels completely 
stretched and at the same time 
you experience a feeling of 
complete relaxation. 


10. It is always safe to perfect 
Sarvangasana (Plate 102) first 
before attempting Sirsasana. If 
the standing poses described 
earlier (Plates 1 to 18) and the 
various movements of 
Sarvangasana and Halasana 
(Plates 108 to 125) are mastered 
first, Sirsdsana will come without 
much effort. If these elementary 
asanas have not been mastered, 
the period taken to learn 
Sirsasana will be longer. 


11. After one has learnt to 
balance in Sirsasana, however, it 
is preferable to perform Sirsasana 
first before practising any other 
asana. This is because one cannot 
balance or hold the head stand if 
the body is exhausted by doing 
other poses or if the breathing 
becomes fast and shaky. Once 
the body is tired or the breathing 
is not free and easy, the body will 
shake and it will be difficult to 
maintain the balance. It is always 
better to do Sirsasana first when 
one is fresh. 


12. Sirsasana should always be 
followed by Sarvangasana and its 
cycle. It has been observed that 
people who devote themselves to 
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Sirsdsana alone without doing 
the Sarvangasana poses are apt to 
lose their temper over trifling 
things and become irritated 
quickly. The practice of 
Sarvangasana coupled with 
Sirsdsana checks this trait. If 
Sarvangasana is the Mother, then 
Sirsasana may be regarded as the 
Father of all asanas. And just as 
both parents are necessary for 
peace and harmony in a home, so 
the practice of both these asanas 
is essential to keep the body 
healthy and the mind tranquil 
and peaceful. 


EFFECTS OF SIRSASANA 


The ancient books have called 
Sirsasana the king of all asanas 
and the reasons are not hard to 
find. When we are born, 
normally the head comes out first 
and then the limbs. The skull 
encases the brain, which controls 
the nervous system and the 
organs of sense. The brain is the 
seat of intelligence, knowledge, 
discrimination, wisdom and 
power. It is the seat of Brahman, 
the soul. A country cannot 
prosper without a proper king or 
constitutional head to guide it; so 
also the human body cannot 
prosper without a healthy brain. 

The Bhagavad-Gita says: 
‘Harmony (sattva), mobility 
(rajas), inertia (tamas), such are 
the qualities, matter-born; they 
bind fast, O great armed one 
(Arjuna), the indestructible 
dweller in the body.’ (Fourteenth 
Discourse, verse 5) All these 
qualities stem from the brain, and 
sometimes one quality prevails 
and sometimes the others. The 
head is the centre of sattvic 
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qualities which control 
discrimination; the trunk of 
Rajasic qualities which control 
passion, emotion and actions; and 
the region below the diaphragm 
of tamasic qualities which control 
sensual pleasures like the 
enjoyment of food and drink, and 
the thrills and pleasures of sex. 
Regular practice of Sirsasana 
makes healthy pure blood flow 
through the brain cells. This 
rejuvenates them so that 
thinking power increases and 
thoughts become clearer. The 
asana is a tonic for people whose 
brains tire quickly. It ensures a 
proper blood supply to the 


pituitary and pineal glands in the 
brain. Our growth, health and 
vitality depend on the proper 
functioning of these two glands. 

People suffering from loss of 
sleep, memory and vitality have 
recovered by the regular and 
correct practice of this Asana and 
have become fountains of energy. 
The lungs gain the power to resist 
any climate and stand up to any 
work, which relieves one from 
colds, coughs, tonsillitis, halitosis 
(foul breath) and palpitations. It 
keeps the body warm. Coupled 
with Sarvangasana movements 
(Plates 108 to 125), it is a boon to 
people suffering from 


nn 


constipation. Regular practice of 
Sirsasana will show marked 
improvement in the haemoglobin 
content of the blood. 

It is not advisable to start with 
Sirsasana and Sarvangasana when 
one suffers from high or low 
blood pressure. 

Regular and precise practice of 
Sirsasana develops the body, 
disciplines the mind and widens 
the horizons of the spirit. One 
becomes balanced and self-reliant 
in pain and pleasure, loss and 
gain, shame and fame and defeat 
and victory. 
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40| Salamba 
Sarvangasana I 
TWo* 


Alamba means a prop, a support and 
sa together with or accompanied by. 
Sdlamba, therefore means supported 
or propped up. Sarvanga (Sarva = 
all, whole, entire, complete; anga = 
limb or body) means the entire body 
or all the limbs. In this pose the whole 
body benefits from the exercise, hence 
the name. 


TECHNIQUE FOR 
BEGINNERS 


1. Lie flat on the back of the 
carpet keeping the legs stretched 
out, tightened at the knees. Place 
the hands by the side of the legs, 
palms down. (Plate 98) Take a 
few deep breaths. 


2. Exhale, bend the knees and 
move the legs towards the 
stomach till the thighs press it. 
(Plate 99) Take two breaths. 


3. Raise the hips from the floor 
with an exhalation and rest the 
hands on them by bending the 
arms at the elbows. (Plate 100) 

Take two breaths. 


4. Exhale, raise the trunk up 
perpendicularly supported by 
the hands until the chest touches — 
the chin. (Plate 101) 


5, Only the back of the head and 
the neck, the shoulders and the 
backs of the arms up to the 
elbows should rest on the floor. 
Place the hands in the middle of 
the spine as in Plate 101. Take two 
breaths. 





6. Exhale and stretch the legs 
straight with the toes pointing up. 
(Front view: Plate 102. Back view: 
Plate 103) 


7. Stay in this position for 5 
minutes with even breathing. 
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8. Exhale, gradually slide down, 
release the hands, lie flat and 
relax. 


9. If you cannot do the asana with- 
out support use a stool and follow 
the technique. See Plate 104. 
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TECHNIQUE FOR 
ADVANCED PUPILS 


1. Lie flat on the back on the 
carpet. 


2. Keep the legs stretched out, 
tightened at the knees. Place the 
hands by the side of the legs, 
palms down. (Plate 98) 


3. Take a few deep breaths. 
Exhale slowly and at the same 
time raise both legs together and 
bring them at a right angle to the 
body. (Plate 105) Remain in this 
position and inhale, keeping the 
legs steady. 


4. Exhale, again raise the legs 
further up by lifting the hips and 
back from the floor, pressing the 


palms gently against the floor as 
in Plate 106. 


5. When the whole trunk is 
raised off the ground, bend the 
elbows and place the palms on 
the back of the ribs, resting the 
shoulders well on the floor. 


6. Utilize the palm pressure and 
raise the trunk and legs up 
vertically as in Plate 107 so that 
the breast-bone presses the chin 
to form a firm chinlock. The 
contraction of the throat and 
pressing the chin against the 
breast-bone to form a firm 
chinlock is known as Jalandhara 
Bandha. Remember to bring the 
chest forward to touch the chin 
and not to bring the chin 


towards the chest. If the latter is 
done, the spine is not stretched 
completely and the full effect of 
this asana will not be felt. 


7. Only the back of the head and 
neck, the shoulders and the upper 
portion of the arms up to the 
elbows should rest well on the 
floor. The remainder of the body 
should be in one straight line, 
perpendicular to the floor. This is 
the final position. (Side view: 
Plate 108) 


8. In the beginning, there 1s 4 
tendency for the legs to swing 
out of the perpendicular. To 
correct this, tighten the back thigh 
muscles and stretch up vertically. 
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9. The elbows should not be 
placed wider than the shoulders. 
Try and stretch the shoulders 
away from the neck and also to 
bring the elbows close to each 
other. If the elbows are widened, 
the trunk cannot be pulled up 
properly and the pose will look 
imperfect. Also see that the neck 
is straight with the centre of the 
chin resting on the sternum. In 
the beginning, the neck moves 
sideways and if this is not 
corrected, it will cause pain and 
injure the neck. 















10. Remain in this pose for not 
less than 5 minutes. Gradually 

increase the time to 15 minutes; 
this will have no ill effects. 


Tl. Release the hands, slide 
tothe floor, lie flat and relax. 

As the weight of the whole 
body is borne on the neck and 
Shoulders and as the hands are 
Used to support the weight this 
isana is called Salamba 
vangasana. In Sarvangasana 
@ are various movements 


‘the basic pose described above. 


can be done in addition to 
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EFFECTS 


The importance of Sarvangasana 
cannot be over-emphasized. It is 
one of the greatest boons 
conferred on humanity by our 
ancient sages. Sarvangasana is 
the mother of asanas. As a mother 
strives for harmony and 
happiness in the home, so this 
asana strives for the harmony 
and happiness of the human 
system. It is a panacea for most 
common ailments. There are 
several endocrine organs or 
ductless glands in the human 
system which bathe in blood, 
absorb the nutriments from the 
blood and secrete hormones for 
the proper functioning of a 
balanced and well developed 
body and brain. If the glands fail 
to function properly, the 
hormones are not produced as 
they should be and the body 
starts to deteriorate. Amazingly 
enough many of the asanas have 
a direct effect on the glands and 
help them to function properly. 
Sarvangasana does this for the 
thyroid and parathyroid glands 
which are situated in the neck 
region, since due to the firm 
chinlock their blood supply is 
increased. Further, since the 
body is inverted the venous 
blood flows to the heart without 
any strain by force of gravity. 
Healthy blood is allowed to 
circulate around the neck and 
chest. As a result, persons 
suffering from breathlessness, 
palpitation, asthma, bronchitis 
and throat ailments get relief. As 
the head remains firm in this 
inverted position, and the 
supply of the blood to it is 
regulated by the firm chinlock, 


the nerves are soothed and 
headaches — even chronic ones ~ 
disappear. Continued practice of 
this asana eradicates common 
colds and other nasal 
disturbances. Due to the 
soothing effect of the pose on 
the nerves, those suffering from 
hypertension, irritation, 
shortness of temper, nervous 
breakdown and insomnia are 
relieved. The change in bodily 
gravity also affects the abdominal 
organs so that the bowels move 
freely and constipation vanishes. 
As a result the system is freed 
from toxins and one feels full of 
energy. The asana is 
recommended for urinary 
disorders and uterine 
displacement, menstrual 

trouble, piles and hernia. It also 
helps to relieve epilepsy, low 
vitality and anaemia. It is no 
over-statement to say that if a 
person regularly practises 
Sarvangasana he will feel new 
vigour and strength, and will be 
happy and confident. New life 
will flow into him, his mind will 
be at peace and he will feel the 
joy of life. After a long illness, the 
practice of this Asana regularly 
twice a day brings back lost 
vitality. The Sarvangasana cycle 
activates the abdominal organs 
and relieves people suffering from 
stomach and intestinal ulcers, 
severe pains in the abdomen and 
colitis. 

People suffering from high 
blood pressure should not 
attempt Salamba Sarvangasana 
unless they do Halasana (Plate 
113) first and can stay in it for not 
less than 3 minutes. 

Do not perform Sarvangasana 
during menstruation. 


CE 


Halasana is described on the 
following pages. 


THE SARVANGASANA 
CYCLE 


These various movements can be 
practised at one stretch after 
staying in Sarvangasana (Plate 
102) from 5 to 10 minutes or more 
according to capacity; do them for 
20 to 30 seconds at a time each 
side except Halasana, which 
should last from 3 to 5 minutes at 
a stretch. 


W 





Yogasanas 9% 


41| Halasana 
FOUR* 

























Hala means a plough, the shape of 
which this posture resembles, hence 
the name. It is a part of Sarvangasana | 
and a continuation thereof. 


TECHNIQUE 


1. Do Salamba Sarvangasana 
(Plate 103) with a firm chinlock. 


2. Release the chinlock, lower 
the trunk slightly, moving the 
arms and legs over the head and 
resting the toes on the floor. 


(Plate 109) 


3. Tighten the knees by pulling 
up the hamstring muscles at the 
back of the thighs and raise the 
trunk. (Plate 110) 


4. Stretch the arms on the floor 
in the direction opposite to that 
of the legs. (Plate 111) 
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5. Interlock the fingers (Plate 
112) and turn the wrists so that 
the thumbs rest on the floor. 
(Plate 113) Stretch the palms 
along with the fingers, tighten 
the arms at the elbows and pull 
them from the shoulders. 


6. The legs and the hands are 
stretched in Opposite directions 
and this stretches the spine 
completely. 


7. While interlocking the fingers, 
it is advisable to change the 
interlock, Suppose that the right 
thumb touches the floor first, 





maintain the position for a 
minute. Then release the grip 
and bring the left thumb first on 
the floor, follow the interlock, 
finger by finger, and stretch out 
the arms for the same length of 
time. This will lead to 
harmonious development and 
elasticity of both the shoulders, 
elbows and wrists. 


8. In the beginning interlocking 
will be difficult. By gradual 
practice of the above mentioned 
positions, you will interlock the 
fingers easily. 


aaa 


9. In the beginning it is also 
difficult to keep the toes firmly on 
the floor behind the head. If you 
lengthen the timing and stretch 
of Sarvangasana (Plate 102) 
before going into Halasana, the 
toes will remain longer on the 
floor. 


10. Remain in the attainable pose 
from one to five minutes with 
normal breathing. 


11. Release the hands. Raise the 
legs up to Sarvangasana and 
gradually slide down to the floor. 
Lie flat on the back and relax. 








EFFECTS 


The effect of Halasana is the same 
as that of Sarvangasana. (Plate 
102) In addition, the abdominal 
organs are rejuvenated due to 
contraction. The spine receives 
an extra supply of blood due to 
the forward bend and this helps 
to relieve backache. Cramps in 
the hands are cured by 
interlocking and stretching the 
palms and fingers. People 
suffering from stiff shoulders 
and elbows, lumbago and 
arthritis of the back find relief in 
this 4sana. Griping pain in the 
stomach due to wind is also 
relieved and lightness is felt 
immediately. 

The pose is good for people 
with a tendency for high blood 
pressure. If they perform 
Halasana first and then 
Sarvangasana, they will not feel 
the rush of blood or the sensation 
of fullness in the head. 

Halasana is a preparatory pose 
_to Paschimottanasana. (Plate 81) 
If one improves in Halasana, the 
resulting mobility of the back 
will enable one to perform 
Paschimottanasana well. 


NOTE 


For persons suffering from high 
blood pressure the following 
technique is recommended for 
doing Halasana before they 
attempt Salamba Sarvangasana. 


1. Lie flat on the back on the 
floor. 


2. Exhale, slowly raise the legs to 
a perpendicular position and stay 
there breathing normally for 
about 10 seconds. 


3. Exhale, bring the legs over and 
beyond the head and touch the 
toes on the floor. Keep the toes 
on the floor and the legs stiff at 
the knees. 


4. If you have difficulty in 
keeping the toes on the floor, 
then place a chair or a stool 
behind the head and rest the toes 
on it. 


5. If the breathing becomes 
heavy or fast do not rest the toes 
on the floor, but on a stool or 
chair. Then fullness or pressure 
is not felt in the head. 
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6. Extend the arms over the 
head, keep them on the floor and 
stay in this position with normal 
breathing for 3 minutes. 


7. Throughout the asana, gaze at 
the tip of the nose with the eyes 
shut. 


use. The best stations have irons which are well balanced, with comfort-grip handles 
which remain cool all day. A thermocouple will be built into the tip or shaft, which 
monitors temperature. 


Anti-static protection: if you're interested in soldering a lot of static-sensitive parts (e.g. 
CMOS chips or MOSFET transistors), more advanced and expensive soldering iron 
stations use static-dissipative materials in their construction to ensure that static does not 
build up on the iron itself. You may see these listed as "ESD safe" (electrostatic 
discharge proof). The cheapest irons won't necessarily be ESD-safe but never the less 
will still probably perform perfectly well in most hobby or educational applications, if 
you take the usual anti-static precautions when handling the components. The tip would 
need to be well earthed (grounded) in these circumstances. 


Bits: it's useful to have a small selection of manufacturer's bits (soldering iron tips) 
available with different diameters or shapes, which can be changed depending on the type 
of work in hand. You'll probably find that you become accustomed to, and work best 
with, a particular shape of tip. Often, tips are iron-coated to preserve their life, or they 
may be bright-plated instead. Copper tips are seldom seen these days. 


Spare parts: it's nice to know that spare parts may be available, so if the element blows, 
you don't need to replace the entire iron. This is especially so with expensive irons. 
Check through some of the larger mail-order catalogues. 


A solder gun is a pistol-shaped iron, typically running at 10OW or more, and is 
completely unsuitable for soldering modern electronic components: they're too hot, heavy 
and unwieldy for micro-electronics use. Plumbing, maybe..! 


Soldering irons are best used along with a heat-resistant bench-type holder, so that the 
hot iron can be safely parked in between use. Soldering stations already have this feature, 
otherwise a separate soldering iron stand is essential, preferably one with a holder for tip- 
cleaning sponges. Now let's look at how to use soldering irons properly, and how to put 
things right when a joint goes wrong. 


The Basic Soldering Guide Photo Gallery 


Ssiaerts is a delicate manual skill which only comes with practice. Remember that 


your ability to solder effectively will determine directly how well the prototype or 
product functions during its lifespan. Poor soldering can be an expensive business - 
causing product failure and downtime, engineer's maintenance time and customer 
dissatisfaction. At hobbyist level, bad soldering technique can be a cause of major 
disappointment which damages your confidence. It needn't be like that: soldering is really 
easy to learn, and like learning to ride a bike, once mastered is never forgotten! 
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42| Karnapidasana 
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pain, discomfort or pressure. This is eG rer 9 whee: Aarne ine 
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along with it. 


TECHNIQUE 


1. Do Halasana (Plate 113) and 
after completing the time limit 
for that pose, flex the knees and 
rest the right knee by the side of 
the right ear and the left knee by 
the side of the left. 


2. Both knees should rest on the 
floor, pressing the ears. 


3. Keep the toes stretched out 
and join the heels and toes. Rest 
the hands either on the back of 
the ribs (Plate 114a), or 
interlock the fingers and stretch 
out the arms (Plate 114b). 





4. Remain in this position for half 
a minute or a minute with normal 1148 
breathing. 


EFFECTS 


This asana rests the trunk, heart 
and legs. The spine is stretched 
more while bending the knees, 
and this helps the circulation of 
blood round the waistline. 








43| Supta Konasana 
TWo* 


Supta means lying down and kona an 
angle. It is a variation of Haldasana 
in which the legs are spread apart. 


TECHNIQUE 


1. From Karnapidasana (Plates 
114a, 114b), stretch the legs 
straight and spread the legs as far 
apart as you can. 





2. Pull the trunk up and tighten 
the knees. 


3. Hold the right toe with the 
right hand and the left toe with 
the left one. Keep the heels up. 
After gripping the toes, move the 
dorsal region of the spine still 
further up and extend the 
hamstring muscles. (Plate 115). 


4. Stay in the pose from 20 to 30 
seconds with normal breathing. 
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EFFECTS 


This pose tones the legs and 
helps to contract the abdominal 
organs. 





44) Parsva Halasana 
FOUR* 


In Haldsana (Plate 114) both the legs 
rest behind the head. In this pose 
they rest sideways on one side of and 
in line with the head. This is the 
lateral plough pose. 


TECHNIQUE 
1. Do Supta Konasana (Plate 115) 


and come back to Halasana. 


2. Place the palms on the back of 
the ribs. 


3. Move both the legs as far as 
you can to the left. 


4. Tighten both knees, raise the 
trunk up with the help of the 


palms and stretch the legs. 
(Plate 116) 


5. Remain in this position for half 
a minute with normal breathing. 


6. Exhale, move the legs to the 
right until they are in line with 


the head and hold the pose for 
half a minute. Do not disturb the 
position of the chest and trunk 
when the legs are moved. The 
chest and trunk should remain as 
in Sarvangasana or Halasana. 
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EFFECTS 


In this Asana, the spine moves 
laterally and becomes more 
elastic. The colon, which is 
inverted during the movements, 
is exercised properly and 
elimination will be complete. 
People suffering from acute or 
chronic constipation which is the 
mother of several diseases derive 
great benefit from this asana. If 
rubbish is dumped outside our 
house we feel sick. How much 
more so when waste matter 
which creates toxins is allowed 
to accumulate in our own 
system? If this waste matter is not 
eliminated, diseases will enter 
the body like thieves and rob us 
of health. If the bowels do not 
move freely, the mind becomes 
dull and one feels heavy and 
irritable. This Asana helps us keep 
the bowels free and thereby win 
the prize of health. 


45| Eka Pada 


Sarvangasana 
FIVE* 


Eka means one, single. Pada means 
the foot. In this variation of 
Sarvangasana, one leg is on the floor 
in Halasana, while the other is in a 
vertical position along with the 
trunk. 


TECHNIQUE 


1. Do Salamba Sarvangasana I. 
(Plate 102) 


2. Keep the left leg up in 
Sarvangasana. Exhale and move 
the right leg down to the floor to 
Halasana. (Plate 117) It should 


remain stiff and straight and not 
bend at the knee. If it is not 
possible to touch the floor, lower 
the leg as far as possible. 


3. While resting the right leg on 
the floor, the left knee should be 
kept taut and not allowed to tilt 

sideways. The left leg should be 

kept straight, facing the head. 


4. Stay in the pose for 20 seconds 
maintaining normal breathing. 


5. Exhale, lift the right leg back 
to Sarvangasana, and then move 
the left leg down to the floor in 
Halasana, keeping the right leg 
vertically up and stiff. Lifting the 
leg from the floor back to 
Sarvangasana exercises the 
abdominal organs more than if 
one brings both legs down to 
Halasana. 





6. Stay on this side for the same 
length of time. 


EFFECTS 


This asana tones the kidneys and 
the leg muscles. 
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46| Parsvaika Pada 
Sarvangasana 
SIx* 


Parsva means the side. In Eka Pada 
Sarvangasana (Plate 117) the lower 
leg rests behind the head, whereas 
here it rests sideways in line with the 
trunk. 


TECHNIQUE 


1. Perform Eka Pada 
Sarvangasana on both sides as 
described above and come back 
to Sarvangasana. 


2. Exhale, move the right leg 
down sideways to the floor until 
it is in line with the trunk. (Plate 
118) Keep the right leg straight 
and stiff and do not bend it at the 
knee. If it is not possible to touch 
the floor, lower the leg as far as 


possible. 


3. The left leg which is vertically 
up should be kept straight and not 
allowed to tilt to the right. The 
tibs should be lifted with the 
palms to expand the chest fully. 
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4. Remain in the pose for 20 
seconds with normal breathing, 
exhale, and go back to 
Sarvangasana. Repeat with the 
other leg for the same length of 
time and return to Sarvangasana. 


EFFECTS 


This pose relieves constipation 
and also tones the kidneys. 
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47| Setu Bandha 
Sarvangasana (also 
called Uttana 


Mayurasana) 
TEN* 


Setu means a bridge and Setu Bandha 
means the formation or construction 
of a bridge. In this position, the body 
is arched and supported on the 
shoulders, soles and heels. The arch 
is supported by the hands at the waist. 

Ut means intense and tan means 
to stretch. This asana resembles a 
stretched peacock (Maytira), hence 
the name. 


TECHNIQUE 


1, Do Salamba Sarvangasana. 
(Plate 102) 


2. Rest the palms well on the 
back, raise the spine up, bend 
the knees (Plate 119) and throw 
the legs back over the wrists to 
the floor. (Plate 120) Stretch out 
the legs and keep them together. 
(Plate 121) 


3. The whole body forms a 
bridge, the weight of which is 
borne by the elbows and the 
wrists. The only parts of the 
body in contact with the ground 
will be the back of the head and 
neck, the shoulders, the elbows 
and the feet. Stay in the pose 
from half a minute to a minute 
with normal breathing. 


4. It is possible to lessen the 
pressure on the elbows and the 
wrists by stretching the spine 
towards the neck, keeping the 
heels firmly on the ground. 
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EFFECTS 


This asana gives the spine a 
backward movement and 
removes the strain on the neck 
caused by the other various 
movements of Sarvangasana. 

A healthy and flexible spine 
indicates a healthy nervous 
system. If the nerves are healthy 
a man is sound in mind and 


body. 


48| Urdhva Padmdsana 
in Sarvangasana 
FOUR* 


Urdhva means above, high. Padma 
means a lotus. In this Sarvaingdsana 
variation, the legs, instead of being 
kept straight up, are bent at the 
knees and crossed so that the right 
foot rests on the left thigh and the 
left foot on the right thigh as in the 
lotus pose. (Plate 53) 


TECHNIQUE 


1, From Salamba Sarvangasana, 
bend the legs at the knees and 
cross them. First place the right 
foot over the left thigh, and then 
the left foot over the right thigh. 


2. Stretch the crossed legs 
vertically up, move the knees 
closer to each other and the legs 
as far back as possible from the 
Pelvic region. (Plate 122) 


3. Stay in this pose from 20 to 30 


‘Seconds with deep and even 
breathing. 








4. Uncross the legs, return to 
Salamba Sarvangasana and repeat 
the pose by first placing the left 
foot over the right thigh and then 
the right foot over the left thigh. 
Stay for an equal length of time 
in all these positions as in the 
earlier ones. 
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49| Pindasana in 


Sarvangasana 
FIVE* 


Pinda means embryo or foetus. In 
this variation of Sarvangdsana 
which is a continuation of the earlier 
posture, the bent crossed legs are 
brought down until they rest on the 
head. The posture resembles that of 
an embryo in the womb, hence the 
name. 


TECHNIQUE 


1. From Urdhva Padmasana in 
Sarvangasana (Plate 122), 
exhale, bend and lower the 
crossed legs from the hips 
towards the head. 


2. Rest the legs over the head. 
(Plate 123) 


3. Remain in this position from 
20 to 30 seconds with normal 
breathing and go back to Urdhva 
Padmasana in Sarvangasana. 
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50| Parsva Pinddsana in 


Sarvangasana 
EIGHT* 


Parsva means the side or flank. In 
this Pindasana variation of the 
earlier pose, both the bent knees are 
moved sideways and placed on the 
floor on the same side of the trunk. 
This is the lateral embryo pose in 
Sarvangasana. 


TECHNIQUE 


1. After staying in Pindasana 
(Plate 123) turn the hips sideways 
to the right, exhale and lower 
both knees to the floor. The left 
knee should be by the side of the 
right ear. (Plate 124) 


2. The left shoulder will be raised 
off the floor in the beginning. 
Push the shoulder against the 
floor and press the left hand 
firmly against the back. If this is 
not done, you will lose balance 
and roll over to one side. 


3. Due to the lateral twist, 
breathing will be fast and difficult 
as the diaphragm is pressed in 
this position. 


4, The knee near the ear will not 
rest on the floor to start with, but 
only after long practice. 


5. Stay in this position for 20 to 
30 seconds, with normal 
breathing. 


6. Exhale, come up from the 
right side and move the crossed 
legs over to the left, so that the 
left foot will be near the left ear. 
(Plate 125) Stay here also for the 
same length of time. 
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7. Go back to Urdhva 
Padmasana. (Plate 122) Release 
the lotus pose by uncrossing the 
legs and return to Salamba 
Sarvangasana. 


8. Now change the position of the 
crossed legs. Cross the legs again 


aaa ara r 





by putting the left foot over the 
right thigh first and then the right 
foot over the left thigh instead of 
the other way as done earlier. 


9. Repeat the movements again 


on both the sides as described 
earlier. 


yg 





EFFECTS OF URDHVA 
PADMASANA AND PARSVA 
PINDASANA MOVEMENTS 
IN SARVANGASANA 


The change of crossing the legs 
brings equal pressure on both 
sides of the abdomen and colon 
and relieves constipation. For 
those suffering from chronic 
constipation a longer stay in 
Parsva Pindasana is 
recommended, and one minute 
on each side will prove most 
efficacious. Griping pain in the 
stomach is relieved by these 
poses. 

Persons with extremely flexible 
knees, can easily perform these 
positions. It is, however, difficult 
for many people to cross the legs 
in Padmasana. For them a longer 
stay in ParSva Halasana (Plate 116) 
- (there also the spine and trunk 
get a lateral twist but the legs 
remain straight) — is 
recommended. 

In all these positions breathing 
at first will be fast and laboured. 
Try to maintain normal 
breathing. 





NOTE 


The spine is given the forward, 
lateral and backward 
movements in these variations of 
Sarvangasana. In Halasana, Eka 
Pada Sarvangasana, Karna 
Pidasana and Pindasana the 
spine moves in the forward 
direction. In Parsvaika Pada 
Sarvanga, Parsva Halasana and 
ParSva Pindasana the spine 
moves laterally. In Setu Bandha 
it is given a backward 
movement. These movements 
tone the spine on all sides and 
keep it healthy. 

It is related that in the Krita 
Age (the first Age of the Universe) 
a host of Danavas (giants and 
demons) became invincible in 
battle under the leadership of 
Vrtra and scattered the Devas (or 
Gods) in all directions. Realizing 
that they could not regain their 
power until Vrtra was destroyed, 
the gods appeared before their 
Grandsire, Brahma, the creator. 
Brahma instructed them to 
consult Visnu who asked them to 


Yogdsanas 105 


obtain the bones of a sage called 
Dadhicha, from which to make a 
demon-slaying weapon. The 
gods appeared before the sage 
and begged the boon according 
to Visnu’s advice. The sage 
renounced his body for the 
benefit of the gods. From the 
spine of Dadhicha was fashioned 
Vajra, the thunderbolt, which 
Indra the king of the gods hurled 
and slew Vrtra. 

The story is symbolical. The 
Danavas represent the tamasic 
qualities in men and diseases. 
The Devas represent health, 
harmony and peace. To destroy 
the tamasic qualities and the 
diseases due to them and to enjoy 
health and happiness, we have 
to make our spines strong as a 
thunderbolt like the spine of 
Dadhicha. Then we shall enjoy 
health, harmony and happiness in 
abundance. 
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51| Jatara 


Parivartanasana 
FIVE* 


Jatara means the stomach, the belly. 
Parivartana means turning or 
rolling about, turning round. 


TECHNIQUE 


1. Lie flat on the back on the 
floor. (Plate 98) 


2. Exhale, raise both legs 
together until they are 
perpendicular to the floor. They 
should remain poker stiff, so do 
not bend them at the knees. 
(Plate 105) 


3. Stretch out both arms 
sideways in line with the 
shoulders, so that the body 
resembles a cross. 


4. Remain in this position for a 
few. breaths. Then exhale, and 
move both the legs sideways 
(Plate 126) down towards the 
floor to the left until the toes of 
the left foot almost touch the 
finger-tips of the outstretched left 
hand. (Plate 127) Try and keep the 
back well on the floor. In the 
initial stages, the right shoulder 
will be lifted off the floor. To 
prevent this ask a friend to press 
it down, or catch hold of a heavy 
piece of furniture with the right 
hand when the legs are turned 
sideways to the left. 








5. Both legs should go down 
together, the knees being kept 
tight throughout. As far as 
possible keep the lumbar portion 
of the back on the floor and turn 
the legs only from the hips. 
When the legs are near the 
outstretched left hand, move the 
abdomen to the right. 


6. Stay in the pose for about 20 
seconds, keeping the legs stiff 
throughout. Then move the still 
stiffened legs slowly back to the 
perpendicular with an 
exhalation. 


7. Remain with the legs 
perpendicular for a few breaths 
and then repeat the movements 
by lowering the legs to the right 
and turning the abdomen to the 
left. (Plate 128) Stay here also for 
the same length of time and with 
an exhalation, come back to the 
perpendicular legs position and 
then gently lower the legs to the 
floor (Plate 98) and relax. 


EFFECTS 


This asana is good for reducing 
excess fat. It tones and eradicates 
sluggishness of the liver, spleen 
and pancreas. It also cures 
gastritis and strengthens the 
intestines. By its regular practice 
all the abdominal organs are kept 
in trim. It helps to relieve sprains 
and catches in the lower back and 
the hip region. 
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These photos illustrate the basic steps in making a perfect solder joint on a p.c.b. If you're 
a beginner, our advice is that it's best to practice your soldering technique using some 
clean, new parts with perhaps some new stripboard (protoboard). Be sure to avoid using 
old, dirty parts; these can be difficult if not impossible to solder. 








(Left) Printed circuit board copper tracks must be clean to begin with, especially if 
they're not previously "tinned" with solder. Clean any raw p.c.b. copper tracks gently 
with e.g. an abrasive rubber block available from electronics suppliers. (Right) Clean the 
iron "bit" (soldering iron tip) using a damp sponge. The soldering iron featured is an 
Ungar Concept 2100 Soldering Station. Other popular brands of soldering equipment 
include Weller and Antex. 








(Left) A useful product is Multicore's Tip Tinner Cleaner (TTC) - a 15 gramme tin of 
special paste which cleans and "tins" the soldering iron iron, in one go. New tips must be 
tinned immediately when used for the first time. (Right) Insert components and splay 
the leads so that the part is held in place. 
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52| Supta 


Padangusthasana 
THIRTEEN* 


Supta means lying down. Pada is the 
foot. Angustha means the big toe. 
Hence the name. 


TECHNIQUE 


1. Lie flat on the back, stretch 
both legs and keep the knees 
tight. (Plate 98) 


2. Inhale, raise the left leg from 
the floor until it is perpendicular. 
Keep the right leg stretched fully 
on the floor and rest the right 
hand on the right thigh. 


-~ 


=“ 


3. Raise the left arm and catch 
the left big toe between the 
thumb and the fore and middle 
fingers. (Plate 129) Take 3 or 4 
deep breaths. 


4. Exhale, raise the head and 
trunk from the floor, bend the 
left arm at the elbow and pull the 
left leg towards the head without 
bending it at the knee. Pull the 
leg down, lift the head and trunk 
up together and rest the chin on 
the left knee. (Plate 130) Stay in 
this position for about 20 
seconds, keeping the right leg 
fully stretched straight along the 
floor while breathing normally. 
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5. Inhale, move the head and 
trunk back to the floor and the left 
leg back to the perpendicular. 
(Plate 129) This completes the first 
movement. 


6. Exhale, release the toe grip, 
rest the left leg on the floor beside 
the right one and keep the left 
hand on the left thigh. 


7. Take a few deep inhalations 
and then repeat on the right, 
substituting the word ‘left’ for the 
word ‘right’. 


EFFECTS 


The legs will develop properly by 
the practice of this asana. 
Persons suffering from sciatica 
and paralysis of the legs will 
derive great benefit from it. The 
blood is made to circulate in the 
legs and hips where the nerves 
are rejuvenated. The pose 
removes stiffness in the hip joints 
and prevents hernia. It can be 
practised by both men and 
women. 











53| Bharadvajasana 
ONE* 


Bharadvaja was the father of Drona, 
the military preceptor of the 
Kauravas and Pandavas, who fought 
the great war described in the 
Mahabharata. This asana is dedicated 
to Bharadvaja. 


TECHNIQUE 


1. Sit on the floor with the legs 
stretched straight in front. 
(Plate 35) 


2. Flex the knees, move the legs 
back and bring both feet to the 
tight side beside the hip. 


3. Rest the buttocks on the floor, 
turn the trunk about 45 degrees 
to the left, straighten the right 
arm and place the right hand on 
the outer side of the left thigh 
Near the left knee. Insert the right 





hand underneath the left knee, 
the palm touching the floor. 


4. Exhale, turn the left arm from 
the shoulder behind the back, 
bend the left elbow and with the 
left hand clasp the right upper 
arm above the right elbow. 


5. Turn the neck to the right and 
gaze over the right shoulder. 
(Plates 131 and 132) 


6. Hold the position for half a 
minute with deep breathing. 


7. Loosen the hand grip, 
straighten the legs and repeat the 
pose on the other side. Here, 
bring both the feet beside the left 
hip, turn the trunk to the right, 
straighten the left arm, place the 
left palm underneath the right 
knee and catch the left upper arm 
near the elbow with the right 
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hand from behind the back. Stay 
there for an equal length of time. 


EFFECTS 


This simple asana works on the 
dorsal and lumbar regions of the 
spine. People with very stiff 
backs find the other lateral 
twisting positions extremely 
difficult. This pose helps to make 
the back supple. People with 
arthritis will find it very beneficial. 
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54| Marichyasana II 
TEN” 


This is one of the sitting lateral 
twisting postures. 


TECHNIQUE 


1. Sit on the floor with the legs 
stretched straight in front. 
(Plate 35) 


2. Bend the left knee, place the 
sole and heel of the left foot flat 
on the floor. The shin of the left 
leg should be perpendicular to the 
floor and the calf should touch 
the thigh. Place the left heel near 
the perineum. The inner side of 
the left foot should touch the 
inner side of the outstretched 
right thigh. 


3. With an exhalation, turn the 
spine about 90 degrees to the 
left, so that the chest goes beyond 
the bent left thigh and bring the 
right arm over the left thigh. 
(Plate 133) 


4. Place the right shoulder 
beyond the left knee and stretch 
the right arm out forwards by 
turning the spine still more to 
the left and stretching the region 
at the back of the right floating 
ribs. (Plate 134) Take two breaths. 


5. With an exhalation, twist the 
right arm round the left knee, flex 
the right elbow and place the 
right wrist at the back of the 
waist. Inhale and hold the pose. 


6. Exhale deeply and turn the left 
arm from the shoulder behind 
the back. Either clasp the left 
hand behind the back with the 


right hand or vice versa. (Plates 
135 and 136) In the beginning, 
one finds it difficult to twist the 


trunk sideways, but with 
practice, the armpit touches the 
bent knee. After one has twisted 
the arm round the knee, one also 
finds it difficult to clasp the fingers 
of one hand with the other. 
Gradually one learns to clasp the 
fingers, then the palm and lastly 
to hold the hand at the wrist 
behind the back. 


7. The right arm should lock the 
left bent knee tightly. There 
should be no space between the 
right armpit and the bent left 
knee. 








8. After clasping the hands at the 
back, turn the spine still more to 
the left by tugging at the clasped 
hands. 


9. The whole of the outstretched 
right leg should remain straight 
and securely on the floor, but you 
will not be able to achieve this to 
start with. Tighten the muscles of 
the outstretched thigh so that the 
knee-cap is pulled up towards the 
thigh and also tighten the 
muscles of the calf of the 
outstretched leg. Then the leg will 
remain firm and extend on the 
floor. 


“ 





10. Stay in this position from half 
a minute to a minute with normal 
breathing. The neck may be 
turned either way to gaze at the 
toes of the extended leg on the 
floor or to look over the 
shoulder. 


11. Unclasp the hands at the 
back and turn the trunk back to its 
original position. Lower the bent 
leg and extend it fully on the 
floor. 


12. Then repeat the pose on the 
other side. This time bend the 
right knee and place the right foot 
firmly on the floor so that the 
right heel touches the perineum 
and the inner side of the right 
foot touches the outstretched left 
thigh. Turn the trunk about 90 
degrees to the right so that the 
left armpit touches the bent right 
knee. With an exhalation, twist 
the left arm round the right knee 
and bring the left hand to the 
back of the waist. Then throw the 
tight arm behind the back from 
the shoulder and flexing the right 
_ elbow, bring the right hand to the 
left hand and clasp them. Turn 
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still more to the right and gaze at 
either the toes of the 
outstretched left leg or over the 
right shoulder. Stay on this side 
also for the same length of time. 
Unclasp the hands, turn the 
trunk back to normal, stretch the 
right leg on the floor and relax. 


EFFECTS 


By the regular practice of this 
asana, splitting backaches, 
lumbago and pains in the hips 
disappear rapidly. The liver and 
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the spleen are contracted and so 
are toned and cease to be 
sluggish. The muscles of the neck 
gain power. Sprains in the 
shoulder and displacement of the 
shoulder joints are relieved and 
the shoulder movements become 
free. The intestines also benefit 
from this Asana. Its effects will be 
less on lean persons, for whom 
there are better poses described 
later. It also helps to reduce the 
size of the abdomen. 








112 The Illustrated Light on Yoga 


of the right ankle touches the 


55| Ardha outer side of the left thigh on the 
Ma tsyendrasana floor. Balance in this position, 
EIGHT* keeping the right shin 
perpendicular to the floor. (Plate 
137) 
Ardha means half. In the Hatha 4. Turn the trunk 90 degrees to 
Yoga Pradipika, Matsyendra is the right until the left armpit 


mentioned as one of the founders of | touches the outer side of the right 
Hatha Vidya. It is related that once __ thigh. Bring the armpit over the 
Lord Siva went toa lonely island and right knee. (Plate 138) Exhale, 
explained to his consort Parvati the stretch the left arm from the 





mysteries of Yoga. A fish near the shoulder and twist it round the 

shore heard everything with right knee. Bend the left elbow 137 
concentration and remained and move the left wrist to the 
motionless while listening. Siva, back of the waist. 


realizing that the fish had learnt 
Yoga, sprinkled water upon it, and 
immediately the fish gained divine 
form and became Matsyendra (Lord of 
the Fishes) and thereafter spread the 
knowledge of Yoga. 


TECHNIQUE 


1, Sit on the floor, with the legs 
stretched straight in front. 
(Plate 35) 


2. Bend the left knee and join the 
thigh and calf; raise the seat from 
the floor, place the left foot under 
the buttocks and sit on the left foot 
so that the left heel rests under 
the left buttock. The foot used as 
the seat should be kept horizontal 
on the floor, the outer side of the 
ankle and the little toe of the foot 
resting on the ground. If the foot 
is not so placed, it will be 
impossible to sit on it. Balance 
securely in this position. 


3. Then bend the right knee and 
lifting the right leg from the 

floor, place it by the outer side of 
the left thigh so that the outer side 



































5. The left arm should lock the 
bent right knee tightly and there 
should be no space between the 
left armpit and the bent right 
knee. To achieve this, exhale and 
move the trunk forward. Stay in 
this position and take 2 breaths. 


6. Now exhale deeply and swing 
back the right arm from the 
shoulder, bend the right elbow, 
move the right hand behind the 
waist and either clasp it with the 
left hand or vice versa. At first you 
will be able to catch a finger or 
two. With practice it will be 
possible to catch the palms and 
then the wrists behind the back. 


7. The neck may be turned to the 
left and the gaze directed over the 
left shoulder (Plate 139), or to the 
right, and the gaze fixed at the 
centre of the eyebrows. (Plate 
140) The spinal twist will be 
greater if the neck is turned to the 
left than when to the right. 


8. As the diaphragm is squeezed 
by the spinal twist, the breathing 
will at first become short and fast. 
Do not be nervous. After some 

_ Practice the pose can be held 

_ from half a minute to a minute 
with normal breathing. 


_ Release the hands, remove the 


rig! t leg and sit on the right foot 
80 that the right heel is under the 
might buttock. Place the left leg 


- 


bver the right leg and rest the left 


q 
ij 





foot on the floor so that the outer 
side of the left ankle touches the 
outer side of the right thigh on the 
floor. Turn the trunk 90 degrees 
to the left, placing the right armpit 
over the left knee and twist the 
right arm round the left knee. 

Flex the right elbow and move the 
right hand behind the waist. 

Hold the pose and take 2 breaths. 
Again exhale completely and 
swing the left arm back from the 
shoulder, bend the left elbow and 
clasp the hands behind the back at 
the wrist. Then release and relax. 


11. In the beginning it may not 
be possible to twist either arm 
round the opposite knee. In that 
case try and hold the opposite 
foot, keeping the arm straight at 
the elbow. It also takes time to 
clasp the hands behind the back. 
Gradually, the backward stretch 
of the arms will increase, and one 
will be able to catch at first the 
fingers, next the palms, then the 
wrist and as the pose is mastered 
even the forearms above the 
wrists. Beginners who find it 
difficult to sit on the foot can sit 
on the floor. 


EFFECTS 


By the practice of this asana, one 
derives the benefits mentioned 
under Marichyasana III. (Posture 
54 and Plate 135) But here as the 
range of movement is more 
intensified, the effects will also 
be greater. In Marichyasana III 
the upper part of the abdomen 
is squeezed. Here the lower part 
of the abdomen has the benefit of 
the exercise. The prostate and 
bladder are not enlarged if one 
practises regularly. 
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56| Urdhva Dhanurdsana 
SEVEN* 


Urdhva means upwards. Dhanu 
means a bow. In this posture the 
body is arched back and supported on 
the palms and soles. 


TECHNIQUE 


1. Lie flat on the back on the 
floor. (Plate 48) 


2. Bend and raise the elbows 
over the head, and place the 
palms under the shoulders. The 
distance between the palms 
should not be wider than the 
shoulders and the fingers should 
point towards the feet. 


3. Bend and raise the knees, then 
bring the feet nearer until they 
touch the hips. (Plate 141) 


4. Exhale, raise the trunk and 
rest the crown of the head on the 
floor. (Plate 142) Take two 
breaths. 





5. Now exhale, lift the trunk and 
head and arch the back so that its 
weight is taken on the palms and 
the soles. (Plate 143) 


6. Stretch the arms from the 
shoulders until the elbows are 
straightened, at the same time 
pulling the thigh muscles up. 
(Plate 144) 


7. To get a better stretch, exhale 
and pull the thigh muscles still 
higher by lifting the heels off the 
floor. (Plate 145) Extend the 
chest, stretch up the sacral region 
of the spine until the abdomen 
is taut as a drum and then lower 
the heels to the floor, maintaining 
the stretch of the spine. 


8. Remain in this position from 
half a minute to a minute, with 
normal breathing. 


9. With an exhalation, lower the 
body to the floor by bending the 
knees and elbows. 














EFFECTS 


This asana is the beginning of 
the advanced and difficult 
back-bending poses. It tones the 
§pine by stretching it fully and 


‘The back feels strong and full of 
‘life. It strengthens the arms and 
_ Wrists and has a very soothing 

_ @ffect on the head. It gives one 
Seat vitality, energy and a 
feeling of lightness. 


keeps the body alert and supple. 
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57| Savasana (also called 
Mrtasana) 


Sava or Mrta means a corpse. In this 
asana the object is to imitate a corpse. 
Once life has departed, the body 
remains still and no movements are 
possible. By remaining motionless for 
some time and keeping the mind still 
while you are fully conscious, you 
learn to relax. This conscious 
relaxation invigorates and refreshes 
both body and mind. But-it is much 
harder to keep the mind than the body 
still. Therefore, this apparently easy 
posture is one of the most difficult to 
master. 


TECHNIQUE 


1. Lie flat on the back full length 
like a corpse. Keep the hands a 
little away from the thighs, with 
the palms up. 


2. Close the eyes. If possible 
place a black cloth folded four 
times over the eyes. Keep the 
heels together and the toes 
apart. 


3. To start with breathe deeply. 
Later the breathing should be fine 
and slow, with no jerky 
movements to disturb the spine 
or the body. 


4. Concentrate on deep and fine 
exhalations, in which the nostrils 
do not feel the warmth of breath. 


5. The lower jaw should hang 
loose and not be clenched. The 
tongue should not be disturbed, 
and even the pupils of the eyes 
should be kept completely 
passive. 


6. Relax completely and breath 
out slowly. 


7. If the mind wanders, pause 
without any strain after each 
slow exhalation. 


8. Stay in the pose from 15 to 20 
minutes. 


9. One is apt to fall asleep in the 
beginning. Gradually, when the 
nerves become passive, one feels 


completely relaxed and refreshed. 


When well refreshed one feels 
energy flow from the back of the 
head towards the heels and not 
the other way round. One also 
feels as if the body is elongated. 


EFFECTS 


Verse 32 of the First Chapter of 
the Hatha Yoga Pradipika states: 
‘Lying upon one’s back on the 
ground at full length like a 
corpse is called Savasana. This 
removes the fatigue caused by 
the other asanas and induces 
calmness of mind.’ 

Mrtasana is thus described in 
verse 11 of the Second Chapter 
of the Gheranda Samhita: 








‘Lying flat on the ground (on one’s 
back) like a corpse is called 
Mrtasana. This posture destroys 
fatigue, and quiets the agitation of the 
mind.’ 

‘The mind is the lord of the 
Indriyas (the organs of senses); the 
Prana (the Breath of Life) is the lord 
of the mind.’ ‘When the mind is 
absorbed it is called Moksa (final 
emancipation, liberation of the soul); 
when Prana and Manas (the mind) 
have been absorbed, an undefinable joy 
ensues.’ 

Verses 29 and 30, chapter IV, 
Hatha Yoga Pradipika. 


To tame Prana depends upon the 
nerves. Steady, smooth, fine and 
deep breathing without any jerky 
movements of the body soothes 
the nerves and calms the mind. 
The stresses of modern 
civilization are a strain on the 
nerves for which Savasana is the 
best antidote. 





PART III 


Pranayama 


HINTS AND CAUTIONS 


Read and digest thoroughly the following hints and cautions before 
attempting the pranayama techniques mentioned later. 


QUALIFICATIONS FOR FITNESS 

1. Just as post-graduate training depends upon the ability and discipline 
acquired in mastering the subject in which one graduated, so pranayama 
training demands mastery of asanas and the strength and discipline 
arising therefrom. 


2. The fitness of the aspirant for training and advancement in pranay- 
ama is to be gauged by an experienced Guru or teacher and his personal 
supervision is essential. 


3. Pneumatic tools can cut through the hardest rock. In Pranayama the 
yogi uses his lungs as pneumatic tools. If they are not used properly, 
they destroy both the tool and the person using it. The same is true of 
pranayama. 


CLEANLINESS AND FOOD 

4. One does not enter a temple with a dirty body or mind. Before enter- 
ing the temple of his own body, the yogi observes the rules of 
cleanliness. 


5. Before starting pranayama practices the bowels should be evacuated 
and the bladder emptied. This leads to comfort in the bandhas. 


6. Preferably pranayama should be practised on an empty stomach, but 
if this is difficult, a cup of milk, tea, coffee or cocoa may be taken. Allow 
at least six hours to elapse after a meal before practising pranayama. 


7. Light food may be taken half an hour after finishing pranayama 
practices. 


TIME AND PLACE 

8. The best time for practice is in the early morning (preferably before 
sunrise) and after sunset. According to the Hatha Yoga Pradipika, pranay- 
ama should be practised four times a day, in the early morning, noon, 














(Left) It's usually best to snip the electronic component wires to length prior to soldering. 
This helps prevent transmitting mechanical shocks to the copper foil.(Right) Apply a 
clean soldering iron tip to the copper solder pad and the component lead, in order to heat 
both items at the same time. 





(Left) Continue heating and apply a few millimetres of solder. Remove the iron and 
allow the solder joint to cool naturally. (Right) It only takes a second or two, to make the 
perfect joint, which should be nice and shiny. Check the Guide for troubleshooting help. 





An example of a "dry" or "gray" soller joint - the solder failed to flow, and instead 
beaded to form globules around the wire. 
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evening and midnight, with 80 cycles at a time (chapter II, verse 11). 
This is hardly possible in the fast modern age. What is therefore rec- 
ommended is to practice at least 15 minutes a day, but the 80 cycles 
are for intensely devoted practitioners, and not for the average house- 
holder. 


9. The best seasons in which to start the practice are spring and autumn 
when the climate is equable. 


10. Pranayama should be done in a clean airy place, free from insects. 
Since noise creates restlessness practice during quiet hours. 


11. Pranayama should be practised with determination and regularity 
at the same time and place and in the same posture. Variation is permiss- 
ible only in the type of pranayama practised, that is to say, if Sarya 
Bhedana Pranayama is done one day, Sitali may be done the next day 
and Bhastrika be done on the third day. Nadi Sodhana Pranayama, 
however, should be practised daily. 


POSTURE 
12. Breathing in pranayama practices is done through the nose only, 
except in Sitali and Sitakari. 


13. Pranayama is best done sitting on the floor on a folded blanket. The 
postures suitable are Siddhasana, Virasana, Padmasana and Baddha- 
konasana. Any other sitting posture may be taken provided the back is 
kept absolutely erect from the base of the spine to the neck and perpen- 
dicular to the floor. Some types, however, may be done in a reclining 
position as detailed later. 


14. During practice no strain should be felt in the facial muscles, eyes 
and ears, or in the neck muscles, shoulders, arms, thighs and feet. The 
thighs and arms should be relaxed deliberately since they are unconsci- 
ously tensed during pranayama. 


15. Keep the tongue passive or saliva will accumulate in the mouth. If 
it does, swallow it before exhalation (rechaka) and not while holding 
the breath (kumbhaka). 


16. During inhalation and retention the rib cage should expand both 
forwards and sideways, but the area below the shoulder-blades and 
armpits should only expand forwards. 


17. To start with there will be perspiration and trembling which will 
disappear in course of time. 


18, In all the pranayama practices done in a sitting posture, the head 
should hang down from the nape of the neck, the chin resting in the 


notch between the collar-bones on the top of the breast-bone. This chin- 
lock or Jalandhara Bandha should be used except where specifically 
stated in the techniques hereafter given. 


19. Keep the eyes closed throughout as otherwise the mind will wander 
after outside objects and be distracted. The eyes, if kept open, will feel 
a burning sensation, and irritability. 


20. No pressure should be felt inside the ear during the practice of 
pranayama. 


21. The left arm is kept straight, the back of the wrist resting on the left 
knee. The forefinger is bent towards the thumb, its tip touching the tip 
of the thumb. This is the Jana Mudra described later in the technique. 


22. The right arm is bent at the elbow and the hand is kept on the nose 
to regulate the even flow of breath and to gauge its subtlety. This is felt 
through the tips of the ring and little fingers which control the left nostril 
and through the tip of the thumb which controls the right nostril. Details 
of the right hand position are discussed in the technique. In some 
methods of pranayama both the hands rest on the knees in the Jnana 
Mudra. 
























23. When a baby learns to walk by itself, the mother remains passive 
bodily, but alert mentally. In an emergency, as when the child stumbles, 
her body springs into action to save it from a fall. So also, in the practice 
of pranayama the brain is kept passive but alert. Whenever the organs 
of the body fail to work properly, the watchful brain sends messages of 
warming. The ear is told to listen for the proper sound of the breath 
(which is described below). The hand and nose are told to observe the 
sensitivity of the breath flowing through the nasal passages. 


24. It may be asked that if the brain is required to send warnings to the 
senses, how can one concentrate on pranayama? A painter absorbed in 
; his work notes various details like perspective and composition, the 
m™ colour tones and shades, the foreground and background and the 
strokes of the paint-brush all at once. A musician playing a melody 
watches his finger movements and sound patterns, the tuning of the 
instrument and its pitch. Though the artist and the musician are both 
observing and correcting the details, they are concentrating on their 
: work..So also the yogi observes details like time, posture and an even 
| breath rhythm, and is alert and sensitive to the flow of prana within him. 


_ 25. Asacareful mother teaches her child to walk carefree, so the careful 
. mind of the yogi teaches the senses to be carefree. By continued practice 
t of pranayama the senses become free of obsession for the things they 
, once pined for. 
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26. Each should measure his own capacity when doing pranayama and 
not exceed it. This may be gauged as follows: suppose one can with 
comfort inhale and exhale for 10 seconds each in rhythmic cycles for a 
given length of time, say 5 minutes. If there is any change in the rhythm 
in which the period of inhalation decreases, to say 7 or 8 seconds, one 
has reached one’s capacity. To go beyond this point, strains the lungs 
unduly and brings in its wake a host of respiratory diseases. 


27. Faulty practice puts undue stress on the lungs and diaphragm. The 
respiratory system suffers and the nervous system is adversely affected. 
The very foundation of a healthy body and sound mind is shaken by 
faulty practice of pranayama. Forceful and strained inhalation or exha- 
lation is wrong. 


28. Evenness of breathing leads to healthy nerves and so to evenness 
of mind and temper. 


29. Asanas should never be practised immediately after pranayama. If 
pranayama is done first, allow an hour to elapse before starting asanas, 
for the nerves which are soothed in pranayama are liable to be ruffled 
by the bodily movement of the asanas. 


30. Pranayama, however, may be done not less than 15 minutes after 
mild practice of asanas. 


31, Strenuous Asanas cause fatigue. When exhausted do not practise 
pranayama in any sitting posture, as the back cannot stay erect, the 
body trembles and the mind becomes disturbed. Deep breathing as in 
Ujjayi done in a reclining position relieves fatigue. 


32, When deep, steady and long breathing cannot be maintained rhyth- 
mically, stop. Do not proceed further. The rhythm should be gauged 
from the nasal sound produced in inhalation (‘ssssssa’ which sounds 
like a leak in a cycle tube) and exhalation (the aspirate ‘huuuauuuuum’ 
sound). if the volume of the sound is reduced, stop. 


33. Try to achieve an even ratio in inhalation (puraka) and exhalation 
(rechaka). For example, if one is for 5 seconds during a given continuous 
cycle, the other should be for the same time. 


34. The Ujjayi and Nadi Sodhana types of pranayama are the most 
beneficial ones which can be practised by pregnant women, preferably 
in Baddhakonasana. During pregnancy, however, the breath should 
never be held without the guidance’ of an experienced teacher. 


35. After completing any pranayama practice always lie down on the 
back like a corpse in Savasana (Plate 146) for at least 5 to 10 minutes in 
silence. The mind should be completely switched off and every limb and 





sense organ completely passive as if dead. Savasana after pranayama 
refreshes both the body and the mind. 


KUMBHAKAS 

36. Thorough mastery of inhalation (puraka) and exhalation (rechaka) is 
essential before any attempt is made to learn antara kumbhaka (retention 
following inhalation). 


37, Bahya kumbhaka (restraint following exhalation) should not be tried 
until antara kumbhaka has become natural. 


38. During the practice of kumbhaka there is a tendency to draw in air 
as well as to tighten and loosen the diaphragm and abdominal organs 
for the sake of increasing the period of retention. This is unconscious 
and unintentional. Care should be taken to avoid it. 


39. If it is found difficult to hold the breath (khumbaka) after each inha- 
lation or exhalation, do some cycles of deep breathing and then practise 
kumbhakas. For instance, 3 cycles of deep breathing may be followed 
by one cycle of kumbhaka. Then there should be another 3 cycles of 
deep breathing foliowed by a second cycle of kumbhaka, and so on. 


40. If the rhythm of inhalation or exhalation is disturbed by holding the 
breath, lessen the duration of kumbhaka. 


41. Persons suffering from eye or ear trouble (like glaucoma and pus in 
the ear) should not attempt to hold the breath. 


42. Sometimes constipation occurs in the initial stages following upon 
the introduction of kumbhaka. This is temporary and will disappear in 
due course. 


43. The normal rate of breaths per minute is 15. This rate increases 
when the body is upset by indigestion, fever, cold and cough, or by 
emotions like fear, anger or lust. The normal rate of breathing is 21,600 
breaths inhaled and exhaled every 24 hours. The yogi measures his span 
of life not by the number of days, but of breaths. Since breathing is 
lengthened in pranayama, its practice leads to longevity. 


44. Continuous practice of pranayama will change the mental outlook 
of the practitioner and reduce considerably the craving of his senses for 
worldly pleasures like smoking, drinking and sexual indulgence. 


45. In the practice of pranayama the senses are drawn inwards and in 
the silence of the kumbhaka the aspirant hears his inner voice calling: 
‘Look within! The source of all happiness is within!’ This also prepares 
him for the next stage of yoga, pratyahara, which leads to freedom from 
the domination and tyranny of the senses. 
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46. Since the eyes are kept closed throughout the practice of pranayama, 
the passage of time is noted by the mental repetition (japa) of a sacred 
word or name. This repetition of the sacred words or names is the seed 
(bija) planted in the yogi’s mind. This seed grows and makes him fit 
for dhyana or concentration, the sixth stage of Yoga. Ultimately it pro- 
duces the fruit of samadhi, where there is experience of full conscious- 
ness and supreme joy, where the yogi merges with the Maker of the 
Universe and feels what he can never express — yet cannot entirely 
conceal. Words fail to convey the experience adequately, for the mind 
cannot find words with which to describe it. It is a feeling of that peace 
which passeth all understanding. 
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TECHNIQUE AND EFFECTS OF PRANAYAMA 


58| Ujjayit Pranayama 
The prefix ud attached to verbs and 
nouns, means upwards or superiority 
in rank. It also means blowing or 
expanding. It conveys the sense of 
pre-eminence and power. 

Jaya means conquest, victory, 
triumph or success. Looked at from 
another viewpoint it implies restraint 
or curbing. 

Ujjayi is the process in which the 
lungs are fully expanded and the chest 
puffed out like that of a proud 
conqueror. 


TECHNIQUE 


1. Sit in any comfortable position 
like Padmasana (Plate 53), 
Siddhasana (Plate 38) or Virasana 
(Plate 43). 


2. Keep the back erect and rigid. 
Lower the head to the trunk. Rest 
the chin in the notch between the 
collar-bones just above the 
breast-bone. (This is the 
Jalandhara Bandha. Jala means a 
net, web, lattice or a mesh.) 


3. Stretch the arms out straight 
and rest the back of the wrists on 
the knees. Join the tips of the 
index fingers to the tips of the 
thumbs, keeping the other 
fingers extended. (This position 
or gesture of the hand is known 
as the Jnana Mudra, the symbol 
or seal of knowledge. The index 
finger symbolizes the individual 
soul and the thumb the Universal 
Soul. The union of the two 
symbolizes knowledge.) 


4. Close the eyes and look 
inwards. (Plate 147) 


5. Exhale completely. 


6. Now the Ujjayi method of 
breathing begins. 


7. Take a slow, deep steady 
breath through both nostrils. 
The passage of the incoming air 
is felt on the roof of the palate 


and makes a sibilant sound (sa). 


This sound should be heard. 





8. Fill the lungs up to the brim. 
Care should be taken not to bloat 
the abdomen in the process of 
inhalation. (Observe this in all 
types of Pranayama.) This filling 
up is called puraka (inhalation). 


9. The entire abdominal area 
from the pubes up to the 
breast-bone should be pulled 
back towards the spine. 


10. Hold the breath for a second 
or two. 
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11. Exhale slowly, deeply and 
steadily, until the lungs are 
completely empty. As you begin 
to exhale, keep your grip on the 
abdomen. After two or three 
seconds of exhalation, relax the 
diaphragm gradually and slowly. 
While exhaling the passage of 
the outgoing air should be felt on 
the roof of the palate. The 
brushing of the air on the palate 
should make an aspirate sound 
(ha). This exhalation is called 
rechaka. 


12. Wait for a second before 
drawing a fresh breath. This 
waiting period is called bahya 
kumbhaka. 


13. The process described from 
para. 7 to para. 12 completes one 
cycle of Ujjayi Pranayama. 


14. Repeat the cycles for five to 
ten minutes keeping the eyes 
closed throughout. 


15. Lie on the floor for Savasana. 
(Plate 146) 


16. Ujjayi Pranayama may be 
done without the Jalandhara 
Bandha even while walking or 
lying down. This is the only 
pranayama which can be done at 
all times of the day and night. 


EFFECTS 


This type of pranayama aerates 
the lungs, removes phlegm, 
gives endurance, soothes the 
nerves and tones the entire 
system. Ujjayi without 
kumbhaka, done in a reclining 
position, is ideal for persons 
suffering from high blood 
pressure or coronary troubles. 


— 


59| Surya Bhedana 
Pranayama 

Stirya is the sun. Bhedana is derived 

from the root bhid meaning to pierce, 

to break or pass through. 

In Stirya Bhedana Pranayama, the 
breath is inhaled through the right 
nostril. In other words the prana 
passes through the Pingala or Surya 
nadi. A kumbhaka is then performed 
and the breath is then exhaled through 
the left nostril which is the path of 
the Ida nadi. 


TECHNIQUE 


1. Sit in any comfortable position 
like Padmasana (Plate 53), 
Siddhasana (Plate 38) or Virdsana 
(Plate 43). 


2. Keep the back erect and rigid. 
Lower the head to the trunk. Rest 
the chin in the notch between the 
collar-bones just above the 
breast-bone. (This is Jalandhara 
Bandha.) 


3. Stretch the left arm. Rest the 
back of the left wrist on the left 
knee. Perform Jnana with the left 
hand (as stated in stage 3 of the 
technique of Ujjayi). 


4. Bend the right arm at the 
elbow. Bend the index and middle 
fingers towards the palm, 
keeping them passive. Bring the 
ring and little fingers towards the 
thumb. (Plate 148) 








5. Place the right thumb on the 
right side of the nose just below 
the nasal bone, the ring and little 
fingers on the left side of the. 
nose just below the nasal bone, 
just above the curve of the fatty 
tissue of the nostrils above the 
upper jaw. 

: 

_ 6, Press the ring and the little 
finger to block the left side of the 
nose completely. 


7. With the right thumb, press 
the fatty tissue on the right side 

_ S80 as to make the outer edge of 
the right nostril parallel to the 
lower edge of the cartilage of the 
Septum. 
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12. Keeping the right nostril 
completely blocked, open the 
left nostril partially and exhale 
through it slowly and deeply 
(rechaka). 


13. During the exhalation 
regulate the rhythmic flow of air 
from the left nostril by adjusting 
pressure with the ring and little 
fingers, so that the outer edge of 
the left nostril is kept parallel to 
the septum. The pressure should 
be exerted from the inner sides 
of the tips of the fingers (away 
from the nails). 


14. This completes one cycle of 
Sarya Bhedana Pranayama. 
Continue with more cycles at a 
stretch from 5 to 10 minutes, 
according to capacity. 


15. All the inhalations in Sarya 
Bhedana are from the right nostril 
and all the exhalations from the 
ieft nostril. 


8. The right thumb is bent at the 
top joint and the tip of the thumb 
is placed at a right angle to the 
septum. (Plate 149) 


9. Now inhale slowly and deeply 
controlling the aperture of the 
right nostril with the tip of the 
thumb nearer the nail. Fill the 
lungs to the brim (puraka). 


10. Then block the right nostril 
so that both are now blocked. 





11. Hold the breath for about 
5 seconds (antara kumbhaka). 
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16. Throughout the process, the 
passage of air is’ felt at the tips of 
the fingers and the thumbs and 
in the nasal membranes where 
pressure is applied. The passage 
of air makes a sound similar to air 
escaping from a cycle tube. This 
sound should be maintained 
constant throughout by varying 
pressure on the nostrils. 


17. The eyes, temples, eyebrows 
and the skin on the forehead 
should remain completely 
passive and show no’sign of 
strain. 


18. The mind should be absorbed 
completely in listening to the 
proper sound of the passage of 
air and in maintaining a proper 
rhythm in breathing. 


19. Each inhalation and 
exhalation should last for the 
same length of time. 


20. The inhalation and the 
exhalation should not be forced. 
An even and slow rhythm should 
be maintained throughout. 


21. Lie down in Savasana after 
completing pranayama. (Plate 
146) 


EFFECTS 


By reason of the pressure on the 
nostrils, in this Pranayama the 
lungs have to work more than in 
the case of Ujjayi. In Surya 
Bhedana they filled more slowly, 
steadily, and fuller than in Ujjayi. 
Sarya Bhedana increases 
digestive power, soothes and 
invigorates the nerves, and 
cleans the sinuses. 


NOTE 


It often happens that the 
passages of both the nostrils are 
not of the same width, one being 
bigger than the other. In that case 
the pressure of the fingers has to 
be adjusted. In some cases the 
right nostril is completely blocked 
while the left one is clear. In that 
case, inhalation may be done 
only through the left nostril, while 
exhalation is done only through 
the right nostril. In course of 
time due to the manipulation of 
the fingers the right nostri! clears 
and inhalation through it 
becomes possible. 


Persons suffering from low 
blood pressure will derive 
benefit but those with high 
blood pressure or heart trouble 
should not hoid their breath after 
inhalation {antara kumbhaka) 
whilst practising this 
pranayama. 


60| Nadi Sodhana 
Pranayama 
Nadi is a tubular organ of the body 
like an artery or a vein for the passage 
of prina or energy. A nddi has three 
layers like an insulated electric wire, 
The innermost layer is called sira, the 
middle layer damani and the entire 
organ as well as the outer layer is 
called nadi. 

Sodhana meaning purifying or 
cleansing, so the object of Nadi 
Sodhana Pranayama is the 
purification of the nerves. A little 
obstruction it a water pipe can cut 
off the supply completely. A little 
obstruction in the nerves can cause 
great discomfort and paralyse a limb 
or organ. 


TECHNIQUE 


1, Follow the technique in paras 
1 to 8 of Sarya Bhedana 
Pranayama. (Plate 149) 


2. Empty the lungs completely 
through the night nostnil. 
Control the aperture of the right 
nostril with the inner side of the 
right thumb, away from the nail. 


3. Now inhale slowly, steadily 
and deeply through the right 
nostril, controlling the aperture 
with the tip of the right thumb 
near the nail. Fill the jungs to the 
brim (puraka). During this 
inhalation the left nostril is 
completely blocked by the ring 
and little fingers. 


4. After fuil inhalation, block the 
right nostril completely with the 
pressure of the thumb and 
release the pressure of the ring 
and little fingers on the left 
nostril. Readjust them on the 
outer edge of the left nostri] and 
keep it parallel to the septum. 
Exhale slowly, steadily and 
deeply through the left nostril. 
Empty the lungs completely. The 
pressure should be exerted from 
the inner sides of the tips of the 
ring and little fingers (away from 
the nails) (rechaka). 


5. After full exhalation through 


‘ the left nostril, change the 


pressure on it by adjusting the 
fingers. In the changed position, 
the tips of the ring and little 
fingers nearer the nails exert the 
pressure. 


6. Now inhale through the left 
nostril slowly, steadily and 
deeply, filling the lungs to the 
brim (puraka). 


: 7, After full inhalation through 
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the left nostril, block it and exhale 


' through the right nostril, 


adjusting the pressure of the right 
thumb on the right nostril as 
stated in para, 2 above (rechaka). 


8 This completes one cycle of 


: Nadi Sodhana Pranayama. Here 


; the rhythm of breathing is as 


follows: 


§ (a) Exhale through the right 


nostril. 


(b) Inhale through the right 


nostril. 


'] (c) Exhale through the left 


nostril. 


| (d) Inhale through the left 


nostril. 








(e} Exhale through the right 
nostril. 

(f) Inhale through the right 
nostril, 

(g) Exhale through the left 
nostril. 

(h) Inhale through the left 
nostril. 

(i) Exhale through the right 
nostril. 

(j) Inhale through the right 
nostril . . . and so on. 


Stage (a) above is the preparatory 
one. The first real Nadi Sodhana 
Pranayama cycle starts at stage 
(b) and ends at stage (e). The 
second cycle starts at stage (f) 
and efids at stage (i). Stage (j) is 
the safety measure in order to 
prevent gasping, breathlessness 
and strain on the heart. 


9. Do 8 to 10 cycles at a stretch 
as described above. This may take 
6 or 8 minutes. 


10. Inhalation and exhalation 
from each side should take the 
same time. In the beginning the 
duration will be unequal. 
Persevere until equality is 
achieved. 


11. After achieving mastery over 
the equal duration and precision 
over inhalation and exhalation on 
either side an attempt may be 
made to retain breath (antara 
kumbhaka) after inhaling. 


12. This precision is only 
achieved after long practice. 


13. Retention should not disturb 
the rhythm and equality of 
inhalation and exhalation. If 
either are disturbed curtail the 
period of retention or hold the 
breath on alternate cycles. 
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14, Do not attempt to hold the 
breath after exhalation (bahya 
kumbhaka) until you have 
mastered retention after 
inhalation (antara kumbhaka). 


15. Retention and the 
lengthening of inhalation and 
exhalation should only be 
attempted with the help and 
under the guidance of an 
experienced Guru. 


16. Always conclude by lying 
down in Savasana. (Plate 146) 


EFFECTS 


The blood receives a larger 
supply of oxygen in Nadi 
Sodhana than in normal 
breathing, so that one feels 
refreshed and the nerves are 
calmed and purified. The mind 
becomes still and lucid. 


NOTE 


In the beginning the body 
perspires and shakes, while the 
thigh and arm muscles become 
tense, Such tension should be 
avoided. 


Persons suffering from high 
blood pressure or heart trouble 
should never attempt to hold 
their breath (kumbhaka). They 
can practise Nadi Sodhana 
Pranayama without retention 
(kumbhaka) with beneficial 
effect. 


Persons suffering from low 
blood pressure can do this 
pranayama with retention after 
inhalation (antara kuambhaka) 
only, with beneficial effects. 


How to solder 


‘Tisthing to the actual techniques of soldering, firstly it's best to secure the work 


somehow so that it doesn't move during soldering and affect your accuracy. In the case of 
a printed circuit board, various holding frames are fairly popular especially with densely 
populated boards: the idea is to insert all the parts on one side ("stuffing the board"), hold 
them in place with a special foam pad to prevent them falling out, turn the board over and 
then snip off the wires with cutters before making the joints. The frame saves an awful lot 
of turning the board over and over, especially with large boards. Other parts could be 
held firm in a modeller's small vice, for example. 


Solder joints may need to possess some degree of mechanical strength in some cases, 
especially with wires soldered to, say, potentiometer or switch tags, and this means that 
the wire should be looped through the tag and secured before solder is applied. The down 
side is that it is more difficult to de-solder the joint (see later) and remove the wire 
afterwards, if required. Otherwise, in the case of an ordinary circuit board, components' 
wires are bent to fit through the board, inserted flush against the board's surface, splayed 
outwards a little so that the part grips the board, and then soldered. 


In my view - opinions vary - it's generally better to snip the surplus wires leads off first, 
to make the joint more accessible and avoid applying a mechanical shock to the p.c.b. 
joint. However, in the case of semiconductors, I often tend to leave the snipping until 
after the joint has been made, since the excess wire will help to sink away some of the 
heat from the semiconductor junction. Integrated circuits can either be soldered directly 
into place if you are confident enough, or better, use a dual-in-line socket to prevent heat 
damage. The chip can then be swapped out if needed. 


Parts which become hot in operation (e.g. some resistors), are raised above the board 
slightly to allow air to circulate. Some components, especially large electrolytic 
capacitors, may require a mounting clip to be screwed down to the board first, otherwise 
the part may eventually break off due to vibration. 


The perfectly soldered joint will be nice and shiny looking, and will prove reliable in 
service. I would say that: 


¢ cleanliness 

* temperature 

* time 

¢ adequate solder coverage 


are the key factors affecting the quality of the joint. A little effort spent now in soldering 
the perfect joint may save you - or somebody else - a considerable amount of time in 
troubleshooting a defective joint in the future. The basic principles are as follows. 
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61| Viloma Pranayama 


Loma means hair. The particle vi is 
used fo denote negation or privation. 
Viloma thus means against the hair, 
against the grain, against the 
natural order of things. 

In Viloma Pranayama inhalation 
or exhalation is not one uninterrupted 
continuous process, but is 
interrupted by several pauses. For 
instance, if continuous inhalation to 
fill the lungs or continuous 
exhalation to expel the air were to take 
15 seconds in each case, in Viloma 
there would be a pause of about 2 
seconds after every third second of 
inhalation or of exhalation. The 
process of inhalation or of exhalation 
is thus lengthened to 25 seconds. The 
technique given below is in two 
stages, which are distinct. 


TECHNIQUE: STAGE I 


1. Viloma Pranayama can be 
done either in a sitting posture 
or while lying down. 


2. If done when seated, keep the 
“back erect, lower the head to the 
trunk so that the chin rests in the 
notch between the collar-bones 
on the top of the breast-bone. 
This is Jalandhara Bandha. Keep 
the hands in JNana Mundra (see 
p. 119, para 21). 


3. Inhale for 2 seconds, pause for 
2 seconds holding the breath, 
again inhale for 2 seconds, again 
pause for 2 seconds holding the 
breath, and continue like this 
until the lungs are completely full. 


4. Now hold the breath for 5 to 
10 seconds (antara kumbhaka) 
according to capacity. 


5. Exhale slowly and deeply as in 
Ujjayi with an aspirate sound 
(huuuum). 


6. This completes one cycle of 
the first stage of Viloma 
Pranayama. 


7. Repeat 10 to 15 cycles of this 
first stage at a stretch. 


STAGE II 


8. Rest for a minute or two. 


9. Then take a deep breath 
without any pauses as in Ujjayi 
with a sibilant sound (sssssssa), 
keeping the chin on the top of 
the breast-bone. Fill the lungs 
completely. 


10. Hold the breath from 5 to 10 
seconds (antara kumbhaka), 
keeping the Mila Bandha grip. 


11. Exhale for 2 seconds and 
pause for 2 seconds. Again exhale 
for 2 seconds, pause for 2 seconds 
and continue like this until the 
lungs are completely emptied. 


12. This completes one cycle of 
the second stage of Viloma 
Pranayama. 


13. Repeat the second stage of 
Viloma 10 to 15 times at a stretch. 


14. This completes Viloma 
Pranayama. 


15. Then lie down in Savasana. 
(Plate 146) 


EFFECTS 


Viloma Pranayama in the first 
stage helps those suffering from 
low blood pressure. In the second 
stage it benefits persons 
suffering from high blood 
pressure. 


The second stage of Viloma 
should only be done when lying 
down by persons suffering from 
high blood pressure. 


Those suffering from heart 
complaints should not attempt it 
until they have mastered the 
Nadi Sodhana and Ujjayi 
Pranayamas. 


As a wind drives smoke and 
impurities from the atmosphere, 
pranayama drives away the 
impurities of the body and the 
mind. Then, says Patanjali, the 
DIVINE FIRE within blazes forth in 
its full glory and the mind 
becomes fit for concentration 
(dharana) and meditation 
(dhyana). (Yoga Sutras, chapter II, 
52 and 53.) This takes a long time. 
By degrees is the darkness 
banished by the dawn. 

















Appendix 


Asana Courses 


I am giving the Asanas in a serial order for practice and the possible time it 
may take to gain control of them. 
(The figures within the brackets after the 4sanas denote the number.) 


1sT AND 2ND WEEK 
Tadasana (1); Utthita Trikonasana (3 and 4); Utthita Parsvakondsana (5 and 
6); Salamba Sarvangasana (102); Halasana (113); Savasana (146). 


3RD AND 4TH WEEK 

Utthita Trikonasana (3 and 4); Utthita Par$vakonasana (5 and 6); Virabhadra- 
sana I and II (9 and 10); ParSvottanasana (13); Salamba Sarvangasana (102); 
Halasana (115); Savasana (146). 


5TH AND 6TH WEEK 

Utthita Trikonasana (3 and 4); Utthita ParSvakonasana (5 and 6); Virabhadra- 
sana | and II (9 and 10); Parévottanasana (13); Prasarita Padottanasana (17); 
Stay ¥2 a minute on each side in all these asanas. Pariptrna Navasana (36); 
Salamba Sarvangasana (102); Halasana (113); Paschimottanasana (81); Savas- 
ana (146). 


7TH AND 8TH WEEK 

Utthita Trikondsana (3 and 4); Utthita Parsvakonasana (5 and 6); Virabhadra- 
sana I and II (9 and 10); Parsvottanasana (13); Prasarita Padottanasana (17); 
Padangusthasana (22); Pada Hastasana (24); Uttanadsana (25); Sadlamba 
Sarvangasana (102); Halasana (113); Karnapidasana (114); Dandasana (35); 
Paripurna Navasana (36); Ardha Navasana (37), Paschimottanasana (81); 
Poorvottanasana (82); Savasana (146). 


9TH WEEK 
Consolidate the 4sands and increase the length of stay in all of them. 


10TH WEEK 
Repeat all the asands and do Ujjayi Pranayama (Section 58) without sitting 
in Siddhasana (38) for 5 minutes and do Savasana (146) for 5 minutes. 


11TH AND 12TH WEEK 

Utthita Trikonasana (3 and 4); Utthita Parsvakonasana (5 and 6); Virabhadra- 
sana | and Ii (9 and 10); Parsvottanasana (13); Prasarita Padottandsana (17) 
Padangusthasana (22); Pada Hastasana (24); Uttandsana (25); Dandasana 
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(35); Pariptrna Navasana (36); Ardha Navasana (37); Maha Mudrd (61); Janu 
Sirsasana (63); Paschimottanasana (81); Poorvottanasana (82); Chaturanga 
Dandasana (30) Bhujangasana (31); Salabhasana (26); Dhanurasana (28) 
Urdhva Mukha-$vanasana (32); Ustrasana (20); Adho Mukha Svanasana 
(33); Baddha Konasana (51); Salamba Sarvangasana (102); Halasana (113); 
Karnapidasana (114); Supta Konasana (115); Parsva Haldsana (116); Savas- 
ana (146) for 5 minutes; Ujjayi Pranayama without retention (Section 58) in 
Siddhasana (38) for 5 minutes. 


13TH WEEK 
Repeat. Do Ujjayi Pranayama with inhalation retention (Section 58) in 
Siddhasana (38) or in Savasana (146). 


14TH To 18TH WEEK 

(Observe the change in the order of the asanas) 

Salamba Sirsasana (90); Utthita Trikonasana (3 and 4); Utthita Parsvakonas- 
ana (5 and 6); Virabhadrasana | and II (9 and 10); Parsvottanasana (13); 
Prasarita Padottanasana (17); Padangusthasana (22); Pada Hastasana (24); 
Uttanasana (25); Maha Mudra (61); Janu Sirsasana (63); Ardha Baddha 
Padma Paschimottanasana (66); Paschimottanasana (81); Paripoorna Navas- 
ana (36); Ardha Navasana (37); Parvottandsana (82); Ustrasana (20); Salab- 
hasana (26); Dhanurasana (28); Chaturanga Dandasana (30); Bhujangasana 
(31); Urdha Mukha Svanasana (32); Adho Mukha Svanasana (33); Virasana 
(42); Baddha Konasana (51); Salamba Sarvangasana (102); Halasana (113); 
Karnapidasana (114); Supta Konasana (115); Par$va Halasana (116); Eka Pada 
Sarvangasana (117); Parsvaika Pada Sarvangasana (118); Jatara Parivartanas- 
ana (127 and 128); Savasana (146). Do Ujjayi Pranayama (without inhalation 
retention) (Section 58) in Siddhdsana (38) or in Virasana (42) or in 
Baddhakonasana (50). 


19¢H AND 20TH WEEK 
Repeat. 

If you now find al] the standing Asanas are easy enough, you can do them 
on alternate days or twice a week. The day you do not do the standing 
asanas, devote your time to Ujjayi Pranayama (Section 58) first without 
inhalation retention for:5 minutes and then with inhalation retention for 5 
minutes and then with inhalation retention for 5 minutes. 


21sT AND 23RD WEEK 

Salamba Sirsdsana (90); if possible Urdhva Dandasana (94); Salamba Sarvan- 
gasana (102); Halasana (113); Karnapidasana (114); Supta Konasana (115); 
ParSva Halasana (116); Ekapada Sarvangasana (117); Par$vaika Pada Sarvan- 
gasana (118); Supta Padangusthasana (130); Jatara Parivartanasana (127 and 
128); Janu Sirsdsana (63); Ardha Baddha Padma Paschimottanasana (66); 
Triang 9Mukhaika-pada Paschimottanasana (69); Marichyasana 1 (71); 
Paschimottanasana (81); Upavistha Kond4sana (74); Baddhakonasana (51); 
Parvottanasana (82); Bharadwajdsana (131 and 132); Virdsana (42); 








Chaturangadandasana (30); Bhujangasana (31); Urdhva Mukha Svanasana 
(32); Adho Mukha $vandsana (33); Salabhasana (26); Dhanurasana (28); Ustr- 
Asana (20); Uttanadsana (25); Savasana (146); Ujjayi Pranayama (Section 58) 
without inhalation retention in Savasana for 5 minutes and with inhalation 
retention in Siddhasana (38); or in Padmasana (53); or in Virasana (42) or 
in Baddha Konasana (52)}. 


23RD TO 25TH WEEK 

Follow the serial order up to Padmasana (53) as in the 21st week. Then 
Parvatasana (54); Matsyasana (56); Virasana (42); Supta Virdsana (49); Bhar- 
adwajasana (131 and 132); Marichyasana II (135 and 136); Poorvottandsana 
(82); Chaturanga Dandasana (30); Urdva Mukha Svanasana (32); Adho 
Mukha Svanasana (33); Salabhasana (26); Dhanurasana (28); Ustrasana (20); 
Urdhva Dhanurasana (144); Savasana (146); then do Viloma Pranayama (Sec- 
tion 61) Stage | for 5 minutes and stage II for 5 minutes in Siddhasana (38) 
or Padmasana (53). 

When you do the standing positions, eliminate the various movements 
of Sarvangasana cycle and do the rest. For some it is easy to get Padmasana 
earlier than the stipulated period and for some it may take a little longer 
time to get mastery in the position. 


26TH TO 30TH WEEK 

Salamba Sirsisana (90); Urdhva Dandasana (94); Salamba Sarvangasana 
(102); Halasana (113); Karnapiddsana (114); Supta Konasana (115); Parsva 
Halasana (116); Eka Pada Sarvangdsana (117); Parsvaikapada Sarvangasana 
(118); Urdva Padmasana in Sarvangasana (122); Pindasana in Sarvangasana 
(123); Setu Bandha Sarvangasana (121); Jatara Parivartanasana (127 and 128); 
Paripima Navasana (36); Ardha Navasana (37); Janu Sirsdsana (63); Ardha 
Baddha Padma Paschimottanasana (66); Triang Mikhaika Pada Paschimot- 
tanasana (69); Marichyasana | (71); Paschimottanasana (81); Upavistha Kona 
sana (74); Baddha Konasana (51); Padmasana (53); Parvatasana (54); Baddha 
Padmasana (58 and 59); Yoga Mudrasana (60); Matyasana (56); Virasana 
(42); Supta Virasana (49); Bharadwajasana (131 and 132); Marichyasana II 
(135 and 136); Ardha Matsyendrasana (139 and 140); Adho Mukha Svanas- 
ana (33); Urdhva Mukha Svandsana (32); Chaturanga Dandasana (30); Salab- 
hasana (26); Dhanurdsana (28); Bhujangasana (31); Poorvottanasana (82); 
Ustrasana (20); Urdhva Dhanurasana (144) for 4 times; Savasana (146). Ujjayi 
Pranayama with Antar Kumbhaka (inhalation retention Section 58) and Vil- 
oma Pranayama (Section 61) in Siddhasana (38); or in Virasana (42) or in 
Padmasana (53). 


31st TO 32ND WEEK 
Consolidate all the 4sanas concentrating on perfection as well as timings. 
Stay in all the forward bendings for a minute on each d4sana and Paschimot- 
tanasana for 5 minutes. 
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32ND TO 35TH WEEK 

Follow the serial order up to Pindasana in Sarvangasana (123) as in the 26th 
week. Then Parsva Pindasana in Sarvangasana (124 and 125) and continue 
the serial order from Setu Bandha Sarvangasana (121) as in the 26th week 
up to Savasana (146). Do Surya Bhedana Pranayama for 5 minutes and Nadi 
Sodhana Pranayama 8 cycle only without retention. Sit in Dhyana (Plate 
150) for 3 to 5 minutes. 


One Week Course 


The following is a course which covers one-week and will benefit the body 
and bring harmony to the mind. 


FIRST DAY OF THE WEEK 

Salamba Sirsdsana (90) for 10 minutes; Urdhva Dandasana (94) for 1 minute; 
Salamba Sarvangdsana (10 minutes; Halasana (113) for 5 minutes; Utthita 
Trikonasana (3 and 4) for 30 seconds on each side; Utthita Parsva Konasana 
(5 and 6) for 30 seconds on each side; Virabhadrasana I and II for 20 seconds 
on each side; Parsvottanasana (13) for 1 minute on each side; Prasarita 
Padottanasana (17) for 1 minute; Padangustasana (22) for 30 seconds; Pada 
Hastasana (24) for 30 seconds; Uttanasana (25) for 1 minute; Paschimottanas- 
ana (81) for 5 minutes; Poorvottanasana (82) for 30 seconds; Marichyasana 
IN (135 and 136) for 30 seconds on each side; Ardha Matsyendrasana (139 
and 140) for 30 seconds on each side; Urdhva Dhanurasana for 8 to 10 
times staying 15 seconds each time; Savasana (146) for 5 minutes. Ujjayi 
Pranayama (with inhalation retention) (Section 58) for 15 minutes and 
meditation (150) to the capacity, in any dsana. Again Savasana (146) for 
5 minutes. 


SECOND DAY OF THE WEEK 

Salamba Sirsasana (90) for 10 minutes; Urdhva Dandasana (94) from 30 
seconds to 1 minute; Salamba Sarvangasana (102) for 10 minutes; Halasana 
(113) for 5 minutes; Jatara Parivartanasana (127) for half a minute on each 
side; Supta Padangustasana (130) for 20 seconds on each side; Paripiirna 
Navasana (36) for 1 minute; Ardha Navasana (37) 20 to 30 seconds; Paschim- 
ottanasana (81) for 5 minutes; Bharadwajasana (131 and 232) for 30 seconds 
each side; Marichyasana II (135 and 136) for 30 seconds each side; Ardha 
Matyendrasana (139 and 140) for 30 seconds on each side; Parvatasana (54) 
for 1 minute; Virdsana (42) for 1 minute; Supta Viradsana (49) for 1 minute; 
Ustrasana (20 for 30 seconds; Salabhasana (26) for 20 to 30 seconds; Dhanura- 
sana (28) for 30 seconds; Urdhva Mukha Svanasana (32) for 20 to 30 seconds; 
Adho Mukha Svanasana (33) for 1 minute; Uttanasana (25) for to 2 minutes; 
Savasana (146) for 5 minutes and Sirya Bhedana Pranayama (Section 59) in 
Padmasana (53) or in Siddhasana (38) or in Virasana (42) for 5 minutes 
and Nadi Sodhana Pranayama without retention for 10 minutes and sit in 
Dhyana (150) for 2 minutes. Again do Savasana (146)-for 5 minutes. 











THIRD DAY OF THE WEEK 

Salamba Sirsasana (90) for 10 minutes, Urdhva Dandasana (94) for 1 minute; 
Salamba Sarvangasana (102} for 10 minutes; Halasana (113) for 5 minutes; 
Karnapidasana (114) for 30 seconds; Supta Konasana (115) for 30 seconds; 
Parsva Halasana (116) for 30 seconds on each side; Eka Pada Sarvangasana 
(117) for 30 seconds on each side; Parsvaikapada Sarvangasana (118) for 30 
seconds on each side; Setu Bandha Sarvangasana (121) from 30 seconds to 
2 minutes; Urdhva Padmasana in Sarvangasana (122) for 30 seconds; Pindas- 
ana in Sarvangasana (123) for 30 seconds; Parsva Pindasana in Sarvangasana 
(124) for 30 seconds on each side; Jatara Parivartandsana (127 and 128) for 
30 seconds on each side twice; Supta Padangusthasana (130) for 30 seconds 
on each side; Marichyasana II (135 and 136) from 30 seconds to 60 seconds 
on each side; Ardha Matsyendrasana (139 and 140) from 30 seconds to 60 
seconds on each side; Paschimottanasana (81) for 5 minutes; Savasana (146) 
for 5 minutes. Nadigodhana Pranayama (Section 60) without Kumbhaka or 
retention 10 minutes, Sirya Bhedana Pranayama (Section 59) 10 cycles; 
Dhyana (150) for 5 minutes. 


FOURTH DAY OF THE WEEK 

Salamba Sirsasana (90) for 5 minutes; Urdhva Dandasana (94) for 1 minute; 
Salamba Sarvangasana (102) for 5 minutes; Halasana (113) for 5 minutes; 
Maha Mudra (61) for 30 seconds on each side; Janu Sirsasana (63) for 1 
minute on each side; Ardha Baddha Padma Paschimottandsana (66 and 67) 
for 1 minute on each side; Trianga Mukhaika Pada Paschimottanasana (69) 
for 1 minute on each side; Marichyasana I (71) for 1 minute on each side; 
Upavistha Konasana (74) for 1 minute; Virasana (42) for 1 minute; Supta 
Virasana for 1 minute; Baddha Padmasana (58 and 59) for 1 minute; Yoga 
Mudrasana (60) for 1 minute; Parvatasana (54) for 30 seconds; Baddha Kona- 
sana (51) for 1 minute; Paschimottanasana (81) for 5 minutes; Ujjayi Pranay- 
ama (Section 58) with inhalation retention to capacity for 8 times. Savasana 
(146) with Viloma Pranayama (Section 61) Stage I for 5 minutes. 


FIFTH DAY OF THE WEEK 

Salamba Sirsdsana (90) for 10 minutes; Urdhva Dandasana (94) for 1 minute; 
Salamba Sarvangasana (102) for 10 minutes; Halasana (113) for 5 minutes; 
Paschimottandasana (81) for 5 minutes; Bharadwajasana (131 and 132) for 30 
seconds on each side; Marichyasana Il (135 and 136) for 30 seconds on each 
side; Ardha Matsyendradsana (139 and 140) for 30 seconds on each side; 
Baddha Padmasana (58 and 59) for 1 minute; Matsyasana (56) for 30 seconds; 
Supta Virdsana (49) for 1 minute; Salabhasana (26) three times of 15 seconds 
duration; Dhanurasana (28) for 20 seconds; Bhujangasana (31) for 30 
seconds; Urdhva Mukha Svanasana (32) for 30 seconds; Urdhva Dhanuras- 
ana (144) for 15 times staying to capacity; Savasana (146) with Viloma 
Pranayama (Section 61) Stage I and Stage II for 5 minutes each. Dhyana 
(150) for 5 minutes. 
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SIXTH DAY OF THE WEEK 

Salamba Sirsasana (90) for 5 minutes; Utthita Trikonasana (3 and 4) for 15 
seconds on each side; Utthita ParSvakondsana (5 and 6) for 15 seconds on 
each side; Virabhadrasana I and II (9 and 10) for 10 seconds on each side; 
Parévottanasana (13) for 10 seconds on each side; Prasarita Padottanasana 
(17) for 15 seconds; Uttanasana (25) for 20 seconds; Salamba Sarvangasana 
(102) for 5 minutes; Halasana (113) for 5 minutes; Karnapidasana (114) for 
15 seconds; Suptakonasana (115) for 15 seconds; Par$va Halasana (116) for 15 
seconds on each side; Ekapada Sarvangasana (117) for 15 seconds on each 
side; Parsvaikapada Sarvangasana (118) for 15 seconds on each side; Setu 
Bandha Sarvangasana (121) for 1 minute; Urdhva Padmasana and Pindasana 
in Sarvangasana (122 and 123) for 15 seconds; Parsva Pindasana (124 and 
125) for 15 seconds on each side; Janu Sirsasana (63); Ardha Baddha Padma 
Paschimottanasana (66); Triang Mukhaikapada Paschimottandsana (69); 
Marichyasana I (71) all for 15 seconds on each side; Upavistha Konasana 
(74) for 15 seconds; Paripirna Navasana (36) for 30 seconds; Ardha Navas- 
ana (37) for 30 seconds; Baddha Kondasana (51) for 30 seconds; Paschimottan- 
Asana (81) for 1 minute; Poorvottanasana (82) for 15 seconds; Virasana (42) 
and Supta Virasana (49) for 15 seconds each; Parvatasana in Padmasana (54) 
for 30 seconds; Marichyasana II (135 and 136) for 30 seconds on each side; 
Ardha Matyendrasana (139 and 140) for 30 seconds on each side; Urdhva 
Dhanurasana (114) for 3 times to capacity; Savasana (146) for 5 minutes. 
Nadi Sodhana Pranayama (Section 60) 8 cycles with inhalation retention. 
Dhyana (150) for 3 minutes. 








On Sundays do Nadi Sodhana Pranayama (Section 60) for 15 minutes with 
inhalation retention and Viloma Pranayama (Section 612) Stages I] and II for 
10 minutes in Savasana (146). 

If one finds the number of asanas or the length of time to do them has 
increased one: can adjust according to capacity and the time at one’s 
disposal. 

Do Savasana (146) after Pranayama. Do Antarkumbhaka (inhalation reten- 
tion) only when you have mastered the art of deep inhalation and deep 
exhalation without any jerks. 

Do not do the asanas and Pranayama together. You may feel strained 
and fatigued, 

If you do Pranayama in the mornings then asanas can be done in the 
evenings or half an hour after the asanas. 

Never do asanaés immediately after Pranayama, but one can practise 
Pranayama after asands if one is still fresh. 

Those who wish to prostrate to the Sun (Saryanamaskar) and to develop 
the arms and chest, can do the following asanas in sequence at first for six 
rounds, increasing the number according to capacity. 


Asanas Method of breathing 
1 Tadasana (2) Inhalation 
2 Uttandsana (25) Exhalation, inhalation with head 
up 
3 Chaturanga Dandasana (30) Exhalation 
4 Urdhva Mukha Svanasana (32) Inhalation 
and go back to 
5 Chaturanga Dandasana (30) Exhalation, inhale 
6 Adho Mukha Svanasana (33) Exhale 
and from here jump to 
7 Uttanasana (25) Inhalation 


and then back to 
8 Tadasana (1) Exhalation 


Really Clean 


First, and without exception, all parts - including the iron tip itself - must be clean and 
free from contamination. Solder just will not "take" to dirty parts! Old components or 
copper board can be notoriously difficult to solder, because of the layer of oxidation 
which builds up on the surface of the leads. This repels the molten solder and this will 
soon be evident because the solder will "bead" into globules, going everywhere except 
where you need it. Dirt is the enemy of a good quality soldered joint! 


Hence, it is an absolute necessity to ensure that parts are free from grease, oxidation and 
other contamination. In the case of old resistors or capacitors, for example, where the 
leads have started to oxidise, use a small hand-held file or perhaps scrape a knife blade or 
rub a fine emery cloth over them to reveal fresh metal underneath. Stripboard and copper 
printed circuit board will generally oxidise after a few months, especially if it has been 
fingerprinted, and the copper strips can be cleaned using an abrasive rubber block, like an 
aggressive eraser, to reveal fresh shiny copper underneath. 


Also available is a fibre-glass filament brush, which is used propelling-pencil-like to 
remove any surface contamination. These tend to produce tiny particles which are highly 
irritating to skin, so avoid accidental contact with any debris. Afterwards, a wipe with a 
rag soaked in cleaning solvent will remove most grease marks and fingerprints. After 
preparing the surfaces, avoid touching the parts afterwards if at all possible. 


Another side effect of having dirty surfaces is the tendency for people to want to apply 
more heat in an attempt to "force the solder to take". This will often do more harm than 
good because it may not be possible to burn off any contaminants anyway, and the 
component may be overheated. In the case of semiconductors, temperature is quite 
critical and they may be harmed by applying such excessive heat. 


Before using the iron to make a joint, it should be "tinned" (coated with solder) by 
applying a few millimetres of solder, then wiped on a damp sponge preparing it for use: 
you should always do this immediately with a new bit, anyway. Personally, I always re- 
apply a very small amount of solder again, mainly to improve the thermal contact 
between the iron and the joint, so that the solder will flow more quickly and easily. It's 
sometimes better to tin larger parts as well before making the joint itself, but it isn't 
generally necessary with p.c.b. work. (All EPE printed circuit boards are "roller-tinned" 
to preserve their quality and to help with soldering.) A worthwhile product is Weller's Tip 
Tinner & Cleaner, a small 15 gram tinlet of paste onto which you dab a hot iron - the 
product cleans and tins the iron ready for use. An equivalent is Adcola Tip-Save. 


Normal electronics grade solder is now "lead free" and typically contains Sn 97 Ag 2.5 
Cu 0.5 (i.e. 97% tin, 2.5% silver and 0.5% copper). It already contains cores of "flux" 
which helps the molten solder to flow more easily over the joint. Flux removes oxides 
which arise during heating, and is seen as a brown fluid bubbling away on the joint. The 
use of separate acid flux paste (e.g. as used by plumbers) should NEVER be necessary in 
normal electronics applications because electronics-grade solder already contains the 
correct grade of flux! Other solders are available for specialist work, including 
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Table of Asanas 


The following table correlates the A4sanas with the plates that illustrate 


them: 


NAMES OF ASANAS, ETC. 


1. Tadasana 

2. Utthita Trikonasana 
3, Utthita Parsvakonasana 
4. Virabhadrasana I 

5. Virabhadrasana I! 

6. Parsvottanasana 

7. Prasarita Padottanasana 
8. Ustrasana 

9. Padangusthasana 

10. Pada Hastasana 

11. Uttanasana 

12. Salabhasana 

13. Dhanurasana 

14. Chaturanga Dandasana 
15. Bhujangasana 


16. Urdhva Mukha Svanasana 
17. Adho Mukha Svanasana 


18. Dandasana 

19. Paripiima Navasana 

20. Ardha Navasana 

21. Siddhasana 

22. Virasana 

23. Supta Virdsana 

24. Baddha Konasana 

25. Padmasana 

26. Parvatasana 

27. Matsyasana 

28, Baddha Padmasana 

29. Yaga Mudrasana 

30. Maha Mudra 

31, Janu Sirsdsana 

32. Ardha Baddha Padma 
Paschimottaéndsana 


INTERMEDIATE FINAL 


ASANAS ASANAS 
PLATE NO. PLATE NO. 
_— 1 

2 3 and 4 
_ Sand 6 

7 and 8 9 

_— 10 

11 and 12 13 and 14 
15 and 16 17 and 18 
19 20 

21 22 

23 24 

— 25 

27 26 

— 28 

29 30 

—_ 31 

— 32 

— 33 and 34 
— 35 

— 3% 

— 37 

— 38 

39 to 41 42 to 45 
46 to 48 49 

50 51 and 52 
—_ 53 

— 54 

55 and 57 56 

= 58 and 59 
— 60 

— 61 

62 63 

64 and 65 66 and 67 
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33. 


Triang Mukhaikapada 
Paschimottanasana 


. Marichyasana I 
. Upavistha Konasana 
. Paschimottanasana (or 


Urgrasana or Brahmacharyasana} 


, Parvottandsana 
. Salamba Sirsasana 


. Urdhva Dandasana 
. Salamba Sarvangasana 


. Halasana 

. Karnapidasana 

. Supta Konasana 

. Parg§va Halasana 

. Eka Pada Sarvangasana 

. Parévaika Pada Sarvangasana 
. Setu Bandha Sarvangasana (or 


Uttana Mayiirasana) 


. Urdhva Padmasana in 


Sarvangasana 


. Pindasana in Sarvangasana 
. Paréva Pinddsana in 


Sarvangasana 


. Jathara Parivartanasana 
. Supta Padangusthasana 
. Bharadvajasana 

. Marichyasana II 

. Ardha Matsyendrasana 
. Urdhva Dhanurasana 


. Savasana 


Pranayama 


. Ujjayi 

. Surya Bhedana 
. Nadi Sodhana 
. Viloma 


Dhyana 


68 
70 
72 and 73 


75 to 80 


83 to 89 and 
92 to 95, 97 
98 to 101 and 
104 to 107 
109 to 112 


119 and 120 


126 

129 

133 and 134 
137 and 138 
141 to 143 
and 145 


148 


69 
71 
74 


81 

82 

90, 91 
and 96 
94 

102, 103 
and 108 
113 

114 

115 

116 

117 

118 


121 
122 


123 
124 and 125 


127 and 128 
130 
131 and 132 
135 and 136 
139 and 140 
144 


146 





A 
Abhaya 
Abhinivesa 


Abhydsa 
Adhah 

Adhara 
Adhimatra 
Adhimatratama 
Adho-mukha 
Adisvara 
Advaita 


Agama 


Ahamkara 


Ahimsa 


Ajapa-mantra 


Akrodha 
Alabhdha- 
bhiimikatva 
Alamba 
Alasya 
Amanaska 
Ananta 


Anavasthitattva 





Glossary 


Negative particle meaning ‘non’, as in non-violence. 
Freedom from fear. 

Instinctive clinging to life and the fear that one may 
be cut off from all by death. 

Constant and determined study or practice. 

Down, lower. 

A support. 

Beyond measure, superior. 

The supreme one, the highest. 

Face downwards. 

The primeval Lord; an epithet of Siva. 

Non-duality of the Universal Spirit with the indi- 
vidual soul. 

Testimony or proof of an acceptable authority when 
the source of knowledge has been checked and found 
trustworthy. 

Ego or egotism; literally ‘the I-Maker’, the state that 
ascertains ‘I know’. 

Non-violence. The word has not merely the negative 
and restrictive meaning of ‘non-killing or non- 
violence’, but the positive and comprehensive mean- 
ing of ‘love embracing all creation’. 

Unconscious repetitive prayer. Every living creature 
unconsciously breathes the prayer ‘So’ham’ (Sah = 
He (the Universal Spirit), aham = am I) with each 
inward breath, and with each outgoing breath prays 
‘Hamsah’ (Aham = I am, Sah = He (the Universal 
Spirit)). 

Freedom from anger. 

Failure to attain firm ground or continuity in practice, 
feeling that it is not possible to see reality. 

Support. 

Idleness, sloth, apathy. 

The mind which is free from thoughts and desires. 
Infinite; a name of Visnu as also of Visnu’s couch, 
the serpent Sesa. 

Instability to continue the practices feeling that it is 
not necessary to continue as he thinks that he has 
reached the highest state of Samadhi. 


Anga 


Angamejayatva 

Angula 

Angustha 

Antara 

Antara 
Kumbhaka 

Antaranga 
Sadhana 


Antardtma 
Antaradtma 
Sadhana 
Anuména 
Apana 


Aparigraha 
Apunya 
Ardha 
Arjuna 


Asana 

Asmita 

Asta 

Astanga Yoga 
Asteya 

Atmé or Atman 
Atma Satkam 


Atmiyata 
Aum 


Avastha 
Avatdra 


Avidya 
Avirati 
Aydma 
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The body; a limb or a part of the body; a constituent 
part. 

Unsteadiness or tremor of the body. 

A finger; the thumb. 

The big toe. 

Within; interior. 

Suspension of breath after full inhalation. 


The inward quest of the soul by Pranayama and Pra- 
tyahara whereby the mind is brought under control 
and the senses are emancipated from the thraldom 
of objects of desire. 

The Supreme Soul residing in the heart of man. 
The innermost quest of the soul by means of Dharana 
(concentration}, Dhyana (meditation) and Samadhi. 
An inference. 

One of the vital airs which move in the sphere of the 
lower abdomen and control the function of elimin- 
ation of urine and faeces. 

Freedom from hoarding or collecting. 

Vice or demerit. 

Half. 

A Pandava prince, the mighty bowman and hero of 
the epic Mahabharata. 

Posture. The third stage of yoga. 

Egotism. 

Eight. 

The eight limbs of Yoga described by Patanjali. 
Non-stealing. 

The Supreme Soul or Brahman. 

A group of six verses written by Sankaracharya 
describing the soul in the state of Samadhi. 

The feeling of oneness, as a mother’s feeling for her 
children. 

Like the Latin word ‘Omne’, the Sanskrit word ‘Aur’ 
means ‘all’ and conveys concepts of ‘Omniscience’, 
‘Omnipresence’ and ‘Omnipotence’. 

State or condition of the mind. 

Descent, advent or incarnation of God. There are ten 
avataras of Visnu: Matsya (the Fish); Karma (the Tor- 
toise); Varaha (the Boar), Narasimha (the Man-lion); 
Vamana (the Dwarf); ParaSurama; Rama (hero of the 
epic Ramayana); Krishna (hero of the epic Mahabhar- 
ata who related the Bhagavad Gita); Balarama and 
Kalki. 

Ignorance, 

Sensuality. 

Length, expansion, extension. It also conveys the 
idea of restraint, control and stopping. 





Baddha 
Bahiranga 
Sadhana 


Bahya 
Kumbhaka 
Bandha 


Bhagavad Gita 


Bhagavan 
Bhakti 
Bhakti-marga 


Bharadviija 
Bhaya 
Bhedana 
Bhoga 
Bhoktr 


Bhranti-darsana 


Bhu 
Bhiidana 
Bhuja 
Bhujanga 
Bhimikatva 
Bija 
Bija-mantra 


Brahma 


Brahma-vidyad 
Brahmachart 


Brahmacharya 
Brahman 


Brahmanda- 
prana 
Buddhi 





Bound, caught, restrained, firm. 

The outward quest of the soul for its Maker. The first 
three stages of Yoga, namely, Yama, Niyama and 
Asana, are the outward quest and keep the seeker in 
harmony with his fellow men and nature. 
Suspension of breath after full exhalation when the 
lungs are completely empty. 

Bondage or fetter. [t means a posture where certain 
organs or parts of the body are contracted and con- 
trolled. 

The Song Divine, the sacred dialogues between 
Krishna and Arjuna. It is one of the source books 
of Hindu philosophy, containing the essence of the 
Upanishads. 

Lord; venerable, holy. 

Worship, adoration. 

The way or path to realization through adoration of 
a personal god. 

A Sage. 

Fear. 

Piercing, breaking through, passing through. 
Enjoyment; an object of pleasure. 

One who enjoys or experiences. 

Erroneous (bhranti) vision or knowledge (dargana), 
delusion. 

Land. 

The donation of land. 

The arm or the shoulder. 

A serpent, a snake. 

Firm ground. 

Seed or germ. 

A mystical syllable with a sacred prayer repeated 
mentally during pranayama, and the seed thus 
planted in the mind germinates into one-pointedness. 
The Supreme Being, the Creator. The first deity of 
thé Hindu Trinity entrusted with the work of creation 
of the world. 

The knowledge of the Supreme Spirit. 

Areligious student vowed to celibacy and abstinence. 
One who is constantly moving (charin) in Brahman 
(the Supreme Spirit); one who sees divinity in all. 

A life of celibacy, religious study and self-restraint. 
The Supreme Being, the cause of the universe, the 
all-pervading spirit of the universe. 

The cosmic breath. 


Intellect, reason, discrimination, judgement. 
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Chandra 
Chatur 
Chitta 


Chitta-viksepa 
Chitta-vrtti 


Dadhicha 


Daksa 
Daksina 
Damani 


Danava 
Danda 
Daurmanasya 
Deva 
Devadatta 


Dhanu 
Dharana 


Dhasaitjaya 


Dhr 
Dhyana 


Drona 
Duhkha 
Dvesa 
Dwi-hasta 


Eka 


Eka-tattvabhydsa 


Ekigra 


Ekagrata 
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The moon 

The number four. 

The mind in its total or collective sense, being com- 
posed of three categories: (a) Mind, having the faculty 
of attention, selection and rejection; (b) Reason, 
the decisive state which determines the distinction 
between things and (c} Ego, the l-maker. 

Distraction, confusion, perplexity. 

Fluctuations of the mind. A course of behaviour, 
mode of being, condition or mental state. 


A celebrated sage, who donated his bones to the 
gods. From these bones was fashioned the thunder- 
bolt, with which Indra, the king of the gods, slew the 
demon Vrtra. 

A celebrated prajapati, a lord of created beings. 

The right side. 

A layer with a nadi or channel for the passage of 
energy. 

A demon. 

A staff. 

Despair, dejection. 

A god. 

One of the vital airs which provides for the intake of 
extra oxygen in a tired body by causing a yawn. 

A bow. 

Concentration or complete attention. The sixth stage 
of Yoga mentioned by Patanjali. 

One of the vital airs which remains.in the bady even 
after death, and sometimes bloats up a corpse. 

To hold, to support, to maintain. 

Meditation. The seventh stage of Yoga mentioned by 
Patanjali. 

The preceptor of the Pandava and Kaurava princes 
in the arts of war, especially archery. He was the son 
of the sage Bharadvaja. 

Pain, sorrow, grief. 

Hate, dislike, repugnance. 

Two hands. 


One, single, alone, only. 

The study of the single element, the Supreme Spirit 
that pervades the innermost self of all beings. 

(Ek = one; agra = foremost.) Fixed on one object or 
point only; closely attentive, where the mental facul- 
ties are all focused on a single object. 
One-pointedness. 





Gana 
Gariga 
Gheranda 
Gheranda- 
Samhita 
Guna 


Guniatita 


Guru 


Hatha-vidya 
Hatha-yoga 


Hatha-yoga- 
pradipiki 

Himalaya 

‘Himsa 


Ida 


_ dndra 





A troop of demigods, who were Siva’s attendants. 
The river Ganges, the most sacred river in India. 

A sage, the author of Gheranda-Samhita, a classical 
work on Hatha-yoga. 

See above. 


First syllable in the word ‘Guru’, meaning darkness. 
The spleen. 

A quality, an ingredient or constituent of nature. 
One who is freed from and gone beyond or crossed 
the three gunas of Sattva, Rajas and Tamas. 
Spiritual preceptor, one who illumines the darkness 
of spiritual doubt. 


First syllable of the word ‘Hatha’, which is composed 
of the syllables ‘ha’ meaning the sun, and ‘tha’ mean- 
ing the moon, The object of Hatha-yoga is to balance 
the flow of solar and lunar energy in the human 
system. 

A plough. 

Tam He, the Universal Spirit, the unconscious 
repetitive prayer that goes on with each exhalation 
within every living creature throughout life. 

A powerful monkey chief of extraordinary strength 
and prowess, whose exploits are celebrated in the 
epic Ramayana. He was the son of Anjana and Vayu, 
the god of wind. 

The hand. 

Force. The word ‘hatha’ is used adverbially in the 
sense of ‘forcibiy’ or ‘against one’s will’. Hatha-yoga 
is so called because it prescribes rigorous discipline, 
in order to find union with the Supreme. 

The science of Hatha-yoga. 

The way towards realization through rigorous disci- 
pline. 

A celebrated textbook on Hatha-yoga written by Svat- 
marama. 

The abode of ice and snow. Name of the mountain 
ranges on the northern borders of India. 

Violence, killing. 


A nadi, a channel of energy starting from the left 
nostril, then moving to the crown of the head and 
thence descending to the base of the spine. In its 
course it conveys lunar energy and so is called 
chandra nadi (channel of the lunar energy). 

Chief of the gods. The god of thunder, lightning and 
rain. 
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Indriya 
Indriya-jaya 


Esvara 
ISvara- 
pranidhana 


Jagrata-avastha 
Jalandhara- 
bandha 


Jamuna 

Janu 

Japa 

Jatara- 
parivariana 

jathara 

Jaya 

Jiva 

Jivana 

Jivana-mukta 


Jrvana-mukti 
Jivatma 
]nana 


Jnana-marga 
frtdna-mudra 


Jfianendriya 
Kailasa 


Kaivalya 
Kaivalya-péda 


Kalidasa 


Kapila 


Karma 
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An organ of sense. 

Conquest, restraint or mastery of the senses by con- 
trolling desires. 

The Supreme Being, God. 

Dedication to the Lord of one’s actions and one’s will. 


The complete awareness of the state of the mind. 
Jalandhara is a posture where the neck and throat are 
contracted and the chin is rested in the notch between 
the collar-bones at the top of the breast-bone. 

A tributary of the Ganges. 

The knee. 

A repetitive prayer. 

An asana, in which the abdomen is made to move to 
and fro. 

The abdomen, stomach. 

Conquest, victory. It aiso means control, mastery. 

A living being, a creature. 

Life. 

A person who is emancipated during his lifetime by 
true knowledge of the Supreme Spirit. 

The emancipated state. 

The individual or personal soul. 

Sacred knowledge derived from meditation on the 
higher truths of religion and philosophy, which 
teaches a man how to understand his own nature. 
The path of knowlege by which man finds realization. 
The gesture of the hand where the tip of the index 
finger is brought in contact with the tip of the thumb, 
while the remaining three fingers are kept extended. 
The gesture is a symbol of knowledge (jnana). The 
index finger is the symbol of the individual soul, the 
thumb signifies the Supreme Universal Soul, and 
the union of these two symbolizes true knowledge. 
Hearing, touch, sight, taste and smell. 


A mountain peak in the Himalayas, considered as tne 
abode of Siva. 

Final emancipation. 

The fourth and last part of Patafijali’s Yoga Sitra, deal- 
ing with Absolution. 

The most renowned dramatist-and poet in Sanskrit 
literature, whose work ‘Sakuntala’ is universally 
respected. 

A sage, the founder of the Saankhya system, one of the 
six orthodox systems of Hindu philosophy. 

Action. 
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Karma-marga 


Karma-yoga 


Kundalini 


Lac 


Laya 
Laya-yoga 


Lobha 
Loma 





The way of an active man towards realization through 
action. 

The achievement of union with the Supreme Universal 
Soul through action. 

Organs of excretion, generation, hands, feet and 
speech. 

The ear, also one of the heroes in the Mahabharata. 
Pressure around the ear. 

Compassion, pity, tenderness. It also implies devoted 
action to alleviate the suffering of the afflicted ones. 
One of the principal Upanishads in verse and in the 
form of a dialogue between the seeker Nachiketa and 
Yama, the god of Death. 

Descendants of Kuru, who fought the fratricidal Mah- 
abharata war with their cousins the Pandavas. 

The body. 

Relating to the body. 

Whole, entire, absolute, perfect, pure. 

Pain, anguish, suffering. 

An angle. 

The most celebrated hero in Hindu mythology. The 
eighth incarnation of Visnu. 

Name of one of the subsidiary vital airs, whose func- 
tion is to prevent substances going up the nasal pass- 
ages and throat by bringing on sneezes and coughing. 
Name of first of the four ages of the world of men. 

A member of the warrior class. 

Distracted, neglected. 

A water pot, a pitcher, a chalice. 

Kumbhaka is the interval of time or retention of breath 
after full inhalation or after full exhalation. 

The Kundalini (kundala = the coil of a rope; 
Kundalini = a coiled female serpent) is the divine cos- 
mic energy. This force or energy is symbolized as a 
coiled and sleeping serpent lying dormant in the 
lowest nerve centre at the base of the spinal column, 
the Maladhara-chakra. This latent energy has to be 
aroused and made to ascend the main spinal channel, 
the Susumna piercing the chakras right up to the Sah- 
asrara, the thousand-petalled lotus in the head. Then 
the Yogi is in union with the Supreme Universal Soul. 


100,000. 

Dissolution; absorption of the mind, devotion. 
Theachievement of union with the Supreme Universal 
Soul through adoration or devotion. 

Greed. 

Hair. 
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aluminium and silver-solder. Different solder diameters are produced, too; 20-22 SWG 
(19-21 AWG) is 0.91-0.71mm diameter and is fine for most work. Choose 18 SWG (16 
AWG) for larger joints requiring more solder. 


Temperature 


Another step to successful soldering is to ensure that the temperature of all the parts is 
raised to roughly the same level before applying solder. Imagine, for instance, trying to 
solder a resistor into place on a printed circuit board: it's far better to heat both the copper 
p.c.b. and the resistor lead at the same time before applying solder, so that the solder will 
flow much more readily over the joint. Heating one part but not the other is far less 
satisfactory joint, so strive to ensure that the iron is in contact with all the components 
first, before touching the solder to it. The melting point of most solder is in the region of 
188°C (370°F) and the iron tip temperature is typically 330-350°C (626°-662°F). The 
latest lead-free solders typically require a higher temperature. 


Now is the time 


Next, the joint should be heated with the bit for just the right amount of time - during 
which a short length of solder is applied to the joint. Do not use the iron to carry molten 
solder over to the joint! Excessive time will damage the component and perhaps the 
circuit board copper foil too! Heat the joint with the tip of the iron, then continue heating 
whilst applying solder, then remove the iron and allow the joint to cool. This should take 
only a few seconds, with experience. The heating period depends on the temperature of 
your iron and size of the joint - and larger parts need more heat than smaller ones - but 
some parts (semiconductor diodes, transistors and i.c.s), are sensitive to heat and should 
not be heated for more than a few seconds. Novices sometimes buy a small clip-on heat- 
shunt, which resembles a pair of aluminium tweezers. In the case of, say, a transistor, the 
shunt is attached to one of the leads near to the transistor's body. Any excess heat then 
diverts up the heat shunt instead of into the transistor junction, thereby saving the device 
from over-heating. Beginners find them reassuring until they've gained more experience. 


Solder Coverage 


The final key to a successful solder joint is to apply an appropriate amount of solder. Too 
much solder is an unnecessary waste and may cause short circuits with adjacent joints. 
Too little and it may not support the component properly, or may not fully form a 
working joint. How much to apply, only really comes with practice. A few millimetres 
only, is enough for an "average" p.c.b. joint, (if there is such a thing). 


Here's a summary of how to make the perfect solder joint. 


1. All parts must be clean and free from dirt and grease. 

2. Try to secure the work firmly. 

3. "Tin" the iron tip with a small amount of solder. Do this immediately, with new 
tips being used for the first time. 

4. Clean the tip of the hot soldering iron on a damp sponge. 

5. Many people then add a tiny amount of fresh solder to the cleansed tip. 


Madhyama 
Maha 
Mahabhérata 


Maharsi 
Mattri 
Man 
Manas 


Manasika 
Manomani 
Mantra 
Manu 
Marga 
Marichi 


Matsya 
Matsyendra 
Moha 
Moksa 


Mrdt 
Mria 
Madha 
Mudita 
Mudra 
Mukha 
Mukta 
Mukti 


Mundakopanisad 


Nachiketé 


Nada 
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Middling, average, mediocre. 

Great, mighty, powerful, lofty, noble. 

The celebrated epic composed by Vy4sa. It includes 
the Bhagavad Gita. 

A great sage. 

Friendliness coupled with a feeling of oneness. 

To think. 

The individual mind having the power and faculty of 
attention, selection and rejection. The ruler of the 
senses, 

Of the mind, mental. 

The state of samadhi. 

A sacred thought or a prayer. 

Name of the father of the human race. 

A way, road, path. 

Name of one of the sons of Brahma. He was a sage and 
the father of KaSyapa, q.v. 

A fish. 

One of the founders of Hatha-yoga. 

Delusion, infatuation. 

Liberation, final emancipation of the soul from recur- 
ring births. 

Soft, gentle, mild. 

Dead, a corpse. 

Perplexed, confounded, foolish, dull, stupid. 

Joy, delight. 

A seal: a sealing posture. 

Face, mouth. 

Liberated. 

Release, liberation, final absolution of the soul! from 
the chain of birth and death. 

Name of a Upanishad dealing with the mystic syllable 
Aum. 


Name of the seeker and one of the principal characters 
in the Kathopanisad. His father VajaSravas wanted to 
give away all his possessions so as to acquire religious 
merit. Nachiketa felt puzzled and asked his father 
again and again: ‘To whom will you give me?’ His 
father said: ‘I give you to Yama (the god of Death).’ 
Nachiketaé went down to the realm of Death and 
obtained three boons, the last of which was the know- 
ledge of the secret of life after death. Yama tried to 
divert Nachiketa from obtaining his wish by offering 
the greatest earthly pleasures, but Nachiketa was not 
swayed from his purpose and ultimately Yama gave 
him the knowledge desired. 

Inner mystical sound. 
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Nadi 


Nadi-sodhana 
Naga 


Nava 
‘Neti Neti’ 


Niraélamba 
Niranjana 
Nirodha 
Niruddha 
Ntyama 


Pada 
Padaiigustha 
Padma 
Pandava 


Paramapéia 
Paramdtma 
Parigraha 
Pariptirna 
Parivartana 
Parivrtta 


Parivrttaika-pida 


Parsva 


Parsvaika-pida 


Parvata 
Parvati 
Paschima 
Paschimottana 


Pataiijali 
Pida 


Pinda 
Pinda-prana 





A tubular organ of the subtie body through which 
energy flows. It consists of three layers, one inside the 
other, like insulation of an electric wire. The innermost 
layer is called the ‘sira’ and the middle layer ‘damani’. 
The entire organ as well as the outer layer is called 


The purification or cleansing of the nadis. 

One of the subsidiary vital airs which relieves abdom- 
inal pressure, causing one to belch. 

A boat. 

‘Not This! Not this!’ The experience of samadhi is not 
like other experiences, which can be described in 
words. About it the sages say ‘It is not this! It is not 
this!’, for speech fails to convey the feeling of joy and 
peace experienced in that state. 

Without support. 

Unstained; free from falsehood, pure. 

Restraint, suppression. 

Restrained, checked, controlled. 

Self-purification by discipline. The second stage of 
yoga mentioned by Patarjali. 


The foot or leg; also part of a book. 

The big toe. 

A lotus. 

Name of any of the five sons of Pandu, the heroes in 
the Mahabharata. 

The highest step, the supreme state, final beatitude. 
The Supreme Spirit. 

Hoarding. 

Entire, complete. 

Turning round, revolving. 

Turned around, revolved. 

With one leg turned around. 

The side, flank; lateral. 

With one ieg turned sideways. 

A mountain. 

A goddess, consort of Siva, daughter of Himalaya. 
West; the back of the whole body from head to heels. 
Intense stretch of the back side of the body from the 
nape to the heels. 

The propounder of Yoga philosophy. He was the 
author of the Yoga Satras, the Mahabhaégya (a classical 
treatise on grammar) and a treatise on medicine. 
Pain, suffering, pressure. 

The foetus or embryo, the body. 

The individual breath, as contrasted with the cosmic 
or Universal breath. 
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Pingala 


Pliha 
Praja 
Prajfiatma 
Prakrti 


Pramada 
Pramana 
Prana 


Préna-viyu 


Pranava 
Pranayama 
Pranidhana 
Prasarita 
Prasvasa 
Pratyahara 


Pratyaksa 
Punya 
Puraka 
Parnata 
Parva 
Pirvottana 
Raga 

Raja 
R&ja-mérga 


Réja-yoga 


Raja-yogt 
Rajas 


Rajo-guna 


A nadt or channel of energy, starting from the right 
nostril, then moving to the crown of the head and 
thence downwards to the base of the spine. As the 
solar energy flows through it it is also called the 
surya-nadi. Pingala means tawny or reddish. 

The spieen. 

intelligence, wisdom. 

The intelligential self. 

Nature, the original source of the material world, con- 
sisting of three qualities, sattva, rajas and tamas. 
Indifference, insensibility. 

A standard or ideal; authority. 

Breath, respiration, life, vitality, wind, energy, 
strength. It also connotes the soul. 

The vital air which pervades the entire human body. 
It moves in the region of the chest. 

Another word for the sacred syllable Auth. 

Rhythmic control of breath. The fourth stage of yoga. 
Dedication. 

Spread out, stretched out. 

Expiration. 

Withdrawal and emancipation of the mind from the 
domination of the senses and sensual objects. The fifth 
stage of yoga. 

Direct evidence. 

Virtue, merit, righteous, just, good. 

Inhalation. 

Fullness, perfection. 

East. The front of the body. 

The intense stretch of the front side of the body. 


Love, passion, anger. 

A king, a ruler. 

The royal road to self-realization through the control 
of the mind. 

The achievement of union with the Supreme Universal 
Spirit, by becoming the ruler of one’s own mind by 
defeating its enemies. The chief of these enemies are: 
Kama (passion or lust), krodha (anger or wrath), lobha 
(greed), moha (delusion), mada (pride) and matsara 
(jealousy or envy). The eightfold yoga of Patanjali 
shows the royal road (raja-marga) for achieving this 
objective. 

One who has complete mastery over his mind and self. 
One who has conquered himself. 

Mobility or activity; one of the three qualities or con- 
stituents of everything in nature. 

The quaity of mobility or activity. 





Rechaka 
Rsi 
Ru 


Sadhaka 
Sadhana 
Sadhana-pada 


Sahajavastha 
Salabha 


Sama-sthiti 
Samadhi 


Samadhi-pada 


Samiina 
Sarnsaya 
Samskéara 
Sankaracharya 
Sanmukhi- 
mudra 


Santosa 
Saraswati 


Sattva 


Sattua-guna 
Saucha 
Sava 

Setu 
Setu-bandha 


Siddha 


Exhalation, emptying of the lungs. 
An inspired sage. 
The second syllable in the word ‘guru’, meaning light. 


A seeker, an aspirant. 

Practice, quest. 

The second part of Patafjali’s Yoga Sitras, dealing 
with the means. 

The natural state of the soul in samadhi. 

A locust. 

With support. 

Same, equal, even, upright. 

Standing still and straight. 

A state in which the aspirant is one with the object of 
his meditation, the Supreme Spirit pervading the uni- 
verse, where there is a feeling of unutterable joy and 
peace. 

The first part of Patanjali’s Yoga Sutras, dealing with 
the state of samadhi. 

One of the vital airs, whose function is to aid digestion. 
Doubt. 

Mental impression of the past. 

A celebrated teacher of the doctrine of Advaita. 

A sealing posture where the apertures in the head are 
closed and the mind is directed inwards to train it for 
meditation. 

Contentment. 

A tributary of the Ganges. Also the name of the god- 
dess of speech and learning, the consort of Brahma. 
All, whole. 

The whole body. 

The daughter of Daksa Prajapati. She immolated 
herself for the insult offered to her husband Siva 
by her father, and was then reborn as the daughter 
of Himalaya and again won Siva as her husband. 
She was the mother of Kartikeya (the god of war) 
and of Ganapati (the god of learning, wisdom and 
good luck). 

The illuminating, pure and good quality of everything 
in nature. 

The quality of goodness and purity. 

Purity, cleanliness. 

A corpse, a dead body. 

A bridge. 

The construction of a bridge. Name of an dsana in 
which the body is arched. 

A sage, seer or prophet; also a semi-divine being of 
great purity and holiness. 
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Sira 
Sirsa 
Sisya 
Siva 


Siva-sarbhita 
Smrti 
Sodhana 
“Soham 


Soka 
Sraddha 
Steya 
Sthita-prayna 


Sthiti 
Styana 
Sukha 
Sumanasya 
Sunyasinya 


Supta 
Siirya 
Stirya-bhedana 


Stirya-nadi 
Susumna 
Susupti-avastha 
Sva 

Suddhyaya 
Svana 
Svapnavastha 
Svitsa 
Sviisa-prasvasa 
Svatmarama 


Tada 
Tamas 


Tamo-guna 
Tan or Tan 
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A tubular organ in the body. See nadi. 

The head. 

A pupil, a disciple. 

Name of the third god of the Hindu Trinity, who is 
entrusted with the task of destruction. 

A classical textbook on Hatha-yoga. 

Memory, a code of law. 

Purification, cleansing. 

‘He am I’; the unconscious repetitive prayer that goes 
on with every inhalation within every living creature 
throughout life. 

Anguish, distress, grief, sorrow. 

Faith, trust. 

Theft, robbery. 

One whose wisdom is firmly established and does 
not waver; one who is unmoved by the dualities of 
pleasure and pain, gain and loss, joy and sorrow, 
victory and defeat. 

Stability. 

Languor, sloth. 

Happiness, delight, joy, pleasure, comfort. 
Benevolence. 

The mind is in a state of void (Sinya) and yet a state 
that is not void (asanya). 

Sleeping. 

The sun. 

Piercing or passing through (bhedana) the sun. Here 
the inhalation is done through the right nostril, from 
where the Pingala-nadi or Sirya-nadi starts. Exha- 
lation is done through the left nostril, from where the 
Ida-nadi or Chandra-nadi starts. 

The nadi of the sun. Another name for Pingala-nadi. 
The main channel situated inside the spinal column. 
The state of the mind in dreamless sleep. 

One's own, innate, vital force, soul, self. 

Education of the self by study of divine literature. 

A dog. 

The state of the mind in a dream. 

Inspiration. 

Heaving and sighing. 

The author of the Hatha-yoga-pradipika, a classical 
textbook on Hatha-yoga. 


A mountain. 

Darkness or ignorance, one of the three qualities or 
constituents of everything in nature. 

The quality of darkness or ignorance. 

To stretch, extend, lengthen out. 








Tap 


Tapas 


‘Tat twam asi’ 


Tattva 


Tattva-jnana 
Tejas 
Tha 


Tirieng 


Tri 

Trianga 
Trikona 
Trsna 
Turiyavastha 


Ubhaya 
Uddana 


Ugra 
Ufjayi 
Unmani 
Upanisad 


Upavistha 
Ulpeksa 





To burn, to blaze, to shine, to suffer pain, to be con- 
sumed by heat. 

A burning effort which involves purification, self- 
discipline and austerity. 

‘Thou that art.’ The realization of the real nature 
of man as being part of the divine, and of the divin- 
ity within himself, which liberates the human spirit 
from the confines of his body, mind, intellect and 
eZ0. 

The true or first principle, an element or primary sub- 
stance. The real nature of the human soul or the 
material world and the Supreme Universal Spirit per- 
vading the universe. 

The knowledge of the true principle. 

Lustre, brilliance, majesty. 

The second syllable of the word ‘hatha’. The first sy 
lable ‘ha’ stands for the sun, while the second syllable 
‘tha’ stands for the moon. The union of these two is 
Hatha-yoga. 

Horizontal, oblique, transverse, reverse and upside 
down. 

Three. 

Three limbs. 

A triangle. 

Thirst, longing, desire. 

The fourth state of the soul, combining yet transcend- 
ing the other three states of waking, dreaming and 
sleeping state - the state of samadhi. 


Both. 

One of the vital airs which pervades the human body, 
filling it with vital energy. It dwells in the thoracic 
cavity and controls the intake of air and food. 
Formidable, powerful, noble. 

A type of pranayama in which the lungs are fully 
expanded and the chest is puffed out. 

The state of samadhi. 

The word is derived from the prefixes ‘upa’ (near) 
and ‘ni’ (down), added to the root ‘sad’ (to sit). It 
means sitting down near a Guru to receive spiritual 
instruction. The Upanishads are the philosophical 
portion of the Vedas, the most ancient sacred litera- 
ture of the Hindus, dealing with the nature of man 
and the universe and the union of the individual soul 
or self with the Universal Soul. 

Seated. 

Disregard. Upeksa is not only a feeling of disdain 
for a person who has fallen into vice or a feeling of 
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Urdhva 
Urdhva-mukha 


Uttana 
Utthita 


Vacha 
Vachika 
Vairagya 
Vajra 
Valli 
Vama 
Vasané 
Vayu 
Veda 


Vibhiti 
Vibhuti-pada 


Vidya 
Vikalpa 


Viksepa 
Viksipta 
Viloma 


Viparyaya 


Vira 
Virabhadra 
Virochana 


Virya 
Visama-ortti 
Visnu 


Visvamitra 
Vitasti 
Vrksa 

Vri 
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indifference or superiority towards him. It is also a 
self-examination to find out how one would have 
behaved in like circumstances and also how far he is 
responsible for the state of the fallen one and to help 
him on to the right path. 

Raised, elevated, tending upwards. 

Face upwards. 

A camel. 

A particle, denoting intensity. 

An intense stretch, 

Raised up, extended, stretched. 


Speech. 

Relating to speech, oral. 

Absence of worldly desires. 

A thunderbolt, the weapon of Indra. 

A chapter of the Upanishads. 

The left side. 

A celebrated sage, author of several Vedic hymns. 
The wind, the vital airs. 

The sacred scriptures of the Hindus, revealed by the 
Supreme Being. 

Might, power, greatness. 

The third part of the Yoga Sutras of Patanjali, dealing 
with the powers that the yogi comes across in his 
quest. 

Knowledge, learning, lore, science. 

Fancy, resting merely on verbal expression, without 
any factual basis. 

Distraction, confusion, perplexity. 

Agitated state of the mind. 

Against the hair, against the order of things. The par- 
ticle ‘vi’ denotes negation or privation. 

A mistaken view, which is later observed to be such, 
after study. 

A hero, brave. 

A powerful hero created out of Siva’s matted hair. 
A demon prince, who was the son of Prahiada and 
the father of Bali. 

Vigour, strength, virility, enthusiasm. 

Uneven or vehement movement while breathing. 
The second deity of the Hindu trinity, entrusted with 
the preservation of the world. 

A celebrated sage. 

A span. 

A tree. 

To turn, to revolve, to roll on. 


tee 


Vrtti 


Vyadhi 
Vyana 


Yama 


Yoga 


Yoga-mudra 
Yoga Sitra 


Yogi or Yogin 
Yont-mudra 


Yuga 
Yuj 


Yukta 





A course of action, behaviour, mode of being, con- 
dition or mental state. 

Sickness, disease, illness. 

One of the vital airs, which pervades the entire body 
and circulates the energy derived from food and 
breathing all over the body. 


The god of death. Yama is also the first of the eight 
limbs or means of attaining yoga. Yamas are universal 
moral commandments or ethical disciplines trans- 
cending creeds, countries, age and time. The five 
mentioned by Patazijali are: non-violence, truth, non- 
stealing, continence and non-coveting. 

Union, communion. The word ‘yoga’ is derived from 
the root ‘yuj’ meaning to join, to yoke, to concentrate 
one’s attention on. It is the union of our will to the 
will of God, a poise of the soul which enables one to 
look evenly at life in all its aspects. The chief aim of 
yoga is to teach the means by which the human soul 
may be completely united with the Supreme Spirit 
pervading the universe and thus secure absolution. 
A posture. 

The classical work on yoga by Patafijali. it consists of 
185 terse aphorisms on yoga and it is divided into 
four parts dealing respectively with samadhi, the 
means by which yoga is attained, the powers the 
seeker comes across in his quest and the state of 
absolution. 

One who follows the path of yoga. 

Yoni means the womb or source and mudra a seal. 
Yoni-mudra is a sealing posture where the apertures 
of the head are closed and the aspirant’s senses are 
directed within to enable him to find out the source 
of his being. 

An age. 

To join, to yoke, to use, to concentrate one’s attention 
on. 

One who has attained communion with the Supreme 
Spirit pervading the universe. 
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AUSTRALIA 


BKS lyengar Association of 
Australasia 

1 Rickman Avenue 

Mosman 20868 

NSw 


Bondi Junction School of Yoga 
First Floor 

2A Waverley Street 

Bondi Junction 

Sydney 2022 

NSW 


CANADA 


BKS lyengar Yoga Association 
27-F Meadowlark Village 
Edmonton 

Alberta 

TSR 5X4 


Centre de Yoga Iyengar de 
Montreal 

919 Mont-Royal Oest 

Montreal 

PQ H2} 1x3 


BKS Iyengar Yoga Association 
PO 65694, Station F 
Vancouver, BC 

V5N SK7 


Victoria Yoga Centre 
3918 Olympic View Drive 
RR4, Victoria, BC 

V9B 5T8 


BKS lyengar Yoga Association of 


Ontario 
c/o 85 Glenforest Road 
Toronto, Ontario 
MAN 2A] 





International Addresses 


Main Associations and Centres Worldwide 


FRANCE 


Centre de Yoga lyengar de Paris 

also Association Francaise de Yoga 
lyengar 

35 ave Victor Hugo 

75116 Paris 


Centre de Yoga Iyengar de Lyon 
Clos de Fourviere 

40 Rue Roger Rodisson 

69005 Lyon 


Centre de Yoga Iyengar de 
Montpellier 

5 bis Enclos Tissie Sarrus 

34000 Montpellier 


For classes in Marseille, 
Strasbourg, Toulouse, Nice, 
Tours, Grenoble, Nantes and 
Rouen, contact the Centre de Yoga 
lyengar de Paris. 


INDIA 


R.1.M. Yoga Institute 
1107 B/l Shivajinagar 
Pune 411 016 


ITALY 


Associazione Light on Yoga Itafia 
Via delle Route 49 
50129 Firenze 


JAPAN 


Japanese lyengar Yoga Association 
Sembon Minami 557 

Nishinari-Ku 

Osaka Shi, Osaka Fu 

Japan 1557 


HOLLAND 


lyengar Yoga Centre of Amsterdam 

also Iyengar Yoga Association of 
Holland 

8 Karthuizersdwars St 

1015 KP Amsterdam 


NEW ZEALAND 


Information available from BKS 
lyengar Association of 
Australasia (see Australia) 


RUSSIA 


Iyengar Yoga Centre of Moscow 
c/o 16-49 Leninsky Prospect 
Moscow 117 071 


SOUTH AFRICA 


BKS fyengar Institute 
58 Trelawney Road 
Pietermaritzburg 
Natal 3201 


lyengar Yoga Association of South 
Africa 

PO Box 78648 

Sandton 2146 


SPAIN 


EYI—Centro de Yoga lyengar de 
Madrid 

Carrera de San Jeronimo 16 

5 28014 

Madrid 


Scola de Yoga 
C—Hortes 2 
17600 Figueres 
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UK 


Manchester & District Institute of 
Iyengar Yoga 

134 King Street 

Dukinfield 

Tameside 

Greater Manchester 


Edinburgh lyengar Yoga Centre 
195 Bruntsfield Place 
Edinburgh EH10 4DQ 


Contact the above for information 
about other jocal Institutes: 


Birmingham Iyengar Yoga Institute 

Bradford & District Institute of 
Iyengar Yoga 

Bristol Iyengar Yoga Institute 

Cambridge Iyengar Yoga Institute 

Hampshire lyengar Yoga 
Association 

Light on Yoga Association 

Liverpool & District Institute of 
lyengar Yoga 

North East Institute of lyengar Yoga 

Nottingham Iyengar Yoga Institute 

Oxford Region Iyengar Yoga Group 

South West Iyengar Yoga Institute 

Sussex Iyengar Yoga Institute 


USA 


BKS Iyengar Yoga Institute of Los 
Angeles 

also BKS lyengar Yoga National 
Association of the United States, 
Incorporated 

and lyengar Yoga Association of 
Southern California 

8223 W. Third Street 

Los Angeles 

CA 90038 


Iyengar Yoga Institute of San 
Francisco 

also lyengar Yoga Association of 
Northern California 

2404-27th Avenue 

San Francisco 

CA 94116 


Ann Arbor ’Y’ lyengar Yoga 
350 5 Sth Avenue 

Ann Arbor 

MI 48014 


lyengar Yoga Institute of New York 

also BKS Iyengar Yoga Association 
of Greater New York 

27 W 24th Street 

Suite 800 

New York 

NY 10011 


eee 


lyengar Yoga Association of 
Massachusetts, Inc. 

240-A Elm Street 

Somerville 

MA 02114 


lyengar Yoga Association of 
Minnesota 

Box 10381 

Minneapolis 

MN 55458-3381 


Iyengar Yoga Assocaiation of 
Wisconsin 

Route.2 

Box 70E 

La Crosse 

WI 54601 


lyengar Yoga Association of the 
Midwest Bioregions 

310 Gralake 

Ann Arbor 

MI 48103 


lyengar Yoga Association of 
Northern Michigan 

2319 W. Midland Road 

Auburn 

MI 48611 


6. Heat all parts of the joint with the iron for under a second or so. 

7. Continue heating, then apply sufficient solder only, to form an adequate joint. 
8. Remove and return the iron safely to its stand. 

9. It only takes two or three seconds at most, to solder the average p.c.b. joint. 
10. Do not move parts until the solder has cooled. 


Troubleshooting Guide 


¢ Solder won't "take" - grease or dirt present - desolder and clean up the parts. Or, 
material may not be suitable for soldering with lead/tin solder (eg aluminium). 

¢ Joint is crystalline or grainy-looking - has been moved before being allowed to 
cool, or joint was not heated adequately - too small an iron/ too large a joint. 

¢ Solder joint forms a "spike" - probably overheated, burning away the flux. 


Desoldering methods 


A soldered joint which is improperly made will be electrically "noisy", unreliable and is 


likely to get worse in time. It may even not have made any electrical connection at all, or 
could work initially and then cause the equipment to fail at a later date! It can be hard to 
judge the quality of a solder joint purely by appearances, because you cannot say how the 
joint actually formed on the inside, but by following the guidelines there is no reason why 
you should not obtain perfect results. 


A joint which is poorly formed is often called a "dry joint". Usually it results from dirt or 
grease preventing the solder from melting onto the parts properly, and is often noticeable 
because of the tendency of the solder not to "spread" but to form beads or globules 
instead, perhaps partially. Alternatively, if it seems to take an inordinately long time for 
the solder to spread, this is another sign of possible dirt and that the joint may potentially 
be a dry one. 


There will undoubtedly come a time when you need to remove the solder from a joint: 
possibly to replace a faulty component or fix a dry joint. The usual way is to use a 
desoldering pump or vacuum pump which works like a small spring-loaded bicycle 
pump, only in reverse! (More demanding users using CMOS devices might need a pump 
which is ESD safe.) A spring-loaded plunger is released at the push of a button and the 
molten solder is then drawn up into the pump. It may take one or two attempts to clean up 
a joint this way, but a small desoldering pump is an invaluable tool especially for p.c.b. 
work. 


Sometimes, it's effective to actually add more solder and then desolder the whole lot with 
a pump, if the solder is particularly awkward to remove. Care is needed, though, to 





es FEUD DEDUES ARES 


The Master Teacher The 
Imperial Grand Potentate, Noble: Rev. Dr. Malachi Z. York 33°/720°. 
Defines Success" 


QUESTION: What is Success? 


ANSWER: Success is the progressive realization of a worthy idea. If you have a goal and you are working 
towards that goal, then you're on the path to success. 


"A 30 Day Program " 


All One Has to Do Is Apply The Method To Their Life And Your Life Will Never Be The Same Again! 


vA 
RANANNNNNNNNNANNNNNNNANNNNNNNNNANNANNNNNNNNANANNNNANNANAANNAANN 


SAY This for 30 days straight 

I plant positive thoughts in my mind 

Tam practicing this for 30 days straight. 

I am doing a 30 day practical method. 

I am applying this method for 30 days straight. 

This is going to be easy. 

This will alter my life for the better and for ever. 

I think and I relax. 

I am writing down my want list on a card. 

I am imagining and concentrating on my want list for 30 days straight and 3 times a day. 
T am looking at this want list for 30 days straight and 3 times a day. 

SAY This for 30 days straight 

I want (state wish or want) ? 


This is my reality the moment I think about it 


I create positive habits. 

TI always think positive. 

I take control of my mind. 

My mind will only think of what T allow it to think. 
I Do more. 


I think more. 
I give myself more then I ever did before. 


I don't worry about how I am going to achieve my goals. 
All The answers will come to me. 

I think of all the reasons I can be successful. 

I write out the persons that I love to become 


T am like 
I can not live no other way after this right knowledge. 


I my whole life to live ina superior way. 

I am super-strong mentally. 

I am a super-strong physical . 

I am super-strong 9 Ethereally 

I am cured of all mental diseases, namely ignorance. 

I am a Supreme Being of the pure radiant Green Light. 
I change my mental environment and I change my life. 
I am a superior thinker. 

I am bred to be superior in mind. 

I am programmed by my superior mental environment 


I am educated Ina Superior mental environment. 


Named Nuwaubu/Wu-Nuwaubu 

I am physically and spiritually free. 

I am a supreme being. 

I am goal-minded. 

I achieve anything I want to achieve in my life. 

I am financially independent. 

I know how to use my superior knowledge to become super-successful. 
I get everything I want in my life. 

T have the super-magic touch. 

Anything I touch turns Into success. 

I continue to become more & more successful in my life. 
I always think big and successful. 

I am a super-successful supreme being. 

I am progressive In the realization of my worthy ideas. 


I do everything in any field I choose to. 
I am successful in anything I choose to do, because that's what I want to do. 


I propagate the ‘Message of the Most High’. 
I set goals. 

I am going to ....(state action) 

I am going to ....(state action) 

I am going to ....(state action) 


(set date for deadline). 


I will succeed. 


T will reach all of the goals that I set for myself. 

I set out to achieve all of them. 

I want to become a "Supreme Being " 

Iam a "Supreme Being " 

Success is anybody that's doing a pre-determined job. 
I will (state action) 

I am (Determine) 

I posses a burning desire to be what I think about all the time. 
I create all my opportunities in my life. 

I know where I am going. 

I have complete plans. 

I know my directions. 

I know my destination. 

I know where I am going all the time. 


I have the superior guidance. 


I am a superior sales man. 
T have no limits in ALL 


I always achieve. 

I sell anything, because I want to. 

I sell everything. 

I believe in what I am selling. 

I don't hurt anybody. 

I don't displease anybody. 

I make everything I do marketable to all. 
I am superior competitor. 

I am a super-winner. 

I super-succeed in my life. 


I really overstand this principle completely. 


My life is altered for super-success 


The Bes things are always attracted to me. 
Everything I want, I get. 

From now on, I won't have any problems. 

I won't have any worries. 


I don't have any doubt, nor any fears in my life. 


NANNANNNNNANNANNNNNNNANNNANNANNNNANNNANNNANNON 


"THIS IS THE KEY!!" 

SAY This for 30 days straight 

I am what I think about all the time. 

(say what you want to think about All the time) 


«<<here>>> 


Everything will come if I only be patient and wait for it. 
I am completing my purpose. 

T alter my life for The Bes. 

T alter my attitude to a superior state of mind. 
Iam a superior mind. 

I care enough for super results. 

I will achieve it. 

IT achieve all 

I am super-rich. 

I am super wealthy 

I am super-healthy. 


I am super-intelligent. 
I am super- knowledgeable on all subjects on earth and the whole boundless universe. 


Anything I think in my mind, I am it. 
Anything I feel in my heart I am it. 


My life is what my thoughts make it. 


I posses positive, crystal clear and vivid pictures in my mind of what I want to do. 


I posses positive, crystal clear and vivid pictures in my mind of what I want to become 


I know my goals and purposes In my life. 

T have set a target before me. 

I am prepared. 

I practice. 

I am talented. 

T am skillful. 

T have the complete idea. 

T achieve all of my goals when I think about them. 

I am helping to save positive agreeable Nubian people 
who don't believe in themselves. 


Possible Nine-mind revision: 
(I am helping to save positive agreeable Nubian people who don't KNOW themselves.) 


I totally believe in myself. 


Possible Nine-mind revision: 
(I totally trust in my abilities within myself.) 


I will instill this superior mind-concept in all of my children. 
I am the greatest of the great. 
My children are the greatest of the great. 


I ama chosen child of Anu. 


I have the superior-faith 

I have super-determination. 

T will succeed. 

I succeed 

I know all things are possible to me. 


I think in only positive terms. 
I get only positive things sent to me. 


I believe and I succeed. 

Possible Nine-mind revision: 

(I am conscious of my ability to achieve success) 
I know and I succeed. 

I have no doubt in myself. 

I attempt all things I want & wish for. 

I make everything happen for me in my life 

I become what I think about. 


I think about positive, concrete, worth-while goals and ideas. 


T will always become what I think about. 


I think about all the positive things I want to become in my life. 


I become what I think about. 


Anything I plant in my mind I become it. 


I plant super-success in my mind and everything I want and wish for in my life becomes reality. 


I concrete on only worth-while goals. 


T always value my mind, my body, my soul and my spirit. 


I don't take my mind, my body, my soul and my spirit for granted. 


I plan my goals in my mind. 


Iam making the most important decision in my life. 


T plan all my goals in my mind and I achieve them. 


I picture myself as a Supreme Being. 


I see myself as having already achieving all goals in my life. 
I am outstanding in everybody's eyes. 


I am a great, supreme being. 


I find everything I need in my life to help all others. 


I am super-rich in personality, fame and respect. 


I plant any thought In my mind and I easily achieve it. 


I care and work towards achieving my goals in life and everything 
T plant in my mind becomes a reality. 


That is Universal law. 


This always works, because this is Universal law. 


I am where I want to be. 


I am guided by my Inner Being 


I think, I think and I think 


I am learnt in this superior science. 


I overstand this Supreme science. 
I know this supreme science works with the forces of nature 


put your want and wish in the lines 


Iam 
I believe in 


Possible Nine-mind revision: 
(I focus on) 


I have faith in 


Possible Nine-mind revision: 
(I strive towards) 


T am in control of. 
I do the job that I love doing. 


I only do super-great things in my life 


Iam A Supreme Being of the pure radiant GREEN LIGHT 


ensure that the boards and parts are not damaged by excessive heat; the pumps 
themselves have a P.T.F.E. nozzle which is heat proof but may need replacing 
occasionally. 


An excellent alternative to a pump is to use desoldering braid, including the famous 
American "Soder-Wick" (sic) or Adcola "TISA-Wick" which are packaged in small 
dispenser reels. This product is a specially treated fine copper braid which draws molten 
solder up into the braid where it solidifies. The best way is to use the tip of the hot iron to 
press a short length of braid down onto the joint to be de-soldered. The iron will 
subsequently melt the solder, which will be drawn up into the braid. Take extreme care to 
ensure that you don't allow the solder to cool with the braid adhering to the work, or you 
run the risk of damaging p.c.b. copper tracks when you attempt to pull the braid off the 
joint. See my photo gallery for more details. 


I recommend buying a small reel of de-soldering braid, especially for larger or difficult 
joints which would take several attempts with a pump. It is surprisingly effective, 
especially on difficult joints where a desoldering pump may prove a struggle. 


The Basic De-soldering Guide Photo Gallery 
(and Black Museum of Bad Soldering) 


De. soldering is required when electronic components need to be removed from a 


circuit, usually because they are faulty. It may sometimes be necessary during testing or 
assembly, if a wrong part has been fitted or a modification has to be made. In the field, 
it's not uncommon for faulty electronic components to be swapped out, or poor joints 
(perhaps "dry" or gray joints) to need re-making properly, months or years after 
manufacture. Experienced engineers can often diagnose a particular faulty joint 
immediately, because they may have seen the same problem on similar electronic 
equipment before, especially if the equipment has a "reputation". A proper desoldering 
technique can soon be acquired with practice - all you need to do is buy some scrap 
boards to have a go with, and desolder to your heart's content! 


The next photo sequence illustrates the basic steps for desoldering a printed circuit board, 
in order to remove a faulty part. Both the technique for using a desoldering suction pump 
as well as desolder braid are illustrated. Some real-life examples of poor soldering are 
shown too, in my Black Museum of Bad Soldering! 


Remember - it costs just as much to get it right as it does to get it wrong! Practice makes 
perfect. 





(Left) The two solder joints to be desoldered, to enable a faulty electrolytic 
capacitor to be removed from the printed circuit board. 


(Right) If using a suction-type desoldering pump, apply the soldering iron tip first 
to melt the solder joint (say for 1-2 seconds). Ensure the spring-loaded desoldering 
pump is 'primed' and ready to go... 








(Left) The PTFE nozzle of the desoldering pump is applied to the molten solder and 
the spring-loaded plunger is then immediately released, drawing the molten solder 
up into the pump. Remove the soldering iron tip. Repeat the process if needed. 
Handy tip: sometimes it helps to add some fresh solder and then desolder the whole 
joint. 


(Right) The first p.c.b. joint, now desoldered. The second joint will be desoldered 
using traditional desoldering braid. 





(Left) Select a suitable width of desoldering braid, and press it down onto the 
COLD joint using the hot tip of the iron. A flat soldering iron bit is preferable. 


(Right) The molten solder is drawn up by capillary action into the desoldering 
braid. Take care not to overheat the board (the p.c.b. copper track may lift off), nor 
‘drag whiskers’ of solder over the board, nor let the braid solidify onto the joint! 
Remove the braid while the joint is still molten. 





(Left) The faulty electrolytic capacitor dropped out of the board after desoldering. 
Sometimes, it may need persuading with pliers.... but don't overdo this or you risk 
damaging the copper tracks on the p.c.b. 


(Right) Close-up photograph of both joints, now desoldered and ready for the 
replacement component to be fitted. 


The Black Museum of Bad Soldering 


These are all genuine examples which have not been retouched or reworked in any way. 





(Left) A tenfold excess of solder on this hand-soldered printed circuit board, and 
(extreme left) an incomplete solder joint with poor coverage. There is no need to 
add more solder "for luck". 


(Right) An example of a dry (or gray) solder joint found inside a commercial PSU 
for a computer peripheral. The wire had been fed through the hole in the brass 
terminal, and merely tacked on with a blob of solder. This is a fire hazard (risk of 
arcing and overheating). 





(Left) Hmmmm... this joint looks somewhat suspect as well... it's the earth (ground) 
wire in the same PSU 


(Right) A close-up reveals the terrible standard of soldering (and quality control), 
with a fracture visible on this ground/ earth joint. 





(Left) How not to make a mains voltage soldered joint. This solder joint went "dry" 
and starting arcing, nearly destroying the attached equipment. It is also a fire 
hazard. 


(Right) The same mains connection, the wire merely being 'tacked on' with a blob of 
solder. 


First Aid 
If you are unlucky enough to receive burns which require treatment, here's what to do :- 


Immediately cool the affected area with cold running water for several minutes. 
Remove any rings etc. before swelling starts. 

Apply a sterile dressing to protect against infection. 

Do not apply lotions, ointments etc., nor prick any blisters which form later. 
Seek professional medical advice where necessary. 
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A Few Hints about soldering on a Ground Plane 


Before starting 

e Always remove any grease and water from 
your hands. This will reduce the extent to 
which you oxidise and contaminate the board. 

e Avoid touching the copper surface with your 
hands, always hold a board by its edges. 

e Ensure all power and signal inputs are turned 
off (the soldering iron will short anything 
you touch to ground!!!) 





o Bend legs touching the copper plane 
at the end to make small feet, then 
bend all other legs so that they are 
horizontal. This will result in the chip 
hovering just off the GND plane 
reducing the stability, but increasing 
the space to connect further 
components. 

e Keep component leads as short as possible. 
This will reduce parasitics, improve 
mechanical robustness and reduce the chance 
of accidental shorts 


Soldering a component 

e Consider the circuit pathway from input to 
output in order to minimise the distance. 
This is especially important between ICs. 

e Use the cleaning rubbers or solutions to 
clean away the oxidised surface where you 
are going to mount the component. This will 
help improve the electrical characteristic and 


improve solder flow These rules should be followed in conjunction with 


¢ Where you intend to place solder, VERY Dr Clarke’s Soldering Guidelines found on the EE2 
LIGHTLY scratch a cross-hatch pattern on jabawebeite: 


the copper plate with a sharp tool. This will 
increase the friction thereby preventing your 


an ; Here is a good copper board layout. Notice the neat 
soldering iron skating across the board 


leads with none left loose above the circuit, and the 
surface way that the layout looks like a schematic. See the 


e Apply heat to the Pepper Snr face first then web copy (on the AMP handout page) of this picture 
add the solder so it smoothly flows on to the for more detail. 


copper. 

e Use pliers to bend the wire/chip legs to form 
small feet as this will increase the stability 
and make them much easier to solder. All 
wire bends should be done with pliers! 

e Tin the legs before trying to mount them on 
the board 

e When using wire, devise a colour coding 
system and stick to it 1.e. red +ve rail, black 
GND rail, yellow —ve rail, blue input etc. 
This will make debugging so much easier 

e If you are soldering an IC, two good 
techniques are: 

o Bend its legs with pliers so they are 
all horizontal and the chip can sit flat 
on the GND plane surface. Then 
place a bend just after where the pin 
leg narrows and bend again slightly 
further down so the leg it touching 
the ground plane (see image below). 
This way the IC is firmly held in 
place. 





Soldering and Desoldering Instruction 


Soldering is defined as "the joining of metals by a fusion of alloys which have relatively low 
melting points". In other words, you use a metal that has a low melting point to adhere the 
surfaces to be soldered together. Soldering is more like gluing with molten metal than anything 
else. Soldering is also a must have skill for all sorts of electrical and electronics work. It is also 
a skill that must be taught correctly and developed with practice. 


Remember that when soldering, the rosin in the solder 
releases fumes. These fumes are harmful to your eyes 
and lungs. Therefore, always work in a well-ventilated 
area. Hot solder is also dangerous. Be sure not to let is 
splash around because it will burn you almost instantly. 
Eye protection is also advised. 





The Tools 


Soldering Iron — Even the cheapest of them will do the job. They 
may not last as long, but they do get hot enough to melt solder and 
that is the goal. You only need to make sure that the one you buy 
has a suitable tip on it. The most typical tip is the one that is about 
the size of a 1/8” stereo mini-plug. 


Solder — Get Rosin Core solder. Rosin will help the solder to flow 
onto the wires. Solder comes in different thickness. Buy what is 
appropriate for your job. 


Desoldering Gun — This tool will make life a lot easier when you 
need to rework a previous solder job. 

Solder Wick — Braided copper with rosin coating used to draw sol- 
der off of circuit boards. 


SMD Rework station— Basically this is a high temp hair dryer 
with special nozzle attached. It heats up entire pins of the SMD 
device so you can remove them. 





The Methods 


Soldering — There is not art to soldering, it takes patience and practice to get it right. If you are 
doing it right, it will be easy and very fast. First, make sure that your soldering iron tip is clean. 
If it is dirtier than just a light gray color, you need to clean it. You can do this with sandpaper or 
a Scotch Brite pad. Next, turn your iron on and give it plenty of time to heat up. To test the heat, 
use a piece of solder touched to the tip. If it melts immediately, it is ready. 

The most common way to mess up a solder job is to let the soldering iron stay on the parts to be 
soldered too long. What this does is oxidize the metal, making it too dirty to attract solder. If you 
are working with a circuit board, too much heat can damage the board, rendering it useless and 
in need of repair. You should only hold the soldering iron to the parts to be joined for no more 
than 10-12 seconds. Any longer and you will melt insulation on wire or damage a circuit board. 
It has been said that soldering is a two-person job. You need two hands to hold the parts to- 
gether, one hand to hold the iron, and another to feed the solder. The correct method for applying 
solder is to hold the joint perfectly still while heating with the soldering iron. After a few sec- 
onds, introduce the end of the solder at the point where the iron meets the parts 


If the solder does not melt immediately and flow onto the joint, pull the solder away and try 
again after a couple seconds longer. If you exceed 10 seconds, pull the iron off and try again after 
it all cools down. You probably didn’t have the iron touching enough of the parts to be soldered. 
Sometimes, the parts to be soldered are so big that they conduct the heat away very quickly and 
make it difficult to solder. In this case, it is OK to put some solder on each part individually and 
then put them together later by melting the solder on each one while they are touching. 

Joining Two Wires - Strip off about 3/8” of insulation from the two wire ends to be joined. Place a 
%” length of heat shrink tubing over one wire and push it back so that the heat from soldering 
won't shrink it prematurely. Fold each bare wire end back on itself so that the tip of the wire now 
comes back to the end of the insulation. Link both wires together using the bends like hooks. 
Now, twist the ends of the wires around themselves tightly. This type of connection is called a 
Western Union and it is the strongest method of joining two wires together. Now, heat the con- 
nection with the iron and allow solder to flow over the entire joint. Wait a few seconds for it to 
cool off and then slide the heat shrink tubing down over the connection and heat it with a match 
or heat gun. 

Soldering a Wire to a Circuit Board — This is delicate work that you will do while soldering. Too 
much heat and your board will be damaged. If you are attaching a wire to an existing hole on 
the board, make sure that the hole is clean and free of any excess solder (see de-soldering for 
more detail). The best advice when soldering to a circuit board is to angle your soldering iron 
tip so that it makes good contact with the pad on the circuit board and the wire or part to be 
soldered at the same time. Heat the parts up and touch the solder at the point where the tip 
meets the part and the pad. If the solder does not flow immediately, pull everything off and 
wait for it to cool down and try again later. 


Step 4 yf 


ABE eet to oun wi Remove solder away. 


and pad on the circuit 
board. Make sure tip of 
4 the soldering iron is 

















touching both pin and 


[ pad. 


When the both pin 
and pad are heated 
enough, apply solder 
to the pin and pad. 
Solder should starts 
to flow. 


Remove tip of soldering 
iron also. 

















Step 3 if 

Apply enough but not 
too much solder. 
While applying the sol- 
der, do not move the 
tip of iron. 


Done! Check the joint to 
make sure the connec- 
~ tion. 

















Good soldering and Bad soldering Joints 


Here are some example of Good soldering and Bad soldering joint. 
For Japanese, we often say, “Good soldering joint should look like Mt. Fuji.” 




















Too much soldering Too little soldering 





Cold Solder Joints 

A cold joint is a joint in which the solder does 

not make good contact with the component 

lead or printed circuit board pad. Cold joints 

occur when the component lead or solder pad 

moves before the solder is completely cooled. 

Cold joints make a really bad electrical con- 

nection and can prevent your circuit from 

working. Cold soldering joints 
Cold joints can be recognized by a character- 
istic grainy, dull gray color, and can be easily 
fixed. This is done by first removing the old | i 
solder with a desoldering tool or simply by —. 
heating it up and flicking it off with the iron. 

Once the old solder is off, you can re-solder 

the joint, making sure to keep it still as it 

cools. 











Tips and Tricks 

Soldering is something that needs to be practiced. These tips should help you become successful 

so you can stop practicing and get down to some serious building. 
1. Use heat sinks. Heat sinks are a must for the leads of sensitive components such as 
ICs and transistors. If you don't have a clip on heat sink, then a pair of pliers is a good 
substitute. 


2. Keep the iron tip clean. A clean iron tip means better heat conduction and a better 
joint. Use a wet sponge to clean the tip between joints. 


3. Double-check joints. It is a good idea to check all solder joints with an ohmmeter 
after they are cooled. If the joint measures any more than a few tenths of an ohm, then 
it may be a good idea to re-solder it. 


4. Use the proper iron or temperature. Remember that bigger joints will take longer to 
heat up with an 30W iron than with a 150W iron. While 30W is good for printed circuit 
boards and the like, higher wattages are great when soldering to a heavy metal chassis. 


Desoldering 


Desoldering is extremely difficult compare to soldering. In the process of RomBoard installation, 
the parts and circuit board must be in the good shape to re-use them. The tool we use is Desol- 
dering Gun. This device has vacuum pump built in with heater tip. Process of desoldering it self 
is very simple, but there are some tricks to do clean and safe desoldering job. 





Step 1 
U Put the desoldering 
gun’s tip over to the 
soldering joint. Make 
sure nozzle is 90° an- 
gle from circuit board. 
Step 2 


Apply the enough heat 
to melt entire solder. 
——— Multi-layer board or 
ground pin may take 
while to transfer heat. 





Step 3 








U 
E 


While applying vacuum, 
move the tip around the 
pin to get all the solder of 
around the pin out. At 
this time, you can also 
feel pin moves freely, so 
you know pin is free from 
circuit board. 


When you can hear air flow 
sound from hole, you should 
be done. Stop applying vac- 
uum and remove the gun 
from the pin. Inspect hole 
and pin. 


When you done with desoldering, the parts that you are trying to remove should move freely. If 
it doesn’t, find which pin is still has solder left, and re-apply fresh solder to it and try desoldering 
process again. The multi-layer circuit board require more heat to get solder to melt. Make sure 
pin start to move freely by moving the tip of soldering gun before you apply vacuum to it. 


SMD device soldering and removal 


In the process of RomBoard installation, chance of handling SMD devices is becoming higher and 
higher due to ECU configuration change. 

Soldering of SMD devices are not much different from regular through hole soldering. 
Important thing is positioning of the device is very critical. 

Start with applying little solder to two of the each corner of the pads on the circuit board. 

Then, place the SMD device and re-heat a one of the solder you just applied to connect a SMD 
device pin to the pad. Check the position of the device, if position is right re-heat the other end of 
solder to secure the device completely. If you didn’t get position right, re-heat the pin that you 
just soldered and while heating a pin, move the device to the right position. 

Once you positioned the device in the right position, apply Rosin Flux to both pins and pads. 
This will help your soldering job by keeping solder separate from each pin. 

Here is how the joint on SMD device pin should look like. 


> a 7 


QFP and SOP chip PLCC chip 


RomBoard poaral adapts 
socket 


Removing SMD device will be the probably the most difficult process. SMD rework station is 
used to do this. Make sure all the pins are completely heated otherwise you will be removing a 
pad from the circuit board along with device. Also, you should note, when you are applying heat 
to the device, some parts around the device is also heated and moves around when you touch. It 
is good idea to take a note of location of the devices near the target device. 


Step 1 

Apply pre-heat from back side of the target device. Keep applying 
heat until you can’t touch the chip. By this time, circuit board 
should have enough heat. 


Step 2 

Apply heat from top of the target device. Nozzle should cover entire 
chip. You can check if chip is free from solder by sliding the nozzle 
left and right. Make sure you don’t move other parts. If the chip 
moves freely, it is ready to be removed. 


Step 3 

Remove the chip straight up to avoid making solder bridge between 
pins. Chip is extremely hot! Unless you have skin of steel, avoid 
imitating the picture. 





Step 4 
After remove the chip, cool down both circuit board and 
chip. 





Clean the pads on the circuit board with desoldering gun. 

Do not apply too much heat to the pad. Pad might peel off 
from circuit board. Clean the chip by desoldering gun also. 
Check for any bridge between pins. If the chip has too much 
» protective coating on it, use solvent to clean it up. 






Step 6 

If the pads on the circuit board is too small to use desolding 
gun, try cleaning by solder wick with rosin flux. This may 
take time but it is much better than peeling pads off. 

Once again, do not apply too much heat. 


Step 7 

Solder the RomBoard adapter where the chip was. 

Refer SMD device soldering section for how to solder 
adapter. 





The Final Word 


Soldering, desoldering, and working with SMD device will take some effort to learn. You 
should be relaxed and concentrated when you work. 

Keeping every thing clean (tip of iron, gun, work surface, etc) will help you also. 

Once you get comfortable to work with soldering you may find your own tips and tricks. 
Experience is all bout soldering. 
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Tech Tip TT-609 





Strain Gage Soldering Techniques 


Introduction 


The most common method of making electrical 
connections in strain gage circuits is by means of soft 
solders, in wire form. Other methods, such as spot 
welding, brazing, compression bonding, paste solders, 
and conductive epoxies, are also available, but find only 
limited application. Solders have many advantages for 
strain gage use — they are low in cost, readily available in 
various alloy compositions to provide a range of melting 
temperatures, and are easily obtained in the form of either 
solid wire or wire with a core of flux. They are convenient 
to use, and offer an excellent combination of electrical and 
mechanical properties. 


Although soldering is basically a simple procedure, 
it must be done with appropriate tools, supplies, and 
techniques to assure accurate strain measurement. This is 
particularly true when test requirements are severe in the 
sense of approaching the limits of the strain gage circuit 
capabilities; e.g., long-term stability, high-elongation 
measurements, fatigue endurance, etc. Use of improper 
materials or techniques can significantly degrade strain 
gage performance. 


The purpose of this Tech Tip is to outline recommended 
procedures and materials for attaching leadwires to strain 
gage solder tabs or to bonded printed-circuit terminals. 
These reliable, experience-proven methods are based 
on the use of a professional quality soldering station, 
in conjunction with Micro-Measurements solders and 
installation accessories. 


Soldering Station and Pencil 


For precision soldering of strain gages, itis always necessary 
to use a temperature- or power-controlled soldering station 
that provides low voltage and adjustable temperature to 
the soldering iron tip. An unregulated soldering iron, 
connected directly to the power line, is not ordinarily 
suitable for strain gage use because the tip temperature is 
apt to be far too high. This tends to oxidize the tip, and to 
instantly vaporize the flux, making soldering much more 
difficult. In addition, the unnecessarily high temperature 
may damage the strain gage, the bonding adhesive, or even 
the test specimen. For these reasons, the soldering station 
should incorporate provision for adjusting the soldering 


temperature to suit varying installation conditions and 
requirements. The temperature must be adjusted, of 
course, to accommodate the melting points of the different 
solders commonly used for strain gage connections, but 
also to allow for environmental conditions such as drafts 
or outdoor soldering in cold weather. Moreover, the 
temperature controller should be carefully designed to 
ensure that it does not generate electrical noise that could 
adversely affect nearby measuring instruments when both 
are in use. 


Design of the soldering pencil also requires special 
consideration. It should be light in weight, with a very 
flexible power cord, and with the gripping area thermally 
insulated from the heating element. These characteristics 
contribute to the comfort, ease, and precision of soldering, 
and minimize operator fatigue during long periods of 
use. The soldering tip itself should be of the flat, chisel, or 
screwdriver type. Pointed tips should not be used, because 
they tend to draw solder away from the work area, and thus 
make it more difficult to achieve a proper joint. In contrast, 
flat tips act to confine the solder, while offering greater 
surface area for better heat transfer and more effective 
soldering, generally. 


Micro-Measurements soldering units incorporate all of the 
above features and a number of others, designed to help the 
user easily make consistent, reliable solder joints. These 
soldering units are widely used by professional strain gage 
installers everywhere, in both stress analysis laboratories 
and in transducer manufacture. 


Solder Selection 


The Micro-Measurements Division stocks a broad range 
of solder types to meet various installation and test 
requirements. While solders are sometimes selected to 
provide specific electrical or mechanical properties, the 
most common basis for selection is simply the melting- 
temperature range. Low-melting-point solders, for 
example, are generally used for strain gage installations 
on nonmetallic test parts to avoid damaging the gage, 
bonding adhesive, or test material due to overheating. In 
contrast, high-temperature solders are normally selected 
only when necessary to satisfy elevated-temperature 
testing requirements. These solders are somewhat more 
difficult to handle because the higher working temperature 
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rapidly vaporizes the flux, and oxidizes the soldering 
tip, both of which tend to impede the soldering process. 
Specially designed soldering tips are recommended for 
high-temperature use. 


For routine applications, where test conditions do not 
dictate the use of either a low- or high-temperature solder, 
an alloy with an intermediate melting temperature is 
the normal selection. The 63/37 tin-lead alloy (Type 
361A-20R) is an excellent choice for general-purpose 
strain gage soldering. As an eutectic alloy, it has a sharply 
defined melting temperature — a characteristic that 
largely eliminates “cold” solder joints. The addition of a 
trace of antimony provides superior performance when 
the soldered connections will be exposed to very low 
(cryogenic) temperatures for long periods of time. 


The general-purpose solders are supplied with a core of 
activated rosin flux. This makes soldering much more 
convenient, and is particularly useful in field applications 
where accessory liquid rosin flux (M-Flux AR) may not be 
available. Solid-wire solder, with externally applied acid 
flux (M-Flux SS), is recommended for making soldered 
connections to Micro-Measurements K- and D-alloy 
(modified Karma and isoelastic) strain gages. Rosin-core 
solders should not be used in conjunction with acid flux. 


Silver solder (Type 1240-FPA) is available for applica- 
tions where leadwire connections will be exposed to 
temperatures above about +550°F (+290°C). This solder, 
in paste form, is not suitable for attaching wires directly 
to strain gage solder tabs or to bondable terminals, but is 
intended for connecting instrument leads to preattached 
strain gage leads, as with WK-Series gages using a special 
resistance soldering unit. Techniques for making leadwire 
connections with silver solder are described in Micro- 
Measurements Tech Tip TT-602, Silver Soldering Technique 
for Attachment of Leads to Strain Gages. 


Soldering Flux 


The function of a soldering flux is to remove oxidation 
from the members being joined (solder tabs, terminals, 
leadwires), and to prevent further oxidation during 
soldering. For making leadwire splices, or soldering 
directly to constantan foil or copper terminals, the flux 
contained in a rosin-core solder is usually sufficient. 
With higher temperature solders, however, it may be 
necessary to supply additional flux. A liquid activated- 
rosin flux such as M-Flux AR is recommended for this 
purpose. 


Acid fluxes should never be used on constantan strain 
gages or copper terminals, or for splicing copper leadwires; 
and paste fluxes, containing chlorides, should not be 
used under any circumstances for strain gage soldering. 


When tinning bare (without soldering options) solder 
tabs of Micro-Measurements K- and D-alloy strain 
gages, a liquid acid flux (M-Flux SS) is recommended. 
After the tinning operation, the residual flux must be 
completely neutralized within one to two minutes; 
and then the leadwire joint can be completed using the 
same solder and M-Flux AR rosin flux or a rosin-cored 
solder. 


Preparation of the Soldering Tip 


New soldering tips should always be tinned with solder prior 
to initial use. This is easily accomplished by wrapping one 
to two in (25 to 50 mm) of solder wire around the working 
portion of the tip while the soldering iron is cold, before 
applying power to the soldering station. If rosin-core 
solder is used, no external flux is required. With solid-wire 
solder, however, the wrapped tip should be dipped into 
liquid rosin flux (M-Flux AR) to provide sufficient flux 
for initial tinning. Set the control on the soldering station 
to the appropriate temperature range for the solder, and 
apply power to the unit. Allow the soldering pencil to heat 
until the solder wrapped around the tip melts completely. 
Remove excess melted solder from the tip with a dry gauze 
sponge. Never knock the heated soldering pencil against 
any object to remove excess solder, since this may result in 
personal injury or damage to the soldering pencil. 


Note: Cross-alloying of solders can change the electrical, 
chemical, thermal and mechanical properties of the solder 
being used. To prevent cross-alloying, it is recommended 
that only one type of solder be used with each soldering 
tip. Of course, if one type of solder is incorporated in a 
gage with solder dots and another type is added, a mixture 
is produced. This mixture cannot be expected to have 
melting and strength properties any better than those of 
the lower temperature component. 


Oxidation of the soldering tip seriously hinders the 
soldering operation. The tendency for oxidation can be 
minimized by ensuring that excess melted solder remains 
on the tip at all times when it is not actually in use. 
Negligent maintenance practices, or wiping the hot tip 
with materials that char on the surface, will produce a 
buildup of oxide that prevents proper soldering. If the tip 
does become oxidized, the following procedure is effective 
for cleaning and re-tinning: 


1. Set the soldering station to the appropriate temperature 
range for the solder in use. 


2. Place several drops of M-Flux SS on a glass plate. 
Re-tin the soldering surface by holding the heated tip in 
the SS flux while feeding solder onto the tip. A generous 
amount of solder is essential for proper tinning. 
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3. Wipe the excess solder from the tinned tip with a dry 
gauze sponge. For severely oxidized tips, it may be 
necessary to repeat this operation several times to 
obtain a properly tinned surface. The soldering tip 
should never be filed or sanded, since this may remove 
the plating on the tip, accelerating the oxidation and 
leading to the early deterioration of the tip. After the 
cleaning operation, remove excess solder, re-tin and 
clean the tip several times, using rosin-core solder, or 
solid-wire solder withM-Flux AR. 


Tinning Solder Tabs and 
Bondable Terminals 


All strain gage solder tabs, terminals, and leadwires must 
be properly tinned before making soldered connections. 
This helps ensure active surface wetting and good heat 
transfer during the soldering operation. Tinning stranded 
leadwires to produce a formable solid conductor will also 
greatly simplify the leadwire attachment procedure. 


Before tinning the solder tabs on open-face (unencapsulat- 
ed) strain gages, the measuring grid should be protected 
with PDT drafting tape. The drafting tape is positioned 
to cover the entire grid and the upper portion of the solder 
tabs, as shown in Figure |. This not only shields the grid 
from soldering flux and inadvertent solder splash, but 
also restricts the flow of solder on the tabs. The tinned 
area on the solder tabs should be only large enough to 
easily accommodate the leadwire size in use. The latter 
consideration is particularly important when making 
installations for dynamic applications or large-strain 
measurement. 


The tinning procedure for strain gage tabs and terminals 
consists of first cleaning and reapplying a small amount of 
solder to the hot soldering iron tip. Next, apply a drop of 





Figure 1 —- Gage grid and upper portion of 
solder tabs masked with drafting tape. 





M-Flux AR to the tab or terminal (this step can be omitted 
if a rosin-core solder is used). When soldering directly to 
bare Karma or isoelastic foil, use M-Flux SS on the gage 
tabs only. Hold the soldering pencil in a nearly horizontal 
position (<30°), with the flat surface of the tip parallel to 
the solder tab or terminal. Place the solder wire flat on the 
gage tab, and press firmly with the tinned hot soldering tip 
for about one to two seconds, while adding approximately 
1/8 in (3 mm) of fresh solder at the edge of the tip. This 
procedure assures that there is sufficient solder and flux 
for effective tinning. Simultaneously lift both the soldering 
pencil and solder wire from the tab area. 


NOTE: Lifting the soldering iron before lifting the solder 
may result in the end of the solder wire becoming attached 
to the tab; lifting them in the reverse order can leave 
a jagged (spike) solder deposit on the tab. When the 
operation is performed properly, it will produce a small, 
smoothly tinned area on the tab or terminal. 


If M-Flux AR or a rosin-core solder is used in the tinning, 
it is not necessary to remove the residual soldering flux 
at this time. However, when M-Flux SS is employed to 
tin the bare solder tabs of K- or D-alloy gages, the acidic 
flux residue must be removed immediately following the 
tinning operation. To remove the residue, apply M-Prep 
Conditioner A liberally, and wash the area with a soft 
brush; then blot dry with a clean gauze sponge. Next, wash 
again with freely applied M-Prep Neutralizer 5A, and blot 
dry with a clean gauze sponge. 


NOTE: Special procedures for tinning and wiring strain 
gages supplied with preattached solder dots are described 
in Micro-Measurements Tech Tip TT-606, Soldering 
Techniques for Lead Attachment to Strain Gages with 
Solder Dots. 


Tinning and Attaching Leadwires 


Of course, leadwire ends must be stripped of insulation 
before tinning, and this should be done with a thermal 
wire stripper to avoid the damage to the wire that often 
occurs when mechanical wire strippers are used. After 
the wires are stripped, the ends of stranded conductors 
should be twisted tightly together before tinning. The bare 
leadwire ends can then be tinned easily with the following 
procedure: 


1. Remove excess solder from the soldering tip, using a 
dry gauze sponge. Then melt fresh solder on the hot tip 
to form a hemisphere of molten solder about twice the 
diameter of the wire to be tinned. 


2. If rosin-core solder is used, slowly draw the bare wire 
through the molten solder while continuously adding 
fresh solder to the interface of the wire and soldering 
tip. With solid-wire solder, apply M-Flux AR to the 
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Figure 2 — Trimming leadwire ends before taping in place. 














Figure 3 — Leadwire end taped to surface 
in preparation for soldering. 








wire end before starting to tin, and proceed in the same 
manner. This will produce a smooth, shiny coating of 
solder over the bare wire. 


For applications employing bondable terminal strips and 
stranded instrumentation wire, it may be convenient to use 
a single strand of the wire as a jumper between the terminal 
and the strain gage solder tab. In such cases, the single wire 
strand should be separated out before twisting and tinning 
the remaining strands (see Micro-Measurements Tech Tip 
TT-603, The Proper Use of Bondable Terminals in Strain 
Gage Applications). 


Leadwires should be formed and routed to the strain 
gage or terminal strip, then firmly anchored to the 
test-part surface with drafting tape before making the 
soldered connection. Attempting to route the leadwires 
after completing the solder joint will often result 
in damage to the gage or terminals. Routing into the 
connection area should be along a minimum strain 
direction (such as the “Poisson” direction in a uniaxial 
stress field) particularly for high elongation or dynamic 
tests. The tinned leadwire end should be trimmed short 
enough so that it will not protrude through the connection 
area, and cannot inadvertently make electrical contact 
with the test-part surface or adjacent solder connections. 
Figure 2 illustrates this stage in the procedure. In the final 
preparatory step, bend the leadwire end slightly to form a 
spring-like loop, and tape the wire firmly in place over the 
connection area, using PDT drafting tape. The tape should 
be within about 1/8 in (3 mm) of the connection area, as 
shown in Figure 3. 


Clean and re-tin the soldering iron tip with fresh solder. 
The temperature of the iron should be adjusted so that the 
solder is easily melted, without rapidly vaporizing the flux. 
If the iron temperature is either too low or too high, it may 
cause poor solder connections, or it may damage the strain 


gage, terminal, or bonding adhesive. Apply a small amount 
of M-Flux AR to the joint area and, holding the soldering 
pencil nearly horizontal, firmly press the flat surface of the 
tip on the junction for about one second; then lift the tip 
from the soldered joint. If needed, additional flux can be 
provided during the joining operation by feeding a little 
fresh solder into the joint from a spool of rosin-core solder. 
This procedure should result in a smooth, hemispherical 
solder joint, without any peaks or jagged areas. If the 
solder joints are not smooth and uniform in size, repeat the 
soldering procedure, using additional flux and/or solder as 
necessary. 


Cleanup and Inspection of 
Soldered Joints 


After completing the soldering operation, it is imperative 
that all traces of residual flux be completely removed 
with RSK Rosin Solvent. The same solvent is used to 
soften the mastic of the drafting tape, permitting its easy 
removal. Do not try to pull away the tape with tweezers 
or other tools, because this may result in damage to the 
soldered connections or the strain gage grid. Thoroughly 
clean the entire installation area with generously applied 
rosin solvent and a soft-bristled brush. Clean the solder 
connection area until no visible signs of residual flux 
remain, and blot the area dry with a clean gauze sponge. 
Any traces of residual flux can cause gage instability 
and drift, and will inhibit bonding of the installation’s 
protective coating. Incompletely removed soldering flux is 
the most common cause of degraded performance in strain 
gage installations. Residual flux mixed with a protective 
coating application can completely destroy the coating 
objective. 


Visually inspect the soldered joints for any gritty or jagged 
joint surfaces, and for traces of flux. Solder connections 
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should be smooth, shiny, and uniform in appearance. 
Any soldered joints that look questionable should be 
re-soldered, and flux removed. Check the resistance-to- 
ground of the completed gage installation, using the Model 
1300 Gage Installation Tester. Low or marginal resistance 
readings suggest a leakage path between the soldered 
connections and the test-part surface. This condition 
usually results from residual soldering flux, or from bare 
leadwire conductors partially shorting the gage tabs or 
terminals to the test part. Soldered joints should not be 
tested by pulling on the leadwire, or by probing at the joint 
area. These practices frequently cause lifting or tearing of 
the solder tab from the gage backing material. 


Summary 


The ability to make consistently good soldered joints is 
essential for precision strain gage measurements. The 
techniques described here are straightforward and easily 
mastered, but they are most effective when used with 


professional soldering equipment which is specially 
designed for making soldered connections in strain gage 
circuits. The soldering pencil should be lightweight, with 
a flat chisel or screwdriver tip, and it should be connected 
to the soldering station with a very flexible power cord. 
Requirements for the soldering station include low-voltage 
operation of the soldering pencil, and provision for 
temperature adjustment to suit the type of solder and the 
application conditions. The equipment should not generate 
electrical interference that could affect sensitive measuring 
instrumentation. Solder selection is based primarily on the 
expected operating temperature range of the strain gage 
installation; and all solder tabs, bondable terminals, and 
leadwire ends should be tinned before soldering the joints. 
Soldered joints should always be smooth and shiny, with 
no jagged or irregular edges, and all traces of residual flux 
must be thoroughly removed prior to the application of 
protective coating. Use of the recommended materials and 
techniques, with careful attention to detail, will result in 
consistently proper and reliable soldered connections. 
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Digital Electronics 


Soldering Tools 


1) Vise 
2) Safety glasses 





Solder sucker 
Solder tool 
i } 5) Diagonal cutters 


6) Needle nose 
pliers 


7) Solder 
8) Solder wick 
9) Damp sponge 





10) Soldering iron 
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Soldering & De-soldering 


This presentation will... 


* Review the tools needed to solder and de-solder 
electronic components. 


* Demonstrate how to tin a soldering iron tip. 
* Demonstrate the soldering process. 


* Show the characteristics of a good solder 
connection. 


* Review classic soldering mistakes. 


* Demonstrate the de-soldering process. 2 


Soldering lron 








Soldering & Desoldering 


Solder 


* Solder is an alloy of tin and lead. 

« The solder used for electronics is 
frequently called 60/40 solder because it is 
made of 63% tin and 37% lead. 

* 60/40 solder melts at 361° F. 

« Lead-free solder: As of July 1st, 2006, 
European laws mandated that new 
electronics be entirely lead-free. As of yet, 
no such laws exist in the United States. 


Tinning Process 





Apply Solder to Soldering Iron Tip 


Roll Tip on Damp Sponge 





Properly Tinned Soldering Iron Tip 
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Soldering Iron Care & Maintenance 


* A soldering iron must be coated 
with a thin coat of solder. This will 
allow for the transfer of heat to the 
work piece. 





This procedure is called tinning. 


The tip must be kept coated with a 
shiny layer of solder by occasional 
wiping and applying solder directly 
to the tip. 
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Solder Process 


Heat both items at the same 
time by applying the soldering 
iron to the copper pad and the 
component lead. 


Continue heating and apply a few 
millimeters of solder. Remove the 
iron and allow the solder joint to 
cool naturally. 





i wi only takes a second or two 
to make the perfect joint, 
which should appear shiny. 





Soldering & Desoldering 


A Good Solder Joint 


* Smooth 
¢ Bright 
* Shiny 
* Clean 





* Concave 
fillet 


Bad Solder Connections 


Cold Solder Joint 
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Bad Solder Connections 


Too Little Solder 


Too Much Solder 





Bad Solder Connections 


Solder Bridge 





Lifted Trace/Pad 








Soldering & Desoldering 


De-Solder Process: Solder Sucker 





Apply heat to the connection 
to be de-soldered. When the 
solder melts, trigger the 
solder sucker. 





Repeat de-soldering as needed 
until all solder is removed. Remove 
soldering iron & solder sucker from 
area. 


Remove component lead. 





Soldering Safety 


+ Wear safety glasses when soldering. This includes all 
individuals in the vicinity of someone who is soldering. 


+ Place soldering iron in an approved holder when not in 
use. The iron is hot and can cause burns. 


* Place the soldering iron so that the cord does not get 
caught up in your arms or on others. 


« Ensure access to proper ventilation. 


+ Verify that the type of solder is safe to use in your 
working environment. 


* Secure the components to be soldered before beginning 


the soldering process. 
15 
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De-Solder Process: Solder Wick 


Solder wick is finely braided 
copper that is used to wick 
away excess solder from a 
de-soldered connection. 





Apply the solder wick and soldering 
iron to the de-soldered connection. 
The solder wick will draw the excess 
solder off of the PCB pad. 





De-soldered PCB pad 


Soldering Safety 


* Provide plenty of space to work. 


+ Use aproperly-sized point for the soldering job to be 
completed. 


« Verify that the tip on the soldering iron has a sharp point 
and has not been damaged in any way. 


* Check the power cord for burned or melted sections that 
show bare wires. Label those cords DO NOT USE and 
ask the instructor to repair or replace. 


* Do not to touch molten solder - it is hot! 


« Make sure that the solder strand is long enough to keep 
fingers away from the hot iron. 
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Soldering Safety 


* Tie back long hair and remove or tuck loose clothing. 


« Use heat sinks for heat-sensitive parts. Provide 
sufficient cooling time before removing parts. 


* Do not flick solder off of the iron. Flicking can cause 
solder to spray and hit skin or eyes. 


* Hold the scrap end when cutting excess leads so that 
the scrap lead is not thrown into the air. 


* Cut leads evenly with wire cutters. 


* Make sure that leads do not short across other traces or 
leads. 


* Thoroughly wash your hands after handling solder. 17 
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Thank you for your interest in Inland’s How to Solder Like a Pro 
manual. Whether you are a beginner or an experienced stained glass 
artist, you will find useful information about selecting and maintain- 

ing your soldering tools and improving your soldering skills. 


Safety 
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The Importance of Safety 
One of the most important aspect of soldering any stained glass project is to take the proper measures 
to safeguard your health. Soldering involves working with potentially hazardous materials like lead, flux and 
harmful fumes. By observing specific safety precautions and using informed common sense, working in stained 
glass can be a safe and enjoyable past time. The following is intended to serve as a general rule of thumb. 
Since each person and situation is unique, you should use this information as a starting point to help you make 
informed safety decisions concerning your soldering habits. 


Solder only in a well ventilated area, and use an exhaust device that moves solder 
fumes away from your face. It's preferable to exhaust outside (check local/state 
building codes and restrictions on venting to outside air). If you don't exhaust to the 
outside, use a bench top fan or intake device with a replaceable smoke/fume ab- 
sorber made for stained glass artists. It should draw solder fumes into the replaceable 
filter. The filter should be activated charcoal and designed to remove particles 
smaller than 1/2 micron from the air. There are also several OSHA approved respira- 
tors available for fumes. Consider wearing one in conjunction with a venting system, 
especially if you plan on soldering for several hours every day. 


Most popular solders used in stained glass are lead based. When you are using them, follow these precautions: 
‘§ Never eat, drink, or smoke in any area where soldering takes place. 
© Always thoroughly wash your hands after soldering. 
© Make sure your soldering equipment and supplies are kept out of the reach of children. 
‘§ Do not discard lead or solder scraps into the trash. Find a means or place to recycle them. 


% Never use lead based solders or cames on items that will come in contact with food or children, or will 
be frequently handled. If you are making kaleidoscopes, jewelry or napkin holders, use lead free solder. 


© Consider having your blood lead level checked by your physician on a regular basis to help you monitor 
your handling practices. 


©If you are pregnant, or considering it, you should check with your doctor before using lead or solder. 


Soldering tools operate at high temperatures, so these safeguards are important: 
© Wear safety glasses! Solder and flux can "pop" and "spit." 
© Solder on a fire resistant surface. Homosote, or dry wall are good . 
‘§ Never leave your iron plugged in and unattended. 
Do not overload a wall outlet with too many electric appliances. 
© Never set your hot iron down on anything other than an iron stand. 
© Replace the cord of your iron if it becomes worn or gets burnt. 


© To prevent burning your fingers, use needle nose pliers or heat resistant gloves to hold small pieces. 
‘§ Never cut off a grounding prong on an iron plug to make it fit an ungrounded receptacle. 
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Soldering Irons 


Choosing a Soldering [ron 


There is a lot to consider when you choose an iron for stained glass. The handle should be heat resistant and 
comfortable for you to hold. You may be holding it for several hours at a time, so consider the weight and 
balance of the iron. Carefully check the wattage of the iron that you are considering. It must be able to continu- 
ously generate enough heat to melt all of the types of solder you plan to work with and be compatible with the 
type of construction you use (i.e.-copper, foil, lead came, rebar, etc.). You will need an iron that is at least 60 
watts, with chisel type tips, and a way to control the temperature. 


Types of Temperature Controls 


A broad range of soldering irons are available. Most irons, which we will call "conventional irons," are made 
with wound wire heaters in a barrel with mica insulation. They are often inexpensive, but they do not offer the 
ability to control operating temperature. A separate temperature controlling device must be used with these 
irons to achieve the best results. There are three types of soldering irons that are easier to use for stained glass 
projects, because they allow you to control temperatures more effectively: 


Irons with temperature Irons used with tempera- Irons with ceramic 
controlled tips. ture controlling devices. heaters. 


Irons with Temperature Controlled Tips 


These irons are supplied with an internal regulator in the tip that does not allow 

the iron to exceed a predetermined temperature. An example would be a 600°F 

tip. The iron heats to that temperature then "shuts off." When heat is required, 

the iron "turns on" again. Tips are available in predetermined temperatures up to 

800°F. These irons are easy for beginners to use, because the temperature is 

automatically maintained for you, however, as your skills increase, you may 

prefer to control the amount of heat yourself for different soldering situations. 

The limited amount of control may become frustrating as your soldering skills increase. With 
this type of iron you will likely encounter "cold spots" where the iron will not melt your solder. 
These cold spots occur when heat is being drawn out of the tip faster than it is being replen- 
ished. You will need an iron with a minimum of 100 watts. 


Ceramic Heating Element Irons 


These irons are relatively new to the stained glass trade. They are made with highly 
efficient ceramic heating elements. Like a ceramic room heater, they produce a 
consistent temperature using less electrical wattage during operation. When initially 
heating and when reheating during "recovery" periods, they can draw a "burst" of 
power exceeding 100 watts and then efficiently reduce electrical consumption, often Ceramic Heater 
below 60 watts, during the soldering process. The result is efficiency and economy. 


Iron Tip 





A remarkable feature of ceramic heater irons is they generally reach operating temperature in less than 60 
seconds. Of the three types of noncoventional irons, the ceramic heater type best maintains consistent tip tem- 
perature over extended periods of time. Problems with slow heat recovery generally don't exist. A ceramic heater 
iron offers excellent flexibility and can be used with a temperature controller if you like. 


Temperature Controlling Devices 


A temperature controller is a device that operates similarly to a light dimmer 
switch. By dialing the control to a higher or lower setting, more or less electricity is 
fed to the iron. This increases or decreases the iron temperature, allowing the tip 
temperature to be controlled. You can establish the maximum temperature without 
changing tips. 

A temperature control/iron combination offers you greater control and 
flexibility than a temperature controlled tip iron when working with different 
metals and solder mixes. Look for one that is at least 85 watts. Since the flow of 
electricity to the tip is consistent and never completely stops, encounters with cold 
spots are nearly eliminated. A temperature control/iron combination is 
suitable for all types of stained glass construction. 

Temperature controllers are generally separate units that the iron 
plugs into. They are small, easy to use and relatively inexpensive. There 
are also irons that have controls built into the handle of the iron, which 
generally cost less than buying an iron and a separate control. Never 
plug an iron into a temperature control unless the manufacturer specifi- 
cally states it is suitable for use with it. 


Tip Sizes, Styles and Uses 


Stained glass irons are generally sold with a "chisel" style tip. There are a variety of tip sizes and styles available 
for nearly every iron used in the stained glass industry. Different tips can expand the versatility of your soldering 
iron, so select an iron that offers more than one size replacement tip. 


The standard tip size that 
comes with an iron is usu- 
ally from 1/4" to 3/8" wide. 
This size works well for 
soldering either copper foil 
or lead came projects. 
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A smaller chisel tip, 3/16" 
wide, can be useful when 
soldering small pieces or 
when soldering in a tight 
area, such as a narrow in- 
side part of a kaleidoscope. 
It is also very effective for 
decorative soldering. 


Very small tips, 1/8" or 
narrower, are usually used 
for decorative soldering. 
They allow you to create 
very fine details and de- 
signs with the solder. 





Iron and Tip Maintenance 


The Importance of Proper Care 


Your soldering iron may very well be one of your biggest tool investments, so you will want to do everything 
possible to ensure that it gives you many years of service. Well maintained soldering irons and tips perform 
better and make the job of soldering much easier. Always place your soldering iron in a stable iron stand 
whether it is being used or not. 


The Cord 


©Make sure you plug the iron into the correct type of outlet. 

©Try not to use an extension cord. If you must, use a heavy duty one. 

‘Don't drop or bang the iron. Ceramic heaters are especially easy to crack or break. 

®Regularly check the cord for burns or cracks and have a professional electrician replace worn 
cords before using the iron. 

©Make sure that the cord is not hanging in such a way that it can be pulled off of the table. 


The Heating Element 


©Do not allow the iron to idle at operating temperatures for extended periods. This could burn out the 
heater element. Unplug the iron or, if you are using a rheostat, turn it down to a low "idle" setting. 

®Occasionally, remove the tip and lightly tap the barrel of wire wound heater irons to remove debris. 

©If you will not be using your iron for an extended period of time, you may want to store it (after it has 
fully cooled) in a zipper type bag to protect it from corrosion and humidity. 


©When you are finished using your iron, remove the tip from the barrel. Removing the tip is essential to 
preventing "seizing" which can occur if it is left in the iron for extended periods. (If your tip seizes, you 
can easily damage the heating element trying to remove it. It is best to return you 
iron to the manufacturer for removal.) 
©When reinserting tips, make sure they are properly seated in the barrel. 
‘$Never dip your tip into flux in order to clean it. Instead, use a clean damp 
sponge to wipe all sides of the tip periodically as you solder. Doing this removes 
impurities the tip has accumulated from the solder and the environment. It will 
ensure that you are receiving the maximum heat at the tip surface. 
©Properly cleaned tips are bright and shiny. If your tip becomes "blackened," you 
can usually remove the buildup with a wet sponge, a tinning block or by gently 
using a brass brush. A “tinning block” (sal-amoniac) is used by placing a small 
amount of flux on the block and rubbing the tip of your hot iron in it. Wipe the tip 
on a damp sponge to remove debris. You may need to repeat this several times if 
your tip is very dirty.) 
©Never use sandpaper or any abrasive material to clean a tip. 
©The best way to minimize your tip maintenance is to find a good quality solder. Use 
one that has a high tin content and high metal purity. 
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Solder 
Why Do We Use Solder? 


Solder is a combination of tin and lead used to create a strong bond between other metals. Since solder won’t 
stick to glass, we apply a copper foil tape (our metal) to the edges of the glass. This is refered to as the 
copper foil method of stained glass construction. Solder is melted over the copper foil, creating a structure that 
holds the pieces of glass together. The other option is to set the glass into channels of lead or metal, and 
solder the channels together. This is refered to as the lead came method. 


The Advantages of Solder 


Some of the advantages of soldering versus other bonding methods are: 
© Solders are easy to use and relatively inexpensive. 
© Low energy is required to solder. 
© Properly soldered joints are highly reliable. 
® Solder joints are easy to rework or repair. 
© Experienced craftpersons can exercise a high degree of control over the soldering process. 
© Solder joints age very well. They can last for years, decades and centuries. 


Types of Solder 


Stained glass solders are usually a mixture of tin and lead, designated by two 
numbers representing the percentages of each metal in that specific mix. The first 
number always refers to the percentage of tin, the second is the 
percentage of lead. The most commonly used solders in stained glass 
are 60/40, (60% tin/40% lead) 50/50 and 63/37. "Lead-free" solders 
have no number designation and are a mixture of tin and small 
amounts of other metals. Avoid solders containing antimony, a very 
toxic element. Instead look for lead-free solders containing silver, or 
copper. They are safer and easy to use. (Note they are, however, 
more difficult to patina.) 
In North America, you will find solder is generally sold in solid core wire 
form on a spool. The common spool size is one pound. In Europe, you will find 
solders primarily sold in a bar form. Never use acid-core or rosin-core solders for 
stained glass work. Look for solders that are sold as "free of impurities" in the component metals. Impurities 
cause a "scum" on your solder bead, degrade soldering iron tips, and interfere with the proper reaction of 
patina chemicals resulting in undesired finishes. 
An important term for solders is the "working range" or "pasty range." This is the range of temperature 
between which solder transitions from liquid back to solid. 





Characteristics of Solder Types 


60/40 Solder: Composed of 60% tin and 40% lead, this solder melts at 
374°F, but doesn't become completely solid until it cools to 361°F. This 
means it has a "pasty range" or "working range" of 13 degrees. This solder is 
your best choice for copper foil work. The liquid temperature and narrow 
"pasty range" make it easy to form and maintain consistent high, rounded, 
beaded seams. Because of its relatively low melting point, "60/40" solder is 
easy to rework to maintain a smooth finish solder bead. 


50/50 Solder: This is composed of 50% tin and 50% lead. It is liquid at 
421°F, solid at 361°F and has a pasty range of 60 degrees. This solder will 
produce a much "flatter" bead than 60/40. Because of its higher melting 
point, 50/50 solder is often used on the back (or inside) of a stained glass 
project to protect against "melt through" when soldering the front. Because 
it spreads and flattens out, 50/50 solder is often used when soldering lead 
came joints. 


63/37 Solder: This solder is 63% tin and 37% lead. It becomes liquid at 
361°F, and solid at 361°F, with a pasty or working range of 0 degrees. This 
solder is called a eutectic alloy which means at 361°F, you can go instantly 
from solid to liquid to solid just by applying or removing the heat source. 
You will often find "63/37" solder referred to as decorative or quick set 
solder. It is primarily used to create dimensional effects in the solder itself 
and can be "pulled" and manipulated to produce a variety of textures and 
designs. 63/37 solder also makes an excellent solder to bead up the outside 
rim of copper foiled pieces. 


Lead-Free Solder: Depending on the specific mix of metals, lead free will 
produce differing liquid, solid, and pasty range temperatures. Check with the 
solder manufacturers for these specifics. Lead-free solders will perform 
similar to a 50/50 mix. Lead-free solders require more practice in order to 
obtain a smooth bead on copper foiled pieces and should not be used on 
lead came projects. Lead-free solder is the most expensive solder, but is the 
solder of choice when constructing pieces that will contact food, that will be 
handled frequently, or that will be used in a child's play area or room. 


Solder Composition Reference Table 


Alloy Tin% Lead% Solid to Liquid at Pasty Range 
psos0 [so] 50 | 361° | 420” [| o” 
road | 60 | 40 | 30m | 37a) is) 
fan fe | 7 [or] or | 7 
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Why Do We Use Flux? 


Flux is a chemical compound that is used to promote the bonding of metals by removing the oxide residue 
simultaneously with the soldering process. Most metals left exposed to the air around us react with the air to 
form residue on the surface of the metal. The process is oxidization and the residues are oxides. Each mix of 
metals being joined has a specific flux that best promotes this bonding process. In stained glass, the metals being 
joined are primarily copper to tin/lead solder and lead, brass or zinc to tin/lead solder. 


Types of Flux 


Selecting the correct flux for your application is as critical as any other step of the soldering process. The proper 
flux will assure less soldering problems and a satisfactory solder bond. The best fluxes do three things: 

© They remove all the residue that has formed on the surface of the metals you are going to solder. 

© They prevent oxides from forming while you are soldering. 

© Any post-soldering residue they leave is noncorrosive and easily cleaned off. 


Fluxes are available in organic and inorganic forms. If you touch the flux and your skin seems to have a sensi- 
tivity to one type of flux, an inorganic type for example, try an organic variety. Often you will find that you are 
less sensitive to irritation by using the opposite type flux. Organic fluxes are generally some form of oleic (fatty) 
acids, while inorganic fluxes are most often zinc chloride based. 


Characteristics of Fluxes 


Liquid flux is the most widely used. It may or may not be water soluble. Water soluble fluxes clean up very 
easily, but are thinner and some have a tendency to evaporate quickly and require repeat applications. Some 
liquid fluxes are thinner than others and have a tendency to run or spread out from their point of application. 


Gel Flux is generally water soluble and "adheres" well to the surface being 
soldered. Gels tend not to evaporate as readily as liquid flux, but if you apply too 
much, they produce more "spitting" and "popping" as you solder. 


Paste Flux is very thick, stays where it’s applied, and doesn't evaporate easily. It's 
effective when soldering 3-D forms such as lamps. Paste fluxes can be difficult to 
clean. Be very careful not to over apply a paste flux as it will also spit and pop, 
leaving pits on your solder seams. 


Getting the Most From Your Flux 


It is important to keep your flux clean and free of impurities. This will ensure the purest possible solder joint. 
One way to keep your flux clean is to avoid dipping in and out of the original container. Pour out the amount 
you will need for your current project into a separate, smaller container. Don’t leave the flux bottle sitting 
around with the cover off. Never pour leftover flux back into the original container. Fluxes often will produce 
fumes as you solder. Make sure you are aware of and follow the precautions suggested in the health and safety 
section of this guide. 
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Soldering Basics for Copper Foil 


The quality of the solder job can make or break your project, yet it is the step that takes the most practice to 
become good at. Soldering is more difficult than the other steps in stained glass because there are so many 
things that can effect it: the amount of heat, the amount of solder, the type of flux, the rate at which you move, 
gaps in the project, etc. The following step-by-step instructions will give you the basics of soldering. If you are 
just starting out, you will learn a lot. If you are experienced, you may just find the trick that makes it all come 
together. Great soldering takes a little bit of knowledge and a lot of practice. 


Before You Start 


Preparation is the key to producing a good solder bead. Here are some 
suggestions to help you get of to a great start! 

® Make sure that the foil is seated properly over the glass. 

® Trim all overlaps in the foil using a sharp craft blade. 

® Assemble all the tools you will need so they are at hand. 

© Wear safety glasses. 

© Have a proper ventilation set up. 

® Make sure the foil is well burnished and sealed smoothly to the glass surface. 

® Secure the glass pieces using pins, or squaring blocks made for this purpose before soldering. 
Set aside enough time to solder your entire project all at once. If you don't, dried flux and solder residues on 
the unfinished parts will make further soldering difficult. Flux allowed to remain on a project can compro- 
mise the strength of the solder joints. 


Cleaning Before Soldering 


Sometimes the surface you are going to solder needs cleaning to remove 

visible grime, dirt, residue or oxidization. In this case, use 000 or 0000 

steel wool to clean the surface of copper foil. For lead came or excessive 

oxidation carefully use a soft brass brush. If you won’t be able to solder 

your project immediately after it is copper foiled, store it in a plastic bag 

to help reduce oxidation. If you partially solder the project and have to 

stop before it is complete, be sure to clean off all of the flux and store the project in a 
plastic bag until you are ready to continue. You will probably still need to use steel 
wool on the joints when you are ready to solder, but the clean up should be minor. 


Getting Started 


Begin the soldering process by fluxing all intersections of the glass project. Then "flat 
tack" solder these intersections together by using a very small amount of solder and the 
flat face of the iron tip. The solder should lay flat on the intersection and you shouldn't 
have any beads or bumps of solder on the piece. Hence the name "flat-tack" soldering. 

Now, fill any gaps between the glass pieces by melting solder into them until the 
solder is level with the surface of the glass. If you have large gaps, you can ball up some 
copper foil, with the sticky sides together, and fill the gaps. This will help keep the 
solder from seeping out the other side. 





"Tin" the entire perimeter making sure to work some solder into seams that 
intersect the perimeter. (Tinning is the process of coating a surface with a thin 
layer of solder. Apply just enough solder to turn the foil to the silver color of the 
solder.) This creates a "dam" that prevents solder from spilling over the edge 
when you solder the interior seams. 
Next, flux an area you can comfortably finish soldering before the flux 
can evaporate. Start at the top of the piece and work down. This prevents you from dragging your sleeves and 
hands through the flux. 


Running The Solder Bead 


Hold your soldering iron in your writing hand. Position the iron comfortably 
so the face of the iron tip is perpendicular to the seam. If you hold your iron 
like a carving knife you will automatically put the tip in the best position for 
soldering. It will also keep you from "painting" with the iron. You will hold 
the solder in the opposite hand. Start soldering by placing the iron tip down 
on the foil seam with the wider face perpendicular to the seam and 
facing you. Touch the solder to the tip of the iron, just above the 
point where the iron tip touches the copper foil. Allow the solder to 
flow down the tip face onto the seam as you move the iron along the 
seam. Feed the solder at a continuous, even rate to create a consis- 
tent, rounded bead of solder over the seam. This takes practice! 

If you apply too little solder or move too quickly, your seam 
will be flat. To correct this problem, allow the solder to cool, then 
resolder the joint applying more solder. On the other hand, be 
careful not to feed the solder too fast or move the iron too slowly, as 
this will cause the solder seam to bulge and flow out over the glass. 


Fixing Imperfections 


If you have too little solder, just add more, being sure to remelt the previous 
solder line as you apply another coat. If you applied too much solder the first 
time, it’s easy to remove the excess with the following procedure. Clean your 
iron tip thoroughly on a sponge. With the iron tip positioned with the flat face 
down, move it across the seam, "pulling" the excess solder onto the glass. 
Clean your tip and repeat the process until all excess solder is removed. 
Another method for removing excess solder is to wait until all the seams have 
been soldered. Then place your project up on edge and run the tip through 
the seam allowing the excess to run off. Lay the piece flat, reflux, and rework 
the seam, adding additional solder as needed. 

When you solder, work slowly enough to produce a good bead, but not so slowly that solder melts 
through seams to the back side of the project. Here's a hint: one way to prevent this is to put damp paper towel 
under your panel before you start soldering. Moving too slow also increases the likelihood of causing heat 
fractures on your glass. 


Other Things To Consider 


Always keep your tip clean by frequently wiping all sides of the tip on your damp sponge. Wait momentarily for 
the tip to reheat before continuing to solder. A clean tip maintains proper heat and removes impurities. 





To achieve a smooth solder line, solder the longest continuous seam possible. Don't start 
or stop a solder seam at an intersection with another seam. As you meet an intersection, 
allow the solder to break or "y" out over the intersecting seam about 1/2" and then return 
to the original path you were soldering in one continuous motion. As you continue to 
solder seams, you will connect these branches, thus preventing pulling out at intersections 
of seams (which is a noticeable sign of a beginner). When you encounter a "v" type joint. 
Solder in a direction that moves up into the "v" point, instead of coming down onto the 
point. This keeps a nice clean "v" joint without excess solder obscuring it. Do this by 
soldering up one leg of the "v" and as you approach the apex, drop your iron tip down 
flatter on the glass, so that it crosses over both seams. Then continue solder- 


ing into and out of the point of the "v." 


Avoid a "painting" motion when soldering. Visualize your iron as a magnet Effects of using the iron 
pulling along a metal strip. Maintain a small puddle of solder at the base of the like a paint brush 

tip as you solder. When two adjacent pieces of glass vary in thickness, ride the 

tip on the higher piece of glass as you solder. 


A big advantage of using copper foil is that not-so-perfect solder seams can be 
reworked. Allow the seam to cool, reflux it, then resolder. Be careful because 
reworking a seam too many times (more than 2-3) can cause the adhesive on 
the foil to loosen and bubble. 


Solder one side of your project completely, then turn it over and repeat the 

process on the other side. Some of the flux from the first side you soldered 

will have seeped to the other side. You may encounter more "spitting," so use flux very sparingly. To achieve a 
smooth, beaded solder seam: practice! practice! 


Ending A Bead 


When you are ready to end your seam, pull off across the face of the glass making sure 
you are in a liquid section of the solder seam and do not lift straight up. This technique 
leaves a smooth exit point that is virtually unnoticeable. You may notice that this is the 
same photo used for removing extra solder. It’s not a mistake. The action is very much 
the same. 


Practice! 


Creating perfect solder seams takes practice. One good way is to make a 
practice board. Make sure to include all types of intersections and lines (curvy 
and straight). Foil the piece and flat solder it on the front and back. Practice 
each different soldering technique. When you are finished, you can hold the 
piece vertical and melt the solder off. Now you are ready to start again. Many 
people use the practice board before they start soldering each project, just to 
get the feel of soldering again. 





Cleanup After Soldering 


After soldering, you will need to remove all flux and solder residues from your solder lines 
and glass. The best cleaners to use are ones that neutralize the acid property of fluxes. To 
properly clean your project, you will need a good flux cleaner, very warm water and a soft 
scrub brush. Thoroughly brush the cleaner into every corner of your project, front and 
back. Follow this with a long rinse in clean, warm water and then towel the project dry. 
This step is very important because any flux that remains will continue to react with the 
solder, causing oxidation. If your project looks good after the initial cleaning, but the 
solder lines have a white or green growth on them after a few weeks, it generally means 
that all of the flux was not removed from the project. You can use 000 steel wool to 
remove the patina and finishing compound and thoroughly clean the project. Then reapply 
the patina and finishing compound. 


A small stiff scrub brush is the You may find small pieces An old toothbrush can be helpful 
best way to clean the entire of solder stuck to the glass. for cleaning in tight intersections 
project. After the initial clean- You can easily remove and right up against the solder line. 
ing, you may find some areas these using your fingernail, 
that need additional attention. or 000 steel wool. Be care- 

ful not to scratch the glass. 


Occasionally you may find that after applying patina, certain types of glass acquire a “rainbow” effect. This is 
most likely to occur on hot colors, black, white and iridized glass. It is one of those things that is unpredictable 
and difficult or impossible to remove. You can try to remove it by using a paste made from baking soda, but it 
doesn’t always work. The only way to prevent this occasional problem is to be very careful not to get patina on 
your glass. Use a cotton swab to apply the patina only to the solder lines of the project. If you have this prob- 
lem, it is a good idea to make note of it on any remaining glass, so you can be more careful the next time you 
use that particular glass. 


Finishing 

After cleaning your project you should use a finishing wax or compound to keep it 
looking it’s best. A good quality carnauba wax or pre-mixed wax and cleaner should 
be applied to all of the solder lines. A nice side effect is that the wax also enhances 
the color of the patina making it either rich black or shinny copper. You may find it 
helpful to reapply the wax after a few months. (If you would like to change the color 
of the solder, see the section about patina on page 16.) 
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Soldering Basics for Metal Cames 


Lead came construction requires a different soldering technique than that used for copper foil. You can use the 
same iron and flux, but the preparation and actual soldering will differ. You will be soldering only the joints, 
instead of running an entire bead. With a little knowledge and some practice, you will be able to make perfect 
solder joints on lead or other metals. 


Getting Started 


First, make sure that all joints are in line with each other and butt against each other with 
no gaps. Use a triangle and/or square to check the squareness of the panel and make sure 
that your lines run true across the panel in all directions. Make any adjustments that are 
needed. Thoroughly clean surface oxidation from intersections with a soft brass brush. 


Soldering 


The most desirable solder to use when constructing a lead project is 50/50. It 
flows out from the point of contact, leaving a nice joint. Do a "lead" test to check the 
heat of your iron. Allow the iron tip to heat for several minutes. Then, place the flat face 
of the tip on a scrap of lead. If the lead melts, the iron is too hot. Lower the temperature 
or change to a lower temperature tip. (This is where a rheostat iron is great.) Now test 
the tip with 50/50 solder to make sure it can melt it. If it does, your tip temperature is adjusted correctly. If 
not, raise tip temperature just until you melt the solder. Recheck the tip temperature and test it on the lead 
again. Now flux all the joints on your panel. 
Begin by holding the solder on the joint. Move in to the joint across the glass, not 
from across the came. The wide face of the tip should be down toward the joint. Coming 
into the joint over the glass prevents leaving a solder trail on the lead came at one end of 
the solder joint. Techniques like these are the signature of an accomplished craftsperson. 
Melt only a small amount of solder and move the tip in a slight circular motion 
allowing it to flow out over the joint a distance equal to the width of the came being 
used. Pull the iron tip straight up off the center of the joint. The desired end result is that 
intersections of the lead cames are not visible through the solder and the solder on them 
is smooth, not beaded. You should be able to run a fingernail over the came and into the 
soldered joint without it catching or clicking. Solder the joints on the front of the 
project. Then turn the project over and repeat the same process on the back. 


Lead projects need to be finished by applying a cement. The cement will weatherproof the project and 
secure the glass in the channels. This step is necessary on any came project to ensure a strong, secure panel. 
Cement is easily applied to the panel by using a small scrub brush to work the cement under the channels both 
on the front and back of the project. After the cementing process is complete, whiting sprinkled over the 
entire surface and allowed to absorb excess moisture for a few minutes. Using a stiff brush, vigerously brush 
the lead channels, removing excess cement from the glass. The brushing process allows a natural patina to 
form on the lead, so it is not necessary to apply patina to the project. Allow the project to dry thoroughly, 
usually for a few days, before installing or hanging the project. 
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Soldering Basics for Other Metals 


Vase caps are generally made from spun brass. The cap must be very clean of all dirt and oils for the solder to 
adhere. Use 0000 steel wool to clean the areas that you will be soldering. The cap also needs to be quite hot in 
order to achieve a good bond between the solder and the brass. An 

easy way to get the cap hot is to heat it in a hot oven for about 15 

minutes. Use pliers to carefully remove the cap from the oven. 

Center the vase cap on the lamp. Flux all areas you will be soldering. 

(Paste flux is easy to use for this purpose, because it doesn’t drip.) 

Get a small amount of solder on your iron and hold it on the vase cap 

for a minute or so at the area you want to make a connection to the 

lamp. When the cap is hot enough, the solder will spread out instead 

of lumping up. Add more solder to make a connection to the lamp. 

(Some vase caps have a lacquer finish on them. This must be re- 

moved at the areas you need to solder. Use a craft knife to gently 

scrape the lacquer in these areas. 


Spiders are made from brass as well. You can either cut the legs to fit, or bend them. Like a vase cap, you 
need to get the brass quite hot in order to create a good bond with the solder. Unlike vase caps, you can get 
the smaller area of the spider hot enough using just your soldering iron. Simply hold your iron tip on the area 
that you need to solder for a minute or so. Apply flux and a little solder, and continue to heat the spider with 
your iron. When it is hot enough, the solder will smooth out around the spider leg and adhere to the lamp. If 
the solder is globed up, the spider leg isn’t hot enough. Continue in this manner for all of the legs. 


Metal Outer Channels 


When attaching a zinc, copper or brass edge to a project, use 
this solder technique: Cut the zinc, copper or brass came 
vertical members to overlap the horizontal members in a "butt" 
type joint. A butt joint provides structural stability and distrib- 
utes weight. Before you solder the butt joints, you can use 
masking tape to contain the size of the solder joint. 
Clean and flux these joints and solder them to each 
other using the flat tip of the iron on the metal. The metal 
channel will take a little longer to get hot than copper foil. If the metal is not hot enough the solder will not 
smooth out. The metal frame should be attached to the panel by soldering it to any lead lines that it touches. 
On leaded projects, solder from the outer metal edging onto the lead came, pulling the iron tip straight 
up over the point of intersection when completing the solder joint. This 
simple technique will level the solder smoothly over the joint. 
For copper foil pieces, stop your solder bead about 1/4-1/2" 
from the outer edge to allow room for the metal edging to fit onto the 
perimeter of the project. If you forget to do this initially, flatten the 
solder bead so the outer edging fits onto the project. After fitting the 
outer edging material, flux and solder the corners as outlined above. 
Connect the copper foil beads that intersect with the outer edging metal 
by continuing the solder bead into the edgi ing sure that the 





solder adheres securely to the metal edge. 

As you work more with your iron, different solders, lead came, and copper foiled projects, your skills 
will increase. You will quickly develop the techniques that will make you more confident in tackling increas- 
ingly complex projects. 


Hanging Hardware 


There are many ways to hang your project. You will want to 
make sure that the method you choose will support the 
weight of the project. You can purchase pre-made hardware 
from your stained glass store, or make your own using any 
type of solderable wire. If you are using wire look for 16 to 
18 gauge. 

Rings can be added to the metal border of the project 
if it is not too heavy. A general rule of thumb is about one 
square foot. Hold the ring with pliers and solder rings to the 
metal border of the piece wherever they allow it to hang 
properly. Just like soldering the channel together, if you don’t allow the metal to 
get hot enough, the solder will not adhere well. This will result in your hanging 
rings failing. 

A stronger type of hardware is made using wire. Twist together four 
strands of 16 -18 gauge wire, leaving a loop at the end. Cut the wire to about 1/ 
2”. Insert the wire into the opening of the metal channel, 
bending the loop the direction you need it to be. Solder the 
hanger to the channel and fill the opening with solder. 

Another option is to make a loop from twisted wire and 
solder it to the front and back of the metal channel, with the 
loop extending above the project. Be sure to solder the hanger 
into an existing solder joint, not just to the channel. This will 
prevent the weight of the project from pulling the channel away from the glass. 

By the way, the joint on the hanger at the right was painted to match the 
brass channel using a gold paint pen. 








Patina 
Solder and lead change color naturally over time, but you can change their color instantly by using patinas. 
There are several different formulas producing a variety of colors. Patinas are easy to use. Make sure that your 
project is thoroughly clean and free of solder, flux and cutting residues. Use a brush or soft rag to apply the 
patina to the solder until you reach the desired color. Wash the panel again to remove any patina from the 
glass. 
®©When using antique brass patina, first scrub your solder seams with fine steel wool. Apply the patina 
sparingly with a clean brush, using only a few strokes. Over use will produce a coppery finish. 
“Never mix patinas and always use proper ventilation and skin protection. 
®To get a nice black finish on brass, add a dash of table salt to a little black patina in a glass or plastic jar. 
Mix well, apply and allow to dry. Clean and finish a usual. 
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Trouble Shooting 


Problem: The solder won't adhere to the foil or came. 


Solutions/Explanations: 
1) Did you apply any flux? 
2) Did you apply enough flux? 
3) Was your iron too cool? 
4) Is the foil or lead came too oxidized for flux to activate the surface? 
A) Buff copper foil with 000 or 0000 steel wool. 
B) Clean lead came with brass brush. 


Problem: Solder is melting through to the backside of my project. 


Solutions/Explanations: 
1) Your iron is too hot. Depending on what type of iron you are using, either turn the temperature controller 
down or change to a lower temperature tip. 
2) You may be soldering too long in each area. Move on and let the solder cool. Return to those spots later. 
3) The gaps between your glass are too wide. Try to fill the gaps with solder and let it cool. Then go back 
and solder a bead on top of the filled gaps. 
4) Try placing a wet paper towel under the project to provide cooling. 


Problem: My solder is "stiff." Iam unable to get a smooth bead. 


Solutions/Explanations: 

1) Your iron is too cool. Depending on what type of iron you are using, either turn the temperature control- 
ler up or change to a higher temperature tip. 

2) You may not be using enough flux. 

3) Is the tip of the iron getting hot? Check to see that the tip is seated correctly down in the barrel of the iron. 

4) Are you "painting" with solder, instead of running a long bead with a steady, even, one directional move- 
ment? This is one of the most common mistakes that beginners make. In order for the solder to create a 
bead, it has to get molten. If you are using the iron as a “paint brush”, the solder is not getting hot 
enough to melt thoroughly. 

5) You may be soldering with just a corner of the iron tip. Check for proper positioning of your iron. 

6) Try a different solder with a lower melting point. 


Problem: My iron seems to be hot, but the solder isn't melting as fast as normal. 


Solutions/Explanations: 


1) Check your tip. Is it loose? 
2) Is your tip too dirty? 
A) Clean it on a wet sponge. 
B) Clean it on a tinning block. 
3) Your tip is too corroded or defective. Replace it. 
4) Your rheostat may be malfunctioning. 
A) Plug the iron into the outlet you are using without the temperature controller. If the iron works, the 
controller is malfunctioning. If the iron doesn’t work, the problem may be with the iron itself. 
B) With some types you can check the temperature controller by plugging a lamp into it. Turn on the 
lamp and see if the controller dims and brightens the lamp. 





Problem: My solder seams are flat. 
Solutions/Explanations: 


1) You are not using enough solder. Reflux your project and add more solder. 

2) You are soldering too fast. Move at a speed that lets the solder bead. 

3) If the bead was there, but disappeared, you may be working too long in one area causing the solder to melt 
through to the other side. Allow the area to cool down before trying again. Another option is to place a 
damp paper towel under the seam you are working on. This will help keep the glass cool, allowing you a 
little more time to work. 

4) Check the type of solder mix you are using. For copper foil work, 60/40 will help produce a higher, more 
rounded bead. Don’t make the mistake of buying 40/60 solder. It has an even longer pasty range than 50/ 
50, and is not recommended for stained glass work. 


Problem: My solder seam is too wide. 


Solutions/Explanations: 


1) Do you have large gaps between the pieces you are soldering? 
A) You may have to recut some pieces. 
2) You may be using too much solder causing the seam to bulge over onto the glass. "Pull" or "bleed" the 
excess solder from the seam. 
3) Is the copper foil too wide? This is another common mistake for beginners. Remember that the width of 
the solder seam is determined by the width of the foil. An attractive solder seam is accomplished by using 
a foil that shows about 1/16" on both sides of the glass. 


Problem: My solder seams are irregular in width. 


Solutions/Explanations: 


1) You may have poorly fitting pieces that create different size gaps in your project. Recut these pieces. 
2) Your foil may be applied unevenly on each side of the glass in some places. You may try to correct this by 
trimming the foil with a craft knife. If that does not work, remove the foil and start again. 


Problem: My glass fractured while I was soldering. 


Solutions/Explanations: 


1) Your iron is too hot. Depending on what type of iron you are using, either turn the rheostat down or 
change to a lower temperature tip. 

2) You "worked" too long in one location with the iron. 

3) There could have been a small chip or crack in the glass which was expanded when it was heated by the iron. 


Problem: My solder bead is not bright and shiny. It appears dull and splotchy. 


Solutions/Explanations: 


1) The solder was applied too cold, so it never fully reached its "liquid state." Turn up the temperature if you 
are using a rheostat or change to a higher temperature tip if you are using a temperature controlled tip. 

2) You may not be using enough flux to "wet" your foil or lead and create a proper solder condition. 

3) If you're using 50/50 solder, try 60/40. Because solder crystallizes as it cools through the pasty range, 50/ 
50 is more prone to having a textured look on its surface because of its considerably larger pasty range. 

4) The solder you are using may be of inferior quality. 





Problem: My solder is "spitting" as I work. What's wrong? 
Solutions/Explanations: 


1) You are likely using too much flux. It is literally boiling when you apply the solder. Wipe some of the flux 
off with a paper towel and try soldering again. You may find areas that now need a little more flux, be- 
cause you removed too much. 

2) If the spitting only occurs on the back side of your project (or the second side you are soldering), the 
problem is still too much flux, but the cure is different. When you use too much flux on the front side of 
the project, the excess to flows through the panel, so the spitting isn’t as bad as it could be. When you 
use too much flux on the back side of the project, it can’t flow through to the front, because the front is 
already sealed. The obvious cure for this problem is to use less flux the next time. But what about now, 
when you already have too much and can’t remove it from between the glass? The only good solution is 
to apply your solder, and allow the flux to boil up and out of the seam. (Keep your face as far away from 
the project as you can.) Once it stops spitting, you can remelt the solder and make it look as good as new. 


Problem: I have gooey, glue residue along my solder seams that won't wash away. 


Solutions/Explanations: 


1) Adhesive from foil may be working up and out onto your glass. This can be caused by poor foiling or 


burnishing of the copper foil, which allowed flux to seep underneath the foil. To correct this use a cuticle 
stick or soft toothbrush to clean adhesive away. 


2) Your iron is too hot, causing the adhesive on the back of the foil to melt and seep out onto the glass. 


Depending on what type of iron you are using, either turn the rheostat down or change to a lower tem- 
perature tip. 


3) If you reworked a seam too often, it may have loosened the foil. Allow the seam to cool to the touch and 
gently press the foil back down to the glass. 


Problem: Attached hooks and rings are pulling away from my project. 
Solution/Explanations: 


1) Hooks and rings should never be attached to just a foiled edge. Attach hooks/rings to vertical seams in the 
piece or at a juncture between a vertical seam and the perimeter. 
2) If there is no vertical seam or intersection, then attach the ring/hook to a horizontal seam in the piece. 


Problem: My solder has a white chalky growth on it. What did I do wrong? 
Solution/Explanations: 


1) All of the flux was not washed off of the project after it was soldered. 

2)The project was not sealed with a finishing compound or wax, or it has worn off. Use 000 steel wool to 
remove the patina and any remaining wax. Clean the project thoroughly paying special attention to the 
corners and edges. Reapply the patina and wax. 

3) The project has been exposed to the outside elements. Most waxes are intended for indoor use only. Others 
can be used outside, but must be reapplied regularly. Projects that will be exposed to the elements are 
better constructed using the lead came method. 
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Glossary of Soldering Terms 


An element used in the production of some solders. It should be avoided for use in stained glass. 


Ceramic Heater 


A type of heating element comprised primarily of ceramic, noted as extremely fast heating and efficient. 


Chisel Tip 


A soldering iron tip shaped like a chisel tool. This is the most common shape used for soldering stained glass. 
Chisel tips are made in a variety of sizes, the most common being 1/8”, 1/4” and 3/8”. 


Heat Sink 


A device used to draw or absorb heat being generated by another source. For example, an object being soldered 
acts as a heat sink to the soldering iron. 


Decorative Soldering 


Any decorative effects created in solder. These effects are created with a soldering iron, usually with a very 
narrow tip. Special solder, like 63/37 or QuickSet, make it easier to create special effects because it has a “zero” 
pasty range. 


Eutectic Point 


An exact single temperature point at which an alloy goes from solidus to liquidus with no pasty range. For ex- 
ample, the eutectic point of lead and tin is 361° F. This point is obtained only by 63/37 tin/lead alloy. 


A chemical agent used to remove compounds from the surface of metals during the soldering process. (See 
organic and inorganic flux.) 


Idle Temperature 


A very low temperature at which the iron is on, maintaining the capability of a more rapid heat up than if the iron 
was off or “cold”. This is usually between 200°F and 300°F. 


Inorganic Flux 


A flux comprised of one or more inorganic salt such as zinc chloride or ammonium chloride. Inorganic fluxes are 
more corrosive and conductive than organic fluxes,. They are effective on all common metals. 


Leaded Solder 


A material used to join metals comprised of tin and lead. 


The temperature at which a pure metal becomes completely molten or liquid. 
A mineral based material used as a construction component in wire wound type heaters of soldering irons. 


Organic fluxes are not as corrosive as inorganic fluxes. They are often used when the surface of the glass may be 
effected by the flux, such as painted glass. 


’ 





Debris on the surface of a metal which is the result of the reaction with chemicals in its environment. Oxides 
must be removed mechanically (with steel wool or a brass brush) and chemically for proper wetting to occur. 


Pasty Range of Solder 


The temperature range which is the difference between the solidus and the liquidus temperatures. This is some- 
times referred to a the “working range”. 


QuickSet™ 


Another name for 63/37 solder. See decorative solder. 


Recovery Time 


The time required for a soldering iron to reach soldering temperature after it has hit a “cold spot”. 


The term applied to a soldering iron control which is used to vary the temperature of the heater in the iron. 


An alloy of two or more metals with a liquidus temperature of less than 800° F. 


Solder Bead 


The term used to describe the look of solder when it has been properly applied to a copper foil seam. 
Solidus 


The temperature at which a pure metal or alloy goes from liquid to solid (or “freezes”). 


Temperature Control 


An electrical or electronic device into which a soldering iron is plugged, or which is within a soldering iron. The 
device is used to vary the temperature of the soldering iron heater. 


Applying a thin layer of solder to a metal surface. Most commonly used in reference to the copper foil technique. 


Tinning Block 


A block of sal-ammoniac on which a soldering tip is cleaned and resurfaced with a layer of solder. It is not actually 
used for soldering. 


Tip Tinning 
The process of renewing a soldering iron tip using a sal-ammoniac (tinning) block. 


Wetting 


The term used to describe the proper flow of liquid solder, promoted by flux, on the surface of another metal. ““Wet- 
ting” is necessary to form a proper soldering joint. 


Wire Wound Heaters 


Soldering iron heaters constructed with heating wires wound in a coil around Mica. 
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Soldering & Desoldering 


Soldering/Desoldering Tools & Accessories 


Soldering Station withLCD © 


Display, ESD Safe 400 Series 
> 


17400 






High-quality sensor and heat 
exchange system guarantee 
precise temperature control at the 
soldering tip 

Soldering iron tool heats rapidly from 
room temperature to 350C in 30 seconds 
Suitable for general purpose soldering 

as well as specialized lead-free soldering 
applications 

Sponge and coiled brass tip cleaner ensure a clean soldering tip 
free from debris and corrosive material 

Strong, deluxe iron holder provides safe secure place to store 
heated iron between uses 


Vv 
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Soldering Station with LCD Display, ESD Safe 


405 Series — 









> LCD temperature control display with blue Mt 
backlight > 
> Long lasting, durable high - quality 
ceramic heater 
> Sponge and recessed area 
provides a convenient method for 
cleaning the tip 
> Suitable for general purpose soldering 
as well as specialized lead-free soldering 17405 
applications 
> Safety guard iron holder 
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17405 Soldering Station with LCD Display, ESD Safe 405 Series 


Soldering Kit - 6pc 


40 Watt Soldering Iron heats up to 900° F 
Ideal for use on electrical/electronic 
components, audio equipment, etc. 
Includes desoldering pump for 
removing liquid solder 

Provides basic tools needed for many 
soldering projects 

6 Pc kit comes complete with replaceable fine tip 
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17501 Soldering Kit - 6pc 


Soldering Kit - 7pc 


40 Watt Soldering Iron heats up to 900° F 
Ideal for use on electrical/electronic 
components, audio equipment, etc. 
Includes desoldering pump for removing 
liquid solder 

Provides basic tools needed for many 
soldering projects 

6 Pc kit comes complete with replaceable 
fine tip 
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17502 
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17502 Soldering Kit - 7pc 

















war 
AVEN 


Soldering Iron 80W with Fine Tip 5 


> Ideal for general purpose soldering applications 


including metal board, tube or large components 
Round, soft grip, non-slip handle y 
Durable cord with a 5-foot reach A 
Fitted with long life replaceable fine tip 
7A 





> 
> 
> 


17510 
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Soldering Iron 40W with Fine Tip — 


Ideal for general purpose soldering 
Round, soft grip, non-slip handle 
Durable cord with a 5-foot reach 
Fitted with long life replaceable 
fine tip 
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17521 Soldering Iron 40W with Fine Tip 


N-Series Soldering Iron Tips ¢ 


Long life, lead-free soldering iron tips | | 
Replacement tips for soldering the ; | | 
different components of PCBs } 

Five different sizes 

Includes two tips 

For use with 17400 & 17405 ESD Safe 
Soldering Stations with LCD Display 
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C-Series Soldering Iron Tips i 
Long life, lead-free soldering iron tips 
Replacement tips for soldering the different 
components of PCBs 
Four different sizes 
Includes two tips 
For use with 17521 Soldering Iron 40W 
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B-Series Soldering Iron Tips 

> Long life, lead-free soldering iron tips 

> Includes two tips 

> For use with 17510 Soldering Iron 80W 
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17510-B5-1 B-Series Soldering Iron Tips (B5-1) 





AVEN, INC. | 4330 VARSITY DRIVE | ANN ARBOR, MI 48108 





Tel: 734.973.0099 | Fax: 734.973.0097 | www.aveninc.com 
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SMD Soldering 


Your reference guide to soldering with surface mount devices 


Short cut to your reference guides and charts 


1. Introduction to SMD soldering 
2. SMD soldering (prototyping board) 
3. SMD soldering (prototyping PCB socket 2.54mm pitch) 


1. Introduction to SMD soldering 


SMD IC stands for surface mount device integrated circuit, or commonly 
known as SMT surface mount technology. Why go into SMD? Small in 
size, light in weight. This is the advantage of smd. Being small, engineer 
is able to design small electronics gadget that people can carry around. It 
is quite obvious that people prefer small mobile phone. 


The ultimate advantage will be lower cost to consumer. Being small in 
size, the printed circuit board (pcb) can be small, meaning low cost. 
Transportation cost can be reduce because it is now lighter and more 
products can be packed into the same box. Space required is less, 
meaning cost saving on the warehouse storage. PCB board is easy to route 
without the through hole. Better signal integrity. Easily assembled by 
machine. There is too much advantages. Going SMT is certainly the way 
forward. 


I used to build circuits using dual in-line package (DIP or DIL) IC only. I 
hardly thought of using surface mount device/component (SMD) because 
I have great doubt that I can solder the fine legs of the IC chip. The pitch 
for the older DIP IC package are 2.54mm. Pitch is the distance between 
adjacent pins as illustrated in the picture. Most IC comes with a variety of 
packages. The IC that I know of, offer both the SMD and DIP packages. I 
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Edited by Lim Siong Boon, last dated 06-May-09. 


mail@siongboon.com 
http: //www.siongboon.com 


email: 
website: 


Technology evolution, from big to small. 


A phone small enough to carry 
jaround. 









mobile 


Even smaller phone 


Mobile phone as thin as biscuit. 





Through hole packages 








DIP - 8 pins 
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thought that I will never ever need to use smd packages until one day, I 
have no more choice. I managed to pick up new circuit designs, and 
discover more and more new IC chips. Most new IC chips design do not 
have DIP packages. You can hardly find one. I realised that in order to 
implement better circuits, I need to learn to use new IC chip. In order to 
use the new chip, I have to find ways to solder smd components. That's 
where I venture into the world of smd. 


Nowadays people prefer to use smd, because they are small in size, which 
turns out to be cost efficient fabricating small PCB. With smaller PCB, 
space & weight is saved, resulting in lower cost for the 2.54mm Pitch 
transportation/distribution and storage. resistor 











Research and research, I got to know from other electronics guru that smd 
is in fact easier to work with than through hole. I try it out and from that 
day onwards, I am in love with smd components. Small to solder, but it 8 


capacitor 








save me the effort to cut the lead for through hole component. I managed 
to store my component using minimum box and space. There are many 
many advantage to work with smd. 


inductor 





_ — - diode 





Many people might think that you need special tools like a rework station 
or fine tip iron to solder the small smd components with small pitches. 
With the correct technique, you can use your soldering iron to do the 
soldering. In fact my 60W goot TQ-95 soldering iron has quite blunt tip. SND wackases 
So thick that most people think that it is not possible to solder smd IC omils packages 
with fine pitches. Fine tip iron is easy to reach the fine lead, but I find that 
it is not as hot as the same iron with blunt tip. If you prefer fine tip, I will 
recommend hotter soldering iron or those which can allow you to adjust 
the temperature, they can be hot. I managed to solder smd package TQFP, 
SSOP QSOP with pitch as small as 0.5mm. Width of the lead of about 127mm Pitch 
0.3mm. 





SOIC - 8 pins 








Dealing with SMD components do not necessary requires you to fabricate TQFP - 44 pins 
a professional pcb board. You can also mount smd components on low 
cost prototyping board. To start off implementing smd components, you 
might like to try using the soic package. Quite common at this point in 
time, but may just phase out as what has happened to the dip packaging. _ bey be 
SOIC has a pitch of 1.27mm, which is exactly half of DIP packages. This =a "¢é PESISIOE 
size is great because I can solder the IC to the same old 2.54mm pitch a 

prototyping donut padded board. What I usually do is to cut the donut pad 




















into half. Soldered onto each pad is two pins 1.27mm apart. e 
: : ; ; ® > capacitor 
You can refer to the following article, for further illustration. A * 
"SMD soldering (prototyping board)" 
a. inductor 
> diode 


With so much advantage there is indeed a disavantage. SMD IC comes 
with many type of packages with different pitches. Unlike DIP IC, the 
pitch is typical 2.54mm. I can easy purchase a prototype board with 
2.54mm, and almost all the DIP will fit to the board. SOIC package can 
still be mounted onto the 2.54mm prototype board. The rest of the SMD 
IC chip has quite a wide range of completely different packaging. This 
make them difficult to start with, without having to fabricate a PCB. 









aT 
¥ 

od 
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There are actually solution to this. Most IC company usually introduce 
their IC chip together with a prototype board for the IC. 


Another solution will be to use a pre-fabricated prototyping board that 
allows mounting of various smd footprint. You can search for the various 


names such as fs : ; 
Various distributor for the prototyping adaptor 
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- prototype adaptor BELLIN DYNAMIC SYSTEMS ING 
- chip adaptor —— 

- smd prototyping board 

- smd to dip adaptor \]E GYEMALL con 

= smd socket ROTH ELEKTRONIK” ACS OME Txpe Ze 





- smd adaptor = 
FOREST 

- smd to 2.54mm converter 

- SMD to DIP converter CITY PCB ) eth Tranie 

- chip carrier 

You can refer to the following article, for further illustration. | control Si RS 


"SMD soldering (prototyping PCB socket 2.54mm pitch)" 


In prototyping with DIL IC, pcb mount IC socket is usually used, so that DIL IC sockets/ holder. 
the IC can be removed easily if damaged. Some sockets are designed for —. Turn pins designs is of 
programming used where the chip can be inserted and remove easily for better quality. 
programming purpose. To remove the component, you need not have to i 

do de-soldering. Like DIL package, smd also comes with their own IC 


socket. There are many variety of smd packaging, and getting the socket 
for your smd components is not going to come cheap & easy compare to 
DIL. Therefore I usually built prototype without any sockets for smd 
design. After numerous attempts designing and building of circuits, you 
will definitely attain a certain level of confident on your design without 
considering IC socket. Without the socket, cost and space are saved 
significantly. Various distributor for SMD socket 


SMD IC sockets: . Ironwood Electronics 
= Logical RMALL.com 
& SS = R, aii oenen iiss AMIE AIX 


Cy 








ve 


The headache will come when you really need to removed the smd IC. 
How do you remove the IC from the PCB? For de-soldering of smd 


component more than 3 leads, you can add in more solder to connect up : Various type of smd packaging 
the IC pins heat pins on all the sides of the IC and eventually pull out the | 5 [=] * SOT, SC 


component. It is easier to use the rework station or IR heater to de-solder 
smd components. The rework station uses hot sir to melt down the solder 


; ‘ . _ * SOIC, ExposedPad™ 
on the board. You will need to aim the hot air at the solder joint. 


* SSOP, ExposedPad™ 


, * TQFP, ExposedPad™ 





Rework Station 

If you do not have the lurxy of getting the rework station, another * TSOP 
possible method might be to use a special solder that has lower melting 
point. LowMelt® DeSolder Wire. A lower melting point means that the 
solder will takes a longer time to cool down to a solid. This allows you 
more time to remove the IC after heating up the solder. The solder is 
flooded onto the pins of the IC. The pins are heated up together using a 
soldering iron and the smd IC can then be removed easily with a tweezer. 


* TSSOP, ExposedPad™ 
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Low melt solder wire 
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* PLCC oe 


* LQFP, ExposedPad™ 
* LGA 


* PBGA 


a 9 





* PSOP 


OG 





7 Dual Row MicroLeadFrame® 


©. 


* LQFP PowerQuad® 


* MicroLeadFrame® (MLF®) 


@o 





G) 


Gi! * MQFP PowerQuad® 


oe * SuperBGA® 


* TapeArray® BGA 






* tsCSP 
“2 * Ultra CSP™ 


eS * CABGA, CTBGA, CVBGA 
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2. SMD soldering (prototyping board) 





The prototype board above has pad with 2.54mm pitch and is designed 
for DIL and through hole components. The board is easily available from 
local store. Dealing with smd components on this 2.54mm pitch board is 
not difficult as well. I have been using this board to solder quite a 
number of surface mount components. 

- SOIC 

- DPAK 

- SOT23-6, SOT-3 

- TO-263 

- PSOP 
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High pin count component with pitch less than 1.27mm 
will not be suitable to mount onto this board. For passive 
smd component like resistor, capacitor or inductor which 
only have 2 pin, mounting is simpler. Size is not an issue 
soldering onto the board. 


Align the SMD IC to the position on the pad. Mark out the 
pad for the cutting to be done. 


Use a penknife to cut the donut pad into half. Ensure that 
the half pad does not short circuit using your multi-meter. 
Sometimes the cut may not be deep enough or conductive 
reside between the gap resulting in a short circuit. 
Remember to ensure that each is proper cut before you start 
to solder. 


Align the smd with your finger or tweezer and begin 
soldering one of the pin. Check if the IC is still properly 
align after soldering the first pin. If not, heat up the 
soldered pin and realign again. After the ICis align, solder 
all the rest of the pin. If the solder bridge across to the 
adjacent pin, use a soldering sucker to remove the excess 
solder. 


The cut between the pad usually make the solder harder to 
bridge across the adjacent pin. Bridging is still possible, 
and it is quite easy to have it removed. 


- 
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Example of building the circuit using surface mount 
component on the prototyping board with 2.54mm pitch 
pads. As shown above, the pins are being wired by fine 
wire wrapping wire. The single core wire is very flexible 
and comes in a variety of color, making it easy to identify 
the type of signal being carried by the wire. 


SMD ribbon cable connector being soldered onto the 2.54mm pitch 


prototype board. 


3. SMD soldering (prototyping PCB socket 2.54mm pitch) 


What you need... 





PIC-200 smd to 2.54mm pitch adaptor 


from P [Gover 
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List of items: 

- Surface IC chip (TQFP package) 

- Surface mount IC adaptor or converter 
- Soldering Iron 

- Tweezer or Pincer 

- Solder with flux core 

- Soldering Flux 

- Stick for coating flux 

- Wiping paper 

- Tinner 


INTRODUCTION 





In this setup, I am going to solder a surface mount microcontroller (TQFP 44 pins) 
onto a smd adaptor. The adaptor will then be used on the commonly available 
prototyping board, so that I can try out my new design for circuit control. 


TQFP, QFN and SOIC are quite some common footprint for prototyping smd 
microcontroller from 18 to 64pins. This prototyping adaptor pic-200 (on the left) 
that I have is an ideal adaptor for my microcontroller. Converting the smd device 
into 2.54mm, I can easily mount the smd unit onto my 2.54mm pitch prototyping 
board. It is available locally. 





Prototyping board with 2.54mm pitch donut pads. 


The pic-200 smd adaptor originate from PIC-CONTROL and is well documented. 
Commonly used smd footprint can be found on either the top or bottom side of the 
pcb adaptor. These are some of the smd packages that can be mounted onto pic- 
200 adaptor. 


IC Front Back 
TQFP-44 
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Holding onto the side view of the 
QFN package IC. 


<Step 1> 
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QFN-44 


SOIC-28 


SOT-3 





With a wide range of smd components that can be mounted, it is easier to stock up 
this pcb adaptor for future prototyping use. 


The following article is about getting my smd microcontroller PIC24FJ64G004 
soldered onto this board. After which I will be on my way to do prototyping for my 
new control circuit. 


This smd adaptor origined from PIC-CONTROL. For other type of adaptors, you 
can also refer to other manufacturer as mention above. 


click here to 


Buy this SMD Adaptor Now at the PIC-store 


B PllC-store 


Before soldering, ensure that the soldering pad on the PCB is free of oxidation. 
PCB is usually tinned to protect the copper surface from oxidation. In cases where 
the surface is oxidized, you can try cleaning the surface with a contact cleaner. 
Apply the solution with tissue paper or toothbrush to clean up the contact. This 
solution make the PCB board rather oily, which I don't quite appreciate. 


Contact cleaner. ; P—,, 


Let us start our smd soldering here. Soldering surface mount component. The first 
important thing to introduce would be the solder. 


There are many type of solder. Choosing the correct solder takes a bit of some 
knowledge too. Leaded or lead free solder? The industries is moving towards Pb 
free components & PCB, calling for unleaded product. Lead is toxin and not 
environmental friendly. I would advise ou to wash your hand after soldering or 
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handling pcb board. A soldering fume extractor to vacuum the smoky fume would 
be quite comfortable for your soldering. The smoke is quite choking and a health 
hazard if you breath that in. 


soldering fume extractor. 


Solder also comes with a variety of metal alloy combination. Nowadays it is 
common in solder core to contain flux. If the solder do not have the flux in the 
core, the flux have to be manually applied onto the metal surface before the 
soldering beginning. The flux cleans up the soldering surface, and also make the 
solder flow rather smooth like liquid. One of the important ingredient to make a 
good solder joint lays in the soldering flux. 


Solder wire also comes in a wide range of diameter to choose from. Generally I 
use 0.8mm soldering wire roll with flux at the core. Smaller diameter solder wire 
allows you a better control of the amount of solder to apply. For soldering larger 
pins or connector component thicker diameter wire will be preferred. Wire too 
thin is rather troublesome, because you need to feed in a longer length of solder in 
order to solder the large surface/lead. For general purpose PCB board soldering 
0.8mm wire fits somewhere in the middle. Not too thick nor too thin. For smd 
components, diameter smaller than 0.8mm is preferred. Using 0.8mm for smd 
soldering is not of any issue. 






Solder wire 2mm 





1.2mm 1.0mm 0.8mm 0.5mm 


<Step 2> My microcontroller TQFP package has 44pins around the square package. To 
" an secure the package to the adaptor, I will need to solder one of the pin to the board 
first. It is important to solder only one pin. In case of mis-alignment, we can 
correct it easily. If more pins are soldered, it will be more difficult to correct any 
alignment. 









Pin 1 of the adaptor pad is first tinned with a layer of solder. A tweezer is then 
used to align the IC chip on the pad. The IC is secure to the board with a slight 
touch from my soldering iron, soldering the IC pin to the pad. 


The important factor to consider would be the heat generated by the iron. I prefer 
to use a 60W iron, which still works well in air-con room. A lower wattage or fine 
tip iron will not heat up that well in colder environment. 


Goot TQ95 60W 
= 


If you prefer a fine tip, perhaps the soldering station will 
be more suitable. The iron temperature can be adjusted to a higher or precise 
temperature for the component that you want to solder. Component with thick 
metal contact like connector, heat sink, for thick cables should be solder with a 





Align smd IC to the respective pad. 
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higher temperature. The iron should be held on longer, in order to have the 
component fully heated up before any solder is applied. 







IC being fixed in position 





Solder Station 


For soldering the IC pin to the pad, you can start off by heating up the pad. Then 
while heating up the pad, touch the IC pin and apply the solder wire directly to the 
pad or IC pin, allowing the solder to flow like liquid. The IC pin is heated last to 
minimize the chance of over heating the pin. If it doesn't flow very well, you can 
manually some flux to the joint. The solder wire should not touch the iron directly, 
Checking if alignment is correct. because this will vaporize the flux, and solder flow will be restricted. 


Heat up the lead and pad longer allows the solder to flow and form a good joint. 
Not for too long as it can also damaged your IC. You should be able to see the 
solder flow eventually onto the lead & pad. With a bit of practice, you will see the 
difference between a quick solder touch and another one with lead & pad heat up a 
little bit longer. It takes a number of practice to get a good joint with minimum 
amount of heating time. 


The soldering iron that I use has rather thick tip, but that does not matter when I do 


soldering for the smd microcontroller. All we do is to flood the pins with solder. 
Flooding the pins with the rest of the solder. They can be be suck up later. 


There is a technology known as ultrasonic soldering. The soldering iron tip has 
this micro vibration which helps the solder to flow more easy without much use of 
flux. It can also solderthose difficult to solder material. The following is one article 
that I found that describe about it. - Soldering the unsolderable. 





Pins flooded with solder 


<Step 3> I have applied more flux at this stage. It should have been applied before flooding 
the pin, but it doesn't matter too much. The flux will make the solder rather liquid 
so that it is easier to suck up the excess solder. 


"solder flux paste 





Baker Soldering Fluid 


<Step 4> The flooded solder is being heated up, and the excess solder are being sucked up. 
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<Step 5> Each pins is being touch up, ensuring that the pin is solder to pad and that they are 
not bridged across to the adjacent pins. 


Now we have got our smd component soldered onto the board. 


The flux helps a lot in doing a good solder but it often leaves the board with tiny 
dots of transparent strain, a bit sticky, also known as grease or flux residue. The 
board looks untidy with these tiny bits of grease. 


These are the various recommended cleaning solution for pcb. 

- 50% Alcohol + 50% Water 

- Thinner 

- Flux remover 

- Multicore Prozone MCF800 

- Solvent-> Bromopropane; propane, 1-bromo-; propyl bromide (Chemical 
Formula: C3H7Br) 


\ Alcohol MSDS (Material Safety Data Sheet) 





a 
= 


Thinner MSDS (Material Safety Data Sheet) 














MG Chemicals 413B Heavy Duty Flux Remover 


MGC-250 Santess Seo! e 
‘Gaanng Brush Y 


g 


4 Brush for the crush 
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al Flux Remover 








Besides using chemical, or after using chemical, there may still be some white blur 
stain. Those are flux spread dry up on the surface. Using a hot air blower, or heater 
on the surface can melt the dry up flux, and recover the smooth shiny PCB board 
surface again. Clean away the melt flux immediate after the heat. 


Using alcohol is strongly recommended. Thinner is not suitable for certain 
plastic/material. Care is required when using thinner for cleaner. Using thinner on 
the PCB, copper pads and soldering joint isn't a problem. When use on plastic, you 
are advise to do a trial to ensure that the material is able to with stand thinner 
solution. Flux remover is commercially ready mixed solution. From what I learn in 
the manufacturer website, they are non-flammable chemical solution. 


Alcohol & thinner has a lower flash point, and catch fire easily. You have to be extremely in handling and storing 
these flammable chemical. Do not store or work on the chemical near electrical appliances, hot area or things that 
can cause spark. Keep your windows open to allow air to circulate while working with these chemical. They may 
cause headache, dizziness and uncomfortable when inhaled. 


Chemical comes in different level of grade. A slight different in the chemical 
concentration or purity can results in a large difference in cost. Alcohol can be 
expensive. For pcb cleaning purpose, request for technical grade alcohol. Higher 
grade alcohol is typically used for consumption or lab experiment purpose. Since 
we are using it for cleaning, there is not much advantage in using high quality 
chemical which is expensive. Dickson chemical is specialized in high graded 
chemical for laboratory use. They do sell lower cost technical grade alcohol. They 
are not suitable for consumption but is ok for cleaning application. 


Dickson Chemical selling Technical grade alcohol 


You can easily buy thinner from your local hardware. Typically used for cleaning 
your brushes after all the wall painting works. 


‘The Senne” 


Zephyrtronich Non-flammable Flux remover 


click here to 
Buy Cleaning Solution Now at the PIC-store 


 PlC-store 
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These are other recommendation in the web. After researching further, I would 
advise not use them. These chemical are of health hazard. Exposure will have 
severe adverse health effects. 


- 50% isopropanol + 50% water ty 
- Trichloroethylene LA 
- Carbon tetrachloride 


Isopropanol (true chemical name) is also known as Isopropyl alcohol or 2- 
propanol. 2- is refer as Iso. Other chemical may starts with 1- refer as N. These are 
some jargon used in the chemical industrial. I managed to learn a few of the terms 
from the vendor. 

Trichloroethylene (true chemical name) is typically used for degreasing the metal. 
It is an extraction solvent for oil. Another name for Trichloroethylene is Trielin. 
Based on some read up, they can cause cancer. 
http://www.answers.com/topic/trichloroethylene 





Carbon tetrachloride can harm our environment, producing CFC which deplete the 
earth's ozone layer. http://en.wikipedia.org/wiki/Carbon_tetrachloride 


Initially I tried using contact cleaner to clean the stain off. I use cloth or tissue but 
the fabric is often tear by the component sharp edges. Most corners are not easy to 
reach. Later on I tried using a toothbrush, the result is better. 


For mass cleaning job, you can try using the ultrasonic pcb cleaner. It is a deep 
metal container for the solution, using micro vibration to shake off the dirt. I have 
never tried on it before, and I believe it is the same machine people used for 
cleaning their jewelry. Basically, you will need to dip the pcb board into the 
solution, and the ultrasonic will be activated to do it's job. The solution used is the 
same as manual cleaning, requiring 3-5 minutes of cleaning. 





Las 
a 





Ultrasonic jewelry cleaner 


There is also a flux that does not leave residue on the PCB. I found it on the 
internet, and have not try it before. 





~ INTERFLUX, IF 2005M No-Residue™ flux, pdf file 
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Article relating to removing flux residue: 


- pcb cleaning - Aqueous Cleaning Process.pdf 

- pcb cleaning - Flux Removal, nuxx.pdf 

- pcb cleaning - pcb cleaning article.pdf 

- pcb cleaning - PCB Cleaning, Printed Circ.pdf 

- pcb cleaning - pcb washing chemical composite.txt 

- pcb cleaning - remove solder flux.pdf 

- pcb cleaning - Solvent washing PCB boards.pdf 

- pcb cleaning - washing the board using alcohol.pdf 

- pcb cleaning - PCB cleaning article Inventec_S24 03.pdf 














<Step 7> A close up view of the clean and neatly soldered surface mount IC on the 
prototyping adaptor. Soldering smd components is simple and fast with a bit of 
practice. Small and easy to clean up. There are too many advantage in working 
with surface mount, compared to through hole components. 


This is the end of the short demonstration on smd soldering. I hope these article 
can provide you some insight and confident to start experimenting circuits using 
surface mount components. 





Video available. Please click here, 


a 

¥* smd soldering.mpg (25MB) 

ae 

i smd cleaning pcb.mpg (5.5MB) 





Article on smd soldering. 
- 2010-07 How to Solder Surface-Mount Devices.pdf 





click here to 


Buy this SMD Adaptor Now at the PIC-store 


® PllC-store 


ircuit Design & Fabrication 


Cet 
Vet 
\ 


. * 





Various Chemical Reference: 





Alcohol 70% + Distill Water 30% 
MDX4-4159 
TMHFE-71DE 
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Cyclohexanone 

Methylethylketone 

ethylacetate, 

Silicon Wacker 

Wacker M4503, General purpose mould making silicon (Using Two Part Silicon Mold Putty to Make Molds) 
http://www. kirkside.com.au/, Mould Material Specialist 


Propanol, used to clean PCB. (close to white electric oil) 
Acetone, remove away ink printed on PVC stickers 
n-Hexane (white electric oil) 


smd glue for surface mount component mounting / soldering use 
Seal-glo NE series, NE3000S, NE8800T, more Seal-glo 





email: mail@siongboon.com 
website: http://www.sionqboon.com 


Keyword: surface mount soldering, smd adaptor, smd to 2.54mm convertor 
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Surface Mount Soldering Procedure 


We believe that the following procedures describe the simplest way to reliably assemble surface mount components 
without special tools. The only tools required are a pair of fine-tip tweezers, a rosin based flux pen, rosin core solder 
(.025” dia. preferred), and a soldering iron with a small, clean tip. A spool of fine (0.075”’) solderwick will come in handy 
if you need to rework connections. You will need isopropyl alcohol, cotton balls, and cotton swabs for cleanup. If you 
have access to hot air rework tools and the skill to use them, feel free to use them instead. 


Soldering surface mount components is not diffi- 
Solder Com ponent cult, but it does require good eyes, a steady hand, 
and a soldering iron with a small, clean tip. The 


“ illustrations at the left show a proper and a poor 
solder joint. In the proper joint, the flux has 
ING “wetted” both mating surfaces, allowing the molten 
solder to adhere to both the printed circuit board 
PC Board PC Board Pads pad and the component lead. In the illustration of 


the poor connection, insufficient heat or flux has 
forced the solder to ball up on the end of the 
component, without making it to the PCB pad. The 
component is not attached properly, and the electri- 
cal connection will be intermittent at best. This 
connection can be salvaged by applying flux and 

y | | N @ | heat to the PCB pad to get the solder to flow to the 
area between the pad and the component. 


A proper solder joint with fillet 


The most important characteristic of your soldering 
iron is that it must be equipped with a small, clean 
tip. If the tip is too large or is covered with oxida- 
tion, creating a well-flowed solder joint will be 
nearly impossible. Wipe your tip on a sponge 
before each joint - it must be shiny and well-tinned 
in order to transfer its heat properly. 


Proper joints Poor joints 


You will find it easiest to work on your board if 
you clamp it in a moveable vise or stick it to a 
small block of wood with double-stick tape. This 
will allow you to rotate the board to whatever angle 
is most comfortable for access to the component 
being installed. If you try to hold the tiny parts at 
awkward angles, you will not have good results! 


The first step is to apply a small bead of solder to 
one of the PCB pads for the component to be 
installed (the left-hand pads of R1 and R2 in the 
photo at right). The bead should be approximately 
0.020” to 0.030” high (you may want to reevaluate 
your bead size after you have completed several 
joints). Apply some liquid rosin based flux from a 
flux pen to the solder bead and to the other pad(s) 
for the component. 


Next, using a pair of tweezers, pick up the compo- 
nent to be installed and place it over the appropriate 
pads. 








care 4 || 


_ 


With the part in position, solder the other end 





With the part in position, move the soldering iron 
to the solder bead on the PCB pad. Apply a small 
amount of heat from the iron to flow the bead, 
simultaneously lowering the part against the board 
and correcting for any rotational misalignment. 
Remove the iron and allow the solder to cool. 
Inspect the joint -- at this point you are not con- 
cerned about the quality of the actual solder joint, 
just the positioning of the component. The part 
should be flush against the PCB, with both ends 
properly contacting the pads. The part should be 
straight, and centered between the two pads. 


Apply a liberal amount of liquid flux (again, a flux 
pen is the ideal applicator) to both ends of the 
component. Heat the currently unsoldered end of 
the component and the adjacent pad with the 
soldering iron, and carefully wipe on a small 
amount of solder. You want a small fillet as shown 
in the earlier illustration, not a large glob of solder. 
Make sure that the solder has flowed onto the pad 
as well as the component lead - don’t be fooled by 
a lump of solder on the end of the component that 
doesn’t flow under the component and onto the 
PCB pad. 


After the second end is soldered, go back to the 
original solder joint and reheat the solder. The flux 
will allow the solder to flow freely, and a good 
fillet should be observed. If there seems to be 
insufficient solder, add a little more. If either of the 
ends appears to have an excessive amount of solder 
(a large blob sticking up above the part) it can be 
removed with solder wick. Apply flux to the blob 
and the wick, position the wick over the blob, and 
press lightly on the wick with your iron. As the 
heat is conducted through the wick the solder blob 
will melt and be drawn off by the wick. You may 
end up removing too much of the solder, in which 
case you can reapply a small amount of fresh solder 
to the joint. 


After the joints have cooled, inspect them carefully 
to make sure that they are solid and make contact 
with the board. If you have any doubt about the 
quality of the connections, apply more flux and 
reflow the joints until you are satisfied. 


The same procedure is also used for installing 
components with three or more leads (transistors, 
ICs, etc.). Start with a bead of solder on one pad, 
position and “tack” the part, then add more flux 
and solder the remaining leads. Don’t forget to 
reflow/improve the first “tacked” connection if 
necessary. 
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Electrical Wire soldering For Beginners 
by Randy Glass 


DISCLAIMER- First, soldering can be dangerous. This lesson is not meant to be everything you need to know. Your 
safety is up to you, and you take full responsibility for any damage or injury caused by these instructions, whether as an 
act of omission or commission on your part or mine. Be aware that an improperly soldered wire can lead to fire, loss of 
vehicles, injury, and even death. By reading and/or using these instructions you take full responsibility and release me 
from all liability. Second, I took these photos as I did the work, pressing the remote control for my camera with one 
finger as I held the soldering pencil in one hand and the solder in the other. I apologize for any images that might be out 
of focus or poorly composed. 


If Yogi Berra ever wrote a book on motorcycles he would probably say, "We seem to spend around forty percent of 
our time taking things apart, and the other seventy-five percent of the time putting them back together." Some things 
are easy to put together. We use specialized fasteners like nuts, bolts and screws to hold things together that, some day, 
we might want to take apart again. But there are some things that, once put together, we would like to know that, to 
some degree, our fastening system is permanent. One of those places is in electrical wiring. When a wire breaks or 
needs to be fastened to a connector or another wire in such a way as to be dependable, then the very best way is to 
solder. 


soldering is a method to attach one metal part to another. It is part of a family that uses molten metal to do this job. 
At the top of the ladder is welding. This is a very high temperature method that actually melts the parts a bit where they 
are attached, along with some other metal, usually in the form of welding rods. Next is brazing. This melts some hard 
metal, usually brass, into the gap between two pieces of metal. Normally, the surface of the material being joined is not 
melted in this process, but it gets very, very hot. Finally there is soldering. soldering flows some molten metal between 
metal parts at relatively low temperatures. 


For our purposes I am going to speak of the type of soldering that attaches two wires together or one wire to a 
connector- the sort of soldering that any backyard mechanic might need to do when working on any electrical 
component or the wires that connect them together in almost any type of vehicle. 


WHY solder? 


Although there are methods that can be used to make these connections without soldering, they are usually inferior. 
soldering does a lot of things: 


1) It Is Strong- You are connecting two metal parts with a liquid metal that becomes solid after it fills the joint and 
cools. When properly done it leaves no voids so the joint is very strong and the wire is well supported. 


2) It Slows or Stops Oxidation - Because solder fills the joint it excludes air and moisture so the metal in the joint will 
not oxidize. This maximizes electrical flow over time. 


3) It Makes An Excellent Electrical Connection- because the solder is a conductor it gives the wire more area from 
which it can flow electrons to whatever it is connected. 


4) Non-permanent - Although soldering is very strong, it can be removed and the joint taken apart in the future if 
necessary. 


5) Connectors do Not Need to be Crimped - Those little metal connectors that are designed to be crimped have a 
terrible habit of coming loose as well as breaking the little copper wires in the conductor making a weak joint as well as 
one that does not conduct as well as it should. They easily let air and moisture in which causes corrosion and that leads 
to poor and broken connections. 


MATERIAL LIST 
It doesn't take much to set yourself up as a soldering wizard. Here is a list (Numbers refer to image to the left): 


*1) soldering Pencil - Something around 25 to 40 
watts would probably be fine for most electrical 
work. You don't need a huge soldering gun to do 
electrical work. A little smaller is actually better 
than too big, as we shall see. Get a brand-named 
pencil so that down the line you will still be able to 
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get replacement tips for it. A chisel tip as seen in 
the pictures that follow is best for most work but 
you might also need a pointed tip for more delicate 
work. Those old soldering guns are nice for 
making battery cables, but are generally too large 
for what we are doing. it would be like using a 
sledge hammer to make a picture frame- it would 
have to be a REALLY big picture frame! 


There are also cordless, rechargeable soldering 
irons available. They generally run about $35-75 
or so. Although these cost substantially more than 
a corded iron, and the replacement tips are more 
expensive as well, there is no cord to get in the way 
when working and as they can be carried along on 
trips. These generally have a built-in light as well 
making repairs at night easier. I normally loosen 
the lamp so that it does not light, so the battery lasts 
longer in use. 


There are soldering tools that are actually little, 
refillable, butane-powered torches with a soldering 
tip at the end which is heated by the flame. As they 
are about the size of a fat ball point pen, they are 
another good way to get a portable soldering tool. 
These generally are available for less cost than the 
rechargeable irons mentioned above. I have used 
electric irons to solder around a gas tank on an 
automobile- something that I would never consider 
with one of these. 


And a soldering Pencil Holder - Most 
soldering pencils come with a holder or a rest as 
seen here, but if not, get one. These metal stands 
are very handy and will help avoid melted parts and 
burned hands and work surfaces. 





*2) solder - Resin core solder is what you want. 
NEVER use acid core solder on electrical 
components. The acid will stick around and 
continue to eat into components and wiring well 
after the soldering job is over. 


Resin core solder can be had in various 
quantities, but I buy the one pound roll for around 
$12-15 which will be a lifetime supply for most 
folks. I use Kester brand "44" Resin Core solder in 
the .031 diameter size. This is about the size of 
mechanical pencil lead and works quite well for 
what you will be doing. 


It use to be that a standard part of a soldering kit 
was a little tub of flux. This paste would be spread 
on the joint ahead of time to help clean the joint 
chemically as it was heated by the iron. It was 
necessary as flux-core solder was unavailable. If 
your wires are clean and you are using a quality, 
resin core solder, additional flux is not necessary. 





*3) An Old kitchen sponge or two 


* Tools to work on wires such as a (4) wire stripper 
and a (5) wire cutter, and possibly needle nosed 
pliers and a small vise (not shown). 
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* 6) A few bits of insulated wire and an old spade 
connector or two on which to practice. Two or 
three feet of wire will do. 


*7) Heat Shrink Tubing - I rarely use electrical 
tape any more. Heat shrink is really great! I usually 
buy it in three foot lengths in two or three sizes. 
This is a sort of memory tubing that, I believe, is 
made by heating a special tubing and stretching it 
and allowing it to cool while still stretched. it 
maintains that size. When heat is applied once 
again the tubing will shrink back down to its 
original size. 


*8) Protection for the work surface like an old 
piece of 1/4" plywood about 12" square or such. 
An old piece of counter-top lamination works also. 


* Wicking material (not shown)- You can purchase 
some special copper wick that is used to unsolder 
joints. This is usually not necessary, but handy at 
times, and inexpensive. 


* Eve protection 
* A Ventilated workspace 
SOME WARNINGS 


HEAT - A soldering pencil as well as molten solder are both really hot. They will burn you and it will hurt. It can hurt 
a lot. It can make your skin give off smoke and that smells bad. If left unattended a hot soldering pencil can cause fires, 
melt carpeting, burn workbenches, and make the cat dance like never before. An unsuspecting person can pick up a hot 
soldering iron and get a nasty burn (trust me on this one!). Never leave a soldering tool warming or hot and unattended. 


Additionally, a hot soldering iron can almost instantly melt plastic parts and upholstery in a hurry. Use care when 
soldering as well as when moving the iron to and from the solder joint. If the cord gets caught when moving the iron it 
can easily cause you to drop the hot tool onto something expensive or painful. NEVER place a soldering iron on 
saddles, luggage, body work, painted surfaces, or on or near any heat-sensitive surface. 


LEAD and VAPORS- solder contains a good amount of lead and handling it over a long period of time may have 
negative health consequences. The vapors caused by soldering can, over time, cause health problems as well. Work in 
a well ventilated area. I usually work out doors and use a fan to blow the vapors away from me. The smoke that is 
given off by the flux in the solder is also not a good thing to breathe. 


MOLTEN METAL - When soldering (and particularly when un-soldering) it is very possible to flick bits of melted 
solder about. As this stuff is quite hot, even a small drop in the eye can cause permanent damage. Wear eye protection 
and do not wear your good glasses, or wear them under goggles. The dripped solder can melt plastic parts and 
permanently damage auto carpeting as well. Be aware of other folks or critters who may be in the area as well. 





ELECTRICITY - You will be soldering on wires that, if shorted out, could cause a blown fuse, damaged electrical 
components, or melting wires and a fire. Always disconnect the battery when soldering wires on a vehicle and remove 
connectors from heat-sensitive components before soldering on them. 


LETS GO 
I could spend a lot of time talking about how it all works, but jumping right in is the best way to learn how to 
solder and I will explain as I go 





Begin by creating a safe work area. One free of 
clutter, with sufficient light, and protected from the 
soldering iron and melting solder. Set the soldering 
pencil in its stand and plug it in. be sure that the 
cord is placed in a way that it will not be accidently 
pulled or tripped on, upsetting the soldering pencil. 


While that is heating up, prepare your sponge. 
Wet it, squeeze out the excess water, then fold it in 
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Pull out about a foot or two of solder from the roll and 
touch it to the tip of the soldering iron. Always apply the 
solder to the flat parts of the tip and not to the sides. When 
the solder melts fairly easily, melt an amount all over the tip. 
There will be some smoke from the resin in the solder. 





The solder you bought is actually a bit hollow. Inside of the metal there is 
a channel (or in some cases, channels) that make it sort of like a little garden 
hose. The channel is filled with a resin. When heated it melts and some of it 
burns off. The action of the resin when it is heated helps clean the surface to 
be soldered which helps the solder stick a lot better. Unfortunately, the 
burned resins can also leave deposits on the soldering pencil, and over time 
will make it difficult to solder. That's where the sponge comes in. After you 
have melted some solder onto the tip (about a quarter inch or so of the thin 
stuff) wipe the soldering pencil's tip off on the damp sponge a few times. 





If you examine the tip of the soldering pencil carefully you will 
see that it is now covered with a thing coat of shiny, silver metal- the 
solder. You have successfully "tinned" the tip of the pencil. This 
keeps the metal tip from oxidizing and will assist you in soldering 
from now on. Always do this before starting a soldering job and 
occasionally during a larger job. 





Place the soldering pencil back into its holder and let's prepare the wires. We are going to solder two wires together, 
making believe they have broken or need extending. 


We start by "stripping" some of the plastic insulation away from 
where we want to connect the wires. The thicker the wire the more 
insulation we remove. For most common wires on a motorcycle or 
in a car, removing about 3/8 to € inch works fine. You will get a 
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feel for how much in a short period of time. When stripping wire be 
very careful not to cut the strands of the conductor. 





There are special tools available for stripping wire that can save a lot of time. These can be as simple as a carefully 
wielded razor blade to fancy and somewhat expensive automatic strippers. 


Once stripped, twist the strands together into a neat little bundle. 





The exposed wires should look fairly clean and in most cases, shiny, but certainly not green or cruddy. If corroded, 
then the wires should be cut back and re-stripped until clean wire is found. 


Now cut a length of heat shrink tubing off 
about an inch long. It should be of a large 
enough diameter that at least two of the wires 
you are soldering can easily fit into it at the 
same time. Slide the length of the tubing over 
one of the stripped wires- it doesn't matter which 
here, but in real life we would slide it over the 
lower wire or the one which slopes most 
downward away from the joint so it will tend to 
slide out of the way. make sure it is at least 
three or four inches away from the joint. 





Now, twist the two wires together into a tight, neat pair. This is 
important because it helps create a good electrical connection. You 
also do not want any little wires sticking out. Start by crossing the 
wires about mid-strip, crossing them at about 45 degrees or so, and 
twisting in opposite directions. When done, the joint should be 
fairly strong on its own, holding the two wires together tightly. The 
connected pair of wires should be in line as if they are a single wire 
and not two joined together. 





It's time to solder. Place the roll of solder on your left (if you are right handed) with a good length of solder hanging 
out of the roll. With the solder in your left hand and the soldering iron in your right hand, check to see that the tip is still 
tinned and shiny. If not, repeat the process with a bit of solder melted to the tip, then wipe the tip off on the sponge. 


Melt a little ball of solder onto the iron.... 
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...and immediately place the soldering iron under the twisted 
wires (if possible) so that the little ball of solder fills much of the 
gap between the soldering pencil and the wire. Since heat rises, 
placing the iron under the joint will heat it faster. The little ball of 
solder works as a heat conductor and will very rapidly conduct the 
heat from the soldering pencil's tip into the wires. If the ball of 
solder does not seem like it is contacting the wire very well, without 
removing the pencil from the joint, melt just a bit more solder in 
there by feeding the end of the solder wire into the tip. This will not 
only increase the contact area of the solder to the wire but it will 
also add a bit of flux that helps the solder adhere to the wire at this 
time. 





After about two or three seconds, start to feed solder, slowly at first, into the 
void between the pencil and the wire. You should soon see the solder is flowing 
into the twisted wires. WHen that happens, increase the feed rate of the solder 
into the joint, and you can now also feed a little into the top of the joint. Don't 
move the iron's placement, jut take the end of the solder wire and touch it to the 
tip of the joint. Continue to feed solder until the individual wires are almost 
filled with solder and the entire joint has turned silver. When that happens, stop 
feeding the solder in and immediately but gently remove the soldering iron. 





How long do you wait until feeding in solder? One way to test how long to wait is to touch the solder on top of the 
joint and wait until that area is hot enough to melt the solder. The amount of time it takes varies with the size of the 
wires to be soldered, the size of the solder, the wattage of the iron, the size of the irons's tip, the ambient air temperature, 
and other factors. Experience will teach you how long this takes. 


The problem comes from waiting too long and putting too much heat into the joint. When you do that it begins to 
melt the insulation on the wires around the joint (you can see that beginning to happen above at the end of the insulation 
of the green wire next to the soldered joint). That is why I like tho flow the solder in from where the iron's tip touches 
the wire. This is the place that will come up to soldering temperature first, and then the flowing solder will more easily 
flow solder into the joint as it carries heat with it. The larger the wires, the longer it takes and the more important it 
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becomes to feed in some solder from the top of the joint as well. Again, experience will teach you when that is 
necessary. 


How much solder is enough? Too much? The correct amount of solder 
is used when the joint is fairly all silver colored but still shows the 
"outlines" of the individual strands of wire in the joint. If there is very 
much in the way of copper colored wire showing then you probably didn't 
use enough solder or the wires weren't clean and would not accept the 
solder. If there are big blobs and drips of hardened solder on the joint then 
you probably had either too cool of a joint or used too much solder. 





After soldering, let the joint cool for about thirty seconds to a minute or so before handling. If you were successful 
you should have: 


* A pair of wires tightly joined together 

* The joint between them is very shiny, looking like polished sterling silver. 
* No hardened dribbles or drops of solder hanging off the joint 

* No little wires sticking out of the joint. 

* A union only slightly larger than each of the wires themselves. 

If you were NOT successful you might see: 


* Large blobs or possibly a long, pointy finger of hardened solder hanging off the joint. Sometimes, after cleaning the 
iron, these can be removed by simply heating the joint until the solder melts, then removing the iron which will pull 
away some of the excess solder with it. This may need to be repeated a few times to remedy the situation. 


* Wires that are not soldered together and has movement within it. Re-heat the joint and add some more solder. 


* Melted insulation. This can be so bad that the wires are revealed with the insulation dripping off the wires. At this 
point you will probably need to cut the wires and begin again, or unsolder the joint and add a long piece of heat-shrink 
tubing to cover the exposed wires. 


* Little ends of the copper wires sticking out. These can sometimes be cut off with a wire cutter and/or pressed down 
with a pair of smooth-jaw pliers, possibly needle nose pliers. 


Now it is time to cover the joint with the heat shrink 
tubing. You DID remember to slide on the heat shrink 
tubing before beginning, didn't you? Once the joint is 
cool enough to touch, slide the tubing so it is centered 
over the joint and gently touch the meaty part of the 
soldering iron's heating element to the center of the 
tubing. 





Continue this around the center of the tubing until it 
tightly grips the wire joint, then work outwards until the 
entire piece of tubing has shrunk tightly around the joint. 
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Attaching An Electrical Connector 


Besides connecting two wires together, soldering is the best way top attach some sort of connector to the end of a 
wire. The connection is strong as well as fairly well sealed against the elements. It works pretty much the same way as 
above... 


Remember when we "tinned" the tip of the soldering pencil? We did this to apply a film of solder to the tip so it 
wouldn't oxidize and thus be able to more easily transfer heat. Now I am going to do the same with a piece of wire. 


Here I am applying a good amount of solder ahead of time to this wire 
because I am planning on soldering it to a fairly heavy connector. This way, 
the wire will be "pre-soldered" and easier to attach, and will have less of a 
chance of melting the insulation. 





When soldering a connector to the end of a piece of wire it is 
very helpful to use some sort of vise to hold the connector. A 
small pair of locking pliers or a pair of needle nose pliers with a 
rubber band around the handles to hold the jaws shut works well. 
Here I have locked a pair of locking pliers into a small vise to 
work as a "hands-free" holder. This not only allows me to use 
both hands to work but isolates me from the heat of the soldering 
process. 





Remember that the heavy metal pliers will work as a heat sink, pulling heat away from the soldering joint, so it 
might take longer to achieve the proper heat level in the joint. That is why I have gripped the connector as far away 
from the area to be soldered as possible, 


Be careful as the pliers may get hot near the tips and you might overheat the wire as well. Be sure to slide the heat 
shrink tubing over then wire BEFORE beginning to solder! If you leave it off and finish soldering, you will be left with 
the soldering job in one hand, the heat shrink tubing in the other hand, and a stupid look on your face. We call this, 
"Heat Shrink Tubing Syndrome." 


Additionally, if you apply too much solder, particularly with a small connector, it is very possible to fill the 
connector with solder and thus make it difficult or impossible for the connector to function properly. There are ways to 
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get the solder out, but they are generally more difficult (or dangerous) than just chucking it and starting over. To keep 
this from happening: 


* Never touch the area of the connector where you don't want solder to flow 

* Orient the connector with the part where solder shouldn't flow, upwards (or Higher than the end where solder will 
flow). 

* Apply solder sparingly and slowly 

* Use a lower wattage soldering pencil 

* Use a smaller tip on the soldering pencil 


I sometimes use two pieces of heat shrink, one 
over the other, shrunk one at a time, in areas where 
extra protection is needed. This is particularly useful 
when soldering a connector to the end of a wire. I 
first shrink a small diameter piece about an inch long 
over the wire up to where it joins the connector as 
shown here. This acts as a strain relief as well as 
insulation. 


Notice the small amount of flux on the connector 
ring left over from the soldering process. If you use 
resin core solder, this stuff is harmless to the 
electrical device. It can be brushed off with a small 
wire brush if you wish. 





I then shrink another larger diameter piece about € an inch long over 
the connector to act as an insulating cover. In the case of something like a 
female spade connector, the entire connector except for the opening can be 
covered and protected in this way. If the heat shrink interferes with the 
connection, simply cut the offending part away with a razor blade being 
careful not to damage anything else including yourself! 





In areas where the joint needs to be protected from corrosion, slather the terminal with petroleum jelly, or the special 
grease for this application. 


Following these directions you will become a "master solderer" in a short period of time. It takes some practice to 
get a feel of how hot for how long with how much solder it takes to create to make a good solder joint, so get some 
scrap wire and practice before attempting to solder on anything important. 


If there are any questions or comments, please feel free to E-mail me at fren@cncnet.com. 
Note by Duane; If you appreciate articles like this, I suggest that you thank Randy at the email address above. 
More BMW info 


Home page 


This page was last edited: 02/03/2006 - copyright Duane Ausherman 
Web hosting provided by hostmeister.com 
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Soldering and Desoldering Instruction 


Soldering is defined as "the joining of metals by a fusion of alloys which have relatively low 
melting points". In other words, you use a metal that has a low melting point to adhere the 
surfaces to be soldered together. Soldering is more like gluing with molten metal than anything 
else. Soldering is also a must have skill for all sorts of electrical and electronics work. It is also 
a skill that must be taught correctly and developed with practice. 


Remember that when soldering, the rosin in the solder 
releases fumes. These fumes are harmful to your eyes 
and lungs. Therefore, always work in a well-ventilated 
area. Hot solder is also dangerous. Be sure not to let is 
splash around because it will burn you almost instantly. 
Eye protection is also advised. 





The Tools 


Soldering Iron — Even the cheapest of them will do the job. They 
may not last as long, but they do get hot enough to melt solder and 
that is the goal. You only need to make sure that the one you buy 
has a suitable tip on it. The most typical tip is the one that is about 
the size of a 1/8” stereo mini-plug. 


Solder — Get Rosin Core solder. Rosin will help the solder to flow 
onto the wires. Solder comes in different thickness. Buy what is 
appropriate for your job. 


Desoldering Gun — This tool will make life a lot easier when you 
need to rework a previous solder job. 

Solder Wick — Braided copper with rosin coating used to draw sol- 
der off of circuit boards. 


SMD Rework station— Basically this is a high temp hair dryer 
with special nozzle attached. It heats up entire pins of the SMD 
device so you can remove them. 





The Methods 


Soldering — There is not art to soldering, it takes patience and practice to get it right. If you are 
doing it right, it will be easy and very fast. First, make sure that your soldering iron tip is clean. 
If it is dirtier than just a light gray color, you need to clean it. You can do this with sandpaper or 
a Scotch Brite pad. Next, turn your iron on and give it plenty of time to heat up. To test the heat, 
use a piece of solder touched to the tip. If it melts immediately, it is ready. 

The most common way to mess up a solder job is to let the soldering iron stay on the parts to be 
soldered too long. What this does is oxidize the metal, making it too dirty to attract solder. If you 
are working with a circuit board, too much heat can damage the board, rendering it useless and 
in need of repair. You should only hold the soldering iron to the parts to be joined for no more 
than 10-12 seconds. Any longer and you will melt insulation on wire or damage a circuit board. 
It has been said that soldering is a two-person job. You need two hands to hold the parts to- 
gether, one hand to hold the iron, and another to feed the solder. The correct method for applying 
solder is to hold the joint perfectly still while heating with the soldering iron. After a few sec- 
onds, introduce the end of the solder at the point where the iron meets the parts 


If the solder does not melt immediately and flow onto the joint, pull the solder away and try 
again after a couple seconds longer. If you exceed 10 seconds, pull the iron off and try again after 
it all cools down. You probably didn’t have the iron touching enough of the parts to be soldered. 
Sometimes, the parts to be soldered are so big that they conduct the heat away very quickly and 
make it difficult to solder. In this case, it is OK to put some solder on each part individually and 
then put them together later by melting the solder on each one while they are touching. 

Joining Two Wires - Strip off about 3/8” of insulation from the two wire ends to be joined. Place a 
%” length of heat shrink tubing over one wire and push it back so that the heat from soldering 
won't shrink it prematurely. Fold each bare wire end back on itself so that the tip of the wire now 
comes back to the end of the insulation. Link both wires together using the bends like hooks. 
Now, twist the ends of the wires around themselves tightly. This type of connection is called a 
Western Union and it is the strongest method of joining two wires together. Now, heat the con- 
nection with the iron and allow solder to flow over the entire joint. Wait a few seconds for it to 
cool off and then slide the heat shrink tubing down over the connection and heat it with a match 
or heat gun. 

Soldering a Wire to a Circuit Board — This is delicate work that you will do while soldering. Too 
much heat and your board will be damaged. If you are attaching a wire to an existing hole on 
the board, make sure that the hole is clean and free of any excess solder (see de-soldering for 
more detail). The best advice when soldering to a circuit board is to angle your soldering iron 
tip so that it makes good contact with the pad on the circuit board and the wire or part to be 
soldered at the same time. Heat the parts up and touch the solder at the point where the tip 
meets the part and the pad. If the solder does not flow immediately, pull everything off and 
wait for it to cool down and try again later. 


Step 4 yf 
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[ pad. 


When the both pin 
and pad are heated 
enough, apply solder 
to the pin and pad. 
Solder should starts 
to flow. 


Remove tip of soldering 
iron also. 

















Step 3 if 

Apply enough but not 
too much solder. 
While applying the sol- 
der, do not move the 
tip of iron. 


Done! Check the joint to 
make sure the connec- 
~ tion. 

















Good soldering and Bad soldering Joints 


Here are some example of Good soldering and Bad soldering joint. 
For Japanese, we often say, “Good soldering joint should look like Mt. Fuji.” 




















Too much soldering Too little soldering 





Cold Solder Joints 

A cold joint is a joint in which the solder does 

not make good contact with the component 

lead or printed circuit board pad. Cold joints 

occur when the component lead or solder pad 

moves before the solder is completely cooled. 

Cold joints make a really bad electrical con- 

nection and can prevent your circuit from 

working. Cold soldering joints 
Cold joints can be recognized by a character- 
istic grainy, dull gray color, and can be easily 
fixed. This is done by first removing the old | i 
solder with a desoldering tool or simply by —. 
heating it up and flicking it off with the iron. 

Once the old solder is off, you can re-solder 

the joint, making sure to keep it still as it 

cools. 











Tips and Tricks 

Soldering is something that needs to be practiced. These tips should help you become successful 

so you can stop practicing and get down to some serious building. 
1. Use heat sinks. Heat sinks are a must for the leads of sensitive components such as 
ICs and transistors. If you don't have a clip on heat sink, then a pair of pliers is a good 
substitute. 


2. Keep the iron tip clean. A clean iron tip means better heat conduction and a better 
joint. Use a wet sponge to clean the tip between joints. 


3. Double-check joints. It is a good idea to check all solder joints with an ohmmeter 
after they are cooled. If the joint measures any more than a few tenths of an ohm, then 
it may be a good idea to re-solder it. 


4. Use the proper iron or temperature. Remember that bigger joints will take longer to 
heat up with an 30W iron than with a 150W iron. While 30W is good for printed circuit 
boards and the like, higher wattages are great when soldering to a heavy metal chassis. 


Desoldering 


Desoldering is extremely difficult compare to soldering. In the process of RomBoard installation, 
the parts and circuit board must be in the good shape to re-use them. The tool we use is Desol- 
dering Gun. This device has vacuum pump built in with heater tip. Process of desoldering it self 
is very simple, but there are some tricks to do clean and safe desoldering job. 





Step 1 
U Put the desoldering 
gun’s tip over to the 
soldering joint. Make 
sure nozzle is 90° an- 
gle from circuit board. 
Step 2 


Apply the enough heat 
to melt entire solder. 
——— Multi-layer board or 
ground pin may take 
while to transfer heat. 





Step 3 








U 
E 


While applying vacuum, 
move the tip around the 
pin to get all the solder of 
around the pin out. At 
this time, you can also 
feel pin moves freely, so 
you know pin is free from 
circuit board. 


When you can hear air flow 
sound from hole, you should 
be done. Stop applying vac- 
uum and remove the gun 
from the pin. Inspect hole 
and pin. 


When you done with desoldering, the parts that you are trying to remove should move freely. If 
it doesn’t, find which pin is still has solder left, and re-apply fresh solder to it and try desoldering 
process again. The multi-layer circuit board require more heat to get solder to melt. Make sure 
pin start to move freely by moving the tip of soldering gun before you apply vacuum to it. 


SMD device soldering and removal 


In the process of RomBoard installation, chance of handling SMD devices is becoming higher and 
higher due to ECU configuration change. 

Soldering of SMD devices are not much different from regular through hole soldering. 
Important thing is positioning of the device is very critical. 

Start with applying little solder to two of the each corner of the pads on the circuit board. 

Then, place the SMD device and re-heat a one of the solder you just applied to connect a SMD 
device pin to the pad. Check the position of the device, if position is right re-heat the other end of 
solder to secure the device completely. If you didn’t get position right, re-heat the pin that you 
just soldered and while heating a pin, move the device to the right position. 

Once you positioned the device in the right position, apply Rosin Flux to both pins and pads. 
This will help your soldering job by keeping solder separate from each pin. 

Here is how the joint on SMD device pin should look like. 
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QFP and SOP chip PLCC chip 


RomBoard poaral adapts 
socket 


Removing SMD device will be the probably the most difficult process. SMD rework station is 
used to do this. Make sure all the pins are completely heated otherwise you will be removing a 
pad from the circuit board along with device. Also, you should note, when you are applying heat 
to the device, some parts around the device is also heated and moves around when you touch. It 
is good idea to take a note of location of the devices near the target device. 


Step 1 

Apply pre-heat from back side of the target device. Keep applying 
heat until you can’t touch the chip. By this time, circuit board 
should have enough heat. 


Step 2 

Apply heat from top of the target device. Nozzle should cover entire 
chip. You can check if chip is free from solder by sliding the nozzle 
left and right. Make sure you don’t move other parts. If the chip 
moves freely, it is ready to be removed. 


Step 3 

Remove the chip straight up to avoid making solder bridge between 
pins. Chip is extremely hot! Unless you have skin of steel, avoid 
imitating the picture. 





Step 4 
After remove the chip, cool down both circuit board and 
chip. 





Clean the pads on the circuit board with desoldering gun. 

Do not apply too much heat to the pad. Pad might peel off 
from circuit board. Clean the chip by desoldering gun also. 
Check for any bridge between pins. If the chip has too much 
» protective coating on it, use solvent to clean it up. 






Step 6 

If the pads on the circuit board is too small to use desolding 
gun, try cleaning by solder wick with rosin flux. This may 
take time but it is much better than peeling pads off. 

Once again, do not apply too much heat. 


Step 7 

Solder the RomBoard adapter where the chip was. 

Refer SMD device soldering section for how to solder 
adapter. 





The Final Word 


Soldering, desoldering, and working with SMD device will take some effort to learn. You 
should be relaxed and concentrated when you work. 

Keeping every thing clean (tip of iron, gun, work surface, etc) will help you also. 

Once you get comfortable to work with soldering you may find your own tips and tricks. 
Experience is all bout soldering. 


EOF 


How To Solder - Soldering Tutorial 


Soldering is defined as "the joining of metals by a fusion of alloys which have relatively low melting 
points". In other words, you use a metal that has a low melting point to adhere the surfaces to be 
soldered together. Consider that soldering is more like gluing with molten metal, unlike welding 
where the base metals are actually melted and combined. Soldering is also a must have skill for all 
sorts of electrical and electronics work. It is also a skill that must be taught correctly and developed 
with practice. This tutorial will cover the most common types of soldering required for electronics 
work. This includes soldering components to printed circuit boards and soldering a spliced wire 
joint. This presentation came from http://www.aaroncake.net/electronics/solder.htm 


Soldering Equipment 


The Soldering Iron/Gun 
The first thing you will need is a soldering iron, which is the heat source used to melt solder. 
lrons of the 15W to 30W range are good for most electronics/printed circuit board work. 
Anything higher in wattage and you risk damaging either the component or the board. If you 
intend to solder heavy components and thick wire, then you will want to invest in an iron of 
higher wattage (40W and above) or one of the large soldering guns. The main difference 
between an iron and a gun is that an iron is pencil shaped and designed with a pinpoint heat 
source for precise work, while a gun is in a familiar gun shape with a large high wattage tip 
heated by flowing electrical current directly through it. 





A 30W Watt Soldering Iron A 300W Soldering Gun 


For hobbyist electronics use, a soldering iron is generally the tool of choice as its small tip 
and low heat capacity is suited for printed circuit board work (such as assembling kits). A 
soldering gun is generally used in heavy duty soldering such as joining heavy gauge wires, 
soldering brackets to a chassis or stained glass work. 


You should choose a soldering iron with a 3-pronged grounding plug. The ground will help 
prevent stray voltage from collecting at the soldering tip and potentially damaging sensitive 
(such as CMOS) components. By their nature, soldering guns are quite "dirty" in this respect 
as the heat is generated by shorting a current (often AC) through the tip made of formed 
wire. Guns will have much less use in hobbyist electronics so if you have only one tool 
choice, an iron is what you want. For a beginner, a 15W to 30W range is the best but be 
aware that at the 15W end of that range, you may not have enough power to join wires or 
larger components. As your skill increases, a 40W iron is an excellent choice as it has the 
capacity for slightly larger jobs and makes joints very quickly. Be aware that it is often best 


to use a more powerful iron so that you don't need to spend a lot of time heating the joint, 
which can damage components. 


A variation of the basic gun or iron is the soldering 
station, where the soldering instrument is attached to a 
variable power supply. A soldering station can 
precisely control the temperature of the soldering tip 
unlike a standard gun or iron where the tip temperature 
will increase when idle and decrease when applying 
heat to a joint. However, the price of a soldering station 
is often ten to one hundred times the cost of a basic 
iron and thus really isn't an option for the hobby 
market. But if you plan to do very precise work, such as 
surface mount, or spend 8 hours a day behind a soldering iron, then you should consider a 
soldering station. 





The rest of this document will assume that you are using a soldering iron as that is what the 
majority of electronics work requires. The techniques for using a soldering gun are basically 
the same with the only difference being that heat is only generated when the trigger is 
pressed. 


Solder 
The choice of solder is also important. There several kinds of solder available but only a few 
are suitable for electronics work. Most importantly, you will only use rosin core solder. Acid 
core solder is common in hardware stores and home improvement stores, but meant for 
soldering copper plumbing pipes and not electronic circuits. If acid core solder is used on 
electronics, the acid will destroy the traces on the printed circuit board and erode the 
component leads. It can also form a conductive layer leading 
to shorts. 


For most printed circuit board work, a solder with a diameter 
of 0.75MM to 1.0MM is desirable. Thicker solder may be used 
and will allow you to solder larger joints more quickly, but will 
make soldering small joints difficult and increase the likelihood 
of creating solder bridges between closely spaced PCB pads. 
An alloy of 60/40 (60% tin, 40% lead) is used for most 
electronics work. These days, several lead-free solders are 
available as well. Kester "44" Rosin Core solder has been a 
staple of electronics for many years and continues to be 
available. It is available in several diameters and has a non- 





corrosive flux. 


Large joints, such as soldering a bracket to a chassis using a high wattage soldering gun, 
will require a separate application of brush on flux and a thick diameter solder of several 
millimeters. Remember that when soldering, the flux in the solder will release fumes as it is 
heated. These fumes are harmful to your eyes and lungs. Therefore, always work in a well- 
ventilated area and avoid breathing the smoke created. Hot solder is also dangerous. It is 
surprisingly easy to splash hot solder onto yourself, which is a thoroughly unpleasant 
experience. Eye protection is also advised. 


Preparing To Solder 


Tinning the Soldering Tip 
Before use, a new soldering tip, or one that is very dirty, must be tinned. "Tinning" is the 
process of coating a soldering tip with a thin coat of solder. This aids in heat transfer 
between the tip and the component you are soldering, and also gives the solder a base from 
which to flow from. 

Step 1: Warm Up the Iron 
Warm up the soldering iron or gun thoroughly. Make sure that it has fully come to 
temperature because you are about to melt a lot of solder on it. This is especially important 
if the iron is new because it may have been packed with some kind of coating to prevent 
corrosion. 

Step 2: Prepare A Little Space 
While the soldering iron is warming up, prepare a little space to work. Moisten a little sponge 
and place it in the base of your soldering iron stand or in a dish close by. Lay down a piece 
of cardboard in case you drip solder (you probably will) and make sure you have room to 
work comfortably. 

Step 3: Thoroughly Coat the Tip in Solder 
Thoroughly coat the soldering tip in solder. It is very important to cover the entire tip. You 
will use a considerable amount of solder during this process and it will drip, so be ready. If 
you leave any part of the tip uncovered it will tend to collect flux residue and will not conduct 
heat very well, so run the solder up and down the tip and completely around it to totally 
cover it in molten solder 





Step 4: Clean the Soldering Tip 
After you are certain that the tip is totally coated in solder, wipe the tip off on the wet sponge 
to remove all the flux residue. Do this immediately so there is no time for the flux to dry out 
and solidify. 





Step 5: You're Done! 
You have just tinned your soldering tip. This must be done anytime you replace the tip or 
clean it so that the iron maintains good heat transfer. 


Soldering a Printed Circuit Board (PCB) 


Soldering a PCB is probably the most common soldering task an electronics hobbyist will perform. 
The basic techniques are fairly easy to grasp but it is a skill that will take a little practice to master. 
The best way to practice is to buy a simple electronics kit or assemble a simple circuit (such as an 
LED chaser) on a perf-board. Don't buy that expensive kit or dive into a huge project after only 
soldering a few joints. 


Soldering components onto a PCB involves preparing the surface, placing the components, and 
then soldering the joint. 


Step 1: Surface Preparation: 
A clean surface is very important if you want a strong, low resistance solder joint. All 
surfaces to be soldered should be cleaned well. 3M Scotch Brite pads purchased from the 
home improvement, industrial supply store or automotive body shop are a good choice as 
they will quickly remove surface tarnish but will not abrade the PCB material. Note that you 
will want industrial pads and not the kitchen cleaning pads impregnated with cleaner/soap. If 
you have particularly tough deposits on your board, then a fine grade of steel wool is 
acceptable but be very cautious on boards with tight tolerances as the fine steel shavings 
can lodge between pads and in holes. 


Once you have cleaned the board down to shiny copper you can use a solvent such as 
acetone to clean any bits of the cleaning pad that may remain and to remove chemical 
contamination from the surface of the board. Methyl hydrate is another good solvent and a 
bit less stinky then acetone. Be aware that both these solvents can remove ink, so if your 
board is silk screened, test the chemicals first before hosing down the entire board. 


A few blasts with compressed air will dry out the board and remove any junk that may have 
built up in the holes. 


Step 2: Component Placement 
After the component and board have been cleaned, you are ready to place the components 
onto the board. Unless your circuit is simple and only contains a few components, you will 
probably not be placing all the components onto the board and soldering them at once. 
Most likely you will be soldering a few components at a time before turning the board over 
and placing more. In general it is best to start with the smallest and flattest components 
(resistors, ICs, signal diodes, etc.) and then work up to the larger components (capacitors, 
power transistors, transformers) after the small parts are done. This keeps the board 
relatively flat, making it more stable during soldering. It is also best to save sensitive 
components (MOSFETs, non-socketed ICs) until the end to lessen the chance of damaging 
them during assembly of the rest of the circuit. 


Bend the leads as necessary and insert the component through the proper holes on the 
board. To hold the part in place while you are soldering, you may want to bend the leads on 
the bottom of the board at a 45 degree angle. This works well for parts with long leads such 
as resistors. Components with short leads such as IC sockets can be held in place with a 
little masking tape or you can bend the leads down to clamp onto the PC board pads. 


In the image below, a resistor is ready to solder and is held in place by slightly bent leads. 





Step 3: Apply Heat 
Apply a very small amount of solder to the tip of the iron. This helps conduct the heat to the 
component and board, but it is not the solder that will make up the joint. To heat the joint you 
will lay the tip of the iron so that it rests against both the component lead and the board. It is 
critical that you heat the lead and the board, otherwise the solder will simply pool and refuse to 
stick to the unheated item. The small amount of solder you applied to the tip before heating the 
joint will help make contact between the board and the lead. It normally takes a second or two 
to get the joint hot enough to solder, but larger components and thicker pads/traces will absorb 
more heat and can increase this time. 


If you see the area under the pad starting to bubble, stop heating and remove the soldering 
iron because you are overheating the pad and it is in danger of lifting. Let it cool, then carefully 
heat it again for much less time. 





Step 4: Apply Solder to the Joint 
Once the component lead and solder pad has heated up, you are ready to apply solder. 
Touch the tip of the strand of solder to the component lead and solder pad, but not the tip of 
the iron. If everything is hot enough, the solder should flow freely around the lead and pad. 
You will see the flux melt liquefy as well, bubble around the joint (this is part of its cleaning 
action), flow out and release smoke. Continue to add solder to the joint until the pad is 
completely coated and the solder forms a small mound with slightly concave sides. If it 
starts to ball up, you have used too much solder or the pad on the board is not hot enough. 


Once the surface of the pad is completely coated, you can stop adding solder and remove the 
soldering iron (in that order). Don't move the joint for a few seconds as the solder needs time to cool 
and solidify. If you do move the joint, you will get what's called a "cold joint". This is recognized by 
it's characteristic dull and grainy appearance. Many cold joints can be fixed by reheating and 
applying a small amount of solder, then being allowed to cool without being disturbed. 


Step 5: Inspect the Joint and Cleanup 
Once the joint is made you should inspect it. Check for cold joints (described a little above 
and at length below), shorts with adjacent pads or poor flow. If the joint checks out, move on 
to the next. To trim the lead, use a small set of side cutters and cut at the top of the solder 
joint. 
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After you have made all the solder joints, it is good practice to clean all the excess flux residue from the 
board. Some fluxes are hydroscopic (they absorb water) and can slowly absorb enough water to become 
slightly conductive. This can be a significant issue in a hostile environment such as an automotive 
application. Most fluxes will clean up easily using methyl hydrate and a rag but some will require a stronger 
solvent. Use the appropriate solvent to remove the flux, then blow the board dry with compressed air. 


Cold Solder Joints 


A "cold solder joint" can occur when not enough heat is applied to the component, board, or both. 
Another common cause is a component moving before the solder has completely cooled and 
solidified. A cold joint is brittle and prone to physical failure. It is also generally a very high 
resistance connection which can affect the operation of the circuit or cause it to fail completely. 


Cold joints can often be recognized by a characteristic grainy, dull gray color, but this is not always 
the case. A cold joint can often appear as a ball of solder sitting on the pad and surrounding the 
component lead. Additionally you may notice cracks in the solder and the joint may even move. 
Below is the shocking image of every example of a bad solder joint you will ever see. It appears 
that this FM transmitter kit was assembled using the technique of "apply solder to iron then drip 
onto joint". If your joints are looking like this, then stop and practice after rereading this page. Note 
that not a single of of these joints is acceptable, but amazingly, the circuit worked. 





Most cold solder joints can be easily fixed. Generally all that is required is to reheat the joint and apply a 
little more solder. If there is already too much solder on the joint, then the joint will have to be desoldered 
and then soldered again. This is done by first removing the old solder with a desoldering tool or simply by 
heating it up and flicking it off with the iron. Once the old solder is off, you can resolder the joint, making 
sure to heat it thoroughly and keep it still as it cools. 
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We are loTalabs and we are a group of Internet of Things enthusiasts that love 
hacking together different devices. Over the past few months we have immersed 
ourself in the wonderful world of hardware! In our journey, we learned the best 
soldering practices around. 


We've been working on many projects (check out our current project 
http://doteverything.co/) and we wanted to share our experience on safely and 
correctly soldering connections! 


Add Tip Ask Question 


Step 1: What Is Soldering? 


Soldering accomplishes a strong bond between two pieces of metal by joining them 
together. In this procedure, a material called solder, an alloy mixture of tin and lead, 
flows over two pre-heated pieces of metal and holds them together. The process is 
similar to welding but differs because when you weld you are fusing and melting 
two pieces together to make one. When you solder you are essentially ‘gluing’ two 
parts together with molten metal. Most metals with the exception of aluminum, 
white metal and porous cast iron can be soldered. Below, you will find instructions 
and illustrations that show you how to use a soldering iron. 


Add Tip Ask Question 


Step 2: Materials for Soldering 





Soldering Iron 


Modeler’s Vise or Frame (optional) 
Solder 

Damp Sponge 

Flux to remove oxides 


Add Tip Ask Question 


Step 3: Prepare Your Workspace 


Make sure your table or bench top is clear and free of obstructions. You will want as 
much freedom as possible to move your hand around and make adjustments. 


Add Tip Ask Question 


Step 4: Turn on the Soldering Iron 


The soldering iron needs to be warmed up properly before it can be used to ensure 
clean application of the solder. Some soldering irons heat up in seconds while 
others take minutes. Turn it on and leave it in the stand for 2-3 minutes to be safe. 


Add Tip Ask Question 


Step 5: (Optional) Secure the Items You Are Soldering 


Because we only have two hands, it would be nice to stabilize the item we want to 
solder. This is where a vice or clamp that can hold your item sturdily would come in 
handy. This is not required, but can greatly increase the ease and quality of your 
solder joints. 


Add Tip Ask Question 


Step 6: Cleaning the Soldering Iron 
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Because soldering irons get so hot, they oxidize and become dirty quickly. They key 






to reliable connections is clean components so make sure that your soldering tip 
and parts you are joining are clean. To accomplish this, pass the tip of your 
soldering iron on a wet sponge until it shines. 


Add Tip Ask Question 


Step 7: Apply Flux 
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In soldering it often becomes necessary to use materials called fluxes to help 
remove oxides and keep them absent while you solder. Flux needs to melt at a 
temperature lower than solder so that it can do its job prior to the soldering action. 
There are different methods to apply flux. The method you choose will be 


dependent on the items you are soldering. 


Add Tip Ask Question 


Step 8: Tin the Soldering Iron 


If you want to know everything there is to know about how to use a soldering iron, 
you'll need to know how to tin. Tinning is the process of coating a soldering tip with 
a thin coat of solder. Melt a thin layer of solder on your iron’s tip. This aids in heat 
transfer between the tip and the component you are soldering, and also gives the 
solder a base from which to flow from. This process may need to be repeated as 
you solder. You will only touch the tip of the soldering iron to the solder when you 
tin. Do not touch the tip of the iron to the solder while you are actually soldering. 


Add Tip Ask Question 


Step 9: Start Soldering 





Hold the soldering iron like you would a pen in the hand you write with and the 
solder in the other. Then place the tip of the soldering iron. The tip needs to touch 
both the wire lead and the surface so they achieve the same temperature. 


Add Tip Ask Question 


Step 10: Feeding the Solder 


Tip of soldering iron 


Solder wire 


Circuit 





Touch the solder to the side of the connection opposite the soldering iron after 
heating the area for 2-3 seconds. Then, let the solder flow only until the connection 
is covered. 


Add Tip Ask Question 


Step 11: Removing the Solder 


Remove the solder first, then the iron otherwise your solder will get stuck to your 
connection point without the appropriate heat. Make sure the joint remains 
stationary while it cools. 


Add Tip Ask Question 


Step 12: Check to See If the Connection Is Solid 


A smooth, shiny and volcano shaped joint is what you are looking for. If this isn’t 
what you see, you'll need to reheat and feed in more solder. 


Add Tip Ask Question 


Step 13: Warnings 


DO NOT lay a soldering iron down on any surface. A soldering iron should either 


be placed on a stand or sealed with a heat resistant cap after every use. 


Soldering should be completed in a well ventilated area. 


Lead is present in most solders. Be sure to wash your hands after your project, 


or better yet wear gloves. 


Try not to inhale any of the solder smoke that comes off the solder. This is lead 


and can be dangerous. 


The tip of a soldering iron is very hot. Contact with the tip of a soldering iron 


would result in a nasty burn. 


Your soldering iron will perform better if kept clean. A damp sponge can be used 
to clean residue caused by flux material. A very small skim of flux should be 


applied to the iron after the cleaning. 


THE BASICS OF HOW TO SOLDER 


Soldering Tutorial for Beginners: Five Easy Steps 
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Before you begin 


You will need the following equipment: 


A temperature-controlled soldering iron of 25W or more 
A tip cleaner such as a brass sponge or a wet sponge 


Solder (leaded is easier to work with than lead-free) 
(Optional) Helping hands 
Safety glasses 


Note: molten solder is extremely hot! Irons heat up to around twice the boiling point of water, so be extremely careful. Wear 
safety glasses when soldering. 


Step 1: Heat your iron to the appropriate temperature 





For through-hole components in a circuit board, you will want 600-700 degrees fahrenheit. 


If you’re soldering a larger connections, with more copper that’s dissipating heat, then you may want a slightly higher temperature. With 
a temperature-adjustable iron you can see what works and adjust accordingly. 


Step 2: Make your connection mechanically stable 





While your iron is heating up, you can work on making your components stay in place without your help. This is where your helping 
hands may come in handy. Use them to help you arrange your components to be stable without you needing to hold anything. If you’re 
soldering a through-hole component in a circuit board, you can bend the leads of the component into a V-shape so that it stays in place 
flush against the board. For components without long leads, you can use a piece of tape to hold them in place. 


Step 3: Clean the tip of your iron 





You can check whether your iron is close to its final temperature by touching your solder to the end of the iron and seeing if it melts. 
When you do this, you'll see some smoke come out. This is not the metal vaporizing, but rather the flux inside of it is burning. Flux is a 
mild acid that eats away at the oxidation layer that forms on the surface of hot metals. Without flux in the solder to clean your surfaces, 
you would have a very hard time getting the solder to wet. 


Clean your iron using a brass sponge or a wet sponge to remove any oxidation or excess solder from the tip. Remember to always 
keep vour tip clean while you’re soldering. A dirty tip is covered in metal oxides that transfer heat badly and can result in poorly 
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Step 4: Apply heat and solder 
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Touch the flat part of your iron’s tip to one side of the joint, while feeding solder from the other side of the joint. The idea is to heat up 
the entire joint to the melting temperature of solder, so when you touch the solder to the surfaces it melts right on. The only way you can 
ensure a good electrical connection is by letting the solder flow over the components you're joining. Don’t apply the solder directly to the 
tip of the iron. For through-hole components, hold the iron against both the lead and the pad. 


Small joints can heat up within a few seconds, but larger joints can take a minute or two. Keep the joint steady for a few seconds after 
removing the iron, as the solder needs time to cool. Remember that the joint is hot now! don’t touch it with your fingers right away. 


Step 5: Inspect the joint 





The solder should have wetted to both surfaces. On pads of a printed circuit board, the solder should be covering the entire pad, and it 
should make a volcano shape between the pad and the lead, indicating good adhesion. Once the joint is perfect, clip the leads of 
through-hole components. 


Common mistakes, or what NOT to do 


Now that we’ve gone over what to do, let me tell you what NOT to do. 





Don’t put a blob of solder on the iron and then try to transfer it to your joint. This burns away all of the flux in the solder, which prevents 
the flux from cleaning the metal surfaces. Furthermore, it’s easy to transfer the solder blob away from the iron without actually making it 
wet to the joint. | guarantee you that this will result in an awful electrical connection, so don’t do it. 
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Learning how to solder w/ proper soldering techniques is 


a fundamental skill every maker should master. In this 
tutorial, we outline the basics of soldering irons, soldering 
stations, types of solder, desoldering and safety tips. 
Whether you’re building a robot or working with Arduino, 


knowing how to solder will come in handy. 


FREE EBOOK (PDF) — Learn To Solder Guide (17 
pages) 


What Is Soldering? 


If you were to take apart any electronic device that 
contains a circuit board, you'll see the components are 
attached using soldering techniques. Soldering is the 
process of joining two or more electronic parts together 


by melting solder around the connection. Solder is a 
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using a desoldering tool as described below. 
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Soldering Tools 


The good thing about learning how to solder is the fact 
that you don’t need a lot to get started. Below we'll 
outline the basic tools and materials you will need for 


most of your soldering projects. 


Soldering Iron 


A soldering iron is a hand tool that plugs into a standard 
120v AC outlet and heats up in order to melt solder 
around electrical connections. This is one of the most 
important tools used in soldering and it can come in a few 
variations such as pen or gun form. For beginners, it’s 


recommended that you use the pen style soldering iron in 
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type of soldering iron because it can heat up to 896’ F 


which is extremely hot. 





Soldering Station 


A soldering station is a more advanced version of the 
basic standalone soldering pen. If you are going to be 
doing a lot of soldering, these are great to have as they 
offer more flexibility and control. The main benefit of a 
soldering station is the ability to precisely adjust the 
temperature of the soldering iron which is great for a 
range of projects. These stations can also create a safer 
workspace as some include advanced temperature 
sensors, alert settings and even password protection for 


safety. 
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Soldering Iron Tips 


At the end of most soldering irons is an interchangeable 
part known as a soldering tip. There are many variations 
of this tip and they come in a wide variety of shapes and 
sizes. Each tip is used for a specific purpose and offers a 
distinct advantage over another. The most common tips 
you will use in electronics projects are the conical tip and 


the chisel tip. 


Conical Tip — Used in precision electronics soldering 
because of the fine tip. Because of its pointed end, it’s 
able to deliver heat to smaller areas without affecting its 


surroundings. 


Chisel Tip — This tip is well-suited to soldering wires or 


other larger components because of its broad flat tip. 





Image Credit — Sparkfun.com 


Brass or Conventional Sponge 
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it did when it was new. You could use a conventional wet 
sponge but this tends to shorten the lifespan of the tip 
due to expansion and contraction. Also, a wet sponge 
will drop the temperature of the tip temporarily when 
wiped. A better alternative is to use a brass sponge as 


shown on the left. 





Soldering Iron Stand 


A soldering iron stand is very basic but very useful and 
handy to have. This stand helps prevent the hot iron tip 
from coming in contact with flammable materials or 
causing accidental injury to your hand. Most soldering 
stations come with this built in and also include a sponge 


or brass sponge for cleaning the tip. 
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Solder 


Solder is a metal alloy material that is melted to create a 
permanent bond between electrical parts. It comes in 
both lead and lead-free variations with diameters of .032" 
and .062” being the most common. Inside the solder 
core is a material known as flux which helps improve 


electrical contact and its mechanical strength. 


For electronics soldering, the most commonly used type 
is lead-free rosin core solder. This type of solder is 
usually made up of a Tin/Copper alloy. You can also use 
leaded 60/40 (60% tin, 40% lead) rosin core solder but 
it's becoming less popular due to health concerns. If you 
do use lead solder, make sure you have proper 


ventilation and that you wash your hands after use. 
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When buying solder, make sure NOT to use acid core 
solder as this will damage your circuits and components. 
Acid core solder is sold at home improvement stores and 


is mainly used for plumbing and metal working. 


As mentioned earlier, solder does come in a few different 
diameters. The thicker diameter solder (.062") is good for 
soldering larger joints more quickly but it can make 
soldering smaller joints difficult. For this reason, it’s 
always a good idea to have both sizes on hand for your 


different projects. 


Helping Hand (Third Hand) 


A helping hand is a device that has 2 or more alligator 
clips and sometimes a magnifying glass/light attached. 
This clips will assist you by holding the items you are 
trying to solder while you use the soldering iron and 


solder. A very helpful tool to have in your makerspace. 
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Soldering Safety 


Now that you know what tools and materials are required, 
it’s time to briefly discuss ways of staying safe while 


soldering. 


Soldering irons can reach temperatures of 800’ F so it’s 
very important to know where your iron is at all times. 
We always recommend you use a soldering iron stand to 


help prevent accidental burns or damage. 
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Make sure you are soldering in a well ventilated area. 
When solder is heated, there are fumes released that 
are harmful to your eyes and lungs. It’s recommended to 
use a fume extractor which is a fan with a charcoal filter 


that absorbs the harmful solder smoke. 


It’s always a good idea to wear protective eye wear in 
case of accidental splashes of hot solder. Lastly, make 
sure to wash your hands when done soldering especially 


if using lead solder. 


Tinning The Tip 


Before you can start soldering, you need to prep your 
soldering iron by tinning the tip with solder. This process 
will help improve the heat transfer from the iron to the 
item you're soldering. Tinning will also help to protect the 


tip and reduce wear. 


Step 1: Begin by making sure the tip is attached to the 


iron and screwed tightly in place. 
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Step 3: Wipe the tip of the soldering iron on a damp wet 
sponge to clean it. Wait a few seconds to let the tip heat 


up again before proceeding to step 4. 


Step 4: Hold the soldering iron in one hand and solder in 


the other. Touch the solder to the tip of the iron and 


make sure the solder flows evenly around the tip. 





You should tin the tip of your iron before and after each 
soldering session to extend its life. Eventually, every tip 
will wear out and will need replacing when it becomes 


rough or pitted. 


How To Solder 


To better explain how to solder, we're going to 
demonstrate it with a real world application. In this 


example, we're going to solder an LED to a circuit board. 
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Step 1: Mount The Component — Begin by inserting the 
leads of the LED into the holes of the circuit board. Flip 
the board over and bend the leads outward at a 45’ 
angle. This will help the component make a better 


connection with the copper pad and prevent it from falling 


out while soldering. 
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resistor lead at the same time. You need to hold the 


soldering iron in place for 3-4 seconds in order to heat 


the pad and the lead. 





Step 3: Apply Solder To Joint — Continue holding the 
soldering iron on the copper pad and the lead and touch 
your solder to the joint. IMPORTANT — Don’t touch the 
solder directly to the tip of the iron. You want the joint to 
be hot enough to melt the solder when it’s touched. If the 


joint is too cold, it will form a bad connection. 
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Step 4: Snip The Leads — Remove the soldering iron 
and let the solder cool down naturally. Don’t blow on the 
solder as this will cause a bad joint. Once cool, you can 


snip the extra wire from leads. 


A proper solder joint is smooth, shiny and looks like a 
volcano or cone shape. You want just enough solder to 
cover the entire joint but not too much so it becomes a 


ball or spills to a nearby lead or joint. 





How To Solder Wires 
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Begin by removing the insulation from the ends of both 


wires you are soldering together. If the wire is stranded, 


twist the strands together with your fingers. 





Make sure your soldering iron is fully heated and touch 
the tip to the end of one of the wires. Hold it on the wire 


for 3-4 seconds. 





Keep the iron in place and touch the solder to the wire 
until it’s fully coated. Repeat this process on the other 


wire. 
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Hold the two tinned wires on top of each other and touch 





the soldering iron to both wires. This process should melt 


the solder and coat both wires evenly. 





Remove the soldering iron and wait a few seconds to let 
the soldered connection cool and harden. Use heat 


shrink to cover the connection. 





Desoldering 


The good thing about using solder is the fact that it can 


be removed easily in a technique known as desoldering. 
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Step 1 — Place a piece of the desoldering braid on top of 


the joint/solder you want removed. 


Step 2 — Heat your soldering iron and touch the tip to the 
top of the braid. This will heat the solder below which will 
then be absorbed into the desoldering braid. You can 
now remove the braid to see the solder has been 
extracted and removed. Be careful touching the braid 


when you are heating it because it will get hot. 
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solder with a press of a button. 


To use, press the plunger down at the end of the solder 
sucker. Heat the joint with your soldering iron and place 
the tip of the solder sucker over the hot solder. Press the 
release button to suck up the liquid solder. In order to 


empty the solder sucker, press down on the plunger. 


Soldering & Electronics 





e Digikey 
e Sparkfun 
e Adafruit 
e Jameco 
e Velleman 


e Mouser 


FREE — Learn To Solder Guide (17 pages) 


FC) Makerspaces.com 


Spaces 
a Makerspaces.com was built to help 





schools and libraries start and run 
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acquire the skills needed for the 21st 


century. 
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Building a Soldering Toolkit 

If you are just getting started in Electronics, Ladyada's Electronics 

Toolkit (http://adafru.it/136) (pictured above) is a great kit full of quality tools - including 
everything you need to make great solder joints. If you would rather build your toolkit piece- 
by-piece, read on: 


Choosing a Soldering Iron 


There are many types of soldering irons. For most Adafruit kits and projects, you will want a 
pencil-style soldering iron with 25 watts or more. 


An under-powered iron is a poor investment. It will end up costing you more in ruined kits 
and damaged components. 


e It will take longer to heat the joint, allowing heat to spread to the component being 
soldered - potentially overheating and damaging the component. 

e Longer heating times will also give more time for oxides to form on the surfaces being 
soldered. This will prevent the solder from flowing and result in a poor joint. 

e Longer recovery times between joints can result in frustration, 'cold joints' or both. 


You don't need to spend a fortune to get a good iron. Advanced features such as 
temperature control and interchangeable tips are nice to have, but not essential for 
hobbiest-level work. 
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Basic Irons 

There are many basic pencil style irons that are 
suitable for hobbiest use. But you will need 
one that is capable of heating the joints quickly 
enough. Choose an iron with 25 watts ata 
minimum. 


Better Irons 
An adjustable temperature iron with a little 


more power will give you a bit more control and 
allow you to work faster. The Adjustable 30W 
110v Soldering Iron (http://adafru.it/180) in the 
store is an excellent choice. 


This iron is also available as part of Ladyada's 
Electronics Toolkit (http://adafru.it/136), which 
contains many other essential soldering tools. 


Best Irons 

A professional-style temperature-controlled 
iron with interchangeable tips and 50 watts or 
more of power is a joy to work with. Feedback 
control keeps the tip temperature at precisely 
the level you set. The extra watts speed 
recovery time so that you can work faster. 
Interchangeable tips let you select the ideal tip 
shape for specialized work. 


The 65 watt Hakko FX- 

888 (http://adafru.it/303) is an 

excellent professional quality soldering iron. 
The Weller WES51 or WESD51 are also 
excellent choices for serious electronics work. 
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Irons to avoid 


In addition to underpowered irons, there are several types of irons to avoid for general 
circuit-board work. 


For emergencies only: 

These irons are handy for occasions when you 
have no place to plug in a regular soldering iron. 
But they are not the best choice for a primary 
soldering tool: 


e Butane Powered Irons have plenty of 
power but are difficult to control. 

e Battery Powered Irons are generally 
underpowered for most work. 


Not for circuit board use: 
These tools are not suitable for circuit board 


work: 

e Torches of any kind are not suitable for 
electronics work and will damage your 
circuit boards. 

e Soldering Guns are OK for working with 
heavy gauge wires, but don't have the 
precision necessary for soldering 
delicate electronics components. 

e Cold-Heat™ lrons inject current into the 
joint to heat the tip. This current can be 
damaging to sensitive electonic 
components. Avoid these irons for 
electronics work. 





Essential Tools and Supplies: 


These tools are the bare-minimum essentials required for soldering: 
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Stand 


If your soldering iron does not have a built-in 
stand, you will need a safe place to rest the hot 
iron between uses. A Soldering Iron 

Stand (http://adafru.it/150) will keep your iron 
from rolling around and protect both you 

and your work surface from burns. 


Most stand holders come with a sponge and 
tray for cleaning your soldering iron. 


Solder 
Standard 60/40 lead/tin Rosin 


Core Solder (http://adafru.it/145) is the easiest 
type to work with. 


Diagonal Cutters 
You will also need a pair of Diagonal 


Cutters (http://adafru.it/152) for 
trimming component leads after soldering. 





Other Handy Tools and Supplies 
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These are some other tools and supplies you might find useful when working on soldering 
projects. 


Vise 

A vise holds your work steady as you solder. 
This is important for both safety and sound 
joints. The Panavise Jr (http://adafru.it/151) is 
an ideal size for most Adafruit kits and 
projects. 


Third Hand 

A Helping Third Hand (http://adafru.it/291) Tool 
is a good for smaller boards, or to hold things in 
place while terminating or splicing wires. 





© Adafruit Industries https ://learn.adafruit.com/adafruit-guide-excellent-soldering Page 8 of 35 


© Adafruit Industries 





Solder Sucker 
A Solder Sucker (http://adafru.it/148) is a very 


helpful tools for removing excess solder 

or when you need to de-solder a joint. As the 
name implies, this device literally sucks the 
solder out of the joint. 


Solder Wick 
Solder Wick (http://adafru.it/149) is another 


way to clean excess solder from a joint. Unlike 
the solder sucker, the wick soaks up the 
molten solder. 
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Preparation 


Heat the Iron 

Plug an and/or turn on your soldering iron to 
warm up. If you are using a temperature 
controlled iron, set it to 7OOF/370C for 60/40 or 
750F/400C for lead-free solder. 


— While the iron is heating dampen the sponge 
with a little bit of water. 


Clean the Iron 
Wipe the tip of the hot iron on the damp 


sponge to clean off any oxidation. 


Do not use files or abrasives to clean the tip. It 
will damage the plating and ruin the tip. 
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Tin the Tip 

Apply a small amount of solder to the tip and 
wipe again to tin the tip. You should have a 
thin, shiny layer of molten solder on the tip of 
your iron. 


If the tip is badly oxidized and difficult to tin, it 
can uSually be reconditioned with some tip- 
tinning paste. 





Make sure that the joint is clean 
Dirt, oxidation and oily fingerprints can prevent 


the solder from wetting the solder-pad to 
create a solid joint. All Adafruit boards are 
plated to prevent oxidation, but if your 

board appears dirty from storage or handling, 
wipe it down with a little isopropyl alcohol. 











m there is any movement as the molten solder is 
4 solidifying, you will end up with an unreliable 


Cc * Most through-hole components can be 
a= immobilized by simply bending the leads on the 
 solder-side of the hole. 
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Steady the Board 


A vise is a good way to keep the board from 
moving around while you try to solder it. 


Once the joint is clean and immobilized, you are 
ready to apply the solder. 
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Making a good solder joint 
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Once you have prepared the your tools and the joint to be soldered, making a good solder 
joint requires just a few simple steps. 


Heat the joint 


Heat the joint with the tip of the iron. Be sure to 
heat both the solder pad and the component 
lead or pin. A small drop of solder on the tip 
will help to transfer the heat to the joint quickly. 
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Apply the solder 

= | ouch the end of the solder to the joint so that 
it contacts both the solder pad and the 
component lead or pin. It should melt and flow 
smoothly onto both the pin and the pad. If the 
solder does not flow, heat the joint for another 
second or two and try again. 


Let It Flow 


Keep heating the solder and allow it to flow into 
the joint. It should fill the hole and flow 
smoothly onto both the solder pad and the pin 
or component lead. 


Let It Cool 


Once enough solder has been added to the 
joint and it has flowed well onto both the 

/ component lead and the solder pad, remove 
| the iron from the joint and allow it to cool 
undisturbed. 


Trim the Lead 


Use your diagonal cutters to trim the lead close 
to the board. 


Note: This step applies only to components 
with wire leads. It is not necessary to trim the 
pins on Integrated circuit chips or sockets. 
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Congratulations! 
Reward yourself witha 





Page 15 of 35 


https ://learn.adafruit.com/adafruit-guide-excellent-soldering 


© Adafruit Industries 


Problems? 
The last page of this guide illustrates a number of common soldering problems with advice 
on prevention and repair. 





© Adafruit Industries https ://learn.adafruit.com/adafruit-guide-excellent-soldering Page 16 of 35 


Surface Mount Components 


The previous page showed how to make a good through-hole joint. But more and more 
components are only available in surface mount form these days. Not all surface mount 
packages are easily worked by hand, but there are plenty that can be managed with the 
same basic tools used for through-hole soldering. 


Let's start with a surface-mount part common to several Adafruit kits: The SD Card Holder: 


Immobilize the Joint 
Unlike many surface mount components, 


immobilizing the SD card holder is relatively 
easy. There are small pegs on the back that fit 
into positioning holes in the board. Once it is in 
place, solder the four small corner tabs to 
make it permanent. 


Heat the Joint 
Start by putting the tip of the hot iron on the 


solder pad adjacent to the pin. The pad will 
take longer to heat, so we apply most of the 
heat to the pad to start. 
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Apply the Solder 

When the joint is hot, apply solder to the side 
opposite the iron. The solder should melt and 
start to flow into the joint. 


Let it Flow 

Apply just enough solder to ensure a good 
joint, then keep the heat on while the solder 
wicks up between the pin and the pad to make 
a good electrical bond. 





Let it Cool 
Remove the iron and allow the joint to cool 
undisturbed. 





Problems? 
The last page of this guide illustrates a number of common soldering problems with advice 


© Adafruit Industries https ://learn.adafruit.com/adafruit-guide-excellent-soldering Page 18 of 35 


on prevention and repair. 
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Common Soldering Problems 
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The Ideal Solder Joint 


The ideal solder joint for through-hole components should resemble the diagram below. 






Wetting Angle: 
40 to 70 degrees 
From horizontal ae wy 


Smooth, Shiny 
Concave Surface 





The photos that follow show some common soldering problems, with suggestions for repair 


and prevention: 
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Disturbed Joint 


A Disturbed joint is one that has been 
Subjected to movement as the solder was 
solidifying. The surface of the joint may appear 
frosted, crystalline or rough. 


Often called a 'Cold Joint’. They can look similar 
to a true cold joint, but the cause is different. 


Repair: This joint can be repaired by 
reheating and allowing it to cool undisturbed. 


Prevention: Proper preparation, including 
immobilizing the joint and stabilizing the work in 
a vise can prevent disturbed joints. 
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Cold Joint 


A 'Cold Joint’ is one where the solder did not 
melt completely. It is often characterized by a 
rough or lumpy surface. Cold joints are 
unreliable. The solder bond will be poor and the 
cracks may develop in the joint over time. 


) Repair: Cold joints can usually be repaired by 
simply re-heating the joint with a hot iron until 
the solder flows. Many cold joints (Such as the 
one pictured) also suffer from too much solder. 
The excess solder can usually be drawn-off 
with the tip of the iron. 


Prevention: A properly pre-heated soldering 
iron with sufficient power will help prevent cold 
joints. 
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Overheated Joint 
At the other extreme, we have the overheated 


joint. The solder has not yet flowed well and 
the residue of burnt flux will make fixing this 
joint difficult. 


; Repair: An overheated joint can usually be 
repaired after cleaning. Careful scraping with 
the tip of a knife, or little isopropyl alcohol & a 
toothbrush will remove the burnt flux. 





Prevention: A clean, hot soldering iron, 
proper preparation and cleaning of the joint will 
i help prevent overheated joints. 
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Insufficient Wetting (Pad) 

These two joints both show signs of insufficient 
wetting of the solder pad. The solder has 
wetted the leads nicely, but it has not formed a 
good bond with the pad. This can be caused by 
a dirty circuit board, or by failing to apply heat 
to the pad as well as the pin. 


Repair: This condition can usually be repaired 
by placing the tip of the hot iron at the base of 
the joint until the solder flows to cover the pad. 





Prevention: Cleaning the board and even 
heating of both the pad and the pin will prevent 
this problem. 





2 


4° 


599999" 
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Insufficient Wetting (Pin) 


This solder in this joint has not wetted the pin at 
all and has only partially wetted the pad. In this 
case, heat was not applied to the pin and the 
solder was not given adequate time to flow. 


Repair: This joint can be repaired by re- 
heating and applying more solder. Be sure that 
‘the tip of the hot iron is touching both the pin 
and the pad. 


Prevention: Even heating of both the pin and 
the pad will prevent this problem. 
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Insufficient Wetting 


(Surface Mount) 
Here we have three pins of a Surface mount 


component where the solder has not flowed 
‘ 4 onto the solder pad. This is caused by heating 


= the pin instead of the pad. 






Repair: This is easily repaired by heating the 
solder pad with the tip of the iron, then applying 
solder until it flows and melts together with the 
solder already on the pin. 


Prevention: Heat the pad first. 
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Solder Starved 


A solder starved joint simply does not have 
enough solder. It may make good electrical 
contact, but it is hard to verify by inspection. In 
any case, it is not a strong joint and may 
develop stress cracks and fail over time. 


Repair: Re-heat the joint and add more solder 
to make a good strong joint. 
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Too Much Solder 

This might be a perfectly good joint, but we 
can't tell for sure. It is entirely possible that this 
blob of solder wets neither the pin nor the pad 
and is not a reliable electrical connection. The 
best evidence of proper wetting (and good 
electrical contact) is a nice concave surface as 
on the joint on the far left. 


Repair: It is usually possible to draw off some 
of the excess solder with the tip of a hot iron. In 
extreme cases, a solder-sucker or some 
solder wick can be helpful as well. 
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* Untrimmed Leads 

« Leads that are too long are potential short 
circuits. The two joints on the left are an 
obvious danger of touching. But the one on the 
right is long enough to be dangerous as well. It 
«! would not take much force to bend that lead 
over to touch an adjacent trace. 

= Repair: Trim all leads just at the top of the 
solder joint. 


ererer*sere 
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Solder Bridge 


The left two solder joints have melted 
together, forming an unintended connection 
=) between the two. 
f 










Repair: Sometimes the excess solder can be 
§ drawn off by dragging the tip of a hot iron 
| between the two solder joints. If there is too 
| much solder, a solder sucker or solder wick can 
help get rid of the excess. 


,* 


-Prevention: Solder bridges most often 
happen between joints with too much solder to 
begin with. Use only enough solder to make a 
good joint. 
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Lifted Pad 
This photo shows a solder pad that has 


become detached from the surface of the 
circuit board. This most often occurs when 
trying to de-solder components from the 
board. But it can result simply from overworking 
the joint to the point where the adhesive bond 
between copper and the board is destroyed. 


Lifted pads are especially common on boards 
with thin copper layers and/or no through- 
plating on the holes. 
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Repairing a Lifted Pad 

It may not be pretty, but a lifted pad can usually 
be repaired. The simplest repair is to fold the 
lead over to astill-attached copper trace and 
solder it as shown to the left. If your board has 
a solder-mask, you will need to carefully scrape 
off enough to expose the bare copper. 


Other alternatives are to follow the trace to the 
next via and run a jumper to there. Or, in the 
worst case, follow the trace to the nearest 
component and solder your jumper to the leg 
of that. Not exactly pretty, but functional. 





Stray Solder Spatters 


These bits of solder are held to the board only 
f by sticky flux residue. If they work loose, they 
™ can easily cause a short circuit on the board. 






§ Repair: These are easy to remove with the tip 
» of a knife or tweezers. 
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All of the Above! 
Don't panic. Take your time. Most joints can be 
repaired with patience. If the solder refuses to 
flow the way you want it to: 

1; 


Stop and let the joint cool. 


2. Clean and tin your iron. 
Es 
4. Let the iron come back up to 


Clean off any burnt flux from the joint. 


temperature. 


. Then reheat the joint and try again. 
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HAND SOLDERING TUTORIAL FOR FINE PITCH QFP DEVICES 





Scope 


This document is intended to help designers create 
their initial prototype systems using Silicon Lab's 
TQFP and LQFP devices where surface mount 
assembly equipment is not readily available. This 
application note assumes that the reader has at least 
basic hand soldering skills for through-hole solder- 
ing. The example presented will be the removal, 
cleanup and replacement of a TQFP with 48 leads 
and 0.5 mm lead pitch. 


Safety 


Work should be done in a well-ventilated area. Pro- 
longed exposure to solder fumes and solvents can 
be hazardous. There should be no presence of 
sparks or flames when solvents are in use. 


Materials 


The right materials are key to a good solder job. 
The list below are the recommendations from Sili- 
con Labs. Other materials may work, so the user 
should feel free to substitute and experiment. The 
use of organic solder is highly recommended. 


Required 
1. Wire wrap wire (30 gauge) * 


2. Wire strippers for wire wrap wire * 


3. Soldering station - variable temperature, ESD- 
safe. Should support temperatures 800°F 
(425°C). This example uses a Weller model 
EC1201A. The soldering wand should have a 
fine tip no more than 1 mm wide. 


4. Solder - 10/18 organic core; 0.2" (0.5 mm) 
diameter 


5. Solder flux - liquid type in dispenser 

6. Solder wick - size C 0.075" (1.9 mm) 

7. Magnifier - 4X minimum. An inexpensive 
headset OptiVISOR by Donegan Optical Co. is 


used for this example. 


8. ESD mat or tabletop and ESD wrist strap - both 
grounded 


9. Tweezers with pointed (not flat) tips 

10. Isopropyl Alcohol 

11. Small stiff bristle brush for cleaning (nylon or 
other non-metallic material). Cut off hair to 


approximately 0.25" (6 mm) 


* Required for device removal only. 


Optional 


1. Board vise to hold printed circuit board 
2. Dental pick (90 degree bend) 


3. Compressed dry air or nitrogen to dry boards 
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4. Optical inspection stereo microscope 30-40X 





Figure 1. Some of the materials to get started... 





Figure 2. clock-wise from left: 4X magnifying headset, solder wick, 
wire wrap wire, stiff cleaning brush, wire strippers, 
and pointed tweezers 
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Figure 3. Solder wick and Figure 3. Isopropyl Alcohol 
wire wrap wire 


YY 


Soldering Tool Stand ce 
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Figure 4. ESD safe soldering station with fine tip wand. 
This one is Weller model EC1201A 








Figure 5. Optional equipment includes a PCB vise and 
an inspection microscope 7-40X 
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Procedure 


The following procedures cover the replacement of 
a TQFP 48 pin device with 0.5 mm lead pitch. The 
lead shape is the standard gullwing associated with 
JEDEC standard QFPs. This procedure section is 
divided into three parts: 


A. Part Removal 
B. Board Cleanup 


C. Soldering a new device. 


If you are soldering parts to a new printed circuit 
board, skip part A and refer to the new board 
cleanup section in part B. 


A. Part Removal 


Preparation: 


Board with IC to be removed is mounted in a 
holder or vise. A PCB holder/vise is optional 
but it is required that the PCB is held steady for 
the part removal. 

The soldering station is warmed up to 800°F 
(422°C) and the solder tip is clean. 

ESD precautions have been taken. 





Figure 6. Ready to get started 


Begin by wetting all the leads with flux to enhance 
the initial solder wicking cleanup. Wick up solder 
as much as possible from the QFP leads. Be careful 
not to scorch the PCB board with prolonged solder 
heat. 
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Figure 7. Apply flux; wick excess solder from pins 


Next, strip off approximately 3 inches of insulation from a piece of the 30 gauge wire wrap wire. Cut the 
wire at a comfortable 12 inch length or so. 





Figure 8. Wire stripping 
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Feed the wire behind and under the leads on one side of the IC as shown in Figure 9. 
_ a ton - is ~~ < e 





a_i 


Figure 9. Wire with one side anchored to nearby component 


Solder tack (anchor) one end of the 3 inch wire to a nearby via or component on the PCB. The anchor 
point should be in a location similar to that should in Figure 10. 
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Dispense a small amount of liquid flux across the leads. 





/ ; | >> : : Or of 4 SF 
Figure 10. Bus wire is anchored on C6 
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Hold the loose (non-anchored) end of the wire with tweezers in close proximity to the device as shown in 
Figure 11. 





You will now need to simultaneously apply solder heat and pull the wire away from the QFP, pulling at a 
slight upward angle from the board surface. Apply solder heat beginning at the lead closest to your twee- 
zers. As the solder melts, gently pull the wire away from the QFP while continuing to move the solder 
heat from pin to pin to the right. You should not pull very hard. Pull as the solder melts. Do not leave the 
solder heat on any lead for more than necessary. The first lead will take the longest to heat, and after the 
wire gets hot, solder on the other leads will melt quickly. Excessive heat will damage the IC device and 
the PCB pad. The removal of 12 pins from a 48TQFP should take about 5 seconds total. Signs of exces- 
sive heat are: 


* Melted plastic on the IC device 
¢ PCB pads that lift off 
* Brown scorch marks on the PCB 


With one side of the QFP completed, repeat the same procedure on the other three sides of the QFP. Cut 
off the dirty part of the wire wrap wire or use a new piece for each side. Dispense flux again for each side. 
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Note that in the following pictures, the old IC device is not being saved. There is slightly more heat being 
applied here than necessary to speed up the process. This result is some melted plastic and missing gull- 
wing leads. These are visible in the pictures that follow. If you are trying to save the IC being removed, 
then you must be very careful to apply as little heat as possible during the removal process such that the 
QFP leads remain intact in the plastic QFP body. This will require some experimentation with solder heat 
settings and timing. 






Figure 12. Hold tweezers close to device 





——— 
———_— 


Figure 14. Side 2 almost complete 
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Figure 17. Side 4 anchored to a via 





ax 
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B. Board Cleanup 
New PCBs 


For mounting a device to a new PCB, the amount 
of cleanup should be minimal. On a new PCB, 
there should be no solder on the pads. Brushing 
the pads with isopropyl alcohol (Figure 33) and 
drying the board should be enough preparation to 
begin the mounting procedure. 


Reworked PCBs 


The following section is the cleanup sequence that 
follows the QFP removal in the previous section. 
After removing the device, the solder pads will 
need cleanup. The idea is to clean the pads so that 
they are flat and free or solder and flux. Solder 
wick the pads until they are flat and dull. A clean 
pad appearance should be a dull silver color. 





Figure 20. Pads after QFP removal procedure 
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Figure 22. Repeat for all pads 


If any pads become loose from the PCB, use a dental pick or other pointed object to re-align the pad 
(Figure 23 and Figure 24). 
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Figure 23. Clean pads but one pad is slightly crooked 





Figure 24. Pad straightened out 
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B. Soldering a new QFP 
The pads on the PCB should be clean and free of any solder. 


Carefully place the new QFP device on the PCB using tweezers or another safe method. Make sure the 
part is not dropped as the leads can be easily damaged. 


Align the part over the pads using a small pick or similar tool to push the part. Get the alignment as accu- 
rate as you can. Also, make sure that the part is oriented correctly (pin 1 orientation). 


< £010 
Se: eoaiaeees 
= psesteeee 
— 7? AEE) 


(iii. 
cyte 


ag E0TO 

: by0VWOL 

zbeLats080 | 
oD 
PEELE 


PEEPLES be) 
suseeer 


., 
a 
8 





Figure 26. QFP aligned 
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Adjust the soldering station temperature to 725°F (385°C). Put a small amount of solder on the tip of the 
solder iron. While holding down the aligned QFP with a pick or other pointed tool, add a small amount of 
solder flux to the corner leads in two opposite corners. While still holding the part down with the pick, 
solder down two opposite corner leads on the QFP. Do not worry about excess solder or shorts between 
adjacent leads at this time. The idea is to anchor down the aligned QFP with solder so it does not move. 
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Re-check the QFP alignment after soldering the corners. If necessary, make adjustments or remove and 
start over to get good QFP to PCB alignment. 
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Figure 28. Aligned QFP with corners soldered down 
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Now you are ready to solder all the leads. Add solder to the tip of the soldering iron. Dispense flux over 
all the leads to keep them wet. 


Touch the solder iron tip to the end of each QFP lead until the solder is seen running up the lead. Repeat 
for all the leads. Add small amounts of solder as needed to the soldering iron tip. Again, do not worry if 


you see some solder bridging as you will clean that up in the next step. 


When soldering, keep the soldering iron tip parallel with the pins being soldered to prevent excessive sol- 
der shorts. 
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Figure 29. Keep iron tip parallel to pins being soldered 
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After soldering all the leads, wet all the leads with flux to enhance the solder wicking cleanup. Wick up 
solder where needed to eliminate any shorts/bridging. 








Figure 31. Wicking Solder #2 
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Hand inspect the board using 4X magnification (or higher) for shorts or marginal solder joints. Solder 
joints should have a smooth melt transition between each device pin and the PCB. Rework any pins as 
needed 





Figure 32. Visual Inspection 


After the inspection passes, it is time to clean the flux off the board. Dip the stiff bristle brush into alcohol 
and wipe in the direction of the leads. Use moderate, but not excessive pressure. Use liberal amounts of 
alcohol and brush well between the QFP leads until the flux disappears. 





Figure 33. Isopropyl Alcohol and stiff brush used for cleanup. 
Brush only in direction of leads 
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Dry the board with compressed dry air or nitrogen. If this is not available, let the board dry for 30 minutes 
or more to let the alcohol evaporate under the QFP. The QFP leads should look bright and there should be 
no flux residue. 





Figure 34. Clean and Pristine 


Re-inspect the board for workmanship. Rework any leads if needed. 





Figure 35. Stereo zoom inspection station (7X to 40X magnification) 
helps to inspect solder joint workmanship 
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Chapter 1 


Soldering Technique 


This guide is intended to give an introduction to basic soldering technique. If 
the reader desires to pursue advanced soldering techniques, there are several 
books as well as technical institutions that offer detailed courses in the area 
of soldering. 


1.1 


Required Tools 


Before discussing soldering techniques, one should must set up a “soldering 
work station”. The following is a list of tools for a typical soldering station. 
See Appendix A for pictures of the various parts listed below. 


1. 


Variable temperature soldering iron: used for applying heat to 
joints during the soldering process. 


. Damp sponge: for cleaning soldering iron tip. 


. Rosin-core solder: to electrically and mechanically bond a compo- 


nent to the PCB. 


. Wire cutters or side cutter: for trimming component leads and 


stripping insulation from wires. 


. Needle nose pliers: for holding, placing and shaping components. 


. Desoldering pump and/or desoldering braid: for removing sol- 


der. 


. Scotch tape and/or a “Third Hand”: for securing components. 
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13. 


. Safety glasses: for eye protection. These are mandatory in the lab. 


. Magnifier: to provide more detail during intricate work. A magnify- 


ing glass is convenient, but an illuminated magnifier is better. 


. Light source: to prevent eye-strain. 


. Ventilation: to extract and dispel fumes generated during the sol- 


dering process. 


. Flux: to clean components and PCB pads. 


Acid brush: to assist in the removal of flux residue. 


Prior to soldering it is a good idea to have all components organized 
as it will make populating the PCB more efficient. Make a BOM (bill of 
materials) for the PCB, and ensure before soldering that the components 
have been collected. The schematic and PCB layout will also be referred to 
when populating the board. 


1.2 


Important Soldering Tips 


The following tips provide a quick guideline on how to make proper joints. 


Cleanliness: All parts, including the soldering iron tip, must be clean and 


free from grease, oxidation and contamination. Solder does not flow 
over contaminated areas; moreover, solder is repelled by dirt. Severe 
contamination is evident when solder begins to “bead”. A common 
source of contamination is oxidation. Old components and copper 
boards will often have an oxide layer that prevents a good solder joint. 
Ensure all components have shiny leads and the PCB has clean traces. 
An abrasive such as a blue or pink eraser, emery paper, or stell wool 
can be used to remove the oxidized layer from the PCB board and 
components. 


Tinning: In addition to being clean, the soldering iron tip must also be 


tinned (coated with solder). Tinning the tip allows solder to flow on 
the components more quickly rather than the soldering iron tip itself. 
Tinning involves adding a few millimetres of solder to the tip and 
then wiping and rotating the tip on the damp sponge to reveal a shiny 
surface on the tip of the soldering iron: a thin layer of solder will 
coat or “tin” the tip of the soldering iron. When done soldering, 
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tinning the iron is required to protect the tip from oxidation 
thereby dramatically increasing its life. 


Temperature: Ensure that both the component leads and the PCB’s cop- 
per layer are heated at the same time. The soldering iron tip should 
contact both the component and the PCB pad. This will ensure that 
each surface is relatively close in temperature resulting in a good joint. 
If there is a temperature difference between the two surfaces, the sol- 
der will form a “dry” joint. Soldering irons are typically set around 
650 Fahrenheit, depending on the lead-tin ratio of the solder being 
used. Too much heat causes excessive “sputtering” of flux, and too 
little doesn’t melt the solder in a timely manner. 


Duration: The duration that the iron is in contact with the component 
and PCB is dependent on the size of the joint and your soldering iron 
temperature. For the typical PCB through-hole joint, it should take a 
few seconds to heat the joint and apply the solder. This will require 
practice, so don’t expect to be fast if you are a beginner. Excessive heat 
(several seconds in duration) will damage sensitive semiconductors. If 
this is a concern, use a heat sink attached to the component leads: 
sometimes as simple as an alligator clip. These concerns can sometimes 
be avoided by soldering sockets instead of the semiconductor itself. 


Adequate solder coverage: If too little solder is applied, the joint will 
not make a secure connection and will cause erratic behaviour. How- 
ever, if too much solder is applied, the joint may bridge with adjacent 
joints resulting in electrical shorts. How much solder to apply comes 
with experience. Figs. 1.4 through 1.7 show good and bad solder joints. 


Handling: Most modern electronics systems contain static-sensitive de- 
vices. Use proper handling procedures to minimize the likelihood of 
damage: grounding wrist-straps, grounded soldering irons, grounding 
mats, etc. 


1.3. Precautions 


Soldering Irons get very hot (600-800°F, 315-425°C), please ensure you fol- 
low precautions during use. Basic safety precautions are listed below. 


e Never leave your iron turned on while unattended. 
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e Turn the soldering iron off when it is not being used. If the iron is left 
on for long periods of idle time, the soldering iron tip will be destroyed 
through oxidation. 


e Eye protection must always be worn when soldering. Hot flux can spit 
up and into an unprotected eye. In the Capstone Design Lab, use 
of eye protection is mandatory. 


e If the cord of the soldering iron is damaged, inform the lab staff who 
will ensure it is replaced. 


e Never set the soldering iron down on anything other than an iron 
stand. 


e To prevent burning your fingers, use needle nose pliers, heat resistant 
gloves, or a third hand tool to hold small pieces. 


e Familiarize yourself with the safe handling of all materials used during 
the soldering process. This includes solder, flux, alcohol, and desol- 
dering braid. Each has a Material Safety Data Sheet (MSDS) and can 
be found in the lab or online. “Safe Operating Procedures” are found 
posted on the wall close to the soldering facilities. 


1.4 How to Solder Through-Hole Components 


Most of the soldering done in the Capstone Design Lab is through-hole. A 
through-hole joint is a type of soldering joint in which the component joins 
with the PCB pad through a physical hole in the board. The following steps 
will illustrate how to make a proper through hole solder joint on a PCB. 


1. Ensure that the printed circuit board and all components are clean. 
Cleaning can be achieved with a mild abrasive and/or the application 
of flux. 


2. Plug in the soldering iron, turn it on, and let it warm up for 2-3 
minutes. 


3. Wet the soldering station sponge with the water provided in the lab. 
Do not wet the sponge in the bathroom or the water fountain. 


4. Clean the tip of the soldering iron and tin it with solder. 
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5. Insert the component into the holes. Ensure that the component is 
secure by taping the component or by using a third hand. Optionally, 
the component leads can be clinched as shown in Fig. 1.1. This tech- 
nique, however, is not recommended for two-sided boards as the flow 
of solder to the component side is restricted. 






Figure 1.1: Clinched Component Leads 


6. Apply the soldering iron tip to one side of joint making contact with 
the component lead and the board copper foil, ensuring that both are 
heated up to the same temperature as shown in Fig. 1.2 and Fig 1.3. 
Notice the tinned tip in Fig. 1.3. 


7. Slowly add a few millimetres of solder to the other side of the joint. 
DO NOT apply solder to the soldering iron tip. If enough heat was 
applied to the PCB pad and component wire, the solder will flow freely 
onto the joint. 


Solder Wire Soldering Iron Tip 





Component Lead 


Copper Foil -) 





PCB 


Figure 1.2: Method of Soldering Through Hole Joints 


8. Remove the solder when the joint is suitably covered as shown in 
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Figure 1.3: Method of Soldering Through Hole Joints, [8] 


Fig. 1.4. The goal is to get the joint to be a “fillet”: a curve as shown 
in Fig. 1.4, 


9. If the PCB is double-sided, the solder should flow through the hole 
around the component lead and make a bond on the component side 
of the board (opposite to the side that the solder was applied). If this 
“wicking” does not occur, the hole may be undersized, clinching could 
be blocking the solder’s path, or the component lead is not clean. 


10. Remove the soldering iron and allow the joint to cool naturally. 


Component Lead 






Copper Foil Solder Fillet 


PCB 


Figure 1.4: Good Solder Joint - Solder Fillet 


11. Cut the lead of the component, if necessary. 


Fig. 1.6 and Fig. 1.7 below are pictures showing good and bad solder 
joints. 
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Figure 1.5: Good Solder Joint, [8] 


Good Solder Too Much Cold Solder 


i ef soint - x Solder #¢ Joint 


Figure 1.6: Joint Examples, [3] 
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Figure 1.7: Joint Examples, [2] 


Soldering Guidelines (Solder0) Revision 0.1 
1.5 How to Solder Surface-Mount Components 8 


1.5 How to Solder Surface-Mount Components 


Surface mount soldering requires more experience and skill than through 
hole. It is recommended that one practices with through-hole prior to at- 
tempting any surface mount soldering. As the name suggests, surface mount 
involves soldering a component to either the top or bottom surface of a PCB. 
Depending on the footprint, the pads are usually a spaced closer together 
(finer pitch), making the soldering more susceptible to solder bridges, etc. 
Figs. 1.8 and 1.9 show examples of good surface-mount solder joints. 





Figure 1.8: Surface Mount Good Solder Joint, [6] 





Figure 1.9: Surface Mount IC with Good Solder Joints, [5] 


The actual soldering of the joints is similiar to the through-hole method. 
One difficulty, however, is maintaining the part’s alignment on the PCB 
pads. A good technique is outlined here: 


1. Align the component on the PCB pads. This can be aided with the 
use of tweezers and dental picks. 


2. Secure the component to the PCB by applying a small amount of 
pressure onto the top of the component using a small slot screwdriver. 
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An index finger resting on the end of the screwdriver provides enough 
force to secure the device. 


3. Solder one of the corner component leads to the PCB pad. 
4. Align the remaining pads and solder the opposite corner PCB pad. 


5. Solder the remaining pads in a pattern that does not build-up too 
much heat in the device. 


1.6 Wire Connectors and Headers 


When PCBs are manufactured they often have connectors to peripheral 
devices. These connectors are like other components in how they are soldered 
onto the PCB. However, the plug that matches the connector usually also 
requires some soldering. Please note that with very few exceptions, 
the wire used for cabling is stranded (rather than solid-core) due 
to its higher strength and flexibility. Below are procedures for a few 
of the more common plug types. 


1.6.1 Crimp Connectors and Pins 


1. Strip off about lcm of the wire insulation. 


2. Place the exposed wire into the crimp-style connector or pin. The wire 
should just barely show coming out the other side. Some crimp pins 
have two crimping areas — one for the stripped wire, and the other for 
the wire with the insulation. 


3. Crimp the connector with the appropriate crimping tool. Note that 
the connectors are colour coded to settings on the crimping tool, try 
and match the correct colour. 


4. As added insurance, apply solder to the joint to solidify the connection. 


Before crimping all pins destined for a connector housing, start with one 
and ensure that it fits successfully into the housing. If the crimp is made 
too tightly, or otherwise mis-shaped, the pin may no longer fit. 
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Figure 1.10: Colour Coded Crimp Connectors 





Figure 1.11: Crimp connector without shrink wrap, [1] 


1.6.2. DB Connectors (Solder Cup Type) 


1. 
2. 


Oo ND OH 


Strip off about 5mm of the wire insulation. 


Tin the wire. 


. Slide shrink wrap on the wire. 

. Place the wire into the DB - connector solder end. 

. Apply the soldering iron tip to the connector and wire. 

. Apply a few millimetres of solder until the joint is adequately covered. 
. Let the joint cool. 


. Slide the shrink wrap over the joint and heat the shrink wrap with 


a heat gun (or other heat source) until the wrap shrinks around the 
joint. 


1.6.3 Joining Two Wires 


1. 
2: 
3. 


Slide shrink wrap on one of the wires. 
Tin or coat each wire with some solder. 


Join the wires in a way that provides a good mechanical connection 
(such as twisting together) and apply the soldering iron tip and some 
solder. 
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Figure 1.12: DB Connector with shrink wrap, [7] 


4. Let the joint cool. 


5. Slide shrink wrap over the joint and heat the shrink wrap with a 
heating gun or a heat source until it the the wrap shrinks around the 
joint. 





Figure 1.13: Two wire joint insulated by shrink wrap, [4] 


1.7 Testing Connections 


After completely soldering a component to a PCB, it is good practice to 
ensure connectivity between the component wire leads and the PCB pads 
they are soldered to. A DMM (Digital Multi-Meter) is sufficient to deter- 
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mine connectivity; many DMMs include an audible connectivity setting, but 
failing this, measure the joint resistance. 


1.8 Milled Board Soldering 


In-lab manufacture of PCBs uses a technique known as “milling”. The 
milling technique involves cutting out the PCB tracks and pads from the 
copper-clad board. 

Due to its construction, a milled PCB is susceptible to solder-bridging 
across the milled grooves, particularly when an excess of solder is used. 
Finding a short caused by a bridge is a difficult task, particularly when 
many solder joints exist. To this end, make a limited number of solder 
connections and then test for bridges using a multimeter. 


1.9 Post-Soldering Cleanup 


1.9.1 PCB Cleanup 


The flux left behind by rosin-core solders, or perhaps as part of the clean- 
ing process, needs to be removed from the PCB. Due to the flux’s sticky 
nature, dirt gathers and contributes to short-circuiting problems. The most 
frustrating part of this situation is that a short does not necessarily occur 
immediately. Weeks, or even years later, a short can develop. 

To remove flux, alcohol is used. Apply the alcohol liberally and then 
brush away with an acid brush, starting at the center of the PCB and 
working out toward the edges. This is a time-consuming task, but a clean 
board is well-worth the effort. 


1.9.2 Work Area Cleanup 


The importance of keeping your work area clean cannot be emphasized 
enough. When clear of obstructions and garbage, handling a hot solder- 
ing iron is safer. The soldering process itself involves chemicals and sub- 
stances which are known to have ill-effects in humans. Wiping-down the 
work-area surfaces with a moist paper towel will help reduce some contam- 
ination. When you are done soldering, wash your hands with soap and 
water to get rid of contamination. The primary concern here is accidental 
ingestion of the chemicals. For more information, please refer to the Safe 
Operating Procedures, posted in the lab’s soldering area. 


Chapter 2 


Desoldering Technique 


Desoldering may be required for several reasons: 
e a component may have failed 
® a wrong part was installed; 
e a design modification necessitates a change; or 
e if a board contains expensive components that can be salvaged. 


Whatever the reason, there are three common techniques to remove sol- 
der from a joint: using a desoldering pump, a desoldering wick, or desolder- 
ing iron. 

Regardless of the method used, if it is permissible to destroy the part 
during removal, then a lot of time and effort can be saved. For instance, 
using wire cutters to trim off all the pins of a through-hole IC so they can 
be removed individually makes the removal process much easier. In most 
cases, avoiding damage to the PCB is of paramount importance. 


2.1 Solder Pump/Sucker 


A desoldering pump is exactly what it sounds like: a pump that sucks up sol- 
der. Usually the pump is spring-loaded and provides a recoil when released. 
The four steps below outline how to desolder a joint using a desoldering 


pump. 


1. Prime the desoldering pump. This involves depressing the desoldering 
pump spring. The pump will click when correctly depressed. 
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2. Heat the joint from one side with the soldering iron tip. Wait 1-2 
seconds until the solder begins to melt from the soldering iron heat. 


3. Put the pump tip on the other side of the joint. Don’t be afraid to 
actually touch the joint. 





Figure 2.1: Desoldering with a Solder Pump, [8] 


4. Press the desoldering pump spring-release button to suck up the solder. 


This procedure should be repeated if the joint has a significant amount 
of solder. If done correctly the joint should eventually look as shown in 
Fig. 2.2 shown below. 





Figure 2.2: Clean Joint from Desoldering with a Solder Pump, [8] 


2.2 Desoldering Braid/Wick 


A desoldering braid removes solder from a joint using a technique known 
as “wicking”. Desolder braid is a piece of material that sponges up molten 
solder by capillary action that draws solder away from the joint the braid. 
The following procedure outlines the basic steps involved in desoldering a 
joint using desoldering braid. 
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1. Place the desoldering braid over the joint. 


2. Press the desoldering braid onto the joint with the soldering iron tip. 
This will apply heat to the desoldering braid and the joint allowing 
the molten solder to flow. 


3. Wait for the solder to melt. The solder should flow onto the braid and 
away from the joint. 





Figure 2.3: Desoldering with a Solder Wick, [8] 


4. Cut off the solder coated portion of the desoldering braid. There 
should be no copper visible in the portion that is removed: 
braid is very expensive. 


2.3. Desoldering Iron 


Using a desoldering iron, available with higher-end soldering stations, is sim- 
ilar to using a solder sucker. The desoldering iron is essentially a soldering 
iron with a built-in vacuum. 


1. Make contact between the iron and the joint to be desoldered, ensuring 
the vacuum opening is not blocked. 


2. Once the solder on the joint has become molten, depress the button 
on the iron to activate the vacuum. 


It is very important for the life of the desoldering iron that the vacuum 
assembly be cleaned after every session of use. Please ask the lab personnel 
for a description of the cleaning procedure. 

As with a normal soldering iron, the desoldering iron tip should be tinned 
before and after every use. 
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2.4 


Removing Components Effectively 


To remove a component with little or no damage to the PCB or component 
takes practice and patience. Often when removing a component, PCB pads 
and tracks may be damaged by “lifting” off the board. Below are some tips 
that may be useful when removing components from a PCB. 


Desolder all joints pertaining to a component prior to removal. It may 
be necessary to go over the joints several times before all the solder is 
removed. Practice patience. 


Use pliers and gently pull on components while applying heat to the 
joints. The assistance of a friend can help with this. 


Do not pull with force, because the PCB pads and tracks will be 
damaged. 


Do not try and remove components by prying them. 


Do not try to push the component out of the holes with the soldering 
tip. This will certainly lift the copper pad off of the PCB and ruin the 
iron tip. 


In order to get better thermal conductivity between the iron and the 
solder joint, it is sometimes effective to add a small amount of solder. 


Chapter 3 


Glossary 


BOM: Bill of Materials, which contains a list of all components and values 
contained on a particular PCB. Used as a “shopping list”. 


Desoldering Braid: A material used to remove solder with capillary ac- 
tion. 


Desoldering Pump: A device used to remove solder with a swift vacuum 
action. 


Flux: Cleans the surfaces that are being heated by bringing contaminants 
to the surface. Most solders include flux in their core. For excessive 
contamination use a flux pen. 


Footprint: The spacing pattern or layout of pads for a particular compo- 
nent or integrated chip, as used on a PCB. 


PCB (Printed Circuit Board): A fibreglass board upon which copper 
traces are laminated to make connections between various components. 
The copper traces serve as flat wires connecting various components. 


Shrink Wrap: A tube that fits over a wire, that when heated shrinks to 
provide insulation and support for the joints. 
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Appendix A 


Pictures of Tools 





Figure A.2: Solder Wire 
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Figure A.3: Desolder Pump 





Figure A.4: Desolder Braid 
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Figure A.5: Third Man 


Soldering 


RN 


Contents 
MIM UC TIOM saseatetesiaicocsasctesas janienatscarsansdasasacssessseaiabicantuaneneeleaicansantoumnqeanaaaniadenel 2 
I eoigetane Pied Ceci, Ta Ay oaaessdeca seedy rscswoiteneetesorennseiewtaemamienaensenes 2 
PARE Wg) oe 91S 1 || pe Rene ir ee ei eee ee re aren ree ey ene ne merevenrree er ene ren 4 
i li occas leg BN ee peeee epee create eereen: rey trrererepratrerenrest rereertyer retrt reresetrevere trees trct ys 5 
eal ThroupinHote Comme is ss ice fcc sete eo ecsccessactteedieallscearieesenes > 
3.2 Ste iace Mio mint COMI ORIIES xss.cigcessusizacssanigseusuniveeriuarecoramnpndsedqeunse 2 
1 Ue Ieee nee ee ere ae er Ee eee er eer eg Fen che aire Perea Ie eer ean or are Drier Sere eee 6 
Dy OU GNIS TNQTAS 5 adphascciasass Guntdaassuntaandaccedgaidacededs tan lsanisantaensousedandadesmiatansienisanteeieen 7 
3.1 MMS shcts caste pzetauas set cempencinedals Ses sansa tne Sa cuss coed cae ue det aeendace 8 
3.2 Tp CG itamimn atom: Bail RAINS ass euscceaincesnecivnpieetatnractreenyesaavementeasy 9 
yen iret PRO Pes ccc cnercrsicascsesesousseeaeiageeis 10 
Bl fos alc g 1) seen pretties corre ere treet pi ir rentenrenren tiratren ivan treverrerrentyerrrentereerrecr terest r erten 11 
S ElaZaras MIVOIVEd 1 SOMIGIING cc ceziavsosarzsverssesnsoyeamdoczsaassansitadanaaeiaaaasseaagiwosstan IZ 
8.1 sa | ee ap OVO eer p rete PU Ureorry Wlnrre rr verre rer erie erreur eet erereeroemrrrrren 12 
8.2 BI POSS 0 CF: le | | eee ne nie er ee ene er eee sre eer ene ee treet ry Ae [2 
8.3 OOD cases acetate am eseac amma SI Is 
8.4 BUSOtri@all BalClY vasccisstacssamadinisiaenisiaasceaisaueesensadiciatasauaieaaiaetais 13 


Contents 


Index 








2016 


2 


Introduction 


Soldering is a process used for joining metal parts to form a mechanical or 
electrical bond. It typically uses a low melting point metal alloy (solder) which 
is melted and applied to the metal parts to be joined and this bonds to the metal 
parts and forms a connection when the solder solidifies. It is different to welding 
in that the parts being joined are not melted and are usually not the same material 


as the solder. 


Soldering copper pipe Sheet metal fabrication 


Figure 1 — Different Types of Soldering 





Soldering is a common practice for assembling electrical components and 
wiring. Although it can be used for plumbing, sheet metal fabrication or 
automotive radiator repair the techniques and materials used are different to 
those used for electrical work. This document is intended to provide guidance 
on the safe working methods and proper tools and techniques for soldering of 


electrical components. 
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1 Soldering Printed Circuit Boards 


Soldering may be used to join wires or attached components to a printed circuit 
board (PCB). Wires, component leads and tracks on circuit boards are mostly 
made of copper. The copper is usually covered with a thin layer of tin to prevent 
oxidization and to promote better bonding to other parts with solder. When 
soldering bare copper wires they are often “tinned” by applying molten solder 


before making a joint. 





Hand soldering components on PCB Industrial oven for surface mount 


Figure 2 — Different Types of PCB Soldering 
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2 Types of Solder 


There are different types of solder used for electrical work. They are broadly 
classified as tin/lead solders or lead free solders. Tin/lead solders have been used 
for many years because of their ease of use however they have been phased out 
of commercial use due to the harmful effects on humans and the environment. 
Tin/lead solder is still available and is used by “hobbyists” and other non- 
commercial users as it is still easier to use than lead free types. When using 
tin/lead (or leaded) solder there are additional safety precautions that must be 


observed. 


Different gauges of solder wire Solder composition is labelled 


(Lead free on left) 





Figure 3 — Different Types of Solder 


Index Types of Solder RN 








Soldering 2016 


3 


3 Types of PCB 


Printed circuit boards (PCBs) are populated by electronic components and these 


may be “surface mount” or “through-hole” types. 


3.1. Through-Hole Components 


As the description “through-hole” suggests, the leads of the component are passed 
through holes in the PCB and then soldered to a “pad” on the reverse side of the 
PCB. Soldering is accomplished by heating the component lead and PCB pad with 
a soldering iron and melting solder wire into the joint. This type of construction was 
common from the 1960’s until early 2000’s and is still used by hobbyists and in 


small scale production where manual assembly is preferred. 


3.2 Surface Mount Components 


Commercial circuits are mostly of the surface mount type as these are cheaper to 
make, more compact and easier to automate assembly. For surface mount 
construction the component’s pads are on the same side of the PCB as the 
component and the component connections sit onto these pads. Soldering is 
accomplished by applying solder paste onto component pads on the PCB, placing 
the component onto the paste and then heating the entire assembly to melt the 
solder. Commercial assembly uses ovens to heat the boards. Hobbyists can also use 
surface mount components and soldering can be accomplished by applying solder 
paste and melting with a hot plate, small oven or soldering iron. Some surface 


mount joints can be soldered using a soldering iron and solder wire. 





Through-hole PCB Surface mount PCB 
(non-component side) (component side) 


Figure 4 — Different Types of PCB 
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4 Flux 


For electrical soldering both solder wire and solder paste contain flux. This helps 
to clean the surfaces being soldered and prevent oxidization of the hot solder. 
The composition of the flux will vary depending on whether it is in a paste or 
wire, leaded or unleaded solder. Solder wire usually contains a flux called 
“rosin”. Most fluxes will produce fumes when the solder is heated and these 
fumes are likely harmful to your health. For occasional soldering it may be 
sufficient to have a well-ventilated workspace but for longer or repeated 
exposure a fume extractor should be used. Solder flux can also cause solder to 


spatter and eye protection should be worn when soldering. 


Fumes produced when soldering Workstation with 


fume extraction system 





Figure 5 — Fumes and Fume Extraction Systems 
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5 Soldering Irons 


Soldering irons come in many varieties and sizes. Soldering irons may be 
electric, gas powered or externally heated. Most common types are electric. 
Simple electric soldering irons have no controls and you simply plug them in 
and wait for them to heat up. Their temperature is regulated by the power of the 
heating element and heat loss to the environment. Some soldering irons have 
temperature controls which allow the user to set a desired operating temperature 
for the soldering iron. This is useful if the soldering iron is being used for 
different types of solders which have different melting points or if the soldering 
iron is being used for other purposes such as heating heatshrink. It also 
introduces a problem if the user does not set an appropriate temperature for the 
work, solder can be overheated and decompose. Hotter is not better! A 
temperature of around 320 °C works well for 60/40 leaded solder. Some 
temperature controlled soldering irons use interchangeable tips to change the 


temperature at which they operate. 


A range of electric soldering irons Choose an iron appropriate 


for your task! 





Figure 6 — Types of soldering irons 
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Adjustable temperature soldering stations Different tips set the temperature 


for this station 





Figure 7 — Types of soldering stations 
5.1 Tips 


Heat is transferred from the tip of the soldering iron to the joint by thermal 
conduction enabled by metal to metal contact between the tip and joint. The tips 
of soldering irons come in various shapes and sizes to enable the best contact to 
be made. Most tips are either conical or chisel shapes. The shape is largely a 
personal preference and you can use whichever type works best for you. The size 
of the tip should be selected to allow the tip to be placed against the joint being 
soldered without interfering with adjacent parts. The tip should be large enough 
to conduct sufficient heat into the joint to allow the solder to melt and flow 
properly. The choice of tip size is not a precise calculation and a “normal” size 


tip will work for most joints on a PCB. 
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5.2 Tip Contamination and Cleaning 


The thermal conduction from the tip to the joint may be inhibited by 
contamination on the tip. This contamination can be formed by burnt solder flux 
or oxidized solder. To make best thermal contact the tip should be cleaned using 
a tip cleaner(!). Two types are a wet sponge or a brass wire wool. The wet sponge 
removes the contaminated material when the tip is wiped across it, the water in 
the sponge cools the solder and the mechanical abrasion removes the 
contamination leaving a thin coating of clean solder on the tip. This method can 
cause the tip temperature to dip momentarily. The brass wire wool type removes 
the contamination by mechanical abrasion and bonding contaminated solder to 
the brass. The tip is pushed into the brass wool and when it is withdrawn the tip 
is clean with a thin coating of solder. You must not “wipe” the tip on the brass 
wool type because the springiness of the brass wool may flick molten solder 
which may cause burns to people or objects. You should never “flick” excess 


solder from the soldering iron as this may also cause burns or damage. 


Tip contaminated with old solder and Brass wool type tip cleaner 


burnt flux 





Figure 8 — Dirty tip and brass wool cleaner 
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6 Ovens and Hot Plates 


For surface mount soldering the heat is usually applied to the whole PCB and all 
components soldered at the same time. For commercial work this is done in large 
ovens, often with conveyors to move the boards through the oven. For small 
scale work simple infrared ovens are available. Another technique uses a 
hotplate. The same considerations for temperature apply, although because the 
heat source does not come into contact with the solder or flux, contamination is 
less likely. Time and temperature are considerations with these methods as the 
components are exposed to the high temperature for the period required for the 


solder paste to melt and flow. 


Infrared oven for surface mount Hotplate for surface mount soldering 


soldering 





Figure 9 — Oven and hot plate used for surface mount soldering 


Index Ovens and Hot Plates RN 








Soldering 2016 


11 


7 Desoldering 


If a part that has been soldered needs to be replaced it needs to be “de-soldered”’. 
Depending on the part and type of joint it may be possible to simply re-melt the 
solder and remove the part, or it may be necessary to remove the solder from the 
joint so the part can be freed. Some methods for removing solder are solder wick, 
solder sucker or de-soldering tool. Solder wick is a copper braid which is applied 
to the joint and heated with a soldering iron. As the solder in the joint is melted 
it is drawn into the solder wick like a sponge and is removed from the joint. A 
solder sucker is a spring loaded syringe or rubber bulb. The tip of the solder 
sucker is placed near the joint as the joint is melted by a soldering iron. When 
the sucker is operated a vacuum is created which draws the molten solder from 
the joint into the body of the sucker. A de-soldering tool is a type of soldering 
iron with a hollow tip and is connected to a pump or vacuum source. The tip of 
the de-soldering tool is placed onto the joint, typically over a component lead, 
and once the solder has melted the pump is operated to draw the molten solder 


away. 


Solder wick, syringe type sucker, Hot tweezers or Hot air nozzle are 


vacuum de-soldering tool options for SMDs 





Figure 10 — Desoldering tools and tweezers for surface mount devices 
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8 Hazards involved in soldering 
8.1 Heat 


Although solder has a relatively low melting point this temperature is more than 
high enough to cause serious burns to people or objects. It is important to hold 
the soldering iron only by the insulated handle, never touch the heating element 
or tip when the soldering iron is on. The soldering iron will remain hot for some 
time after it is turned off so always check that it has cooled down before touching 
it, e.g. if changing the tip. When you are not soldering always keep the soldering 
iron in a proper holder so that you don’t touch it accidently and it doesn’t heat 
or burn other objects such as the benchtop. Don’t hold parts being soldered with 
your hands as these will also be heated when being soldered. Don’t flick molten 


solder from the soldering iron or wipe the tip on brass wool type tip cleaners. 


If using a hot plate for surface mount soldering do not touch the hot plate. Use 
utensils such as pliers to place and remove PCB’s from the hotplate. If using hot 
air tools for soldering, de-soldering or rework, do not direct the hot air stream 
onto yourself or other people. If using an oven allow the PCB to cool before 
handling or use utensils. Don’t place hot PCB’s on temperature sensitive 


surfaces. 


If burns occur they should be treated by holding under cold running water for 
several minutes and assistance sought if burns are severe. Incidents should be 


reported. 
8.2 Toxic materials 


Leaded solder contains lead which is a harmful material. Use of this type of 
solder will probably involve handling it and your skin may become contaminated 
by it. Although it is unlikely that the lead can be absorbed directly through your 
skin it may be ingested indirectly if it is transferred by handling food whilst your 
skin is contaminated. Always wash your hands thoroughly before eating or 


handling food. 


Solder flux creates fumes when heated during soldering which may be harmful 


if inhaled. Use a fume extractor to avoid inhaling fumes. 
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8.3 Spattering 


Solder and flux can spit or spatter when heated. Always wear eye protection 


(safety glasses) when soldering. 
8.4 Electrical Safety 


Electric soldering irons are plugin appliances and must have a current safety test 
tag. The test will confirm that the soldering iron conforms to electrical safety 
standards and has not been damaged at the time of the test. Before use you should 
visually check that the soldering iron does not have damage such as melted 
insulation on the lead, broken or cracked handle or exposed conductors. Don’t 


use damaged equipment and report the damage. 


For electrical safety the exposed metal parts such as the tip and heating element 
are earthed. Don’t solder on any live equipment as contact with the earthed tip 


may cause damage to the equipment or soldering iron. 
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SMD Solde 


Information & Instructions 





This is a walkthrough of a SMD Soldering Workshop. The following information 
and instructions can be used as a simple method for soldering SMD 
components. The recipient of this information should acknowledge the danger 
of soldering (written on the back page of this pamphiet) before attempting to solder. 


Recommended Tools: 
¢ Soldering Iron 
Solder 

¢ Tweezers 

¢ Solder Wick 

e Flux Pen 
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@) Add solder to one pad. GB) Align the component while connection is still molten. 





While that pad is molten, slide the component into place. Do not push down Once you have good alignment, continue to hold the component in place, 
from the top - slide the component into the blob of solder horizontally. and remove your iron. Continue to hold component for 1-2 seconds while 
the solder joint solidifies. 





Page 2 Page 3 


From above, the alignment looked good. From the side, you can see the @ If alignment is not good, do not solder more than 1 pad! Re-heat the joint, 
rear pad is hovering slightly above the PCB. This can lead to problems re-adjust component until aligned correctly, then move on to soldering 
on multi-pin components (open connections). Be sure the component is other connections. 

flush up against the PCB before soldering more connections. Re-grip the 
component, re-heat pad 1 and push the component flush against the PCB. 





This is how a tantalum capacitor should look after making both solder (8) This is bad. It would be nearly impossible to finish the connections on 
connections. this part. Make sure you have the component flush against the PCB. 
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If you solder multiple pins together, don’t worry about it! It can be easily 
fixed. Do not worry about jumpers! There are actually three pins under 
that blob. 





Pull out some solder wick. Put a small amount of solder on the end of your 
iron (this will transfer heat from iron to wick to the jumper). Sandwich 
the wick in between the iron and the solder jumper. 
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Hold still for 2-3 seconds. You will see solder start to flow up the wick. 
Once the excess solder has flowed into the wick, carefully lift up the wick 
and your iron in one fluid motion. 


] 





Nice and clean! 
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3) Bad bad bad. There was not enough solder for the connection on the left. 
Middle pin is lacking solder and should have been heated for longer. Right 
pin has had solder applied by an iron rather than applied to two metal TIPS & TRICKS 


contacts (the board and the pin). 
, A Solder flows smooth all the way to the bottom. 


& B Error: Solder balls up on top of pad, not connecting pin to pad. 








Solution: Flux then wick. If you wick too much add solder. 





Cc Error: Too little solder makes for weak connection. 
Solution: Flux then add solder. 








D Error: Bad Connection... and ugly... oh so ugly. 
Solution: Flux then add solder. 





@ Good Solder @Bad Solder CPeg @ Board 


a> a>. aa. 
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Safety Issues 


Soldering 

The tip of the iron is normally 700 °F, hot enough to melt metal. It is normal for 
the handle of the soldering iron to heat up a bit. Hold it like a pencil and move 
your hand further away from the tip if the heat is uncomfortable. The solder 
smokes because the rosin inside the solder is burning off - it’s not harmful. 


daaienicon EZ, ase 


© SparkFun Electronics, Inc. All Rights Reserved. All other trademarks contained herein are the property of their respective 
owners. 
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The two key parts of soldering are good heat distribution and 
cleanliness of the soldering surface and component. With practice, 
you'll become comfortable and experienced with the process. 
In this primer, I'll explain how to solder a component onto a printed 
circuit board (PCB). I'll also provide desoldering tips and show you how to 
remove a surface-mount component from a printed circuit board using a 
Chip Quik kit. And I'll show you how to remove a component by removing the 
solder in a way that won't damage the components or the circuit board. 


Photography by Joe Grand 


Reprinted with permission from Hardware Hacking, copyright 2004, Syngress Publishing, ISBN: 1-932266-83-6, pp. 34-40. 
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OVERVIEW 


Tools of the Trade 


Soldering iron You could pay 

as little as $10 or as much as 
$1,000 for a soldering iron. 

| recommend a fine-tip, 700°F, 
50W soldering stick iron. 

A good general-purpose iron 
for hardware hacking is the 
Weller W60P Controlled-Output 
Soldering Iron, which sells 

for under $70. 


Solder Should be thin gauge 
(0.032" or 0.025" diameter) 
60/40 rosin core. 


Desoldering tool (aka solder 
sucker) A manual vacuum 
device that pulls up hot solder, 
useful for removing compo- 
nents from circuit boards. | like 
the one RadioShack sells (#64- 
2098, $10). 


IC extraction tool Helps 

lift integrated circuits from 
the board during removal/ 
desoldering. 


Desoldering Tips 


Chip Quik SMD Removal Kit 
Allows you to remove surface 
mount components quickly and 
easily. Chipquik.com offers the 
kit for $16. 


Sandpaper A very fine-grit 
sandpaper is useful for remov- 
ing oxidation from component 
and circuit board surfaces. 


Desoldering braid Woven 
metal material used to wick 
up melted solder. 


Small, flat-tip screwdriver 
Comes in handy for removing 
some types of components. 


Needlenose pliers, wire cutters, 
and vise These common tools 
will make your job easier. 


FOR STANDARD THROUGH-HOLE COMPONENTS 


» First grasp the component with a pair of needlenose pliers. 
Heat the pad beneath the lead you intend to extract and pull 
gently. The lead should come out. Repeat for the other lead. 

» If solder fills in behind the lead as you extract it, use a spring- 
loaded solder sucker to remove the excess solder. 


FOR THROUGH-HOLE ICs OR MULTI-PIN PARTS 

» Use a solder sucker or desoldering braid to remove excess 
from the hole before attempting to extract the part. 

» You can use a small, flat-tip screwdriver or IC extraction tool 
to help loosen the device from the holes. 

» Be careful to not overheat components, since they can become 
damaged and may fail during operation. 


TOOLS AND TIPS 


The Chip Quik SMD Removal Kit 


The Chip Quik SMD Removal 
Kit allows you to quickly 

and easily remove surface- 
mount components such 

as PLCC, SOIC, TSOP, QFP, 
and discrete packages. The 
main component of the kit 

is a low-melting-temperature 
solder (requiring less than 
300°F) that reduces the 
overall melting temperature 
of the solder on the SMD 
pads. Essentially, this enables 
you to just lift the part right 
off the PCB. 


INCLUDES 

» Alcohol pads for 
cleaning the circuit board 
after device removal 

» A special low-melting- 
temperature alloy 

» Standard no-clean flux 

» Application syringe 


BEFORE YOU START 


Resistor 
o—— 


INSPECT 
CIRCLED 
AREAS 


Printed 
circuit 
board 








Joe Grand is the president of Grand Idea Studio, Inc. (oe@grandideastudio.com), a product-development and intellectual-property licensing firm. He 
specializes in embedded system design, computer security research, and inventing new concepts and technologies. He is also a host on The Discovery 


Channel's Prototype This. 
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me SOLDERING 


BEFORE YOU START 


Inspect the leads or pins for oxidation. If the metal 
surface is dull, sand with fine sandpaper until shiny. 

In addition, use the sandpaper to clean the oxidation 
and excess solder from the soldering iron tip to ensure 


maximum heat transfer. 


This simple example shows the step-by-step process 
to solder a through-hole component to a printed circuit 
board (PCB). | used a piece of prototype PCB and 


a single resistor. 


1. Bend and insert the component leads 
into the desired holes on the PCB. Flip 
the board to the other side. Slightly bend 
the lead you'll be soldering to prevent 
the component from falling out when the 
board is turned upside down. 


2. To begin the actual soldering process, 
allow the tip of your iron to contact both 
the component lead and the pad on the 
circuit board for about 1 second before 
feeding solder to the connection. This will 
allow the surface to become hot enough 
for solder to flow smoothly. 


3. Next, apply solder sparingly and hold 
the iron in place until solder has evenly 
coated the surface. Ensure that the solder 
flows all around the 2 pieces (component 
lead and PCB pad) that you're fastening 
together. 





SOLDERING A RESISTOR TO A CIRCUIT BOARD 


‘ 


Don't put solder directly onto the hot 
iron tip before it has made contact with 
the lead or pad; doing so can cause a cold- 
solder joint (a common mistake that can 
prevent your hack from working properly). 
Soldering is a function of heat, and if the 
pieces aren't heated uniformly, solder 
may not spread as desired. A cold-solder 
joint will loosen over time and can build 
up corrosion. 


4. When it appears that the solder has 
flowed properly, remove the iron from the 
area and wait a few seconds for the solder 
to cool and harden. Do not attempt to 
move the component during this time. 
The solder joint should appear smooth 
and shiny, resembling the image above. 
If your solder joint has a dull finish, reheat 
the connection and add more solder. 


l 
A DANGER: It’s important to consider safety I 
precautions. Improper handling of the soldering iron I 
can lead to burns or other physical injuries. Wear safety I 
goggles and other protective clothing when working I 
with solder tools. With temperatures hovering around y 
700°F, the tip of the soldering iron, molten solder, and 
I 
I 
I 
I 
I 
I 





flux can quickly sear through clothing and skin. Keep 
all soldering equipment away from flammable materials 
and objects. Be sure to turn off the iron when it’s not 
in use and store it properly in its stand. 





5. Once the solder joint is in place, snip 
the lead to the desired length. Usually, 
you'll simply cut the remaining portion 

of the lead that isn't part of the actual 
solder joint. This prevents any risk of short 
circuits between leftover component leads 
on the board. 


6. Here's a completed soldering example. 
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DESOLDERING 


SMD REMOVAL WITH CHIP QUIK 





BEFORE YOU START 


Use a rubbing alcohol pad to remove any residue from 
the solder pads. Verify that the solder pads are clean 
and free of cuts or solder jumps before proceeding. 
Desoldering, or removing a soldered component from a 


circuit board, is typically trickier than soldering because 
you can easily damage the device, the circuit board, or 
surrounding components. For surface mount devices 
(SMDs) with more than a few pins, the easiest method 
to remove the part is the Chip Quik SMD Removal Kit, 


as shown in the following step-by-step example. 


1. The first step is to assemble the syringe, 
which contains the no-clean flux. Simply 
insert the plunger into the syringe and 
push down to dispense the compound. 
The flux should be applied evenly across all 
the pins on the package you'll be remov- 
ing. (Flux is a chemical compound used 

to assist in the soldering or removal of 
electronic components or other metals.) 


2. Once the flux is evenly spread over the 
pins of the target device, the next step is 
to apply the special Chip Quik alloy to 
the device. This step is just like soldering: 
apply heat to the pins of the device and 
the alloy at the same time. The alloy has 
a melting point of approximately 300°F, 
which is quite low. You shouldn't have to 
heat the alloy with the soldering iron for 
very long before it begins to melt. The 
molten alloy should flow around and under 





the device pins. Starting at one end of the 
device, simply heat and apply the alloy. 
Repeat for the other side(s) of the device. 


3. Flux will help ensure a nice flow of the 
alloy onto the device pins. Make sure 

the alloy has come in contact with every 
single pin by gently moving the soldering 
iron around the edges of the device. Avoid 
touching nearby components on the PCB 
with the soldering iron. 


4. Now that the alloy has been properly 
applied to all pins of the device, it’s time to 
remove the device from the board. After 
making sure that the alloy is still molten by 
reheating all of it with the soldering iron, 
gently slide the component off the board. 
You can use a small, jeweler’s flat-tip 
screwdriver to help with the task. If the 
device is stuck, reheat the alloy and wiggle 


PLEASE READ through this example completely before 
attempting SMD removal on an actual device. When removing 
the device, be careful not to scratch or damage any of the 
surrounding components or pull up any PCB traces. 


THREE PRIMARY FUNCTIONS OF FLUX 

» Cleans metal surfaces to assist the flow of filler metals (solder) 
over base metals (device pins). 

» Assists with heat transfer from heat source (soldering iron) 
to metal surface (device pins). 

» Helps in the removal of surface metal oxides (created by 
oxygen in the air when the metal reaches high temperatures). 
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the part back and forth to help the alloy 
flow underneath the pads of the device 
and loosen the connections. 


5. The final step in the desoldering process 
is to clean the circuit board. This step 
is important because it will remove any 
impurities left behind from the Chip Quik 
kit and get you ready for the next step. 
First, use the soldering iron to remove 
any stray alloy left on the device pads or 
anywhere else on the circuit board. Next, 
apply a thin, even layer of flux to all of the 
pads that the device was just soldered 
to. Use the included alcohol swab or a 
flux-remover spray to remove the flux and 
clean the area. 


6. The desoldering process is now com- 
plete. The surface-mount device has been 
removed and the circuit board cleaned. 
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Introduction 


We're surrounded by electronics these days. Did you ever wonder how it all worked? Do you know just 
enough about electricity to be dangerous? Would you like to learn more? Then this book is for you. 

There are many excellent textbooks on how electricity works. This is not one of them. This book 
helps you get started learning about electricity and electronics by showing you how to set up your own 
electronics laboratory. You might have guessed that from the title. 

Along the way, several simple exercises are presented to show you some basic concepts about 
how electricity works in the real world—not just in a lecture hall. By the time you get done reading this 
short book, you'll have a good idea of where to begin and what kinds of tools and components you might 
need, and you'll have some excellent advice about how to keep it all organized. 

Once you’ve got your own space set up to perform your electronic experiments, the sky is the 
limit. 

Here’s what you have to look forward to in this book, one chapter at a time. 


Chapter 1: Planning Your Electronics Workshop 


Your very own electronics laboratory is a great place to build, repair, invent, and learn more about 
electronics. We seem to be surrounded by electronics more and more every day. We can easily become 
dependent upon them, without even understanding how they work. Having your own electronics lab 
can help you gain some control over your electronic minions. Here you can learn about their inner 
mysteries, including how to repair them when possible or, better yet, improve them with your own 
custom modifications. You can also turn your own ideas into reality by building electronic circuits from 
scratch. 

What will you need to plan your lab? What if you already have a basic understanding of 
electronics and the beginnings of a workshop at your disposal? This chapter helps get you going in the 
right direction. 


Chapter 2: Building Your Tool Chest 


You're going to need some tools in your lab, as well as the skills to use them effectively. This chapter will 
get you started. 

If you're starting from scratch, don’t worry. There’s not a whole lot you absolutely must have to 
get started. Some basic hand tools and a place to keep them organized is all you will need. You don’t 
even have to spend a lot of money at first. As you progress in your hobby, you will most likely want to 
add to your tool chest and upgrade some of those tools. Electronics can be the perfect hobby because it 
can take up (1) all your spare time and (2) all your discretionary income. What more could you ask for? 


INTRODUCTION 


Chapter 3: Components 


You're going to need some components to play with, as well as the knowledge to use them effectively. 
This chapter will introduce you to some of the bits and pieces that make up modern electric and 
electronic circuits. You’ll also learn a little bit about how to identify components from their appearance 
and markings, when available. 

Once you've got an idea about what these parts do in a circuit, you’ll learn a little more about 
how to measure their electrical properties and put them to use. You'll also be shown what not to do, in 
some select examples. 


Chapter 4: A Portable Mini-Lab 


Having a portable (or at least (transportable) electronics lab comes in handy in several circumstances. 
Maybe you don’t have a place (yet) for a permanent home for all that equipment. Maybe you need to 
bounce at a moment’s notice, heading off on electronic adventures at the drop of a hat. Or maybe you 
like to keep everything where you can find it in a hurry, without having to rummage through shelves and 
boxes, looking for just the right tool or component. 

Whatever your motivation for wanting a portable lab at your disposal, this chapter should help 
you get started. 


Chapter 5: The Cozy Corner Lab 


You don’t need an entire garage or extra office for a functional laboratory for your electronic endeavors. 
It’s certainly nice if these areas are available to you, but you might be surprised at how much you can do 
in just a small space, if you set it up properly and maintain it with determination. 


Chapter 6: The Small Group Lab and Classroom 


The first part of this book deals with how to get along with electrons and make them do your bidding. In 
this chapter, you’ll explore a completely different topic: other people, and how to get along with them. 

You might not ever figure out how to get them to do your bidding, but at least you can keep 
them from stealing your tools. Maybe. 


Appendix A: Getting Started with Tool Building 


Once you’ve become comfortable in your lab and had time to play with a few circuits, you might start to 
notice that some of the “tools” you’ve been using are just simple electronic circuits themselves. Good 
examples are power supplies and meters. These are great tool-building projects because you can see 
useful results early. 

This appendix takes a look at building a couple of simple electronic tools that might be of use in 
your lab. Hopefully you will develop a better understanding of how these tools work. Ideally, you will 
progress from the basic question of “Does it work?” to the more involved questions of “How well does it 
work and what can I do to improve it?” 





CHAPTER 1 


Planning Your Electronics 
Workshop 





Are you interested in electronics? Would you like to set up your own “electro lab” to conduct amazing 
experiments, build crazy gizmos, and repair or modify your existing electronics? Then this book is for 
you! 

Your very own electronics laboratory is a great place to build, repair, invent, and learn more about 
electronics. We seem to be surrounded by electronics more and more every day. We can easily become 
dependent upon them, without even understanding how they work. Having your own electronics lab 
can help you gain some control over your electronic minions. Here you can learn about their inner 
mysteries, including how to repair them when possible or, better yet, improve them with your own 
custom modifications. You can also turn your own ideas into reality by building electronic circuits from 
scratch. 

What will you need to plan your lab? What if you already have a basic understanding of electronics 
and the beginnings of a workshop at your disposal? This chapter helps get you going in the right 
direction. 


What to Expect 


This book can’t teach you everything about electronics, and it doesn’t try. That would take several 
lifetimes. What it can do is introduce you to the tools and the skills you will need to set up your own 
electronics lab. This will include a very basic introduction to electricity, a little bit of theory, some safety 
tips, and a whole lot of example projects. It’s a great starting place. Where it will lead you is mostly 
determined by you and what you’re wanting to do with electronics. 

If you're already familiar with electricity and electronic concepts, there is still plenty of fun and 
interesting stuff waiting for you to explore. The field of electronics itself is constantly expanding. From 
the time this book was written to the time that you’ve finished reading this sentence, many advances will 
have occurred in both our understanding of electronics as well as the development of new applications 
and electronic devices. This is one of the many things that makes the study of electronics so interesting 
and exciting. 

Every lab is different. Your lab will reflect not only your immediate electronics goals but also your 
personality. Feel free to pick and choose from all the ideas presented in this book and add in some of 
your own. The repair shop and the design studio are necessarily going to be arranged differently. There 
really is no right or wrong way to go. 

Even the best laid plans, so the saying goes, end up somewhere unexpected. When planning your 
electronics lab for the first time, or for the tenth time, keep in mind that your interests, resources, and 
reasons for wanting to work on electronics are going to change over time. Please feel free to reinvent 
yourself and your lab as conditions permit. You might also be forced to reconsider your priorities when 
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other factors in your life exert themselves. That being said, stay tuned for “A Cautionary Tale” at the end 
of this chapter. 

Some configurations are more appropriate for certain endeavors, and nothing replaces the right tool 
for the job. This book should at least give you an idea of what is involved and get you pointed down the 
right road. 


It Starts with a Plan 


Most of the decisions you'll make when planning your laboratory will depend on what you're interested 
in doing there. Having a good plan at the beginning is like having a clear map when taking a long 
journey. It helps you from getting lost and also is handy for figuring out when you've arrived. 





Note If you fail to plan, you plan to fail. 





Remember, at this point in the game, you don’t have to make any final decisions about what you 
want to be able to do in your lab. This book is all about illustrating possibilities and giving you the 
information and advice necessary to branch out into the areas that hold the most interest for you. 


A Broad Outline 


Here’s what you need to get started: a little time, a small amount of space, some basic tools, and a few 
components. Those are the boring parts. The fun stuff includes your ideas, goals, and inspiration. 
Combine all that with some fundamental information about how electricity and electronics work, and 
you re in business. 


A Little Time 


Like any good hobby, setting up your electronics lab and conducting experiments there is going to take 
up some of your time. For some, this is the main reason for getting started in electronics and building a 
lab: a place to escape, unwind, and tinker with ideas, prototypes, and complex systems. Maybe it’s your 
job. Maybe it’s your passion. Perhaps it’s a bit of both. 

You're going to need time to plan and build your lab. This book will spell out several specific 
arrangements for various-sized labs, but they are just examples and not hard-and-fast rules. More time 
will be required for obtaining the proper tools and materials that you will use there. Time will be spent 
not only doing things in your lab, but also in just thinking about doing things in your lab. For example, 
you might build a clever little gizmo that ought to do a simple task, only to find out that it refuses to 
work. You might need to spend a little bit of time thinking of ways of testing it to find out where the 
problem lies. This is sometimes called troubleshooting or debugging. 

This is the basis of the scientific method. To help understand how something works, you first form a 
theory that would explain its behavior. Next you prepare one or more experiments that will demonstrate 
the accuracy of your theory. The experiments are conducted and their results are analyzed. If the results 
are in agreement with your theory’s predictions, then your theory is more than likely correct. If not, you 
may need to modify or extend your theory to accommodate the behavior observed. All of these things 
take time, which helps explain why we don’t have jet packs or time machines yet. 
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A Little Space 


You don’t have to start out with a cavernous underground bunker for your electronics lab. If you already 
have one, that’s great. You might have an extra classroom available, some unused warehouse space, or 
an empty bench in a garage. 

Then again, you might only have a corner of the dining-room table, and then only between 
mealtimes. That’s plenty of room when you're just getting started! Once you learn more about 
electronics, and especially when you learn more about what it is that you want to do with electronics, 
then you can start looking for a more permanent home for your toys, tools, and spare parts. 

The main points that will be stressed throughout this book when planning and working in your 
space are safety, good lighting, and organization, in that order. 


e Your lab needs to be relatively safe for you, and very safe for your visitors and 
neighbors. The “Go Away!” sign on the door does not guarantee that you will be 
free from curious visitors, pesky and otherwise. People are naturally attracted to 
the creative and mysterious activities going on in your lab. 


e Be prepared to buy, build, or borrow more lighting, because you're going to need 
it. Proper lighting improves the quality of your doodlings and tinkering 
enormously. You might think you already have enough light, and unless you were 
a photographer in a previous life, you don’t. (Photographers understand that you 
can never have too much light.) 


e An organized lab is a productive lab. Don’t waste time looking for parts or tools 
when it would have only taken mere moments to put them in their proper places 
in the first place. A place for everything, and everything in its place. You get to 
decide where all these tools and bits get to live, so spend some time and do it 
wisely. 


These three tenets will be repeated throughout the book, so you might as well get used to hearing 
about them. 


Basic Tools 


You really don’t need a lot of tools to get started. There is a tendency to want to be a bit overprepared 
before tackling any new project, but it really isn’t necessary when it comes to planning and building a 
new electronics lab. This is also true when sorting out a lab that’s gone badly out of control. 

You're going to be working with wire quite often. Claude Debussy has been quoted as saying that 
music is the space between the notes. It’s the connections between the various electronic components 
that make the magic happen in an electronic circuit, in the same way that it’s the relationships between 
people that make their lives so interesting. 

The connections between all the various imaginable electronic components almost always start out 
as bits of wire. These connections can then be optimized into copper traces etched on a printed circuit 
board or even as metallization links in an integrated circuit. You’re going to be working with a lot of 
wires in this hobby, and that usually boils down to two basic hand tools: wire cutters and wire strippers. 

A wire cutter does what it says and says what it does: it cuts wire. A wire stripper is a more 
specialized tool that helps remove the outer layer of insulation from a wire. Ever more specialized 
versions of both tools abound. Some tools aim to perform both tasks at once, while never perfecting the 
art of either. 

Resist the temptation to use your teeth for cutting and stripping wire. If you’re caught in a situation 
without proper tools, use your fingernails. They grow back faster than teeth. 
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Tip Use the right tool for the job. Knowing which tool is the right tool is half the battle. 





If you're performing detailed work on smaller circuits, you might benefit from having some small 
needle-nosed pliers, a small vise, clip, or helping-hands jig, and possibly a magnifying glass. 

A popular and handy skill in the electronic arena is soldering. Soldering is the process of making 
electrical and mechanical connections. This is done by heating the items to be joined together and 
adding solder. The solder melts and fills in all the gaps between the items being joined. Once cooled, the 
solder forms a solid, conductive link. 





Note Soldering is similar to welding, with the exception that welding actually melts the parts being joined. 





A suitably sized soldering iron and the right kind of solder are indispensible for many projects, 
including repair, prototyping, and production. Picking up the skill to make quality connections is 
obtained in the same way as all worthwhile skills: with lots of practice. 

Besides these basic fabrication tools, you will also want some test and measurement equipment. 
These are devices used to measure various aspects of electrical circuit behavior. These range from the 
very simple, such as voltage meters, current meters, and continuity testers, to the very exotic (and 
sometimes expensive), which include oscilloscopes and various logic, network, and signal analyzers. See 
the Appendix for information about building your own simple test equipment for your lab. 

This is just a quick summary of the kinds of tools you might want in your electronics lab. Chapter 2 
goes into much more detail about the tools you will probably need or want in your lab, as well as the 
skills needed to operate them safely and effectively. 


Fundamental Components 


As mentioned in the previous section, you’re more than likely going to be wiring up various contraptions 
and rewiring others. This is probably going to involve a lot of wire. 

For small voltages and currents, small-gauge insulated copper wire is often used. It’s easy to handle, 
cut, and splice. This can be done with mechanical connectors such as wire-nuts or screw terminals, as 
well as with soldering. 

Back in the day when computers were all connected using fat cables, lots of tiny wires were bundled 
up into cables and snaked all over a typical desktop computer installation. With the increasing 
popularity of wireless devices, those fat, juicy cables are lying around, discarded, unwanted, and just 
waiting to be harvested for their valuable conductors. You can also buy various kinds of wire in all colors 
and sizes from most hardware stores and from online suppliers. 

Now consider the types of projects you'll be working on: 


e Ifyou’re most interested in building your own lighting, you’re going to want some 
lightbulbs, sockets, and LEDs, or whatever lighting technology appeals most to 
you. Don’t forget that you’re also going to need switches, knobs, dimmers, 
housings, plugs, and more wire. 
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e If you like to work with things that move, you're going to need motors, relays, 
solenoids, servos, and fans. You'll probably be needing some gears, pulleys, 
chains, belts, shafts, and couplings, along with connectors, switches, controllers, 
position sensors, and more wire. 


e Ifyou’re into making lots and lots of sound, you'll be needing speakers, 
headphones, microphones, pickups, transducers, transformers, amplifiers, 
connectors, jacks, plugs, and, you guessed it, more wire. 


e Are computers and digital devices more to your liking? Be thinking about getting 
yourself a wide variety of chips, microcontrollers, software, cables, sockets, 
connectors, and still more wire. 


Now you've got an idea of some of the different components you might want to have on hand, 
depending on what kind of inspiration happens to strike. You’re going to need a place to keep all these 
different parts sorted. This will play a big part in the overall planning phase of your lab. Maybe your old 
fishing tackle box has enough room for your basic hand tools and enough secret compartments to hold 
an interesting variety of components. On the other end of the spectrum, maybe you need to start 
thinking about some industrial-grade shelving units or pallet racks. Now is the time to think about all 
these factors and start making the right kind of plans to help make your lab a successful one. 

Again, this is just a quick summary of some of the types of components you might want to work on 
in your lab. Chapter 3 is going to take you much farther into understanding many of the more common 
electrical and electronic components that you are likely to encounter in your lab. 


Ideas 


Admit it: you’ve already got some ideas for cool projects that you'd like to be working on in your own 
electronics lab. That’s great! You’re well on your way to making those dreams a reality. 

The best possible thing you could do with your ideas is to write them down somewhere. It can be as 
simple as a sketch on a piece of scrap paper or as formal as a complete set of project documentation. The 
important thing is that you actually get the idea across using either words or pictures in a form that you 
will be able to revisit in the future. This will be of immense benefit to you, as well as anyone else that 
might be interested in your ideas. 

It’s also a great idea to keep a log as you work on your projects. That’s the perfect place to jot down 
those ideas as they come popping out of your brain. Be as detailed as you can be. You will thank yourself 
later. 

Even if you don’t already have a backlog of ideas jostling for your attention in the lab, it’s still a good 
idea to keep a log and explore the things that interest you. Leonardo da Vinci kept detailed notebooks on 
almost every possible subject. Anything that interested him got written down, sketched, or diagrammed 
in his notes. Even today, people are still getting inspiration from his doodles (see Figure 1-1). 
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Figure 1-1. Sketches and notes for a “flying machine” by Leonardo da Vinci. Photograph by Arnaud 25 
(public domain), via Wikimedia Commons. 


Writing down your ideas also helps you pick which projects you want to work on first. It just isn’t 
possible to work on all of them at the same time! Narrowing down the list helps get you focused and lets 
you concentrate all of your talents and energies on the most important projects. 

When you're just beginning, the “most important projects” are the ones that provide the most 
positive reinforcement in the shortest amount of time. Plan a few simple, straightforward projects with a 
high probability of success at first. You can become more ambitious and take greater risks when you’ve 
built up a good reserve of self-confidence and techniques. Remember, the only experiments that fail are 
the ones from which you don’t learn anything. Sometimes learning how not to do something is just as 
important as learning how to do it correctly. 


Goals 


The best way to turn great ideas into spectacular projects is to have a plan. Set some achievable goals for 
yourself. When you're first starting, don’t be afraid to take those baby steps. You have to crawl before you 
can teleport. 

Project planning is its own art form, and a dark and mysterious art it can be sometimes. It really 
helps to have clearly defined goals and expectations early in a project. Otherwise, how will you know 
when you're finished? 

Any large, complex problem or project can be broken down into smaller, more manageable 
subprojects. Unfortunately, this can be carried too far. You don’t need to reinvent the wheel every time 
you start a new project. There’s a saying that suggests, “Don’t build anything you can buy.” The 
counterpoint to this wisdom is the equally ancient saying, “Don’t buy what you can build.” You'll have to 
be the judge as to which one applies best to you and your situation. 
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Do you have lots of time and very little money? This is good news! This helps simplify the decision- 
making process enormously. Design and build everything yourself, from scratch. This can include your 
own tools as well as custom-made components. The trick to this approach is not get lost in all the 
inevitable details that will arise. 

No time to spare, but there’s a bit of a budget available? This is likewise good news. With few 
exceptions, there’s someone out there that’s willing to part with just what you need for a reasonable 
price. The trick here is to find them and make that connection. 


Inspiration! 


Remind yourself what your inspiration is. What initially prompted you to start thinking about building 
your own electronics lab? Why did you want to get into electronics as a hobby or a career in the first 
place? Do you even remember? 

It really helps to have a firm grasp on what your underlying motives are (or were) when faced with 
the challenges that regularly present themselves along the way. While it’s true that some things just need 
doing, does it really have to be you that does them? Could you farm out some of the work and still feel a 
sense of satisfaction in the completion of the project? Or do you feel the need to take the do-it-yourself 
mind frame to its utmost limit? 

Whatever your inspiration is, or wherever it came from, do your best to keep it in your sights while 
pursuing your dreams and goals. It makes it that much more satisfying when you eventually attain them. 


How Electricity Works 


There are two ways to go about learning how electricity actually works. The first involves just a whole 
bunch of fascinating theoretical information about atoms, electrons, fairies, and dragons. The second 
way is to just assume that it does indeed work, and spend some time actually putting it to work. 

You don’t need to know everything about electricity to have fun with it. A passing understanding is 
sufficient to get you started. As your technical requirements grow more elaborate, you will find yourself 
going back to revisit some of the basic concepts, until your comprehension is sufficient to carry you 
forward. 


The Theoretical Approach 


The prevailing theories about how electricity works center around the orbits of negatively charged 
subatomic particles called electrons. Electrons are quite small, even when compared to individual atoms. 
Electrons normally whiz around the nucleus of the atom, which is usually made up of other subatomic 
particles called protons and neutrons. The exception is hydrogen, whose most common isotope has only 
a single proton and no neutrons. Protons have a positive electrical charge and neutrons have no 
electrical charge. 

When an atom has a balance of protons and electrons, it is said to be electrically neutral. If an atom 
has more electrons than protons, it has a negative electrical charge. Conversely, if there are more 
protons than electrons, the atom has a positive charge. An atom that has either a positive or negative 
electrical charge is called an ion. 

While flying round and round the nucleus, electrons tend to cluster into well-defined orbits, or 
shells. The innermost shell of an atom can hold as many as 2 electrons. Once this orbit is “full,” up to 8 
more electrons can be accommodated in the next larger shell. The next shell holds up to 18 electrons, 
and the one after that can contain up to 32 electrons. After that, the shells get smaller again, stepping 
back down symmetrically from 18 to 8 to 2. 
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Each unique combination of electrons and protons represents one of the chemically distinct 
elements. Each element has its own particular chemical characteristics, and cannot be further 
subdivided by conventional chemical or mechanical means. Toward the end of the periodic table, which 
arranges all the known elements into meaningful rows and columns, you'll start to find some exceptions 
to the shell symmetry. These heavier elements, however, don’t usually turn up in most electronics labs, 
so we'll not be spending a lot of time there. 

Individual atoms can combine into more complex structures called molecules. One popular 
molecule is water, which is made up of two hydrogen atoms and one oxygen atom. Each of the hydrogen 
atoms has a single electron. The oxygen atom has eight electrons. The first two electrons in the oxygen 
atom occupy the first shell, leaving six electrons in the next outer shell. That leaves two “open” places in 
the second shell, which is where the two electrons from the two hydrogen atoms come into play. The 
electrons are shared by the three atoms, linking them all together and forming a covalent bond. Water 
has vastly different physical properties than either hydrogen or oxygen. 

It’s also possible to bump an electron out of orbit around a nucleus. When this happens, the atom 
becomes an ion and is electrically positive. This makes it especially attractive to any loose electrons that 
happen to be in the vicinity. This is because electrons are negatively charged, and in the case of electrical 
charges, opposites attract. This movement of electrons is how an electric charge flows through a 
substance. 

Some materials are very good at slinging those electrons around, and as such are called good 
conductors of electrical energy. Examples of good conductors are copper and silver. Some materials 
resist the flow of electrical charge, and can be used as insulators. 

An important concept to understand about the flow of electricity is that it is based on the 
movements of tiny, negatively charged particles. This is referred to as the flow of electron current, but this 
term is rarely used. For some reason, the more popular, or conventional, idea of electric current flow is 
from the more positive point to the more negative point in a circuit. This is referred to as conventional 
current and is the standard used throughout this book. 

The fairies and the dragons come into the picture when you start to look any deeper into how the 
building blocks of matter are actually (or allegedly) constituted. The previous quick summary of how 
electricity works covers less than 1 percent of the physics needed to understand even how basic atomic 
principles operate. Even then there are various schools of thought as to how, exactly, all that tiny stuff 
works together to produce rainbows and cousins and moon rocks. A proton, once thought to be an 
indivisible elementary particle, is now thought to be built out of a “down” quark and two “up” quarks. 
There are also “strange” and “charmed” quarks flitting about, along with an entire pantheon of 
mythological particles. Go figure. 

Now all of that fascinating information only scratched the surface of how electricity works. 
Electricity does a lot of work for us. We use it for lighting, heating, motion; just all kinds of things. 
Electronics is where we start to get into some really bizarre physics involving semiconductors, 
transistors, computer chips, and other miracles of the modern age. Explaining even the basic ideas 
about how electronics works is way beyond the scope of this little book. It’s certainly possible to learn 
and understand it, but for the purposes of setting up a lab and building some example projects, we can 
just assume that it does indeed work. We can start from there and have some fun with it. 

If your curious mind just can’t stand not knowing how electronics works, the interwebs are your 
friends, and so are the helpful folks at your local library. 
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A Practical Approach 


An easier way to think about electricity is to skip over why it flows and concentrate on how it flows. 
That’s what we'll be doing in the remainder of this book, for the most part. 





Note Electricity flows in a circle. 





Any continuous flow of electrical current travels in a circle. There are exceptions to this broad 
generalization, but most of the example circuits encountered in this book will have a definite circular 
arrangement, if you know how to look for it. 

Here are some technical terms that will be used throughout this book. You don’t have to memorize 
any of them right now (there will notbe a test), but you should at least take a glance at them so you know 
where to come back when you want to know more. 


Circuit: A circuit is anything that forms a continuous loop or circle. The term 
circuitis formed from the same Latin word that means circle or wheel. 


Amps: The intensity of an electrical current is measured in units called amperes, 
named after André-Marie Ampére. This is usually shortened to amp in popular 
usage. The symbol for amperage in a circuit is J (for intensity), while the unit is 
abbreviated A. For example, you could say that the intensity of the electrical 
current (I) in a circuit was measured to be 3.75A (amperes). Electrical current is 
measured with an ammeter. 


Volts: The voltage in a circuit is the measure of the difference in electrical 
potential, or how much work it could do. The unit of voltage is the volt (V), 
named after Alessandro Volta. This is sometimes referred to as pressure or 
tension. For example, a “high-tension wire” means a high-voltage line, not 
necessarily one that has been pulled really, really tight. Voltage is, not 
surprisingly, measured with a voltmeter. 


Watts: Electrical power is measured in watts (W), named after James Watt. The 
easy way to calculate watts, or the amount of energy that is converted into work 
(either useful or not) is to multiply the voltage across the circuit by the current 
flowing through the circuit. For example, if a 12V battery is connected to a 
lightbulb that draws 2A, the bulb converts the electrical energy into both light 
and heat (mostly heat) to the tune of 24W (12V x 2A = 24W),. 


Ohms: The resistance to the flow of electrical current is measured in ohms, 
named after Georg Ohm. A resistor is a simple electronic component that 
exhibits a fixed resistance to the flow of electrical current. The symbol for 
resistance is R and the unit of measure is the capital Greek letter omega, ©. 
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Safety 


Make no mistake: electricity can kill you. It bears repeating, as well as emphasis. 





Warning Electricity can kill you. 





Working safely with electricity is like working safely with a sharp knife, for example. A good knife is a 
useful tool. Life would be cumbersome and crude (not to mention short) without good tools. However, 
when using any tools it’s important to understand their proper use and operation. The same goes for 
electricity. 

The point here is not to be overdramatic about the dangers of electricity. Billions of people are safely 
and peacefully coexisting with electricity, largely due to wise safety rules and well-designed electrical 
appliances. However, there are three major ways that you can be harmed when working around 
electricity, and it is important that you be aware of them: 


e Your body uses tiny amounts of electricity to send nerve impulses to and from 
your brain. Sending relatively giant shocks of electricity through your body is a 
good way to stop your heart from beating or your lungs from breathing. You need 
to keep doing both of those things, so be careful. 


e Since your body is not a very good conductor of electricity, it converts the 
electrical current into heat, which can produce very damaging burns, both on the 
inside and the outside of your body. 


e Additionally, many electrically related injuries are sustained while trying to get 
away (i.e., your body’s involuntary reflex when exposed to dangerous voltages). 


Yet working safely with electricity is easy. Observe the following rules and you'll be relatively safe, 
both in your lab and outside of it: 


e Always assume a circuit is “live.” Electrical devices can retain lethal voltages even 
when completely disconnected from power. 


e Don’t work with high voltage (more than 36 volts) unless you're specifically 
trained. Reading this book does not mean you're “specifically trained,” even if you 
read it twice. 


e Don’t short-circuit batteries (i.e., deliberately connect the positive and negative 
terminals together). Even very small batteries can hold dangerous amounts of 
power and can produce enough heat to burn you. Even worse, it can start a fire, 
which is yet another unpleasant way to die. 


e Becareful when using metal (conductive) tools around battery terminals so that 
you don’t accidentally short the terminals together or to other circuitry. 


e Don’t assume other people are aware of these dangers. 
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Lighten Up! 


Now it’s time to have a little fun with electricity, don’t you think? While it’s important to keep safety in 
mind, it’s just as important to be curious and willing to try new things. Don’t let the (important) safety 
rules immobilize your creativity. Use these rules, like any tool, to leverage your enjoyment of this fun 
and exciting hobby. 

Let’s start with a simple circuit that is almost guaranteed to lighten things up. Let’s take apart a 
flashlight (or torch for you metric types) and see how it works. 

First, find a typical household flashlight. The flashlight in Figure 1-2 was purchased for $3, and it 
included two new D-cell batteries. Put the batteries in the flashlight and make sure it lights up when you 
turn on the switch. If the bulb is burned out or the batteries are dead, then this experiment is not going 
to be much fun at all. 





Figure 1-2. A typical household flashlight will be the vietim subject of our first electrical experiment. 


Once we’ve established that the flashlight works as intended, we can begin the experiment. 
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DISSECTING A FLASHLIGHT 


We don’t need most of the pieces of the flashlight body. Let’s take it apart and have a look inside. 


1. 


2 
3. 
4 
5 


Open the flashlight be unscrewing the end with the lightbulb in it. 

Remove the batteries. Set them aside for the moment. We’ll use them in a bit. 
Remove the plastic retainer that holds the bulb in the reflector. 

Take out the bulb. 


We'll need to replace the wiring that was contained within the flashlight’s body. 
Find a short piece of wire 8" to 12" long. A specialized jumper wire with alligator 
clips on the end was used in the photos for this exercise, but almost any kind of 
wire will do. See Figure 1-3. 





Figure 1-3. All the pieces you'll need to light up the bulb. 


6. 


If you’re using plain, insulated wire, you’ll need to remove a small bit of it from 
both ends of the wire to expose the conductor, or metal wire part inside. 


This step can be tricky. Try to hold both batteries in one hand, along with the bulb. 
The batteries need to be pointed in the same direction. If this is too hard to do, try 
it with just one battery. 


CHAPTER 1 © PLANNING YOUR ELECTRONICS WORKSHOP 


8. The positive end of the battery has a small cap on it. Touch the bottom point of the 
bulb to the top of the battery. 


9. Now, using your other hand, connect the wire from the bottom of the battery to the 
metal base of the bulb. 


10. The lightbulb should start to glow. See Figure 1-4. 





™ Caution If you have a super-bright bulb, it can get hot. Don’t burn yourself! 








Figure 1-4. The completed circuit, showing the glowing bulb. Electricity is flowing! 


Several important things are going on in this very simple circuit. Electrical current is flowing, producing 
useful work (in this case, light). Can you see the “circle”? When you break the circuit, the bulb stops 
glowing. This is exactly how the switch in the flashlight body works. Peek inside the flashlight and see if 
you can tell how it works. By connecting and disconnecting the wire, you can make the bulb flash. If you 
only use one battery, the bulb turns on, but is not as bright. Why do you think that happens? 
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Environmental Impact 


You affect your environment every day, and your environment affects you, as well. As you learn more 
about electronics and all the interesting and wonderful things it can teach you, be mindful of what kind 
of trail you’ re leaving behind for others to clean up. 

A good way to get a feel for your environmental impact is to take a look at your garbage. It doesn’t 
sound that interesting or fun, but it will teach you a lot about yourself and your habits. What are you 
throwing away? Could you have found either another use for it, or perhaps another home? Is it going to 
be a nuisance to someone else, or even worse, a hazard? 

A good example is the use of “disposable” batteries. We used batteries (technically cells, but that 
distinction will be spelled out in more detail in Chapter 3) in our very first experiment. We buy new 
batteries and plug them into our devices, and when they run out of power we take them out and throw 
them away. Where do they go? How do they then interact with the environment? They don’t just “go 
away.” 

Disposable batteries are very convenient. They are generally inexpensive, compact, self-contained, 
and reliable. This convenience, however, comes with a price all its own. Consider using rechargeable 
batteries whenever possible in your lab. They cost a little more than their disposable counterparts, but 
can easily and cheaply be refilled with electrical goodness over and over again. 

You should also be aware of any hazardous materials that you use or store in your lab. For example, 
lead is a very common material used in many electrical devices, even though its use is being reduced 
worldwide. It is found in older-technology rechargeable batteries, solder, and printed circuit boards. 

Some of the chemicals used to etch printed circuit boards can be dangerous if not used, stored, and 
disposed of properly. Take the time to understand what, exactly, you’re working with when you're 
conducting your experiments in your laboratory. 

Just like the captain of a seagoing vessel, you’re in charge of what happens in your lab. With this 
authority come important responsibilities that rest squarely upon your shoulders. Please take these 
responsibilities seriously. 


Budgeting 


How much is all this stuff going to cost? A lot of it depends on how creative you want to be in stocking 
your lab with tools and parts. 

If your budget is small, then start small. If your budget is nonexistent, then you'll just have to start 
even smaller. You should generally approach acquisitions for your lab under one of these three 
headings: 


e Buying new 
e = Finding used 


e Harvesting or recycling 


Buying New 


Buying everything new is obviously the most expensive approach, at least from the money side of it. 
What a lot of people fail to take into account is that their time is also a very valuable commodity. Try to 
balance the one with the other, as befits your particular situation. 

Except for the folks in the most dreadful of hurries, it always makes sense to shop around for the 
tools, equipment, and components that you are going to need in your lab. You'll find that a lot of 
“professional-grade” equipment carries an enormous price premium compared with “consumer-” or 
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“hobby-grade” alternatives. This is generally to be blamed on the fact that there is a correspondingly 
enormous amount of money to be made in the field of electronics. 

New components are almost always more desirable to use, especially when you're looking at a 
production environment and you need to make sure everything produced is of the highest possible 
quality and reliability. New, unused components are also more appropriate when conducting complex 
experiments, as this helps to reduce, if not eliminate, many variables in the testing and analysis phases. 
You don’t have to worry that someone (probably you) might have “borrowed” some parts for a quick fix 
or some other temporary usage and then surreptitiously replaced them back in inventory, having 
possibly compromised them in some unseen way. 


Finding Used 


A prudent way to fill up a new lab, especially when first starting out, is to look for bargains on used tools 
and components. This is especially true of the fixtures, shelves, cabinets, benches, and other furniture 
that belongs in a lab. 

Tools wear out. Tools are replaced. This is a fact of life when you're in the business of working with 
tools. The good news is that “one man’s trash is another man’s treasure.” If we consider the possibility of 
women participating, we get three more potential combinations, all of which can end up in a win-win 
situation. 

Many used tools can be retrofitted and placed back into service in your lab. On the other hand, there 
are a lot of tools that are simply used up and can not feasibly be brought back into useful service. Either 
their repair is cost prohibitive or they are no longer supported by their original manufacturers. 

Another factor working in favor of the patient and observant collector of discarded tools is the 
inevitable march of progress. What was shiny and top-of-the-line a year ago might be intolerable or 
insufficient next year, from the standpoint of the original purchaser. Many bargain opportunities arise 
from this simple understanding. 

This can sometimes be applied to the purchase of components that have never been used, but have 
been sitting somewhere waiting for their chance. Acommonly used phrase to describe these parts, 
which are often sold at a discount, is new old stock (NOS). Sometimes these parts are sold this way 
because of overstock or because a manufacturing run was cancelled or cut short. 


Harvesting or Recycling 


There’s an absurdly large amount of perfectly good equipment, tooling, fixtures, and components sitting 
out there, looking for a new home. A lot of companies, as well as individuals, either outgrow their 
present fittings or turn toward other interests and endeavors. This can be an excellent opportunity to 
acquire the furnishings you need to populate your lab. 

On the other hand, please don’t go crazy. You don’t have to pick up every discarded appliance or 
chair you see sitting by the roadside. Why pay rent for something you can easily and cheaply obtain 
when you actually need it? Are you really wanting to pay the heating and air-conditioning bill for that 
box full of odd-sized capacitors that are probably past their prime? Don’t fall into the trap of the false 
economy when it comes to bargain-hunting for your lab. The most important ingredient in your lab is 
you. Leave a little room to move around a bit. 

Another factor to keep in mind is shelf life. Not all parts (or tools) last forever, especially when not 
being used. Batteries are the worst. You can prolong the shelf life of nonrechargeable batteries by storing 
them in your refrigerator, as this slows down the electrochemical processes within them that produce 
the electricity. Even solar panels will wear out with either constant use or constant disuse, although this 
can take years to happen. 
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Some Example Workshops 


Here’s a little peek into some actual electronic laboratories, each with its own personality and history. 
Each one grew from something small into something, well, not so small. 


A Fresh Start 


Harold Timmis is an electronic engineer, software developer, and author. His curiosity about how things 
worked started as a small child, which led him from taking apart everything in his parents’ house to 
studying engineering at the Florida Institute of Technology. 

Harold keeps a lab in his home where he can work on gadgets in his spare time. Harold recently 
moved, and used the opportunity to “clean house” and set up everything in his lab exactly the way he 
wanted things. 

He took this photo of his new lab after working on a couple of projects (see Figure 1-5). Note that 
everything is within easy reach when sitting at the desk. It’s still quite tidy, as you can see. 


Figure 1-5. The reorganized home lab of Harold Timmis (photo by Harold Timmis) 
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The Robot Clubhouse 


The Dallas Personal Robotics Group (http: //dprg.org) is the world’s oldest personal robotics group 
known to man. From 2002 to 2009, Mike Dodson of Modern Assemblies donated the use of a portion of 
one of his warehouses to DPRG. This gave DPRG a permanent home for meetings, contests, and social 
gatherings. 

Robot builders enjoyed a spacious and comfortable area for working on robot projects, among other 
pursuits. Over the years, members contributed time, equipment, and lots of hard work to improving the 
space. The photo in Figure 1-6 shows one end of the available space, after an extensive remodeling. 
Several workstations along the wall are in the process of being set up. That good-looking fellow seated at 
the table is the author. 

When Mike retired in 2009, DPRG began a search for another home. 





Figure 1-6. DPRG’s world headquarters from 2002 to 2009 (photo by R. Steve Rainwater) 


A Cautionary Tale 
It’s relatively easy to go from a well-designed and effective lab to something, let’s say, less desirable. This 


doesn’t happen overnight, but it can happen. Let this be a warning to you about how even the best of 
intentions can still produce embarrassing and unproductive confusion (see Figure 1-7). 
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Unfinished projects and leftover parts and tools compete for the limited space available in this 
photo. Not only is a lot of time wasted in searching for both components and tools, but the limited space 
restricts the scale of projects that can be entertained. 

Don’t let this happen to you. 





Figure 1-7. It’s not safe. It’s not pretty. It’s not even properly “eccentric.” You have been warned. 


Summary 


So now you know a little something about electricity and electronics. Hopefully this chapter has covered 
your very basic questions about how all this magic stuff actually works. 

Now you're ready to start poking around some circuits. You’re going to need the right tools for the 
job. Chapter 2 will get you started. You'll learn about some basic hand tools that are very useful in the 
lab, as well as some fairly high-tech machines that you might require in the future. 
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CHAPTER 2 


Building Your Tool Chest 


You're going to need some tools in your lab, as well as the skills to use them effectively. This chapter will 
get you started. If you’re starting from scratch, don’t worry. There’s not a whole lot you absolutely must 
have to get started. Some basic hand tools and a place to keep them organized is all you will need. You 
don’t even have to spend a lot of money at first. As you progress in your hobby, you will most likely want 
to add to your tool chest and upgrade some of those tools. Electronics can be the perfect hobby because 
it can take up (1) all your spare time and (2) all of your discretionary income. What more could you ask? 

The very basic hand tools, such as screwdrivers and tweezers, are mostly self-evident in their usage. 
Try not to poke yourself in the eye. Where some helpful advice is appropriate, it will be given. 

Here’s an excellent example of a simple safety rule that will absolutely improve and extend your life: 
when using any kind of cutting tool, always direct the cutting motion away from yourself. For example, 
you might receive a package in the mail, and get all excited about opening it. You then discover it’s 
sealed up with indestructible packing tape and can’t simply be ripped open with your bare hands. Use a 
small knife or box cutter and make a single cut at a time, starting from the point closest to you on the 
package and cutting outward. Using this method, should the knife slip for any reason, the blade will 
travel away from you. This allows your blood and other bits to stay inside you, where they can do the 
most good. Never cut toward yourself. 

If you've already got some tools (or even a Jot of tools), it never hurts to review their proper usage. 
Also, if you’re suffering from an overabundance of tools, to the point where you can no longer keep them 
organized, this chapter might help you to prioritize them, at least as far as permanent residency in your 
lab is concerned. 





Tip Every tool in your shop must earn its place there. It must deserve to be there. No exceptions. 





The Most Important Tool Ever 


The most important tool you'll ever use is your mind. Every other tool you will ever work with depends 
on the correct and proper functioning of your mind. If you're careful with it, you won’t misplace it, 
neglect it, damage it, or use it for the wrong job. Your mind is a wonderful asset when cared for properly, 
and a terrible liability when ill-treated. 

Your mind is in many ways like a muscle. The more you use it, the stronger it gets. Learning new 
things does not “push out” the old things you’ve already learned. Your brain is capable of forging new 
neural pathways when challenged, and there’s plenty of extra capacity in that old noggin of yours to 
handle whatever may arise. 
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BUILDING YOUR TOOL CHEST 





Tip Try to learn something new every day. 





Take care of that brain of yours. Just like you wouldn’t use a dull drill bit or a rusty saw, don’t try to 
work on electrical or electronic projects when your mind is not in the right place. Ideally, you should 
never try to get any work done in your lab when you are sleepy, distracted, angry, upset, medicated, or 
overly tired. Deal with whatever problems you're facing in a responsible manner and then get back to 
work in the lab. 


Are you sleepy? Take a nap or head off to bed for the night. Really bad mistakes are 
made when the brain does not get enough sleep. Sleep deprivation is notorious for 
being obvious (and obnoxious!) to everyone else except you. “Really bad mistakes” 
made while working with electrical or electronic projects can produce very 
hazardous conditions for you and everyone around you, such as fire, damaged 
equipment, injuries, and even death. 


Are you angry or upset? Then your mind is not going to be adequately focused on 
what you need to do in the lab. “Fools! I’ll destroy them all!” are famous last words 
for a reason. Give yourself some time to calm down from whatever has angered or 
upset you. Also, it’s OK for you to give yourself permission to admit that you are 
angry or upset about something in the first place. Ignoring it probably won’t make 
it go away, and probably won’t make your feelings about it go away, either. Walk 
away, count to ten, or whatever works for you. 


Feeling distracted? Then now is not the time to be conducting electronic 
experiments in the lab. You need to be presentin the lab, both bodily and 
mentally. There are just too many ways to make simple blunders that have far- 
reaching and sometimes overly expensive consequences. 


Have your cognitive functions been compromised? This can happen from taking 
certain medicines or even recreational intoxicants. If the little bottle says, “Don’t 
operate machinery or drive an automobile,” then you probably shouldn’t be 
making important decisions or working with dangerous circuits in your lab, either. 
Wait until you’re clear-headed enough to proceed with your plan for world 
domination, adding blinking eyes to a plush doll, or what have you. 


The worst thing about cognitive impairment is that the first thing that gets impaired is the ability to 
judge the level of your cognitive impairment! 
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Care and Feeding of Your Brain 
Here are a few tips to keep your brain (and the rest of you) in good working order: 


e Stay hydrated. Drink more water than you think you need. This might result in 
more trips to the bathroom, but this is much more desirable than the alternative. 
A good flow of water through your systems helps your body feed and repair itself, 
as well as aiding in the elimination of toxins. Drink more water. 


e Avoid excess consumption of coffee, tea, sodas, and especially “energy” drinks. 
These contain ingredients that stress both your body and your mental capacity. 
They do not contain energy, but trick your body into going into overdrive by 
triggering a stress reaction. 


e Take frequent breaks. Get up and walk around, if possible. Raise your arms over 
your head and hold them there as you count to ten. This redirects blood flow and 
helps restore a balance within your peripherals. 


All Those Other Bits, Too 


Just as your mind is the most important tool you'll ever use, the rest of your bodily bits and personal 
pieces are vital and important in your work in the lab. For the most part, there are no spare parts laying 
around for things like your eyes, your ears, your hands, or your skin. 

Should you wear eye protection in the lab? Yes, you should. Are you always going to do so? Probably 
not. It’s true, it can be inconvenient or perhaps a tad uncomfortable. Consider the cost, however. Even 
the tiniest scratch on your eyeball can take weeks to heal and leave you susceptible to infection or vision 
loss. It’s just not worth it to be lazy. Ask the next one-eyed person you see. If you’re a bit uncomfortable 
asking one-eyed people, “Hey, what’s with the one eye?” then perhaps you can just try to imagine them 
advocating or encouraging you along the same path they took, whether intentionally or accidentally. 
They won't do it. 

Invest in quality eye protection that is comfortable and properly sized for you. Provide eye 
protection for visitors to your lab as well, if they will be present when soldering, welding, machine 
tooling, or wire clipping is being performed. Then invest in the habit of wearing your eye protection 
whenever it is appropriate. 





Note Don’t pretend that your prescription glasses with polycarbonate lenses are “safety glasses.” They aren't. 
They do not protect either your eyes or your face from impact or objects entering from the side, as proper safety 
glasses should. If you usually wear glasses, use safety glasses that comfortably accommodate your glasses when 
worn. 





Will you be working with really loud noises? These could be from powerful audio amplifiers (“it goes 
to 11”) or power tools. Hearing loss from exposure to excessively loud noises is cumulative. This means it 
slowly (or suddenly) chips away at your hearing, bit by bit. Why do you think old people turn up the TV 
so loud? 


21 


CHAPTER 2 © BUILDING YOUR TOOL CHEST 


22 


Hearing protection is both affordable and comfortable. For temporary protection, you can use 
disposable earplugs. If you need protection all day, consider earmuffs designed for hearing protection. 
Don’t let “Hey, y’all, check this out” be the last thing you ever hear. 

It’s hard to work with hand tools with no hands. It’s possible; just really hard. Take care of your 
hands. There are a hundred ways to burn, tear, cut, or otherwise mangle those mitten-fittings of yours. 
Have a variety of work gloves on hand to handle the different needs of your lab. The choice will be 
ultimately determined by the particular hazards present in your lab. Are you working with chemicals as 
well as electronics? How about sharp edges or glassware? Normally, you won’t need to wear gloves for 
soldering small electronics, but if you start working with really large-scale projects, such as sculptures or 
plumbing, you might. 

Make sure you are still “handy” when wearing the proper gloves for the job. Make sure the gloves fit 
you properly and allow you the adequate dexterity you need. 





Tip Be safe. Don’t be lazy. 





Basic Hand Tools 


Assuming that you’re going to start small and build toward bigger things, you should also start small 
with some small hand tools. These tools will make it much easier to work on small parts and wires. 

Good hand tools increase your effective strength and improve the accuracy and precision of your 
motions. They allow you to focus a great deal of your strength on exactly the part that needs it, without 
wasting a lot of effort. Good hand tools also insulate you from sharp, hot, or otherwise unpleasant 
objects when you work on them. 

Take care of your hand tools. Put them up when you're done with them. Make sure they are clean 
and ready to be used again the next time you need them. Few things are more frustrating than 
attempting to start a quick repair job and finding out that you need to spend twice as much time 
preparing your tools for use. 

Have some sort of methodical plan or reasoning involved with the storage of your tools. They need a 
safe and comfortable home, just like you do. You need to be able to find them quickly when you want 
them. Try out different organizational strategies until you find one that works for you and your lab. This 
is an easy task when you have just a few tools to organize. Once you’ve accumulated a large collection of 
hand tools, this is no longer optional. You must know what tools are available and where they are 
located. 

Frequently used tools should be within easy reach of your primary workstation. If your tools need 
any sort of adjustment or setup before use, make sure you’ve got all the proper bits handy. For example, 
a drill press will often have a chuck key used to tighten and loosen the chuck that holds a drill bit in 
place. That key needs to be in the immediate vicinity of the drill press, as well as easy to locate. Don’t 
spend a lot of time needlessly hunting for tools. Decide for yourself on some safe and practical policies 
for where you keep your tools. 





Tip Don’t waste time guessing where your tools are located. Decide where they are located. 
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Just like everything else, hand tools have a limited useful lifetime. While some tools can easily 
outlast you, it’s up to you to keep track of exactly how much utility you can continue to expect from your 
tools. This doesn’t mean that you have to trash your hand tools once they develop some tiny flaw. If it’s 
beyond your capabilities to repair the tool, then consider replacing it and reassigning it to the second 
string or backup tool chest. Having a spare tool, even a slightly imperfect one, on hand when you need it 
can make the difference between success and failure in a project. 

Bear in mind, however, that some tools are simply too dangerous to keep around once they’ve 
outlived their useful life span. A dull cutting tool that cannot be reasonably resharpened is a good 
example of a tool that has lost its honored place among your other tools. Thank it for its service, wipe 
away that little tear, and then figure out a good way to recycle any of its bits that are still functional. 


Wire Cutters and Wire Strippers 


As you might have picked up from Chapter 1, you can spend a lot of time working with wire in this 
hobby. Understanding a little bit about how wire is made and how it functions in a circuit will aid you in 
your experiments. 


How Wire is Made—tThe Very Short Version 


Most wire is made of copper or a copper alloy. Some wire used for electrical wiring in houses is made of 
aluminum. The wire itself starts out as a fairly thick strand and is stretched and pulled—a process called 
drawing—until the desired diameter is obtained. This strand is then wrapped up on spools or bobbins. 


e Some wire is made of a single strand of copper (or aluminum). This is called solid- 
core or single-strand wire. It is a single strand of wire, usually circular in cross- 
section. 


e Multiple, thinner strands of wire are often bundled or twisted together to make 
larger-diameter wire. Stranded wire is much more flexible than solid-core wire, 
but is more expensive to produce because of the extra manufacturing steps 
required. Because stranded wire has a larger surface area per unit of length, it is 
more susceptible to environmental hazards such as corrosion. 


Most electrical wire is covered with an insulating jacket, usually made of plastic or rubber. This 
sheathing must be removed to make electrical connections. There is sometimes more than one layer of 
insulation on a wire, depending on what its final application is destined to be. 

More information about wire as a component will be presented in Chapter 3. For now, the emphasis 
is on the characteristics of wire that help determine the best tools to use when working with wire. 


Selecting the Correct Tool 


Both copper and the aluminum alloys used for electrical wiring are fairly soft metals and can be easily 
cut or formed with simple hand tools. Wire cutters are specialized tools made to make a clean cut 
through the wire’s strand or stands. Wire strippers are another kind of specialized tool used to remove 
the insulation from a wire. 
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Figure 2-1 shows two rows of commonly available wire cutters. 











Figure 2-1. Commonly available wire-cutting tools. The top row shows three styles of diagonal cutters, 
which are the preferred tools for cutting small-gauge copper wire. The bottom row shows some tools that 
offer wire cutting as a secondary facility, and should only be used when proper wire cutters are not 
available. 


The top row of cutting implements in Figure 2-1 are various forms of what are known as diagonal 
cutters, side cutters, or flush cutters. These cutters have beveled cutting edges that meet in the middle of 
the wire being cut. One side of the cutters is flat, or flush, allowing wires to be cut with some precision. 
These are the preferred cutters for small-gauge copper wire, as well as for clipping excess component 
leads from a printed circuit board (PCB). See Figure 2-2. 

Compare the cutting action of the side cutters to the other, less optimized wire cutters in the second 
row of cutters in Figure 2-1. These cutters either use a shearing action to cut the wire or include a flush- 
cutting area as a secondary feature. 
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Figure 2-2. A close-up look at the business end of a pair of side cutters. When the two cutting edges meet in 
the middle, the bottom side is flat, or flush, allowing the user to get quite close to where a wire or 
component lead emerges from a solder joint. 


Use caution when clipping component leads or small wires with any wire cutters. The cut lead can 
easily fly away at sufficient velocity to poke you right in the eye or other sensitive area. If possible, hold 
both ends of a wire being cut or direct the cut leads away from your face. 





Caution Use eye protection when clipping leads. Don’t say you weren’t warned about this hazard. 





Wire Strippers 


Wire strippers are tools that allow you to easily strip the nonconductive insulation from wires. You can 
try chewing it off with your remaining teeth, but this is not recommended. 

Wire strippers usually consist of a pair of hinged blades with some sort of machined notch. The 
notch allows the blades to cut the insulation around the wire without cutting or nicking the underlying 
conductor. A good example is shown in Figure 2-3. 
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Figure 2-3. The popular T-Stripper combination wire cutter and stripper tool from Ideal Industries has 
been around for over half a century. Note the wire gauge sizes stamped into the face of the cutter blade. 
New models feature laser-engraved text. 


The wire strippers in Figure 2-3 can easily strip the insulation from wires with a conductor diameter, 
or gauge, between 16 (0.0508" or 1.291 mm) and 26 (0.0159" or 0.405 mm). The higher-numbered wire 
gauges represent smaller-diameter wires. Once upon a time, the gauge number represented the number 
of drawing operations that were performed on a wire when being manufactured. The more times it was 
drawn through the processing equipment, the thinner the wire became. Today, the wire-manufacturing 
industry in the United States and Canada has adopted the American Wire Gauge standard (AWG). See 
Table 2-1. 


Table 2-1. The AWG. A more complete listing is available at 
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http://en.wikipedia.org/wiki/American_wire_gauge, from which this partial list was obtained. 

































































Diameter Area Pain 
AWG 
ieehaaa mn Q/km | Q/1000 ft 
mQ/m mQ/ft 
0000 (4/0) 0.46 00 | 11.684 107 0.1608 | 0.04901 
000 (3/0) 0.4096 | 10.404 | 85.00.20 28 | 0.06180 
00 (2/0) 0.3648 | 9.266 67.4 0.25 57 | 0.07793 
0 (1/0) 0.3249 | 8.252 53.5 0.32 24 | 0.09827 
10.28 93 | 7.348 42.4 0.40 66 | 0.1239 
20.25 76 | 6.544 33.6 0.51 27 | 0.1563 
3 0.22 94 | 5.827 26.7 0.64 65 | 0.1970 
40.20 43 | 5.189 21.2 0.81 52 | 0.2485 
50.18 19 | 4.621 16.8 1.02 8 0.3133 
60.16 20 | 4.115 13.3 1.29 6 0.3951 
70.14 43 | 3.665 10.5 1.68 4 0.4982 
8 0.12 85 | 3.264 8.37 2.06 1 0.6282 
100.10 19 | 2.588 5.26 3.27 7 0.9989 
12 0.08 08 | 2.053 3.31 5.21 1 1.588 
14 0.06 41 | 1.628 2.08 8.28 6 2.525 
16 0.05 08 | 1.291 1.31 13.1 7 4.016 
18 0.04 03 | 1.024 0.823 20.9 5 6.385 
20 0.03 20 | 0.812 0.518 33.3 1 10.15 
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22 0.02 53 | 0.644 | 0.32654.9 6 16.14 
24 0.02 01 | 0.511 0.205 84.2 2 25.67 
26 0.01 59 | 0.405 | 0.129 133.9 40.81 
28 0.01269.32 1 0.0810 412. 9 64.90 
30 0.01009.25 5 | 0.0509 338. 6 103.2 























We'll return to this table again in Chapter 3 when the electrical properties of wire are discussed. For 
now, note that as the wire gauge number goes up, the wire’s physical diameter goes down. Similarly, as a 
conductor’s physical size goes down, its ability to carry current also goes down, and its electrical 
resistance goes up. 





Note Other standards exist throughout the world. Steel-wire manufacturers use a different scale, as their 
interest is more on the tensile strength of the wire, not its electrical properties. 





Note that the AWG is for single-strand copper wire. Equivalent gauges in stranded wire are 
physically a bit larger, although they have the same effective cross-sectional area and can carry the same 
amount of current. 

When using wire strippers, keep in mind that your goal is to cut and remove only the nonconductive 
insulation from the wire, leaving the internal conductor intact. Even a small nick can result in a weak 
point in the wire, both electrically and mechanically. 


Practice Makes Perfect 


The best way to attain proficiency with a new tool is with practice—lots and lots of practice. This is true 
for working with your hands as well as with that big brain of yours. Ideally, any task worth doing will 
involve at least a little bit of both manual dexterity and focused brain power. 

Cutting and stripping wires is an excellent example. For your first practice assignment, spend some 
time turning long, beautiful lengths of wire into little bits of wire with stripped ends. 
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CUTTING AND STRIPPING WIRE 


For this exercise, you’re going to need the following: 
e Wire cutters 
e Wire strippers 
e Much wire 
e Acomfortable, well-lit location 


Cut the Wire into Segments 


Don’t watch TV or be otherwise distracted. Pay attention to what you are doing. 


Begin by cutting the wire into various-sized segments from 2" to 6" in length. Accuracy in length is not 
critical at this point. You need to get a good feel for your wire cutters and how much force is needed to cut 
the wire, without cutting yourself or others. 


Collect the cut wire segments into a bowl or small container for the next step. 
Strip the Wire Segments 


Using your wire strippers, remove about 1/4" (6 mm) of insulation from both ends of each wire. Try not to 
cut or nick the wire core. The insulation that you remove can either be discarded or collected for use in 
some sort of art or craft project. 


Once you’ve completed the cutting and stripping portion of this exercise, sort the wires according to their 
length, or their color if you used different colors of wire. Compare the quality and consistency of your work 
by looking at the first few wires and the last ones you did. Do you see any improvements in your work? 


If you spend about an hour working on your wire-cutting and wire-stripping technique, you will perhaps 
master a skill that will prove useful for the rest of your life, as well as prepare a big pile of wires that you 
can use in many of the sample projects illustrated in this book. 





Pliers and Tweezers 


Every day, the size of the “typical” electronic component gets smaller and smaller. This miniaturization 
process has brought about a world where you can carry a phenomenally powerful computer in your 
pocket, and sometimes even make phone calls with it. The individual transistors, resistors, capacitors, 
and other components inside such modern marvels are literally microscopic in size. You need a fairly 
powerful microscope to be able to see them at all. 

In your typical home electronics lab, and even in many professional labs, you will not be dealing 
with these tiny things, except as large clumps all tied together inside a chip or other framework. Still, the 
typical components you will use are often a bit too small for all but the tiniest of fingers. That’s where 
pliers and tweezers come into play. They are an extension of your own hands and fingers, increasing 
your precision and allowing you to perform delicate tasks with tiny parts. 
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There are several types of pliers and tweezers that you may use on a daily basis in your lab. See 
Figure 2-4. 





Figure 2-4. Pliers and tweezers aid in working with small parts. On the left is a pair of needle-nosed pliers 
with cushioned grips and leaf springs. In the center is a pair of slip-joint pliers that can be adjusted to 
accommodate two different ranges of gripping action. On the right is a pair of needle-sharp tweezers, 
which can be used to pick up and place even the tiniest of electronic components—if your hand is steady 


enough! 


Screwdrivers, Nut Drivers, Wrenches, and Ratchets 


A lot of electrical connections can be made using only a screwdriver. Figure 2-5 shows an electrical 
connection using a barrier strip. A specialized connector is crimped onto the end of the wire and held in 
place with a screw. A variety of crimp-on connectors are available and should be installed using the 
appropriate tool, as indicated by the connector’s manufacturer. Just smashing the connector onto the 
wire with some pliers is not recommended. 
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Figure 2-5. A barrier strip on a low-cost solar-charge controller. No soldering required! The specialized 
connector is held in place with a screw. The connector is affixed to the end of the wire by deformation using 
a specially designed crimping tool. You can see the indentations in the insulating collar around the 
connector. 


Another type of connector that is tightened with a screw is called a terminal block. Unlike a barrier 
strip, no specialized connector is required on the wire. You can simply insert a stripped wire into the 
terminal block and tighten the connector using a screwdriver. Try to strip the wire only enough to allow 
the bare conductor to enter the terminal block, without leaving any noninsulated wire exposed that 
could accidentally short out against another wire. See Figure 2-6. 
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Figure 2-6. A terminal block uses a screw for tightening the connection with a bare wire. 


Besides being useful for making electrical connections using barrier strips and terminal blocks, 
screwdrivers are also quite handy in their original function, which is to tighten and loosen mechanical 
fastening devices such as screws and bolts. See Figure 2-7. 
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Figure 2-7. A variety of screwdrivers. The four on the left are standard, or straight-bladed, screwdrivers. 
The three on the right are Phillips-style screwdrivers. Other specialty bits are also available. 


You should only use screwdrivers to drive screws and bolts. Don’t try to use them as levers, pry bars, 
chisels, punches, or other tools. When you need a chisel, use a chisel. Keep your screwdrivers clean and 
dry. Put them back where they belong when you’re done with them. You get to decide where they 
belong. 


Screws, Bolts, and Nuts 


There are a very large number of different kinds of screws and bolts. Some screws, such as wood screws, 
are made to be driven directly into wood and create their own threads in the material as they are 
installed. Other screws, largely referred to as machine screws, mate with a premachined or tapped hole, 
ora machine nut. 

Nuts are often shaped with four or six sides that allow them to be held in place while the screw is 
turned. Alternately, the nuts themselves are turned while the screw is held in place. Some screws and 
bolts have a similarly shaped head that allows them to be turned with a wrench or nut driver instead of a 
traditional screwdriver. 

Please resist the urge to overtighten screws and bolts. The mechanical advantage gained by the 
inclined plane of the screw thread multiplies the force used to turn the screw into a terrific amount of 
pressure on the screw itself. You can easily damage either the screw or the threads in the material to be 
fastened by overtightening a screw. 
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More Specialized Hand Tools 


A good set of wire tools, pliers, and screwdrivers will go a long way when working with electronics. 
However, sometimes you need a more specialized tool for more specialized work. 

Here are some of the more common tools that are a little more focused on a particular task than 
they are for general-purpose usage. 


Wire Crimpers 


As mentioned previously in this chapter, you can make solid electrical and mechanical connections 
using barrier strips and specially terminated wires. The optimized connectors used for this purpose 
require optimized tools for best performance. 

Figure 2-8 depicts some examples of specialized crimp tools for electrical connections. 





Figure 2-8. Some common crimping tools for affixing electrical connectors to wire 
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Referring again to Figure 2-8, the crimpers on the left are for crimping tiny pins to the ends of tiny 
wires that are then inserted into plastic connector bodies. The center crimp tool is for crimping modular 
jacks onto telephone cables. It also includes a wire-cutter blade (bottom) and a pair of controlled-depth 
stripper blades for removing only the outside layer of insulation from silver-satin flat telephone cord, 
without disturbing the individually insulated wires contained within. The crimp tool on the right 
features a ratcheting action that increases the crimping force applied to the connectors. This is the tool 
used to crimp the connectors show previously in Figure 2-5. 


Computers 


You might not think about computers as being “power tools” in your toolbox. As the size of computers, 
laptops, tablets, and smart phones decreases, and their computing power, networking ability, and 
storage capacities increase, they become much better candidates for use in the lab. 

Traditional “desktop” personal computers (PCs), laptops, netbooks, and tablets can perform 
multiple roles in your laboratory setting. If you are lucky enough to have Internet access on your 
computer, it can become a conduit for all types of useful electronics information, in addition to its more 
accepted role as a source of funny cat videos. See Figure 2-9. 





Figure 2-9. Computers being used in the lab. Paul Bouchier of DPRG uses two laptops at once when testing 
new robot software with the Microsoft Kinect (just to the right of his mouse). 
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Here are just a few of the many possible areas of practical knowledge, learning opportunities, and 
bits of interesting information that you can access using your computer: 


Data sheets: Almost all electronics manufacturers provide online access to a 
library of technical data sheets and application notes for their products. These 
should be your first choice for information about how and when to use their 
products. These sources also contain important product errata, which contains 
corrections and updates for products that have been made since their first 
publication. 


Online tutorials: The Web abounds with detailed and thought-provoking 
tutorials and background information on every topic imaginable, including, not 
surprisingly, mountains of information on computers and electronics. 


User forums: People tend to cluster around others with similar interests. Once 
upon a time when people where geographically limited and unable to 
communicate or interact with folks around the world, this severely restricted a 
lot of the more specialized areas of knowledge. Today, you can find user groups 
centered on every conceivable human endeavor (and some inconceivable ones, 
too) that are filled with helpful, knowledgeable members that are more than 
happy to answer questions and share experiences with you. Do try to be 
courteous, respectful, and fair when asking for help with your projects, and 
always try to repay in kind by helping those with similar questions that you’ve 
had to master. 


Sharing/collaboration web sites: As the cost and complexity of publishing your 
work on the Internet becomes more manageable, it becomes faster and easier 
to let others know about your progress, as well as your problems. You can easily 
set up your own web page for little or no cash, or join many of the available user 
groups that allow their members to post, browse, and otherwise benefit from 
the works of other similarly minded individuals. 


Design tools: You can find many free or reasonably priced electronic design and 
simulation tools online. Some manufacturers also provide free tools specifically 
for optimizing designs for their products. 


Online suppliers: Where you once had to walk (or drive) down to the store and 
see what was available in your area as far as electronic components and tools 
went, now you can browse through the catalogs of suppliers from all over the 
world, from the comfort of your own lab. Not only does this provide a much 
larger field from which to choose, it also levels the playing field, so to speak, 
forcing worldwide competition for your hard-earned cash. Bonus: Some 
manufacturers offer a limited numbers of free samples. Yip! 


This list only scratches the surface of the kinds of information you can access using a computer. You 
can also use a computer as part of your electronic projects, and several examples of doing this are 
included later in the book. 
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Tools for Soldering 


You don’t have to learn how to solder to work with electronics, but it helps. It really does. It opens a 
whole new world of possible projects, repairs, and custom modifications to existing equipment. Just 
remember, as always, to keep your work area clean and safe. See Figure 2-10. 
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Figure 2-10. A Weller controlled-temperature soldering station. What a mess! 


Like any worthwhile skill, soldering is best mastered with lots and lots of practice. The best way to 
learn this useful skill is to have someone show you how it’s done. It’s difficult, but not impossible, to 
learn proper soldering techniques from a book. That being said, have a look at Figure 2-11. 
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PUT THE PCB DOWN SO 
YOU CAN SOLDER. 


CAREFUL WITH THE 
SURFACE UNDERNEATH! 


FIND SOME GOOD WAY 
TO KEEP IT STEADY 


IF YOU NEED A THIRD HAND, YOU CAN MAKE 


Ou 
‘A STANDING COIL OF THE SOLDER INS TEAD 
OF HOLDING IT IN YOUR HAND 


NOW FEED SOLDER 
UNDER THE TIP 


OF THE IRON ABOUT 
1-3 MM 


CUT THE LEADS OFF 
WITH THE WIRE CUTTER 


UKE JUMPING 
LEAD BITS! 


ME LEADS ARE ALREADY SHORT, 
you DON'T NEED TO CuT THOSE. 


Figure 2-11. Instructions for soldering. This delightful illustration by Andie Nordgren captures the basics 
of soldering as taught by soldering guru Mitch Altman (http://log.andie.se/post/397677855/soldering-is- 


easy). 


38 


BUILDING YOUR TOOL CHEST 


SOLDERING /S EASY 


HERE’S HOW TO DO IT 





THE IRON IS x 
HOT!! BE CAREFUL! 1 


YOUR KIT SHOULD COME 
WITH INSTRUCTIONS 
FOR WHAT PARTS GO 
WHERE AND WHAT WAY! 


CLEAN THE TIP OF 
YOUR IRON BEFORE 
EACH SOLDER 
CONNECTION! 


OK, LETS SOLDER! 


Fiest, you want TO HEAT 
BOTH THE PAD AND THE LEAD 


FoR ABOUT 1 SECOND 


‘ 


PSST! 
CLEAN THE 
TIP FIRST! 


<<. STOP FEEDING SOLDER, 
THEN HOLD FOR 1 


SECOND 
SO THE SOLDER CAN 
FLOW PROPERLY 


THE SMOKE FROM THE MELTING SOLDER 
1S NOT TOXIC, BUT BLOW GENTLY ON iT 
TO AVOID BREATHING IT. 


LEAD ON THE OTHER HAND 


IS TOXIC, Ano GETS ON 
YOUR SKIN WHEN HOLDING 
THE SOLDER, 


=. 

WASH YOUR HANDS 

WHEN YOURE DONE! 
—S— 





PUT YOUR PART IN 
PLACE. BEND OUT 
THE LEADS SO IT 
STAYS IN PLACE 


TOUCH THE SOLDERING IRON TO 
BOTH THE PAD AND THE LEAD! 


A GOOD CONNECTION 
COVERS THE PAD 


WITHOUT TOUCHING OTHER PADS 


AND SURROLINDS 
THE LEAD 


KEEP SOLDERING EACH PART IN ITS 
CORRECT PLACE. REMEMBER SOME 
PARTS NEED TO GO IN A CERTAIN WAY! 
IF ALL YOUR CONNECTIONS ARE 
GOOD, YOUR CIRCLIIT WILL 
JUST WORK! 
THERE ARE MORE TRICKS YOU WILL LEARN AS 


YOU KEEP SOLDERING, BUT NOW YOU KNOW 
ENOUGH TO MAKE MANY COOL THINGS. 


TMAN: 
SOLDERING COURSE BY MITCH AL 

ire ./ /CORNFIELDELEC TRONICS.COM 
COMIC ADAPTATION BY ANDIE NORDSREN 
HITP://L06 ANDIE.SE 


PUBLIC DOMAIN, LUISE, COPY. SPREAD! 
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To solder, you will need a soldering iron. You will also need some solder and probably some wire 
cutters. That’s just the tip of the iceberg, however. Like any good tool, your soldering station will soon 
accumulate many accessories to enhance your soldering prowess. 

To begin your soldering adventure, you will need a small soldering iron, some solder, and a damp 
sponge. The big, pistol-grip style of soldering irons are for much larger projects, such as plumbing. 
Ideally you want something in the 15W to 50W range. See Figure 2-12. 





Figure 2-12. The pencil-grip style of soldering irons is better suited for working on small electronics 
projects. 


The soldering iron in Figure 2-12 has a replaceable, conical tip. These tips are generally 
interchangeable for a particular model of soldering iron, but unfortunately not interchangeable between 
different models or manufacturers. Different tip shapes are also available, depending on what types of 
things you're wanting to solder. 

The tip is usually made of copper, which is an excellent conductor of heat. Since copper really likes 
to combine with other metals at high temperatures (which is exactly what happens when soldering), 
most tips are coated in a thin layer of steel to give them much longer useful lifetimes. Tips still wear out, 
however, and should be replaced. 

In this particular soldering iron, the next part of the iron is the removable barrel that holds the tip in 
place. This barrel is where the heating element is housed, so remember that it is just as hot as the tip! Try 
not to touch it. You will probably not want to make that mistake more than once. 

The next section is the padded and insulated handle of the soldering iron, which is made of dense 
plastic foam. A quality soldering iron will be comfortable in your hand and won’t produce excessive 
fatigue, even after hours of use. Lower-quality and lower-priced models will more rapidly take their toll 
on your hands. 

Not shown in Figure 2-12 is the flexible power cord running back to the soldering iron’s base. This 
cord supplies the electrical power that is converted to heat in the barrel, as well as some wires for a 
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temperature sensor. This allows the unit to control the temperature of the tip with great accuracy. Note 
the temperature dial in Figure 2-10. Lower-cost units omit the temperature control features and run at a 
constant power output. 

It will take some amount of time for the soldering iron tip to reach a working temperature. Likewise, 
it will also take some time to cool off once you’ve turned off the soldering iron. 





Caution Soldering irons are very hot in use and can cause painful burns. Always treat them with respect! 





The solder you use will be determined by what kind of soldering you want to do. For most small, 
electronics-related soldering projects, a small-gauge tin-lead or lead-free solder can be used. Bear in 
mind that lead is a poisonous material that slowly accumulates in your system, should you come into 
contact with it, as your body has no good way of eliminating it. Wash your hands before and after 
soldering, just to be safe. 

Soldering works best when everything being soldered is sparklingly clean. To help facilitate this 
cleanliness, chemical compounds known as soldering rosin are used. These compounds chemically 
clean the surfaces being soldered when exposed to high levels of heat. Some types of solder have rosin 
incorporated into them. You can also obtain rosin as a paste into which you can dip wires and 
component leads before soldering. Other types can be applied with a dispensing pen. 





Caution Don’t breathe the smoke emitted during the soldering process. If possible, use a fan or fume extractor 
to redirect the soldering fumes away from you. 





Once your soldering iron is up to its proper operating temperature, clean the tip by wiping it gently 
on a damp sponge. Your tips will last longer if you resist the urge to clean them before replacing the 
soldering iron in its holder. Even though it seems counterintuitive to “put it up dirty,” this will more than 
double the life of your soldering iron tips. Just be sure to clean the tip before you solder anything. 


Power Tools 


Everybody loves power tools, don’t they? Sometimes it’s enough to just imagine that you might need one 
to justify a trip to the store and subsequent purchase. While this may be human nature (or perhaps only 
the nature of one particular gender), it doesn’t fully justify having one of each in the lab, just in case. 


Drills and Drill Bits 


You will, however, find a few particular tools to be especially useful in your lab. A good hand drill or drill 
press is one of those tools. There seems to be no end of things electronical that need a few more holes 
drilled into them. Electronic enclosures and control panels need good, clean holes drilled into them. If 
you make your own PCBs at home, you will find that they need lots of holes drilled into them. 
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Like any power tool, an electric drill needs and deserves your respect. You’d be surprised how much 
unintentional damage you can cause with such a simple device. Observe these simple safety rules when 
operating a power drill: 


e Keep your work area clean and well illuminated. 

e Remove any watches or jewelry you might be wearing. 

e = If you have long hair, keep it pulled back and tied out of the way. 
e Always clamp down any work to be drilled on a drill press. 

e Always remove drill bits from the drill chuck after use. 

e Discard dull or rusted drill bits that cannot be resharpened. 

e Always wear safety glasses when operating power tools. 


Hand drills come in all shapes, sizes, and price ranges. Some are powered by hand cranks and some 
are electric. Rechargeable batteries make for very portable drills that you can carry almost anywhere. See 
Figure 2-13. The only drawback is their limited charge time. That’s why you should always have at least 
one spare battery charged up and ready to go. Electric drills with wires attached don’t have this problem. 
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Figure 2-13. A rechargeable hand drill. This model is both variable speed and reversible, which are two 
very desirable features in a hand drill. 
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Note Power drills are also very handy when used with screwdriver bits. They can save you time and many 
blisters! 





Drill bits likewise come in all sizes and shapes. You can buy sets with a variety of sizes, and these will 
usually come with a handy storage container that conveniently labels all the sizes for you. This only 
works, however, if you take the time to return the drill bits to their proper location once you've finished 
working with them. 

A drill press has a large frame that facilitates drilling a precisely aligned hole, over and over again. 
You can make spindle-speed adjustments to drill presses (even small ones, such as the one pictured in 
Figure 2-14) either through an electronic speed control or by changing up the belts and pulleys that drive 
the spindle. There are even small frames for mounting handheld drills or rotary tools, such as the 
Dremel brand of tools. You can often, however, find actual, dedicated drill presses on sale for about the 
same price as the daintier Dremel tools. 





Figure 2-14. A small tabletop drill press 
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Caution When working with drills and presses, always keep your work area clear. Always wear safety glasses 
when using power tools. Try to keep the chuck key handy. Don’t leave drill bits mounted in the chuck when not in 
use. Many chuck keys have built-in springs that prevent them from remaining in the chuck. Those that don’t risk 
being accidentally left in the chuck when the drill its turned on, which can either fling the chuck across the 
workshop or make a big mess of your favorite hands. 





Laser Cutters and 3D Printers 


While not everyone can afford some of the more expensive and esoteric tools that are available, some of 
these tools are getting more popular than others; excellent examples are laser cutters and 3D printers. 
See Figures 2-15 and 2-16. 

Laser cutters and engravers use a powerful carbon-dioxide laser to cut through wood and non- 
chlorine-based plastics. The laser beam is focused onto the work surface using mirrors that are mounted 
in an XY gantry, allowing the cutting area to be controlled by a computer. Typical installations require 
venting to the outside because of the various aromas produced in the process, as well as a water-cooling 
system for the laser tube itself. 

There are also some newer laser cutters being built by hobbyists from scratch. 





Figure 2-15. A laser cutter. A powerful 40W carbon-dioxide laser is used to cut through wood and non- 
chlorine-based plastic, all under computer control. It can also be used as an engraver. This model is 
manufactured by Full Spectrum Engineering. 
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3D printers seem to be all the rage these days. We’re all pretty accustomed to the idea of printing on 
paper with a computer, although it’s still a pretty recent innovation, as far as the history of printing goes. 
The idea of printing a solid object, on the other hand, is considered to be something of a game-changer. 

The simplest 3D printers use a plastic extrusion and a motorized gantry to operate as a kind ofa 
robotic glue gun. A plastic filament is fed into a heated fixture that is moved around a print bed, leaving a 
trail of cooling, gooey plastic. Either the extruder or the print bed is moved using motors under 
computer control to build up a layer at a time of the desired object. 

Higher-technology 3D printers use this and other techniques to produce tangible, solid objects. 
Some use layers of fine powder that is glued together with a binder dispensed from a print head, similar 
to an inkjet printer. As each layer is printed, the object is lowered and another layer is deposited. This 
can even be done with sugar, as in the case of the CandyFab 4000, designed by the clever folks at Evil 
Mad Scientist Laboratories (www. evilmadscientist.com/article.php/candyfab). A stream of heated air is 
used to fuse a layer of sugar into a single solid structure, and an object is built up of successive layers. 


Nu Pd. MOOE” ALY KF 


Figure 2-16. A 3D printer at Dallas Makerspace. This machine uses a heated extruder to build 3D objects 
out of plastic. 


Basic Test and Measurement Equipment 


When it is behaving itself, electricity is generally invisible. To “see” what it is doing, or not doing, you will 
need some specialized tools. These fall into the two general categories of test and measurement 
equipment. 

The line between testing and measuring is sometimes blurry. One possible distinction might be that 
testing verifies proper operation within acceptable parameters, while measurement actually assigns 
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values to those parameters. An example of testing is, Does that flashlight work? The answer is yes or no, 
arrived at by the simple expedient of turning it on and observing the results. An example of 
measurement is, How much current does that flashlight draw? The answer might be 0.78A, and this 
would be determined using the appropriate measurement device, which in this case could be an 
ammeter. 


Inspection Equipment 


Sometimes, however, measuring things isn’t hard at all, especially when the things being measured are 
actual, tangible items that you can hold in your hand. What you will need are some basic tools, primarily 
to be able to see what it is that you are measuring, and secondarily to take accurate measurements of 
them, at least in regard to their physical dimension. This comes in very handy when trying to identify 
components during repair or equipment upgrades, when the original technical documentation is not at 
hand. 

Even the youngest and finest of eyeballs will need help with the teeny-tiny components that are 
available nowadays. You should try to find at least a small magnifying glass to examine fine details. If 
your budget allows, you might want to consider a microscope of modest power to look at your 
handiwork. Careful shopping will result in finding some older microscopes at bargain prices. Expect to 
pay a premium price for the shiny, new stuff. See Figure 2-17. 





Figure 2-17. A very nice stereo microscope. The power cord running to the white ring (partially hidden) 
supplies power to a ring of white LEDs that help illuminate the field of view. The base is very heavy to help 
stabilize the microscope. 
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Even a humble magnifying lens can be very helpful in the lab, especially if it has a built-in light. See 
Figure 2-18. 





Figure 2-18. A small, handheld magnifier with a built-in LED light is very handy for examining small 
features and details, such as are found on many PCBs. 


Physical Measurement Devices 


Once you know what something looks like, at extreme close-ups, can you describe in absolute terms how 
big it is? 

Take a look at Figure 2-19. Here we have, from the top to the bottom, a traditional tape measure, 
marked in both English and metric units (fractional inches and decimal centimeters), a digital caliper 
that can render measurements in either system at the touch of a button, and an architect’s scale. While it 
may not be evident in the top-down view, the architect’s scale is triangular in cross-section, resulting in 
not two but six different measurement options. This is mostly due to architects liking to draw things to 
scale, instead of full-sized. 

The digital caliper is interesting in that it also provides a computer interface so that its readings can 
be pulled in by a computing device of some sort. These devices used to be quite expensive, but mass 
production has brought their prices down significantly. 
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Figure 2-19. From top to bottom, a tape measure, a set of digital calipers, and an architect’s scale. 


Simple Electronic Measurement Tools 


Now that you’ve got the tools to examine what these things look like and how big or small they are, let’s 
move on to the more mysterious art of measuring their electrical properties. 


Voltmeters 


Voltage is a measure of electromotive force, and the standard unit of measure is the volt, named after 
Alessandro Volta, an Italian physicist. Voltage is sometimes compared to the pressure of water flowing 
through a garden hose, while amperage is compared to the amount of water flowing through the hose at 
any given time. It’s not particularly useful to push this water analogy too far, but it’s helpful in the 
beginning. 
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Voltage can be accurately measured with, you guessed it, a voltmeter. See Figure 2-20. 





Figure 2-20. A panel-mount analog voltmeter (left) and a digital version (right) 


A voltmeter measures the voltage, or potential difference, in a circuit across two points. Sometimes 
one of the points is a fixed reference point, such as the electrical ground mentioned in many circuits. 
This is often just a convenience for the purpose of measuring things, as the ground in an electrical circuit 
may or may not be connected to the ground under your feet. 

A voltmeter will have two terminals, labeled positive (+) and negative (—). Looking at the analog 
voltmeter in Figure 2-20 (the one on the left), we see a needle that can swing from 0 on the left to 30 on 
the right. The prominent capital Von the dial indicates that the unit of measure is the volt. This indicates 
that you can use this meter to directly read from 0 to 30 volts, just by placing its terminals across a 
voltage. The meter itself is electromechanical in design, and creates a magnetic field that works against a 
spring and a fixed magnet. This action causes the needle to move to a point generally corresponding to 
the labeled voltage on the dial. These needles are not especially accurate, but can be corrected using the 
screwdriver adjustment at the bottom of the meter. 

An analog panel meter such as this one does not require a separate power supply for proper 
operation. It draws all the power it needs from the signal being measured. This makes it unsuitable for 
measuring low-power circuits, where the current draw from the meter would unduly influence the 
reading. 

The panel meter on the right is a digital circuit that measures the voltage and displays it on the built- 
in liquid crystal display (LCD). It requires a separate power supply for normal operation. 
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Ammeters 


An ammeter looks and operates just like a voltmeter, except that it measures electrical current flow 
instead of voltage. The flow of electrical current is measured in units called amperes (A). The basic 
mechanism is almost identical to a voltmeter. To convert a current flow into a voltage, an electrical 
device known as a shunt is used. The shunt is simply a fixed-value resistor that produces a voltage across 
its terminals in relation to the amount of current that is flowing through it and its inherent resistance to 
the flow of current. 

This relationship between voltage, current, and resistance is elegantly expressed in Ohm’s Law. If 
you know two of the measurements in a circuit, you can calculate the third, based on their fixed and 
proportional relationship to each other. You will find this law to be exceedingly helpful to you when 
designing, repairing, and upgrading electronics. 

To avoid using fractions, which seem to terrify so many people for no good reason, you can use 
Ohm’s Law thusly: 


e Voltage (volts) = current (amps) x resistance (ohms) 
e Current (amps) = voltage (volts) + resistance (ohms) 
e Resistance (ohms) = voltage (volts) + current (amps) 


That’s all there is to it, if you’re just working with volts, amps, and ohms. Things can get weird, 
however, when you start to work with alternating current (AC), which is the kind of electricity you find in 
wall outlets and audio circuits. 


Ohmmeters 


An excellent application of Ohm’s Law is found in building a resistance meter, also called an ohmmeter, 
because it measures resistance. Resistance is measured in units called ohms, often abbreviated with the 
capital Greek letter omega (). 

There are two ways to do measure resistance. One is to pass a known voltage though the unknown 
resistance and measure the current that is flowing in the circuit. The other is to pass a fixed current 
though an unknown resistance and measure the voltage across it. This second method is the one most 
commonly used. 

You're most likely going to use a multimeter to measure resistance, as this is one of the more 
common functions of these handy devices. Mutlimeters are covered in the very next section. 


Advanced Test and Measurement Equipment 


It would seem that for simple circuits, having just a voltmeter, an ammeter, and an ohmmeter would be 
all you need. For the most part, this is correct. However, have you considered what would happen if you 
applied 100V to the 30V meter shown in Figure 2-20? What if you simply reversed the polarity of the 
signal by accident? Something bad for the meter, that’s for sure. It might not actually catch on fire right 
away, but it would certainly damage the delicate, spring-loaded mechanism, possibly rendering it 
useless as a reliable measuring instrument. 

The same can be said for an unprotected ammeter or ohmmeter. Luckily, the nice people that make 
good test equipment stay up late at night, thinking of the stupid things we might do with their products, 
and protect them accordingly. Let’s look at some meters that measure multiple electrical characteristics, 
which strangely enough are called multimeters. 
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Multimeters 


Multimeters will almost always allow you to measure various ranges of DC (direct current) volts, AC 
volts, current, and resistance. More advanced meters also measure things like frequency and duty cycle 
or even temperature. Some meters will even directly measure capacitors, inductors, and transistors 
using specialized connectors. 

As with most tools, you generally get what you pay for with multimeters. The meter on the left in 
Figure 2-21 was purchased for under $3, including shipping from China. It arrived DOA (dead on arrival) 
and was not deemed important enough to return. It will make an interesting clock or fake lie detector 
someday. The unit on the right was purchased new for nearly $400 and has provided over a decade of 
useful service. The unit in the center is modeled after the unit on the right, it would seem, but can be 
bought new for between $10 and $20. The unit in the photo was bought wholesale for $4, because 
sometimes you get lucky. It’s often handy to have a second meter in the lab—for example, when you 
need to measure the voltage and the current flowing in a circuit simultaneously, which you just can’t do 
with a single meter. 





Figure 2-21. Examples of some multimeters. The meter on the left features an analog display that is easy to 
read and acommodates several readout scales simultaneously. The remaining two meters have digital 
readouts and offer more accuracy. All the meters use a large rotary knob for selecting the proper function. 
The higher-cost unit on the right features auto-ranging, intellignetly deciding what range to use. The right 
two units also have high-impact boots to help protect them in the event of a fall. 
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Your present budget will help determine what level of multimeter you might want to obtain. If 
you're wanting to sink less cash into a multimeter right now, consider looking for used equipment in 
good shape. As with any good tool, you can spend as much as you like on these. The sky really is the limit 
here. 

Most all-in-one meters protect their inputs using fuses. You will have to disassemble your meter to 
replace these fuses, so think twice and measure once (to paraphrase the old carpenter’s saying, 
“Measure twice and cut once”). 





Tip Be sure to set up your meter for the proper function and range before taking measurements. 





Oscilloscopes 


Once you’ve gone beyond measuring simple DC and AC voltages and move on to more complex signals 
and waveforms, you'll have to lay aside your trusty meter and fire up your favorite oscilloscope. This 
instrument is more complex than your traditional multimeter, and offers a different perspective on 
what’s going on in your circuit. 

While many modern oscilloscopes have many modes of operation, their basic function is to drawa 
picture of your signal on a small screen. In the olden days, this was done with a moving dot that was 
swept across a phosphorescent screen, leaving a residual, fading line of light. If this pattern was repeated 
over time, a visual representation of the signal could be seen on the screen. See Figure 2-22. 

Modern oscilloscopes use a computer monitor or built-in screen display to draw the signal. This 
saves space, weight, and power requirements. 

When purchasing an oscilloscope, the features you pay most for are the number of available 
channels and the bandwidth. The least expensive oscilloscopes will have a single channel. Having 
multiple channels allows you to “see” multiple signals simultaneously, which is often helpful in 
understanding what is going on in a circuit. 

Bandwidth refers to the range of frequencies that can accurately be measured by the oscilloscope. 
Lower bandwidth scopes require much simpler electronics, and are thus cheaper to produce. 
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Figure 2-22. A Tektronix 475A oscilloscope. This piece of vintage test equipment is considered by some to be 
the best analog oscilloscope ever made. It also has a digital multimeter built in along the top edge. 


The Golden Age 


Once upon a time, not so long ago, a quality oscilloscope weighed 40 pounds and had a folding handle to 
make it, if not portable, at least transportable. It also had its own line of furniture to place it on, so that 
you could wheel it around the lab as you needed. Oh, and it also cost about three months’ salary, and 
that’s if you had a good job. 

The good news? That same scope still works today. It can be repaired or calibrated to the exact same 
standards as when it was brand new, plus you can buy it on eBay for a few hundred dollars, sometimes 
less. That’s because when these devices were designed back in the 1970s, they were made to be the best 
in the world, and cost was not a factor. 


Modern Oscilloscopes 


Today you can buy a quality oscilloscope for a few hundred to a few thousand dollars. These scopes not 
only display your signal on a large, colorful screen, but they can also analyze the signal and tell you all 
kinds of interesting things about it. For an example of such an oscilloscope, see Figure 2-23. 
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Figure 2-23. A modern digital storage oscilloscope. The RIGOL DS1052E is an affordable scope that will 
handle most troubleshooting and design challenges that you might encounter in your lab. 


This new breed of digital storage oscilloscope (DSO) can even connect to your PC to be remotely 
operated and allow you to capture screen shots that can then be pasted into books about how to build 
your own electronics lab. It’s true. See Figure 2-24. 
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Figure 2-24. A screen capture made with the RIGOL DS1052E oscilloscope. 


Tiny Oscilloscopes 


The march of electronic miniaturization never stops, and so it is with oscilloscopes. If both your needs 
and your budget are modest enough, perhaps you can get by with something like the pocket-sized 
wonder shown in Figure 2-25. 

While little scopes like this lack the accuracy and bandwidth of their larger relatives, they are 
definitely handy to have when you need to look at a signal. If you can keep your expectations in check 
when it comes to the user interface, you can get a lot of utility from such a small package. 

Additionally, one of the benefits of a device such as this is that the hardware and internal software 
(yes, there’s a little computer in there, somewhere) is all open source. This means that you have access 
to all the schematics and source code. And what does that mean? It means that if you have the skills and 
the right equipment, you can redesign the entire apparatus to fit your own requirements, assuming that 
you understand the basic limitations of the electronics. The sky is the limit. You are empowered. 
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Figure 2-25. A handheld oscilloscope, which can also fit in your pocket. This is the DSO201, which has 
been discontinued by the manufacturer, but can still be snapped up for a song from various online 
distributors, as well as eBay. This unit was purchased new for $60 and features a single channel witha 
bandwidth of 1 MHz. 


Power Supplies 


One of the most important pieces of test equipment in your lab is a reliable power supply. Building a 
good bench power supply is an excellent first or second electronics project (see Chapter 5 for more on 
adding power supply to your lab and Appendix A for more on building your own). This is because the 
basic design is very simple and easy to build, yet allows you to add any number of additional features 
later. 

Once you get tired of throwing away spent 9V batteries and grow weary of waiting for the red light 
on the battery charger to go out, it’s time to invest (either time or money or both) in a decent bench 
power supply. 

It doesn’t have to be fancy. In fact, the simpler the better at first. What you're aiming for primarily at 
this point is reliability. You want to know that when you turn on your 5V supply, it’s putting out 5 volts, 
not 2 or 11, no matter what you do to it. If it’s overloaded, it needs to deal with it and not be catching on 
fire. If it’s underloaded, or not loaded at all, it still needs to maintain a nice, clean output. 

Want a cheap or free power supply? Do you have any dead or discarded electrical gizmos that came 
with a charger? These make excellent starter supplies for the new lab. Do you have any extra USB 
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chargers? These are even better, because they supply up to 2.5W (and sometimes more) of regulated 5V. 
We'll use some of these in experiments in Chapter 3. 


Organizing Your Tools 


So now you have an idea about some of the tools you want (or already have) for your lab. Where are they 
all going to live? This is a big question, and deserves a big answer. 

One way to look at this book is that the entire latter half is dedicated to answering this question. 
There are, obviously, many possible arrangements that will work for most people. But we’re talking 
about your lab, with your tools, arranged and ordered to meet, specifically, your needs. 

As you progress through Chapter 3 (the very next chapter in this book), you'll get a chance to play 
with both your tools and some interesting electronic components, all in the interest of getting you 
familiar with some basic concepts. These concepts and ideas are not new, but they may be new to you. 
The good news is that time invested today and in the very near future should pay off big dividends to you 
later in life. Who knows what you'll devise in that electronics lab of yours? 


Summary 


Starting with your brain and working outward, this chapter has covered some of the tools and devices 
you might use in your electronics lab. These include basic hand tools, computers, tools for soldering, 
some common power tools you might find handy, as well as some fancy-schmancy tools you might only 
find in a hackerspace, school, or electronics clubs, such as laser cutters and 3D printers. 

You also learned about some of the basic test and measurement tools you'll be needing when 
working on electronic circuits in your lab. These include magnifying glasses, measuring tapes, and 
meters (oh my!), as well as oscilloscopes and power supplies. 

Additionally, lots of advice on safety was presented. These topics were learned the hard way. Do try 
to learn from the mistakes of others, won’t you? 

Just a hint was given about how you might want to organize your tools within your lab. Take care of 
your tools and they will most certainly take care of you. The details about possible organizational 
scenarios is left for the second half of the book, where you will learn about setting up labs big and small, 
as befits your needs, budget, and interests. 

Chapter 3 ties in much that you have learned here in Chapter 2 by introducing you to not only some 
of the basic electronics components and their uses and characteristics, but also how to use a good 
number of the tools described in this chapter. Hopefully this chapter has whetted your appetite and 
readied you to dive into some circuits and see what kind of mischief you can wreak on the world. 







CHAPTER 3 


Components 


You're going to need some components to play with, as well as the knowledge to use them effectively. 
This chapter will introduce you to some of the bits and pieces that make up modern electric and 
electronic circuits. It will also teach you a little bit about how to identify components from their 
appearance and markings, when available. 

Once you've got an idea about what these parts do in a circuit, you'll learn a little more about how to 
measure their electrical properties and put them to use. You'll also be shown what not to do, in some 
select examples. 

There are an enormous number of both manufacturers and vendors of electronic components these 
days. Trying to list even a few of them here in print doesn’t really make much sense, as a good 
percentage of that information will be incorrect or obsolete as soon as the ink dries on the page. 

Having a variety of basic components readily available is convenient, until your collection grows 
beyond your ability to house or organize it. This happens far too often, in reality. Most common 
electronic parts can be obtained within a day or two from local sources, unless you live in a really 
secluded part of the planet. Also, most of the more common parts will typically cost only a few pennies 
apiece, so there aren’t a lot of reasons to stockpile random parts. Keep a few of each on hand for 
experimentation, but hold off on pointless hoarding .. . if you can. 


Conductors and Interconnects 


In any electrical or electronic circuit, there are just as many connections between components as there 
are components. These include wires, cables, connectors, plugs, sockets, and all those other pieces that 
help the little electrons zip around the circuit. 

First, let’s take a look at wires and interconnects in a very abstract way. We can think of wires as 
connections between other components, without having to get into a lot of detail about the wire itself. 
We just want a way to indicate that there is an electrical connection among all the bits, and using an 
electrical schematic diagram is an easy and effective way to do this. 


Electrical Schematics 


A schematic diagram is any kind of stylized drawing that represents a simplified view of something. 
Usually some sorts of symbols are used to represent the parts that make up the whole, as well as the 
connections or relationships that exist between them and possibly the outside world. You can have 
schematics for plumbing, hiking trails, or tribbles, a well as electrical and electronic circuits. Let’s talk 
about electronic schematics for a little bit. 

The electrical symbol for a wire is almost always just a plain, solid line. If there’s something really 
special about the wire that needs to be used, it is usually indicated in a note somewhere on the 
schematic. This can be used to indicate what color the wire needs to be, what size is appropriate, 
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whether there are any special requirements for the insulation, and so forth. Most of the time it’s just a 
plain, solid line. For an example of just how simple it can be to draw a wire in a schematic, see 
Figure 3-1. 


Figure 3-1. A very simple electrical schematic diagram, showing how to get from point A to point B witha 
single wire. Drawing wires in schematics is easy! 


If a wire starts in just one place and ends in just one place, everything stays nice and easy. If multiple 
wires need to converge on a single point, or one signal wire needs to split up to go to more than one 
destination, it gets just a little more complicated, but not too much. See Figure 3-2. 
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Figure 3-2. Wires that are connected to each other usually have a dot at their intersection. If there is no dot, 
there is no connection between overlapping wires. 


In the figure, points A, B, and C are connected together. Points D and E are connected together, but 
are not connected to points A, B or C, even though the wires look like they are crossing. In a professional 
schematic, a careful draftsperson would route the wire from point D to point E on the right side of the 
components to avoid any possible confusion. 

Some folks like to draw a little bump, or bridge, when two unconnected wires cross in a schematic, 
just to make sure that everyone knows that the wires aren’t connected. This gets to be a bit tedious once 
you’ve got more than two or three components in your schematic, and it can look a bit unsightly. Feel 
free, however, to draw your schematics however you see fit. Just remember that others might not share 
your particular drafting sensibilities. 


Wire and Cables 


Chapter 2 took a quick look at wire and how it is made to help you pick out the best wire-cutting and 
wire-stripping tools. Now it is time to consider wire as an electrical component within your circuits. 
Knowing what a wire can and cannot do will help you pick the right kind of wire to use. Yes, wire has 
limits! This is important both for building new circuits from scratch as well as repairing, replacing, or 
upgrading wiring in existing circuits. 

Wire can be used for all sorts of artsy and craftsy purposes. Copper wire is the most common wire 
used in electronics. Sometimes the copper conductor is tinned with another conductive metal with a low 
melting point to make it easier to solder. When you cut this wire, you can see the copper on the inside. 

Pure copper wire is getting very expensive these days. Unscrupulous people try to pass off copper 
alloy with inferior electrical properties as the real deal. A quick way to test is with a magnet. Copper is 
not attracted to magnets. 
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As mentioned in Chapter 2, wire comes in two major categories: solid core and stranded. Solid core 
wire is just a single piece of copper wire, while stranded wire is made up of many smaller strands of 
copper wire, usually twisted together. Stranded wire is generally more flexible than solid core wire. 

Copper wire is measured using a gauge system. Different systems exist around the world. A 
common system used in the United States and Canada is the American Wire Gauge (AWG) standard. It 
uses a series of single numbers to denote the relative size of the wire, with larger numbers representing 
smaller-diameter wires. These numbers go all the way down to zero (0 gauge), but they don’t stop there. 
Larger wires than 0 gauge are called 00 gauge, double-ought, or sometimes 2/0. There are also three- and 
four-digit versions, but after that, those giant wires are specified with their actual cross-sectional 
diameter. 


Using Wire: The Very Short Version 


Fatter wires carry more current with less heat being generated due to resistance. The wire’s insulation is 
rated for a maximum voltage and temperature. If this temperature is exceeded, the insulation will soften, 
melt, or catch on fire. Avoid this by using the right sized wire for the job. Exceeding the maximum 
voltage can cause more problems if the current arcs through the insulation. This can cause a short 
circuit and may even cause a fire. It is also likely to give off noxious fumes. Choose wisely! 

For low voltages (under 36V) and small current loads (under 1A), you can use whatever you want. It 
doesn’t matter. Pick something pretty. A thing of beauty is a joy forever. 

For higher-voltage applications, make sure the wire’s insulation is rated far in excess of what you 
anticipate. The rating should be visibly printed on the insulation itself. See Figure 3-3. 





Figure 3-3. The wire’s insulation only works up to a point. That point is usually printed on the insulation 
itself, but you may need to put on your good reading glasses to see it. This wire states, “LL33911 CSA TEW 
105°C 600V FTT 14AWG,” which translates to the manufacturer’s part number, Canadian Standards 
Association certified thermoplastic equipment wire, maximum temperature of 105°C, 600V insulation 
dialectric strength, 14 gauge. 
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For higher-current applications, you really need to use the highest-gauge wire that is necessary to 
carry the required current. Hot wires cause fires. 


Using Wire: The Longer Version 


If you will spend some time learning about the properties of wire, you will be able to make much better 
decisions regarding its use and application. Assuming that the overall shape of the cross section of the 
wire is round, the gauge of the wire determines how much resistance to the flow of electrical current the 
wire will exhibit over a given distance. This resistance, in turn, helps determine the amount of electrical 
current that the wire can safely carry. 

When electric current meets resistance, the electrical power is converted into some other form of 
energy. Usually this energy is given off as heat, or thermal energy. It can also produce magnetic fields, 
sound, light, and radio waves. 

A good example of this is demonstrated by the heater coils on an electric stovetop. When the stove’s 
switch is turned on, current flows through the coil. Most of the current is converted directly into heat. 
Electric heaters are very efficient this way. A small amount of the electrical power is converted into light. 
You can see this as a red glow coming from the heater coil when it is hot. The coil also creates a magnetic 
field. 

If you know the gauge of a wire, you can look up the wire’s characteristic resistance. These numbers 
will be close but perhaps not exact, as there will always be small variations in wire diameter, conductor 
purity, and other factors. Generally, however, the numbers are pretty close. 

Let’s take another look at the AWG table (see Table 3-1), and look at a few simple examples to help 
understand what these wires can do for us. (A more complete listing is available at 
http://en.wikipedia.org/wiki/American wire gauge, from which this partial list was obtained.) 


Table 3-1. The AWG 





Copper 


Diameter Area F 
Resistance 





AWG 
2 | Q/km |} Q/1000 ft 


Inch mm ee mQ/m mQ/ft 





0000 (4/0) 0.46 O0]1.6 84 107 0.1608 | 0.04901 





000 (3/0) | 0.4096 | 10.404 | 85.00.20 28 | 0.06180 





00 (2/0) 0.3648 | 9.266 67.40.25 57 | 0.07793 





0 (1/0) 0.3249 | 8.252 53.50.82 24 | 0.09827 












































10.28 93 | 7.348 42.4040 66 0.1239 
20.25 76 | 6.544 33.60.51 27 0.1563 
3 0.22 94 | 5.827 26.70.64 65 0.1970 
40.20 43 | 5.189 21.20.81 52 0.2485 
50.18 19 | 4.621 16.8 1.02 8 0.3133 
60.16 20 | 4.115 13.3 1.29 6 0.3951 
70.14 43 | 3.665 10.5 1.63 4 0.4982 
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80.12 85 | 3.264 8.37 2.06 1 0.6282 
100.10 19 | 2.588 5.26 3.27 7 0.9989 
12 0.08 08 | 2.053 3.31 5.21 1 1.588 
14 0.06 41 | 1.628 2.08 8.28 6 2.525 
160.05 08 | 1.291 1.31 13.1 7 4.016 
18 0.04 03 | 1.024 0.82320.9 5 6.385 
20 0.03 20 | 0.812 0.518 38.3 1 10.15 
22 0.02 53 | 0.644 0.32652.9 6 16.14 
24 0.02 01 | 0.511 0.205 84.2 2 25.67 
26 0.01 59 | 0.405 0.129 133.9 40.81 
28 0.01269.32 10/08 10) 212.9 64.90 
30 0.01009.25 50/05 09 | 338.6 103.2 
Conductivity 


The first thing you need to know is that copper wire really, really wants to conduct electricity. It wants to 
conduct electricity more than it wants to resist the flow of electrical current. Even so, copper is not a 
perfect conductor, and it has a certain amount of inherent resistance. This resistance causes the energy 
carried by the electrical current to be sidetracked, or converted into heat and other forms of energy. The 
higher the resistance in the wire, the more heat will be produced. 

Normally this heat is a very small thing and is easily dissipated into the surrounding air. You usually 
can’t even tell by touching that a wire is a fraction of a degree warmer than its surroundings—but this is 
only true when the amount of energy is relatively small, like in our rewired flashlight example. When you 
start to push a Jot of power through a wire, the heat buildup can outpace the cooling-off provided by the 
surrounding air, and the temperature of the wire increases. 

Again, this is no big deal as long as that temperature stays within a comfortable range. But what 
happens when the temperature gets really high? 

First, the insulation will get soft, melt, or even catch on fire. After the insulation, if any, has burned 
off, the wire will glow red hot and eventually melt. This is known as catastrophic wire failure, which can 
result in what electrical engineers refer to as an unauthorized thermal event, which we call a fire. Yikes! 

But look around you. You're probably sitting right next to some wires right now, very few of which 
(hopefully) are on fire, even though they are carrying variously large loads. How do they keep from 
burning up? The answer is in the proper selection of the right size of wire for the job. Bigger wires have 
less resistance to the flow of electricity, so they are able to carry more power with less heat being 
produced. 

Now, you don’t want to have to wire up all of your electronic circuits using jumper cables from your 
car’s trunk, as that gets to be cumbersome after a while. Let’s look at some good guidelines for what size 
wire to use for your projects. 

In Chapter 2 you learned about (or were reminded of) Ohm’s Law, which illustrates the 
relationships between voltage, current, and resistance in any electrical circuit. In summary, V =I x R, 
where V is volts, I is current in amps, and R is resistance in ohms. It’s not just a good idea, it’s the law! 
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So how much electricity will we lose going through a foot or so of 16-gauge wire? If we know that 
one foot of 16-gauge wire has a resistance of 4mQ (and we know this from looking it up in the chart), and 
we build a circuit that pushes 1A of current through this wire, we can figure out a couple of interesting 
things using Ohm’s Law and a calculator. 


Applying Ohm’s Law 


If you know two of the three variables used in Ohm’s Law, you can calculate the third variable. Since we 
know R and I, we can calculate V. Since V =I x R, we can substitute our values of 1A and 4mQ (0.004Q) 
into the equation, and get 0.004V, or 4 millivolts. 

That’s not very many volts at all! In this case, that’s a good thing. The voltage we just calculated is 
the voltage drop across the length of the wire. Those millivolts never make it from one end of the wire to 
the other—they ’re lost. Poor millivolts, they never had a chance. 

OK, let’s not let their heroic sacrifice be in vain. If we know volts, and we know amps, we can also 
calculate power, which is the rate at which energy is converted to work. The unit of measure for electrical 
power is watts, and is also the same as Joules per second (J/s), but that’s another story. We usually use 
the capital letter Wto abbreviate wattage, but we use the capital letter P to represent the value in 
equations. 

Calculating power is simple if you know the volts and the amps. Just multiply them together: P = V x 
I. Easy. 

So in our example so far, we have 4mV, 1A, and 4mQ. How much power is being dissipated (wasted) 
in this circuit? P = 0.004V x 1A = 0.004W, or 4 milliwatts, which is just four-thousandths of a watt. That’s 
just about enough power to light up a dim LED, and not much else. So you're not going to be starting any 
fires with these numbers. You most likely would not even be able to measure the rise in temperature that 
is occurring in the wire (oh yes, it’s occurring, but it’s very, very small). 

Let’s put 10A through a foot of 30-gauge wire. On second thought, let’s not, and just do the math 
instead. The voltage drop will be V =I x R, or 10A x 0.1032Q = 1.032V. The power dissipated would be P = 
Vx I, or 1.032V x 10A = 10.32W. That wire would be a crispy critter in no time. Ten watts doesn’t sound 
like much when you're talking about a home stereo or a lightbulb or a hair dryer, but that skinny little 
wire has almost no surface area with which to dissipate the generated heat. This means that the 
temperature goes up, quickly. Bye-bye, little piece of wire. 

As a side note, you just learned how most current-limiting fuses operate. The conductor within the 
fuse literally fuses, or evaporates, when the internally generated heat produced from an “overcurrent” 
situation rises beyond its melting point. Poof, the circuit is opened, and property and lives are saved. 





Warning Never circumvent the protection afforded by a fuse. 





Ideally what you want is the smallest wire that will carry the required amount of current with an 
acceptable rise in temperature. Remember that any rise in temperature is in addition to the ambient 
temperature. If you're sitting in a room that is “room temperature,” which is assumed to be 25°C or 77°F 
(the same thing, if you want to check it), and you’re expecting a 50°C rise in temperature due to waste 
heat, your wire is going to be 75°C, which is far too hot to touch. Remember that 100°C is the boiling 
point of (pure) water (at sea level). Hot! 

One more thing that complicates the thermal calculations is that copper, as a conductor, has a 
positive thermal coefficient, meaning that the characteristic resistance of a piece of wire (which we can 
look up in the AWG table) goes up by a known amount as the temperature increases. You need to 
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consider this when you build circuits that are supposed to get hot, such as electric heaters. In most other 
cases, it’s best to keep the heat to a minimum, as it represents wasted power, plain and simple. 


Testing Your Wires 


Can something as simple as a wire go bad? Yes, it most certainly can. How can you tell? Usually, it’s 
because something doesn’t work the way you think it should, or worse, it works sometimes and not 
others. A great deal of time, the problem is right at the end of the wire, where it is trying to make a 
connection with something else. However, it’s possible for a wire to develop a problem right in the 
middle. This can be caused by a tiny nick in the insulation that lets in nasty elements such as rain and 
dirt, allowing the inner conductor to corrode. This type of problem takes time to make itself apparent, 
but it can certainly happen, especially in equipment that is exposed to the outside world for any length 
of time. 

A quick way to test a wire is with a piece of test equipment called a continuity tester. This simple 
device usually is battery powered and has two probes. When you connect the probes together, the tester 
makes a noise, lights up a light, or maybe does both. Make sure your continuity tester’s batteries are 
fresh and that the probes, if they are removable, are firmly seated in their sockets. Even test equipment 
needs testing from time to time. 





Note A continuity tester is one of the easiest pieces of test equipment to cobble together yourself. See 
Appendix A for more information about building your own tools. 





As mentioned previously, the problem is almost always at the very end of the wire. This is a good 
thing to know, so you can start looking in the most likely places first, saving valuable troubleshooting 
time. 

A much better way to test a wire is with an ohmmeter. Using an ohmmeter, you can determine the 
exact amount of resistance in a wire, which under ideal circumstances should be very low. One ohm or 
less is typical for most normal-sized wires that you are likely to encounter. Super-long wires can have 
higher resistance, and that’s where you can consult the handy AWG table to find out what the resistance 
is supposed to be. 

When testing wires, especially wires with attached connectors, it’s a good idea to wiggle the wire 
about vigorously, as this will reveal some intermittent connections for you. 


Storing Your Wire 


If you're buying new wire, it will probably come on a reel. It’s often handy to keep common sizes and 
colors on your bench, if you have room. A paper towel-holder makes an excellent wire dispenser rack, 
although you can also spend more time or money buying a prebuilt one or designing and fabricating 
your own. 
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A custom red-and-black wire dispenser is shown in Figure 3-4. You might use a fixture like this if 
many pairs of identical-length wires are needed for a project. Not having to chase the wire spools all over 
the bench really saves a lot of time. This structure was built using a MicroRax miniature slotted 
aluminum extrusion (http:/)www.microrax.com), which is perhaps a bit of overkill, but was a lot of fun to 
plan and build. A coat hanger, artfully bent, would have also done the trick. 





Figure 3-4. A custom wire-dispensing frame made from modular aluminum extrusion. This kind of fixture 
makes it easier to cut both a red and a black wire to almost exactly the same length, which happens a lot 
when you use red and black wire for positive and negative power connections, respectively. 


Connectors 


Connectors make life easier for the casual wiring enthusiast. The hardcore types solder everything 
together, but that is not always practical or even the right thing to do in every circumstance. 

Keep in mind that every connector, just like every wire, has some sort of electrical limits. These 
limits must be respected. 
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Clip Leads 


Also called alligator clips or test leads, you can buy ready-made wires or build your own from individual 
connectors. The flexible rubber or plastic boot extends the insulation of the wire. A spring-loaded jaw, 
often with serrated teeth, is used to clamp down on the wire, lead, or electrical terminal desired (see 
Figure 3-5). 





Figure 3-5. Clip leads come in all sizes, gauges, colors, and terminal types. They are handy for making 
quick electrical connections. 


Clip leads are quite handy to have around your bench, if you’ve got the room for them. They tend to 
get tangled up, so some people hang them from a specially slotted rack, making them easier to pluck at a 
moment’s notice. 

Keep in mind that clip leads are generally for temporary electrical connections, such as when you're 
testing something or trying out a prototype circuit. They don’t make very good long-term solutions to 
your electrical connection needs for a variety of reasons. 

The first problem is that even when the spring-loaded jaws make a solid, low-impedance 
connection when first attached, this electrical connection will deteriorate over time as oxidation 
inevitably forms on the contacts. 

Another problem is that many mass-produced clip leads are inexpertly smashed onto the ends of 
wires, without taking advantage of the alligator clips’ built-in features, such as strain reliefs and 
soldering points. This leads to additional resistance in your circuit at both ends of the clip lead, where 
you would probably never think to look. The next time you buy some brand-new clip leads, hook them 
up to your ohmmeter and see just how conductive they really are. A good practice is to carefully remove 
the insulating boot and make a proper electrical connection yourself, so that you’ve got one less thing to 
worry about. 
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Solderless Breadboards 


Avery versatile prototyping platform is the solderless breadboard. Once upon a time, people would tack 
together simple electrical circuits using wires, small nails, and a hammer, utilizing a wooden plank or 
small board as the substrate. The kitchen breadboard was often just right in size and weight and would 
mysteriously disappear into the workshop. You can still cobble together simple circuits using this 
technique. 

The solderless breadboard is a miracle of modern manufacturing techniques. A body made of 
precision-molded plastic has an array of small openings built in, and within each opening is a row of 
small spring clips that are just the right size to grasp and hold a small-gauge (22-26 AWG) wire. Adjacent 
points within the array are electrically connected together, which lets you easily connect small 
components into a circuit using your bare hands, with no soldering required. About all you would 
normally need would be some solid-core wire (preferably), some wire cutters, and some wire strippers. 
You can even buy precut jumper wires specifically made for use with solderless breadboards. They’re 
terrifically handy! See Figure 3-6. 





Figure 3-6. On the left is a solderless breadboard with 830 tie points. Each hole has a spring clip inside that 
can hold a small wire or component lead. On the right, the underlying electrical connections between the 
tie points are illustrated. 
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The spacing between adjacent tie points is exactly 0.1", which corresponds to many common 
“footprints” for electronic components. You can easily build simple circuits in just a few minutes. You 
can even build fairly complex circuits using integrated circuits and other components. Figure 3-7 shows 
a complete Arduino-compatible microcomputer that you can build with your bare hands and then 
program using your PC and the free Arduino software. 





Figure 3-7. A breadboard Arduino, which is compatible with the popular Arduino Duemilanove 
microcontroller, can be built using just a handful of components on a solderless breadboard, leaving 
plenty of room for more experimentation. The black, rectangular component in the upper-left corner is a 
miniature USB adapter that supplies power, and provides communication and control signals for the 
microcontroller. 


You'll find that projects tend to expand to fill the available area (and budget). See Figure 3-8. 
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Figure 3-8. A prototype LED display with computer control, built on a solderless breadboard. That’s a lot of 
wires! 


Passive Components 


Most electronic components fall into one of two different categories: passive and active. There are a few 
different ideas floating around as to what, exactly, is the difference between passive and active 
components. For the purposes of this book, we will use the simple definition that an active component 
requires a power source to work properly, while a passive component does not. 


Resistors 


A good example of a passive component is a resistor. You've already learned a lot about resistance in an 
electronic circuit. Resistance is measured in ohms, and it converts electricity into heat. When you’re 
working with wires, cables, and other conductors, resistance is usually a bad thing. You want the least 
amount of resistance possible. However, there are times when you both want and need resistance in a 
circuit. 

One example of when you would want resistance in a circuit is when you want to light up an LED. 
Unlike an incandescent lightbulb, an LED has no built-in current-limiting ability. Without a fixed 
amount of external resistance added to the circuit, an LED would self-destruct in a very short time, 
because it would overheat from excessive current flowing through it. A resistor would limit the amount 
of current flowing and control the brightness of the LED. 

The exception to this dire prediction is when the power source that is lighting up the LED has 
insufficient gumption to blow up anything, such as with a small coin-cell battery. Anything bigger than 


CHAPTER 3 = COMPONENTS 


that normally has no trouble convincing the LED to release its magic smoke, without which it can no 
longer function. 

A typical resistor has a fixed resistance and a maximum power rating. The resistance is determined 
by the material from which the resistor is made. The value of a resistor, as you already know, is measured 
in ohms, and can range from just a fraction of an ohm (often expressed as milliohms) up to millions of 
ohms. 


Through-Hole and Surface-Mount Resistors 


Resistors come in all shapes and sizes. Generally speaking, the larger the surface area of the resistor, the 
more power it can safely dissipate. A typical resistor that you might work with on a solderless 
breadboard or on an older PCB is shown in Figure 3-9. These are called through-hole components 
because their extended leads are meant to be formed and threaded through holes that are drilled into 
PCBs. Also in Figure 3-9, for comparison, are some teensy-weensy surface-mount resistors. Surface- 
mount resistors have no leads and are meant to be soldered directly to pads laid out on the surface of the 
PCB. 





Figure 3-9. Some through-hole resistors (top) and surface mount resistors (bottom). The surface mount 
resistors are so small that they are shipped packaged in tape, which is usually wound on reels for 
automated placement in PCB assembly. 
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You can easily form the leads of through-hole resistors by hand or by using a lead-bending jig, a 
small tool with accurately spaced notches. Traditionally, these resistors have their leads formed so as to 
be threaded through holes in a PCB, and then soldered to the PCB. The extra lead length on the bottom 
of the PCB is then clipped off. See Figure 3-10. 





Figure 3-10. Resistor leads are bent at right angles and inserted into holes in the PCB to be soldered. 


Schematic Symbols and Reference Designators 


The schematic symbol for a fixed-value resistor is a zigzag line. See Figure 3-11. Every component in 
your circuit should have a name, which is also called a reference designator. Typically, most reference 
designators will have a short letter abbreviation to describe what kind of part it is (Ris for resistor) anda 
sequential number assigned as more parts are added to the schematic. R1 would be the first resistor, R2 
would be the second resistor, and so on. 

If there is only one resistor in your circuit, then you don’t have to number them, do you? You can 
just called it R, or Galactic Emperor R the Mighty, or whatever strikes your fancy. Most people stick to 
simple numbers. 

Your numbering scheme depends a lot on the complexity of your schematic. If you only have a few 
resistors in your circuit, you can start at one and go up as needed. If you have a complex circuit with 
many subcircuits, you might allocate R101, R102, R103, and so on, to the first subcircuit (e.g., a power 
supply), and then assigned R201, R202, and so on, to a different section, such as a display. It’s entirely up 
to you. Use a system that helps you keep track of things. 
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WN- 
10K 


Figure 3-11. The schematic symbol for a fixed-value resistor is a zigzag. The reference designator for this 
resistor is RI and its value is 10,000 ohms, or 10KQ. A simple rectangle symbol is also used to represent 
resistors, although many components are available in this physical form factor. Use the symbol you like 
best. 


Standard Resistor Values and Tolerances 


Remember how wires have their own peculiar numbering scheme to describe their basic characteristics 
(i.e., the AWG, which uses smaller numbers to represent larger wires)? Well, resistors have their own 
peculiar numbering system as well to describe their electrical properties, or value. Even though the value 
of a resistor is measured in ohms and succinctly describes its characteristic resistance, not every possible 
value is readily available. 

Some smart cookies at the Electronics Industries Alliance (EIA; see 
http://www. ecaus.org/eia/site/index.html#) have come up with some standard values that fill in most 
of the commonly used values for resistors and other components. Their scale is not linear but 
logarithmic, meaning that it takes larger steps as the values go up. This makes a little more sense once 
you understand how component value tolerances work. 

You can buy, for example, a 1Q resistor and expect it to be pretty close to being 19 at room 
temperature, but it’s not going to be exactly 1Q. It’s going to be pretty close. How close? Well, that mostly 
depends on how much money you're willing to spend on this single resistor. If the answer is “not that 
much,” then “pretty close” is going to mean within 5 percent of the stated value. That means your 10 
resistor could actually measure as little as 0.95Q or as much as 1.05Q and still be “within tolerance.” 
Five-percent resistors cost only a few cents even in small quantities. 

Given that there’s a little wiggle room for each resistor value, people who can tolerate their resistor 
values being off by as much as 5 percent don’t need to be ordering 50 resistors of 0.99Q and another 50 
of 1.010 when they could just as easily (and certainly less expensively) order 100 resistors of 19 with a5 
percent tolerance. 

This overlap in the values of the resistors allows us to skip from 1.0Q to 1.10 without having to keep 
track of all the little resistors in between. This is because a 1.1 resistor could measure as little as 1.050 
or as much as 1.15Q and still be in tolerance. 

With a standard resistor tolerance of 5 percent, we can use just 24 values to cover the range between 
1Q and 10Q. The same multiples can then be used to cover the range between 10Q and 100, and so on. 
Aren't logarithms fun? See Table 3-2. 


Table 3-2. The E24 Standard Values for 5 Percent Resistor Value Tolerances (Higher and Lower Decades 
Are Also Available) 




















1.0 10 100 1.0K 10K 100K 1.0M 
1111 110 L1K 11K 110K 1.1M 
1.212 120 1.2K 12K 120K 1.2M 
1.3 13 130 1.3K 13K 130K 1.3M 
1515 150 1.5K 15K 150K 1.5M 


























71 


CHAPTER 3 = COMPONENTS 


72 

























































































1.6 16 160 1.6K 16K 160K 1.6M 
1.818 180 1.8K 18K 180K 1.82M 
2.0 20 200 2.0K 20K 200K 2.0M 
2.2 22 220 2.2K 22K 220K 2.2M 
2.4 24 240 2.4K 24K 240K 2.4M 
2.7 27 270 2.7K 27K 270K 2.7M. 
3.0 30 300 3.0K 30K 300K 3.0M 
3.3 33 330 3.3K 33K 330K 3.3M 
3.6 36 360 3.6K 36K 360K 3.6M 
3.9 39 390 3.9K 39K 390K 3.9M 
4.3 43 430 4.3K 43K 430K 4.3M 
4.747 470 4.7K 47K 470K 4.7M 
5.151 510 5.1K 51K 510K 5.1M 
5.6 56 560 5.6K 56K 560K 5.6M 
6.2 62 620 6.2K 62K 620K 6.2M 
6.8 68 680 6.8K 68K 680K 6.8M 
7.5 75 750 7.5K 75K 750K 7.5M 
8.2 82 820 8.2K 82K 820K 8.2M 
9.191 910 9.1K 91K 910K 9.1M 
Color Codes 


Even the old-fashioned through-hole parts are a bit too small to legibly label with a numeric value and 
tolerance factor. A system of color codes was developed to designate resistor values, using colors to 
represent both single digits, a power-of-ten multiple, and the resistor’s tolerance. These colors are 
painted on the resistors in bands. A little memorization and careful practice will have you reading 
resistor color codes in no time. 

For 5 percent tolerance resistors, only four bands are needed to completely specify the resistor’s 
value and tolerance. The first two bands represent the first two significant digits of the value. The next 
value is the multiplier. The final value is a special case to tell the resistor’s tolerance. 

The first two bands, as well as the multiplier value, use the color codes shown in Table 3-3 to 
represent the digits 0 through 9. (Unfortunately, these colors were chosen before the subtleties of 
colorblindness were widely understood.) 


Table 3-3. The Resistor Color Codes for the Significant Digits and Multiplier Digit of the Resistor’s Value 





Digit Color 





0 Black 





1 Bro wn 





2R ed 





3 Orange 





4 Yellow 





5 Green 





6 Blte 





7 Violet 





8 Gray 














9 Whi te 
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The last band indicates the tolerance of the resistor using a different set of colors, as shown in Table 
3-4. The most common are 5 percent (gold) and 1 percent (brown). There is supposed to be a slightly 
larger gap between the digits and the tolerance bands, but this is sometimes hard to see. 


Table 3-4. Resistor Color Codes for the Final Color Band 
































Tolerance Color 
0.05% Orange 
0.25% Blue 

0.5% Green 
1% Bro wn 
2% R ed 
5% Go Id 
10% Si Iver 
20% No ne 











The multiplier digit can be thought of as either the number of 0s after the specified digits or as the 
exponent to which the number 10 is raised, as in scientific notation. Some examples make this easy to 
understand and remember. 

A resistor marked with brown, black, red, and gold stripes has a resistance of 1KQ with a tolerance of 
5 percent. An easy way to decipher this code is to do a simple substitution for the first two digits (brown 
is 1 and black is 0, so we have 10 so far). Next decipher the multiplier band and write down that many 0s 
after the first two digits. Red is 2, so write down two Os. That gives us 1000 so far. The final band is gold, 
and that means a 5 percent tolerance; 1,000 ohms is usually abbreviated as 1.0KQ or simply 1KQ. 





Note K stands for kilo, the Greek prefix for 1,000. Likewise, M stands for mega, the prefix for 1 million. 





This method works for most values from 10Q to 10MQ. A problem occurs, however, when we need 
to specify a value less than 10, as a negative multiplier value must be used to get an exponent of less than 
0. For the value 1 and those less than 10Q, a gold band is used for the multiplier. For values less than 19, 
a silver band is used. 

To save even more precious space on our schematics, another convention is to replace the decimal 
point with the multiplier. For example, 4.7KQ would be written as just 4K7. 1.8MQ would become 1M8 
and 1.5Q would be 1E5. 10KQ would still be 10K using this method. If it is clearly understood that the 
unit of measure is the ohm, then even the © can be omitted. 


Resistor Power Ratings 


Any resistor has a maximum power-handling capability. This rating is usually expressed in watts or 
fractions of a watt. The larger through-hole resistors shown previously in Figure 3-9, for example, have a 
power rating of 1/2W (or 0.5W, if you prefer). This means that if you attempt to dissipate more than half 
a watt of power through the resistor, it is most likely going to quickly overheat and fail. 

Thermal failure in a resistor starts with a thin curl of smoke, and then results in the discoloration of 
the resistor itself and sometimes actual flames. In any case, it gets dangerously hot, so do try to avoid 
this situation. 
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If you know the voltage across the resistor, as well as the current, you can easily calculate the power 
being dissipated using the simple formula P = V x I. Remember that P is the power value in watts, V is the 
voltage in volts, and I is the current in amps. One volt at one amp is one watt, which is way more than 
enough to smoke our little resistors. Be careful! Any time you calculate the correct value for a resistor in 
ohms, be sure to also calculate the required power-handling capability. 


Variable Resistors 


So far we’ve only looked at fixed-value resistors. They usually exhibit the same resistance day in and day 
out. That’s what we love about them. But what if you need to vary the resistance in a circuit? We have 
resistors for that, too! A good example is a volume control on an amplifier. Turn it to the left (down), and 
the volume goes down. Turn it to the right (up), and the volume goes up. How does that work? 

One kind of variable resistor is called a potentiometer. Potentiometers are sometimes abbreviated as 
pots. Pots usually have three terminals instead of two. Two of the terminals connect to the fixed resistor 
that is inside the potentiometer. Instead of being all sealed up like the fixed resistors you’ve been 
studying, the internal, resistive conductor is exposed along a track or groove. The third terminal, which 
is often physically in the center, between the two other terminals, is called the wiper, and can be moved 
from one end of the fixed resistor to the other end, making electrical connection to the inner part of the 
fixed resistor as it goes. As the wiper moves along the length of the resistive element, it taps into the 
resistor at a different point, varying the resistance. This is how a potentiometer can be used as a variable 
resistor. 

Figure 3-12 shows a typical three-terminal potentiometer with a round body. The shaft can be 
turned to adjust the resistance. There are many variations on this basic design. 





Figure 3-12. A typical potentiometer, or variable resistor. Image by BG Micro (http://bgmicro.com). 


The schematic symbol for a potentiometer looks suspiciously like a resistor with an extra terminal, 
which happens to be exactly what it is. The extra terminal is the wiper, shown as the upward-pointing 
arrow. See Figure 3-13. 
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Figure 3-13. The schematic symbol for a potentiometer is a fixed resistor with a wiper terminal. The “CW” 
arrow indicates which way the wiper goes when the shaft is rotated clockwise. 


Potentiometers generally come with two distinctive response curves, or tapers: 


e A linear curve means that every equal step of rotation about the axis changes the 
resistance by the same amount. For example, if you were to center the shaft in the 
middle of its rotation, the resistance from the wiper contact to either of the end 
contacts would be nearly exactly half of the total resistance between the two end 
contacts. This is quite useful for when you need to adjust a voltage up or down ina 
relatively straight line. This is sometimes indicated by adding a capital B to the 
end of the resistance value (e.g., 1OKOQB). 


e Inmany audio circuits, however, it has been discovered that the human ear is 
anything but linear. A special response curve that more accurately describes this 
sensitivity is called an audio curve or taper. An Ais used as a suffix to indicate that 
an audio taper is used for a potentiometer. 


Note that linear and audio tapers are not interchangeable. If you find some random potentiometers 
in a parts bin, you can get a quick idea of what you’ve got by centering the shafts and seeing if the 
resistance is “symmetrical” or not, using an ohmmeter. Equal resistance to either end terminal indicates 
a linear taper, and anything else is mostly probably an audio taper. 

Just like any other resistor, a potentiometer has a maximum power rating as well as a tolerance. 
These are usually either printed on the body of the potentiometer, if there is room, or hidden away in a 
product data sheet somewhere. 


Specialty Resistors 


There are many different kinds of resistors made for many special kinds of applications. High-power 
resistors are built out of sturdier materials that can take the thermal stress required to dissipate large 
amounts of heat. See Figure 13-14. 
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Figure 13-14. A power resistor can handle much more heat dissipation than the smaller though-hole or 
surface-mount varieties. They are often so big that they need special mounting hardware. Image by BG 
Micro (http://bgmicro.com). 


Another popular option is the multiturn potentiometer. These potentiometers have an internal gear 
system that allows their shafts or wipers to be moved slowly across their internal resistive tracks by 
multiple turns of the control element. Increasing the number of turns allows the user much finer control 
of the resistance adjustment. It also takes the user longer to get from one point to another along the 
scale. 


Capacitors 


The basic definition of a capacitor is two conductors separated by an insulator. By itself, it doesn’t sound 
like that would be a very interesting configuration at all. It turns out, however, that there’s a lot more to 
it. 

When a voltage is applied across a capacitor, no steady current flows through it. Remember, there is 
an insulator in the middle of that capacitor. Any insulator, just like the insulation on a piece of wire, does 
not conduct electricity. 

What happens is that an electric field is created between the two conductors, or plates, as they are 
called when they are part of a capacitor. Now we get back to the fairies and dragons and molecules and 
so forth, way down deep at the heart of the problem. This electric field is a form of energy. Once it is built 
up by the difference in voltage, or potential, between the two conductors, it has nowhere to go, so there 
it stays ... at least until something else in the circuit changes. 

For this reason, capacitors are sometimes used as reservoirs of electrical energy in a circuit, holding 
a bit of spark here and there as needed. Just as it takes electrical energy to build up this electric field, a 
certain amount of electrical energy will be released when the field collapses. This will happen when the 
voltage between the two conductors drops. 

Using capacitors as tiny electric batteries in a circuit is only one of many applications for this 
versatile part. While a capacitor will not conduct a steady flow of electric current between its terminals, it 
will often appear to conduct alternating current (as opposed to direct current), which is why you see 
them so often in audio circuits. As a charge builds up on one plate within the capacitor, it then attracts 
electrons from the other side, pulling them in from the other side. Even though they don’t “jump the 
gap” of the central insulator, it looks like a tug-of-war is going on from both sides. 

This behavior can also be used to send the higher-frequency components of a signal one way ina 
circuit and the lower-frequency components of a signal in another direction. This is one way that analog 
filters are built, and it has all kinds of useful and interesting applications. 
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Capacitors come in all shapes and sizes. They are made of many different materials, depending on 
what particular characteristics are needed. See Figure 3-15. 





Figure 3-15. Some electrolytic capacitors of various sizes and capacities. Both much larger and much 
smaller capacitors exist and are very common in electronics. 
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Schematic Symbols 


While there are a large number of special-purpose capacitors that are custom made for certain 
applications, a very large number of capacitors fall into two broad categories: polarized and 
nonpolarized. The schematic symbols for both types of capacitors display the fundamental construction 
of two conducting plates separated by an insulator. See Figure 3-16. 
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Figure 3-16. The schematic symbols for polarized capacitors (left) and nonpolarized capacitors (right) 


Cl is a polarized capacitor, meaning one terminal is more positive than the other. In practice, this is 
indicated on the part itself in a variety of ways. One convention is that the anode, or more positive lead, 
is physically a little bit longer than the cathode, or negative lead. There is generally some sort of mark 
made on the capacitor body itself. Usually this is a stripe on the negative side of the capacitor. 

What’s really odd and potentially confusing is that one type of capacitor, specifically that made 
primarily of tantalum, has a stripe that indicates the positive lead of the polarized capacitor. Know your 
capacitors! 

A polarized capacitor that is installed backward will experience terrible physical and thermal 
stresses and can sometimes explode, sending bits of itself all over the place. 

C2 in Figure 3-16 illustrates a nonpolarized capacitor. It doesn’t matter which way it is installed in a 
circuit. It is electrically symmetrical and works just as well in either orientation. 


Inductors 


An inductor is almost always made out of coils of wire. Sometimes inductors are quite large, as with 
transformers, while other times they are as small as a speck. An inductor would appear, electrically, as a 
simple short-circuit if it weren’t configured to take advantage of certain principles of electromagnetism, 
or the tendency for the flow of electric current in a conductor to form a magnetic field around the 
conductor. The shape and orientation of the loops of wire that compose the inductor determine its 
electrical characteristics. 

In many ways, an inductor is the opposite or complement of the capacitor. While a capacitor does 
not conduct direct current from one terminal to another, an inductor will happily do so, at least for a 
time. While a capacitor will resist a change in voltage across its terminal as it builds up its electric field, 
an inductor will resist a change in current flow across its terminal once it has established a magnetic 
field. 

Because of their complementary natures, the two components can be used together to form a tuned 
circuit—one that resonates at a particular frequency, or allows the passage of only a certain range of 
frequencies, with the capacitor shuffling the high-frequency portions and blocking the low-frequency 
portions, while the inductor does the opposite, blocking the high-frequency components and passing 
the low-frequency ones. This is how many older radios and televisions worked before the advent of low- 
cost solid-state electronics. 

Once an inductor has built up a magnetic field, any drop in the current flow across its terminals will 
result in the collapse of the field and the generation of a very-high-voltage spike. This is the basic 
electrical circuit that was used in automobile engines to create the high-voltage spark needed to ignite 
the fuel-and-air mixture in the combustion chamber. 
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Inductors can also be used to efficiently pass alternating current via a magnetic field from one 
inductor to another. This is how the primary windings of a power transformer induce a current in the 
neighboring secondary coil, which, depending on the ratio of windings and a few other factors, 
determines if the transformer steps up the voltage or steps down the voltage. It can even keep the voltage 
the same, for when electrical isolation is needed between two different systems. 

Most electric motors employ some sort of inductor that alternately attracts and repels another 
electromagnet or permanent magnet. The most basic direct-current (DC) motors require a fairly 
complex mechanical arrangement to perform the necessary switch-swap to alternate the fields. This 
process is called commutation. In other types of electric motors, such as brushless motors and stepper 
motors, this commutation process is done electronically, externally to the motor itself, and requires 
more complex circuitry to control the speed and direction of the motors. See Figure 3-17. 





Figure 3-17. Some simple DC motors. When direct current is applied to their terminals, they spin. The 
magic happens with an electrical and mechanical arrangement inside that performs the necessary 
commutation of the magnetic fields. 


Switches 


The most basic way to control the flow of electric current in a circuit it to literally break the circuit. This 
means that instead of forming a conductive loop from power source to components and back again, a 
gap is introduced somewhere in the loop. 

This gap can come anywhere in the loop. It can be right next to the battery, for example, or 
somewhere off in the middle—as long as the circle is broken, no current will flow. 
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If you perform the lightbulb experiment in Chapter 1, you can see how this works. When everything 
is lined up properly and the final connection is made, the lightbulb lights up. When any of the 
connections are broken, the light goes out. It’s really as simple as that. 

Most of the electrical switches that you operate every day are really mechanical in nature. Their 
main function is to physically move two conductors either together or apart. 

In the lightbulb experiment, you could use the wire as a switch, by physically touching either the 
battery terminal or the lightbulb (depending on how you were holding everything together). With a little 
practice, you could probably send Morse code, or at least a variation on “one if by land, two if by sea.” 

There are many kinds of switches for many kinds of switching tasks. The most basic are momentary 
action switches. These are usually push buttons, and only conduct electricity when pressed. Alternately, 
they can be built so that they conduct electricity all the time, except when pressed: 


e —- The first option is called normally open. When a circuit is open, it is not 
conducting electricity. When you close the circuit, by completing the loop, 
electricity can flow. A normally open switch would be welcome in a doorbell 
circuit. When no one is pressing the button, no bells are ringing. It would be 
annoying the other way around. 


e Anormally closed switch acts like a solid piece of wire (being a conductor of 
electricity) until it is activated, when it ceases to provide a path for the electricity 
to follow. This type of switch can be used as a kill switch on a gasoline-powered 
engine, such as a lawn mower, for example. By interrupting the flow of electricity 
generated by the magneto and powering the spark plug, you interrupt the internal 
combustion cycle, which will eventually cause the engine to slow down and then 
stop. 


This type of switch is called a single-throw switch. It’s either on or it’s off—conducting electricity or 
not conducting electricity. 





Note For almost every possible configuration of switches, there is a corresponding opposite configuration that 
is almost as popular. 





Another useful configuration for a switch is to switch from one circuit to another circuit, and not 
just on and off. This is referred to as a double-throw circuit. A switch like this normally has three 
terminals. A common terminal is usually, but not always, in the center. At any rate, the common terminal 
is electrically connected to the moving part of the switch that is going to make contact with one or the 
other two remaining contacts. The normally closed contact is the one that will be making contact with 
the common terminal when the switch is not activated, or at rest. The normally open contact is simply 
the other terminal. This assumes that the switch has some sort of bias or mechanical spring action that 
returns it to a certain orientation when no one is activating it. 

Some double-throw switches can remain in either state indefinitely. A typical light switch used in 
indoor lighting is a good example. It’s just as happy to stay on as off. 

Switches can have more than one circuit built into them. These switches are called double pole, 
triple pole, and so forth. They’re like two or more single-pole switches physically taped together, so that 
when one is switched, they all are switched. Usually these poles are electrically isolated from each other. 

We'll play with switches again in Chapter 5, where you'll learn some interesting ways to wire 
them up. 
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Active Components 


While it could truthfully be said that all electronic components require some electricity to do anything, 
the distinction made in this book between passive and active components is that active components 
need a little more power to be really interesting. 

First we'll look at sources of this magical electricity, and then we’ll move on to some of the 
fascinating and complex components that will happily use it all up for you. 


Power Supplies 


You're going to need some sort of power source for any electric or electronic circuit you run across. If it 
doesn’t use electricity in some structured form, it’s not really electronics, now is it? 


Batteries 


You can use regular batteries to power a lot of your circuits, but they eventually wear out, and then you 
have no real recourse other than to throw them away or recycle them, if possible. If you’re going to be 
using batteries, at least get some good ones. Many of the bargain brands are terribly inferior in their 
manufacture and are only providing you with a false economy. Spend a little more and get higher- 
quality parts, and you will be rewarded with longer life and more reliable operation. 

A great way to work with batteries is to use the appropriate battery connectors or battery holders. 
Sometimes you can remove these from obsolete electronic devices that have outlived their useful 
lifetime. Always observe the proper orientation and polarity of batteries. Even smaller batteries contain 
an annoying amount of power, especially when it all decides to come out at once, such as when you 
accidentally plug something in backward or short something out. This can result in damaged parts, 
burns, or even fires. Be careful with batteries. 

Having a fuse holder wired inline with your battery-powered supply is an excellent and cheap way 
to prevent such “unauthorized thermal events.” Keep several spare fuses on hand as well. Fuses cost 
little and save much. 

Rechargeable batteries are becoming more common, and they keep coming down in price while 
improving in longevity and power capacity, and decreasing in size and weight. Any rechargeable battery 
technology beats any kind of primary, or nonrechargeable, battery in the long run. 





Caution The same warnings about battery polarity and fuses apply to rechargeable batteries as well. 





Since there’s no easy way to “turn off” a battery, it would be a good idea to include a power switch in 
your supply, if possible. Just make sure that whatever switch you select can stand up to the maximum 
current you will want to be extracting from your power supply. You should also make your switch large 
and easy to see, so that you can find it quickly when you need it. An obvious power-on indicator is also a 
great plus for a homemade power supply. This can be as simple as a green LED (with appropriate 
current-limiting resistor—see below) or as complex as a voltage meter indicating how much juice is left. 
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Transformers 


Another great power supply that you probably already own is a power adapter or transformer from 
another electronic appliance. You should use caution, of course, with anything that plugs into the wall 
for power, especially if you’re planning on monkeying around with the other end of it. 

Almost all commercially produced power adapters have a slew of certifications plastered on them. 
Somewhere in there should be the basic data concerning what type of power input it expects, what it is 
going to try to produce, and what the maximum limits are on the output. Make sure that whatever it is 
that you're going to plug into your wall is specifically designed to plug into your wall, as electrical power 
standards vary from one location to another. 

Make sure that any repurposed power supply you use does not get overly warm when in use. This is 
an indication that it is presently or has been overloaded in the past. Such a device is a fire-starter waiting 
for its magic moment. 

You need to know how much voltage is coming out of your power supply. Even if it is clearly printed 
on the device itself, if you have access to a voltmeter, you need to verify the output voltage before 
connecting it to anything. Many lower-cost power adapters are unregulated and will produce an output 
voltage that will vary wildly depending on the load applied to it. A regulated voltage output, on the other 
hand, will provide consistent voltage levels on the output, even with varying loads. 

USB adapters and chargers are becoming quite common and can provide regulated +5V at up to 
1/2A and sometimes more. These are great devices to use for small electronic experiments. They are 
generally small, lightweight, and reliable. 

A dedicated bench power supply is a very handy piece of test and measurement gear to have 
available in your lab. A good supply will have a variable voltage and a readout to show you what’s going 
on (or coming out). A step up and you get to set the maximum current that it will supply (to keep things 
from getting out of control too fast). Additional desirable features include multiple outputs and remote 
control from your PC. 

No matter what kind of power supply you use, use it responsibly. Don’t leave equipment powered 
up if you’re not using it. Don’t attempt to bypass safety measures that are in place for your protection. 


Diodes 


A diode is a semiconductor device that will conduct current in one direction only. That’s the simple 
story. Of course, the reality is much more complex. A typical diode is composed of two pieces ofa 
semiconductor material, usually silicon, but sometimes germanium or some other exotic substance. The 
diode action occurs in the junction between the two types of semiconductors, which have been specially 
manufactured to contain the exact right balance of impurities required. This is generally not the kind of 
thing you can build in your lab, unless you're Jeri Ellsworth. 

These two bits of semiconductor, called the N region and the P region (for negative and positive, 
respectively), are sealed up in either a glass or plastic enclosure. A standard diode has two terminals—an 
anode and a cathode—which represent the positive and negative leads, again respectively. Conventional 
current (i.e., current flowing from the more positive voltage to the more negative voltage) can flow 
through the diode from the anode to the cathode, but not the other way around. It’s magic! Well, 
technically it’s semiconductor physics, but either answer will serve for our purposes. 

Diodes come in all sizes. Generally speaking, the more power a diode is expected to handle, the 
larger it is going to be. Small-signal diodes are the same size or smaller than typical resistors. Power 
diodes, often called rectifiers, depending on their application, can be so large they have to be mounted 
with large bolts. 

The two most important electrical characteristics for the happy care and feeding of diodes are their 
maximum reverse voltage and forward current capability. You don’t want to exceed either one. 
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Since a diode is, at best, only ever going to have a cryptic part number written on it, you'll need to 
consult the manufacturer’s data sheet to find out all the necessary information. Many semiconductor 
producers offer “commodity” parts that conform to standard part numbering schemes. That way, you 
know that a 2N4148 diode from one manufacturer is going to be pretty close to a 2N4148 diode from any 
other manufacturer, but you should always check to make sure. 

Diodes typically have a forward voltage that must be exceeded before current will flow. This voltage 
is essentially lost and is dissipated as waste heat from the device. Silicon diodes will have an average 
forward voltage around 0.7V and up. Germanium diodes will have a smaller forward voltage, in the area 
of 0.3V. Schottky diodes use a metal-to-semiconductor interface region and achieve substantially lower 
voltage drops, making them much more suitable for higher-power applications. 


LEDs 


One special kind of diode is the popular light-emitting diode. You see these little guys everywhere these 
days. In fact, some folks go around with black tape, just trying to cover them all up so they can get their 
darkness back at night. 

The reason that they are everywhere is that they are cheap, reliable, and easy to use. They don’t take 
up much room, don’t take up much power, and don’t generate that much heat. The exceptions to these 
admirable qualities, of course, are in the newer generation of LED lighting products that emit 
tremendous amounts of light and produce tremendous amounts of heat. Every month it seems that a 
new record is set for efficiency. Let’s hope that trend continues. 

Being essentially diodes, LEDs have both an anode and a cathode. LEDs only conduct current ina 
single direction. You'll need to make sure you limit the amount of current flowing through your LEDs, 
because the LEDs themselves sure aren’t going to do it. 

LEDs designed to be indicator lights can be powered with as little as 1mA. High-efficiency LEDs can 
be used for illumination purposes and still only draw 20-30mA each. These very modest power 
requirements make LEDs a favorite for microcontroller projects, as these output power levels are easily 
handled by most popular chips. 

The forward voltage drop across LEDs is typically much higher than for a rectifier or signal diode. In 
fact, the voltage goes up as the emitted color of the LED goes from the infrared and red end of the 
spectrum (1.2-2V) up to the blue and ultraviolet end of the spectrum (3-3.6V). 


Transistors 


A true modern miracle, the semiconductor transistor ushered in the age of solid-state electronics. More 
than a million individual transistors can be used to build modern computer processors, all on a single 
chip. 

The first types of transistors to be built and used were called bipolar junction transistors (BJTs). This 
type of transistor is similar in construction to the diode, except that there are two semiconductor 
junction areas inside. 

This arrangement of magic beans allows a small amount of electrical current to be applied to one of 
the three terminals of the transistor, called the base, which in turn allows a much greater amount of 
electrical current to flow between the remaining two terminals, known as the collector and emitter. 

Two complementary types of BJTs are made, depending on the way that the positive and negative 
semiconductors are sandwiched together. NPN transistors will conduct conventional current from the 
collector to the emitter when current flows from the base to the emitter. The opposite variety, called the 
PNP transistor, does precisely the opposite, conducting conventional current from the emitter to the 
collector when the base is negatively biased. 

Transistors can be used to make amplifiers, switches, current limiters, voltage regulators, oscillators, 
and any number of other useful circuits. They are generally very low cost, lightweight, and reliable. 
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As with any other electrical components, you need to be aware of the electrical limitations of your 
transistors. Even when a transistor is fully saturated and conducting very efficiently, it’s still dissipating a 
certain amount of its energy as heat. Too much heat and say goodbye to your transistor. 

A newer type of transistor is becoming quite popular in power circuit applications, and uses a 
different type of semiconductor property to accomplish its mission. The MOSFET (metal-oxide- 
semiconductor field-effect transistor) has three terminals, just like the BJT. Each terminal performs a 
similar job, but does it in a different way. The gate of a MOSFET is electrically isolated from the 
conduction channel between the drain and source terminals. However, when a proper voltage is applied 
to the gate, it creates an electrical field that influences the conductivity of the channel between the drain 
and the source. 

The important differences between BJTs and MOSFETs lie in the type of signal needed to drive each 
of the transistors and how much power is wasted by being converted to heat. A BJT is a current- 
controlled device, where more current into (or out of) the base results in more current flow through the 
device. The MOSFET is a voltage-controlled device, where more voltage applied to the gate increases the 
current flowing through the channel. 

Additionally, MOSFETs typically have much lower on-state resistance than BJTs, meaning they can 
more efficiently switch higher currents. Finally, MOSFETs have a positive temperature coefficient, 
meaning that they conduct less power as they heat up—which is a good thing. BJTs are subject to 
thermal runaway—conducting more current as they heat up, which in turn generates more heat, and so 
on, until something snaps, crackles, or pops. 


Integrated Circuits 


As parts get more specialized, they become less fun. There are a hundred ways to wire up some 
transistors, resistors, and capacitors, but there’s generally only one way to hook up a thermocouple 
interface chip. 

The good news is that it has become much easier for companies to design and build vastly complex 
chips that can do things for us that, honestly, most people cannot comprehend. And that’s OK. We need 
airplanes that can, mostly, fly themselves. If we had to depend on humans to get everything done, you 
can imagine what kind of world we’d live in. Humans are notoriously sleepy, hungry, distracted, and 
forgetful. A voltage comparator chip does nothing but compare two voltages, all day, every day, 
perfectly, all the time. 

Integrated circuits come in an unbelievably wide range of functions, packages, and capabilities. The 
first integrated circuits were amplifiers. Integrated circuits allowed manufacturers to make chips that 
have dozens or hundreds of transistors and other parts all at once. Just plop that little silicon chip into a 
plastic package with legs on it, and you're done. 

What kind of chips do you need in your lab? Well, that’s going to depend heavily on what kind of 
circuits you're wanting to design, build, or repair. 

Many older chips had a standard 0.1" pin spacing that made them easy to plug into a solderless 
breadboard for prototyping purposes. Most newer chips have been considerably shrunk, because 
phones and tablet computers are all the rage these days. It’s still possible to work with these newer chips, 
but it almost always requires mounting them to some sort of breakout board or expander that brings out 
their tiny leads to a more reasonable, and reachable, size. 


Acquiring Components 


Where do components come from? The same place as everything else—the store—just like food, just like 
money. 

The electronic component manufacturing industry spans the globe. If someone’s not putting 
something electronic together, they’re taking something electronic apart. 


CHAPTER 3 = COMPONENTS 


Once upon a time it took some hunting to find sources for electronic parts. Swap meets and “ham 
fests” were great places to find components, assemblies, and entire appliances just ready to be hacked, 
studied, improved, or rebuilt. Now you have to spend time looking for places to get away from all the 
electronic hustle and bustle. 

One of the great things about today’s Internet is that it takes almost no effort to find both electronic 
parts and the information needed to use them. The real trick these days is finding the best deal. 

If you're strictly a hobbyist, looking to spend some quality time alone or with your kids, learning 
about electronics and building fun projects, then it just about doesn’t matter if you get the absolute, 
rock-bottom price on every component and tool. Even if you’re a budding entrepreneur, you're still ina 
much better position today to leverage those brilliant ideas floating around in that noggin of yours than 
you would have been even ten years ago, all because of the ubiquitous nature of electronics and 
technology saturating our lives. Not only can you get the right tools and the best parts shipped right to 
your door for a song, you can easily network with knowledgeable folk from all over the globe, 
contributing ideas and brainstorming across time zones and borders. 


Buying New Components 


It would be more than a full-time job just keeping up with all of the new tools, parts, software, and 
hardware that are available today. Even if you could, it would take many lifetimes to make and grow the 
connections and relationships you need to successfully compete in the global economy. 

That being said, a good place to start is in your own backyard. If at all possible, you should deal 
locally for the things you need. When what you want or need cannot be obtained locally, expand 
outward until you find it. 

While it’s certainly nice to be able to find all your needs met close to home, it’s also good to know 
that the world is shrinking every day. The sort of deals and relationships that couldn’t possibly have 
existed in your parents’ time are happening right now. 

If you are in a position to spend some money on quality tools and components, then by all means 
do so. You will not regret it. Buying questionable items is like buying your groceries out of some guy’s 
van in a parking lot. Maybe he’ll be there next week and maybe he won’t. 

Even the small fry can get treated like an honored guest when dealing with the right people. The 
trick is finding the right people. The best way to find them is to ask your friends and others with similar 
interest where they trade. Ask them how they feel about their relationships with their vendors. Are they 
just a number? Or are they a partner? 


Recycling Used Components 


It’s really a bad idea to waste anything. In a more perfect world, there’d be no “other” category at the 
recyclers. Everything would have an exit strategy, especially the complex and fragile toys we’re so 
addicted to these days. 

Until that day, try to look at your trash with new eyes. Is it conceivable that someone else might be 
able to use this equipment, or is it truly past its useful life? Or are you just being lazy? 

You can do your part, and you should believe that others are doing their part as well. Take the time 
to find them, find out what they can offer you, and find out what you have that they might be able to use. 
You won’t know until you ask. 

Be careful when harvesting components with which you are unfamiliar. Novice recyclers should 
give yesterday’s cathode ray tube (CRT) TVs and monitors a wide berth. They can retain lethal voltages 
for considerable periods of time after being retired from service. Just leave them on the side of the road. 
The same goes for microwave ovens, or any equipment that has refrigerant in it. The stuff they use 
nowadays is quite toxic. 
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There is a growing surplus of both components and “last year’s models” available to the student of 
electronics these days. Sometimes it’s worth your time and money just to take something apart to see 
how it works. Then sometimes you find some useful parts inside that you can use in projects of your 
own. 


Component Data Sheets 


Every component ever manufactured has a data sheet. This data sheet contains everything you ever 
wanted or needed to know about this particular component. It’s probably available right now on the 
manufacturer’s web site, along with a dozen application notes. If not, then it’s probably available on a 
university's computer system in a project folder. 

This isn’t always the case, sadly. Past a certain point, it doesn’t make sense to allocate resources to 
information that no one wants or needs anymore. That point varies with each company, with some 
diligently archiving their information and others tossing it out the window at the end of the quarter. 

When possible, collect and maintain your own private set of data sheets. When you acquire a new 
piece of equipment, get everything you can find in electronic form and stash it away somewhere where 
you can find it when you need it. If you’re experimenting with some new components, squirrel away 
those data sheets, just in case you strike gold. 

Have you built something cool? Write up your own data sheet for it! Pretend that you're still going to 
be interested in this project next year. Better yet, imagine that someone else could take an interest in your 
work. You'll be pleasantly surprised at how useful you'll find this information in the future, after you’ve 
slept a bit. 


Summary 


This chapter has covered a lot of different types of electronic components, but it has only scratched the 
surface of what is presently available. 

It’s perfectly possible to spend a lifetime pleasantly tinkering with electronics and never have a clue 
how any of the underlying principles work. Sometimes all you need is a practical understanding of what 
the different components do in a circuit. Hopefully this chapter has given you a rough outline of what is 
involved. Ideally, your interest has been sparked enough to pursue more detailed study elsewhere. Good 
luck and happy discovering! 

Now that you’re armed with some basic tools and some ideas about some of the available 
components, it’s time to get busy building your own lab, one experiment at a time. 

The remainder of this book will take you on a journey of trial, error, and experimentation that will 
help you build the best possible lab for your needs, both for now and in the future. 


CHAPTER 4 


A Portable Mini-Lab 





Having a portable (or at least (transportable) electronics lab comes in handy in several circumstances. 
Maybe you don’t have a place (yet) for a permanent home for all that equipment. Maybe you need to 
bounce at amoment’s notice, heading off on electronic adventures at the drop of a hat. Or maybe you 
like to keep everything where you can find it in a hurry, without having to rummage through shelves and 
boxes, looking for just the right tool or component. 

Whatever your motivation for wanting a portable lab at your disposal, this chapter should help you 
get started. 


Have Lab, Will Travel 


First, a note or two is in order concerning travelling with your electronics lab. Nothing makes security 
screeners at an airport or customs inspectors at border crossings more nervous than a bunch of 
mysterious devices, especially devices that are tangled up in a rat’s nest of wires. 

Do what you can to keep your collection of tools and components tidy and in working order. You 
will most likely be asked to at least turn on any questionable items and demonstrate that they are not 
hollowed-out shells for transporting questionable items. It also doesn’t hurt to clearly label equipment 
as to its function and ownership, which makes sense in any case, not just travel scenarios. 


The Compact Executive Model 


“A full mongoose is a slow mongoose.” This is an important lesson learned from Rudyard Kipling’s 
Rikki-Tikki-Tavi. Rikki, a mongoose, has to stay fast on his feet to be able to combat Nag the cobra and 
hope to win. Therefore, Rikki learns to only take a few bites at a time when eating and never gorge 
himself. 

Although hopefully not in a life-or-death situation like Rikki’s, you can learn a thing or two from this 
simple philosophy. Only take what you absolutely need when travelling, and never take something you 
can obtain at your destination. These things will only slow you down. Don’t be a slow mongoose. 





Tip Travel light. 
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A slim and lightweight briefcase or attaché can hold many of the tools and components you might 
need for your mobile electronic experimentations. The main advantage is that you will only need one 
hand to carry it (leaving one hand free to open doors, bribe guards, or fend off ninja—assuming you 
have two hands to begin with). See Figure 4-1. 





Figure 4-1. The compact executive mobile electronics laboratory. There’s plenty of room for lots of tiny 
things, but not much else. Also handy for transporting big stacks of cash, should the situation arise. 
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Let’s take a look at what all you can take with you without a lot of heavy lifting. Starting on the left 
and moving to the right, we have 


e Netbook PC with AC charger and USB mouse (it might be hard to see in Figure 4-1 
because it’s upside down and covered by other stuff) 


e Arduino Uno programmable microcontroller (or physical computing platform) 
e = Folding multitool 

e = Lighted magnifier 

e Digital camera 

e Solderless breadboard with lots of precut jumper wires 

e Digital multimeter and probes 

e Compact single-channel oscilloscope with probe 


e AC-powered USB charger—can also be used as a stand-alone regulated 5V power 
supply 

e USB cable 

e Avvariety of LEDs in all shapes and sizes 


e Additional passive components 


e A vvariety of batteries, both rechargeable and otherwise, and various battery 
holders (not shown) 


e Static-sensitive integrated circuits and modules stored in antistatic bags 
e Notebooks, writing implements, blank media, and documentation 
e Your contact information in case of loss 


One of the interesting features of this lab is that it is completely self-contained, power-wise. While 
it’s nice to have access to AC power, it’s not strictly required, at least for a while. The Arduino and the 
attached breadboard are powered by the battery in the netbook, via the USB cable. The multimeter has 
its own 9V battery, while the mini-oscilloscope can be recharged from a spare USB connector. With an 
extended-life battery, you can expect four to five hours of on-location electronic experimentation. 

If your netbook or PC has Wi-Fi or other connectivity to the Internet, you can browse tutorials, data 
sheets, user forums, and even this book, unless you’ve already downloaded these items to the internal 
hard drive. 

Have a look at this particular lab deployed and ready for action in Figure 4-2. 
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Figure 4-2. The compact executive lab is deployed on a desktop. You have access to lots of electronic 


building and debugging capabilities in a small area. Using a solderless breadboard helps reduce the 
number of fabrication tools that you need to carry with you on your adventures. 


The Arduino was included for its small size, popularity, and ease of use. There’s a whole world 
waiting for you inside that little board, waiting to be explored, but that’s a story for another day. 

You can use the USB cable to extract a regulated +5V supply from your PC for your low-voltage- 
experimenting pleasure. You can also use an inexpensive USB charger to do the same thing, if you don’t 
feel like hauling a whole PC around with you. Just don’t try to draw more than half an amp of current, 
which is the “official” USB limit for supplying power to USB devices. Technically, unenumerated devices 
(i.e., just a USB cable with nothing intelligent enough to identify itself to your computer) can only draw 
up to 100 mA (0.1A) of current. A USB charger, on the other hand, is not so picky. 


No Soldering Required 


One notable omission from this particular configuration is any sort of soldering tool. You could certainly 
add a small soldering iron, some solder, and a few more hand tools. You'll either need to boot out some 
of the bulkier items, such as the PC or the full-sized multimeter, or get a slightly bigger carrying case. 
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The Ever-Shrinking Computing Device 


One option that will be gaining momentum in the very near future is the use of tablet computers or 
smart phones instead of the physically larger laptops or netbooks. They already have a lot of the 
computing capabilities of reasonably powered portable computers. Also, you can look forward to 
innovative hardware and software interfaces that will make them more useful in the lab as 
programmable test and measurement devices. While name-brand products still command a premium 
price, many no-name or OEM (original equipment manufacturer) products are being sold for a fraction 
of the cost. 


Electrical Experiments You Can Perform 


Here are some simple electronic experiments that you can perform using only the tools and components 
found in the compact executive mobile electronics lab. Start out with something simple and 
incrementally build on your success. Don’t try the most complex problems first. What you want is to 
build up both your knowledge and your confidence at the same time. 


Lighten Up, 20th Century Style 


Here’s an easy experiment that will teach you several interesting things about electronics, believe it or 
not. You can light up a typical LED using only a lithium coin cell. It needs to be a lithium coin cell that 
produces at least three volts (marked “3V”), not one of the smaller batteries that only supplies 1.5V, such 
as a watch or hearing-aid battery, as these will not produce enough voltage to light up a typical LED. 

Slide the coin cell between the leads of your LED. There are four possible outcomes, three of which 
are “nothing interesting happens.” Let’s start with the least likely possibility, in which the LED lights up. 
Sometimes you just get lucky. 


First Possible Outcome: The LED Lights Up When Attached to the Coin Cell 


Figure 4-3 shows the results of this outcome. Notice that the longer lead of the sLED (the positive, or 
anode, lead) is touching the side of the coin cell marked with a +. No current-limiting resistor is required 
in this circuit because the battery’s internal resistance is sufficient to keep from blowing up the LED. It 
just happens to work out that way, this time. Most other times, you will need to add a current-limiting 
resistor to the circuit. 
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Figure 4-3. A typical LED lights up when attached to a lithium coin cell. No extra wires needed! 


The other three scenarios? Let’s look at them one at a time. 


Second Possible Outcome: Nothing Interesting Happens 


Why? Because the LED has been installed backward. Alternatively, the coin cell has been installed 
backward. Remember from Chapter 2 that LEDs are light-emitting diodes, and diodes only carry current 
in one direction. Therefore, when connected backward, they block the flow of electric current, 
preventing anything interesting from happening in the rest of the circuit. 

Typical lithium coin cells have one broad, flat side that usually has something printed or etched on 
it, almost always with a + to indicate the positive polarity of the cell. The other side is often textured or 
rippled in some way to help make better electrical contact when installed in a device. This other side is 
the negative terminal of the battery. 

The LED, being a diode, is polarized. It will only work when installed in the proper orientation inside 
the circuit. Most LEDs will offer one or more ways of easily identifying which lead is which (see 
Figure 4-4). 
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e Brand-new LEDs will have extended leads about an inch or so long. One lead will 
be slightly longer than the other one. The longer lead is the anode, or positive lead. 
The shorter lead is the cathode, or negative lead. This information is lost when the 
leads of the LED are trimmed—for example, after being installed in a PCB. 


e Another industry standard for identifying the polarity of an LED is to look at the 
small ridge or shoulder at the base of the LED body. There will be a flat portion 
molded into the otherwise circular outline. This flat spot marks the cathode, or 
negative terminal of the LED. 





Figure 4-4. Typical LEDs in the 3mm, 5mm, 8mm, and 10mm sizes almost always have two polarity 
indicators. The first is that the longer lead is the positive lead, or anode (top). The second is that the flat 
side on the base indicates the negative lead, or cathode (bottom). 


On really tiny LEDs, there may be an even tinier mark printed or etched onto the LED to indicate the 
cathode. You will sometimes need a magnifying glass just to see it! 

The quick and easy fix for this problem is to swap the direction of either the LED or the battery. If 
this still produces no good results, we have to consider some more possibilities. 
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Third Possible Outcome: Nothing Interesting Happens 


This time, after establishing that the LED has been properly oriented with respect to the polarity of the 
battery, we must entertain the possibility that the battery has been previously depleted. Coin cells have a 
limited amount of energy stored within them, and this can be easily drained in normal use over time. 

A quick way to measure a battery’s electrical goodness is to use a voltmeter. See Figure 4-5. 





Figure 4-5. Measuring a coin cell’s electrical goodness using a digital multimeter. This one is chock-full of 
goodness! 


If you have a multimeter, be sure to set it to read DC voltage, in the appropriate voltage range 
(unless you have a fancy “autoranging” meter). Touch one of the meter’s probes to one side of the 
battery and the other probe to the other side of the battery, and see how much voltage is measured. 
Anything below 3V should be considered depleted and of no further use, as far as electronic-type 
projects are concerned. The batteries are shiny and round, so they may have a second career in some 
sort of art project, but otherwise they should be disposed of in a responsible manner. 

Also, perhaps because of their very shininess and roundness, they like to be eaten by small children. 
Don’t let this happen! Take whatever steps are necessary to prevent small children from handling or 
even touching your electronic tools and components. Use extra care when your lab is mobilized. 





Caution No unsupervised children, no matter how adorable, are allowed in the lab! 
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Fourth Possible Outcome: Nothing Interesting Happens Because the LED Is 
Defective 


This can happen when an LED is subjected to too much current and the tiny, tiny wires within the 
plastic body overheat and fail. It can also occur when the LED has been exposed to the elements and 
moisture has penetrated the casing, allowing the internal connections to oxidize. This scenario, while 
within the realm of possibility, is certainly the least likely of the four, unless you are habitually cruel to 
your LEDs. It’s also easy to test, if you have a known-good lithium coin cell handy. 


Where’s the Resistor? 


You might be wondering where the current-limiting resistor can be found in this circuit. It’s in there, all 
right, but it’s hidden within the battery, so to speak. Coin cells are designed to provide tiny amounts of 
current over a long period of time. You’re not going to arc-weld or start your car with one. As such, they 
have a much higher internal resistance than most any other kind of battery. We use this “feature” to our 
advantage when testing LEDs using just a coin cell, as the maximum amount of current that will 
normally flow out of the battery is below that necessary to destroy the LED. 


A Slightly More Permanent Circuit 


You can build a more permanent circuit for the coin cell and LED using a solderless breadboard. If you 
recall from the “Solderless Breadboards” section of Chapter 3 (see Figure 3-6), a solderless breadboard is 
an array of spring-loaded tie points, which serve to both physically hold electronic components and 
provide electrical connections between certain points. Let’s build an LED circuit on a solderless 
breadboard using an LED, a coin cell, a resistor, a jumper wire, and a custom battery holder (see Figure 
4-6). Later on, in Figure 4-7, you can see details of the custom battery holder. 
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Figure 4-6. A slightly more permanent LED circuit, built on a solderless breadboard. The tie points on the 
breadboard are labeled left to right with the letters A-E and F-J for the columns. The rows are numbered 
starting at 1 at the top. The LED’s anode, for example, is installed in tie point F3. The power rails on either 
side are simply marked with + for positive and — for negative. 


Referring again to Figure 4-6, you can see the overall layout of the LEDcircuit. The power rails along 
both sides of the breadboard are just longer versions of the electrical connections that connect each of 
the groups of five tie points together. In this example, the right-hand power rails are used, but the left- 
hand side is not. 

The schematic diagram of this circuit shows how simple it is, at least in principle (see Figure 4-7). 
Can you see the circle? 


R1 


150 
+ D1 
3V GREEN 


Figure 4-7. The schematic diagram of the LED circuit as built on the solderless breadboard. Schematics are 
intentionally simpler than reality (most of the time) in order to help convey the very basic idea of how 
things are to be wired and the relationships between the components, without bogging you down in all the 
inevitable details that are involved. 
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The Battery 


The symbol for the battery actually looks like the battery in this case. The same symbol is used for most 
single-cell batteries, even when they are of completely different shapes or proportions. Multicell 
batteries are usually represented with repeated stacks of long and short lines. 

The battery symbol’s long line represents the positive terminal of the battery, and the short line 
represents the negative terminal. Again, it’s just a coincidence that the wide side of the lithium coin cell 
is the positive terminal. The addition of the + sign in the schematic is redundant, but you'd be surprised 
how many people accidentally reverse this symbol. Better safe than sorry when it comes to electricity! 


The Resistor 


The battery’s positive terminal is connected via a wire (drawn as a simple, solid line) to one side of the 
resistor. The schematic symbol for the resistor is a zigzag line. 

The resistor is labeled “R1” (resistor 1) in this schematic, even though it’s the only resistor and could 
just as well have been labeled “RESISTOR #1,” or just plain “resistor.” The numeric value underneath the 
resistor is the component’s primary electrical characteristic, at least as far as we’re concerned when 
looking at the schematic. In this case, it indicates a resistor whose value is 150Q. In this simple example, 
the value of the resistor is quite flexible. A larger value, such as 1KQ (1,000 ohms) or more, would also 
work, except that the LED would not shine as brightly. This is because more resistance results in less 
current flow, and it’s the current flow that makes the LED shine. More current, more shiny. 

We haven’t specified any of the other important characteristics of the resistor, such as the tolerance 
or the power-handling capacity. Because this is such a low-power circuit, almost anything will do. When 
you start to work with really big LEDs that require correspondingly really big power supplies, this 
becomes a much more critical issue. For now, we start simply. 


The LED 


The other side of the resistor is connected, again, with a simple, solid line, to the anode of the LED, 
whose reference designator in this schematic is D1 (for diode 1). You could have called it “LED,” and 
future generations would probably have understood your intentions, which should be your overriding 
goal. Its characteristic “value” in this case is “green.” Of course, any color will do, as long as you have the 
eyes to see it. 

The LED’s schematic diagram effectively communicates its polarized nature. The arrow indicates 
the flow of conventional current. The flat bar indicates the cathode, or negative terminal of the LED. This 
corresponds to the flat side of the LED body in this example. The cathode is connected via a wire back to 
the negative terminal of the battery, completing the circuit. 

Can you see the circle yet? Hint: It’s disguised as a rectangle. The important point is that it forms a 
complete loop. 
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Building the Actual Circuit 


Comparing the schematic to the photograph of the completed circuit might not immediately click in 
your head. Take a look at Figure 4-8 for a slightly different angle, where you can see some more details, 
such as how the battery is being mounted. 





Figure 4-8. Another view of the LED circuit as built on a solderless breadboard. The battery holder is a 
modified pin block that has had a couple of its pins removed, allowing the coin cell to fit in on the 
diagonal. A thinner coin cell could have fit without your having to remove the corner pins. A proper coin 
cell holder is inexpensive and would provide a much more robust solution to the problem. 


Looking at Figure 4-8, you can see how the positive side of the battery is making physical and 
electrical contact with the gold-plated pin of the pin block. The remainder of the pin emerges 
underneath the black plastic molding to make contact with the spring-loaded tie point within the body 
of the solderless breadboard, which in this case is the negative power rail. The positive terminal, ina 
similar fashion, makes contact with the positive power rail. 

By attaching the battery directly to the right-side power rails, you ensure that your circuits are only a 
short jumper away from power, no matter where along the breadboard you decide to build them. Handy! 
Note that the left-side and right-side power rails are not connected at this time. If you would like 

them to be, you can easily attach them using jumper wires. See Figure 4-9. 


CHAPTER 4 © A PORTABLE MINI-LAB 





Figure 4-9. Attaching the left- and right-side power rails using jumpers. By default, the power rails are not 
connected. There are some situations where you need them to not be connected, such as when using 
multiple supply voltages within a single circuit. These things happen. 


Now, referring all the way back to Figure 4-6 (sorry about that), you should be able to see how the 
positive terminal of the battery is indeed connected to one side of the resistor. The other side of the 
resistor, then, makes an electrical connection with the anode of the LED (the non-flat side, when seen 
from above). The cathode is connected to the negative power rail using a short jumper wire. The 
negative power rail then completes the circuit back to the battery. The circle is complete. 

Note that the resistor could have been placed either before the LED in the circuit (as shown in the 
photographs) or after the LED. The only important points are that it is in the same circuit, or circle, and 
that the current must flow through both the LED and the resistor. It really doesn’t matter which one 
comes first, especially in this simple circuit. It will only make a difference when you start to do fancy 
stuff, like adding switches and such to complicate things. 

If you're using a different kind of solderless breadboard (and there are a few distinct varieties), you 
may or may not have power rails available. If so, fret not. You can still make point-to-point connections 
using more jumper wires. Now you're starting to understand why you were assigned to cut and strip so 
many jumper wires back in Chapter 2! They should start to be coming in handy just about now. 
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Multiple Uses for the LED 


Now we've moved from the 19th century incandescent bulb to the 20th century LED. What kind of 
lighting devices will we encounter in the centuries ahead? 

One of the nice features of LEDs is that they don’t typically require a great deal of power to operate. 
This is certainly true of indicator-style LEDs, whose only purpose is to be seen as either on or off. We can 
leave this LED installed right where it is and use it as a handy power-on indicator for future projects. You 
might be surprised how many heads get scratched in puzzlement, wondering why a newly wired 
prototype isn’t working, only to find out after exhaustive investigation that the power wasn’t turned on! 
Then again, you might not be surprised by this. 

Now let’s take this perfectly working circuit and break it—on purpose. If we interrupt the circuit, for 
example, by removing any of the components or their connections, the circuit stops working. To that 
end, remove the short jumper wire and replace it with two longer jumper wires. Plug in each of the new, 
longer jumper wires where the two ends of the short jumper were installed. See Figure 4-10. 





Figure 4-10. By intentionally breaking the circuit, we stop the flow of electricity through the components, 
extinguishing the LED. By reconnecting the longer jumpers (or just touching them together), we reestablish 
the circuit, and the LED should light back up again. We can use this mechanism to test whether there is 
continuity in another circuit. 


Now, by touching the two probe wires together, you recomplete the circuit, and the LED should 
glow in happiness. This is exactly how a switch works. You can use this basic idea to build a continuity 
tester that lights up the LED when the current flows in the circuit. This is very handy for testing cables 
and wiring in a more complex assembly. 
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More electronic experiments, including how to both calculate and measure what’s happening in a 
circuit, can be found in Chapter 5. 


The Special Project Portable Laboratory 


When you move past the simple joys of lighting LEDs and wiring up tutorial circuits, where do you go 
and what do you build? How about a robot? 

Doug Paradis is an award-winning writer and robot builder. When Doug wants to work on one of his 
robots, he packs up a small kit of tools and heads over the local robot club, which in Doug’s case is the 
Dallas Personal Robotics Group (DPRG). They meet every Tuesday at the Dallas Makerspace for an 
informal evening of robot building and socializing. See Figure 4-11. 





Figure 4-11. Doug Paradis of DPRG, arriving at the Dallas Makerspace for an evening of robot building. 
Doug uses the club’s laser cutter and other specialized tools to give his robots that winning edge. He brings 
his own set of hand-picked tools along with him. 
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Figure 4-12 shows what Doug brings with him to work on his robots. 





Figure 4-12. The contents of Doug’s portable workshop. A variety of hand tools, precison measurement 
devices, and fasteners (including tape, tie wraps, and super glue) are easily stored in a small tool bag for 


easy transport. The comparmentalized storage containers at the upper right contain a large assortment of 
screws, washers, and nuts. 


Doug has learned the lesson of travelling light. The electronic portions of his robotic creations 
evolve slowly over time, but the mechanical aspects get a lot of tweaking along the way. 
Not everyone has perfected the art of light travelling. See Figure 4-13. 
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Figure 4-13. A sort-of-portable robotics lab, with lots of tools and spare parts. One way of looking at this 
bounteous splendor is “three trips to the car.” 


This caravan of tools, parts, and miscellaneous supplies forms the entourage of Kyle the Robot. Kyle 
is very much a work-in-progress. The basic framework is made of hand-tooled aluminum. The large 
wheels use O-rings for tires and are driven by 24V gear motors. The 24V supply is made up of two 12V, 
5Ah rechargeable lead-acid batteries. Ah stands for amp hours, and represents the capacity of the 
battery. In this case, it can deliver an amp of current for five hours, or five amps for one hour. The 
custom PCB holds the electronics for the drive motors and will be controlled by a separate 
microcontroller that has yet to be added. See Figure 4-14. 
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Figure 4-14. Kyle the Robot is a work-in-progress who requires a wide range of specialized tools and 


components. Some new components are being fitted, including dedicated battery voltmeters, fuses, a 
circuit breaker, and a master power switch. Once the sharp corners are filed off, Kyle will be able to roll 
around the house, looking for chores to do. 


Summary 


As we come to the end of this chapter, you should have some good ideas bouncing around in your head 
about how you want to pack your mobile electronics lab, what tools and components you absolutely 
must have with you, and how you want them organized. The best way to find out for sure what works for 
you is to make a few field trips, paying careful attention to what was actually used compared to what you 
anticipated needing. This will help you whittle down your cargo to the bare essentials, which is what you 
want. Remember, travel light. Excess baggage is a purely optional curse. 

In the next chapter, we'll look at some suggestions for organizing and working in a more permanent 
setting. This could be a domain as small as the corner of a desk or as large as a warehouse. You will soon 
discover, if you haven’t already, that this hobby, like many other projects, will quickly expand to fill the 
space available. Try to keep in mind that you are the one that ultimately makes the decisions. Effort 
spent planning ahead of time will help keep the sprawl to a minimum, while helping you stay focused on 
what you wanted to be able to do in the first place. 







CHAPTER 5 


The Cozy Corner Lab 





Chapter 4 focused on the needs of the travelling electronic adept. Here in Chapter 5 you can come home 
to a lab that is always ready and waiting for some electrical fun and doodling. Nice! 

You don’t need an entire garage or extra office for a functional laboratory for your electronic 
endeavors. It’s certainly nice if these areas are available to you, but you might be surprised at how much 
you can do in just a small space, if you set it up properly and maintain it with determination. 

The first part of this chapter will deal with the task of rehabilitating a small, dedicated work area that 
has succumbed to years of poor organizational habits. These things happen. The second half of the 
chapter explores the possibilities of starting afresh with a nice, clean space—either something brand 
new or just newly cleaned. Some more projects help break in your new work area, as well as familiarize 
you with more interesting information about some of the basic electronic components reviewed in 
Chapter 3. 


The Rehabilitation of a Small but Useful Area 


Let’s perform a little magic, in the form of a complete makeover for a small workstation. Have a look at 
Figure 5-1. Don’t let this happen to you! 
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Figure 5-1. A workstation that has been in continuous use for several years. Not much planning went into 
the original organization of this work area. Such a space can often accumulate flotsam and jetsam that 
might have at one time seemed appropriate, but now just competes for precious space. The effective work 
area is down to only a few dozen square inches! This limits the scope of projects that can be comfortably 
undertaken. It also causes unnecessary delays in rooting around for tools and parts. It’s not pretty and it’s 
not safe. 


Where to begin? Like any other project, this big project is made up of many smaller projects, none of 
which are especially difficult, if approached in the right order and with the right attitude. 

If you're starting from scratch with your electronics lab and don’t want to wade through this mess, 
jump on over to the “Adding a Power Source” section of this chapter. 


Science to the Rescue! 


Let’s use the science of taxonomy to help break down this task into smaller, more manageable jobs. 
Taxonomy comes from the Greek words for “arrangement” (taxis) and “method” (nomia). That sound 
like exactly what is needed here! An “arrangement method” would assist in building up a plan for 
attacking this project. 





Tip Method plus rigor equals success! Have a plan, pursue it with determination, and you will succeed. 
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Let’s break down the overall category of “big mess on table” into two major taxa (singular: taxon), or 
categories. Ideally, what we will find here are tools and components. There will be other bits and pieces 
that don’t easily fit into one category or the other (or will maybe fit into both), but it gives us a place to 
start. 


Organization 


Divide and conquer These are the two words that will help us through the ordeal of rehabilitating this 
workspace. We’ll get to do a lot of dividing here, and end up as conquerors. The spoils will be a useful 
(and tidy!) work area that will encourage you to begin new electronic adventures, instead of scaring 
small children. 


The Great Divide 


It would be possible to reorganize this workspace in situ (i.e., in place), but it would require a great deal 
of inner peace and lots of patience. Lacking these, a complete reboot is in order. Let’s clear off the entire 
table and start afresh. This will provide the excellent opportunity to arrange things in exactly the best 
possible order. 

First, get two big containers. These can be cardboard boxes or plastic storage bins—it really doesn’t 
matter. We’ll just be using them as temporary staging areas as we make like an embryo (and divide and 
divide again). See Figure 5-2. 





Figure 5-2. Two large cardboard boxes are enlisted to help with the initial organization of the contents of 
the tabletop. One will be for tools and the other one for components. Further subdivisions will be made 
later. 
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Now, the first thing you will want to do is remove any items that really don’t belong in the lab at all, 
such as coffee cups, personal effects, and any obvious trash. Everything that is about to go into one of 
the two boxes should eventually find its way back to the work area, so now is the time to omit the things 
just don’t belong here. 

Is it a tool? Is ita component? How do we tell? Ask five people and you will get five different answers. 
For the purposes of this little endeavor, a componentis something that will become a part of a project, 
while a tool is something that is used to modify or manipulate a component. Another way of looking at it 
is that components get used up quickly, while tools get used up slowly. If you build enough projects, you 
will be lucky enough to see exceptions to these guidelines. 

Here are some examples. Wire is a component. Wire cutters are tools. That was easy. A flashlight is a 
“visual inspection aid,” so it goes under the category of tools. Batteries for the flashlight are consumable, 
so they are components. There’s no real need to be ultra-precise at this point. Use your best judgment 
and make up policies that make sense to you. 

It might help, from a physical logistics standpoint, to use smaller subcontainers to hold the really 
small bits as you’re lumping them into the two broad categories. Folding cardboard bin boxes are handy 
both on the tabletop as well as on shelves, if you have them. The cardboard bin boxes shown in Figure 
5-3 are from Uline (http: //uline.com), part numbers S-16268 (4" wide) and S-16269 (6" wide). 





Figure 5-3. Folding cardboard bin boxes help contain some of the smaller bits and pieces during the Big 
Sort. You can use whatever happens to be available. Some preliminary subsubdivision is going on here. 
For the most part, the tools are on the left and the components are on the right. 
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After everything is removed from the table and the cardboard boxes are nearly full, the table itself 
should get a good washing. Behold the tabula rasa (blank slate) depicted in Figure 5-4. 





Figure 5-4. The tabletop has been cleared of tools, components, and various bits of debris. A good washing 
with soap and water completes the cleansing. A burned spot (the result of a poorly supervised thermal test) 
is covered with a small sticker (see inset). 
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Adding a Power Source 


Here’s where a bit of planning will save you a lot of headaches in the future. What you never seem to 
have enough of in any laboratory, especially electronics labs, are lots of conveniently located power 
outlets. Let’s take care of that issue right away, before building anything else onto the tabletop. See 
Figure 5-5. 





Figure 5-5. A 12-outlet power strip is attached to the back edge of the tabletop. This will provide a safe and 
convenient source of power for all those gadgets you'll eventually want on your bench. Tools needed for the 
job include a drill motor to drill out some small pilot holes for the brackets, a small drill bit, and a felt- 
tipped marker. Before drilling the pilot holes, align the brackets where you want them to go and use the 
marker to put a dot where the pilot hole should be drilled. Make sure the power strip is not plugged in 
when you're drilling right next to it! 


Having lots of extra power outlets is a nice bonus, but is not absolutely required. What you want to 
avoid, however, is excessive daisy-chaining of power strips and extension cords. This is a fire hazard. 
Remember from Chapter 3 that every conductor has a certain amount of resistance. This resistance 
turns electricity into heat. Enough heat makes things catch on fire. 
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If you do have the luxury of being able to mount a permanent power strip (which, technically, 
remains a temporary power tap as far as the manufacturer is concerned), then be sure to install it 
securely using the hardware provided. See Figure 5-6. 





Figure 5-6. The power strip is fastened securely to the table using the provided hardware. You do not want 
your power strip wiggling around, or worse yet, falling off the table, dragging all of your power tools with 
it! 





Tip Test every outlet of your power strip before permanently mounting it to your workbench. 





A Clean, Well-Lighted Space 


You can never have enough light, it seems. What passes for normal room illumination might be 
sufficient for such adventurous undertakings as finding your way to the door or looking for the remote 
control for the television. For anything more demanding, you're going to have to add some more 
lighting, and probably lots of it. 
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Ata minimum, you are going to want some task lighting, which helps illuminate the immediate area 
of your focus. In this case, where a small table is being used as a workbench, an articulated fluorescent 
lamp with a built-in magnifier will do a great job, at least until more lighting can be strung up. See 
Figure 5-7. 





Figure 5-7. You will need some task lighting for your bench. This desk lamp also includes a handy 
magnifier for really close work. 


Tools 


Now we're ready to bring some of the tools back in to the lab. Here’s where you get to decide which tools 
get a permanenthome on the bench and which ones get put up and stored when not in use. 

The permanently deployed tools on your workbench should be the ones that you find that you are 
using the most. The ones that get put up after every use are the ones that either only get used 
infrequently or pose some sort of hazard, such as sharp edges or hot surfaces. Again, you get to decide. 
It’s your lab. 
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Tools for Soldering 


An activity that is practiced frequently in many electronics labs is soldering. If you haven’t learned how 
to solder yet, you are strongly encouraged to do so. Here’s a handy setup for soldering, sitting in one 
corner of the newly refurbished workbench. See Figure 5-8. 





Figure 5-8. A temperature-controlled soldering station with a stand for the soldering iron, a water bottle to 
wet the tip-wiping sponge, and some different kinds of solder. Some people prefer to have the soldering 
station nearer to the front edge of the table. Use whatever configuation makes the most sense in your lab. 





Caution Soldering irons are hot and can cause serious burns. Do not place a soldering iron where you might 
accidentally knock it off the work table or brush against it. 
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Hand Tools and Some Test Equipment 


No matter what you work on at the bench, you will most likely discover the need for some common hand 
tools. When working with electronics, especially, you will often need wire cutters, wire strippers, and 
small pliers. These tools have been laid out conveniently (for a right-handed person) at the lower-right- 
hand side of the bench, while the less-often-used hand tools can reside in a box. 

A regulated, adjustable bench power supply is also very handy when working with electronics of all 
kinds. A good, reliable multimeter can also claim a permanent home on the bench, as these will get a lot 
of use. See Figure 5-9. 





Figure 5-9. A clean bench with just enough tools to have some fun. Extra soldering supplies, including 
more kinds of solder , extra soldering iron tips, soldering flux, and an emergency backup soldering iron, sit 
in a box adjacent to the soldering station. Hand tools and basic test-and-measurement equipment 
complete the set of “most-useful tools.” There’s still room for a few more, when you need them. 
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Under the Desk 


If your workbench has the luxury of drawers, by all means use them! Try to keep your under-desk 
environment as free of clutter as possible. It’s not really a very convenient place to store unused tools or 
components. You're going to drop the occasional item from time to time, so having to dig out a bunch of 
junk just to find it is just going to be more frustrating for you. Keep it clean! 

You should keep a medium-sized trash can under or near your work area, as you will inevitably 
generate some waste products in this hobby. By minimizing the amount of food-related garbage 
deposited in your laboratory trash receptacle, you can postpone the invasion of little critters looking for 
a free meal. Also, bits of wire and old components don’t tend to stink after a few days, but a half-eaten 
sandwich might. 





Tip Copper easily recycles at a premium price. Collect your copper wire snippings and cash them in someday. 





A nice addition to the under-the-table accessories you might consider is some low-wattage strip 
lighting. LEDs are especially good for this. You will appreciate this more once you conduct your first 
search-and-rescue mission for that teensy-tiny component that dropped off the edge of your table and 
into the carpet. 


Components 


Most of our tools are now ready to go. The most frequently used tools are permanently set up, ready for 
action. The less frequently used tools are carefully stored where we can get to them when we need them, 
but are not in the way the rest of the time. This is a big improvement over the situation you saw back in 
Figure 5-1. 

Now we need some components with which to work, using our scientifically arrayed tools. Have a 
look at Figure 5-10 to see one example of how to keep your parts organized yet within easy reach. 
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Figure 5-10. Parts bins are used to organize components. This style of container is available in many sizes 
with different numbers and sizes of drawers. Even more parts are stored on a shelf behind the work area. 
The most commonly used hand tools are laid out on the right. The other hand tools are collected in a small 
toolbox on the left. 


Where to Go from Here 


This work space could be further augmented with shelving, both above the work surface and 
underneath. More lighting wouldn’t hurt, either. However, this is plenty to get started. Let’s build some 
electronics projects on this squeaky-clean table and see if we can dirty it up a bit. 


Projects 


Let’s look at a few smaller circuits you can easily build on your tidy, new work area using a solderless 
breadboard. Expanding on the LED-and-coin-cell experiments in Chapter 4, we’ll add a few more 
components and hopefully start to see how they all interact. 
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There are any number of different types of solderless breadboards available today. A range of them 
is shown in Figure 5-11. 





Figure 5-11. Different sizes of solderless breadboards, all with the same lead pitch and internal 
connections. The small black unit in the center is perfect for little circuits with only a few small 
components. The white unit on the left has more tie points and offers power rails along each side. The 
deluxe, powered unit on the right adds even more space, as well as multiple regulated power supplies for 
all your tinkering requirements. 


Parallel and Series Circuits 


The circuits presented so far have all illustrated the “loop” characteristic of electrical circuits. Electricity 
generally flows in a circle. It’s possible to have more than one path through a circuit, however. What 
happens then? 

Like most good questions, the answer is, “It depends.” Let’s hook up two LEDs at once and try to 
figure out exactly what’s going on. Figure 5-12 shows how it’s put together. See Figure 5-13 for the 
schematic diagram. 
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Figure 5-12. Two LEDs are illuminated at the same time. This simple circuit demonstrates both parallel 
and series electrical circuits. A3xAAA battery holder with an integrated power switch is used to provide 


power to the circuit. 
To build this circuit as shown, you will need the following components: 
e Asolderless breadboard with power rails 


e A3xAAA battery holder (which holds three AAA cells) and three fresh AAA cells— 
rechargeable cells are better 


e Two LEDs (any visible color will do 
e Two 100Q 1/4W resistors 
e Two short jumper wires 
Using the letters printed on the breadboard to find the columns across the top and the numbers to 


find the rows, we can describe each of the tie points using a single letter and a number, such as A-1 or 
B-2. The following exercise shows how to put it all together. 
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ASSEMBLY INSTRUCTIONS 


1. Install the top LED with its anode (longer lead) in tie point F-11 and the cathode in 
tie point F-12. 


2. Insert one of the resistors from the red power rail on the right at row 11 across to 
tie point I-11. 


3. Connect the right-hand blue power rail at row 12 to tie point J-12 using a short 
jumper wire. 


4. Install another LED just below the top LED, with its anode in tie point F-17 and the 
cathode in F-18. 


5. Install the other resistor from the right-hand power rail at row 17 across to tie 
point I-17. 


6. Use another short jumper wire to connect the blue power rail on the right at row 
18 to tie point J-18. 


7. — Install three fresh AAA cells into the battery holder. 


8. Insert the red wire (positive) coming from the battery holder to the red power rail 
on the right at row 3 (the top). 


9. Insert the black wire (negative) from the battery holder to the blue power rail on 
the right at row 3. 


10. If your battery holder has a power switch, turn it on now. 





The circuit is now complete. Please verify that both LEDs are illuminated, as shown in Figure 5-12. 


Troubleshooting 
If both LEDs are not shining at this point, you’re going to have to do some troubleshooting. 


e The first thing to do is double-check your wiring. Does your breadboard look like 
the one in Figure 5-122 


e Next, make sure you're using good batteries. If you have a voltmeter, you can test 
the batteries by measuring their voltage. New alkaline or carbon zinc cells should 
read 1.5V or more. Rechargeable nickel-cadmium (NiCd) or nickel-metal hydride 
(NiMH) batteries should read around 1.2V each when completely charged. 


e Are the cells properly installed in the holder? Are they in the proper orientation 
and firmly seated? 
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e Is the power switch (if available) not in the On position? This happens more 
frequently than anyone would like to admit. Wiggle the switch back and forth and 
see if it’s only making intermittent connection. 


e Check the orientation of the LEDs. They will only work if installed in the correct 
orientation. It only takes a second to unplug them, swap them around, and try 
them the other way. At these low voltages, it won’t hurt them to be installed 
backward. 


e Are your resistors the right value? The 100© value is not critical. Anything from 
100Q to 1KQ will do nicely. Don’t use smaller values, as this will allow too much 
current to flow through the circuit, perhaps damaging the LEDs. How much 
current? We'll figure that out in just a bit. Larger-value resistors will decrease the 
amount of light emitted by the LEDs, down to the point where you can’t see them 
anymore. 


e Are you sure your LEDs emit visible light? Millions of infrared LEDs are 
manufactured every month for use in remote controls and night-vision gear. This 
light is not visible with the human eye, although some digital cameras can see it. 
Just because it looks like an LED doesn’t mean it isan LED. 


A Different View of the Same Thing 


Your version of the circuit in Figure 5-12 might look a little different, and that’s just fine. The important 
point is that both LEDs are lit up at the same time when you apply power. 

Let’s look at the traditional schematic for this circuit to get an idea of what’s going on here. See 
Figure 5-13. 
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Figure 5-13. The traditional schematic diagram of the two-LED circuit. This diagram should convey the 
very basic information needed to build the circuit, as well as understand the important aspects of how the 
circuit is supposed to work, without going into much detail at all about the actual implementation or 
assembly of the components. 


By now you should be able to look at the schematic and see the loop formed by the circuit. The only 
new twist is that there are two paths along which the electricity can flow, either through R1 and D1 (the 
top LED on the breadboard) or through R2 and D2 (the bottom LED, or the initials of a certain adorable 
robot from the movies). 


CHAPTER 5 © THE COZY CORNER LAB 


The three AAA cells in the battery holder are shown as B1 in the diagram. The power switch, labeled 
SW1, is shown as a separate component to remind us that the circuit can easily be broken, halting the 
flow of electricity, which is something we want to happen from time to time. The connections between 
the two resistors and the two LEDs should be somewhat obvious. I'll discuss the details for the parallel 
and series connections momentarily. 

Remember that an electronic schematic diagram is an abstract representation, boiled down to only 
the essential items involved and the relationships among them. As such, it doesn’t need to resemble the 
final product, but it could. See Figure 5-14. 





Figure 5-14. Another schematic diagram of the two-LED circuit, showing the approximate physical layout 
of the components on the solderless breadboard. This style of schematic is often used when describing how 
to actually build a circuit, showing the constraints of the actual, physical components and the connections 
between them. It conveys more specific information than the previous example in Figure 5-13. 
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Batteries in Series and Parallel 


Let’s look at the batteries first. Technically, as mentioned in Chapter 1, there is one battery in this circuit, 
and it happens to be composed of three cells. The term battery is very often used interchangeably with 
cells, and the distinction is minor. It’s better to avoid confusion than it is to be exactly, precisely correct— 
usually. 

We see three cells sitting side by side in both the schematic in Figure 5-14 and the actual battery 
holder shown in Figure 5-12. The cells are connected in series, meaning that one connects to another 
that connects to another, and so forth. They are like beads on a single wire. You should be able to trace 
the wiring (the solid lines) that connects the individual cells in the schematic. 

Note the polarity of each of the cells within the battery. The positive terminal of the bottom-most 
cell is wired to the negative terminal of the center cell. The positive terminal of the center cell is 
connected to the negative terminal of the topmost cell. 

The negative terminal of the bottom-most cell is connected to one side of an SPST (single-pole, 
single-throw) switch. The other side of the switch emerges from the battery holder’s body as the black, or 
negative, lead from the battery pack. The positive terminal of the topmost cell connects directly to the 
red, or positive, lead coming out of the battery pack. 

The switch could have just as easily been installed in the positive lead, and it would have worked 
exactly the same. The battery holder used in the photograph happens to switch the negative lead, as was 
revealed by examining the internal wiring using a multimeter as a continuity tester. 

When the switch is open (i.e., in the Off position), the circle is broken and no electricity is going to 
flow. When the switch is closed, the circuit is complete and power is made available to the remainder of 
the LED circuit, assuming that it is wired up correctly. 

The amount of voltage being supplied by the battery holder depends on the electrical characteristics 
of the individual cells. If alkaline batteries are used, each cell will provide 1.5V, assuming that the cells 
are relatively fresh. Rechargeable NiCd or NiMH cells will provide around 1.2V when fully charged. 

When batteries like these are connected in series, the total voltage available is the sum of each of the 
cells. Just add all the voltages together. For example, using fresh alkaline batteries, the total voltage 
would be 3 x 1.5V = 4.5V. Rechargeable cells would provide 3 x 1.2V = 3.6V when fully charged. 

If the cells were wired in parallel, with all of the positive terminals being connected together and all 
of the negative terminals wired together, the total output voltage would only be 1.5V for alkaline cells. 
The total output current, however, would be triple the capacity of each individual cell. See Figure 5-15 
for a comparison of series, parallel, and combination circuits using batteries. 
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Figure 5-15. Different arrangements of the wiring of the batteries produce different results. The top two 


cells are arranged in series. Their respective voltages are added together. The center circuit consists of two 
cells arranged in parallel. This configuration doubles the current that can be delivered. The bottom 
drawing shows a combination of both series and parallel circuits, doubling both the voltage and the 
current. 


When connected in series, the total current output is the same as the current capacity of each 
individual cell. 

In summary, if you need more voltage, stack the cells end to end. If you need more current, stack 
them side by side. Even more complex arrangements are possible, using both parallel and series circuits 
to achieve the desired power output characteristics. This practice is very common in hobby model 
aircraft and battery-powered vehicles. A designation such as 3S2P means that there are two parallel 
circuits (2P) of three cells in series (3S). 

Looking back at the circuit in Figures 5-13 and 5-14, we see that the “battery” used in this circuit 
consists of three cells in series. This means that if alkaline batteries of 1.5V each are used, the total 
voltage available to the circuit is 4.5V. If typical rechargeable cells (NiCd or NiMH) are used, we can 
expect 3.6V to flow through the circuit. 


Switches in Series 


The power switch, labeled SW1 in the schematic, is in series with the rest of the circuit. As mentioned in 
the previous section, when this switch is open, no current flows through the circuit at all. The switch is 
intentionally placed at this location in this circuit to act as a bottleneck. When the power switch is 
turned off, no power flows through the circuit. That seems like a good idea, considering the desired 
operational goal. 
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The schematic symbol for SW1 shows a pretty good likeness to the internal wiring of any simple 
SPST switch. There are two terminals, and a conductor that can be moved to either electrically connect 
them or electrically isolate them. As drawn, the switch is in the open position. 

If we added another identical switch in series with the existing switch, what would happen? Take a 
look at Figure 5-16. 


A B 
-O~-0—o--0- 
swi sw2 


Figure 5-16. Two switches in series. Both switches must be closed for electricity to flow through this part of 
the circuit. If either switch is open, the circuit is broken and no current will flow. 


Both switch A (SW1) and switch B (SW2) must be moved to the closed position for any electricity to 
flow through the circuit. If either switch is opened, then no current will flow. This is sometimes referred 
to as an AND circuit. Both A andB must be on for the circuit to operate. 

A circuit just like this is often used in security systems. Switches are attached to doors and windows. 
All of the switches are wired in series, forming a large loop. The switches are all configured to be closed 
when the doors and windows are closed, and to open when doors or windows are opened. 

If all the doors and windows are closed, then the loop of switches will allow the flow of electricity. 
Although it sounds exactly backward, when electricity is flowing in the circuit, this keeps the security 
alarm turned off: When any one of the switches is opened, the circuit is broken. The alarm then sounds. 

Most real security systems are more complex than this, of course. The main advantage of this 
particular configuration is that it is easy to install and requires the least amount of wiring. The chief 
disadvantage is that when the alarm is triggered, you have no idea exactly which switch caused it. 


Switches in Parallel 


Just like with batteries, switches behave differently when configured in a different manner. Let’s connect 
two switches in parallel this time and see what happens. See Figure 5-17. 
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Figure 5-17. Two SPST switches in parallel. If either one of the switches is closed, then power can flow 
through this part of the circuit. Both switches must be opened to stop the flow of current. 


The circuit in Figure 5-17 will conduct electricity if switch A (SW1) or switch B (SW2) are closed. To 
stop the flow of current, you have to open both switches. This can be used as a simple OR circuit. If 
switch A or switch B is closed, then power can flow through the circuit. 

Looking back at the schematics in Figures 5-13 and 5-14, we see that SW1 is in series with the rest of 
the circuit. This makes it a very effective way to turn power on and off from a single location. Handy! 
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The Three-Way Switch 


You might think that the circuit shown in Figure 5-17 could be used to turn lights on and off from two 
different locations. You would be partly correct. You could turn lights on from either switch location, 
since flipping either switch to On will cause current to flow and lights (or other appliances) to operate. 

Unfortunately, you would not be able to turn offthe light from either switch if the other switch were 
on. So this configuration is good for turning lights on but not off. A slightly more complex arrangement is 
required to do both. 

We will need two switches, as before, but they will need to have a little more functionality to 
accomplish what we’ve set out to do. Instead of a switch that’s either open or closed, we need a switch 
that alternates between two different routes, depending on how it is positioned. This type of switch is 
called a double-throw switch, as it connects a common terminal to either one of two different terminals. 
It can be thrown in two different directions. This should be much easier to understand when looking at a 
schematic symbol. See Figure 5-18. 
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Figure 5-18. A single-pole, double-throw (SPDT) switch. The common terminal on the left side is 
connected to either the top or bottom terminal on the right. Variations of this type of switch have a neutral 
position in the middle. Push-button (i.e., momentary contact) versions of this switch will label the two 
right-side terminals as either “normally open” or “normally closed,” depending on the physical 
configuration of the switch. 


Now comes the clever bit. We’ll connect a pair of these switches together by tying the two non- 
common terminals on one switch to their counterparts on the other switch. This results in four possible 
combinations of switch positions (both down, one up, the other up, and both up). Two possibilities turn 
the light on, and the other two turn the light off. The important point is that the “on” or “off” state of the 
entire circuit can be changed from either location, independently of the state of the other switch. 
Problem solved! Again, this should be easier to see when presented as a diagram. See Figure 5-19. 
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Figure 5-19. A three-way switch circuit built using two SPDT switches. Power is either carried by the upper 
wire or the lower wire, as long as both switches are in the same position. If not, then no power flows across 
this part of the circuit. As shown, the three-way switch is effectively off. Flip either switch to turn it on. 


If you ask a real electrician how to wire a three-way switch, you'll get several answers, or more likely, 
you'll get, “It depends.” That’s because it really does depend on the actual wiring situation. Sometimes 
the power is routed through one or the other of the two switches, and sometimes the power is routed 
through the load. Each of these scenarios requires a different routing of wires and connections. 
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You are strongly advised to consult a real electrician concerning wiring in your house, where your 
family, pets, and all your stuff live. Less-than-perfect wiring causes fires or electrocution, which are both 
very unpleasant ways to die. 





Caution This book does nofteach you how to wire electricity in your home. Consult a professional. 





Resistors in Series 


Just like batteries and switches, resistors perform different functions in a circuit depending on their 
configuration. Let’s look at using resistors in series first, and then consider using them in parallel later. 
Both combinations have their uses, as you will see. 

Let’s look at just a small part of the schematic that we’ve been working with so far in this chapter. 
See Figure 5-20. 
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Figure 5-20. One part of the circuit showing an LED, a resistor, and the power rails from our solderless 
breadboard. The resistor and LED are connected in series. The battery and power switch are not shown. 


LED Curiosities 


D1 is an LED. It is a polarized component and will only work when installed in the proper orientation. 
The schematic indicates a red LED should be used, but feel free to use whatever color LED you like or 
happen to have available. The triangle shape of the schematic symbol helps remind us of the direction of 
conventional current through the device. The actual flow of electrons is the other way, but that’s only 
because electrons are negatively charged particles and do everything backward. Apparently this was not 
well understood when electricity was first being tamed for our use. 

LEDs are fascinating devices, emitting light in a wide range of colors, coming in an astounding array 
of shapes and sizes, and generally requiring very little power to operate. They are almost as easy to use as 
incandescent bulbs and are certainly more power efficient. 

Being semiconductors, however (which leads to their being semimagical in their inner workings), 
LEDs generally only operate correctly within tightly bounded parameters. For example, a typical LED 
will only need between 2 and 3V to shine quite brightly. Incandescent lightbulbs, on the other hand, can 
operate from less than 1V to many hundreds of volts, depending on their construction and intended 
purpose. 
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While LEDs have a minimum forward voltage requirement that must be met for them to work at all, 
the brightness of an LED is determined solely by the amount of current flowing through it. 


LEDs Have No Self-Control 


In addition, LEDs have no internal, inherent mechanism to limit the amount of current flowing through 
them. Incandescent bulbs, when cold, have a low internal resistance, allowing much current to flow 
through them when connected to the right power supply. Remember that less resistance means more 
current can flow, and vice versa. This resistance almost instantly goes way up as the filament of the bulb 
glows white hot. The filament itself then becomes the limiting factor in how much current flows through 
the bulb, usually stabilizing at the proper power level. 

LEDs have no such sense of self-control. They will conduct as much current though themselves as 
you are willing to provide, up to and beyond the point where the internal heat generated by the small 
amount of resistance they do possess causes them to literally burn up. In general, it’s usually the tiny, 
almost microscopic internal bond wires that fizzle out, not the actual LED chip itself. However, dead is 
dead, and LEDs are generally considered to be “unrepairable” subassemblies. (Believe it or not, that’s 
the correct technical term, even though it’s not the correct English word—irreparable is the correct term 
when speaking of non-electrical things). 


Care and Feeding of LEDs 


The simplest possible solution to this preblem opportunity for excellence is the use of a current-limiting 
resistor in series with the LED. Recall that a resistor will resist the flow of current in a circuit. The resistor 
used in this circuit, R1, is indicated to exhibit a resistance of 100Q. 

Let’s say that D1, the red LED in our circuit, requires 2V in normal operation. This is pretty common 
for red LEDs. Generally speaking, the forward voltage requirement for LEDs goes up as you get farther up 
the color spectrum. Blue LEDs, for example, often require 3.0V to 3.6V to operate. 

If we’re using rechargeable cells in our prototype (and we really should be, you know), we can 
expect 3.6V to be made available to the resistor-plus-LED loop within our circuit. If 2V is needed for the 
LED, where are the rest of those volts going? 

The answer is that they are being used to heat up the current-limiting resistor R1. Resistors turn 
current into heat. That’s what they do. They do it, however, in a very precise and predictable way, which 
makes it easy for us to calculate how much current, voltage, and heat will be churning around in our 
circuits. 





Caution Third-grade arithmetic ahead: Addition, subtraction, multiplication, and (shudder) division. You have 
been warned. 





If we started with 3.6V, and two of those volts are being used by the LED, then our good friend 
Subtraction tells us that we’ve got 1.6V flowing through R1. For a thorough explanation of why this 
happens the way it does, feel free to look up Kirchhoff’s Voltage Law. It basically says that all the voltages 
in a circuit end up being equal. The voltage across the resistor and LED will equal the battery voltage. 
The voltages within the LED-in-series-with-resistor circuit add up, just like battery voltages add up in 
series. 
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If we know the voltage across R1 (1.6V) and the resistance of R1 (100Q), then we can use Ohm’s Law 
to calculate the current flowing through R1. Reviewing what you learned in Chapter 3 about the 
predictable and inviolable relationships between voltage, resistance, and current, you can see that I= E / 
R (i.e., current equals voltage divided by resistance), where I is the current in amps, E is the voltage in 
volts. and R is the resistance in ohms. 

It’s not that hard! It sounds much worse than it actually is. The answer is 0.016A, or 16mA 
(1.6V/100Q). That’s the teeny-tiny amount of current needed to light up a typical red LED. Most small 
LEDs can handle up to 25mA safely, and some can handle much more than that, especially if they are 
intended for illumination purposes. 

One quick side trip to multiplication land and we’ll know everything we need to know about R1 in 
this circuit. While the schematic specified the resistance of R1 as 100Q (the primary characteristic or 
component value), nothing was said about the power-handling capability of this component. 

Power is calculated as voltage multiplied by current. That’s all there is to it. We know the voltage: 
1.6V. We know the current: 16mA. We multiply them together to get 0.0256W (watts), or almost 26mW. 
Remember that you have to enter the current as 0.016 because the formula calls for the number of amps, 
not milliamps. 

Not quite 26mA is not quite much of anything. You will not be able to tell that the resistor is 
shedding all those extra volts as heat with your fingertip. It might not even register with a sensitive 
thermometer. It’s just a really tiny amount of power. A typical small resistor (a 1/4W resistor) will handle 
250mW of power, which is almost ten times what is needed in this application. 





Tip It’s always a good idea to calculate the power requirements of your components, just so you’re not too 
surprised when the magic smoke leaves the circuit, rendering it crispy and nonfunctional. 





OK, we’re back from the frightening land of multiplication. It wasn’t that bad was it? The remainder 
of understanding resistors in series depends only upon the science of addition. Counting on your fingers 
will be good enough. 

We can change the brightness of the LED by changing the amount of current flowing through it. We 
can change the amount of current flowing through the LED by either raising the supply voltage or by 
changing the resistance of R1. Since we can easily substitute any other value of resistor for the 100Q 
resistor with which we began, this is easy to do. Just don’t go too low in resistor value, as this will allow 
too much current to flow through the LED, possibly damaging it permanently. 

Adding resistors in series adds their resistances together. For example, if you placed two 100Q 
resistors end to end, the total resistance across them would be 200. That’s really all there is to it: 100Q + 
100Q = 2002. 

If you perform this experiment with the LED circuit we built on the breadboard, you can see that the 
LED will not shine as brightly as it did before. This is because the resistance has doubled, which means, 
all other factors remaining the same, that the current through the LED has been cut in half. Half the 
current results in half the brightness, since LEDs are controlled by the amount of current flowing 
through them. 

What’s interesting about this arrangement is that the power-handling capacity of the two resistors is 
also double what it was when only one resistor was in the circuit. This is because each resistor is now 
dissipating half the power when compared with the previous scenario. If two 1/4W resistors are used in 
series, they can together safely dissipate up to 1/2W of power, although pushing any component to 100 
percent of its capacity is just asking for trouble, especially when heat is concerned. 
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By connecting resistors end to end, you add their resistances together, as well as their power- 
handling capabilities. By keeping a small variety of basic values on hand (e.g., 1Q, 10Q, 100Q, 1KQ, 10KQ, 
etc.), you can easily stack up the right combination needed for almost any electronic application. This is 
the method used in the very handy device known as a decade resistor or decade box, which has dials for 
each digit in the desired resistance, allowing you to dial up any value of resistor needed. 

Extra credit: If you’ve followed along this far, consider researching voltage dividers built using only 
resistors. 


Resistors in Parallel 


What happens when resistors are connected side by side instead of end to end? That’s where things get 
interesting, at least from a mathematical point of view. 

An easy way to look at parallel resistors is to think about the amount of current flowing through each 
one, and then add them all up. See Figure 5-21. 





Figure 5-21. Parallel resistors each conduct a portion of the total current flow through the circuit. Each 
resistor allows a certain amount of current to flow. The sum of their currents can be calculated if their 
individual resistances are known. 


Let’s assume that R1, R2, and R3 have resistances of 100Q, 200Q, and 300Q, respectively. The total 
resistance of the circuit across the battery terminals is not 600Q, as would be the case if they were in 
series instead of parallel. The total resistance is less than 100Q, which is the least of the resistors. How 
can this be? 

First, let’s think in terms of how much current is flowing in each of the three parallel pathways 
within this circuit. If B1 is putting out 3.6V, and R1 is 100Q, then we know to use Ohm’s Law to calculate 
the current, with I= E/ R. In this case, I = 3.6V / 100Q = 0.036A, or 36mA. In addition, the path through 
R2 is drawing half that (because R2 is double the value of Rl—get it?), or 18 mA. In addition, the final 
pathway is drawing one-third as much current as the first one, or 12 mA. Just to verify: I = 3.6 / 300Q = 
0.012A, or 12mA. Everything checks out. 

Now add all those currents together: 36mA + 18mA + 12mA = 66mA. That’s the total current, using 
this method. Again, since we know both the voltage and the current, we can find the effective or 
equivalent resistance of all three resistors in parallel, as if they were one single resistor. Rearranging the 
formula for Ohm’s Law, we find that R = E / I. In our case, R = 3.6 / 0.066A = ~54.55Q. See? Smaller than 
100Q, somehow. 

Thinking about the individual currents flowing through each resistor is the same as adding the 
current-supplying capacity of battery cells together when arrayed in parallel. Just add them together. 
However, we had to calculate each current separately and then add them together. There is a more 
direct way, depending upon how you look at things, but beware: it involves not only fractions, but 
fractions upon fractions. Oh, the horror. 
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Note Some people don’t dig math. Weird, but true. 





Here is the equation for calculating the total resistance (R,) of three resistors in parallel (R,, R,, R,): 


1 
1 ) 1 1 
z* Ge) (e) 
(z Ro) \R3 

The good thing about this equation is that you don’t need to know what the supply voltage is to get 
the correct answer. All you need to know are the values of the resistors. If you need to use more resistors, 
just add more terms to the equation. 

Calculating the value of parallel resistors occurs quite frequently when designing electronics. Some 
special cases are simple enough to do in your head. For example, if two identical-value resistors are 
placed in parallel, their combined resistance is half the value of each individual resistor. That is, if you 
placed two 100 ohm resistors in parallel, their effective resistance would be 50. Similarly, if you have 
three identical resistors, the net resistance is one-third the value of each constituent resistor. Make 
sense? These are special cases of the general equation just shown. 

This happens so much that an alternate notation method has been developed: R, = R|IR,IR,. This is 
not often used for hobby electronics, however. 

The power-handling ratings of resistors are added together, so if you have two 10W resistors in 
parallel, the net power-handling capacity is now 20W. At least that part was easy. 


Ry = 


Capacitors in Series and Parallel 


Capacitors are completely different from resistors. When calculating their values in series and in parallel, 
you have to use exactly the opposite methods. Isn’t electronics interesting? 

The values of capacitors in parallel are added together. This makes them much more like batteries 
in parallel than resistors. However, you still have to use the fractions-upon-fractions method to calculate 
the value of capacitors in series. 

Again, some shortcuts are available. Two identical capacitors in series have halfthe capacitance of 
each individual capacitor, but double the working voltage, which is the maximum voltage they were 
designed to withstand before failing. 


Inductors in Series and Parallel 


It gets more interesting, believe it or not. Inductors act like resistors as far as adding their values together 
in series and taking the reciprocal of the sum of the reciprocals of their values in parallel, but only when 
the magnetic fields of all of the inductors involved do not interfere with each other. If the magnetic fields 
generated when current flows though the inductors overlap, then you have to factor in their mutual 
inductance, which starts to get complicated. 

Extra credit: Figure out how all that works and let me know. 
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LEDs in Series and Parallel 


You learned (or were reminded of) a few of the basic characteristics of LEDs in the previous section, 
although it was really to help illustrate the operation of resistors in series and parallel. A couple of major 
oversimplifications were introduced to help concentrate on the resistor. We’ll address a couple of these 
issues here. 

Lighting up a single LED using a battery and a fixed current-limiting resistor is fun, but it’s pretty 
basic stuff. Lighting up a lot of LEDs is where it gets to be a lot of fun. To do so, you need to learn a little 
more about the weirdness that is semiconductor. 

LEDs are diodes (LED stands for light-emitting diode, after all). Diodes are semiconductors and are 
made by elves in a hollow tree. Semiconductors do not have nice linear voltage-to-current curves. 

For the purposes of simplicity, in the previous section, it was suggested that LEDs have a certain 
minimum voltage that they need to operate. This is called their forward voltage, and is sometimes 
referred to as their voltage drop within a circuit. So far, this is all true. You can find an LED’s forward 
voltage specification in the data sheet published by the manufacturer. 

What you'll find, when you look, is that every manufacturer only publishes a range of voltages, such 
as 1.8V-2.2V, giving a minimum and a maximum voltage. This is what they are contractually obligated to 
deliver in their product. Anything outside of this range is considered defective, or at least out of 
tolerance. You might get a good deal on “rejects” that fall outside these parameters but still light up quite 
nicely. Such is the provenance of many of the penny LEDs available from overseas. Yes, they exist. And 
yes, you get what you pay for. 

There are two reasons why LED manufacturers are being so deliberately vague in their 
specifications. The first is that process variations are going to produce a certain randomness to these 
values. One batch might be identical to the next batch, but then the third batch might be all over the 
place. Such things happen. 

The second reason is where the real weirdness begins. Forward voltage is not a fixed value in any 
given device, but instead increases as the current increases. Again, this increase is nonlinear and cannot 
be calculated with a simple formula. 

The best way to demonstrate this to yourself is to connect an LED to a power source via a variable 
resistor, such as a potentiometer. For the protection of your LED, add a fixed resistor in series with the 
potentiometer so that you establish a maximum current level, even when the potentiometer is turned all 
the way up (i.e., has almost zero resistance). 

Now apply power and adjust the potentiometer until the LED just barely lights up. Now measure the 
voltage across the terminals of the LED, using a voltmeter. It should be in the neighborhood of 2V-3V. 
For extra credit, measure the current flowing through the LED, using an ammeter. This measurement 
will most likely be less than 1mA. 

Compare these readings to what you find when the LED is at full brightness. The forward voltage 
across the LED goes up as the current goes up. To map the nonlinearity of this function, you would need 
to record many readings of both voltage and current, and then plot them in a graph. 

Just as you can wire resistors, capacitors, and inductors in series and in parallel, you can do the 
same with LEDs. As with resistors, the forward voltage of the LEDs are added together when arranged in 
a series circuit. This raises the minimum voltage required to light up a string of LEDs in series. This 
means that you can’t light up ten LEDs in a single string using a 9V battery. You have to first overcome 
the minimum forward voltage just to get any current at all flowing. Then you have to up the current to 
get the desired brightness, which simultaneously raises the total forward voltage through the circuit. You 
still need a current-limiting resistor in this circuit—but only one is needed. You don’t have to have one 
for each LED. 

The amount of current flowing through the string of LEDs is determined by the supply voltage, the 
cumulative forward voltage of all the LEDs, and the resistance of the current-limiting resistor. The same 
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amount of current is flowing in every part of the circuit. If 25mA is being drawn from the power supply to 
light up your single string of LEDs, that means that each and every LED has 25mA of juice flowing 
through it—more than enough to light them up quite nicely. 

If you have a 12V power supply (or a car battery), you could string up to five or maybe six red LEDs 
in series, with a small current-limiting resistor. That’s because each red LED will typically have a forward 
voltage between 1.8V and 2.2V. Other colors higher up the rainbow might need more voltage per LED, 
meaning fewer can be lit at once using a single string of LEDs in series. 

But don’t fret. You can light up as many LEDs as you want by placing multiple strings of LEDs in 
parallel with each other. Each additional string of LEDs adds to the total current draw, so you will 
eventually find a limit along that dimension as well. For an example of a small LED array using both 
parallel and series circuits, see Figure 5-22. The schematic is shown in Figure 5-23. 








Figure 5-22. An array of six parallel strings of six infrared LEDs in series. These infrared spotlights are used 
for covert surveillance and security applications. 
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Figure 5-23. The schematic of the LED array, showing both parallel and series circuits. The circuit offers 
two power connectors to make it easy to wire multiple LED arrays using the same power supply. 


Summary 


Even if your workbench doesn’t look as bad as the one presented at the beginning of this chapter (or 
even if it looks worse), hopefully you’ve learned a thing or two about the importance of they saying, “A 
place for everything and everything in its place.” Since you get to decide where everything goes, you can 
either make it easy or hard on yourself as the years go by. 

The workspace in this chapter extended to a total of 10 square feet. If this is what you have to work 
with, you can certainly set up a comfortable, safe, and productive area for your electronic projects. If you 
have even more space available (adding a shelf either above or below the desk is a great way to do this), 
then even better. 

Hopefully some of the more detailed descriptions of how electronic components can be wired up 
have given you some ideas for projects of your own. The very best possible way to learn more about 
electronics is to think up some simple experiments and try to build them in your lab. Have a goal, take 
lots of notes, and have some fun—even your failures can be used as stepping stones to more ambitious 
and creative projects in the future. 

Have a lot more room? Then perhaps you should be thinking about setting up a group lab or 
classroom. Chapter 6 will give you some helpful advice about what you are going to need to get started. 
See you there! 
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CHAPTER 6 


The Small Group Lab and 
Classroom 





The first part of this book covered what you need to know to build your own personal electronics lab. 
Now it’s time to share the love with your fellow electronics enthusiasts. Where to begin? 

Like most important questions, the answer remains, “It depends.” What resources are available to 
you and your group? How many folks will likely want to be working together, and for how long? How well 
do you really know these people? And these are just a few of the questions you're going to encounter 
along the way. 

Take the time to understand exactly who “you” (plural; in Texas, yall) are and what your 
requirements and goals could be. By doing so, you map out the future of your successful facility. 
Likewise, not planning ahead or making reasonable assumptions about your needs is simply an 
invitation to problems, problems, and more problems. Who wants more problems? 





Tip If you fail to plan, you plan to fail. 





Know Yourself 


The ancient Greek maxim “know thyself” has as many definitions as it has authors, it seems. Plato 
indicated in several of his dialogues that Socrates would use this phrase to admonish his students to 
learn more about themselves and their own characters and capabilities before attempting to figure out 
the rest of the universe. Wise advice then and now. 

As far as knowing yourself in relation to setting up a shared electronics lab, you should first think 
about what role you are going to play in this endeavor. Yes, you. Here are some of the major ones, and 
you might end up being all of them at some point. 


Facilitator or Coordinator 


In the role of the facilitator, you plan on providing an environment for others to use for their projects 
and explorations in electronics. You may or may not partake in these activities yourself, but have been 
tasked with (or volunteered for) the organization and coordination of the lab. 

It’s critically important to understand the needs of your intended lab-menkeys users. See the “Know 
Your Group” section later in the chapter for more information on this topic. 
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As the lab facilitator, lab workers will come to you with questions, requests, comments, and 
complaints. Be prepared to address their needs in a responsive and professional manner—even if they’re 
just your cousin. 

Your responsibilities will include 


e Communicating the scope of the lab (i.e., deciding what is and what is not 
acceptable or expected) 


e Publishing any important information or updates regarding location, available 
times, features, rules, and possibly ongoing projects 


e Crafting policies involving safety, proper tool usage and training, and participant 
conduct 


e Maintaining supplies of commonly used materials 
e Inspecting and repairing tools as the need arises 


To balance out your responsibilities, you should be granted adequate authority in the following 
areas: 


e Characterizing the scope of the lab, based on present and anticipated future needs 
e Enforcing the policies of the lab 

e Budgetary discretion in acquiring, provisioning, and maintaining lab assets 

e Granting or revoking access to the lab based on established parameters 


If you're going to be the Keeper of the Lab, then you should have both a personal interest in keeping 
it in good shape as well as the wherewithal to decide how things should be done. 
Good luck finding the right balance there. 


Teacher or Presenter 


Let’s assume that your lab has already been set up (or can be set up in a jiffy), and your main goal is to 
present information or teach classes there. Again, it should be apparent that a good knowledge of your 
intended audience will play a vital part in your success. See the “Know Your Group” section for more 
information. 

Once you understand the needs of your class and the goals of your presentation, the next step is to 
leverage the existing facilities to your best advantage. Will you need specialized presentation equipment 
or materials? If so, see what is already available, and then make a shopping list of everything else you will 
need. Examples include lighting, a projector, specialized power distribution, and test equipment. 

Are you making an interactive presentation? If so, what materials will you need to provide for your 
students to be able to fully participate in your presentation? 

What will be your optimum teacher-to-student ratio? If you have a simple message that’s easily 
communicated and reinforced, a single speaker can effectively address a rather large crowd. Once you 
start adding layers of complexity to the subject matter, you’re going to have to be prepared to backtrack 
and explain things in more detail from time to time. If you’re leading a group through a technical 
exercise, it’s often profitable to have assistants available to help just those individuals that need a little 
more help, without having to stop the class in its tracks. These assistants need to be up to speed on the 
subject matter as well as have good communication and troubleshooting skills. 

Remember that students look to the teacher for leadership, not only as a subject-matter expert. Take 
the lead, set a good example, and share your enthusiasm for your topic with your students. 
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A successful teacher leads a class on a journey of discovery. Make sure you don’t lose too many 
along the way. 


Participant 


Your goal as primarily a group lab participant is to make effective use of the facilities at hand, making the 
most of your time and energy. Having access to a well-stocked lab with a good array of tools can be a 
decided advantage for both your immediate project goals, and it can be an excellent opportunity to 
accelerate your knowledge of electronics and other mysterious arts. 

Imagining yourself as an active participant is the best perspective when laying out the flow of your 
lab. Set up workstations that have almost everything you need, leaving room for the complex or 
specialized stuff elsewhere. There are more suggestions about specific workstation configurations in the 
“Workstations” section of this chapter. 

While the active-participant model helps you squeeze out the maximum utilization of your lab, be 
sure to consider the sort-of-working-but-also-sort-of-goofing-off model. Not everyone wants to be 
working full-tilt all of the time. Leave room for a certain amount of idleness, contemplation, and 
whimsy. You might be surprised at the results. 


Observer 


You want to be in on the action, but not necessarily working on anything in particular. That’s great! 
Don’t underestimate the importance of the purely social aspects of technical gatherings. 

Some people just like to hang out with other like-minded individuals. This is a good thing—when 
resources and circumstances allow it. Watching creative, talented, and driven folks working on projects 
with passion is very often the best kind of inspiration. Let your kids see you having fun and making cool 
stuff in your lab, and the next thing you know, they are going to want to be there whenever you are. 
Pretty soon, they are going to want to start working on projects of their own—and that is its own special 
reward. 


Know Your Group 


Now you know a little bit about who you are and what your expectations of your lab may be. Now it’s 
time to get to know the group of people who will most benefit from access to the lab. 

Identify the needs and requirements of your group by first identifying precisely who your intended 
audience is going to be. Knowing this one item, up front, before any big plans are laid, is the best way to 
ensure success down the road. 

There are several broad categories for which you might need to prepare. The more you know about 
your particular group, the better. Let’s start fairly close to home and expand outward. 


Your Family 


Once you've established your own electronics lab at home, it’s great to be able to share some of the fun 
with those that are closest to you. This might be your children, parents, siblings, or extended family. A 
well-planned and well-maintained electronics lab is going to generate some interest, or at least some 
curiosity. Here’s how you can carve out some room for them, while still being able to get things done 
yourself. 

It’s very natural to want to share your hobbies and interest with others, and a safe and well-stocked 
electronics lab is a great place to do so. This is an especially ripe opportunity for parents to pass on their 
knowledge, skills, values, and work ethic to the next generation. 
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The family lab can be a logical extension of the family home. Everything is shared, including 
responsibilities and privileges. In more agrarian societies, this is already well understood at an early age, 
where chores around the farm and in the fields and a respect for the tools being used help enhance a 
sense of group belonging and worth. Everyone has a stake in the prosperity of the family endeavor. 

Do you want your kids to appreciate what you give them? Then give them chores before you give 
them presents. Let them clean up the lab, put away tools, inventory parts, and take out the trash before 
spoiling them with all the fun stuff you get to do in the lab. This will help foster a sense of ownership in 
the long-term success of the lab, whether you're there to supervise or not. 

It bears repeating (from Chapter 4) that no unsupervised children, no matter how adorable, should 
be allowed in the lab. Would you allow unsupervised cooking in the kitchen? It’s the same basic 
scenario. When everything goes well, everyone has a good time. It only takes a split-second distraction to 
go from a good time to a trip to the emergency room in either case. Have rules and enforce them, even if 
it’s your elders that you are protecting by doing so. 

Sometimes having a resource like a shared electronic laboratory is the first opportunity people have 
to assert some sort of control over their relationships. Use the opportunity to make friends with your 
relatives, while you still can. 


Your Friends 


Unlike your family, as the saying goes, you get to pick your friends. Now you have the opportunity to 
provide a cool place to hang out as well as build all manner of awesome gizmos. It’s only natural to want 
to share some of the fun with your like-minded friends. 

The basic framework of rules and accountability apply to the friendly lab as well as any other group 
endeavor. Let your friends know up front what your expectations of them are in regard to use of the lab. 
Can they use your tools? Can they store artwork-in-progress at your place? When is it cool to come over 
to tinker, and when is it not? These kinds of questions should be dealt with early in the game; otherwise, 
these issues can flare up and become trouble spots. There’s no substitute for good communication. 

Once you extend your laboratory’s hospitality to those outside your immediate family, it’s a good 
idea to clearly designate what is your personal property and what belongs to the lab and all its 
participants. This can be as simple as putting name tags on all your tools and marking shared resources 
appropriately. 

This is where trust really factors into the success or failure of a group lab. Just like in math, you want 
to eliminate as many variables as possible to ensure that a good time is had by all, and to ensure the 
long-term safety and viability of the facility itself. Which of your friends do you trustin your lab? Think 
about these things at length before opening the doors to just anybody. 


Coworkers and Fellow Students 


So you've been tasked with organizing or supervising a lab for a school class or university department. 
You may or may not have any choice in who will be granted access, or even when they can avail 
themselves to the facilities. 

The balance of responsibility and authority is crucial in this scenario, just like in most other 
situations in life. Hopefully you will be in a position to enforce whatever rules are already in place. 
Ideally, you will have some say in crafting new rules as they become necessary, or adjust existing rules 
when they need it. In either case, it’s just not fair for someone to expect you to do a good job, yet not 
provide you the tools to get it done. 

Positions like this become available from time to time in most schools. Sometimes there’s an 
opportunity for a small paycheck, and other times all you are going to get are points with the 
administration. Hopefully, at least you will also enjoy lab privileges. That’s got to be worth something, 
yes? 
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If you are helping to run an existing lab, there are probably others you can consult who have had 
this particular honor in the past. Try to find out who these folks might be and see if you can get any 
helpful advice from them about your lab and its care and feeding. 

If you're starting from scratch, you will enjoy the double-edged sword of setting things up the way 
you want, as well as setting things up the way everyone else wants it. You get to establish whatever level 
of functionality you want, with the caveat that you then must maintain that level. It’s a freedom, like 
most freedoms, that comes with a price. 


Special-Interest Groups 


Are you a member of club that has a special interest in electronics? Several popular interests, such as 
ham radio operators, remote-control model flyers or drivers, robot builders, and computer users, have a 
love-hate relationship with electronics. Having a dedicated electronics lab available to the membership 
is a great way to build up the love as well as work out the hate. 

Given a highly specialized crowd, such as the members of a university or trade school, you might 
even find people organized into an electronics club, especially these days when almost every aspect of 
our lives is touched by this technology in one way or another. 

The specialized nature of your group helps focus what areas of electronics are of most practical 
interest, at least from a lab point of view. This cascades into easier choices when it comes to stocking the 
lab with workstations, tools, and components. 

The Dallas Personal Robotics Group (DPRG; see http: //dprg.org), for example, had the use of an 
1,800-square-foot warehouse for over six years, rent free, due to the generosity of one of the members, 
Mike Dodson of Modern Assemblies. Having access to an excellent industrial setting allowed the club 
members to dream of and then realize much more ambitious robot projects than could be attempted at 
home. After Mike’s retirement, the DPRG went into a nomadic phase and finally spun off a dedicated 
workshop and meeting area, now called the Dallas Makerspace. 


The General Public 


A lot of people see the popularity of do-it-yourself (DIY) and maker-movement projects and envision 
themselves as entrepreneurs, seeing a need and being able to meet it. Unfortunately, most of these 
people are wrong. 

Building a lab dedicated to public use sounds like a great and noble aim. The realities of such an 
undertaking, including the financial, logistical, and business related, are not to be underestimated. 
While it seems to work well in certain areas and at certain times, it’s almost always the result of the right 
combination of people coming together at the right time. 

Hackerspaces (a terribly unfortunately chosen label) are springing up all over the world. The term 
hacker, while understood within some technical communities to mean a person of respectable skills, has 
a decidedly unrespectable taint to it when viewed from the outside. To the vast majority of the English- 
speaking world, a hacker is a rogue computer jockey, a criminal intent on breaking and entering into 
computer systems for nefarious purposes. 

The term maker, on the other hand, leaves a more positive first impression. The Dallas Makerspace 
members deliberately made this decision when naming themselves, while they were still just a 
subcommittee within the board of directors of the nomadic DPRG, looking for a new home. It was 
important to them to maintain the very positive image that the DPRG had established and built over its 
long history, while still looking to the future. 

If you're going to set up a lab for use by the general public, whether you decide to call it a 
hackerspace, a makerspace, or something entirely different, you get to make almost no assumptions 
about the good intentions of your membership. It’s a sad state of affairs, to be sure, but it seems to be the 
prevailing wisdom of the day. 
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Some popular and successful organizations—such as Noisebridge (www.noisebridge.net), in San 
Francisco, California, which was incorporated in the state as a “non-profit educational corporation for 
public benefit”—operate almost entirely on a “consensus basis,” sometimes known as “anarchic chaos.” 
Noisebridge’s overriding motto is “Be excellent to each other,” very often shortened to just “Be 
excellent.” Its very real success and sense of community among members is based on what seems to be a 
very local tolerance that is not to be found in many parts of the globe. If you ever get a chance, do stop by 
and prepare to be impressed. It’s an amazing place. 

A good parallel would be to visit your local public library. In the areas that still maintain libraries 
(shockingly, they are on the decline), you will find a finely tuned machine that meshes well with the 
surrounding locality. Are there bars on the windows? If so, you’re going to need some bars on your 
windows. Are there metal detectors at the entrance? Oh, dear. Do you see any uniformed security forces 
present? These are not good signs. 

Don’t be completely discouraged, however. Sometimes a community in decline needs a little boost 
of energy and an injection of esprit de corps. This can often be accomplished by introducing some new 
alternatives for people’s spare time. An ancient Muslim saying reads, “Trust in Allah, but tie your camel.” 


A Shared Resource 


Do you have a dedicated space available? If so, you are way ahead of the game. Finding a good location is 
half the battle. If your space is truly dedicated to your pursuits and activities (i.e., a private home, club, 
or makerspace), you have the advantage of being able to leave tools, components, and projects in place, 
returning to them (and finding them still there!) when the opportunity arises. “Truly dedicated” in this 
sense can be equated with having your own key to the door and reasonably free access. While a 24-hour 
facility sounds like a great idea, there are a lot of logistical problems associated, such as security, utility 
costs, scheduling, and parking, just to name a few. 

If your space is not-so-dedicated, such as a school lab or friend’s garage, you can still make it a 
home away from home if you are able to arrange for secure storage of all your shiny toys. This could take 
the form of individual lockers or a storage closet. 

No matter what the logistical arrangements, the main challenge to providing a versatile and 
effective setting for electronic and other kinds of tinkers is basically a social one. Once it’s more than just 
you, it can start to get complicated. 

Luckily, there are some time-tested methods for making these types of things run smoothly. 


Be a Hospitable Host 


If you are taking the lead in arranging a shared work space, please remember that you are responsible for 
extending the appropriate hospitality to your present and future guests. This single factor will greatly 
determine the vibe, feeling, or ambiance of the facility, even more than having the latest and greatest 
tools and gizmos on hand. 

This task may or may not fall entirely on your shoulders. Many hands make light work. If you are 
able to delegate some of the duties of a hospitable host to other members of your group, consider doing 
so. 

Think of your task in the same light as planning a successful party, even ifit’s one that you 
anticipate will last for days on end. These basic ideas are as old as civilized living. Think about fabulous 
parties or memorable events that you have been privileged to attend in the past, and then plan on taking 
it up a notch. 

Try to anticipate the human needs of your attendees as well as their technological expectations. 
People have what seems like an endless list of requirements, some of which you can address, some not. 

Make your location known. Make this information easy to find to those interested, and easy to 
update when the venue changes. A web site is trivial to set up these days, and even a post to a popular 
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forum will tend to be accessible via Internet search engines, in time. There’s a new social media outlet 
popping up every third Tuesday, so avail yourself to what makes sense for your audience. Word of 
mouth only goes so far these days. 

Once you've gone to the trouble of publishing your location, go the extra mile and put out some sort 
of actual sign or indicator that your arriving guests have found the right spot. If you have an identifiable 
logo or symbol associated with your group, be sure to proudly wave that flag. People don’t like feeling 
lost, or unsure whether they’re entering a welcoming space or about to trespass on private property. 

Let everyone know when they are expected as well as when they are not expected. Post your regular 
meeting times, if you have them. Alternatively, make known the appropriate hours of operation. It’s 
disappointing to be turned away at the door just because it’s 1:00 a.m. on a school night. 

When possible, welcome your guests. This makes a big impression on both newcomers as well as 
the regulars. Being part of a group is supposed to enhance a feeling of inclusiveness and belonging. We 
are social animals at heart, and even a simple hello is often the prelude to an interesting and productive 
time together. 

Have rules. Make these rules known. A sign on the front door is not out of place, as long as it’s not 
too negative or off-putting. Rules should prevent problems from occurring, and not be enacted as a 
spontaneous reaction when problems inevitably occur. 

Ensure your guests’ comfort when attending. Is there enough room for the largest (and the smallest) 
participant to safely enter and exit the facilities? Is there adequate lighting in the common areas, if they 
exist? Is there a place for everyone to sit? Who has dominion over the thermostat? 

Do you plan on making refreshments available? Will this duty rotate among the membership? Keep 
track of such things, if only to keep from overextending yourself in all the myriad details of hosting a 
successful meeting. While massive banqueting and consumption of yummies make for a festive and 
enjoyable association, these activities are not always aligned with maintaining an effective laboratory. 
Separate the feeding trough from the work areas. Stay focused on what you're trying to accomplish here. 

Will everyone have access to restrooms, and whose job is it to keep these areas tidy? 

And the most important question of all: Who takes out the trash? 


Be a Courteous Guest 


Just as it’s important to play the role of the hospitable host, it is likewise critical to be a courteous guest 
when visiting a facility, whether you are a paid-up member in good standing or an invited guest. Again, 
these guidelines will vary according to the intents and purposes of your lab, but the basics will always 
remain the same. 

If possible, and when appropriate, let your host know if you are planning on attending. This won’t 
apply in a causal, drop-in type of laboratory. Even so, by making your intentions of attending known 
ahead of time, you might influence (one way or the other) the attendance of other potential participants. 
Nothing succeeds like success. A well-attended party has a better potential for awesomeness than a 
sparsely peopled event. 

Arrive on time or within the established time frames set forth by your host. Similarly, unless you 
have been granted special access, plan on leaving at a reasonable time as well. Benjamin Franklin wrote 
in his Poor Richard’s Almanack (1736) that “Fish & Visitors stink in 3 days.” Don’t be a stinker. 

Try to contribute something. Don’t show up empty-handed, expecting to be fed, entertained, and 
enlightened. 
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Workstations 


Now it’s time to talk about your workstations. Even if it’s just you in the lab, having a separate 
workstation for each type of activity is a great idea. For example, you might have one workstation set up 
for programming a computer, another for soldering electronics, and another for working with power 
tools, such as a drill press or a saw. 

Workstations dedicated to a particular task should have everything within easy reach, including 
tooling, supplies, power, and lighting. Don’t waste time by forcing people to wander around the lab 
looking for the right drill bit or magnifying glass. Keep everything close so you can find what you need, 
when you need it. 

Having a place for everything ahead of time is the best way to follow the wise adage, “A place for 
everything and everything in its place.” You get to decide where everything lives. It doesn’t hurt to go 
ahead and label everything conspicuously so that others can find their way around the lab. 

If you have several people wanting to work on the same kinds of projects at the same time, you’re 
going to need multiple, nearly identical workstations. The exact number depends on your available 
space and the number of people you expect to want to participate simultaneously, as well as your 
budget. 

Most indoor-oriented work can often be performed at a work table. Exceptions include giant-scale 
mechatronics, pyrotechnics, and underwater robotics. Some of their constituent bits and pieces, 
however, can be crafted on an adequately prepared work table. 

Make sure each work area has plenty of power outlets available. You’re almost guaranteed to run 
short at some point. Take care not to overload your circuits, however. If you anticipate needing a lot 
more power than is presently provisioned, you're going to have to consider the real possibility of having 
your facility expanded by qualified, licensed professionals. These requirements will vary from one 
location to the next. Check with your local building codes to be sure. 

As repeated often in previous chapters, you can never have too much lighting available, especially 
for the more detail-oriented chores. Typical indoor room lighting is just about adequate for finding your 
way out of the room, and that’s about all. You'll need area lighting for each workstation, and possible 
additional task lighting, depending on your particular requirements. 

Providing network access to each workstation can be challenging. Wireless networking is a good way 
to accommodate a relatively small number of users at once. More than a handful of computers trying to 
access the Internet at the same time can bring many wireless routers to a slow crawl. Dedicated high- 
speed Ethernet connectivity is more expensive and takes more effort to deploy, but offers much greater 
bandwidth to your lab-folk. 

If you're especially cramped (or dimensionally constrained) in your lab, you'll need to get inventive. 
For example, a table placed in the center of the room can be approached from multiple sides. There’s no 
reason all the workbenches have to be pushed up against a wall, allowing access from only a single side. 
Get creative! 


Safety Planning 


While it’s tempting to fill up all the available space in a lab with workstations, especially when the budget 
permits it, do try to leave a bit of common area here and there. You always want to be able to walk away 
from a workstation with the same (or sometimes even more) rapidity you approached it with. Fire is an 
excellent example of such a motivator. 
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Tip Keep a properly selected and maintained fire extinguisher at each workstation, if possible. 





Post emergency procedures prominently, where everyone, including visitors, can see. Have an 
evacuation plan, complete with map and “You are here” indicator posted at each workstation. Hopefully 
you will never need it. 


Presentations 


Are you excited about your latest project? Have you just learned a great new skill? Setting up your lab for 
group presentations is an excellent way to communicate these ideas to your friends, family, and 
coworkers. 

Make your vietims guests comfortable. Have adequate seating for everyone, with plenty of room 
between the rows (if you have more than one row of chairs). Ensure that everyone has a good view of 
what you intend to present. 

Will the attendees be expected to take notes? Then perhaps you should set up tables where they can 
comfortably jot down some of the more spectacular aspects of your presentation. If you will be providing 
a handout or other documentation packages, make sure you have enough for the anticipated demand. 
Will you be entertaining questions or comments either during the presentation or afterward? Then make 
sure that not only can your audience see you, but that you can see them. 

If you're going to be using some sort of projector for your presentation, by all means set aside some 
time to get to know the equipment ahead of time. Nothing ever seems to work just exactly as you 
imagined that it should. This seems to be an invariant law of presentation physics. No one is really sure 
why. 

Your audience’s time is just as valuable as your own. In fact, if there are only two people attending, 
then their collective time is worth approximately twice as much as yours. Think about it. Have all your 
ducks in a row, so to speak. Wasting time figuring out which cable goes where is not a good use of your 
time together. 


Summary 


Wow! You can really go crazy setting up a shared electronics lab, can’t you? 

Before you even flip on the light in your shiny new group lab, you should already have an insightful 
idea of who is going to be using it and why. You should also have some honest expectations of what your 
own expectations are going to be, and how you would like to interact with both the lab itself and its 
population. 

The details, of course, are always going to be specific to your particular situation. Be on guard, 
however, for the future. It’s going to sneak up on you, someday. Not too long ago, for example, it tooka 
fairly hefty desk to keep a modern personal computer up off the floor. That kind of computing power 
now fits in a pocket. Think of what better uses you could dream up for that space these days! 

That kind of forward thinking is exactly what turns the dreams of today into the reality of tomorrow. 
It’s forward-thinking people like you, dear reader, that help map out those realities. Take the 
opportunity you have right now to spend some quality time daydreaming about how things could be. 
Then take those steps necessary to make it happen. Your family, your society, and your world expect 
great things from you. You can do it! 
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APPENDIX A 


Getting Started with Tool Building 





Once you’ve become comfortable in your lab and have had time to play with a few circuits, you might 
start to notice that some of the “tools” you’ve been using are just simple electronic circuits themselves. 
Good examples are power supplies and meters. These are great tool-building projects because you can 
see useful results early. 

Let’s take a look at building a couple of simple electronic tools that might be of use in your lab. 
Hopefully you will develop a better understanding of how these tools work. Ideally, you will progress 
from the basic question of “Does it work?” to the more involved questions of “How well does it work and 
what can I do to improve it?” 

Please bear in mind that these exercises, while hopefully useful, are to illustrate what needs to go 
into the building of practical, reliable tools. At every stage you should be thinking about what design 
choices you have and which choices will enhance the usefulness of your tool-building process. 


AVery Simple Power Supply 


Almost all electronic projects need electricity to work. Having a good, dependable power supply at your 
disposal on your bench will get you started faster on new projects. You won’t have to worry about dead 
batteries and flaky power adapters. See Figure A-1. 
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Figure A-1. A professional bench power supply. This device allows both the voltage and the maximum 
current to be adjusted. It provides two dedicated meters to show how much power is flowing: one for 
voltage and the other for current. It also provides a modular set of plugs (banana plugs) for easily 
connecting and disconnecting power leads. 


A bench power supply such as the one shown in Figure A-1 has many features and includes extra 
circuitry to make it safe and easy to use. It will also set you back a good chunk of change (i.e., cost 
money). We’re going to build something a bit simpler to start. Feel free to add more bells and whistles as 
your needs arise. 





Caution Anything plugged into the wall has the potential to shock, burn, or kill you. Do not defeat their safety 
features! 
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An Easy 2.5 Watts 


You probably have a spare USB charger lying around somewhere. If you don’t already, you more than 
likely will at some point in the near future, as these are becoming more common with smaller electronic 
devices. If not, you can obtain one relatively cheaply if you do some smart shopping. The USB charger 
shown in Figure A-2 was obtained from overseas via eBay for less than $1. You will also need a USB cable 
about 3 or 4 feet long. Again, don’t spend a lot of money on a new cable. If you don’t already have one 
floating around in a drawer somewhere, you probably know someone that does. 





Figure A-2. A USB charger that plugs into the wall and provides a regulated +5V supply. This plug is 
intended for US wiring, but will operate from 110AC to 240VAC at 50 or 60Hz, which pretty much covers 
the whole world, if you have the right adapter plug. 


It doesn’t matter what type of USB cable you find, because we’re going to cut off the smaller end and 
use the bare wires inside the cable. It just has to have the USB A-style plug shown on the left side of 
Figure A-2. The plug will fit into the socket of the charger. You do not need to open or modify the USB 
charger at all, and you are seriously advised not to do so for any reason. 

Let’s take a closer look at the label on the charger to find out exactly what it’s supposed to be doing 
for us. See Figure A-3. 
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Figure A-3. The label of the USB charger tells us that it accepts anything from 110VAC to 240VAC at either 
50Hz or 60Hz. This wide range of input power allows the same internal electronic design to be used 
worldwide. Only the prongs that plug into the wall vary from location to location. The label also tells us 
that the USB charger will output +5V at up to 500mA. That’s 2.5W! 


The “OUTPUT: 5.0V = 500mA” marking tells us what we need to know about the flavor of the power 
coming out of the adapter. The “5.0V” is the measure of the voltage. This is a very useful voltage level for 
small projects. Many digital chips require a 5V supply, although 3.3V is also becoming quite popular. 

The = symbol represents direct current (DC) voltage. The symbol for AC (alternating current) 
voltage is the tilde, or wavy line symbol ~. The “500mA” is the maximum current that can be supplied by 
this charger (500 milliamps, or 0.5A), although you are cautioned not to expect a low-cost item such as 
this one to produce 100 percent of its rated power 100 percent of the time. 

While this USB charger will most likely work for our intended purposes, it’s best to keep those 
expectations in check. Note that “Model:” is misspelled (“Mode:”); and also note the absence of the 
magic letters USB or the USB logo. Also, there is a complete lack of any safety certifications present on 
this humble device, as befits its eheap economically optimized provenance. Compare this with the 
veritable constellation of safety certifications on the name-brand laptop charger shown in Figure A-4. 
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Figure A-4. A name-brand laptop charger with several international safety certifications. Every one of 
these certifications costs money to obtain, and shows that the device was demonstrated to be safe for use in 
a typical home or business application. 


Next we adapt the USB cable to our needs. In the words of the Red Queen, “Off with his head!” 





Caution Make sure the USB charger is not plugged into the wall or a power strip when making modifications to 
the cable. 





First, plug the USB cable into the USB charger. Now cut off the other end of the cable. See 
Figure A-5. 
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Figure A-5. Cut off the device end of the USB cable. If you cut off the wrong end, you’re not going to be able 
to plug it back into the charger, at least not without a considerable amount of effort. To ensure you cut the 
correct end, plug the host end of the cable into the USB charger before snipping, and then cut off the other 
end. 


Now carefully strip off about an inch of the cable’s insulating jacket. Do your best to not nick the 
insulation on the wires inside. Within the jacket you should find four wires. Two of these wires carry the 
+5V and ground from the power supply. The other two wires carry the data on the USB connection. 
Since we're only interested in the power, we can ignore the other two wires for now. See Figure A-6. 
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Figure A-6. The four internal wires within the USB cable. From left to right they are red (VBUS or +5V), 
black (ground), green (USB D+), and white (USB D-). Use the red and black wires to pull a regulated +5V 
from the charger. 


The USB standard specifies every little detail about how to build and mark USB cables, even down 
to the colors of the internal wires in the cable that you’re not ever supposed to see! That’s dedication. 





Note Apple violates the USB standard by not having a raised USB symbol molded into its cables. 





However, sometimes cable manufacturers fudge a bit and use whatever four-conductor cable they 
happen to have lying around. A very common substitute cable uses red, blue, yellow, and brown wires 
internally. See Table A-1 for a list of which wires go where. 
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Table A-1. Standard USB Wire Colors and Their Functions, Along with Popular Alternate Colors 




















Function Pin Number | Standard USB Color | Alternate Color 
VBUS (+5V) 1 Red Red 

D-2 White Blue 

D+3 Green Yellow 

GND 4 Black Brown 

















Now is the time to verify the wiring before we get much further. Even if your cable has the official 
wire colors within the insulating jacket, you are strongly advised to double-check both the voltage and 
the polarity coming out of the charger before connecting it to your tender, sensitive circuits. Minimize 
your assumptions about the compliance of others. Testing proves testing works! 

Strip about 1/4 inch of the insulation from the ends of the red and black wires. Get out your meter 
and set it up to read voltage at or above the 5V range. If your fancy meter has autoranging, then just set it 
to read DC voltage. Plug the USB cable into the charger, if it’s not already installed. Make sure the red 
and black wires are not touching, and then plug the charger into the wall or a convenient power strip. 

Now measure the voltage between the red and black wires. Hopefully you should see a reading at or 
near 5.0V. The USB standard specifies a tolerance of +10 percent, so anything between 4.5V and 5.5V is 
considered OK. See Figure A-7. 
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Figure A-7. Measure the voltage coming from the USB charger before connecting it to any of your circuits. 
This one reads 5V on the dot! This is a much safer method than trial by fire (i.e., plugging it into your 
circuit and looking for a fire). 


Now that you've confirmed that the red and black wires do indeed carry the regulated +5V from the 
USB charger, you can clip off the unused green and white wires. At this point you can either use the bare, 
stripped wires of the USB cable or solder on a more robust connector. Since this power supply is 
destined to be used with a solderless breadboard, a small, two-pin connector with the appropriate 
spacing will be attached. See Figure A-8. 
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Figure A-8. A gold-plated pin connector is soldered to the modified USB cable. The red and black 
insulation is left visible to be a polarity indicator when installing the cable to the solderless breadboard. 
Another happy LED! 


Adding Features 


This power supply works just fine for most projects. If your requirements are, “Translate AC power from 
the wall into regulated DC power I can use for small projects, without spending a lot of money,” then this 
contraption fits the bill precisely. 

You can see for yourself in Figure A-8 that it does indeed work as advertised. Looking back at Figure 
A-7, you can see that the charger itself has a power-on indicator LED built into the housing. What it 
doesn’t have is a power control or a switch. The power to the circuit is controlled by the switch on the 
power strip. This works just fine as long as you don’t mind turning on and off everything else that 
happens to be plugged into the same power strip. 
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Various Indicators 


Not all USB chargers have a power indicator, however. Some have both a power indicator LED as well as 
a charge status indicator, which can tell you at a glance if your USB device is fully charged or still 
charging. A charge status indicator is usually implemented by measuring the amount of current being 
drawn from the supply. If more than a preset current is flowing, the power supply assumes a battery is 
still being charged. When that current drops below a certain level, it assumes that the battery has been 
completely (or maybe just mostly) charged. Some chargers use a red or orange LED to indicate charging, 
and a green or blue LED to show that the battery is finished charging. Again, this type of charge status 
display is provided to give the user a quick status update with a single glance. You don’t need to consult 
the product manual to interpret the status code, if you can remember that red means “charging” and 
green means “charged.” 

Let’s rearrange some of the parts on the solderless breadboard to make room for some new features. 
See Figure A-9. 





Figure A-9. The regulated power coming from the USB charger is no longer directly connected to the 
breadboard’s power rails. Instead, it is routed to some internal tie points and then connected to the power 
rails via two short jumpers. 


Power-On Indicator 


First, we add a local power-on indicator by reinstalling the LED and current-limiting resistor used in the 
previous experiments. While this duplicates the function of any LEDs that might be present on the USB 
charger itself, it brings the indicator closer to the area of interest, which in this case is the circuitry 
onboard the solderless breadboard. 
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The anode of the LED goes into tie point F-3, with the cathode being installed at tie point F-4. The 
current-limiting resistor spans the gap between tie point I-3 and the right-hand positive (red) power rail. 
A short jumper connects tie point J-4 and the right-hand negative power rail. See Figure A-10. 





Figure A-10. Add an LED and a current-limiting resistor across the power rails of the solderless 
breadboard to give an at-a-glance power indicator, right where the action is taking place. 


Now we have a good power-on indicator, right where we need it. It may or may not be redundant, 
depending on the features of your USB charger. This type of indicator is digital in the sense that it tells us 
that the circuit is either on or off, without giving us a lot of precise information about anything in 
between. For a lot of applications, however, this is more than enough information. 


Power Supply Voltage 


What if you did either want or need more precise information about the power supply? One method 
would be to permanently connect your multimeter to the circuit so that you can see how many volts are 
being delivered. That method assumes that you’re not going to need your multimeter for anything else, 
ever. 

A practical variation of that method, however, it to provide convenient test points in your circuit so 
that you can quickly and easily take a voltage reading when the need arises. Be sure to position the test 
points so that they are easy to access. Having a nice, big, readable label wouldn’t hurt, either. Also, try to 
arrange things so that it’s not likely that contact with a metal object, such as a tool or your wristwatch, 
will accidentally short out the power supply by touching both test points at the same time. Even simple 
“features” get complicated quickly, it seems! 

If you want an accurate (and permanent) voltage reading on your circuit, consider adding a 
voltmeter. Small panel meters are relatively inexpensive and reasonably accurate. A DC voltmeter has 
two leads, positive and negative, that are attached across the voltage to be measured. See Figure A-11. 
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Figure A-11. A DC voltmeter is attached to the circuit to accurately measure the supply voltage. The V on 
the meter’s legend stands for voltage. The underline beneath the V indicates that it is designed to measure 
DC voltages, as opposed to AC voltages. 


The panel meter shown in Figure A-11 has a range of 0-30VDC. That’s a bit more than we need, 
since our little power supply is only supposed to produce 5.0VDC +10 percent. Since the meter’s range 
does not accurately match the expected range of supply voltages, we lose a bit of precision when 
attempting to read the display. All the action is crowded together on the left side of the meter. 

It might seem that a 0-5VDC meter would be preferable, but that would not allow for any 
overvoltage conditions at all. Remember, the USB standard allows for up to 5.5VDC to be delivered over 
the cable. A0-6VDC meter, if available, would be more suitable. The meter introduced in Figure A-11, 
however, would be perfect when used with the laptop supply shown in Figure A-4, because its output 
voltage is 19.0V. That leaves a bit of room for overvoltage conditions and gives a wide enough swing of 
the needle to produce fine detail. 
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Power Supply Current 


Measuring the voltage at any point in a circuit is easy. Just put a voltmeter between two points and voila! 
In our previous example, we measured the VBUS power supply voltage with reference to GND, the 
ground potential of the circuit. Many voltage measurements are made with respect to ground. 

To measure the current flowing through a circuit, we have two options. The first option is the most 
direct route. Install an ammeter (a meter that measures amps of current) inline with the circuit you want 
to measure. This requires that you break the circuit to make room for the meter. Once installed, the 
current flowing in the circuit actually flows through the ammeter as well. 

The second option involves using a bit of trickery and some math. Instead of installing an ammeter 
directly inline with the current flow to be measured, we install a resistor of known resistance and 
measure the voltage that develops across the resistor. 

Since we know that the values of volts, ohms, and amps are always related in any circuit, we can use 
Ohm’s Law to determine how much current is flowing through a circuit by measuring the voltage across 
a known resistance. 

To make things very easy, let’s use a 1Q resistor in series with the power supply, inserted in the 
circuit between where the positive lead of the power supply arrives at the circuit and where it is 
connected to the rest of the circuitry. 

Unlike our previous use of Ohm’s Law to calculate the missing value based on two known values, we 
only use one known value (the value of the resistor, called a shunt resistor when used in this manner). 
This one known value (resistance) then establishes the relationship between the two other values, 
voltage and current. As the current increases in the circuit, so does the voltage across the resistor. The 
two values will mirror each other—as one increases or decreases, the other will follow. 

Since we used a 1 resistor in the circuit, this sets the relationship between current through the 
circuit and voltage across the resistor at a 1:1 ratio. For every ampere of current through the circuit, for 
example, 1V will be measured across the resistor. 

Our power supply is only supposed to be able to deliver 0.5A of current, maximum, so we'll be 
dealing with voltages of less than 0.5V, unless something terribly unexpected happens. 

Again, we could permanently attach a multimeter across the leads of a 1Q resistor inserted into the 
circuit, or we could attach a voltmeter that is sensitive enough to give accurately readable information in 
the range we need. The 0-30VDC meter used before is much too large in range to do us any good here. 
We might see a tiny wiggle in the needle, but that’s all. 

Instead, we'll use a different kind of meter entirely. A digital voltmeter contains its own dedicated 
measurement circuitry and a numeric display to indicate the voltage reading. It also requires its own 
separate power supply. See Figure A-12. 
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Figure A-12. A digital voltage meter is used to read the voltage across the shunt resistor installed in the 
circuit. Because the shunt resistor has a 1.02 value, Ohm’s Law dictates that the reading in millivolts on 
the digital meter correspond exactly to the number of milliamps flowing through the circuit. Math is 
useful, sometimes. 


The jumper wire connecting the incoming power supply directly to the power rail has been replaced 
with a 1Q resistor. Leads from both ends of the resistor have been connected to the input terminals of 
the digital voltage meter on the right. The digital meter, unlike the analog meter on the left, requires an 
independent power supply to operate, in this case a 9V battery. 

So now we’ve added some features to our simple power supply, including a power-on indicator, a 
supply voltage reading, and a supply current reading. 

These are very useful features to have on any power supply. However, at this point in the 
prototyping stage, we’ve just barely covered what the added circuitry is supposed to do. Packaging all 
this up into an easy-to-use and reliable device takes as much if not more thought and effort. 

First, you have to rebuild this entire circuit ina more permanent fashion. Next, you will have to 
wedge all that clever gadgetry into some sort of enclosure to protect the delicate bits while still 
permitting access to the inputs, outputs, and controls, if any. Then you get to label everything so that 
you can remember how to use it in the future. 


Summary 


So now you just might be developing a certain respect for how much work goes into building even the 
simplest tools—tools that are useful, accurate, reliable, and an asset to your toolbox. Remember, every 
tool on your workbench has to earn its place there. This applies to tools you design and build yourself, as 
well. 

Good luck with your tool-building projects. Sometimes it’s just as much fun to work on your tools as 
it is to work with your tools. 
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O'REILLY’ Make: 


To avoid misunderstandings regarding the pur- 
pose and method of this book, here is a quick 
guide regarding the way in which it has been 
conceived and organized. 


Reference vs. Tutorial 


As its title suggests, this is a reference book, not 
a tutorial. In other words, it does not begin with 
elementary concepts and build sequentially to- 
ward concepts that are more advanced. 


You should be able to dip into the text at any 
point, locate the topic that interests you, learn 
what you need to know, and then put the book 
aside. If you choose to read it straight through 
from beginning to end, you will not find concepts 
being introduced in a sequential, cumulative 
manner. 


My book Make:Electronics follows the tutorial ap- 
proach. Its range, however, is more circumscri- 
bed than that of this encyclopedia, because a tu- 
torial inevitably allocates a lot of space to step- 
by-step explanations and instructions. 


Theory and Practice 





This book is oriented toward practicality rather 
than theory. |am assuming that the reader most- 
ly wants to know how to use electronic compo- 
nents, rather than why they work the way they 


do. Consequently | have not included any proofs 
of formulae, any definitions rooted in electrical 
theory, or any historical background. Units are 
defined only to the extent that is necessary to 
avoid confusion. 


Many books on electronics theory already exist, 
if theory is of interest to you. 


Organization 





The encyclopedia is divided into entries, each 
entry being devoted to one broad type of com- 
ponent. Two rules determine whether a compo- 
nent has an entry all to itself, or is subsumed into 
another entry: 


1. A component merits its own entry if it is (a) 
widely used or (b) not-so-widely used but 
has a unique identity and maybe some his- 
torical status. A widely used component 
would be a bipolar transistor, while a not- 
so-widely-used component with a unique 
identity would bea unijunction transistor. 


2. Acomponent does not merit its own entry if 
it is (a) seldom used or (b) very similar in 
function to another component that is more 
widely used. For example, the rheostat is sub- 


Subject Paths 


sumed into the potentiometer section, 
while silicon diode, Zener diode, and germa- 
nium diode are combined together in the di- 
ode entry. 


Inevitably, these guidelines required judgment 
calls that in some cases may seem arbitrary. My 
ultimate decision was based on where | would 
expect to find a component if | was looking for it 
myself. 


Subject Paths 


Entries are not organized alphabetically. Instead 
they are grouped by subject, in much the same 
way that books in the nonfiction section of a li- 
brary are organized by the Dewey Decimal Sys- 
tem. This is convenient if you don’t know exactly 
what you are looking for, or if you don’t know all 
the options that may be available to perform a 
task that you have in mind. 





Each primary category is divided into subcate- 
gories, and the subcategories are divided into 
component types. This hierarchy is shown in 
Figure 1-1. It is also apparent when you look at 
the top of the first page of each entry, where you 
will find the path that leads to it. The capacitor 
entry, for instance, is headed with this path: 


power > moderation > capacitor 


Any classification scheme tends to run into ex- 
ceptions. You can buya chip containing a resistor 
array, for instance. Technically, this is an analog 
integrated circuit, but should it really be included 
with solid-state relays and comparators? A deci- 
sion was made to put it in the resistor section, 
because this seemed more useful. 


Some components have hybrid functions. In Vol- 
ume 2, in the integrated circuit subcategory, we 
will distinguish between those that are analog 
and those that are digital. So where should an 
analog-digital converter be listed? It will be 
found under analog, because that category 
seems better associated with its primary func- 
tion, and people may be more likely to look for it 
there. 


Primary Secondary Component 
Category Category Type 


power source battery 
connection jumper 
fuse 
pushbutton 
switch 
rotary switch 
rotational encoder 
moderation __ relay 
resistor 
potentiometer 
capacitor 
variable capacitor 
conversion inductor 
AC-AC transformer 
AC-DC power supply 
DC-DC converter 
DC-AC inverter 
regulation voltage regulator 
electro- linear electromagnet 
magnetism output solenoid 
rotational DC motor 
a a AC motor 
servo motor 
stepper motor 
discrete single diode 
seh or Junction unijunction transistor 
multi- bipolar transistor 
IEESIOO field-effect transistor 


Figure 1-1. The subject-oriented organization of cate- 
gories and entries in this encyclopedia. 


Inclusions and Exclusions 





There is also the question of what is, and what is 
not, a component. Is wire a component? Not for 
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the purposes of this encyclopedia. How about a 
DC-DC converter? Because converters are now 
sold in small packages by component suppliers, 
they have been included as components. 


Many similar decisions had to be made on acase- 
by-case basis. Undoubtedly, some readers will 
disagree with the outcome, but reconciling all 
the disagreements would have been impossible. 
Speaking personally, the best | could do was cre- 
ate a book thatis organizedin the way that would 
suit me best if | were using it myself. 


Typographical Conventions 





Throughout this encyclopedia, the names of 
components that have their own entries are pre- 
sented in bold type. Other important electron- 
ics terms or component names are presented in 
italics where they first appear in any one section. 


The names of components, and the categories to 
which they belong, are all set in lower-case type, 
except where a term is normally capitalized be- 
cause it is an acronym or a trademark. Trimpot, 
for instance, is trademarked by Bourns, but trim- 
mer is not. LED is an acronym, but cap (abbrevi- 
ation for capacitor) is not. 


Where formulae are used, they are expressed in 
a format that will be familiar to computer pro- 
grammers but may be unfamiliar to others. The 
* (asterisk) symbol is used in place of a multipli- 
cation sign, while the / (slash symbol) is used to 
indicate division. Where pairs of parentheses are 
nested, the most deeply nested pair identifies 
the operations that should be performed first. 


Volume Contents 





Practical considerations relating to book length 
influenced the decision to divide The Encyclope- 
dia of Electronic Components into three volumes. 
Each volume deals with broad subject areas as 
follows. 


Volume 1 
Power, electromagnetism, and discrete sem- 
iconductors. 


Typographical Conventions 


The power category includes sources of pow- 
er and methods to distribute, store, inter- 
rupt, and modify power. The electromagnet- 
ism category includes devices that exert 
force linearly, and others that create a turn- 
ing force. Discrete semiconductors include 
the main types of diodes and transistors. 


Volume 2 
Integrated circuits, light sources, sound sour- 
ces, heat sources, and high-frequency sour- 
ces. 


Integrated circuits are divided into analog 
and digital components. Light sources range 
from incandescent bulbs to LEDs and small 
display screens; some reflective compo- 
nents, such as liquid-crystal displays and e- 
ink, are also included. Sound sources are pri- 
marily electromagnetic. 


Volume 3 
Sensing devices. 


The field of sensors has become so extensive, 
they easily merit a volume to themselves. 
Sensing devices include those that detect 
light, sound, heat, motion, pressure, gas, hu- 
midity, orientation, electricity, proximity, 
force, and radiation. 


At the time of writing, volumes 2 and 3 are still in 
preparation, but their contents are expected to 
be as described above. 


Safari® Books Online 





Safari Books Online is an on-demand digital li- 
brary that lets you easily search over 7,500 tech- 
nology and creative reference books and videos 
to find the answers you need quickly. 


With a subscription, you can read any page and 
watch any video from our library online. Read 
books on your cell phone and mobile devices. 
Access new titles before they are available for 
print, and get exclusive access to manuscripts in 
development and post feedback for the authors. 
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How to Contact Us 


Copy and paste code samples, organize your fa- 
vorites, download chapters, bookmark key sec- 
tions, create notes, print out pages, and benefit 
from tons of other time-saving features. 


O'Reilly Media has uploaded this book to the Sa- 
fari Books Online service. To have full digital ac- 
cess to this book and others on similar topics 
from O’Reilly and other publishers, sign up for 
free at http://my.safaribooksonline.com. 


How to Contact Us 





Please address comments and questions con- 
cerning this book to the publisher: 


MAKE 

1005 Gravenstein Highway North 
Sebastopol, CA 95472 

800-998-9938 (in the United States or 
Canada) 

707-829-0515 (international or local) 
707-829-0104 (fax) 


MAKE unites, inspires, informs, and entertains a 
growing community of resourceful people who 
undertake amazing projects in their backyards, 
basements, and garages. MAKE celebrates your 
right to tweak, hack, and bend any technology 
to your will. The MAKE audience continues to be 
a growing culture and community that believes 
in bettering ourselves, our environment, our ed- 


ucational system—our entire world. This is much 
more than an audience, it’s a worldwide move- 
ment that Make is leading—we call it the Maker 
Movement. 


For more information about MAKE, visit us on- 
line: 


MAKE magazine: http://makezine.com/maga 
zine/ 

Maker Faire: http://makerfaire.com 
Makezine.com: http://makezine.com 

Maker Shed: http://makershed.com/ 


We have a web page for this book, where we list 
errata, examples, and any additional informa- 
tion. You can access this page at: 


http://oreil.ly/encyc_electronic_comp_v1 


To comment or ask technical questions about 
this book, send email to: 


bookquestions@oreilly.com 


For more information about our books, courses, 
conferences, and news, see our website at hitp:// 
www.oreilly.com. 


Find us on Facebook: http://facebook.com/oreilly 
Follow us on Twitter: http://twitter.com/oreillyme 
dia 

Watch us on YouTube: http://www.youtube.com/ 
oreillymedia 
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This entry covers electrochemical power sources. Electricity is most often generated 
electromagnetically, but since these sources cannot be classified as components, they 
are outside the scope of the encyclopedia. Electrostatic sources are excluded for similar 


reasons. 


A battery is sometimes referred to as a cell or power cell, but can actually contain multiple 
cells, as defined in this entry. It used to be called an accumulator or a pile, but those terms 


are now archaic. 
OTHER RELATED COMPONENTS 


° capacitor (see Chapter 12) 


What It Does 


A battery contains one or more electrochemical 
cells in which chemical reactions create an elec- 
trical potential between two immersed termi- 
nals. This potential can be discharged as current 
passing through a /oad. 





An electrochemical cell should not be confused 
with an electrolytic cell, which is powered by an 
external source of electricity to promote electrol- 
ysis, whereby chemical compounds are broken 
down to their constituent elements. An electro- 
lytic cell thus consumes electricity, while an elec- 
trochemical cell produces electricity. 


Batteries range in size from button cells to large 
lead-acid units that store power generated by 
solar panels or windmills in locations that can be 
off the grid. Arrays of large batteries can provide 
bridging power for businesses or even small 
communities where conventional power is un- 
reliable. Figure 2-1 shows a 60KW, 480VDC self- 
watering battery array installed in a corporate 
data center, supplementing wind and solar sour- 


ces and providing time-of-day peak shaving of 
energy usage. Each lead-acid battery in this array 
measures approximately 28” x 24” x 12” and 
weighs about 1,000 Ib. 





Figure 2-1. A battery array providing 60KW at 480VDC as 
backup for a corporate data center. (Photo by permission 
of Hybridyne Power Systems, Canada, Inc., and the Hy- 
bridyne group of companies. Copyright by Hybridyne, an 
internationally registered trademark of Hybridyne Power 
Systems Canada Inc. No right of further reproduction un- 
less specifically granted by Hybridyne.) 


How It Works 


Schematic symbols for a battery are shown in 
Figure 2-2. The longer of the two lines represents 
the positive side of the battery, in each case. One 
way to remember this is by imagining that the 
longer line can be snipped in half so that the two 
segments can combine to form a + sign. Tradi- 
tionally, multiple connected battery symbols in- 
dicate multiple cells inside a battery; thus the 
center symbols in the figure could indicate a 3V 
battery, while those on the right would indicate 
a voltage greater than 3V. In practice, this con- 
vention is not followed conscientiously. 


tHE tt 
+ HE th 


Figure 2-2. Schematic symbols for a battery. Each pair of 
symbols within a blue rectangle is functionally identical. 


How It Works 


In a basic battery design often used for demon- 
stration purposes, a piece of copper serves as an 
electrode, partially immersed ina solution of cop- 
per sulfate, while a piece of zinc forms a second 
electrode, partially immersed ina solution of zinc 
sulfate. Each sulfate solution is known as an elec- 
trolyte, the complete battery may be referred to 
asa cell, and each half of it may be termed a half- 
cell. 





A simplified cross-section view is shown in 
Figure 2-3. Blue arrows show the movement of 
electrons from the zinc terminal (the anode), 
through an external load, and into a copper ter- 
minal (the cathode). A membrane separator al- 
lows the electrons to circulate back through the 
battery, while preventing electrolyte mixing. 


Orange arrows represent positive copper ions. 
White arrows represent positive zincions. (Anion 
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is an atom with an excess or deficit of electrons.) 
The zinc ions are attracted into the zinc sulfate 
electrolyte, resulting in a net loss of mass from 
the zinc electrode. 


Meanwhile, electrons passing into the copper 
electrode tend to attract positive copper ions, 
shown as orange arrows in the diagram. The cop- 
per ions are drawn out of the copper sulfate elec- 
trolyte, and result in a net accumulation of cop- 
per atoms on the copper electrode. 


This process is energized partially by the fact that 
zinc tends to lose electrons more easily than cop- 
per. 


LOAD 







Zinc Membrane Copper 
Sulfate Separator Sulfate 
Electrolyte Electrolyte 
Zinc Copper 
Electrode Electrode 


Figure 2-3. A classically simple electrochemical cell. See 
text for additional details. 
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Batteries for use in consumer electronics typical- 
ly use a paste instead of a liquid as an electrolyte, 
and have been referred to as dry cells, although 
this term is becoming obsolete. The two half- 
cells may be combined concentrically, as in a 
typical 1.5-volt C, D, AA, or AAA alkaline battery 
(see Figure 2-4). 





Current 
Pickup 


Manganese 
Dioxide 
Cathode 


Pressure 
Expansion 
Seal 


Zine 
Powder 
Anode 


Metal lon Protective 
Casing Conducting Cap 
Separator 
Positive 
Terminal 


Negative 
Terminal 


Figure 2-4. Cross-section view of a typical 1.5-volt alka- 
line battery. 


A 1.5V battery contains one cell, while a 6V or 9V 
battery will contain multiple cells connected in 
series. The total voltage of the battery is the sum 
of the voltages of its cells. 


Electrode Terminology 

The electrodes of a cell are often referred to as 
the anode and the cathode. These terms are con- 
fusing because the electrons enter the anode in- 
side the cell and leave it outside the cell, while 
electrons enter the cathode from outside the cell 


Variants 


and leave it inside the cell. Thus, the anode is an 
electron emitter if you look at it externally, but 
the cathode is an electron emitter if you look at 
it internally. 


Conventional current is imagined to flow in the 
opposite direction to electrons, and therefore, 
outside the cell, this current flows from the cath- 
ode to the anode, and from this perspective, the 
cathode can be thought of as being “more posi- 
tive” than the anode. To remember this, think of 
the letter t in “cathode” as being a + sign, thus: 
cathode. In larger batteries, the cathode is often 
painted or tagged red, while the anode may be 
painted or tagged black or blue. 


When a reusable battery is recharged, the flow of 
electrons reverses and the anode and the cath- 
ode effectively trade places. Recognizing this, 
the manufacturers of rechargeable batteries may 
refer to the more-positive terminal as the anode. 
This creates additional confusion, exacerbated 
further still by electronics manufacturers using 
the term “cathode” to identify the end of a di- 
ode which must be “more negative’ (i.e., at a low- 
er potential) than the opposite end. 


To minimize the risk of errors, it is easiest to avoid 
the terms “anode” and “cathode” when referring 
to batteries, and speak instead of the negative 
and positive terminals. This encyclopedia uses 
the common convention of reserving the term 
“cathode” to identify the “more negative” end of 
any type of diode. 


Variants 





Three types of batteries exist. 


1. Disposable batteries, properly (but infre- 
quently) referred to as primary cells. They are 
not reliably rechargeable because their 
chemical reactions are not easily reversible. 


2. Rechargeable batteries, properly (but infre- 
quently) known as secondary cells. They can 
be recharged by applying a voltage between 
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Variants 


the terminals from an external source such 
as a battery charger. The materials used in the 
battery, and the care with which the battery 
is maintained, will affect the rate at which 
chemical degradation of the electrodes 
gradually occurs as it is recharged repeated- 
ly. Either way, the number of charge/ 
discharge cycles is limited. 


3. Fuel Cells require an inflow of a reactive gas 
such as hydrogen to maintain an electro- 
chemical reaction over a long period. They 
are beyond the scope of this encyclopedia. 


A large capacitor may be substituted for a bat- 
tery for some applications, although it has a low- 
er energy density and will be more expensive to 
manufacture than a battery of equivalent power 
storage. A capacitor charges and discharges 
much more rapidly than a battery because no 
chemical reactions are involved, but a battery 
sustains its voltage much more successfully dur- 
ing the discharge cycle. See Figure 2-5. 





Battery 





Voltage => 


Capacitor 





Time > 


Figure 2-5. The voltage drop of a discharging capacitor is 
much steeper initially than that of a battery, making ca- 
pacitors unsuitable as a battery substitute in many appli- 
cations. However, the ability of a capacitor to discharge 
very rapidly at high amperage can sometimes be a signifi- 
cant advantage. 


Capacitors that can store a very large amount of 
energy are often referred to as supercapacitors. 
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Disposable Batteries 

The energy density of any disposable battery is 
higher than that of any type of rechargeable bat- 
tery, and it will have a much longer shelf life be- 
cause it loses its charge more slowly during stor- 
age (this is known as the self-discharge rate). Dis- 
posable batteries may have a useful life of five 
years or more, making them ideal for applica- 
tions such as smoke detectors, handheld re- 
motes for consumer electronics, or emergency 
flashlights. 


Disposable batteries are not well suited to deliv- 
ering high currents through loads below 750. 
Rechargeable batteries are preferable for higher- 
current applications. The bar chart in Figure 2-6 
shows the rated and actual capabilities of an al- 
kaline battery relative to the three most com- 
monly used rechargeable types, when the bat- 
tery is connected with a resistance that is low 
enough to assure complete discharge in 1 hour. 


The manufacturer's rating of watt hours per kilo 
is typically established by testing a battery with 
a relatively high-resistance load and slow rate of 
discharge. This rating will not apply in practice if 
a battery is discharged with a C-rate of 1, mean- 
ing complete discharge during 1 hour. 


Common types of disposable batteries are zinc- 
carbon cells and alkaline cells. In a zinc-carbon 
cell, the negative electrode is made of zinc while 
the positive electrode is made of carbon. The 
limited power capacity of this type of battery has 
reduced its popularity, but because it is the 
cheapest to manufacture, it may still be found 
where a company sells a product with “batteries 
included.’ The electrolyte is usually ammonium 
chloride or zinc chloride. The 9V battery in 
Figure 2-7 is actually a zinc-carbon battery ac- 
cording to its supplier, while the smaller one be- 
side it is a 12V alkaline battery designed for use 
in burglar alarms. These examples show that bat- 
teries cannot always be identified correctly by a 
casual assessment of their appearance. 
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i Actual, at C-rate of 1. 
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Lead-Acid NiMH Li-ion Alkaline 


Figure 2-6. Because of their relatively high internal resist- 
ance, alkaline batteries are especially unsuited to high dis- 
charge rates, and should be reserved for applications 
where a small current is required over a long period. 
(Chart derived from http://batteryuniversity.com.) 
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9V 
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Figure 2-7. At left, a cheap carbon-zinc battery; at right, a 
12V alkaline burglar-alarm battery. See text for additional 
details. 


In an alkaline cell, the negative electrode is made 
of zinc powder, the positive electrode is manga- 
nese dioxide, and the electrolyte is potassium 
hydroxide. An alkaline cell may provide between 
three to five times the power capacity of an equal 
size of zinc-carbon cell and is less susceptible to 
voltage drop during the discharge cycle. 


Variants 


Extremely long shelf life is necessary in some 
military applications. This may be achieved by 
using a reserve battery, in which the internal 
chemical compounds are separated from each 
other but can be recombined prior to use. 


Rechargeable Batteries 


Commonly used types are /ead-acid, nickel cad- 
mium (abbreviated NiCad or NiCd), nickel-metal 
hydride (abbreviated NiMH), lithium-ion (abbre- 
viated Li-ion), and lithium-ion polymer. 


Lead-acid batteries have existed for more thana 
century and are still widely used in vehicles, bur- 
glar alarms, emergency lighting, and large power 
backup systems. The early design was described 
as flooded; it used a solution of sulfuric acid (ge- 
nerically referred to as battery acid) as its electro- 
lyte, required the addition of distilled water pe- 
riodically, and was vented to allow gas to escape. 
The venting also allowed acid to spill if the bat- 
tery was tipped over. 


The valve-regulated lead-acid battery (VRLA) has 
become widely used, requiring no addition of 
water to the cells. A pressure relief valve is in- 
cluded, but will not leak electrolyte, regardless of 
the position of the battery. VRLA batteries are 
preferred for uninterruptible power supplies for 
data-processing equipment, and are found in 
automobiles and in electric wheelchairs, as their 
low gas output and security from spillage increa- 
ses their safety factor. 


VRLA batteries can be divided into two types: 
absorbed glass mat (AGM) and gel batteries. The 
electrolyte in an AGM is absorbed in a fiber-glass 
mat separator. In a gel cell, the electrolyte is 
mixed with silica dust to form an immobilized gel. 


The term deep cycle battery may be applied to a 
lead-acid battery and indicates that it should be 
more tolerant of discharge to a low level—per- 
haps 20 percent of its full charge (although man- 
ufacturers may claim alower number). The plates 
in a standard lead-acid battery are composed of 
a lead sponge, which maximizes the surface area 
available to acid in the battery but can be phys- 
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Variants 


ically abraded by deep discharge. In a deep cycle 
battery, the plates are solid. This means they are 
more robust, but are less able to supply high am- 
perage. If a deep-discharge battery is used to 
start an internal combustion engine, the battery 
should be larger than a regular lead-acid battery 
used for this purpose. 


A sealed lead-acid battery intended to power an 
external light activated by a motion detector is 
shown in Figure 2-8. This unit weighs several 
pounds and is trickle-charged during the day- 
time by a 6” x 6” solar panel. 





Figure 2-8. A lead-acid battery from an external light ac- 
tivated by a motion sensor. 


Nickel-cadmium (NiCad) batteries can withstand 
extremely high currents, but have been banned 
in Europe because of the toxicity of metallic cad- 
mium. They are being replaced in the United 
States by nickel-metal hydride (NiMH) types, 
which are free from the memory effect that can 
prevent a NiCad cell from fully recharging if it has 
been left for weeks or months in a partially dis- 
charged state. 


Lithium-ion and lithium-ion polymer batteries 
have a better energy-to-mass ratio than NiMH 
batteries, and are widely used with electronic 
devices such as laptop computers, media play- 
ers, digital cameras, and cellular phones. Large 
arrays of lithium batteries have also been used in 
some electric vehicles. 
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Various small rechargeable batteries are shown 
in Figure 2-9. The NiCad pack at top-left was 
manufactured for a cordless phone andis rapidly 
becoming obsolete. The 3V lithium battery at 
top-right was intended for a digital camera. The 
three batteries in the lower half of the photo- 
graph are all rechargeable NiMH substitutes for 
9V, AA, and AAA batteries. The NiMH chemistry 
results in the AA and AAA single-cell batteries 
being rated for 1.2V rather than 1.5V, but the 
manufacturer claims they can be substituted for 
1.5V alkaline cells because NiMH units sustain 
their rated voltage more consistently over time. 
Thus, the output from a fresh NiMH battery may 
be comparable to that of an alkaline battery that 
is part-way through its discharge cycle. 
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Figure 2-9. Top left: NiCad battery pack for a cordless 
phone. Top right: Lithium battery for a digital camera. The 
other batteries are rechargeable NiMH substitutes for ev- 
eryday alkaline cells. 


NiMH battery packs are available to deliver sub- 
stantial power while being smaller and lighter 
than lead-acid equivalents. The NiMH package in 
Figure 2-10 is rated for 10Ah, and consists of ten 
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D-size NiMH batteries wired in series to deliver 
12VDC. This type of battery pack is useful in ro- 
botics and other applications where a small 
motor-driven device must have free mobility. 





Figure 2-10. This NiMH battery pack is rated at 10Ah and 
delivers 12 volts from ten D-size cells wired in series. 


Values 





Amperage 

The current delivered by a battery will be largely 
determined by the resistance of the external load 
placed between its terminals. However, because 
ion transfer must occur inside the battery to 
complete the circuit, the current will also be limi- 
ted by the internal resistance of the battery. This 
should be thought of as an active part of the cir- 
cuit. 


Since a battery will deliver no current if there is 
no load, current must be measured while a load 
is attached, and cannot be measured by a meter 
alone. The meter will be immediately overloa- 
ded, with destructive results, if it is connected 
directly between the terminals of a battery, or in 
parallel with the load. Current must always be 
measured with the meter in series with the load, 
and the polarity of the meter must correspond 
with the polarity of the battery. See Figure 2-11. 


Values 


Load 


Meter 
measuring 
current 





Figure 2-11. When measuring current using an ammeter 
(or a multimeter configured to measure amps), the meter 
must be placed in series with the battery and a load. To 
avoid damaging the meter, it must never be applied di- 
rectly across the terminals of the battery, or in parallel 
with a load. Be careful to observe the polarity of the meter. 


Capacity 

The electrical capacity of a battery is measured in 
amp-hours, abbreviated Ah, AH, or (rarely) A/H. 
Smaller values are measured in milliamp-hours, 
usually abbreviated mAh. If | is the current being 
drawn from a battery (in amps) and T is the time 
for which the battery can deliver that current (in 
hours), the amp-hour capacity is given by the 
formula: 


Ah=I1*T 


By turning the formula around, if we know the 
amp-hour rating that a manufacturer has deter- 
mined for a battery, we can calculate the time in 
hours for which a battery can deliver a particular 
current: 


T=Ah/I 


Theoretically, Ah is a constant value for any given 
battery. Thus a battery rated for 4Ah should pro- 
vide 1 amp for 4 hours, 4 amps for 1 hour, 5 amps 
for 0.8 hours (48 minutes), and so on. 


In reality, this conveniently linear relationship 
does not exist. It quickly breaks down as the 





Chapter 2 11 


Values 


current rises, especially when using lead-acid 
batteries, which do not perform well when re- 
quired to deliver high current. Some of the cur- 
rent is lost as heat, and the battery may be elec- 
trochemically incapable of keeping up with de- 
mand. 


The Peukert number (named after its German 
originator in 1897) is a fudge factor to obtain a 
more realistic value for T at higher currents. If n 
is the Peukert number for a particular battery, 
then the previous formula can be modified thus: 


T=Ah/ 10 


Manufacturers usually (but not always) supply 
Peukert’s number in their specification for a bat- 
tery. So, if a battery has been rated at 4Ah, and 
its Peukert number is 1.2 (which is typical for 
lead-acid batteries), and I=5 (in other words, we 
want to know for how long a time, T, the battery 
can deliver 5 amps): 


T = 4/ 51-4 = approximately 4 / 6.9 


This is about 0.58 hours, or 35 minutes—much 
less than the 48 minutes that the original formula 
suggested. 


Unfortunately, there is a major problem with this 
calculation. In Peukert’s era, the amp-hour rating 
for a battery was established by a manufacturer 
by drawing 1A and measuring the time during 
which the battery was capable of delivering that 
current. If it took 4 hours, the battery was rated 
at 4Ah. 


Today, this measurement process is reversed. In- 
stead of specifying the current to be drawn from 
the battery, a manufacturer specifies the time for 
which the test will run, then finds the maximum 
current the battery can deliver for that time. 
Often, the time period is 20 hours. Therefore, if a 
battery has a modern 4Ah rating, testing has 
probably determined that it delivered 0.2A for 20 
hours, not 1A for 4 hours, which would have been 
the case in Peukert’s era. 


This is a significant distinction, because the same 
battery that can deliver 0.2A for 20 hours will not 
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be able to satisfy the greater demand of 1A for 4 
hours. Therefore the old amp-hour rating and the 
modern amp-hour rating mean different things 
and are incompatible. If the modern Ah rating is 
inserted into the old Peukert formula (as it was 
above), the answer will be misleadingly optimis- 
tic. Unfortunately, this fact is widely disregarded. 
Peukert’s formula is still being used, and the per- 
formance of many batteries is being evaluated 
incorrectly. 


The formula has been revised (initially by Chris 
Gibson of SmartGauge Electronics) to take into 
account the way in which Ah ratings are estab- 
lished today. Suppose that AhM is the modern 
rating for the battery's capacity in amp-hours, H 
is the duration in hours for which the battery was 
tested when the manufacturer calibrated it, n is 
Peukert’s number (supplied by the manufactur- 
er) as before, and|is the current you hope to draw 
from the battery. This is the revised formula to 
determine T: 


T =H * (AhM / (I * H)" ) 


How do we know the value for H? Most (not all) 
manufacturers will supply this number in their 
battery specification. Alternatively, and confus- 
ingly, they may use the term C-rate, which can be 
defined as 1/H. This means you can easily get the 
value for H if you know the C-rate: 


H = 1 / C-rate 


We can now use the revised formula to rework 
the original calculation. Going back to the exam- 
ple, if the battery was rated for 4Ah using the 
modern system, in a discharge test that lasted 20 
hours (which is the same as a C-rate of 0.05), and 
the manufacturer still states that it has a Peukert 
number of 1.2,and we want to know for howlong 
we can draw 5A from it: 


T = 20 * (4/(5 * 20)!:2) = approximately 
20 * 0.021 


This is about 0.42 hours, or 25 minutes—quite 
different from the 35 minutes obtained with the 
old version of the formula, which should never 
be used when calculating the probable dis- 
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charge time based ona modern Ah rating. These 
issues may seem arcane, but they are of great 
importance when assessing the likely perfor- 
mance of battery-powered equipment such as 
electric vehicles. 


Figure 2-12 shows the probable actual perfor- 
mance of batteries with Peukert numbers of 1.1, 
1.2, and 1.3. The curves were derived from the 
revised version of Peukert’s formula and show 
how the number of amp-hours that you can ex- 
pect diminishes for each battery as the current 
increases. For example, if a battery that the man- 
ufacturer has assigned a Peukert number of 1.2 
is rated at 100Ah using the modern 20-hour test, 
but we draw 30A from it, the battery can actually 
deliver only 70Ah. 
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Figure 2-12. Actual amp-hour performance that should 
be expected from three batteries of Peukert numbers 1.1, 
1.2, and 1.3 when they discharge currents ranging from 5 
to 30 amps, assuming that the manufacturer has rated 
each battery at 1OOAh using the modern system, which 
usually entails a 20-hour test (a C-rate of 0.05). 


One additional factor: For any rechargeable bat- 
tery, the Peukert number gradually increases 
with age, as the battery deteriorates chemically. 


Values 


Voltage 

The rated voltage of a fully charged battery is 
known as the open circuit voltage (abbreviated 
OCV or V,,), defined as the potential that exists 
when no load is imposed between the terminals. 
Because the internal resistance of a volt meter (or 
a multimeter, when it is used to measure DC 
volts) is very high, it can be connected directly 
between the battery terminals with no other 
load present, and will show the OCV quite accu- 
rately, without risk of damage to the meter. A fully 
charged 12-volt car battery may have an OCV of 
about 12.6 volts, while a fresh 9-volt alkaline bat- 
tery typically has an OCV of about 9.5 volts. Be 
extremely careful to set a multimeter to measure 
DC volts before connecting it across the battery. 
Usually this entails plugging the wire from the 
red probe into a socket separately reserved for 
measuring voltage, not amperage. 


The voltage delivered by a battery will be pulled 
down significantly when a load is applied to it, 
and will decrease further as time passes during a 
discharge cycle. For these reasons, a voltage 
regulator is required when a battery powers 
components such as digital integrated circuit 
chips, which do not tolerate a wide variation in 
voltage. 


To measure voltage while a load is applied to the 
battery, the meter must be connected in parallel 
with the load. See Figure 2-13. This type of meas- 
urement will give a reasonably accurate reading 
for the potential applied to the load, so long as 
the resistance of the load is relatively low com- 
pared with the internal resistance of the meter. 


Figure 2-14 shows the performance of five com- 
monly used sizes of alkaline batteries. The ratings 
in this chart were derived for alkaline batteries 
under favorable conditions, passing a small cur- 
rent through a relatively high-ohm load for long 
periods (40 to 400 hours, depending on battery 
type). The test continued until the final voltage 
for each 1.5V battery was 0.8V, and the final volt- 
age for the 9V battery was a mere 4.8V. These 
voltages were considered acceptable when the 
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How to Use it 
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Figure 2-13. When using a volt meter (or a multimeter 
configured to measure voltage), the meter can be applied 
directly between the battery terminals to determine the 
open-circuit voltage (OCV), or in parallel with a load to de- 
termine the voltage actually supplied during use. A multi- 
meter must be set to measure DC volts before connecting 
it across a battery. Any other setting may damage the me- 
ter. 


Ah ratings for the batteries were calculated by 
the manufacturer, but in real-world situations, a 
final voltage of 4.8V from a 9V battery is likely to 
be unacceptable in many electronics applica- 
tions. 


Battery | Rating Final | ele | 
type (Ah) voltage | (ohms) 
AAA 0.8 15 20 


1.15 
AA 2.87 0.8 75 20 
Cc 7.8 0.8 39 40 
D 17 0.8 39 40 
OV 0.57 4.8 620 14 


Figure 2-14. The voltage delivered by a battery may drop 
to a low level while a manufacturer is establishing an amp- 
hour rating. Values for current, shown in the chart, were 
calculated subsequently as estimated averages, and 
should be considered approximate. (Derived from a chart 
published by Panasonic.) 
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Asa general rule of thumb, if an application does 
not tolerate a significant voltage drop, the man- 
ufacturer’s amp-hour rating for a small battery 
may be divided by 2 to obtain a realistic number. 


How to Use it 





When choosing a battery to power a circuit, con- 
siderations will include the intended shelf life, 
maximum and typical current drain, and battery 
weight. The amp-hour rating of a battery can be 
used as a very approximate guide to determine 
its suitability. For 5V circuits that impose a drain 
of 100mA orless, itiscommon to use a 9V battery, 
or six 1.5V batteries in series, passing current 
through a voltage regulator such as the 
LM7805. Note that the voltage regulator requires 
energy to function, and thus it imposes a voltage 
drop that will be dissipated as heat. The mini- 
mum drop will vary depending on the type of 
regulator used. 


Batteries or cells may be used in series or in par- 
allel. In series, the total voltage of the chain of 
cells is found by summing their individual vol- 
tages, while their amp-hour rating remains the 
same as fora single cell, assuming that all the cells 
are identical. Wired in parallel, the total voltage 
of the cells remains the same as for a single cell, 
while the combined amp-hour value is found by 
summing their individual amp-hour ratings, as- 
suming that all the batteries are identical. See 
Figure 2-15, 


In addition to their obvious advantage of porta- 
bility, batteries have an additional advantage of 
being generally free from power spikes and noise 
that can cause sensitive components to misbe- 
have. Consequently, the need for smoothing will 
depend only on possible noise created by other 
components in the circuit. 


Motors or other inductive loads draw an initial 
surge that can be many times the current that 
they use after they start running. A battery must 
be chosen that will tolerate this surge without 
damage. 
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Figure 2-15. Theoretical results of using 1.5V cells in ser- 
ies or in parallel, assuming a 2Ah rating for one cell. 


Because of the risk of fire, United States airline 
regulations limit the amp-hour capacity of 
lithium-ion batteries in any electronic device in 
carry-on or checked passenger baggage. If a de- 
vice may be carried frequently as passenger bag- 
gage (for example, emergency medical equip- 
ment), NiMH batteries are preferred. 


What Can Go Wrong 





Short Circuits: Overheating and 
Fire 

A battery capable of delivering significant cur- 
rent can overheat, catch fire, or even explode if it 
is short-circuited. Dropping a wrench across the 
terminals of a car battery will result in a bright 
flash, aloud noise, and some molten metal. Even 
a1.5-volt alkaline AA battery can become too hot 
to touch if its terminals are shorted together. 
(Never try this witha rechargeable battery, which 
has a much lower internal resistance, allowing 
much higher flow of current.) Lithium-ion bat- 
teries are particularly dangerous, and almost al- 
ways are packaged with a current-limiting com- 
ponent that should not be disabled. A short- 
circuited lithium battery can explode. 


If a battery pack is used as a cheap and simple 
workbench DC power supply, a fuse or circuit 
breaker should be included. Any device that uses 
significant battery power should be fused. 


What Can Go Wrong 


Diminished Performance Caused 
by Improper Recharging 

Many types of batteries require a precisely meas- 
ured charging voltage and a cycle that ends au- 
tomatically when the battery is fully charged. 
Failure to observe this protocol can result in 
chemical damage that may not be reversible. A 
charger should be used that is specifically in- 
tended for the type of battery. A detailed com- 
parison of chargers and batteries is outside the 
scope of this encyclopedia. 


Complete Discharge of Lead-Acid 
Battery 

Complete or near-complete discharge of a lead- 
acid battery will significantly shorten its life (un- 
less it is specifically designed for deep-cycle use 
—although even then, more than an 80% dis- 
charge is not generally recommended). 


Inadequate Current 


Chemical reactions inside a battery occur more 
slowly at low temperatures. Consequently, a cold 
battery cannot deliver as much currentas awarm 
battery. For this reason, in winter weather, a car 
battery is less able to deliver high current. At the 
same time, because engine oil becomes more 
viscous as the temperature falls, the starter mo- 
tor will demand more current to turn the engine. 
This combination of factors explains the tenden- 
cy of car batteries to fail on cold winter mornings. 


Incorrect Polarity 

If a battery charger or generator is connected 
with a battery with incorrect polarity, the battery 
may experience permanent damage. The fuse or 
circuit breaker in a charger may prevent this from 
occurring and may also prevent damage to the 
charger, but this cannot be guaranteed. 


Iftwo high-capacity batteries are connected with 
opposite polarity (as may happen when aclumsy 
attemptis made to starta stalled car with jumper 
cables), the results may be explosive. Never lean 
over a car battery when attaching cables to it, 
and ideally, wear eye protection. 





Chapter 2 15 


What Can Go Wrong 


Reverse Charging 

Reverse charging can occur when a battery be- 
comes completely discharged while it is wired 
(correctly) in series with other batteries that are 
still delivering current. In the upper section of the 
schematic at Figure 2-16 two healthy 6V batter- 
ies, in series, are powering a resistive load. The 
battery on the left applies a potential of 6 volts 
to the battery on the right, which adds its own 6 
volts to create a full 12 volts across the load. The 
red and blue lines indicate volt meter leads, and 
the numbers show the reading that should be 
observed on the meter. 


In the second schematic, the battery on the left 
has become exhausted and is now a “dead 
weight” in the circuit, indicated by its gray color. 
The battery on the right still sustains a 6-volt po- 
tential. If the internal resistance of the dead bat- 
tery is approximately 1 ohm and the resistance 
of the load is approximately 20 ohms, the poten- 
tial across the dead battery will be about 0.3 volts, 
in the opposite direction to its normal charged 
voltage. Reverse charging will result and can 
damage the battery. To avoid this problem, a 
battery pack containing multiple cells should 
never be fully discharged. 


Sulfurization 

When a lead-acid battery is partially or com- 
pletely discharged and is allowed to remain in 
that state, sulfur tends to build up on its metal 
plates. The sulfur gradually tends to harden, 
forming a barrier against the electrochemical re- 
actions that are necessary to recharge the bat- 
tery. For this reason, lead-acid batteries should 
not be allowed to sit for long periods in a dis- 
charged condition. Anecdotal evidence sug- 
gests that even a very small trickle-charging cur- 
rent can prevent sulfurization, whichis why some 
people recommendattaching a small solar panel 
to a battery that is seldom used—for example, 
on asail boat, where the sole function of the bat- 
tery is to start an auxiliary engine when there is 
insufficient wind. 
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Figure 2-16. When a pair of 6V batteries is placed in ser- 
ies to power a resistive load, if one of the batteries dis- 
charges completely, it becomes a load instead of a power 
source, and will be subjected to reverse charging, which 
may cause permanent damage. 


High Current Flow Between Parallel 
Batteries 

If two batteries are connected in parallel, with 
correct polarity, but one of them is fully charged 
while the other is not, the charged battery will 
attempt to recharge its neighbor. Because the 
batteries are wired directly together, the current 
will be limited only by their internal resistance 
and the resistance of the cables connecting 
them. This may lead to overheating and possible 
damage. The risk becomes more significant 
when linking batteries that have high Ah ratings. 
Ideally they should be protected from one an- 
other by high-current fuses. 
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A jumper may also be referred to as a jumper socket or a shunt. A jumper should not be 
confused with jumper wires, which are not considered components for the purposes of 


this encyclopedia. 


OTHER RELATED COMPONENTS 


° switch (See Chapter 6) 


What It Does 





A jumper is a low-cost substitute for a switch, 
where a connection has to be made (or unmade) 
only a few times during the lifetime of a product. 
Typically it allows afunction orfeature ona circuit 
board to be set on a semipermanent basis, often 
atthe time of manufacture. A D/P switch performs 
the same function more conveniently. See “DIP” 
(page 43). 


There is no standardized schematic symbol to 
represent a jumper. 


How It Works 





A jumper is a very small rectangular plastic tab 
containing two (or sometimes more) metal sock- 
ets usually spaced either 0.1” or 2mm apart. The 
sockets are connected electrically inside the tab, 
so that when they are pushed over two (or more) 
pins that have been installed on a circuit board 
for this purpose, the jumper shorts the pins to- 
gether. The pins are usually 0.025” square and are 
often part of a header that is soldered into the 
board. In a parts catalogue, jumpers may be 
found ina section titled “Headers and Wire Hous- 
ings” or similar. 


Three jumpers are shown in Figure 3-1. The blue 
one contains two sockets spaced 0.1” and is deep 


enough to enclose the pins completely. The red 
one contains two sockets spaced 2mm and may 
allow the tips of the pins to emerge from its op- 
posite end. The black one contains four sockets, 
each pair spaced 0.1” apart. 





Figure 3-1. Three jumpers containing two sockets spaced 
2mm (left), two sockets spaced 0.1” (top right), and four 
sockets, each pair spaced 0.1” (bottom right). 
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Variants 


The set of pins with which a jumper is used is 
often referred to as a header. Headers are avail- 
able with pins in single or dual rows. Some head- 
ers are designed to be snapped off to provide the 
desired number of pins. A dual 28-pin header is 
shown in Figure 3-2 with a black jumper pushed 
onto a pair of pins near the midpoint. 





Figure 3-2. A jumper pushed onto a pair of pins midway 
along a dual 28-pin header. 


Variants 





A jumper assembly may be a kit containing not 
only the jumper but also the array of pins with 
which it is intended to be used. Check the man- 
ufacturer’s datasheet to find out exactly what is 
included. 


The most common types of jumpers have two 
sockets only, but variants are available with as 
many as 12 sockets, which may be arranged in 
one or two rows. Header sockets may be used as 
a substitute for purpose-made jumpers, with the 
advantage that they are often sold in long strips 
that can be snapped off to provide as many sock- 
ets as needed. However, the pins attached to 
header sockets must be manually connected by 
soldering small lengths of wire between them. 
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In some jumpers, the plastic tab extends upward 
for about half an inch and functions as a finger 
grip, making the jumper much easier to hold 
during insertion and removal. This is a desirable 
feature if there is room to accommodate it. 


The sockets inside a jumper are often made from 
phosphor-bronze, copper-nickel alloy, tin alloy, 
or brass alloy. They are usually gold-plated, but 
in some instances are tin-plated. 


Rarely, a jumper may consist of a metal strip with 
U-shaped connections suitable for being used in 
conjunction with screw terminals. Two jumpers 
of this type are shown in Figure 3-3. They should 
not be confused with high-amperage fuses that 
look superficially similar. 





Figure 3-3. These jumpers are designed to short together 
two or three screw terminals. 


Values 





The spacing between the sockets in a jumper is 
referred to as its pitch. As previously noted, 0.1” 
and 2mm are the most popular values. 


A typical maximum rating for a jumper of 0.1” 
pitch is 2A or 2.5A at 250V. 
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How to Use it 





A jumper may activate a “set it and forget it” cir- 
cuit function. An example would be the factory 
configuration of a product to work with 115VAC 
or 230VAC power input. End users were expected 
to set jumpers in some computer equipment 
sold during the 1980s, but this is no longer the 
case. 


What Can Go Wrong 


Jumpers are easily dropped, easily lost, and easily 
placed incorrectly. When purchasing jumpers, 
buy extras to compensate for their fragility and 
the ease of losing them. 





How to Use it 


Any location where ajumper may be used should 
be clearly labelled to define the function of each 
setting. 


Cheap, poorly made jumpers may self-destruct 
from mechanical stresses when removed from 
their pins. The plastic casing can come away, 
leaving the sockets clinging naked to the pins 
protruding from the circuit board. This is another 
reason why it is a good idea to have a small stock 
of spare jumpers for emergencies. 


Oxidation in jumpers where the contacts are not 
gold- or silver-plated can create electrical resist- 
ance or unreliable connections. 
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The alternate spelling fuze is seldom used. 


OTHER RELATED COMPONENTS 


e« None 


What It Does 


A fuse protects an electrical circuit or device from 
excessive current when a metal element inside it 
melts to create an open circuit. With the excep- 
tion of resettable fuses (discussed separately in 
“Resettable Fuses” (page 24)), a fuse must be dis- 
carded and replaced after it has fulfilled its func- 
tion. 





When high current melts a fuse, it is said to blow 
or trip the fuse. (In the case of a resettable fuse, 
only the word trip is used.) 


A fuse can work with either AC or DC voltage, and 
can be designed for almost any current. In resi- 
dential and commercial buildings, circuit break- 
ers have become common, but a large cartridge 
fuse may still be used to protect the whole sys- 
tem from short-circuits or from overcurrent 
caused by lightning strikes on exposed power 
lines. 


In electronic devices, the power supply is al- 
most always fused. 


Schematic symbols for a fuse are shown in 
Figure 4-1. Those at the right and second from 
right are most frequently used. The one in the 
center is approved by ANSI, IEC, and IEEE but is 
seldom seen. To the left of that is the fuse symbol 
understood by electrical contractors in architec- 
tural plans. The symbol at far left used to be com- 
mon but has fallen into disuse. 
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Figure 4-1. Alternate schematic symbols for a fuse. See 
text for explanation. 


How It Works 


The element ina fuse is usually a wire or thin metal 
strip mounted between two terminals. In a car- 
tridge fuse, it is enclosed in a glass or ceramic 
cylinder with a contact at each end, or in a small 
metallic can. (Old-style, large, high-amperage 
fuses may be packaged in a paper or cardboard 
tube.) The traditional glass cartridge allows vis- 
ualinspection to confirm that the fuse has blown. 





A fuse responds only to current, not to voltage. 
When choosing a fuse that will be reliable in con- 
ditions of steady current consumption, a safe rule 
is to figure the maximum amperage when all 
components are functioning and add 50%. How- 
ever, if current surges or spikes are likely, their 
duration will be relevant. If | is the current surge 
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in amps and tis its duration in seconds, the surge 
sensitivity of a fuse—which is often referred to 
verbally or in printed format as |12t—is given by 
the formula: 


I2t =I? *t 


Some semiconductors also have an [2t rating, 
and should be protected with a similarly rated 
fuse. 


Any fuse will present some resistance to the cur- 
rent flowing through it. Otherwise, the current 
would not generate the heat that blows the fuse. 
Manufacturer datasheets list the voltage drop 
that the internal resistance of a fuse is likely to 
introduce into a circuit. 


Values 





The current rating or rated current of a fuse is usu- 
ally printed or stamped on its casing, and is the 
maximum flow that it should withstand on a 
continuous basis, at the ambient temperature 
specified by the manufacturer (usually 25 de- 
grees Centigrade). The ambient temperature 
refers to the immediate environment of the fuse, 
not the larger area in which it may be located. 
Note that in an enclosure containing other com- 
ponents, the temperature is usually significantly 
higher than outside the enclosure. 


Ideally a fuse should function reliably and indef- 
initely at its rated maximum amperage, but 
should blow just as reliably if the current rises by 
approximately 20% beyond the maximum. In re- 
ality, manufacturers recommend that continu- 
ous loading of a fuse should not exceed 75% of 
its rating at 25 degrees Centigrade. 


The voltage rating or rated voltage of a fuse is the 
maximum voltage at which its element can be 
counted on to melt in a safe and predictable 
manner when it is overloaded by excess current. 
This is sometimes known as the breaking capaci- 
ty. Above that rating, the remaining pieces of the 
fuse element may form an arc that sustains some 
electrical conduction. 
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A fuse can always be used at a lower voltage than 
its rating. If it has a breaking capacity of 250V, it 
will still provide the same protection if it is used 
at 5V. 


Four differently rated glass cartridge fuses are 
shown in Figure 4-2. The one at the top is a slow- 
blowing type, rated at 15A. Its element is de- 
signed to absorb heat before melting. Below it is 
a 0.5A fuse with a correspondingly thinner ele- 
ment. The two smaller fuses are rated at 5A each. 
The center two fuses have a maximum voltage 
rating of 250V, while the one at the top is rated 
at 32V and the oneat the bottom is rated at 350V. 
Clearly, the size of a fuse should never be used as 
a guide to its ratings. 





Figure 4-2. Four glass cartridge fuses. See text for de- 
tails. 
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Early power fuses in residential buildings consis- 
ted of bare nichrome wire wrapped around a 
porcelain holder. In the 1890s, Edison developed 
plug fuses in which the fuse was contained in a 
porcelain module with a screw thread, compati- 
ble with the base of an incandescent bulb. This 
design persisted in some U.S. urban areas for 
more than 70 years, is still found in old buildings, 
and is still being manufactured. 
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Small Cartridge Fuses 


Small cartridge fuses for appliances and elec- 
tronics equipment—such as those shown in 
Figure 4-2--are available in sizes tabulated in 
Figure 4-3. With the exception of the 4.5mm di- 
ameter fuse (a European addition), these sizes 
were originally measured in inches; today, they 
are often described only with the equivalent 
metric measurement. Any cartridge fuse is usu- 
ally available with the option of a lead attached 
to it at each end, so that it can be used as a 
through-hole component. 


Fuse | Diameter | Diameter} Length Length 
ee (inches) (metric) | (inches) | (metric) 









6mm 5/8" 16mm 


 E 0.177" 4.5mm 0.588" 15mm 
Es 1/4" 6mm—s-4/4" 32mm 
9/32" 7mm 1-4/4" 32mm 
em 13/32" 10mm = 1-4/2" «38mm 
Tm 1/4" omm—s7/8" 22mm 
8AG 1/4" 6mm 4" 25mm 


Figure 4-3. The approximate physical sizes of commonly 
used small glass or ceramic cartridge fuses are shown 
here with the codes that are often used to identify them. 


Fuses may be fast acting, medium acting, or slow- 
blowing, the last of which may alternatively be 
referred to as delay fuses. Extra-fast-acting fuses 
are available from some manufacturers. The term 
Slo-Blo is often used but is actually a trademark 
of Littelfuse. None of the terms describing the 
speed of action of a fuse has been standardized 
with a specific time or time range. 


Some cartridge fuses are available in a ceramic 
format as an alternative to the more common 
glass cylinder. If accidental application of ex- 
tremely high current is possible (for example, in 
a multimeter that can be set to measure amps, 
and may be accidentally connected across a 
powerful battery), a ceramic cartridge is prefera- 
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ble because it contains a filler that will help to 
stop an arc from forming. Also, if a fuse is physi- 
cally destroyed by application of very high cur- 
rent, ceramic fragments may be preferable to 
glass fragments. 


Automotive Fuses 


Automotive fuses are identifiable by their use of 
blades designed for insertion in flat sockets 
where the fuse is unlikely to loosen as a result of 
vibration or temperature changes. The fuses 
come in various sizes, and are uniformly color- 
coded for easy identification. 


A selection of automotive fuses is shown in 
Figure 4-4. The type at the top is typically de- 
scribed as a “maxi-fuse” while the type at 
bottom-left is a “mini-fuse.’ Here again, size is ir- 
relevant to function, as all three of those pictured 
are rated 30A at 32V. 





Figure 4-4. Three automotive fuses. All have the same 
rating: 30A at 32V. 


In Figure 4-5, the largest of the fuses from 
Figure 4-4 has been cut open to reveal its ele- 
ment. 
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F . The largest fuse from the previous figure, cut 
open to reveal its element. 


Usually automotive fuses are mounted together 
in a block, but if aftermarket accessory equip- 
ment is added, it may be protected by an inline 
fuse in a holder that terminates in two wires. This 
is shown with two sample fuses in Figure 4 
Similar inline fuse holders are manufactured for 
other types of fuses. 


Strip Fuses 

High-amperage fuses for vehicles may be sold in 
“strip fuse” format, also known as a fusible link, 
designed to be clamped between two screw- 
down terminals. Since some jumpers may look 
very similar, it is important to keep them sepa- 
rate. A strip fuse is shown in 


Through-Hole Fuses 


Small fuses with radial leads, which seem appro- 
priate for through-hole insertion in printed cir- 
cuit boards, are actually often used in conjunc- 
tion with appropriate sockets, so that they can 
be easily replaced. They are described in cata- 
logues as “subminiature fuses” and are typically 
found in laptop computers and their power sup- 
plies, also televisions, battery chargers, and air 
conditioners. Three examples are shown in 

. All have slow-blowing characteristics. 
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Two blade-type fuses, commonly used for au- 
tomotive applications, shown with an inline fuse holder. 
The plastic cap, at right, is closed over the holder when a 
fuse has been installed. 





T . This strip fuse is intended for use in diesel ve- 
icles The example shown is rated 100A at 36V. 


Resettable Fuses 

Properly known as a polymeric positive tempera- 
ture coefficient fuse (often abbreviated PTC or 
PPTC), a resettable fuse is a solid-state, encapsu- 
lated component that greatly increases its resist- 
ance in response to a current overload, but grad- 
ually returns to its original condition when the 
flow of current is discontinued. It can be thought 
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Figure 4-8. Three subminiature fuses terminating in wire 
leads. From left to right: 1OA at 250V, 2.5A at 250V, and 
5A at 250V. 


of asa thermistor that has a nonlinear response. 
Three through-hole examples are shown in 
Figure 4-9, While different sizes of cartridge fuse 
may share the same ratings, differently rated re- 
settable fuses may be identical in size. The one 
on the left is rated 40A at 30V, while the one on 
the right is rated 2.5A at 30V. (Note that the codes 
printed on the fuses are not the same as their 
manufacturer part numbers.) The fuse at the top 
is rated 1A at 135V. 


When more than the maximum current passes 
through the fuse, its internal resistance increases 
suddenly from a few ohms to hundreds of thou- 
sands of ohms. This is known as tripping the fuse. 
This inevitably entails a small delay, but is com- 
parable to the time taken for a slow-blowing fuse 
to respond. 


Aresettable fuse contains a polymer whose crys- 
talline structure is loaded with graphite particles 
that conduct electricity. As current flowing 
through the fuse induces heat, the polymer tran- 
sitions to an amorphous state, separating the 
graphite particles and interrupting the conduc- 
tive pathways. A small current still passes 
through the component, sufficient to maintain 
its amorphous state until power is disconnected. 


Variants 





Figure 4-9. Some through-hole resettable fuses. See text 
for details. 


After the resettable fuse cools, it gradually re- 
crystallizes, although its resistance does not fall 
back completely to its original value for more 
than an hour. 


The maximum safe level of current for a resetta- 
ble fuse is known as the hold current, while the 
current that triggers its response is termed the 
trip current. Resettable fuses are available with 
trip-current ratings from 20mA to 100A. While 
conventional appliance and electronics fuses 
may be rated as high as 600V, resettable fuses are 
seldom rated above 100V. 


Typical cartridge fuses are affected only to a mi- 
nor extent by temperature, but the current rating 
of a resettable fuse may diminish to 75% of its 
normal value at 50 degrees Centigrade and may 
drop to 50% of its normal value at 80 degrees 
Centigrade. In other words, a fuse that is rated for 
4A at 25 degrees may tolerate amaximum of only 
3A when it operates at twice that temperature. 
See Figure 4-10. 
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Figure 4-10. The three curves give a very approximate 
idea of the temperature sensitivity of three types of fuses 
commonly used to protect electronic equipment. The left- 
hand scale provides an approximate value for the amper- 
age which will trip the fuse. 


Conventional slow-blowing fuses are 
temperature-sensitive, but to a lesser degree 
than resettable fuses. 


Resettable fuses are used in computer power 
supplies, USB power sources, and loudspeaker 
enclosures, where they protect the speaker coils 
from being overdriven. They are appropriate in 
situations where a fuse may be tripped relatively 
often, or where technically unsophisticated 
users may feel unable to replace a fuse or reset a 
circuit breaker. 


Brand names for resettable fuses include Poly- 
Switch, OptiReset, Everfuse, Polyfuse, and Multi- 
fuse. They are available in surface-mount (SMT) 
packages or as through-hole components, but 
not in cartridge format. 


Surface Mount Fuses 

Because surface-mount fuses are difficult or im- 
possible to replace after they have been soldered 
onto the board, they are often resettable. 
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A surface-mount resettable fuse approximately 
0.3” square is shown in Figure 4-11. It is rated for 
230V and has an internal resistance of 50 ohms. 
Its hold current is 0.09A and its trip current is 
0.19A. 





Figure 4-11. A surface-mount resettable fuse. See text for 
details. 


How to Use it 





Any equipment that may be plugged into a wall 
outlet should be fused, not only to protect its 
components but also to protect users who may 
open the box and start investigating with a 
screwdriver. 


Equipment that contains powerful motors, 
pumps, or other inductive loads should be pro- 
tected with slow-blowing fuses, as the initial 
surge of current when the equipmentis switched 
onis likely to rise well above the rating of the fuse. 
A slow-blowing fuse will tolerate a surge for a 
couple of seconds. Other fuses will not. 


Conversely, fast-acting fuses should be used with 
electronic equipment, especially integrated cir- 
cuits that are quickly and easily damaged. 


Any device using substantial battery power 
should be fused because of the unpredictable 
and generally bad behavior of batteries when 
they are short-circuited. Parallel connections be- 
tween multiple large batteries should be fused 
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to avoid the possibility that a highly charged bat- 
tery may attempt to recharge its neighbor‘(s). 
Large “J size” fuses rated from 125A to 450A have 
become commonin the solar power community, 
where banks of lead-acid batteries are often 
used. These fuses have a thick brass tab at each 
end, drilled so that they can be bolted into place. 
Alternatively, they will push-fit into an appropri- 
ate fuseholder. 


For cartridge fuses up to 1/4” in diameter that 
don’t have leads attached, appropriately sized 
fuseholders are available in several formats: 


Panel mounted fuse enclosure is probably the 
most common, consisting of a plastic tube with 
a spring-contact at the bottom, and a plastic cap 
with a second contact inside. The cap either 
screws onto the tube of the fuse, or is pushed 
down and turned to hold it in place. A nut is pro- 
vided to secure the fuseholder after it has been 
inserted into a hole drilled in the panel. The fuse 
is dropped into the tube, and the cap is applied. 
This type of holder is available in full-length or 
shorter, “low profile” formats. A low-profile hold- 
er is shown in Figure 4-12. It is shown assembled 
at right, with its component parts disassembled 
alongside. 





Figure 4-12. A low-profile panel-mounted fuse holder 
shown disassembled (left) and assembled (right). 


What Can Go Wrong 


Circuit board mounted fuse enclosure is ba- 
sically the same as the panel-mounted version, 
but with through-hole solder pins attached. 


Fuse block is a small plastic block with two clips 
on its upper surface for insertion of a cartridge 
fuse. 


Fuse clips can be bought individually, with sol- 
der pins for through-hole mounting. 


Inline fuse holder is designed to be inserted in 
a length of wire. Usually made of plastic, it will 
either terminate it, wires or will have metal con- 
tacts to crimp or solder at each end. See 
Figure 4-6. 


Through-hole fuse holders are available for 
subminiature fuses. 


What Can Go Wrong 





Repeated Failure 

When a fuse in a circuit blows frequently, this is 
known as nuisance opening. Often it can result 
from failure to take into account all the aspects 
of the circuit, such asa large filtering capacitor in 
a power supply that draws a major surge of cur- 
rent when the power supply is switched on. The 
formally correct procedure to address this prob- 
lem is to measure the power surge, properly 
known as peak inrush current, with an oscillo- 
scope, calculate the I? * t of the wave form, and 
select a fuse with a rating at least 5 times that 
value. 


A fuse should never be replaced with an equiva- 
lent length of wire or any other conductor. 


Soldering Damage 

When a through-hole or surface-mount fuse is 
soldered into place, heat from the soldering pro- 
cess can cause the soft metal element inside the 
fuse to melt partially and reflow. This is likely to 
change the rating of the fuse. Generally, fuses 
should be treated with the same caution as sem- 
iconductors when they are fixed in place with 
solder. 
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Placement 

A fuse should be placed close to the power 
source or power input point in a circuit, so that it 
protects as much of the circuit as possible. 
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Often referred to as a pushbutton switch and sometimes as a momentary switch. In this 
encyclopedia, a pushbutton is considered separately from a switch, which generally uses 
a lever-shaped actuator rather than a button, and has at least one pole contact where a 
pushbutton generally has contacts that are not distinguishable from each other. 


OTHER RELATED COMPONENTS 


° switch (See Chapter 6) 
¢ rotary switch (See Chapter 7) 


What It Does 





A pushbutton contains at least two contacts, 
which close or open when the button is pressed. 
Usually a spring restores the button to its original 
position when external pressure is released. 
Figure 5-1 shows schematic symbols for push- 
buttons. The symbols that share each blue rec- 
tangle are functionally identical. At top is a 
normally-open single-throw pushbutton. At 
center is a normally-closed single-throw push- 
button. At bottom is a  double-throw 
pushbutton. 


Unlike a switch, a basic pushbutton does not 
have a primary contact that can be identified as 
the pole. However, a single pushbutton may close 
or open two separate pairs of contacts, in which 
case it can be referred to, a little misleadingly, as 
a double-pole pushbutton. See Figure 5-2. Dif- 
ferent symbols are used for slider pushbuttons 


with multiple contact pairs; see “Slider” (page 31). 


A generic full-size, two-contact pushbutton is 
shown in Figure 5-3. 


so Is i 
—e e— —o o— 
—e|o— —o |o— 
—e|e— —o |o— 
—e e— —o o— 


Figure 5-1. Commonly used schematic symbols to repre- 
sent a simple pushbutton. See text for details. 


How It Works 


Figure 5-4 shows a cross-section of a pushbutton 
that has a single steel return spring, to create re- 
sistance to downward force on the button, anda 
pair of springs above a pair of contacts, to hold 
each contact in place and make a firm connec- 
tion when the button is pressed. The two upper 
contacts are electrically linked, although this fea- 
ture is not shown. 
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Figure 5-2. Commonly used schematic symbols to repre- 
sent a double-pole pushbutton. 





Figure 5-4. Cross-section of a pushbutton showing two 
spring-loaded contacts and a single return spring. 


Variants 





Poles and Throws 

Abbreviations that identify the number of poles 
and contacts inside a pushbutton are the same 
as the abbreviations that identify those at- 
tributes in a switch. A few examples will make 
this clear: 


SPST, also known as 1P1T 
Single pole, single throw 


DPST also known as 2P1T 
Double pole, single throw 
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Figure 5-3. The simplest, traditional form of pushbutton, 
in which pressing the button creates a connection be- 
tween two contacts. 


SPDT also known as 1P2T 
Single pole, double throw 


3PST also known as 3P1T 
Three pole, single throw 


While a switch may have an additional center 
position, pushbuttons generally do not. 


On-Off Behavior 

Parentheses are used to indicate the momentary 
state of the pushbutton while it is pressed. It will 
return to the other state by default. 


OFF-(ON) or (ON)-OFF 
Contacts are normally open by default, and 
are closed only while the button is pressed. 
This is sometimes described as a make-to- 
make connection, or asa FormA pushbutton. 


ON-(OFF) or (OFF)-ON 
Contacts are normally closed by default, and 
are open only while the button is pressed. 
This is sometimes described as a make-to- 
break connection, or as a Form B pushbutton. 


ON-(ON) or (ON)-ON 
This is a double-throw pushbutton in which 
one set of contacts is normally closed. When 
the button is pressed, the first set of contacts 
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is opened and the other set of contacts is 
closed, until the button is released. This is 
sometimes described as a Form C pushbut- 
ton. 


For a single-throw pushbutton, the terms NC or 
NO may be used to describe it as normally 
closed or normally open. 


Slider 


This type, also known asa slide pushbutton, con- 
tains a thin bar or rod that slides in and out of a 
long, narrow enclosure. Contacts on the rod rub 
across secondary contacts inside the enclosure. 
Closely resembling a slider switch, it is cheap, 
compact, and well adapted for multiple connec- 
tions (up to 8 separate poles in some models). 
However, it can only tolerate low currents, has 
limited durability, and is vulnerable to 
contamination. 


A four-pole, double-throw pushbutton is shown 
in Figure 5-5. A variety of plastic caps can be ob- 
tained to press-fit onto the end of the white nylon 
actuator. 





Figure 5-5. A 4PDT slider pushbutton, shown without the 
cap that can be snapped onto the end of the actuator. 


Figure 5-6 shows schematic symbols for two pos- 
sible slide pushbuttons, with a black rectangle 
indicating each sliding contact. The lead that 
functions as a pole is marked with a P in each 
case. Standardization for slide pushbutton sche- 
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matic symbols does not really exist, but these 
examples are fairly typical. An insulating section 
that connects the sliding contacts internally is 
shown here as a gray rectangle, but in some da- 
tasheets may appear as a line or an open rectan- 
gle. 


Since the symbols for a slide pushbutton may be 
identical to the symbols for a slide switch, care 
must be taken when examining a schematic, to 
determine which type of component is intended. 


Lellel 
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Figure 5-6. Left: schematic symbol for a simple SPDT 
slide pushbutton, where a movable contact shorts togeth- 
er either the left pair or right pair of fixed contacts. Right: 
A 4PDT pushbutton in which the same principle has been 
extended. The movable contacts are attached to each 
other mechanically by an insulator. Each pole terminal is 
marked with a P. 


Styles 

Many pushbutton switches are sold without caps 
attached. This allows the user to choose from a 
selection of styles and colors. Typically the cap is 
a push-fit onto the end of the rod or bar that ac- 
tivates the internal contacts. Some sample caps 
are shown in Figure 5-7, alongside a DPDT push- 
button. Any of the caps will snap-fit onto its ac- 
tuator. 


An illuminated pushbutton contains a small in- 
candescent bulb, neon bulb, or LED (light-emitting 
diode). The light source almost always has its own 
two terminals, which are isolated from the other 
terminals on the button housing and can be 
wired to activate the light when the button is 
pressed, when it is released, or on some other 
basis. Pushbuttons containing LEDs usually 
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Figure 5-7. Caps (buttons or knobs) that may be sold as 
separate accessories for some pushbuttons, shown here 
alongside a compatible pushbutton switch. 


require external series resistors, which should be 
chosen according to the voltage that will be 
used. See the LED entry in Volume 2 for addi- 
tional commentary on appropriate series resis- 
tors. An example of an illuminated pushbutton is 
shown in Figure 5-8. This isa DPDT component, 
designed to be mounted on a printed circuit 
board, with an additional lead at each end con- 
necting with an internal LED underneath the 
translucent white button. 


Termination and Contact Plating 


These options are the same as for a switch and 
are described in that entry. 


Mounting Style 

The traditional panel-mounted button is usually 
secured through a hole in the panel by tighten- 
ing a nut that engages with a thread on the 
bushing of the pushbutton. Alternatively, a push- 
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Figure 5-8. This pushbutton contains an LED underneath 
the white translucent button. 


button housing can have flexible plastic protru- 
sions on either side, allowing it to be snapped 
into place in an appropriate-sized panel cutout. 
This style is shown in Figure 5-4. 


PC pushbuttons (pushbuttons mounted in a 
printed circuit board, or PCB) are a common var- 
iant. After the component has been installed in 
the circuit board, either the button must align 
with a cutout inthe front panel and poke through 
it when the device is assembled, or an external 
(non-electrical) button that is part of the product 
enclosure must press on the actuator of the 
pushbutton after assembly. 


Surface-mount pushbuttons that allow direct 
fingertip access are uncommon. However, about 
one-quarter of tactile switches are designed for 
surface mount at the time of writing. They are 
typically found beneath membranes that the 
user presses to activate the switch beneath—for 
example, in remotes that are used to operate 
electronic devices. 


Sealed or Unsealed 

A sealed pushbutton will include protection 
against water, dust, dirt, and other environmen- 
tal hazards, at some additional cost. 
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Latching 

This variant, also known as a press-twice push- 
button, contains a mechanical ratchet, which is 
rotated each time the button is pressed. The first 
press causes contacts to latch in the closed state. 
The second press returns the contacts to the 
open state, after which, the process repeats. This 
press-twice design is typically found on flash- 
lights, audio equipment, and in automotive ap- 
plications. While /atching is the most commonly 
used term, it is also known as push-push, lock- 
ing, push-lock push-release, push-on push-off, and 
alternate. 


Inalatching pushbutton with lockdown, the but- 
tonis visibly lower in the latched state than in the 
unlatched state. However, buttons that behave 
this way are not always identified as doing so on 
their datasheets. 


Asix-pole double-throw pushbutton that latches 
and then unlatches each time it is pressed is 
shown in Figure 5-9. 





Figure 5-9. This 6PDT pushbutton latches and then un- 
latches, each time it is pressed. 


Two more variants are shown in Figure 5-10. On 
the right is a simple DPDT latching pushbutton 
with lockdown. On the left is a latching pushbut- 
ton that cycles through four states, beginning 
with one “off” state, the remaining three con- 
necting a different pair of its wires in turn. 


A simple OFF-(ON) button may appear to have a 
latching output if it sends a pulse to a micro- 
controller in which software inside the micro- 
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Figure 5-10. At right, a simple DPDT latching pushbutton 
with lockdown. At left, this pushbutton cycles through four 
states, one of them an “off” state, the others connecting a 
different pair of its wires in turn. 


controller toggles an output between two states. 
The microcontroller can step through an unlimi- 
ted number of options in response to each but- 
ton press. Examples are found on cellular phones 
or portable media players. 


A mechanically latching pushbutton has a higher 
failure rate than a simple OFF-(ON) button, as a 
result of its internal mechanism, but has the ad- 
vantage of requiring no additional microcontrol- 
ler to create its output. Microcontrollers are dis- 
cussed in Volume 2. 


Foot Pedal 

Foot pedal pushbuttons generally require more 
actuation force than those intended for manual 
use. They are ruggedly built and are commonly 
found in vacuum cleaners, audio-transcription 
foot pedals, and “stomp boxes” used by musi- 
cians. 


Keypad 

A keypad is a rectangular array of usually 12 or 
16 OFF-(ON) buttons. Their contacts are accessed 
viaa header suitable for connection with a ribbon 
cable or insertion into a printed circuit board. In 
some keypads, each button connects with a 
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separate contact in the header, while all the but- 
tons share a common ground. More often, the 
buttons are matrix encoded, meaning that each 
of them bridges a unique pair of conductors ina 
matrix. A 16-button matrix is shown in 
Figure 5-11. This configuration is suitable for poll- 
ing by a microcontroller, which can be pro- 
grammed to send an output pulse to each of the 
four horizontal wires in turn. During each pulse, 
it checks the remaining four vertical wires in se- 
quence, to determine which one, if any, is carry- 
ing a signal. Pullup or pulldown resistors should 
be added to the input wires to prevent the inputs 
of the microcontroller from behaving unpredict- 
ably when no signal is present. The external ap- 
pearance of two keypads is shown in Figure 5-12. 





Figure 5-11. Buttons in a numeric keypad are usually 
wired as a matrix, where each button makes a connection 
between a unique pair of wires. This system is suitable for 
being polled by a microcontroller. 


Tactile Switch 

Despite being called a switch, this is a miniature 
pushbutton, less than 0.4” square, designed for 
insertion in a printed-circuit board or in a solder- 
less breadboard. It is almost always a SPST device 
but may have four pins, one pair connected to 
each contact. Tactile switches may be PC- 
mounted behind membrane pads. An example 
is shown in Figure 5-13. 
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Figure 5-12. The keypad on the left is matrix-encoded, 
and is polled via seven through-hole pins that protrude 
behind it. The keypad on the right assigns each button to 
a separate contact in its header. See the text for details 
about matrix encoding. 





Figure 5-13. A typical tactile switch. 


Membrane Pad 


Typically found on devices such as microwave 
ovens where contacts must be sealed against 
particles and liquids. Finger pressure on a mem- 
brane pad closes hidden or internal pushbut- 
tons. They are usually custom-designed for spe- 
cific product applications and are not generally 
available as generic off-the-shelf components. 
Some surplus pads may be found for sale on auc- 
tion websites. 
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Radio Buttons 


The term radio buttons is sometimes used to 
identify a set of pushbuttons that are mechani- 
cally interlinked so that only one of them can 
make an electrical connection at a time. If one 
button is pressed, it latches. If a second button is 
pressed, it latches while unlatching the first but- 
ton. The buttons can be pressed in any sequence. 
This system is useful for applications such as 
component selection in a stereo system, where 
only one input can be permitted at a time. How- 
ever, its use is becoming less common. 


Snap-Action Switches 

A snap-action switch (described in detail in the 
switch section of this encyclopedia) can be fitted 
with a pushbutton, as shown in Figure 5-14. This 
provides a pleasingly precise action, high relia- 
bility, and capability of switching currents of 
around 5A. However, snap-action switches are 
almost always single-pole devices. 





Figure 5-14. A pushbutton mounted on top of a SPDT 
snap-action switch. 


Emergency Switch 


An emergency switch is a normally-closed de- 
vice, usually consisting of a large pushbutton 


Values 


that clicks firmly into its “off” position when 
pressed, and does not spring back. A flange 
around the button allows it to be grasped and 
pulled outward to restore it to its “on” position. 


Values 





Pushbutton current ratings range from a few mA 
to 20A or more. Many pushbuttons have their 
current ratings printed on them but some do not. 
Current ratings are usually specified for a partic- 
ular voltage, and may differ for AC versus DC. 


How to Use it 





Issues such as appearance, tactile feel, physical 
size, and ease of product assembly tend to dic- 
tate the choice of a pushbutton, after the funda- 
mental requirements of voltage, current, and du- 
rability have been satisfied. Like any electrome- 
chanical component, a pushbutton is vulnerable 
to dirt and moisture. The ways in which a device 
may be used or abused should be taken into ac- 
count when deciding whether the extra expense 
of a sealed component is justified. 


When a pushbutton controls a device that has a 
high inductive load, a snubber can be added to 
minimize arcing. See “Arcing” (page 47) in the 
switch entry of this encyclopedia, for additional 
information. 


What Can Go Wrong 
No Button 


When ordering a pushbutton switch, read data- 
sheets carefully to determine whether a cap is 
included. Caps are often sold separately and may 
not be interchangeable between switches from 
different manufacturers. 


Mounting Problems 

In a panel-mount pushbutton that is secured by 
turning a nut, the nut may loosen with use, al- 
lowing the component to fall inside its enclosure 
when the button is pressed. Conversely, over- 
tightening the nut may strip the threads on the 
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pushbutton bushing, especially in cheaper com- 
ponents where the threads are molded into 
plastic. Consider applying a drop of Loc-Tite or 
similar adhesive before completely tightening 
the nut. Nut sizes vary widely, and finding a re- 
placement may be time-consuming. 


LED Issues 

When using a pushbutton containing an LED, be 
careful to distinguish the LED power terminals 
from the switched terminals. The manufacturer's 
datasheet should clarify this distinction, but the 
polarity of the LED terminals may not be clearly 
indicated. If a diode-testing meter function is un- 
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available, a sample of the switch should be tested 
with a source of 3 to 5VDC anda 2K series resistor. 
Briefly touching the power to the LED terminals, 
through the resistor, should cause the LED to 
flash dimly if the polarity is correct, but should 
not be sufficient to burn out the LED if the po- 
larity is incorrect. 


Other Problems 


Problems such as arcing, overload, short circuits, 
wrong terminal type, and contact bounce are 
generally the same as those associated with a 
switch, and are summarized in that entry in this 
encyclopedia. 
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The term switch refers here to a physically operated mechanical switch, controlled by 
flipping a lever or sliding a knob. Although there is some overlap of function, rotary 
switches and pushbuttons have their own separate entries. Solid-state switching com- 
ponents are described in entries for bipolar transistor, unijunction transistor, and 
field-effect transistor. Integrated-circuit switching devices will be found in Volume 2. 
Coaxial switches are used for high-frequency signals, and are not included in this ency- 
clopedia. Multidirectional switches differentiate up, down, left, right, diagonal, rotational, 
and other finger inputs, and are not included in this encyclopedia. 


OTHER RELATED COMPONENTS 


¢ pushbutton (See Chapter 5) 
° rotary switch (See Chapter 7) 


What It Does 


A switch contains at least two contacts, which 
close or open when an external lever or knob is 
flipped or moved. Schematic symbols for the 
most basic type of on-off switch are shown in 
Figure 6-1. 





The most fundamental type of switch is a knife 
switch, illustrated in Figure 6-2. Although it was 
common in the earliest days of electrical discov- 
ery, today itis restricted to educational purposes 
in schools, and (in a more robust format) to AC 
electrical supply panels, where the large contact 
area makes it appropriate for conducting high 
amperages, andit can be used for “hot switching” 
a substantial load. 


How It Works 


The pole of a switch is generally connected with 
a movable contact that makes or breaks a con- 
nection with a secondary contact. If there is only 
one pole, this is a single-pole switch. If there is an 
additional pole, electrically isolated from the 
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Figure 6-1. The two most common schematic symbols 
for a SPST switch, also known as an on-off switch. The 
symbols are functionally identical. 


first, with its own contact or set of contacts, this 
is a two-pole switch, also known as a double- 
pole switch. Switches with more than 4 poles are 
uncommon. 


If there is only one secondary contact per pole, 
this is a single-throw or ST switch, which may also 
be described as an on-off or off-on switch. If there 
is an additional secondary contact per pole, and 
the pole of the switch connects with the second 
contact while disconnecting from the first, this is 
a double-throw or DT switch, also known asa two- 
way switch. 
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Figure 6-2. A DPST knife switch intended for the educa- 
tional environment. 


A double-throw switch may have an additional 
center position. This position may have no con- 
nection (it is an “off” position) or in some cases it 
connects with a third contact. 


Where a switch is spring-loaded to return to one 
of its positions when manual pressure is released, 
it functions like a pushbutton even though its 
physical appearance may be indistinguishable 
from a switch. 


Variants 





Float switch, mercury switch, reed switch, pressure 
switch, and Hall-effect switch are considered as 
sensing devices, and will be found in Volume 3. 


Terminology 

Many different types of switches contain parts 
that serve the same common functions. The ac- 
tuator is the lever, knob, or toggle that the user 
turns or pushes. A bushing surrounds the actua- 
tor on a toggle-type switch. The common con- 
tact inside a switch is connected with the pole of 
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the switch. Usually a movable contact is attached 
to it internally, to touch the secondary contact, 
also known as a stationary contact when the 
movable contact is flipped to and fro. 


Poles and Throws 


Abbreviations identify the number of poles and 
contacts inside a switch. A few examples will 
make this clear: 


SPST also known as 1P1T 
Single pole, single throw 


DPST also known as 2P1T 
Double pole, single throw 


SPDT also known as 1P2T 
Single pole, double throw 


3PST also known as 3P1T 
Three pole, single throw 


Other combinations are possible. 


In Figure 6-3, schematic symbols are shown for 
double-throw switches with 1, 2,and 3 poles. The 
dashed lines indicate a mechanical connection, 
so that all sections of the switch move together 
when the switch is turned. No electrical connec- 
tion exists between the poles. 


l i ; l ; 
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Figure 6-3. Schematic symbols to represent three types 
of double-throw switch. Top left: Single-pole. Bottom left: 
Double-pole. Right: Triple-pole, more commonly known as 
3-pole. 
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On-Off Behavior 


The words ON and OFF are used to indicate the 
possible states of a switch. The additional word 
NONE is used by some manufacturers to indicate 
that a switch does not have a center position. 
Some manufacturers don't bother with the word 
NONE, assuming that if the word is omitted, a 
center position does not exist. 


ON-OFF or ON-NONE-OFF 
A basic on-off SPST switch with no center 
position. 


ON-ON or ON-NONE-ON 
A basic SPDT switch with no center position. 


ON-OFF-ON 
A double-throw switch with center-off posi- 
tion (no connection when the switch is cen- 
tered). 


ON-ON-ON 
A triple-throw switch where the center po- 
sition connects with its own set of terminals. 


Parentheses are used in descriptions of spring- 
loaded switches to indicate a momentary state 
that lasts only as long as pressure is applied to 
the actuator. 


(ON)-OFF or OFF-(ON) 

A spring-loaded switch that is normally off 
and returns to that position when pressure 
is released. Also known as NO (normally 
open), and sometimes described as FORM A. 
Its performance is similar to that of a push- 
button and is sometimes described as a 
make-to-make connection. 


ON-(OFF) or (OFF)-ON 
A spring-loaded switch that is normally on 
and returns to that position when pressure 
is released. This is sometimes described as a 
make-to-break connection. Also known as 
NC (normally closed), and sometimes de- 
scribed as FORM B. 


Variants 


(ON)-OFF-(ON) 
A spring-loaded double-throw switch with a 
no-connection center position to which it 
returns when pressure on its actuator is re- 
leased. 


Other combinations of these terms are possible. 


Most double-throw switches break the connec- 
tion with one contact (or set of contacts) before 
making the connection with the second contact 
(or set of contacts). This isknownas a break before 
make switch. Much less common is a make before 
break switch, also known as a shorting switch, 
which establishes the second connection a mo- 
ment before the first connection is broken. Use 
of a shorting switch may cause unforeseen con- 
sequences in electronic components attached to 
it, as both sides of the switch will be briefly con- 
nected when the switch is turned. 


Snap-Action 

Also known as a limit switch and sometimes as a 
microswitch or basic switch. This utilitarian design 
is often intended to be triggered mechanically 
rather than with finger pressure, for example in 
3D printers. It is generally cheap but reliable. 


Two snap-action switches are shown _ in 
Figure 6-4. A sectional view of a snap-action ON- 
(ON) limit switch is shown in Figure 6-5. The pole 
contacts are mounted on a flexible strip which 
can move up and down in the center of the 
switch. The strip has a cutout which allows an 
inverted U-shaped spring to flip to and fro. It 
keeps the contacts pressed together in either of 
the switch states. 
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Figure 6-4. Two SPDT snap-action switches, also known 
as limit switches. The one on the right is full-size. The one 
on the left is miniature, with an actuator arm to provide 
additional leverage. The arm may be trimmed to the re- 
quired length. 





Figure 6-5. Top: Two contacts inside this limit switch are 
touching by default. Bottom: When the external button is 
pressed, it pushes a flexible metal strip downward until it 
connects with the lower contact. The inverted-U—shaped 
component is a spring that rests inside a cutout in the 
flexible strip and resists motion through the central part of 
its travel. 
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The term snap action refers to a spring-loaded 
internal mechanism which snaps to and fro be- 
tween its two positions. This type of switch is 
usually SPDT and has a momentary action; in 
other words, it functions in ON-(ON) mode, al- 
though OFF-(ON) and (less often) ON-(OFF) ver- 
sions are available. The body of the switch is 
sealed, with a small button protruding through 
a hole. A thin metal arm may provide additional 
leverage to press the button. A roller may be 
mounted at the end of the arm so that the switch 
can be activated as it slides against a moving 
mechanical component such as acam ora wheel. 
The switch is commonly used to limit the travel 
or rotation of such a component. Literally thou- 
sands of variants are available, in different sizes, 
requiring different amounts of force for activa- 
tion. Subminiature snap-action switches can 
often be actuated by a pressure of only a few 
grams. 


Rocker 


Three rocker switches are shown in Figure 6-6. A 
sectional view of a rocker switch is shown in 
Figure 6-7. In this design, a spring-loaded ball 
bearing rolls to either end of a central rocker arm 
when the switch is turned. Rocker switches are 
often used as power on-off switches. 


Slider 


Many types of slider switch (also known as slide 
switch) are widely used as alow-cost but versatile 
way to control small electronic devices, from 
clock-radios to stereos. The switch is usually 
mounted on a circuit board, and its knob or cap 
protrudes through aslotin the panel. This design 
is more vulnerable to dirt and moisture than oth- 
er types of switch. It is usually cheaper than a 
toggle switch butis seldom designed for use with 
a high current. 


Mostslide switches have two positions, and func- 
tion as SPDT or DPDT switches, but other config- 
urations are less commonly available with more 
poles and/or positions. A subminiature slide 
switch is shown in Figure 6-8, while some sche- 
matic representations are shown in Figure 6-9, 
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Figure 6-6. Three rocker switches, the upper two de- 
signed for push-insertion into a suitably sized rectangular 
hole in a panel. The switch at front-center is intended to 
be screwed in place, and is more than 20 years old, show- 
ing that while the choice of materials has changed, the ba- 
sic design has not. 





Figure 6-7. This sectional view of a rocker switch shows a 
spring-loaded ball-bearing that rolls to and fro along a 
rocker arm, connecting either pair of contacts when the 
switch is turned. 


where a black rectangle indicates a sliding inter- 
nal contact, and a terminal that functions as a 
pole is identified with letter P in each case. Top 
left: A SPDT switch using a two-position slider. 
Top right: A 4PDT slide switch. Bottom left: There 
are no poles in this switch, as such. The slider can 
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short together any of four pairs of contacts. Bot- 
tom right: The slider shorts together three pos- 
sible pairs of contacts out of four. Here again, 
there is no pole. 


Note that the schematic representation ofa slide 
switch may be identical to that of a slide push- 
button. A schematic should be inspected care- 
fully to determine which type is intended. 





Figure 6-8. This subminiature slide switch is less than 
half an inch long, rated 0.3A at 30VDC. Larger versions 
look almost identical, but can handle only slightly more 
current. 


The representation of sliders in schematics has 
not been standardized, but the samples shown 
are common. 


Toggle 

A toggle switch provides a firm and precise action 
via a lever (the toggle) that is usually tear-drop 
shaped and nickel plated, although plastic tog- 
gles are common in cheaper variants. Formerly 
used to control almost all electronic components 
(including early computers), the toggle has de- 
clined in popularity but is still used in applica- 
tions such as automobile accessory kits, motor- 
boat instrument panels, and industrial controls. 


Three miniature DPDT toggle switches are shown 
in Figure 6-10. Two full-size, heavy-duty toggle 
switches are shown in Figure 6-11. A full-size, 
four-pole, double-throw heavy-duty toggle 
switch is shown in Figure 6-12. Toggle switches 
with more poles are extremely rare. 
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Figure 6-9. Slide switch schematics. Each black rectan- 
gle represents a movable contact that connects two pairs 
of fixed contacts at a time. Detailed commentary on these 
variants will be found in the body of the text. Manufactur- 
ers may use variants of these symbols in their datasheets 
(for example, the gray rectangle indicating an insulating 


contact carrier, at top right, may be represented as a sin- 
gle line, or a black outline with a white center). 





Figure 6-10. Three miniature toggle switches with current 
ratings ranging from 0.3A to 6A at 125VAC. Each small 
square in the background grid measures 0.1" x 0.1" 


An automotive toggle switch is shown in 
Figure 6-13. Its plastic toggle is extended to min- 
imize operating error. 
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Figure 6-11. Two full-size toggle switches capable of han- 
dling significant current. At left, the switch terminates in 
quick-connect terminals. At right, the switch has solder 
terminals (some of them containing residual traces of sol- 
der). 





Figure 6-12. A 4PDT full-size toggle switch with solder 
terminals, capable of switching 25A at 125VAC. Four-pole 
switches are relatively unusual. 





Figure 6-13. A toggle switch intended for control of auto- 
motive accessories. 


High-end toggle switches are extremely durable 
and can be sealed from _ environmental 
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contamination with a thin boot made from mol- 
ded rubber or vinyl, which screws in place over 
the toggle, using the thread on the switch bush- 
ing. See Figure 6-14. 





Figure 6-14. A rubber or vinyl boot can be used to protect 
a toggle switch from contamination with dirt or water. 
Each boot contains a nut that screws onto the threads of a 
toggle switch, as shown at left. 


A locking toggle switch has a toggle that must be 
pulled out against the force of a retaining spring, 
before the toggle can be moved from one posi- 
tion to another. The toggle then snaps back into 
place, usually engaging in a small slot in the 
bushing of the switch. 


DIP 


A DIP switch is an array of very small, separate 
switches, designed for mounting directly on a 
circuit board, either in through-hole or surface- 
mount format. Through-hole DIP switches have 
two rows of pins with a 0.1” pitch, the rows being 
spaced 0.3” apart to fit a standard DIP (dual-inline 
package) socket or comparable configuration of 
holes in the board. Surface-mount DIP switches 
may have 0.1” or 0.05” pitch. 


Most DIP arrays consist of SPST switches, each of 
which can close or open a connection between 
two pins on opposite sides of the switch body. 
The switch positions are usually labelled ON and 
OFF. Figure 6-15 shows a selection of DIP 
switches. Figure 6-16 shows the internal connec- 
tions in a DIP switch. 
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Figure 6-15. As shown here, DIP switches are available 
with a variety of “positions,” meaning the number of 
switches, not the number of switch states. 





Figure 6-16. The interior connections of a 16-pin DIP 
switch. 


The number of switches in a DIP array is usually 
referred to as its number of “positions.” This 
should not be confused with the two positions 
of each physical switch lever. SPST DIP switches 
are made with 1, 2, 3, 4,5, 6, 7,8, 9, 10, 12, and 16 
positions. 


Early IBM-compatible desktop computers often 
required the user to set the position of an internal 
DIP switch when making routine upgrades such 
as installing an additional disk drive. While this 
feature is now obsolete, DIP switches are still 
used in scientific equipment where the user is 
expected to be sufficiently competent to opena 
cabinet and poke around inside it. Because of the 
0.1” spacing, a small screwdriver or the tip of a 
pen is more appropriate than a finger to flip in- 
dividual levers to and fro. 
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DIP switches may also be used during prototype 
development, as they allow a convenient way to 
test a circuit in numerous different modes of op- 
eration. 


Most DIP switches have wire terminals which are 
just long enough for insertion into a standard 
breaboard. 


DIP switch package options include standard, 
low-profile, right-angle (standing at 90 degrees 
relative to the circuit board), and piano (with 
switch levers designed to be pressed, like tiny 
rocker switches, instead of being flipped to and 
fro). 


Some SPDT, DPST, DPDT, 3PST, and 4PST variants 
exist, but are uncommon. Multiple external pins 
connect with the additional internal switch con- 
tacts, and a manufacturer's datasheet should be 
consulted to confirm the pattern of internal con- 
nections. A surface-mount, 0.1” pitch, DPST DIP 
switch is shown in Figure 6-17, with a plastic cov- 
er to protect the switches from contamination 
during wave soldering (at left), and with the cov- 
er peeled off (at right). 





Figure 6-17. A SPDT surface-mount double-throw DIP 
switch, sold with a plastic cover (shown at left) to protect 
it during wave soldering. The cover has been removed at 
right. 


SIP 


A SIP switch is an array of small, separate 
switches, identical in concept to a DIP switch, but 
using only one row of pins instead of a double 
row. The applications for SIP switches are the 
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same as DIP switches; the primary difference is 
simply that the SIP switch occupies a little less 
space, while being perhaps slightly less conve- 
nient to use. 


One terminal of each switch usually shares a 
common bus. The internal connections in a typ- 
ical 8-pin SIP array are shown in Figure 6-18. Pin 
spacing is 0.1”, as in a typical DIP switch. 





Figure 6-18. The interior connections of an 8-pin SIP 
switch incorporating a common bus. 


Paddle 


A paddle switch has a flat-sided tab-shaped plas- 
tic actuator, relatively large to allow a firm, error- 
free grip. Internally it is often comparable with a 
rocker switch, and is generally used with AC pow- 
er. Some toggle-switch bodies are also sold with 
paddle-shaped actuators. A subminiature pad- 
dle switch is shown in Figure 6-19. 





Figure 6-19. A subminiature paddle switch. Full-size ver- 
sions are often used as power switches. 
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Vandal Resistant Switch 


Typically fabricated from stainless steel, this is 
designed to withstand most types of abuse and 
is also weather-proof. The pushbuttons that al- 
low pedestrians to trigger a traffic signal are a 
form of vandal-resistant switch. 


Tactile Switch 


This is considered to be a pushbutton, and is 
described in that entry. See “Tactile Switch” 
(page 34). 


Mounting Options 

A panel! mount switch generally has a threaded 
bushing that is inserted from behind the front 
panel of a product, through a hole of appropriate 
size. It is supplied with a lockwasher and a nut 
(often, two nuts) that fit the thread on the switch 
bushing. 


Front panel mount usually means that screws visi- 
ble from the front of the panel are attached toa 
bracket on the switch behind the panel. The ac- 
tuator of the switch is accessible through a cut- 
out in the panel. This mounting style is mostly 
used for rocker switches and sometimes for slide 
switches. 


Subpanel mount means that the switch is attach- 
ed to a separate plate or chassis behind the con- 
trol panel. The actuator of the switch is accessible 
through a cutout. 


Snap-in mount requires a switch with flexible 
plastic or metal tabs each side, designed to push 
through a cutout in the panel, at which point the 
tabs spring out and retain the switch. 


PC mount switches have pins that are soldered 
into a printed circuit board. They may have ad- 
ditional solderable lugs to provide mechanical 
support. 


Surface mount switches are attached to a board 
in the same manner as other surface-mount 
components. 


Values 


Termination 


Switches (and pushbuttons) are available with a 
variety of terminals. 


Solderlugs are small tabs, each usually perforated 
with a hole through which the end of a wire can 
be inserted prior to soldering. 


PC terminals are pins that protrude from the bot- 
tom of the switch, suitable for insertion ina print- 
ed circuit board. This style is also known as a 
through-hole. The terminals may have a right- 
angle bend to allow the component to be moun- 
ted flat against the board, with the switch actua- 
tor sticking out at the side. This termination style 
is known as right-angle PC. Many manufacturers 
offer a choice of straight or bent pin terminals, 
but the component may be listed in a catalog 
under either of those options, with no indication 
that other options exist. Check manufacturer da- 
tasheets carefully. 


Quick connect terminals are spade-shaped to ac- 
cept push-on connectors, commonly used in au- 
tomotive applications. Hybrid quick-connect ter- 
minals that can also function as solder lugs are 
sometimes offered as an option. 


Screw terminals have screws premounted in flat 
terminals, for solderless attachment of wires. 


Wire leads are flexible insulated wires, often with 
stripped and tinned ends, protruding at least an 
inch from the body of the component. This op- 
tion is becoming uncommon. 


Contact Plating Options 

The internal electrical contacts of a switch are 
usually plated with silver or gold. Nickel, tin, and 
silver alloys are cheaper but less common. Other 
types are relatively rare. 


Values 





Switches designed for electronic devices vary 
widely in power capability, depending on their 
purpose. Rocker switches, paddle switches, and 
toggle switches are often used to turn power on 
and off, and are typically rated for 10A at 125VAC, 
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although some toggle switches go as high as 
30A. Snap-action or limit switches may be simi- 
larly rated, although miniature versions will have 
reduced capability. Slide switches cannot handle 
significant power, and are often rated around 
0.5A (or less) at 30VDC. DIP and SIP switches have 
a typical maximum rating of 100mA at 50V and 
are not designed for frequent use. Generally they 
are used only when the power to the device is off. 


How to Use it 





Power Switches 

When a simple SPST switch is used to turn DC 
power on and off, it conventionally switches the 
positive side of the power supply, also some- 
times known as the high side. The primary reason 
for following this convention is that it is widely 
used; thus, following it will reduce confusion. 


More importantly, an on-off switch that controls 
AC power must be used on the “live” side of the 
supply, not the “neutral” side. If you have any 
doubts about these concepts (which go beyond 
the scope of this book), consulta reference guide 
on this subject. Using a DPST component to 
switch both sides of an AC supply may be a 
worthwhile additional precaution in some appli- 
cations. The ground wire of an AC supply should 
never be switched, because the device should 
always be grounded when it is plugged into an 
electric outlet. 


Limit Switches 

An application for two limit switches with a DC 
motor and two rectifier diodes is shown in 
Figure 6-20. This diagram assumes that the mo- 
tor turns clockwise when its lower terminal is 
positive, and counter-clockwise when its upper 
terminal is positive. Only two terminals are used 
(and shown) in each limit switch; they are chosen 
to be normally-closed. Other terminals inside a 
switch may exist, may be normally-open, and can 
be ignored. 


The motor is driven through a dual-coil, DPDT 
latching relay, which will remain in either posi- 
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Clockwise 





Counter-clockwise 


Figure 6-20. In this schematic, normally-closed limit 
switches are opened by pressure from an arm attached to 
a motor, thus switching off its power at each end of its 
permitted travel and preventing overload and burnout. A 
two-coil latching relay activates the motor. Rectifier di- 
odes allow power to reach the motor to reverse its rota- 
tion when a limit switch is open. 


tion indefinitely without drawing power. When 
the upper coil of the relay receives a pulse from 
a pushbutton or some other source, the relay 
flips to its upper position, which conducts posi- 
tive current through the lower limit switch, to the 
lower terminal of the motor. The motor turns 
clockwise until the arm attached to its shaft hits 
the lower limit switch and opens it. Positive cur- 
rent is blocked by the lower diode, so the motor 
stops. 


When the lower coil of the relay is activated, the 
relay flips to its lower position. Positive current 
can now reach the upper side of the motor 
through the upper limit switch. The motor runs 
counter-clockwise until its arm opens the upper 
limit switch, at which point the motor stops 
again. This simple system allows a DC motor to 
be runin either direction bya button-press of any 
duration, without risk of burnout when the mo- 
tor reaches the end of its travel. It has been used 
for applications such as raising and lowering 
powered windows in an automobile. 
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ADPDT pushbutton could be substituted for the 
latching relay if manual control, only, is accepta- 
ble. However, in this scenario, sustained pressure 
on the pushbutton would be necessary to move 
the motor arm all the way to the opposite end of 
its travel. A DPDT switch might be more appro- 
priate than a pushbutton. 


Logic Circuits 

Logic circuits that depend purely on switches can 
be constructed (for example, to add binary num- 
bers) but are rare and have no practical applica- 
tions. The most familiar and simplest example of 
manually switched logic is a pair of SPDT 
switches in house wiring, one positioned at the 
top of a flight of stairs and the other at the bot- 
tom, as shown in Figure 6-21. Either switch will 
turn the light on if it is currently off, or off if it is 
currently on. To extend this circuit by incorpo- 
rating a third switch that has the same function 
as the other two, a DPDT switch must be inserted. 
See Figure 6-22. 


Figure 6-21. SPDT switches are commonly used in house 
wiring so that either of them will turn a shared light on if it 
is off, or off it is on. 





Figure 6-22. A DPDT switch must be inserted if three 
switches must have identical function to control the on-off 
state of a single light bulb. 


What Can Go Wrong 


Alternatives 


As microcontrollers have become cheaper and 
more ubiquitous, they have taken over many 
functions in electronic products that used to be 
served by switches. A menuing system driven by 
a microcontroller can use one rotational en- 
coder with a SPST pushbutton built into it to se- 
lect and adjust numerous parameters in a device 
such as a car stereo, where functions were once 
selected and adjusted by individual switches and 
potentiometers. The rotational-encoder option 
takes up less space, is cheaper to build (assuming 
a microcontroller is going to be used in the de- 
vice for other purposes anyway), and can be 
more reliable, as it reduces the number of elec- 
tromechanical parts. Whether it is easier to use is 
a matter of taste. Cost and ergonomics may be 
the primary factors to consider when choosing 
where and how to use switches. 


What Can Go Wrong 





Arcing 

The contacts inside a switch will be rapidly ero- 
ded if arcing (pronounced “arking”) occurs. An 
electric arc is a spark that tends to form when a 
switch is opened while conducting a high cur- 
rent or high voltage (typically 10A or more and 
100V or more). The most common cause is an 
inductive load that generates back-EMF when it 
is switched on and forward-EMF when it is 
switched off. The surge can be many times the 
amperage that the load draws during continu- 
ous operation. In DC circuits, arcing can be re- 
duced by using a rectifier diode in parallel with 
the load (with its polarity blocking normal cur- 
rent flow). This is often referred to as a flyback 
diode or freewheeling diode. In AC circuits, where 
a diode cannot be used in this way, a snubber (a 
simple combination of capacitor and resistor) 
may be placed around the load. A snubber can 
also be used around the switch itself, in DC cir- 
cuits. See “Snubber” (page 108). 
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What Can Go Wrong 


When switching an inductive load, it is generally 
prudent to use switches rated for twice as much 
current as the circuit will normally draw. 


Dry Joints 

Switches that control significant current will have 
substantial terminals, and these terminals will be 
attached to heavy-gauge wire. When using sol- 
der to make this type of connection, the com- 
bined heat capacity of the wire and the terminal 
will sink a lot more heat than a small component 
on a circuit board. At least a 30W soldering iron 
should be used. Lower-wattage irons may be in- 
capable of melting the solder completely (even 
though they seem to), and a “dry joint” will result, 
which can have a relatively high electrical resist- 
ance and will be mechanically weak, liable to 
break later. Any good solder joint should with- 
stand flexing of the wire attached to it. 


Short Circuits 

Because many switches are still wired in with sol- 
der tabs, screw terminals, or quick-connect ter- 
minals, wires that become accidentally detached 
can be a significant hazard. Heat-shrink tubing 
should be applied to enclose wires and terminals 
at the rear of a power switch, as an additional 
precaution. Power switches should always be 
used in conjunction with appropriate fuses. 


Contact Contamination 


Sealed switches should be used in any environ- 
ment where dirt or water may be present. Slide 
switches are especially vulnerable to contamina- 
tion, and are difficult to seal. Switches used in 
audio components will create “scratchy” sounds 
if their contacts deteriorate. 


Wrong Terminal Type 

Because switches are available with a wide vari- 
ety of terminal types, it's easy to order the wrong 
type. Switches may be supplied with pins for 
through-hole insertion in circuit boards; screw 
terminals; quick-disconnect terminals; or solder 
lugs. Variants may also be available for surface 
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mount. If a project requires, for example, the in- 
sertion of pins in a printed circuit board, and a 
switch is supplied with solder lugs, it will be un- 
usable. 


Part numbers generally include codes to identify 
each terminal variant, and should be studied 
carefully. 


Contact Bounce 


Also known as switch bounce. When two contacts 
snap together, extremely rapid, microscopic vi- 
brations occur that cause brief interruptions be- 
fore the contacts settle. While this phenomenon 
is not perceptible to human senses, it can be per- 
ceived as a series of multiple pulses by a logic 
chip. For this reason, various strategies are used 
to debounce a switch that drives a logic input. 
This issue is explored in detail in the entry on 
logic chips in Volume 2 of the encyclopedia. 


Mechanical Wear 


Any toggle or rocker switch contains a mechan- 
ical pivot, which tend to deteriorate in harsh en- 
vironments. Friction is also an issue inside these 
switches, as the design often entails the rounded 
tip of alever rubbing to and fro across the center 
of a movable contact. 


The spring inside a snap switch or limit switch 
may fail as a result of metal fatigue, although this 
is rare. A slide switch is far less durable, as its con- 
tacts rub across each other every time the switch 
changes position. 


In any application that entails frequent switch- 
ing, or where switch failure is a critical issue, the 
most sensible practice is to avoid using cheap 
switches. 


Mounting Problems 

In a panel-mount switch that is secured by turn- 
ing a nut, the nut may loosen with use, allowing 
the component to fall inside its enclosure. Con- 
versely, overtightening the nut may strip the 
threads on the switch body, especially in cheaper 
components where the threads are molded into 
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plastic. Consider applying a drop of Loc-Tite or 
similar adhesive after moderately tightening the 
nut. Note that nut sizes vary widely, and finding 
a replacement may be time-consuming. 


Cryptic Schematics 


In some circuit schematics, the poles of a multi- 
pole switch may be visually separated from each 


What Can Go Wrong 


other, even at opposite sides of the page, for 
convenience in drawing the schematic. Dotted 
lines usually, but not always, link the poles. In the 
absence of dotted lines, switch segments are 
often coded to indicate their commonality. For 
example, SW1(a) and SW1(b) are almost certainly 
different parts of the same switch, with linked 
poles. 
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rotary switch 


Not to be confused with rotational encoder, which has its own entry in this 


encyclopedia. 
OTHER RELATED COMPONENTS 


¢ switch (See Chapter 6) 
¢ rotational encoder (See Chapter 8) 


What It Does 


A rotary switch makes an electrical connection 
between a rotor, mounted on a shaft that is 
turned by a knob, and one of two or more sta- 
tionary contacts. Traditionally, it was the compo- 
nent of choice to select wavebands on a radio 
receiver, broadcast channels on a television or 
inputs on a stereo preamplifier. Since the 1990s, 
it has been substantially superceded by the ro- 
tational encoder. However it still has applica- 
tions in military equipment, field equipment, 
industrial control systems, and other applica- 
tions requiring a rugged component that will 
withstand heavy use and a possibly harsh envi- 
ronment. Also, while the output from a rotational 
encoder must be decoded and interpreted by a 
device such as a microcontroller, a rotary switch 
is an entirely passive component that does not 
require any additional electronics for its func- 
tionality. 





Two typical schematic symbols fora rotary switch 
are shown in Figure 7-1. They are functionally 
identical. A simplified rendering of the interior of 
a traditional-style rotary switch is shown in 
Figure 7-2. A separate contact (not shown) con- 
nects with the rotor, which connects with each 


of the stationary contacts in turn. The colors were 
chosen to differentiate the parts more clearly, 
and do not correspond with colors in an actual 
switch. 
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Figure 7-1. Typical schematic symbols for a rotary switch. 
The two symbols are functionally identical. The number of 
contacts will vary depending on the switch. 


A selection of rotary switches is shown in 
Figure 7-3. At top-left is an open frame switch, 
providing no protection to its contacts from con- 
taminants. This type of component is now rare. 
At top-right is a twelve-position, single-pole 
switch rated 2.5A at 125VAC. At front-leftis a four- 
position, single-pole switch rated 0.3A at 16VDC 
or 100VAC. At front right is a two-position, two- 
pole switch with the same rating as the one be- 
side it. All the sealed switches allow a choice of 
panel mounting or through-hole printed circuit 
board mounting. 
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How It Works 





Figure 7-2. A simplified rendering of interior parts in a ba- 
sic SP6T rotary switch. Arbitrary colors have been added 
for clarity. 


How It Works 


A switch may have multiple poles, each connect- 
ing with its own rotor. The rotors are likely to be 
on separate decks of the switch, but two, three, 
or four rotors, pointing in different directions, 
may be combined on a single deck if the switch 
has only a small number of positions. 





Rotary switches are usually made with a maxi- 
mum of twelve positions, but include provision 
for limiting the number of positions with a stop. 
This is typically a pin, which may be attached to 
a washer that fits around the bushing of the 
switch. The pin is inserted into a choice of holes 
to prevent the switch from turning past that 
point. For example, an eight-position rotary 
switch can be configured so that it has only seven 
(or as few as two) available positions. 


A specification for a rotary switch usually in- 
cludes the angle through which the switch turns 
between one position and the next. A twelve- 
position switch usually has a 30-degree turn an- 


gle. 
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Figure 7-3. A selection of rotary switches. See text for de- 
tails. 


Variants 





Conventional 

The traditional style of rotary switch is designed 
to be panel-mounted, with a body that ranges 
from 1” to 1.5” in diameter. If there is more than 
one deck, they are spaced from each other by 
about 0.5” The switch makes an audible and tac- 
tile “click” as it is turned from one position to the 
next. 


Arugged sealed five-deck rotary switch is shown 
in Figure 7-4. It has five poles (one per deck), and 
amaximum of 12 positions. The contacts are rat- 
ed 0.5A at 28VDC. This type of heavy-duty com- 
ponent is becoming relatively rare. 


If the rotor in a switch establishes a connection 
with the next contact amoment before breaking 
the connection with the previous contact, this is 
known as a shorting switch, which may also be 
described as a make-before-break switch. In a 
nonshorting or break-before-make switch, a tiny 
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Figure 7-4. A five-pole, twelve-position rotary switch. 


interval separates one connection from the next. 
This can be of significant importance, depending 
on the components that are connected with the 
switch. 


The shaft may be round, splined, or D-shaped in 
section. A knob is seldom supplied with a switch 
and must be chosen to match the shaft. Some 
shaft dimensions are metric, while others are 
measured in inches, with 1/4” diameter being the 
oldest standard. Some switches with a splined 
shaft are supplied with an adapter for a knob of 
D-shaped internal section; the adapter can be 
slipped onto the shaft in any of 12 or more posi- 
tions, to minimize the inconvenience of position- 
ing the body of the switch itself so that the knob 
is correctly oriented in relation to positions print- 
ed on the face of the panel. 


Miniature rotary switches may be as small as 0.5” 
diameter, and usually terminate in pins for 
through-hole mounting on aPC board. Miniature 
switches usually have lower current ratings than 
full-size switches. 


Rotary switches must be securely anchored to 
resist the high turning forces that can be inflicted 


Variants 


upon them by users. In a panel-mount design, a 
nut is tightened around a thread on the bushing 
of the switch. Through-hole versions can be se- 
cured to the PC board with the shaft protruding 
loosely through a cutout in the panel. To mini- 
mize mechanical stress on the circuit board, the 
detents in a PC-board switch are usually weaker 
than in a full-size switch, and the knob is usually 
smaller, allowing less leverage. 


Rotary DIP 


A conventional D/P switch is a linear array of min- 
iature SPST switches designed to fit a standard 
DIP (dual-inline package) layout of holes in a cir- 
cuit board. It is described in the switch entry of 
this encyclopedia. A rotary DIP switch (also 
known as an encoded output rotary switch or a 
coded rotary switch) does not conform with a DIP 
layout, despite its name. It is approximately 0.4” 
square and usually has five pins, one of which can 
be considered the input or common pin while 
the other four can function as outputs. The pins 
are spaced at 0.1” pitch from one another. Pin 
function and layout are not standardized. 


A dial on top of the switch has either 10 positions 
(numbered O through 9) or 16 positions (0 
through 9 followed by letters A through F). One 
switch of each type is shown in Figure 7-5. 


Each position of the dial closes pairs of contacts 
inside the component to create a unique binary- 
coded decimal pattern (in a 10-position switch) 
or binary-coded hexadecimal pattern (in the 16- 
position switch) on the four output pins. The pin 
states are shown in Figure 7-6.A rotary DIP switch 
is a relatively flimsy device, and is not designed 
for frequent or heavy use. It is more likely to bea 
“set it and forget it” device whose state is estab- 
lished when it is installed in a circuit board. 


Because each position of the switch is identified 
with a unique binary pattern, this is an example 
of absolute encoding. By contrast, a typical rota- 
tional encoder uses relative encoding, as it 
merely generates a series of undifferentiated pul- 
ses when the shaft is turned. 
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Figure 7-5. A rotary DIP switch, also known as an enco- 
ded output rotary switch, may be used as a substitute for 
a DIP switch in some applications. 


A real-coded rotary DIP makes a connection be- 
tween input and output pins wherever a binary 
1 would exist. In the complement-coded version, 
the output is inverted. The switch is primarily in- 
tended for use with a microcontroller, enabling 
only four binary input pins on the microcontrol- 
ler to sense up to sixteen different switch posi- 
tions. 


Asix-pin rotary DIP variantis available from some 
manufacturers, with two rows of three pins, the 
two center pins in each row being tied together 
internally, and serving as the pole of the switch. 


Rotary DIPs are available with a screw slot, small 
knurled knob, or larger knob. The screw-slot ver- 
sion minimizes the height of the component, 
which can be relevant where circuit boards will 
be stacked close together. A right-angle PC var- 
iant stands at 90 degrees to the circuit board, 
with pins occupying a narrower footprint. The 
switch on the left in Figure 7-5 is of this type. 


While most rotary DIPs are through-hole com- 
ponents, surface-mount versions are available. 


Most rotary DIPs are sealed to protect their in- 
ternal components during wave-soldering of cir- 
cuit boards. 
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Figure 7-6. Positive and negative states of the four output 
pins of a real-coded 16-position rotary DIP switch, assum- 
ing that the common pin of the switch is connected with a 
positive supply voltage. A ten-position rotary DIP switch 
would use only the states from O through 9. In a 
complement-coded switch, the positive and negative 
states would be reversed. 


Gray Code 

A Gray code (named after its originator, Frank 
Gray) isasystem of absolute encoding ofa switch 
output, using a series of nonsequential binary 
numbers that are chosen in such a way that each 
number differs by only one digit from the pre- 
ceding number. Such a series is useful because it 
eliminates the risk that when a switch turns, 
some bits in the output will change before oth- 
ers, creating the risk of erroneous interpretation. 
A minority of rotary switches or rotational en- 
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coders are available with Gray-coded outputs. 
Typically, a microcontroller must use a lookup 
table to convert each binary output to an angular 
switch position. 


PC Board Rotary Switch 

Miniature switches with a conventional, non- 
encoded output are available for printed-circuit 
board mounting, sometimes requiring a screw- 
driver orhex wrench to select a position. A single- 
pole eight-position switch of this type is shown 
in Figure 7-7. Its contacts are rated to carry 0.5A 
at 30VDC, but it is not designed to switch this 
current actively. 





Figure 7-7. This miniature switch is designed for insertion 
ona printed circuit board. It can be used to make a setting 
before a device is shipped to the end user. 


Mechanical Encoder 

A mechanical encoder functions similarly to a ro- 
tary DIP switch but is intended for much heavier 
use. It outputs a binary-coded-decimal value cor- 
responding with its shaft position, is typically the 
size of a miniature rotary switch, and is designed 


Variants 


for panel mounting. The Grayhill Series 51 allows 
12 positions, each generating a code among four 
terminals. The Bourns EAW provides 128 posi- 
tions, each generatinga code among 8 terminals. 


Pushwheel and Thumbwheel 


A pushwheel switchis a simple electromechanical 
device that enables an operator to provide a 
code number as input to data processing equip- 
ment, often in industrial process control. The 
decimal version contains a wheel on which num- 
bers are printed, usually in white on black, from 
0 through 9, visible one at a time through a win- 
dow in the face of the switch. A button above the 
wheel, marked with a minus sign, rotates it to the 
next lower number, while a button below the 
wheel, marked with a plus sign, rotates it to the 
next higher number. A connector at the rear of 
the unit includes a common (input) pin and four 
output pins with values 1, 2, 4, and 8. An addi- 
tional set of pins with values 1, 2, 3, and 4 is often 
provided. The states of the output pins sum to 
the value that is currently being displayed by the 
wheel. Often two, three, or four pushwheels 
(each with anindependent set of connector pins) 
are combined in one unit, although individual 
pushwheels are available and can be stacked in 
a row. 


A thumbwheel switch operates like a pushwheel 
switch, except that it uses a thumbwheel instead 
of two buttons. Miniaturized thumbwheel 
switches are available for through-hole mount- 
ing on PC boards. 


Hexadecimal versions are also available, with 
numbers from 0 through 9 followed by letters A 
through F, although they are less common than 
decimal versions. 


Keylock 

A keylock switch is generally atwo-position rotary 
switch that can be turned only after insertion of 
a key in a lock attached to the top of the shaft. 
This type of switch almost always has an OFF- 
(ON) configuration and is used to control power. 
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Values 


Keylock switches are found in locations such as 
elevators, for fire-departmentaccess; in cash reg- 
isters; or on data-processing equipment where 
switching power on or off is reserved for a system 
administrator. 


Values 





A full-size rotary switch may be rated from 0.5A 
at 30VDC to 5A at 125VAC, depending on its pur- 
pose. A very few switches are rated 30A at 
125VAC; these are high-quality, durable, expen- 
sive items. 


A typical rotary DIP switch is rated 30mA at 
30VDC and has a carrying current rating (contin- 
uous current when no switching occurs) of no 
more than 100mA at 50VDC. 


How to Use it 





In addition to its traditional purpose as a mode 
or option selector, a rotary switch provides a 
user-friendly way to input data values. Three ten- 
position switches, for instance, can allow user in- 
put of a decimal number ranging from 000 to 
999. 


When used with a microcontroller, a rotary 
switch can havea resistor !adder mounted around 
its contacts, like a multi-point voltage divider, so 
that each position of the rotor provides a unique 
potential ranging between the positive supply 
voltage and negative ground. This concept is il- 
lustrated in Figure 7-8, where all the resistors 
have the same value. The voltage can be used as 
an input to the microcontroller, so long as the 
microcontroller shares a common ground with 
the switch. An analog-digital converter inside 
the microcontroller translates the voltage into a 
digital value. The advantage of this scheme is 
that it allows very rapid control by the user, while 
requiring only one pin on the microcontroller to 
sense as many as twelve input states. 


For a ladder consisting of 8 resistors, as shown, 
each resistor could have a value of 2500. (The 
specifications for a particular microcontroller 
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Figure 7-8. A resistor ladder can be formed around the 
contacts of a rotary switch, with the pole of the switch 
connected to a microcontroller that has an analog-digital 
converter built in. The microcontroller converts the volt- 
age input to an internal digital value. Thus, one pin can 
sense as many as twelve input states. 


might require other values.) To avoid ambiguous 
inputs, a nonshorting rotary switch should be 
used in this scheme. A pullup resistor of perhaps 
10K should be added to the microcontroller in- 
put, so that there is no risk of it “floating” when 
the switch rotor is moving from one contact to 
the next. The code that controls the microcon- 
troller can also include a blanking interval during 
which the microcontroller is instructed to ignore 
the switch. 


Because the rotary switch is an electromechani- 
cal device, it has typical vulnerabilities to dirt and 
moisture, in addition to being bulkier, heavier, 
and more expensive than a rotational encod- 
er. Rotary switches have also been partially re- 
placed by pushbuttons wired to a microcontrol- 
ler. This option is found on devices ranging from 
digital alarm clocks to cellular phones. In addi- 
tion to being cheaper, the pushbutton alterna- 
tive is preferable where space ona control panel, 
and behind it, is limited. 
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What Can Go Wrong 





Vulnerable Contacts 


Most modern rotary switches are sealed, but 
some are not. Any switch with exposed contacts 
will be especially vulnerable to dirt and moisture, 
leading to unreliable connections. This was an 
issue in old-fashioned TV sets, where periodic 
contact cleaning of the channel selector switch 
was needed. 


Exposed contacts are also more vulnerable to 
side-effects from temperature cycling (when a 
device warms up and then cools down). 


Contact Overload 


The contacts on a cheap rotary switch are espe- 
cially vulnerable to arcing, as the user may turn 
the switch slowly, causing gradual engagement 
and disengagement of contacts instead of the 
snap-action that is characteristic of a well-made 
toggle switch. If a rotary switch may control sig- 
nificant currents or current surges, it must be ap- 
propriately rated, regardless of the extra ex- 
pense. For more information on arc suppression 
in switches, see “Arcing” (page 47). 


Misalignment 

Most knobs for rotary switches consist of a point- 
er, or have a white line engraved to provide clear 
visual indication of the position of the switch. If 
this does not align precisely with indications 
printed on the panel, confusion will result. For 
hand-built equipment, the switch can be in- 
stalled first, after which the control-panel indi- 
cations can be glued or riveted in place on a sep- 
arate piece of laminated card, plastic, or metal for 
precise alignment. If the switch is not secured 
tightly, its body may turn slightly under repeated 
stress, leading to erroneous interpretation of the 
knob position. 


What Can Go Wrong 


Misidentified Shorting Switch 


If a shorting switch is used where a nonshorting 
switch was intended, the results can be discon- 
certing or even destructive, as one terminal will 
be briefly connected with the adjacent terminal 
while the switch is being turned. Multiple func- 
tions of a circuit may be activated simultaneous- 
ly, and in a worst case scenario, adjacent termi- 
nals may be connected to opposite sides of the 
same power supply. 


User Abuse 


The turning force that must be applied to a full- 
size conventional rotary switch is significantly 
greater than the force that is applied to most 
other types of panel-mounted switches. This en- 
courages aggressive treatment, and the turning 
motion is especially likely to loosen a nut holding 
the switch in place. The lighter action character- 
istic of miniature rotary switches does not nec- 
essarily solve this problem, as users who are ac- 
customed to older-style switches may still apply 
the same force anyway. 


Rotary switches should be mounted in expecta- 
tion of rough use. It is prudent to use Loc-Tite or 
a similar compound to prevent nuts from loos- 
ening, and a switch should not be mounted ina 
thin or flimsy panel. When using a miniature ro- 
tary switch that has through-hole mounting ina 
circuit board, the board must be sufficiently ro- 
bust and properly secured. 


Wrong Shaft, Wrong Knobs, Nuts 
That Get Lost, Too Big to Fit 

These problems are identical to those that can be 
encountered with a potentiometer, which are 
discussed in that entry in this encyclopedia. 
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The term rotationalencoder used to be reserved for high-quality components, often using 
optical methods to measure rotation with precision (more than 100 intervals in 360 de- 
grees). Cheaper, simpler, electromechanical devices were properly referred to as control 
shaft encoders. However, the term rotational encoder is now applied to almost any device 
capable of converting rotational position to a digital output via opening and closing 
internal mechanical contacts; this is the sense in which the term is used here. It is some- 
times distinguished from other types of encoder with the term mechanical rotary en- 
coder. Magnetic and optical rotary encoders do not contain mechanical switches, are 
classified as sensors by this encyclopedia, and will appear in Volume 3. They are found in 


a device such as an optical mouse. 
OTHER RELATED COMPONENTS 


° rotary switch (See Chapter 7) 


What It Does 


A rotational encoder has a knob that a user can 
turn to display a series of prompts on an LCD 
screen, or to adjust the input or output on a 
product such as a stereo receiver. The compo- 
nent is almost always connected to inputs ona 
microcontroller and is usually fitted with de- 
tents that provide tactile feedback suggesting 
many closely spaced positions. The encoder 
often allows the user to make a selection by 
pushing the knob in, which closes an internal 
momentary switch. Thus, this type of encoder 
functions as a pushbutton as well as a switch. 





A rotational encoder is an incremental or rela- 
tive device, meaning that it merely creates and 
breaks internal switch connections when rota- 
tion occurs, without providing a unique code to 
identify each absolute rotational position. An 
absolute encoder is discussed in the rotary 
switch entry of this encyclopedia. 


No schematic symbol exists to represent a rota- 
tional encoder. 


How It Works 


Anencoder contains two pairs of contacts, which 
open and close out of phase with each other 
when the shaft rotates. In a clockwise direction, 
the A pair of contacts may be activated momen- 
tarily before the B pair; in a counter-clockwise di- 
rection, the B pair may be activated before the A 
pair. (Some encoders reverse this phase differ- 
ence.) Thus if one contact from each pair is con- 
nected with two inputs of an appropriately pro- 
grammed microcontroller, and if the other con- 
tact of each pair is connected with negative 
ground, the microcontroller can deduce which 
way the knob is turning by sensing which pair of 
contacts closes first. The microcontroller can 
then count the number of pulses from the con- 
tacts and interpret this to adjust an output or 
update a display. 
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Asimplified schematic is shown in Figure 8-1.The 
two buttons inside the dashed line represent the 
two pairs of contacts inside the encoder, while 
the chip is a microcontroller. The knob and shaft 
that activate the internal switches are not shown. 
The schematic assumes that when a contact 
closes, it pulls the chip input to a low state. A 
pullup resistor is added to each input of the chip 
to prevent the pins from “floating” when either 
pair of contacts is open. 





Figure 8-1. Simplified schematic showing the typical set- 
up for a rotational encoder. The pushbuttons inside the 
dashed line represent the contacts inside the encoder. 
The chip is a microcontroller. 


Figure 8-2 gives aconceptual view of the outputs 
of an encoder that is turned clockwise (top) and 
then counter-clockwise (bottom). Some encod- 
ers may reverse this phase sequence. Red and 
black colors have been assigned to the pin states 
on the assumption that the terminals that are 
common to both pairs of contacts are connected 
with negative ground. Thus a “high” pulse in the 
graphical representation actually indicates that 
the encoder is grounding its output. 


Microcontrollers have become so ubiquitous, 
and rotational encoders are so cheap, they have 
displaced rotary switches in many applications 
where a low current is being switched. The com- 
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Figure 8-2. Hypothetical outputs from a rotational en- 
coder, assuming that the common terminals of the con- 
tact pairs are connected to negative ground. A high pulse 
in the graphical representation therefore indicates that 
the contact pair is grounded. The number of detents rela- 
tive to the number of pulses per rotation varies from one 
type of encoder to another. 


bination of a rotational encoder and a microcon- 
troller is very versatile, allowing display and con- 
trol of an almost unlimited number of menus and 
options. 


Variants 





There are two types of rotational encoders con- 
taining mechanical contacts: absolute and rela- 
tive. An absolute encoder generates a code cor- 
responding with each specific rotational posi- 
tion. The code is usually a binary output among 
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four or more pins. It is discussed under mechan- 
ical encoder in the rotary switch section of this 
encyclopedia. The variants listed here are all rel- 
ative encoders. 


Pulses and Detents 


Rotational encoders from different manufactur- 
ers may have as few as 4 or as many as 24 pulses 
per rotation (PPR), with 12 to 36 detents (or no 
detents at all, in a few models.) The relationship 
between pulses and detents shown in Figure 8-2 
is typical but is far from being universal. The 
number of detents may be equal to, greater than, 
or less than the number of pulses per rotation. 


Format 


Rotational encoders are generally panel- 
mounted or through-hole devices. In the latter 
category, most are horizontally mounted, with a 
minority being at 90 degrees to the board. 


Output 

In an encoder containing two switches, four 
switch-state combinations are possible: OFF- 
OFF, ON-OFF, OFF-ON, and ON-ON. This is known 
as a quadrature output. All of the rotational en- 
coders discussed here conform with that system. 


Rotational Resistance 

Rotational encoders vary widely in the resistance 
that they offer when the user turns the knob. This 
is largely a function of the detents, if they are in- 
cluded. Still, all rotational encoders generally of- 
fer less rotational resistance than a rotary switch, 
and do not have the kind of heavy-duty knobs 
that are typically used with rotary switches. Since 
an encoder creates only a stream of pulses 
without any absolute positional information, a 
knob with any kind of pointer on it is inappro- 
priate. 


Values 





Virtually all rotational encoders are designed to 
work with a low-voltage supply, 12VDC or less. 
All of them are intended for low currents, reflect- 


Values 


ing their purpose to drive microcontroller inputs. 
Some sample rotational encoders are pictured in 
Figure 8-3. At rear: nine pulses per rotation (PPR), 
36 detents, 10mA at 10VDC. Far left: 20PPR, 20 
detents, with switch. Far right: 24PPR, no detents, 
1mA at 5VDC. Center (blue): 16PPR, no detents, 
1ImA at 5VDC. Front: 12PPR, 24 detents, 1mA at 
10VDC, requires Allen wrench or similar hexag- 
onal shaft to engage with the rotor. 





Figure 8-3. Rotational encoders with a variety of specifi- 
cations. See text for details. 


Contact Bounce 


Any mechanical switch will suffer some degree 
of contact bounce when its contacts close. Data- 
sheets for rotational encoders may include a 
specification for bounce duration ranging from 
around 2ms to 5ms, which is sometimes known 
as the settling time. Naturally, a lower value is 
preferred. The microcontroller that interprets the 
positional information from the encoder can in- 
clude a debouncing routine that simply disre- 
gards any signals during the bounce period fol- 
lowing switch closure. 
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Sliding Noise 

Sliding noise is the opposite of contact bounce. 
When two contacts have madea connection and 
then rub across each other (as occurs inside a ro- 
tational encoder while the knob is being turned), 
the connection may suffer momentary lapses. 
Datasheets for rotational encoders generally do 
not supply ratings for this. 


How to Use it 





As noted above, a rotational encoder can only be 
used in conjunction with a microcontroller or 
similar device that is capable of interpreting the 
phase difference between the pairs of contacts, 
and is capable of counting the number of open- 
ing/closing events while the knob is being 
turned. (Some dedicated chips are designed for 
this specific purpose.) 


It can be adapted to be driven by a stepper mo- 
tor, to provide feedback regarding the rotation 
of the motor shaft, and its output can also be in- 
terpreted to calculate angular acceleration. 


Programming the microcontroller is the most 
significant obstacle. Generally the program 
should follow a sequence suggested by this 
pseudocode: 


Check: 


e Ifthe encoder contains a pushbutton switch, 
check it. If the pushbutton is being pressed, 
go to an appropriate subroutine. 


e The status of contacts A. 
e The status of contacts B. 
Compare their status with previously saved 


states for A and B. If the status has not changed, 
repeat from Check. 


Debounce: 


e Recheck the contacts status rapidly and re- 
peatedly for 50ms, and count the states for 
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contacts A and B. (The 50ms duration may 
be adjusted for different encoders, as an en- 
coder with a higher number of pulses per 
rotation will tend to create shorter pulses.) 


e Compare the total number of changed states 
with unchanged states. 


If the changed states are in a small minority, 
probably the signal was erroneous, caused by 
bounce or sliding noise. Go back to Check and 
start over. 


Interpret: 


e Deduce the rotational direction from these 
four possibilities: 


— Contacts A were open and have closed. 
— Contacts A were closed and have opened. 
— Contacts B were open and have closed. 


— Contacts B were closed and have opened. 
(The specific type of encoder will deter- 
mine how these transitions are interpret- 
ed.) 


e Revise the variable storing the direction of 
rotation if necessary. 


e Depending on the direction of rotation, in- 
crement or decrementa variable that counts 
pulses. 


e Take action that is appropriate to the direc- 
tion of rotation and the cumulative number 
of pulses. 


e Go back to Check again. 


What Can Go Wrong 





Switch Bounce 

In addition to adebouncing algorithm in the mi- 
crocontroller, a 0.1uF bypass capacitor can be 
used with each of the output terminals from the 
encoder, to help reduce the problem of switch 
bounce. 
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Contact Burnout 

Rotational encoders are TTL-compatible. They 
are not generally designed to drive even a small 
output device, such as an LED. The contacts are 
extremely delicate and will be easily damaged by 
any attempt to switch a significant current. 


What Can Go Wrong 
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Properly known as an electromagnetic armature relay to distinguish it from a solid-state 
relay. However, the full term is very rarely used. It may also be described as an electro- 
mechanical relay, but the term relay is normally understood to mean a device that is not 


solid state. 


OTHER RELATED COMPONENTS 


¢ solid state relay (Volume 2) 
¢ switch (See Chapter 6) 


What It Does 


A relay enables a signal or pulse of electricity to 
switch on (or switch off) a separate flow of elec- 
tricity. Often, a relay uses a low voltage or low 
current to control a higher voltage and/or higher 
current. The low voltage/low current signal can 
be initiated by a relatively small, economical 
switch, and can be carried to the relay by rela- 
tively cheap, small-gauge wire, at which point 
the relay controls a larger current near to the 
load. In a car, for example, turning the ignition 
switch sends a signal to a relay positioned close 
to the starter motor. 





While solid-state switching devices are faster and 
more reliable, relays retain some advantages. 
They can handle double-throw and/or multiple- 
pole switching and can be cheaper when high 
voltages or currents are involved. A comparison 
of their advantages relative to solid state re- 
lays and transistors is tabulated in the entry on 
bipolar transistor in Figure 28-15. 


Common schematic symbols for single-throw re- 
lays are shown in Figure 9-1 and for double- 


throw relays in Figure 9-2. The appearance and 
orientation of the coil and contacts in the sym- 
bols may vary significantly, but the functionality 
remains the same. 


a 
a a Bal 


Figure 9-1. Commonly used schematic symbols for a 
SPST relay. The symbols are functionally identical. 


r_v 


hh 


Figure 9-2. Commonly used schematic symbols for a 
SPDT relay. The symbols are functionally identical. 
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How It Works 


A relay contains a coil, an armature, and at least 
one pair of contacts. Current flows through the 
coil, which functions as an electromagnet and 
generates a magnetic field. This pulls the arma- 
ture, which is often shaped as a pivoting bracket 
that closes (or opens) the contacts. These parts 
are visible in the simplified rendering of a DPST 
relay in Figure 9-3. For purposes of identification, 
the armature is colored green, while the coil is 
red and the contacts are orange. The two blue 
blocks are made of an insulating material, the 
one on the left supporting the contact strips, the 
one on the right pressing the contacts together 
when the armature pivots in response to a mag- 
netic field from the coil. Electrical connections to 
the contacts and the coil have been omitted for 
simplicity. 








Figure 9-3. This simplified rendering shows the primary 
parts of a DPST relay. See text for details. 


Various small relays, capable of handling a variety 
of voltages and currents, are pictured in 
Figure 9-4. At top-left is a 12VDC automotive re- 
lay, which plugs into a suitable socket shown im- 
mediately below it. At top-right is a 24VDC SPDT 
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relay with exposed coil and contacts, making it 
suitable only for use in a very clean, dry environ- 
ment. Continuing downward, the four sealed re- 
lays in colored plastic cases are designed to 
switch currents of 5A at 250VAC, 10A at 120VAC, 
0.6A at 125VAC, and 2A at 30VDC, respectively. 
The two blue relays have 12VDC coils, while the 
red and yellow relays have 5V coils. All are 
nonlatching, except for the yellow relay, which is 
a latching type with two coils. At bottom-left is a 
12VDC relay ina transparent case, rated to switch 
up to 5A at 240VAC or 30VDC. 











Figure 9-4. An assortment of small DC-powered relays. 
See text for details. 


The configuration of a relay is specified using the 
same abbreviations that apply to a switch. SP, DP, 
3P, and 4P indicate 1, 2, 3, or 4 poles (relays with 
more than 4 poles are rare). ST and DT indicate 
single-throw or double-throw switching. These 
abbreviations are usually concatenated, as in 
3PST or SPDT. In addition, the terminology Form 
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A (meaning normally open), Form B (normally 
closed),and Form C (double-throw) may be used, 
preceded bya number that indicates the number 
of poles. Thus “2 Form C” means a DPDT relay. 


Variants 





Latching 

There are two basic types of relay: latching and 
nonlatching. A nonlatching relay, also known as 
a single side stable type, is the most common, and 
resembles a momentary switch or pushbutton 
in that its contacts spring back to their default 
state when power to the relay is interrupted. This 
can be important in an application where the re- 
lay should return to a known state if power is lost. 
By contrast, a latching relay has no default state. 
Latching relays almost always have double- 
throw contacts, which remain in either position 
without drawing power. The relay only requires 
a short pulse to change its status. In semicon- 
ductor terms, its behavior is similar to that of a 
flip-flop. 


In a single-coil latching relay, the polarity of volt- 
age applied to the coil determines which pair of 
contacts will close. In a dual-coil latching relay, a 
second coil moves the armature between each 
of its two states. 


Schematic symbols for a dual-coil latching relay 
are shown in Figure 9-5. Some symbol styles do 
not make it clear which switch position each coil 
induces. It may be necessary to read the manu- 
facturer’s datasheet or test the relay by applying 
its rated voltage to randomly selected terminal 
pairs while testing for continuity between other 
terminal pairs. 


Polarity 

There are three types of DC relay. In a neutral re- 
lay, polarity of DC current through the coil is ir- 
relevant. The relay functions equally well either 
way. A polarized relay contains a diode in series 
with the coil to block current in one direction. A 
biased relay contains a permanent magnet near 
the armature, which boosts performance when 


Variants 


led 
I 
Ae 


a 


Figure 9-5. Schematic symbols for a two-coil latching re- 
lay. The symbols are functionally identical. 


current flows through the coil in one direction, 
but blocks a response when the current flows 
through the coil in the opposite direction. Man- 
ufacturers’ datasheets may not use _ this 
terminology, but will state whether the relay coil 
is sensitive to the polarity of a DC voltage. 


All relays can switch AC current, but only an AC 
relay is designed to use AC as its coil current. 


Pinout Variations 


The layout and function of relay pins or quick 
connects is not standardized among manufac- 
turers. Often the component will have some in- 
dication of pin functions printed on it, but should 
always be checked against the manufacturer's 
datasheet and/or tested for continuity with a 
meter. 


Figure 9-6 shows four sample pin configurations, 
adapted from a manufacturer's datasheet. These 
configurations are functionally quite different, 
although all of them happen to be for DPDT re- 
lays. In each schematic, the coil of the relay is 
shown as a rectangle, while the pins are circles, 
black indicating an energized state and white in- 
dicating a non-energized state. The bent lines 
show the possible connections between the 
poles and other contacts inside the relay. The 
contacts are shown as arrows. Thus, pole 4 can 
connect with either contact 3 or contact 5, while 
pole 9 can connect with either contact 8 or con- 
tact 10. 
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Top-left: Polarized nonlatching relay in its resting 
condition, with no power applied. Top right: 
Single-coil latching relay showing energized 
contacts (black circles) when the coil is powered 
with the polarity indicated. If the polarity is re- 
versed, the relay flips to its opposite state. Some 
manufacturers indicate the option to reverse po- 
larity by placing a minus sign alongside a plus 
sign, and a plus sign alongside a minus sign. 
Bottom-left and bottom-right: Polarized latching 
relays with two coils, with different pinouts. 


12 10987 1210987 
. ai 7  £lac 
‘te rd a t €185 

1 3456 1 3456 


Figure 9-6. Relay pinouts depicted in the style commonly 
found in manufacturers’ datasheets, showing different re- 
lay types. Top-left: Single coil, nonlatching. Top-right: Sin- 
gle coil, latching. Bottom left: Two-coil, latching. Bottom 
right: Two-coil, latching, alternate pinouts. (Adapted from 
a Panasonic datasheet.) 


In these diagrams, the relay is seen from above. 
Some datasheets show the relay seen from be- 
low, and some show both views. Some manufac- 
turers use slightly different symbols to indicate 
interior functions and features. When in doubt, 
use a meter for verification. 


Reed Relay 

A reed relay is the smallest type of electrome- 
chanical relay with applications primarily in test 
equipment and telecommunications. With a coil 
resistance ranging from 500 to 2000 ohms, these 
relays consume very little power. The design con- 
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sists of a reed switch with a coil wrapped around 
it. Figure 9-7 shows a simplified rendering. The 
two black contacts are enclosed in a glass or 
plastic envelope and magnetized in such a way 
that a magnetic field from the surrounding coil 
bends them together, creating a connection. 
When power to the coil is disconnected, the 
magnetic field collapses and the contacts spring 
apart. 





Figure 9-7. This simplified rendering shows a reed relay, 
consisting of a magnetized reed switch inside a glass or 
plastic pod, activated by a coil wrapped around it. 


In Figure 9-8, two reed relays are shown, at top- 
left and center-right. At bottom-left, the type of 
relay on the right has been opened by a belt 
sander to reveal its copper coil and inside that, a 
capsule in which the relay contacts are visible. 


Surface-mount reed relays can be smaller than 
0.5” x 0.2" Through-hole versions are often 
around 0.7” x 0.3” with pins in two rows, though 
some are available in SIP packages. 


Reed relays have limited current switching ca- 
pacity and are not suitable to switch inductive 
loads. 


Small Signal Relay 

A small signal relay is also known as a low signal 
relay. This type may have a footprint as small as 
a reed relay but generally stands slightly taller, 
requires slightly more coil current, and is avail- 
able in versions that can switch slightly higher 
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Figure 9-8. Three reed relays, one of which has had its 
packaging partially removed by a belt sander to reveal its 
copper coil and internal contacts. 


voltages and currents. There are usually two rows 
of pins, spaced either 0.2” or 0.3” apart. The red 
and orange relays in Figure 9-4 are small signal 
relays. 


Automotive Relays 

An automotive relay is typically packaged in a 
cube-shaped black plastic case with quick- 
connect terminals at the bottom, typically plug- 
ged into a socket. Naturally they are designed to 
switch, and be switched by, a 12VDC supply. 


General Purpose/Industrial 


These relays cover a very wide range and are 
usually built without significant concern for size. 
They may be capable of switching high currents 
at high voltages. Typically they are designed to 
plug into a socket such as an octal base of the 
type that was once used for vacuum tubes. The 
base, in turn, terminates in solder tabs, screws, or 
quick connects and is designed to be screwed to 
a chassis. It allows the relay to be unplugged and 
swapped without resoldering. 





Variants 


Two industrial relays are shown in Figure 9-9. 
Both are DPDT type with 12VDC coils and rated 
to switch up to 10A at 240VAC. The one on the 
left has an octal base. An octal socket that fits an 
octal base is shown in Figure 9-10. 





Figure 9-9. Two relays powered by 12VDC, capable of 
switching up to 10A at 240VAC. 





Figure 9-10. An octal socket with screw terminals, de- 
signed to accept a relay with an octal base. 
Time Delay Relay 


Generally used to control industrial processes, a 
time delay relay switches an output on and off at 
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preset time intervals that can be programmed to 
repeat. The example in Figure 9-11 has a 12VDC 
coil and is rated to switch up at 10A at 240VAC. It 
has an octal base. 


Comes 
DELAY iN 
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SECONUS 
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Figure 9-11. The control switches on a time-delay relay, 
allowing separately configured “on” and “off” intervals. 


Contactor 

A contactor functions just like a relay but is de- 
signed to switch higher currents (up to thou- 
sands of amperes) at higher voltages (up to many 
kilovolts). It may range from being palm-sized to 
measuring more than one foot in diameter, and 
may be used to control heavy loads such as very 
large motors, banks of high-wattage lights, and 
heavy-duty power supplies. 


Values 





Datasheets usually specify maximum voltage 
and current for the contacts, and nominal volt- 
age and current for the coil, although in some 
cases the coil resistance is stated instead of nom- 
inal coil current. The approximate current con- 
sumption can be estimated, if necessary, by us- 
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ing Ohm's Law. The minimum voltage that the 
relay needs for activationis sometimes described 
as the Must Operate By voltage, while the Must 
Release By voltage is the maximum coil voltage 
that the relay will ignore. Relays are rated on the 
assumption that the coil may remain energized 
for long periods, unless otherwise stated. 


While the contact rating may suggest that a relay 
can switch a large load, this is not necessarily true 
if the load has significant inductance. 


Reed relays 

Usually use a coil voltage of 5VDC and have 
a contact rating of up to 0.25A at 100V. 
Through-hole (PCB) versions may have a coil 
voltage of 5VDC, 6VDC, 12VDC, or 24VDC 
and in some cases claim to switch 0.5A to 1A 
at up to 100V, although this rating is strictly 
for a noninductive load. 


Small signal/low signal relays 
Usually use a coil voltage ranging from 5VDC 
to 24VDC, drawing about 20mA. Maximum 
switching current for noninductive loads 
ranges from 1A to 3A. 


Industrial/general purpose relays 
A very wide range of possible values, with 
coil voltages ranging up to 48VDC or 125VAC 
to 250VAC. Contact rating is typically 5A to 
30A. 


Automotive relays 
Coil voltage of 12VDC, and contact rating 
often 5A at up to 24VDC. 


Timer relays 
Usually these specify a coil voltage of 12VDC, 
24VDC, 24VAC, 125VAC, or 230VAC. The 
timed interval can range from 0.1 sec to 9999 
hours in some cases. Common values for 
contact ratings are 5A up to 20A, with a volt- 
age of 125V to 250V, AC or DC. 
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How to Use it 





Relays are found in home appliances such as 
dishwashers, washing machines, refrigerators, 
air conditioners, photocopy machines, and other 
products where a substantial load (such as a mo- 
tor or compressor) has to be switched on and off 
by acontrol switch, a thermostat, or an electronic 
circuit. 


Figure 9-12 shows a common small-scale appli- 
cation in which a signal from a microcontroller (a 
few mA at 5VDC) is applied to the base of a tran- 
sistor, which controls the relay. In this way, a logic 
output can switch 10A at 125VAC. Note the rec- 
tifier diode wired in parallel with the relay coil. 





Figure 9-12. A signal from a digital source such as a mi- 
crocontroller can switch substantial voltage and current if 
it is applied to the base of a transistor that activates a re- 
lay. 


A latching relay is useful wherever a connection 
should persist when power is switched off or in- 
terrupted, or if power consumption must be 
minimized. Security devices are one common 
application. However, the circuit may require a 
“power reset” function to restore known default 
settings of latched relays. 


A circuit including every possible protection 
against voltage spikes is shown in Figure 9-13, 
including a snubber to protect the relay contacts, 
arectifier diode to suppress back-EMF generated 
by the relay coil, and another rectifier diode to 
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protect the relay from EMF generated by a motor 
when the relay switches it on and off. The snub- 
ber can be omitted if the motor draws a relatively 
low current (below 5A) or if the relay is switching 
a noninductive load. The diode around the relay 
coil can be omitted if there are no semiconduc- 
tors or other components in the circuit that are 
vulnerable to voltage spikes. However, a spike 
can affect components in adjacent circuits that 
appear to be electrically isolated. A severe spike 
can even be transmitted backinto 125VAC house 
wiring. For information on using a resistor- 
capacitor combination to form a snubber, see 
“Snubber” (page 108). 


5VDC 24VDC 


Figure 9-13. This hypothetical schematic shows three 
types of protection against voltage spikes induced by an 
inductive load (a motor, in this instance) and the coil of 
the relay. 
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What Can Go Wrong 





Wrong Pinouts 


The lack of standardization of relay pinouts can 
cause errors if one relay is replaced with another 
that appears to be the same, but isn’t. In partic- 
ular, the pins that connect with normally-closed 
contacts may trade places with pins connected 
with normally-open contacts, in relays from dif- 
ferent manufacturers. 


Pinouts are also confusing in that some data- 
sheets depict them from above, some from be- 
low, and some from both perspectives. 


Wrong Orientation 


Small relays of through-hole type usually have 
pins spaced in multiples of 0.1” This allows them 
to be inserted the wrong way around in a perfo- 
rated board. Almost all relays have an identifica- 
tion mark molded into one end or one corner of 
the plastic shell. Manufacturers do not standard- 
ize the position and meaning of these marks, but 
they are usually replicated in datasheets. When 
using a relay of a type that you have not used 
before, it is a sensible precaution to test it witha 
meter to verify the functions of its terminals be- 
fore installing it. 


Wrong Type 

A latching relay may have exactly the same ap- 
pearance as a nonlatching relay from the same 
manufacturer, and the same two pins may ener- 
gize the coil. However, in a latching relay, the 
contacts won't spring back to their non- 
energized position, causing functional errors 
that may be difficult to diagnose. The part num- 
bers printed on latching and nonlatching ver- 
sions of the same relay may differ by only one 
letter or numeral and should be checked care- 
fully. 


Wrong Polarity 

A relay with a DC-energized coil may require 
power to be applied with correct polarity and 
may malfunction otherwise. 
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AC and DC 


A relay coil designed to be powered by DC will 
not work from AC and vice-versa. The contact 
rating of arelayis likely to be different depending 
whether it is switching AC or DC. 


Chatter 

This is the noise created by relay contacts when 
they make rapid intermittent connection. Chat- 
ter is potentially damaging to relay contacts and 
should be avoided. It can also create electrical 
noise that interferes with other components. 
Likely correctible causes of chatter include insuf- 
ficient voltage or power fluctuations. 


Relay Coil Voltage Spike 

A relay coil is an inductive device. Merely switch- 
ing a large relay on and off can create voltage 
spikes. To address this problem, a rectifier diode 
should be placed across the coil terminals with 
polarity opposing the energizing voltage. 


Arcing 

This problem is discussed in the switch entry of 
this encyclopedia. See “Arcing” (page 47). Note 
that because the contacts inside a reed relay are 
so tiny, they are especially susceptible to arcing 
and may actually melt and weld themselves to- 
gether if they are used to control excessive cur- 
rent or an inductive load. 


Magnetic Fields 

Relays generate magnetic fields during opera- 
tion and should not be placed near components 
that are susceptible. 


The reed switch inside a reed relay can be unex- 
pectedly activated by an external magnetic field. 
This type of relay may be enclosed ina metal shell 
to provide some protection. The adequacy of this 
protection should be verified by testing the relay 
under real-world conditions. 
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Environmental Hazards 

Dirt, oxidation, or moisture on relay contacts is a 
significant problem. Most relays are sealed and 
should remain sealed. 


Relays are susceptible to vibration, which can af- 
fect the contacts and can accelerate wear on 


What Can Go Wrong 


moving parts. Severe vibration can even damage 
a relay permanently. Solid-state relays (dis- 
cussed in Volume 2) should be used in harsh en- 
vironments. 
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OTHER RELATED COMPONENTS 


° potentiometer (See Chapter 11) 


What It Does 


A resistor is one of the most fundamental com- 
ponents in electronics. Its purpose is to impede 
a flow of current and impose a voltage reduction. 
It consists of two wires or conductors attached at 
opposite ends or sides of a relatively poor elec- 
trical conductor, the resistance of which is meas- 
ured in ohms, universally represented by the 
Greek omega symbol, ©. 





Schematic symbols that represent a resistor are 
shown in Figure 10-1 (Left: The traditional sche- 
matic symbol. Right: The more recent European 
equivalent). The US symbol is still sometimes 
used in European schematics, and the European 
symbol is sometimes used in US schematics. Let- 
ters K or M indicate that the value shown for the 
resistor is in thousands of ohms or millions of 
ohms, respectively. Where these letters are used 
in Europe, and sometimes in the US, they are 
substituted for a decimal point. Thus, a 4.7K re- 
sistor may be identified as 4K7, a 3.3M resistor 
may be identified as 3M3, and so on. (The nu- 
meric value in Figure 10-1 was chosen arbitrarily.) 


4.7K 


—WW\— 


4K7 


Figure 10-1. Resistor symbols. The left one is more com- 
mon in the United States, while the right one is widely 
used in Europe. The 4.7K value was chosen arbitrarily. 
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resistor 


A resistor is commonly used for purposes such as 
limiting the charging rate of a capacitor; pro- 
viding appropriate control voltage to semicon- 
ductors such as bipolar transistors; protecting 
LEDs or other semiconductors from excessive 
current; adjusting or limiting the frequency re- 
sponse in an audio circuit (in conjunction with 
other components); pulling up or pulling down 
the voltage at the input pin of a digital logic chip; 
or controlling a voltage at a point in a circuit. In 
this last application, two resistors may be placed 
in series to create a voltage divider. 


A potentiometer may be used instead of a re- 
sistor where variable resistance is required. 


Sample resistors of various values are shown in 
Figure 10-2. From top to bottom, their power dis- 
sipation ratings are 3W, 1W, 1/2W, 1/4W, 1/4W, 
1/4W, and 1/8W. The accuracy (tolerance) of each 
resistor, from top to bottom, is plus-or-minus 5%, 
5%, 5%, 1%, 1%, 5%, and 1%. The beige-colored 
body of a resistor is often an indication that its 
tolerance is 5%, while a blue-colored body often 
indicates a tolerance of 1% or 2%. The blue- 
bodied resistors and the dark brown resistor con- 
tain metal-oxide film elements, while the beige- 
bodied resistors and the green resistor contain 
carbon film. For more information on resistor val- 
ues, see the upcoming Values section. 
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mE 
Figure 10-2. A range of typical resistors. See text for de- 
tails. 
How It Works 


In the process of impeding the flow of current 
and reducing voltage, a resistor absorbs electri- 
cal energy, which it must dissipate as heat. In 
most modern electronic circuits, the heat dissi- 
pation is typically a fraction of a watt. 


If Ris the resistance in ohms, lis the current flow- 
ing through the resistor in amperes, and V is the 
voltage drop imposed by the resistor (the differ- 
ence in electrical potential between the two con- 
tacts that are attached to it), Ohm’s law states: 


V=I/R 
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This is another way of saying that a resistor of 
10 will allow a current of 1 amp when the po- 
tential difference between the ends of the resis- 
tor is 1 volt. 


If W is the power in watts dissipated by the resis- 
tor, in a DC circuit: 


W=V*I 


By substitution in Ohm's law, we can express 
watts in terms of current and resistance: 


W=12/R 
We can also express watts in terms of voltage and 
resistance: 

W=VW2*R 


These alternates may be useful in situations 
where you do not know the voltage drop or the 
current, respectively. 


Approximately similar relationships exist when 
using alternating current, although the power 
will be a more complex function. 


Variants 





Axial resistors have two leads that emerge from 
opposite ends of a usually cylindrical body. Ra- 
dial resistors have parallel leads emerging from 
one side of the body and are unusual. 


Precision resistors are generally defined as having 
a tolerance of no more than plus-or-minus 1%. 


General-purpose resistors are less stable, and their 
value is less precise. 


Power resistors are generally defined as dissipat- 
ing 1 or 2 watts or more, particularly in power 
supplies or power amplifiers. They are physically 
larger and may require heat sinks or fan cooling. 


Wire-wound resistors are used where the compo- 
nent must withstand substantial heat. A wire- 
wound resistor often consists of an insulating 
tube or core that is flat or cylindrical, with multi- 
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ple turns of resistive wire wrapped around it. The 
wire is usually a nickel-chromium alloy known as 
nichrome (sometimes written as Ni-chrome) and 
is dipped in a protecting coating. 


The heat created by current passing through re- 
sistive wire is a potential problem in electronic 
circuits where temperature must be limited. 
However, in household appliances such as hair 
dryers, toaster ovens, and fan heaters, a ni- 
chrome element is used specifically to generate 
heat. Wire-wound resistors are also used in 3D 
printers to melt plastic (or some other com- 
pound) that forms the solid output of the device. 


Thick film resistors are sometimes manufactured 
in a flat, square format. A sample is shown in 
Figure 10-3, rated to dissipate 10W from its flat 
surface. The resistance of this component is 1K. 





Figure 10-3. A thick-film resistor measuring about 1" 
square and 0.03" thick. 


Surface-mount resistors generally consist of a re- 
sistive ink film printed on top of a tablet of alu- 
minum oxide ceramic compound, often approx- 
imately 6mm long, known as a 2512 form factor. 
Each surface-mount resistor has two nickel- 


Variants 


plated terminations coated in solder, which 
melts when the resistor is attached to the circuit 
board. The upper surface is coated, usually with 
black epoxy, to protect the resistive element. 


Resistor Array 

This is also known as a resistor network or resistor 
ladder, and consists of a chip containing multiple 
equal-valued resistors. 


A resistor array in a single-inline package (or SIP) 
may have three possible internal configurations: 
isolated, common bus, and dual terminator. 
These options are shown at top, center, and bot- 
tom, respectively, in Figure 10-4. The isolated 
variant is commonly available in SIPs with 6, 8, or 
10 pins. The common-bus and dual-terminator 
configurations generally have 8, 9, 10, or 11 pins. 


In the isolated configuration, each resistor is elec- 
trically independent of the others and is ac- 
cessed via its own pair of pins.On a common bus, 
one end of each resistor shares a bus accessed by 
a single pin, while the other ends of the resistors 
are accessed by their own separate pins. A dual- 
terminator configuration is more complex, con- 
sisting of pairs of resistors connected between 
ground andan internal bus, with the midpoint of 
each resistor pair accessible via a separate pin. 
The resistor pairs this function as voltage dividers 
and are commonly used in emitter-coupled logic 
circuits that require termination with -2 volts. 


A dual-inline package (DIP) allows a similar range 
of internal configurations, as shown in 
Figure 10-5. At top, isolated resistors are com- 
monly available in DIPs with 4, 7, 8, 9, or 10 pins. 
At center, the common bus configuration is avail- 
able in DIPs with 8, 14, 16, 18, or 20 pins. At bot- 
tom, the dual-terminator configuration usually 
has 8, 14, 16, 18, or 20 pins. 


The external appearance of SIP and DIP resistor 
arrays is shown in Figure 10-6. From left to right, 
the packages contain seven 1200 resistors in 
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Figure 10-4. Multiple resistors can be embedded in a 
single-inline package (SIP) in a variety of formats. See 
text for additional details. 


isolated configuration; thirteen 1200 resistors in 
bussed configuration; seven 5.6K resistors in 
bussed configuration; and six 1K resistors in 
bussed configuration. 


Resistor arrays with isolated or common-bus 
configurations are a convenient way to reduce 
the component count in circuits where pullup, 
pulldown, or terminating resistors are required 
for multiple chips. The common-bus configura- 
tion is also useful in conjunction with a 7- 


Figure 10-5. Multiple resistors can be obtained embed- 
ded in a dual-inline package (DIP). See text for additional 
details. 


segment LED display, where each segment 
must be terminated by a series resistor andall the 
resistors share a common ground or common 
voltage source. 


Surface-mount chips are available containing a 
pair of resistors configured as a single voltage di- 
vider. 


Chips containing multiple RC circuits (each 
consisting of a capacitor and a resistor in series) 
are available, although uncommon. A package 
containing a single RC circuit may be sold as a 
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Figure 10-6. Resistor arrays in DIP and SIP packages. 
See text for values. 


snubber to protect contacts in a switch or re- 
lay that switches a large inductive load. More in- 
formation on snubber circuits is in the capaci- 
tor entry of this encyclopedia; see “Snubber” 
(page 108). 


Values 





1 kilohm, usually written as 1K, is 1,000Q. 1 meg- 
ohm, usually written as 1M or 1 meg, is 1,000K. 1 
gigaohmis 1,000 megs, although the unitis rarely 
used. Resistances of less than 10 are uncommon 
and are usually expressed as a decimal number 
followed by the Q symbol. The term milliohms 
(thousandths of an ohm) is used in special appli- 
cations. Equivalent resistor values are shown in 
Figure 10-7. 


A resistance value remains unchanged in DC and 
AC circuits, except where the AC reaches an ex- 
tremely high frequency. 


In common electronics applications, resistances 
usually range from 1000 to 10M. Power ratings 
may vary from 1/16 watt to 1000 watts, but usu- 
ally range from 1/8 watt to 1/2 watt in most elec- 
tronic circuits (less in surface-mount applica- 
tions). 


Values 

fms | tice | esos 
al: 0.001 0.000001 
10 0.01 0.00001 
100 0.1 0.0001 
1,000 1 0.001 
10,000 10 0.01 
100,000 100 0.4 
1,000,000 1,000 Af 


Figure 10-7. Equivalent values in ohms, kilohms, and 
megohms. 


Tolerance 


The tolerance, or precision, of a resistor may 
range from plus-or-minus 0.001% up to plus-or- 
minus 20%, but is most commonly plus-or-minus 
1%, 2%, 5%, or 10%. 


The traditional range of resistor values was es- 
tablished when a tolerance of 20% was the norm. 
The values were spaced to allow minimum risk of 
a resistor at one end of its tolerance range having 
the same value as another resistor at the oppo- 
site end of its tolerance range. The values were 
rounded to 10, 15, 22, 33, 47, 68, and 100, as il- 
lustrated in Figure 10-8 where each blue dia- 
mond represents the possible range of actual 
values of a 20% resistor with a theoretical value 
shown by the white horizontal line at the center 
of the diamond. 


Resistor factors repeat themselves in multiples of 
10. Thus, for example, beginning with a resistor 
of 1000, subsequent increasing values will be 
150, 220, 330, 470, 680, and 1K, whereas the 
range of resistors beginning with 10 will be 1.5, 
2.2, 3.3, 4.7, 6.8, and 100. 


Resistance multiplication factors are now ex- 
pressed as a list of preferred values by the Inter- 
national Electrotechnical Commission (IEC) in 
their 60063 standard. Intermediate factors have 
been added to the basic sequence to 
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Figure 10-8. Graphical representation of standard resis- 
tor values (white lines) established by the International 
Electrotechnical Commission, showing the acceptable 
range of actual values (dark blue areas) assuming preci- 
sion of plus-or-minus 20%. The overlap, if any, between 
each range and the next is shown in black. 


accommodate better tolerances. A_ table 
showing resistor values for tolerances of plus-or- 
minus 20%, 10%, and 5% appears in Figure 10-9. 
Resistors with a tolerance of 5% have become 
increasingly common. 
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Resistor Tolerances (plus or minus) 


20% 10% 5% 
100 
100 
100 94 
82 
82 
75 
68 
68 
68 62 
56 
56 
51 
- 47 
w 
g 47 a 
$s a 39 
§ 36 
$ 
ir 33 
Pp 33 
g 33 30 
§ 27 
i) oT 
24 
22 
22 
18 
18 
16 
15 
15 
ae 13 
12 
12 
41 
10 10 10 


Figure 10-9. Standard values for resistors of different 
precisions. For resistors outside the range shown, values 
can be found by multiplying or dividing (repeatedly, if nec- 
essary) by a factor of 10. 


The IEC has established 3-digit preferred values 
for resistors with values accurate to plus-or- 
minus 0.5%. 


Because many capacitors still have a tolerance no 
better than 20%, their values also conform with 
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the old original set of resistance values, although 
the units are expressed in farads or fractions of a 
farad. See the capacitors entry in this encyclo- 
pedia for additional information. 


Value Coding 


Through-hole axial resistors are traditionally 
printed with a sequence of three colored bands 
to express the value of the component, each of 
the first two bands representing a digit from 0 
through 9, while the third band indicates the 
decimal multiplier (the number of zeroes, from 0 
to 9, which should be appended to the digits). A 
fourth band of silver or gold indicates 10% or 5% 
tolerance respectively. No fourth band would in- 
dicate 20% tolerance, although this has become 
very rare. 


Many resistors now have five color bands, to en- 
able the representation of intermediate or frac- 
tional values. In this scheme, the first three bands 
have numeric values (using the same color sys- 
tem as before) while the fourth band is the mul- 
tiplier. A fifth band, at the opposite end of the 
resistor, indicates its tolerance. 


In Figure 10-10 the numeric or multiplier value of 
each color is shown as a “spectrum” at the top of 
the figure. The tolerance, or precision ofa resistor, 
expressed as a plus-or-minus percentage, is 
shown using silver, gold, and various colors, at 
the bottom of the figure. 


Two sample resistors are shown. The upper one 
has a value of 1K, indicated by the brown and 
black bands on the left (representing numeral 1 
followed by a numeral 0) and the third red band 
(indicating two additional zeroes). The gold band 
at right indicates a precision of 5%. The lower one 
has a value of 1.05K, indicated by the brown, 
black, and green bands on the left (representing 
numeral 1 followed by numeral 0 followed by a 
numeral 5) and the fourth band brown (indicat- 
ing one additional zero). The brown band at right 
indicates a precision of 1%. 


Values 





Figure 10-10. Color coding of through-hole resistors. See 
text for details. 


In extremely old equipment, resistors may be co- 
ded with the body-tip-dot scheme, in which the 
body color represents the initial digit, the end 
color represents the second digit, and a dot rep- 
resents the multiplier. The numeric identities of 
the colors is the same as in the current color 
scheme. 


In all modern schemes, the three or four bands 
that show the resistance value are spaced close 
together, while a larger gap separates them from 
the band that shows the tolerance. The resistor 
value should be read while holding the resistor 
so that the group of closely-spaced numeric 
bands is on the left. 


Confusingly, some resistors may be found where 
the first three bands define the value, using the 
old three-band convention; the fourth band in- 
dicates tolerance; and a fifth band at the oppo- 
site end of the component indicates reliability. 
However, this color scheme is uncommon. 


Other color-coding conventions may be found in 
special applications, such as military equipment. 
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It is common for through-hole carbon-film resis- 
tors to have a beige body color, while through- 
hole metal-film resistors often have a blue body 
color. However, in relatively rare instances, a blue 
body color may also indicate a fusible resistor 
(designed to burn out harmlessly like a fuse, if it 
is overloaded) while a white body may indicate 
a non-flammable resistor. Use caution when re- 
placing these special types. 


Some modern resistors may have their values 
printed on them numerically. Surface-mount re- 
sistors also have digits printed on them, but they 
are a code, not a direct representation of resist- 
ance. The last digit indicates the number of ze- 
roes in the resistor value, while the preceding 
two or three numbers define the value itself. Let- 
ter R is used to indicate a decimal point. Thus a 
3R3 surface-mount resistor has a value of 3.30, 
while 330 would indicate 33Q, and 332 indicates 
3,3000. A 2152 surface-mount resistor would 
have a value of 21,5000. 


Asurface-mount resistor with a single zero print- 
ed on it is a zero ohm component that has the 
same function as a jumper wire. It is used for 
convenience, as it is easily inserted by automated 
production-line equipment. It functions merely 
as a bridge between traces on the circuit board. 


When resistor values are printed on paper in 
schematics, poor reproduction may result in 
omission of decimal points or introduction of 
specks that look like decimal points. Europeans 
have addressed this issue by using the letter as a 
substitute for a decimal point so that a 5.6K re- 
sistor will be shown as 5K6, or a 3.3M resistor will 
be shown as 3M3. This practice is followed infre- 
quently in the United States. 


Stability 

This term describes the ability of a resistor to 
maintain an accurate value despite factors such 
as temperature, humidity, vibration, load cycling, 
current, and voltage. The temperature coeffi- 
cient of aresistor (often referred to as T,,orT,, not 
to be confused with the time constant of a charg- 
ing capacitor) is expressed in parts per million 
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change in resistance for each degree centigrade 
deviation from room temperature (usually as- 
sumed to be 25 degrees Centigrade). T, may be 
a positive or a negative value. 


The voltage coefficient of resistance—often ex- 
pressed as V.—describes the change of a resis- 
tor’s value that may occur as a function of 
changes in voltage. This is usually significant only 
where the resistive element is carbon-based. If 
V1 is the rated voltage of the resistor, R1 is its 
rated resistance at that voltage, V2 is 10% of the 
rated voltage, and R2 is the actual resistance at 
that voltage, the voltage coefficient, V,, is given 
by this formula: 


Vo = (100 * (R1 - R2)) / (R2 * (V1 - V2)) 


Materials 
Resistors are formed from a variety of materials. 


Carbon composite. Particles of carbon are mixed 
with a binder. The density of the carbon deter- 
mines the end-to-end resistance, which typically 
ranges from 50 to 10M. The disadvantages of this 
system are low precision (a 10% tolerance is com- 
mon), relatively high voltage coefficient of re- 
sistance, and introduction of noise in sensitive 
circuits. However, carbon-composite resistors 
have low inductance and are relatively tolerant 
of overload conditions. 


Carbon film. A cheap and popular type, made by 
coating a ceramic substrate with a film of carbon 
compound. They are available in both through- 
hole and surface-mount formats. The range of 
resistor values is comparable with carbon- 
composite types, but the precision is increased, 
typically to 5%, by cutting a spiral groove in the 
carbon-compound coating during the manufac- 
turing process. The carbon film suffers the same 
disadvantages of carbon composite resistors, 
but to a lesser extent. Carbon film resistors gen- 
erally should not be substituted for metal film 
resistors in applications where accuracy is im- 
portant. 


Metal film. A metallic film is deposited on a ce- 
ramic substrate, and has generally superior char- 
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acteristics to carbon-film resistors. During man- 
ufacture, a groove may be cut in the metal film 
to adjust the end-to-end resistance. This may 
cause the resistor to have higher inductance than 
carbon-composite types, though it has lower 
noise. Tolerances of 5%, 2%, and 1% are available. 
This type of resistor was originally more expen- 
sive than carbon-film equivalents, but the differ- 
ence is now fractional. They are available in both 
through-hole and surface-mount formats. They 
are available in lower-wattage variants (1/8 watt 
is common). 


Thick-film resistors are spray-coated, whereas 
thin-film resistors are sputtered nichrome. Thin- 
films enjoy a flatter temperature coefficient and 
are typically used in environments that have a 
huge operational temperature range, such as 
satellites. 


Bulk metal foil. The type of foil used in metal film 
resistors is applied to a ceramic wafer and etched 
to achieve the desired overall resistance. Typical- 
ly these resistors have axial leads. They can be 
extremely accurate and stable, but have alimited 
maximum resistance. 


Precision wire-wound. Formerly used in applica- 
tions requiring great accuracy, but now largely 
replaced by precision metal foil. 


Power wire-wound. Generally used when 1 or 2 
watts or more power dissipation is required. Re- 
sistive wire is wrapped around acore thatis often 
ceramic. This can cause the resistor to be referred 
to, inaccurately, as “ceramic.” The core may alter- 
natively be fiberglass or some other electrically 
insulating compound that actively sinks heat. 
The component is either dipped (typically in vit- 
reous enamel or cement) or is mounted in an 
aluminum shell that can be clamped to a heat 
sink. It almost always has the ohm value printed 
on it in plain numerals (not codes). 


Two typical wire-wound resistors are shown in 
Figure 10-11. The upper resistor is rated at 12W 
and 1800 while the lower resistor is rated at 13W 
and 15K. 


Values 





Figure 10-11. Two wire-wound resistors of greatly differ- 
ing resistance but similar power dissipation capability. 


A larger wire-wound resistor is shown in 
Figure 10-12, rated for 25W and 100. 





Figure 10-12. A large wirewound resistor rated to dissi- 
pate 25W. 


In Figure 10-13, two resistors encapsulated in ce- 
ment coatings are shown with the coatings re- 
moved to expose the elements. At left is a 1.50 
5W resistor, which uses a wire-wound element. 
At right is a very low-value 0.030 10W resistor. 
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Figure 10-13. Two low-value resistors with their cement 
coatings removed to show the resistive elements. 


In Figure 10-14, the resistor at right has an ex- 
posed 300 element while the resistor at left is 
rated 10W and 6.5Q, enclosed in an anodized 
aluminum shell to promote heat dissipation. 





Figure 10-14. A 300 resistor (right) and 6.50 resistor 
(left). 


In power resistors, heat dissipation becomes an 
important consideration. If other factors (such as 
voltage) remain the same, a lower-value resistor 
will tend to pass more current than a higher- 
value resistor, and heat dissipation is proportion- 
al to the square of the current. Therefore power 
wire-wound resistors are more likely to be need- 
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ed where low resistance values are required. 
Their coiled-wire format creates significant in- 
ductance, making them unsuitable to pass high 
frequencies or pulses. 


How to Use it 





Some of the most common applications for a re- 
sistor are listed here. 


In Series with LED 


To protect an LED from damage caused by ex- 
cessive current, a series resistor is chosen to allow 
a current that does not exceed the manufactur- 
er's specification. In the case of a single through- 
hole LED (often referred to as an indicator), the 
forward current is often limited to around 20mA, 
and the value of the resistor will depend on the 
voltage being used. (See Figure 10-15.) 


When using high-output LEDs (which may con- 
tain multiple elements in a single 5mm or 10mm 
package), or LED arrays that are now being used 
for domestic lighting, the acceptable current 
may be much greater, and the LED unit may con- 
tain its own current-limiting electronics. A data- 
sheet should be consulted for details. 


w® 


C—O) 


Figure 10-15. A series resistor is necessary to limit the 
current that passes through an LED. 


Current Limiting with a Transistor 
In Figure 10-16, a transistor is switching or am- 
plifying current flowing from B to C. A resistor is 
used to protect the base of the transistor from 
excessive current flowing from point A. Resistors 
are also commonly used to prevent excessive 
current from flowing between B and C. 
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Figure 10-16. A resistor is typically necessary to protect 
the base of a transistor from excessive current. 


Pullup and Pulldown Resistors 


When a mechanical switch or pushbutton is at- 
tached to the input of a logic chip or microcon- 
troller, a pul/up or pulldown resistor is used, ap- 
plying positive voltage or grounding the pin, re- 
spectively, to prevent it from “floating” in an in- 
determinate state when the switch is open. In 
Figure 10-17, the upper schematic shows a pull- 
down resistor, whereas the lower schematic 
shows a pullup resistor. A common value for ei- 
ther of them is 10K. When the pushbutton is 
pressed, its direct connection to positive voltage 
or to ground easily overwhelms the effect of the 
resistor. The choice of pullup or pulldown resistor 
may depend on the type of chip being used. 


Audio Tone Control 

A resistor-capacitor combination can limit the 
high-frequency in a simple audio tone-control 
circuit, as shown in Figure 10-18. Beneatha signal 
travelling from A to B, a resistor is placed in series 
with a capacitor that passes high frequencies to 
ground. This is known as a low-pass filter. 


RC Network 


A resistor will adjust the charge/discharge time 
when placed in series with a capacitor, as in 
Figure 10-19.When the switch closes, the resistor 
limits the rate at which the capacitor will charge 
itself from the power supply. Because a capacitor 
has an ideally infinite resistance to DC current, 
the voltage measured at point A will rise until it 
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Logic Chip 








Logic Chip 





Figure 10-17. A pulldown resistor (top) or pullup resistor 
(bottom) prevents an input pin on a logic chip or micro- 
controller from “floating” in an indeterminate state when 
the button is not being pressed. 


A) 8) 


Figure 10-18. This configuration may be used to remove 
high frequencies from an audio signal. It is known as a 
low-pass filter because low frequencies are passed from A 
to B. 
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is close to the supply voltage. This is often re- 
ferred toas an RC (resistor-capacitor) networkand 
is discussed in greater detail in the capacitor 
section of this encyclopedia. 


Figure 10-19. In an RC (resistor-capacitor) network, a re- 
sistor limits the rate of increase in potential of the capaci- 
tor, measured at A, when the switch is closed. 


Voltage Divider 

Two resistors may be used to create a voltage di- 
vider (see Figure 10-20). If V;, is the supply volt- 
age, the output voltage, Voy, measured at point 
A, is found by the formula: 


Vout = Vin * (R2 / (R1 + R2)) 


In reality, the actual value of Vout is likely to be 
affected by how heavily the output is loaded. 


If the output node has a high impedance, such 
as the input to a logic chip or comparator, it will 
be more susceptible to electrical noise, and 
lower-value resistors may be needed in the volt- 
age divider to maintaina higher current flow and 
maintain stability in the attached device. 


Resistors in Series 

If resistors in series have values R1, R2, R3...the 
total resistance, R, is found by summing the in- 
dividual resistances: 
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R1 


R2 


Figure 10-20. In a DC circuit, a pair of resistors may be 
placed in series to function as a voltage divider. The volt- 
age measured at A will be lower than the supply voltage, 
but above ground potential. 


R = R1 + R2 + R3. 


The current through each of the resistors will be 
the same, whereas the voltage across each of 
them will vary proportionately with its resist- 
ance. If the supply voltage across the series of 
resistors is VS, and the total of all the resistor val- 
ues is RT, and the resistance of one resistor is R1, 
the voltage across that resistor, V1, will be given 
by the formula: 


V1 = VS * (R1 / RT) 


Resistors in Parallel 

Where two or more resistors (R1, R2, R3...) are 
wired in parallel, their total resistance, R, is found 
from the formula: 


1/R = ( 1/R1 ) + ( 1/R2 ) +( 1/R3 )... 


Suppose that R1, R2, R3... all have the same in- 
dividual resistance, represented by RI, and the 
number of resistors is N. Their total resistance, RT, 
when wired in parallel, will be: 


RT = RI / N 





86 Encyclopedia of Electronic Components Volume 1 


power > moderation > resistor 


If each resistor has an equal resistance and also 
has an equal individual rating in watts (repre- 
sented by WI), the total wattage (WT) that they 
can handle when wired in parallel to share the 
power will be: 


WT = WI * N 


Therefore, if an application requires high- 
wattage resistors, multiple lower-wattage, 
higher-value resistors may be substituted if they 
are wired in parallel—and may even be cheaper 
than a single high-wattage wire-wound resistor. 
For example, if a 5W, 500 resistor is specified, 10 
resistors can be substituted, each rated at 0.5W 
and 5000. Bear in mind that if they are tightly 
bundled, this will interfere with heat dissipation. 


What Can Go Wrong 


Heat 


Resistors are probably the most robust of all elec- 
tronic components, with high reliability and a 
long life. It is difficult to damage a resistor by 
overheating it with a soldering iron. 





The wattage rating of a resistor does not neces- 
sarily mean that it should be used to dissipate 
that amount of power on a constant basis. Small 
resistors (1/4 watt or less) can overheat just as 
easily as big ones. Generally speaking, it is safe 
practice not to exceed 75% of a resistor’s power 
rating on a constant basis. 


Overheating is predictably more of a problem for 
power resistors, where provision must be made 
for heat dissipation. Issues such as component 
crowding should be considered when deciding 
how big a heat sink to use and how much venti- 
lation. Some power resistors may function relia- 
bly at temperatures as high as 250 degrees Cen- 
tigrade, but components near them are likely to 
be less tolerant and plastic enclosures may soft- 
en or melt. 


Noise 
The electrical noise introduced by a resistor in a 
circuit will vary according to the composition of 


What Can Go Wrong 


the resistor, but for any given component, it will 
be proportional to voltage and current. Low- 
noise circuits (such as those at the input stage of 
a high-gain amplifier) should use low-wattage 
resistors at a low voltage where possible. 


Inductance 

The coiled wire of a wire-wound resistor will be 
significantly inductive at low frequencies. This is 
known as parasitic inductance. It will also have a 
resonant frequency. This type of resistor is un- 
suitable for applications where frequency ex- 
ceeds 50KHz. 


Inaccuracy 

When using resistors with 10% tolerance, impre- 
cise values may cause greater problems in some 
applications than in others. In a voltage divider, 
for instance, if one resistor happens to be at the 
high end of its tolerance range while the other 
happens to be at the low end, the voltage ob- 
tained at the intersection of the resistors will vary 
from its expected value. Using the schematic 
shown in Figure 10-20, ifR1 is rated for 1K and R2 
is rated for 5K, and the power supply is rated at 
12VDC, the voltage at point A should be: 


V=12* (C5 / (5 + 1)) = 10 


However, if R1 has an actual value of 1.1K and R2 
has an actual value of 4.5K, the actual voltage 
obtained at point A will be: 


V=12* (( 4.5 / (4.5 + 1.1)) = 9.6 


If the resistors are at opposite ends of their re- 
spective tolerance ranges, so that R1 has an ac- 
tual value of 9000 while the lower resistor has an 
actual value of 5.5K, the actual voltage obtained 
will be: 


V=12* (( 5.5 / (5.5 + 0.9)) = 10.3 


The situation becomes worse if the two resistors 
are chosen to be of equal value, to provide half 
of the supply voltage (6 volts, in this example) at 
their intersection. If two 5K resistors are used, and 
the upper oneis actually 4.5K while the lower one 
is 5.5K, the actual voltage will be: 
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V=12* (( 5.5 / (4.5 + 5.5)) = 6.6 


Whether this variation is significant will depend 
on the particular circuit in which the voltage di- 
vider is being used. 


Common through-hole resistors may occasion- 
ally turn out to have values that are outside their 
specified tolerance range, as a result of poor 
manufacturing processes. Checking each resis- 
tor with a meter before placing it in a circuit 
should be a standard procedure. 


When measuring the voltage drop introduced by 
a resistor in an active circuit, the meter has its 
own internal resistance that will take a propor- 
tion of the current. This is known as meter load- 
ing and will result in an artificially low reading for 
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the potential difference between the ends of a 
resistor. This problem becomes significant only 
when dealing with resistors that have a high val- 
ue (such as 1M), comparable with the internal 
resistance of the meter (likely to be 10M or more). 


Wrong Values 

When resistors are sorted into small bins by the 
user, errors may be made, and different values 
may be mixed together. This is another reason for 
checking the values of components before using 
them. Identification errors may be nontrivial and 
easily overlooked: the visible difference between 
a1 megohm resistor and a 1000 resistor is just 
one thin color band. 
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Also known as a variable resistor; may be substituted for a rheostat. 


OTHER RELATED COMPONENTS 


° rotational encoder (See Chapter 8) 
° resistor (See Chapter 10) 


What It Does 


When a voltage is applied across a potentiome- 
ter, it can deliver a variable fraction of that volt- 
age. It is often used to adjust sensitivity, balance, 
input, or output, especially in audio equipment 
and sensors such as motion detectors. 





A potentiometer can also be used to insert a vari- 
able resistance in a circuit, in which case it should 
really be referred to as a variable resistor, al- 
though most people will still call it a potentiom- 
eter. 


It can be used to adjust the power supplied to a 
circuit, in which case it is properly known as a 
rheostat, although this term is becoming obso- 
lete. Massive rheostats were once used for pur- 
poses such as dimming theatrical lighting, but 
solid-state components have taken their place in 
most high-wattage applications. 


A full-size, classic-style potentiometer is shown 
in Figure 11-1. 


Schematic symbols for a potentiometer and oth- 
er associated components are shown in 
Figure 11-2, with American versions on the left 
and European versions on the right in each case. 
The symbols for a potentiometer are at the top. 
The correct symbols for a variable resistor or 
rheostat are shown at center, although a poten- 
tiometer symbol may often be used instead. A 





Figure 11-1. A generic or classic-style potentiometer, ap- 
proximately one inch in diameter. 


preset variable resistor is shown at the bottom, 
often referred to as a trimmer or Trimpot.|n these 
examples, each has an arbitrary rated resistance 
of 4,700Q. Note the European substitution of K 
for a decimal point. 
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4.7K 

—WW— 4K7 
4.7K 4K7 
4.7K 4K7 


Figure 11-2. American (left) and European (right) sym- 
bols for a potentiometer, a rheostat, and a trimmer poten- 
tiometer, reading from top to bottom. The 4.7K value was 
chosen arbitrarily. 


How It Works 


A potentiometer has three terminals. The outer 
pair connect with the opposite ends of an inter- 
nal resistive element, such as a strip of conduc- 
tive plastic, sometimes known as the track. The 
third center terminal connects internally with a 
contact known as the wiper (or rarely, the pick- 
off), which touches the strip and can be moved 
from one end of it to the other by turning a shaft 
or screw, or by moving a slider. 





If an electrical potential is applied between op- 
posite ends of the resistive element, the voltage 
“picked off” by the wiper will vary as it moves. In 
this mode, the potentiometer works asa resistive 
voltage divider. For example, ina potentiometer 
with a linear taper (see “Variants,” coming up), if 
you attach the negative side of a 12V battery to 
the right-hand end terminal and the positive side 
to the left-hand end terminal, you will find an 8V 
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potential at the center terminal when the poten- 
tiometer has rotated clockwise through one- 
third of its range. In Figure 11-3, the base of the 
shaft (shown in black) is attached to an arm 
(shown in green) that moves a wiper (orange) 
along a resistive element (brown). The voltages 
shown assume that the resistive element has a 
linear taper and will vary slightly depending on 
wire resistance and other factors. 


Because a potentiometer imposes a voltage re- 
duction, it also reduces current flowing through 
it, and therefore creates waste heat which must 
be dissipated. In an application such as an audio 
circuit, small currents and low voltages generate 
negligible heat. If a potentiometer is used for 
heavier applications, it must be appropriately 
rated to handle the wattage and must be vented 
to allow heat to disperse. 


To use a potentiometer as a variable resistor or 
rheostat, one of its end terminals may be tied to 
the center terminal. If the unused end terminal is 
left unconnected, this raises the risk of picking 
up stray voltages or “noise” in sensitive circuits. 
In Figure 11-4, a potentiometer is shown adjust- 
ing a series resistance for an LED for demonstra- 
tion purposes. More typically, a trimmer would 
be used in this kind of application, since a user is 
unlikely to need to reset it. 


Variants 





Linear and Log Taper 


If the resistive element in a potentiometer is of 
constant width and thickness, the electrical po- 
tential at the wiper will change in ratio with the 
rotation of the wiper and shaft (or with move- 
ment of a slider). This type of potentiometer is 
said to have a linear taper even though its ele- 
ment does not actually taper. 


For audio applications, because human hearing 
responds nonlinearly to sound pressure, a po- 
tentiometer that has a linear taper may seem to 
have avery slow action at one end of its scaleand 
an abrupt effect at the other. This problem used 
to be solved with a non-uniform or tapered re- 
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Figure 11-3. Inside a potentiometer. See text for details. 


sistive element. More recently, a combination of 
resistive elements has been used as a cheaper 
option. Such a potentiometer is said to have an 
audio taper or a log taper (since the resistance 
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Figure 11-4. A potentiometer can be used to adjust a ser- 
ies resistance, as shown in this schematic. Tying the wiper 
to one of the end terminals reduces the risk of picking up 
electrical noise. 


may vary as a logarithm of the angle of rotation). 
A reverse audio taper or antilog taper varies in 
the opposite direction, but this type has become 
very uncommon. 


Classic-style Potentiometer 

This consists of a sealed circular can, usually be- 
tween 0.5” and 1” in diameter, containing a re- 
sistive strip that is shaped as asegment of acircle. 
A typical example is shown in Figure 11-1, al- 
though miniaturized versions have become 
morecommon.A shaft mounted on thecan turns 
the internal wiper that presses against the strip. 
For panel-mount applications, a threaded bush- 
ing at the base of the shaft is inserted through a 
hole in the front panel of the electronics enclo- 
sure, and a nut is tightened on the bushing to 
hold the potentiometer in place. Often there is 
also a small offset index pin that, when paired 
with a corresponding front panel hole, will keep 
the pot from spinning freely. 


Many modern potentiometers are miniaturized, 
and may be packaged in a box-shaped plastic 
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enclosure rather than a circular can. Their power 
ratings are likely to be lower, but their principle 
of operation is unchanged. Two variants are 
shown in Figure 11-5. 











Figure 11-5. Two modern miniaturized potentiometers. At 
left: 5K. At right: 10K. Both are rated to dissipate up to 
50mW. 


The three terminals on the outside of a potenti- 
ometer may be solder lugs, screw terminals, or 
pins for direct mounting on a circuit board. The 
pins may be straight or angled at 90 degrees. 


The resistive element may use carbon film, plas- 
tic, cermet (a ceramic-metal mixture), or resistive 
wire wound aroundan insulator. Carbon-film po- 
tentiometers are generally the cheapest, where- 
as wire-wound potentiometers are generally the 
most expensive. 


Wire-wound potentiometers may handle more 
power than the other variants, but as the wiper 
makes a transition from one turn of the internal 
wire element to the next, the output will tend to 
change in discrete steps instead of varying more 
smoothly. 


In a potentiometer with detents, typically a 
spring-loaded lever in contact with notched in- 
ternal wheel causes the shaft to turn in discrete 
steps that create a stepped output even if the 
resistive element is continuous. 


power > moderation > potentiometer 


The shaft may be made of metal or plastic, with 
its length and width varying from one compo- 
nent to another. A control knob can be fitted to 
the end of the shaft. Some control knobs are 
push-on, others have a set screw to secure them. 
Shafts may be splined and split, or round and 
smooth, or round with a flat surface that matches 
the shape of a socket in a control knob and re- 
duces the risk of a knob becoming loose and 
turning freely. Some shafts have a slotted tip to 
enable screwdriver adjustment. 


Some shaft options for full-size potentiometers 
are shown in Figure 11-6. 





Figure 11-6. Three shaft options for potentiometers. 


Multiple-Turn Potentiometer 

To achieve greater precision, a track inside a po- 
tentiometer may be manufactured in the form of 
a helix, allowing the wiper to make multiple turns 
on its journey from one end of the track to the 
other. Such multiple-turn potentiometers typi- 
cally allow 3, 5,or 10 turns to move the wiperfrom 
end to end. Other multiple-turn potentiometers 
may use a screw thread that advances a wiper 
along a linear or circular track. The latter is com- 
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parable with a trimmer where multiple turns of 
a screwdriver are used to rotate a worm gear that 
rotates a wiper between opposite ends of a cir- 
cular track. 


Ganged Potentiometer 

Two (or rarely, more) potentiometers can be 
stacked or combined so that their resistive ele- 
ments and wipers share the same shaft but can 
use different voltages or have different taper. 
Each resistance-wiper assembly is known as a 
cup, and the potentiometers are said to be 
ganged. 


Flat ganged potentiometers combine two resis- 
tive elements in one enclosure. Some dual 
ganged potentiometers are concentric, meaning 
that the pots are controlled separately by two 
shafts, one inside the other. Suitable concentric 
knobs must be used. You are unlikely to find 
these potentiometers sold as components in 
limited quantities. 


Switched Potentiometer 

In this variant, when the shaft is turned clockwise 
from an initial position that is fully counter- 
clockwise, it flips an internal switch connected to 
external terminals. This can be used to power-up 
associated components (for example, an audio 
amplifier). Alternatively, a switch inside a poten- 
tiometer may be configured so thatit is activated 
by pulling or pushing the shaft. 


Slider Potentiometer 

Also known as a slide potentiometer. This uses a 
straight resistive strip and a wiper that is moved 
to and fro linearly by a tab or lug fitted with a 
plastic knob or finger-grip. Sliders are still found 
on some audio equipment. The principle of op- 
eration, and the number of terminals, are identi- 
cal to the classic-style potentiometer. Sliders typ- 
ically have solder tabs or PC pins. In Figure 11-7, 
the large one is about 3.5” long, designed for 
mounting behind a panel that has a slot to allow 
the sliding lug to poke through. Threaded holes 
at either end will accept screws to fix the slider 
behind the panel. A removable plastic finger-grip 
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(sold separately, in a variety of styles) has been 
pushed into place. Solder tabs underneath the 
slider are hidden in this photo. The smaller slider 
is designed for through-hole mounting on a cir- 
cuit board. 





Figure 11-7. Slider potentiometers. 


Trimmer Potentiometer 


Often referred to as Trimpots, this is actually a 
proprietary brand name of Bourns. They are usu- 
ally mounted directly on circuit boards to allow 
fine adjustment or trimming during manufac- 
turing and testing to compensate for variations 
in other components. Trimmers may be single- 
turn or multi-turn, the latter containing a worm 
gear that engages with another gear to which 
the wiper is attached. Trimmers always have lin- 
ear taper. They may be designed for screwdriver 
adjustment or may have a small knurled shaft, a 
thumb wheel, or a knob. They are not usually ac- 
cessible by the end user of the equipment, and 
their setting may be sealed or fixed when the 
equipment is assembled. In Figure 11-8, the 
beige Spectrol trimmer is a single-turn design, 
whereas the blue trimmer is multi-turn. A worm 
gear inside the package, beneath the screw 
head, engages with an interior gear wheel that 
rotates the wiper. 


In Figure 11-9, a 2K trimmer potentiometer has a 
knurled dial attached to allow easy finger adjust- 
ment, although the dial also contains a slot for a 
flat-blade screwdriver. 
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Figure 11-8. Like most trimmers, these are designed for 
through-hole mounting on a circuit board. 














Figure 11-9. A trimmer potentiometer with a knurled dial 
to facilitate finger adjustment. 


How to Use it 





The classic-style potentiometer was once used 
universally to control volume, bass, and treble on 
audio equipment but has been replaced increas- 
ingly by digital input devices such as tactile 
switches (see “Tactile Switch” (page 34)) or ro- 
tational encoders (see Chapter 8), which are 
more reliable and may be cheaper, especially 
when assembly costs are considered. 
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Potentiometers are widely used in lamp dimmers 
and on cooking stoves (see Figure 11-10). In 
these applications, a solid-state switching device 
such as a triac (described in Volume 2) does the 
actual work of moderating the power to the lamp 
or the stove by interrupting it very rapidly. The 
potentiometer adjusts the duty cycle of the pow- 
er interruptions. This system wastes far less pow- 
er than if the potentiometer controlled the light- 
ing or heating element directly as a rheostat. 
Since less power is involved, the potentiometer 
can be small and cheap, and will not generate 
significant heat. 


Figure 11-10. Typical usage of a potentiometer in conjunc- 
tion with a diac, triac, and capacitor to control the bright- 
ness of an incandescent bulb, using an AC power supply. 
Diacs and triacs are discussed in Volume 2. 


Because true logarithmic potentiometers have 
become decreasingly common, a linear potenti- 
ometer in conjunction with a fixed resistor can 
be used as a substitute, to control audio input. 
See Figure 11-11. 
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100K 


22K 


Figure 11-11. /n this circuit, a 100K linear potentiometer is 
used in conjunction with a 22K resistor to create an ap- 
proximately logarithmic volume control for an audio sys- 
tem with input coming from a mono jack socket at left. 


A potentiometer may be used to match a sensor 
or analog input device to an analog-digital con- 
verter, or it can calibrate a device such as a tem- 
perature or motion sensor. 


What Can Go Wrong 





Wear and Tear 

Since classic-style potentiometers are electro- 
mechanical devices, their performance will de- 
teriorate as one part rubs against another. The 
long open slot of a slider potentiometer makes it 
especially vulnerable to contamination with dirt, 
water, or grease. Contact-cleaner solvent, 
lubricant-carrying sprays, or pressurized “duster” 
gas may be squirted into a potentiometer to try 
to extend its life. Carbon-film potentiometers are 
the least durable and in audio applications will 
eventually create a “scratchy” sound when they 
are turned, as the resistive element deteriorates. 


If the wiper deteriorates to the point where it no 
longer makes electrical contact with the track, 
and if the potentiometer is being used as a vari- 
able resistor, two failure modes are possible, 
shown in Figure 11-12. Clearly the right-hand 
schematic is a better outcome. This is an argu- 
ment for always tying the wiper to the “unused” 
end of the track. 


If you are designing a circuit board that will go 
through a production process, temperature var- 
iations during wave soldering, and subsequent 
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» 
| Zero volts 


output 


Better 
than Zero 


Figure 11-12. /f the wiper of a potentiometer breaks (indi- 
cated by the loose arrow head) as a result of wear and 
tear, and the potentiometer is being used as a variable re- 
sistor, the voltage from it will drop to zero (top schematic) 
unless the wiper has been tied to one end of the track 
(bottom schematic). 


washing to remove flux residues, create hostile 
conditions for potentiometers, especially sliders 
where the internal parts are easily contaminated. 
It will be safer to hand-mount potentiometers 
after the automated process. 


Knobs that Don’t Fit 


Control knobs are almost always sold separately 
from potentiometers. Make sure the shaft of the 
potentiometer (which may be round, round- 
with-flat, or knurled) matches the knob of your 
choice. Note that some shaft diameters are ex- 
pressed in inches, while others are metric. 


Nuts that Get Lost 


For panel-mounted potentiometers, a nut that 
fits the thread on the bushing is almost always 
included with the potentiometer; an additional 
nut and lock washer may also be supplied. Be- 
cause there is no standardization of threads on 
potentiometers, if you lose a nut, you may have 
some difficulty finding an exact replacement. 
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A Shaft that Isn’t Long Enough 


When choosing a shaft length, if in doubt, buy a 
potentiometer with a long shaft that you can cut 
to the desired length. 


Sliders with No Finger Grip 

Slider potentiometers are often sold without a 
knob or plastic finger-grip, which must be or- 
dered separately and may be available in differ- 
ent styles. The finger-grip usually push-fits onto 
the metal or plastic tab or lug that moves the 
slider to and fro. 


Too Big to Fit 

Check the manufacturer's datasheet if you need 
to know the physical size of the potentiometer. 
Photographs may be misleading, as a traditional- 
style potentiometer that is 0.5” in diameter looks 
muchthesameas one that is 1” in diameter. High- 
wattage potentiometers will be more costly and 
physically large (2 to 3 inches in diameter). See 
Figure 11-13. 


Overheating 

Be sure to leave sufficient air space around a 
high-wattage potentiometer. Carefully calculate 
the maximum voltage drop and current that you 
may be using, and choose a component that is 
appropriately rated. Note that if you use the po- 
tentiometer as a rheostat, it will have to handle 
more current when its wiper moves to reduce its 
resistance. For example, if 12VDC are applied 
through a 10-ohm rheostat to a component that 
has a resistance of 20 ohms, current in the circuit 
will vary from 0.4 amps to 0.6 amps depending 
on the position of the rheostat. At its maximum 
setting, the rheostat will impose a 4V voltage 
drop and will therefore dissipate 1.6 watts from 
the full length of its resistive element. If the rheo- 
stat is reset to impose only a 4-ohm resistance, 
the voltage drop that it imposes will be 2V, the 
current in the circuit will be 0.5 amps, and the 
rheostat will therefore dissipate 1 watt from 
4/10ths of the length of its resistive element. A 
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wire-wound potentiometer will be better able to 
handle high dissipation from a short segment of 
its element than other types of rheostat. Add a 
fixed resistor in series with a rheostat if necessary 
to impose a limit on the current. 





Figure 11-13. The large potentiometer is approximately 3” 
in diameter, rated at 5 ohms, and able to handle more 
than 4 amps. The small potentiometer is 5/8" diameter, 
rated at 2K and 1/4 watt, with pins designed for through- 
hole insertion in a circuit board, and a grooved shaft that 
accepts a push-on knob. Despite the disparity in size, the 
principle of operation and the basic features are identical. 


When using a trimmer potentiometer, limit the 
current through the wiper to 100mA as an abso- 
lute maximum value. 


The Wrong Taper 

When buying a potentiometer, remember to 
check the specification to find out whether it has 
linear or audio/log taper. If necessary, attach a 
meter, with the potentiometer set to its center 
position, to verify which kind of taper you have. 
While holding the meter probes in place, rotate 
the potentiometer shaft to determine which way 
an audio/log taper is oriented. 
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Quite often referred to as a cap. Formerly known (primarily in the United Kingdom) as a 


condenser, but that term has become obsolete. 
OTHER RELATED COMPONENTS 


¢ variable capacitor (See Chapter 13) 
« battery (See Chapter 2) 


What It Does 


A capacitor connected across a DC power source 
will accumulate a charge, which then persists af- 
ter the source is disconnected. In this way, the 
capacitor stores (and can then discharge) energy 
like a small rechargeable battery. The charge/ 
discharge rate is extremely fast but can be limited 
by a series resistor, which enables the capacitor 
to be used as a timing component in many elec- 
tronic circuits. 





A capacitor can also be used to block DC current 
while it passes pulses, or electrical “noise,” or al- 
ternating current, or audio signals, or other wave 
forms. This capability enables it to smooth the 
output voltage provided by power supplies; to 
remove spikes from signals that would otherwise 
tend to cause spurious triggering of components 
in digital circuits; to adjust the frequency re- 
sponse of an audio circuit; or to couple separate 
components or circuit elements that must be 
protected from transmission of DC current. 


Schematic symbols for capacitors are shown in 
Figure 12-1, At top-left is a nonpolarized capaci- 
tor, while the other two indicate that a polarized 
capacitor must be used, and must be oriented as 
shown. The variant at the bottom is most com- 
monly used in Europe. Confusingly, the nonpo- 
larized symbol may also be used to identify a po- 


larized capacitor, if a + sign is added. The polar- 
ized symbols are sometimes printed without + 
signs, but the symbols still indicate that polarity 
must be observed. 


4b 4¢ 
“IF 


Figure 12-1. Schematic symbols for polarized and nonpo- 
larized capacitors. See text for details. 


How It Works 


In its simplest form, a capacitor consists of two 
plates, each with a lead attached to it for con- 
nection with a DC power source. The plates are 
separated by athin, insulating layer known as the 
dielectric, which is usually a solid or a paste but 
may be liquid, gel, gaseous, or vacuum. 
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How It Works 


The plates in most capacitors are made from thin 
metal film or metallized plastic film. To minimize 
the size of the component, the film may be rolled 
up to form a compact cylindrical package, or 
multiple flat sections may be interleaved. 


Electrons from the power source will migrate on- 
to the plate attached to the negative side of the 
source, and will tend to repel electrons from the 
other plate. This may be thought of as creating 
electron holes in the other plate or as attracting 
positive charges, as shown in Figure 12-2. When 
the capacitor is disconnected from the power 
source, the opposite charges on its plates will 
persist in equilibrium as a result of their mutual 
attraction, although the voltage will gradually 
dissipate as a result of leakage, either through the 
dielectric or via other pathways. 


Dielectric 


v 





Figure 12-2. Because the plates of a capacitor are electri- 
cally conductive, they will become populated with positive 
and negative charges when connected with a DC power 
source. As opposite charges attract each other, they will 
tend to congregate on either side of the dielectric, which 
is an insulating layer. The battery symbol is shown here 
colored for clarity. 


When a resistor is placed across the leads of a 
charged capacitor, the capacitor will discharge 
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itself through the resistor at a rate limited by the 
resistance. Conversely, if a capacitor is charged 
througha resistor, the resistor will limit the charg- 
ing rate. 


A resistor in series with a capacitor is known as 
an RC network (Resistor-Capacitor network). In 
Figure 12-3, an RC circuit is shown with a SPDT 
switch that charges or discharges the capacitor 
via a series resistor. The voltage at point A in- 
creases nonlinearly (relative to the negative side 
of the power supply) while the capacitor is charg- 
ing, and decreases nonlinearly while the capaci- 
tor is discharging, as suggested by the graphs. At 
any moment, the time that the capacitor takes to 
acquire 63% of the difference between its current 
charge and the voltage being supplied to it is 
known as the time constant for the circuit. See 
“The Time Constant” (page 105) for additional in- 
formation. 


When acapacitor is connected across an AC volt- 
age source, each surge of electrons to one plate 
induces an equal and opposite positive surge to 
the other plate, and when polarity of the power 
supply reverses, the charges on the plates switch 
places. These surges may make it seem that the 
capacitor is conducting AC current, even though 
the dielectric that separates the plates is an in- 
sulator. See Figure 12-4. Often a capacitor is said 
to “pass” AC, even though this is not really hap- 
pening. For convenience, and because the con- 
cept is widely established, this encyclopedia 
refers to capacitors as “passing” AC. 


Depending on the size of the capacitor, it will 
block some AC frequencies while passing others. 
Generally speaking, a smaller capacitor will pass 
high frequencies relatively efficiently, as each lit- 
tle surge of current fills each plate. However, the 
situation is complicated by the inductive reac- 
tance (which creates the effective series resist- 
ance) of a capacitor, as discussed below. See “Al- 
ternating Current and Capacitive Reactance” 
(page 106). 
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Figure 12-3. An RC (Resistor-Capacitor) network with a 
switch to control charge and discharge of a capacitor. At 
top, the curve gives an approximate idea of the charging 


behavior of the capacitor. At bottom, the curve illustrates 
its discharging behavior. 


Variants 





Format 


The three most common packages for capacitors 
are cylindrical, disc, and rectangular tablet. 


Acylindrical capacitor may have axial leads (a wire 
attached to each end) or radial leads (both wires 
emerging from one end). Radial capacitors are 





Variants 


> * 

« * 
Figure 12-4. In the left diagram, a source of alternating 
current charges the upper plate of a capacitor positively 
and the lower plate negatively. This process entails a flow 
of conventional current shown by the arrows. A moment 
later, when the AC current flow reverses, the flow also re- 


verses, creating the impression that the capacitor “pass- 
es" AC current. 


more widely used as they allow easy insertion 
into a circuit board. The capacitor is usually pack- 
aged in asmall aluminum can, closed at one end, 
capped with an insulating disc at the other end, 
and wrapped in a thin layer of insulating plastic. 
Some samples are shown in Figure 12-5 and 
Figure 12-6. 
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Figure 12-5. Cylindrical capacitors with radial leads. All 
are electrolytic. 
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Figure 12-6. Cylindrical capacitors with radial leads (top 
and bottom) and axial leads (center). All are electrolytic. 


A disc capacitor (sometimes referred to as a but- 
ton capacitor) is usually encased in an insulating 
ceramiccompound, and has radial leads. Modern 
small-value ceramic capacitors are more likely to 
be dipped in epoxy, or to be square tablets. Some 
samples are shown in Figure 12-7. 





Figure 12-7. Generic ceramic capacitors. Left: rated for 
O.1uF at 50V. Center: IuF at 50V. Right: luF at 50V. 
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A surface-mount capacitor is square or rectangu- 
lar, usually a few millimeters in each dimension, 
with two conductive pads or contacts at oppo- 
site ends. It appears almostidentical to a surface- 
mount resistor. Larger-value capacitors are inevi- 
tably bigger but can still be designed for surface- 
mount applications. See Figure 12-8. 





Figure 12-8. Most surface-mount capacitors are as tiny 
as other surface-mount components, but this 4,700UF 
electrolytic (at 10V) has a base approximately 0.6" 
square. A solder tab is visible at the center of the nearest 
edge. 


Many capacitors are nonpolarized, meaning that 
they are insensitive to polarity. However, elec- 
trolytic and tantalum capacitors must be con- 
nected “the right way around” to any DC voltage 
source. If one lead is longer than the other, it must 
be the “more positive” lead. A mark or band at 
one end of the capacitor indicates the “more 
negative” end. Tantalum capacitors are likely to 
indicate the positive lead by using a+signon the 
body of the component. 


An arrow printed on the side of a capacitor usu- 
ally points to the “more negative” terminal. In an 
aluminum can with axial leads, the lead at one 
end will have an insulating disc around it while 
the other lead will be integral with the rounded 
endofthecan. The wire at the insulated end must 
be “more positive” than the wire at the other end. 
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Acapacitorarray contains two or more capacitors 
that are isolated from each other internally and 
accessed by external contacts. They are sold in 
surface-mount format and also in through-hole 
chips of DIP (dual-inline package) or SIP (single- 
inline package) format. The internal components 
may be connected in one of three configurations: 
isolated, common-bus, or dual-ended common 
bus. Technically the isolated configuration 
should be referred to as a capacitor array, but in 
practice, all three configurations are usually re- 
ferred to as capacitor networks. See Figure 12-9 
and Figure 12-10. 





Figure 12-9. A capacitor network most often consists of a 
single-inline package (SIP) chip containing multiple ca- 
pacitors in one of three configurations shown here. Top: 
Isolated. Center: Common bus. Bottom: Dual-ended com- 
mon bus. Individual capacitor values ranging from 
O.001pF to O.luF are common. 


Capacitor networks can reduce the component 
count in circuits where digital logic chips require 
bypass capacitors. They are comparable in con- 
cept to resistor arrays. 


Variants 





Figure 12-10. A capacitor array in through-hole, SIP for- 
mat. 


Chips containing RC circuits (multiple resistor- 
capacitor pairs) are available, although uncom- 
mon. 


Principal Types 

Electrolytic capacitors are relatively cheap, com- 
pact, and available in large values. These at- 
tributes have made them a popular choice in 
consumer electronics, especially for power sup- 
plies. The capacitive capability of an electrolytic 
is refreshed by periodic application of voltage. A 
moist paste inside the capacitor is intended to 
improve the dielectric performance when volt- 
age is applied, but can dry out during a period of 
years. lf an electrolytic is stored for 10 years or so, 
it may allow a short circuit between its leads 
when power is applied to it. The capacitors in 
Figure 12-5 and Figure 12-6 are all electrolytic. 
The capacitor in Figure 12-11 is at the high end 
of the scale. 


A bipolar electrolytic is a single package contain- 
ing two electrolytic capacitors in series, end-to- 
end, with opposed polarities, so that the combi- 
nation can be used where the voltage of a signal 
fluctuates above and below OVDC. See 
Figure 12-12 and Figure 12-13. This type of com- 
ponent is likely to have “BP” (bipolar) or “NP” 
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Figure 12-11. This 13,000uF electrolytic capacitor is larg- 
er than would be required in most everyday applications. 


(nonpolarized) printed on its shell. It may be used 
in audio circuits where polarized capacitors are 
normally unsuitable, and is likely to be cheaper 
than non-electrolytic alternatives. However, it 
suffers from the same weaknesses as all electro- 
lytics. 


Tantalum capacitors are compact but relatively 
expensive, and can be vulnerable to voltage 
spikes. They are sensitive to application of the 
wrong polarity. Typically they are epoxy-dipped 
rather than mounted inside a small aluminum 
can like electrolytics, and consequently the elec- 
trolyte may be less likely to evaporate and dry 
out. In Figure 12-14, two tantalum capacitors 
(rated 330uF at 6.3V, left, and 100uF at 20V, right) 
are shown abovea polyester film capacitor (rated 
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Figure 12-12. Schematic view of the internal configura- 
tion of a bipolar electrolytic capacitor, also known as non- 
polarized electrolytic capacitor. It consists of two electro- 
lytics in series, with opposing polarities. 





Figure 12-13. Bipolar electrolytic capacitors. The larger 
size of the one at top-left is a consequence of its higher 
voltage rating. “BP” on the other two capacitors is an ac- 
ronym for “bipolar,” meaning that they have no polarity, 
even though one lead may be shorter than the other. 


10uF at 100V). Surface-mount tantalum capaci- 
tors are decreasing in popularity as large-value 
ceramic capacitors are becoming available, with 
smaller dimensions and lower equivalent series 
resistance. 


Plastic-film capacitors are discussed in the fol- 
lowing section. 


Single-layer ceramic capacitors are often used for 
bypass, and are suitable for high-frequency or 
audio applications. Their value is not very stable 
with temperature, although the “NPO” variants 
are more stable. Multilayer ceramic capacitors 
are more compact than single-layer ceramic, and 
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Figure 12-14. Two tantalum capacitors are shown above a 
polyester film capacitor. The polarity of the tantalum ca- 
pacitors is indicated by the plus signs adjacent to the 
longer lead, in each case. The polyester capacitor is non- 
polarized. 


consequently are becoming increasingly popu- 
lar. Three multilayer ceramic capacitors are 
shown in Figure 12-15. At bottom-right, even the 
largest (rated at 47uF at 16V) is only 0.2” square. 





Figure 12-15. Multilayer ceramic capacitors are extremely 
compact, and are nonpolarized. Top: 1,000pF (i.e. InF) at 
100V. Bottom left: IuF at 25V. Bottom right: 47uF at 16V. 





Variants 


Dielectrics 


The dielectric used in a capacitor most often con- 
sists of an electrolytic layer, a ceramic compound, 
a plastic film (polycarbonate, polypropylene, or 
polystyrene), or paper. 


An electrolytic layer in an electrolytic capacitor 
traditionally consists of paper soaked in an elec- 
trolyte. It is interleaved with a thin film of alumi- 
num on which is deposited a layer of aluminum 
oxide. The layers are rolled up to create a cylin- 
drical component. The functioning dielectric is 
created when voltage is applied. 


Polyester 

This is the most common type of plastic film, 
with the highest dielectric constant, ena- 
bling highest capacitance per unit volume. 
Widely used in DC applications, but the rol- 
led layers create parasitic inductance. Often 
used in decoupling, coupling, and bypass, 
but not so suitable for situations requiring 
stability and low leakage. May not be suit- 
able for high current. 


Polycarbonate 
Thermally very stable, often specified for fil- 
ters and timing circuits that require a fixed 
frequency. An excellent type of capacitor, 
compatible for mil-spec applications, but ex- 
pensive. 


Mylar, Polyester, and other plastic-film types are 
often used in audio circuits, where their voltage 
limitation (typically less than 100VDC) is not a 
problem, and their nonpolarized attribute is an 
advantage. 


Polypropylene 
Vulnerable to heat (a maximum of 85 de- 
grees Centigrade is common), and less ther- 
mally stable than polycarbonate. A very low 
power dissipation factor allows it to handle 
higher power at higher frequencies. Avail- 
able with tolerances down to 1%. These ca- 
pacitors are a popular choice in crossover 
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networks for loudspeaker combinations, 
and are used in switching power supplies. 
They tend to be physically larger than other 
capacitors using film dielectric. 


Values 





Farads 


The electrical storage capacity of a capacitor is 
measured in farads, universally represented by 
the letter F. A capacitor that can be charged with 
a potential difference between its plates of 1 volt, 
in a time of 1 second, during which it draws 1 
amp, has a capacitance of 1 farad. 


Because the farad is a large unit, capacitors in 
electronic circuits almost always have fractional 
values: microfarads (uF), nanofarads (nF), and pi- 
cofarads (pF). The Greek letter u (mu) should be 
used in the uF abbreviation, but a lowercase let- 
teruis often substituted. Thus, for example, 10uF 
means the same as 10uF. 


1F = 1,000,000uF, and 1pF = 1,000,000pF. There- 
fore, 1 farad is equivalent to 1 trillion picofarads 
—a very wide range of possible values. See 
Figure 12-16 and Figure 12-17 for charts showing 
equivalent values in different units. 


a 0.001 0.000001 
10 0.04 0.00001 
100 0.4 0.0001 
1,000 ek 0.001 
10,000 10 0.01 
100,000 100 0.4 
1,000,000 1,000 1 


Figure 12-16. Equivalent values for picofards, nanofarads, 
and microfarads. The nF unit is used primarily in Europe. 
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1 0.000001 
10 0.00001 
100 0.0001 
1,000 0.001 
10,000 0.01 


100,000 0.1 


1,000,000 us 


Figure 12-17. Equivalent values for microfarads and far- 
ads. Because the farad is such a large unit, electronic cir- 
cuits almost always use fractional values. 


The nF unit is more common in Europe than in 
the United States. A 1nF capacitance is often ex- 
pressedin the US as 0.001 UF or 1,000pF. Similarly, 
a 10nF capacitance is almost always expressed as 
a 0.01uF, and a 0.1nF capacitance is more likely 
to be expressed as 100pF. 


European schematics may use value-symbols as 
a substitute for decimal points. For example, a 
4.7pF capacitor may be shown as 4p7, a 6.8nF 
capacitor may be shown as 6n8, and a 3.3uF ca- 
pacitor may be shown as 3y3. 


Commonly Used Values 


The traditional range of capacitor values was es- 
tablished on the same basis as the traditional 
range of resistor values, by assuming an accuracy 
of plus-or-minus 20% and choosing factors that 
would minimize the possible overlap between 
adjacent tolerance ranges. The factors 1.0, 1.5, 
2.2, 3.3, 4.7, 6.8, and 10 satisfy this requirement. 
See Chapter 10 for a more detailed explanation, 
including a graphical representation of values 
and overlaps in Figure 10-8. While many resistors 
are now manufactured with high precision, 20% 
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tolerance is still common for electrolytic capaci- 
tors. Other types of capacitors are available with 
an accuracy of 10% or 5%, but are more expen- 
sive. 


While large-value capacitors are likely to have 
their actual value printed on them, smaller ca- 
pacitors are identified by a variety of different 
codes. These codes are not standardized among 
manufacturers, and exist in various colors and 
abbreviations. A multimeter that can measure 
capacitance is a quicker, easier, and more reliable 
method of determining the value of a compo- 
nent than trying to interpret the codes. 


In addition to capacitance, a large capacitor is 
likely to have its working voltage printed on it. 
Exceeding this value increases the risk of dam- 
aging the dielectric. In the case of electrolytic ca- 
pacitors, a voltage that is much lower than the 
rated value should also be avoided, because 
these capacitors require an electrical potential to 
maintain their performance. 


In common electronics applications, values larg- 
er than 4,700uF or smaller than 10pF are unusual. 


Electrolytics are available at a moderate price in 
a wider range of values than other commonly 
used capacitors. They range from 1pF to 4,700uUF 
and sometimes beyond. Working voltages typi- 
cally range from 6.3VDC to 100VDC, but can be 
as high as 450VDC. 


Tantalum capacitors are usually unavailable in 
sizes above 150uF or for voltages above 35VDC. 


Single-layer ceramic capacitors have small val- 
ues ranging from 0.01pF to 0.22uF, with working 
voltages usually not exceeding 50VDC, although 
very small-value capacitors may be rated much 
higher for special applications. Poor tolerances 
of +80% to -20% are common. 


Some variants of multi-layer ceramic capacitors 
are capable of storing up to 47uF, although 10uF 
is amore common upper limit. They are seldom 
rated above 100VDC. Some are accurate to plus- 
or-minus 5%. 


Values 


Dielectric Constant 

If A is the area of each plate in a capacitor (meas- 
ured in square centimeters), and T is the thick- 
ness of the dielectric (measured in centimeters), 
and K is the dielectric constant of the capacitor, 
the capacitance, C (measured in farads) will be 
obtained from the formula: 


C = (0.0885 * K * A) / T 


The dielectric constant of airis 1. Other dielectrics 
have different standard values. Polyethylene, for 
instance, has a constant of approximately 2.3. 
Thus a capacitor of 1 square centimeter plate 
area and polyethylene dielectric 0.01 centime- 
ters thick would have a capacitance of about 
20pF. A tantalum capacitor of equal plate area 
and dielectric thickness would have capacitance 
closer to 100pF, since the dielectric constant of 
tantalum oxide is much higher than that of poly- 
ethylene. 


The Time Constant 


When a capacitor is charged in series through a 
resistor (it is used in an RC network), and it begins 
with no charge on its plates, the time constant is 
the time, in seconds, required to charge the ca- 
pacitor to 63% of the supply voltage. After an 
additional, identical interval of time, the capaci- 
tor will acquire 63% of the remaining difference 
between itself and the power supply. In theory 
the capacitor gets closer and closer to a full 
charge, but never quite reaches 100%. However, 
five time constants are sufficient forthe capacitor 
to reach 99%, which is regarded as close enough 
to being fully charged for all practical purposes. 


Refer to Figure 12-3 for a schematic of an RC net- 
work. 


The time constant is a simple function of the re- 
sistance and the capacitance. If R is the value of 
the resistor (in ohms), and C is the value of the 
capacitor (in farads), the time constant, TC, will 
be obtained by the formula: 


dWe=eR*C 
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If we multiply the R value by 1,000 while dividing 
the C value by 1,000, the time constant remains 
the same, and we can use the more convenient 
values of kilohms for the resistance and uF for the 
capacitance. In other words, the formula tells us 
that a 1K resistor in series with a 1,000UF capac- 
itor has a time constant of 1 second. 


The formula suggests that if the value of R di- 
minishes to zero, the capacitor will charge in- 
stantly. In reality, the charging time will be rapid 
but finite, limited by factors such as the electrical 
resistance of the materials used. 


Multiple Capacitors 

When two or more capacitors are wired in paral- 
lel, their total capacitance is the sum of their sep- 
arate capacitances. When two or more capacitors 
are wired in series, the relationship between their 
total capacitance © and their individual capaci- 
tances (C1, C2, C3...) is given by this formula: 


1 /C = (1/C1) + (1/C2) + (1/C3). . . 


The formula to calculate the total capacitance of 
capacitors connected in series resembles the one 
used to calculate the total resistance of resistors 
connected in parallel. See Chapter 10. 


Alternating Current and Capacitive 
Reactance 

The apparent resistance of a capacitor to AC is 
properly known as capacitive reactance. In the 
following formula, capacitive reactance (Xc, in 
ohms) is derived as a function of capacitance (C, 
in farads) and AC frequency (f, measured in 
hertz): 


Xo= 1 / (2*n* f *C) 


The formula shows that when frequency be- 
comes zero, capacitive reactance becomes infin- 
ite; in other words, a capacitor has theoretically 
infinite resistance when DC current tries to flow 
through it. In reality, a dielectric has a finite re- 
sistance, and thus always allows some leakage. 


The formula also shows that capacitive reactance 
diminishes when the size of the capacitor increa- 
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ses and/or the frequency being applied to it in- 
creases. From this it appears that an AC signal will 
be attenuated less at higher frequencies, espe- 
cially if we use a small capacitor. However, a real- 
world capacitor also exhibits some degree of in- 
ductive reactance. This value will depend on its 
configuration (cylindrical vs. multiple flat plates), 
its physical length, the materials from which it is 
fabricated, the lengths of its leads, and other fac- 
tors. Inductive reactance tends to increase with 
frequency, and since capacitive reactance tends 
to decrease with frequency, at some point the 
curves for the two functions intersect. This point 
represents the capacitor’s se/f-resonant frequen- 
cy, whichis often referred to simplyas its resonant 
frequency. See Figure 12-18. 


Resonant Frequency 





Effective Series Resistance (log scale) 
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Frequency (log scale) 


Figure 12-18. As an AC current applied to a capacitor in- 
creases in frequency, the capacitive reactance of the com- 
ponent decreases, while its inductive reactance increases. 
The resonant frequency of the capacitor is found where 
the two functions intersect. 


Equivalent Series Resistance 

A theoretically ideal capacitor would be purely 
reactive, without any resistance. In reality, capac- 
itors are notideal, and they have equivalent series 
resistance, or ESR. This is defined as the resistor 
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that you would have to place in series with an 
ideal version of the capacitor, so that the combi- 
nation would behave like the real version of the 
capacitor on its own. 


If X, is the reactance of the capacitor, then its Q 
factor (which means its quality factor) is given by 
the simple formula: 


Q =X. / ESR 


Thus, the quality factor is higher if the ESR is rel- 
atively low. However, the reactance of the capac- 
itor will vary significantly with frequency, and 
this simple formula is only an approximate guide. 


The Q-factor for capacitors should not be con- 
fused with the Q-factor for inductors, which is 
calculated quite differently. 


How to Use it 





The figures illustrate some simplified schematics 
for common applications. 


Bypass Capacitor 

In Figure 12-19, a low-value capacitor (often 
0.1yF) is placed near the power input pin of a 
sensitive digital chip to divert high-frequency 
spikes or noise to negative ground. This bypass 
capacitor may also be described as a decoupling 
capacitor. 





Figure 12-19. A bypass capacitor (typically O.luF) config- 
ured to protect an integrated circuit logic chip from volt- 
age spikes and noise in the power supply. 


How to Use it 


Coupling Capacitor 

In Figure 12-20, a 1pF coupling capacitor trans- 
mits a pulse from one section of a circuit to an- 
other, while blocking the DC voltage. Some re- 
shaping of the waveform may occur. 


Pulse Input 
0 volts 


Signal —{|— 


Ground 





Pulse Output 


0 volts 


Figure 12-20. A coupling capacitor (typically around luF) 
preserves DC isolation of one section of a circuit from an- 
other, while allowing a pulse to be transmitted. 


High-Pass Filter 

In Figure 12-21, a 0.1yF capacitor blocks the low- 
frequency component of a complex waveform 
and transmits only the higher frequency that was 
superimposed on the low frequency. 


Low-Pass Filter 

In Figure 12-22, a0.1pF decoupling capacitor di- 
verts the higher frequency component of a com- 
plex waveform to negative ground, allowing only 
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Mixed 
Frequency Input 


0 volts 


Signal —| 


Ground 
Ovolts PARRA RR RA 
Filtered 
Output 


Figure 12-21. A small capacitor (typically O.luF) can be 
used to create a high-pass filter, passing high frequencies 
while blocking low frequencies. 


the lower frequency to be preserved. A lower- 
value capacitor (such as 0.001 pF) will bleed away 
high-frequency noise from an AM radio source 
without affecting audio frequencies. 


Smoothing Capacitor 

In Figure 12-23, a 100uF capacitor charges and 
discharges to smooth an AC signal after a diode 
has removed the negative portion. 


Snubber 


In Figure 12-24, an RC network (inside a white 
dashed line) is known as a snubber when used to 
protect a switch from the problem of arcing (pro- 
nounced “arking”)—that is, a sustained spark 
that can quickly erode the switch contacts. Arc- 
ing may occur in switches, pushbuttons, or relays 
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Mixed 
Frequency Input 


0 volts —————____—_ 
Signal a 


Ground 


Filtered 
Output 


SS 


Figure 12-22. A small capacitor (typically O.1uF) in this 
configuration routes high frequencies to negative ground, 
filtering them out of an analog signal. 


0 volts 


that control an inductive load, such as a large 
motor. This problem can become significant at 
high DC currents (10A or more) or relatively high 
AC or DC voltages (100V or more). 


When the switch is opened, the magnetic field 
that has been sustained by the inductive load 
collapses, causing a surge of current, or forward 
EMF. The capacitor in the snubber absorbs this 
surge, thus protecting the switch contacts. When 
the switch is closed again, the capacitor dis- 
charges itself, but the resistor limits the outrush 
of current—again, protecting the switch. 


A snubber placed around the switch in a DC cir- 
cuit could typically use a 0.1pF capacitor (poly- 
propylene or polyester) rated for 125VAC/ 
200VDC, and a 100-ohm carbon resistor rated 0.5 
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AC Input 


an 


Signal 


Ground 


0 volts 


Smoothed DC 
Output 


Figure 12-23. A capacitor of 1OOuF or more smooths the 
upper half of an AC signal that has passed through a di- 
ode. The capacitor charges during each positive pulse and 
discharges to “fill the gaps” between them. 


watt or higher. Prepackaged snubbers contain- 
ing appropriate capacitor-resistor pairs are avail- 
able from some parts suppliers, primarily for in- 
dustrial use. 


In an AC circuit, a snubber can be placed around 
the inductive load itself. Although a diode is 
often used this way in a DC circuit, it cannot be 
used with AC. 


Although solid-state switching devices such as a 
solid state relay contain no mechanical con- 
tacts, they may still be damaged by substantial 
pulses of back-EMF, and can be protected by a 
snubber where they are controlling inductive 
loads that take 10A or more at 100V or more. 


What Can Go Wrong 


Figure 12-24. An RC network (outlined with a white dash- 
ed line) protects a switch that controls a high inductive 
load. Used in this way, the RC network is known as a snub- 
ber. 


Capacitor as a Battery Substitute 

A capacitor may be substituted for a battery for 
some applications, although it has a lower ener- 
gy density and will be more expensive to manu- 
facture. A capacitor charges and discharges 
much more rapidly than a battery because no 
chemical reactions are involved, but a battery 
sustains its voltage much more successfully dur- 
ing the discharge cycle. 


Capacitors that can store a very large amount of 
energy are often referred to as supercapacitors. 


What Can Go Wrong 


Common problems associated with capacitors 
are age-related deterioration (especially in elec- 
trolytics), inductive reactance (especially in cy- 
lindrical formats), nonlinear response, resistivity, 
excessive current leakage, and dielectric memo- 
ry. Some of these problems are discussed below. 
A manufacturer's datasheet should be consulted 
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carefully in conjunction with the notes regarding 
compositions in the preceding Variants section 
before making a commitment to a particular 
type of capacitor. 


Wrong Polarity 

A polarized capacitor may offer virtually no re- 
sistance if it is connected the wrong way around 
to a DC power source. A very high current can 
result, damaging the capacitor and probably 
other components in the circuit. Failing to ob- 
serve the polarity of a tantalum capacitor can 
have destructive or even explosive conse- 
quences, depending on the amperage. 


Voltage Overload 

If the DC working voltage of a capacitor is excee- 
ded, there is arisk of breaking down the dielectric 
and allowing a spark, or arc, that will form a short 
circuit. Note that the DC rating of a capacitor 
does not mean that it can be used safely with an 
equivalent AC voltage. The maximum AC voltage 
should be no greater than approximately 0.7 
times the DC rated voltage. If a DC-rated capac- 
itor is used directly across an AC power line, it will 
create an effective short circuit. 


If capacitors are connected in series or in parallel, 
ideally the voltage rating for each capacitor 
should be the same, and certainly no less than 
the supply voltage. 


Tantalum capacitors are easily damaged by cur- 
rent spikes that exceed their maximum working 
voltage, and are unsuitable for high-frequency 
coupling because of their inductance. 


Leakage 

Charge leakage is a problem especially associ- 
ated with electrolytic capacitors, which are not 
suitable for storing a charge over a significant in- 
terval. Polypropalene or polystyrene film capac- 
itors are a better choice. 


Dielectric Memory 
Also known as dielectric absorption, this is a phe- 
nomenon in which a capacitor’s electrolyte dis- 
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plays some percentage of its former voltage after 
the capacitor has been discharged and then dis- 
connected from the circuit. Single-layer ceramic 
capacitors especially tend to suffer from this 
problem. 


Specific Electrolytic Issues 
Electrolytic capacitors have high inductive reac- 
tance, are not manufactured to close tolerances, 
and deteriorate significantly with age. While oth- 
er components may be stockpiled and used over 
a period of years, this is not a sensible policy with 
electrolytics. 


The “capacitor plague” affecting many of these 
capacitors manufactured from 1999 onward pro- 
vided a salutary lesson regarding their potential 
weaknesses. Faulty composition of the dielectric 
allowed it to deteriorate, liberating hydrogen 
gas, which eventually caused the aluminum 
shells of the capacitors to bulge and burst. Circuit 
boards from major manufacturers were affected. 
Because the problem took two years to become 
apparent, literally millions of boards with faulty 
capacitors had been sold before the fault was di- 
agnosed and eventually corrected. 


Unfortunately electrolytics cannot be easily re- 
placed with other types of capacitors in applica- 
tions such as power supplies, because substi- 
tutes will be considerably larger and more ex- 
pensive. 


Heat 


The equivalent series resistance (ESR) of a large 
capacitor inevitably means that it must dissipate 
some power as heat during use. Ripple current 
can also create heat. Capacitor performance will 
change as the temperature increases. Acommon 
maximum component temperature for electro- 
lytic capacitors is 85 degrees Centigrade. 


Vibration 


In a high-vibration environment, electrolytics 
should be protected by clamping them mechan- 
ically in place, using a capacitor clamp, also 
known as a c-clamp. 
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Misleading Nomenclature 

Rarely, in the United States, the term “mF” may 
be used as a probable alternative to uF. This can 
be a source of confusion and risk because mF is 
properly (but very rarely) used to mean “millifar- 
ads.” The term should always be avoided. 


What Can Go Wrong 
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Formerly known (primarily in the United Kingdom) as a variable condenser. The term is 


now obsolete. 
OTHER RELATED COMPONENTS 


° capacitor (See Chapter 12) 


What It Does 


A variable capacitor allows adjustment of capac- 
itance in much the same way that a potentiom- 
eter allows adjustment of resistance. 





Large variable capacitors were developed pri- 
marily to tune radio receivers, in which they were 
known as tuning capacitors. Cheaper, simpler, 
and more reliable substitutes gradually dis- 
placed them, beginning in the 1970s. Today, they 
are still used in semiconductor fabrication, in RF 
plastic welding equipment, in surgical and den- 
tal tools, and in ham radio equipment. 


Small trimmer capacitors are widely available and 
are mostly used to adjust high-frequency cir- 
cuits. Many of them look almost indistinguisha- 
ble from trimmer potentiometers. 


The schematic symbols commonly used to rep- 
resent a variable capacitor and a trimmer capac- 
itor are shown in Figure 13-1. 


A varactor is a form of diode with variable capac- 
itance, controlled by reverse voltage. See “Var- 
actor Diode” (page 225) for this component. 


How It Works 


The traditional form of variable capacitor con- 
sists of two rigid semicircular plates separated by 
an air gap of 1mm to 2mm. To create more ca- 





Figure 13-1. Typical schematic symbols for variable ca- 
pacitor (left) and trimmer capacitor (right). 


pacitance, additional interleaved plates are add- 
ed to form a stack. One set of plates is known as 
the rotor, and is mounted on a shaft that can be 
turned, usually by an externally accessible knob. 
The other set of plates, known as the stator, is 
mounted on the frame of the unit with ceramic 
insulators. When the sets of plates completely 
overlap, the capacitance between them is maxi- 
mized. As the rotor is turned, the sets of plates 
gradually disengage, and the capacitance dimin- 
ishes to near zero. See Figure 13-2. 


The air gaps between the sets of plates are the 
dielectric. Air has a dielectric constant of approx- 
imately 1, which does not vary significantly with 
temperature. 


The most common shape of plate is a semicircle, 
which provides a linear relationship between ca- 
pacitance and the angle of rotation. Other 
shapes have been used to create a nonlinear re- 
sponse. 


113 


Variants 





Figure 13-2. In this simplified view of a variable capacitor, 
the brown plates constitute the rotor, attached to a cen- 
tral shaft, while the blue plates are the stator. The colors 
have no electrical significance and are added merely for 
clarity. The area of overlap between rotor and stator de- 
termines the capacitance. 


Reduction gears may be used to enable fine tun- 
ing of a variable capacitor, which means multiple 
turns of a knob can produce very small adjust- 
ments of the capacitor. At the peak of variable 
capacitor design, units were manufactured with 
high mechanical precision and included anti- 
backlash gears. These consisted of a pair of equal- 
sized gears mounted flat against each other with 
a spring between them that attempted to turn 
the gears in opposite directions from each other. 
The pair of gears meshed with a single pinion, 
eliminating the looseness, or backlash, that nor- 
mally exists when gear teeth interlock. A vintage 
capacitor with a spring creating anti-backlash 
gearing (circled) is shown in Figure 13-3. This isa 
two-gang capacitor—it is divided into two sec- 
tions, one rated 0 to 35pF, the other rated 0 to 
160pF. 
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Figure 13-3. A “traditional style” variable capacitor of the 
type designed to tune radio frequencies. The spring, cir- 
cled, enables anti-backlash gearing. 


Variants 


The traditional variable capacitor, with exposed, 
air-spaced, rigid, rotating vanes, is becoming 
hard to find. Small, modern variable capacitors 
are entirely enclosed, and their plates, or vanes, 
are not visible. Some capacitors use a pair of con- 
centric cylinders instead of plates or vanes, with 
an external thumb screw that moves one cylin- 
der up or down to adjust its overlap with the 
other. The overlap determines the capacitance. 


Trimmer capacitors are available with a variety of 
dielectrics such as mica, thin slices of ceramic, or 
plastic. 
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Values 

A large traditional capacitor can be adjusted 
down to a near-zero value; its maximum will be 
no greater than 500pF, limited by mechanical 
factors. (See Chapter 12 for an explanation of ca- 
pacitance units.) 


A maximum value for a trimmer capacitor is sel- 
dom greater than 150pF. Trimmers may have 
their values printed on them or may be color- 
coded, but there is no universal set of codes. 
Brown, for example, may indicate either a maxi- 
mum value around 2pF or 40pF, depending on 
the manufacturer. Check datasheets for details. 


The upper limit of a trimmer’s rated capacitance 
is usually no less than the rated value, but can 
often be 50% higher. 


Formats 


All trimmer capacitors are designed for mount- 
ing on circuit boards. Many are surface-mount, 
with a minority being through-hole. Surface- 
mount units may be 4mm x 4mm or smaller. 
Through-hole are typically 5mm x 5mm or larger. 
Superficially, trimmer capacitors resemble 
single-turn trimmer potentiometers with a screw 
head in the center of a square package. A 
through-hole example is shown in Figure 13-4. 





Figure 13-4. A trimmer capacitor rated 1.5pF to ZOpF. 


How to Use it 


How to Use it 





A variable capacitor is often used to tune an LC 
circuit, so called because a coil (with reactance 
customarily represented by letter L) is wired in 
parallel with a variable capacitor (represented by 
letter C). The schematic in Figure 13-5 shows an 
imaginary circuit to illustrate the principle. When 
the switch is flipped upward, it causes a large 
fixed-value capacitor to be charged from a DC 
power source. When the switch is flipped down, 
the capacitor tries to pass current through the 
coil—but the coil’s reactance blocks the current 
and converts the energy into a magnetic field. 
After the capacitor discharges, the magnetic field 
collapses and converts its energy back into elec- 
tricity. This flows back to the capacitor, but with 
inverted polarity. The cycle now repeats with 
current flowing in the opposite direction. A low- 
current LED across the circuit would flash as the 
voltage oscillates, until the energy is exhausted. 





Figure 13-5. In this imaginary circuit, the capacitor is 
charged through the double-pole switch in its upper posi- 
tion. When the switch is turned, the capacitor forms an LC 
(inductance-capacitance) circuit with the coil, and reso- 
nates at a frequency determined by their values. In reality, 
extremely high values would be needed to obtain a visible 
result from the LED. 


Because the oscillation resembles water sloshing 
from side to side in a tank, an LC circuit is some- 
times referred to as a tank circuit. 
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In reality, unrealistically large values would be 
required to make the circuit function as de- 
scribed. This can be deduced from the following 
formula, where f is the frequency in Hz, L is in- 
ductance in Henrys, and C is capacitance in Far- 
ads: 


f=1/ (2n * vV(L * C) ) 


For a frequency of 1Hz, a massive coil opposite a 
very large capacitor of at least 0.1F would be 
needed. 


However, an LC circuit is well-suited to very high 
frequencies (up to 1,000MHz) by using a very 
small coil and variable capacitor. The schematic 
in Figure 13-6 shows a high-impedance ear- 
phone and adiode (right) substituted for the LED 
and the resistor in the imaginary circuit, while a 
variable capacitor takes the place of the fixed ca- 
pacitor. With the addition of an antenna at the 
top anda ground wire at the bottom, this LC cir- 
cuit is now capable of receiving a radio signal, 
using the signal itself as the source of power. The 
resonant frequency of the circuit is tuned by the 
variable capacitor. The impedance peaks at the 
resonant frequency, causing other frequences to 
be rejected by passing them to ground. With 
suitable refinement and amplification, the basic 
principle of an LC circuit is used in AM radios and 
transmitters. 


Because variable capacitors are so limited in size, 
they are unsuitable for most timing circuits. 


Trimmer capacitors are typically found in high- 
power transmitters, cable-TV transponders, cel- 
lular base stations, and similar industrial appli- 
cations. 


They can be used to fine-tune the resonant fre- 
quency of an oscillator circuit, as shown in 
Figure 13-7. 
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Earphone 


Figure 13-6. The principle of an LC circuit is used here in 
a basic circuit that can tune in to a radio station and cre- 
ate barely audible sound through the earphone at right, 
using only the broadcast signal for power. The variable ca- 
pacitor adjusts the frequency of the circuit to resonate 
with the carrier wave of the radio signal. 


<— feedback 


output 


Figure 13-7. A trimmer capacitor in series with a crystal 
fine-tunes the frequency of this basic circuit using an op- 
amp. 


In addition to tuning a circuit frequency, a trim- 
mer capacitor can be used to compensate for 
changes in capacitance or inductance in a circuit 
that are caused by the relocation of wires or re- 
routing of traces during the development pro- 
cess. Readjusting a trimmer is easier than swap- 
ping fixed-value capacitors. A trimmer may also 
be used to compensate for capacitance in a cir- 
cuit that gradually drifts with age. 
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What Can Go Wrong 





Failure to Ground Trimmer 
Capacitor While Adjusting it 
Although trimmer capacitors are not polarized, 
the manufacturer may mark one terminal with a 
plus sign and/or the other with a minus sign. If 
the capacitor is adjusted while its negative ter- 
minal is floating or ungrounded, a metal screw- 
driver blade will create erroneous readings. Al- 
ways ground the appropriate side of a trimmer 
capacitor before fine-tuning it, and preferably 
use a plastic-bladed screwdriver. 


Application of Overcoat Material or 
“Lock Paint” 


Overcoat material isa rubbery adhesive that may 
be spread over assembled components to im- 


What Can Go Wrong 


munize them against moisture or vibration. Lock 
paint is a dab of paint that prevents a screw ad- 
justment from turning after it has been set. Most 
manufacturers advise against applying these 
materials to a trimmer capacitor, because if pen- 
etration occurs, the capacitor can fail. 


Lack of Shielding 


Variable capacitors should be shielded during 
use, to protect them from external capacitive ef- 
fects. Merely holding one’s hand close to a vari- 
able capacitor will change its value. 
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The term inductor is used here to describe a coil that has the purpose of creating se/f- 
inductance in an electronic circuit, often while passing alternating currentin combination 
with resistors and/or capacitors. A choke is a form of inductor. By comparison, the elec- 
tromagnet entry in this encyclopedia describes a coil containing a center component 
of ferromagnetic material that does not move relative to the coil, and has the purpose 
of attracting or repelling other parts that respond to a magnetic field. A coil containing 
a center component of ferromagnetic material that moves as a result of current passing 
through the coil is considered to be a solenoid in this encyclopedia, even though that 


term is sometimes more broadly applied. 


OTHER RELATED COMPONENTS 


« solenoid (See Chapter 21) 
« electromagnet (See Chapter 20) 


What It Does 


An inductor isa coil that induces a magnetic field 
in itself or in a core as a result of current passing 
through the coil. It may be used in circuits to 
block or reshape AC current or a range of AC fre- 
quencies, and in this role can “tune” a simple ra- 
dio receiver or various types of oscillators. It can 
also protect sensitive equipment from destruc- 
tive voltage spikes. 





The schematic symbol for an inductor includes a 
coil that can be drawn in two basic styles, shown 
at the top and at the bottom of Figure 14-1. The 
style at the bottom has become more common. 
In each vertical section of the diagram, the func- 
tionality of the symbols is identical. 


One or two parallel lines alongside the coil indi- 
cate that it is wound around a solid core of ma- 
terial that can be magnetized, while one or two 


dotted lines indicate that it is wound around a 
core containing metal particles, such as iron fil- 
ings. Where no core is shown, this indicates an air 
core. 


Figure 14-1. The coil symbol for an inductor may be 
drawn in two styles which are functionally identical. 
Line(s) beside the coil indicate a solid core. Dotted line(s) 
indicate a core containing metal particles. 
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A selection of inductors designed for through- 
hole mounting is shown in Figure 14-2. 





Figure 14-2. Four inductors designed for through-hole in- 
sertion into printed circuit boards. 


How It Works 





Direct current passing through an electrical con- 
ductor, such as a wire, creates a magnetic field 
around the conductor. In Figure 14-3, conven- 
tional current (flowing from positive to negative) 
is passing through a straight wire from left to 
right, as indicated by the red/blue arrow. The re- 
sulting magnetic field is indicated by the green 
arrows. If the wire is now bent into a curve, as 
shown in Figure 14-4, the magnetic field exerts 
an aggregate force downward through the 
curve. This magnetic force is conventionally said 
to flow from south to north. 


If direct current could be induced to circulate 
through an unbroken circle of wire, the resulting 
magnetic field could exert a force through the 
circle as shown in Figure 14-5, assuming clock- 
wise circulation of conventional current as sug- 
gested by the red/blue arrows. 


Conversely, if a magnet was pushed through the 
center of the circle, it would induce a pulse of 
electric current in the circle. Thus, electricity 
passing through a wire can induce a magnetic 
field around the wire, and conversely, a magnet 
moving near a wire can induce an electric current 
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Figure 14-3. Conventional current passing through a wire 
from left to right (as indicated by the red/blue arrow) in- 
duces a magnetic field around the wire (shown by the 
green arrows). 


South 





Figure 14-4. /f the wire is bent into a curve, the magnetic 
fields can create a net force shown by the large green ar- 
row. 


in the wire. This principle is used in an electrical 
generator, and also in a transformer, where al- 
ternating current in the primary coil induces a 
fluctuating magnetic field in the core, and the 
field in the core is turned back into alternating 
current in the secondary coil. 


Note that a static or unchanging magnetic field 
will not induce a flow of electricity. 
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Figure 14-5. Hypothetically, if conventional current flows 
around a circular conductor (as suggested by the red/ 
blue arrows), it will create a magnetic field that can create 
a force as shown by the green arrow. 


DC Through a Coil 


If the wire is formed into a helix (a series of ap- 
proximate circles) as shown in Figure 14-6, and if 
DC current is passed through the wire, the ag- 
gregate of the magnetic fields can create a force 
in the direction of the green arrow in each ex- 
ample, depending whether the wire is wound 
clockwise or counter-clockwise, and depending 
onthe direction of the current. The helixis usually 
referred to as a coil or a winding. 


In actuality, a magnetic field is not open-ended, 
and its lines of force are completed by circling 
around outside the inductor, to complete a mag- 
netic circuit. This completion of the field can be 
demonstrated by the traditional high-school ex- 
periment of positioning a compass or scattering 
iron filings on a sheet of paper above a magnet. 
A simplified depiction of lines of force complet- 
ing a magnetic circuit is shown in Figure 14-7, 


How It Works 


ee 
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Figure 14-6. When DC current flows through a coil, it cre- 
ates magnetic fields that will exert a force whose direction 
depends on the direction of the current and on whether 
the coil is wound clockwise or counterclockwise. The force 
is shown by the green arrow in each case. 








where a coil is inducing the magnetic field. Note 
that throughout this encyclopedia, the color 
green is used to indicate the presence of mag- 
netic force. 


The completion of amagnetic fieldis not relevant 
to the primary function of the inductor. In fact 
the external part of the magnetic field is mostly 
a source of trouble in electronics applications, 
since it can interact with other components, and 
may necessitate the use of magnetic shielding. 
In addition, the field is weakened by completing 
itself through air, as air presents much greater 
reluctance (the magnetic equivalent of resist- 
ance) than the core of an electromagnet. 


The polarity of a magnetic field created by a coil 
can be demonstrated by moving a small perma- 
nent magnet toward the coil, as shown in 
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Figure 14-7. A magnetic field in reality is not open-ended, 
and each line of force traveling through a rod-shaped 
magnet or electromagnet is completed outside of the 
magnet. The completion of magnetic fields has been 
omitted from other diagrams here for clarity. 


Figure 14-8. If the magnet has opposite polarity 
to the coil, it will tend to be repelled, as like poles 
repel. If it has the same polarity, it will tend to be 
attracted, because opposite poles attract. This 
principle may be used in solenoids. 
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Figure 14-8. A permanent magnet (left) will either be 
drawn toward a DC-energized coil or repelled from it, de- 
pending on the polarity of the two magnetic fields. 
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Magnetic Core 

The inductive power of a coil will be enhanced, 
and the saturation point will be reduced, by us- 
ing a magnetic core. The term “magnetic” in this 
context does not mean that the core is a perma- 
nent magnet; it means that the core can be mag- 
netized briefly by a transient pulse of electricity 
through the surrounding coil. 


A core enhances the effectiveness of an inductor 
because it has a lower reluctance than that of air. 
In other words, magnetic flux will flow much 
more readily through the core than through air. 


Roughly speaking, the permeability ofa magnetic 
circuit is the opposite of reluctance; it is a meas- 
ure of how easily a magnetic field can be induced, 
and is usually expressed relative to the permea- 
bility of air, which is approximately 1. The per- 
meability of different core types is discussed in 
the following “Values” section. 


The core of the coil contains magnetic domains 
that behave as tiny magnets, with north and 
south poles. In the absence of a polarizing mag- 
netic field, the domains are randomly aligned. As 
a magnetic field is introduced around them and 
grows stronger, the domains align themselves 
with it, increasing the total magnetic force. When 
the domains are almost all uniformly aligned, the 
core approaches magnetic saturation and ceases 
adding to the net magnetic field. At this point the 
current in the inductor is said to be continuous. 


When power to the coil is disconnected, the do- 
mains revert partially to their previous random 
orientation. Thus the core remains a weak per- 
manent magnet. This effect is known as hystere- 
sis, while the weak residual field is known as re- 
manent magnetism. 


EMF and Back-EMF 


When DC current is connected through an in- 
ductor, the creation of a magnetic field takes a 
brief but measurable period of time. The field in- 
duces an EMF (electro-motive force) in the wire. 
Since this force opposes the supplied current, it 
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is referred to as back-EMF. It lasts only so long as 
the field is increasing to its full strength. After the 
field reaches a steady state, current flows 
through the coil normally. 


This transient resistive effect is caused by the se/f- 
inductance of the coil, and is opposite to the be- 
havior of a capacitor, which encourages an initial 
inrush of direct current until it is fully charged, at 
which point it blocks subsequent current flow. 


When high-frequency alternating current at- 
tempts to flow through an inductor, if each pulse 
is too brief to overcome the back-EMF, the coil 
will block the current. A coil can thus be designed 
to block some frequencies but not others. 


Even a simple electrical circuit that does not con- 
tain a coil will still have some self-inductance, 
simply because the circuit consists of wires, and 
even a straight length of wire induces a magnetic 
field when the power is switched on. However, 
these inductive effects are so small, they can 
generally be ignored in practical applications. 


The transient electrical resistance to alternating 
current caused by either an inductor or a capac- 
itor is known as reactance, although it occurs un- 
der opposite electrical conditions, as the coil im- 
pedes an initial pulse of DC current and then 
gradually allows it to pass, while a capacitor al- 
lows an initial pulse of DC current and then im- 
pedes it. 


When a flow of DC current through a coil is 
switched off, the magnetic field that was created 
by the coil collapses and releases its stored en- 
ergy. This can cause a pulse of forward EMF, and 
like back-EMF, it can interfere with other compo- 
nents in a circuit. Devices such as motors and 
large relays that contain substantial coils can cre- 
ate problematic spikes of back-EMF and forward- 
EMF. The forward-EMF that occurs when power 
to the coil is interrupted is typically dealt with by 
putting a diode in parallel with the coil, allowing 
current to circulate through it. This is known as 
clamping the voltage transient. A diode- 
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capacitor combination knownasasnubberis also 
commonly used. For a schematic and additional 
information on this topic, see “Snubber” (page 
108). 


A schematic to demonstrate EMF and back-EMF 
is shown in Figure 14-9. The coil can be a 100-foot 
spool of 26-gauge (or smaller) hookup wire, or 
magnet wire. It will function more effectively if a 
piece of iron or steel, such as half-inch galvanized 
pipe, is inserted through its center. When the 
button is pressed, current is briefly impeded by 
the back-EMF created by the coil, and is diverted 
through D1, making it flash briefly. Then the coil’s 
reactance diminishes, allowing the current to 
flow through the coil and bypass the LED. When 
the pushbutton is released, the coil’s magnetic 
field collapses, and the consequent forward-EMF 
circulates through D2, causing it to flash briefly. 
Note that the polarity of back-EMF and forward- 
EMF are opposite, which is why the LEDs in the 
circuit are oriented with opposite polarities. 


The 2200 resistor should be rated at 1/4 watt 
minimum, and the button should not be held 
down for long, as the electrical resistance of the 
coil is relatively low. The LEDs ideally should be 
rated for a minimal forward current of no more 
than 5mA. 


Electrical and Magnetic Polarity 


Various mnemonics and images have been cre- 
ated to assist in memorizing the polarity or di- 
rection of the magnetic field that will be created 
by a flow of electricity. The right-hand rule sug- 
gests that if the fingers of the right hand are 
curled around a coil in the same direction in 
which the turns of the coil were wound, and if 
conventional DC current also flows in this direc- 
tion, the extended thumb will point in the direc- 
tion of the principal force that can be created by 
the magnetic field. 


By convention, the magnetic field is oriented 
from south to north, which can be remembered 
since the north end of the magnetic field will be 
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Figure 14-9. A test circuit to demonstrate the EMF and 
back-EMF created when DC current starts and stops 
passing through a coil. See text for details. 


the negative end of the coil (north and negative 
both beginning with letter N). This mnemonic 
only works if conventional (positive) current 
flows through a coil that is wound clockwise. 


Another model is the “corkscrew rule” in which 
we imagine conventional DC current flowing 
from the handle of a corkscrew, down through 
its metal section, toward the pointed end. If the 
corkscrew is turned clockwise, in the same direc- 
tion as the electricity, the corkscrew will sink into 
the cork in the same as the direction as the re- 
sulting magnetic force. 


Variants 





Variants include core materials, core shapes, ter- 
mination style (for through-hole mounting in 
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perforated board, or for surface-mount), and ex- 
ternal finish (some inductors are dipped in insu- 
lating material, while others allow their copper 
magnet wire to be exposed). 


In addition there are two functional variants: 
variable inductors and ferrite beads. Their sche- 
matic symbols are shown in Figure 14-10. 


aV ll 


Figure 14-10. Schematic symbols for a ferrite bead (far- 
thest right) and variable inductors (all other symbols, 
which are functionally identical). 


Magnetic Cores 


A magnetic core may be made from solid iron, 
plates of iron or steel separated by thin insulating 
material, powdered iron mixed with a binder, or 
a ferrite compound derived from nickel, zinc, 
manganese, or a combination. An iron core has 
at least 1,000 times the permeability of air, while 
some ferrites are 10,000 times as permeable. 


One major disadvantage of a magnetic core is 
hysteresis, which in this context refers to the ten- 
dency of the core to retain some magnetic 
“memory” as a cycle of alternating current 
changes from positive to negative. This residual 
magnetism must be overcome by the next posi- 
tive pulse of AC. The tendency of the core to re- 
tain magnetic polarity is known as its retentivity. 
Iron cores are especially retentive. 


Another disadvantage of some magnetic cores is 
that they may host eddy currents induced by the 
magnetic field of the coil. These electrical cur- 
rents tend to circulate through the core, reducing 
efficiency by generating waste heat, especially if 
coil currents are high. Forming a core from iron 
or steel plates, separated by thin layers of insu- 
lation, will inhibit these currents. Powdered iron 
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inhibits eddy currents because the particles have 
limited contact. Ferrites are nonconductive, and 
are therefore immune to eddy currents. They are 
widely used. 


Hysteresis and eddy currents both incur energy 
losses with each AC cycle. Therefore, the losses 
increase linearly as the AC frequency increases. 
Consequently, inductor cores that suffer either of 
these problems are not well-suited to high fre- 
quencies. 


Nonmagnetic Cores 

The problems associated with magnetic cores 
may be avoided by winding the coil around a 
nonmagnetic core that may be hollow, ceramic, 
or plastic. A hollow core is referred to as an air 
core. The permeability of ceramic and plastic 
cores is close to that of air. 


An inductor with a nonmagnetic core will be im- 
mune to eddy currents and retentivity, but will 
have to be significantly larger than a magnetic- 
cored coil with comparable inductance. In the 
case of a very primitive radio receiver, such as a 
crystal set, the air-cored coil that selects a radio 
frequency may be several inches in diameter. A 
basic circuit diagram for a crystal set (so-called 
because it uses a diode containing a germanium 
crystal) is shown in Figure 14-11. The antenna, at 
top, receives signals broadcast from radio sta- 
tions. The coil can be tapped (as indicated by the 
black dots) as a simple way to select different in- 
ductance values, blocking all but a narrow range 
of frequencies. The T-shaped white component 
atrightis a high-impedance earphone. The diode 
blocks the lower half of the alternating current in 
a radio signal, and since the signal is amplitude- 
modulated, the earphone responds to variations 
in intensity in the signal and reproduces the 
sound encoded in it. 


Variants 


Figure 14-11. An early and basic application for an induc- 
tor is to select radio-station frequencies, as in this sche- 
matic for a crystal set. See text for details. 


Variable Inductors 

A variable inductor, also known as an adjustable 
inductor, is relatively uncommon but can be fab- 
ricated by using a magnetic core that penetrates 
the center of the inductor on an adjustable screw 
thread. The inductance of the assembly will in- 
crease as a larger proportion of the magnetic 
core penetrates into the open center of the coil. 
A photograph of a variable inductor is at 
Figure 14-12. 





Figure 14-12. A variable inductor. Its inductance is adjus- 
ted via a screw thread that varies the insertion of the core 
in the coil. In this component the core is turned by insert- 
ing a hex wrench, as shown. It is rated from O0.09uH to 
0.12UH. 
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Ferrite Beads 


A ferrite bead inverts the design of a typical in- 
ductor by running a wire through a hole in the 
center of the bead, instead of coiling the wire 
around the core. Two ferrite beads are shown in 
Figure 14-13. At top, the bead is divided into two 
sections, each mounted in one-half of a plastic 
clam shell, which can be closed around a wire. At 
bottom, the bead must be threaded onto a wire. 
The purpose is either to limit radio-frequency ra- 
diation from a wire by absorbing it into the bead 
(where it is transformed into heat), or to protect 
a wire from external sources of radio-frequency 
radiation. Computer cabling to external devices; 
lamp dimmers; and some types of motors can be 
sources of radio frequency. 





Figure 14-13. Two examples of ferrite beads. They can in- 
hibit radio-frequency radiation from a wire, or protect the 
wire from interference. 


Toroidal Cores 

The magnetic circuit created by a rod-shaped 
core must be completed by the lines of force 
traveling back around from one end of the rod to 
the other, through the surrounding air. Since air 
has low permeability, this is a major source of in- 
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efficiency. By comparison, a torus (a geometrical 
shape resembling a donut) completes the entire 
magnetic circuit inside its core. This significantly 
increases its efficiency. Also, because its field is 
better contained, a toroidal inductor needs little 
or no shielding to protect other components 
from stray magnetic effects. 


Two through-hole toroidal inductors are shown 
in Figure 14-2. Bottom left: Rated at 345uH. Bot- 
tom right: Rated at 15H. The one at bottom-left 
has pins beneath it for insertion into a printed 
circuit board. 


Surface-mount inductors often are toroidal to 
maximize the efficiency of acomponent that has 
to function on a very small scale. Examples are 
shown in Figure 14-14, Figure 14-15, and 
Figure 14-16. 





Figure 14-14. In a typical toroidal inductor, the coil is 
wrapped around a magnetic core shaped as a torus. This 
surface-mount component (viewed from the bottom, at 
left, and from the top, at right) is at the low end of the 
range of component sizes. It is rated at 750nH. 





Figure 14-15. A medium-sized surface-mount toroidal in- 
ductor (viewed from the bottom, at left, and from the top, 
at right). It is rated at 25uH. 
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Figure 14-16. A larger-sized surface-mount toroidal in- 
ductor (viewed from the bottom, at left, and from the top, 
at right). It is rated at 3.8uH. 


A chart showing some types of inductor cores, 
their commonly available inductances, and their 
maximum frequencies is shown in Figure 14-17. 


Gyrator 

A gyrator is a small network, sometimes encap- 
sulated in a silicon chip, using resistors, a semi- 
conductor, and acapacitor to simulate some but 
not all of the behavior of a coil-based inductor. 
The semiconductor may be a transistor or a ca- 
pacitor, depending on the specific circuit. A sam- 
ple schematic is shown in Figure 14-18. Because 
no magnetic effects are induced, the gyrator is 
completely free from the problems of saturation 
and hysteresis, which affect coils with cores, and 
also produces no back-EMF. It simply attenuates 
a signal initially, and then gradually lowers its re- 
actance, thus imitating this aspect of an inductor. 


A gyrator may be used where a coil may be un- 
acceptably large (as in a cellular phone) or where 
signal quality is of paramount importance—for 
example, in a graphic equalizer or other audio 
components that perform signal processing at 
input stages, such as preamplifiers. 


Variants 
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Figure 14-17. Some commonly used inductor cores and 
their characteristics. Adapted from “Producing wound 
components” by R.Clark@surrey.ac.uk. 
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Figure 14-18. A possible schematic for a coil substitute 
known as a gyrator, which may be used where a conven- 
tional coil would be unacceptably bulky. 


A gyrator does impose some limits on circuit de- 
sign. While neither side of a real inductor needs 
to be at ground potential, a gyrator does require 
a ground connection. However, the performance 
advantages of gyrators are significant, as they 
can emulate high inductance without parasitic 
effects, can be more accurately calibrated (lead- 
ing to more predictable performance), and do 
not create magnetic fields that can interfere with 
other components. 


Values 





Calculating Inductance 

The magnetic inductance of a coil is measured 
with a unit known as the Henry, named after Jo- 
seph Henry, a pioneer in electromagnetism. It is 
defined by imagining a coil in which current is 
fluctuating, causing the creation of EMF. If the 
rate of fluctuation is 1 amp per second and the 
induced EMF is 1 volt, the inductance of the coil 
is 1 Henry. 


The letter L is commonly used to represent in- 
ductance. To derive a useful formula, L will be 
expressed in microhenrys. If D is the diameter of 
a coil, N is the number of turns of wire, and W is 
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the width of coil (when the windings are viewed 
from the side, as shown in Figure 14-19), the pre- 
cise relationship of the variables is complex but 
can be reduced to an approximate formula: 


L = approx (D* * N¢) / 18 * D) + (40 * W 


N=Number of turns of wire 


Le 





Diameter 
of coil 


D= 


W=Width of coil 


Figure 14-19. Dimensions of a coil, referenced by a for- 
mula to calculate its approximate inductance. See text for 
details. 


From this, it is clear that inductance tends to in- 
crease with coil diameter, and also increases 
(more significantly) with the square of the num- 
ber of turns. If the number of turns remains con- 
stant, inductance will be higher for a coil that is 
short and fat than for a coil that is narrow and 
long. 


Because the Henry is a large unit, inductors in 
electronics circuits typically have their inductan- 
ces measured in millihenrys (mH), microhenrys 
(uH), and nanohenrys (nH), where 1H = 1,000mH, 
1 mH = 1,000uUH, and 1uH = 1,000 nH. This rela- 
tionship is shown in Figure 14-20. 


Calculating Reactance 

The reactance of an inductor (that is, its dynamic 
resistance to alternating current) varies with the 
frequency of the current. If f is the AC frequency 
(in Hertz), and Lis the inductance (in Henrys), the 
reactance, X; in ohms, is given by the formula: 


Xo2*n* fF *L 


From this equation, it's apparent that as the fre- 
quency tends toward zero (DC current), or if the 
inductance tends toward zero (a short piece of 
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if 0.001 0.000001 
10 0.01 0.00001 
100 0.1 0.0001 
1,000 a 0.001 
10,000 10 0.04 
100,000 100 0.1 
1,000,000 1,000 1 


Figure 14-20. Inductance is typically measured in nano- 
henrys (nH), microhenrys (UH), and millihenrys (mH). 
Equivalent values in these units are shown here. 


straight wire), the reactance will tend toward 
zero. Conversely, the inductor will impede cur- 
rent increasingly as the frequency and/or the in- 
ductance increases. 


Calculating Reluctance 

The letter S is often used to represent reluctance, 
while Greek letter u customarily represents per- 
meability (not to be confused with the use of u 
as a multiplication factor of 1/1,000,000, as in uF, 
meaning “microfarad”). If A is the area of cross- 
section of the magnetic circuit and L is its length: 


S=L/pFa 


Datasheet Terminology 

A typical manufacturer’s datasheet should in- 
clude an inductance index for an inductor, ex- 
pressed in UH per 100 turns of wire (assuming the 
wire is in a single layer) for inductors with a pow- 
dered iron core, and mH per 1,000 turns of wire 
for inductors with ferrite cores. 


The DCR is the DC resistance of an inductor, de- 
rived purely from the wire diameter and its 
length. 


Values 


The SRF is the self-resonant frequency. An induc- 
tor should be chosen so that AC current passing 
through it will never get close to that frequency. 


ISAT (or l,a¢) is the saturation current, which re- 
sults in a magnetic core losing its function as a 
result of magnetic saturation. When this occurs, 
inductance drops and the charge current rate in- 
creases drastically. 


Series and Parallel Configurations 


Because the inductance of a coil conducting DC 
current is proportional to the current, the calcu- 
lations to derive the total inductance of coils in 
series or in parallel are identical to the calcula- 
tions used for resistors. 


In series, all the coils inevitably pass the same 
current, and the total inductance is therefore 
found by summing the individual inductances. 
When coils are wired in parallel, the current dis- 
tributes itself according to the inductances; 
therefore, if L1 is the reluctance of the first coil, 
L2 is the reluctance of the second coil, and so on, 
the total reluctance L of the network is found 
from the formula: 


ijl = 1/ta + 1/24 A/L3. 


This is shown in Figure 14-21. In reality, differ- 
ences between the coils (such as their electrical 
resistance), and magnetic interaction between 
the coils, will complicate this simple relationship. 


Time Constant 


Just as the time constant of a capacitor defines 
the rate at which it accumulates voltage when 
power is applied through a resistor, the time con- 
stant of an inductor defines the rate at which it 
gradually allows amperage to pass through it, 
overcoming the EMF generated by the coil. In 
both cases, the time constant is the number of 
seconds that the component requires to acquire 
approximately 63% of the difference between its 
current value and its maximum value. In the case 
of an inductor, suppose we assume zero internal 
resistance in the power source, zero resistance in 
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Total Inductance = L1+L1+L3 


1/Total Inductance = 
41/L1+14/L1+1/L3 


Figure 14-21. Calculating the total inductance of induc- 
tors in parallel (top) and series (bottom). 


the coil windings, and an initial current of zero. If 
Lis the inductance of the coil and R is the value 
of the series resistor, then the time constant—TC 
—is given in seconds by the formula 


TC=L/R 


Therefore a coil of 10 millihenrys (0.01 Henry) in 
series with a 100-ohm resistor will pass 63% of 
the full current in 0.0001 seconds, or 1/10 of a 
millisecond; it will take an equal additional 
amount of time for the current to rise by another 
63% of the remaining difference between its 
charge and the maximum amperage of the cir- 
cuit. In theory, the reactance of a coil can never 
diminish to zero, but in practice, five time con- 
stants are considered adequate to allow maxi- 
mum current flow. 


How to Use it 





Because the inductance of an inductor peaks as 
currentincreases, and then gradually diminishes, 
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an inductor can be used to block or attenuate 
high frequencies. A circuit that does this is often 
referred to as a /ow-pass filter. The schematic and 
a graph suggesting its performance are shown 
in Figure 14-22. A basic application could be the 
crossover network in a loudspeaker system, 
where high-frequency signals are blocked from 
a low-frequency driver and are diverted to a 
high-frequency driver. 
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Figure 14-22. By using the ability of an inductor to block 
a range of frequencies, a low-pass filter blocks higher fre- 
quencies. 


If the location of the inductor is shifted so that it 
shunts the signal away from the output, the re- 
sults are reversed, and the circuit becomes a 
high-pass filter. The schematic and a graph sug- 
gesting its performance are shown _ in 
Figure 14-23. 


Note that capacitors may also be used to create 
frequency filters, but because their function is 
roughly inverse to that of inductors, the place- 
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Figure 14-23. Here the inductor diverts low frequencies 
away from the output, allowing high frequencies to pass 
through. 


ment of acapacitor in a circuit would be opposite 
to the placement of the inductor. Examples of 
filter circuits using capacitors are found in the 
entry for that component in this encyclopedia. 


An inductor can be combined with a capacitor to 
form a bandpass filter, as shown in Figure 14-24. 
In this configuration, the inductor blocks the 
high frequencies while the capacitor blocks the 
low frequencies, allowing only a limited band of 
frequencies to get through. 


Once again if the location of the components is 
shifted to shunt the signal away from the output, 
the results are reversed, as shown in 
Figure 14-25. This is known as a notch filter. 


The performance of these filters will depend on 
the component values, andin most applications, 
additional components will be necessary. So- 
phisticated filter circuits are outside the scope of 
this encyclopedia. 


How to Use it 






Output 
at different 







80 frequencies 
(assuming 
60 constant 


80dB input) 


Decibels 


40 


20 


10 100 41K 
Frequency (log scale) 


10K 100K 


Figure 14-24. /f the values of a capacitor and an inductor 
are correctly chosen, and the components are placed in 
series, the inductor blocks high frequencies while the ca- 
pacitor blocks low frequencies, creating a bandpass filter, 
in which only a narrow band of frequencies can get 
through. 


Inductors are of great importance in DC-DC con- 
verters and AC-DC power supplies where volt- 
age changes are enabled by rapid switching. See 
the relevant entries of this encyclopedia for ad- 
ditional details. 


Generally, as electronic equipment has become 
increasingly miniaturized, the unavoidable bulk 
of inductors has limited their application. How- 
ever they may still be used to tune oscillators, to 
block sudden spikes in power supplies, and to 
protect equipment from sudden voltage spikes 
(they are used, for example, in surge suppressors 
for computing equipment). 
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Figure 14-25. Here the capacitor and inductor block all 
frequencies except a narrow band, which they divert from 
the output. The result is a notch filter. 


Core Choices 

Air-cored inductors have relatively low induc- 
tance, because of their low permeability. How- 
ever, they can be operated at very high frequen- 
cies up to the gigahertz range, and can tolerate 
higher peak currents. 


Inductors with an iron core suffer increasing 
power losses due to hysteresis and eddy currents 
as the AC frequency passing through the induc- 
tor increases. Consequently, iron-cored induc- 
tors are not suitable for frequencies much above 
10KHz. 


Miniaturization 

A low-value inductor can be formed by etching 
aspiral onto a circuit board, in applications where 
size must be minimized. They may also be incor- 
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porated in integrated circuit chips. However, in 
small devices such as cellular phones, it is more 
common to use a coil substitute such as a gyra- 
tor, as described previously. 


What Can Go Wrong 
Real-World Defects 


The theoretically ideal inductor has no resistance 
or capacitance and suffers no energy losses. In 
reality, an inductor possesses both resistance 
and capacitance, also creates electrical noise, 
and may pick up electrical noise. Ittends to create 
stray magnetic fields, and generally is more trou- 
blesome to deal with than its two cousins, the 
resistor and the capacitor. 





Parasitic capacitance occurs between adjacent 
turns of wire. This capacitance becomes more 
significant at higher frequencies, leading ulti- 
mately to a situation where the coil becomes self 
resonant. 


The workarounds for these problems involve coil 
geometries and choices of core material that go 
beyond the scope of this encyclopedia. 


A gyrator should be considered as a possible sub- 
stitute where inductors are troublesome or ex- 
cessively expensive. 


Saturation 

Inductance increases as the current passing 
through a coil increases, but if a magnetic core is 
used, its contribution to inductance will stop 
abruptly when the core becomes magnetically 
saturated. In other words, when all of the ran- 
domly distributed magnetic domains in the core 
have been induced to align themselves with the 
pervasive magnetic field, the core cannot be- 
come more highly magnetized, and ceases to 
contribute to the inductance. Note that as acore 
approaches saturation levels, its hysteresis in- 
creases because reversing its magnetization re- 
quires greater energy. Antidotes to saturation 
would include a larger core, a lower current, a 
smaller number of turns in the coil, and using a 
core with lower permeability (such as air). 





132 Encyclopedia of Electronic Components Volume 1 


power > moderation > inductor 


RF Problems 


Radio frequencies (RF) introduce various prob- 
lems affecting the efficiency of inductors. The 
skin effect is the tendency of high-frequency AC 
current to flow primarily on the surface of a 
strand of wire. The proximity effect refers to the 
tendency of the magnetic fields caused by adja- 
cent wires to introduce eddy currents in the coil. 


What Can Go Wrong 


Both of these effects increase the effective re- 
sistance of the coil. Various coil geometries have 
been developed to minimize these effects, but 
are outside the scope of this encyclopedia. The 
fundamental lesson is that coils specifically de- 
signed for RF are the only ones that should be 
used with RF. 
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AC-AC transformer 


OTHER RELATED COMPONENTS 


- AC-DC power supply (See Chapter 16) 
¢ DC-DC converter (See Chapter 17) 
¢ DC-AC inverter (See Chapter 18) 


What It Does 


A transformer requires an input of alternating 
current (AC). It transforms the input voltage to 
one or more output voltages that can be higher 
or lower. 





Transformers range in size from tiny impedance- 
matching units in audio equipment such as mi- 
crophones, to multi-ton behemoths that supply 
high voltage through the national power grids. 
Almost all electronic equipment that is designed 
to be powered by municipal ACin homes or busi- 
nesses requires the inclusion of a transformer. 


Two small power transformers are shown in 
Figure 15-1. The oneat the rear is rated to provide 
36VAC at 0.8A when connected with a source of 
125VAC. At front, the miniature transformer is a 
Radio Shack product designed to provide ap- 
proximately 12VAC at 300mA, although its volt- 
age will be more than 16VAC when it is not pass- 
ing current through a load. 


Transformer schematic symbols are shown in 
Figure 15-2. The different coil styles at left and 
right are functionally identical. Top: A transform- 
er with a magnetic core—a core that can be 
magnetized. Bottom: A transformer with an air 
core. (This type of transformer is rare, as it tends 
to be less efficient.) The input for the transformer 
is almost always assumed to be on the left, 
through the primary coil, while the output is on 


> |] 





Figure 15-1. Two small power transformers. The one at 
the rear measures approximately 1” x 2” x 2” and is rated 
to provide 36VAC at 0.8A. The term “sec” on the smaller 
unit is an abbreviation for “secondary,” referring to the rat- 
ing for its secondary winding. 


the right, through the secondary coil. Often the 
two coils will show differing numbers of turns to 
indicate whether the transformer is delivering a 
reduced voltage (in which case there will be few- 
er turns in the secondary coil) or an increased 
voltage (in which case there will be fewer turns 
in the primary coil). 
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Figure 15-2. Alternate symbols for a transformer with a 
ferromagnetic core (top) and air core (bottom). The dif- 
fering coil symbols at left and right are functionally identi- 
cal. 


How It Works 


A simplified view of a transformer is shown in 
Figure 15-3. Alternating current flowing through 
the primary winding (orange) induces magnetic 
flux in a laminated core formed from multiple 
steel plates. The changing flux induces currentin 
the secondary winding (green), which provides 
the output from the transformer. (In reality, the 
windings usually consist of thousands of turns of 
thin magnet wire, also known as enameled wire; 
and various different core configurations are 
used.) 





The process is known as mutual induction. If a 
load is applied across the secondary winding, it 
will draw current from the primary winding, even 
though there is no electrical connection be- 
tween them. 


In an ideal, lossless transformer, the ratio of turns 
between the two windings determines whether 
the output voltage is higher, lower, or the same 
as the input voltage. If V, and V, are the voltages 
across the primary and secondary windings re- 
spectively, and N, and N, are the number of turns 
of wire in the primary and secondary windings, 
their relationship is given by this formula: 


Vp / Vs = Np / Ng 
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Figure 15-3. Three basic parts of a transformer, shown in 
simplified form. 


A simple rule to remember is that fewer turns = 
lower voltage while more turns = higher voltage. 


A step-up transformer has a higher voltage at its 
output than at its input, while a step-down trans- 
former has a higher voltage at its input than at its 
output. See Figure 15-4. 


In an ideal, lossless transformer, the power input 
would be equal to the power output. If V;, and 
Vourare the input and output voltages, and|;,and 
lout are the input and output currents, their rela- 
tionship is given by this formula: 


Vin * Tin = Vout * Tout 

Therefore, ifthe transformer doubles the voltage, 
it allows only half as much current to be drawn 
from the secondary winding; and if the voltage 


is cut in half, the available current will double. 


Transformers are not 100% efficient, but they can 
be more than 98% efficient, and relationships 
between voltage, current, and the number of 
turns in the windings are reasonably realistic. 


When the transformer is not loaded, the primary 
winding behaves like a simple inductor with re- 
actance that inhibits the flow of current. There- 
fore a power transformer will consume relatively 
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Fewer turns, 
lower voltage 


More turns, 
higher voltage 


Step-down 
transformer 


Fewer turns, 
lower voltage 


More turns, 
higher voltage 


Output 


Step-up 
transformer 


Figure 15-4. The ratio of input voltage to output voltage is 
equal to the ratio of primary turns to secondary turns in 
the transformer windings, assuming a transformer of 
100% efficiency. 


little electricity if it is left plugged in to an elec- 
trical outlet without any load connected to its 
output side. The power that it does consume will 
be wasted as heat. 


The Core 


The ferromagnetic core is often described as be- 
ing made of iron, but in reality is more often fab- 
ricated from high permeability silicon steel. To 
reduce losses caused by eddy currents, the core 
is usually laminated—assembled from a stack of 
plates separated from each other by thin layers 
of varnish or a similar insulator. Eddy currents 
tend to be constrained within the thickness of 
each plate. 


Because a DC voltage would cause magnetic sat- 
uration of the core, all transformers must operate 


How It Works 


with alternating current or pulses of current. The 
windings and geometry of a transformer are op- 
timized for the frequency range, voltage, and 
current at which it is designed to operate. Devi- 
ating significantly from these values can damage 
the transformer. 


Taps 

A tap on a transformer is a connection part-way 
through the primary or (more often) the secon- 
dary coil. On the primary side, applying an input 
between the start of a coil and a tap part-way 
through the coil will reduce the number of turns 
to which the voltage is applied, therefore in- 
creasing the ratio of output turns to input turns, 
and increasing the output voltage. On the sec- 
ondary side, taking an output between the start 
of a coil and a tap part-way through the coil will 
reduce the number of turns from which the volt- 
age is taken, therefore decreasing the ratio of 
output turns to input turns, and decreasing the 
output voltage. This can be summarized: 


e Atap on the primary side can increase out- 
put voltage. 


e A tap on the secondary side can provide a 
decreased output voltage. 


In international power adapters, a choice of input 
voltages may be allowed by using a double- 
throw switch to select either the whole primary 
winding, or a tapped subsection of the winding. 
See Figure 15-5. Modern electronics equipment 
often does not require a voltage adapter, be- 
cause a voltage regulator or DC-DC convert- 
er inside the equipment will tolerate a wide 
range of input voltages while providing a rela- 
tively constant output voltage. 


A transformer’s secondary winding is often tap- 
ped to provide a choice of output voltages. In 
fact, most power transformers have at least two 
outputs, since the cost of adding taps to the sec- 
ondary winding is relatively small. As an 
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Variants 


230VAC 


115VAC | | B 


Figure 15-5. An international power adapter can provide 
a fixed output voltage by using a double-throw switch to 
apply 230VAC voltage across a transformer's primary 
winding, or 115VAC to a tapped midpoint of the primary 
winding. 


alternative to tapped outputs, two or more sep- 
arate secondary windings may be used, allowing 
the outputs to be electrically isolated from each 
other. See Figure 15-6. 


v4 
V3 
V2 
V1 


il 


Figure 15-6. Multiple output voltages may be obtained 
from a transformer by tapping into the secondary winding 
(top) or using two or more separate secondary windings 
(bottom), in which case the outputs will be electrically iso- 
lated from each other. 


If the winding on the primary side of a trans- 
former is coiled in the same direction as the 
winding on the secondary side, the output volt- 
age will be 180 degrees out of phase with the 
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input voltage. In schematics, a dot is often placed 
at one end ofa transformer coil to indicate where 
the coil begins. If the dots on the primary and 
secondary sides are at the same ends of the coils, 
there will be a 180 degree phase difference be- 
tween input and output. For many applications 
(especially where the output from a power trans- 
former is going to be converted to DC), this is 
immaterial. 


If there is acenter tap on the secondary winding, 
and it will be referenced as ground, the voltages 
relative to it, at opposite ends of the secondary 
winding, will be out of phase. See Figure 15-7. 


Variants 





Core Shapes 

The shell core is a closed rectangle, as shown in 
Figure 15-3. This is the most efficient but most 
costly to manufacture. A C-shaped core is anoth- 
er option (three sides of the rectangle) and an E- 
| core is popular, consisting of a stack of E-shaped 
plates with two coils wound around the top and 
bottom legs of the E, or wound concentrically 
around the center leg ofthe E. An additional stack 
of straight plates is added to close the gaps in the 
E and form a magnetic circuit. 


In Figure 15-8, the small transformer from 
Figure 15-1 has been sliced open with a band saw 
and a belt sander to reveal a cross-section of its 
windings. This clearly shows that its primary and 
secondary windings are concentric. It also re- 
veals the configuration of its core, which is in the 
E-I format. In Figure 15-9, the E-I configuration is 
highlighted to show it more clearly. 


Power Transformer 

Typically designed to be bolted onto a chassis or 
secured inside the case or cabinet housing a 
piece of electrical equipment with solder tabs or 
connectors allowing wires to connect the trans- 
former to the power cord, on one side, and a cir- 
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e 


Input 


Input 


Figure 15-7. A dot indicates the start of each winding. 
Where primary and secondary windings are in the same 
direction, the voltage output will be 180 degrees out of 
phase with the input. Where the dots indicate windings in 
opposite directions, the voltage output will have the same 
phase as the input. Where a center tap on the secondary 
winding serves as a common ground, the voltages at op- 
posite ends of the secondary winding will be opposite to 
each other in phase. 


cuit board, on the other side. Smaller power 
transformers such as the one in Figure 15-1 have 
“through-hole” design with pins allowing them 
to be inserted directly onto circuit boards. 


Plug-in Transformer 

Usually sealed in a plastic housing that can be 
plugged directly into a wall power outlet. They 
are visually identical to AC adapters but have an 
AC output instead of a DC output. 


Variants 





Figure 15-8. The small transformer from the first figure in 
this entry is shown sliced open to reveal its internal config- 
uration. 





Figure 15-9. The “El” shaped plates that form the core of 
the transformer are outlined to show their edges. 


Isolation Transformer 


Also known as a 7:1 transformer because it has a 
1:1 ratio between primary and secondary wind- 
ings, so that the output voltage will be the same 
as the input voltage. When electrical equipment 
is plugged into the isolation transformer, it is 
separated from the electrical ground of AC pow- 
er wiring. This reduces risk when working on 
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“live” equipment, as there will be negligible elec- 
trical potential between itself and ground. Con- 
sequently, touching a grounded object while al- 
so touching a live wire in the equipment should 
not result in potentially lethal current passing 
through the body. 


Autotransformer 


This variant uses only one coil that is tapped to 
provide output voltage. Mutual induction occurs 
between the sections of the coil. An autotrans- 
former entails a common connection between 
its input and output, unlike a two-coil transform- 
er, which allows the output to be electrically iso- 
lated from the input. See Figure 15-10. Auto- 
transformers are often used for impedance 
matching in audio circuits, and to provide output 
voltages that differ only slightly from input vol- 
tages. 


Output 


Common Ground 


Figure 15-10. An autotransformer contains only one coil 
and core. A reduced output voltage can be obtained by 
tapping into the coil. Acommon connection prevents the 
output from being electrically isolated from the input. 


Variable Transformer 

A variable transformer, also known as a variac, 
resembles a wire-wound potentiometer. Only 
one winding is used. A wiper can be turned to 
contact the winding at any point, and serves as 
a movable tap. Like an autotransformer, a vari- 
able transformer entails a common connection 
between input and output. 


power > conversion > ac-ac transformer 


Audio Transformer 


When asignalis transmitted between two stages 
of a circuit that have different impedance, the 
signal may be partially reflected or attenuated. 
(Impedance is measured in ohms but is different 
from DC electrical resistance because it takes into 
account reactance and capacitance. It therefore 
varies with frequency.) 


A device of low input impedance will try to draw 
significant current from a source, and if the 
source has high output impedance, its voltage 
will drop significantly as a result. Generally, the 
input impedance of a device should be at least 
10 times the output impedance of the device 
that is trying to drive it. Passive components (re- 
sistors, and/or capacitors, and/or coils) can be 
used for impedance matching, but in some sit- 
uations a small transformer is preferable. 


If N, and N, are the number of turns of wire in the 
transformer primary and secondary windings, 
and Z, is the impedance of a device (such as an 
audio amplifier) driving the transformer on its 
primary side, and Z, is the impedance of a device 
(suchas a loudspeaker) receiving power from the 
secondary side: 


Np / Ns = V(Zp / Zs) 


Suppose that an audio amplifier with rated out- 
put impedance of 6400 is driving a loudspeaker 
with 8Q impedance. A matching transformer 
would be chosen with a ratio of primary turns to 
secondary turns give by: 


V¥(640/8) = V80 = approximately 9:1 


The two transformers in Figure 15-11 are 
through-hole components designed for tele- 
communications purposes, but are capable of 
passing audio frequencies and can be used for 
impedance matching in applications such as a 
preamplifier. 
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Figure 15-11. Through-hole transformers. See text for de- 
tails. 


In Figure 15-12, the transformers are designed for 
audio coupling. The one on the right has impe- 
dances of 500 ohms (primary) and 8 ohms (sec- 
ondary). On the left is a fully encapsulated line 
matching transformer with a 1:1 turns ratio. 





Figure 15-12. Through-hole transformers. See text for de- 
tails. 


Split-Bobbin Transformer 
This variant has primary and secondary coils 


mounted side by side to minimize capacitive 
coupling. 


Values 


Surface-Mount Transformer 

May be less than 0.2” square and is used for im- 
pedance matching, line coupling, and filtering. 
Two surface-mount transformers are shown in 
Figure 15-13. 





Figure 15-13. Two surface-mount transformers, each 
measuring less than 0.2” square, typically used in com- 
munications equipment and suited for frequencies higher 
than 5 MHz. 


Values 





When selecting a power transformer, its power 
handling capability is the value of primary inter- 
est. It is properly expressed by the term VA, de- 
rived from “volts times amps.” VA should not be 
confused with watts because watts are measured 
instantaneously in a DC circuit, whereas in an AC 
circuit, voltage and current are fluctuating con- 
stantly. VA is actually the apparent power, taking 
reactance into account. 


The relationship between VA and watts will vary 
depending onthe device under consideration. In 
a worst-case scenario: 


W = 0.65 VA (approximately) 


In other words, the averaged power you can draw 
from a transformer should be no less than two- 
thirds of its VA value. 


Transformer specifications often include input 
voltage, output voltage, and weight of the com- 
ponent, all of which are self-explanatory. Cou- 
pling transformers may also specify input and 
output impedances. 
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How to Use it 





For most electronic circuits, a power transformer 
will be followed by a rectifier to convert AC to DC, 
and capacitors to smooth fluctuations in the 
supply. Using a prepackaged power supply or 
AC adapterthat already contains allthe necessary 
components will be more time-effective and 
probably more cost-effective than building a 
power supply from the ground up. See Chap- 
ter 16. 


What Can Go Wrong 





Reversal of Input and Output 
Suppose a transformer is designed to provide an 
output voltage of 10 volts from domestic AC 
power of 115 volts. If the wrong side of the trans- 
former is connected with 115VAC by mistake, the 
output will now be more than 1,000 volts—easily 
enough to cause death, quite apart from de- 
stroying components that are connected with it. 
Reversing the transformer in this way may also 
destroy it. Extreme caution is advisable when 
making connections with power transformers. A 
meter should be used to check output voltage. 
All devices containing transformers should be 
fused on the live side and grounded. 


Shock Hazard from Common 
Ground 


When working on equipment that uses an auto- 
transformer, the chassis will be connected 
through the transformer to one side of 115VAC 
power. So long as a plug is used that prevents 
reversed polarity, the chassis should be “neutral.” 
However, if an inappropriate power cord is used, 
or if the power outlet has been wired incorrectly, 
the chassis can become live. For protection, be- 
fore working on any device that uses 115VAC 
power with an autotransformer, plug the device 
into an isolation transformer, and plug the isola- 
tion transformer into the wall outlet. 
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Accidental DC Input 


If DC current is applied to the input side of a 
transformer, the relatively low resistance of the 
primary coil will allow high current that can de- 
stroy the component. Transformers should only 
be used with alternating current. 


Overload 


If a transformer is overloaded, heat will be gen- 
erated that may be sufficient to destroy the thin 
layers of insulation between coil windings. Con- 
sequently, input voltage can appear unexpect- 
edly on the output side. Transformers with a tor- 
oidal (circular) core are especially hazardous in 
this respect, as their primary and secondary 
windings usually overlap. 


Some (notall) power transformers contain a ther- 
mal fuse that melts when it exceeds a tempera- 
ture threshold. If the fuse is destroyed, the trans- 
former must be discarded. 


The consequences of moderate overloading may 
not be obvious, and can be cumulative over time. 
Ventilation or heat sinkage should be taken into 
account when designing equipment around a 
power transformer. 


Incorrect AC Frequency 

Single-phase AC power in the United States fluc- 
tuates at 60Hz, but Great Britain and some other 
countries use AC power at 50Hz. Many power 
transformers are rated to be compatible with ei- 
ther frequency, but if a transformer is specifically 
designed for 60Hz, it may eventually fail by over- 
heating if it is used with a 50Hz supply. (A 50Hz 
transformer can be used safely with 60Hz AC.) 
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Also known as an AC adapter. When packaged as a palm-sized plastic package that plugs 
directly into a power outlet, it is occasionally known colloquially as a wall-wart. 


OTHER RELATED COMPONENTS 


¢ transformer (See Chapter 15) 
- DC-DC converter (See Chapter 17) 
e DC-AC inverter (See Chapter 18) 


What It Does 


An AC-DC power supply converts a/ternating cur- 
rent (AC) into the direct current (DC) that most 
electronic devices require, usually at a lower volt- 
age. Thus, despite its name, a power supply ac- 
tually requires an external supply of power to 
Operate. 





Larger products, such as computers or stereo 
equipment, generally have a power supply con- 
tained within the device, enabling it to plug di- 
rectly into a wall outlet. Smaller battery-powered 
devices, suchas cellular phones or media players, 
generally use an external power supply in the 
form of a small plastic pod or box that plugs into 
a wall outlet and delivers DC via a wire terminat- 
ing in a miniature connector. The external type 
of power supply is often, but not always, referred 
to as an AC adapter. 


Although an AC-DC power supply is not a single 
component, it is often sold as a preassembled 
modular unit from component suppliers. 


Variants 





The two primary variants are a linear regulated 
power supply and switching power supply. 


Linear Regulated Power Supply 


A linear regulated power supply converts AC to 
DC in three stages: 


1. A power transformer reduces the AC input 
to lower-voltage AC. 


2. A rectifier converts the AC to unsmoothed 
DC. Rectifiers are discussed in the entry on 
diodes in this encyclopedia. 


3. A voltage regulator, in conjunction with 
one or more capacitors, controls the DC 
voltage, smooths it, and removes transients. 
The regulator is properly known as a /inear 
voltage regulator because it contains one or 
more transistors, which are functioning in 
linear mode—that is, responding linearly to 
fluctuations in base current, at less than their 
saturation level. The linear voltage regulator 
gives the linear regulated power supply its 
name. 


Asimplified schematic of a linear regulated pow- 
er supply is shown in Figure 16-1. 


This type of power supply may be described as 
transformer-based, since its first stage consists of 
atransformerto drop the AC input voltage before 
it is rectified. 
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Figure 16-1. A basic linear regulated power supply. 


Because the rectifier in a power supply generally 
passes each pulse of AC through a pair of silicon 
diodes, it will impose a voltage drop of about 
1.2V at peak current. A smoothing capacitor will 
drop the voltage by about 3V as it removes ripple 
from the current, whereas a voltage regulator 
typically requires a difference of at least 2V be- 
tween its input and its output. Bearing in mind 
also that the AC input voltage may fluctuate be- 
low its rated level, the output from the power 
transformer should be at least 8VAC higher than 
the ultimate desired DC output. This excess pow- 
er will be dissipated as heat. 


The basic principle of the linear regulated power 
supply originated in the early days of electronic 
devices such as radio receivers. A transistorized 
version of this type of power supply remained in 
widespread use through the 1990s. Switching 
power supplies then became an increasingly at- 
tractive option as the cost of semiconductors and 
their assembly decreased, and high-voltage tran- 
sistors became available, allowing the circuit to 
run directly from rectified line voltage with no 
step-down power transformer required. 


Some external AC adapters are still transformer- 
based, but are becoming a minority, easily iden- 
tified by their relatively greater bulk and weight. 
An example is shown in Figure 16-2. 


Figure 16-3 shows the handful of components 
inside a cheap, relatively old AC adapter. The out- 
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Figure 16-2. A simple transformer-based power supply 
can be encapsulated in a plastic shell, ready to plug into a 
power outlet. However, today this format more typically 
contains a switching power supply, which is usually light- 
er, smaller, and cheaper. 


put from a power transformer is connected di- 
rectly to four diodes (the small black cylinders), 
which are wired as a full-wave rectifier. A single 
electrolytic capacitor provides some smoothing, 
but because there is no voltage regulator, the 
output will vary widely depending on the load. 
This type of AC adapter is not suitable for pow- 
ering any sensitive electronic equipment. 


Switching Power Supply 

Also known as a switched-mode power supply, an 
SMPS, or switcher, it converts AC to DC in two 
stages. 


1. A rectifier changes the AC input to un- 
smoothed DC, without a power transformer. 


2. ADC-DC converter switches the DC on and 
off at a very high frequency using pulse- 
width modulation to reduce its average ef- 
fective voltage. Often the converter will be 
the flyback type, containing a transformer, 
but the high-frequency switching allows the 
transformer to be much smaller than the 
power transformer required in a linear 
regulated power supply. See the DC-DC con- 
verter entry in this encyclopedia for an ex- 
planation of the working principles. 
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Figure 16-3. A relatively old, cheap AC adapter contains 
only the most rudimentary set of components, and does 
not supply the kind of properly regulated DC power re- 
quired by electronic equipment. 


Asimplified schematic of a switching power sup- 
ply is shown in Figure 16-4. 


The interior of a relatively early switching power 
supply designed to deliver 12VDC at up to 4A is 
shown in Figure 16-5. This supply generated con- 
siderable waste heat, necessitating well-spaced 
components and a ventilated enclosure. 


The type of small switching power supply that is 
now almost universally used to power laptop 
computers is shown in Figure 16-6. Note the 
smaller enclosure and the higher component 
count than in the older power supply shown in 
Figure 16-5. The modern unit also delivers con- 
siderably more power, and generates less waste 
heat. Although this example is rated at 5A, the 
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Figure 16-4. Greatly simplified schematic showing the 
principal components of a switching power supply. Note 
the absence of a 115VAC power transformer. The trans- 
former that is inserted subsequently in the circuit func- 
tions in conjunction with the high switching frequency, 
which allows it to be very much smaller, cheaper, and 
lighter. 


transformer (hidden under the yellow wrapper 
at the center of the unit) is smaller than the power 
transformer that would have been found in an 
old-style AC adapter delivering just 500mA. 


The modern power supply is completely sealed, 
where earlier versions required ventilation. On 
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Formats 





Figure 16-5. The interior of an early switching power sup- 
ply. 


the downside, the plastic case of the switching 
supply requires a metal liner (removed for this 
photograph) to contain high-frequency electro- 
magnetic radiation. 


Unregulated Power Supply 

Typically this consists of a transformer and recti- 
fying diodes with little or no smoothing or volt- 
age control of the output. 


Adjustable Power Supply 

This is usually a linear power supply incorporat- 
ing an adjustable voltage regulator. This type 
of supply has laboratory applications and is 
found as a benchtop item to power electronics 
design projects during their development. 
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Figure 16-6. The interior of the type of switching power 
supply that powers a laptop computer. 


Voltage Multiplier 

Devices such as photocopiers and laser printers, 
televisions, cathode-ray tubes, and microwave 
ovens require voltages significantly higher than 
those supplied by domestic AC power outlets. A 
voltage multiplier usually contains a step-up 
transformer followed by DC conversion compo- 
nents, but detailed consideration is outside the 
scope of this encyclopedia. 


Formats 





An open frame power supply consists of compo- 
nents on a circuit board, usually mounted ona 
metal chassis, with no enclosure or fan cooling. 


A covered power supply is enclosed in a protec- 
tive perforated metal box with a cooling fan if 
needed. Power supplies sold for desktop com- 
puters are usually in this format. 
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Power supplies are also available in rack-mount 
and DIN-rail formats. 


How to Use it 





Because a switching power supply contains no 
power transformer, it is lighter and smaller, and 
may be cheaper than a linear power supply. It is 
also more efficient and generates less waste heat. 
These advantages have made switching power 
supplies the most popular option to provide DC 
power for electronics devices. However, the high- 
frequency switching tends to create electromag- 
netic interference (EMI), which must be filtered to 
protect the output of the device and also to min- 
imize the risk of this interference feeding back 
into AC power wiring. The high-frequency 
switched power may also generate harmonics, 
which must be suppressed. 


High-quality linear regulated power supplies still 
find application in laboratory equipment, low- 
noise signal processing, and other niches where 
excellent regulation and low-ripple output are 
necessary. They are relatively heavy, bulky, and 
inefficient. 


See Figure 16-7 for a chart comparing the ad- 
vantages and disadvantages of linear and 
switching power supplies. 


What Can Go Wrong 
High Voltage Shock 


One or more capacitors in a power supply may 
retain a relatively high voltage for some time af- 
ter the unit has been unplugged. If the power 
supply is opened for inspection or repairs, cau- 
tion is necessary when touching components. 





Capacitor Failure 

If electrolytic capacitors fail in a switching power 
supply (as a result of manufacturing defects, dis- 
use, or age), allowing straight-through conduc- 
tion of alternating current, the high-frequency 
switching semiconductor can also fail, allowing 


How to Use it 


input voltage to be coupled unexpectedly to the 
output. Capacitor failure is also a potential prob- 
lem in linear power supplies. For additional in- 
formation on capacitor failure modes, see Chap- 
ter 12. 


Switching Linear 
power supply power supply 





Component High Medium 
count 
Load 0.05% to 0.5% 0.005% to 0.2% 
regulation 
Line 0.05% to 0.2% 0.005% to 0.05% 
regulation 
Ripple (RMS) 10mV to 25mV 0.25mV to 1.5mV 
Tom 85% 40% 0 60% 
Heat Usually Usually cooled 
management fan-cooled by convection 


Figure 16-7. Comparison of attributes of linear regulated 
power supplies and switching power supplies. (Adapted 
from Acopian Technical Company.) 


Electrical Noise 

If electrolytic capacitors are used, their gradual 
deterioration over time will permit more electri- 
cal noise associated with high-frequency switch- 
ing in a switching power supply. 


Peak Inrush 

Aswitching power supply allows an initial inrush 
or surge of current as its capacitors accumulate 
their charge. This can affect other components 
in the circuit, and requires fusing that tolerates 
brief but large deviations from normal power 
consumption. 
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Often referred to asa switching regulator, and sometimes asa switcher, not to be confused 


with a switching power supply. 
OTHER RELATED COMPONENTS 


- AC-DC power supply (See Chapter 16) 
¢ voltage regulator (See Chapter 19) 
¢ DC-AC inverter (See Chapter 18) 


What It Does 





A DC-DC converter, often referred to simply as a 
converter, receives a DC voltage as its input and 
converts it to a regulated DC voltage as its out- 
put. The output voltage may be higher or lower 
than the input voltage, may be user-adjustable 
by adding an external resistor, and may be com- 
pletely electrically isolated from the input, de- 
pending on the type of converter that is used. 
The overall efficiency is not greatly affected by 
the difference between input and output volt- 
age, and can exceed 90%, minimizing waste heat 
and enabling the unit to be extremely compact. 


A DC-DC converter is an integrated circuit pack- 
age that includes a high-speed switching device 
(almost always, a MOSFET) in conjunction with an 
oscillator circuit, an inductor, and a diode. By 
comparison, a linear regulator is usually based 
around bipolar transistors. Its input must always 
be at a higher voltage than its output, and its ef- 
ficiency will be inversely proportional with the 
voltage drop that it imposes. See the voltage 
regulator entry in this encyclopedia for addi- 
tional information. 


There is no single symbol to represent a DC-DC 
converter. Some simplified schematics showing 
the principles of operation of commonly used 
converters are referenced under the following 
Variants section. 


A DC-DC converter is also typically found in the 
output stage of a switching AC-DC power sup- 
ply. 


How It Works 


An internal oscillator controls a MOSFET semi- 
conductor that switches the DC input on and off 
at a high frequency, usually from 50KHz to 1MHz. 
Output voltage is adjusted by varying the duty 
cycle of the oscillator—the length of each “on” 
pulse relative to each “off” interval. This is known 
as pulse-width modulation, or PWM. The duty cy- 
cle is controlled by sampling the output of the 
converter and using a comparator to subtract the 
output voltage from a reference voltage, to es- 
tablish an error value. This is passed to another 
comparator, which subtracts the error voltage 
from an oscillator ramp signal. If the error increa- 
ses, the oscillator signal is more heavily clipped, 
thus changing the effective ratio of on/off pulse 
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lengths. A simplified schematic of the PWM cir- 
cuit is shown in Figure 17-1, which omits other 
components for clarity. The system of subtract- 
ing an error voltage from a ramp oscillator volt- 
age to obtain a pulse-width modulated signal is 
illustrated in Figure 17-2. 


Ramp Reference 
Oscillator Voltage 

MOSFET 

Switch = hal 


Pulse-Width Modulator Circuit 






Figure 17-1. The heart of a DC-DC converter is a MOSFET 
switch, which operates at a high frequency with pulse- 
width modulation used to create an adjustable DC output. 


TL aa] 


Te eS 


Error Ramp Oscillator Pulse 
a Level o Voltage a Output 


Figure 17-2. To achieve pulse-width modulation, an error- 
level voltage is established by comparing the output from 
the converter with a reference voltage. The error level, 
shown as an orange line, is then subtracted from the out- 
put from a ramp oscillator. The pulse width varies accord- 


ingly. 
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The key to the efficiency of a DC-DC converter is 
an inductor, which stores energy in its magnetic 
field during “on” pulse and releases it in the dis- 
charge phase. Thus, the inductor is used as a 
temporary reservoir and minimizes the ripple 
current. All converter variants use a coil for this 
purpose, although its placement varies in rela- 
tion to the diode and capacitor that complete the 
basic circuit. 


Variants 





Four basic switching circuits are used in DC-DC 
converters and are defined in the coming sec- 
tions, with a formula to determine the ratio be- 
tween input voltage (V;,,) and output voltage 
(Vout) in each case. In these formulae, variable D 
is the duty cycle in the pulse train generated 
through an internal MOSFET switch. The duty cy- 
cle is the fraction of the total on-off cycle that is 
occupied by each “on” pulse. In other words, if 
Ton is the duration of an “on” pulse and Tog is the 
“off” time: 


D = Ton / (Ton + Tort) 
Buck Converter 
See Figure 17-3. The output voltage is lower than 


the input voltage. The input and output share a 
common ground. For this circuit: 


Vout = Vin * D 






PWM 
Feedback 





MOSFET 
switch 


Common Ground 


Figure 17-3. Basic topology of a buck-type DC-DC con- 
verter. 
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Boost Converter 


See Figure 17-4. The output voltage is greater 
than the input voltage. The input and output 
share a common ground. For this circuit: 


Vout = Vin / (1-D) 








PWM 
| Feedback ’ 


oh 






Output 






switch 


Common Ground 


Figure 17-4. Basic topology of a boost-type DC-DC con- 
verter. 


Flyback Converter with Inductor 

Commonly knownas a buck-boost converter. See 
Figure 17-5. The output voltage can be less than 
or greater than the input voltage. The input and 
output share acommon ground. For this circuit: 


Vout = Vin * (D / (1-D)) 
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Figure 17-5. Basic topology of a flyback-type DC-DC con- 
verter. 


Variants 


Flyback Converter with 
Transformer 


See Figure 17-6. The output voltage can be less 
than or greater than the input voltage. The input 
and output are isolated from one another. For 
this circuit: 


Vout = Vin * (D / (1-D)) 


PWM 
Feedback 





Output 
MOSFET 
switch 


Figure 17-6. Basic topology of a flyback-type DC-DC con- 
verter. (Buck, boost, and flyback topologies adapted from 
Maxim Integrated Products.) 





Using a transformer in the converter allows mul- 
tiple outputs with different voltages, supplied 
through multiple transformer windings. 


Formats 

A converter may be packaged in a flat rectangu- 
lar box that requires no additional heat sink and 
has pins for through-hole insertion into a PC 
board. Sizes usually range up to to 2” x 2” Power 
handling can range from 5 to 30 watts. Convert- 
ers of this type are shown in Figure 17-7. (Top: 
Input range of 9 to 18VDC, fixed output of 5VDC 
at 3A completely isolated from the input. Typical 
efficiency of approximately 80%. The case is 
made of copper, providing good heat dissipation 
with electrical shielding. Center: Input range of 9 
to 18VDC, fixed output of 5VDC at 500mA com- 
pletely isolated from the input. Typical efficiency 
of approximately 75%. The manufacturer claims 
that external capacitors are only needed in criti- 
cal applications. Bottom: SIP format, fixed input 
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of 12VDC, fixed output of 5VDC at 600mA com- 
pletely isolated from the input. Typical efficiency 
of approximately 75%. Requires external capac- 
itors for ripple rejection.) 


USr IDs 
“ay. S/S, = 5 

Mig; 2°21 2. 

Sell 


ma ify 





Figure 17-7. A selection of sealed DC-DC converters. 


Lower-power converters are also available as 
surface-mount devices. 


Some adjustable-output converters are supplied 
as multiple surface-mounted components pre- 
installed on a mini-board that has pins for 
through-hole insertion in a printed circuit board. 
Their high efficiency enables them to handle a 
lot of power for their size. In Figure 17-8, the con- 
verter accepts a 4.5 to 14VDC input range and 
has an adjustable output of 0.6 to 6VDC. It is rated 
at a surprising 10A or 50W and is more than 90% 
efficient. However, it draws 80mA in a no-load 
state, causing it to become quite hot. A thermal 
cutout or automatic shutdown may be used if the 
converter will not be driving a consistent load. 
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Figure 17-8. An adjustable DC-DC converter rated for 1OA 
or 50W. The output voltage is determined by adding an 
external resistor or trimmer potentiometer. External 
smoothing capacitors are required, as shown in the com- 
ponent's datasheet. 


The miniboard in Figure 17-9 accepts an input 
voltage from 7 to 36VDC and has an adjustable 
output ranging from 2.5 to 12.6VDC, at up to 6A. 
It is non-isolated (has a common negative bus) 
and claims to be more than 95% efficient at full 
load. 


The miniboard in Figure 17-10 accepts an input 
voltage from 4.5 to 14VDC and has an adjustable 
output ranging from 0.6 to 6VDC at up to 20A. It 
isnon-isolated (has acommon negative bus) and 
claims to be more than 90% efficient at full load. 


Values 





Relevant values include: 


Nominal Input Voltage and 
Frequency 

A wide range of input voltages is often accepta- 
ble, as the PWM can vary accordingly. Converters 
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Figure 17-9. Another adjustable DC-DC converter. The 
output voltage is determined by adding an external resis- 
tor or trimmer potentiometer. External smoothing capaci- 
tors are required, as shown in the component's datasheet. 





Figure 17-10. Another adjustable DC-DC converter. The 
output voltage is determined by adding an external resis- 
tor or trimmer potentiometer. External smoothing capaci- 
tors are required, as shown in the component's datasheet. 


Values 


often allow equipment to be usable internation- 
ally, on any voltage ranging from 100VAC to 
250VAC, at a fequency of 50Hz or 60Hz, without 
any adaptation. 


Output Voltage 

As previously noted, many converters allow the 
output voltage to be adjusted by adding an ex- 
ternal resistor or potentiometer. Alternatively, 
there may be multiple fixed output voltages, ac- 
cessible via different pins on the package. They 
may also provide a positive voltage and equally 
opposite negative voltage relative to a ground 
pin. 


Input Current and Output Current 
Because input voltage and output voltage are 
likely to be different, the current alone is not a 
reliable guide to power handling. 


A datasheet should specify input current with no 
load (open circuit on the output side). This cur- 
rent will have to be entirely dissipated as heat. 


Load Regulation 

This is usually expressed as a percentage and 
suggests the extent to which output voltage may 
be pulled down when the load on a DC-DC con- 
verter increases. If Vj is the measured output 
voltage with no load, and Vmax is the measured 
output voltage with the maximum rated load: 


Vax ) [Vmax 


However, note that some converters are de- 
signed with the expectation that they will never 
be used with zero load across the output. In these 
cases, V,, will be the voltage at minimum rated 
load. 


Load regulation = 100 * (Vnji1 - 


Efficiency 

This is a measure of how much input current 
must be dissipated as heat. A converter with a 
12-volt input, drawing a maximum 300mA input 
current, will consume 3.6 watts (3,600mW). If it is 
80% efficient, it will have to dissipate roughly 
20% of its power as heat, or 720mW. 
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Ripple and Noise 

Sometimes abbreviated R/N, this may be meas- 
ured in mV or as a percentage. Check the speci- 
fication carefully to determine whether the 
ripple-and-noise values require use of external 
smoothing capacitors. Often, this is the case. 


Isolated or Non-Isolated 


This crucial piece of information is often found 
near the top of a datasheet, not in the detailed 
specifications. 


How to Use it 





Because a converter creates electrical noise, it 
should be prevented from affecting other com- 
ponents by adding substantial bypass capaci- 
tors as close as possible to its input and output 
pins. For most converters, external capacitors are 
mandatory, and their effective series resistance 
(ESR) should be as low as possible (see the ca- 
pacitor entry in this encyclopedia for an explan- 
ation of ESR). Tantalum capacitors are preferable 
to electrolytics for this reason, and are also more 
durable. Some manufacturers recommend plac- 
ing a tantalum capacitor in parallel with an elec- 
trolytic. A small ceramic capacitor, typically 0.1 uF, 
is often recommended in an addition to larger- 
value capacitors on the output side. 


The voltage rating of each capacitor should be 
twice the voltage at the point in the circuit where 
it is used. The capacitance value will usually be 
higher for higher-current converters. Values of 
100uF are common, but for high amperage, a 
value may be as high as 1,000uF. 


While datasheets are often inadequate for some 
types of components, datasheets for DC-DC 
converters usually include detailed instructions 
regarding bypass capacitors. Following these in- 
structions is essential. In the relatively rare in- 
stances that a datasheet makes no mention of 
bypass capacitors for a converter, this does not 
necessarily mean that the capacitors are unnec- 
essary. The manufacturer may assume that they 
will be used as a matter of course. 
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Converters are used in a very wide range of de- 
vices, supplying power ranging from a few milli- 
amps to tens of amps. At the lower end of the 
scale, devices such as cellular telephones, 
portable computers, and tablets contain sub- 
circuits that require different voltages, some of 
which may be higher than the voltage of a single 
battery or battery pack that powers the device. 
Aconverter can satisfy this requirement. Because 
a converter can be designed to maintain a fixed 
output in response to a range of input voltages, 
it can also compensate for the gradual decline in 
voltage that occurs during battery usage. 


A boost-type converter can be used to double 
the voltage from a single 1.5V battery in an LED 
flashlight where 3 volts are required to power the 
LED. Similarly, a boost-type converter can pro- 
vide the necessary voltage to run a cold-cathode 
fluorescent tube that provides backlighting in an 
LCD computer display. 


On a circuit board that is primarily populated 
with 5VDC components and is fed by a single 
5VDC power supply, a converter can be used to 
supply 12VDC for one special purpose, such as 
an analog-digital converter or a serial data con- 
nection. 


If electromechanical relays or other inductive 
loads share a common ground with compo- 
nents ,such as /ogic chips or microcontrollers, it 
may be difficult to protect the sensitive compo- 
nents from voltage spikes. A A flyback converter 
with a transformer separating the output from 
the input can allow the “noisy” section of the cir- 
cuit to be segregated, so long as the converter 
itself does not introduce noise. Since the elec- 
tromagnetic interference (EMI) introduced by 
converters varies widely from one model to an- 
other, specifications should be checked carefully. 


Very low-power components can pick up EMI 
from the wires or traces leading into and out of 
a converter. In this type of circuit, adequate noise 
suppression may be impossible, and a converter 
may not be appropriate. 
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What Can Go Wrong 





Electrical Noise in Output 

Electrolytic capacitors may be inadequate to 
smooth the high frequencies used. Multilayer ce- 
ramic capacitors or tantalum capacitors may be 
necessary. Check the manufacturer's datasheet 
for minimum and maximum values. Also check 
the datasheet for advice regarding placement of 
capacitors on the input side as well as across the 
output. 


Excess Heat with No Load 

Some converters generate substantial heat while 
they are powered without a load. The manufac- 
turer’s datasheet may not discuss this potential 
problem very prominently or in any detail. Check 
the input rating, usually expressed in mA, speci- 
fied for a no-load condition. All of this current will 


What Can Go Wrong 


have to be dissipated as heat, and the very small 
size of many converters can result in high local- 
ized temperatures, especially since many of them 
allow no provision for a heat sink. 


Inaccurate Voltage Output with 
Low Load 


Some converters are designed to operate with at 
least 10% of full rated load across their output at 
all times. Below this threshold, output voltage 
can be grossly inaccurate. Read datasheets care- 
fully for statements such as this: “Lower than 10% 
loading will result in an increase in output volt- 
age, which may rise to typically double the speci- 
fied output voltage if the output load falls to less 
than 5%." Always use a meter to verify the output 
voltage from a converter at a variety of different 
loads, and perform this test before installing the 
converter in a circuit. 
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A power inverter must not be confused with a logic inverter, which functions as a digital 
component in /ogic circuits to invert the state of a low-voltage DC input from high to low 
or low to high. Logic inverters are discussed in Volume 2. 


OTHER RELATED COMPONENTS 


- AC-DC power supply (See Chapter 16) 
- DC-DC converter (See Chapter 17) 


What It Does 


How It Works 





A power inverter is included here as counter- 
point to a power supply or AC adapter, since it 
has the opposite function. The inverter receives 
an input of direct current (typically 12VDC from a 
car battery) and delivers an output of alternating 
current (AC) in the range 110VAC-120VAC or 
220VAC-240VAC, suitable to power many low- 
wattage appliances and devices. The interior of 
a low-cost inverter is shown in Figure 18-1. 





Figure 18-1. The interior components in a 175-watt inver- 
ter. 


The first stage of an inverter typically raises a 
12VDC input to a higher DC voltage via an inter- 
nal DC-DC converter, then uses a switching cir- 
cuit to create an approximation of the sinusoidal 
profile that is characteristic of AC voltage. 


Digital switching components naturally tend to 
create square waves, whose simple appearance 
conceals the presence of higher frequencies, or 
harmonics, that are ignored by some devices (es- 
pecially those that convert electricity into heat) 
but can be troublesome in consumer electronics 
equipment. A primary objective of inverter 
design is to adapt or combine square waves to 
emulate a classic AC sine wave with reasonable 
fidelity. Generally speaking, the more accurately 
an inverter emulates a sine wave, the more ex- 
pensive it tends to be. 


The most primitive inverter would create a plain 
square wave such as that shown in red in 
Figure 18-2, superimposed on acomparable sine 
wave (in green). Note that alternating current 
rated at 115 volts actually peaks at around 163 
volts because the number 115isthe approximate 
root mean square (RMS) of all the voltage values 
during a single positive cycle. In other words, if 
the voltage is sampled x times during a cycle, an 
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RMS value can be derived by squaring each sam- 
ple, adding all the samples, dividing by x, and 
then taking the square root of the result. The RMS 
value is important as a means to calculate actual 
power delivered because it can be multiplied by 
the current to obtain an approximate value in 
watts. 


Time 


Figure 18-2. Comparison of an AC voltage sine wave 
(green) and a square wave of the same frequency (red), 
both delivering a roughly similar amount of power. 


Variants 





As a first step toward a better approximation of 
a sine wave, gaps of zero voltage can be inserted 
between square-wave pulses. This “gapped” 
square wave is shown in Figure 18-3. 
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Figure 18-3. Introducing pauses or gaps of zero voltage 
between square-wave pulses can produce slightly im- 
proved resemblance to a sine wave. 
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A further improvement can be achieved if an ad- 
ditional, shorter pulse of higher voltage is added 
to each primary pulse, as shown in Figure 18-4. 
Outputs of this kind are referred to as modified 
sine wave, although they are actually square 
waves modified to emulate a sine wave. Their in- 
accuracy is expressed as total harmonic distor- 
tion (THD). Some authorities estimate that the 
THD of gapped square-wave output is around 
25%, whereas the addition of shorter square 
waves reduces this to around 6.5%. This is a topic 
on which few people agree, but there is no doubt 
that a “stacked” sequence of square waves pro- 
vides a closer emulation of a sine wave. 


Time 


Figure 18-4. A secondary stream of narrower square- 
wave pulses can improve the fidelity of an inverter's out- 
put. 


A true sinewave inverter typically uses pulse-width 
modulation (PWM) to achieve THD of less than 
1%. It generates a stream of pulses much higher 
in frequency than that of the AC output, and 
varies their widths in such a way that their aver- 
aged voltage closely approximates the voltage 
variations in a sine wave. A simplified represen- 
tation of this principle is shown in Figure 18-5. 


Values 





Small inverters are typically rated to deliver up to 
100 watts and may be fitted with a 12VDC plug 
for insertion in a vehicle's cigarette lighter. Since 
a cheap inverter may be only 80% efficient, 100 
watts at 135VAC will entail drawing as much as 
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Figure 18-5. Pulse-width modulation adjusts the widths 
of pulses delivered at a high frequency. The pulse widths 
can be averaged to generate voltage that follows a close 
approximation of a sine wave. 


10 amps at 12VDC. Cigarette lighters are usually 
fused at 15 or 20 amps, so 100 watts is a reason- 
able value. Inverters that are rated above 150 
watts usually have cables terminating in oversize 
alligator clips for direct connection to the termi- 
nals of a 12V battery. 


While the cold cranking rating of a car battery 
may be 100 amps or more, the battery is only 
designed to deliver that power for up to 30 sec- 
onds at atime. Inverters rated for as much as 500 
watts will exceed the normal capacity of a single 
car battery, although if the battery is mounted in 
a vehicle, it can be supplemented by running the 
engine so that the alternator shares some of the 
load. A 500-watt inverter is better supplied by 
two or more 12-volt car batteries wired in paral- 
lel. 


How to Use it 





Small inverters are typically used in vehicles to 
run cellphone chargers, music players, or laptop 
computers. Large inverters are an integral part of 
off-the-grid solar and wind-powered systems, 
where battery power must be converted to AC 
house current. Uninterruptible power supplies 
contain batteries and inverters capable of run- 


How to Use it 


ning computer equipment for a brief period. 
Battery-driven electric vehicles with AC motors 
use inverters with an exceptionally high current 
rating. 


There is a lack of consensus regarding possible 
harmful effects of powering electronics equip- 
ment with a low-cost modified sine wave inver- 
ter. Anecdotal evidence suggests that where the 
equipment uses its own switching power supply 
or uses an AC adapter (either mounted internally 
or as an external plug-in package), the filtering 
built into the power supply will block harmonics 
from the inverter. 


Other evidence suggests that cheap inverters 
may have adverse effects on devices containing 
synchronous motors that run direct from AC. 
There are reports that fluorescent lighting and 
photographic electronic flash systems may be 
unsuitable for use even with modified sine wave 
inverters. However, differencesin product design 
and component quality make it impossible to 
generalize. A cheaply made inverter may gener- 
ate a wave form that is not even a close approx- 
imation of a square wave. See Figure 18-6. 


Time 


Figure 18-6. A cheaply made inverter can generate a dis- 
torted wave form that is even higher in noise than a pure 
square wave. This sample is adapted from an actual oscil- 
loscope trace. 
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What Can Go Wrong 


If multiple batteries are connected in parallel, us- 
ing suitably heavy-gauge wire to power a large 
inverter, the batteries must be identical in spec- 
ification and age, and must all be equally charged 
to prevent high and potentially dangerous flows 
of current among the batteries as they attempt 
to reach an equilibrium among themselves. In- 
terconnections must be firmly clamped to clean 
battery terminals. For additional information, see 
the battery entry in this encyclopedia. 





Problems associated with inverters are likely to 
be mundane. A 12V wiring to the inverter can 
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overheat if items such as clothes or bedding are 
left on top of it; a high-wattage fan-cooled in- 
verter can overheat if the fan is obstructed by 
poor placement or impaired by accumulated 
dirt; alligator clips may become dislodged from 
battery terminals; and power surges drawn by 
inductive loads such as motors may trigger the 
inverter’s breaker, especially if they are used in 
conjunction with other equipment. 


As always, high amperage should be treated with 
caution and respect, regardless of it being deliv- 
ered at “only 12 volts.’ 
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Correctly known as a linear voltage regulator to distinguish it from a switching regulator 
or DC-DC converter. However, the full termis not generally used, and “voltage regulator” 
is normally understood to mean a linear voltage regulator. 


OTHER RELATED COMPONENTS 


« DC-DC converter (See Chapter 17) 
- AC-DC power supply (See Chapter 16) 


What It Does 


A linear voltage regulator provides a tightly con- 
trolled DC output, which it derives from an un- 
regulated or poorly regulated DC input. The DC 
output remains constant regardless of the load 
on the regulator (within specified limits). It is a 
cheap, simple, and extremely robust compo- 
nent. 





There is no single schematic symbol for a linear 
voltage regulator. 


The general physical appearance of a commonly 
used type of regulator, rated for an output of 
around 1A DC, is shown at Figure 19-1. The 
LM7805, LM7806, LM7812, and similar regulators 
inthe LM78xx series are encapsulated in this type 
of package, with pins that are spaced at 0.1” and 
have functions as shown. Other types of regula- 
tor may differ in appearance, or may look identi- 
cal to this one but have different pin functions. 
Always check datasheets to be sure. 


How It Works 


All linear regulators function by taking some 
feedback from the output, deriving an error val- 
ue by comparing the output with a reference 
voltage (most simply provided by a zener diode), 





and using the error value to control the base of 
a pass transistor that is placed between the input 
and the output of the regulator. Because the 
transistor operates below saturation level, its 
output current varies linearly with the current 
applied to its base, and this behavior gives the 
linear regulator is name. Figure 19-2 shows the 
relationship of these functions in simplified form; 
Figure 19-3 shows a little more detail, with a Dar- 
lington pair being used as the pass transistor. The 
base of the pair is controlled by two other tran- 
sistors and a comparator that delivers the error 
voltage. This version of a voltage regulator is 
known as the standard type. 


The voltage difference required between the 
base and emitter of an NPN transistor is a mini- 
mum of 0.6V. Because multiple transistors are 
used inside a standard-type voltage regulator, it 
requires a minimum total voltage difference, be- 
tween its input and its output, of 2VDC. This volt- 
age difference is known as the dropout voltage. lf 
the voltage difference falls below this minimum, 
the regulator ceases to deliver a reliable output 
voltage until the input voltage rises again. Low 
dropout regulators allow a lower voltage differ- 
ence, but are more expensive and less commonly 
used. They are described under the following 
Variants section. 
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Input 


Figure 19-1. The package design of a commonly used 
voltage regulator. Others may be significantly different, 
and the pin functions may vary. Check manufacturer da- 
tasheets for details. 


Discrete components could in theory be used to 
build a voltage regulator, but this ceased to be 
cost-effective several decades ago. The term is 
now understood to mean one small integrated 
package containing the basic circuit augmented 
with additional, desirable features, such as auto- 
matic protection against overload and excessive 
heat. Instead of burning out if it is overloaded, 
the component simply shuts down. Most voltage 
regulators also tolerate accidentally reversed 
power connection (as when batteries are inser- 
ted the wrong way around) and accidentally re- 
versed insertion of the regulator in a circuit 
board. 


Other components can satisfy the requirement 
to deliver power at a reduced voltage. Most sim- 
ply, if two resistors in series are placed across a 
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Figure 19-2. A linear voltage regulator basically consists 
of a transistor whose base is controlled by corrective feed- 
back derived from the output. 





Figure 19-3. The fundamental internal features of a 
standard-type voltage regulator, including a Darlington 
pair, two transistors, a voltage divider, comparator, and 
reference voltage source, shown inside the dashed white 
line. 
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power source, they form a voltage divider, which 
provides an intermediate voltage at the connec- 
tion between them. However, this voltage will 
vary depending on fluctuations in the input volt- 
age and/or load impedance. A voltage regulator 
is the simplest way to supply a voltage that re- 
mains stable regardless of excursionsinthe input 
or fluctuations in power consumed by the load. 


The disadvantage of a standard-type voltage 
regulator is that it is inefficient, especially when 
a relatively high input voltage is used to deliver 
a relatively low output voltage. If V;,, is the input 
voltage, Voy; is the output voltage, and |,,, is the 
output current, the average power loss, P,is given 
by the formula: 


P = Ipout * (Vin 7 Vout) 


For example, if the output current is 1A, the input 
voltage is 9VDC, and the output is 5VDC, 44% of 
the input power will be wasted, and the compo- 
nent will be only 56% efficient. The wasted power 
(about 4 watts, in this case) will be dissipated as 
heat. Even when a standard-type regulator runs 
at its minimum 2VDC dropout voltage, it must 
dissipate 1W when delivering 0.5A. 


Variants 





Packaging 

The package for the LM78xx series of regulators, 
shown in Figure 19-1, incorporates an aluminum 
plate drilled with a hole so that it can be bolted 
to a heat sink. Voltage regulators with a lower 
rated maximum output current (typically, 
100mA) do not have the same need for a heat 
sink, and are available in a package that resem- 
bles a small transistor. 


Some integrated circuits are available containing 
two voltage regulators, electrically isolated from 
each other. 


Popular Varieties 
Inthe LM78xx series, the last two digits in the part 


number specify the output voltage, which is 
fixed. Thus the LM7805 delivers 5VDC, the 


Variants 


LM7806 delivers 6VDC, and so on. For regulators 
with a fractional voltage output (3.3VDC being 
common), an additional letter may be inserted in 
the part number, as in the 78M33. 


Many copies of the LM78xx series are made by 
different manufacturers, the copies being func- 
tionally identical, regardless of additional letters 
that are added to the part number to identify its 
source or other attributes. 


The LM78xx regulators are mostly rated to be ac- 
curate within 4%, although actual samples al- 
most always deliver voltages that are more pre- 
cise than this range suggests. 


Adjustable Regulators 

While the majority of regulators have a fixed out- 
put, some allow the user to set the output by 
adding one or more resistors. The LM317 is a 
popular example. Its output voltage can range 
from 1.25VDC to 37VDC and is set via a resistor 
and a trimmer potentiometer, as illustrated in 
Figure 19-4. If R1 is the fixed-value resistor and 
R2 is the trimmer, as shown in the schematic, the 
output voltage, Vout, is given by the formula 


Vout = 1.25 * (1 + (R2 / R1)) 


Typical values for R1 and R2 would be 2400 and 
5K, respectively. With the trimmer at the middle 
of its range, Voy, would be 1.25 * (1 + (2500/240)) 
= approximately 15VDC, requiring an input of at 
least 17VDC. However, if the trimmer is reduced 
to 720Q, the output would be 5VDC. In practice, 
the value of a trimmer should be chosen so that 
a mid-range setting provides approximately the 
desired output. This will enable fine adjustment 
of the output voltage. 


While the versatility of an adjustable regulator is 
desirable, its overall power dissipation is still pro- 
portional to the difference between the input 
voltage andthe output voltage. To minimize heat 
loss, this difference should not exceed the drop- 
out voltage by a larger amount than is absolutely 
necessary. 
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Variants 


An adjustable regulator may require larger by- 
pass capacitors than a regulator with a fixed out- 
put. A manufacturer’s recommendations for the 
LM317 are shown in Figure 19-4. 


Negative and Positive Regulators 
While most linear voltage regulators are de- 
signed for “positive input” (conventional current 
flow from input to output), some are intended 
for “negative input.” In this variant, the common 
terminal is positive, and the input and output are 
negative in relation to it. 


LM317L 





Figure 19-4. Schematic for the LM317L adjustable volt- 
age regulator, based on a circuit recommended by Nation- 
al Semiconductor, with bypass capacitors added for ripple 
rejection. 


Low-Dropout Linear Regulators 

Low-dropout regulators (sometimes referred to as 
LDO regulators) allow a much lower dropout 
voltage by using a single PNP or MOSFET tran- 
sistor. LDO regulators are popularly used in 
battery-powered devices where efficiency 
should be maximized and heat dissipation 
should be minimized. For example, the LM330 is 
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a regulator with a 5VDC output, tolerating a 
dropout voltage of 0.6V, allowing it to be used 
with four AAA cells. In an LDO regulator the drop- 
out voltage actually varies with load current and 
may diminish to as little as one-tenth of its rated 
value when the output current is minimal. 


The majority of low-dropout regulators are sold 
in surface-mount packages, and are designed for 
maximum output of 100mA to 500mA. Only a 
few exceptions exist. They tend to be slightly 
more expensive than regulators with the typical 
2V dropout rating. 


Three voltage regulators are shown in 
Figure 19-5. From left to right, they are rated 
5VDC at 1A, 12VDC at 1A, and 5VDC at 7.5A. The 
two smaller regulators are of the LM78xx series. 
The larger regulator claims alow maximum drop- 
out voltage of 1.5VDC, and its output voltage can 
be adjusted with an external potentiometer and 
resistor. 





Figure 19-5. Two voltage regulators from the LM78xx ser- 
ies, and a third high-current, low-dropout, adjustable reg- 
ulator rated 5VDC (adjustable upward) at 75A. 





164 Encyclopedia of Electronic Components Volume 1 


power > regulation > voltage regulator 


Quasi-Low-Dropout Linear 
Regulators 

Where a standard regulator uses a Darlington 
pair as the pass transistor and an LDO uses a 
single PNP transistor, the so-called Quasi-LDO 
uses a combination of NPN and PNP transistors 
and has an intermediate dropout voltage, typi- 
cally a maximum of 1.5VDC. However, the terms 
LDO and Quasi-LDO are not used uniformly in the 
industry. One manufacturer markets Quasi-LDO 
regulators as LDO regulators, and describes its 
LDO regulators as Very Low Dropout regulators. 
Consult datasheets to determine the actual spec- 
ification of the product, regardless of its classifi- 
cation. 


Additional Pin Functions 

Some voltage regulators include an extra pin, 
typically known as an enable pin, which switches 
off the device in response to a signal from a mi- 
crocontroller or logic gate. 


Some regulators offer another option, an addi- 
tional status pin that can signal a microcontroller 
that an error mode exists if the regulator output 
falls significantly below its rated value. 


In battery-powered devices, alow-battery sensor 
is a desirable feature, since a regulator may sim- 
ply shut down without warning if the input volt- 
age is insufficient. A few regulators, such as the 
LP2953, provide a low-battery warning output 
via an extra pin. 


Values 





Linear voltage regulators with a single, fixed out- 
put are commonly available to supply DC out- 
puts of 3.3, 5, 6, 8, 9, 10, 12, 15, 18, and 24 volts, 
with a few variants offering fractional values in 
between. The most commonly used values are 5, 
6, 9, 12, and 15 volts. The input voltage may be 
as high as 35VDC. 


Values 


Maximum output current is typically 1A or 1.5A, 
in the traditional three-pin, through-hole, 
TO-220 format. A surface-mount version is avail- 
able. Other surface-mount formats have lower 
power limits. 


Accuracy may be expressed as a percentage or 
asa figure forload regulationin mV. A typicalload 
regulation value would be 50mV, while voltage 
regulation accuracy ranges from 1% to 4%, de- 
pending on the manufacturer and the compo- 
nent. While low-dropout regulators are generally 
more efficient, they do require more ground-pin 
current. This is not usually a significant factor. 


How to Use it 





Some components, such as many old-design 
CMOS chips or the traditional TTL version of the 
555 timer, allow a wide range of acceptable input 
voltages, but most modern logic chips and mi- 
crocontrollers must have a properly controlled 
power supply. Regulators such as the LM7805 are 
traditionally used to provide this, especially in 
small and relatively simple devices that draw a 
moderate amount of current, have a low com- 
ponent count, and are powered via a battery or 
an AC adapter. A fully fledged switching power 
supply is overkill in this kind of application. 


A linear voltage regulator cannot respond in- 
stantly to changes in input voltage. Therefore, if 
the input supply contains voltage spikes, these 
spikes may pass through the regulator. Bypass 
capacitors should be applied preventively. A 
sample schematic showing an LM7805 regulator 
with bypass capacitors recommended by a man- 
ufacturer is shown in Figure 19-6. 


In a battery-powered device where standby 
power is required for long periods and full power 
is only needed intermittently, the quiescent cur- 
rent drawn by a minimally loaded voltage regu- 
lator is important. Modern LDO regulators may 
draw as little as 1OOUWA when they are very lightly 
loaded. Other types may consume significantly 
more. Check datasheets to find the most appro- 
priate component for a particular application. 
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What Can Go Wrong 


In 


LeTcelt tare! 


LM7805 


Out 





Figure 19-6. Typical schematic for use of an LM7805 reg- 
ulator, with capacitor values based on recommendations 
from Fairchild Semiconductor. 


Note that DC-DC power converters may draw a 
lot of current when they are lightly loaded, and 
will dissipate large amounts of heat as a result. 
An LDO is therefore preferable in this situation. 


What Can Go Wrong 





Inadequate Heat Management 

The ability to “dial up” a wide range of voltages 
from an adjustable regulator such as the LM317 
can be a temptation to use it on a “one size fits 
all” basis, to deliver any output ranging from 
5VDC to 18VDC from a uniform 24VDC input. As- 
suming 1A output current, the worst-case power 
dissipation in this scenario would be almost 20W. 
To achieve reasonable efficiency and maintain 
waste heat at a manageable level, the input volt- 
age should not exceed the output voltage by 
much more than the dropout voltage. 


power > regulation > voltage regulator 


Even when a voltage regulator is used correctly, 
it can generate more heat than was expected if 
the requirements of a circuit are altered during 
development. An initial handful of components 
may draw only 100mA, but as more capabilities 
are requested and more parts are added (espe- 
cially relays or LED displays) the power consump- 
tion can quickly add up, generating an unexpec- 
ted amount of waste heat and raising the possi- 
bility of a sudden (and mysterious) shutdown if 
the regulator does not have an adequate heat 
sink. 


Transient Response 

When there is a major fluctuation in the demand 
by the load (for example, if an inductive device is 
switched on elsewhere in the circuit), the voltage 
regulator requires a finite time to adjust itselfand 
maintain its specified output voltage. This time 
lag is known as its transient response. If a mo- 
mentary fluctuation is likely, and other compo- 
nents may be sensitive to it, a larger capacitor 
should be used between the output of the volt- 
age regulator and ground. 


The transient response time may also be insuffi- 
cient to block sudden, brief spikes in input volt- 
age. This may occur, for example, when a low- 
cost AC adapter that does not have a properly 
smoothed output is used as the power source. 
Additional 1uF bypass capacitors may be added 
at the input and output of a regulator to provide 
better protection from power fluctuations. 


Misidentified Parts 


Many types of linear voltage regulators appear 
physically identical. Care is needed to distinguish 
those which have fixed output from those that 
allow a variable output. When using the LM78xx 
series, double-check the last pair of digits in the 
part number, which provide the only guide re- 
garding the output. Using an LM7808 instead of 
an LM7805 may be sufficient to destroy all the 
5VDC chips in a logic circuit. It is advisable to use 
a meter to check the output of any power supply 
before connecting it with a circuit. 
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Misidentified Pins 


The LM78xx series of voltage regulators uses a 
very intuitively obvious and consistent scheme 
for the functions of its pins: input on the left, 
ground in the center, and output on the right, 
when looking at the regulator from the front, 
with its pins facing downward. Unfortunately the 
consistency of this scheme can encourage an 
unthinking habit for making connections. The 
LM79xx series of negative voltage regulators 
swaps the identity of the input and ground pins, 
whereas adjustable regulators use yet another 
different scheme. Good practice suggests check- 
ing acomponent against the manufacturer's da- 
tasheet before connecting it. 


Dropout Caused by Low Battery 


If a regulator rated to deliver 6VDC has a 2VDC 
dropout voltage and is powered from a 9V bat- 
tery, the battery can easily drop below the mini- 
mum acceptable 8VDC if it becomes old or de- 
pleted. When this happens, the output from the 
regulator will tend to fall, or may oscillate. 


Inaccurate Delivered Voltage 

A voltage regulator maintains its output voltage 
between its output pin and ground pin. Thin 
traces on a circuit board, or a long run of very 
small-gauge wiring, can impose some electrical 
resistance, reducing the actual voltage delivered 
to acomponent. Ohm’s Law tells us that the volt- 
age drop imposed by a trace (or thin wire) will be 
proportional to the current flowing through it. 
For example, if the resistance between the out- 
put pin of a voltage regulator and a component 
is 0.50 and the current is 0.1A, the voltage drop 
will be only 0.05V. But if the current increases to 
1A, the voltage drop is now 0.5V. Bearing this in 
mind, a linear voltage regulator should be posi- 
tioned close to voltage-sensitive components. In 
printed circuit designs, the traces that deliver 
power should not have significant resistance. 


When using linear voltage regulators with ad- 
justable output, there may be a temptation to 


What Can Go Wrong 


connect adjustment resistor R1 to the positive 
end of the load, to obtain a “more accurate” de- 
livered voltage. This configuration will not pro- 
duce the desired result. R1 should always be con- 
nected as closely as possible between the output 
pin and the adjustment pin of the voltage regu- 
lator, while R2 should connect between the ad- 
justment pin and the negative end of the load. 
This is illustrated in Figure 19-7, where the gray 
wirein each schematic indicates that it possesses 
significant resistance. 


Right 





Resistive Wire 


LM347L 


fetig 
Adjust 





Resistive Wire 


Figure 19-7. When the connection between an adjustable- 
output voltage regulator and load components has a sig- 
nificant resistance (shown here as a gray “resistive wire”), 
R1 should always be connected as closely as possible to 
the pins of the regulator, as shown in the upper schemat- 
ic. (Derived from schematics prepared by National Semi- 
conductor.) 
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The term electromagnet is used here to mean a coil containing a core of ferromagnetic 
material that does not move relative to the coil. The core is used solely to create a mag- 
netic field that attracts or repels other parts that have appropriate inherent magnetic 
properties. Where a center component moves in response to the magnetic force created 
by current through a coil, this is discussed in the solenoid entry. By comparison, the 
inductor entry describes a coil that may or may not have a ferromagnetic core, and is 
used for the specific purpose of creating reactance, or self-inductance, in an electronic 
circuit, often in association with alternating current and in combination with resistors 
and/or capacitors. The inductor entry contains a basic discussion and explanation of 


magnetic force created by electricity. 
OTHER RELATED COMPONENTS 


« solenoid (See Chapter 21) 

» electromagnet (See Chapter 20) 
¢ DC motor (See Chapter 22) 

¢ AC motor (See Chapter 23) 


What It Does 


An electromagnet consists of a coil that creates 
a magnetic field in response to an electric cur- 
rent. The field is channeled and reinforced by a 
core of magnetic material (that is, material that 
can be magnetized). Electromagnets are incor- 
porated in motors, generators, loudspeakers, mi- 
crophones, and _ industrial-sized applications 
such as mag-lev trains. On their own, they pro- 
vide a means for electric current to hold, lift, or 
move objects in which a magnetic field can be 
induced. 





A very small, basic electromagnet about 1 inch 
in diameter is shown in Figure 20-1. No specific 
schematic symbol for an electromagnet exists, 
and the symbol for an induction coil with a solid 
core is often used instead, as shown in 
Figure 14-1 (the center variant of each of the 
three) in the inductor entry of this encyclopedia. 





Figure 20-1. An electromagnet approximately 1 inch in di- 
ameter, rated to draw 0.25A at 12VDC. 


How It Works 





Electric current flowing through a circle of wire 
(or a series of connected loops that form a helix 


169 


Variants 


or coil) will induce a magnetic field through the 
center. This is illustrated in the inductor entry of 
this encyclopedia, specifically in diagrams 
Figure 14-3, Figure 14-4, Figure 14-5, and 
Figure 14-6. 


If a stationary piece of ferromagnetic material is 
placed in the center of the circle or coil, it enhan- 
ces the magnetic force because the reluctance 
(magnetic resistance) of the material is much 
lower than the reluctance of air. The combination 
of the coil and the core is an electromagnet. This 
is illustrated in Figure 20-2. For a lengthier dis- 
cussion of this effect, see “Magnetic Core” (page 
122). 





Figure 20-2. Direct conventional current flowing through 
a wire coiled around a ferromagnetic rod induces a mag- 
netic force in the rod, conventionally considered to flow 
from south to north. 


The magnitude of the electromagnetic flux den- 
sity will be proportional to the current flowing 
through the coil, assuming a DC power source. 


Variants 





Electromagnet designs vary according to their 
application. The simplest design consists of a sin- 
gle coil wound around a rod which may termi- 
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nate in a plate for applications such as lifting 
scrap metal. This design is relatively inefficient 
because the magnetic circuit is completed 
through air surrounding the electromagnet. 


A more efficient, traditional design consists of a 
U-shaped core around which are wound one or 
two coils. If the U-shaped core is smoothly 
curved, it resembles a horse-shoe magnet, as 
shown in Figure 20-3. This design has become 
relatively uncommon, as it is cheaper to make 
windings across two separate, straight vertical 
cores and bridge them. However, the horseshoe 
configuration is extremely efficient, as the coils 
induce north and south magnetic polarities in 
the open ends of the U-shaped core, and the 
magnetic circuit is completed through any ob- 
ject that is attracted toward the open ends and 
links them. The attracted object is shown as a 
rectangular plate in Figure 20-3. Because a mag- 
netic circuit will naturally attempt to limit its ex- 
tent, and because this goal willbe achieved when 
the circuit is completed, the attractive force of 
the U-shaped magnet is maximized. 


An electromagnet powered by direct current 
naturally produces a consistently polarized, sta- 
ble magnetic field. When AC current is applied, 
an electromagnet may still be used to exert an 
attractive force on a passive object that is not 
magnetized but is capable of being magnetized. 
The electromagnet will change its polarity at al- 
most the same frequency as the AC, and will in- 
duce equal and opposite fluctuating polarity in 
the target, causing mutual attraction. The core of 
the magnet will be composed of plates separa- 
ted by thin layers of insulation to inhibit the eddy 
currents induced by the AC, but still an AC- 
powered electromagnet will be less efficient 
than a comparable DC-powered electromagnet 
because it will also suffer from hysteresis as power 
is consumed by repeatedly reversing the polarity 
of the magnetic domains in the core. 


Some electromagnets that are described as suit- 
able for AC power actually contain rectifiers that 
convert the AC to DC. 





170 Encyclopedia of Electronic Components Volume 1 


electromagnetism > linear > electromagnet 





Figure 20-3. This traditional design for an electromagnet 
has a pedigree stretching back for more than a century. It 
maximizes efficiency by completing a magnetic circuit 
through any object that the magnet attracts. 


Values 


Electromagnets are typically calibrated in terms 
of their power consumption and retaining force 
(the weight of an iron target that they can sup- 
port). The retaining force is usually measured in 
grams or kilograms. 


How to Use it 





Electromagnets are used mostly as subassem- 
blies in other components, such as motors and 
generators, relays, loudspeakers, and disk drives. 
They have also been used in audio (and video) 
tape recorders to magnetize ferric oxide on tape, 
using a magnetic field of varying strength to re- 
cord an audio signal. In this application, a form 
of horseshoe magnet with an extremely narrow 
gap is used, the width of the gap determining the 
highest frequency that the electromagnet can 
record, in conjunction with the speed of the tape 
moving past the head. 


Values 


The tape recording process can be reversed 
when the electromagnet “reads” the tape and 
turns the signal back into a weak alternating cur- 
rent that can be amplified and reproduced 
through a loudspeaker. 


Asimple application for an electromagnet is ina 
traditional-style doorbell, where one or two coils 
attract a spring-loaded lever, at the top of which 
isa knob that hits a bell. When the lever is pulled 
toward the bell, it breaks a contact that supplies 
power to the electromagnet. This allows the lever 
to spring back to its original position, which re- 
establishes the circuit, repeating the process for 
as long as power is applied to the bell. The bulk 
and weight of the component parts in this type 
of doorbell are making it obsolete, as electronic 
versions containing small loudspeakers become 
relatively cheaper. However, a solenoid may still 
be used in the type of bell that creates a single 
chime or pair of chimes. 


In any device using a cathode-ray tube, electro- 
magnetic coils are used to form a yoke around 
the neck of the tube, to deflect the beam of elec- 
trons on its way to the screen. A similar principle 
is used in electron microscopes. In some cases, 
electrostatically charged plates are used to ach- 
ieve the same purpose. 


An electromagnet may be used to activate a reed 
switch (the diagram in Figure 9-7 shows such a 
switch). In this application, the combination of 
the electromagnet and the switch are function- 
ing as a relay. 


When an electromagnet is energized by alter- 
nating current, it can be used to degauss (in other 
words, to demagnetize) other objects. The AC is 
either applied with diminishing current, so that 
the alternating magnetic polarities gradually 
subside to zero, or the electromagnetis gradually 
moved away from the target, again reducing the 
magnetic influence to (virtually) zero. This latter 
procedure may be used periodically to demag- 
netize record and replay heads on tape recorders, 
which otherwise tend to acquire residual mag- 
netism, inducing background hiss on the tape. 
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What Can Go Wrong 


Traditional large-scale applications for electro- 
magnets tend to involve lifting and moving 
heavy objects or scrap metal, such as junked cars. 
A more modern application is in magnetic reso- 
nance imaging (MRI), which has revolutionized 
some areas of medicine. 


Very large-scale applications for electromagnets 
include particle accelerators, in which multiple 
magnetic coils are energized sequentially, and 
fusion-power generators, — where _ high- 
temperature plasma is contained by a magnetic 
field. 
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What Can Go Wrong 


Because an electromagnet requires constant 
power to maintain its magnetic force, yet it is not 
doing any actual work so long as its target re- 
mains stationary (in contact with the core of the 
magnet), the current running through the coil of 
the magnet must be dissipated entirely as heat. 
Further discussion of this issue will be found at 
“Heat” (page 177) in the solenoid section of this 
encyclopedia. 
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The term solenoid was historically used to describe any coil without a magnetic core. 
More recently and more commonly it describes a coil inside of whicha cylindrical plunger 
moves in response to the magnetic field generated by the coil. In this encyclopedia, the 
term electromagnet has its own entry, and describes a coil with a center component 
of ferromagnetic material that does not move relative to the coil. It is used solely to attract 
or repel other parts that have inherent magnetic properties. By comparison, the induc- 
tor entry describes a coil that is used for the specific purpose of creating reactance, or 
self-inductance, in an electronic circuit, often in association with alternating current and 
in combination with resistors and/or capacitors. The inductor entry contains a basic 
discussion and explanation of magnetic force created by electricity. 


OTHER RELATED COMPONENTS 


¢ inductor (See Chapter 14) 
¢ solenoid (See Chapter 21) 


What It Does 





Atypical solenoid consists of a hollow coil inside 
a frame, which may be a sealed cylinder or box- 
shaped with open sides. In the case of a cylinder, 
its opposite ends may be referred to as pole faces. 


At least one of the pole faces has a hole through 
which a plunger (also known as an armature) is 
pulled or pushed by the solenoid. Thus, the sol- 
enoid is a device for applying a linear mechanical 
force in response to current passing through it. 
In most solenoids, current must be maintained 
in order to maintain the mechanical force. 


A small open-frame solenoid is pictured in 
Figure 21-1. The upper section of the figure 
shows the three basic parts: frame, compression 
spring, and plunger. The lower part of the figure 
shows the parts assembled. 


A larger, closed, cynlindrical solenoid is shown in 
Figure 21-2, with the plunger and spring re- 
moved. 


A 3D rendering showing a simplified, imaginary, 
cylindrical solenoid cut in half appears in 
Figure 21-3. The diagram includes a gray cylin- 
drical shell, often described as the frame; the coil, 
shown in orange; the plunger, which is pulled in- 
tothe coil by its magnetic field; and the triangular 
stop, which limits the plunger’s upward travel. 
The frame of the solenoid exists not merely to 
protect the coil, but to provide a magnetic circuit, 
which is completed through the plunger. 


The lower end of the plunger is often fitted with 
a nonmagnetic yoke or perforated plate for con- 
nection with other components. Stainless steel 
can be used for this purpose. The stop may be 
fitted with a thrust rod (also fabricated from 
stainless steel) if the solenoid is intended to 
“oush’” as wellas “pull.” Springs to adjust the force 
of the plunger, or to return it to its initial position 
when the current through the coil is interrupted, 
are not shown in the rendering. 
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Figure 21-2. A larger solenoid rated for 24VDC. 


Because there is no standardized schematic sym- 
bol for a solenoid, and because this type of com- 
ponent is so widely used in conjunction with 
valves, any diagram involving solenoids is more 
likely to emphasize fluid or gas flow with symbols 
that have been developed for that purpose. In 
such circuits, a solenoid may be represented sim- 
ply by a rectangle. However, the symbols shown 
in Figure 21-4 may occasionally be found. 


How It Works 


Current flowing through the coil creates a mag- 
netic force. This is explained in the inductor en- 
try of this encyclopedia, using diagrams in 
Figure 14-3, Figure 14-4, Figure 14-5, and 
Figure 14-6. 





If the plunger is fabricated from a material such 
as soft iron, the coil will induce an equal and op- 
posite magnetic polarity in the plunger. Conse- 
quently the plunger will attempt to occupy a po- 
sition inside the coil where the ends of the plung- 
er are equal distances from the ends of the coil. 
If a collar is added to the free end of the plunger, 
this can increase the pulling force on the plunger 
Figure 21-1. A small 12VDC solenoid. when it is near the end of its throw because of 
the additional magnetic pull distributed be- 
tween the collar and the frame of the solenoid. 
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Figure 21-3. A simplified view of a solenoid cut in half, 
showing the primary parts. 


Figure 21-4. Although no standard schematic symbol for 
a solenoid exists, these symbols may sometimes be 
found. 


A spring can be inserted to apply some resistive 
force to compensate for the increase in pulling 


How It Works 


force that occurs as a larger proportion of the 
plunger enters the coil. A spring may also be used 
to eject the plunger, partially at least, when cur- 
rent to the coil is interrupted. 


If the plunger is a permanent magnet, reversing 
DC current to the coil will reverse the action of 
the plunger. 


A solenoid with a nonmagnetized plunger may 
be energized by AC current, since polarity rever- 
sals in the magnetic field generated by the coil 
will induce equal and opposite reversals in the 
polarity of the plunger. However, the force curve 
of an AC-powered solenoid will be different from 
the force curve of a DC-powered solenoid. See 
Figure 21-5. The alternating current is likely to 
induce humming, buzzing, and vibration. 








The force exterted on a plunger as it 
moves from outside the coil to 
inside the coil, in hypothetical 
AC and DC solenoids. 


AC 


Force 


Outside 


Inside 


Figure 21-5. A comparison of the force exerted on a 
plunger, relative to its position as it enters the coil, in hy- 
pothetical AC and DC solenoids. 


The frame of the solenoid increases the magnetic 
power that the coil can exert by providing a mag- 
netic circuit of much lower reluctance than that 
of air (reluctance being the magnetic equivalent 
of electrical resistance). For a lengthier 
discussion of this effect, see “Magnetic Core” 
(page 122) in the inductor entry of this 
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Variants 


encyclopedia. If current flowing through the coil 
increases to the point where the frame becomes 
magnetically saturated, the pulling power of the 
solenoid will level off abruptly. 


The heat generated by a solenoid when it is 
maintained in its energized state may be reduced 
if the manufacturer includes a series resistor and 
a switch that functions as a bypass switch. The 
switch is normally closed, but is opened me- 
chanically when the plunger reaches the end of 
its throw, thus diverting electricity through the 
series resistor. This itself will generate some heat 
as a result of the current flowing through it, but 
by increasing the total resistance of the system, 
the total heat output will be reduced. The resistor 
value is chosen to provide the minimum power 
needed to retain the plunger at the end of its 
throw. 


Variants 





The most common variant is tubular, with open- 
frame as a secondary option. A tubular solenoid 
has been shown in Figure 21-2. 


Additional variants include: 


Low Profile 


A shorter, fatter solenoid which may be used if a 
short throw is acceptable. 


Latching 

A permanent magnet holds the plunger when it 
reaches the end of its travel, and continues to 
hold it after power to the solenoid is disconnec- 
ted. The plunger itself is also a permanent mag- 
net, and is released by running current of reverse 
polarity through the coil. 


Rotary 

This variant is similar in principle to a brushless 
DC motor and causes the armature to rotate 
through a fixed angle (typically ranging from 25 
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to 90 degrees) instead of moving linearly. It is 
used as a mechanical indicator in control panels, 
although it is being displaced by purely elec- 
tronic indicators. 


Hinged Clapper 

Instead of a plunger, a small hinged panel (the 
“clapper”) moves in when the solenoid is active, 
and springs back when the power is interrupted. 


Values 





The stroke length, duty cycle, and holding force 
are the most significant values found in solenoid 
datasheets. 


Holding forces for DC solenoids can range from 
a few grams to hundreds of kilograms. The hold- 
ing force will be inversely proportional to the 
length of the solenoid, if all other variables are 
equal. The force that the solenoid can exert on 
its plunger also varies depending on the position 
of the plunger in the length of its throw. 


Duty cycle is of special importance because the 
solenoid continues to draw power and create 
heat so long as it is holding the plunger at the 
endof its throw (assuming the solenoid is notthe 
latching type). The initial current surge in an AC 
solenoid generates additional heat. 


The duty cycle is simply calculated. If T1 is the 
time for which the solenoid is on and T2 is the 
time for which the solenoid is off, the duty cycle, 
D, is derived as a percentage from the formula 


D = 100 * (T1 / (T1 + T2)) 


Some solenoids are designed to withstand a 
100% duty cycle, but many are not, and in those 
cases, there is a maximum value not only for D 
but for the peak “on” time, regardless of the duty 
cycle. Suppose a solenoid is rated for a 25% duty 
cycle. If the solenoid is appropriately switched on 
forone second and off for three seconds, the heat 
will be allowed to dissipate before it has time to 
reach overload levels. If the solenoid is switched 
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on for one minute and off for three minutes, the 
duty cycle is still 25%, but the heat that may ac- 
cumulate during a one-minute “on” cycle may 
overload the component before the “off” cycle 
can allow it to dissipate. 


Coil Size vs. Power 

Because additional windings in a coil will induce 
a greater magnetic force, a larger solenoid tends 
to be more powerful than a smaller solenoid. 
However this means that if a larger and a smaller 
solenoid are both designed to generate the same 
force over the same distance, the smaller sole- 
noid will probably draw more current (and will 
therefore generate more heat) because of its 
fewer coil windings. 


How to Use it 





Solenoids are primarily used to operate valves in 
fluid and gas circuits. Such circuits are found in 
laboratory and industrial process control, fuel in- 
jectors, aircraft systems, military applications, 
medical devices, and space vehicles. Solenoids 
may also be used in some electronic locks, in pin- 
ball machines, and in robotics. 


What Can Go Wrong 


Heat 


Overheating is the principal concern when using 
solenoids, especially if the maximum “on” time is 
exceeded, or the duty cycle is exceeded. If the 
plunger is prevented from reaching the end of its 
throw, this can be another cause of overheating. 





Because coil resistance increases with heat, a hot 
solenoid passes less current and therefore de- 


How to Use it 


velops less power. This effect is more pro- 
nounced in a DC solenoid than an AC solenoid. 
A manufacturer's force curve should show the 
solenoid performance at its maximum rated 
temperature, which is typically around 75 de- 
grees Centigrade, ina hypothetical ambient tem- 
perature of 25 degrees Centigrade. Exceeding 
these values may result in the solenoid failing to 
perform. As in all coils using magnet wire, there 
is the risk of excessive heat melting the insulation 
separating the coil windings, effectively short- 
ening the coil, which will then pass more current, 
generating more heat. 


AC Inrush 


When an ACsolenoid reaches the end ofits travel, 
the sudden stop of the plunger results in forward 
EMF that generates additional heat. Generally 
speaking, alonger stroke creates a greater surge. 
Rapid cycling will therefore exacerbate coil heat- 
ing. 


Unwanted EMF 

Like any device containing a coil, a solenoid cre- 
ates back EMF when power is connected, and 
forward EMF when the power is disconnected. A 
protection diode may be necessary to suppress 
power spikes that can affect other components. 


Loose Plunger 

The plunger in many solenoids is not anchored 
or retained inside the frame and may fall out if 
the solenoid is tilted or subjected to extreme vi- 
bration. 
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In this section, the term “traditional DC motor” is used to describe the oldest and simplest 
design, which consists of two brushes delivering power via a rotating, sectioned com- 
mutator to two or more electromagnetic coils mounted on the motor shaft. Brushless DC 
motors (in which DC is actually converted toa pulse train) are also described here because 
“brushless DC” has become acommonly used phrase, and the motor is powered by direct 
current, even though this is modified internally via pulse-width modulation. 


OTHER RELATED COMPONENTS 


¢ AC motor (See Chapter 23) 
« stepper motor (See Chapter 25) 
* servo motor (See Chapter 24) 


What It Does 


Atraditional DC motor uses direct current to cre- 
ate magnetic force, which turns an output shaft. 
When the polarity of the DC voltage is reversed, 
the motor reverses its direction of rotation. Usu- 
ally, the force created by the motor is equal in 
either direction. 


How It Works 


Current passes throughtwo or more coils that are 
mounted on the motor shaft and rotate with it. 
This assembly is referred to as the rotor. The mag- 
netic force produced by the current is concen- 
trated via cores or poles of soft iron or high- 
silicon steel, and interacts with fields created by 
permanent magnets arrayed around the rotor in 
a fixed assembly known as the stator. 








Power to the coils is delivered through a pair of 
brushes, often made from a graphite compound. 
Springs press the brushes against a sleeve that 
rotates with the shaft and is divided into sections, 
connected with the coils. The sleeve assembly is 


known as the commutator. As the commutator 
rotates, its sections apply power from the brush- 
es to the motor coils sequentially, in a simple 
mechanical switching action. 


The most elementary configuration for a tradi- 
tional DC motor is shown in Figure 22-1. 


In reality, small DC motors typically have three or 
more coils in the rotor, to provide smoother op- 
eration. The operation of a three-coil motor is 
shown in Figure 22-2. The three panels in this 
figure should be seen as successive snapshots of 
one motor in which the rotor turns progressively 
counter-clockwise. The brushes are colored red 
and blue to indicate positive and negative volt- 
age supply, respectively. The coils are wired in 
series, with power being applied through the 
commutator to points between each pair of coils. 
The direction of current through each coil deter- 
mines its magnetic polarity, shown as N for north 
or S for south. When two coils are energized in 
series without any power applied to their mid- 
point, each develops a smaller magnetic field 
than an individually energized coil. This is 
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How It Works 


ommutator 
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Power 


Figure 22-1. The simplest traditional DC motor contains 
these parts. The combination of coil, shaft, and commuta- 
tor is the rotor. The fixed magnetic structure in which it 
rotates is the stator. 


indicated in the diagram with a smaller white 
lowercase nand s. When two ends of a coil are at 
equal potential, the coil produces no magnetic 
field at all. 


The stator consists of a cylindrical permanent 
magnet, which has two poles—shown in the fig- 
ure as two black semicircles separated by a ver- 
tical gap for clarity—although in practice the 
magnet may be made in one piece. Opposite 
magnetic poles on the rotor and stator attract 
each other, whereas the same magnetic poles 
repel each other. 


DC motors may be quite compact, as shown in 
Figure 22-3, where the frame of the motor meas- 
ures about 0.7” square. They can also be very 
powerful for their size; the motor that is shown 
disassembled in Figure 22-4 is from a 12VDC 
bilge pump rated at 500 gallons per hour. Its out- 
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Figure 22-2. Three sequential views of a typical three-coil 
DC motor viewed from the end of its shaft (the shaft itself 
is not shown). Magnetic effects cause the rotor to turn, 
which switches the current to the coils via the commuta- 
tor at the center. 


put was delivered by the small impeller attached 
to the rotor at right, and was achieved by using 
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two extremely powerful neodymium magnets, 
just visible on the inside of the motor’s casing (at 
top-left) in conjunction with five coils on the ro- 
tor. 





Figure 22-3. A miniature 1.5VDC motor measuring about 
0.7” square. 


Variants 





Coil Configurations 

The series connection of coils used in Figure 22-2 
is known as the delta configuration. The alterna- 
tive is the wye configuration (or Y configuration, 
or star configuration). Simplified schematics are 
shown in Figure 22-5. Generally speaking, the 
delta configuration is best suited to high-speed 
applications, but provides relatively low torque 
at low speed. The wye configuration provides 
higher torque at low speed, but its top speed is 
limited. 


Gearhead Motor 

A gearhead motor (also often known as a gear 
motor) incorporates a set of reduction gears that 
increase the torque available from the output 
shaft while reducing its speed of rotation. This is 
often desirable as an efficient speed for a tradi- 
tional DC motor may range from 3,000 to 8,000 


Variants 





mimi t el al 
HER i 0 


Figure 22-4. A traditional DC motor removed from its cy- 
lindrical casing. The brushes of the motor are attached to 
the white plastic end piece at bottom-left. Large squares 
on the graph paper in the background are 1” x 1") divided 
in 0.1" increments. The motor was used in a small bilge 
pump. 


RPM, which is too fast for most applications. The 
gears and the motor are often contained ina sin- 
gle sealed cylindrical package. Two examples are 
shown in Figure 22-6. A disassembled motor, re- 
vealing half of its gear train under the cap and 
the other half still attached to a separate circular 
plate, appears in Figure 22-7. When the motor is 
assembled, the gears engage. As in the case of 
the bilge-pump motor, the stator magnets are 
mounted inside the cylindrical casing. Note that 
the brushes, inside the circular plate of white 
plastic, have a resistor and capacitor wired to 
suppress voltage spikes. 


Spur gears are widely used for speed reduction. 
Planetary gears (also knownas epicyclic gears) are 
a slightly more expensive option. Spur gears 
such as those in Figure 22-8 may require three or 
more pairs in series. The total speed reduction is 





Chapter 22 181 


Variants 


Power from 
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or controller 
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Figure 22-5. Coils on the rotor of a traditional DC motor 
may be connected in delta configuration (top) or wye con- 
figuration (bottom). 





Figure 22-6. Two typical small gearhead motors. 


found by multiplying the individual ratios. Thus, 
if three pairs of gears have ratios of 37 : 13, 31: 
15, and 39: 17, the total speed reduction ° is ob- 
tained by: 
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R = (37 * 31 * 39) / (13 * 15 * 17) 





Figure 22-7. Spur gears from a gearhead motor provide 
speed reduction and increased torque. 


Therefore: 
R = 44733 / 3315 = about 13.5: 1 


Datasheets almost always express Ras an integer. 
For example, the gear train shown in Figure 22-7 
is rated by the manufacturer as having an overall 
reduction of 50:1. In reality, the reduction can be 
expected to have a fractional component. This is 
because if two gears have an integer ratio, their 
operating life will be shortened, as a manufac- 
turing defect in a tooth in the smaller gear will 
hit the same spots in the larger gear each time it 
rotates. For this reason, the numbers of teeth in 
two spur gears usually do not have any common 
factors (as in the example above), and if a motor 
rotates at 500 RPM, a gear ratio stated as 50:1 is 
very unlikely to produce an output of exactly 10 
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RPM. Since traditional DC motors are seldom 
used for applications requiring high precision, 
this is not usually a significant issue, but it should 
be kept in mind. 





Figure 22-8. A pair of spur gears. 


Figure 22-9 shows planetary gears, also known as 
epicyclic gears. The outer ring gear is properly re- 
ferred to as the annulus, while the sun gear is at 
the center, and the intermediate p/anet gears 
may be mounted on a carrier. The greatest speed 
reduction will be achieved by driving the sun 
gear while the annulus is kept in a stationary po- 
sition and the output is taken from the carrier of 
the planet gears. If A is the number of teeth in the 
annulus and S is the number of teeth in the sun 
gear, the total speed reduction, R, is given by the 
following formula: 


R=(S+A)/S 


Note that in this drive configuration, the number 
of teeth in each planet gear is irrelevant to the 
speed reduction. In Figure 22-9, the sun gear has 
27 teeth whereas the annulus has 45 teeth. 
Therefore, the reduction is found by: 


R = (27 + 45) / 27 = about 2.7: 1 


Successive reductions can be achieved by stack- 
ing planetary gear sets, using the carrier of one 
set to drive the sun gear in the next set. 


Planetary gears are used primarily if a motor 
drives a heavy load, as the force is divided among 


Variants 





Figure 22-9. Planetary gears, also known as epicyclic 
gears, share the torque from a motor among more teeth 
than simple spur gears. 


more gear pairs, reducing wear and tear on gear 
teeth and minimizing the breakdown of lubrica- 
tion. A planetary gear train may also be more 
compact than a train of spur gears. These advan- 
tages must be evaluated against the higher price 
and slightly increased friction resulting from the 
larger number of gears interacting with each 
other. 


Brushless DC Motor 


Ina brushless DC motor, sometimes referred to as 
a BLDC motor, the coils are located in the stator 
and the permanent magnets are relocated in the 
rotor. The great advantage of this design is that 
power can be applied directly to the coils, elimi- 
nating the need for brushes, which are the pri- 
mary source of failure in DC motors as a result of 
wear and tear. However, since there is no rotating 
commutator to switch the DC current to the coils, 
the current must be switched by electronic com- 
ponents, which add to the cost of the motor. 


In the inrunner configuration the stator sur- 
rounds the rotor, whereas in the outrunner con- 
figuration the stator is located in the center of the 
motor while the rotor takes the form of a ring or 





Chapter 22 183 


Variants 


cup that spins around the stator. This is a com- 
mon design for small cooling fans, where the 
blades are attached to the outer circumference 
of a cup that is lined with permanent magnets. 
An example is shown in Figure 22-10. In this pic- 
ture, the stator coils are normally hidden from 
view, being fixed to the fan housing (shown at 
the top of the picture). Power is controlled by the 
surface-mount components on the green circu- 
lar circuit board. The cup attached to the fan 
blades contains permanent magnets. 


Figure 22-10. A typical brushless DC cooling fan uses sta- 
tionary coils, with permanent magnets rotating around 
them. 


The use of a solid-state switching system to en- 
ergize the coils sequentially is known as electron- 
ic commutation. Hall effect sensors may be used 
to detect the position of the rotor and feed this 
information back to the frequency control circuit, 
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so that it stays “one step ahead” of the rotor 
(when bringing it up to speed) or is synchronized 
with the rotor (fora constant running speed). The 
system is comparable to a reluctance motor or 
synchronous motor. These variants are described 
in the AC motor section of this encyclopedia. 


While traditional DC motors have been commer- 
cially available since the late 1800s, brushless DC 
motors were not introduced until the 1960s, 
when the availability of solid-state control elec- 
tronics began to make the motor design eco- 
nomically viable. 


Linear Actuator 


Linear actuator is a generic term for any device 
that can exert a pushing or pulling force in a 
straight line. In industrial applications, actuators 
may be powered pneumatically or hydraulically, 
but smaller-scale units are usually driven by a 
traditional DC motor. These are more properly 
(but not often) referred to as electromechanical 
linear actuators. 


The rotational force of the motor is typically con- 
verted to linear motion by using a threaded mo- 
tor shaft in conjunction with a nut or collar. The 
unit is often mounted in an enclosure containing 
limit switches that stop the motor automatically 
at the limits of travel. For an explanation of limit 
switches, see “Limit Switches” (page 46) in the 
switch entry in this encyclopedia. 


Values 


A manufacturer's datasheet should list the max- 
imum operating voltage and typical current con- 
sumption when a motor is moderately loaded, 
along with the sta// current that a motor draws 
when it is so heavily loaded that it stops turning. 
If stall current is not listed, it can be determined 
empirically by inserting an ammeter (or multi- 
meter set to measure amperes) in series with the 
motor and applying a braking force until the mo- 
tor stops. Motors should generally be protected 
with slow-blowing fuses to allow for the power 
fluctuations that occur when the motor starts 
running or experiences a change in load. 
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In addition, the torque that a motor can deliver 
should be specified. In the United States, torque 
is often expressed in pound-feet (or ounce- 
inches for smaller motors). Torque can be visual- 
ized by imagining anarm pivoted at one end with 
a weight hung on the other end. The torque ex- 
erted at the pivot is found by multiplying the 
weight by the length of the arm. 


In the metric system, torque can be expressed as 
gram-centimeters, Newton-meters, or dyne- 
meters. A Newton is 100,000 dynes. A dyne is de- 
fined as the force required to accelerate a mass 
of 1 gram, increasing its velocity by 1 centimeter 
per second each second. 1 Newton-meter is 
equivalent to approximately 0.738 pound-feet. 


The speed of a traditional DC motor can be ad- 
justed by varying the voltage to it. However, ifthe 
voltage drops below 50% of the rated value, the 
motor may simply stop. 


The power delivered by a motor is defined as its 
speed multiplied by its torque at that speed. The 
greatest power will be delivered when the motor 
is running at half its unloaded speed while deliv- 
ering half the stal/ torque. However, running a 
motor under these conditions will usually create 
unacceptable amounts of heat, and will shorten 
its life. 


Small DC motors should be run at 70% to 90% of 
their unloaded speed, and at 10% to 30% of the 
stall torque. This is also the range at which the 
motor is most efficient. 


Ideally, DC motors that are used with reduction 
gearing should be driven with less than their rat- 
ed voltage. This will prolong the life of the motor. 


When choosing a motor, it is also important to 
consider the axial loading (the weight or force 
that will be imposed along the axis or shaft of the 
motor) and radial loading (the weight or force 
that will be imposed perpendicularly to the axis). 
Maximum values should be found in motor da- 
tasheets. 


How to Use it 


In the hobby field, motors for model aircraft are 
typically rated in watts-per-pound of motor 
weight (abbreviated w/Ib). Values range from 50 
to 250 w/Ib, with higher values enabling better 
performance. 


Relationships between torque, speed, voltage, 
and amperage in a traditional DC motor can be 
described easily, assuming a hypothetical motor 
that is 100% efficient: 


If the amperage is constant, the torque will also 
be constant, regardless of the motor speed. 


If the load applied to the motor remains constant 
(thus forcing the motor to apply a constant tor- 
que), the speed of the motor will be determined 
by the voltage applied to it. 


If the voltage to the motor remains constant, the 
torque will be inversely proportional with the 
speed. 


How to Use it 





A traditional DC motor has the advantages of 
cheapness and simplicity, but is only suitable for 
intermittent use, as its brushes and commutator 
willtend to limit its lifetime. Its running speed will 
be approximate, making it unsuitable for precise 
applications. 


As the cost of control electronics has diminished, 
brushless DC motors have replaced traditional 
DC motors. Their longevity and controllability 
provide obvious advantages in applications such 
as hard disk drives, variable-speed computer 
fans, CD players, and some workshop tools. Their 
wide variety of available sizes, and good power- 
to-weight ratio, have encouraged their adoption 
in toys and small vehicles, ranging from remote- 
controlled model cars, airplanes, and helicopters 
to personal transportation devices such as the 
Segway. They are also used in direct-drive audio 
turntables. 


Where an application requires the rotation of a 
motor shaft to be converted to linear motion, a 
prepackaged /inear actuator is usually more reli- 
able and simpler than building a crank and 
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How to Use it 


connecting rod, or cam follower, from scratch. 
Large linear actuators are used in industrial au- 
tomation, while smaller units are popular with 
robotics hobbyists and can also be used to con- 
trol small systems in the home, such as a remote- 
controlled access door to ahome entertainment 
center. 


Speed Control 


A rheostat or potentiometer may be placed in 
series with a traditional DC motor to adjust its 
speed, but will be inefficient, as it will achieve a 
voltage drop by generating heat. Any rheostat 
must be rated appropriately, and should proba- 
bly be wire-wound. The voltage drop between 
the wiper and the input terminal of the rheostat 
should be measured under a variety of operating 
conditions, along with the amperage in the cir- 
cuit, to verify that the wattage rating is appro- 
priate. 


Pulse-width modulation (PWM) is preferable as a 
means of speed control for a traditional DC mo- 
tor. A circuit that serves this purpose is some- 
times referred to as a chopper, as it chops a steady 
flow of current into discrete pulses. Usually the 
pulses have constant frequency while varying in 
duration. The pulse width determines the aver- 
age delivered power, and the frequency is suffi- 
ciently high that it does not affect smoothness of 
operation of the motor. 


A programmable unijunction transistor or 
PUT can be used to generate a train of pulses, 
adjustable with a potentiometer attached to its 
emitter. Output from the transistor goes to a 
silicon-controlled rectifier (SCR), which is placed in 
series with the motor, or can be connected di- 
rectly to the motor if the motor is small. See 
Figure 27-7. 


Alternatively, a 555 timer can be used to create 
the pulse train, controlling a MOSFET in series 
with the motor. 


A microcontroller can also be used as a pulse 
source. Many microcontrollers have PWM capa- 
bility built in. The microcontroller will require its 
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own regulated power supply (typically 5VDC, 
3.3VDC, or sometimes less) and a switching com- 
ponent such as an insulated-gate bipolar transis- 
tor (IGBT) to deliver sufficient power to the motor 
and to handle the flyback voltage. These com- 
ponents will all add to the cost of the system, but 
many modern devices incorporate microcontrol- 
lers anyway, merely to process user input. An- 
other advantage of using a microcontroller is 
that its output can be varied by rewriting soft- 
ware, for example if a motor is replaced with a 
new version that has different characteristics, or 
if requirements change for other reasons. Addi- 
tionally, a microcontroller enables sophisticated 
features such as pre-programmed speed se- 
quences, stored memory of user preferences, 
and/or responses to conditions such as excessive 
current consumption or heat in the motor. 


A PWM schematic using a microcontroller and 
IGBT is shown in Figure 22-11. 


15V to 5V lan. 
converter 
Microcontroller (3 


Peak _ 


current 
sensor 






15VDC 





Figure 22-11. A sample schematic for control of a DC mo- 
tor via pulse-width modulation, using a microcontroller 
and an insulated-gate bipolar transistor. 


Direction Control 

The H bridge is a very early system for reversing 
the direction of a DC motor simply by swapping 
the polarity of its power supply. This is shown in 
Figure 22-12. The switches diagonally opposite 
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each other are closed, leaving the other two 
switches open; and then to reversethe motor, the 
switch states are reversed. This is obviously a 
primitive scheme, but the term “H bridge’ is still 
used when prepackaged in a single chip such as 
the LMD18200 H bridge motor controller from 
National Semiconductor. 


Figure 22-12. A DC motor can be reversed by this very 
basic circuit, known as an H bridge, by opening and clos- 
ing pairs of switches that are diagonally opposite each 
other. 


A double-throw, double-pole switch or relay 
can achieve the same purpose, as shown in 
Figure 22-13. 


Limit Switches 

When a traditional DC motor is used reversibly 
within a restricted range of motion, it can be fit- 
ted with /imit switches to prevent the motor from 
stalling and burning out at either end of its per- 
mitted travel. Limit switches are explained in 
“Limit Switches” (page 46) in the switch entry in 
this encyclopedia. 


What Can Go Wrong 





Figure 22-13. A DPDT switch or relay can reverse the di- 
rection of a traditional DC motor simply by swapping the 
polarity of the power supply. 


What Can Go Wrong 





Brushes and Commutator 


The primary cause of failure in DC motors is abra- 
sion of the brushes and wear and tear, oxidation, 
and/or accumulation of dirt on the commutator. 
Some motors are designed to allow replacement 
of the brushes; sealed motors and gearhead mo- 
tors generally are not. High current and high 
speed will both tend to accelerate wear in the 
areas where the brushes meet the commutator. 


Electrical Noise 

The intermittent contact between the brushes 
and sections of the commutator of a traditional 
DC motor can induce voltage spikes that may 
travel back into the power supply for the motor 
and cause seemingly random effects in other 
components. Sparking in the commutator can be 
a significant source of electromagnetic interfer- 
ence (EMI), especially where cheap or poorly fit- 
ted brushes are used. Even if the commutator is 
running cleanly, the rapid creation of a magnetic 
field in a motor winding, following by collapse of 
the field, can create spikes that feed back into the 
power supply. 


Wires that power a motor should be in twisted- 
pair configuration, so that their radiated EMI 
tends to cancel itself out. They should be routed 
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What Can Go Wrong 


away from data lines or encoder outputs, and 
may be shielded if necessary. Data lines from 
sensors in brushless motors may also be shiel- 
ded. 


Installing a capacitor across the motor terminals 
can significantly reduce EMI. Some motors have 
capacitors preinstalled. If the motor is in a sealed 
casing, it may have to be disassembled to reveal 
whether a capacitor is present. 


Heat effects 


Since all motors in the real world are less than 
100% efficient, some power is lost by the motor 
during normal operation, and will be dissipated 
as heat. The resistance of motor windings, and 
consequently the magnetic force that they gen- 
erate, will decrease as the temperature rises. The 
motor becomes less efficient, and will try to draw 
more current, worsening the situation. A manu- 
facturer’s rating for maximum temperature 
should be taken seriously. 


The insulation of the coil windings is usually the 
most vulnerable part of a motor if excess heat 
persists. Short circuits between adjacent coils as 
a result of insulation breakdown will degrade the 
performance of the motor while increasing its 
power consumption, which will create even 
more heat. 


Where motor casings have protruding ridges, 
these cooling fins should be exposed to ambient 
air. 


Frequent starting, stopping, and reversing will 
tend to generate heat as a result of power surges, 
and will reduce the lifetime of the motor. 


Ambient Conditions 

A warm, dry environment will tend to dry out 
bearing lubricants and graphite brushes. Con- 
versely, a very cold environment will tend to 
thicken the bearing lubricants. If a motor will be 
used in unusual environmental conditions, the 
manufacturer should be consulted. 
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Wrong Shaft Type or Diameter 


Motors have a variety of possible output shaft 
diameters, some measured in inches and others 
in millimeters, and shafts may be long or short, 
or may have a D-shaped cross section or splines 
to mate with appropriate accessories such as 
gears, pulleys, or couplings. Careful examination 
of datasheets and part numbers is necessary to 
determine compatibility. In the hobby- 
electronics world, retailers may offer purpose- 
built discs or arms for specific motor shafts. 


Incompatible Motor Mounts 
Mounting lugs or flanges may or may not be pro- 
vided, and may be incompatible with the appli- 
cation for which the motor is intended. The same 
motor may be available with a variety of mount 
options, differentiated only by one letter or digit 
in the motor’s part number. A mount option that 
was available in the past may become obsolete 
or may simply be out of stock. Again, examina- 
tion of datasheets is necessary. 


Backlash 


Backlash is the looseness or “slack” in a gear train 
that results from small gaps between meshing 
gear teeth. Because backlash is cumulative when 
gears are assembled in series, it can become sig- 
nificant in a slow-output gearhead motor. When 
measured at the output shaft, it is generally in 
the range of 1 to 7 degrees, tending to increase 
as the load increases. Ifa geared motor is used as 
a positioning device, and is fitted with an encod- 
er to count rotations of the motor shaft, control 
electronics may cause the motor to hunt to and 
fro in an attempt to overcome the hysteresis al- 
lowed by the backlash. A stepper motor or ser- 
vo motor is probably better suited to this kind 
of application. 


Bearings 

When using a motor that is not rated for signifi- 
cant axial loading, the bearings may be damaged 
by applying excessive force to push-fit an output 
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gear or pulley onto the motor shaft. Even minor 
damage to bearings can cause significant noise 
(see the following section) and a reduced lifetime 
for the component. 


In brushless DC motors, the most common cause 
of failure is the deterioration of bearings. At- 
tempting to revive the bearings by unsealing 
them and adding lubricant is usually not worth 
the trouble. 


Audible Noise 


While electric motors are not generally thought 
of as being noisy devices, an enclosure can act as 
a sounding board, and bearing noise is likely to 
increase over time. Ball bearings become noisy 
over time, and gears are inherently noisy. 


What Can Go Wrong 


If a device will contain multiple motors, or will be 
used in close proximity to people who are likely 
to be sensitive to noise (for example, in a medical 
environment), care should be taken toinsure that 
motor shafts are properly balanced, while the 
motors may be mounted on rubber bushings or 
in sleeves that will absorb vibration. 
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The distinction between AC and DC motors has become blurred as controllers for DC 
motors make increasing use of pulse-width modulation, which can be viewed as a form 
of alternating current. All motors that consume DC power are referenced in the DC mo- 
tor section of this encyclopedia, regardless of whether they modulate the power inter- 
nally. Stepper motors and servo motors are considered as special cases, each with its 
own entry. AC motors, described here, are those that consume alternating current, usu- 


ally in the form of a sine wave with a fixed frequency. 


OTHER RELATED COMPONENTS 


- DC motor (see Chapter 22) 
» stepper motor (see Chapter 25) 
* servo motor (See Chapter 24) 


What It Does 


An AC motor uses a power supply of alternating 
current to generate a fluctuating magnetic field 
that turns a shaft. 


How It Works 


The motor consists primarily of two parts: the 
stator, which remains stationary, and the rotor, 
which rotates inside the stator. Alternating cur- 
rent energizes one or more coils in the stator, 
creating fluctuating magnetic fields that interact 
with the rotor. A simplified representation is 
shown in Figure 23-1,where the coils create mag- 
netic forces indicated by the green arrows, N rep- 
resenting North and S representing South. 








Stator Design 

Plug-in electric fans typically use AC motors. The 
stator from a large electric fan is shown in 
Figure 23-2, where the large diameter of each coil 





Figure 23-1. A simplified representation of a basic AC 
motor. The green arrows indicate magnetic force. 


maximizes its magnetic effect. The stator from a 
smaller electric fan is shown in Figure 23-3, in 
which only one coil is used. (The coil is wrapped 
in black electrical tape.) 
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Figure 23-2. The stator from a large electric fan. Each 
coil of copper wire is centered on a lug pointing inward to 
the hole at the center, where the rotor would normally be 
mounted. The coils overlap because their diameter is 
maximized to increase their magnetic effect. Each coil is 
tapped to allow speed selection in steps via an external 
rotary switch. 


The core of a stator resembles the core of a 
transformer in that it usually consists of a stack 
of wafers of high-silicon steel (or sometimes alu- 
minum or castiron). The layers are insulated from 
one another by thin layers of shellac (or a similar 
compound) to prevent eddy currents that would 
otherwise circulate through the entire thickness 
of the stator, reducing its efficiency. 


The coil(s) wound around the stator are often re- 
ferred to as field windings, as they create the 
magnetic field that runs the motor. 


Rotor Design 


In most AC motors, the rotor does not contain 
any coils and does not make any electrical con- 


Figure 23-3. This stator from a smaller electric fan uses 
only a single coil, wrapped in black tape. It is sufficient to 
induce a magnetic field but is generally less efficient than 
a motor using multiple coils. 


nection with the rest of the motor. It is powered 
entirely by induced magnetic effects, causing 
this type of motor to be known generally as an 
induction motor. 


As the AC voltage changes from positive to neg- 
ative, the magnetic force induced in the stator 
collapses and a new field of opposite polarity is 
created. Because the stator is designed to create 
an asymmetrical field, it induces a rotating mag- 
netic field in the rotor. The concept of a rotating 
magnetic field is fundamental in AC motors. 


Like the stator, the rotor is fabricated from wafers 
of high-silicon steel; embedded in the wafers are 
nonmagnetic rods, usually fabricated from alu- 
minum but sometimes from copper, oriented 
approximately parallel to the axis of rotation. The 
rods are shorted together by a ring at each end 
of the rotor, forming a conductive “cage,” which 
explains why this device is often referred to col- 
loquially as a squirrel cage motor. 
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Figure 23-4 shows the configuration of a rotor 
cage with the surrounding steel wafers removed 
for clarity. In reality, the rods in the cage are al- 
most always angled slightly, as shown in 
Figure 23-5, to promote smooth running and re- 
duce cogging, or fluctuations in torque, which 
would otherwise occur. 





Figure 23-4. The rotor of a typical AC motor contains a 
cage of aluminum (or sometimes copper) in which eddy 
currents occur, as a result of the rotating magnetic field 
inside the steel body of the rotor (which is omitted here 
for clarity). These currents cause their own magnetic 
fields, which interact with the fields generated by coils in 
the stator. 


In Figure 23-6, the steel wafers of a rotor are 
shown, with channels to accommodate an an- 
gled aluminum cage. Figure 23-7 shows a cross- 
section of a rotor with the cage elements in pale 
red and the steel wafer in gray. 


How It Works 





Figure 23-5. To promote smooth running of the motor, 
the longitudinal elements of the cage are typically angled, 
as suggested in this rendering. 





Figure 23-6. The steel wafers in the rotor of an AC motor 
are typically offset as shown here. The channels are to ac- 
commodate a cage of aluminum or copper conductors. 
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Figure 23-7. Cross-section of a rotor with steel shown in 
gray and embedded elements of an aluminum cage 
shown in pale red. 


The actual rotor from an induction motor is 
shown in Figure 23-8. This rotor was removed 
from the stator shown in Figure 23-3. The bear- 
ings at either end of the rotor were bolted to the 
stator until disassembly. 


Although the cage is nonmagnetic, it is electri- 
cally conductive. Therefore the rotating magnet- 
ic field that is induced inthe steel part of the rotor 
generates substantial secondary electric current 
in the cage, so long as the magnetic field inside 
the rotor is turning faster than the rotor itself. The 
current in the longitudinal elements of the cage 
creates its own magnetic field, which interacts 
with the fields created by coils in the stator. At- 
traction and repulsion between these fields 
causes the rotor to turn. 


Note that if the turning speed of the rotor rises 
to match the frequency of the alternating current 
powering the coils in the stator, the cage in the 
rotoris no longerturning through magnetic lines 
of force, and ceases to derive any power from 
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Figure 23-8. The rotor from a small fan motor. The alumi- 
num cage and its end pieces are the pale gray sections, 
steel plates are the darker sections. 


them. In an ideal, frictionless motor, its unloaded 
operating speed would be in equilibrium with 
the AC frequency. In reality, an induction motor 
never quite attains that speed. 


When power is applied while the rotor is at rest, 
the induction motor draws a heavy surge of cur- 
rent, much like a short-circuited transformer. 
Electrically, the coils in the stator are comparable 
to the primary winding of a transformer, while 
the cage in the rotor resembles the secondary 
winding. The turning force induced in the sta- 
tionary rotor is known as /ocked-rotor torque. As 
the motor picks up speed, its power consump- 
tion diminishes. See Figure 23-9. 


When the motor is running and a mechanical 
load is applied to it, the motor speed will drop. 
As the speed diminishes, the cage of conductors 
embedded in the rotor will derive more power, 
as they are turning more slowly than the rotating 
magnetic field. The speed of rotation of the field 
is determined by the frequency of the AC power, 
and is therefore constant. The difference in rota- 
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Figure 23-9. An approximated graph showing the typical 
current consumption of an AC induction motor as it starts 
from rest and gains speed over a period of time. 


tional speed between the magnetic field and the 
rotor is knownas slip. Higher levels of slip induce 
greater power, and therefore the induction mo- 
tor will automatically find an equilibrium for any 
load within its designed range. 


When running under full load, a small induction 
motor may have a slip value from 4 to 6 percent. 
In larger motors, this value will be lower. 


Variants 





Variants of the generic induction motor de- 
scribed above are generally designed to take ad- 
vantage of either single-phase or three-phase al- 
ternating current. 


A synchronous motor is a variant in which the ro- 
tor maintains a constant speed of rotation re- 
gardless of small fluctuations in load. 


Some AC motors incorporate a commutator, 
which allows an external connection to coils 
mounted on the rotor, and can enable variable 
speed control. 


Variants 


A linear motor may consist of two rows of coils, 
energized by a sequence of pulses that can move 
a permanent magnet or electromagnet between 
the coils. Alternatively, the linear motor’s coils 
may move as a result of magnetic interaction 
with a segmented fixed rail. Detailed description 
of linear motors is outside the scope of this en- 
cyclopedia. 


Single-Phase Induction Motor 

The majority of induction motors run on single- 
phase alternating current (typically, from domes- 
tic wall outlets). This type of motor is not innately 
self-starting because the stator coils and rotor 
are symmetrical. This tends to result in vibration 
rather than rotation. 


To initiate rotation, the stator design is modified 
sothatit induces an asymmetrical magnetic field, 
which is more powerful in one direction than the 
other. The simplest way to achieve this is by 
adding one or more shorting coils to the stator. 
Each shorting coil is often just a circle of heavy- 
gauge copper wire. This ploy reduces the effi- 
ciency of the motor and impairs its starting tor- 
que, and is generally used in small devices such 
as electric fans, where low-end torque is unim- 
portant. Because the shorting coil obstructs 
some of the magnetic field, this configuration is 
often known as a shaded pole motor. 


Copper shorting coils are visible in the fan motor 
shown in Figure 23-3. 


A capacitor is a higher-cost but more efficient 
alternative to a shorting coil. If power is supplied 
to one or more of the stator coils through a ca- 
pacitor, it will create a phase difference between 
these coils and the others in the motor, inducing 
anasymmetrical magnetic field. When the motor 
reaches approximately 80% of its designed run- 
ning speed, a centrifugal switch may be included 
to take the capacitor out of the circuit, since it is 
no longer necessary. Switching out the capacitor 
and substituting a direct connection to the stator 
coils will improve the efficiency of the motor. 
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Variants 


A third option to initiate rotation is to add a sec- 
ond winding in the stator, using fewer turns of 
smaller-gauge wire, which have a higher resist- 
ance than the main winding. Consequently the 
magnetic field will be angled to encourage the 
motor to start turning. This configuration is 
known as a split-phase induction motor, in which 
the starter winding is often referred to as the 
auxilliary winding and consists of about 30% of 
the total stator windings in the motor. Here 
again, a centrifugal switch can be incorporated, 
to eliminate the secondary winding from the cir- 
cuit when the motor has reached 75 to 80 per- 
cent of its designed running speed. 


The relationship between motor speed and tor- 
que of the three types of motors described above 
is shown in Figure 23-10. These curves are sim- 
plified and do not show the effect that would be 
produced by introducing a centrifugal switch. 
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Figure 23-10. Approximate curves showing the relation- 
ship between speed and torque for three types of single- 
phase induction motor. (Graph derived from AC Induction 
Motor Fundamentals published by Microchip Technology 
Inc.) 


Three-Phase Induction Motor 


Larger induction motors are often three-phase 
devices. Three-phase AC (which is by far the most 
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common form of polyphase AC) is delivered by a 
power utility company or generator via three 
wires, each of which carries alternating current 
with a phase difference of 120 degrees relative 
to the other two, usually for industrial applica- 
tions. A common configuration of stator coils for 
a three-phase motor is shown in Figure 23-11. 
Since the three wires take it in turns to deliver 
their peak voltage, they are ideally suited to turn 
the stator of a motor via induction, and no short- 
ing coil or capacitor is needed for startup. Heavy- 
duty 3-phase induction motors are extremely re- 
liable, being brushless and generally 
maintenance-free. 


Synchronous Motor 

A synchronous motor is a form of induction mo- 
tor that is designed to reach and maintain equi- 
librium when the rotor is turning in perfect syn- 
chronization with the AC power supply. The 
speed of the motor will depend on the number 
of poles (magnetic coils) in the stator, and the 
number of phases in the power supply. If Ris the 
RPM of a synchronous motor, f is the frequency 
of the AC current in Hz, and p is the number of 
poles per phase: 


R = (120 * f) / p 


This formula assumes 60Hz AC current. In nations 
where 50Hz AC is used, the number 120 should 
be replaced with the number 100. 


Two basic types of synchronous motors exist: di- 
rect current excited, which require external power 
to start turning, and non-excited, which are self- 
starting. Since non-excited synchronous motors 
are more common in electronic applications, this 
encyclopedia will not deal with direct current ex- 
cited variants. 


A hysteresis motor is a synchronous motor con- 
taining a solid rotor cast from cobalt steel, which 
has high coercivity, meaning that once it is mag- 
netized, a substantial field is required to reverse 
the magnetic polarity. Consequently the polarity 
of the rotor lags behind the constantly changing 
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Figure 23-11. The graph shows voltage delivered via three 
wires constituting a three-phase power supply. (The curve 
colors are arbitrary.) A three-phase motor contains a mul- 
tiple of three coils—often six, as shown here diagrammati- 
cally. The three wires of the power supply are connected 
directly to the coils, which induce a rotating magnetic 
field. 


polarity of the stator, creating an attracting force 
that turns the rotor. Because the lag angle is in- 
dependent of motor speed, this motor delivers 
constant torque from startup. 


Reluctance Motor 

Reluctance is the magnetic equivalent to electri- 
cal resistance. If a piece of iron is free to move in 
a magnetic field, it will tend to align itself with 
the field to reduce the reluctance of the magnetic 


Variants 


circuit. This principle was used in very early re- 
luctance motors designed to work from AC and 
has been revived as electronics to control vari- 
able frequency drives have become cheaper. 


The simplest reluctance motor consists of a soft 
iron rotor with projecting lugs, rotating within a 
stator that is magnetically energized with its own 
set of inwardly projecting poles. The rotor tends 
to turn until its lugs are aligned with the poles of 
the stator, thus minimizing the reluctance. 


A basic reluctance motor design is shown in 
Figure 25-2. It is located in the stepper motor 
section of this encyclopedia, as stepper motors 
are a primary application of the reluctance prin- 
ciple. 


Although a reluctance motor can be used with 
polyphase fixed-frequency AC power, a variable 
frequency drive greatly enhances its usefulness. 
The timing of the frequency is adjusted by the 
speed of the motor, whichis detected by a sensor. 
Thus the energizing pulses can remain “one step 
ahead” of the rotor. Since the rotor is not a mag- 
net, it generates no back-EMF, allowing itto reach 
very high speeds. 


The simplicity of the motor itself is a compensat- 
ing factor for the cost of the electronics, as it re- 
quires no commutator, brushes, permanent 
magnets, or rotor windings. Characteristics of re- 
luctance motors include: 


e Cheap parts, easily manufactured, and high 
reliability. 


e Compact size and low weight. 
- Efficiencies greater than 90% possible. 


e Capable of high start-up torque and high 
speed operation. 


Disadvantages include noise, cogging, and tight 
manufacturing tolerances, as the air gap be- 
tween the rotor and stator must be minimized. 


A reluctance motor can function synchronously, 
if it is designed for that purpose. 
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Variants 


Variable Frequency Drive 

A basic induction motor suffers from significant 
problems. The surge of power that it draws when 
starting from rest can pull down the supply volt- 
age enough to affect other devices that share the 
AC power supply. (Hence, the brief dimming of 
lights that may occur when the compressor in an 
air conditioner or refrigerator starts running.) 
While the motor is turning, it can introduce elec- 
trical noise, which feeds back into the power 
supply, once again causing potential problems 
for other devices. In addition, the narrow range 
of speed of an AC induction motor is a great dis- 
advantage. 


The advent of cheap solid-state technology en- 
couraged the development of variable-frequency 
power supplies for induction motors. Because the 
impedance of the motor will diminish as the fre- 
quency diminishes, the current drawn by the 
motor will tend to increase. To prevent this, a 
variable frequency supply also varies the voltage 
that it delivers. 


Wound-Rotor AC Induction Motor 


The stator of this variant is basically the same as 
that of a single-phase induction motor, but the 
rotor contains its own set of coils. These are elec- 
trically accessible via a commutator and brushes, 
asin a DC motor. Because the maximum torque 
(also known as pull-out torque) will be propor- 
tional to the electrical resistance of the coils in 
the rotor, the characteristics of the motor can be 
adjusted by adding or removing resistance ex- 
ternally, via the commutator. A higher resistance 
will enable greater torque at low speed when the 
slip between the rotor speed and rotation of the 
magnetic field induced by the stator is greatest. 
This is especially useful in corded power tools 
such as electric drills, where high torque at low 
speed is desirable, yet the motor can accelerate 
to full speed quickly when the external resistance 
is reduced. Typically, the resistance is adjusted 
via the trigger of the drill. 


Figure 23-12 shows a wound-rotor AC induction 
motor. The disadvantage of this configuration is 
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the brushes that supply power to the rotor will 
eventually require maintenance. Much larger 
wound-rotor motors are also used in industrial 
applications such as printing presses and eleva- 
tors, where the need for variable speed makes a 
simple three-phase motor unsuitable. 





Figure 23-12. A motor in a corded electric drill uses coils 
in a brushed rotor to enable variable speed output. In 
most AC motors, the speed is not adjustable and the rotor 
does not make any electrical connection with the rest of 
the motor. 


Universal Motor 

A wound-rotor motor may also be described as 
a universal motor if its rotor and stator coils are 
connected in series. This configuration allows it 
to be powered by either AC or DC. 


DC supplied to the rotor and the stator will cause 
mutual magnetic repulsion. When the rotor 
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turns, the brushes touching the split commuta- 
tor reverse the polarity of voltage in the rotor 
coils, and the process repeats. This configuration 
is very similar to that of aconventional DC motor, 
except that the stator in a universal motor uses 
electromagnets instead of the permanent mag- 
nets that are characteristic of a DC motor. 


When powered by AC, the series connection be- 
tween stator and rotor coils insures that each 
pulse to the stator will be duplicated in the rotor, 
causing mutual repulsion. The addition of a 
shorting coil in the stator provides the necessary 
asymmetry in the magnetic field to make the 
motor start turning. 


Universal motors are not limited by AC frequen- 
cy, and are capable of extremely high-speed op- 
eration. They have high starting torque, are com- 
pact, and are cheapto manufacture. Applications 
include food blenders, vacuum cleaners, and hair 
dryers. In a workshop, they are found in routers 
and miniature power tools such as the Dremel 
series. 


Because a universal motor requires commutator 
and brushes, it is only suitable for intermittent 
use. 


Inverted AC Motors 


Some modern domestic appliances may seem to 
contain an AC motor, but in fact the AC current 
is rectified to DC and is then processed with 
pulse-width modulation to allow variable speed 
control. The motor is really a DC motor; see the 
entry on this type of motor for additional infor- 
mation. 


Values 





Because a basic AC induction motor is governed 
by the frequency of the power supply, the speed 
of a typical four-pole motor is limited to less than 
1,800 RPM (1,500 RPM in nations where 50Hz AC 
is the norm). 


Variable-frequency, universal, and wound-rotor 
motors overcome this limitation, and can reach 


Values 


speeds of 10,000 to 30,000 RPM. Synchronous 
motors typically run at 1,800 or 1,200 RPM, de- 
pending on the number of poles in the motor. 
(They run at 1,500 or 1,000 RPM in locations 
where the frequency of AC is 50Hz rather than 
60Hz). 


For adiscussion of the torque that can be created 
by a motor, see “Values” (page 184) in the DC 
motor entry in this encyclopedia. 


How to Use It 


Old-fashioned record players (where a turntable 
supports a vinyl disc that must rotate at a fixed 
speed) and electric clocks (of the analogue type) 
were major applications for synchronous motors, 
which used the frequency of the AC power sup- 
ply to control motor speed. These applications 
have been superceded by CD players (usually 
powered by brushless DC motors) and digital 
clocks (which use crystal oscillators). 





Many home appliances continue to use AC- 
powered induction motors. Small cooling fans 
for use in electronic equipment are sometimes 
AC-powered, reducing the current that must be 
provided by the DC power supply. An induction 
motor generally tends to be heavier and less ef- 
ficient than other types, and its speed limit im- 
posed by the frequency of the AC power supply 
is a significant disadvantage. 


Asimple induction motor cannot provide the so- 
phisticated control that is necessary in modern 
devices such as CD or DVD players, ink-jet print- 
ers, and scanners. A stepper motor, servo mo- 
tor, and DC motors controlled with pulse-width 
modulation are preferable in these applications. 


A reluctance motor may find applications in high- 
speed, high-end equipment including vacuum 
cleaners, fans, and pumps. Large variable reluc- 
tance motors, with high amperage ratings, may 
be used to power vehicles. Smaller variants are 
being used for power steering systems and wind- 
shield wipers in some automobiles. 
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What Can Go Wrong 


What Can Go Wrong 


Compared with other devices that have moving 
parts, the brushless induction motor is one of the 
most reliable and efficient devices ever invented. 
However, there are many ways it can be dam- 
aged. General problems affecting all types of 
motors are listed at “Heat effects” (page 188). Is- 
sues relating specifically to AC motors are listed 
below. 





Premature Restart 

Large industrial three-phase induction motors 
can be damaged if power is reapplied before the 
motor has stopped rotating. 


Frequent Restart 


If amotor is stopped and started repeatedly, the 
heat that is generated during the initial surge of 
current is likely to be cumulative. 


Undervoltage or Voltage Imbalance 


Avoltage drop can cause the motor to draw more 
current than it is rated to handle. If this situation 
persists, overheating will result. Problems also 
are caused in a three-phase motor where one 
phase is not voltage-balanced with the others. 
The most common cause of this problem is an 
open circuit-breaker, wiring fault, or blown fuse 
affecting just one of the three conductors. The 
motor will try to run using the two conductors 
that are still providing power, but the result is 
likely to be destructive. 
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Stalled Motor 


When power is applied to an induction motor, if 
the motor is prevented from turning, the con- 
ductors in the rotor will carry a large current that 
is entirely dissipated as heat. This current surge 
will either burn out the motor or blow a fuse or 
circuit breaker. Care should be taken, in equip- 
ment design, to minimize the risk that an induc- 
tion motor may stall or jam. 


Protective Relays 

Sophisticated protective relays are available for 
industrial 3-phase motors, and can guard against 
all of the faults itemized above. Their details are 
outside the scope of this encyclopedia. 


Excess Torque 


As has been previously noted, the torque of an 
induction motor increases with the slip (speed 
difference) between the rotation of the magnetic 
field and the rotation of the rotor. Consequently, 
ifthe motor is overloaded and forced to run more 
slowly, it can deliver more rotational force. This 
can destroy other parts attached to the motor, 
such as drive belts. 


Internal Breakage 

An overloaded induction motor may suffer some 
cracking or breakage of its rotor. This may be ob- 
vious because of reduced power output or vi- 
bration, but can also be detected if the motor's 
power consumption changes significantly. 
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Should be referred to as an RC servo if it is intended for use in small devices that are 
remote-controlled and battery powered. However, in practice, the RC acronym is often 


omitted. 


OTHER RELATED COMPONENTS 


¢ AC motor (See Chapter 23) 
» DC motor (See Chapter 22) 
° stepper motor (See Chapter 25) 


What It Does 


Aservo motor is actually a combination of a mo- 
tor, reduction gearing, and miniaturized control 
electronics, usually packaged together inside a 
very compact sealed plastic case. The motor itself 
may be AC or DC, and if DC, it may be brushed or 
brushless. What distinguishes a servo from other 
types of motor is that it is not designed for con- 
tinuous rotation. It is a position-seeking device. 
Its rotational range may be more than 180 de- 
grees but will be significantly less than 360 de- 
grees. Two typical RC servos are shown in 
Figure 24-1. A side view of a motor is shown in 
Figure 24-2. 





The electronics inside the motor enclosure inter- 
pret commands from an external controller. The 
command code specifies the desired turn angle 
measured as an offset either side of the center 
position of the motor’s range. The motor turns 
quickly to the specified position and stops there. 
So long as the command signal continues and 
power to the motor is sustained, the motor will 
hold its position and “push back” against any ex- 
ternal turning force. In the absence of such a 
force, while the motor is stationary, it will use very 
little current. 





Figure 24-1. A typical RC servo motor is capable of more 
than 50 inch-ounces of torque yet can be driven by three 
or four AA alkaline cells in series, and weighs under 2 oun- 
ces. 


The electronics inside a typical RC servo motor 
are shown in Figure 24-3. 


How It Works 


Servo motors are generally controlled via pulse- 
width modulation (PWM). 
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Figure 24-2. RC servo motors are mostly similar in size. 
This is a typical side view. 


An industrial servo typically requires a controller 
that is an off-the-shelf item sold by the manu- 
facturer of the motor. The encoding scheme of 
the control signals may be proprietary. A heavy- 
duty servo may be designed to run from three- 
phase powerat a relatively high voltage, and may 
be used in applications such as production-line 
automation. 


The remainder of this encyclopedia entry will fo- 
cus primarily on small RC servos rather than in- 
dustrial servos. 


For small RC servos, the stream of control pulses 
is at a constant frequency of 20ms, with the pos- 
itive durations of each pulse being interpreted as 
a positioning command to the motor, and the 
gaps between the pulses being disregarded. A 
typical range of pulse widths for a small motor is 
1ms to 2ms, specifying a range of -90 to +90 de- 
grees either side of a center location. Many 
modern motors are capable of excursions be- 
yond these limits, and can be calibrated to es- 
tablish the precise relationship between pulse 
width and turn angle. The motor can then be 
controlled by a lookup table in microcontroller 
software, or by using a conversion factor be- 
tween degree-angle and pulse width. 


Figure 24-4 shows the typical range of pulse 
widths within the fixed 20ms period (a frequency 
of 50Hz) between the start of one pulse and the 
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start of the next, and the meaning of each pulse 
width to the servo motor. Intermediate pulse 
widths are interpreted as instructions to rotate 
to intermediate positions. 


Figure 24-3. The electronics inside a servo motor decode 
a stream of pulses that specify the turn angle of the mo- 
tor. 


Small servo motors require the user to provide a 
controller that will conform with the above spec- 
ification. This is often achieved by programming 
a microcontroller, and some microcontroller 
chips make this especially easy by providing a 
PWM output specifically tailored to the require- 
ments of an RC servo. Either way, the microcon- 
troller can be directly connected to the servo, 
enabling an extremely simple and flexible way to 
manage a positioning device. 


Alternatively, a simple pulse generator such as a 
555 timer chip can be used, or controller boards 
are available from hobbyist supply sources. 
Some controller boards have USB connections 
enabling a servo to be governed by computer 
software. 
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Rotate 90 degrees 
| | counter-clockwise | | 
| | Center | 
Rotate 90 degrees 
| | clockwise | | 


—— 20 milliseconds —* 


Figure 24-4. The turn angle of a small RC servo motor is 
determined by a pulse width from a controller ranging 
from Ims to 2ms in duration. The frequency of the pulses 
is constant at 50Hz. 


In Figure 24-5, a schematic illustrates the con- 
nection of a 555 timer with an RC servo, with 
component values to create a constant frequen- 
cy of about 48Hz (slightly more than 20ms from 
peak to peak). The 1uF capacitor in the circuit 
charges through the 2.2K resistor in series with 
the diode, which bypasses the 28K resistor. This 
charging time represents the “on” cycle of the 
timer chip. The capacitor discharges through the 
28K resistor, representing the “off” cycle. The 1K 
potentiometer, in series with the 5K resistors, acts 
as a voltage divider applied to the control pin of 
the timer, adjusting the timer’s charge and dis- 
charge thresholds. Turning the potentiometer 
will lengthen or shorten the “on” time of each 
cycle, without changing the frequency. In prac- 
tice, because capacitors are manufactured with 
wide tolerances, the frequency of the timer out- 
put cannot be guaranteed. Fortunately most ser- 
vos will tolerate some inaccuracy. 


Since the motor shares the power supply of the 
timer in this circuit, a protection diode and ca- 
pacitor have been added between the power 
supply to the motor and negative ground, to 
suppress noise and back-EMF. 


Variants 





41N4001 


Figure 24-5. An RC servo can be controlled via a 555 tim- 
er with appropriate component values. The potentiometer 
determines the angular position of the servo. 


Inside a servo motor’s casing, the electronics in- 
clude a potentiometer that turns with the 
output shaft, to provide feedback confirming the 
motor’s position. The limited turning range of the 
potentiometer determines the turn limits of the 
motor output shaft. 


Variants 





Small servos may contain brushed or brushless 
DC motors. Naturally the brushless motors have 
greater longevity and create less electrical noise. 
See the DC motor entry in this encyclopedia for 
a discussion of brushed versus brushless motors. 


Servos may use nylon, “Karbonite,’ or metal re- 
duction gearing. The nylon gears inside a cheap- 
er RC servo are shown in Figure 24-6. 


Brushless motors and metal gears add slightly to 
the price of the motor. Metal gears are stronger 
than nylon (which can crack under load) but may 
wear faster, leading to backlash and inaccuracy 
in the gear train. The friction between nylon-to- 
nylon surfaces is very low, and nylon is certainly 
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Values 





Figure 24-6. Nylon gearing inside a servo motor. 


adequate and may be preferable if a servo will 
not be heavily loaded. “Karbonite” is claimed to 
be five times stronger than nylon and may be a 
satisfactory compromise. If a gear set experien- 
ces a failure (for example, teeth can be stripped 
asa result of excessive load), manufacturers usu- 
ally will sell a replacement set to be installed by 
the user. Installation requires manual dexterity 
and patience, and some skill. 


Servos may have roller bearings or plain sintered 
bearings, the latter being cheaper but much less 
durable under side loading. 


So-called digital servos use faster internal elec- 
tronics than the older, so-called analog servos, 
and because they sample the incoming pulse 
stream at a higher frequency, they are more re- 
sponsive to small, rapid commands from the con- 
troller. For this reason they are preferred by hob- 
byists using servos to control the flight of model 
airplanes. Externally, the control protocol for dig- 
ital and analog servos is the same, although a 
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digital servo can be reprogrammed with new 
code values establishing the limits to its range. A 
standalone programming unit must be pur- 
chased to achieve this. 


The most popular manufacturers of small servo 
motors are Futaba and Hitec. While their control 
protocols are virtually identical, the motor out- 
put shafts differ. The shaft is typically known as 
the spline, and is grooved to fit push-on attach- 
ments. The spline of a Futaba motor has 25 
grooves, while Hitec uses 24 grooves. Attach- 
ments must be appropriate for the brand of mo- 
tor that has been chosen. 


Values 





A small servo typically weighs 1 to 2 ounces, has 
a rotation time of 1 to 2 seconds from one end of 
its travel to the other, and can exert a surprisingly 
robust torque of 50 ounce-inches or greater. 


Voltage 
Small servos were originally designed to run 
from 4.8V rechargeable batteries in model 
aircraft. They can be driven with 5VDC to 
6VDC on a routine basis. A few servos are 
designed for higher voltages. 


Amperage 

The datasheets provided by most manufac- 
turers often fail to specify the power that a 
servo will draw when itis exerting maximum 
torque (or indeed, any torque at all). Since 
small servos are often driven by three or four 
AA alkaline batteries in series, the maximum 
current draw is unlikely to be much greater 
than 1 amp.When the motor is energized but 
not turning, and is not resisting a turning 
force, its power consumption is negligible. 
This feature makes servos especially desira- 
ble for remote-controlled battery-powered 
devices. 


Some motors that have a turning range exceed- 
ing 180 degrees will respond to pulses of less 
than 1ms or greater than 2ms. A newly acquired 
motor should be tested with a microcontroller 
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that steps through a wide range of pulse dura- 
tions, to determine the limits empirically. Pulses 
that are outside the motor’s designed range will 
generally be ignored and will not cause damage. 


The turn rate or transit time specified in a data- 
sheet is the time a servo takes to rotate through 
60 degrees, with no load on the output shaft. A 
high-torque servo generally achieves its greater 
turning force by using a higher reduction gear 
ratio, which tends to result in a longer transit 
time. 


How to Use it 





Typical applications for a small servo include ro- 
tating the flaps or rudder of a model aircraft, 
steering a model boat, model car, or wheeled ro- 
bot, and turning robotic arms. 


A servo generally has three wires, colored red 
(power supply), black or brown (ground), and or- 
ange, yellow, or white (for the pulse train from 
the controller). The ground wire to the motor 
must be common with the ground of the con- 
troller, and consequently a ceramic bypass ca- 
pacitor of 0.1F or 0.01uF should be placed be- 
tween the (red) power wire to the motor and 
ground. A protection diode should also be used. 
Neither a diode nora capacitor should be attach- 
ed to the wire carrying control signals, as it will 
interfere with the pulse train. 


When powering the motor, an AC adapter should 
only be used with some caution, as its power 
output may be inadequately smoothed. A volt- 
age regulator is not necessary, but bypass ca- 
pacitors are mandatory. Figure 24-7 shows two 
hypothetical schematics. The upper section of 
the figure shows a battery-driven system, possi- 
bly using four 1.2V NiMH rechargeable batteries. 
Since batteries do not generally create voltage 
spikes, no capacitors are used, but a diode is in- 
cluded to protect the microcontroller from EMF 
when the servo stops and starts. The lower sec- 
tion of the figure shows the additional precau- 
tions that may be necessary when using DC pow- 
er from an AC adapter. The DC-DC converter, 


How to Use it 


which derives 6VDC for the motor requires 
smoothing capacitors (this should be specified 
in its datasheet), and so does the voltage regu- 
lator, which delivers regulated 5VDC power to 
the microcontroller. Once again, the protection 
diode is included. In both diagrams, the orange 
wire represents the control wire transmitting pul- 
ses to the servo motor. 


Microcontroller 












DC-DC 
Converter Voltage 
Regulator 


Figure 24-7. Two possible schematics to run a small servo 
motor, the upper example using battery power (for exam- 
ple, from four 1.2V NiMH cells) and the lower example us- 
ing a 9VDC AC adapter. See text for additional explana- 
tion. 


Various shaft attachments are available from the 
same online hobby-electronics suppliers that sell 
servos. The attachments include discs, single 
arms, double arms, and four arms in a cross- 
shaped configuration. A single-arm attachment 
is often known as a horn, and this term may be 
applied loosely to any kind of attachment. The 
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What Can Go Wrong 


horn is usually perforated so that other compo- 
nents can be fixed to it by using small screws or 
nuts and bolts. Figure 24-8 shows a variety of 
horns. 





Figure 24-8. Various shaft attachments, known as horns, 
are available from motor manufacturers. The blue one is 
metallic; the others are plastic. 


After the horn is pushed onto the spline (the mo- 
tor shaft), it is held in place with one central 
screw. As previously noted, the two major man- 
ufacturers of small servos, Futaba and Hitec, have 
incompatible splines. 


Modification for Continuous 
Rotation 

Itis possible to modify a small servo motor so that 
it will rotate continuously. 


First the motor case must be opened, and the 
potentiometer must be centered by using a con- 
troller to send some 1.5ms pulses. The potenti- 
ometer must then be glued or otherwise secured 
with its wiper in this precise center position, after 
which the potentiometer is disconnected from 
the drive train. 


Mechanical stops that would limit the rotation of 
the motor shaft must be cut away, after which 
the motor is reassembled. Because the potenti- 
ometer has been immobilized, the motor’s inter- 
nal electronics will now “see” the shaft as being 
in its center position at all times. If the controller 
sends a pulse instructing the motor to seek a po- 
sition clockwise or counter-clockwise from cen- 
ter, the motor will rotate in an effort to reach that 
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position. Because the potentiometer will not 
provide feedback to signal that the motor has 
achieved its goal, the shaft will continue to rotate 
indefinitely. 


In this mode, the primary distinguishing charac- 
teristic of the servo has been disabled, in that it 
can no longer turn to a specific angle. Also, stop- 
ping the servo may be problematic, as it must 
receive a command that precisely matches the 
fixed position of the potentiometer. Since the 
potentiometer may have moved fractionally dur- 
ing the process in which it was immobilized, 
some trial and error may be needed to determine 
the pulse width that corresponds with the po- 
tentiometer position. 


The purpose of modifying a servo for continuous 
rotation is to take advantage of its high torque, 
small size, light weight, and the ease of control- 
ling it with a microcontroller. 


In response to the interest shown by hobbyists 
in modifying servos for continuous rotation, 
some manufacturers now market servos with 
continuous rotation as a built-in feature. Typical- 
ly they include a trimmer potentiometer to cali- 
brate the motor, to establish its center-off posi- 
tion. 


What Can Go Wrong 





Incorrect Wiring 

The manufacturer's datasheet should be 
checked to confirm the color coding of the wires. 
While a simple DC motor can be reversed by in- 
verting the polarity of its power supply, this is 
totally inappropriate for a servo motor. 


Shaft/Horn Mismatch 

Attachments for the spline of one brand of motor 
may not fit the spline of another brand, and can- 
not be forced to fit. 
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Unrealistically Rapid Software 
Commands 


Microcontroller software that positions a servo 
must allow sufficient time for the servo to re- 
spond before the software specifies a new posi- 
tion. It may be necessary to insert delay loops or 
other wait times in the software. 


Jitter 


A servo arm that twitches unpredictably usually 
indicates that the pulse train is being corrupted 
by external electrical noise. The control wire to 
the servo should be as short as possible, and 
should not run closely adjacent to conductors 
carrying AC or high frequency current switching, 
or control wires for other servo motors. 


Motor Overload 


Aservo capable of delivering 2 Ibs of force 1 inch 
from its shaft can easily generate enough torque, 
when it stalls, to break itself free from its mounts, 
or bend or break any arm or linkage attached to 
its shaft. Ideally, a relatively “weak link” should be 
included so that if breakage occurs, it will be pre- 
dictable and will be relatively easy and cheap to 
repair. 


What Can Go Wrong 


Unrealistic Duty Cycle 

Small servos are designed for intermittent use. 
Constant cycling will cause wear and tear, espe- 
cially if the motor has a brushed commutator or 
metal reduction gears. 


Electrical Noise 


Brushed motors are always a source of electrical 
interference, and any servo will also tend to cre- 
ate a voltage dip or surge when it starts and 
stops. A protection diode may be insufficient to 
isolate sensitive microcontrollers and other inte- 
grated circuit chips. To minimize problems, the 
servo can be driven by a source of positive volt- 
age that is separate from the regulated power 
supply used by the chips, and larger filter capac- 
itors may be added to the voltage supply of the 
microcontroller. A common ground between the 
motor and the chips is unfortunately 
unavoidable. 
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Also often referred to as a stepping motor, and sometimes known as a step motor. It is a 
type of induction motor but merits its own entry in this encyclopedia as it has acquired 
significant and unique importance in electronics equipment where precise positioning 
of a moving part is needed and digital control is available. 


OTHER RELATED COMPONENTS 


- DC motor (See Chapter 22) 
¢ AC motor (See Chapter 23) 
* servo motor (See Chapter 24) 


What It Does 


A stepper motor rotates its drive shaft in precise 
steps in response to a timed sequence of pulses 
(usually one step per pulse). The pulses are de- 
livered to a series of coils or windings in the sta- 
tor, which is the stationary section of the motor, 
usually forming a ring around the rotor, which is 
the part of the motor that rotates. Steps may also 
be referred to as phases, anda motor that rotates 
in small steps may be referred to as having ahigh 
phase count. 





Astepper motor theoretically draws power for its 
stator coils at a constant level that does not vary 
with speed. Consequently the torque tends to 
decrease as the speed increases, and conversely, 
it is greatest when the motor is stationary or 
locked. 


The motor requires a suitable control system to 
provide the sequence of pulses. The control sys- 
tem may consist of a small dedicated circuit, or a 
microcontroller or computer with the addition of 
suitable driver transistors capable of handling 


the necessary current. The torque curve of a mo- 
tor can be extended by using a controller that 
increases the voltage as the speed of the control 
pulses increases. 


Because the behavior of the motor is controlled 
by external electronics, and its interior is usually 
symmetrical, a stepper motor can be driven back- 
ward and forward with equal torque, and can also 
be held in a stationary position, although the 
stator coils will continue to consume power in 
this mode. 


How It Works 


The stator has multiple poles made from soft iron 
or other magnetic material. Each pole is either 
energized by its own coil, or more commonly, 
several poles share a single, large coil. In all types 
of stepper motor, sets of stator poles are mag- 
netized sequentially to turn the rotor and can re- 
main energized in one configuration to hold the 
rotor stationary. 





The rotor may contain one or more permanent 
magnets, which interact with the magnetic fields 
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generated in the stator. Note that this is different 
from a squirrel-cage AC motor in which a “cage” 
is embedded in the rotor and interacts with a ro- 
tating magnetic field, but does not consist of 
permanent magnets. 


Three small stepper motors are shown in 
Figure 25-1. Clockwise from the top-left, they are 
four-wire, five-wire, and six-wire types (this dis- 
tinction is explained in the following section). 
The motor at top-left has a threaded shaft that 
can engage with a collar, so that as the motor 
shaft rotates counter-clockwise and clockwise, 
the collar will be moved down and up. 





Figure 25-1. Three small stepper motors. 


Reluctance Stepper Motors 


The simplest form of stepper motor uses a rotor 
that does not contain permanent magnets. It re- 
lies on the principle of variable reluctance, reluc- 
tance being the magnetic equivalent of electrical 
resistance. The rotor will tend to align its protrud- 
ing parts with the exterior source(s) of the mag- 
netic field, as this will reduce the reluctance in 
the system. Additional information about vari- 
able reluctance is included in “Reluctance Mo- 
tor” (page 197) in the section of this encyclope- 
dia dealing with the AC motor. 
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A variable reluctance motor requires an external 
controller that simply energizes the stator coils 
sequentially. This is shown in Figure 25-2, where 
six poles (energized in pairs) are arrayed sym- 
metrically around a rotor with four protrusions, 
usually referred to as teeth. Six stator poles and 
four teeth are the minimum numbers for reliable 
performance of a reluctance stepper motor. 


In the diagram, the core of each pole is tinted 
green when it is magnetized, and is gray when it 
is not magnetized. In each section of this dia- 
gram, the stator coils are shown when they have 
just been energized, and the rotor has not yet 
had time to respond. External switching to ener- 
gize the coils has been omitted for simplicity. In 
a real motor, the rotor would have numerous 
ridges, and the clearance between them and the 
stator would be extremely narrow to maximize 
the magnetic effect. 


In a 6-pole reluctance motor where the rotor has 
four teeth, each time the controller energizes a 
new pair of poles, the rotor turns by 30 degrees 
counter-clockwise. This is known as the step an- 
gle, and means that the motor makes 12 steps in 
each full 360-degree rotation of its shaft. This 
configuration is very similar to that of a 3-phase 
AC induction motor, as shown in Figure 23-11 in 
the AC motor section of this encyclopedia. How- 
ever, the AC motor is designed to be plugged into 
a power source with a constant frequency, and is 
intended to run smoothly and continuously, not 
in discrete steps. 


Generally, reluctance motors tend to be larger 
than those with magnetized rotors, and often re- 
quire feedback from a sensor that monitors shaft 
angle and provides this information to control 
electronics. This is known asa closed loop system. 
Most smaller stepper motors operate in an open 
loop system, where positional feedback is con- 
sidered unnecessary if the number of pulses to 
the motor is counted as a means of tracking its 
position. 
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Step 1 





Step 2 





Figure 25-2. In a variable reluctance stepper motor, the 
rotor moves to minimize magnetic reluctance each time 
the next pair of coils is energized. At each step, the coils 
have been energized a moment before the rotor has had 
time to respond. 


How It Works 


Permanent Magnet Stepper 

Motors 

More commonly, the rotor of a stepper motor 
contains permanent magnets, which require the 
controller to be capable of reversing the mag- 
netic field created by each of the stator coils, so 
that they alternately attract and repel the rotor 
magnets. 


In a bipolar motor, the magnetic field generated 
by a coil is reversed simply by reversing the cur- 
rent through it. This is shown diagrammatically 
in Figure 25-3. In a unipolar motor, the magnetic 
field is reversed by applying positive voltage to 
the center tap of a coil, and grounding one end 
or the other. This is shown diagrammatically in 
Figure 25-4. 


Figure 25-3. In a bipolar motor, the magnetic field gener- 
ated by each stator coil is reversed simply by reversing the 
current through the coil. 


Either type of motor is often designed with an 
upper and lower deck surrounding a single rotor, 
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Figure 25-4. The magnetic field of this coil is reversed by 
applying positive voltage constantly to a center tap and 
grounding one end of the coil or the other. 


as suggested in Figure 25-5.A large single coil, or 
center-tapped coil, induces a magnetic field in 
multiple poles in the top deck, out of phase by 
one step with a second set of poles, energized by 
their own coil, in the bottom deck. (All three mo- 
tors shown in Figure 25-1 are of this type.) The 
rotor of the motor is tall enough to span both 
decks, and is rotated by each of them in turn. 


In Figure 25-6, the decks of a two-deck four-wire 
motor have been split apart. The rotor remains 
in the left-hand section. It is enclosed within a 
black cylinder that is a permanent magnet divi- 
ded into multiple poles. In the right-hand sec- 
tion, a coil is visible surrounding metal “teeth” 
that function as stator poles when the coil is 
energized. 


In Figure 25-7, the same motor has been further 
disassembled. The coil was secured with alength 
of tape around its periphery, which has been re- 
moved to make the coil visible. The remaining 
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Figure 25-5. A simplified rendering of the common “two 
deck" type of motor. See text for details. 





Re Dem or is 


Figure 25-6. A two-deck stepper motor split open to re- 
veal its rotor (left) and one of the stators (right) encircled 
by acoil. 


half of the motor, at top-right, contains a second, 
concealed but identical coil with its own set of 
poles, one step out of phase with those in the first 
deck. 


Because the field effects in a two-deck stepper 
motor are difficult to visualize, the remaining di- 
agrams show simplified configurations with a 
minimum number of stator poles, each with its 
own coil. 
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Figure 25-7. The stepper motor from the previous figure, 
further disassembled. 


Bipolar Stepper Motors 

The most basic way to reverse the currentina coil 
is by using an H-bridge configuration of switches, 
as shown in Figure 25-8, where the green arrow 
indicates the direction of the magnetic field. In 
actual applications, the switches are solid-state. 
Integrated circuits are available containing all 
the necessary components to control a bipolar 
stepper motor. 


Four sequential steps of a bipolar motor are 
shown in Figure 25-9, Figure 25-10, 
Figure 25-11, and Figure 25-12. The H-bridge 
control electronics for each coil are omitted for 
clarity. As before, energized coils are shown with 
the pole inside the coil tinted green, while non- 
energized coils are gray, and the rotor is shown 
before it has had time to respond to the magnetic 
field in each step. 


Unipolar Motors 


The control electronics for a unipolar motor can 
be simpler than those for a bipolar motor, as off- 
the-shelf switching transistors can ground one 
end of the coil or the other. The classic five-wire 
unipolar stepper motor, often sold to hobbyists 
and used in robotics projects and similar appli- 
cations, can be driven by nothing more elaborate 
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Figure 25-8. The simplest and most basic way to reverse 
the current through a coil is via an H-bridge circuit. In 
practice, the switches are replaced by solid-state compo- 
nents. 


Step 1 





Figure 25-9. A bipolar stepper motor depicted a moment 
before the rotor has had time to make its first step in re- 
sponse to magnetic fields created by the stator coils. 
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Step 2 








Figure 25-10. The bipolar stepper motor from the previ- 
ous figure is shown with its rotor having advanced by one 
step, and coil polarity changed to induce it to make a sec- 
ond step. 


Step 3 





Figure 25-11. The bipolar stepper motor after taking its 
second step, immediately before making its third step. 


than a set of 555 timer chips. However, this type 
of motor is less powerful for its size and weight 
because only half of each coil is energized at a 
time. 


In Figure 25-13, Figure 25-14, Figure 25-15, and 
Figure 25-16, the simplest configuration of a uni- 
polar system is shown in diagrammatic form us- 
ing four stator coils and a rotor containing six 
magnetic poles. Each figure shows the stator 
coils when they have just been energized, a mo- 
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Step 4 





Figure 25-12. The bipolar stepper motor after taking its 
third step. When the rotor responds to the new pattern of 
magnetic fields, its orientation will be functionally identi- 
cal with that shown in the first step. 


ment before the rotor has had time to move in 
response to them. Coils that are energized are 
shown with the metal cores tinted green. Wires 
that are not conducting current are shown in 
gray. The open and closed positions of switches 
a, b, c, and d suggest the path that current is tak- 
ing along the wires that are colored black. 


Note that coils on opposite sides of the motor are 
energized simultaneously, while the other pair of 
coils is de-energized. Adjusting the controller so 
that it overlaps the “on” cycles of the coils can 
generate more torque, while consuming more 
power. 


A motor containing more stator poles can ad- 
vance in smaller steps, if the poles are separately 
energized. However, if the coils have individual 
windings, this will increase the cost of the motor. 


Variants 





In addition to bipolar and unipolar variants, pre- 
viously described, three others are available. 


High Phase Count 

This term describes any type of stepper motor in 
which additional poles reduce the step size. The 
advantages of a high phase count include 
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Step1 Step 3 





Figure 25-13. The coils of this unipolar stepper motor are Figure 25-15. The same motor from the previous figure is 
shown an instant after they have been energized, before shown with coils energized to induce the rotor to make its 
the rotor has had time to respond by making its first step. third step. 


ao 
Lea 
a 
a © 
Figure 25-14. The same motor from the previous figure is Figure 25-16. When the rotor makes its fourth step, it will 


shown with coils energized to induce the rotor to make its be back in an orientation that is functionally identical with 
second step. the first figure in this series. 


Step 2 Step 4 
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smoother running at high speed and greater 
precision when selecting a desired motor posi- 
tion. The additional coils also enable higher pow- 
er density, but naturally tend to add to the cost 
of the motor. 


Hybrid 

This type of motor uses a toothed rotor that pro- 
vides variable reluctance while also containing 
permanent magnets. It has become relatively 
common, as the addition of teeth to the rotor 
enables greater precision and efficiency. From a 
control point of view, the motor behaves like a 
regular permanent-magnet stepper motor. 


Bifilar 

In this type of motor, also sometimes knownas a 
universal stepper motor, two coils are wound in 
parallel for each stator pole. If there are two poles 
or sets of poles, and both ends of each winding 
are accessible via wires that are run out of the 
motor, there will be eight wires in total. Conse- 
quently this type is often referred to as an 8-wire 
motor. 


The advantage of this scheme is that it allows 
three possible configurations for the internal 
coils. By shorting together the wires selectively, 
the motor can be made to function either in uni- 
polar or bipolar mode. 


In Figure 25-17, the upper pair of simplified dia- 
grams depicts one end of one coil connected to 
the beginning of the other, while positive voltage 
is applied at the midpoint, as in a unipolar motor. 
The magnetic polarity of the coil is determined 
by grounding either end of the coil. The section 
of each coil that is not conducting current is 
shown in gray. 


The center pair of diagrams shows the adjacent 
ends of the coils tied together, so that they are 
now energized in parallel, with the magnetic po- 
larity being determined by the polarity of the 
voltage, as in a bipolar motor. 
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The coils may also be connected in series, as 
shown in the lower pair of diagrams. This will 
provide greater torque at low speed and lower 
torque at high speed, while enabling higher- 
voltage, lower-current operation. 


ah 
ge ga 
fh) pee 


Figure 25-17. In a bifilar motor, two coils are wound in par- 
allel around each stator pole and can be connected with a 
center tap to emulate a unipolar motor (upper diagrams), 
or can be energized in parallel (middle diagrams) or series 
(lower diagrams) to emulate a bipolar motor. 








Multiphase 


In a multiphase motor, multiple stator coils are 
usually connected in series, with a center tap ap- 
plied between each pair. A possible configura- 
tion is shown in Figure 25-18, where the two di- 
agrams show two consecutive steps in rotation, 
although the step angle could be halved by 
changing the voltage polarity in only one loca- 
tion atatime. The way in which the motor is wired 
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enables only one stator coil to be unpowered 
during any step, because its two ends are at equal 
potential. Therefore this type of motor is capable 
of high torque in a relatively small format. 


In some multiphase motors, additional wires al- 
low access to both ends of each coil, and the coils 
are not connected internally. This allows control 
of the motor to be customized. 


Microstepping 

Anappropriately designed stepper motor can be 
induced to make very small, intermediate steps 
if the control voltage is modulated to intermedi- 
ate levels. Step angles as low as 0.007 degrees are 
claimed by some manufacturers. However, a mo- 
tor running in this mode is less able to generate 
torque. 


The simplest form of microstepping is half- 
stepping. To achieve this in a unipolar motor, 
each coil passes through an “off” state before its 
magnetic polarity is reversed. 


Sensing and Feedback 


Solongas the series of pulses to the motor allows 
the rotor ample time to respond, no feedback 
mechanism from the rotor is necessary to con- 
firm its position, and an open-loop system is suf- 
ficient. If sudden acceleration, deceleration, load 
fluctuations, and/or rotation reversal will occur, 
or if high speeds are involved, a closed loop sys- 
tem, in which a sensor provides positional feed- 
back, may be necessary. 


Voltage Control 

Rapid stepping of amotor requires rapid creation 
and collapse of magnetic fields in the stator 
windings. Therefore, self-inductance of the 
windings can limit the motor speed. One way to 
overcome this is to use a higher voltage. A more 
sophisticated solution is to use a controller that 
provides a high initial voltage, which is reduced 
or briefly interrupted when a sensor indicates 
that coil current has increased sufficiently to 
overcome the self-inductance of the windings 


Variants 





Figure 25-18. A multiphase stepper motor. By applying 
voltage in the pattern shown, only one coil is not ener- 
gized during each step. This enables high torque com- 
pared with the size of the motor. 


and has reached its imposed limit. This type of 
controller may be referred to as a chopper drive 
as the voltage is “chopped,” usually by power 
transistors. It is a form of pulse width modulation. 
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The step angle of a stepper motor is the angular 
rotation of its shaft, in degrees, for each full step. 
This will be determined by the physical construc- 
tion of the motor. The coarsest step angle is 90 
degrees, while sophisticated motors may be ca- 
pable of 1.8 degrees (without microstepping). 


The maximum torque that a motor can deliver is 
discussed in “Values” (page 184) in the DC mo- 
tor entry of this encyclopedia. 


Motor weight and size, shaft length, and shaft 
diameter are the principal passive values of a 
stepper motor, which should be checked before 
it is selected for use. 


How to Use it 





Stepper motors are used to control the seek ac- 
tion in disk drives, the print-head movement and 
paper advance in computer printers, and the 
scanning motionin document scanners and cop- 
iers. 


Industrial and laboratory applications include 
the adjustment of optical devices (modern tele- 
scopes are often oriented with stepper motors), 
and valve control in fluid systems. 


A stepper motor may be used to power a /inear 
actuator, usually via a screw thread (properly 
known as a lead screw) or worm gear. For more 
on linear actuators, see “Linear Actuator” (page 
184).While the stepper motor will enable greater 
accuracy thana traditional DC motor, the gearing 
inevitably will introduce some imprecision. 


Advantages of stepper motors include: 


e Precise positioning, typically within 3 per- 
cent to 5 percent per step. The percentage 
step error does not accumulate as the motor 
rotates 


¢ Able to run at a wide range of speeds, in- 
cluding very slow speeds without reduction 
gearing 


e Trouble-free start, stop, and reverse action 
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e Cheap controller hardware where open- 
loop applications are acceptable 


e High reliability, since no brushes or commu- 
tator are involved 


Disadvantages include: 


e Noise and vibration 
e Resonance at low speeds 


e Progressive loss of torque at high speeds 


Protection Diodes 


While a small stepper motor may be driven di- 
rectly from power transistors, darlington pairs, or 
even 555 timers, larger motors will create back- 
EMF when the magnetic field of each stator coil 
is induced or forward EMF when the field is al- 
lowed to collapse, and bipolar motors will also 
induce voltage spikes when the current reverses. 
In a unipolar motor, while only one-half of the 
coil is actually energized via its center tap, the 
other half will have an induced voltage, as the 
coil acts like a /inear transformer. 


A simplified schematic illustrating diode place- 
mentfora bipolar motor is shownin Figure 25-19. 


Figure 25-19. The H-bridge circuit must be augmented 
with protection diodes to guard against back-EMF created 
by fluctuating current in the stator coil. 
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Integrated circuit chips are available taht incor- 
porate protection diodes, in addition to the nec- 
essary power transistors. Stepper motors may al- 
so have protection diodes built in. Consult the 
manufacturer's datasheet for details before at- 
taching a motor to a power source. 


Positional Control 


The built-in control electronics of a servo mo- 
tor typically turn the shaft to a precisely known 
position in response to pulse-width modulation 
from an exterior source such as a microcontrol- 
ler, whereas the angle of rotation of a stepper 
motor in an open-loop system must be calcula- 
ted by counting the number of steps from an in- 
itial, home position. This limitation of a stepper 
motor can be overcome by using a closed-loop 
system, but that will require monitoring the mo- 
tor, adding complexity to the external controller. 
The choice between stepper and servo motors 
should be evaluated on a case-by-case basis. 


What Can Go Wrong 


General problems affecting all types of motors 
are listed in “Heat effects” (page 188). Issues re- 
lating more specifically to stepper motors are lis- 
ted in the following sections. 





Incorrect Wiring 


Because a stepper motor is driven via multiple 
conductors, there is a significant risk of wiring 
errors, especially since many motors are not iden- 
tified with part numbers. The first challenge, 
then, may be to determine what type of motor it 
is. When the motor is disconnected from any 
power, and the shaft is rotated with finger and 
thumb, a magnetized-rotor motor will not spin 
as freely as a reluctance motor, because the mag- 
nets in the rotor will provide intermittent turning 
resistance. 


If a unipolar motor is relatively small and is fitted 
with five wires, almost certainly the motor con- 
tains two coils, each with a center tap, and their 
function can be determined by applying positive 


What Can Go Wrong 


voltage to the red wire and grounding each of 
the other wires in turn. Attaching a small piece 
of tape to the motor shaft will assist in viewing 
its orientation. 


A multimeter set to measure ohms can also be 
useful in deducing the internal coil connections 
of the motor, since the end-to-end resistance of 
a coil should be approximately twice the resist- 
ance between the center tap and either end of 
the coil. 


A multiphase motor may have five wires, but in 
this case, the resistance between any two non- 
adjacent wires will be 1.5 times the resistance 
between any two adjacent wires. 


Step Loss 

In an open-loop system, if the motor skips or 
misses pulses from the controller, the controller 
no longer has an accurate assessment of the 
shaft angle. This is known as step Joss. Since this 
can be caused by sudden changes in control fre- 
quency, the frequency should be increased (or 
decreased) gradually. This is known as ramping 
the motor speed. Stepper motors cannot re- 
spond instantly to changes in speed, because of 
inertia in the rotor or in the device that the motor 
is driving. 


Where the motor turns one or more steps beyond 
its commanded stopping point, this is known as 
overshoot. 


Step loss may also occur if the motor continues 
turning after power has been interrupted (either 
intentionally or because of an external fault). In 
an open-loop system, the controller should be 
designed to reset the motor position when pow- 
er is initiated. 


Excessive Torque 


When the motor is stationary and not powered, 
detent torque is the maximum turning force that 
can be applied without causing the shaft to turn. 
When the motor is stationary and the controller 
does deliver power to it, holding torque is the 
maximum turning force that can be applied 
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without causing the shaft to turn, and pull-in tor- 
que is the maximum torque which the motor can 
apply to overcome resistance and reach full 
speed. When the motor is running, pull-out tor- 
que isthe maximum torque the motor can deliver 
without suffering step loss (pulling it out of sync 
with its controller). Some or all of these values 
should be specified on the motor’s datasheet. 
Exceeding any of them will result in step loss. 


Hysteresis 

When a controller directs a stepper motor to seek 
a specified position, the term hysteresis is often 
used to mean the total error between the actual 
position it reaches when turning clockwise, and 
the actual position it reaches when turning 
counter-clockwise. This difference may occur be- 
cause a stepper motor tends to stop a fraction 
short of its intended position, especially under 
significant load. Any design that requires preci- 
sion should be tested under real-world condi- 
tions to assess the hysteresis of the motor. 


Resonance 


A motor has a natural resonant frequency. If it is 
stepped near that frequency, vibration will tend 
to be amplified, which can cause positional er- 
rors, gear wear (if gears are attached), bearing 
wear, noise, and other issues. A good datasheet 
should specify the resonant frequency of the 
motor, and the motor should run above that fre- 
quency if possible. The problem can be ad- 
dressed by rubber motor mounts or by using a 
resilient component, such as a drive belt, in con- 
junction with the drive shaft. Damping the vibra- 
tion may be attempted by adding weight to the 
motor mount. 


Note that if the motor has any significant weight 
attached directly to its shaft, this will lower its 
resonant frequency, and should be taken into 
account. 
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Resonance may also cause step /oss (see preced- 
ing sections). 


Hunting 

In a closed-loop system, a sensor on the motor 
reports its rotational position to the controller, 
and if necessary, the controller responds by ad- 
justing the position of the motor. Like any feed- 
back system, this entails some lag time, and at 
certain speeds the motor may start hunting or 
oscillating as the controller over-corrects and 
must then correct its correction. Some closed- 
loop controllers avoid this issue by running most- 
ly in open-loop mode, using correction only 
when the motor experiences conditions (such as 
sudden speed changes), which are likely to cause 
step loss. 


Saturation 

While it may be tempting to increase the torque 
from a stepper motor by upping the voltage 
(which will increase the current through the sta- 
tor coils), in practice motors are usually designed 
so that the cores of the coils will be close to sat- 
uration at the rated voltage. Therefore, increas- 
ing the voltage may achieve very little increase 
in power, while causing a significant increase in 
heat. 


Rotor Demagnetization 

The permanent magnets in a rotor can be parti- 
ally demagnetized by excessive heat. Demag- 
netization can also occur if the magnets are ex- 
posed to high-frequency alternating current 
when the rotor is stationary. Therefore, attempt- 
ing to run a stepper motor at high speed when 
the rotor is stalled can cause irrevocable loss of 
performance. 
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The term diode almost always means a semiconductor device, properly known as a PN 
junction diode, although the full term is not often used. It was formerly known as a crystal 
diode. Before that, diode usually meant a type of vacuum tube, which is now rarely used 
outside of high-wattage RF transmitters and some high-end audio equipment. 


OTHER RELATED COMPONENTS 


rectifier (See “Rectification” (page 227)) 
¢ unijunction transistor (See Chapter 27) 
¢ LED (light-emitting diode) (Volume 2) 


What It Does 


A diode is a two-terminal device that allows cur- 
rent to flow in one direction, known as the for- 
ward direction, when the anode of the diode has 
a higher positive potential than the cathode. In 
this state, the diode is said to be forward biased. 
If the polarity of the voltage is reversed, the diode 
is now reverse biased, and it will attempt to block 
current flow, within its rated limits. 





Diodes are often used as rectifiers to convert al- 
ternating current into direct current. They may 
also be used to suppress voltage spikes or pro- 
tect components that would be vulnerable to re- 
versed voltage, and they have specialized appili- 
cations in high-frequency circuits. 


A Zener diode can regulate voltage, a varactor di- 
ode can control a high-frequency oscillator, and 
tunnel diodes, Gunn diodes, and PIN diodes have 
high-frequency applications appropriate to their 
rapid switching capability. An LED (/ight-emitting 
diode) is a highly efficient light source, which is 
discussed in Volume 2 of this encyclopedia. A 
photosensitive diode will adjust its ability to 
pass current depending on the light that falls 
upon it, and is included as a sensor in Volume 3. 


See Figure 26-1 for schematic symbols repre- 
senting a generic diode. 


Cathode Cathode Cathode 
Anode Anode Anode 


© © +) 


Figure 26-1. Commonly used schematic symbols for a 
generic diode. All the symbols are functionally identical. 
The direction of the arrow formed by the triangle indicates 
the direction of conventional current (from positive to 
negative) when the diode is forward-biased. 


The basic diode symbol is modified in various 
ways to represent variants, as shown in 
Figure 26-2. 


At top 
Each symbol in the group of six indicates a 
Zener diode. All are functionally identical. 
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Bottom-left 
Tunnel diode. 


Bottom-center 
Schottky diode. 


Bottom-right 
Varactor. 


A triangle with an open center does not indicate 
any different function from a triangle with a solid 
center. The direction of the arrow always indi- 
cates the direction of conventional current, from 
positive to negative, when the diode is forward- 
biased, although the functionality of Zener di- 
odes and varactors depends on them being 
reverse-biased, and thus they are used with cur- 
rent flowing opposite to the arrow symbol. The 
bent line used in the Zener symbol can be 
thought of as an opened letter Z, while the curled 
line used in the Schottky diode symbol can be 
thought of as a letter S, although these lines are 
sometimes drawn flipped left-to-right. 


+ + 
* ‘ 
Bs 


as 
a 
f zs 


Figure 26-2. Commonly used schematic symbols for 
specialized types of diodes. See text for details. 


Arange of rectifier and signal diodes is shown in 
Figure 26-3. (Top: Rectifier diode rated 7.5A at 
35VDC. Second from top: Rectifier diode rated 5A 
at 35VDC. Center: Rectifier diode rated 3A at 
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35VDC. Second from bottom: 1N4001 Rectifier 
diode rated 1A at 35VDC. Bottom: 1N4148 signal 
switching diode rated at 300mA.) All values are 
for forward continuous current and RMS voltage. 
Each cylindrical diode is marked with a silver 
stripe (a black stripe on the 1N4148) to identify 
its cathode, or the end of the diode that should 
be “more negative” when the component is for- 
ward biased. Peak current can greatly exceed 
continuous current without damaging the com- 
ponent. Datasheets will provide additional infor- 
mation. 


Figure 26-3. Diodes ranging in continuous forward- 
current capability from 75A (top) to 300mA (bottom). 
See text for additional details. 





222 


Encyclopedia of Electronic Components Volume 1 


discrete semiconductor > single junction > diode 


How It Works 


A PN diode is a two-layer semiconductor, usually 
fabricated from silicon, sometimes from germa- 
nium, and rarely from other materials. The layers 
are doped with impurities to adjust their electri- 
cal characteristics (this concept is explained in 
more detail in Chapter 28). The N /ayer (on the 
negative, cathode side) has a surplus of elec- 
trons, creating a net negative charge. The P lay- 
er (on the positive, anode side) has a deficit of 
electrons, creating a net positive charge. The def- 
icit of electrons can also be thought of as a sur- 
plus of “positive charges,” or more accurately, a 
surplus of electron holes, which can be consid- 
ered as spaces that electrons can fill. 





When the negative side of an external voltage 
source is connected with the cathode of a diode, 
and the positive side is connected with the 
anode, the diode is forward-biased, and elec- 
trons and electron holes are forced by mutual 
repulsion toward the junction between thenand 
p layers (see Figure 26-4). Ina silicon diode, if the 
potential difference is greater than approximate- 
ly 0.6 volts, this is known as the junction threshold 
voltage, and the charges start to pass through the 
junction. The threshold is only about 0.2 volts in 
a germanium diode, while in a Schottky diode it 
is about 0.4 volts. 


If the negative side of an external voltage source 
is connected with the anode of a diode and pos- 
itive side is connected with the cathode, the di- 
ode is now reverse-biased, and electrons and 
electron holes are attracted away from the junc- 
tion between the n and p layers. The junction is 
now a depletion region, which blocks current. 


Like any electronic component, a diode is not 
100% efficient. When it is forward-biased and is 
passing current, it imposes a small voltage drop 
of around 0.7V for a silicon-based diode (Schott- 
ky diodes can impose a drop of as little as 0.2V, 
germanium diodes 0.3V, and some LEDs be- 
tween 1.4V and 4V). This energy is dissipated as 
heat. When the diode is reverse-biased, it is still 
not 100% efficient, this time in its task of blocking 


How It Works 
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No Flow 


Figure 26-4. Inside a PN junction diode. Left: in forward- 
biased mode, voltage from a battery (bottom, with plates 
colored for clarity) forces charges in the N and P layers to- 
ward the central junction of the diode. Current begins to 
flow. Right: in reverse-biased mode, charges in the N and 
P layers are attracted away from the central junction, 
which becomes a depletion region, unable to pass signifi- 
cant current. 


current. The very small amount of current that 
manages to get through is knownas leakage. This 
is almost always less than 1mA and may be just 
a few pA, depending on the type of diode. 


The performance of a theoretical generic PN di- 
ode is illustrated in Figure 26-5. The right-hand 
side of the graph shows that if a diode is forward- 
biased with a gradually increasing potential, no 
current passes until the diode reaches its junc- 
tion threshold voltage, after which the current 
rises very steeply, as the dynamic resistance of the 
diode diminishes to near zero. The left-hand side 
of the graph shows that when the diode is 
reverse-biased with a gradually increasing po- 
tential, initially a very small amount of current 
passes as leakage (the graph exaggerates this for 
clarity). Eventually, if the potential is high 
enough, the diode reaches its intrinsic break- 
down voltage, and once again its effective resist- 
ance diminishes to near zero. At either end of the 
curve, the diode will be easily and permanently 
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damaged by excessive current. With the excep- 
tion of Zener diodes and varactors, reverse bias 
on a diode should not be allowed to reach the 
breakdown voltage level. 


The graph in Figure 26-5 does not have a consis- 
tent scale on its Y axis, and in many diodes the 
magnitude of the (reverse-biased) breakdown 
voltage will be as much as 100 times the magni- 
tude of the (forward-biased) threshold voltage. 
The graph has been simplified for clarity. 
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Figure 26-5. As the forward voltage across a diode rea- 
ches the junction threshold, the diode begins passing cur- 
rent. If the voltage across the diode is reversed, initially a 
small amount of current leakeage occurs. Excessive for- 
ward or reverse voltage will create sufficient current to de- 
stroy the component. 


Variants 





Packaging 

Some diodes have no information at all printed 
on them, while others may have a part number. 
Any additional information is rare. No conven- 
tion exists for indicating the electrical character- 
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istics of the component by colors or abbrevia- 
tions. If one terminalis marked in any way, almost 
certainly it is the cathode. One way to remember 
the meaning of a stripe on the cathode end of a 
rectifier diode or signal diode is by thinking of it 
as resembling the line in the diode schematic 
symbol. 


Signal Diodes 

Also known as switching diodes and high-speed 
diodes, their small size provides a low junction 
capacitance, enabling fast response times. They 
are not designed to withstand high currents. Sig- 
nal diodes traditionally were packaged with axial 
leads for through-hole installation (like 
traditional-style resistors). Although this format 
still exists, signal diodes are now more commonly 
available in surface-mount formats. 


Rectifier Diodes 

Physically larger than signal diodes, and capable 
of handling higher currents. Their higher junc- 
tion capacitance makes them unsuitable for fast 
switching. Rectifier diodes often have axial leads, 
although different package formats are used 
where higher currents are involved, and may in- 
clude a heat sink, or may have provision for being 
attached to a heat sink. 


There are no generally agreed maximum or min- 
imum ratings to distinguish signal diodes from 
rectifier diodes. 


Zener Diode 

A Zener diode generally behaves very similarly 
toa signal or rectifier diode, except that its break- 
down voltage is lower. 


The Zener is intended to be reverse-biased; that 
is, conventional current is applied through it “in 
the wrong direction” compared with conven- 
tional diodes. As the current increases, the dy- 
namic resistance of the Zener diode decreases. 
This relationship is shown in Figure 26-6, where 
the two colored curves represent the perfor- 
mance of different possible Zener diodes. (The 
curves are adapted from a manufacturer's data- 
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sheet.) This behavior allows the Zener to be used 
in simple voltage-regulator circuits, as it can al- 
low a reverse current to flow at a voltage limited 
by the diode’s breakdown voltage. Other appli- 
cations for Zener diodes are described in “DC 
Voltage Regulation and Noise Suppression” 
(page 230). A typical Zener diode is shown in 
Figure 26-7. 
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Figure 26-6. A manufacturer's datasheet may include 
graphs of this kind, showing the variation in dynamic re- 
sistance of two reverse-biased Zener diodes in response 
to changes in current. 





Figure 26-7. A 1N4740 Zener diode. 


Variants 


Transient Voltage Suppressor 
(TVS) 

A form of Zener diode designed to protect sen- 
sitive devices from transient voltage spikes by 
clamping them—in other words, diverting the 
energy to ground. A TVS can absorb as much as 
30,000 volts from a lightning strike or static dis- 
charge. Typically the Zener diode is incorporated 
in a network of other diodes in a surface-mount 
integrated circuit chip. 


Zener diodes can also be used in circuits to han- 
dle electrostatic discharge (ESD), which can oc- 
cur when a person unknowingly accumulates an 
electrostatic potential and then grounds it by 
touching an electronic device. 


Schottky Diode 


This type has a low junction capacitance, ena- 
bling faster switching than comparable generic 
silicon diodes. It also imposes a lower forward 
voltage drop, which can be desirable in low- 
voltage applications, and allows less power dis- 
sipation when a diode is necessary to control 
current flow. The Schottky diode is fabricated 
with a semiconductor-to-metal junction, and 
tends to be slightly more expensive than generic 
silicon diodes with similar voltage and current 
specifications. 


Varactor Diode 


Also known as a varicap, this type of diode has 
variable capacitance controlled by reverse volt- 
age. While other diodes may exhibit this same 
phenomenon, the varactor is specifically de- 
signed to exploit it at very high frequencies. The 
voltage expands or contracts the depletion re- 
gioninthejunction between the P andN regions, 
which can be thought of as analogous to moving 
the plates of a capacitor nearer together or far- 
ther apart. 


Because the capacitance of a varactor has a low 
maximum of about 100pF, its uses are limited. It 
is used extensively in RF applications where its 
voltage-controlled variable capacitance pro- 
vides a uniquely useful way to control the 
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frequency of an oscillator circuit. In almost all ra- 
dio, cellular, and wireless receivers, a varactor 
controls a phase-locked loop oscillator. In ham 
radio receivers, itcan be used to adjust the tuning 
ofa filter that tracks an incoming radio frequency. 


A varactor is always reverse-biased below its 
breakdown voltage, so that there is no direct 
conduction. The voltage that controls a varactor 
must be absolutely free from random fluctua- 
tions that would affect its resonant frequency. 


Tunnel Diode, Gunn Diode, PIN 
Diode 

Mostly used in very high frequency or microwave 
applications, where ordinary diodes are unac- 
ceptable because they have insufficiently high 
switching speeds. 


Diode Array 


Two or more diodes may be encapsulated in a 
single DIP or (more commonly) surface-mount 
integrated circuit chip. The internal configura- 
tion and the pinouts of the chip will vary from 
one device to another. Diode arrays may be used 
for termination of data lines to reduce reflection 
noise. 


Bridge Rectifier 

Although this is a diode array, it is commonly in- 
dexed in parts catalogues under the term bridge 
rectifier. Numerous through-hole versions are 
available with ratings as high as 25A, some de- 
signed for single-phase input while others pro- 
cess three-phase AC. Screw-terminal compo- 
nents can rectify more than 1,000 volts at 1,000 
amps. The package does not usually include any 
provision for smoothing or filtering the output. 


See “Rectification” (page 227) for more information 


on the behavior of a bridge rectifier. 


Values 





A manufacturer's datasheet for a typical generic 
diode should define the following values, using 
abbreviations that may include those in the fol- 
lowing list. 
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Maximum sustained forward current: |; or |, 
or lomax 


Forward voltage (the voltage drop imposed 
by the diode): V; 


Peak inverse DC voltage (may be referred to 
asmaximum blocking voltage or breakdown 
voltage): Piy or Vgc OF Vir 


Maximum reverse current (also referred to as 
leakage): I, 


Datasheets may include additional values when 
the diode is used with alternating current, and 
will also include information on peak forward 
surge current and acceptable operating temper- 
atures. 


A typical signal diode is the 1N4148 (included at 
the bottom of Figure 26-3), which is limited to 
about 300mA forward current while imposing a 
voltage drop of about 1V. The component can 
tolerate a 75V peak inverse voltage. These values 
may vary slightly among different manufactur- 
ers. 


Rectifier diodes in the 1N4001/1N4002/1N4003 
series have a maximum forward current of 1A 
and will impose a voltage drop of slightly more 
than 1V. They can withstand 50V to 1,000V of in- 
verse voltage, depending on the component. 
Here again, the values may vary slightly among 
different manufacturers. 


Zener diodes have a different specification, as 
they are used with reverse bias as voltage- 
regulating devices rather than rectification devi- 
ces. Manufacturers’ data sheets are likely to con- 
tain the following terminology: 


e Zener voltage (the potential at which the di- 
ode begins to allow reverse current flow 
when it is reverse-biased, similar to break- 
down voltage): V, 


Zener impedance or dynamic resistance (the 
effective resistance of the diode, specified 
when it is reverse-biased at the Zener volt- 
age): Z, 
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e Maximum or admissible Zener current (or 
reverse current): |, or lam 


e Maximum or total power dissipation: Pg or 
Prot 


Zener voltage may be defined within a minimum 
and maximum range, or as a simple maximum 
value. 


Limits on forward current are often not specified, 
as the component is not intended to be forward- 
biased. 


How to Use it 





Rectification 

A rectifier diode, as its name implies, is commonly 
used to rectify alternating current—that is, to 
turn AC into DC. A half-wave rectifier uses a single 
diode to block one-half of the AC sinewave. The 
basic circuit for a half-wave rectifier is shown in 
Figure 26-8. At top, the diode allows current to 
circulate counter-clockwise through the load. At 
bottom, the diode blocks current that attempts 
to circulate clockwise. Although the output has 
“gaps” between the pulses, it is usable for simple 
tasks such as lighting an LED, and with the addi- 
tion of asmoothing capacitor, can power the coil 
of a DC relay. 


A full-wave bridge rectifier employs four diodes 
to provide a more efficient output, usually fil- 
tered and smoothed with appropriate capaci- 
tors. The basic circuit is shown in Figure 26-9.A 
comparison of input and output waveforms for 
half-wave and full-wave rectifiers appears in 
Figure 26-10. 


Discrete components are seldom used for this 
purpose, as off-the-shelf bridge rectifiers are 
available ina single integrated package. Rectifier 
diodes as discrete components are more likely to 
be used to suppress back-EMF pulses, as de- 
scribed below. 


An old but widely used design for a full-wave 
bridge rectifier is shown in Figure 26-11. This unit 
measured approximately 2” x 2” x 1.5” and was 
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Figure 26-8. A half-wave rectifier. In this configuration 
the diode allows AC current to circulate counter-clockwise 
but blocks it clockwise. 


(2) 


Ls: 


& 


Ls: 


Load 


Figure 26-9. The basic circuit commonly used to form a 
bridge rectifier, with color added to indicate polarity. Wires 
shown in black are not passing current because diodes 
are blocking it. Note that the polarity at the load remains 
constant. 


divided into four sections (as indicated by the 
solder terminals on the right-hand side), each 
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LEXIS LINE 


Figure 26-10. Top: The voltage-amplitude sinewave of an 
alternating current source that fluctuates between posi- 
tive voltage (shown red) and negative voltage (shown 
blue) relative to a neutral (black) baseline. Center: AC cur- 
rent converted by a full-wave rectifier. Because the diodes 
do not conduct below their threshold voltage, small gaps 
appear between pulses. Bottom: Output from a half-wave 
rectifier. 


section corresponding with the functionality of 
one modern diode. Figure 26-12 shows relatively 
modern rectifier packages, the one on the left 
rated at 20A continuous at 800V RMS, the one on 
the right rated 4A continuous at 200V RMS. In 
Figure 26-13, the one on the left is rated 4A con- 
tinuous at 50V RMS, whereas the one on the right 
is rated 1.5A at 200V RMS. 


DC output from rectifier packages is usually sup- 
plied via the outermost pins, while the two pins 
near the center receive AC current. The positive 
DC pin may be longer than the other three, and 
is usually marked with a + symbol. 


Full-wave bridge rectifiers are also available in 
surface-mount format. The one in Figure 26-14 is 
rated for half an amp continuous current. 


Back-EMF Suppression 

A relay coil, motor, or other device with signifi- 
cant inductance will typically create a spike of 
voltage when it is turned on or off. This EMF can 
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Figure 26-11. Prior to the perfection of chip fabrication in 
the late 1960s, it was common to find silicon rectifiers of 
this type, measuring about 2” square. 





Figure 26-12. Full-wave bridge rectifies are commonly 
available in packages such as these. See text for details. 


be shunted through a rectifier diode to safeguard 
other components in the circuit. A diode in this 
configuration may be referred to as a protection 
diode, a clamp diode, or transient suppressor. See 
Figure 26-15. 
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Figure 26-13. Smaller full-wave bridge rectifiers capable 
of 1.5A to 4A continuous current. 





Figure 26-14. This surface-mount component contains 
four diodes forming a full-wave bridge rectifier circuit, and 
can pass 0.5A continuous current. It measures approxi- 
mately 0.2” square. 


Voltage Selection 


A diode is sensitive to the relative voltage be- 
tween its anode and cathode terminals. In other 
words, if the cathode is at 9V relative to the 
ground in the circuit, and the anode is at 12V, the 
3V difference will easily exceed the threshold 
voltage, and the diode will pass current. (Actual 
tolerable values will depend on the forward volt- 
age capability of the diode.) If the voltages are 
reversed, the diode will block the current. 
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Figure 26-15. A rectifier diode is very often placed across 
a motor (top), relay (bottom), or other device with signifi- 
cant inductance that creates a spike of reverse voltage 
when switched on or off. The surge is shunted through the 
diode, protecting other components in the circuit. 


This attribute can be used to make a device 
choose automatically between an AC adapter 
and a 9V battery. The schematic is shown in 
Figure 26-16. When an AC adapter that delivers 
12VDC is plugged into a wall outlet, the adapter 
competes with the battery to provide power to 
a voltage regulator. The battery delivers 9VDC 
through the lower diode to the cathode side of 
the upper diode, but the AC adapter trumps it 
with 12VDC through the upper diode. Conse- 
quently, the battery ceases to power the circuit 
until the AC adapter is unplugged, at which point 
the battery takes over, and the upper diode now 
prevents the battery from trying to pass any cur- 
rent back through the AC adapter. 


The voltage regulator in this schematic accepts 
either 12VDC or 9VDC and converts it to 5VDC. 
(In the case of 12VDC, the regulator will waste 
more power, which will be dissipated as waste 
heat.) 
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Voltage 
Regulator 





OV 
battery 


Figure 26-16. Two diodes with their cathodes tied togeth- 
er will choose automatically between an AC adapter that 
delivers 12VDC and an internal 9V battery. 


Voltage Clamping 

A diode can be used to clamp a voltage to a de- 
sired value. If an input to a 5V CMOS semicon- 
ductor or similarly sensitive device must be pre- 
vented from rising out of range, the anode of a 
diode can be connected to the input and the 
cathode to a 5V voltage source. If the input rises 
much above 5.6V, the potential difference ex- 
ceeds the diode’s junction threshold, and the di- 
ode diverts the excess energy. See Figure 26-17. 


5VDC 





Figure 26-17. A clamping diode can limit output voltage— 
in this example, to about 5.6V. If the input rises above that 
value relative to the common ground, the potential differ- 
ence across the diode feeds the excess voltage back 
through it to the 5V source. 


Logic Gate 

A signal diode is less than ideal as a logic gate, 
because it imposes a typical 0.6V voltage reduc- 
tion, which can be significant in a 5V circuit and 
is probably unacceptable in a 3.3V circuit. Still, it 
can be useful on the output side—for example, 
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if two or more outputs from a logic chip or mi- 
crocontroller are intended to drive, or share, an- 
other device such as a single LED, as shown in 
Figure 26-18. In this role, the diodes wired in par- 
allel behave similarly to an OR gate, while pre- 
venting either output from the chip from feeding 
current back into the other output. 





Figure 26-18. Two or more outputs from a logic chip or 
microcontroller may be coupled with diodes to power an- 
other device, such as an LED, while protecting the chip 
from backflow of current. The diodes form a logical OR 
gate. 


DC Voltage Regulation and Noise 
Suppression 

As previously noted, the dynamic resistance of a 
reverse-biased Zener diode will diminish as the 
current increases. This relationship begins at the 
point where breakdown in the diode begins—at 
its Zener voltage--and is approximately linear 
over a limited range. 


The unique behavior of the Zener makes it usable 
as a very simple voltage controller when placed 
in series with a_ resistor as shown in 
Figure 26-19. It is helpful to imagine the diode 
and the resistor as forming a kind of voltage di- 
vider, with power being taken out at point A in 
the schematic. If a supply fluctuation increases 
the input voltage, this will tend to increase the 
current flowing through the Zener, and its dy- 
namic resistance will diminish accordingly. A 
lower resistance in its position in the voltage di- 
vider will reduce the output voltage at point A, 
thus tending to compensate for the surge in in- 
put voltage. 


Conversely, ifthe load in the circuit increases, and 
tends to pull down the input voltage, the current 
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Figure 26-19. A simplified, basic circuit illustrating the 
ability of a Zener diode to compensate for variations in the 
power supply or load in a circuit, creating an approximate- 
ly constant voltage at point A. 


flowing through the Zener will diminish, and the 
voltage at point A will tend to increase, once 
again compensating for the fluctuation in the 
circuit. 


As the series resistor would be a source of heat, 
a transistor could be added to drive the load, as 
shown in Figure 26-20. 





Figure 26-20. A transistor could be added to the circuit 
in the previous figure to reduce power waste through the 
resistor. 


A manufacturer's datasheet may provide guid- 
ance regarding the dynamic resistance of a Zener 
diode in response to current, as previously 
shown in Figure 26-6. In practice, a packaged 
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voltage regulator such as the LM7805 would 
most likely be used instead of discrete compo- 
nents, since it includes self-calibrating features, 
requires no series resistor, and is relatively unaf- 
fected by temperature. However, the LM7805 
contains its own Zener diode, and the principle 
of operation is still the same. 


AC Voltage Control and Signal 
Clipping 

A more practical Zener application would be to 
limit AC voltage and/or impose clipping on an AC 
sinewave, using two diodes wired in series with 
opposed polarities. The basic schematicis shown 
in Figure 26-21, while clipping of the AC sinewave 
is illustrated in Figure 26-22. In this application, 
when one diode is reverse-biased, the other is 
forward-biased. A forward-biased Zener diode 
works like any other diode: it allows current to 
pass relatively freely, so long as the voltage ex- 
ceeds its threshold. When the AC current rever- 
ses, the Zeners trade their functions, so that the 
first one merely passes current while the second 
one limits the voltage. Thus, the diodes divert 
peak voltage away from the load. The Zener volt- 
age of each diode would be chosen to bea small 
margin above the AC voltage for voltage control, 
and below the AC voltage for signal clipping. 


& 


Figure 26-21. Two Zener diodes placed in series, with op- 
posite polarities, can clip or limit the voltage sinewave of 
an AC signal. 


Voltage Sensing 
A Zener diode can be used to sense a small shift 


in voltage and provide a switched output in re- 
sponse. 
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Figure 26-22. AC input showing a pure sinewave (left) 
and a clipped version (right) created by Zener diodes 
wired in series, as in the previous figure. 


In Figure 26-23, the upper schematic shows a 
Zener diode preventing voltage from reaching 
the emitter of a PNP transistor while the divided 
input signal is below the Zener (breakdown) volt- 
age of the diode. In this mode, the transistor is 
relatively non-conductive, very little current 
flows through it, and the output is now at near- 
zero voltage. As soon as the input signal rises 
above the Zener voltage, the transistor switches 
onand poweris supplied to the output. Theinput 
is thus replicated in the output, as shown in the 
upper portion of Figure 26-24. 


In Figure 26-23, the lower schematic shows a 
Zener diode preventing voltage from reaching 
the base of an NPN transistor while the input sig- 
nal is below the Zener (breakdown) voltage of 
the diode. In this mode, the transistor is relatively 
non-conductive, and power is supplied to the 
output. As soon as the input signal rises above 
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the Zener voltage, the transistor is activated, di- 
verting the current to ground and bypassing the 
output, which is now at near-zero voltage. The 
input is thus inverted, as shown in the lower por- 
tion of Figure 26-24 (provided there is enough 
current to drive the transistor into saturation). 


PNP 





NPN 





Figure 26-23. A Zener diode can be used in conjunction 
with a PNP transistor. See text for details. 


What Can Go Wrong 





Overload 

If maximum forward current is exceeded, the 
heat generated is likely to destroy the diode. If 
the diode is reverse-biased beyond its peak in- 
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Figure 26-24. Theoretical output from the transistors in 
the two previous schematics. 


verse voltage limit, the current will overwhelm 
the diode’s ability to block it, and an avalanche 
breakdown will occur, once again probably de- 
stroying the component. The graph_ in 
Figure 26-5 illustrates the performance range of 
a hypothetical generic diode. 


What Can Go Wrong 


Reversed Polarity 


Zener diodes look almost identical to other 
types, and all diodes share the same convention 
of marking the cathode for identification. Yet 
Zeners must be reverse-biased while others are 
forward-biased. This creates a significant risk of 
installing a diode “the wrong way around,’ with 
potentially destructive or at least confusing re- 
sults, especially when used in a power supply. 
The very low resistance of a diode to forward 
current makes it especially vulnerable to burnout 
if installed incorrectly. 


Wrong Type of Diode 


If a Zener diode is used accidentally where a sig- 
nalor rectifier diode is appropriate, the circuit will 
malfunction, as the Zener will probably have a 
much lower breakdown voltage, and therefore 
will not block reverse current. Conversely, if a sig- 
nalor rectifier diode is used where the circuit calls 
for a Zener diode, reverse voltage will be clam- 
ped (or regulated at the diode’s forward voltage 
value). Since diodes are often poorly marked, a 
sensible precaution is to store Zener diodes sep- 
arately from all other types. 
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The unijunction transistor (UJT) and programmable unijunction transistor (PUT) are dif- 
ferent internally, but are sufficiently similar in function to be combined in this entry. 


OTHER RELATED COMPONENTS 


e diode (See Chapter 26) 
- bipolar transistor (See Chapter 28) 
field-effect transistor (See Chapter 29) 


What It Does 


Despite their names, the unijunction transistor 
(UJT) and programmable unijunction transistor 
(PUT) are not current-amplification devices like 
bipolar transistors. They are switching compo- 
nents that are more similar to diodes than to 
transistors. 





The UJT can be used to build low- to mid- 
frequency oscillator circuits, while the PUT pro- 
vides similar capability with the addition of more 
sophisticated control, and is capable of function- 
ing at lower currents. The UJT declined in popu- 
larity during the 1980s after introduction of com- 
ponents such as the 555 timer, which offered 
more flexibility and a more stable output fre- 
quency, eventually at a competitive price. UJTs 
are now uncommon, but PUTs are still available 
in quantity as through-hole discrete compo- 
nents. Whereas an integrated circuit such as a 
555 timer generates a square wave, unijunction 
transistors in oscillator circuits generate a series 
of voltage spikes. 


The PUT is often used to trigger a thyristor (de- 
scribed in Volume 2) and has applications in low- 
power circuits, where it can draw as little as a few 
microamps. 


Schematic symbols for the two components are 
shown in Figure 27-1 and Figure 27-2. Although 
the symbol for the UJT is very similar to the sym- 
bol for a field-effect transistor (FET), its behavior 
is quite different. The bent arrow identifies the 
UJT, while a straight arrow identifies the FET. This 
difference is of significant importance. 


The schematic symbol for a PUT indicates its 
function, as it resembles a diode with the addi- 
tion of a gate connection. 


Base 2 


Emitter 


Base 1 


Figure 27-1. Schematic symbol for a unijunction transis- 
tor (UJT). Note the bent arrow. The symbol for a field- 
effect transistor looks similar, but has a straight arrow. 
The functionality of the two components is very different. 
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In Figure 27-3, the transistors at left and center 
are old-original unijunction transistors, while the 
one at right is a programmable unijunction 
transistor. (Left: Maximum 300mW, 35V inter- 
base voltage. Center: 450mW, 35V interbase volt- 
age. Right: 300mW, 40V gate-cathode forward 
voltage, 40V anode-cathode voltage.) 


Anode 


Gate 


Cathode 


Figure 27-2. Schematic symbol for a programmable uni- 
junction transistor (PUT). The symbol accurately sug- 
gests the similarity in function to a diode, with the addi- 
tion of a gate to adjust the threshold voltage. 





Figure 27-3. The unijunction transistors at left and center 
are becoming obsolete; the one at the right is a program- 
mable unijunction transistor (PUT), still readily available 
and widely used as a thyristor trigger. 


How It Works 


The UJT is a three-terminal semiconductor de- 
vice, but contains only two sections sharing a 
single junction—hence its name. Leads attached 
to opposite ends of a single channel of N-type 
semiconductor are referred to as base 1 and base 
2, with base 2 requiring aslightly higher potential 
than base 1. A smaller P-type insert, midway be- 
tween base 1 and base 2, is known as the emitter. 
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The diagram in Figure 27-4 gives an approximate 
idea of internal function. 


When no voltage is applied to the emitter, a rel- 
atively high resistance (usually more than 5K) 
prevents significant current flow from base 2 to 
base 1.When the positive potential at the emitter 
increases to a triggering voltage (similar to the 
junction threshold voltage of a forward-biased di- 
ode), the internal resistance of the UJT drops very 
rapidly, allowing current to enter the component 
via both the emitter and base 2, exiting at base 
1.(The term “current” refers, here, to convention- 
al current; electron flow is opposite.) Current 
flowing from base 2 to base 1 is significantly 
greater than current flowing from the emitter to 
base 1. 





Figure 27-4. Internal workings of a unijunction transistor. 
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The graph in Figure 27-5 outlines the behavior of 
a UJT. As the voltage applied to the emitter in- 
creases, current flowing into the component 
from the emitter increases slightly, until the trig- 
gering voltage is reached. The component's in- 
ternal resistance now drops rapidly. This pulls 
down the voltage at the emitter, while the cur- 
rent continues to increase significantly. Because 
of the drop in resistance, this is referred to as a 
negative resistance region. The resistance actual- 
ly cannot fall below zero, but its change is nega- 
tive. After emitter voltage drops to a minimum 
known as the valley voltage, the current contin- 
ues to increase with a small increase in voltage. 
On datasheets, the peak current is often referred 
to as |, while valley current is ly. 


Triggering Voltage 









——— 
Saturation 
Region 







Negative 
Resistance 


EmitterVoltage > 





Valley Voltage 


Emitter Current 


Figure 27-5. Response curve of a unijunction transistor 
(UJT). When positive potential at the emitter reaches the 
triggering voltage, internal resistance drops radically and 
the component goes through a phase known as “negative 
resistance” as current increases. 


Figure 27-6 shows a test circuit to demonstrate 
the function of a UJT, witha volt meter indicating 
its status. A typical supply voltage would range 
from 9VDC to 20VDC. 


How It Works 


Emitter 





Figure 27-6. A test circuit for a unijunction transistor 
(UJT) using a volt meter to show its response as a potenti- 
ometer increases the voltage applied to its emitter. 


A PUT behaves similarly in many ways to a UJT 
butis internally quite different, consisting of four 
semiconducting layers and functioning similarly 
to a thyristor. 


The PUT is triggered by increasing the voltage on 
the anode. Figure 27-7 shows a test circuit for a 
PUT. This component is triggered when the volt- 
age at its anode exceeds a threshold level, while 
the gate sets the threshold where this occurs. 
When the PUT is triggered, its internal resistance 
drops, and current flows from anode to cathode, 
with a smaller amount of current entering 
through the gate. This behavior is almost identi- 
cal to that of a forward-biased diode, except that 
the threshold level can be controlled, or “pro- 
grammed,’ according to the value of the positive 
potential applied at the gate, with R1 and R2 es- 
tablishing that potential by functioning asa volt- 
age divider. 
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Cathode 





Figure 27-7. A test circuit for a programmable unijunction 
transistor (PUT) using a volt meter to show its response 
as a potentiometer increases the voltage applied to its 
anode. 


The voltage output of a PUT follows a curve that 
is very similar to that shown in Figure 27-5, al- 
though current and voltage would be measured 
at the cathode. 


Variants 





PUTs and UJTs are not made as surface-mount 
components. 


UJTs are usually packaged in black plastic, al- 
though older variants were manufactured in 
cans. PUTs are almost all packaged in black plas- 
tic. With the leads pointing downward and the 
flat side facing toward the viewer, the lead func- 
tions of a PUT are usually anode, gate, and cath- 
ode, reading from left to right. 
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Values 





The triggering voltage of a UJT can be calculated 
from the values of R1 and R2 in Figure 27-7 and 
the voltage at base 1. The term Ry» is often used 
to represent the sum of R1 + R2, with V,, repre- 
senting the total voltage across the two resistors 
(this is the same as the supply voltage in 
Figure 27-6). V,, the triggering voltage, is given 
by: 


Ve = Vpb * (RL / Rob) 


The term (R1/Rpp) is known as the standoff ratio, 
often represented by the Greek letter Q. 


Typically the standoff ratio in a UJT is at least 0.7, 
asR1 is chosen to be larger than R2. Typical values 
for R1 and R2 could be 1800 and 1000, respec- 
tively. If R4 is 50K anda 100K linear potentiometer 
is used for R3, the PUT should be triggered when 
the potentiometer is near the center of its range. 
The emitter saturation voltage is typically from 
2V to 4V. 


If using a PUT, typical values in the test circuit 
could be supply voltage ranging from 9VDC to 
20VDC, with resistances 28K for R1 and 16K for 
R2, 200 for R5, 280K for R4, and a 500K linear po- 
tentiometer for R3. The PUT should be triggered 
when the potentiometer is near the center of its 
range. 


Sustained forward current from anode to cath- 
ode is usually a maximum of 150mA, while from 
gate to cathode the maximum is usually 50mA. 
Power dissipation should not exceed 300mW. 
These values should be lower at temperatures 
above 25 degrees Centigrade. 


Depending on the PUT being used, power con- 
sumption can be radically decreased by upping 
the resistor values by a multiple of 100, while 
supply voltage can be decreased to 5V. The cath- 
ode output from the PUT would then be connec- 
ted with the base of an NPN transistor for ampli- 
fication. 
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How to Use it 

Figure 27-8 shows a simple oscillator circuit built 
around a UJT, Figure 27-9 shows a comparable 
circuit for a PUT. Initially the supply voltage 
charges the capacitor, until the potential at the 
emitter of the UJT or the gate of the PUT reaches 
the threshold voltage, at which point the capac- 
itor discharges through the emitter and the cycle 
repeats. Resistor values would be similar to those 
used in the test circuits previously described, 
while a capacitor value of 2.2uF would provide a 
visible pulse of the LED. Smaller capacitor values 
would enable faster oscillation. In the PUT circuit, 
adjusting the values of R1 and R2 would allow 
fine control of triggering the semiconductor. 


R3 R2 
+ 44 

C1 
R1 


Figure 27-8. A basic oscillator circuit using a unijunction 
transistor (UJT). As the capacitor accumulates charge, 
the voltage on the emitter increases until it triggers the 
UJT, at which point the capacitor discharges through the 
emitter. 


Probably the most common use for a PUT at this 
time is to trigger a thyristor. 


What Can Go Wrong 





Figure 27-9. A basic oscillator circuit using a programma- 
ble unijunction transistor (PUT). As the capacitor accu- 
mulates charge, the voltage on the anode increases until it 
triggers the PUT, at which point the capacitor discharges 
through the anode. The gate voltage is preset by Rl and 
R2 to adjust the triggering voltage. 


What Can Go Wrong 





Name Confusion 

A programmable unijunction transistor (PUT) is 
sometimes referred to simply as a “unijunction 
transistor” (UJT). Bearing in mind the totally dif- 
ferent modes of operation of UJT and PUT, the 
PUT should always be identified by its acronym 
or by its full name. A circuit will not function if a 
UJT is substituted for a PUT, or a PUT is substitu- 
ted for a UJT. 


Incorrect Bias 

Neither the UJT nor the PUT is designed to oper- 
ate with reverse bias. In the UJT, a small forward 
bias should be applied from base 2 to base 1 (that 
is, base 2 should be at a higher potential relative 
to base 1) regardless of the voltage on the emit- 
ter. The emitter voltage may vary from 0 volts 
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upward. The PUT must be forward biased be- 
tween its anode and cathode (the anode must 
have a higher potential relative to the cathode), 
with an intermediate positive voltage at the gate 
established by resistors R1 and R2 functioning as 
a voltage divider (see Figure 27-7). Failure to ob- 
serve correct biasing will result in unpredictable 
behavior and possible damage to the compo- 
nent. 
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Overload 

Like any semiconductor, the UJT and the PUT 
must be protected from excessive current, which 
can burn out the component. Never connect ei- 
ther of these components directly across a power 
source without appropriate resistances to limit 
current flow. Maximum continuous power dissi- 
pation for UJTs and PUTs is usually 300mW. 
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The word transistor, on its own, is often used to mean bipolar transistor, as this was the 
type that became most widely used in the field of discrete semiconductors. However, 
bipolar transistor is the correct term. It is sometimes referred to as a bipolar junction 


transistor or BJT. 
OTHER RELATED COMPONENTS 


¢ unijunction transistor (See Chapter 27) 
+ field-effect transistor (See Chapter 29) 
e diac (Volume 2) 

¢ triac (Volume 2) 

e relay (Volume 2) 

¢ solid-state relay (Volume 2) 


What It Does 


How It Works 





A bipolar transistor amplifies fluctuations in cur- 
rent or can be used to switch current on and off. 
In its amplifying mode, it replaced the vacuum 
tubes that were formerly used in the amplifica- 
tion of audio signals and many other applica- 
tions. In its switching mode it resembles a re- 
lay, although in its “off” state the transistor still 
allows a very small amount of current flow, 
known as leakage. 


A bipolar transistor is described as a discrete 
semiconductor device when it is individually 
packaged, with three leads or contacts. A pack- 
age containing multiple transistors is an integra- 
ted circuit. A Darlington pair actually contains 
two transistors, but is included here as a discrete 
component because it is packaged similarly and 
functions like a single transistor. Most integrated 
circuits will be found in Volume 2 of this ency- 
clopedia. 


Although the earliest transistors were fabricated 
from germanium, silicon has become the most 
commonly used material. Silicon behaves like an 
insulator, in its pure state at room temperature, 
but can be “doped” (carefully contaminated) 
with impurities that introduce a surplus of elec- 
trons unbonded from individual atoms. The re- 
sult is an N-type semiconductor that can be in- 
duced to allow the movement of electrons 
through it, if it is biased with an external voltage. 
Forward bias means the application of a positive 
voltage, while reverse bias means reversing that 
voltage. 


Other dopants can create a deficit of electrons, 
which can be thought of as a surplus of “holes” 
that can be filled by electrons. The result is a P- 
type semiconductor. 


A bipolar NPN transistor consists of a thin central 
P-type layer sandwiched between two thicker N- 
type layers. The three layers are referred to as 
collector, base, and emitter, with a wire or contact 
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attached to each of them. When a negative 
charge is applied to the emitter, electrons are 
forced by mutual repulsion toward the central 
base layer. If a forward bias (positive potential) is 
applied to the base, electrons will tend to be at- 
tracted out through the base. However, because 
the base layer is so thin, the electrons are now 
close to the collector. If the base voltage increa- 
ses, the additional energy encourages the elec- 
trons to jump into the collector, from which they 
will make their way to the positive current source, 
which can be thought of as having an even great- 
er deficit of electrons. 


Thus, the emitter of an NPN bipolar transistor 
emits electrons into the transistor, while the col- 
lector collects them from the base and moves 
them out of the transistor. It is important to re- 
member that since electrons carry a negative 
charge, the flow of electrons moves from nega- 
tive to positive. The concept of positive-to- 
negative current is a fiction that exists only for 
historical reasons. Nevertheless, the arrow in a 
transistor schematic symbol points in the direc- 
tion of conventional (positive-to-negative) cur- 
rent. 


In a PNP transistor, a thin N-type layer is sand- 
wiched between two thicker P-type layers, the 
base is negatively biased relative to the emitter, 
and the function of an NPN transistor is reversed, 
as the terms “emitter” and “collector” now refer 
to the movement of electron-holes rather than 
electrons. The collector is negative relative to the 
base, and the resulting positive-to-negative cur- 
rent flow moves from emitter to base to collector. 
The arrow in the schematic symbol for a PNP 
transistor still indicates the direction of positive 
current flow. 


Symbols for NPN and PNP transistors are shown 
in Figure 28-1. The most common symbol for an 
NPN transistor is shown at top-left, with letters C, 
B, and E identifying collector, base, and emitter. 
In some schematics the circle in the symbols is 
omitted, as at top-right. 
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APNP transistor is shown in the center. This is the 
most common orientation of the symbol, since 
its collector must be at a lower potential than its 
emitter, and ground (negative) is usually at the 
bottom of a schematic. At bottom, the PNP sym- 
bol is inverted, allowing the positions of emitter 
and collector to remain the sameas in the symbol 
for the NPN transistor at the top. Other orienta- 
tions of transistor symbols are often found, mere- 
ly to facilitate simpler schematics with fewer con- 
ductor crossovers. The direction of the arrow in 
the symbol (pointing out or pointing in) always 
differentiates NPN from PNP transistors, respec- 
tively, and indicates current flowing from posi- 
tive to negative. 


ac + 


Cc 
, 
E 
Figure 28-1. Symbols for an NPN transistor (top) and a 
PNP transistor (center and bottom). Depending on the 
schematic in which the symbol appears, it may be rotated 


or inverted. The circle may be omitted, but the function of 
the component remains the same. 


NPN transistors are much more commonly used 
than PNP transistors. The PNP type was more dif- 
ficult and expensive to manufacture initially, and 
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circuit design evolved around the NPN type. In 
addition, NPN transistors enable faster switch- 
ing, because electrons have greater mobility 
than electron-holes. 


To remember the functions of the collector and 
the emitter in an NPN transistor, you may prefer 
to think in terms of the collector collecting pos- 
itive current into the transistor, and the emitter 
emitting positive current out of the transistor. To 
remember that the emitter is always the terminal 
with an arrow attached to it (both in NPN and 
PNP schematic symbols), consider that “emitter” 
and “arrow” both begin with a vowel, while 
“base” and “collector” begin with consonants. To 
remember that an NPN transistor symbol has its 
arrow pointing outward, you can use the 
mnemonic “N/ever P/ointing i/N’’ 


Current flow for NPN and PNP transistors is illus- 
trated in Figure 28-2. At top-left, an NPN transis- 
tor passes no current (other than a small amount 
of leakage) from its collector to its emitter solong 
as its base is held at, or near, the potential of its 
emitter, which in this case is tied to negative or 
ground. At bottom-left, the purple positive sym- 
bol indicates that the base is now being held at 
a relatively positive voltage, at least 0.6 volts 
higher than the emitter (for a silicon-based tran- 
sistor). This enables electrons to move from the 
emitter to the collector, in the direction of the 
blue arrows, while the red arrows indicate the 
conventional concept of current flowing from 
positive to negative. The smaller arrows indicate 
a smaller flow of current. A resistor is included to 
protect the transistor from excessive current, and 
can be thought of as the load in these circuits. 


At top-right, a PNP transistor passes no current 
(other than a small amount of leakage) from its 
emitter to its collector so long as its base is held 
at, or near, the potential of the emitter, which in 
this case is tied to the positive power supply. At 
bottom-right, the purple negative symbol indi- 
cates that the base is now being held at a re/a- 
tively negative voltage, at least 0.6 volts lower 
than the emitter. This enables electrons and cur- 
rent to flow as shown. Note that current flows 
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into the base in the NPN transistor, but out from 
the base in the PNP transistor, to enable conduc- 
tivity. In both diagrams, the resistor that would 
normally be included to protect the base has 
been omitted for the sake of simplicity. 


NPN PNP 
E 
B 
C 
B Cc 
E 
aly 
4S » 
+ 
- 
+ 
aly 42> 
Figure 28-2. Current flow through NPN and PNP transis- 
tors. See text for details. 


An NPN transistor amplifies its base current only 
so long as the positive potential applied to the 
collector is greater than the potential applied to 
the base, and the potential at the base must be 
greater than the potential at the emitter by at 
least 0.6 volts. So long as the transistor is biased 
in this way, and so long as the current values re- 
main within the manufacturer's specified limits, 
asmall fluctuation in current applied to the base 
will induce a much larger fluctuation in current 
between the collector and the emitter. This is 
why a transistor may be described as a current 
amplifier. 
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A voltage divider is often used to control the base 
potential and ensure that it remains less than the 
potential on the collector and greater than the 
potential atthe emitter (in an NPN transistor). See 
Figure 28-3. 


See Chapter 10 for additional information about 
the function of a voltage divider. 





Figure 28-3. Resistors R1 and R2 establish a voltage di- 
vider to apply acceptable bias to the base of an NPN tran- 
sistor. 


Current Gain 

The amplification of current by a transistor is 
knowns its current gain or beta value, which can 
be expressed as the ratio of an increase in col- 
lector current divided by the increase in base 
current that enables it. Greek letter B is custom- 
arily used to represent this ratio. The formula 
looks like this: 


B = AI, / Alp 
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where |, is the collector current and |, is the base 
current, and the A symbol represents a small 
change in the value of the variable that follows 
it. 


Current gain is also represented by the term hee, 
where E is for the common Emitter, F is for For- 
ward current, and lowercase letter h refers to the 
transistor as a “hybrid” device. 


The beta value will always be greater than 1 and 
is often around 100, although it will vary from 
one type of transistor to another. It will also be 
affected by temperature, voltage applied to the 
transistor, collector current, and manufacturing 
inaccuracies. When the transistor is used outside 
of its design parameters, the formula to deter- 
mine the beta value no longer directly applies. 


There are only two connections at which current 
can enter an NPN transistor and one connection 
where it can leave. Therefore, if |, is the current 
from the emitter, I. is the current entering the 
collector, and I, is the current entering the base: 


Ie =I, + Ip 


If the potential applied to the base of an NPN 
transistor diminishes to the point where it is less 
than 0.6V above the potential at the emitter, the 
transistor will not conduct, and isin an “off” state, 
although a very small amount of leakage from 
collector to emitter will still occur. 


When the current flowing into the base of the 
transistor rises to the point where the transistor 
cannot amplify the current any further, it be- 
comes saturated, at which point its internal im- 
pedance has fallen to a minimal value. Theoreti- 
cally this will allow a large flow of current; in 
practice, the transistor should be protected by 
resistors from being damaged by high current 
resulting from saturation. 


Any transistor has maximum values for the col- 
lector current, base current, and the potential 





244 Encyclopedia of Electronic Components Volume 1 


discrete semiconductor > multi-junction > bipolar transistor 


difference between collector and emitter. These 
values should be provided in a datasheet. Ex- 
ceeding them is likely to damage the compo- 
nent. 


Terminology 

In its saturated mode, a transistor’s base is satu- 
rated with electrons (with no room for more) and 
the internal impedance between collector and 
emitter drops as low as it can go. 


The cutoff mode of an NPN transistor is the state 
where a low base voltage eliminates all current 
flow from collector to emitter other than a small 
amount of leakage. 


The active mode, or linear mode, is the intermedi- 
ate condition between cutoff and saturated, 
where the beta value or hr¢ (ratio of collector 
current to base current) remains approximately 
constant. That is, the collector current is almost 
linearly proportional to the base current. This lin- 
ear relationship breaks down when the transistor 
nears its saturation point. 


Variants 





Small signal transistors are defined as having a 
maximum collector current of 500 mA and max- 
imum collector power dissipation of 1 watt. They 
can be used for audio amplification of low-level 
inputs and for switching of small currents. When 
determining whether a small-signal transistor 
can control an inductive load such as a motor or 
relay coil, bear in mind that the initial current 
surge will be greater than the rated current draw 
during sustained operation. 


Small switching transistors have some overlap in 
specification with small signal transistors, but 
generally have a faster response time, lower beta 
value, and may be more limited in their tolerance 
for collector current. Check the manufacturer's 
datasheet for details. 


Variants 


High frequency transistors are primarily used in 
video amplifiers and oscillators, are physically 
small, and have a maximum frequency rating as 
high as 2,000 MHz. 


Power transistors are defined as being capable of 
handling at least 1 watt, with upper limits that 
can be as high as 500 watts and 150 amps. They 
are physically larger than the other types, and 
may be used in the output stages of audio am- 
plifiers, and in switching power supplies (see 
Chapter 16). Typically they have a much lower 
current gain than smaller transistors (20 or 30 as 
opposed to 100 or more). 


Sample transistors are shown in Figure 28-4. Top: 
A 2N3055 NPN power transistor. This type was 
originally introduced in the late 1960s, and ver- 
sions are still being manufactured. It is often 
found in power supplies and in push-pull power 
amplifiers, and has a total power dissipation rat- 
ing of 115W. Second row, far left: general purpose 
switching-amplification PNP power transistor 
rated for up to 50W power dissipation. Second 
row, far right: A high-frequency switching tran- 
sistor for use in lighting ballast, converters, in- 
verters, switching regulators, and motor control 
systems. It tolerates relatively high voltages (up 
to 700V collector-emitter peak) and is rated for 
up to 80W total power dissipation. Second row, 
center-left and center-right: Two variants of the 
2N2222 NPN small signal switching transistor, 
first introduced in the 1960s, and still very widely 
used. The metal can is the TO-19 package, capa- 
ble of slightly higher power dissipation than the 
cheaper plastic TO-92 package (1.8W vs. 1.5W 
with a collector temperature no greater than 25 
degrees Centigrade). 


Packaging 

Traditionally, small-signal transistors were pack- 
aged in small aluminum “cans” about 1/4” in di- 
ameter, and are still sometimes found in this 
form. More commonly they are embedded in 
buds of black plastic. Power transistors are pack- 
aged either in a rectangular module of black 
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Figure 28-4. Samples of commonly used transistors. See 
text for details. 


plastic with a metal back, or in a round metal 
“button.” Both of these forms are designed to 
dissipate heat by being screw-clamped to a heat 
sink. 


Connections 


Often a transistor package provides no clue as to 
which lead is the emitter, which lead is the base, 
and which lead is the collector. Old can-style 
packaging includes a protruding tab that usually 
points toward the emitter, but not always. Where 
power transistors are packaged in a metal enclo- 
sure, it is typically connected internally with the 
collector. In the case of surface-mount transis- 
tors, look for a dot or marker that should identify 
the base of a bipolar transistor or the gate of a 
field-effect transistor. 


A through-hole transistor usually has its part 
number printed or engraved on its package, al- 
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though a magnifying glass may be necessary to 
see this. The component's datasheet may then 
be checked online. If a datasheet is unavailable, 
meter-testing will be necessary to confirm the 
functions of the three transistor leads. Some mul- 
timeters include a transistor-test function, which 
may validate the functionality of a transistor 
while also displaying its beta value. Otherwise, a 
meter can be put in diode-testing mode, and an 
unpowered NPN transistor should behave as if 
diodes are connected between its leads as 
shown in Figure 28-5. Where the identities of the 
transistor’s leads are unknown, this test will be 
sufficient to identify the base, after which the 
collector and emitter may be determined empir- 
ically by testing the transistor in a simple low- 
voltage circuit such as that shown in Figure 28-6. 


Collector 


Emitter 


Figure 28-5. An NPN transistor can behave as if it con- 
tains two diodes connected as shown. Where the func- 
tions of the leads of the transistor are unknown, the base 
can be identified by testing for conductivity. 


How to Use it 


The following abbreviations and acronyms are 
common in transistor datasheets. Some or all of 
the letters following the initial letter are usually, 
but not always, formatted as subscripts: 


hee 
Forward current gain 


B 


Same as hFE 


Veo 
Voltage between collector and emitter (no 
connection at base) 
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9VDC 


470 
10K 


ws 


2K 


Figure 28-6. This simple schematic can be used to 
breadboard-test a transistor empirically, determining its 
functionality and the identities of its collector and emitter 
leads. 


Vogo 
Voltage between collector and base (no con- 
nection at emitter) 


VeBo 
Voltage between emitter and base (no con- 
nection at collector) 


VeEsat 
Saturation voltage between collector and 
emitter 


VeEsat 
Saturation voltage between base and emit- 
ter 


Ic 
Current measured at collector 
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lcm 
Maximum peak current at collector 


leu 
Maximum peak current at base 


Pror 
Total maximum power dissipation at room 
temperature 


Ty 
Maximum junction temperature to avoid 
damage 


Often these terms are used to define “absolute 
maximum values” fora component. If these max- 
imums are exceeded, damage may occur. 


Amanufacturer’s datasheet may include a graph 
showing the safe operating area (SOA) for a tran- 
sistor. This is more common where power tran- 
sistors are involved, as heat becomes more of an 
issue. The graph in Figure 28-7 has been adapted 
from a datasheet for a silicon diffused power 
transistor manufactured by Philips. The safe op- 
erating areais bounded at the top bya horizontal 
segment representing the maximum safe cur- 
rent, and at the right by a vertical segment rep- 
resenting the maximum safe voltage. However, 
the rectangular area enclosed by these lines is 
reduced by two diagonal segments representing 
the total power limit and the second breakdown 
limit. The latter refers to the tendency of a tran- 
sistor to develop internal localized “hot spots” 
that tend to conduct more current, which makes 
them hotter, and able to conduct better—ulti- 
mately melting the silicon and causing a short 
circuit. The total power limit and the second 
breakdown limit reduce the safe operating area, 
which would otherwise be defined purely by 
maximum safe current and maximum safe volt- 
age. 


Uses for discrete transistors began to diminish 
when integrated circuits became cheaper and 
started to subsume multi-transistor circuits. For 
instance, an entire 5-watt audio amplifier, which 
used to be constructed from multiple compo- 
nents can now be bought ona chip, requiring just 
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Figure 28-7. Adapted from a Philips datasheet for a pow- 
er transistor, this graph defines a safe operating area 
(SOA) for the component. See text for details. 


a few external capacitors. More powerful audio 
equipment typically uses integrated circuits to 
process inputs, but will use individual power 
transistors to handle high-wattage output. 


Darlington Pairs 


Discrete transistors are useful in situations where 
current amplification or switching is required at 
just one location in a circuit. An example would 
be where one output pin from a microcontrol- 
ler must switch a small motor on and off. The 
motor may run on the same voltage as the mi- 
crocontroller, but requires considerably more 
current than the typical 20mA maximum avail- 
able from a microcontroller output. A Darlington 
pair of transistors may be used in this application. 
The overall gain of the pair can be 100,000 or 
more. See Figure 28-8. If a power source feeding 
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through a potentiometer is substituted for the 
microcontroller chip, the circuit can function as 
a motor speed control (assuming that a generic 
DC motor is being used). 


In the application shown here, the microcontrol- 
ler chip must share a common ground (not 
shown) with the transistors. The optional resistor 
may be necessary to prevent leakage from the 
first transistor (when in its “off” state) from trig- 
gering the second. The diode protects the tran- 
sistors from voltage transients that are likely 
when the motor stops and starts. 







Microcontroller 


Figure 28-8. Where the emitter of one NPN transistor is 
coupled to the base of another, they form a Darlington 
pair (identified by the dashed rectangle in this schemat- 
ic). Multiplying the gain of the first transistor by the gain of 
the second gives the total gain of the pair. 


A Darlington pair can be obtained in a single 
transistor-like package, and may be represented 
by the schematic symbol shown in Figure 28-9. 


Various through-hole Darlington packages are 
shown in Figure 28-10. 
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Figure 28-9. When a Darlington pair is embedded in a 
single transistor-like package, it may be represented by 
this schematic symbol. The leads attached to the package 
can be used as if they are the emitter, base, and collector 
of a single NPN transistor. 





Figure 28-10. Various packaging options for Darlington 
pairs. From left to right: The 2N6426 contains a Darling- 
ton pair rated to pass up to 500mA continuous collector 
current. The 2N6043 is rated for 8A continuous. The 
ULN2003 and ULN2083 chips contain seven and eight 
Darlington pairs, respectively. 


Seven or eight Darlington pairs can be obtained 
in asingle integrated chip. Each transistor pair in 
these chips is typically rated at 500mA, but they 
can be connected in parallel to allow higher cur- 
rents. The chip usually includes protection di- 
odes to allow it to drive inductive loads directly. 


A typical schematic is shown in Figure 28-11. In 
this figure, the microcontroller connections are 
hypothetical and do not correspond with any ac- 
tual chip. The Darlington chip is a ULN2003 or 
similar, containing seven transistor pairs, each 
with an “input” pin on the left and an “output” 
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pin opposite it on the right. Any of pins 1 through 
7 down the left side of the chip can be used to 
control a device connected to a pin on the op- 
posite side. 


A high input can be thought of as creating aneg- 
ative output, although in reality the transistors 
inside the chip are sinking current via an external 
device—a motor, in this example. The device can 
have its own positive supply voltage, shown here 
as 12VDC, but must sharea common ground with 
the microcontroller, or with any other compo- 
nent which is being used on the input side. The 
lower-right pin of the chip shares the 12VDC sup- 
ply because this pin is attached internally to 
clamp diodes (one for each Darlington pair), 
which protect against surges caused by induc- 
tive loads. For this reason, the motor does not 
have a clamp diode around it in the schematic. 


The Darlington chip does not havea separate pin 
for connection with positive supply voltage, be- 
cause the transistors inside it are sinking power 
from the devices attached to it. 
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Figure 28-11. A chip such as the ULN2003 contains sev- 
en Darlington pairs. It will sink current from the device it is 
driving. See text for details. 


A surface-mount Darlington pair is shown in 
Figure 28-12. This measures just slightly more 
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than 0.1” long but is still rated for up to 500mA 
collector current or 250mW total power dissipa- 
tion (at a component temperature no higher 
than 25 degrees Centigrade). 





Figure 28-12. A surface-mount package for a Darlington 
pair. Each square in the background grid measures 0.1" 
See text for additional details. 


Amplifiers 

Two basic types of transistor amplifiers are 
shown in Figure 28-13 and Figure 28-14. The 
common-collector configuration has current gain 
but no voltage gain. The capacitor on the input 
side blocks DC current from entering the ampli- 
fier circuit, and the two resistors forming a volt- 
age divider on the base of the transistor establish 
a voltage midpoint (known as the quiescent 
point or operating point) from which the signal to 
be amplified may deviate above and below. 


The common-emitter amplifier provides voltage 
gain instead of current gain, but inverts the 
phase of the input signal. Additional discussion 
of amplifier design is outside the scope of this 
encyclopedia. 


In switching applications, modern transistors 
have been developed to handle a lot of current 
compared with earlier versions, but still have 
some limitations. Few power transistors can han- 
dle more than 50A flowing from collector to 
emitter, and 1,000V is typically a maximum value. 
Electromechanical relays continue to exist be- 
cause they retain some advantages, as shown in 
the table in Figure 28-15, which compares 
switching capabilities of transistors, solid-state 
relays, and electromechanical relays. 
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Figure 28-13. The basic schematic for a common- 
collector amplifier. See text for details. 





Figure 28-14. The basic schematic for a common-emitter 
amplifier. See text for details. 
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Solid- Electro- 
State {Mechanical 
Transistor] Relay Relay 
myry=scign) Excellent Excellent Limited 
reliability 
DT contacts? No No Yes 
PNolisacsaitn) Limited Some Good 
large current 
Ability to switch AC No Yes Yes 
Can be triggered No Yes Yes 
by AC voltage? 
Tieiiin@ienm Excellent Poor Poor 
paliaiteieelerecieceyal 
Vulnerable to heat Yes Yes Not very 
Vulnerable to No No Yes 
fore) dges-}(e)a) 
le) lealsysr-iiel Excellent Good Poor 
Price advantage Yes No No 
for low-voltage 
low-current 
Price advantage No No Yes 
for high-voltage 
high-current 
Current leakage Yes Yes No 
when “off" 
Trigger circuit No Yes Yes 


isolated from 
switched circuit 


Figure 28-15. A comparison of characteristics of switch- 
ing devices. 


What Can Go Wrong 





Wrong Connections on a Bipolar 
Transistor 

Failing to identify a transistor’s leads or contacts 
correctly can obviously be a potential source of 
damage, but swapping the collector and emitter 
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accidentally will not necessarily destroy the tran- 
sistor. Because of the inherent symmetry of the 
device, it will in fact function with collector and 
emitter connections reversed. Rohm, a large 
semiconductor manufacturer, has included this 
scenario in its general information pages and 
concludes that the primary indicator of trans- 
posed connections is that the B value, or he , 
drops to about 1/10th of specification. If you are 
using a transistor that works but provides much 
less amplification than you expect, check that the 
emitter and collector leads are not transposed. 


Wrong Connections ona 
Darlington Pair Chip 

While a single-component package for a Dar- 
lington pair functions almost indistinguishably 
froma single transistor, multiple Darlington pairs 
in a DIP package may create confusion because 
the component behaves differently from most 
other chips, such as logic chips. 


A frequent error is to ground the output device 
instead of applying positive power to it. See 
Figure 28-11 and imagine an erroneous connec- 
tion of negative power instead of the 12VDC pos- 
itive power. 


Additional confusion may be caused by reading 
a manufacturer's datasheet for a Darlington pair 
chip such as the ULN2003. The datasheet depicts 
the internal function of the chip as if it contains 
logic inverters. While the chip can be imagined 
as behaving this way, in fact it contains bipolar 
transistors that amplify the current applied to the 
base of each pair. The datasheet also typically will 
not show the positive connection that should be 
made to the common-diode pin (usually at 
bottom-right), to provide protection from surges 
caused by inductive loads. This pin must be dis- 
tinguished carefully from the common-ground 
pin (usually at bottom-left). The positive connec- 
tion to the common-diode pin is optional; the 
common-ground connection is mandatory. 
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Soldering Damage 

Like any semiconductor, transistors are vulnera- 
ble to heat and can be damaged while soldering, 
although this seldom happens if a low-wattage 
ironis used. Acopper alligator clip can be applied 
as a heat sink to each lead before it is soldered. 


Excessive Current or Voltage 


During use, a transistor will be damaged if it is 
subjected to current or voltage outside of its rat- 
ed range. Passing current through a transistor 
without any series resistance to protect it will al- 
most certainly burn it out, and the same thing 
can happen if incorrect resistor values are used. 


The maximum wattage that a transistor can dis- 
sipate will be shown in its datasheet. Suppose, 
for example, this figure is 200mW, and you are 
using a 12VDC supply. Ignoring the base current, 
the maximum collector current will be 200/12 = 
approximately 15mA. If the transistor’s emitter is 
connected to ground, and the load applied to the 
transistor output has a high impedance, and if 
we ignore the transresistance, Ohm's Law sug- 
gests that a resistor that you place between the 
collector and the supply voltage should have a 
resistance of at least 12 / 0.015 = 800 ohms. 
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When transistors are used in switching applica- 
tions, it is customary for the base current to be 
1/5th of the collector current. In the example dis- 
cussed here, a4.7K resistor might be appropriate. 
A meter should be used to verify actual current 
and voltage values. 


Excessive Leakage 

In a Darlington pair, or any other configuration 
where the output from one transistor is connec- 
ted with the base of another, leakage from the 
first transistor while in its “off” state can be am- 
plified by the second transistor. If this is unac- 
ceptable, a bypass resistor can be used to divert 
some of the leakage from the base of the second 
transistor to ground. Of course the resistor will 
also steal some of the base current when the first 
transistor is active, but the resistor value is typi- 
cally chosen so that it takes no more than 10% of 
the active current. See Figure 28-8 for an example 
of a bypass resistor added to a Darlington pair. 
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The term field-effect transistor encompasses a family primarily consisting of the junc- 
tion field-effect transistor (or JFET, which is the simplest generic type) and the metal-oxide 
semiconductor field-effect transistor (or MOSFET, also sometimes known as an insulated- 
gate field-effect transistor, or IGFET). Because the principles of operation overlap consid- 


erably, the entire -FET family is grouped in this entry. 


OTHER RELATED COMPONENTS 


- bipolar transitor (See Chapter 28) 
° unijunction transistor (See Chapter 27) 
e diode (See Chapter 26) 


What It Does 


How It Works 





A field-effect transistor creates an electric field to 
control current flowing through a channel in a 
semiconductor. MOSFETs of microscopic size 
form the basis of complementary metal oxide 
semiconductor (CMOS) integrated circuit chips, 
while large discrete MOSFETs are capable of 
switching substantial currents, in lamp dimmers, 
audio amplifiers, and motor controllers. FETs 
have become indispensable in computer elec- 
tronics. 


A bipolar transistor is generally thought of as 
a current amplifier because the current passing 
through it is controlled by a smaller amount of 
current passing through the base. By contrast, all 
FETs are considered to be voltage amplifiers, as 
the control voltage establishes field intensity, 
which requires little or no current. The negligible 
leakage through the gate of an FET makes it ideal 
for use in low-power applications such as 
portable hand-held devices. 


This section is divided into two subsections, de- 
scribing the most widely used FETs: JFETs and 
MOSFETs. 


JFETs 

A junction field-effect transistor (or JFET) is the 
simplest form of FET. Just as a bipolar transistor 
can be of NPN or PNP type, a JFET can have an N- 
channel or P-channel, depending whether the 
channel that transmits current through the de- 
vice is negatively or positively doped. A detailed 
explanation of semiconductor doping will be 
found in the bipolar transistor entry. 


Because negative charges have greater mobility, 
the N-channel type allows faster switching and 
is more commonly used than the P-channel type. 
A schematic symbol for it is shown in Figure 29-1 
alongside the schematic for an NPN transistor. 
These symbols suggest the similarity of the de- 
vices as amplifiers or switches, but it is important 
to remember that the FET is a primarily a voltage 
amplifier while the bipolar transistor is a current 
amplifier. 
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Drain Collector 
Gate Base 
Source Emitter 
N-channel FET NPN transistor 


Figure 29-1. A comparison between schematic symbols 
for N-channel JFET (left) and NPN bipolar transistor 
(right) suggests their functional similarity as switches or 
amplifiers, although their behavior is markedly different. 


Three JFETs are shown in Figure 29-2. The N- 
channel J112 type is supplied by several manu- 
facturers, the figure showing two samples, one 
from Fairchild Semiconductor (left) and the other 
from On Semiconductor (right). Although the full 
part numbers are different, the specifications are 
almost identical, including a drain-gate voltage 
of 35V, a drain-source voltage of 35V, and a gate 
current of 50mA. The metal-clad 2N4392 in the 
center has similar values but is three times the 
price, with a much higher power dissipation of 
1.8W, compared with 300mW and 350mW for the 
other two transistors respectively. 





Figure 29-2. Junction Field Effect Transistors (JFETs). 
See text for details. 


Schematic symbols for N-channel and P-channel 
JFETs are shown in Figure 29-3, N-channel being 
on the left while P-channel is on the right. The 
upper-left and lower-left symbol variants are 
both widely used and are functionally identical. 
The upper-right and lower-right variants likewise 
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mean the same thing. Because the upper variants 
are symmetrical, an S should be added to clarify 
which terminal is the source. In practice, the S is 
often omitted, allowing some ambiguity. While 
the source and drain of some JFETs are in fact 
interchangeable, this does not apply to all types. 


The circle around each symbol is occasionally 
omitted when representing discrete compo- 
nents, and is almost always omitted when mul- 
tiple FETs are shown connected to form an inte- 
grated circuit. 


Q@ @ 
@ & 


Figure 29-3. Schematic symbols for junction field-effect 
transistors (JFETs). Left: N-channel. Right: P-channel. The 
symbols at top and bottom on each side are functionally 
identical. Circles may be omitted. Letter S may be omitted 
from the symmetrical symbol variants, even though this 
creates some ambiguity. 


The internal function of an N-channel JFET is 
shown diagrammatically in Figure 29-4. In this 
component, the source terminal is a source of 
electrons, flowing relatively freely through the N- 
doped channel and emerging through the drain. 
Thus, conventional current flows nonintuitively 
from the drain terminal, to the source terminal, 
which will be of lower potential. 


The JFET is like a normally-closed switch. It has a 
low resistance so long as the gate is at the same 
potential as the source. However, if the potential 
of the gate is reduced below the potential of the 
source—that is, the gate acquires a more rela- 
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tively negative voltage than the source—the cur- 
rent flow is pinched off as a result of the field cre- 
ated by the gate. This is suggested by the lower 


diagram in Figure 29-4. 
N-channel 
JFET 


Conventional 


Gate voltage 
same as 
Source voltage 


Drain 













Gate Current 
Electron 
No Flow 
field 
effect Source 
Gate voltage Drain N-channel 
lower than JFET 
Source voltage 
Reduced 
Conventional 
Gate Current 
Field Effect: Reduced 
Increased Electron 
Depletion Flow 
Region Source 


Figure 29-4. At top, conventional current flows freely 
from drain to source through the channel of an N-doped 
JFET. At bottom, the lowered voltage of the gate relative to 
the source creates a field effect that pinches off the flow 
of current. 


The situation for a P-channel JFET is reversed, as 
shown in Figure 29-5. The source is now positive 
(but is still referred to as the source), while the 
drain can be grounded. Conventional current 
now flows freely from source to drain, so long as 
the gate is at the same positive potential as the 
source. If the gate voltage rises above the source 
voltage, the flow is pinched off. 


A bipolar transistor tends to block current flow 
by default, but becomes less resistive when its 
base is forward-biased. Therefore it can be re- 















How It Works 
Gate voltage Drain P-channel 
same as jJFET 
Source voltage 
Gate Electron 
Flow 
Conventional 
No Current 
field 
effect Source 
Gate voltage Drain P-channel 
higher than JFET 
Source voltage 
Reduced 
Gate Electron 
Flow 
Field Effect: 
Increased Reduced 
Depletion Conventional 
Region Source Current 


Figure 29-5. At top, conventional current flows freely 
from source to drain through the channel of a P-doped 
JFET. At bottom, the higher voltage of the gate relative to 
the source creates a field effect that pinches off the flow 
of current. 


ferred to as an enhancement device. By contrast, 
an N-channel JFET allows current to flow by de- 
fault, and becomes more resistive when its base 
is reverse-biased, which widens the depletion lay- 
er at the base junction. Consequently it can be 
referred to as a depletion device. 


The primary characteristicts of a junction field- 
effect transistor relative to an NPN bipolar tran- 
sistor are summarized in the table in Figure 29-6. 


JFET Behavior 

The voltage difference between gate and source 
of a JFET is usually referred to as Vg, while the 
voltage difference between drain and source is 
referred to as Vg. 
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NPN Bipolar N-Channel 
Transistor JFET 





Type of Current Voltage 
amplifier 
Active bias Positive Negative 
Jet) ) Nonconductive Conductive 


state 


More conductive Less conductive 


Biased state 


Figure 29-6. This table contrasts the characteristics of 
an N-channel JFET with those of an NPN bipolar transis- 
tor. 


Suppose the gate of an N-channel JFET is con- 
nected with the source, so that Vg.=0. Now if 
Vgs increases, the current flowing through the 
channelofthe JFET also increases, approximately 
linearly with Vg,. In other words, initially the JFET 
behaves like a low-value resistor in which the 
voltage across it, divided by the amperage flow- 
ing through it, is approximately constant. This 
phase of the JFET’s behavior is knownas its ohmic 
region. While the unbiased resistance of the 
channel in a JFET depends on the component 
type, it is generally somewhere between 100 
and 1K. 


If Vy, increases still further, eventually no addi- 
tional flow of current occurs. At this point the 
channel has become saturated, and this plateau 
zone is referred to as the saturation region, often 
abbreviated l4,,, meaning “the saturated drain 
current at zero bias.” Although this is a nearly 
constant value for any particular JFET, it may vary 
somewhat from one sample of a component to 
another, as a result of manufacturing variations. 


If Vg, continues to increase, the component fi- 
nally enters a breakdown state, sometimes re- 
ferred to by its full formal terminology as drain- 
source breakdown. The current passing through 
the JFET will now be limited only by capabilities 
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of the external power source. This breakdown 
state can be destructive to the component, and 
is comparable to the breakdown state of a typical 
diode. 


What if the voltage at the gate is reduced below 
the voltage at the source—such as V,, becomes 
negative? In its ohmic region, the component 
now behaves as if it has a higher resistance, and 
it will reach its saturation region at a lower cur- 
rent value (although around the same value for 
Vgs). Therefore, by reducing the voltage on the 
gate relative to the voltage at the source, the ef- 
fective resistance of the component increases, 
and in fact it can behave as a voltage-controlled 
resistor. 


The upper diagram in Figure 29-7 shows this 
graphically. Below it, the corresponding graph 
for a P-channel JFET looks almost identical, ex- 
cept that the current flow is reversed and is 
pinched off as the gate voltage rises above the 
source voltage. Also, the breakdown region is 
reached more quickly with a P-channel JFET than 
with an N-channel JFET. 


MOSFETs 


MOSFETs have become one of the most widely 
used components in electronics, everywhere 
from computer memory to high-amperage 
switching power supplies. The name is an acro- 
nym for metal-oxide semiconductor field-effect 
transistor. A simplified cross-section of an N- 
channel MOSFET is shown in Figure 29-8. 


Two MOSFETs are shown in Figure 29-9. 


Like a JFET, a MOSFET has three terminals, iden- 
tified as drain, gate, and source, and it functions 
by creating a field effect that controls current 
flowing through a channel. (Some MOSFETS 
have a fourth terminal, described later). Howev- 
er, ithas a metal source and drain making contact 
with each end of the channel (hence the term 
“metal” in its acronym) and also has a thin layer 
of silicon dioxide (hence the term “oxide” in its 
acronym) separating the gate from the channel, 
thus raising the impedance at the gate to at least 
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Characteristics of Hypothetical N-channel FET 
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Characteristics of Hypothetical P-channel FET 
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Figure 29-7. The top graph shows current passing 
through the channel of an N-channel JFET, depending on 
gate voltage and source voltage. The lower graph is for a 
P-channel JFET. 


100,000 gigaohms and reducing gate current es- 
sentially to zero. The high gate impedance of a 
MOSFET allows it to be connected directly to the 
output of a digital integrated circuit. The layer of 
silicon dioxide is a dielectric, meaning that a field 
appled to one side creates an opposite field on 
the other side. The gate attached to the surface 
of the layer functions in the same way as one 
plate of a capacitor. 


How It Works 


Gate 


Source Drain 





Body Terminal 


Figure 29-8. Simplified diagram of an N-channel MOS- 
FET. The thickness of the silicon dioxide layer has been 
greatly exaggerated for clarity. The black terminals are 
metallic. 





Figure 29-9. Two MOSFETs. At left, the TO-220 package 
claims a drain current of up to 65A continuous, and a 
drain-to-source breakdown voltage 100V. At right, the 
smaller package offers a drain current of 175mA continu- 
ous, and a drain-to-source breakdown voltage of 300V. 


The silicon dioxide also has the highly desirable 
property of insulating the gate from the channel, 
thus preventing unwanted reverse current. In a 
JFET, which lacks a dielectric layer, if source volt- 
age is allowed to rise more than about 0.6V high- 
er than gate voltage, the direct internal connec- 
tion between gate and channel allows negative 
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charges to flow freely from source to gate, and as 
the internal resistance will be very low, the re- 
sulting current can be destructive. This is why the 
JFET must always be reverse-biased. 


A MOSFET is freed from these restrictions, and 
the gate voltage can be higher or lower than the 
source voltage. This property enables an N- 
channel MOSFET to be designed not only as a 
depletion device, but alternatively as an en- 
hancement device, which is “normally off” and 
can be switched on by being forward-biased. The 
primary difference is the extent to which the 
channel in the MOSFET is N-doped with charge 
carriers, and therefore will or will not conduct 
without some help from the gate bias. 


In a depletion device, the channel conducts, but 
applying negative voltage to the gate can pinch 
off the current. 


In an enhancement device, the channel does not 
conduct, but applying positive voltage to the 
gate can make it start to do so. 


In either case, a shift of bias from negative to 
positive encourages channel conduction; the 
depletion and enhancement versions simply 
start from different points. 


This is clarified in Figure 29-10. The vertical (log- 
arithmic) scale suggests the current being con- 
ducted through the channel of the MOSFET, 
while the green curve describes the behavior of 
a depletion version of the device. Where this 
curve crosses the center line representing 0 volts 
bias, the channel is naturally conductive, like a 
JFET. Moving left down the curve, as reverse bias 
is applied (shown on the horizontal axis), the 
component becomes less conductive until final- 
ly its conductivity reaches zero. 


Meanwhile on the same graph, the orange curve 
represents an enhancement MOSFET, which is 
nonconductive at 0 volts bias. As forward bias 
increases, the current also increases—similar to 
a bipolar transistor. 


To make things more confusing, a MOSFET, like a 
JFET, can have a P-doped channel; and once 
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Figure 29-10. The current conduction of depletion and 
enhancement N-channel MOSFETs. See text for details. 
(Influenced by The Art of Electronics by Horowitz and 
Hill.) 


again it can function in depletion or enhance- 
ment mode. The behavior of this variant is shown 
in Figure 29-11. As before, the green curve shows 
the behavior of a depletion MOSFET, while the 
orange curve refers to the enhancement version. 
The horizontal axis now shows the voltage dif- 
ference between the gate and the drain terminal. 
The depletion component is naturally conduc- 
tive at zero bias, until the gate voltage increases 
above the drain voltage, pinching off the current 
flow. The enhancement component is not con- 
ductive until reverse bias is applied. 


Figure 29-12 shows schematic symbols that rep- 
resent depletion MOSFETs. The two symbols on 
the left are functionally identical, representing N- 
channel versions, while the two symbols on the 
right represent P-channel versions. As in the case 
of JFETs, the letter “S” should be (but often is not) 
added to the symmetrical versions of the sym- 
bols, to clarify which is the source terminal. The 
left-pointing arrow identifies the components as 
N-channel, while in the symbols on the right, the 
right-pointing arrows indicate P-channel MOS- 
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Figure 29-11. The current conduction of depletion and 
enhancement P-channel MOSFETs. See text for details. 


FETs. The gap between the two vertical lines in 
each symbol suggests the silicon dioxide dielec- 
tric. The right-hand vertical line represents the 
channel. 


© © 
® © 


Figure 29-12. Schematic symbols for depletion MOS- 
FETs. These function similarly to JFETs. The two symbols 
on the left are functionally identical, and represent N- 
channel depletion MOSFETs. The two symbols on the right 
are both widely used to represent P-channel depletion 
MOSFETs. 


For enhancement MOSFETs, a slightly different 
symbol uses a broken line between the source 
and drain (as shown in Figure 29-13) to remind 


How It Works 


us that these components are “normally off” 
when zero-biased, instead of “normally on.” Here 
again a left-pointing arrow represents an N- 
channel MOSFET, while a right-pointing arrow 
represents a P-channel MOSFET. 


© © 
® © 


Figure 29-13. Schematic symbols for enhancement 
MOSFETs. The two on the left are functionally identical, 
and represent N-channel enhancement MOSFETs. The 
two on the right represent P-channel enhancement MOS- 
FETs. 


Because there is so much room for confusion re- 
garding MOSFETs, a summary is presented in 
Figure 29-14 and Figure 29-15. In these figures, 
the relevant parts of each schematic symbol are 
shown disassembled alongside text explaining 
their meaning. Either of the symbols in 
Figure 29-14 can be superimposed on either of 
the symbols in Figure 29-15, to combine their 
functions. So, for instance, if the upper symbol in 
Figure 29-14 is superimposed on the lower sym- 
bolin Figure 29-15, we getan N-channel MOSFET 
of the enhancement type. 
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N-channel MOSFET 

Source relatively negative 
Drain relatively positive 

Gate relatively negative 
changes conductivity as 
gate becomes more negative 


P-channel MOSFET 

Source relatively positive 
Drain relatively negative 
Gate relatively positive 
changes conductivity as 
gate becomes more positive 


@ © 


Figure 29-14. Either of the two symbols can be combined 
with either of the two symbols in the next figure, to create 
one of the four symbols for a MOSFET. See text for details. 


Depletion MOSFET 

normally ON 

Change of gate voltage 

(more negative for N-channel, 
more positive for P-channel) 
pinches off the current flow. 


Enhancement MOSFET 
Normally OFF 

Change of gate voltage 
(less positive for N-channel, 
less negative for P-channel) 
pinches off the current flow. 


QQ Oo 


Figure 29-15. Either of the two symbols can be combined 
with either of the two symbols from the previous figure, to 
create one of the four symbols for a MOSFET. See text for 
details. 


In an additional attempt to clarify MOSFET be- 
havior, four graphs are provided in Figure 29-16, 
Figure 29-17, Figure 29-18, and Figure 29-19. Like 
JFETs, MOSFETs have an initial ohmic region, fol- 
lowed by a saturation region where current flows 
relatively freely through the device. The gate-to- 
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source voltage will determine how much flow is 
permitted. However, it is important to pay close 
attention to the graph scales, which differ for 
each of the four types of MOSFET. 


N-channel Depletion MOSFET 


Saturation region 


Gate Minus Source = +1V 


OV 


Current from Drain to Source, in mA 





5 10 1S 20 
Drain Voltage Minus Source Voltage, in volts 


Figure 29-16. Current flow through a depletion-type, N- 
channel MOSFET. 


In all of these graphs, a bias voltage exists, which 
allows zero current to flow (represented by the 
graph line superimposed on the horizontal axis). 
In other words, the MOSFET can operate as a 
switch. The actual voltages where this occurs will 
vary with the particular component under con- 
sideration. 


The N-channel, enhancement-type MOSFET is 
especially useful as a switch because in its 
normally-off state (with zero bias) it presents a 
very high resistance to current flow. It requires a 
relatively low positive voltage at the gate, and 
effectively no gate current, to begin conducting 
conventional current from its drain terminal to its 
source terminal. Thus it can be driven directly by 
typical 5-volt logic chips. 


Depletion-type MOSFETs are now less common- 
ly used than the enhancement-type. 
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Figure 29-17. Current flow through a depletion-type, P- 
channel MOSFET. 


N-channel Enhancement MOSFET 
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Figure 29-18. Current flow through an enhancement- 
type, N-channel MOSFET. 


Variants 
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Figure 29-19. Current flow through an enhancement- 
type, P-channel MOSFET. 


The Substrate Connection 

Up to this point, nothing has been said about a 
fourth connection available on many MOSFETs, 
known as the body terminal. This is connected to 
the substrate on which the rest of the compo- 
nent is mounted, and acts as a diode junction 
with the channel. It is typically shorted to the 
source terminal, and in fact this is indicated by 
the schematic symbols that have been used so 
far. It is possible, however, to use the body ter- 
minal to shift the threshold gate voltage of the 
MOSFET, either by making the body terminal 
more negative than the source terminal (in an N- 
channel MOSFET) or more positive (in a P- 
channel MOSFET). Variants of the MOSFET sche- 
matic symbols showing the body terminal are 
shown in Figure 29-20 (for depletion MOSFETS) 
and Figure 29-21 (for enhancement MOSFETS). 


A detailed discussion of the use of the body ter- 
minal to adjust characteristics of the gate is be- 
yond the scope of this encyclopedia. 
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Figure 29-20. Schematic symbol variants for depletion 
MOSFETs, showing the body terminal separately accessi- 
ble instead of being tied to the source terminal. 


@) 
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Figure 29-21. Schematic symbol variants for enhance- 
ment MOSFETs, showing the body terminal separately ac- 
cessible instead of being tied to the source terminal. 


Variants 





A few FET variants exist in addition to the two 
previously discussed. 


MESFET 


The acronym stands for MEtal-Semiconductor 
Field Effect Transistor. This FET variant is fabrica- 
ted from gallium arsenide and is used primarily 
in radio frequency amplification, which is outside 
the scope of this encyclopedia. 
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V-Channel MOSFET 


Whereas most FET devices are capable of han- 
dling only small currents, the V-channel MOSFET 
(which is often abbreviated as a VMOS FET and 
has a V-shaped channel as its name implies) is 
capable of sustained currents of at least 50A and 
voltages as high as 1,000V. It is able to pass the 
high current because its channel resistance is 
well under 10. These devices, commonly re- 
ferred to as power MOSFETs, are available from all 
primary semiconductor manufacturers and are 
commonly used in switching power supplies. 


Trench MOS 


The TrenchMOS or Trenchgate MOS is a MOSFET 
variant that encourages current to flow vertically 
rather than horizontally, and includes other in- 
novations that enable an even lower channel re- 
sistance, allowing high currents with minimal 
heat generation. This device is finding applica- 
tions in the automobile industry as a replace- 
ment for electromechanical relays. 


Values 





The maximum values for JFETs, commonly found 
listed in datasheets, will specify Vg, (the drain- 
source voltage, meaning the potential difference 
between drain and source); Vgg (the drain-gate 
voltage, meaning the potential difference be- 
tween drain and gate); V,., (the reverse gate- 
source voltage); gate current; and total device 
dissipation in mW. Note that the voltage differ- 
ences are relative, not absolute. Thus a voltage of 
50V on the drain and 25V on the source might be 
acceptable in a component with a Vg, of 25V. 
Similarly, while a JFET’s “pinch-off” effect begins 
as the gate becomes “more negative” than the 
source, this can be achieved if, for example, the 
source has a potential of 6V and the gate has a 
potential of 3V. 


JFETs and MOSFETs designed for low-current 
switching applications have a typical channel re- 
sistance of just a few ohms, and a maximum 
switching speed around 10Mhz. 
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The datasheet for a MOSFET will typically include 
values such as gate threshold voltage, which may 
be abbreviated V4, (or Vi) and establishes the 
relative voltage at which the gate starts to play 
an active role; and the maximum on-state drain 
current, which may be abbreviated | gion) and es- 
tablishes the maximum limiting current (usually 
at 25 degree Centigrade) between source and 
gate. 


How to Use it 





The combination of a very high gate impedance, 
very low noise, very low quiescent power con- 
sumption in its off state, and very fast switching 
capability makes the MOSFET suitable for many 
applications. 


P-Channel Disadvantage 

P-channel MOSFETs are generally less popular 
than N-channel MOSFETS because of the higher 
resistivity of P-type silicon, resulting from its low- 
er carrier mobility, putting it at a relative disad- 
vantage. 


Bipolar Substitution 

In many _ instances, an appropriate 
enhancement-type MOSFET can be substituted 
for a bipolar transistor with better results (lower 
noise, faster action, much higher impedance, 
and probably less power dissipation). 


Amplifier Front Ends 

While MOSFETs are well-suited for use in the front 
end of an audio amplifier, chips containing MOS- 
FETs are now available for this specific purpose. 


Voltage-Controlled Resistor 

A simple voltage-controlled resistor can be built 
around a JFET or MOSFET, so long as its perfor- 
mance remains limited to the linear or ohmic re- 
gion. 


Compatibility with Digital Devices 
A JFET may commonly use power supplies in the 
range of 25VDC. However, it can accept the high/ 
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low output from a 5V digital device to control its 
gate. A 4.7K pullup resistor is an appropriate val- 
ue to be used if the FET is to be used in conjunc- 
tion with a TTL digital chip that may have a volt- 
age swing of only approximately 2.5V between 
its low and high thresholds. 


What Can Go Wrong 





Static Electricity 

Because the gate of a MOSFET is insulated from 
the rest of the component, and functions much 
like a plate of a capacitor, it is especially likely to 
accumulate static electricity. This static charge 
may then discharge itself into the body of the 
component, destroying it. A MOSFET is particu- 
larly vulnerable to electrostatic discharge be- 
cause its oxide layer is so thin. Special care should 
be taken either when handling the component, 
or when it is in use. Always touch a grounded 
object or wear a grounded wrist band when han- 
dling MOSFETs, and be sure that any circuit using 
MOSFETs includes appropriate protection from 
static and voltage spikes. 


A MOSFET should not be inserted or removed 
while the circuit in which it performs is switched 
on or contains residual voltage from undis- 
charged capacitors. 


Heat 


Failure because of overheating is of special con- 
cern when using power MOSFETs. A Vishay Ap- 
plication Note (“Current Power Rating of Power 
Semiconductors”) suggests that this kind of com- 
ponent is unlikely to operate at less than 90 de- 
grees Centigrade in real-world conditions, yet 
the power handling capability listed in a data- 
sheet usually assumes an industry standard of 25 
degrees Centigrade. 


On the other hand, ratings for continuous power 
are of little relevance to switching devices that 
have duty cycles well below 100%. Other factors 
also play a part, such as the possibility of power 
surges, the switching frequency, and the integ- 
rity of the connection between the component 
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What Can Go Wrong 


and its heat sink. The heat sink itself creates un- 
certainty by tending to average the temperature 
of the component, and of course there is no sim- 
ple way to knowthe actual junction temperature, 
moment by moment, inside a MOSFET. 


Bearing in mind the accumulation of unknown 
factors, power MOSFETs should be chosen on an 
extremely conservative basis. According to a tu- 
torial in the EE Times, actual current switched by 
a MOSFET should be less than half of its rated 
current at 25 degrees, while one-fourth to one- 
third are common. Figure 29-22 shows the real- 
world recommended maximum drain current at 
various temperatures. Exceeding this recom- 
mendation can create additional heat, which 
cannot be dissipated, leading to further accu- 
mulation of heat, and a thermal runaway condi- 
tion, causing eventual failure of the component. 


Maximum Drain Current 

for a power MOSFET 
at selected case 
temperatures 







Drain Current in Amperes 


25 50 75 100 125 150 
Case Temperature (Centigrade) 


Figure 29-22. Maximum advised drain current through a 
power MOSFET, related to case temperature of the com- 
ponent. Derived from EE Times Power MOSFET Tutorial. 
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Wrong Bias 

As previously noted, applying forward bias to a 
JFET can result in the junction between the gate 
and the source starting to behave like a forward- 
biased diode, when the voltage at the gate is 
greater than the voltage at the source by ap- 
proximately 0.6V or more (in an N-channel JFET). 
The junction will present relatively little resist- 
ance, encouraging excessive current and de- 
structive consequences. It is important to design 
devices that allow user input in such a way that 
user error can never result in this eventuality. 
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discrete semiconductor > multi-junction > field effect transistor 


Schematic Symbols 


This section contains a compilation of schematic 
symbols for components that have been 
described in this volume. They are sequenced 
primarily in alphabetical order, as this section is 
intended for use as an index. However, symbols 
that havea strong similarity are grouped togeth- 
er; thus potentiometer is found adjacent to re- 
sistor, and all types of transistors arein the same 
group. 


The symbol variants shown in each blue rectan- 
gle are functionally identical. 


Where a component has mandatory polarity or 
is commonly used with a certain polarity, a red 
plus sign (+) has been added for guidance. This 
sign is not part of the symbol. In the case of po- 
larized capacitors, where a plus sign is normally 
shown (or should be shown) with the symbol, the 
plus sign is a part of the symbol and appears in 
black. 


This is not intended to be an exhaustive compi- 
lation of symbol variants. Some uncommon ones 
may not be here. However, the list should be suf- 
ficient to enable identification of components in 
this volume. 


= 
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4 OF 


Battery: Single cell 


qHP AHF 


Battery: Two cells 


fF f-IF 


Battery: Multiple cells 


db 


Capacitor: Nonpolarized 


“e 4b 


Capacitor: Polarized 


a ole 


Capacitor: Variable 


Soy 


ag 


Diode: Schottky 


i+) i+) 
tt 
Diode: Tunnel 
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+ HE 


Diode: Varactor 


EEE HE 


Diode: Zener 
Fuse 


Fuse (ANSI, IEC, IEEE) 


Le 


Fuse (building contractor) 


—o<0— 


Fuse (becoming disused) 


SY THN 


Inductor: Air core 


View ela he 








Inductor: Solid core 


Inductor: Particle core 


Figure A-1. Schematic symbols 
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= 


Inductor: Ferrite bead 


fey) Spey 


Inductor: Solenoid or electromagnet 


TOW yh ved 


Inductor: Variable 


ale aE 
—e e— —o o— 


Pushbutton: Normally open 


—e|e— —o1o— 


Pushbutton: Normally closed 


—4is— sss —=210— 

—2 e— —oO Oo— 

Pushbutton: DT 
pretccrr ty 


-—oe e— -—e e— 
Pushbutton: DP 


o> 


Relay: SPST, normally open, nonlatching 


me me lee 


Relay: SPDT, nonlatching 


——-_ 


oot S| JE 
[ ] 

—.2207— 

Relay: SPDT, two-coil latching 


4.7K 
—WWw— 


Resistor 


4 


Resistor: Potentiometer 
4K7 
Resistor: Variable resistor or rheostat 


4.7K 
AKT 


4.7K 
=o = 


Resistor: Trimmer 
—ss— 


Switch: SPST 


Switch: SPDT 


Switch: 3PDT 


Figure A-2. Schematic symbols, continued 
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e%e o°2n0 


e e ° (e) 
e r e ° a ° 
e e ie) ° 
Switch: Rotary 

rit 

Switch: Slider, SPDT 


ee ee 


TT 7 Fo '% 
Switch: Slider, 4PDT 


Transformer: Solid core 


3h OBE 


Transformer: Air core 


“Ie. 


Transformer: Same phase output 


BIE 


Transformer: 180 degree phase output 


3E OBE 


Transformer: Center tapped secondary 


c c a 
E=Emitter 
6) Hk B=Base 
f E C=Collector 


Transistor: Bipolar, NPN 























E E : 

E=Emitter 

e nd B=Base 

c c C=Collector 

Transistor: Bipolar, PNP 

‘ B S D=Drain 

fey G=Gate 

5 s S=Source 
Transistor: JFET, N-channel 

P D 5 D=Drain 

G G=Gate 

s A S=Source 
Transistor: JFET, P-channel 

D D D=Drain 

G=Gate 

5 S S=Source 


Transistor: MOSFET, depletion, N-channel 


é \ B D=Drain 
G=Gate 
5 S S=Source 


Transistor: MOSFET, depletion, P-channel 


6 Md 5 D=Drain 
G=Gate 
Ss S S=Source 


Transistor: MOSFET, enhancement, N-channel 


4 v @ D=Drain 
G=Gate 
S$ A S=Source 


Transistor: MOSFET, enhancement, P-channel 


GA A=Anode 
G=Gate 
C=Cathode 
c 
Transistor: Unijunction 

E B2 
B2=Base 2 
E=Emitter 
Bi=Base 1 

B1 


Transistor: Unijunction, programmable (PUT) 


Figure A-3. Schematic symbols, continued 
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This is the second of three volumes. Its purpose 
is to provide an overview of the most commonly 
used electronic components, for reference by 
students, engineers, hobbyists, and instructors. 
While you can find much of this information dis- 
persed among datasheets, introductory books, 
websites, and technical resources maintained by 
manufacturers, the Encyclopedia of Electronic 
Components gathers all the relevant facts in one 
place, properly organized and verified, including 
details that may be hard to find elsewhere. Each 
entry includes typical applications, possible sub- 
stitutions, cross-references to similar devices, 
sample schematics, and a list of common prob- 
lems and errors. 


You can find a more detailed rationale for this 
encyclopedia in the Preface to Volume 1. 


Volume Contents 





Practical considerations influenced the decision 
to divide this encyclopedia into three volumes. 
Each deals with broad subject areas as follows. 


Volume 1 
Power; electromagnetic devices; discrete semicon- 
ductors 


The power category includes sources of electric- 
ity and methods to distribute, store, interrupt, 
convert, and regulate power. The electromagnet- 


ic devices category includes devices that exert 
force linearly, and others that create a turning 
force. Discrete semiconductors include the pri- 
mary types of diodes and transistors. A contents 
listing for Volume 1 appears in Figure P-1. 


Volume 2 

Thyristors (SCRs, diacs, and triacs); integrated cir- 
cuits; light sources, indicators, and displays; and 
sound sources 


Integrated circuits are divided into analog and 
digital components. Light sources, indicators, and 
displays are divided into reflective displays, sin- 
gle sources of light, and displays that emit light. 
Sound sources are divided into those that create 
sound, and those that reproduce sound. A con- 
tents listing for Volume 2 appears in Figure P-2. 


Volume 3 
Sensing devices 


The field of sensors has become so extensive, 
they easily merit a volume to themselves. Sensing 
devices include those that detect light, sound, 
heat, motion, pressure, gas, humidity, orienta- 
tion, electricity, proximity, force, and radiation. 


At the time of writing, Volume 3 is still in prepa- 
ration, while Volume 1 is complete and is avail- 
able in a variety of formats. 


XXxi 


Primary Secondary Component Primary Secondary Component 
Category Category Type Category | Category 


power source battery discrete thyristor 
connection jumper eae vee diac 
fuse triac 
pushbutton integrated analog solid-state relay 
switch Oral optocoupler 
rotary switch comparator 
rotational encoder op-amp 
moderation relay digital potentiometer 
resistor timer 
potentiometer digital logic gate 
capacitor flip-flop 
variable capacitor shift register 
conversion inductor counter 
AC-AC transformer encoder 
AC-DC power supply decoder 
DC-DC converter multiplexer 
DC-AC inverter light reflective LCD 
regulation voltage regulator aaa : single incandescent lamp 
electro- linear electromagnet or display Source neon bulb 
mnagnetiom ‘output solenoid fluorescent light 
rotational DC motor laser 
ee AC motor LED indicator 
servo motor LED area lighting 
stepper motor multi-source LED display 
discrete single diode alla vacuum-fluorescent 
sada Gene Junction unijunction transistor electroluminescence 
multi- bipolar transistor sound audio alert transducer 
anne field-effect transistor ssh audio indicator 
reproducer headphone 
Figure P-1. The subject-oriented organization of cate- 
gories and entries in Volume 1. speaker 


Figure P-2. The subject-oriented organization of cate- 
gories and entries in Volume 2. 
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Organization 





Reference versus Tutorial 

As its title suggests, this is a reference book, not 
a tutorial. A tutorial begins with elementary con- 
cepts and builds sequentially toward concepts 
that are more advanced. A reference book as- 
sumes that you may dip into the text at any point, 
learn what you need to know, and then put the 
book aside. If you choose to read it straight 
through from beginning to end, you will find 
some repetition, as each entry is intended to be 
self-sufficient, requiring minimal reference to 
other entries. 


My books Make: Electronics and Make: More Elec- 
tronics follow a tutorial approach. They don't go 
into as much depth as this Encyclopedia, be- 
cause a tutorial inevitably allocates a lot of space 
to step-by-step explanations and instructions. 


Theory and Practice 

This book is oriented toward practicality rather 
than theory. | assume that the reader mostly 
wants to know how to use electronic compo- 
nents, rather than why they work the way they 
do. Consequently, | have not included proofs of 
formulae or definitions rooted in electrical theo- 
ry. Units are defined only to the extent necessary 
to avoid confusion. 


Many books on electronics theory already exist, 
if theory is of interest to you. 


Entries 

This encyclopedia is divided into entries, each 
entry being devoted to one broad type of com- 
ponent. Two rules determine whether a compo- 
nent has an entry all to itself, or is subsumed into 
another entry: 


Rule 1 
A component merits its own entry if it is (a) 
widely used, or (b) not so widely used but has 
a unique identity and maybe some historical 
status. The bipolar transistor entry is an 
example of a widely used component, 


whereas the unijunction transistor entry 
is an example of a not so widely used com- 
ponent with a unique identity. 


Rule 2 

Acomponent does not merit its own entry if 
it is (a) seldom used, or (b) very similar in 
function to another component that is more 
widely used. For example, a rheostat is sub- 
sumed into the potentiometer section, 
while silicon diode, Zener diode, and germa- 
nium diode are combined together in the di- 
ode entry. 


Inevitably, these guidelines required judgment 
calls which in some cases may seem arbitrary. My 
ultimate decision was based on where | would 
expect to find a component if | was looking for it 
myself. 


Subject Paths 


Entries are not organized alphabetically. They are 
grouped by subject, in much the same way that 
books in the nonfiction section of some libraries 
are organized by the Dewey Decimal System. 
This is convenient if you don’t know exactly what 
you are looking for, or if you don’t know all the 
options that may be available to perform a task 
that you have in mind. 


Each primary category is divided into subcate- 
gories, and the subcategories are divided into 
component types. This hierarchy is shown in 
Figure P-2. It is also apparent when you look at 
the top of the first page of each entry, where you 
will find the path that leads to it. The diac entry, 
for instance, is headed with this path: 


discrete semiconductor > thyristor > diac 


Any classification scheme will run into excep- 
tions. You can buy a chip containing a resistor ar- 
ray, for instance. Technically, this is an analog in- 
tegrated circuit, but a decision was made to put 
it in the resistor section of Volume 1, because it 
can be directly substituted for a group of resis- 
tors. 
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Some components have hybrid functions. A 
multiplexer, for instance, may pass analog sig- 
nals and may have “analog” in its name. However, 
it is digitally controlled and is mostly used in con- 
junction with other digital integrated circuits. 
This seemed to justify placing it in the digital cat- 


egory. 


Inclusions and Exclusions 

There is also the question of what is, and is not, 
a component. Is wire a component? Not for the 
purposes of this encyclopedia. How about a DC- 
DC converter? Because converters are now sold 
in small packages by component suppliers, they 
are included in Volume 1 as components. 


Many similar decisions had to be made on a case- 
by-case basis. Some readers will disagree with 
the outcome, but reconciling all the disagree- 
ments would have been impossible. The best | 
could do was to create a book which is organized 
in the way that would suit me best if | were using 
it myself. 


Typographical Conventions 

Within each entry, bold type is used for the first 
occurrence of the name of a component that has 
its own entry elsewhere. Other important elec- 
tronics terms or component names may be pre- 
sented in italics. 


The names of components, and the categories to 
which they belong, are all set in lowercase type, 
except where a term is normally capitalized be- 
cause it is an acronym or a trademark. The term 
Trimpot, for instance, is trademarked by Bourns, 
but trimmer is not. LED is an acronym, but cap 
(abbreviation for capacitor) is not. 


The European convention for representing frac- 
tional component values eliminates decimal 
points. Thus, values such as 3.3K and 4.7K are ex- 
pressed as 3K3 and 4K7. This style has not been 
adopted to a significant degree in the United 
States, and is not used in this encyclopedia. 


In mathematical formulae, | have used the style 
that is common in programming languages. The 


* (asterisk) is used as a multiplication symbol, 
while the / (forward slash) is used as a division 
symbol. Where some terms are in parentheses, 
they must be dealt with first. Where parentheses 
are inside parentheses, the innermost ones must 
be dealt with first. So, in this example: 


A = 30 / (7 + (4 * 2) ) 


You would begin by multiplying 4 times 2, to get 
8; then add 7, to get 15; then divide that into 30, 
to get the value for A, which is 2. 


Visual Conventions 


Figure P-3 shows the conventions that are used 
inthe schematics in this book. A black dot always 
indicates a connection, except that to minimize 
ambiguity, the configuration at top right is avoi- 
ded, and the configuration at top center is used 
instead. Conductors that cross each other 
without a black dot do not make a connection. 
The styles at bottom right are sometimes seen 
elsewhere, but are not used here. 


All the schematics are formatted with pale blue 
backgrounds. This enables components such as 
switches, transistors, and LEDs to be highlighted 
in white, drawing attention to them and clarify- 
ing the boundary of the component. The white 
areas have no other meaning. 


Photographic Backgrounds 

All photographs of components include a back- 
ground grid that is divided into squares measur- 
ing 0.1” Although the grid is virtual, it is equiva- 
lent in scale to physical graph paper placed im- 
mediately behind the component. If the compo- 
nent is photographed at an angle, the grid may 
be reproduced at a similar angle, creating per- 
spective on the squares. 


Background colors in photographs were chosen 
for contrast with the colors of the components, 
or for visual variety. They have no other signifi- 
cance. 
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Component Availability 


Because there is no way of knowing if a compo- 
nent may have a long production run, this ency- 
clopedia is cautious about listing specific part 
numbers. To find a specific part that has a narrow 
function, searching the websites maintained by 
suppliers will be necessary. The following sup- 
pliers were checked frequently during the prep- 
aration of the book: 


e Mouser Electronics 


e Jameco Electronics 


To show there is a connection 


eae ae 


F This style 
This style is used is not used 


To show there is no connection 


-+- 


This style 
is used 


These styles are not used 





Figure P-3. Visual conventions that are used in the sche- 
matics in this book. 


When seeking obsolete parts, or those that are 
nearing the end of their commercial life, eBay can 
be very useful. 


Issues and Errata 

If you believe you have found an error in this 
book, you will find guidance on how to report it 
here: http://bit.ly/eec_v2_errata. 


Before posting your own erratum, please check 
those that have been submitted previously, to 
see if someone else already reported it. 


| value and encourage reader feedback. Howev- 
er, before you post feedback publicly to a site 
suchas Amazon, | havea request. Please be aware 
of the power that you have as a reader, and use 
it fairly. A single negative review can create a big- 
ger effect than you may realize. It can certainly 
outweigh half-a-dozen positive reviews. If you 
feel you have not received a prompt or adequate 
response from the O'Reilly errata site mentioned 
here, you can email me personally at: 


make.electronics@gmail.com 


|checkthat address irregularly—sometimes only 
once in a couple of weeks. But | do answer all 
messages. 


Safari® Books Online 





Safari Books Online is an on-demand digital li- 
brary that delivers expert content in both book 
and video form from the world’s leading authors 
in technology and business. 


Technology professionals, software developers, 
web designers, and business and creative pro- 
fessionals use Safari Books Online as their pri- 
mary resource for research, problem solving, 
learning, and certification training. 


Safari Books Online offers a range of plans and 
pricing for enterprise, government, education, 
and individuals. 


Members have access to thousands of books, 
training videos, and prepublication manuscripts 
in one fully searchable database from publishers 
like Maker Media, O'Reilly Media, Prentice Hall 
Professional, Addison-Wesley Professional, Mi- 
crosoft Press, Sams, Que, Peachpit Press, Focal 
Press, Cisco Press, John Wiley & Sons, Syngress, 
Morgan Kaufmann, IBM Redbooks, Packt, Adobe 
Press, FT Press, Apress, Manning, New Riders, 
McGraw-Hill, Jones & Bartlett, Course Technolo- 
gy, and hundreds more. For more information 
about Safari Books Online, please visit us online. 
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How to Contact Us 





Please address comments and questions con- 
cerning this book to the publisher: 


Make: 

1005 Gravenstein Highway North 
Sebastopol, CA 95472 

800-998-9938 (in the United States or 
Canada) 

707-829-0515 (international or local) 
707-829-0104 (fax) 


Make: unites, inspires, informs, and entertains a 
growing community of resourceful people who 
undertake amazing projects in their backyards, 
basements, and garages. Make: celebrates your 
right to tweak, hack, and bend any technology 
to your will. The Make: audience continues to be 
a growing culture and community that believes 
in bettering ourselves, our environment, our ed- 
ucational system—our entire world. This is much 
more than an audience, it’s a worldwide move- 
ment that Make: is leading—we call it the Maker 
Movement. 


For more information about Make:, visit us on- 
line: 


Make: magazine: http://makezine.com/maga 
zine/ 

Maker Faire: http://makerfaire.com 
Makezine.com: http://makezine.com 

Maker Shed: http://makershed.com/ 


We have a web page for this book, where we list 
errata, examples, and any additional informa- 
tion. You can access this page at: http://bit.ly/ 
encyclopedia_of_electronic_components_v2. 
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discrete semiconductor > thyristor > SCR 


The acronym SCR is derived from silicon-controlled rectifier, which is a gate-triggered 
type of thyristor. A thyristor is defined here as a semiconductor having four or more 
alternating layers of p-type and n-type silicon. Because it predated integrated circuits, 
and in its basic form consists of a single multilayer semiconductor, a thyristor is consid- 
ered to be a discrete component in this encyclopedia. When a thyristor is combined with 
other components in one package (as in a solid-state relay), it is considered to be an 


integrated circuit. 


Other types of thyristor are the diac and triac, each of which has its own entry. 


Thyristor variants that are not so widely used, such as the gate turn-off thyristor (GTO) and 
silicon-controlled switch (SCS), do not have entries here. 


OTHER RELATED COMPONENTS 


¢ diac (see Chapter 2) 
 triac (See Chapter 3) 


What It Does 


In the 1920s, the thyratron was a gas-filled tube 
that functioned as a switch and a rectifier. In 
1956, General Electric introduced a solid-state 
version of it under the name thyristor. In both ca- 
ses, the names were derived from the thyroid 
gland inthe human body, which controls the rate 
of consumption of energy. The thyratron and, 
subsequently, the thyristor enabled control of 
large flows of current. 





The SCR (silicon-controlled rectifier) is a type of 
thyristor, although the two terms are often used 
as ifthey are synonymous. Text that refers loosely 
to a thyristor may actually be discussing an SCR, 
and vice versa. In this encyclopedia, the SCR, di- 
ac, and triac are all considered to be variant 
types of thyristor. 


An SCR is a solid-state switch that in many in- 
stances can pass high currents at high voltages. 


Like a bipolar transistor, it is triggered by volt- 
age applied to a gate. Unlike the transistor, it al- 
lows the flow of current to continue even when 
the gate voltage diminishes to zero. 


How It Works 


This component is designed to pass current in 
one direction only. It can be forced to conduct in 
the opposite direction if the reversed potential 
exceeds its breakdown voltage, but this mistreat- 
ment is likely to cause damage. 





By comparison, the diac and triac are designed 
to be bidirectional. 


The SCR has three leads, identified as anode, 
cathode, and gate. Two functionally identical 
versions of the schematic symbol are shown in 
Figure 1-1. Early versions sometimes included a 
circle drawn around them, but this style has be- 
come obsolete. Care must be taken to distinguish 


How It Works 


between the SCR symbol and the symbol that 
represents a programmable unijunction tran- 
sistor (PUT), shown in Figure 1-2. 


Anode Anode 


Gate Gate 


Cathode Cathode 


Figure 1-1. Two functionally identical schematic symbols 
for an SCR (silicon-controlled rectifier). The symbol on 
the left is more common. 


Anode 
Gate 


Cathode 


Figure 1-2. The symbol shown here is for a programma- 
ble unijunction transistor (PUT). Care must be taken to 
distinguish it from the symbol for an SCR. 


Switching Behavior 

When the SCR is in its passive or nonconductive 
state, it will block current in either direction be- 
tween anode and cathode, althougha very small 
amount of leakage typically occurs. When the 
SCR is activated by a positive voltage at the gate, 
current can now flow from anode to cathode, al- 
though it is still blocked from cathode to anode. 
When the flow reaches a level known as the 
latching current, the flow will continue even after 
the triggering voltage drops to zero. This behav- 
ior causes it to be known as a regenerative device. 


If the current between anode and cathode starts 
to diminish while the gate voltage remains zero, 
the current flow will continue below the latching 
level until it falls below the value known as the 
holding current. The flow now ceases. Thus, the 
only way to end a flow of current that has been 


discrete semiconductor > thyristor > SCR 


initiated through an SCR is by reducing the flow 
or attempting to reverse it. 


Note that the self-sustaining flow is a function of 
current rather than voltage. 


Unlike a transistor, an SCR is either “on” or “off” 
and does not function as a current amplifier. Like 
a diode, it is designed to conduct current in one 
direction; hence the term rectifier in its full name. 
When it has been triggered, the impedance be- 
tween its anode and cathode is sufficiently low 
that heat dissipation can be managed even at 
high power levels. 


The ability of SCRs to pass relatively large 
amounts of current makes them suitable for con- 
trolling the power supplied to motors and resis- 
tive heating elements. The fast switching re- 
sponse also enables an SCR to interrupt and ab- 
breviate each positive phase of an AC waveform, 
to reduce the average power supplied. This is 
known as phase control. 


SCRs are also used to provide overvoltage protec- 
tion. 


SCR packages reflect their design for a wide 
range of voltages and currents. Figure 1-3 shows 
an SCR designed for on-state current of 4A RMS 
(i.e., Measured as the root mean square of the 
alternating current). Among its applications are 
small-engine ignition and crowbar overvoltage 
protection, so named because it shorts a power 
supply directly to ground, much like a crowbar 
being dropped across the terminals of a car bat- 
tery (but hopefully with a less dramatic out- 
come). See Figure 1-15. 


In Figure 1-4, the SCR can handle up to 800V re- 
petitive peak off-state voltage and 55A RMS. Pos- 
sible applications include AC rectification, crow- 
bar protection, welding, and battery charging. 
The component in Figure 1-5 is rated for 25A and 
50V repetitive peak off-state voltage. To assess 
the componentsizes, bearin mind that the graph 
line spacing is 0.1”. 
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SCR rated for 400V repetitive off-state volt- 
age, no greater than 4A RMS. 





} 


SCR rated for 800V repetitive off-state volt- 
age, no greater than 55A RMS. 








The function of an SCR can be imagined as being 
similar to that of a PNP transistor paired with an 
NPN transistor, as shown in . In this 
simplified schematic, so long as zero voltage is 
applied to the “gate” wire, the lower (NPN) tran- 
sistor remains nonconductive. Consequently, 
the upper (PNP) transistor cannot sink current, 
and this transistor also remains nonconductive. 


Internal Configuration 


When voltage is applied to the “gate,” the lower 
transistor starts to sink current from the upper 
transistor. This switches it on. The two transistors 
now continue to conduct even if power to the 
“gate” is disconnected, because they have cre- 
ated a positive feedback loop. 





Stud-packaged SCR rated for 50V repetitive 
off-state voltage, no greater than 25A RMS. 


anode 


gate 


cathode 


An SCR behaves similarly to an NPN and a 
PNP transistor coupled together. 


shows the same two transistors in sim- 
plified form as sandwiches of p-type and n-type 
silicon layers (on the left), and their combination 
in an SCR (on the right). Although the actual con- 
figuration of silicon segments is not as simple or 
as linear as this diagram suggests, the SCRcan be 
described correctly as a P 








Chapter 1 3 


Internal Configuration 


An SCR is comparable with an electromagnetic 
latching relay, except that it works much faster 
and more reliably. 


Two bipolar transistors SCR 


anode anode 


gate 


cathode cathode 


Figure 1-7. The two transistors from the previous figure 
are shown here in simplified form as two stacks of p-type 
and n-type silicon layers. These layers are combined in an 
SCR, on the right. 


Breakdown and Breakover Voltage 


The curves in Figure 1-8 illustrate the behavior of 
a hypothetical SCR, and can be compared with 
the curves shown for a diac in Figure 2-5 anda 
triac in Figure 3-10. Beginning with zero voltage 
applied between anode and cathode, and zero 
current flowing (i.e., at the center origin of the 
graph), if we apply a voltage at the anode that is 
increasingly negative relative to the cathode (i.e., 
we attempt to force the SCR to allow negative 
current flow), we see a small amount of leakage, 
indicated by the darker blue area (which is not 
drawn to scale). Finally the breakdown voltage is 
reached, at which point the negative potential 
overcomes the SCR andits impedance drops rap- 
idly, allowing a surge of current to flow, probably 
damaging it. 


Alternatively, starting once again from the cen- 
ter, if we apply a voltage at the anode that is in- 
creasingly positive relative to the cathode, two 
consequences are possible. The dashed curve 
assumes that there is zero voltage at the gate, 
and shows that some leakage occurs until the 
applied potential at the anode reaches the break- 
over voltage, at which point the SCR allows a large 
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current flow, which continues even when the 


voltage decreases. 
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Figure 1-8. The solid curve shows current passing be- 
tween the anode and cathode of a hypothetical SCR for 
varying voltages, while a triggering voltage is applied to 
the gate. The dashed curve assumes that no triggering 
voltage is applied to the gate. 


In practice, the SCR is intended to respond to a 
positive gate voltage. Under these circumstan- 
ces, its behavior is shown by the solid curve in 
the top-right quadrant in Figure 1-8. The SCR be- 
gins to conduct current without having to reach 
the breakover voltage at the anode. 


e When used as it is intended, the SCR should 
not reach breakdown or breakover voltage 
levels. 


SCR Concept Demo 

In Figure 1-9, pushbutton $1 applies voltage to 
the gate of the SCR, which puts the SCR in self- 
sustaining conductive mode. When S1 is re- 
leased, the meter will show that current contin- 
ues to pass between the anode and the cathode. 
The X0403DF SCR suggested for this circuit has a 
holding current of 5mA, which a 5VDC supply 
should be able to provide with the 1K resistor in 
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the circuit. If necessary, this resistor can be re- 
duced to 6800. 


Now if pushbutton S2 is pressed, the flow is in- 
terrupted. When S2 is released, the flow will not 
resume. Alternatively, if pushbutton S3 is pressed 
while the SCR is conducting current, the flow is 
diverted around the SCR, and when the push- 
button is released, the flow through the SCR will 
not resume. Thus, the SCR can be shut down ei- 
ther by a normally closed pushbutton in series 
with it (which will interrupt the current), or a nor- 
mally open pushbutton in parallel with it (which 
will divert the current). 





S i, (milliamps) 


Figure 1-9. In this test circuit, S1 triggers the SCR, while 
S2 or S3 will stop it. See text for additional details. 


The test circuit is shown installed on a bread- 
board in Figure 1-10. In this photograph, the red 
and blue wires supply a minimum of 5VDC. The 
two red buttons are tactile switches, the one at 
top left being S1 in the schematic while the one 
at bottom right is $3. The large switch with a rec- 
tangular button is $2; this is normally closed, and 
opens when pressed. The X0403DF SCR is just 
below it and to the right. The square blue trim- 
mer is set to the midpoint of its range. 


AC Current Applications 

If the SCRis used with alternating current, it stops 
conducting during each negative cycle, and is 
retriggered in each positive cycle. This suggests 
one of its primary applications, as a controllable 
rectifier that can switch rapidly enough to limit 


Variants 


the amount of current that passes through it dur- 
ing each cycle. 





Figure 1-10. A breadboarded version of the SCR test cir- 
cuit. The two red buttons correspond with S1 and S3 in 
the schematic, while the large rectangular button at top 
right opens S2. See text for details. 


Variants 





SCRs are available in surface-mount, through- 
hole, and stud packages, to handle increasing 
currents and voltages. Some special-purpose 
SCRs can control currents of hundreds of amps, 
while high-power SCRs are used to switch thou- 
sands of amps at more than 10,000V in power 
distribution systems. They are too specialized for 
inclusion in this encyclopedia. 


Typical power ratings for SCRs in general use are 
summarized in the next section. 


Values 





Any SCR will impose a forward voltage drop, 
which typically ranges from around 1V to 2V, de- 
pending on the component. 


Because SCRs are often used to modify AC wave- 
forms, the current that the component can pass 
is usually expressed as the root mean square 
(RMS) of its peak value. 
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Commonly Used Abbreviations 


Vprm Maximum repetitive forward voltage 
that may be applied to the anode while no 
voltage is applied to the gate (i.e., when the 
SCR is not in conductive mode). 

Varm Maximum repetitive reverse voltage 
that may be applied to the anode while no 
voltage is applied to the gate (i.e., when the 
SCR is not in conductive mode). 

Vim Maximum on-state voltage while the 
SCR is in conductive mode. T indicates that 
this value changes with temperature. 

Vom Forward maximum gate voltage. 


Vet Minimum gate voltage required to trig- 
ger. 

Ve6p Maximum gate voltage that will not trig- 
ger. 

Ippm Peak repetitive forward blocking cur- 
rent (i.e., maximum leakage). 

Ipam Peak repetitive reverse blocking current 
(i.e., leakage in the off state). 

Igm Maximum forward gate current. 

Iams) Maximum RMS current between 
anode and cathode while the SCR is in con- 
ductive mode. T indicates that this value 
changes with temperature. 

Irav) Maximum average current between 
anode and cathode while the SCR is in con- 
ductive mode. T indicates that this value 
changes with temperature. 

Ig¢ Maximum gate current required to trig- 
ger. 

ly Typical holding current. 

I, Maximum latching current. 

T- Case temperature, usually expressed as an 
acceptable range. 

T, Operating junction temperature, usually 
expressed as an acceptable range. 
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Surface-mount variants may tolerate maximum 
anode-cathode currents that typically range 
from 1A to 10A. Maximum voltages as high as 
500V are allowed in some cases. Leakage in the 
“off” state may be as high as 0.5mA or as low as 
5yA. Gate trigger voltage is likely to range from 
0.8V to 1.5V, and trigger current of 0.2mA to 
15mA is typical. 


Through-hole variants may be packaged in 
TO-92 format (like discrete transistors) or, more 
commonly, in TO-220 format (like a typical 1A 
voltage regulator). They may be rated for a max- 
imum of 5A up to 50A, depending on the com- 
ponent, with maximum voltages ranging from 
50V to 500V. Leakage is similar to surface-mount 
variants. The gate trigger voltage is typically 
around 1.5V, and trigger current ranges from 25- 
50mA. 


A stud-type SCR may have a maximum 50A to 
500A current rating, although some components 
are capable of tolerating even higher values. 
Maximum voltages of 50V to 500V are possible. 
Leakage is likely to be higher than in other for- 
mats, with 5mA to 30mA being common. The 
gate trigger voltage is typically 1.5 to 3V, and 
trigger current may range from around 50mA to 
200mA. 


How to Use It 


Although other applications are possible, in 
practice SCRs have two main applications: 





e Phase control, which interrupts each posi- 
tive phase of an AC power supply. It can 
moderate the speed of a motor or the heat 
generated by a resistive load. 


e Overvoltage protection. This can safeguard 
sensitive components in a circuit where 
there is a DC power supply. 


SCRs are often incorporated in ground-fault cir- 
cuit interruptors (although not usually as dis- 
crete components) and in automotive ignition 
systems. 
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Phase Control 


Phase control is a convenient way to control or 
limit the AC power delivered to a load by abbre- 
viating each pulse in the AC waveform. This is 
done by adjusting the gate voltage so that the 
SCR blocks the first part of each positive phase, 
then conducts the remainder, and then stops 
conducting below its holding level. The SCR will 
then block the reversed flow in the negative 
phase of the AC waveform, but an additional SCR 
with opposite polarity can be added. 


This is a form of pulse-width modulation. It is 
highly efficient, as the effective internal resist- 
ance of the SCR is either very high or very low, 
and the component does not waste significant 
energy in the form of heat. 


On a graph showing the fluctuating voltage of 
an AC waveform, a single cycle is customarily 
divided into four stages: (1) zero voltage, (2) max- 
imum positive voltage, (3) zero voltage, (4) min- 
imum negative voltage, all measurements being 
made between the live side of the supply and the 
neutral side of the supply. 


The cycle then repeats. Its transitions are often 
referred to as phase angles of 0 degrees, 90 de- 
grees, 180 degrees, and 270 degrees, as shown 
in Figure 1-11. 


The fluctuating voltage in an AC power supply is 
proportional with the sine of the phase angle. 
This concept is illustrated in Figure 1-12. If an 
imaginary point (shown as a purple dot) is mov- 
ing in a circular path counterclockwise at a con- 
stant speed, its vertical distance (shown in green) 
above or below the X axis (horizontal centerline) 
can represent an AC voltage corresponding with 
the angle (shown as purple arcs) of the circle ra- 
dius to the point, each angle being measured 
from at the center relative to a start position at 
right on the X axis. 


When an SCR is used for phase control, the point 
at which it starts to conduct may be anywhere 
from 0 to almost 180 degrees. This is achieved by 
diverting asmall amount of the AC power into an 
RC network attached to the gate of the SCR, as 


How to Use It 


shown in Figure 1-13. The capacitor in this sche- 
matic introduces a delay that can be varied by 
the potentiometer. This enables the SCR to be 
triggered even after the peak of the AC power 
signal. In Figure 1-14, the AC power is shown by 
the center (green) curve, and the slightly de- 
layed, reduced voltage at the gate is shown by 
the upper, purple curve. When the gate voltage 
rises to the trigger level, it causes the SCR to be- 
gin conducting current, creating an abbreviated 
output shown in the bottom curve. In this way, 
triggering from an AC phase angle of 0 degrees 
to almost 180 degrees is possible. The phase an- 
gle where the SCR begins to allow conduction is 
known as the conduction angle. 


If two SCRs with opposite polarity are placed in 
parallel with each other, they can be used to pro- 
vide phase control on both the positive-going 
and negative-going sections of an AC cycle. This 
configuration is used in high-powered devices. A 
triac is used for the same purpose with lower 
current. 


Six SCRs may be used to control three-phase 
power. 


Overvoltage Protection 


The tolerance of an SCR for high current makes it 
suitable for use in a crowbar voltage limiting 
circuit. 


In Figure 1-15, the SCR does not conduct current 
(other than a small amount of leakage) until the 
Zener diode senses a voltage above the maxi- 
mum level considered safe. The diode then al- 
lows power to reach the gate of the SCR. Its im- 
pedance drops immediately, and the resulting 
surge of current trips the fuse. After the cause of 
the overvoltage condition is corrected, the fuse 
can be replaced and the circuit may resume func- 
tioning. 


A capacitor is included so brief spikes in the pow- 
er supply will be passed to ground without trig- 
gering the SCR. A resistor of around 1000 ensures 
that the gate voltage of the SCR remains near 
zero during normal operation. When the Zener 
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What Can Go Wrong 


diode starts to conduct current, the resistor acts 
as a voltage divider with the diode, so that suffi- 
cient voltage reaches the SCR to activate it. 


This circuit may be unsuitable for low-voltage 
power supplies, because the Zener diode has to 
be chosen with a high enough rating to prevent 
small power fluctuations from tripping it. Bear- 
ing in mind that the real triggering voltage of the 
diode may be at least plus-or-minus 5% of its rat- 
ed voltage, the diode may have to be chosen with 
at least a 6V rating in a 5V circuit, and it may not 
be activated until the voltage is actually 6.5V. This 
may be insufficient to protect the components 
being used with the power supply. 
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Figure 1-11. An AC waveform is customarily measured in 
degrees of phase angle. 


What Can Go Wrong 





Like other semiconductors, an SCR can be ad- 
versely affected by excessive heat. Usual precau- 
tions should be taken to allow sufficient ventila- 
tion and heat sinking, especially when compo- 
nents are moved from an open prototyping 
board to an enclosure in which crowding is likely. 
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Unexpected Triggering Caused 
by Heat 


On a datasheet, the values for triggering current 
and holding current are valid only within a rec- 
ommended temperature range. A buildup of 
heat can provoke unexpected triggering. 


Unexpected Triggering Caused 

by Voltage 

A very rapid increase in forward voltage at the 
anode caninducea triggering voltagein the gate 
by capacitive coupling. As a result, the SCR can 
trigger itself without any external application of 
gate voltage. This is sometimes known as dv/dt 
triggering. lf necessary, a snubber circuit can be 
added across the anode input to prevent sudden 
voltage transitions. 


positive > 


Voltage 


+ negative 


Figure 1-12. The fluctuating voltage of an AC power sup- 
ply (shown as vertical green lines) is proportional with the 
sines of the angles (purple arcs) in this diagram. The an- 
gles are referred to as phase angles. 


Confusion of AC and DC Ratings 


The on-state current for an SCR is averaged only 
over the width of each pulse that the SCR actually 
conducts. It is not time-averaged over an entire 
AC cycle, and it will be different again from a DC 
rating. Care must be taken to match the current 
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rating with the way in which the component will 
actually be used. 


Maximum Current versus 
Conduction Angle 

Current-carrying capability will be very signifi- 
cantly affected by the length of the duty cycle 
when the SCR is being used to abbreviate each 
positive AC pulse. When the SCR imposes a 120- 
degree conduction angle, it may be able to han- 
dle twice the average on-state current as when 
itis imposing a 30-degree conduction angle. The 
manufacturer's datasheet should include a 
graphical illustration of this relationship. Ifan SCR 
is chosen for a high conduction angle, and the 
angle is later reduced, overheating will result, 
and damage is likely. 


Figure 1-13. In this schematic, an SCR is used to apply 
phase control, adjusting the power that passes through a 
load. 


Confusing Symbols 

When reading a schematic, unfortunate errors 
can result from failure to distinguish between the 
symbol for a programmable unijunction tran- 
sistor (PUT) and the symbol for an SCR. The 
characteristics of a PUT are described in Volume 
1 of this encyclopedia. 


What Can Go Wrong 


Control voltage 
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Figure 1-14. If the AC power applied to the anode of an 
SCR (center) is reduced in voltage and delayed slightly by 
an RC network, it can trigger the SCR (top), causing it to 
pass only an abbreviated segment of each positive AC 
pulse (bottom). 
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Protected 
components 





Figure 1-15. In this schematic, an SCR is used to provide 
crowbar overvoltage protection for sensitive components. 
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A diac is a self-triggering type of thyristor. Its name is said to be derived from the phrase 
“diode for AC,’ and because it is not an acronym, it is not usually capitalized. 


A thyristor is defined here as a semiconductor having four or more layers of p-type and 
n-type silicon. Because the thyristor predated integrated circuits, and in its basic form 
consists of a single multilayer semiconductor, it is categorized as a discrete component 
in this encyclopedia. When a thyristor is combined with other components in one pack- 
age (as in a solid-state relay) it is considered to be an integrated circuit. 


Other types of thyristor are the SCR (silicon-controlled rectifier) and the triac, each of 


which has its own entry in this encyclopedia. 


Thyristor variants that are not so widely used, such as the gate turn-off thyristor (GTO) and 
silicon-controlled switch (SCS), do not have entries here. 


OTHER RELATED COMPONENTS 


¢ SCR (see Chapter 1) 
e triac (See Chapter 3) 


What It Does 





The diacis a bidirectional thyristor with only two 
terminals. It blocks current until it is subjected to 
sufficient voltage, at which point its impedance 
drops very rapidly. It is primarily used to trigger 
a triac for purposes of moderating AC power to 
an incandescent lamp, a resistive heating ele- 
ment, or an AC motor. The two leads on a diac 
have identical function and are interchangeable. 


By comparison, a triac and an SCR are thyristors 
with three leads, one of them being referred to 
as the gate, which determines whether the com- 
ponent becomes conductive. A triac and a diac 
allow current to flow in either direction, while an 
SCR always blocks current in one direction. 


Symbol Variants 


The schematic symbol for a diac, shown in 
Figure 2-1, resembles two diodes joined togeth- 
er, one of them inverted relative to the other. 
Functionally, the diac is comparable with a pair 
of Zener diodes, as it is intended to be driven be- 
yond the point where it becomes saturated. Be- 
cause its two leads are functionally identical, they 
do not require names to differentiate them. They 
are sometimes referred to as Al and A2, in rec- 
ognition that either of them may function as an 
anode; or they may be identified as MT1 and MT2, 
MT being an acronym for “main terminal.” 
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How It Works 


aE MK ON 


Figure 2-1. Symbol variants to represent a diac. All four 
are functionally identical. 


The symbol may be reflected left to right, and the 
black triangles may have open centers. All of 
these variants mean the same thing. Occasion- 
ally the symbol has acircle around it, but this style 
is now rare, 


When onlyamoderate voltage is applied (usually 
less than 30V) the diac remains in a passive state 
and will block current in either direction, al- 
though a very small amount of leakage typically 
occurs. When the voltage exceeds a threshold 
knownas its breakover level, current can flow, and 
the diac will continue to conduct until the current 
falls below its holding level. 


A sample diac is shown in Figure 2-2. 





Figure 2-2. Because a diac is not intended to pass signifi- 
cant current, it is typically packaged in a small format. 
The graph squares in the photograph each measure 0.1: 
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How It Works 


Figure 2-3 shows a circuit that demonstrates the 
conductive behavior of a diac. 





41N4001 


A70K 






Meter 
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115VAC 1K 
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Figure 2-3. A test circuit to demonstrate the behavior of a 
diac. See text for details. 


When the pushbutton is held down, current from 
the positive side of the AC supply flows through 
the diode and the 470K resistor to the capacitor. 
The diac is not yet conductive, so the capacitor 
accumulates a potential that can be monitored 
with the volt meter. After about 30 seconds, the 
charge on the capacitor reaches 32V. This is the 
breakover voltage for this particular diac, so it 
becomes conductive. The positive side of the ca- 
pacitor can now discharge through the diac and 
the 1K series resistor to ground. 


If the pushbutton is released at this moment, the 
meter will show that the capacitor discharges to 
a potential below the holding level of the diac. 
The capacitor now stops discharging because 
the diac has ceased being conductive. 


If the pushbutton is held down constantly, the 
meter will show the capacitor charging and then 
discharging through the diac repeatedly, so that 
the circuit behaves as a relaxation oscillator. The 
1K series resistor is included to protect the diac 
from excessive current. If astandard quarter-watt 
resistor is used, it should not become unduly 
warm because current passes through it only 
intermittently. 





12 Encyclopedia of Electronic Components Volume 2 


discrete semiconductor > thyristor > diac 


e Because this circuit uses 115VAC, basic pre- 
cautions should be taken. The fuse should 
not be omitted, the capacitor should be rat- 
ed for at least 50V, and the circuit should not 
be touched while it is connected to the pow- 
er source. Breadboarding a circuit using this 
voltage requires caution and experience, as 
wires can easily come loose, and compo- 
nents can be touched accidentally while 
they are live. 


Figure 2-4 shows the test circuit on a breadboard. 
The red and blue leads at the top of the photo- 
graph are from a fused 115VAC power supply. 
The live side of the supply passes through a diode 
to a pushbutton switch that has a rectangular 
black cap. A 470K resistor connects the other side 
of the switch to the positive side of a 100uUF elec- 
trolytic capacitor, and also to the diac (small blue 
component). A 1K resistor connects the other 
end of the diac back to the negative side of the 
capacitor, which is grounded. The yellow and 
blue wires leaving the photograph at the left are 
connected with a volt meter, which is not shown. 





Figure 2-4. A breadboarded version of the diac test cir- 
cuit. See text for details. 


The behavior of a diac is also illustrated in 
Figure 2-5, which can be compared with the 
curves in Figures 3-10 and 1-8, depicting the be- 
havior of a triac and an SCR respectively. 


Variants 
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Figure 2-5. The curve shows current passing through a 
diac when various voltages are applied. 


Switching AC 

The diac cannot function as a switch, because it 
lacks the third terminal which is found in a triac, 
an SCR, or a bipolar transistor. However, it is well 
suited to drive the gate of a triac, because the 
behavior of a diac is symmetrical in response to 
opposite voltages, while the triac is not. If an AC 
voltage applied to a diac is adjusted with a po- 
tentiometer in an RC circuit, the diac will pass 
along a portion of each positive or negative 
pulse, and will delay it by a brief amount of time 
determined by the value of the capacitor in the 
RC circuit and the setting of the potentiometer. 
This is known as phase control, as it controls the 
phase angle at which the diac allows current to 
flow. 


See Figure 3-13 for a schematic showing a diac 
driving a triac. See Figures 1-14 and 3-11 for 
graphs illustrating phase control. See “Phase 
Control” for a discussion of phase in AC wave- 
forms. 


Variants 


Diacs are available in through-hole and surface- 
mount formats. Because they are not intended 
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Values 


to handle significant current, no heat sink is 
included. 


A sidac behaves very similarly to a diac, its name 
being derived from “silicon diode for alternating 
current.’ Its primary difference from generic di- 
acs is that it is designed to reach its breakover 
voltage at a higher value, typically 120VAC or 
240VAC. 


Values 





When performing its function to trigger a triac, a 
diac is unlikely to pass more than 100mA. 


The breakover voltage of a diac is usually be- 
tween 30V and 40V, with a few versions designed 
for up to 70V. When the diac starts to conduct, its 
on-state impedance is sufficient to reduce the 
voltage significantly, with 5V being a typical min- 
imum output voltage. 


Although the rise time when a diac responds is 
very brief (around 1s), the component is not ex- 
pected to run at a high frequency. It will normally 
be used with 50Hz or 60Hz AC to trigger a triac. 
For this reason, its repetitive peak on-state cur- 
rent is usually specified at no more than 120Hz. 


Abbreviations in datasheets are likely to include: 


Vgo Breakover voltage (sometimes may be 
specified as latching voltage, which fora diac 
is the same thing). 


Vgo1- Vpo2 Breakover voltage symmetry. The 
hyphen is intended as a minus sign, so that 
this value is the maximum difference be- 
tween breakover voltage in each direction. 


Vo Minimum output voltage. 


Itzm Repetitive peak on-state current. 


Igo Breakover current, usually the maximum 
required, and less than 20UA. 
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e Iz Maximum leakage current, usually less 
than 20uA. 


e T, Operating junction temperature, usually 
expressed as an acceptable range. 


What Can Go Wrong 


Like other semiconductors, a diac is heat sensi- 
tive. Usual precautions should be taken to allow 
sufficient ventilation and heat sinking, especially 
when components are moved from an open pro- 
totyping board to an enclosure in which crowd- 
ing is likely. 





Unexpected Triggering Caused by 
Heat 


On a datasheet, a value for breakover current is 
valid only within a recommended temperature 
range. A buildup of heat can provoke unexpec- 
ted triggering. 


Low-Temperature Effects 

A higher breakover voltage will be required by a 
diac operating at low temperatures, although 
the variation is unlikely to be greater than plus- 
or-minus 2% within a normal operating range. 
Temperature has a much more significant effect 
on atriac. 


Manufacturing Tolerances 


The breakover voltage for a diacis not adjustable, 
and may vary significantly between samples of 
the component that are supposed to be identi- 
cal. The diac is not intended to be used as a pre- 
cision component. In addition, while its break- 
over voltage should be the same in either direc- 
tion, a difference of plus-or-minus 2% is possible 
(1% in some components). 
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A triac is a gate-triggered type of thyristor. Its name was probably derived from the 
phrase “triode for AC,” and because it is not an acronym, it is not usually capitalized. 


A thyristor is defined here as a semiconductor having four or more layers of p-type and 
n-type silicon. Because the thyristor predated integrated circuits, and in its basic form 
consists of a single multilayer semiconductor, it is categorized as a discrete component 
in this encyclopedia. When a thyristor is combined with other components in one pack- 
age (as in a solid-state relay) it is considered to be an integrated circuit. 


Other types of thyristor are the SCR (silicon-controlled rectifier) and the diac, each of 


which has its own entry in this encyclopedia. 


Thyristor variants that are not so widely used, suchas the gate turn-off thyristor (GTO) and 
silicon-controlled switch (SCS), do not have entries here. 


OTHER RELATED COMPONENTS 


¢ SCR (see Chapter 1) 
¢ diac (See Chapter 2) 


What It Does 


The triac is ubiquitous in AC dimmers for inean- 
descent lamps. It is also used to control the 
speed of AC motors and the output of resistive 
heating elements. It is a type of thyristor which 
contains five segments of p-type and n-type sil- 
icon and has three leads, one of them attached 
to a gate that can switch a bidirectional flow of 
current between the other two. Its name was 
originally a trademark, generally thought to be 
derived from the phrase “triode for AC.” A triode 
was a common type of vacuum tube when thyr- 
istors were first introduced in the 1950s. 





By comparison, a diac is a thyristor with only two 
leads, allowing current to flow in either direction 
when the component reaches a breakover volt- 
age. \ts name was probably derived from the 


phrase “diode for AC." It is often used in conjunc- 
tion with a triac. 


An SCR (silicon-controlled rectifier) is a thyristor 
that resembles a triac, as it has three leads, one 
of them a gate. However, it only allows current to 
flow in one direction. 


Symbol Variants 

The schematic symbol for a triac, shown in 
Figure 3-1, resembles two diodes joined togeth- 
er, one of them inverted relative to the other. 
While a triac does not actually consist of two di- 
odes, it is functionally similar, and can pass cur- 
rent in either direction. 
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A2 T2 
, Ww 
Al EA: 
Anode 2 MT2 
Gate G a” 
Anode 1 MT1 


Figure 3-1. The schematic symbol for a triac, with four 
naming conventions that are used for its leads. The differ- 
ent conventions do not indicate any functional difference. 


An appended bent line represents the gate. The 
labels for the other two leads are not standar- 
dized, and can be referred to as Al and A2 (for 
Anode 1 and Anode 2), or T1 and T2 (for Terminal 
1 and Terminal 2), or MT1 and MT2 (for Main Ter- 
minal 1 and Main Terminal 2). The choice of terms 
does not indicate any functional difference. In 
this encyclopedia entry, Al and A2 are used. 


The A1 terminal (or T1, or MT1) is always shown 
closer to the gate than A2 (or T2, or MT2). This 
distinction is important because although the 
triac can pass current in either direction, its be- 
havior is somewhat asymmetrical. 


e Voltages are expressed relative to terminal 
Al (or T1, or MT1, if those terms are used). 


The schematic symbol may be reflected or rota- 
ted, the black triangles may have open centers, 
and the placement of the bent line representing 
the gate may vary. However, terminal A1 is always 
nearer to the gate than terminal A2. 


Figure 3-2 shows 12 of the 16 theoretical possi- 
bilities. All of these variants are functionally iden- 
tical. Occasionally the symbol has a circle around 
it, but this style is now rare. 
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Figure 3-2. Interchangeable variants of the schematic 
symbol for a triac. 


Triacs with various characteristics are shown in 
Figures 3-3, 3-4, and 3-5. 





Figure 3-3. The BTA208X-1000B triac can conduct 8A 
continuous on-state current RMS, and withstands peak 
off-state voltage of up to 1,000V. This is a “snubberless" 
triac. 
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Figure 3-4. The BTBO4-600SL triac can conduct 4A con- 
tinuous on-state current RMS, and withstands peak off- 
state voltage of up to 600V. 





Figure 3-5. The MAC97A6 triac can conduct 0.8A contin- 
uous on-state current RMS, and withstands peak off-state 
voltage of up to 400V. 


How It Works 





When no gate voltage is applied, the triac re- 
mains in a passive state and will block current in 
either direction between A1 and A2, although a 
very small amount of leakage typically occurs. If 
the gate potential becomes sufficiently positive 
or negative relative to terminal A1, current can 
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begin to flow between A1 and A2 in either direc- 
tion. This makes the triac ideal for controlling AC. 


Quadrants 

While a gate voltage is applied, four operating 
modes are possible. In each case, A1 is the refer- 
ence (which can be thought of as being held at 
a neutral ground value). Because the triac is con- 
ducting AC, voltages above and below ground 
will occur. The four modes of operation are often 
referred to as four quadrants, and are typically 
arranged as shown in Figure 3-6. 


In some reference sources (especially education- 
al text books), current is shown with an arrow in- 
dicating a flow of electrons moving from nega- 
tive to positive. Because the type of current flow 
is often undefined, diagrams should be inter- 
preted carefully. In this encyclopedia, current is 
always shown flowing from a more-positive lo- 
cation to a more-negative location. 


Quadrant 1 (upper right) 
A2 is more positive than A1, and the gate is 
more positive than A1. Conventional current 
(positive to negative) will flow from A2 to A1. 
(This behavior is very similar to that of an 
SCR.) 


Quadrant 2 (upper left) 
A2 is more positive than A1, and the gate is 
more negative than A1. Once again, conven- 
tional current (positive to negative) will flow 
from A2 to Al. 


Quadrant 3 (lower left) 
A2 is more negative than A1, and the gate is 
more negative than A1. Conventional cur- 
rent is reversed from A1 to A2. 


Quadrant 4 (lower right) 
A2 is more negative than A1, but the gate is 
more positive than A1. Conventional current 
is reversed from A1 to A2. 


¢ Note that two positive symbols or two 
negative symbols in Figure 3-6 do not 
mean that both locations are of equal 
voltage. They simply mean that these 
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locations are at potentials that are sig- 
nificantly different from A1. 


[2] . 2 
= Al = 


G G = Ai 
A2 I A2 
G = at G = Atl 


Figure 3-6. The “quadrants” of triac behavior. Positive 
and negative symbols indicate which terminal is “more 
positive” or “more negative” than Al. The ground symbol 
represents a potential midway between positive and nega- 
tive. See text for details. 


Suppose that gate current increases gradually. 
When it reaches the gate threshold current of the 
triac, the component starts conducting between 
Aland A2. If the current between A1 and A2 rises 
above the value known as the /atching current, it 
will continue to flow, even if gate current disap- 
pears completely. 


If the self-sustaining current through the triac 
gradually diminishes, while there is no voltage 
applied to the gate, conduction between the 
main terminals will stop spontaneously when it 
falls below a level known as the holding current. 
This behavior is similar to that of an SCR. The triac 
now returns to its original state, blocking current 
until the gate triggers it again. 


The triac is sufficiently sensitive to respond to 
rapid fluctuations, as in 5OHz or 60Hz AC. 
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Threshold, Latching, and Holding 
Current 

Figure 3-7 shows the relationship between the 
gate threshold current, the latching current, and 
holding current. In the upper half of the figure, 
gate current is shown fluctuating until it crosses 
the threshold level. This establishes current flow 
between the main terminals, shown in the lower 
half of the figure. Prior to this moment, a very 
small amount of leakage current occurred 
(shown in the figure, but not to scale). 


In this hypothetical scenario, the triac starts pass- 
ing current between external components—and 
the current exceeds the latching level. Conse- 
quently, gate current can diminish to zero, and 
the triac remains conductive. However, when ex- 
ternal factors cause the current between the 
main terminals to diminish below the holding 
level, the triac abruptly ceases to be conductive, 
and current falls back to the leakage level. 


Triggering 
event 







me 


Gate 
threshold 
current level 


Gate current —»> 


Latching 


level Ye 
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Figure 3-7. The relationship between gate current of a tri- 
ac and the current between its main terminals. See text 
for details. 


Unlike a bipolar transistor, a triac is either “on” 
or “off” and does not function as a current ampli- 
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fier. When it has been triggered, the impedance 
between A1 and A2 is low enough for heat dis- 
sipation to be manageable evenat relatively high 
power levels. 


Triac Testing 

Figure 3-8 shows acircuit which can demonstrate 
the conductive behavior of a triac. For simplicity, 
this circuit is DC powered. In a real application, 
the triac is almost always used with AC. 


412VDC Pi 
10K 1K 
Meter 
(milliamps) 
fe MAC97AG | ao 
-12VDC 
10K 
7 © re 
NEC's 


Figure 3-8. A test circuit to show the behavior of a triac 
when varying positive and negative potentials are applied 
to the gate and to the A2 terminal, relative to Al. 


Note that this circuit requires at least a +12VDC 
and -12VDC power supply (higher values may al- 
so be used). The ground symbol represents a 
midpoint voltage of OVDC, applied to terminal 
A1 of the triac, which is an MAC97A6 or similar. If 
a dual-voltage power supply is unavailable, the 
gate of the triac can be connected directly to 
+12VDC, omitting potentiometer P2; but in this 
case, only two operating modes of the triac can 
be demonstrated by turning potentiometer P1. 


Each potentiometer functions as a voltage divid- 
er between the positive and negative sides of the 
power supply. P1 applies a positive or negative 
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voltage to A2, relative to A1. P2 applies a positive 
or negative voltage to the gate, relative to A1. 


If the test begins with both potentiometers at the 
top ends of their range, Al and G both have a 
positive potential relative to A1, so that the triac 
is now in quadrant 1 of its operating modes. 
Pressing the pushbutton should cause it to start 
conducting current limited by the 1K resistor, 
and the meter should change from measuring 
OmA to around 12mA. If the pushbutton is re- 
leased, the triac should continue to conduct cur- 
rent, because 12mA is above this triac’s latching 
level. If P1 is slowly moved toward the center of 
its range, the current diminishes, ceasing when 
it falls below the holding level. If P1 is now moved 
back to the top of its range, the current will not 
resume until the triac is retriggered with the 
pushbutton. 


The test can be repeated with P1 at the top of its 
range and P2 at the bottom of its range, to op- 
erate the triac in quadrant 2; P1 at the bottom of 
its range and P2 at the bottom of its range, to 
operate the triac in quadrant 3; and P1 at the 
bottom of its range and P2 at the top of its range, 
to operate the triac in quadrant 4. The function- 
ality should be the same in each case. The push- 
button will initiate a flow of current, which will 
diminish when P1 is turned toward the center of 
its range. 


In any of these quadrants, P2 can be turned slow- 
ly toward the center of its range while the push- 
button is pressed repeatedly. This will allow em- 
pirical determination of the gate threshold cur- 
rent for this triac. The meter, measuring milli- 
amps, will measure the current if it is inserted 
between the wiper of the potentiometer and the 
gate of the triac. 


The test circuit is shown installed on a bread- 
board in Figure 3-9. In this photograph, the red 
and blue wires at left supply +12VDC and -12VDC 
relative to the black ground wire at top right. The 
yellow and green wires connect with a meter set 
to measure milliamps. The red button is a tactile 
switch, while the MAC97A6 triac is just above it 
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and to the left. The square blue 10K trimmers are 
set to opposite ends of their scales, so that the 
meter will show current flowing when the tactile 
switch is pressed. 





Figure 3-9. A breadboarded triac test circuit. 


Breakover Voltage 

Ifa much higher voltage is applied to A2, the triac 
can be forced to conduct current without any 
triggering voltage being applied to the gate. This 
occurs when the potential between A1 and A2 
reaches the triac’s breakover voltage, although 
the component is not designed to be used this 
way. The concept is illustrated in Figure 3-10, 
which can be compared with the behavior of an 
SCR illustrated in Figure 1-8 and the behavior of 
a diac shown in Figure 2-5. While the term break- 
down voltage defines the minimum reverse volt- 
age required to force a diode to conduct, break- 
over voltage refers to the minimum forward volt- 
age that has this effect. Because a triac is de- 
signed to conduct in both directions, it can be 
thought of as having a breakover voltage in both 
directions. 


In Figure 3-10, the numbers in yellow squares are 
the quadrants referred to in Figure 3-6. The solid 
curve represents current flow if a triggering volt- 
age is applied to the gate while a positive or neg- 
ative potential is applied to A2, relative to A1. If 
the gate is not triggered while the voltage be- 
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tween A1 and A2 gradually increases, the dashed 
section of the curve illustrates the outcome 
when the component reaches breakover volt- 
age. Although this may not damage the triac, the 
component becomes uncontrollable. 


e In normal usage, the voltage between A1 
and A2 should not be allowed to reach break- 
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Figure 3-10. The solid curve shows current passing be- 
tween Al and A2 in a hypothetical triac, for varying voltag- 
es, while triggering voltage is applied to the gate. The 
dashed curve assumes that no triggering voltage is ap- 
plied to the gate. The numbers in yellow squares are the 
quadrants of triac operation. 


Switching AC 

“Switching” AC with a triac means interrupting 
each pulse of current so that only a portion of it 
is conducted through to the load. Usually this is 
done with the triac functioning in quadrants 1 
and 3. In quadrant 3, the polarity of the flow be- 
tween A1 and A2 is opposite to that in quadrant 
1, and the gate voltage is also reversed. This 
enables a relatively simple circuit to control the 
duration of each half-cycle passing through the 
triac. The theory of this circuit is shown in 
Figure 3-11. 
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Figure 3-11. To moderate the power of AC current, a triac 
can block a section of each AC pulse. 


The upper section of Figure 3-11 shows alternat- 
ing voltage to the triacin green. The purple curve 
represents the gate current of the triac, reduced 
by a variable resistor. (The figure is for conceptual 
purposes only; the alternating power supply 
voltage and the fluctuating gate current cannot 
actually share the same vertical scale of a graph.) 


Figure 3-11 can be compared with Figure 3-7, ex- 
cept thatthe negative threshold level forthe gate 
is now shown as well as the positive threshold 
level. Remember, either a positive or negative 
voltage can activate the gate. 


In Figure 3-11, initially the triac is nonconductive. 
As time passes, the gate current reaches the 
threshold level, and this triggering event enables 
current to flow between the main terminals of 
the triac, as shown in the lower part of the figure. 
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This current exceeds the latching level, so it con- 
tinues to flow, even though the gate current di- 
minishes below its threshold level. Finally the 
current between the main terminals falls below 
the holding level, at which point the triac stops 
conducting. It waits for the next triggering event, 
which occurs as the power supply swings to 
negative. 


This simple system blocks a section of each AC 
pulse, which will vary in length depending how 
muchcurrentis allowed to flow through the gate. 
Because the blocking process occurs rapidly, we 
notice only the reduced overall power passing 
through the triac (in terms of the brightness of a 
light, the heat emitted by a resistive element, or 
the speed of a motor). 


Unfortunately, there is a problem in this scenario: 
the triac does not quite behave symmetrically. Its 
gate threshold level for positive current is not 
exactly equal and opposite to its gate threshold 
level for negative current. The upper part of 
Figure 3-11 shows this flaw in the differing verti- 
cal offsets of the positive and negative thresh- 
olds from the central zero line. 


The result is that negative AC pulses through the 
triac are shorter than positive pulses. This asym- 
metry produces harmonics and noise that can 
feed back into power supply wiring, interfering 
with other electronic equipment. The actual dis- 
parities in gate response, in each quadrant of op- 
eration for two triacs, are shown in Figure 3-12. 


bCoMotolatelt ies Maco t-lah/-mcomeler-lelc- pian & 
Rr ic 2.5 2.7 
15 14 3.1 


Figure 3-12. Because the internal structure of a triac is 
asymmetrical, it requires a different trigger current in 
each of its operating quadrants. This table, derived from a 
Littelfuse technical briefing document, shows the ratio of 
the minimum trigger current in quadrants 2, 3, and 4 rela- 
tive to quadrant 1. 
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See Figure 1-14 for a graph illustrating phase 
control in the SCR. See “Phase Control” fora dis- 
cussion of phase in AC waveforms generally. 


Triac Triggered by a Diac 

The problem of asymmetrical triggering can be 
overcome if the triac is triggered with a voltage 
pulse generated by another component that 
does behave symmetrically. The other compo- 
nent is almost always a diac, which is another 
type of thyristor. Unlike an SCR or a triac, it has 
no gate. It is designed to be pushed beyond its 
breakover voltage, at which point it latches and 
will continue to conduct until current flowing 
through it diminishes below its holding level. See 
Chapter 2 for more information about the diac. 


In Figure 3-13, the diac is shown to the right of 
the triac, and is driven by a simple RC network 
consisting of a fixed resistor, a potentiometer, 
and a capacitor. (In an actual application, the RC 
network may be slightly more complex.) The ca- 
pacitor takes a small amount of time to charge 
during each half-cycle of AC. The length of this 
delay is adjusted by the potentiometer, and de- 
termines the point in each AC half-cycle when 
the voltage to the diac reaches breakover level. 
Because the delay affects the phase of the AC, 
this adjustment is known as phase control. 


As the voltage exceeds breakover level, the diac 
starts to pass current through to the gate of the 
triac, and triggers it. The holding level of the diac 
is lower than its latching level, so it continues to 
pass current while the capacitor discharges and 
the voltage diminishes. When the current falls 
below the holding level, the diac stops conduct- 
ing, ready for the next cycle. Meanwhile, the triac 
continues to pass current until the AC voltage 
dips below its holding level. At this point, the triac 
becomes nonconductive until it is triggered 
again. 


This chopped waveform will still create some 
harmonics, which are suppressed by the coil and 
capacitor at the left side of the circuit in 
Figure 3-13. 
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Figure 3-13. A minimal schematic showing typical opera- 
tion of a triac, with a diac supplying pulses to the triac 
gate. The potentiometer adjusts the delay created by the 
capacitor. 


Other Triac Drivers 


It is possible, although unusual, to drive a triac 
from a source other than a diac. 


Simple on-off control can be achieved by using 
a special optocoupler such as the MOC3162 by 
Fairchild Semiconductor. This emits a switching 
signal to a triac only when the AC voltage passes 
through zero. A zero cross circuit is desirable be- 
cause it creates much less interference. The use 
of an optocoupler helps to isolate the triac from 
other components.(((“Zero cross circuit”) 


Phase control can be achieved using an opto- 
coupler such as the H11L1, which can be driven 
by rectified but unsmoothed AC after it passes 
through a Zener diode to limit the voltage. The 
output from the optocoupler is logic-compatible 
and can be connected with the input to a timer 
suchas the 555, set to one-shot mode. Each pulse 
from the timer passes through another optocou- 
plersuch as the MOC3023, which uses an internal 
LED to trigger the gate of a triac. 


Yet another possibility is to use the programmed 
output from a microcontroller, through an opto- 
coupler, to control the gate of a triac. An online 
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search for the terms “microcontroller” and “triac” 
will provide some additional suggestions. 


Charge Storage 

While switching AC, the internal charge between 
A1 and A2 inside the triac requires time to dissi- 
pate before the reverse voltage is applied; other- 
wise, charge storage occurs, and the component 
may start to conduct continuously. For this rea- 
son, the triac is normally restricted to relatively 
low frequencies such as domestic 60Hz AC 
power. 


When a triac controls a motor, the phase lag be- 
tween voltage and current associated with an in- 
ductive load can interfere with the triac’s need 
foratransitional moment between a positive and 
negative voltage cycle. In a datasheet, the term 
commutating dv/dt defines the rate of rise of op- 
posite polarity voltage that the triac can with- 
stand without locking into a continuous-on 
state. 


An RC snubber network is often wired in parallel 
with A1 and A2 to control the rise time of voltage 
to the triac, as shown within the darker blue rec- 
tangle in Figure 3-14, where a resistor and ca- 
pacitor have been added just to the left of the 
triac. The highest resistance and lowest capaci- 
tance, consistent with trouble-free operation, 
should be chosen. Typical values are 470 to 
1000 for the resistor, and 0.01pF to 0.1uF for the 
capacitor. 


Variants 





Triacs are available in through-hole and surface- 
mount packages. 


Some components that are referred to as triacs 
actually contain two SCR components of oppo- 
site polarity. The “alternistor” range from Littel- 
fuse is an example. The SCR will tolerate faster 
voltage rise times than a conventional triac, and 
is more suitable for driving inductive loads such 
as large motors. 


Variants 





Figure 3-14. To prevent a triac from locking itself into a 
continuous-on state while driving an inductive load such 
as a motor, a snubber circuit can be added (shown here 
as a resistor and capacitor in the darker blue rectangle to 
the left of the triac). 


A snubberless triac, as its name implies, is de- 
signed to drive an inductive load without need 
for a snubber circuit. An example is the 
STMicroelectronics BTA24. Datasheets for this 
type of component impose some limits that may 
be stricter than for a generic triac. 


Values 





Surface-mount triacs are typically rated between 
2A to 25A of switched AC current (RMS), the 
higher-current versions being as large as 10mm 
square. The necessary gate trigger voltage may 
range from 0.7V to 1.5V. Through-hole packages 
may be capable of slightly higher currents (up to 
40A), with gate trigger voltages of 1V to 2.5V be- 
ing common. 


As noted previously, the majority of triacs are re- 
stricted to relatively low frequency switching, 
60Hz being very common. 


Abbreviations in datasheets are likely to include: 


¢ Vprm OF Verm Peak repetitive reverse off-state 
voltage. The maximum reverse voltage that 
the component will withstand in its “off” 
state without experiencing damage or al- 
lowing current to pass. 
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Vim The maximum voltage difference be- 
tween A1 and A2, measured with a short 
pulse width and low duty cycle. 


Vert Gate trigger voltage necessary to pro- 
duce the gate trigger current. 


Ippm Peak repetitive blocking current (ie., 
maximum leakage). 


Igqm Maximum gate current. 


Ig Minimum gate trigger current. 


I Holding current. 


|, Latching current. 


lrams) On-state RMS current. The maximum 
value passing through the component on a 
continuous basis. 


Its Maximum non-repetitive surge current. 


Specified at a stated pulse width, usually 60 
Hz. 


Tc Case temperature, usually expressed as an 
acceptable range. 


Ty Operating junction temperature, usually 
expressed as an acceptable range. 


What Can Go Wrong 


Like other semiconductors, a triac is heat sensi- 
tive. Usual precautions should be taken to allow 
sufficient ventilation and heat sinking, especially 
when components are moved from an open pro- 
totyping board to an enclosure in which crowd- 
ing is likely. 





Unexpected Triggering Caused 
by Heat 


On a datasheet, a value for triggering current is 
valid only within a recommended temperature 
range. A buildup of heat can provoke unexpec- 
ted triggering. 
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Low-Temperature Effects 

Significantly higher gate current will be required 
by a triac operating at low temperatures. It is 
quite possible that the component will need 
twice as much current at 25° C compared with 
100°C, junction temperature. If the triac receives 
insufficient current, it will not turn on. 


Wrong Type of Load 


If an incandescent lamp is replaced with a flu- 
orescent light or LED area lighting, a pre- 
existing triac may no longer work as a dimmer. 
Fluorescent lamps will have some inductance, 
and may also provide a capacitive load, either of 
which will interfere with the normal behavior of 
a triac. 


The light output of an LED varies very differently 
compared with the light output of an incandes- 
cent bulb, in response to reduction in power. 
Therefore an LED should be dimmed using pulse- 
width modulation that is appropriate for its out- 
put characteristics. A triac is generally not 
suitable. 


Wrongly Identified Terminals 

A triac is often thought of as a symmetrical de- 
vice, because it is designed to switch AC current 
using either positive or negative voltage at the 
gate. In reality, its behavior is asymmetrical, and 
if it is installed “the wrong way around” it may 
function erratically or not at all. 


Failure to Switch Off 

As already noted (see “Charge Storage” on page 
23), a triac will tend to suffer from charge stor- 
age if there is insufficient time between the end 
of one half-cycle and the beginning of the next. 
A component that works with a resistive load 
may cease to function if it is used, instead, to 
power an inductive load. 





24 Encyclopedia of Electronic Components Volume 2 


integrated circuit > analog > solid-state relay 


solid-state relay 


yA 


—" 


A solid-state relay is less-commonly referred to by its acronym, SSR. It is sometimes 
regarded as an optocoupler, but in this encyclopedia the two components have sepa- 
rate entries. An optocoupler is a relatively simple device consisting of a light source 
(usually an LED) and alight sensor, in one package. It is used primarily for isolation rather 
than to switch a high current. A solid-state relay can be thought of as a substitute for an 
electromagnetic relay, usually has additional components in its package, and is intend- 


ed to switch currents of at least 1A. 


A component that works like a solid-state relay but only switches a 5V (or lower) logic 
signal may be referred to as a switch, even though it is entirely solid-state. This type of 
componentisincluded in this entry because it functions so similarly to a solid-state relay. 


OTHER RELATED COMPONENTS 


- electromagnetic relay (See Volume 1) 
¢ optocoupler (see Chapter 5) 


What It Does 


A solid-state relay (SSR) is a semiconductor 
package that emulates an electromagnetic re- 
lay (see Volume 1). It switches power on or off 
between its output terminals in response to a 
smaller current and voltage between its input 
terminals. Variants can switch AC or DC and may 
be controlled by AC or DC. An SSR functions as a 
SPST switch, and is available in normally open or 
normally closed versions. SSRs that function as 
an SPDT switch are relatively unusual and actual- 
ly contain more than one SSR. 





No single schematic symbol has been adopted 
to represent a solid-state relay, but some alter- 
natives are shown in Figure 4-1: 


Top 
An unusually detailed depiction of an SSR 
that switches DC current using MOSFETS. 
Symbols for this device often omit the diodes 


on the output side and may simplify the 
MOSFET symbols. 


Bottom left 
An SSR that uses an internal triac to switch 
AC. The box labeled Ox indicates that this is 
a zero-crossing relay, meaning that it 
switches when alternating voltage crosses 
the OV level from positive to negative or neg- 
ative to positive. 


Bottom right 
A generic SSR, showing a symbol for a nor- 
mally open relay, although whether it is de- 
signed for AC or DC is unclear. 


Advantages 


¢ Great reliability and long life. 


e No physical contacts that are vulnerable to 
arcing and erosion or (under extreme con- 
ditions) that could weld themselves 
together. 
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How It Works 


e Very fast response, typically 1s on and 0.5us 
off. 


e Very low power consumption on the input 
side, as low as 5mA at 5VDC. Many solid-state 
relays can be driven directly from logic chips. 


e Lack of mechanical noise. 
e No contact bounce; a clean output signal. 


e No coil that would introduce back EMF into 
the circuit. 


e Safe with flammable vapors, as there is no 
sparking of contacts. 


e Often smaller than a comparable electro- 
magnetic relay. 


e Insensitive to vibration. 


e Safer for switching high voltages, as there is 
complete internal separation between input 
and output. 


e Some variants work with input control vol- 
tages as low as 1.5VDC. Electromagnetic re- 
lays typically require at least 3VDC (or more, 
where larger relays are required to switch 
higher currents). 


Disadvantages 


¢ Less efficient; its internal impedance intro- 
duces a fixed-value voltage drop on the out- 
put side (although this may be negligible 
when switching higher voltages). 


e Generates waste heat in its “on” mode, in ac- 
cordance with the voltage drop. 


e Passes some /eakage current (usually meas- 
ured in microamps) on the output side when 
the relay is supposed to be “off.” 


e ADC solid-state relay usually requires obser- 
vation of polarity on the output side. An 
electromagnetic relay does not. 


¢ Brief voltage spikes on the input side, which 
would be ignored by a slower electromag- 
netic relay, may trigger a solid-state relay. 
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e More vulnerable than an electromagnetic 
relay to surges and spikes in the current that 
is switched on the output side. 





Figure 4-1. Schematic symbols for solid-state relays have 
not been standardized. See text for details. 


How It Works 


Almost all modern SSRs contain an internal LED 
(light-emitting diode, see Chapter 22) which is 
switched on by the control input. Infrared light 
from the LED is detected by a sensor consisting 
of one or more phototransistors or photodio- 
des. |narelay that controls DC current, the sensor 
usually switches a MOSFET (see Volume 1) or an 
SCR (silicon-controlled rectifier—see Chapter 1). 
In relays that control AC current, a triac (see 
Chapter 3) controls the output. Because theinput 
side and the output side of the SSR are linked only 
by a light signal, they are electrically isolated 
from each other. 
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The MOSFETs require so little power, it can be 
provided entirely by light falling on an array of 
20 or more photodiodes inside the SSR package. 


Typical solid-state relays are shown in Figures 4-2 
and 4-3. 





Figure 4-2. A solid-state relay capable of switching up to 
7A DC. See text for a detailed description. 


The Crydom DC60S7 accepts a control voltage 
ranging from 3.5VDC to 32VDC, with a typical in- 
put current of less than 3mA. Maximum turn-on 
time is 0.1ms and maximum turn-off time is 
0.3ms. This relay can switch up to 7A and toler- 
ates a surge of up to twice that current. It imposes 
a voltage drop of as much as 1.7VDC, which can 
become a drawback when switching voltages 
that are significantly lower than its maximum 
60VDC. The electronics are sealed in thermally 
conductive epoxy, mounted ona metal plate ap- 
proximately 1/8” thick which can be screwed 
down onto an additional heat sink. 


The Crydom CMX60D10 tolerates a more limited 
range of control voltages (3VDC to 10VDC) and 
requires a higher input current of 15mA at 5VDC. 
However, its very low maximum on-state resist- 
ance of 0.0180 imposes a much smaller voltage 
drop of less than 0.2 volts when passing 10A. This 
results in less waste heat and enables a single- 
inline package (SIP) without a heat sink. The 


Variants 


CMX60D10 weighs 0.4 ounces, as opposed to the 
3 ounces of the DC60S7. Relays from other man- 
ufacturers use similar packaging and have similar 
specifications. 





Figure 4-3. A solid-state relay capable of switching up to 
10A. Its lower internal resistance results in less waste heat 
and enables a smaller package. See text for a detailed 
description. 


Variants 





Many solid-state relays have protective compo- 
nents built into the package, such asa varistor on 
the output side to absorb transients. Check 
datasheets carefully to determine how much 
protection from external components may be 
necessary when switching an inductive load. 


Instantaneous versus 

Zero Crossing 

A zero crossing SSR is one that (a) switches AC 
current and (b) will not switch “on” until the in- 
stant when the AC voltage crosses through OV. 
The advantages of this type are that it does not 
have to be built to switch such a high current, 
and creates minimal voltage spike when the 
switching occurs. 


All SSRs that are designed to switch AC will wait 
for the next voltage zero crossing before switch- 
ing to their “off” state. 
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Variants 


NC and NO Modes 


Solid-state relays are SPST devices, but different 
models may have a normally closed or normally 
open output. If you require double-throw oper- 
ation, two relays can be combined, one normally 
closed, the other normally open. See Figure 4-4. 
A few manufacturers combine a normally closed 
relay and a normally open relay in one package, 
to emulate a SPDT relay. 


Switching 
Signal 





Power 


Switched Power Output 


Figure 4-4. A normally closed solid-state relay can be 
paired with a normally open solid-state relay to emulate a 
SPDT switch. This combination is available in a single 
package from some manufacturers. 


Packaging 

High-current solid-state relays are often pack- 
aged with screw terminals and a metal base that 
is appropriate for mating with a heat sink. Some 
are sold with heat sinks integrated. Spade termi- 
nals and crimp terminals may be optional. The 
Crydom DC60S7 shown in Figure 4-2 is an exam- 
ple. This type of package may be referred to as 
industrial mount. 


Lower-current solid-state relays (5A or less), and 
those with a very low output resistance, may be 
packaged with single-inline pins for through- 
hole mounting in circuit boards. 


Solid-State Analog Switch 

DIP packaging may be used for solid-state relays 
that are designed for compatibility with the low 
voltages and currents of logic chips. This type of 
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component may be referred to simply as a 
switch. The 74HC4316 is an example, pictured in 
Figure 4-5. 





Figure 4-5. This DIP package contains four “switches” 
that function as solid-state relays but are restricted to low 
voltages and currents, compatible with logic chips. See 
text for details. 


Typically the control voltage and the switched 
voltage are limited between +7V and —7V, with 
a maximum output current of 25mA. Each inter- 
nal switch has its own Control pin, while an ad- 
ditional Enable pin forces all switches into an 
“off” state if its logic state is high. The simplified 
functionality of this component is illustrated in 
Figure 4-6, without showing internal optical 
isolation. 


The “on” resistance of each internal pathway will 
be approximately 2000 when the component is 
powered with +5VDC on the positive side and 
OVDC on the negative side. This resistance drops 
to 1000 if the negative power supply is -5VDC. 


If all of the outputs from the chip are shorted to- 
gether, it functions as a multiplexer (see Chap- 
ter 16). In fact, this type of switch component is 
often listed in catalogs as a multiplexer, even 
though it has other applications. 


Because the component tolerates equal and op- 
posite input voltages, it is capable of switching 
AC. 
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Input A 
Control A 


Output A 


Input B 
Control B 


Output B 


Input C Output C 


Control C 


Input D 
Control D 


Output D 


Enable 





Figure 4-6. The functionality of a chip containing four 
solid-state analog switches. A high state on a Control pin 
closes its associated switch. The Enable pin must be held 
low for normal operation; a high Enable state forces all the 
switches into the “off” position. If the outputs are tied to- 
gether, this component can function as a multiplexer. 


Values 





Industrial-mount solid-state relays typically can 
switch currents ranging from 5A to 500A, with 
50A being very common. The higher-current re- 
lays mostly require DC control voltage; 4V to 32V 
are typical, although some versions can go much 
higher. They contain an SCR or triac to switch AC. 


Smaller solid-state relays in SIP, DIP, or surface- 
mount packages often use MOSFETs on the out- 
put side, and are often capable of switching up 
to 2A or 3A. Some can switch either AC or DC, 
depending on the way the output is wired. The 
LED on the input side may require as little as 3mA 
to 5mA for triggering. 


How to Use It 


Solid-state relays find their primary uses in tele- 
communications equipment, industrial control 
systems and signalling, and security systems. 





Values 


The component is very simple externally. Power 
on the input side can come from any source ca- 
pable of delivering the voltage and current speci- 
fied by the manufacturer, and any device that 
doesn’t exceed maximum current rating can be 
connected to the output side, so long as provi- 
sion is made for suppressing back-EMF from an 
inductive load, as shown in Figure 4-7. Often a 
solid-state relay can be substituted directly for an 
electromagnetic relay, without modifying the 
circuit. 





Figure 4-7. Use of a diode around an inductive load, to 
protect a solid-state relay from back-EMF. 


Solid-state relays are heat sensitive, and their rat- 
ing for switching current will diminish as their 
temperature increases. Manufacturer datasheets 
will provide specific guidance. Using a heat sink 
will greatly improve the performance. Bear in 
mind that the relay generates heat continuously 
while it is in its “on” mode—about 1 watt per 
ampere. 


Because it requires so little current on the input 
side (typically no more than 15mA), a solid-state 
relay can usually be driven directly by chips such 
as microcontrollers that would not be able to ac- 
tivate an equivalent electromagnetic relay. 


Applications may take advantage of the solid- 
state relay’s reliability, immunity to vibration, 
lack of contact sparking, freedom from coil- 
induced surges on the input side, and lack of 
contact bounce on the output side. A solid-state 
relay is ideal within digital equipment that is sen- 
sitive to power spikes. It may switch a fuel pump 
that handles volatile, flammable liquids, or a 
wastewater pump in a basement subject to 
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What Can Go Wrong 


flooding (where long-term zero-maintenance re- 
liability is necessary, and contact corrosion could 
be a risk in electromagnetic relays). Small solid- 
state relays can switch motors in robots or appli- 
ances where vibration is common, and are often 
used in arcade games. 


What Can Go Wrong 





Overheating Caused 

by Overloading 

Relays must be derated when used at operating 
temperatures above the typical 20 or 25° C for 
which their specification applies. In other words, 
the sustained operating current must be re- 
duced, usually by an amount such as 20% to 30% 
for each 10-degree increase in ambient temper- 
ature. Failure to observe this rule may result in 
failure of the component. Burnout may also oc- 
cur if a high-current solid-state relay is used 
without a heat sink, or the heat sink isn’t big 
enough, or thermal compound is not applied be- 
tween the solid-state relay and the heat sink. 


Overheating Caused by Bad 
Terminal Contact 

If the screw terminals on the output side of a 
high-current solid-state relay are not tightened 
sufficiently, or if there is a loose spade terminal, 
or if a crimped connection isn't crimped tightly 
enough, the poor contact will create electrical 
resistance, and at high currents, the resistance 
will create heat, which can cause the solid-state 
relay to overheat and burn out. 


Overheating Caused by Changing 
Duty Cycle 

If a high-current solid-state relay is chosen for an 
application where it is in its “on” state only half 
the time, but the application changes during 
product development so that the solid-state re- 
lay is in its “on” state almost all the time, it will 
have to dissippate almost twice as much heat. 
Any time the duty cycle is changed, heat should 
be considered. The possibility of the relay being 
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used in an unconventional or unexpected man- 
ner should also be considered. 


Overheating Caused by 
Component Crowding 

Overheating increases dramatically when com- 
ponents are tightly crowded. At least 2cm (3/4”) 
should be allowed between components. 


Overheating in Dual Packaging 
When a package contains two solid-state relays, 
the additive effects of the heat created by each 
of them must be considered. 


Reverse-Voltage Burnout 


Because a solid-state relay is more sensitive to 
back-EMF than an electromagnetic relay, greater 
care should be used to protect it from reverse 
voltage when switching inductive loads. A pro- 
tection diode should be used, and a snubber can 
be added between its output terminals, if it is not 
included inside the relay package. 


Low Voltage Output Current May 
Not Work 

Unlike electromagnetic relays, solid-state relays 
require some voltage on the output side to en- 
able their internal operation. If there is no volt- 
age, or only a very low voltage, the SSR may not 
respond to an input. The minimum voltage re- 
quired on the output side is usually specified in 
a datasheet. 


To test a solid-state relay, apply actual voltages 
oninput and output sides and usea load such as 
an incandescent light bulb. Merely applying a 
meter on the output side, set to measure con- 
tinuity, may not provide sufficient voltage to en- 
able the relay to function, creating the erroneous 
impression that it has failed. 


Inability to Measure AC Output 

When a multimeter is used to test continuity 
across the output of an AC-switching solid-state 
relay of zero-crossing specification, the meter 
will generate enough voltage to prevent the 
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solid-state relay from finding zero voltage across 
its output terminals, and consequently the solid- 
state relay won't switch its output. 


Relay Turns On but Won’t Turn Off 


When a solid-state relay controls a relatively 
high-impedance load such as a small solenoid 
(see Volume 1) or a neon bulb (see Chapter 19), 
the relay may switch the device on but will seem 
unable to switch it off. This is because the leakage 
current of the solid-state relay, in its “off” state, 
may be just enough to maintain the load in its 
“on” state. 


If an SSR containing a triac is used erroneously to 
switch DC, it will not be able to switch off the 
current. 


Relays in Parallel Won’t Work 


Two solid-state relays usually cannot be used in 
parallel to switch twice as much current. Because 
of small manufacturing variances, one relay will 
switch on a moment before the other. When the 
first relay is on, it will divert the load current away 
from the second relay. The second relay needs a 
small amount of current on its output side, to 
function. Without any current, it will not switch 


What Can Go Wrong 


on. This means the first relay will pass the total 
current without any help from the second relay, 
and will probably burn out, while the second re- 
lay does nothing. 


Output Device Doesn’t Run at 

Full Power 

A solid-state relay imposes a voltage reduction 
onits output side. This will be a fixed amount, not 
a percentage. When switching 110V, this differ- 
ence may be negligible; when switching 12V, it 
may deliver only 10.5V, which represents enough 
of a drop to cause a motor or a pump to run no- 
ticeably more slowly. The internal switching de- 
vice inside the relay (MOSFET, triac, SSR, or bipo- 
lar transistor) will largely determine the voltage 
drop. Check the manufacturer's datasheet before 
using the relay. 


Solid-State Relays and 

Safety Disconnects 

Because a solid-state relay always allows some 
leakage in its “off” state, it can still deliver a shock 
when used to switch high voltages. For this rea- 
son, it may not be suitablein a safety disconnect. 





Chapter 4 Sl 


integrated circuit > analog > optocoupler 


Sometimes known as an optoelectronic coupler, opto-isolator, photocoupler, or optical 


isolator. 


A solid-state relay is sometimes referred to as an optocoupler, but in this encyclopedia 
it has a separate entry. An optocoupler is a relatively simple device consisting of a light 
source (usually an LED) and a light sensor, both embedded in one package. It is used 
primarily for isolation rather than to switch a high current. A solid-state relay can be 
thought of as a substitute for an electromagnetic relay, usually has additional compo- 
nents in its package, and is intended to switch currents of at least 1A. 


OTHER RELATED COMPONENTS 


¢ electromagnetic relay (see Volume 1) 
¢ solid-state relay (see Chapter 4) 


What It Does 


An optocoupler allows one section of a circuit to 
be electrically isolated from another. It protects 
sensitive components, such as logic chips or a 
microcontroller, from voltage spikes or incom- 
patible voltages in other sections of a circuit. Op- 
tocouplers are also used in medical devices 
where a patient has to be protected from any risk 
of electric shock, and are used in devices which 
conform with the MIDI standard for digital con- 
trol of music components. 





In Figure 5-1, three possible applications for an 
optocoupler are suggested: 


Top 
The output from a logic chip passes through 
an optocoupler to an inductive load such as 
a relay coil, which may create voltage spikes 
that would be hazardous to the chip. 


Center 
The noisy signal from an electromagnetic 
switch passes through an optocoupler to the 
input of a logic chip. 


Bottom 
The low-voltage output from a sensing de- 
vice on a human patient passes through an 
optocoupler to some medical equipment, 
such as an EEG machine, where higher vol- 
tages are used. 


Internally, an optocoupler works on the same 
principle as a solid-state relay. An LED is em- 
bedded on the input side, shining light through 
an interior channel or transparent window to a 
sensing component that is embedded on the 
output side. Because the only internal connec- 
tion is a light beam, the input and output of the 
optocoupler are isolated from each other. 
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How It Works 


Logic Opto- Relay 
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User Opto- Logic 
ms ze 
Patient Opto- Medical 
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Figure 5-1. Possible applications for a photocoupler. See 
text for details. 


Isolation transformers were traditionally used for 
this purpose prior to the 1970s, when optocou- 
plers became competitive. In addition to being 
smaller and cheaper, an optocoupler can also 
pass slow-changing signals or on-off DC states 
which a transformer would ignore. 


More recently, inductive and capacitive coupling 
components have become available in surface- 
mount packages that are competitive with op- 
tocouplers for high-speed data transfer. They al- 
so claim to be more durable. Because of the grad- 
ual reduction in output from an LED, the perfor- 
mance of an optocoupler degrades over time, 
and is typically rated for up to 10 years. 


How It Works 


The LED in an optocoupler almost always emits 
light in the near-infrared part of the spectrum, 
and is matched to the sensitivity of a photo- 
transistor, or a photodiode, or (less often) a 
photoresistor that provides the output. Photo- 
sensitive triacs and SCRs are also sometimes 
used. 





The most common type of optocoupler uses a 
bipolar phototransistor with an open-collector 
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output. Schematic symbols for this type are 
shown in Figure 5-2: 


Top left 
The most common generic form. 


Top right 
Two diodes on the input side allow the use 
of alternating current. 


Center left 
An additional terminal allows addition of 
bias to the photosensitive base of the output 
transistor, to reduce its sensitivity. 


Center right 
An Enable signal can be used as the input to 
the NAND, suppressing or enabling the out- 
put. 


Bottom left 
A photodarlington allows higher emitter cur- 
rent. 


Bottom right 
Relatively uncommon, and is also used for a 
solid-state relay. 


In each symbol, the diode is an LED, and the zig- 
zag arrow indicates light that is emitted from it. 
A pair of straight arrows, or wavy arrows, may al- 
ternatively be used. 


An optocoupler in through-hole DIP format is 
shown in Figure 5-3. 


An optical switch can be thought of as a form of 
optocoupler, as it contains an LED opposite a 
sensor. However, the LED and the sensor are sep- 
arated by an open slot, to allow a thin moving 
object to pass through, interrupting the light 
beam as a means of detecting the event. It is 
categorized as a sensor in this encyclopedia, and 
will be found in Volume 3. 
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Figure 5-2. Six variants of schematic symbols that may 
be used to represent an optocoupler. See text for details. 





Figure 5-3. An optocoupler in through-hole 8-pin DIP 
format. 


Variants 





Internal Sensors 

Historically, a photoresistor (often referred to as 
a photocell) was the first type of sensor to be used. 
It has a more linear response than other sensor 
types, but its response is much slower. It is still 
found in audio applications. “Stomp box” pedals 


Variants 


used by guitarists typically contain an optocou- 
pler that employs a photoresistor, and are valued 
for their linearity and their immunity from the 
mechanical wear, contamination, and “scratchi- 
ness” that builds up over time in a potentiom- 
eter. Optocouplers also eliminate ground loops, 
which tend to be induced by small differences in 
ground potential, introducing hum or buzz in 
audio applications when two or more power 
supplies are tied together. 


The type of optocoupler that contains a photo- 
resistor and is commonly used by musicians was 
initially trademarked as a Vactrol, and that term 
is still used generically. Vactrols have also been 
used to provide audio compression in telephone 
voice networks, and were used in photocopiers 
and photographic exposure meters, but these 
applications are now obsolete. 


Photoresistors are becoming uncommon be- 
cause of their cadmium content, which is unlaw- 
ful in many countries (especially in Europe) be- 
cause of its environmental toxicity. 


A photodiode provides the fastest response time 
in an optocoupler, limited primarily by the char- 
acteristics of the LED that shines light upon it. A 
PIN diode can respond in less than a nanosecond; 
its acronym is derived from its fabrication from 
p-type and n-type semiconductor layers with an 
intrinsic layer connecting them. This additional 
layer can be responsive to light. When the diode 
is slightly reverse-biased, a photon entering the 
intrinsic layer can dislodge an electron, enabling 
current to flow. The reverse bias enlarges the ac- 
tive area and enhances the effect. In this mode, 
the PIN acts like a photoresistor, appearing to re- 
duce its resistance in response to light. 


When the PIN is used in photovoltaic mode, no 
bias is applied, and the component actually gen- 
erates a small voltage (less than 1VDC), like a solar 
cell, in response to incoming light. Where an op- 
tocoupler uses a MOSFET on its output side, as 
many as 30 photodiodes may be connected in 
series to develop the necessary threshold volt- 
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Values 


age to trigger the transistor. This arrangement is 
common in solid-state relays. 


A bipolar phototransistor is a slower-speed de- 
vice but is still usually capable of a 5us response 
time or better. Its open collector requires exter- 
nal voltage and a pull-up resistor to deliver a pos- 
itive output so long as the phototransistor is 
nonconductive. When the LED turns on, the pho- 
totransistor sinks current, effectively creating a 
low output. In this way, the optocoupler func- 
tions like an inverter, although some variants in- 
clude a noninverting output. 


Basic Optocoupler Types 

An optocoupler with high linearity will respond 
more proportionally to variations in current to its 
LED. High Speed optocouplers are used for high- 
frequency data transfer. Logic-output optocou- 
plers have a clean high/low output transition, 
rather than an analog output, which varies with 
fluctuations in the input. Linearity is of impor- 
tance only where an optocoupler is being used 
to transmit an analog signal with some fidelity. 
Some logic-output optocouplers provide the 
function of a Schmitt trigger on their output side. 


While optocouplers are available in various pack- 
age formats, the DIP style with six or eight pins 
remains popular, providing sufficient physical 
space for the LED, the sensor, anda light channel, 
while providing good electrical isolation. 


Variants may have two or four optocouplers com- 
bined in one package. A bidirectional optocou- 
pler may consist of two optocouplers in parallel, 
inverted with respect to each other. 


Values 





In a datasheet, the characteristics of primary im- 
portance in an optocoupler are: 


e CTR is the Current Transfer Ratio, the ratio of 
maximum output current to input current, 
expressed as a percentage. With a bipolar 
phototransistor output, 20% is a typical min- 
imum CTR. With a photodarlington output, 
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the CTR may be 1,000% but the bandwidth 
is much lower—the response time may be 
measured in microseconds rather than 
nanoseconds. Optocouplers with a photo- 
diode output have a very low CTR, and their 
output is in microamps. However, they pro- 
vide the most linear response. 


° Vcemax) is the maximum collector-emitter 
voltage difference (in an optocoupler with a 
bipolar phototransistor output). Values from 
20 to 80 volts are common. 


e Viso is the maximum potential difference, in 
VDC, between the two sides of the optocou- 
pler. 


° Imax is the maximum current the transistor 
can handle, generally in mA. 


e Bandwidth is the maximum transmittable 
signal frequency, often in the range of 20kHz 
to 500kHz. 


The LED inan optocoupler typically requires 5mA 
at a forward voltage of 1.5V to 1.6V. 


The maximum collector current on the output 
side of an optocoupler is unlikely to be higher 
than 200mA. For higher output currents, a solid- 
state relay should be considered. It provides 
photo-isolation on the same basis as an opto- 
coupler, but high-current versions tend to be 
considerably more expensive. 


How to Use It 


The primary purpose of an optocoupler is to pro- 
vide protection against excessive voltage—from 
transients, incompatible power supplies, or 
equipment with unknown characteristics. Ifa de- 
vice is designed to be plugged into a USB port 
on a computer, for instance, the computer may 
be isolated via an optocoupler. 





Aseries resistor for the LED is not built into most 
optocouplers, because the value of the resistor 
will depend on the input voltage that is used. 
Care must be taken to determine what the max- 
imum voltage on the input side will be, and a 
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series resistor should be chosen to reduce cur- 
rent appropriately. Allowance should be made 
for some degradation in the performance of the 
LED over time. 


For an optocoupler with an open-collector out- 
put, a pull-up resistor is necessary in most appli- 
cations. The voltage from the optocoupler must 
be matched to the input requirements of other 
components, and the collector current must re- 
main within the specified limits. Some trial and 
error in resistor selection may be necessary. 


In Figure 5-4, a schematic shows typical compo- 
nent values in a test circuit using a pushbutton 
as input. The separation of the two power sup- 
plies is emphasized by the different color shades 
used for the positive and negative symbols. Al- 
though the input side and the output side of an 
optocoupler may be used with a common 
ground, this defeats its purpose in providing 
complete isolation between the sections of the 
circuit. 


The pinouts for an optocoupler must be checked 
carefully in the manufacturer's datasheet. While 
the input for an 8-pin DIP chip is usually applied 
to pins 2 and 3, the output pin functions are not 
standardized and will vary depending on the in- 
ternal configuration of the chip. An optocoupler 
such as the Optek D804, with an enable function 
using an internal NAND gate, requires its own 
power supply. 


Where an optocoupler allows an external con- 
nection to the base of its internal bipolar output 
phototransistor, reverse bias applied to this pin 
will decrease the sensitivity of the optocoupler 
but can increase its immunity to noise on the in- 
put side. 


What Can Go Wrong 


Overload conditions on the input or the output 
side of an optocoupler will be the most likely 
cause of failure. 





What Can Go Wrong 


Age 

Because optocouplers are typically rated for only 
10 years of average use, the age of a component 
may cause it to fail. 


_L 5VDC 


—2 





Figure 5-4. Typical values for a series resistor (to protect 
the LED) and pull-up resistor (to control current and volt- 
age on the output side) in an optocoupler test circuit. 


LED Burnout 


Because the LED is hidden inside the component, 
there is no immediate indication of its perfor- 
mance. A meter can be inserted into the circuit 
on the input side to determine if current is pass- 
ing through the LED. A meter set to measure volts 
can be used to discover whether the LED is im- 
posing a normal voltage drop. While significant 
overload will cause immediate burnout, slightly 
exceeding the current rating of the LED may have 
more pernicious consequences, as the LED may 
not fail until days or weeks have passed without 
any sign of trouble. The failure of the optocoupler 
will be unexpected and difficult to determine. 


Transistor Burnout 

Here again the damage caused by excessive cur- 
rent may be progressive, occurring over a pro- 
longed period. The easiest way to test an opto- 
coupler that may have failed is by removing it 
from the circuit. A socketed DIP package is pref- 
erable for this purpose. 
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Although a comparator has the same schematic symbol as an op-amp, their applica- 
tions differ and they are described in separate sections of this encyclopedia. 


This entry describes an analog comparator. A digital comparator is very different, being 
alogic chip that compares two binary numbers that can be referred to as Aand B. Outputs 
from the chip indicate whether A>B or A<B or A=B. The digital comparator does not have 


an entry in this encyclopedia. 


OTHER RELATED COMPONENTS 


° op-amp (see Chapter 7) 


What It Does 


A comparator is an integrated circuit chip that 
compares a variable voltage on one input pin 
with a fixed, reference voltage on a second input 
pin. Depending which voltage is higher, the out- 
put from the comparator will be high or low. 





The output will make a clean transition between 
two fixed values, even if the input is infinitely 
variable. Thus the comparator can function as an 
analog-digital converter, as shown in Figure 6-1. 


Because the output voltage range can be adjus- 
ted up or down independently of the input 
range, a comparator can also function as a volt- 
age converter. 


Hysteresis 

If positive feedback is added through external 
resistors, hysteresis can be introduced. We may 
imagine a hysteresis zone extending above and 
below the reference voltage level. Small input 
variations that occur within the zone will be ig- 
nored. The comparator only reacts when the in- 
put signal emerges above or below the hysteresis 
zone. When the input signal returns into the hys- 


teresis zone, this event also will be ignored. The 
concept is illustrated graphically in Figure 6-2. A 
circuit to create hysteresis is shown in 
Figure 6-10. 


How It Works 


The schematic symbol for a comparator is shown 
in Figure 6-3. This seems identical to the symbol 
for an op-amp, described in Chapter 7, but an op- 
amp is traditionally a dual-voltage device using 
positive and negative power sources that are 
equal and opposite, in addition to a zero value 
midway between the two. Modern comparators 
mostly use a conventional single voltage, and 
therefore the negative symbol used in compara- 
tor schematics throughout this section of the en- 
cyclopedia represents 0 volts. It has the same 
meaning as the ground symbol found in many 
schematics elsewhere. 


The two inputs to a comparator are described as 
inverting and noninverting (for reasons explained 
later). Confusingly, these are identified with plus 
and minus symbols inside the triangle that rep- 
resents the component. These plain black-and- 
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How It Works 
white symbols have nothing to do with the pow- 


er supply. 
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Variable Input Voltage =» 
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Output 
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Time > 


Figure 6-1. The basic behavior of a simple comparator is 
shown here. 


Often, in schematics, the power supply is not 
shown, because it is assumed to be present. 
However, all comparators require a power supply 
in order to function. 


The basic internal and external connections used 
in conjunction with a typical comparator are 
shown in Figure 6-4. 


The potentiometer at top left is often a trimmer, 
to fine-tune a reference voltage. The variable in- 
put can come from a sensor or any other device 
capable of delivering a voltage up to the limit set 
by V1. 


The output is often an open collector from an in- 
ternal bipolar transistor, as shown in the figure. 


Note that as many as three different voltages can 
be used, as indicated by the different colors as- 
sociated with V1, V2, and V3. However, they must 
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share a common ground to enable the compa- 
rator to make valid comparisons. 


When the noninverting input exceeds the volt- 
age of the inverting input, the output transistor 
goes into its “off” state, and blocks current from 
an external pullup resistor. Because the current 
from the resistor now has nowhere else to go, it 
is available to drive other devices attached to the 
comparator output, and the output appears to 
be high. 
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Figure 6-2. The performance of a comparator shown in 
the previous figure can be modified by the addition of hys- 
teresis. Small variations that occur within the hysteresis 
zone are ignored. 


When the noninverting input falls below the 
voltage of the inverting input, the transistor be- 
comes conductive, and sinks almost all the cur- 
rent from the pullup resistor, assuming other de- 
vices attached to the output have a relatively 
high impedance. The output from the compara- 
tor now appears to be low. 
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This can be summed up as follows: 


e When a variable voltage is applied to the 
noninverting input, and it rises above the 
reference voltage applied to the inverting in- 
put, the output transistor turns off, and the 
comparator delivers a high output. 


e When a variable voltage is applied to the 
noninverting input, and it falls be/ow the ref- 
erence voltage applied to the inverting in- 
put, the output transistor turns on, and the 
comparator delivers a /ow output. 


Inverting Input 
(positive voltage, 
may be higher or 

lower than V+) 


V+ (positive DC 
power supply) 






Output 
Noninverting Input 
(positive voltage, 
may be higher or 
lower than V+) 


OV (negative 
ground) 


Figure 6-3. The symbol! for a comparator is the same as 
the symbol for an op-amp, even though they often require 
different types of power supply and their functions are sig- 
nificantly different. 
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Figure 6-4. Connections to a comparator, and their 
functions. 


How It Works 


If the reference voltage and the variable voltage 
are swapped between the input pins, the behav- 
ior of the comparator is reversed. This relation- 
ship is illustrated in Figure 6-5. When a voltage 
transition is applied to the inverting input, the 
transition is inverted at the output. 








Reference 


Variable Input 
Low-to-High 





Variable Input 
Low-to-High 


Reference 









Output 
High-to-Low 


Figure 6-5. Depending which input pin is used for the ref- 
erence voltage, and which input carries a variable voltage, 
the comparator output either follows the variable voltage 
or inverts it. 


Placement of the plus and minus signs inside the 
comparator symbol may vary. Most often, the 
minus sign is above the plus sign, as shown in all 
the schematics here. Sometimes, however, for 
convenience in drawing a schematic, the plus 
sign may be shown above the minus sign. Re- 
gardless of their placement, the plus sign always 
identifies the noninverting input, and the minus 
sign always identifies the inverting input. To 
avoid misinterpretations, schematics should be 
inspected carefully. 


Where a power supply for the comparator is 
shown, the positive side is always attached to the 
upper edge of the symbol, while OV ground is 
always attached to the lower edge. 
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Differences from an Op-Amp 

Saturation versus linearity 
The output of a comparator is optimized for 
saturation (high or low, without intermedi- 
ate levels, using positive feedback). The out- 
put of an op-amp is optimized for linearity 
(faithful reproduction of nuances in the in- 
put, using negative feedback). 


Output mode 
The majority of comparators have open- 
collector outputs (or open-drain outputs in 
CMOS devices) where the voltage is estab- 
lished by a pullup resistor. This can be adjus- 
ted for compatibility with other compo- 
nents, especially 5VDC logic. Only a minority 
have push-pull amplifier outputs that re- 
quire no pullup resistor. By comparison, 
among op-amps, a push-pull output that 
functions as a voltage source is the tradition- 
al default. 


Faster response 
A comparator responds more quickly than 
an op-amp to changes in input voltage, if the 
op-amp is used in the role of a comparator. 
The comparator is primarily a switching de- 
vice, not an amplifier. 


Hysteresis 
This is generally desirable in a comparator, 
for reasons already explained, and some 
components are designed with hysteresis 
built in. This feature is undesirable in an op- 
amp, as it degrades sensitivity. 


Open-loop operation 
(i.e., without feedback) this can be used with 
a comparator. An op-amp is intended for use 
in closed-loop circuits (i.e., with feedback), 
and manufacturers will not specify its per- 
formance in an open loop. 


As previously noted, a comparator usually re- 
quires a single-voltage power supply, while an 
op-amp often requires a dual-voltage power 
supply. 
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Where a comparator uses a MOSFET output tran- 
sistor, it may have an open-drain output, which 
requires a pullup resistor, as with an open- 
collector output. 


Some comparators have a push-pull output, ca- 
pable of supplying output current (usually a 
small amount). In these instances, no pullup re- 
sistor is necessary or desirable. The output volt- 
age range will be closest to rail-to-rail values (i.e., 
the range of the power supply) where MOSFETs 
are used for the output, as MOSFETs impose a 
smaller voltage drop than bipolar transistors. 


The advantage of an open collector (or open 
drain) relative to a push-pull output is that it al- 
lows the output voltage to be set independently 
of the power supply voltage. Another advantage 
is that multiple outputs can be connected in par- 
allel, as ina window comparator circuit (described 
below). 


Some comparators incorporate a reference volt- 
age on the chip, based on the power supply to 
the chip. In this case, a separate reference voltage 
does not have to be supplied, and the compo- 
nent will draw less current. 


Many chips are available containing two or more 
comparators. This is often expressed as the num- 
ber of channels in the component. A dual com- 
parator typically allows two different voltage 
sources for the outputs of the comparators. They 
will share the same OV ground, however. Chips 
such as the LM139 and LM339 contain four com- 
parators, and are available in through-hole or 
surface-mount formats. They have become a 
generic choice, costing less than $1 apiece. 


An LM339 comparator chip is shown in 
Figure 6-6. This is a quad chip, meaning that it 
contains four comparators. They share a com- 
mon power supply. The chip is TTL and CMOS 
compatible, is typically powered by 5VDC, but 
can be driven by up to 36VDC. The input differ- 
ential voltage range also extends up to 36V. 
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Figure 6-6. The LM339 quad comparator chip, shown 
here, was introduced long ago but remains widely used. 


Some comparators have an internal /atch func- 
tion that is accessed by a dedicated pin. The 
latch-enable signal forces the comparator to as- 
sess its inputs and hold an appropriate output 
which can then be checked by other compo- 
nents. 


Values 





In a datasheet, Vig (also referred to as Vgg) is the 
input offset voltage. This is a small voltage, in ad- 
dition to the reference voltage, which the com- 
parator will require to toggle its output in either 
direction, up or down. Figure 6-7 shows this 
graphically. Vig sets the limit of resolution of the 
comparator, which will not respond unless the 
input voltage exceeds the reference voltage by 
this amount. A smaller value for Vig is better than 
alarger value. Common values for Vig range from 
1ImV to 15mV. The actual offset voltage tends to 
vary between one sample of a component and 
another. Vig is the maximum allowed value for a 
component. 


Because the comparator will not respond until 
the reference voltage is exceeded by Vio, the out- 
put pulse width will be narrower than if the com- 
parator reacted at the point where the variable 
voltage input was precisely the same as the ref- 
erence voltage. 


Values 


Comparator 
Input 








Reference 
Level 


Variable Input Voltage =» 


Comparator 
Output 


Output Voltage =» 


Time > 


Figure 6-7. The input offset voltage is the very small volt- 
age that a comparator requires, additional to the refer- 
ence input voltage, before it will toggle its output from low 
to high or high to low. 


Vrpipy. and Vypip. are the rising and falling voltag- 
es, respectively, that will trip the comparator out- 
put where the comparator exhibits some innate 
hysteresis without an external feedback loop. 
They are also referred to as Lower State Transition 
Voltage (LSTV) and Upper State Transition Volt- 
age (USTV). 


Vuyst is the hysteresis range defined as Vtpip,. mi- 
nus Vrpip.. The relationship is shown graphically 
in Figure 6-8. 


Ayp is the voltage gain of a comparator, in which 
the letter “A” can be thought of as meaning “am- 
plification.” The gain is measured as a maximum 
ratio of output voltage to input voltage. Typically 
it ranges from 40 to 200. 


Supply voltage for modern comparators is often 
low, as the components are used in surface- 
mount format for battery-powered devices 
where low power consumption is a primary con- 





Chapter 6 43 


How to Use It 


cern. Thus, 3VDC is common as a power require- 
ment, and 1.5VDC comparators are available. 
Still, older chips can use as much as 35VDC. 
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Figure 6-8. The value of VTRip shows the hysteresis in a 
comparator—the range of input voltages, relative to the 
reference voltage, in which it will not respond. 


Supply current can range from 7mA down to be- 
low 1p/A. 


Isinx is the recommended typical or maximum 
sink current that the component will tolerate, if it 
has an open-collector output. This value should 
be considered in relation to the power dissipa- 
tion, Pp. 


The propagation delay in a comparator is meas- 
ured from the moment when an input (usually a 
square wave) reaches the triggering value, to the 
time when the consequent output reaches 50% 
of its final value. 


When a comparator is driving CMOS logic using 
a 5VDC power supply, a typical value for a pullup 
resistor is 100K. It does not have to be lower, be- 
cause CMOS has such a high input impedance. 
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How to Use It 


In Figure 6-1, a hypothetical comparator re- 
sponds immediately when the input voltage 
equals the reference voltage value. However, this 
is an idealized scenario. A magnified view, in 
Figure 6-9, suggests that the comparator is likely 
to respond with jitter when the input signal is 
very close to the reference voltage, because of 
tiny variations in heat, current, and other vari- 
ables. This jitter will cause significant problems if 
the comparator is driving a device such asa relay, 
directly or indirectly. 





Hysteresis eliminates this uncertainty around the 
transition level of the input, by telling the com- 
parator to ignore small irregularities in the input 
voltage. Hysteresis is also useful in many situa- 
tions where larger variations in a sensor input 
should be ignored. In Figure 6-2, for instance, 
suppose that the input voltage comes from a 
temperature sensor. The small bump in the right- 
hand section of the curve is probably unimpor- 
tant; it could be caused by someone opening a 
door, or a person’s body heat in brief proximity 
to the sensor. There’s no point in responding to 
every little event of this type. In this application, 
the larger, longer-term temperature trend is 
what matters, and significant hysteresis is 
appropriate. 


Also, if a comparator is being used as a thermo- 
stat, to switch a heating system on and off, we do 
not want the comparator to respond as soon as 
the temperature rises just a small amount. The 
heating system should run for a while before it 
elevates the temperature beyond the hysteresis 
zone. 


The usual way to create hysteresis is with positive 
feedback. In Figure 6-10, a connection from the 
output of the comparator runs back through a 
1M potentiometer to the variable (noninverting) 
input. The effect that this has is to reinforce the 
input voltage with the output voltage, as soon as 
the comparator input goes high. Now the input 
can diminish slightly without switching off the 
comparator. But if the input declines significant- 
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ly, even the feedback from the output voltage 
won't be sufficient to maintain the variable input 
at a higher level than the reference voltage. (Re- 
member, the “high” output voltage from the 
comparator is a fixed value; it does not change in 
proportion with the input voltage.) Consequent- 
ly, the output toggles to low. Now the variable 
input is deprived of help from the comparator 
output, so it will be low enough that it has to rise 
considerably to toggle the comparator back on 
again. During that period, once again, small var- 
iations will be ignored. 
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Time > 


Figure 6-9. In real-world applications, tiny variations 
where the variable input voltage crosses the reference 
voltage can induce jitter in the output from a comparator 
that has no hysteresis. 


In the schematic, a phototransistor (PT1, at left) 
isin series with a 3.3K resistor to adjust its voltage 
output to a suitable range. A 1M potentiometer 
at upper-left is wired as a voltage divider, so that 
itcan establish a reference level that matches the 
light level that we wish to detect with the pho- 
totransistor. 


How to Use It 
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Figure 6-10. A simple circuit to achieve hysteresis with 
positive feedback to the variable input of a comparator. 


The 4700 resistor is the pullup resistor, which 
protects the LED from excessive current. The low- 
er 1M resistor adjusts the amount of positive 
feedback, which determines the width of the 
hysteresis zone. 


Values for components may have to be adjusted 
depending on the supply voltage, the variable 
input voltage, and other factors. Butthe principle 
will remain the same. Note that in the example 
shown, all the positive voltage sources are iden- 
tical. In practice, different voltages could be used, 
so long as they share a common ground. 


AND gate 


Aset of open-collector comparators can function 
jointly as an AND gate, when their outputs are 
tied together with one pullup resistor. So long as 
all the output transistors are nonconductive, the 
output will be high. If just one comparator tog- 
gles into conductive mode, the output will be 
low. See Figure 6-11. 
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Figure 6-11. /f the outputs of multiple open-collector 
comparators are tied together with a suitable pullup resis- 
tor, they will function as an AND gate. 


Bistable Multivibrator 


If positive feedback to the noninverting input of 
the comparator is sufficiently high, a voltage al- 
most at OV ground will be required to counter the 
high output from the comparator—after which, 
a voltage almost equal to the supply voltage will 
be needed to turn it back on. In other words, the 
comparator is behaving like a bistable multivi- 
brator, or flip-flop. 


Relaxation Oscillator 


A relaxation oscillator, which is a form of astable 
multivibrator, canbe created using direct positive 
feedback in combination with delayed negative 
feedback. In Figure 6-12, positive feedback goes 
to thenoninverting input, as before, but negative 
feedback also passes through a 220K resistor to 
the inverting input of the comparator. A 0.47UF 
capacitor initially holds the inverting input low, 
while the capacitor charges. Gradually the ca- 
pacitor reaches and exceeds the charge on the 
noninverting input, so the output from the com- 
parator toggles to its low state. This means that 
its internal transistor is now sinking current, and 
it discharges the capacitor. Because the nonin- 
verting input is being held at a voltage midway 
between supply and ground by the two 100K re- 
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sistors forming a voltage divider, eventually the 
voltage on the inverting input controlled by the 
capacitor falls below the noninverting voltage, 
so the cycle begins again. 


100K 


100K 





Figure 6-12. A comparator can be used to create a relax- 
ation oscillator. 


Level Shifter 

Where acomparatoris used simply to change the 
level of an input voltage, it can be referred to as 
a level shifter. An example of a level shifter is 
shown in Figure 6-13, in which a high/low 3VDC 
logic input is converted to a high/low logic out- 
put at 5VDC. 


Window Comparator 

A window comparator is a circuit (not a single 
component) that will respond to input voltages 
that deviate outside an acceptable “window” of 
values. In other words, the circuit responds any- 
time the variable input is either unacceptably 
low or unacceptably high. 


An example could be an alarm that will sound if 
a temperature is either too low or too high. In 
Figure 6-14, two comparators are used to create 
a window comparator circuit, both sharing a vari- 
able voltage input from a sensor. A voltage di- 
vider is necessary to establish a higher voltage 
limit at the noninverting input of the upper com- 
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parator, while a separate voltage divider would 
establish a lower limit at the inverting input of 
the lower comparator. If an alarm has an appro- 
priate resistance, it can be used instead of a pull- 
up resistor. The alarm will sound when the output 
from either comparator is low, which happens if 
the inverting input has a higher voltage than the 
non-inverting input. 






Input 
3V logic 


Figure 6-13. A comparator can be used to convert high 
and low 3V logic inputs into high and low 5V logic outputs. 


Other Applications 

As previously noted, a comparator can be used 
as a simple analog-digital converter. It has “one 
bit” accuracy (i-e., its output is either high or low). 


A comparator can be used as a zero point finder 
when its variable voltage input is attached to an 
AC signal. The output from the comparator will 
be toggled whenever the AC signal passes 
through zero volts. The output will be a square 
wave (approximately) instead of a sine wave. 


What Can Go Wrong 


Reference 
voltage 


(high) 









Pullup 
Resistor 


or Alarm 
Reference 


voltage 
(low) 


Figure 6-14. A basic, simplified circuit for a window com- 
parator. See text for details. 


A continuous converter changes its output 
promptly in response to a change in input. This 
requires continuous current consumption. Be- 
cause many applications only need to check the 
output from a comparator at intervals, power can 
be saved by using a clocked or latched 
comparator. 


What Can Go Wrong 





Oscillating Output 

The high input impedance of a comparator is 
vulnerable to stray electromagnetic fields. If the 
conductors leading to and from the comparator 
are relatively long, the output can couple capac- 
itively with the input during voltage transitions, 
causing unwanted oscillations. 


The commonly recommended solution to this 
problem is to add 1uF bypass capacitors to the 
power supply on either side of the comparator. 
However, some manufacturers recommend al- 
ternatives such as introducing just a small 
amount of hysteresis, or reducing the value of 
input resistors to below 10K. 


If a chip contains multiple comparators, and one 
of them is unused, one of its input pins should be 
tied to the positive side of the voltage supply 
while the other should be tied to OV ground, to 
eliminate the possibility of an oscillating output. 
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Confused Inputs 

A comparator will function if its two inputs are 
swapped accidentally, but its high and low out- 
put states will be the inverse of what is expected. 
Also, if positive feedback is used, transposed in- 
puts can create oscillations. Because the compa- 
rator symbol may appear in a schematic with the 
noninverting input either below or above the in- 
verting input, the inputs are easily transposed by 
accident. 


One way to remember which way the inputs 
should be connected is to use the mnemonic: 
“plus, high, positive.’ The p/us input creates a high 
output when the input becomes more positive 
than the reference voltage on the other input. 
The opposite is less intuitively obvious: the mi- 
nus input creates a high output when the input 
becomes more negative than the reference volt- 
age on the other input. 


Wrong Chip Type 

Different comparators offer different outputs: 
open collector, open drain, and push-pull. While 
open collector and open drain function similarly, 
the pullup resistor value is likely to be different 
in each case. If a push-pull output is mistakenly 
connected as if it is open collector or open drain, 
it will not work correctly, if at all. Different types 
of comparators must be sorted and stored in 
clearly labeled bins. 


Omitted Pullup Resistor 

It is relatively easy to forget to include the pullup 
resistor on an open-collector output. In this case, 
when the transistor inside the comparator is in 
its nonconductive state, the output pin will be 
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floating, with an indeterminate voltage that will 
create confusing or random results. 


CMOS Issues 


As usual when using CMOS chips, it is bad prac- 
tice to allow unconnected, floating inputs. This is 
an issue where a chip contains multiple compa- 
rators, some of which are not being used. The 
solution recommended by some manufacturers 
is to tie one input of an unused comparator to 
the supply voltage, and the other input of the 
same comparator to ground. 


Erratic Output 

If positive feedback is insufficient, the compara- 
tor output may show signs of jitter. Conversely, if 
the positive feedback is excessive, the compara- 
tor may get stuck in an on state or an off state. 
Feedback must be chosen carefully. 


Swapped Voltages 


A comparator is often capable of controlling an 
output voltage that is much higher than that of 
its power supply. Because both voltages are ap- 
plied to different pins onthe same chip, mistakes 
can be made quite easily. The chip is likely to be 
damaged if the voltages are swapped acciden- 
tally between the relevant pins. 


Heat-Dependent Hysteresis 
Remember that the voltages at which the com- 
parator turns on and off will vary slightly with the 
temperature of the component. This drift should 
be tested by running the comparator at higher 
temperatures. 
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Although a comparator has the same schematic symbol as an op-amp, their applications 
differ and they are described in separate sections of this encyclopedia. 


The unabbreviated name for an op-ampis an operational amplifier, but this term is seldom 


used. 


OTHER RELATED COMPONENTS 


° comparator (See Chapter 6) 


What It Does 


An op-amp is an operational amplifier consisting 
of multiple transistors packaged in an integrated 
circuit chip. It senses the fluctuating voltage dif- 
ference between two inputs, uses power from an 
external supply to amplify that difference, and 
uses negative feedback to ensure that the output 
is an accurate replica of the input. Its amplifica- 
tion can be adjusted by changing the values of 
two external resistors. 





Op-amps were developed originally using vac- 
uum tubes, for use in analog computers, before 
the era of digital computing. Their implementa- 
tion in integrated circuits dates from the late 
1960s, when chips such as the LM741 were in- 
troduced (lower-noise versions of it still being 
widely used today). Multiple op-amps in a single 
package were introduced in the 1970s. 


AnLM741 is shown in Figure 7-1. Inside the 8-pin, 
DIP package is a single op-amp. 


How It Works 


In alternating current, voltages deviate above 
and below a zero value, which is sometimes re- 
ferred to as the neutral value. This occurs in do- 





mestic power supplies and in audio signals, to 
name two very common examples. A voltage 
amplifier multiplies the positive and negative 
voltage excursions, using an external power 
source to achieve this. Most op-amps are voltage 
amplifiers. 


i a ln a la 
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Figure 7-1. The LM/41, shown here, is still one of the most 
widely used op-amps. 


An ideal amplifier maintains a /inear relationship 
between its input and its output, meaning that 
the output voltage values are aconstant multiple 
of the input voltages over a wide range. This is 
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illustrated in Figure 7-2, where the lower curve is 
a duplicate of the upper curve, the only differ- 
ence being that its amplitude is multiplied by a 
fixed amount (usually much greater than shown 
here). The ratio is properly known as the gain of 
the amplifier, usually represented with letter A 
(for amplification). 


Input Voltage 


Output Voltage 


Negative g Positive — Negative 3 Positive —> 





Time > 


Figure 7-2. In an ideal voltage amplifier, the output volt- 
age will be a duplicate of the fluctuating input voltage, the 
only difference being that the amplitude of the output is 
multiplied by a fixed amount. This ratio is known as the 
gain of the amplifier. 


Figure 7-3 shows the triangular symbol for a 
generic single-input amplifier (not an op-amp). 
It may contain any number of components. The 
triangle almost always points from left to right, 
with its input on the left and its output on the 
right, and power attached above and below. This 
is often a dual voltage power supply, which is 
convenient for amplifying a signal that fluctuates 
above and below OV. In some schematics, the 
power supply connections may not be shown, as 
they are assumed to exist. 
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V+ (positive DC 
power supply) 





V- (negative DC 
power supply) 


Figure 7-3. The generic symbol for a single-input amplifi- 
er (not an op-amp), with the positive side of its power 
supply being equal and opposite in value to the negative 
side, and OV being at the midpoint between them. 


e While the blue negative symbol is generally 
used throughout this encyclopedia to indi- 
cate OV ground, it represents a voltage iden- 
tified as V— in a dual voltage power supply, 
being equal in value but opposite in polarity 
to the positive side of the supply, V+. (Some- 
times these voltages are indicated as V— and 
V+.) 


The output from this imaginary generic amplifier 
is shown in the figure as a linear amplification of 
the input. 


Dual Inputs 

An op-amp has two inputs instead of one, and 
amplifies the voltage difference between them. 
Its symbol is shown in Figure 7-4. The upper input 
in this figure is held at OV, midway between V+ 
and V-—. Because the op-amp has so much gain, 
an accurate reproduction of its input would cre- 
ate an output exceeding the voltage of the pow- 
er supply. Because this is not possible, the output 
tends to become saturated and consequently is 
clipped when it reaches its maximum value, as 
shown in the figure. The thumbnail graphs give 
only an approximate impression, as they are not 
drawn to the same scale. 
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Inverting input V+ 

tied to OV neutral 

ground Saturated 
output 





Signal applied to 
noninverting input 


Figure 7-4. An op-amp has so much gain, its output will 
tend to saturate, producing a square wave regardless of 
the shape of the input. 


The small black plus and minus signs alongside 
the two inputs to the op-amp have nothing to do 
with the voltage supplied to the component. The 
“minus” input is properly referred to as the in- 
verting input while the “plus” input is the nonin- 
verting input, in recognition of their functions. 


The inputs are sometimes arranged with the mi- 
nus above the plus, and sometimes with the plus 
above the minus. Schematics should be inspect- 
ed carefully to note which arrangement is being 
used. 


The positive and negative power connections to 
the op-amp may be omitted, but if shown, they 
always place V+ at the top, regardless of which 
way around the inputs are presented. 


If a signal is applied to the noninverting input, 
while the inverting input is held at OV ground, 
the op-amp provides an output in which the 
voltage is not inverted relative to the input. 


If the input connections are swapped, so that the 
inverting input receives the incoming signal 
while the noninverting input is tied to OV ground, 
the output from the op-amp is inverted (the gain 
remains the same). See Figure 7-5. 


How It Works 


Signal applied to 
inverting input Inverted 
saturated 


output 







V+ 


Noninverting 
input tied to 
OV neutral = 


ground v- 


Figure 7-5. When the incoming signal is applied to the in- 
verting input of an op-amp while its noninverting input is 
held at OV ground, the output is inverted. 


e An op-amp that is being used without any 
other components to moderate its output is 
functioning in open loop mode. 


Negative Feedback 

To create an output that is an accurate replica of 
the input, the op-amp must be brought under 
control with negative feedback to the input sig- 
nal. This is illustrated in Figure 7-6. A resistor con- 
nects the output back to the inverting input, so 
that the input is automatically reduced to the 
point where the output is no longer saturated. 
The values of R1 and R2 will determine the gain 
of the op-amp, as explained in “How to Use lt” on 
page 53. The op-amp is now functioning in its in- 
tended closed loop mode, meaning that the out- 
put is being tapped for feedback. 


To obtain a linear output that is noninverted, 
connections are made as shown in Figure 7-7. 
The resistors form a voltage divider between the 
output and OV ground, effectively increasing the 
comparison value on the inverting input. 
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Be Negative 


feedback: R2 












Inverted 
linear 
output 


Noninverting 
input tied to 
OV neutral 
ground “= 


Figure 7-6. A resistor applies negative feedback to the in- 
verting input of an op-amp, and creates a linear output. 


Feedback 
R41 resistor R2 







Noninverted 
linear 
output 


Signal applied to 
noninverting input 


Figure 7-7. Where the incoming signal is applied to the 
noninverting input, negative feedback is created by using 
a pair of resistors forming a voltage divider between the 
output and OV ground. 


e Note that the gain of an op-amp is specific 
to a particular frequency range of AC signal. 


This is discussedin “How to Use lt” on page 53. 


Op-Amps and Comparators 

A comparator can be regarded as a type of op- 
amp, and in fact an op-amp can be used as a 
comparator, comparing a variable DC voltage on 
one input with a reference voltage on another 
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input. However, the two types of components 
have diverged in design to the point where they 
should be considered separately. The distinction 
is sufficiently important to have prompted Texas 
Instruments to issue an Application Report in 
2001 titled “Op Amp and Comparators—Don't 
Confuse Them!” 


Differences in function are summarized in the 
previous entry discussing comparators (see “Dif- 
ferences from an Op-Amp” on page 42). 


Variants 





Because op-amps are mostly low-current devi- 
ces, they are widely available in very small 
surface-mount formats, in addition to the 
through-hole DIP packages which used to be 
more common. 


Many chips are available containing two or more 
op-amps. This is often expressed as the number 
of channels in the component. A dual chip con- 
tains two op-amps, while a quad chip contains 
four op-amps. Usually all the op-amps in a chip 
share the same power supply. Bipolar or CMOS 
transistors may be used. 


Because op-amps are widely available in dual 
and quad packages, it’s quite common for a cir- 
cuit designer to have one op-amp in a chip “left 
over.’ The designer may be tempted to use that 
spare unit as a comparator instead of installing 
an additional chip. To address this situation, 
some manufacturers offer hybrid op-amp chips 
containing an additional comparator. The Texas 
Instruments TLV2303 and TLV2304 are examples. 


Values 





The op-amps derived from 1970s designs often 
tolerate a wide range of power-supply voltages. 
Plus-or-minus 5VDC to plus-or-minus 15VDCis a 
common range. Modern op-amps are available 
that run from as little as 1VDC to as much as 
1,000VDC. 


Op-amps are available for frequencies ranging 
from 5KHz all the way up to 1GHz. 
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A “classic” op-amp such as the LM741, which is 
still widely used, will operate with a power supply 
ranging from plus-or-minus 5VDC to plus-or- 
minus 22VDC. Its output is rated for up to 25mA, 
andits inputimpedanceis atleast 2MQ. The most 
currentit will draw from an input is around 0.5pA. 


Vio is the input offset voltage. In an ideal compo- 
nent, the output from an op-amp should be OV 
when its inputs have a voltage difference of OV. 
In practice, the output will be OV when the inputs 
differ by the offset voltage. Vig is likely to be no 
greater than a couple of mV, and negative feed- 
back can compensate for the offset. 


Vicris the commonmode voltage range. Thisis the 
range of input voltages that the op-amp will tol- 
erate. This can never be more than the positive 
power supply voltage and will often be less, de- 
pending on the types of transistors that are used 
onthe input side. Ifan input voltage goes outside 
the common mode voltage range, the op-amp 
will stop functioning. 


Viper is the input differential voltage range—the 
maximum permissible difference between peak 
positive and peak negative input voltages. This 
is often expressed as plus-or-minus the power 
supply voltage, or slightly less. Exceeding the 
range can have destructive consequences. 


lp is the input bias current, averaged over the two 
inputs. Most op-amps have extremely high input 
impedance and consequently use very low input 
currents. 


Slew rate at unity gain is the rate of change of the 
output voltage caused by an instantaneous 
change on the input side, when the output of the 
op-amp is connected directly back to the invert- 
ing input (during operation in noninverting 
mode). 


How to Use It 


In addition to being an amplifier for AC signals, 
an op-amp can serve as an oscillator, filter, signal 
conditioner, actuator driver, current source, and 
voltage source. Many applications require some 
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understanding of the complexities of mathemat- 
ics describing alternating current, which are not 
included this encyclopedia. Almost all the appli- 
cations have a common starting point, however, 
which is to establish and control the gain of the 
feedback circuit. 


Controlling the Gain 

"Avot is the open-loop voltage gain, defined as the 
maximum voltage amplification that can be 
achieved when no feedback is applied from the 
output to an input. This remains constant until 
the AC frequency rises to a point known as the 
breakover frequency. If the frequency continues 
to rise, the maximum gain diminishes quite rap- 
idly, until finally it terminates in 1:1 amplification 
at the unity gain frequency. This transition is 
shown by the orange line in Figure 7-8. The 
length of each purple line shows the frequencies 
which can be tolerated when the op-amp is used 
in closed-loop mode, and a negative feedback 
loop limits the gain. For example, where the gain 
is just 10:1, it can remain constant to just above 
10KHz. 


Note that both of the scales in this graph are log- 
arithmic. 


Calculating Amplification 

So long as an op-amp is used within the bound- 
aries of the graph, its voltage amplification can 
be controlled by choosing appropriate feedback 
and input resistors. If the op-amp is being used 
in noninverting mode, and R1 and R2 are placed 
as shown in Figure 7-7, the amplification ratio, A, 
is found approximately by the formula: 


A = (approximately) 1 + (R2 / R1) 


From this itcan be seen that when R1 is very large 
compared with R2, the gain diminishes to near 
unity. If R1 becomes infinite and R2 is zero, the 
gain is exactly 1:1. This can be achieved by re- 
placing R2 with a section of wire (theoretically of 
zero resistance) and omitting R1 entirely, as in 
Figure 7-9. In this configuration, the output from 
the op-amp should be identical with its input. 
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Figure 7-8. Where each horizontal purple line meets the 
diagonal orange line, this is the maximum frequency that 
can be used without reduction in the maximum gain of an 
op-amp. 


Noninverted 
output 


Noninverting 
input 





Figure 7-9. While an op-amp is in noninverting mode, if 
the feedback resistor is replaced with a section of wire 
and the OV ground connection is omitted entirely, the gain 
of the op-amp diminishes theoretically to 1:1. 


If the op-amp is being used in inverting mode, 
and R1 and R2 are placed as shown in 
Figure 7-6, then the voltage amplification ratio, 
A, is found approximately by the formula: 


= (approximately) -(R2 / R1) 


e Note the minus sign. In inverting mode, gain 
is expressed as a negative number. 
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e In a practical circuit, at the expected fre- 
quency, the amplification factor established 
by choice of resistors should beno more than 
20. 


e Aninverting circuit has a relatively low input 
impedance. For this reason, in most applica- 
tions, a noninverting circuit is preferred. 


Unintentional DC 

Voltage Amplification 

Although the op-amp is intended primarily as an 
AC signal voltage amplifier, it will also amplify a 
DC difference between the voltages on its inputs. 
In the upper section of Figure 7-10, a positive DC 
offset is inverted and amplified to the point 
where the output is forced to its negative limit, 
and the signal is lost, because its fluctuations 
have been overwhelmed by the positive offset. 
A coupling capacitor (shown in the lower section 
of the figure) removes the DC voltage while pass- 
ing the AC signal. The appropriate capacitor val- 
ue will depend on the frequency of the signal. 


Low-Pass Filter 

An op-amp can facilitate a very simple low-pass 
audio filter, just by adding acapacitor to the basic 
inverting circuit previously shown in Figure 7-6. 
The filter schematic is shown in Figure 7-11. Ca- 
pacitor C1 is chosen with a value that passes 
higher audio frequencies and blocks lower audio 
frequencies. Because the gain of the basic invert- 
ing circuit is approximately —(R2 / R1), the op- 
amp functions normally when the impedance of 
C1 is blocking the low frequencies, forcing them 
to pass through R2. Higher frequencies, however, 
are able to bypass R2 through C1, lowering the 
effective resistance of the feedback section of the 
circuit, thus reducing its gain. This way, the power 
of the op-amp is greatly reduced for higher fre- 
quencies compared with lower frequencies. A 
passive RC circuit could achieve the same effect, 
but would attenuate the signal, while the op- 
amp circuit boosts part of it. 
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Figure 7-10. The addition of a capacitor at the input of an 
op-amp is often necessary to prevent any DC voltage off- 
set being amplified. In the upper section of this figure, a 
DC offset is large enough to force the inverted output to 
its negative limit, and the signal is completely lost. 





Figure 7-11. A very basic low-pass filter, which works by 
allowing capacitor C1 to bypass resistor R2 at higher au- 
dio frequencies. 
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High-Pass Filter 

A simple high-pass filter can be created by 
adding a capacitor to the basic noninverting cir- 
cuit previously shown in Figure 7-7. The filter 
schematic is shown in Figure 7-12. Once again 
capacitor C1 is chosen with a value that passes 
higher audio frequencies and blocks lower audio 
frequencies. Because the gain of the basic non- 
inverting circuit is approximately 1+(R2/R1), the 
op-amp functions normally when the impe- 
dance of C1 is blocking the low frequencies, forc- 
ing them to pass through R1. Higher frequencies, 
however, are able to bypass R1 through C1, low- 
ering the effective resistance of that section of 
the circuit, thus reducing the negative feedback 
and increasing the gain. This way, the power of 
the op-amp is increased for higher frequencies 
compared with lower frequencies. A passive RC 
circuit could achieve the same effect, but would 
attenuate the signal, while the op-amp circuit 
boosts part of it. 





Figure 7-12. A very basic high-pass filter, which works by 
allowing capacitor C1 to bypass resistor R1 at higher audio 
frequencies. 


Relaxation Oscillator 

The schematic in Figure 7-13 is similar to the cir- 
cuit shown in Figure 6-12 using a comparator. It 
functions asa relaxation oscillator, whichis aform 
of astable multivibrator. The lower half of the cir- 
cuit is a positive feedback loop that reinforces the 
output while the upper half of the circuit is charg- 
ing the capacitor. Eventually the charge on the 
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capacitor exceeds the voltage on the noninvert- 
ing input of the op-amp, creating negative feed- 
back that exceeds the positive feedback. The ca- 
pacitor discharges and the cycle repeats. The 
component values in the figure should generate 
an output that runs at around 2Hz. Reducing the 
value of the capacitor willincrease the frequency. 


Single Power Source 

A few op-amps are designed to work from single 
voltages, but they are a relatively small minority, 
and will clip the output signal if the input goes 
negative. Power supplies are readily available 
that provide multiple voltages such as +15VDC, 
OV, and -15VDC. They are ideal for driving an op- 
amp—but may not be useful for any other com- 
ponents in the circuit. Can an op-amp that is de- 
signed for dual voltages be made to run from a 
single supply, such as 30VDC? 


160K 





eV. 


Figure 7-13. A relaxation oscillator. 


This is relatively easy to do. The op-amp simply 
needs a potential difference to power its internal 
transistors, and 30VDC on the V+ pin with OVDC 
on the V— pin will work just as well as +15VDC 
and -15VDC. However, referring back to 
Figure 7-6, if the op-amp is used in inverting 
mode, an intermediate voltage must be supplied 
to the noninverting input. Likewise, in nonin- 
verting mode, an intermediate voltage is neces- 
sary for one of the inputs, and must be half-way 
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between the extremes of the power supply. If the 
supply is +15VDC and -15VDC, the midpoint is 
OV. If the supply is 30VDC and OV, the midpoint is 
15VDC. 


Because the inputs of an op-amp have a very 
high impedance and draw negligible current, the 
intermediate voltage can be provided with a sim- 
ple voltage divider, as shown in Figure 7-14, 
where R3 and R4 should be no greater than 100K 
each. Their exact values are not important, so 
long as they are equal. 


V+ 


OV 





Figure 7-14. A voltage divider, comprised of R3 and R4 in 
this schematic, can provide a voltage halfway between V+ 
and negative ground, enabling the op-amp to use just one 
power supply instead of two. 


A coupling capacitor should still be used on the 
input side, as shown, because there is no guar- 
antee that the input signal will be centered pre- 
cisely on 15V, and any offset will be amplified, 
potentially causing clipping of the signal. For 
similar reasons, a coupling capacitor is also add- 
ed on the output side. 


Offset Null Adjustment 

Some op-amps provide two pins for offset null 
adjustment, which is a setup process to ensure 
that identical voltage on the two inputs will pro- 
duce anull output. This is a way of compensating 
for any internal inconsistencies introduced dur- 
ing the manufacturing process. 
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To perform offset null adjustment, both input 
pins are connected directly to OV ground, and the 
ends of a trimmer potentiometer (typically, 10K) 
are connected with the offset null pins, while the 
wiper of the potentiometer is centered and then 
connected with the negative power supply. The 
probes of a meter that is set to measure DC volts 
are placed between the output of the op-amp 
and OV ground. The potentiometer is then ad- 
justed until the meter shows a reading of OVDC. 
A schematic is shown in Figure 7-15. 


V+ Offset null 
connections 





Figure 7-15. Connections for making an offset null adjust- 
ment to an op-amp that allows this procedure. 


What Can Go Wrong 





Power Supply Problems 

Op-amps are especially vulnerable to reversed 
polarity in a power supply. If there is even a re- 
mote possibility of this occurring, a diode in ser- 
ies with one side of the supply can provide pro- 
tection. 


A more realistic concern is the destructive con- 
sequence of an input signal that exceeds the 
power supply voltage(s) of the op-amp. Even if 
the input is within the acceptable range, it can 
still cause permanent damage if it is applied be- 
fore the op-amp powers up. 


What Can Go Wrong 


Bad Connection of 

Unused Sections 

Multiple op-amps are often combined ina single 
package. If some of these “sections” remain un- 
used, they will still receive power from the shared 
supply, and will attempt to function. If the inputs 
are left unconnected, they will pick up small stray 
voltages by capacitance or induction, and in the 
absence of negative feedback, the op-amp will 
create unpredictable outputs, consuming power 
and possibly interacting with other sections of 
the same chip. Figure 7-16 shows three incorrect 
options for addressing this problem, and one 
recommended option (derived from Texas In- 
struments Application Report SLOA067). 


No No 
V+ 








Figure 7-16. When multiple op-amps share a chip, one 
that is unused will still receive power from the shared sup- 
ply. Its inputs must not be allowed to float, and must be 
connected to minimize activity and power consumption. 
Three common errors are shown here, with one recom- 
mended option. Note the distinction between OV ground 
(OV) and negative power (V-). 


Oscillating Output 

The inputs of an op-amp are vulnerable to stray 
electromagnetic fields. If the conductors leading 
to and from the op-amp are relatively long, the 
output can couple capacitively with the input 
during voltage transitions, causing unwanted os- 
cillations. 
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The commonly recommended solution to this 
problem is to add a 1uF bypass capacitor be- 
tween the power supply and OV ground. How- 
ever, some manufacturers recommend alterna- 
tives such as introducing a very small amount of 
hysteresis, or reducing the value of input resistors 
to below 10K. 


Confused Inputs 


A schematic may show an op-amp with the non- 
inverting input above the inverting input, or vice 
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versa. The only indication of this will be the plus 
and minus signs inside the chip, which can be 
extremely small and easily overlooked. For con- 
venience in drawing a diagram, two op-amps in 
the same circuit may have their inputs shown in 
opposite configurations. Special care must be 
taken to verify that the inverting and noninvert- 
ing input pins on a chip are correctly assigned. 
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A digital potentiometer is also known asa digitally adjustable potentiometer, a digitally 
controlled potentiometer, a digitally programmed potentiometer (with acronym DPP), a 
digpot, or a digipot. The terms are functionally interchangeable. Because the abbreviation 
pot is often used to describe an analog potentiometer, some people refer to digital po- 
tentiometers colloquially as digital pots. In printed documentation, the letters in pot may 
be capitalized. Because it is an abbreviation, not an acronym, it is not capitalized here. 


Because this component enables digital control of a variable voltage, it is a mixed signal 
device. It is classified here as an analog chip because it primarily emulates the function 
of an analog device. It may be thought of as a form of digital-analog converter, although 
this encyclopedia does not have a section devoted to that type of component or to 
analog-digital converters, as their application is relatively specialized. 


OTHER RELATED COMPONENTS 


° potentiometer (See Volume 1) 


What It Does 


This component is an integrated circuit chip that 
emulates the function of an analog potentiom- 
eter. It is often described as being programma- 
ble, meaning that its internal resistance can be 
changed via a control input. 





Digital potentiometers are particularly suited for 
use in conjunction with a microcontroller, which 
can control the internal resistance of the com- 
ponent. Possible applications include adjust- 
ment of the pulse width of an oscillator or 
multistable multivibrator (e.g., using the Control 
pin of a 555 timer chip); adjustment of the gain 
in an op-amp; specification of voltage delivered 
by a voltage regulator; and adjustment of a band- 
pass filter. 


A digital potentiometer in combination with a 
microcontroller may also be used in conjunction 
with a pair of external buttons or a rotational en- 


coder, to adjust the gain of an audio amplifierand 
for similar applications. 


Advantages 


A digital potentiometer offers significant advan- 
tages over an analog potentiometer: 


e Reliability. The digital component may be 
rated for as many as a million cycles (each 
storing the wiper position in an internal 
memory location). An analog component 
may be capable of just a few thousand ad- 
justment cycles. 


Digital interface. 


Elimination of long signal paths or cable 
runs. The digital potentiometer can be 
placed close to other chips, whereas an an- 
alog potentiometer often has to be some 
distance away to enable control by the end 
user. Reduction in the length of signal paths 
can reduce capacitive effects, while elimina- 
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tion of cable runs will reduce manufacturing 
costs. 


e Reduction in size and weight compared with 
a manual potentiometer. 


A digital potentiometer also has some disadvan- 
tages: 


e Its internal resistance is somewhat affected 
by temperature. 


¢ Itisnot usually capable of passing significant 
current. Few chips can sink or source more 
than 20mA at the output, and 1mA is com- 
mon. The output is primarily intended for 
connection with other solid-state compo- 
nents that have high impedance. 


e Users may prefer the immediacy and tactile 
feel of a knob attached to an analog poten- 
tiometer, rather than a pair of buttons or a 
rotational encoder. 


How It Works 


A digital potentiometer changes the point at 
which a connection is made along a /adder of 
many fixed resistors connected in series inside 
the chip. Each end of the ladder, and each inter- 
section between two adjacent resistors, is known 
asa tap. The pin that can connect with any of the 
taps is referred to as the wiper, because it emu- 
lates the function of a wiper in an analog poten- 
tiometer. In reality, a digital potentiometer does 
not contain a wiper or any other moving parts. 





A fully featured digital potentiometer allows ac- 
cess to each end of the ladder through two pins 
that are often labeled “high” and “low,” even 
though they are functionally interchangeable 
(except in the case of a component that simu- 
lates a logarithmic taper, as described later). The 
“low” end of the ladder is sometimes numbered 
0. In this case, if there are n resistors, the “high” 
end of the ladder will be numbered n. Alterna- 
tively, if the “low” end of the ladder is numbered 
1, and there are n resistors, the “high” end will be 
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numbered n+/7. This principle is illustrated in 
Figure 8-1. 


7; Ladder Resistors ———_, 


Ry Ro R3 baer Rn 
0 4 2 3 n-1 n 
____ Taps ———————___ 


> Ladder Resistors ———, 


R, Rp Rg... Rn 
a. 2 3 4 n nt+1 
!__________. ]gr3 ——______-. 


Figure 8-1. Available wiper connections to a resistor lad- 
der inside a digital potentiometer, showing two numbering 
systems that may be used. 


The “low” pin ona digital potentiometer may be 
identified as L, or A, or R,, or Pa in a datasheet, 
while the “high” pin may be identified as H, or B, 
or Ry, or Pg and the pin that accesses the wiper is 
typically identified as W, or Rw, or Pw. Letters L, H, 
and W are used below. Although the Land H pins 
are functionally interchangeable, their labels are 
useful to identify which direction the W connec- 
tion will move in response to an external signal. 


Digital potentiometers are available with as few 
as 4oras many as 1,024 taps, but common values 
are 32, 64, 128, or 256 taps, with 256 being the 
most common. 


No specific schematic symbol represents a digital 
potentiometer. Often the component is shown 
as an analog potentiometer symbol inside a box 
that has a part number, as suggested in 
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Figure 8-2. Control pins and the power supply 
may be omitted if the schematic is just intended 
to show logical connections. Alternatively, if the 
digital potentiometer is depicted in a schematic 
where it is connected with other components 
suchasa microcontroller, multiple pins and func- 
tions may be included, as shown in Figure 8-3. 
The pins additional to L, H, and W are explained 
below. 


ABC1234 


L—WW\— 
4 
Ww 


Figure 8-2. There is no single specific symbol to repre- 
sent a digital potentiometer. It may be shown using an an- 
alog potentiometer symbol in a box with a part number, as 
suggested here, where power connections and additional 
pins are omitted for clarity. 


Micro- aa CS Vee: pL 
controller 
—— W 
— INC <— 
—vu/D 
GND |H 


Figure 8-3. If a digital potentiometer appears in a sche- 
matic where it is connected with other components such 
as a microcontroller, additional pins and functions may be 
indicated. This generic representation of a digital potenti- 
ometer shows some of the functions that can be included. 


Variants 





A dual digital potentiometer contains two com- 
plete units, while a quad contains four. Triples 


Variants 


exist but are relatively uncommon. A few chips 
contain six potentiometers. Multiple digital po- 
tentiometers in a chip can be used as the digital 
equivalent of ganged analog potentiometers, for 
simultaneous synchronized adjustment of mul- 
tiple inputs in an audio system (two channels in 
a stereo amplifier, or more in a surround-sound 
system). 


The pinouts of a sophisticated quad digital po- 
tentiometer chip are shown in Figure 8-4. Other 
quad chips have different pinouts and capabili- 
ties; there is no standardized format as there is 
with digital logic chips. In this example, the high/ 
low states of Address 0 and Address 1 select one 
of the four internal resistor ladders, numbered 0 
through 3. The Chip Select pin makes the whole 
chip either active or inactive. The Write Protect 
pin disables writing to the internal wiper mem- 
ory. The Serial Clock pin inputs a reference pulse 
stream to which the serial input data must be 
synchronized. The Hold pin pauses the chip while 
data is being transmitted, allowing the data 
transmission to be resumed subsequently. The 
NC pins have no connection. 


Volatile and Nonvolatile Memory 
Any type of digital potentiometer requires mem- 
ory to store its current wiper position, and this 
memory may be volatile or nonvolatile. Nonvo- 
latile memory may be indicated in a datasheet 
by the term NV. 


A digital potentiometer with volatile memory 
will typically reset its wiper to a center-tap posi- 
tion if power is disconnected and then restored. 
A digital potentiometer with nonvolatile mem- 
ory will usually restore the most recently used 
wiper position, provided the chip is fully pow- 
ered down and then fully powered up without 
glitches in the supply. Ifa microcontrolleris being 
used to control the digital potentiometer, it can 
store the most recent resistance value in its own 
nonvolatile memory, in which case the type of 
memory in the potentiometer becomes 
irrelevant. 
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Quad Digital Potentiometer 


Serial Out Hold 
Address 0 Ser Clock 
Wiper 3 Low 2 
High 3 High 2 
Low 3 Wiper 2 


NC { ) NC 


V+ \- 
Low 0 TL Wiper 1 


High O 
Wiper 0 
(On Semiconductor CAT5251) 


Chip Select 
Write Prot 


Address 1 
Serial In 





Figure 8-4. Pinouts of a sophisticated quad digital poten- 
tiometer chip. Other chips will have different pinouts and 
capabilities. This example is available in surface-mount 
formats only. See text for details. 


Taper 

Digital potentiometers are available with /inear 
taper or logarithmic taper. In the former, each re- 
sistor in the ladder has the same value. In the lat- 
ter, values are chosen so that the cumulative re- 
sistance between the wiper and the L end of the 
ladder increases geometrically as the wiper steps 
toward the H end of the ladder. This is useful in 
audio applications where sound intensity that 
increases exponentially may seem to increase 
linearly when perceived by the human ear. 


A microcontroller can emulate logarithmic steps 
by skipping some taps in the ladder in a digital 
potentiometer, but this will result in fewer incre- 
ments and lower precision. 


Data Transfer 


Digital potentiometers are mostly designed to 
use one of three serial protocols: 


e SPI. This acronym is derived from serial pe- 
ripheralinterface,a term trademarked by Mo- 
torola but now used generically. The stan- 
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dard is adapted in various radically different 
ways among digital potentiometers. 


« /2C. More correctly printed as /?C and prop- 
erly pronounced “I squared C,” this acronym 
is derived from the term inter-integrated cir- 
cuit. Developed by Philips in the 1990s, itis a 
relatively slow-speed bus-communication 
protocol (up to 400kbps or 1Mbps inits basic 
form). It is built into some microcontrollers. 
The standard is more uniformly and rigor- 
ously defined than SPI. 


e Up/down, also sometimes known as push- 
button or increment/decrement protocol. 


Both SPI and |I2C are supported by many micro- 
controllers, including the Atmel AVR at the heart 
of the Arduino. 


These three systems for controlling a digital po- 
tentiometer are described in more detail in the 
following sections. 


SPI 


This is the most widely used protocol, but when 
reading datasheets, a lot of care must be taken 
to determine how it varies in each case. 


The Microchip 4131-503, shown in Figure 8-5, 
uses SPI protocol. It contains 128 resistors and 
can be powered by 1.8VDC to 5.5VDC. 


The one feature that all versions of SPI have in 
common is that a series of high/low pulses is in- 
terpreted by the chip asa set of bits whose value 
defines a tap point in the resistor ladder. In com- 
puter terminology, every tap point has an ad- 
dress. The incoming bits define the address, after 
which the status of an additional input pin can 
tell the chip to move the wiper to that location. 


Typically, there will be achip select pin, identified 
as CS;a serial data input pin, identified as SDA, Sl, 
DIN, or a similar acronym; and a serial clock pin, 
identified as SCL, SCLK, or SCK, which must re- 
ceive a stream of pulses to which the high/low 
data input pulses must be synchronized. In ad- 
dition, the SPI protocol allows bidirectional (du- 
plex) serial communication. Only a minority of 
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digital potentiometers make use of this capabil- 
ity, but where it exists, a serial data output pin 
may be labeled SDO. Alternatively, one pin may 
be multiplexed to enable both input and output, 
in which case it may be labeled SDI/SDO. 





Figure 8-5. This digital potentiometer uses SPI protocol. 
See text for details. 


If a pin is active-low, a bar (a horizontal line) will 
be printed above its acronym. 


The most common type of digital potentiometer 
has 255 resistors and therefore 256 tap points, 
which have addresses numbered 0 through 255, 
each of which can be specified by a sequence of 
eight data bits constituting one byte. However, a 
different coding system will be applied in chips 
that have a different number of taps. In a 32-tap 
component, for instance, data is still sent in 
groups of eight bits, but only the first five bits 
define a tap address, while the remaining three 
are interpreted as commands to the chip. 


Most 256-tap chips use an SPI protocol in which 
two eight-bit bytes are sent, the first being inter- 
preted by the chip as a command, while the sec- 
ond specifies a tap address. Each manufacturer 
may use a different set of command codes, and 
these will vary among chips even from the same 
manufacturer. 


Variants 


Most commonly, three wires are used for data 
transmission and control (causing these chips to 
be described as 3-wire programmable potenti- 
ometers). 


CS is usually, but not always, pulled low to acti- 
vate the digital potentiometer for input. A series 
of low or high states is then applied to the data- 
input pin. Each time the clock input changes 
state (usually on the rising edge of the clock 
pulse) the state of the data input is copied to a 
shift register inside the chip. After all the bits 
have been clocked in, CS can change from low to 
high, causing the contents of the shift register to 
be copied into a decoder section of the chip. The 
first bit received becomes the most significant bit 
in the decoder. The value of the eight bits is de- 
coded, and the chip connects the W pin directly 
to the corresponding tap along the ladder of 255 
internal resistors. 


I2C Protocol 


The |2C specification is controlled by NXP Semi- 
conductors (formerly Philips), but can be used in 
commercial products without paying licensing 
fees. Only two transmission lines are required: 
one carrying a clock signal, the other allowing 
bidirectional data transfer synchronized with the 
clock (although many digital potentiometers use 
the 12C connection only to receive data). The pins 
are likely to be identified by the same acronyms 
as the pins on a chip that uses SPI protocol. 


As in SPI, a command byte is followed by a data 
byte, although the commandset differs from that 
of SPl and will also differ among various |2C chips. 
Full implementation of I2C allows multiple devi- 
ces to share a single bus, but this capability may 
remain unused. 


Up/Down Protocol 


This simpler, asynchronous protocol does not re- 
quire a clock input. The chip will respond to data 
pulses that are received at any speed (up to its 
maximum speed), and the pulse widths can be 
inconsistent. 
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Variants 


Each pulse moves the wiper connection one step 
up or down the ladder. While this has the advan- 
tage of simplicity, the taps are not addressable, 
and consequently the wiper cannot skip to any 
tap without passing through intervening taps 
incrementally. This is not aninconvenience when 
the potentiometer controls audio gain, which is 
a primary application. 


In some chips, an increment pin, usually labeled 
INC, receives pulses while the high or low state 
of a second pin, usually labeled U/D, determines 
whether each pulse will step the wiper up the 
ladder or down the ladder. 


In other chips, pulses to an Up pin will step the 
wiper up the ladder, while pulses to a Down pin 
will step the wiper down the ladder. 


Either of these chip designs can be referred to as 
a two-wire type. If an additional chip-select pin is 
included (labeled CS on datasheets), this type of 
digital potentiometer can be referred to as a 
three-wire type. The chip select pin is likely to be 
active-low, meaning that so long as it has a high 
state, the chip will ignore incoming signals. 


The CAT5114 shown in Figure 8-6 uses an U/D 
pin. It contains 31 resistors, is available in 8-pin 
DIP or surface-mount formats, and can be pow- 
ered by 2.5VDC to 6VDC. Each of its logic inputs 
draws only 10uA. 


In six-pin chips the INC pin is omitted, one of the 
H, L, or W pins will be omitted, and the U/D pin 
will function differently. When CS is pulled low, 
the chip checks the state of the U/D pin. If it is 
high, the chip goes into increment mode; if it is 
low, the chip goes into decrement mode. So long 
as CS remains low, each transition of the U/D pin 
from low to high will either increment or decre- 
ment the wiper position, depending on the 
mode that was sensed initially. When CS goes 
high, further transitions on the U/D pin will be 
ignored until CS goes low again, at which point 
the procedure repeats. 
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Figure 8-6. This digital potentiometer contains 31 resis- 
tors and uses the simplest up/down protocol! to step from 
one tap to the next. 


The chip does not provide any feedback regard- 
ing the position of its wiper, and consequently a 
control device such as a microcontroller cannot 
know the current wiper position. If the chip has 
nonvolatile memory (as is the case in many up/ 
down digital potentiometers), it will resume its 
previous wiper location at power-up, but here 
again a control device will have difficulty deter- 
mining what that position is. Therefore, in its ba- 
sic form, an up/down chip is only appropriate for 
simple tasks, especially in response to up/down 
pushbuttons. 


Other Control Systems 

A few digital potentiometers use a parallel inter- 
face. Because they are relatively uncommon, 
they are not included here. 


Connections and Modes 

Some variants of digital potentiometers mini- 
mize the chip size and number of connections by 
limiting accessibility to the internal resistor lad- 
der. In a chip designed to function in rheostat 
mode, the W pin is eliminated and the chip moves 
an internal connection point to change the re- 
sistance between the H and L pins. 
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In some variants, the low end of the ladder is 
permanently, internally connected with ground, 
and the L pin is omitted. In other variants, one 
end of the ladder is unconnected inside the chip. 


A chip designed to function in voltage divider 
mode will include all three pins—H, L, and W— 
except in some instances where the low end of 
the ladder is grounded internally. 


Variants are shown in Figures 8-7, 8-8, 8-9, and 
8-10. Because some pins may be omitted, and 
there is no standardization of function among 
the pins that do exist, circuits and chips must be 
examined carefully prior to use. 


V+ 
OV 
Serial clock 


High 
Wiper 
Serial data in 





(Texas Instruments TPLO401A, CAT5125) 


Figure 8-7. Some digital potentiometers minimize chip 
size and provide specialized functionality by eliminating 
pins. In the variant shown here, the W pin provides a volt- 
age between H and an internal ground connection. The 
chip is controlled via I2C serial protocol. 


Low 
Wiper 


Serial clock Serial data in 


- aia 





(Texas Instruments TPLO401C) 


Figure 8-8. In this variant, the H end of the internal resis- 
tor ladder is allowed to float inside the chip, and the digital 
potentiometer functions as a rheostat. The chip is con- 
trolled via I2C serial protocol. 


Values 


V+ 
OV 
Up/Down 
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Chip select 





(Texas Instruments CAT5118, CAT5123) 


Figure 8-9. This variant provides a variable resistance be- 
tween the H pin and an internal connection with negative 
ground. Pin 5 is omitted. The chip is controlled by up/ 
down pulses. 
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(Texas Instruments CAT5119, CAT5124 


Figure 8-10. This variant provides a variable resistance 
between H and L pins, without allowing either end of the 
resistor ladder to float. The W pin is omitted, as the wiper 
is tied internally to the H pin. The chips listed are con- 
trolled by up/down pulses. 


Values 





A primary limitation of digital potentiometers is 
that they cannot withstand significant current. 
This may prevent them from being substituted 
for an analog potentiometer unless changes are 
made in the circuit. H, L, and W pins are usually 
unable to source or sink continuous, sustained 
current exceeding 20mA. 


Wiper resistance is the resistance that is added 
internally bythe wiper. This is nontrivial; itis often 
around 1009, and can be as high as 2000. 


Typical end-to-end resistance of the ladder of in- 
ternal resistors may range from 1K to 100K. Val- 
ues of 1K, 10K, and 100K are common. 
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How to Use It 


While the number of taps is likely to be a power 
of two in chips where the taps are addressable, 
up/down chips are not so constrained and may 
contain, for example, 100 taps. 


The end-to-end resistance of a whole ladder may 
vary by as much as 20% from one sample of a 
chip to the next. Among resistor ladders in digital 
potentiometers sharing the same chip (i.e., in du- 
al or quad chips) the variation will be much 
smaller. 


Almost all digital potentiometers are designed 
fora supply voltage of 5V or less. The Hand L pins 
are not sensitive to polarity, but the voltage ap- 
plied to either of them must not exceed the sup- 
ply voltage. 


How to Use It 


While most microcontrollers contain one or more 
analog-digital converters that change an analog 
input to an internal numeric value, a microcon- 
troller cannot create an analog output. A digital 
potentiometer adds this functionality, although 
applications will be restricted by its limitation on 
current. 





An up/down digital potentiometer can be con- 
trolled directly by a pair of pushbuttons, one of 
which will increase the resistance value while the 
other will reduce it. The pushbuttons must be 
debounced when used in this way. An alternative 
to pushbuttons is a rotational encoder, which 
emits a stream of pulses when its shaft is turned. 
In this case, an intermediate component (prob- 
ably a microcontroller) will usually interpret the 
pulse stream and change it to a format that the 
digital potentiometer can understand. 


Where a digital potentiometer is used in audio 
applications, it should be of the type that moves 
the wiper connection from one tap to another 
during azero crossing of the audio signal (i.e., that 
is, atthe moment when the AC input signal pass- 
es through OV on its way from positive to nega- 
tive or negative to positive). This suppresses the 
“click” that otherwise tends to occur during 
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switching. Potentiometers with this feature may 
include phrases such as “glitch free” in their da- 
tasheets. 


Digital potentiometers that are intended primar- 
ily for audio applications often have 32 taps 
spaced at intervals of 2dB. This will be sufficient 
to satisfy most listeners. 


Achieving Higher Resolution 

For sensitive applications where a resolution 
with more than 1,024 steps is required, multiple 
digital potentiometers with different step values 
can be combined. One way of doing this is shown 
in Figure 8-11.In this circuit, the wipers of P2 and 
P3 must be moved in identical steps, so that the 
total resistance between the positive power sup- 
ply and negative ground remains constant. 
These two potentiometers could be contained in 
a dual chip, and would receive identical up/down 
commands. P1 is at the center of the voltage di- 
vider formed by P2 and P3, and is adjusted sep- 
arately to “fine tune” the output voltage that is 
sensed at point A. 


If all three of the potentiometers in this circuit 
contain 100 taps, a combined total of 10,000 re- 
sistance steps will be possible. 





Figure 8-11. /f all three digital potentiometers in this sche- 
matic have 100 taps, and the wipers of P2 and P3 are 
moved in synchronization, the voltage measured at point 
A can have a high resolution of up to 10,000 steps. 
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What Can Go Wrong 





Noise and Bad Inputs 

Because a digital potentiometer is capable of re- 
ceiving data at speeds as high as 1MHz, it is sen- 
sitive to brief input or power fluctuations, and 
can misinterpret them as instructions to move 
the wiper—or can misinterpret them as com- 
mand codes, ina component using SPI or I2C se- 
rial protocol. 


To minimize noise in the power supply, some 
manufacturers recommend installing a 0.1 UF ca- 
pacitor as close as possible to the power supply 
pin of the component. In addition, it is obviously 
important to provide clean input signals. This 
means thorough debouncing of any electrome- 
chanical switch or pushbutton inputs. 


Wrong Chip 
The wide diversity of input protocols and pinouts 
creates many opportunities for installation error. 


Up/down, SPI, and I2C protocol require totally 
different pulse streams. Many manufacturers of- 
fer components that are distinguished from each 
other by just one or two digits in their part num- 
bers, yet have radically different functionality. 


If more than one specific type of digital potenti- 
ometer may be used during circuit development, 
they should be stored carefully to avoid inadver- 
tant substitutions. Using the wrong chip may be 
particularly confusing in that an inappropriate 
input protocol will still produce some results, al- 
though not those which were intended. 


Controller and Chip Out of Sync 


As noted in the discussion of data transmission 
protocols, most digital potentiometers are not 
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capable of providing feedback to confirm the 
position of the internal wiper. A designer may 
wish to include a power-up routine which estab- 
lishes the state of the digital potentiometer by 
resetting it to a known position, at one end of its 
scale or the other. 


Nonlinear Effects 

While the end-to-end resistance of the resistor 
ladder inside a digital potentiometer is not likely 
to be affected significantly by changes in tem- 
perature, the resistance at the wiper is more heat 
sensitive. 


In an up/down chip, there can be differential er- 
rors between incremental and decremental 
modes. In other words, if a tap is reached by step- 
ping up to it incrementally, the resistance be- 
tween the W pin and Hor L may not be quite the 
same as if the same tap is reached by stepping 
down to it decrementally. The difference may not 
be significant, but may be puzzling for those who 
are unfamiliar with this phenomenon. 


Some differences may be found among resistors 
in a ladder. That is, in a supposedly linear digital 
potentiometer, each resistor may differ in value 
slightly from the next. 


Data Transfer Too Fast 

When using a microcontroller to send data to a 
digital potentiometer, a small delay may be nec- 
essary between pulses, depending on the mi- 
crocontroller’s clock speed. A digital potentiom- 
eter may require a minimum pulse duration of 
500ns. Check the manufacturer's datasheet for 
details. 
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A device that creates a single timed pulse, ora series of timed pulses with timed intervals 
between them, is properly known as a multivibrator, although the generic term timer 


has become much more common and is used here. 


Three types of multivibrator exist: astable, monostable, and bistable. The behavior of 
astable multivibrators and monostable multivibrators is described in detail in this entry. A 
timer chip can also be made to function as a bistable multivibrator. This is described 
briefly below, but it is not a designed function of a timer. The primary discussion of 
bistable multivibrators will be found in the entry of this encyclopedia dealing with flip- 


flops. 
OTHER RELATED COMPONENTS 


¢ flip-flop (See Chapter 11) 


What It Does 


A monostable timer emits a single timed pulse of 
fixed lengthin response to a triggering input that 
is usually of shorter duration. Many monostable 
timers are also capable of running in astable 
mode, in which the timer spontaneously emits 
an ongoing stream of timed pulses with timed 
gaps between them. A dual-mode timer can run 
in either mode, determined either by external 
components attached to it, or (less commonly) 
by changing the status of a mode selection pin. 





Monostable Mode 


In monostable mode, the timer emits a pulse in 
response to a change from high to low voltage 
(or, less commonly, from low to high voltage) at 
a trigger pin. Most timers respond to a voltage 
level at the trigger pin, but some are insensitive 
to any persistent pin state and only respond toa 
voltage transition. This is known as edge 
triggering. 


The pulse generated by the timer may consist of 
a change from low to high (or, less commonly, 
from high to low) at an output pin. The length of 
the pulse will be determined by external com- 
ponents, and is independent of the duration of 
the triggering event, although in some cases, an 
output pulse may be prolonged by retriggering 
the timer prematurely. This is discussed below. 


At the end of the output pulse, the timer reverts 
to its quiescent state, and remains inactive until 
it is triggered again. 


A monostable timer can control the duration of 
an event, such as the time for which a light re- 
mains on after it has been triggered by a motion 
sensor. Alternatively, the timer can impose a de- 
lay, such as the interval during which a paper 
towel dispenser refuses to respond after a towel 
has been dispensed. A timer can also be useful 
to generate a clean pulse in response to an un- 
stable or noisy input, as from a manually operat- 
ed pushbutton. 
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How It Works 


Astable Mode 


In astable mode, a timer will generally trigger it- 
self as soon as power is connected, without any 
need for an external stimulus. However, the out- 
put can be suppressed by applying an appropri- 
ate voltage to a reset pin. 


External components will determine the dura- 
tion of each pulse and the gap between it and 
the next pulse. The pulse stream can be slow 
enough to control the flashing of a turn signal in 
a 1980s automobile, or fast enough to control the 
bit rate in a data stream from a computer. 


Modern timer circuits are often incorporated in 
chips that have other purposes. The flashing of a 
turn signal in a modern car, for instance, is now 
likely to be timed by a microcontroller that man- 
ages many other functions. Still, chips that are 
purely designed as timers remain widely used 
and are very commonly available in numerous 
through-hole and surface-mount formats. 


How It Works 


The duration of a single pulse in monostable 
mode, or the frequency of pulses in astable 
mode, is most commonly determined by an ex- 
ternal RC network consisting of a resistor in series 
with a capacitor. The charging time of the capac- 
itoris determined by its own size and by the value 
of the resistor. The discharge time will be deter- 
mined in the same way. A comparator inside the 
timer is often used to detect when the potential 
on the capacitor reaches a reference voltage that 
is established by a voltage divider inside the chip. 





Variants 





The 555 Timer 


An eight-pin integrated circuit manufactured by 
Signetics under part number 555 was the world’s 
first fully functioned timer chip, introduced in 
1972. It combined two comparators with a flip- 
flop (see Chapter 11) to enable great versatility 
while maintaining excellent stability over a wide 
range of supply voltages and operating temper- 
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atures. Subsequent timers have been heavily in- 
fluenced by this design. A typical 555 timer chip 
is shown in Figure 9-1. 





Figure 9-1. A typical 555 timer chip. Functionally identical 
versions in which the “555” identifier is preceded or fol- 
lowed by different letter combinations are available from 
many different manufacturers. 


The 555 was designed by one individual, Hans 
Camenzind, working as an independent consul- 
tant for Signetics. According to a transcript of an 
interview with Camenzind maintained online at 
the Transistor Museum, “There was nothing like 
it at the time. You had to use quite a few discrete 
components—a comparator, a Zener diode or 
even two. It was not a simple circuit.’ 


The 555 timer quickly became the most widely 
used chip in the world, and was still selling an 
annual estimated 1 billion units three decades 
after its introduction. It has been used in space- 
craft, in intermittent windshield wiper control- 
lers, in the early Apple Il (to flash the cursor), and 
in children’s toys. Like many chips of its era, its 
design was unprotected by patents, allowing it 
to be copied by numerous manufacturers. 


The initial version was built around bipolar tran- 
sistors, and consequently is referred to as the 
bipolar version or (more often) the TTL version, 
this being a reference to transistor-transistor log- 
ic protocol. Within a few years, CMOS versions 
based around MOSFETs were developed. They 
reduced the ability of the chip to sink or source 
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current at its output pin, but consumed far less 
power, making them better suited to battery- 
operated products. The CMOS versions were and 
still are pin-compatible with the original bipolar 
version, both in through-hole and_ surface- 
mount formats. Their timing parameters are usu- 
ally the same. 


555 Monostable Operation 


The internal functionality of a 555 timer wired to 
run in monostable mode is illustrated in 
Figure 9-2 with the chip seen from above. The 
pins are identified in datasheets by the names 
shown. To assist in visualizing the behavior of the 
chip, this figure represents the internal flip-flop 
as a switch which can be moved by either of two 
internal comparators, or by an input from the 
Reset pin. 





Vcc 


+ 
R1 
Discharge 
1 






Output 


Threshold 


c 


Reset 


Figure 9-2. The internal functions of a 555 chip, with its 
flip-flop represented as a switch that can be moved by ei- 
ther of two comparators, or by a low voltage on the Reset 
pin. An external resistor and capacitor, shown as R1 and 
Cl, cause the timer to run in monostable (one-shot) 
mode, generating a single high pulse when the state of the 
Input pin is pulled from high to low. 


Inside the chip, three resistances of 5K each are 
connected between V+ (positive supply voltage) 
and negative ground. It has been suggested that 
the part number of the 555 chip was derived from 
these three 5K resistors, but Hans Camenzind has 
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pointed out that Signetics was already using 
three-digit part numbers beginning with the 
number 5,and probably chose the 555 part num- 
ber because the sales department had high ex- 
pectations for the chip and wanted its number 
to be easily memorable. (A similar rationale ex- 
plains the part number of the 2N2222 transistor.) 


The resistances inside the timer function as a 
voltage divider, providing a reference of 1/3 of V+ 
to the noninverting pin of Comparator A and 2/3 
of V+ to the inverting pin of Comparator B. (See 
Chapter 6 for an explanation of the functioning 
of comparators.) 


When power is initially supplied to the timer, if 
the Input pin is at ahigh state, Comparator A has 
a low output, and the flip-flop remains in its “up” 
position, allowing the Output pin to remain ina 
low state. The flip-flop also grounds the lower 
end of R1, which prevents any charge from ac- 
cumulating on capacitor C1. 


If the state of the Input pin is pulled down exter- 
nally to a voltage less than 1/3 of V+, Comparator 
A now creates a high output that changes the 
flip-flop to its “down” position, sending a high 
signal out through the Output pin. At the same 
time, C1 is no longer grounded, and begins to 
charge at a rate determined by its own size and 
by the value of R1. When the charge on the ca- 
pacitor exceeds 2/3 of V+, it activates Compara- 
tor B, which forces the flip-flop into its “up” posi- 
tion. The Output pin goes low, C1 discharges it- 
self into the Discharge pin, and the timer’s cycle 
is at an end. 


The low voltage on the Input pin of the timer 
must end before the end of the output cycle. If 
the voltage on the Input pin remains low, it will 
re-trigger the timer, prolonging the output 
pulse. 


A pullup resistor may be used on the Input pin to 
avoid false triggering, especially if an external 
electromechanical switch or pushbutton is 
used to pull down the Input pin voltage. 





Chapter 9 71 


Variants 


The Reset pin should normally be held high, ei- 
ther by being connected directly to positive sup- 
ply voltage (if the reset function will not be need- 
ed) or by using a pullup resistor. If the Reset pin 
is pulled low, this will always interrupt an output 
pulse regardless of the timer’s current status. 


If a voltage higher or lower than 2/3 of V+ is ap- 
plied to the Control pin, this will change the ref- 
erence voltage on Comparator B, which deter- 
mines when the charging cycle of C1 ends and 
the discharge cycle begins. A lower reference 
voltage will shorten each output pulse by allow- 
ing alower charge limit for C1. If the control volt- 
age drops to 1/3 of V+ (or less), the capacitor will 
not charge at all, and the pulse length will di- 
minish to zero. If the control voltage rises to be- 
come equal to V+, the capacitor will never quite 
reach that level, and the pulse length will be- 
come infinite. A workable range for the control 
voltage is therefore 40% to 90% of V+. 


Because the Control pin is an input to the chip, it 
should be grounded through a 0.01pF ceramic 
capacitor if it will not be used. This is especially 
important in CMOS versions of the timer. 


A defect of the bipolar 555 is that it creates a 
voltage spike when its Output pin changes state. 
If it will be sharing a circuit with sensitive com- 
ponents, a 0.01uF bypass capacitor should be 
added as closely as possible between the V+ pin 
and negative ground. The voltage-spike prob- 
lem was largely resolved by the CMOS 555. 


555 Astable Operation 


In Figure 9-3, the 555 timer chip is shown with 
external components and connections to run it 
in astable mode. The pin names remain the same 
but have been omitted from this diagram be- 
cause of limited space. The labeling of the two 
external resistors and capacitor as R1, R2, and C1 
is universal in datasheets and manufacturers’ 
documentation. 


When the timer is powered up initially, capacitor 
C1 has not yet accumulated any charge. Conse- 
quently, the state of the Threshold pin is low. But 
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the Threshold pin is connected externally with 
the Input pin, for astable operation. Consequent- 
ly, the Input pin is low, which forces the flip-flop 
into its “down” state, creating a high output. This 
happens almost instantaneously. 





Figure 9-3. The internal functions of a 555 chip, with two 
external resistors and a capacitor wired to run the timer in 
astable (free-running) mode. 


While the flip-flop is “down,” the Discharge pin is 
not grounded, and current flowing through R1 
and R2 begins to charge the capacitor. When the 
charge exceeds 2/3 of positive supply voltage, 
Comparator B forces the flip-flop into its “up” po- 
sition. This ends the high pulse on the Output 
pin, and starts to drain the charge from the ca- 
pacitor through R2, into the Discharge pin. How- 
ever, the voltage on the capacitor is still being 
shared by the Input pin, and when it diminishes 
to 1/3 of V+, the Input pin reactivates Compara- 
tor A, starting the cycle over again. 


The functions of the Reset and Control pins are 
the same as in monostable mode. Because volt- 
age applied to the Control pin changes the 
length of each pulse and the gaps between pul- 
ses, it has the effect of adjusting the frequency 
of the output in astable mode. 
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When power is first connected to the timer, C1 
must initially charge from an assumed state of 
zero potential to 2/3 V+. Because subsequent cy- 
cles will begin when the capacitor is at 1/3 V+, 
the first high output pulse from the timer will be 
slightly longer than subsequent output pulses. 
This is unimportant in most applications, espe- 
cially because the rate at which a capacitor ac- 
cumulates charge is greater when beginning 
from OV than when it has reached 1/3 V+. Still, 
the longer initial pulse can be noticeable when 
the timer is running slowly. 


Because the capacitor charges through R1 and 
R2 in series, but discharges only through R2, the 
length of each positive output pulse in astable 
mode is always greater than the gap between 
pulses. Two strategies have been used to over- 
come this limitation. See “Separate Control of 
High and Low Output Times” on page 80. 


556 Timer 


The 556 consists of two 555 bipolar-type timers 
in one package. An example of the chip is shown 
in Figure 9-4. The pinouts are shown in 
Figure 9-5. Although 556 timers have become 
relatively uncommon compared with the 555, 
they are still being manufactured in through- 
hole and surface-mount versions by companies 
such as Texas Instruments and STMicroelectron- 
ics, under part numbers such as NA556, NE556, 
SA556, and SE556 (with various letters or letter 
pairs appended). Each timer in the chip has its 
own set of inputs and outputs, but the timers 
share the same V+ and ground voltages. 


558 Timer 


This 16-pin chip is now uncommon, and many 
versions have become obsolete. It has been iden- 
tified by a part number such as NE558 although 
different prefix letters may be used. The NTE926, 
shown in Figure 9-6, is actually a 558 timer. 


The chip contains four 555 timers sharing a com- 
mon power supply, common ground, and com- 
mon control-pin input. For each internal timer, 
the Threshold and Discharge functions are con- 
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nected internally, so that the timers can only be 
used in one-shot mode. However, one timer can 
trigger another at the end of its cycle, and the 
second timer can then retrigger the first, to cre- 
ate an astable effect. 


Each timer is edge-triggered by a voltage transi- 
tion (from high to low), instead of being sensitive 
to a voltage level, as is the case with a 555 timer. 
Consequently the timers in the 558 chip are in- 
sensitive to a constant (DC) voltage. 





Figure 9-4. An example of the 556 timer chip. 








Discharge A 
Threshold A 
Control A 
Reset A 
Output A 
Trigger A 


Discharge B 
Threshold B 
Control B 
Reset B 
Output B 
Trigger B 


556 timer 


Figure 9-5. The 556 timer contains two separate 555 
timers sharing the same power supply and ground. The 
pin functions for timer A and timer B are shown here. 


The output from each timer is an open collector, 
and therefore requires an external pullup resis- 
tor. Each output is capable of sinking up to 
100mA. 
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Figure 9-6. The NTE926 is a 558 timer chip. 


CMOS 555 Timer 


While the part numbers of many CMOS versions 
are significantly different from part numbers of 
the bipolar versions, insome instances the CMOS 
numbers are only distinguished by a couple of 
initial letters. The ST Microelectronics TS555 ser- 
ies and Texas Instruments TLC555 series, for ex- 
ample, use MOSFETs internally. The ST Micro- 
electronics SE555 series and Texas Instruments 
SA555 series use bipolar transistors internally. 


One way to distinguish between the two types, 
when searching a website maintained by a parts 
supplier, is to begin by looking generically for a 
“555 timer” and then add a search filter to show 
chips either with a minimum power supply of 
3VDC (which will be CMOS) or with a minimum 
power suply of 4.5VDC (which will be bipolar). 


CMOS versions of the 555 timer do not create the 
power spike that is characteristic of the bipolar 
versions during output transitions. The CMOS 
chips can also be powered by a lower voltage 
(3VDC, or 2VDCin some cases), and will draw sig- 
nificantly less current in their quiescent state. 
They also require very little current for threshold, 
trigger, and reset functions. 


The wiring of external resistors and capacitors to 
the CMOS version of the chip, and the internal 
voltage levels as a fraction of V+, are identical to 
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the original 555 timer. Pin functions are likewise 
identical. The only disadvantages of CMOS ver- 
sions are their greater vulnerability to static dis- 
charge, and their lower output currents. The 
TLC555, for instance, will source only 15mA (al- 
though it can sink 10 times that amount). Other 
manufacturers have different specifications, and 
datasheets should be checked carefully. 


5555 Timer 


The 5555 contains a digital counter that enables 
it to time very long periods. Its full part number 
is 74HC5555 or 74HCT5555, although these 
numbers may be preceded or followed by letter 
combinations identifying the manufacturer. It is 
not pin-compatible with a 555 timer. 


Two input pins are provided, one to trigger the 
timer on arising edge, the other on a falling edge, 
of the input pulse. The inputs are Schmitt- 
triggered. 


The timer is rated for 1Hz to 1MHz (using an ex- 
ternal resistor and external capacitor). The 
counter section can divide the pulse frequency 
by values ranging from 2 to 256. For longer timed 
periods, different settings on the digital control 
pins will divide the frequency by values ranging 
from 2'7 through 224 (131,072 through 
16,777,216). This enables the timer to achieve a 
theoretical pulse length lasting for more than 
190 days. The timer will accept a clock input from 
an external oscillator to achieve better accuracy 
than is available with a resistor-capacitor timing 
circuit. 


7555 Timer 

This 8-pin chip is a CMOS version of the 555 timer, 
manufactured by companies such as Maxim In- 
tegrated Products and Advanced Linear Devices. 
Its characteristics are similar to those of CMOS 
555 timers listed above, and the pinouts are the 
same. 


7556 Timer 


This 14-pin chip contains two 7555 timers, shar- 
ing common power supply and ground connec- 
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tions. Pinouts are the same as for the original 556 
timer, as shown in Figure 9-5. 


4047B Timer 

This 14-pin CMOS chip was introduced in an ef- 
fort to address some of the quirks of the 555 timer 
while also providing additional features. It runs 
in either monostable or astable mode, selectable 
by holding one input pin high or another input 
pin low. In astable mode, its duty cycle is fixed at 
approximately 50%, a single resistor being used 
for both charging and discharging the timing ca- 
pacitor. An additional “oscillator” output runs 
twice as fast as the regular output. 


In monostable mode, the 4047B can be triggered 
by a positive or negative transition (depending 
on which of two input pins is used). It ignores 
steady input states and will also ignore addition- 
al trigger pulses that occur during the output 
pulse. However, a retrigger pin is provided to ex- 
tend the output pulse if desired. 


Complementary output pins are provided, one 
being active-high while the other is active-low. 


To time very long periods, the 4047B was de- 
signed to facilitate connection with an external 
counter. 


The power supply for the 4047B can be as low as 
3VDC. Its maximum source or sink output current 
is only 1mA when powered at 5VDC, but up to 
6.8mA when powered at 15VDC. 


The chip is still available from manufacturers 
such as Texas Instruments (which markets it as 
the CD4047B) in through-hole and _ surface- 
mount formats. However, despite its versatility, 
the 4047B is less popular than dual monostable 
timers, described in the next section. 


Dual Monostable Timers 


Various timers that run only in monostable mode 
are available in dual format (i.e., two timers inone 
chip). This format became popular partly be- 
cause two monostable timers can trigger each 
other to create an astable output, in which the 
pulse width, and the gap between pulses, can be 
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set by a separate resistor-capacitor pair on each 
timer. This allows greater flexibility than is avail- 
able when using a 555 timer. 


Most dual monostable timer chips are edge- 
triggered by a change in input voltage, and will 
ignore a steady DC voltage. Consequently, the 
output from one timer can be connected directly 
to the input of another, and no coupling capaci- 
tors are necessary. 


As inthe 4047B, the user has a choice of two input 
pins for each timer, one triggered by a transition 
from low to high, the other triggered by a tran- 
sition from high to low. Similarly, each timer has 
two outputs, one shifting from low to high at the 
start of the output cycle, the other shifting from 
high to low. 


The values of a single resistor and capacitor de- 
termine the pulse duration of each timer. 


Dual monostable timers often have the numeric 
sequence 4528 or 4538 in their part numbers. 
Examples include the HEF4528B from NXP, the 
M74HC4538 from STMicroelectronics, and the 
MC14538B from On Semiconductor. The 74123 
numeric sequence identifies chips that have a 
very similar specification, with chip-family iden- 
tifiers suchas HC orLS inserted, asin the 74HC1 23 
and 74LS123, and additional letters added as 
prefix or suffix. The pinouts of almost all these 
chips are identical, as shown in Figure 9-7. How- 
ever, Texas Instruments uses its own numbering 
system, and datasheets should always be con- 
sulted for verification before any connections are 
made. 


Many chips of this type are described as “retrig- 
gerable,’ meaning that if an additional trigger 
pulse is applied to the input before an output 
pulse has ended, the current output pulse will be 
extended in duration. Check datasheets carefully 
to determine whether a chip is “retriggerable” or 
will ignore new inputs during the output pulse. 


The 74HC221 dual monostable vibrator (pic- 
turedin Figure 9-8) functions very similarly to the 
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components cited above, but has slightly differ- 
ent pinouts. 












Reset A 

Low-high input A 
High-low input A 
Low-high output A 
High-low output A 


Reset B 

Low-high input B 
High-low input B 
Low-high output B 
High-low output B 


Dual Monostable Timer ( 


Figure 9-7. Pin functions for most 4528, 4538, and 74123 
series of dual monostable timer chips. An RC network is 
shown connected for each timer. Note that Texas Instru- 
ments uses different pinouts on its versions. 





Figure 9-8. A dual-timer chip containing two monostable 
multivibrators that can function in astable mode if they 
are connected externally to trigger each other. 
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555 Timer Values 

The original bipolar version of the 555 timer was 
designed to operate using a wide range of posi- 
tive supply voltages, from 4.5VDC to 16VDC. 
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CMOS versions vary in their recommended V+ 
values, and datasheets must be consulted for 
verification. 


The output of a bipolar 555 is rated to source or 
sink up to 200mA. In practice, the maximum cur- 
rent will be lower when the timer is powered at 
the low end of its range, around 5VDC. Attempt- 
ing to source more than 50mA will pull down the 
voltage internally, affecting operation of the 
timer. 


CMOS versions all impose restrictions on output 
current, allowing higher values for sinking than 
sourcing. Again, datasheets must be consulted 
for the values, which vary widely from one com- 
ponent to another. 


The voltage measured on the output pin, when 
itis used for sourcing current, will always be low- 
er than the power supply voltage, anda 1.7V drop 
is commonly specified for bipolar versions. In 
practice, the voltage drop that is actually meas- 
ured may be less, and will vary according to the 
load on the output. 


The voltage drop does not increase significantly 
with a higher supply voltage, and because it is a 
relatively constant value, it becomes less signifi- 
cant when a higher value for V+ is used. 


CMOS versions of the 555 timer achieve a claim- 
ed output source voltage that is only 0.2V less 
than the power supply. 


When choosing values for R1 and R2,a minimum 
for each resistor is 5K, although 10K is preferred. 
Lower values will increase power consumption, 
and may also allow overload of the internal elec- 
tronics when the chip sinks current from C1. A 
typical maximum value for each resistor is 10M. 


A high-value capacitor may cause the timer to 
function less accurately and predictably, be- 
cause large capacitors generally allow more /eak- 
age. This means that the capacitor will be losing 
charge at the same time that it is being charged 
through R1 + R2. If these resistors have high val- 
ues, and the capacitor has a value of 100uF or 
more, the rate of charge may be so low that it is 





76 Encyclopedia of Electronic Components Volume 2 


integrated circuit > analog > timer 


comparable with the rate of leakage. For this rea- 
son, a 555 timer is not a good choice for timing 
intervals much greater than a minute. If a large- 
value capacitor is used, tantalum is preferable to 
electrolytic. 


The minimum practical value for a timing capac- 
itor is around 100pF. Below this, performance 
may not be reliable. 


Although some CMOS versions may enable fast 
switching, the shortest practical output pulse for 
a 555 timer is around 10 microseconds. On the 
input pin, a triggering pulse of at least 1 micro- 
second should be used. 


Time Calculation in 
Monostable Mode 


If R1 is measured in kilohms and C1 is measured 
in microfarads, the pulse duration, T, in seconds, 
of a555 timer running in monostable mode can 
be found from this simple formula: 


T = 0.0011 * R1 * C1 


This relationship is the same in all versions of the 
555. Figure 9-9 provides a quick and convenient 
way to find the pulse value using some common 
values for R1 and C1. Resistors can be obtained 
with tolerances below plus-or-minus 1%, but ca- 
pacitors are often rated with an accuracy of only 
plus-or-minus 20%. This will limit the accuracy of 
the pulse values shown in the chart. 


Time Calculation in Astable Mode 

If R1 and R2 are measured in kilohms and C1 is 
measured in microfarads, the frequency of pul- 
ses, F (measured in Hz) of a 555 timer running in 
astable mode can be found from this simple 
formula: 


F = 1440 / ( ( R1 + (2 * R2) ) * C1) 


This relationship is found in all versions of the 
555. Figure 9-10 shows the frequency for com- 
mon values of R2 and C1, assuming that the value 
of R1 is 10K. In Figure 9-11, a value of 100K is as- 
sumed for R1. 
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Figure 9-9. To determine the pulse duration of a 555 tim- 
er running in monostable mode: find the value of R1 on the 
horizontal scale, follow its vertical grid line upward to the 
intersection with a green line which corresponds with the 
value of capacitor C1, and read across to the vertical scale 
providing the duration in seconds. Both axes are logarith- 
mic. 


Dual Monostable Timers 


Dual chips such as the HEF4528B from NXP, the 
M74HC4538 from STMicroelectronics, the 
MC14538B from On Semiconductor, and the 
74HC123 from Texas Instruments have widely 
varying requirements for power supply. Some 
accept a limited range from 3VDC to 6VDC, while 
others tolerate a range of 3VDC to 20VDC. When 
powered with 5VDC their required input and 
output states are compatible with those of 5V 
logic chips. 


Output pins of these chips source and sink no 
more than 25mA (much less in some instances). 
Because there are so many variants, they cannot 
be summarized here, and datasheets must be 
consulted for details. 
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Figure 9-10. To obtain the frequency of a 555 timer run- 
ning in astable mode, when R1 has a value of 10k: find the 
value of R2 on the horizontal scale, follow its vertical grid 
line upward to the intersection with a green curve which 
corresponds with the value of capacitor Cl, and read 
across to the vertical scale providing the frequency in 
Hertz. Both axes are logarithmic. 


As these timers are all monostable, and each tim- 
er uses just one resistor and one capacitor, the 
only formula required is to give the pulse time as 
a function of these two variables. If R is the resis- 
tor value in ohms, and F is the capacitor value in 
farads, and K is a constant supplied by the man- 
ufacturer, the pulse time T, in seconds, is found 
from the formula: 


T=R*F*K 
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Figure 9-11. To obtain the frequency of a 555 timer run- 
ning in astable mode, when RI has a value of 100K: find 
the value of R2 on the horizontal scale, follow its vertical 
grid line upward to the intersection with a green curve 
which corresponds with the value of capacitor Cl, and 
read across to the vertical scale providing the frequency in 
Hertz. Both axes are logarithmic. 


K ranges between 0.3 and 0.7 depending on the 
manufacturer and also on the voltage being 
used. Its value should be found in the manufac- 
turer’s datasheet. If R is measured in megohms 
and F is measured in microfarads, the formula is 
still valid, as the multipliers cancel each other out. 


Generally speaking, these dual monostable 
CMOS timers are not intended for pulse duration 
exceeding 1 minute. 
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The timing capacitor should be no larger than 
10uF, as it discharges directly and rapidly 
through the chip. 


How to Use It 


Where a timer is required to drive a load such as 
a relay coil or small motor directly, the original 
TTL version of the 555 timer will be the only 
choice. Even in this instance, a protection diode 
must be used across the inductive device. 





For smaller loads and applications in chip-to- 
chip circuits, CMOS versions of the 555, including 
the 7555, use less power, cause less electrical in- 
terference, and are pin-compatible while using 
the same formulae to calculate frequency in as- 
table mode or pulse duration in monostable 
mode. They are of course more vulnerable to 
static discharge, and care must be taken to make 
a connection to every pin (the capacitor that 
grounds the Control pin, if Control is not going 
to be used, is mandatory). 


In dual monostable timers, unused rising-edge 
trigger inputs should be tied to V+ while unused 
falling-edge trigger inputs should be tied to 
ground. A Reset pin that will not be used should 
be tied to V+, unless that entire timer section of 
the chip will be unused, in which case the pin 
should be grounded. 


To measure durations longer than a few minutes, 
a timer which incorporates a programmable 
counter to divide the clock frequency is the sen- 
sible choice. See the description of the 5555 tim- 
er that was included earlier in this entry. 


The original bipolar version of the 555 remains a 
robust choice in hobby applications such as ro- 
botics, and its design allows some versatile var- 
iations which may even be used in logic circuits. 
A variety of configurations are shown in the sche- 
matics below. 


555 Monostable Mode 


The basic schematic for a 555 timer running in 
monostable mode is shown in Figure 9-12. In this 
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particular example, a pushbutton that is liable to 
suffer from switch bounce is connected to the In- 
put pin of the timer, which responds to the very 
first connection made by the pushbutton and 
ignores the subsequent “bounces,” thus produc- 
ing a “clean” output. To avoid retriggering, which 
results in a prolonged output pulse, the timer’s 
output should exceed the time for which the 
button is likely to be pressed. The output should 
also exceed the duration of any possible switch 
bounce, which can otherwise create multiple 
output pulses. In the schematic, an LED is attach- 
ed to the timer output for demonstration 
purposes. 





Figure 9-12. The basic monostable configuration of a 555 
timer. This particular circuit debounces an input from a 
pushbutton switch and converts it to a clean pulse of fixed 
duration, powering an LED for demonstration purposes. 


This circuit is shown on a breadboard in 
Figure 9-13. The red and blue wires, at the top of 
the photograph, supply 9VDC to the board. R1 is 
1M, while C1 is 1pF, creating a pulse of just over 
1 second. A tactile switch, just above the timer, 
provides the input. 
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Figure 9-13. The basic monostable configuration for a 
555 timer, mounted on a breadboard. 


555 Astable Mode 

A basic schematic for a 555 timer running in as- 
table mode is shown in Figure 9-14. Once again, 
an LED is attached to the output for demonstra- 
tion purposes. If the pulse rate exceeds the per- 
sistence of vision, a small loudspeaker can be 
used instead, in series with a 470 resistor and a 
100uF capacitor. 





Figure 9-14. A 555 timer with external connections and 
components causing it to run in astable (free-running) 
mode. 
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Separate Control of High and Low 
Output Times 

In Figure 9-15, a bypass diode has been added 
around R2. The capacitor now charges primarily 
through R1, as the diode has a much lower ef- 
fective resistance than R2. It discharges only 
through R2, as the diode blocks current in that 
direction. Consequently, the length of the high 
output pulse can be adjusted with the value of 
R1 only, while the length of the low output pulse 
can be adjusted with the value of R2 only. The 
duration of the high output can be lower than, 
or equal to, the duration of the low output, which 
is not possible with the basic configuration of 
components in Figure 9-14. 





Figure 9-15. In this circuit, a diode bypasses R2, so that 
the “on” time and the “off” time of the 555 timer can be 
set independently of each other, with R1 and R2, 
respectively. 


555 Fifty Percent Astable 

Duty Cycle: 1 

In Figure 9-16, the circuit enables a fixed astable 
output duration of approximately 50% high and 
50% low. Initially, C1 has no charge, pulling the 
Input of the timer low, and causing it to begin a 
cycle with a high pulse from the Output pin, as 
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usual. In this demonstration circuit, the output 
illuminates an LED. At the same time, resistor R1 
is attached to the output and charges C1. When 
the voltage on C1 reaches 2/3 of V+, this is com- 
municated to the timer Input pin, which ends the 
“high” cycle and initiates low status on the Out- 
put pin. This starts to sink the charge from C1, 
through R1. When the voltage drops to 1/3 V+, 
this initiates a new cycle. Because only one resis- 
toris used to charge and discharge the capacitor, 
we may imagine that the charge and discharge 
times should be identical. However, a higher load 
onthe output will probably pull down the output 
voltage to some extent, lengthening the charge 
time. Conversely, a load on the Output pin that 
has low resistance will probably sink at least 
some of the charge from the capacitor, shorten- 
ing the discharge cycle. 





Figure 9-16. This configuration provides an approximate 
50-50 on-off duty cycle at the output pin, although the 
precise duration will depend on the load. 


555 Fifty Percent Astable 

Duty Cycle: 2 

In Figure 9-17, a small modification of the basic 
astable circuit shown in Figure 9-14 provides an- 
other way to enable a 50% duty cycle. Compare 
the two schematics, and you will see that just the 
connection between R1 and R2 has been altered 
so that C1 now charges only through R1, and dis- 
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charges only through R2. However, in this con- 
figuration the capacitor is discharging into a volt- 
age divider created by the two resistors. Empiri- 
cal adjustment of the resistor values may be nec- 
essary before the duty cycle is precisely 50%. 





Figure 9-17. An alternative configuration to provide an ap- 
proximate 50-50 on-off duty cycle in a 555 timer. 


Use of the 555 Control Pin 


In Figure 9-18, a potentiometer and two series 
resistors allow a varying voltage to be applied to 
the Control Pin. This will lengthen or reduce both 
the charge and the discharge times of the timing 
capacitor. If values for the capacitor and its asso- 
ciated resistors are chosen to create a frequency 
of approximately 700Hz, a 10K potentiometer 
should demonstrate more than an octave of au- 
dible tones through the loudspeaker. Other com- 
ponents can be substituted for a potentiometer, 
creating possibilities for producing pulse-width 
modulation. Alternatively, if a large capacitor is 
added between the Control pin and ground 
while a second 555 timer, running slowly in as- 
table mode, applies its output to the Control pin, 
the charging and discharging of the capacitor 
will apply a smoothly rising and falling voltage. 
If the first 555 timer is running at an audio fre- 
quency, the output will have a “wailing siren” 
effect. 
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Figure 9-18. A circuit that allows adjustment of the as- 
table 555 frequency by increasing or lowering the voltage 
on the Control pin. 


Figure 9-19 shows the components specified in 
Figure 9-18 mounted on a breadboard. 





Figure 9-19. The components in the previous schematic 
are shown here mounted on a breadboard. They will gen- 
erate an audio output ranging between approximately 
425Hz and 1,075Hz. A lower value for the timing capacitor 
will shift the audio range higher in frequency. 
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555 Flip-Flop Emulation 


The flip-flop inside a 555 timer can be accessed 
to control the timer’s outputs. In Figure 9-20, 
pushbutton switch S1 applies a negative pulse 
to the Input pin, creating a high output from the 
timer, which illuminates LED D1. Normally the 
pulse length would be limited by the charge time 
of a capacitor attached to the Threshold pin, but 
in this circuit there is no capacitor, and the 
Threshold pin is hard-wired to negative ground. 
So, it never rises to 2/3 of positive power, and the 
output from the timer remains high indefinitely. 





Figure 9-20. A 555 timer can have its timing features dis- 
abled so that it functions as a flip-flop. 


However, if S2 is pressed, it grounds the Reset pin 
of the timer, which ends the high output and 
pulls the Output pin down to alow state. D1 goes 
out and D2 lights up, as the timer is now sinking 
current through it. When S2 is released, the timer 
output remains low and D2 remains illuminated, 
because the Input pin is held high by a pullup 
resistor. Therefore, the timer now functions in bi- 
stable mode, asa flip-flop. While this may be seen 
as an inappropriate use of the chip, because its 
full functionality is being disabled, its ability to 
deliver substantial current and to tolerate a wide 
range of supply voltages may make it more con- 
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venient to use than a digital flip-flop. See Chap- 
ter 11 for more information about flip-flops. 


A555 timer emulating a flip-flop is shown on a 
breadboard in Figure 9-21. 





Figure 9-21. The schematic in which a 555 timer acts as 
a flip-flop is shown here adapted for a breadboard. 


555 Hysteresis 

The comparators inside a 555 timer enable the 
chip to produce hysteresis. In Figure 9-22, the In- 
put pin and the Threshold pin are shorted 
together, and C1, the timing capacitor, is omitted. 
A 10K potentiometer, wired as a voltage divider, 
delivers a voltage to the Input pin ranging 
smoothly from V+ to negative ground. As the in- 
put dips below 1/3 V+, the Output pin goes high, 
lighting LED D1. Now if the input voltage gradu- 
ally rises, the output remains high, even as the 
input rises above 1/3 V+. The output state is 
“sticky” because the timer does not end an out- 
put pulse until the Threshold pin tells it to, by 
reaching 2/3 V+. When this finally occurs, the 
Output pin goes low, D1 goes out, and D2 comes 
on, sinking current into the Output pin. 


Suppose, now, the input voltage starts to go 
down again. Once again the output state is 
“sticky” because it remains low until the Input pin 
drops below the 1/3 level. When that happens, 
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the output finally flips back to a high state, D2 
goes out, and D1 comes on. 


In the “dead zone” between 1/3 and 2/3 of supply 
voltage, the timer remains in its current mode, 
waiting for the input to stray outside of those 
limits. This behavior is known as hysteresis, and is 
of special importance when processing a varying 
signal, such as the voltage from a temperature 
sensor, to control an on/off device such as a ther- 
mostat. In fact the 10K potentiometer in this 
demo could be replaced with a thermistor or a 
phototransistor, wired in series with a resistor to 
create a voltage divider which will have an input 
range compatible with the 555 timer. The hyste- 
resis can then be adjusted by varying the supply 
voltage that powers the timer, as this will change 
the values of 1/3 V+ and 2/3 V+. Alternatively, 
varying the voltage on the Control pin will affect 
the hysteresis. 


A comparator can provide much more versatile 
control of hysteresis by using positive feedback 
(see Chapter 6 for additional details). But the 555 
timer provides a quick-and-simple substitute, 
and its greater ability to source or sink current 
enables it to be connected with a wider range of 
other components. 





Hysteresis 


40K Configuration 


Figure 9-22. A 555 timer wired so that it creates hystere- 
sis, when supplied by a variable input voltage. 
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555 and Coupling Capacitors 

As previously noted, when a basic bipolar 555 
timer (and some of its variants) is wired in mono- 
stable mode, it will retrigger itself indefinitely if 
its input remains low. One way to avoid this is by 
using a coupling capacitor. This will pass a tran- 
sition from high to low, but will then block a 
steady subsequent voltage. In Figure 9-23, apho- 
totransistor in series with a resistor provides a 
variable voltage to the noninverting input of a 
comparator. The reference voltage of the com- 
parator is adjusted with a potentiometer, and re- 
sistor R3 provides positive feedback, ensuring 
that the output from the comparator will be 
quick and clean. The output from the 555 timer 
goes through a transistor to the relay, shown at 
the bottom. 


Itis important to see the function of the coupling 
capacitor, C3, with the pullup resistor, R2, which 
holds the Input pin of the 555 timer high by de- 
fault. When the output from the comparator 
drops from high to low, C3 passes this transition 
to the Input pin of the timer, momentarily over- 
coming the positive potential, and triggering the 
timer. After the timer responds, however, C3 
blocks any continuation of low voltage from the 
comparator. Pullup resistor R2 resumes its 
function of holding the input high, and prevents 
the timer from being retriggered. 


555 Loudspeaker Connection 


A small 8-ohm loudspeaker can be driven from 
the output of a bipolar 555 timer running in as- 
table mode, but should be isolated from it with 
a 10uF to 100uF capacitor. A series resistor of 
47Q (minimum) should be used. See Figure 9-24. 


Burst Mode 


It is sometimes useful to create a short beep of 
fixed length in response to a button-press. The 
beep should terminate even if the button is held 
down. This “burst mode” can be achieved with 
the circuit in Figure 9-25, where the button con- 
nects power to a bipolar-type 555 timer running 
in astable mode, and an RC network applies a 
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decreasing potential to a 47uF capacitor, which 
is wired to the Reset pin of the timer. The resistor 
in series with the capacitor will vary the length 
of the beep. When voltage to the pin drops below 
approximately 0.3V, output from the timer stops 
and cannot restart until the button is released. 


A resistor of greater than 1.5K may not allow the 
input value at the reset pin to fall below the volt- 
age, which is necessary to enable a reset. If a low- 
er power supply voltage than 9VDC is used, the 
resistor value should be higher—for example, a 
5VDC power supply works well with a 1.5K to 2K 
resistor. 





Figure 9-23. A coupling capacitor (C3) is used in this cir- 
cuit to isolate the 555 timer from a sustained low input 
from the comparator. The capacitor only passes a transi- 
tion from high to low. The rest of the time, the pullup resis- 
tor (R3) holds the input high. 





84 Encyclopedia of Electronic Components Volume 2 


integrated circuit > analog > timer 


8-ohm 
loudspeaker 





10uF 
47 “i 


Figure 9-24. A small 8-ohm loudspeaker can be attached 
through a capacitor and a resistor to the output of a bipo- 
lar 555 timer. 





Figure 9-25. An RC circuit, wired to apply a decreasing 
voltage on the Reset pin of a bipolar 555 timer, will shut 
off the timer shortly after it is powered up. This can be 
used to create a fixed-length beep in response to a button 
press of any duration. 


Figure 9-26 shows the components installed on 
a breadboard. 


“You Lose” Game Sound 

A timer is a simple, cheap way to create a variety 
of simple game sounds. The schematic in 
Figure 9-27 makes a groaning soundas the 100uF 
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capacitor wired to the Control pin of a bipolar- 
type 555 gradually charges through the 1K resis- 
tor. Note that if a larger resistor is paired with a 
smaller capacitor, the effect will differ. The 150K 
resistor is included to discharge the capacitor 
reasonably quickly in time for the next cycle. 





Figure 9-26. The “burst mode” circuit installed on a 
breadboard with a miniature loudspeaker. 


What Can Go Wrong 





Dead Timer 

Like any chip, the 555 can be damaged by over- 
voltage, excessive source current or sinking cur- 
rent, static electricity, incorrectly applied polarity 
of power supply, and other forms of abuse. The 
TTL version of the timer is fairly robust, but the 
CMOS type much less so. Check for obvious er- 
rors such as lack of supply voltage, incorrect or 
ambiguous input voltages, and unusual current 
draw (too high, or none at all, at the V+ pin). Use 
the meter probes on the actual pins of the chip, 
in case there is a break in the wiring that feeds 
them. Because timer chips are cheap, a reserve 
supply of them should be maintained. 
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Figure 9-27. An RC circuit, wired to apply an increasingly 
positive voltage to the Control pin of a bipolar timer run- 
ning in astable mode, will gradually pull down the frequen- 
cy at the Output pin, creating a sound that may be useful 
in simple game applications. 


CMOS Confused with Bipolar 


The part numbers of some bipolar chips are very 
similar to those of some CMOS versions, and the 
chips look physically identical. But the CMOS ver- 
sion is easily overloaded, as it may source only 
10mA to 20mA maximum while the TTL version 
is capable of 200mA. Make sure that your chips 
are carefully labeled when they are stored. 


The Pulse that Never Ends 


If a555 timer responds correctly to a high-to-low 
transition on the input pin, but the output pulse 
continues indefinitely, check the voltage on pin 
6 to see if the timing capacitor is charging above 
2/3 of V+. While a555 can run from 5VDC, a high- 
current device on the Output pin can pull down 
the voltage inside the chip to the point where the 
capacitor never charges sufficiently to end the 
cycle. 
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Also check that the input transition from high to 
low lasts for a shorter time than the pulse. A per- 
sistent low input can retrigger the timer. 


Erratic Chip Behavior 


Possible causes include: 


e Floating pins. The Input pin, in particular, 
should always be connected with a defined 
voltage (via a 10K pullup resistor, if necessa- 
ry), and must not be allowed to float at an 
indeterminate potential. 


e Voltage spikes. A timer can be triggered by 
transients from other components, especial- 
ly inductive loads. If the input to a monosta- 
ble timer dips for even a fraction of a second, 
the timer will initiate a new cycle. A protec- 
tion diode should be used in conjunction 
with an inductive load. 


e Voltage spikes can also introduce variations 
in the pulse train from an astable timer. 


e TTL versions of the 555 timer will tolerate a 
wide range of supply voltage, but ifa voltage 
regulator is not used, fluctuations in voltage 
can have unpredictable consequences. 


Interference with 

Other Components 

Because the bipolar version of a555 timer creates 
a voltage spike when its output changes state, it 
can interfere with the normal function of other 
components, especially CMOS chips. A 0.1UF by- 
pass capacitor can be applied between the tim- 
er’s V+ pin and ground. 


Erratic Behavior of Output Devices 

If a 555 timer powers an output device such as a 
relay, and the relay is not opening or closing ina 
reliable manner, first check that it is receiving 
sufficient voltage. If the 555 timer is powered 
with 5VDC, its output will be only around 4VDC. 


This problem can be avoided by using the output 
from the timer to control the voltage on the base 
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of a transistor which switches a separate source 
of power to the relay coil. 


Fatal Damage Caused by 

Inductive Loads 

While itis possible to drive an inductive load such 
as a small motor or relay directly from a TTL 555 
timer, two precautions should be taken. First, the 
motor or the coil of the relay should have a 
clamping diode added around it, as is standard 
practice. Second, because the output of the timer 
is capable of sinking current as well as sourcing 
current, it can be protected from sinking back- 
EMF by inserting a diode in series with the load. 
This is illustrated in Figure 9-28. 


What Can Go Wrong 


Figure 9-28. In addition to a standard protection diode 
clamped around an inductive load such as a relay coil, the 
555 timer can be protected from back-EMF by adding a 
diode in series. The series diode must of course be rated 
to carry sufficient current through the coil. When choos- 
ing a relay, allowance must be made for the voltage drop 
that will be imposed by the series diode. 
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Only basic logic gates are included in this entry—that is, components that perform a 
Boolean logic operation on two to eight inputs (or one input, in the case of an inverter) 


to create a single high or low logical output. 


OTHER RELATED COMPONENTS 


¢ flip-flop (see Chapter 11) 


What It Does 


A logic gate is a circuit that delivers an output, 
either high or low, depending on the states of its 
two inputs, either or both of which can be high 
or low. 





Some gates may have more than two inputs, and 
an inverter only has one input, but the basic gates 
all conform with the two-input, one-output 
model. The components that constitute a logic 
gate are almost always etched into a wafer inside 
a silicon chip. 


In a digital computer, a high logic state is tradi- 
tionally close to 5VDC and represents a value of 
1 in binary arithmetic, while a low logic state is 
traditionally close to OVDC and represents a bi- 
nary 0. Modern devices may use a lower voltage 
for the high state, but the principle is still the 
same. 


A small network of logic gates can perform bi- 
nary addition, and all other operations in a digital 
computer are built upon this foundation. 


Origins 

The concept of digital logic originated in 1894, 
when English mathematician George Boole an- 
nounced his invention of a form of algebra (now 
referred to as Boolean algebra) to analyze com- 


binations of two logical states that could be in- 
terpreted as “true” and “false.” This concept had 
few practical applications until the 1930s, when 
Claude Shannon saw that because a basic switch 
has two states, Boolean algebra could enable 
analysis of complex networks of switches that 
were being used in telephone systems. 


Because the state of a switch could also be used 
to represent the values Oor 1 in binary arithmetic, 
and because a transistor could function as a 
switch, Boolean algebra was implemented in 
solid-state digital computing equipment. 


How It Works 


While conventional arithmetic uses arithmetical 
operators to represent procedures such as addi- 
tion or multiplication, Boolean algebra uses 
Boolean operators. The operators of special inter- 
est in digital electronics are named AND, NAND, 
OR, NOR, XOR, and XNOR. 


Although each gate actually contains multiple 
transistors, itis represented bya single logic sym- 
bol, as shown in Figure 10-1. The names of the 
Boolean operators are customarily printed all in 
caps. A gate requires a power supply and a con- 
nection with negative ground, separate from its 
inputs, but these connections are omitted from 
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gate schematics because they are assumed to 
exist. 


AND 


NAND 


“ad a 


RE =<2(E 


Figure 10-1. Six types of two-input logic gates are used in 
digital electronics, although the XNOR gate is rare, as it 
has few applications. The names are customarily printed 
in uppercase letters. 


The functions of the gates with two inputs can 
be defined in electrical terms. In Figure 10-2, the 
four possible combinations of inputs are tabula- 
ted in the left column, with red indicating a high 
input and black indicating a low input. The cor- 
responding output from each gate is shown be- 
neath its name. This kind of tabulation is known 
as a truth table, as it is derived from Boolean al- 
gebra which originally concerned itself with 
“true” and “false” states. 


Input 
states of a 
two-input 

gate 


Gate Outputs 


Figure 10-2. The four possible combinations of input 
states in a 2-input logic gate are shown at left. The corre- 
sponding output from each gate is shown beneath its 
name. Red indicates a high state, while black indicates a 
low state. 
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The truth table assumes that positive logic is be- 
ing used. Negative logic is very uncommon, but 
if it were used, the red dots in the truth table 
would correspond with low inputs and outputs, 
while the black dots would correspond with high 
inputs and outputs. 


Inversion 

The small circles appended to the outputs of 
NAND, NOR, and XNOR gates mean that the out- 
put of each gate is inverted compared with the 
AND, OR, and XOR gates. This can be seen by in- 
spection of the output states shown in 
Figure 10-2. The circles are known as bubbles. 


Sometimes logic symbols are shown with a bub- 
ble applied to one input, as in Figure 10-3. In 
these cases, the circle indicates that an input 
must be inverted. More than one gate may be 
needed to achieve this logic function in an actual 
circuit. The style is often used to show the inner 
workings of an IC, using a minimum number of 
logic symbols. 


Figure 10-3. The circle in a logic gate symbol indicates 
that a signal is being inverted. Circles can be inserted at 
gate inputs, but in a real circuit a separate inverter is likely 
to be needed to create this effect. 


Single-Input Gates 

Two gates exist that have a single input and a 
single output, shown in Figure 10-4. The buffer 
should not be confused with the symbol for an 
Op-amp or a comparator. (Those components 
always have two inputs.) The output state of a 
buffer is the same as its input state, but the com- 
ponent may be useful to deliver more current or 
to isolate one section of a circuit from another. 





90 Encyclopedia of Electronic Components Volume 2 


integrated circuit > digital > logic gate 


When a bubble is appended to a buffer, it be- 
comes a NOT gate, more commonly known as an 
inverter. Its function is to create an output state 
that is opposite to its input state. 


Inverter 


W 


Buffer 


Figure 10-4. The two logic gates that have only one input 
and one output. Note that in some schematics showing 
internal logic of ICs, the bubble on an inverter may be 
found on the input side instead of the output side. 


Gates with More than Two Inputs 
AND, NAND, OR, and NOR gates can have any 
number of inputs, as suggested in Figure 10-5, 
although practical factors usually limit the inputs 
to a maximum of eight. 


Input states of a gate Gate Outputs 


with more than two inputs “AND | NAND | OR | NOR | 


All low 


All high 


At least 1 low 
and at least 1 high 


Figure 10-5. The previous table has been modified to 
show the outputs from logic gates that have more than 
two inputs. XOR and XNOR gates are not included in the 
table, because a strict interpretation of their logic requires 
that a unique output state exists if one input is high while 
the other is low. 


The rules can be summarized like this: 


e Output from an AND gate: Low if any of its 
inputs is low, high if all of its inputs are high. 


e Output from a NAND gate: High if any of its 
inputs is low, low if all of its inputs are high. 
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e Output from an OR gate: High if any of its 
inputs is high, low if all of its inputs are low. 


e Output from a NOR gate: Low if any of its in- 
puts is high, high if all of its inputs are low. 


In the case of XOR and XNOR gates, their logic 
requires that a unique output state must exist if 
one input is high while the other input is low. 


In fact, so-called three-input XOR gates do exist, 
an example being the 74LVC1G386 chip, in which 
the output is high if all three inputs are high, or 
if one input is high, but not if two inputs are high 
ornoinputs are high. Further discussion of more- 
than-two-input XORs is outside the scope of this 
encyclopedia. 


Boolean Notation 

For reference, the original written notation for 
Boolean operators is shown in Figure 10-6. Un- 
fortunately, the notation for these operators was 
never properly standardized, and in more than 
one instance, multiple symbols acquired the 
same meaning. The letters P and Q are often, but 
not always, used to represent two input states 
that can be true or false. 


¢ The use of a horizontal line above a symbol, 
to indicate that its state has been reversed, 
has carried over to datasheets where this no- 
tation can show that an output state from 
any digital chip is inverted. The line is known 
as a bar. 


Arithmetical Operations 


Suppose we wish to sum two binary numbers, 
each containing two digits. There are four digits 
altogether, and depending on their values, there 
are 16 different possible addition sums, as shown 
in Figure 10-7. 


If AO and BO represent the rightmost digits of the 
two numbers being added, and SO is the sum of 
those two digits, inspection of the figure shows 
that the sum can be derived using just three 
rules: 
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1. If AO =0 and BO =0, then S =O. 


2. If AO and BO have opposite states, then 
SO=1. 


3. If AO= 1 and BO=1, then SO =0, and carry 1 
to the next place left. 


If AO and BO are the two inputs to an XOR logic 
gate, the output of the gate satisfies all three 
rules, except the need to carry 1 to the next place 
left. This last function can be satisfied with an 
AND gate. The function of two gates is known as 
a half adder, and is shown in the top section of 
Figure 10-8. 


P AND Q PORQ P XOR Q 
PAQ PVQ PPQ 
P&Q P| Q P#Q 
P*Q P@®Q 
P NAND Q PNORQ P XNOR Q 
PQ PQ P<>Q 
P —Q 

NOT P 

“Pp 


Figure 10-6. Boolean operators as they have been ex- 
pressed in written notation. Lack of standardization has 
resulted in more than one symbol representing some of 
the operators. 


When we consider the next pair of binary digits 
to the left, the situation now becomes more com- 
plicated, because we may be carrying 1 into this 
addition sum from the previous stage, and we 
still need to be able to to carry 1 out (if necessary) 
to the next stage. An assembly of five logic gates 
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can deal with this, and their combination is 
known as a full adder. This is shown in the bottom 
section of Figure 10-8. 


oo oo oo oo 

+ + 4 4 
oo O88 ao ae 
Hoo OO Of OB 
oO 10 Ba) OB 10 4) 

+ ~ i 4 
oo 10 Ba) ao 1 4 | 
HOB Of Of FOO 
Ao Ao Ao Ao 

~ + + . 
oo 10 Ba) ao 1 3 | 
Gao Of ABAOO SOB 
Ae AE AE AA 

+ ~ 7 + 
oo OB ao 1 3 | 
GAA BOO AOA Fao 


Figure 10-7. Sixteen different addition sums are possible, 
when summing two binary numbers of two digits each. 


The combination of XOR and AND gates shown 
in Figure 10-8 is not the only one that works to 
add binary numbers. However, it may be the 
most intuitively obvious. 


Other Operations 

Binary arithmetic remains the most important 
application of logic gates, but individually pack- 
aged gates are seldom used for that purpose 
anymore. They were long since subsumed into 
large multifunction computing chips. 


Single gates still have application in small sys- 
tems, or to modify the inputs and outputs of mi- 
crocontrollers, or to convert the output from one 
complex digital chip to make it compatible with 
the input of another. This last application is often 
referred to as glue logic. 


Applications for single gates are discussed in 
“How to Use It” on page 103. 
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Logic gates 
to perform 
this binary 
addition 
operation: 


Fle, 







Figure 10-8. Logic gates can be used to add binary num- 
bers, using a high input or output to represent a binary 1 
and a low input or output to represent a binary O. This 
schematic shows one possible way for gates to add two 
two-digit binary numbers. 


Variants 





Chips containing logic gates were introduced in 
the 1960s. The 7400 NAND chip, from Texas In- 
struments, was the first of a series that became 
so influential, the same basic part numbers (with 
letters added before, after,and among the digits) 
are still used today. An example of a currently 
available through-hole 7400 chip is shown in 
Figure 10-9. 


Variants 





Figure 10-9. A modern version of a 7400 chip containing 
four NAND gates. 


Initially, these chips conformed with a transistor- 
transistor logic (TTL) standard that had been 
invented at TRW in 1961 and introduced in com- 
mercial products by Sylvania in 1963. It estab- 
lished the now-familiar standard of 5VDC for the 
power supply. Many logic chips now use other 
voltages, but the term “high” still means aninput 
or output that is near to the supply voltage, while 
“low” means an input or output that is near to 
negative ground. The exact definition of “near” 
will be found in datasheets for the chips. 


The 7400 series was successful partly because it 
was engineered for compatibility. The output 
from one gate could be connected directly to the 
input of another gate, with a few bypass capaci- 
tors added on acircuit board to suppress voltage 
spikes caused by rapid switching. Earlier compo- 
nents had not been so easy tointerface with each 
other. The new standard dominated the industry 
to the point where dozens of manufacturers 
started making chips that conformed with it, and 
a single board could mix-and-match chips from 
multiple vendors. 


Because many logic chips acquired part numbers 
that began with 74, they are often referred to as 
the 74xx series, where other digits (sometimes 
more than two) can be substituted for xx. This 
avoids ambiguity, as the very first chip in this for- 
mat was a NAND gate that had 7400 as its actual 
part number. In the text below, 7400 will refer to 
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that specific chip, whereas 74xx will refer to the 
whole series of chips. 


RCA introduced a competing family of logic 
gates in 1968, using CMOS transistors. As each 
part number began with a 4 and contained four 
digits, this was referred to as the 4000 series. The 
CMOS chips were slower and more expensive, 
but tolerated a wider range of power supply vol- 
tages (3V to 12V, initially). Their biggest advan- 
tage was that they used much less current. This 
was important, as TTL chips created a lot of waste 
heat. The lower power consumption of CMOS al- 
so enabled one chip to control the inputs of many 
others, which simplified circuit design. This one- 
to-many relationship is known as fanout. 


Ultimately, CMOS chips transcended their early 
limitations. While they were reserved initially for 
battery-powered devices in which very low pow- 
er consumption was moreimportant than speed, 
CMOS is now used almost everywhere, still main- 
taining its advantage of low current (almost zero, 
in fact, while a chip is quiescent) while equalling 
the speed of TTL. However, CMOS logic chips are 
very often pin-compatible with the old TTL com- 
ponents, and modern CMOS part numbers are 
often derived from the old 74xx series. 


Most CMOS logic chips in the old 4000 series are 
still available, and may be used in situations 
where a power supply greater than 5VDC is con- 
venient. 


Part Numbers 


As the performance of semiconductors gradually 
improved, successive families of logic chips were 
introduced, identified by one-letter, two-letter, 
or three-letter acronyms. The acronym was in- 
serted into the part number, so that a 7400 NAND 
gate in the HC (high-speed CMOS) family be- 
came a 74HCOO NAND gate. 


Because these chips were available from multiple 
sources, the part number was also preceded with 
one or more letters indicating the manufacturer. 
And because each chip was manufactured in dif- 
ferent versions (for example, some complied 
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with military specifications, while others didn’t), 
letters were also appended to the end of the part 
number. Today, the appended letters may indi- 
cate whether the chip is of the old through-hole 
format, or conforms with a more recent surface- 
mount format. 


Summing up: 


e Prefix: manufacturer ID. 


e Numerals, omitting any letters in the middle: 
Chip functionality. 


e Middle letters: Chip family. 
¢ Suffix letters: Package format. 


Thus, for example, the actual part number for a 
74HCO0O NAND chip could be SN74HCOON, where 
the SN prefix indicates that it is manufactured by 
Texas Instruments and the N suffix means that it 
is in plastic dual-inline-pin (DIP) format. (The SN 
prefix was introduced by Texas Instruments in 
the earliest days of integrated circuits as an ac- 
ronym for “semiconductor network,’ meaning 
that multiple transistors were “networked” ona 
wafer of silicon. Other manufacturers used their 
own schemes for part numbering, and so SN be- 
came exclusively identified with Texas Instru- 
ments.) 


The system of augmenting part numbers has 
been further extended by inserting 1G, 2G, or 3G 
immediately after the family identifier, to indi- 
cate surface-mount chips that contain one, two, 
or three logic gates. Ifthe “G” identifier is missing, 
the chip usually has four logic gates, which was 
the standard used in the original 74xx series. This 
rule applies even in surface-mount formats, 
where the surface-mount pads of four-gate chips 
have the same functions as the pinouts of the 
original TTL versions (except in the case of 
square-format surface-mount chips, which are 
not discussed here). 


When searchinga catalog to find a chip by its part 
number, it helps to remember that searching for 
a 7400 chip may not find any hits, but searching 
for a 74HCOO (or any other valid number con- 
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taining a family identifier) is much more likely to 
be understood. 


A key to understanding part numbers is shown 
in Figure 10-10. The upper part of the figure is a 
guide tointerpreting numbers ona generic basis, 
while the lower part interprets the specific part 
number shown. 


Families 


As of 2013, the HC family in the 74xx series has 
become so widely used, it can be considered the 
default in the traditional DIP 14-pin format. In- 
cremental improvements are still being made, 
and new families are being introduced, primarily 
in surface-mount formats which use lower 
power-supply voltages (down to around 1VDC). 


Generic meaning 
of logic chip part 
numbers How many logic gates: 
only for surface-mount 
chips with 1, 2, or 3 
logic gates (not used 


Manufacturer ID: 
usually 1 to 3 


letters for other chips) 
Package 
Chip Chip Chip format: 
series: family: type: usually 
first 2 1to3 1to4 1to5 
digits letters digits letters 
74xx Two Texas 
logic logic Instruments 
gates code for 
on VSSOP: Very 
Texas chip thin Shrink 
Instruments Small Outline 
Package 
; Lower 7400 part 
othe ted Voltage number: 
Scania CMOS NAND gate 


Figure 10-10. How to interpret the segments of a logic 
chip part number in the 74xx family (in this case, a 7400 
NAND gate). 


Variants 


Here is an historical summary of the most impor- 
tant chip families. 


74xx: Original series of bipolar TTL chips. 


74Hxx: Bipolar TTL, high speed, about twice 
as fast as the original 74xx chips, but twice 
the power consumption. 


74Lxx: Bipolar TTL, lower power consump- 
tion than the original TTL, but also much 
lower speed. 

7ALSxx: Bipolar TTL, lower power with 
Schottky input stages, faster than original 
TTL. Some LS chips are still being manufac- 
tured. 

e 74ASxx: Bipolar TTL, Advanced Schottky, in- 
tended to supercede the 74Lxx. 

74ALSxx: Bipolar TTL, Advanced Low Power 
Schottky, intended to supercede the 74LSxx. 


74F xx: Bipolar TTL, Faster. 


74HCxx: CMOS high-speed emulation of 
7ALSxx. 


74HCTxx: CMOS but with similar high-state 
input voltage threshold to bipolar TTL chips, 
for compatibility. 

74ACxx: Advanced CMOS. 

74ACTxx: Advanced CMOS emulation of TTL 


with similar high-state input voltage thresh- 
old to TTL, for compatibility. 


74AHCxx: Advanced Higher-Speed CMOS, 
three times as fast as HC. 


7AVHCxx: Very High Speed CMOS. 


74AUCxx, 74FCxx, 74LCXxx, 74LVCxx, 
74ALVCxx, 74LVQxx, 74LVXxx: Various spec- 
ifications, many using power supply voltag- 
es of 3.3V or below. 


In the 4000 series, an early significant improve- 
ment was the 4000B family, which allowed a 
higher power supply limit (18V instead of 12V) 
and was much less susceptible to damage by 
static discharge. The 4000B family almost totally 
replaced the old 4000 family, and most 4000B 
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chips are still available, as they are useful in sit- 
uations where a power supply delivers more than 
5VDC. 


e When it is referenced casually, the B at the 
end of a chip number in the 4000 series may 
be omitted. When the number is listed in a 
catalog, the B is included. 


Chips with 45 as their first two digits were intro- 
duced as a new generation, but were not widely 
adopted. After that, the 4000 series ceased to 
evolve, and CMOS chips adopted 74xx part num- 
bers, distinguishing themselves by the insertion 
of letter groups in the center of the number. 


To add to the confusion, some 4000 series part 
numbers were appended to 74xx part numbers, 
so that, for example, the 74HCT4060 is designed 
to be compatible with the old 4060B chip. 


Family Interoperability 

One of the mostimportant issues relating to chip 
families is their differing specifications for a low- 
state voltage and a high-state voltage in inputs 
and outputs. 


The original 74xx TTL series, using a5VDC power 
supply, used these approximate specifications: 


e Output: 74xx voltage representing a low 
state (at most 0.4V to 0.5V) 


e Input: 74xx input voltage interpreted as a 
low state (maximum 0.8V) 


e Output: 74xx voltage representing a high 
state (at least 2.4V to 2.7V) 


e Input: 74xx input voltage interpreted as a 
high state (minimum 2V) 


This provided a safe margin of error of at least 
0.4V when chips were communicating with each 
other. 


In the CMOS 4000 family, however, logic chips 
required a minimum input of 3V to 3.5V to be 
interpreted as a high state. The minimum ac- 
ceptable output from a TTL chip was below this 
level, creating problems if anyone should try to 
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use the output from a TTL chip to communicate 
with an input on a CMOS chip. 


One solution is to add a 4.7K pullup resistor to 
the TTLoutput, guaranteeing that it won't fall too 
low. But this wastes power, and the need for the 
resistor is easily forgotten. Another option is to 
use the HCT or ACT family of CMOS logic. The “T” 
in these family names indicates that they have 
been engineered to share the input standards of 
the old TTL chips. They still deliver the same high 
output as other types of CMOS, making them 
seem to be the best possible solution. Unfortu- 
nately, it does entail a compromise: the “T” chips 
are more sensitive to noise, among other factors. 


¢ Ideally, chip families should not be 


intermingled. 


Gates per Chip 

Each of the original 74xx chips contained multi- 
ple gates within the limits of a uniform 14-pin 
through-hole format. The gates that were most 
commonly used had two inputs, and there were 
four of these gates per chip. 


However, the desire for miniaturization, and the 
use of automatic chip-placement and soldering 
equipment, made one-gate and two-gate logic 
chips desirable and practical in surface-mount 
format. (Three-gate surface-mount chips exist, 
but are sufficiently unusual that they are not de- 
scribed in this encyclopedia.) 


Two Inputs, Single Gate 

Where a chip contains just one logic gate, it is 
almost always a surface-mount component, and 
the part number has 1Gin the middle to indicate 
“one gate.” Pad functions are shown in 
Figure 10-11. The layout is standardized for all 
logic gates, with the exception of XNOR gates, 
which are not manufactured in surface-mount 
format. 
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Single-gate SMT 2-input AND, NAND, OR, NOR, or XOR 





Figure 10-11. Internal configuration and solder-pad func- 
tions for a two-input surface-mount single-gate logic chip 
that can contain an AND, NAND, OR, NOR, or XOR gate. 
XNOR gates are not manufactured in this format. 


In the figure, a gate is shown in generic form, in- 
dicating that it may be an AND, NAND, OR, NOR, 
or XOR gate, depending on the part number of 
the chip. Inputs are on the left of the gate, while 
its output is on the right. The chip does not have 
a solder padin position 5, but the pad at top right 
is identified as pin 6 for consistency with the 
numbering pattern in other surface-mount com- 
ponents where six pads are common. 


The generic part numbers for single-gate 
surface-mount two-input logic chips are shown 
here, with letter x indicating that letter sequen- 
ces are likely to be inserted to indicate manufac- 
turer, logic family, and chip format: 


e AND gate: x74x1G08x 
e OR gate: x74x1G32x 

e NAND gate: x74x1G00x 
e NOR gate: x74x1G02x 
e XOR gate: x74x1G86x 


Three Inputs, Single Gate 

AND, NAND, OR, and NOR single gates are avail- 
able with more than two inputs. Their output is 
determined by rules shown in Figure 10-5. XOR 
and XNOR gates are not included in the table, 
because a strict interpretation of their logic re- 
quires that a unique output state exists if one in- 
put is high while the other is low. 


Variants 


The pad functions for a surface-mount single- 
gate logic chip with three inputs are shown in 
Figure 10-12. The generic part numbers for these 
chips are shown below. Again, each x indicates 
that letter sequences are likely to be inserted to 
indicate manufacturer, logic family, and chip 
format. 


Single-gate SMT 3-input AND, NAND, OR, or NOR 





Figure 10-12. Internal configuration and solder-pad func- 
tions for a three-input surface-mount single-gate logic 
chip that can contain an AND, NAND, OR, or NOR gate. 


The generic part numbers for single-gate 
surface-mount three-input logic chips are 
shown here, with each x indicating that letter se- 
quences are likely to be inserted to indicate man- 
ufacturer, logic family, and chip format: 


e AND: x74x1G11x 
e NAND: x74x1G10x 
e OR: x74x1G32x 

e NOR: x74x1G27x 


Single Gate, Selectable Function 

A few surface-mount chips can emulate a variety 
oftwo-input gates, by using appropriate external 
connections. The internal logic of one example, 
with generic part number x74x1G97x (an actual 
example would be _ Texas Instruments 
SN74LVC1G97), is shown in Figure 10-13. De- 
pending which pin is grounded and which other 
pins are used as inputs, the chip can emulate all 
five of the most commonly used gates. To 
achieve this, however, some inputs have to be 
inverted. 
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Single-gate SMT 3-input user-configurable 





Figure 10-13. Internal configuration for a configurable 
surface-mount chip that can emulate various two-input 
logic gates, depending which inputs are used and which 
are grounded. Some inputs have to be inverted to emulate 
some gates. 


Two Inputs, Dual Gate 

Two-input surface-mount AND, NAND, OR, NOR, 
and XOR gates are available in dual layout (two 
gates per chip). The internal logic and pad func- 
tions are shown in Figure 10-14. The generic part 
numbers for these chips are shown here. Again, 
each x indicates that letter sequences are likely 
to be inserted to indicate manufacturer, logic 
family, and chip format. 


Dual-gate SMT 2-input AND, NAND, OR, NOR, or XOR 


aon @ 





Figure 10-14. Internal configuration and solder-pad func- 
tions for a two-input surface-mount dual-gate logic chip 
that can contain two AND, NAND, OR, NOR, or XOR gates. 
XNOR chips are not manufactured in this format. 
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The generic part numbers for dual-gate surface- 
mount two-input logic chips are shown below, 
with each x indicating that letter sequences are 
likely to be inserted to indicate manufacturer, 
logic family, and chip format: 


e AND: x74x2G08x 
e NAND: x74x2G00x 
e OR: x74x2G32x 


e NOR: x74x2G02x 
e XOR: x74x2G86x 


Original 74xx 14-Pin Format 

Each of the original 74xx TTL chips contained 
multiple gates within the limits of a uniform 14- 
pin chip format. The available options were, and 
still are: 


e Quad 2-input: Four gates with two inputs 
each 


Triple 3-input: Three gates with three inputs 
each 


Dual 4-input: Two gates with four inputs 
each 


Dual 5-input: Two gates with five inputs each 


Single 8-input: One gate with eight inputs 


The five-input chips have become so uncommon 
that they are not described in this encyclopedia. 


Quad Two-Input 74xx Pinouts 

14-pin DIP 74xx quad two-input logic chips are 
available in AND, NAND, NOR, XOR, or XNOR ver- 
sions, all of which have an internal layout shown 
in Figure 10-15. The layout is unchanged in 
surface-mount format. The gates are shown in 
generic form, as the layout remains the same re- 
gardless of which type of gate is in the chip. All 
the gates in any one chip are of the same type. 
The four connections leading to a gate are its in- 
puts, while the single connection from a gate is 
its output. 
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Quad 2-input AND, NAND, NOR, XOR, or XNOR 





(74xx family) 


Figure 10-15. In a 14-pin quad two-input 74xx logic chip, 
the AND, NAND, NOR, XOR, and XNOR versions all share 
this generic layout. 


e The 14-pin quad two-input OR chip has dif- 


ferent pinouts from all the other 74xx logic 
chips. It is shown in Figure 10-16. 


Quad 2-input OR 


NOof WN PR 





(74xx family) 


Figure 10-16. In a quad two-input 74xx OR chip, this lay- 
out is used, which is different from that used in all the oth- 
er quad two-input logic gates. 


Triple Three-Input 74xx Pinouts 

The AND, NAND, and NOR versions of a 14-pin 
DIP 74xx triple three-input logic chip all have an 
internal layout shown in Figure 10-17. The layout 
is unchanged in surface-mount format. The 
gates are shown in generic form, as the layout 
remains the same regardless of which type of 
gate is in the chip. All the gates in any one chip 
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are of the same type. Three connections leading 
to a gate are its inputs, while a single connection 
from a gate is its output. 


Triple 3-input AND, NAND, or NOR 





(74xx family) 


Figure 10-17. In a 14-pin triple three-input 74xx logic chip, 
the AND, NAND, and NOR versions all share this generic 
layout. 


- The 14-pin triple three-input OR chip has dif- 
ferent pinouts from all the other 74xx logic chips. 
It is shown in Figure 10-18. 


Triple 3-input OR 





(74xx family) 


Figure 10-18. /n a triple three-input 74xx OR chip, this lay- 
out is used, which is different from that used for all the 
other triple three-input logic gates. 
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Dual Four-Input 74xx Pinouts 

A 14-pin DIP 74xx dual four-input logic chip con- 
tains two four-input gates. The AND, NAND, and 
NOR versions all have an internal layout shown 
in Figure 10-19. The layout is unchanged in 
surface-mount format. The gates are shown in 
generic form, as the layout remains the same re- 
gardless of which type of gate is in the chip. All 
the gates in any one chip are of the same type. 


e There is no OR chip of the 14-pin dual four- 
input type. 


Dual 4-input AND, NAND, or NOR 


NO of WN PR 





(74xx family) 


Figure 10-19. In a 14-pin dual four-input 74xx logic chip, 
the AND, NAND, and NOR versions all share this generic 
layout. There is no 74xx OR chip with four inputs per gate. 


Single Eight-Input 74xx Pinouts 

A 14-pin DIP 74xx single eight-input NAND chip 
contains one eight-input gate, as shown in 
Figure 10-20. The layout is unchanged in surface- 
mount format. 


e There is no AND chip of the 14-pin single 
eight-input type. 


A 14-pin eight-input logic chip in the 74xx series, 
able to function as both an OR and a NOR, is 
shown in Figure 10-21. The output from the NOR 
gate is connected with pin 13, but also passes 
through an inverter to create an OR output at pin 
1. (Because a NOR gate is equivalent to an 
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inverted-OR, when its output is inverted again, it 
returns to being an OR.) 


Single 8-input NAND 





(74xx family) 


Figure 10-20. The internal layout of single eight-input 
NAND chip in the 14-pin 74xx series. There is no 74xx AND 
chip with eight inputs per gate. 


Single 8-input OR/NOR gate 





(74xx family) 


Figure 10-21. The internal layout of single eight-input 
OR/NOR chip in the 14-pin 74xx series. Pin 13 has the 
NOR output, while pin 1 has the OR output. 


The following list shows the generic part num- 
bers for DIP and surface-mount versions of 14- 
pin logic chips in the 74xx series that have two 
or more inputs per gate. As before, an x indicates 
that letter sequences are likely to be inserted to 
indicate manufacturer, logic family, and 
chip format. 
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¢ Quad 2-input AND: x74x08x Dual inverter (SMT only) 
e Quad 2-input NAND: x74x00x 
¢ Quad 2-input OR: x74x32x 

¢ Quad 2-input NOR: x74x02x 
Quad 2-input XOR: x74x86x 
Quad 2-input XNOR: x74x266x 
Triple 3-input AND: x74x11x 
Triple 3-input NAND: x74x10x 
Triple 3-input OR: x74x4075x Figure 10-23. The internal layout of a 74xx series logic 
Triple 3-input NOR: x74x27x ey inverters. This is available in surface- 
Dual 4-input AND: x74x21x 

Dual 4-input NAND: x74x20x 

Dual 4-input NOR: x74x4002x 
Single 8-input NAND: x74x30x 
Single 8-input OR/NOR: x74x4078x 





Triple Inverter (SMT only) 


74xx Inverters 

Single, dual, and triple inverter packages in the 
74xx series are available in surface-mount format 
only. Their internal arrangement is shown in Fig- 
ures 10-22, 10-23, and 10-24. 





Figure 10-24. The internal layout of a 74xx series logic 
. chip containing three inverters. This is available in 
Single inverter (SMT only) surface-mount format only. 


In the 14-pin format, a hex inverter chip (con- 
taining six inverters) is available, as shown in 
Figure 10-25. The layout is the same for DIP and 
surface-mount formats. 


Generic part numbers for inverter chips are as 
follows: 





e Single inverter: x74x1G04x 


Figure 10-22. The internal layout of a 74xx series logic ¢ Dual inverter: x74x2G04x 
chip containing one inverter. This is available in surface- ; 
mount format only. Pin 5 is absent. Pin 1 is not connected. ° Triple inverter: x74x3G14x 


e Hex inverter: x74x04x 
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Hex Inverter 





(74xx family) 


Figure 10-25. The internal layout of a 14-pin 74xx hex in- 
verter logic chip, containing six inverters. This layout is 
the same for DIP and surface-mount versions. 


Additional Variations 

Some chips in the 74xx series (both DIP and sur- 
face mount versions) have variants with open 
drain or open collector outputs, while others 
have inputs that are configured as Schmitt trig- 
gers. These variants will be found as hits when 
searching supplier websites for logic chips by 
gate name and number of inputs. 


Pinouts in the Original 
4000 Series 
Each of the original 4000 CMOS chips contained 
multiple gates within the limits of a uniform 14- 
pin chip format. The available options were, and 
still are: 

¢ Quad 2-input: Four gates of two inputs each 


¢ Triple 3-input: Three gates of three inputs 
each 


¢ Dual 4-input: Two gates of four inputs each 
¢ Single 8-input: One gate of eight inputs 


In the 4000 family, 14-pin quad two-input logic 
chips are available in AND, OR, NAND, NOR, XOR, 
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or XNOR versions, all of which have an internal 
layout shown in Figure 10-26. The gates are 
shown in generic form, as the layout remains the 
same regardless of which type of gate is in the 
chip. All the gates in any one chip are of the same 
type. The four connections leading to a gate are 
its inputs, while the single connection from a 
gate is its output. 


Unlike the 74xx family, the quad two-input OR 
chip in the 4000 family has the same pinouts as 
the other types of quad two-input logic chips. 


Quad 2-input AND, OR, NAND, NOR, XOR, or XNOR 


NO oO fF WNP 





(4000 family) 


Figure 10-26. In the 4000 family, the AND, OR, NAND, 
NOR, XOR, and XNOR versions of a quad two-input logic 
chip all share this generic layout. 


In the 4000 family, a 14-pin triple three-input 
logic chip contains three three-input gates. The 
AND, OR, NAND, and NOR versions all have an 
internal layout shown in Figure 10-27. The gates 
are shown in generic form, as the layout remains 
the same regardless of which type of gate is in 
the chip. All the gates in any one chip are of the 
same type. The three connections leading to a 
gate are its inputs, while a single connection from 
a gate is its output. 


Unlike the 74xx family, the triple three-input OR 
chip in the 4000 family has the same pinouts as 
the other types of triple three-input logic chips. 


In the 4000 family, a 14-pin dual four-input logic 
chip contains two four-input gates. The AND, 
NAND, OR, and NOR versions all have an internal 
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layout shown in Figure 10-28. The gates are 
shown in generic form, as the layout remains the 
same regardless of which type of gate is in the 
chip. All the gates in any one chip are of the same 
type. Each pair of connections leading to a gate 
are its inputs, while the single connection from a 
gate is its output. 


Triple 3-input AND, OR, NAND, or NOR 





(4000 family) 


Figure 10-27. In the 4000 family, the AND, OR, NAND, 
and NOR versions of a triple three-input logic chip all 
share this generic layout. 


Note that the 4000 family does have a dual four- 
input OR chip, whereas the 74xx family does not. 


In the 4000 family, a 14-pin eight-input logic chip 
with AND and NAND outputs is available, as 
shown in Figure 10-29. 


The following list shows the generic part num- 
bers for 14-pin logic chips in the 4000 family that 
have two or more inputs per gate (in actual part 
numbers, letters will be substituted where an x 
appears): 

¢ Quad 2-input AND: x4081x 

e Quad 2-input NAND: x4011x 

¢ Quad 2-input OR: x407 1x 

¢ Quad 2-input NOR: x4001x 

¢ Quad 2-input XOR: x4070x 

¢ Quad 2-input XNOR: x4077x 


How to Use It 


Triple 3-input AND: x4073x 

Triple 3-input NAND: x4023x 
Triple 3-input OR: x4075x 

Triple 3-input NOR: x4025x 

Dual 4-input AND: x4082x 

Dual 4-input NAND: x4012x 

Dual 4-input OR: x4072x 

Dual 4-input NOR: x4002x 

Single 8-input AND/NAND: x4068x 


Dual 4-input AND, OR, NAND, or NOR 


Noor WN RFR 





(4000 family) 


Figure 10-28. In the 4000 family, the AND, OR, NAND, 
and NOR versions of a dual four-input logic chip all share 
this generic layout. 


4000 Series Inverters 

In the 4000 family, the 4069B is a 14-pin hex in- 
verter chip (containing six inverters), as shown in 
Figure 10-30. This has the same pinouts as the 
x74x04x chip. 


How to Use It 
Which Family 


In DIP format, the HC family has existed for more 
than 30 years, and has become established as a 
widely used default choice. 





In surface-mount formats, the choice of family 
will largely be determined by the choice of sup- 
ply voltage. 
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Single 8-input AND/NAND gate 


NOot WN 





(4000 family) 


Figure 10-29. In the 4000 family, a single eight-input 
AND/NAND chip has this internal layout. The inverted 
output from the NAND gate becomes an AND output from 
pin 1 of the chip. 


Hex Inverter 





(4000 family) 


Figure 10-30. The internal layout of a 14-pin 4069B hex 
inverter logic chip, containing six inverters. This layout is 
the same as for the x74x0A4x chip. 


Although the 4000 series is now more than 40 
years old, it may still be useful where a 5VDC 
power supply is not required for other reasons in 
a circuit and would be added purely to power a 
74xx series logic gate or other digital chip. If a 
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circuit contains a 9VDC or 12VDC relay, for in- 
stance, a Darlington pair may be used with that 
voltage to drive the relay, and an old-school 4000 
series logic chip could share the same supply. The 
relay coil would need a clamping diode to pro- 
tect the logic chip from transients. 


Applications 

The output from a logic chip may be used as an 
input for a microcontroller, to enable multiple 
inputs to share one pin. An eight-input NAND 
gate, for instance, could combine the inputs from 
eight normally on motion sensors. If just one 
sensor responds to an intrusion, the gate output 
would change from high to low. 


Logic gates may be useful in any simple device 
that has to respond to a single, specific combi- 
nation of inputs. A digital combination lockis one 
example; games of chance are another. Most 
simple dice simulations use logic gates to con- 
vert the output from a counter to drive a dice- 
pattern of LEDs. 


A logic gate may be usedas an interface between 
an electromechanical switch and a circuit con- 
taining digital chips. A 10K pullup or pulldown 
resistor prevents the gate input from floating 
when the switch is open. A buffer can be used for 
this purpose, or an inverter, or any “spare” gate 
on a logic chip that is already in the circuit. One 
input of the chip can be tied to the positive power 
supply or negative ground, to create an appro- 
priate input from the chip when the switch, at- 
tached to the other input, is opened or closed. 


A jam-type flip-flop can be used to debounce a 
switch input. See Chapter 11 for details. If two 
NOR or two NAND gates are unused in a circuit, 
they can form a flip-flop. 


In the original CMOS 4000 family, a positive out- 
put may be capable of driving an LED if the cur- 
rent does not exceed 5mA with a power supply 
of 5VDC or 10mA with a power supply of 10VDC. 
Note that the output voltage will be pulled down 
significantly by these loads. In the 74HCxx family, 
chips can source or sink as much as 20mA, but 
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here again the output voltage will be pulled 
down. Note that the total limit for all outputs 
from a 74HCxx chip is around 70mA. 


The output from a logic chip can be passed 
through a buffer such as the 7407, which has an 
open-collector output capable of sinking as 
much as 200mA. This enables direct drive of 
modest loads, so long as they are not inductive. 


Solid-state relays and optocouplers can be 
driven directly from logic chips, as they draw very 
little current. A solid-state relay can switch 50A 
or more. 


What Can Go Wrong 


Two problems are common when using CMOS 
digital chips: damage from static electricity, and 
erratic behavior caused by floating pins. 





Static 


The early 4000 series CMOS chips were especially 
vulnerable, but more recent CMOS designs gen- 
erally include diodes atthe inputs, which reduces 
the risk. Still, logic chips should be protected by 
inserting them into anti-static foam or enclosing 
them in conductive wrappers until they are in- 
stalled in aboard. While handling chips, it is good 
practice to be grounded, ideally using a wrist- 
mounted ground wire. 


Floating Pins 

Any pin which is unconnected in a logic chip is 
considered to be “floating,” and can pick up sig- 
nals by capacitive coupling, possibly disrupting 
the behavior of the chip and also causing power 
consumption, as the ambiguous pin state will 
tend to prevent that gate in the chip from enter- 
ing quiescent mode. 


Generally speaking, input pins in a TTL logic chip 
that are not being used for any purpose should 
be tied to the positive voltage supply, while un- 
used CMOS pins should be tied to negative 
ground. 


What Can Go Wrong 


Family Incompatibilities 

As previously noted, older TTL logic chips may 
deliver a “high” output voltage that is lower than 
the minimum expected by newer CMOS logic 
chips. The best option is not to mix families, but 
if chips are stored carelessly, some intermingling 
can occur. Part numbers should be checkedif one 
chip appears to be ignoring output from another. 


Overloaded Outputs 

If a circuit calls for a logic chip with an open- 
collector output, and a regular chip is used by 
mistake, it will almost certainly be damaged. 


Output Pulled Down 


If the output from one logic chip is connected 
with the input of another logic chip, and if the 
output from the first chip is also connected to an 
LED, the LED may pull down the output voltage 
so that the second chip will not recognize it as a 
high state. As a general rule, a logic output can 
drive an LED, or can drive another logic chip, but 
not both. Very-low-current LEDs, which draw as 
little as 2mA, may be acceptable. 


Incorrect Polarity and Voltages 
Logic chips can be knocked out by applying in- 
correct polarity, or voltage to the wrong pin, or 
the wrong voltage. Modern logic chips tolerate 
a very limited voltage range, and a 74xx series 
chip will be irrevocably damaged if it is used 
where a 4000 series chip was specified for a pow- 
er supply higher than 6VDC. 


If a chip is inserted upside-down, it will probably 
be damaged when voltage is applied. 


Bent Pins 

Like all through-hole chips, DIP logic chips can 
be inserted accidentally with one or more pins 
bent underneath the chip. This error is very easy 
to miss. The bent pins will not make contact with 
any socket that is used, and the chip will behave 
unpredictably. Check for proper pin insertion 
with a magnifying glass if necessary. 
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Unclean Input 

Logic chips expect a clean input without voltage 
spikes. A 555 timer of TTL type generates spikes 
in its output which can be misinterpreted as mul- 
tiple pulses by the input of a logic chip. A CMOS- 
type 555 timer is more suitable for connection 
with logic chips. 


If a pushbutton, rotational encoder, or electro- 
mechanical switch provides a high or low input, 
the input must be debounced. In hardware, this 
is traditionally done with a flip-flop. It can also 
be done with code in a microcontroller. 


Analog Input 


The input of a logic chip can be connected di- 
rectly with a thermistor, phototransistor, or sim- 
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ilar analog component, but only if there is some 
certainty that the voltage at the input pin will 
remain within the range that is acceptable to the 
chip. Inthe case of a phototransistor, for example, 
it should be exposed to a limited, known range 
of light intensity. 


In general, it is best to avoid applying 
intermediate-voltage signals to a digital logic 
input, as they can create unpredictable output, 
or output of an intermediate voltage. A compa- 
rator can be placed between the analog source 
and the digital logic chip, or a logic chip with a 
Schmitt-trigger input can be used. 
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The term flip-flop is sometimes printed with a space instead of a hyphen, but the hy- 
phenated form seems to predominate in the United States. Therefore, the hyphen is 
included here. The term flipflop (with neither a hyphen nor a space) is sometimes seen, 
but is unusual. The acronym FF is confined mostly to logic diagrams or schematics. 


The term latch is sometimes used interchangeably with flip-flop but is assumed here to 
describe a minimal asynchronous circuit that responds immediately and transparently 
to an input. A flip-flop can function as a latch and also as a synchronous device which is 
opaque, meaning that the input does not flow directly through to the output. 


OTHER RELATED COMPONENTS 


¢ counter (See Chapter 13) 
- shift register (See Chapter 12) 


What It Does 


Transistors enable logic gates; logic gates enable 
flip-flops; and flip-flops enable many mathemat- 
ical, storage, and retrieval functions in digital 
computing. Most flip-flops today are embedded 
in much larger integrated circuits that have com- 
plex functions. However, they are still available 
as separate components in chip form, and will be 
discussed on that basis here. 





A flip-flop is the smallest possible unit of mem- 
ory. It can store a single bit of data, represented 
by either a high or low /ogic state. (A full explan- 
ation of logic states is included in the logic 
gate entry. See Chapter 10.) Flip-flops are espe- 
cially useful in counters, shift registers, and 
serial-to-parallel converters. 


A flip-flop circuit can be classified as a form of 
bistable multivibrator, as each of its outputs is 
stable in one of two states until an external trig- 
ger stimulates it to “flip” from one state and “flop” 
into the other. (For a comprehensive discussion 


of monostable and astable multivibrators, see 
the timer entry in Chapter 9.) 


An asynchronous flip-flop will respond immedi- 
ately to a change of input, and can be used for 
applications such as debouncing the signal from 
an electromechanical switch or building a rip- 
ple counter. More often, a flip-flop is synchro- 
nous, meaning that a change in input state will 
be unrecognized until it is enabled by a low-to- 
high or high-to-low transition in a stream of pul- 
ses from an external clock. 


How It Works 


Every flip-flop has two outputs, each of which 
may have a high or low state. When the flip-flop 
is functioning normally, the outputs will be in 
opposite logical states, one being high while the 
other is low. These outputs are typically identi- 
fied as Q and NOT-Q (the latter term meaning a 
letter Q with bar printed above it, sometimes re- 
ferred to verbally as “Q-bar”). In datasheets and 
other documents where a bar symbol cannot be 
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represented easily above a letter, the NOT-Q out- 
put may be represented as letter Q with an apos- 
trophe after it, as in Q’ 


Almost always, ina schematic diagram, a flip-flop 
is represented by a simple rectangle, with inputs 
and outputs identified by letters and other 
marks. Because a description of the inner work- 
ings is necessary before the different types of flip- 
flop can be understood, schematic symbols for 
various flip-flops will not be introduced until 
“Variants” on page 116. 


The simplest flip-flop contains two logic gates 
whose function can be most easily understood if 
the inputs are controlled by a SPDT switch. It can 
be created from two NAND gates or two NOR 
gates, as described next. This type of component 
can be described as: 


e asynchronous: Will accept data on an im- 
promptu basis, as it is not synchronized with 
a clock. 


e jam-type: Colloquial equivalent of asynchro- 
nous. The input is jammed in at any time, 
forcing an immediate change of output. 


e transparent: The input state flows straight 
through to the output. 


NAND-Based SR Flip-Flop 


Figure 11-1 shows two NAND gates attached to 
a SPDT switch, with two pullup resistors. When 
either of the NANDs has a floating input from the 
switch, the pullup resistor attached to that input 
will maintain it in a high state. The data inputs for 
the NAND gates are labeled S and R, meaning Set 
and Reset, giving this component its name as an 
SR flip-flop: 


e In a NAND-based SR flip-flop, a low state is 
considered an active logic input, as indicated 
by the bar placed above each letter. 


¢ A high state is considered an inactive logic 
output. 
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The schematic style in this figure, with diagonally 
crossing conductors, is universally used and easi- 
ly recognizable. The equivalent schematic in 
Figure 11-2, which might be created by circuit- 
drawing software, has the same functionality but 
would not be immediately recognizable as a flip- 
flop. The “classic” crossed-conductor represen- 
tation is preferable. 





Figure 11-1. The schematic for a simple NAND-based SR- 
type flip-flop, with a switch and pullup resistors added to 
control two inputs. 





Figure 11-2. An alternative component layout for an SR 
flip-flop, functionally identical to the previous schematic, 
but not so easily recognizable. The layout with a pair of di- 
agonally crossing conductors has become so ubiquitous, 
it should be considered to be a standard. 


The first step toward understanding the behavior 
of flip-flops is to recall the relationship between 
the two inputs and the output of NAND or NOR 
gates. This is shown in Figure 11-3, where red in- 
dicates a high logic state and black indicates a 
low logic state. 
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Figure 11-3. The four possible input combinations for a 
NAND gate and a NOR gate, with the corresponding logi- 
cal outputs. A flip-flop can be built from two NANDs or 
two NORs. 


The behavior of a NAND gate can be summar- 
ized: 


¢ Both inputs high: Output low. 
e Other input combinations: Output high. 


Figure 11-4 shows a series of snapshots of the SR 
flip-flop circuit as the switch moves from one po- 
sition, through an intermediate state where it 
makes no connection, to the other position. Re- 
member that in this circuit, the active logical in- 
put state is low, and the active logical output 
state is high. 


In the top panel, the pullup resistor of the lower 
NAND is overwhelmed by the direct connection 
to negative ground, which holds the R input ina 
low state. The other input of this gate is irrele- 
vant, because the output from a NAND will be 
high if either of its inputs is low. So, the lower 
NAND has a high output, which feeds back to the 
secondary input of the upper NAND gate. The S 
input of this gate is high, because of the pullup 
resistor. Because both inputs of this gate are now 
high, its output is low, which feeds back to the 
lower gate. The lower gate doesn’t change its 
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output, because either of its low inputs isenough 
to keep its output high. So, the circuit is in equi- 
librium. A high state on the NOT-Q output is 
known as the Reset state for a NAND-based flip- 
flop. 


The second panel shows what happens if the 
switch now moves up into a neutral, disconnec- 
ted position. The R input of the lower NAND now 
becomes high, because of the pullup resistor. But 
this NAND still has one low input, supplied by the 
output of the upper gate, so its output remains 
high, and the circuit is still in equilibrium. This is 
known as the Hold state for the NAND circuit. 


Suppose the switch bounces to and fro between 
the states shown in the first two panels. The out- 
put from the circuit won’t change. This shows 
that the circuit provides a method for eliminating 
switch bounce—the very fast, momentary spikes 
that occur when the mechanical contacts of a 
switch open and close. 


The third panel shows what happens if the switch 
now moves to its upper position. The top input 
of the upper NAND gate is now pulled low. Con- 
sequently, its output goes high. This feeds back 
to the lower gate. Its other input is high because 
of the pullup resistor. With both of its inputs high, 
its output goes low. The gate outputs have flip- 
ped and swapped values. A high state on the Q 
output is known as the Set state for a NAND- 
based flip-flop. 


The circuit still remains in equilibrium even if the 
switch returns to its central, disconnected posi- 
tion shown in the bottom panel. Therefore, the 
debouncing capability of the circuit works equal- 
ly well for both positions of the switch. 


NOR-Based SR Flip-Flop 


Figure 11-5 showsa similar circuit using two NOR 
gates attached to an SPDT switch. Because the 
NOR gates function differently, this circuit uses 
active-high input logic, and pulldown resistors 
are needed instead of pullup resistors. The out- 
put from the circuit still uses active-high logic, 
and is identical with the NAND-based circuit in 





Chapter1l 109 


How It Works 


this respect, although the relative positions of 
the Q and NOT-Q outputs have been swapped. 








Figure 11-4. Four snapshots of transitions in a NAND- 
based SR flip-flop as the switch moves down and up 
through an intermediate no-connection zone. See text for 
details. 
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e In a NOR-based SR flip-flop, a high state is 
considered an active logic input, as indicated 
by the absence of a bar placed above the let- 
ters Sand R. 


e A high state is considered an active logic 
output. 





Figure 11-5. The schematic for a simple SR flip-flop using 
NOR gates instead of NANDs. 


In the case of the NOR gate: 


e Both inputs low: Output high. 
e Other input combinations: Output low. 


Figure 11-6 shows a series of snapshots as the 
switch moves from one position to the other, 
through intermediate states where it makes no 
connection. Remember that in this circuit, the 
active logical state is high at both the inputs and 
the outputs. 


In this circuit, as in the previous circuit using 
NAND gates, it will ignore switch bounce, allow- 
ing the gate outputs to remain stable. 


Forbidden States 


Either of the circuits described so far depicts an 
SR flip-flop, regardless of whether it is NAND- 
based or NOR-based. Its input and output states 
are summarized in Figure 11-7. However, as this 
table suggests, there are some input states that 
create problems. 
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Figure 11-6. Four snapshots of a NOR-based SR flip-flop, 
showing the consequence of changing switch positions, 
comparable with the NAND-based flip-flop. 
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Flip-Flop Flip-Flop Outputs 


Inputs 
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Figure 11-7. A table of input states and the consequent 
output states for NAND-based and NOR-based SR flip- 
flops. 





In either the NAND-based flip-flop or the NOR- 
based flip-flop, the output when the switch is in 
its unconnected center position will remain the 
same as when the switch was in its previous po- 
sition. This is the usefulness of the flip-flop: it re- 
members the previous state. These situations are 
identified as “Same as Previous” in the table. 


The pullup resistors (in a NAND-based flip-flop) 
and pulldown resistors (in a NOR-based flip-flop) 
are intended to guarantee that both inputs will 
be high (NAND) or both inputs will be low (NOR) 
even when the switch makes no connection. 
Therefore, itshould beimpossible for both inputs 
to be low (NAND) or high (NOR). 


But what happens if the circuit is powered up 
with the switch in the unconnected position? 
One input of each gate is controlled by the out- 
put of the other gate. But what will those outputs 
be? 


Inthe NAND-based version, the outputs from the 
NANDs will be low while the chips are powering 
up. As soon as the NAND chips are functioning, 
each of them will sense that it has one input high 
and one input low, so it will change its output to 
high. 


But now that each chip has a high output, it will 
feed back to the secondary input of the other 
chip. Now both chips have both inputs high. This 
will cause them both to change their outputs to 
low—but this will feed back again, flipping the 
outputs back to high again. In fact, if the gates 
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are absolutely identical, the circuit will oscillate 
very rapidly. This is sometimes known as ringing. 


In real life, the gates will not be absolutely iden- 
tical, and eventually one of them will respond 
fractionally ahead of the other, tipping the circuit 
into the state shown either in the second panel 
or the fourth panel in Figure 11-4. But which chip 
will win? There is no way of knowing. This is 
known as a race condition, and the winner is un- 
predictable. 


A similar but opposite situation occurs in the 
NOR-based flip-flop if it is powered up with the 
switch in the disconnected position, and the S 
and R outputs are both low, because of the pull- 
down resistors. Here again it will be a race 
condition. 


We can address the problem by making a rule 
that the switch must always be in one position or 
the other when the flip-flop is powered up. But 
what if there is a faulty switch? Or what if a power 
interruption occurs while the switch is changing 
position? 


Another problem occurs if the switch makes one 
contact a fraction before it breaks the other con- 
tact. This would result in both S and R inputs be- 
ing low, ina NAND flip-flop. The same state could 
occurifa separate logic circuit is driving the S and 
R inputs, and an error causes it to make S and R 
both low. This is shown in Figure 11-8. Because 
the output from a NAND gate is always high if at 
least one of its inputs is low, both gates now have 
a high output, and the circuit is stable. 


The problem is, the states of the outputs from a 
flip-flop should always be opposite to each other. 
If both of them are high, this can create logic 
problems in the rest of the circuit attached to the 
flip-flop. 


e In a NAND-based SR flip-flop, if S and R are 
both low, this is known as a forbidden state 
ora restricted combination. 


integrated circuit > digital > flip-flop 





Figure 11-8. What happens when both S and R inputs to a 
NAND flip-flop are low as a result of an error in a separate 
control circuit. 


A similar problem afflicts a NOR-based SR flip- 
flop, except that the forbidden state will occur 
when the S and R inputs are both high. 


e InaNOR-based SR flip-flop, ifS and Rare both 
high, this is a forbidden state or a restricted 
combination. 


The SR flip-flop is useful as a switch debouncer, 
but for computing applications, it is vulnerable 
to errors. 


The JK Flip-Flop 


Because the name of the JK flip-flop shares the 
initials of Jack Kilby, who won a Nobel prize for 
his fabrication of the world’s first integrated cir- 
cuit, some people speculate that this type of flip- 
flop was named after him. The attribution seems 
implausible, and may have gained currency sim- 
ply because a flip-flop was the first device that 
Kilby happened to build when he was develop- 
ing an integrated circuit. 


Regardless of how it came to be named, the JK 
design is shown in Figure 11-9. This is commonly 
referred to as a JK latch. The electromechanical 
switches that were shown driving the SR flip-flop, 
along with pullup or pulldown resistors, are no 
longer included, because the inputs at positions 
J and K are assumed to come from other devices 
that have properly defined high and low states. 
Their behavior may be unpredictable, but nei- 
ther of them will ever have a floating state. 
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This is a gated circuit, meaning that an additional 
input stage blocks direct access to the output 
stage, and itis also a synchronous circuit, as it uses 
a train of pulses at a clock input. Two three-input 
NAND gates are placed in front of a NAND-based 
SR flip-flop, and they address the problem of si- 
multaneous identical inputs by using crossover 
feedback from the second stage to the first stage 
(via the conductors at top and bottom of the 
schematic). 





Figure 11-9. The basic circuit for a clocked JK flip-flop, us- 
ing two additional NAND gates prepended to an SR flip- 
flop. 


Versions of a JK flip-flop are possible using NOR 
gates, but are less common. Only the NAND- 
based version will be considered here. 


In the case of a three-input NAND gate: 


e All three inputs high: Output low. 
e Other input combinations: Output high. 


Because of the additional pair of NANDs, the cir- 
cuit now recognizes a high input as logically ac- 
tive, instead of the low-active input in the previ- 
ous SR flip-flop using NAND gates. Consequently, 
two simultaneous high inputs might be expect- 
ed to create the type of forbidden state that was 
caused by two simultaneous low inputs previ- 
ously. However, in Figure 11-10, the top and bot- 
tom panels show that simultaneous high inputs 
at J and Kwill support two possible valid outputs, 
where the state at Q is always opposite to the 
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state at NOT-Q. In fact, when both inputs are high, 
a positive pulse on the clock input will toggle the 
outputs (i.e., they will switch places). In fact, the 
toggling will continue so long as the clock input 
is high. Consequently, this type of flip-flop is in- 
tended for use with short clock pulses. 





Figure 11-10. When the J input and the K input are both 
high, this no longer causes a forbidden state. The combi- 
nation will toggle the outputs of the flip-flop between the 
two states shown here. 


Master-Slave Flip-Flop 

A more stable form is shown in Figure 11-11 
where yet another stage has been added, this 
one being a “master” to the first. In fact, this con- 
figuration is known asa master-slave flip-flop, the 
slave stage being driven by the master stage but 
remaining inactive until a low clock input at the 
master stage passes through an inverter to be- 
come a high clock input at the slave stage. The 
master and slave stages thus take turns, one be- 
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ing activated by a high clock pulse while the oth- 
er is activated by the low part of the pulse cycle. 
The outputfrom the slave stage cannot feed back 
to the master stage while the clock pulse is still 
high, and thus the timing issue in the single- 
stage JK latch is eliminated. Because the master- 
slave version of the JK configuration is not trans- 
parent, it is correctly known as a flip-flop rather 
than a latch. 


In addition, Preset and Clear inputs may be add- 
ed to override the clock to Set or Reset the out- 
puts. These inputs are active-low. 


Figure 11-12 summarizes the behavior of a JK 
master-slave flip-flop that is triggered by the fall- 
ing edge of each clock pulse (shown as a 
downward-pointing arrow in the Clock column 
of the table). Note that the output will be delayed 
while the slave stage waits for the second part of 
each clock cycle. 


The letter X in the table indicates that the state 
in that cell is irrelevant. 


When J and K are both low, the states of Q and 
NOT-Q will remain the same as in the previous 
cycle, and this is still referred to as a Hold state. 
When J and K are both high, the outputs toggle, 
meaning that their new states will be opposite 
to the previous states. 


D-Type Flip-Flops 

AD-type flip-flop places an inverter between two 
inputs to guarantee that they will always be in 
opposite states, and uses a clock signal to copy 
their states to a pair of logic gates. 


When an inverter is added between the inputs in 
this way, either an SR flip-flop or aJK flip-flop can 
become a D-type flip-flop. Figure 11-13 shows 
the simplest possible D-type circuit, added to a 
basic SR flip-flop. Only one data input is now re- 
quired (customarily labeled D), because it drives 
the other through the inverter. 
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Figure 11-11. A master-slave circuit that drives one flip- 
flop with another. 


Flip-Flop Inputs Outputs 


esr oer] 


Figure 11-12. A table showing inputs and outputs for a JK 
master-slave flip-flop. 
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Figure 11-13. A simple D-type flip-flop. The inverter guar- 
antees that the state of one input will always be opposite 
to the state of the other. 


Figure 11-14 uses snapshots to show how the 
circuit responds to changing input and clock 
conditions. Initially, in the top panel, the data in- 
put is high, the clock input is high, and the Q 
output is high. In the second panel, the clock 
goes low, causing the output from the upper 
NAND gatein the input stage to change from low 
to high. But the upper NAND gate in the output 
stage still has one low input, so its state remains 
unchanged. In fact, the S and R inputs of the out- 
put NANDs are now both high, which creates the 
hold condition. 


In the third panel, the D input changes from high 
to low, but this has no effect so long as the clock 
is low. The D input can fluctuate repeatedly, and 
nothing will happen until the clock goes high, as 
shown in the fourth panel. Now the clock copies 
the new D input state through to the output. 








NAND 


Figure 11-14. Four snapshots showing the behavior of a 
D-type flip-flop. 
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Summary 


An SR flip-flop can be used for switch de- 
bouncing, but in other applications it can 
enter an unacceptable race condition if its 
inputs and power supply are not carefully 
controlled. 


A JK flip-flop is gated, meaning that an SR 
circuit is preceded with an input stage anda 
clock input. This eliminates the race condi- 
tion, adds the ability to toggle the outputs, 
but requires a very brief clock input. The cir- 
cuit is edge-triggered. 


A master-slave flip-flop consists of two flip- 
flops, one driving the other. They can be JK 
type or SR type. The first flip-flop is activated 
by a positive clock state, while the second is 
activated by the subsequent negative clock 
state. Timing issues are resolved. 


A D-type flip-flop is gated with an inverter 
between the inputs, so that they cannot be 
simultaneously high or low. Consequently, 
only one input, labeled D, is needed. A high 
state on the D input causes a Set condition, 
while a low input causes a Reset condition, 
but only when the clock copies the status of 
the inputs through to the outputs. The status 
of the outputs remains stable (the flip-flop 
enters a hold condition) after the clock goes 
low. 


The JK circuit used to be widely used, be- 
cause of its versatility. The D-type circuit now 
predominates. 


A T-type (toggling) flip-flop exists but is un- 
common, and is not included in this ency- 
clopedia. 


Many flip-flop circuits exist in addition to the 
ones that have been illustrated here. Only 
the most commonly cited circuits have been 
included. 


A chip containing two positive-edge triggered 
D-type flip-flops is shown in Figure 11-15. Each 
flip-flop in this component has its own data, set, 
and reset input and complementary outputs. 
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Figure 11-15. This chip contains two positive-edge trig- 
gered D-type flip-flops. 


Variants 





A selection of schematic symbols representing 
flip-flops is shown in Figure 11-16. Letters S, R, J, 
K, or D define the type of flip-flop. Q and NOT-Q 
are the outputs. CLK is the clock input but may 
alternatively be identified with letter E, meaning 
Enable. SRCK or SCLK may also identify it, the ab- 
breviations being intended to mean “serial clock. 


A triangle preceding CLK indicates that the flip- 
flop is positive-edge triggered. A circle, properly 
termed a bubble, preceding the triangle, indi- 
cates that the flip-flop is negative-edge trig- 
gered. In other locations, the bubble indicates 
that the input (or output) is inverted; it means the 
same thing as a bar printed above the text ab- 
breviation, and indicates active-low logic. Syn- 
chronous inputs are shown on the left side of the 
flip-flop with the CLK input, while asynchronous 
inputs (if any) are shown above and below the 
flip-flop rectangle. 


Using these guidelines, the examples in 
Figure 11-16 can be decoded: 
1. An unclocked SR flip-flop with active-low in- 
puts (probably NAND-based). 


2. An unclocked SR flip-flop with active-high 
inputs (probably NOR-based). 
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3. An SR flip-flop with active-high inputs, 
pulse-triggered by an active-high clock in- 
put. 


4. A JK flip-flop with active-high inputs, edge- 
triggered by a rising-edge clock input. The 
bubble on the lower Q output means the 
same thing as a letter Q with a bar printed 
above it. 


5. A D-type flip-flop pulse-triggered by an 
active-low clock input. 

6. A D-type flip-flop edge-triggered by a 
falling-edge clock input. 


7. A JK flip-flop with active-high inputs, edge- 
triggered by a rising-edge clock input, with 
asynchronous active-low Preset and Clear 
inputs. 











Figure 11-16. The schematic symbol for a flip-flop is an 
annotated rectangle. See text for an explanation of the let- 
ters and marks. 


Values 


Packaging 

Only about 10% of the flip-flops listed bya typical 
parts warehouse are through-hole chips. The rest 
are now surface-mount. Still, even if the search is 
narrowed further to through-hole packages in 
the 74xx and 4000 series, at least 100 types still 
exist. They provide opportunities in education 
and prototyping work, even though they are less 
often used as standalone components. 


A package often contains more than one flip- 
flop. Dual and quad arrays are common. The flip- 
flops may be independently clocked, or may 
share a single clock input; datasheets should be 
checked carefully for details. Octal flip-flops, 
such as the D-type 74x273, are intended for use 
as eight-bit registers. 


Many of the older flip-flops are numbered in the 
74xx series of logic chips. See Chapter 10 for a 
detailed guide to this numbering system and the 
various logic families. D-type flip-flops include 
74x74, 74x75, 74x174, and 74x175, where an ac- 
ronym for the logic family is substituted for the 
x. Old-style CMOS flip-flops include the 4042B D- 
type latch, the 4043B quad NOR SR flip-flop, and 
the 4044B quad NAND S8R flip-flop. The last two 
are synchronous, and both allow two Set inputs, 
labeled S1 and S2 in the datasheet. 


Examples of JK flip-flops include the 74x73, 
74x76, and 74x109. 


Values 





As is the case with other logic chips, most flip- 
flops in the through-hole 74xx series are intend- 
ed for 5VDC power supply while the older 4000 
series may tolerate up to 18VDC. Surface-mount 
versions may use voltages as low as 2VDC. 


See “Variants” on page 93 for a discussion of ac- 
ceptable high and low logic input voltages. On 
the output side, the 4000 series chips are able to 
source less than 1mA at 5VDC, but the 74HCxx 
series can manage around 20mA. 


If a flip-flop is used for high-speed operation, the 
following values must be considered: 
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ts Setup time: The minimum time in nano- 
seconds for an input to be constant before 
the next clock pulse can process it. 


ty Hold time: The minimum time in nano- 
seconds for an input to persist after the ac- 
tive edge of a clock pulse that has processed 
it. The interaction between a clock pulse and 
an input state takes a brief but measurable 
amount of time; errors may occur if the clock 
is given less than that amount of time to do 
its job. 


tco Clock-to-output: The elapsed time after 
an active clock edge, before the output 
changes. This is a function of the internal 
workings of the chip, and may be broken 
down into low-to-high and high-to-low out- 
put transitions, as follows. 


Tpiy Propagation to Low-to-High: The 
elapsed time after an active clock edge, be- 
fore a low-to-high swing occurs at an output. 
This may not be identical to Tp. 


Tpy_ Propagation to High-to-Low: The 
elapsed time after an active clock edge, be- 
fore a high-to-low swing occurs at an output. 
This may not be identical to Tp, 4. 


fax Maximum clock frequency for reliable 
operation. 


tw) The minimum high clock pulse width in 
nanoseconds. 


twa The minimum low clock pulse width in 
nanoseconds. 


In a shift register or counter, where multiple flip- 
flops are cascaded but they share the same clock, 
the tco of one flip-flop must be shorter than the 
hold time of the next flip-flop, to allow the input 
of data to be complete before the window of op- 
portunity is over. 
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The asynchronous SR flip-flop is of primary use 
in debouncing switches. Examples are the single 
MAX6816, dual MAX6817, and octal MAX6818. 





D-type flip-flops are widely incorporated in fre- 
quency dividers, which are used to count pulses 
and display a binary output. If the NOT-Q output 
is wired back to the D input, the pulse stream to 
the clock input will have the following effect: 


1. Suppose the initial D state is low and the in- 
itial state of the NOT-Q output is low. 


2. The first high clock pulse propagates the low 
D state into the flip-flop. 


3. The next low clock state forces the NOT-Q 
output high. This feeds back and creates a 
high D input. 


4. The second clock pulse propagates the high 
D state into the flip-flop. 


5. The next low clock state pulls the NOT-Q out- 
put low. This feeds back and creates a low D 
input. 


The sequence then repeats. Only one high out- 
put is generated at NOT-Q (or at Q) for every two 
clock pulses; thus the circuit can become a 
divide-by-two counter. If the Q output is tapped 
to serve as the clock input for another flip-flop, 
that circuit now has a divide-by-four output. A 
series of many flip-flops can be chained together, 
so long as the propagation of signals along the 
chain is fast enough to occur before the next 
clock pulse. This is known as an asynchronous 
counter. 


For more information on the use of counters, see 
Chapter 13. 


While flip-flops have tended to be integrated 
with other components in digital computing, 
they are still used as registers where 8 or 16 bits 
of serial data must be assembled at a time, prior 
to being disseminated as parallel data. 
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What Can Go Wrong 





Ambiguous Documentation 

For reasons which are unclear, instructional texts 
and tutorials can be erratic when describing flip- 
flops: 


e A truth table may fail to clarify whether the 
circuit uses active-high or active-low logic. 


e Truth tables from different sources are often 
inconsistent in their representation of cur- 
rent and future output states, and may even 
fail to include the clock status in a clocked 
flip-flop. 

¢ Tutorials may include logic diagrams for 
some types of circuit, but not others. 


e NOR gates may be used, without any men- 
tion that NAND gates can also be used (and 
may be more common or convenient). 


e The active-low or active-high status of in- 
puts in an SR flip-flop may not be shown. 


Bearing this in mind, manufacturer datasheets 
should be consulted whenever possible as the 
primary source of information. 


Faulty Triggering 

In many cases, a flip-flop designed for edge trig- 
gering can give erroneous results if it is level- 
triggered, and vice versa. Rising-edge-triggered 
flip-flops must be distinguished from falling- 
edge-triggered flip-flops. As always, it is impor- 
tant for similar parts that have similar functions 
to be stored separately. 


Metastability 
The behavior of flip-flops has been described in 
this entry under ideal conditions, where they are 


What Can Go Wrong 


operating well within parameters established by 
the manufacturer. In reality, non-ideal scenarios 
may occur, especially where inputs such as data 
and clock, or clock and reset, are almost simulta- 
neous. This may be difficult to avoid if a signal is 
received from an external source suchas asensor, 
with no way to control its arrival time. If the input 
occurs within the setup time or the hold time of 
a clock pulse, the flip-flop may be unable to de- 
termine whether the input precedes or follows 
the clock. 


This may lead to metastability, meaning an un- 
predictable output and/or oscillations that take 
several clock cycles to settle into a stable state. If 
the output from a flip-flop may be used by two 
separate components with slightly different re- 
sponse times, one may interpret the oscillating 
output as a high state while the other interprets 
itas low. Ina computing circuit, metastability can 
lead to calculation errors or a system crash. To 
avoid these issues, limits in datasheets should be 
observed. Attention should be paid to the man- 
ufacturer specifications for minimum setup time 
and hold time, so that the circuit has sufficient 
opportunity to recognize a signal and respond. 


One solution to metastability is to connect mul- 
tiple flip-flops in series, all sharing a common 
clock signal. This will tend to filter out irregulari- 
ties, at the expense of requiring additional clock 
cycles if the flip-flops are not transparent. 


Metastable-hardened flip-flops minimize meta- 
stability but cannot eliminate it completely. 


Other Issues 

Problems that tend to affect digital chips gener- 
ally are listed in the section of the entry on logic 
gates (see “What Can Go Wrong” on page 105). 
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The term shift register is rarely hyphenated. In this encyclopedia, no hyphen is used. 


A shift register can function as a queue, but this term is more usually applied to software. 
When the output from the last stage of a shift register is connected back to its input, it 
can function as a ring counter, but that application is described in the counter entry of 


this encyclopedia. 


Component catalogs sometimes list shift registers as binary ripple counters, instead of 
giving them their own section. In this encyclopedia, a binary counter is considered to 
have binary-weighted outputs (with values 1, 2, 4, 8.... in decimal notation) and is de- 
scribed in the counter entry. A shift register has outputs that are not necessarily binary- 


weighted. 


OTHER RELATED COMPONENTS 


¢ flip-flop (See Chapter 11) 
» counter (See Chapter 13) 
¢ multiplexer (See Chapter 16) 


What It Does 


A register is a component (or a small section of 
computer memory) that stores information. The 
smallest unit of information is one Dit (i.e., one 
binary digit) with a value 1 or 0 that can be rep- 
resented by a high or low logic state. A shift reg- 
ister most commonly is designed to store eight 
bits, although some store four. 





Each bit is memorized by the status of a flip- 
flop inside the register. Fora detailed description 
of flip-flops, see Chapter 11. When a pulse from 
an external clock is received by the shift register, 
all of the bits in storage are moved along one 
step, from each flip-flop to the next. The high or 
low status of an input pin at that moment is 
clocked in to the first flip-flop, while the bit in the 
last flip-flop is overwritten by the bit preceding 
it. A diagram representing the function of a basic 
four-bit shift register is shown in Figure 12-1. 


Note that the status of the input pin is ignored 
until the moment when a clock pulse copies it 
into the first flip-flop. In the figure, when the in- 
put pin has a brief high state that ends immedi- 
ately before clock pulse three, the high state is 
ignored. 


A shift-register chip is shown in Figure 12-2. 


Because the functionality ofa shift register is now 
often incorporated in much larger logic chips, it 
is less widely used as a stand-alone component 
than it used to be. It is still useful for purposes of 
serial-parallel or parallel-serial conversion, and 
for small tasks such as scanning a matrix- 
encoded keyboard or keypad. It also has educa- 
tional applications and can be used in conjunc- 
tion with a microcontroller. 
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= qeqmaoa 
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Initial state EEE 
Clock pulse 1 > BEES 
Clock pulse 2 => BEES 
Clock pulse 3 —_> BEES 
Clock pulse 4 => SEER 
Clock pulse 5 —> BEES 


Figure 12-1. The function of a four-bit shift register in 
which each flip-flop may be set to a high or a low state, 
represented here with red or black squares. After a high 
bit is clocked into the chip, it is moved one space along by 
each subsequent clock pulse. 





Figure 12-2. This 8-bit shift-register chip is unusual in 
that it uses “power logic,” in which open-drain outputs en- 
able it to drive relatively high-current devices. It can sink 
up to 250mA at each of its output pins, at up to 45VDC. 


Schematic Representation 


No specific symbol exists for a shift register. It is 
represented inaschematic by asimple rectangle, 
often (but not always) with control inputs on the 
left, data inputs arrayed along the upper edge, 
and data outputs along the lower edge. An ex- 
ample is shown in Figure 12-3, along with a dia- 
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gram showing the physical chip and its pinouts. 
The meaning of the abbreviations identifying the 
inputs, outputs, and control functions will be de- 
scribed in “How It Works” on page 122. 


SA SB 
ae T4HC164 
CLR 


QA QB QC QD QE QF QG QH 


SA V+ 
SB QH 
QA QG 
QB QF 
Qc QE 
QD CLR 
GND CLK 





Figure 12-3. Typical schematic representation of a shift 
register, compared with the pinouts of the actual compo- 
nent. 


The schematic symbol representing a shift reg- 
ister may appear superficially similar to the phys- 
ical form of the chip which contains it, but the 
physical layout of the pins is unlikely to be the 
same. 


How It Works 


A shift register generally consists of a chain of D- 
type flip-flops. See the entry describing flip- 
flops in Chapter 11 for a detailed explanation of 
this component. 





The simplest shift register functions as a serial-in, 
serial-out device, abbreviated with the acronym 
SISO. Because the first bit that enters it will be the 
first to leave at the opposite end, it can also be 
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described as a first-in, first-out data storage de- 
vice, using the acronym FIFO. 


The basic connections between flip-flops in a 
four-bit SISO shift-register are shown in 
Figure 12-4. The D input in each section refers to 
the fact that it is a D-type flip-flop. The primary 
output from each flip-flop is identified with letter 





Figure 12-4. The simplest shift register is a serial-in, 
serial-out (SISO) device. This example contains four D- 
type flip-flops. 


Each clock input is labeled CLK. When the output 
of each flip-flop is coupled to the input of the 
next flip-flop, and both share the same clock sig- 
nal, the clock signal will cause the state of the 
third flip-flop to be sent to the fourth, the output 
of the second to be copied to the third, the out- 
put of the first to the second, and the input state 
will be copied to the first. 


Abbreviations and Acronyms 


The shift register will usually have an additional 
input that forces an immediate “clear” of all the 
registers, regardless of the clock state at that mo- 
ment. This input is usually labeled CLR and will 
have a bar printed above it if it is active-low 
(which is the usual convention). If there is a pin 
labeled MR (meaning “Master Reset”), it will have 
the same function as CLR. 


Because its effect is independent of the clock 
state, the clear signal is described as an asyn- 
chronous input. 


While the abbreviation CLK is frequently used to 
identify the clock input, SCLK is also used (mean- 
ing “serial clock”), and occasionally the abbrevi- 
ation CP may be found, meaning “clock pulse” 


How It Works 


input. If the shift register contains two stages, 
one to clock data in and the second to clock data 
out, they may be separately clocked, in which 
case they will be identified with different abbre- 
viations. These are not standardized, but should 
be explained in the manufacturer’s datasheet. 
No matter which abbreviation is used for a clock 
input, it will have a bar printed above it if the in- 
put is active-low. 


Shift registers are generally edge triggered, mean- 
ing that the rising or falling edge of a clock pulse 
triggers the bit-shifting operation. If the compo- 
nent responds to a clock transition from low to 
high, it is rising-edge triggered. lf it responds toa 
transition from high to low, it is falling-edge trig- 
gered, and this may be indicated in the schematic 
by a small circle, properly known as a bubble, 
preceding the triangle which indicates that this 
is an edge-triggered device. 


Most shift registers are positive-edge triggered. 


Parallel Outputs and Inputs 

In many shift registers, data may be read out in 
parallel (from all flip-flops simultaneously), using 
pins provided for this purpose. In this mode, the 
shift register can function as a serial-parallel con- 
verter (serial in, parallel out, represented by the 
acronym S/PO). A simplified schematic of the in- 
ternal connections is shown in Figure 12-5. 


Where parallel outputs are provided, they are 
often identified as QA, QB, QC, andso on (moving 
from left to right) but may alternatively be de- 
scribed as Q1, Q2, Q3, Q4, and so on. 


In a schematic, the input pin is conventionally 
shown as being at the left end of the component. 
Often two inputs are provided, connected inter- 
nally as inputs to a NAND gate. The inputs are 
likely to be labeled A and B, but may alternatively 
be named SA and SB, indicating that they are se- 
rial inputs. S1 and S2 are alternative classifica- 
tions. If parallel inputs exist, they may be identi- 
fied as PA, PB, PC, and so on. 
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Parallel Outputs 
QA QB Qe QD 





Clock 


Figure 12-5. Many shift registers have pins connected to 
points along the chain of flip-flops. These connections en- 
able data to be read from the shift register in parallel. 


If serial data is supplied asynchronously, as in the 
illustration in Figure 12-1, it will be ignored until 
the shift register is triggered by the next clock 
pulse. The input state at that moment will then 
be copied into the first flip-flop, while the data 
that is already being stored in the shift register 
will be moved along the chain. In datasheets, this 
is customarily represented by a diagram such as 
the onein Figure 12-6. This diagram assumes that 
the shift-register is rising-edge triggered. Note 
that a brief fluctuation in the input which does 
not coincide with a clock-trigger event will be 
ignored. 


Variants 





Serial In, Serial Out 

A basic SISO shift register allows only for serial 
input (at one end of the chain of flip-flops) and 
serial output (at the other end of the chain). No 
pins are available for parallel output of data. 


This type of component usually permits 64-bit 
storage, where parallel output is simply imprac- 
tical, as too many pins would be required. An ex- 
ample is the 4031B chip. This includes provision 
for recirculation of bits, so thatit willalso function 
asa ring counter (see Chapter 13 fora discussion 
of this function). As is always the case with logic 
chips, the part number will be preceded by let- 
ter(s) identifying the manufacturer, and a suffix 
will distinguish variants of the chip. 
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Another type of SISO shift register is program- 
mable. It will store any number of bits from 1 
through 64, determined by a binary number ap- 
plied in the form of high/low states to five pins 
reserved for this purpose. An example is the 
4557B. 


Time > 


Figure 12-6. In a rising-edge-triggered shift register, the 
high or low state of an asynchronous input (purple line) is 
copied into the first flip-flop of a shift register by each 
clock pulse (orange line). Brief fluctuations that do not co- 
incide with a rising clock pulse are ignored. Existing data 
in the register is shifted from one flip-flop to the next. 


Serial In, Parallel Out 

The majority of serial-input shift registers allow 
parallel output from points along the chain in 
addition to serial output at the end of the chain. 
These chips almost all are 8-bit registers. Typically 
two inputs are provided, one of which can be 
used to receive bits that recirculate from the end 
of the chain, back to the beginning. Widely used 
examples are the 4094B and the 74x164, where 
an acronym identifying the logic family will be 
substituted for the x. 


Parallel In, Serial Out 

A minority of shift registers are able to function 
as parallel-serial converters (parallel in, serial out, 
represented by the acronym P/SO). Typically this 
type of chip allows jam-type parallel data input, 
meaning that the data is forced into the flip-flops 
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via a separate pin for each of them. Parallel input 
is enabled by the status ofa serial/parallel control 
pin. When the control pin reverts to its opposite 
status, each clock pulse will now shift data along 
the chain of flip-flops, allowing it to be read from 
the final output one bit at a time. Thus, data can 
be entered into the chip in parallel and read out 
of it serially. Examples are the 4014B and 4021B. 
Both are 8-bit. 


Parallel In, Parallel Out 


Shift registers that permit parallel output in ad- 
dition to parallel input are almost all of the uni- 
versal type, described in the next section. 


Universal 

A universal shift register is capable of all four 
modes of operation: SISO, SIPO, PISO, and PIPO. 
The four modes of the component are selected 
by the high or low status of two mode select pins. 
In addition, this component may have the ability 
to shift the register states either left or right. A 
bidirectional shift register has this same capabil- 
ity, and may also have PISO and PIPO capability, 
depending on the chip. Examples are the 74x195 
and 74x299, where an acronym identifying the 
logic family will be substituted for the x in the 
number. 


Universal shift registers are almost all 4-bit or 8- 
bit. They often have relatively complicated fea- 
tures, such as access to internal JK flip-flops, or 
pins that are multiplexed to provide different 
functionality depending whether an enable pin 
is held high or low. Datasheets must be checked 
carefully to ensure correct use. 


Dedicated shift registers of SIPO or PISO type will 
be easier to use. 


Values 





As is the case with other logic chips, most flip- 
flops in the through-hole 74xx series are intend- 
ed for 5VDC power supply while the older 4000 
series may tolerate up to 18VDC. Surface-mount 
versions may use voltages as low as 2VDC. 


Values 


See the section on logic gates in Chapter 10 for 
a discussion of acceptable high and low logic- 
input states. On the output side, the 4000 series 
chips are able to source less than 1mA at 5VDC, 
but the 74HCxx series can usually manage 
around 20mA. 


If a shift register is used for high-speed operation, 
the following values must be considered (iden- 
tical notation, and similar values, are found in 
specifications for flip-flops): 


t, Setup time: The input state of a shift reg- 
ister must exist for a very brief period before 
the clock trigger that processes it. This peri- 
od is known as the setup time. In the 4000 
series of chips, recommended setup may be 
as long as 120ns. The value will be much 
lower in 74xx chips. 


ty Hold time: The minimum time in nano- 
seconds for an input to persist after the ac- 
tive edge of a clock pulse that has processed 
it. In many shift registers, no hold time is nec- 
essary, as the chip has already been activated 
by the rising edge of the clock pulse. 


tco Clock-to-output: The elapsed time after 
a clock trigger, before the output changes. 
This is a function of the internal workings of 
the chip, and may be broken down into low- 
to-high and high-to-low output transitions, 
as follows. 


Tpiy Propagation to Low-to-High: The 
elapsed time after an active clock trigger, 
before a low-to-high swing occurs at an out- 
put. This may not be identical to Tp. 


Tpy_ Propagation to High-to-Low: The 
elapsed time after an active clock trigger, 
before a high-to-low swing occurs at an out- 
put. This may not be identical to Tp, 4. 


fax Maximum clock frequency for reliable 
operation. In the older design of 4000 series 
chips, 3MHz may be recommended with a 
power supply of 5VDC. Higher frequencies 
are possible with a higher voltage power 
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supply. Frequencies as high as 20MHz are 
possible in the 5VDC 74HCOO series. 


© tw) The minimum high clock pulse width in 
nanoseconds. In the older design of 4000 
series chips, 180ns may be recommended 
with a power supply of 5VDC. Shorter pulses 
are possible with higher voltage power sup- 
ply. Pulses as short as 20ns are possiblein the 
5VDC 74HCO0 series. 


* twa) The minimum low clock pulse width in 
nanoseconds. This is likely to be the same as 


Power Considerations 


Shift registers conform with the usual power- 
supply requirements for logic families. These are 
described in detail in the logic gate entry in 
Chapter 10. Likewise, the ability of a shift register 
to source or sink current is usually determined by 
its logic family. In a few cases, however, shift reg- 
isters have an additional open-drain output stage 
for each register, capable of sinking currents as 
high as 250mA. The Texas Instruments TPIC6596 
shown in Figure 12-2 is an example. When an 
open-drain output is connected with a logic de- 
vice whose input cannot be allowed to float in- 
determinately, a pullup resistor must be added. 


Three-State Output 


A chip may have a three-state output (also known 
as tri-state output, aterm which was trademarked 
but is now used generically). This means it will be 
capable of changing its outputs so that instead 
of sourcing or sinking current in a logical high or 
low state, they can have a high impedance. The 
chip then becomes “invisible” to others which 
may be sharing the same output bus. The high- 
impedance state is usually applied to all outputs 
from the shift register simultaneously when en- 
abled by a separate pin, often identified as OE, 
meaning output-enable. Examples of three-state 
shift registers are the 74x595 or the 4094B chip. 


The high-impedance state can be thought of as 
being almost equivalent to switching the out- 
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puts of the shift register out of the circuit. Con- 
sequently, if other components sharing the bus 
are also in high-impedance output mode, the 
state of the bus will “float,” with uncertain results. 
To avoid this, a pullup resistor of 10K to 100K can 
be used on each bus-line. 


Where the internal components ofa shift register 
are shown in a datasheet, a three-state output is 
usually represented with a buffer symbol or in- 
verter symbol that has an additional control in- 
put located on its upper edge, as shown in 
Figure 12-7. This should not be confused with the 
similar placement of a positive power supply in- 
putto anamplifier or op-amp. (Schematics show- 
ing the interior elements of a logic chip almost 
never include power-supply connections.) 


OE OE 
(output enable) (output enable) 


In Out In Out 


Figure 12-7. A shift register may be capable of a three- 
state output, where high impedance is an option addition- 
al to the usual high or low logic state. An output enable pin 
allows this. It is typically shown as an additional input to 
an inverter (left) or buffer (right) inside the shift-register 
chip. 


How to Use It 


The SISO application of a shift register can be 
used simply to delay the transmission of data by 
storing it and moving it from one flip-flop to the 
next before it is read out of the end of the chain. 





The SIPO application of a shift register (serial in, 
parallel out) may be useful where a microcon- 
troller has insufficient outputs to control multi- 
ple devices. Serial data can be sent from a single 
microcontroller output to the input of a shift reg- 
ister. The chip can then drive a separate device 
from each of its parallel output pins. If there are 
eight devices, the microcontroller can send a se- 
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quence of eight bits, each of which will control 
the on/off status of one device when the bits are 
read out of the shift register in parallel. If more 
devices are used, an additional shift-register can 
be daisy-chained to the output from the first. 


Clock signals can be supplied from the micro- 
controller, along with a signal to the clear input 
of the shift register, if desired. Alternatively, the 
old bit states in the shift register can simply be 
“clocked out” and replaced with a new set of se- 
rial data. During the process of “bit banging,’ the 
parallel outputs of the shift register can remain 
connected directly with the output devices if the 
clock speed from the microcontroller is fast 
enough, as devices such as relays will not re- 
spond to extremely brief pulses. 


For generic shift registers that do not have open- 
drain outputs, a buffer will be needed to provide 
sufficient current for any device using more cur- 
rent than an LED. 


If a shift register is configured for PISO mode 
(parallel in, serial out) it can be placed on the in- 
put side of a microcontroller, polling a variety of 
devices and feeding their states into the micro- 
controller serially. 


Dual Inputs 


Where a shift register has two serial inputs (as is 
often the case), they are almost always linked as 
inputs to an internal NAND gate. This allows the 
output from the end of the chain of flip-flops to 
be connected back to the beginning of the chain, 
if the shift register is to function asa ring counter. 
However, if this function is not used and a single 
input is required, the two inputs to the shift reg- 
ister can be tied together. In this configuration, 
the input becomes active-low. The two possible 
configurations are shown in Figure 12-8. It is im- 
portant never to leave an input floating, or un- 
connected. 


How to Use It 











Output 
from last 
stage 


To next 
flip-flop 






Clock 






To next 
flip-flop 





Figure 12-8. Two possible configurations where a shift 
register allows two inputs linked with an internal NAND 
gate. 


Preloading the Shift Register 

Where a shift register will be used to output a 
single recirculating bit (or in similar applications), 
the component must be preloaded with a high 
state in its first register. This may require a one- 
shot (monostable) timer which is activated only 
when the circuit is powered up. 


Polling a Keyboard 

Two shift registers can be used to scan the data 
lines in a matrix-encoded keyboard or keypad. 
This is often known as polling the keyboard. Pro- 
vided the scan rate is sufficiently fast, the user 
experiences a seemingly immediate response to 
a key-press. 


While the full schematic is too large and complex 
to be included here, many examples can be 
found online. 


Arithmetical Operations 


Shift registers were traditionally used to perform 
arithmetical operations on binary numbers. Ifthe 
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What Can Go Wrong 


number is represented by eight bits (i.e., one 
byte) with the most significant digit on the left, 
shifting the bits one space to the right will have 
the effect of dividing the byte value by 2. If the 
bits are shifted one space to the left, the byte 
value will be multiplied by 2 (provided an addi- 
tional register is available to store the most sig- 
nificant bit after it has been shifted). This concept 
is illustrated in Figure 12-9. 
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Figure 12-9. In the upper section of this diagram, a binary 
number represented by eight bits in a shift register is mul- 
tiplied by 2 by shifting all the bits one space to the left. In 
the lower section, the same binary number is divided by 2 
by shifting all the bits one space to the right. The binary 
values are shown in decimal notation to the left. 


In the upper section of the figure, the binary 
number 10010110 (chosen arbitrarily) is repre- 
sented in the eight flip-flops of a shift register. 
The decimal place value of each digit is indicated. 
Adding up the place values of the 1s in the num- 
ber, the total is 128 + 16+4+2= 150. Below the 
white line, the digits have been shifted one place 
to the left, with the leftmost digit carried over to 
an additional location, while a zero is inserted in 
the rightmost location. Assuming that the addi- 
tional place at the leftmost location has a place 
value of 256, the total is now 256 + 32+8+4= 
300. 


Inthe lower section of the figure, the same binary 
number has been shifted one space to the right, 
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with a 0 introduced in the leftmost location. The 
decimal value is now 644+ 84+2+1=75. 


While this application for shift registers was com- 
mon during development of digital computing 
in the 1960s and 1970s, the shift register as a 
separate component became less common sub- 
sequently, as its functionality was acquired by 
modern CPU chips. 


Buffering 

A shift register may also be used as a buffer be- 
tween two circuits where the clock speeds are 
different. Digits are clocked in by the first circuit, 
then clocked out by the second. Some shift reg- 
isters allow two clock inputs and can be used for 
this purpose. 


What Can Go Wrong 


Problems that tend to affect digital chips gener- 
ally are listed in the entry on logic gates (see 
“What Can Go Wrong” on page 105). 





Confusing Classification 

Because of the functional similarity to a binary 
ripple counter, a shift register is sometimes lis- 
ted by component suppliers as a counter. In fact, 
a binary counter will almost always have outputs 
that have place values 1, 2, 4, 8.... and upward, 
while the outputs from a shift register will not 
have place values. 


When searching for a shift register, it can be 
found by specifying a “counting sequence” of se- 
rial to parallel, serial to serial, parallel to serial, or 
parallel to parallel. If the “counting sequence” is 
simply up or down, the component is a counter, 
not a shift register. 


Inadequate Setup Time 

Each flip-flop in a shift register must have astable 
input state before the next triggering event shifts 
the data. If this setup time is reduced below the 
minimum specified in the datasheet, results will 
be unpredictable. 
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Unconnected Input 

Because many shift registers have a choice of two 
inputs to the same chain of internal flip-flops, it 
is easy to leave one of them unconnected by ac- 
cident. A floating input will be vulnerable to any 
stray electromagnetic fields, and is almost cer- 
tain to create random effects. 


Output Enable Issues 

The output enable pin on a shift register that has 
three-state logic outputs is usually active-low. 
Consequently, if the pin is left unconnected, the 
logic outputs may go into high-impedance 


What Can Go Wrong 


mode, or will fluctuate unpredictably. Where 
three-state outputs are not required, a safe 
course of action will be to avoid using three-state 
chips. 


Floating Output Bus 

If a pullup resistor is omitted from a bus that is 
shared by three-state chips, the results will be 
unpredictable. Even if the circuit design seems to 
guarantee that at least one chip will have a high 
or low output on the bus, a pullup resistor should 
still be included. 
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The term counter is used here to mean a digital-logic chip. A counter could be built from 
discrete transistors, but this approach is obsolete. Counters may also be devised from 
parts such as multiple relays, or a solenoid advancing a ratchet wheel, but such electro- 
mechanical devices are not included in this encyclopedia. 


In this encyclopedia, a counter by definition has binary-weighted outputs with values 1, 
2, 4, 8....in decimal notation. The exception to this rule is a ring counter, which does not 
have binary-weighted outputs but is included here because its name identifies it as a 
counter. A shift register may be used as a ring counter, but is more versatile and has 


many other functions; hence it has a separate entry. 


Gray code counters, in which successive outputs differ by only one binary digit, are not 


described in this encyclopedia. 
OTHER RELATED COMPONENTS 


« flip-flop (see Chapter 11) 
¢ shift register (See Chapter 12) 


What It Does 


A counter can be used to count events, or can 
measure time in convenient intervals if it is con- 
nected with a component such as a quartz crys- 
tal that operates at a precise and reliable fre- 
quency. The counter receives input pulses (usu- 
ally referred to as a clock input) and counts a pre- 
determined number of them before restarting 
from the beginning. It will repeat in this fashion 
so long as power is connected, and the clock pul- 
ses continue, and a reset signal is not supplied. 





Almost all counters create some form of output 
during the count. Most commonly, the output is 
a pattern of high and low states expressing the 
number of clock pulses in binary code. Where a 
counter counts to a very high number before re- 
cycling, some intermediate binary digits may be 
omitted. 


While standalone counter chips are not as widely 
used nowas in the early days of computing, they 
still find application in industrial processes, small 
devices, and education, and can be used to con- 
trol incremental devices such as stepper motors. 
They can be used in conjunction with microcon- 
trollers. 


Schematic Representation 

No specific logic symbol exists for a counter. It is 
most often shown in a schematic as a rectangle 
with clock input(s) and clear input(s) on the left 
and outputs on the right. An example appears in 
Figure 13-1, above a representation of the phys- 
ical chip and its pinouts. The meaning of the ab- 
breviations identifying the inputs, outputs, and 
control functions will be found in “How It 
Works” on page 132. Because the two MRinputs for 
this particular counter are ANDed inside the chip, 
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How It Works 


the AND symbol is included with the counter 
symbol. 


MR1 
MR2 





Figure 13-1. Typical schematic representation of a 
counter, compared with the pinouts of the actual 
component. 


A counter chip is shown in Figure 13-2. 


Figure 13-2. The 74HC163 shown in this photograph is a 
4-bit synchronous counter capable of being preloaded 
with a starting value, and able to do a synchronous reset. 
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How It Works 


A counter is built from a chain of flip-flops, with 
each one triggering the next. JK, T-type, or D- 
type flip-flops may be used. For a thorough de- 
scription of a flip-flop, see Chapter 11. In 
Figure 13-3,a D-type flip-flop is shown, triggered 
by each rising clock pulse. 








Figure 13-3. When the complementary (NOT-Q) output 
from a D-type flip-flop is connected back to its input, the 
Q output frequency is half of the clock input frequency. 
See text for additional details. 


Initially the Q output of the flip-flop is low, so its 
NOT-Q output (identified by Q with a bar above 
it) is high. This feeds back to the D input, but has 
no effect until the rising edge of the next clock 
pulse copies the high D input to the Q output. 
The Q output is now latched high while the NOT- 
Q output is latched low and feeds back to the D 
input. The triggering event has passed, so the 
low D input does not have any immediate effect. 
The rising edge of the next clock pulse copies the 
low state of the D input to the output, and 
changes the NOT-Q output to high, causing the 
cycle to repeat. As a result, the output frequency 
of the flip-flop is one-half of the input frequency 
from the clock. If the output is carried to the next 
flip-flop to become its clock input, once again the 
frequency will be divided by two. 


Modulus and Modulo 


The modulus of a counter is the number it will 
count up to, before it repeats. This is sometimes 
written incorrectly as modulo. 


In fact, modulo is the name of an arithmetical op- 
eration, often abbreviated as MOD (usually cap- 
italized, even though it is not an acronym). This 
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operation consists of a division sum in which the 
remainder from the division is the result of the 
operation. Thus 100 modulo 5 gives a result of 0, 
because there is no remainder when 100 is divi- 
ded by 5. But 100 modulo 7 gives a result of 2, 
because 2 is the remainder of the division 
operation. 


To exacerbate the confusion, MOD is also used as 
an adjective referring to the modulus of a 
counter. Thus a MOD-4 counter has a modulus of 
4,and a MOD-16 counter has a modulus of 16. As 
ageneralrule, when acounter is being described, 
modulo and MOD will mean the same thing as 
modulus. This may be confusing to people such 
as computer programmers who are already fa- 
miliar with the correct usage of MOD as an arith- 
metical operator. 


In a counter, to obtain a modulus that is not a 
power of two, logic gates inside the chip can in- 
tercept a particular value (such as 1010 binary, 
which is 10 decimal) and use this as a signal to 
restart the count at zero. External connections to 
the chip can achieve the same purpose. 


Pin Identifiers 

Abbreviations and acronyms are used in data- 
sheets to identify pin functions. These identifiers 
have not been standardized, and many variants 
exist. 


CLK is the abbreviation most commonly used for 
the clock input, sometimes alternatively shown 
as CK or CP. If it is active-low, or if its falling edge 
will be active, a bar will be printed above it. Where 
a printed font does not permit an underscore to 
be placed in this way, CLK’ (the abbreviation fol- 
lowed by an apostrophe) may be used instead. 
Often two or more stages of a counter can be 
separately clocked, and the input pins will be 
identified with abbreviations such as CLK1 and 
CLK2, or 1CLK and 2CLK, or CKA and CKB, or CP1 
and CP2, or similar. 


Where a clock input is edge-triggered, this is in- 
dicated by a small triangle. The triangle can be 
seen in Figure 13-3. 


How It Works 


CLR designates a pin which will clear the count 
and reset it back to zero. This signal is often 
active-low, indicated by a bar printed above the 
abbreviation. 


In a schematic, a small circle, properly known as 
a bubble, may be placed at any input which is 
active-low. On a clock input, the circle indicates 
that it is falling-edge triggered. See Figure 11-16 
for various implementations of symbols with flip- 
flop schematics. 


The CLR operation may be synchronous (the pin 
state will not be recognized until the next clock 
pulse) or asynchronous (in which case the pin 
state overrides the clock and resets the counter 
immediately). MR stands for “Master Reset,’ and 
has the same function as CLR. 


Where two or more counters (or multiple stages 
within one counter) can be reset separately, 
more than one clear input will be shown, and 
may be identified with abbreviations such as 
CLR1 and CLR2, or MR1 and MR2. 


Output pins will almost always be identified as 
QO, Q1, Q2 ... or QA, QB, QC ... up to the maxi- 
mum necessary to express the modulus. If two or 
more counters are included in one chip, outputs 
may be prefixed with an appropriate number. 
Thus 2Q3 would be the third output in the sec- 
ond counter. Multiple counters in one chip are 
identified with numbers starting from 1. 


Where internal flip-flops are shown, they will 
have identifiers such as FF1 or FF2. Each flip-flop 
will have its own clear function, identified as C or 
CD (the latter meaning “clear data”), and may 
have inputs labeled D1, D2, D3... ina D-type flip- 
flop or J and Kin a JK flip-flop. See Chapter 11 for 
an explanation of flip-flop inputs and outputs. 


The input to a counter is always imagined to be- 
gin from the left, and consequently the leftmost 
flip-flop shown in an internal schematic will ex- 
press the least significant bit of the current value 
of the count, even though a binary number is 
written with the least significant bit in the right- 
most place. 
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Variants 


If a counter is capable of receiving parallel data 
as an input (explained below) it will have a pin 
labeled PE for parallel enable. It may also have a 
CE or CET pin, for count enable. 


As is generally the case in logic chips, VCC or V+ 
are typically used to identify the positive power 
supply pin, while GND or V- will identify the 
negative-ground pin. NC means that a pin has no 
internal connection at all, and consequently re- 
quires no external connection. 


Variants 





All counter chips use binary code internally, and 
the number of bits (binary digits) in the counter’s 
modulus will be the same as the number of in- 
ternal flip-flops. A 4-bit counter (the usual mini- 
mum) will have a modulus of 24 which is 16. A 21- 
bit counter (the maximum typically available) 
will have a modulus of 22! which is 2,097,152. For 
higher moduli, counters can be chained togeth- 
er, each sending a carry signal to the next. This is 
known as a cascade. 


Multiple counters, with different moduli, may be 
chained in a single chip. For example, in a digital 
clock that displays hours and minutes using the 
60Hz frequency of an American domestic power 
supply as its timebase, the initial counting stage 
will have a modulus of 60, to count individual 
seconds. The next counting stages will have 
moduli of 60, 10, and 6, so that they can count 
from 00 to 59 minutes. Additional stages in the 
chip will tally hours. 


A counter with a parallel input can be preloaded 
with an initial value (in binary code) from which 
it may count up or down. A parallel-enable pin 
may put the counter into a mode where the 
number can be jam loaded, meaning that it is 
jammed into the counter regardless of the clock 
state. Other types of counter are loaded synchro- 
nously. 


Ripple versus Synchronous 


In a ripple counter each internal flip-flop triggers 
the clock input of the next, so that their states 
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changeinarapid but incremental sequence from 
the input to the output. This is also known as an 
asynchronous counter. Because the final state will 
not be valid until the clock pulse has rippled all 
the way through the counter (and through ad- 
ditional counters if they are cascaded together), 
a ripple counter will tend to suffer from a propa- 
gation delay of up toa microsecond. Ripple coun- 
ters may also create output spikes or momentary 
transient count values that are invalid. Therefore, 
they are more suitable for applications such as 
driving anumeric display than for interfacing at 
high speed with other logic chips. 


In a synchronous counter, all the flip-flops are 
clocked simultaneously. A synchronous counter 
is better suited to operation at high speed. 


Of the counter chips available today, about half 
are synchronous and half are asynchronous. 


Ring, Binary, and BCD 

A counter that activates output pins one atatime 
sequentially is said to have a decoded output. It is 
often referred to as a ring counter. It has the same 


number of output pins as its modulus. An exam- 
ple is the 4017B chip. 


A binary counter is more common and has an 
encoded output, meaning that it will express the 
running total of the countin binary code through 
weighted outputs that typically have (decimal) 
values of 1,2,4,8,andsoon.A modulus-8 counter 
(often referred to as an octal counter) will require 
three outputs which represent the binary num- 
bers 000, 001, 010, 011, 100, 101, 110, and 111 
(decimal 0 through 7) before going back to 000 
and repeating. 


A modulus-16 counter, also known as a hexadec- 
imal counter or a divide-by-16 counter, will have a 
binary output represented by four output pins, 
counting from 0000 through 1111 (decimal 0 
through 15). Four-digit binary counters are very 
common, and their outputs are compatible with 
other components such as a decoder, which 
converts a binary-number input into a ring- 
counter-style output. 
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A decade counter is amodulus-10 binary counter. 
It is described as having a binary-coded decimal 
output (often expressed with the acronym BCD), 
using four weighted output pins which represent 
the numbers 0000, 0001, 0010, 0011, 0100, 0101, 
0110, 0111, 1000, and 1001 (decimal 0 through 
9) before repeating. Because this counter skips 
binary outputs from 1010 through 1111 (decimal 
10 through 15), it is said to have a shortened mod- 
ulus. 


Figure 13-4 showsa schematic diagram of JK flip- 
flops in a decade ripple counter. The J and K in- 
puts are all tied to the positive power supply, as 
this causes the clock input to toggle the output 
high and low. Note that because the primary in- 
put is always shown at the left end of the com- 
ponent, the least significant output bit (QO) is in 
the leftmost position. 


To intercept binary 1010 (decimal 10), an internal 
NAND gate is used. Its output goes low when its 
two inputs, from Q1 and Q3, go high. The output 
from the NAND immediately activates the CLR 
function on all the flip-flops, so that as soon as 
the decade counter reaches 1010 (decimal 10), it 
resets itself to 0. 


In this particular chip, the preload for each flip- 
flop is tied to the positive power supply, so that 
it is always inactive. In some counters, the pre- 
load feature of each flip-flop is accessible via pins 
outside the chip. This creates the potential haz- 
ard of preloading the counter with one of the 
numbers that it normally skips (for instance, 11 
decimal in a decade counter). This is referred to 
as an invalid number or disallowed state. (This use 
of the term “state” refers only to the binary num- 
ber stored in the counter’s flip-flops. It has noth- 
ing to do with the high-state or low-state voltag- 
es used to represent binary 0 or 1.) 


The counter’s datasheet should include a state 
diagram showing how the counter will deal with 
this situation. It may reset itself to a valid value 
after a maximum of two steps, but this can still 
cause confusion, depending on the application. 


Variants 


The state diagram for a 74HC192 counter is 
shown in Figure 13-5. 





Figure 13-4. The internal logic of a synchronous decade 
counter that uses JK flip-flops. 


Clock Sources 

The clock input may be provided by a timer chip 
or by an RC network, which has the advantage of 
being able to run at a relatively low speed for 
purposes where this is desirable. It may alterna- 
tively be provided by a quartz crystal oscillating 
at a much higher frequency such as 1MHz. Suc- 
cessive counters may be necessary to reduce this 
value, depending on the application. 


In some counters, the clock is built into the chip. 
More commonly, a resistor and capacitor may be 
used externally to establish a clock rate in con- 
junction with logic gates inside the chip. The 
datasheet for this type of component willinclude 
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Variants 


a formula for calculating the clock frequency 
from the resistor and capacitor values. The 4060B 
chip is an example. 


2} [2s] [20] 
oe eA 


Figure 13-5. A state diagram shows the transitions that a 
counter will make from each number to the next (in deci- 
mal notation), including the transitions which enable it to 
exit from disallowed states. This example is for a 74HC192 
chip. 


Rising Edge and Falling Edge 
Acounter may be designed to be triggered either 
by the rising edge or the falling edge of the clock 
input, or by its high or low logic state. Generally 
speaking, ripple counters use the falling edge, so 
that the final output from one counter can be- 
come the clock input of the next. In other words, 
when the most significant digit of the first 
counter changes from a high to low logic state, 
this transition toggles the least significant bit of 
the second counter. 


Synchronous counters generally use the rising 
edge of the clock input. If multiple synchronous 
counters are cascaded, they must all share the 
same clock signal, and will all change their flip- 
flop states simultaneously. 


Multiple Stages 

Itis common for a counter chip to contain two or 
more stages with differing moduli. To take a com- 
mon example, a divide-by-2 stage and a divide- 
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by-5 stage that are both present in a single chip 
can be used to create a decade counter by con- 
necting external pins. The extra stages providea 
choice of moduli if they are used individually. 


Single and Dual 

Counter chips may contain two counters of the 
same modulus. This is known as a dual counter. 
Dual 4-bit counter chips are common. Each 
counter can be used separately, or they can be 
cascaded, in which case the total modulus will be 
found by multiplying the individual moduli to- 
gether. 


High-State, Low-State, and 
Three-State 


Almost all counters use positive logic where a 1 
isrepresented bya high state and 0 by alow state. 
Some counters allow an additional output state 
which has a high impedance and is equivalent to 
an open circuit. This feature is useful when two 
or more chips share the same output bus. It is 
discussed in the entry for shift registers in 
“Three-State Output” on page 126. 


Descending Output 

Most components only create an ascending 
count. The output can be converted to a de- 
scending count by passing each binary state 
through an inverter, but this will only work prop- 
erly if the modulus is equal to the number of 
states. In a BCD counter, its inverted outputs will 
count from decimal 15 to decimal 6, not from 
decimal 9 to decimal 0. 


A few counters are available which are designed 
to create a correct descending count. Other 
counters are available which allow the user to set 
the mode to ascending or descending. Examples 
are the 74x190 or 74x192 (where an acronym for 
the chip family will be substituted for the 
letter x). 


A descending output is useful in combination 
with a parallel input, where a user may set an in- 
itial value from which the counter will descend 
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to 0. With suitable logic, this can enable a user- 
specified delay period. 


Programmable Counters 


A programmable counter can usually allow a 
modulus ranging from 2 to more than 10,000. 
The counter counts down by dividing an initial 
number repeatedly with a value that is preset 
with binary inputs. An example is the 4059B chip. 


Examples 


Many counter specifications date back to the 
4000 family of logic chips. Versions of them sub- 
sequently became available in the 74xx series, 
often with the old 4000 part number preceded 
by 74x (where x is replaced by a designation of 
the logic family). For example, a version of the 
4518B dual BCD chip can be obtained as the 
74HC45 18. As is the case with all logic chips, this 
part number will be preceded by letter(s) desig- 
nating the particular manufacturer, with a suffix 
added to differentiate minor variants of the chip. 
The 74xx series has the advantage of higher 
speed and a greater ability to source or sink cur- 
rent at its output pins. 


Most of the original CMOS chips, such as the 
4518B, are still available, even in surface-mount 
versions. These offer the possible advantage of 
being able to use a higher power supply voltage. 


Many counters offer multiple options such as dif- 
ferent modulus values that can be selected by 
external pin connections. Some chips are toler- 
ant of slow clock frequencies; others are not. 
Most are edge-triggered, but a few are level trig- 
gered. Some, such as the 4518B mentioned 
above, allowa choice of a rising-edge clockinput 
and falling-edge clock input on different pins. For 
aspecific application, itis really necessary to read 
a variety of datasheets to select the chip that is 
most suitable. 


Values 





As is the case with other logic chips, most coun- 
ters in the through-hole 74xx series are intended 


Values 


for 5VDC power supply while the older 4000 ser- 
ies may tolerate up to 18VDC. Surface-mount 
74xx versions may use voltages as low as 2VDC. 


See the section on logic gates in Chapter 10 for 
a discussion of acceptable high and low logic- 
input states. On the output side, the 4000 series 
chips are able to source or sink less than 1mA at 
5VDC, but the 74HCxx series can usually manage 
around 20mA. 


A few counters are capable of delivering more 
power through additional output stages that can 
drive LEDs. The 4026B decade counter is still be- 
ing manufactured, capable of powering modest 
7-segment displays. The 4033B has the addition- 
al option of blanking any leading zeros ina multi- 
digit display. Other chips that were designed for 
direct connection to LED numerals have become 
obsolete as the need for this application has di- 
minished. The 74C925, 74C926, 74C927, and 
74C928 are examples. They may still be found 
from surplus outlets, but should not be specified 
in new circuit designs. 


What Can Go Wrong 


The entry that deals with problems affecting shift 
registers (see “What Can Go Wrong” on page 
128), describes issues which also affect counters. 
The entry that deals with logic chips (see “What 
Can Go Wrong” on page 105), describes prob- 
lems affecting all types of logic chips. In addition, 
the potential problems listed below are specific 
to counters. 


Lock-Out 

This is the condition which occurs if a counter 
with ashortened modulus is loaded with a binary 
state that is out of its range. Consult the data- 
sheet and study its state diagram to determine 
the most likely outcome if this problem occurs. 





Asynchronous Artifacts 

Because the flip-flops in an asynchronous (rip- 
ple) counter do not change simultaneously, they 
create very brief false outputs while the ripple 
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What Can Go Wrong 


process is taking place. In a 4-bit counter, the bi- 
nary number 0111 (decimal 7) should be fol- 
lowed by 1000 (decimal 8). However, the right- 
most digit (i.e. the least significant bit) will 
change to a 0 initially, creating 0110 as a mo- 
mentary binary output (decimal 6). The carry op- 
eration will then change the next digit to a 0, 
creating 0100 (decimal 4). The carry operation 
continues, changing the next digit to a0, creating 
0000. Finally the operation completes by creat- 
ing 1000 as the correct output. 


These intermediate states on the output pins are 
often referred to as glitches. Because they are ex- 
tremely brief, they will be indetectable when a 
counter is used to drive a display. They can cause 
significant issues, however, if the outputs of the 
counter are connected with other logic chips. 


Another type of asynchronous problem will oc- 
cur if the clock speed is sufficiently high that a 
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new pulse is received at the first flip-flop before 
the ripple of changing states has passed all the 
way through to the final flip-flop. This will result 
in a different brief invalid value on the output 
pins. 


Noise 

Old TTL-type counters, such as the 74LSxx series, 
are especially noise-sensitive. Adding a 0.1UF or 
0.047uF bypass capacitor as close to the power 
supply pin as possible is recommended. Bread- 
boarding counters of this type may result in er- 
rors if a high-frequency clock is used, because 
conductors such as patch-cords are liable to pick 
up noise. Modern 74HCxx counters are 
preferable. 
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In this encyclopedia, an encoder is a digital chip that converts a decimal-valued input 


into a binary-coded output. 


The term “encoder” may alternatively refer to a rotational encoder (also known as a 
rotary encoder) which has a separate entry in Volume 1 of this encyclopedia. The term 
may also describe a code hopping encoder, which is an encryption device used in keyless 


entry systems for automobiles. 


OTHER RELATED COMPONENTS 


e decoder (see Chapter 15) 
¢ multiplexer (See Chapter 16) 


What It Does 


An encoder is a /ogic chip that receives an input 
consisting of an active logical state on one of at 
least four input pins, which have decimal values 
from 0 upward in increments of 1. The encoder 
converts the active pin number into a binary val- 
ue represented by logic states on at least two 
output pins. This behavior is opposite to that of 
a decoder. 





Encoders are identified in terms of their inputs 
and outputs. For example: 


e 4-to-2 encoder (four input pins, two output 
pins) 

e 8-to-3 encoder (eight input pins, three out- 
put pins) 

° 16-to-4 encoder (sixteen input pins, four out- 
put pins) 


In the early days of computing, encoders pro- 
cessed interrupts. This application is now rare, 
and relatively few encoder chips are still being 
manufactured. However, they are still useful in 
small devices—for example, if a large number of 


inputs must be handled bya microcontroller that 
has insufficient pins to receive data from each 
individually. 


Schematic Symbol 

Like other logic-based components, the encoder 
does not have a specific schematic symbol and 
can be represented by a plain rectangle as in 
Figure 14-1, with inputs on the left and outputs 
on the right. The bars printed above some of the 
abbreviations indicate that an input or output is 
active-low. In this chip, the 74LS148, all inputs 
and outputs are active-low. 


Generally speaking, inputs labeled DO, D1, D2... 
are used for data input, although they may sim- 
ply be numbered, with no identifying letter. The 
encoded outputs are typically identified as QO, 
Q1, Q2... or AO, Al, A2... with QO or AO desig- 
nating the least significant bit in the binary 
number. 


Pins labeled E and GS are explained in the fol- 
lowing section. 
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Figure 14-1. While no specific schematic symbol exists 
for an encoder chip, this style is commonly used. Shown 
here is a 16-to—4 encoder with active-low inputs and 
outputs. 


Similar Devices 


The similarities and differences between encod- 
er, decoder, multiplexer, and demultiplexer can 
cause confusion. 


e Inanencoder, an active logic state is applied 
to one of four or more input pins, while the 
rest remain in an inactive logic state. The in- 
put pinnumberis converted to a binary code 
which is expressed as a pattern of logic states 
on two or more output pins. 


¢ Ina decoder, a binary number is applied as 
a pattern of logic states on two or more input 
pins. This value determines which one of four 
or more output pins will have an active logic 
state, while the rest remain in an inactive 
logic state. 


e Amultiplexer can connect a choice of mul- 
tiple inputs to a single output, for data trans- 
fer. The logic state of an enable pin, or a bi- 
nary number applied as a pattern of logic 
states to multiple control pins, chooses 
which input should be connected with the 
output pin. The alternative term data selec- 
tor evokes the function of this device more 
clearly. 
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e An analog multiplexer may allow its inputs 
and outputs to be swapped, in which case it 
becomes a demultiplexer. It can connect a 
single input to one of multiple outputs, for 
data transfer. The logic state of an enable pin, 
or a binary number applied as a pattern of 
logic states to multiple control pins, chooses 
which output should be used. The alterna- 
tive term data distributor evokes the function 
of this device more clearly. 


How It Works 


An encoder contains logic gates. The internal 
logic of an 8-to-3 encoder is shown in 
Figure 14-2, where the darker blue rectangle rep- 
resents the chip. The switches in this figure are 
external and are included only to clarify the con- 
cept. An open switch is imagined to provide an 
inactive logic input, while a single closed switch 
provides an active logic input. (Multiple active 
inputs can be handled by a priority encoder, de- 
scribed below). 





Each input switch has a numeric status from 1 to 
7. The switch with value 0 does not make an in- 
ternal connection, because the output from the 
OR gates is 000 by default. 


The logic state of each OR output represents a 
binary number, weighted with decimal values 1, 
2, and 4, as shown at the bottom of the figure. 
Thus, if switch 5 is pressed, by tracing the con- 
nections it is clear that the outputs of OR gates 4 
and 1 become active, while the output from gate 
2 remains inactive. The values of the active out- 
puts thus sum to 5 decimal. 


Figure 14-3 shows the outputs for all possible in- 
put states of a 4-to-2 encoder. Figure 14-4 shows 
the outputs for all possible input states of an 8- 
to-3 encoder. These diagrams assume thata high 
logic state is an active logic state, on input or 
output. This is usually the case. 
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Inputs 





Binary-coded Outputs 


Figure 14-2. A simplified simulation of the internal logic 
of an 8-to-3 encoder. The dark blue rectangle indicates 
the space inside the chip. The external switches are in- 
cluded only to clarify the concept. An encoder chip would 
have an Enable line to create an active output. 


First-of-four input Second-of-four input 


Binary 00 output Binary 01 output 


Third-of-four input Fourth-of-four input 


Binary 10 output Binary 11 output 


Figure 14-3. The four possible inputs of a 4-to-2 encoder 
(top of each panel) and the encoded outputs (below). 


Variants 


First-of-eight input Second-of-eight input 


Binary 000 output Binary 001 output 


Third-of-eight input Fourth-of-eight input 


Binary 010 output Binary 011 output 


Fifth-of-eight input Sixth-of-eight input 


Binary 100 output Binary 101 output 


Seventh-of-eight input Eighth-of-eight input 


Binary 110 output Binary 111 output 


Figure 14-4. The eight possible inputs of an 8-to-3 en- 
coder (at the top of each panel), and the encoded outputs 
(below). Note that one input of an encoder must always 
be logic-high. All logic-low inputs are not a valid state. 


Unlike ripple counters, where propagation de- 
lays can reduce the overall response time of the 
component, decoders respond within two or 
three nanoseconds. 


Variants 


A simple encoder assumes that only one input pin 
can be logically active at a time. A priority encod- 
er assigns priority to the highest-value input pin 
if more than one happens to receive an active 
input. It ignores any lower-value inputs. An ex- 
ample is the 74LS148, which is an 8-to-3 chip. 
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Values 


A few encoders feature three-state outputs (also 
known as tri-state), in which a high-impedance 
or “floating” output state is available in addition 
to the usual high and low logic states. The high- 
impedance state allows multiple chips to share 
an output bus, as those that are in high- 
impedance mode appear to be disconnected. 
This is useful if two or more encoders are casca- 
ded to handle a larger number of inputs. 


Values 





As is the case with other logic chips, most en- 
coders in the through-hole 74xx series are in- 
tended for 5VDC power supply while the older 
4000 series may tolerate up to 18VDC. Surface- 
mount versions may use voltages as low as 2VDC. 


See the section on logic gates in Chapter 10 for 
a discussion of acceptable high and low input 
states. On the output side, the 4000 series chips 
are able to source less than 1mA at 5VDC, but the 
74HCxx series can manage around 20mA. 


How to Use It 


Suppose that a microcontroller should respond 
to an eight-position rotary switch. Because the 
switch cannot be turned to more than one posi- 
tion ata time, all of its eight contacts can be con- 
nected with the inputs on an encoder, which will 
deliver a 3-bit binary number to three inputs of 
the microcontroller. Code inside the microcon- 
troller then interprets the pin states. 





This is shown in Figure 14-5. Pulldown resistors 
would be needed on the input pins of the en- 
coder, to prevent them from floating when they 
are not connected by the rotary switch. They 
have been omitted from this diagram for sim- 
plicity. Debouncing the switch would be handled 
by the microcontroller. 


Other forms of input may be used instead of a 
rotary switch. For example, the outputs from 
eight comparators or eight phototransistors 
could be passed through an encoder. 
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Encoder 
Microcontroller 





Figure 14-5. Output from an eight-input rotary switch 
could be connected through an 8-to-3 encoder to provide 
input to a microcontroller using a reduced number of pins. 
Pulldown resistors have been omitted for simplicity. 


Cascaded Encoders 


Encoders are often provided with features to fa- 
cilitate handling additional inputs via multiple 
chips. Typically, a second Enable pin is provided, 
as an output that connects with the Enable input 
of the preceding chip. This preserves the priority 
function, so that an input on the second chip 
prevents any additional input to the first chip 
from affecting the output. In a datasheet, the en- 
able pins may be labeled E;y and Egyt, or E;and Eo. 


In addition, a GS pin will be included, meaning 
“Group Select.” It is logically active only when the 
encoder is enabled and at least one input is ac- 
tive. The GS pin of the most-significant encoder 
provides an additional binary digit. 


The outputs from two encoders can be linked via 
OR gates, as shown in Figure 14-6, where the 
lower chip’s GS output provides the most signif- 
icant bit of a four-bit binary number. 
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What Can Go Wrong 


Problems that are common to all digital chips are 
summarized in the section on logic gates in 
“What Can Go Wrong” on page 105. 





See “What Can Go Wrong” on page 149 in the entry 
describing decoders for a list of more specific 
problems that also afflict encoders. 
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Figure 14-6. Two eight-bit encoders can be cascaded to 
handle 16 separate inputs. In this example, the encoders 
use active-high logic. 
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In this Encyclopedia, a decoder is a digital chip that receives a binary-coded input and 
converts it to a decimal output by applying a logic state to one of a sequence of pins, 
each of which is assigned an integer value from 0 upward. 


The term “decoder” also refers to components and devices that have other functions, 
such as decoding audio or video formats. These functions are not included here. 


OTHER RELATED COMPONENTS 


e encoder (see Chapter 14) 
¢ multiplexer (see Chapter 16) 


What it Does 


A decoder receives a binary-coded number on 
two or more input pins. It decodes that number 
and expresses it by activating one of at least four 
output pins. 





The behavior of a decoder with a two-bit binary 
input is shown in four sequential snapshots in 
Figure 15-1, where the least significant bit of the 
input is on the right in each diagram, and the 
output moves from right to left. 


Figure 15-2 shows a similar sequence in a decod- 
er where various values of a three-bit input are 
decoded to create an eight-pin output. 


One sample state of a four-bit decoder is shown 
in Figure 15-3. 


All of these figures assume that a high state rep- 
resents an active input or output. In a few chips, 
a low state is used to represent an active output. 


Decoders with 2, 3, or 4 input pins are common. 
To handle a binary input greater than 1111 (dec- 
imal 15), decoders can be chained together, as 
described below. 


Manufacturers’ datasheets often describe de- 
coders in terms of their inputs and outputs. Typ- 
ical examples would include: 


e 2-to-4 decoder (two input pins, four output 
pins) 

e 3-to-8 decoder (three input pins, eight out- 
put pins) 

e 4-to-10 decoder (for converting binary- 
coded decimal to decimal output) 


e 4-to-16 decoder 
hex decoder). 


(also known as a 


Input Devices 


The input pins of a decoder can be driven by a 
counter that has a binary-coded output. A de- 
coder can also be driven by a microcontroller, 
which may have an insufficient number of out- 
put pins to control a variety of devices. Two, 
three, or four of the outputs can be used to rep- 
resent a binary number which is passed through 
the decoder to activate the devices one ata time, 
perhaps with transistors or Darlington arrays in- 
troduced to handle the load. This is suggested in 
Figure 15-4. 


145 


What it Does 


A shift register can be used for a similar pur- 
pose, but often has only one pin for input. This 
pin must be supplied sequentially with a serial 
pattern of bits that will match the desired 
high/low states of the output pins. The relative 
advantage of this system is that a shift register 
can generate any pattern of output states. A one- 
of-many decoder can activate only one output at 
atime. 


LED Driver 


A special case is a seven-segment decoder de- 
signed to drive a seven-segment LED display 
numeral. A binary-coded decimal number on 
four input pins is converted to a pattern of out- 
puts appropriate for lighting the segments of the 
display that will form a number from decimal 0 
through 9. 


Schematic Symbol 


Like other logic-based components, the decoder 
does not have a specific schematic symbol and 
is represented by a plain rectangle as in 
Figure 15-5, with inputs on the left and outputs 
onthe right. The bars printed above the E and LE 
abbreviations (which stand for Enable and Latch 
Enable, respectively) indicate that they are 
active-low. In this chip, the 74HC4514, all outputs 
are active-high, but in a related 4-to-16 decoder, 
the 74HC45 15, all outputs are active-low. In both 
of these chips, the Enable pin is held low to acti- 
vate the outputs. The Latch Enable pin freezes 
the current state of the outputs (i.e., it latches 
them) when it is held low. 


Generally speaking, pins labeled AO, A1, A2... in 
a datasheet are often the binary inputs (although 
A, B, C... may be used), with AO designating the 
least significant bit. Outputs are usually labeled 
Y, and are activated in sequence from YO when 
the binary input starts counting upward. 


Similar Devices 

The similarities and differences between encod- 
er, decoder, multiplexer, and demultiplexer can 
cause confusion. 
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e Ina decoder, a binary number is applied as 
a pattern of logic states on two or more input 
pins. This value determines which one of four 
or more output pins will have an active logic 
state, while the rest remain in an inactive 
logic state. 


¢ Amultiplexer can connect a choice of mul- 
tiple inputs to a single output, for data trans- 
fer. The logic state of an enable pin, or a bi- 
nary number applied as a pattern of logic 
states to multiple control pins, chooses 
which input should be connected with the 
output pin. The alternative term data selec- 
tor evokes the function of this device more 
clearly. 


e An analog multiplexer may allow its inputs 
and outputs to be reversed, in which case it 
becomes a demultiplexer. It can connect a 
single input to one of multiple outputs, for 
data transfer. The logic state of an enable pin, 
or a binary number applied as a pattern of 
logic states to multiple control pins, chooses 
which output should be used. The alterna- 
tive term data distributor evokes the function 
of this device more clearly. 


Binary 00 / Decimal Oinput Binary 01 / Decimal 1 input 
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Figure 15-1. A decoder with two input pins can interpret 
their binary-number representation to create an active 
logic state on one of four output pins. 
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Binary 000 / Dec. O input 


Binary 001 / Dec. 1 input 


First-of-eight output 


Binary 010 / Dec. 2 input 


Third-of-eight output 


Binary 100 / Dec. 4 input 


Second-of-eight output 


Binary 011 / Dec. 3 input 


Fourth-of-eight output 


Binary 101 / Dec. 5 input 


What it Does 


Microcontroller or counter 


Decoder 


Up to 16 devices 





Fifth-of-eight output 


Sixth-of-eight output 


Binary 110 / Dec. 6 input Binary 111 / Dec. 7 input 


Seventh-of-eight output Eighth-of-eight output 


Figure 15-2. A decoder with three input pins can interpret 
their binary-number representation to create a high logic 
state on one of eight output pins. 


Binary 1101 / Decimal 13 input 


Output 


Figure 15-3. A decoder with four input pins can interpret 
their binary-number representation to create a high logic 
state on one of 16 output pins. Only one of the 16 possible 
states is shown here. 


Figure 15-4. Four outputs from a binary counter or micro- 
controller can be used by a decoder to activate one of up 
to 16 output devices. 


A photograph of a 74HC4514 decoder chip ap- 
pears in Figure 15-6. 
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Figure 15-5. While no specific schematic symbol exists 
for a decoder chip, this style is commonly used. Shown 
here is a 4-to-16 decoder. 
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How It Works 





Figure 15-6. The 24-pin /4HC4514 decoder chip process- 
es a 4-bit input and represents it by making one of its 16 
output pins active-high. 


How It Works 





A decoder contains logic gates, each of which is 
wired to respond to a unique binary pattern of 
inputs. (In the case of a seven-segment decoder, 
the internal logic is more complicated.) 
Figure 15-7 shows the logic of a 2-to-4 decoder. 
The darker blue area contains the components 
inside the chip. The external switches are includ- 
ed only to clarify the function of the decoder. An 
open switch is imagined to provide a low logic 
input, while each closed switch provides a high 
logic input. 


Unlike ripple counters, where propagation de- 
lays can reduce the overall response time of the 
component, decoders function within two or 
three nanoseconds. 


Variants 





Decoder variants have not proliferated with time, 
and relatively few are available. Most are 3-to-8, 
4-to-16, and binary-coded-decimal types. 


The 7447 and 74LS47 are seven-segment decod- 
ers that have an open-collector output capable 
of driving a 7-segment display directly. The 7448 
is similar but also contains built-in resistors and 
a capability to blank out leading zeros in a dis- 
play. However, some suppliers now list the 
74LS48 as obsolete. It may be still available from 


integrated circuit > digital > decoder 


old stock, but should not be specified in new cir- 
cuits. 





Outputs 


Figure 15-7. A simplified simulation of the logic in a de- 
coder. An actual chip would have an Enable line to activate 
the output. The dark blue rectangle indicates the space 
inside the chip. 


Although 74LS47 is still being manufactured, 
and is available in surface-mount as well as 
through-hole format, a version is not available in 
the widely used HC family of 74xx chips. Care 
must be taken to satisfy the input voltage re- 
quirements of the 74LS47 when driving it with 
74HCxx chips. 


Values 


As is the case with other logic chips, most de- 
coders in the through-hole 74xx series are in- 
tended for 5VDC power supply while the older 
4000 series may tolerate up to 18VDC. Surface- 
mount versions may use voltages as low as 2VDC. 


See the section on logic gates in Chapter 10 for 
a discussion of acceptable high and low input 
states. On the output side, the 4000 series chips 
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are able to source or sink less than 1mA at 5VDC, 
butthe 74HCxx series can manage around 20mA. 


How to Use It 


The original applications for decoders in com- 
puter circuits have become uncommon, but the 
chips can still be useful in small appliances and 
gadgets where multiple outputs are controlled 
by a counter or microcontroller. 





Although 16 is usually the maximum number of 
outputs, some chips are designed to allow ex- 
pansion. The 74x138 (where a chip family iden- 
tifier such as LS or HC can be substituted for the 
letter x) is a 3-to-8 decoder with two logic-low 
Enable pins and one logic-high Enable. If a 
value-8 binary line is applied to the low-enable 
of one chip and the high-enable of another, the 
first chip will be disabled when the line goes high 
to indicate that the binary number 1000 has been 
reached, and the second chip can continue up- 
ward from there by sharing the same three less- 
significant-bit inputs. As many as four chips can 
be chained in this way. 


What Can Go Wrong 


Problems that are common toall digital chips are 
summarized in the section on logic gates in 
“What Can Go Wrong” on page 105. 


Glitches 

Although a decoder typically functions faster 
than a ripple counter, it suffers the same tenden- 
cy to introduce brief glitches in its output. These 
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are momentary invalid states which occur while 
processes inside the chip that are slightly slower 
are catching up with other processes that reach 
completion slightly faster. A brief settling time is 
necessary to ensure that the output is stable and 
valid. This will be irrelevant when powering a de- 
vice such as an LED indicator, which will not 
display such brief transients. The problem may 
be more important if the output from the de- 
coder is used as an input to other logic chips. 


If the input to a decoder is derived from a ripple 
counter, the input may also contain glitches, 
which can cause erroneous outputs from the de- 
coder. It is better to use a synchronous counter 
on the input side of a decoder. 


Unhelpful Classification 

Online parts suppliers tend to list decoders un- 
der the same category heading as encoders, mul- 
tiplexers, and demultiplexers, making it difficult 
to find what you want. Under this broad subject 
heading (which will include thousands of chips), 
if you search by selecting the number of inputs 
relative to the number of outputs that you have 
in mind, this will narrow the search considerably. 


Active-Low and Active-High 

Chips with identical appearance and similar part 
numbers may have outputs that are either 
active-low or active-high. Some may offer a 
latch-enable pin, while others have enable pins 
that must be pulled low or forced high to pro- 
duce an output. Accidental chip substitution is a 
common cause of confusion. 
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May be abbreviated as a mux (this term is sometimes printed all in caps), and may be 
referred to alternatively as a data selector. Some sources maintain that a multiplexer has 
no more than two channels, whereas a data selector has more, but there is no consensus 
on this, and datasheets continue to use the term “multiplexer” predominantly. 


Analog multiplexers are usually bidirectional, and thus will function equally well as de- 
multiplexers. Consequently, this encyclopedia does not contain a separate entry for de- 


multiplexers. 
OTHER RELATED COMPONENTS 


° encoder (see Chapter 14) 
e decoder (see Chapter 15) 


What It Does 


A multiplexer can select one of two or moreinput 
pins, and connectit internally with an output pin. 
Although it is an entirely solid-state device, it be- 
haves as if it contains a rotary switch in series 
with a SPST switch, as shown in Figure 16-1. A 
binary code applied to one or more Select pins 
chooses the input, and an Enable pin establishes 
the connection with the output. The Select and 
Enable functions are processed via an internal 
section referred to as a decoder, not to be con- 
fused with a decoder chip, which has its own 
entry in this encyclopedia. 





All multiplexers are digitally controlled devices, 
but may be described as either digital or analog 
depending how they process the input signal. A 
digital multiplexer creates an output that is ad- 
justed to logic-high or logic-low within the limits 
of its logic family. An analog multiplexer does not 
impose any processing on the voltage, and pass- 
es along any fluctuations. Thus, it can be used 
with alternating current. 


Inputs 


WN RF O 


Output 


a 
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Select 





Enable 


Figure 16-1. A multiplexer functions as if it contains a ro- 
tary switch. The switch position is determined by a binary 
number applied to external Select pins. The internal con- 
nection is completed by applying a signal to an Enable 
pin. 


Because an analog multiplexer merely switches 
a flow of current, it can be bidirectional; in other 
words, it can function as a demultiplexer, in which 
case the input is applied to the pole of the (imag- 
inary) internal switch and outputs are taken from 
the terminals. 
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What It Does 


Differential Multiplexer 

A differential multiplexer contains multiple 
switches that are differentiated from one anoth- 
er (i.e., they are electrically isolated, although 
they arecontrolled by the same set of select pins). 
A differential multiplexer is conceptually similar 
to a rotary switch with two or more decks con- 
trolled by a single shaft. See Figure 16-2. 


1|Ino 
Lint 
1\n2 
1In3 


1 Out 


2\nO 
2ini 
2\In2 
2In3 


2 Out 


Enable 





Select 


Figure 16-2. A differential multiplexer contains two or 
more electronic switches that are differentiated from one 
another, similarly to the decks on a rotary switch. Al- 
though the channels into each switch are typically num- 
bered from O upward, the switches are numbered from 1 
upward. 


A bidirectional dual 4-channel differential ana- 
log multiplexer is shown in Figure 16-3. 


Modern multiplexers are often found switching 
high-frequency data streams in audio, telecom- 
munications, or video applications. 


Similar Devices 

The similarities and differences between multi- 
plexer, demultiplexer, encoder, and decoder can 
cause confusion: 


e Amultiplexer can connect a choice of mul- 
tiple inputs to a single output, for data trans- 
fer. The logic state of an enable pin, or a bi- 
nary number applied as a pattern of logic 
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states to multiple control pins, chooses 
which input should be connected with the 
output pin. The alternative term data selec- 
tor evokes the function of this device more 
clearly. 


e An analog multiplexer may allow its inputs 
and outputs to be reversed, allowing it to 
become a demultiplexer, connecting a sin- 
gle input to one of multiple outputs, for data 
transfer. The logic state of an enable pin, or 
a binary number applied as a pattern of logic 
states to multiple control pins, chooses 
which output should be used. The alterna- 
tive term data distributor evokes the function 
of this device more clearly. 


2 == == === SS SSS => 
i | | 





Figure 16-3. This CMOS chip contains two four-channel 
differential analog multiplexers. 


e Inanencoder, an active logic state is applied 
to one of four or more input pins, while the 
rest remain in an inactive logic state. The in- 
put pinnumberis converted to a binary code 
which is expressed as a pattern of logic states 
on two or more output pins. 


e Ina decoder, a binary number is applied as 
a pattern of logic states on two or more input 
pins. This value determines which one of four 
or more output pins will have an active logic 
state, while the rest remain in an inactive 
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logic state. A digital multiplexer does not al- 
low reversal of its inputs and outputs, but a 
decoder functions as if it were a digital de- 
multiplexer. 


How It Works 


The multiple inputs to a multiplexer are referred 
to as channels. Almost always, the number of 
channels is 1, 2, 4, 8, or 16. A 1-channel compo- 
nent is only capable of “on” or “off” modes and 
functions similarly to a SPST switch. 





If there are more than two channels, a binary 
number will determine which channel is con- 
nected internally. The number of channels is usu- 
ally the maximum that can be identified by the 
number of select pins, so that 2 pins will control 
4 channels, 3 pins will control 8 channels, and 4 
pins (the usual maximum) will control 16 
channels. 


In multiplexers with three or more channels, an 
enable pin is usually still present to activate or 
deactivate all the channels simultaneously. The 
enable feature may be described alternatively as 
a strobe, or may have an inverse function as an 
inhibit pin. 

Although a rotary switch is helpful in conceptu- 
alizing the function of a multiplexer, a more com- 
mon representation (sometimes in datasheets) is 
an array of SPST switches, each of which can be 
opened or closed by the decoder circuit. A typical 
example, depicting a dual differential multiplex- 
er, is shown in Figure 16-4. Note that the internal 
decoder can only close one switch in each chan- 
nel at a time. 


The switch analogy is appropriate in that when 
an output from a multiplexer is not connected 
internally (i.e., its switch is “open’) it is effectively 
an open circuit. However, some multiplexers 
contain pullup resistors to give each output a de- 
fined state. This can be an important factor in 
determining whether the multiplexer is suitable 
for a particular application. 


How It Works 
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Figure 16-4. The internal function of a dual multiplexer is 
commonly represented as a network of SPST switches, 
each of which is controlled by decoder logic. 


A digital multiplexer actually contains a network 
of logic gates, shown in simplified form in 
Figure 16-5. 


A demultiplexer has internal logic shown in sim- 
plifier form in Figure 16-6. 


Schematic Symbol 

In a schematic, a multiplexer and demultiplexer 
may be represented by a trapezoid with its 
longer vertical side oriented toward the larger 
number of connections. This is shown in 
Figure 16-7. However, this symbol is falling into 
disuse. 


More often, as is the case with most logic com- 
ponents, a multiplexer or demultiplexer is repre- 
sented by a rectangle with inputs on the left and 
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outputs on the right, as shown in Figure 16-8. The 
distinction between inputs and outputs is prob- 
lematic, however, inan analog multiplexer which 
will allow data flow to be reversed. 





Ind 
In 4 
Out 
In2 
In3 
Select Enable 


Figure 16-5. A simplified representation of the logic gates 
in a digital multiplexer. 
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Figure 16-6. A simplifier representation of the logic gates 
in a digital demultiplexer. 


Pin Identifiers 

The lack of standardization in the identification 
of pin functions is perhaps more extreme in the 
case of multiplexers than for other types of logic 
chips. 
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Figure 16-7. The traditional symbol for a multiplexer (left) 
and demultiplexer (right). The trapezoid is oriented with 
its longer vertical side facing the larger number of connec- 
tions. This symbol is falling into disuse. 
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Figure 16-8. A simple rectangle is most often used as a 
schematic symbol for a multiplexer, but the abbreviations 
assigned to pin functions are not standardized. See text 
for details. 


An output enable pin will be shown as E or EN, or 
occasionally OE. It may alternatively be de- 
scribed as an inhibit pin, labeled INH, or some- 
times will be called a strobe. The function is the 
same in each case: one of its logic states will en- 
able the internal switches, while its other logic 
state will prevent any internal switches from 
closing. 


Switch inputs may be labeled SO, $1, S2... or XO, 
X1, X2... or may simply be numbered, almost al- 
ways counting up from 0. Where two or more sets 
of switches coexist in one package, each set of 
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inputs may be distinguished from the others by 
preceding each identifier with anumeral or letter 
to designate the switch, as in 1S0, 1$1, 182... or 
1X0, 1X1, 1X2... (Switches are generally num- 
bered from 1 upward, even though their inputs 
are numbered from 0 upward.) Outputs may be 
identified using the same coding scheme as in- 
puts, bearing in mind that the inputs and outputs 
of an analog multiplexer usually are interchang- 
able. Some manufacturers, however, prefer to 
identify each multiplexer output by preceding it 
with letter Y. Alternatively, Z1,Z2,Z3... may iden- 
tify the outputs from switches 1, 2, 3... Fortu- 
nately, datasheets usually include some kind of 
key to this grab-bag of abbreviations. 


Control pins are often identified as A, B, C... with 
letter A representing the least significant bit in 
the binary number that is applied to the pins. 


Voltages can be confusing in multiplexers. Com- 
ponents intended for use with digital inputs are 
straightforward enough, as the supply voltage 
will be identified as Vcc and is typically 5VDC for 
through-hole packages (often lower for surface- 
mount), while negative ground is assumed to be 
OVDC. However, where a multiplexer may be 
used with AC inputs in which the voltage varies 
above and below OV, supply voltages above and 
below OVDC are also possible—such as +7.5VDC 
and —7.5VDC, to take a random example. Three 
power-supply pins may be provided for this pur- 
pose. The positive supply will usually be identi- 
fied as Vpp (the D refers to the Drain in the internal 
MOSFETs). A Veg pin may be at OVDC or at a neg- 
ative value equal and opposite to Vpp. The E in 
this abbreviation is derived from Emitter voltage, 
even though the component may not contain a 
bipolar transistor with an emitter. Customarily, a 
Vsgs pin (the S being derived from the Source in 
the internal MOSFETs) will be at OVDC, and other 
voltages will be measured above and below this 
baseline. This ground pin may alternatively be 
labeled GND. 


As is customary in logic chips, low-active control 
pins will have a bar printed above their identifi- 
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ers, oran apostrophe will be placed after an iden- 
tifier if the font does not permit printing the bar. 
Alternatively, low-active pins may be represent- 
ed by showing a small circle, properly referred to 
as a bubble, at the input or output point of the 
symbol for the multiplexer. Note that analog in- 
puts and outputs are neither high-active nor low- 
active; they merely pass voltages through. 


Variants 





Most multiplexers are “break before make” devi- 
ces, where one input is disconnected before the 
next input is connected. However, some excep- 
tions exist, and datasheets should be checked for 
this. It can be a significant issue, because make- 
before-break switching will briefly connect ex- 
ternal devices with each other, through the chip. 


Many multiplexers can tolerate control voltages 
above the usual high value in a logic circuit—as 
high as 15VDC in some cases. The voltage that is 
switched by the multiplexer may be the same as 
the control voltage, or may be higher. 


Some analog multiplexers have overvoltage pro- 
tection that allows them to withstand input vol- 
tages that are twice or three times the recom- 
mended maximum. 


Datasheets may mention “internal address de- 
coding,’ meaning that the binary number input, 
specifying a channel to be switched, is decoded 
inside the chip. In fact, virtually all multiplexers 
now have on-chip address decoding, and this 
feature should be assumed to exist, regardless of 
whether it is mentioned. 


Values 





The voltage to be switched will usually be re- 
ferred to as the input voltage, Vj. 


An analog multiplexer should not be subjected 
to current exceeding the value that it is designed 
to switch. This is known as the maximum channel 
current. A typical value would be 10mA, although 
many modern surface-mount components are 
designed for currents in the microamp range. 
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The on-resistance is the resistance imposed by 
the analog multiplexer on the signal flowing 
through it. While modern, specialized analog 
multiplexers may have an on-resistance as low as 
5Q, these are relatively unusual. An on-resistance 
of 1000 to 2000 is more common. This value will 
vary within a component depending on the pow- 
er supply voltage and the voltage being switch- 
ed. It will increase slightly as V\y deviates above 
(or below) OV, willincrease substantially for lower 
values of supply voltage, and will increase sig- 
nificantly with temperature. 


The curves in Figure 16-9 show on-resistance of 
an analog multiplexer varying with input volt- 
age, with three different power supplies: plus- 
and-minus 2.5VDC (described in the graph as a 
“spread” of 5VDC), plus-and-minus 5VDC (a 
“spread” of 10VDC), and plus-and-minus 7.5VDC 
(a“spread” of 15VDC). These curves were derived 
from a datasheet for the MC14067B analog mul- 
tiplexer; curves for other chips will be different, 
although the basic principles remain the same. 


Switching time is an important consideration in 
high-speed applications. The “on” and “off” times 
specified in a datasheet (often as toy and to¢f) are 
a function of the propagation delay from the 
control input to the toggling of the switch, and 
are generally measured from the halfway point 
of the rising or falling edge of the control input, 
to the 90% point of the output signal level. 


Leakage current is the small amount of current 
(often measured in picoamperes) that the solid- 
state switch will pass when it is in its “off” state. 
This should be insignificant except when very 
high-impedance loads are used. 


Separate switches inside a multiplexer may have 
characteristics that differ slightly from one an- 
other. Differences in on-resistance between ad- 
jacent switches can be important when switch- 
ing parallel analog signals. A datasheet should 
mention the extent to which switches have 
matched characteristics, and may define the 
maximum deviation from one another using the 
abbreviation Roy even though this same term 
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may be used, confusingly, to denote the on- 
resistance of each individual switch. 
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Figure 16-9. Variations in on-resistance in an analog mul- 
tiplexer. Each voltage “spread” is the difference between 
positive supply voltage and an equal-and-opposite nega- 
tive ground voltage. Thus a “spread” of 1OVDC means 
plus and minus voltages of 5VDC. (Curves derived from 
On Semiconductor datasheet for MC14067B analog 
multiplexer.) 


How to Use It 


A multiplexer may be used as a simple switch to 
choose one of multiple inputs, such as a choice 
of input jacks on a stereo system. A dual differ- 
ential multiplexer is useful in this application, as 
it can use a single select signal to switch two sig- 
nal paths simultaneously. 





Amultiplexer can also be used asa digital volume 
control by switching an audio signal among a 
variety of resistances, similar to a digital poten- 
tiometer. In this application, the possible pres- 
ence of pullup resistors inside the multiplexer 
must be considered. 


Where a microcontroller must monitor a large 
number of inputs (for example, a range of tem- 
perature sensors or motion sensors), a multiplex- 
er can reduce the number of input pins required. 
Its data-select pins will be cycled through all the 
possible binary states by the microcontroller, to 
select each data input in turn, while its single- 
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wire output will carry the analog data to a sepa- 
rate pin on the microcontroller which performs 
an analog-digital conversion. 


Conversely, a demultiplexer (i.e., an analog mul- 
tiplexer such as the 4067B chip which can be 
used in demultiplexer mode) can be used by a 
microcontroller to switch multiple components 
onand off. Four outputs from the microcontroller 
can connect with the control pins of a 16-channel 
demultiplexer, counting from binary 0000 
through binary 1111 to select output pins 0 
through 15. After selecting each pin, the micro- 
controller can send a high or low pulse through 
it. The process then repeats. (A decoder can be 
used in the same way.) 


Other Application Notes 


Multiplexers may be cascaded to increase the 
inputs-to-outputs ratio. 


Modern multiplexers are found on computer 
boards where they choose among video output 
ports, or as PCI express channel switches. 


A multiplexer may be used as a parallel-to-serial 
converter, as it samples multiple channels and 
converts them into a serial data stream. 


In telecommunications, a multiplexer can sam- 
ple voice signals from multiple separate inputs 
and combine them into a digital stream that can 
be transmitted at a faster bit rate over a single 
channel. However, this application goes far be- 
yond the simple uses for multiplexers described 
here. 


What Can Go Wrong 


Problems that are common to all digital chips are 
summarized in the section on logic gates (see 
“What Can Go Wrong” on page 105). 





Pullup Resistors 
While they are often necessary to prevent con- 
nections from floating, pullup resistors built into 


What Can Go Wrong 


a multiplexer may have unexpected conse- 
quences if the user is unaware of them. 


Break Before Make 

For most applications, it is desirable for each in- 
ternal solid-state switch to break one connection 
before making a new one. This avoids the possi- 
bility of separate external components being 
briefly connected with each other through the 
multiplexer. Datasheets should be checked to 
verify that a multiplexer functions in break- 
before-make mode. If it doesn’t, the enable pin 
can be used momentarily to disable all connec- 
tions before a new connection is established. 


Signal Distortion 

Where a multiplexer is passing analog signals, 
signal distortion can result if the on-resistance of 
multiple internal switches varies significantly at 
different voltages. A datasheet for an analog 
multiplexer should usually include a graph show- 
ing on-resistance over the full signal range. The 
flatter the graph is, the less distortion the com- 
ponent will create. This is often described in 
datasheets as Ron Flatness. 


Limits of CMOS Switching 

Although most multiplexers are built around 
CMOS transistors, their switching speed may be 
insufficient for video signals, and their on- 
resistance may vary enough to introduce distor- 
tion. Multiplexers are available with complemen- 
tary bipolar switching for very high-speed appli- 
cations. They impose some penalties in cost and 
power consumption. 


Transients 

Switch capacitance inside a multiplexer can 
cause transients in the output when the switch 
changes state. An allowance for settling time may 
be necessary. This will be additional to the 
switching speed claimed by the datasheet. 
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The full term liquid-crystal display is seldom used. Its acronym, LCD, is much more com- 
mon. Sometimes the redundant combination LCD display is found. All three terms refer 
to the same device. In this encyclopedia, the first two words in liquid-crystal display are 
hyphenated because they are an adjectival phrase. Other sources often omit the hyphen. 


The acronym LED (for light-emitting diode) is easily confused with LCD. While both 
devices display information, their mode of action is completely different. 


OTHER RELATED COMPONENTS 


- LED display (see Chapter 24) 


What It Does 





An LCD presents information on a small display 
panel or screen by using one or more segments 
that change their appearance in response to an 
AC voltage. The display may contain alphanu- 
meric characters and/or symbols, icons, dots, or 
pixels in a bitmap. 


Because of its very low power consumption, a 
basic monochrome LCD is often used to display 
numerals in battery-powered devices such as 
digital watches and calculators. A small liquid- 
crystal display of this type is shown in Figure 17-1. 


Color-enabled, backlit LCDs are now frequently 
used in almost all forms of video displays, includ- 
ing those in cellular telephones, computer mon- 
itors, game-playing devices, TV screens, and air- 
craft cockpit displays. 


How It Works 


Light consists of electromagnetic waves that 
possess an electric field and a magnetic field. The 
fields are perpendicular to each other and to the 
direction in which the light is traveling, but the 
field polarities are randomly mixed in most visi- 





ble radiation. This type of light is referred to as 
incoherent. 





Figure 17-1. A small, basic monochrome LCD. 


Figure 17-2 shows a simplified view of an LCD 
that uses a backlight. Incoherent light emerges 
from the backlight panel (A) and enters a vertical 
polarizing filter (B) that limits the electric field 
vector. The polarized light then enters a liquid 
crystal (C) which is a liquid composed of mole- 
cules organized in a regular helical structure that 
rotates the polarity by 90 degrees when no volt- 
age is applied to it. The light now passes through 
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a horizontal polarizing filter (D) and is visible to 
the user. 




















Figure 17-2. The combination of two polarizers and a liq- 
uid crystal appears transparent when voltage is not ap- 
plied. See text for details. 


¢ A liquid crystal itself does not emit light. It 
can only modify light that passes through it. 


Figure 17-3 shows what happens when voltage 
is applied to the liquid crystal via transparent 
electrodes (not included in the figure). The mol- 
ecules reorganize themselves in response to the 
electric potential and allow light to pass without 
changing its polarity. Consequently, the vertical- 
ly polarized light is now blocked by the front, 
horizontally polarized filter, and the display be- 
comes dark. 


A liquid crystal contains ionic compounds that 
will be attracted to the electrodes if a DC voltage 
is applied for a significant period of time. This can 
degrade the display permanently. Therefore, AC 
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voltage must be used. An AC frequency of 50Hz 
to 100Hz is common. 




















Figure 17-3. The LCD appears dark when voltage is ap- 
plied. See text for details. 
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A transmissive LCD requires a backlight to be visi- 
ble, and is the type illustrated in Figure 17-2. In 
its simplest form, it isa monochrome device, but 
is often enhanced to display full color by adding 
red, green, and blue filters. Alternatively, instead 
of a white backlight, an array of pixel-sized red, 
green, and blue LEDs may be used, in which case 
filters are unnecessary. 


Backlit color LCDs have displaced cathode-ray 
tubes, which used to be the default system in al- 
most all video monitors and TVs. LCDs are not 
only cheaper but can be fabricated in larger sizes. 
They do not suffer from burn in, where a persis- 
tent unchanging image creates a permanent scar 
in the phosphors on the inside of a tube. How- 
ever, large LCDs may suffer from dead pixels or 
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stuck pixels as manufacturing defects. Different 
manufacturers and vendors have varying poli- 
cies regarding the maximum acceptable number 
of pixel defects. 


In a reflective LCD, the structure is basically the 
same as that shown in Figure 17-2 except that a 
reflective surface is substituted for the backlight. 
Ambientlight enters from the front of the display, 
and is either blocked by the liquid crystal in com- 
bination with the polarizing filters, or is allowed 
to reach the reflective surface at the rear, from 
which it reflects back through the liquid crystal 
to the eye of the user. This type of display is very 
easily readable in a bright environment, but will 
be difficult to see in dim conditions and will be 
invisible in darkness. Therefore, it may be aug- 
mented with a user-activated light source moun- 
ted at the side of the display. 


A transreflective LCD contains a translucent rear 
polarizer that will reflect some ambientlight, and 
is also transparent to enable a backlight. While 
this type of LCD is notas bright asa reflective LCD 
and has less contrast, it is more versatile and can 
be more energy efficient, as the backlight can be 
switched off automatically when ambient light is 
bright enough to make the display visible. 


Active and Passive Types 


An active matrix LCD adds a matrix of thin-film 
transistors to the basic liquid-crystal array, to 
store the state of each segment or pixel actively 
while the energizing AC voltage transitions from 
positive to negative. This enables a brighter, 
sharper display as crosstalk between adjacent 
pixels is reduced. Because thin-film transistors are 
used, this is often described as a TFT display; but 
the term is interchangable with active matrix. 


A passive matrix LCD is cheaper to fabricate but 
responds sluggishly in large displays and is not 
so well suited to fine gradations in intensity. This 
type of component is used primarily in simple 
monochrome displays lacking intermediate 
shades of gray. 
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Crystal Types 

Twisted Nematic (TN) are the cheapest, simplest 
type of LCD, allowing only a small viewing angle 
and average contrast. The appearance is limited 
to black on gray. The response rate is relatively 
slow. 


Super Twisted Nematic (STN) displays were devel- 
oped in the 1980s for passive LCDs, enabling bet- 
ter detail, wider view angle, and a faster re- 
sponse. The natural appearance is dark violet or 
black on green, or dark blue on silver-gray. 


Film-compensated Super Twisted Nematic (FSTN) 
uses an extra coating of film that enables a pure 
black on white display. 


Double Super Twisted Nematic provides further 
enhancement of contrast and response times, 
and automatic contrast compensation in re- 
sponse to ambient temperature. The appearance 
is black on white. This display requires 
backlighting. 


Color Super Twisted Nematic (CSTN) is an STN dis- 
play with filters added for full color reproduction. 


Seven-Segment Displays 

The earliest monochrome LCDs in devices such 
as watches and calculators used seven segments 
to display each numeral from 0 through 9. This 
type of LCD is still used in low-cost applications. 
A separate control line, or electrode, connects to 
each segment, while a backplane is shared by all 
the segments, connecting with a common pin to 
complete the circuit. 


Figure 17-4 shows a typical seven-segment dis- 
play. The lowercase letters a through g that iden- 
tify each segment are universally used in data- 
sheets. The decimal point, customarily referred 
to as “dp,’ may be omitted from some displays. 
The array of segments is slanted forward to en- 
able more acceptable representation of the di- 
agonal stroke in numeral 7. 
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Figure 17-4. Basic numeric display format for LCD nu- 
meric displays (the same layout is used with LEDs). To 
identify each segment, lowercase letters are universally 
used. 


Seven-segment displays are not elegant but are 
functional and are reasonably easy to read, as 
shown in Figure 17-5. Letters A, B, C, D, E, and F 
(displayed as A, b, c, d, E, F because of the restric- 
tions imposed by the small number of segments) 
may be added to enable display of hexadecimal 
values. 


In appliances such as microwave ovens, very ba- 
sic text messages can be displayed to the user 
within the limitations of 7-segment displays, as 
suggested in Figure 17-6. 


The advantage of this system is low cost, as 7- 
segment displays are cheap to fabricate, entail 
the fewest connections, and require minimal de- 
coding to create each alphanumeric character. 
However, numbers 0, 1, and 5 cannot be distin- 
guished from letters O, |, and S, while letters con- 
taining diagonal strokes, such as K, M, N, W, X, 
and Z, cannot be displayed at all. 
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Figure 17-5. Numerals and the first six letters of the al- 
phabet created with a 7-segment display. 


Additional Segments 

Alphanumeric LCDs were developed using 14 or 
16 segments to enable better representation of 
letters of the alphabet. Sometimes these displays 
were slanted forward, like the 7-segment dis- 
plays, perhaps because the style had become fa- 
miliar, even though the addition of diagonal seg- 
ments made it unnecessary. In other cases, the 
14 or 16 segments were arrayed in a rectangle. 
See Figure 17-7. 


The same words represented in Figure 17-6 are 
shown in Figure 17-8, using 16-segment LCDs. 
Clearly, the advantage gained by enabling diag- 
onal strokes entailed the disadvantage of larger 
gaps in the letters, making made them ugly and 
difficult to read. 
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Figure 17-6. Basic text messages can be generated with 
7-segment displays, although they cannot contain alpha- 
betical letters that use diagonal strokes. 


A full character set using 16-segment LCDs is 
shown in Figure 17-9. This conforms partially 
with the ASCII coding system, in which each char- 
acter has an identifying numeric code ranging 
from 20 hexadecimal for a letter-space to 7A hex- 
adecimal for letter z (although this character set 
does not attempt to represent lowercase letters 
differently from uppercase). The ASCII acronym 
stands for American Standard Code for Informa- 
tion Interchange. 


Because backlit LCDs had become common by 
the time 16-segment displays were introduced, 
the characters were often displayed in light-on- 
dark or “negative” format, as suggested in this 
figure. LEDs, of course, have always used the 
light-on-dark format, as an LEDis a light-emitting 
component. 


Variants 





Figure 17-7. LCDs using 14 segments (left) and 16 seg- 
ments (right) were introduced to represent a full alphabet 
in addition to numerals. Sometimes these displays were 
slanted forward, like the previous 7-segment type, even 
though this was no longer necessary to represent the 
number 7. 


Dot-Matrix Displays 

The 16-segment displays were never widely pop- 
ular, and the declining cost of microprocessors, 
LCD fabrication, and ROM storage made it eco- 
nomic to produce displays using the more easily 
legible 5x7 dot-matrix alphabet that had been 
common among early microcomputers. 
Figure 17-10 shows a dot-matrix character set 
that is typical of many LCDs. 


Because the original ASCII codes were not stand- 
ardized below 20 hexadecimal or above 7A hex- 
adecimal, manufacturers have represented a 
variety of foreign-language characters, Greek let- 
ters, Japanese characters, accented letters, or 
symbols using codes 00 through 1F and 7B 
through FF. The lower codes are often left blank, 
allowing user installation of custom symbols. 
Codes 00 through OF are often reserved for con- 
trol functions, such as a command to start a new 
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line of text. There is no standardization in this 
area, and the user must examine a datasheet for 
guidance. 


crTmc 
yt st 
ClaeT 
Clu 
vl OL 
1 tl 2 


Figure 17-8. The same text messages shown previously 
using 7-segment LCDs are shown here using 16-segment 
displays. 


Dot-matrix LCDs are usually packaged in arrays 
consisting of eight or more columns and two or 
more rows of characters. The number of columns 
is always stated before the number of rows, so 
that a typical 8 x 2 display contains eight alpha- 
numeric characters in two horizontal rows. An 
array of characters is properly referred to as a 
display module, but may be described, confus- 
ingly, as a display, even though a single seven- 
segment LCD is itself a display. A 16x2 display 
module is shown from the front in Figure 17-11 
and from the rear in Figure 17-12. 
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Figure 17-9. A full character set using 16-segment LCDs. 
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Figure 17-10. A dot-matrix character set typical of LCDs 
capable of displaying a matrix of 5x7 dots. 


Variants 





Figure 17-11. A 16x2 LCD display module seen from the 
front. 





Figure 17-12. The same 16x2 LCD display module from 
the previous figure, seen from the rear. 


Multiple-character display modules have been 
widely used in consumer electronics products 
such as audio components and automobiles 
where simple status messages and prompts are 
necessary—for example, to show the volume 
setting or broadcast frequency on a stereo re- 
ceiver. Backlighting is almost always used. 


Because the cost of small, full-color, high- 
resolution LCD screens has been driven down 
rapidly by the mass production of cellular 
phones, color displays are likely to displace mon- 
ochrome dot-matrix LCD display modules in 
many applications. Similarly, touchscreens will 
tend to displace pushbuttons and _ tactile 
switches. Touchscreens are outside the scope of 
this encyclopedia. 
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Color 


The addition of filters to create a full color display 
is shown in simplified form in Figure 17-13. 














Figure 17-13. The addition of red, green, and blue color fil- 
ters, in conjunction with variable density liquid crystal pix- 
els, enables an LCD full-color display. 


Red, green, and blue are almost always used as 
primary colors for transmitted light, because the 
combination of different intensities of these RGB 
primaries can create the appearance of many 
colors throughout the visible spectrum. They are 
said to be additive primaries, as they create 
brighter colors when they are combined. The 
principle is illustrated in Figure 17-14. 


The use of the word “primaries” to refer to red, 
green, and blue can cause confusion, as full-color 
printed materials use a different set of reflective 
primaries, typically cyan, magenta, and yellow, 
often with the addition of black. In this CMYK 
system, additional layers of pigment will absorb, 
or subtract, more visible frequences. See 
Figure 17-15. 
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Figure 17-14. When colors red, green, and blue are trans- 
mitted directly to the eye, pairs of these additive primaries 
create secondary colors cyan, magenta, and yellow. Com- 
bining all three additive primaries creates an approxima- 
tion of white light. This can be verified by viewing a color 
monitor with a magnifying glass. 





Figure 17-15. When ink colors cyan, magenta, and yellow 
are superimposed on white paper and are viewed in white 
light, pairs of these subtractive primaries create secon- 
dary colors red, green, and blue. Overprinting all three 
subtractive primaries creates an approximation of black, 
limited by the reflective properties of available pigments. 
Black ink is usually added to provide additional contrast. 
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The complete range of colors that can be created 
as a combination of primaries is known as the 
gamut. Many different RGB color standards have 
been developed, the two most widely used be- 
ing sRGB (almost universal in web applications) 
and Adobe 1998 (introduced by Adobe Systems 
for Photoshop, providing a wider gamut). None 
of the available systems for color reproduction 
comes close to creating the full gamut that can 
be perceived by the human eye. 


Backlighting Options 

For monochrome LCDs, electroluminescent 
backlighting may be used. It requires very low 
current, generates very little heat, and has a uni- 
form output. However, its brightness is severely 
limited, and it requires an inverter that adds sig- 
nificantly to the current consumption. 


For full-color LCDs, fluorescent lights were orig- 
inally used. They have a long lifetime, generate 
little heat, and have low power consumption. 
However, they require a relatively high voltage, 
and do not work well at low temperatures. Early 
flat screens for laptop computers and desktop 
monitors used cold-cathode fluorescent panels. 


Subsequently, white light-emitting diodes 
(LEDs) were refined to the point where they gen- 
erated a range of frequencies that was consid- 
ered acceptable. Light from the LEDs passes 
through a diffuser to provide reasonably consis- 
tent illumination across the entire screen. LEDs 
are cheaper than fluorescent panels, and allowa 
thinner screen. 


High-end video monitors use individual red, 
green, and blue LEDs instead of a white back- 
light. This eliminates the need for colored filters 
and produces a wider gamut. So-called RGB LCD 
monitors are more expensive but are preferred 
for professional applications in video and print 
media where accurate color reproduction is es- 
sential. 


Zero-Power Displays 
Some techniques exist to create LCDs that re- 
quire power only to flip them to and fro between 


How to Use It 


their transparent and opaque states. These are 
also known as bistable displays, but have not be- 
come as widely used. They are similar in concept 
to e-ink or electronic paper displays, but the prin- 
ciple of operation is different. 


How to Use It 


So long as an LCD consists of just one numeral, it 
can bedriven by just one decoder chip that trans- 
lates a binary-coded input into the outputs re- 
quired to activate the appropriate segments of 
the LCD. The evolution of multi-digit displays, al- 
phanumeric displays, dot-matrix displays, and 
graphical displays has complicated this situation. 





Numeric Display Modules 

An LCD consisting of a single digit is now a rare 
item, as few circuits require only one numeral for 
output. More commonly, two to eight numerals 
are mounted together in asmall rectangular pan- 
el, three or four numerals being most common. 
A typical digital alarm clock uses a four-digit nu- 
meric display module, incorporating a colon and 
indicators showing AM/PM and alarm on/off. 
Other numeric display modules may include a 
minus sign. 


Modules that are described as having 3.5 or 4.5 
digits contain three full digits preceded by a nu- 
meral 1 composed of two segments. Thus, a 3- 
digit module can display numbers from 000 
through 999, while a 3.5-digit display can display 
numbers from 000 through 1999, approximately 
doubling the range. 


Numeric display modules of the type described 
here do not contain any decoder logic or drivers. 
An external device, such as a microcontroller, 
must contain a lookup table to translate a nu- 
meric value into outputs that will activate the 
appropriate segments in the numbers in a dis- 
play, with or without decimal points and a minus 
sign. To avoid reinventing the wheel, a program- 
mer may download code libraries for microcon- 
trollers to drive commonly used numeric display 
modules. It is important to remember, though, 
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that segments in monochrome LCDs must be ac- 
tivated by AC, typically a square wave with a fre- 
quency of 30Hz to 90Hz. 


An alternative is to use a decoder chip such as 
the 4543B or 4056B, which receives a binary- 
coded decimal input (i.e., 0000 through 1001 bi- 
nary, on four input puts) and translates it into an 
output on seven pins suitable for connection 
with the seven segments of a 7-segment display. 
The 4543B requires a square-wave input to its 
“phase” pin. The square-wave must also be ap- 
plied simultaneously to the backplane of the 
LCD, often identified as the “common” pin on da- 
tasheets. Pinouts for the 4543B are shown in 
Figure 17-16. 


The 4543B includes provision for “display blank- 
ing,’ which can be used to suppress leading zeros 
in a multidigit number. However, the lack of out- 
puts to control a minus sign or decimal point 
limits the decoder to displaying positive 
integers. 















Active low 


BCD 
inputs Outputs 
(values to7 
shown in segments 
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wave and g 
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Active 
high 


Figure 17-16. Pinouts for the 4543B decoder chip, which 
is designed to drive a seven-segment numeric LCD. 


The power supply for a 4543B can range from 
5VDC to 18VDC, but because the logic-high out- 
put voltage will be almost the same as that of the 
power supply, it must be chosen to match the 
power requirements of the LCD (very often 
5VAC).((( 
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To drive a three-digit numeric display module, a 
separate decoder chip can be used to control 
each digit. The disadvantage of this system is that 
each decoder requires three inputs, so that a 
three-digit display will require nine outputs from 
the microcontroller. 


To deal with this issue, it is common to multi- 
plex a multi-digit display. This means that each 
output from the decoder is shared among the 
same segments ofall the LCD numerals. Each LCD 
numeral is then activated in sequence by apply- 
ing AC voltage to its common pin. Simultane- 
ously, the decoder sends the data appropriate to 
that LCD. This process must be fast enough so 
that all the digits appear to be active simultane- 
ously, and is best managed with a microcontrol- 
ler. A simplified schematic is shown in 
Figure 17-17. It can be compared with a similar 
circuit to drive LED displays, shown _ in 
Figure 24-13. 


Alphanumeric Display Module 

Arrays of dot-matrix LCDs that can display alpha- 
betical characters as well as numerals require 
preset character patterns (usually stored in ROM) 
and a command interpreter to process instruc- 
tions that are embedded in the data stream. 
These capabilities are often built into the LCD 
module itself. 


While there is no formal or de facto standard, the 
command set used by the Hitachi HD44780 con- 
troller is installed in many displays, and code li- 
braries for this set are available for download 
from sites dedicated to the Arduino and other 
microcontrollers. Writing code from scratch to 
control all aspects of an alphanumeric display is 
nota trivial chore. The Hamtronix HDM08216L-3- 
L30S is a display that incorporates the HD44780. 
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Figure 17-17. When two or more numeric displays are mul- 
tiplexed, a control device (typically, a microcontroller) ac- 
tivates each of them in turn via its backplane (common 
terminal) while sending appropriate data over a shared 
bus. 


Regardless of which standard is used, some fea- 
tures of alphanumeric display modules are al- 
most universal: 


e Register select pin. Tells the display whether 
the incoming data is aninstruction, ora code 
identifying a displayable character. 


e Read/write pin. Tells the display whether to 
receive characters from a microcontroller or 
send them to a microcontroller. 


e Enable/disable pin. 


e Character data input pins. There will be eight 
pins to receive the 8-bit ASCII code for each 
displayable character in parallel. Often there 
is an option to use only four of these pins, to 


What Can Go Wrong 


reduce the number of microcontroller out- 
puts necessary to drive the display. Where 
four pins are used, each 8-bit character is 
sent in two segments. 


e LED backlight pin. Two may be provided, one 
connected to the anode(s) of the LED back- 
light, the other to the cathode(s). 


e Reset pin. 


Embedded instruction codes can be complex, 
including commands to reposition the cursor at 
a specific screen location, backspace-and-erase, 
scroll the display, and erase all characters on the 
screen. Codes may be included to adjust screen 
brightness and to switch the display between 
light-on-dark (negative) and dark-on-light (pos- 
itive) characters. 


Some display modules also have graphics capa- 
bility, allowing the user to address any individual 
pixel on the screen. 


Because of the lack of standardization in control 
codes, manufacturer's datasheets must be con- 
sulted to learn the usage of a particular alpha- 
numeric display module. In addition to data- 
sheets, online user forums are a valuable source 
of information regarding quirks and undocu- 
mented features. 


What Can Go Wrong 





Temperature Sensitivity 

Liquid crystals vary in their tolerance for low and 
high temperatures, but generally speaking, a 
higher voltage may be necessary to create a suf- 
ficiently dense image at a low temperature. Con- 
versely, a lower voltage may be necessary to 
avoid “ghosting” at a high temperature. An ab- 
solutely safe operating temperature range is like- 
ly to be 0 through 50 degrees Celsius, but check 
the manufacturer's datasheet for confirmation. 
Special-purpose LCDs are available for extreme 
temperatures. 
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Excessive Multiplexing 

A twisted nematic display is likely to perform 
poorly if its duty cycle is greater than 1:4. In other 
words, more than four displays should not be 
multiplexed by the same controller. 


DC Damage 

An LCD can be damaged quickly and perma- 
nently if it is subjected to DC current. This can 
occur by accident if, for example, a timer chip is 
being used to generate the AC pulse stream, and 
the timer is accidentally disconnected, or has an 
incorrect connection in its RC network. Check 
timer output with a meter set to measure AC volts 
before allowing any connection to the common 
pin of an LCD. 


Bad Communications Protocol 
Many alphanumeric display modules do not use 
a formal communications protocol. Duplex serial 
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or 12C connection may not be available. Care 
must be taken to allow pauses of a few millisec- 
onds after execution of embedded commands, 
togivethe display sufficient time to complete the 
instruction. This is especially likely where a com- 
mand to clear all characters from the screen has 
to be executed. If garbage characters appear on 
the screen, incorrect data transfer speed or lack 
of pause times may be to blame. 


Wiring Errors 

This is often cited by manufacturers as the most 
common cause of failure to display characters 
correctly, or lack of any screen image at all. 
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The terms incandescent light, incandescent bulb, and incandescent light bulb are often 
used interchangeably with incandescent lamp. Because the term “lamp” seems to be 
most common, it is used here. A panel-mounted indicator lamp is considered to be an 


assembly containing an incandescent lamp. 


A carbon arc, which generates light as a self-sustaining spark between two carbon elec- 
trodes, can be thought of as a form of incandescent lamp, but is now rare and is not 


included in this encyclopedia. 
OTHER RELATED COMPONENTS 


e LED area lighting (See Chapter 23) 
¢ LED indicator (See Chapter 22) 

* neon bulb (see Chapter 19) 

¢ fluorescent light (see Chapter 20) 


What It Does 


The term incandescent describes an object that 
emits visible light purely as a consequence of 
being hot. This principle is used in an incandes- 
cent lamp where a wire filament glows as aresult 
of electric current passing through it and raising 
it to ahigh temperature. To prevent oxidation of 
the filament, it is contained within a sealed bulb 
or tube containing an inert gas under low pres- 
sure or (less often) a vacuum. 





Because incandescent lamps are relatively inef- 
ficient, they are not considered a wise environ- 
mental choice for area lighting and have been 
prohibited for that purpose in some areas. How- 
ever, small, low-voltage, panel-mount versions 
are still widely available. For a summary of ad- 
vantages of miniature incandescent lamps rela- 
tive to light-emitting diodes (LEDs) see “Rela- 
tive Advantages” on page 179. 


Schematic symbols representing an incandes- 
cent lamp are shown in Figure 18-1. The symbols 


are all functionally identical except that the one 
at bottom right is more likely to be used to rep- 
resent small panel-mounted indicators. 


4 
@- QQ 


Figure 18-1. A variety of symbols can represent an incan- 
descent lamp. The one at bottom right may be more com- 
monly used for small panel-mounted indicators. 


The parts of a generic incandescent light bulb are 
identified in Figure 18-2: 


A: Glass bulb. 


B: Inert gas at low pressure. 
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C: Tungsten filament. 


D: Contact wires (connecting internally with 
brass base and center contact, below). 


E: Wires to support the filament. 
F: Internal glass stem. 

G: Brass base or cap. 

H: Vitreous insulation. 


I: Center contact. 





Figure 18-2. The parts of a typical incandescent lamp 
(see text for details). 


History 





The concept of generating light by using elec- 
tricity to heat a metal originated with English- 
man Humphrey Davy, who demonstrated it with 
a large battery and a strip of platinum in 1802. 
Platinum was thought to be suitable because it 
has a relatively high melting point. The lamp 
worked but was not practical, being insufficiently 
bright and having a short lifespan. In addition, 
the platinum was prohibitively expensive. 
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The first patent for an incandescent lamp was is- 
sued in Englandin 1841, but it still used platinum. 
Subsequently, British physicist and chemist Jo- 
seph Swan spent many years attempting to de- 
velop practical carbon filaments, and obtained a 
patent in 1880 for parchmentized thread. His 
house was the first in the world to be illuminated 
by light bulbs. 


Thomas Edison began work to refine the electric 
lamp in 1878, and achieved a successful test with 
a carbonized filament in October 1879. The bulb 
lasted slightly more than 13 hours. Lawsuits over 
patent rights ensued. Carbonized filaments were 
used until a tungsten filament was patented in 
1904 by the German/Hungarian inventor Just 
Sandor Frigyes and the Croatian inventor Franjo 
Hanaman. This type of bulb was filled with an 
inert gas, instead of using a vacuum. 


Many other pioneers participated in the effort to 
develop electric light on a practical basis. Thus it 
is incorrect to state that “Thomas Edison inven- 
ted the light bulb.” The device went through a 
very lengthy process of gradual refinement, and 
one of Edison's most significant achievements 
was the development of a power distribution 
system that could run multiple lamps in parallel, 
using filaments that had a relatively high resist- 
ance. His error was insisting on using direct cur- 
rent (DC) while his rival Westinghouse pioneered 
alternating currrent (AC), enabling power trans- 
mission over longer distances through the use of 
transformers. The use of AC also enabled Tesla’s 
brushless induction motor. 


By the mid-1900s, most incandescent bulbs used 
tungsten filaments. 


How It Works 


All objects emit electromagnetic radiation as a 
function of their temperature. This is known as 
black body radiation, based on the concept of an 
object that absorbs all incoming light, and thus 
does not reflect any sources from outside itself. 
As its temperature increases, the intensity of the 
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radiation increases while the wavelength of the 
radiation tends to decrease. 


If the temperature is high enough, the wave- 
length of the radiation enters the visible spec- 
trum, between 380 and 740 nanometers. (A 
nanometer is one-billionth of a meter.) 


The melting point of tungsten is 3,442 degrees 
Celsius, but a lamp filament typically operates 
between 2,000 and 3,000 degrees. At the higher 
end of this scale, evaporation of metal from the 
filament tends to cause deposition of a dark res- 
idue on the inside of the bulb, and erodes the 
filament more rapidly, to the point where it even- 
tually breaks. At the lower end of this scale, the 
light will be yellow and the intensity will be 
reduced. 


Spectrum 

The color of black-body radiation is measured 
using the Kelvin temperature scale. The incre- 
ment of 1 degree Kelvin is the same as 1 degree 
Celsius, but the Kelvin scale has a zero value at 
absolute zero. This is the theoretical lowest con- 
ceivable temperature, at which there is complete 
absence of heat. It is approximately -273 degrees 
Celsius. 


From this it is evident that if K is a temperature in 
degrees Kelvin and Cis a temperature in degrees 
Celsius: 


K = C + 273 (approximately) 


Calibration of light sources in degrees Kelvin is 
common in photography. Many digital cameras 
allow the user to specify the color temperature of 
lights that are illuminating an indoor scene, and 
the camera will compensate so that the light 
source appears to be pure white with all colors 
in the visible spectrum being represented 
equally. 

Some computer monitors also allow the user to 
specify a white value in degrees Kelvin. 


Color temperature is used in astronomy, because 
the spectrum of many stars is comparable with 
that of a theoretical black body. 


How It Works 


A color temperature of 1,000 degrees K will have 
a dark orange hue, while 15,000 degrees K or 
higher will have a blue hue comparable to that 
of a pale blue sky. The color temperature of the 
sun is approximately 5,800 K. Interior lighting is 
often around 3,000 K, which many people find 
acceptable because it creates pleasant flesh 
tones. An incandescent bulb described by the 
manufacturer as “soft white” or “warm” will have 
a lower color temperature than one which is sold 
as “pure white” or “paper white.” 


Graphs showing the emission of wavelengths at 
various color temperatures are shown _ in 
Figure 18-3. The rainbow section indicates the 
approximate range of visible wavelengths be- 
tween ultraviolet, on the left, and infrared, on the 
right. For purposes of clarity, the peak intensity 
for each color temperature has been equalized. 
In reality, increasing the temperature also increa- 
ses the light output. 


Tabieclace| 
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Figure 18-3. Approximate peak wavelengths for black- 
body radiation at various color temperatures in degrees 
Kelvin. The curves have been adjusted so that their peak 
values are equalized. Adapted from an illustration in the 
reference book Light Emitting Diodes by E. Fred Schubert. 
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Non-Incandescent Sources 

So long as light is generated by heating a fila- 
ment, plotting the intensity against wavelength 
will result in a smooth curve without irregulari- 
ties. A higher Kelvin value will simply displace 
and compress the curve laterally without chang- 
ing its basic shape to a significant degree. 


The introduction of fluorescent sources and, 
subsequently, light-emitting diodes (LEDs) has 
complicated this scenario. Because they are /u- 
minescent rather than incandescent, they do not 
generate an evenly weighted, continuous range 
of wavelengths. 


LEDs tend to emit monochromatic light, mean- 
ing that it is tightly centered around just one col- 
or. A “white” LED is really a blue LED in which a 
phosphor coating on the semiconductor die is 
excited to create light over a broader range. A 
fluorescent light tends to create spectral lines 
which show up as sharp peaks at a few wave- 
lengths determined by the mercury inside the 
bulb. Figure 18-4 illustrates these problems. 


The human eye tends to compensate for the yel- 
low emphasis of incandescent lamps and for the 
irregularities in spectra emitted by other light 
sources. Also, the eye is often unable to distin- 
guish between “white” light created as a mix of 
all the visible wavelengths, and light that ap- 
pears white even though it is dominated by a few 
isolated wavelengths from a fluorescent source. 


However, when the eye views colors that are il- 
luminated by a source that has gaps in its spec- 
trum, some of the colors will appear unnaturally 
dullor dark. Thisis true also ifan imperfect source 
is used as a backlight to create colors on a video 
monitor. Colors rendered by different light sour- 
ces are shown in Figure 23-7 and subsequent fig- 
ures. 
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Figure 18-4. The relative performance of three light sour- 
ces compared with sensitivity of the human eye to the 
visible spectrum. Note that the range of wavelengths on 
the horizontal scale in this figure is not the same as the 
range in the previous figure. The color assigned to each 
curve is arbitrary. Adapted from VU1 Corporation. 


Photography is adversely affected by the use of 
LEDs or fluorescents as a light source. Reds, for 
example, can seem dark when lit by white LEDs, 
while blues can be inappropriately intense. Be- 
cause the source does not have an emission 
curve comparable to that of an incandescent 
light, the auto-white balance feature of a digital 
camera may be unable to address this problem, 
and it cannot be resolved by entering a different 
Kelvin number manually. 


The fidelity with which a light source is capable 
of displaying the full visible spectrum is known 
as the color rendering index (CRI), ranging from a 
perfect score of 100 down to O or even lower 
(sodium-vapor street lighting has a negative val- 
ue). Computing the index requires standard ref- 
erence color samples and has been criticized for 
generating scores that do not correlate well with 
subjective assessments. 


Incandescent bulbs can have a CRI of 100, while 
an uncorrected “white” LED may score as low as 
80. 
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Power Consumption 

Approximately 95% of the power consumed by 
an incandescent lamp generates heat instead of 
visible light. This wastage of power in room light- 
ing is compounded by the power consumption 
of air conditioning to remove the heat from en- 
closed spaces in hot climates. While the heat 
from incandescent lamps does reduce the need 
for space heating in cold environments, heat is 
delivered more efficiently by using systems de- 
signed for that purpose. Consequently, greater 
energy efficiency can be achieved with a light 
source that generates less heat, regardless of 
ambient air temperature. 


Variants 





Miniature Lamps 

Prior to the development of LEDs, all light- 
emitting panel-mounted indicators were either 
neon bulbs or incandescent lamps. The use of 
neon is limited by its need for a relatively high 
voltage. 


Miniature incandescents were the traditional 
choice for battery-powered light sources, and at 
the time of writing are still used in cheap flash- 
lights. Variants are available that are as small as a 
5mm LED, with a claimed life expectancy that is 
comparable, although they draw more current to 
generate an equivalent light intensity, because 
much of their power is wasted in infrared wave- 
lengths. 


The photograph in Figure 18-5 is of a miniature 
lamp terminating in pins spaced 0.05” apart. The 
total height of the lamp, including its ceramic 
base, is less than 0.4,” while its diameter is just 
over 0.1” It draws 60mA at 5V and is rated for 
25,000 hours. 


The photograph in Figure 18-6 is of a lamp of 
similar size and power consumption, but termi- 
nating in wire leads and rated for 100,000 hours. 
It emits 0.63 lumens. 


Variants 





Figure 18-5. A miniature lamp less than 0.4" high, termi- 
nating in pins spaced 0.05" apart. 





Figure 18-6. This lamp is 0.25" high and terminates in 
wire leads. 
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Variants 


The lamp pictured in Figure 18-7 is slightly larger, 
with a glass envelope about 0.25” diameter. It is 
rated for less than half the lifetime of the lamp in 
Figure 18-6 but emits three times as much light 
—a typical tradeoff. Various base styles are avail- 
able. 





Figure 18-7. This lamp has a glass envelope about 0.35" 
high. Its screw-in base makes it easier to replace than an 
LED. 


In the United States, the light output from mini- 
ature incandescent lamps may be measured in 
lumens, but is more often rated in mean spherical 
candlepower (MSCP). An explanation of light 
measurementis includedin “MSCP” on page 178. 


Lamp lenses provide a quick and simple way to 
add color toa miniature incandescent lamp. Usu- 
ally the lens is cylindrical with a hemispherical 
end cap, and is designed to push-fit or snap-fit 
over a small lamp. Even when the cap is translu- 
cent, it may still be referred to as a lens. 


Panel-Mount Indicator Lamps 


This term often refers to a tubular assembly con- 
taining a miniature lamp, ready for installation. 


The enclosure is often designed to snap-fit into 
a hole drilled in the panel. If the incandescent 
bulb inside the enclosure cannot be replaced, 
the component is said to be “non-relampable’’ 
Figure 18-8 shows a 12-volt panel-mount indica- 
tor lamp. 


light source, indicator, or display > single source > incandescent lamp 





Figure 18-8. This panel-mount indicator lamp is designed 
to push-fit into a hole 1/2” in diameter. The bulb inside it 
is not replacable, causing the assembly to be classified as 
“non-relampable.” 


Halogen or Quartz-Halogen 

This is a type of incandescent lamp containing 
gases under pressure in which halogens such as 
iodine or bromine cause evaporated tungsten 
atoms to be redeposited on the filament. A hal- 
ogen lamp can therefore operate at a higher 
temperature, creating a light that is less yellow 
and brighter than that from a comparable incan- 
descent lamp. It also enables a smaller bulb, but 
requires an envelope of borosilicate-halide glass 
(often termed fused quartz) instead of regular 
glass. A halogen lamp will be slightly more effi- 
cient than an incandescent bulb of the same 
wattage, and will last longer. 


Halogens are available ina variety of formats. The 
small bulb pictured in Figure 18-9 consumes 
75W, emitting 1,500 lumens at 3,000 degrees 
Kelvin. The light intensity is claimed to be equiv- 
alent to that of a 100W incandescent bulb. It has 
a mini-candelabra base. 


Oven Lamps 

Oven lamps are designed to withstand the high 
temperature in an oven. Typically they are usable 
with ambient temperatures up to 300 degrees C. 
A common power rating is 15W. 





176 Encyclopedia of Electronic Components Volume 2 


light source, indicator, or display > single source > incandescent lamp 


Figure 18-9. A halogen bulb slightly more than 2” in 
length, designed for 115VAC. 


Base Variants 

Miniature lamps are available with a wide variety 
of connection options, including wire terminals, 
single-contact bayonet, double-contact bayo- 
net, miniature screw base, and fuse style. Most of 
these options require a matching socket. 


Screw-in lamps for room illumination are com- 
mon in household lighting in the United States 
and many other countries (but not in the UK, 
where bayonet fittings are used). The US socket 
size is designated by letter E followed by a num- 
ber that gives the socket diameter in millimeters. 
Common sizes are E10, E14 and E27. 


A bayonet base is fitted with two small lugs pro- 
truding on opposite sides. The lamp is secured 
by pushing itin and twisting it to engage the lugs 
in slots in the socket. The advantage of a bayonet 





Values 


base is that the bulb is less likely to become loose 
as a result of vibration. 


A pin base consists simply of a pair of pins that 
will push-fit into small holes in a socket. 


A flange base has a flange that engages in a sock- 
et where flexible segments will retain it. 


A wedge base is forced between two contacts 
which retain the bulb by friction. 


Some indicator lamps terminate simply in long, 
thin leads that can be soldered. 


Values 





While the power consumption of full-size incan- 
descent lamps is rated in watts, small indicator 
lamps are rated in milliamps at the voltage for 
which they are designed. Miniature lamps may 
require specific voltages ranging from as low as 
2V to 24V. A higher voltage generally necessi- 
tates a longer filament, which may entail a larger 
bulb. 


The light that a lamp will emit can be measured 
in two ways: either as the power of the lamp (not 
its power consumption, but its radiating power), 
or as the light delivered to a specific area at a 
specific distance. These two measurements may 
differ because a lamp may concentrate its light 
in a beam, as in the case of a reflector bulb or an 
LED. 


Power 

Flux, in watts, isa measurement of energy flow in 
joules per second. The total radiating power of a 
lamp, in all wavelengths, in all directions, is 
known as its radiant flux. Because invisible wave- 
lengths are of little interest when assessing the 
brightness of a lamp, the term /uminous flux is 
used to describe the apparent brightness of the 
lamp in the visible spectrum. The unit for lumi- 
nous flux is the /umen. 


The human eye is most responsive to yellow- 
green hues in the center of the spectrum. Con- 
sequently, the measurement of luminous flux is 
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weighted toward green at a wavelength of 555 
nanometers. Red and violet are considered to 
have low luminous flux, while infrared and ultra- 
violet have a zero value. 


When considering a value expressed in lumens, 
remember: 


e Lumens are a measure of the total radiated 
power output of a light source, in all direc- 
tions, in the visible spectrum only, weighted 
toward the characteristics of the human eye. 


e Thenumber of lumens of a light source does 
not define the direction in which the light is 
shining, or its uniformity. 


e The abbreviation for lumen is /m. 


A conventional incandescent lamp that con- 
sumes 100W of electricity is likely to have a light 
output of about 1,500 lumens. A 40W fluorescent 
tube can have a light output of about 2,600 
lumens. 


IIluminance 


The i//uminance of a light source is defined as the 
luminous flux per unit of area. This can be 
thought of as the brightness of a surface illumi- 
nated by the source. 


IIluminance is measured in /ux, where 1 lux = 1 
lumen per square meter. For accurate calibration, 
the illuminated surface should be spherical in 
shape, and must be located 1 meter from the 
light source, with the source at the geometrical 
center of the sphere. 


lIluminance used to be measured in foot- 
candles, where 1 foot-candle was 1 lumen per 
square foot. 


e Thenumber of lumens per square meter (lux) 
does not define the size of the illuminated 
area, only the brightness per unit of area. 


e A lamp that has a tightly focused beam can 
achieve a high lux rating. When selecting a 
lamp for an application, the angle of disper- 
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sion of the beam must be considered in con- 
junction with its lux rating. 


Intensity 

A candela measures the luminous flux within an 
angle of dispersion. The angle is three- 
dimensional, and can be imagined as the sharp- 
ness of a point of a cone, where the light source 
is at the point and the cone represents the dis- 
persion of light. 


The three-dimensional angle of dispersion is 
measured in steradians. If a light source is at the 
center of a sphere that has a radius of 1 meter, 
and is illuminating one square meter of the sur- 
face of the sphere, the angle of dispersion is 1 
steradian. 


e A source of 1 lumen which projects all its 
light through a dispersion angle of 1 stera- 
dian is rated at 1 candela. 


e The number of candelas does not define the 
angle of dispersion, only the intensity within 
that angle. 


e Alight source rated for 1,000 candelas could 
have a power of 10 lumens concentrated 
within an angle of 0.01 steradians, or could 
have a power of only 1 lumen concentrated 
within an angle of 0.001 steradians. 


e There are 1,000 millicandelas in 1 candela. 
The abbreviation for candela is cd while the 
abbreviation for a millicandela is mcd. 


e LEDs are often rated in mcd. The number de- 
scribes the intensity of light within its angle 
of dispersion. 


MSCP 


Although the term candlepoweris obsolete, it has 
been redefined as being equal to 1 candela. 
Mean spherical candlepower (MSCP) is a meas- 
urement of all the light emitted from a lamp in 
all directions. Because the light is assumed to be 
omnidirectional, it fills 4 * m (about 12.57) stera- 
dians. Therefore 1 MSCP = approximately 12.57 
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lumens. In the United States, MSCP is still the 
most common method of rating the total light 
output of a miniature lamp. 


Efficacy 

The radiant luminous efficacy (abbreviated LER) 
assesses how effective a lamp is at channeling its 
output within the visible spectrum, instead of 
wasting it in other wavelengths, especially infra- 
red. LERis calculated by dividing the power emit- 
ted in the visible spectrum (the /uminous flux) by 
the power emitted over all wavelengths. 


Thus, if VP is the power emitted in the visible 
spectrum, and AP is the power emitted in all 
wavelengths: 


LER = VP / AP 


LER is expressed in /umens per watt. It can range 
from a low value of around 12 Im/W for a 40W 
incandescent bulb to 24 Im/W for a quartz halo- 
gen lamp. Fluorescent lamps may average 50 Im/ 
W. LEDs vary, but can achieve 100 Im/W. 


Efficiency 

The radiant luminous efficiency (abbreviated LFR) 
of a lamp measures how good its radiant lumi- 
nous efficacy is, compared with an imaginary 
ideal lamp. (Note the difference between the 
words “efficiency” and “efficacy.") LFR is deter- 
mined by dividing the radiant luminous efficacy 
(LER) by the maximum theoretical LER value of 
683 Im/W, and multiplying by 100 to express the 
result as a percentage. Thus: 


LFR = 100 * ( LER / 683 ) 


The LFR ranges from around 2% for a 40W bulb 
to 3.5% for a quartz halogen lamp. LEDs may be 
around 15% while fluorescents are closer to 10%. 


How to Use It 


When first introduced, LEDs were limited by their 
higher price, lower maximum light output, and 
inability to display blue or white. The price dif- 
ference has disappeared for small indicators, 
while gaps in the color range have been filled 
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(although the color rendering index of LEDs is 
still inferior). 


Brightness remains an advantage for large in- 
candescents relative to LEDs, as they are more 
upwardly scalable. However, fluorescents and 
vapor lamps have an advantage for very high 
light output, as in the lighting of big-box stores 
or parking lots. Thus the range of applications for 
incandescent bulbs is diminishing, especially be- 
cause common types are now illegal for domes- 
tic light fixtures in many parts of the world. 


Relative Advantages 

When choosing whether to use an incandescent 
lamp or an LED, these advantages of an incan- 
descent lamp should be considered: 


e The intensity can be adjusted with a triac- 
based dimmer. Regular fluorescents cannot 
be dimmed, while LEDs often require differ- 
ent dimmer circuitry. 


The intensity can also be adjusted with a 
rheostat. The output from fluorescents can- 
not. 


Easy white-balance correction. LEDs and flu- 
orescents do not naturally produce a consis- 
tent output over the visible spectrum. 


Can be designed to operate directly from a 
wide range of voltages (down to around 2V 
and up to around 300V). A higher voltage 
entails a longer filament wire, which may re- 
quire a larger bulb. LEDs require additional 
components and circuitry to use higher 
voltages. 


Incandescent bulbs are more tolerant of volt- 
age fluctuations than LEDs. With battery op- 
eration, the incandescent will still provide 
some reduced light output when the voltage 
has diminished radically. LEDs will not per- 
form at all at currents lower than their 
threshold. 


Anincandescent is nonpolarized and may be 
socketed, which simplifies user replacement. 
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What Can Go Wrong 


LEDs are polarized and are usually soldered 
in. 


Can be powered by AC or DC without any 
modification or additional circuitry. LEDs re- 
quire DC, which must be provided through 
a transformer and rectifier, or similar elec- 
tronics, if AC power is the primary source. 


Can be equally visible from a wide range of 
viewing angles. LEDs have restricted viewing 
angles. 


The heat output from an incandescent bulb 
may occasionally be useful (for example ina 
terrarium, or in incubators for poultry). 


Trouble-free switching. Fluorescents tend to 
hesitate and blink when power is applied, 
and they require a ballast to energize them. 
The lifespan of fluorescents is reduced by 
frequent switching. 


No low-temperature problems. Incandes- 
cent lamps are not significantly affected by 
low temperatures. Fluorescents may not 
start easily in a cold environment, and may 
flicker or glow dimly for 10 minutes (or more) 
until they are warm enough to function 
properly. 

Easy disposal. Fluorescent lights contain 
small quantities of mercury that are an envi- 
ronmental hazard. They should not be mixed 
with ordinary trash. Compact fluorescent 
lamps (CFLs) and LEDs used for room lighting 
will be packaged with electronics that 
should ideally be recycled, although this is 
not very practical. Incandescent bulbs im- 
pose the least burden on the environment 
when they are thrown away. 


However, the incandescent lamp has some ob- 
vious disadvantages: 


Relatively inefficient. 


More susceptible to vibration. 


More fragile. 


Likely to have a shorter natural life expect- 
ancy than LEDs, fluorescents, or neon bulbs, 
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although the lifetime of a small panel indi- 
cator can be equal to that of an LED if a low 
color temperature is acceptable. 


Requires a filter or tinted glass envelope to 
generate colored light. This further reduces 
the lamp’s efficiency. 


Cannot be miniaturized to the same degree 
as an LED indicator. 


Derating 

The lifespan of a lamp can be greatly extended 
by choosing one with a higher current rating or 
using it at a lower voltage. The light output will 
be reduced, and the color temperature will be at 
a lower Kelvin number, but in some situations 
this tradeoff may be acceptable. 


The graphs in Figure 18-10 suggest that if the 
voltage of a hypothetical miniature lamp is re- 
duced to 80% of the manufacturer's recom- 
mended value, this can make the lamp last 20 
times as long. Note, however, that this will cut the 
light intensity to 50% of its normal value. 


Conversely, using 130% normal voltage will give 
250% of the normal light output, while shorten- 
ing the life of the lamp to 1/20 of its normal value. 
Naturally these figures are approximations that 
may not apply precisely to a specific lamp. 


What Can Go Wrong 





High Temperature Environment 


If an incandescent lamp is used in an environ- 
ment hotter than 100 degrees Celsius, the life of 
the lamp is likely to be reduced by the “water 
cycle.” Any water molecules inside the glass en- 
velope will break down, allowing oxygen to com- 
bine with the tungsten filament to form tungsten 
oxide. The tungsten is deposited on the inside of 
the glass while the oxygen is liberated and be- 
gins anew cycle. 
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Figure 18-10. The life expectancy of a hypothetical minia- 
ture lamp is very strongly influenced by voltage. Applying 
only 60% of the rated voltage can make a lamp last 500 
times its normal lifespan, although it will greatly reduce 
light output. Note that the vertical axes apply to curves of 
the same color. Adapted from “Characteristics of Minia- 
ture Lamps” from Toshiba Lighting and Technology Cor- 
poration. 


Fire Risk 

The partially evacuated bulb of an incandescent 
lamp provides some separation and protection 
from the heat in the filament, but if the bulb can- 
not disperse heat by radiation or convection, its 
temperature can rise to the point where it ignites 
flammable materials. 


Halogen lamps have an elevated fire risk because 
they operate at a higher temperature and are 
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smaller, providing less surface area to disperse 
the heat. They also contain gases under seven to 
eight atmospheres of pressure. Thermal stress 
can cause a halogen bulb to shatter, and finger- 
prints on the glass can increase this risk. 


Current Inrush 


When an incandescent lamp is first switched on, 
its filament has one-tenth the resistance that it 
will exhibit when it becomes hot. Consequently, 
the lamp will take a large initial surge of current, 
which stabilizes after about 50 milliseconds. This 
should be considered if one or more small lamps 
shares a DC power supply with components such 
as logic chips that may be sensitive to voltage 
fluctuations. 


Replacement Problems 


Because of the limited life of incandescent lamps, 
they should be installed in such a way that they 
are easy to replace. This can be an issue with 
panel indicators, where disassembly of a device 
may be necessary to reach the lamp. 


The range of small incandescent lamps is dimin- 
ishing, and may continue to diminish in the fu- 
ture. Future availability of replacement lamps 
should be considered when designing a circuit. 
When building equipment in small quantities, 
spare lamps should be purchased for future use. 
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The terms neon bulb, neon indicator, and neon lamp tend to be used interchangeably. 
In this encyclopedia, a neon bulb is defined as a glass capsule containing two electrodes 
in neon gas (or a combination of gases in which neon is present). A neon /amp is an 
assembly containing a neon bulb, usually using a plastic tube with a tinted transparent 
cap at one end. A neon indicator is a miniature neon lamp that is usually panel-mounted. 


Large-scale neon tubes used in signage are not included in this encyclopedia. 


OTHER RELATED COMPONENTS 


¢ incandescent lamp (see Chapter 18) 
¢ fluorescent light (see Chapter 20) 
¢ LED indicator (See Chapter 22) 


What It Does 


When voltage is applied between two electrodes 
inside a neon bulb, the inert gas inside the bulb 
emits a soft red or orange glow. This color may 
be modified by using a tinted transparent plastic 
cap, known as a /ens, ina neon lamp assembly. 





Aneon bulb is usually designed for a power sup- 
ply of 110V or higher. It functions equally well 
with alternating or direct current. 


The schematic symbols in Figure 19-1 are com- 
monly used to represent either a neon bulb or a 
neon lamp. Theyare all functionally identical. The 
black dot that appears inside two of the symbols 
indicates that the component is gas filled. The 
position of the dot inside the circle is arbitrary. 
Even though all neon bulbs are gas filled, the dot 
is often omitted. 


2 OO 


Figure 19-1. Any of these symbols may represent a neon 
bulb or a neon lamp. The dot in two of the symbols indi- 
cates that the component is gas filled. All neon bulbs are 
gas filled, but the dot is often omitted. 


The photograph in Figure 19-2 shows a neon 
bulb with a series resistor preattached to one 
lead. Many bulbs are sold in this configuration, 
because a resistor must be used to limit current 
through the bulb. The bulb has no polarity and 
can be used on an AC or DC power supply. The 
same bulb is shown in its energized state in 
Figure 19-3. 
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Figure 19-2. A typical neon bulb with series resistor at- 
tached to one lead. 


How It Works 





Construction 


The parts of a neon bulb are illustrated in 
Figure 19-4.When the bulbis fabricated, it begins 
as a glass tube. The leads are made of dumet, 
consisting of a copper sheath around a nickel 
iron core. This has the same coefficient of expan- 
sion as glass, so that when the glass is heated and 
melted around the leads, it forms a seal that 
should be unaffected by subsequent tempera- 
ture fluctuations. This area is known as the pinch 
in the tube. 


Nickel electrodes are welded onto the leads be- 
fore the leads are inserted into the tube. The 
electrodes have an emissive coating that reduces 
the minimum operating voltage. The glass tube 
is filled with a combination of neon and argon 
gases, or pure neon for higher light output 
(which reduces the life of the component). The 
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top end of the glass tube is heated until it melts, 
and is pinched off. This creates a distinctive pro- 
trusion known as the pip. 





Figure 19-3. The same bulb from the previous photo- 
graph, energized with 115VAC. 


lonization 

When a voltage is applied between the leads to 
the bulb, the gas becomes ionized, and electrons 
and ions are accelerated by the electric field. 
When they hit other atoms, these are ionized as 
well, maintaining the ionization level. Atoms are 
excited by collisions, moving their electrons to 
higher energy levels. When an electron returns 
froma higher level to a ground state, a photon is 
emitted. 


This process begins at the starting voltage (also 
known as the striking voltage, the ignition volt- 
age, or the breakdown voltage) usually between 
45V and 65V for standard types of bulb, or be- 
tween 70V and 95V for high-brightness types. 
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When the bulb is operating, it emits a soft radi- 
ance known as a glow discharge with a wave- 
length ranging from 600 to 700 nanometers. 


Inert 
gas 
Nickel 
electrodes 
with 
emissive 
coating 
Pinch 
Glass 
envelope 
Dumet 
leads 


Figure 19-4. The parts of a neon bulb. See text for details. 


The ionization of the gas allows current to flow 
through it. This will continue even if the power 
supply is reduced by 10 to 20 volts to a level 
known as the maintaining voltage. 


Negative Resistance 

When the glow discharge persists below the 
starting voltage, this is a form of hysteresis, mean- 
ing that the neon bulb tends to “stick” in its on 
state. It remains on while its power supply de- 
creases to the maintaining voltage, but once it 
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switches off, it will “stick” in its off state until the 
power supply increases again above the main- 
taining voltage to the starting voltage. The con- 
cept of hysteresis is discussed in the entry on 
comparators. See Figure 6-2. 


Aneon bulb is said to have negative resistance. lf 
the current is allowed to increase without re- 
straint, the resistance eventually decreases while 
the current increases further. If this runaway be- 
havior is not controlled, the bulb will destroy it- 
self. 


This behavior is characteristic of gas-discharge 
tubes generally. A graph showing this appears in 
Figure 19-5. Note that both scales are logarith- 
mic. Also note that the curve shows how current 
will be measured in response to voltage. If the 
voltage is reduced after it has increased, the tran- 
sitional events shown by the graph will not recur 
in reverse order. This is especially true if arcing is 
allowed to begin, as it will almost certainly de- 
stroy the component. 
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Figure 19-5. A gas discharge tube, such as a neon bulb, is 
said to have a negative resistance, as current passing 
through it tends to increase uncontrollably after the gas is 
ionized and becomes conductive. (Derived from measure- 
ments made by David Knight, on a web page named after 
his radio ham call sign, G3YNH.) 


A neon bulb can be controlled very simply with 
aseries resistor that maintains it in gas-discharge 
mode. To understand the operation of the resis- 
tor, consider the combination of the lamp and 
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the resistor as a voltage divider, as shown in 
Figure 19-6. Before the lamp begins to pass cur- 
rent, it has an almost infinite resistance. There- 
fore, the voltage on both sides of the resistor will 
be approximately equal, the bulb passes almost 
no current, and it remains dark. 


oa 
60V | 


20K 


Neon bulb passes almost 
no current and is not glowing 


a 
110V 


20K 


Series resistor limits current 
through the neon bulb 


Figure 19-6. A series resistor is essential to limit the cur- 
rent through a neon bulb. 


After the lamp begins to pass current, the re- 
quirement nowis for the series resistor to reduce 
the voltage from the supply level (probably 
around 110V) to the maintaining level (probably 
around 90V). This means that the desired voltage 
drop is 20V, and if the manufacturer’s specifica- 
tion tells us that the lamp should pass 1mA (i.e., 
0.001 amps), R, the value of the series resistor, is 
given by Ohm's Law: 


R = 20 / 0.001 


Thus, the value for R is 20K. In fact, the value of a 
resistor supplied with a neon bulb may range 
from 10K to 220K, depending on the character- 
istics of the bulb and the supply voltage that will 
be used. 


Now if the bulb’s effective internal resistance falls 
radically, the resistor still limits the currrent. Ina 
hypothetical worst-case scenario, if the bulb’s re- 
sistance drops all the way to zero, the resistor 
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must now impose the full voltage drop of 110V, 
and the current, |, will be found by Ohm's law: 


I = 110 / 20,000 
That is, about 5mA, or 0.005A. 


Neon tubes used in signage require a more so- 
phisticated voltage control circuit which is not 
included in this encyclopedia. 


How to Use It 


The use of a neon bulb for an indicator lamp is 
primarily limited to situations where domestic 
supply voltage (115VAC or 220VAC) is readily 
available. “Power on” lights are the obvious ap- 
plication, especially as neon indicators can ac- 
cept AC. The switch shown in Figure 19-7 is illu- 
minated by an internal neon bulb. The rectan- 
gular indicator in Figure 19-8 is designed to run 
on domestic supply voltage, and its internal bulb 
and resistor can be clearly seen through the 
green plastic. The assembly in Figure 19-9 is 
about 0.5” in diameter, which is the lower limit 
for neon indicators. 








Figure 19-7. This power switch is illuminated by an inter- 
nal neon bulb. 
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Figure 19-8. The neon bulb and its series resistor are visi- 
ble inside this indicator. 





Figure 19-9. A relatively small neon indicator lamp, de- 
signed for insertion in a hole 0.5" diameter. 


Limited Light Output 

Neon bulbs have a light output of around 0.06 
lumens per milliamp of consumed power (stan- 
dard brightness type) or 0.15 lumens per milli- 
amp of consumed power (high brightness type). 


Comparing this value with the intensity of LED 
indicators is difficult. Their light output is cus- 
tomarily measured in millicandelas (mcd), be- 
cause LED indicators almost always include a lens 
that focuses the light, and the candela is a meas- 
urement of luminous flux within an angle of dis- 
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persion. Moreover, because the intensity of neon 
indicators is not of great interest in most applli- 
cations, datasheets usually do not supply an in- 
tensity value. 


One way around the problem of comparisons is 
to use the standard of radiant luminous efficacy 
(LER), which is defined in the entry on incandes- 
cent lamps (see “Efficacy” on page 179). A 
standard-brightness neon bulb has an LER of 
about 50 lumens per emitted watt of luminous 
flux. A light-emitting diode may reach an LER of 
100 Im/W. However, a neon bulb operates typi- 
cally around 1mA while an LED indicator may use 
20mA. Therefore, a typical LED indicator may ap- 
pear to be 30 to 50 times brighter than a typical 
neon bulb. 


Consequently, neon may be an inferior choice in 
a location where there is a high level of ambient 
light. Direct sunlight may render the glow of a 
neon indicator completely invisible. 


Efficiency 

Because a neon bulb does not use a lot of power 
and generates negligible heat, it is a good choice 
where current consumption is a consideration 
(for example, if an indicator is likely to be on for 
long periods). The durability and low wattage of 
neon bulbs, and their convenient compatibility 
with domestic power-supply voltage, made 
them a favorite for night-lights and novelty 
lamps in the past. Figure 19-10 shows an antique 
bulb containing an ornamental electrode, while 
Figure 19-11 is a piece of folk art, approximately 
1” in diameter, mounted on a plug-in plastic cap- 
sule containing a neon bulb. 


Ruggedness 

Neon bulbs are a good choice in difficult envi- 
ronments, as they are not affected by vibration, 
sudden mechanical shock, voltage transients, or 
frequent power cycling. Their operating temper- 
ature range is typically from -40 to +150 degrees 
Celsius, although temperatures above 100 de- 
grees will reduce the life of the lamp. 
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How to Use It 





Figure 19-10. In bygone decades, ornamental neon bulbs 
with specially shaped electrodes were popular. 





Figure 19-11. Neon folk art survives in this hand-painted 
night-light sold in a Florida tourist shop. 


Power-Supply Testing 


When driven by DC current, only the negative 
electrode (the cathode) of a neon bulb will glow. 
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When AC current passes through the bulb, both 
terminals will glow. 


If a bulb (with series resistor) is placed between 
the “hot” side of adomestic AC power supply and 
ground, the bulb will glow. If it is placed between 
the neutral side of the supply and ground, it will 
not glow. 


These features enable a neon bulb to be used for 
simple power-supply testing. 


Life Expectancy 

The metal of the electrodes gradually vaporizes 
during everyday use of a neon bulb. This is 
known as sputtering and can be observed as the 
glass capsule becomes darkened by deposition 
of vaporized metal. The electrodes will have a 
more limited life in a lamp used with DC voltage, 
where sputtering affects only the cathode. Using 
AC, the electrodes take turns functioning as the 
cathode, and vaporization is distributed be- 
tween both of them. 


Failure of a neon lamp can occur as sputtering 
erodes the electrodes to the point where the 
maintaining voltage will increase until it almost 
reaches the level of the power supply. At this 
point, the bulb will flicker erratically. 


Failure canalso be defined as a gradual reduction 
in brightness to 50% of rated light output, caused 
by accumulated deposition in the glass capsule. 
Because deposition occurs more heavily on the 
sides of the bulb, alonger apparentlifeis possible 
if the bulb is mounted so that it is viewed from 
the end. 


Typically, neon bulbs are rated for 15,000 to 
25,000 hours (two to three years of constant op- 
eration). However, the life can be greatly in- 
creased by a slight reduction in voltage, which 
may be achieved by substituting a series resistor 
with a slightly higher value. 


The relationship between operating life and re- 
sistor value is shown below. If LA is the normal 
operating life, LB is the extended operating life, 
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RA is the normal resistor value, and RB is a higher 
resistor value: 


LB = LA * ( RB / RA ) 33 


For example, if a normal resistor value is 20K, and 
it is increased to 22K, the life of the lamp should 
increase by a factor of slightly more than 1.4. 


Variants 





A typical neon bulb terminates in leads, and a 
lamp assembly often has solder tabs, although it 
may have a base with a screw thread, flange, or 
bayonet pins for insertion into a compatible 
socket. A lamp assembly that does not usea base 
will either snap-fit into a hole of appropriate size 
and shape, or may be retained with a nut that 
engages with a plastic thread on the cylinder of 
the lamp. 


Some neon bulbs or lamp assemblies terminate 
in pins for direct insertion into a printed circuit 
board. 


Almost all neon bulbs operate either in the 100V 
to 120V range or in the 220V to 240V range. 


Light intensity is expressed either as “standard” 
or “extra-bright,’ although datasheets usually do 
not define those terms. 


Nixie Tubes 


Nixie tubes, first marketed in 1955, were used to 
display numerals from 0 through 9 in the days 
before LEDs took over this capability. They are no 
longer being manufactured. 


Each numeral was physically formed from metal 
and functioned as an electrode inside a tube fil- 
led with a neon-based gas mixture. The typo- 
graphical elegance of the digits and their aes- 
thetically pleasing glow made Nixies enduringly 
popular. With a long lifespan, vintage tubes are 
still usable and can be purchased cheaply from 
sources such as eBay. Many originate in Russia, 
where Nixie-type displays were manufactured 
into the 1980s. The Russian tubes can be identi- 


Variants 


fied by their use of a numeral 5 that is a numeral 
2 turned upside-down. 


Nixie tubes typically require 170VDC. This creates 
a challenge for a power supply and switching, 
and can be a safety hazard. 


Figure 19-12 shows six Nixie-type tubes repur- 
posed for use as a 24-hour digital clock. 





Figure 19-12. A 24-hour clock using Nixie-type tubes. 
Source: Wikipedia, public domain. 


What Can Go Wrong 





False Indication 


Because a neon bulb requires so little power, it 
may be energized by induced voltages from else- 
where in a circuit, especially if inductive compo- 
nents such as transformers are used. To prevent 
this, a high-value resistor can be placed in parallel 
with the bulb, in addition to the series resistor 
that must always be used. 


Failure in a Dark Environment 


Because a neon bulb requires a minimal amount 
of light to initiate its own photon emissions, it 
may take time to start glowing in a very dim en- 
vironment, and may not light at all in total dark- 
ness. A few bulbs include a small amount of ra- 
dioactive material that enables them to self-start 
in complete absence of ambient light. 
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Premature Failure with DC 

The life expectancy quoted in datasheets for ne- 
on bulbs usually assumes that they are powered 
by AC. Because DC results in faster vaporization 
of the electrodes, the expected lifetime should 
be reduced by 50% if DC power will be used. 


Premature Failure through Voltage 
Fluctuations 


Because the deterioration of a neon bulb accel- 
erates rapidly with current, a sustained voltage 
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that passes slightly more current can radically 
reduce the expected lifespan. 


Replacement 
Replacement can be an issue with panel indica- 
tors, where disassembly of a device may be nec- 
essary to reach the bulb. Bear in mind, however, 
that an easily removable bulb becomes vulnera- 
ble to tampering. 
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This entry deals primarily with fluorescent tubes (infrequently but sometimes described 
as fluorescent lamps), and compact fluorescent lamps (CFLs) that are marketed as a sub- 
stitute for incandescent lamps. Co/d-cathode fluorescent lamps (CCFLs) are also men- 
tioned. 


Vacuum fluorescent devices have a separate entry in this encyclopedia. A fluorescent 
tube or CFL does not contain a vacuum. 


Although the diode(s) in a white LED area lighting unit are coated with a layer of flu- 
orescent phosphors, they are not categorized here as fluorescent lights, and have their 
own entry. 


A neon bulb resembles a fluorescent light in that it is a gas-discharge device, but the 
interior of its glass envelope is usually not coated with fluorescent phosphors, and there- 


= 


fore it has its own entry. 
OTHER RELATED COMPONENTS 


¢ incandescent lamp (see Chapter 18) 

¢ LED area lighting (See Chapter 23) 

» vacuum fluorescent clevices (See Chapter 25) 
¢ neon bulb (see Chapter 19) 


What It Does 


How It Works 





Fluorescent tubes or compact fluorescent lamps 
(CFLs) are primarily used for area lighting. A par- 
tially disassembled CFL appears in Figure 20-1, 
showing the control electronics that are normal- 
ly hidden inside the base. 


There is no standardized schematic symbol to 
represent a fluorescent light. Figure 20-2 shows 
three commonly used symbols for a fluorescent 
tube on the left, and three symbols for a CFL on 
the right. Note that two of the symbols for a CFL 
are the same as those for an incandescent 
lamp, shown in Figure 18-1. 


Luminescence is the emission of light as a result 
of a process that does not require heat. (The op- 
posite phenomenon is incandescence, in which 
heating causes an object to emit light; see Chap- 
ter 18 for a description of incandescent lamps.) 


Fluorescence is a form of luminescence. It occurs 
when electrons in a material are energized and 
then make a transition back to ground level, at 
which point they radiate their energy as visible 
light. The incoming energy can consist of other 
light at a higher frequency. Some creatures, in- 
cluding species of arachnids and fish, will fluo- 
resce when they are lit with ultraviolet light. 
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Figure 20-1. A compact fluorescent lamp with its base 
cut away to reveal the control electronics. 


Figure 20-2. Schematic symbols to represent fluorescent 
tubes and bulbs are not standardized. See text for details. 


A fluorescent tube or lamp contains a very small 
amount of mercury vapor that can be stimulated 
to emit ultraviolet light. This encounters a thin 
layer of phosphors coating the inner surface of 
the glass enclosure. The light causes the phos- 
phors to fluoresce, emitting a diffuse radiance in 
the visible spectrum. 


The tube or lamp also contains one or more inert 
gases such as argon, xenon, neon, or krypton at 
about 0.3% of normal atmospheric pressure. Two 
electrodes inside the glass enclosure are made 
primarily from tungsten, which can be preheated 
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toinitiate ionization of the gas. Confusingly, both 
electrodes are often referred to as cathodes. 


The function of the gas is not to emit light, but to 
conduct electric current, so that free electrons 
may encounter mercury atoms, raising their elec- 
trons briefly to a higher energy level. When one 
of these electrons reverts from its unstable ener- 
gized state to its previous energy level, it emits a 
photon at an ultraviolet wavelength. 


Figure 20-3 provides a diagram showing the in- 
terior of a fluorescent tube. 


Tungsten 
electrode 


Mercury 
vapor and 
inert 

gas 





, Interior 
y phosphor 
f coating 


Tungsten 
electrode 


Figure 20-3. The basic parts of a fluorescent tube. 


Ballast and Starter 


Heating the tungsten electrodes is necessary but 
not sufficient to trigger ionization. A high- 
voltage pulse is also needed when the light is 
switched on. In a typical 48” tube, the pulse may 
range from 200V to 300V. 


After current flow has been established, the gas, 
whichis now a plasma, enters a phase of negative 
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resistance. Current passing through it will tend 
to increase even if the voltage decreases. This 
process must be controlled to prevent the for- 
mation of an arc, which will destroy the electro- 
des. (A similar process occurs in any gas dis- 
charge tube, such as a neon bulb, and is de- 
scribed in a graph in Figure 19-5.) 


To heat the electrodes, ionize the gas, and then 
control the current, the fixture for a fluorescent 
tube contains components that are separate 
from the tube. In their simplest, traditional form, 
these components consist of a starter and a bal- 
last. The starter is a neon bulb that contains a 
bimetallic strip serving as a normally closed 
switch. It allows current to flow through the elec- 
trodes in series, to heat them. The basic circuit is 
shown in Figure 20-4. 


Figure 20-4. The traditional circuit to trigger ionization of 
the gas in a fluorescent tube uses a starter (shown at the 
bottom as a neon tube containing a bimetallic strip, which 
serves as a switch) and ballast (an inductive load, shown 
at left). 


The starting process may not be immediately 
successful, in which case the starter may repeat 
several times in succession, causing the tube to 
flicker before its discharge becomes stable. In a 
cold environment, the tube will have more diffi- 
culty starting. 


After the tube becomes conductive, current be- 
tween the electrodes bypasses the starter. At this 
point, the ballast limits the current to prevent an 


Variants 


arc from forming. The simplest form of ballast is 
a coil that functions as an inductor. 


In a more modern system, an electronic ballast 
replaces the starter-ballast combination. It not 
only applies the initial surge of high current but 
also raises the 50Hz or 60Hz frequency of the 
power supply to 10KHz or more. This increases 
the efficiency of the tube and eliminates any visi- 
ble flickering of the light. 


All compact fluorescent bulbs (CFLs) contain 
electronic ballasts. The small components visible 
in Figure 20-1 are the ballast. 


Flicker 

When a fluorescent tube uses a conventional 
ballast and is illuminated with 50Hz or 60Hz AC, 
the glow discharge stops each time the current 
flow passes through the zero point in its cycle. In 
fact, the ionized gas in the tube cannot conduct 
until it is close to the maximum voltage, and 
stops conducting when the voltage rolls off. Con- 
sequently, the voltage across the tube fluctuates 
in an approximate square wave, and the light 
output begins and ends very abruptly. Although 
this occurs 100 times per second on a 50Hz sup- 
ply and 120 times per second on a 60HZz supply, 
some people complain that the flicker is notice- 
able and can induce headaches. 


The rapid on-off discharge is hazardous when it 
illuminates rotating parts in machinery, as a stro- 
boscopic effect can make the parts seem to be 
stationary. To mitigate this effect, adjacent tubes 
in a fixture are powered by separate supplies that 
are out of phase. This is done either by using a 
three-phase power supply or by adding an LC 
circuit to the supply for one of the tubes. 


Variants 





The traditional type of ballast is also known asa 
rapid-start ballast. By preheating the electrodes, 
it reduces damage to them that otherwise tends 
to occur during the starting process. A tube de- 
signed for use with a rapid-start ballast has two 





Chapter 20 193 


Variants 


contacts at each end, and is referred to as a bi- 
pin tube. 


An electronic ballast is also known as an instant- 
start ballast. lt does not preheat the electrodes, 
and a tube designed to work with it has only one 
pin at each end. 


CCFLs 


A cold cathode fluorescent lamp (CCFL) may re- 
semble a miniature fluorescent tube, typically 
measuring 2mm to 5mm in diameter. The tube 
may be straight or bent into a variety of shapes. 
It works on the same principle as a full-size fluo- 
rescent tube, containing mercury vapor and one 
or more inert gases, with an interior coating of 
phosphors to enable fluorescence. CCFLs are 
available in many colors and many shades of 
white. 


As its name implies, the electrodes in a CCFL are 
not heated to establish ionization. Instead, avery 
high voltage (1,000VAC or more) is applied, drop- 
ping to 500VAC to 600VAC after the flow of cur- 
rent has been established. Because CCFLs have 
been often used to backlight laptop computer 
screens, inverter circuits are Commonly available 
that create a high-frequency output at a high 
voltage from an input that can range from 3VDC 
to 20VDC. The inverter also includes provision to 
dim the CCFL by using pulse-width modulation. 


Some CCFLs are designed for illumination of 
small spaces—for example, the interior of a dis- 
play case. A few CCFLs look exactly like CFLs and 
can be used in light fixtures. Some may be com- 
patible with the type of dimmer designed for in- 
candescent lamps. 


A CCFL usually has a limited light output com- 
pared with that of a conventional fluorescent 
tube, but has the advantage of working better at 
low temperatures. Some are designed for sig- 
nage and exterior lighting in cold-weather loca- 
tions. 


They have a relatively long lifetime of up to 
60,000 hours. A hot-cathode fluorescent lamp 
may fail between 3,000 and 15,000 hours. 
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Any tube or bulb that uses unheated electrodes 
to ionize a gas is technically a cold-cathode de- 
vice, but will not be identified as a CCFL unless it 
also has an inner layer of phosphors to achieve 
fluorescence. 


It is important to match a tube with the type of 
ballast installed in a fixture. This is not an issue 
with CFLs, as they have the appropriate ballast 
built in. 


Sizes 


Straight bi-pin tubes are sold in the United States 
in the following standard sizes: 


e 15: 5/8” diameter. A more modern tube, but 
still with tungsten electrodes that serve to 
heat it. 


e T8: 1” diameter. Very often 24” or 48” in 
length, consuming 18W or 36W respectively. 

e 112: 1-1/2" diameter. 

¢ T17: 2-1/8" diameter. 


CFLs are sold in a very wide variety of configura- 
tions. 


Comparisons 


Fluorescent lights have significant advantages 
and disadvantages. On the plus side: 


e After the fixture containing the ballast has 
been paid for, a tube is relatively cheap. A CFL 
oranLED light does not have this advantage, 
as the electronics are built in and will be dis- 
carded when the light fails. 


Fluorescent lights have a longer life than in- 
candescent bulbs. 


Fluorescent lights are available in a wide 
range of shades of white. 


Fluorescent tubes create a diffuse radiance 
that is ideal for general lighting using ceiling- 
mounted fixtures. They do not cast harsh 
shadows. 
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On the minus side: 


e Fluorescents were traditionally more 
energy-efficient than any other light source, 
but LED area lighting is now more efficient 
in some designs. LEDs are expected to be- 
come more efficient in the future. 


¢ A fluorescent tube with a traditional type of 
ballast may cause complaints of flickering. By 
comparison, an LED light uses DC, and an in- 
candescent bulb retains sufficient heat be- 
tween power cycles so that it does not ap- 
pear to flicker. 


¢ Fluorescent flicker creates problems when 
shooting video. 


e The fluorescent emission spectrum has 
sharp peaks that give the lighting an un- 
natural look. 


¢ In applications that require a defined beam 
of light, a fluorescent source cannot be used. 


e Conventional ballasts can create radio inter- 
ference, especially in the AM band. 


e Because fluorescent tubes and bulbs contain 
mercury, they require proper disposal, which 
can incur fees. 


e Even aninstant-on fluorescent light tends to 
hesitate briefly when it is switched on. 


e The lifespan of a fluorescent light is greatly 
reduced if it is cycled on and off frequently. 
An incandescent bulb is less severely affec- 
ted by cycling, and an LED light is not affec- 
ted at all. 


e Fluorescent lights have difficulty starting at 
low temperatures. 


Values 





Brightness 

The intensity of a fluorescent light is measured in 
lumens per watt. Because invisible wavelengths 
are of little interest when assessing brightness, 
luminous flux is used to describe apparent bright- 


Values 


ness in the visible spectrum. The unit for lumi- 
nous flux is the /umen. Additional information 
about light measurementis included in the entry 
describing incandescent lamps (see “Power” on 
page 177). 


Spectrum 

The spectrum of photons emitted from mercury 
vapor ina fluorescent light has wavelengths that 
peak at 253.7 nanometers and 185 nanometers. 
(A nanometer, customarily abbreviated as nm, is 
one-billionth of a meter.) These wavelengths are 
invisible, being in the ultraviolet range, but when 
the light is transposed into the visible spectrum 
by the layer of phosphors, “spikes” in the range 
of wavelengths are still present. Fora comparison 
of output curves for incandescent, fluorescent, 
and LED lights, see the graph in Figure 18-4. 


Various formulations for the phosphors in a tube 
or CFL attempt to modify the character of the 
light to suit the human eye, but none of them 
looks as “natural” as the radiance from an incan- 
descent bulb, probably because the characteris- 
tics ofincandescent light are very similar to those 
of sunlight. 


What Can Go Wrong 





Unreliable Starting 

At alow temperature, the mercury inside a fluo- 
rescent tube may be slow to vaporize. At very low 
temperatures, vaporization may not be possible 
at all. Until the mercury vaporizes, fluorescence 
will not occur. 


Terminal Flicker 


As a tube ages, it may start to conduct current 
only in one direction, causing it to flicker visibly. 
As it ages more, the gas discharge becomes even 
less reliable, and the flicker becomes erratic. 
Eventually, the gas discharge fails completely. In 
this state, a tube may show only a dim light at 
each end, in proximity to the tungsten 
electrodes. 
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Cannot Dim 

Neither the older style of “conventional” ballast 
nor a modern electronic ballast will respond ap- 
propriately to a dimmer of the type designed for 
incandescent bulbs. This may be an important 
factor when an incandescent bulb is swapped 
out for a CFL. 


Burned Out Electrodes 

Like the tungsten filament in an incandescent 
lamp, the tungsten electrodes in a fluorescent 
tube suffer progressive erosion. This is evident 
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when a black tungsten deposit forms on the in- 
side of the tube at one or both ends. 


Ultraviolet Hazard 


Some critics of CFLs maintain that the complex 
shape of a coiled or zig-zag tube tends to permit 
small imperfections in the internal phosphor 
coating, potentially allowing ultraviolet light to 
escape. If this occurs, and if a CFL is used in a desk 
fixture in close proximity to the user, ultraviolet 
light could elevate the risk of skin cancer. 
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The term maser was coined in the 1950s to describe a device that used stimulated emis- 
sion to amplify microwaves. When a device using similar principles amplified visible light 
in 1960, it was termed an optical maser. However, that term is now obsolete, having been 
replaced with laser. This term is always printed in lowercase letters, even though itis an 
acronym for Light Amplification by Stimulated Emission of Radiation. 


The invented verb to Jase is derived from /aser and is used to describe the process of 
generating laser light, with the past participle /ased and present participle lasing some- 


times being used. 


Thousands of laser variants exist. Because of space limitations, this entry will concentrate 
primarily on laser diodes, which are the smallest, most common, and most affordable 


type. 
OTHER RELATED COMPONENTS 


- LED indicator (See Chapter 22) 


What It Does 


A laser generally emits a thin beam of intense 
light, often in the visible spectrum, and usually 
in such a narrow range of wavelengths, it can be 
considered monochromatic. The light is also co- 
herent, as explained below. 





Light output from a laser has three important at- 
tributes: 


e Intensity. A high-powered laser can deliver 
energy to a very small, well-defined area, 
where it may be capable of burning, cutting, 
welding, or drilling. Large lasers may also be 
used as weapons, or for power transmission. 


¢ Collimation. This term describes a beam of 
light that has parallel boundaries, and there- 
fore does not disperse significantly when 
passing througha transparent medium such 
as air, glass, or a vacuum. A laser beam can 
have such excellent collimation, it can be 


usedin precision measuring devices, and has 
been transmitted over very long distances, 
even from the Earth to the Moon, where as- 
tronauts placed reflectors during the Apollo 
missions. 


e Controllability. Because the beam can be 
generated with eletrical power, its intensity 
can be modulated rapidly with relatively 
simple electronic circuits, enabling applica- 
tions such as burning microscopic pits in the 
plastic of a CD-ROM or DVD. 


Laser diodes are now more common than all oth- 
er forms of lasers. They are found in pointers, 
printers, barcode readers, scanners, computer 
mice, fiber-optic communications, surveying 
tools, weapon sights, and directional lighting 
sources. They are also used as a light source to 
trigger more powerful lasers. 


No generic symbol is used for a laser, but a laser 
diode is often represented with the same symbol 
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that is used for a light-emitting diode. See 
Figure 22-2 in the entry for LED indicators. 


How It Works 


A laser is built around a gain medium, which is a 
material that can amplify light. The medium can 
be a solid, liquid, gas, or plasma, depending on 
the type of laser. 





Initially, an input of energy provides stimulation 
for some atoms in the gain medium. This is 
known as pumping the laser. The energy input 
can come from a powerful external light source, 
or from an electric current. 


Stimulation of an atom raises the quantum en- 
ergy level of an electron associated with the 
atom. When the electron collapses back to its 
former energy state, it releases a photon. This is 
known as spontaneous emission. 


If one of the photons encounters an atom that 
has just been excited by the external energy 
source, the atom may release two photons. This 
isknownas stimulated emission. Beyond athresh- 
old level, the number of released photons can 
increase at an exponential rate. 


If two parallel reflectors are mounted at opposite 
ends of the gain medium, they form a resonant 
cavity. Light bounces to and fro between the re- 
flectors, while pumping and stimulated emission 
amplifies the light during each pass. If one of the 
mirrors is partially transparent, some of the light 
will escape through it in the form of a laser beam. 
The partially transparent mirror is known as the 
output coupler. 


Laser Diode 

A laser diode contains an LED. (See “How It 
Works” on page 207 foramore detailed description 
of the function of an LED.) The p-n junction of the 
diode functions as the resonant cavity of the la- 
ser. Forward bias injects charges into the junc- 
tion, causing spontaneous emission of photons. 
The photons, in turn, cause other electrons and 
electron-holes to combine, creating more pho- 
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tons inthe process of stimulated emission. When 
this process crosses a threshold level, current 
passing through the diode causes it to /ase. 


The original patent for a laser diode was filed by 
Robert N. Hall of General Electricin 1962, and the 
diagram in Figure 21-1 is derived from the draw- 
ing in that patent, with color added for clarity. 
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Figure 21-1. The original design for a laser diode, from the 
patent filed in 1962. 


In the figure, the junction shown as a yellow layer 
forms the resonant cavity in which lasing occurs. 
It measures only 0.1 microns thick (the diagram 
is not drawn to scale). Its vertical front side is 
highly polished, and is parallel to the back side, 
which is also highly polished. Thus, photons re- 
flect between these two vertical sides. The slan- 
ted face visible in the figure, and the other slan- 
ted face opposite it, are oriented and roughened 
to minimize internal reflection between them. 


Figure 21-2 shows a simplified cross-section of 
the laser diode. 
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Figure 21-2. Simplified cross-section of a laser diode. 


Figure 21-3 shows a cross-section of the diode 
installed in a component sold as a laser. It in- 
cludes a photodiode to sense the intensity of 
light emerging through the polished rear end of 
the laser diode. External electronics are necessa- 
ry to control the intensity of the laser, using feed- 
back from the photodiode. 


The component has three pins (shown pale yel- 
low in the figure), one connecting to the photo- 
diode, another connecting to the p-type layer of 
the laser diode, and the third being common to 
the n-type layer of the laser diode and the ground 
side of the photodiode. 


A photograph of a laser diode is shown in 
Figure 21-4. Note the three pins, comparable to 
the pins shownin Figure 21-3, indicating that this 
component requires external control electronics. 


In Figure 21-5, a laser is shown with a surface- 
mount chip adjacent to the solder pad connect- 
ing the blue wire. The presence of this chip, with 
only two wires, indicates that this component 
has its own control electronics and requires only 
a DC power supply. 


How It Works 





Heat sink 


Figure 21-3. A laser diode is typically mounted with a 
photodiode to provide feedback for a driver circuit, to con- 
trol the current consumed by the laser. 





Figure 21-4. Lite-On 505T laser diode that emits light at 
650nm. Power consumption 5mW at 2.6VDC. As indica- 
ted by the graph squares, this component is only about 
0.2" in diameter. 
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Figure 21-5. This laser incorporates its own control elec- 
tronics and requires only a 5VDC power supply. It draws 
30mA and generates an output up to 5mW. 


Coherent Light 


The emission of coherent light by a laser is often 
explained by suggesting that wavelengths are 
synchronized with each other. In fact, there are 
two forms of coherence that can be described 
approximately as spatial coherence and wave- 
length coherence. 


If an observer looks up at a cloudy sky, the eye 
will perceive light radiating chaotically from 
many distances and directions. Thus, the light is 
not spatially coherent. The light also consists of 
many wavelengths, and thus it is not 
wavelength-coherent. 


The filament of an incandescent lamp is a much 
smaller source of light, but still large enough to 
generate a profusion of light emissions that are 
spatially incoherent. The light also includes many 
different wavelengths. 


Suppose a barrier containing a very tiny hole is 
placed in front of the incandescent lamp. If the 
aperture is very small, an observer on the far side 
will see the light as a point source. Consequently, 
the light that emerges from it is now spatially co- 
herent, and will not have chaotically overlapping 
waves. If the light then passes through a filter, its 
wavelengths also will become coherent. This is 
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suggested in Figure 21-6 where the light source 
is an incandescent lamp emitting a wide range 
of wavelengths. 


Wavelength 
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Figure 21-6. An incandescent lamp, at the bottom of the 
figure, emits incoherent light at many wavelengths (exag- 
gerated here for clarity). When it passes through a pin- 
hole, it becomes spatially coherent. When it then passes 
through a colored filter, it becomes wavelength coherent. 


The small amount of light emerging through a 
pinhole is inevitably much dimmer than light 
from the original source. A laser, however, am- 
plifies its light output, as well as tending to be- 
have like a point source. The “hall of mirrors” ef- 
fect of the parallel reflective surfaces in the res- 
onant cavity causes much of the light to shuttle 
to and fro over a long distance before it emerges 
through the output coupler. Any light that devi- 
ates significantly from the axis of the laser will not 
escape at all, because the deviations will be cu- 
mulative with each reflection. Thus, the light 
from alaser appears to come from a point source 
at an almost infinite distance. 
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Because of the particular geometry of a light- 
emitting diode, the output from a laser diode is 
not naturally collimated, and tends to spread by 
an angle of around 20 degrees. A lens must be 
used to focus the beam. 


Variants 





Lasers are sold generally as fully assembled tools 
for a specific purpose. A very brief summary of 
CO2, fiber, and crystal lasers is included here. 


CO2 Lasers 


The gain medium is primarily carbon dioxide but 
also contains helium and nitrogen, with some- 
times hydrogen, water vapor, and/or xenon. The 
laser is electrically pumped, causing a gas dis- 
charge. Nitrogen molecules are excited by the 
discharge and transfer their energy to the CO2 
molecules when colliding with them. Helium 
helps to return the nitrogen to base energy state 
and transfer heat from the gas mixture. 


CO2 lasers are infrared, and are commonly used 
in surgical procedures, including ophthalmolo- 
gy. Higher powered versions have industrial ap- 
plications in cutting a very wide range of mate- 
rials. 


Fiber Lasers 

Light is pumped via diodes and amplified in 
purpose-built glass fibers. The resulting beam 
has a very small diameter, providing a greater in- 
tensity than CO2 lasers. It can be used for metal 
engraving and annealing, and also for working 
with plastics. 


Crystal Lasers 

Like fiber lasers, they are pumped by diodes. 
These compact lasers are available in a very wide 
variety of wavelengths, covering the whole visi- 
ble spectrum, infrared, and ultraviolet. They find 
applications in holography, biomedicine, inter- 
ferometry, semiconductor inspection, and ma- 
terial processing. 





Variants 


Values 





The output power of a laser is measured in watts 
(or milliwatts). This should not be confused with 
the power consumed by the device. 


In the United States, any device sold as a laser 
pointer is limited to a power output of 5mW. 
However, laser diodes packaged similarly to laser 
pointers can be mail-ordered with an output of 
200mW or more. The legal status of these lasers 
may be affected by regulations that vary state by 
state. 


Ina CD-RW drive that is capable of burning a disc, 
the diode may have a power of around 30mW. A 
laser mounted in a CD-ROM assembly is shown 
in Figure 21-7. 


oo tJ 


Figure 21-7. An assembly incorporating a laser for reading 
a CD-ROM. 


Lasers have such a narrow range of wavelengths, 
they are given specific output values in nano- 
meters. A laser in an optical mouse may have a 
wavelength of 848nm; in a CD drive, 785nm; ina 
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bar-code reader, 670nm; in a modern laser point- 
er, 640nm; in a Blu-ray disc player, 405nm. 


How to Use It 


While powerfullasers ina laboratory setting have 
exotic applications, a typical low-power laser di- 
ode has become so affordable (costing less than 
$5 insome instances, at the time of writing) it can 
be considered merely as a useful source of a 
clearly defined light beam, ideal for detecting the 
position of amovable mechanical component or 
the presence of an intruder. 





Generic light-emitting diodes are made with a 
view angle (i.e., a dispersion angle) as low as 3 
degrees, but the beam is soft-edged compared 
with the precise boundary of a laser beam, and 
cannot be used reliably in conjunction with sen- 
sors at a distance of more than a few inches. 


Laser diodes that are sold as components may or 
may not have current-limiting control electron- 
ics built in. Applying power to the laser diode di- 
rectly will result in thermal runaway and rapid 
destruction of the component. Drivers for laser 
diodes are available separately as small, preas- 
sembled circuits on breakout boards. 


For many applications, it may be simpler and 
cheaper to buy a laser diode as an off-the-shelf 
product. A laser pointer provides an easy way to 
get a source of laser light, and if it would normally 
be driven by two 1.5V batteries, it can be adapted 
to run off a 5V supply by using a 3.3V voltage 
regulator. 


Common Applications 

In addition to being used with PowerPoint pre- 
sentations and in conjunction with position sen- 
sors, laser pointers have other applications: 


e Astronomy. A high-powered laser beam is 
visible even in clear air as a result of interac- 
tion with air molecules. This is known as Ray- 
leigh scattering. The phenomenon allows 
one person to point out a star (or planet) for 
another person. Because celestial objects are 
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so far away, parallax error is not detectable 
by two people viewing the beam while 
standing next to each other. A laser pointer 
may alsobe mounted ona telescope to assist 
in aiming the telescope at an object of inter- 
est. This is easier than searching for an object 
through an eyepiece. 


e Target acquisition. Lasers are commonly 
used on firearms to assist in targeting, espe- 
cially in low-light conditions. Infrared lasers 
can be used in conjunction with infrared 
viewing goggles. 


¢ Survival. A small laser can be included in 
emergency supplies to signal search teams. 
A laser can also be used to repel predatory 
animals. 


What Can Go Wrong 





Risk of Injury 

Lasers are potentially dangerous. Those that 
have an infrared or ultraviolet output are more 
dangerous than those with a visible beam, as 
there is no visual warning that the laser is active. 
A laser is capable of scarring the retina, although 
controversy exists regarding the power output 
that should be considered a high risk. 


If a project incorporates a laser, it should be 
switched off while building or testing the device. 
It may be advisable to wear protective glasses 
that block laser light even when an experimenter 
feels confident that a laser is switched off. 


Active lasers should never be pointed at people, 
vehicles, animals (other than dangerous ani- 
mals), or oneself. 


Inadequate Heat Sink 

Lasers may be designed and rated for intermit- 
tent use. The burner assembly for a CD-ROM 
drive, for instance, will be rated for pulsed power, 
not continuous power. Read datasheets careful- 
ly, and provide an adequate heat sink. 
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Uncontrolled Power Supply 


A diode laser that does not have a feedback sys- 
tem in place to control the flow of current can 
self-destruct. 


Polarity 


Both the light-emitting diode and the photo- 
diode in a three-pin laser package can be dam- 


What Can Go Wrong 


aged by incorrect polarity of applied power. Pin 
functions should be checked carefully against 


datasheets. 
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In this encyclopedia, an LED indicator is defined as a component usually 10mm or 
smaller in diameter, made of transparent or translucent epoxy or silicone, most often 
containing one light-emitting diode. |t is purposed as a status indicator in a device, rather 
than as a source of illumination, and is sometimes referred to as a standard LED. 


LED indicators that emit infrared and ultraviolet light are included in this entry. LEDs that 
are designed to illuminate large interior or exterior areas are discussed ina separate entry 
as LED area lighting. They are sometimes described as high-brightness LEDs and almost 
always emit white light. 


The term light-emitting diode is becoming less common, as the acronym LED has 
become ubiquitous. The acronym does not usually include periods between the letters. 


The words “light emitting” are hyphenated here, as they form an adjectival phrase, but 
in everyday usage the hyphen is often omitted, and no definitive rule seems to exist. 


Originally, a standard LED contained only one diode, but may now include multiple di- 
odes, either to emit additional light or to provide a range of colors. In this encyclopedia, 
a single epoxy or silicone capsule is still considered to be an LED indicator regardless 
of how many diodes it contains. By contrast, any component consisting of multiple sep- 
arately discernible light-emitting diodes, as in a seven-segment numeral, a 14- or 16- 
segment alphanumeric character, a dot-matrix character, or a display of multiple char- 
acters, is listed in a separate entry as an LED display. 


OTHER RELATED COMPONENTS 


- LED area lighting (See Chapter 23) 
- LED display (see Chapter 24) 

¢ incandescent lamp (see Chapter 18) 
¢ neon bulb (see Chapter 19) 

e laser (See Chapter 21) 


a 


What It Does 


An LED indicator emits light in response to a 
small current, typically around 20mA (but some- 
times much less), at a voltage lower than 5VDC. 
It is usually molded from epoxy or silicone that 
may be colorless and transparent (often referred 
to as water clear), or colorless but translucent, or 
tinted and transparent, or tinted and translucent. 





The color of the light is initially determined by 
the chemical compounds used internally, and by 
their dopants; therefore, a water-clear LED may 
emit colored light. 


Ultraviolet LEDs are usually water-clear. Infrared 
LEDs often appear to be black, because they are 
Opaque to the visible spectrum while being 
transparent to infrared. 
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What It Does 


When an LED indicator is described as being 
through hole, it has leads for insertion into holes 
in a circuit board. The term does not mean that 
the indicator itself is meant to be pushed through 
ahole ina panel, although this may also be done. 
The LED is cylindrical with a hemispherical top 
that acts as a lens. The leads are relatively thick, 
to conduct heat away from the component. A 
dimensioned diagram of atypical LED measuring 
5mm in diameter is shown in Figure 22-1. 


1.2mm 
(0.047") 


' 


1.4mm 
(0.055") { 





Figure 22-1. Dimensions of a typical 5mm LED. The 
longer wire connects with the anode, while the shorter 
wire connects with the cathode. Adapted from a data- 
sheet published by Lite-On Technology Corporation. 


An LED indicator that is not the through-hole 
type is usually a surface-mount component. 
LEDs for surface mounting are mostly rectangu- 
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lar and can be as small as 1mm x 0.5mm. They 
may require a heat sink. 


Schematic Symbols 

Figure 22-2 shows a variety of symbols that are 
commonly used to represent an LED. The triangle 
at the center of each symbol points in the direc- 
tion of conventional (positive-to-negative) cur- 
rent flow—from the anode to the cathode. Each 
pair of arrows radiating away from the diode in- 
dicates emitted light. Wavy arrows are some- 
times used to represent infrared (thermal) radia- 
tion. Often, however, an infrared LED is repre- 
sented in exactly the same style as an LED that 
emits visible light. With the exception of the wa- 
vy arrows, the various styles of schematic symbol 
are functionally identical and do not identify dif- 
ferent attributes of the component such as size 
or color. 


Figure 22-2. Various symbols may be used to represent 
an LED. See text for details. 


Common Usage 


LED indicators have mostly displaced neon 
bulbs and miniature incandescent lamps for 
the purpose of showing the status of a device. 
They are found in industrial control panels, home 
audio systems, battery chargers, washer/dryers, 
and many other consumer-electronics products. 
Higher output variants are used in flashlights, 
traffic signals, taillights on automobiles, and for 
illumination of subjects that are being photo- 
graphed. LED indicators may be assembled in 
large numbers in attention-getting displays such 
as Christmas lights. 
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Red, orange, yellow, green, and blue are the basic 
standard colors. LEDs that appear to generate 
white light are common, but they do not emit an 
evenly weighted spectrum of wavelengths. See 
“Non-Incandescent Sources” on page 174 fora 
discussion of this topic. 


How It Works 


An LED, like any diode, contains a semiconduc- 
tor PN junction that conducts current only in the 
forward direction (i.e., from the more-positive 
side of a power supply to the more-negative 
side). The diode becomes conductive above a 
threshold voltage sufficient to force electrons in 
the n-type region and holes in the p-type region 
to combine with each other. Each time this oc- 
curs, energy is released. The energy liberated by 
one electron-hole combination creates a pho- 
ton, or one quantum of light. 





The amount of energy released depends on the 
band gap, which is a property of the semicon- 
ductor material. The band gap is the smallest en- 
ergy that can create an electron-hole pair. The 
energy determines the light’s wavelength, and 
thus the color. 


The band gap also determines the threshold 
voltage of the LED. For this reason, LEDs of dif- 
ferent colors have widely different threshold vol- 
tages. 


Because an LED will often be used in devices 
where the DC power supply exceeds the maxi- 
mum forward voltage, a series resistor is custom- 
arily used as a simple way to restrict current 
through the diode. 


The light emitted by a colored LED indicator 
tends to include only a narrow range of wave- 
lengths. However, the addition of a phosphor 
coating to the diode can broaden the output. 
This technique is used to make the light from a 
blue LED appear white, as shown in Figure 22-3. 
Most white LEDs are actually blue LEDs with a 
colored phosphor layer added. See the section 


How It Works 


on LED area lighting in Chapter 23 for a more 
detailed discussion of this topic. 
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Figure 22-3. Increasing the range of emitted wavelengths 
by adding phosphors to a blue LED. Source: Philips Gard- 
co Lighting. 


Multicolor LEDs and Color Mixing 

If red, green, and blue light sources are mounted 
extremely close together, the eye perceives them 
as a single source, of a color determined by their 
combined relative intensities. This system of ad- 
ditive color mixing is shown in Figure 17-14 inthe 
entry dealing with LCDs. It is used in LED indica- 
tors that contain red, green, and blue light- 
emitting diodes ina single epoxy or silicone cap- 
sule. 


While most video monitors use white LEDs or 
fluorescent lights to form a backlight for an 
LCD video screen, some high-end monitors use 
a matrix of very tiny red, green, and blue LEDs, 
because the combination of these separate col- 
ors generates a wider gamut of color wave- 
lengths. The concept of gamut is discussed in 
“Color” in the LCD entry. The tiny LEDs in a back- 
light cannot be considered as indicators, but in- 
dicators are used for this purpose in billboard- 
sized video displays. 
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Variants 





LED indicators vary widely in size, shape, inten- 
sity, view angle, diffusion of light, wavelength of 
light, minimum and maximum forward voltage, 
and minimum and maximum forward current. 


Size and Shape 

The original sizes for round LED indicators were 
3mm, 5mm, or (more rarely) 10mm in diameter. 
Today, through-hole LEDs are sold in many inter- 
mediate sizes, although 3mm and 5mm are still 
most widely used. 


The traditional round LED indicator is now aug- 
mented with square and rectangular shapes. In 
a parts catalog, a pair of dimensions suchas 1mm 
x 5mm suggests that the LED is rectangular. 


Intensity 

The light intensity of an LED is usually expressed 
in millicandelas, abbreviated mcd. There are 
1,000 mcd in a candela. For more information 
about units for measurement of light, see “Inten- 
sity” on page 178. 


The candela measures the /uminous flux, or visi- 
ble radiant power, contained within a specified 
angle of dispersion, usually referred to as the 
view angle. This can be imagined as the rotated 
angle at the apex of a cone, where the cone de- 
fines the “spread” of the light, and the source is 
at the apex. 


If a diode is emitting a fixed amount of luminous 
flux, the rating in mcd will increase with the in- 
verse square of the view angle. This is because 
the light delivered to an area in front of the LED 
will become more intense as the angle becomes 
smaller. The use of mcd to rate the brightness of 
an LED can be misleading if it is not considered 
in comparison with the view angle. 


For example, suppose an LED is rated at 1,000 
mcd and has a view angle of 20 degrees. Now 
suppose the same diode is embedded in a dif- 
ferent epoxy or silicone capsule with a lens that 
creates a view angle of only 10 degrees. The LED 
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will now be rated at 4,000 mcd, even though its 
total power output is unchanged. 


e To compare the brightness of two LED indi- 
cators meaningfully, they should share the 
same view angle. 


Four through-hole LED indicators with a wide 
range of specifications are shown in Figure 22-4. 
From left to right: water-clear white generic, 
10mm; Vishay TLCR5800 5mm (emitting red, 
even though the capsule is water-clear), rated for 
35,000mcd with 4 degrees view angle; Everlight 
HLMPK150 5mm red diffused, rated for 2mcd 
with 60 degrees view angle; and Chicago 
4302F5-5V 3mm green, rated for 8mcd at 60 de- 
grees view angle, containing its own series resis- 
tor to allow direct connection with a 5VDC power 
supply. 





Figure 22-4. Four assorted LED indicators with very dif- 
ferent specifications. See text for details. 


Efficacy 

The radiant luminous efficacy (LER) of an incan- 
descent light source compares how effective it is 
at channeling its output within the visible spec- 
trum, instead of wasting it in other wavelengths, 
especially infrared. Note that the word efficacy 
has a different meaning from efficiency. The LER 
acronym may help to avoid confusion. 


LER is expressed in lumens per watt, and in an 
incandescent bulb it is calculated by dividing the 
power emitted in the visible spectrum (the /umi- 
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nous flux) by the power emitted over all wave- 
lengths. This is described in detail on “Efficacy” 
on page 179 in the entry dealing with incandes- 
cent lamps. 


In an LED indicator, almost all the radiation can 
be within the visible spectrum, but some power 
is wasted by generating heat internally. The effi- 
cacy varies depending on the type of LED; thus a 
red-orange indicator can have an efficacy of 98% 
while a blue LED will be probably below 40%. 


Diffusion 

Some LED indicators use epoxy or silicone that is 
formulated to be translucent or “cloudy” instead 
of transparent. They diffuse the light so that it is 
not projected in a defined beam, has a softer 
look, and has an approximately equal intensity 
when viewed from a wider range of angles. 


“Clear” and “diffused” are options that must be 
taken into account when choosing LEDs from an 
online catalog, unless the user is willing to turna 
clear LED into a diffuse LED by applying some 
sandpaper. 


Wavelength and Color Temperature 


The wavelength of light is measured in nanome- 
ters (abbreviated nm), a nanometer being 1 bil- 
lionth of a meter. The visible spectrum extends 
from approximately 380nm to 740nm. Longer 
wavelengths are at the red end of the spectrum, 
while shorter wavelengths are at the blue end. 


Atypical LED emits a very narrow range of wave- 
lengths. For example, Figure 22-5 shows the 
emission from a standard red LED indicator man- 
ufactured by Lite-On. Graphs of this type are typ- 
ically included in manufacturers’ datasheets. 


Because a red LED stimulates the cones in the eye 
that respond to red light, it “looks red” even 
though the color is not comparable with the nat- 
ural red that is seen, for instance, in a sunset. That 
natural color actually contains an additional 
spread of wavelengths. 


Variants 
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Figure 22-5. The narrow range of wavelengths emitted by 
a typical red LED indicator. 


The following list shows the ranges of peak out- 
put values, in nanometers, for the most com- 
monly available basic LED indicators (LEDs that 
emit other wavelengths are available, but they 
are less common): 

Infrared LED: 850 to 950 

Red LED: 621 to 700 

Orange LED: 605 to 620 

Amber LED: 590 to 591 

Yellow LED: 585 to 590 

Green LED: 527 to 570 

Blue LED: 470 to 475 

Ultraviolet LED: 385 to 405 


Figure 22-6 shows this list graphically, omitting 
infrared and ultraviolet LEDs. 


For almost 30 years, blue LEDs were a laboratory 
curiosity of little practical value, as efficiencies 
were stuck around 0.03%. An efficiency of more 
than 10% was finally achieved in 1995. Blue LEDs 
were marketed soon afterward. 


However, when yellow phosphors are added to 
create the impression of white light by spreading 
the output over the whole visible spectrum, the 
wavelengths around 500nm are still not well rep- 
resented, as suggested in Figure 22-3. 
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Ranges of common peak wavelengths (nanometers) 


Figure 22-6. Ranges for peak wavelengths of the most 
commonly used LEDs. (Source: Survey of approximately 
6,000 through-hole LEDs stocked at www.mouser.com.) 


Fluorescent lights perform even more poorly 
than white LEDs, as can be seen in Figure 18-4 in 
the entry describing incandescent lamps. 


Because white LEDs do not emit a single peak of 
wavelengths, their color is expressed in color 
temperature rather than nanometers. The con- 
cept of color temperature is explained in “Spec- 
trum” on page 173. White LEDs are available rat- 
ed from 2,800 to 9,000 degrees Kelvin, and are 
discussed in more detail in the LED area light- 
ing entry in this encyclopedia. 


Internal Resistor 


To eliminate the chore of adding a series resistor 
to limit current through an LED, some indicators 
are sold with a series resistor built in. They may 
be rated for use with 5VDC or 12VDC, but are ex- 
ternally indistinguishable from each other. They 
are also externally indistinguishable from LEDs 
that do not contain series resistors. Figure 22-7 
shows two 3mm LEDs, the one on the right con- 
taining its own series resistor, the one on the left 
being a generic LED without a series resistor. 


Because of the nonlinear response of a diode, 
LEDs with or without internal resistors cannot be 
distinguished from each other reliably with a 
multimeter. If the meter is set to measure ohms, 
typically it will give an “out of range” error to all 
types of LED. If it is set to identify a diode, the 
reading will not tell you if the LED contains a re- 
sistor. 





light source, indicator, or display > single source > LED indicator 


Figure 22-7. An LED (left) that does not contain its own 
series resistor is usually indistinguishable from one that 
does (right). 


One way to determine whether an LED contains 
an internal series resistor would be to connect it 
with a variable power supply through a multi- 
meter set to measure mA. Carefully increase the 
supply voltage from zero until the meter shows 
a current of 20mA. If the LED does not contain a 
series resistor, the supply voltage will be close to 
the recommended forward voltage for that type 
of LED (no lower than 1.6V for a red LED, and no 
higher than 3.6V for a white LED). If the LED does 
contain a series resistor, the supply voltage will 
be higher. This procedure is time consuming, but 
may be worthwhile to evaluate multiple LEDs 
that are known to be identical. 


Multicolored 


The leads for an LED indicator containing two or 
more diodes can be configured in several ways: 


e Two leads, two colors. Two diodes are moun- 
ted internally in parallel, but with opposite 
polarity. 

e Three leads, two colors. Two diodes share a 
common anode or common cathode. 


e Four leads, three colors (RGB). Three diodes 
share acommon anode or commoncathode. 
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e Six leads, three colors. Three diodes, each 
with its own pair of leads, separate from the 
others. 


Infrared 


Most infrared emitters are LEDs that generate 
wavelengths longer than 800nm. They are found 
in handheld remotes to control consumer- 
electronics devices such as televisions and stereo 
systems, and are also used in some security sys- 
tems, although passive infrared motion detectors, 
which assess infrared radiation from sources 
such as people or vehicles, are more commonly 
used for this purpose. 


In conjunction with an infrared emitter, an infra- 
red sensor is necessary, and must be sensitive to 
the same wavelength. To prevent false positives, 
the emitter modulates its output, typically with 
a carrier frequency between 10 and 100kHz. Re- 
motes often use carrier frequencies of 30 to 
56kHz. At the receiving end, the signal is pro- 
cessed witha band-pass filter matching the mod- 
ulation frequency. Many different pulse-coding 
schemes are used, and no particular standard is 
dominant. 


Ultraviolet 


Because ultraviolet radiation can damage the 
eyes, LED indicators that emit ultraviolet light are 
potentially dangerous and should be used with 
caution. A yellow eyeshield can be worn to block 
the short wavelengths. 


Ultraviolet light can be used to cure some adhe- 
sives and dental filling material. It can also kill 
bacteria, and can detect fluorescent print on 
bank notes, to check for counterfeiting. Ultravio- 
let flashlights are sold to detect some species of 
pests, such as scorpions, which fluoresce in re- 
sponse to ultraviolet light. 


Values 





The specification for an LED will include the 
wavelength of emitted light, luminous intensity, 
maximum forward voltage and current, maxi- 


Values 


mum reverse voltage and current, and working 
values for voltage and current. All these values 
are important when choosing an indicator for a 
specific function. 


White LEDs for room lighting or external use are 
calibrated differently. See the entry for LED area 
lighting in Chapter 23. 


Forward Current 


About half of all the thousands of available types 
of LED indicators are rated for a typical forward 
current of 20mA to 25mA. Absolute maximum 
ratings may be twice as high, but should not 
generally be applied. 


The light intensity of a typical 5mm red LED in- 
dicator is plotted against its forward current in 
Figure 22-8. Note that current and light intensity 
have an approximately linear relationship up to 
the typical working current of 20mA. Even above 
this point, to the absolute maximum of 50mA, 
the light intensity rolls off only a very small 
amount. 


Although an LED indicator can be dimmed by 
controlling the current passing through it, the 
current does not have a linear relationship with 
the applied voltage, and the indicator will stop 
functioning completely when the voltage drops 
below the threshold required by the diode. Con- 
sequently, LEDs are commonly dimmed by using 
pulse-width modulation. 


Because of the nonlinear response of a diode, 
LEDs with or without internal resistors cannot be 
distinguished from each other reliably with a 
multimeter. If the meter is set to measure ohms, 
typically it will give an “out of range” error to all 
types of LED. If it is set to identify a diode, the 
reading will not tell you if the LED contains a re- 
sistor. 


Low-Current LEDs 


Indicators that require a very low forward current 
are convenient for direct connection to output 
pins of logic chips and other integrated circuits. 
Although a single output from an HC family chip 
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is capable of supplying 20mA without damaging 
the chip, the current will pull down the output 
voltage, so that it cannot be used reliably as an 
input to another chip while also lighting the LED. 
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Figure 22-8. The relationship between forward current 
and light intensity of a typical 5mm LED indicator is ap- 
proximately linear up to the 20mA operating current, and 
almost linear up to the absolute maximum of 50mA. 


Various LED indicators drawing 2mA or 1mA are 
available, with intensities typically ranging be- 
tween 1.5mcd and 2.5mcd. This low light output 
is still bright enough for viewing in a lab-bench 
environment. Low-current blue LEDs are not 
available. The only LEDs that drawas littleas 1mA 
are red, as this is the most efficient type. 


Using a higher value series resistor with a generic 
LED will of course reduce its current consump- 
tion, and some light will be visible so long as the 
forward voltage across the LED remains at its 
minimum level or above. 


Forward Voltage 


Red is the color that requires not only the least 
forward current, but the lowest forward voltage. 
In the range of 1.6VDC to 1.7VDC, all the LEDs are 
red. Typical forward voltages for various colors 
are shown here: 


e Infrared LED: 1.6V to 2V 
e Red LED: 1.6V to 2.1V 
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e Orange LED: 1.9V to 2.1V 

e Amber LED: 2V to 2.1V 

e Yellow LED: 2V to 2.4V 

e Green LED: 2.4V to 3.4V 

e Blue LED: 3.2V to 3.4V 

e Ultraviolet LED: 3.3V to 3.7V 
e White LED: 3.2V to 3.6V 


Color Rendering Index 


The color rendering index (CRI) evaluates the fi- 
delity with which a light source is capable of dis- 
playing the full visible spectrum. It ranges from 
a perfect score of 100 down to 0 or even lower 
(sodium-vapor street lighting has a negative val- 
ue). Computing the index requires standard ref- 
erence color samples and has been criticized for 
generating scores that do not correlate well with 
subjective assessments. 


Incandescent bulbs can have a CRI of 100, while 
an uncorrected white LED may score as lowas 80. 


Life Expectancy 


Because the light output from an LED tends to 
decrease very gradually with time, the life ex- 
pectancy is often defined as the number of hours 
required for the output to diminish to 70% of its 
output when new. Life expectancy is commonly 
stated on datasheets for high-brightness white 
LEDs, but is often omitted from datasheets for 
LED indicators. 


Unlike incandescent lamps and fluorescent 
lights, LEDs do not have a shorter lifespan if they 
are frequently cycled on and off. 


Light Output and Heat 


The light intensity of an LED, measured in mcd, 
can vary from a few mcd to a maximum of 
40,000mcd. Intensities above 30,000mcd gener- 
ally are achieved by limiting the view angle to 15 
degrees or less. Because the candela is weighted 
toward the central, green segment of the visible 
spectrum, green LEDs are likely to have a rela- 
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tively high mcd rating. LEDs rated between 
20,000mcd and 30,000mcd, with a view angle of 
30 degrees, are almost all green. 


Datasheets may often include a derating curve 
showing the lower limit that should be placed on 
forward current through an LED indicator when 
its temperature increases. In Figure 22-9, the LED 
should be operated only within the boundary 
established by the green line. 
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Figure 22-9. Safe operation of an LED entails limiting the 
forward current if the temperature increases. The green 
line shows the boundary for operation of this particular 
component. 


View Angle 

An LED formed from transparent epoxy or sili- 
cone (either water-clear or tinted) will create a 
well-defined beam with a view angle as narrow 
as 4 degrees or as wide as 160 degrees (in a few 
instances). The most common view angles for 
LED indicators are 30 degrees and 60 degrees. 


Datasheets for LED indicators often include a 
spatial distribution graph showing the relative in- 
tensity of the light when viewed at various angles 
from the axis of the LED. The spatial distribution 
graph in Figure 22-10 is for an LED with a view 
angle defined as 40 degrees. This is the angle at 
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which the relative luminous intensity diminishes 
to 50%. 
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Figure 22-10. A spatial distribution graph shows the rela- 
tive intensity of light from an LED at various view angles. 


The view angle is of special concern in devices 
suchas flashlights, where the spread of the beam 
affects the functionality. 


How to Use It 





Like all semiconductor devices, LEDs can be im- 
paired by excess forward current and may break 
down irreversibly if subjected to excess reverse 
voltage. Their limits for reverse voltage are much 
lower than those ofa rectifier diode. They are also 
vulnerable to heat, but are not particularly vul- 
nerable to static electricity. 


Polarity 


A through-hole LED will have two leads of un- 
equal length. The longer lead connects internally 
with the anode of the diode, and should be wired 
externally to the “more positive” side of a power 
source. The shorter lead connects internally with 
the cathode of the diode, and should be wired 
externally to the “more negative” side of a power 
source. 


To remember the functions of the leads, consider 
that the plus sign would be twice as long as a 
minus sign if its horizontal and vertical stroke 
were disassembled and placed end to end. 
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If around LED has a flange around its base, a flat 
spot in the flange will be closest to the cathode 
side of the component. 


Series Resistor Value 


Because the effective internal resistance of a di- 
ode is not a constant value at different voltages, 
a trial-and-error approach may be necessary to 
determine the ideal value fora series resistor with 
an LED indicator. For this purpose, a trimmer po- 
tentiometer can be used with a sample LED while 
measuring the current through it and the voltage 
drop across it. A fixed-value resistor can then be 
substituted. If the choice is between a resistor 
value that is a little too high and a value that is a 
little too low, the higher value resistor should be 
used. 


An approximate value can be found using a very 
simple formula in which R is the resistor value, 
Vcc is the supply voltage, V; is the forward volt- 
age specified for the LED, and | is the desired cur- 
rent: 


R= (Vcc - Ve) / I 


Normally a series resistor rated at 1/4 watt will be 
acceptable, and 1/8 watt may be used in 5VDC 
circuits. However, care should be taken with a 
power supply of 9V or higher. Suppose an LED is 
rated for 1.8V forward voltage at 20mA. In a 5V 
circuit, the voltage drop across the series resistor 
will be: 


V=5 - 1.8 = 3.2 


Therefore, the resistor must dissipate 3.2V * 
20mA = 64mW. This is comfortably below the 
125mW rating of a 1/8 watt resistor. However, 
with a 9V power supply, the voltage drop across 
the series resistor will be: 


V=9-1.8 = 7.2 


Now the resistor must dissipate 7.2V * 20mA = 
144mW. This exceeds the 125mW limit for a 1/8 
watt resistor. 
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LEDs in Parallel 


If multiple LEDs are to be driven in parallel, and 
none of them has to be switched individually, it 
is naturally tempting to save time by using a sin- 
gle series resistor for all of them. In these circum- 
stances, assess the maximum current carefully 
and multiply by the voltage drop imposed by 
each of the LEDs, to determine the wattage of a 
series resistor. 


Linking dissimilar LEDs in parallel is not recom- 
mended, because the threshold voltage decrea- 
ses with increasing temperature. The hottest LED 
will therefore receive the largest current, and 
thus become even hotter. Thermal runaway can 
result. 


LEDs containing their own series resistors can 
safely be wired in parallel. 


Multiple Series LEDs 

A series resistor wastes current by dissipating it 
as heat. In an application where two or more LED 
indicators will be illuminated simultaneously, the 
LEDs can be connected in series with a lower- 
value resistor, and three LEDs in series may elim- 
inate the need for a resistor completely, depend- 
ing on the voltage of the power supply. Here 
again a trimmer potentiometer should be used 
to determine an ideal value for any series resistor 
that may be necessary. 


Comparisons with Other Light 
Emitters 


Because LED indicators have largely replaced ne- 
on bulbs and miniature incandescent lamps, 
comparisons are of limited importance at this 
point. The situation regarding LED area light- 
ing is different in that itis still competing actively 
with fluorescent lights and, in some instances, 
halogen. A list of advantages and disadvantages 
for high-intensity white LEDs is given in “Com- 
parisons” on page 223. The advantages of incan- 
descent lamps are listed in “Relative Advantag- 
es” on page 179. 
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Other Applications 

LEDs are used in optocouplers and in solid- 
state relays. Usually an infrared LED is embed- 
ded inside a chip or a plastic module, and emits 
light through an interior channel to activate a 
phototransistor. This arrangement provides elec- 
trical isolation between the switching signal and 
the switched current. 


Some sensors use an LED paired with a photo- 
transistor at opposite sides of a U-shaped plastic 
mount. A sensor of this type can monitor indus- 
trial processes or may be found inside a photo- 
copy machine, to detect the presence of a sheet 
of paper. 


What Can Go Wrong 





Excessive Forward Voltage 

Like any diode, the LED has a threshold voltage in 
the forward direction. If this threshold is excee- 
ded, the effective internal resistance of the LED 
falls very rapidly. Current rises equally rapidly, 
and quickly damages the component, unless it is 
protected by an appropriate series resistor. 


Excessive Current and Heat 


Exceeding the recommended value for forward 
current, or allowing an LED to overheat, will 
shorten its lifetime and cause a premature dim- 
ming of light output. LEDs generally require 
some current limiting or regulation (most com- 
monly with a series resistor). They should not be 
connected directly to a voltage source such as a 
battery, even if the battery voltage matches the 
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voltage of the diode. The exception to this rule is 
if the internal resistance of the battery is high 
enough to limit the current, as in the case of 
button-cell batteries. 


Storage Issues 


LEDs of different types are often indistinguisha- 
ble from each other. They can also be indistin- 
guishable from photodiodes and phototransis- 
tors. Careful storage is mandatory, and reusing 
LEDs that have been breadboarded may cause 
future problems if they are wrongly identified. 


Polarity 

If the leads on an LED indicator are trimmed, and 
if the indicator lacks a flange in which a flat spot 
will identify the cathode, the componentis easily 
misused with reversed polarity. If it is connected 
with acomponentthat has limited current sourc- 
ing capability (for instance, the output pin of a 
digital chip), the LED will probably survive this 
treatment. However, maximum reverse voltage 
is often as low as 5VDC. To minimize the risk of 
errors, the anode lead can be left slightly longer 
than the cathode lead when they are trimmed 
for insertion in a breadboard or perforated 
board. 


Internal Resistors 

As previously noted, it is difficult to distinguish 
an LED that contains its own series resistor from 
another LED that does not. The two types should 
be stored separately, and should be reused cir- 
cumspectly. 
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The term LED area lighting is used in this encyclopedia to describe a white LED source 
that is bright enough to illuminate rooms, offices, or outdoor areas. It may also be used 
in desk lamps or table lamps as task lighting. LEDs for these purposes may be categorized 
as high-brightness, high-power, high-output, or high-intensity. A complete fixture con- 
taining at least one light source is properly known as a /uminaire, although the term is 
not uniformly applied and is sometimes written incorrectly as a /uminary. 


The full term light-emitting diode is not normally applied to an LED used for area lighting. 
For this purpose, the LED acronym has become universal. Periods are not normally placed 
between the letters. 


While an LED area-lighting package may contain more than one diode, it is still catego- 
rized here as a single source. By contrast, any component consisting of multiple sepa- 
rately discernible light-emitting diodes, as in a seven-segment numeral, a 14- and 16- 
segment alphanumeric character, a dot-matrix character, or a display of multiple char- 
acters, is listed in a separate entry as an LED display. 


The term OLED is an acronym for Organic Light-Emitting Diode, a thin panel in which an 
organic compound is contained between two flat electrodes. Despite its functionality as 
a form of LED, its design is similar to that of thin-film electroluminiscent light sources. 
Therefore it is discussed in the entry on electroluminescence. 


OTHER RELATED COMPONENTS 


- LED indicator (See Chapter 22) 

¢ incandescent lamp (see Chapter 18) 

¢ fluorescent light (see Chapter 20) 

» neon bulb (see Chapter 19) 

- electroluminescence (See Chapter 26) 


’ a 


What It Does 


High-brightness white LEDs provide a plug- 
compatible alternative to incandescent lamps, 
halogen lighting, and fluorescent lights for 
work spaces and the home. 





At the time of writing, products are still evolving 
rapidly in the field of LED area lighting. A shared 
goal of manufacturers is to increase efficiency 
while reducing retail price to the point where 


high-brightness LEDs will displace fluorescent 
tubes for most low-cost lighting applications. 


A wall-mounted LED reflector-bulb that emu- 
lates a halogen fixture is shown in Figure 23-1.A 
small LED floodlight for exterior use is shown in 
Figure 23-2. An early attempt to package an LED 
area light in a traditional-style bulb is shown in 
Figure 23-3. Within a decade, as LED area lighting 
continues to evolve, some of these examples 
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may look quaint. Configurations are evolving, 
with final results that remain to be seen. 





Figure 23-1. A small LED reflector-light emulating a halo- 
gen fixture. Note the square of yellow phosphors mounted 
on the diode. 





Figure 23-2. A floodlight for exterior use. Nine LEDs are 
assembled behind the yellow phosphors. The steel frame 
measures about 4” by 3” 


Trends in Cost and Efficiency 

The /uminous flux of a source is the total power 
that it radiates in all directions, within the visible 
spectrum. The unit that measures luminous flux 
is the /Jumen. For a more detailed discussion of 
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this topic, see “Power” on page 177. Since 1965, 
the cost per lumen of light from a given color of 
LED has decreased by about a factor of 10, while 
the maximum number of lumens emitted by an 
LED package has increased by a factor of 20, dur- 
ing each decade. This is known as Haitz’s Law, 
named after Dr. Roland Haitz of Agilent Technol- 
ogies. Figure 23-4 illustrates it graphically. 





Figure 23-3. An LED light bulb. Unlike an incandescent 
bulb, it focuses the illumination in one direction, like a 
reflector-light. Consuming only 6W., it is claimed to be 
equivalent to a 40W incandescent bulb. 


Schematic Symbol 

Schematic symbols that are commonly used to 
represent an LED are shown in Figure 23-5. The 
symbol remains the same regardless of the size 
or power of the component, but architectural 
plans may represent any type of light using the 
circle-and-X symbol at bottom right. 


How It Works 


A high-brighteness LED functions on the same 
basis explained in the entry describing LED in- 
dicators. Photons are emitted when electrons 
are sufficiently energized to cross a PN junction 
and combine with electron-holes. 





An LED that appears white, or off-white, actually 
emits blue light that is re-radiated over a wide 
range of wavelengths by adding a layer of yellow 
phosphors to the chip. A cutaway diagram of an 
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LED chip (properly known as a die), mounted un- 
der a silicone lens, is shown in Figure 23-6. 
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use sapphire crystals as their substrate. The crys- 
tal may range in diameter from two inches to six 
inches. Large sapphire wafers are also finding 
potential applications in camera lens covers and 
scratch-resistant cover plates for cellular phones. 
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Figure 23-4. The increase in light output (luminous flux, 
in lumens) of a single LED compared with the decrease in 
cost-per-lumen during the years since 1965. The vertical 
logarithmic scale measures both dollars and lumens. 
Source: Philips Gardco site-lighting fact sheet with addi- 
tional data from a “Strategies in Light Report” published 
by Semiconductor Equipment and Materials International 
in 2013. 


Figure 23-5. The symbol for an LED remains the same re- 
gardless of its size and power, but architectural plans may 
use the circle-and-X symbol! at bottom right for any type 
of light fixture. 


LEDs are mass-produced by etching them into 
crystals that are then cut into wafers before being 
subdivided into dies, like silicon chips. Most of the 
blue LEDs that form the basis of white lighting 
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Figure 23-6. Cutaway diagram of a high-brightness white 
LED. Adapted from Philips Lumileds Technical Reference 
document. 


While a die for an LED indicator may be 0.3mm x 
0.3mm, a die in a high-brightness LED is often 
Imm x 1mm. The size is limited by technical is- 
sues involving total internal reflection of the gen- 
erated light. 


The precise color of the light is adjusted by 
adding red phosphors to the yellow phosphors. 
This reduces the overall efficiency of the LED by 
around 10% but creates a “warmer” radiance. A 
graphical illustration of this principle is shown in 
Figure 22-3, in the entry on LED indicators. 


The color temperature of white or offwhite light 
is measured in degrees Kelvin, typically ranging 
from 2,500K to 6,500K, where a lower number 
represents a light with more red init and a higher 
number represents a light with more blue in it. 
This system of measurement was originally used 
with incandescent bulbs to define the temper- 
ature of the filament, which determined its color. 
See “Spectrum” on page 173 for a detailed ex- 
planation. 
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Visible Differences 

The effects of different types of illumination are 
compared in Figure 23-7. To create this figure, 
first a color chart was prepared in Photoshop and 
printed on high-gloss photo-grade paper with a 
Canon Pro9000 Mark Il inkjet printer, which has 
separate colors for red and green in addition to 
cyan, pale cyan, magenta, pale magenta, yellow, 
and black. 


The color chart was then photographed twice 
with a Canon 5D Mark Il, using a fixed white bal- 
ance of 4000K. The first exposure was made with 
“daylight spectrum” LED lighting (claimed color 
temperature of 6500K) while the second was 
made with halogen lighting (claimed color tem- 
perature of 2900K). The photographs were ad- 
justed in Photoshop for levels only, to fill the 
available range of 256 values. The two exposures 
show how the same chart would appear when 
viewed under the different lights, if the human 
eye did not adjust itself at all. Note the large area 
of the LED exposure which is rendered in shades 
of blue or purple. Also note the dullness of the 
reds. This confirms the everyday belief that “day- 
light spectrum” LEDs tend to have a cold, pur- 
plish cast while incandescents have a warmer, 
yellow look. 


The same camera was then used to make two 
more exposures, this time with the white balance 
set to 6500 for LED lighting and 2900 for halogen 
lighting, which would be the recommended 
standard procedure, suggesting the kind of com- 
pensation that the human eye also tends to make 
for different ambient lighting. The result is shown 
at Figure 23-8. The LED version has improved, but 
the reds and yellows are still muted. The halogen 
version also looks better than before, but the 
magenta end of the spectrum has too much yel- 
low in it. These images show the limits of white- 
balance correction for indoor photography. 
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Figure 23-7. The same printed color chart viewed with 
“daylight white” LEDs (top) and halogen lighting (bot- 
tom), without any compensation to allow for the different 
light spectra. A fixed white balance of 400OK was used for 
both pictures. 


Side-by-Side Comparison 

Because the human eye is much better at com- 
paring colors when they are adjacent to each 
other, another color chart was prepared using 
just six color bars of fully saturated red, yellow, 
green, cyan, blue, and magenta, with paler and 
darker versions above and below. The bars were 
separated with large white gaps. The chart was 
photographed first with the white balance set to 
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6500 under “daylight white” LED lighting and 
then again with the white balance at 2900 for 
halogen lighting. In Photoshop, the bars from the 
halogen version were copied and pasted beside 
the bars from the LED version to facilitate an A-B 
comparison. The result is shown in Figure 23-9. 





Figure 23-8. The same color chart as before, photo- 
graphed with appropriate color temperature settings of 
6500K (top, using “daylight-spectrum" LEDs) and 2900K 
(bottom, using halogen). 


In each pair of colors, LEDs lit the one on the left, 
and halogen lights lit the one on the right. This 
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figure shows the dramatic difference at the red 
end of the spectrum, and the poor reproduction 
of yellows by LED lighting. However, the LED ren- 
dering of green is better, and likewise the ren- 
dering of magenta, except where its darker ver- 
sion is concerned. Among the pale versions of 
the colors, the LED lights produce much less den- 
sity (i.e., they have a brighter look) in the blues, 
greens, and cyans. The low densities will show up 
as pale highlights in a photograph of an object, 
and the picture will tend to have excessive con- 
trast. This will also contribute to the “harsh” look 
of “daylight white’ LED lighting which may be 
perceived by the eye. 


Figure 23-9. A range of six fully saturated colors, with 
lighter and darker shades added above and below, photo- 
graphed first with “daylight spectrum” LEDs and then 
with halogen lights, after which the two sets of colors were 


paired for easy comparison. The LED version is on the left 
in each pair. 


Halogen is deficient at the blue-violet end of the 
spectrum, even when the camera has an appro- 
priate white-balance setting. Photographers can 
correct this using image-editing software. LED 
“daylight spectrum” lights are more difficult to 
correct. LEDs classified as “warm” should repro- 
duce reds better, but may not do so well with 
blues. 


Diffuse light from a uniformly cloudy sky may be 
the most ideal form of lighting for photograph- 
ing objects, but this is of little help for people who 
work (or take photographs) under artificial lights. 
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LED lights that contain separate red, green, and 
blue emitters may perform better, but create a 
different problem, in that shadows will tend to 
have color fringes caused by the small offsets 
between the colored emitters. 


Heat Dissipation 

An LED is less than 100% efficient because not all 
electrons mate with electron holes. Some man- 
age to bypass the semiconductor junction; some 
recombine without generating light; and some 
transfer their energy to other atoms. In each in- 
stance, waste heat is created. While the heat in 
an incandescent bulb is mostly dissipated by ra- 
diation, an LED must get rid of the heat almost 
entirely by conduction, typically through a heat 
sink. This complicates the design of a fixture, be- 
cause the integrity of the pathway to dispose of 
the heat must be retained when the LED bulb or 
tube is replaced. 


Efficacy 

The radiant luminous efficacy (LER) of an incan- 
descent light source measures how effective it is 
at channeling its output within the visible spec- 
trum instead of wasting it in infrared radiation. 
LER is expressed in lumens per watt, and in an 
incandescent bulb, itis calculated by dividing the 
power emitted in the visible spectrum (the /umi- 
nous flux) by the power emitted over all wave- 
lengths. This is described in detail in “Efficacy” on 
page 179 in the entry dealing with incandescent 
lamps. 


In an LED indicator, almost all the radiation can 
be contained within the visible spectrum, which 
suggests that its efficacy should be 100%. How- 
ever, because some waste heat is still created in- 
ternally, the efficacy is calculated by dividing the 
light output, in lumens, by the power input, in 
watts, at the voltage required by the LED. (Lu- 
mens can be converted directly to watts, and 
therefore this division makes a comparison be- 
tween similar units). 


In an LED lighting fixture that contains its own 
electronics to convert higher voltage AC to lower 
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voltage DC, the power consumption of the fix- 
ture is measured not at the diode, but at the input 
side of the electronics. Therefore, the inefficiency 
of the electronics reduces the efficacy value of 
the lighting unit. 


Dimming 

An incandescent bulb is very sensitive to reduc- 
tion in power. It becomes radically inefficient, 
emitting perhaps 1% of its normal light output if 
the power is reduced to 40%. 


LEDs have an almost linear response to the sup- 
plied power. Usually a triac-based dimmer will 
not work well with LED area lighting, and a dim- 
mer designed for LEDs must be substituted, us- 
ing pulse-width modulation. 


Ultraviolet Output 


The gas plasma in a fluorescent light generates 
ultraviolet wavelengths that are shifted to the 
visible spectrum by the phosphor coating inside 
the glass envelope. Imperfections in the phos- 
phor coating can potentially allow leakage of ul- 
traviolet light, causing some researchers to claim 
that the use of CFLs (compact fluorescent light- 
ing) for close-up work with desk lamps can in- 
crease the risk of developing some forms of skin 
cancer. (This claim remains controversial.) 


LED manufacturers are quick to point out that 
white LEDs do not emit any ultraviolet radiation. 
Figure 23-10 shows spectral power distribution 
curves derived from measurements of three 
high-brightness Color Kinetics LEDs manufac- 
tured by Philips. The manufacturer states cate- 
gorically that “The LED-based color and white 
light products made by Color Kinetics do not 
emit outside the visible spectrum.” Infrared radi- 
ation is also negligible. 


Color Variation 

The correlated color temperature (CCT) is deter- 
mined by finding the conventional incandescent 
color temperature which looks most similar to 
the light from a white LED. Unfortunately, be- 
cause the CCT standard is insufficiently precise, 
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and because small manufacturing inaccuracies 
can occur, two LED sources with the same CCT 
number may still appear different when they are 
side by side. While the human eye adjusts itself 
to overall color temperature, it is sensitive to dif- 
ferences between adjacent sources. If two or 
more white LEDs ina lighting fixture do not have 













identical spectra, the difference will be 
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Figure 23-10. Spectral power distribution curves for three 
high-brightness white LED lamps showing no ultraviolet 
emissions. (Adapted from a graph in a white paper pub- 
lished by Color Kinetics Incorporated.) 


To address the issue, manufacturers introduced 
the concept of “binning,” in which lights are sub- 
classified to tighter specifications and are as- 
signed bin numbers based on their measured 
characteristics. The Philips Optibin system, for 
instance, assesses the light from various angles, 
as well as perpendicularly to the source. This is 
especially important where a large area such as 
a building lobby is painted white and is lit by 
high-brightness LEDs that must appear uniform 
in color temperature. 


Variants 





LED area lighting products are often designed to 
emulate the form factors of incandescent bulbs, 


Variants 


halogen reflector bulbs, or fluorescent tubes. The 
standard screw-in base of an LED light bulb, the 
pin-base of a miniature 12V LED reflector bulb, 
and the pins on an LED tube enable easy migra- 
tion to the newer technology. 


Strip lights are unique to LED lighting systems. 
They are thick, flexible plastic ribbons in which 
are embedded a series of LEDs. For area lighting, 
the LEDs are white, and the strips can contain 
necessary control electronics for conversion of 
AC power. The strips can be placed behind ledges 
or moldings to provide soft, even illumination of 
the ceiling above. 


Strip lights are also available for 12VDC power, to 
create lighting effects in customized automo- 
biles and trucks. These strip lights are available 
in various colors in addition to white. Many have 
multicolor capability and can be controlled with 
a handheld remote. 


Comparisons 

The advantages of an incandescent lamp are 
listed in “Relative Advantages” on page 179, 
while advantages of fluorescent lights are lis- 
tedin “Comparisons” on page 194. These lists can 
be compared with the following advantages for 
LED area lighting: 


e While the life of an incandescent lamp for 
room lighting can be as little as 1,000 hours, 
LED area lighting typically claims up to 
50,000 hours. 


¢ The lifetime of an incandescent bulb is the 
average time it can emit light before cata- 
strophic failure. The lifetime of an LED is the 
average time it can emit light before gradu- 
ally dimming to 70% of its rated output. This 
is a much gentler, less inconvenient failure 
mode that does not require immediate re- 
placement. 


e Unlike a fluorescent light or incandescent 
bulb, the LED does not contain hot tungsten 
that fails as a result of erosion. 
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Unlike a fluorescent light, an LED does not 
contain mercury, and therefore does not re- 
quire special recycling arrangements that 
entail associated fees. 


While fluorescents can have difficulty start- 
ing in low temperatures, an LED is not sen- 
sitive to a cold environment. 


Bright LEDs are available in a wide range of 
colors that do not require filtering. Filters 
greatly reduce the efficiency of incandes- 
cent bulbs when they are used in applica- 
tions such as traffic signals or rear lights on 
automobiles. 


High-brightness LEDs can be dimmable. Flu- 
orescent lights are usually not dimmable, or 
perform poorly in this role. 


LEDs are inherently directional, because the 
die radiates light at an angle of 90 degrees 
to its plane. This makes it ideal for ceiling 
mounting, where as much light as possible 
should be directed downward. A fluorescent 
tube or incandescent bulb often requires a 
reflector which reduces the overall 
efficiency. 

LEDs are insensitive to cycling. The life ex- 
pectancy of an incandescent bulb or (espe- 
cially) a fluorescent tube is reduced by cy- 
cling it on and off. 


No flickering. Fluorescent tubes may start to 
flicker as they age. 


No electrical interference. Fluorescent tubes 
can interfere with AM radio reception and 
some audio devices. 


Safe from breakage. LED area lighting does 
not necessarily use any glass. 


However, high-brightness LEDs still have some 
barriers to overcome: 


Cost. In the United States, before 60W incan- 
descent bulbs were legislated out of exis- 
tence, they could be sold profitably for less 
than $1 each. A T8 fluorescent tube, meas- 
uring 1” diameter and 48” long, currently 
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costs between $5 and $6 (retail) but has a life 
expectancy in the region of 25,000 hours, 
and uses only 20% of the power of an incan- 
descent bulb to generate two to three times 
as much light. Clearly the fluorescent tube is 
amore economical choice, despite the price 
of the electronics that must be included in 
the fixture to start the tube. By comparison, 
currently the purchase price of an LED tube 
is three times that of a fluorescent tube. It 
may last twice as long, butis not significantly 
more efficient, generating perhaps 100 lu- 
mens per watt while a fluorescent is typically 
capable of 90 lumens per watt. Prototype 
high-brightness LEDs have exceeded 200 lu- 
mens per watt, and should be competitive 
with fluorescents by 2020, but even then, 
migration will take time. 


Heat sensitivity. Heat reduces the light out- 
put and the lifespan of LED fixtures. 


Placement issues. Because LEDs are heat 
sensitive, they must be installed in locations 
that do not become excessively hot, their 
heat sinks must be correctly oriented, and 
they must have adequate ventilation. 


Color shift. Heat and age may cause the color 
temperature of an LED to shift slightly, as the 
color is usually derived from two types of 
phosphors. 


Nonuniformity. Manufacturing inconsisten- 
cies can cause LEDs of the same type to dis- 
play slightly different color temperatures. 
Fluorescents and incandescents are more 
uniform. 


Lower heat output than incandescents. 
While this is an advantage from the point of 
view of efficiency, it can be a disadvantage 
in applications such as traffic signals or air- 
port runway lighting where waste heat can 
help to keep the lights free from snow orice. 
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Values 





Although the output from an LED area light is 
directional, while the output from an incandes- 
cent bulb ora fluorescent light is omnidirection- 
al, the intensity is measured the same way in each 
instance, using /Jumens. This unit expresses the 
total light emission, without taking directionality 
into account. (The intensity of LED indicators is 
calibrated in candelas, which measure the power 
within an angle of dispersion; but candelas are 
not used for area lighting.) 


Typical values for incandescent bulbs are 450 lu- 
mens for a power consumption of 40 watts, 800 
lumens for a consumption of 60 watts, 1,100 lu- 
mens for a consumption of 75 watts, and 1,600 
lumens for a consumption of 100 watts. Because 
much of the output from an incandescent bulb 
may be wasted by using inefficient reflectors or 
allowing the light to shine in directions where it 
is not needed, a high-brightness LED rated at 
1,000 lumens may actually appear brighter than 
a 75-watt incandescent bulb. 


A T8 fluorescent tube measuring 48” long by 1” 
in diameter consumes only 32 watts but emits 
almost 3,000 lumens—when it is new. This out- 
put gradually diminishes by as much as 40% over 
the lifetime of the tube. 


Incandescent bulbs deliver between 10 and 15 
lumens per watt, approximately. A new fluores- 
cent tube produces around 80 to 90 lumens per 
watt, and LED area lighting at the time of writing 
can provide 100 lumens per watt, under real- 
world conditions. 


What Can Go Wrong 





Wrong Voltage 

Many high-brightness LED lighting units can be 
used with either 115VAC or 230VAC. There are 
exceptions, however. Check the specifications to 
make sure. Also, it is important to avoid applying 
domestic supply voltage to 12V LED miniature 
reflector-bulbs that are intended to replace 
12VAC halogen bulbs of the same size. 


Values 


Overheating 

If a high-brightness LED fixture is equipped with 
a heat sink, this must be exposed to freely flow- 
ing air. Any vanes on the heat sink should be ori- 
ented vertically to encourage convection, and 
the fixture must not be placed in an enclosure. 
Overheating will radically shorten LED life. 


Fluorescent Ballast Issues 


A fluorescent fixture contains a ballastto limit the 
tendency of the tube to draw excessive current. 
The ballast is contained in a plastic box attached 
to the back of the frame in which the tube is 
mounted. 


A magnetic ballast contains a coil, and is by- 
passed by an additional starter that applies un- 
limited current for one second when the power 
is switched on, preheating the tube to initiate 
plasma discharge. 


An electronic ballast performs the same function 
without a separate starter. 


Some LED tubes designed as substitutes for flu- 
orescent tubes may allow a magnetic ballast to 
remain in the circuit, but may not tolerate an 
electronic ballast. Other LED tubes require any 
type of ballast to be unwired from the circuit. The 
unwiring operation will require disconnection of 
a couple of wires by removing wire nuts (assum- 
ing that the fixture has been designed to comply 
with U.S. building codes). The wires are then re- 
connected to apply power directly to the tube, 
and the wire nuts are reapplied to complete the 
new connection. The ballast can remain passive- 
ly in the fixture. 


Failing to remove the ballast and/or the starter 
from a fluorescent fixture before installing an 
LED tube that requires direct connection to the 
power supply can damage the tube. Connecting 
the power incorrectly to the LED tube may result 
in it failing to light up. Documentation supplied 
with the LED tube should provide guidance for 
disconnecting the ballast and connecting the 
tube. Note that the pin functions on LED tubes 
are not standardized at this time. 
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Misleading Color Representation 

Because the spectrum of a white LED is not even- 
ly weighted across all wavelengths, it will fail to 
represent some colors accurately, as shown pre- 


viously. This can be important if LEDs are used to 
illuminate full-color printing or artwork, orifthey 
are installed in stores selling merchandise such 
as clothes, furnishings, or food. 
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In this encyclopedia, a component consisting of multiple separately discernible light- 
emitting diodes, such as a seven-segment numeral, 14- or 16-segment alphanumeric 
character, a dot-matrix character, or a display module containing multiple characters, is 
categorized as an LED display. The term light-emitting diode is hardly ever used to de- 
scribe an LED display, as the LED acronym has become ubiquitous. The acronym does 
not usually include periods between the letters. 


An LED indicator is defined here as a component usually 5mm or smaller in diameter, 
made of transparent or translucent epoxy or silicone, most often containing one /ight- 
emitting diode. It is purposed as a status indicator in a device, rather than as a source of 
illumination, and is sometimes referred to as a standard LED. 


LEDs that are designed to illuminate large living or working areas are discussed in a 
separate entry as LED area lighting. They are sometimes referred to as high-brightness 
LEDs and almost always emit white light. 


The term OLED is an acronym for Organic Light-Emitting Diode, a thin panel in which an 
organic compound is contained between two flat electrodes. Despite its functionality as 
a form of LED, its design is similar to that of thin-film electroluminiscent light sources. 
Therefore it is discussed in the entry on electroluminescence. 


OTHER RELATED COMPONENTS 


¢ LED indicator (See Chapter 22) 

- LED area lighting (See Chapter 23) 

° vacuum-fluorescent (see Chapter 25) 
- electroluminescence (See Chapter 26) 
- LCD (see Chapter 17) 


What It Does 


An LED display presents information on a panel 
or screen by using multiple segments that emit 
light in response to a DC current, almost always 
at a voltage ranging between 2VDC and 5VDC. 
The display may contain alphanumeric charac- 
ters and/or symbols; simple geometrical shapes; 
dots; or pixels that constitute a bitmap. 





A liquid-crystal display, or LCD, serves the same 
purpose as an LED display and may appear very 


similar, except that a liquid crystal reflects inci- 
dent light while an LED emits light. The increas- 
ing use of backlighting with LCDs has made them 
appear more similar to LED displays. 


There is no schematic symbol to represent an LED 
display. Where a segmented display is used, 
often the segments are represented with drawn 
outlines. 


The simplest, most basic, and probably the best- 
known example of an LED display is the seven- 
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How It Works 


segment numeral, one of which is shown in 
Figure 24-1. This is a Kingbright HDSP-313E with 
a character height of 0.4" 





Figure 24-1. The most basic LED display, able to create 
numerals from O through 9 using seven light-emitting seg- 
ments that can be illuminated individually. An eighth seg- 
ment forms the decimal point. 


How It Works 


The process by which an LED generates light is 
explained in “How It Works” on page 207, in the 
entry dealing with LED indicators. Each light- 
emitting diode in an LED display is functionally 
the same as the diode in an LED indicator. 





LEDs must be driven with DC. This is a primary 
distinction between an LED display and an LCD, 
which requires AC. 


Variants 





LCD comparisons 

LCDs and LED displays can look very similar. This 
raises the obvious question: which is appropriate 
for a particular application? 


LCDs (without backlighting) are more appropri- 
ate for applications such as digital watches and 
solar-powered calculators where power con- 
sumption must be minimized. They are capable 
of running for years from a single button cell. 
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LCDs are easily visible in bright ambient light, 
where LED displays are not. LCDs can also be de- 
signed to display complex pictographic shapes 
and symbols, while the segments of an LED dis- 
play are more constrained to be simple in shape. 


An LCD is more likely to be affected by tempera- 
ture than an LED, and powering it entails some 
slight inconvenience, because it requires an AC 
source that is unlikely to be useful elsewhere in 
a circuit. If the LCD uses LED backlighting, it will 
also require a low-voltage DC power source for 
the backlight. An LED display is easier to use in 
that it can be driven directly from a microcon- 
troller or logic chip, with only some series resis- 
tors to limit the current, and the addition of tran- 
sistors to provide additional power where nec- 
essary. 


Seven-Segment Displays 

Early seven-segment LED displays were used in 
digital calculators, before LCDs became an af- 
fordable, practical alternative that greatly exten- 
ded battery life. Initially, the size of the diodes 
was limited, sometimes requiring magnifying 
lenses to make them legible. 


Seven-segment displays are still used in some 
low-cost applications, although LCDs have be- 
come more common. 


Figure 24-2 shows how the segments are identi- 
fied with letters a through g. This scheme is used 
universally in datasheets, and is also used for 
LCDs. The decimal point, customarily referred to 
as “dp,’ is omitted from some displays. The seg- 
ments are slanted forward to enable more ac- 
ceptable reproduction of the diagonal stroke in 
numeral 7. 


Although seven-segment displays are not ele- 
gant in appearance, they are functional and are 
reasonably easy to read. They also enable the 
representation of hexadecimal numbers using 
letters A, B, C, D, E, and F (displayed as A, b, c, d, 
E, F because of the restrictions imposed by the 
small number of segments), as shown in 
Figure 24-3. 
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Figure 24-2. A seven-segment LED display. The lower- 
case identifying letters are universally used in datasheets. 


In appliances such as microwave ovens, very ba- 
sic text messages can be displayed to the user 
within the limitations of seven-segment displays, 
as suggested in Figure 24-4. 


Numbers 0, 1, and 5 cannot be distinguished 
from letters O, |, and S, while letters containing 
diagonal strokes, such as K, M, N, V, W, X, and Z, 
cannot be displayed at all. 


Multiple Numerals 


Displays consisting of a single numeral are now 
rare, as few applications require only one digit. 
Displays of two, three, and four digits are more 
common, as shown in Figure 24-5. 


Additional Segments 


Displays with 14 or 16 segments were introduced 
in an effort to enable the representation of all the 
letters of the alphabet. The segment layout of 
these LED displays is identical to that of compa- 
rableLCDs. The differences between 14-segment 
and 16-segment displays are shown in 
Figure 24-6. Some are angled forward like seven- 
segment displays, even though the addition of 
diagonal segments makes this unnecessary for 
display of characters such as numeral 7. 


Variants 


i 
j 


| a 


mim T| j 


Lai i 


ae fe 


LILI 


LILI 


pt 


LILiLil 





Figure 24-3. Numerals and the first six letters of the al- 
phabet created with seven-segment displays. 


Figure 24-7 shows the scheme for identifying the 
segments of a 16-segment display. This naming 
convention is used in all datasheets. The lower- 
case letters that were customary with seven- 
segment displays are usually abandoned in favor 
of uppercase, perhaps to avoid confusion with 
the letter L. Note that letter | is omitted from the 
sequence. 


For a complete alphanumeric character set en- 
abled by a 16-segment display, see Figure 17-9 
in the entry discussing LCDs. 


An example of a 16-segment alphanumeric LED 
display is shown in Figure 24-8, mounted on a 
breadboard and wired to show the letter N. This 
is a Lumex LDS-F8002RI with a character height 
of 0.8" The componentis still available at the time 
of writing, but in limited quantities. 
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Generally speaking, 16-segment displays were 
never very popular, because the gaps between 
adjacent segments impaired legibility. LED ver- 
sions remain more readily available than LCD 
versions, but dot-matrix displays allow a better- 
looking, more easily legible alphabet, with the 
added possibility of simple graphics. 


In the 1980s, some personal computers used a 
video character set in which each letter, numeral, 
punctuation mark, and special character was 
formed ona video screen from a fixed-size matrix 
of dots. A similar alphabet is now usedin LED dot- 
matrix displays 


). 


(and LCDs, as shown _ in 






Basic text messages can be generated with 
seven-segment displays, although they cannot represent 
alphabetical letters containing diagonal strokes. 
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Multiple seven-segment LED displays are 
often combined in a single component. Top: An Avago 
2.05VDC 20mA display designed for a clock. Bottom: A 
Kingbright two-digit display which draws 20mA_ at 
2.1VDC. The unlit outlines of the numerals would normally 
be hidden behind panels that are tinted to the same col- 
ors emitted by the LED segments when lit. 


Layouts for 14-segment and 16-segment al- 
phanumeric LEDs are identical to those of LCDs. 
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characters per row. The number of characters is 
always listed before the number of rows, so that 
an 8x2 display would contain eight alohanumer- 
ic characters in two horizontal rows. This type of 
component is properly described as a display 
module. 


Display modules are used in consumer electron- 
ics products such as a stereo receiver where sim- 
ple status messages and prompts are necessary 
—for example, to show the tone control settings 
or the frequency of a radio station. Because the 
cost of small, full-color, high-resolution LCD 
screens has been driven down rapidly by the 
mass production of cellular phones, and because 
these high-resolution screens are much more 
versatile, they have already displaced dot-matrix 
display modules in many automobiles and are 
likely to follow a similar path in other devices. 


Pixel Arrays 

The 8x8 pixel array of LED dots shown in 
Figure 24-7. The scheme for identification of segments in Figure 24-9 measures 60mm square (slightly 
a 16-segment alphanumeric LED display. more than 2”) and contains 64 LEDs, each ap- 
proximately 5mm in diameter. Similar arrays are 
available in other sizes and with different num- 
bers of dots. Displays of the same type may be 
assembled edge-to-edge to enable scrolling text 
or simple graphics. 








Figure 24-8. A 16-segment alphanumeric LED display 
showing the letter N. 





Alphanumeric dot-matrix characters are often 
grouped in two or more rows with eight or more 


Figure 24-9. An 8x8 matrix of LED dots measuring more 
than two inches square. 
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Multiple Bar Display 

A bar display is a row of small rectangular LEDs 
in a single component. It may be used for digital 
representation of an analog signal. The higher 
the voltage of the signal, the more bars will be 
illuminated. A typical application would be to 
show the signal strength of an input to an audio 
recorder. Ten bars are often used, as in the display 
shown in Figure 24-10, but multiple components 
can be combined end to end. 





Figure 24-10. Two LED bar displays in which segments 
can be lit individually. 


Single Light Bar 

A light bar can be thought of as a single-source 
LED, as it is configured as a single square or rec- 
tangle. It is mentioned here, rather than in the 
entry for single-source LED indicators, because 
variants may be subdivided into two, three, four, 
or (sometimes) more discrete sections. These 
variants are often included in the same datasheet 
as the monolithic version. 


A light bar contains multiple LEDs (often, four in 
number) behind a translucent panel that pro- 
vides evenly diffused radiance. 


Values 





The values for most LED displays are basically the 
same as for LED indicators, in terms of color, 
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brightness, current consumption, and voltage. 
See “Values” on page 211 for information. 


Multiple-character dot-matrix LED display mod- 
ules may have different requirements for forward 
voltage and forward current, depending on driv- 
ers that are incorporated in the module. Because 
there is no standardization for these modules, it 
will be necessary to consult the manufacturer's 
datasheet. 


How to Use It 





Seven-Segment Basics 

The diodes in aseven-segment LED display share 
either acommon anode oracommoncathode, the 
latter being more frequently used. The two types 
of internal wiring are provided for convenience 
only. Externally, the displays function identically. 


A schematic suggesting the internal wiring and 
pinouts of a typical ten-pin common-cathode 
display is shown in Figure 24-11. The pins are 
numbered as seen from above. Appended to 
each number is the identity of the segment to 
which it is connected. Pins 3 and 8 are connected 
with the cathodes of all the internal LEDs. Both 
of these pins should be used, to serve as heat 
sinks for the display. 


Note that series resistors are not included inside 
the display and must be added externally. Their 
value will be determined by the power supply, to 
limit the forward current and forward voltage 
through the LEDs to the extent specified by the 
manufacturer. 


An encapsulated resistor array containing either 
seven or eight resistors in an SIP or DIP chip can 
be used instead of individual resistors. A seven- 
segment LED display would require the type of 
resistor array in which both ends of each resistor 
are accessible. 


Where two or more numerals are combined in a 
single component, this type of display is likely to 
have two horizontal lines of pins. In this case, pin 
1 will be at the bottom-left corner, seen from 
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above. As always, the pins are numbered coun- 
terclockwise, seen from above. 





Figure 24-11. A schematic view of internal connections 
and pinouts of a seven-segment common-cathode LED 
display. The numbers refer to the pins of the component, 
seen from above. The 1 pin may also have a mark beside it 
on the component, for identification. The orientation of 
the display can be deduced if there is a decimal point, as 
this should be at the bottom-right corner. 


Where three or more numerals are combined in 
a single component, the pinouts may be de- 
signed for multiplexing rather than individual 
access to every segment of each numeral. A four- 
digit clock display, for instance, may have seven 
pins that connect in parallel to respective seg- 
ments in all of the numerals, and four additional 
pins that can ground each numeral in turn, so 
that they can be selected sequentially. 


Driver Chips and Multiplexing 

IIluminating the appropriate segments in a sin- 
gle numeral can be done directly from a micro- 
controller, or through a driver chip such as the 
well-known and widely used 4543B that converts 
a binary-coded decimal input into appropriate 
segment output patterns. The chip can source 
sufficient current to drive each segment through 


How to Use It 


a series resistor. Its pinouts are shown at 


Figure 24-12. 
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4543B 


Figure 24-12. Pinouts of the 4543B seven-segment LED 
driver chip. 


When used in conjunction with a microcontrol- 
ler, the 4543B can drive several seven-segment 
displays by multiplexing them. The basic sche- 
matic to achieve this is shown in Figure 24-13, 
omitting optional features such as leading-zero 
blanking or connections for a decimal point. The 
microcontroller sends the binary code for the 
first numeral and simultaneously grounds the 
common cathode of that numeral through a 
transistor, which is needed because as many as 
seven segments of the numeral may be passing 
current in parallel. The microcontroller then 
sends the binary code for the second numeral, 
and grounds it; then sends the binary code for 
the third numeral, and grounds it; and the cycle 
repeats. So long as this process is performed at 
sufficient speed (at least 50Hz), persistence of vi- 
sion will create the illusion that all the numerals 
are active simultaneously. The circuit can be 
compared with a similar circuit to drive LCDs, 
shown in Figure 17-17. 
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Figure 24-13. A basic, simplified circuit for driving multi- 
ple seven-segment LED displays by multiplexing them. 


The disadvantage of this system is that the mi- 
crocontroller must update the numerals con- 
stantly while performing other duties. To reduce 
this burden, a “smarter” driver such as the 
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MC14489 can be used, controlling up to five 7- 
segment digits, or the Intersil ICM7218, which 
can control up to eight 7-segment digits. 


The MC14489 controller receives data serially, 
using SPI protocol, and handles the details of ad- 
dressing the LEDs. Because it contains latches to 
sustain the displayed data, a microcontroller only 
needs to communicate with the driver when the 
displayed information needs to be updated. 


The ICM7218 is a more sophisticated chip, avail- 
able in several variants, one of which can receive 
data on an 8-bit bus and run the seven-segment 
displays in hexadecimal mode. 


Sixteen-Segment Driver Chip 

The MAX6954 by Maxim can drive up to eight 16- 
segment alphanumeric LED displays using a 
scheme known as Charlieplexing, named after a 
Maxim employee named Charlie Allen who came 
up with the concept as a way of reducing the pin 
count required for multiplexing. Other Maxim 
controllers use this same protocol, which is trans- 
parent to the user. 


A microcontroller sends data serially via 12C pro- 
tocol to the MAX6954, which contains a variety 
of features. It can drive 14-segment and 7- 
segment displays as well as 16-segment displays, 
and contains a 104-character alphabet for each 
of them. Setting up a microcontroller to send the 
various necessary command codes to the 
MAX6954 is not a trivial matter, and bearing in 
mind the probably impending end-of-life of 16- 
segment displays, a better option may be to use 
dot-matrix LED display modules that have con- 
troller logic built in. 


Dot-Matrix LED Display Modules 

A dot-matrix LED display module requires data 
to define a character set, and a command inter- 
preter to process instructions that will be em- 
bedded in aserial data stream. These capabilities 
are provided either by separate chips or (more 
often) are incorporated into the LED display 
module itself. 
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The S$SD1306 is a monochrome graphical con- 
troller capable of I2C or SPI serial communica- 
tion, or parallel communication. When this ca- 
pability is built into a display module, only one 
of these types of communication may be activa- 
ted. 


The $SD1331 is a color graphical controller with 
similar communication capabilities. 


The WS0010 is a monochrome controller, com- 
patible with HD44780, which is designed to con- 
trol LCDs. 


Typical controller functions are summarized in 
“Alphanumeric Display Module” on page 168. 
Because there is no standardization in this field, 
precise details must be found in manufacturers’ 
datasheets. 


Pixel Arrays 

The connections inside an 8x8 pixel array are 
shownin Figure 24-14, where the schematic sym- 
bols for LEDs have been replaced by gray circles 
for space reasons. To illuminate one LED, power 
is supplied to the intersection where it resides. In 
the figure, each vertical conductor (identified as 
A1,A2...A8) can power the anodes of a column 
of eight LEDs, while each horizontal conductor 
(identified as C1, C2... C8) can ground the cath- 
odes of a row of eight LEDs. If only one vertical 
conductor is connected with positive power 
while one horizontal conductor is grounded, on- 
ly one LED will light up, at the intersection of the 
active conductors. 


A problem occurs if we wish to illuminate two 
LEDs. Suppose they are located at (A3,C2) and 
(A6,C5). Unfortunately, providing power to them 
will also result in activating LEDs at (A3,C5) and 
(A6,C2), as shown in Figure 24-15, where the yel- 
low circles represent LEDs that have been switch- 
ed on. 


The answer to this problem is to rasterize the 
process. In other words, data is supplied on the 
array oneline at atime, asin the process by which 
a TV picture is generated. If this is done quickly 
enough, persistence of vision will create the 
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LEDs are 


illusion that the illuminated 


simultaneously. 





Figure 24-14. Internal connections in the 8x8 matrix. 
Each gray circle represents an LED. 





Figure 24-15. An attempt to illuminate LEDs at (A3,C2) 
and (A6,C5) will also activate the LEDs at (A3,C5) and 
(A6,C2). 


A form of multiplexing is used to achieve this. 
One row of LEDsis connected to negative ground 





Chapter 24 235 


How to Use It 


for a brief interval. During this interval, the ano- 
des of selected LEDs are powered momentarily. 
Then the next row is grounded, and selected 
LEDs along that row are powered momentarily. 
This process is repeated for all eight rows before 
being repeated. 


If several 8x8 matrices are assembled edge to 
edge, their horizontal conductors can be com- 
mon to all of them. A horizontally scrollable dis- 
play (sometimes referred to by the archaic term, 
electric newspaper) would then be possible, al- 
though the circuit design would be nontrivial. 


Multiple Bar Display Driver 

The LM3914 is a driver for a bar display that com- 
pares an analog input with a reference voltage 
and provides power to the segments of a multi- 
ple bar display, ranging from 2mA to 30mA, ad- 
justable to match the specification of the display 
that is being used. The chip can generate either 
a “thermometer” effect, as more outputs are ac- 
tivated when the analog input increases, or a 
“moving dot” effect, in which only one output is 
on atatime. 


One-Digit Hexadecimal Dot Matrix 


While multi-character dot-matrix LED display 
modules are a versatile way to display prompts 
and numbers, a simpler component is some- 
times sufficient. The Texas Instruments TIL311 is 
a minimal dot-matrix LED display that receives a 
binary value from 0000 through 1111 on its four 
input pins and generates the output in hexadec- 
imal form, using numerals 0 through 9 and letters 
A through F. The sixteen possible outputs in the 
dot-matrix display are shown in Figure 24-16. Al- 
though this component is no longer being man- 
ufactured, it is widely available from many sour- 
ces, especially in Asia. It eliminates the series re- 
sistors and controller chip that are customary for 
a seven-segment display, and has a_ better- 
looking output. 
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Figure 24-16. Sixteen possible outputs that can be dis- 
played by the Texas Instruments TIL311 to show a hexa- 
decimal value in response to a four-digit binary input. 


A sample of the TIL311 is shown in Figure 24-17 
displaying the number 2. 


If two or more of these chips are put together, 
they can be multiplexed to display multi-digit 
decimal or hexadecimal integers. 


The chip features two decimal points, one to the 
left of the displayed numeral, and one to the 
right. If they are activated, they require their own 
series resistors to limit the current. 
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Figure 24-17. The Texas Instruments TIL311 can be driven 
directly by a microcontroller or counter chip, with no ser- 
ies resistors necessary. It can generate a hexadecimal 
output. 


What Can Go Wrong 





Common Anode versus 

Common Cathode 

An LED display containing a common cathode is 
usually identical in appearance to a display con- 
taining a common anode, and the two versions 
will be distinguished by only one digit or letter 
intheir part numbers. Because LED displays have 
a limited tolerance for reverse voltage, part num- 
bers should be double-checked before applying 
power. 


Incorrect Series Resistance 


Acommonerroris to assume that only one series 
resistor is necessary for a seven-segment LED 


What Can Go Wrong 


display, either between the common cathode 
pin and ground, or, if there is a common anode, 
between that and the positive power supply. The 
problem is that if the resistor is suitable for a sin- 
gle LED, its value will be too high when several 
segments of the display are sinking current or 
drawing current through it. If its value is reduced, 
it will be too low when only two segments are 
using it (as when generating the number 1). 


To provide equal illumination of all the segments, 
each must have its own series resistor. 


Multiplexing Issues 

When several displays are multiplexed, they nat- 
urally appear dimmer, creating a temptation to 
compensate by upping the current. Because cur- 
rent is only being applied to each display inter- 
mittently, a natural assumption is that a higher 
current can be safely used. 


This may or may not be true. When running an 
LED device with pulsed current, the peak junc- 
tion temperature, not the average junction tem- 
perature, determines the performance. At re- 
fresh rates below 1kHz, the peak junction tem- 
perature is higher than the average junction tem- 
perature, and the average current must therefore 
be reduced. 


Datasheets must be checked to determine 
whether a device is designed with multiplexing 
in mind and, if so, what the recommended peak 
current is. Very often this value will be accompa- 
nied byamaximum duration in milliseconds, and 
a calculation may be necessary to determine the 
refresh rate, bearing in mind how many other 
LED displays are being multiplexed in the same 
circuit at the same time. 


Irresponsible multiplexing will shorten the life of 
an LED display or burn it out. 
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fluorescent 


The term vacuum-fluorescent display is seldom hyphenated, but the first two words 
are hyphenated here as they constitute an adjectival phrase. The acronym VFD is be- 
coming increasingly popular, although it is ambiguous, being also used to identify a 
variable frequency drive. In both instances, the acronym is printed without periods be- 


tween the letters. 


The entry in this encyclopedia dealing with fluorescent lights does not include VFDs, 
because their purpose and design are very different. A VFD is an informational display, 
often showing numerals and letters, while a fluorescent light merely illuminates a room 
or work area. Although a VFD does use fluorescent phosphors, they are printed onto 
light-emitting segments of the display instead of being applied to the inside surfaces of 


a glass envelope. 
OTHER RELATED COMPONENTS 


¢ LED indicator (See Chapter 22) 
e LCD display (see Chapter 17) 
- electroluminescence (See Chapter 26) 


What It Does 


How It Works 





A vacuum-fluorescent display or VFD superfi- 
cially resembles a backlit monochrome LCD or 
an LED display, as it can represent alphanumer- 
ic characters by using segments or a dot matrix, 
and can also display simple shapes. It is often 
brighter than the other information display sys- 
tems, and can emit an intense green phosphor- 
escent glow that some people find aesthetically 
pleasing, even though a grid of very fine wires is 
superimposed internally over the displayed im- 
age. 


There is no specific schematic symbol to repre- 
sent a vacuum-fluorescent display. 


The display is mounted inside a sealed capsule 
containing a high vacuum. A widely spaced ser- 
ies of very fine wires, primarily made of tungsten, 
functions as a cathode, moderately heated to en- 
courage electron emission. The wires are often 
referred to as filaments. 


A fluorescent light uses AC, and both of its elec- 
trodes are often confusingly referred to as cath- 
odes. A VFD uses DC, and its cathode array has 
the function that one would expect, being con- 
nected with the negative side of the DC power 
supply. 

Opposite the cathode, just a few millimeters 
away, is an anode that is subdivided into visible 
alphanumeric segments, symbols, or dots in a 
matrix. Each segment of the anode is coated with 
phosphors, and individual segments can be sep- 
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arately energized via a substrate. When electrons 
strike a positively charged anode segment, it 
emits visible light in a process of fluorescence. 
This behavior can be compared with that of a 
cathode-ray tube. However, the cathodes ina VFD 
are efficient electron emitters at a relatively low 
temperature, while the cathodes in a cathode- 
ray tube require substantial heaters. 


Anode, Cathode, and Grid 


A grid consisting of a mesh of very fine wires is 
mounted in the thin gap between the filaments 
of the cathode and the segments of the anode. 
A simplified view of this arrangement is shown 
in Figure 25-1. 


o-—— Cathodes 





Figure 25-1. The basic elements of a vacuum-fluorescent 
display. 


The polarity of the charge on the grid controls 
and diffuses electrons emitted by the cathode. If 
a grid section is negatively charged, it repels 
electrons and prevents them from reaching the 
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sections of the anode beneath it. If the grid sec- 
tion is positively charged, it encourages elec- 
trons to reach the anode. Thus, the grid functions 
in the same way as the grid in a triode vacuum 
tube, but its conductors are so thin, they are 
barely visible. 


How to Use It 


Electronic calculators used vacuum-fluorescent 
displays during the 1970s, before LED displays 
and LCDs became more competitive. Purely nu- 
meric VFD modules are still available as strings of 
digits, although they are becoming uncommon 
and have been replaced by alphanumeric dot- 
matrix modules where each VFD character is 
mounted in its own glass module on a separate 
substrate. 





Figure 25-2 shows the interior of a Commodore 
calculator from the 1970s, with its nine-digit 
vacuum-fluorescent display enclosed in one 
glass capsule. 





Figure 25-2. The vacuum-fluorescent display from a 
1970s Commodore calculator. 


Acloseup of three digits from the previous figure 
appears in Figure 25-3, showing the grid super- 
imposed above each numeral. 
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Figure 25-3. Three digits from the previous figure, show- 
ing the grid that controls their illumination. 


A tinted filter of the same color as the display is 
usually placed in front of it, to conceal some of 
its workings. Thus, the Commodore calculator 
used a green filter in front of its green numerals. 
Figure 25-4 shows two seven-segment numerals 
from another device, with the filter removed. This 
reveals not only the grid but also the horizontal 
wires that function as the cathode. Connections 
between the segments of the numerals and a 
backplane are also visible. 





Figure 25-4. Seven-segment numerals viewed without a 
colored filter, revealing the cathode (horizontal wires) and 
the grid (wire mesh). 


Modern Application 

A modern VFD module is likely to be mated with 
a driver that converts 5VDC to the higher voltage 
(typically 50VDC to 60VDC) required for the dis- 
play. Built-in logic may offer the option to receive 





Variants 


data via an 8-bit parallel bus or with SPI serial 
protocol, and will contain a character set. A typ- 
ical display resolution is 128 x 64 pixels. 


The combination of a grid and a segmented 
anode enables a VFD to be controlled by multi- 
plexing. For instance, in a display of four seven- 
segment numerals, the same equivalent seg- 
ments in all four numerals can be connected in 
parallel while a separate grid covers each numer- 
al. When each grid is positively energized, it se- 
lects the corresponding numeral, and the on-off 
segment patterns appropriate to that numeral 
are supplied. This procedure is repeated for each 
numeral in turn. Persistence of vision makes it 
appear that they are all active simultaneously. 


Variants 





Color 

Although a VFD cannot provide a full-color dis- 
play, selected anode segments can be coated 
with different phosphor colors, which can fluo- 
resce simultaneously. Two or three individual 
colors are typically used, as in the display for a CD 
player where color helps to distinguish a variety 
of different functions. A closeup of a portion of 
the display from a CD player (with color filter re- 
moved) appears in Figure 25-5. 
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Figure 25-5. The lefthand section of a vacuum- 


fluorescent display from a CD player. 
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Character Sets and 

Pictorial Design 

In the past, VFDs have combined seven-segment 
numerals in the same display as custom-shaped 
anodes. Solid-state gain meters in an audio am- 
plifier, for instance, have used numerals beside a 
pictorial representation of gain levels resem- 
bling analog meters. The look and layout of a 
display of this type has been unique to a partic- 
ular product. 


Modern VFDs tend to use a generic dot-matrix 
display in which a character set in firmware dic- 
tates how patterns of dots are grouped to form 
numbers, letters, symbols, or icons. 


The appearance of character sets generated with 
generic segments and dot-matrix arrays is thor- 
oughly discussed and illustrated in the entry de- 
scribing liquid-crystal displays in Chapter 17. 
VFD alphanumeric modules are identical in vis- 
ual design to LCD modules, even though the in- 
ternal electronics are different. 


Comparisons 


Two advantages ofa VFD are that it functions well 
at low temperatures (unlike an LCD) and has suf- 
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ficient brightness and contrast to be usable in 
sunlight (unlike many LED displays). It can be 
viewed from almost any angle. 


Typical applications have included digital instru- 
mentation in automobiles, information displays 
in audio and video consumer-electronics equip- 
ment, and numerical readouts in vending ma- 
chines, medical devices, and some digital clocks. 


Because a VFD requires a relatively high voltage, 
has significant power consumption, can show 
only a limited range of fixed colors, and is more 
expensive than LED displays or LCDs, its popu- 
larity has declined since the end of the 1990s. 


What Can Go Wrong 





Fading 

VFDs gradually fade with age, as a result of re- 
duced electron emission from the electrodes or 
diminishing performance of the phosphor coat- 
ings. Increasing the working voltage can prolong 
the life of a display. 
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electroluminescence 


The field of electroluminescent devices is sometimes referred to as EL. The same acro- 
nym can also be applied as an adjective to an individual electroluminescent device, as 


in, for example, “an EL panel.” 


An organic light-emitting diode, more commonly known by its acronym OLED, is included 
in this entry because it is technically an electroluminescent device and its design concept 
is similar to that of an electroluminescent panel. Generic LEDs are also technically elec- 
troluminescent, but are not commonly described as such, and have their own entries in 
this encyclopedia under the subject categories LED indicator, LED area lighting, and 


LED display. 
OTHER RELATED COMPONENTS 


- LED indicator (see Chapter 22) 

e LCD display (see Chapter 17) 

¢ fluorescent light (see Chapter 20) 

¢ vacuum-fluorescent display (see Chapter 25) 


What It Does 


An electroluminescent device configured as a 
panel, ribbon, or rope-light contains phosphors 
that emit light in response to a flow of electricity. 





Panels can be used as backlights for LCD displays 
or, more often, as always-on low-power devices 
such as exit signs and night lights. Ribbons and 
rope lights (the latter being also known, more 
accurately, as light wires) are used mainly as rec- 
reational novelties. They can be battery powered 
through a suitable voltage converter. A battery- 
powered rope light can be wearable. 


Thin-film OLED electroluminescent panels are 
used in small video screens in handheld devices. 
At the time of writing, OLED TV screens measur- 
ing 50” or more have been demonstrated, but are 
not yet economic for mass production. 


No specific schematic symbol exists to represent 
any electroluminescent device or component. 


How It Works 


Luminescence is the emission of light as a result 
of a process that does not require heat. (The op- 
posite phenomenon is incandescence, in which 
heating causes an object to emit light; see Chap- 
ter 18 for a description of incandescent lamps.) 


Electroluminescence is luminescence resulting 
from stimulation by electricity. This very broad 
definition really includes devices such as LEDs, 
although they are hardly ever described in those 
terms. Electroluminescence generally refers to 
panels, films, or wires where electrodes are in 
direct contact with light emitters such as 
phosphors. 


The exception is an organic LED, usually known 
by its acronym OLED, which is frequently de- 
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scribed as an electroluminescent device, per- 
haps because its configuration as a sandwich of 
thin, flat layers resembles an electroluminescent 
panel. Two of the layers are semiconductors, and 
they interact as light-emitting diodes. 


Phosphors 

A phosphor is a compound such as Zinc sulfide 
that will emit light when it receives an energy 
input from another light source or from electric- 
ity. Typically the compound must be mixed with 
an activator such as copper or silver. 


For many decades, TV sets and video monitors 
were built around cathode-ray tubes in which the 
interior of the screen, at the front of the tube, was 
coated with phosphors. A beam of electrons that 
fluctuated in intensity generated a picture onthe 
screen by drawing it as a series of lines. 


Derivation 

The term phosphor is derived from phosphores- 
cence, which in turn comes from the name of the 
element phosphorous, which will glow when it 
oxidizes in moist air. (These terms were estab- 
lished before other forms of luminescence were 
discovered and understood. The behavior of 
phosphorous is really an example of chemilumin- 
scence.) 


For our purposes, aphosphor is a compound that 
is capable of fluorescence or electrolumines- 
cence. 


Variants 





Panels 

Electroluminescent panels using phosphor pow- 
der, sometimes referred to as thick phosphor, are 
a popular choice where a constant, uniform, low 
light output is acceptable. 


An electric potential is established between two 
films that act as electrodes, separated by a layer 
of phosphor crystals. Some manufacturers refer 
to this configuration as a light-emitting capaci- 
tor because the structure resembles a capacitor, 
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even though thatis not its purpose. The front film 
is transparent, allowing light to escape. 


An electroluminescent panel can be powered by 
ACor DC but requires at least 75V. Its power con- 
sumption is self-limiting, so that no control elec- 
tronics are required other than a voltage con- 
verter if battery power is used. 


The phosphors generate a constant, evenly dis- 
tributed luminescence over the entire area, al- 
though the output is not very intense. Applica- 
tions include night-lights, exit signs, and back- 
lighting for wristwatches. 


Panelescent electroluminescent lighting by Syl- 
vania was used for instrument panel displays in 
some car models such as the Chrysler Saratoga 
(1960 through 1963) and Dodge Charger (1966 
through 1967). It is still used for night-lights. /n- 
diglo electroluminiscent displays are still widely 
used in wristwatches. 


The interior components of a disassembled elec- 
troluminescent night-light are shown in 
Figure 26-1. The panel emits a natural pale green 
glow. A separate blue or green filter passes the 
glow while blocking other colors of incident light 
that would otherwise reflect off the panel. 





Figure 26-1. The two interior components of an electrolu- 
miniscent night-light: the luminescent panel, and a sepa- 
rate translucent filter. 
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Electroluminescent night-lights were popular in 
the 1970s and 1980s, often featuring cartoon 
characters to appeal to children. Figures 26-2 and 
26-3 show the same night-light in its daytime off- 
state and its night-time on-state, respectively. 





Figure 26-2. A vintage Panelescent brand _night-light, 
several decades old, in its off-state. 





Figure 26-3. The same night-light, with its green radiance 
visible under conditions of low ambient light. 


Advantages of electroluminescent panels in- 
clude the following: 


e Lowcurrent consumption. One US manufac- 
turer claims that a single exit sign will use 
electricity costing less than 20 cents per year, 
while the annual cost of a night-light will be 
less than 3 cents per year. 


e Long life, up to 50,000 hours. 


Variants 


¢ Self-regulating; no control circuitry required. 
e Omnidirectional light output. 


e Very wide operational temperature range, 
between approximately -60 and +90 de- 
grees Celsius. 


e Can be plugged directly into a wall outlet. 
Disadvantages include: 


e Limited light output. 
¢ Very limited choice of colors. 


¢ Not very efficient, 2 to 6 lumens per watt (al- 
though the low light output naturally entails 
low power consumption). 


¢ Gradual reduction in phosphor performance 
over time. 


e High voltage required: 60V to 600V. Ideal for 
plugging into a wall outlet, but requires a 
converter when used with battery-powered 
devices. 


Flexible Ribbons 

The light-emitting layers inside a night-light are 
somewhat flexible, and can be made more flexi- 
ble by reducing their thickness. The result is an 
electroluminescent ribbon that has some novel- 
ty value, and may be used for customizing auto- 
mobiles. Figure 26-4 shows a ribbon about 1.5” 
wide and 12” long, designed for 12VDC power 
applied through an inverter. 


Rope Light 

A rope light or wire light may resemble a glow- 
stick. However, a glowstick generates light from 
chemiluminescence (chemical reactions that re- 
lease photons), while a rope light uses electricity. 


Figure 26-5 shows a rope light powered by two 
AA batteries connected through an inverter. 


At the center of the rope light is a conductor that 
serves as one electrode. It is coated in phosphors, 
and the layer of phosphors is protected by a 
transparent sheath. One or more thin wires is 
wrapped around the sheath ina spiral, with large 
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gaps between one turn and the next. These wires 
serve as the second electrode. The wires are en- 
closed in transparent insulation that forms an 
outer sheath. 





26-4. A 12" length of electroluminescent ribbon. 


When AC is applied between the electrodes, the 
layer of phosphors emits light that radiates out 
in the gaps between the thin wires. The color of 
the light can be modified by using tinted outer 
insulation. 


OLED 


An OLED uses two thin, flat electrodes, some- 
what like a thick-phosphor electroluminescent 
panel, except that it contains more layers and is 
capable of generating more light. The layers in 
an OLED are “organic” in that they consist of 
chemically organic molecules containing carbon 
and hydrogen atoms and generally do not con- 
tain heavy metals. 


While an LCD video monitor or TV screen must 
have a separate backlight, an OLED generates its 
own light. This reduces the thickness of the dis- 
play to afew millimeters and makes it potentially 
more efficient. 
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The semiconductor layers are subdivided into 
pixels, each functioning as a light-emitting di- 
ode, while additional layers carry a matrix of con- 
ductors for pixel addressing. In an AMOLED, the 
conductors form an active matrix, while in a 
PMOLED, they form a passive matrix. 





Figure 26-5. A length of glowing rope light, also known as 
a light wire. 


In an active matrix, each pixel is backed with a 
thin-film transistor to store its state while the en- 
ergizing voltage transitions. This is often de- 
scribed as a TFT display; but the term is inter- 
changable with “active matrix.’ 


In a passive matrix, each pair of conductors sim- 
ply supplies current to a pixel. This is cheaper and 
easier to fabricate but is less responsive. 


The terms “active matrix” and “passive matrix” 
have the same meaning as when used to de- 
scribe a liquid-crystal display. 
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Monochrome OLED display modules with dot- 
matrix characters are currently available from 
China for just a few dollars. Although they appear 
superficially similar to LCD modules, they gener- 
ate pure white-on-black characters. 


Small full-color OLED screens are used in smart- 
phones and on camera backs, but at the time of 
writing, large OLED screens are not a mature 
technology, partly because of production costs. 
A great variety of chemicals and layer configura- 
tions have been tried, and the application of pix- 
els to a substrate has been attempted with vac- 
uum deposition through a shadow mask and 
with a system similar to inkjet printing. Pixels that 
emit red, green, and blue light have also been 
used. Filtered pixels have been used. One domi- 
nant process has not yet emerged. 


Longevity and brightness have been problems. 
Where red, green, and blue diodes have been 


Variants 


used, the different colors deteriorate at different 
rates. While the human eye tolerates an overall 
reduction in brightness, it does not tolerate a 
slight color shift caused by blue pixels, for in- 
stance, losing brightness more rapidly than red 
pixels. 


Because OLED screens promise to be thinner, 
lighter, and brighter, and may eliminate the need 
for a fragile glass substrate, there is a strong in- 
centive to develop this technology, which seems 
likely to gain dominance in the future. 


OLED panels may also become a source of dif- 
fuse, shadowless room lighting or office lighting 
when practical problems have been solved and 
costs have fallen significantly. 
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sound source > audio alert > transducer 


The term transducer is used here to describe a noise-creating device that is driven by 
external electronics. By comparison, an audio indicator (discussed in the next entry) 
contains its own internal electronics and only requires a DC power supply. Either of these 
components is often described as a beeper or buzzer. 


A speaker, more properly termed a /oudspeaker, is an electromagnetic transducer but 
is seldom described in those terms. It has a separate entry in this encyclopedia and is 
defined here asa soundreproduction device that is larger and more powerfulthan a typical 
transducer and has a more linear frequency response. 


While piezoelectric transducers formerly used crystals, only the more modern piezo- 
electric type that uses a ceramic wafer will be considered here. 


Some transducers convert sound into electricity, but these are categorized as sensors, 
and will be discussed in Volume 3. The only transducers discussed in this entry are those 


that convert electricity into sound. 


OTHER RELATED COMPONENTS 


¢ audio indicator (see Chapter 28) 
e headphone (see Chapter 29) 
° speaker (See Chapter 30) 


What It Does 


An audio transducer is a device that can create 
an alert. It requires an AC signal that is supplied 
by external electronics, and in its simplest form 
may be referred to as a buzzer or a beeper. 





Audio alerts are used in microwave ovens, wash- 
er/dryers, automobiles, gasoline pumps, security 
devices, toys, phones, and many other consumer 
products. They are often used in conjunction 
with touch pads, to provide audio confirmation 
that a tactile switch has been pressed. 


The schematic symbols in Figure 27-1 can be 
used to represent any kind of audio alert, includ- 
ing indicators, which contain their own elec- 
tronics to generate a simple tone or series of 


tones. Type A is probably the most popular sym- 
bol. Types B and C often appear with the word 
“buzzer” printed beside them for clarification. D 
and E are really symbols for a speaker, but are 
often used for an alert. F is the symbol for a crys- 
tal, now sometimes used to indicate a piezoelec- 
tric noise maker. G specifically represents an elec- 
tromagnetic transducer, but is seldom used. 


How It Works 


A circular diaphragm is glued at its edges inside 
acylindrical plastic enclosure, usually measuring 
from around 0.5” to 1.5” in diameter. The enclo- 
sure is sealed at the bottom but has an opening 
at the top, so that sound can emerge from the 
upper side of the diaphragm without being par- 
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tially cancelled by sound of opposite phase that 
is emitted from the underside of the diaphragm. 
The enclosure also amplifies the sound by reso- 
nating with it, in the same way that the body of 
a guitar or violin amplifies a note being played 
on the strings. 


2 os 
a) al) 


Figure 27-1. An assortment of symbols which can repre- 
sent a transducer or an indicator. See text for details. 


The diaphragm is activated either electromag- 
netically or piezoelectrically, as described next. 


Externally, a transducer may be indistinguisha- 
ble from an audio indicator such as the one pic- 
tured at Figure 28-1. 


Variants 





Electromagnetic 

An electromagnetic transducer contains a dia- 
phragm that is usually made of plastic. Mounted 
onitis a smaller ferromagnetic disc that responds 
to the fluctuating field from AC passing through 
a coil. When the diaphragm vibrates, it creates 
pressure waves that are perceived by the human 
ear as sound. 


A car horn is a particularly loud form of electro- 
magnetic transducer. 


Piezoelectric 

A piezoelectric transducer contains a diaphragm 
consisting of a thin brass disc on which is moun- 
ted a ceramic wafer. When an AC signal is applied 
between the piezoelectric wafer and the disc, the 
disc flexes at that frequency. 
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The term piezo is derived from the Greek piezein, 
which means “to squeeze or press.” 


Ultrasonic Transducer 


The diaphragm in an ultrasonic transducer vi- 
brates at a frequency above the range of human 
hearing. This component may be electromag- 
netic, piezoelectric, or crystal-based. Often it is 
used in conjunction with an ultrasonic receiver 
as a distance measuring device. The two compo- 
nents can be sold pre-mounted on a breakout 
board. An output from the board can consist of 
a pulse train where the pulse duration is propor- 
tional to the distance between the transducer 
and the nearest sound-reflecting object. 


An ultrasonic transducer is pictured in 
Figure 27-2. Its internal components are shown 
in Figure 27-3. 


= 
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Figure 27-2. The exterior of an ultrasonic transducer. 


Submersible ultrasonic transducers may be used 
in cleaning systems, where they agitate a liquid 
that dislodges dirt or debris. Ultrasonic trans- 
ducers are also used in echo-sounding and sonar 
equipment with marine applications. 
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Figure 27-3. Inside an ultrasonic transducer, a small alu- 
minum cone is the sound radiating element. The white 
blobs are adhesive to secure the thin wires. 


Formats 

Some transducers are available in surface-mount 
format, measuring about 0.5” square or less. Be- 
cause the resonant frequency is related to the 
size of the component, surface-mount transduc- 
ers usually generate a high-pitched beep. 


Values 





Frequency Range 

Audio frequency is measured in Hertz, abbrevi- 
ated Hz, named after Heinrich Rudolf Hertz, the 
first scientist to prove the existence of electro- 
magnetic waves. The H in Hz is capitalized be- 
cause it refers toa real name. One thousand Hertz 
can be written as 1 kiloHertz, almost always ab- 
breviated as 1kHz (note that the k is lowercase). 


The human ear is often described as being able 
to detect sounds between 20Hz and 20kHz, al- 
though the ability to hear sounds above 15kHz 
is relatively unusual and diminishes naturally 
with age. Sensitivity to all frequencies can be im- 
paired by long-term exposure to loud noise. 


The most common frequencies applied to audio 
transducers range between 3kHz and 3.5kHz. 


Values 


Piezoelectric elements are inefficient for gener- 
ating sounds below 1kHz, but electromagnetic 
transducers are better able to generate lower 
frequencies. Their response curve can be approx- 
imately flat to frequencies as low as 100Hz. 


Sound Pressure 


Sound pressure can be measured in Newtons per 
square meter, often abbreviated as Pa. Newtons 
are units of force, while Pa is an abbreviation of 
Pascals. 


The sound pressure level (SPL) of a sound is not 
the same as its sound pressure. SPL is a logarith- 
mic value, to base 10, in units of decibels (dB), 
derived from the pressure of a sound wave rela- 
tive to an arbitrary reference value, which is 20 
micro-Pascals (20uPa). This is the agreed mini- 
mum threshold of human hearing, comparable 
to a mosquito at a distance of three meters. It is 
assigned the level of OdB. 


Because the decibel scale is logarithmic, a linear 
increase in the decibel level of a sound does not 
correspond with a linear increase in actual sound 
pressure: 


e For each additional 6cB in the SPL, the actual 
sound pressure approximately doubles. 


e For each additional 20dB in the SPL, the ac- 
tual sound pressure is multipled by 10. 


Bearing in mind that OdB corresponds with the 
reference sound pressure of 20uPa, an SPL of 
20dB represents a sound pressure of 200uPa 
(that is 0.0002Pa), and so on. 


Many tables show an estimated decibel level for 
various noise sources. Unfortunately, these 
tables may contradict each other, or may fail to 
mention the distance at which a sound is meas- 
ured. Figure 27-4 shows estimates derived by 
averaging eight similar tables. It should be 
viewed as an approximate guide. 
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Values 


Decibels 


Noise Example 





140 Jet engine at 50 meters 
130 Threshold of pain 

120 Loud rock concert 

110 Automobile horn at 1 meter 
100 Jackhammer at 1 meter 


90 Propeller plane 300 meters above 
80 Freight train at 15 meters 
70 Vacuum cleaner 
60 Business office 
50 Conversation 
40 Library 
30 Quiet bedroom 
20 Leaves rustling 
10 Calm breathing at 1 meter 
0 Auditory threshold 


Figure 27-4. Approximate decibel values for some sound 
sources (averaged from a selection of eight similar 
charts). 


Sometimes the claim is made that an increase of 
+10 on the decibel scale will correspond with a 
subjective experience that the noise is “twice as 
loud.” Unfortunately, this statement cannot be 
quantified. 


Weighted Sound Values 


Subjective assessment of sound is complicated 
by the nonlinear frequency response of the hu- 
man ear, which causes some frequencies to seem 
“louder” than others, even though their sound 
pressure is the same. The frequency weighting of 
the ear can be determined by playing a reference 
tone of 1kHz at 20dB and then doing an A-B 
comparison with a secondary tone at another 
frequency, asking the subject to adjust the gain 
of the secondary tone up or down until the two 
tones seem equally loud. 


This procedure is performed for a range of fre- 
quencies. The test is then repeated with a louder 
1kHz reference tone, at 30dB. Repetitions con- 
tinue to a final reference tone of 90dB. 
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The resulting curves are knownas equal-loudness 
contours. Anaveraged set, from multiple sources, 
has become an international standard with ISO 
number 226:2003. The curves shown _ in 
Figure 27-5 are derived from that standard. The 
curves show that the sound pressure of lower 
frequencies must be boosted by a significant 
amount to sound as loud as a 1kHz frequency, 
while a frequency around 3kHz must be reduced 
slightly, because it tends to sound louder than all 
others. 
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Figure 27-5. Equal loudness contours derived from ISO 
226:2003. See text for details. 


Although the accuracy of equal-loudness con- 
tours is controversial, they have been the basis 
of a widely used weighting system to adjust dB 
values to represent subjective perceptions of 
loudness. This A-weighting system remains the 
best-known and most widely applied audio stan- 
dard in the United States, even though it has 
been criticized for assigning too little value to 
sounds that are brief in duration. If a sound level 
is expressed in dBA, it is A-weighted, meaning 
that the sounds to which the ear is least sensitive 
are assigned a value that is lower than their 
measured value. Thus, a tone of 100Hz has adBA 
value about 20dB lower than its dB value, be- 
cause the human ear is relatively insensitive to 
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low-pitched sounds. dBA values are used in reg- 
ulations that limit noise in the work place and 
other environments. 


Unweighted Values 


If sound intensity is expressed in dBSPL, it is a 
measurement of the actual Sound Pressure Level 
and has not been adjusted with the A-weighting 
system. A graph of unadjusted dbSPL values will 
display low frequencies as if they are more in- 
tense than the ear will perceive. In practical 
terms, subjective perception of low-end rolloff 
will be even more severe than the graph makes 
it appear. 


If sound intensity is expressed merely in dB, prob- 
ably it is unweighted and should be considered 
as dBSPL. 


From a practical point of view, when choosing a 
tone for a transducer, a 500Hz tone may sound 
relatively mellow and not subjectively loud. A 
3.5kHz tone can bea good attention-getting sig- 
nal, as the ear is most sensitive in that range. 


Transducers generally have a sound pressure rat- 
ing in dBSPL ranging between 65dBSPL to 
95dBSPL, with just a few products that can make 
more or less noise. 


Measurement Location 

The sound pressure from an audio alert will nat- 
urally diminish if the measurement point moves 
farther away. Therefore, any rating in decibels 
should be expressed with reference to the dis- 
tance at which the measurement is made. 


Measurement locations may be expressed in 
centimeters or inches, and may vary from 10cm 
to 1 meter, even in datasheets for different devi- 
ces from the same manufacturer. If the measure- 
ment distance doubles, the SPL diminishes by 
approximately 6dB. 


Limitations 

A piezoelectric transducer is not intended as a 
sound reproducer, and does not have a smooth 
or flat frequency response. The curve for the Mal- 


Values 


lory PT-2040PQ is not unusual, reproduced in 
Figure 27-6. This component measures about 
3/4" in diameter, is rated for 5VDC, and uses only 
1.5mA to generate 90dB (measured at a distance 
of 10cm). Like many piezoelectric audio devices, 
its response peaks around 3500kHz and dimin- 
ishes above and below that value, especially to- 
ward the low end. While it is perfectly adequate 
as a “beeper,” it will not reproduce music suc- 
cessfully. 


1.5K 
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Figure 27-6. The frequency response from a typical small 
piezoelectric transducer. 


An electromagnetic transducer is better able to 
generate low frequencies than a piezoelectric 
transducer. It has a low impedance that may be 
suitable in some circuits. However, it is slightly 
heavier than a comparable piezoelectric trans- 
ducer, uses much more power, and as an AC de- 
vice containing a coil, it can create electroma- 
getic interference or may cause fluctuations in 
the circuit as an inductive load. It is also vulner- 
able to magnetic interference from elsewhere, 
while a piezoelectric transducer is not. 


While an electromagnetic transducer can be 
used to reproduce speech or music, and will do 
a better job than a piezoelectric transducer, its 
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performance will still be dissatisfying. A minia- 
ture speaker is more appropriate for the task. 


Voltage 

Transducers are typically designed to work with 
voltages ranging from 5VAC to 24VAC. The ce- 
ramic wafer in a piezoelectric transducer usually 
cannot withstand voltages much above 40VAC, 
and its sound output will not increase signifi- 
cantly above 30VAC. 


Current 

Typical piezoelectric transducers use less than 
10mA and generate negligible heat. An electro- 
magnetic transducer may draw as much as 
60mA. 


How to Use It 





Appropriate Sound Intensity 


An alert should be chosen with reference to the 
environment in which it will be used. To be easily 
heard, it should be at least 10 dB louder than 
ambient background noise. 


Volume Control 

Sound pressure can be lowered by reducing the 
voltage. Because a transducer does not consume 
much current, a trimmer can serve as a volume 
control. Alternatively, a rotary switch with a set 
of fixed-value resistors can select preset sound 
values. 


AC Supply 


Although a transducer is an AC device, it is un- 
likely to be designed for voltage that fluctuates 
positively and negatively either side of a neutral 
value. Typically it is intended for voltage that 
fluctuates between OV (ground) and the rated 
positive value of the power supply, and its pins, 
wires, or terminals are usually marked accord- 
ingly. If it has wire leads, the red lead should be 
connected to the more-positive side of the sup- 
ply. If it has pins, the longer pin should be more 
positive. 


sound source > audio alert > transducer 


The alternating signal for a transducer can be 
supplied by any simple oscillator or astable mul- 
tivibrator circuit. For a given peak voltage, a 
square wave will generate a louder signal thana 
sinusoidal wave. A simple 555 timer circuit can 
be used, with a second monostable timer to limit 
the duration of the beep if necessary. An astable 
555 can be used to test the transducer and select 
the audio frequency that sounds best. 


Self-Drive Transducer Circuit 

If a transducer has three wires or pins, it is prob- 
ably a self-drive type. The datasheet may identify 
its inputs as M, G, and F, meaning Main, Ground, 
and Feedback. The Feedback terminal is connec- 
ted with a section of the diaphragm which vi- 
brates 180 degrees out of phase with the Main 
terminal. This facilitates a very simple external 
drive circuit, such as that in Figure 27-7, where 
the frequency is determined by the transducer’s 
resonant frequency. 





Self-drive 
520 transducer 





Figure 27-7. A circuit to control a self-drive type of piezo- 
electric transducer. 


What Can Go Wrong 





Overvoltage 
Mallory Sonalerts, one of the largest producer of 
piezoelectric alerts, states that in the “vast ma- 
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jority” of returned products, the failure was 
caused by excessive voltage, often in the form of 
a transient voltage spike. 


Leakage 

If an alert makes a small, low-volume sound 
when it is supposed to be off, some current is 
leaking through it. Less than 1mA may be 
enough to cause this problem. According to one 
manufacturer, it can be fixed by placing a 30V 
Zener transient voltage suppressor diode in ser- 
ies with the alert, or by wiring a small incandes- 
cent lamp in parallel with the alert. 


Note that when the alert is activated, the full 
supply voltage will be seen at the lamp. 


Component Mounting Problems 
Some alerts are packaged with mounting holes, 
but many are not. Those with pins can be sol- 
dered into a board, but those without must be 
glued in place or inserted into a cavity from 
which they cannot shake loose. Silicone adhesive 
is recommended, but care must be taken to avoid 
any of it dripping into the alert before it sets. 


What Can Go Wrong 


Moisture 

If an alert will be used in a location where it is 
vulnerable to moisture, it should be of a type that 
is sealed against the environment. Even a sealed 
unit should ideally be oriented so that it faces 
slightly downward. 


Transducer-Indicator Confusion 


Externally, a transducer and an indicator often 
look identical, and some of them are not marked 
with a manufacturer's part number. Damage can 
be caused by applying DC to a transducer or AC 
to an indicator. If both types of parts are kept in 
inventory, they should be carefully labeled. 


Connection with a Microcontroller 
A piezoelectric transducer can be driven by a mi- 
crocontroller, but an electromagnetic transducer 
is not appropriate in that role, because of its rel- 
atively higher current consumption and its be- 
havior as an inductive load. 





Chapter 27 255 


sound source > audio alert > audio indicator 


An audio indicator is defined here as a noise-creation device that generates a sim- 
ple tone or series of tones. Unlike a transducer, which requires an external source 
of AC to determine its audio frequency, an indicator contains its own electronics and 
requires only a DC power supply. Either of these components is often described as 


a beeper or buzzer. 


While piezoelectric alerts formerly used crystals, only the more modern piezoelectric 
type that uses a ceramic wafer will be considered here. 


OTHER RELATED COMPONENTS 


° transducer (See Chapter 27) 
- headphone (see Chapter 29) 
° speaker (See Chapter 30) 


What It Does 


When DC power is applied to an audio indica- 
tor, in its simplest form it creates a continuous or 
intermittent tone of a fixed frequency. This is 
called an alert. 





Audio alerts are used in microwave ovens, wash- 
er/dryers, automobiles, gasoline pumps, security 
devices, toys, phones, and many other consumer 
products. They are often applied with touch 
pads, to provide audio confirmation that a tactile 
switch has been pressed. 


A few indicators are programmed to create a 
two-tone sound, or multiple-tone sequences. 


See Figure 27-1 in the previous entry for an as- 
sortment of schematic symbols that may be used 
to represent either an alert or a transducer. 


How It Works 


A circular diaphragm is glued at its edges inside 
a cylindrical plastic enclosure, usually measuring 





from around 0.5” to 1.5” in diameter. The enclo- 
sure is sealed at the bottom but has a small hole 
at the top, so that sound can emerge from the 
upper side of the diaphragm without being par- 
tially cancelled by sound of opposite phase that 
is emitted from the underside of the diaphragm. 
The enclosure also contains electronics to gen- 
erate one or more audio tones, and amplifies the 
sound by resonating with it, in the same way that 
the body of a guitar or violin amplifies a note be- 
ing played on the strings. 


A PUI XL453 piezoelectric audio indicator is pic- 
tured in Figure 28-1, fullyassembled onthe right, 
and with its circuit board and diaphragm re- 
moved on the left. This indicator creates a pulsed 
tone at 3.5kHz with a sound pressure of 96aB. It 
draws 6mA at 12VDC and measures approxi- 
mately 1” in diameter. 


For more information about the measurement of 
sound frequency and pressure, see “Frequency 
Range” on page 251 and “Sound Pressure” on 
page 251 in the previous entry. 
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Figure 28-1. A typical piezoelectric audio indicator. 


Externally, an audio indicator may be indistin- 
guishable from a transducer. However, internally, 
an indicator is almost always a piezoelectric de- 
vice, in which a ceramic wafer is mounted on a 
thin brass diaphragm. The term piezo is derived 
from the Greek piezein, which means to squeeze 
or press. 


A transducer (described in the previous entry) is 
a piezoelectric or electromagnetic alert that does 
not usually contain its own circuitry and must be 
driven by an external source of AC, which estab- 
lishes the audio frequency. 


The distinction between an indicator anda trans- 
ducer is often unclear in parts catalogs, where all 
alerts may be identified as buzzers, even though 
they mostly beep rather than buzz. 


Audio Frequency 

For a discussion of audio frequency, see “Fre- 
quency Range” on page 251 in the previous en- 
try. 


History 

Probably the earliest form of electrically activa- 
ted alert was the door bell, in which a 6VDC 
battery-powered solenoid pulled a_ spring- 
loaded lever terminating in a small hammer. The 
hammer struck the bell, but the motion of the 


sound source > audio alert > audio indicator 


lever also opened a pair of contacts, cutting off 
power to the solenoid. The lever sprang back to 
its rest position, which closed the contacts and 
repeated the cycle solong as power was supplied 
through an external pushbutton. 


Subsequent systems used a small loudspeaker 
powered by AC house current through a step- 
down transformer. This created a buzzing sound 
and may have been the origin of the term 
“buzzer.” 


Small components that made a beeping sound 
only became common when digital equipment 
required a simple, cheap way to confirm user in- 
put or attract attention to the status of a device. 


Variants 





Sound Patterns 


Because an audio indicator contains its own elec- 
tronics, the manufacturer has the freedom to 
create various patterns of sound output. 


The default is a steady tone. Other common var- 
ijants include an intermittent tone and a dual 
tone that fluctuates rapidly between two fre- 
quencies. This is sometimes referred to as a Si- 
ren. A few variants can generate an output pat- 
tern consisting of several tones in sequence, or 
effects such as warbling or whooping sounds, 
which are used mainly in alarm systems. 


Formats 

Some audio indicators are available in surface- 
mount format, measuring 1/2” square or less. Be- 
cause the resonant frequency is related to the 
size of the component, surface-mountalerts usu- 
ally make a high-pitched beep. 


Panel-mount and board-mount formats range 
from about 1/2” to 1.5” in diameter. A small audio 
alert designed to be mounted on a circuit board 
is shown in Figure 28-2, with its top removed on 
the right to expose the brass diaphragm glued 
around the edges. The same component is 
shown with its plastic enclosure removed com- 
pletely in Figure 28-3. 
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Figure 28-2. An audio indicator approximately 0.5" in di- 
ameter, partially disassembled on the right, revealing its 
brass diaphragm. 





Figure 28-3. The same indicator from the previous pho- 
tograph, with its enclosure completely removed. 


Values 





For an explanation and discussion of sound pres- 
sure andits measurementin decibels, see “Sound 
Pressure” on page 251 in the previous entry. 


Audio indicators generally havea sound pressure 
rating in dBSPL ranging between 65dBSPL to 
95dBSPL, with just a few products that make 
more or less noise. At 120dB and above, most 
products are packaged as alarm sirens ready for 
installation, often with a small horn attached. 
Their power consumption can be 200mA or 


Values 


more, and they are many times the price of a 
simple indicator designed for circuit-board 
mounting. 


Voltage 

An audio indicator containing its own electronics 
will almost always be rated somewhere in the 
range from 5VDC to 24VDC. Sirens intended for 
use with burglar alarms are often designed for 
12VDC or 24VDC, as these are popular values for 
security systems with battery backup. However, 
in addition to a rated voltage, a datasheet may 
specify a wide range of acceptable operating 
voltages. For example, an indicator with a rated 
voltage of 12VDC may have an operating voltage 
of 3VDC to 24VDC. Naturally, the sound intensity 
will vary with the voltage, but not as much as one 
might assume. The graph at Figure 28-4 shows 
that the sound output from an alarm, measured 
in decibels, increases by only 8dB when voltage 
increases by almost a factor of five. Of course, the 
decibel scale is not linear, but human perception 
of sound is not linear, either. 






Sound output from 
Mallory SC628 


82 panel-mount 
piezoelectric 
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DC Volts 


Figure 28-4. Variation of sound output relative to voltage, 
in acommonly used piezoelectric indicator. 
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Current 

Typical piezoelectric indicators use less than 
10mA (often as little as 5mA) and generate neg- 
ligible heat. 


Frequency 

The most common frequencies for indicators 
range between 3kHz and 3.5kHz. Piezoelectric 
elements are inefficient for generating sounds 
below 1kHz. 


Duty Cycle 
Piezoelectric alerts generate very little heat and 
can be run ona 100% duty cycle. 


If an alert will be pulsed briefly, the minimum 
pulse time is 50ms. A shorter duration will merely 
generate a clicking sound. 


How to Use It 





Appropriate Sound Intensity 

An indicator should be chosen with reference to 
the environment in which it will be used. To be 
easily heard, it should be at least 10 dB louder 
than the ambient background noise. 
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Volume Control 


Sound intensity can be reduced by reducing the 
voltage. Because an indicator does not consume 
much current, a trimmer can serve as a volume 
control. Alternatively, a rotary switch with a set 
of fixed-value resistors can select preset sound 
values. 


However, in many indicators, variations in volt- 
age may have relatively little effect on sound 
output, as shown in Figure 28-4. 


Wiring 

An indicator requires DC voltage. Because the in- 
dicator contains a transistor, polarity of the pow- 
er supply is important. If the indicator has leads 
attached, the one intended for connection to the 
positive side of the power supply will be red. If it 
has pins, the longer pin will be for the positive 
connection. 


What Can Go Wrong 


The potential problems in an indicator are the 
same as those for a transducer. See “What Can Go 
Wrong” on page 254 in the previous entry. 
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The term headphone is used here to include almost any device that fits into or over the 
ear for the purpose of sound reproduction. (Hearing aids are not included.) Because 
headphones are used in pairs, the term is usually pluralized. 


The term phones is fairly common as a colloquial diminution of headphones but is not 


used here. 


An earphone used to be a single sound reproduction device designed for insertion into 
the ear, but has become rare. Pairs of earbuds are now common. 


Because this encyclopedia assigns more emphasis to electronic components than to 
consumer products, this entry provides only a superficial overview of fully assembled 
headphones, and deals more with the drivers inside them, their principles of operation, 


and the general topic of sound reproduction. 
OTHER RELATED COMPONENTS 


° transducer (See Chapter 27) 
° speaker (See Chapter 30) 


What It Does 


A headphone converts fluctuations of an electric 
signal into pressure waves that the human ear 
perceives as sound. It can be used for reproduc- 
tion of music for entertainment purposes, or for 
speech in telecommunications, broadcasting, 
and audio recording. 





Two symbols for headphones are shown in 
Figure 29-1. The symbol on the left shows a single 
headphone or earphone; when this symbol is 
flipped horizontally, it can represent a micro- 
phone. The pictographic symbol on the right has 
been used for many decades, but is still often 
found in schematics. 


] 


Figure 29-1. Schematic symbols for a single earphone or 
headphone (left) and a pair of headphones (right). 


How It Works 





Audio Basics 

Sound is transmitted as pressure waves through 
amedium that is usually air but can be agas, fluid, 
or solid. The speed of transmission will vary with 
the density and other attributes of the medium. 
Small hairs in the inner ears, known as cilia, vi- 
brate in sympathy with pressure waves and 
transmit nerve impulses to the brain, which in- 
terprets the impulses as sound. 
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Three quantities describe the propagation of any 
type of wave, including a sound wave: its fre- 
quency (customarily represented with letter f), 
its speed of propagation (represented with letter 
v, for velocity), and its wavelength from peak-to- 
peak (represented by the Greek letter lambda, 
which appears as this A symbol). 


The relationship is defined by a very simple 
equation: 


v=aA*fFf 


Velocity is usually measured in meters per sec- 
ond, wavelength in meters, and frequency in 
Hertz, abbreviated Hz. One cycle per second is 
1Hz. The H is always capitalized, as it refers to the 
name of Heinrich Rudolf Hertz, the first scientist 
to prove the existence of electromagnetic waves. 
One thousand Hertz can be written as 1 kilo- 
Hertz, almost always abbreviated as 1kHz (note 
that the k is lowercase). 


The human ear is often described as being able 
to detect sounds between 20Hz and 20kHz, al- 
though the ability to hear sounds above 15kHz 
is relatively unusual and diminishes naturally 
with age. Sensitivity to all frequencies can be im- 
paired by long-term exposure to loud noise. 


Naturally occurring sounds can be converted to 
fluctuations in voltage by a microphone, which 
will be found listed as a sensor in Volume 3 of this 
encyclopedia. Artificial sounds can be generated 
as voltage fluctuations by oscillators and other 
electronic circuits. In either case, the output fluc- 
tuations can range between an upper limit set by 
a positive supply voltage and a lower limit es- 
tablished by electrical ground (whichis assumed 
to be 0 volts). Alternatively, the fluctuations can 
range between the positive supply voltage and 
an equal and opposite negative supply voltage, 
with OV lying midway between the two. This op- 
tion can be less convenient electrically but is a 
more direct representation of sound, because 
sound waves fluctuate above and below ambi- 
ent air pressure, which can be considered anal- 
ogous to a ground state. 
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The concept of positive and negative sound 
waves is illustrated in Figure 29-2 (originally pub- 
lished in the book Make: More Electronics). 






Amplifier 
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Figure 29-2. The use of positive and negative voltages to 
represent a wave of high sound pressure followed by a 
trough of lower pressure. 


The topic of sound amplification is explored in 
detail in the entry on op-amps in Chapter 7. 


A headphone inverts the function of a micro- 
phone by converting electricity back into air- 
pressure waves. This is done electromagnetically 
(moving a diaphragm in response to an electro- 
magnet) or electrostatically (moving a mem- 
brane in response to electrostatic force between 
two charged electrodes). 


Variants 





Moving Coil 

The most enduringly popular type of headphone 
uses acoilattached to a diaphragm. This is known 
as a moving-coil headphone, as the coil moves 
with the diaphragm. It can also be referred to as 
having a dynamic driver or dynamic transducer, 
“dynamic” referring to the movement of the coil. 





262 


Encyclopedia of Electronic Components Volume 2 


sound source > reproducer > headphone 


The moving-coil concept is illustrated in 
Figure 29-3. The coil slides into a deep, narrow, 
circular slot in a magnet that is attached to the 
plastic frame of the headphone. The diaphragm 
is supported at its edges by a flexible rim. Varia- 
tions in current passing through the coil create a 
fluctuating magnetic field that interacts with the 
field of the fixed magnet, causing the diaphragm 
to move in and out. A very similar configuration 
is used in many loudspeakers. Detail modifica- 
tions may be made to increase efficiency, reduce 
production costs, or enhance sound quality, but 
the principle remains the same. 


Diaphragm 


Magnet and coil 





Figure 29-3. The basic elements of a moving-coil head- 
phone. 


The internal element of a headphone is shown in 
Figure 29-4. A plastic diaphragm is visible, meas- 
uring slightly less than 2” in diameter. The mag- 
net and coil are concealed underneath. 


The element in the previous figure is normally 
enclosed in an assembly such as the one in 
Figure 29-5, which incorporates a soft padded 
rim to rest upon the ear. 


In an effort to achieve a more balanced frequen- 
cy response, some designs use two moving-coil 
drivers in each headphone, optimized for low 
frequencies and high frequencies, respectively. 


Earbuds, described after the next section, often 
use a miniaturized version of the moving-coil 
design. 


Variants 





Figure 29-4. The sound reproducing element removed 
from a headphone. 





Figure 29-5. The sound reproducing element from the 
previous figure is normally packaged inside this enclosure. 


Other Types 


Electrostatic headphones use a thin, flat dia- 
phragm suspended between two grids that 
function as electrodes. A fluctuating potential 
between the grids, coupled with a reverse-phase 
voltage on the diaphragm, will vibrate the dia- 
phragm, generating pressure waves. A relatively 
high voltage is necessary to achieve this, any- 
where from 100V to 1,000V, supplied through a 
conversion unit between the headphones and 
an amplifier. Electrostatic headphones are 
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known for low distortion and an excellent high 
frequency response, at some extra cost. 


Electret headphones work on a similar principle, 
except that the membrane is permanently charg- 
ed, and a high voltage is not required. Electret 
headphones tend to be small, inexpensive, and 
not of high sound quality. 


A balanced armature design, often referred to by 
the acronym BA, uses a pivoting magnet that is 
claimed to increase efficiency while reducing 
stress on a diaphragm. BA drivers can be ex- 
tremely compact, contained within a sealed met- 
al enclosure measuring less than 10mm x 10mm 
x 5mm. They are commonly used in conjunction 
with in-ear earphones, described in the next 
section. 


Mechanical Design 

Circumaural headphones use large soft pads to 
encircle the ear and block external noise. Their 
size tends to make them heavy, requiring a well- 
designed headband to provide comfortable sup- 
port. Supra-aural headphones are smaller and 
lighter, resting on the ears instead of enclosing 
them. They cannot exclude ambient noise, and 
may have inferior bass response compared with 
the circumaural type. 


Open-back headphones, also known as acousti- 
cally transparent, are favored by some audio- 
philes because their vented outer surfaces are 
thought to create a more natural sound, similar 
to that of a speaker. The open backs naturally 
allow ambient noise to intrude, but also allow the 
sound generated by the headphones to be heard 
by others in a room. Closed-back headphones 
contain their sound and provide more insulation 
against ambient noise. 


Earbuds rest just within the outer folds of the ear, 
facing inward like a pair of tiny speakers. They 
are easily dislodged and provide very little insu- 
lation against ambient noise. Their use became 
common after the introduction of Apple's iPod. 
A pair of earbuds, one of them with its plastic 
cover removed, is shown in Figure 29-6. 
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Figure 29-6. A pair of earbuds, one with its cover re- 
moved to show the sound reproducing element, which 
closely resembles the diaphragm in a full-sized head- 
phone. 


In-ear headphones are designed for insertion into 
the ear canal, often using a soft sheath that con- 
forms with the ear like an earplug. This sheath is 
disposable for hygienic reasons, and because it 
may lose some of its plasticity with use. It ex- 
cludes most ambient noise, and by minimizing 
the air gap between the driver of the headphone 
and the ear drum enables a high quality of sound 
reproduction. 


In-ear headphones are also known as in-ear mon- 
itors, IEMs, ear canal headphones, earphones, and 
canalphones. A pair of in-ear headphones is 
shown in Figure 29-7, one of them with its foam 
sheath removed. The rectangular silver-colored 
object in the headphone on the left contains a 
transducer to create sound pressure. 


A headset consists of one or two headphones 
plus a flexible microphone that extends to the 
promiximity of the mouth of the user. 


Noise-cancelling headphones, popularized by 
Bose, monitor external noise with a built-in mi- 
crophone and generate sound of opposite 
phase, to provide some cancellation. They are 
particularly effective on jet aircraft, where back- 
ground noise tends to be consistent. 
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Figure 29-7. A pair of in-ear headphones, supplied with 
disposable foam plugs that conform flexibly with the ear 
canal. The headphone on the left is shown with its plug re- 
moved. 


Although an earphone is almost obsolete, it is still 
obtainable from specialty suppliers. It has a high 
impedance, making it suitable for use with a 
crystal-set radio. An earphone is pictured in 
Figure 29-8. 





Figure 29-8. A vintage earphone of the type suitable for 
use with a crystal-set radio. 


Values 


Values 





Intensity 

Sound pressure is measured in decibels. For a 
complete explanation and discussion of weigh- 
ted and unweighted decibel scales, see “Sound 
Pressure” on page 251 in the transducer entry. 


Frequency Response 

A plot of sound pressure as a function of fre- 
quency shows the frequency response of a head- 
phone. Measuring the sound pressure meaning- 
fully is a challenge, because the ear canal will add 
coloration to the sound and can amplify some 
frequencies while masking others. Ideally, meas- 
urement should be done at the ear drum, but this 
is not feasible. Consequently, high-end head- 
phones are evaluated by making sound meas- 
urements inside simulated ear canalsinadummy 
human head. 


A comparison between a high-quality $500 au- 
dio product and a transducer that is sold as a 
component for less than $1 illustrates the differ- 
ence in frequency response; see Figure 29-9. The 
Sennheiser headphones have a smooth re- 
sponse that rises toward the low end, compen- 
sating for the lack of bass response that tends to 
be a problem in headphones, and the relative in- 
sensitivity of the human ear to low frequencies. 
The fluctuations at the high end are within about 
5B. 


By comparison, the Kobitone emphasizes the 
range between 3kHz and 4kHz because its pri- 
mary task is to be heard, and these are the fre- 
quencies where human hearingis most sensitive. 
Its low-frequency response trails off (although is 
still much better than that of a piezoelectric 
transducer, where the low response typically di- 
minishes by 40dB to 50dB). The low-frequency 
output of the Kobitone is actually impressive 
bearing in mind that the componentis only 9mm 
in diameter. It draws 60mA at 5VAC. 
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Figure 29-9. Comparison between frequency responses 
of a $1 electromagnetic transducer intended as an audio 
alert and a $500 pair of headphones intended for sound 
reproduction. The upper graph is derived from a review 
online at headroom.com; the lower graph is from the 
manufacturer's datasheet. 


Some manufacturers of audio reproduction 
equipment prefer not to supply frequency re- 
sponse curves. Instead they may claim, for ex- 
ample, that the frequency response of a product 
ranges from 100Hz to 20kHz. This claim means 
very little unless it is accompanied by a range of 
sound pressure levels. If the frequency response 
is consistent within a range of, say, plus-or-minus 
5dB, this may be acceptable. If the range is plus- 
or-minus 20dB, it is not acceptable. The ability to 
reproduce a high note or alow note is not useful 
if the sound is too faint to hear. 


Distortion 

The total harmonic distortion (THD) of any audio 
equipment measures its tendency to add spuri- 
ous harmonics of a single frequency. If head- 
phones are required to reproduce a pure 1kHz 
sinewave, they will also tend to create an addi- 
tional 3kHz tone that is an artifact. This can be 
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caused by the mechanical behavior of a vibrating 
diaphragm. The human ear recognizes distortion 
as a fuzzy or rasping sound. A square wave the- 
oretically contains all the harmonics that are odd 
multiples of its fundamental frequency, and 
sounds extremely distorted. 


THD should be less than 1% in good-quality au- 
dio devices. 


Impedance 


The electrical impedance of headphones is rele- 
vant in that it should match the output specifi- 
cation of the amplifier that drives them. 


What Can Go Wrong 





Overdriving 

Headphones can be damaged by overdriving 
them. Because a low frequency requires larger 
excursions of a diaphragm to transmit the same 
energy as a high frequency, headphones are es- 
pecially vulnerable to being damaged by bass at 
high volume. 


Hearing Damage 

Human hearing can be damaged by prolonged 
listening to headphones at a high volume. Some 
controversy remains regarding an acceptable 
limit for sound pressure. 


Mismatched Impedance 

If the impedance of headphones does not match 
the output of the amplifier driving them, distor- 
tion or a skewed frequency response can result. 
This is known as mismatching. 


Incorrect Wiring 

In most consumer products, a pair of head- 
phones will share a common ground. While the 
connections in a typical three-layer jack plug 
have been standardized, hand-wired repairs or 
extensions should be tested carefully. Incorrect 
wiring will cause unpredictable results. 
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The term speaker is a diminution of loudspeaker. The full word is now so rarely used, 
some catalogs do not recognize it as a search term. This encyclopedia acknowledges 
contemporary usage by using speaker rather than loudspeaker. 


A fully assembled consumer product can be referred to as a “speaker,’ but it also contains 
one or more individual components that are described as “speakers.” To resolve this 
ambiguity, referring to the components as drivers is helpful, but this practice can create 
more ambiguity because other types of components are also called “drivers.’ The only 
real guide to the meaning of speaker is the context in which it is used. 


For the purposes of this entry, a speaker is a sound reproduction device, distinguished 
from a typical electromagnetic transducer by being larger and more powerful, with a 
more linear frequency response. A transducer may be used as a noise-creating device to 
provide an alert, informing the user of the status of a piece of equipment. Because some 
speakers have been miniaturized for use in handheld products, they may be used as 
transducers, allowing some overlap between the two categories. 


Because this encyclopedia assigns more emphasis to electronic components than to 
consumer products, this entry provides only a superficial overview of fully assembled 
speakers, and deals more with the drivers inside them, their principles of operation, and 
the general topic of sound reproduction. 


OTHER RELATED COMPONENTS 


e headphone (see Chapter 29) 
¢ transducer (See Chapter 27) 


What It Does 


Aspeaker converts fluctuations of an electric sig- 
nal into pressure waves that the human ear per- 
ceives as sound. It can be used for entertainment 
purposes or to provide information in the form 





st 


of spoken words or distinctive sounds (as in the 
case of a miniature speaker in a cellular phone, 
playing a ring tone). 


The internationally accepted schematic symbol 
for a speaker is shown in Figure 30-1. 


Figure 30-1. Only one symbol exists to represent a speak- 
er. This is it. 


How It Works 


For a summary of basic concepts and terminol- 
ogy relating to sound and its reproduction, see 
“Audio Basics” on page 261 inthe previous entry. 
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Construction 

A speaker contains a diaphragm or cone witha 
coil attached to it. Fluctuations of current 
through the coil interact with a permanent mag- 
net, causing the speaker to emit pressure waves 
that are proportionate with the current. The de- 
sign is similar in concept to that of a headphone, 
shown diagrammatically in Figure 29-3. The pri- 
mary difference is that a speaker of around 2” or 
more will use acone rather than a flat diaphragm. 
The cone shape is more rigid and creates a more 
directional sound. 


A 2" speaker rated for 1/4W with a 630 coil is 
shown in Figure 30-2, undamaged on the left but 
with its cone cut out on the right. The neck of the 
cone, which is normally inserted in the circular 
groove in the speaker magnet, is shown with the 
inductive coil wrapped around it. 





Figure 30-2. On the left is a 2” speaker. On the right, its 
cone has been cut away to reveal the magnet, with a cir- 
cular groove in it. The neck of the cone, which normally 
slides into the groove, is shown removed. 


A speaker with a cone 4” in diameter is shown 
from the rear in Figure 30-3. 


A miniature surface-mount speaker is shown 
from the front and from the rear in Figures 30-4 
and 30-5. It measures just under 0.4” diameter 
and was made for Motorola. Its power rating is 
50mW. 
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Figure 30-3. The back side of a speaker with a cone 
measuring approximately 4” in diameter. Its magnet is the 
large round section that is uppermost. This unit is rated 
for 4W and has an impedance of 8. 


A speaker designed for a cellular phone is shown 
in Figure 30-6. Note the close resemblance in de- 
sign to the driver used in an earbud, shown in 
Figure 29-6 in the previous entry. 


In the past, speaker cones were made from 
tough, fibrous paper. Modern cones are more 
likely to be plastic, especially in small sizes. 





Figure 30-4. Front view of a surface-mount speaker 
measuring less than 0.4" diameter. 
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Figure 30-5. Rear view of the speaker shown in the previ- 
ous figure. 





Figure 30-6. A miniature speaker measuring slightly 
more than 1/2” diameter and only 0.13” thick, designed 
for use in a cellular phone. It has an impedance of 1500. 


How It Works 


Multiple Drivers 


Generally speaking, a large-diameter speaker 
cone is more effective than a small cone at mov- 
ing the greater volumes of air associated with re- 
production of bass notes. However, the inertia of 
a large cone impairs its ability to vibrate at high 
frequencies. 


To address this problem, a large speaker and a 
small speaker often share a single enclosure. A 
crossover network using coils and capacitors pre- 
vents low frequencies from reaching the small 
speaker and high frequencies from reaching the 
large speaker. The basic principle is shown in the 
simplified schematic in Figure 30-7. 








High-pass 
filter 


Tweeter 






From 
amplifier 


Woofer 


Figure 30-7. The basic principle of a crossover network. 


Because the crossover network must be “tuned” 
to match the characteristics of the speakers, and 
because the combined sound pressure of the 
speakers must be relatively consistent over a 
wide range of frequencies, an actual network 
usually includes additional components. 


Because the audio output from an amplifier con- 
sists of alternating current, polarized capacitors 
cannot be used. Polyester capacitors are 
common. 


The small speaker in a pair is known as a twee- 
ter while the large speaker is a woofer. Although 
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these appellations were whimsically coined, they 
have endured. 


More than two speakers may be combined in an 
enclosure, in a wide variety of configurations. 


Venting 

A speaker radiates pressure waves from the back 
side of its cone as well as from the front, and be- 
cause the waves from front and back are oppo- 
site in phase, they will tend to cancel each other 
out. 


In a miniature speaker, this problem can be ad- 
dressed simply by sealing the section of the en- 
closure atthe rear. Forlarger components, amore 
efficient enclosure can be designed with a vent 
or reflex port at the front. Pressure waves from the 
back of the speaker are diverted over a sufficient 
distance inside the cabinet so that by the time 
they emerge through the port, they are approx- 
imately in phase with low frequencies from the 
front of the speaker, although the back wave will 
lag the front wave by one wavelength. 


This design is referred to as a bass-reflex enclo- 
sure, and was almost universal in high-fidelity 
components until amplifiers became increasing- 
ly powerful during the 1960s. At that point, 
Acoustic Research, located in Massachusetts, 
marketed a product line in which speaker enclo- 
sures were sealed, the argument being that 
when an amplifier can deliver 100W per channel, 
efficiency is no longer an issue, and a sealed en- 
closure can eliminate compromises associated 
with a bass-reflex design. 


Acoustic Research referred to their concept as 
“air suspension,’ as the cushion of airin the sealed 
cavity helped to protect the speaker by limiting 
its excursion. This configuration is now often re- 
ferred to as a closed-box speaker. Some audio- 
philes argue that it must always be inherently 
superior to a bass-reflex design, partly because 
of the one-wavelength lag time associated with 
a reflex port. However, as in many aspects of 
sound reproduction, the debate is inconclusive. 
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Resonance 


The enclosure for a speaker will tend to have a 
dominant resonant frequency. This should be 
lower than the lowest frequency that the speaker 
will reproduce; otherwise, the resonance will em- 
phasize some frequencies relative to others, cre- 
ating unwanted peaks in the response. 


One reason why high-quality speakers tend to be 
physically heavy is to reduce their resonant fre- 
quency. A modern Thiel speaker assembly, for 
instance, uses a front panel of particle board that 
is a full 2” thick. However, heavy enclosures are 
expensive to transport and inconvenient to lo- 
cate or relocate in the home. 


To address this problem, a tweeter and a woofer 
can be mounted in separate boxes. The enclo- 
sure for the tweeter can be very small, light- 
weight, and suitable for placement on a shelf, 
while the heavy box for the woofer can go on the 
floor. Human senses have difficulty locating the 
source of low-frequency sound, so the woofer 
can be located almost anywhere in a room. In 
fact, its single speaker can serve both stereo 
channels. 


This configuration has become the default for 
computer speakers. It is also used in home- 
theater systems, where the woofer has now be- 
come a subwoofer capable of very low frequency 
reproduction. 


Miniature Speakers 

If an electronics project has an audio output, and 
the circuit board will be sharing an enclosure 
with a small speaker, the size of the box and the 
material from which it is fabricated will affect the 
sound quality significantly. A box made from thin 
hardwood may add resonance that sounds 
pleasing, if the speaker is being used just for sim- 
ple electronic tones. By comparison, a metal box 
may sound “tinny. A box fabricated froma plastic 
such as ABS will be relatively neutral, provided 
the plastic is reasonably thick (1/4” being pref- 
erable). 
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Variants 





Electrostatic Speaker 

The principle of an electrostatic speaker is the 
same as that of an electrostatic headphone. A 
charged membrane is stretched between two 
grids in front of it and behind it that act as elec- 
trodes. Because the membrane is so light, it re- 
sponds with very little latency, and its large sur- 
face area creates a diffused sound that many au- 
diophiles find pleasing. However, a high voltage 
is required to drive electrostatic speakers, and 
they are not cheap. 


Powered Speakers 

A unit containing its own driver electronics is re- 
ferred to as a powered speaker, and is used almost 
universally with desktop computers, because the 
computer itself does not contain a power ampli- 
fier. Powered speakers may also enable a more 
versatile crossover network. 


Asubwoofer may have its own amplifier allowing 
control of the cutoff frequency above which the 
speaker will not attempt to reproduce sound. 
The electronics can include protection for a 
speaker against being overdriven. 


Wireless Speakers 


A wireless link between a stereo receiver and its 
speakers will eliminate the speaker wires that are 
normally necessary. However, the speakers 
themselves must be powered, and will have to 
be wired to electric outlets. 


Innovative Designs 


The need for small speakers in consumer prod- 
ucts such as laptop computers has encouraged 
innovative designs. The speaker in Figure 30-8 is 
just 1” square, and its shape is easier to accom- 
modate in a small product than the traditional 
circular speaker. In Figure 30-9, the interior of the 
same speaker shows that inductive coils are ap- 
plied to a square plastic diaphragm. 


Variants 





Figure 30-8. A speaker 1” square, suitable for use with a 
small electronic device. 





Figure 30-9. The speaker from the previous figure, 
opened to show its inductive coils applied to a square 
plastic diaphragm. 


Values 





The typical impedance for speakers in audio sys- 
tems is 8Q. Small speakers may have a higher 
impedance, which can be useful when driving 
them from devices that have limited power, such 
as a TTL-type 555 timer. 


In the United States, the diameter of a circular 
speaker is usually expressed in inches. Speakers 
larger than 12” are rare for domestic use. A 4” 
speaker used to be considered minimal because 
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of its limited low-end frequency response, but 
much smaller speakers have become commonin 
portable devices. 


The low-end frequency response of a miniature 
loudspeaker designed to be surface-mounted 
ona circuit board will be very poor. The graph in 
Figure 30-10 was derived from data supplied by 
the manufacturer. 
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Figure 30-10. Frequency response for a speaker measur- 
ing 15mm x 15mm x 5mm. Small dimensions and lack of 
an enclosure result in a negligible low-end response. 


Power rating for speakers is in watts, measured 
on a root-mean-square (RMS) basis. 


Sensitivity is measured in decibels, at a distance 
of one meter, while a speaker is reproducing a 
single constant tone with a power input of 1W. A 
speaker assembly designed for undemanding 
home use may be rated at 85cB to 95cB. 


Efficiency is a measure of sound power output 
divided by electrical power input. A value of 1% 
is typical. 
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Damage 


As is the case with headphones, the most com- 
mon problem affecting a speaker is damage 
caused by overdriving it. Because a low frequen- 
cy requires larger excursions of a speaker cone to 
transmit an amount of energy comparable to 
that of a high frequency, loud bass notes can be 
hazardous to the cone. On the other hand, if an 
amplifier generates distortion (perhaps because 
it, too, is being overdriven), the harmonics cre- 
ated by the distortion can damage _high- 
frequency speakers. 


Magnetic Field 

Even a small speaker (measuring 2” or less) con- 
tains a magnet that is sufficiently powerful to 
cause problems if it is in close proximity to other 
components, especially if sensors such as reed 
switches or Hall-effect switches are being used. 
Initial circuit testing should be done with the 
speaker as far away as possible, to eliminate it as 
a source of interference. 


Vibration 


Solder joints will be stressed if they are subjected 
to low-frequency vibration from a speaker. Loose 
parts may rattle, and parts that are bolted into 
place may become unbolted. The speaker itself 
may become loose. Thread-locker such as Loc- 
Tite should be applied to nuts before they are 
tightened. 
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This third and final volume of the Encyclopedia 
of Electronic Components is devoted entirely to 
sensors. 


Two factors have caused very significant 
changes in the field of sensors since the 1980s. 
First, features such as antilock braking, airbags, 
and emissions controls stimulated the develop- 
ment of low-priced sensors for automotive 
applications. Many of these sensors were fabri- 
cated in silicon as MEMS (microelectromechani- 
cal) devices. 


The second wave began in 2007 when MEMS 
sensors were installed in the iPhone. A modern 
phone may contain almost a dozen different 
types of sensors, and their size and price have 
been driven down to a point that would have 
been unimaginable 20 years previously. 


Many MEMS sensors are now as cheap as basic 
semiconductor components such as a voltage 
regulator or a logic chip, and they are easy to 
use in conjunction with microcontrollers. In this 
Encyclopedia, we have allocated significant 
space to this segment of the market, hoping 
that the specific products that we have chosen 
will remain popular and available for at least 
the next decade. 


In addition, we have devoted space to older 
components where durability has been proven. 


Purpose 

While much of the information in this volume 
can be found dispersed among datasheets, 
introductory texts, Internet sites, and technical 
briefings published by manufacturers, we 
believe there is a real need for a durable 
resource that assembles all the relevant data in 
one place, properly organized and verified, 
including details that may be hard to find else- 
where. 


This volume may also serve a useful purpose by 
attempting to categorize and classify compo- 
nents in a field that is remarkably chaotic. For 
example, is an object presence sensor different 
from a proximity sensor? Some manufacturers 
seem to think so; others disagree. Understand- 
ing the distinctions and the underlying princi- 
ples can be important if you are trying to 
decide which sensor to use. 


Sensor terminology can also be confusing. To 
take another example, what is the difference 
between a reflective interrupter, a reflective 
object sensor, a reflective optical sensor, a reflec- 
tive photointerrupter, and an opt-pass sensor? 
These terms are used in various datasheets to 
describe components that are all retroreflective 
sensors. Understanding the proliferating variety 
of terminology can be essential if you simply 
want to find something in a product index. 


xix 


Organization 





As in volumes 1 and 2, this volume is organized 
by subject. For example, if you want to measure 
temperature, you'll find the entries for a ther- 
mistor and a thermocouple next to each other, 
in an entire section devoted to the sensing of 
heat. This will help you to compare capabilities 
and choose the component that best suits your 
application. 


The subject path leading to each sensor is 
shown at the top of the first page of each entry. 
For gas flow rate, for instance, you would follow 
this path: 


fluid > gas > flow rate 


Note that the word “fluid” is properly used to 
include gases as well as liquids. 


Exceptions and Conflicts 


Unfortunately, some sensors are not easily cate- 
gorized. There are four problems in this area. 


1. What Does a Sensor Really Sense? 

A GPS chip is a radio receiver, picking up trans- 
missions from satellites. Does this mean it 
should be categorized as a sensor of radio 
waves? No, its purpose is to tell you your loca- 
tion. Therefore, it is categorized as a location 
sensor. This leads to the first general rule: sen- 
sors are categorized by their primary purpose. 
Secondary purposes may be found in the index. 


2. How Many Sensors Are in a Sensor? 

Many surface-mount chips perform more than 
one sensing function. For example, an inertial 
measurement unit (often identified by its acro- 
nym, /MU) can contain three gyroscope sensors 
and three accelerometers—and may contain 
three magnetometers, too. How should it be 
categorized? 


The answer is that an IMU will be mentioned in 
more than one entry in the Encyclopedia, 
because it performs more than one function; 
but it will not have its own separate entry, 


because each entry in the Encyclopedia is for a 
single primary sensing function. 


The names of multisensor chips are, of course, 
included in the index. 


3. How Many Stimuli Can One Sensor Sense? 


A single sensing element may be used in multi- 
ple different types of sensors. The most notable 
example is the Hall-effect sensor, which can be 
found in magnetometers, object presence sen- 
sors, speed sensors, current sensors, and doz- 
ens more. Modern automobiles can contain 
Hall-effect sensors everywhere from the igni- 
tion system to the trunk-locking mechanism. If 
you are using a hard drive with rotating plat- 
ters, it probably contains a Hall-effect sensor to 
monitor the speed of rotation. If you have a 
generic computer keyboard, each keypress is 
probably detected with a Hall-effect sensor. 


Bearing this in mind, how should a Hall-effect 
sensor be classified? And where should you 
expect to find an explanation of how it works? 


The answer is that where different types of 
components contain the same type of sensing 
element, the entry for each component will 
include a cross-reference to one location where 
the sensing element is explained in detail. 


This location will be chosen for its relevance. 
Thus, Hall-effect sensors are explained in the 
entry for object presence sensors, because 
this is their primary function. While it is true 
that a Hall-effect sensor works by detecting a 
magnetic field, that is not its most common 
application. 


4. Too Many Sensors! 


Wikipedia lists more than 100 general types of 
sensors, and even that list is probably not com- 
plete. Consequently, we had to pick and 
choose. Some of the decisions may seem arbi- 
trary, but all of them were made on the 
grounds of practicality. There were three princi- 
ples for deciding what to include and what to 
leave out. 
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1. Is ita component? We are more interes- 


ted in board-mounted components 
than in packaged products that hap- 
pen to contain sensors. For instance, a 
thermocouple is often enclosed in a 
tubular steel probe, and its wire is often 
plugged in to a specially designed 
meter that displays temperature. While 
we do include a photograph of a 
probe, we are primarily interested in 
the welded wires of the thermocouple 


The power category includes sources of electric- 
ity and methods to distribute, store, interrupt, 
convert, and regulate power. The e/ectromag- 
netism category includes devices that exert 
force linearly, and others that create a turning 
force. Discrete semiconductors include the pri- 
mary types of diodes and transistors. See 
Figure P-1 for a contents listing. 


Primary Secondary 
Category Category 


Component 
Type 


inside it. power source battery 

. How much does it cost? An industrial Sennerton | UMInper 
ultrasonic sensor to check items on a fuse 
factory conveyor belt will be sealed pushbutton 
into a module with a waterproof grom- switch 
met around a shielded cable—which is rotary ewitch 


all very nice, but will not be very afford- 
able. This Encyclopedia is more interes- 
ted in board-mountable components 


rotational encoder 
moderation relay 


for one-tenth of the price. resistor 
3. How many people are likely to want it? potentiometer 
The stock of each type of sensor was capacitor 


checked on component vendor sites. If variable capacitor 





only a couple of variants were stocked, AES GRAECoTeE 
we concluded that the limited demand ae 
probably didn’t justify including it here. Bei eles os 
For example, a Ferraris acceleration DC-DC converter 
sensor responds to eddy currents in a DC-AC inverter 
rotating motor shaft, as a way of meas- regulation voltage regulator 
uring vibration in the shaft. This is a Lee: finger electromagnet 
really interesting device, but is unlikely magnetism output Sane 
to be on most people’s shopping lists. 
rotational DC motor 
output 
AC motor 
Volume Contents 
servo motor 
Having explained the organization of this book stepper motor 
and our decisions to include or omit various discrete single disde 
components, we now present a summary of the semi- junction a : 
: unijunction transistor 
contents of all three Encyclopedia volumes: conductor 
multi- bipolar transistor 
Volume 1 bi iat field-effect transistor 
Power; electromagnetic devices; discrete semi- Figure P-1 The subject-oriented organization of cate- 
conductors. 


gories and entries in Volume 1 of this Encyclopedia. 
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Volume 2 

Thyristors (SCRs, diacs, and triacs); integrated 
circuits; light sources, indicators, and displays; 
and sound sources. 


Integrated circuits are divided into analog and 
digital components. Light sources, indicators, 
and displays are divided into reflective displays, 
single sources of light, and displays that emit 
light. Sound sources are divided into those that 
create sound, and those that reproduce sound. 
A contents listing for Volume 2 appears in 
Figure P-2. 


Volume 3 


All the most common types of sensing devices, 
including those that detect location, presence, 
proximity, orientation, oscillation, force, load, 
human input, liquid properties, gas types and 
concentrations, pressure, flow rate, light, heat, 
sound, and electricity. A contents listing for Vol- 
ume 3 appears in Figure P-3. 


Method 


Reference Versus Tutorial 


As its title suggests, this is a reference book, not 
a tutorial. A tutorial such as Make: Electronics 
begins with elementary concepts and builds 
sequentially toward concepts that are more 
advanced. A reference book assumes that you 
may dip into the text at any point, learn what 
you need to know, and then put the book aside. 
If you choose to read it straight through from 
beginning to end, you will find some repetition, 
as each entry is intended to be self-sufficient, 
requiring minimal reference to other entries. 





Theory and Practice 


This book is oriented toward practicality rather 
than theory. We assume that the reader mostly 
wants to know how to use electronic compo- 
nents, rather than why they work the way they 
do. Consequently we do not include detailed 
proofs of formulae or definitions rooted in elec- 
trical theory. 


Primary Secondary Component 
Category | Category Type 


discrete thyristor SCR 

semi- di 

conductor sand 
triac 


integrated 
circuit 


analog solid-state relay 
optocoupler 
comparator 

op-amp 

digital potentiometer 
timer 

digital logic gate 
flip-flop 

shift register 
counter 
encoder 
decoder 
multiplexer 
reflective LCD 


incandescent lamp 


light 
source, 
indicator 
or display 


single 
core neon bulb 
fluorescent light 
laser 

LED indicator 

LED area lighting 
LED display 
vacuum-fluorescent 


multi-source 
or panel 


electroluminescence 


sound audio alert transducer 


r ea 
Se audio indicator 
reproducer headphone 


speaker 


Figure P-2 The subject-oriented organization of cate- 
gories and entries in Volume 2. 
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Primary Attribute Type of 
Category to be Sensed | Sensor 


spatial location GPS 
magnetometer 
presence object presence 
passive infrared 
distance object proximity 
linear position 
orientation rotary position 
tilt 
gyroscope 
accelerometer 
mechanical oscillation vibration 
force force 
human input — single touch 
touch screen 
fluid liquid liquid level 
liquid flow rate 
gas/liquid pressure 
gas gas concentration 
gas flow rate 
radiation light photoresistor 
photodiode 
phototransistor 
heat NTC thermistor 
PTC thermistor 
thermocouple 
RTD 
semiconductor 
infrared temperature 
sound microphone 
electricity metering current 
voltage 


Figure P-3 The subject-oriented organization of cate- 
gories and entries in Volume 3. 


Sensor Output 

In Volumes 1 and 2 of the Encyclopedia, each 
entry included hints on how to use a compo- 
nent. However, many sensors have identical 


forms of output, which are processed in a simi- 
lar way. To avoid repetition, general guidance 
for using nine principal types of sensor outputs 
has been placed in Appendix A at the back of 
this volume. 


For example, many sensors provide an analog 
voltage output that varies with the phenom- 
enon that is being sensed. In Appendix A, you 
will find suggestions on how to adjust the 
range of the output, if necessary, or how to 
digitize it with an analog-to-digital converter. 


You will also find a comparison between serial 
protocols such as |2C and SPI, both of which are 
commonly used when a microcontroller com- 
municates with a digital sensor via a bus. 


Glossary 


In the world of sensors, many terms tend to 
recur. Hysteresis is one; MEMS is another. Rather 
than define these terms repeatedly, some quick 
definitions are gathered in a Glossary. Please 
remember the existence of the glossary if you 
encounter a term that is unfamiliar. See Glos- 
sary. 


In many instances, terms that are italicized in 
the text are defined in the glossary. 


Typographical Conventions 

Within each entry, bold type is used for the 
first occurrence in each entry of the name of a 
component that has its own entry elsewhere. 
Other important electronics terms or compo- 
nent names may be presented in italics. 


The names of components, and the categories 
to which they belong, are all set in lowercase 
type, except where a term is normally capital- 
ized because it is an acronym or a trademark, or 
contains a proper noun. The term Hall effect, for 
instance, has an initial cap because it is named 
after a person named Hall. The term GPS3 is all in 
caps, because it is an acronym; but psi (mean- 
ing pounds per square inch) remains in lower- 
case, because even though it is an acronym, the 
lowercase form is more common. 





Preface xxiii 


The situation is different when specifying units 
that are named after electrical pioneers. All of 
these units should be lowercased when spelled 
out. Thus, when referring to the SI unit of force, 
it is “the newton.’ However, where a unit 
named after a person is abbreviated, the abbre- 
viation is capitalized, as in N for newtons, Hz for 
hertz, Pa for pascals, and A for amperes. 


Mathematical Syntax 


In mathematical formulae, we have used the 
style that is common in programming lan- 
guages. The * (asterisk) is used as a multiplica- 
tion symbol, while the / (forward slash) is used 
as a division symbol. Where some terms are in 
parentheses, they must be dealt with first. 
Where parentheses are inside parentheses, the 
innermost ones must be dealt with first. Con- 
sider this example: 


A= 30 / (7 + (4* 2) ) 


You would begin by multiplying 4 times 2, to 
get 8; then add 7, to get 15; then divide that 
into 30, to get the value for A, which is 2. 


Visual Conventions 


Figure P-4 shows the conventions that are used 
in the schematics in this book. A black dot 
always indicates a connection, except that to 
minimize ambiguity, the configuration at top- 
right is avoided, and the configuration at top- 
center is used instead. Conductors that cross 
each other without a black dot do not make a 
connection. The styles at bottom right are 
sometimes seen elsewhere, but are not used 
here. 


All the schematics are formatted with pale blue 
backgrounds. This enables components such as 
switches, transistors, and LEDs to be highligh- 
ted in white, drawing attention to them and 
clarifying the boundary of the component. The 
white areas have no other meaning. 


To show there is a connection 


@ cae Wee 


: ; This style 
This style is used is not used 


To show there is no connection 


-+- 


This style 
is used 


These styles are not used 





Figure P-4 Visual conventions that are used in the sche- 
matics in this book. 


Units and Backgrounds 

So long as the United States clings stubbornly 
to the habit of expressing dimensions in inches, 
there is a good argument to follow this custom 
in books intended for an American audience. 
With this in mind, Volumes 1 and 2 mostly avoi- 
ded metric units of length. However, as time 
passed, the books were translated for use in 
many parts of the world where the inch is 
regarded as an anachronism. 


Recognizing that we now have an international 
audience, we have used the metric system 
throughout this volume (with very few excep- 
tions, such as a photograph of an American 
plumbing fixture that is designed to fit 3/4” 
pipe). For readers who are metrically impaired, 
here are some units of length, and their abbre- 
viations: 


* 1 nanometer (nm) 

* 1 micrometer (um) = 1,000nm 
* 1 millimeter (mm) = 1,000”um 
+ 1 centimeter (cm) = 10mm 


* 1 meter (m) = 100cm = 1,000mm 
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A micrometer is also known as a micron. 


The basic conversion factor from meters to 
inches is 0.0254. Thus: 


¢ Linch =2.54cm = 25.4mm 
* 1/1000 inch = 25.4um 


Sometimes 1/1000 inch is called a mil. 


In many of the component photographs, a 
graph-paper background is included. Each 
square in these backgrounds is 1mm. 


To avoid confusion, please remember that a 
few of these same component photographs 
appeared in books such as Make: More Electron- 
ics, where the background grid was in tenths of 
an inch. Captions to photographs in this vol- 
ume will remind you that millimeters are now 
used. 


Background colors in the photographs were 
chosen for contrast with the colors of the com- 
ponents, or for visual variety. They have no 
other significance. 


Component Availability 

The world of sensors is changing rapidly, and 
we have no way of knowing if a component will 
enjoy a long production run. We recommend 
checking availability at the following suppliers, 
which we used frequently during the prepara- 
tion of the book: 


* http://www.mouser.com 
» http://www.jameco.com 
* Attp://www.sparkfun.com 


* http://www.adafruit.com 


For obsolete parts, or those that are nearing the 
end of their commercial life, eBay can be very 
useful. Alternatively, new substitutions for old 
parts are often listed at http://vwww.mouser.com. 


Issues and Errata 





There are three situations where the reader and 
the writer may want to communicate with each 
other. 


» We may want to tell you if the book 
contains a mistake of some signifi- 
cance. This is us-informing-you feed- 
back. 


You may want to tell us if you think you 
found an error in the book. This is you- 
informing-us feedback. 


You may be having trouble making 
something work, and you don’t know 
whether we made a mistake or you 
made a mistake. You would like some 
help. This is you-asking-us feedback. 


Here's how you can deal with each of these sit- 
uations. 


Us Informing You 

If you already registered your contact informa- 
tion in connection with Make: Electronics (sec- 
ond edition) or Make: More Electronics, you 
don't need to register again for updates relat- 
ing to the Encyclopedia. If you have not already 
registered, here’s how it works. 


The only way you can be notified if there’s an 
error in the book is if you supply your contact 
information. If we have your email address: 


* You will be notified of any significant 
errors that are found in this book, and 
you will receive a correction. 


* You will be notified if there is a com- 
pletely new edition of this book, or of 
Make: Electronics, or any other books by 
Charles Platt. These notifications will be 
very rare. 


Your contact information will not be used for 
any other purpose. 
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Simply send a blank email (or include some 
comments in it, if you like) to: 


make.electronics@gmail.com 


Please put REGISTER in the subject line. 


You Informing Us 


If you only want to report an error that you 
have found, it’s really better to use the “errata” 
system maintained by our publisher. The pub- 
lisher uses the “errata” information to fix the 
error in updates of the book. 


If you feel sure that you found an error, please 
visit: 
http://bit.ly/encyclopedia_electronic_components_v3 


The web page will tell you how to submit 
errata. 


You Asking Us 


Our time is obviously limited, but if you have a 
question, a quick answer may be available. You 
can send email to make.electronics@gmail.com 
for this purpose. Please put the word HELP in 
the subject line. 


Going Public 

There are dozens of forums online where you 
can discuss this book and mention any prob- 
lems you are having, but please be aware of the 
power that you have as a reader, and use it 
fairly. A single negative review can create a big- 
ger effect than you may realize. It can certainly 
outweigh half-a-dozen positive reviews. 


Responses in the past have been generally pos- 
itive, but in a couple of cases people have been 
annoyed over small issues such as being unable 
to find a part online. Help is available on this 
kind of topic, if you need it. All you have to do is 
send a request to make.electronics@gmail.com. 


Safari® Books Online 








Safari Books Online is an 
on-demand digital library 
that delivers expert content 
in both book and video 
form from the world’s lead- 
ing authors in technology 
and business. 


& Safari 





Technology professionals, software developers, 
web designers, and business and creative pro- 
fessionals use Safari Books Online as their pri- 
mary resource for research, problem solving, 
learning, and certification training. 


Safari Books Online offers a range of plans and 
pricing for enterprise, government, education, 
and individuals. 


Members have access to thousands of books, 
training videos, and prepublication manu- 
scripts in one fully searchable database from 
publishers like O’Reilly Media, Prentice Hall Pro- 
fessional, Addison-Wesley Professional, Micro- 
soft Press, Sams, Que, Peachpit Press, Focal 
Press, Cisco Press, John Wiley & Sons, Syngress, 
Morgan Kaufmann, IBM Redbooks, Packt, 
Adobe Press, FT Press, Apress, Manning, New 
Riders, McGraw-Hill, Jones & Bartlett, Course 
Technology, and hundreds more. For more 
information about Safari Books Online, please 
visit us online. 


You can access the errata page at http://bit.ly/ 
encyclopedia-electronic-components-v3. 


Make: unites, inspires, informs, and entertains a 
growing community of resourceful people who 
undertake amazing projects in their backyards, 
basements, and garages. Make: celebrates your 
right to tweak, hack, and bend any technology 
to your will. The Make: audience continues to 
be a growing culture and community that 
believes in bettering ourselves, our environ- 
ment, our educational system—our entire 
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world. This is much more than an audience, it’s 
a worldwide movement that Make is leading. 
We call it the Maker Movement. 


For more information about Make:, visit us 
online: 


Make: magazine: http://makezine.com/ 
magazine 

Maker Faire: http://makerfaire.com 
Makezine.com: http://makezine.com 
Maker Shed: http://makershed.com 


To comment or ask technical questions about 
this book, send email to: 


bookquestions@oreilly.com. 
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spatial > location > gps 


The acronym GPS properly refers to the entire Global Positioning System, including 
satellites and ground-based control installations. However, a GPS sensor consists of a 
surface-mount chip that processes signals from GPS satellites using a small rectangular 


antenna, often mounted on top of a GPS chip. 


A GPS module is usually a small board on which a GPS sensor is mounted with addi- 
tional components. A GPS receiver is a device including a data display and other fea- 
tures, such as memory, in addition to a GPS module. In casual colloquial usage, 
someone who refers to “a GPS” usually means a GPS receiver. 


GPS is almost always capitalized without periods. 
OTHER RELATED COMPONENTS 


+ magnetometer (see Chapter 2) 


What It Does 


The Global Positioning System is a navigational 
aid jointly funded by the U.S. Department of 
Defense and the U.S. Department of Transpor- 
tation, while being maintained by the U.S. Air 
Force. Signals from GPS satellites can be 
received and processed by modules in a wide 
variety of equipment ranging from aircraft to 
wristwatches. The signals provide location data, 
and may also be used as an accurate time refer- 
ence. 





Schematic Symbol 

There is no specific schematic symbol for a GPS 
chip. It is likely to be shown as a box containing 
abbreviations that define pin functions, similar 
to any integrated circuit chip. 


GPS Segments 


The Global Positioning System consists of three 
segments: 


The space segment 

This originally required 24 communica- 
tions satellites, but was revised in 2011 to 
require 27, to provide better global cover- 
age. As of August 2015, there were 
actually 31 satellites in service, with addi- 
tional “spares” that can be activated if 
necessary. The satellites occupy orbits 
12,500 miles above the Earth, allowing 
each of them to circle the planet twice in 
24 hours. Specifications are maintained 
online. 


The control segment 
This includes a master ground-based con- 
trol station, an alternate master control 
station, 12 command and control anten- 
nas, and 16 monitoring sites, all main- 
tained by the US. Air Force. 


How It Works 


The user segment 
This consists of receiving devices, includ- 
ing those that are government-owned 
and those that are privately owned. 


How It Works 


Each satellite carries multiple atomic clocks that 
maintain precise time, and a pseudo-random 
number generator in the form of a linear- 
feedback shift register (see Volume 2). 





A GPS receiver can distinguish the signals from 
at least four satellites by comparing their 
received pseudo-random bit sequences, and 
can compute the receiver’s distance to each 
satellite by comparing the arrival times of satel- 
lite signals. 


When a satellite appears above the horizon, it 
approaches a receiver. After passing overhead, 
it moves away. This relative motion causes a 
Doppler shift in the received frequency, which 
the receiver circuit must take into account. 


GPS satellites transmit on several frequencies 
simultaneously. The one for civilian use is 
1575.42 MHz, called L1. Another one, 1227.6 
MHz, called L2, is reserved for military use. 


Variants 





A GPS chip generally processes input from an 
antenna and provides output through solder 
pads. The antenna is often integrated as a 
ceramic square or rectangle mounted above 
the chip, but many chips can also process input 
from an external antenna. Figure 1-1 shows a 
GPS chip with a metal shield that is easily mis- 
taken for an antenna. In Figure 1-2, the GPS 
sensor does incorporate a ceramic antenna. 


Some GPS chips contain flash memory for inter- 
nal data logging, although this is not a standard 
feature. 


Suppliers such as Adafruit and Sparkfun offer 
GPS modules mounted on breakout boards for 


spatial > location > gps 


easier connection with other components, as 
shown in Figure 1-2. Some breakout boards 
also include provision for battery backup with a 
button cell. 





Figure 1-1 A GPS sensor. This surface-mount chip is hid- 
den beneath a metal shield. 





Figure 1-2 A breakout board offered by Adafruit, incor- 
porating a GPS sensor. 


GPS capability is almost always included in 
modern smartphones and tablets. It is used in 
handheld devices for navigation on foot, and in 
devices designed to be mounted in motor vehi- 
cles. Cars offer GPS capability as an option 
accessed via a built-in screen. 


A GPS tracker is a device that may lack a display 
and simply logs its position to internal memory, 
from which data can be downloaded to a com- 
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puter later. Many (older) handheld GPS receiv- 
ers have a connector giving access to a serial or 
USB port, and provide data in the same NMEA 
format as the GPS modules described below. 


After the Global Positioning System became 
widely used, other competing systems were 
introduced. These include the European Gali- 
leo, the Russian GLONASS (an acronym for 
Global Navigation Satellite System), and the 
Chinese Beidou. As of 2015, GLONASS had 
become fully operational. Some _ receivers, 
including those in cellular phones, compare sig- 
nals from GPS and GLONASS satellites to ach- 
ieve higher accuracy. 


Values 





Sensitivity is expressed usually in dBm, meaning 
the power ratio in decibels (dB) of the meas- 
ured power referenced to one milliwatt (mW). 


Time to First Fix (TTFF) is the time required to 
obtain an initial fix from a satellite. 


Number of channels is the number of satellites 
that a GPS receiver can track simultaneously. 
Early GPS receivers could sense only four chan- 
nels. Modern units may be able to deal with 22. 


Power consumption may be measured in milli- 
watts. For example, the FGPMMOPA6H GPS 
standalone module by G.top claims power con- 
sumption of 82mW during acquisition of satel- 
lite signals and 66mW_ while tracking 
subsequently. At a typical voltage of 4VDC, the 
chipset consumes about 20mA and approxi- 
mately 17mA, respectively. 


Form factor. This is the size of a chip, often 
determined by the dimensions of the ceramic 
antenna on top of it. Dimensions may be 15mm 
x 15mm or larger. 


Update rate. The number of position measure- 
ments per second. While 1 update per second is 
often sufficient, some chips generate updates 
more rapidly. The frequency of updates is 
expressed in hertz. 


Values 


Output type. This is often TTL-level serial provid- 
ing NMEA data. The baud rate can vary and is 
often selectable. 


Supply voltage. Often below 5VDC. 


Current consumption. Higher during satellite 
acquisition. 


How to Use It 


A GPS module requires only a DC power supply, 
and will start outputting data as soon as it has 
identified satellites that are currently within 
range. 





Data provided by a GPS module uses a rather 
slow and primitive plain-ASCII protocol known 
as NMEA, developed by the National Marine 
Electronics Association. Each block of data is 
known as a sentence, and can be parsed inde- 
pendently of previous and subsequent senten- 
ces. The default transmission rate is 4,800 bits 
per second, using 8 bits to identify an ASCII 
character, no parity, and 1 stop bit. However, 
some GPS modules use a serial rate of 9,600 
bps or faster. 


A sentence begins with a two-letter abbrevia- 
tion defining the type of device employing the 
sentence. For a GPS device, the abbreviation is 
GP. The sentence continues with another 
abbreviation of three characters or more, 
describing the type of data being transmitted, 
so that numeric values in the sentence can be 
interpreted correctly. 


The remainder of a sentence consists of letters 
and numerals in plain ASCII, with values separa- 
ted by commas. A sentence cannot contain 
more than 80 characters. A sentence will spec- 
ify the latitude, longitude, and altitude of the 
GPS, and a value defining the time when the 
readings were derived from satellite signals. 
Some sentence data structures are proprietary, 
established by the device manufacturer, and 
will begin with the letter P. 
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What Can Go Wrong 


A GPS device may send a variety of different 
sentence types in succession, to overcome the 
80-character sentence length limit. Each sen- 
tence will be preceded with an identifier. Sen- 
tence types and data contents will be defined 
in a manufacturer's datasheet. 


Output from GPS chips may be compatible with 
a microcontroller. Output from a GPS breakout 
board will almost certainly be compatible, and 
the board is likely to have its own voltage regu- 
lator. The microcontroller can receive serial data 
from the GPS chip, can stop the GPS chip via its 
enable pin, and can start and stop internal log- 
ging of data in flash memory on the GPS chip if 
this feature is available. 


Code libraries are available online for a micro- 
controller, to enable it to receive and interpret 
serial data from a GPS device. 


Pulse per Second Output 

As the GPS positioning depends on calculating 
distances from the time it takes for a radio sig- 
nal to travel, accurate timekeeping is needed. 
When a GPS receiver obtains a fix for its posi- 
tion, it will get a value for the current time as 
well. This makes GPS receivers usable to supply 
time and frequency standards. Most receiver 
modules report the time together with the 
position. Many also provide a special PPS out- 
put, which produces one pulse per second, pre- 
cisely synchronized with the satellites in view. 


The accurate time provided by the GPS receiver 
can be used to discipline a crystal oscillator. This 
means measuring the crystal oscillator fre- 
quency relative to a GPS-provided reference, 
and continuously adjusting the crystal fre- 
quency to keep it stable. 


What Can Go Wrong 


Problems generally affect chips and modules 
rather than devices. 
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Electrostatic Discharge 


The patch antenna on a GPS chip connects with 
the chip via an RF input. If the antenna is sub- 
jected to an electrostatic discharge, the chip 
can be permanently damaged. Likewise, dam- 
age will result if a discharge is applied to the RF 
input, for example through a soldering iron. 
The chip must be grounded before any work is 
done involving the RF input. 


Failure to Ground Properly 

The ground solder pad on a chip, or the ground 
pin on a breakout board, must make contact 
before voltage is applied to other pads or pins. 


Cold Joints 


The patch antenna on a GPS chip can function 
as a heat sink, increasing the risk of cold solder 
joints when the chip is being mounted on a 
board. 


Restricted Availability 


U.S. regulations limit the export of some GPS 
devices capable of rapid positional updates 
that could be usable in military aircraft or mis- 
siles. Other restrictions also apply. Suppliers 
may be inconsistent in their refusal to allow 
purchase of restricted items outside of the Uni- 
ted States. 


Inability to Detect Satellites 


Any GPS device may fail to detect satellite sig- 
nals if its view of the sky is obstructed. Recep- 
tion is usually possible through window glass, 
but may not be available through walls, a roof, 
heavy tree cover, and other natural obstruc- 
tions. 


Exceeding Maximum Velocity or 
Altitude 

Security regulations limit the capability of GPS 
devices to function above 60,000 feet or at 
greater than 1,200 miles per hour. Outside of 
these limits, the GPS device will not provide 
data. This may affect applications in amateur 
rocketry or high-altitude balloons. 
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This entry deals only with magnetic sensors that respond to the Earth’s magnetic field. 
Small magnetic sensors such as the ubiquitous Hall sensor may be used for many other 
purposes, such as determining the position or rotational speed of mechanical compo- 
nents. These applications involve object presence sensing; see Chapter 3. In that 
entry, Hall sensors are discussed at “Hall-Effect Sensor”. 


In the past, a magnetometer was a bulky measurement device incorporating knobs 
or other controls and some form of display. While that use of the word is still common, 
this entry deals only with chip-based magnetic sensors. 


OTHER RELATED COMPONENTS 
+ accelerometer (see Chapter 10) 


* gyroscope (see Chapter 9) 
+ GPS (see Chapter 1) 


What It Does 


A traditional compass consists of a thin magne- 
tized strip of metal balanced on a pivot. It 
aligns itself with the Earth’s magnetic field. 





A scalar magnetometer measures the total 
strength of a magnetic field. A vector magneto- 
meter can measure the strength in a specified 
direction. In particular, it can provide a numeric 
output describing the angle between the orien- 
tation of the measuring device and the Earth's 
magnetic poles. 


Chip-based magnetometers are usually vector- 
type, containing three sensors mounted 
orthogonally—that is, each of them at 90 
degrees to the other two. Suitable software can 
interpret the analog readings from the sensors 
to calculate magnetic north or south regardless 
of the angle at which the instrument is being 
held, relative to the ground. 


Schematic Symbol 
There is no specific schematic symbol for a 
magnetometer. 


IMU 


A gyroscope measures the rate of rotation of 
the enclosure in which it is mounted. This is 
properly known as the angular velocity. A gyro- 
scope will also respond to changes in the rate 
of rotation. It does not measure linear motion 
or a Static angle of orientation. 


An accelerometer measures variations in lin- 
ear motion and will also measure its own static 
orientation relative to the force of gravity. If an 
accelerometer rotates around its own axis, it 
will not measure angular velocity. 


When an accelerometer and a gyroscope are 
contained in the same package, optionally with 
a magnetometer, they may be described as an 
IMU (inertial measurement unit), which can pro- 


How It Works 


vide necessary data to maneuver aircraft, 
spacecraft, and watercraft, especially when 
GPS signals are unavailable. 


Applications 

Magnetometers are found in handheld equip- 
ment such as digital compasses, cameras, and 
cellular phones. They are usually surface-mount 
chips that are manufactured in large quantities 
and may be used in conjunction with micro- 
controllers. For the hobby-electronics commu- 
nity, or for experimental product development, 
a magnetometer may be mounted on a break- 
out board for ease of use. A board using a Hon- 
eywell HMC5883L is shown in Figure 2-1. 





Figure 2-1 The Honeywell HMC5883L 3-axis magneto- 
meter mounted on a breakout board. The background grid 
is in millimeters. 


How It Works 


An explanation of magnetometers requires an 
understanding of the fundamentals of magnet- 
ism. 





Magnetic Fields 

A magnetic field is often represented by field 
lines that show the strength and vector of the 
field. Field lines associated with a simple per- 
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manent magnet are shown in Figure 2-2, where 
the strength, or flux density, at any point, is indi- 
cated by the spacing the lines, while the angle 
tangential to a line indicates its vector. (For an 
extended discussion of magnetism, see elec- 
tromagnet in Volume 1.) 











Figure 2-2 Field lines representing magnetic flux created 
by a bar magnet. Space between the field lines is inversely 
proportional to flux density. In reality this is a three- 
dimensional effect, and a more accurate representation 
would show the magnet and field lines revolved around 
the axis of the magnet. 


The flux density of a magnetic field is usually 
represented by the letter B, and is measured in 
newton-meters per ampere, more commonly 
referred to as tes/as (T). An older unit of meas- 
urement was gauss (G), 1 tesla being equivalent 
to 10,000 gauss. Some datasheets still refer to 
gauss. 


The Earth's magnetic field is believed to result 
from convection currents in the outer liquid of 
the Earth's core. The strength of this field varies 
from 25 to 65 microteslas (0.25 to 0.65 gauss) 
depending on the location where it is meas- 
ured. To a very rough approximation, the Earth 
behaves as if a giant bar magnet connects the 
magnetic north pole and the magnetic south 
pole. See Figure 2-3. 
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Figure 2-3 The magnetic field of the Earth approximately 
resembles the field around a bar magnet. 


Note that in northern and southern latitudes, 
the field lines angle steeply down toward the 
surface, while the lines are approximately paral- 
lel with the surface near the equator. Conse- 
quently a magnetometer held tangentially to 
the surface of the Earth will tend to measure a 
stronger horizontal field near the equator than 
near the poles. 


The varying angle of the field lines tangential to 
the Earth is known as their inclination. Varia- 
tions in field strength can be used to determine 
an approximate location, although the GPS 
(Global Positioning System, using satellites) 
enables this much more accurately. 


Confusion results from the fact that the 
nothern magnetic pole of the Earth actually 
behaves as a south pole, while the southern 
magnetic pole behaves as a north pole. That is, 
when a permanent magnet is free to rotate, its 
north pole will orient itself toward the so-called 
northern magnetic pole of the Earth, even 
though opposite poles attract. The northern 
pole of the Earth should therefore be thought 
of as the pole that attracts the north end of a 
compass. 


Earth’s Axes 

Planet Earth revolves around an imaginary line 
referred to as the axis of rotation. This line is 
close to, but not quite coincident with, the 
magnetic axis connecting the magnetic north 
pole and magnetic south pole, as shown in 
Figure 2-4. 


How It Works 


North 
geographic pole 


North 
magnetic pole 






1 






South 
geographic pole 


South 
magnetic pole 


Figure 2-4 The angle between the magnetic axis and the 
rotational axis of the Earth is approximately 11 degrees. 


Magnetic declination is the angle between the 
magnetic north pole and the geographical 
north pole, as perceived by an observer. This 
angle will vary depending on the observer's 
location on the surface. 


Because of declination, the direction of mag- 
netic force at points on the surface of the 
planet will vary with latitude and longitude, as 
shown in Figure 2-5. In this figure, the magnetic 
meridians are shown in red, superimposed on 
the geographical meridians shown in green. 
Magnetic meridians show the direction of mag- 
netic force, while geographic meridians are 
drawn between the ends of the axis of rotation 
of the Earth. While there is an approximate cor- 
relation between the two, in some areas, espe- 
cially near the north and south poles, the 
discrepancy can be more than 40 degrees. 
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How It Works 











Figure 2-5 The red lines indicate the direction in whicha 
compass would be likely to point to magnetic north. The 
green lines connect the geographical poles of the planet. 
(From Wikimedia Commons.) 


Standard declination tables for locations on the 
Earth are available, and these values must be 
added to, or subtracted from, the reading from 
a compass or magnetometer to determine the 
direction of geographical north. Navigational 
systems customarily express the heading of a 
vehicle or vessel relative to geographical north, 
as shown in Figure 2-6. 


Coil Magnetometer 

Current flowing through a wire creates a mag- 
netic field with flux density that is directly pro- 
portional to the current in amperes. Conversely, 
a changing magnetic field will induce current in 
a wire. This principle is used in a coil magneto- 
meter, which can detect buried objects when 
the coil moves above them. A rotating coil mag- 
netometer can determine magnetic field 
strength while remaining in a stationary posi- 
tion. However, the coil in a coil magnetometer 
must be relatively large. 


Hall Effect and Magnetoresistance 


In modern handheld devices, a magnetometer 
will generally use either the Hall effect (see 
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“Hall-Effect Sensor”) or 
described here. 


magnetoresis tance, 





Figure 2-6 Heading is an angle usually calculated rela- 
tive to geographical north, sometimes referred to as “true 
north.” 


Magnetoresistance is a phenomenon where the 
resistance of a material changes fractionally 
when it is exposed to a magnetic field. This is 
capable of yielding greater accuracy than Hall- 
effect sensors, but has tended to be more 
expensive. 


Orthogonally oriented sensors contained in a 
surface-mount chip are aligned with axes iden- 
tified with letters X, Y, and Z. These sensors are 
analog devices whose values are converted to 
digital values by an onboard analog-to-digital 
converter (ADC). The values are stored in regis- 
ters that are available to other devices, often via 
the /2C protocol, which is widely used by micro- 
controllers. 


Typically there will be two eight-bit registers for 
each axis, one defining the high byte and the 
other defining the low byte for the digital value. 
In reality the ADC is likely to use 10 to 13 bits, 
with the remaining 6 to 3 bits being unused. 
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Variants 


Variants 


How to Use It 





The Freescale Semiconductor FXMS3110 is a 
typical low-cost chip containing a 3-axis mag- 
netometer sensor. Many chips now additionally 
include a 3-axis accelerometer sensor. An exam- 
ple is the LSM303 by STMicroelectronics, which 
is sold on a breakout board by Adafruit. See 
Figure 2-7. 


LSM3S@3DLHC 
Compass+fAccel 


Heo, 
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Figure 2-7 The LSM303 is a chip manufactured by STMi- 
croelectronics. It is shown here on a breakout board from 
Adafruit. 


See Chapter 10 for an explanation of the func- 
tion of accelerometers. 


The InvenSense MPU-9250 is a highly sophisti- 
cated IMU, including a 3-axis gyroscope in 
addition to a 3-axis magnetometer and 3-axis 
accelerometer. 


A processing unit in the MPU-9250 reconciles 
the nine variables, and the digital output can 
be accessed via I2C or SPI protocol at speeds up 
to 1MHz. All functions of the chip are contained 
within a package measuring less than 3mm 
square. 


See Chapter 9 for additional details about the 
functioning of a gyroscope. 


A basic 3-axis magnetometer sensor such as the 
HMC5883L can be tested with a microcontroller 
that can receive data from its registers via 12C 
protocol. This is relatively easy with an Arduino, 
which was designed to be I2C-capable. 


Several breakout boards are available with the 
HMC5883L mounted on them. Many of these 
boards contain a voltage regulator, allowing a 
5VDC power supply to be used even though 
the chip is designed for a typical supply of 
2.5VDC. 


In addition to the power supply, the breakout 
board only requires two connections for I2C 
communication, to its SCL pin (serial clock 
input) and SDA pin (serial data input/output). If 
basic I2C software is installed on the microcon- 
troller, it will read digital values from the mag- 
netometer registers. If additional software is 
used, it will convert the values to magnetic flux 
densities in microteslas for the X, Y, and Z axes. 
Code libraries to achieve these goals are widely 
available online. 


A more sophisticated chip such as the Inven- 
Sense MPU-9250 can be used similarly, but 
yields additional data for conversion. Here 
again, code libraries can be found online. The 
slightly older MPU-9150 is sold on a breakout 
board with downloadable code from Sparkfun. 


What Can Go Wrong 


Bias 

Magnetometers are sensitive to their environ- 
ment, which can induce magnetometer bias of 
two types. 





Hard-iron bias is primarily caused by magne- 
tized material inside the device containing the 
magnetometer. Because this effect is usually 
unvarying, compensating for it is relatively easy. 
Soft-iron bias is caused by interaction between 
variations in the Earth’s magnetic field and 
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What Can Go Wrong 


materials inside a magnetometer that can be 
magnetized. 


A common example of soft-iron bias would be 
power lines, generating a magnetic field that 
can affect model aircraft and drones using 
magnetometers for navigation. 


Mounting Errors 


Placement of a chip-based magnetometer on a 
circuit board is critical. The field effects of trans- 
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formers or relays must be taken into account, 
and even the low voltage and low current ina 
circuit trace can create a magnetic field suffi- 
cient to disturb a chip. No traces on any layer of 
the board should pass across the footprint of 
the chip. A magnetometer should not be 
mounted within a ferromagnetic case. 
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An object presence sensor may also be described as an object detector or detection 
sensor. 


The term proximity sensor may be applied to this component. However, in this Ency- 
clopedia a proximity sensor has the capability of estimating the distance to a target. 
See Chapter 5. An object presence sensor merely detects whether an object is within a 
preset range, and does not provide additional information. 


Optical and magnetic object-presence sensors are described and compared in this 
entry. Ultrasonic sensors are described in the entry dealing with proximity sensors, 
because they tend to be used for distance measurement rather than just for detection. 
Other methods of object presence sensing, including capacitive, doppler, inductive, 
radar, and sonar, are not included in this Encyclopedia. 


A sensor that detects an object by receiving light reflected from it is categorized as a 
reflective sensor, and is included in this entry. (If a module includes a light source as 
well as a light sensor, it is properly categorized as retroreflective, although that term is 
not always used.) 


A sensor that detects an object when it interrupts a beam of light is a transmissive sen- 
sor, and is included in this entry. It may also be described as a through-beam sensor or 
as an optical switch. 


A sensor that responds to the motion of an object that emits infrared radiation is a 
passive infrared motion sensor, also described by its acronym, PIR, and often referred 
to simply as a motion sensor. It has its own separate entry. See Chapter 4. 


Phototransistors and photodiodes may be used as sensing elements in presence 
sensors. These components have their own entries as light sensors. See Chapter 22 and 
Chapter 21. 


OTHER RELATED COMPONENTS 


* proximity sensor (see Chapter 5) 


+ passive infrared sensor (see Chapter 4) 


What It Does mined range, without necessarily measuring 





ence or absence of an object within a predeter- 


how far away it is or how fast it is moving. The 
An object presence sensor verifies the pres- object may be described as a target. 


ll 


Variants 


Object presence sensing is often used to verify 
the correct function of an automated system— 
for example, the placement of objects on a con- 
veyor belt. It can also be used to count objects 
as they pass a sensor. 


Some types of security systems use presence 
sensors to sound an alarm if an intruder inter- 
rupts a beam of light. They can verify that a 
door or window is closed. They may also func- 
tion as a limit switch to control the operation of 
a motor. 


Schematic Symbol 


In schematics, an optical presence sensor may 
be indicated with the symbol for an LED, plus 
the symbol for a phototransistor, with one or 
two arrows connecting them, as shown at top- 
left in Figure 3-1. Wavy-line arrows may indicate 
an infrared connection. 


A photodiode may be substituted for a photo- 
transistor, as shown at top-right in the figure. 


A magnetic sensor may be shown with the 
symbol for a Hall-effect sensor, as in the lower 
half of Figure 3-1. 


ee eh 


Power 


Output Output 


Negative 
ground 


Figure 3-1 Top: two possible schematic symbols for an 
optical presence sensor, using a phototransistor (left) or 
photodiode (right). Other variants are possible. Bottom: 
the schematic symbol for a Hall-effect sensor, commonly 
used in a magnetic sensor. 
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Variants 





To assist the reader in comparing different 
options for detecting the presence of an object, 
this entry includes two primary variants: optical 
and magnetic. 


The optical sensors are divided into transmissive 
and reflective (including retroreflective). The 
magnetic sensors are reed switches and Hall- 
effect sensors. A chart showing the categories 
and subcategories is shown in Figure 3-2. 


Object Presence Sensor 
Reed Switch 


Slot 
(optical 
switch) 


Retro- 
reflective 






















Separate 
Emitter & 
Detector 








Hall Effect 












Separate 
Emitter & 
Detector 






Figure 3-2 Categories of object presence sensors dis- 
cussed in this entry. Other types of object presence sen- 
sors exist, but are less common, and are not included 
here. 


Optical Detection 





A transmissive optical sensor, also known as a 
through-beam sensor, is really a pair of compo- 
nents, one emitting light and the other receiv- 
ing it. The sensor is triggered if an object 
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interrupts or reflects the light beam, as shown 
in Figure 3-3. 
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Figure 3-3 Various configurations of optically activated 
object presence sensors. See text for details. 









If the light emitter and the light detector face 
each other across a small gap, they may be con- 
tained in a single module (usually with a slot in 
it) as shown in section 2 of Figure 3-3. This is 
often referred to as an optical switch (not to be 
confused with the solid-state switching devices 
used in telecommunications). It is sometimes 
described as a photointerruptor or photointer- 
rupter. 


A reflective optical sensor also consists of a light 
emitter and a light detector, but they are 


Optical Detection 


placed adjacent to each other, facing in the 
same general direction. When they are moun- 
ted in one module, as is often the case, the 
arrangement is properly known as a retroreflec- 
tive sensor. Either way, the combination may be 
triggered in one of two ways: 


« An object passing in front of the light 
beam reflects it back to the detector. 
The object must be naturally reflective 
(for example, glass containers or white 
boxes on a conveyor), or must have a 
reflective patch applied to it, or the 
light source must be bright enough to 
reflect from an object that is not highly 
reflective. This configuration is shown 
in section 3 of Figure 3-3. 


- A stationary reflector can be mounted 
opposite the light emitter, in which 
case a detector beside the light emitter 
is triggered when an object interrupts 
the reflected light beam. This configu- 
ration is shown in section 4 of 
Figure 3-3. 


Transmissive Optical Sensors 


A light source and light detector may be sold as 
separate components in a matched pair. An 
example is the Vishay TCZT8020, shown in 
Figure 3-4. These components are small, each 
measuring no more than 5mm x 3mm. They are 
designed to be placed just a few millimeters 
apart. The light source is an infrared LED, while 
the detector is a phototransistor (see Chap- 
ter 22 for information about phototransistors). 


The source and detector are both designed to 
use 5VDC. Output from the phototransistor is 
an open collector. Current through the collector 
must not exceed 50mA, and must be limited by 
a pullup resistor of 100 ohms or more. Current 
through the source must not exceed 60mA, and 
must be limited by an appropriate series resis- 
tor. 


Details on using an open-collector output will 
be found in the Appendix. See Figure A-4. 
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Figure 3-4 A matched light source and light detector, for 
use as a transmissive optical sensor. The background grid 
is in millimeters. 


The Omron EE-SX range includes a variety of 
configurations of light source and detector sep- 
arated by a 5mm slot in one module. The 
source is an infrared LED, and the detector is a 
phototransistor. 


The Omron components tolerate a wide range 
of supply voltages, from 5VDC to 24VDC, with 
no series resistor necessary for the LED. Open- 
collector output from the phototransistor can 
tolerate 50mA to 100mA, depending on the 
particular version of the sensor. A red indicator 
LED is illuminated when an object blocks the 
slot in the sensor. Some versions have a high 
output when the slot is open, while others have 
a high output when the slot is closed. Because 
of their various features, these sensors are rela- 
tively expensive. 


A much cheaper optical switch is the Everlight 
ITR9606 (described by the manufacturer as an 
“opto interrupter”). It is pictured in Figure 3-5. 
This is intended as a 5V device and has an 
open-collector output. It requires a series resis- 
tor for the LED and a pullup resistor for the 
open-collector output. Many similar detectors 
are available. 
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Figure 3-5 A low-cost transmissive sensor, more com- 
monly known as an optical switch. The background grid is 
in millimeters. The slot in the sensor is about 5mm wide. 


For longer-distance detection, an_ infrared 
receiver can be mounted separately from an 
infrared LED. The TSSP77038 from Vishay 
detects infrared light from as far away as 50cm, 
and pulls its open collector output low in 
response. The light must be modulated at 
38kHz. 


Polulo Robotics and Electronics sells a very 
affordable breakout board containing a 
TSSP77038 receiver paired with an infrared LED 
modulated by a 555 timer. It is shown in 
Figure 3-6. Because this board contains a light 
source as well as a light detector, it is really a 
retroreflective sensor. 


Where distances exceeding 1 meter are 
involved, a laser coupled with a phototransistor 
that is shielded from ambient light may be nec- 
essary. 
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Figure 3-6 The Vishay TSSP77038 installed with an 
appropriate light source on a breakout board from Polulo 
Robotics and Electronics. 


Retroreflective Optical Sensors 


As is the case with a transmissive object detec- 
tor, the retroreflective type may be listed by 
vendors as an optical switch. Other terms used 
in datasheets include reflective interrupter, 
reflective object sensor, reflective optical sensor, 
reflective photointerrupter, opt-pass sensor, and 
photomicrosensor (reflective). The remarkable 
lack of standardization in terminology creates a 
problem when searching online for these devi- 
ces. Why so many different names evolved for 
the exact same component is unclear. 


Many retroreflective object-detection sensors 
are available in packages ranging from 5mm x 
5mm to 10mm x 10mm in size. Almost all of 
these modules are analog devices using an 
infrared LED as the light source and a photo- 
transistor as the sensor, with an open-collector 
output. (For more information about photo- 
transistors, see Chapter 22.) 


With a suitable pullup resistor, the output volt- 
age will be proportional with the inverse of the 
distance. If V is the voltage, d is the distance, 
and k is a conversion factor: 


V=k*(1/d) 


While many of the smaller modules are surface- 
mount, some have leads, as shown in 
Figure 3-7. A major limitation of these small 
components is that they have a very limited 


Optical Detection 


range, typically less than 5mm. They can only 
be used in applications such as process control 
where the position of a target is controlled and 
predictable. 





Figure 3-7 The Rodan RT-530 is a small object-presence 
sensor with a limited range typical of this type of retrore- 
flective component. The background grid is in millimeters. 


Another example of a retroreflective sensor ina 
small package is the Optek OPB606A shown in 
Figure 3-8. The background grid is in millime- 
ters. 





Figure 3-8 The Optek OPB606A. The background scale 
is in millimeters. 
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Magnetic Sensors 


A retroreflective module, with a lensed LED and 
lensed phototransistor to focus the outgoing 
and reflected beams, is the Vishay TCRT5000 
shown in Figure 3-9. 


ieesipuaiiead 


Figure 3-9 The Vishay TCRT5000 retroreflective sensor. 
The background grid is in millimeters. 


Retroreflective modules that have a greater 
range tend to be physically larger, less com- 
mon, and more expensive. Sharp makes a pop- 
ular series. Some part numbers and distance 
sensing limits are: GP2YOD805ZOF (5mm to 
5cm), GP2YOD810ZOF (2cm to 10cm), and 
GP2Y0D815Z0OF (5mm to 15cm). Figure 3-10 
shows the GP2Y0D810Z0F mounted on a small 
breakout board from Polulo Robotics and Elec- 
tronics. The board is useful, as the pins on the 
sensor are spaced only 1.5mm apart. The size of 
the board is approximately 8mm x 20mm. 
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Figure 3-10 The Sharp GP2YOD810ZO0F detection sen- 
sor mounted on a board from Polulo Robotics and Elec- 
tronics. From a photograph by Adafruit Industries. 


Each of the detection sensors in this series is 
described in Sharp datasheets as a “Distance 
Measuring Sensor Unit,’ but in fact they do not 
measure distance. A single output is normally 
logic-high and drops to logic-low when a target 
is within range. Sharp refers to this as a “digital” 
output, but in fact it is binary, and should not 
be confused with the digital buffer on a more 
sophisticated proximity sensor that contains an 
analog-to-digital converter and provides a 
numeric output. 


It is important to distinguish the Sharp object- 
presence sensors listed above from the range of 
Sharp proximity sensors described in the entry 
in Chapter 5. The proximity sensors are physi- 
cally larger, and most have an analog output 
that varies with the distance of a target. 


Magnetic Sensors 





Prepackaged magnetic sensing units are sold in 
many configurations for industrial and military 
applications. Although they may be referred to 
as “magnetic sensors,’ they are outside the 
scope of this Encyclopedia. Here we discuss 
board-mounted components. Almost always, 
they use a reed switch or a Hall-effect sensor as 
their sensing elements. 
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Reed Switch 


A reed switch is a magnetically activated 
mechanical switch. It consists of two metallic 
contacts in a small enclosure that is usually a 
glass capsule. The contacts are magnetic, and 
move in response to a magnetic field. A perma- 
nent magnet is used to activate the switch. Two 
reed switches are shown in Figure 3-11. 








Figure 3-11 Two SPST reed switches. Although the con- 
tacts may seem to be touching, in fact they are separated 
by a tiny gap, and these switches are the normally open 
type. The background grid is in millimeters. 


A reed switch exhibits a small amount of hyste- 
resis, because the magnetic field strength 
required to overcome the mechanical resist- 
ance of the springy contacts is greater than the 
field strength required to keep them closed. 


Very small electromagnetic relays that only 
switch a very low current may use a coil- 
activated reed switch. For purposes of this 
Encyclopedia, such a component is considered 
to be a relay, not a sensor. For more information 
about relays, see the entry in Volume 1. 


The most common everyday application for a 
reed switch is in an alarm system that is trig- 
gered by an intruder entering a building. A 
magnet in a sealed plastic enclosure is attached 
to a door or window, while a reed switch, in 
another sealed plastic enclosure, is attached to 


Reed Switch 


the frame, very close to the magnet. Typical 
components of this type are shown _ in 
Figure 3-12. A diagram illustrating the mode of 
operation appears in Figure 3-13. 





Figure 3-12 A typical alarm sensor to detect the opening 
of a door or window. The nearer module contains a mag- 
net, while the module behind it contains a reed switch. 





Figure 3-13 The dashed white lines suggest the mag- 
netic field that closes the contacts of a reed switch. 


So long as the alarmed door or window 
remains closed, the magnet activates the reed 
switch. If the door or window is opened, the 
magnet moves away from the reed switch, and 
its contacts relax. Usually in this application the 
reed switch is the normally open type, and is 
held in its closed state by the magnet. This 
allows multiple switches to be wired in series, 
completing a circuit. If a single switch opens, 
the circuit is broken, and an alarm is triggered. 


Reed Switch Variants 


Most reed switches are SPST, either normally 
open or normally closed, although normally 
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Hall-Effect Sensor 


open variants are more common. Some 
switches are SPDT, although this variant is rela- 
tively rare. An example of a SPDT reed switch is 
shown in Figure 3-14. 





Figure 3-14 A SPDT reed switch. The background grid is 
in millimeters. 


The physical size of a reed switch tends to vary 
roughly in proportion with its current-switching 
capability. 


Reed switches are most commonly supplied 
with axial leads. A minority are available for 
surface-mount applications. 


Some reed switches are packaged in a plastic 
pod to provide physical protection for the glass 
capsule. 


Reed Switch Values 


The datasheet for a reed switch is likely to con- 
tain the following values: 


Pull-in: The minimum magnetic field strength 
required to activate the switch, often measured 
in ampere-turns. 


Drop-out: The maximum magnetic field 
strength that allows the contacts of the switch 
to relax, often measured in ampere-turns. Pull- 
in will be a higher value than drop-out. 


Maximum switching current: While a few indus- 
trial reed switches can switch as much as 100A, 
they are uncommon and expensive. A common 
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value for a reed switch about 15mm long is 
500mA. 


Maximum carry current: If specified, it will be 
higher than the switching current. 


Maximum switched power: Because a reed 
switch can be used with alternating current, its 
switching capability may be expressed in watts, 
or as VA (volts multiplied by amps). 10VA is a 
common value. 


Maximum voltage: While reed switches are most 
often used with low voltages, some are rated to 
switch up to 200V. 


How to Use a Reed Switch 

While an optical object presence sensor may be 
supplied in a single package containing a light 
emitter and a light detector, a reed switch 
always requires an activating magnet that is 
mounted separately. For reliable operation, the 
maximum distance between the switch and the 
magnet is usually restricted to a few millime- 
ters. 


The orientation of a magnet that activates a 
reed switch is not crucial, but will affect the 
sensitivity of the switch. A manufacturer's data- 
sheet should be consulted for information 
about optimal magnetic polarity. 


As in other mechanical switches, the contacts in 
reed switches vibrate very briefly when open- 
ing or closing. This is known as contact bounce, 
and can be misintepreted as a series of separate 
signals by digital logic or a microcontroller. 
Debouncing with hardware designed for that 
purpose, or software (in a microcontroller), may 
be necessary. See the entry on switches in Vol- 
ume 1. 


Hall-Effect Sensor 


A Hall-effect sensor responds to a magnetic 
field by generating a small voltage, usually 
amplified by a transistor included in the pack- 
age with the sensor. 
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When a Hall sensor is in its “off” state (i.e., not 
triggered by a magnetic field), the sensor cre- 
ates high resistance between the collector of an 
internal NPN transistor and negative ground. 
Consequently, if voltage through a pullup resis- 
tor is applied to the collector, the voltage on 
the collector will be high. 


When the sensor is in its “on” state, the resist- 
ance drops, the voltage supplied to the collec- 
tor from the pullup resistor is shunted to 
ground, and the output voltage appears to go 
low. As a general rule: 


+ Activated Hall sensors appear to have a 
low output. 


+ Inactive Hall sensors appear to have a 
high output. 


Information about using open-collector out- 
puts is contained in the Appendix. See 
Figure A-4. 


The clean output, reliability, small size, and 
cheapness of Hall sensors have encouraged 
their use in devices as different such as hard 
drives, cameras, keyboards, and automobiles. 
They are useful in almost any situation where a 
sensor must detect a mechanical operation at 
close range. Three through-hole Hall sensors 
are shown in Figure 3-15. Surface-mount ver- 
sions are much smaller. 





Figure 3-15 Three through-hole Hall-effect sensors. The 
background grid is in millimeters. 


Hall-Effect Sensor 


How a Hall-Effect Sensor Works 
When current is flowing through the length of a 
conductor, and a magnetic field is applied 
across the width of the conductor, the field 
generates a force causing electrons and elec- 
tron holes to accumulate asymmetrically on 
opposite sides. This is known as the Hall effect. 


The voltage difference between the electron- 
rich and electron-depleted zones is known as 
the Hall voltage. It is proportional to the mag- 
netic field, and inversely proportional to the 
density of free electrons in the material. For this 
reason, the Hall effect is easiest to observe in 
semiconductors, where the density of electrons 
or electron holes is low. 


Hall sensor components contain amplifier cir- 
cuitry in addition to the sensing element itself. 
Typically there is an open-collector output, and 
a comparator or Schmitt trigger to provide 
some hysteresis. 


Hall-Effect Sensor Variants 


Four primary variants of Hall sensors are widely 
used. 


Unipolar Hall Sensor 

This is activated when an external magnetic 
field exceeds a threshold value. When the field 
diminishes, the sensor switches off. Unipolar 
sensors are available in versions activated by 
the north magnetic pole or south magnetic 
pole. 


Bipolar Hall Sensor 

Proximity to one magnetic pole will switch it 
on. Proximity to the opposite magnetic pole 
will switch it off. The sensor remains in its cur- 
rent state (on or off) in the absence of a mag- 
netic field. 


Omnipolar Hall Sensor 

Proximity to a strong magnetic field of either 
polarity will switch it on. Removal of the mag- 
netic field will switch it off. An omnipolar sen- 
sor can be thought of as a pair of unipolar 
sensors mounted in opposite directions and 
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Values 


with their (open-collector) outputs wired 
together. This component functions similarly to 
a reed switch, although of course it still requires 
a power supply. 


Linear Hall Sensor 


Also known as an analog Hall sensor, its output 
voltage varies in proportion to an external 
magnetic field instead of switching cleanly 
between high and low states. When no mag- 
netic field is detected, the output is half of the 
sensor's supply voltage. In response to one 
magnetic polarity, the output can drop almost 
to zero. The opposite polarity can increase the 
output almost to supply voltage. 


The output from a linear sensor usually is sup- 
plied from the emitter of an internal NPN tran- 
sistor, not the collector, A minimum 2.2K 
resistor should be connected between output 
and ground. 


The variable output can be interpreted as a 
measurement of distance between the sensor 
and a magnet. In this mode, a Hall sensor func- 
tions as a proximity sensor. However, it is not 
usually capable of measuring a distance of 
more than 10mm. 


Other Applications 
Hall sensors are incorporated in other types of 
components. A magnetometer, for example, 
may contain Hall sensors. 


Additional discussion of Hall-effect sensors, 
with test circuits, will be found in the book 
Make: More Electronics, from which some of the 
figures here have been excerpted. 


Values 





Magnetic field at operating point is the minimum 
field necessary for the output to switch on. It is 
measured in tesla or gauss, and the abbrevia- 
tion Bop is used. 


Magnetic field at release point is the maximum 
field that allows the output to switch off. It is 
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measured in tesla or gauss, and the abbrevia- 
tion Bpp is used. 


Magnetic field range may be specified for linear 
(analog) Hall sensors. 


Supply voltage may range as widely as 3VDC to 
20VDC, or may be restricted between 3VDC to 
5.5VDC. Check datasheets carefully. 


Sourcing or sinking capability for the open- 
collector output is typically 20mA. 


How to Use a Hall-Effect Sen- 
sor 





Hall sensors are often made in 3-pin packages. 
Through-hole variants are usually made of 
black plastic and look like TO-92 transistors, but 
are slightly smaller. 


Surface-mounted variants are common. 


A typical through-hole Hall sensor has one bev- 
elled face and a flat face on the opposite side. 
The bevelled face may be referred to as the 
“front” of the component in a datasheet. The 
sensor responds when an appropriate mag- 
netic pole is brought close to the front face of 
the sensor. 


The part number printed on the front of the 
sensor may be abbreviated as three digits. The 
code below this usually refers to the date of 
manufacture. 


A simple circuit for a Hall sensor resembles a 
typical circuit for a phototransistor. Positive 
supply voltage and negative ground are 
applied to two of the three leads. Positive volt- 
age is also applied, through a pullup resistor, to 
the third lead, which is the open-collector out- 
put (except in the case of a linear Hall sensor, 
described previously). The output pin is then 
tapped as the output from the sensor, to be 
applied to a component that will not draw 
more than 20mA. 
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Configuration of Object Pres- 
ence Sensors 





While most of the following suggestions relate 
specifically to Hall-effect sensors, some general 
principles may be applied to optical sensors. 


Linear Motion 

A presence sensor can be activated when the 
triggering source (such as light or a magnet) 
approaches it directly. This is sometimes 
referred to as head-on mode. Alternatively, trig- 
gering can be arranged when the source moves 
past the sensor. This is sometimes referred to as 
slide-by mode. The two modes are illustrated in 
sections 1 and 2 of Figure 3-16. 


ip 
Magnet 
Hall-Effect 
Sensor 
Magnet 
Hall-Effect 
Sensor 


Figure 3-16 Section 1 of this figure illustrates a presence 
sensor being used in head-on mode, while section 2 illus- 
trates slide-by mode. 


Slide-by mode may be preferred because it 
eliminates the risk of damage to the sensor if 
overshoot occurs in head-on mode. 


In slide-by mode, using a bipolar Hall-effect 
sensor, two magnets can be placed together 
with opposite polarity, creating a very steep 
transition in the overall magnetic field. This 
minimizes the risk of imprecise triggering. 
Using neodymium magnets, the triggering 


Configuration of Object Presence Sensors 


point can be adjusted with a precision of 
0.01mm or better. See Figure 3-17. 





Hall-Effect 
Sensor 


Magnets 


Figure 3-17 Inslide-by mode, two magnets with opposite 
polarity can be put together to create a very precise tran- 
sition in a bipolar Hall-effect sensor. 


Sensing by Interruption 

An optointerrupter is sensitive to an object pass- 
ing between the light source and the light sen- 
sor. A comparable arrangement can be used 
with a Hall-effect sensor or a reed switch, but 
only if the interrupting object is thin and fer- 
rous. This configuration is known as a ferrous 
vane interruptor. 


Note that the magnet will exert significant force 
on the ferrous vane. This becomes an issue in 
sensors where the mechanical force is limited— 
for example, in paper-path sensors in a photo- 
copy machine. 


Additional information about the detection and 
measurement of moving objects will be found 
in the entry describing linear position sensors. 
See Chapter 6. 


Angular Motion 


One or more magnets can be used with a Hall- 
effect sensor to detect the angular motion, rela- 
tive angular position, or absolute angular 
position of a rotating part. This data can be 
used to determine its speed of rotation. Some 
techniques to achieve this are described in the 
entry describing rotary position sensors. See 
Chapter 7. 
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Sensor Comparisons 





Advantages of Optical Presence 
Sensors 


Disadvantages of Optical Presence 


Not affected significantly by magnetic 
fields that can interfere with operation 
of a Hall-effect sensor or a reed switch. 


May be contained in a small, all-in-one 
package. 


Some optical sensors can operate over 
a distance of 50cm. 


Very well suited to sensing an object 
that blocks the light source (the optoin- 
terrupter configuration). 


Sensors 


Must have clear line-of-sight with the 
object and/or a reflector. 


Performance will be degraded by accu- 
mulation of dust or dirt. 


Limited lifetime of LED light source, if 
used continuously. 


May be accidentally triggered or 
impaired by some types of ambient 
light. 


Often requires a load resistor for the 
LED as well as a pullup resistor for the 
open-collector output. 


Range of acceptable voltage is usually 
narrow. 


Advantages of a Reed Switch 


No polarity. 


No additional components required, 
other than a magnet. 


Able to switch AC or DC. 


Able to switch to voltages as high as 
200V in some cases. 
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Can be maintained by a magnet in 
open or closed state indefinitely 
without any power consumption. 


Many variants are capable of switching 
500mA, and higher-current types are 
available. 


Can be activated through nonmagnetic 
materials (plastic, paper). 


Not significantly affected by dust or 
dirt that can degrade performance of 
an optical switch. 


Disadvantages of a Reed Switch 


Advantages of a Hall Effect Sensor 


Requires a separate magnet (which 
must be placed carefully to avoid 
affecting other components). 


Cannot be miniaturized to the same 
extent as a surface-mount chip. 


Glass envelope is easily damaged. 
Arcing may occur between contacts. 


Will not work reliably when the activat- 
ing magnet is more than a few millime- 
ters from the switch. 


Can be activated accidentally by other 
magnetic fields. 


When sensing an object that comes 
between the switch and a magnet, only 
a ferrous object can be used. 


Must be debounced when connected 
with a logic chip or controller. 


Robust solid-state component. 


Can be miniaturized for surface-mount 
applications. 


Very low cost. 
Fast response. 


No contact bounce. 
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- Extremely durable, with an almost 
unlimited lifetime. 


+ Not significantly affected by dust or 
dirt that can degrade performance of 
an optical switch. 


- Low cost. 
Disadvantages of a Hall Effect Sensor 


» Requires a separate magnet (which 
must be placed carefully to avoid 
affecting other components). 


* Open-collector output typically limited 
to 20mA or less. 


+ May be vulnerable to magnetic fields. 


« When sensing an object that comes 
between the switch and a magnet, only 
a ferrous object can be used. 


What Can Go Wrong 


Optical Sensor Issues 


Deterioration of LEDs 


Most object presence sensors depend on infra- 
red LEDs as a light source. An LED has many vir- 
tues (discussed in Volume 2), but does tend to 
suffer from gradual reduction in light output 
over a period of years. In a device such as a 
photocopy machine, which is used intermit- 
tently and may have an “economy” or “sleep” 
mode in which most of its components are 
powered down, LED-based detectors should 
last almost indefinitely. In other applications 
where an LED is powered continuously, its light 
output will diminish signicantly in 3 to 5 years. 
Bearing this in mind, an optical sensor should 
be chosen to operate well below its light- 
detection limits. 


Object Too Close 


Some optical and ultrasonic detectors triangu- 
late on an object; that is, the light emitter and 


What Can Go Wrong 


light sensor are angled slightly toward each 
other (as shown in sections 3 and 4 of 
Figure 3-3). The signal output from the sensor 
will peak at the distance where the emitter and 
sensor focus at a point. Consequently the out- 
put voltage will diminish when the object 
comes closer, which may create the misleading 
impression that the object is moving further 
away. To avoid spurious readings, detectors 
should not be used with objects that are closer 
than the minimum distance specified by the 
manufacturer. 


Reed Switch Issues 


Mechanical Damage 


Bending the axial leads on a reed switch can 
easily fracture the glass envelope. Reed 
switches must be handled with care. 


Contact Bounce 

If the switch is wired to the input of a logic chip 
or microcontroller, contact bounce when the 
switch opens or closes is likely to be misinter- 
preted as multiple switching events. Debounc- 
ing will be necessary, either by additional 
components or by insertion of a momentary 
delay in the code embedded in a microcontrol- 
ler. 


Arcing 

When switching high voltages or currents, an 
arc may be created briefly between the switch 
contacts, most often when they are moving 
from the closed to the open state. The arc 
erodes the contacts of the switch. Inductive 
loads make the arcing problem worse. If the 
switched voltage is kept below 5V arcing gen- 
erally does not occur, extending the life of the 
switch. 
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In coloquial speech, the term motion sensor is usually understood to mean a passive 


infrared motion sensor. 


The acronym PIR is often used for a passive infrared sensor. It is always capitalized, 


without periods. 


Object presence sensors and proximity sensors require an active source of a mag- 
netic field, ultrasound, or infrared radiation. A passive infrared sensor does not require 
any such source, and responds passively to heat radiated from the object that is being 


detected. 
OTHER RELATED COMPONENTS 


+ object presence sensor (see Chapter 3) 


* proximity sensor (see Chapter 5) 


What It Does 


A passive infrared motion sensor, often 
described as a PIR, detects black-body radiation, 
which all objects emit as a function of their 
temperature relative to absolute zero. The sen- 
sor responds to infrared radiation centered 
around a wavelength of 10um (10 microns, or 
10,000nm). This is the approximate body tem- 
perature of people and animals. 





The word “passive” in the term “passive infra- 
red" refers to the behavior of the detector, 
which receives infrared radiation passively. 
Proximity sensors must generate their own 
infrared radiation actively, which is interrupted 
or reflected by nearby objects. See Chapter 5. 


Schematic Symbols 

Schematic symbols that are sometimes used to 
represent a passive infrared motion sensor are 
shown in Figure 4-1. 


Positive power 
dc: own | ) 
Negative ground 


Figure 4-1 Schematic symbols that may represent a pas- 
sive infrared motion sensor. The orientation (pointing left 
or right) is arbitary. The pin sequence may vary. 


Applications 

Motion-sensitive outdoor lighting almost 
always is based around a PIR. Similarly, a secu- 
rity system may sound an alarm or activate a 
video camera when a PIR indicates human 
activity. 


Wildlife monitoring systems use PIRs to start a 
video camera that can then run for a preset 
interval. 
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How It Works 


Warning systems for automobiles have been 
developed that use a rear-facing PIR to detect 
pedestrians. 


Industrial indoor lighting may use PIRs that 
switch the lights on automatically when people 
enter a room, and then switch the lights off 
(after a timed delay) when people are no longer 
detected in the room. The goal is to prevent 
wastage of energy as a result of employees for- 
getting to switch the lights off. 


How It Works 


A PIR module contains multiple components. 
Most visible is an array of at least 15 small len- 
ses that focus infrared light from zones in the 
environment onto a pyroelectric detector, also 
known as a pyroelectric sensor. The response of 
the detector is processed by an amplifier, so 
that the signal can trigger an electromechanical 
relay or solid-state relay (see Volume 2). The 
relay operates an external device such as a light 
or an alarm. 





Additional circuitry may allow the user to con- 
trol the sensitivity of the PIR module and the 
length of time that the relay remains closed. 
The user may also be able to set the time of day 
when the PIR is active, or an additional photo- 
transistor can shut down the PIR during day- 
light hours. If a phototransistor is included, its 
sensitivity is adjustable. For more information 
about phototransistors, see Chapter 22. 


Pyroelectric Detector 


The pyroelectric detector is actually a type of 
piezoelectric device. It is based around a wafer 
of lithium tantalate, which generates a small 
voltage in response to incident thermal radia- 
tion. However, like other piezoelectric compo- 
nents, it does not respond to a steady-state 
input, and must be activated by a transition. 
This distinguishes it from other types of light 
sensors, such as an infrared photodiode, in 
which the response is consistently related to a 
temperature input. 
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The response of a pyroelectric detector is sug- 
gested by the graphs in Figure 4-2. 


| 








Input over time 


Infrared Light Intensity 


Output over time 


Photodiode Output 


Output over time 





Pyroelectric Output 


Figure 4-2 Top: incident infrared light intensity. Center: 
the voltage output from a hypothetical photodiode. Bot- 
tom: the voltage output from a hypothetical pyroelectric 
detector. 


A pyroelectric detector in a PIR module is 
mounted in a sealed metallic container, as 
shown in Figure 4-3. The rectangular window in 
the detector is usually made of silicon, which is 
opaque to visible wavelengths but transparent 
to long-wave infrared radiation. 


Elements 

The pyroelectric detector used in a PIR contains 
at least two elements with opposite polarities, 
connected in series. If a sudden change in tem- 
perature affects both elements equally, their 
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responses will cancel each other out. Thus, the 
detector ignores changes in ambient tempera- 
ture. However, if a source of infrared radiation 
in the appropriate waveband affects one ele- 
ment before the other, the detector will emit 
two pulses of opposite polarity. See Figure 4-4. 





Figure 4-3 A pyroelectric detector mounted on a small 


circuit board in a passive infrared radiation sensor. 
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Figure 4-4 Top: ina pyroelectric detector, if a change in 
temperature affects two elements of opposite polarity 
simultaneously, their voltages cancel each other out. Bot- 
tom: if one element is triggered before the other, the 
detector emits a signal. 


How It Works 


Lenses 

Lenses are used to trigger the elements 
sequentially. Each lens faces toward one visible 
zone in the target area. When a source of infra- 
red radiation moves from one zone to the next, 
it energizes the elements alternately, creating 
an output. 


In some PIRs, four pyroelectric elements are 
used instead of two, to provide better coverage. 
The pairs of sensors may be wired in series or in 
parallel, but the principle remains the same. 


The lenses are molded into a polyethylene 
dome that is often white and covers the pyro- 
electric detector. The dome appears smooth on 
the outside, but fine patterns of concentric 
ridges are molded on the inside. These are fres- 
nel lenses, which are much cheaper, smaller, 
lighter, and easier to fabricate than conven- 
tional optical lenses. A fresnel lens introduces 
some distortion and aberration, but these 
defects are unimportant in a PIR. 


Figure 4-5 illustrates the principle of a simple 
fresnel lens. The first section of this figure 
shows a conventional optical lens with one flat 
side and one curved side. A distant object emits 
almost-parallel beams of infrared light that are 
focused by the lens. Section 2 shows the same 
lens divided into segments that are stacked 
with no space between them. They behave in 
exactly the same way as the original lens. In 
section 3, each segment has been reduced in 
width, but because the optical faces still have 
the same geometry, they will still have the 
same function, although a small amount of dis- 
tortion will be added by the reduction in width. 
This is a fresnel lens, which found an early 
application in lighthouses, where it greatly 
reduced the weight of very large glass lenses 
that focused the beam. 





Chapter 4: passive infrared sensor 27 
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Figure 4-5 Principle of a fresnel lens. See text for details. 


The same principle can be applied to a lens in 
which both surfaces are curved, as shown in 
Figure 4-6. In practice this will introduce more 
imperfections in the image, although some 
compensation is possible by adjusting the 
exact shape of the lens. 
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Figure 4-6 The principle of a fresnel lens applied to a 
conventional lens in which both surfaces are curved. 
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Figure 4-7 shows three curved fresnel lenses 
placed edge-to-edge, seen from above. In sec- 
tion 1 of this figure, infrared rays from a distant 
source are focused by the first lens onto the 
right-hand element of a pyroelectric sensor. In 
section 2, the external source has moved later- 
ally, and the rays now focus on the left-hand 
element. In section 3, the source has moved 
into the zone covered by the centrally located 
fresnel lens, which focuses on the right-hand 
element again. The fluctuating inputs will trig- 
ger the sensor. 
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Figure 4-7 Sections 1, 2, and 3 show fresnel lenses 
focusing an external source of infrared radiation on indi- 
vidual elements of a pyroelectric sensor. 


PIRs may combine fresnel lenses in a variety of 
patterns. Figure 4-8 shows an evenly weighted 
mosaic that would be suitable for a motion 


Variants 


detector mounted on a ceiling, facing directly 
downward. Figure 4-9 shows a pattern weigh- 
ted toward lateral motion, providing less sensi- 
tivity for motion above and below the primary 
band. 


Figure 4-9 A mosaic weighted more toward sensing lat- 
eral motion. The grooves of the fresnel lenses are visible. 





Variants 





PIR sensor modules are available mounted on a 
small board such as the one shown in 
Figure 4-10 from Parallax, Inc. The detection 
range is 5 to 10 meters, selected by a jumper on 
the board. The three pins visible in the photo- 
graph are for power supply (3VDC to 6VDC), 
ground, and output. The output can source up 
to 23mA with a 5VDC power supply. Power con- 
sumption of the module is only 130HA when it 
is idle, or 3MA when it is active but has no load. 
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Figure 4-10 A passive infrared detector mounted with 
basic necessary components on a small board. 


A board of this type still requires additional 
components to set the “on” time for a light or 
alarm, and to deactivate the PIR during daylight 
hours. 


Various lens patterns are available, sold sepa- 
rately. 


A PIR can be bought as a single component 
containing two elements and FET transistors to 
amplify the signal. Surface-mount and through- 
hole versions are available, requiring a typical 
power supply of 3VDC to 15VDC. 


However, a PIR bought as a “bare” component 
requires significant external circuitry, using 
comparators or op-amps. Circuit design is non- 
trivial, entailing practical problems such as op- 
amps being sensitive to voltage spikes caused 
by activating a relay that shares the same 
power supply. 
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An easier alternative is an all-in-one detector, 
lens, and control circuit such as the Panasonic 
AMN31111, which is ready for board mounting. 
Its small output current of 100HA would be 
capable of activating a solid-state relay. Similar 
Panasonic PIRs offer a variety of ranges, sensi- 
tivities, and supply voltages. 


The AMN31111 is in Panasonic’s AMN series. 
There are many type numbers for combinations 
of analog or digital output, lens shape, and 
black or white lens. A selection of lens shapes, 
derived from the manufacturer’s datasheet, is 
shown in Figure 4-11. 


Standard type 





Slight motion 


Spot type 
detection type pot typ 


10 m detection type 
Figure 4-11 Four lenses from the Panasonic AMN series 
of passive infrared sensors. 


What Can Go Wrong 


Temperature Sensitivity 

In warmer weather, objects in the field of view 
of a PIR will tend to be warmer, and the temper- 
ature difference between them and human skin 
will diminish. This can degrade the perfor- 
mance of a PIR. 





Detector Window Vulnerability 

The silicon window on a detector is vulnerable 
to dirt or grease. Avoid touching the compo- 
nent if it is not protected by lenses. 


Moisture Vulnerability 

Water absorbs far-infrared light. Consequently, 
condensation on the lens or detector can 
degrade performance, and a PIR may not func- 
tion in heavy rain or snow. 
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Proximity sensors that use infrared, ultrasound, and capacitance are described here. 
This Encyclopedia does not include proximity sensors that use magnetism, inductance, 
or other methods of determining distance. 


Sometimes proximity sensors are referred to as distance sensors. An ultrasonic proxim- 
ity sensor may be described as a range finder or a ranger. 


High-end ultrasound proximity sensors sold as large, sealed modules with cabling can 
monitor the status of industrial processes. These commercial units are outside the 
scope of the Encyclopedia. 


A sensor that detects whether an object is present, but does not measure the distance 
to it, is considered to be an object presence sensor and has its own separate entry. 
See Chapter 3. Many devices that are sold as proximity sensors or distance sensors 
actually do not provide meaningful distance data, and therefore in this Encyclopedia 
they are included with presence sensors. 


Phototransistors and photodiodes may be used as sensing elements in proximity 
sensors. These components have their own entries as light sensors. See Chapter 22 and 
Chapter 21. 


OTHER RELATED COMPONENTS 


+ object presence sensor (see Chapter 3) 


+ passive infrared sensor (see Chapter 4) 


What It Does 


A proximity sensor measures the distance 
between itself and a physical object that is 
often described as the target. The output from 
the sensor may be analog (voltage), serial data, 
or pulse-width modulation. It may be transmit- 
ted via a serial protocol such as SPI, TTL, or I2C, 
and may be stored as digital data in a register 
that is accessed by a microcontroller, using |2C. 
For additional details about protocol, see 
Appendix A. 





Schematic Symbols 

Either of the schematic symbols in Figure 5-1 
may represent a proximity sensor, but are not 
used consistently. The sensor may also be rep- 
resented as a rectangle containing text describ- 
ing its function. 
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! 


Figure 5-1 Two ways to represent a proximity sensor ina 
schematic. 


Applications 

In robotics, a proximity sensor can prevent a 
collision between a robot and an object or bar- 
rier in front of it. Some sophisticated proximity 
sensors can provide sufficient data for software 
to map the entire environment, but are outside 
the scope of this entry. 


Proximity sensors can also be used in alarm sys- 
tems, or for liquid-level sensing in storage 
tanks, or in automobiles to sound a warning if 
the driver is backing into an obstacle (although 
these devices are being augmented with rear- 
view video monitors). 


In handheld devices, proximity sensors are used 
to sense the presence of the user’s hand or face 
—for example, to shut down the display when 
a person raises a phone to talk into it. 


Variants 





This entry is subdivided to describe proximity 
sensors that use ultrasound, infrared light, and 
capacitance. 


Ultrasound 

An ultrasonic proximity sensor functions by 
emitting a short burst of sound and then listen- 
ing for echoes from objects in front of it. 


The sound is created by a piezoelectric trans- 
ducer (see Volume 2) at a frequency between 
30kHz and 50kHz, well above the range that 
can be detected by the human ear. The trans- 
ducer may do dual duty as a microphone, send- 
ing and receiving sound on an alternating 
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basis; or a second transducer, serving as a 
microphone, may be mounted beside the emit- 
ter on a small circuit board. The economically 
priced HC-SR04 is an ultrasound proximity 
detector popular in the robotics community, 
working reliably in the range of 2cm to 5m. 


A board on which the sensor is mounted may 
include a microcontroller to measure the delay 
between propagation of a pulse and reception 
of the echo. Distance to the reflecting object is 
then calculated using the speed of sound in air 
at sea level, which is approximately 340 meters 
per second. 


Infrared 

An infrared proximity sensor requires a beam of 
infrared light from an LED that may be incorpo- 
rated in the sensing module or mounted sepa- 
rately. Light reflects from the target and is 
detected by a phototransistor or photo- 
diode. From the angle of the reflected light, 
onboard electronics can calculate the distance 
to the target by a process known as triangula- 
tion. See Figure 5-2. (This diagram is simplified. 
An actual sensor may use a linear array of pho- 
todiodes to assess the angle of the returning 
light beam.) 






Light 


Sinner Near target 


Far target 


Light 


detector \) 


Figure 5-2 An infrared proximity sensor determines the 
distance to an object by assessing the angle of reflected 
light. 


To reduce the risk of false positives, light from 
the LED contains only a narrow range of infra- 
red wavelengths. Also, it is modulated at a fre- 
quency recognized by sensing circuitry in the 
module. 
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Relative Advantages 


Ultrasound Devices 


+ Generally more suitable for detecting 
objects that are more than 1 meter 
away. 


Unaffected by direct sunlight, fluores- 
cent tubes, and other light sources that 
can interfere with infrared devices. 


« More accurate, often capable of plac- 
ing objects within 5mm. 


+ Able to measure the distance to liquids 
and transparent objects, which may 
not be easily detected with infrared. 


Infrared Devices 


» Physically smaller—especially surface- 
mount versions. 


» Able to measure the distance to soft 
objects, which may not be easily detec- 
ted by ultrasound. 


+ More appropriate for targets that are 
closer than 10mm. 


- More affordable. 


Ultrasonic Examples 





The proximity sensor in Figure 5-3 is a low- 
priced model, popular in the robotics commu- 
nity. Manufactured by MaxSonar, it uses a 
single element to send and receive. The manu- 
facturer claims that it can detect a 6mm 
(quarter-inch) dowel 1.8 meters directly in front 
of it, and a 9cm dowel at 3.3 meters. This per- 
formance is beyond the capability of almost all 
infrared sensors. 


MaxSonar offers a variety of sensors that 
appear physically very similar but have differ- 
ent range capabilities. Each has three outputs 
that can be accessed simultaneously: serial data 
at 9,600bps, analog voltage, and pulse-width 
modulation. 


Ultrasonic Examples 





Figure 5-3 The MaxSonar MB1003 can detect large solid 
objects as far away as 5 meters. Photo derived from an 
image by Adafruit. 


The serial output uses the RS232 protocol and 
consists of the letter R followed by four ASCII- 
coded numerals representing the measured 
range in millimeters. Thus, R1000 would indi- 
cate an object at 1 meter distance. 


The analog voltage ranges linearly from 293mV 
when sensing an object at 300mm to 4,885mV 
for an object at 5,000mm. 


The pulse-width output sends pulses ranging 
from 300us indicating an object 300mm away 
to 5,000us indicating an object 5 meters away. 


The unit incorporates a temperature sensor 
that compensates for the lower density of air 
when its temperature increases. Weatherproo- 
fed versions are available. The power supply is 
5VDC and must be smoothed. 


Imports 

Some _ international sources offer minimal 
paired ultrasound components at a very low 
price, such as the HC-SR04 from Cytron Tech- 
nologies in Malaysia. See Figure 5-4. 


Sound dispersion of the transducer is claimed 
to be plus-or-minus 15 degrees, and the 
claimed range is up to 4 meters. The module 
requires a triggering input pulse that must last 
at least 10us. This prompts it to emit eight rapid 
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Infrared Examples 


ultrasound signals at 40kHz. The module meas- 
ures the response time and applies a high state 
to its echo pin for a duration that is propor- 
tional with the distance measured. An external 
microcontroller must time the duration, then 
divide by a factor of 58 to obtain distance in 
centimeters. 





Figure 5-4 The HC-SRO4 is a very low-cost import that 
can provide acceptable performance when used with an 
external microcontroller. 


Many online sources offer simple code libraries 
for Arduino or PICAXE microcontrollers for use 
in conjunction with the HC-SR04. 


Individual Elements 

Individual ultrasonic components such as those 
shown in Figure 5-5 are available from many 
vendors. The user must add circuitry to gener- 
ate a high frequency for a short duration, 
amplify the microphone signal, measure the 
time difference, and calculate distance. 
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Figure 5-5 These components, listed as the “4OTRI2B-R 
ultrasonic sensor kit" by the online supplier Jameco, could 


form the basis of a DIY ultrasonic proximity sensor. 


Infrared Examples 





Sharp manufactures four infrared proximity 
sensors that are widely regarded as accurate 
and easy to use. They are popular in the robot- 
ics community. Their part numbers and ranges 
are: 


+ GP2Y0A51SKOF (20mm to 150mm) 
+ GP2Y0A21YKOF (10cm to 80cm) 

+ GP2YOA02YKOF (20cm to 150cm) 

* GP2YOA60SZLF (10cm to 150cm). 


The GP2YOA60SZLF is the most recent product, 
with the most impressive specification. The 
GP2Y0A21YKOF is shown in Figure 5-6. 


Figure 5-6 The Sharp GP2YOA21YKOF infrared proximity 
sensor. The background grid is in millimeters. 
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Sharp describes these sensors as having an 
analog output. The voltage on an output pin 
varies in inverse proportion with the distance 
being measured. The relationship is illustrated 
by the graph in Figure 5-7, derived from the 
manufacturer's datasheet for model 
GP2YOA02YKOF. 
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Figure 5-7 Relationship between output voltage and tar- 
get distance for a Sharp infrared proximity sensor, derived 
from the manufacturer's datasheet. 


The Sharp sensors can work with 5VDC. They 
consume around 30mA, except for the 
GP2YOA60SZLF, which uses less current. 
Because the infrared LED functions in bursts, 
the manufacturer recommends protecting 
other components sharing the power supply by 
placing a 10uF capacitor across the sensor sup- 
ply pins. 


Trends in Infrared Proximity Sens- 
ing 

Like many other types of sensors, proximity 
sensors have been affected by the huge market 
for handheld devices. 


Handheld applications have had four conse- 
quences: 


Miniaturization 
Infrared proximity sensors are now com- 
monly found in surface-mount chips 
measuring 5mm x 3mm or smaller. 


Infrared Examples 


Onboard processing 
The status of a photodiode can be pro- 
cessed by a microcontroller on the same 
chip, to determine what the sensor is 
really “seeing.” Input from an included 
ambient light sensor is factored into the 
evaluation. 


Cost reduction 
While chip-based proximity sensors have 
become increasingly sophisticated, their 
unit cost has plummeted, so that they are 
now actually much cheaper than simpler 
devices such as the Sharp analog sensors 
described above. 


Complexity 

Modern sensors must be programmed 
with a complex variety of instructions, 
and their coded output must be inter- 
preted with a separate microcontroller 
running its own program. Whether this 
compensates for the low price and added 
functionality is something for the individ- 
ual developer or experimenter to decide. 


The Silicon Labs $i1145/46/47 series are chips 
with the kind of sophisticated capabilities 
required for handheld devices. An external 
microcontroller communicates with the sensor 
via an I2C connection, and can instruct it to 
adjust its distance range (from 1cm to more 
than 50cm), its analog-to-digital conversion 
sensitivity, and its current-sinking capability for 
up to 3 external LEDs. The chip incorporates 
ultraviolet sensing and ambient-light sensing 
capability. Its 12C connection can run at up to 
3.4Mbps. Because its light output is pulsed for 
only 25.6us every 800ms at 180mA, the average 
power consumption is only 9yA, assuming a 
supply voltage of 3.3VDC. 


For additional details about protocols such as 
I2C, see Appendix A. 


In addition to its use in handheld devices, the 
manufacturer suggests applications including 
heart-rate monitoring, pulse oximetry, and dis- 
play backlighting control. These applications 
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Capacitive Displacement Sensor 


require only a subset of the features built into 
the sensor, but its price is so low, it may be cost- 
effective even when many of its capabilities are 
unused. 


Proximity sensors with comparable specifica- 
tions are available from many manufacturers. 
Examples are the Vishay VCNL4040 and the 
Avago HSDL-9100. Figure 5-8 shows the Silicon 
Labs SI1145 on the left, and the Avago 
HSDL-9100 on the right. 





Figure 5-8 Two sophisticated surface-mount proximity 
sensors with digital output. Left: Silicon Labs S/1145. 
Right: Avago HSDL-9100. The background grid is in milli- 
meters. 


Several guidelines must be observed when 
using this kind of sensor. First and most obvi- 
ously, if an external LED is used, it must have a 
peak wavelength compatible with the photo- 
diode in the sensor. The LED must be placed as 
near as possible to the photodiode, as reducing 
the separation increases the sensitivity; but 
crosstalk between the photodiode and LED 
must be minimized, usually by placing a thin 
barrier between them that is barely taller than 
the higher component. 


If the light emitter and/or light sensor are pro- 
tected behind a transparent glass or plastic 
panel, it must have minimal resistance to infra- 
red wavelengths, and its thickness must be 
chosen in compliance with guidelines in the 
sensor datasheet. To prevent light from reach- 
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ing the sensor by reflection from the rear of the 
panel, a thin, opaque tube can be installed 
between the LED and the panel. 


A sensor of this type may be configurable with 
a “detection scheme,’ meaning high and low 
sensing threshold levels appropriate to the 
object that is likely to be detected. Determining 
this may be a process of trial and error. 


Capacitive Displacement Sen- 
sor 





This is also known as a capacitive linear displace- 
ment sensor. It should not be confused with a 
capacitive single touch sensor, a human-input 
device that has its own entry. See Chapter 13. 


A capacitive displacement sensor measures 
the distance between itself and a target that 
must be electrically conductive. Unlike optical 
or ultrasound position sensors, no additional 
source of light, sound, or other radiation is 
required. Unlike a magnetic position sensor, it 
does not require a separate permanent mag- 
net. It simply measures its electrical capaci- 
tance with the target. 


High-precision capacitive displacement sensors 
are used mainly for industrial process manage- 
ment. Lower-precision variants are much less 
expensive and can be used as object presence 
sensors to determine if an object is anywhere 
within a specified range. 


A typical maximum range would be 10mm. For 
larger distances, optical and ultrasound sensors 
are more appropriate. 


A selection of cylindrical sensor probes is 
shown in Figure 5-9. 
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Figure 5-9 Some high-precision capacitive displacement 
sensors from Lion, which builds them into cylindrical 
probes ranging from 3mm to 18mm in diameter. 


Applications 

The high-precision variant of this type of sensor 
is commonly used during the production of 
small devices, such as disk drives. It can also 
measure vibration of a rotating metal part, such 
as a motor shaft, and may maintain automatic 
focus of a microscope. 


Lower-precision variants can be used for appli- 
cations such as counting objects on a conveyor. 


When used to measure materials thickness, the 
sensor finds applications in checking automo- 
bile brake rotor fabrication and the thickness of 
silicon wafers. 


How It Works 


When two plates of electrically conductive 
material are placed opposite each other, they 
possess capacitance. This means that they have 
an electrical storage capacity enabled by accu- 
mulation of opposite charges on each plate. 





The capacity is directly proportional to the 
plate area, inversely proportional to the dis- 
tance between the plates, and is affected by 
the medium separating the plates, known as 
the dielectric. 


If the plate area and dielectric remain constant, 
the distance between the plates will be the 
only factor affecting the capacitance. Therefore, 





How It Works 


the distance between the plates can be calcula- 
ted by measuring the capacitance. 


Measurement can be performed by evaluating 
the displacement current that passes through 
the dielectric from one plate to another when a 
pulse of voltage is applied. (Hence the term 
“capacitive displacement” in the name of this 
type of sensor.) 


A detailed explanation of displacement current 
is included in the second edition of Make: Elec- 
tronics. 


The sensor itself functions as one plate of the 
capacitor while the target functions as the 
opposite plate. Alternating current is applied as 
a rapid series of pulses, and the current that 
passes between the plates is proportional to 
the distance between them. 


Ideally, the target should be grounded to the 
current source. However, since AC is being 
used, capacitive coupling of the target to the 
current source is also possible, so long as the 
additional capacitor has a value of 0.1pF or 
higher. 


Sources of Error 


To obtain a meaningful measurement, the elec- 
tric field from the sensor is focused on the tar- 
get. Some dispersion will still occur, and the 
combination of sensor and target must be com- 
patible. A target typically should be flat and 
should have a larger surface area than the sen- 
sor. 


Humidity can affect sensor performance, as it 
changes the value of the dielectric. Tempera- 
ture can affect performance, partly because it 
causes small dimensional variations in the sen- 
sor and the target. 


The surface of the sensor and the surface of the 
target should be precisely parallel, because the 
spot where the field hits the target will be elon- 
gated if the target is tilted relative to the sensor. 
Elongation increases the capacitive area and 
affects the accuracy of measurement. 
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What Can Go Wrong with Optical and Ultrasound Proximity Sensors 


This type of sensor can also measure the thick- 
ness of a nonconductive material, if the mate- 
rial is a thin sheet that can be interposed 
between two sensors. In this mode the material 
functions as a dielectric, and its thickness will 
affect the AC current passing through it. 


While lower-precision capacitive displacement 
sensors are relatively unusual, they can poten- 
tially serve as a relatively affordable and simple 
object presence sensor, so long as the target is 
conductive and will not be damaged by pass- 
ing a small alternating current at a relatively 
low voltage. 


Values 

A high-precision capacitive displacement sen- 
sor can measure distances usually ranging from 
0.25mm to 10mm with an accuracy that can be 
better than 0.05mm. High voltages are not 
required, with a supply of plus-or-minus 15V 
being common. 


The sensing element, often referred to as a 
probe, is usually plugged into a custom- 
designed control unit that converts the capaci- 
tance measurement into a variable output 
voltage. The performance is then expressed in 
millimeters per volt. Thus if the voltage varies 
by 5V over a distance of 1mm, the sensor is 
rated as providing 0.2mm per volt. 


What Can Go Wrong with 
Optical and Ultrasound 
Proximity Sensors 





Object Too Close 


Because both types of proximity sensors (ultra- 
sonic and infrared) may include emitters that 
are angled toward the distance range for which 
they are designed, they may fail to “see” an 
object that is closer. Consequently the sensor 
will provide no response, or may detect a differ- 
ent object that is further away. In either case, if 
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the sensor is being used on a moving device, 
the device may collide with the undetected 
near object. 


Multiple Signals 


If two or more sensors and emitters are used 
concurrently, their combined signals can inter- 
fere with each other and create inaccurate 
readings. 


Inappropriate Surfaces 


Ultrasonic proximity sensors are intended to 
identify a single object that is closer to the sen- 
sor than other objects, within a narrow beam 
dispersion angle. Multiple objects, complex sur- 
faces, soft surfaces such as clothing or furnish- 
ings, or an unusual configuration of interior 
walls can create inaccurate readings. 


Infrared sensors may be unable to “see” liquids 
or transparent objects, and may give different 
assessments of distance depending on the 
properties of a surface. Human skin, for exam- 
ple, is a poor reflector, as it absorbs some infra- 
red radiation. 


Environmental Factors 


An ultrasonic transducer uses a very small mov- 
ing diaphragm to generate sound. Like any sys- 
tem containing moving parts, it will be 
vulnerable to moisture or excessive humidity, 
and may need to be protected. 


After a device is built and tested indoors, in a 
controlled environment, it is likely to behave 
differently if it is moved outside where the tem- 
perature is significantly higher or lower. 


Deterioration of LEDs 

As noted in the section on presence sensors 
(see Chapter 3), LEDs tend to suffer from grad- 
ual reduction in light output over time. The per- 
formance of an infrared proximity sensor may 
deteriorate over a period of years, depending 
on how intensively it is used. 
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A linear position sensor may also be described as a linear displacement sensor or a 
linear position transducer. It is sometimes categorized as a type of proximity sensor, 
but in this Encyclopedia a proximity sensor emits a signal and receives an echo to 
measure the distance from itself to an object. By comparison, a linear position sensor 
measures the position of a sliding object within a stationary enclosure. 


An object presence sensor can be considered as a form of linear position sensor, but 
it only responds to the presence of an object, without measuring its position. 


OTHER RELATED COMPONENTS 
* proximity sensor (see Chapter 5) 


+ object presence sensor (see Chapter 3) 


+ rotary position sensor (see Chapter 7) 


What It Does 


Control of a mechanical device may require 
accurate and timely information about the 
position of a movable part in the device. A lin- 
ear position sensor can be used for this pur- 
pose. 





Three attributes are likely to be of interest: 


¢ Position 
¢ Direction of motion 


+ Speed of motion 


Typically a linear position sensor measures only 
the first attribute. Additional electronics may 
calculate the second and third attributes by 
taking multiple position readings. Thus a speed 
sensor is very likely to be built around a position 
sensor, and therefore this Encyclopedia does 
not have a separate entry for speed sensors. 


Applications 


Robotic arm positioning, wing flap and rudder 
positions on an aircraft, computer-controlled 
machine tools, 3D printers, and automobile 
seat position sensors are some of the many 
applications. 


Schematic Symbol 

In a schematic, a linear position sensor may be 
represented by symbols for the sensing ele- 
ments that are inside it (potentiometer, LED, 
phototransistor, or others). 


How It Works 


Linear potentiometers, magnetic linear encoders, 
optical linear encoders, and linear variable differ- 
ential transformers (LVDTs) are described here. 
Other options are available, but they tend to be 
more specialized, and are not included. 





39 


How It Works 


Linear Potentiometer 


For a full description of potentiometers, see 
Volume 1. 


A linear potentiometer, often referred to as a 
slider potentiometer, contains an_ electrical 
resistance in the form of a straight section of 
track. The track may be a strip of resistive poly- 
mer or (less often) may consist of an insulator 
with a coil of nichrome wire wrapped around it. 


For sensing purposes, the potentiometer is 
wired as a voltage divider, and a fixed potential 
is applied across its full length, as shown in 
Figure 6-1. A wiper slides along the track, sens- 
ing a voltage that varies linearly with the 
wiper's position. Output from the wiper can be 
used directly to control an analog indicator 
such as a meter, or can be processed by an 
analog-to-digital converter. 


Resistive strip 


Figure 6-1 A linear potentiometer can consist of a fixed 
track with a known voltage applied at each end, and a 
movable wiper. 


For audio applications, a slider potentiometer 
may have resistance that varies logarithmically 
with the position of the wiper. However, this 
type of component is not generally used as a 
position sensor. 


For sensing purposes, the potentiometer is usu- 
ally protected by a long, narrow box or tube 
through which a rod slides on sealed bearings. 
An example is shown in Figure 6-2. 
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Figure 6-2 A linear potentiometer contained in a tube 
with sealed bearings. 


Small linear potentiometers for position sens- 
ing are available from companies such as 
Bourns. The one shown in Figure 6-3 is about 
20mm long, and the rod that slides through it 
has a travel of approximately 10mm. The com- 
ponent is available with resistance values rang- 
ing from 1K to 50K, and its power rating is 1/8 
watt. The manufacturer claims a life expectancy 
of 500,000 cycles. 





Figure 6-3 A miniature linear potentiometer. The body is 
about 20mm long. 


A linear potentiometer is simple, inexpensive, 
compact, and requires few additional compo- 
nents. The track contains a lubricant, but inevi- 
tably some wear occurs as a result of motion of 
the wiper. Life expectancy will be reduced by 
vibration or by contamination with dirt or mois- 
ture. 


A linear potentiometer may rarely be described 
as a linear potentiometric sensor. 
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Magnetic Linear Encoders 


A ferrous rod or strip can be magnetized with 
alternating north and south poles. When it 
slides past a single bipolar Hall-effect sensor, it 
generates a pulse train from the sensor that can 
be interpreted to provide positional informa- 
tion. The principle of the component is shown 
in Figure 6-4. (Magnetic rotary encoders also 
exist; see “Rotary Encoders”) 


Hall-Effect 
Sensor 


Strip with alternating positive and negative poles 


Figure 6-4 When a strip magnetized with alternating 
north and south poles slides past a sensor, the pulse train 
from the sensor can be decoded to indicate the relative 
position of the strip. 


The sensing element may be described as a 
read head. If two are used, with a spacing equal 
to half the interval between the north and 
south poles on the strip, the phase difference 
between the pulse trains from the sensors will 
indicate the direction in which the magnetized 
strip is moving. This is shown in Figure 6-5. 


The combination of pulse trains is known as 
quadrature, because there are four possible 
combinations: A and B both high, A and B both 
low, A high and B low, or A low and B high. The 
same principle is used in an optical rotary posi- 
tion sensor; see Figure 7-6. 


This type of linear position sensor is often 
described as a magnetic encoder, meaning that 
the position of the sliding part is encoded in a 
series of pulses. Relatively high resolution is 
possible, as the north and south poles on a strip 
of ferrous material can be as close as 2mm. 
Optical encoders may use the same principle; 
see “Optical Linear Encoders’. 


How It Works 





Figure 6-5 Pulse trains from Hall-effect sensors A and B 
are shown in green. The phase difference between them 
can be interpreted to show the direction in which the mag- 
netized strip is moving. 


The sensor can be built into a module contain- 
ing an analog-to-digital converter that provides 
numeric output defining the position of the 
read head. 


In an absolute magnetic encoder, nonvolatile 
memory can store the digitized position when 
the device is switched off. An incremental mag- 
netic encoder does not store this information, 
and will require at least one additional home 
sensor to detect when the encoder is at either 
end of its travel. At power-up, an initialization 
routine moves the magnetized strip until the 
home sensor is triggered. 


For details of Hall-effect sensors see “Hall-Effect 
Sensor”. 


Optical Linear Encoders 

The operation of an optical linear encoder is 
identical to that of the magnetic linear encoder 
described immediately above, except that a 
sliding optical grating is used in conjunction 
with a light source and a detection device such 
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How It Works 


as a phototransistor or photodiode that 
functions as the read head. The principle is 
shown in Figure 6-6. The grating may be 


described as a codestrip. 
: Phototransistor 


a Infrared LED 


Figure 6-6 An optical linear encoder uses the same gen- 


Strip with optical grid 
alternating transparent 
and opaque sections 
—=—____ 


eral principle as a magnetic linear encoder. 


For details of phototransistors, see Chapter 22. 
For details of photodiodes, see Chapter 21. 


An example of a low-cost optical linear encoder 
is the Avago HEDS-9 series, which consists of a 
horseshoe-shaped module with an LED in one 
arm and an array of photodiodes in the oppo- 
site arm. When a codestrip passes between the 
arms, the module emits two pulse trains from 
internal comparators. The pulse trains are 90 
degrees out of phase, and can be interpreted to 
show which way the codestrip is moving. 


These sensors have a body measuring approxi- 
mately 10mm wide and are designed to read 
opaque/transparent intervals ranging from 1.5 
to 7.87 cycles per millimeter. The output rate 
can be as high as 20kHz. No pullup resistor is 
required on the output, as a 2.5K resistor is inte- 
grated. 


A codewheel may be used, in which case the 
module senses rotation instead of linear 
motion. This is described in detail in the entry 
on rotary position sensors. See Chapter 7. 


Linear Encoder Applications 

Optical or magnetic linear encoders are found 
in some laboratory equipment, machine tools, 
and industrial robots. The mean time between 
failures can range from 100,000 to 1,000,000 
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hours. Optical encoders must be sealed to pro- 
vide good protection from dust and dirt. 


Linear Variable Differential Trans- 
formers 


This type of sensor, often referred to by the 
acronym LVDT, tends to be used in industrial 
environments where great reliability is required 
under severe conditions. Examples are high- 
temperature steam valves and nuclear reactor 
control mechanisms. However, the robust, fric- 
tionless design suggests other possible applica- 
tions, and custom fabrication is a possibility. 


Figure 6-7 illustrates the general principle. 
Three coils are wound sequentially around a 
(nonmagnetic) stainless-steel tube, enclosed in 
a second tube also made of stainless steel. The 
coils act as transformers with the variable volt- 
age ratio determined by the position of a solid 
iron armature that slides through them. 


The center coil is the primary winding, to which 
AC is applied between 2kHz to 50kHz, depend- 
ing on the application. (The frequency must be 
at least ten times the maximum rate of motion 
of the armature.) The iron armature is attached 
to a nonmagnetic rod. The voltages on the sec- 
ondary windings provide the output from the 
sensor. 


While more than one wiring arrangement is 
possible, the most common schematic is shown 
in Figure 6-8. The secondary coils are in series, 
with one of them reversed, so that the phase of 
the output is inverted as the armature moves 
from one end of its travel to the other. The 
phase detector responds to the phase differ- 
ence by creating a DC output that varies with 
movement of the armature. All the functions 
shown in the schematic are available on a sin- 
gle integrated circuit chip. 
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Figure 6-7 Cutaway drawing showing the internal design 
of a linear variable differential transformer, in which the 
position of a sliding iron armature determines the voltage 
induced in the secondary windings. 
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Figure 6-8 Typical schematic for using a linear variable 
differential transformer. 


What Can Go Wrong 


An example of a linear variable differential 
transformer is shown in Figure 6-9. 





Figure 6-9 External view of a linear variable differential 
transformer. 


What Can Go Wrong 


Mechanical Issues 


Any sliding mechanism will involve friction, and 
will be vulnerable to wear and tear, resulting in 
looseness that will degrade its accuracy. In 
addition, optical systems are vulnerable to dust 
and dirt. 





LED Longevity 

Light output of an LED diminishes over a period 
of years if the LED is “always on.’ This will limit 
the life of the sensor. 





Chapter 6: linear position sensor 43 


spatial > orientation > rotary position 


Alternative terms for rotary position sensor are rotary sensor, rotational position sen- 


sor, angular position sensor, and angle sensor. 


The terms rotary and rotational are used interchangeably. In this entry, an attempt has 
been made to use the term that is most common for each specific application. For 
example, “rotary position sensor” versus “rotational encoder.’ 


A few sensors are available that specifically measure rotary speed, but generally a 
rotary speed sensor uses information from a rotary position sensor. Therefore, this 
Encyclopedia does not include a separate entry for rotary speed sensing. 


A rotational encoder can be used as a rotary position sensor. It is mentioned briefly 
here but is described in more detail in Volume 1 of this Encyclopedia in the entry 


describing switches. 
OTHER RELATED COMPONENTS 


- linear position sensor (see Chapter 6) 


What It Does 





Control of a mechanical device may require 
accurate and timely information about the ori- 
entation of a rotating part in the device. A 
rotary position sensor can be used for this 
purpose. 


A sensor may be capable of measuring three 
attributes: 


« Angular orientation 
« Direction of rotation 


+ Speed of rotation 


Typically a rotary position sensor measures only 
the first attribute. Additional electronics are 
required to calculate the second and third 
attributes by taking multiple position readings. 
Thus a speed sensor is very likely to be built 


around a position sensor, and therefore, this 
Encyclopedia does not have a separate entry 
for speed sensors. 


Applications 

In robotics, a rotary position sensor is com- 
monly used to show the orientation of a pivot- 
ing arm or strut. It can also be used as a limit 
switch on a motor. 


Specific applications include solar array posi- 
tioning, remotely piloted vehicles, guidance 
and navigation, antenna positioning, and wind 
turbine pitch control. 


Pulses from a rotary position sensor are used to 
measure speed of rotation in vehicles, industrial 
processes, and aviation. Small rotary speed sen- 
sors are built into devices such as cooling fans 
and computer hard drives. 
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Schematic Symbol 

In a schematic, a rotary position sensor may be 
represented by symbols for the sensing ele- 
ments that are inside it (potentiometer, LED, 
phototransistor, and others). 


Potentiometers 





Single-turn and multiturn potentiometers may 
be used as rotary position sensors. For basic 
information about potentiometers, see the 
entry describing this component in Volume 1. 


Arc-Segment Rotary 
Potentiometer 

An arc-segment rotary potentiometer is often 
referred to simply as a “potentiometer,’ as this 
type is more common than the multiturn type 
or the linear type. When used as a sensor, it can 
measure a turn angle that is less than 360 
degrees. 


This component contains a resistor in the shape 
of an arc, referred to as the track. It may be a 
strip of resistive polymer or (less often) may con- 
sist of an insulator with a coil of nichrome wire 
wrapped around it. 


For sensing purposes, the potentiometer is 
wired as a voltage divider, and a fixed potential 
is applied along the full length of the track, as 
shown in Figure 7-1. A wiper slides along the 
track, sensing a voltage that varies linearly with 
the wiper’s angular position. Output from the 
wiper can be used directly to control an analog 
indicator such as a meter, or can be processed 
by an analog-to-digital converter. 


For audio applications, an arc-segment potenti- 
ometer may have resistance that varies loga- 
rithmically with the position of the wiper. 
However, this type of component is not gener- 
ally used as a position sensor. 


Low-cost potentiometers were traditionally 
used as volume or tone controls in stereo sys- 
tems. When a potentiometer is designed for 
use as a sensor, it tends to be more ruggedly 
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built and better protected against dust, dirt, 
and moisture. Its advantages are that it is sim- 
ple, inexpensive, compact, and requires few 
additional components. 


Resistive strip 


Figure 7-1 An arc-segment potentiometer consists of a 
fixed track in the shape of an arc with a known voltage 
applied at each end, and a movable wiper. 


The major disadvantage is that although the 
track contains a lubricant, some wear will grad- 
ually result from friction with the wiper. Life 
expectancy will be further reduced if there is 
vibration or contamination with dirt or mois- 
ture. 


End Stops 

An arc-segment potentiometer usually has end 
stops to prevent the wiper from running off 
either end of the track. Typically, these stops 
limit rotation to around 300 degrees. 


A few arc-segment potentiometers allow unre- 
stricted rotation. The Bourns 6639 series is an 
example, although the wiper still passes 
through a “dead zone” of 20 degrees between 
the start and end of its track. An application for 
this type of potentiometer could be as a direc- 
tion sensor for a weather vane. 


Multiturn Rotary Potentiometer 

A spiral track, which resembles a coil spring, 
enables a rotary potentiometer to make multi- 
ple turns. The wiper rotates inside the track and 
follows its contour. A potentiometer of this type 
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will still be calibrated in degrees; thus, a 10-turn 
component may be listed as allowing an electri- 
cal travel of approximately 3,600 degrees. 


The exterior of a multiturn rotary potentiome- 
ter is shown in Figure 7-2. 





Figure 7-2 A multiturn rotary potentiometer. Each pair of 
solder tags is attached internally to one end of the internal 
coiled track. The smaller tag at the far end connects with 
the wiper. 


A simpler type of multiturn potentiometer is 
intended for use as a trimmer—a small potenti- 
ometer that can be mounted on a circuit board 
to allow adjustment or calibration, often during 
the manufacturing process. This type of trim- 
mer contains a worm gear that engages with a 
spur gear internally. The wiper is mounted on 
the spur gear. It has no applications as a sensor, 
but is mentioned here to avoid ambiguity, as it 
is probably the component that is most com- 
monly referred to as a “multiturn potentiome- 


” 


ter. 


Magnetic Rotary Position Sensor 
Externally, a modern magnetic rotary position 
sensor may look very much like an arc-segment 
rotary potentiometer. Internally, a permanent 
magnet is attached to the base of the shaft, and 
one or more Hall-effect sensors are mounted 
ona small circuit board immediately below the 
magnet, in the bottom of the enclosure. A sim- 
plified diagram appears in Figure 7-3. 


Potentiometers 
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Figure 7-3 Simplified interior view of a magnetic rotary 
position sensor. 


For more information about Hall-effect sensors, 
see “Hall-Effect Sensor”. 


A magnetic rotary position sensor may be 
described as a noncontacting sensor. Two views 
of an example are shown in Figure 7-4. 





Figure 7-4 Two views of a Bourns AMS22 magnetic 
rotary position sensor. 


The AMS22 sensor shown in Figure 7-4 has an 
analog output ranging from 0.1VDC to 4.9VDC 
when powered with 5VDC. A noncontacting 
sensor of this type will cost three to four times 
as much as a conventional potentiometer, but 
has the great advantage of extreme durability, 
with the manufacturer claiming a life of 50 mil- 
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lion shaft rotations. A disadvantage is its low- 
current output, limited to 10mA. The maximum 
rotation speed of its shaft is 120rpm. 


Rotary Position Sensing Chips 

Chips of the type used in a magnetic rotary 
position sensor are available as individual com- 
ponents, many of which have advanced fea- 
tures. For example, the AM8192B angular 
magnetic encoder by RLS is a 44-pin surface- 
mount chip containing Hall sensors that detect 
the orientation of a permanent magnet above 
or below the chip. Various outputs provide 
information such as sine or cosine of the turn 
angle, incremental pulses, and digitized output 
via an SPI interface. 


Rotary Encoders 


Many rotating position sensors communicate 
their angle of rotation with an output that con- 
sists of a pulse train or some other coded sig- 
nal. This type of rotary sensor is known as a 
rotary encoder or rotational encoder. (Linear 
encoders also exist; see “Magnetic Linear 
Encoders”.) 


The simplest version of this component is a 
mechanical encoder containing two small elec- 
tromechanical switches that are activated, out 
of phase, by a toothed wheel attached to the 
rotating shaft. This component is described in 
detail in Volume 1 of the Encyclopedia, where it 
is categorized as being a form of switch. Its low 
cost and simplicity has made it popular for 
rotary controls on car radios and small stereo 
systems, but its switches have a limited life 
expectancy and create a “noisy” output that 
must be debounced if connected with a logic 
chip or microcontroller. Typically the microcon- 
troller will include a pause of up to 50ms in its 
program code to allow time for the switch con- 
tacts to settle (although some manufacturers 
claim only 5ms). 


Confusingly, a mechanical encoder is often 
identified only as a “rotational encoder,’ even 
though optical and magnetic rotational encod- 
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ers also exist, as described immediately below. 
As a general rule, if a component is described 
simply as a rotational encoder, it probably con- 
tains electromechanical switches. 


Optical Rotary Encoders 


This type of component works on the same 
principle as an optical linear encoder of the type 
described in “Optical Linear Encoders”. The dif- 
ference is that a codewheel is used instead of a 
codestrip. Typically the codewheel is supplied 
by the manufacturer of the component that is 
designed to read it. 


A transmissive codewheel is shown in 
Figure 7-5. The distance between the light 
emitter and the light detector has been exag- 
gerated in this diagram for clarity. 





Light cs 


Emitter 


*, 


Light 
Detector 


Figure 7-5 A light-transmissive codewheel for use in an 
optical rotary encoder. 


Some optical rotary encoders use a reflective 
codewheel, in which case alternating sections 
of the wheel are light-absorptive and light- 
reflective, and the emitter and detector are 
both on the same side of the wheel. 


If only one light emitter and light detector are 
used, the pulse train from the sensor reveals 
how many increments the wheel has turned 
relative to its previous position. 
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A single sensor cannot indicate the direction of 
rotation, but if a second emitter-sensor pair is 
added, 90 degrees out of phase with the first, a 
microcontroller can assess the phase difference 
between pulse streams to determine which 
way the wheel is turning. This principle is illus- 
trated in Figure 7-6 where one transmitter- 
detector pair is located in position A and 
another is in position B. The resulting pulse 
trains, for clockwise and counterclockwise rota- 
tion of the wheel, are shown in green. The com- 
bination of pulse trains is known as quadrature, 
because there are four possible combinations: 
A and B both high, A and B both low, A high 
and B low, or A low and B high. 





Figure 7-6 With transmitter-detector pairs mounted at 
positions A and B, the phase difference between their 
pulse trains can show the direction of rotation of the 
wheel. 


Potentiometers 


This is the same principle as illustrated for a 
magnetic linear position sensor in Figure 6-5. 


An alternative system of quadrature for an opti- 
cal rotary encoder uses two separate tracks on 
the disc, each having an equal number of opa- 
que and transparent sections, but half an inter- 
val out of phase. 


Any system that reveals the relative motion of 
the wheel, but cannot determine its absolute 
angular position, is an incremental sensor. 


Optical Products 

High-end optical rotary encoders may use discs 
with as many as 600 sequential opaque and 
transparent segments to provide extremely 
high resolution. They are outside the scope of 
this Encyclopedia. 


Moderately priced optical encoders are avail- 
able as shaft-driven assemblies very similar in 
external appearance to potentiometers. Typi- 
cally they have four terminals, one pair for 
power and ground connections and another 
pair for quadrature output from the two inter- 
nal sensors, usually identified as A and B in 
datasheets. Some encoders also contain an on- 
off switch that is activated by pressing the 
shaft, in which case two additional terminals 
will be provided. 


Bourns is a leading manufacturer of this type of 
encoder, an example being the EM14, which is 
mounted in a box-shaped body measuring 
14mm square. It uses a 5VDC power supply and 
provides pulses of 4VDC minimum with inter- 
vals of 0.8VDC maximum. Variants are available 
with 8 to 64 pulses per revolution. Intended for 
audio applications, this type of encoder has a 
maximum rotation speed of 120rpm. 


An example of an optical rotary encoder from a 
German manufacturer is shown in Figure 7-7. 
Its resolution is 25 pulses per rotation. The rec- 
tangular package measures approximately 
19mm x 25mm. The power supply can be 
3.3VDC or 5VDC. 
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Optical rotary encoders of this type cost about 
five times as much as mechanical rotary encod- 
ers at the time of writing, but their longevity 
and their clean output signals make them an 
attractive alternative, and the price difference 
may diminish over time. 





Figure 7-7 A compact incremental optical rotary encoder 
in the MRB25 series from Megatron Elektronik AG & Co. 


Encoders such as the Avago HEDS-9 series are 
not protectively enclosed, and require assem- 
bly with a codewheel supplied by the manufac- 
turer. See Figure 6-6 for additional information. 


A more basic optical rotary encoder, shown in 
Figure 7-8, is sold by Cytron Technologies as an 
optical switch mounted on a small board, with a 
separate codewheel consisting of a slotted disc. 
This low-cost kit is intended for use in DIY 
robotics. More information about optical 
switches will be found in the entry dealing with 
optical presence sensors. See Figure 3-3. 





Figure 7-8 A bare-bones optical encoder for DIY robot- 
ics. 
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Computer Mouse Principles 

The original design of a computer mouse, with 
a hard rubber ball, contained two optical rotary 
encoders oriented at right angles to each other. 
Each of them used a transmissive codewheel. 
The rolling ball turned the codewheels as the 
mouse was moved across a desktop, and elec- 
tronics in the mouse converted the outputs 
from the encoders into a pulse train that could 
be interpreted by a computer. Figure 7-9 shows 
the primary components. 





Figure 7-9 From Wikimedia Commons, this rendering by 
Jeremy Kemp shows (1) rotation of the ball, (2) a roller 
touching the ball, (3) a transmissive optical codewheel, 
(4) an infrared LED that shines through a second code- 
wheel, and (5) a sensor detecting the pulses of light. 


An optical mouse works on a different principle, 
maintaining a monochrome image of the desk 
surface on an optical array that functions like a 
very low-resolution camera sensor. Electronics 
in the mouse detect displacement of the image 
as the mouse is moved. 


Rotational Speed 

Incremental rotary encoders, which only supply 
relative data, are adequate in many applica- 
tions, especially speed measurement, where a 
microcontroller can compare a pulse stream 
from a sensor with a target frequency, and can 
also provide feedback to control motor speed 
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appropriately. This is convenient when a step- 
per motor is being used, or a DC motor that is 
controlled with pulse-width modulation. (See 
the entry on motors in Volume 1.) 


Toothed wheels or magnetized wheels are 
commonly used to measure speed of rotation 
in applications ranging from automobile trans- 
missions to computer disk drives. 


While a second sensor can be added to deter- 
mine the direction of rotation, this still does not 
provide information about the absolute orien- 
tation of a part. 


Absolute Position 

If associated electronics are equipped with 
nonvolatile memory, it may be used to store a 
sensor-wheel position from one session to the 
next. This may be sufficient in noncritical appli- 
cations such as volume control in a car radio or 
stereo system. 


Alternatively, an additional single window in an 
optical wheel can activate a home sensor. When 
the device is powered up, the wheel is turned 
until the home sensor is triggered, at which 
point the orientation of the wheel is known, 
and subsequent pulses from rotation sensor(s) 
will add or subtract angular information. 


The pulse generated by a home sensor may be 
described in datasheets as a reference signal or 
index signal. In the early days of desktop com- 
puters, each 5.25-inch floppy diskette was per- 
forated with an index hole for this purpose. 


The Gray Code 


For greater reliability in determining absolute 
position, an optical wheel can be divided into 
several concentric tracks, each of which con- 
tains a different coded sequence and _ is 
assigned its own light emitter and light sensor. 
The sensors are arranged in a radial line to scan 
the disc as it rotates. Since each detector will 
provide either a signal or no signal, output from 
the set of sensors can be combined to create a 
binary number. 


Potentiometers 


Figure 7-10 shows binary codes from 0000 
through 1111, corresponding with decimal 
numbers 0 through 15, where a white square is 
equivalent to a numeral 1 and a black square is 
equivalent to a numeral 0. 


1oo0 6 
1001 i 
1010 a F 
1011 ri 

1100 ee 
1104 a 
11140 a 
1114 





Figure 7-10 Binary codes from 0000 through 1111, using 
white to represent 1 and black to represent O. 


Figure 7-11 shows this system mapped onto a 
codewheel. The red circles indicate the loca- 
tions of four stationary light detectors, which 
begin by providing a reading of 0000, since 
they coincide with four opaque areas of the 
wheel. Now if the wheel makes 1/16th of a full 
rotation in the direction of the arrow, the detec- 
tors will register 0001. If the wheel continues to 
rotate, the detectors will count in binary up to 
1111 before the sequence repeats. 


The problem with this design is that small man- 
ufacturing inaccuracies and other imperfec- 
tions will result in some light detectors 
responding fractionally more quickly than oth- 
ers as the wheel rotates. This will occur in tran- 
sitions where two or more adjacent segments 
of the wheel change between transparency 
and opacity. For instance, where 0011 is fol- 
lowed by 0100, transient values of 0010, 0001, 
0111, 0110, or 0101 are possible. Although they 
will be brief, these values may trigger associ- 
ated electronics. 
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Figure 7-11 The binary sequence mapped onto a code- 
wheel as areas of opacity and transparency. Red circles 
indicate light detectors. 


To eliminate this problem, a different code 
sequence can be used in which only one of the 
four sensors is allowed to make a transition 
from each value to the next. This is called a Gray 
code, and eliminates the issue of simultaneous 
transitions. A commonly used Gray code is 
shown in Figure 7-12. 
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Figure 7-12 A Gray code that allows only one binary digit 
to change in each transition from one value to the next. 


Magnetic Rotary Encoders 


If a ferrous wheel is magnetically polarized in 
multiple domains, its rotation can be detected 
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by a Hall-effect sensor in much the same way 
that a wheel divided into transparent and opa- 
que sections can be assessed by light detectors 
and emitters. This is illustrated in Figure 7-13, 
where magenta and cyan bands indicate north 
and south magnetic poles. 


Magnetized 
Wheel 


onee 


Hall-effect 
Sensor 


Figure 7-13 A Hall-effect sensor can detect the rotation 
of a wheel that is divided into multiple north and south 
magnetic poles. 


See “Hall-Effect Sensor” for information about 
Hall-effect sensors. 


An additional Hall sensor can be added, offset 
from the first, as in Figure 7-14. Once again the 
phase difference between the pulse trains can 
be used to determine the direction of rotation. 


oS 


Figure 7-14 Direction of rotation of the wheel can be 
deduced from the phase difference between the pulse 
trains from two sensors. 
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Alternatively, a toothed wheel can be used, as 
suggested in Figure 7-15. 





Figure 7-15 A toothed wheel can trigger a Hall sensor if 
the teeth are magnetized. 


Another option is to mount a pair of magnets 
on a nonmagnetic wheel, with a Hall-effect sen- 
sor in the center. If it is a sensor with an analog 
output, the voltage will fluctuate smoothly 
between positive and negative, relative to the 
power supply for the sensor. Alternatively, a 
bipolar Hall-effect sensor can be used to pro- 
vide a binary output. The concept is illustrated 
in Figure 7-16. An advantage of this configura- 
tion is that it provides approximate information 
about the absolute position of the wheel. 


The two magnets will provide usable linear sen- 
sor outputs over a span of plus-or-minus 30 
degrees of rotation, approximately. Additional 
magnets or sensors can produce a more com- 
plex output that would be decoded by a micro- 
controller. 


How to Use It 


An optical or rotary encoder is well suited for 
use with a microcontroller program that can 
count pulses, compare pulse trains, or interpret 
a Gray code. The microcontroller then takes 
appropriate action. For example, if a rotational 
encoder is used to control the gain of an audio 
amplifier, the microcontroller determines the 
direction and angle through which the encoder 
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turns, and can respond by changing the value 
of a digital potentiometer (see Volume 1). 





Figure 7-16 A Hall-effect sensor can detect the angle of 
rotation of a ring on which two magnets are mounted as 
shown. 


Integrated circuit chips are available to convert 
a sequence of quadrature signals into an up- 
pulse or a down-pulse, thus eliminating the 
chore of achieving this with a microcontroller 
program. The LS7183 by LSI Computer Systems 
is an example. 


What Can Go Wrong 


Wiring Errors 

If two sensors are used to detect the direction 
of rotation of a rotary encoder, and outputs 
from the sensors are accidentially swapped, the 
component will seem to work normally except 
that the indicated direction will be inverted. 


Coding Errors 

Microcontroller code that interprets quadrature 
signals must be fast enough to keep up with 
the pulse streams. If a microcontroller is per- 
forming other tasks, an interrupt may be neces- 
sary for processing the rotational data. This 
should not be a significant problem when inter- 
preting human input from a knob or dial, but 
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for a motor-driven encoder, pulse counting in mon than linear encoders. When searching for 

hardware may be a better alternative. an encoder, check each datasheet carefully to 
determine which type you are dealing with. 

Ambiguous Terminology 

Rotational encoders are often referred to sim- 

ply as “encoders,” because they are more com- 
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A tilt switch is defined here as an electromechanical switch, while a ti/t sensor uses elec- 
tronics. Both types are included in this entry. 


A tipover switch is very similar to a tilt switch and uses the same principles. Therefore, it 
is included in this entry. 


Some manufacturers’ datasheets refer to tilt sensors as tip sensors. Some Asian supply 
catalogues refer to tilt switches as breakover switches. 


An accelerometer can measure the angle at which it is held relative to the downward 
force of gravity, but it has additional capabilities. Therefore, it has its own separate 
entry in this Encyclopedia. 


An inclinometer measures the incline, or positive slope, from an observation point to 
the top of an object such as a building or tree. The height of the object can be calcula- 
ted from the angle. A clinometer can additionally measure a decline, or negative slope. 
These measurement devices are fully featured products as opposed to sensors, and are 
not included in this Encyclopedia. 


OTHER RELATED COMPONENTS 


+ accelerometer (see Chapter 10) 


+ vibration sensor (see Chapter 11) 


What It Does 





Three principal types of tilt sensor exist. 


1. Single axis, single output. The sensor 
responds to being tilted around one 
horizontal axis, relative to the down- 
ward force of gravity. 


2. Dual axis, dual output. The sensor con- 
tains two sensing elements at 90 
degrees to each other. Each has an out- 
put determined by its angle of tilt from 
vertical around one axis. 


3. Dual axis, single output. A single sensor 
responds to an angle of tilt from verti- 
cal around any horizontal axis. 


A tilt switch is usually of the third type, and is 
defined here as containing an electromechani- 
cal or electronic switch that opens or closes a 
connection. Most tilt switches are SPST (nor- 
mally open) or SPST (normally closed). A minor- 
ity are DPDT. 


A tipover switch is a type of high-current tilt 
switch that cuts power to a device such as an 
electric heater when it is tipped over. 
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This Enclopedia defines a ti/t sensor as being an 
electronic component, as opposed to an elec- 
tromechanical component. The distinction is 
often observed in datasheets, but not always. 


Schematic Symbol 

No specific schematic symbol is generally used 
for any variant of a tilt sensor. It can be repre- 
sented with an annotated switch symbol. 


How It Works 


Because a tilt switch is a simpler device than a 
tilt sensor, it will be described first. 





The most common type of tilt switch consists of 
a cylindrical metal or plastic enclosure, often 
measuring about 5mm by 15mm, containing 
two spherical steel balls that may be nickel- 
plated or gold-plated. When the switch is tilted, 
the balls eventually run downhill, and the lower 
ball completes an_ electrical connection 
between two contacts or between a single con- 
tact and the metal enclosure of the switch. The 
second ball is included to add weight and sup- 
press vibration in the first. 


Figure 8-1 shows a switch manufactured by 
Comus Global, rated for 0.25A at 60VAC or 
60VDC, maximum. The body of the switch 
measures approximately 10mm x 5mm, and the 
switch is activated when tilting -10 degrees 
from horizontal. It is deactivated when tilting 
+10 degrees. A scale drawing of the interior is 
shown in Figure 8-2. 
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Figure 8-1 The CW1300 tilt switch manufactured by 
Comus Global. 


Brass 
Gold Plated 







Hydrogen 
and Helium 


Figure 8-2 Interior of the CW1300 tilt switch, from a 
scale drawing supplied by the manufacturer. The lower 
lead is welded to the shell of the sensor. The leads may be 
inserted in a circuit board. 


Figure 8-3 shows three common internal con- 
figurations of a generic tilt switch. The top ver- 
sion has axial leads and uses the metal shell of 
the switch to complete the circuit. The center 
version has radial leads, with a plastic shell. The 
bottom version has radial leads, one of which is 
attached to the metal shell to complete the cir- 
cuit. 
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Figure 8-3 Three variants of a generic ball-operated tilt 
switch. The graph-paper scale is in millimeters. 


Figure 8-4 shows the parts of a disassembled 
tilt switch. 


Simplified Version 

Where size is not a significant consideration, a 
tilt switch can be created by attaching a pivot- 
ing, weighted arm to a small snap-action 
switch. 


Applications 

An old-style (nonelectronic) thermostat may 
contain a tilt switch attached to the end of a 
bimetallic strip coiled into a spiral. When the 
strip bends in response to a drop in tempera- 
ture, the switch closes its contacts, activating a 


How It Works 


relay that starts a heating unit. If the tempera- 
ture rises, an additional set of contacts in the 
same relay may activate an air-conditioning 
unit. In old thermostats, the tilt switch may con- 
tain mercury in a glass tube, which should be 
handled with caution. 





Figure 8-4 At right, a tilt switch. At left, the cap removed, 
and the two balls that make internal contact. The back- 
ground grid is in millimeters. 


A tilt switch may detect the opening of a door 
or window in a simple alarm system. 


Tilt switches have been used in automobiles to 
switch on the interior light in the trunk when its 
lid is opened. 


A normally closed tilt switch is often used to 
stop the inflow of granular material to a bin 
when it is almost full. This is colloquially known 
as a bin switch. In industrial applications of this 
kind, the switch is activated by a long lever that 
has a ball mounted at the end. The switch 
assembly is physically large. See Figure 8-5. 


A normally open tilt switch may operate a valve 
or start a pump when the liquid in a tank drops 
below a certain point. If the switch uses a float 
to sense the level of the liquid, it is often known 
as a float switch. This is described in the entry 
on liquid level sensors. See Chapter 15. 
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Figure 8-5 The flow of granular material into a bin can be 
sensed and stopped by a tilt switch of this type, often 
known as a bin switch. 


A tipover switch may use the simplified system 
of a weighted arm that activates a snap-action 
switch. When used in conjunction with a room 
heater, the switch must handle substantial cur- 
rent. 


A motorcycle may contain a tipover switch to 
stop the electric fuel pump if the motorcycle 
falls on its side. 


Four tilt switches placed in a cross-shaped pat- 
tern on a flexible mount can be used as the 
basis of a very simple game controller, with a 
joystick mounted in the center. 


Variants 


The three configurations of ball-type tilt 
switches shown in Figure 8-3 are functionally 
interchangeable and can be chosen for conve- 
nience of their leads in fitting the circuit. 


Mercury Switches 

Early tilt switches contained a blob of mercury 
in a glass bulb. When the bulb was tilted, the 
mercury rolled to the end and made an electric 
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connection between two metal contacts that 
penetrated the bulb. 


A small mercury switch is shown in Figure 8-6. 
This type of sensor became less common after 
many countries classified mercury as an envi- 
ronmental hazard and established regulations 
restricting its use. 





Figure 8-6 Small mercury switch rated for 0.3A at 
24VDC or 24VAC. Larger mercury switches can switch 
more power; 1A at 230V is common. The background grid 
is in millimeters. 


Mercury is an excellent electrical conductor. It 
remains in a liquid state between about -38 
degrees Celsius and +356 degrees Celsius, and 
has very high surface tension, encouraging it to 
form a single blob instead of breaking up into 
small droplets. Because free space in the bulb is 
filled with an inert gas to prevent oxidation of 
the electrodes, a mercury switch can have a 
very long operating life. In the United States in 
the 1970s, some light switches were sold con- 
taining mercury switches with a claimed life 
expectancy of 100 years. 


Pendulum Switch 

This type of switch, now relatively rare, was 
found in vintage pinball machines. It consists of 
a pendulum about 5cm long, suspended inside 
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a steel ring about 1cm in internal diameter. If 
the machine was rocked sufficiently to bring 
the pendulum in contact with the ring, the 
game was cancelled and the word “Tilt” 
appeared on the display. Consequently this was 
referred to as a tilt switch, although really it was 
a form of vibration sensor with a long period 
of oscillation. 


Magnetization 

Some tilt switches use a steel ball that is weakly 
magnetized, so that it will seat itself more firmly 
when it rolls into a circular depression or ring. 
This type of switch must be tilted back through 
a larger angle to dislodge the ball. Therefore it 
will exhibit greater hysteresis. 


Tilt Sensors 





Unlike a tilt switch, a tilt sensor is not built 
around an electromechanical switch. 


The principle of a rolling ball has been minia- 
turized and encapsulated in a small enclosure 
(10mm square or smaller), in which the ball rolls 
to interrupt a beam from an internal LED shin- 
ing on a phototransistor. Examples are found in 
the Panasonic AHF series. Internal circuitry 
ensures a clean on-off signal, free from the 
switch bounce that is a problem in basic ball- 
type tilt switches. However, the switch requires 
a power supply, and the open-collector output 
must be used with a pullup resistor. By compar- 
ison, a simple electromechanical tilt switch can 
be wired directly to the device that it controls. 


Diagrams from the Panasonic datasheet show 
the three types of AHF sensor available for ver- 
tical, horizontal, and reverse mounting. In each 
case, the ball (dotted circle) rests in a shallow 
cup (dotted curve) where it obstructs the beam 
from an internal LED (not shown). See 
Figure 8-7. An exterior view of the AHF22 is 
shown in Figure 8-8. 


Tilt Sensors 





Horizontal mounting Reverse mounting 
AHF22 AHF23 


Vertical mounting 
AHF21 

















Figure 8-7 Three types of Panasonic tilt sensor, from the 
manufacturer's datasheet. See text for details. 





Figure 8-8 Exterior view of the Panasonic AHF 22 tilt sen- 
sor. The background grid is in millimeters. 


Two-Axis Tilt Sensors 


The Rohm RPI-1035 is a surface-mount tilt sen- 
sor about 4mm square, with two phototransis- 
tor outputs that indicate which axis the sensor 
is tilting around. The outputs can be inter- 
preted as a 2-bit binary number, with its four 
possible states indicating the rotation of the 
switch around two axes at 90 degrees to each 
other. Switches of this type were developed to 
indicate the orientation of consumer-electronic 
devices such as digital cameras, but more 
sophisticated sensors containing accelerome- 
ters are becoming price-competitive. 


Surface-mount 2-axis tilt sensors have been 
made available on small breakout boards that 
are easy to use experimentally. An example is 
the Parallax 28036 shown in Figure 8-9. 
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Figure 8-9 A 2-axis tilt sensor mounted on a breakout 
board available from Parallax. 


The behavior of the rolling-ball sensor at the 
heart of this board is shown in Figure 8-10. The 
sensor contains a square cavity in which the 
ball is depicted as a blue circle. At one corner of 
the cavity is a red LED, while two phototransis- 
tors, labeled A and B, are at the corners on the 
left and right. When the sensor is held as in sec- 
tion 1 of the figure, with the LED at the top and 
the ball resting at the bottom, both phototran- 
sistors have a high output as they receive light 
from the LED. 


In section 2 of Figure 8-10, the sensor has been 
turned through 90 degrees. The ball now pre- 
vents light from reaching sensor B, while pho- 
totransistor A is still active. In section 3 of the 
figure, the sensor has been turned through 
another 90 degrees, so that the ball prevents 
light from escaping from the LED, and both 
phototransistors are now dark. In section 4, the 
ball obstructs phototransistor A but not photo- 
transistor B. 
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Figure 8-10 The rolling-ball sensor inside the Parallax 
28036. See text for details. 


Suppose that the sensor is placed flat on a hori- 
zontal surface. The sensor will now respond to 
being tipped either way around two horizontal 
axes. This justifies its description as a 4- 
directional tilt sensor, although its design sug- 
gests that it may have been intended for use as 
described above, rotating through four posi- 
tions around one horizontal axis. 


Values 





A heavy-duty tilt switch can be rated as highly 
as 10A at 240VAC. More commonly, a tilt switch 
about 15mm long can be expected to switch 
about 0.3A at 24VAC or 24VDC. 


The operating angle is the angle through which 
the switch must be turned to activate it, relative 
to its normal rest position. 


The return angle is the angle to which the 
switch must be returned to deactivate it. Hyste- 
resis results from the return angle being smaller 
than the angle that activates the sensor. 


Tilt sensors with an open-collector output will 
specify maximum forward current for the inter- 
nally mounted LED (usually no greater than 
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50mA), the maximum collector-emitter voltage 
at the output (typically 30V), and the maximum 
collector current (often 30mA). An explanation 
of open-collector outputs is given in Appen- 
dix A (see “3. Analog: Open Collector”). 


How to Use It 





An electromechanical tilt switch can be connec- 
ted directly between a power supply and a 
device, so long as the device does not draw 
more current than the switch is rated to handle. 
Note that inductive loads such as motors draw 
an initial surge that can be at least twice the 
operational rating, while relays may be more 
likely to create a voltage spike when discon- 
necting. Switches should be chosen accord- 
ingly. For more discussion of this topic, see 
switch in Volume 1. 


A small tilt switch can be used in conjunction 
with a relay or transistor to amplify its signal 
sufficiently to drive a larger load. 


If an electromechanical tilt switch is connected 
to an electronic device such as a microcontrol- 
ler or logic chip, output from the switch will 
have to be debounced to prevent a series of 
brief voltage spikes that can cause false trigger- 
ing when the switch turns on or off. A debounc- 
ing logic circuit or chip can be used, or the 
program code in a microcontroller can intro- 
duce a wait period of up to 50 milliseconds to 
allow the contacts to settle. 


Mercury switches are much less likely to create 
a noisy output than rolling-ball switches, and 
may require little or no debouncing. 


For an application that must sense rotation 
around two or three axes, multiple single-axis 
tilt switches can be combined. A microcontrol- 
ler or logic gates will be necessary to evaluate 
signals from the switches, to determine the ori- 
entation. 


How to Use It 


What Can Go Wrong 


Contact Erosion 


If a ball-type tilt switch is subjected to current 
that exceeds its specification, arcing may erode 
its contacts, and they will become less reliable, 
especially if the contacts are plated with a thin 
metallic film that is eroded. For additional infor- 
mation on arcing in switches, see the switch 
entry in Volume 1. 





Random Signals 


During the brief time when a ball-type tilt 
switch is turning from one position to the other, 
vibration of the ball(s) inside it is likely to create 
erratic, random signals. If the output from the 
switch is being evaluated by a microcontroller, 
a debouncing routine may be insufficient to 
prevent the random signals from being sensed, 
and some programming will be necessary to 
ignore the signals during this transitional 
phase. If the switch is connected directly to a 
relay, the intermittent signals may occur suffi- 
ciently rapidly that the relay will ignore them. 


Environmental Hazard 

A device that incorporates a mercury switch 
may have to be re-engineered in the future if 
the availability of mercury switches becomes 
unreliable as a result of tighter environmental 
regulations. For the same reason, the end user 
may have difficulty replacing a mercury switch 
if it fails. Therefore, a ball-type tilt switch should 
be used instead of a mercury switch in any 
newly designed device. 


Requirement for Gravity 

Because a tilt switch depends on gravity to roll 
a ball or move a blob of mercury, it will not 
work in low-gravity, reversed-gravity, or zero- 
gravity conditions—for example, in a rocket 
during the unpowered phase of ascent and 
descent, or in an aircraft that performs aero- 
batic maneuvers. Performance of a tilt switch in 
a vehicle that accelerates or decelerates sud- 
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denly may also be unreliable. Likewise, it can- or where the object containing the switch may 

not be used on a small boat. be turned or repositioned unpredictably by the 
user. 

Requirement for Stability 

A tilt switch will tend to give erroneous results 

in a location where there is significant vibration 
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Historically, a gyroscope always contained a spinning disc. Some devices for naviga- 
tion still depend on rotating elements, but they are outside the scope of this Encyclo- 
pedia. This entry deals primarily with vibrating gyroscopes, also known as resonator 
gyroscopes, that are MEMS devices contained within silicon chips. 


OTHER RELATED COMPONENTS 


+ accelerometer (see Chapter 10) 
+ GPS (see Chapter 1) 


+ magnetometer (see Chapter 2) 


What It Does 


A gyroscope resists rotation around any axis at 
right angles to its own axis of rotation or vibra- 
tion. Consequently, if the gyroscope is allowed 
to move freely on gimbals in a sealed enclosure, 
the gyroscope will tend to maintain its orienta- 
tion while the enclosure can rotate freely 
around it. 





Taking this concept a step further, if the enclo- 
sure is mounted in an aircraft, the aircraft's rota- 
tion around two axes can be determined by 
referring to the gyroscope. If additional gyro- 
scopes are added orthogonally to the first, the 
aircraft’s rotation around all three axes can be 
determined. 


A gyroscope does not measure linear motion in 
any direction, or any static angle of orientation. 


Schematic Symbol 

A chip-based gyroscope, magnetomer, or accel- 
erometer may be represented in a schematic as 
a rectangular box containing abbreviations to 


identify pin functions (as in any integrated cir- 
cuit chip). 


IMU 


An accelerometer measures variations in lin- 
ear motion and will also measure its own static 
orientation relative to the force of gravity. If an 
accelerometer rotates around its own axis, it 
will not measure angular velocity. 


A magnetometer measures the magnetic field 
surrounding it, and may be sufficiently sensitive 
to determine its orientation relative to the 
Earth’s magnetic field. 


When an accelerometer and a gyroscope are 
contained in the same package, optionally with 
a magnetometer, they may be described as an 
IMU (inertial measurement unit), which can pro- 
vide necessary data to maneuver aircraft, 
spacecraft, and watercraft, especially when 
GPS signals are unavailable. 


Applications 
The first chip-based gyroscope was used in 
automobiles in 1998 as a yaw sensor in a skid- 
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control system. Subsequent automotive appli- 
cations include active suspension control, air 
bag sensors, rollover detection and prevention, 
and navigation systems. 


Gyroscopes may be installed in military ord- 
nance to provide backup in case an onboard 
GPS system fails, possibly as a result of radio 
jamming. 


Handheld 3D game controllers and headsets 
may use gyroscopes to control images dis- 
played to the viewer. A digital camera may 
employ a gyroscope to provide image stabiliza- 
tion. Gyroscopes are usually found in quadcop- 
ters or drones, are used to stabilize two- 
wheeled vehicles such as the Segway, and are 
used in robotics. 


How It Works 


The traditional form of gyroscope is a rotating 
wheel, which will resist turning forces perpen- 
dicular to its own axis of rotation. In Figure 9-1, 
three directions at right angles to each other 
are defined in the bottom-right corner of the 
diagram as X, Y, and Z. The wheel is rotating 
around the X axis, as shown by the green arrow. 
It will resist any turning force around the Y axis 
(red arrows) or the Z axis (yellow arrows). 
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Figure 9-1 Ina traditional gyroscope, a wheel that is 
rotating (shown by the green arrow) will resist a turning 
force on either of the axes (shown by red and yellow 
arrows) perpendicular to its axis of rotation. 


Vibrating Gyroscope 

A vibrating fork can be substituted for a wheel. 
In Figure 9-2 a fork is secured at its base while 
its tines are induced to vibrate toward each 
other and away from each other, as suggested 
by the double-ended arrow. In a chip-based 
gyroscope, this vibration is induced piezoelec- 
trically or by static electricity. 
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Figure 9-2 A vibrating fork (green arrows) can be substi- 
tuted for a rotating wheel in a gyroscope. 


Now suppose a turning force is applied around 
the vertical axis at the base of the fork, as sug- 
gested by the lower arrow in Figure 9-3. 


How It Works 


f- 





Figure 9-3 A turning force is applied to the base of the 
fork around a vertical axis, as shown by the lower arrow. 


The angular momentum of the vibrating tines 
causes them to resist this turning force, and 
consequently they will tend to bend, as shown 
by the yellow arrows in Figure 9-4. The amount 
of their deflection can be measured capaci- 
tively. This system is used in many chip-based 
gyroscope systems, and may be referred to as a 
vibrating gyroscope or a resonator gyroscope. 
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Figure 9-4 The angular velocity of the rotating fork 
causes deflection of its vibrating tines, shown by the yel- 
low arrows. 


An assembly of microscopic forks can be 
etched into a silicon chip. In Figure 9-5, an elec- 
tron micrograph shows the interior of this type 
of chip. It contains three rotational sensors, 
responding to the X, Y, and Z axes of motion. 
These sensors respond to pitch (rotation around 
the X axis), ro// (rotation around the Y axis), and 
yaw (rotation around the Z axis). 


Fork-based sensors are analog devices whose 
values are converted to digital values by an 
onboard analog-to-digital converter (ADC). The 
values are stored in registers that are available 
to other devices, often via the 12C protocol, 
which is widely used by microcontrollers. 


For additional details about I2C, see Appen- 
dix A. 


Typically there will be two 8-bit registers for 
each axis. Each register stores the binary equiv- 
alent of a signed integer, where the positive or 
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negative value represents the direction and 
magnitude of deflection, usually in degrees per 
second (dps). 





Figure 9-5 Electron micrograph of the STMicroelectron- 
ics LIS331DLH vibrating gyroscope installed in the Apple 
iPhone 4. The parallel plates at bottom-left function as a 
spring, while the elements at top-left and at right measure 
capacitance as their orientation varies according to rota- 
tional velocity. Photo courtesy of MEMS Journal published 
by Chipworks 


Variants 





The L3G420D by STMicroelectronics is a 3-axis 
gyroscope-only chip. It communicates via the 
SPI or I2C protocol, is approximately 4mm 
square, and can measure rotational rates up to 
plus-or-minus 2,000 degrees per second. 


The Freescale FKAS21002C has a similar specifi- 
cation. Gyroscope-only chips of this type have 
fallen in price to the point where they are com- 
parable to the retail cost of everyday compo- 
nents such as a small-signal relay or an audio 
amplifier on a chip. 


IMUs 


Chips that only contain gyroscopes are becom- 
ing less common as the cost of adding acceler- 
ometers decreases. 


Gyroscopes and accelerometers are comple- 
mentary, as gyroscopes are insensitive to linear 
motion or the Earth’s gravity, but accelerome- 
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ters can measure the rate of change of linear 
motion and orientation of the chip relative to 
the Earth. Software can combine this data to 
calculate the shape of the path being described 
by a device containing the chip, in addition to 
the changing velocity of the chip along that 
path. 


The InvenSense MPU-6050 is a common 3- 
gyroscope, 3-accelerometer chip. It also 
includes an interface for connecting an external 
3-axis magnetometer. The SPI and 12C commu- 
nications protocols are supported. The 
MPU-6050 has been a popular choice in the 
hobby-electronics community, so that Arduino- 
compatible code to interpret its data is avail- 
able from many sources. Breakout boards are 
available with the MPU-6050 installed. An 
example is the Sparkfun SEN-11028 shown in 
Figure 9-6. 





Figure 9-6 A breakout board from Sparkfun, providing 
easy access to the InvenSense MPU-6050 chip combining 
three gyroscopes and three accelerometers. 


Values 





The rotational velocity of a gyroscope element is 
usually expressed in degrees of rotation per 
second (dps), and sometimes in rotations per 
minute (RPM). 


A datasheet will specify the number of sensor 
axes (usually 3), supply voltage (3.3VDC is com- 


Values 


mon), maximum digital-low and minimum 
digital-high output voltages, and power con- 
sumption in normal mode and sleep mode. 
Power consumption is usually less than 10mA. 


The dynamic range is the maximum forward 
and reverse rotational velocity, which usually 
will not exceed plus-or-minus 2,000 degrees 
per second. Lower ranges may be _ user- 
selectable. The advantage of selecting a lower 
maximum rate of change is that it can be con- 
verted to a digital value with higher precision. 


The sensor resonant frequency will be several 
kilohertz, and must be higher than the fre- 
quency of any vibration that is applied to the 
sensor during use. 


The communications protocol is usually 12C and 
SPI may be offered as an option, with a selecta- 
ble digital output data rate. 


Bias temperature coefficient describes the effect 
of temperature on the gyroscope. 


The resolution of the gyroscope relates to the 
number of bits used in the digital output from 
the onboard ADC. A 16-bit resolution is com- 
mon. 


How to Use It 


Using a smart chip such as the MPU-6050, the 
circuit designer can take advantage of its 
onboard digital motion processor (DMP). Still, 
obtaining orientation information from the 
contents of registers on the MPU-6050 is non- 
trivial. Online sources and code libraries are 
necessary. The book Make: Sensors contains 
code listings for the Raspberry Pi as well as the 
Arduino. 





What Can Go Wrong 


Temperature Drift 

Vibrating materials at the heart of a chip-based 
gyroscope are likely to change their behavior 
with temperature. Typically the chip will con- 
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tain a temperature sensor, the value of which 
can be used to adjust the output value of the 
gyroscope. 


Mechanical Stress 

Stress can be induced when a surface-mount 
chip is soldered to a board. The vibrating parts 
of a chip-based gyroscope may be adversely 
affected. Datasheets will supply information 
regarding maximum acceptable temperature 
during the soldering process. 


Vibration 
Because a chip-based gyroscope depends on 
the consistent behavior of internal vibrating 
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parts, external vibration can degrade its accu- 
racy. Sensor design can minimize the effects of 
vibration, but the datasheet should be consul- 
ted for details. 


Placement 

A gyroscope should be placed on a circuit 
board near a hard mounting point where 
deflection of the board will be minimized. 
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OTHER RELATED COMPONENTS 
+ GPS (see Chapter 1) 
* gyroscope (see Chapter 9) 
+ tilt sensor (see Chapter 8) 


+ vibration sensor (see Chapter 11) 


What It Does 


Acceleration is the rate at which velocity 
changes over time. If a car takes 10 seconds to 
increase its speed from 30kph to 40kph relative 
to the road on which it is traveling, it is acceler- 
ating at an average of 1kph each second. If it 
then reduces its speed back to 30kph during 
another 10-second interval, it is decelerating at 
the same rate—although deceleration is really 
just negative acceleration. 





While a car is accelerating, passengers will feel a 
lateral force exerted on them. Similarly, astro- 
nauts in a rocket that blasts off will feel a down- 
ward force. According to Einstein’s theory of 
equivalence, forces resulting from acceleration 
are indistinguishable from the force of gravity. 


Consequently, a sensor that measures accelera- 
tion can also measure gravity. This sensor is an 
accelerometer. Its output may be measured in 
gravities, abbreviated with the letter g (not to 
be confused with the usage of G to measure 
the strength of a magnetic field in gauss). 


If three accelerometers are mounted orthogo- 
nally (at 90 degrees to each other), their read- 
ings can reveal: 


ry 
= VJ 


« The direction of acceleration of a mov- 
ing object. 


- If an object has been dropped and is 
falling freely. 


* Which way up it is being held in a sta- 
tionary position. 


+ The severity of an impact when a mov- 
ing object collides with some other 
object. 


IMU 


A gyroscope measures the rate of rotation of 
the enclosure in which it is mounted. This is 
properly known as the angular velocity. A gyro- 
scope will also respond to changes in the rate 
of rotation. It does not measure linear motion 
or a static angle of orientation. 


A magnetometer measures the magnetic field 
surrounding it, and may be sufficiently sensitive 
to determine its orientation relative to the 
Earth’s magnetic field. 


When an accelerometer and a gyroscope are 
contained in the same package, optionally with 
a magnetometer, they may be described as an 
IMU (inertial measurement unit), which can pro- 
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vide necessary data to maneuver aircraft, 
spacecraft, and watercraft, especially when 
GPS signals are unavailable. 


Schematic Symbols 


A chip-based accelerometer may be repre- 
sented in a schematic as a rectangular box con- 
taining abbreviations to identify pin functions, 
as in any integrated circuit chip. No specific 
symbol is used for any of these components. 


Applications 

In the past, accelerometers were laboratory 
devices that calibrated the performance of cars, 
airplanes, and other types of vehicles. Measur- 
ing the ability of car tires to withstand corner- 
ing forces was an application where an 
accelerometer was used. 


Miniaturization of accelerometer elements, 
coupled with a radical reduction in their cost, 
has enabled them to be installed in small elec- 
tronic devices ranging from smartphones to 
hard drives. 


In a phone or a camera, accelerometers can 
determine which way up the user is holding the 
device. The camera can rotate the picture 
appropriately, and the orientation of the pic- 
ture can be saved with its image data. 


In an external hard drive containing rotating 
platters, accelerometers can protect the read- 
write heads by rapidly parking them during the 
fraction of the second that elapses between 
someone dropping the hard drive and _ its 
impact with the floor. 


Accelerometers can be installed in a 3D mouse 
or virtual-reality headset to determine its orien- 
tation and motion. This enables a video image 
to be updated appropriately. For example, the 
Nintendo Wii Remote has been marketed with 
an ADXL330 accelerometer. 


In an automobile, an accelerometer can trigger 
the deployment of an air bag when the deceler- 
ation caused by an impact exceeds a threshold 
level. 
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How It Works 


The simplest conceptual model of an acceler- 
ometer consists of a mass attached to one end 
of a coiled compression spring. The other end 
of the spring is anchored in an object whose 
acceleration is being measured. The mass can 
only move along the same axis as the spring. 





Figure 10-1 shows three views of a simplified 
accelerometer, which is a sealed tube shown in 
dark red. In the center image, the accelerome- 
ter is in its rest state. The top image shows the 
mass (a dark blue square) responding when the 
tube accelerates from left to right. The third 
image shows it decelerating (that is, undergo- 
ing negative acceleration, or acceleration from 
right to left). Using an ideal spring, the dis- 
placement of the mass will be proportional to 
the rate of acceleration, within reasonable lim- 
its. The displacement can be measured opti- 
cally or capacitively. 


Note that the rest state will resume when the 
acceleration stops, regardless of constant 
motion in any direction. An accelerometer only 
measures a change in velocity. It does not 
measure a constant velocity. 


An accelerometer cannot measure rotation 
around its own axis of movement. Therefore, it 
may be used in conjunction with a gyroscope, 
which measures angular velocity. 
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Figure 10-1 Simplified view of an accelerometer consist- 
ing of a sealed tube (dark red outline) with a spring anch- 
ored to it at left. A small mass (dark blue) is attached to 
the right end of the spring. The mass responds to acceler- 
ation of the tube. 


Gravity and Free Fall 

If a device containing the simplified accelerom- 
eter described previously rests on the ground, 
and is mounted vertically as in the left section 
of Figure 10-2, gravity acting on the mass will 
apply a force to one end of the spring, while the 
other end is restrained. The accelerometer will 
now measure 1g as a downward force. 


How It Works 





Figure 10-2 Left: an accelerometer resting on the ground 
measures lg, as the force of gravity pulls the mass down- 
ward. Right: in free fall, the accelerometer measures Og. 


If the device is dropped so that it falls freely 
under the influence of gravity, it is in free fall 
and will accelerate at approximately 9.8 meters 
per second each second. This is usually written 
as 9.8m/sec’, or can be described as 1 gravity, 
often expressed as 1g. 


An accelerometer in free fall will measure Og, as 
shown on the right in Figure 10-2, because all 
parts of the accelerometer are now accelerating 
equally under the force of gravity. 


If three accelerometers are assembled orthogo- 
nally, and if one accelerometer is vertical, and 
the device is held motionless relative to the 
Earth, the vertical sensor will show 1g while the 
other two accelerometers will show Og. If the 
device is dropped, all sensors will show Og. 


Rotation 

If a device containing three accelerometers is 
turned over, and is not in free fall, accelerome- 
ters mounted orthogonally will show values 
that vary depending on their alignment with 
the force of gravity. 
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Calculation 


The force acting upon an object will cause a 
rate of acceleration that can be calculated by 
Newton's Second Law of Motion, provided that 
the object can move freely and is not being 
subjected to any additional forces, such as the 
force of gravity. If F is the force, m is the mass of 
the object, and ais the acceleration: 


F=m*a 
And therefore: 
a=F/m 


If the mass is restrained by a spring whose com- 
pression or extension has an approximately lin- 
ear relationship to the force applied to it, 
acceleration can be calculated as a function of 
the linear displacement of the mass. 


These statements ignore relativistic effects that 
are insignificant unless ultra precise time and 
motion measurement may be involved. 


In a real-world accelerometer, movement of the 
mass will require some form of damping to pre- 
vent it from oscillating. 


Variants 





Accelerometer prices dropped radically after 
2010. In an effort to maintain profitability, man- 
ufacturers have loaded more features onto 
chips. While a 2-axis accelerometer such as the 
Memsic 2125 seemed a good option when first 
introduced, it is now facing obsolescence as 3- 
axis accelerometer chips that also contain 3- 
axis gyroscopes have become ubiquitous—and 
no more expensive. 


Early chip-based accelerometers provided ana- 
log outputs where voltage was proportional 
with acceleration and could be processed by a 
comparator. On some breakout boards, such as 
the Dimension Engineering DE-ACCM6G, which 
used the STMicroelectronics LIS244ALH chip, a 
comparator was included (see Figure 10-3). 
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Figure 10-3 A relatively early, relatively expensive break- 
out board using the 2-axis accelerometer LIS244ALH chip 
by STMicroelectronics. It has been superceded by chips 
that combine accelerometers, gyroscopes, and process- 
ors to provide a digital output. 


Because this board allowed a maximum output 
of only 0.83mA, it was only suitable for high- 
impedance logic chips or a microcontroller. 
However, because the output was analog, it 
could be passed through another comparator 
for direct connection to a piezo beeper to cre- 
ate a device that would sound an alarm when 
tilted. This is shown in Figure 10-4. 


Figure 10-4 Connecting the analog output from the DE- 
ACCM6G 2-axis comparator breakout board through a 
comparator to a piezo beeper. 


Many chips now contain gyroscopes as well as 
accelerometers. The electron micrograph in 
Figure 10-5 shows the interior of a chip of this 
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kind, where the zig-zag shapes are “springs” 
etched into the die, the large areas patterned 
with dots are masses that can respond to vari- 
ous forms of motion, and the parallel plates are 
Capacitive sensors. 


oon 


Figure 10-5 /nterior of a chip combining gyroscopes with 
accelerometers. 


The complexity of a chip combining two types 
of sensors creates a need for more complicated 
code to process the six outputs. Consequently 
most accelerometer chips now have their own 
onboard ADCs, and digital registers for commu- 
nication with microcontrollers via the 12C com- 
munication protocol. Some chips also have 
onboard processing to interpret the mix of 
data. However, microcontrollers still need code 
to make sense of the data. 


The hobby-electronics community has respon- 
ded. A breakout board such as the LSM9DSO 
from Adafruit, using a chip from STMicroelec- 
tronics that shares that same part number, tries 
to make this extremely complex chip accessible 
to experimenters. Shown in Figure 10-6, the 
LSM9DSO contains a 3-axis magnetometer in 
addition to a 3-axis gyroscope and a 3-axis 
accelerometer. 


The datasheet for the LSM9DSO runs to more 
than 70 pages. At the time of writing, Adafruit is 
still refining code for the Arduino to make the 
features of this chip accessible. 





Values 





Figure 10-6 This breakout board from Adafruit is built 
around an LSM9DSO chip that combines accelerometers 
with gyroscopes and magnetometers. 


Despite the complexity of the LSM9DSO chip, 
the breakout board sells for approximately the 
same price, at the time of writing, as the DE- 
ACCM6G 2-axis analog-output magnetometer 
four years ago. In the future we may expect IMU 
prices to fall still further, so that this type of 
multifunction chip becomes the default, and 
users simply ignore the functions that they 
don't need. 


Values 





Current consumption will vary depending on 
the activity of the chip, and may be broken 
down for different types of sensors on multi- 
sensor chips. A modern accelerometer may typ- 
ically draw less than 1mA. Gyroscope power 
consumption will be greater, as a segment of 
the chip will be maintained in a state of vibra- 
tion. 


Linear acceleration measurable by an acceler- 
ometer is customarily expressed in gravities, 
abbreviated g. Current generations of chips 
may be able to measure as much as plus-or- 
minus 16g, but because the value is converted 
internally to a digital quantity, smaller accelera- 
tions will not be expressed so accurately. There- 
fore the measurement range for acceleration is 
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usually user-selectable by sending an appropri- 
ate code to the chip. Ranges may include plus- 
or-minus 2g, 4g, 6g, 8g, and 16g. 


Sensitivity defines the smallest increment of 
acceleration measurable by the least significant 
bit (LSB) in an output register, for each of the 
acceleration ranges. In a range of plus-or-minus 
2g, the internal 16-bit ADC may be capable of 
measuring 0.06 milligravities. When the range 
is reset to plus-or-minus 16g, the smallest incre- 
ment may be around 0.7 milligravities. 


The measurable range of gravities should not 
be confused with the maximum acceleration 
that the chip can tolerate without suffering 
internal mechanical damage, either while it is 
powered or unpowered. This will be more than 
1,000g provided the duration is brief, and 
would only be experienced during an impact. 


Linear acceleration sensitivity change versus tem- 
perature is usually expressed as a percentage, 
such as plus-or-minus 1.5%. 


Output type will be analog or digital. If digital, 
the data protocol will be I2C or SPI. If 12C, the 
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address of the device should be configurable. 
The data transfer rate is typically at least 
100kHz, and this also may be configurable to 
different rates. 


For additional details about protocols such as 
I2C, see Appendix A. 


What Can Go Wrong 





Mechanical Stress 

Stress can be induced when a surface-mount 
chip is soldered to a board. The moving parts in 
a chip-based accelerometer may be adversely 
affected. Datasheets will supply information 
regarding maximum acceptable temperature 
during the soldering process. 


Other Problems 


If the accelerometer function is combined with 
other sensing functions such as magnetometer 
or gyroscope, see Chapter 2 or Chapter 9 for 
additional cautions about potential problems 
affecting these kinds of sensors. 
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An accelerometer can measure some aspects of vibration. However, this entry deals 
primarily with mechanical devices (often described as vibration switches) and piezo- 
electric devices (often described as vibration sensors) that are solely intended to meas- 


ure vibration. 


A vibrometer measures vibration using a laser beam aimed at a reflective spot applied 
to a surface. It is usually a laboratory instrument, beyond the scope of this Encyclope- 


dia. 
OTHER RELATED COMPONENTS 
+ accelerometer (see Chapter 10) 


+ tilt sensor (see Chapter 8) 


* force sensor (see Chapter 12) 


What It Does 


A vibration sensor responds to repetitive 
mechanical motion. Most versions contain two 
switch contacts that are normally open and will 
close if the sensor vibrates in its designed fre- 
quency range. In some sensors, the frequency 
range and sensitivity are manually adjustable. 





Large sensors are used as automatic shutdown 
switches responding to excessive vibration in 
machinery, and may be capable of switching 
substantial currents (10A or higher). Smaller 
versions can shut down domestic appliances 
such as a washing machine that is seriously out 
of balance during a spin cycle. 


A vibration sensor can be used as a simple user- 
input device in toys and games. 


A shock sensor can detect abuse of a sensitive 
device, for example, by including the sensor 
and a data logger when the device is transpor- 
ted. 


Schematic Symbols 

Either of the symbols in Figure 11-1 may repre- 
sent a piezoelectric or piezoresistive vibration 
sensor, but they also represent other piezo- 
based devices. 


WLM 


{I} 
i} 


Figure 11-1 Either of these symbols may represent a 
piezoelectric or piezoresistive device, including (but not 
limited to) vibration sensors that operate on this principle. 
The symbol on the left is more common. 


Variants 





Vibration sensors use a wide variety of detec- 
tion methods. 
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Pin-and-Spring 

Probably the simplest type of sensor consists of 
a small, thin pin in the center of a miniature coil 
spring. The spring is anchored at its base, but 
its other end is free to vibrate. If the vibration 
reaches a sufficient amplitude, the spring 
touches the pin, completing a circuit between 
the two leads of the device. 


An example is shown in Figure 11-2, where two 
identical sensors are shown, one of them cut 
open to reveal the gold-plated rod and spring 
inside. This sensor is rated for 10mA at up to 
12VDC. 





Figure 11-2 When the spring in this sensor vibrates, it 
touches the pin that is centered in it. The background grid 
is in millimeters. 


Advantages of this system are low cost, ability 
to respond along two out of three axes, no 
power supply requirement, and ability to 
switch AC or DC. However, because the internal 
contact is extremely brief, it must be connected 
with a latching component of some type. A flip- 
flop could be used, or a 555 timer. The switch 
may also be connected with an input pin on a 
microcontroller, provided a pullup or pulldown 
resistor is used to prevent the input from float- 
ing when the switch is open. 


Externally, the packaging of a pin-and-spring 
vibration sensor is almost indistinguishable 
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from a small tilt sensor that contains one or 
two spherical metal balls. The tilt sensor may 
respond to vibration, but only of a large ampli- 
tude and low frequency. 


A miniature board containing a pin-and-spring 
vibration sensor, comparator, and trimmer 
potentiometer for sensitivity control is sold 
cheaply by the Chinese supplier Elecrow as 
their product SW-18015P, shown in Figure 11-3. 
Elecrow also offers a wide range of other low- 
cost sensors. 





Figure 11-3 A pin-and-spring vibration sensor mounted 
ona board with sensitivity control. 


Piezoelectric Strip 

The LDTO-028K by Measurement Specialties is a 
section of piezoelectric polymer film laminated 
to a polyester substrate. The film is designed to 
be anchored at one end, allowing the other end 
to vibrate. An unweighted version and a weigh- 
ted version are shown in Figure 11-4, each 
measuring about 13mm x 25mm. Addition of 
the weight alters the resonant frequency of the 
sensor. 


Deflection of about 2mm is sufficient to gener- 
ate a surprising 7VDC between the two leads. 
Larger deflections will generate higher vol- 
tages. The manufacturer suggests that direct 
connection to a CMOS component is possible. 
An op-amp may be used for signal condition- 
ing. 

A piezoelectric device of this type only gener- 
ates voltage during the process of deflection. If 
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the strip is held in a curved position, its output 
diminishes to zero. 


This sensor has a resonant frequency around 
170Hz when there is no weight attached to its 
free end. 


ig 
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Figure 11-4 Two versions of the LDTO-028K vibration 
sensor from Measurement Specialties, one with an added 
weight to lower its resonant frequency. 


Chip-Based Piezoelectric 


The Murata PKGS series is an example of a 
surface-mount piezoelectric shock sensor. 
Measuring only about 1mm x 2mm x 4mm it 
has an analog output designed for connection 
through an op-amp. The manufacturer sug- 
gests application in a hard-disk drive to block 
read-write operations when vibration occurs. 
Similarly, these shock sensors may be used in 
CD-ROM or DVD drives. They may also be 
installed in cash dispensing machines to sound 
an alarm if vandalism occurs. 


Toshiba’s TB6078FUG is a similar product. Note 
that because these devices contain electronic 
components, they require a power supply (usu- 
ally 3.3VDC to 5VDC) for operation. 


“Mousetrap” Type 

Some vibration switches rely on a simple sys- 
tem of leverage that is comparable to a mouse- 
trap, in that a relatively small stimulus releases 
a strong spring. In Figure 11-5 the upper part of 
the figure shows the switch at rest, held in its 
position by a powerful spring and by the 
weight of a mass attached to a pivoted arm. In 


Variants 


the lower part of the figure, severe vertical 
vibration has caused the assembly to move up 
and down with sufficient energy to overcome 
the tension in the spring while the inertia of the 
mass has resisted the motion. Consequently 
the arm has moved past the position where the 
spring is aligned with the pivot, and the spring 
now acts to hold the arm against a snap-action 
switch. A system of this type is used in sensors 
on some power-station cooling towers, where 
the loss of a large fan blade can result in major 
vibration. 


Action 
Switch 


Spring 


\ 





Figure 11-5 A spring-loaded vibration sensor. 


Magnetic 

Typically this method is used to detect exces- 
sive vibration in machines or other devices 
containing heavy rotating mechanical compo- 
nents. The sensor may be physically large, mov- 
ing switch contacts that are designed to handle 
currents of 1A or significantly more. 


In one system, a steel ball is retained by a per- 
manent magnet that is barely powerful enough 
to prevent the ball from falling. Excessive low- 
frequency vibration will dislodge the ball, 
which falls and completes a circuit between 
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two contacts. This activates a relay that powers 
down the piece of machinery that is vibrating. 


The ball may be spaced a small distance from 
the magnet by a beveled nonmagnetic seat, 
and the seat may be movable with an external 
screw. This will adjust the sensitivity of the 
switch. After the switch has been triggered, it 
must be reset, which may entail using an exter- 
nal lever to raise the ball back to its location 
near the magnet. 


Another magnetic system is shown in 
Figure 11-6, where a magnet on a vertical arm 
can be displaced by horizontal vibration, and 
an inertial mass on a spring-loaded horizontal 
rod can also dislodge the magnet in response 
to vibration along the other two axes. 





Figure 11-6 A magnetic vibration switch. See text for 
details. 


Mercury 

A small mercury switch may be used as a vibra- 
tion sensor, although this application is uncom- 
mon. See Chapter 8 for more information about 
mercury switches. 


Values 





Measurement of vibration is a complex science 
of special interest in mechanical design, espe- 
cially in areas such as the powertrain and sus- 
pension geometry in an automobile. Only a few 
fundamentals will be summarized here. 
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Primary Variables 

The four primary variables in vibration are fre- 
quency, displacement, velocity, and accelera- 
tion. Frequency describes how rapidly the 
vibration occurs; displacement describes how 
far the vibrating object moves in each direc- 
tion; velocity describes how fast it moves dur- 
ing each cycle; and acceleration describes how 
rapidly the velocity changes during each cycle. 
Different types of sensors can be chosen for 
their responsiveness to each attribute. 


Figure 11-7 shows the theoretical relationships 
between displacement, velocity, and accelera- 
tion plotted against the frequency of vibration. 
The y axis of this graph (the vertical axis) is 
often labeled “amplitude,” but in reality it is 
being used to measure three different units, as 
shown. The curves indicate that if the velocity 
of vibration remains constant while frequency 
increases, acceleration must increase as a func- 
tion of the frequency while displacement 
decreases. The acronym “rms” denotes that the 
values are measured as the “root mean square” 
of their fluctuations. 







Relationships Between 
6 Primary Attributes of Vibration 
(all units measured rms) 


— Displacement, microns 
=— Acceleration, gravities 
— Velocity, mm/sec 


Amplitude 
(using appropriate units for each curve) 


3 
2 
a: 
100Hz kHz 1OKHz 
Frequency 


Figure 11-7 Theoretical relationships among the primary 
attributes of vibration. 


Mechanical sensors or switches that respond to 
displacement are best suited to low frequen- 
cies, while piezoelectric sensors that are sensi- 
tive to acceleration are best suited to higher 
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frequencies. Serious mechanical problems tend 
to result in low-frequency vibrations, while 
wear on bearings and in gear trains will be 
more likely to create high-frequency vibration. 


Dynamic Attributes 


Datasheets for small piezoelectric sensors may 
only show basic values such as the voltage 
range that is likely to be created. 


Small mechanical sensors of the pin-and-spring 
type will be rated for maximum voltage and 
switching current. Typical values may be 
around 12V (AC or DC) and 10mA, indicating 
that the output from this type of sensor should 
be used with an op-amp, microcontroller, logic 
chip, solid-state relay, or other semiconductor 
with a high-impedance input. 


Sensors that are manufactured for industrial 
applications will be rated for attributes such as 
measurable acceleration range (in gravities), 
temperature sensitivity, frequency response, 
resonant frequency, capacitance, and power 
requirement. 


The sensitivity of piezoelectric sensors is usually 
expressed in mV/g. This type of sensor will 
require a comparator to process the tiny 
amount of current that it creates. 


How to Use It 





lf a vibration sensor has an analog output 
requiring a comparator, the output from the 
comparator is likely to be of the open-collector 
type. This will require a pullup resistor of a 
value that provides an appropriate voltage for 
the next stage in the circuit. For more informa- 
tion about comparators, see Volume 2. For 
more information about the use of an open- 
collector output, see “3. Analog: Open Collec- 


” 


tor’. 


A coupling capacitor can remove the DC com- 
ponent from the comparator output, allowing 
only the frequency of vibration to pass through. 


How to Use It 


The choice of capacitor value will depend on 
the frequency. 


When using a piezoelectric sensor with analog 
output, a 10M resistor may be installed across 
its two terminals to reduce voltage drift. 


The primary challenge in getting a vibration 
sensor to work successfully will be matching it 
to the source of vibration. Manufacturers’ data- 
sheets for chip-sized sensors often provide very 
little information about the optimal values for 
their products. Peak performance will occur 
when the natural resonant frequency of a sen- 
sor is close to the frequency of vibration that it 
must detect. Trial and error may be necessary. 


A sensor must be mounted appropriately. Most 
sensors are directional, at least to some extent, 
and many will not respond significantly to 
vibration at 90 degrees to their primary axis of 
sensitivity. Their performance will also diminish 
if they are placed too far from the vibration 
source, or if they are mounted on a flexible or 
yielding surface that will tend to absorb vibra- 
tion. 


While industrial vibration switches may be 
adjusted manually, the response of small devi- 
ces designed for circuit-board mounting can 
only be tweaked using external components to 
filter out unwanted signals from the sensor. 


What Can Go Wrong 
Long Cable Runs 


The output from a piezoelectric vibration sen- 
sor is primarily an AC signal, fluctuating at the 
frequency of the vibration. Long cabling, or 
inadequately shielded cabling, can potentially 
introduce capacitive effects that can degrade 
the sensor signal. This issue will only affect 
higher frequencies. 





Interference 

Sensor signals can also be affected by electro- 
magnetic interference from power lines, trans- 
formers, and large motors. This is a significant 
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What Can Go Wrong 


issue, aS a primary application for industrial 
vibration sensors is to measure vibration cre- 
ated by motors. 


Correct Grounding 

For large sensing equipment, grounding may 
be important to shield cables that transmit 
data. In an industrial environment, however, 
grounding is primarily motivated by safety con- 
siderations, and an electrical ground can carry 
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unwanted interference. Ground loops may be 
created if there are multiple ground points. Ide- 
ally, a “ground tree” should be used, where 
there is only one primary grounding point, and 
grounds to equipment branch out from it. 


Fatigue Failure 

In installations where some vibration normally 
exists, cables should be anchored properly to 
minimize the risk of fatigue failures. 
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A load cell or load sensor is generally intended to measure a static load, while a force 
sensor can respond dynamically. However, this semantic distinction is not always 
observed. This entry differentiates between load cells and force sensors but includes 
them both. 


Traditional types of hydraulic and pneumatic load sensors are not electronic devices. 
They are outside the scope of this Encyclopedia. 


Capacitive, ultrasonic, magnetic, optical, and electrochemical force sensors are relatively 
unusual, and are not included in this Encyclopedia. 


A force sensor is occasionally described as a pressure sensor, but that term is ambigu- 
ous, as it is more often used in conjunction with fluids. This Encyclopedia assumes that 
a pressure sensor only measures gas or liquid pressure. See Chapter 17. 


A vibration sensor reacts to rapidly changing forces, but usually cannot measure 
them accurately, and is simply triggered when vibration exceeds a threshold. See 
Chapter 11. 


Impact sensors that measure the force of a collision are outside the scope of this Ency- 
clopedia. 


A sensor designed to respond to a single touch from a fingertip is considered a 
human-input device and is discussed in the single touch sensor entry. See Chap- 
ter 13. 


OTHER RELATED COMPONENTS 


+ vibration sensor (see Chapter 11) 


+ single touch sensor (see Chapter 13) 





What It Does 


A force sensor measures physical force that is 
applied to it, either by a person or by an object. 
Many force sensors respond rapidly and can 
measure fluctuating forces. 


A load cell or load sensor is usually intended to 
measure the static weight of an object. 


Applications 

In robots, force sensors can provide feedback to 
limit the grip of a mechanical hand. They can 
also provide haptic feedback for a surgeon per- 
forming robotic surgery. In the future, force 
sensors may find increasing application in agri- 
culture, as mechanized handling of fruit and 
other foods requires a carefully controlled grip- 
ping force. 
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How It Works 


In medicine, the use of force sensors to evalu- 
ate muscle strength in hands or limbs can be 
important as an indicator of neurological prob- 
lems or to monitor progress in occupational 
therapy. Thin force sensors can be installed in 
shoes to check the weight distribution of each 
foot. They can also be used for entertainment 
purposes, to light LEDs in sneakers. 


A force sensor may respond to a single-touch 
user input. See Chapter 13 for more informa- 
tion about single touch sensors. Some video 
game controllers use resistive force sensors to 
measure the amount of pressure applied to a 
button. The PlayStation is an example. (Old 
PlayStation DualShock 2 controllers are a sal- 
vageable source of pressure-sensitive buttons.) 


Load sensors are used to weigh industrial prod- 
ucts, and are also used domestically in kitchen 
and bathroom scales. 


A load sensor can also detect human presence 
—for example, in the passenger seat of an 
automobile, where an air bag must not deploy 
if a young child is present, or in a hospital, to 
monitor the number of times the patient gets 
out of bed. 


Schematic Symbol 

No specific schematic symbol is used for either 
a force sensor or a load sensor. If a force sensor 
uses a piezoelectric or piezoresistive element, it 
may be represented by the symbol shown in 
Figure 11-1, which is used for many piezo devi- 
ces. 


How It Works 


Two methods of force measurement are com- 
monly used: resistive and piezoelectric. 





A piezoelectric force sensor uses a piezoelectric 
element, often consisting of a quartz crystal, to 
convert force to a small voltage that can be 
amplified. However, this type of sensor only 
responds to changes in force. If a constant load 
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is applied, the output peaks quickly and then 
gradually diminishes to zero. 


Resistive force sensors change their electrical 
resistance when force is applied. They include 
metallic strain gauges and plastic-film sensors in 
which two layers of conductive ink are pressed 
together. 


In SI (standard international) units, the force 
needed to activate a sensor is measured in 
newtons, abbreviated with a capital letter N. A 
newton is defined as the force that would accel- 
erate a mass of 1 kilogram at 1 meter per sec- 
ond each second. More practically, in the 
gravitational field at the surface of the Earth, 1N 
= about 100 grams of weight. There are about 
28 grams in an ounce; thus 1N is slightly less 
than 4 ounces. 


Strain Gauge 

A strain gauge is often made from metallic foil 
applied to an insulating flexible backing. The 
backing is glued to a shaped piece of metal, 
usually steel or aluminum, which is designed to 
flex slightly under pressure and may be referred 
to as a spring, even though it is often one solid 
object. Its deflection will be related to the force 
imposed on it. 


The maximum deformation of the spring under 
a strain gauge is usually 500 to 2,000 parts per 
million (ppm) when subjected to the maximum 
force that it is designed to measure. A change 
of 1ppm is referred to as a microstrain (abbrevi- 
ated ye). 


The strain gauge has no polarity, and functions 
like a force-controlled potentiometer (see Vol- 
ume 1). The ratio of the change in its resistance 
to the change in the strain that it experiences is 
called the gauge factor. For metal foil gauges, 
the gauge factor is usually around 2.0. This is an 
approximately linear relationship. 


The most common type of foil pattern is shown 
in Figure 12-1. In the figure, if a stretching force 
is applied horizontally, the multiple thin sec- 
tions of foil are slightly elongated, and their 
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resistance increases within the limits of elastic- 
ity of the foil. This effect is multiplied by the 
number of sections. If the stretching force is 
applied vertically, the sections are merely sepa- 
rated slightly, and the result is negligible. 


Wheatstone Bridge Circuits 

The very small changes in resistance in a strain 
gauge must be amplified to be usable, and the 
first step is to use a Wheatstone bridge circuit. 
The simplest form of this circuit is shown in 
Figure 12-2. 


Sensitive to Strain in This Direction 
>——— 





Not Sensitive in This Direction 


Figure 12-1 The pattern of metallic foil used in a typical 
strain gauge. 





Figure 12-2 A demonstration version of the basic Wheat- 
stone bridge circuit that is often used to detect small 
changes in a resistance. 


How It Works 


Each pair of resistors (R1 + R2, and R3 + R4) 
functions as a voltage divider. If all the resistors 
have an exactly equal value, the voltage at the 
midpoint of each pair will be identical, and the 
volt meter at the center will have a zero read- 
ing. However, if the value of one resistor 
changes slightly, the meter will register the 
imbalance. This circuit is commonly used 
because of its sensitivity to small variations. 


In Figure 12-3 two strain gauges have been 
substituted for resistors R3 and R4. The upper 
strain gauge has been mounted so that it expe- 
riences an increase in force at the same time 
that the lower strain gauge experiences a 
decrease, usually because one gauge is moun- 
ted on the top side of a flexing element while 
the other gauge is mounted on the underside. 





R1 





Strain 
Gauge 


Figure 12-3 Two strain gauges, oppositely oriented, can 
be used as resistances in the Wheatstone bridge circuit. 


Using two strain gauges in this way doubles the 
sensitivity of the Wheatstone bridge circuit. The 
configuration is known as a “half Wheatstone” 
force sensor, and will have three connecting 
wires. One will be black, one will be red, and 
the third will be a different color. The red and 
black wires are for connection to the power 
supply, as shown in the schematic, while the 
third wire is common and should be considered 
as an output. 





Chapter 12: force sensor 83 


How It Works 


If an additional two strain gauges are inserted 
in the Wheatstone bridge circuit, this is now a 
“full Wheatstone” force sensor (see Figure 12-4). 
Note, however, the diagonally symmetrical ori- 
entations of the strain gauges, necessary to 
multiply their effect. 


Strain 
Gauge 


Strain 
Gauge 


Strain 
Gauge 





Figure 12-4 Two additional strain gauges create a “full 
Wheatstone” circuit. 


A typical digital bathroom scale contains two 
half-Wheatstone force sensors, wired to create 
a full-Wheatstone configuration. 


The force sensors shown in Figure 12-5 are 
rated for up to 50kg each, and can thus weigh 
up to 100kg if they are combined in a scale. In 
this figure, one sensor has been turned over to 
show its underside. The strain gauges are hid- 
den in each sensor where the steel sections 
overlap. 


Wheatstone Bridge Errors 

Where more than one strain gauge is used in a 
Wheatstone bridge, they should ideally have 
identical performance. Since this is impossible 
as a result of manufacturing tolerances, some 
error correction is built into devices using mul- 
tiple strain gauges. 
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Figure 12-5 Two force sensors suitable for a bathroom 
scale, each containing a pair of strain gauges that will flex 
oppositely under load. 


Strain-Gauge Amplification 

The voltage output from a Wheatstone bridge 
circuit is given by the following formula, where 
Vin is the supply voltage, Vouz is the output, and 
R1 through R4 are the resistance values that 
were used in Figure 12-2. 


Vour = [(R3/(R3+R4)) - (R2/(R1+R2))] * Vin 


The good news is that the output when a strain 
gauge is used will vary linearly with the load 
applied. The bad news is that it will be very 
small. 


To amplify it, an op-amp such as the AD620 is 
often recommended. Using external resistors, 
its amplification factor can be adjusted from 1:1 
to 10,000:1. Alternatively a chip such as the 
HX711 by Avia Semiconductor contains a 10-bit 
analog-to-digital converter and is specifically 
designed for use in weighing scales. Its digital 
output uses a very simple serial format. Spark- 
fun sells a breakout board incorporating this 
chip. See Figure 12-6. 
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Examples of this type of sensor are shown in 
Figures 12-8 and 12-9. Other shapes and sizes 
are available. Manufacturers include Tekscan, 
whose product is named FlexiForce; Alpha Elec- 
tronic, in Taiwan; and Interlink Electronics. 





Figure 12-6 Sparkfun HX711 breakout board for the 
HX711 amplifier chip, specifically designed for a full- 
Wheatstone array of strain gauges in a force sensor. 


a} 
sa 
: Ate 
Other Strain-Gauge Modules es 
Strain gauges are built into a variety of sensor 
modules. Figure 12-7 shows a selection, all of 


which are available from Sparkfun. Many more Figure 12-8 A PISSFOIEE A401 peels fire elias Aer 
can be found online. by Tekscan, Inc. Its sensing area is 25.4mm in diameter ( 


inch) and is rated to measure up to 111N (25lbs). 








Figure 12-7 A selection of load cells containing strain 
gauges, available from Sparkfun. 


Plastic-Film Force Sensors 

Plastic-film resistive sensors contain two layers 
of conductive ink, sealed between two layers of sensing area is slightly less than 40mm square, and is 
thin, transparent plastic film. The resistance — ;ated to measure up to 20N (4.5Ibs). 

between the ink layers diminishes when they 

are pressed together. It may vary from as little —_Plastic-film sensors should not be confused 
as 30K when fully loaded to more than 1M __ with film-based piezoelectric vibration sensors, 
when unloaded. which are described in the vibration entry (see 
“Piezoelectric Strip”). Those sensors provide a 
transient output when they flex rapidly. The 





Figure 12-9 An Interlink FSR406 resistive film sensor. Its 


Like a strain gauge, this sensor has no polarity 
and requires no power supply. 
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resistive sensors provide a stable output in 
response to a steady load. 


Deformative Force Sensors 

A sheet of natural or silicone-based rubber can 
be impregnated with conductive particles. The 
conductivity of the sheet may not change sig- 
nificantly when it is compressed, but if it is sep- 
arated from a metal plate by a mesh of thin 
nylon fibers, compression will result in greater 
conductivity by pushing the rubber into the 
gaps between the fibers. See Figure 12-10. 


Rigid 
Electrode 


<i 


Rubber SS 


No Force Applied 





Rigid 
Electrode 


Rubber 
contacts 


Downward Force Applied 
the lower 

electrode ~~ 

between 

the fibers 


Figure 12-10 In the top image, a flexible conductive layer 


is separated from an underlying rigid electrode by nylon 
mesh. In the lower image, a load applied to the flexible 
layer has forced more of it into contact with the electrode, 
reducing the resistance between them. 


Improvised Resistive Sensors 


Polyethylene film impregnated with carbon 
particles is available under the brand name 
Velostat, owned by 3M. Although it was devel- 
oped as an antistatic packaging material for 
semiconductors, it can be used to make a DIY 
force sensor. When the material is stretched, 
the embedded particles are more dispersed, 
and electrical resistance increases. When the 
material is compressed, its resistance is 
reduced. 
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Antistatic foam of the type used to package 
CMOS components can be used in the same 
way, although some types behave like memory 
foam, being slow to recover from pressure. The 
foam can be sandwiched between a pair of 
copper-plated circuit boards as electrodes. 


How to Use It 


Plastic-Film Resistive Force Sensors 

The conductivity of a plastic-film sensor has an 
almost linear relationship with the force 
applied. In other words, if F is the force and | is 
the current: 





I=k*F 


where k is a constant determined by the char- 
acteristics of the materials used. 


By Ohm's Law, R = V / | where V is the voltage 
drop across a resistance of value R. By substitu- 
tion, using k * F instead of |: 


R=V/ (k* F) 


Therefore, if a constant voltage is applied across 
the force sensor, the resistance of the sensor 
will be proportional to the reciprocal of the 
force (i.e., 1 / F). These relationships are shown 
in Figure 12-11. 


For convenient measurement, it will be helpful 
if the resistance of the sensor can be converted 
to a voltage output that varies linearly with the 
force applied. To achieve this, a resistive force 
sensor of this type is customary amplified with 
an op-amp (see Volume 2). Using the sche- 
matic shown in Figure 12-12, the amplification 
ratio, A, is found from this formula: 


A= 1+ (R2 / R1) 


where R2 if the potentiometer, and R1 is the 
resistive force sensor. Therefore, the output 
from the op-amp should have an approxi- 
mately linear relationship with the force 
applied to the sensor. 
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Figure 12-11 The relationship between force, current, 
and resistance in a flexible resistive sensor, assuming a 
constant voltage of 1V is applied across it (derived from 
FlexiForce Sensors User Manual). 


41urF 


Figure 12-12 An amplification circuit with an output that 
is approximately linear with force applied to a resistive 
film sensor. 


The capacitor in this circuit is added to suppress 
noise that the circuit might otherwise pick up. 


An alternative is to wire a resistive sensor in ser- 
ies with a capacitor, and connect the other side 
of the capacitor to a comparator that has 
adjustable feedback. The resistance of the sen- 


Values 


sor will determine how quickly the capacitor 
charges. However, because of the mathematics 
describing the charge rate, the output from the 
comparator would not be linear with the force 
on the sensor. Also, provision would be neces- 
sary to discharge the capacitor intermittently. 


Values 





Film-Based Force Sensors for User 
Input 

A very light pressure with a fingertip could be 
around 50g. A more defined finger-press would 
be 250g, and a heavy push with a finger would 
be around 1kg. 


The Interlink range of flexible force sensors 
requires a minimum pressure of 0.2N, or about 
20g. Similarly, Alpha products range from a 
minimum of 10g to 30g. 


These specifications suggest that film-based 
force sensors may be used for one-touch user 
input, but the no-load resistance will be at least 
1M, and more than 10M in some instances. A 
small amount of pressure is unlikely to reduce 
this electrical resistance much below 500K. 
Using an op-amp or comparator to detect that 
difference and convert it into a reliable on-off 
output may be vulnerable to noise and power- 
supply disturbance. 


Another consideration is that film-based sen- 
sors provide no tactile feedback. For these rea- 
sons, and because film-based products are 
described by their manufacturers as “force sen- 
sors” rather than as “touch sensors,’ they are 
included in this entry rather than in Chapter 13. 
That said, they may be considered as an option 
for one-touch user input where they are appro- 
priate—for instance, in games where players 
are likely to slap or hit a sensor vigorously. 


Specifications for Film-Based Force 
Sensors 


Durability of film-based sensors is excellent, 
with manufacturers claiming that performance 
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is not degraded after 1 million applications of a 
20kg load. Sensors have no polarity, will func- 
tion using voltages from 1V to 15V in most 
cases, and have a response time of less than 
5ms. They do not generate, and are not vulner- 
able to, electromagnetic interference. 


Important attributes when evaluating film-type 
sensors are their limits of tolerance for applied 
force, and resistance values at each end of the 
range. Unfortunately these values are poorly 
documented for many sensors, or may be 
unspecified. 


Maximum force may range from 20N to 440N, 
depending on the brand and model of sensor. 


Electrical resistance is at least 1M when unloa- 
ded, and may be as high as 20M. 


Accuracy ranges from plus-or-minus 2% to 
plus-or-minus 5% from one application of force 
to the next, depending on the model of sensor 
and the manufacturer. If force is not applied 
each time in exactly the same area of the sen- 
sor, results will vary. If a sensor is swapped with 
another sensor of the same type, sensor-to- 
sensor consistency will be uncertain. Therefore, 
film-based force sensors are not a good choice 
for applications where accuracy is important. 


Sensors may be rated for 5% to 10% hysteresis. 


The area of active detection may range from 
about 4mm wide (FlexiForce sensors) to more 
than 40mm wide (Interlink FSR-406). 


Strain Gauges 

Strain gauges are not sold as individual compo- 
nents by most electronics suppliers. They are 
sometimes available as surplus parts or from 
sites such as eBay, where specifications range 
from 100 ohms to 1K as the resistance when no 
load is applied. 


A load sensor on which a strain gauge has been 
preinstalled is much easier to use, and will be 
plug-compatible with an appropriate amplifier 
chip as previously described. 
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Soldering Damage 

The pins on plastic-film resistive sensors are 
embedded in thin plastic. Heat from a soldering 
iron can easily damage this plastic. Heat-sink 
alligator clips should be used while soldering, 
or the pins can be socketed instead of soldered. 


Bad Load Distribution 


Film-based sensors will not provide accurate 
readings if a load is imposed unevenly or incon- 
sistently, or extends outside the detection area. 
A puck consisting of a small, rigid disc may be 
interposed between the source of the force and 
the sensor, to distribute the load within the 
maximum area. A puck may also be referred to 
asa shim. 





Similarly, the sensor must be mounted on a flat, 
smooth surface, and if this is not available, a 
rigid plate should be interposed. 


Water Damage 

Although film-based sensors are enclosed in 
plastic, they are not waterproof. Immersion may 
cause the layers to delaminate. 


Temperature Sensitivity 

Because electrical resistance tends to vary with 
temperature, readings from resistive force sen- 
sors will vary with temperature. 


Ambient temperatures of 70 degrees Celsius 
and above may damage a film-based sensor. 


Leads Too Long 


Although film-based sensors are supplied with 
a variety of lead lengths enclosed in the lamina- 
ted layers of flexible plastic, the leads may be 
too long for a particular application. If they are 
trimmed, wires cannot be attached with solder, 
as it will melt the plastic. Conductive epoxy 
should be used. 
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This entry only describes capacitive touch sensors. A conductive sensor, which uses the 
fingertip to complete a circuit between two exposed contacts, is not very common, 
and is not included here. 


The type of touch sensor described in this entry requires no physical pressure for acti- 
vation. It should not be confused with a resistive or piezoelectric force sensor that 
requires pressure. See Chapter 12. 


An integrated circuit chip that processes a signal from a touch pad is often described as 
a touch sensor, even though it does not contain a sensing element. This entry describes 
it as a “touch sensor chip” to eliminate ambiguity, and refers to touch input elements 
as “touch pads.” 


Touch pads that contain tactile switches or membrane switches are described in the 
entry discussing switches in Volume 1. All types of switches are described in that vol- 
ume, with the exception of a reed switch, which is magnetically activated and is there- 
fore categorized as a sensor. 


Capacitive touch sensors are sometimes referred to as capacitive proximity sensors, 
because they sense the proximity of a human fingertip. In this Encyclopedia, and in 
most other sources, a proximity sensor measures distance, not touch. See Chapter 5. 


A capacitive displacement sensor employs the same principle as a capacitive touch sen- 
sor, but is used to detect the position of an object, not for human input. 


OTHER RELATED COMPONENTS 


* force sensor (see Chapter 12) 


+ touch screen (see Chapter 14) 





What It Does 


A touch pad detects the presence of a human 
fingertip (or other part of the body) and signals 
an integrated circuit chip, which is very often 
termed a touch sensor, even though it does not 
contain a sensing element itself. The chip cre- 
ates an output to signify that human touch has 
been recognized. 


A keypad of the type found on microwave 
ovens may appear similar to an array of touch 
pads, but is more likely to contain membrane 
switches or tactile switches, which are described 
with other forms of switches in Volume 1. The 
type of touch pad described in this entry 
requires no physical force and contains no parts 
that move or flex when pressed. 
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How It Works 


A modern touch screen is usually a capacitive 
device and can be thought of as an array of 
touch pads. See Chapter 14. 


Applications 

Capacitive touch sensors have become com- 
mon as their cost has fallen relative to simpler 
components that respond to being pressed. 


A touch sensor can be used to start or stop a 
process, or to power up or power down a 
device. Multiple sensors may be found wher- 
ever user input of a few alphanumeric charac- 
ters is required. Because touch pads can be 
completely sealed, they are useful where 
hygiene is important. 


Specific applications include the activation of a 
backlight in a handheld device, wake-up from 
standby, ear detection in a cellular telephone, 
control of medical devices, and activation of 
interior lighting in some automobiles. 


The absence of moving parts or electrical con- 
tacts means that a touch pad is more reliable 
than any type of electromechanical switch. A 
disadvantage is that it provides no tactile feed- 
back, and therefore will require a visual or audi- 
ble confirmation when it responds to input. 
Lack of tactile feedback makes touch pads 
unsuitable for computer keyboards and other 
key-entry devices where rapid typing is 
required. 


When the capacitive elements of a touch pad 
are transparent, it can be mounted in front of a 
screen. 


Schematic Symbols 

Either of the schematic symbols in Figure 13-1 
may sometimes be used to represent a touch 
sensor, but not ona consistent basis. 
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Figure 13-1 Two possible schematic symbols that may 
represent a touch sensor. 


How It Works 


The two plates in a capacitor are separated by 
an insulator known as the dielectric. Paper, plas- 
tic, glass, air, and other insulators can serve this 
purpose. Although no electrical connection 
exists between the plates, AC passes through 
the dielectric as a field effect. 


Electrical capacitance exists between any pair 
of electrical conductors. The human body has 
high electrical resistance but still is electrically 
conductive, and therefore has capacitance with 
other conductive objects. 


A touch pad can function as one side of a 
capacitor, with a fingertip functioning as the 
other side. In this mode, AC can pass from the 
touch pad and through the human body to 
ground. The current is very small, but fluctua- 
tions can be detected by an appropriately 
designed integrated circuit chip, or by a micro- 
controller. 


The precise characteristics of a dielectric will 
affect the performance of a capacitor to some 
extent, but will not prevent it from working. 
Therefore a touch pad can function even when 
it is shielded behind a protective layer of glass 
or plastic, as is often the case. 


A touch sensor chip generates pulses of low- 
voltage AC and sends them to a touch pad. The 
chip detects any variation in the current 
through the touch pad, indicating the presence 
of a fingertip. Where an input occurs, the chip 
changes its output, which usually requires a 
microcontroller for processing. 
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Touch sensor chips are available in as many as 
40 different formats and configurations. All of 
them are surface-mount. For breadboarding, an 
experimenter can use breakout boards that 
have sensor chips installed. Figure 13-2 shows a 
product from Adafruit that is capable of 
addressing 12 touch pads. Its output is accessi- 
ble from a microcontroller via the I2C protocol. 
For additional details about protocols such as 
I2C, see Appendix A. 








Figure 13-2 A capacitive touch sensor chip on a breakout 
board from Adafruit. 


Similar breakout boards are available from 
Sparkfun, and from large online vendors such 
as /http://www.mouser.com (where they are 
categorized as development tools). 


While most touch sensor chips require a micro- 
controller, a few are available with the same 
number of output pins as touch-pad input pins, 
and each output pin will transition between 
logic-high and logic-low when an input on the 
corresponding pin is detected. Another break- 
out board from Adafruit, the AT42QT1070, uses 
this simple system. 


A library exists for Arduino that enables two 
pins to sense touch on a piece of aluminum foil. 


It can also work with conductive ink or paint. 


Obtaining Touch Pads 


Sensor chips are widely available as compo- 
nents, and are very inexpensive. On the other 
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hand, touch pads are not common as compo- 
nents, probably because a touch pad is usually 
created as a pattern of copper traces etched 
onto a circuit board by a device manufacturer. 


Touch pads from hobby-electronics sources 
usually include touch sensor chips. Sparkfun 
offers a 12-key keypad on this basis, and also a 
9-key keypad designed as a “touch shield” for 
use with the Arduino. Both of the Sparkfun 
products are shown in Figure 13-3. They 
include the same MPR121 touch sensor chip as 
the breakout board from Adafruit shown in 
Figure 13-2, and require an I2C connection with 
a microcontroller. 





Figure 13-3 Two capacitive keypads from Sparkfun, the 
one on the right designed as an Arduino shield. 


Because a capacitive touch pad is usually 
mounted inside an enclosure, the appearance 
of the bare touch pad as a component is unim- 
portant. The outside of the enclosure can be 
printed with a design showing key outlines. 


Individual Touch Pad 

Adafruit sells the AT42QT1010 touch pad that 
emulates a momentary switch. Its output tran- 
sitions from logic-low to logic-high when a fin- 
ger presence is detected, and transitions back 
to logic-low when the finger is removed. 


An alternative, shown in Figure 13-4, toggles 
between a logic-high and logic-low output and 
latches in each state with each single key press. 


Both of these keypads contain sensor chips to 
generate the output. 
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Figure 13-4 The output from the AT42QT1012 sensor 
chip on this touch pad from Adafruit toggles between 
logic-high and logic-low each time the pad is touched. 


Wheels and Strips 


A touch wheel uses a circular pattern of con- 
ductive traces, often referred to as electrodes, to 
receive finger input. A simple configuration is 
shown in Figure 13-5. The traces interlock 
without making contact with each other, so 
that moving the finger in a circular motion cre- 
ates a capacitive input that rises and falls 
sequentially on each element. In the figure, 
three sections are used, each colored differ- 
ently here for purposes of clarity. Other touch 
wheels may contain more sections. 


Firmware that is designed to interact with 
wheel-shaped touch pads _ will generally 
assume that two electrodes are receiving input 
at one time. The firmware attempts to calculate 
the position and motion of the finger by assess- 
ing the relative capacitance of adjacent seg- 
ments. Ideally the capacitance values should 
vary linearly and complementarily; that is, from 
a 50-50 value at a midpoint between two seg- 
ments, the progression should change to 60-40, 
70-30, and so on, as the finger moves around 
the wheel. 


A touch potentiometer consists of multiple 
touch pads, usually arrayed in a straight line. 
This may be described as a touch strip. An 
example is made by GHI Electronics and sold by 
Robot Shop as their L12 Capacitive Touch Mod- 
ule, shown in Figure 13-6. 


mechanical > human input > single touch 





Figure 13-5 A touch wheel created by copper traces ona 
circuit board (green). Each section is colored differently, 
for purposes of clarity. 





Figure 13-6 Multiple capacitive touch pads arrayed as a 
strip, made by GHI Electronics. 


Design Considerations 

A simple touch pad is often surrounded by 
additional copper that is grounded and may be 
described as a shield or a guard. The capaci- 
tance of a fingertip (spaced above the elec- 
trode by a layer of plastic or glass that functions 
as the dielectric) interferes with the field 
between the electrode and the shield. 


The underside of the circuit board is often 
plated and grounded to protect the touch pad 
from electromagnetic interference. This, too, 
can be referred to as a shield or a guard. The 
ground plating can be in a hatched pattern to 
reduce its capacitance with the electrode 
above. 
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Layout of a circuit involving a single touch sen- 
sor chip can affect its performance significantly. 
A touch sensing device may have to be “tuned” 
to detect finger presence reliably. 


A long trace between the touch sensor and an 
electrode will tend to pick up noise and will 
increase capacitance. 


The distance between adjacent traces from 
multiple touch pads must be maximized to 
reduce capacitance between them. If output 
from a sensor chip uses the I2C or SPI digital 
protocol, any trace carrying that digital signal 
should be at least 4mm from input traces. If 
they cross, they should be at 90 degrees to 
each other. 


Electrodes should not be shaped to resemble 
numbers or other characters printed above 
them. A single basic electrode should be circu- 
lar. 


What Can Go Wrong 


What Can Go Wrong 


Insensitive to Gloves 


Gloves are a challenge for touch-sensor design, 
as they alter the dielectric and the distance 
between the electrode and the finger. Capaci- 
tive touch sensors may not work at all with 
some types of gloves. However, special gloves 
containing metallic threads are available. 





Stylus Issues 


A nonconductive stylus cannot activate a touch 
pad. 


Conductive Ink 


Ink that prints the shapes of touch pads on the 
exterior of a device should be nonconductive. 
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The term touch screen is written as two words in this Encyclopedia. In many sources, 


the words are concatenated as “touchscreen.” 


The two words are hyphenated here when they function as an adjective, but not 
otherwise. In manufacturers’ datasheets where the two words are used, they are not 


usually hyphenated. 
OTHER RELATED COMPONENTS 


+ single touch sensor (see Chapter 13) 


+ force sensor (see Chapter 12) 


What It Does 


A touch screen is a video display with embed- 
ded touch sensing. The screen reports the posi- 
tion of the touch, and is used as a pointing 
device as an alternative to a mouse or trackpad. 
Some touch screens report pressure as well as 
position. 





Touch screens are widely used in smartphones 
and tablets, and also in some laptop comput- 
ers. Smaller, simpler touch screens may be 
found in office equipment such as photocopi- 
ers. 


Schematic Symbol 


No specific schematic symbol is used to repre- 
sent a touch screen. 


Variants 





Early designs used infrared LEDs recessed into 
the edges of a frame around a screen. A match- 
ing photodiode picked up the focused beam 
from each LED. The presence of a fingertip was 
detected when it interrupted one or more of 


the beams. This system was not capable of high 
resolution, but was adequate for detecting user 
input at predefined locations. 


Most touch screens currently are either resistive 
or capacitive. 


Resistive Sensing 

A resistive touch screen consists of two trans- 
parent layers that can be installed over a sepa- 
rate video display. 


Each of the layers has uniform electrical resist- 
ance. Pressure from a fingertip on the outer 
layer (which we can refer to as layer 1) forces it 
to make contact at a point with the inner layer 
(referred to here as layer 2). 


Two vertical electrodes connect with layer 1 
along its left and right edges. Two horizontal 
electrodes connect with layer 2 along its top 
and bottom edges. When voltage is applied 
between the vertical electrodes on layer 1, the 
layer acts as a horizontal voltage divider. The 
voltage at the point where the layer is being 
pressed is applied to layer 2, and can be read 
from either of the electrodes on layer 2, so long 
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as the metering has a much higher impedance 
than that of the layer. The voltage is decoded as 
a value for the horizontal position on layer 1. 


An external switching device now repeats the 
procedure, except that it applies voltage to 
layer 2, and reads it from layer 1 to supply a 
value for the vertical position on layer 2. The 
sequence is illustrated by the top and bottom 
sections of Figure 14-1. 


Because only four connections are necessary, 
this is referred to as a four-wire resistive touch 
screen. Five-wire variants exist, but are less 
common, and are not included in this entry. 


Advantages of a resistive screen include: 


+ Simplicity. Only four connections are 
necessary, and the layers of the screen 
do not have to be subdivided into sep- 
arate conductors. 


- Low cost, relative to capacitive touch 
screens. 


- Will respond equally well if a user 
wears gloves or uses a stylus. 


Disadvantages of a resistive screen include: 


* Some resistive versions require a stylus 
input instead of finger pressure. 


- Resistive screens only respond to a 
one-location input. Two-finger ges- 
tures are not supported. 


+ Contact bounce occurs when the flexi- 
ble layer is pressed against the underly- 
ing layer, and voltage spikes may be 
associated with switching power to the 
screen. To address this issue, firmware 
in a microcontroller may have to take a 
median value from several rapid read- 
ings. 


¢ The flexible membrane is vulnerable to 
damage from sharp objects. 
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Figure 14-1 Sections of a resistive touch screen are 
shown displaced for clarity. In reality they would be sepa- 
rated by a very small gap, allowing one section to make 
contact with the other in response to finger pressure. 


Capacitive Sensing 

A capacitive touch screen can consist of an 
array of single touch sensors printed onto a 
glass panel as vertical and horizontal lines of 
transparent conductive ink. 


Alternatively, a small capacitive screen can 
measure the tiny amount of current drained by 
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a fingertip from four sources located at corners 
of the screen. 


For more information about capacitive touch 
sensing, see the entry on touch sensors in 
Chapter 13. 


Screens Available as Compo- 
nents 





A wide variety of screens can be found in diag- 
onal sizes ranging from 2 inches upward. 
Onboard electronics can be suitable for con- 
nection with a microcontroller using the I2C 
and SPI protocols, or USB. Different screen reso- 
lutions are available. 


An example of a 3.5-inch touch screen with 
320x200 resolution, mounted on a breakout 
board that can be used with a breadboard and 
an Arduino, is shown in Figure 14-2. 





Figure 14-2 An Arduino-compatible touch screen moun- 
ted on a breakout board, available from Adafruit. 


Screens Available as Components 


A 7-inch resistive touch screen that can be 
mounted on a separate video display is shown 
in Figure 14-3. It can be used with the 
STMPE610 controller chip, which converts resis- 
tive screen values into digital coordinates and 
can be accessed by a microcontroller over both 
SPI and 12C. This surface-mount chip is avail- 
able on a breakout board. 





Figure 14-3 This resistive touch screen is intended for 
use as a layer applied to a 7-inch video display. The screen 
is available from Adafruit. 


When choosing a touch screen as a component 
for a DIY project, the availability of microcon- 
troller code libraries for reading and refreshing 
the display is an important consideration. 
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Level indicators that contain no electronic components are not included in this entry. 


Specialized industrial level-sensing equipment is generally outside the scope of this 
Encyclopedia. This entry discusses small-scale, lower-cost sensors. 


Liquid volume can be assessed by measuring liquid pressure at the bottom of a reser- 
voir. Sensors for this purpose are discussed in the entry describing gas/liquid pres- 


sure sensors. See Chapter 17. 
OTHER RELATED COMPONENTS 


+ liquid flow rate sensor (see Chapter 16) 


+ gas/liquid pressure sensor (see Chapter 17) 


What It Does 


Measuring the volume of liquid in a storage 
vessel or reservoir is such a fundamental task, 
countless methods have been devised, of 
which only the simplest and most common will 
be discussed here. 





A liquid level sensor can have a binary output, 
meaning that it signals when the volume rises 
above or falls below a level that can be preset 
or reset. Often the sensor will be connected to 
a pump or valve that maintains a relatively con- 
stant volume in a container. 


Alternatively a sensor can indicate the actual 
stored volume, either with an analog output or 
in digital increments. 


Schematic Symbols 

Three variants of a schematic symbol for a sim- 
ple liquid level sensor are shown in Figure 15-1. 
They are not always used, however, and a sen- 
sor may be shown simply as an annotated 
switch. 


Figure 15-1 Three variants of a schematic symbol to rep- 
resent a liquid level sensor. The rightmost symbol indi- 
cates that a rising level closes, rather than opens, a 
switch. 


Applications 

The fuel gauge in a vehicle is one of the most 
commonly encountered applications of a liquid 
level sensor. The water tank in a recreational 
vehicle or boat may use similar electronics. In 
industry, the choice of a sensor will be influ- 
enced by the type of liquid that is being stored, 
the desired accuracy, the temperature range, 
and whether the storage tank is sealed or open 
to atmospheric pressure. 
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How It Works 


Desirable attributes of any liquid-level sensor 
include resistance to vibration, some damping 
to average out fluctuations caused by turbu- 
lence or sloshing in the liquid, resistance to 
chemical reactions with the liquid, and few 
moving parts that may require maintenance if 
the sensor is inside a sealed tank. Desirable 
attributes of an analog float sensor include a 
linear response, and some hysteresis if the 
application requires it. 





This entry compares a variety of sensing strate- 
gies. 


Binary-Output Float Sensor 


The term “binary output” is used here to 
describe an output that only has two states (on 
and off, or logic-high and logic-low). The sim- 
plest type of liquid-level sensor with a binary 
output consists of a donut-shaped float that 
contains a permanent magnet and is free to 
slide vertically up and down a sealed tube con- 
taining a reed switch. The tube is supported on 
a bracket that can be mounted on the wall or 
the lid of the vessel containing the liquid. 


The tube and float must be nonmagnetic, and 
the float must have a significantly lower specific 
gravity than the liquid that is being used (“sig- 
nificantly” because the float requires sufficient 
buoyancy to carry the weight of the magnet 
and overcome any friction between itself and 
the tube). A diagram illustrating this configura- 
tion is shown in Figure 15-2. 


To change the level setting of the sensor, the 
bracket may be mounted on a screw thread to 
adjust its vertical position. 


The reed switch can be normally open or nor- 
mally closed, as needed to respond to a rising 
or falling liquid level. For basic information 
about reed switches, see “Reed Switch”. Addi- 
tional, detailed information about reed 
switches is included in the book Make: More 
Electronics. 
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Figure 15-2 The principal parts of a basic binary-output 
float sensor. 


For increased reliability, a Hall-effect sensor 
could be substituted for a reed switch. See 
“Hall-Effect Sensor” for general information 
about Hall-effect sensors. 


Another binary-output float sensor is shown in 
Figure 15-3. This is a sealed plastic capsule con- 
taining a snap-action switch and a steel ball. 
The cable is attached to the underside of the 
top of a tank, and the capsule dangles into liq- 
uid in the tank. A separate weight (not shown) 
has a hole in the middle, and is threaded over 
the wire. The weight keeps the wire approxi- 
mately in a vertical position as it dangles into 
the tank. 
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Figure 15-3 An air-filled float that switches external 
power depending on its orientation. 


Figure 15-4 shows the components inside the 
float. When the liquid level in the tank falls, the 
float adopts the position shown on the left in 
the figure. The ball drops against a lever that 
closes a snap-action switch, which starts an 
external pump to replenish the tank. As the lig- 
uid level rises, the buoyancy of the air-filled 
float changes its orientation to that shown on 
the right in Figure 15-4. The ball drops and the 
switch opens, stopping the pump. 





Figure 15-4 Internal components of the float shown in 
the previous figure. 


Two circular indents on the inner surface of the 
plastic capsule prevent the ball from rolling 
erratically if there is turbulence in the liquid. 
They also provide some hysteresis. 


How It Works 


Analog-Output Float Sensor 

The simplest type of liquid-level sensor with an 
analog output consists of a float on an arm 
attached to a potentiometer, as shown in 
Figure 15-5. This very basic design was used in 
fuel tanks in vehicles for many decades. Disad- 
vantages include a nonlinear response and the 
limited life expectancy characteristic of potenti- 
ometers. Some compensation for the nonlinear 
response can be made by using an analog fuel 
gauge with a nonlinear scale. 


For more information about potentiometers, 
see “Arc-Segment Rotary Potentiometer”. 


Output 


Potentiometer ——___,_ Co 





Figure 15-5 A basic float sensor with an analog output. 


Incremental-Output Float Sensor 

A schematic diagram for a simple float sensor 
with incremental output is shown in 
Figure 15-6. A magnet embedded in a donut- 
shaped float, similar to that shown in 
Figure 15-2, interacts with a sequence of reed 
switches installed in the central tube. The 
switches are spaced at equal intervals and 
apply power between resistors of equal value 
wired in series. This system has been used in 
motorcycle and automobile fuel tanks, where 
the switches may be enclosed in a (nonmag- 
netic) stainless-steel tube. The accuracy is limi- 
ted by the number of reed switches. 
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Figure 15-6 A float sensor with incremental output. 


Displacement Level Sensors 

If a heavy object, described as the displacer, is 
suspended in liquid, the effective weight of the 
object diminishes as the liquid rises up around 
it. This occurs because according to Archi- 
medes’ Principle, the upward buoyant force is 
equal to the weight of liquid that the object 
displaces. The displacer is suspended from a 
load sensor that measures its weight. Analog 
output from the sensor will be approximately 
linear with liquid level. 


For a simplified diagram showing a displace- 
ment level sensor using this concept, see 
Figure 15-7. 
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Figure 15-7 A displacement sensor. The displacer is 
heavier than the liquid around it, but its effective weight 
diminishes as the liquid rises. 


For more information on load sensors, see 
Chapter 12. 


Ultrasonic Level Sensors 


An ultrasonic sensor can be used to measure 
the level of liquid in a reservoir, as shown in 
Figure 15-8. For more information about this 
type of sensor, see the entry discussing proxim- 
ity sensors in Chapter 5. A disadvantage of 
using ultrasound for liquid level sensing is that 
the speed of sound will be affected by any 
vapor given off by a volatile liquid. 
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Figure 15-8 An ultrasonic proximity sensor can measure 
the level of liquid in a reservoir. 


Reservoir Weight 

The weight of a reservoir can be measured to 
assess the volume of liquid in it. This can be 
done by mounting the reservoir on load sen- 
sors. However, pipes leading to and from the 
reservoir must be designed so that they do not 
add or subtract any significant weight. 
Figure 15-9 suggests an arrangement, although 
the outflow will still change the weight to some 
extent depending on the amount of suction 
that is applied. For more information on load 
sensors, see Chapter 12. 


1) 






—* Load sensors ————— 


Figure 15-9 Using load sensors to assess the weight of 
liquid in a reservoir requires that the weight of plumbing 
should not be imposed on the structure of the reservoir. 


How It Works 


Pressure Sensing 


A differential pressure sensor can be added to a 
pipe near the bottom of a reservoir. The sensor 
measures the difference between the liquid 
pressure and ambient air pressure. See 
Figure 15-10. 


Pressure 
transducer 





\ Output 


Figure 15-10 A pressure sensor can assess the volume of 
liquid in a reservoir. 


This arrangement assumes that the reservoir is 
vented so that air pressure above the liquid 
level is equal to air pressure at the sensor. If the 
reservoir is not vented, a pipe must connect the 
reference port on the sensor with the space 
above the liquid. 


The reservoir must have straight, vertical sides 
for the pressure to be directly proportional to 
the liquid volume. 


Liquid volume can also be assessed by measur- 
ing the pressure inside a container, near the 
bottom. A submersible pressure sensor can be 
used, typically consisting of a watertight cap- 
sule fitted with a diaphragm that connects with 
an internal strain gauge. The sensor is lowered 
on a cable that also contains an air line. 
Because pressure in a liquid is affected by 
atmospheric pressure above the surface of the 
liquid, the sensor requires an air line so that its 
measurements are relative to the outside air. 


Submersible pressure sensors are useful where 
access is limited—for example, when measur- 
ing fluctuations in an open-air municipal water 
reservoir. 
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What Can Go Wrong 





Turbulence 


Surface turbulence consisting of ripples, waves, 
or sloshing of liquid will tend to occur when a 
reservoir is refilled rapidly or is subjected to lat- 
eral movements as a result of being mounted in 
a moving vehicle. To minimize output fluctua- 
tions, some damping is desirable. 


Baffles consisting of perforated plates inside 
the reservoir are a common strategy, as shown 
in Figure 15-11. In the upper section of the fig- 
ure, lateral acceleration causes submersion of a 
float sensor in the reservoir. In the lower sec- 
tion, perforated baffles minimize the problem. 






r 


Figure 15-11 Insertion of perforated baffles in a reservoir 
minimizes the sloshing that otherwise tends to occur 
when the reservoir is subject to lateral motion. 
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Sensors that measure the weight or pressure of 
a liquid are less susceptible to turbulence. In a 
displacement sensor, the weight of the dis- 
placer provides a damping effect. 


Tilting 

All level sensors will tend to give inaccurate 
readings when a reservoir is tilted. A float sen- 
sor will be affected less if it is mounted centrally 
in a reservoir, because the reservoir will tilt 
around the sensor, as shown in Figure 15-12. 


= 
My 


Figure 15-12 /fa float sensor is mounted centrally in a 





reservoir, it will be significantly less affected if the reser- 
voir tilts. 
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Flow rate sensors that contain no electronic components are not included in this entry. 


Some methods of liquid flow sensing can also be applied to gases, but sensors are usu- 
ally designed for one application or the other. Therefore, gas flow sensors have their 


own entry. See Chapter 19. 


Many liquid flow rate sensors are large devices designed for industrial applications. 


This entry focuses on lower-cost solid-state sensors. 


OTHER RELATED COMPONENTS 
+ liquid level sensor (see Chapter 15) 


+ gas/liquid pressure sensor (see Chapter 17) 


* gas flow rate sensor (see Chapter 19) 


What It Does 





A liquid flow rate sensor measures the rate at 
which liquid flows past or through the device. A 
water meter is an example of a flow rate sensor. 


A sensor may have a binary output, meaning 
that it signals when flow stops or starts, or if its 
rate rises above or falls below a level that can 
be preset or reset. However, most flow meters 
have an analog output that varies with the vol- 
ume per unit of time. 


Measuring the flow rate of a liquid can be chal- 
lenging if the viscosity is very high, the liquid is 
chemically reactive, or the rate is very low. Such 
factors may require specialized equipment that 
is outside the scope of this Encyclopedia. 


This entry compares the most popular sensing 
strategies. 


Schematic Symbols 

Many specialized symbols are used in flow dia- 
grams to represent pumps, valves, and sensors. 
Typically they involve a single letter or an X ina 
circle. These symbols are not generally found in 
electronic schematics, and therefore they are 
not included here. 


Paddlewheel Liquid Flow Rate 
Sensors 





The simplest and most common liquid flow rate 
sensor uses a paddlewheel, also referred to as a 
rotor, that is mounted with its axis of rotation at 
90 degrees to the direction of liquid flow. An 
example is the Koolance INS-FM16 shown in 
Figure 16-1. This sensor is intended for use in an 
aftermarket cooling system for the CPU in an 
overclocked desktop computer, but can be 
used in any system where the rate of flow 
ranges from 0.5 to 15 liters per minute. The 
paddlewheel has a pair of magnets mounted in 
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it, activating a reed switch that is mounted in a 
sealed enclosure beneath the wheel. (For more 
information regarding reed switches, see “Reed 
Switch” in the entry describing object pres- 
ence sensors.) 





Figure 16-1 A low-cost, simple paddlewheel sensor 
designed for rates of 0.5 to 15 liters per minute. The back- 
ground grid is in millimeters. 


While the reed switch in the Koolance flow sen- 
sor inevitably suffers from contact bounce, it 
has the advantage of simplicity and can be 
used in conjunction with appropriate hardware 
or microcontroller code to debounce the pulse 
stream. 


As in any device with a rotating part, friction 
and wear will afflict a paddlewheel sensor, 
especially because the bearings are often in the 
chamber through which the liquid passes. This 
eliminates the possibility for roller bearings. 
Typically a plain bearing is used, consisting of a 
pin that engages in a hole in the casing. Friction 
wears the bearing surface, creating a larger 
gap, which allows the rotor to vibrate or 
bounce instead of spinning smoothly. Flow 
resistance increases and accuracy is degraded. 


In modern designs, the mass of the rotor is 
minimized to reduce the friction. Also, if the 
shaft is horizontal (but still at 90 degrees to the 
direction of the flow), buoyancy of the rotor in 
the liquid can reduce friction still further, as 
suggested in Figure 16-2. Ideally, the density of 
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the rotor and the density of the liquid will be 
the same. 






Force 
of gravity 


Figure 16-2 /n this configuration, friction on the rotor 
bearings is mitigated by taking advantage of the buoyancy 
of a low-density rotor in the liquid that passes through. 


The U-shaped flow path in the Koolance sensor 
in Figure 16-1 maximizes the responsiveness of 
the rotor, but an inline path is more common. 
An example is shown in Figure 16-3. 





Figure 16-3 An inline flow sensor rated for 3 to 6 liters 
per minute. 


Turbine Flow Rate Sensors 





In a turbine-type sensor, two or more spiral 
blades are attached to a hub that rotates 
around an axis in line with the liquid flow, as 
shown in Figure 16-4. A magnet in each spiral 
blade triggers a reed switch or Hall-effect sen- 
sor mounted in a bracket that suspends the tur- 
bine from the interior walls of the tube. 
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Figure 16-4 Simplified view of a turbine flow rate sensor 
mounted inside a tube. 


The support bracket often consists of four 
struts, which impose resistance to liquid flow. 
The bearings suffer from the same kinds of 
problems as the bearings in a paddlewheel sen- 
sor, and must withstand additional load result- 
ing from the inline force exerted by flow. 
Overall, while the turbine type of sensor is pop- 
ular in laboratory equipment, it has disadvan- 
tages that are not shared by the bulkier 
paddlewheel type. 


Limitations of Paddlewheels and 
Turbines 

Both the paddlewheel and turbine types of sen- 
sors require a minimum flow to overcome the 
friction in their bearings. Below this minimum, 
liquid will find its way around the rotor without 
turning it. Even when the flow exceeds the min- 
imum, response of the rotor is likely to be non- 
linear as a result of turbulence and other 
factors. 


Above a limit stated by the manufacturer, tur- 
bulence increases to the point where output 
from the sensor is no longer meaningful. Wear 
on the bearing will also increase with flow rate. 


A significant problem for these types of sensors 
is that they do not respond well to sudden var- 
iations in flow. The paddlewheel, in particular, 
has inertia as a function of the diameter of the 
rotor, and will take some time to spin up in 
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response to an increase in flow. Conversely, 
when the flow diminishes, the paddlewheel will 
tend to overrun. 


The viscosity of the liquid passing through a 
paddlewheel or turbine sensor will have a very 
significant effect on its performance. 


Thermal Mass Liquid Flow 
Rate Sensor 





The thermal-mass system is commonly used 
when volumes are extremely low. The system is 
illustrated in Figure 16-5. A tube containing liq- 
uid is fabricated from a heat-conductive metal 
such as aluminum. It is enclosed in a larger 
tube, and the gap between them is filled with 
thermal insulation. A temperature sensor such 
as a thermistor measures the temperature of 
liquid entering the system. A second sensor, 
combined with a small resistive heater in the 
form of a coil around the tube, is placed down- 
stream. Liquid passing through the tube will 
tend to remove heat more effectively at higher 
flow rates, and the difference in temperature 
between the two sensors is a logarithmic func- 
tion of the flow rate. 





Figure 16-5 /n this type of low-flow sensor, the tempera- 
ture differential between the two sensors is a logarithmic 
function of the flow rate. 


Variants of this system use slightly different 
tube configurations and sensor placement, but 
the principle is the same. Its advantages 
include the lack of any moving parts, and the 
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avoidance of any probes intruding into the liq- 
uid, which is desirable in biochemical and med- 
ical applications. 


The same principle is applied in many gas flow 
rate sensors. See “Mass Flow Rate Sensing”. 


Sliding Sleeve Liquid Flow 
Switch 


This sensor is used in some domestic systems, 
where flow-activated water heating is required. 
A vertical section of brass (nonmagnetic) water 
pipe contains a sliding inner sleeve that incor- 
porates a magnet. An external reed switch is 
activated when the sleeve is moved by water 
flowing through it. When the flow stops, the 
sleeve is returned to its rest position by the 
force of gravity. 





Sliding Plunger Liquid Flow 
Switch 


Figure 16-6 shows an exploded view of a similar 
device, using a plastic plunger that slides inside 
a nylon plumbing fixture designed for 3/4-inch 
pipe. The plunger contains a magnet and is 
restrained by a compression spring and a circu- 
lar perforated plate. When water flow is suffi- 
cient to overcome the resistance of the spring, 
the plunger slides far enough for the magnet to 
activate a reed switch sealed into the external 
housing. 


Ultrasonic Liquid Flow Rate 
Sensor 





This type of sensor passes ultrasound through a 
liquid in a pipe. The speed of sound through 
the liquid is affected by the flow rate, and exter- 
nal electronics translate this lag time into a 
value for volume-per-minute. The system 
adjusts for variations in temperature that also 
affect the speed of sound. 
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Figure 16-6 Parts of a flow switch. The small plunger is 
inserted into the pipe and retained with the perforated 
plate and compression spring. 


Various configurations are available, some 
allowing ultrasound sources and detectors to 
be clamped to the outside of a pipe, as shown 
in Figure 16-7. To eliminate other variables, one 
ultrasound pulse is transmitted in the same 
direction as the flow, followed by another pulse 
contrary to the flow, and the difference 
between the two transmission times is used as 
an indicator of the flow rate. 








Figure 16-7 Some ultrasound flow sensors are designed 
to be clamped externally to a pipe. 


Magnetic Liquid Flow Sensor 





A magnetic field is induced in a metal pipe by a 
coil generating its field perpendicular to flow. 
The inside of the pipe is lined with nonconduc- 
tive material in which two electrodes are moun- 
ted. Because water containing ions is 
conductive, the flow of water through the mag- 
netic field induces a small potential difference 
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between the electrodes. This voltage can be 
used as an indication of the flow rate. 


To eliminate external factors that would also 
affect the potential difference, the polarity of 
current through the coil around the pipe alter- 
nates rapidly. The induced field remains the 
same regardless of the direction of the current. 


A magnetic flow sensor should not be confused 
with a magnetic flow switch. Various types of 
switches are made, including large, heavy-duty 
devices where flow moves a magnet that trig- 
gers a shutoff valve. This type of industrial 
device is outside the scope of the Encyclopedia. 


Differential Pressure Liquid 
Flow Meter 





In this system, a pipe contains a perforated 
plate or some similar constrictor that partially 
obstructs the flow of liquid. Pressure is meas- 
ured by a pair of pressure transducers placed 
before and after the constrictor. The pressure 
difference is an indicator of flow, because it 
increases as the flow rate increases. 


Differential Pressure Liquid Flow Meter 


This system was developed originally for large 
industrial applications but has been miniatur- 
ized and etched into silicon to measure very 
small flow rates. The Omron D6F-PH is an exam- 
ple, measuring less than 3cm square. It contains 
digital correction to enable a close-to-linear 
output. Because of its small size, it can be used 
only for slow flow rates, or as a bypass sensor. 
The general concept of a bypass sensor is illus- 
trated in Figure 19-7, in the entry discussing gas 
flow sensors. 


What Can Go Wrong 


Vulnerability to Dirt and Corrosive 
Materials 

MEMS liquid flow rate sensors containing very 
delicate, very small sensing elements are very 
vulnerable to contamination with dirt. Liquids 
should be filtered to minimize this risk. A manu- 
facturer’s datasheet should provide information 
about the use of corrosive or chemically active 
liquids. 
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Pressure measurement devices that do not contain any electronics, such as a nondigi- 
tal tire-pressure gauge or a mercury manometer, are outside the scope of this Encyclo- 
pedia. 


Many pressure sensing methods can be used with both gases and liquids. To avoid 
duplication, gas pressure sensors and liquid pressure sensors do not have separate 
entries. Both types are described here. 


This entry deals almost exclusively with MEMS components. It does not include pres- 
sure measurement devices sold as industrial products. 


Some manufacturers and vendors use the term pressure sensor to describe a compo- 
nent that measures mechanical load or force. In this Encyclopedia, the term only 
describes components that measure liquid or gas pressure. Mechanical load cells and 


force sensors will be found in the section on force sensors. See Chapter 12. 


OTHER RELATED COMPONENTS 
+ liquid level sensor (see Chapter 15) 


+ liquid flow rate sensor (see Chapter 16) 


* gas flow rate sensor (see Chapter 19) 


What It Does 





A pressure sensor measures the force exerted 
by a gas or liquid, often in a container or pipe. 


Static pressure is measured under conditions 
that change slowly or not at all. Dynamic pres- 
sure is subject to fluctuations. Pressure sensors 
tend to be designed for one condition or the 
other. 


Schematic Symbols 

Many specialized symbols are used in flow dia- 
grams to represent pumps, valves, and sensors, 
including pressure sensors. Typically they 
involve a single letter or an X in a circle. These 
symbols are not generally found in electronic 


schematics, and therefore they are not included 
here. 


Applications 

Barometric sensors are found in barometers 
and weather stations. Altimeters are really a 
specialized form of barometric sensor, used in 
airborne vehicles. Gas pressure sensors have 
many industrial applications, and are used to 
monitor tire inflation in vehicles and the output 
from air compressors. They may also measure 
liquid pressure indirectly, as in a blood-pressure 
cuff. 


Liquid pressure sensors are widely used to 
measure oil pressure in automobile engines 
and hydraulic braking systems. They have med- 
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ical applications, and monitor water pressure in 
municipal systems and pumped supplies. 


Design Considerations 

As a result of random molecular movement, 
gases will tend to disperse to fill a container. 
After a gas reaches equilibrium, the pressure 
will be almost equal in all directions, affected 
only slightly by gravity. Where a gas is in a 
sealed, rigid container, pressure will vary line- 
arly with temperature. 


A liquid will tend to accumulate at the bottom 
of any container under the force of gravity. Liq- 
uid pressure in a container will be highest at 
the bottom, because of the weight of liquid 
above it. However, because almost all liquids 
are not easily compressible, they transmit force 
from any point in a container to any other 
point, including the sides of a container. 


Units 
Pressure is measured as force per unit area, 
which can be expressed in a confusing variety 
of units. 


In the United States, gas and liquid pressure are 
still often expressed in pounds per square inch, 
abbreviated as PSI, or more often as psi, or 
sometimes as Ib/in?. 


In standard international (SI) units, 1 bar of 
pressure is approximately equal to atmospheric 
pressure at sea level. Millibars are popular 
among meteorologists, 1 millibar being 1/1000 
of a bar, equivalent to 100 pascals, where 1 pas- 
cal = 1 newton per square meter. 


A bar is equivalent to 14.504 psi. 


Blood pressure is measured in millimeters of 
mercury, because mercury manometers were 
used for this purpose originally. Atmospheric 
pressure may also be measured in millimeters 
of mercury, because the earliest barometers 
used a tube containing mercury. In the United 
States, some sources still refer to inches of mer- 
cury. 
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How It Works 


Pressure sensing usually entails three stages. 





1. A sensing element translates pressure 
into the mechanical displacement of a 
flexible part. 


2. A transducer converts mechanical dis- 
placement into an electrical effect, 
either modifying resistance or creating 
a small voltage or current. 


3. Electronics are used for signal condi- 
tioning. This may entail modifying a 
nonlinear signal, or may convert an 
analog output to a digital output. 


As pressure sensors are increasingly taking the 
form of MEMS devices, all three stages may be 
combined in one silicon chip. 


Basic Sensing Elements 

Figure 17-1 shows four types of sensing ele- 
ments that are used, or have been used, to con- 
vert pressure into mechanical motion. In each 
case, a green arrow shows where gas or liquid is 
introduced under pressure. 1: A Bourdon tube 
flexes under pressure, increasing its radius. The 
tube is hollow, open at one end and sealed at 
the other. 2: A coiled Bourdon tube uncoils par- 
tially under pressure, causing the top end to 
rotate. 3: A simple flat diaphragm. 4: A ribbed 
diaphragm. 
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Figure 17-1 Sensing elements. See text for details. 


The sensing elements numbered 1 and 2 are 
less likely to be used in modern systems, 
although a coiled Bourdon tube may be used to 
turn a potentiometer in low-cost oil-pressure 
sensing designs. Number 3 is well suited to 
MEMS devices, as it can be etched into silicon 
using the principle illustrated in Figure 17-2. 


How It Works 


Gas pressure 


v 





Piezoresistor Cavity Silicon die 
Figure 17-2 A section of a flat-diaphragm pressure sen- 
sor, viewed from the side. An aperture in the top face of 
the chip allows air to enter. The sensor is etched into sili- 
con, and the deflection of the wafer is measured using 


embedded piezoresistors. 


Relative Measurement 


Pressure is a relative measurement. It is 
expressed relative to a reference pressure of 
some kind. Three types of measurement are 
commonly used: 


1. Absolute pressure, relative to the zero 
value of a vacuum. 


2. Gauge pressure, relative to ambient 
pressure (that is, pressure in the envi- 
ronment around the sensor). Air pres- 
sure is the reference source for gauge 
pressure, and a vent is incorporated 
into the sensing system. 


3. Differential pressure. In this case, the 
pressure being measured is relative to 
some other pressure—for example, the 
pressure differential between two 
sealed tanks. 


Figure 17-3 illustrates these three measurement 
types. 
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Variants 
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Figure 17-3 Three ways in which pressure is measured. 


Variants 


Ambient Air Pressure 


A barometric sensor measures the pressure of 
air around it. This is an absolute value, relative 
to a vacuum. 


The earliest barometers consisted of a tube 
sealed at one end, containing mercury. No air 
was allowed to enter the tube. It was inverted 
so that its open end was immersed in a small 
reservoir that was open to the air, the pressure 
of which supported the column of mercury in 
the tube. Thus, the height of the column was 
ratiometrically equivalent to atmospheric pres- 
sure. Because low air pressure is often an indi- 
cator of inclement weather, a barometer was a 
very simple tool for weather forecasting. 


A modern barometric sensor consists of a chip 
with a vent hole in its upper surface, allowing 
ambient air pressure to reach a sensor inside 
the chip. A popular example has been the 
Bosch BMP085, shown soldered onto a break- 
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out board in Figure 17-4. The BMP180 has a 
very similar specification, the primary differ- 
ence being that it is designed for a SPI bus 
instead of I2C. For additional details about pro- 
tocols such as SPI and I2C, see Appendix A. 





Figure 17-4 A Bosch barometric sensor on a breakout 
board. The background grid is in millimeters. 


This sensor uses a supply voltage ranging from 
approximately 2VDC to 3.5VDC, but a breakout 
board includes a voltage regulator that toler- 
ates a 5VDC supply. The output is digitized for 
access by a microcontroller, but the format is 
quite complex and consists of raw data that 
must be converted to air pressure by applying a 
formula. The manufacturer offers free code in 
the C language for this purpose. A thermome- 
ter that is built into the chip enables tempera- 
ture compensation. 


Subsequent products from Bosch include the 
BME280, which adds a humidity sensor. Break- 
out boards using this and other barometric 
chips are available from sources such as Spark- 
fun and Adafruit, where Arduino code libraries 
to interpret the data are available for download. 


Altitude 


A barometric sensor can be used to determine 
altitude. At sea level, air pressure is approxi- 
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mately 101kPa (kilopascals), or 760 millimeters 
of mercury. At 5,000 meters altitude, air pres- 
sure drops to 56kPa. The transition is nonlinear, 
changing most rapidly at lower altitudes. 


Air pressure will be affected by temperature 
and weather conditions. Weather is unlikely to 
affect the value by more than plus-or-minus 
1%, and temperature has a smaller effect; but 
the barometric sensor can be reset to a zero 
point based on current temperature and 
weather data. 


Gas Pressure 


Thousands of board-mountable gas pressure 
sensors are available from retail component 
suppliers. The need to make connections via 
tubing imposes a minimum size limit on these 
parts. Many have a through-hole format, but 
even the surface-mount variants can be rela- 
tively large (e.g., 10mm x 10mm). Most tend to 
have barbed tubing ports, the “barbs” being 
ridges to retain push-on flexible tubing. Output 
may be analog or digital, the digital protocol 
being designed for |2C, SPI, or plain TTL serial 
buses. 


These components are designed for pressures 
ranging up to 500kPa (kilopascals). Some man- 
ufacturers use psi in their specifications, while 
others use bars and millibars, and a few state 
gas pressures equivalent to inches of water. 


Dual-ported gas sensors for differential pres- 
sure measurement can be used for gauge 
measurement (i.e., relative to ambient air) if one 
port is left open. Absolute pressure sensors 
have only one port, as they measure pressure 
relative to a vacuum maintained inside the 
chip, behind the diaphragm. 


+ Some gas pressure sensors can do dual 
duty as liquid pressure sensors, but 
others cannot, and datasheets must be 
consulted carefully, as online vendors 
may not include this information prom- 
inently. 


Variants 


The sensor in Figure 17-5 by All Sensors Corpo- 
ration is designed for flexible tubing with 1/16” 
internal diameter (1.6mm). Its pin spacing is 
0.1” (2.54mm), making it breadboardable. This 
sensor is intended for gases only, but has a “10- 
inch” water-equivalent rating, meaning that it 
can tolerate a maximum pressure equivalent to 
that of a 10-inch (25.4cm) column of water. 


When supplied with up to 16VDC, an internal 
Wheatstone bridge circuit provides an analog 
output that varies ratiometrically by a few milli- 
volts over the full range of measurable pres- 
sures (the exact specification depending on the 
power supply). The output may be amplified 
with an external op-amp. Although this is a dif- 
ferential sensor, it can provide gauge pressure if 
one of the ports is left open. 





Figure 17-5 A gas pressure sensor for use with 1/16” 
(1.6mm) internal diameter flexible tubing. The back- 
ground grid is in millimeters. 


The larger sensor in Figure 17-6 is in the ADCA 
range from All Sensors Corporation, designed 
for flexible tubing with 1/8” internal diameter 
(3.2mm). This is intended for gases only, and 
has a “5-inch” water-equivalent rating. It 
requires a 5VDC power supply and has an inter- 
nal op-amp that provides an output that varies 
ratiometrically by 0.2VDC (centered on 4VDC) 
over the range of measurable differential pres- 
sures. Like its smaller cousin, it can provide 
gauge pressure if one of the ports is left open. 
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Figure 17-6 A gas pressure sensor for use with 1/8” 
(3.2mm) internal diameter flexible tubing. The back- 
ground grid is in millimeters. 


What Can Go Wrong 





Vulnerability to Dirt, Moisture, and 
Corrosive Materials 


MEMS pressure sensors containing very deli- 
cate, very small sensing elements must inevita- 
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bly come into direct contact with gases and, in 
some cases, liquids. Datasheets will provide 
warnings regarding humidity and corrosive flu- 
ids, but the risk of contamination with dirt 
remains. Liquids should be filtered to minimize 
this risk. 


Barometric sensors have a hole in the package, 
exposing the sensor element to the ambient air. 
This vent must be protected from direct con- 
tact with the environment. 


Light Sensitivity 

If light is allowed into the vent hole in a baro- 
metric sensor, it can create photocurrents in the 
chip. This will affect accuracy. 
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Humidity sensors and vapor sensors are included in this entry, as they measure concen- 


trations of a liquid while it is in its gas phase. 


Sophisticated industrial sensors are available for accurate gas sensing, but this entry 
deals almost entirely with lower-cost solid-state sensors that are often classified as 


board-mount components. 
OTHER RELATED COMPONENTS 


+ gas/liquid pressure sensor (see Chapter 17) 


What It Does 


Small semiconductor-based gas sensors pro- 
vide a low-cost method for detecting specific 
gases in ambient air. The sensors vary their 
electrical resistance or capacitance in response 
to the concentration of the gas. They may be 
used in conjunction with an alarm system that 
will sound if gases such as propane or carbon 
monoxide exceed a preset level, or if the con- 
centration of oxygen drops below a preset level. 





Because vapor consists of a liquid in its gas 
phase, gas sensors can respond to vapor, as in 
the case of alcohol sensors. 


A humidity sensor measures the amount of 
water vapor in the air, which can be important 
in refrigeration, HVAC (heating, venting, and air 
conditioning), medical equipment, meteorol- 
ogy, and storage rooms where art objects, anti- 
ques, or paper archives must be preserved in an 
environment that is neither too dry nor too 
moist, and is held at a constant temperature. 
Humidity control can be important also in cli- 
mates where growth of mold is a concern. 
Humidity sensors are also used in automobile 
climate control and windshield defogging, and 


in the storage of food, fabrics, wood products, 
and medications. 


High humidity coupled with high temperature 
contributes to the decomposition of many sub- 
stances, while low humidity can cause desicca- 
tion. High humidity can also create damage if it 
causes materials to expand as a result of taking 
up moisture. 


Many methods have been devised to detect 
individual gases, but semiconductor sensors 
are now dominant in applications where accu- 
racy and gas-specificity are not crucial. 


Schematic Symbol 


No specific schematic symbol exists to repre- 
sent a semiconductor gas sensor. 


Semiconductor Gas Sensors 





During the development of transistors in the 
1950s, engineers noticed that semiconductor 
p-n junctions were sensitive to the presence of 
some gases in the atmosphere. This was regar- 
ded as a problem, which was solved by encap- 
sulating transistors to prevent their exposure. 
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Semiconductor Gas Sensors 


During the 1980s, Japanese law required instal- 
lation of sensors in every home to detect haz- 
ardous concentrations of propane gas. This 
encouraged the development of cheap, long- 
lasting components that took advantage of 
semiconductor sensitivity. 


Tin oxide is widely used in a variety of solid- 
state gas sensors. A sintered layer of the com- 
pound is deposited on a ceramic substrate in 
combination with other compounds such as 
antimony oxide. The granular layer functions as 
an n-type semiconductor in which electron 
transfer increases when certain gases are adsor- 
bed among the grains. When the gas concen- 
tration diminishes, oxygen atoms displace the 
gas molecules, and the sensor returns to its 
original state. It is unimpaired by being activa- 
ted, and has a life expectancy of at least 5 years 
during active (powered) use. 


Each sensor includes a tiny resistive heater that 
is necessary for the chemical reaction to occur. 
Voltage must be applied to two pins that are 
connected with the heater. Two other pins con- 
nect internally with the sensing element. The 
resistance between these pins will vary with 
presence of the target gas; thus, this type of 
component has a resistive output. 


It is a feature of semiconductor gas sensors that 
they tend to suffer from cross-sensitivity. That is, 
one sensor may respond to more than one gas. 
Manufacturers control this problem to some 
extent by adding filtering material around the 
semiconductor element, or by adjusting the 
proportions of dopants used in the semicon- 
ductor. Datasheets should be consulted care- 
fully to see if a sensor may give false positives 
as a result of other gases that are likely to be 
present in the area where it will be used. 


Figure 18-1 shows an MQ-5 propane sensor 
from Hanwei Electronics. The component also 
responds to methane, hydrogen, alcohol, and 
carbon monoxide, but with much less sensitiv- 
ity. The manufacturer recommends calibrating 
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the sensor by using a resistor ranging from 10K 
to 47K in series with the output resistance. 





Figure 18-1 A propane gas sensor. The background grid 
is in millimeters. 


Figure 18-2 shows an MQ-3 alcohol sensor, also 
manufactured by Hanwei. It has some sensitiv- 
ity to benzene, but this is unlikely to be a prob- 
lem, as benzene is seldom present in significant 
concentrations in ambient air. However, the 
response of the sensor to alcohol varies with 
temperature and humidity. Consequently this 
component can only be used as a “breatha- 
lyzer” if the user can be satisfied with an 
approximate response. 


Semiconductor gas sensors are also available 
for detecting methane, carbon monoxide, 
hydrogen, ozone, and other gases. 


These components are not low-current devices. 
Typically the internal heater in the Hanwei 
range has a resistance of slightly more than 30 
ohms, and will draw 150mA to 160mA at 5V 
(i.e., slightly less than 1W). Because the heater is 
a simple resistive device, it can be used with AC 
or DC. The output resistance of the sensor can 
also be assessed with an AC or DC signal. 
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Figure 18-2 An alcohol sensor. The background grid is in 
millimeters. 


A breakout board from Parallax simplifies the 
use of Hanwei gas sensors. The board is shown 
in Figure 18-3. It is compatible with carbon 
monoxide, propane, methane, and alcohol sen- 
sors, each of which can be plugged into a 
socket on the board. Two trimmers establish 
the sensitivity and the trip point for the sensing 
element, and the TTL output is then logic-high 
when a gas is detected, and logic-low other- 
wise. 





Figure 18-3 A Parallax breakout board to simplify the use 
of Hanwei gas sensors. 


Oxygen Sensors 





Oxygen sensors are often built using a mem- 
brane made of zirconium dioxide. This material 
has the property that it can transport oxygen 


Oxygen Sensors 


ions when heated. One setup is to have a zirco- 
nium membrane separating the gas to be 
measured from ambient air. This is a type of fuel 
cell, called a concentration cell or Nernst cell. If 
the oxygen concentration differs between the 
two sides of the membrane, oxygen ions will 
flow through it. Only oxygen ions can move— 
not neutral oxygen atoms or molecules. The 
ions are negatively charged, so the transport 
will lead to a potential difference over the cell, 
which can be measured with platinum electro- 
des. 


To comply with emissions regulations, automo- 
biles sense the oxygen level of exhaust gases. 
This data controls the fuel-air ratio in the fuel 
injection system. Too much air results in the for- 
mation of nitrogen oxides, while too little air 
results in excessive carbon monoxide. 


Humidity Sensors 





Moisture content of the air is expressed in three 
different ways: 


Absolute humidity 
This is the weight of water vapor in a fixed 
volume of air. It is measured in grams per 
cubic meter in the metric system. An 
absolute humidity sensor is properly 
called a hygrometer. 


Dew point 

If a sample of air is cooled without a 
change of pressure, the dew point is the 
temperature at which moisture will start 
to condense. The dew point is a way of 
describing how humid the ambient air is 
currently, as water will condense more 
readily in humid conditions. 


Relative humidity 
This is often referred to by its acronym, 
RH. If temperature, pressure, and volume 
of a sample of air remain constant, rela- 
tive humidity is the ratio between the cur- 
rent value of absolute humidity and the 
hypothetical level where the addition of 
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Humidity Sensors 


water vapor would result in condensa- 
tion. The ratio is expressed as a percent- 
age. Thus, if moisture is already 
condensing in an air sample, relative 
humidity is 100%. If an air sample con- 
tains half the weight of moisture required 
for condensation to begin, relative 
humidity is 50%. If there is no moisture at 
all in the air, relative humidity is 0%. 


Colloquial usage of the term “humidity” 
usually means relative humidity, and sen- 
sor output is usually convertible to this 
value. However, some absolute humidity 
sensors do exist. 


Dew-Point Sensor 

Historically, meteorologists used a chilled mirror 
hygrometer, in which a metal mirror was 
exposed to the atmosphere and cooled until 
the surface was seen to become misty with 
condensation. The temperature where this 
occurred was the dew point. 


This system is still used in conjunction with an 
LED and a phototransistor. The LED is posi- 
tioned so that its light reflects from a mirror, 
directly onto the phototransistor. The mirror is 
cooled until mist starts to form, which diffuses 
the reflected light and causes a well-defined 
change in output from the phototransistor. 


Although the formula linking dew point with 
relative humidity is complex, a_ simplified 
approximation is available that is reasonably 
accurate so long as the relative humidity is 50% 
or greater. If RH is the relative humidity, t is the 
current temperature, and tp is the dew-point 
temperature at which mist forms: 


RH = 100 - ( 5 * (t - tp) ) approx. 


Although a chilled-mirror dew-point sensor has 
a reputation for being accurate, it is heavy, 
expensive, and impractical for most applica- 
tions outside of meteorology. 
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Absolute Humidity Sensors 

An absolute humidity sensor may use two NTC 
(negative temperature coefficient) thermistors 
in a Wheatstone bridge circuit. One thermistor 
is sealed in a compartment containing dry 
nitrogen, with zero humidity. The other is 
exposed to the atmosphere. Current passing 
through the thermistors raises their tempera- 
ture to at least 200 degrees Celsius. Because 
heat radiates less efficiently when there is mois- 
ture in the air, the exposed thermistor will run 
hotter, and its resistance will be higher, at 
higher levels of humidity. This type of sensor is 
used in clothes dryers and wood kilns, among 
other applications. 


See Chapters 23 and 24 for more information 
about thermistors. 


Relative Humidity Sensors 

Two main types of sensing elements are used 
to measure relative humidity: resistive and 
capacitive. 


In a resistive sensing element, a thin layer of 
polymer, salt, or other hygroscopic substance is 
deposited on a substrate consisting of ceramic 
or other unreactive material. When the sub- 
stance absorbs water, its electrical conductivity 
increases. Voltage is applied to the sensing ele- 
ment, and AC is used to avoid polarizing it. The 
current flow is processed externally, with con- 
version to DC followed by linearization, mean- 
ing that the current is processed to establish an 
almost linear relationship with gas concentra- 
tion, with temperature compensation factored 
in. Alternatively, these functions can be per- 
formed by hardware built into the sensor, and a 
digital value for relative humidity can be 
accessed by an external microcontroller. 


In a capacitive sensor, once again a thin film of 
polymer or metal oxide is deposited on a 
ceramic or glass substrate, but the film func- 
tions as a dielectric between two metal electro- 
des that serve as the plates of a capacitor. The 
dielectric value changes as the film absorbs 
moisture, and this causes the capacitance to 





120 Encyclopedia of Electronic Components Volume 3 


fluid > gas > concentration 


vary, typically by 0.2pF to 0.5pF for each 1% 
change in relative humidity. This is almost a lin- 
ear relationship extending over the entire 
range from 0% to 100% relative humidity. 


The actual capacitance value at 50% relative 
humidity is likely to be between 100pF and 
500pF. The sensor may be excited with AC from 
an external source, or can be incorporated in a 
chip that derives AC from a DC power supply 
and provides a digital output. 


To determine the dew point or absolute humid- 
ity from a value for relative humidity, ambient 
temperature must also be measured. A chip 
such as the Si7005 from Silicon Labs includes a 
temperature sensor with a relative-humidity 
sensor based around a capacitor in which polyi- 
mide film forms the dielectric. If condensation 
forms, an on-chip heater will cause it to evapo- 
rate so that normal operation can resume. Data 
from the chip is supplied via an I2C interface. 


Humidity Sensor Output 

When the output is analog, resistance or capac- 
itance of the internal sensing element is avail- 
able via two pins or solder pads on the sensor. 
The analog value must be converted to a value 
for relative humidity by performing a calcula- 
tion that takes the current temperature into 
account. The component may or may not 
include a temperature sensor. 


With a digital output, an internal analog-to- 
digital converter can be accessed by a micro- 
controller via serial, 12C, or SPI interface. 
Alternatively, the sensor may communicate val- 
ues using pulse-width modulation. Either way, 
the output is a value for relative humidity, cal- 
culated on the chip with reference to an 
onboard temperature sensor. 


Analog Humidity Sensor 

The Humirel HS1101 is a low-cost analog- 
output humidity sensor that varies its internal 
capacitance between approximately 160pF and 
200pF as relative humidity increases from 0% to 
100%. The response is almost linear, with the 


Humidity Sensors 


curve steepening slightly when humidity 
exceeds 80%. The component is shown in 
Figure 18-4. 





Figure 18-4 A Humirel HS1101 humidity sensor. The 
background grid is in millimeters. 


The manufacturer claims a recovery time of 10 
seconds after 150 hours of condensation. In 
other words, the performance of the sensor 
should be restored to its original specification. 


A microcontroller can evaluate the output by 
measuring the charge time of the internal 
capacitor in the sensor. If the sensing element is 
wired in parallel with a 10M resistor, this will 
allow the capacitor to discharge before the 
microcontroller charges it again. A 220-ohm 
series resistor should be used between the 
microcontroller and the sensor, to limit the 
charge current. This circuit is illustrated in 
Figure 18-5. 


Alternatively, the sensor manufacturer suggests 
using the capacitance value to control the out- 
put frequency of a 555 timer. A counter or 
microcontroller may be used to count the num- 
ber of pulses per unit of time. 
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Figure 18-5 Using a microcontroller to measure the 
charge time of a gas sensor with capacitive output. 


The Honeywell HIH4030 is a surface-mount 
humidity sensor with a more convenient ana- 
log voltage output that increases almost line- 
arly from approximately 0.8VDC at 0% humidity 
to 3.8VDC at 100% humidity, assuming a 5VDC 
power supply. The sensor is available on a mini- 
ature breakout board from Sparkfun, shown in 
Figure 18-6. 


Figure 18-6 The Honeywell HIH4030 on a breakout 
board from Sparkfun. 


Design Considerations 

As relative humidity is temperature-dependent, 
a relative-humidity sensor must have the same 
temperature as the air it measures. Many data- 
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sheets recommend that when a sensor is 
mounted on a printed circuit board, slots 
should be milled around it to minimize heat 
transfer to it. The sensor should also be moun- 
ted as far away as possible from _heat- 
generating components. 


Where a capacitive humidity sensor with an 
analog output is located some distance from 
the electronics that will process its output, 
shielded cables or twisted pair cables should be 
used to minimize capacitance in the wiring. A 
decoupling capacitor between the supply volt- 
age and ground close to the sensor can help to 
keep the supply voltage stable. 


Digital Humidity Sensor 

The AM2302, available from Adafruit, is a capac- 
itive humidity sensor with a digital output 
accessible by a microcontroller via the I2C pro- 
tocol. Onboard electronics calculate relative 
humidity with reference to an included temper- 
ature sensor. This component is pictured in 
Figure 18-7. 





Figure 18-7 A low-cost humidity sensor with 
temperature-compensated digital output. From a photo- 
graph by Adafruit. 


What Can Go Wrong 


Contamination 


A semiconductor gas sensor can be damaged 
by exposure to volatile chemical vapors. This 
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would be unusual in a domestic environment, 
but is still an important consideration, as there 
will be no obvious indication that damage has 
occurred. 


Recalibration 


If a humidity sensor is exposed to very high 
humidity where condensation occurs, some 


What Can Go Wrong 


datasheets advise a baking procedure, where 
the sensor is placed in warm, dry air for several 
hours and then allowed to rehumidify. 


Soldering 

Semiconductor gas sensors should be soldered 
quickly and at a controlled temperature, to 
minimize heat transfer. 
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Sensors that contain no electronic components are not included in this entry. 


A gas flow rate sensor may often be described as a mass flow sensor or mass flow rate 
sensor. Although it measures volume rather than mass, the mass of gas can be calcula- 
ted so long as its temperature and pressure are controlled. 


Some methods of gas flow sensing can also be applied to liquids, but sensors are usu- 
ally designed for one application or the other. Therefore, liquid flow rate sensors 
have their own entry. See Chapter 16. 


An anemometer is a gas flow rate sensor that measures air speed. It is included in this 
entry. 


Many gas flow rate sensors are large devices designed for industrial applications. This 
entry focuses mostly on lower-cost solid-state sensors that are often classified as 


board-mount components. 
OTHER RELATED COMPONENTS 


+ liquid flow rate sensor (see Chapter 16) 


What It Does 


A gas flow rate sensor measures the volume of 
gas flowing past or through the device, usually 
inside a pipe. In most applications, users wish 
to know the mass of the gas that is passing per 
unit of time. Consequently a gas flow rate sen- 
sor is very often identified as a mass flow rate 
sensor. If it functions by heating the gas and 
measuring the heat dissipation, it is a thermal 
mass flow rate sensor. 





A sensor that measures the flow of open air is 
often described as an anemometer. Its output 
will be expressed as a velocity, not as a volume 
or mass. 


Applications 

Mass flow rate sensors are used frequently for 
laboratory and medical applications, although 
the reliability and affordability of thermal mass 
flow rate sensors is now making them attractive 
for metering municipal gas supplies. 


Anemometers are used mostly in meteorology, 
aviation, and on boats. 


Schematic Symbol 

Many specialized symbols are used in flow dia- 
grams to represent pumps, valves, and sensors, 
but they are not schematic symbols of the type 
generally found in electronic circuit diagrams, 
and are not included here. 
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How It Works 


How It Works 


Because an anemometer functions so differ- 
ently from a gas flow rate sensor that is 
enclosed in a pipe, the two types of sensors will 
be discussed separately. 





Anemometer 


The name of this device is derived from the 
Greek word anemos, meaning “wind.” The cup 
anemometer was invented in 1846, using four 
hemispherical cups attached to horizontal arms 
rotating on a vertical shaft. The rate of rotation 
was proportional to wind speed over a substan- 
tial range, but the conversion factor between 
wind speed and RPM varied depending on the 
size of the cups and their distance from the 
shaft. 


Anemometer design was simplified to three 
cups in 1926 and was modified in 1991 by 
adding a tag to one cup. This causes the speed 
of rotation to fluctuate as the tag rotates 
through the wind stream, and the direction of 
the wind can be calculated from the speed fluc- 
tuations. Not all anemometers rely on this prin- 
ciple, however, and a separate wind vane can 
be used to determine wind direction. 


The basic design of a modern anemometer is 
illustrated in Figure 19-1. 





Figure 19-1 The basic design of a metereological cup 
anemometer. 


Anemometers traditionally used a mechanical 
counter to log the number of rotations, which 
were checked at fixed intervals to derive the 
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wind speed. The output of a modern anemom- 
eter may be achieved by generating AC or DC 
power, or from Hall-effect sensors (see “Hall- 
Effect Sensor” for a full discussion of Hall-effect 
sensors). 


Handheld Anemometer 


A digital handheld anemometer for personal 
use is shown in Figure 19-2. A cup anemometer 
made by Vaavud for use with a mobile phone 
software) 


(with appropriate is shown in 


Figure 19-3. 





Figure 19-2 A handheld digital anemometer. 





Figure 19-3 A cup anemometer sold as an accessory for 
smartphones. 


Ultrasound Anemometer 

The movement of air affects the speed of 
sound, enabling calculation of both wind direc- 
tion and wind velocity by using an array of 
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ultrasound emitters and receivers. The lack of 
rotating parts promises greater reliability, and 
in Figure 19-4 an ultrasound anemometer man- 
ufactured by Biral Metereological Sensors also 
includes heaters so that it will be immune to 
snow or ice accumulation during freezing con- 
ditions. 


= 











Figure 19-4 Made by Biral Metereological Sensors, this 
anemometer uses ultrasound to determine wind speed 
and direction. 


Ultrasound anemometers have been built on a 
DIY basis by hobbyists, typically using off-the- 
shelf ultrasound emitters and an Arduino to 
decode the signals. Several of these projects are 
documented online. 


Hot Wire Anemometer 


A hot wire anemometer measures the cooling 
effect of the air. It heats a thin wire by passing 
current through it, and measures the heating 
power needed to keep the temperature con- 
stant. 


It is also possible to keep either the voltage 
over the wire or the current constant, and to 
assess the wire temperature. The temperature 
can be measured directly or calculated from the 
wire’s resistance, which increases as the wire 
gets hotter. 


Mass Flow Rate Sensing 

A mass flow rate sensor measures the flow 
speed of a gas. When this is multiplied by the 
density, the mass flow rate can be calculated. 


How It Works 


Most sensors of this type heat the gas and are 
categorized as thermal mass flow rate sensors. 
The gas passes over a thermopile (consisting of 
several thermocouples wired in series), then a 
heater, and then another thermopile. These 
components are miniaturized and can be 
etched into a chip measuring 2mm square or 
less. 


The temperature difference between the two 
thermopiles increases as the flow of gas 
becomes faster and transports more heat to the 
second thermopile. This is known as the heat 
transfer principle, illustrated in Figure 19-5. 


Silicon substrate 








Thermopile Heater Thermopile 


Figure 19-5 /nathermal mass flow sensor, the flow of 
gas heats the thermopiles disproportionately, and the 
temperature difference can be used to evaluate the rate of 
flow. 


This principle is used also in a liquid thermal 
mass flow rate sensor, described in “Thermal 
Mass Liquid Flow Rate Sensor”. 


An example of a thermal mass flow rate sensor 
is shown in Figure 19-6. 
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Figure 19-6 A thermal mass flow rate sensor made by 
the Chinese manufacturer Zhengzhou Winsen Electronic 
Technology Co. Ltd. 


Applications 

In medicine, mass flow rate sensors are used in 
anesthesia delivery, respiratory monitoring, 
sleep apnea machines, ventilators, and other 
devices. Industrial uses include air-to-fuel ratio 
measurement, gas leak detection, and gas 
metering. 


While the metering of municipal gas supplies 
was traditionally done with all-mechanical devi- 
ces, MEMS-based meters are replacing many of 
the 400 million mechanical gas meters estima- 
ted to exist worldwide. 


Units 

Mass flow rate sensors are often rated in SLM, 
meaning standard liters per minute. A “stan- 
dard liter” has a temperature of 0 degrees Cel- 
sius and a pressure of 101.325 kPa (kilopascals). 
This pressure is equivalent to that of air at sea 
level. Because temperature and pressure are 
specified, the mass of a gas in a standard liter 
can be calculated by knowing the density of 
the gas. Thus SLM is a way of measuring mass 
flow, even though it is a measurement of vol- 
ume. 


The acronym SLPM is also used, but it means 
the same thing as SLM. SLs and SLPs are meas- 
urements of standard liters per second, while 
SCCM refers to standard cubic centimeters per 
minute. 
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Measuring Higher Volumes 

MEMS sensors are typically equipped with 
inflow and outflow nozzles suitable for flexible 
tubing of 3mm or 5mm internal diameter. The 
nozzles are “barbed,” meaning that they have 
ridges to retain the tubing. 


Small tubing can only deal with low flow rates. 
A few sensors are threaded for standard plumb- 
ing pipes, and can accept volumes of up to 10 
liters per minute. They are a minority. A low- 
rate sensor can still be used to measure higher 
volumes if it is supplied with just a percentage 
of the primary flow. This principle is illustrated 
in Figure 19-7, where an adjustable vane in the 
main pipe creates a pressure differential. A nar- 
rower, constricting section of pipe could have a 
similar effect, but it would not be adjustable. 





Figure 19-7 A vane ina primary pipe can divert a per- 
centage of the flow to a sensor. 


Output 

Many mass flow sensors have an analog output 
consisting of a voltage that varies ratiometri- 
cally with gas flow. With a typical 5VDC power 
supply, output voltage may vary from around 
1VDC to 4VDC. 


Some sensors now incorporate analog-to- 
digital converters and data processing to pro- 
vide SLM digital values, accessible from a 
microcontroller via an I2C interface. 
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What Can Go Wrong 





The primary risk for gas flow rate sensors is 
damage caused by particles and contaminants 
in the gas stream. A 5-micron filter is recom- 
mended. A dust segregation system can also be 


What Can Go Wrong 


used, consisting of a small compartment con- 
taining semicircular centrifugal chambers. Dust 
tends to follow the outer edge of the flow path, 
while the flow sensor is placed on the inner 
side of the path. 
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A photoresistor has a function similar to that of a phototransistor, but as its name 
implies, it is a purely passive component that varies its resistance in response to light. 


The term photocell was used formerly, but has been displaced by the term photoresis- 
tor, which describes its function more accurately. The term photoconductive cell is 
sometimes used, or light-dependent resistor (or its acronym, LDR). 


OTHER RELATED COMPONENTS 
* resistor (see Volume 1) 


+ photodiode (see Chapter 21) 


+ phototransistor (see Chapter 22) 


What It Does 


Formerly known as a photocell, a photoresis- 
tor is a disc-shaped component with two leads. 
When light falls on the surface of the disc, 
resistance between the leads will diminish. 
Some photoresistors have a resistance in dark- 
ness as high as 10 megohms. A few have a 
resistance in bright light as low as 500 ohms, 
although several kilohms would be more com- 
mon. 





A photoresistor is less sensitive to light than a 
phototransistor or photodiode, and unlike 
them it is a passive component with no polar- 
ity. It presents equal resistance to current in 
either direction, and may be used with DC or 
AC. 


Because cadmium sulfide is commonly used in 
this component and is regarded as hazardous 
to the environment, photoresistors are now 
unavailable in some regions (notably, Europe). 
However, at the time of writing, they are still 


available from many Asian sources, and from 
some importers in the United States. 


Schematic Symbol 


Six schematic symbols for a photoresistor are 
shown in Figure 20-1. They are functionally 
identical, regardless of whether the single slant- 
ing arrow across the resistor symbol is omitted. 


s x 
yp Aw 
By 


Figure 20-1 All six symbols for a photoresistor are func- 
tionally identical. 
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How It Works 


How It Works 


Cadmium sulfide is a semiconductor. When 
exposed to light, more charge carriers are exci- 
ted into states where they are mobile and can 
participate in conduction. As a result, electrical 
resistance decreases. 





Construction 


A closeup of a photoresistor appears in 
Figure 20-2. The brown material is a layer of 
cadmium sulfide deposited onto a ceramic 
base. The silver material is a conductive com- 
pound evaporated onto the cadmium sulfide to 
form two interlocking electrodes, in a pattern 
that maximizes the length of the boundary 
between each of them and the semiconductor. 
The electrodes connect with leads projecting 
from the back of the component. 





Figure 20-2 Closeup of a photoresistor. Two interlocking 
electrodes are mounted on a brown semiconductor layer. 


Variants 





Figure 20-3 shows a variety of photoresistors, 
illustrating the range of sizes available. Small 
photoresistors may be less than 5mm in diame- 
ter; large ones may be 25mm in diameter. The 
size generally suggests the ability of the com- 
ponent to pass current. 
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Figure 20-3 Photoresistors are available in a wide range 
of sizes. The component in the center is shown at the 
same scale as the others. Generally speaking, larger com- 
ponents are able to conduct higher currents. The back- 
ground grid is in millimeters. 


Photoresistors in Optical Isolators 


An optical isolator, popularly known as an opto- 
coupler, contains an LED opposite to a photore- 
sistor, in a sealed package. This is discussed in 
Volume 2. A Vactrol is a similar component, 
except that the LED is placed opposite to a 
photoresistor. An example is shown in 
Figure 20-4. 





Figure 20-4 A Vactrol, containing an LED opposite to a 
photoresistor. The background grid is in millimeters. 


Vactrol is a brand name owned by its initial 
manufacturer, Vactec. It was developed to con- 
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trol a vacuum tube, hence its name. In the 
1950s, Vactrols were used in guitar amplifiers to 
control tremolo. 


Because of the relatively slow response time of 
a photoresistor, and its sensitivity to tempera- 
ture, optical isolators based on photoresistors 
are not used in digital devices. They still retain 
some utility in audio components and music 
equipment, where the ability of the photoresis- 
tor to pass AC is an advantage and its response 
time is adequate. 


Values 





Datasheets for a few photoresistors can still be 
found from some suppliers, such as Digi-Key, 
but are mostly unobtainable, as major semicon- 
ductor companies have stopped making these 
components. Vendors may quote basic values, 
but in the absence of part numbers or a manu- 
facturer name, a buyer cannot verify the infor- 
mation. 


The resistance range can be determined by 
testing a sample component. A typical range 
would be from 50K in a light intensity of 10 lux, 
up to 1M in darkness. Maximum power dissipa- 
tion is likely to range from 100mW for a small 
photoresistor to 500mW for a large one. 


Maximum voltage may be as high as 200V, but 
photoresistors will work just as well at low vol- 
tages. 


Comparisons with a 
Phototransistor 


Slower response 
A photoresistor typically takes several mil- 
liseconds to respond to bright light, and 
can require more than 1 second to regain 
its dark resistance. A phototransistor is 
much more responsive, and a photodiode 
is faster still. 


Narrower range of resistance 
The maximum resistance of a photoresis- 
tor is almost always significantly lower 


Values 


than the effective maximum resistance of 
a phototransistor in darkness, and the 
minimum resistance is likely to be signifi- 
cantly higher than that of a phototransis- 
tor in bright light. 


Greater current-carrying capacity 
Often a photoresistor is rated for twice as 
much current as the output from a photo- 
transistor. 


Not directional 

Because a photoresistor is not packaged 
with a lens, it is sensitive to incident light 
from anywhere in front of it. If an applica- 
tion requires that light sensitivity should 
be confined within a narrow angle while 
the component is insensitive to incident 
light from other directions, a phototran- 
sistor or photodiode should be used. 


Temperature dependent 
The resistance of a photoresistor varies 
more with temperature than the effective 
resistance of a phototransistor. 


Cost 
At this time, photoresistors are likely to be 
more expensive than phototransistors. 


Lack of information 
Photoresistors are often sold without 
means of checking their specification in a 
datasheet. 


How to Use It 





While the effective resistance of phototransis- 
tors and photodiodes varies with the applied 
voltage, photoresistors present the same resist- 
ance for a particular light intensity regardless of 
the voltage applied. This property has made 
them suitable for use in “stomp box” guitar- 
effects pedals. 


Because the minimum resistance of a photore- 
sistor in bright light tends to be relatively high, 
and because its response time is quite slow, it is 
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What Can Go Wrong 


suitable primarily as an analog component 
rather than as a switch. 


In principle, any resistor in a circuit can be 
replaced by a photoresistor, and its smooth 
response to light variations would make it suit- 
able, for example, as the resistance in an RC 
oscillator circuit, where it would determine the 
charge time of a capacitor. The frequency of the 
circuit would thus become light-dependent. 


Cadmium sulfide photoresistors respond most 
actively to wavelengths of light ranging from 
400nm to 800nm. This is especially important 
where an LED indicator is used as a light 
source, as LEDs often emit an extremely narrow 
range of wavelengths. (See the entry for LED 
indicators in Volume 2.) 


Choosing a Series Resistor 

To convert light intensity into a voltage, a pho- 
toresistor can be connected in series with a reg- 
ular resistor, to form a voltage divider. There are 
two ways to do this, as shown in Figure 20-5. 
On the left side of this figure, light falling on the 
photoresistor will cause the output voltage to 
rise. On the right side, light will cause the out- 
put to drop. 






Output 


Voltage 


Output 
Voltage 





Figure 20-5 Using a photoresistor to create a variable 
voltage. See text for details. 
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If Ruin is the minimum photoresistor value in 
the brightest light that will be used, and Rua is 
the maximum value in the dimmest light that 
will be used, a simple formula can be used to 
find Rs, the optimum value for a series resistor, 
which will provide the widest range of voltage 
values at the center of the voltage divider: 


What Can Go Wrong 


Overload 
Because a datasheet may be unavailable, a 
photoresistor may have to be used on a trial- 
and-error basis. A test-to-destruction approach 
may be necessary to determine the limits of the 
component. 





Excessive Voltage 


Exceeding the maximum rated voltage for a 
photoresistor, even for a short time, can cause 
irreversible damage. Depending on the compo- 
nent, overvoltage can range from 100V to 300V. 


Confusion Among Components 
Because photoresistors often have no part 
numbers printed on them and may be sold in 
miscellaneous assortments, one component 
may be easily confused with another that has 
different characteristics. Where two or more 
photoresistors are used in one device, their 
characteristics should be measured to deter- 
mine whether they are functionally identical. 
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OTHER RELATED COMPONENTS 
« diode (see Volume 1) 


+ photoresistor (see Chapter 20) 


- phototransistor (see Chapter 22) 


What It Does 





Light falling on a photodiode causes it to gen- 
erate a very small current. This is often called 
the photovoltaic effect. The component func- 
tions like a solar panel; in fact, a solar panel can 
be thought of as being an array of very large 
photodiodes. 


Often, a DC power source is used to apply 
reverse bias to a photodiode. This enables the 
component to deliver more current. It is now 
operating in photoconductive mode. 


Schematic Symbols 


Schematic symbols for a photodiode are shown 
in Figure 21-1. Wavy arrows are often (but not 
always) used to indicate infrared light. 


Ps 
1 


Figure 21-1 Symbols representing a photodiode. 
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Applications 

The rapid response of photodiodes makes 
them suitable for use in optical disc drives, tele- 
communications, infrared data transfer, digital 
cameras, and optical switches. Many sensors in 
this Encyclopedia use a photodiode. Proximity 
sensors, optical encoders, and light meters are 
examples. 


How It Works 


When light falls on a semiconductor, it can 
excite an electron to a higher energy state. The 
electron then becomes mobile, and leaves 
behind an electron hole (See the entry discus- 
sing diodes in Volume 1.) 





In photovoltaic mode, incident light creates 
pairs of electrons and electron holes in the 
semiconductor material. The electrons move to 
the cathode of the diode while the holes move 
to the anode, creating voltage between the 
two. Note that this happens to some extent 
even in the absence of visible light, as the pho- 
todiode may respond to infrared radiation. The 
tiny amount of current created without visible 
light is called dark current. 


In photoconductive mode, light falling on the 
photodiode creates pairs of electrons and elec- 
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tron holes in the semiconductor material. These 
will move in opposite directions due to the bias 
voltage, which means a small current flows 
through the diode. 


Photoconductive mode enables a__ faster 
response than photovoltaic mode, because 
reverse-bias voltage makes the depletion layer 
wider, which in turn decreases the capacitance. 
(The same effect is used in capacitance diodes.) 


Simplified circuits showing the component in 
photovoltaic mode and photoconductive mode 
appear in Figure 21-2. 


Photovoltaic mode 


ua 
Output 
2 | Photoconductive mode 
< 
Output 


Figure 21-2 Two modes in which a photodiode may be 
used. In photovoltaic mode, voltage between the two pins 
must be measured. 


Variants 





PIN Photodiodes 


Like PIN diodes, PIN photodiodes incorporate an 
undoped (intrinsic) semiconductor — layer 
between the p- and n-doped layers. They are 
more sensitive and have faster responses than 
regular PN photodiodes. Many of the photodio- 
des available are of the PIN type. 


Avalanche Diodes 

When light enters the undoped region of the 
avalanche photodiode, it triggers the creation 
of electron-hole pairs. When electrons migrate 
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toward the avalanche region of the diode, the 
cumulative field strength increases their veloc- 
ity to the point where collisions with the crystal 
lattice create further electron-hole pairs. 


This behavior causes the avalanche diode to be 
more sensitive than a PIN photodiode. How- 
ever, the sensitivity also makes it vulnerable to 
electrical noise, and it is significantly affected 
by heat. A guard ring is added around the p-n 
junction, and a heat sink is often used. 


Packages 


Many surface-mount and through-hole ver- 
sions are available. A selection is shown in 
Figure 21-3 and Figure 21-4. While a through- 
hole photodiode may look indistinguishable 
from a through-hole 3mm or 5mm LED, ver- 
sions are available without lenses, and some 
are sensitive to incident light coming from the 
side (they are referred to as side-looking or side- 
view variants). 





Figure 21-3 Two sample photodiodes. Left: top-view 
unfiltered Vishay BPW34. Right: Osram BPX43 in metal 
can Suitable for temperatures up to 125 degrees Celsius. 
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Figure 21-4 Two side-looking photodiodes. Left: Vishay 
BPV22NF with lens. Right: Vishay BPW83 without a lens. 
Both have daylight-blocking filters. 


Wavelength Range 


In order for a photon to be detected by the 
photodiode, it must carry enough energy to be 
able to create an electron-hole pair. This energy 
is a property specific to the semiconduct mate- 
rial, and is known as its band gap. Additionally, 
the epoxy packaging of the photodiode may be 
designed to block some wavelengths of light. 
Often, an application will require that the com- 
ponent should only respond to infrared light, 
not visible light. 


Photodiode Arrays 

A photodiode array has several photodiodes 
mounted in a row or in a grid, for imaging or 
measurement applications. A row of photodio- 
des may be used in a flatbed scanner, where it 
is moved relative to the reflective object being 
scanned. 


In some arrays, photodiodes are available with 
color filters preinstalled, to facilitate full-color 
scanning using the transmitted primary colors. 


Output Options 

Because the output from a photodiode must be 
processed to be usable, options exist to convert 
it to a more convenient form, such as a wider 
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range of voltages, a square wave signal where 
the frequency is proportional with light input, 
or a binary value accessible by a microcontrol- 
ler via a serial bus such as |2C. For a discussion 
of sensor outputs see Appendix A. 


Specific Variants 


Light to Frequency 
The Taos TSL235R is a 3-pin, through-hole 
chip. It combines a photodiode with logic 
that creates a square-wave pulse train in 
which frequency is proportional to the 
light intensity. 


Logarithmic Light Meter 

The Sharp GA1A1S202WP light sensor has 
an output voltage that changes logarith- 
mically with the light level. This gives the 
sensor a large dynamic range, from 3 lux 
to 55,000 lux, without requiring a high- 
resolution analog-to-digital converter. 
(Human perception of light and sound 
levels is approximately logarithmic.) This 
is a surface-mount chip, but is available 
on a breakout board from Adafruit. 


Ultraviolet to Analog 

The ML8511 from Lapis Semiconductor 
combines an ultraviolet-sensitive photo- 
diode with an op-amp that provides an 
output voltage from approximately 1V to 
3V, varying with ultraviolet intensity. A 
breakout board containing this surface- 
mount chip is available from Sparkfun 
and many other sources. 


Ultraviolet to Digital 
The SI1145 from SiLabs combines ultra- 
violet sensing with data processing to 
create a UV index, readable from a micro- 
controller with I2C. Adafruit offers it on a 
breakout board. 


Color to Digital 
The Taos TCS3414FN module contains 
photodiodes sensitive to red, green, blue, 
and clear (no filtering). Four 16-bit 
analog-to-digital converters, one for each 
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channel, provide a digital output accessi- 
ble over an I2C bus. This module can be 
used to determine the color of ambient 
light with some accuracy. 


Color to Analog 

The Taos TCS3200 also uses red, green, 
blue, and clear photodiodes but encodes 
the output from each as a square wave in 
which the frequency corresponds with 
the light intensity. The surface-mount 
chip is available on a breakout board from 
Robot Shop, shown in Figure 21-5. 





Figure 21-5 This breakout board from Robot Shop uses 
the Taos TCS3200 chip to analyze the color of incident 
light. 


Values 





Abbreviations found in datasheets are included 
in the list below, with values in parentheses for 
an Osram SFH229FA infrared photodiode, 
which resembles a 3mm through-hole LED. It 
has a peak sensitivity of 880nm and appears 
black to the human eye, being opaque to wave- 
lengths of light shorter than 700nm, the red 
end of the visible spectrum. 


In Figure 21-6 the SFH229FA is shown beside 
the SFH229, which has the same peak sensitiv- 
ity of 880nm but is encapsulated in an untinted 
module, allowing a sensitivity that tapers grad- 
ually to below 400nm, in the green part of the 
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visible spectrum. With the exception of their 
spectral range, the two photodiodes have iden- 
tical specifications. 





Figure 21-6 Osram infrared photodiodes SFH229 (left) 
and SFH229FA (right). The background grid is in millime- 
ters. 


* Typical forward voltage: V_ (1.3V) 
* Typical photocurrent: lp (2OUA) 


+ Maximum power 
(150mW) 


dissipation: Pryor 


The half angle is measured from the 
axis of the photodiode to the angle at 
which the sensitivity has dropped by 
50% (plus or minus 17 degrees) 


Dark current: lp (50pA) 


Wavelength of maximum sensitivity: A; 
max (880nm) 


Response speed is the rise and fall time 
of photocurrent: t, and t; (10ns) 


Infrared photodiodes exist with a variety of 
peak wavelengths. They are designed to func- 
tion in conjunction with an LED that has a 
matching wavelength. 
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The angle of sensitivity depends on the geome- 
try of the package. 


Rise and fall speeds are important for high- 
speed measurement, signaling, or data transfer. 
The rise and fall time of a typical photodiode 
can be 1,000 times faster than that of a photo- 
transistor. See “Values” in Chapter 22 for a com- 
parison. Note also that the dark current of a 
photodiode is much lower than that for a pho- 
totransistor. 


How to Use It 





In photoconductive mode, the photodiode can 
be connected in series with a suitable resistor 
so that a voltage divider is formed, as shown in 
Figure 21-2. The voltage at the output will then 
vary almost linearly with the intensity of the 
light. 


In the photoconductive mode of operation, the 
output signal is generally measured in millivolts 
and microamperes. This signal needs to be 
amplified, usually with an op-amp (described 
in Volume 2). 


Figure 21-7 shows simplified schematics for a 
standard voltage amplifier, in section 1, and a 
transimpedance amplifier, in section 2. 


A transimpedance amplifier measures the cur- 
rent through the photodiode and converts it 
into a voltage, without the need for a voltage 
divider. Advantages include less noise, and no 
need to determine the value of a voltage- 
divider resistor. 


The output voltage of this amplifier is calcula- 
ted by using this simple formula: 


V=R* Ip 


R is the value of the feedback resistor, which 
determines the gain of the amplifier. 


How to Use It 


Voltage amplifier 





Trans-impedance amplifier 2 | 





Figure 21-7 Simplified op-amp circuits for use with pho- 
todiodes. 
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What Can Go Wrong 2. Pass a weak current (e.g., 4mA) in the 

forward direction. If it emits visible or 
Photodiodes can be hard to distinguish from infrared light, it's an LED. (Infrared light 
phototransistors and LEDs, in particular infrared may be visible when using a digital 
ones. They are typically not marked with type camera, or can be detected with a 
numbers. Using a meter may not be helpful, as known phototransistor or photodiode.) 
regular LEDs behave similarly to photodiodes. If the package is clear but cloudy so 


that the die cannot be seen, it is proba- 
bly a white LED in which the cloudiness 
is the fluorescent pigment converting 
blue light into white. 


Decision procedure: 


1. Does the component conduct in either 
direction while shielded from light? If 
so, it is a diode and not a phototransis- 
tor or photodiode. 
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OTHER RELATED COMPONENTS 
+ photodiode (see Chapter 21) 
+ photoresistor (see Chapter 20) 
+ passive infrared sensor (see Chapter 4) 


¢ transistor (see Volume 1) 


What It Does 


A phototransistor is a transistor controlled by 
exposure to light. (Transistors are described in 
Volume 1.) It can be either a bipolar transistor 
or field-effect transistor (FET), and its body is 
often superficially similar in appearance to a 
3mm or 5mm photodiode or LED indicator 
encased in resin or plastic. (LED indicators are 
described in Volume 2.) However, some photo- 
transistors are encased in a metal shell with a 
window in it. 





The window or the plastic body is either trans- 
parent to visible light, or may appear black if 
the component is intended for use only with 
infrared while blocking visible wavelengths. A 
selection of phototransistors is shown in 
Figure 22-1 (left: Optek/TT Electronics OP506A 
with a broad spectral response centered 
around 850nm; center: Vishay TEKT5400S with 
a side-view lens; right: Vishay BPW17N). 


Typically a phototransistor has two leads that 
connect internally with its collector and emitter 
(or source and drain, in the case of an FET). The 
base of the transistor (or the gate of an FET) 
responds to light and controls the flow of cur- 
rent between the leads. 


’ a 





Figure 22-1 A variety of phototransistors. The back- 
ground grid is in millimeters. See text for details. 


In the absence of light, a bipolar phototransis- 
tor permits leakage between collector and 
emitter of 100nA or less. When exposed to 
light, it conducts up to 50mA. This alone differ- 
entiates it from a photodiode, which cannot 
pass much current. 


Schematic Symbols 

Symbols for a phototransistor are shown in 
Figure 22-2. They are functionally identical, 
with the exception of type C, where an addi- 
tional connection to the base is included. Often 
(but not always), wavy arrows indicate infrared 
light. 
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Figure 22-2 Schematic symbols for a phototransistor. 


Applications 
A phototransistor may be used for light meas- 
urement or as a light-sensitive switch. 


Often the output from a phototransistor is used 
in conjunction with a microcontroller containing 
an analog-to-digital converter. 


Where a clean on-or-off signal is required, a 
phototransistor can drive the input of a logic 
chip that contains a Schmitt trigger, or it can be 
processed by a comparator. 


An optocoupler or solid-state relay (described 
in Volume 1) usually contains a phototransistor 
that is activated by an internal LED. Its purpose 
is to switch current while electrically isolating 
one section of a circuit from another. 


How It Works 


Like a photodiode, the phototransistor 
responds to light when the light generates 
electron-hole pairs in the semiconductor mate- 
rial. For a bipolar NPN phototransistor (the most 
common variant), the important region for pair 
generation is the reverse-biased collector-base 
interface. Photocurrent generated here acts as 
current injected into the base of an ordinary 
transistor, and permits a larger current to pass 
from the collector to the emitter. 





The behavior of a phototransistor can be visual- 
ized as being similar to a photodiode control- 
ling an ordinary bipolar transistor, as shown in 
Figure 22-3. 
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Figure 22-3 A phototransistor is functionally similar to a 
photodiode controlling an ordinary transistor. 


Variants 


While surface-mount variants are very widely 
available, through-hole packaging also remains 
common. When encapsulated like an LED indi- 
cator, a phototransistor gathers light from a rel- 
atively narrow angle. Variants with a flat surface 
are sensitive to light from almost any direction 
in front of the component. 


Optional Base Connection 


The base of a phototransistor is usually not 
accessible. However, some variants provide a 
base connection (or gate connection, in an FET) 
in addition to the collector and emitter (or the 
source and drain, in an FET). This third connec- 
tion allows the application of a bias current, 
which can prevent low light levels from trigger- 
ing the transistor. 


Photodarlington 

A photodarlington is a pair of bipolar transis- 
tors, the first being sensitive to light while the 
second acts as an amplifier for the first. This 
configuration is very similar to that of a Darling- 
ton transistor (described in Volume 1). The two- 
stage design makes it more sensitive to light 
than a regular phototransistor, but makes the 
response slower and less linear. 


PhotoFET 


A field-effect phototransistor is sometimes 
identified as a photoFET. They are relatively 
uncommon as separate components, but are 
used in optocouplers, because they have some 
interesting properties: 
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* Provided the applied voltage is low 
enough (less than 0.1V) the photoFET 
works as a controllable resistance—in 
contrast to bipolar transistors, where 
the current is controlled, and is rela- 
tively independent of the applied volt- 
age. 


The FET transistor is symmetrical, func- 
tioning similarly for signals of either 
polarity. This makes an FET optocou- 
pler suitable for AC signals. 


Values 





Abbreviations found in datasheets are included 
in the list below, with values in parentheses for 
an Osram SFH300FA infrared photodiode, 
which resembles a 5mm through-hole LED. It 
has a peak sensitivity of 880nm and appears 
black to the human eye, being opaque to wave- 
lengths of light shorter than 700nm, the red 
end of the visible spectrum. 


In Figure 22-4 the SFH300FA is shown beside 
the SFH300, which has the same peak sensitiv- 
ity of 880nm but is encapsulated in an untinted 
module, allowing a sensitivity that tapers grad- 
ually to 450nm, in the green part of the visible 
spectrum. With the exception of their spectral 
range, the two phototransistors have identical 
specifications. 





Figure 22-4 Osram infrared phototransistors SFH300 
(left) and SFH300FA (right). The background grid is in 
millimeters. 


Values 


Maximum _ collector-emitter 
Vee (35V) 


voltage: 


Maximum collector current: lc (50mA) 


Maximum power 
(200mW) 


dissipation: Pro 


The half angle is measured from the 
axis of the photodiode to the angle at 
which sensitivity has dropped by 50% 
(plus or minus 25 degrees) 


The angle of sensitivity depends on the geome- 
try of the package. For phototransistors that 
resemble an LED indicator, with a rounded end 
that acts as a lens, typical values are plus-or- 
minus 20 degrees. 


* Dark current (when the phototransistor 
receives no incident light): Iceg (1NA) 


+ Wavelength of maximum sensitivity: As 
max (880nm) 


Infrared phototransistors exist with a variety of 
peak wavelengths. They are designed to func- 
tion in conjunction with an LED that has a 
matching wavelength. 


« Response speed is the rise and fall time 
of photocurrent: t, and t; (10 us) 


Behavior Compared to Other Light 
Sensors 

An extended list of comparisons between a 
photoresistor and a phototransistor will be 
found in the entry on photoresistors. See 
“Comparisons with a Phototransistor”. 


A photodiode has a close-to-linear electrical 
response over a much wider range of intensi- 
ties of light than a phototransistor. Conse- 
quently, photodiodes tend to be the 
component of choice in applications where 
measurement of light must be wide-ranging 
and precise. 


Photodiodes can pass less current than a pho- 
totransistor, but also tend to draw less current, 
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making them appropriate in battery-powered 
devices that must draw as little current as possi- 
ble. 


Rise and fall speeds are important for high- 
speed measurement, signaling, or data transfer. 
The rise and fall time of a typical phototransis- 
tor can be 1,000 times slower than that of a 
photodiode. See “Values” in Chapter 21 for a 
comparison. Note also that the dark current of a 
phototransistor is much higher than that for a 
photodiode. 


The ability of a phototransistor to sink 20mA to 
50mA at its output is useful where it will be 
connected to a component that has relatively 
low impedance. For instance, a phototransistor 
can drive a piezoelectric audio transducer 
directly, or an LED indicator. 


Unlike a photodiode, a phototransistor is a 
solid-state switch. Its saturation voltage (listed 
in datasheets as Vcec¢at) as described above) is 
the voltage drop between collector and emit- 
ter, and seldom exceeds 0.5V. 


Binning 

Small variations that occur during the fabrica- 
tion process can cause inconsistency in the per- 
formance of phototransistors that share the 
same part number. To provide a more consis- 
tent response, manufacturers use binning, 
meaning that units sharing the same bin num- 
ber are likely to share a tighter tolerance. (The 
same concept is used to minimize variations in 
LED area lighting, described in Volume 1.) 


Datasheets will provide information on the 
availability and meaning of bin numbers, if 
available. 


Bins with higher photocurrents typically have 
longer response times. 


How to Use It 





Most phototransistors are bipolar devices with 
an open collector output. That is, the collector of 
the transistor is accessible from one of the two 
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leads, making it “open” to being used. See 
Figure A-4 for general instructions on using an 
open-collector output. A summary relating to 
phototransistors is included here. 


The schematic in Figure 22-5 shows the basic 
concept. The resistor is referred to as a pullup 
resistor. When the phototransistor is receiving 
very little light, its effective resistance is high. 
Consequently almost all the current flowing 
through the pullup resistor will go to any 
device attached to the output, and the output 
voltage will seem to be “high.” 





% Output 
‘@ 
No light, Bright light, 
high output. low output. 


Figure 22-5 How an open-collector output works. 


If the phototransistor is exposed to a significant 
light source, the effective resistance between 
the collector and emitter drops dramatically, 
and the phototransistor will sink current to 
ground. Consequently, the output will seem to 
be “low.” 


The pullup resistor is necessary between the 
power source and the collector pin to protect 
the phototransistor from sinking excessive cur- 
rent when it is exposed to light. The ideal value 
of the resistor will depend partly on the impe- 
dance of any device attached to the output. 


In this scenario, exposure to light causes low 
output whereas darkness causes high output. 
What if we wish to have it the other way 
around? 
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The protective resistor can be moved to the 
emitter pin, where it becomes a pulldown resis- 
tor. It will still protect the phototransistor from 
passing excessive current, so long as the output 
is connected to a high impedance. The output 
is taken from the emitter pin, and will transition 
from low to high when the component is 
exposed to light. This is illustrated in 
Figure 22-6. 





No light, 
low output. 


Bright light, 
high output. 


Figure 22-6 Moving the resistor and taking an output 
from the emitter pin inverts the behavior of a phototran- 
sistor. Any device attached to the output must have a rela- 
tively high impedance to protect the phototransistor from 
excessive current. 


Output Calculation 

Using an open-collector output, the photocur- 
rent is almost independent of the applied volt- 
age Vcg, provided that the voltage is higher 
than the saturation voltage Vcesar, which is 
typically between 0.4V and 0.5V. 


If the pullup resistor has value R, the voltage 
across it is 
U=R * Ip 


where lp is the photocurrent passed by the pho- 
totransistor. 


When choosing R, one should consider the 
range of currents expected in the light condi- 


What Can Go Wrong 


tions that will be measured, and the voltage 
range suitable for the next stage of the circuit. 
10K is a reasonable starting point (e.g., when 
measuring light intensity with a microcontrol- 
ler’s analog input). The resistor value can be 
reduced from there, if necessary. 


The value of the pullup resistor must also be 
chosen to restrict current within the limits 
specified by the phototransistor datasheet. A 
value for the resistor guaranteed to be safe is 


R=V / I~MAX~ 


where V is the supply voltage and Iyax is the 
maximum allowed current. With this value, the 
resistor limits the current to the highest 
allowed value, even if the phototransistor is 
brightly illuminated and assumed to conduct 
perfectly. 


When V = 5V and Imax = 15mA, R should be at 
least 330 ohms. 


What Can Go Wrong 


Visual Classification Errors 


Phototransistors can be visually similar to LEDs 
and photodiodes. They are easily confused, as 
neither type of component is usually marked 
with any identification number. The entry for 
photodiodes describes a system for distin- 
guishing the three types of components. See 
“What Can Go Wrong” in Chapter 21. 





Output Out of Range 


The output voltage from a phototransistor will 
depend on the intensity of incident light, the 
value of any pullup resistor that is used, and the 
supply voltage. While a circuit is being devel- 
oped, the light range may seem predictable, 
but in actual use the output range may not fall 
within expectations. 
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PTC thermistors, in which the resistance increases as the temperature increases, have 


a separate entry. See Chapter 24. 


A resistance temperature detector or RTD has a resistance that increases as its tempera- 
ture increases, but it is not usually classified as a thermistor, because its sensing ele- 
ment is fabricated differently. Its entry will be found at Chapter 26. 


Semiconductor temperature sensors and thermocouples each have their own 


entries. 


Infrared temperature sensors and passive infrared motion sensors have their own 
entries. They are noncontact temperature sensors that respond to infrared radiation. 


OTHER RELATED COMPONENTS 
+ PTC thermistor (see Chapter 24) 


+ infrared temperature sensor (see Chapter 28) 


+ passive infrared motion sensor (see Chapter 4) 


+ semiconductor temperature sensor (see Chapter 27) 


+ thermocouple (see Chapter 25) 


+ RTD (resistance temperature detector) (see Chapter 26) 


What It Does 


An NTC thermistor is the most common type of 
discrete-component temperature sensor, and is 
usually the most affordable. Its resistance 
diminishes as its temperature increases. This 
behavior is referred to as a negative temperature 
coefficient, which is the source of the acronym 
NTC. 





This is a simple, passive component that is not 
polarized. It requires no separate power supply, 
but an external device must pass a small AC or 
DC current through it to determine its resist- 
ance. This is known as an excitation current. 


Schematic Symbols 

Schematic symbols for a thermistor are shown 
in Figure 23-1. Those in the top row may still be 
found in the United States, but are being 
replaced by the European variants in the sec- 
ond row. The addition of -t° to the symbol indi- 
cates an NTC type of thermistor, while +t° 
indicates that it is the PTC type, with a positive 
coefficient (see Chapter 24). If no indication is 
shown, the thermistor is likely to be the NTC 
type. 
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Figure 23-1 Schematic symbols representing a thermis- 
tor. Letter t preceded by a plus or minus sign indicates 
whether the thermistor is the PTC or NTC type, respec- 
tively. 


Applications 

Thermistors monitor temperature in air- 
conditioning systems, clothes washers, refriger- 
ators, pool and spa controls, dishwashers, 
toasters, and other domestic devices. They are 
used in laser printers, 3D printers, industrial 
process controls, and medical equipment. 


As many as 20 thermistors may be found in a 
modern automobile, measuring temperature in 
locations ranging from the transmission to the 
ambient air in the passenger compartment. 


Comparison of Temperature Sen- 
sors 


In this Encyclopedia, contact temperature sensors, 
which measure temperature by making contact 


with the source, are divided into five main cate- 
gories, each of which has a separate entry. For 
convenience, these categories are listed in a com- 
parative summary at the end of this entry. See 
“Addendum: Comparison of Temperature Sen- 
sors”. 


How an NTC Thermistor 
Works 


Although the term thermistor suggests that it is 
a thermally sensitive resistor, in fact an NTC 
thermistor is a semiconductor. 





Some metal oxides, such as ferric oxide or 
nickel oxide, become n-type semiconductors 
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when they are treated with dopants. The exact 
mix is a proprietary secret of each manufac- 
turer. Raising the temperature of this kind of 
material increases the number of charge carri- 
ers in it, promoting electron mobility and thus 
lowering its effective resistance. 


To create a thermistor, the metal oxide mix is 
heated until it melts and turns into a ceramic. 
Typically a thin sheet is cut into small pieces for 
individual sensors. After two leads are connec- 
ted, the assembly is dipped into epoxy or 
encapsulated in glass. The most common pack- 
ages consist of a glass bead, surface-mount 
chip, or ceramic disc. 


Figure 23-2 shows three NTC thermistors. At left 
is a Murata NXFT15XH103FA2B100 approxi- 
mately 1mm in diameter, with a reference 
resistance of 10K and a tolerance of plus-or- 
minus 1%. At center is a Vishay NTCA- 


LUGO3A103GC rated 10K at 2%, fitted with a 
mini-lug. At right is a TDK B57164K153K rated 
15K and 3%. 





Figure 23-2 Sample NTC thermistors. See text for 
details. The background grid is in millimeters. 
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Output Conversion for Tempera- 
ture Sensing 

Ideally, the electrical behavior of a temperature 
sensor should be a linear function of tempera- 
ture. Thermistors fail in this respect, as their 
resistance is an approximately inverse expo- 
nential function. This is illustrated in 
Figure 23-3, where the measured resistance of a 
thermistor rated for 5K at 25 degrees is plotted 
against temperatures from 0 degrees to 120 
degrees Celsius. 


+ In many datasheets, graphs of this kind 
may appear flatter because they are 
customarily plotted against a vertical 
logarithmic scale. 





15K 
Measured resistance of an NTC thermistor 
rated for 5K at 25 degrees Celsius 

10K 
wo 
= 
= 
° 

5K 
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Temperature (degrees Celsius) 


Figure 23-3 Resistance of a thermistor from O to 120 
degrees Celsius. 


To monitor the resistance of a thermistor, it can 
be placed in a simple voltage divider as shown 
in Figure 23-4, where the fluctuating resistance 
of the component creates a fluctuating voltage 
at point A. 


+ The voltage can be used as an input to 
a microcontroller that contains an 
analog-to-digital converter. Alterna- 
tively it can be connected directly to a 
solid-state relay, or amplified with an 
op-amp, or can be passed through a 


How an NTC Thermistor Works 


comparator to create an adjustable 
switching threshold. 


Although this circuit is a voltage divider, it is 
also known as a half bridge, as it is half of a 
Wheatstone bridge. 





Figure 23-4 A half-bridge circuit for determining the 
resistance of a thermistor. 


If Vcc is the supply voltage, V7 is the measured 
voltage at point A, Ry is the resistance of the 
thermistor, and Rx is the constant value of the 
series resistor, the basic formula for a voltage 
divider looks like this: 


Vr = Vcc * ( Rr / (C Rp + Rk) ) 


By transposing terms, a formula can be derived 
to obtain a value for R; from the measured volt- 
age and the value of Rx: 


Rp = (RK * Vr) / OC Vec - Vr) 


Choosing a Series Resistor 

The value for Ry in the formula should be 
chosen to provide a reasonably wide response 
over the range of temperatures for which the 
thermistor is likely to be used. To calculate Ry, 
another formula must be applied. If Ryyjy is the 
resistance of the thermistor at the lowest likely 
temperature, and Ryay is its resistance at the 
highest likely temperature: 
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(This is the same formula as suggested in 
Figure 20-5 to find the value of a series resistor 
for use with a photoresistor.) 


Wheatstone Bridge Circuit 

The half-bridge circuit has the disadvantage 
that it does not compensate for nonlinearity of 
a thermistor. Voltage values will change rapidly 
at the low end of the temperature range, but 
will change more slowly at the high end, requir- 
ing an analog-to-digital converter with a high 
degree of accuracy to distinguish one voltage 
value from the next. 


A full Wheatstone bridge circuit has a nonlinear 
output that compensates, somewhat, for the 
inverse nonlinearity of the thermistor. Referring 
to the circuit shown in Figure 23-5, the three 
resistors Rx are chosen using the formula 
above. 





; Comparator 


or op-amp 


Figure 23-5 A thermistor may be placed in a full Wheat- 
stone bridge circuit. Outputs A and B are often connected 
with the two inputs of an op-amp or comparator. 


A standard formula provides the relationship 
between R;, the resistance of the thermocou- 
ple; Vcc, the supply voltage; Rx, the fixed resis- 
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tances; and Vag, the output voltage measured 
between points A and B: 


Vag = (Vcc / 2) * (Rr - Rx) / (Rr + Rx) 


From this formula, a version can be derived to 
calculate R; by measuring the output voltage, 
Va: 


Rr = Rx * (Vcc + (2*Vap)) / (Vcc - (2*VaB)) 


* The polarity of Vag is reversible, 
depending on whether R; is greater or 
less than Ry. To accommodate this, A 
and B can be connected to the two 
inputs of a comparator or op-amp. 


Deriving the Temperature Value 
After the resistance of the thermistor has been 
calculated, it can be converted to a tempera- 
ture value. The datasheet for a thermistor will 
usually provide a table showing temperature 
values tabulated against resistance values, so 
that a lookup table can be created in a micro- 
controller program. 


Alternatively, a datasheet usually includes con- 
stants that can be inserted in a resistance-to- 
temperature conversion equation, but this is 
nontrivial and requires natural logarithms, 
which may not be available in a language 
implemented on a particular microcontroller. 


Inrush Current Limiter 





NTC thermistors with appropriate characteris- 
tics can be used to limit the inrush of current 
that tends to occur when a circuit is switched 
on and large capacitors in the power supply 
charge very quickly. 


An inrush current limiter is also known as a surge 
limiter, or may be referred to by its acronym, 
ICL. It is an NTC thermistor whose initial resist- 
ance diminishes rapidly as its temperature 
increases. 


While NTC thermistors are the type most often 
used for inrush limiting, PTC thermistors can 
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serve this purpose if wired differently. See “PTC 
Inrush Current Limiting”. The remainder of this 
discussion refers only to NTC current limiters. 


A suitable NTC thermistor can be placed as 
shown in the simplified schematic in 
Figure 23-6, where a rectified AC source is con- 
nected with a DC-to-DC converter, and a large 
smoothing capacitor is used. Initially the ther- 
mistor has resistance that is sufficient to limit 
current and generate heat. But the rise in tem- 
perature causes the resistance of the thermistor 
to fall. Eventually it reaches a steady state 
where it remains sufficiently warm to maintain 
a low resistance that imposes a negligible load 
on the circuit. 


DC-DC 
converter 


Figure 23-6 Placement of an NTC thermistor that is 
designed for inrush current limiting. 






YY) 





In thermistors that are used for temperature 
measurement, self-heating is an undesirable 
attribute. By contrast, an inrush current limiter 
depends on self-heating to perform its func- 
tion. 


The TDK B57237S509M inrush limiter, shown in 
Figure 23-7, is rated for 5A and has an initial 
resistance of 5 ohms at 25 degrees Celsius 
while not passing current. When tested with a 
2,800UF capacitor at 110VAC, its resistance 
drops to a minimum of 0.125 ohms at 5A. The 
relationship between current and resistance is 
shown in Figure 23-8. 


Inrush Current Limiter 





Figure 23-7 A TDK B57237S509M NTC thermistor 
designed as an inrush current limiter, rated 5 ohms at 5 
amps. The background grid is in millimeters. 
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Figure 23-8 This graph shows the relationship between 
resistance and current in a TDK B57237S509M inrush lim- 
iter. 


Restart 


If a protected device is switched off momentar- 
ily and is then switched on again, the thermis- 
tor cannot provide protection, as it has not had 
time to cool down and regain its resistance. 
However, during the 30 seconds to 2 minutes 
required for heat in the thermistor to dissipate, 
smoothing capacitors are unlikely to lose much 
of their charge. Therefore, if the device is restar- 
ted, an inrush of current should not occur. 
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Thermistor Values 





Datasheets for thermistors may be more com- 
plex and cryptic than for many components. 


When examining a datasheet, first check to see 
if the thermistor is described as being suitable 
for temperature measurement or inrush current 
limiting. A component designed for tempera- 
ture measurement will not survive inrush cur- 
rent, while one designed for inrush current 
limiting will have a very low resistance making 
it unsuitable for temperature measurement. 


Time and Temperature 

In most datasheets, lowercase letter t is used for 
values relating to time, whereas an uppercase T 
is used for values relating to temperature. 
Unfortunately, T may also be used as an abbre- 
viation for “thermistor.” 


Resistance and Response 

Letter R often means resistance, but may indi- 
cate response time, depending on the context 
in which it is used. For example, R; is the resist- 
ance of a thermistor, and tp is a response time. 


Kilohms and Kelvin 

Letter K may be used to represent temperature 
in degrees Kelvin, 0 degrees on the Celsius 
scale being approximately 273 degrees Kelvin. 
However, letter K is also used to represent thou- 
sands of ohms, sometimes in the same data- 
sheet. In both instances, K is capitalized. 


Reference Temperature 

This is the temperature at which many 
attributes of the component are measured, 
such as its temperature coefficient and resist- 
ance. Usually the reference temperature is 25 
degrees Celsius, but in some cases it may be 0 
degrees, and other values are occasionally 
used. The term is abbreviated Tper. 


Reference Resistance 


The reference resistance for a thermistor (some- 
times described as its nominal resistance) may 
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be referred to as Rp, and is the resistance at the 
reference temperature. It may be referred to as 
the “R value,” but in thumbnail product descrip- 
tions it can be cited simply as “Resistance.” 


In datasheets, R25 or R25 is the resistance at 25 
degrees Celsius. If this is the reference tempera- 
ture, Rp and Ros will be the same. 


Dissipation Constant 


DC is the power dissipation constant, a ratio nor- 
mally expressed as milliwatts per degree Cel- 
sius (written as mW/°C). This is a measurement 
of how much thermal power the thermistor can 
transfer to the environment for a 1 degree 
increase in temperature. 


Temperature Coefficient 


TC may be used as an acronym for the tempera- 
ture coefficient, which represents the sensitivity 
of the thermistor. (Sometimes TCR is used 
instead of TC, the letter R denoting resistance. 
The two acronyms both mean the same thing.) 
The value is the percentage change in resist- 
ance for each change in temperature of 1 
degree Celsius. Thus, if the resistance of a ther- 
mistor drops from 800 ohms to 768 ohms when 
the temperature increases from 28 to 29 
degrees Celsius, TC = -4%. For NTC thermistors, 
which have a resistance that decreases when 
temperature increases, the temperature coeffi- 
cient is negative. However, the minus sign may 
be omitted. 


The coefficient may be expressed in parts per 
million (abbreviated ppm) instead of as a per- 
centage. To convert parts per million to a per- 
centage, divide by 10,000. Thus, a figure of 
50,000ppm is equivalent to 5%. 


Thermal Time Constant 


Unfortunately TC is also used to represent the 
thermal time constant. If Tp is the temperature 
difference between the thermistor’s initial tem- 
perature and a new, higher ambient tempera- 
ture in which it finds itself, TC is the time it takes 
for the thermistor to add 63.2% of Tp to its cur- 
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rent temperature. TC is expressed in seconds, 
and is defined without power being applied to 
the thermistor. A low thermal time constant is 
characteristic of a physically small thermistor 
that acquires heat rapidly. (TC is very similar to 
the concept of a time constant for a capacitor 
acquiring charge. See the entry on capacitors 
in Volume 1.) 


Tolerance 

The tolerance of a thermistor is a measure of its 
accuracy, usually at 25 degrees Celsius, unless a 
range of temperatures is stated. A thermistor 
rated for 5K, with a tolerance of plus-or-minus 
1% at 25 degrees, may be found to have an 
actual resistance ranging from 4,950 to 5,050 
ohms at that temperature. Some thermistors 
have a tolerance of plus-or-minus 20%. A toler- 
ance better than plus-or-minus 1% is relatively 
rare, 


Temperature Range 

The working temperature range of any thermis- 
tor that uses silicon dioxide is usually between 
about -50 and +150 degrees Celsius (slightly 
wider for versions encapsulated in glass, and 
slightly narrower if accuracy is important). 


Switching Current 

For a thermistor with a nonlinear response, the 
switching current is the approximate current 
that forces a sharp transition in resistance. It is 
represented by Is. 


Power Limitations 

Operating current is the maximum current rec- 
ommended to avoid self-heating. The power 
rating is the maximum allowed power (usually 
100mW to 200mW). 


Interchangeability 

To measure temperature reliably, two thermis- 
tors of the same type, from the same manufac- 
turer, should display the same characteristics. 
This is known as interchangeability. A value of 
plus-or-minus 0.2 degrees Celsius is common 


What Can Go Wrong 


for a modern thermistor, but is not often men- 
tioned in a datasheet. 


What Can Go Wrong 
Self-Heating 


Self-heating can affect the accuracy of an NTC 
thermistor that is used for temperature meas- 
urement. To get accurate temperature readings, 
keep the current as small as possible. When the 
resistance of a thermistor is at the high end of 
its range, brief pulses of current can be used. 





Heat Dissipation 

Where a thermistor is used for inrush current 
limiting, it will create some heat during the 
whole time that a device is switched on. If 
insufficient air space is allowed between the 
thermistor and other components, they may be 
affected. 


Lack of Heat 


An NTC thermistor will sometimes fail as an 
inrush current limiter. In very cold climates, it 
may never become warm enough for its resist- 
ance to drop to an acceptable level. Conversely, 
in a very hot location (such as close proximity 
to a hot-water pump) it may not get cool 
enough to provide adequate initial protection. 


Addendum: Comparison of 
Temperature Sensors 





A chart illustrating the five main types of con- 
tact sensors, and their variants, is shown in 
Figure 23-9. 
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Addendum: Comparison of Temperature Sensors 


Contact temperature sensor 
NTC thermistor 


PTC 
thermistor 




















Inrush 
limiter 





Thermocouple 
Thermopile 





Temperature 
measurement 














Temperature 
measurement 
(silistor} 








Nonlinear 













Inrush 
limiter 






Overtemp 


Overcurrent 
limiter limiter 
Figure 23-9 Five types of contact temperature sensors 
(green boxes) and the variants (red). 


NTC Thermistor 


The electrical resistance of an NTC thermistor 
diminishes as its temperature increases. Thus, it 
has a negative temperature coefficient, which is 
the source of the acronym NTC. 


An NTC thermistor is traditionally used where 
low cost and simplicity are desirable and a rela- 
tively limited temperature range is acceptable 
(often -50 to +150 degrees Celsius). It has the 
advantage of familiarity, having existed in its 
present form for many decades. It remains the 
lowest-cost option among the various types of 
temperature sensors, and can be connected 
directly with an external device such as a solid- 
state relay, in which case no microcontroller is 
necessary. 


PTC Thermistor 

The sensing element for a positive-coefficient 
thermistor is a polycrystalline compound that 
increases in resistance very rapidly above a 
threshold temperature. This makes it suitable 
for blocking a high current to prevent circuit 
overload. 
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A silicon temperature sensor, sometimes called a 
silistor, can be considered as a PTC thermistor, 
in that it is a resistive component with a posi- 
tive temperature coefficient. Its sensing ele- 
ment is etched into silicon. 


PTC thermistors are passive, nonpolarized com- 
ponents with two leads or solder pads. For 
more information about them, see Chapter 24. 


Thermocouple 


This sensor consists of two wires made from dif- 
ferent metals, joined at one end. The differing 
thermoelectric properties of the wires creates a 
very small voltage between their free ends. 
Thermocouples have the widest range of any 
contact sensor. They are simple, robust, and 
free from self-heating effects, as they consume 
no power. Their response is rapid, but very non- 
linear, and their sensitivity is limited. They are 
used in industry and in laboratories, often plug- 
ged into a panel meter that combines a digital 
temperature display with hardware to decode 
the signal from the type of thermocouple being 
used. 


For more information about thermocuples, see 
Chapter 25. 


Resistance Temperature Detector 
Often known by its acronym RTD, and some- 
times referred to as a Resistive Temperature 
Device, it commonly uses a sensing element 
fabricated from pure platinum, nickel, or cop- 
per. The element may consist of wire wound 
around a core, or a very thin film deposited on 
an insulating substrate. 


An RTD has a positive temperature coefficient, 
as its resistance increases while its temperature 
increases. It is very accurate and stable, provid- 
ing an almost linear output, especially near the 
center of its range. However, its sensitivity is 
often one-tenth of that of an NTC thermistor. 


Like a thermistor or a thermocouple, an RTD is a 
passive device, able to operate at a wide range 
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of voltages and requiring no power supply. It is 
nonpolarized, with two leads or solder pads. 


For more information about resistance temper- 
ature detectors, see Chapter 26. 


Semiconductor Temperature Sen- 
sor 

This is a chip-based sensor that requires no 
additional components to linearize its output, 
as linearization is performed in the chip. 


The temperature range is similar to that of an 
NTC thermistor, but the output is a variable 
voltage with a positive temperature coefficient 
of about 20mV per degree Celsius, supplied by 
a built-in op-amp. Response time is 4 to 60 sec- 
onds. 


This type of sensor requires a power supply, 
typically of 5VDC or less. It does not have to be 
calibrated before use, as it is trimmed during 
the production process to achieve accuracy 
that can be better than that of a thermistor. 
Manufacturers may claim plus-or-minus 0.15 
degrees over the whole temperature range, 
which is usually -50 degrees Celsius to +150 
degrees, but may be less for variants in which 
accuracy is more important. 


Addendum: Comparison of Temperature Sensors 


The linear analog output is very convenient for 
use with a microntroller that has an analog-to- 
digital converter, and the relatively low cost 
makes this type of sensor increasingly competi- 
tive with thermistors. 


An analog-to-digital converter may be included 
on the sensor chip, in which case it is often 
described as a digital temperature sensor or digi- 
tal thermometer, with an output in degrees Cel- 
sius (or, sometimes, Fahrenheit) accessible via 
I2C or SPI bus. For additional details about pro- 
tocols such as I2C and SPI, see Appendix A. 


A digital thermostat or thermostatic switch is a 
semiconductor temperature sensor with a 
binary output that transitions from logic-high 
to logic-low (or vice-versa) if the temperature 
goes above a maximum or below a minimum 
level. The level can be programmed into the 
chip. 


Semiconductor temperature sensors are identi- 
fied with a variety of other names. For more 
information, see Chapter 27. 
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A silistor, or silicon-based thermistor, is included in this entry as a form of PTC thermis- 


tor. 


A resettable fuse is not quite the same as a PTC thermistor. For more information, see 


the entry on fuses in Volume 1. 


NTC thermistors, in which the resistance decreases as the temperature increases, 


have a separate entry. See Chapter 23. 


A resistance temperature detector or RTD has a resistance that increases as its tempera- 
ture increases, but it is not usually classified as a thermistor, because its sensing ele- 
ment is fabricated differently. Its entry will be found at Chapter 26. 


Infrared temperature sensors, semiconductor temperature sensors, and thermo- 


couples each have their own entries. 
OTHER RELATED COMPONENTS 


+ infrared temperature sensor (see Chapter 28) 
+ semiconductor temperature sensor (see Chapter 27) 
+ thermocouple (see Chapter 25) 


- NTC thermistor (see Chapter 23) 


« RTD (resistance temperature detector) (see Chapter 26) 


What It Does 


The electrical resistance of a PTC thermistor 
increases as its temperature increases. Variants 
can measure temperature or can protect cir- 
cuits by detecting excessive heat or current. 





Because a PTC thermistor is a resistive sensor, it 
has no polarity. Current may flow through it in 
either direction, or AC may be used. 


Schematic Symbols 

The schematic symbol for a PTC thermistor is 
very similar to the symbol for an NTC thermis- 
tor. See Figure 23-1. 


Comparison of Temperature Sen- 


sors 





In this Encyclopedia, contact temperature sensors 
are divided into five main categories, each of 
which has a separate entry. For convenience, a 
comparative summary is included in the entry for 
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PTC Overview 


NTC thermistors. See “Addendum: Comparison of 
Temperature Sensors”. Also see Figure 23-9. 





PTC Overview 


PTC thermistors can be subdivided into two 
groups: 


- Linear, with a chip-sized silicon-based sensing 
element. They are sometimes referred to as sili- 
stors. The component has a very linear response 
and is used for temperature measurement. It 
may be connected directly to a microcontroller. 


- Nonlinear, mostly using a sensing element 
containing barium titanate in a polycrystalline 
compound that increases in resistance very 
sharply above a threshold temperature. This 
type of sensor may be described as a switching 
thermistor, because its nonlinear output can 
activate a switching device. 


The sensing elements in positive-coefficient 
thermistors are different in principle from the 
element in an NTC thermistor. 


Nonlinear thermistors are used in two different 
ways: 


Externally heated 
The thermistor responds to ambient heat 
or to the temperature of a device to 
which it is attached. It can be used to pro- 
tect a circuit or a motor from overheating. 
Current through the thermistor is mini- 
mized to avoid self-heating. 


Internally heated 

The thermistor responds to its own tem- 
perature caused by current passing 
through it. It can activate a warning signal 
or shut down equipment in the event of a 
short circuit. It can also control current for 
starting a motor or a fluorescent tube, 
and is sometimes used as a source to cre- 
ate localized heat. 
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Silistor for Temperature 
Measurement 





A. silicon-based PTC thermistor, sometimes 


known as a silistor, provides a highly desirable, 
almost linear relationship between tempera- 
ture and resistance. A popular example is the 
KTY81 series from NXP, a sample of which is 
shown in Figure 24-1. 





Figure 24-1 A KTY81 thermistor from NXP. The back- 
ground grid is in millimeters. Note the amputated center 
lead. 


The response of this thermistor is shown in 
Figure 24-2. 


g 2K Resistance of a KTY81 series 
PTC thermistor 





-50 0 50 100 150 
Temperature (degrees Celsius) 


Figure 24-2 Resistance of the KTY81 thermistor in 
response to temperature. 
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Note that this graph is plotted with a linear ver- 
tical scale, unlike the performance curves for 
many thermistors that are plotted with a log 
scale. The log scale tends to make a response 
curve look flatter. 


The sensor is a silicon chip designed on the 
“spreading resistance principle,’ in which cur- 
rent fans out from a metal contact through a 
thin layer of silicon to a metallized bottom 
plane. This effect progresses less actively as the 
temperature increases. Although the result is 
partly dependent on polarity, a second metal 
contact is biased in the opposite direction, and 
when the two active regions of the chip are 
wired in series, the result is a component that 
has no polarity. 


+ The almost-linear output of this type of 
sensor makes it easy to use with a 
microcontroller that has a built in 
analog-to-digital converter. 


Tolerance ranges from plus-or-minus 1% to 5%, 
depending on the temperature. Variants have a 
typical reference resistance of 1K or 2K. The 
temperature coefficient is commonly about 1%, 
which is considerably lower than that of a typi- 
cal NTC thermistor, where 4% is common. 


+ Guidance on reading thermistor data- 
sheets will be found in the entry 
describing NTC thermistors. See “Ther- 
mistor Values”. 


For correct operation, a typical silistor requires 
a current ranging from around 0.1mA to 1mA. 


* The lower sensitivity and _ slightly 
higher price of a PTC temperature- 
measurement thermistor, compared 
with an NTC thermistor, may explain 
why the NTC type seems to remain 
more popular, with many more variants 
available. In addition, the NTC type is 
much more tolerant of variations in 
current. 


Nonlinear PTC Thermistors 


+ Silistors continue to find some automo- 
tive applications, measuring oil tem- 
perature, transmission temperature, 
and climate control, among other 
parameters. 


As a simple strategy to determine its resistance, 
a series resistor can be used with a PTC sensor 
to create a voltage divider. The circuit is identi- 
cal to that used for NTC thermistors. See “Out- 
put Conversion for Temperature Sensing”. 


RTDs 


A resistance temperature detector or RTD is 
sometimes classified as a PTC thermistor. How- 
ever, it has a different type of pure-metal sens- 
ing element, much lower sensitivity, and is 
discussed in a separate section of this Encyclo- 
pedia. See Chapter 26. 


Nonlinear PTC Thermistors 





Over-Temperature Protection 

This type of nonlinear thermistor is externally 
heated, but has a switching function. If it is 
incorporated among other components on a 
circuit board, its output can be used to activate 
a warning signal, or can trigger a relay to shut 
down the circuit until the temperature sub- 
sides. This is of special interest for battery 
chargers where excessive heat can often be a 
problem, but is also useful in electronic devices 
generally. 


To avoid the possibility of self-heating, current 
passing through the thermistor must be mini- 
mized to a few milliamps. 


Some thermistors in the Vishay PTCSL series will 
make a transition at a temperature as low as 70 
degrees Celsius. Others will be triggered by 
temperatures above 100 degrees. A _ typical 
response curve is shown in Figure 24-3, where 
resistance rises from 100 ohms at 25 degrees to 
around 1K at the transitional reference temper- 
ature of 90 degrees, and reaches at least 4K at 
105 degrees. 
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Nonlinear PTC Thermistors 


100K 
Response to temperature 
of a PTCSL20TO091DBE 
PTC thermistor 
ars from TDK 


Ohms (log scale) 
& 
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Figure 24-3 The relationship of resistance to heat in an 
over-temperature protection thermistor. 


To respond to this transition, the manufacturer 
recommends a Wheatstone bridge circuit with 
its outputs connected to a comparator, as sug- 
gested for an NTC thermistor in Figure 23-5. The 
comparator can then activate a signal or a relay. 


A picture of the PTCSL20T091DBE thermistor 
appears in Figure 24-4. 





| 7 | me Oe 
+—} Se A vas a =e ++ 
Be [Si fia] 

) SS Ee 
Figure 24-4 A thermistor in the PTCSL range from TDK. 
It is color coded using a proprietary scheme by the manu- 
facturer to indicate a reference temperature of 90 degrees 
Celsius. The background grid is in millimeters. 


This type of thermistor can tolerate a maximum 
of 30V (AC or DC). 
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Over-Current Protection 


This type of nonlinear thermistor is a substitute 
for a fuse, as it responds to internal heat cre- 
ated by current passing through it. If the flow of 
current is excessive, the resistance of the ther- 
mistor increases, throttling the flow. When the 
over-current problem is resolved, the thermis- 
tor returns to its normal state. Whereas a fuse 
must be placed in a location allowing replace- 
ment, the thermistor is unharmed by its transi- 
tion and does not have to be replaced. 


Over-current may occur as a result of failure of 
other components, such as a rectifier diode or a 
capacitor, or can occur in situations such as a 
DC motor locking up. 


The B598 series from TDK can tolerate voltages 
over 240V, AC or DC. They typically respond 
when currents exceed 100mA to 1A, depending 
on the specific component (a few fall outside 
that range), and many can withstand 1A to 7A. 
The B59810C0130A070 pictured in Figure 24-5 
is switched by 980mA, can tolerate as much as 
7A, and has a reference resistance of 3.5 ohms, 
rising above 10K when excessive current causes 
sufficient heat. 





Figure 24-5 A large over-current protection PTC ther- 
mistor. The background grid is in millimeters. 
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An over-current thermistor of this type remains 
wired into the power supply for a device on a 
permanent basis. Its reference resistance will 
generate some heat, which is why this type of 
component is usually restricted to applications 
where the triggering current is below 1A. 


The Murata PTGLO7BD220N3B51B0 pictured in 
Figure 24-6 provides over-current protection 
with a reference resistance of 22 ohms, has a 
trip current of 200mA, and tolerates a maxi- 
mum of 1.5A. 





Figure 24-6 An over-current protection PTC thermistor 
with a trip current of 200mA. The background grid is in 
millimeters. 


PTC Inrush Current Limiting 

This nonlinear thermistor responds to internal 
heat caused by an inrush of current when 
power to a device is switched on. The inrush 
occurs when current flows rapidly into smooth- 
ing capacitors, charging them very rapidly. This 
can overload a power supply and shorten its life 
expectancy. 


NTC thermistors are traditionally used as inrush 
limiters. The initially high resistance of this type 
of component blocks the surge in current, but 
as heating occurs, the resistance of the NTC 
thermistor drops rapidly. It remains in the cir- 
cuit, imposing a relatively small load while the 
device functions normally. For more details of 


Nonlinear PTC Thermistors 


this application, see “Inrush Current Limiter” in 
the entry discussing NTC thermistors. 


However, an NTC thermistor used in this way 
will waste some power. Suppose a supply of 
120VAC is being used. If the power consump- 
tion of a device is 1,000W, the current will be 
approximately 8A. An NTC thermistor that has a 
resistance of 0.2 ohms while running warm will 
introduce a voltage drop of approximately 1.6V, 
consuming about 13W. This power loss will be 
greater in applications where the current is 
even higher—for example, in an electric vehicle 
recharging station. 


To eliminate the loss, a timed bypass relay can 
be added around the thermistor. The relay 
closes automatically after a short interval, elimi- 
nating the power loss. This is known as active 
inrush current limiting. 


However, in this arrangement, an ordinary resis- 
tor could be used instead. But in that case, why 
not use a PTC thermistor that has a reference 
(cold) resistance of 50 ohms or more? This not 
only limits the inrush current, but provides 
additional protection. If a smoothing capacitor 
in the circuit suffers a short circuit, or if the 
bypass relay fails to close, excess current pass- 
ing through the PTC thermistor quickly raises 
its resistance, protecting the rest of the circuit. 


The B5910 series of PTC thermistors from TDK is 
designed for inrush current limiting. They are 
packaged in a flame-retardant phenolic resin 
plastic case, as shown in Figure 24-7. The 
B59105J0130A020 has a reference resistance of 
22 ohms that rises quickly beyond 10K when 
the temperature exceeds 120 degrees Celsius, 
as shown in Figure 24-8. This type of compo- 
nent is robust enough to withstand a complete 
short circuit across a 220-volt supply. 
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Figure 24-7 This inrush current-limiting PTC thermistor 
by TDK is packaged in a flame-retardant case. The back- 
ground grid is in millimeters. 
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Figure 24-8 Relationship of resistance to temperature in 
a PTC inrush current limiting thermistor. Note that the 
vertical axis has a logarithmic scale. 


PTC Thermistor for Starting Current 

In some applications an initial inrush of current 
is actually necessary and desirable. An air con- 
ditioning compressor, for example, requires a 
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surge of high current for “torque assist” when it 
is starting from a rest state. 


High-current PTC thermistors may be used in 
this kind of situation. The Vishay PTC305C series 
is an example. These are heavy-duty compo- 
nents that have a switching time of about half a 
second, a maximum voltage rating of 410VAC 
or more, and a current rating from 6 to 36 
amps. 


The PTC thermistor has a relatively high tem- 
perature while the motor is running, and must 
be allowed time to cool before a restart is possi- 
ble after shutdown. A waiting time of 3 to 5 
minutes is imposed by a thermostat or separate 
time-delay relay. 


PTC Thermistor for Lighting 
Ballast 


The starting sequence for a fluorescent lamp 
requires that current should flow through the 
cathode heater initially. The thermistor allows 
this by bypassing a capacitor. Within less than a 
second, the resistance of the thermistor rises to 
block current. By this time, the heater has done 
its job and the lamp runs from high-frequency 
AC. 


PTC Thermistor as a Heating 
Element 

For small applications, a heating element can 
be made from a PTC thermistor, using its inter- 
nal resistance to create heat. It has the advan- 
tage of being self-limiting, as its resistance rises 
with temperature. The TDK 5906 series is an 
example, shown in Figure 24-9. The component 
is approximately 12mm in diameter, and is 
designed to be clamped in place, not soldered. 
It has automotive applications for diesel fuel 
preheating and spray nozzle defrosting. Resi- 
dential applications include vaporizers for air 
fresheners. 


The initial resistance is as low as 3 or 4 ohms, 
rising very quickly at a transition temperature 
ranging from 70 to 200 degrees Celsius, 
depending on the specific component. 
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Figure 24-9 This TDK B59060A0060A010 heating ele- 
ment is a PTC thermistor whose resistance rises rapidly 
around 80 degrees Celsius. Rated for 12VDC, it is 
intended for automotive applications. The background 
grid is in millimeters. 


What Can Go Wrong 


What Can Go Wrong 
Self-Heating 


Self-heating may affect the accuracy of a tem- 
perature sensor. To get accurate readings, keep 
the current small. When the resistance of a ther- 
mistor is at the high end of its range, brief pul- 
ses of current can be used. 





Heating Other Components 

In cases where the self-heating of thermistors 
serves a useful purpose, as in surge protectors 
and when used for delays, the heat can damage 
nearby components or materials. 
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Because a thermopile is an assembly of thermocouples, it is included at the end of this 
entry. Other types of temperature sensors have their own entries. 


OTHER RELATED COMPONENTS 
- NTC thermistor (see Chapter 23) 
+ PTC thermistor (see Chapter 24) 


+ semiconductor temperature sensor (see Chapter 27) 


+ RTD (resistance temperature detector) (see Chapter 26) 


+ infrared temperature sensor (see Chapter 28) 


What It Does 


A thermocouple measures temperature by 
using a pair of wires made from dissimilar met- 
als. At one end of each wire, they are joined 
together, often by welding them. The differing 
thermoelectric characteristics of the wires gen- 
erates a very small voltage between their free 
ends, from which the temperature of the joined 
ends can be derived. 





No power supply is needed for a thermocouple, 
but the voltage that it generates is extremely 
small (measured not just in millivolts, but 
microvolts) and very nonlinear, requiring hard- 
ware and/or software to convert it to a temper- 
ature value. Laboratory equipment or 
integrated circuit chips are available for this 
purpose. 


Different types of thermocouples are available 
to measure different temperature ranges, and 
each type has its own characteristics, requiring 
appropriate conversion. 


A “raw” thermocouple looks very unimpressive, 
as it merely consists of two wires welded 
together at one end. This is illustrated in 
Figure 25-1. The full length of the photocouple 
is shown in Figure 25-2. 





Figure 25-1 Closeup of the welded wires in a K-type ther- 
mocouple. The background grid is in millimeters. 
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Thermocouple Applications 





Figure 25-2 Overview of the thermocouple in the previ- 
ous photograph. 


A thermocouple sold as a commercial product 
is likely to be enclosed in a probe, as shown in 
Figure 25-3. 


Figure 25-3 A probe that contains a thermocouple. 


Schematic Symbol 

A schematic symbol that is often used to repre- 
sent a thermocouple is shown in Figure 25-4. 
Because this component does not consume 
current, the plus and minus signs do not mean 
that power should be applied to the wires. The 
positive sign indicates which wire will generate 
a higher voltage than the wire with the nega- 
tive sign. 
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Figure 25-4 A symbol that is often used for a thermo- 
couple. 


Comparison of Temperature 
Sensors 


In this Encyclopedia, temperature sensors are divi- 
ded into five main categories, each of which has a 
separate entry. For convenience, a comparative 
summary is included in the entry for NTC thermis- 
tors. See “Addendum: Comparison of Tempera- 
ture Sensors” for an overview. Also see 
Figure 23-9, 


Thermocouple Applications 





Thermocouples have a wider range than any 
other form of contact temperature sensor, 
some types being capable of measuring up to 
1,800 degrees Celsius. The main limitation is the 
ability of the joint between the wires to with- 
stand the heat. Appropriate insulation must be 
used, but segments of ceramic tube are marke- 
ted to serve this purpose if necessary. 


The very small thermal mass of a thermocouple 
enables a rapid response to temperature fluctu- 
ations. No self-heating occurs, because the 
thermocouple consumes no power. It is simple 
and robust. However, its response is very non- 
linear, and the tiny voltages involved are vul- 
nerable to corruption by electrical noise. 
Accuracy is usually not better than plus-or- 
minus 0.5 degrees Celsius, and may be less at 
low temperatures. 


Thermocouples are commonly found in labora- 
tories and in some industrial applications, such 
as monitoring the temperature in a blast fur- 
nace or inside an internal combustion engine. 
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They may also measure temperatures as low as 
-200 degrees, but at temperatures below -100 
degrees the temperature coefficient diminishes 
to the point where voltage increments are less 
than 30uV per degree Celsius. 


How a Thermocouple Works 





When one end of a piece of wire is maintained 
at a temperature that is different from the other 
end, the temperature gradient along the wire 
creates a small electromotive force that mani- 
fests itself as a difference in electrical potential 
between one end of the wire and the other. 
This is known as the Seebeck effect, named after 
the man who discovered it. The magnitude of 
the potential will depend on two factors: the 
temperature difference between the ends of 
the wire, and the type of wire that is used. 


Figure 25-5 illustrates the concept. Part 1 of this 
figure shows two wires, named A and B. The left 
ends of the wires are heated to the same tem- 
perature, Ty, while the right ends remain at a 
cooler temperature, Ty. Because the wires are 
composed of different metals, the voltage drop 
across each wire will be different. 


To make this model useful, some factors must 
be eliminated. In part 2 of Figure 25-5, the hot 
ends of the wires have been welded together. 
This now guarantees that they share the same 
temperature and the same voltage, Vy. We do 
not yet know what these X values are. 


In part 3 of the figure, the cold ends of the 
wires are clamped in an isothermal block, 
which keeps them at an equal temperature, still 
represented as Ty. The block is not electrically 
conductive, so the cold ends of the wires still 
have different voltages, Va and Vg. We cannot 
measure these voltages directly, because they 
are relative to Vy, which is unknown. However, a 
volt meter can measure Va and Vz relative to 
each other. 


The volt meter will have its own voltage gradi- 
ent on its wires, and possibly a temperature 


How a Thermocouple Works 


gradient too, but both of these wires are made 
of the same metal (probably copper) and share 
the same temperature gradient. Therefore, their 
effects will be equal. 
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Figure 25-5 Basic principles of a thermocouple. See text 
for details. 


Voltage Vp 


A mathematical relationship exists between the 
temperature gradient and the voltage differ- 
ence in each thermocouple wire. Suppose Ka is 
a constant or function that enables the voltage 
difference in wire A to be determined from its 
temperature gradient, and Kg serves the same 
function for wire B. Suppose Tp) is the differ- 
ence in temperature between Ty and Ty. We 
may state: 


Ka * (Tore) = Vx - Va 
Kg * (Tore) = Vx - Ve 


By subtracting the second equation from the 
first and rearranging the terms, we get: 


Torr * ( Ka - Kg ) = Vx - Va - Vx + Vp 


The two Vy terms cancel out, leaving Vp - Va on 
the right. We can recognize Vz - Va as the volt- 





Chapter 25: thermocouple 167 


How to Use It 


age difference measured by the meter. Call it 
Vue So: 


Torr = Vm / ( Ka - Kg ) 


This enables calculation of the temperature dif- 
ference between the ends of the wires, based 
on the meter reading and the conversion factor 
for each wire, which can be found experimen- 
tally. Because Ty is being held at a known, con- 
stant value, we can determine the value of Ty: 


Ty = Ty + Tore 


Thermocouple Details 


When the thermocouple was first invented, the 
cold ends of the wires were placed in a bath of 
ice and water, forcing them to acquire and 
maintain a known temperature of 0 degrees 
Celsius. 


The advent of accurately calibrated thermistors 
made it possible simply to measure the temper- 
ature of the cold ends. In this way, a thermistor 
enables a thermocouple to work. This prompts 
the question: why not just use the thermistor to 
measure Ty, and throw away the thermocou- 
ple? The reason is that a thermistor has a more 
limited range, seldom being used for tempera- 
tures above 150 degrees Celsius. 


Note that the “hot end” of the thermocouple 
wires does not actually have to be hotter than 
the “cold end,” even though those terms are 
commonly used. The equation to find Ty works 
just as well if Ty is higher than Ty. The tempera- 
ture difference will simply have a negative 
value instead of a positive value. 


Because “hot” and “cold” are misleading terms, 
modern documents generally refer to the 
“measurement junction” and the “reference 
junction” of the wires. Note, however, that the 
wires are not actually joined with each other at 
the reference junction. 


A common misconception is that voltage is 
generated where the wires are joined at the 
measurement junction. This is not correct. The 
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voltage is a function of the temperature gradi- 
ent between the measurement junction and 
the reference junction in each wire. Therefore, 
the way in which the wires are joined is irrele- 
vant, provided there is an electrical connection 
between them. They can be welded, soldered, 
brazed, or crimped together. 


How to Use It 


Where a thermocouple is used in a laboratory, 
typically each wire is insulated, and they termi- 
nate in a plug that is inserted in a meter. The 
reference junction is hidden inside the meter, 
along with some electronics to decode the 
temperature data. The meter must have a set- 
ting that is appropriate to the specific type of 
thermocouple being used, so that the conver- 
sion factors are correct. 





Because the type of metal in each wire must be 
consistent all the way from the measurement 
junction to the reference junction, other types 
of wires cannot be used to extend the reach of 
a thermocouple. Any extension must use wires 
made from the same metals. Connectors, also, 
must have pins and sockets that match the 
types of metals in the wires. 


An extension wire for a thermocouple is shown 
in Figure 25-6. 


am 





Figure 25-6 Extension wire for a type K thermocouple. 
Note the polarized plug. 





168 Encyclopedia of Electronic Components Volume 3 


radiation > heat > thermocouple 


Types of Thermocouples 


Thermocouples are identified by ANSI standard 
codes consisting of single letters of the alpha- 
bet, shown below. Temperature ranges are 
approximate, in Celsius, with minimums roun- 
ded up and maximums rounded down to the 
nearest 50 degrees. Some data sources recom- 
mend narrower temperature ranges for practi- 
cal use. 


K type 
-250 to +1,350 degrees. Most popular 
type of thermocouple. Positive wire is a 
nickel-chromium alloy, negative wire is a 
nickel-aluminum alloy. Commonly used in 
3D printers. 


J type 

-200 to +1,200 degrees. Positive wire is 
iron, negative wire is a copper-nickel 
alloy. The iron wire is magnetic and vul- 
nerable to corrosion. This thermocouple 
is not recommended for low tempera- 
tures, even though it is theoretically capa- 
ble of measuring them. 


T type 
-250 to +400 degrees. Recommended for 
cryogenic applications. Positive wire is 
copper, negative wire is a copper-nickel 
alloy. 


Etype 
-250 to +1,000 degrees. Most sensitive 
type, with the highest temperature coeffi- 
cient. Positive wire is a nickel-chromium 
alloy, negative wire is a copper-nickel 
alloy. 


N type 
-250 to +1,300 degrees. An alternative to 
the K type, more stable at higher temper- 
atures. Positive wire is a nickel-chromium- 
silicon alloy, negative wire is a nickel- 
silicon-magnesium alloy. 


R type 
-50 to +1,750 degrees. For high- 
temperature applications. Positive wire is 
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a platinum-rhodium alloy, negative wire is 
platinum. Very low temperature coeffi- 
cient. 


S type 
-50 to +1,750 degrees. For high- 
temperature applications. Positive wire is 
a platinum-rhodium alloy, negative wire is 
platinum. Very low temperature coeffi- 
cient. 


Seebeck Coefficients 

Datasheets for thermocouples list the Seebeck 
coefficient, which is the temperature coefficient 
caused by the Seebeck effect, measured in 
microvolts per degree. In other words, the value 
provided by a Seebeck coefficient is the num- 
ber of additional microvolts that a thermocou- 
ple will generate for an increase in 1 degree 
Celsius. 


Each type of thermocouple has a different coef- 
ficient, and because thermocouples tend to 
have a very nonlinear response, the coefficients 
will vary with temperature. Figure 25-7 shows 
the variations for six types of thermocouples, 
over a range from -400 to +1,400 degrees Cel- 
sius. It is important to understand that the ver- 
tical scale shows the coefficient for each type of 
thermocouple—that is, the change in voltage, 
not the actual voltage, at temperature values 
along the horizontal axis. 
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Figure 25-7 The Seebeck (temperature) coefficient for 
six types of thermocouples. Partially derived from a data- 
sheet published by Analog Devices. 


R and S type thermocouples have a relatively 
consistent response, but cannot achieve great 
accuracy, because the voltage increment is so 
small for each change in temperature. The K 
type thermocouple does relatively well 
between 0 and 1,200 degrees, but the J type 
only performs adequately between 0 and 800 
degrees, while the T and E types are quite 
inconsistent. 


For lower voltage readings, electrical noise 
becomes an issue. Thermocouple wires are 
often twisted together, and may also be shiel- 
ded, to reduce sensitivity to noise. The electron- 
ics that decode the thermocouple voltage 
should include a filter to reject 50Hz or 60Hz 
interference from wiring in the vicinity. 


Chips for Output Conversion 

Meters that are designed to interpret the out- 
put from a thermocouple and display a temper- 
ature tend to be expensive, and may not be 
convenient for a custom-built application. For- 
tunately integrated circuit chips are now avail- 
able to amplify the thermocouple output and 
apply signal conditioning to create an almost 
linear response. 
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The AD8494 and AD8496 from Analog Devices 
are precalibrated by laser wafer trimming to 
match the characteristics of J type thermocou- 
ples, while the AD8495 and AD8497 match the 
characteristics of K type. The chips require a 
power supply of at least 3VDC and have an ana- 
log output of 5mV per degree Celsius, enabling 
measurement over a range of almost 1,000 
degrees. They require a very low supply current 
of 180HA. The manufacturer claims an accuracy 
of plus-or-minus 2 degrees Celsius. 


The chip contains a temperature sensor which 
should be at the same temperature as the refer- 
ence junction of the thermocouple. This means 
that the reference junction (typically, at the 
socket where a thermocouple plug is inserted) 
should be as close to the chip as possible, and 
the chip should be protected from heat created 
by other components. Any difference in tem- 
perature between the reference junction and 
the chip will create a temperature measure- 
ment error. 


The MAX31855K chip from Maxim Integrated 
Products is another thermocouple-to-digital 
converter. It linearizes the output from the ther- 
mocouple and digitizes it as a temperature that 
is accessible by a microcontroller via a serial SPI 
bus. Breakout boards with this chip are avail- 
able. The last letter of the chip number specifies 
the thermocouple type. Variants for J, K, N, T, S, 
and R are available. 


The AD8495 is mounted on a breakout board 
from Adafruit, and the MAX31855K is mounted 
on a breakout board from Sparkfun. These 
boards are pictured in Figure 25-8. 
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Figure 25-8 Thermocouple amplifier/conversion chips 
from Adafruit (left) and Sparkfun (right). 


Thermopile 





A thermopile is an assembly of thermocouples 
connected in series, as suggested in 
Figure 25-9, where a hot area is shown on the 
left and a cooler area is shown on the right. The 
figure assumes that the orange-colored wires 
have a voltage difference of 5mV from left to 
right, as a result of the temperature difference, 
while the purple-colored wires only have a volt- 
age difference of 1mV from left to right. There- 
fore, the voltage difference between each 
reference junction and the next is 4mV, as 
shown on the right side of the figure. So long as 
the temperature difference exists, the voltage 
differences will be cumulative, totaling 16mV 
between top and bottom in this example. 


Note that the multiple thermocouple junctions 
are not electrically connected with each other 
in each temperature zone. 


In reality, more thermocouples than this will be 
added, and the voltage differences may be 
lower. 


Generally a thermopile is not sold as a separate 
component from retail suppliers, but is built 
into other devices. It may be used to generate 
small amounts of current from a heat differ- 
ence, as in an infrared thermometer. It can also 
be used as a safety device to shut down a gas 
supply if a burner is not lit. See Chapter 28. 


Thermopile 


V+4 


V+8 


V+12 


V+16 





Figure 25-9 The operating principle of a thermopile. The 
numbers represent mV, but are chosen arbitrarily as an 
example. 


What Can Go Wrong 
Polarity 


The output from a thermocouple has polarity. If 
this is not observed, an error will result. 





Electrical Interference 
Thermocouple wires are vulnerable to electrical 


interference, and should be a twisted pair or, 
ideally, shielded. 


Metal Fatigue and Oxidation 

The wire used in some thermocouples tends to 
be relatively brittle, and cannot withstand 
much flexing. Also, some metals or alloys are 
vulnerable to oxidation. 


Using the Wrong Type 

Different types of thermocouples have totally 
different characteristics. The electronics to 
decode the signal from a thermocouple must 
be matched to the type of thermocouple being 
used. The plugs on the ends of the thermocou- 
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ple wires are often retained with screws. A 
detached plug should be replaced immediately, 
to avoid the error of attaching it to the wrong 
type of thermocouple. 
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Heat Damage from Creating a 
Thermocouple 

If a thermocouple is made from two wires on a 
DIY basis by welding the tips of the wires 
together, minimal heat must be used to avoid 
degrading the alloys in the wires. 
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detector) 


RTD is an acronym, either for resistance temperature detector or resistive temperature 
device. No definitive information seems to exist regarding which term is correct, but 


resistance temperature detector is more common. 


Occasionally an RTD may be described as a PTC thermistor, but its sensing element is 


different, consisting of pure metal wire or film. 
OTHER RELATED COMPONENTS 


+ thermocouple (see Chapter 25) 

- NTC thermistor (see Chapter 23) 

+ PTC thermistor (see Chapter 24) 

+ semiconductor temperature sensor (see Chapter 27) 


+ infrared temperature sensor (see Chapter 28) 


What It Does 


RTD Attributes 





A resistance temperature detector, also known as 
a resistive temperature device, is usually referred 
to as an RTD. It has a positive temperature 
coefficient (that is, its resistance increases as its 
temperature increases) but differs from a PTC 
thermistor in that its sensing element is pure 
metal instead of a semiconductor. 


Comparison of Temperature Sen- 
sors 


In this Encyclopedia, temperature sensors are divi- 
ded into five main categories, each of which has a 


separate entry. For convenience, a comparative 
summary is included in the entry for NTC thermis- 
tors. See “Addendum: Comparison of Tempera- 
ture Sensors” for an overview. Also see 
Figure 23-9. 





Positive attributes of RTDs include: 


» Accuracy, often plus-or-minus 0.01 
degrees Celsius. This very small toler- 
ance allows excellent interchangeabil- 
ity. 

+ Stability, with a response that drifts by 
as little as 0.01 degree per year. 


+ The output is an almost linear function 
of temperature, making them easily 
used with a microcontroller. 


+ Immunity to electrical noise. 


+ Reasonably rapid response to tempera- 
ture changes (about 1 to 10 seconds). 


Undesirable attributes include: 
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+ Temperature coefficient about one- 
tenth of that of an NTC thermistor. 


- To measure the resistance, some cur- 
rent must pass through the sensor, rais- 
ing the possibility of self-heating (as in 
the case of other temperature sensors, 
with the exception of a thermocouple). 


» Relatively high cost, especially of the 
wire-wound type. 


The resistance curves for three generic NTC 
thermistors are shown in Figure 26-1, plotted 
against the resistance for a generic platinum 
RTD that has a reference resistance of 100 ohms 
at 0 degrees Celsius. Note that this graph is 
unlike many that illustrate the response of NTC 
thermistors, in that its vertical scale is not loga- 
rithmic. 
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Figure 26-1 The brown, green, and blue curves show the 
resistance of three generic NTC thermistors varying with 
temperature. The red line shows the resistance of a plati- 
num RTD. Derived from a diagram created by Texas 
Instruments. 


radiation > heat > rtd 


Schematic Symbol 

There is no specific schematic symbol for an 
RTD. Often the symbol for a thermistor may be 
used. See Figure 23-1. 


Applications 


Because of its high accuracy, an RTD may be 
used where precision is important. It can cali- 
brate other temperature sensors, and may 
measure the temperature of a reference junc- 
tion of a thermistor. However, it requires sensi- 
tive electronics for signal conditioning, because 
of its low temperature coefficient. 


How It Works 


An RTD exploits the fractional increase in elec- 
trical resistance of a metal film, metal filament, 
or (in some cases) a carbon film, when the tem- 
perature of the metal rises. In its simplest form, 
an RTD is a 2-wire device with no polarity. 





The sensing element is often made from plati- 
num, as this has a linear response to tempera- 
ture over a wide range. High-quality RTD 
sensors with a wide temperature range usually 
consist of platinum wire that is wound around a 
glass or ceramic core. Smaller sensors may be 
fabricated from a thin layer of platinum evapo- 
rated onto an insulating substrate. Nickel may 
be substituted for platinum, and has a more 
sensitive but less linear response. 


The wire-wound type is usable at temperatures 
as high as 500 Celsius (up to 1,000 degrees for 
some platinum-element types). Some variants 
are able to measure temperatures as low as 
-250 degrees. 


DIN 60751 is an international standard defining 
the performance of platinum RTDs. It specifies a 
reference resistance of 100.00 degrees at 0 
degrees, and a _ temperature coefficient 
between 0 degrees and 100 degrees. Outside of 
this range, a formula defines the response. 


The response is almost precisely linear, ranging 
from 100 ohms at O degrees to approximately 
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138 ohms at 100 degrees. The temperature 
deviation from a straight line, between 0 and 
100 degrees, is no more than plus-or-minus 0.8 
degrees. 


However, current through the RTD must be 
restricted to avoid self-heating. A range of 
0.5mA to 1mA is recommended. 


Variants 





Some RTDs are potted in glass or resin, as 
shown in Figure 26-2. This shows an RTD in the 
TFPTL range from Vishay, containing a nickel 
thin-film sensing element with a temperature 
coefficient of about 0.4% and a tolerance of 
0.01%. It is available with a very wide range of 
reference resistances, from 100 ohms to 5K 
(measured at 25 degrees Celsius). The tempera- 
ture range is -55 to +70 or -55 to +150 degrees, 
and the maximum voltage is 30V to 4OV, 
depending on the specific component. 





Figure 26-2 AnRTD inthe TFPTL series from Vishay. 
The background grid is in millimeters. 


The flat package shown in Figure 26-3 may be 
encased in a protective sheath of plastic or sili- 
cone rubber, and can be used for surface tem- 
perature sensing where the component is 
glued to the exterior of a flat-sided container. 
This figure shows an RTD in the L420 range 


Variants 


from Heraeus Sensor Technology, containing a 
platinum thin-film sensing element with a tem- 
perature coefficient of 0.385%. It is available in 
reference resistances of 100, 500, and 1,000 
ohms (measured at 25 degrees Celsius). The 
temperature range is -50 degrees to +400 
degrees. 





Fa 


Figure 26-3 AnRTD in the L420 series from Heraeus. 
The background grid is in millimeters. 


Wiring 

The leads to an RTD can be a source of error. If a 
simple 2-wire configuration is used, the leads 
will have an unknown resistance that will be 
affected by temperature, just as the element 
inside the RTD will have a temperature- 
sensitive resistance. 


To enable temperature compensation, a three- 
wire design can be used. Figure 26-4 illustrates 
the principle. In the first section of this figure, 
resistances Ra and Rg remain unknown. In the 
second section, the resistances of Rg and Rc can 
be found by passing a test current through one 
wire and back through the other, bypassing the 
component. Assuming that all of the leads are 
identical in length and composition, the resist- 
ance of Ra + Rg will be equal to that of Rg + Rc. 
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Figure 26-4 A three-wire configuration enables temper- 
ature compensation for the leads to an RTD. See text for 
details. 


RTD Probe 


For practical applications, an RTD sensor is 
often packaged inside a probe that can be 
indistinguishable from the type of probe used 
with a thermocouple. However, a thermocou- 
ple always uses two wires, as the wires them- 
selves create the voltage. An RTD often uses 
three wires, as shown in Figure 26-5. This partic- 
ular sensor is sold for use in a “Brew-Magic" sys- 
tem for brewing craft beer on a commercial 
basis. 





Figure 26-5 A three-wire RTD is packaged inside this 
steel probe. 
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Signal Conditioning 

To process the signal of an RTD, a chip such as 
the LM75 from National Semiconductor can be 
used. This is calibrated for connection with a 
platinum RTD. Internally it converts the resist- 
ance of an RTD to a value of 5mV per degree 
Celsius. This then passes through an analog-to- 
digital converter on the chip, creating a digital 
value that can be read via an I2C bus. 


What Can Go Wrong 
Self-Heating 


Self-heating is an issue for RTDs, just as it is for 
thermistors. Current through an RTD should be 
limited to 1mA, especially when measuring low 
temperatures. 





Insulation Affected by Heat 


The resistance of insulation on the wires lead- 
ing to a sensor can change with temperature, 
leading to incorrect resistance readings. This is 
a more likely source of problems for RTDs than 
for thermistors, as RTDs are often used at 
higher temperatures and have a lower temper- 
ature coefficient. 


Incompatible Sensing Element 

If signal conditioning is applied to an RTD that 
has an incompatible sensing element, tempera- 
ture readings will be incorrect. For example, an 
RTD with a nickel element should not be used 
with signal conditioning designed for a plati- 
num element. 
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semiconductor temperature 
sensor 


This type of sensor may also be referred to as a bandgap temperature sensor, a diode 
temperature sensor, a chip-based temperature sensor, or an IC temperature sensor. 


The unfortunate term integrated silicon-based sensor is sometimes used, which can be 
confused with silicon temperature sensor (also known as a silistor), which is a type of 
PTC thermistor. See Chapter 24. 


Some vendors do not divide temperature sensors into clear categories. Semiconductor 
temperature sensors may be classified as board-mount temperature sensors, even 
though many of them have leads and are not specifically designed to be mounted on 
circuit boards. 


A semiconductor temperature sensor with a digital output is sometimes described as a 
digital temperature sensor or digital thermometer. This can be misleading, as the out- 
puts from other types of temperature sensors may be digitized with appropriate com- 
ponents. 
OTHER RELATED COMPONENTS 

+ thermocouple (see Chapter 25) 

+ NTC thermistor (see Chapter 23) 

+ PTC thermistor (see Chapter 24) 

- infrared temperature sensor (see Chapter 28) 


+ RTD (resistance temperature detector) (see Chapter 26) 


What It Does 


A semiconductor temperature sensor is an 
integrated circuit chip incorporating a sensing 
element composed of transistor junctions. It 
has an approximately linear response and is 
easy to use, in some cases being designed for 
direct connection with a microcontroller, 
requiring no additional components. 





In analog variants, the output consists either of 
voltage or current that varies with temperature. 
These components have a positive temperature 


coefficient, except for a few CMOS variants 
where a voltage output diminishes as tempera- 
ture increases. 


Digital variants are becoming more common, 
creating a numeric output accessible by a 
microcontroller. 


In almost all semiconductor temperature sen- 
sors, the characteristics of silicon dioxide limit 
the temperature range to approximately -50 to 
+150 degrees Celsius (sometimes less). 
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This type of component is not (yet) as low in 
cost as a thermistor, but can include its own 
amplification, signal processing, and (option- 
ally) analog-to-digital conversion on one chip. 


Comparison of Temperature Sen- 
Te) a) 


In this Encyclopedia, temperature sensors are divi- 
ded into five main categories, each of which has a 


separate entry. For convenience, a comparative 
summary is included in the entry for NTC thermis- 
tors. See “Addendum: Comparison of Tempera- 
ture Sensors” for an overview. Also see 
Figure 23-9. 


Semiconductor Temperature Sen- 
sor Applications 

When a semiconductor temperature sensor is 
used in surface-mount format, it can measure 
the temperature of the board on which it is 
mounted. This enables protection from over- 
heating, often in power supplies. 


Because the sensing elements and signal pro- 
cessing circuits are all chip-based, they can be 
transplanted into other types of sensors. For 
example, a gas pressure sensor or a proximity 
sensor can have onboard compensation using a 
semiconductor temperature sensor. They have 
also been built into computer CPUs such as the 
Pentium series from Intel. 


Some variants are manufactured in a three-lead 
TO-92 package, appearing superficially similar 
to bipolar transistors. They are suitable for 
remote temperature sensing, and have auto- 
motive applications such as measuring the 
temperature of the transmission, engine oil, or 
cabin interior. They may also be found in some 
heating and air-conditioning systems, and 
some kitchen equipment. 


Schematic Symbol 

No unique schematic symbol has been devel- 
oped for a semiconductor temperature sensor. 
It may be represented by a rectangle contain- 
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ing text abbreviations to represent pin func- 
tions, similar to other types of integrated circuit 
chips. 


In the case of a sensor with an output consist- 
ing of current that varies with temperature, the 
sensor may be shown as a current source, using 
the symbol in Figure 27-1. However, this symbol 
is not specific to temperature sensors; it is used 
for any component that is a current source. 


V+ 


\- 


Figure 27-1 A temperature sensor whose output consists 
of current varying with temperature may be shown ina 
schematic as a current source, using this symbol. 


Attributes 


Desirable attributes of a semiconductor tem- 
perature sensor include: 


- Easy to use. Few or no external compo- 
nents may be required, and little or no 
signal processing. 


» Factory-calibrated, with an almost lin- 
ear response. 


+ Versions with a digital output are easy 
to add to any system that already has 
an I2C bus. For additional details about 
protocols such as I2C, see Appendix A. 


Undesirable attributes of semiconductor tem- 
perature sensors include: 


+ Limited temperature range, the same 
as thermistors. 


- Self-heating issues, especially in ver- 
sions where signal-processing func- 
tions are built into the same chip. 
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- Not as rugged as some types of tem- 
perature sensors. 


For an explanation of terminology used for 
temperature sensors in datasheets, see “Ther- 
mistor Values”. 


How It Works 


When a constant current is flowing through a 
p-n junction in a diode, the voltage across the 
diode will change by about 2mV for each 
change in temperature of 1 degree Celsius. This 
can be demonstrated by the simple circuit 
shown in section 1 of Figure 27-2. 


B 





Volt meter 
(mV) 








Figure 27-2 Left, a basic circuit for demonstrating the 
temperature sensitivity of a diode. Right, an NPN transis- 
tor can be substituted to emulate the diode. 


Similarly, the voltage across the p-n junction in 
an NPN transistor varies with temperature, if 
the current is constant. A transistor can be sub- 
stituted for a diode as suggested in section 2 of 
Figure 27-2. Integrated circuit chips that con- 
tain transistors can measure temperature by 
exploiting this phenomenon. 


CMOS Sensors 

Some semiconductor temperature sensors use 
CMOS instead of bipolar transistors. The gen- 
eral concept is similar, but they are described 


How It Works 


separately, below. See “CMOS Semiconductor 
Temperature Sensors”. 


Multiple Transistors 


The heat sensitivity of a bipolar transistor can 
be defined with an equation. If the base- 
emitter voltage is Vp, q is the charge of an elec- 
tron, k is a constant (known as Boltzmann's 
constant), T is the temperature in degrees Kel- 
vin (relative to absolute zero), Ic is the collector 
current, and I< is the saturation current (which is 
less than Ic): 


Vee = (( k*T ) / q) * loge (Ic / Is) 


The term log. means, “the logarithm to base e 
of the expression in parentheses.” 


Because k and q have known values, the base- 
emitter voltage turns out to be proportional to 
the logarithm of the collector current divided 
by the saturation current. However, the satura- 
tion current depends on the geometry of a 
transistor, and varies with temperature in a 
nonlinear way. 


To eliminate the factor of saturation current, 
one transistor can be compared with another 
transistor that has a larger emitter area. This 
enables the derivation of a new equation that 
specifies temperature while getting rid of the 
troublesome saturation currents, with their 
nonlinear behavior. 


However, it may not be easy to fabricate two 
transistors, in the same silicon chip, that have 
the same characteristics except that the emitter 
area of one is bigger than that of the other. It is 
much easier to add multiple transistors in paral- 
lel, each of them identical to the first. The total 
emitter area will then be equal to the area in 
one transistor multiplied by the number of 
transistors. 


In Figure 27-3, assuming all the transistors are 
at the same temperature in addition to being of 
identical specification, we can now write two 
equations. The figure allows room to show only 
three transistors, but suppose there are N of 
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them. If Veo is the base-emitter voltage of tran- 
sistor QO, on the left, and Vgen is the aggregate 
base-emitter voltage of the N transistors on the 
right: 


(( k*T ) / q) * loge (Ic / Is) 


(( k*T ) / q) * Loge (Ic / N*Is) 


From these, an equation can be derived that 
gets rid of Ic and I<: 


VBEo 


VBEN 


Veco - Veen = (( k*T ) / q ) * Loge (N) 





Figure 27-3 Comparing the base-emitter voltage of one 
transistor with a set of identical transistors can enable 
measurement of temperature regardless of the collector 
current and saturation currents, so long as all the transis- 
tors are at the same temperature. See text for details. 


PTAT and the Brokaw Cell 


Now if a comparator is added to control the 
current, a circuit known as the Brokaw Cell is 
created, shown in Figure 27-4. This is also 
known generically as a bandgap temperature 
sensor. (A couple of resistors have been omitted 
for the sake of simplicity.) 


Typically, N = 8. That is, there is a set of eight 
transistors in addition to QO (only three being 
shown here). The voltage difference in the pre- 
vious equation, Vero - Veen, NOW appears across 
R2 in the figure, and the voltage across R11 is 
proportional to absolute temperature, often 
referred to by its acronym, PTAT. This voltage 
can be found from this equation: 
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Vptat = ((k*T)/q) * Loge(N) * (2*R1/R2) 


The Brokaw Cell was the basis of the AD580 
chip introduced in 1974 by Analog Devices, and 
the principle is now used very widely in semi- 
conductor temperature sensors. 





Figure 27-4 The Brokaw Cell. See text for details. 


Variants 





Three output types are used: 


* Analog voltage output (voltage varies 
with temperature). 


+ Analog current output (current varies 
with temperature). 


* Digital output. 


A fourth type creates an output in the form of a 
square wave, either with a frequency or wave- 
length proportional to temperature. The Maxim 
MAX6576 and MAX6577 are examples. How- 
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ever, this type of output is so rare, it is not 
described in detail here. 


Some semiconductor temperature sensors are 
CMOS-based, and have a voltage output with a 
negative temperature coefficient. They are 
described separately. See “CMOS Semiconduc- 
tor Temperature Sensors”. 


Analog Voltage Output 


LM35 Series 


The LM35 is a typical, widely used semiconduc- 
tor temperature sensor, available from Analog 
Devices, Texas Instruments, and other manufac- 
turers. Its output voltage changes by 10mV per 
degree Celsius over a range of approximately 
-50 degrees to +150 degrees. Accuracy is stated 
to be plus-or-minus 0.25 degrees at room tem- 
perature and plus-or-minus 0.75 degrees over 
the whole range. 


The sensor can be obtained packaged like a 
transistor, in a TO-92 plastic capsule or metal 
can. It is also available as a surface-mount com- 
ponent, or in a TO-220 package, like a 5V volt- 
age regulator, as shown in Figure 27-5. 


SESESEza Y2\ Ya 2 
Figure 27-5 This version of the LM35 can be used to 


measure surface temperature when secured with a bolt. 
The background grid is in millimeters. 


This is a three-wire component, two pins or sol- 
der pads being used for the power supply while 
the third serves as the sensor output. The sup- 
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ply voltage typically ranges from 4V to 30V. 
Necessary current consumption is only 60yA, 
which minimizes self-heating. 


Because this device is specifically designed for 
the Celsius temperature range, its output is 
scaled to OmV at O degrees. A pulldown resistor 
can be added to measure temperatures below 
zero. 


A bypass resistor of 200 ohms between the out- 
put and ground is recommended as a precau- 
tion against capacitive effects in the cable run. 


The LM34 is almost identical to the LM35, 
except that its output changes by 10mV per 
degree Fahrenheit instead of 10mV per degree 
Celsius. 


LM135 Series 

Although this sensor contains multiple NPN 
junctions, the manufacturer describes it as 
behaving like a zener diode in which the break- 
down voltage is directly proportional to abso- 
lute temperature. The output increases by 
10mV per degree over a range from -55 to +150 
degrees Celsius. 


For the LM135, the manufacturer claims an 
error of less than plus-or-minus 1 degree Cel- 
sius between 0 and 100 degrees. For the LM235 
and LM335, in the same product series, the 
temperature range is narrower, the accuracy is 
lower, and the price, also, is lower. An LM335 
sensor is shown in Figure 27-6. 





Figure 27-6 A sample of the LM335 temperature sensor 
ina TO-92 package. The background grid is in millimeters. 
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The sensor is available in a TO-92 package 
(plastic, like a transistor) or a TO-46 (metal can). 
It is also manufactured in a surface-mount for- 
mat. The negative terminal is connected 
directly to ground, while the positive terminal is 
connected through a series resistor to the posi- 
tive side of a power supply that can range from 
5V to 40V. The third terminal, labeled “ADJ” on 
datasheets, allows for the output to be adjus- 
ted. Figure 27-7 shows the basic circuit. The 
value of R1 can be chosen to establish an opti- 
mal current of 1mA through the sensor, 
although a range of 400UA to 5mA is tolerable. 


LM135 


10K 





Cable run! : 

tosensor, ; 
1 

output 


1 
proportional 


to temperature R1 


Voltage 


Figure 27-7 Basic schematic for using an LM135, includ- 
ing output adjustment. Because the sensing element 
behaves like a zener diode, it is represented with the zener 
symbol. 


Analog Current Output 

Fewer components exist using output current 
to measure temperature. The output is applied 
to a grounded resistor, and the voltage across 
the resistor then changes with current from the 
sensor. 
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The useful aspect of a current output is that its 
accuracy is unaffected by a cable run as long as 
200 or 300 feet. Therefore, this type of compo- 
nent is appropriate as a remote sensor. 


LM234-3 Series 


This is a three-wire sensor, two wires being 
used for bias power supply and ground 
(labeled V+ and V- on the datasheet) and a 
third (labeled R) that delivers current propor- 
tional to temperature. The current from pin R 
passes through an external resistor to ground, 
and the voltage across this resistor varies by 
214uV per degree Kelvin. A bias voltage rang- 
ing from 1V to 40V is required. 


A sample of the LM234 is shown in Figure 27-8. 


Figure 27-8 The LM234Z temperature sensor in a TO-92 
package. The background grid is in millimeters. 


If the component is used for remote sensing, 
the resistor should be 230 ohms and can be 
connected directly between pin R and pin V- of 
the sensor at the far end of a wire run. At the 
“home” end of the wire run, temperature out- 
put is taken from above a 10K resistor that is 
placed between the return wire and ground, as 
shown in Figure 27-9. With these component 
values, the output voltage will change by 10mV 
per degree Kelvin. 
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LN234-3 





Cablerun! ! 
tosensor; | 
mo Voltage 
oO | output 
proportional 
to temperature 


10K 


Figure 27-9 Using an LM243-3 sensor with a current 
output that varies with temperature. 


The LM234-3 can be encapsulated in a plastic 
TO-92 package or a TO-46 metal can. A surface- 
mount version is also available. 


The claimed accuracy is plus-or-minus 3 
degrees. The temperature range is -25 degrees 
to +100 degrees. 


AD590 Series 


The Analog Devices AD590 (successor to the 
original AD580) is a current-output sensor that 
uses only two wires. Like the LN234-3 it is avail- 
able in a TO-46 metal can, but with one lead 
making no internal connection. It also can be 
bought in a two-wire “flatpack,” or as a surface- 
mount chip (with eight solder pads, only two of 
which are connected). 


Using a supply voltage of 4V to 30V, the sen- 
sor’s high-impedance output changes by 1HA 
per degree Kelvin. Voltage supply variations 
produce very small errors in the output current; 
substituting 10V for 5V creates a deviation of 
only 1pA. 


Variants 


Figure 27-10 shows an application for the 
AD590 using a resistor and a trimmer to adjust 
the scale factor. When properly set up, this cir- 
cuit provides an output that changes by 1mV 
per degree Kelvin. 





AD590 
Cablerun! | Voltage 
tosensor; | output - 
"OK proportional 
ae | to temperature 
100 
950 


Figure 27-10 The simplest circuit allowing fine adjust- 
ment for use with an AD590 sensor. 


Digital Output 

Some of the most popular examples of semi- 
conductor temperature sensors with digital 
output include the TMP102 series from Texas 
Instruments, MCP9808 series from Microchip, 
LM73 series from Texas Instruments and 
National Semiconductor, and DS18B20 series 
from Maxim. All of these components can 
measure a range typical of semiconductor tem- 
perature sensors, from approximately -50 to 
+150 degrees Celsius. Most of them claim an 
accuracy in the region of plus-or-minus 1 
degree over the full range or 0.5 degree in the 0 
to 100 range. With the exception of the Maxim 
DS18B20, which uses its own unique protocol, 
the components communicate via either the 
12C or SMBus protocol. 
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TMP102 Series 

This is available only in a surface-mount format. 
It has fewer features than the other sensors lis- 
ted here, and is less accurate, claiming plus-or- 
minus 3 degrees Celsius over its maximum 
range of -40 to +125 degrees Celsius. However, 
it is less expensive. (For greater accuracy, the 
TMP112 is available.) This is a low-voltage chip 
requiring 1.4V to 3.6V as its power supply, 
drawing a quiescent current of 10UA. Tempera- 
tures are stored in a 12-bit or 13-bit format that 
requires some conversion, as a single bit repre- 
sents 0.0625 degrees Celsius. An alert pin is 
activated when the measured temperature 
deviates above or below limits that are preset 
by the user. No hysteresis adjustment is avail- 
able for the alerts. The TMP102 is available on a 
breakout board from Sparkfun, as shown in 
Figure 27-11. 





Figure 27-11 The Texas Instruments TMP102 on a break- 
out board from Sparkfun. 


MCP9808 Series 

This multifunction sensor is available either as a 
regular surface-mount component, or as a 
surface-mount with an exposed “thermal pad.’ 
It conforms with the I2C bus standard at up to 
400kHz, allowing up to 16 sensors to share the 
same bus. The chip has a variety of temperature 
alert features, including high and low limits 
that can activate a dedicated “alert” pin, and a 
hysteresis value that can be set for the limits, to 
ignore brief temperature excursions. The chip 
can be put into “comparator mode,’ where it 
simply provides logic-high or logic-low output 
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if the temperature is above or below a user- 
specified value. This feature makes the chip 
operate as a thermostat. Temperature resolu- 
tion is user-selectable. The temperature storage 
format requires some conversion to obtain a 
Celsius value, to deal with negative values and 
fractional values. However the chip is available 
on a breakout board from Adafruit, as shown in 
Figure 27-12, and an Arduino code library is 
available. 





Figure 27-12 The Microchip MCP9808 on a breakout 
board from Adafruit. 


LM73 Series 


This sensor is only available in surface-mount 
format. It conforms with the I2C bus standard at 
up to 400kHz. Its temperature resolution can be 
set to 11, 12, 13, or 14 bits. An “alert” pin 
becomes active if the temperature exceeds a 
preprogrammed limit. An “address” pin can 
select one of three device addresses by being 
held in logic-high, ground, or disconnected sta- 
tus. The chip can be put into shutdown mode 
when power conservation is necessary. 


DS18B20 Series 

Unlike most digital sensors, this is a three-wire 
component, because it uses Maxim’s propriet- 
ary “1-wire bus” with a unique protocol. The 
bus allows access to a 2-byte register storing 
digital output from the temperature sensor, but 
also allows the user to perform other functions, 
such as setting the resolution of an onboard 
analog-to-digital converter (which has a maxi- 
mum resolution of 12 bits), setting a high- 
temperature and low-temperature alarm, and 
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allowing the sensor to be identified, as each 
component has a unique 48-bit serial number 
in ROM. 


The chip can draw sufficient power from the 
data bus to operate, so long as the bus is held 
high by a 4.7K pullup resistor. (Maxim describes 
this as “parasite power.’) An internal capacitor 
sustains the chip briefly while the bus is used 
for its normal purpose of transferring data, but 
if the bus has low voltage for more than 480us 
the chip will reset itself. The “parasite power” 
feature also will not work above 100 degrees 
Celsius. Perhaps recognizing that this system 
may create more problems than it solves, 
Maxim has also given the component a normal 
power input pin. 


The DS18B20 is available in the TO-92 package 
and two sizes of surface-mount chip. Its lack of 
a standard |2C bus, and its use of complicated 
proprietary codes, create a steep learning 
curve. Still, it remains a popular sensor, and an 
Arduino code library for it is available online. 


CMOS Semiconductor Tem- 
perature Sensors 





CMOS variants of semiconductor temperature 
sensors have appeared relatively recently com- 
pared with the bipolar variants. They draw a 
very low quiescent current (typically, a few 
microamps) and can work with a power supply 
from 5.5VDC down to 2.2VDC, making them 
suitable for handheld battery-powered devices. 
An analog output is common. Popular exam- 
ples are the LM20 and the LMT86 series. 


Like bipolar sensors, the LMT86 sensors have a 
limited temperature range, between approxi- 
mately -50 and +150 degrees Celsius. Again, 
like the bipolar sensors, they are available 
optionally in TO-92 and surface-mount pack- 
ages. A significant difference is that the output 
has a negative temperature coefficient, dimin- 
ishing by 10mV per degree Kelvin, because of 
the characteristics of CMOS semiconductors. 


CMOS Semiconductor Temperature Sensors 


The claimed accuracy is plus-or-minus 0.25 
degrees Celsius. The output voltage covers a 
range of about 2V, diminishing from 0.5V below 
the supply voltage at -50 degrees Celsius. 


shown __ in 


A sample of the LMT86_ is 
Figure 27-13. 





NN Ie 





Figure 27-13 A sample of the LMT86 CMOS temperature 
sensor. The background grid is in millimeters. 


What Can Go Wrong 


Different Temperature Scales 


Some voltage-output sensors create an output 
convertible to degrees Kelvin, while others use 
degrees Celsius. While the temperature degrees 
are the same in each scale, a component with 
an output in millivolts may assign OmV either to 
0 degrees Celsius or 0 degrees Kelvin (equiva- 
lent to -273.15 degrees Celsius). The advantage 
of using a Kelvin scale is that it avoids the prob- 
lem of negative temperature values. 





Rarely, a sensor may use degrees Fahrenheit. 


Interference in Cable Runs 

Sensors with a voltage output are susceptible 
to electrical interference. Twisted-pair or shiel- 
ded cable runs are recommended when sen- 
sors are placed remotely. 


For the Maxim DS18B20, which uses a 1-wire 
bus, multiple sensors should be connected 
along one run of wire (linear topology) instead 
of each sensor being connected to a central 
point (star topology). If the cable lengths are 
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longer than a few meters, the topology starts to 
matter. 


Latency 

The packaging of semiconductor temperature 
sensors can create latency in their response 
time. While a thermocouple consists only of a 
pair of wires joined by a small dot of melted 
metal, a TO-92 semiconductor package adds 
thermal mass that will slow the response con- 
siderably. Moreover, copper leads will conduct 
heat from a circuit board if the board is warmer 
than its environment. 


Surface-mount chips have a very low mass, but 
must be soldered to some kind of board, even if 
it is a very small one. 
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Generally, other types of sensors may be appro- 
priate where rapid response is necessary. 


Processing Time 

In a sensor with a digital output, the onboard 
analog-to-digital converter will add a small 
delay before the data becomes available, and 
during that delay, the component cannot 
respond to a new temperature. The output 
from an analog device may be more suitable for 
rapid detection of temperature variations. 
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An infrared temperature sensor is sometimes described as a thermopile. In reality the 
sensor module contains a thermopile. In this Encyclopedia, a thermopile is considered 
to be a separate component, described in the entry discussing thermocouples. See 
“Thermopile” in Chapter 25. 


Other terms that are sometimes used for an infrared temperature sensor are contact- 
less thermometer or infrared thermometer. This Encyclopedia classifies a thermometer 
as acommercially marketed product, not a component. 


Devices such as a radiation pyrometer, IR pyrometer, optical pyrometer, or thermal 
imager provide ways of measuring infrared radiation, but are outside the scope of this 
Encyclopedia. 


A passive infrared motion sensor (PIR) can detect infrared radiation, but only 
responds to fluctuations in intensity. An infrared temperature sensor measures the 
steady-state value of incident radiation. 


OTHER RELATED COMPONENTS 


+ passive infrared motion sensor (see Chapter 4) 


+ thermocouple (see Chapter 25) 


What It Does - An object is inconveniently located or 


too far away. 
Most temperature sensors discussed in other 
entries in this Encyclopedia are contact sensors, 


; be measured. 
meaning that to measure the temperature of 





+ The temperature of a large area must 


an object, liquid, or gas, they must make con- 
tact with it. In situations where contact is not 
possible or desirable, an infrared tempera- 
ture sensor can be used. It responds to the 
black-body radiation (sometimes known as 
characteristic radiation) that is emitted by all 
materials above absolute zero (0 degrees Kel- 
vin). This varies with temperature as a result of 
the movements of molecules. 


Situations where noncontact sensors may be 
preferable to contact sensors include: 


Contact with a small object would 
change the temperature of the object. 
The act of measurement would change 
the value being measured. 


The object is corrosive, abrasive, or 
otherwise liable to damage a sensor. 


The object is moving or vibrating. 


The surface of the object must not be 
contaminated (for example, unprotec- 
ted foods). 
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How It Works 


» The temperature of the object is lower 
than around -50 degrees Celsius or 
higher than 1,300 degrees Celsius. 


However, noncontact sensors have some limita- 
tions: 


» Normally, only the surface temperature 
of a target can be measured. 


The optics of the sensor must be pro- 
tected from dust, dirt, and liquid. 


The target must be clearly visible, in 
line-of-sight. 


Air pollution will degrade the tempera- 
ture measurement. Some gases, such 
as carbon dioxide, will tend to absorb 
infrared radiation. 


+ The sensor will be affected by other 
sources, including reflected, transmit- 
ted, and convective heat. 


* While an infrared sensor can theoreti- 
cally respond to a very wide range of 
temperatures, in practice separate sen- 
sors of differing sensitivity are needed 
to cover a full range. 


Different types of materials emit differ- 
ing intensities of black-body radiation, 
even if they are at the same tempera- 
ture. Some compensation is necessary, 
or the surface of the object may have 
to be painted. 


Applications 
Handheld contactless thermometers were an 
early application for noncontact sensors. 


In astronomy, the thermal radiation from the 
Sun and other stars is of interest to astrono- 
mers. 


More recently, the declining cost of an infrared 
temperature sensor, and the ease of deploying 
it, have made it appropriate in consumer prod- 
ucts. A significant area of adoption is in note- 
book computers and handheld devices, where 
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processor performance must be balanced 
against the need to prevent the case from 
becoming too hot to hold comfortably. In this 
kind of application, gluing a sensor to the inte- 
rior of the case would be a manual operation 
during the production process and would 
require a wired connection. An infrared temper- 
ature sensor mounted on the circuit board, 
viewing the underside of the case, can achieve 
the same objective more simply. 


A contactless sensor is also very useful for 
measuring the temperature of rotating objects, 
such as heating rollers in a laser printer. 


Schematic Symbol 


No specific schematic symbol exists for an infra- 
red temperature sensor. 


How It Works 


While nanometers (abbreviated nm) are gener- 
ally used to measure visible wavelengths, the 
longer wavelengths of far-infrared are often 
measured in micrometers (abbreviated pm). 
The measurable infrared values are defined as 
ranging from 0.7um to 14um, corresponding to 
peak emissions from a black body ranging in 
temperature from 200 degrees Kelvin to 6,000 
degrees Kelvin (about -70 to +5,700 Celsius). 





Unfortunately an object does not emit just one 
wavelength of black-body radiation for each 
temperature value. It emits a spread of wave- 
lengths that becomes wider as the temperature 
increases. However, the peak intensity also 
increases with temperature, when measured as 
spectral radiance, which is defined as watts per 
steradian, per micrometer of wavelength. (A 
steradian is the solid angle at the top of a cone, 
in this case the cone being of emitted radia- 
tion.) Because the intensity increases, it can be 
used to calculate the temperature. 


Figure 28-1 illustrates this concept. Note that 
both of the axes have logarithmic scales. 
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Figure 28-1 The increase in intensity, and the widening 
spread of wavelengths, of black-body radiation emitted by 
one object at six different temperatures (in degrees Kel- 
vin). 


All the curves are for one object. Each curve is 
specific to one temperature in degrees Kelvin, 
showing how the intensity of emitted radiation 
varies with wavelength. Note that radiation at 
wavelengths shorter than 0.7um is within the 
visible spectrum; thus, objects at 1,000 degrees 
Kelvin, or hotter, may be seen to glow visibly. 


Because of the wide variety of intensities and 
temperatures, an infrared sensor that is ideal for 
measuring a temperature of 1,000 degrees Kel- 
vin will not provide an accurate result at 200 
degrees Kelvin. The peak spectral radiance at 
1,000 degrees is more than 10,000 times the 
peak at 200 degrees. Also, the curves in the fig- 
ure are for an “ideal” object emitting pure 
black-body radiation. In reality, glass, plastic, 
and many other materials have a much lower 
emissivity, meaning that they emit less radia- 
tion, and are classified as gray bodies. A metallic 
object with a polished surface may emit one- 
tenth of true black-body radiation. 


These issues cannot be ignored, but may be 
dealt with by relatively simple strategies. Infra- 
red sensors will be rated according to their suit- 
ability for different temperature ranges, and the 
emissivity of the object being measured can be 


How It Works 


determined by consulting standard tables. 
Alternatively, the object can be spray-painted 
with special black paint (such as “Senotherm” 
or “3-M Black”) that has a known emissivity of 
about 0.95 of pure black-body radiation. Alter- 
natively, a specially formulated black sticker 
may be applied to the object that is being 
measured, so long as its temperature is within 
reasonable limits. 


However, a basic infrared temperature sensor 
will not function reliably if it is pointed ran- 
domly at a variety of objects that vary widely in 
temperature. Specialized, expensive industrial 
devices incorporate compensation to deal with 
these issues, but they are outside the scope of 
this Encyclopedia. 


Thermopile 

A typical low-cost, chip-based infrared temper- 
ature sensor contains a thermopile consisting of 
multiple thermocouples etched into silicon and 
connected in series. The concept of a thermo- 
pile is illustrated in Figure 25-9, where a brief 
explanation is included. 


The configuration of the thermopile is arranged 
so that the hot junctions of its thermocouples 
are all clustered in a small central area, where 
they receive incoming radiation through a win- 
dow (often made of silicon) that is transparent 
to infrared wavelengths. The cold junctions are 
dispersed around the periphery, where they are 
shielded from incoming radiation. One way to 
visualize this is shown in Figure 28-2, although 
this is not a literal depiction of an actual sensor. 


Instead of using alternating types of wire, as in 
a thermocouple, a chip-based thermopile 
often uses alternating segments of n-type and 
p-type silicon. The hot junctions are mounted 
on a thin film that has very little heat capacity, 
while the cold junctions are mounted on a 
thicker substrate that acts as a heat sink. 
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Figure 28-2 Simplified diagram of the thermopile config- 
uration inside an infrared sensor chip. Radiation arriving 
through a window in the chip affects the thermocouple 
junctions in the central region, while junctions around the 
edges remain at a lower temperature. 


Temperature Measurement 

The voltage generated by the thermopile is 
related to the difference in temperature 
between the hot and cold thermocouple junc- 
tions. Thus there are three interrelated vari- 
ables: hot temperature, cold temperature, and 
voltage. To calculate one variable, we must 
know the other two. 


The hot temperature is what we wish to know. 
Therefore we must establish the voltage (which 
can easily be measured) and the cold tempera- 
ture. The cold temperature can be determined 
by adding a thermistor inside the chip. 


Typically an infrared temperature sensor with 
an analog output will have two pins that pro- 
vide access to the internal thermistor, so that its 
temperature can be calculated from its resist- 
ance. Another two pins provide the voltage 
between the ends of the thermopile. 


Interpreting and reconciling these values is not 
a trivial matter, especially bearing in mind that 
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the thermistor has a negative temperature 
coefficient and a nonlinear output, and the 
thermopile will also have some nonlinearity. To 
simplify this situation, some infrared tempera- 
ture sensors incorporate electronics to perform 
the necessary calculations and provide a digital 
output. This output can be converted to 
degrees of temperature by some fairly simple 
mathematical operations in an external micro- 
processor. 


Variants 





Two types of sensors are popular. One is 
surface-mounted, such as the TMP006, shown 
in Figure 28-3. This type generally has a digital 
output. The other type is a discrete component 
with four leads, such as the Amphenol ZTP135, 
shown in Figure 28-4. Discrete components 
may have either an analog or a digital output. 





Figure 28-3 A surface-mount infrared temperature sen- 
sor with digital output. Eight tiny solder pads are located 
on the underside. The background grid is in millimeters. 


Both types of sensors allow infrared light to 
enter through an area that is opaque to the visi- 
ble spectrum but transparent to the appropri- 
ate range of wavelengths. 
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Figure 28-4 A through-hole infrared temperature sensor 
with analog output. The background grid is in millimeters. 


The ZTP135 has an analog output shown in 
Figure 28-5. 
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Figure 28-5 Analog output from an infrared temperature 
sensor. 


The TMP006 is only about 1.5mm square, but is 
available on a breakout board from Sparkfun. 
Its successor, the TMPOO7, is available on a 
breakout board from Adafruit, shown in 
Figure 28-6. 
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Figure 28-6 The TMPOO7 sensor mounted on a breakout 
board from Adafruit. 


Surface-Mount Specifications 

The TMP006 and TMP007 require a supply volt- 
age that can range from 3.3V to 5V. These chips 
support the SMBus and I2C bus protocols, using 
a bus address that can be user-selected. An 
internal analog-to-digital converter uses 1 
least-significant bit to represent 1/32nd of a 
degree Celsius, and data is saved as a 14-bit 
signed integer. Up to 16 temperature samples 
can be averaged internally. 


Measurable temperature range is -40 to +125 
degrees Celsius. Some hysteresis is built in. The 
TMPO07 supports an alert mode if temperature 
falls above or below a user-specified threshold. 


Sensor Arrays 

Using multiple thermopile sensors arrayed in a 
line or a grid, with an array of lenses, it is possi- 
ble to capture an image of temperature varia- 
tions over a surface or a scene. This is known as 
thermal imaging. \It can detect heat leakage 
from buildings, indicating poor insulation, or 
can locate hot spots in electronic circuits. Hei- 
mann Sensor has pioneered the miniaturization 
of a 31 x 31 grid of thermopile sensors in a sin- 
gle TO-8 or TO-39 package. 


Values 





Temperature Range 


Chip-based infrared temperature sensors are 
typically designed for a range from about -20 
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What Can Go Wrong 


degrees Celsius to about +125 degrees Celsius. 
Their peak sensitivity is to wavelengths 
between 4u and 16um. 


Other types of infrared temperature sensors 
can have a much wider temperature range, but 
are more costly. 


Field of View 

Often referred to by its acronym, FOV, the field 
of view is the angle at the apex of an imaginary 
cone extending outward from the sensor, defin- 
ing a boundary where the sensitivity dimin- 
ishes below 50% of the value directly in front of 
the sensor. Greek letter @ may be used to repre- 
sent the angle between the surface of the cone 
and the center line, while @ represents the 
angle between the opposite surfaces of the 
cone (i.e., 2 * ). This is shown in Figure 28-7. 0 
is usually the angle defined as field of view. 







Sensor 
Bc leer Less 
GS than 
50% 
sensitivity 
Greater 
than 
50% 


sensitivity 


Figure 28-7 Measurement of the field of view from a sen- 
sor, defined as the boundary of an imaginary cone where 
sensitivity drops below 50%. 


Because most infrared temperature sensing 
components do not have a lens, they are sensi- 
tive over a wide angle. The field of view is typi- 
cally 90 degrees. 
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What Can Go Wrong 


Inappropriate Field of View 

The object being evaluated must fill the field of 
view of the sensor, to avoid measuring other 
objects around it. 





Reflective Objects 

A reflective object has lower infrared emissivity, 
and also may provide misleading output if the 
sensor is actually measuring thermal radiation 
reflected in the surface of the object in front of 
it. In a permanent installation, such as inside a 
device, the surface to be measured may have to 
be painted to reduce its reflectivity. 


Glass Obstruction 


Because glass is opaque to the spectrum of 
infrared that is of interest, temperature cannot 
be measured through a glass window. Silicon is 
opaque to visible wavelengths but is transpar- 
ent to wavelengths longer than 2um. 


Multiple Heat Sources 


Heat is transferred by convection, conduction, 
and radiation. While an infrared temperature 
sensor is designed to be sensitive to radiation, 
it will also respond to other heat sources. Warm 
or cold air currents will affect its response, and 
so will heat conducted through the material on 
which it is mounted. Careful placement of the 
sensor is important. A shield around the sensor, 
with a small hole in the center, can prevent con- 
vection, while correct location on a circuit 
board can minimize conduction. 


Thermal Gradients 

An infrared temperature sensor should be 
mounted in a stable environment where it will 
not be exposed to thermal gradients (one side 
being hotter than another). This asymmetry can 
cause inaccurate readings. 
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OTHER RELATED COMPONENTS 
+ speaker (see Volume 2) 


+ headphone (see Volume 2) 


What It Does 





The sensation of sound is created by rapid 
waves of air pressure impinging upon the ear- 
drum. A microphone can convert these pres- 
sure waves into an alternating electrical signal 
that can be amplified, recorded, broadcast, 
transmitted through wires, and reproduced as 
sound by a headphone or speaker. The princi- 
ple is illustrated in Figure 29-1. (For more infor- 
mation about sound reproduction, see the 
entries on headphone and speaker in Vol. 2.) 


Schematic Symbol 

Various schematic symbols for a microphone 
have been used during the decades since its 
invention. A selection is shown in Figure 29-2. 
Each symbol assumes that sound is traveling 
from left to right. This is important when inter- 
preting the symbol at top right, which can rep- 
resent an earphone when it points in the 
opposite direction. Unfortunately, some sche- 
matics do not conform with this rule. 


The two symbols at the bottom, showing a 
capacitor inside the microphone, should be 
reserved for condenser or electret micro- 
phones. 





% 
Relatively 
4 Positive Output 






Relatively 
v Negative 


Figure 29-1 The principle of converting pressure waves 
into an alternating electrical signal (adapted from an illus- 
tration in Make: More Electronics). 
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How It Works 
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Figure 29-2 A selection of schematic symbols that rep- 
resent a microphone. 


How It Works 


Some types of microphones generate a small 
voltage, while others have a fluctuating resist- 
ance that modulates a DC current. 





Carbon Microphone 

This was a very early attempt to reproduce 
sound. It contained carbon granules whose 
packing density increased and decreased in 
response to air pressure waves. When the den- 
sity increased, the resistance between the gran- 
ules diminished, and vice-versa. The principle is 
illustrated in Figure 29-3, and was patented by 
Thomas Edison in 1877 for use in telephones. 
As late as the 1950s (and even later in some 
countries), wired telephone handsets con- 
tained carbon microphones. Their bandwidth 
was extremely limited. 





Figure 29-3 The principle of a carbon microphone. 
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Moving-Coil Microphone 

Also known as a dynamic microphone, this con- 
sists of a very small, light coil of thin wire on a 
cylindrical tube that can vibrate along the axis 
of a permanent magnet. This principle is illus- 
trated in Figure 29-4. A diaphragm is attached 
to the front of the tube, and responds to air 
pressure waves that penetrate the perforated 
enclosure of the microphone. Movements of 
the coil around the magnet create small alter- 
nating currents in the wire. The inertia of the 
coil, tube, and diaphragm, and the force 
needed to overcome the interaction between 
the coil and the magnet, impose a limit on the 
high-frequency response of this design. 


eter en 


Sound 
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Figure 29-4 The principle of a moving-coil microphone. 


Condenser Microphone 

This type of microphone contains two thin 
discs or plates that form a capacitor. (In the 
early days of electricity, a capacitor used to be 
known as a condenser. The terminology has 
persisted for microphones.) An equal and 
opposite charge is applied to the plates. One 
plate is flexible, and as it responds to pressure 
waves, the capacitance between it and the 
other, rigid plate fluctuates. If the charge on the 
plates is kept approximately constant while the 
capacitance fluctuates, the voltage across the 
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capacitor fluctuates also. These fluctuations can 
be amplified, as suggested in Figure 29-5. 
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Figure 29-5 The principle of a condenser microphone. 


Electret Microphone 

This works on the same principle as a con- 
denser microphone, except that its plates are 
made from a ferroelectric material that retains 
an electrical charge, just as iron will retain a 
magnetic polarization. The name of the micro- 
phone is derived from “electrostatic” and “mag- 
net.’ While early electret microphones were of 
poor quality, they have evolved to rival con- 
denser microphones, and are extremely afford- 
able. Because the electret creates very small 
currents, it usually includes a transistor or op- 
amp in its package to boost the signal, and has 
an open-collector output. The basic circuit for 
an electret is shown in Figure 29-6. For more 
information about using an open-collector out- 
put, see Figure A-4. 


How It Works 


Output 


to amplifier 





Figure 29-6 The basic circuit for using an electret micro- 
phone. 


An example of a low-cost electret microphone 
is shown in Figure 29-7. This type of compo- 
nent is sold either with leads attached, or with 
solder pads. 





Figure 29-7 A generic electret microphone. The back- 
ground grid is in millimeters. 


MEMS Microphone 

This type, often used in mobile phones, is a 
capacitive device that works on the same prin- 
ciple as a condenser microphone, although the 
component is etched in silicon and has a dia- 
phragm that measures only about 1mm square. 
Many MEMS microphones have an analog out- 
put that is amplified in the same chip. Others 
have a digital output, using PDM encoding. This 
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Values 


reduces the analog signal to a very fast bit 
stream, in which the density of the bits repre- 
sents the amplitude of each fluctuation in a 
sound wave. PDM is an acronym for pulse den- 
sity modulation. It requires an external clock sig- 
nal to time the bit stream. 


A breakout board from Sparkfun, on which is 
mounted an Analog Devices ADMP401 MEMS 
microphone with a preamplifier, is shown in 
Figure 29-8. 





Figure 29-8 A breakout board for a MEMS microphone 
(the metal-clad rectangular component at the far end). 


Piezoelectric Microphone 

This has also been known as a crystal micro- 
phone. It contains a diaphragm that functions 
as a transducer. When it flexes in response to 
pressure waves, the mechanical energy is trans- 
formed into a small amount of electrical energy. 
Piezoelectric microphones were replaced by 
the moving-coil type in domestic audio devices 
when vacuum tubes were replaced with 
transistors, but may still be used as contact 
microphones to amplify acoustic musical 
instruments, or to trigger the playback of digi- 
tally sampled musical sounds. 


Other variants include ribbon microphones 
(which were common in recording studios in 
the 1950s and 1960s, but have become rare), 
laser microphones, and_ fiber-optic micro- 
phones. They are not sufficiently common to be 
included in this entry. 
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Values 





Sensitivity 

Sound pressure is a complicated topic, explored 
in detail in the transducer entry in Volume 2. It 
can be measured in pascals, where 1 pascal = 1 
newton per square meter. 


The sound pressure level is a different concept. It 
measures the relative intensity of a sound, in a 
logarithmic scale calibrated in decibels (abbrevi- 
ated dB). The reference value for this relative 
scale is 20 micropascals, considered to be the 
threshold of human hearing, comparable to a 
mosquito three meters away. This is assigned 
the value of OdB. 


From this point upward, the actual sound pres- 
sure doubles for each additional 6dB. A table of 
noise sources and their approximate decibel 
values is shown in Figure 29-9. This is derived 
from averaging eight similar tables, which are 
not always consistent in their estimates. It is an 
approximate guide only. 


Decibels 


Noise Example 





140 Jet engine at 50 meters 
130 Threshold of pain 
Loud rock concert 
110 Automobile horn at 1 meter 
100 Jackhammer at 1 meter 
90 Propeller plane 300 meters above 
80 Freight train at 15 meters 
70 Vacuum cleaner 
60 Business office 
50 Conversation 


40 Library 
30 Quiet bedroom 
20 Leaves rustling 


10 Calm breathing at 1 meter 
0 Auditory threshold 


Figure 29-9 Decibel values for some common sound 
sources. Reproduced from Volume 2 of this Encyclopedia. 
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The decibel unit is important when under- 
standing the specifications of microphones, 
because it is used to measure their response. 
Microphone sensitivity is established with a 
standard input sine wave of 1kHz in frequency 
and 94dB in intensity (equivalent to 1 pascal in 
actual sound pressure), measured at the micro- 
phone. The sensitivity of an analog microphone 
is then defined as the number of decibels in an 
output signal of 1V. Because the output is an AC 
signal, voltage is measured as a root-mean- 
square (RMS) value. 


For digital microphones, sensitivity is measured 
as the decibels that can be reproduced by a 
full-scale digital output. This value is abbrevi- 
ated as dBFS. 


Directionality 

A microphone that has a directional response is 
desirable in many situations. Often, for exam- 
ple, sounds in front of the microphone are 
more important than sounds from behind the 
microphone. The directionality of a micro- 
phone (sometimes referred to as its directivity) 
is usually represented with a polar graph in 
which the microphone is seen from above, and 
its sensitivity to sounds from various directions 
is shown with a curve such as those in 
Figure 29-10. The circles are drawn at intervals 
of 5dB, with OdB at the periphery and -30cdB at 
the center. The precise response for an individ- 
ual microphone should be shown in its docu- 
mentation. 


Frequency Response 

Every microphone tends to be more sensitive 
to some sound frequencies than others. A man- 
ufacturer will provide a graph showing this sen- 
sitivity, in decibels, plotted against sound 
frequency on a logarithmic horizontal axis. The- 
oretically, human hearing extends from around 
20Hz to 20kHz, but few people are actually 
capable of hearing the high end of that range, 
and 15kHz may be a more realistic limit for a 
young person, diminishing to 10kHz with mid- 
dle age. 


Values 


Omnidirectional 





Directional 
Cardioid 
Hypercardioid 
Figure 
eight 
Subcardioid 


Figure 29-10 Six generic sensitivity patterns. Individual 
microphones will deviate somewhat from these generic 
curves. 


An ideal flat response would show that a micro- 
phone is equally sensitive to all frequencies. In 
reality, ro/loff usually occurs at low frequencies, 
and will eventually occur at high frequencies, 
although it may be preceded by a rise in 
response. If the central section of a curve is flat 
within plus-or-minus 1dB, this is a level of per- 
formance that was attained only by expensive 
studio microphones in the past. Electrets and 
MEMS microphones can now provide equiva- 
lent frequency response for $1 or $2 apiece, as 
opposed to the hundreds or even thousands of 
dollars that used to be necessary for professio- 
nal equipment. 


The response curve shown in Figure 29-11 is for 
the eMerging i436, an electret microphone sold 
in a module as an accessory to enable high- 
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What Can Go Wrong 


quality recordings on handheld devices. The 
rise around 15kHz may have been introduced 
deliberately by the manufacturer to compen- 
sate for reduced sensitivity of the human ear in 
that range. 


100 1K 10K 
Frequency (Hz) 


Figure 29-11 Frequency response for an electret micro- 
phone. 


Impedance 


The impedance value for a microphone is a 
function of its resistance, capacitance, and 
inductance. An amplifier input will also have an 
impedance rating, and for ideal power transfer 
between microphone and amplifier, the impe- 
dance values should be identical. However, a 
more important consideration in audio equip- 
ment is to avoid voltage loss between the out- 
put device (in this case, the microphone) and 
the input device (the amplifier). To achieve this, 
the output device should have a low impe- 
dance, while the input device should have a 
high impedance. Most microphones are rated 
at 150 to 200 ohms, while an amplifier may be 
rated at 1.5K to 3K. 
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Total Harmonic Distortion 

When an audible sine wave is converted to an 
electrical output by a microphone (and by its 
preamplifier, if one is included in the module), 
the output may become corrupted by some 
multiples of the basic frequency. These are 
known as harmonics, and they are considered 
as a distortion of the signal. Total harmonic dis- 
tortion, measured by a spectrum analyzer over 
the entire frequency range, should ideally be 
less than 0.01%. 


Signal-to-Noise Ratio 
Often abbreviated as S/N or SNR, the signal-to- 


noise ratio in a microphone is measured in deci- 
bels, and should be 60caB or higher. 


What Can Go Wrong 


Cable Sensitivity 

Audio amplification is always vulnerable to 
electrical noise, which tends to be amplified 
along with the signal. Small signals from micro- 
phones require the use of shielded cables to 
reduce hum and other types of interference. 





Noisy Power Supply 

For similar reasons, power supplies must be as 
free as possible from voltage spikes and other 
fluctuations. 
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The entry describes components that can be installed to monitor current on an indefi- 
nite basis. It does not include test equipment, such as test meters or multimeters. 


A current transformer may be used to measure current, but is not included in this Ency- 


clopedia. 


OTHER RELATED COMPONENTS 


+ voltage sensor (see Chapter 31) 


What It Does 


A current sensor measures the flow of electric- 
ity through a wire or a device, and supplies an 
output that can be interpreted either visually or 
by a microcontroller to provide a reading in 
amperes or fractions of an ampere. 





Applications 

Current sensing is important in industrial appli- 
cations such as the control of high-powered 
motors. It can be used to monitor the perfor- 
mance of an inverter, or for everyday purposes 
such as monitoring the long-term power con- 
sumption of an appliance. During product 
development, a current sensor can indicate the 
power consumption of a circuit as it changes 
with modifications. 


This entry describes three methods to measure 
current: an ammeter, series resistor, and Hall 
sensor. While other methods exist, they are out- 
side the scope of this Encyclopedia. 


Ammeter 





An ammeter that is sold as a standalone device 
with leads for circuit testing is often described 


as a test meter. Its functionality is usually built 
into a multimeter. Test meters and multimeters 
are outside the scope of this Encyclopedia. 


An ammeter designed for permanent installa- 
tion in a device or prototype is a type of panel 
meter, such as the one shown in Figure 30-1. 
This traditional-style analog meter may be less 
expensive than the many digital types that are 
available. It uses a magnetic field created by 
current flowing through a coil to pull a needle 
across a scale, against the force of a spring. 


Ge )it401000212 


~02.51 9B 





Figure 30-1 A traditional-style analog ammeter. 
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Series Resistor 


A digital ammeter allows a wider range of val- 
ues to be viewed more easily. The meter from 
Adafruit in Figure 30-2 has a range of OA to 
9.99A, at voltages from 4.5VDC to 30VDC. The 
meter can be powered parasitically from the 
currents that it is measuring, or can use a sepa- 
rate isolated 5VDC supply. 





Figure 30-2 A panel-mount digital ammeter that can 
measure up to 9.99A. 


Schematic Symbol 


An ammeter may be represented in a sche- 
matic with the letter A inside a circle, as shown 
in Figure 30-3. 


—(A)}— 


Figure 30-3 An ammeter may be represented like this in 
a schematic. 


Ammeter Wiring 

Two ways to use an ammeter in a circuit are 
illustrated in Figure 30-4, where the load may 
be any equipment, device, or component that 
provides some electrical resistance. Because 
current is the same at all points in a simple cir- 
cuit, the current that the meter measures flow- 
ing through itself will be the same as the 
current flowing through the load, and the 
sequence of components is immaterial. 
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Figure 30-4 Two options for placement of an ammeter 
ina circuit. 


However, regardless of the placement of the 
meter, the process of measuring current will 
inevitably change the value of the current 
being measured. This is because the ammeter 
imposes some internal resistance of its own. 
The resistance is extremely low, and may be 
considered negligible for loads of more than a 
few ohms. 


* The low internal resistance of an 
ammeter means that it must never be 
connected in parallel with a load, or 
directly across a power source. 


A disadvantage shared by analog and digital 
meters is that they are not usually interchange- 
able between AC and DC. 


Series Resistor 





The current flowing through a load can be cal- 
culated by measuring the voltage across a ser- 
ies resistor that is inserted between the load 
and its ground connection. The concept is illus- 
trated in Figure 30-5. 


Using Ohm's law, if U is the voltage drop, | is the 
current, and R is the value of the resistor: 


I=U/R 


This tells us that for a fixed value of R, current is 
proportional to voltage. Therefore, measuring 
the voltage enables calculation of the current, 
so long as the value of R is known. 
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Voltage 
measurement 
device 


Low-value 
resistor 
(e.g. 0.01 ohms) 


Figure 30-5 A basic circuit for measuring current as a 
function of the voltage drop across a small-value resistor. 
The load in this figure is any circuit or device with a rela- 
tively higher resistance. The voltage measurement device 
could be a microcontroller or analog-to-digital converter. 


Suppose that R has a very small value, which is 
trivial compared with the resistance of the load. 
Consequently, the current in Figure 30-5 will be 
mainly determined by the load, and we may 
consider the value of the current to be almost 
the same with or without the addition of R. In 
that case, the voltage drop across the resistor 
will be smaller if R is smaller. A smaller voltage 
drop will not be as easy to measure, but a lower 
resistance will result in less wastage of power. 


If P is the power: 
Pia Rk * 1 


An example may help to make this clear. Sup- 
pose the resistor has a value of 0.5 ohms, and 
the voltage drop across it is measured to be 1V. 
Ohm's law shows that current flow is 1 / 0.5 = 
2A. The power formula shows that P = 0.5 * 4 = 
2W. 


To waste less power, the value of the resistor 
should be reduced further. Suppose a resistor 
of 0.01 ohms is used, and the voltage drop 
across it is measured as 0.02 volts. The current is 
0.02 / 0.01 = 2A, as in the preceding example, 
but the power dissipation is now only 0.01 * 4= 
0.04W, which is negligible. 


Series Resistor 


But are resistors available that have values 
measured in fractions of an ohm? 


Current-Sense Resistors 


In fact, many current sense resistors are avail- 
able, with values of 0.1 ohms, 0.001 ohms, 
0.0001 ohms, and many in between. Some 
resistors have values measured in micro-ohms. 
Examples are shown in Figures 30-6, 30-7, and 
30-8. 


Measuring a small voltage drop is easily done 
by using a microcontroller. However, the con- 
nection to the microcontroller must be made as 
near to the resistor as possible, to eliminate the 
additional resistance of wires or circuit-board 
traces. For this reason, precision current-sense 
resistors may be equipped with four terminals. 
Two are wider, and are meant for connection to 
the flow of current. The other two are narrow, 
for measuring the voltage over the resistor. 
With this 4-point configuration, voltage drop 
over the resistor can be measured as close to it 
as possible. The 0.001-ohm surface-mount 
resistor in Figure 30-8 is designed for 4-point 
measurement. 





Figure 30-6 Two current resistors manufactured by KOA 
Speer. Left: 0.1 ohms, 5W, 5%. Right: 1 ohm, 5W, 5%. The 
background grid is in millimeters. 
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Hall-Effect Current Sensing 





Figure 30-7 Two styles of current resistors rated for 0.01 
ohms. Bottom left: A plug-in version from TT Electronics, 
rated 1W and 5%. Top right: Ohmite, 4W, 1%. The back- 
ground grid is in millimeters. 


Resistors that have the lowest values and are 
intended to tolerate high current may consist 
of just a metallic strip welded to solderable 
pins. This type of component is sometimes 
called an open-air resistor. It is commonly used 
in multimeters, for measuring currents up to 
10A or above. 





Figure 30-8 This Vishay 4-terminal surface-mount cur- 
rent resistor is rated for 0.001 ohms, 3W, 1%. The back- 
ground grid is in millimeters. 
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Voltage Measurement 

Some chips are designed for amplifying the 
voltage drop across a current-sensing resistor. 
An example is the Texas Instruments INA169. 


A few chips contain an analog-to-digital con- 
verter in addition to the amplifier. The INA219 
by Texas Instruments is designed to measure 
voltage as well as current, on the “high side” of 
a circuit—that is, between the positive power 
supply and the power input of the circuit. It 
makes its digital data available over an I2C bus. 


For additional details about protocols such as 
I2C, see Appendix A. 


Measuring current from the voltage drop across 
a series resistor offers the advantages of sim- 
plicity, ability to work with AC or DC, and low 
cost (although some resistors of extremely low 
value can be relatively expensive). A possible 
disadvantage is that the measurement circuit is 
not isolated from the circuit whose current is 
being measured. 


Hall-Effect Current Sensing 





The principle of a Hall-effect sensor is explained 
in the entry for object presence sensors. See 
“Hall-Effect Sensor”. Normally this type of sen- 
sor is activated by an external permanent mag- 
net, but it can also react to the magnetic field 
generated by current flowing through a wire. 


Because the field generated around a wire is 
proportional with the current, the analog out- 
put voltage generated by a linear Hall-effect 
sensor can also be proportional with the cur- 
rent. 


Hall-effect sensors for this specific purpose are 
available in 8-pad surface-mount packaging. 
The current to be measured passes through a 
copper conductor that is embedded in the 
chip. An example is Allegro’s ACS712, for AC or 
DC currents up to 30A. The internal resistance 
of the current path through this chip is stated 
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as 1.2 milliohms, and the path is isolated from 
the sensing circuitry. 


Three variants of the chip are available, for cur- 
rents of plus-or-minus 5A, 20A, and 30A. 
Depending on which variant is used, the output 
will range from 66mV to 185mV for each 
increase of 1A in the current path. Because the 
current path is isolated, the chip requires a sep- 
arate power supply of 5VDC. 


The 5A version of the AVS712 can be bought on 
breakout boards from Sparkfun. In Figure 30-9, 
the board at top-left contains only the ACS712, 
while the board at lower-right adds an op-amp 
with sensitivity control, to amplify the voltage 
output when measuring small currents. 





Figure 30-9 Breakout boards using the AVS712 Hall- 
effect current sensor. The one at lower-right includes an 
op-amp to amplify small signals. 


What Can Go Wrong 





Confusing AC with DC 
A panel meter that is designed only to measure 
DC should not be used with AC, and vice-versa. 


What Can Go Wrong 


Erroneous readings or damage to the meter 
may result. 


Magnetic Interference 


A disadvantage of Hall-effect current sensing is 
that the sensor can be affected by stray mag- 
netic fields. Because a Hall-effect chip is 
responding to very small magnetic effects, it is 
vulnerable to interference. Consult the manu- 
facturer’s datasheet carefully regarding correct 
placement of a chip ona circuit board. 


Incorrect Meter Wiring 


The correct wiring of an ammeter is in series 
with a load, not in parallel with a load. This may 
seem an elementary error, but is easy to make if 
an ammeter and a volt meter are both being 
used, and they look similar. 


Because some panel meters are not fused, 
applying an ammeter directly across a power 
supply, without any series resistance, may result 
in immediate and hazardous destruction of the 
meter. 


Incorrect wiring can also occur when using a 
digital meter that has four wires emerging from 
it: two for current testing and two for a separate 
power supply. This issue is especially important 
when measuring substantial currents (above 
1A). 


Current Out of Range 

Attempting to measure a current that exceeds 
the range of an ammeter may damage the 
meter or blow its internal fuse, if it has one. 





Chapter 30: currentsensor 203 


electricity > metering > voltage 





The entry describes the type of component that can be installed to monitor voltage on 
an indefinite basis. It does not include test equipment, such as test meters or multime- 


ters. 
OTHER RELATED COMPONENTS 


* current sensor (see Chapter 30) 


What It Does 


A voltage sensor measures the electrical poten- 
tial between any two points in a circuit, or the 
voltage supplied by a power source, and pro- 
vides data in volts or fractions of a volt. It 
should not be confused with an analog-to- 
digital converter, which is not a sensor in itself, 
but can process the voltage output from a sen- 
sor by digitizing it. More information about 
analog-to-digital conversion is in the Appendix. 
See Appendix A. 





Applications 

Voltage measurement is important in conjunc- 
tion with all types of power supplies, to verify 
their performance. A volt meter may also be 
used to show the output from various types of 
analog sensors that have voltage output. 


A graphical display may be used in audio 
equipment to indicate signal level, which can 
be proportional with voltage. 


Volt Meter 


A volt meter that is sold as a standalone device 
with leads for circuit testing is often described 
as a test meter. Its functionality is usually built 








into a multimeter. Test meters and multimeters 
are outside the scope of this Encyclopedia. 


A volt meter designed for permanent installa- 
tion in a device or prototype is a type of panel 
meter, which is described here. 


An antique analog panel meter is shown in 
Figure 31-1. 


STONE 
RESTON 
4 


\ ... ave 


a 


Figure 31-1 An antique analog volt meter. 


The four scales on the dial correspond with sep- 
arate input terminals at the rear of the unit. The 
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How It Works 


unequally divided scales are a simple way to 
compensate for the nonlinear response of the 
mechanical movement inside the meter. 


Modern analog volt meters are still manufac- 
tured, and may be cheaper than their digital 
equivalents. However, a digital volt meter 
allows a wider range of values to be viewed 
more easily. The meter in Figure 31-2, sold as a 
low-cost battery tester, measures voltages from 
4VDC to 13VDC to an accuracy of two decimal 
places. It needs no separate power supply. 


we oe —s 4 


Battery tester 


LCD Voltage Indicator 





EK2-0906 Input Voltage:4-13V/DC 


Figure 31-2 A panel-mount digital volt meter. 


Sometimes the number of digits in a volt meter 
is specified as ending with one-half, as in 3.5 or 
3-1/2 digits. This means that the most signifi- 
cant (leftmost) digit can only be a 1 or a blank. 
The extra “half digit” may seem inconsequential 
but doubles the range of displayable values. 
For example, a 2-digit display can only show 
100 values, from 0 to 99. A 2-1/2-digit display 
can show 200 values, from 0 to 199. 


Schematic Symbol 

A volt meter may be represented in a schematic 
with the letter V inside a circle, as shown in 
Figure 31-3. 
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Figure 31-3 A volt meter may be represented like this in 
a schematic. 


Volt Meter Wiring 

Two ways to use a volt meter in a circuit are 
illustrated in Figure 31-4, where the load may 
be any equipment, device, or component that 
provides some electrical resistance. 


Figure 31-4 Two options for placement of a volt meter. 


On the left side of the figure, a volt meter may 
be connected directly across a power source, 
because the internal resistance of the meter is 
so high, it will draw very little current. In this 
configuration, the meter measures the voltage 
of a source when the source is virtually unloa- 
ded. 


On the right, the meter can measure the volt- 
age drop across a load, or can measure the volt- 
age across any component, or group of 
components, that are a subset of the load. 


A disadvantage shared by dedicated analog 
and digital volt meters is that they are not usu- 
ally interchangeable between AC and DC. 


How It Works 


An analog volt meter usually contains a built-in, 
high-value fixed resistance, and an ammeter 
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measuring the current passing through it. The 
current sensed by the ammeter is then con- 
verted to a reading in volts. 


Suppose that R represents the fixed resistance, 
U is the voltage drop across the resistance, and 
| is the current flowing through it. Ohm's Law 
tells us: 


U=I*R 


The formula shows that if the resistance is fixed, 
the voltage will vary in proportion with the cur- 
rent, and therefore can be calculated from it. 


Load-Related Inaccuracy 


When the meter is measuring the voltage drop 
created by a load that has high resistance com- 
parable to the internal resistance of the meter 
itself, the meter will not give an accurate read- 
ing. Figure 31-5 illustrates this problem. 


On the left side of the figure, two resistors 10M 
each are wired in series between a 9VDC power 
source and negative ground. Because the resis- 
tors are equal, each of them imposes an equal 
voltage drop of 4.5V. 


On the right side of the figure, an additional 
10M resistance has been added in parallel with 
the lower resistor. When two resistors of values 
R1 and R2 are wired in parallel, their total resist- 
ance, R, is given by this formula: 


if7RSC if Rt ye C1 yp Res 


Therefore, the total resistance in the bottom 
half of the circuit is now 5M instead of 10M, and 
the voltage drop across the upper resistor 
becomes twice the voltage drop across the two 
lower resistors. 


How It Works 
9VDC = QVDC 
/ 
4.5V 10M 6v 10M 
\ \ 
f 
4.5V 10M 3Vv 10M 
\ \ 


Figure 31-5 /f ameter measuring the voltage drop across 
a load has an internal resistance comparable to that of a 
load, the meter will not give an accurate reading. See text 
for details. 


Now suppose that the additional 10M resistor is 
actually the fixed resistance inside a volt meter. 
In fact, many volt meters do have an internal 
resistance of around 10M. Because the meter 
has reduced the resistance in the bottom half of 
the circuit by a factor of 2, it measures the volt- 
age drop as 3V. If the meter had an ideal, infin- 
ite resistance, it would give the correct value of 
4.5V. In the real world, that is impossible. 


Bar Graph 


Sometimes it is useful to represent voltage with 
a graphical display. A bar graph component 
makes this possible, and is often used in audio 
equipment. 


The bar graph can consist of a row of LEDs. Ina 
component designed for this purpose, there 
are usually 10 or more. To represent 0 volts, all 
the LEDs remain dark. More LEDs are illumina- 
ted as the voltage increases. 


Because the bar graph itself only contains LEDs, 
a driver is necessary to convert voltage into the 
“rising thermometer” effect. Examples are the 
LM3914 (linear), the LM3915 (logarithmic, 3 dB 
per step), and the LM3916 (using VU or Volume 
Units, for audio). Each of these components has 
10 LED outputs, and is fabricated using a chain 
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What Can Go Wrong 


of resistors as a multitap voltage divider, with 
10 comparators. 


A driver can be set to show only one LED corre- 
sponding with the current voltage level, or 
(more commonly) a cumulative string of LEDs 
from zero upward. Some bar graphs also con- 
tain different colored LEDs, such as green for 
the first 7, yellow for the next 2, and red for the 
final one. 


A microcontroller containing an analog-to- 
digital converter can be used to illuminate a bar 
graph, instead of a driver chip. 


An example of a bar graph is the Avago 
HDSP-4830, shown in Figure 31-6. 





Figure 31-6 A bar graph LED display, which can be used 
to represent voltage. The background grid is in millime- 
ters. 
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What Can Go Wrong 
Confusing AC with DC 


A panel meter that is designed only to measure 
DC should not be used with AC, and vice-versa. 
Erroneous readings or damage to the meter 
may result. 





High Circuit Impedance 
When a meter is measuring the voltage drop 
across a high-value resistance, it will give an 
inaccurate reading, as it is diverting a signifi- 
cant proportion of the current. 


Voltage Out of Range 

Attempting to measure a voltage that exceeds 
the limited range of a meter can damage the 
meter or blow its internal fuse, if it has one. 
Attempting to measure a voltage that is at the 
very low end of a meter’s range will result in an 
inaccurate value. 


Voltage Relative to Ground 

If one input to a digital meter is connected with 
ground, the meter will only be able to measure 
voltage in a circuit relative to ground. 
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This appendix provides some basic information 
about nine forms of sensor outputs, and the 
ways in which they can be processed. Other 
types of encoded output exist, but those exam- 
ined here are the ones most likely to be found. 


Figure A-1 provides an overview. Every sensor 
initially creates an analog output, which is 
sometimes connected directly to an output pin. 
In thermistors and photoresistors, for example, 
the internal resistance of the component con- 
stitutes its output. In many sensors, however, 
the behavior of the sensing element is pro- 
cessed internally to create voltage, open collec- 
tor, encoded pulse stream, or current output. 


If the sensor is chip-based, it may process the 
analog sensor response internally to create a 
binary output or a digital output. 


In this Encyclopedia, the term “binary output” 
means “an output that has two states,” usually 
logic-low or logic-high. The states may be 
accessible via an output pin, or may be pro- 
cessed internally to create a pulse stream. In 
that case the stream fluctuates between the 
two states as a way of encoding an analog 
value with pulse-width modulation (PWM) or 
frequency. Other types of encoding are also 
possible, but are unusual. 


Analog Output 


Open 
collector 















Voltage 







Current 





High/Low 
Figure A-1 Nine possible types of output from sensors. 
The primary categories are highlighted in green. 


The term digital output is used here to mean 
one or two bytes of data that are stored in a 
register (memory location) in the sensor chip. 
While other forms of output are “always on” 
and can be accessed at any time from an out- 
put pin, a digital output is usually not available 
until an external device, such as a microcontrol- 
ler, sends an instruction to the sensor chip, tell- 
ing it to return the data. This two-way 
communication usually is handled by the I2C or 
SPI protocols (other protocols exist, but are less 
common). 
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Analog Outputs 





Voltage is by far the most common form of ana- 
log output. Other forms of analog output can 
easily be converted to a voltage value, using 
the simple techniques described here. 


1. Analog: Voltage 


Direct Connection: Analog-to-Analog 

An analog voltage output can be connected 
directly to an analog input, so long as the range 
is compatible and the sensor can provide suffi- 
cient current. Examples of external analog devi- 
ces would be an analog volt meter, a light 
source or sound source that changes intensity, 
or a transistor or op-amp that will amplify the 
output for other audio/visual purposes. 


If the voltage output from the sensor rises 
above a usable range, it can be converted to a 
lower value by applying it across two resistors 
connected in series to form a voltage divider. 
This is shown in Figure A-2. 


Variable 

voltage Reduced 

Ouiput voltage 
output 





Figure A-2 Using a voltage divider to reduce the range 
from a sensor. 


The values of R1 and R2 can be derived from 
this basic formula, where Vcey is the voltage 
from the sensor and Vouz is the output from the 
voltage divider: 


Example A-1 


Vout = Vsen * ( R2 / ( R1 + R2 ) ) 
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The impedance of the device used for voltage 
sensing must be high relative to the values of 
R1 and R2. Note also that if the analog voltage 
out from the sensor varies linearly with the 
phenomenon being sensed, this relationship is 
likely to be disturbed by the voltage divider. 


Analog-to-Binary Conversion 


The term “binary” is used here to mean an out- 
put that can be in one of two states, such as 
logic-high and logic-low. 


A varying analog voltage output can be simpli- 
fied by passing it through a component that 
transforms the signal into binary form. This may 
be done by using a logic chip with a Schmitt 
trigger input, a zener diode, or a comparator. 
(For a description of comparators, see the entry 
in Volume 2.) A comparator provides desirable 
features such as adjustable positive feedback to 
create hysteresis. It may be used, for example, 
to convert a slowly changing signal from a pho- 
totransistor while the sun is setting, to a 
high/low output that can activate a relay to 
switch on a light. 


Analog-to-Digital Conversion 


The analog voltage output from a sensor can 
be digitized by an external analog-to-digital 
converter (ADC), either inside a microcontroller 
or by a separate ADC chip. 


If a microcontroller is used, a sensor may often 
be wired directly to an input pin that connects 
internally with an ADC. A program in the micro- 
controller can then assess the integer output 
from the ADC and either execute a conditional 
statement or convert the value to a format 
appropriate for another device, such as a digital 
display. 


If an ADC chip is used, there are thousands to 
choose from. A few basics: 


- A flash converter contains a row of 
comparators with different reference 
voltages generated with a chain of 
equal resistors. The comparator out- 
puts are fed into a priority encoder 
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that outputs a binary number. This sys- 
tem is very fast but has limited resolu- 
tion. 


* A successive approximation converter 
uses a single comparator, comparing 
the input voltage with the output from 
a DAC. The binary number that is sup- 
plied to the DAC is determined one bit 
at a time, from the most significant to 
the least significant bit, using the com- 
parator’s result to determine if the bit 
should be 0 or 1. These bits are stored 
in a register, called a successive approx- 
imation register (SAR). When the pro- 
cess finishes, the SAR contains a binary 
representation of the input voltage. 
This type of ADC can achieve high reso- 
lution (many bits) at the cost of lower 
conversion speed. 


In a dual slope converter, a capacitor is 
charged for a fixed time, with a rate 
proportional to the input voltage, then 
discharged at a known rate while 
measuring time by counting clock pul- 
ses. The resulting count is the ADC out- 
put. 


The name of the converter is derived 
from the voltage on the capacitor. 


A voltage-to-frequency converter uses a 
voltage-controlled oscillator to pro- 
duce pulses with a frequency propor- 
tional to the input voltage. If the pulses 
are counted over a fixed time interval, 
the count is proportional to the signal 
level. 


The number of the bits in the output from an 
ADC must be sufficient to digitize the input 
voltage range with desired accuracy. Because 
the voltage range may contain unexpected 
peaks, a cautious strategy is to use many more 
bits than are necessary. However, this means 
that for most of the time, only a few bits will be 
used to represent the low end of the voltage 
range, and accuracy will suffer. 


For example, suppose a voltage input normally 
ranges from OV to 2V, with occasional brief 
excursions to 8V. An 8-bit ADC can provide 256 
digital values to represent input voltages. If the 
values are spread uniformly over the full 8V 
input range, the least significant bit can meas- 
ure 1/32nd of a volt, or about 31mV. Smaller 
voltage fluctuations will be ignored. On the 
other hand, if the 256 values are used to meas- 
ure a range of just 2 volts, the least significant 
bit can measure 1/128th of a volt, or slightly 
less than 8mV—but voltages higher than 2V 
will be clipped. 


An ADC will typically require a reference volt- 
age, and will digitize the range from OV to that 
voltage. The reference voltage must be chosen 
with the issues of accuracy and range in mind. 


A microcontroller may provide a feature in its 
language to perform automatic scaling of an 
analog input within limits set by a variable in 
program code. This is done by comparing the 
input with a selectable voltage level, such as 
the voltage of the power supply, an externally 
supplied voltage, or a fixed built in reference. 
While the ADC in the microcontroller normally 
digitizes values from OV to the supply voltage 
for the chip, the conversion routine can instruct 
the microcontroller to use its full number of bits 
(often, 10) to digitize an input range from OV to 
1V. 


For a higher sample rate, an ADC chip may be 
connected with the microcontroller over an |2C 
or SPI bus. 


2. Analog: Resistance 


Resistance-to-Voltage Conversion 

A sensor that changes its resistance as it 
responds to its environment can be placed in a 
voltage divider to provide an analog voltage 
output. This is illustrated in Figure A-3. 





Appendix A ail 


Variable 
voltage 
output 
Variable 
resistance 
sensor 


Figure A-3 The basic principle of putting a variable- 
resistance sensor in series with a fixed resistance, to cre- 
ate a voltage divider. 


To choose the value for the series resistor, if 
Ruin and Ryay are the minimum and maximum 
resistance values for the sensor, the optimum 
value Rg for the series resistor, to produce the 
widest variation in voltages, will be found from 
this formula: 


When the sensor has been set up in this way, 
the output can now be processed in the same 
way as any analog voltage output from a sen- 
sor. 


The datasheet of the sensor should be consul- 
ted to make sure that a series resistor value 
does not allow any chance of the sensor being 
damaged by excessive current. 


3. Analog: Open Collector 


Many sensor packages or modules include a 
bipolar transistor that has an open-collector 
output (or open drain, if a CMOS transistor is 
used). The transistor may or may not be incor- 
porated in an internal op-amp (described in 
Volume 2). Either way, the principle is the same. 


Figure A-4 shows a sensor, in darker blue, that 
has one connection for positive power, another 
connection for negative ground, and a third 
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connection to the collector of the internal tran- 
sistor. 


Transistor not conductive 








Power for 
uy sensor 


Sensor 


Sensing 
element 






Output high 


Transistor is conductive 







Power for 
+ sensor 


Sensor 


Sensing ae 
element \ a 





Output low 


Figure A-4 How to use an open-collector output from an 
internal transistor. 


In the upper section of the figure, the sensing 
element is not applying voltage to the base of 
the internal transistor, and the transistor only 
conducts a tiny amount of leakage current. 
Power applied to it through an external pu//up 
resistor cannot reach negative ground in any 
significant quantity, and therefore it can pro- 
vide a voltage input to a high-impedance 
device such as a microcontroller, or can power a 
component such as an LED, which draws rela- 
tively little current (20mA or less). 


In the lower section of the figure, the sensing 
element is now applying voltage to the base of 
the transistor, drastically lowering its effective 
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resistance. The transistor diverts current from 
the pullup resistor to ground, and the output 
appears to go low. 


The type of sensing element will determine 
whether the transistor becomes conductive or 
nonconductive when the element detects a 
stimulus. 


The value that should be chosen for the pullup 
resistor will depend on the impedance of any 
device attached to the open-collector output. A 
10K resistor may be appropriate for use with a 
device such as a microcontroller, which has very 
high impedance. At the other extreme, if the 
device is an LED, a 330-ohm resistor may be 
necessary. The value of the pullup resistor must 
be sufficiently low to enable reliable operation, 
but sufficiently high to prevent excessive cur- 
rent from passing through the internal transis- 
tor when it becomes conductive (20mA is a 
common maximum value). 


The voltage from the open collector can be 
processed in the same way as any analog volt- 
age output from a sensor. 


An open-collector output may be used when 
the outputs from multiple devices share the 
same bus. One device can drive the bus 
without the problem of other devices attempt- 
ing to hold the bus voltage high. 


4. Analog: Current 

Relatively few sensors provide an output con- 
sisting of variations in current. Some semicon- 
ductor temperature sensors function in this 
way. The output current can be converted to a 
voltage output simply by placing a fixed series 
resistor, as shown in Figure A-5. 


The voltage at the point shown, relative to neg- 
ative ground, will vary linearly with the current. 
The value of the resistor should be defined in a 
datasheet for the sensor. 


The voltage can now be processed in the same 
way as any analog voltage output from a sen- 
sor. 


ae 
Variable 
current 
sensor 
Variable 
voltage 
output 
Fixed 
resistance 


Figure A-5 How to convert the output from a variable- 
current sensor. 


5. Binary: High/Low 

A sensor that provides a binary output (that is, 
an output that is either logic-high or logic-low) 
can be connected directly with a microcontrol- 
ler, if the voltage range is compatible. Program 
code in the microcontroller can then test the 
pin to establish its state. Note that some micro- 
controllers require a 3.3VDC power supply, 
while sensor chips may use 5VDC. 


A binary output can also be used to control a 
solid-state relay, or an electromagnetic relay if 
transistor amplification is used. The output may 
be sufficient to power an LED indicator. 


6. Binary: PWM 

PWM is an abbreviation for pulse-width modula- 
tion. The sensor emits a stream of square-wave 
pulses with a fixed frequency, but the width of 
each pulse varies with the stimulus to which 
the sensor is responding. The width of each 
high pulse, relative to the wavelength between 
the start of one pulse and the start of the next, 
is called the duty cycle. A duty cycle of 0% 
means that there are no pulses at all. With a 
duty cycle of 100%, there are no gaps between 
pulses, so the output is high all the time. With a 
duty cycle of 50%, the duration of each high 
pulse is the same as the duration of the gap 
between pulses. 
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Various microcontrollers offer different ways to 
decode a PWM pulse stream. The most basic 
way is for a program to check an input pin 
repeatedly, as fast as possible, until a high state 
is detected. The microcontroller copies the 
value of its internal clock into a variable, then 
continues to check the input repeatedly until 
the pulse ends. The pulse duration that has 
been measured can be converted to a sensor 
value with a formula or lookup table. 


This system is not recommended, as the micro- 
controller may miss the next pulse while it is 
converting the value of the previous pulse. To 
address this problem, a microcontroller lan- 
guage may offer a function that blocks execu- 
tion of code while waiting for a pulse. The 
pulseln() function on the Arduino is an example 
of this feature. However, the microprocessor 
must now spend most of its time waiting for a 
pulse instead of doing useful work. 


A better solution is to write a program that is 
interrupt-driven. 


Another option for decoding PWM is to use a 
low-pass filter that converts the pulse stream 
into an analog voltage, although some ripples 
will tend to remain. 


Finally PWM can be used directly to power an 
LED or a DC motor, with transistor amplification 
as required. The speed of the motor or the 
brightness of the LED will vary with the duty 
cycle. 


7. Binary: Frequency 

Here again, the pulseln() function on the Ardu- 
ino may be used, so long as the frequency is a 
square wave with a known duty cycle. 


8. Digital: 12C 


In digital electronics, a bus is a communal path- 
way for sharing data among components or 
devices. The /2C bus is an abbreviation for inter- 
integrated circuit bus, developed originally by 
Philips in 1982. (Philips has since been sub- 
sumed into NXP Semiconductors.) The correct 
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notation for I2C is I?C, and it is spoken as “I- 
squared-C” However, the term is very com- 
monly written as I2C. 


The I2C standard defines a data sharing proto- 
col that is limited to 400kHz (with some excep- 
tions) and designed to work on a small scale, 
almost always within one device, and usually 
on one circuit board. It is a low-cost, simple 
design. Data is transmitted serially over two 
wires, and the devices sharing the bus are con- 
nected in parallel. 


Typically there is one master device on the bus, 
and a number of slave devices. Masters and 
slaves can both transmit information, but the 
master normally initiates communication. It 
also emits a clock signal for synchronization of 
data. 


A sensor is a slave device that can be interroga- 
ted by a microcontroller in its role as the master 
device. Because multiple slave devices can 
share a bus, the microcontroller needs a way to 
identify the slave that it wishes to talk to, and 
each slave is assigned a unique address for this 
purpose. Often a slave will allow the user to 
modify the last two bits of the address, so that 
up to four identical devices can share a bus. 


Code libraries to support the I2C protocol are 
available for most microcontrollers, and com- 
munication with a sensor that uses I2C should 
simply require knowledge of the sensor's I2C 
address. However, the data registers in a sensor 
can be quite elaborate, requiring careful study 
of the manufacturer’s datasheet. Multiple pro- 
cedures may be required to set functions on a 
device (such as the sensitivity range of an accel- 
erometer, or the threshold for a temperature 
alarm). Multiple procedures may also be 
required to read data out of a sensor (such as 
two bytes to define a temperature, and several 
bytes to obtain time as well as location read- 
ings from a GPS module). 
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9. Digital: SPI 


SPI is an acronym for serial peripherals inter- 
face, a standard introduced by Motorola that 
serves a similar function to the I2C bus, 
described immediately above. The SPI standard 
is slightly more sophisticated, enabling duplex 
communication and higher data transfer 
speeds. However, SPI requires a minimum of 
three wires shared by all devices on the bus, 
and an additional device-selection line for each 
slave device. The benefit of the extra device 
lines is that devices are easier to select and 
address than on an |2C bus, where more pro- 
gram statements are required. As is the case for 


I2C, code libraries for microcontrollers are 
widely available to support SPI. However, the 
requirement for SPI to use three pins on a 
microcontroller, plus an additional pin for each 
slave device, is a disadvantage. 


More sensors have I2C capability than SPI capa- 
bility. The SPI protocol is potentially much 
faster than 12C. 


A sensor that is SPl-enabled will almost cer- 
tainly be available in a similar version that uses 
I2C. An increasing number of chip-based sen- 
sors support both protocols. 
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This glossary is not comprehensive. It contains 
only the technical terms that have been used 
most frequently in this book in conjunction 
with sensor attributes. 


ADC Analog-to-digital converter, which accepts 
a varying signal (usually, a voltage) as an input, 
and converts it to a digital value in the form of a 
binary number. This number is likely to have a 
high limit ranging from 255 decimal to 65535 
decimal. Many microcontrollers contain their 
own ADC, which is multiplexed to assess the 
inputs on several pins. On an Arduino Uno, the 
ADC creates a digital value ranging from 0 
through 1,023. 


analog output When a sensor creates a volt- 
age or varies its resistance without steps or 
increments, as a function of the phenomenon 
that it is measuring, this is an analog output. 


binary output In this Encyclopedia, the term 
“binary output” describes a sensor output that 
only has two states: logic-high and logic-low, or 
on and off. The term is used in some data- 
sheets, but more often a binary output is 
described, misleadingly, as an analog output. 


breakout board A small printed-circuit board 
containing one or more integrated circuit chips, 
usually surface-mounted. The board makes the 
features of the chips easier to access, because it 
has pins or connectors with 2.54mm (0.1”) spac- 


ing for convenient experimental use with a 
breadboard. Additional features may be 
included, such as a voltage regulator. 


chip-based sensor This term is used in the 
Encyclopedia to describe a sensor that is 
etched into a silicon chip and usually has signal 
conditioning components and circuitry built in. 


contact bounce The tiny and rapid vibrations 
of mechanical switch contacts, when the switch 
opens or closes. If the switch is connected with 
a digital device such as a logic chip, debounc- 
ing hardware may be necessary, to allow the 
contacts time to settle. If the switch is connec- 
ted with a microcontroller, a delay from 5ms to 
50ms may be written into program code. Differ- 
ent switches have widely different settling 
times. 


decibel A unit that expresses relative power or 
intensity, often (but not exclusively) applied to 
audible sound. The decibel is one-tenth of a 
bel, and is abbreviated dB, with the B capital- 
ized because it is derived from the name of 
Alexander Graham Bell. Because dB is a loga- 
rithmic unit, the scale has no zero origin. How- 
ever, OdB may be assigned arbitrarily to any 
intensity, in which case lower intensities will 
have a negative value. An increase of 3dB corre- 
sponds to a doubling of sound intensity (acous- 
tic energy). However, when a sound is sensed 
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by the human ear and evaluated by the brain, 
its subjective loudness doubles when the inten- 
sity increases by 10dB. 


dielectric The insulating layer separating two 
plates in a capacitor. 


hysteresis The difference between thresholds 
for switching an output on and off. When a sen- 
sor exhibits hysteresis, it may be unresponsive 
to a stimulus slightly above or below its equiva- 
lent current value. This may be useful to elimi- 
nate numerous responses to very small stimuli 
—for example, in a room thermostat. 


I2C Interintegrated circuit bus. Sometimes writ- 
ten as I*C, and often referred to verbally as “I- 
squared-C”” A communications protocol that is 
often used between a microcontroller and 
other components on a circuit board. For a 
description, see “8. Digital: 12C” in the Appen- 
dix. 


IMU Inertial measurement unit, consisting of 
three accelerometers and three gyroscopes, 
sometimes with the addition of three magneto- 
meters. It can be used as a navigational aid. It 
may also be used in handheld user input devi- 
ces, such as game controllers. 


Kelvin A temperature scale, often abbreviated 
with the letter K, in which each degree is equiv- 
alent to a Celsius degree, but 0 degrees is at 
absolute zero—the temperature at which 
materials have no heat energy at all. 273 
degrees K is approximately equal to 0 degrees 
C. 


MEMS Microelectromechanical system, i.e., an 
integrated circuit chip that also contains tiny 
moving parts. For example, a MEMS accelerom- 
eter is built around microscopic springs that 
respond to accelerative forces. 


newton A unit of force named after Isaac New- 
ton, abbreviated with the capital letter N. A 
force of 1N will accelerate a mass of 1kg at a 
rate of 1 meter per second each second. 


open collector output Many sensors have an 
open collector output, or contain an op-amp 
that has an open collector output. The output 
pin is attached to the collector of an internal 
transistor, with its emitter connected to nega- 
tive ground. Positive voltage applied through a 
pullup resistor to the open collector will be 
grounded when the internal transistor is con- 
ducting current, but will be available for other 
devices when the transistor is off. See “3. Ana- 
log: Open Collector”. 


orthogonal Angled at 90 degrees. Three 
orthogonal elements in a sensor will all be 
angled at 90 degrees to each other. 


pascal A unit of pressure equivalent to 1 new- 
ton of force per square meter. 


PIR Passive infrared sensor. See Chapter 4. 


pullup resistor A resistor that pulls up an out- 
put or input voltage in the absence of a signal. 
May be used in conjunction with an open col- 
lector output. 


quadrature An encoding system for output 
from a pair of sensors. If the sensors are identi- 
fied as A and B, four output combinations are 
possible: A high and B low; A high and B high; A 
low and B high; A low and B low. A common 
application is to show the direction of move- 
ment of a magnetic or optical pattern past the 
sensor pair. 


reference temperature The temperature at 
which the output signal of a temperature sen- 
sor is measured. This is often listed in a data- 
sheet. 


register A section of memory that stores a dig- 
ital value (usually 1 or 2 bytes in a sensor). 


target Any object that is being detected by a 
motion sensor, proximity sensor, or presence 
sensor. 


temperature coefficient The percentage 
increase or decrease in the value of a sensor as 
a result of unit change in temperature (usually 
1 degree Celsius). Often abbreviated as TC. The 
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value may be resistance, voltage, or current, 
depending on the sensor. The temperature 
coefficient should be negative if the value of 
the sensor diminishes when its temperature 
increases. If it is expressed in parts per million, 
abbreviated ppm, it can be converted to a per- 
centage by dividing by 10,000. 


Wheatstone bridge A network of four resis- 
tors. At least one of the resistors has an 
unknown value, while the others have precisely 
known reference values. The network enables 
calculation of the unknown value. See 
Figure 12-2. 
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A 


absolute humidity, 119, 120 
absolute magnetic encoder, 41 
absolute pressure, 113 
accelerometer 
and gyroscope, 72 
applications, 70 
free fall, 71 
gravity, 71 
how it works, 70 
IMU, 5, 63, 66, 69 
Newton's Second Law, 72 
rotation, 71 
schematic symbol, 70 
spring, 70 
values, 73 
variants, 72 
what can go wrong, 74 
what it does, 69 
ADC, 210, 217 
air pressure, 114 
alcohol vapor sensor (see gas con- 
centration sensor, alcohol) 
altimeter, 114 
ammeter (see current sensor) 
analog-to-digital conversion, 210, 
217 
anemometer, 125, 126 
angle sensor (see rotary position 
sensor) 
angular motion, 21 


angular position sensor (see rotary C 


position sensor) 
Arduino-compatible 
gas flow rate sensor, 127 
gyroscope, 67 
IMU, 67 
magnetometer, 9 
pressure sensor, 114 
proximity sensor, 34 
temperature sensor, 184, 185 
touch screen, 97 
touch sensor, 91 
avalanche diode, 136 
axis of the earth, 7 


bandgap temperature sensor (see 
semiconductor temperature 
sensor) 

barometer, 114 

barometric pressure, 114 

Beidou positioning system, 3 

bin switch, 57 

black-body radiation, 25 

Bourdon tube, 112 

breakout board, 217 

breakover switch (see tilt sensor) 

Brokaw cell, 180 


capacitive displacement sensor, 
36 
capacitive proximity sensor (see 
touch sensor) 
capacitive touch screen, 96 
capacitive touch sensor, 90 
carbon microphone, 194 
chip-based temperature sensor 
(see semiconductor tempera- 
ture sensor) 
clinometer, 55 
coil magnetometer, 8 
communications satellites, 1 
compass, 6, 8 
condenser microphone, 194 
contact bounce, 18, 23 
contents 
volume 1, xxi 
volume 2, xxii 
volume 3, xxii 
crystal microphone, 196 
current sensor 
ammeter, 199-200 
applications, 199 
Hall effect, 202 
how it works, 199 
microcontroller, 201 
panel meter, 199 
schematic, 200 
schematic symbol, 200 
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series resistor, 200 

voltage drop, 200 

what can go wrong, 203 

what it does, 199 
current-sense resistor, 201 


D 


debouncing, 18, 48, 61, 217 

decibels, 196, 217 

declination, 7 

detection sensor (see presence 
sensor) 

dew point, 119 

dielectric, 90, 218 

differential pressure, 113 

diode temperature sensor (see 
semiconductor temperature 
sensor) 

distance sensor (see proximity 
sensor) 

dual slope converter, 211 

dynamic pressure, 111 


E 


electret microphone, 195 
encoder 

linear, 41 

magnetic, 41 

rotary, 48 
errata, XxV 


F 


feedback to and from authors, xxv 

flash converter, 211 

float sensor, 100 

float switch, 57 

flux density, 6 

flux, magnetic, 6 

force sensor 
applications, 81 
deformative, 86 
how it works, 82 
how to use it, 86 
piezoelectric, 82 


plastic film, 82, 85-87 
resistive, 82, 86 
schematic symbol, 82 
strain gauge, 82, 83, 85, 88 
units of measurement, 82 
values, 87 
what can go wrong, 88 
what it does, 81 
wheatstone bridge, 83 
four-wire touch screen, 96 
frequency response, 197 
fresnel lens, 27 


G 


Galileo positioning system, 3 
gas concentration sensor 
alcohol, 118 
breakout board, 119 
cross-sensitivity, 118 
how it works, 117 
humidity, 117,119 
oxygen, 119 
propane, 118 
schematic symbol, 117 
semiconductor-based, 117 
what can go wrong, 122 
what it does, 117 
gas flow rate sensor 
anemometer, 125, 126 
applications, 128 
data output, 128 
schematic symbol, 125 
thermal mass, 127 
thermopile, 127 
units of measurement, 128 
what can go wrong, 129 
what it does, 125 
gas pressure sensor (see pressure 
sensor) 
gas sensor (see gas concentration 
sensor) 
gauge pressure, 113 
geographical meridians, 7 
Global Positioning System (see 
GPS) 
GLONASS positioning system, 3 
GPS 


antenna, 2 
definitions, 1 
frequencies, 2 
how to use it, 3 
NMEA protocol, 3 
satellites, 1 
schematic symbol, 1 
time-keeping, 4 
tracker, 2 
values, 3 
what can go wrong, 4 
what it does, 1 

gray code, 51 

gyroscope 
and accelerometer, 72 
applications, 63 
axes, 64 
how it works, 64 
how to use it, 67 
IMU, 5, 63, 66, 69 
resonator (see gyroscope, 

vibrating) 

schematic symbol, 63 
values, 67 
variants, 66 
vibrating, 64 
what can go wrong, 67 
what it does, 63 


H 


Hall effect 
current sensor, 202 
Hall effect sensor 
advantages, 22 
applications, xx, 52 
float sensor, 100 
how it works, 18 
how to use, 20 
magnetometer, 8 
rotary position sensor, 48 
variants, 19 
hard-iron bias, 9 
heading, navigational, 5 
humidity sensor (see gas concen- 
tration sensor, humidity) 
hygrometer, 120 
hysteresis 
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float sensor, 101,218 


reed switch, 17, 218 


I2C, 214, 218 
IC temperature sensor (see semi- 


conductor temperature sensor) 


IMU, 5, 63, 66, 69, 218 
inclination, 7 

inclinometer, 55 

inertial measurement unit (see 


IMU) 


infrared proximity sensor, 32-34 
infrared radiation, 188 
infrared temperature sensor 


advantages, 187 

applications, 188 

array, 191 

compared with other tempera- 
ture sensors, 153 

how it works, 188 

limitations, 188 

schematic symbol, 188 

thermopile, 189 

values, 191 

variants, 190 

what can go wrong, 192 

what it does, 187 


inrush current limiter, 150, 161 
interintegrated circuit bus (see 


I2C) 


K 


Kelvin temperature scale, 218 


L 


light meter, 137 


light-dependent resistor (see pho- 


toresistor) 


linear displacement sensor (see 


linear position sensor) 


linear feedback shift register, 2 
linear position sensor 


absolute, 41 


applications, 39, 42 
how it works, 39 
incremental, 41 
linear potentiometer, 40 
magnetic linear encoder, 41 
optical linear encoder, 41 
quadrature, 41, 218 
schematic symbols, 39 
what can go wrong, 43 
what it does, 39 
linear potentiometer, 40 
linear variable differential trans- 
former, 42 
liquid displacement sensor, 102 
liquid flow rate sensor 
differential pressure, 109 
magnetic, 108 
paddlewheel, 105 
reed switch, 105 
rotor, 105 
schematic symbols, 105 
thermal mass, 107 
turbine, 106 
ultrasonic, 108 
what can go wrong, 109 
what it does, 105 
liquid flow switch, 108 
liquid level sensor 
displacement, 102 
float, 100 
float switch, 57 
how it works, 100 
incremental output, 101 
potentiometer, 101 
pressure of liquid, 103 
schematic symbols, 99 
tilting, 104 
turbulence, 104 
ultrasonic, 102 
weight of reservor, 103 
what can go wrong, 104 
what it does, 99 
liquid pressure sensor (see pres- 
sure sensor) 
load cell (see load sensor) 
load sensor, 81 
(see also force sensor) 
applications, 82 
deformative, 86 


liquid level measurement, 103 
schematic symbol, 82 
strain gauge, 83, 85, 88 
values, 87 
what can go wrong, 88 
what it does, 81 

LVDT (see linear variable differen- 
tial transformer) 


M 


magnetic 

axis, 7 

ball in tilt sensor, 59 

declination, 7 

encoder, 41, 52 

field, 6 

flux, 6 

liquid flow rate sensor, 108 

meridians, 7 

presence sensors, 16 

rotary position sensor, 47 
magnetic, linear encoder, 41 
magnetometer 

breakout board, 6, 9 

coil, 8 

hard-iron bias, 9 

heading, 5 

how it works, 6 

how to use it, 9 

IMU, 5, 63, 69 

magnetoresistance, 8 

meridians, 7 

placement, 10 

scalar, 5 

schematic symbol, 5 

soft-iron bias, 9 

vector, 5 

what can go wrong, 9 

what it does, 5 
magnetoresistance, 8 
mass flow rate sensor (see gas 

flow rate sensor) 
mathematical syntax, xxiv 
membrane switch, 89 
MEMS, xix, 218 
MEMS microphone, 195 
mercury switch, 58, 61, 78 
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meridians, 7 
metric system, xxiv 
microelectromechanical devices 
(see MEMS) 
microphone 
carbon, 194 
condenser, 194 
crystal, 196 
directionality, 197 
dynamic, 194 
electret, 195 
frequency response, 197 
how it works, 194 
impedance, 198 
MEMS, 195 
moving coil, 194 
piezoelectric, 196 
rolloff, 197 
schematic symbols, 193 
sensitivity, 196 
signal-to-noise ratio, 198 
total harmonic distortion, 198 
units of measurement, 196 
what can go wrong, 198 
what it does, 193 
motion sensor (see PIR) 
mouse, 50 
moving coil microphone, 194 


N 


navigational heading, 5 

newton unit of force, 218 

Newton's Second Law, 72 

NMEA protocol, 3 

north pole, 7 

NTC thermistor (see thermistor, 
NTC) 


O 


object detector (see presence sen- 
sor) 

object presence sensor (see pres- 
ence sensor) 

open collector output, 218 

opt-pass sensor, 15 

optical 


linear encoder, 41 
optical isolator, 132 
optical presence sensor, 12 
optical rotary encoder, 48, 53 
optical switch, 13, 15,50 
optocoupler, 142 
optointerrupter, 21 
orthogonal, 218 
output 
analog current conversion, 213 
analog voltage conversion, 210, 
217 
analog-to-binary conversion, 
210 
analog-to-digital conversion, 
210 
binary, 209, 210, 213, 217 
digital, 209 
dual slope converter, 211 
flash converter, 211 
frequency conversion, 214 
I2C, 214,218 
open collector, 212,218 
options, 209 
pullup resistor, 213,218 
PWM conversion, 209, 213 
resistance-to-voltage conver- 
sion, 211 
scaling, 211 
SPI, 215 
successive approximation con- 
verter, 211 
voltage divider, 210 
voltage-to-frequency con- 
verter, 211 
over-current protection, 160 
over-temperature protection, 159 
oxygen sensor (see gas concentra- 
tion sensor, oxygen) 


p 


paddlewheel flow rate sensor, 105 

panel meter, 199, 205 

pascal unit of pressure, 218 

passive infrared motion sensor 
(see PIR) 

pendulum switch, 58 


photocell (see photoresistor) 
photoconductive cell (see photo- 

resistor) 
photodarlington, 142 
photodiode 

applications, 135 

array, 137 

avalanche diode, 136 

band gap, 137 

color sensing, 137 

dark current, 135 

how it works, 135 

how to use it, 139 

light meter, 137 

photoconductive mode, 135 

phototransistor comparison, 

143 

photovoltaic mode, 135 

PIN type, 136 

reverse bias, 135 

schematic symbols, 135 

ultraviolet, 137 

values, 138 

variants, 136-137 

wavelength range, 137 

what can go wrong, 140 

what it does, 135 
photointerruptor, 13 
photomicrosensor, 15 
photoresistor 

availability, 131 

how it works, 132 

how to use it, 133 

optical isolator, 132 

phototransistor comparison, 

133 

schematic symbols, 131 

sizes, 132 

voltage divider, 134 

wavelengths of sensitivity, 134 

what can go wrong, 134 

what it does, 131 
phototransistor 

applications, 142 

base connection, 142 

binning, 144 

FET, 142 

how it works, 142 

how to use it, 144 
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optocoupler, 142 


output current calculation, 145 


photodarlington, 142 
photodiode comparison, 143 
photoresistor comparison, 133 
schematic symbols, 141 
values, 143 
what can go wrong, 145 
what it does, 141 
photovoltaic effect, 135 
piezoelectric 
force sensor, 82 
heat detector, 26 
microphone, 196 
ultrasonic transducer, 32 
vibration sensor, 76 
PIN photodiode, 136 
pin-and-spring vibration sensor, 
76 
PIR 
applications, 25 
fresnel lens, 27 
how it works, 26 
schematic symbols, 25 
variants, 29 
what can go wrong, 30 
what it does, 25 
potentiometer 
arc segment, 46 
end stops, 46 
float sensor, 101 
logarithmic, 46 
multiturn, 46 
rotary position, 46 
presence sensor 
angular motion, 21 
configuration, 21 
linear motion, 21 
magnetic, 16 
optical, 12, 22, 23 
optointerrupter, 21 
reflective, 12 
retroreflective, 12, 15 
schematic symbol, 12 
transmissive, 12-13 
what can go wrong, 23 
what it does, 11 
pressure sensor 
absolute pressure, 113 


altitude, 114 
ambient air, 114 
applications, 111 
barometric, 114 
Bourdon tube, 112 
diaphragm, 112 
differential pressure, 113 
dynamic, 111 
gas and liquid behavior, 112 
gases, 115 
gauge pressure, 113 
how it works, 112 
schematic symbols, 111 
sensing elements, 112 
static, 111 
units of measurement, 112 
what can go wrong, 116 
what it does, 111 
propane sensor (see gas concen- 
tration sensor, propane) 
proximity sensor 
applications, 32 
capacitive displacement, 36 
infrared, 32-34 
schematic symbols, 31 
triangulation, 32 
ultrasound, 32-33 
what can go wrong, 38 
what it does, 31 
PTC thermistor (see thermistor, 
PTC) 
pullup resistor, 213,218 
pulse-width modulation (see 
PWM) 
PWM, 209, 213 
pyroelectric detector, 26 


Q 


quadrature, 41, 49, 218 


R 


range finder (see proximity sensor) 


reed switch 
advantages, 22 
alarm system, 17 
float sensor, 100 


how it works, 17 
how to use it, 18 
hysteresis, 17 
liquid flow rate sensor, 105 
values, 18 
variants, 17 
what can go wrong, 23 
reference sources, xxvii 
reference temperature, 218 
reflective interrupter, 15 
reflective object sensor, 15 
reflective optical sensor, 15 
reflective photointerrupter, 15 
register, 218 
relative humidity, 119, 120 
resistance temperature detector 
(see RTD temperature sensor) 
resistance-to-voltage conversion, 
211 
resistive force sensor, 82, 86 
resistive temperature device (see 
RTD temperature sensor) 
resistive touch screen, 95 
retroreflective presence sensor, 
12-15 
rotary encoder, 48, 52-53 
rotary position sensor 
absolute, 51 
accelerometer, 71 
applications, 45 
gray code, 51 
Hall Effect sensor, 48 
incremental, 49 
magnetic, 47 
mouse, 50 
optical encoder, 48 
potentiometer, 46 
quadrature, 49, 218 
reflective optical, 48 
rotary encoder, 48 
schematic symbols, 46 
sensing chips, 48 
transmissive optical, 48 
what can go wrong, 53 
what it does, 45 
rotary sensor (see rotary position 
sensor) 
rotating coil magnetometer, 8 
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rotation sensor (see rotary posi- 
tion sensor) 

rotational encoder (see rotary 
encoder) 

rotational position sensor (see 
rotary position sensor) 

RTD temperature sensor 
applications, 174 
attributes, 173 
compared with other tempera- 

ture sensors, 153 

how it works, 174 
output conversion, 176 
probe enclosure, 176 
schematic symbol, 174 
three-wire variant, 175 
variants, 175 
what can go wrong, 176 
what it does, 173 


S 


Safari Books Online, xxvi 
satellites, 1 
scalar magnetometer, 5 
schematic conventions, xxiv 
schematic symbol 
accelerometer, 70 
current sensor, 200 
force sensor, 82 
gas concentration sensor, 117 
gas flow rate sensor, 125 
GPS, 1 
gyroscope, 63 
infrared temperature sensor, 
188 
linear position sensor, 39 
liquid flow rate sensor, 105 
liquid level sensor, 99 
load sensor, 82 
magnetometer, 5 
microphone, 193 
photodiode, 135 
photoresistor, 131 
phototransistor, 141 
PIR, 25 
presence sensor, 12 
pressure sensor, 111 


proximity sensor, 31 
rotary position sensor, 46 
RTD temperature sensor, 174 
semiconductor temperature 
sensor, 178 
thermistor, NTC, 147 
thermistor, PTC, 157 
thermocouple, 166 
tilt sensor, 56 
touch screen, 95 
touch sensor, 90 
vibration sensor, 75 
voltage sensor, 206 
Seebeck effect, 167 
semiconductor temperature sen- 
sor 
analog current output, 182 
analog voltage output, 181 
applications, 178 
attributes, 178 
Brokaw cell, 180 
CMOS type, 185 
compared with other tempera- 
ture sensors, 153 
digital output, 183 
how it works, 179 
multiple transistors, 179 
schematic symbol, 178 
variants, 180 
what can go wrong, 185 
what it does, 177 
sensor 
categories, xx 
chip-based, 217 
multifunction, xx 
output options, 209 
suppliers, xxv 
serial peripherals interface (see 
SPI) 
shift register, 2 
silistor, 158 
slider potentiometer, 40 
soft-iron bias, 9 
solar panel, 135 
sound pressure, 196 
sources, XXvii 
south pole, 7 
speed sensor, 45 
SPI, 215 


static pressure, 111 

stomp box, 133 

strain gauge, 82-83, 85, 88 

successive approximation con- 
verter, 211 

suppliers, xxv 

surge limiter (see inrush current 
limiter) 


+ 


tactile switch, 89 
target, 218 
temperature coefficient, 147, 152, 
218 
temperature sensor 
comparison of types, 153 
infrared (see infrared tempera- 
ture sensor) 
noncontact type, 187 
RTD (see RTD temperature sen- 
sor) 
semiconductor (see semicon- 
ductor temperature sensor) 
thermistor, NTC (see thermistor, 
NTC) 
thermistor, PTC (see thermistor, 
PTC) 
thermocouple (see thermocou- 
ple) 
thermal mass flow rate sensor (see 
gas flow rate sensor) 
thermal mass liquid flow rate sen- 
sor, 107 
thermistor, NTC 
applications, 148 
compared with other tempera- 
ture sensors, 153 
datasheet terminology, 152 
how it works, 148 
inrush current limiter, 150 
output conversion, 149 
schematic symbols, 147 
values, 152 
what can go wrong, 153 
what it does, 147 
wheatstone bridge, 150 
thermistor, PTC 
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compared with other tempera- 
ture sensors, 153 
externally heated, 159 
heating element, 162 
inrush current limiter, 161 
lighting ballast, 162 
linear, 158 
nonlinear, 158, 159 
over-current protection, 160 
over-temperature protection, 
159 
schematic symbols, 157 
silistor, 158 
starting current, 162 
what can go wrong, 163 
what it does, 157 
thermocouple 
applications, 166 
compared with other tempera- 
ture sensors, 153 
how it works, 167 
how to use it, 168 
identifiers, 169 
measurement junction, 168 
output conversion, 170 
reference junction, 168 
schematic symbol, 166 
Seebeck coefficients, 169 
Seebeck effect, 167 
thermopile, 171 
what can go wrong, 171 
what it does, 165 
thermopile 
gas flow rate sensor, 127 
infrared temperature sensor, 
189 
overview, 171 
tilt sensor 
applications, 57 
bin switch, 57 
breakout board, 59 
float switch, 57 
how it works, 56 
how to use it, 61 
magnetic ball, 59 


mercury switch, 58, 61 
miniaturized, 59 
pendulum switch, 58 
schematic symbol, 56 
two-axis, 59 
values, 60 
what can go wrong, 61 
what it does, 55 
tilt switch (see tilt sensor) 
tip sensor (see tilt sensor) 
tipover switch (see tilt sensor) 
touch pad (see touch sensor) 
touch screen 
Arduino-compatible, 97 
capacitive, 96 
four-wire, 96 
resistive, 95 
schematic symbol, 95 
variants, 95, 97 
what it does, 95 
touch sensor 
applications, 90 
breakout boards, 91 
capacitive, 90 
design considerations, 92 
how it works, 90 
how to use it, 91 
schematic symbols, 90 
tactile feedback, 90 
touch pad availability, 91 
what can go wrong, 93 
what it does, 89 
wheels and strips, 92 
touch strip, 92 
touch wheel, 92 
triangulation, 32 
turbine flow rate sensor, 106 


U 


ultrasonic anemometer, 126 
ultrasonic flow rate sensor, 108 
ultrasonic liquid level sensor, 102 
ultrasonic proximity sensor, 32-33 


units of measurement, xxiv 


V 


Vactrol, 132 
vapor sensor (see gas concentra- 
tion sensor) 
vector magnetometer, 5 
vibrating gyroscope, 64 
vibration sensor 
how to use it, 79 
magnetic, 77 
mercury switch, 78 
mousetrap type, 77 
piezoelectric, 76 
pin-and-spring, 76 
schematic symbols, 75 
values, 78 
variables, 78 
variants, 75 
what can go wrong, 79 
what it does, 75 
vibration switch (see vibration 
sensor) 
video display, 95 
volt meter (see voltage sensor) 
voltage divider, 210 
voltage sensor 
accuracy, 207 
bar graph, 207 
how it works, 206 
panel meter, 205 
schematic, 206 
schematic symbol, 206 
volt meter, 205 
what can go wrong, 208 
what it does, 205 
voltage-to-frequency converter, 
211 


W 


wheatstone bridge, 83, 150, 160, 
219 
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spring constant which, according to Einstein's General 
Theory of Relativity, is required in order to create a stable 
wormhole between our space and hyperspace. Two separate, 
but electrically connected, toroidal coils of differing radii, 
carry magnetic flux in opposite directions about their com- 
mon centerline. According to Maxwell’s equation, this pro- 
duces bucking electric fields along said centerline. Because 
the two solenoids have different radu, the parallel spring 
constant of both coils is negative. The negative mass 
together with the negative spring constant produce a real 
resonant frequency which can distort the spacetime curva- 
ture due to the creation of powerful spikes of negative mass. 
This phenomenon, similar to the common electrical thun- 
derstorm, opens up a wormhole into hyperspace through 
which low-density hyperspace energy can enter into our 
dimension. This energy finds many application in new types 
of power supplies, inertia-less and mass-less spacecraft, 
vehicles that can travel light-years by moving out of dimen- 
sion through hyperspace, surgery-less medical tables, cranes 
for lifting heavy objects, cold-welded crystals for crystal 
rotors, folding space waveguides, and electromagnetic field 
propulsion vehicles using highly relativistic fields. 
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Figure 3 
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Figure 4 
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MAGNETIC VORTEX WORMHOLE GENERATOR 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention, which is the subject of my present 
application, is comprised of two solenoids wound with a 
common wire in opposite directions on two separate toroidal 
curved-sheet transformer laminates of differing radii. The 
smaller solenoid is mounted along the centerline of the 
larger solenoid. This circular magnetic geometry creates 
linear bucking electric fields along the centerline of the coils. 
Because the magnetic flux in the laminates travels in oppo- 
site directions along arcs of differing radii in the two coils, 
a negative mass and a negative spring constant are generated 
by the system. From the theory of gravitational physics, a 
negative mass is prerequisite to producing a wormhole 
because it allows the throat of the wormhole to remain open 
and stable. The creation of the wormhole is facilitated by the 
appearance of a negative spring constant which allows the 
spacetime curvature to resonate to such a degree that said 
wormhole develops between our dimension and another 
co-dimension of hyperspace. Because the physics constants 
of hyperspace are different from ours, the wormhole allows 
hyperspace energy having a low speed of light to enter our 
dimension. Because electromagnetic fields obey the Lorentz 
transformation, it is now possible with this lower velocity of 
light to create huge relativistic fields which can drive the 
new electromagnetic field propulsion vehicles. 


BACKGROUND OF THE INVENTION 


{0002] The idea for this coil configuration comes from the 
observation of powerful thunderstorms, as described by 
physicist Dr. Richard Feynman in his Lectures on Physics, 
a copy of which is enclosed as a reference. Upon reading his 
explanation, I realized that the thunderstorm is actually a 
hyperspace physics phenomenon. 


[0003] After the passage of a large lightning storm, people 
have observed that a car tire rim has merged with the trunk 
of a tree growing in the ground. Due to the large branches 
of the tree, there is no possible way that it could slide down 
the branches and around the trunk. It was observed also that 
a straw of wheat became embedded in the hard wood of a 
telephone pole. It turns out that the thunderstorm offers an 
explanation as to how this can occur. 


[0004] After reading Feynman’s explanation, it can be 
seen that the key to this phenomenon is that there is a 
downward and an upward lightning bolt, sometimes occur- 
ring together if the leader branches into two paths. Bolts of 
lightning also like to strike tall objects such as telephone 
poles or trees. Now an electrical current moving downward 
produces a clockwise magnetic B field, as seen from above. 
On the return stroke, the current is moving upward which 
produces a counterclockwise magnetic B field. Thus the 
thunderstorm produces two huge bucking magnetic B fields 
which is the magnetic geometry of this magnetic vortex 
generator. Using my tetrahedron diagram, I will then show 
that the low density hyperspace energy with its low speed of 
light is able to pull the rim out of dimension so that it can 
merge with the tree at the moment the lightning strikes. 


SUMMARY OF THE INVENTION 


[0005] It is the object of this invention to produce two 
toroidal oppositely-directed magnetic flux fields in two 
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separate yet electrically connected solenoids of differing 
radii. Because the lines of flux are traveling in toroidal, 
curved-sheet transformer laminates along arcs of different 
curvature, the fields produce what is known in gravitational 
physics as negative mass. Negative mass has the property 
that if you project it onto a hot surface, the surface will cool 
rather than heat up. The negative mass, together with the 
resonance of the spacetime curvature involving a negative 
spring constant, create a wormhole into hyperspace. This 
interdimensional connection allows low speed of light 
hyperspace energy into our dimension which can be used to 
decrease the weight of an object, or produce huge relativistic 
electromagnetic fields that can be used to drive the new 
electromagnetic field propulsion spacecraft. 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 


[0006] Not Applicable. 


A BRIEF DESCRIPTION OF THE DRAWINGS 
[0007] FIG. 1. Front view of magnetic vortex generator. 


[0008] FIG. 2. Perspective view of the magnetic vortex 
generator. 


[0009] FIG. 3. The non-linear coil winding on the interior 
face of the laminations. 


[0010] FIG. 4. The non-linear coil winding on the exterior 
face of the laminations showing that there is an electrical 
current component in the theta direction. 


[0011] FIG.5. The coil variables for the tensor calculation 
of the negative spring constant. 


[0012] FIG. 6. The Faraday electromagnetic tensor show- 
ing the position of the magnetic field in the {r,z} slots. 


[0013] FIG. 7. The units of the spring constant. 
[0014] FIG. 8. The parallel spacetime spring constant. 


[0015] FIG. 9. The cylindrical g metric tensor including 
the magnetic fields. 


[0016] FIG. 10. A plot of the mass term G,, for Einstein’s 
G curvature tensor showing that two negative mass spikes 
are created along the centerline of the generator. Negative 
mass is required to keep open the throat of the wormhole. 


[0017] FIG. 11. Circuit diagram for the magnetic vortex 
generator. 


[0018] FIG. 12. BH curve for non-linear SuperMalloy 
toroidal core. From the equation, B=uH, the slope of the line 
is equal to the permeability 0B/dH=u. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0019] 1. The fact that negative mass is required to keep 
the throat of a wormhole open has been shown to be valid 
by physicist Dr. Kip Thorne in the enclosed reference 
physics paper. The key point of this invention is that if you 
have a negative mass, you also require a negative spring 
constant in order to get a real frequency and vice versa. The 
angular frequency of vibration is equal to the square root of 
the spring constant K divided by the mass M, or m=VK/M. 
If the mass is negative, and the spring constant is positive, 
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the frequency is imaginary. Therefore, in order to get a real 
frequency, the spring constant has to be negative also. 


[0020] 2. Referring to FIG. 1, the magnetic vortex gen- 
erator consists of a large toroidal solenoid (A) and its 
support structure (C), a smaller toroidal coil (B) with its 
support structure (D) which holds the coil along the center- 
line of the larger coil. The entire structure sits on a base (E). 


[0021] 3. The two solenoids are wound with a common 
wire in opposite directions on two separate toroidal curved- 
sheet transformer laminations of differing radii. From the 
right hand rule, a changing circular magnetic field in the 
direction of the fingers produces a linear electric field in the 
direction of the thumb. Because there are two coils produc- 
ing two magnetic fields in opposite directions, there are two 
bucking electric fields down the centerline of the coils. This 
duplicates the thunderstorm conditions. A perspective view 
of the generator is shown in FIG. 2. 


[0022] 4.Aenlarged view of the non-linear coil winding is 
shown in FIG. 3. The wire (B) is wound around the thin 
transformer laminations (A) with a non-linear coil spacing 
as shown by the difference in spacing between length (C) 
and (C’). On this inner side of the coil, the wire is wound 
straight across where it can be seen that the wire is normal 
to the edge of the laminations. Not shown are two strips of 
Velcro which keep the wire aligned and offset from the 
tape-covered metal laminations. 


[0023] 5. Since the wire is straight across on this side, the 
opposite side has to have the wire run in a diagonal manner 
as seen in FIG. 4A. In terms of cylindrical coordinates, the 
components of the electrical current in the coil flow in the 
z-direction across the breadth of the lamination and in the 
O-direction around the lamination. 


{0024] 6. The reason for the non-linear spacing is to 
preserve the vector potential of the coil. The vector potential 
is a more important field than the magnetic field because it 
can extend out past the windings of a long solenoid. If you 
look at the units, it is the field momentum per charge or 
kilogram meter per second coulomb. Notice that the deriva- 
tive of the vector potential with respect to time is an electric 
field, while a derivative with respect to length is the mag- 
netic field. The inductance of the coil times the current 
density is equal to the vector potential. Thus the inductance 
gradient of the coil times the current per meter is the 
magnetic field. So the non-linear coil picks up an additional 
magnetic field around the coil besides the one created in the 
laminations by the winding itself 


[0025] 7. Taking a closer look at the coil in FIG. 5, it is 
constructed of thin laminations taped together to form a 
cylindrical shape with a wire coil wrapped around it. This 
creates a magnetic field in the theta 6 direction within the 
laminations. Because the coil is wrapped as a helix, there is 
a current component I, in the theta direction. The cross- 
sectional area Area through which the magnetic flux flows 
times a normal vector n in the theta direction is the tensor 
area ng Area. If the radius of the coil is r, then the curvature 
K is 1/1? pointing in the radial direction. Because there are 
two coils with differing radii, the generator has two curva- 
tures associated with it. 


[0026] 8. In the geometry of electromagnetism, the mag- 
netic field is part of the electromagnetic Faraday tensor F“” 
which is a 4 by 4 spacetime matrix having rows and columns 
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of time t, radius r, angle 6 and height z in cylindrical 
coordinates. The first index wu refers to the row, and the 
second index v refers to the column. The diagonal of the 
matrix is zero. The first row and column belong to the 
electric field. All the other slots are filled by the components 
of the magnetic field. The B, component is located in the 
complementary slots of r and z as shown in FIG. 6. Now a 
tensor product can be written with the available variables I° 
no Area K,F"*=k’. This says that the current around the loop 
in the theta direction times the lamination area vector in the 
theta direction times the curvature K of the coil in the radial 
direction times the magnetic field in the theta direction is 
equal to a spring constant in the z-direction, or normal to the 
plane of the coil. All the tensor components cancel out 
except for the z-direction. That is, the coil produces a 
spacetime spring constant through the center of the coil 
where there are resonant bucking electric fields. So the coil 
is creating a magnetic spring. The units of the spring 
constant are shown in FIG. 7 as force per meter. 


[0027] 9. Because there are two coils operating in opposite 
directions in regions of differing curvature, there are two 
parallel spring constants generated along the centerline. Two 
springs in parallel sum, but the inner coil is negative due to 
the triple product of negative signs of current, field and area. 
Looking at the front view of the coils, the right hand rule 
shows the field going counterclockwise with the thumb 
pointing along the electric field in the positive z-direction. 
The inner coil with the field going in the clockwise direction 
has the electric field in the negative z-direction. Therefore 
the outer coil’s positive spring constant sums with the inner 
coil’s negative spring constant to produce an overall nega- 
tive spring constant as shown in FIG. 8. The inner coil has 
a radius r, and the spacing between the outer and inner coil 
is a. In this design, the inner radius is 1, and the outer radius 
is 3 which is the magic ratio in physics of 1/3. That makes 
length a equal to 2. Substituting r=1 and a=2 into the spring 
constant equation shows that the ratio is negative 8/9. That 
is, the spring constant is negative as previously asserted. If 
the spring constant is negative, it must produce negative 
mass in order to have a real frequency of resonance. Since 
it produces negative mass, then it can produce a wormhole 
as shown by Dr. Kip Thorne. 


[0028] 10. The geometry of hyperspace physics is based 
on the geometry of the tetrahedron which is circumscribed 
by the sphere. The corners of the tetrahedron touch the 
sphere at a latitude of 19.47122063° which turns out to be, 
in terms of planet cosmology, the location where all the large 
volcanoes and vortices occur on Earth, Mars, Jupiter, Uranus 
and Neptune. Furthermore, the cosine squared of this angle 
is 8/9, which is the spring constant ratio for the magnetic 
vortex generator. That is, the coil is interacting with the 
geometry of spacetime which is why it is such an effective 
wormhole generator. As will be demonstrated later, the 
tetrahedral geometry of hyperspace shows that the electron 
and proton are one and the same particle. This is a new 
discovery in science coming out of this research. The 
diagram also shows that when the speed of light is reduced, 
due to the low density of energy coming into our dimension 
through the wormhole, Planck’s constant divided by the 
speed of light puts the electron at the boundary between 
space and hyperspace. That is, the electron and the proton go 
out of dimension which is the reason that the car tire rim can 
become merged with the tree. The ramifications of this 
magnetic vortex generator are enormous. It means develop- 
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ing new types of crystals through interdimensional merging 
which will be needed in the development of these spacecraft 
and their crystal rotors. It means the possibility of teleport- 
ing spacecraft through hyperspace over distances of light 
years using the new folding space waveguides. It means 
light-weight or inertia-less spacecraft which can be accel- 
erated at hundreds of thousands of g’s. It means the ability 
to lift extraordinary loads in construction work. It means 
surgery-less medical tables where tumors can be pulled 
directly out of the patient’s body. 


[0029] 11. Because we have a magnetic spring, then there 
is some resonant frequency at which the coil can be operated 
in order to create a large spacetime distortion. It is this 
distortion that creates the wormhole into hyperspace. From 
this it follows that the wormhole attaches to a low pressure 
region with a magnetic monopole. Because pressure is linear 
mass times the speed of light squared divided by area, a low 
pressure signifies a low speed of light and less dense matter. 
What this means is that opposite polarity spacetime curva- 
ture at two ends of an electrode will produce a voltage along 
the electrode, effectively creating a power supply. The 
reason for this is that spacetime curvature, as shown by 
Einstein’s General Theory of Relativity equation G,,= 
8nT up, is equal to the square of the electromagnetic fields in 
the stress-energy tensor T. So the curvature on the ends of 
the electrode appear as voltages and the system acts as a 
battery supply to power the spacecraft. 


{0030] 12. The other characteristic of the magnetic vortex 
generator is that it can pull objects out of dimension allow- 
ing the object to apparently move through solid walls. The 
object doesn’t actually move through the wall because the 
object is not in the same dimension as the wall; it just 
appears that way. Moving out of dimension and then back 
again on the other side of the wall would effectively move 
the object through the wall for all intents and purposes. 


[0031] 13. The tetrahedron diagram is a physics diagram 
which plots the natural logarithm of mass to the natural 
logarithm of wavelength. The product of mass times wave- 
length is equal to Planck’s constant divided by the speed of 
light. So the product of the electron mass times its wave- 
length is equal to the proton mass times its wavelength is 
equal to the Planck mass times the Planck wavelength. The 
Planck wavelength is the bottom dimensional limit of the 
universe. We live in the Planck box which is bounded by the 
Planck wavelength and Planck mass. Outside this box is 
hyperspace. 


[0032] 14. Because logarithms sum, the sum of the log of 
the mass plus the log of the wavelength is a constant sum. 
Thus the electron and proton and Planck mass slide on a 45° 
line known as the base constant which is equal at the axes 
to the log of Planck’s constant divided by the speed of light. 
Planck’s constant is measured in joule-sec so that multiply- 
ing it by the frequency 1/second of light gives the energy of 
the photon particle. 


[0033] 15. Planck’s constant is equal to the Planck wave- 
length times the Planck mass times the speed of light. The 
45° base constant is Planck’s constant divided by the speed 
of light, which means that the speed of light cancels out top 
and bottom, leaving the area of the Planck box as the value 
of the base constant. Hyperspace has a low linear mass 
compared to our dimension. Therefore, Planck’s constant is 
reduced when this energy enters our dimension through the 
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wormhole created by the generator. And the base constant is 
also so reduced. In terms of logs, this means that the 45° 
base line becomes more negative and moves to the right on 
the diagram. As it does so, the base line intersects the 
electron at the Planck wavelength which is the separation 
point between space and hyperspace. That is, the electron 
moves out of dimension. Because the electron and proton are 
one and the same particle, as shown in reference tetrahedron 
diagram tet0565, the proton and hence the entire atom is 
taken out of dimension as well. 


[0034] 16. All of this can be seen more easily graphically 
on the tetrahedron diagram itself, referring to reference 
tetrahedron diagram tet3025. The 45° line which intersects 
the electron at point (b) is the base constant for our dimen- 
sion. As you can see, this base line intersects the horizontal 
axis at a value of -95.91546344 which is the log of Planck’s 
constant h divided by the speed of light. Because Planck’s 
constant is proportional to the linear mass, it is reduced in 
value by the low density hyperspace energy and, in terms of 
logs, becomes more negative. This moves the base line to the 
right at a value of around minus 105. The new base line 
intersects the electron at point (a) which is located on the 
Planck wavelength that is the boundary between space and 
hyperspace. Thus the electron at point (a) goes out of 
dimension. 


[0035] 17. It was inferred previously that a negative spring 
constant meant a negative mass was produced by the worm- 
hole generator. This can actually be calculated using Ein- 
stein’s General Theory of Relativity. The calculation starts 
with the g metric tensor which is a spacetime measurement 
of distance in terms of time t, radius r, horizontal angle @ and 
length z. This 4 by 4 matrix is shown in FIG. 9 where the 
diagonal line has a signature in cylindrical coordinates of 
values equal to {-1, 1, r°, 1}. All the other terms of the 
matrix are zero except for the magnetic fields in the two 
coils. Because the field is changing sinusoidally with time in 
the theta direction, the field has to go into the {t, 6} and {0, 
t} slots of the matrix. Because the field in the inner coil is 
in the negative direction compared to the outer coil, and 
including a 90° phase shift between the two fields, a suitable 
magnetic field function would be B (cos(8)-sin(6)). 


[0036] 18. Using a general relativity software package, 
Einstein’s G curvature tensor can be calculated for this 
particular metric. The first term G t in the upper left hand slot 
in the corner is the mass term for the tensor. All the other 
terms are either electromagnetic fluxes or pressure terms 
involving the squares of the fields. 


[0037] 19. Referring to FIG. 10, a plot of the mass as a 
function around a small circle shows that two negative mass 
spikes occur around the circumference of the circle. Because 
the radius is almost zero, the two spikes are actually coin- 
cident. 


[0038] 20. This next section shows the electrical system 
used to drive the magnetic vortex generator. Referring to 
FIG. 11, the system is driven by a sinusoidal voltage source 
(A) into a 1:1 turns isolation transformer (B). The voltage is 
stepped up into the range of thousands of volts using a 
step-up hi-pot transformer (C). The first loop consists of a 
direct current blocking capacitor (D), a transformer choke 
(E), a variable inductance (G) and the current in the loop (F). 
The variable inductance is a coil winding on a toroidal core 
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wound with thousandth-inch thick SuperMalloy tape. This 
coil acts as a magnetic switch due to its variable permeabil- 


ity. 


[0039] 21. Referring to the accompanying drawing in 
FIG. 12, the slope of the BH curve is actually the perme- 
ability of the core. At point (a) on the curve, the slope is very 
low and therefore the permeability is very small. The 
resistance of the coil is the frequency of the current times the 
inductance of the coil. If the permeability is small, then the 
inductance is low, which means that the coil resistance is 
low initially. With a low resistance in the coil, current (F) 
flows through the winding rather easily. Then the coil goes 
from point (a) to point (b) where the permeability and 
resistance increase. This change in resistance from a low to 
a high value dumps the magnetic energy into capacitor (H). 
Then the non-linear coil saturates between points (b) and (c) 
where again the coil has a small slope and the coil resistance 
switches to a low value. Capacitor (D) then dumps its charge 
(1) through coil (G) producing a large voltage spike in the 
input and output winding of transformer toroidal coil (J). 
The magnetic flux in coil (J) then produces a voltage spike 
in coils (L) and (M) of the magnetic vortex generator. The 
frequency of oscillation of the generator is determined by 
capacitor (K) and the overall inductance of the two coils. 
The diagram shows that the winding is non-linear and in 
opposite directions going from outer coil to the inner coil. 


[0040] 22. Frequency of oscillation has to be kept under 20 
MHz in order to create a soft wormhole that connects to low 
pressure regions of hyperspace. The pressure regions of 
hyperspace are similar to the pressure produced by a dam 
holding water. The upper surface of the water, where there 
is no water pressure, is analogous to the black void into 
which our universe is expanding. In the middle of the dam, 
there is a region just above us having a lower water pressure 
which corresponds to the low density hyperspace energy. 
This analogy is not perfect because the many frequencies of 
hyperspace are quantized, as we know from quantum phys- 
ics, rather than being a continuous spectrum of lower and 
lower frequencies down to the zero frequency of the black 
void. 


What I claim as my invention is 

1. A magnetic vortex generator which can generate nega- 
tive mass according to Einstein’s General Theory of Rela- 
tivity, which is a tested and proven theory. As a result of this 
theory, it can be shown that negative mass is required to 
create a stable wormhole between space and hyperspace. 
Without the negative mass, the throat would close. 

2. The generator consists of two solenoids wound with a 
common wire in opposite directions on two separate toroidal 
curved-sheet transformer laminates of differing radii. The 
smaller solenoid is mounted along the centerline of the 
larger solenoid. 

3. According to Maxwell’s equations, said geometrical 
and magnetic arrangement produces linear bucking electric 
fields along the centerline of said coils. Since curvature and 
the square of the electromagnetic fields are one and the same 
phenomenon according to Einstein’s spacetime curvature 
tensor G=8x T, this resonance of the electric fields causes a 
resonance of the spacetime curvature and the opening of the 
wormhole. 

4. Due to the fact that the magnetic flux travels within the 
laminations at a curvature equal to the inverse of the radius 
squared, each coil produces a spring constant which depends 
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on the current, lamination area, magnetic field strength and 
the individual curvature of each coil. 

5. Due to the fact that the flux travels in opposite 
directions in each solenoid, the spring constant of the outer 
coil is positive, and the spring constant of the inner coil is 
negative. These two spring constants, one positive and one 
negative, add in parallel to create a negative spring constant 
for the generator. Because the frequency of resonance is 
equal to the square root of the negative spring constant 
divided by the negative mass, the resonant frequency is 
positive real. 

6. This process of creating and keeping open the worm- 
hole allows low density hyperspace energy to enter our 
dimension. Because the linear mass is lower, Planck’s 
constant, equal to the Planck mass times the Planck wave- 
length times the speed of light, is reduced to such an extent 
that the electron is moved out of dimension. Because the 
electron and proton are one and the same particle, when 
considering a path through space and hyperspace, the proton 
is also moved out of dimension. Thus this process of moving 
the atom in and out of dimension using the magnetic vortex 
generator has the ability to create cold-welded crystals, new 
types of materials and new ways to cold solder one disparate 
material to another. 

7. As a consequence of said process, highly relativistic 
electromagnetic fields can be created because the velocity of 
light has been reduced considerably. These fields than can be 
used to produce life in the new class of electromagnetic 
propulsion vehicles. 

8. As a consequence of said process, refrigeration systems 
can be created because negative energy cools rather than 
heats. 

9. As a consequence of said process, power supplies can 
be made such that a differential spacetime curvature on the 
ends of a carbon electrode can create a differential voltage 
similar to a regular chemical battery. 

10. As a consequence of this process, surgery-less medical 
tables can be fabricated whereby tumors can be pulled 
directly from the patient’s body. 

11. As a consequence of this process, the negative mass 
produced by the generator can offset the mass of a spacecraft 
to create a mass-less, inertia-less vehicle which can accel- 
erate at hundreds of thousands of g’s. 

12. As a consequence of this process, the folding space 
waveguide becomes a reality whereby hyperspace energy, 
which has a low spring constant, can be easily folded and 
curved using powerful, relativistic electromagnetic fields. 
Spacecraft will be able to teleport themselves out-of-dimen- 
sion over huge distances measured in terms of light-years. 

13. Because the wormhole opens up an interdimensional 
connection to hyperspace having a magnetic monopole, a 
radial magnetic field is created. As a consequence of this 
process, a changing magnetic monopole field crossed with a 
changing electric field can produce a toroidal electromag- 
netic flux around the circular hull of the spacecraft. As a 
consequence of the merger of these two fields, a spacetime 
curvature G,, is produced over the hull of the spacecraft 
which creates a tension or lift force which enables the 
spacecraft to ascend, hover or descend. 

14. An electrical system, comprised of a variable fre- 
quency generator and amplifier, an isolation transformer and 
voltage step-up transformer, drives a non-linear inductance 
which switches on and off the current in the output circuit in 
such a manner as to produce large voltage spikes through 
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magnetic vortex generator. The generator responds by pro- 
ducing two large negative mass spikes close to the centerline 
of the two coils. 

15. The winding on each coil of the generator has a 
non-linear spacing to enhance the magnetic field and to 
reduce the interwinding coil capacitance. 

16. The ratio of the radius of the small coil to that of the 
larger coil is 1/3, which is the magic ratio in physics. This 
creates a spring constant that is proportional to 8/9. The 
square of the cosine of the tetrahedral angle of 19.47° is 
equal to this ratio. Also the ratio of the area-to-volume ratio 
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of the circumscribing sphere of a tetrahedron to the area- 
to-volume ratio of the tetrahedron is also 1/3. And the 
corners of the tetrahedron touch the circumscribing sphere at 
19.47°. All the large volcanoes and vortices on Earth, Mars, 
Jupiter, Uranus and Neptune are located at this latitude. Thus 
this invention is more effective in developing a wormhole 
because it is tuned geometrically to the tetrahedral geometry 
of space. 
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Figure 1 
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Figure 2 
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Figure 3 
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Figure 4 
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Figure 5 
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Figure 6 
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Figure 7 
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Figure 8 
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Figure 9 
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Figure 10 
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Figure 11 
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Figure 12 
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Figure 13 
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Figure 14 
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Figure 15 
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Figure 16 
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FULL BODY TELEPORTATION SYSTEM 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is a system that teleports a human 
being through hyperspace from one location to another using 
a pulsed gravitational wave traveling through hyperspace. 


BACKGROUND OF THE INVENTION 


[0002] The basis for this invention is an event, referring to 
FIG, 1, occurring on May 2, 2004, in which the inventor 
(“he”) personally experienced a full-body teleportation 
while walking to the bus stop (A) along a road (B) that runs 
perpendicular to the nearby commercial airport runways 
where planes are landing. There is a wide iron grating (D) 
for water drainage that crosses the road at the center of the 
bus stop. The grating width is such that one has to make a 
concerted effort to jump across it in order to get from one 
side to the other. Approximately 50 meters from the iron 
grating, he (BE) felt a vertical wave (F), similar to a flag 
waving in the breeze, traveling down the street toward the 
bus stop. The wave velocity was about | meter per second, 
which was slightly faster than his walking speed. In the next 
instance, he (G) found himself down the street near the 
corner of the next block. Realizing that he had passed the bus 
stop, he turned around to see the iron grating approximately 
50 meters up the street in back of him. Because there was no 
recollection of having jumped across the iron grating nor of 
having passed the bus stop’s yellow marker line, he realized 
that he had been teleported a distance of 100 meters while 
moving along with the traveling wave. It was obvious that 
the wave was pulsed because the front edge overtook the 
inventor, moved with him momentarily, and then the back 
edge of wave left him as it moved on down the street. While 
contemplating this sequence of events, he then looked up 
and saw in a span of a few seconds a twin-turboprop airplane 
(C) in the distance crossing above the road while making a 
shallow descent in order to land at the airport. 


[0003] It took a number of days in order to understand this 
sequence of events. The explanation involves knowledge of 
a wide range of subjects such as gravitation physics, hyper- 
space physics, wormhole electromagnetic theory and experi- 
mentation, quantum physics, and the nature of the human 
energy field. 


[0004] It is obvious from the above scenario that the 
airplane momentarily crossing perpendicular to the road 
generates the aforementioned pulse. Because the airplane 
has an engine on each wing, there are two propellers which 
conceivably are rotating out-of-phase with each other. That 
is, the blade of one propeller could be pointing up and the 
equivalent blade on the other engine could be pointing in a 
shghtly different direction. Notice that the tip of the blade 
traces out a helix as the plane is landing. 


[0005] In gravitation physics, referring to FIG. 2, it is 
known that two masses of mass m1 and m2 (A,B) attached 
by lever arms slightly offset by an angle 58 along the radial 
direction to the rotating shaft (C), will produce a gravita- 
tional wave (D) traveling perpendicular to the shaft. The 
mass and wave are referred to as the source and receptor 
respectively. Referring to a side view looking along the shaft 
FIG. 3, the product of the mass m times the angular 
acceleration a is a constant such that mla1 is equal to m2a2. 
The distance between the masses is length L, which makes 
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an angle 6 with the horizontal axis. The difference in time of 
travel to the receptor gives rise to a difference in phase 64 
equal to the angular velocity w of the rotating shaft times the 
length L times the cosine of the angle 6 


66=L cost9} 


[0006] At the receptor, the amplitude of the wave is equal 
to the mass times the acceleration times the phase difference 
divided by the radius r to the receptor 


ny ay 








mioksin(?) mor Lisin(20) 
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Even though the turboprop airplane engines have a high 
rotational speed and a large separation distance between 
masses, the gravitational wave which is produced is smal] 
and not noticed. The problem is that the gravitational 
constant G in this dimension has such a small value equal to 
the speed of light ¢ squared divided by the linear mass 92 of 
the universe 


2 299792458 mis)" 3 
Gia EERE NY gga apnotie: Ieee 
2 1,346812891- HF? kgf kgs? 


[0007] On the other hand, a gravitational wave traveling in 
hyperspace would be magnified enormously due to the face 
that the linear mass is so small. The magnitude of the 
gravitational constant in hyperspace can be estimated in the 
following manner. At the beginning of the 20th century, a 
man’s parents were dying of tuberculosis. With their per- 
mission, he placed them and their beds on weighing scales. 
When each one passed away, each scale registered a drop in 
mass equal to 0.071 kilograms. This is the mass of the 
hyperspace energy being which resides in the physical body. 
Because hyperspace is co-dimensional with our dimension, 
the energy being interpenetrates the body and controls its 
movement. 


[0008] Referring to FIG. 4, a human being has seven 
vortices (A through G) which are aligned along the center- 
line of the body. Each vortex is actually a co-gravitational 
field K which causes a pendulum placed in the field to spin 
in circles. For this reason, the K field has units of inverse 
seconds similar to an angular velocity. The vortex transports 
energy from our dimension to the energy being located in 
hyperspace. The gravitational field g and the co-gravita- 
tional field K are equivalent gravitationally to the electric E 
field and the magnetic B field found in electromagnetism. 
The equivalent gravitational solution to an electromagnetic 
problem can be obtained by substituting the following 
gravitational constants for the electromagnetic constants 


Electromagnetic Gravitational 

m (mass) 

p (volume mass density) 
& (surface mass density) 
{line mass density) 

J (mass current density) 


4] (charge} 

p (volume charge density) 

© (surface charge density) 

d (hne charge density) 

J (convection current density) 
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-continued 





Electromagnetic Gravitational 





E (electric field) 

B (magnetic field) 

€9 (pennittivity of space) 
No (permeability of space) 
—lamég Of Hy C7/4 


g (gravitational field) 

K (co-gravitational field} 
—lanG 

-4nGic? 

G (gravitational constant} 


[0009] Referring to FIG. 5, each vortex is connected 
through the pineal gland by light cords to a separate hyper- 
space quantum wel] having its own frequency and dimen- 
sion. The reason for this separation is that the conical 
spiritual eye, attached to vortex B, has to have its own 
energy structure which is different from vortex (A) which is 
connected to the quantum energy field in which the mental 
processes are developed. Due to the high speed of light in 
our dimension, the quantum wells are the size appropriate to 
molecules and atoms. In hyperspace, where the speed of 
light is one meter per second, the quantum wells are huge 
and can be manipulated. This manipulation has shown that 
the quantum wells are in the shape of a cube about a meter 
ona side. This makes the whole structure about seven meters 
tall for a volume of seven cubic meters. Thus the mass 
density p of hyperspace is about 


ATL kg _ 4, ke 
PST ae 


which per unit area is the same value. Therefore the hyper- 
space gravitational constant is equal to 


; my? 
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The enormous magnification of the gravitational constant is 
therefore of the order of 


Gp 140 


= ‘es 12 
S Serie @15-10 


The question is how does this amplified gravitational wave 
created by the rotating propellers and turbines get into 
hyperspace from our dimension? 


[0010] The answer comes from experiments done using 
the ancient Chinese form of breathing known as Chi Kung. 
Using this breathing technique, we have been able to levitate 
the human body over six feet in the air. The internal 
temperature of the stomach is around 200 degrees Fahren- 
heit. By simultaneously squeezing the diaphragm to bring 
hot air up through the lungs, and breathing through the nose 
to bring cold air down, rotating vortices are generated in the 
lung passages when these two air masses meet and twist 
around each other as depicted in the famous Yin-Yang 
diagram. Because the lung has variable diameter passages 
from the large diameter at the throat to the final small air 
sacs, there is a spectrum of rotating frequencies. 
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[0011] From quantum physics it is known that if there is a 
temperature fluctuation occuring among a group of har- 
monic oscillators in the environment, then Planck’s reduced 
constant , is increased by the cotangent of the constant 
times the frequency w of the oscillator divided by twice 
Boltzmamn's constant k times the temperature T 





h = frcoth{ =) 


[0012] The effect of increasing Planck’s constant, refer- 
ring to FIG. 6, can be seen in the tetrahedron diagram. This 
diagram, of which there are now over 4000, plots the natural 
logarithm of mass on the vertical axis versus the natural 
logarithm of wavelength on the horizontal axis. In terms of 
mathematics, it is a subspace logarithmic manifold which 
projects geometrically the physics constants into our 4D 
spacetime dimension. That is, it is the geometry of the 
tetrahedron circumscribed by the sphere that determines the 
mass of the proton and electron. The mass of the electron 
times its wavelength is equal to the mass of the proton times 
its wavelength which in turn is equal to Planck’s constant h 
divided by the speed of light c 


hi 
Ntple =Mipdp = - 


Taking the natural logarithm of the above equation shows 
that the mass plus the wavelength 1s equal to what is termed 
the base constant 


h 
Init.) + Inia, = uf =| = -95,91546344 


which is represented in FIG. 6 by the 45 degree line (A) 
from point (a) on the horizontal axis to the vertical axis at 
point (b). The electron is located at point (c) which is the 
intersection of the electron wavelength (B) with line (A). 
The electron wavelength (B) reflects off the sphere (D) at 
points (d) and (e) and returns along line (C) as the electron 
mass. As shown in tetrahedron diagram tet0565, stored in 
the Library of Congress, the clockwise path of the electron 
transitions into the counter-clockwise path of the proton 
showing that the electron and proton are one and the same 
particle. Because the electron and proton travel in opposite 
directions along the path, they have the same charge but of 
opposite sign. 


[0013] Our dimension is represented by Planck box (E) 
which is bounded by the Planck mass and the Planck 
wavelength. The Planck mass is equal to the linear mass of 
the universe times the Planck length which is the bottom 
limit of our dimension. The Planck wavelength is 27 times 
the Planck length. Notice that the electron is located within 
the Planck box. 


[0014] Referring to FIG. 7, if there is an increase in 
Planck's constant due to the temperature fluctuations among 
the harmonic oscillators, the 45 degree base line (A) moves 
to the left on the tetrahedron diagram as shown by line (F). 
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Because of the increase in the base constant, there is a 
corresponding increase in the electron mass and wavelength. 
The electron moves from point (c) to point (f) which places 
it at the edge of the Planck box (F) which is the boundary 
between space and hyperspace. At point (f), the electron is 
essentially no longer in our dimension. 


[0015] Referring to FIG. 8, imagine a box (A) filled with 
nine electron oscillators (B). If Planck’s constant is 
increased near the three oscillators in the middle, these 
electrons will leave this dimension. This leaves six oscilla- 
tors as shown in the box (C). However, box (C) 1s the 
equivalent of box (D) in which there are still nine positive 
mass oscillators together with 3 negative mass oscillators. 
Thus there is an accumulation of negative energy (-—p) when 
information is lost from the environment to another dimen- 
sion. 


[0016] Dr. Kip Thorne, who co-authored the book Gravi- 
tation with Dr. Archibald Wheeler of Princeton University, 
has shown in a General Relativity spacetime curvature 
calculation that negative energy is required to open and 
stabilize the throat of a wormhole between space and 
hyperspace. The accumulation of negative energy in the 
aforementioned example generates wormholes between into 
hyperspace. Hyperspace has a low energy density because of 
the reduced speed of light in that dimension. Ordinarily, 
energy would not flow from hyperspace to space because 
space has a higher potential than the potential of hyperspace. 
This, of course, is the reason that the body vortices can flow 
energy into the energy field of the human being who is 
located in hyperspace. By creating negative energy, the 
potential becomes reversed such that low density hyperspace 
energy flows into our dimension as seen by the positive head 


PE=Ppyperspsce{- Papace)=t+2P 


The low-density energy fills the body which allows a human 
being to float upwards like a helium balloon as verified by 
Chi Kung breathing as well as spinning on a motorized 
platform known as the Chakra Vortex Accelerator. The latter 
device resulted in the first mechanical means to produce 
anti-gravity. 


[0017] The process of creating spinning thermal fluctua- 
tions is the same as found in the hot air vortices created by 
the jet airplanes landing at the airport near the road where 
the full-body teleportation occurred. Large vortices are 
created over the wing of the airplane at the same time that 
the turbine engines are spinning hot vortices into relatively 
cold air. These conditions produce wormholes between 
space and hyperspace. It takes a twin turboprop airplane 
landing behind the jet to generate the gravitational wave in 
the region where the wormholes have formed. The gravita- 
tiona] wave then traverses the wormholes into hyperspace, 
becoming highly amplified due to the change in linear mass 
and speed of light. Because the propeller blades are co-linear 
with the road, the gravitational wave travels in the direction 
along the road where it was encountered by the inventor. 


[0018] From experiments with cavitating bubbles (see 
patent application Cavitating Oil Hyperspace Energy Gen- 
erator), it was found that it is possible to produce a worm- 
hole if the surfaces of the bubble collapse asymmetrically. A 
symmetric collapse of a spherical bubble produces enor- 
mous spacetime curvature distortions. An asymmetric col- 
lapse, using a magnetic field to distort the collapse, pro- 
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duces, in addition to the same severe spacetime distortions, 
negative energy as the bubble collapses. Due to some 
Genera] Relativity considerations, the wormhole that is 
created starts rotating in a mamner similar to the beacon light 
produced by a lighthouse. 


[0019] Referring to FIG. 9, due to the forward helical 
motion (A) of the propellers (B) as the airplane crosses the 
road, the pulsed gravitational wave (C) is skewed backward 
at an angle (D). Due to the wormholes created by the 
presence of thermal vorticity fluctuations generated by the 
wing and turbines of the airplane, this skewed wave moves 
into hyperspace where it is highly magnified and detected by 
the inventor. 


[0020] Referring to top view FIG. 10, the gravitational 
wave (A) causes a skewed compression and expansion of the 
hyperspace quantum wells (B) which constitute the human 
energy being. Due to this asymmetric distortion in the 
xy-plane, the quantum wells take the physical body out of 
dimension as long as the wave pulse is traveling with the 
human energy field. Once the back edge of the gravitational 
wave moves on past the quantum wells, the body is then 
brought back into dimension. 


SUMMARY OF THE INVENTION 


[0021] It is the object of this invention to teleport a human 
being from one location to another by creating a pulsed 
gravitational wave traveling through hyperspace that asym- 
metrically compresses and expands the quantum wells of the 
human energy being. This spacetime curvature distortion of 
the hyperspace quantum wells pulls the physical body out of 
dimension such that the human being is teleported along 
with the wave. As the pulsed wave moves on past the 
quantum wells, the human is brought back into dimension at 
some distant location. The invention requires (1) a device 
that will generate a wormhole between space and hyper- 
space, and (2) a device that will generate a gravitational 
wave which can be inserted through the wormhole. 


[0022] Referring to FIG. 11, a magnetic vortex wormhole 
generator has already been developed which generates a 
wormhole between space and hyperspace as described in a 
previous patent application entitled Magnetic Vortex Worm- 
hole Generator. Using this generator, it was found that 
smoke blown through one side of the coi] does not appear on 
the other side of cylindrical coil. The smoke flows through 
the wormhole and appears in a hyperspace co-dimension. It 
was this experiment that resulted in making first contact with 
the androids of the Grey aliens who told me, in a remote 
viewing session, that “We saw you blowing smoke into 
hyperspace.” 


[0023] The wormhole generator consists of two concentric 
cylindrical coils (A,B), one of larger radius than the other, 
made of thin transformer iron laminate wrapped in opposite 
directions with one continuous wire driven by a sinusoidal 
current. The solenoidal coil generates a magnetic field 
through the laminate. Because the electrical current flows in 
opposite directions at different radi through the two wind- 
ings, bucking electric fields (C) are created along the cen- 
terline of the generator. These radially-offset magnetic fields 
and bucking electric fields, as shown by a calculation using 
Einstein’s General Theory of Relativity, generate both an 
enormous spiking spacetime curvature and negative energy 
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at small radius along the centerline where the wormhole is 
formed. The gravitational wave generator is then coupled to 
this wormhole generator. 


[0024] Referring to FIG. 12, it is known from gravitation 
physics that injecting an electromagnetic wave (A) into a 
hollow toroidal waveguide (B) produces a hyperbolic space- 
time curvature stress (C) in the plane of the waveguide. The 
tips of the arrows indicate compression and the tail of the 
arrows indicate expansion or stretching of spacetime. The 
reason for this spacetime curvature is because the waveguide 
forces the electromagnetic wave to curve around and travel 
in a circle. Spacetime has to compensate for this toroidal- 
generated stress by creating hyperbolic lines of stress in the 
inner plane of the toroid so that the overall spacetime 
curvature is zero, For a greater gravitational effect, three 
toroidal waveguides, phased 120 degrees apart, are used to 
seal off the curvature. 


[0025] Referring to FIG. 13, the three toroids create a 
rotating, twisting, vertical propagating gravitational field 
(A) through the centerline of the toroids provided that the 
period of the electromagnetic wave is twice the period of the 
gravitational wave. This phase relationship is adjusted by 
selecting the correct radius for the frequency of the mono- 
chromatic wave. 


[0026] In order to effectively use this gravitational wave, 
referring to FIG. 14, three phased toroidal waveguides 
(A,B) are mounted at the top of each of two identical square 
granite obelisks (C.D), The two obelisks are offset by a short 
distance between them. As the vertical gravitational wave 
rotates around along the vertical axis inside the obelisk, the 
edges of the square obelisks are compressed and expanded 
such as to create two cylindrical asymmetric gravitational 
waves traveling radially outward. 


[0027] Referring to FIG. 15, these waves meet to form a 
plane gravitational wave (A) which travels down the cen- 
terline between the two obelisks. 


[0028] Referring to FIG. 16, the full body teleportation 
system consists of the twin granite obelisks (A,B) on which 
are mounted near the top of each the toroidal waveguides 
(C.D) which produce the pulsed gravitational waves (E,F) 
that run the length of the obelisks. Because the gravitational 
wave is rotating inside the obelisk, the granite stone under- 
goes a very small asymmetrical compression and expansion. 
A cylindrical gravitational wave propagates out from each 
obelisk such that along the centerline between the two there 
is generated a plane gravitational wave. This wave enters the 
wormhole (H) created by the magnetic vortex generator 
which is located a short distance from and parallel to the 
obelisks. The wave is amplified by a factor of almost 10 ** 
when it enters the hyperspace co-dimension. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0029] FIG. 1. Perspective view of site where full-body 
teleportation occurred. 


[0030] FIG. 2. Perspective view of gravitational wave 
generator. 


[0031] FIG. 3. Planar view of gravitational wave genera- 
tor. 


[0032] FIG. 4. Perspective view of seven vortices of 
human energy being. 
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[0033] FIG. 5. Perspective view of seven large quantum 
wells of human energy being. 


[0034] FIG. 6. Tetrahedron diagram showing Planck’s 
constant and electron. 


[0035] FIG. 7. Tetrahedron diagram showing electron 
moving out of dimension. 


[0036] FIG. 8. Perspective view showing production of 
negative energy. 


[0037] FIG. 9. Perspective view of skewed gravitational 
wave produced by propellers. 


[0038] FIG. 10. Planar view of skewed quantum wells 
deformed by gravitational wave. 


[0039] FIG. 11. Perspective view of magnetic vortex 
wormhole generator. 


[0040] FIG. 12. Perspective view of hyperbolic lines of 
stress generated by toroidal waveguide. 


[0041] FIG. 13. Perspective view of rotating, twisting, 
propagating gravitational wave generated by toroidal 
waveguides. 


[0042] FIG. 14. Perspective view of toroidal waveguides 
attached to obelisks. 


[0043] FIG. 15. Perspective view of gravitational wave 
generated by obelisks. 


[0044] FIG. 16. Perspective view of magnetic vortex 
wormhole generator and obelisk gravitational wave genera- 
tor. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0045] 1. The obelisks are quarried out of granite stone 
and cut with a large-diameter diamond saw that is used in 
highway construction. The beveled piece at the top is cut 
separately and cemented in place. A tapered aluminum 
bracket holds the toroids in place. 


[0046] 2. The electronics for the magnetic vortex genera- 
tor are similar to that used in the patent application 
Magnetic Vortex Wormhole Generator. 


[0047] 3. The electronics for the toroidal waveguides is the 
familiar stub and coaxial cable driven by an amplifier and 
pulsed variable-frequency generator. 


I claim: 
1. A full body teleportation system consisting of: 


generating a pulsed gravitational wave which propagates 
through a magnetic vortex wormhole generator, and 


generating a wormhole with the magnetic vortex genera- 
tor whereby the pulsed gravitational wave traverses 
through the wormhole and enters into hyperspace 
where the wave is enormously magnified due to the 
lower speed of light in that dimension. 
2. The method of claim 1, wherein the step of generating 
the pulsed gravitational wave comprises: 


using two granite stone obelisks; 
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mounting monochromatic-wave toroidal waveguides on 
top of each obelisk to create a rotating, twisting, 
propagating gravitational wave through the vertical 
axis of each obelisk; and 


creating a cylindrica] compression and expansion in each 
obelisk to produce a plane gravitational wave traveling 
down the centerline between the two obelisks. 
3. The method of claim 1, wherein the step of generating 
a wormhole into hyperspace comprises: 


using two concentric cylindrical solenoidal coils of dif- 
ferent radii connected by a single wire wrapped in 
opposite directions on thin iron transformer laminate; 


generating bucking electric fields down the centerline of 
the vortex generator which creates a spacetime curva- 
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ture distortion with negative energy in accordance with 
Einstein’s General Theory of Relativity. 


4. A teleportation system comprising: 


generating a gravitational wave traveling through hyper- 
space which interacts with the human energy being; 
and 


pulling the human energy being and physical body out of 
dimension when interacting with the pulsed gravita- 
tional wave such that the person is teleported from one 
location to another through hyperspace and back again 
into our 4D spacetime dimension. 
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Figure 2 
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Figure 3 
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Figure 5 
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TRIANGULAR SPACECRAFT 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is a spacecraft having a triangular 
hull with vertical electrostatic line charges on each comer. 
The line charges create a horizontal electric field that, 
together with a plane wave emitted by antennas on the side 
of the hull, generates a force per volume providing a unique 
combination of both lift and propulsion. 


BACKGROUND OF THE INVENTION 


[0002] Referring to FIG. 1, the spacecraft has a hull in the 
shape of an equilateral triangle. A parabolic antenna (E) is 
centrally located in the bottom of the hull. An array of 
horizontal slot antennas is located along the side of the hull 
(A). Each back comer (F,G) has a corner conducting plate 
which is charged to a positive voltage +V. The forward 
corner (C) has a conducting plate charged to a negative 
voltage -¥V. A motion control hemisphere (D) is located on 
the bottom surface in each of the three corners. 


[0003] Referring to FIG. 2, two planes (A,B) intersect at 
the origin O at an opening angle Bf. Each plane (x,y) is 
charged to a voltage V. The potential at point P is determined 
in polar coordinates {pp}. The Laplace equation for the 
potential] ® in polar coordinates is given by: 


1 ( ot) I FO. 

pap ap)” Fae 

Using a separation of variables solution, the potential is 
given as the product of two functions: 


D(papER( pp) 
which when substituted into the Laplace equation becomes: 


pay dR) 1 | 
eles) sae ={ 
Rip dpe} V dg? 


Since the two ters are separately functions of p and > 
respectively, each one has to be constant with the sum of the 
constants equal to zero: 


lay 
¥ae 


=y2 





pe -( *) 3 
Pp = 
Rip dp 


These two equations have solutions: 

Rip)=sap’the-~ 

Wipes cos( mp) +Fsin(p) 
The azimuthal angle » is restricted to a value in the range 
O=p=f. The boundary condition is that the potential @ is 
equal to V for any radius p when $=0 and $=$. This means 


that v has to be an integer value of sv so that the sine function 
is zero: 


etd 


B 


sin(vB) = sin( A) = sin) = 0 me 1,2... 
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which in turn means that the coefficient A of the cosine term 
has to be zero in the solution above. Choosing b=0 makes the 
general] solution for the potential equal to: 


dp. d)=V + ‘> angt™? sin(nxd { B) 


m=l 


which shows that when the angle is zero, the sine is zero and 
the potential is V. If the angle is 6, then there is a multiple 
of a such that the sine is zero again. 


[0004] Because the series involves positive powers of the 
radius, for small enough p, only the first term m=1 in the 
series is important. Thus around p=0, the potential is 
approximately 


(Pg) V+a,p""sintup'B) 


[0005] The electric field component is the negative gradi- 
ent of the potential: 


1dd— Hay 


ars ae p™Prloosiad | Bd 


The surface charge distribution o at ¢=0 and =f is equal to 
the electric field perpendicular to the surface times the 
permittivity of space €: 





a 
&ytay ee 


a(p) = £9£g{p, 0) = — 2 


Notice that if angle of intersection { is less than 1, then the 
equation says that there is a very small radius to a positive 
power which means little charge density accumulation. 


[0006] Referring to FIG. 3, the value of (, in the case of 
the triangular hull, is equal to 360° less 60° for a total of 
300° or: 





which says that there is a charge density singularity to the 
two fifths power for small radius. Thus, the comer plates on 
the hull create a huge line charge density along the sharp 
vertical corner edge. The equation for the potential of a line 
charge density is given as: 


a a 4 
Mx yi=- 5 Laux =x) +(¥ = Yo) 
AEG 


where A is the charge per unit length in the vertical z-di- 
rection, and x, and yp are the location of the line charge in 
the xy-plane. 


US 2006/0145019 Al 


[0007] Referring to FIG. 4, the triangular hull (D) is 
plotted together with the potential contours (A) and the 
electric field arrows (B) created by the three corner line 
charges. The line charges are perpendicular to the paper. 
Notice that the electric field arrows are parallel crossing the 
center parabolic antenna (C). The electric field is also 
parallel to the sides (D) of the triangle. 


[0008] Referring to FIG. 5, along the side of the triangle 
(A), an array (B) of horizontal slot antennas emit electro- 
magnetic waves that have a vertically polarized electric E 
field (C). These traveling waves interact with the electric 
field (D) produced by the line charges on the corners of the 
triangle. 


[0009] Using differential forms mathematics, this combi- 
nation of fields is represented by the Hodge star of the 
differential of the wedge product of the two fields. The 
antenna electromagnetic field is a combination of a traveling 
magnetic field B,,, and electric field E,,. The stationary field 
E created by the line charges is perpendicular to the traveling 
wave. 


force 





€ 
“HEN Bat Ey dty- = 
¢ volume 


where € is the linear capacitance of space and ¢ 1s the speed 
of light. Thus there is a force per volume around the hull. 


[0010] This combination of fields produces a spacetime 
curvature as determined by Einstein’s General Theory of 
Relativity. The traveling electric field has an amplitude in 
the vertical z-direction and travels in the x-direction 


EF, -E,COS(X—-f} 


The Faraday electromagnetic tensor contains all the electric 
and magnetic fields in all the {x,y,z} directions. The first row 
and first column contain the two electric fields 


t th E, tb E,cos(x- 0) 
ra x Ey 0 th th 
Bry it O th ih 


clE,cos(x-) 0 th {} 


The stress exerted on spacetime occurs in the xx, yy and 
zz-direction as calculated from the stress-energy tensor T of 
gravitational physics 


1 
4n7 = FeO Fe a FapF 


where g is the metric tensor for Cartesian space 
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where the diagonal components are the coefficients of the 
elementary spacetime length ds squared 


(ds P (dey? +(dey4idyP+tazy 


The calculation produces three stresses T™*,T’” and T** in 
their respective {x,y,z} directions. 


[0011] Referring to FIG. 6, these three stresses are plotted 
together as a 3D vector field animated over time in nine 
frames. The graphs show that there is a lift force as depicted 
by the vertical arrows as wel] as a force of propulsion as 
shown by the interspersed horizontal arrows. With the 
passage of time, these vectors exchange places with each 
other so that the lift becomes the propulsion and vice versa, 
creating a wavy stress-energy field around the hull. 


SUMMARY OF THE INVENTION 


[0012] This invention is a spacecraft with a triangular hull 
having charged flat plates on the vertical corners of the three 
sides. The two rear corners are charged to a potential V. The 
forward corner is charged to a potential -V. The 60° angle 
on the corner creates a line charge density singularity that 
produces a huge horizontal electric field pointing from the 
back to the front of the craft which is also parallel to the 
sides of the triangle. An array of horizontal slot antennas 
located on the sides of the triangular hull produce an 
electromagnetic wave with the electric field polarized in the 
vertical direction. This combination of fields produces a 
spacetime force in both the vertical and horizontal directions 
such that the spacecraft receives a lift force and a force of 
propulsion. 


A BRIEF DESCRIPTION OF THE DRAWINGS 
[0013] FIG. 1. Perspective view of triangular spacecraft. 


[0014] FIG. 2. Drawing of the intersection of two charged 
plates in order to calculate the charge density in the corer. 


[0015] FIG. 3. Perspective view of the corner angle # for 
the equilateral triangle. 


[0016] FIG. 4. Planar 2D graph showing the electric field 
produced by three line charges on the corners of the trian- 
gular hull. 


[0017] FIG. 5. Perspective view of electric field produced 
by the linear charge interacting with the traveling electro- 
magnetic wave produced by the slot antenna. 


[0018] FIG. 6. 3D vector animation of the lift and thrust 
force generated by the fields. 


[0019] FIG. 7. Perspective view of slot antenna. 
DETAILED DESCRIPTION OF THE 
INVENTION 


[0020] Referring to FIG. 7, the antenna (A) is made out of 
sheet copper in which a rectangular horizontal slot (B) has 
been notched out using a die press and sheet metal fixture. 
A coaxial cable from the amplifier and frequency generator 
is attached across the slot by soldering the outer cable (D) to 
one side of the slot and the inner cable (E) to the other side 
of the slot. This creates the positive and negative charges 
across the gap which forms the vertical electric field (F) 
which radiates out perpendicularly to the copper sheet. 
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[0021] Although the invention has been described with 
reference to specific embodiments, such as a particular 
antenna system, those skilled in the art will appreciate that 
many modifications and variations are possible without 
departing from the teachings of the invention. All such 
modifications and variations are intended to be encompassed 
within the scope of the following claims. 


1. A spacecraft comprised of the following components: 
(a) a tnangular hull in the form of an equilateral triangle; 


(b) two copper plates attached on opposite vertical sides 
at each of the three comers of the hull (1a) such that a 
sharp vertical] edge is formed where they come 
together; 


(c) an electrostatic generator used to charge the back two 
copper-cladded corners (14) to a high positive voltage, 
and the third forward copper-cladded corner to a high 
negative voltage; 
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(d) a horizontal slot antenna array mounted-on the sides of 
the hull; and 


(e) a frequency generator, antenna and coaxial cables to 
drive the antenna array (1d). 


2. To create, by claims (la, 15, 1c), an intense vertical line 
charge at the corners (14) and a horizontal electric field that 
that is parallel to the sides of the hull (1a). 


3. To create, by claims (1¢,le), an electromagnetic wave 
with a vertically polarized electric field traveling outward 
from the side of the hull (1a); and 


4. To create, by claims (2,3), an interaction of the elec- 
trostatic field (2) with the electromagnetic wave (3) such that 
a combined spacetime curvature pressure is generated on the 
hull in the upward and forward direction to produce lift and 
propulsion respectively. 
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ABSTRACT OF THE DISCLOSURE 


A combined antenna and conversion mechanism for re- 
ception of beamed high frequency electromagnetic energy 
in space including a large array of unidirectional current 
semiconductor rectifier devices, A self-supporting space 
vehicle utilizing the rectified DC electrical energy for pro- 
pulsion is disclosed in an iftustrative embodiment, 





The present invention relates in general to the transfer 
of energy by means of an electromagnetic wave beam and 
more particularly to interception and rectification of such 
energy into low frequency electrical DC energy with a 
high degree of efficiency, 

Improved technology in the field of microwave energy 
generation at superpower levels has resulted in the realiza- 
tion of electrical energy transmission over considerable dis- 
tances for remote energization of devices or vehicles with- 
out the aid of wires. The transmission of microwave elec- 
tromagnetic energy into space has been commonly em- 
ployed in the radar pulse echo systems for the detection 
and orientation of desired objects within a predetermined 
scanning range of a transmitting antenna, Beams of a 
similar nature may now be employed for other useful 
purposes and the advantages attendant the utilization of 
electromagnetic energy in the microwave region in con- 
trast with other wavelengths may now be enumerated. 

Microwaves have been generally defined as high fre- 
quency radio waves whose wavelength is less than 30 
centimeters, with a lower wavelength Hmit on the order 
of 1 millimeter sometimes being applied to what is com- 
monly referred to as the “microwave region.” The superi- 
ority of high frequency microwaves is due in part to the 
fact-that it is generally desirable to focus the transmitted 
energy So as to achieve a high power density at a remote 
point or area with respect to a given power source, In 
accordance with the laws of optics, the sharpness of the 
microwave beam produced by a transmitting antenna 
varies as the ratio of antenna dimensions to the wavelength 
of the transmitted energy. Therefore, for a given or de- 
sired power density or beam sharpness, a decrease in the 
wavelength of the transmitted energy permits a corre- 
sponding decrease in the dimensions of the antenna. From 
the standpoint of mechanical considerations, it is desir- 
able to employ small antennas and other components, and 
it is therefore advantageous to employ high frequency 
energy of very short wavelength, In addition, the difficul- 
ties encountered in long wave transmission as a result of 
natural and man-made interference or noise do not occur 
with any appreciable significance at microwave frequen- 
cies. Further, in aerospace applications with considerable 
distances separating the transmitter at an earth or mother 
Planet location and the employment of shorter wavelength 
beamed energy is preferred since longer wave signals will 
generallly be reflected at certain altitudes by reflecting lay- 
ers in the atmosphere, 

In view of certain losses due to absorption which may 
occur in the atmosphere, microwaves in the region having 
the approximate bounds of 2 and 30 centimeters are 
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readily adaptable to the convenient radiation of power 
to remote points without the utilization of wires, The pre- 
ferred wavelengths are of the order of 5 or 10 centimeters 
fo provide efficient focusing with existing transmitting 
antenna systems which may be maintained at a reasonable 
size. An illustrative device of the superpower high fre- 
quency microwave generators operative in the desired 
band is the so-called Amplitron which is an amplifier 
having a broad bandwidth and exceHent performance 
characteristics for the focusing of the beam. Such devices 
are capable of producing 15 or 20 kilowatts of average 
continuous wave power in the neighborhood of 10 centi- 
meters in wavelength with capabilities expected in the 
region of 500 kilowatts or more average power with 50 
megawatts peak power. A complete description of such 
devices may be had by referring to Patent No. 2,933,723 
issued Apr. 19, 1960 to William C. Brown and assigned 
to the assignee of the present invention. - 

With microwave energy capable of being generated and 
directed over longer distances conversion of such high 
frequency electromagnetic energy is of paramount con- 
cern. One conversion mechanism in the prior art involves 
direct conversion of such energy into heat which may 
then be utilized directly or indirectly for propulsion or 
generation of flight-producing forces, Examples of such 
devices for heat energy exchange as well as space vehicles 
utilizing such energy may be noted in Patent No, 3,174, 
705, issued Mar. 23, 1965, to D. Schiff et al., as well as 
US. Letters Patent No. 3,083,528, issued Apr. 2, 1963 
and No, 3,114,517, issued Dec, 17, 1963, to William C. 
Brown. The heat exchanger method of conversion of 
electromagnetic energy into useful power is limited by 
the overall efficiencies of approximately 25 percent in the 
conversion of heat into mechanical or electrical work, De- 
sirable, therefore, would be the direct rectification of the 
high frequency electromagnetic energy into low frequency 
electrical energy for the operation of mary useful aero- 
space devices as well as systems. 

The present invention has for its primary object the 
conversion of high frequency electromagnetic energy in 
the microwave region directly into low frequency elec- 
trical energy. 

A further object of the present invention is the pro- 
vision of a combined nondirectional receiving antenna and 
microwave electromagnetic energy to low frequency elec- 
trical energy conversion means in a unitary structure, 

A still further object of the present invention js @ pro- 
vision of a new and novel combined nondirectional re- 
ceiving antenna and microwave to DC energy converter 
for aerospace applications. 

Another object of the present invention is the provision 
of a new and novel nondirectional receiving antenna and 
microwave to DC energy converter having a high degree 
of efficiency. 

Still another object of the present invention is the pro- 
vision of a new and novel aerospace vehicle with non- 
directional receiving antenna and microwave to DC ener- 
sy converter means with said vehicle being capable of 
being supported by its own energy generation means ata 
distance spaced apart from the power generation means. 

In accordance with the teachings of the present inven- 
tion, the above and other objects are achieved by the 
employment of efficient unidirectional microwave power 
rectifiers and dipole antenna means, Such Tectifying de- 
vices, while being individually limited in power-handling 
capabilities, normally in the order of fractions of Waits, 
have been found to be highly efficient means for the recti- 
fication of microwave power when assembled in large 
numbers in various arrays. It is interesting to note that 
the observed collective efficiency was on the order of 
40 to 70 percent. In an illustrative embodiment, point- 
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contact semiconductor diodes were arranged in four arm 
bridge connected networks with the networks intercon- 
nected in various configurations such as series, parallel 
and series-parallel, 

In discussing aerospace applications, an additional prob- 
lem is encountered in the beaming of microwave energy 
to a remote point and the interception and utilization of 
such electrical energy. In such applications the advantages 
of a vehicle which may be maintained in space for inde- 
terminate periods of time without employing a local fuel 
source ate readily apparent, Such devices could readily 
provide communication networks, surveillance functions 
using radar techniques along with numerous other fenc- 
tions. The acapture of the beamed high frequency elec- 
tromagnetic energy raises the need for an efficient an- 
tenna means capable of intersecting the beam at high 
altitudes, Conventional techniques employed in micro- 
wave radar usage such as receiving anienna horns are 
capable of intersecting only a small portion of the beam 
energy and add considerable weight in applications in- 
volving heavier-than-air vehicles. In an exemplary em-~ 
bodiment of the invention a space vehicle, namely a heli- 
copter, is disclosed for either moving flight or a stationary 
location with self-supporting electrically operative propul- 
sion means. The semi-conductor diode rectifier arrays have 
been demonstrated to fulfill the receiving antenna func- 
tions as well as the electrical energy rectification means in 
a highly efficient manner. Such combined antenna and rec- 
tifier means has also assisted in reduction of the weight 
problem in airborne devices. Further, it has provided a 
nondirectional means for the interception of the micro- 
wave energy to thereby reduce the problems of focusing 
inherent in prior art directional horn type receiving an- 
tennas. 

With the above features, advantages and objects in mind 
the invention will now be described by reference to the 
following detailed description together with the accom- 
panying drawings in which: 

FIG. 1 is a perspective view of an illustrative diode 
rectifier; 

FIG. 2 is a schematic circuit diagram of a bridge con- 
nected diode network with dipole antenna means; 

FIG. 3 is a schematic circuit diagram of a plurality of 
bridge connected networks arranged in series; — 

FIG. 4 is a schematic circuit diagram of a parallel 
bridge connected network array; 

FIG. 5 is a perspective view of an illustrative embodi- 
ment of a combined antenna and rectifier array in a folded 
or rolled up configuration; 

FIG. 6 is a schematic circuit diagram illustrating the 
bridge connected diode array incorporated in the aero- 
space vehicle shown in FIG. 7; 

FIG. 7 is a schematic representation in elevation illus- 
trative of a heavier-than-air aerospace vehicle incorparat- 
ing the structure of the present invention; 

FIG. 8 is a perspective view of the aerospace vehicle 
embodiment as viewed from the under portion thereof; 
and 

FIG. 9 is an enlarged partial view in elevation of a por- 
tion of the illustrative embodiment shown in FIG. 8. 

FIG. 1 illustrates a point-contact semiconductor diode 
rectifier of the type employed in radar microwave receiver 
apparatus to rectify returned radar pulses. Any of the 
high burnout semiconductor diodes having high recti- 
fication characteristics are preferred and are commercially 
available, such as the IN82 or 1N830. The rectifying junc- 
tion is formed by whisker element 2 contacting the semi- 
conductor element 4 respectively connected to leads 6 and 
$. Silicon is preferred over germanium for element 4 
because of its ability to operate at higher temperatures ard 
thereby handle higher powers. Envelope 16 houses the 
rectifying elements and may be of a hermetically sealed 
dielectric material or combination metal and ceramic com- 
position. The inherent characteristic of such diode recti- 
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fiers is that the microwave energy is intercepted and recti- 
fied in a unidirectional manner and the line 11 indicate 
pictorially the rays of the beamed electromagnetic micro- 
wave energy in a plane normal to the envelope. In FIG. 2 
a full-wave bridge connected diode network is illustrated 
with the forward direction of the rectified DC electric 
current indicated by the direction of the arrow symbols. 
The network shown consists of half-wave dipoles 20 and 
42 each terminated with a diode rectifier element 24 to 
27 in an arm of the bridge connected network. The di- 
pole elements 20 and 22 are of the half-wave configura- 
tion and may be spaced apart from each other a one-half 
wavelength at the frequency of the beamed electromag- 
netic energy. 

Referring now to FIG. 3, an array of bridge connected 
diode networks each with the half-wave dipoles are shown 
connected in series. Each network is referred to by the 
numeral 30 and is similar in the bridge connections to the 
single element network shown in FIG, 2. The DC output 
of the collective rectified energy is coupled by means of 
terminals 32 and 33. In FIG. 4, a similar number of in- 
dividual bridge connected diode-dipole networks are 
shown connected in a parallel array. Each network is in- 
dicated by the nameral 40, and the output terminals are 
indicated as 41 and 42. 

Any number of diode-dipole networks may be pro- 
vided and in FIG. 5 such a multi-element array is illus- 
trated by mounting on a flexible material 50 which may 
be rolled or folded into any desired package or en- 
closed within a capsule to be Jaunched and released at a 
predetermined point in space. Any flexible material which 
is pervious to electromagnetic energy is preferred. The 
total power desired would be the determining factor in a 
number of individual diode-dipole elements required. In 
this embodiment, the bridge connected networks 51 are 
connected in parallel to the output load indicated by ter- 
minals 532 and 53, and representative measurements of 
electrical characteristics have shown that approximately 
five watts of DC electrical energy is realizable for each 
square foot of area of the combined antenna-rectifier. 
While the dipole elements 54 have been indicated in a 
particular array, it is within the scope of the invention to 
stagger the placement of such dipoles to increase the over- 
all efficiency of the antenna-rectifier. 

To further increase the DC powder output, the full- 
wave bridge connected networks are preferably arranged 
with 2 plurality of diodes in series in each arm of the 
bridge. An illustrative schematic circuit diagram of such 
a configuration is shown in FIG. 6 wherein seven diodes 
60 are shown in each arm of the bridge circuit and are 
connected in series for a total of twenty-eight diodes in 
each bridge network. The dipole members will then be the 
substantially U-shaped end portions 61 at the ends of each 
brace of seven diodes, In the illustration three such 
twenty-eight diode bridge networks are shown connected 
in parallel to terminals 62 and 63. This closer spacing 
and compact arrangement has been shown to be a source 
of improved power output and is capable of a high degree 
of reliability through the redundant nature of the parallel 
series connections within each bridge network. If one of 


the diode rectifiers fails to function the over-all voltage. 


drop across this element would be divided among the six 
remaining diode rectifiers. If any of the connecting wires 
between the diode elements should break, the adjacent 
atms of the other bridge assemblies would take the addi- 
tional load due to the close proximity of the respective 
arms to each other. In addition, it is possible to have a 
number of open connections or inoperative diodes dis- 
persed throughout the array without any serious impair- 
ment in performance. ; 

In relation to the array concept to be hereinafter de- 
scribed it may be stated that within a six inch square area. 
ten such individual bridge networks each containing 
twenty-eight diode rectifiers for a total of 280 diode rec- 
tifiers may be deployed in such a manner as to provide 
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maximum exposed area for each diode as well as the 
connecting leads. Such an arrangement will be hereinafter 
Teferred to as a “module” and a DC output in excess of 
fourteen watts has been measured for such a module. Any 
number of such modules could be connected provided for 
a desired power yield and this module concept readily 
lends itself to use in certain aerospace applications now 
to be described. 

In FIG. 7 a propelled type of space vehicle 70 is shown 
wholly supported by means of the transfer and rectifica- 
tion o£ continuous wave electromagnetic energy via a 
microwave beam 72. The source of the microwave energy 
which may be of the Amplitron type device as described 
in the aforementioned issued Patent No. 2,933,723 is 
indicated as 74, This energy is fed by waveguide means 
76 to a transmitting horn 78 to illuminate an ellipsoidal 
beam forming focusing antenna 80 for the transmission 
of the microwave beam 72. It will be appreciated by 
those skilled in the art that the representations of the 
microwave generation and transmitting antenna means 
are pictorial representations to illustrate the usage of the 
invention in diagrammatic form and the present invention 
is not limited to any particular source of microwave 
energy or transmitting antenna assembly, It may be 
stated the reflector of the antenna assembly is consider- 
ably larger than most of the reflectors of the prior art 
in order to focus a large amount of the microwave power 
at high altitudes for use in the transfer of energy to 
space vehicles. Such antenna assemblies may be partially 
supported in a large hollowed area on the earth’s sur- 
face or other convenient means of support. 

The space vehicle or helicopter 70 can be described as 
a main body member supporting antenna-rectifier means 
82 including a large number of the so-called modules 
connected’ together and rigidly supported in a planar 


paraliel array. A motor 84 is supported by the com-. 


bined body member and the receiving antenna-rectifier 
means and actuates the rotor 86 of conventional design 
employed in such self-propelled hovering vehicles, The 
disclosed vehicle provides for the illumination of the 
planar array of the semiconductor diode dipole elements 
by the microwave beam and the direct conversion of the 
microwave power transmitted by the beam into usable 
electrical energy for the self-propulsion of the device 
without any local fuel supply being required. 

FIGS. 8 and 9 illustrate a space vehicle 82 comprising 
@ plurality of the combined receiving antenna-rectifier 
module means for interception and rectification of the 
electromagnetic microwave energy beam emanating 
from an earth or mother planet source. A planar array 
of the antenna-rectifier modules is mechanically sup- 
ported by means of structural members 90 of any light- 
weight wood or metal, Insulators 91 positioned coexten- 
sive with the members 90 support the diode rectifier array 
and avoid interference with the receiving and electrical 
performance characteristics by the structural support 
members, Carrying forward the module concept of 280 
diode rectifiers to provide an approximate power output 
of 14 watts, it was noted “that any aumber of such 
modules may be coupled together since the individna} 
module outputs are relatively insensitive to a wide range 
of load resistances connected to the common output 
terminals. To achieve the desired electrical output of ap- 
proximately 120 volts and 250 watts of power, subgroups 
of four modules each were assembled and parallel con- 
nected with an approximate 30 volts available for each 
subgroup. Four such subgronps were series-connected 
to result in a total of 4,480 diode rectifiers or 16 modules 
assembled in a two foot square self-supporting planar 
parallel array structure. The individual diode rectifiers 
connected in each arm of the bridge network are indicated 
by the numeral 92, An exemplary module configuration 
would extend within the area delineated by the dotted lines 
and reference letter A on one side and similar dotted lines 
and reference letter B on the other side. 
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A motor 94 is connected to the DC side of the overall 
array and may be additionally supported by tubular mem- 
ber 95. A shaft and propulsion means consisting of rotor 
blades 97 provide for the upward lift of the overall 
vehicle for the self-supporting of same in space applica- 
tions. Additional structural support such as interlaced 
rigging 96 of a high tensile sitength materia! such as 
nylon or steel wire, as well as bracing member 98, may 
be employed for strengthening of the body means to with- 
stand the vibrational forces and downwash from the 
propulsion means. 

In accordance with the well knowa technology of micro- 
wave transmission the combined array of diode rectifiers 
and propulsion means presents a specific load impedance 
which must be suitably matched to the transmitted micro- 
wave energy beam to result in maximum efficiency, In 
aerospace applications a mismatch of approximately ten 
to one may be evident. Matching of the load impedance to 
a value of approximately 377 ohms as the free space value 
will be provided by a plurality of coplanar parallel metal- 
lic rod members 99 disposed in a grating array in front 
of the diode rectifiers a predetermined distance. Rod mem- 
bers 99 are linearly disposed and extend in a similar di- 
rection as the assembled diode rectifiers, A selected frontal 
spacing of one-quarter of the wavelength of the micro- 
wave frequency being transmitted has been experimen- 
tally determined to be suitable for impedance matching 
purposes. An approximate spacing of two inches between 
the respective members was preferred for a selected 
microwave frequency of 2,450 megacycles, Each of the 
members 90 are provided with lateral sections 100 to sup- 
port the elongated bar members 101 which in turn main- 
tain the rod members 99 in the desired position. A tubu- 
lar member 102 of a lightweight metal may also be pro- 
vided to combine with the motor support member 95 for 
structural support. 

The combined antenna-rectifier array provides a source 
of electrical energy to render any space vehicle self-sup- 
porting. The diode rectifier elements when assembled in 
the antenna array have been found to be nondirectional 
with respect to interception of the beamed microwave en- 
ergy. This represents a large step forward in the utiliza- 
tion of high power microwave energy over the prior art 
horn-type receiving antennas which must be accurately 
focused and pointed in a particular direction for the re- 
ception of any energy. The connections between the re- 
spective members of the diode rectifier atray and de- 
ployment in the parallel configuration serves to provide 
maximum exposed area. Such connections and in pattic- 
ular the end loop portions adjacent the terminus of each 
arm of the bridge networks serves as an efficient dipole 
for the interception of the microwave energy. 

Although it is not intended as a full explanation of the 
high degree of efficiency atiained with the disclosed an- 
tenna-rectifier array, it is believed that the whisker ele- 
ments within the semiconductor diodes themselves are a 
contributing factor and may function as additional dipole 
elements, The disclosed embodiment functioned efficiently 
when illuminated by microwave energy generating a verti- 
cally polarized beam. Hence, an efficient and light weight 
energy conversion apparatus is disclosed which may be 
self-supporting without the requirement of a large local 
fuel supply payload. 

It may be within the purview of the invention to use 
the available rectified electrical energy for performing 
many functions in addition to the actuation of the pro- 
pulsion means. Hence, communications’ payloads may be 
maintained at predetermined positions in space in a hoy- 
ering attitude utilizing a portion of the electrical energy 
available. Relay signals to other such vehicles or return 
signals to ground stations would then be within the realm 
of possibility. Such available energy may also be em- 
ployed for servomechanisms, stabilizing and counter- 
torque systems for the navigation of such yehicles, 

The electrical efficiencies realized with the combined 
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receiving antenna and rectifier means have also provided 
certain weight advantages over other energy converters in 
aerospace applications. Examples of such converters 
would be heat exchangers or solar cells. In comparison 
to the present invention where five to eight pounds per 
kilowatt of energy realized is a normal characteristic, 
other energy conversion means weigh in the vicinity of 
150 pounds per kilowatt of realizable energy. The inherent 
advantages of the present invention are therefore appar- 
ent. While the technology in the diode rectifier art is be- 
ing continually advanced, new diode power rectifiers as 
well as integrated circuit techniques are readily available 
to future configurations of the present invention. The so- 
called Schottky barrier diodes could be employed to pro- 
duce combined antenna-rectifier means weighing even Jess 
than two pounds per kilowatt of available energy. 
Although the foregoing detailed description has re- 
ferred to DC power rectification it will be evident that 
with suitable circuit components low frequency AC energy 
may also be made available. In addition, other propulsion 
means may be readily substituted using electrical energy. 
The embodiments disclosed herein are illustrative only 
and other modifications or alterations will be apparent to 
those skilled in the art which do not depart from the 
scope of the broadest aspects of the present invention as 
defined in the appended claims. 
What is claimed is: 
1. A space vehicle comprising: 
body means; : 
said body means including spaced structural support 
members; 
combined antenna and DC electrical energy rectification 
means for the interception and rectification of inci- 
dent high frequency electromagnetic microwave en- 
ergy carried by said support members in a planar 
parallel array; 
said rectification means comprising a plurality of four 
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arm full-wave bridge connected rectifier circuit net- 
works each having a plurality of unidirectional semi- 
conductors in each arm; 

said networks being electrically interconnected to com- 

mon output terminals; 

electrically operable propulsion means comprising 2 

motor and rotor members carried by said body means 
and connected to said terminals for the utilization of 
said rectified DC energy; and 

means for matching the load impedance of said com- 

bined antenna and electrical energy rectification 
means to the incident microwave energy. 

2. A space vehicle according to claim 1 wherein said 
joad impedance matching means are arranged in a ¢co- 
planar array coextensive with said antenna and energy 
rectification means array, and spaced therefrom a dis- 
tance of approximately one-quarter of a wavelength at 
the frequency of the microwave energy. 

3. A space vehicle according to claim 2 wherein said 
load impedance matching means comprise a plurality of 
parallel disposed elongated metallic members. 
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Abstract: 


In this paper we have proposed a new model for visual consciousness based on the premise there exists a 
quantum teleportation mechanism between the eye and the brain. In our model, some open questions will 
be answered. 


I) Introduction: 


Schrédinger’s book "What is life?" has had an enormous influence on the development of molecular 
biology [1]. His insight has since then inspired many researchers to investigate the molecular basis of a 
living organism [2,3,4]. Several researchers have noticed the sweeping consequences that would follow 
from the discovery that living organisms might process information quantum mechanically, either at the 
bio-molecular level, or the cellular/neuronal level [5,6,7,8,9]. Computational models of the behavior of 
networks of neurons are still mainly based on the integrate-and-fire model of neural function. Mainstream 
cognitive neuroscience typically ignores the role of quantum physical effects in the neural processes 
underlying cognition and consciousness. However, many unsolved problems remain, suggesting the need 
to consider new approaches. Recent contributions to the investigations of quantum effects in the human 
brain are due to Jibu and Yasue, Pribram, Lockwood, Mavromatos and Nanopoulous, Hameroff and 
Penrose, and Stapp [10]. These authors have proposed models in which the operation of consciousness is 
associated with some sort of explicit wave function collapse. There have been numerous suggestions that 
consciousness is a macroscopic quantum effect possibly involving superconductivity, superfluidity, 
electromagnetic fields, Bose-Einstein condensation or some other physical mechanism. Perhaps the most 
specific model developed thus far is that of Penrose and Hameroff and it asserts that quantum information 
processing takes place in microtubules (MTs). It has been argued that MTs can process information 
similarly to a cellular automaton, and hence Hameroff and Penrose suggest that neuronal MTs may 
operate as a quantum computer. 

In this paper, we investigate visual information transfer from a quantum information point of view. 
Theoretically we consider the conscious observer looking at a quantum system and propose that the state 
of this system is reported via superposed photons. We address the question whether the observer can 
receive the exact same state of this system quantum mechanically in his/her brain or this quantum state 
collapses before reaching the brain. Below we investigate the problem in detail. 


2) Evolution of Information from the Eye to the Brain 


We assume that a conscious observer directs his/her attention to a quantum system. For simplicity we 
consider this system to be a manifestation of the celebrated Schrédinger’s cat. This system can exist in 
two states: Live|L), or Dead|D). 
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Weys = (IL) + [D)) (2-1) 


The state of this system is then reported via superposed photons. 4% of these photons are reflected from 
the cornea. 50% of remaining photons are dissipated through ocular media absorption. Other photons 
enter the 200-250 um thick retina. There, photons interact with the photoreceptors in the rods and cons 
layer after 80% loss due to retinal transmission [11],[12]. In this case, we consider just a few remaining 
photons which are in a superposed quantum state. The key question here is whether this quantum state of 
photons can be reported to the brain. 


When this state interacts with the last layer of retina, according to Thaheld, this superposed photon 
undergoes a wavefunction collapse. On the other hand, photons can be absorbed and then transformed 
into classical signals. Here, we use the symbols introduced by Tegmark [13] for the observer. The symbol 
|__) denotes the state for which the information on photons is not received by the brain and thus the 
observer is amphoteric. The symbol \-) stands for the state in which the information received in the brain 


reports that the cat is alive (and the observer is happy). Finally, the symbol I-) corresponds to the state in 


which the information received in the brain indicates that the cat is dead (and the observer will be sad). It 
means that: 


U|_D) = |-D) (2-2-a) 
U|_L) = |-L) (2-2-b) 
Where U = exp [- 5S Hpnoton—brain at|. 


Now, we consider another state in which the brain interacts with itself. Penrose and Hameroff have 
proposed a model of consciousness involving quantum computation with objective reduction in 
microtubules (or MTs) within the brain’s neurons (see Figure 1) [14],[15],[16],[17]. MTs are cylindrical 
polymers comprised of the protein tubulin which organize numerous cellular activities including neuronal 
motor transport. According to Hameroff and Penrose, switching of tubulin conformational states is 
governed by quantum mechanical forces within each tubulin interior, and an essential feature of the Orch 
OR model is that tubulins may exist in quantum superpositions of two or more conformations. Therefore, 
these states could function as quantum bits, or "qubits" by interacting non-locally (through their 
entanglement) with other tubulin qubits so that MTs may act as quantum computers. When sufficiently 
many entangled tubulins are superposed for long enough to reach Penrose's OR threshold given by E=h/T, 
an objective reduction (OR) "conscious event" occurs as stated in the Orch-OR model. 
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Figure 1 Representation of MTs inter a brain neuron. The Orch OR model suggests that the main information processing is 
implemented in these structures. 


If previous evolution is described by Penrose’s self-collapse in the brain (i.e. Orch-OR), MTs in the 
neurons of the brain collectively evolve and then collapse (i.e. conscious event) to one of the happy or sad 
states. It mathematically means that: 


on 1 oe a8 
i es roy (iar callie | (2-3) 
where U = expif+- - | Becae dt], 


If we compare this state (2-3) and the state which has the information about the photon (2-2), we can say 
that there’s a great amount of correlation between the retina and the visual cortex, because their result 
should be identical. We know that in accordance with the Einstein-Podolsky-Rosen (EPR) pair, when two 
entities originate from a common source they can be entangled with each other. Retina has a similar 
layered structure as the gray-matter top layers of the cerebral cortex of the brain. In fact, retina is an 
extension of the central nervous system (the brain and spinal cord) that forms during embryonic 
development. One reason why scientists are interested in retinal processing is that retina is an accessible 
part of the brain that can be easily stimulated with light [18]. Thus, we can say that retina and visual 
cortex are entangled with each other. The other argument for this entanglement is that the image of a 
system is inverted on the retina but it is perceived in the brain directly. As we know, in two entangled 
entities when one has a property in some direction the other exhibits that property but in the opposite 
direction. Thus retina receives an inverted image, while it is received in the visual cortex upright. This 
property is special to entanglement. 


The human body is made up of many organs, which themselves are made up of many millions of 
cells. How can such a system, with millions, or even billions, of parts function effectively and coherently? 
This is a no small feat as even small-size human societies often undergo periods of turbulence and trouble 
due to conflict and poor organization. Now some scientists think that quantum coherence in MTs is a 
major factor responsible for our bodies, and especially our brains, being so efficiency. Here, we intend to 
describe visual processing on the basis of quantum information theory. 


3) Generation of Entangled Coherent States 


Centrioles and cilia, which are microtubular structures, are involved in photoreceptor functions in single 
cell organisms and primitive visual systems. Cilia are also found in all retinal rod and cone cells. The 
dimensions of centrioles and cilia are comparable to the wavelengths of visible and infrared light (see 
Figure 2) [50]. Moreover, cytoskeletons are found mostly among the retina and the visual cortex in the 
cells of the optic nerve. Cytoskeletal structures of the centrioles can be expected to vibrate like a 
harmonic oscillator in its ground state. Vibrational dynamics of MT’s has been the subject of a recent 
paper where typical frequency ranges have been discussed [19]. 


When a photon interacts with a centriole, its electric field can displace the potential of the harmonic 
oscillator and then releases it, thus generating coherent states [20]. It means that: 


D(a@)|0) = |@) (3-1) 


Where D(a) is the displacement operator; D(a) = eral ara, and |0) is the ground state of harmonic 


a|2 n 
oscillator, and |@) is the coherent state: ja)=e 2 Yr 5 a |n). 
Hameroff [21] and Penrose [22] have suggested that MTs inside cells permit long-range quantum 


coherence, enabling quantum information processing to take place at the sub-cellular level. They use this 
hypothesis to develop their theory of consciousness. Cells interconnected by gap junctions form networks 


which fire synchronously, behaving like one giant neuron [23], and possibly accounting for synchronized 
neural activity such as coherent 40 Hz waves [24]. Marshall [25] suggested that coherent quantum states 
known as Bose-Einstein condensation occurred among neural proteins [26], [27], [28]. Other issues, such 
as preconscious-to-conscious transitions were identified by Stapp [29] with the collapse of a quantum 
wave function in presynaptic axon terminals [7]. The other reason for coherence of these structures is that 
light is an electromagnetic wave and thus is vibrational, and according to Froehlich’s theory 
[44],[45],[46] it can take these cytoskeletal structures (i.e. nonlinear structures composed of electric 
dipoles) into one mode of frequency and coherence. 











Figure 2 Representation of one centriole, the dimensions of centrioles are comparable to wavelengths of visible and infrared 
light. 


Centrioles are two cylinders composed of MTs which are perpendicular to each other and in accordance 
with the Hameroff theory of the origin of cancer [30], centrioles are entangled with each other. Because 
of this entanglement, when a coherent state |@) is generated in one centriole, in the other it will generate 
state |—a). Now, we can say that after interaction of photons with centrioles, they generate “entangled 
coherent states” in these structures in the retina, i.e.: 


I~)12 = (Ala); |@)2 — B|-a)|—a)2 ) (3-2) 


where |@)12 is an entangled coherent state in centrioles with two modes | and 2. QED-cavity model of 
MTs [31] describes that coherent modes of electromagnetic radiation can be sustained in the interior of 
the MTs. These modes are provided by the interaction of the electric dipole moments of the ordered-water 
molecules in the interior of MTs with quantized electromagnetic radiation [32],[33]. Jibu, et. al.[49], have 
proposed that the quantum dynamical system of water molecules and the quantized electromagnetic field 
confined inside the hollow MT core can manifest a specific collective dynamical effect called 
superradiance [34] by which the MT can transform any incoherent, thermal and disordered molecular, 
atomic or electromagnetic energy into coherent photons inside the MT. Furthermore, they have also 
shown [49] that such coherent photons created by superradiance penetrate perfectly along the internal 
hollow core of the MT as if the optical medium inside it were made “transparent” by the propagating 
photons themselves. This is referred to as the quantum phenomenon of self-induced transparency [35]. 
Superradiance and self-induced transparency in cytoskeletal MTs can lead to “optical” neural holography 
[36]. Neurons (and maybe also other cells) may contain microscopic coherent optical supercomputers 
with enormous capacity. Thus Jibu, et. al.[49], suggest that MTs can behave as optical waveguides which 
result in coherent photons. They estimate that this quantum coherence is capable of superposition of states 
among MT spatially distributed over hundreds of microns. These in turn are in superposition with other 
MTs hundreds of microns away in other directions and so on. With the above conclusions |@g)j2 can 
produce those photons which produced itself, thus if the state |g) 2 can be restored in the brain, it will 
reproduce the photons which were absorbed in the retina. 

Additional arguments in favor of the feasibility of production of photons in the brain can be found in the 
conclusions of the paper [37], which also asserts that there exists a neural activity-dependent ultra-weak 
photon (biophoton) emission in the brain. Thus there is the possibility to restore the initial state of the 
photon in the brain after absorption in the eye. This process can be implemented through teleportation 
mechanism between retina and the visual cortex as will be discussed in the following sections. 


4) The Decoherence Problem 


The important question about the quantum processing in the living systems is: how is it possible 
for MTs to process information quantum mechanically while the environment surrounding them is 
relatively hot, wet and noisy? 


According to the Orch-OR model, microtubular structures in the neurons of the brain process information 
quantum mechanically and to avoid decoherence, like lasers maintain quantum coherence against thermal 
noise. Water within cells is itself not truly liquid, but has been shown to be, to a large extent, ordered 
[38]. Most of the ordered water in the cell in fact surrounds the cytoskeleton [39]. MTs and other 
cytoskeletal components are embedded in cytoplasm which exists in alternating phases of (1) “sol” 
(solution, liquid); and (2) “gel” (gelatinous, solid). Among the most primitive of biological activities, 
“sol-gel transformations” within neurons and other living cells are caused by assembly and disassembly 
of cytoskeletal actin (e.g. regulated by calcium ions through the protein calmodulin, in turn regulated by 
MTs). Sol-gel transformations are essential in basic cellular activities such as (“amoeboid”) movement, 
growth and synaptic formation and neurotransmitter vesicle release [40], [41]. Transitions can occur 
rapidly (e.g. 40 sol-gel cycles per second), and some actin gels can be quite solid, and withstand 
deformation without transmitted response [42]. Cyclical encasement of MTs by actin gels may thus be an 
ideal quantum isolation mechanism. In the gel phase of cytoplasm, the water ordering surfaces of a MT 
are within a few nanometers of actin surfaces which also order water. Thus bundles of MTs encased in 
actin gel may be effectively isolated extending over the radius of the bundle, on the order of hundreds of 
nanometers. There are many mechanisms which can protect these structures against decohering factors. In 
general, Quantum states of tubulin/MTs are protected from environmental decoherence by biological 
mechanisms which include phases of actin gelatin, plasma-like Debye layering, coherent pumping and 
topological quantum error correction [54]. Moreover, quantum spin transfer between quantum dots 
connected by benzene rings (the same structures found in aromatic hydrophobic amino acids) is more 
efficient at warm temperature than absolute zero[43]. It is conjectured that the “flexibility” of the resonant 
benzene electrons is advantageous to quantum processes by harnessing ambient thermal energy. MTs may 
possibly utilize nonspecific thermal energy for "laser-like" coherent pumping, for example in the GHz 
range by a mechanism of "pumped phonons" suggested by Froehlich [44,45,46]. 


5) What is the mechanism of Teleportation? 
According to the definition of teleportation as stated in [47], in the process of quantum teleportation, one 
can construct an exact replica of the original unknown quantum state at a cost of destroying the original 
state. Therefore, to call a quantum state transfer operation- quantum teleportation, the process should not 
only generate output states with better qualities than what can be done classically but also obey the no- 
cloning theorem [48].The quantum state of a system can be transmitted from a location to a distant one 
using only classical information provided that a quantum channel exists between the sender and the 
receiver. Sharing entangled states between the two parties opens the necessary quantum channel. 
Research in quantum state transfer, especially the quantum teleportation, has emerged as one of the major 
research areas of theoretical and experimental quantum mechanics. Assume that Alice wants to send Bob 
an unknown quantum state but when she receives this state she does not know anything about that unless 
she affects it and collapses it to classical state, or in other hand she destroys that quantum state. She just 
can send classical signals to Bob through classical channel, but if there is a shared entangled channel 
between Alice and Bob, Bob can construct initial quantum state with the help of classical signal which is 
sent by Alice and quantum channel between them. This operation is implemented by operating special 
unitary operators. For more details see [47]. Here, we want to simulate visual information transfer with 
teleportation mechanism. We know that when photon penetrates the retina, it changes to action potentials 
or electrical signals and these classical signals are sent to the brain for interpretation. It means that retina 
(Alice) wants to send the brain (Bob) a photon state (unknown quantum state), but retina (Alice) absorbs 


it (collapses the quantum state) and changes it to action potential (classical state) and send it through 
membranes of axons of the brain neurons (classical channel). Brain (Bob) can reconstruct the initial state 
of photon (unknown quantum state) to process it to emerge consciousness. Our arguments for this 
simulation are below conclusions: 
Orch OR [14], [15]: There is quantum processing in the neurons of the brain (there is a quantum 
channel between retina and brain) 
Tegmark [13]: Displacement of ions through membranes of brain neurons is a classical 
phenomenon (action potentials are classical signals and membranes of neurons are classical 
channels). 
Thaheld [11],[12]: Superposed photons do collapse in the retina (the quantum state is collapsed 
by the sender [Alice]). 
We assert that they describe different aspects of the teleportation mechanism. We simulate visual 
consciousness with the teleportation mechanism as shown in Table 5-1. 


Table 5- 1 Simulation of the transferring visual information from the eye to the brain to the Teleportation mechanism. 





























Human Brain Quantum Teleportation Mechanism 
Retina Alice 
Membrane of axons in neurons Classical channel 
Cytoskeletal structures Entangled channel (quantum channel) 
Visual cortex Bob 
Action potentials Classical signals 





Now we want to investigate this teleportation mechanism via teleporting of entangled coherent states 
through visual pathways in more details. We will show how photon states are constructed in the visual 
cortex. 


6) Teleportation of Entangled Coherent States through Visual Pathways 


Super radiance and self induced transparency [49] besides Froehlich oscillations can cause the coupling of 
MT dynamics over wide areas and take them into a superposition and a coherent state. While in 
superposition, tubulins communicate with entangled tubulins in the same manner, and in MTs in 
neighboring neurons, and through macroscopic regions of the brain via tunneling through gap junctions 
and possibly tunneling nanotubes [50]. As we have already said, retina and the visual cortex are entangled 
with each other. Thus there is a quantum channel between retina and the visual cortex which is composed 
of microtubular structures. MTs interact with membrane structures mechanically by linking proteins, 
chemically by ions and second messenger signals, and electrically by voltage fields. The transduction of 
light into electrical signals takes place in the photoreceptors. Except for the ganglion cells, none of the 
retinal cells display action potentials [51]. 


Left A 
(contralateral) Right (ipsilateral) 
eye eye 





Figure 3 The LGN is a laminated structure, having 6 layers. Contralateral fibers and ipsilateral fibers couple in the LGN. The 
ipsilateral fibers of the optic nerve terminate in laminae 2,3 and 5 of LGN, while the contralateral fibers terminate in laminae 
1, 4and 6.[52] 


Axons leaving the temporal half of the retina traverse the optic nerve to the optic chiasm, where they join 
the optic tract and project to ipsilateral structures. Axons leaving the nasal half of the retina cross the 
midline at the chiasm and terminate in contralateral structures. This arrangement means that all the axons 
in the optic tract carry information about the contralateral visual field. Axons of the optic tract terminate 
in three areas of the central nervous system, the lateral geniculate nucleus (i.e. LGN), the superior 
colliculus and the pretectal area. The trajectory through the LGN is the largest most direct and clinically 
most important pathway by which visual information reaches the cerebral cortex. About 80% of the optic 
tract axons synapse in the LGN. The LGN is a laminated structure, having 6 layers. Contralateral fibers 
and ipsilateral fibers couple in the LGN. The ipsilateral fibers of the optic nerve terminate in laminae 2,3 
and 5 of LGN, while the contralateral fibers terminate in laminae 1, 4 and 6 of LGN (see Figure 3). There 
are about 10° neurons in each LGN, all of which project to the ipsilateral occipital cortex (area 17) as the 
optic radiations. The portion of the cerebral cortex that receives LGN axons is called the striate cortex and 
is usually labeled V1 to designate it as the primary visual cortical area (Figure 3). Virtually all 
information in the visual system is recognized as being processed by V1 first, and then passed out to 
higher order systems [53]. The upper visual cortex receives signals from the lower visual field and 
similarly, lower visual cortex process information from the upper visual field. The right visual cortex 
processes the left field of view and vice versa (see figure 4). 


Now, we investigate the information transfer through visual pathways. The important model among 
quantum models about the processing in the human brain is the Orch-OR model which is based on the 
structure of the cytoskeleton. As already said this model asserts that the main processing in the neurons of 
the brain is performed in the MTs and the nature of the processing is mainly quantum mechanical. The 
processing unit in this model is tubulin which can be in a superposed state. Tubulins act like qubits in 
quantum computers. Max Tegmark believes that there is no quantum processing in the human brain. He 
has calculated decoherence times for every superposition state which can be possible in the neurons of the 
brain [13]. In his opinion, superposition states include ions such as Na’ which are “in” and “out” of the 
membrane of axon. On the other hand, Na’ ions are in the superposition of “in” and “out” with a 
separation distance comparable to the membrane thickness. He has considered three factors which can 
destroy this superposition state in neurons. Collisions with the neighboring ions, Collisions with the water 
molecules and Interaction with distant ions are the factors which Tegmark investigated for decoherence. 
He has estimated 107° s and 10° s for decoherence times. It is clear that above times are very small for 
the brain processes such as seeing, thinking, speaking and the other cognitive processes. Typically, 
dynamical timescales for neuron firing and cognitive processes are in the range of 10~* to 1 seconds, 
whereas decoherence timescales are many orders of magnitude shorter. Thus, action potentials should be 


regarded as classical signals or the displacement of ions through the membrane of axons should be 
investigated classically. It is remarkable that Tegmark has also calculated decoherence time for MTs, but 
he has used wrong assumptions about these structures (for more details see [54]) and we just accept his 
calculations about action potentials. Thaheld [11], [12] believes that the wave function of any superposed 
photon state or states is always objectively changed within the complex architecture of the eye, and any 
incident photons have to run a very daunting gauntlet before they are even converted or transduced to 
retinal ganglion cell spike trains (To learn more about Thaheld arguments, the reader is referred to refs. 
[55,56,57]). According to Thaheld, the quantum state of photons does collapse in the retina and it does 
not reach the brain. 


Is Thaheld right? Is not there any mechanism to rebuild the quantum state of photons in the brain? Here 
we accept that the states of photons collapse in the retina but we believe that they can be restored in the 
visual cortex via the teleportation mechanism. 


Now, the question is how can it be possible to restore the exact state of photons in the brain while its state 
is collapsed in the retina. The other question which one may ask is: if this state is reported through action 
potentials how is this information reported to the brain and how can it interpret action potentials to obtain 
the exact state of the photons? Our solution to the above problems involves the teleportation of entangled 
coherent states through visual pathways. The state of the photon is teleported from the eye to the brain. 
On the other hand, the state of the photon is transferred via some “cut-and-paste” mechanism from the eye 
to the brain. But how is it possible? 





Figure 4 Visual pathways from the eye to the 
brain. See crossing of pathways. 


We concluded before that retina and the visual cortex are entangled. Also we explained how the entangled 
coherent state is generated in the retina. Now, we want to formulate the process of information transfer 
from the retina to V1. The state (3-2) with two modes | and 2 should be teleported to V1. After the 
interaction of light with retina, modes 3, 4 and 5, 6 are generated through microtubular structures between 
retina and V1, and thus they produce entangled coherent channels between retina and V1. It means that 
the channels are: 


[W)a5 = Tae (la) 31s — |-a)3|-@)s) (6-1) 
Id)a6 = Taz (lala). — |-a)4|-a)¢) (6-2) 


Where N,, is the number of tubulins in each channel. Each mode is reported via a special fiber through 
visual pathways. All of the neurons which are collected in the LGN are divided into two major pathways: 
ipsilateral fibers and contralateral fibers. Information transfer in the contralateral fibers takes longer than 
information transfer in ipsilateral fibers because contralateral fibers have crossing relative to ipsilateral 


fibers and then they have longer lengths than ipsilateral fibers. On the other hand, contralateral fibers have 
a retarded phase relative to ipsilateral fibers. Now we want to answer the following questions. What is 
this phase difference? What is the role of this crossing? And how does crossing restore the initial state in 
the retina? 


7) The Role of Phase Shift to Restore Information in LGN 


When the information is collapsed in the retina, action potentials are produced. The shape of action 
potentials is the same for each neuron, but the main problem is which neurons are fired, or in other words 
which neurons carry action potentials and information. Consider two fibers selected from ipsilateral fibers 
and two fibers selected from contralateral fibers. The two ipsilateral fibers are called 1 and 2, and the two 
contralateral fibers are called 3 and 4 while the two fibers from the LGN to V1 are called 5 and 6 which 
are selected from the group of magnocellular and parvocellular fibers. Now, we start from the retina. The 
state of centrioles and channels is: 


Ib’) = |~)12 ® I)35 @ |h)a6 
1 
= Nr, Ala) l@)2l@)ala)ala)s|a)e 


—Ala);|@)2|a)3|—a)4|ar)s5|—a) 6 
—Ala);|a)2|—a)3|a)4|—@)5 |) 
+Ala);|@)2|—a)3|—a)4|—@)5|—@) 
—B|—a);|—a)2|a)3|@)4|@)5|ar)6 
+B|—@);|—a)2|@)3| — @)41@)5|—a)6 
+Bl — a)1|—@)2|—@)3|@)4] — @)5|@)¢ 
—B|—a);|—a)2| — a)3| — @)4| — a)5|—a)6) (7-1) 


All of the above states are collected in the LGN. But here the role of action potentials is very 
important. They determine which fibers are fired. If fibers 1 and 2 carry action potentials, then it shows 
that information passes through ipsilateral fibers. Thus to select information from the LGN to send it via 
fibers 5 and 6 to V1 there is no need for phase difference (or to apply the phase shift operator on the 
states) and thus the state of (3-2) can be transferred like its first state through fibers 5 and 6. In the 
formulation (7-1) we see that if fibers x and y are fired, the expression with |@),|a), should be selected 
from the terms with coefficients +A besides the expression | — a), |—a), from the terms with coefficients 
—B. Hence, 


yields 


1,2 firing —> — |)s6 = Al@)s|@)5 — BI—@)s|—a1) (7-2) 
In another state, if fibers 1 and 4 are fired it means that one fiber is selected from ipsilateral fibers and the 
other is from contralateral fibers, thus they have phase difference with respect to each other. Hence, 


yields 


1,4 firing —> = |¢)s6 =Ala)s|—a)6 — B|-a)s|a)o (7-3) 


To restore initial information, the operator 


R(g) = e imal 6d6 


should operate on the state in LGN in which fibers 1 and 4 have conveyed action potentials. This operator 
changes the ket |a)¢ to |—a@)¢ and vice versa. It means that fiber 4 has a 7 radian phase difference with 
respect to fiber 1, and this phase difference can restore the exact state of the photon. If fibers 2 and 3 are 
fired, this yields: 


Sg yields ' 
2,3 fitmg — 3 IP )s6 = Al — &)5|a)6 — Bla)s5|—@)6 (7-4) 


In this case the operator 


R(g) = einat sas 


should be involved. For the case of 3 and 4 firing, this yields, 


yields 


3,4 firing —> = | )s6 = Al—@)s|—@)g — Bla)s|a)o (7-5) 


in which case the operator 


R(¢~) = ein(atastat ea6) 


should be involved. In this case we see that the main path is that of ipsilateral fibers which are direct to 
each eye and fibers 3 and 4 both have a 7 radian phase difference with it. We also know that there are two 
LGNs and the left and right V1. Now, another question emerges. How do these two left and right parts in 
V1 can instantaneously receive information? To answer this question, we can say that the synaptic B- 
neurexin/neuroligin-1 adhesive protein complex is claimed to be a device mediating entanglement 
between the cytoskeletons of the cortical neurons. Thus the macroscopic coherent quantum state can 
extend through large brain cortical areas [58]. 


We see that crossing or rotation of neurons in the visual pathways has an important role in restoring 
information in the brain. Maybe rotations or crossings of neurons throughout the body are there for this 
very reason. 
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Discussion 


In general, we can briefly summarize our approach by listing the following properties: 


It can combine the Orch-OR model with Tegmark’s approaches and the Thaheld conclusion in a 
compact physical model which is called Teleportation. 

It investigates visual pathways from atomic scales to macroscopic scales. This approach includes 
classical descriptions as well as new answers to open questions. 

It explains why the shape of action potentials stays the same. Classical models state that 
“sensations” are action potentials that reach the brain via sensory neurons, and “perception” is the 
awareness and interpretation of the sensation. It is reasonable to assume that the constant shape of 
action potentials cannot result in different profiles of information. Thus the shape of information 
should be due to neurons. In this approach MTs are the representatives of information carriers. In 
our approach action potentials just determine which neurons fire and which do not. 

It describes why neurons cross at some point. This crossing causes a phase shift relative to a 
special pathway. In teleportation of entangled coherent states the phase shift operators can rebuild 
initial information. 


y) 


It explains that how the inverted image on the retina is perceived in the brain as upright. 

It can describe how different information can be simultaneously perceived as a binding nature of 
conscious experience. This can be done via quantum parallel processing. 

It explains how the brain of the observer can receive quantum information from the environment. 
We can see that there still exists this possibility that the mind can play the main role in the 
measurement problem, and this is in accord with what London, Bauer, von Neumann and Wigner 
(initially) asserted. 


Conclusions 

In this paper we have theoretically demonstrated the plausibility of a quantum teleportation 
mechanism between the eye and the brain which can describe different aspects of visual 
processing through visual pathways. Our model covers both quantum and classical aspects of 
neuroscience. This mechanism can combine some features of the Orch-OR model with 
Tegmark’s conclusions and Thaheld’s belief in one general model. 
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Preface 


The Teleportation Physics Study is divided into four phases. Phase I is a review and documentation 
of quantum teleportation, its theoretical basis, technological development, and its potential application. 
Phase II developed a textbook description of teleportation as it occurs in classical physics, explored its 
theoretical and experimental status, and projected its potential applications. Phase III consisted of a 
search for teleportation phenomena occurring naturally or under laboratory conditions that can be 
assembled into a model describing the conditions required to accomplish the disembodied conveyance of 
objects. The characteristics of teleportation were defined, and physical theories were evaluated in terms 
of their ability to completely describe the phenomenon. Presently accepted physics theories, as well as 
theories that challenge the current physics paradigm were investigated for completeness. The theories 
that provide the best chance of explaining teleportation were selected, and experiments with a high chance 
of accomplishing teleportation were identified. Phase IV is the final report. 

The report contains five chapters. Chapter 1 is an overview of the textbook descriptions for the 
various teleportation phenomena that are found in nature, in theoretical physics concepts, and in 
experimental laboratory work. Chapter 2 proposes two quasi-classical physics concepts for teleportation: 
the first is based on engineering the spacetime metric to induce a traversable wormhole; the second is 
based on the polarizable-vacuum-general relativity approach that treats spacetime metric changes in terms 
of equivalent changes in the vacuum permittivity and permeability constants. These concepts are 
theoretically developed and presented. Promising laboratory experiments were identified and 
recommended for further research. Chapter 3 presents the current state-of-art of quantum teleportation 
physics, its theoretical basis, technological development, and its applications. Key theoretical, 
experimental, and applications breakthroughs were identified, and a series of theoretical and experimental 
research programs are proposed to solve technical problems and advance quantum teleportation physics. 
Chapter 4 gives an overview of alternative teleportation concepts that challenge the present physics 
paradigm. These concepts are based on the existence of parallel universes/spaces and/or extra space 
dimensions. The theoretical and experimental work that has been done to develop these concepts is 
reviewed, and a recommendation for further research is made. Last, Chapter 5 gives an in-depth 
overview of unusual teleportation phenomena that occur naturally and under laboratory conditions. The 
teleportation phenomenon discussed in the chapter is based on psychokinesis (PK), which is a category of 
psychotronics. The U.S. military-intelligence literature is reviewed, which relates the historical scientific 
research performed on PK-teleportation in the U.S., China and the former Soviet Union. The material 
discussed in the chapter largely challenges the current physics paradigm; however, extensive controlled 
and repeatable laboratory data exists to suggest that PK-teleportation is quite real and that it is 
controllable. The report ends with a combined list of references. 
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1.0 INTRODUCTION 


1.1 Introduction 


The concept of teleportation was originally developed during the Golden Age of 20" century science 
fiction literature by writers in need of a form of instantaneous disembodied transportation technology to 
support the plots of their stories. Teleportation has appeared in such SciFi literature classics as Algis 
Budry’s Rogue Moon (Gold Medal Books, 1960), A. E. van Vogt’s World of Null-A (Astounding Science 
Fiction, August 1945), and George Langelaan’s The Fly (Playboy Magazine, June 1957). The Playboy 
Magazine short story led to a cottage industry of popular films decrying the horrors of scientific 
technology that exceeded mankind’s wisdom: The Fly (1958), Return of the Fly (1959), Curse of the Fly 
(1965), The Fly (a 1986 remake), and The Fly II (1989). The teleportation concept has also appeared in 
episodes of popular television SciFi anthology series such as The Twilight Zone and The Outer Limits. 
But the most widely recognized pop-culture awareness of the teleportation concept began with the 
numerous Star Trek television and theatrical movie series of the past 39 years (beginning in 1964 with the 
first TV series pilot episode, The Cage), which are now an international entertainment and product 
franchise that was originally spawned by the late genius television writer-producer Gene Roddenberry. 
Because of Star Trek everyone in the world is familiar with the “transporter” device, which is used to 
teleport personnel and material from starship to starship or from ship to planet and vice versa at the speed 
of light. People or inanimate objects would be positioned on the transporter pad and become completely 
disintegrated by a beam with their atoms being patterned in a computer buffer and later converted into a 
beam that is directed toward the destination, and then reintegrated back into their original form (all 
without error!). “Beam me up, Scotty” is a familiar automobile bumper sticker or cry of exasperation that 
were popularly adopted from the series. 

However, the late Dr. Robert L. Forward (2001) stated that modern hard-core SciFi literature, with 
the exception of the ongoing Star Trek franchise, has abandoned using the teleportation concept because 
writers believe that it has more to do with the realms of parapsychology/paranormal (a.k.a. psychic) and 
imaginative fantasy than with any realm of science. Beginning in the 1980s developments in quantum 
theory and general relativity physics have succeeded in pushing the envelope in exploring the reality of 
teleportation. A crescendo of scientific and popular literature appearing in the 1990s and as recently as 
2003 has raised public awareness of the new technological possibilities offered by teleportation. As for 
the psychic aspect of teleportation, it became known to Dr. Forward and myself, along with several 
colleagues both inside and outside of government, that anomalous teleportation has been scientifically 
investigated and separately documented by the Department of Defense. 

It has been recognized that extending the present research in quantum teleportation and developing 
alternative forms of teleportation physics would have a high payoff impact on communications and 
transportation technologies in the civilian and military sectors. It is the purpose of this study to explore 
the physics of teleportation and delineate its characteristics and performances, and to make 
recommendations for further studies in support of Air Force Advanced Concepts programs. 


1.2 The Definitions of Teleportation 


Before proceeding, it is necessary to give a definition for each of the teleportation concepts I have 
identified during the course of this study: 
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> Teleportation — SciFi: the disembodied transport of persons or inanimate objects across space by 
advanced (futuristic) technological means (adapted from Vaidman, 2001). We will call this sf 
Teleportation, which will not be considered further in this study. 


> Teleportation — psychic: the conveyance of persons or inanimate objects by psychic means. We 
will call this p-Teleportation. 


> Teleportation — engineering the vacuum or spacetime metric: the conveyance of persons or 
inanimate objects across space by altering the properties of the spacetime vacuum, or by altering 
the spacetime metric (geometry). We will call this vm-Teleportation. 


> Teleportation — quantum entanglement: the disembodied transport of the quantum state of a 
system and its correlations across space to another system, where system refers to any single or 
collective particles of matter or energy such as baryons (protons, neutrons, etc.), leptons 
(electrons, etc.), photons, atoms, ions, etc. We will call this g-Teleportation. 


> Teleportation — exotic: the conveyance of persons or inanimate objects by transport through extra 
space dimensions or parallel universes. We will call this e-Teleportation. 


We will examine each of these in detail in the following chapters and determine whether any of the above 


teleportation concepts encompass the instantaneous and or disembodied conveyance of objects through 
space. 
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2.0 vm-TELEPORTATION 


2.1 Engineering the Spacetime Metric 


A comprehensive literature search for vm-Teleportation within the genre of spacetime metric 
engineering yielded no results. No one in the general relativity community has thought to apply the 
Einstein field equation to determine whether there are solutions compatible with the concept of 
teleportation. Therefore, I will offer two solutions that I believe will satisfy the definition of vm- 
Teleportation. The first solution can be found from the class of traversable wormholes giving rise to what 
I call a true “stargate.” A stargate is essentially a wormhole with a flat-face shape for the throat as 
opposed to the spherical-shaped throat of the Morris and Thorne (1988) traversable wormhole, which was 
derived from a spherically symmetric Lorentzian spacetime metric that prescribes the wormhole geometry 
(see also, Visser, 1995 for a complete review of traversable Lorentzian wormholes): 


ds? =e dt +[1-b(r)/rJ dr? +7°dQ? (2.1), 


where by inspection we can write the traversable wormhole metric tensor in the form 


6) 0 0 0 
0 [l-b(r)/ry' 0 0 
Lop = i i a ‘ (2.2) 
0 0 0 rsin’?@ 








using standard spherical coordinates, where c is the speed of light, a,B = (0 =¢, 1 =r, 2 = 0, 3 = @) are the 
time and space coordinate indices (-00 < t < 0; r: 2mr = circumference; 0 < 0 < 1; 0 < @ < 2), dQ’ = de" + 
sin’@do’, (r) is the freely specifiable redshift function that defines the proper time lapse through the 
wormhole throat, and (7) is the freely specifiable shape function that defines the wormhole throat’s 
spatial (hypersurface) geometry. Such spacetimes are asymptotically flat. The Einstein field equation 
requires that a localized source of matter-energy be specified in order to determine the geometry that the 
source induces on the local spacetime. We can also work the Einstein equation backwards by specifying 
the local geometry in advance and then calculate the matter-energy source required to induce the desired 
geometry. The Einstein field equation thus relates the spacetime geometry terms comprised of the 
components of the metric tensor and their derivatives (a.k.a. the Einstein tensor) to the local matter- 
energy source terms comprised of the energy and stress-tension densities (a.k.a. the stress-energy tensor). 
The flat-face wormhole or stargate is derived in the following section. 


2.1.1 Wormhole Thin Shell Formalism 


The flat-face traversable wormhole solution is derived from the thin shell (a.k.a. junction condition or 
surface layer) formalism of the Einstein equations (Visser, 1989; see also, Misner, Thorne and Wheeler, 
1973). We adapt Visser’s (1989) development in the following discussion. The procedure is to take two 
copies of flat Minkowski space and remove from each identical regions of the form Q x KN, where Q is a 
three-dimensional compact spacelike hypersurface and % is a timelike straight line (time axis). Then 
identify these two incomplete spacetimes along the timelike boundaries dQ x KR. The resulting spacetime 
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is geodesically complete and possesses two asymptotically flat regions connected by a wormhole. The 
throat of the wormhole is just the junction dQ (a two-dimensional space-like hypersurface) at which the 
two original Minkowski spaces are identified (see Figures | and 2). 
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Figure 1. Diagram of a Simultaneous View of Two Remote Compact Regions 
(Q; and Q,) of Minkowski Space Used to Create the Wormhole Throat 0Q, 
Where Time is Suppressed in This Representation (adapted from Bennett et al., 1995) 
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Figure 2. The Same Diagram as in Figure 1 Except as Viewed by an Observer 
Sitting in Region Q; Who Looks Through the Wormhole Throat dQ and 
Sees Remote Region Q, (Dotted Area Inside the Circle) on the Other Side 


Approved for public release; distribution unlimited. 


The resulting spacetime is everywhere Riemann-flat except possibly at the throat. Also, the stress- 
energy tensor in this spacetime is concentrated at the throat with a 6-function singularity there. This is a 
consequence of the fact that the spacetime metric at the throat is continuous but not differentiable, while 
the connection is discontinuous; thus causing the Riemann curvature to possess a 5-function singularity 
(causing undesirable gravitational tidal forces) there. The magnitude of this 5-function singularity can be 
calculated in terms of the second fundamental form on both sides of the throat, which we presume to be 
generated by a localized thin shell of matter-energy. The second fundamental form represents the 
extrinsic curvature of the dQ hypersurface (i.e., the wormhole throat), telling how it is curved with respect 
to the enveloping four-dimensional spacetime. The form of the geometry is simple, so the second 
fundamental form at the throat is calculated to be (McConnell, 1957): 


kK, 0 0O 
Ki =t)0 x, 0 
0 O kK, 
p36 (2.3), 
=+/0 I/p, 0 
0 0 Wp, 


where i,j = 0,1,2 and kK’; is the second fundamental form. The full 4x4 matrix K% has been reduced to 
3x3 form, as above, for computational convenience because the thin shell (or hypersurface) is essentially 
a two-surface embedded in three-space. The overall + sign in equation (2.3) comes from the fact that a 
unit normal points outward from one side of the surface and points inward on the other side. We hereafter 
drop the + sign for the sake of brevity in notation. The quantities Ko, «,, and «, measure the extrinsic 
curvature of the thin shell of local matter-energy (i.e., the stuff that induces the wormhole throat 
geometry). Since the wormhole throat is a space-like hypersurface, we can exclude time-like 
hypersurfaces and their components in the calculations. Therefore we set Ko = 0 in equation (2.3) because 
it is the time-like extrinsic curvature for the time-like hypersurface of the thin shell of matter-energy. As 
seen in equation (2.3) «, and «&, are simply related to the two principal radii of curvature p; and p 
(defined to be the eigenvalues of K’)) of the two-dimensional spacelike hypersurface 0Q (see Figure 3). It 
should be noted that a convex surface has positive radii of curvature, while a concave surface has negative 
radii of curvature. 
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Figure 3. A Thin Shell of (Localized) Matter-Energy, or Rather the Two-Dimensional 
Spacelike Hypersurface dQ (via (2.3)), Possessing the Two Principal Radii of Curvature p, and p2 
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It is a standard result of the thin shell or junction condition formalism that the Einstein field equation 
may be cast in terms of the surface stress-energy tensor S'; of the thin matter-energy shell localized in dQ 
(note: we are exploiting the symmetry of the wormhole with respect to interchange of the two flat regions 
Q, and Q,): 

ct 
are i i pk 
co Bere Cs ,-0jK",) (2.4), 





where G is Newton’s gravitational constant and 5; is the (three-dimensional) unit matrix. K*; is the trace 
of equation (2.3): 





Ki =P 
®t (2.5) 
= —+— 
Pi P> 
and 
eames 0 0 
P,P» 
i yk me 
OK", = 0 = 0 (2.6). 
Pi P> 
0 0 sa 
P,P» 


Substituting (2.3) and (2.6) into (2.4) gives (after simplification): 





gee 0 0 
r PP» 
a 1 0 DY, 
Pee /P» (2.7) 
0 0 Yp, 


The thin matter-energy shell’s surface stress-energy tensor may be interpreted in terms of the surface 
energy density o and principal surface tensions 0 and 6»: 


-o 0 0 
S',.=| 0 -%& 0 (2.8). 
0 0 -% 


Thus we arrive at the Einstein field equation by equating (2.8) and (2.7) and multiplying both sides by —1: 
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pe 30 0 
o 0 0 | 
Cc 
0G 2. 0-/== 0 1 0 2.9), 
aE /P2 (2.9) 
0 0 Bb, 0 Vp, 
which gives the final result 
4 
o=-—< Fars (2.10a) 
4TG\ P,P 
4 
pepe a (2.10b) 
4nG /p, 
4 
Lees (2.10¢). 
4nG /, 


These are the Einstein equations. Equations (2.10a-c) imply that (for OQ convex) we are dealing with 
negative surface energy density and negative surface tensions. This result is in fact the primary matter- 
energy requirement for traversable wormholes, as was proved by Morris and Thorne (1988), and later by 
Visser (1995), within the paradigm of classical Einstein general relativity. The negative surface tension 
(= positive outward pressure, a.k.a. gravitational repulsion or antigravity) is needed to keep the throat 
open and stable against collapse. The reader should not be alarmed at this result. Negative energies and 
negative stress-tensions are an acceptable result both mathematically and physically, and they manifest 
gravitational repulsion (antigravity!) in and around the wormhole throat. One only needs to understand 
what it means for stress-energy to be negative within the proper context. In general relativity the term 
“exotic” is used in place of “negative.” The effects of negative energy have been produced in the 
laboratory (the Casimir Effect is one example). In short, negative energy arises from Heisenberg’s 
quantum uncertainty principle, which requires that the energy density of any electromagnetic, magnetic, 
electric or other fields must fluctuate randomly. Even in a vacuum, where the average energy density is 
zero, the energy density fluctuates. This means that the quantum vacuum can never remain truly empty in 
the classical sense of the term. The quantum picture of the vacuum is that of a turbulent plenum of virtual 
(1.e., energy non-conserving) particle pairs that spontaneously pop in and out of existence. The notion of 
“zero energy” in quantum theory corresponds to the vacuum being filled with such fluctuations going on. 
This issue is further elaborated on and clarified in greater detail in Appendix A. We will also revisit this 
in Section 2.2. Finally, it should be noted that for the analysis in this section we assumed an ultrastatic 
wormhole [i.e., goo = 1 => (7) = 0 in equation (2.1)] with the “exotic” matter-energy confined to a thin 
layer, and we dispensed with the assumption of spherical symmetry. 

We can now build a wormhole-stargate and affect vm-Teleportation such that a traveler stepping into 
the throat encounters no exotic matter-energy there. This will require that our wormhole be flat shaped. 
To make the wormhole flat requires that we choose the throat dQ to have at least one flat face (picture the 
thin shell in Figure 3 becoming a flat shell). On that face the two principal radii of curvature become p; = 
P2 = as required by standard geometry. Substituting this into equations (2.10a-c) gives 


o=V=0,=0 (2.11), 
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which is a remarkable result. A further consequence of this is that now K‘; = 0, thus making the Riemann 
curvature and stress-energy tensors (Riemann: R"s ~ K“s; stress-energy: 7“, ~ K°g) at the throat become 
zero such that the associated 6-function singularities disappear there. This means that a traveler 
encountering and going through such a wormhole will feel no tidal gravitational forces and see no exotic 
matter-energy (that threads the throat). A traveler stepping through the throat will simply be teleported 
into the other remote spacetime region or another universe (note: the Einstein equation does not fix the 
spacetime topology, so it is possible that wormholes are inter-universe as well as intra-universe tunnels). 
We construct such a teleportation stargate by generating a thin shell or surface layer of “exotic” matter- 
energy much like a thin film of soap stretched across a loop of wire. 


2.1.2 “Exotic” Matter-Energy Requirements 


Now we have to estimate the amount of negative (or exotic) mass-energy that will be needed to 
generate and hold open a vm-Teleportation wormhole. A simple formula originally due to Visser (1995) 
for short-throat wormholes using the thin shell formalism gives: 


= ~(1.3469 x10” ke) rout (2.12), 
1 meter 


I, 


throat 


=—(0.709 M 


Ju, en) 
p""" | meter 


where M,,;, is the mass required to build the wormhole, 7;7,oa; 1s a suitable measure of the linear dimension 
(radius) of the throat, and Myire is the mass of the planet Jupiter (1.90x107’ kg). Equation (2.12) 
demonstrates that a mass of —0.709 Mjypiter (OF —1.3469x107" kg) will be required to build a wormhole 1 
meter in size. As the wormhole size increases the mass requirement grows negative-large, and vice versa 
as the wormhole size decreases. After being alarmed by the magnitude of this, one should note that M,,, 
is not the total mass of the wormhole as seen by observers at remote distances. The non-linearity of the 
Einstein field equations dictates that the total mass is zero (actually, the total net mass being positive, 
negative or zero in the Newtonian approximation depending on the details of the negative energy 
configuration constituting the wormhole system). And finally, Visser et al. (2003) have demonstrated the 
existence of spacetime geometries containing traversable wormholes that are supported by arbitrarily 
small quantities of exotic matter-energy, and they proved that this was a general result. In Section 2.3 we 
will discuss how or whether we can create such a wormhole in the laboratory. 


2.2 Engineering the Vacuum 


Engineering the spacetime vacuum provides a second solution that also satisfies the definition of vm- 
Teleportation. The concept of “engineering the vacuum” was first introduced to the physics community 
by Lee (1988). Lee stated: 


“The experimental method to alter the properties of the vacuum may be called vacuum engineering...If 
indeed we are able to alter the vacuum, then we may encounter some new phenomena, totally 
unexpected.” 


This new concept is based on the now-accepted fact that the vacuum is characterized by physical 
parameters and structure that constitutes an energetic medium which pervades the entire extent of the 
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universe. We note here the two most important defining properties of the vacuum in this regard (Puthoff 
et al., 2002): 


Q Within the context of quantum field theory the vacuum is the seat of all energetic particle and 
field fluctuations. 


Q Within the context of general relativity theory the vacuum is the seat of a spacetime structure (or 
metric) that encodes the distribution of matter and energy. 


We begin our look into this concept by examining the propagation of light through space. We know 
from quantum field theory that light propagating through space interacts with the vacuum quantum fields 
(a.k.a. vacuum quantum field fluctuations). The observable properties of light, including the speed of 
light, are determined by these interactions. Vacuum quantum interactions with light lead to an effect on 
the speed of light that is due to the absorption of photons (by the vacuum) to form virtual electron- 
positron pairs followed by the quick re-emission (from the vacuum) of the photon (see Figure 4). The 
virtual particle pairs are very short lived because of the large mismatch between the energy of a photon 
and the rest mass-energy of the particle pair. A key point is that this process makes a contribution to the 
observed vacuum permittivity €) (and permeability [o) constant and, therefore, to the speed of light c [c = 


(€oblo) 
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The role of virtual particle pairs in determining the €o (Uo) of the vacuum is analogous to that of 
atoms/molecules in determining the relative permittivity € (and 1) of a dielectric material. We know that 
the absorption/re-emission of photons by atoms/molecules in a transparent medium (note: there are no 
strongly absorbing resonances, so the atoms/molecules remain in their excited states for a very short time 
before re-emitting photons) is responsible for the refractive index of the medium, which results in the 
reduction of the speed of light for photons propagating through the medium. This absorption/re-emission 
process is also known in physics as a scattering process. We know from experiment that a change in the 
medium leads to a change in € (1), thus resulting in a change of the refractive index. The key point 
arising from this analogy is that a modification of the vacuum produces a change in €p (Uo) resulting in a 
subsequent change in c, and hence, a corresponding change in the vacuum refraction index. 

Scharnhorst (1990) and Latorre et al. (1995) have since proved that the suppression of light scattering 
by virtual particle pairs (a.k.a. coherent light-by-light scattering) in the vacuum causes an increase in the 
speed of light accompanied by a decrease in the vacuum refraction index. This very unique effect is 
accomplished in a Casimir Effect capacitor cavity (or waveguide) whereby the vacuum quantum field 
fluctuations (a.k.a. zero-point fluctuations or ZPF) inside have been modified (becoming anisotropic and 
non-translational invariant) to satisfy the electromagnetic boundary conditions imposed by the presence of 
the capacitor plates (or waveguide walls). The principal result of this modification is the removal of the 
electromagnetic zero-point energy (ZPE) due to the suppression of vacuum ZPE modes with wavelengths 
longer than the cavity/waveguide cutoff (Ap = 2d, where d = plate separation; see Figure 5). This removal 
of free space vacuum ZPE modes suppresses the scattering of light by virtual particle pairs, thus 
producing the speed of light increase (and corresponding decrease in the vacuum refraction index). We 
know from standard optical physics and quantum electrodynamics (QED) that the optical phase and group 
velocities can exceed c under certain physical conditions, but dispersion always ensures that the signal 
velocity is < c. But recent QED calculations (see, Scharnhorst, 1990 and Latorre et al., 1995) have 
proved that in the Casimir Effect system, the dispersive effects are much weaker still than those 
associated with the increase in c so that the phase, group and signal velocities will therefore all increase 
by the same amount. Note that, in general, no dispersion shows up in all of the modified vacuum effects 
examined by investigators. 
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Examples demonstrating the increase in light speed (decrease in vacuum refraction index) via the 
Casimir Effect vacuum and other modified vacuum effects, as well as those effects producing a decrease 
in light speed (increase in vacuum refraction index), are described as follows. The vacuum modification 
effect on the speed of light described in the previous paragraph is (Scharnhorst, 1990): 


oy 11 e* 
G [ 2°(45)° oe ( 0 0 My ) 


2 
= pp a : ~|>1 
8100 (ma) 


where c,’ is the (modified) speed of light propagation perpendicular to the Casimir Effect capacitor 
plates, co is the speed of light in free space (3x10* m/s in MKS units), m, is the electron mass, © is the fine 
structure constant (~ 1/137), e is the electron charge (e* = 40 in quantum field theory natural units), a is 
the plate separation, f is Planck’s reduced constant, and €9 is the vacuum permittivity constant. The 
condition i = co = €9 = Uo = | stresses that (2.13), and all the equations that follow, are in quantum field 
theory natural units. The speed of light and vacuum refraction index measured parallel to the plates is 
unchanged from their free space values (cj = Co, mj = No = 1). The modified vacuum refraction index 
measured perpendicular to the plates is (Scharnhorst, 1990): 





(2.13), 





e 


4 
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Equations (2.13) and (2.14) show that in general n, < 1 andc > co. Bute, 3 co andn, 3 1 whena > 
oo as expected, since we are now allowing all of the vacuum ZPE modes to re-enter the Casimir cavity in 
this case. 

We now survey the additional examples of modified vacuums which increase/decrease light speed 
(from Latorre et al., 1995): 


Q For light (photons) propagating in a Friedmann-Robertson-Walker (FRW) vacuum (i.e., a 
homogeneous and isotropic Robertson-Walker gravitational background with Friedmann 





cosmology): 
Clee 2S “Gseee ==) (2.15), 
Ch 45 m, 


where c’ is the modified vacuum speed of light, G is Newton’s constant, p, is the energy density and p is 
the pressure of a radiation-dominated universe (p = p,/3). Here the speed of light is increased. 


Q For light (photons) propagating in a homogeneous and isotropic thermal vacuum: 





: 44x’? _, T* 
ae cae (h=¢,.=€, = fy = ke =) (2.16), 
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where T is the temperature of the vacuum and kg is the Boltzmann constant. Here the speed of light is 
decreased. 


Q For light (photons) propagating in an anisotropic vacuum given by an external constant uniform 
magnetic field B: 


G 45 is 
(2.17), 
e. 14 - 
=| 1-—@’ —~sin’ 0 |<1 
Gi 45m, 


where the speed of light is decreased in this vacuum for polarizations coplanar (||) with and perpendicular 
(L) to the plane defined by B and the direction of propagation, and 0 is the angle between B and the 
direction of propagation. Latorre et al. (1995) calculated the polarization-average of (2.17) to give the 
averaged (modified) speed of light in the B-field: 





2 
: -(1- veg B Js (h=c, =&=My=1) (2.18). 


Q For light (photons) propagating in an anisotropic vacuum given by an external constant uniform 
electric field E, the polarization-averaged modified speed of light is: 





* 2 
-(1- ee ee Js =¢=6.20,=1) (2.19). 


Here the speed of light is decreased. 

Equations (2.16) — (2.19) are the result of vacuum modifications that populate the vacuum with 
virtual or real particles that induce coherent (light-by-light) scattering, which reduces the speed of 
massless particles. By examining the form of equations (2.13) and (2.15) — (2.19) Latorre et al. (1995) 
discovered that the low energy modification of the speed of light is proportional to the ratio of the 
modified vacuum energy density (as compared to the standard vacuum energy density, Pyac = 0) over me’, 
with a universal numerical coefficient and the corresponding coupling constants. And a general rule 
became apparent from their analysis that is applicable to modified vacua for massive and massless 
quantum field theories, for low energy: 


c > co (vacuum refraction index < 1) when the modified vacuum has a lower energy density 
c <co (vacuum refraction index > 1) when the modified vacuum has a higher energy density 
c Ets (vacuum refraction index = 1) when the vacuum is free (or un-modified) with Pyac = 0 


The first two rules explain the sign of the change of the speed of light. From this rule and the 
mathematical commonality between the form of (2.13) and (2.15) — (2.19) Latorre et al. (1995) found a 
single unifying expression to replace these equations: 





a a (h=c, =& =M =) (2.20), 
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where p is the energy density of the modified vacua under consideration such that p — pz ~ E” for the 
electric field vacuum, p > pg ~ B’ for the magnetic field vacuum, and p > pr ~ wT’ for the thermal 
vacuum. If the vacuum is a FRW gravitational vacuum, then one has to substitute one factor of @ in 
(2.20) by —m.’G and p > p,. Equation (2.13) for the Casimir Effect vacuum studied earlier is recovered 
when Pp — Pcasimir = —(17/240)a™. 

Let us recast (2.20) into a more useful form. We subtract one from both sides of (2.20), do some 
algebra, and thus define the ratio of the change in the speed of light Ac in a modified vacuum to the speed 
of light in free space co: 





cae =o Ae 
Co Co Co 
Ac 44 
eee A “ae oe ip Sy 00), 
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Equations (2.20) and (2.21) are in quantum field theory natural units, which is completely undesirable for 
estimating physically measurable values of Ac/co. We thus transform or “unwrap” (2.20) and (2.21) back 
into MKS or CGS units by making the following substitutions (Puthoff, 2003) 


p (natural units) > _ (MKS or CGS units) 
é 


m, (natural units) > ae (MKS or CGS units) , 


and after some algebra and rearranging we arrive at the final result: 











% 3 
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where all quantities are now in MKS or CGS units. We chose the former units so that co = 3x10° m/s, f= 
1.055x10~** J-s, me = 9.1 1x107! kg, and a = 1/137. Note that the ratio of the modified vacuum energy 
density to the electron rest-mass energy has the dimension of (volume) ' while the quantity in the bracket 
is the cubed Compton wavelength of the electron having the dimension of (volume), and the product of 
these is dimensionless. 

An excellent example for estimating the magnitude of the change in the speed of light (in a modified 
vacuum) is the Casimir Effect vacuum, since Casimir Effect experiments are common and widespread 
such that this would be ideal to experimentally test (2.23). We substitute the Casimir vacuum energy 
density Pcasimir = ~(Whico/240)a~ (in MKS units) into (2.23), do the algebra, insert the MKS values for the 
physical constants, and make further simplifications to get: 
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= (1.59x10°° )a* 





where a (the plate separation) is in meters. Another useful equation is: 


. A 
rae [is ) C, (2.25), 


Co 


where we make the substitution c — c,° for the present case. H. E. Puthoff and the author (Puthoff, 
2003) compared the third line in (2.24) with equation (26) in Scharnhorst (1990) and discovered that the 
result cited there is in error, because the numerical coefficient is four orders of magnitude too small 
(Scharnhorst originally pointed out this error to Forward, 1996). 

We now set a = 10° m (1 pm) and we get Ac/cy = 10°” and c, ~ co, which is a horrifically small 1 
part in 10° change that we cannot hope to measure at present. But for a = 10°'° m(1 A) we get Ac/cy = 
107'° and c," = co, which is a 1 part in 10'° change that could be measurable at present or in the very near 
future using high precision laser technology. Last, for a = 1.1229x107'* m (11.229 fim or = 11 times the 
nuclear diameter; 1 fm = 10°” m) we find that Ac/co = 1 and c | = 2co. We are not able to do technical 
work at nuclear distances at this time; however, that could change as ultrahigh precision measurement 
technology continues to evolve. The threshold for the onset of significant changes in light speed occurs 
when a < 10° m. This result is generally true for the other modified vacua surveyed in (2.15) — (2.19), 
since accessible (everyday) values for electric and magnetic field strengths, thermal temperatures and 
radiation densities are not large enough to overcome the size of the electron mass to create a measurable 
effect. However, there is a class of ultrahigh intensity tabletop lasers that have achieved such extreme 
electric and magnetic field strengths and temperatures that it may now be possible to consider using them 
to explore vacuum modification effects in the lab. We will return to this theme in a later section. 

Key Point: As disappointing as the Casimir Effect vacuum (and other modified vacua) results are, it 
should be strongly pointed out that special relativity theory says that if in one inertial reference frame an 
object travels only one part in 10'° (or even one part in 10°) times faster than co, then one can find 
another reference frame where departure and arrival times of the object are simultaneous, and thus the 
velocity is infinite. This is what motivates us to look at a teleportation mechanism based on engineering 
of the vacuum. 


eTechnical Notes: 


> Equation (2.15) is interpreted as an increase in the speed of light due to a decrease in the 
number of vacuum ZPE modes. However, this effect is totally unrelated to light-by-light 
scattering in the vacuum because the gravitational background “squeezes” (as in squeezed 
quantum optics states; see Davis, 1999a) the ZPE modes, therefore reducing the vacuum 
energy density. We further note that the coefficient of 11 is the same for the gravitational 
vacuum as for the other modified vacua examples based on QED. This factor also appears in 
the coefficient of the Euler-Poincare characteristic spin-’2 contribution to the gravitational 
trace anomaly (Birrell and Davies, 1982). It is beyond the scope of this study to consider the 
deep connections between quantum field theory and gravitation. 
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> We have excluded from our survey the Latorre et al. (1995) results pertaining to all other 
(high or low energy) modifications of the speed of massless particles. That is because the 
other examples invoked different QED theories possessing massless (m, = 0), massive and 
intrinsic mass scales that introduced complex correction terms (beyond the leading low 
energy terms surveyed above) which are mass-related or running mass-related, and they 
introduced no new speed modification effects (beyond the low energy electron-positron 
virtual pair contributions); or no genuine speed modification was possible (especially for the 
massless Quantum Chromodynamic sector involving pseudo-Goldstone particles). 


> There is ongoing (very noisy) controversy within the physics community over the effects of 
c > co on causality. As this topic is beyond the scope of this study, I will make three points 
in this regard: 1) There are no grounds for microcausality violations in accordance with 
Drummond and Hathrell (1980). 2) A new definition of causality is in order for FTL (faster- 
than-light) phenomena. 3) Investigators have found that time machines (a.k.a. closed 
timelike curves) do not affect Gauss’s theorem, and thus do not affect the derivation of global 
conservation laws from differential ones (Friedman et al., 1990). The standard conservation 
laws remain globally valid while retaining a natural quasi-local interpretation for spacetimes 
possessing time machines (for example, asymptotically flat wormhole spacetimes). Thorne 
(1993) states that it may turn out that causality is violated at the macroscopic scale. Even if 
causality is obeyed macroscopically, then quantum gravity might offer finite probability 
amplitudes for microscopic spacetime histories possessing time machines. Li and Gott 
(1998) found a self-consistent vacuum for quantum fields in Misner space (a simple flat space 
with closed timelike curves), for which the renormalized stress-energy tensor is regular (in 
fact zero) everywhere. This implies that closed timelike curves could exist at least at the 
level of semi-classical quantum gravity theory. Therefore, FTL causality paradoxes are just a 
reflection of our ignorance or inadequate comprehension of the physics of chronology and 
causality. 


In this section we have shown how “vacuum engineering” can modify the speed of light, and how this 
can, in principle, lead to vm-Teleportation. The vacuum modification concepts summarized above lead 
us to a formal theory that implements the concept of vacuum engineering within a framework that 
parallels general relativity theory. This theory is called the Polarizable-Vacuum Representation of 
General Relativity. In the next section we will introduce and summarize this theory. 


2.2.1 The Polarizable-Vacuum Representation of General Relativity 


The polarizable-vacuum representation of general relativity (a.k.a. PV-GR) treats the vacuum as a 
polarizable medium of variable refractive index (Puthoff, 1999a, 2002a, b; Puthoff et al., 2002) 
exemplifying the concept of the vacuum modification (or vacuum engineering) effects surveyed and 
discussed in the previous section. The PV-GR approach treats spacetime metric changes in terms of 
equivalent changes in the vacuum permittivity and permeability constants (€) and Uo), essentially along 
the lines of the “THe” methodology (see Appendix B for a brief description of this) used in comparative 
studies of alternative metric theories of gravity (Lightman and Lee, 1973; Will, 1974, 1989, 1993; 
Haugan and Will, 1977). Such an approach, relying as it does on parameters familiar to engineers, can be 
considered a “metric engineering” approach. Maxwell's equations in curved space are treated in the 
isomorphism of a polarizable medium of variable refractive index in flat space (Volkov et al., 1971); the 
bending of a light ray near a massive body is modeled as due to an induced spatial variation in the 
refractive index of the vacuum near the body; the reduction in the velocity of light in a gravitational 
potential is represented by an effective increase in the refractive index of the vacuum, and so forth. This 
optical-engineering approach has been shown to be quite general (de Felice, 1971; Evans et al., 1996a, b). 
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As recently elaborated by Puthoff (1999a, 2002a, b; Puthoff et al., 2002) the PV-GR approach, which 
was first introduced by Wilson (1921) and then developed by Dicke (1957, 1961), can be carried out in a 
self-consistent way so as to reproduce to appropriate order both the equations of general relativity and the 
match to the standard astrophysics weak-field experimental (PPN parameters and other) tests of those 
equations while posing testable modifications for strong-field conditions. It is in application that the PV- 
GR approach demonstrates its intuitive appeal and provides additional insight into what is meant by a 
curved spacetime metric. 

Specifically, the PV-GR approach treats such measures as the speed of light, the length of rulers 
(atomic bond lengths), the frequency of clocks, particle masses, and so forth, in terms of a variable 
vacuum dielectric constant K in which the vacuum permittivity €9 transforms as €) > K€ and the vacuum 
permeability transforms as Uo — Kuo (see also, Rucker, 1977). In a planetary or solar gravitational 
potential K = exp(2GM/rcy’) > 1 (Mis a local mass distribution, r is the radial distance from the center of 
M) while K = 1 in “empty” or free asymptotic space (Puthoff, 1999a, 2002a, b; Puthoff et al., 2002). In 
the former case, the speed of light is reduced, light emitted from an atom is redshifted as compared with a 
remote static atom (where K = 1), clocks run slower, objects/rulers shrink, etc. See Table 1. 


Table 1. Metric Effects in the PV-GR Model When K > 1 (Compared With 
Reference Frames at Asymptotic Infinity Where K = 1; adapted from Puthoff et al., 2002) 






































Variable Determining Equation K>1 
(subscript 0 is asymptotic value (typical mass distribution, M) 
where K = 1) 
modified speed of light c’(K) Cc = C/K speed of light < co 
Modified mass m(K) m=mo Kee effective mass increases 
modified frequency w(K) WO = WK V/2 redshift toward lower frequencies 
modified time interval At(K) At= Ato Ke clocks run slower 
modified energy E(K) E=E,\K 1/2 lower energy states 
Modified length L(K) BR=1pK |" objects/rulers shrink 
dielectric-vacuum F(K) « VK attractive gravitational force 
“gravitational” forces F(K) 





When K = 1 we have the condition that c* = cy (vacuum refraction index = 1), because the vacuum is 
free (or un-modified, and Pyac = 0) in this case. When K > 1, as occurs in a region of space possessing a 
gravitational potential, then we have the condition that c’ < co (vacuum refraction index > 1), because the 
modified vacuum has a higher energy density in the presence of the local mass distribution that generates 
the local gravitational field. This fact allows us to make a direct correspondence between the speed of 
light modification physics discussion in Section 2.2 and the underlying basis for the physics of the PV- 
GR model. Under certain conditions the spacetime metric can in principle be modified to reduce the 
value of K to below unity, thus allowing for faster-than-light (FTL) motion to be physically realized. In 
this case, the local speed of light (as measured by remote static observers) is increased, light emitted from 
an atom is blueshifted as compared with a remote static atom, objects/rulers expand, clocks run faster, etc. 
See Table 2. We therefore have the condition that c’ > co (vacuum refraction index < 1) because the 
modified vacuum has a lower energy density. In fact, Puthoff (1999a, 2002a) has analyzed certain special 
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black hole metrics and found K < 1 from the model. We will return to this theme later. In what follows 
we briefly review and summarize the key points and equations from the development of the PV-GR 
model, and we refer the reader to Puthoff (1999a, 2002a, b) for more extensive discussion and 
derivations. 


Table 2. Metric Effects in the PV-GR Model When K < 1 (Compared With 
Reference Frames at Asymptotic Infinity Where K = 1; adapted from Puthoff et al., 2002) 






































Variable Determining Equation K<1l 
(subscript 0 is asymptotic (typical mass distribution, M) 
value where K = 1) 
modified speed of light c’(K) a = C/K speed of light > co 
modified mass m(K) m=mK” effective mass decreases 
modified frequency w(K) @ = WK?” blueshift toward higher frequencies 
modified time interval Ai(K) At = AtoK ve clocks run faster 
modified energy E(K) E=E, oe higher energy states 
modified length L(K) L= doko? objects/rulers expand 
dielectric-vacuum F(K) « VK repulsive gravitational force 
“gravitational” forces F(K) 





We begin by recalling that in flat space electrodynamics, the electric flux vector D in a linear, 
homogeneous medium can be written 


D=eE 
=€,E+P (2.26), 
=€E+a,E 


where € is the permittivity of the medium, the polarization P corresponds to the induced dipole moment 
per unit volume in the medium whose polarizability per unit volume is Oy, and E is the electric field. The 
identical form of the last two terms naturally leads to the interpretation of €9 as the polarizability per unit 
volume of the vacuum. The quantum picture of the vacuum, where it has been shown that the vacuum 
acts as a polarizable medium by virtue of induced dipole moments resulting from the excitation of virtual 
electron-positron particle pairs (Heitler, 1954), completely justifies the interpretation that the vacuum is a 
medium. Note that there are other virtual particle pairs in the vacuum that also contribute to this picture; 
however, it is the electron-positron pairs that dominate the others, as shown in Section 2.2. The basic 
postulate of the PV-GR model for curved space conditions is that the polarizability of the vacuum in the 
vicinity of localized mass-energy distributions differs from its asymptotic free space value by virtue of 
vacuum polarization effects induced by the presence of the local mass-energy. Thus the postulate for the 
vacuum itself is 


O37); 
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where K (a function of position) is the modified dielectric constant of the vacuum due to the induced 
vacuum polarizability changes under consideration. Equation (2.27) defines the transformation € = K€p. 

Table | shows the various quantitative effects a polarizable vacuum (in the presence of positive mass- 
energy distributions) has on the various measurement processes important to general relativity. The 
effects demonstrated in the middle and right columns demonstrate the basis of the polarizable vacuum 
approach to general relativity. Table 2 shows what effects are manifested when negative mass-energy 
distributions induce vacuum polarizability changes that lead to FTL phenomenon. Experimental 
observations impose constraints on the model causing key physical constants to remain constant even 
with variable polarizability present in the local space. Puthoff (1999a, 2002a, b) has shown that the fine 
structure constant is constrained by observational data to remain constant within a variable polarizable 
vacuum, and this constraint actually defines the transformation = Kilo. The elementary particle charge e 
is also taken to be constant in a variable polarizable vacuum because of charge conservation. And hf 
remains a constant by conservation of angular momentum for circularly polarized photons propagating 
through the (variable polarizability) vacuum. The remaining constant of nature is the speed of light, and 
although the tables showed how this was modified in variable polarizability vacuums, it is interesting to 
see how this modification comes about. In a modified (variable polarizability) vacuum the speed of light 
is defined, as it is in standard electrodynamics, in terms of the permittivity and permeability by: 


=(K7eu)) (2.28), 


re 


K 


where the permittivity/permeability transformations and the free space (un-modified vacuum) definition 
for co were inserted. Note that (2.28) can be re-written as c leo = 1/K, and this is to be compared with 
(2.22). Thus we see from (2.28), and by comparison with (2.22), that K plays the role of a variable 
refractive index under conditions in which the vacuum polarizability is assumed to change in response to 
general relativistic-type influences. One further note of interest is that the permittivity/permeability 
transformations also maintains constant the ratio 


je- Mo 
é Ve 


which is the impedance of free space. This constant ratio is required to keep electric-to-magnetic energy 
ratios constant during adiabatic movement of atoms from one position in space to another of differing 
vacuum polarizability (Dicke, 1957, 1961). And this constant ratio is also a necessary condition in the 
THew formalism for an electromagnetic test particle to fall in a gravitational field with a composition- 
independent acceleration (Lightman and Lee, 1973; Will, 1974, 1989, 1993; Haugan and Will, 1977). 

Now we make the “crossover connection” to the standard spacetime metric tensor concept that 
characterizes conventional general relativity theory, as originally shown by Puthoff (1999a, 2002a, b). In 
flat (un-modified or free) space the standard four-dimensional infinitesimal spacetime interval ds’ is given 
(in Cartesian coordinates with subscript 0) by 
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3 
ds? =-c, dt,’ + >) dx” (2.29), 


i=l 





where i = (1 = x, 2 = y, 3 =z). This metric means that measuring rods and clocks are non-varying 
wherever one goes in spacetime to make measurements. However, this has been shown to be incorrect in 
general relativity theory, so the length and time transformations (between proper and coordinate values) 
given in the tables (middle columns) indicate that measuring rods and clocks do vary when placed in 
regions where K # 1. Therefore, we replace the time and space differentials in (2.29) with the length and 
time transformations in the tables into (2.29), and derive the general relativistic spacetime interval 





1 3 
ds’ =-—c, dt? +K| }\ dx? (2.30). 
K ial 
Note that observers within a K # 1 region will always measure the speed of light to be co. Equation (2.30) 
defines an isotropic coordinate system, which is a common and useful way to represent spacetime metrics 
in general relativity studies. By inspection the metric tensor is written 


-/K 0 0 0 
0 kK 0 0 

OF ha 0 0K 0 (2.31). 
0 0 0K 


The Lagrangian density for matter-field interactions in a vacuum of variable K is given by Puthoff 
(1999a, 2002a, b) as 





2 
v i 
z| +q-qAv' |5'(r-1) 
(2.32), 
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where the first term is the Lagrangian density for a free particle of mass mo, charge q and 3-vector 
velocity v (v = |v|, 3-vector components are labeled by i) interacting with electromagnetic fields via the 
electromagnetic field 4-vector potential A, = (®, Aj) (note that 5°(r — ro) is the delta function that locates 
the point particle at position r = ro); the second term is the Lagrangian density for the electromagnetic 
fields themselves, and the last term is the Lagrangian density for K (treated here as a scalar variable). 
This last term emulates the Lagrangian density for the gravitational field. Equation (2.32) does not 
include any quantum gauge field interaction terms because it is beyond the scope of the present 
incarnation of the PV-GR approach to include them. We can obtain the equations of particle motion in a 
variable dielectric vacuum by performing the standard variations of the Lagrangian density (| La dx dy dz 
dt) with respect to the particle variables. However, we are more interested in obtaining the “master 
equation” for K by varying the Lagrangian density with respect to K, and Puthoff (1999a, 2002a, b) gives 
the result: 
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(2.33). 
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This equation describes the generation of general relativistic vacuum polarization effects due to the 
presence of matter and fields. By inspecting the right-hand side of the equation, we observe that changes 
in K are driven by the mass density (1“ term), electromagnetic energy density (2™ term), and the vacuum 
polarization energy density itself (3 term). In fact, the 3“ term emulates the gravitational field self- 
energy density. Note that the 2™ and 3" terms in (2.33) appear with opposite signs with the result that 
electromagnetic field effects can counteract the gravitational field effects. Puthoff found that (2.33) gives 
the solution K = exp(2GM/rco’) in the vicinity of a static spherically symmetric (uncharged) mass M (in 
the low velocity limit v << co, 0K/dt = 0, E = B = 0, g = 0), which reproduces to appropriate order the 
standard general relativistic Schwarzschild spacetime metric for the weak gravitational field conditions 
prevailing in the solar system. This solution guarantees that K > 1 near mass concentrations. 

Of major importance to the present study are solutions giving K < 1 so that teleportation can be 
realized. Puthoff has found one such solution by studying the case of a static spherically symmetric mass 
M with charge QO familiar from the study of the Reissner-Nordstrom spacetime metric. In this case 
Puthoff found the result 








2 


b’-a’ a _ | Vb? =a? 


K =| cos] -——— |+———sin] —_—— (b’ >a’) (2.34), 


where a? = (GM/cy’)’, Pe O’G/4ne co", and r is the radial distance from the center of MM. And in this case 
(2.34) gives K < 1, which shows that FTL solutions are available in the PV-GR approach (as they are also 
in the Einstein theory). (For a’ > b’ the solution is hyperbolic-trigonometric and describes the standard 
Reissner-Nordstrom metric where K > 1.) 

Generally speaking, in Einstein general relativity the Reissner-Nordstrdm metric can be manipulated 
along with two shells of electrically charged matter to form a traversable wormhole (Schein and 
Aichelburg, 1996). But there are two drawbacks to this. The first is that the scheme involves dealing 
with the collapsed state of the stellar matter that generates the metric (a.k.a. Reissner-Nordstrom black 
hole) along with the unpleasant side effects that are encountered, such as the crushing singularities and 
multiple (unstable) event horizons. Second, the traversable wormhole is an eternal time machine 
connecting remote regions of the same universe together. Now there are no black hole solutions found in 
the PV-GR model because in that approach stellar matter collapses smoothly to an ultra-dense state and 
without the creation of singularities and event horizons (Puthoff, 1999b). 

In either case, the Reissner-Nordstrbm metric does not offer a viable mechanism for vm- 
Teleportation. We are more interested in examining other PV-GR cases (where K < 1 or even K << 1) 
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that emulate the effects of traversable wormhole metrics that do obey the vm-Teleportation definition, 
such as the example presented in Section 2.1. Equation (2.33) suggests that we search for a vacuum 
engineering concept that exploits electromagnetic fields to alter the vacuum dielectric constant K to 
induce the desired vm-Teleportation effect in the modified vacuum. (However, we can insert other source 
terms that will lead to the desired result.) We envision this particular teleportation concept to resemble 
Figure 2. [Note: Before this report went to press H. E. Puthoff, C. Maccone and the author discovered a 
number of K < 1 solutions to equation (2.33) that uniquely meet the definition of vm-Teleportation and 
FTL motion. We discovered that the generic energy density required to generate K < | solutions must be 
negative, and that the total energy density of the system as seen by remote observes is approximately 
zero. This unique result compares very well with the traversable wormhole mass-energy density 
requirements discussed in Section 2.1.2. This discovery will be the subject of a forthcoming paper. ] 


2.3 Conclusion and Recommendations 


The concept we envision for vm-Teleportation is that animate or inanimate objects would be placed 
inside an environmentally enclosed vessel that would simply be moved into the teleportation device. The 
“teleporter” would be activated, and the vessel would almost immediately disappear and then reappear at 
the remote destination as if it were briefly moving through a portal or “stargate.” The teleportation device 
might be required to operate in the vacuum of space outside of the Earth’s atmosphere. We have shown 
two practically equivalent ways to implement vm-Teleportation. There is the manipulation of spacetime 
geometry via exploiting negative (i.e., quantum vacuum zero point) energy as shown by Einstein’s 
general relativity theory, and there is the modification of the vacuum dielectric constant as shown by the 
PV-GR model. Both have a great deal of theoretical foundation to begin exploring experimentally. The 
PV-GR model needs additional theoretical work for the present application, but it is now mature enough 
for experimental exploration. 

There already is extensive theoretical, and more importantly, experimental research proving that the 
vacuum can be engineered (or physically modified) so that the vacuum ZPE can be exploited (via the 
Casimir Effect, for example) to extract electrical energy or actuate microelectromechanical devices (see 
for example, Ambjorn and Wolfram, 1983; Forward, 1984, 1996, 1998; Puthoff, 1990, 1993; Cole and 
Puthoff, 1993; Milonni, 1994; Mead and Nachamkin, 1996; Lamoreaux, 1997; Chan et al., 2001, and the 
references cited therein). But most of this research involves very low energy density regimes, which are 
much too low for our purposes. The Mead and Nachamkin (1996) device is actually designed to extract 
electrical energy from the higher frequency/higher energy density ZPE modes. However, new ultrahigh- 
intensity lasers became available in the 1990s that have achieved extreme physical conditions in the lab 
that are comparable to the extreme astrophysical conditions expected to be found in stellar cores and on 
black hole event horizons (Perry, 1996; Mourou et al., 1998; Perry, 2000). The power intensity of these 
lasers has reached the point to where they actually probe QED vacuum physics and general relativistic 
physics, and they have even modified the vacuum itself. The lasers were originally called petaWatt lasers 
(operating range of 10'* — 10'* Watts/cm* at femtosecond pulses), but they have now reached power 
intensity levels in the 10° — 10° Watts/em’ range. The lasers were made possible by a novel 
breakthrough called “chirped pulse amplification” whereby the initial low energy/low power intensity 
laser beam is stretched, amplified and then compressed without experiencing any beam distortions or 
amplifier damage. This laser system was initially designed as a large-optics beam-line power booster for 
the NOVA laser fusion experiment at Lawrence Livermore National Laboratory. But researchers found a 
way to shrink the optics down to tabletop scale, and one can now own and operate a tabletop ultrahigh- 
intensity laser for ~ $500,000. The dimensions of the optical bench used by the University of California- 
San Diego is = 5 m x 12 m (or = 60 m’; see Mourou et al., 1998). In tabletop lab experiments ultrahigh- 
intensity lasers have generated >> gigagauss magnetic fields, > 10'° Volt/cm electric field strengths, >> 
terabar light pressures and >> 10° m/sec” subatomic particle accelerations. These ultrahigh-intensity 
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tabletop lasers are thus the ideal instrument with which to explore the fundamental physics underlying the 
two possible concepts for vm-Teleportation. 

There are several ideas on how to generate negative energy in the lab that could potentially be 
extracted and concentrated in the proper fashion to induce the traversable flat-face wormhole outlined in 
Section 2.1.1 or induce the K < 1 condition (in the PV-GR model) outlined in Section 2.2.1. The schemes 
for generating negative energy are: 


Q Casimir Effect (described in Section 2.2): This is the easiest and most well known way to 
generate negative energy in the lab. The energy density Pcasimir = —(Whico/240)a* within a 
Casimir capacitor cavity is negative and manifests itself by producing a force of attraction 
between the capacitor plates. This has been measured in the lab (see above references). Forward 
(1998) proposes a mechanism for the endless extraction of energy from the vacuum in a Casimir 
cavity by cyclic manipulation of the cavity dimensions. 


Q Moving Mirror: Negative quantum vacuum energy can be created by a single moving reflecting 
surface (a moving mirror). If a mirror moves with increasing acceleration, then a flux of negative 
energy emanates from its surface and flows out into the space ahead of the mirror (Birrell and 
Davies, 1982). However, this effect is known to be exceedingly small, and it is not the most 
effective way to generate negative energy. 


Q Optically Squeezed Laser Light: Negative quantum vacuum energy can also be generated by an 
array of ultrahigh intensity lasers with an ultrafast rotating mirror system. In this scheme a laser 
beam is passed through an optical cavity resonator made of lithium niobate crystal that is shaped 
like a cylinder with rounded silvered ends to reflect light. The resonator will act to produce a 
secondary lower frequency light beam in which the pattern of photons is rearranged into pairs. 
This is the quantum optical “squeezing” of light effect. (See Section A.2 in Appendix A for a 
complete definition and description of squeezed quantum states.) Therefore, the squeezed light 
beam emerging from the resonator will contain pulses of negative energy interspersed with pulses 
of positive energy. Another way to squeeze light would be to manufacture extremely reliable 
light pulses containing precisely one, two, three, etc. photons apiece and combine them together 
to create squeezed states to order. Superimposing many such states could theoretically produce 
bursts of intense negative energy. For the laser beam resonator example we find that both 
negative and positive energy pulses are of ~ 107'° second duration. We could arrange a set of 
rapidly rotating mirrors to separate the positive and negative energy pulses from each other. The 
light beam is to strike each mirror surface at a very shallow angle while the rotation ensures that 
the negative energy pulses are reflected at a slightly different angle from the positive energy 
pulses. A small spatial separation of the two different energy pulses will occur at some distance 
from the rotating mirror. Another system of mirrors will be needed to redirect the negative 
energy pulses to an isolated location and concentrate them there. 





Q Gravitationally Squeezed Vacuum Energy: A natural source of negative quantum vacuum energy 
comes from the effect that gravitational fields (of astronomical bodies) in space have upon the 
surrounding vacuum. For example, the gravitational field of the Earth produces a zone of 
negative energy around it by dragging some of the virtual particle pairs (a.k.a. virtual photons or 
vacuum ZPF) downward. This concept was initially developed in the 1970s as a byproduct of 
studies on quantum field theory in curved space (Birrell and Davies, 1982). However, Hochberg 
and Kephart (1991) derived an important application of this concept to the problem of creating 
and stabilizing traversable wormholes, and their work was corrected and extended by Davis 
(1999a). They proved that one can utilize the negative vacuum energy densities, which arise 
from distortion of the electromagnetic zero point fluctuations due to the interaction with a 
prescribed gravitational background, for providing a violation of the energy conditions (see 
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Section A.1 in Appendix A). Hochberg and Kephart (1991) showed that the squeezed quantum 
states of quantum optics provide a natural form of matter having negative energy density. And 
since the vacuum is defined to have vanishing energy density, anything possessing less energy 
density than the vacuum must have a negative energy density. The analysis, via quantum optics, 
shows that gravitation itself provides the mechanism for generating the squeezed vacuum states 
needed to support stable traversable wormholes. The production of negative energy densities via 
a squeezed vacuum is a necessary and unavoidable consequence of the interaction or coupling 
between ordinary matter and gravity, and this defines what is meant by gravitationally squeezed 
vacuum states. The magnitude of the gravitational squeezing of the vacuum can be estimated 
from the squeezing condition, which simply states that substantial gravitational squeezing of the 
vacuum occurs for those quantum electromagnetic field modes with wavelength (A in meters) > 
Schwarzschild radius (ts in meters) of the mass in question (whose gravitational field is 
squeezing the vacuum). The Schwarzschild radius is the critical radius, according to general 
relativity theory, at which a spherically symmetric massive body becomes a black hole; i.e., at 
which light is unable to escape from the body’s surface. We can actually choose any radial 
distance from the mass in question to perform this analysis, but using the Schwarzschild radius 
makes equations simpler in form. The general result of the gravitational squeezing effect is that 
as the gravitational field strength increases the negative energy zone (surrounding the mass) also 
increases in strength. Table 3 shows when gravitational squeezing becomes important for 
example masses. The table shows that in the case of the Earth, Jupiter and the Sun, this squeeze 
effect is extremely feeble because only ZPF mode wavelengths above 0.2 m— 78 km are affected. 
For a solar mass black hole (radius of 2.95 km), the effect is still feeble because only ZPF mode 
wavelengths above 78 km are affected. But note from the table that quantum black holes with 
Planck mass will have enormously strong negative energy surrounding them because all ZPF 
mode wavelengths above 8.50 x 10~** meter will be squeezed; in other words, all wavelengths of 
interest for vacuum fluctuations. Black holes with proton mass will have the strongest negative 
energy zone in comparison because the squeezing effect includes all ZPF mode wavelengths 
above 6.50 x 10° meter. Furthermore, a black hole smaller than a nuclear diameter (~ 107'° m) 
and containing the mass of a mountain (= 10'' kg) would possess a fairly strong negative energy 
zone because all ZPF mode wavelengths above 107'° meter will be squeezed. 


Table 3. Substantial Gravitational Squeezing Occurs When 
A > 8ars (For Electromagnetic ZPF; adapted from Davis, 1999a) 


Mass of body Schwarzschild radius of body, rs | ZPF mode wavelength, A 
Sun = 2.0 x 10" kg 2.95 km 
Jupiter = 1.9 x 10°" kg 


> 10 m 





eRecommendations: 


> Theoretical Program 1: A one to two year theoretical study (cost =~ $80,000) should be initiated to 
explore the recently discovered K < 1 (FTL) solutions to equation (2.33) in order to define, 
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characterize and model the negative energy density source(s) that induce the FTL vacuum 
modification. The study should also identify potential lab experiments designed to test theoretical 
predictions. 


> Theoretical Program 2: A one to two year study (cost ~ $80,000) should be initiated to conduct a 
detailed review of the negative energy generation schemes summarized above to define their 
characteristics, performances and requirements. The study should develop technical parameters 
for each of the schemes in order to identify potential lab experiments. 





> Experimental Program 1: An experimental study should be conducted to test Forward’s (1998) 
Casimir energy extraction proposal. An experiment definition study will be required to estimate 
the experimental method, procedure, equipment needs and costs. 





> Experimental Program 2: An experimental study using ultrahigh-intensity lasers should be 
conducted to test the Optically Squeezed Laser Light proposal. An experiment definition study 
will be required to estimate the experimental method, procedure, equipment needs and costs. 





> Experimental Program 3: An experimental study using ultrahigh-intensity lasers should be 
conducted to probe QED vacuum physics and vacuum modification as well as test elements of the 
PV-GR model. A starting point for this program would be to use such lasers to perform the Ding 
and Kaplan (1989, 1992, 2000; see also, Forward, 1996) experiment. This is an important 
fundamental physics experiment to do, because it can distinguish between the rival quantum 
vacuum electromagnetic ZPE fluctuation and fluctuating charged particle source field theory 
models, which would settle the acrimonious debate over whether the vacuum really fluctuates or 
not. R. L. Forward (1999) told the author that a Nobel Prize rides on performing this experiment 
and settling the issue once and for all. The Ding and Kaplan proposal is already designed to 
probe QED vacuum physics and vacuum modification. [The essence of the Ding and Kaplan 
proposal is to demonstrate that a form of photon-photon scattering predicted by QED gives rise to 
2™ harmonic generation of intense laser radiation in a DC magnetic field due to the broken 
symmetry of interaction (in the Feynman “box” diagram approximation). This effect is possible 
only when the field system (optical wave + DC field) is inhomogeneous, in particular when a 
Gaussian laser beam propagates in either a homogeneous or inhomogeneous DC magnetic field. 
In other words, a vacuum region is filled with a DC magnetic field that polarizes the virtual 
particle pairs (a.k.a. virtual photons) in the vacuum. This polarized vacuum then scatters incident 
ultrahigh-intensity laser photons of frequency v (energy £), thereby generating outgoing photons 
of frequency 2v (energy 2£).] An experiment definition study will be required to estimate the 
experimental method, procedure, equipment needs and costs. 





> Experimental Program 4: An experimental study using ultrahigh-intensity lasers should be 
conducted to establish the extreme physical conditions necessary to test the strong-field limit of 
general relativity with an emphasis on generating spacetime curvature and negative energy in 
order to induce a putative micro-wormhole. (Experimental Programs 3 and 4 could be done 
together to determine whether Puthoff’s PV-GR theory or Einstein’s general relativity theory is 
the correct model for nature.) A Nobel Prize is in the offing if this question were to be addressed 
and settled. An experiment definition study will be required to estimate the experimental method, 
procedure, equipment needs and costs. 
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3.0 q-TELEPORTATION 


3.1 Teleportation Scenario 


Future space explorers and their equipment will need to easily and quickly travel from an orbiting 
spacecraft to the surface of some remote planet in order to get their work done, or military personnel in 
the United States need to easily and quickly travel from their military base to another remote location on 
Earth in order to participate in a military operation, or space colonists will need quick transport to get 
from Earth to their new home planet. Instead of using conventional transportation to expedite travel the 
space explorer, military personnel or space colonist and/or their equipment go into the “Teleporter” (a.k.a. 
“Transporter” in Star Trek lingo) and are “beamed down” or “beamed over’ to their destinations at light 
speed. The mechanism for this teleportation process is hypothetically envisioned to be the following: 


1. Animate/inanimate objects placed inside the teleporter are scanned by a computer-generated and - 
controlled beam. 


2. The scan beam encodes the entire quantum information contained within the animate/inanimate 
object(s) into organized bits of information, thus forming a digital pattern of the object(s). 


3. The scan beam then dematerializes the object(s) and stores its pattern in a pattern buffer, thus 
transforming the atomic constituents of the dematerialized object(s) into a matter stream. 
Alternative 1: The dematerialization process converts the atoms into a beam of pure energy. 
Alternative 2: The scan beam does not dematerialize the object(s). 


4. The teleporter then transmits the matter/pure energy stream and quantum information signal in 
the form of an annular confinement beam to its destination. Alternative: Only the quantum 
information signal is transmitted. 


5. At the receiving teleporter the matter/pure energy stream is sent into a pattern buffer whereby it is 
recombined with its quantum information, and the object(s) is rematerialized back into its original 
form. Alternative 1: The receiving teleporter recombines the transmitted quantum information 
with atoms stored inside a reservoir to form a copy of the original. Alternative 2: The quantum 
information is reorganized in such a way as to display the object on some three-dimensional 
(holographic) visual display system. 


Problem: This generic scenario is modeled after teleportation schemes found in SciFi. There are a lot of 
important little details that were left out of the teleportation process because we simply do not know what 
they are. This technology does not yet exist. And we are left with the question of which one of the 
alternative processes identified in items 3 — 5 one wants to choose from. The above scenario is only an 
outline, and it is by no means complete since it merely serves to show what speculation exists on the 
subject. The above scenario describes a speculative form of what we call g-Teleportation. 

There are questions to be addressed in the above scenario. Does the teleporter transmit the atoms and 
the quantum bit information signal that comprises the animate/inanimate object or just the quantum bit 
information signal? There are ~ 10°* atoms of matter combined together in a complex pattern to form a 
human being. How does one transmit this much information and how do we disassemble that many 
atoms? Computer information gurus would insist that it is not the atoms that matter but only the bits of 
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information representing them when considering the transmission of large “bodies” of information. But 
are humans simply the sum of all the atoms (and the related excited atom quantum states) that comprise 
them? We could possibly learn to reconstitute a beam of atoms into a chemically accurate human being. 
However, would this also include the reconstruction of a person’s consciousness (personality, memories, 
hopes, dreams, etc.) and soul or spirit? This question is beyond the scope of this study to address, but it is 
nevertheless one of the most important concepts awaiting a complete scientific understanding. 

For the teleporter to process and transmit the quantum bit information signal that encodes the 
animate/inanimate object’s pattern will require stupendous digital computer power. For each atom 
comprising the object we must encode its location in space (three position coordinates), its linear and 
angular momentum (three vector components for each quantity), and its internal quantum state (electron 
orbital-energy levels and their excitation/de-excitation and ionization states, binding to other atoms to 
form molecules, molecular vibrational/rotational states, bound nuclei states, spin states for electrons and 
nuclei, etc.), etc. If we assume that we can digitally encode all of this information for a single atom with 
a minimum of one kilobyte (1 byte = 8 bits, 1 bit = 0 or 1) of data, then we will require a minimum of 
10** kilobytes to encode and store an entire human being (in three-dimensions). To digitally store and 
access this much information at present (and for the foreseeable future) is nontrivial. It will take more 
than 2,400 times the present age of the universe (= 13 billion years) to access this amount of data using 
commercially available computers (operating at = 10 gigabyte/sec). Top-of-the-line supercomputers will 
not reduce this time significantly. The computer technology needed to handle such a large data storage 
requirement simply does not exist. The largest commercially available computers can store = 40 
gigabytes on a single hard drive. We will need ~ 10” of these hard drives to store the encoded 
information of just one human being. Also, wire and coaxial/fiber optic cables do not have the physical 
capacity to transmit this amount of data between devices. These numbers will not be significantly 
different for macroscopic inanimate objects. The information processing and transfer technology required 
for the teleportation system may become possible in 200 — 300 years if improvements in computer storage 
and speed maintains a factor of 10 — 100 increase for every decade. There is speculation that emergent 
molecular, bio-molecular (DNA-based systems) and quantum computer technology may achieve the 
performances required for a teleportation system. In the former case molecular dynamics mimics 
computer logic processes and the = 10° particles in a macroscopic sample will all act simultaneously, 
making for far greater digital information processing and transfer speeds. Researchers have given no 
formal performance estimates for this emergent technology. In the latter case quantum computing would 
take advantage of entangled quantum states of subatomic matter or photons, whereby digital logic 
processes would occur at light speed. This technology is in its infancy, and there has been no clear 
direction on what performance levels will be possible in the future. This topic will be discussed further in 
Section 3.2.3. 

In the above teleportation scenario we might consider dematerializing animate/inanimate objects into 
a matter stream consisting of only the object’s constituent atoms or atomic subcomponents (protons, 
neutrons and electrons) and transmitting them at the speed of light (or close to it). To push atoms or 
subatomic particles to near the speed of light will require imparting to them an energy comparable to their 
rest-mass energy, which will be at a minimum of one order of magnitude larger than the amount of energy 
required to break protons up into free quarks. The energy required to completely dematerialize (or 
dissolve) matter into its basic quantum constituents or into pure energy is alone stupendous. At first one 
will have to impart to every molecule within the object an energy that is equivalent to the binding energy 
between atoms (atomic binding energy ~ chemical energy ~ several eV) in order to break apart the 
molecules comprising the object’s macro-structure. After this an energy equivalent to nuclear binding 
energies (~ several x 10° times atomic binding energy, or ~ several MeV) must be imparted to every free 
atomic nucleus inside the object in order to break apart the protons and neutrons residing within each 
nucleus. And last, an energy equivalent to the binding energy that holds together the three quarks 
residing within each proton and neutron must be imparted to each of the free protons and neutrons within 
the object. According to the Standard Model and experimental data, the quark binding energy is 
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practically infinite. But all is not lost, because the Standard Model also predicts that if we could heat up 
the nuclei to = 10'° °C (= 10° times hotter than the core temperature of the Sun, or ~ 10° MeV), then the 
quarks inside would suddenly lose their binding energies and become massless (along with other 
elementary matter). This heat is also equivalent to the rest-mass energy of protons and neutrons. 
Therefore, to heat up and dematerialize one human being would require the annihilation of the rest mass- 
energy of all 10°° protons-neutrons or the energy equivalent of 330 1-megaton thermonuclear bombs. 
Compare this stupendous explosive energy with the explosive yield of the largest thermonuclear bomb 
ever detonated on Earth, which was a 50-megaton bomb that was built by Andrei Sakharov in the USSR 
and detonated on October 30, 1961; it was called “Tzar Bomba.” Its first incarnation (ca. early October 
1961) comprised a uranium fusion tamper, which gave an estimated explosive yield of = 100 megatons. 
But the weapon was too heavy (27 metric tons) for a bomber to carry, so the tamper was replaced by one 
made of lead, which reduced both the weight and the yield. In the end we see that it is not a trivial 
problem to simply heat up and dematerialize any human or inanimate objects. The technology to do so 
does not exist unless we invoke new physics to get around the energy requirement. 

Finally, we must consider the resolution and aperture of the optics required to scan and transmit the 
animate/inanimate object’s matter (or energy) stream. The Heisenberg quantum uncertainty principle 
fundamentally constrains the measurement resolution of conjugate observable quantities, such as position 
and momentum or energy and time. The measurement of any combination of (conjugate) observables 
with arbitrarily high precision is not possible, because a high precision measurement of one observable 
leads to imprecise knowledge of the value of the conjugate observable. The quantum uncertainty 
principle makes it impossible to measure the exact, total quantum state of any object with certainty. The 
scan resolution of a teleportation system is defined by the wavelength of light used to illuminate the 
object’s atomic/subatomic constituents and record their configurations. To resolve matter at 
atomic/subatomic distance scales requires that the energy of the scanner light (photons) be extremely 
large (according to the uncertainty principle); and during the scan this large light energy will be conveyed 
to the constituents, causing them to drastically change their speed and direction of motion. This means 
that it is physically impossible to resolve an object’s atomic/subatomic particle components and their 
configurations with the precision necessary to accurately encode and later recreate the object being 
teleported. To resolve atomic/subatomic particles requires wavelengths smaller than the size of these 
constituents, which will typically be 1 A — 1 fm. Such wavelengths are in the gamma ray part of the 
spectrum, and this becomes a major technical problem for us because at present there is no gamma ray 
electro-optics with which to work with. Now consider the example of teleporting an object from the 
surface of a planet back to its spacecraft in orbit some several x 10° — 10° km away. The optical aperture 
required to illuminate and scan an object with ~ 1 A—1 fm resolution from orbit will be >> several x 10° 
— 10’ km. If we are to consider teleporting an object from planet to planet or from star to star then the 
aperture required will be >> several x 10°—10' km. These technical problems are truly insurmountable 
unless totally new physics becomes available. 


3.2 Quantum Teleportation 


It turns out that there does in fact exist a form of teleportation that occurs in nature despite the 
numerous technical roadblocks described in the previous section. It is called guantum teleportation, 
which is based on the well-known concept of quantum entanglement. Erwin Schrédinger coined the word 
“entanglement” in 1935 in a three-part paper (Schrédinger, 1935a, b, c, 1980). These papers were 
prompted by the Einstein, Podolsky and Rosen (1935; denoted hereafter as EPR) paper that raised 
fundamental questions about quantum mechanics, whereby Einstein had loudly complained that quantum 
mechanics allowed physical processes resembling “spooky action at a distance” to occur. EPR 
recognized that quantum theory allows certain correlations to exist between two physically distant parts of 
a quantum system. Such correlations make it possible to predict the result of a measurement on one part 
of a system by looking at the distant part. On this basis, EPR argued that the distant predicted quantity 
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should have a definite value even before being measured, if quantum theory is complete and respects 
locality (a.k.a. causality). EPR concluded that, from a classical perspective, quantum theory must be 
incomplete because it disallows such definite values prior to measurement. Schrédinger’s perspective on 
this argument gives the modern view of quantum mechanics, which is to say that the wavefunction (a.k.a. 
quantum state vector) provides all the information there is about a quantum system. In regards to the 
nature of entangled quantum states, Schrédinger (1935a, b, c, 1980) stated that, “The whole is in a 
definite state, the parts taken individually are not.” This statement defines the essence of pure-state 
entanglement. Schrédinger went on to give a description of quantum entanglement by introducing his 
famous cat experiment. 

To better understand the concept of quantum entanglement/teleportation we will focus on the 
quantum wavefunction (a.k.a. quantum state function). Any quantum system such as a particle that 
possesses a position in space, energy, angular and linear momentum, and spin is completely described by 
a wavefunction. This is usually symbolized in a variety of ways, and we choose to represent a generic 
wavefunction using the traditional “bra-ket” notation of quantum mechanics: |@). Anything that we want 
to know about the particle is mathematically encoded within |). As we discussed in the previous section 
the wavefunction can never be completely known because there is no measurement that can determine it 
completely. The only exception to this is in the special case that the wavefunction has been prepared in 
some particular state or some member of a known basis group of states in advance. By measuring one of 
the properties of a quantum system, we can get a glimpse of the overall quantum state that is encoded 
within |~). According to the quantum uncertainty principle the act of doing such a measurement will 
destroy any ability to subsequently determine the other properties of the quantum system. So the act of 
measuring a particle actually destroys some of the information about its pristine state. This makes it 
impossible to copy particles and reproduce them elsewhere via quantum teleportation. However, it turns 
out that one can recreate an unmeasured quantum state in another particle as long as one is prepared to 
sacrifice the original particle. The trick is to exploit the EPR process to circumvent the quantum 
uncertainty principle. 

As discussed previously, EPR discovered that a pair of spatially separated quantum sub-systems that 
are parts of an overall quantum system can be “entangled” in a non-local (i.e., non-causal) way. When 
two particles come into contact with one another, they can become “entangled.” In an entangled state, 
both particles remain part of the same quantum system so that whatever you do to one of them affects the 
other one in a predictable fashion. More precisely, a measurement on one of the entangled sub-systems 
puts it into a particular quantum state, while instantaneously putting the sub-system with which it is 
entangled into a corresponding quantum state, while the two sub-systems are separated by arbitrarily large 
distances in spacetime (even backwards in time!). A simple example of this phenomenon is to prepare a 
pair of photons in the same quantum state such that they are entangled, and then allow them to fly apart to 
remote locations without any form of communication occurring between them along their journey. 
Measuring the polarization of one of the pair of entangled photons induces the other photon, which may 
be light-years away, into the same state of polarization as that which was measured for its entangled twin. 
The basic operation of quantum teleportation can be described as determining the total quantum state of 
some large quantum system, transmitting this state information from one place to another, and making a 
perfect reconstruction of the system at the new location. In principle, entangled particles can serve as 
“transporters” of sorts. By introducing a third “message” particle to one of the entangled particles, one 
could transfer its properties to the other one, without ever measuring those properties. 

Historically, quantum entanglement was never reconciled with the quantum uncertainty principle and 
the requirement of locality (or causality) in observed physical phenomena, thus it became a paradox in 
quantum theory. A three-decade debate began following the appearance of the EPR paper over whether 
quantum entanglement (a.k.a. “spooky action at a distance”) was a real quantum phenomenon or not, and 
this debate came to be called the “EPR dilemma.” Einstein’s only solution to the dilemma was to suggest 
that quantum mechanics was incomplete and needed a reformulation to incorporate local hidden-variables 
that can account for observed physical phenomena without violating causality. Bell (1964) later solved 
the EPR dilemma by deriving correlation inequalities that can be violated in quantum mechanics but have 
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to be satisfied within every model that is local and complete. Such models are called “local hidden- 
variable models.” Bell showed that a pair of entangled particles, which were once in contact but later 
moved too far apart to interact directly (i.e., causally), can exhibit individually random behavior that is 
too strongly correlated to be explained by classical statistics. Bell’s inequalities make it possible to test 
whether local hidden-variable models can account for observed physical phenomena in lab experiments. 
Groundbreaking experimental work by Aspect et al. (1982a, b) along with further theoretical and 
experimental work done by others (Freedman and Clauser, 1972; Aspect, 1983; Aspect and Grangier, 
1985; Hong and Mandel, 1985; Bennett and Wiesner, 1992; Tittel et al., 1998a, b; Tittel and Weihs, 2001) 
demonstrated violations of the Bell inequalities, which therefore invalidated the local hidden-variable 
models. The key result of recent theoretical and experimental work is that an observed violation of a Bell 
inequality demonstrates the presence of entanglement in a quantum system. 


3.2.1 Description of the q-Teleportation Process 


The experimental work of Bennett et al. (1993) followed by the theoretical and experimental work of 
others (Vaidman, 1994; Kwiat et al., 1995; Braunstein, 1996; Braunstein and Kimble, 1998; Pan et al., 
1998; Stenholm and Bardroff, 1998; Zubairy, 1998; Vaidman and Yoran, 1999; Kwiat et al., 1999) made 
the breakthrough that was necessary to demonstrate the principle of quantum teleportation in practice. It 
was a remarkable technical breakthrough that settled, once and for all, the nagging question of whether 
quantum entanglement could be used to implement a teleportation process to transfer information 
between remotely distant quantum systems non-causally (i.e., at FTL speed). It is easy to describe how 
quantum teleportation works in greater detail. Figure 6 compares conventional facsimile transmission 
with the quantum teleportation process seen in Figure 7. In a conventional facsimile transmission the 
original document is scanned, extracting partial information about it, but it remains more or less intact 
after the scanning process. The scanned information is then sent to the receiving station, where it is 
imprinted on new paper to produce an approximate copy of the original. In quantum teleportation (Figure 
7) one scans out part of the information from object A (the original), which one wants to teleport, while 
causing the remaining, unscanned, part of the information in A to pass, via EPR entanglement, into 
another object C which has never been in contact with A. Two objects B and C are prepared and brought 
into contact (i.e., entangled), and then separated. Object B is taken to the sending station, while object C 
is taken to the receiving station. At the sending station object B is scanned together with the original 
object A, yielding some information and totally disrupting the states of A and B. This scanned 
information is sent to the receiving station, where it is used to select one of several treatments to be 
applied to object C, thereby putting C into an exact replica of the former state of A. Object A itself is no 
longer in its original initial state, having been completely disrupted by the scanning process. The process 
just described is teleportation and not replication, and one should not confuse the two. There is a subtle, 
unscannable kind of information that, unlike ordinary information or material, can be delivered via EPR 
correlations/entanglement, such that it cannot by itself deliver a meaningful and controllable message. 
But quantum teleportation delivers exactly that part of the information in an object that is too delicate to 
be scanned out and delivered by conventional methods. 
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Figure 6. Classical Facsimile Transmission (Modified IBM Press Image) 
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Figure 7. Quantum Teleportation (Modified IBM Press Image) 
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We now go one more final step to give a simplified outline of the actual teleportation process 
according to Bennett et al. (1993). They propose a multistep procedure by which any quantum state |x) of 
a particle or a photon (that correspond to an N-state system) is to be teleported from one location to 
another. For example, |x) might be a two-level system that could refer to the polarization of a single 
photon, the nuclear magnetic spin of a hydrogen atom, or the electronic excitation of an effective two- 
level atom. The following scenario outlines the q-Teleportation process in a very simplified way: 


1. Prepare a pair of quantum subsystems |@) and [y) in an EPR entangled state so that they are 
linked together. |@) and |y) are maximally entangled and together constitute a definite pure state 
superposition even though each of them is maximally undetermined or mixed when considered 
separately. 


2. Transport |@) to the location of the teleportation transmitter and transport |) to the location of the 
teleportation receiver. (In the technical literature the transmitter is called “Alice” and the receiver 
is called “Bob.”) The transmitter and receiver can be many light years apart in space. Note that 
the two subsystems are non-causally correlated via entanglement, but they contain no information 
about |X) at this point. The two subsystems represent an open quantum channel that is ready to 
transmit information. 


3. Now Alice brings the teleported state |x) into contact with the entangled state |@) and performs a 


quantum measurement on the combined system |X¥)|@). Bob and Alice have previously agreed 
upon the details of the quantum measurement. 


4. Using a conventional classical communication channel, Alice transmits to Bob a complete 
description of the outcome of the quantum measurement she performed on |x)|@). 


5. Bob then subjects |y) to a set of linear transformations (1.e., suitable unitary rotations) that are 
dictated by the outcome of Alice’s quantum measurement. The quantum subsystem Bob 
originally first received is no longer in state |y) after the linear transformations because it is now 
in a state identical to the original state |y). Therefore, |x) has in effect been teleported from Alice 
to Bob. 


Bennett et al. (1993) showed in their experimental work that this scheme requires both a conventional 
communication channel and a non-causal EPR channel to send the state |x) from one location to another. 
In addition to this, a considerable pre-arrangement of entangled states and quantum measurement 
procedures is required to make the process work. Bennett et al. (1993) analyzed the information flow 
implicit in the process and showed that Alice’s measurement does not provide any information about the 
quantum state |x). All of the quantum state information is passed by the EPR link between the entangled 
particle states |~) and |y). We can think of the measurement results as providing the “code key” that 
permits the EPR information to be decoded properly at Bob’s end. And because the measurement 
information must travel on a conventional communications channel, the decoding cannot take place until 
the code key arrives, insuring that no FTL teleportation is possible. 

The q-Teleportation scheme teleports the state of a quantum system without having to completely 
measure its initial state. The outcome of the process is that the initial quantum state |Y) is destroyed at 
Alice’s location and recreated at Bob’s location. It is very important for the reader to understand that it is 
the guantum states of the particles/photons that are destroyed and recreated in the teleportation process, 
and not the particles/photons themselves. The quantum state or wavefunction contains the information on 
the state of a particle, but is not a directly observable physical quantity like mass-energy. The quantum 
information contained within a state is available in the form of probabilities or expectation values. 
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Therefore, q-Teleportation cannot teleport animate or inanimate matter (or energy) in its physical entirety. 
However, some experts argue that because a particle’s or a photon’s quantum state is its defining 
characteristic, teleporting its quantum state is completely equivalent to teleporting the particle/photon 
even though the original particle’s/photon’s quantum state (and defining characteristic) was completely 
destroyed in the process (more on this in Section 3.3). Therefore, no quantum cloning is possible and we 
are left with a (near-perfect) copy of the now-destroyed original after teleportation (Wootters and Zurek, 
1982; Barnum et al., 1996). And finally, classical information itself cannot be teleported faster than the 
speed of light via the non-causal EPR channel; however, quantum information can (more on this in 
Section 3.2.3). 








3.2.2 Decoherence Fundamentally Limits q-Teleportation 


Finally, the reader must understand that the q-Teleportation scenario described in the previous section 
was simplified because we unrealistically assumed that Alice and Bob shared an EPR entangled pair that 
was free of noise or decoherence. Decoherence is the process, whereby an object’s quantum states 
degrade when information leaks to or from the environment (i.e., environmental noise) through stray 
interactions with the object. In reality, Alice and Bob have quantum systems that interact directly or 
through another mediating quantum system like two ions in an ion trap that interact through phonon 
modes of the trap, or Rydberg atoms in a laser cavity that interact via photons (Sackett, 2001; Raimond et 
al., 2001). Decoherence degrades the fidelity of the quantum link (i.e., the set of pure EPR entangled 
pairs) between two quantum systems, thus introducing a certain level of error in the exchange of quantum 
information between the systems. 

In a real-world example of an application of q-Teleportation to quantum computation (discussed in 
the next section), we can devise an array of interconnected ion traps with each trap holding a small 
number of ions that are coupled by ions that are moved between the traps or by traveling photons 
(Wineland et al., 2002). The quantum link (or EPR interaction) between a pair of systems is subject to 
noise or decoherence through photon loss or heating of the phonons. At present, decoherence imposes a 
fundamental limit on our ability to perform quantum information processing. Research is continuing on 
whether decoherence can be reduced, circumvented, or otherwise be (partially or totally) eliminated. Diir 
and Briegel (2003) have taken the first step towards this goal at rudimentary level by showing that fault- 
tolerant quantum computation can be achieved in the presence of very high noise levels occurring in the 
interaction link between small quantum systems, if one assumes that local quantum processing on each 
end is nearly error free. They showed that the interaction link can have an error rate of two-thirds. 


3.2.3 Recent Developments in Entanglement and q-Teleportation Physics 


Quantum teleportation physics is still in its infancy. Both theoretical and experimental developments 
are advancing in many different directions, but are far from maturity at this point in time because the field 
is still evolving at present. Technical applications of entanglement and q-Teleportation are just becoming 
conceptualized for the first time, while a small number of basic physics breakthroughs and their related 
applications are in experimental progress at present. The research community is still in the process of 
discovering the full nature of entanglement and q-Teleportation, its rules, and what roadblocks nature has 
in store for its applications and further progression. The literature cited in this study is by no means 
complete, and only represents a subset of the entire field, because the research is still evolving. 

An important application of quantum entanglement and q-Teleportation was the discovery made by 
Shor (1994, 1997) that computation with quantum states instead of classical bits can result in large 
savings in computation time. For example, the best algorithms take exponentially more resources to 
factor ever-larger numbers on a classical computer. A 500-digit number needs 10° times as many 
computational steps to factor as a 250-digit number. The latter classically requires ~ 5x10” 
computational steps, or about 150,000 years computing time at terahertz speed, to factor. Shor found a 
polynomial-time quantum algorithm that solves the problem of finding prime factors of a large integer. 
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He showed that his algorithm rises only polynomially so that a 500-digit number takes only eight times as 
many computational steps to factor as a 250-digit number. And by using the quantum factoring 
algorithm, a 250-digit number requires only ~ 5x10'° steps or < 1 second to factor at terahertz speed, so 
that a 500-digit number will take < 1 second to factor. No classical polynomial-time algorithm for this 
problem exists at present. This breakthrough generated a cottage industry of research into quantum 
computing and quantum information theory. 

IBM (2001) constructed a prototype quantum computer that uses the nuclear spins of seven atoms that 
are part of a large molecule with the iron-based chemical composition HsC;,O.FsFe. The computer uses 
entangled nuclear spins for storage and has a capacity of seven qubits (qubits are defined in the bulleted 
list in the next two paragraphs below). All of the Fluorine atoms in the large molecule are Fluorine 
isotope 19 and two of the Carbon atoms are Carbon isotope 13. All the other non-hydrogen atoms have 
even isotope numbers and no nuclear spins. The objective of the prototype quantum computer was to 
factor the number 15 into its two prime factors 3 and 5 by using Shor’s quantum factoring algorithm. The 
quantum computation required that a sample of ~ 10'° of the large molecules be placed in a magnetic field 
and manipulated by nuclear magnetic resonance (NMR) techniques. This mechanism allows the spins to 
function as qubits, whereby Schor’s algorithm can be performed via manipulation of the NMR fields. 
NMR was used to implement quantum computing in this prototype, because the nuclear spins are well 
isolated from decoherence as a result of the very long decoherence time (the time after which quantum 
coherence is lost due to environmental noise) in the system. 

To factor larger numbers will require a system that uses more than seven qubits. It is estimated that a 
quantum computer using ~ 36 qubits could very quickly perform computations that would require a 
conventional computer = 13 billion years to perform. And such a computer could solve one of the 
technical problems of human teleportation discussed in Section 3.1. However, a scale-up in the number 
of qubits is difficult because the IBM prototype has reached the technology limit of NMR quantum 
computing. The prototype’s operation requires that all of the qubits must be in the same molecule. And 
molecules with more than seven spins that can be used as qubits are not feasible at present. However, 
there are alternative technologies for quantum computing that show promise for scaling up the number of 
qubits. The technologies of nuclear spin orientation of single atom impurities in semiconductors, electron 
spin orientation in quantum dots, and the manipulation of magnetic flux quanta in superconductors all 
show promise of providing a basis for scalable quantum computers. Finally, the primary technical 
problem in quantum computing at the present time is decoherence, and this must be eliminated or 
otherwise mitigated before new quantum technology can become competitive with conventional computer 
technology. 

A byproduct of the recent quantum computing and information research is that a modern theory of 
entanglement has emerged. Researchers now treat entanglement as a quantifiable physical resource that 
enables quantum information processing and computation. Entanglement is no longer treated as a 
paradox of quantum theory. It has been recently discovered that (Nielsen and Chuang, 2000; Nielsen, 
2003; Terhal et al., 2003): 


e various kinds of pure and mixed entangled states may be prepared in addition to the simple pure- 
state superpositions that was described in the previous section 


e the members of an entangled group of objects do not have their own individual quantum states, 
only the group as a whole has a well-defined state (1.e., “the whole is greater than the sum of its 
parts”’) 


e entangled objects behave as if they were physically connected together no matter how far apart 
they actually are, distance does not attenuate entanglement in the slightest — it has been 
demonstrated that information can be teleported over 40 km using existing technology (H. 
Everitt, Army Research Office, 2000) 
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e if something is entangled with other objects, then a measurement of it simultaneously provides 
information about its partners 


® some quantum systems can have a little entanglement while others will have a lot 
e the more entanglement available, the better suited a system is to quantum information processing 


e decoherence degrades the fidelity of the quantum link (i.e., the set of pure EPR entangled pairs) 
between two quantum systems, thus introducing a certain level of error in the exchange of 
quantum information between the systems; thus limiting our ability to perform quantum 
information processing (see more on this issue in the next paragraph below) 


e mixed entangled states may be measured, distilled, concentrated, diluted, and manipulated 


e the basic resource of classical information is the bit (i.e., the two values 0 and 1), while quantum 
information comes in quantum bits (1.e., qubits) that are described by their quantum state; qubits 
can exist in superpositions that simultaneously involve 0 and 1, thus giving them an infinite range 
of values; groups of qubits can be entangled; qubits must be insulated against decoherence, so 
that the coherent state of the quantum system in a quantum computer is preserved for a time that 
is long enough to set up a calculation, perform it, and read out the results 


® quantum computers processing qubits or entangled qubits can outperform classical computers; 
functional requirements of quantum computers: 


“* they must have the ability to initialize any qubit in a specified state, and to measure the 
state of a specific qubit 

“* they must have universal quantum gates, which are logical elements capable of arranging 
any desired logical relationship between the states of qubits 

“* they must also have a processor capable of interlinking quantum gates to establish rules 

and boundary conditions for their inter-relationships — in a quantum computation, the 

arrangement of quantum gates connects the qubits in a logical pattern, according to a 

program or algorithm, and after an interval the qubits assigned to the result are read out 


e® quantum error correction codes exist, whereby qubits are passed through a circuit (the quantum 
analogue of logic gates) that will successfully fix an error in any one of the qubits without 
actually reading what all the individual qubit states are; no qubit cloning is required 


e a completely secure quantum key can be generated and distributed (for communication and 
decoding of encrypted messages) using entangled photons has been demonstrated (Tittel et al., 
2000; Jennewein et al., 2000; Naik et al., 2000); any eavesdropper’s attempt to intercept the 
quantum key will alter the contents in a detectable way, enabling users to discard the 
compromised parts of the data 


e¢ in an experiment which verified that EPR entanglement obeys Special Relativity (Seife, 2000; 
Scarani et al., 2000; Gisin et al., 2000; Zbinden et al., 2000a, b), and involving a photon detector 
moving at relativistic speeds (for example, Bob moves away from Alice at close to the speed of 
light), investigators determined that quantum information via EPR photon pair entanglement must 
travel > 10’ times light speed (the photon detectors were 10.6 km apart) 
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investigators are still developing quantitative laws of entanglement to provide a set of principles 
for understanding the behavior of entanglement and how it is used to do information processing 


investigators are working to develop an understanding of the general principles that govern 
complex quantum systems such as quantum computers 


Other developments are equally as interesting or compelling. For example, the quantum state of the 
object we wish to teleport does not have to describe single microscopic systems like photons, ions, atoms 
or electrons. Quantum states can describe large collections of atoms like chemical compounds, humans, 
planets, stars, and galaxies. Hartle and Hawking (1983) even derived the quantum wavefunction of the 
Universe in closed form, although, it was extremely simplified and excluded the presence of quantum 
matter-energy. So it has become possible to consider teleporting large quantum systems. We summarize 
the more recent spectacular developments in the following: 


Generation of entanglement and teleportation by Parametric Down-Conversion (Bouwmeester et 
al., 1997; Zeilinger, 2003): EPR entangled photon pairs are created when a laser beam passes 
through a nonlinear B-barium borate or BBO crystal. Inside the crystal (BBO, for example) an 
ultraviolet photon (A = 490 nm) may spontaneously split into two lower energy infrared photons 
(A = 780 nm), which is called parametric down-conversion. The two “down-conversion” photons 
emerge as independent beams with orthogonal polarizations (horizontal or vertical). (The 
orthogonal polarization states represent a classic example of the discrete quantum state variables 
that can be teleported. Other examples of discrete quantum variables that have been teleported 
using other schemes include the nuclear magnetic spin of a hydrogen atom, electronic excitations 
of an effective two-level atom, elementary particle spins, etc.) In the two beams along the 
intersections of their emission cones, we observe a polarization-entangled two-photon state. For 
the experimental realization of quantum teleportation, it is necessary to use pulsed down- 
conversion. Only if the pulse width of the UV light, and thus the time of generating photon pairs 
is shorter than the coherence time of the down-converted photons, then interferometric Bell-state 
analysis can be performed. In this type of experiment, the pulses from a mode-locked Ti:Saphire 
laser have been frequency doubled to give pulses of ~ 200 fs duration (1 fs = 107'° second). The 
interfering light is observed after passage through IR filters of 4 nm bandwidth giving a 
coherence time of = 520 fs. After retroflection during its second passage through the crystal, the 
UV pulse creates another pair of photons. One of these will be the teleported photon, which can 
be prepared to have any polarization. Beam splitters and photon detectors are used to perform the 
Bell-state analysis during the standard teleportation process that ensues. See Figure 8 for a 
schematic showing the layout of a standard parametric down-conversion entanglement- 
teleportation experiment. 








Teleportation of squeezed states of light and continuous quantum state variables (Furusawa et al., 
1998: Se@rensen, 1998; Braunstein and Kimble, 1998; Opatrny et_al., 2000; Braunstein et al., 


2001; Zhang et al., 2002; Bowen et _al., 2002; Bowen et al., 2003; Zeilinger, 2003): Squeezed 
light (see Section A.2 in Appendix A) is used to generate the EPR entangled beams, which are 
sent to Alice and Bob. A third beam, the input, is a coherent state of unknown complex 
amplitude. This state is teleported to Bob with a high fidelity only achievable via the use of 
quantum entanglement. Entangled EPR beams are generated by combining two beams of 
squeezed light at a 50/50 beam splitter. EPR beam | propagates to Alice’s sending station, where 
it is combined at a 50/50 beam splitter with the unknown input state, in this case a coherent state 
of unknown complex amplitude. Alice uses two sets of balanced homodyne detectors to make a 
Bell-state measurement on the amplitudes of the combined state. Because of the entanglement 
between the EPR beams, Alice’s detection collapses Bob’s field (EPR beam 2) into a state 








Approved for public release; distribution unlimited. 


41 


conditioned on Alice’s measurement outcome. After receiving the classical result from Alice, 
Bob is able to construct the teleported state via a simple phase-space displacement of the EPR 
field 2. Quantum teleportation in this scheme is theoretically perfect, yielding an output state 
which equals the input with a fidelity F = 1. In practice, fidelities less than one are realized due 
to imperfections in the EPR pair, Alice’s Bell measurement, and Bob’s unitary transformation. 
By contrast, a sender and receiver who share only a classical communication channel cannot hope 
to transfer an arbitrary quantum state with a fidelity of one. For coherent states, the classical 
teleportation limit is F = 0.5, while for light polarization states it is F = 0.67. The quantum nature 
of the teleportation achieved in this case is demonstrated by the experimentally determined 
fidelity of F = 0.58, greater than the classical limit of 0.5 for coherent states. The fidelity is an 
average over all input states and so measures the ability to transfer an arbitrary, unknown 
superposition from Alice to Bob. This technique achieves the teleportation of continuous 
quantum state variables, as opposed to the discrete quantum state variables used in the Bennett et 
al. (1993) teleportation protocol and its variants. The teleportation of a squeezed state of light 
from one beam of light to another demonstrates the teleportation of a continuous feature (of light) 
that comes from the superpositions of an infinite number of basic states of the electromagnetic 
field, such as those found in squeezed states. This line of research also involves the experimental 
demonstration of the mapping of quantum states from photonic to atomic media via entanglement 
and teleportation. Hald et al. (1999) reported on the experimental observation of a spin-squeezed 
macroscopic ensemble of 10’ cold atoms, whereby the ensemble is generated via quantum state 
entanglement/teleportation from non-classical light to atoms. 
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Figure 8. Quantum Teleportation (From www.aip.org) 
At the sending station of the quantum teleporter, Alice encodes a “messenger” photon (M) with a specific 
state: 45 degrees polarization. This travels towards a beam splitter. Meanwhile, two additional entangled 
photons (A and B) are created. The polarization of each photon is in a fuzzy, undetermined state, yet the 
two photons have a precisely defined interrelationship. Specifically, they must have complementary 
polarizations. For example, if photon A is later measured to have horizontal (0 degrees) polarization, then 
the other photon must collapse into the complementary state of vertical (90 degrees) polarization. 
Entangled photon A arrives at the beam splitter at the same time as the message photon M. The beam 
splitter causes each photon to either continue toward detector 1 or change course and travel to detector 2. 
In 25% of all cases, in which the two photons go off into different detectors, Alice does not know which 
photon went to which detector. This inability for Alice to distinguish between the two photons causes 
quantum weirdness to kick in. Just by the very fact that the two photons are now indistinguishable, the M 
photon loses its original identity and becomes entangled with A. The polarization value for each photon 
is now indeterminate, but since they travel toward different detectors Alice knows that the two photons 
must have complementary polarizations. Since message photon M must have complementary 
polarization to photon A, then the other entangled photon (B) must now attain the same polarization value 
as M. Therefore, teleportation is successful. Indeed, Bob sees that the polarization value of photon B is 
45 degrees: the initial value of the message photon. 
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e Entanglement of Atoms (Hagley et al., 1997; Sackett et al., 2000): EPR entanglement at the level 


of atoms has been experimentally demonstrated using rubidium atoms prepared in circular 
Rydberg states (1.e., the outer electrons of the atom have been excited to very high energy states 
and are far from the nucleus in circular orbits). The experimental apparatus produces two 
entangled atoms, one atom in a ground state and the other atom in an excited state, physically 
separated so that the entanglement is non-local. And when a measurement is made on one atom, 
let us say the atom in a ground state, then the other atom instantaneously presents itself in the 
excited state — the result of the second atom wave function collapse, thus determined by the result 
of the first atom wave function collapse. This work is now evolving towards the demonstration 
of entanglement for molecules and larger entities followed by teleportation of their states. Bose 
and Home (2002) have improved on this concept by proposing a single, simple generic method by 
which any atoms, ions and macroscopic objects can be entangled and teleported. 


e Teleportation of an Atomic State via Cavity Decay (Bose et al., 1999; Sackett et al., 2000): It has 
been shown how the state of an atom trapped in a cavity can be teleported to a second atom 
trapped in a distant cavity simply by detecting photon decays from the cavities. 





e Biological Quantum Teleportation (Mavromatos et_al., 2002): There are several obstacles to 
teleporting large complicated objects, especially biological entities. Decoherence is the primary 
obstacle. That is because observable quantum effects in biological matter is thought to be 
strongly suppressed due to the macroscopic nature of most biological entities and the fact that 
such systems live at near room temperature, and there is always contact between biological 
entities and the environment (the source of decoherence). These conditions result in very fast 
collapse of pertinent quantum wavefunctions to one of the allowed classical states of the 
biological entity. Mavromatos et al. (2002) propose a daring model that predicts dissipationless 
energy transfer along shielded macromolecules at near room temperatures as well as quantum 
teleportation of states across microtubules and perhaps neurons. It is proposed that under certain 
circumstances it is in principle possible to obtain the necessary isolation against environmental 
decoherence, so that meso/macroscopic quantum coherence, and entanglement extending over 
scales that are larger than the atomic scale, may be achieved and maintained for times comparable 
to the characteristic times for biological and cellular processes. Microtubules are comprised of 
tubulin that is a common polar protein found in the cytoskeleton of eukariotic cells, which is 
especially enriched in brain tissue. The model treats microtubules as quantum mechanically 
isolated high-Q QED cavities, exhibiting properties analogous to those of electromagnetic 
cavities routinely used in quantum optics. The model builds a microtubule network that achieves 
quantum teleportation of coherent quantum states, leading to decoherence-resistant bulk quantum 
information processing and computing within the biological matter. It is speculated that the 
model can explain how consciousness works, and how the brain processes and computes 
information. 





e Teleportation of a laser beam with embedded radio signal (Bowen et al., 2003): The teleportation 


of a laser beam from one part of a lab to another has been demonstrated. Investigators embedded 
a radio signal into a laser beam, then disintegrated the beam and reassembled it a meter away, 
virtually instantaneously. The laser beam was destroyed in the teleportation process, but the radio 
signal survived. The laser light at one end of an optical communications system was 
disassembled and its replica was recreated elsewhere in the lab. Even though the laser beam did 
not survive teleportation, its encoded message did. This system could be used to transport secure 
data, such that it could become possible to construct a perfect cryptography system. When two 
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parties want to communicate with one another, one can enable the secrecy of the communication 
to be absolutely perfect. 


e Entanglement and Teleportation of a Macroscopic Ensemble of Atoms (Julsgaard et_al., 2001): 
Expanding upon the earlier work of Hald et al. (1999) and Sackett et al. (2000), investigators 
experimentally demonstrated the entanglement of two macroscopic objects, each consisting of a 
cesium gas sample containing ~ 10'* atoms. Entanglement is generated via interaction of the 
samples with a pulse of light, which performs a non-local Bell measurement on the collective 
spins of the samples. The entangled spin-state can be maintained for 0.5 milliseconds. The 
teleportation of macro-ensemble atom quantum states is expected to follow this experiment. This 
work is evolving towards the experimental demonstration of the Bose and Home (2002) proposal, 
which proved that there is a single generic process that can entangle and teleport any atoms, ions 
and macroscopic objects. 





e Entanglement/teleportation of internal state and external motion information of atoms (Opatmy 
and_Kurizki, 2001): Investigators propose an experiment for transmitting an atom’s full 
information, including its “external” states, such as its energy of motion. This procedure 
replicates the quantum features of the external motion of a particle. For example, if particle-to- 
be-teleported C yielded a diffraction pattern after passing through two slits, then the same pattern 
would be produced by particle B, which receives the teleported information. The researchers 
propose the following idea: Dissociate a very cold molecule with a laser pulse into two atoms 
(called A and B). Then manipulate the two atoms so that they become entangled: each one is in a 
fuzzy state individually, but has a precisely defined relationship with its partner. Then let one of 
the entangled particles (such as A) collide with particle C, whose unknown state should be 
teleported. After their collision, the momentum values of the collision partners A and C are 
measured. With that information, the researchers know how to “kick” and deflect atom B, so that 
the motion of B precisely emulates that of particle C. The investigators say that state-of-the-art 
equipment for studying atomic collisions and quantum effects makes this experiment difficult, but 
feasible, to do. If this proposal proves to be correct, then the implication is that it will become 
possible to experimentally expand this concept to the teleportation of a large ensemble of atoms, 
such that the entire physical motion and quantum states of the ensemble can be teleported. This 
could lead to the future development of a teleportation process similar to what was discussed in 
Section 3.1. 








e =Laser-like Amplification of Entangled Particles and Entangled-Photon Lasers (Lamas-Linares et 
al., 2001): Entangled particles are notoriously difficult to create in bulk. To create entangled 
photons, for example, researchers use the parametric down-conversion technique to send laser 
light through a barium borate crystal. Passing through the crystal, a photon sometimes splits into 
two entangled photons (each with half the energy of the initial photon). However, this only 
occurs for one in every ten billion incoming photons. To increase the yield, researchers added a 
step: they put mirrors beyond the crystal so that the laser pulse and entangled pair could reflect, 
and have the chance to interact. The entangled pair and reflected laser pulse interfere 
constructively to generate fourfold more two-photon pairs or interfere destructively to create zero 
pairs. Following these steps, the researchers increased production of two-photon entangled pairs, 
and also of more rare states such as four-photon entangled quartets. This achievement could 
represent a step towards an entangled-photon laser, which would repeatedly amplify entangled 
particles to create greater yields than previously possible, and also towards the creation of new 
and more complex kinds of entangled states. 





This list is by no means complete as new developments in this field continue to arise. 


Approved for public release; distribution unlimited. 


45 


3.3 Conclusion and Recommendations 


Given the incredible advancements that have been made in the entanglement and teleportation of 
macroscopic objects the size of 10’” atoms, we are still very far away from being able to entangle and 
teleport human beings (and even simpler biological entities such as cells, etc.) and bulk inanimate objects 
(tools, technical equipment, pencils and pens, weapons platforms, communications devices, personal 
hygiene supplies, etc.). There still remain four essential problems: 


> One needs an entangled pair of such bulk objects. 


> The bulk objects to be entangled and teleported must be in a pure quantum state (as in a 
Bose-Einstein condensate, for example). And pure quantum states are very fragile. 


> The bulk objects to be entangled and teleported must be extremely isolated from the 
environment to prevent the onset of decoherence. 


> The  Bell-state measurement of animate or inanimate objects during 
entanglement/teleportation will require extracting an amount of information (in bits) that 
equals or exceeds the number of atoms contained within the object. This infers that the 
computer storage and processing requirements to entangle and teleport a complete bulk object 
will be astronomically huge (recall the discussion in Section 3.1). 


It is difficult to imagine how we can achieve an extreme level of environmental isolation for an 
object, let alone a living being that breathes air and radiates heat. Experiments with atoms and larger 
objects must be done in a high vacuum to avoid collisions with molecules. Thermal radiation from the 
walls of a teleportation apparatus would easily disturb a tiny amount of matter. At present, decoherence 
imposes a fundamental limit on quantum entanglement and teleportation. Decoherence is the primary 
reason why we do not routinely see any quantum effects in our everyday world. Research is continuing 
on whether decoherence can be reduced, circumvented, or otherwise be eliminated. And some minor 
progress has been made in that direction. 

In q-Teleportation it is the guantum states of the objects that are destroyed and recreated, and not the 
objects themselves. Therefore, q-Teleportation cannot teleport animate or inanimate matter (or energy) in 
its physical entirety. However, some experts argue that because an object’s quantum state is its defining 
characteristic, teleporting its quantum state is completely equivalent to teleporting the object, even though 
the original object’s quantum state (and defining characteristic) was completely destroyed in the process. 
This goes to the heart of what is meant by identity. When an object has all the right properties and 
features, it will be the same object that one observes whether it was observed now or 24 hours ago. 
Quantum physics reinforces the point that objects of the same type in the same quantum state are 
indistinguishable from each other. One should, according to this quantum principle, be able to swap all 
the atoms in a particular object with the same atoms from a mound of raw materials, and reproduce the 
original object’s quantum states exactly with the end result that the new object is identical to the original. 
Last, we do not know how to put a human being into a pure quantum state or what doing so would mean 
for biological functioning (including brain function), but we do know how to put < 10’ gas atoms/ions 
and a beam of photons into a pure state in practice. Further research will be required to ascertain whether 
microbiological and higher-level biological systems, in addition to bulk inanimate matter, can be put into 
pure quantum states and entangled/teleported. 

To perform a Bell-state measurement on (bulk) animate or inanimate objects, during the 
entanglement/teleportation process, to extract and encode its information will require extracting an 
amount of information (in bits) that equals or exceeds the number of atoms contained within the object. 
An object containing a few grams of matter will require the extraction of > 10” bits of data. A simple 
virus of ~ 10’ atoms would require the extraction of > 10° bits of information during the 
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entanglement/teleportation process, whereas the extraction of a minimum of 10° kilobytes will be 
required to encode and store an entire human being. This is beyond the capability of present digital 
electronic computer technology to store and process. It is difficult to see how far computer technology 
will advance towards meeting this requirement. 

It is difficult to fathom what will be in store for the teleportation of human beings given some 
possible future technology. What about the effects of the q-Teleportation process on the human 
consciousness, memories and dreams, and the spirit or soul? We know from quantum physics that “the 
whole is greater than the sum of its parts.” So what happens to the fundamental characteristics of a 
human being when he/she steps into the teleporter-transmitter, where their quantum states (i.e., their 
complete identity) are destroyed during the quantum entanglement/teleportation process, and then their 
copy is created at the teleporter-receiver an instant later? What will things be like during the 
entanglement process? Will a teleported individual’s consciousness, memories and dreams, and 
spirit/soul be successfully and accurately teleported or not? This is a major ethical and technical question 
that will have to be addressed by future research. 


eRecommendations: 


> Broad-spectrum Quantum Computing Technology Development Program: At present, the 
Quantum Information Science Program (QISP) is coordinated by the U.S. Army Research Office 
with funding and support from the Army, the National Security Agency, DARPA, and the Office 
of the Deputy Director of Defense for Research and Engineering. The Naval Research Lab and 
the CIA are both involved in their own programs. The CIA vets new commercial development of 
computer technology and computer information processing via its In-Q-Tel company (reference 
44). This includes R&D on quantum entanglement and teleportation for computer, information 
processing and secure communications. QISP was funded for $19 million in 1999. The program 
involves 34 projects by researchers at 21 universities, three government laboratories and two 
corporate laboratories. QISP goals include building a quantum computer, developing quantum 
information processing, and further advances in quantum teleportation. The AFRL should join 
QISP and provide partnership funding on the order of $1 million per year. An alternative to this 
would be for AFRL to collaborate with In-Q-Tel and participate in its technology R&D venture 
capital programs. This R&D investment would allow the Air Force to acquire very advanced 
quantum physics and related technological applications that can support its mission. The R&D 
investment benefits would include the development and implementation of quantum 
computing/information processing and secured quantum communications technology, which can 
significantly enhance the performance and security of Air Force computing and communication 
systems infrastructure, and aerospace weapons systems. 








> Quantum Cryptography: A dedicated research program should be implemented to develop a 
mature quantum cryptography technology. Theoretical and experimental work is in progress 
among a small number of select groups (QISP, In-Q-Tel, universities, etc.), but this field is not 
advancing fast enough for practical applications to become available to meet increasing 
adversarial threats against secured military and intelligence communications. The goal of 
proposed quantum cryptography research is to bring the theoretical and experimental foundation 
of quantum cryptography and secure quantum information processing to maturity, and to fully 
develop and implement quantum entanglement/teleportation-based cryptography technology. 
Recent experimental work has demonstrated that a completely secure quantum key can be 
generated and distributed for the communication and decoding of encrypted messages using 
entangled photons. Any eavesdropper’s attempt to intercept the quantum key will alter the 
contents in a detectable way, enabling users to discard the compromised parts of the data. There 
is much more work that needs to be done in this area. I recommend that the AFRL implement a 
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$1 million/year program for five years in order to advance the state-of-art in quantum 
cryptography technology. 


> Quantum Decoherence: Decoherence is the primary reason why we do not routinely see any 
quantum effects in our everyday world. And it imposes a fundamental limit on quantum 
entanglement and teleportation via the interaction between entangled/teleported quantum systems 
and their local environment. In order to advance quantum entanglement/teleportation physics and 
develop applied technologies, it is necessary that a research program be implemented by the 
AFRL to explore whether decoherence can be significantly reduced, circumvented, or otherwise 
be eliminated. An insufficient number of small university groups have slowly made minor 
progress in this direction. I recommend that a $500,000 - 750,000 per year R&D program be 
conducted for five years to overcome this technical challenge. 


> Pure Quantum States: In order to entangle and teleport quantum particles and bulk objects, they 
both must be prepared in a pure quantum state. And pure quantum states are very fragile to 
decoherence. A technical challenge for entanglement/teleportation physics is whether the 
requirement for pure quantum states can be relaxed and how much decoherence will play a role in 
this situation, what technical challenges will arise when increasing the size of 
entangled/teleported matter to larger macroscopic scale (>> 10'* atoms), and whether matter of 
mixed composition (such as a gas or Bose-Einstein condensate of mixed atomic elements) can be 
entangled/teleported in both pure and mixed quantum states. I recommend that a $250,000 — 
500,000 per year research program be conducted for five years to study this problem. 








> Entangling Bulk Matter and Bell-State Measurement to Extract Information: Recent experiments 
demonstrated the entanglement of two macroscopic objects, each consisting of a cesium gas 
sample containing ~ 10'* atoms. Entanglement was generated via interaction of the samples with 
a pulse of light, which performs a non-local Bell measurement on the collective spins of the 
samples. In order to push the envelope on this development and take it to higher practical levels, 
it will be necessary to ascertain the limit on the size and composition of bulk matter entanglement 
(given the decoherence and pure-state constraints); and to determine what other quantum states 
can be used for entanglement, what other Bell-state measurement techniques can be used, and 
whether multiple quantum states can be entangled. The chief technical challenge is the computer 
technology that will be required to facilitate the huge amount of data that must be extracted, 
processed and stored from bulk matter quantum states during the Bell-state measurement process. 
I recommend that a $500,000 — 1 million per year research program be implemented for five 
years in order to explore these questions and ascertain what solutions may be technically 
available, and to develop such solutions. 


> Biological Quantum Teleportation: The Mavromatos et al. (2002) theoretical model for biological 
entanglement and teleportation is a remarkable concept that could result in the development of a 
workable physics theory of consciousness. The model has potential applications to advanced 
quantum computing/information processing physics and the physics of psi phenomena (see 
Chapter 5). A research program should be implemented to continue the Mavromatos et al. (2002) 
work and bring their model to theoretical maturity. It is recommended that this program be 
funded at $500,000 — 800,000 per year for five years. A parallel or follow-up program should be 
implemented to experimentally test this model and ascertain any useful technological 
applications. One application that should be explored in the proposed research program is 
advanced, ultra-fast, ultra-high-capacity quantum computing and information processing using 
natural and/or artificial biological systems. The parallel or follow-up experimental research 
program should be funded at $800,000 — 1.5 million per year for five years. 
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e FTL Communication: Experiments verifying that EPR entanglement obeys Special Relativity 
(Seife, 2000; Scarani et al., 2000; Gisin et al., 2000; Zbinden et al., 2000a, b) determined that 
quantum information via EPR photon pair entanglement must travel > 10’ times light speed. Can 
this mechanism be exploited to achieve FTL communication? If so, then the potential military 
and commercial applications will be revolutionary, and the science and industry of 
communications will be forever transformed. A comprehensive theoretical and experimental 
research program should be implemented to answer this question. It is recommended that this 
program be funded at $700,000 — 1 million per year for five years. A modest experiment 
definition study should be funded at $80,000 for one year to delineate the most promising 
experimental approaches to be used for the larger research program. [There is much controversy 
and debate over FTL (a.k.a. superluminal) signals/communication, and the reader should see the 
selected superluminal references in the Teleportation References section of this study. ] 





> New Entanglement/Teleportation Breakthroughs: The most exciting developments in quantum 
teleportation physics has included the teleportation of a laser beam with an embedded radio 
signal, the teleportation of squeezed states of light (and hence, continuous quantum state 
variables), the teleportation of photon states to atoms/ions (from light to matter!), the 
entanglement of two similar/dissimilar quantum particles that are created by two (independently) 
different particle sources, the laser-like amplification of entangled particle/photon pairs, 
parametric down-conversion entanglement and teleportation (of discrete quantum state variables), 
quantum cryptography with unbreakable keys, the teleportation of quantum information at speeds 
> 10’ times light speed, the entanglement and teleportation of macroscopic (10'* atoms) matter 
quantum states, etc. There is also the yet-untested proposal to entangle/teleport the external 
physical motion and internal quantum state information of atoms. This shows that quantum 
physics sets no apparent limit on what it is that can be teleported/entangled and how it is to be 
teleported/entangled, or where it is to be teleported/entangled. At present teleportation 
technology requires fiber optic and coaxial cables to teleport quantum state information from one 
location to another. Can we avoid the use of cables and teleport through free space? [Note: 
Before this report went to press, Aspelmeyer et al. (2003) reported their outdoor experiment that 
demonstrated the distribution of quantum entanglement (of laser photons) via optical free-space 
links to independent receivers separated by 600 m across the Danube River (during inclement 
nighttime weather), with no line of sight between them. This experiment is revolutionary and 
begins the step toward conducting satellite-based distributed quantum entanglement.] We have 
not discovered all the possibilities that nature has in store for us. The present breakthrough 
discoveries will likely introduce novel military and intelligence technology applications in the 
near and far future. But further R&D must be conducted in order to discover new applications for 
these recent breakthroughs, to make additional breakthroughs and discoveries, and to advance the 
state-of-art in quantum teleportation physics to meet future challenges to the Air Force mission. I 
recommend that a two-track R&D program be implemented over five years. The first track 
should be funded at $250,000 — 750,000 per year for the purpose of developing new 
entanglement/teleportation breakthroughs in quantum teleportation physics. The second track 
should be funded at $750,000 — 1.5 million per year for the purpose of developing applications 
for any new breakthroughs with the proviso that such applications benefit the Air Force mission 
and have commercial dual-use capability to leverage advance technology in the private sector. 
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4.0 e-TELEPORTATION 


4.1 Extra Space Dimensions and Parallel Universes/Spaces 


A literature search for proposed e-Teleportation concepts based on the conveyance of objects through 
extra space dimensions and/or parallel universes/spaces has yielded only one result (see Section 4.2). The 
present state-of-art in research on parallel universes/spaces and extra space dimensions has been strictly 
limited to the work on developing a grand unified quantum field theory and a quantum theory of gravity, 
whereby the former necessarily includes the latter. Quantum gravity/unified field theory research has 
been evolving since the 1920s when Kaluza and Klein published the first papers to describe a model for 
the unification of gravity with electrodynamics. Many of the more prominent theories today invoke extra 
spatial dimensions, the existence of parallel universes/spaces, or both in order to quantise gravity and/or 
to unify gravity with the other forces of nature. It is beyond the scope of this study to provide an in-depth 
review of all of the research that has been done in this area, so we list below a select few of the 
historically prominent models that have largely gained a secure foothold in present-day research: 


> Kaluza-Klein Electromagnetic-Gravity Unification Theory/Modern Kaluza-Klein Gravity 
Theories (Kaluza, 1921; Klein, 1926; de Sabbata and Schmutzer, 1983; Lee, 1984; Appelquist et 
al., 1987; Kaku, 1993, 1994; Overduin and Wesson, 1998): It was originally suggested that 
Maxwellian electrodynamics and Einstein gravitation could be unified in a theory of five- 
dimensional Riemannian geometry, where the gravitational and electromagnetic potentials 
together would determine the structure of spacetime. The fifth space dimension is curled up into 
a ball of space with a radius slightly larger than 107° m, and it was originally regarded as having 
no physical significance because it was simply a mathematical tool used to catalyze unification. 
At present, the generic name of Kaluza-Klein stands for a wide variety of approaches to 
quantising and unifying gravitation with other quantum fields using any number of dimensions 
greater than four. 





> Superstring Theories (Green, 1985; Kaku, 1988, 1993, 1994): These theories come in a wide 
variety of interrelated concepts, and they are a highly evolved form of Kaluza-Klein theories. 
They are based on the dynamics of string-like fundamental quanta, whereby the observed 
fundamental particles are manifested by the vibrational ground or excitation states of a quantum 
string (open or closed loop). The superstrings are ~ 10° m (i.e., the Planck length) in size. 
There are different versions of these theories that require ten, eleven or twenty-six extra space 
dimensions to unify and quantise gravity, whereby the extra dimensions are curled up (.e., 
compactified) into balls of space with a radius < 10°° m. These theories later evolved into 
versions that are now called F- and M-theory. The mathematics behind this class of theories is 
very ugly, and it is difficult for even the best superstring theorists to make simple or sophisticated 
calculations and predictions. And so far, this class of quantum gravity theories has escaped 
experimental verification. 





> D-Brane and 3-Brane Theories/Parallel Spaces (Rubakov and Shaposhnikov, 1983a, b; 
Polchinski, 1995; Antoniadis et al., 1998; Randall and Sundrum, 1999a, b; Weiss, 2000; Pease, 
2001; Arkani-Hamed et al., 1998, 2000, 2002): D-brane theory is a recent incarnation of the 
original superstring theories in which open strings, corresponding to the fundamental particles of 
the standard model (quarks, leptons, gauge bosons), have their free ends stuck on a (hypersurface) 
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membrane called a D-brane (D = Dirichlet boundary conditions). But the graviton, which 
corresponds to a closed loop of string, can propagate in all the dimensions. It provides both 
unification and quantization of gravity by assuming that there are n new spatial dimensions in 
addition to the three infinite spatial dimensions we know about. And the extra space dimensions 
are ~ 10-*° min extent. A very recent alternative version of this model is called “3-brane” theory. 
In this theory, each of the n extra space dimensions is of finite extent R ~ 2x10°””"""’ centimeters. 
The space spanned by the new dimensions is called “the bulk.” In this theory, the particles of the 
standard model live within our familiar realm of three spatial dimensions, which forms a three- 
dimensional (hypersurface) membrane or “3-brane” within the bulk. The propagation of 
electroweak and strong nuclear forces is then confined to our 3-brane. However, at distances (r) 
less than R, gravity (via gravitons) propagates in the full (3 + 1)-dimensional space, whereby its 
strength falls as 7°” with increasing separation r. When r > R, the gravitational force reverts to 
its normal Newtonian 7” falloff because there is no longer any extra-dimensional space for it to 
spread into. If n = 1, then the size of the extra-dimension would have to be R ~ 2x10'° cm (or 
2x10'° km = 133.3 AU; 1 AU = 1.5x10* km is the mean Earth-Sun distance) in order to account 
for the weakness of gravity, but an extra space dimension this large would have already made 
itself obvious in the observed dynamics of the solar system. For this reason, investigators have 
discounted the possibility that n = 1. Ifn = 2, then the size of both extra space dimensions would 
have to be R = 0.2 cm (or 2 mm). In any case, inconspicuous neighboring 3-branes may be 
separated from the 3-brane we live on by only a fraction of a millimeter, or even much smaller 
distances, across the higher-dimensional bulk. Such neighboring 3-branes may be distant folds of 
our own 3-brane, with the same physics, but able to influence us across shortcuts through the 
bulk. Or they may be completely separate 3-branes possessing their own fundamental laws and 
parameters of nature that are completely different from our own. Several tabletop Cavendish- 
type experiments are now looking for sub-millimeter deviations from Newtonian gravitation as a 
first step towards verifying 3-brane theory, and other experiments are now being planned or are 
already underway (Pease, 2001). At present the preliminary experimental results have been 
negative for the existence of extra space dimensions, and the experimental data suggests that two 
extra space dimensions are now constrained to length scales << 0.2 — 0.3 millimeters while seven 
extra space dimensions can be no larger than 2 femtometers (Pease, 2001). 


> Parallel Universes/Parallel Spaces (Everett, 1957; Wheeler, 1957, 1962; DeWitt, 1970; DeWitt 
and Graham, 1973: Jammer, 1974; Davies, 1980; Wolf, 1988: Kaku, 1994: Visser, 1995 and 


Section 2.1): There are only two other research tracts that are concerned with parallel universes 
besides 3-brane theory. The first tract is the traversable wormhole research that was discussed in 
Section 2.1. Traversable wormholes can connect many different universes in the “multiverse” 
(i.e., a conglomeration of many universes), and these are called inter-universe wormholes. 
However, traversable wormhole physics (a.k.a. Einstein’s General Relativity Theory) does not 
provide a physical prescription for the existence and nature (i.e., fundamental parameters and 
physical laws) of other putative universes. The difference between inter-universe and intra- 
universe (i.e., two distant regions of one universe are connected with each other) wormholes 
arises only at the level of global geometry and global topology. Local physics near the throat of a 
traversable wormhole is insensitive to issues of intra-universal or inter-universal travel. An 
observer in the vicinity of the throat, while making local measurements, would not be able to tell 
whether he was traveling to another universe or to a remote part of our own universe. And one 
cannot rely on the topological (as opposed to geometrical) information to determine which is the 
case, because topological information is not enough to uniquely characterize an inter-universe 
connection. And General Relativity Theory does not fix the topology of spacetime, so we cannot 
ascertain the existence of other universes. [Note: Traversable wormholes are also geometrically 
possible for higher dimensional spaces.] The second tract is the “Many Worlds” interpretation of 
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quantum theory. This version of quantum theory requires the simultaneous existence of an 
infinite number of equally real worlds, all of which are more-or-less causally disjoint, in order to 
interpret consistently the relationship between observed phenomena and observers. The theory 
was proposed in an attempt to overcome a number of deep paradoxes inherent in the 
interpretation of the theory of measurement and quantum theory. The Many Worlds theory 
argues that quantum theory requires the existence of a “superspace” of worlds spanning the range 
of all possible quantum observations (or quantum measurements). Through our acts of 
measurement we are imagined to trace a path through the mesh of possible outcomes. All the 
“worlds” are causally disjoint, and the uncertainty of quantum observation can be interpreted as 
an artifact of our access to such a limited portion of the superspace of possible worlds. The 
evolution in the superspace as a whole is entirely deterministic. 


At present, none of the theoretical concepts outlined above have been brought to a level of technical 
maturity, where it becomes meaningful to ascertain whether any form of e-Teleportation is theoretically 
possible between extra space dimensions and different or parallel universes/spaces. However, as 
mentioned in the item on parallel universes/parallel spaces, there is the exception that traversable 
wormholes (three- and higher-dimensional) provide a solid physics principle for the implementation of 
teleportation between parallel universes/spaces. And traversable wormholes can be devised to connect 3- 
branes together. See Section 2.1 for the discussion on teleportation via traversable wormholes. Also, 
Kaluza-Klein theories, superstring theories and D-brane theory all have the common feature that their 
extra space dimensions are < 10° m in extent, which makes it impossible for any useful form of 
macroscopic-level teleportation to occur between space dimensions. Last, it is not yet possible to do 
theoretical calculations or even experimentally verify most of these theories. Three-brane theory is the 
best parallel space theory there is, with the possibility that macroscopic-level teleportation is possible 
between space dimensions (only if the extra space dimension(s) has length scale(s) >> millimeters). But 
this theory is still in the stage of maturing theoretically and achieving experimental verification (or 
falsification). Therefore, we can go no further in this section. 


4.2 Vacuum Hole Teleportation 


An unusual teleportation concept has been proposed by Leshan (1999, 2002), which describes the 
teleportation of objects throughout our universe by using the geometrical properties of spacetime. The 
proposal posits that there is a “zero-space” that exists outside the boundary of our universe, whereby this 
zero-space is a “point form” space, where the distance between any two points is always equal to zero. 
Leshan also calls this space a “hole.” Further requirements and assumptions of the model are: 


Q time does not exist as a property in zero-space 





Q the cosmological principle (i.e., there are no privileged frames relative to another place or point in 
the universe) requires that the boundary or border of the universe must pass through every point 
of space 


Q virtual holes (or zero-space) in spacetime must exist at every point of the universe, which are also 
called “vacuum holes” 





Q vacuum holes exist as virtual particles 


The last item is interesting because it implicitly says that vacuum holes (a.k.a. zero-space) must also be 
virtual particles, and in Section 2.2 we showed that virtual particles are a representation of the vacuum 
ZPF. Therefore, this infers that vacuum holes can be considered to be vacuum zero-point fluctuations in 
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Leshan’s model. Thus, a teleportation mechanism can arise in this model because distances between 
zero-space and any other point in the universe are zero, so that the vacuum holes can potentially exist at 
every point in the universe simultaneously. Therefore, if an object is sent “out of the universe” and into a 
vacuum hole (a.k.a. zero-space), then the object can appear at random at any spacetime point in the 
universe. 

The mechanism for teleportation in this model is: 


> to send an object outside of the universe by creating a closed surface (i.e., “hole sphere”), which 
consists of vacuum holes, around the object; 


> while inside the hole sphere, the object then ceases to exist because objects cannot really exist 
outside of the universe; 


> however, the object simultaneously exists at any other remote location in the universe (via the 
cosmological principle) at the instant it became enclosed by the hole sphere; 


> therefore, it has been teleported to some remote location in the universe 


Leshan points out that the teleportation device must curve spacetime so that the starting and destination 
points in the universe coincide, and the curved geometry must be similar to that of a black hole for an 
instant, so that a channel between the two points can be formed. (This sounds suspiciously like creating a 
traversable wormhole via an Einstein-Rosen bridge, which can be made traversable by perturbing the 
Schwarzschild spacetime metric an infinitesimal amount.) There is no space to traverse, so therefore 
there will be no passage of time during teleportation. The only expenditure of energy in this teleportation 
scheme is the energy that will be needed to curve spacetime. 

This teleportation concept is very convoluted. Leshan does not offer any further explanations that 
are useful nor does he offer any precise technical description for the vacuum holes, and how they are to be 
produced and manipulated. There is also no mathematical physics derivation published by Leshan to 
support this concept. I am totally unable to evaluate this concept in the absence of a rigorous theoretical 
framework. This concept is too sketchy and full of technical “holes” to seriously consider it any further 
for this study. The reader should note that it has already been demonstrated that traversable wormholes 
are the best physical principle available to implement teleportation between universes and extra space 
dimensions. 


4.3 Conclusion and Recommendations 


At present, none of the theoretical concepts explored in this chapter have been brought to a level of 
technical maturity, where it becomes meaningful to ascertain whether any form of e-Teleportation is 
theoretically possible between extra space dimensions and different or parallel universes/spaces. 
However, there is the exception that traversable wormholes (three- and higher-dimensional) provide a 
solid physics principle for the implementation of teleportation between parallel universes/spaces. And 
traversable wormholes can be devised to connect 3-branes together. Kaluza-Klein, superstring and D- 
brane theories do not allow for any useful form of macroscopic-level teleportation to occur between space 
dimensions, because these theories require that the extra space dimensions be < 10*° m in extent. Last, it 
is not yet possible to do theoretical calculations to make predictions or even to experimentally verify most 
of these theories. Three-brane theory is the best parallel space theory there is with the possibility that 
macroscopic-level teleportation is possible between space dimensions. But this theory is still in the stage 
of maturing theoretically and getting experimental verification. 
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eRecommendations: 


> The recommendations outlined in Section 2.3 are relevant to the investigation of the possibility 
for e-Teleportation. 
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5.0 p-TELEPORTATION 


5.1 PK Phenomenon 


P-Teleportation is a form of psychokinesis (or PK) similar to telekinesis but generally used to 
designate the movement of objects (called apports) through other physical objects or over great distances. 
Telekinesis is a form of PK, which describes the movement of stationary objects without the use of any 
known physical force. And PK is essentially the direct influence of mind on matter without any known 
intermediate physical energy or instrumentation. Rigorously controlled modern scientific laboratory PK, 
and related psychic (a.k.a. “psi”, “paranormal” or parapsychology), research has been performed and/or 
documented by Rhine (1970), Schmidt (1974), Mitchell (1974a, b, see also the references cited therein), 
Swann (1974), Puthoff and Targ (1974, 1975), Hasted et al. (1975), Targ and Puthoff (1977), Nash (1978, 
see also the references cited therein), Shigemi et al. (1978), Hasted (1979), Houck (1984a), Wolman et al. 
(1986, see also the references cited therein), Schmidt (1987), Alexander et al. (1990), Giroldini (1991), 
Gissurarson (1992), Radin (1997, see also the references cited therein), Tart et al. (2002), Shoup (2002), 
and Alexander (2003). 

A well-known theoretical/experimental/operational program directed by H. E. Puthoff, R. Targ, E. 
May and I. Swann was conducted at SRI International and the NSA, and sponsored at various times by 
the Central Intelligence Agency (CIA), the Defense Intelligence Agency (DIA), and the Army 
Intelligence and Security Command (INSCOM) over more than two decades; and the program was later 
carried on by E. May at SAIC (Alexander, 1980; Puthoff, 1996; Targ, 1996; Schnabel, 1997; Tart et al., 
2002). This was called the Remote Viewing program, and it was a compartmentalized special access 
program possessing a variety of codenames during its 22 years of operation. Remote viewing involves 
precognition and clairvoyance, and it allows a practitioner to acquire information irrespective of 
intervening distance or time. The Remote Viewing program ended in 1994 and President W. J. Clinton 
officially declassified it in 1995. The reader should note that the very first U. S. military-intelligence 
R&D programs on psi, PK and mind control were conducted by H. K. (Andrija) Puharich, M.D., L.L.D 
during his military service at the Army Chemical and Biological Warfare Center at Fort Detrick, 
Maryland in the 1940s-50s. Puharich had an interest in clairvoyance and PK, and dabbled in theories for 
electronically and pharmaceutically enhancing and synthesizing psychic abilities. While in the Army, 
Puharich took part in a variety of parapsychology experiments, and he lectured Army, Air Force and 
Navy groups on possibilities for mind warfare. He was a recognized expert in hypnotism and 
microelectronics. 

PK phenomenon was also explored in the Remote Viewing program. Col. J. B. Alexander (USA ret.) 
credits professional aerospace engineer Jack Houck for “capturing PK phenomenon and transitioning it 
into an observable form” (Houck, 1982, 1984a, b; Alexander et al., 1990; Alexander, 2003). During the 
past three decades, Houck (along with Alexander) held a number of PK sessions, whereby attendees are 
taught the PK induction process, and initiate their own PK events using various metal specimens (forks, 
spoons, etc.). Individuals were able to completely bend or contort their metal specimens with no physical 
force being applied whatsoever. Numerous government science advisors and senior military officials 
took part in and/or witnessed these events, which took place at the Pentagon, at officers’ or scientists’ 
homes, and at one quarterly INSCOM retreat attended by the commanding general and a group of 
colonels and generals commanding INSCOM units around the globe. Spontaneous deformation of the 
metal specimens was observed at the PK session conducted during the INSCOM retreat, causing a great 
deal of excitement among those present. Other notable trained observers were also present at this session, 
and they critically reviewed the events. Psychic Uri Geller (1975) is the original model for demonstrating 
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PK metal bending. During a talk that he gave at the U.S. Capitol building, Uri caused a spoon to curve 
upward with no force applied, and then the spoon continued to bend after he put it back down and 
continued with his talk (Alexander, 1996). Jack Houck continues doing extensive experimental work and 
data collection on micro- and macro-PK phenomena. Scientifically controlled PK experiments at the 
Princeton University Engineering Anomalies Research Laboratory were conducted by Robert Jahn (Dean 
Emeritus of the School of Engineering), who reported that repeatedly consistent results in mentally 
affecting material substances has been demonstrated in the lab (Jahn and Dunne, 1987). In the 1980s, 
Jahn attended a meeting on the PK topic at the Naval Research Laboratory, and warmed that foreign 
adversaries could exploit micro- or macro-PK to induce U.S. military fighter pilots to lose control of their 
aircraft and crash. 

Very early investigations of, and experiments on, p-Teleportation occurred during the 19" and early 
20" centuries. Many cases that were studied, and the experiments that were performed, were undoubtedly 
due to fraud, and few experiments have occurred under controlled conditions during that period. 
However, most of the credible, scientific reports of p-Teleportation phenomenon and related (controlled) 
experiments occurred in the late 20" century (see for example, Alexander et al., 1990; Radin, 1997). 
Some of that scientific work involved the investigation of Uri Geller and a variety of other recurrent 
spontaneous PK phenomena (Hasted et al., 1975; Puthoff and Targ, 1975; Targ and Puthoff, 1977; Nash, 
1978; Wolman et al., 1986). Psychics Uri Geller (1975) and Ray Stanford (1974) claimed to have been 
teleported on several occasions. Most claimed instances of human teleportation of the body from one 
place to another have been unwitnessed. There are also a small number of credible reports of individuals 
who reported being teleported to/from UFOs during a UFO close encounter, which were scientifically 
investigated (Vallee, 1988, 1990, 1997). But there are a larger number of such reports that are anecdotal, 
whereby the witness data tends to be unreliable. However, we will confine our discussion to the 
controlled laboratory experiments that have been performed and reported. 

One of the more interesting examples of controlled experiments with Uri Geller was one in which he 
was able to cause a part of a vanadium carbide crystal to vanish (Hasted et al., 1975). The crystal was 
encapsulated so it could not be touched, and it was placed in such a way that it could not be switched with 
another crystal by sleight of hand. A more spectacular series of rigorously controlled (and repeatable!) 
laboratory experiments occurred in the Peoples Republic of China (PRC). In September 1981, an 
extraordinary paper was published in the PRC in the journal Ziran Zazhi (transl.: Nature Journal), and this 
paper was entitled, “Some Experiments on the Transfer of Objects Performed by Unusual Abilities of the 
Human Body” (Shuhuang et al., 1981). The paper reported that gifted children were able to cause the 
apparent teleportation of small objects (radio micro-transmitters, photosensitive paper, mechanical 
watches, horseflies, other insects, etc.) from one location to another (that was meters away) without them 
ever touching the objects beforehand. The experiments were operated under exceptionally well- 
controlled conditions (both blind and double-blind). The researchers involved included not only 
observers from various PRC colleges and medical research institutes, but also representatives from the 
PRC National Defense Science Commission. Because of the involvement of the latter, it was deemed 
necessary that an unclassified Intelligence Information Report be prepared by the DIA (see Shuhuang et 
al., 1981), which included a detailed English translation of the article. 

Additional research carried out by the Aerospace Medicine Engineering Institute in Beijing was 
reported in the July 1990 issue of the Chinese Journal of Somatic Science (Kongzhi et al., 1990; Jinggen 
et al., 1990; Banghui, 1990), which was also translated into English by the DIA. Reported in several 
articles are experiments involving the videotaping and high-speed photography of the transfer of test 
specimens (nuts, bundles of matches, pills, nails, thread, photosensitive paper, chemically treated paper, 
sponges dipped in FeCl, etc.) through the walls of sealed paper envelopes, double layered KCNS type 
paper bags, sealed glass bottles and tubes with sealed caps, and sealed plastic film canisters without the 
walls of any of these containers being breached. All of the Chinese experiments reported using gifted 
children and young adults, who possessed well-known extraordinary PK ability, to cause the teleportation 
of the various test specimens. In all the experimental cases that were reported, the test specimens that 
were teleported were completely unaltered or unchanged from their initial state, even the insects were 


Approved for public release; distribution unlimited. 


56 


unaffected by being teleported. The experiments were well controlled, scientifically recorded, and the 
experimental results were always repeatable. 

The Chinese papers are all extremely interesting and very well written, and they show photographs 
and schematic diagrams of the various experimental setups. The experimental protocols were explained 
in lengthy detail, and thorough data and statistical analysis were presented in the results. The combined 
results from the several Chinese experiments showed that: 


> 


different research groups designed different experimental protocols, used different gifted 
psychics, used different sealed containers, and used different test specimens (live insects, bulk 
inanimate objects, and even radio micro-transmitters were used to track the location of the 
specimens) that were to be teleported; 


the time required for the teleportation of test specimens through various barriers was anywhere 
from a fraction of a second to several minutes, and this was not dependent on the test specimen 
that was used, the sealed container that was used (or its barrier thickness), which experimental 
protocol was used, or which psychic was being used 


the high-speed photography/videotaping recorded in one series of experiments that test specimens 
would physically “meld” or blend with the walls of sealed containers; and recorded in a different 
series of experiments that test specimens would simply disappear from inside the container only 
to reappear at another location (after seconds to several minutes of time transpired), such that the 
test specimen did not actually undergo total material disintegration/reintegration during 
teleportation — this data is important, because without the aid of electronic monitoring 
instruments, the average person’s sensory organs and usual methods of detection are temporarily 
unable to perceive the test specimen’s (ambiguous) existence during the teleportation process; 


the radio micro-transmitter used as a test specimen in one series of experiments (Shuhuang et al., 
1981) transmitted a radio signal to several stationary electronic instruments/receivers, so that the 
specimen could be tracked and monitored (via signal amplitude and frequency measurements) 
during the teleportation process; the experimenters discovered that there was large fluctuations in 
the intensity (in both amplitude and frequency) of the monitored signal to the effect that it would 
either completely disappear or become extremely weak (to the extent that the monitoring 
instruments could scarcely detect it) — it was discovered that there was a definite correlation 
between the change in strength (i.e., radical frequency shifts were observed) of the monitored 
radio signal and the teleportation of the test specimen, such that the weak or absent signal 
indicated that the specimen was “nonexistent” (or in an altered physical state) during teleportation 
(note: the monitored signal amplitude and frequency of the micro-transmitter specimen were 
stable before and after teleportation); 


before and after “passing through the container wall/barrier”, the test specimen and the 
container’s wall/barrier are both complete solid objects; 


the gifted psychics were never allowed to see (they were blindfolded in many experiments) or 
touch each of the test specimens or the sealed containers before and after experiments were 
conducted, and only the experimenters touched the specimens and containers (using both blind 
and double-blind protocols); 


the experimental results were all repeatable 
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> the conditions for fraud and sleight of hand were totally eliminated, and multiple independent 
outside witnesses (technical and military-intelligence experts) were present at all times to ensure 
total fidelity of the experiments 


The experimental radio micro-transmitter and high-speed photography/videotaping data offer an 
important clue on what the teleportation mechanism is, and this will be discussed further in Section 5.1.1. 
The Chinese were unable to offer any significant physics hypothesis that could explain their results. 
Some researchers stated that it is necessary to invoke a new physics, which somehow unifies the human 
consciousness (i.e., physics of consciousness) with quantum and spacetime physics, in order to 
understand p-Teleportation and related PK phenomena. The researchers were amazed by their repeated 
results, and were barely able to fathom the altered “state of being” that test specimens underwent during 
teleportation. 

It is also important to point out that during the Cold War the DIA produced three (now declassified) 
reports on the parapsychology research of the Soviet Union and its Warsaw Pack allies (LaMothe, 1972; 
Maire and LaMothe, 1975; DIA Report, 1978; other related studies were reported by Groller, 1986, 
1987). The purpose of the reports was to collate and summarize collected intelligence, describe in great 
detail, and assess the Soviet Union and Warsaw Pact R&D on parapsychology and paraphysics. The 
reports outlined the history of pre-revolutionary (Czarist) Russian, and WWII and post-WWII era Soviet 
R&D on psychotronics, human mind/behavior control, and the entire spectrum of parapsychology. The 
Soviet information also mentions the psychotronic/parapsychology R&D materials that Soviet military 
forces took from various Nazi research centers in and around Germany at the end of WWII. The entire 
spectrum of parapsychology phenomena was explored by the Soviets, which resulted in the generation of 
a wealth of experimental data and related scientific research literature. One DIA report noted that there 
was an East versus West science debate in the Soviet literature over whether paranormal phenomenon and 
related experimental data was real or even scientifically sound in comparison to western scientific 
practice and philosophy. Another DIA report lists the names and affiliations of all the researchers, as well 
as the names of the various Soviet and Warsaw Pact research centers, that were involved. Also, Pratt 
(1986) reviews and summarizes the history of Soviet psychotronics research. 

The U.S. military-intelligence establishment was concerned with the possibility that the Soviets and 
their Warsaw Pact allies were conducting psychotronics and mind control R&D in order to discover how 
to exploit and control powerful phenomena that could be used against the U.S. and its allies. LaMothe 
(1972) chronicled how the Soviets had been researching methods of influencing human behavior for over 
sixty years. The Soviets and their allies extensively explored an influence technology that they called 
“controlled offensive behavior’, which is defined as “research on human vulnerability as it applies to 
methods of influencing or altering human behavior” (LaMothe, 1972). Also, LaMothe (1972) describes 
the revolutionary techniques the Soviets studied to influence human behavior, which included: sound, 
light, color, odors, sensory deprivation, sleep, electromagnetic fields, biochemicals, autosuggestion, 
hypnosis, and parapsychology phenomena (such as psychokinesis, telekinesis, extrasensory perception- 
ESP, astral projection, clairvoyance, precognition, and dream state, etc.). The LaMothe (1972) report 
became an aid in the development of countermeasures for the protection of U.S. and/or allied personnel. 

Psychotronics is the general term that was used in the former Soviet Union/Warsaw Pact countries to 
categorize many psychic phenomena undergoing scientific research. The conclusions that were reached 
in the DIA reports are that within the category of psychotronics, the Soviets identified two discrete skills 
(LaMothe, 1972): 


> bioenergetics: those phenomena associated with the production of objectively detectable effects 
such as psychokinesis, telekinesis, levitation effects, transformations of energy, i.e. the altering or 
affecting of matter 


> bioinformation: those phenomena associated with the obtaining of information through means 


other than the normal sensory channels (i.c., ESP), such as telepathy, precognition, and 
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clairvoyance, i.e., using the mind to tap into the thoughts of others or to acquire present or future 
information about objective events in the world 


These phenomena involve using the mind and/or some “field” of the body to affect other minds and 
inanimate objects irrespective of intervening distance or elapsed time, and without engaging any 
conventional tools. Bioenergetics and bioinformation are two classifications that form a single branch of 
science the Soviets preferred to call biocommunications. Soviet biocommunications research is primarily 
concerned with exploring the existence of a definite group of natural phenomena controlled by laws that 
are not based on any known (energetic) influence. The types of biocommunication (a.k.a. psychotronics) 
phenomena includes special sensory biophysical activities, brain and mind control, telepathic 
communications or bioinformation transceiving, bioluminescent and bioenergetic emissions, and the 
effects of altered states of consciousness on the human psyche. Psychotronics and remote viewing 
provide capabilities that have obvious intelligence applications. The Soviets and their Warsaw Pact allies 
invested millions of dollars in psychotronics R&D because they understood this, and saw the potential 
payoff for military and intelligence applications. 

The U.S. response to Soviet psychotronics R&D programs was the Remote Viewing program. In 
addition, the U.S. Army began the JEDI Project in 1983, which sought to increase human potential using 
teachable models of behavioral/physical excellent by unconventional means (Alexander et al., 1990). The 
JEDI Project was essentially a human-performance modeling experiment based on neuro-linguistic 
programming (NLP) skills, whereby advanced influence technologies to model excellence in human 
performance was used. The program ran under the auspices of the Army INSCOM and the 
Organizational Effectiveness School, and was sponsored by a U.S. government interagency task force. 
Finally, it should be pointed out that the program had successfully trained several hundred people, 
including members of Congress (such as Al Gore, Jr. and Tom Downey), before being terminated. 

There is a wealth of factual scientific research data from around the world attesting to the physical 
reality of p-Teleportation and related anomalous psi phenomena (Mitchell, 1974b; Targ and Puthoff, 
1977; Nash, 1978; Radin, 1997; Tart et al., 2002). The skeptical reader should not be so quick to dismiss 
the subject matter in this chapter, because one must remain open-minded about this subject and consider 
p-Teleportation as worthy of further scientific exploration. The psychotronics topic is controversial 
within the western scientific community. The debate among scientists and scientific philosophers is 
highly charged at times, and becomes acrimonious to the point where reputable skeptical scientists cease 
being impartial by refusing to examine the experimental data or theories, and they prefer to bypass 
rational discourse by engaging in ad hominem attacks and irrational “armchair” arguments. 

P-Teleportation and related phenomena are truly anomalous, and they challenge accepted modern 
scientific paradigm. Lightman and Gingerich (1991) wrote, “Scientists are reluctant to change paradigms 
for the purely psychological reasons that the familiar is often more comfortable than the unfamiliar and 
that inconsistencies in belief are uncomfortable.” And theories change over time when anomalies enter 
the picture. Anomalies are particularly helpful for they point to the inadequacies of an old model and 
point the way to anew one. Anomalous scientific facts are unexpected and difficult to explain within an 
existing conceptual framework. Kuhn (1970) describes scientific discovery as a complex process, in 
which an anomalous fact of nature is recognized, and then followed by a change in conceptual framework 
(i.e., paradigm) that makes the new fact no longer an anomaly. Kuhn stated that, “Discovery commences 
with the awareness of anomaly, that is, with the recognition that nature has somehow violated the pre- 
induced expectations that govern normal science.” This statement neatly describes exactly what 
transpired during the historical revolution that took place in physics between the classical 
mechanics/electrodynamics age in the 19" century and the quantum/atomic/nuclear/relativistic age in the 
20" century. And this isn’t the only time in human history that scientific paradigms have dramatically 
changed. The discovery of p-Teleportation already commenced in the 20" century, so let us continue the 
discovery and create a new physics paradigm for the 21“ century. 
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5.1.1 Hypothesis Based on Mathematical Geometry 


The Chinese researchers reported in their teleportation experiments that high-speed 
photography/videotaping recorded test specimens physically “melding” or blending with the walls of 
sealed containers, and in a different series of experiments the test specimens would simply disappear from 
inside the container only to reappear at another location (after seconds to several minutes of time 
transpired). They also reported in the series of radio micro-transmitter experiments that there were large 
fluctuations in the intensity (in both amplitude and frequency) of the monitored signal to the effect that it 
would either completely disappear or become extremely weak (to the extent that the monitoring 
instruments could scarcely detect it); and they discovered that there was a definite correlation between the 
change in strength (i.e., radical frequency shifts were observed) of the monitored radio signal and the 
teleportation of the radio micro-transmitter, such that the weak or absent signal indicated that the 
specimen was “nonexistent” (or in an altered physical state) during teleportation. This data is important 
because without the aid of electronic monitoring instruments, the average person’s sensory organs and 
usual methods of detection are temporarily unable to perceive the test specimen’s (ambiguous) existence 
during the teleportation process. This data offers an important clue on what the teleportation mechanism 
is. 

It is beyond the scope of this study to propose a complete self-consistent physics theory of 
consciousness/mind, which explains how the mind can activate p-Teleportation and related psychotronics 
phenomena. This topic has been under study in recent decades by a legion of medical science, bio- and 
neuro-physiology, psychology, mathematics, philosophy, and physics experts. Many different theories 
with varying degree of theoretical maturity and self-consistency have been proposed over the years, and 
most of them have not yet been experimentally tested for various reasons. However, some first-order 
experimental work has been done (Mitchell, 1974b; Targ and Puthoff, 1977; Wolman et al., 1986; Radin, 
1997; Tart et al., 2002). Ironically, quantum mechanics theory, and the related physics of quantum 
entanglement and teleportation, has become the primary focus of all of the physics theories of 
consciousness/psychotronics that have been recently proposed (see for example, Shan, 2003). Wolman et 
al. (1986) and Radin (1997) provide a review and discussion on recent theories and experiments that are 
based on quantum physics theory (see also, Walker, 1974; Targ and Puthoff, 1977; Mitchell, 1999, and 
the references cited therein; Tart et al., 2002). It appears that the physics of q-Teleportation (Chapter 3) 
has tremendous relevance to the physics of p-Teleportation and psychotronics. 

In the following I propose a parsimonious first-order hypothesis that can explain the gross features of 
both the Chinese p-Teleportation data and the other reported p-Teleportation phenomena. But I will 
refrain from including any role that might be played by quantum phenomena since the scientific 
community has not yet settled that particular issue. (However, it is apparent that quantum theory and 
quantum phenomena will likely play a key role in a formal physics theory of PK and psychotronics.) 


First-Order Hypothesis: 


Q Fact 1: The mature discipline of mathematical geometry developed the properties of higher 
dimensional spaces (Reichenbach, 1957; Manning, 1977; Rucker, 1977). An example of one 
such property that is of relevance to the hypothesis: One can visualize a four-dimensional world 
by using color as the 4" dimension. We can think of a three-dimensional world, whereby objects 
pass through one another if their colors (i.e., four-dimensional locations) are different 
(Reichenbach, 1957). For example, color can be used as a 4" dimension to see how a knot in 
three-dimensions can be untied in a 4" spatial dimension without moving the ends of the cord. 
That is because a cord cannot stay knotted in four-dimensional space, because the extra degree of 
freedom will cause any knot to slip through itself. Two other interesting and relevant examples 
are that the links of a chain may be separated unbroken in the 4" dimension, and a flexible sphere 
may be turned inside out without tearing in the 4" dimension (Manning, 1977; Rucker, 1977). 
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Q Proposition 1 and Fact 2: It has been proposed that our space actually possesses a slight four- 
dimensional hyperthickness, so that the ultimate components of our nervous system are actually 
higher dimensional, thus enabling the human mind/brain to imagine four-dimensional space 
(Hinton, 1888, 1904; Rucker, 1977). If this is the case, then the three-dimensional nets of 
neurons that code thoughts in our brain may form four-dimensional patterns to achieve four- 
dimensional thought. The “bulk” space in 3-brane theory (see Section 4.1), and experimental 
data from the Remote Viewing program (see Section 5.1), provide support for this concept. Can 
we see into the 4™ dimension and have four-dimensional thoughts? Yes, we can. Proof (see, 
Rucker, 1977, 1984): If you look at a Necker cube for a while, it spontaneously turns into its 
mirror image and back again. If you watch it do this often enough, the twinkling sort of motion 
from one state to the other begins to seem like a continuous motion. But this motion can only be 
continuous if it is a rotation in four-dimensional space. The mathematician August F. Moébius 
discovered in 1827 that it is in fact possible to turn a three-dimensional solid object into its mirror 
image by an appropriate rotation through four-dimensional space (a.k.a. hyperspace rotation). 
Thus, it is actually possible for our minds to perform such a rotation. Therefore, we can actually 
produce four-dimensional phenomenon in our minds, so our consciousness is four-dimensional. 
Rucker (1984) shows another dramatic example of being able to see into the 4" dimension via a 
“Neck-A-Cube.” 


Q Fact 3: Another property of higher dimensional geometry (Reichenbach, 1957; Rucker, 1977, 
1984) is that one can move through solid three-dimensional obstacles without penetrating them 
by passing in the direction of the 4" (spatial) dimension. The 4" dimension is perpendicular to all 
of our normal three-dimensional space directions, and so our three-dimensional enclosures have 
no walls against this direction. 


Q Conclusion and Hypothesis: Therefore, the results of the Chinese p-Teleportation experiments 
can simply be explained as a human consciousness phenomenon that somehow acts to move or 
rotate test specimens through a 4" spatial dimension, so that the specimens are able to penetrate 
the solid walls/barriers of their containers without physically breaching them. No real 
dematerialization/rematerialization of the specimens takes place. The intensity fluctuations of the 
radio micro-transmitter specimen’s electromagnetic signal, and the apparent blending of the other 
specimens with the walls of their containers, represent the passage of the specimens through a 4" 
spatial dimension. During teleportation the radio signals emitted by the micro-transmitter became 
weak/non-existent and fluctuated, because they were spreading out into the 4" dimension and 
became undetectable in our three-dimensional space. The weak signals that were (“barely”) 
detected represent the leakage of a portion of the radio signal back into our three-dimensional 
space from the 4" dimension during teleportation. The observed blending of the other specimens 
with the walls of their containers is how the movement/rotation of the specimens through the 4" 
dimension was visually interpreted by the mind (along the lines of the Necker cube or Neck-A- 
Cube examples). 


5.2 Conclusion and Recommendations 


We will need a physics theory of consciousness and psychotronics, along with more experimental 
data, in order to test the hypothesis in Section 5.1.1 and discover the physical mechanisms that lay behind 
the psychotronic manipulation of matter. P-Teleportation, if verified, would represent a phenomenon that 
could offer potential high-payoff military, intelligence and commercial applications. This phenomenon 
could generate a dramatic revolution in technology, which would result from a dramatic paradigm shift in 
science. Anomalies are the key to all paradigm shifts! 
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eRecommendations: 


> There are numerous supporters within the U.S. military establishment who comprehend the 
significance of remote viewing and PK phenomenon, and believe that they could have strategic 
implications. Bremseth (2001), a U.S. Navy SEAL, attended the Marine War College and studied 
the Remote Viewing program, and interviewed many of the former program participants. 
Bremseth then wrote his thesis on the topic, and concluded that the evidence supported continued 
research and applications of remote viewing. A research program improving on and expanding, 
or implementing novel variations of, the Chinese and Uri Geller-type experiments should be 
conducted in order to generate p-Teleportation phenomenon in the lab. The performances and 
characteristics of p-Teleportation need to be delineated in order to develop a refined hypothesis. 
Such a program should be designed so that an operational model for p-Teleportation can be 
developed and implemented as a prototype. An experimental program similar in fashion to the 
Remote Viewing program should be funded at $900,000 — 1,000,000 per year in parallel with a 
theoretical program funded at $500,000 per year for an initial five-year duration. The role of 
quantum physics theory and related quantum phenomena (i.e., entanglement and teleportation) in 
p-Teleportation and psychotronics should be explored in this program (see for example, the 
Biological Quantum Teleportation recommendation in Section 3.3). An experiment definition 
study should be conducted first to identify and propose the best experiments for this program, 
which should be funded at $80,000 for one year. 
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APPENDIX A — A Few Words About Negative Energy 


A.1 A General Relativistic Definition of Negative or Exotic Energy 


We saw in equations (2.10a-c) that the surface energy and stress-tension densities of the material 
required to create and thread a traversable wormhole must be “negative.” For surface stress-energy, and 
volume stress-energy in general, this is “negative” in the sense that the material we must deploy to 
generate and thread the traversable wormhole must have an energy density (pc’, p = mass density) that is 
less than the stress-energy density (t), or we can write this condition as: mass-energy pc’ < stress-energy 
t. On the basis of this condition, we call this material property “exotic.” Therefore, the term “negative” 
is just a misnomer in this context. The condition for ordinary, non-exotic forms of matter that we are all 
familiar with is mass-energy pc’ > stress-energy t. This condition represents one version of what is 
variously called the weak (WEC), null (NEC), average (AEC), dominant (DEC), strong (SEC) or 
“standard” energy conditions (that are mere hypotheses!), which allegedly forbid negative mass-energy 
density and gravitational repulsion (antigravity) between material objects to occur in nature. Hawking 
and Ellis (1973) formulated these energy conditions in order to establish a series of mathematical proofs 
in their study of the application of general relativity theory to cosmology and black hole physics. 

However, there are general theorems of differential geometry that guarantee that there must be NEC 
violations (meaning exotic matter-energy is present) at a wormhole throat (Visser, 1997). In view of this, 
it is known that static radial electric or magnetic fields are borderline exotic when threading a wormhole, 
if their tension were infinitesimally larger, for a given energy density (Herrmann, 1989; Hawking and 
Ellis, 1973). Other exotic (energy condition violating) matter-energy fields are known to be squeezed 
quantum states of the electromagnetic field and other squeezed quantum fields (see Section A.2 for the 
discussion on squeezed quantum states), gravitationally squeezed vacuum electromagnetic zero-point 
energy (see Section 2.3 for the discussion on Gravitationally Squeezed Vacuum Energy), Casimir 
(electromagnetic zero-point) energy and other quantum fields/states/effects. These examples represent 
forms of matter-energy that possess negative energy density. Since the vacuum is defined to have 
vanishing energy density, anything possessing less energy density than the vacuum must have a negative 
energy density. With respect to creating wormholes, these have the unfortunate reputation of alarming 
physicists. This is unfounded since all the energy condition hypotheses have been experimentally tested 
in the laboratory and experimentally shown to be false - 25 years before their formulation (Visser, 1990 
and references cited therein). Further investigation into this technical issue showed that violations of the 
energy conditions are widespread for all forms of both classical and quantum matter-energy such as 
planets, stars, black holes, neutron stars, people, space dust clouds, etc. (Davis, 1999b; Barcelo and 
Visser, 2002). In addition, Visser (1995) showed that all (generic) spacetime geometries violate all the 
energy conditions. Violating the energy conditions commits no offense against nature. 


A.2 Squeezed Quantum States and Negative Energy 


In quantum mechanics the energy (£) and frequency (v) of a quantum oscillator system, such as 
electromagnetic radiation (or light), are interchangeable via the Planck relation E = hv (h = 27h). And 
from the Heisenberg quantum uncertainty principle, we know that the conjugate variable to the frequency 
is the oscillator phase (@), such that AVA@ = fi is obeyed. Phase is difficult to measure and is ignored in 
characterizing complex quantum systems. 

Recent theoretical and experimental work has shown that in many quantum systems the limits to 
measurement precision imposed by the quantum vacuum zero-point fluctuations (ZPF) can be breached 
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by decreasing the frequency noise at the expense of increasing the phase noise (thus maintaining AvAg = 
h), while at the same time the variations in frequency, and therefore the energy, are reduced below the 
ZPF such that the energy becomes “negative.” “Squeezing” is thus the control of quantum fluctuations 
and corresponding uncertainties, whereby one can squeeze the variance of one (physically important) 
observable quantity provided the variance in the (physically unimportant) conjugate variable is 
stretched/increased. The squeezed quantity possesses an unusually low variance, meaning less variance 
than would be expected on the basis of the equipartition theorem. We can exploit quantum squeezing to 
extract energy from one place in the ordinary vacuum at the expense of piling up excess energy elsewhere 
(Morris and Thorne, 1988). 
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Appendix B — THe Methodology 


In the formalism of the THew methodology, the functions 7 and H are introduced by requiring that the 
Lagrangian for the motion of particles (with charge e, and mass mo, for the a™ particle), under the joint 
action of gravity and the electromagnetic field A, (& = spacetime vector components), be expressed in the 
canonical form 


L= YJ (-m. P= Fr,’ +e,d,v,")dt+(8z) | [(ee +B’ )d°*xdt (B.1); 


where the arbitrary functions 7, H, €, and uw are functions of the metric (a.k.a. gravitation field), v,” is the 
a" particle four-vector velocity, and A, is the electromagnetic field four-vector potential, E and B are the 
electric and magnetic field strengths, and (B.1) is in geometrodynamic natural units (4 = co = G = €9 = Uo 
= 1). The Lagrangian characterizes the motion of charged particles in an external gravitational field by 
the two functions T and H, and characterizes the response of the electromagnetic fields to the external 
gravitational field by the two functions € and pt. For all standard (metric) theories of gravity, the four 


functions are related by 
H 
€=L=,/— B.2); 
pa - (B.2) 


and every metric theory of gravity satisfies this relation, such that the Einstein Equivalence Principle is 
satisfied. 
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Time Travel: Time Dilation 
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In this paper | discuss the theory and actuality of the effects of Time Dilation, as predicted by 
Einstein’s Special Relativity. Alongside this the research investigates the visible, experiential 
effects of most personal form of Time Travel from a personal, phenomenological perspective, 
illustrated through digital media. 


The body of work, this paper and an accompanying book of modified digital images, recalls the 
Hafele-Keating experiment of October 1971 and parallels the Quantified Self experiments of diary 
photography and personal analytics in a holistic, interconnected way. 


The work tracks 12 months of air travel and illustrates with practical data the physics and 
mathematics behind the theory and actuality of Time Dilation. The research combines the 
interdisciplinary worlds of Computer Arts with Data and Scientific Visualisation to create a tangible 
collision between the visualisation of the personal and illustration of theory 


The observations are documented in ethnographic, photo essay illustrations as an investigation 
into the mathematics and physics of personal and interpersonal time. Using situated imaging 
presented as a practice-based body of work to communicate the abstract world of very small time 
periods and the direct relevance of Einstein’s work on the personal and perceptual world we 
inhabit. Contrasting Newtonian mechanics and Einsteinian space-time the work seeks to illustrate 
the personal nature of how the reality of time travel influences every aspect of the interpersonal 


Time dilation. Time travel. General relativity. Special relativity. Visual thinking. Photography. Visualisation. 


Practice-based research. Art. 


1. INTRODUCTION 


In 1971 two American researchers, J.C. Hafele and 
R. E. Keating, conducted an experiment. 


They placed two caesium atomic clocks on 
passenger airplanes and flew them in opposite 
directions around the globe to test a hypothesis first 
posited in Einstein's theory of special relativity. 


Their aim was to measure the effects of relativity on 
these highly accurate devices - the predictions 
indicated that the eastward flying clock would lose 
40ns and the westward gain 275ns. A nanosecond 
is equal to one billionth of a second (10° or 
"/1,000,000,000 s). To compare, one nanosecond is to 
one second as one second is to 31.7 years. 


During October, 1971, four cesium atomic beam 
clocks were flown on regularly scheduled 
commercial jet flights around the world twice, 
once eastward and once westward, to test 
Einstein's theory of relativity with macroscopic 
clocks. From the actual flight paths of each trip, 
the theory predicted that the flying clocks, 
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compared with reference clocks at the U.S. 
Naval Observatory, should have lost 40+/-23 
nanoseconds during the eastward trip and 
should have gained 275+/-21 nanoseconds 
during the westward trip ... Relative to the atomic 
time scale of the U.S. Naval Observatory, the 
flying clocks lost 59+/-10 nanoseconds during 
the eastward trip and gained 273+/-7 
nanosecond during the westward trip, where the 
errors are the corresponding — standard 
deviations. These results provide an 
unambiguous empirical resolution of the famous 
clock ‘paradox’ with macroscopic clocks. (Hafele 
& Keating 1972) 


The results showed that compared to stationary 
clocks in the laboratory the eastward clock lost 
59ns and the westward gained 273ns. Whilst there 
has been discussion of the accuracy and therefore 
reliability of the measurements the experiment is 
commonly held up as one of the first to give 
practical evidence of the physical effects of time 
dilation. 


Time travel: time dilation 
Daniel Buzzo 


2. SPECIAL RELATIVITY AND TIME DILATION 


In special relativity Einstein States that the duration 
of time will pass at different rates when comparing 
an object at rest versus an object in motion. The 
greater the velocity of the object in motion, the 
closer to the speed of light, c, the greater the effect 
of what is known as 'time dilation’ 


The effect of this phenomenon is significant at 
speeds close to the constant of light speed but 
becomes exponentially less as the object in 
question approaches rest. 


en 


v2 
ce 


Figure 1: The mathematical relationship of time, velocity 
and the speed of light describing Time Dilation 


Unless our velocity is a substantial fraction of the 
constant speed of light the dilation effect (y) is 
approximately 1. This, combined with our extremely 
limited lifespan is why we don't immediately notice 
time dilation at ordinary speeds. The fastest speed 
most humans will achieve, an airplane travelling 
near the speed of sound, gives a time dilation 
where y = 1.0000000000005. 


In other words, 1 second for a passenger on the 
plane would pass as 1.0000000000005 seconds for 
a stationary observer. 


Time effectively passes more slowly for the 
traveller relative to the observer. 


3. THE REALITY OF THE EFFECT 


Whilst there is discussion of the validity of the 
results of the 1971 Hafele & Keating experiment, 
particularly around the 'corrections' made to their 
data at publication, their initial observations are 
clearly aligned with the predicted results to be 
expected from the mathematics for time dilation. 


As Reinhardt et al (2007) note: 


Time dilation is one of the most fascinating 
aspects of special relativity as it abolishes the 
notion of absolute time 


In their 2007 paper they investigate the effects of 
time dilation with even more accurate atomic 
clocks, adding more experimental evidence 
consistent with special relativity. There are also 
numerous other experiments, such as those into 
muon decay, that provide additional practical 
evidence that the effect described is real and 
measurable. 
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Figure 2: Over Dorset: Duration 55 minutes 


4. IMPLICATIONS FOR EVERYDAY LIFE 


The practical implications for everyday life at first 
appear intangible when one _ considers the 
seemingly miniscule time periods being discussed. 
Even taking some of the most extreme examples 
one can imagine being feasible, such as that of a 
cosmonaut living in a fast low earth orbit, 
circumnavigating the earth every 90 minutes gives 
y of approximately 1.0000000003. 


If one considers our astronaut in orbit for two years, 
the Time Dilation due to special relativity would 
give an increase in lifespan of approximately 20 
milliseconds. A millisecond is a thousandth (10° or 
"4 000) Of a Second. 


This gap of 20 milliseconds, or two hundredths of a 
second, are suddenly well within human scale 
perception and understanding. This is a common 
measured gap in motor racing and fast sports like 
downhill skiing. Even the record for the 100m sprint 
is now is 9.58 seconds, run by Usain Bolt at the 
World Athletics championships in Berlin in 2009. 


Scales in milliseconds are spaces and durations 
that even humans with our modest lifespans can 
perceive and understand. 


As Ed Lu, Science Officer on the International 
Space Station writes, from orbit, in his blog post on 
experiments in ‘Relativity’: 


After our 6 months in space, we will have 
actually aged slightly less than everyone else on 
the ground because of an effect called time 
dilation. It isn't by much (about 0.007 seconds), 
but it is one side benefit of flying in space! 


Though the effects of time dilation at human scale 
speeds are often imperceptibly small they are 
nonetheless real. Seeing the implications of this 
reflected in everyday life reveals the truly personal 
nature of the time travel that we undertake in 
everything we do. 


The realisation that time dilation is a tangible and 
observable phenomena that affects ourselves and 
everything around us was given heightened 
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poignancy by spending large amounts of time flying 
at altitude and high speed. Observing the curvature 
of our planet and seeing the dark sky at the edge of 
space overhead, watching the mountains and 
deserts as they slid effortlessly under the wings of 
successive aeroplanes. Being able to observe the 
size of the individual against the backdrop of a 
macro-cosmic scale all the while reflecting on the 
fact that to a subatomic particle travelling near the 
speed of light, the universe is about four weeks old 
and it can be crossed in a matter of months. 


Nature can produce even larger particle 
energies. Some particles striking the Earth's 
upper atmosphere have energies that exceed 
2*1020 eV. If such particles are protons (with 
mass of about 1 GeV), their speeds would be 
0.999 999 999 999 999 999 999 995 c. For 


them, y is 1011. Now the age of the universe is 
about 13 billion years for us, but for such 
particles, the age of the universe would be about 
(13 billion years/1011), ie about a month. Such 
a particle could cross the visible universe in a 
matter of months (their time). 


This twist of perspective, the deliberate 'making 
strange’ that Shlovsky (1917) describes occurs 
when translating the abstract of the macrocosmic to 
the intimacy of the personal. The act of comparing 


and contrasting macro-scale physics and 
mathematics with recordings of human scale 
observations evidence reveals useful and 


potentially significant insights into the nature of the 
world we actually inhabit. 





Figure 3: Sunset over Northern China. Duration: 10 hours 50 minutes 


5. THE PICTORIAL AS PRACTICE-BASED 
RESEARCH 


As Blevis (2011) so eloquently puts it, as an 
introduction to the extensive list of uses of digital 
imagery in design thinking. 


Visual thinking is the use of imagery and other 
visual forms to make sense of the world and to 
create meaningful content. Digital imagery is a 
special form of visual thinking, one that is 
particularly salient for HCI and interaction design 
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Alongside the descriptions of digital imagery as a 
form of information’ and a ‘shared and externalised 
memory and cognition’ (Blevis 2012) | would argue 
that practice-based research, when used as an 
investigative tool, can assist in revealing and 
documenting subtle but important non-verbal 
evidence and also. provide compelling and 
persuasive arguments within presentation of 
research findings and conclusions. The research 
approach taken in this area is explicitly practice- 
based, rooted within contemporary lens based 
digital media and video art. The investigative 
material presented as the counterpart to this 
research paper was collated from hundreds of 
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minutes of digital video and several hundreds of 
digital still images taken while airborne on 


commercial passenger aircraft during January - 
December 2013. Taken over the course of 44 
flights, totalling over 80 hours airborne the visual 
material is published as a 42 page visual essay, 
also containing text elements and descriptions 
taken from this academic paper. 





Figure 4: Sunset over London. Duration: 55 minutes 


6. REALISATION OF EFFECT ON THE 
PERSONAL 


Having recorded the number of flights, durations 
and distances the calculations based upon the 
mathematics of special relativity, as discussed 
earlier show that. 


Given 44 flights totalling 85 hours and 20 minutes 
or approximately 5120 minutes flying time. gives 
307,200 seconds of travel per year. 


If y = 1.0000000000005 when travelling at or near 
the speed of sound, gives a_ dilation § of 
0.0000001536 seconds. 


To slip one second from base reference, such as 
the clock sat on my kitchen table | need to travel at 
my present annual rate for 6,510,416 Years. 


Or to put it a different way, travel for a little over 
260,000 years to slip one frame out of sync on a 
standard rate video camera. 


7. CONSIDERING PHOTOGRAPHY IN 
EVIDENCE 


When collating the increasing amounts of video 
and photographic material recorded whilst airborne, 
travelling at or near the speed of sound, the 
overwhelming sensation of velocity, of speed, of 
travel is ever-present. Viewed at a macro scale the 
visual material illustrates this distancing, sliding 
nature of objects moving in a larger framework. It 
supports the realisation that the terra firma so often 
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taken as a baseline for observation is in itself only a 
small part of a larger perspective. The perspective 
that the proprioceptive nature of our observations 
of time, informed by the physicality of the form we 
have evolved and the life span perspective we 
consider as a norm and useful context are 
challenged by the linking of these measurable 
effects. The effects of the micro-scale variations in 
time seen in contrast to the macro-scale movement 
around the curve of the earth. 


ier r 
PA || | | 


All 


Figure 5: An airplane travelling near the speed of sound 
gives a time dilation where y = 1.0000000000005 


The visual material, when presented as an adjunct 
to the evidence of the universal but intimately 
personal nature of the effects of time dilation help 
communicate the simple fact that we are all time 
travelling. Pursuing our own clearly delineated 
paths and durations relative to each other. Rather 
than there being one universal time that exists 
everywhere, for everyone, all at the same moment 
the personal implication that there is real evidence 
to prove that this is an illusion is both moving and 
compelling. 


Sitting in an airline seat riding at the edge of space, 
looking down on the oceans, seas, cities, forests 
and deserts, seeing terra firma for the illusion that it 
is. Not a constant underlying grid of space and time 
- the universal yard stick and the universal clock, 
such as Newtonian physics promised as it replaced 
the Aristotelian events-make-time view of the world 
that had reigned before in popular consciousness. 


Realising that the H&K caesium clock from 1971 
could be sat beside me, ticking away in its own little 
timetrack, ticking to a completely separate rhythm 
than its counterpart clock sat on my kitchen table at 
home. Realising that the slipping and sliding of our 
lives against each other is our own intimate version 
of time travel, we all move forward as future 
becomes present becomes past but the durations 
we experience, and that actually occur, and when 
now happens is subtly different for everyone. The 
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time we each experience actually does expand and 
contract as we move in space. 





Figure 6: Frost over Mongolia. Duration: 10 hours 55 
minutes 


The illusion of the Newtonian ideal of a universal 
timescale, the idea of a ‘universal now’ is 
disappearing and being replaced by the ideas of 
general relativity. Of a universe full of individual 
‘nows’ all unique and all moving independently. 
This change is akin to seeing the universe of 
unique, individual ‘nows’ at a human, personal 
scale and seeing a life travelling, sliding, back and 
forth in time against the ‘nows’ of those around 
one. 


The important element this body of work seeks to 
describe is not physics or even a discussion of 
physics but an explanation of physics and the 
revelatory moment of seeing it in ‘real’ experienced 
life. This work seeks to relate that revelatory 
moment and articulate it with the artefacts, the 
book and the paper, telling the story of seeing how 
each and every one of us is travelling in time, 
independently, uniquely, every day. 


To see a World in a Grain of Sand 
And a Heaven in a Wild Flower, 
Hold Infinity in the palm of your hand 


And Eternity in an hour. (William Blake) 
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(57) ABSTRACT 


The invention is a spacecraft having a circular, domed hull 
around which dual electrically-charged rotors one above the 
other are counter-rotating on the edge of the hull. Embedded 
in the hull are three solenoids which create a positive vector 
potential at the rotors. The surface charge density times the 
radius times the vector potential times the area of the rotors 
creates an angular momentum in the vertical direction. This 
angular momentum produces a positive spacetime curvature 
over the dome of the hull and a negative spiking spacetime 
compression over the rotors. By machining circumferential 
grooves of decreasing height along the radius of the rotor, a 
negative surface inductance is generated. This negative 
inductance gradient times the negative spacetime compres- 
sion time the rotor current density squared times the rotor 
area squared is a positive lift force on the spacecraft. 
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ROTOR INDUCTANCE PROPULSION SYSTEM 


BRIEF SUMMARY OF THE INVENTION 


[0001] The invention, which is the object of my present 
application, is a spacecraft with a circular, domed hull 
around which are located dual electrically-charged counter- 
rotating rotors. The top surface of the upper rotor is etched 
with circular metallic grooves which give the rotor a surface 
inductance. The groove height decreases from the inside 
radius to the outside radius of the rotor giving it a radial 
inductance gradient. The surface charge density times the 
angular velocity produces a current density. The counter- 
rotating rotors produce a negative spacetime curvature over 
the rotors. The negative surtace inductance gradient times 
the negative spiking spacetime curvature times the current 
density squared times the area squared is the positive lift 
force on the rotor. 


REFERENCE WORKS 
[G02] Gravitation, Wheeler 


[O03] Treveling-Wave Taubes, The Bell System Tech- 
nical Journal, Vol. XXIX, January 1950, No. 1, J. R. 
Pierce. 


[O04] The Magnetron as a Generator of Centimeter 
Waves, The Bell System Technical Journal, Vol. XXV, 
April 1946, No. 2, J. B. Fisk, H. D. Hagstrum, P. L. 
Hartman. 


[O05] Lectures on Physics, Richard Feynman 


[06] Geometry of Electromagnetism, Paul Hammond 


BACKGROUND OF THE INVENTION 


[0007] I was reading several articles about the develop- 
ment of the magnetron during World War II in the Bell 
System Technical Journal. I was trying to understand why 
the device resonates because it must contain a spring con- 
stant which would arise from an inductance and capacitance 
due to the geometry of the cavity. As given by Feynman, 
inductance of a solenoid is the permeability of space times 
the turns per length squared times the volume of the sole- 
noid. Referring to FIG. 1, the magnetron cavity (A) has a 
circular region connected to a planar region. The electrical 
current flows on the sides of the cavity shown by the arrows 
(B). In this case, there is only one turn per height of the 
cavity times the volume of the cavity times the permeability 
which produces the inductance. The two planar regions 
produce a capacitance across the ends which creates the 
resonant frequency. 


[0008] From my previous patent application Dual Rotor 
Propulsion System I know that the two rotors produce a 
current density in the angular direction along the rotor. If I 
spread out the magnetron cavity into a circular groove 
around a rotor, then the current would flow on the side walls 
enclosing the groove volume. The rotors also produce a 
spacetime curvature profile as shown in FIG, 2. Curve (A) 
is 4 positive spacetime curvature tension over the dome. 
Curve (B) is a negative spiking spacetime curvature over the 
rotors. The curvature is measured in inverse meter squared. 
So the surface inductance times the negative curvature times 
the current density squared times the rotor area squared is 
magnetic energy. The differential of the magnetic energy 
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would be a force. So there has to be a gradient of the surface 
inductance. The volume element of a groove is equal to the 
circumferential length times the height times the width of 
the groove. The easiest is to vary the height with radius. 
Since the curvature is negative, the gradient has to be 
negative as well in order to get a positive lift force. Thus the 
height goes from large to small from the inside to the outside 
radius. 


SUMMARY OF THE INVENTION 


[0009] The invention relates to a spacecraft with a domed, 
circular hull of elliptical cross-section having dual electn- 
eally-charged counter-rotating rotors located one above the 
other on the edge of the hull. The upper rotor is positively 
charged and rotates clockwise with a negative angular 
velocity per the right-hand rule. The lower rotor is nega- 
tively charged and rotates with a positive angular velocity. 
The current density is the surface charge density times the 
velocity of the rotor. This particular combination of velocity 
and charge produces an angular momentum which creates a 
negative spiking spacetime curvature over the rotors. 


[0010] The top surface of the rotor is etched or machined 
with circular grooves around the rotor. This creates a surface 
inductance which is equal to the permeability of space times 
the turns per length squared times the volume of the groove. 
In this case, there is only one turn per height of the groove. 
If the height of the groove decreases from one groove to the 
next, then there is a negative surface inductance gradient in 
the radial direction. So the lift force on the rotors would be 
the negative surface inductance gradient times the negative 
spacetime curvature times the current density squared times 
the rotor area squared. 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 


[9011] Not Applicable. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0012] FIG. 1. Perspective of magnetron cavity. 

[0013] FIG. 2. Spacetime curvature G,, over hull and 
rotor. 

[0014] FIG. 3. Perspective view of spacecraft with dual 
rotors. 

[9015] FIG. 4. Wire frame view of three solenoids. 
[0016] FIG. 5. Vector potential equation for solenoid. 
[0017] FIG. 6. Units of vector potential. 

[0018] FIG. 7. 3D graph of vector potential using three 
solenoids. 

[0019] FIG. 8. Perspective of vector potential along 
rotors. 

[0020] FIG. 9. Rotor mechanics diagram using exponen- 


tial representation. 


[0021] FIG. 10. Angular momentum equation due to vec- 
tor potential and rotating charged rotors. 


[0022] FIG. 11. Units of angular momentum. 


[0023] FIG. 12. Exponential equation for twice imaginary 
sine of the angle. 
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[0024] FIG. 13. Angular momentum equation for g metric 
tensor. 


[0025] FIG. 14. Angular momentum term for elemental 
line length ds*. 


[0026] FIG. 15. The g metric tensor containing the angu- 
lar momentum. 


[0027] FIG. 16. The spacetime curvature tension G,, 
versus radius due to angular momentum. 


[0028] FIG. 17. Magnetic energy equation. 
[0029] FIG. 18. Units of magnetic energy. 


[0030] FIG. 19. Cross-section of rotor showing groove 
height gradient. 


[0031] FIG. 20. Equation for the height h of the rotor 
groove as a function of radius. 


[0032] FIG. 21. Equation for the groove inductance gra- 
dient. 


[0033] FIG. 22. Plot of the groove inductance gradient as 
a function of radius showing that it is negative at the rotor. 


[0034] FIG. 23. Lift force on rotors due to inductance 
gradient, compression curvature, rotor current density and 
area. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0035] 1. Referring to FIG. 3, the spacecraft has a 
circular, domed hull of elliptical cross-section with dual 
electrically-charged counter-rotating rotors one above 
the other on the edge of the hull. 


[036] 2. Referring to FIG. 4, embedded within the hull 
are three solenoids or current loops carrying a constant 
electrical current in the positive sense per the right- 
hand rule. 


[037] 3. Referring to FIG. 5, Feynman has shown that 
the vector potential {A} of a solenoid is equal to the 
number of turns per length {n} times the current {I} 
times the radius of the solenoid {a} squared divided by 
half the permittivity of space {e,} times the speed of 
light {c} squared times the radius {r'} prime from the 
center of the coil to some location in space such as the 
rotors. It has been found by physicists Bohm and 
Aharanov that the vector potential field is not confined 
to an infinitely long solenoid as is the magnetic B field. 
The vector potential has units of kilogram-meter per 
second-coulomb as seen in FIG. 6. 


[0038] 4. Referring to FIG. 7, the three solenoids of 
varying radius and area produce a positive vector 
potential at the centerline of the rotors as seen in the 
graph. 


[0039] 5. This graph is then rotated ninety degrees so 
that it can be located in relation to the rotors as seen in 
FIG, 8. The vector potential (D), which is created by 
solenoids (A,B,C), passes through rotors (E)} and (H). 
Rotor (E)}, which has a positive charge (G), is rotating 
clockwise (F), and rotor (H), which has a negative 
charge (K), is rotating counter-clockwise (J). 


Dec. 18, 2003 


[0040] 6. Referring to FIG. 9, rotor mechanics uses the 
exponential function for the harmonic motion of the 
rotor. The radius is {r e“”'} which when differentiated 
with respect to time becomes a velocity {i w r et 
where the imaginary {i} is a 90° phase lead which 
makes the velocity tangential to the rotor. 


[0041] 7. The rotor surface charge {o sigma} is rotating 
around at some radius {r}. For the upper rotor the 
surtace charge density is positive (+a} but the rotor has 
a negative angular velocity {-w}. For the lower rotor, 
the surface charge density is negative {-co} but the 
rotor has a positive angular velocity {+m}. So the 
combined surface charge rotation is {-o 1 e“'+0 6 
ee"! This charge rotation times the positive vector 
potential due to the solenoids times the rotor surface 
area is equal to angular momentum S as shown in FIG. 
1@. The units are given in FIG, 11. The angular 
momentum is equal to the negative of the difference of 
the exponentials times a constant. I then recalled that 
this difference is equal to twice imaginary sine of the 
angle as shown in FIG, 12. 


[0042] 8. Referring to FIG. 13, the angular momentum 
is equal to minus two times the imaginary number 
times a constant times the sine of the rotational angle. 
In most of my spacecraft designs, the electromagnetic 
fields determine the flow rate of angular momentum. 
When the flow rate is integrated with respect to time, 
the angular momentum becomes imaginary. In this 
invention, the angular momentum is imaginary due 
directly to the rotors. The importance of being imagi- 
nary is that the radius resonates with the angular 
momentum. In some spacetime curvature equations, 
the denominator has a term equal to the radius to the 
fourth power plus twice the square of the angular 
momentum. In spacetime units, angular momentum is 
viewed as meter squared. So the square of imaginary 
angular momentum is negative angular momentum 
equal to negative meters to the fourth power. So at 
some radius, these two terms are equal, the denomina- 
tor goes to zero, and the spacetime curvature becomes 
infinitely-large, creating a huge spike. 

[0043] 9. This next section calculates the spacetime 
curvature from the equation for the angular momentum. 


[0044] 10. Referring to FIG. 14, the elemental length 
ds is curved by the presence of the angular momentum 
which is one of the energies, such as mass, charge, and 
electromagnetic fields, that Einstein showed can curve 
spacetime. Because the angular momentum is pointing 
in the vertical z-direction, due to the direction of the 
unit normal vector to the surface of the rotor, it rotates 
around in the angular direction {dtd6} as found in 
cylindrical coordinates {t,r,8,z}. 

[0045] 11. In gravitational physics there is a g metric 
tensor which is a measure of length in spacetime 
coordinates. It is a 4 by 4 matrix with rows and columns 
equal to the cylindrical coordinates. Referring to FIG. 
15, the diagonal of the matrix is {-1,1,r°,1} where the 
minus one corresponds to time which is Einstein’s 
convention. Half the angular momentum goes in the 
{t@} slot of the g metric tensor, and the other half goes 
in the {6t} slot. 

[0046] 12. From this g metric tensor, Einstein’s G 
curvature tensor can be calculated in the various direc- 


US 2003/0230675 Al 


tions. In Einstein’s General Theory of Relativity, his 
equation is G=8xT where G is the spacetime curvature 
measured in inverse meter squared, and the T tensor is 
the stress-energy-momentum matrix containing all the 
electromagnetic pressures, mass and momentum com- 
ponents that curve spacetime. The spacetime curvature 
tension G,, in the vertical direction, as a function of 
radius, is shown in FIG. 16. A positive curvature 
indicates that there is a spacetime tension over the hull 
which produces lift. The curvature has a large positive 
spike over the dome of the hull (A) which means that 
there is a large lift force over the center of the hull. The 
curvature then falls off and spikes with a negative 
spacetime curvature compression over the rotors (B). 
This curvature also oscillates back and forth a short 
distance due to the sinusoidal term. The problem is to 
convert this compression into a lift force which this 
invention solves. 


[047] 13. This next section shows how the spacetime 
compression over the rotors generates lift. 


[48] 14. As I mentioned, I have been reading some of 
the World War II magnetron scientific papers of the Bell 
System Technical Journal. It turns out that inductance 
of a solenoid is equal to the permeability of space times 
the number of wire turns per length squared times the 
volume of the solenoid. Imagine having a copper strip 
in the shape of the magnetron cavity in FIG. 1. The 
electrical current (B) flows around the height of the 
strip (A), so there is only one turn per the height. Then 
that is multiplied by the volume of the cavity and 
permeability to get the inductance. The inductor is 
storing magnetic energy equal to half the inductance 
times the current squared. In this invention, current 
density J in amp per meter is used rather than current. 
So taking a hint from this information, the magnetic 
energy would have to be related to the inductance times 
the square of the current density times the area squared 
of the rotor and times the negative spacetime curvature. 
The curvature is measured in inverse meter squared. 
That product produces a negative magnetic energy 
when in fact I want a positive force. This means that 
there has to be an inductance gradient in the equation 
instead of pure inductance and, furthermore, the gra- 
dient has to be negative in order to cancel out the 
negative sign of the compression curvature. 


[0049] 15. The equation for the magnetic energy in 


terms of the inductance {.£}, curvature {K}, current 
density {J} and area {A} is shown in FIG. 17 with the 
units in FIG. 18. The inductance in the equation is 
proportional to the volume of the circular groove in the 
top surface of the rotor. That volume is equal to {2x r 
hw} where {h] is the height of groove (depth) and {w} 
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is the width located at some radius {r}. In terms of 
machining, it would be more difficult to machine a 
variable width groove rather than a deeper groove of a 
constant width. So I am going to say the gradient is in 
the radial direction with the height of the groove 
decreasing going from the inside radius to the outside 
radius as depicted in FIG. 19. 


[0050] 16. FIG. 20 gives the equation for the height of 
the groove along the radius of the rotor. 


[0051] 17. FIG. 21 gives the inductance gradient by 
differentiating the inductance with respect to the radius. 
The initial groove height ho is not very large, and the 
inductance gradient becomes negative at the rotor as 
seen in the graph of FIG. 22. 


[0052] 18. Referring to FIG. 23, the lift force on the 
rotor is now positive due to the combined negative 
inductance gradient times the negative spacetime com- 
pression. The square of the negative current density is 
positive also, This means that that the top surface of the 
lower rotor can also have a surface inductance gradient 
which would double the lift force. 


What I claim as my invention is: 

1. A spacecraft having a circular, domed bull with dual 
elecincally-charged counter-rotating rotors one above the 
other located on the edge of hull. 

2. Said hull having embedded within it three or more 
solenoids which generate a positive vector potential at the 
rotors. 

3. Said upper rotor having a positive surface charge 
density, and rotating clockwise in the negative direction per 
the right-hand rule. 

4. Said lower rotor having a negative surface charge 
density, and rotating counterclockwise in the positive direc- 
tion per the right-hand rule. 

5. Said rotor surface charge density and velocity creating 
a negative current density on both rotors. 

6. Said vector potential and rotating surface charge den- 
sity on rotors generating an angular momentum in the 
vertical direction. 

7. Said angular momentum, generating a spacetime cur- 
vature tension over the dome of the hull, and a negative 
oscillating spacetime curvature compression over the rotors. 

8. Said rotors having circumferential grooves of decreas- 
ing height machined into the top surface of the rotors in 
order to create a negative surface inductance gradient. 

9. Said negative surface inductance gradient times the 
negative spacetime curvature compression times the rotor 
current density squared times the rotor area squared gener- 
ating a positive lift force on the spacecraft. 
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Figure 4 
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Figure 5 
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Figure 6 
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Figure 7 
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Figure 8 
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Figure 9 
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Figure 10 
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Figure 11 
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Figure 12 
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Figure 13 
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Figure 14 
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Figure 15 
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Figure 16 
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Figure 18 
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Figure 19 
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Figure 20 
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WALKING THROUGH WALLS TRAINING 
SYSTEM 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is a training system that enables a 
human being to acquire sufficient hyperspace energy in order 
to pull the body out of dimension so that the person can walk 
through solid objects such as wooden doors, 


BACKGROUND OF THE INVENTION 


[0002] A human being is a hyperspace energy being living 
in a physical container or body that is comprised of 67% 
water. This high percentage of water makes this invention 
possible. Referring to FIG. 1, the hyperspace energy being 
receives energy from our dimension through seven vortices 
that run the length of the body. Each vortex connects to a 
separate hyperspace dimension having its own particular 
frequency. This arrangement allows for the development of 
seven modular energy components corresponding to the 
mind, spiritual eye, voice, body, abdomen, plasma energy 
ball (battery), and ground connection. 


[0003] Vortex (A), known as the top vortex, supplies 
energy to the mind and provides a channel of communica- 
tion to other entities in the universe. This channel has been 
tested up to 100,000 light years which is the diameter of the 
galaxy. 


[0004] Vortex (B), known as the spiritual eye, has a hollow 
cone-like appearance surrounded by white, misty, low- 
density hyperspace energy. Because the eye is modular, the 
mind can project it to vast distances, a process known as 
remote viewing. 


[0005] Vortex (C), known as the voice and hearing mod- 
ule, can also be projected to enormous distances in order to 
communicate verbally with other entities. Using the proper 
remote viewing instruments, it is possible to project both the 
eye and verbal modules to see and talk at the same time. 


[0006] Vortex (D), known as the heart vortex, provides 
protective energy to the upper internal organs, arms and 
hands. 


[0007] Vortex (E) provides protective energy for the lower 
organs such as the intestines, liver and kidneys. 


[0008] Vortex (F), known as the battery of the body, 
consists of an orange-colored plasma energy ball about one 
to two inches in diameter. The body becomes paralyzed if 
this ball is removed from the body. When the hyperspace 
energy being leaves the body, the vortices close and the 
battery takes over in order to keep the body functioning. This 
vortex also plays a role in the creation of the astral energy 
baby that attaches to the fertilized egg. 


[0009] Vortex (G) is the ground vortex which rotates in the 
counter-clockwise direction in order to provide an energy 
ground for the electrical circuit. All the other vortices rotate 
in the clockwise direction as seen from the front such that 
energy flows into the vortex according to the right-hand rule 
of physics. 


[09010] Vortex (H) is the hand vortex which rotates coun- 
terclockwise on the right hand and clockwise on the left 
hand as seen looking at the palm. Thus there is a rotating 
flow of hyperspace energy between the two hands when the 
palms are facing each other. 
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[0011] Referring to FIG. 2, each vortex feeds energy into 
its own hyperspace module shown by the lettered box. In 
terms of quantum mechanics, each box is actually a potential 
energy well in which each module develops separately. At 
the time of death of the body, these modules are joined 
together as a single energy being. The process is powered by 
the plasma energy ball battery which also contains the 
logical instructions for assembly. 


[09012] Ditterent people, as tested by the pendulum on the 
hand vortex, have different vortex sizes. Three people were 
tested. The first person had almost no rotational movement 
showing very little energy. The second person had a vortex 
radius of one inch. Another had a vortex radius of four 
inches which covered his entire hand. The latter also has the 
ability to lift another human being, lying prone on a table, off 
the table by flowing low-density hyperspace energy into the 
person through the hand vortices. He has also experienced 
walking through a solid wooden door with a dog at his side. 
What this means is that there is a way, as described in this 
invention, of creating large energy vortices which will 
enable a person to acquire sufficient energy to walk out of 
dimension through solid objects such as wooden doors. 


[0013] Researching the historical records, referring to the 
statue in FIG, 3, a humble black Catholic Dominican friar 
of the Santo Rosario Convent, by the name of San Martin de 
Porres, living in Peru in the 1500’s, also developed this 
ability to walk through doors. For his beatification, many 
witnesses came forward to recount his extraordinary abili- 
ties. For example, a witness, who worked in the Convent, 
went to the cell of San Martin to ask for something to eat. 
When he reached the cell, he saw San Martin leaving with 
some medications apparently to heal someone sick. The 
witness waited by the open door of the cell for his return. 
After having waited awhile without being distracted by 
anything else, he saw said venerable brother fray Martin 
come out from his cell from the inside and call him by name. 
The witness was terrified, not understanding how this was 
possible. 


[0014] The woman who gave me the statue told me that he 
would walk miles and miles each day to visit the poor. The 
task of walking means that there is a velocity involved. 
Because the body has mass, then there is a mass times a 
velocity, or momentum, involved in this ability. Notice also 
that the statue shows him walking with his right arm crossed 
over his left arm in the form of an X. 


[0015] What this walking momentum means in terms of 
physics is given in the following analysis. The human body 
consists of 67% water. A water molecule consists of two 
hydrogen atoms and one oxygen atom having the atomic 
formula H,O0. The atomic weight of one atom of hydrogen 
is 1.008 awu. The atomic weight of one atom of oxygen is 
16.000 awu. The molecular weight of one atom of water is 
therefore: 


Weight of two atomis of hydrogen 2 x 1.008 awu = 2.016 awu 
Weight of one atom of oxygen 1 x 16.000 awu = 16,000 awn 
18.016 awu 


The formula weight is just the atomic weight expressed in 
grams. Thus the formula weight of water would be 18.016 
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grams or 0.018016 kilograms. According to Avogadro’s law, 
the formula weight contains N=6.02x10*? molecules. Thus 
the mass of one water molecule is the formula weight 
divided by the number of molecules: 


018016 kg 
S62. —————— 


A = 2.99269103-10"* kg 


j ITLASS . 
ne) = =58,771413943 


[0016] According to Einstein’s Special Theory of Relativ- 
ity, energy is equal to the mass times the speed of light 
squared. The energy of a photon is equal to Planck’s 
constant h times the frequency f of the photon. Equating 
these two energies shows that 


A 
> mas — 
¢ 


A 
=> Inver) + InfA) = (=| = base = -95,0146344 


which says that the natural logarithm of the mass plus the 
natural logarithm of the wavelength is equal to the natural 
logarithm of Planck’s constant divided by the speed of light 
c, known as the base constant in the tetrahedron diagram. 
This diagram plots the mass versus wavelength in natural 
logarithms. Notice that the left hand side of the equation is 
the sum of mass and wavelength, so the right hand side must 
also be the same. 





hy — (QA 2A 
uf =| = nf : = =) = ina + inde) 


where QA, known as the Planck mass, is the linear mass 2 
of the universe times the bottom dimensional limit of the 
universe A, and 2A is the bottom dimensional wavelength, 
known as the Planck wavelength. That is, our dimension is 
bounded by the Planck box having sides Planck mass and 
Planck wavelength. These boundaries have values: 


In(QA)jm-17,64290101 

In(25A)m=78,2 7256243 
[0017] Referring to FIG. 4, these two lines are plotted on 
the tetrahedron diagram. The Planck mass line (A) reflects 
off the sphere (C) and returns as the Planck wavelength (B) 
which shows the dual nature of quantum physics. This 


creates the Planck box {a,b,c,d) which is the boundary of our 
dimension. 


[0018] Referring to FIG. 5, the mass of the water mol- 
ecule is plotted as horizontal line (D) on the diagram. The 
energy of the water molecule is the mass times the speed of 
light squared. 

E=mc* 

In(c}m19,51860099 

In(me7)=In(n2)+2 In(e) 
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[0019] Referring to FIG. 6, a circle (E), having a radius 
equal to the speed of light squared, centered on the mass of 
the water molecule at the vertical axis, generates a circle (F), 
centered at the origin, that intersects (e) the mass of the 
water molecule at the Planck wavelength. That is, this 
intersection point sits right on the Planck box boundary 
between space and hyperspace. The radius of circle (F) is 
actually the mass of the water molecule divided by the speed 
of light squared. 


meter 
=acesl 





sec 


Infc) = 0 


Taking the positive square root, the speed of light is one 
meter per second at the Planck boundary. The experiments 
with brain hemisphere resonance show that the resonant 
frequency of the human energy field is between 1 Hz to 5 Hz 
which is well below the hearing threshold of 20 Hz. Because 
the traveling wave has a wavelength of 0.3048 m and the 
speed of light is unity at the boundary, the frequency should 
be 





which is within the middle of the experimental male range. 
At this resonant frequency, the human energy being pops out 
of the body. This represents only a first stage in the devel- 
opment of the energy being. But what is really wanted is to 
have both the physical body and the energy field move out 
of dimension together as San Martin did. 


[0020] Referring to FIG. 7, the 45° base line (G) is added 
to the diagram. Notice that the Planck mass intersects (b,d) 
the Planck wavelength on this line because they sum to the 
base constant. The mass of the water molecule crosses this 
line at point (f). A circle, centered (f), with a radius equal to 
the speed of light, is tangent to the Planck wavelength (h)} 
and the Planck mass (g). Since mass times velocity is 
momentum, the diagram says that the momentum of the 
water molecule is tangent to the boundaries of the Planck 
box which separates space from hyperspace. In order to get 
to point (¢) from the momentum of the water molecule, a 
second circle is added to the momentum. 


[0021] Referring to FIG. 8, a circle (1), centered on the 
water molecule mass at the speed of light circle (i), is made 
tangent to the Planck wavelength at point (e). The momen- 
tum M of space is equal to the Planck mass times the Planck 
scale times the speed of light. At point (¢), the speed of light 
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is unity, so that the momentum is just the Planck mass in 
Momentum units: 


M = QAc = 2176634194. 10-8 ke 


Circle (I) has a radius equal to 
Tatiome7*-9 7795702338912 700 


Therefore the walking momentum in order to get to point (e) 
is the momentum of space M times this ratio 


nt 
M,. = M ratio = 50,909573606 ke 


The stride length L per second that a person of mass W has 
to walk is the walking momentum divided by the mass W 
times a period T of one second 


For a person with a mass W of 99.79 kg (220 pounds), then 
the stride length L is 20.08 inches or one foot and eight 
inches. The person has to walk this length in one second on 
each foot. 


[0022] Looking at the statue of San Martin, his arms are 
crossed over each other. The vortex of the right hand points 
backward, and the left hand vortex points forward due to the 
reversed rotation. Referring to FIG. 9, this creates a rota- 
tional energy channel (D) around his body (A). The stride 
length (C) is calculated according to the body mass, and then 
a banner printout is made showing where the footprints (B) 
are to be placed each second. The question is: “What 
happens when one walks the walk?”. 


[0023] On the very first experiment, referring to FIG. 10, 
what happens is that, after taking only six strides on the 
banner printout (A), a huge spinning vortex (C) develops 
over the top of the head and the vertex locks onto the heart 
vortex in the center of the chest (B). In everyday life, this 
vortex is not created because normal walking is much faster 
and the hands are held at the side of the body. The energy 
tush through the pineal gland is so intense that one feels 
immediately sleepy and starts yawning excessively due to 
the increased flow of melatonin. 


[0024] After practicing with the banner printout, long 
walks were made through the park. In this case, a vertical 
white line rotated around a vertical axis located about six 
feet perpendicular to the path on the right side of the body. 
When the walking speed was correct, this white line would 
lock onto the centerline of the body. Speeding up or down 
caused the white line to lose synchronization and rotate 
away. This white line is related to the ability to levitate the 
body. San Martin had so much energy that, according to 
witness testimony, he could float horizontally in the air with 
his head resting against the bowed head of Christ on a carved 
wooden cross. Thus San Martin’s energy sources were 
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channeling energy from Christ, collective broom energy as 
described in a separate patent application, and the walking 
momentum vortex energy. 


[0025] During the early part of the 20th century, a man’s 
parents were lying in bed dying of tuberculosis. With their 
permission, he placed a weighing scale under each of their 
beds. When they passed away, he found that each scale 
registered a loss in weight of 2.5 ounces. This is equivalent 
to 0.071 kg, which is the mass of the human energy being. 


[9026] After conducting a number of experiments with 
water vortices draining from a cylindrical tank, it can be 
stated from Bernoulli’s theorem that the potential energy 
plus the kinetic energy is a constant 


1 
grt rae = const 


The shape of the inner surface of the water circulation has 
a velocity proportional to the inverse of the radius, so the 
shape of the surface is 


which says that the height of the vortex is proportional to the 
inverse of the square of the radius. 


[9027] The hand vortex area ratio between the second test 
subject and the third test subject is equal to the square of 
their radii: 


Because the speed of light at the boundary was determined 
to be one meter per second, the energy of the third test 
subject is 





- se) = 44375-19 joule 


In£) = -5,417664124 


(= key 1 mj} 


[0028] Referring to FIG. 11, a circle (K), having this 
radius, is added to the energy of the water molecule (E), to 
produce augmented energy circle (J). This circle (J) inter- 
sects the mass of the water molecule outside the Planck box 
at point (j). This means that the increased hyperspace energy 
moves the water molecule, and hence the body, out of 
dimension. Furthermore, circle (J) is tangent to the walking 
momentum ratio circle (I) which keeps the geometry locked 
together. 


SUMMARY OF THE INVENTION 


[0029] It is the object of this invention to create a training 
system that allows a person to develop the ability to walk 
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around out of dimension, passing through solid objects. This 
invention is based on one of the most remarkable relation- 
ships between the water molecule and the boundary between 
space and hyperspace. The mass of the water molecule is 
equal to the energy of the water molecule at this boundary. 
Because the body is composed of 67% water, the body sits 
on the boundary such that any additional increase in energy 
would move the body out of dimension into hyperspace. 
Because human beings are actually hyperspace energy 
beings living in physical bodies, the additional energy 
required to move the body out of dimension comes from 
increasing the energy of the hyperspace being. One source of 
this energy comes from walking cross-handed at the proper 
velocity in order to generate a large hyperspace energy 
vortex that flows energy into the potential wells of the 
hyperspace being. This increased hyperspace energy will 
then allow the person to walk around out of dimension 
through solid wooden doors. Because the door and the 
person are in two slightly different dimensions at the same 
moment, it appears that the person is walking through the 
door. After passing through the closed door, the person then 
returns to our dimension and emerges in the interior of the 
closed-door room. 


[0030] This technique can be used in reverse to heal an 
infected hand instantaneously. A salve made from the 
St.Mary’s herb is applied to the skin of the infected hand. 
The hyperspace energy then flows through the right-hand 
vortex such that the infected hand and the salve are taken 
slightly out of dimension. What happens is similar to when 
a short piece of straw is embedded in a hard wooden 
telephone pole as a tornado passes over the pole. The straw 
and pole are taken out of dimension such that they briefly 
merge together. As the tornado moves on, both objects come 
back to dimension merged together. Thus the salve (straw) 
is merged with the bacteria (pole) in hyperspace such that 
the bacteria is killed instantly. Removing the hand vortex 
brings the infected hand back into dimension cured. 


[0031] Based on this information and the results of many 
experiments, this invention creates a large vortex by walking 
at a certain velocity with the hands crossed over the chest. 
The proper walking momentum is created by a computer 
program that inputs the person’s weight, shoe length, and the 
number of strides to be taken. The program then prints out 
a banner showing the footprints where the person has to step 
each second. When a person obtains sufficient energy from 
these methods, the person is then tuned to the subspace 
geometry of the universe as will be shown using the tetra- 
hedron physics diagram. 


A BRIEF DESCRIPTION OF THE DRAWINGS 
[0032] FIG. 1. Energy vortices of the human body. 


[0033] FIG. 2. Seven potential wells fed by the energy 
vortices of the body. 


[0034] FIG. 3. Carved wooden statue of San Martin de 
Porres who could walk through solid wooden doors. 


[0035] FIG. 4. Tetrahedron diagram showing boundaries 
of the Planck box of dimension. 


[0036] FIG. 5. Tetrahedron diagram showing mass of 
water molecule. 


[0037] FIG. 6. Tetrahedron diagram showing water mol- 
ecule energy and mass are equal at the Planck box boundary. 
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[0038] FIG. 7. Tetrahedron diagram showing that water 
molecule momentum is tangent to the boundaries of the 
Planck box. 


[0039] FIG. 8. Tetrahedron diagram showing the momen- 
tum ratio required to reach the Planck wavelength boundary 
from the water momentum. 


[0040] FIG. 9. Perspective view of crossed-hand momen- 
tum walking using banner printout. 


[0041] FIG. 10, Perspective view of vortex generated by 
momentum walking. 


[0042] FIG. 11. Tetrahedron diagram showing how addi- 
tional hyperspace energy supplied to the potential wells of 
the hyperspace energy being enables the human body to be 
pulled out of dimension. 


[0043] FIG. 12. Tetrahedron diagram showing the 
inverted tetrahedrons whose crossing represents the merging 
of two worlds between space and hyperspace. 


[0044] FIG. 13. Tetrahedron diagram showing that the 
proton wavelength is determined by the Planck mass tangent 
to the inverted tetrahedrons. 


[0045] FIG. 14. Tetrahedron diagram showing that the 
mass of the universe determines the electron and proton 
elementary particles. 


[0046] FIG. 15. Tetrahedron diagram showing that 
momentum walking together with the increased energy of 
the hyperspace energy being is tangent to the mass of the 
universe. 


[0047] FIG. 16. Computer program block diagram for 
ptinting banner footprints. 


[0048] FIG. 17. Computer program input dialog window. 


[0049] FIG. 18. Computer program calculation of stride 
length per second. 


[0050] FIG. 19. Six-stride screen banner printout for 220 
Ib. person. 


[0051] FIG. 20. Project tree showing help information by 
double clicking on node. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0052] 1. Referring to FIG. 12, a tetrahedron (A, path abc) 
is added to the diagram. The tip of the tetrahedron (e) falls 
on the base constant which is equal to Planck’s constant 
divided by the speed of light. A second tetrahedron (B, path 
def} is inverted around horizontal line (D) which has a 
geometrical relationship to the base constant. The line is 
located at 


2 A 
centerline = =| = —110.7536373 
v3 te 


Notice that the intersection of the two inverted tetrahedrons 
({g) occurs at the Planck wavelength which is the boundary 
between space and hyperspace. Line (D) is referred to as the 
merging of two worlds or the connecting of two worlds, a 
phrase obtained by means of remote viewing. That is, it 1s 


US 2006/0014125 Al 


the dividing line between space and hyperspace. This is the 
reason that the two boundaries intersect at this point. 


[0053] Referring to FIG. 13, the proton wavelength (E) is 
added to the diagram. The proton wavelength has a value of 
the electron wavelength divided by 1836.1527 


Infp) = Inf — 34, 261HISONL 


—) 
1836.1527/— 


A line (hd), from the base constant at the proton wavelength 
(h), to the corner of the inverted tetrahedron (d), intersects 
the merging of two worlds line at point (1). A circle, with a 
radius equal to the Planck mass (G), centered (i), is tangent 
to the inverted tetrahedrons. Thus the proton is defined by 
the base constant and the geometry of subspace. The reason 
that the proton is tangent to both tetrahedrons is because the 
electron and proton follow one single path between space 
and hyperspace. Thus there is only one single particle in 
nature. Because the particle enters our space at two different 
locations, we see the one particle as two distinct elementary 
particles. This relationship can be seen in Library of Con- 
gress tetrahedron diagram tet0565. 


[0054] Referring to FIG. 14, the mass of the universe MU 
is equal to the linear mass Q of the universe times the radius 
R of the universe which is 107° meters 


In(MU)=In(QR)=122.3347509 


as shown on the diagram as line (A). The electron wave- 
length (B) reflects off the circumscribing sphere (H) and 
returns as the electron mass (C). The distance between 
reflection points is the hyperspace charge which is equal to 
the charge of space less the electron charge. So the electron 
goes from wavelength to electric charge to mass. The proton 
wavelength (D) reflects off the sphere and returns as the 
proton mass (E) which intersects the horizontal axis at point 
(c). A line (abc) from the mass of the universe at the vertical 
axis (a) to the proton at the horizontal axis (c) intersects the 
electron (b) which determines the electron’s mass and 
wavelength since this point is on the 45° base line. What this 
Means is that cosmology determines the values of the 
elementary particles. 


[0055] Referring to FIG. 15, the mass of the water mol- 
ecule (C) intersects the 45° base line at point (a). Acircle (F), 
with a radius equal to the Planck mass is centered on point 
(c) at the Planck wavelength boundary (B) where the mass 
of the water molecule numerically equals the energy of the 
water molecule and where the speed of light is unity. The 
Planck mass is tangent to the base constant which is the 
vertical centerline (I) of the diagram. The large circle (H), 
centered (a) on the water molecule, is tangent to the mass of 
the universe (b) and tangent to the inverted tetrahedron (E). 
The difference between this circle (H) and the base constant 
(I) is the energy the hyperspace being has to acquire in order 
to be tuned to the mass and geometry of subspace. This 
difference, shown as circle (G), has a mass 


rime *+79787) bom 8, 29-1077 ke 


Thus the hand vortex radius ratio has to be the square root 
of the mass of the hyperspace energy being divided by this 
tangent mass, or: 
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f a7 kg: 1 in? . 
= aT = 3 inches 


which is a vortex radius that is three times larger than that 
of a normal person, but one inch smaller than the third test 
subject who had a hand vortex radius of 4 inches. This is the 
reason that the third test subject was able to walk through 
walls and teleport to other locations because his energy was 
sufficiently large enough to cross over the inverted tetrahe- 
dron into a co-dimension of hyperspace. Notice also that 
dotted circle (J) with a radius equal to the mass of the water 
molecule, centered (c) on the boundary, is tangent to the 
tetrahedron (K). This makes the combined geometry tangent 
to the inverted tetrahedrons and the mass of the universe. 


[0056] 2. Referring to FIG. 16, a computer program 
generates a banner printout with footprints spaced for walk- 
ing according to the weight, shoe size and length of banner 
desired. Some banners could fit in a small room, or be placed 
on the floor of a long corndor. As shown in the block 
diagram the program inputs these three variables with error 
checking. Then the program calculates the stnde length L 
per second from the equation 


[0057] 3. In the above equation, the value of the momen- 
tum M, as determined by the tetrahedron diagram, is pref- 
erably 50.9095736 kg m/s. The weight of the person is 
converted to mass W in kilograms. The stride period is 
preferably 1 second. Referring to FIG. 17, the data is 
entered in the dialog input window. 


[0058] 4. Once the stride length has been calculated, the 
program displays the stide length and the required number 
of banner sheets in the message window, as seen in FIG. 18. 


[0059] 5. The print banner menu is selected and the foot 
prints are printed on continuous banner paper. A six-stride 
scaled screen version of the banner is shown in FIG, 19. The 
banner paper is then placed on the floor, and a one-second 
beeping timer is activated from the toolbar or menu. The 
person then walks beside the printed foot prints, taking one 
stride per beep, which produces the correct walking momen- 
tum to generate the hyperspace vortex. The vortex, which 
forms in only six strides, brings additional hyperspace 
energy into the quantum potential wells of the hyperspace 
energy being. 


[0060] 6. A help system consists of a project tree which 
explains the various steps in using the program. Double 
mouse clicking on a project tree node displays the help 
instructions in a dialog window as shown in FIG, 20. 


[0061] 7. In summary, the purpose of the training system 
is to substantially increase the energy of a human being who 
will then have the capability of walking through walls, body 
levitation, instantaneous healing of infections, full-body 
teleportation to another location, remote viewing at vast 
distances in terms of light-years, and looking into hyper- 
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space co-dimensions. The third test subject and I have been 
able to experience all the above phenomena. He did it 
through augmenting his energy, and I have done it through 
the application of electromagnetic fields, by spinning on my 
vortex accelerator machine and using this invention. 


I claim: 
1. A training method comprising the steps of: 


generating a banner having a plurality of footprints spaced 
at regular intervals wherein the banner is placed on the 
ground; 


generating a periodic audible signal, whereby the audible 
signal repeats at a regular interval of time equal to the 
period; and 


walking on the banner by tracing the footprints spaced at 
regular intervals, wherein one step is made with each 
audible signal. 
2. The method of claim 1, wherein the step of generating 
the banner further comprises: 


providing a person’s actual mass in kilograms; and 

determining the stride length based upon the following 
equation: 
Lea(MiWyT 

where L is the stride length in meters, M is a constant of 
approximately 50.91, W is the mass of the person in 


kilograms, and T is the period of the audible signal in 
seconds, and 
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wherein the footprints on the banner are spaced at the 
stride length. 
3. The method of claim 2, wherein the audible signal is a 
beep and the period of the audible signal is one second. 


4. Atraining method for a person comprising the steps of: 
generating an audible signal having a fixed period; 


generating a banner having regularly spaced indicia for 
identifying preferred step locations, wherein the dis- 
tance between adjacent indicia is determined by the 
following formula: 


La(MjWw)*T 


where the distance between adjacent indicia in meters is 
L, a constant of 50.9095736 is equal to M, the person’s 
mass in kilograms is W, and the fixed period in seconds 
is T; and 


walking on the marked path by stepping upon each of the 
regularly spaced indicia wherein one step is made with 
each period of the audible signal. 
5. The training method of claim 4 wherein the fixed period 
is one second. 
6. The training method of claim 5, wherein the regularly 
spaced indicia are footprints. 
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(57) ABSTRACT 


This invention relates to a spacecraft which generates its 
own magnetic moment and magnetic field gradient in order 
to produce lift on the hull. The magnetic moment is gener- 
ated by a large area solenoid located in the hull. A toroidal 
core wrapped with electrical bobbins at intervals along said 
core produces a traveling magnetic wave along its surtace. 
This magnetic wave creates a spacetime curvature, similar to 
a tilted plate, which causes the formation of a magnetic field 
gradient. Power is not critical because the system uses a 
magnetic vortex wormhole generator to lower the speed of 
light in order to efficiently create highly relativistic fields 
due to Lorentz transformation. 
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Figure 5 
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BOBBIN ELECTROMAGNETIC FIELD 
PROPULSION VEHICLE 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention, which is the subject of my present 
application, is comprised of a toroidal core around which are 
wound a plurality of electromagnetic bobbins. The bobbins 
are pulsed electrically to create an amplified magnetic wave 
that travels around the core. At the same time, a circular 
electrical conductor carrying direct current creates a mag- 
netic field around its area which results in the formation of 
a magnetic moment. This magnetic moment, together with 
the spacetime curvature distortion created by the traveling 
Magnetic wave, produces a lift force on the vehicle. 


REFERENCE PAPERS 
[0002] Levitron, Hones, U.S. Pat. No. 5,404,062. 


[G03] Geometry of Electromagnetic Systems, Paul 
Hammond, page 179. 


BACKGROUND OF THE INVENTION 


[0004] The idea for this invention comes from experi- 
ments I have done using thin transformer laminations wound 
in intervals with bobbins of wire connected to a frequency 
generator. Pulsing the bobbins electrically creates a slow 
traveling magnetic wave along the surface of the lamination. 
The velocity of the wave, as shown by Hammond in the 
reference paper, is the square root of the frequency divided 
by the conductivity and permeability of the material. From 
Einstein’s General Theory of Relativity, this type of wave 
around the circumference creates a spacetime curvature 
distortion in the vertical direction that looks like a tilted 
plate. The magnetic field traveling around the circumference 
has to follow this curvature. This creates a magnetic gradient 
in the z-direction which together with the magnetic moment 
developed by a solenoid produces lift on the vehicle. 


SUMMARY OF THE INVENTION 


[0005] It is the object of this invention to create a magnetic 
field gradient and magnetic moment in order to produce a lift 
force on the hull of a vehicle. The magnetic field gradient is 
produced by a traveling magnetic wave which produces a 
tilting-plate spacetime curvature around the hull. The mag- 
netic moment is created by a simple circular wire carrying 
direct current around its area. 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 


[0006] Not Applicable. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0007] FIG. 1. The lift force on the vehicle is equal to a 
Magnetic moment times the magnetic field gradient. 


[0008] FIG. 2. Magnetic moment y created by direct 
current I flowing counterclockwise around the wire coil. 
Cylindrical coordinates are shown to the right. 


[0009] FIG. 3. The wire coil solenoid creates a magnetic 
field in the z-direction equal to the permeability of space 
times the number of turns per length of the solenoid times 
the current in the windings. 
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[0010] 
[0011] 


[0012] FIG. 6. The g metric tensor in cylindrical coordi- 
nates with the sinusoidal wave function in the {t,6} slots. 


[0013] FIG. 7. The spacetime curvature G,, in the vertical 
direction created by the magnetic wave traveling around the 
core. 


[0014] FIG. 8. Tilted plate spacetime curvature showing 
magnetic gradient. 


FIG. 4. Perspective view of bobbin spacecraft. 


FIG. 5. Magnetic wave velocity along core. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0015] 1. Referring to the equation in FIG. 1, the lift force 
on the bobbin spacecraft is equal to its magnetic moment 
times its magnetic field gradient. The magnetic moment has 
units of electrical current, measured in amps, times the area 
enclosed by the current. Thus the units of the magnetic 
moment are amp-m?. The magnetic moment can be created 
by a large, circular coil of wire carrying direct current I as 
shown in FIG, 2. The spacetime cylindrical coordinates {t, 
r, 4, z} are shown to the right of the drawing where t is time, 
r the radius, the honzontal angle 0, and the vertical height z. 


[09016] 2. The wire coil solenoid also produces a magnetic 
field in the vertical z-direction equal to the permeability of 
space j¢ times the number of turns per unit length of the 
solenoid n, times the current I in the winding. The equation 
is shown in FIG. 3 which can be developed from Ampere’s 
law that the magnetic field around a loop is equal to the 
current passing through the loop. 


[09017] 3. Referring to FIG. 4, the bobbin spacecratt 
consists of a large, horizontal, highpermeability toroidal 
core (D) wrapped at intervals with electrical bobbins (B) 
which can be pulsed electrically to create a traveling mag- 
netic wave around the core. Interior to this core is a large 
direct current solenoid (C) which produces said magnetic 
field in the z-direction. These devices are enclosed in a 
circular hull (A) containing the coils on the outer rim and a 
eabin area in the center. 


[0018] 4. Referring to FIG. 5, the velocity of the magnetic 
wave on the surface of the core is equal to the square root 
of the wave frequency w divided by the conductivity a times 
the permeability s¢ of the core material. When the first bobbin 
is pulsed, a wave starts to propagate along the surface of the 
core. As the wave passes the second bobbin in sequence, 
another electrical pulse is generated to amplify the wave. 
After many cycles, the wave traveling around the core 
becomes larger and larger in amplitude. 


[0019] 5. A traveling wave has a wave function equal to a 
sinusoidal function with an argument of the angle 8 around 
the periphery less the time t, or Sin[6-wt]. 


[0020] 6. In gravitational physics, there is a g metric tensor 
which is a measure of length in spacetime coordinates. 
When mass or electromagnetic fields are involved in a 
certain region of space, a curvature of space is created. The 
curvature of space can then be calculated directly from this 
metric tensor. The result is Einstein’s G curvature tensor 
which shows the spacetime distortion. The g metric tensor is 
a 4 by 4 matrix having rows and columns equal to time t, 
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radius r, angle theta, and vertical height z. The diagonal from 
top left to bottom right has a signature equal to {-1, 1,r°, 1}. 


[0021] 7. Because the magnetic wave traveling around the 
core is varying with time t in the theta direction, the wave 
function has to go into the {t,6} and {4,t} slots of the metric 
tensor, as shown in FIG. 6. 


[0022] 8. From this metric tensor, Einstein's G curvature 
tensor is calculated using a general relativity software pro- 
gram. The spacetime curvature in the vertical z-direction is 
contained in the G_, component. A 3D plot of this curvature 
with respect to radius and theta is shown in FIG, 7. The axis 
on the right side is the angle around the periphery, and the 
axis on the left is the radius which goes from 0 to 20 meters. 
The vertical axis of the graph is the spacetime curvature in 
the vertical z-direction. The center of the vertical axis is 
zero. At a small radius, there is a sinusoidal curvature which 
is positive from 0 to m and which is negative from 1 to 2m. 
What this looks like is a tilted plate as depicted in FIG. 8. 


[0023] 9. In flat spacetime with no electromagnetic fields 
or mass, the curvature would be the honzontal plate as seen 
FIG. 8. Due to the traveling magnetic wave, the spacetime 
curvature looks like the tilted plate. The flat-space magnetic 
field was pointing up in the vertical direction, having no 
divergence and no gradient. In curved spacetime, however, 
the magnetic field becomes tilted just like the plate and a 
magnetic gradient dB_/dz is created. This spacetime curva- 
ture gradient of the magnetic field times the magnetic 
moment of the second coil produces a lift force on the hull 
which is anchored to these coils. 


What I claim as my invention is: 

1. A spacecraft that generates a magnetic moment and a 
magnetic field gradient in the vertical direction in order to 
create a lift force on the hull. 
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2. A toroidal core wrapped with electrical bobbins at 
intervals around the core whose purpose is to create and 
amplity a magnetic wave that travels along the surface of the 
core. 


3. A circular, direct-current carrying solenoid, located 
radially inside the toroidal core, to create the magnetic 
moment. 


4. Said magnetic surface wave creates a spacetime cur- 
vature, similar to a tilted plate, which produces a magnetic 
field gradient in the vertical direction. 


5. A circular hull, with interior cabin, electrical power 
supply to drive the coils, and a computer to calculate and 
sequence the activation of the electrical bobbins. 


6. Magnetic sensors, in the form of small coils, located on 
the toroidal core which can detect the velocity and position 
of the traveling magnetic wave as feedback to the computer 
control system. 


7. A magnetic vortex generator, either rotating magnet or 
dual coil, to produce a wormhole through which low linear 
mass and low speed of light hyperspace energy can enter the 
hull in order to create highly relativistic electromagnetic 
fields. 


8. A variable current generator to modulate the direct 
current in the coil so as to produce a variable magnetic 
moment that can control lift, hover and descent. 

9. An electrical power supply using mechanical flywheel 
Stored energy together with a large area capacitor, resupplied 
with energy by solar cells located on the outer surface of the 
hull. 
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Figure 1 
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Figure 2 
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Figure 3 
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Figure 4 
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Figure 5 
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Figure 6 
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Figure 7 
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Figure 8 
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Figure 9 
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Figure 10 
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Figure 11 
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Figure 12 
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Figure 13 
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Figure 14 
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Figure 15 
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HYPERSPACE ENERGY GENERATOR 


BRIEF SUMMARY OF THE INVENTION 


[9001] This invention is a braided gold wire coaxial cable 
of micron size which generates hyperspace energy. 


BACKGROUND OF THE INVENTION 


[0002] Electrical experiments with micron-sized braided 
gold wire coaxial cable show that it is capable of generating 
substantial amounts of hyperspace energy. Referring to the 
electron microscope photograph shown in FIG. 1, the white 
Mist emanating from the cable is low-density hyperspace 
energy that is flowing in from a co-dimension of our 
universe, The dimensions of the cable are of such a particu- 
lar size as to couple the cable to the tetrahedral geometry of 
subspace, the dimension of space, the Planck mass and the 
linear inductance of the universe. 


[09003] According to physicist Dr. Edward Witten of Prin- 
ceton University, space has twenty-four dimensions, of 
which ten dimensions are non-redundant. Imagine taking a 
path around the Pythagorean triangle, as known as the planar 
tetrahedron, with sides equal to {vI, ¥2, ¥3} as shown in 
FIG. 2. There are three squares denoted the one-square (A), 
the two-square (B) and the three-square (C). Each square has 
four sides. The edge of each square can be traversed in two 
directions. Thus the total number of dimensions is 


ditto F444) 024 


[0004] Referring to FIG. 3, there is a path starting at the 
corner of the triangle, along the one-square (1), around the 
two-square (2,3,4,5), back along the one-square (6), around 
the three-square (7,8,9,10) and back to the comer of the 
triangle. The numbering of the edges shows that there are ten 
edges. Because the path is traversed in only one direction, 
the number of reduced dimensions is 


ittyeaucea®1(10)—10 


[0005] Referring to FIG. 4, the planar tetrahedron (B) 
forms one edge of the three-dimensional tetrahedron (A). 
Rotating the planar tetrahedron +120° produces the other 
two edges. The tetrahedron has four faces which are equi- 
lateral tnangles. The ten dimensional path starts and ends at 
(C), the corner of the tetrahedron known as the zero point. 


[0006] Referring to FIG. 5, the projection of the 3D 
tetrahedron (A) onto a plane is called the tetrahedron dia- 
gram (B) which is the main diagram of the new geometrical 
physics known as Aphysics. All the constants of physics can 
be derived geometrically from the tetrahedron diagram and 
its associated planar tetrahedron. An example of this is 
shown in FIG. 6 where the edges are given specific con- 
stants related to tetrahedral geometry, dimension, curvature, 
and the mass and wavelength of the elementary particles 
such as the electron and proton. The ten dimensional path 
includes the following constants 


[0007] 
[0008] b. proton wavelength 


[0009] c. 47m The solid angle of the sphere. The 
tetrahedron is circumscribed by a sphere. 


[0010] = d. In(22) The natural log of the curvature. The 
subspace geometry is a logarithmic manifold. The 


a. electron wavelength 
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tetrahedron diagram plots the logarithm of mass 
versus the logarithm of wavelength. 


[0011] «©. 0.599547652 A constant related to fractal 
dimension and the speed of light factor 2.99792458. 


[0012] f. v2 The edge of the two-square. 


[0013] g. ¥I0/10 The square root of ten dimensions 
per 10 dimensions. 


[0014] h. In(&Ac)-1 The natural log of the momen- 
tum of space less one. 


[0015] i. 


2x 
10 


[0016] The curvature of space per 10 dimensions. 
[0017] j. ¥2 The edge of the two-square. 


[0018] The length of each edge is multiplied by the 
constant assigned to that edge. The ten edges have the order 
of {¥I, ¥2, ¥2, v2, vI, ¥3, v3, v3, v3}. What subspace 
geometry does is to multiply the edge length, such as v1, 
times the square root of two ¥2. Then it takes the square root 
of that number and multiplies it by the next edge, which is 
v3, times the curvature per 10 dimensions 





2x 
To 


[0019] It then takes the square root of that number and so 
on. In equation form, this looks like the following calcula- 
tion 


3a] 36] 3c see thy 21) = 81,1104395 


[9020] where the letters correspond to those in the list of 
constants. The square root sum total is equal to the Planck 
scale Awhich is the bottom dimensional limit of the uni- 
verse. The sum of the ten constants per a speed of light 
circumference is equal to unity 








Su 
n=1¢ 


Trini) = 1.000000000 





[0021] where the log of the speed of light is 
In(cymIn(299792458)—19,51860099 


[0022] and multiplying by 27 is the circumference of a 
circle with a radius equal to the speed of light. 
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[0023] Referring to FIG. 7, the tetrahedron diagram plots 
the natural logarithm of mass on the vertical axis (C) versus 
the natural logarithm of wavelength on the horizontal axis 
(A). The reason for this is that the mass of the electron times 
its wavelength is equal to the mass of the proton times its 
wavelength which in turn is equal to Planck’s constant h 
divided by the speed of light, known as the base constant 
(B). If two numbers multiply, they sum in logarithms. In 
subspace geometry, the sum of the logarithm of the mass of 
the electron plus the logarithm of the wavelength is equal to 
the logarithm of the base constant which has a value of 
-95.91546344, 


h 
In Mtetectroy ) + LMA gection ) = i =) = —95.91546344 


[0024] What this means is that the mass and wavelength 
slide on a 45° base line (D) which has end points on the 
vertical and horizontal axes equal to the base constant. 


[0025] Referring to FIG. 8, a line (af) drawn from the 
origin at the tetrahedral angle of 19.47122063, equal to the 
asin(¥3}, creates a tetrahedron (F) along path (afg). This 
tetrahedron is circumscribed by a sphere (G) with sphere 
diameter (K). 


[0026] The Planck scale path calculation showed that the 
electron mass and the proton wavelength were the last two 
edges. The electron mass has a value of 


In(n,)=-69.1708321 7 
[0027] 
Ing =-26.74463127 


[0028] Referring to FIG. 9, the electron wavelength (A) is 
plotted as a vertical line on the tetrahedron diagram. The 
wavelength reflects off the circumscribing sphere (G), and 
returns as the electron mass (B). So the diagram incorporates 
the concepts of both classical physics (point mass particles) 
and quantum mechanics (wave particles), 


and the electron wavelength has a value of 


[0029] The proton wavelength has a value of 
In(Ap}=-34.26008901 


[0030] The proton wavelength (C) is plotted as a horizon- 
tal line in order to get the intersection (b) with the electron 
mass, 


[0031] Referring to FIG. 10, a circle (D) with a radius 
equal to the Planck scale is drawn centered (b) on the 
intersection of the electron mass with the proton wave- 
length, which are the last two edges of the Planck scale 
calculation. A line (ac) from the origin to the intersection of 
the base constant with the rotated tetrahedron creates the 
vertical tetrahedron (acd). As can be seen, the Planck scale 
is tangent to the tetrahedron on side (cd). This tetrahedron is 
the projection of the 3D tetrahedron shown before in FIG. 
5. What this means is that the tetrahedral geometry of 
subspace determines the bottom limit of our universe. And 
this bottom limit, called the Planck scale, contains within 
itself the mass and wavelength of the elementary particles, 
curvature, dimension and planar tetrahedral geometry. Tet- 
rahedron diagram tet0565 shows that the electron and proton 
are one and the same particle because the electron path 
rotates counterclockwise around the curvature and then 
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returns clockwise as the proton path. This path occurs 
moving through space and hyperspace. Because the single 
particle enters our universe from hyperspace at two different 
positions, we see it as two distinct particles. Thus the 
tetrahedron diagram shows that hyperspace exists. 


[0032] The speed of light is equal to the inverse of the 
square root of the permeability 4 of space times the permit- 
tivity € of space 


[09033] The permeability is linear inductance or inductance 
per length which you would find in a solenoid for example. 
The permittivity is linear capacitance or capacitance per 
length which you find in a capacitor. In an electrical circuit, 
the inductance and capacitance form a resonant circuit. The 
resonance frequency can be changed by changing the induc- 
tor or capacitor. In a similar manner, the speed of light is not 
constant, but can be lowered by increasing the permittivity. 
Hyperspace energy has a high permittivity and therefore a 
low speed of light. This low speed of light gives hyperspace 
energy a luminescent quality which is seen as a white mist 


(FIG. 1). 


[9034] From Einstein’s General Theory of Relativity, the 
stress pressure T on spacetime is proportion to the square of 
the ratio of the electric field E to the speed of light c. 


[9035] Thus substantially lowering the speed of light 
creates an enormous spacetime pressure which can be used 
to generate the lift force on electromagnetic field propulsion 
vehicles. Furthermore, the electric field is subject to the 
Lorentz transformation 





[0036] The electric field E, moving in a trame velocity of 
v, can quickly attain relativistic proportions because the 
speed of light could be 1 meter per second, rather than the 
enormous value in our universe of 299792458 meters per 
second. Thus one would like to permeate the hull of the 
electromagnetic field propulsion vehicle with this hyper- 
space energy in order to increase the electric field and hence 
the spacetime curvature around the hull which produces the 
enormous lift force on the vehicle. The method of bringing 
in this hyperspace energy is to use braided gold wire coaxial 
cable which is coupled to the geometry of subspace. The 
subspace geometry is contained in the Aphysics tetrahedron 
diagram. 


[0037] Just as space has a linear inductance and linear 
capacitance, it also has a linear mass 22 or mass per meter. 
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Physicist Dr. John A. Wheeler of Princeton likes to invert 
this and call it “mom” for meter of mass. The Planck mass 
is equal to the Planck scale Atimes the linear mass Q 


In@tpranx)=In( QA }——17.64290101 


[0038] Planck's constant h is equal to 27 times the Planck 
seale squared times the linear mass {2 times the speed of 
light c. 

h=2nA* Qe=2WA(QAIe 
[0039] which shows that Planck's constant is actually the 
circumference of a circle of radius Planck scale times the 


Planck mass times the speed of light. The base constant is 
therefore 





A JALAL 
base = - = 
¢ c 


= (22 A)QA) = -95,91546344 


[0040] which is an area, known as the Planck box, 
bounded by the Planck wavelength (271A) and the Planck 
mass. Everything outside the Planck box is hyperspace. 
Everything inside the Planck box is our universe. Thus the 
boundary between space and hyperspace is the Planck 
wavelength and the Planck mass. In logarithms, notice that 
the Planck mass and Planck wavelength, just like the elec- 
tron and proton, sum to the base constant. 


[0041] Referring to FIG. 11, the Planck mass (A) and the 
Planck wavelength (B) are plotted on the diagram and 
reflected off the sphere. The Planck wavelength intersects 
the tetrahedron at (b) which is the boundary between space 
and hyperspace known as the centerline of the diagram. The 
centerline has a value equal to the base times the square root 
of 4. 


ceniertine = | : base = —110.7536373 


[0042] Referring to FIG. 12, the centerline (C) is drawn 
on the diagram and the tetrahedron (E) is mirrored (F) across 
the centerline to indicate the co-dimensions of hyperspace. 


[0043] Referring to FIG. 13, a circle (H), centered at the 
base at the base (c), tangent to the centerline (C), has a radius 
equal to base times the square root of 4/3 less one 


4 
R= fa - tps = 1483817383 


[0044] This is the length that has to traversed in order to 
cross over the centerline from the base constant of our 
universe to the co-dimension of hyperspace. Furthermore, 
the Planck mass, which is the other boundary, has to be 
crossed in order to get to either axis as seen by the length 
between the vertical axis and line (A). It can be looked at 
also as the length needed to go from the Planck wavelength 
(B) to the tangent point of circle (H) in order to reach the 
center of the mirror tetrahedrons. 
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SUMMARY OF THE INVENTION 


[0045] This invention is a braided gold wire coaxial cable 
of micron size that is coupled to the subspace geometry of 
the universe for the purpose of bringing in low-density 
hyperspace energy into our universe from the co-dimensions 
of hyperspace. The dimensions of the coaxial cable are of 
such particular size as to enable it to couple to the ten 
dimensions of space, the 3:1 geometrical ratio of the tetra- 
hedron, the coaxial wave function based on the logarithm of 
the ratio of the outer radius to the inner radius of the cable, 
the length between the base constant of our universe and the 
centerline between mirror tetrahedrons, and the geometrical 
relationship between the Planck mass and the linear induc- 
tance of the cable. 


[0046] Referring to FIG. 14, the coaxial guide has an 
outer braided conductor (A) and an inner braided conductor 
(B) in which the outer and inner conductors are at radii a and 
b respectively. The linear inductance L of the cable is equal 
to the natural logarithm of the ratio of the radii times the 
permeability 4 of space divided by the curvature 2x 


L=w(z)e 


[0047] It can be shown that the ratio of the area-to-volume 
ratio of the tetrahedron to the area-to-volume ratio of its 
circumscribing sphere is 3:1. It is also the ratio of the area 
of the three-square to the area of the one-square on the 
planar tetrahedron. It is also the tetrahedral angle asin('3} 
equal to 19.47122063°. It is also a maximum work condition 
between the velocity ratio of a fluid stream and a moving 
vane such as in turbomachinery. So the first constraint on the 
radii is 


3 


exp({n{ =) +1) 


[0048] The second constraint is that the radius ¢ of the 
circle, equal to the difference between the base constant and 
the centerline, is related to ten dimensions. The value of the 
radius projected into our universe is 


c -| f= — ip = .3596358547- microns 


and the dimensional constraint is 


Lol ds 


[0049] 


incr )f = 10 
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[0050] The coaxial wave function constraint is 





[0051] The linear inductance of the coaxial cable has to be 
such that it gets geometrically across the Planck mass which 
is the second boundary of our Planck box 


fo 42 
exp! InfQlA)—L on Hi+1)=3 


[0052] With these four subspace constraints, the outer 
radius a and inner radius b of the cable are 


[0053] 
[0054] b=7.559058141 microns 





a=8.342461828 microns 


[0055] so the cable has an outside diameter of roughly 16 
to 17 microns. 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 


[0056] Not Applicable. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0057] FIG. 1. Electron microscope photograph of the 
coaxial cable and hyperspace mist. 


[0058] FIG. 2. The planar tetrahedron. 


[0059] FIG. 3. The ten dimensional path around the planar 
tetrahedron. 


[0060] FIG. 4. The relationship between the planar tetra- 
hedron and the 3D tetrahedron. 


[0061] FIG. 5. Projection of the 3D tetrahedron onto a 
plane to create the tetrahedron diagram. 


[0062] FIG. 6. Dimension, geometry, curvature and 
elementary particles that make up the ten dimensional 
Planck scale path. 


[0063] FIG. 7. Tetrahedron diagram showing base con- 
stant. 


[0064] FIG. 8. Tetrahedron diagram showing rotated tet- 
rahedron and circumscribing sphere with electron mass and 
wavelength reflecting off sphere. 


[0065] FIG. 9. Tetrahedron diagram showing intersection 
of electron mass with proton wavelength which are compo- 
nents of the Planck scale path. 


[0066] FIG. 10. Tetrahedron diagram showing Planck 
scale tangent to tetrahedron. 


[0067] FIG. 11. Tetrahedron diagram showing Planck 
mass and Planck wavelength intersecting tetrahedron. 
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[0068] FIG. 12. Tetrahedron diagram showing mirror tet- 
rahedrons across centerline, the boundary between space 
and hyperspace. 


[0069] FIG. 13. Tetrahedron diagram showing distance 
between the base constant and the centerline used to calcu- 
late the dimensions of the coaxial cable. 


[0070] FIG. 14. End view of coaxial cable showing radii 
a and b used in the subspace geometry constraints in order 
to couple to hyperspace. 


[0071] FIG. 15. Perspective view of braided gold wire 
coaxial cable. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0072] 1. Referring to FIG. 15, the coaxial cable has a 
braided gold wire outer conductor (A) and a braided gold 
wire inner conductor (B) separated by a dielectric (C). The 
open braiding promotes the conduction of the electromag- 
netic wave while allowing the hyperspace mist to seep out 
of the braid and permeate the surrounding material in which 
it is embedded. 


[0073] 2. The radius of the outer conductor a and the 
radius of the inner conductor b have the following values in 
order to couple the cable to the tetrahedral geometry of 
subspace. 


[0074] a=8.342461828 microns 
[0075] b=7.559058141 microns 


[0076] 3. Even though the wire size is very small, the cable 
can be made in limited lengths using the new nanotechnol- 
ogy and silicon micromotors. 


I claim: 
1. A coaxial cable which has: 


a) a braided gold wire outer conductor of radius 8.34 
microns; 


b) a braided gold wire inner conductor of radius 7.56 
microns; 


c) a thin dielectric separator between the two conductors; 
and 


d) an open weave to allow the hyperspace mist to seep out 
of the cable and permeate the surrounding material in 
which the cable is embedded; 

2. Aspecific relationship between the physical dimensions 

of the coaxial cable, given in items (1a) and (15), to the 
following tetrahedral subspace couplings: 


a) the ratio of the area-to-volume ratio of the tetrahedron 
to the area-to-volume ratio of its circumscribing sphere, 
equal to 3:1, with a coupling to the natural logarithm of 
the ratio of the radii of the conductors; 


b) the ratio of the area of the three-square of the planar 
tetrahedron to the area of the one-square, equal to 3:1, 
with a coupling to the Planck mass and the linear 
inductance of the cable; 


b) the distance between the base constant and ¥4/3 times 
the base constant, equal to -14.83817383 in natural 
logarithms, with a coupling to the outer radius of the 
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conductor, the ten dimensions of space, and the co- radius of the outer conductor to the radius of the inner 
dimensions of hyperspace; and conductor, and the curvature 27. 


c) the wave function of the coaxial guide given in terms 
of item (2c), the natural logarithm of the ratio of the *« *¢ F RF OR 


03 
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Figure 3 
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Figure 4 
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Figure 5 
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Figure 6 
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Figure 7 
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Figure 8 
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Figure 9 
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Figure 10 
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Figure 11 
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ELECTRIC DIPOLE MOMENT PROPULSION 
SYSTEM 


BRIEF SUMMARY OF THE INVENTION 


[0001] The invention is a spacecraft utilizing trapezoidal 
electrostatically charged flat plate panels which form a 
pyramidal hull. A panel contains three holes each of which 
produces a potential energy ellipsoidal bubble that creates an 
electric dipole moment. The rotation of the hull generates a 
magnetic moment and a magnetic field gradient in the 
vertical direction that produces a lift force on the spacecraft. 


BACKGROUND OF THE INVENTION 


[0002] It is known from electrodynamics that a hole in a 
conducting plane forms a potential energy bubble. This 
bubble creates an electric dipole moment from which it is 
possible to develop a magnetic moment. A rotating tilted hull 
produces a velocity gradient that generates a magnetic field 
gradient in the vertical direction. This combination produces 
a lift force on the spacecraft. A very large potential energy 
bubble is produced provided that the hole protrudes out of 
the plate in an ellipsoidal shape. Furthermore, a double 
cladding, in which each layer around the hole has a different 
permittivity, confines the field to the outside of the hull for 
even better results. 


[0003] The planar potential energy is created by a grid of 
electrically charged wires or rods running the length of each 
panel. A circular potential energy from each rod very quickly 
sums to form a flat sheet of energy which emerges from the 
hole to form the potential energy bubble. 


SUMMARY OF THE INVENTION 


[0004] The invention relates to a spacecraft utilizing a 
rotating octagon of trapezoidal electrically charged flat plate 
panels to form a hull in the shape of a pyramid. Each panel 
has three protruding ellipsoidal bubbles that produce an 
electric dipole moment from a planar potential energy field 
created by a group of charged rods parallel to the panel. 
Because the panels are tilted and the hull is rotating, there is 
a tangential velocity gradient in the vertical direction. This 
creates the magnetic moment. Because the hull rotates, the 
radial electric field produces a magnetic field gradient in the 
vertical direction. This combination of magnetic moment 
and magnetic field gradient produces a lift force on the hull 
of the spacecraft. 


[0005] On the underside of each panel is a group of high 
voltage electrically charged rods which run parallel to the 
panel. These wires or rods produce a planar electrical 
potential field underneath the holes in the panel. This 
potential energy field then bubbles out of the holes in the 
panel to create a large ellipsoidal potential energy field 
above the hull. The potential energy bubble carries an 
electric dipole moment which when rotated with the hull 
generates a magnetic moment in the vertical direction. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0006] FIG.1. Perspective view of electric dipole moment 
spacecraft. 


[0007] FIG, 2. Perspective exploded view of one panel 
with the ellipsoidal domes, flat hull panel with three holes, 
the charged rod grid and the planar potential energy field. 
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[0008] FIG. 3. Planar view of flat potential energy field 
produced by electrically charge wire rods. 


[0009] FIG. 4. Perspective view of cylindrical coordinates 
{r, 4, z}. 
[0010] FIG. 5. Perspective view of ellipsoidal potential 


energy field emerging from hole in plate which produces an 
electric dipole moment. 


[0011] FIG. 6. Planar view of field lines of potential 
energy bubble emerging from plate hole. 


[0012] FIG. 7. Planar view of sloping hull profile needed 
to get a velocity gradient. 


[0013] FIG. 8. Perspective view of hull showing electric 
dipole moment, the tangential velocity of the hull, and the 
magnetic moment. 


[0014] FIG. 9. Perspective view of the magnetic moment 
components in the radia] and vertical direction whereby the 
lift force is generated by the dot product of the vertical 
magnetic moment with the magnetic field gradient. 


[0015] FIG. 10. Perspective view of cross section of dome 
showing two layer cladding with different permittivities to 
enhance potential energy field. 


[0016] FIG. 11. Planar view of enhanced potential energy 
field with two layer cladding. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0017] 1. Referring to FIG. 1, the spacecraft is a rotating 
octagon of trapezoidal electrostatically charged flat panels 
which form a closed hull] (A). Each panel has three 
ellipsoidal domes (B) of varying size centrally located 
along the major length of the panel. The purpose of the 
dome is to create a large ellipsoidal potential energy 
bubble over the hull which develops an electrical dipole 
moment. Because the hull is rotating, a magnetic moment 
is created in the vertical direction. A magnetic field 
gradient created by the rotating electric field on the hull in 
combination with the magnetic moment produces a lift 
force on the hull. 


[0018] 2. Referring to FIG. 2, the trapezoidal hull panel 
(A) contains three ellipsoidal holes (E). A group of wires 
or rods (C) running parallel to and just undemeath the 
panel are electrically charged to a high voltage at the end 
terminals (B). The rods produce a planar potential energy 
field (D) just under the holes in the panel. The field 
emerges from the holes in the shape of an ellipsoidal 
bubble and is amplified by an ellipsoidal dome (F) on the 
outside of the hull. 


[0019] 3. Referring to FIG. 3, the group of parallel rods 
(A) are given a linear charge ~ in units of charge per 
meter. The electric field E developed by the rod is the 
linear charge divided by the circumference of a circle of 
radius r around the wire times the permittivity ¢ of space. 
The analysis of this arrangement shows that within a few 
grid width spacings, the potential energy field due to the 
electric field E, has become planar (B) in the z-direction 
given by the equation 


de-Eg 
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[0020] 4. Referring to FIG. 4, the following analysis is 
done in cylindrical coordinates {1,8,z}. 


[0021] 5. Referring to FIG. 5, the ellipsoidal potential 
energy (B) emerges through the hole in the panel plate 
(A). In doing so it creates an electrical dipole moment (C) 
shown by the arrow normal to the hole area. 


[0022] 6. Referring to FIG. 6, the bubble (B) emerges 
through plate (A). 


[0023] 7. Because the bubble has the shape of an ellipse, 
the centroid y of the bubble would be four thirds the 
radius a divided by x as given by 


_ 4a 
ellipse = 3 7 


[0024] The electric dipole moment is then given as the 
charge q times the centroid y. The charge of the hole is 
equal to the permittivity E times the electric field E 
emerging from the hole times the area of the hole of radius 
a 


coul? newton 2 
— m* =coul = charge 





q= Ena 5 
mé* newton coul 


[0025] 8. The electric dipole moment p is the centroid y 
times the charge q 


4a 4 . 
=— = =£pEa coul-meter 


2 
p=qy = Ena 3573 


[0026] The electric dipole moment p times the hull 
velocity v is equal to a magnetic moment j1 which is what 
creates the lift force on the hull 


Hsp amp-ni2 


[0027] 9. The rotating hull creates the electric dipole 
moment velocity so that the entire hull develops a mag- 
netic moment. In tensor notation, the magnetic moment pt 
is in the vertical z-direction because there is a radial 
component of the electric dipole moment times the veloc- 
ity. The velocity is the radius r in the radial direction times 
the angular velocity w in the z-direction 


mp xo? 


[0028] 10. The force F on the hull is the gradient of the dot 
product of the magnetic moment 1: with the magnetic B 
field 


FaV(wB) 


[0029] 11. By electrically charging the hull of the vehicle, 
a radial electric field is produced. By rotating the hull, the 
radial electric field changes with time. Thus Maxwell's 
equations will involve the curl of the magnetic field in the 
radial direction because the radial electric field is varying 
with time 
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=o 8E, 
(VXB= aa" 
[0030] 12. The cross product involves the magnetic field in 


the theta direction which is zero 


108: 08) 10, 108. 


rd@ a2 ° & ar r 80 





[0031] Substituting the derivative of the electric field 
E 
EyaE ge" 
[0032] and integrating with respect to angle theta gives 


the vertical magnetic field B as the tangential velocity v 
times the radial electric field E divided by the speed of 
light ¢ squared 


[0033] 13. The force on the hull is the gradient of the 
magnetic moment pt times the magnetic field B. In the 
equation for the magnetic field, the only available variable 
to work with in order to get a gradient of the magnetic 
field comes from the velocity. 


a B. x E, dy 
dz Od: 
[0034] 14. Referring to FIG. 7, because the hull is in the 


shape of a pyramid, the velocity is a function of the height 
z of the hull. Using eight flat sides keeps the radial electric 
field pointing in the same direction in each panel. Each 
panel] has three domes to produce the magnetic moment 
for a total of 24 magnetic moment generators. 


[0035] 15. Referring to FIG. 8, the electric dipole moment 
(A) points in the radial direction, the rotating hull pro- 
duces a tangential velocity (B), and the result is a mag- 
netic moment (C) along the panel. 


[0036] 16. Referring to FIG. 9, because the magnetic 
moment is paralle] to the panel, there are vertical and 
radial components of the magnetic moment. The vertical 
magnetic moment creates the dot product with the mag- 
netic field gradient, which is equal to the lift force. 


[0037] 17. FIG. 10 shows a cross-section of the dome (A) 
and the plate hole (B) with double cladding to enhance the 
field. The upper cladding (D) has a low relative permit- 
tivity in the range of 2 to 40, and the lower layer has a high 
relative permittivity in the range of 1200 to 4000. 


[0038] 18. Comparing FIG. 11 to FIG. 7, this dome and 
cladding configuration creates a much larger electric 
dipole moment compared to a hole in the plate. The wavy 
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lines are the equi-potential energy lines from the dome (C) 
and the upper layer (B) and the lower level (A). 


] claim: 
1. A spacecraft propulsion system comprising: 


a rotating octagon of trapezoidal electrostatically charged 
flat panels which form a closed sloping hull in the shape 
of a pyramid, 


panels each having three holes covered by three ellipsoi- 
dal domes of varying size centrally located along the 
major length and axis of each panel; and 


a grid of high voltage electrostatically charged rods 
located on the interior side of each panel such that a 
planar potential field is produced parallel to and under 
each panel hole. 

2. The domes, holes and rotating charged hull of method 

1 producing: 
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an ellipsoidal potential energy field emerging from the 
holes and generating an electric dipole moment on the 
outside of the hull; 


a magnetic moment in the vertical] direction due to the 
rotating electric dipole moment; and 


a rotating electric field in the radial direction which 
generates a corresponding magnetic field gradient in 
the vertical direction proportional to the velocity gra- 
dient of the sloping panels of the hull. 

3. A lift force on the spacecraft hull generated by: 


the magnetic moment times the gradient of the magnetic 
field in the vertical direction; and 


a dual surface layer hull cladding having different per- 
mittivities which enhance the electric dipole moment 
whereby the upper cladding has a low relative permit- 
tivity in the range of 2 to 40, and the lower layer has a 
high relative permittivity in the range of 1200 to 4000. 


* * * * * 
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This invention is a rotating spacecraft that produces an 
electric dipole on four rotating spherical conducting domes 
perturbing a uniform spherical electric field to create a 
magnetic moment interacting with the gradient of a mag- 
netic field that generates a lift force on the hull. 
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Figure 1 
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Figure 2 
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Figure 3 
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Figure 4 
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Figure 5 
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Figure 6 
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Figure 7 
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Figure 8 
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Figure 9 
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Figure 10 
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Figure 11 
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Figure 12 
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Figure 13 
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Figure 14 
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ELECTRIC DIPOLE SPACECRAFT 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is a rotating spacecraft that utilizes 
four spherical conducting domes perturbing a uniform elec- 
tric field in order to create a lift force by means of a magnetic 
moment times the gradient of a magnetic field. 


BACKGROUND OF THE INVENTION 


[0002] An electric dipole p is two electrical charges of 
opposite sign {q, -q} separated by a distance a. 


p=qa=coulomb-meter 


[0003] If this dipole is moving with a velocity v, it 
produces a magnetic moment 4. 


meter coulomb 


= py = gay = coulomb meter meter = fArea 
see 


[0004] The magnetic moment is equal to a current I 
circulating around an area. The magnetic field B has units of 
kilogram per second per charge coulomb. 


kg 


sec cout 


[0005] The gradient of the magnetic field in the vertical 
direction z has units of 


dB kg 
a sec coul meter 


[0006] This gradient interacting with a magnetic moment 
creates a force F measured in newtons. 


dB cout mm ke kg st 
=p = = = rewton 
. WE sec sec coufm sec? 


[0007] 
FaV (WB) 


In terms of vectors, the force is equal to 


which is the gradient V of the dot product (-) of the magnetic 
moment with the magnetic field. This means that the mag- 
netic moment has to be aligned with the field. The lift force 
on the spacecraft would then be the magnetic moment in the 
vertical z-direction 4, times the magnetic field in the z-di- 
rection B,. For constant magnetic moment, the gradient 
affects the magnetic field only, resulting in the same force 
equation 
FraV (uy By), VB, 

[0008] Referring to FIG. 1, the electric dipole has a 
positive charge q located on the z-axis at a distance a from 
the origin of the graph. A second negative charge -q is 
located at a distance -a from the origin. The positive charge 
produces an elecirostatic potential ), at a radius r, equal to 
the charge q divided by 4 times the permittivity of space €, 
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where the permittivity is linear capacitance, measured in 
farads per meter. The electrostatic potential has units of volts 





_ cout 1 cout _ , 
v= ( farad } meter farad  “°" 
meter 


because the charge in coulombs held by a capacitor is equal 
to the capacitance, measured in tarads, times the capacitor 
voltage. Because the second charge has the opposite sign, 
the potential ), at a radius r, to the same point in space is 


[0009] The total potential at some point in space is equal 
to the sum of the two potentials, or 


g gq fl 1 


= +o = = ——— = 
oh dmegr, Aregr2 4daenlr, re 


[9010] As seen in the diagram, the point of space is a 
distance r from the origin. Using the law of cosines, radius 
r, can be written as 


er 


‘= (+a —rareos(9)¥" = i + (ey - 2{=eos:a)) =r(l —2x7 tet 


where tis the ratio of the charge location over the radius, and 
x is cos(8). The potential for positive charge q, can be 
written 


_@7tl_ qt 2-2 
Bah. ag ca Saas 


[0011] Dropping the factor q/4xe€or, the square root can be 
expressed in terms of the Legendre polynomial P, cos(9) of 
the nth power 


gin =U dere ey? = >. Pa(xy" 
n=d 


where the absolute value of t is less than one. The polyno- 
mial coefficients of t" can be obtained by using the binomial 
theorem to expand the generating function g(t,x) as 
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[0012] The first three Legendre polynomials are therefore 


[0013] The electrostatic potential for both charges of the 
electric dipole is 


“Ve, ; 


#= Zo r{l1- AZ eons (2) - (1 +2{S}eon+ (yy") 


[0014] The potential can be evaluated in terms of the 
Legendre polynomials as 





a ap Py(cosi0yy(=) -y racoton-ir(2)| 
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[0015] The first and most dominant term when the radius 
is much greater than location a is equal to 


_ 2ag Piicosi@)0 
ane PP 





which is the electric dipole potential and 2aq is the dipole 
moment 
p=2aq 

[0016] Now imagine a constant electric field E, which is 
perturbed by a conducting sphere of radius a. The unper- 
turbed electrostatic potential outside the sphere would the 
negative of the electric field times the radius times the 
Legendre polynomial, or 


bys EP, 


[0017] The electrostatic potential perturbed by the charges 
is the voltage E,a times the radius a times the a of the dipole 
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moment times the Legendre polynomial divided by the 
radius squared 


Py 3 Pi 
92 = Eyaca> = Eya rn 


[0018] The total potential outside the sphere is the sum of 
the two potentials equal to 


3 : 
y= -EorP + Boa? ot = ~FoPi(r- =| = -EorP\(I -(4)) 


[0019] Reterring to FIG. 2, the previously uniform elec- 
tric field is shown perturbed by the neutral conducting 
sphere, The center of the sphere is taken as the origin and the 
Z-axis is oriented parallel to the original uniform field. 


[0020] The electric field induces a surface charge density 
o on the sphere equal to the negative of the permittivity of 
space times the gradient of the electrostatic potential 


ag 
T=-& Fplms = 3a Ey cosih) 


[0021] The electric field also induces an electric dipole 
moment on the sphere equal to the 


with units of coulomb-meter. If this sphere is rotating around 
a central axis at a velocity v, it will create a magnetic 
moment s equal to the dipole moment times the velocity. 


fe=pv 


with units of ampere-meter*. 


SUMMARY OF THE INVENTION 


[0022] As shown in the preceding background section, a 
neutral conducting sphere placed in a uniform electric field 
will generate a magnetic moment when rotated around a 
central axis. The electric field can be created by two points 
charges of opposite sign separated by a distance between 
them. 


[0023] Referring to FIG. 3, the spacecraft has a spherical 
cabin (A) to which are attached cone-shaped electrostatic 
towers (B,C) above and below the cabin along the direction 
of travel in the z-direction. Because the electric field goes 
from the positive charge to the negative charge, the tip of the 
lower tower has a positively charged electrode, and the 
upper tower has a negatively charged electrode. Four 
equally-spaced neutral conducting spheres (D) are con- 
nected to the cabin by non-conducting tubes (E). The tubes 
make an angle with the cabin such that the distance (CD) is 
greater than distance (DB). The angle 6 of the tube with 
respect to the cabin can be seen in side view FIG. 4. 
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[0024] Referring to FIG. 5, the charges create a uniform 
spherical field between the towers. The conducting spheres 
perturb this field such that the electric field (E) points toward 
the upper tower in a manner similar to that shown previously 
in FIG. 2. 


[0025] Referring to FIG. 6, the conducting sphere pro- 
duces an electric dipole moment (A) pointing at an angle 
toward the upper tower. 


[0026] Referring to FIG. 7, by the law of addition of 
vectors, the electric dipole p can be represented by two 
orthogonal vectors pointing in the vertical z-direction p, and 
in the inward radial direction p,. 


[0027] Referring to FIG. 8, the hollow tube (A) connect- 
ing the cabin with the conducting sphere contains a spiral- 
wound electrical solenoid (B} which produces a magnetic 
field (C). This magnetic field B can be decomposed into two 
orthogonal vectors pointing in the vertical z-direction B, and 
in the outward radial direction B, as shown in FIG, 9. 


[0028] Referring to top-view FIG. 10, the spacecraft has 
a clockwise angular velocity w (A) which gives the con- 
ducting sphere a velocity v as shown by the vector (B). By 
the right-hand rule of physics, the angular velocity vector 
points in the negative z-direction. The angular velocity in the 
z-direction crossed with the radius r in the radial direction 
produces a velocity v in the clockwise 6-direction using 
cylindrical coordinates {r,8,z}. 


Vg=h xh =o 
[0029] Referring to FIG. 1, the negative radial dipole 
Moment p, crossed with the negative velocity v, of the 


sphere produces a positive magnetic moment x, in the 
z-direction. 


#2=P,XV9=(-P, (Ve) =p 


[0030] Referring to FIG. 12, the magnetic field B, in the 
vertical z-direction is dotted with the magnetic moment gz, in 
the z-direction to produce a force F, in the vertical z-direc- 
tion on each conducting sphere (FIG. 13). 


FeV (uy Bay, VB, 


[0031] The magnetic field that is produced by the solenoid 
actually curves away and around. Thus there is a gradient of 
the field in the z-direction. 


[0032] The force can also be expressed in tensor notation. 
The magnetic B field in the vertical direction is part of an 
electromagnetic 4x4 matrix Faraday tensor F 


Bator @2 
a=7/0 o 0 o 
=r iB, tb 

veer -B, tb th 
a=z 0 00 


which shows that the magnetic field is located in slot F", of 
the Faraday tensor. In tensor notation the subscripts and 
superscripts have to match up on both sides of the equation. 
Matching subscripts and superscripts on the same side of the 
equation cancel. In this case, the electric dipole moment is 
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in the radial direction p,. The velocity can be represented as 
a time derivative of the 8-coordinate x® or 


[0033] Thus the force component in the z-direction 
becomes 


ee a8, AB; 
Fr = piv Foz = (— pV 5 = pea 


where the angular and radial tensor components cancel and 
comma-z (, Z) represents differentiation of the magnetic field 
in the z-direction. 


[0034] The spacecraft design also has an inherent motion 
control system for moving in various directions. If the 
magnetic field of one solenoid arm is increased or decreased, 
the force on that sphere will be increased or decreased. Thus 
the spacecraft can turn in a particular direction. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0035] FIG. 1. Electric dipole. 

[0036] FIG. 2. Uniform electric field perturbed by electric 
dipole. 

[0037] FIG. 3. Perspective view of spacecraft. 

[0038] FIG. 4. Angle of solenoid tube. 

[09039] FIG. 5. Electric field perturbed by conducting 
sphere. 

[0040] FIG. 6. Electric dipole generated by conducting 
sphere. 

[0041] FIG. 7. Orthogonal vector components of electric 
dipole. 

[0042] FIG. 8. Magnetic field produced by tube arm 
solenoid. 

[0043] FIG. 9. Orthogonal vector components of mag- 
netic field. 

[0044] FIG. 10. Angular velocity of hull. 

[0045] FIG. 11. Magnetic moment produced by radial 


electric dipole and sphere velocity. 


[0046] FIG. 12. Dot product of the magnetic moment with 
the magnetic field. 


[0047] FIG. 13. Vertical litt force on all four conducting 
spheres. 


[0048] FIG. 14. Perpective view of spacecraft interior. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0049] 1. Referring to the cut-away view FIG. 14, the 
construction of the spacecraft is a thin-wall insulating ther- 
moplastic having a dielectric constant in the range of 20 
kilovolts per millimeter (A). An insulated electrode (B) runs 
from the cabin power supply and high-voltage transformer 
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(C) to the tip of each tower (D). The four spheres (E) are 
silver plated to make them conducting. The tube solenoids 
(F) are driven by a direct current power supply (G). 


[0050] 2. The present model uses 3D computer design 
software and stereolithography fabrication techniques to 
create the thin-wall, low-weight, hollow structure of the 
hull. The computer model is sliced into many thin horizontal 
slices. A laser, mounted on an x-y table, draws out the slice 
on a table immersed in a bath of liquid polymer. Due to its 
sensitivity to the light, the liquid polymerizes. The table is 
then lowered a few thousandths of an inch more and the 
process is repeated. Thus making hollow spherical and 
conical shapes is extremely easy to do. Parts can be designed 
and stored in *.STL stereolithography files for transmission 
by Internet e-mail to the service bureau machine shop which 
sends the finished parts back the next day by express mail. 


I claim: 
1. A spacecraft comprising: 
a. a spherical cabin; 
b. an electrostatic conical tower mounted on top of item 


(1a), supporting a vertically-mounted negatively- 
charged insulated electrode at the tip of the tower; 


ce. an electrostatic conical tower mounted on the bottom of 
item (la), supporting a vertically-mounted positively- 
charged insulated electrode at the tip of the tower; 


d. a vertical electric dipole created by items (15) and (Le); 


e. a high-voltage transformer to drive item (1d), mounted 
in item (La); 
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f. four tubular arms, mounted at 90° around and extending 
at an angle from item (1a); 


g. four solenoids, each of which is mounted axially inside 
item (1); 


h. a direct current power supply to drive item (1g), 


i. four silver-plated conducting spheres, each of which is 
mounted on the end of item (1/); 


2. an electrostatic lift system that: 


a. produces a uniform spherical electric field by means of 
item (1@) which envelopes item (14); 


b. produces a perturbed electric field due to the presence 
of item (14); 


a 


. produces an electric dipole moment in the direction of 
item (15) due to items (2a) and (28); 


d. produces a vertical magnetic moment due to the clock- 
wise angular velocity of item (1¢) combined with item 


(2c); 


om 


. produces a vertical lift force on item (Lf) due to item 
(2d) combined with the magnetic field gradient in the 
vertical direction produced by item (1g); and 


ar] 


. creates a motion control system by varying the current 
to item (1g) in order to increase or decrease the effect 
of item (2e) on a particular item (1%). 
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Figure 1 
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Figure 2 
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Figure 3 
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Figure 4 
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Figure 5 
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Figure 6 
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Figure 8 
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Figure 9 
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PHOTON SPACECRAFT 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is a spacecraft propulsion system 
that employs photon particles to generate a field of negative 
energy in order to produce lift on the hull. 


BACKGROUND OF THE INVENTION 


[0002] Referring to FIG. 1, an electromagnetic wave 
traveling in the z-direction consists of an electric E field 
vibrating in the x-direction and a magnetic flux density B 
field vibrating at right angles in the horizontal y-direction. 
The energy-stress-momentum of this photon can be ana- 
lyzed using Einstein’s General Theory of Relativity and the 
Faraday F tensor. The Faraday tensor is a 4x4 matrix 
containing the electromagnetic wave components as shown 
here in general where c is the speed of light 


» » & E& 
c ¢ 
lg. 
— 0 B -B, 
Xloe . 
Fe= 
Buy E 
2-3 t B& 
zZ Cc 
E. 
= 8 -& 0 


For this particular photon, this tensor is 


0 *& og 0 
i c 
a| Ey 
Bete oe 
-j} i 0 0 0 
th B, O 0 


[0003] The elemental spacetime length ds squared is equal 
to sum of the squares of the Cartesian elemental lengths 


(ds)?m- (dey? +(dxP Hide y-4idz P 


The coefficients of this equation, {-1,1,1,1} are the diagonal 
components of the g metric tensor 


0 
Sap = 0 
0 


tate 


The stress-energy-momentum tensor T can then be calcu- 
lated for the photon using the Faraday tensor and the g 
metric tensor im the following equation from gravitation 
physics 


1 
AnTh = FM FY - 48" FapF* 
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The stress-energy-momentum tensor indicates the curvature 
of space due to the application of electromagnetic fields, 
mass, angular momentum and charge. The mass of the Earth, 
for example, generates a negative curvature of spacetime 
such that objects fall toward the mass. The T tensor, which 
is also a 4x4 matrix, contains the momentum or flux terms 
in the first row and first column. The normal pressure stress 
is located along the diagonal. The shearing stresses are 
located off the diagonal. The energy term is in the upper left 
comer as depicted here, 


r| energy flux, flux, flux, 
eae le flux, pressure, shear shear, 
es ¥|-flux, sheary, pressure, shearyz 
c| flux, shear, shear, — pressure, 


[0004] Since B*=E*/c’, the stress-energy-momentum ten- 
sor for the photon is therefore 





-E +E 
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This remarkable result shows that the photon is actually a 
negative energy particle (top left comer) which is pushed 
along by a positive pressure wave (lower right corner). The 
particle has a positive flux (upper right comer) in the 
z-direction, as well as a balancing negative flux in the lower 
left corner so that the overall momentum of the universe 
remains the same. All four components cancel and we see 
the photon as a massless particle moving at the speed of 
light. 

[0005] Thus the key idea behind this invention is that it is 
possible to cancel out the pressure term and leave a station- 
ary vibrating electromagnetic field of negative energy over 
the hull of the spacecraft. The importance of negative energy 
is that it is a prerequisite to generating wormholes between 
space and hyperspace. 

[0006] Hyperspace consists of the those co-dimensions 
which have different physics constants such as a low speed 
of light. The existence of hyperspace, which has a white 
misty look, is not a well-known scientific concept. Experi- 
ments with our magnetic vortex wormhole generators, 
hyperspace torque generator, full body levitation using Chi 
Kung breathing, arm levitation by spinning the co-gravita- 
tional K field, full body teleportation through hyperspace a 
distance of 100 meters using a pulsed gravitational wave, 
jumping into hyperspace, having a plate of toast enfold off 
the breakfast table and disappear into thin air, walking 
through walls and doors out-of-dimension, looking into 
other dimensions, remote viewing through subspace to dis- 
tances of 100,000 light years, and other electromagnetic 
experiments carried out by co-researchers, have shown us 
the reality and existence of hyperspace. 


[0007] Referring to FIG, 2, the spacecraft consists of an 
upper (1) and lower (2) hull attached by ceramic insulators 
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to a circular ring (3). The ring provides support and is 
attached to an outer sharp-edged rim which is electrostati- 
cally charged to a potential -V. The purpose of the charged 
rim is to generate a radial electric E field around the vehicle. 


[0008] Referring to FIG. 3, the radius of the ring (4) is 
equal to a. The distance from a point on the ring to the z-axis 
is r. The potential on the z-axis is therefore the charge 
divided by the distance, 





This potential is expanded as a series in terms of inverse 
radius r 


35ga8 3 5ga® : Aga _ ga’ af 
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The potential outside the ring can be written in terms of the 
Legendre polynomials P 


s 
1 
Vout = x (-y" Alp]LegendrePfn, Cos(#)] 
nad 


where s is the number of terms in the expansion. By equating 
the known particular solution potZout on the z-axis with the 
general Vout solution, the coefficients A[n] are found to be 


adn= 4 

a 

AU) =0 
-4 
A= = 
( 2a 


A(3) =0 


which are substituted back into the Vout equation to get the 
potential outside the ring. 


[0009] Referring to FIG. 4, the potential (dotted lines 6) 
looking at a slice through the ring (5) is shown together with 
the electric E field. The negative gradient of the potential is 
the electric field (7) shown by the direction of the arrows. 
The importance of this diagram is that the electric field 
points in the radial direction toward the negatively charged 
ring. The force on an electron is the electron charge times the 
electric field 


Fog E=—{q.\ CE )R+F 
Because the electron charge is negative and the radial field 
points in the negative direction toward the ring, the force on 
the electron is positive. Thus the electron moves away from 
the ring in the positive radial direction. A 3-dimensional plot 
of the ring (8) and the electric field (9) is shown in FIG. 5. 


[0010] The stress-energy-momentum generated by a radial 
electric field is calculated using the Faraday F tensor 
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The g metric tensor has to be given in spherical coordinates 


{18,6} 


-10 0 0 

0 10 0 
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where 4 is the angle from the vertical to the radius r. The 
stress tensor T™ along the radial direction is 


which shows that the pressure is negative along the radial 
line equal to the square of the radial electric field divided by 
the square of the speed of light. Because the field is squared, 
it doesn’t matter that the electric field points in the negative 
direction. The square makes it positive, but the overall] 
curvature pressure is negative. Thus this negative pressure 
cancels out the positive pressure propelling the photon 
along. The second key idea of the invention is how to 
generate this photon moving in the radial direction. 


[0011] Ithas been known for a long time in physics that an 
electron moving in a circular path will emit photons in a 
process known by the German word Bremsstrahlung which 
is translated as “breaking radiation.” There are several types 
of radiation such as classical Bremsstrahling involving a 
charged particle making a collision with another charged or 
uncharged particle in which photons are emitted. The quan- 
tum mechanical Bremsstrahlung involves the sudden 
appearance or disappearance of a charged particle which 
also emits radiation. In space, having a field of wormholes 
in Which the electrons are spiraling down into hyperspace 
would result in the emission of photons by the quantum 
mechanical method. Also, in the atmosphere, having colli- 
sions with air molecules results in emission of photons in the 
classical way. 


[0012] In order to get the electrons to spiral around and 
emit photons, a crossed electromagnetic field is used as 
shown by the following equation 


Pag(E,+v.x8q) 
where the velocity v is in the positive radial direction due to 
the force of the electric field. The velocity crossed with a 
magnetic flux density B field in the 4-direction makes the 


electron move sideways back and forth in a wiggling 
motion. 


[0013] Referring to FIG. 6, a direct current solenoid (10), 
represented by multiple current loops, running vertically 
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through the center of the hull, generates a magnetic field that 
curves around the outside of the hull, as shown by contour 
lines (12). The north pole (11) is at the bottom of the hull. 
A radial arrow (13) from the electrostatically-charged rim is 
perpendicular to the magnetic field lines. The cross product 
in the force equation becomes the electron radial velocity 
times the magnetic field v, Bg. 


[0014] Referring to FIG. 7, the electric field is in the 
y-direction and the magnetic field is in the z-direction. The 
flat looping path in the x-direction is the motion of the 
electron. The electron, which has a negative charge, starts to 
move in the direction opposite to that of the electric field. In 
this particular diagram, the electron acquires a velocity in 
the negative y-direction. Then a sideways force in the 
x-direction is produced due to the cross product of the 
velocity with the magnetic field times the negative charge 


-ql-vxB, at, 


Depending on the magnitude of the velocity, various size 
loops can be produced. 


[0015] In terms of the hull coordinates, because the flat 
loop is in the plane of the electric field which points in the 
radia] direction, the electron emits light in the radia] direc- 
tion. This condition means that the negative radial pressure 
created by the electric field cancels the radial pressure of the 
photon. Thus the photon becomes a stationary vibrating 
quantum of negative energy. This has the appearance of a 
luminescent light source. The stress tensor for this condition 
is therefore 


Ee 2 
Ee ra ae 
ore 00 ge ee 
= ape alt iy 
Pr 0 0 0 qa residual negative energy 
E 
-—= OF ft 
7 
[0016] residual] negative energy 


which leaves a residual negative energy per photon. 


[0017] Referring to FIG. 8, the negatively charged rim 
(14) produces a radial electric tield (16) that crosses the 
magnetic B field (15) of the solenoid. Electrons emitted by 
the charged rim then encounter this crossed field which 
makes them spiral (17) around the hull. Because of the tight 
loop, the electron emits Bremsstahlung radiation in the 
radial direction (18). The positive pressure field of the 
photon, which is directed in the radial direction, is canceled 
by the negative pressure field (19) created by the electric 
field. Because the photon energy is negative, a stationary 
vibrating electromagnetic quantum of negative energy (20) 
surrounds the hull. 


[0018] This negative energy and the pressure stress cre- 
ated by the electromagnetic fields open up wormholes 
between space and hyperspace. The potential head is posi- 
tive from hyperspace into space because the energy of 
hyperspace is more positive than the negative energy field. 
The low-density hyperspace energy fills the hull and its 
surrounding space with a white misty hyperspace energy 
which makes the spacecraft lighter in mass, and therefore 
lighter in weight within a gravitational field. The actual 
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physics is more complicated still because the electrons find 
that the resistance of hyperspace is lower than the resistance 
of space. Thus they spiral down the wormholes which results 
in a sudden disappearance of charge. The quantum mechani- 
cal effect of this is to radiate even more photons which in 
turn produce even more negative energy. 


[0019] The lift on the hull is generated by the radial 
electric field. In cylindrical coordinates, the g metric tensor 


Using this metric tensor, the pressure stress in the vertical 
direction T** is 


Ee 
T? = — 
8xc2 


which is a positive curvature over the hull. The mass of 
Earth produces a negative curvature in which objects fal] 
toward the mass. By counteracting this negative curvature 
with a more than positive curvature, lift is developed on the 
spacecraft. Because the negative energy lowers the effective 
mass of the vehicle, the acceleration is large with a modest 
electric field. Moreover, in our dimension, the speed of light 
is 299792458 meters per second. Hyperspace energy has a 
speed of light equal to one meter per second. Thus the stress 
is amplified by a factor of 


35 (—— is 


2 
x9-HHe 
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Because electromagnetic fields are relativistic, motion in a 
low-velocity-of-light energy field amplifies their strength. 


SUMMARY OF THE INVENTION 


[0020] It is the object of this invention to create a space- 
craft propulsion system that produces wormholes between 
space and hyperspace using negative energy in order to 
generate lift on the hull. It was discovered in the Riemannian 
curvature calculations of gravitation physics that negative 
energy is required to keep open the throat of the wormhole. 
From experiments with the magnetic vortex wormhole gen- 
erator, it is known that the proper combination of electro- 
magnetic fields, together with this negative energy, can 
create a wormhole through which smoke can be blown into 


hyperspace. 


[0021] Referring to FIG. 9, the directions of force, veloc- 
ity, and electromagnetic fields are referred to in the cylin- 
drical coordinate system {r,4,z}. An  electrostatically 
charged sharp-edged ring in the 8-direction around the hull 
of the spacecraft produces a radial electric field. A vertical 
solenoid in the z-direction through the center of the hull 
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produces a magnetic field which is perpendicular at the nm 
to the electric field. With the current in the solenoid flowing 
in the clockwise (-6) direction, using the right-hand rule, the 
magnetic field points in the upward z-direction outside the 
rim. Because the rim is charged to a negative voltage, the 
electric field points toward the hull in the negative radial (-r) 
direction. Electrons emitted by the rim travel outward (+v) 
because the charge on the electron is negative which, 
together with the negative electric field, produces a positive 
radial force. The radial force on the electron causes it to 
acquire a velocity which interacts with the magnetic field. 
The cross product of the velocity (+v) with the positive (+B) 
magnetic field produces a sideways force on the electron in 
the negative 6-direction. However, because the charge on the 
electron is negative, the force is 


Fa-gq{v,0,0}x{0,0,5,}=(0,95,»,,0} 


which is positive in the 6-direction. It is this sideways force 
that produces a flat spiraling or looping motion whereby the 
electron emits photons, known in German as Bremsstahlung 
radiation, in the radial direction. The photon, which is 
actually a quantum of negative energy, has a positive radial 
pressure which propels it along. Because the radial electric 
field produces a negative pressure in the radial direction, the 
two opposite fields cancel in the radial direction to form a 
residual stationary vibrating negative energy. Thus the hull 
becomes surrounded by negative energy which, together 
with the pressure stresses created by the electric field, 
generates wormholes between space and hyperspace. 


[0022] The gravitational potential between hyperspace 
and space is positive because the hyperspace energy is more 
positive than the negative energy around the hull. Thus the 
low-density, low-speed-of-light hyperspace energy flows 
through the wormhole and fills the hull. This has the effect 
of reducing the effective mass of the hull. Because the 
electric field generates a positive pressure over the hull in the 
vertical z-direction, there is an upward force on the vehicle 
due to the pressure times the hull area. Since the vehicle has 
a low mass, there is a modest upward acceleration on the 
spacecraft equal to the force divided by mass. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0023] FIG. 1. Perspective view of an electromagnetic 
wave. 


[0024] FIG. 2. Perspective view of spacecraft. 
[0025] FIG. 3. Perspective view of charged ring. 


[0026] FIG. 4. Planar plot of the radial electric field 
produced by charged ring. 


[0027] FIG. 5. Perspective view of radial electric field 
around ring. 


[0028] FIG. 6. Planar view of magnetic flux density field 
contour lines. 


[0029] FIG. 7. Perspective view of electron motion in 
crossed electric and magnetic fields. 


[0030] FIG. 8. Perspective view of production of negative 
energy around hull. 


[0031] FIG. 9. Perspective view of cylindrical coordinate 
system {r,0,z}. 
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DETAILED DESCRIPTION OF THE 
INVENTION 


[0032] 1. The hull is made from a single sheet of alumi- 
num which has been stretched to its yield point by 
hydraulic cylinders. An upper and lower die is CNC 
machined to the profile of the hull. The soft sheet is then 
clamped in the die where it takes on the smooth shape of 
the hull without any wrinkles. The hull is extremely rigid 
after forming and does not require any structural rein- 
forcements. 


[0033] 2. Asection of the aluminum ring is made in a 3D 
computer graphics program. The model is stored as a 
stereolithography file (*.stl). The computer model is then 
sent via Internet e-mail to the stl server who prints the part 
in an ultraviolet light-cured polymer. The part is retumed 
the next day by Express Mail. Using a rubber blanket 
mold to create several ring sections, the entire ring is 
assembled together in another wooden mold box having 
thin circular laminate-coated particulate wall boards on 
either side of the ring. Then a liquid rubber mold is poured 
on top of the ring and allowed to harden overnight at room 
temperature. Since the rubber mold is flexible, the ring 
can be extracted fairly easily. This rg model is then sent 
to the foundry where it is cast in aluminum using the lost 
wax process in which a wax mold evaporates out of the 
sand casting. We are also experimenting with non-mag- 
netic copper casting metals containing beryllium having 
good conductivity. 


[0034] 3.A 11.5 cm plastic pipe is mounted on a rotating 
fixture driven slowly by a microcontoller, stepper motor, 
and power electronics board. Using a large diameter 
insulated wire, such as a 17 AWG with a wire diameter of 
0.127 cm, the wire is wound slowly on the pipe and 
expoxied so that the windings don’t come loose. The 
solenoid is then mounted vertically in the hull supported 
by the support ring and driven by a current generator 
located nearby on the test rig. 


[0035] 4. The ring is driven by a high voltage electrostatic 
generator similar to the night vision scope high voltage 
power supplies. The ring charge is isolated from the hull 
by ceramic insulators. 


I claim: 
1. A spacecraft propulsion system comprising the com- 
ponents: 


an aluminum horizontal circular structural support ring; 


an aluminum hull in the shape of a high dome on top and 
shallow dome on the bottom attached to the circular 
support ring using ceramic insulators; 


an electrostatically negatively-charged sharp-edged circu- 
lar ring, preferably of non-magnetic aluminum or cop- 
per, attached with ceramic insulators to the outside of 
the support ring; 


a solenoid mounted through the center of the hull in the 
vertical direction and attached to the center of the 
support ring. 


an electrostatic high-voltage generator to drive the outer 
electrostatic ring, and 


a direct high-current generator to drive the solenoid. 
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2. The method of claim 1, wherein a negative radial 
electric field is generated around the hull by placing a 
negative potential on the sharp-edged electrostatic ring using 
the electrostatic generator. 

3. The method of claim 1, wherein the current-driven 
solenoid generates a vertical magnetic field around the hull 
with the north pole of the solenoid facing down through the 
bottom of the hull which causes the magnetic flux density 
field to point up outside the nim. 

4. The method of claim 1, wherein electrons are emitted 
radially by the sharp edge of the charged ring. 

5. The methods of claims 2, 3 and 4, wherein the crossed 
electromagnetic fields cause the electrons to spiral around in 
flat loops during which photons are emitted in the radial 
direction. 

6. The methods of claims 2 and 5, wherein the negative 
radial pressure created by the electric field cancels the 
positive radial pressure of the photon to leave a residual 
quantum of negative energy per photon around the hull. 

7. The methods of claims 2 and 6, wherein the pressure 
stress created by the electric field, and the negative energy 
combine to form wormholes between space and hyperspace. 
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8. The method of claim 7, wherein low-density hyper- 
space energy of a higher gravitational potential flows 
through the wormholes to fill the hull and surrounding space 
around the hull with the effect of reducing the effective mass 
of the spacecraft. 


9. The method of claim 2, wherein the electric field 
generates a positive pressure in the vertical direction over 
the hull which together with the hull surface area, generates 
an upward lift force on the hull. 

10. The method of claim 6, wherein the negative energy, 
having a low light speed, amplifies the strength of the 
electromagnetic fields and pressure stress fields. 

11. The methods of claims 4 and 7, wherein the electrons 
spiral down the low resistance wormholes into hyperspace 
such as to create a sudden disappearance of electrical charge 
which quantum mechanically causes a large emission of 
additional photons. 
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Figure 1 
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Figure 2 
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Figure 3 
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Figure 4 
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Figure 5 
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Figure 6 
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Figure 7 
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Figure 8 
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Figure 9 
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Figure 10 
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Figure 11 
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Figure 12 
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Figure 13 
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Figure 14 
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Figure 15 
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Figure 16 
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Figure 17 
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Figure 18 
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Figure 19 
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Figure 20 
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Figure 21 
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Figure 22 
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Figure 23 
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Figure 24 
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CAVITATING OIL HYPERSPACE ENERGY 
GENERATOR 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is a hyperspace energy generator 
that uses cavitating oil bubbles within a magnetic field in 
order to create wormholes between space and hyperspace for 
the purpose of permeating the hull of a spacecraft with 
low-density, low-speed-of-light hyperspace energy. 


BACKGROUND OF THE INVENTION 


[0002] As shown by physicist Dr. John Archibald Wheeler 
of Princeton University, there is a second term in Newton’s 
gravitational equation which includes an additional force 
depending on whether or not the body is spinning. 


Fangpn(yxQ) 


[0003] where F is the force, m the mass, g the acceleration 
of gravity, v the forward velocity of the body, and & the 
angular velocity of the body. Referring to FIG. 1, a rotating 
cylinder (A) is moving with a velocity (B) while spinning 
counterclockwise as shown by the angular velocity vector 
(C). The velocity crossed with the angular velocity vector 
produces a force in the upward direction (D). 


[0004] Referring to FIG. 2, a pendulum (A) held in the left 
hand over the right hand will spin in the counterclockwise 
direction due to the hyperspace energy vortex (B) emanating 
from the palm of the right hand. This vortex arises because 
human beings are hyperspace energy beings that live in 
physical containers located in this universe. The vortex 
might be considered a wormhole between space and hyper- 
space. Notice that the angular momentum vector of the 
vortex points up out of the palm of the hand. If the hand were 
spinning from left to right, then there would be a force 
exerted, as shown by the above equation, that would bring 
hyperspace energy into the right arm. 


[0005] Referring to FIG. 3, in order to test this hypothesis, 
a Chakra Vortex Accelerator was built for the purpose of 
spinning this hand vortex. The motor-driven machine has a 
base (A) on which is mounted a warehouse palletizing nng 
and platform (B). A control column (C) has a speed control 
and on/off switch. A person (D) stands on the platform with 
his right arm outstretched and palm facing upward (E). The 
platform spins from left to nght. 


[0006] Referring to FIG. 4, the velocity vector (A) points 
to the right. The angular momentum vector of the rotating 
chakra energy vortex points up. The cross product AxB=C 
produces a force that brings in high permeability hyperspace 
energy into the arm. 


[0007] Referring to FIG. 5, after spinning 99 times per 
day for a few months, it was noticed that the right arm (A) 
would remain out at an angle > from the body without 
making any exertion to do so. The left arm, which was not 
receiving the energy, remained at the side of the body. That 
is, the low-density hyperspace energy in the right arm was 
making the arm lighter and producing a subsequent anti- 
gravitational effect. The conclusion was that it might be 
possible to invent some device which would produce large 
amounts of hyperspace energy. This would make possible 
relativistic electromagnetic fields which can be used to 
produce the lift force for electromagnetic field propulsion 
vehicles. 
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[0008] Then in the February 1995 issue of Scientific 
American, an atticle appeared entitled Producing Light from 
a Bubble of Air which gave the details for producing 
sonoluminescence from a cavitating bubble using a kit for 
sale containing the piezoelectric transducers. Referring to 
FIG. 6, the experimental setup includes a ring stand (A) with 
a three-finger clamp (B) holding a 100 milliliter flask 
containing degassed water produced by a Walsh vacuum/ 
pressure pump. Piezoelectric drive transducers (D) are 
mounted on the sides of the flask in order to create sound 
plessure waves which create the cavitation bubble (M) in the 
center of the flask. The transducers are connected by insu- 
lated wire (I) to a pair of inductors (E) having a mutual 
inductance between them. These inductors are driven by a 
frequency generator (H) connected to an audio amplifier (G). 
The oscillation signals are picked up by the oscilloscope (J) 
which is connected to the resistors (F) using the probes (K). 
The piezoelectric drive transducers act electrically as capaci- 
tors. The inductors are wired in senes with the capacitance 
such that the combination resonates at the frequency at 
which acoustic resonance occurs. Bubbles introduced into 
the flask tend to coalesce in the center of the flask Above a 
certain sound intensity, the bubble will collapse and emit a 
dim light visible to the unaided eye in a darkened room, a 
process called sonoluminescence. 


[0009] Further research showed that there were some 
earlier doctoral theses available. One of them by Dr. Steven 
DeWitt Horsburgh entitled Radial Instabilities of a pulsating 
air bubble in water mentioned a most interesting observed 
phenomenon of the surface oscillations called a “beaconing 
effect.” When a bubble exhibited a stable or long-lived shape 
oscillation lasting more than two minutes, the bubble had a 
tendency to slowly precess. The precession rate was on the 
order of a few hertz which can be taken to mean around 3 
Hz. Visually, the beacon looked like a light house beacon. It 
was a very obvious effect and when the beacon crossed the 
photodiode, the output voltage increased by at least an order 
of magnitude. 


[9010] Upon reading this, it became apparent that sonolu- 
minescence is involved with gravitational hyperspace phys- 
ics. Einstein’s theory says that inertia is a manifestation of 
the geometry of spacetime. It also says that geometry is 
affected by the presence of matter to an extent proportional 
to the factor G/c? where G is the gravitational constant and 
c is the speed of light. The inverse of this factor is the linear 
mass {2 of the universe. A spherical shell of mass m with a 
radius R will create a drag angular velocity on a pendulum 
equal to 


Mshett 
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[9011] The mass of the shell divided by the linear mass 
{mass per length} converts the mass into a length which is 
then divided by the radius of the shell which is also a length. 
The numerical factor 4/3 is found only by a detailed calcu- 
lation. The calculation, starting from a flat background 
spacetime manifold, showed the effect of the moving current 
of mass on the metric. Expressed in polar coordinates, the 
metric acquires a non-zero coefficient g,,. Inserted into the 
equation for geodesic motion, this off-diagonal metric coef- 
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ficient gives rise to a precession according to the above 
equation. The numerical factor corresponds to a pendulum 
located anywhere inside the rotating shell of mass. 


[0012] In other doctoral theses, books and physics articles 
on cavitation, light is emitted after the bubble starts to 
collapse. A very sharp peak of light is produced which lasts 
in terms of picoseconds. Thus this type of sonoluminescence 
is very different than the beaconing effect where the bubble 
remains stable for long periods of time. The beaconing ettect 
is actually a rotating wormhole between space and hyper- 
space. 


[0013] Briefly what happens is that there is ionized gas in 
the bubble which releases electrons. As the electrons spiral 
down through the wormhole from space into hyperspace, 
they give off light. This situation puts the electrons in contact 
with the charge of hyperspace. Space has a charge which is 
equal to the sum of the electron charge q, and the hyperspace 
charge q,. The charge of space q is equal to the Planck mass 
times a conversion factor between mass and charge. The 
Planck mass is equal to the linear mass & of the universe 
times the bottom dimensional limit of the universe known as 
the Planck scale A. The conversion factor is the square root 
of the gravitational constant G times the permittivity of 
space €. The permittivity is linear capacitance or capacitance 
per unit length. Thus the charge of space is 


gn AQvGeng +9 


[0014] Because the electron comes in contact with the 
hyperspace charge, the drag angular velocity in the above 
equation has to be modified. Notice that if the angular 
velocity of the shell is modified by the electron fine structure 
constant ct, and the mass involved is the mass of the electron, 
moving through a radius into hyperspace of the Planck scale 
A, then the drag angular velocity would be 
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[0015] The angular frequency of the shell is 2x times the 
electron frequency f,. 


Weneu=Merectson=2Mb, 
[0016] The inverse of the electron fine structure constant 


a is equal to Planck’s reduced constant Atimes the speed of 
light c times the factor 40 times the permittivity of space € 
divided by the square of the charge of the electron q,. 
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[0017] Planck's constant is equal to the Planck scale A 
squared times the linear mass Q times the speed of light. 
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[0018] Notice that the fine structure constant has a square 
in it and Planck’s constant also has a square. If the electron 
charge were traveling through the Planck scale into hyper- 
space, then there would be a linear charge equal to the 
electron charge divided by the Planck scale 
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[0019] The constant equal to the linear mass Q times the 
permittivity times the square of the speed of light is actually 
the square of the linear charge » of space. So the fine 
structure constant can be written 





[0020] So the electron fine structure constant is related to 
the ratio of the charge of hyperspace to the charge of the 
electron, which is the reason that the equation had to be 
modified. The electron moving across the Planck scale 
wormhole is modified by the hyperspace charge it is seeing 
in a hyperspace co-dimension. This confirms that the bea- 
coning effect is a rotating wormhole into hyperspace. 


[0021] The electron fine structure constant is actually the 
fastest velocity in the Bohr atom. The fine structure constant 
is the ratio of the electron orbital velocity to the speed of 


light. 


[0022] where the permitted quantized n orbital speeds are 
v,/n or v/1, v/2, v/3 and so on. Using a value of v/3, the fine 
structure constant would be 


[0023] which when substituted into the drag angular fre- 
quency equation 








Me 
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[0024] The frequency of precession is 


“eet = 2.83 Hz 
at 
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[9025] which is close to the 3 Hz observed in the experi- 
ment. The ionized electrons are moving at a slower velocity 
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in the bubble. The 1/3 ratio could also come from the 
subspace tetrahedron geometry where the tetrahedral angle 
is determined by this ratio 


@=asin(1/3)=19.47122062° 


[0026] This is an alternative possibility because this angle 
determines the charge of hyperspace according to the tetra- 
hedron diagram of Aphysics. In geometrical physics, all the 
constants of physics are determined geometrically by the 
tetrahedron. The tetrahedron diagram plots the natural loga- 
rithm of mass versus the natural logarithm of wavelength. 
The tetrahedron is circumscribed by a sphere which reflects 
the electron wavelength into the electron mass. Thus the 
diagram combines the dual reality of classical physics, 
involving point mass particles, and quantum physics, 
involving wave-like particles. The scientific discovery that 
the electron and the proton are one and the same particle was 
made using this diagram. It also shows that hyperspace 
exists. 


[0027] Referring to the tetrahedron diagram in FIG. 7, a 
line drawn at the tetrahedral angle produces the tetrahedral 
lines (A,B) along path (abc). This tetrahedron is circum- 
scribed by sphere (C) with diameter (G). The electron 
wavelength (vertical dotted line D) reflects off the sphere 
(d,f) and returns as the electron mass (F). The distance (df) 
between reflection points is equal to the natural logarithm of 
the hyperspace charge. It can be shown that the electron 
charge is related to the geometry around the top of the 
sphere. Part of the geometry is outside the sphere which 
makes the charge immune to relativistic velocities. 


[0028] Referring to FIG. 8, a current-carrying solenoid 
(A) produces a magnetic flux (B) through the center of the 
coil. The end of the solenoid behaves like a magnetic 
monopole. One end has a positive magnetic charge density 
+p,, and the other has a negative magnetic charge density 
-p,,- One of Maxwell's electromagnetic equations states 
that the divergence of the magnetic field is equal to the 
magnetic charge density. 


V BaP + Pm-PmeO 


[0029] Because the magnetic field is solenoidal, the sum 
of the charges in our spacetime is equal to zero, which is the 
usual Maxwell equation. In the case of the wormhole, one 
pole of the magnetic flux is in our spacetime and the other 
pole is in a co-dimension of hyperspace. In our universe, 
there is a net magnetic charge density, and Maxwell’s 
equation becomes 


VeB=py, 


[0030] When working with bar magnets, bringing two 
north poles together shows that there is a spring constant 
involved. The electrons on the surface of the pole spin in the 
same direction which creates an electrical current around the 
surface. The magnetic pole strength g is therefore a spring 
constant K divided by the current per area J. 





[0031] The magnetic charge density is then the pole 
strength per volume V or 
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[0032] The divergence of the magnetic field has units of 


[0033] which are the units of the magnetic charge density. 
Notice that the units can also be formatted as a pressure per 
electrical current in the wire. 
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[09034] The current flowing through the coils of the sole- 
noid, or around the pole face of the bar magnetic creates a 
pressure on spacetime. And it is this pressure that can punch 
through spacetime into hyperspace. Referring again to FIG. 
8, an electrical charge winding n times around the end of the 
spacetime solenoid, as seen by path (C), is equal to the 
charge divided by Planck’s constant times the pole flux 


q 
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[9035] which shows that the flux ® is quantized by the 
winding number n 


[9036] where the flux is equal to the winding number n 
times Planck’s constant h divided by the charge. Since the 
flux is the pole strength in webers, the pole strength g has a 
value of 
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[0037] The magnetic charge density is the pole strength 
divided by the Planck volume or 
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[09038] The magnetic B field of space divided by the 
Planck length of the wormhole, acting as a linear magnetic 
field, times the winding number is equal to the magnetic 
charge density. 
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[0039] Referring to FIG. 9, the wormhole (A), connecting 
space and hyperspace (D), is precessing (C) in the counter- 
clockwise direction with the angular velocity vector in the 
vertical z-direction. The magnetic flux (B) through the 
wormhole is in the radial direction. The mouth of the 
wormhole is an area with a normal vector in the radial 
direction also. This arrangement creates an electric field 
which circulates around the interior periphery of the worm- 
hole. Maxwell’s equation says that the curl of the electric 
field E is equal to the negative time rate of change of the 
magnetic B field. 


aB 
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[0040] This equation is difficult to manage in differential 
form. As both Maxwell and Feynman have said, it is better 
to use the integral form involving Stokes’ theorem where the 
area da is converted into a line integral ds which goes well 
with Maxwell’s idea of flux linkage. 
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[0041] The flux ®, which is precessing around at the drag 
angular velocity calculated previously, is equal to the nega- 
tive of the electric field around the interior perimeter (E) of 
the wormhole. This is the reason that the beaconing ettect 
lasts for such a long length of time. The force on the electron 
is equal to the charge of the electron times the electric field. 
Because the charge is negative, the electron rotates coun- 
terclockwise in the opposite direction to that of the electric 
field. The electrons continuously circulate around the inside 
periphery of the wormhole. Quantum theory predicts that 
any radiated electromagnetic energy from an accelerated 
electron will give off one or more discrete quanta, or 
photons. The electron is accelerating because it is moving in 
a circular path. Because the water vapor is ionized in the 
cavitating bubble due to shock waves, surface oscillations 
and high temperatures, there are huge numbers of electrons 
available for producing an intense light which, as registered 
by the photodiode, increased by an order of magnitude when 
the beacon rotated by the photodiode. 


[0042] From gravitational physics it is known that nega- 
tive energy has to be produced in order to create a wormhole. 
Most experimenters are using collapsing spherical bubbles 
that do not produce negative energy and therefore do not 
produce the beaconing effect. This next background section 
shows that if the bubble collapses asymmetrically, then 
negative energy is produced. 


[0043] Referring to an experiment carried out by Fizeau, 
FIG. 16, water flows (B,C) in opposite directions in two 
tubes of water (A). A light beam from a lamp (D) is projected 
through both tubes using half-silvered mirrors (E). Fizeau 
measured an interference (F) between light propagating with 
the flow and light swimming against the current, indicating 
that the flow of the medium does affect light propagation. A 
moving medium turns out to drag light to an extent quan- 
tified by a dragging coefficient 
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[0044] where n is the index of refraction of the medium. 
Einstein’s addition theorem of velocities states 














yey att —+4u 
v= = = 

a CH u 

1+— l+— l+— 

ce nee ne 


[0045] In the limit of slow flows compared with the speed 
of light in a vacuum, the effective velocity of light v in the 
medium flowing at a velocity u is 


[0046] The relationship between cavitating bubbles and 
light dragging is that when the bubble collapses, the surface 
has a tremendous acceleration and velocity which creates 
internal shockwaves that bounce back and forth within the 
medium. At the same time, the water vapor and air are 
ionized which creates short bursts of light. Thus there is light 
that is being dragged along by the collapsing surtace of the 
bubble. This moving medium appears to light as a change in 
the metric of spacetime resembling, it turns out, a gravita- 
tional field. The velocity of the medium affects the elemental 
length ds” of spacetime as given by the metric for light 
dragging 
ds me" dt-= dy +k(c7dP = dx) 


[0047] where k is equal to 


k a 
eau 


[0048] and dx is the elemental length in the {dx,dy,dz} 

directions. The velocity u in the dot product is equal to the 

velocities {ux,uy,uz} in the x, y and z-directions. Expanding 

the equation produces the following metric 
ds?m(1+k)de-+( has, 7= 1d +(kit,?= 1 )dy"=dz7= 
Duydbxdt— Puc ydvate htetededy 

[0049] where velocity uz is zero and the speed of light is 

equal to one. 


[0050] The dt* energy density term is modified by one plus 
the k factor. Thus the index of refraction of the medium, the 
speed of light and the overall light dragging velocity u 
affects the energy density. It can be shown that the speed of 
light in hyperspace is much lower. The difference of the 
squares of the velocities in the denominator creates the 
possibility for amplification of this term. 


[0051] The factors of the elemental lengths are then 
inserted into the g metric tensor which is then used to 
calculate the spacetime distortion generated by the collaps- 
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ing bubble. The g metric tensor is a 4x4 matrix having rows 
and columns that correspond to the elemental lengths {t, x, 


y, Z}. 
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[0052] In Einstein’s General Theory of Relativity, the G 


curvature tensor, which is a 4x4 matrix having units of 
inverse meter squared, is equal to a stress-energy-momen- 
tum T tensor that is calculated from the electromagnetic 
fields. The stress tensor T combines energy density, electro- 
magnetic flux, and pressure terms in one matrix. 


G=8nxT 


[0053] Most of the physics constants are linear constants 
such as linear mass which is mass per unit length. The 
permittivity of space € is linear capacitance or capacitance 
per meter. The permeability of space « is linear inductance 
or inductance per meter. The speed of light converts time 
into meters. What this means is that energy, pressure and 
momentum can all be converted into meters using these 
linear constants. The inverse squared of the length in meters 
is the curvature which is measured in units of m™*. 


[0054] Referring to FIG. 11, a square bubble (A) in the xy 
plane collapses with a velocity in the x-direction (C), and a 
velocity in the y-direction (B). This produces a curvature in 
the vertical z-direction (D). The curvature in the z-direction 
is the curvature tensor component G_,. which can be com- 
puted directly from the g light dragging metric tensor. The 
result of the calculation is an equation in terms of the 
velocity, acceleration and the time rate of change of the 
acceleration, known as jerk. 


[0055] Because the profile of the bubble radius expanding 
and collapsing with time has been published by those 
researching cavitation, it is possible to differentiate the 
profile to get the velocity, acceleration and jerk. These 
equations can then be inserted into the equation for the G 
curvature tensor. 


[0056] The radius R of the bubble depends on the air 
density inside the bubble p, the viscosity of the water 4, the 
pressure of the P of the environment, the surface tension o 
of the water, the ratio of specific heats y, and the velocity R 
and acceleration R of the bubble radius. 


[0057] Referring to FIG. 12, the above equation for the 
bubble radius is shown in the feedback simulation program. 
The diagram starts by solving the equation for the accelera- 
tion which is then integrated twice (1/S) to get the velocity 
and position. These variables are then fed back to the input 
through the various constants involving the viscosity, sur- 
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face tension, pressure and air density. The graph at the 
bottom of the simulation shows the bubble radius with time. 


[0058] Referring to FIG. 13, the bubble profile with time 
is reproduced from the Scientific American article mentioned 
previously. This profile was then fitted with a polynomial 
equation which is plotted in FIG. 14. By differentiating the 
equation, the velocity, acceleration and jerk are obtained 
which can then be inserted into Einstein’s G curvature 
tensor. 


[0059] Referring to FIG. 15, the curvature component in 
the vertical direction G,, is plotted with respect to time. In 
the Scientific American plot, the light flash occurs at the end 
of the collapse marked “LIGHT FLASH” around 22 micro- 
seconds (FIG. 13). This corresponds to the two intense 
positive curvature G,, spikes at the end of the collapse. This 
represents a symmetrical spherical bubble collapse where 
the velocities are the same in the x and y directions, 


[0060] The energy density component G,, for this sym- 
metrical collapse is given by 


Vat 2 
—2uay + 4t, Uy ayay — 2ura, 


G, = 
e Aus + ue —2) 





[0061] Looking at this carefully, notice that if the velocity 
in the x-direction u,, is equal to the velocity in the y-direction 
u,, and the acceleration in the x-direction a,, is equal to the 
acceleration in the y-direction, then the equation reduces to 
zero, 


20 a + 42a? - 2u* a? 


Gy = =0 
e Su? — 1) 


[0062] which means that the symmetrical collapse with 
equal velocities does not produce any negative energy with 
which to create the wormhole. Only sharp pulses of light are 
emitted at the end of the bubble collapse where the intense 
positive curvature spikes are encountered. In order to get the 
rotating wormhole beaconing effect, the velocities have to be 
different. 


[0063] Referring to FIG. 16, the bubble is given an 
asymmetrical profile as shown by the two curves. The upper 
curve is in the x-direction, and the lower curve is in the 
y-direction. The collapse in the y-direction is not as severe. 


[0064] Referring to FIG. 17, the asymmetrical collapse 
has the curvature spikes at the beginning similar to the 
symmetrical case of FIG. 15. Notice that there are no spikes 
at the end of the collapse. However, the energy density is 
much different. 


[0065] Referring to FIG. 18, the energy density G,, is 
plotted as a function of time. Rather than being zero as in the 
symmetrical case, there is a large region of negative energy 
density as the bubble collapses. This negative energy is what 
creates the wormhole. Because there are no large curvature 
spikes at the end of the collapse, the wormhole bubble is 
stable and precesses for a few minutes. 
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[0066] Experiments with the pendulum show that some 
people have much larger auras than others. The pendulum 
swings over the entire hand. One particular person who has 
enormous vortices was working in a television repair shop. 
When a television set is brought in to the shop, the large 
capacitor has to be discharged first. The repairman with the 
large chakra vortices was standing behind a second repair- 
man who was approaching the television set. As the second 
repairman got closer to the set, an enormous streaming blue 
spark sailed over his head and zapped the first technician. 
Hyperspace has a much higher permittivity than our space- 
time. The resistance of space R is equal to the square root of 
the permeability 4 over the permittivity €. 


[0067] Since the technician with the large chakra vortices 
was producing large quantities of hyperspace energy, his 
resistance was very much lower due to his larger permittiv- 
ity. The spark grounded on his body. The free electrons, 
which are created by ionization of the hydrogen atoms of the 
water vapor, see a very low path of resistance and flow 
toward the wormhole. There they are trapped in accelerated 
motion due to the presence of the circular electric field and 
give off substantial numbers of photons which produces the 
beaconing lighthouse effect. 


[0068] The elemental length ds? in cylindrical coordinates 
{t, r, 6, z} for a mass M is given by 


ds =— + (1-2 )ar + Pao! +42 





[0069] The mass M distorts the radius r of the elemental 
length which is what gives the mass a curvature or gravi- 
tational field. Negative energy, which is produced at the end 
of the bubble collapse, is equal to a negative mass times the 
speed of light squared. Thus mass M in the equation goes to 
negative mass, or M——-M. Furthermore, negative energy 
inverts the mass factor so that the metric becomes 


dr 


M 
1+— 
p 


+d0 + az 





[0070] The g metric tensor contains the factors of the 
elemental lengths along the matrix diagonal 
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[0071] As before, Einstein’s G curvature tensor in the 
radial G,, angular Gg, and vertical z-direction G_, is 
calculated from this negative energy g metric tensor. 


[0072] Referring to the 3D G curvature plot in FIG. 19, 
the strength of the curvature is given by the length of the 
arrow, and the direction of the curvature is given by the 
arrow. The curvature in the radial direction G,, is along the 
bottom axis from the box corner origin to the right. The 
curvature in the angular direction Gg, is the bottom axis 
from the ongin to the left. The height of the box is the 
curvature in the vertical direction G,,. Notice in general that 
the curvature is perpendicular to the left face (@z-plane) and 
then starts to curve to the right and begins to point toward 
the right face (rz-plane). On the bottom face (r6-plane) there 
is an upward vertical curvature. 


[0073] In cylindrical coordinates, the 6z-plane is actually 
a vertical tube of radius r. So at small r, the curvature is 
perpendicular to the tube. At larger radius, the curvature 
Starts to point in the 4-direction, wrapping around the tube. 
At small radius, there is also a vertical curvature parallel to 
the sides of the tube. 


[09074] Referring to FIG. 20, the curvature in cylindrical 
coordinates is seen to be the structure of the wormhole. The 
wormhole (A) is formed due to the radial pressure (B) which 
pulls open the wormhole. One end of the tube connects to 
hyperspace, and the other end connects to our spacetime. 
There is also a shearing pressure (D) along the sides of the 
tube which slices spacetime open and helps shape the tube. 
Moving outward along the radius, the curvature turns side- 
ways and produces a shearing pressure (D) in the 6-direction 
which gives the wormhole a vortex appearance. These 
wormholes can also be very large, enabling one to peer into 
a co-cimension as attested to by the inventor. 


SUMMARY OF THE INVENTION 


[0075] As described in the previous section, the cavitating 
bubble has to collapse asymmetrically in order to generate 
the negative energy which creates the wormhole. In order to 
collapse asymmetrically, the forces on the bubble surface 
have to be unequal. The force on the bubble is given in terms 
of the a dragging coefficient, the bubble radius R, the surface 
charge density D,, the magnetic B field in spherical coordi- 
nates {B,, Bg, By}. The fields are integrated over the entire 
solid angle Q of the bubble to determine the force F. 


1y\e a ere ‘ 
F=-(1- a) Sf aal{i + 5 ho? + 22 - 68 - 83] 
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[0076] The integration of the tangential components of the 
magnetic field such as {Bp, By} over the solid angle of the 
bubble will sum to zero. The surtace charge density D, and 
the radial magnetic field B, are the only fields which can be 
used to create an unbalanced force. If there is no surface 
charge density, then the force equation reduces to 


[0077] where the conversion constant is the linear charge 
squared divided by the linear mass of the universe x* /,,. 


[0078] In this invention, referring to FIG. 21, the mag- 
netic field is created by two cylindrical solenoids (A,B) 
which are wrapped around the top and bottom of the glass 
container (C). The container has flat sides in the shape of an 
octagon. Each solenoid consists of a continuous roll of very 
thin sheet copper which are separated by beaded mylar line. 
The mylar beads separate the sheets electrically and provide 
air cooling to the coil which can get rather hot. This makes 
it easy to assemble the coil because the copper roll and mylar 
line are wound together as the solenoid is formed. The lines 
of magnetic flux flow vertically through the container yet do 
not interfere with the transducers (D) which are mounted on 
the flat sides of the container. 


[0079] Referring to FIG. 22, the cavitating bubble which 
forms in the liquid in the container experiences a vertical 
magnetic field (B) due to the two solenoids. These flux lines 
create a radial force on the top and bottom of the bubble 
(D,C). The flux lines on the outside (E) do not create any 
radial force because they are tangential to the surface. The 
spherical bubble flattens into an asymmetrical ellipsoidal 
shape (A) which enables the creation of the wormhole and 
lighthouse beaconing effect. 


[0080] Referring to FIG. 23, the spacetime curvature of 
the wormhole (D) creates a tunnel (C), known as the throat 
of the wormhole, between flat space in our universe (A) and 
flat hyperspace (B) which exists in a co-dimension of our 
universe. In general, the co-dimensions have different phys- 
ics constants. Going back to the chakra vortices of the 
human energy field, the vortices remove energy from space 
and deliver it to several hyperspace co-dimensions. This 
energy builds up human aura modules at different frequen- 
cies in astral space. Astral space has a very low speed of light 
and small linear mass. This is the reason that human beings 
can leave their bodies and pass through solid concrete walls, 
or project their spintual eye to remote locations for viewing. 
On the other hand, the linear mass and speed of light of 
space is very much greater than hyperspace. Therefore, the 
pressure of the space is much greater than the pressure in 
hyperspace. In terms of the wormhole with a throat area A, 
the pressure would be the linear mass times the speed of 
light squared over the area 


Prpace = A 


[0081] The pressure of hyperspace on the other side of the 
wormhole is 
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P, hyperspace = a 


[0082] Because the linear mass and the speed of light of 
hyperspace are lower than that of space, there is a positive 
net pressure going into hyperspace. 


Patt space hyperspace 
[0083] This is the reason that the human vortices can 
obtain energy from this universe. Because the cavitating 
bubble produces negative energy, the linear mass is negative 
on the side of space. The pressure equation is then given by 


pocus aie aoe 


A aA A 





[0084] which shows that there is a reverse pressure going 
from hyperspace into our space. The asymmetrical cavitat- 
ing bubble generates hyperspace energy. The hyperspace 
energy flowing into our universe also gives the light gener- 
ated by the wormhole a soft white misty look. 


[09085] There are many reasons for generating this hyper- 
space energy. Electromagnetic fields are subject to the 
Lorentz transformation which involves comparing the frame 
velocity with that of the velocity of light. 





[9086] If the ratio of the velocity v to the velocity of light 
c is close to unity, then huge relativistic fields can be 
produced. These fields can curve spacetime to such an extent 
that a large litt force can be produced on the hull of an 
electromagnetic field propulsion vehicle. 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 


[0087] Not Applicable. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0088] FIG. 1. Rotating cylinder demonstrating additional 
lift force. 


[0089] FIG. 2. Use of the pendulum. 
[0090] FIG. 3. The Ascension Machine, Chakra Vortex 
Accelerator. 


[0091] FIG. 4. Hyperspace energy brought into body by 
rotation of hand chakra. 


[0092] FIG. 5. Antigravitational effect using low density 
hyperspace energy. 


[0093] 


[0094] 
charge. 


FIG. 6. Sonoluminescence experiment. 


FIG. 7. Tetrahedron diagram showing hyperspace 
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[0095] 
[0096] 
[0097] 


[0098] FIG. 11. Asymmetrical velocity collapse of bubble 
radius generates wormhole. 


[0099] FIG. 12. VisSim feedback simulation of the col- 
lapsing bubble. 


FIG. 8. Magnetic monopole. 
FIG. 9. Precessing wormhole. 


FIG. 10. Fizeau light dragging experiment. 


[0100] FIG. 13. Cavitating bubble radius as a function of 
time. 

[0101] FIG. 14. Digitized bubble radius of FIG. 13. 
[0102] FIG.15. Spiking spacetime curvature of collapsing 
bubble. 


[9103] FIG. 16. Dual velocity profile required to produce 
negative energy. 


[0104] FIG. 17. Spacetime curvature for dual velocity 
collapse. 


[0105] FIG. 18. Negative energy generated from asym- 
metrical collapse of bubble. 


[0106] FIG. 19. 3D plot of spacetime curvature using 
negative energy. 


[0107] FIG. 20. Wormhole vortex. 


[0108] FIG. 21. Perspective of cavitation tank equipped 
with magnetic coils. 


[0109] FIG, 22. Flattening of bubble by magnetic field. 


[0110] FIG. 23. Hyperspace energy generated by reverse 
pressure gradient of wormhole. 


[0111] FIG. 24. Solenoid and transducer driving circuits. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0112] 1. Referring to FIG. 24, the transducer driving 
circuit uses a frequency generator (A) driving a linear 
amplifier (B) into a pair of variable inductors (C) which 
resonate with the capacitance of the transducers (D) attached 
to the sides of the octagonally-shaped glass container (H). 
Resistors (L,M,G) provides voltage measuring points for the 
oscilloscope. 


[0113] A DC current source (I) drives the two solenoids 
(E,F) which produce a vertical magnetic field (J) through the 
container. The magnetic field produces an asynmetrical 
force on the bubble surface (K) such that the collapsing 
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bubble produces negative energy. The spacetime curvature 
produced by the light dragging of the collapsing bubble 
surface, together with the negative energy, create a worm- 
hole between space and hyperspace. The negative spacetime 
energy produces a negative pressure which brings low- 
density hyperspace energy into our dimension. 


I claim: 
1. Ahyperspace energy generator having: 


a) a glass container in the shape of an octagon acting as 
the resonating chamber; 


b) two piezoelectric transducers, mounted and operating 
acoustically as a pair on opposite sides of item (1a); 


c) an opaque oil-like liquid with a high index of refraction 
filling item (1a) acting as the resonating liquid in which 
the cavitating bubbles are formed; 


d) two thin sheet copper solenoids, located on top and 
bottom of item (1a), that produce a vertical magnetic 
field through items (1a) and (1c); 


¢) two variable inductance coils for creating a resonant 
frequency with item (1b); 

f) a linear amplifier driving items (1b) and (le); 

g) a variable trequency generator driving item (le); 


h) a direct current electrical generator driving item (1d); 
2. a cavitation system which: 


a) produces one or more cavitating bubbles that collapse 
asymmetrically due to the differential force exerted on 
the bubble surface by the presence of a vertical mag- 
netic field generated by item (1d) referred to above; 


b) generates negative energy due to light dragging of the 
collapsing bubble surface; 


c) creates wormholes between space and hyperspace due 
to the presence of item (1b); 


d) generates a negative pressure between space and hyper- 
space that forces low-density hyperspace energy into 
our dimension; and 

3. optional dual electrically-charged plates that: 


a) are mounted on the sides of item (1a); 


b) create a differential electric charge density across the 
bubble surface for the purpose of creating an additional 
method of asymmetrical bubble surface collapse. 
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(57) ABSTRACT 


This invention relates to a spacecraft propulsion system 
utilizing thrusters comprised of a motor-driven electrostati- 
eally charged cylinder rotating within an electrostatically 
charged annular ring for the purpose of creating a spacetime 
curvature stress-energy tension in the horizontal direction. 
The thrusters are augmented by magnetic vortex generators, 
either embedded in the cylinders or located above each 
thruster, for the purpose of increasing the permittivity of 
space by permeating each thruster with low density hyper- 
space energy generated by a wormhole created between our 
space and hyperspace. A combination of three thrusters 
mounted on the underside of the hull of the spacecraft 
provide thrust and yaw motion control. 
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ROTATING ELECTROSTATIC PROPULSION 
SYSTEM 


BRIEF SUMMARY OF THE INVENTION 


[0001] The invention, which is the object of my present 
application, is a spacecraft propulsion system which devel- 
ops a spacetime curvature tension utilizing a combination of 
a rotating radial electrostatic field and a fixed vertical 
electrostatic field. The two fields create a stress-energy T~ 
gradient in the radially direction which is equal to force. The 
radial field is created on the side of a charged rotating 
cylinder on the underside of the hull. The vertical field is 
created by an annular charged ring concentric with the 
cylinder. Three rotating cylinders are located in a triangle on 
the bottom of the hull in order to produce a force in any 
direction in the horizontal plane. 


REFERENCE PAPERS 
[0002] Gravitation, Wheeler, page 80. 


BACKGROUND OF THE INVENTION 


[0003] When working with Maxwell's equations in tensor 
notation, it became apparent that a tensor can change iden- 
tity depending on what permutation of variables is involved. 
For example, one single equation can involve both charge 
density and current density. And all of Maxwell’s equations 
can be reduced to just two equations. 


[0004] In the tensor equation for momentum, if the lever 
arm is length then the equation is equal to the flow rate of 
angular momentum. If the lever arm is time, then you get 
linear momentum. And if the field rotates with time, then the 
time rate of change of linear momentum is a force which is 
the basis for this invention. 


[0005] Einstein said that mass curves space and space tells 
mass how to move. In this sense, generalized mass can be 
mass, electromagnetic fields, charge or angular momentum 
which create a spacetime curvature that produces a force on 
the spacecraft. 


SUMMARY OF THE INVENTION 


[0006] The invention relates to a spacecraft utilizing a 
rotating electrostatically charged cylinder and a concentric 
annular charged ring to create a stress-energy spacetime 
curvature in the horizontal plane on the spacecratt’s under- 
side hull. Amotor drives the rotating cylinder which extends 
below the hull. A charged surface produces an electric field 
in the direction normal to the surface. The vertical and 
rotating electric fields combine to create a rate of change of 
linear momentum which creates a horizontal propulsive 
force on the hull. 


STATEMENT REGARDING FEDERALLY 
SPONSORED RESEARCH OR DEVELOPMENT 
[0007] Not Applicable. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0008] FIG. 1. Perspective view of spacecraft hull (A) 
with the three electrostatically charged rotating cylinders (C) 
surrounded by their annular charge rings (D) extending 
down on the underside of the hull (B). 
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[0009] FIG. 2. Perspective view of individual thruster 
showing rotating cylinder and ring. 


[0010] FIG. 3. Stress-energy tension created by two elec- 
tric fields and having units of curvature. 


[0011] FIG. 4. Cylindrical spacetime coordinates {t, r, 4, 
Z}. 
[0012] FIG. 5. Faraday electromagnetic F tensor contain- 


ing electric fields in the radial and vertical directions. 


[0013] FIG. 6. Stress-energy tensor T showing it is equal 
to the product of the two electric fields divided by 4a. 


[0014] FIG. 7. The tensor equation for flow rate of angular 
momentum S. 


[0015] FIG. 8. The units are linear momentum due to the 
time lever arm. 


[0016] FIG. 9. The rate of change of linear momentum is 
the horizontal force produced by the two electric fields. 


[0017] FIG. 10. The angular momentum flows through an 
area whose normal vector is in the radial direction. 


[0018] FIG. 11. Cylinder with only one electrostatically 
charged segment. 


[0019] FIG. 12. Annular ring with three individual seg- 
ments which can be charged separately to create a force in 
a particular direction. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0020] 1. Referring to FIG. 1, the spacecraft comprises 
an upper hull (A) with three rotating electrostatically 
charged cylinders (C) with their concentric annular 
electrostatically charged rings (D) located on the space- 
craft’s bottom hull (B). 


[0021] 2. In a closer view of one of the cylinders seen 
in FIG. 2, motor-driven rotating cylinder (A) has an 
electrostatically charged surface which produces an 
electric field (C} normal to said surtace. The fixed, 
electrostatically charged annular ring (B), which is 
concentric with the cylinder, produces a vertical elec- 
tric field (D) normal to its surface. This crossed field (E) 
creates a negative spacetime curvature tension which is 
the product of the two fields divided by 4 as seen in 
the equation, FIG. 3. 


[0022] 3. Notice that the equation involves the permit- 
tivity of space €, divided by the linear mass of the 
universe 2 and the speed of light. This produces units 
of inverse meter squared which is the spacetime cur- 
vature. In Einstein’s General Theory of Relativity, the 
spacetime curvature tensor is equal to the stress-energy 
tensor or G=8xT where G is the curvature, and T is the 
product of the electromagnetic fields. The problem with 
this equation, which has been resolved with this inven- 
tion, is that the linear mass Q times the speed of light 
c is an enormous number. Even with the square of 
enormous electric fields, the curvature would be too 
small even to notice, and little force would be gener- 
ated. 


[0023] 4. In another patent application of mine entitled 
Magnetic Vortex Generator, it was shown that a rotating 
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cylinder containing embedded and stacked bar magnets 
produces a negative mass and negative spacetime 
spring constant. It can be shown that this combination 
produces a small wormhole or interdimensional con- 
nection between our space and hyperspace along the 
centerline of the rotating cylinder. Co-dimensions of 
hyperspace have different physics constants. A low 
pressure region of hyperspace has a very low mass 
density and a very low speed of light. The wormhole 
allows this low density hyperspace energy to enter into 
our space and permeate the cylinder and annular ring. 
The permittivity is proportional to the inverse of the 
speed of light squared. The hyperspace speed of light, 
obtained from my tetrahedron physics diagram, is 8971 
meters per second. The speed of light in our dimension 
is 299792458 meters per second. As shown by the 
enclosed reference calculation, the hyperspace permit- 
tivity is about a tnllion times larger. Because the force 
is equal to this new permittivity times the electric fields 
squared times the area around cylinder, the force is 
greatly amplified by this increase in the permittivity of 
space. 


[024] 5. It is pertinent to this invention how the stress- 
energy is created due to the two electric fields in the 
vertical and radial direction. In gravitational physics, 
there is a Faraday F tensor which contains all the 
components of the electromagnetic fields. It is a 4 by 4 
matrix whose rows and columns correspond to the 
coordinates of spacetime which in cylindrical coordi- 
nates are {t, r, 4, z} where t is time, r the radius, theta 
the horizontal angle and z the vertical height. These 
coordinates are shown in FIG. 4. 


[0025] 6. The radial electric E, field and the vertical 
electric E, field can be inserted into the Faraday tensor 
seen in FIG, 5. The sign of the vertical field is positive 
because it points in the positive z-direction due to the 
fact that the annular ring has a negative charge. The 
cylinder has a positive charge. This produces the nega- 
tive stress-energy tensor T~ as drawn in FIG. 6. 


[0026] 7. In order to calculate the force on the cylinder, 
it is necessary to calculate the flow rate of angular 
momentum. Momentum is mass times velocity or mass 
meter per second. If the mass is moving in a circle, then 
there is a lever arm times the momentum which makes 
it mass meter squared per second. If this is differenti- 
ated with respect to time, then a flow rate of angular 
momentum is produced with units of mass meter 
squared per second squared. As mentioned previously, 
tensors have this dual nature where depending on the 
permutation of the variables, it means one thing or 
another. In this case, the lever arm will be time, rather 
than length which converts the flow rate of angular 
momentum into just linear momentum. If you change 
linear momentum with respect to time, then you get a 
force. 


[0027] 8. The flow rate of angular momentum § is 
shown in FIG. 7. The force has to be against the area 
whose normal vector is in the radial direction which is 
also the direction of the momentum. So S$ has an r 
subscript indicating that it flows in the radial direction. 
The permutation tensor € has three subscripts which 
keeps track of the tensor notation. The first subscript is 
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the same as the momentum subscript. Permutations of 
the coordinate variables which are in order have a plus 
one sign. Permutations which are in reverse order have 
a Minus one sign. Permutations in which the variable 
are repeated are zero. For example, €,,4,=-€;9, because 
the r and t are in reverse order in cylindrical coordi- 
nates. Because the permutation tensor starts with r, then 
we can have permutations such as {r,t,z} which is a 
reverse order negative permutation. This negative sign 
cancels the negative sign of the stress tensor. The 
reason this permutation is chosen is because the first 
subscript on the stress-energy tensor is now z. Because 
the normal to the area is in the radial direction, then the 
stress-tensor matches the electric fields that we have 
available, which are also in the zr-direction. 


[0028] 9. In this case, the second subscript of the 


permutation tensor is time, rather than length. So the 
units become, as shown in FIG, 8, those of linear 
momentum. To me, this was very surprising. Then I 
realized that the radial electric field rotates with time 
which means the differential of the linear momentum 
produces a force on the hull. In exponential notation, 
the radial electric field rotates with Exp[iwt]. This is 
multiplied by the time lever arm, so the term that has 
to be differentiated is t e'*. The time lever arm saves 
the differentiation by making one term real so that the 
force is real. This is shown in FIG. 9. The units of the 
first term are real newtons. In the second term, the time 
t multiplied by the frequency cancels out in terms of 
units, so the units are still force, but imaginary 


[09029] 10. There is an area involved in the force equa- 


tion which is depicted in FIG. 10. The charged rotating 
cylinder (C) located inside the charged annular ring (B) 
is dnven by motor (A). The radial electric field (E) is 
normal to the area (D) whose normal vector is also in 
the radial direction. The angular momentum flows 
through this area which surrounds the cylinder. In 
doing so, it curves spacetime which produces the force. 


[0030] 11. If the radial electric field is continuous 


around the cylinder, then the net force is zero. Referring 
to FIG. 11, one section (A) of the rotating cylinder is 
charged, which means that there is a force once per 
cycle in a selected direction depending on when the 
annular ring is charged. The other option, referring to 
FIG. 12, is that the annular ring is divided up into two 
or three sections with the feature that the charge can be 
turned on (A) or off (B) on a particular segment. As the 
rotating electric field goes around, one of the annular 
ring sections will have an electric field in order create 
a force on that side. 


[0031] 12. Since there are three force cylinders, this 


allows for yaw motion control so that the hull of the 
spacecraft can pivot to change direction. After the 
directional change, the two back cylinders can be 
synchronized to produce thrust in the forward direction. 


[0032] 13. There could also be a polarity change for the 


vertical electric field such that a positive stress-energy 
is produced which would reverse the direction of the 
thrust. 
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What I claim as my invention is: 

1. Aspacecraft propulsion system utilizing three electro- 
statically charged motor-driven cylinders each one of which 
rotates within a charged annular ring to produce a spacetime 
stress curvature tension in the horizontal plane on the 
underside of the hull. 

2. Said rotating cylinder comprised of bar magnets 
embedded in the cylinder and stacked in groups at intervals 
around the periphery of the cylinder with the purpose of 
increasing the permittivity of space by permeating the 
cylinder and ring with low linear mass, low speed of light 
hyperspace energy by means of a wormhole between our 
space and hyperspace. The larger permittivity is to increase 
the force. Said technique is contained in my patent appli- 
cations Magnetic Vortex Wormhole Generator and Magnetic 
Vortex Generator. 

3. Said rotating cylinder and annular ring having a suit- 
able metal surface for forming and maintaining the electro- 
static charge. 
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4. Said rotating cylinder having one or more segments 
which can be electrostatically charged individually or 
together to produce a force in a particular direction. 


5. Said annular ring having one or more segments which 
can be electrostatically charged individually or together to 
produce a force in a particular direction. 

6. Acombination of three such thrusters providing a force 
in any particular direction or for yaw motion control. 

7. Electric polarity switching of the fields in order to 
reverse the spacetime curvature and therefore change the 
direction of thrust. 

8. The use of a magnetic vortex generator located above 
each thruster in order to permeate the cylinders and rings 
with low density hyperspace energy which would substitute 
for the embedded magnets in each cylinder. 
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Figure 1 
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Figure 2 
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Figure 3 
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Figure 4 
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Figure 5 
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Figure 6 
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Figure 7 
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Figure 8 
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Figure 9 
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Figure 10 
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Figure 11 
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Figure 12 
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Figure 13 
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Figure 14 
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REMOTE VIEWING AMPLIFIER 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention enhances the ability of a person to 
perform remote viewing by connecting the spiritual eye to 
the tetrahedral geometry of subspace. 


BACKGROUND OF THE INVENTION 


[0002] Remote viewing is the projection of spiritual mod- 
ules of the human energy field to distant locations in order 
to see, communicate and interact with other entities who live 
in subspace, space and hyperspace co-dimensions of the 
universe, 


[0003] One of my first remote viewings was made at night 
to a distance of 10,000 miles on the sunlit side of the earth. 
My spiritual eye and body projected together while my 
mental facilities remained in my physical body. I found 
myself looking down on a palm tree from a height of about 
one hundred feet. The palm tree had several coconuts in it as 
seen in FIG. 1. I then gave the command to lower myself to 
the ground. At that moment I went sailing down past the 
coconuts, barely missing the treet Finding myself on a 
pathway through the tropical forest, I then came to an 
extremely long wooden bridge which crossed over a river 
gorge. On the other side of the bridge I could see three 
soldiers running toward me as shown in FIG, 2. The two 
soldiers in front were carrying rifles and wearing light blue 
berets. The man running behind them was wearing an 
officer’s cap with a red band. My first reaction was that I was 
going to be shot. J edged over on the right side of the wooden 
railing. They ran right past without seeing me. I then asked 
to see the building that these soldiers were guarding. Every- 
thing went dark, and then I found my spiritual eye peeking 
out of the floor of a computer room as seen in FIG. 3. There 
was one man using a computer on the opposite side of the 
room near an open door. He got up from his chair and came 
over to sit in front of a second computer located a few feet 
from where I was located. From the glare of the computer 
monitor, I could clearly see his face. Everything went dark 
as my spiritual eye and body projected back to my physical 
body. 


[0004] Another time my spiritual eye, spiritual body and 
mind were standing outside the closed front door of my 
condominium. Upon patting my legs with my hands, I 
couldn’t find the keys in my trousers. When I looked down, 
I realized I wasn’t in my physical body. I then shot through 
two solid walls of concrete and retumed to my awakening 
body. 


[0005] What these two examples show is that the human 
spiritual energy system is modular. The reason it is modular 
is because there are seven hyperspace co-dimensions, each 
vibrating at a slightly different frequency, which receive 
energy from space through seven vortices located along the 
physical body. Over a lifetime, these vortices build up the 
human aura. Because all energy systems have to be 
grounded, the remaiming six modules are the legs, body, 
arms/hands, voice, eye and mind. When the entire group is 
out-of-body as a single entity, then the soul energy powers 
the body in a manner similar to a battery. The soul looks like 
a two-inch diameter orange ball of plasma. If the soul is 
removed from the body, then the body becomes paralyzed 
except for a small movement of the eyelids. Upon death, all 
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these separate modules are assembled into a single energy 
being. A light cord from the soul provides the battery power 
and information required to join these modules together. A 
second light cord from the pituitary gland transfers the 
modules into the energy bemg for assembly. This energy 
information transfer is the reason that people in a near-death 
situation say they saw their entire life flash before them. 


[0006] Moving to a larger picture of things that are hap- 
pening in the galaxy, | was able to make contact with the 
Pleiadian Federation which is located about 400 light years 
from earth. The Federation is a group of over one hundred 
intelligent beings that were brought to the Pleiades from 
around the galaxy. One member of the Federation calls itself 
the Intelligent Insect Beings. They are the ones who fly the 
black triangles over Belgium and France for the purpose of 
evacuating human beings back to the Pleiades for relocation 
on a planet called Earth I]. The reason for this evacuation 
was that it was not known if it would be possible to win the 
battle of Revelations, which would take place about two 
years later here on earth. 


[0007] As could be expected, the humans were angry and 
hysterical at being abducted. So the Intelligent Insect Beings 
asked me if I could calm them down. I was in telepathic 
communication with them, and they were in telepathic 
communication with their computer system, which meant 
that I could have my thoughts displayed to the humans on 
the computer monitor. It turned out that one woman was 
from Central America and only spoke Spanish. The Intelli- 
gent Insect Beings didn’t speak Spanish so they thought 
there would be no way I could communicate with her. So I 
told them that ] would spell the Spanish words letter-by- 
letter and she could then read my message. Since most 
Spanish people are Catholics, I thought a religious message 
would be of importance to her. I spelled out the phrase, “Que 
Dios te bendiga.” which means, “May God bless you.” I also 
asked the two beings to put their hands together in a form of 
prayer, and the woman followed suit. At that moment the 
Intelligent Insect Beings were reading her mind to under- 
stand her emotional state. They said, “She is crying tears . . 
.” After a slight but tense pause, they continued, “of joy!” 
They said the woman had a big smile on her face and was 
successfully transitioned ito her new life. 


[0008] One year later, the Blond Aliens of the hundred 
member council of the Pleiadian Federation remote viewed 
me so that I could celebrate with them the success of their 
mission to earth. The Blond Aliens, which is not their real 
name, fly the Beamship spacecraft. This hyperspace vehicle 
can teleport itself to any location in the galaxy. It demate- 
rializes into the black void for an mstance and then re- 
materialize anywhere in the galaxy. This ship can be seen in 
Billy Meier's video from Switzerland along with a picture of 
their envoy, Semjase. 


[0009] Just recently I had a demonstration of the Beam- 
ship's ability. I heard an emergency distress call by a 
commander of a spacecraft who said that they had a fire 
onboard their spacecraft. I immediately remote viewed a 
Federation maintenance mothership, they got the frequency 
and location of the ship, and dispatched the Beamship in 
time to rescue the commander. The burned-out cables, which 
had caused the fire, were repaired by the Federation and the 
commander arrived home safely on his planet in his own 
spacecraft. 
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[0010] The Federation then received a message from the 
commander saying that he wanted his planet to join the 
Federation now that there was this type of communication 
available. So the Federation visited lis planet for the signing 
ceremony, and I was invited to attend the proceedings by 
remote view. Word got around about this, and within three 
weeks another 20 planets joined the Federation for the same 
reason. 


[0011] At one ceremony, which was attended by Admiral 
Third Class of the Pleiadian Defense Department, His High- 
ness of the planet was signing the document of incorpora- 
tion. At that moment, I could see lum signing, so I 
exclaimed, “He is signing with his left hand.” The Admiral 
was almost apoplectic at hearing this. After giving her the 
signed document, His Highness held up his hand and asked 
me how many fingers he was holding up. He had a fist so I 
said none. Then he put his index finger out and I said one. 
He then made a fist again and I said none. Then he held out 
all fingers and I said five. The Admiral said that he had a big 
smile on luis face as he went to announce the agreement 
because he knew, even though his planet was located 90,000 
light years away on the other side of the galaxy, he could 
instantly communicate any problems to the Federation. So 
this is the importance of developing inventions that can 
enhance our remote viewing ability because one day it will 
mean that we can become a vital part of the Pleiadian 
Federation. 


SUMMARY OF THE INVENTION 


[0012] Referring to FIG. 4, the spiritual eye of the human 
energy system is located at the pituitary gland in the fore- 
head. It has the shape of a hollow cone which is composed 
of the misty white energy of hyperspace. Light coming into 
this vortex is then transferred by a light cord to a visual 
energy module which is located in a co-dimension of hyper- 
space. Because these modules are interconnected by light 
cords, the mind module is able to interpret the visual pattern 
the eye is seeing. More importantly, the mind can give 
logical instructions to this spiritual eye module for it to 
rotate around or move in a particular direction. 


[0013] The reason that hyperspace has a white misty look 
to it is that the speed of light is very much less than the speed 
of light in our spacetime. The Lorentz transformation says 
that the distance L is shortened relativistically to a distance 
L' in a way related to the ratio of the velocity v of the object 
to the velocity of light c. 


If the velocity of light is very low, then a small velocity 
creates an enormous contraction in length. By moving 
through hyperspace, therefore, enormous distances can be 
traversed, And this is the reason that it is possible to project 
the spiritual eye, voice and hearing to remote locations in the 
galaxy. 


[0014] The universe is composed of subspace, space and 
hyperspace which are co-dimensions of each other. Sub- 
space is defined by the geometry of the tetrahedron which is 
a four-sided solid whose faces are equilateral triangles 
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having three 60° angles. Referring to FIG. 5, a tetrahedron 
whose sides are the square root of three (A), has a height of 
the square root of two (B), and base length equal to the 


square root of one (C). This forms the basic number set {*T, 
¥, 3}. 


[0015] Referring to FIG. 6, the tetrahedron (A) is circum- 
scribed by the sphere (B). Rod (C) is the sphere radius. A 
second rod (D), of equal length to rod (C), from the center 
of the sphere to the corner of the tetrahedron makes an angle 
of 


1 
¢= AreSid{ 5} = 19,.47122063’ 


So the four corners of the tetrahedron touch the sphere. 


[0016] This tetrahedral geometry can be seen throughout 
the planets of the solar system Referring to FIG. 7, the 
islands of the Caribbean curve down from Puerto Rico to 
Venezuela forming an island vortex. The low density hyper- 
space energy releasing from the comer of the tetrahedron 
softens the rock mantle. The hot magma then rises through 
the rock with the least resistance. This creates a circular are 
of volcanic islands along the edge of the vortex. 


[0017] Referring to FIG. 8, the Giant Red Spot of Jupiter 
is located at a southern latitude of 19.5°. This vortex is so 
large that the entire earth can fit in it. 


[0018] Referring to FIG. 9, the Olympus Mons volcano is 
located at a northern latitude of 19.5° as shown by the 
marker. This volcano is the size of France. Notice the fallen 
plume of volcanic debris toward the north east. 


[0019] The double harmonic of the tetrahedral angle is 
twice 19.5° or 39° which is the location of the Silver Bridge 
in Point Pleasant, West Va. A large wormhole opened up 
around the bridge during Christmas rush hour when the 
bridge was full of cars. Due to the low density hyperspace 
energy, the rivets holding the cables down popped loose and 
all the cars were dumped into the river. A computer simu- 
lation using Schrodinger’s quantum mechanics equation for 
a particle in a potential well shows that as the energy 
becomes less dense, the particle is no longer contained in the 
potential well. The electron jumps out. Thus the atomic 
bonds are broken which softens the rivets. This is the first 
time that there has been an understanding of the failure 
mechanism of this bridge. 


[0020] After downloading from the Internet several pages 
of the index of refraction of a wide range of materials, | 
noticed that the index of retraction for Plexiglas was 1.50. 
Another source said it was 1.51. One of the Internet sites had 
a movable flashlight which showed the incident ray and the 
refracted ray. For Plexiglas, surprisingly enough, the inci- 
dent ray was coming in at an angle of 60° to the normal, and 
the light was retracted at 35.26°, both of which are tetrahe- 
dra] angles. The angle of the equilateral face of the tetrahe- 
dron is of course 60°. The angle at the top of tetrahedron is 
the arc-cosine of the ratio of the height over the edge length. 
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6 = ArcCo: v2 = 35.26" 
V3 


According to Snell’s law, the index of refraction n, times the 
sine of the angle sin(9,) of the ray leaving material m,, is 
equal to the index of retraction n, times the sine of the angle 
of refraction sin(6,) of the ray entering material m,. Refer- 
ring to FIG. 10, the equation is 


#, sin(@,)=n, sin(@,) 
The index of air n, is equal to one. The index n, of Plexiglas 


is 1.50. If the incident ray is at 6,=60° to the normal, then 
the output angle is 


fA. , |2¥3 
A = AveSinl Sine )| = AreSin| I 





| = 35.26" 


which is equal to the angle of the tetrahedron. 


[0021] Then I recalled several months earlier that I had 
gone to the Subway restaurant to get a sandwich. I was 
sitting by the Plexiglas window communicating with the 
Admiral whose motherslup was in earth orbit. She men- 
tioned that they were bringing two people aboard. At that 
moment I looked out through the window and I could see 
both of them clearly and easily through my spiritual eye. To 
my amazement, I saw both of the captives start to pull out 
guns from behind their backs. I then projected by spiritual 
hands which resulted in preventing the attack on the security 
guards. To say the least, the Admiral was rather surprised at 
these events. She then asked me to look at the design of the 
window because she thought it had something to do with my 
enhanced remote viewing capabilities. Looking at the Plexi- 
glas, I noticed that on the edge of the large window pane 
there was a shorter piece of Plexiglas which was mounted 
parallel to the window pane. This smaller panel acted to 
protect the yellow neon fluorescent tube. I took the mea- 
surements of the design using a piece of paper that I found 
near the table. 


[0022] I then went home and designed up a mounting 
bracket with my 3D computer software. I had already 
installed the stereolithography software that converts the 
design to the *.STL file format. How stereolithography 
works is that it slices the design into many thin horizontal 
sections. The machine has a platform which is mounted in a 
bath of liquid polymer. An ultraviolet laser, mounted on an 
xy-table, then traces out the slice. Because the liquid poly- 
mer is light sensitive, it polymerizes immediately into solid 
plastic. Then the platform is lowered a few thousandths of an 
inch and the second slice is added. This process eventually 
builds up the complete 3D part. Using the Internet, the 
* STL file is sent by e-mail to the stereolithography service 
provider who returns the part overnight. So the next day I 
had the piece from which I made a plastic mold and several 
additional pieces for mounting the Plexiglas bracket on a full 
sheet of Plexiglas that I ordered locally. It never occurred to 
me to measure the angles, so after ] got the index of 
refraction for Plexiglas, I measured the incident angle and it 
turned out to be 61°. So then I realized that the spiritual eye 
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was being diffracted across these two Plexiglas plates which 
comnected it to the tetrahedral geometry of subspace. 
Because subspace is the foundation of space, this created a 
much more efficient route for remote viewing. The result is 
that this invention has allowed me to make contact with 430 
alien civilizations. Since then I have been awarded the 
Aphysics prize for my work in the invention and elaboration 
of the tetrahedron diagram of which there are now over 4000 
graphs. The scientific discoveries contained in the diagram 
are (1) the electron and proton are one and same particle, (2) 
the existence of hyperspace, (3) how mass can be taken out 
of dimension, (4) cosmology determines the elementary 
particles, (4) all the physics constants and the tetrahedral 
geometry are contained in the two 360° circles of the infinity 
symbol and (5) all the physics constants are determined 
geometrically and projected from a subspace manifold into 
our dimension. For my work in Revelations, | was awarded 
four beautiful galloping riderless white horses of the Apoca- 


lypse. 
A BRIEF DESCRIPTION OF THE DRAWINGS 


[0023] FIG. 1. Remote viewing the top of a palm tree 
containing several coconuts. 


[0024] FIG. 2. Remote viewing three soldiers running 
across a wooden bridge. 


[0025] FIG. 3. Remote viewing computer building that 
soldiers were guarding. 


[0026] FIG. 4. Spiritual eye of human aura. 

[0027] FIG. 5. Tetrahedron. 

[0028] FIG. 6. Tetrahedron circumscribed by sphere. 
[0029] FIG. 7. Caribbean volcanic island vortex. 

[0030] FIG. 8. Giant Red Spot on Jupiter. 

[0031] FIG. 9. Olympus Mons volcano on Mars. 

[0032] FIG. 10. Snell's Law of Refraction. 

[0033] FIG. 11. Perspective view of remote viewing sta- 
tion. 

[0034] FIG. 12. Wedge-shaped spacers for diffraction 
panel. 

[0035] FIG. 13. Remote viewing angle. 

[0036] FIG. 14. A remote viewing session taking place on 


a planet located 90,000 light years from earth on the other 
side of the galaxy showing His Highness signing with his 
left hand the document that allows his planet to become a 
member of the Pleiadian Federation. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0037] 1. Referring to FIG. 11, the remote viewing station 
is a rectangular box wooden frame (A) on which is mounted 
on one side a large sheet of Plexiglas (B). The diffraction 
panel (C), made of a shorter length of Plexiglas, is mounted 
with acrylic glue on the Plexiglas sheet using clear polyoptic 
molded plastic spacers (D). 


[0038] Referring to FIG. 12, the wedge-shaped spacers 
(D) hold the diffraction panel (C) to the sheet of Plexiglas 
(B). The angle of the wedge is 30° which makes the incident 
angle 60° to the normal. 
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[0039] Referring to the top view perspective FIG. 13, 
sitting on the wide bench, the remote viewer can adjust his 
sight along the wedge for proper alignment at an angle of 
60°. Due to the 1.50 index of refraction of Plexiglas, the 
spiritual eye is diffracted across the edge of the first panel 
and then refracted across the second panel at the tetrahedral 
angle of 35.26°. 


[0040] Referring to FIG. 14, the remote viewing image is 
seen superimposed on the large sheet of Plexiglas which acts 
as the viewing screen. 


] claim: 
1. A remote viewing station comprising: 


(a) a rectangular box frame made of wood having a length 
of six feet, a width of four feet and a height of six feet; 


(b) a large sheet of quarter inch Plexiglas, having an index 
of refraction of 1.50, mounted on the right side of item 
(la); 

(c) several wedge-shaped clear plastic spacers, three 
inches in width and eight and a half inches in length, 
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having a wedge angle of 30° that are mounted on the 
interior right side of item (1b), 


(d) a shorter sheet of quarter inch Plexiglas, having a 
length of one and a half feet, mounted on item (1c) 
parallel to item (1b), 


(2) a wide bench on which the remote viewer sits so that 
the remote viewer can align his sight along the wedge 
angle of item (1c); 

2. A remote viewing amplifier that: 

(a) diffracts the spiritual eye of the remote viewer across 
the edge of item (1d) at an incident angle of 60° to the 
normal; 

(b) refracts the spiritual eye at 35.26° to the normal due 
to the refractive index of item (1a) according to Snell’s 
Law of Refraction; and 

(c) aligns the spiritual eye with the tetrahedral geometry 
of subspace due to the diffraction/refraction combina- 
tion of item (2a) and (2b). 
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(57) ABSTRACT 


A spacecraft having a triangular hull with vertical electro- 
static line charges on each corner that produce a horizontal 
electric field parallel to the sides of the hull. This field, 
interacting with a plane wave emitted by antennas on the 
side of the hull, generates a force per volume combining 
both lift and propulsion. 
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Figure 2 
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Figure 3 
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Figure 5 
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TRIANGULAR SPACECRAFT 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is a spacecraft having a triangular 
hull with vertical electrostatic line charges on each comer. 
The line charges create a horizontal electric field that, 
together with a plane wave emitted by antennas on the side 
of the hull, generates a force per volume providing a unique 
combination of both lift and propulsion. 


BACKGROUND OF THE INVENTION 


[0002] Referring to FIG. 1, the spacecraft has a hull in the 
shape of an equilateral triangle. A parabolic antenna (E) is 
centrally located in the bottom of the hull. An array of 
horizontal slot antennas is located along the side of the hull 
(A). Each back comer (F,G) has a corner conducting plate 
which is charged to a positive voltage +V. The forward 
corner (C) has a conducting plate charged to a negative 
voltage -¥. A motion control hemisphere (D) is located on 
the bottom surface in each of the three corners. 


[0003] Referring to FIG. 2, two planes (A,B) intersect at 
the origin O at an opening angle B. Each plane (x,y) is 
charged to a voltage V. The potential at point P is determined 
in polar coordinates {op}. The Laplace equation for the 
potential ® in polar coordinates is given by: 


1 ( at) 1 eo 4 
pap ap)” Fae 


Using a separation of variables solution, the potential is 
given as the product of two functions: 
D(ppER pp) 
which when substituted into the Laplace equation becomes: 
pay dR) ldw 
aaa ag)* Fag ~! 


Since the two terns are separately functions of p and > 
respectively, each one has to be constant with the sum of the 
constants equal to zero: 


lay 
¥de 


uy? 





pe -( ya. 
Rip dp) 


These two equations have solutions: 

R(p)maprttP~ 

Wlhr=edcos( mp) +Bsin(sap) 
The azimuthal angle is restricted to a value in the range 
O=p=f. The boundary condition is that the potential ® is 
equal to V for any radius p when $=0 and $=$. This means 


that v has to be an integer value of sv so that the sine function 
is Zero: 


Ee tig 


B 


sin(vB) = sin{ A) = sin) = 0 me 1,2... 
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which in turn means that the coefficient A of the cosine term 
has to be zero in the solution above. Choosing b=0 makes the 
general] solution for the potential equal to: 


dp. d)=V + iy amgt™? sinned { B) 


m=l 


which shows that when the angle is zero, the sine is zero and 
the potential is V. If the angle is 6, then there is a multiple 
of a such that the sine is zero again. 


[0004] Because the series involves positive powers of the 
radius, for small enough p, only the first term m=1 in the 
series is important. Thus around p=0, the potential is 
approximately 


(Pd) V+a,p""sintup'B) 


[0005] The electric field component is the negative gradi- 
ent of the potential: 


Lad — Hay 


E,lp, ¢) = aae° perl oosing | Bd 


The surface charge distribution o at ¢=0 and =f is equal to 
the electric field perpendicular to the surface times the 
permittivity of space €,: 


eyta, 7-1 
a(p) = £gEg{p. 0) = aay al 


Notice that if angle of intersection { is less than 1, then the 
equation says that there is a very small radius to a positive 
power which means little charge density accumulation. 


[0006] Referring to FIG. 3, the value of (, in the case of 
the triangular hull, is equal to 360° less 60° for a total of 
300° or: 





which says that there is a charge density singularity to the 
two fifths power for small radius. Thus, the comer plates on 
the hull create a huge line charge density along the sharp 
vertical corner edge. The equation for the potential of a line 
charge density is given as: 


a i o 
Mx yi=- 5a Laux =x) +(¥ = Yo) 
AEG 


where A is the charge per unit length in the vertical z-di- 
rection, and x, and yp are the location of the line charge in 
the xy-plane. 
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[0007] Referring to FIG. 4, the triangular hull (D) is 
plotted together with the potential contours (A) and the 
electric field arrows (B) created by the three corner line 
charges. The line charges are perpendicular to the paper. 
Notice that the electric field arrows are parallel crossing the 
center parabolic antenna (C). The electric field is also 
parallel to the sides (D) of the triangle. 


[0008] Referring to FIG. 5, along the side of the triangle 
(A), an array (B) of horizontal slot antennas emit electro- 
magnetic waves that have a vertically polarized electric E 
field (C). These traveling waves interact with the electric 
field (D) produced by the line charges on the corners of the 
triangle. 


[0009] Using differential forms mathematics, this combi- 
nation of fields is represented by the Hodge star of the 
differential of the wedge product of the two fields. The 
antenna electromagnetic field is a combination ofa traveling 
magnetic field B,,, and electric field E,,, The stationary field 
E created by the line charges is perpendicular to the traveling 
wave. 


€ force 
“HEB. + Ey * d)- = —— 
¢ volume 


where € is the linear capacitance of space and ¢ 1s the speed 
of light. Thus there is a force per volume around the hull. 


[0010] This combination of fields produces a spacetime 
curvature as determined by Einstein’s General Theory of 
Relativity. The traveling electric field has an amplitude in 
the vertical z-direction and travels in the x-direction 


Fab ,COS(X—f} 


The Faraday electromagnetic tensor contains all the electric 
and magnetic fields in all the {x,y,z} directions. The first row 
and first column contain the two electric fields 


t th E, tt E,cos(x- 0 
re x Ey 0 th tt 
Bry it O th ih 


clE,cos(x-) 0 th {} 


The stress exerted on spacetime occurs in the xx, yy and 
zz-direction as calculated from the stress-energy tensor T of 
gravitational physics 


1 
4n7” = FeO Fe qa FapF 


where g is the metric tensor for Cartesian space 


1 
_ 


Bog = 


a ind 


oo 2 


fal 
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where the diagonal components are the coefficients of the 
elementary spacetime length ds squared 


(ds P—( dt)? +(deyidyP tay 


The calculation produces three stresses T™*,T’” and T** in 
their respective {x,y,z} directions. 


[0011] Referring to FIG. 6, these three stresses are plotted 
together as a 3D vector field animated over time in nine 
frames. The graphs show that there is a lift force as depicted 
by the vertical arrows as wel] as a force of propulsion as 
shown by the interspersed horizontal arrows. With the 
passage of time, these vectors exchange places with each 
other so that the lift becomes the propulsion and vice versa, 
creating a wavy stress-energy field around the hull. 


SUMMARY OF THE INVENTION 


[0012] This invention is a spacecraft with a triangular hull 
having charged flat plates on the vertical corners of the three 
sides. The two rear corners are charged to a potential V. The 
forward corner is charged to a potential -V. The 60° angle 
on the corner creates a line charge density singularity that 
produces a huge horizontal electric field pointing from the 
back to the front of the craft which is also parallel to the 
sides of the triangle. An array of horizontal slot antennas 
located on the sides of the triangular hull produce an 
electromagnetic wave with the electric field polarized in the 
vertical direction. This combination of fields produces a 
spacetime force in both the vertical and horizontal directions 
such that the spacecraft receives a lift force and a force of 
propulsion. 


A BRIEF DESCRIPTION OF THE DRAWINGS 
[0013] FIG. 1. Perspective view of triangular spacecraft. 


[0014] FIG. 2. Drawing of the intersection of two charged 
plates in order to calculate the charge density in the corer. 


[0015] FIG. 3. Perspective view of the corner angle # for 
the equilateral triangle. 


[0016] FIG. 4. Planar 2D graph showing the electric field 
produced by three line charges on the corners of the trian- 
gular hull. 


[0017] FIG. 5. Perspective view of electric field produced 
by the linear charge interacting with the traveling electro- 
magnetic wave produced by the slot antenna. 


[0018] FIG. 6. 3D vector animation of the lift and thrust 
force generated by the fields. 


[0019] FIG. 7. Perspective view of slot antenna. 
DETAILED DESCRIPTION OF THE 
INVENTION 


[0020] Referring to FIG. 7, the antenna (A) is made out of 
sheet copper in which a rectangular horizontal slot (B) has 
been notched out using a die press and sheet metal fixture. 
A coaxial cable from the amplifier and frequency generator 
is attached across the slot by soldering the outer cable (D) to 
one side of the slot and the inner cable (E) to the other side 
of the slot. This creates the positive and negative charges 
across the gap which forms the vertical electric field (F) 
which radiates out perpendicularly to the copper sheet. 
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[0021] Although the invention has been described with 
reference to specific embodiments, such as a particular 
antenna system, those skilled in the art will appreciate that 
many modifications and variations are possible without 
departing from the teachings of the invention. All such 
moditications and variations are intended to be encompassed 
within the scope of the following claims. 


1. A spacecraft comprised of the following components: 
(a) a tnangular hull in the form of an equilateral triangle; 


(b) two copper plates attached on opposite vertical sides 
at each of the three comers of the hull (1a) such that a 
sharp vertical] edge is formed where they come 
together; 


(c) an electrostatic generator used to charge the back two 
copper-cladded corners (14) to a high positive voltage, 
and the third forward copper-cladded corner to a high 
negative voltage; 
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(d) a horizontal slot antenna array mounted-on the sides of 
the hull; and 


(e) a frequency generator, antenna and coaxial cables to 
drive the antenna array (1d). 


2. To create, by claims (la, 15, 1c), an intense vertical line 
charge at the corners (14) and a horizontal electric field that 
that is parallel to the sides of the hull (1a). 


3. To create, by claims (1¢,le), an electromagnetic wave 
with a vertically polarized electric field traveling outward 
from the side of the hull (1a); and 


4. To create, by claims (2,3), an interaction of the elec- 
trostatic field (2) with the electromagnetic wave (3) such that 
a combined spacetime curvature pressure is generated on the 
hull in the upward and forward direction to produce lift and 
propulsion respectively. 
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curvature distortion which pulls the locomotive along the 
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Figure 1 
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Figure 2 
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Figure 3 
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Figure 4 
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PERMANENT MAGNET PROPULSION SYSTEM 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is a propulsion system for a train 
that utilizes spinning cylindrical magnets in order to create 
a spacetime pressure distortion ahead of the vehicle that 
pulls the locomotive along the track. 


BACKGROUND OF THE INVENTION 


[0002] At the present time, referring to FIG. 1, proposed 
permanent magnet propulsion systems use a dual railway 
track (A) supporting a series of coil windings (B) located 
along the track. The vehicle is attached to two permanent 
magnets (D) between steel pole pieces (C). The north pole 
of each magnet faces the interior pole piece such that the 
magnetic flux path (E) follows the center pole piece up 
through the railway bed and then back to the south pole of 
the magnet. As the magnets move along the track, the coil 
windings are activated at the correct time by Hall sensors. 
With the coil energized as a north pole, the permanent 
magnet north pole is repelled which drives the vehicle along 
the track The problem with this design, and other similar 
designs, is that it is not practical to wind huge numbers of 
sensor-activated electrical coils along a steel track. 


[0003] From Einstein's General Theory of Relativity, it is 
known that a spacetime curvature pressure develops perpen- 
dicular to direction of vibration of the electric and magnetic 
field. As an example, the photon has an electric field 
vibrating in the vertica] y-direction and a magnetic field 
vibrating in the horizontal x-direction. The spacetime cur- 
vature pressure is therefore along the z-axis of radiation 
which pushes the negative mass of the photon along. Thus 
in order to create a spacetime curvature pressure in the 
z-direction along the track which would pull the train 
forward, a magnetic flux density field is required in the 
radia] direction. 


[0004] Referring to FIG. 2, four equally-spaced north 
permanent magnets (B) surrounding a centrally-located 
south permanent magnet (C) are mounted on an iron cylin- 
der which acts as the radial flux return path. The magnetic 
flux density field (D) is in the radial direction from the north 
pole to the south pole. In order to provide strength, the 
magnets are molded onto a steel shaft and coated with epoxy 
so that they don’t rust. During the molding process, a 
capacitor-discharge magnetizer is used to create the mag- 
netic field of the magnet. 


[0005] In Cartesian coordinates {—-ct,x,y,z}, the elemental 
spacetime length ds squared is the sum of the squares of the 
incremental lengths {cdt,dx,dy,dz} 


(ds?=-(dtP dx P Hdv Pde 


where the speed of light c is unity. The coefficients (-1,1,1,1) 
of this equation make up the g metric 4x4 tensor 
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[0006] The Faraday electromagnetic tensor contains the 
magnetic fields which determine how the spacetime length 
ds is curved. For a magnetic flux density field in the 
x-direction, Bx, and a magnetic flux density field in the 
y-direction, By, the Faraday tensor is 


roxy 7 
tidb db 0 th 
ali dh oO | =—By 

Fea" | ; 
y{dh db 0 Bx 
2/0 By -&e 90 


The stress-energy-momentum tensor T, which determines 
how space is curved, is calculated from the following 
equation 


ee 
anT = FM FY 33! FoF? 


The stress-energy in the z-direction ahead of the locomotive 





where the sum of the squares of the fields in the x and y 
directions is the radial B field. In Einstein’s General Rela- 
tivity Theory, the curvature G tensor is equal to the stress- 
energy tensor divided by 82. The G tensor is the curvature 
of space having units of inverse radius squared. 


Therefore the curvature G_, generated along the z-direction 
ahead of the train is proportional to the square of the 
magnetic flux density field 


Ge 1 


1 
CG. o te ee ee 
Sr 2 8x meter 


r 


where G is Newton’s gravitational constant (not to be 
confused with the curvature tensor), € is the lmear capaci- 
tance of space, and ¢ is the speed of light. The linear mass 
of space Q is the speed of light c squared divided by the 
gravitational constant G, so that the equation can be written 
as 
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where the conversion factor is the square of the magnetic 
vector potential A 


kgm 
=——=A 
seccout 


which is actually the momentum per charge. Therefore the 
curvature equation can be written as 


ol 


1 1/8, 
7" 3a) 


This equation shows that it is necessary to create a magnetic 
vector potential together with the radial magnetic flux den- 
sity field in order to create a curvature of space. Looking at 
the units of A shows that it is a mass momentum per charge 


kg mm mir 
Ano 





sec cout f 


or a mass m rotating with angular velocity c) per current 
along the radius. In terms of the invention, what this means 
is that the mass of the iron cylinder has to be rotating and 
there has to be a radial electrical current I in order to produce 
the linear charge along the radius. The differential mass dm 
depends on the circumference times the differential radius 
dr, the mass density p, and the length L of the cylinder 


dmap2urLdr 
so that the magnetic vector potential becomes 


2 


8 arbi + ee 
A ={ dr 5 pe 
# 7 3 ? 


The value of A for the iron cylinder is 


bh=2m 
kg 
p= T8665 
R=im 
w = nf = 6.28 sec! 


f = 41001100 amp 





Br= 1.2restla 
1 art is 
ala) = 30.47 


A 
A 
Foureanre = ¥ 8 (=) =.18lan 
Br 
What makes this possible is that the new N-machines can 


easily generate a minimum of 6 million amps which is twice 
the value of the electrical current above. 
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[0007] Refetring to FIG. 3, the assembly consists of a 
large induction motor (A) mounted on the train’s base plate 
(B) driving a motor shaft (C) attached to the iron cylinder 
(D). The shaft is held in place by two thrust bearings 
mounted in two pillow blocks (E,F). The current-generating, 
N-machine (G) is electrically connected by a copper bus (H)} 
to a copper-beryllium brush (I) on the motor shaft with a 
similar return brush (J) on the edge of the iron cylinder. The 
current (K) flows through the motor shaft to the center of the 
rotating cylinder and then radially outward to the edge. The 
magnetic flux density flows from the north poles of the outer 
permanent magnets to the central south pole, along the 
central magnet to the center of the rotating cylinder and then 
radially outward to the south poles of the outer magnets. 


[0008] The thrust F developed is the radius of curvature of 
spacetime r, calculated above times the magnet flux density 
field times the current ] 


Fe rBt 





= 30000/6f 


| 


Using conservation of tensor coordinates, the radius of 
curvature is in the z-direction, the magnetic flux density field 
is in the radia] direction and the current is in the radial 
direction 


Fab 


where the radial indices cancel, leaving the z-index as the 
direction of the force. 


SUMMARY OF THE INVENTION 


[0009] It is the object of this invention to create a space- 
time curvature in front of a train locomotive in order to pull 
the vehicle along the track It is known from gravitational 
physics that a spacetime curvature 1s generated perpendicu- 
lar to the direction of vibration of the electric and magnetic 
field. A radial magnetic field, which can be produced by 
permanent magnets attached to the flat faces near the rm of 
a iron cylinder rotating about the z-axis, will create a 
curvature in the z-direction. Four cylindrical north-pole- 
oriented magnets produce a radial magnetic flux density 
with is channeled into a central cylindrical south-pole- 
oriented magnet. The flux lines then flow radially outward 
through the steel rotating cylinder and reconnect with the 
south poles of the four outer magnets. The rotating iron 
cylinder generates the equivalent of a magnetic vector 
potential when an electrical current flows from the center of 
the cylinder to the edge. This current is generated by an 
N-machine current generator. The square of the magnetic 
flux density divided by the magnetic vector potential is equal 
to the spacetime curvature. The square root of the inverse of 
the spacetime curvature is the radius of curvature. The thrust 
developed is this radius of curvature times the magnetic flux 
density field times the current. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0010] FIG. 1. Perspective view of proposed permanent 
magnetic propulsion system using coil windings on the steel 
track. 


[0011] FIG. 2. Perspective view of permanent magnet 
rotor assembly. 
[0012] FIG. 3. Perspective view of system showing motor 


drive, N-machine and permanent magnet rotor. 
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[0013] FIG. 4. Perspective view of locomotive and rotor/ 
magnet assembly. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0014] 1. The permanent magnets are made of neody- 
mium-iron-boron material which is heated to its melt 
temperature and injection molded around a steel shaft 
threaded at one end while at the same time a pulsed 
magnetic field is applied to the material using a charge- 
discharge magnetizer. Because of the iron in the material, 
a coat of epoxy is applied to the magnet in order to protect 
it from the environment. Holes are drilled into the iron 
plate 90° apart near the rim, threaded, and then the steel 
shaft with the magnet is then inserted. Another hole is 
drilled and tapped in the center of the circular plate for 
attaching the south pole magnet which is used as the 
return path for the magnetic flux. 


[0015] 2. Another easier way to make the magnets is to 
purchase short lengths of tubular NdFeB magnets and 
then stack them on the steel shaft with a cylindrical iron 
pole piece on the end of the shaft. The pole piece then 
holds the magnets down in place when the shaft is 
threaded into the plate. 


[0016] 3. Referring to FIG. 4, the propulsion system is 
mounted inside the train cabin such that the rotor/magnet 
assembly extends out in front of the locomotive where the 
spacetime curvature is generated. 


I claim: 
1. A train propulsion system consisting of the following 
components: 


a. a rotating iron cylindrical plate rotor of high relative 
permeability driven by an induction motor and hori- 
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zontal steel motor shaft mounted in pillow block thrust 
bearings, 


b. four cylindrical magnets, each molded to a steel support 
shaft threaded into the iron plate at 90° intervals around 
the rim of the plate with their north poles facing away 
from the plate; 


c. a fifth cylindrical magnet molded to a steel support 
shaft which is threaded into the center of the iron plate 
with the south pole facing away from the plate; 


d. an N-machine current generator supplying a radial 
electrical current from the center of the rotating plate 
by means of a copper-beryllium brush on the motor 
shaft (1a) and another similar brush on the outside edge 
of the rotor. 


e. a locomotive train on which the components are 
mounted such that the rotor/magnet assembly extends 
out in front of the locomotive with the rotor’s angular 
velocity vector pointing along the track. 


2. a closed magnetic flux path along a radial path in air 
from the north poles of the four outer magnets (16) to the 
south pole of the central magnet (1c), through the center 
magnet and then radially outward through the rotor (1a), 
returning back through the four outer magnets, such that the 
flux and electrical current (1d) flow in the same outward 
radial direction through the rotor. 

3. the creation of a spacetime curvature due to claims (la 
through 2) that produces a large force on the locomotive 
equal to the radius of the spacetime curvature times the flux 
times the current. 
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Figure 1 
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Figure 2 
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Figure 3 
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Figure 4 
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Figure 5 
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Figure 6 
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Figure 7 
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Figure 8 
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Figure 9 
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Figure 10 
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Figure 11 
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Figure 12 
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Figure 13 
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Figure 14 
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Figure 15 
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WATER ENERGY GENERATOR 


BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is an energy generator that uses the 
transition through wormholes of the hydrogen atoms of 
water molecules to break the bonds of the atoms and convert 
the protons into photons and electrons which can be col- 
lected for energy. 


BACKGROUND OF THE INVENTION 


[0002] A molecule of water consists of two hydrogen H 
atoms and one atom of oxygen O which has the chemical 
formula 


1,0 


The hydrogen atoms can be separated from the oxygen atom 
by electrolysis. In this process, a direct current of electricity, 
such as from a battery, is passed through water decomposing 
it into hydrogen and oxygen. Pure water, however, is a poor 
conductor of electricity. It is therefore necessary to add some 
substance to form a solution that will conduct an electric 
current. Such a solution that will conduct electric current is 
called an electrolytic solution. A small amount of sulfuric 
acid or sodium hydroxide is added to the water to form an 
electrolytic solution. Water electrolyzed yields hydrogen 
plus oxygen 


Water—->hydrogent+oxygen 
2H,0-2H40, 


Because this invention is to be used on spacecraft, the 
oxygen can be used for breathing and the hydrogen can be 
used to produce energy that will be used to create the 
electromagnetic fields which provide lift and propulsion. 


[0003] Referring to FIG. 1, a single hydrogen atom con- 
sists of one proton (1) m the nucleus and one electron (2) 
moving in an orbital (3) around the nucleus. In quantum 
physics notation, there is only one main K shell and one 
orbital] containing a single electron in the 1 s subshell. An 
orbital is an energy level containing one or two electrons in 
a subshell of an atom. Only a total of two electrons may be 
placed in one orbital with the added constraint that the 
electrons spin in opposite directions. Looking at the 1 s 
orbital, it can be seen that only half of it is occupied. What 
this means is that it is possible to add another hydrogen atom 
in which its electron occupies the other position in the orbital 
to from the hydrogen molecule H,. 


[0004] In 1925, a physicist by the name of Edwin Schro- 
dinger developed a wave equation, which bears his name, 
that models the hydrogen atom. Even though the classical 
picture of FIG. 1 showing a distinct electron orbiting the 
proton is easy to visualize, in reality the electron is a 
wavefunction ‘Y whose square indicates the probability of 
finding the electron at a particular point. This then was the 
start of quantum physics where it was found that the electron 
energy can only take on certain discrete values. 


[0005] A traveling wave moving in the positive x-direction 
can be represented by the function Vj=W (x,t) of the form 
Wyed, cos(2a(A-v 2) 


where x is the distance along the x-axis, A the wave 
amplitude, % the monochromatic wavelength, v the velocity 
of the wave and t time. 
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[0006] Asimilar monochromatic wave moving to the left 
can be represented by 


W5=A, cost 2a(x/A+v' f) 


where the sign of the velocity is reversed. The superposition 
of these traveling waves results in a standing wave, or 
stationary waves, of the form 


PaW +B =4 cos(2mx/h) cos(2av f 


which is now a product of a spatial-dependent term A 
cos(27x/), and a time-dependent term cos(2zv t). Taking 
the partial derivative of W twice with respect to x 


ey (=) 
ae UR 


The momentum p of a particle is equa] to Planck's constant 
h divided by the mass m of the particle 


arti 
pe AjAs ZT 


where h bar is the reduced Planck constant. Thus Schrod- 
inger’s equation can be written as 


it} 


¥ pr 
oe 


For a particle whose potential energy is V(x), the total 
energy is the kinetic energy K plus the potential energy 


Eek Ve(y?!2m)e¥ 
Therefore, 
pom? m (E-F) 
and Schrodinger’s equation becomes 


Peery 


sae HIE-V iN =0 
dnt dx ; 


The potential V is just the Coulomb potential of the product 
of two charges e divided by the radius r between them 


where ¢€ is the linear capacitance of space. A general wave- 
function can be separated into a radial R part and a spherical 
harmonics part Y 


PR, 1 F, nt8.9) 


where the first term is called a radial wavefunction which 
describes the “in-out” motion of the electron. When Schro- 
dinger’s equation is separated, it is found that the radial part 
of the wavefimction, R, must be a solution of the quantized 
differential equation 
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This can be expressed in a simpler form by defining the 
function 


f=rR 


which is then found to satisfy the equation 


ee 
mage HIE - Vii f =0 


where the effective potential is given by 


Vg = ith? et 








Qear* dmer 


where the 1’s are the quantum orbital numbers. For s orbitals 
equal to 1=0, the effective potential is just the electrostatic 
potential of the nucleus. For 1 greater than zero, the first 
term is equal to the kinetic energy owing to the angular 
motion of the electron at a distance r and with angular 
momentum y¥1(1+1)h. 


[0007] Referring to FIG. 2, the effective potential is 
graphed as a function of radius r and the orbital numbers. For 
orbital number |=0, which is the lower of the three curves, 
the potential does not provide a stable position for the 
electron (black disk) and the negatively-charged electron 
just crashes into the positively-charged proton nucleus as 
shown by the arrow. For orbital |=1, the first term is called 
the centrifugal repulsion which together with the electro- 
static potential provides for a stable position for the electron 
as seen in the middle curve. The potential energy is negative 
which creates a slight valley in which the electron obtains a 
stable orbit. Higher orbital numbers 1=2 produce a similar 
valley potential further out on the radius. The l=1 orbital 
does not allow the electron to come near the proton which 
provides for a stable hydrogen atom. So the key to this 
invention 1s how to destabilize this hydrogen atom energy 
system and produce usable energy which can propel the 
electromagnetic spacecraft and run other hyperspace inven- 
tions. Refer to my patent applications such as Dipole 
Moment Spacecraft, Dual Potential Hull Spacecraft, Photon 
Spacecraft, Electromagnetic Field Propulsion System, Full 
Body Teleportation, Magnetic Vortex Wormhole Generator, 
Electric Vortex Wormhole Generator, Sulfur S8 Wormhole 
Generator, Cavitating Oil Hyperspace Energy Generator, 
Rotor Inductance Propulsion System and Triangular Space- 
craft. 


[0008] Many of these patent applications involve worm- 
holes and hyperspace which are not well-known concepts in 
the scientific community. Hyperspace consists of those 
dimensions which are co-dimensional with our spacetime. 
The reason I know about hyperspace is because (1) I have 
been in hyperspace on a number of occasions and have 
experienced Einstein's time dilation according to his Gen- 
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eral Theory of Relativity, (2) I have experienced more than 
one full-body hyperspace teleportation over a distance of 
100 meters, (3) we have been able to create a wormhole 
between space and hyperspace with the magnetic vortex 
wormhole generator in which smoke was blown through one 
side of the coil into hyperspace, a first contact verified by the 
Grey Aliens, (4) I have seen the green mist associated with 
moving out of dimension and crossing over into hyperspace, 
(5) I have looked into another dimension and have seen 
another building, a car and a man who waving at me in the 
presence of an artificially-intelligent Cyborg with the “high- 
tech look” from the Pleiadian Defense Department, (6) I can 
remote view through hyperspace subgeometry to distances 
of 100,000 light years to the edge of the galaxy and have 
made first contact with around 500 extraterrestrial civiliza- 
tions involving the use of patent applications such as 
Remote Viewing Amplifier, Quantum Dot Energy Cylinder 
and Walking Through Walls Training System, (7) ] am the 
only person on Earth who has communicated with the 
designers of the crop circles found in England and explained 
their design to them in terms of subspace geometry, (8) I can 
walk through walls as a hyperspace energy being, and (9) I 
have discovered how anti-gravity is possible using low 
density hyperspace energy, not to mention all the other 
research work on these electromagnetic field propulsion 
vehicles. For my work in developing the geometry of the 
subspace manifold known as the tetrahedron diagram, I was 
given the Aphysics award by the Admiral, who is third in 
line to the Admiralty of the Pleiadian Defense Department. 
For my work in Revelations, she awarded me four beautiful 
galloping white riderless horses of the Apocalypse. The 
reason that the Pleiadian Defense Department was involved 
was that the Admiral had the task of creating the energy 
being that would protect the subspace manifold during the 
battle of Revelations which took place in the year 2001. So 
these are some of my personal experiences in the field of 
hyperspace physics. 


[0009] As to the scientific aspect of hyperspace physics, 
observations of the solar system have noted that large 
vortices occur on the planets at a latitude of +19.5°. On the 
planet Jupiter, for example, the Giant Red Spot vortex, 
which is the size of two planets like Earth, is located at 
-19.5° latitude. 


[0010] Referring to FIG. 3, the Olympus Mons volcano, 
which is the size of France, occurs in the northern hemi- 
sphere at 19.5°. The plume of volcanic ash can be seen being, 
blown to the upper right. 


[0011] Here on Earth, just north of me at +19.5° in the 
Caribbean, there is a slow moving rock mantle vortex that 
curves the islands down toward Venezuela. Since the tetra- 
hedron has three comers, another comer occurs at 120° to 
the west where the Marshal] Islands are located. The reason 
that the volcanic islands form is that low density hyperspace 
energy softens the atoms and molecules to such an extent 
that the atomic bonds are broken. The hot magma from the 
core has an easier path to the surface through the soft rock 
compared to the hard rock of surrounding areas. As the 
vortex rotates, the rising hot magma creates volcanoes 
which form the chain of islands. 


[0012] As another example of this, the Silver bridge. 
which is located at a double harmonic of 39° between Ohio 
and West Virginia, collapsed because a large wormhole 
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opened up and flooded the bridge with low density hyper- 
space energy. The metal rivets softened and pulled out of the 
plates holding down the suspension cables. Thus the road- 
way tilted to one side and all the cars fell into the river. 


[0013] Ifyou look at the quarried granite polygonal mega- 
lithic stone blocks that were used to build Machu Picchu, the 
blocks are put together as though they were soft putty. They 
fit together perfectly. Machu Picchu, or Great Picchu, is the 
Quichua name for a sharp peak which rises ten thousand feet 
above the sea. How this was achieved is described in my 
patent application Rotating Magnetic Vortex Generator 
which shows that rotating permanent magnets can create a 
womnhole between space and hyperspace. The low density 
hyperspace energy then floods the block as to make it 
weightless. The block is then floated up from the quarry 
which is 2500 feet below Machu Picchu. The huge 1000-ton 
blocks found in the platform at Baalbek in the Cedar 
Mountains of Lebanon were also lifted into position in this 
manner. 


[0014] Using a technique called Chi Kung breathing, not 
necessarily known to the Chinese, one of our researchers has 
been able to levitate himself to a height of six feet. He might 
have gone higher but he lost his balance and his arm touched 
a nearby metal pipe. He then floated back to the ground. 
Contracting the abdominal muscles causes hot air to rise in 
the lungs while at the same time cold air is inhaled through 
the nose. This combination of hot and cold air mixing 
together creates environmental oscillators having a tempera- 
ture fluctuation. This changes Planck’s constant such that the 
body goes out of dimension and low density hyperspace 
energy fills the body. 


[0015] The final example comes trom Biblical times. Jesus 
and his father Joseph were both carpenters. A chair that 
Joseph had made for a client was found to be too small. So 
Jesus placed his hands on either side of the chair and 
stretched the chair to tit. The phrase in Spanish is “mas silla” 
which means that Jesus made more chair. In the dictionary, 
the Spanish word for putty is “masilla.” The reason that 
Jesus could do this is that he passed hyperspace energy 
through his hand vortices which softened the wood. See my 
patent application called Hyperspace Torque Generator 
which shows this in more detail. The hand vortex is actually 
a planar co-gravitational K field that can rotate a pendulum 
around in circles. This solenoidal field corresponds to the 
magnetic H field. The electric field corresponds to the linear 
gravitational g field. The equations are identical for both sets 
of fields. I learned that Jesus actually remcarnated here on 
Earth in order to identify the planet on which the battle of 
Revelations would take place. 


[0016] In summary, these are some examples as to how 
low density hyperspace energy can soften and break the 
bonds of atoms and molecules. 


[0017] As mentioned previously, the astronomical obser- 
vations suggest that the structure of the universe is related to 
the tetrahedron. Referring to FIG. 4, the comers of a 
tetrahedron circumscribed by a sphere, touch the sphere at 
an angle of 19.47122063°. The ratio of the area-to-volume 
ratio of the sphere to the area-to-volume ratio of the tetra- 
hedron is 3 which is the magic ratio in physics. The 
aresin(¥) is 19.47°, 

[0018] Inorder for all the physics constants to be projected 
into our universe and the co-dimensional hyperspace dimen- 
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sions, there has to be a tetrahedral subspace manifold. The 
only mathematical function which allows multiple rotations 
of the complex plane is the logarithmic function Log[z]. 


[0019] Referring to FIG. 5, the complex number z in the 
complex plane is equal to x+I y where x and y are real 
constants and I?=-1. The complex number z can also be 
written in terms of a radius and an angle 


zer Exp{I 4] 


Because the angle can rotate more than once in 27 m 
multiples, the complex number z is actually 


zer Exp[i(6+2a m )] 
Taking the logarithm of z 
Logfz]=Log[+}7(6+2191) 


[0020] Referring to FIG. 6, it can be seen that it is not 
possible to go around multiple times on the same surface due 
to a branch cut along the origin where Log[0] is undefined. 
What happens is that as you rotate around on surface (4) and 
get to the origin, you go down along the branch (5) to the 
next hyperspace plane (6). Thus the universe is composed of 
many hyperspace co-dimensions. From personal experience, 
I estimate that the distance separating the two dimensions is 
about 3 meters when I was looking into another dimension 
at the man waving at me. The physics is even more com- 
plicated because there is a Lorentz dimensional transforma- 
tion in which higher dimensions appear smaller and lower 
dimensions appear larger. In one case I was looking at a huge 
mothership at a much higher dimension and it looked like a 
tiny toy model] spacecraft. They fired a laser cannon at me, 
and I then curved space which made the beam change 
course, You can see why I was awarded the four horses. 


[0021] The antilog of Log[z] is 
eloslzLzipe! wt 


where the angle is the angular frequency w times the time t. 
The subspace geometry remains stationary or fixed, but the 
projection of the antilog into our dimension generates a 
system which is frequency dependent. This is why we get 
oscillating fields. 


[0022] From Einstein’s General Theory of Relativity, it is 
known that various kinds of energy can curve spacetime 
such as mass, electromagnetic fields, angular momentum 
and electrical charge. The elemental spacetime length ds in 
cylindrical coordinates {t,r,6.z}, known as the Schwarzs- 
child metric, shows that spacetime can be curved using mass 
M and charge Q 


2M 2) de 


(ds¥ = ~«ari (1 Sree aig + (rd0)? + (de¥ 





we 
= 
+ 
BS 
—- 


where you can see that the elemental time dt is dilated by the 
mass M and the elementary radius dr is reduced. I have 
actually experienced this time dilation in which, as I was 
jumping into hyperspace, I was hit by a car which broke my 
shoulder. When I came back into dimension which appeared 
to be a few seconds later, I found that I had an 8-inch blood 
ring down the right side of my chest. My shoulder blade, 
which sticks up about two inches, is still broken to this day. 
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[0023] Referring to FIG. 7, flat space (7) can be curved (9) 
by a massive body (8) such as a planet. For example, the 
mass of the Earth gives space a negative curvature such that 
objects tend to fall toward the center of the mass (bow]). On 
the other hand, using electromagnetic fields, it is possible to 
produce a positive curvature such that a spacecraft rises by 
falling upward. 


[0024] Referring to FIG. 8, if the fields are intense 
enough, then a wormhole (12) forms between space (10) and 
hyperspace (11). This depiction is called an embedding 
diagram because there is no open space going through the 
wormhole. An object traversing the wormhole moves along 
the surface from one dimension to another. In order to open 
the throat (12) of the wormhole, negative energy is required. 
Referring to my patent application Dual Potential Hull 
Spacecraft, negative energy is produced by the interaction of 
a microwave beam with an oscillating magnetic H field. In 
terms of differential forms mathematics, this is given as the 
Hodge Star * of the differential d of the wedge © praduct of 
the magnetic H field with the electromagnetic wave {B,E} 


a(-p) 
td HA(B+ EAdi= ore 


which says that there is an increasing rate of change of 
negative energy (-~). Due the presence of negative energy 
together with the spacetime curvature pressure produced by 
the electromagnetic fields, wormholes open up between 
space and hyperspace. There is a positive gravitational 
potential between hyperspace and space because the low 
density hyperspace energy is more dense than the negative 
energy in this dimension. Thus the hyperspace energy flows 
into our dimension which reduces the mass of the spacecraft. 
The upward spacetime pressure stress over the hull due to 
the electromagnetic fields creates a lift force on the nearly 
massless vehicle. Because the hyperspace energy has a 
speed of light equal to one meter per second, the electro- 
magnetic fields become relativistically strong since they 
obey the Lorentz transformation. Due to the low mass, high 
spacetime lift pressure and strong EM fields, the vehicle can 
attain very ligh rates of acceleration. 


[0025] Another method to produce a wormhole is to use 
bucking magnetic fields which is described in my patent 
application Magnetic Vortex Wormhole Generator. In gravi- 
tation physics, the Faraday F tensor, which is a 4x4 space- 
time metric {t,x,y,z}, contains al] the components of the 
ala fields in the various spatial directions {x,y, 
Zz 


We Re om 
le poo 
¥ A = x 
c|E, B, -B 0 


where contravariant index a refers to the rows, and the 
covariant index refers to the columns. For example, the 
component F',=E,, is the electric field in the x-direction. If 
there were two magnetic bucking fields in the x-direction the 
Faraday tensor would be 
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which says that the Faraday tensor is zero. Thus no space- 
time curvature is generated from two bucking magnetic 
fields at the same position. On the other hand, if the two 
bucking magnetic fields are concentric at different radii, then 
the Faraday tensor becomes 


th th th 
th th th 
J Bx, ) — B(x) 
th =(B5fxy) — Bydlx2) th 


ot 

Hl 
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which is not zero due to the presence of the Kronecker 6 
delta function which locates the fields at different positions. 
The spacetime stress-energy-momentwn tensor T is then 
computed from the following equation 


1 
AnT™ = FM FS — 38! Fag FP 


where g is the metric tensor containing the coefficients of the 
elemental spacetime length ds. With the mass M and charge 
Q term equal to zero, there being just electromagnetic fields 
involved, the g metric tensor in cylindrical coordinates 
becomes 





> 
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[0026] Referring to FIG. 9, the magnetic vortex generator 
has two concentric, thin, flat cylindrical silicon-iron cores 
(13,14), each consisting of a stack of three 0.020 inch thick 
transformer laminations wrapped with insulating tape. Using 
insulated magnetic wire, a flat helical coil (16) is wrapped 
counter-clockwise around the outer laminations. The coil 
receives power through connection (15). The winding then 
continues around the core until coil (17) where the wire (18) 
is extended to the inner core and the wrapping of coil (19) 
proceeds in the clockwise direction. The inner core wrap- 
ping terminates on coil (20) with the extension of the second 
power connection (21). Because the coils are wound in 
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opposite directions, the generator produces two bucking 
magnetic fields at different radii (22,23). 


[0027] According to Maxwell’s electromagnetic equa- 
tions, the curl of the magnetic flux density B field times the 
square of the speed of light squared is equal to the rate of 
change of the electric E field 


2g pe OF 
i ace 


Multiplying both sides by the elemental area of the core and 
integrating over the area 


fe é ty é ry 
ce { VxbdaA = sf E-ndA = — { E-nlardr 
Jo Ory 51g 


The curl of the field can be converted into a line integral 
around the core contour using Stokes’ Theorem 


iy Pag 
rad { "TxBdA =e ads=o {i Brod? 
Jo Jy 0 


[0028] The magnetic flux density B field oscillates with 
angular frequency w 


B=Bye!* 


Substituting this into the equation and integrating over time 
for the inner core field 


2x ty . 
-2 ff Boe" rod@ = ai E2dardr = Exri, 
0 Jo 0 


This can be solved for the electric E field that is produced by 
the oscillating magnetic flux density B field 


UB-1 +e!) 
i Yow 


The electric field for the outer core is the same equation 
except that the opposite sign of the magnetic flux density B 
field and the radius rl 


=21Byc*(-1 +e") 


Ey= 
rr 


Adding these two fields together is the total electric field E 


=2Boc7(=1 + Expt) - 11) 


E=kjt+£, = rorits 
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The electrostatic energy of the field is equal to half the linear 
capacitance of space times the summation over the volume 
of the dot product of the electric field with itself 


& 
vis 5 f E-av 


Because the electric field points in the z-direction out of the 
coil, the dot product is actually the square of the electric 
field. 


[0029] Referring to FIG. 10, the energy U per volume is 
plotted as a function of time with a radius ratio r,/r, of 3/1. 
As the graph shows, the magnetic vortex wormhole genera- 
tor produces mostly negative energy which is required in 
order to create the wormholes. Because the stress-energy- 
momentum T tensor is also the square of the electric field, 
this graph gives the spacetime curvature pressure. Thus the 
electric field produces both the pressure and negative energy 
required to open up wormholes between space and hyper- 
space. 


[0030] Going back to the effective potential equation, 


ately 
f tnae 








dxer 


it can be seen that the first term is divided by the mass of the 
particle. In current gravitation physics, the mass of the 
particle is invariant with velocity. It does not obey the 
Lorentz transformation. The mass is related to the energy E 
of the particle and its momentum p by 


pPaEe—p? 


In different inertial frames moving with a relative velocity v, 
the energy and the momentum obey the Lorentz transfor- 
mation, but no matter what the relative motion, the mass of 
the particle is constant. In the first term of the effective 
potential, the mass is constant which leaves just Planck’s 
constant. 


[0031] Having worked for over ten years on the subspace 
manifold, known as the tetrahedron diagram, J found a most 
incredible intersection on the diagram when working with 
the water molecule. The water molecule has two hydrogen 
atoms and one oxygen atom as mentioned previously, The 
atomic weight of one atom of hydrogen is 1.008 atomic 
weight units (awu). The atomic weight of oxygen is 16.000 
awu. Therefore the molecular weight of water is 


Weight of two atoms of hydrogen 2x 1.008 anu =2.016 awu 


16.01} aww 


Weight of one atom of oxygen 1x 16.000 anu = 13.016 anu 


The gram molecular weight is the atomic weight expressed 
in grams, so there are 18.016 grams in Avogadro’s number 
of molecules. So the mass per molecule in logs is 
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fie gram —mol/(1000 ©) 
Log] ao ——*- | = -58.77103043 


[0032] Referring to FIG. 11, the tetrahedron diagram plots 
the natural logarithm of mass versus the natural logarithm of 
wavelength. The reason for this is that mass times wave- 
length is equal to Planck’s constant divided by the speed of 
light ¢, known on the diagram as the base constant. At the 
present time there are over 4000 diagrams which are copy- 
righted in the Library of Congress. In logarithms, the 
product of two numbers is the sum of the two numbers. This 
means that the sum of the mass and the wavelength are equal 
to the base constant which has a value of 


In[m]+ln[A.J=Infh/c]=-95.91546344=base constant 


Our dimension has a lower limit on mass and length known 
respectively as the Planck mass and the Planck wavelength. 
The Planck mass is the linear mass Q of the universe times 
the Planck scale A. The Planck wavelength is circumference 
ofa circle of radius Planck scale. In terms of logs, the Planck 
mass and Planck wavelength are 


Planck mass=ln( QA)=17.64290101 

Planck wavelength=|n(20A)=-78.27256243 
[0033] When these values are plotted on the tetrahedron 
diagram shown in FIG. 11, the Planck box (abed) is formed 


which are the boundaries of our dimension in subspace. The 
line numbering is as follows 


Planck mass 25, 27 
Planck wavelength 26, 28 
mass of water molecule 29, 31 
speed of light squared circle 30 
base constant 33 
inverted tetrahedrons 34, 35 
centerline 36 


The energy of the water molecule, circle (37), is equal to the 
sum of the water molecule mass (29) plus the speed of light 
squared circle (30). The energy circle (37) intersects the 
mass of the water molecule (29) at the Planck wavelength 
(28, point e), which is the boundary between space and 
hyperspace. What this means is that the mass is equal to the 
energy at the Planck box boundary. The only way that this 
is possible is if the speed of light c is equal to one meter per 
second 


Eunt comm cml meter'second 


A water molecule traversing a wormhole into hyperspace 
undergoes a change in the speed of light from 299792458 
ns to 1 m/s. 


[0034] Planck’s constant #: is equal to the Planck mass QA 
times the Planck scale A times the speed of light c. 


h=QAAc 


By having the speed of light go to 1 m/s, the orbital term in 
the effective potential Vy is reduced by a factor of the speed 
of light squared equal to 9x10'°. This unbalances the 
equation to such an extent that only the Coulomb potential 
term remains. 
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The electron is attracted to the proton nucleus because the 
centrifugal term no longer provides a stable orbit for the 
electron. Thus the atomic binding is destroyed and the water 
molecule becomes soft as putty. 


[0035] Referring to FIG. 12, the collision of the electron 
with the proton together with the enormous change in the 
proton’s energy causes the proton p to become unstable and 
decay. According to the Standard Model of particle physics, 
the elementary particles are composed of smaller particles 
known as quarks. The six quarks have been named up u, 
down d, strange s, charm c, top t, and bottom b. The 
subscript on the quark indicates one of three colors {red r, 
blue b, green g). As shown in the diagram, the proton is 
composed of three quarks {u,, uz, d,}. two of which are up 
quarks of which one is red and the other green, and a third 
blue down quark. The proton p decays into a positron e* 
which is an electron with a positive charge, and a neutrally- 
charged pion x° particle through the exchange of an X boson 
particle. The pion has a mass between the electron and the 
proton. 


p—ra°+et 
[0036] Referring to FIG. 13, the pion n® then decays into 
a proton p and antiproton p which annihilate each other to 


produce two photons shown on the right by the traveling 
waves. So the overall energy exchange is 


Zhe 
pro te 


where hv is the energy per gamma photon with frequency v. 
The electron of the hydrogen atom would then annihilate the 
positron for additional photon energy. 


[0037] Referring to FIG. 14, the hydrogen H atom is 
composed (38) of the proton and electron as seen in the 
upper left comer. The proton decays (39) into the neutral 
pion and a positron. The electron from the hydrogen atom 
and this positron form one electron pair (40). The pion then 
decays (41) into two gamma photons which produce an 
electron pair production energy cascade into 132 pairs 
(42,43) for a total of 133 electron pairs. These electrons can 
then be captured electrostatically and used for the produc- 
tion of electricity. 


[0038] Referring to FIG. 15, the electrons are captured 
with the water droplet injector . The plunger (46) of a 
spring-loaded cylindrical solenoid (44) is attached to a 
tapered piston (47). By means of ring collar and bolts (45), 
the solenoid is bolted to the injector (48). A supply of 
purified water is attached to the water inlet connection (49). 
When the solenoid is activated, it pulls back slightly so that 
water can enter the valve. When the solenoid is deactivated, 
the piston forces the water droplet out through the nozzle 
(50) into a cylindrical glass vacuum chamber (52). Two 
cylindrical glass disks (51) hold the nozzle in place. On the 
other end of the vacuum chamber is the sealed-tube con- 
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nection (56,57,58) to the vacuum pump. In the middle of the 
vacuum chamber, two metal plates (53) are attached through 
sealed glass collars (54) to electrical pins (55). The plates are 
electrostatically-charged with opposite charges so as to form 
a capacitor. This creates an electrical field between the plates 
which attracts the electrons to the positively-charged plate. 


[0039] Referring to FIG. 16, the vacuum tube and water 
injector (61) are mounted along the centerline of the inner 
(60) and outer (59) magnetic vortex wormhole generator 
coils. The low density hyperspace energy traversing the 
wormhole along the centerline of the coils causes the 
injected water molecules to soften and decay into a cascade 
of electrons. The oscillating electric field along the center- 
line causes the electrons to vibrate back and forth. The 
crossed electric field between the charged capacitor plates 
causes the electrons to flow toward the positively-charge 
plate in order to produce electricity. 


[0040] Referring to FIG. 17, the vacuum tube is connected 
to the vacuum pump through a hose connection to the pump 
air inlet (64). A5 Hp electric motor (62) drives dual rotating 
flights of screws which trap the air and move it toward the 
exhaust outlet (65) shown with no muffler. On a spacecraft 
operating in the vacuum of outer space, this component 
would not be needed. 


SUMMARY OF THE INVENTION 


[0041] It is the object of this invention to generate elec- 
tricity by using low density hyperspace energy to soften 
water molecules such that the atomic binding is broken 
which causes the hydrogen nucleus to decay into a cascade 
of electron pairs. These electrons are then collected on a 
positively-charged plate in order to produce electricity. The 
water molecules are softened by flooding them with low 
density hyperspace energy that is produced by a magnetic 
vortex wormhole generator. The generator creates negative 
energy and a spacetime curvature along the centerline of two 
concentric coils. This combination opens up wornholes 
along the centerline. Because the gravitational potential of 
low density hyperspace energy is greater than the negative 
energy, the hyperspace energy flows through the wormhole 
from hyperspace into our dimension. The hyperspace energy 
has a speed of light equal to one meter/second. This causes 
a change in Planck’s constant h such that the proton orbitals 
of the hydrogen atom are unable to produce a centrifugal 
repulsion which keeps the electron in orbit. The Coulomb 
potential term dominates and the electron is attracted to the 
proton. Due to the vast change in the speed of light, and the 
collision of the electron with the proton, the proton becomes 
unstable and decays into a neutral pion and a positron. The 
pion then decays into two gamma photons which produce a 
large cascade of electron pairs. 


[0042] A water injector, consisting of a solenoid-activated 
valve and nozzle, injects water droplets into a vacuum 
chamber which is positioned along the centerline of the two 
concentric coils where the wormholes form. Due to the low 
density hyperspace energy passing through the wormholes 
into our dimension, the water molecules soften and decay 
into electrons which are collected on an electrostatically- 
charged capacitor plate having a positive charge located in 
the glass vacuum chamber. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0043] FIG. 1. Perspective view of hydrogen atom K 
shell. 
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[0044] FIG. 2. Graph showing potential binding energy of 
hydrogen atom. 


[0045] FIG. 3. Perceptive view of Olympus Mons volcano 
at +19.5° Mars latitude. 


[0046] FIG. 4. Perspective view of tetrahedron inscribed 
in sphere. 


[0047] FIG. 5. Graph showing complex plane. 


[0048] FIG. 6. Perspective view of hyperspace co-dimen- 
sions of logarithmic manifold. 


[0049] FIG. 7. Perspective view of embedding diagram 
showing curvature of space caused by a mass. 


[0050] 
diagram. 


[0051] FIG. 9. Perspective view of coils of magnetic 
vortex wormhole generator. 


FIG. 8. Perspective view of wormhole embedding 


[0052] FIG. 10. Graph showing that generator produces 
negative energy. 


[0053] FIG. 11. Tetrahedron diagram showing that the 
speed of light at the Planck box boundary at the water 
molecule is one meter/second. 


[0054] FIG. 12. Perspective view of proton decay into 
neutral pion and positron. 


[0055] FIG. 13. Perspective view of pion decaying into 
two gamma photons. 


[0056] FIG. 14. Diagram showing decay of the hydrogen 
atom into electrons. 


[0057] FIG. 15. Perspective view of water injector and 
vacuum chamber. 


[0058] FIG. 16. Perspective view of vacuum chamber 
mounted along centerline of magnetic vortex wormhole 
generator. 


[0059] FIG. 17. Perspective view of vacuum pump used to 
evacuate vacuum chamber. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0060] 1. The coils of the magnetic vortex wormhole 
generator are made of three stacks of 0.020 inch silicon-iron 
transformer laminates. These are washed to remove the oil, 
and then wrapped with insulating tape in order to keep the 
laminations together. Using a very long bench made of 
wooden planks and 2x4 sawhorses, the outer coil is wrapped 
counter-clockwise right to left using a large spool of 14 
AWG magnetic wire. A thin spacer is used between wind- 
ings in order to reduce the winding capacitance. Once the 
outer coil is wound, the wire is continued to the second inner 
coil which is wrapped clockwise, leaving enough wire 
between coils such that when the coils are mounted in the 
wooden frame, the coil is one continuous winding having an 
input and output connection. Using an inductance meter, the 
inductance of the coil is measured. Using a standard fre- 
quency of 60 Hz, the capacitance of a sheet metal capacitor 
is calculated such that the generator is electromagnetically 
resonant at this frequency. The generator is connected to the 
line voltage by a 1:1 isolation transformer which is con- 
nected to a small primary coil wrapped on a toroidal core 
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whose similar secondary coil is connected to the sheet metal 
capacitor and inductance coil. Resonance is achieved by 
adjusting the spacing and overlap of the sheet metal. 


[0061] 2. The vacuum chamber is made of a glass tube 
with sufficient wall thickness to withstand the vacuum 
pressure. A number of glass blowing techniques are used to 
make the glass-electrode connection for the capacitor plates. 
Then circular pieces of glass plate are cut out and ground to 
the inside diameter of the tube, fitted with the nozzle and 
vacuum connection, and then heat sealed to the chamber. 
The chamber and water injector are then attached to a 
wooden bracket mounting which is doweled and glued to the 
wooden frame of the generator. 


I claim: 
1. A water energy generator system comprising the com- 
ponents: 


a magnetic vortex wormhole generator and driving reso- 
nant electrical circuit; 


a water droplet injector, 
a vacuum chamber and vacuum pump; and 


an electrostatic electron capture system. 

2. By means of claim (1), a magnetic vortex wormhole 
generator comprising two concentric cylindrical coils of 
different radii wound in opposite directions, made of thin 
sheet silicon-iron transformer laminations wound with one 
continuous length of magnetic wire providing a single input 
and single output connection to the driving electrical circuit. 

3. By means of claim (2), a coil winding method and 
oscillating driving circuit producing bucking electric fields 
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along the centerline of the generator normal to the coils 
which create a spacetime curvature pressure and negative 
energy. 


4. By means of claim (3), the generation of wormholes 
between space and hyperspace along the centerline of the 
generator such that low density, low speed of light hyper- 
space energy flows through a positive gravitational gradient 
from hyperspace to space. 


5. By means of claim (1), a water injector comprising a 
solenoid-activated water valve, water supply connection, 
seal and nozzle for injecting water droplets into the vacuum 
chamber. 


6. By means of claims (5) and (4), the softening and 
particle decay of the water molecules by the hyperspace 
energy into neutral pions, positrons, gamma photons and 
finally a cascade of electron pairs. 


7. By means of claims (6) and (1), the capture of the 
electrons on electrostatically charged capacitor plates 
located in the vacuum chamber for the purpose of producing 
electrical energy. 


8. By means of claims (1) and (2), a resonant electrical 
driving circuit comprising a line isolation transformer con- 
nected to a primary coil wound on a toroidal coil whose 
secondary output coil is connected to a capacitor and the 
inductance coil of the generator such that the capacitance of 
the capacitor and the inductance of the coil form a highly 
resonant electrical circuit. 
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Figure 1 
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Figure 2 
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Figure 3 
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Figure 4 
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Figure 6 
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Figure 7 
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Figure 8 
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Figure 9 
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Figure 10 
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Figure 11 
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Figure 12 
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Figure 13 










ae 
-3 -® -l #@ 1 t 3 -2 -@ --. @ 1 t 3 


-3 fl @ 3) 


Patent Application Publication Aug. 3,2006 Sheet 14 of 18 US 2006/0168937 Al 


Figure 14 
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Figure 15 
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Figure 16 
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Figure 17 
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Figure 18 
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MAGNETIC MONOPOLE SPACECRAFT 
BRIEF SUMMARY OF THE INVENTION 


[0001] This invention is a spacecraft propulsion system 
that generates a tield of wormholes which are threaded with 
a magnetic field. Acting as two attracting magnets, the 
spacecraft’s north magnetic field is attracted to the con- 
stantly regenerating south magnetic monopoles of the worm- 
holes which provides lift on the hull. 


BACKGROUND OF THE INVENTION 


[0002] According to one of Maxwell’s electromagnetic 
equations, the curl of the electric E field is equal to the 
negative time rate of change of the magnetic flux density B 
field. 


The curl can be thought of as a circulation around a closed 
loop specified by the right-hand rule where the fingers curl 
in the direction of the electric field and the thumb represents 
the changing magnetic flux density field through the area of 
the loop. At no time is the electric field diverging around the 
loop. That is, the divergence of the curl is zero which is a 
well-known vector operation 


a ; 
div cule = 7 aes) =th 


The partial derivatives of divB are zero at all points in space. 
Performing the integration, therefore, the divergence of B is 
equal to a constant 


div B=aconstant 
[0003] Referring to FIG. 1, the following discussion is 
made in cylindrical coordinates {1,8,z}. In cylindrical coor- 


dinates, the divergence of the radial B field, div B, is equal 
to a constant C 





Br[r] i 


BY] + — 


Cc 


where the prime (') represents differentiation with respect to 
the radius r. The solution to this equation resides in deter- 
mining the constant C. In the vacuum of space without any 
wormholes, the constant C is zero. Because the spacecraft is 
surrounded by a field of wormholes, there is a magnetic flux 
density field threading each one. That is, each wormhole is 
actually a magnetic monopole, and therefore the entire field 
of monopoles constitutes a large magnet with one pole in 
this dimension and the other pole in the hyperspace dimen- 
sion. 


[0004] The concept of the wormhole involves a new type 
of scientific thinking involving the creation of a gateway 
between our spacetime and that of a hyperspace co-dimen- 
sion. The gateway is created electromagnetically as shown 
by my patent applications Rotating Magnetic Vortex Gen- 
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erator, Magnetic Vortex Wormhole Generator, and Sulfur 8 
Wornhole Generator. The gateway can also be created 
ultrasonically through bubble cavitation as shown in my 
patent application Cavitating Oil Hyperspace Energy Gen- 
erator. In one experiment, smoke was blown through one 
side of the coil of the magnetic vortex wormhole generator 
and no smoke came out the other side. The smoke was blown 
through the wormhole into another dimension. 


[0005] The existence of hyperspace is not generally 
known in the scientific community. The reason it exists can 
be thought of in the following manner. Referring to FIG. 2, 
the corners of a tetrahedron (2) circumscribed by a sphere 
(1) touch the sphere at an angle (3) of -19.47°. Looking at 
the planets of the solar system, the Giant Red Spot vortex of 
Jupiter, which can hold two planets the size of Earth, is 
located at this angle. On Mars, the Olympic Mons volcano, 
which is the size of France, is located at north 19.5° Here in 
the Caribbean there is a slow moving rock mantle vortex at 
north 19.5° that curves the islands down toward Venezuela. 
So the geometry of space is related to the tetrahedron. What 
this suggests is that there is a subspace manifold whose 
tetrahedral geometry projects all the constants of physics 
into our dimension. 


[0006] Referring to FIG. 3, this subspace geometry is 
shown in the tetrahedron diagram which plots the natural 
logarithm of mass on the vertical axis versus the natural 
logarithm of wavelength on the horizontal axis. With this 
diagram, it 1s possible to visualize the entire universe on a 
single sheet of paper. Triangle (4) is the tetrahedron whose 
vertical centerline shown by the small x circle (a) is equal to 
Planck’s constant h divided by the speed of light c, known 
as the base constant. The base constant in logs is equal to 
-95 91546344. Line (5) is the diameter of the sphere (6). A 
circle (7), centered on (a), with a radius equal to the speed 
of light squared, is tangent to the tetrahedron. It can be 
shown that all the constants of physics, such as the speed of 
light squared and the Planck mass and the Planck wave- 
length, are determined geometrically by this logarithmic 
subspace tetrahedral geometry. 


[0007] Referring to FIG. 4, the complex plane consists of 
a rea] horizontal axis, and a complex vertical axis where the 
value of the complex number z is given by a radius r and an 
angle 


zmpel@e2nm) 


The logarithm of z is 
Logf2]=Log[+}i16+201) 


where m is an integer m=0,1,2 .. . corresponding to multiple 
rotations of 2x. What this means in terms of the tetrahedron 
diagram, referring to FIG. 5, is that there are multiple 
diagrams separated by 2x rotations. Each multiple is another 
hyperspace dimension. Only the log manifold has this char- 
acteristic. Referring to FIG. 6, the hyperspace dimension, 
shown as 27 circular surface (8), has a cut (9) on the 
undefined Log[0] origin line such that another hyperspace 
dimension is created below it (10). 


[0008] Referring to FIG. 7, this branch cut does not bring 
one back to the original surface nearing the origin. It takes 
one down to another level of the universe into another 
hyperspace dimension. I can attest personally that I have 
been able to look into another hyperspace co-dimension as 
well as jump into another dimension. 
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[0009] Furthermore, Dr. Stephen Hawking of Cambridge 
University has shown that our dimension is connected to a 
wonnhole through complex time. That is, the hyperspace 
dimension is rotated forward by 90° which makes it orthogo- 
nal to us. While this is the mathematical explanation as to 
why there are hyperspace co-dimensions, I can attest per- 
sonally to the fact, as described in my patent application Full 
Body Teleportation, that I was teleported through hyper- 
space and returned to our dimension over a distance of 100 
meters. Because hyperspace exists, it is then possible, using 
electromagnetic fields, to open wormholes between our 
dimension and other hyperspace dimensions. 


[0010] Referring to FIG. 8, the constant C in the magnetic 
flux density B field equation is determined as follows. The 
end of a solenoid (11) is equivalent to a loca] magnetic 
source of flux ® which represents the wormhole. A charge 
(12) encircling the solenoid has the same value at P, and P, 
but there is a phase difference of 2 1 n where n is an integer 
equal to the number of times the charge encircles the 
solenoid. The change in phase is equal to the charge q 
divided by Planck's reduced constant times the flux for a 
solenoid of radius r=R 


i q 2 
2 2 m = 
A@ = 2nn = —O bak 


Solving for the magnetic flux density field threading the 
wormhole 


_ 2anh 
~ ga? 


The differential equation becomes 


Br[r] a 
—= 





Br [r]+ C2) 


Solving the equation for the radial field Br 


Br[r] = a + a 


Equating this Br field with the B field and solving for the 
C[2] constant 


-2[-2hn + grC[L]) 
gr 


cl2l= 


Substituting for C[2], the C[1] constant drops out and 
therefore the wormhole magnetic flux density field becomes 
a constant inside the throat radius R 
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but the divergence moving from outside to inside the radius 
is a constant due to the discontinuity. 


[0011] Referring to FIG. 9, the wormhole has a constant 
cylindrically-shaped magnetic field of radius R with a nega- 
tive south pole due to the negative charge on the electron, 
Using a wormhole radius equal to one hundred times the 
electron radius with n equal to 10 turns, the magnetic flux 
density B field has a magnitude of 1.4x10° tesla. 


[0012] Referring to FIG. 10, the wormhole surface (14) is 
a connection through a throat area (20) between space and 
hyperspace (13) to another surface in hyperspace (15). The 
electron path (19) is actually spiraling down the surface of 
the wormhole. The magnetic flux density field (18) points 
into the wormhole such that the cross product of the electron 
velocity (16) with the field (vxB) points toward the outside 
rim of the wormhole. Because the electron has a negative 
charge, the force (17) on the electron (-q vxB) is mward 
toward the centerline of the wormhole. Since one pole of the 
field is in space, and the other pole is in hyperspace, the 
wormhole appears to us as a magnetic monopole. The key to 
this invention 1s how to generate this magnetic wormhole 
field. 


[0013] Referring to FIG. 11, the aluminum spacecraft is 
constructed of a flattened, shallow spherical lower hull (21), 
a circular upper hull with a flat sloping surface (22), a 
spherical dome cupola (23), and a cylindrical section (24) 
housing a circular array of radial microwave waveguides. 
Surfaces (22) and (23) are electrically charged, using high- 
voltage transformers, to an alternating electrostatic potential 
such that the potential on the dome is +V when the sloping 
hull has a -¥V potential and vice versa. This creates an 
electric field from the positively charged surface to the 
negatively charged surface. 


[0014] Referring to FIG. 12, the dome (25) is charged to 
a positive potential. The spherical potential lines (26) ema- 
nate from the dome and curve around toward the sloping 
hull. The negative gradient of this potential field is the 
electric E field (27) which is perpendicular to the potential 
lines. The electric field lines from the dome then terminate 
on the sloping hull which can be seen in the lower right hand 
comer of the graph. 


[0015] Looking down from above at the top of the dome, 
referring to FIG. 13, the oscillating electric field generates 
a circular oscillating magnetic field around the hull at 
various elevations. The last two graphs in the right-hand 
comer are near the top of the dome as seen by the smaller 
radius contour lines. 


[0016] Referring to FIG. 14, the oscillating electric field 
lines (28) are between the dome and the sloping hull. The 
oscillating magnetic field (29) encircles the hull at the level 
of the microwave waveguides. 


[0017] From gravitation physics, it is known that negative 
energy is required to open up the throat of the wormhole. In 
terms of differential forms mathematics, the negative energy 
is created by wedging the magnetic field with the radial 
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microwave beams of the waveguides. This generates an 
increasing time rate of change of negative energy p as shown 


by 


ap) 
FAB (Byyove + Emonedlt = ah 


where (*) is the Hodge Star operator, (d) the differential 
operator and (*) the wedge operator which joins the circular 
magnetic flux density B field with the electromagnetic wave 
(B. 


[0018] Referring to FIG, 15, the interaction of the circular 
magnetic field (33), generated by the oscillating electric field 
(34), interacts with the radial electromagnetic field of the 
microwave beams (31) of the waveguides (30) to generate 
negative energy (32) over the sloping hull (35). 


wave? Fave ). 


[0019] This combination of fields also creates the worm- 
hole field over the hull. The spacetime curvature pressure T 
in the vertical z-direction is equal to the square of the 
circular magnetic flux density field 


This stress-energy-momentum tensor can be thought of as a 
spacetime curvature proportional to the inverse of the radius 
squared, or as a pressure term which acts on the surface area 
of the hull. Thus there is the combination of a pressure stress 
and negative energy which creates the wormhole field over 
the sloping hull. Even though the magnetic flux density B 
field is oscillating, it is the square of the field which creates 
the stress. Thus the tension is still in the positive vertical 
z-direction. 


[0020] Due to the low speed of light of hyperspace, the 
hyperspace energy is low density. Thus there is a positive 
gravitational potential between hyperspace and our dimen- 
sion such that the hyperspace energy flows through the 
womnholes and onto the hull of the spacecraft. When this 
happens, a white mist forms over the hull. The effect of the 
hyperspace energy is to lessen the mass of the spacecraft, 
and relativistically increase the strength of the electromag- 
netic fields due to the smaller speed of light. 


[0021] Referring to FIG. 16, the circular magnetic flux 
density field (36) is interacting with the magnetic monopole 
(37). The monopole acts as one pole of a magnet and 
therefore has a magnetic moment equal to the area times the 
electrical current circulating through it as the electrons move 
from our dimension into hyperspace. The great physicist 
Maxwell (1870) pointed out that the energy associated with 
charges and poles is potential energy and that therefore these 
objects tend to move in a direction that will decrease the 
potential energy, similar to a brick sliding down an inclined 
plane. Now to reduce the potential energy is the same as to 
reduce the field which gives a measure of the potential 
energy. If two like charges are brought together they 
strengthen one another’s field, while opposite charges 
reduce one another’s field. Thus like charges repel and 
unlike ones attract. 
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[0022] However, the energy associated with electric cur- 
rents is not potential but kinetic in origin, because it is 
associated with moving charges. Now in mechanics it is well] 
known that bodies move in a direction to increase their 
kinetic energy, if there is a source of external energy. The 
magnetic field of currents is a measure of kinetic energy and 
currents wil] try to move in a direction that will increase the 
field. Thus similarly-directed currents attract and unlike 
currents repel. In FIG. 16, the monopole will act so as to 
increase the field of the circular magnetic B field generated 
by the spacecraft. The monopole will then rotate into align- 
ment with the flux tube. This increases the field strength of 
the flux tube. There is a torque T on the monopole equal to 
the cross product of the magnetic moment with the B field 


Tas 


[0023] Referring to FIG. 17, when the monopole is 
aligned with the flux tube, the cross product is zero and there 
is zero torque on the monopole. Notice that even if the 
oscillating B field points in the opposite direction, there is 
still zero torque since the torque depends on the sine of the 
angle between them. The sin(0°) or sin(180°) is the same 
zero value. With the monopole aligned with the flux tube, the 
kinetic energy is now maximized. That is, both the flux tube 
and the monopole point in the 6-direction. 


[0024] The magnetic B field can be represented as a vector 
having three components. The only component is in the 
angular direction 


B={B, Bg, B}={0, Belz), 0} 


where the field varies, as was seen in FIG. 13, in the vertical 
z-direction. The magnetic monopole field also points in the 
8-direction 

p={0.Ho(2).0} 
where there is a negative gradient of the monopole field in 


the z-direction due to the location of the microwave 
waveguides near the sloping hull. 


[0025] The force F on the monopole is the gradient of the 
monopole’s magnetic moment with the magnetic flux 
density B field 


FuYiwB={0, 0, tly Bg(Z)+Bg(Z dg (z)} 


which says that there is a force on the monopole in the 
z-direction equal to the magnetic moment times the gradient 
of the magnetic field in the z-direction plus the magnetic 
field times the gradient of the magnetic moment in the 
z-direction. 


[0026] Referring to FIG. 18. differentiating the magnetic 
field in the z-direction shows that the gradient is negative 
outside the hull. This can also be seen visually in FIG. 13 
where the graphs decrease in intensity. 


[0027] Anegative gradient for both the magnetic moment 
and the field means that the force on the monopole is 
negative. The force on the tube connected to the hull is 
therefore the negative of a negative, yielding a positive lift 
force. 


Fincnopole™ 1 O,|ugBe (2)+B9(2 Mg (2)1}*-Frave 
Fyuvet +10. 0, |tgBo (2)+Bo(Z)tg (Z)|+ 


which says there is an upward lift force on the hull due to the 
combination magnetic monopole and flux tube. This lift 
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force is in addition to the vertical lift force generated by the 
spacetime curvature created by the electromagnetic fields 
themselves. 


SUMMARY OF THE INVENTION 


[0028] This invention is a spacecraft propulsion system 
that utilizes electromagnetic fields and microwaves to gen- 
erate negative energy and a spacetime curvature over the 
hull. The hull consists of a hemispherical dome, a circular 
array of radial microwave waveguides, a sloping flat hull, 
and a shallow spherical hull on the bottom. Alternating 
current high voltage transformers connected to the dome and 
the sloping hull generate a curving oscillating electric field 
between the dome and the sloping hull. Due to this oscilla- 
tion, a horizontal circular oscillating magnetic flux density B 
field is created around the dome. 


[0029] By firing the microwaves at right angles to the B 
field, negative energy is created over the hull. The negative 
energy and spacetime curvature pressure generate worm- 
holes between space and hyperspace. Because hyperspace 
has a low speed of light and positive gravitational potential, 
low density hyperspace energy flows through the wornmholes 
and onto the hull. The effect of the hyperspace energy 1s to 
lessen the mass of the vehicle and to increase the strength of 
the electromagnetic fields. Because the resistance of hyper- 
space is less than the resistance of space, electrons spiral 
down the wormholes into hyperspace. This creates a mag- 
netic field through the wormhole with one pole in our 
dimension and the other pole in hyperspace. Thus a field of 
magnetic monopoles is created over the hull. 


[0030] The magnetic monopoles, which represent kinetic 
energy, align themselves with the magnetic flux tubes in 
order to maximize the total magnetic field. Because there is 
a gradient of the monopoles and field in the vertical direc- 
tion, a negative force develops on the monopoles equal to 
the gradient of the dot product of the magnetic moment of 
the monopole with the B field. Thus the opposite reaction is 
a positive force on the flux tubes attached to the hull which 
is equivalent to bringing the north pole of a magnet together 
with the south pole of a second magnet. Because the hull 
constantly regenerates the wormhole field, the hull experi- 
ences a constant upward lift force. This is in addition to the 
lift generated by the spacetime curvature pressure which is 
proportional to the square of the magnetic flux density B 
field. 


A BRIEF DESCRIPTION OF THE DRAWINGS 
[0031] FIG. 1. Perspective view of cylindrical coordinate 
system {r, 6, z}. 


[0032] FIG. 2. Perspective view of tetrahedron circum- 
scribed by sphere. 


[0033] FIG. 3. Tetrahedron diagram showing speed of 
light squared is determined by the tetrahedron. 


[0034] FIG. 4. Complex number z representation in the 
complex plane. 


[0035] FIG. 5. Perspective view showing multiple log 
manifold hyperspace dimensions. 


[0036] FIG. 6. Perspective view of orthogonal hyperspace 
dimensions. 
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[0037] FIG. 7. Perspective view of Log[z] showing cut 
along origin. 


[0038] FIG. 8. Perspective view of charge phase shift 
around a magnetic flux. 


[0039] FIG. 9. Perspective view of wormhole magnetic 
flux density B field. 


[0040] FIG. 10. Perspective view of magnetic monopole 
wormhole. 
[0041] FIG. 11. Perspective view of spacecraft. 


[0042] FIG. 12. Graph showing electrostatic potential and 
electric field over dome. 


[0043] FIG. 13. Animation showing circular magnetic 
field around dome at increasing elevation. 


[0044] FIG. 14. Perspective view of electric and magnetic 
fields around hull. 


[0045] FIG. 15. Perspective view of generation of nega- 
tive energy. 


[0046] FIG. 16. Perspective view of monopole misaligned 
with flux tube with torque. 


[0047] FIG. 17. Perspective view of monopole aligned 
with flux tube at zero torque. 


[0048] FIG. 18. Graph showing negative gradient of flux 
tube in the z-direction. 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0049] 1. The aluminum hull is made by a technique called 
stretch forming which uses hydraulic cylinders to stretch a 
large sheet of aluminum to its yield point. This makes the 
aluminum sheet soft and pliable. Using a die which has been 
CNC machined to the desired hull profile, the sheet is then 
die pressed into a very rigid, smooth and lightweight struc- 
ture requiring no other support. There are actually three dies 
consisting of a spherical dome, sloping hull, and shallow 
spherical dome. 


[0050] 2. The rest of the hull consists of a cylindrical hull 
with a radius equal to the upper dome. A segment of this hull 
is designed on a 3D computer graphics program and stored 
as a stereolithography *.st] file. The file is then transmitted 
over the Internet to a server who prints up the part on an 
xy-plotter with an ultraviolet laser and ultraviolet light 
sensitive polymer bath. The computer model is sliced by a 
special program into many thousands of slices which are 
printed one over the other until the part is completed. The 
server returns the part next day by Express Mail. Several 
parts are then molded using liquid plastic such as to form the 
complete ring. A sand mold is then constructed from al] the 
molds to form a plastic cylindrical hull having the 
waveguide slots molded into it. The waveguide silver-coated 
aluminum boxes are then installed in the slots and connected 
to the frequency generators and amplifiers. The purpose of 
the plastic waveguide cylinder is to separate the electrostatic 
charges on the dome and the sloping hull In this particular 
case we used a dome from another spacecraft design which 
saved on the cost of the die. 
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I claim: 
1. A spacecraft propulsion system consisting of the fol- 
lowing components: 


a lower hull made of aluminum sheet having a shallow 
spherical profile; 


a circular flat sloping hull made of aluminum sheet 
attached to the top of the lower hull on the periphery; 


an electrically-insulated plastic-molded tubular cylindri- 
cal hull containing slots for mounting an array of radial 
microwave waveguides, attached to top of the flat 
sloping hull; 


a hemispherical cupola in the shape of a dome made of 
aluminum sheet mounted on top of the insulated cylin- 
drical hull; 


an array of rectangular microwave waveguides mounted 
in the waveguide slots of the cylindrical hull, 


a high-voltage alternating current transformer with one 
side electrically attached to the upper dome and the 
other side electrically attached to the flat sloping hull; 
and 


a frequency generator and amplifier to drive the micro- 

wave waveguides. 

2. By means of claim (1), an oscillating electric field is 
created between the upper dome and the sloping hull using 
the high-voltage alternating current transformer. 

3. By means of claim (2), an oscillating circular magnetic 
flux density field is generated around the sloping hull and 
upper dome. 
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4. By means of claims (1) and (3), negative energy is 
generated by the radial microwave beams of the waveguide 
array impinging on the circular magnetic flux density field 
around the hull. 

5. By means of claim (3), a positive spacetime curvature 
pressure constituting a lift force is developed over the hull 
in the vertical direction proportional to the square of the 
field. 

6. By means of claims (4) and (5), a field of wormholes 
between space and hyperspace are generated over the hull. 

7. By means of claim (6), due to the positive gravitational 
potential between hyperspace and space, low-density hyper- 
space energy flows through the wormholes onto the hull to 
reduce the mass of the spacecraft and strengthen relativis- 
tically the electromagnetic fields. 

8. By means of claim (6), electrons, emitted by the 
charged hulls, spiraling down the wormholes, generate a 
tield of magnetic monopoles with one pole in space and the 
other in hyperspace. 

9. By means of claims (6) and (3), the magnetic mono- 
poles maximize their kinetic field energy by aligning with 
the magnetic flux tube. 

10. By means of claim (9), the gradient in the vertical 
direction of the dot product of the magnetic moments of the 
monopoles with the magnetic flux density field is a negative 
force on the monopoles and an equal but opposite positive 
lift force on the magnetic flux tubes attached to hull. 

11. By means of claims (10) and (5), a dual method of 
providing apositive lift force on the spacecraft 1s constituted. 
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bombardment on the surface of one Kerr type singularity in 
close proximity to a second Kerr type singularity in such a 
method to take advantage of the Lense-Thirring effect, to 
simulate the effect of two point masses on nearly radial 
orbits in a 2+1 dimensional anti-de Sitter space resulting in 
creation of circular timelike geodesics conforming to the van 
Stockum under the Yan Den Broeck modification of the 
Alcubierre geometry (Van Den Broeck 1999) permitting 
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accordance with Geroch’s theorem (Geroch 1967) which 
results in a method for the formation of Godel-type geode- 
sically complete spacetime envelopes complete with closed 
timelike curves. 
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METHOD OF GRAVITY DISTORTION AND TIME 
DISPLACEMENT 


FIELD OF THE INVENTION 


[0001] The present invention relates to the use of technical 
time displacement devices, which operate by the modifica- 
tion of gravitational fields. These drive systems do not 
depend on the emission of matter to create thrust to take 
advantage of time dilation, but rather create a change in the 
curvature of space-time, in accordance with general relativ- 
ity. This allows travel across topologies by warping space- 
time, to produce a topology change from one spacelike 
boundary to the other in accordance with Geroch’s theorem 
(Geroch 1967) 


THEORETICAL BACKGROUND OF THE 
INVENTION 


[0002] The concept of gravity should be examined in the 
light of quantum gravity and in tum as a component of 
quantum physics itself. The fundamental minimal quantum 
of energy in quantum physics is Planck’s constant, h. Thus 
in accordance with the energy equivalence formula E=mc’, 

the fundamental minimum quantity of mass (m,) can there- 
fore be derived, from known constants by; m m,=h/c? (1). 

Taking this minima] mass, it is possible to show that the 
formation of all matter, the forces of nature and indeed 
space-time itself derive from this single quintessential quan- 
tity. 

[0003] Thus if the number of quintessences in a system is; 
n,=n/m,: then the total Energy of the system is more 
logically given by, the energy of a single quintessence (h); 
directly multiplied by the number of quintessences (n,) in 
that system, thus 


Extn anc (1 a). 


[0004] Furthermore, this minimal mass, termed quintes- 
sence, can form the basis of the existence of a quantum 
gravitational field in the form of a space-time lattice, from 
which quantum gravity may be derived from first principles. 
Furthermore, the conglomeration of these quintessences also 
accounts for the formation of the elementary particles and 
the forces acting between them, as in superstring theory. 
This concept explains the formation of matter and the forces 
of nature on a quantum mechanical basis and directly 
explains the existence of wave particle duality. Thus as 
n=nvim,; the frequency of light and matter (f) is deter- 
mined, directly, from the number of constituent quintes- 
sences. This leads automatically to the fundamental equa- 
tion, derived from (1), f=n,=E/h, where n, is the number of 
quintessences, which leads directly to the frequency of both 
light and matter. This in tun leads directly to a Universal 
wave equation for matter and light A=c/Bn,=he/BE (2), 
where #8 is the relative directional velocity, vic. As the 
momentum, p=BxE/c, then this equation also gives the 
standard de-Broglie wave equation, }=h/p in agreement with 
current theory and experiments’. 


[0005] Using the Universal wave equation, the standard 
equation for special relativity, m'=m,/(1-f7)', derives 
from first principles. Also from these observations, a modi- 
fied Dirac wave equation may be derived, Ey=(-j§-V+ 
fm)yp (2a), the results of which have been recently verified 
by a paper in which the orbitals of electrons were experi- 
mentally directly visualised*. Moreover, a fundamental 
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equation for general relativity can be formulated, where G is 
the gravitational constant and r, is the given radius of 
quintessence; G=9(r, Yo*/ABE (3). such that the Universal 
wave equation is in direct agreement with general relativity*. 
Thus special and general relativity and quantum mechanics 
can be unified. 


[0006] From here it is possible to proceed in a number of 
ways; the geometric structure of the electron and the forces 
of Nature may be derived from first principles and in turn the 
structure of the quarks, including the top and bottom, 
otherwise known as truth and beauty can be seen. Moreover, 
the presence of a space-time lattice results in an understand- 
ing of quantum EPR effects. By allowing a theoretical flow 
of energy through the space-time lattice it can be shown that: 


[0007] Energy is not bound by space-time 


[0008] Thus logically accounting for phenomena such as 
entanglement and quantum tunnelling. Quintessence can 
also be used to explain, logically, the inner physics of a black 
hole, the missing mass of the Galaxy, the continuing expan- 
sion of the Universe, Guth’s inflationary theory and the Big 
Bang. Hence, it 1s now possible to understand the Universe, 
including space-time, matter and the forces of nature from 
the radius, mass and vibration of a single quantity, quintes- 
sence. 


[0009] With this understanding of space-time, matter and 
the forces of Nature, and in particular gravity, it is possible 
to demonstrate that the modification of gravitational fields, 
and in turn the warping of space-time, can be technically 
readily achieved. 


[0010] Using standard equations for special relativity, 
m'=m,/(1-(7)'*, it can be demonstrated that by differen- 
tially increasing the velocity of electrons, by applying a 
differential current, their mass can be increased in a specific 
way. In turn by increasing the mass of electrons, by general 
relativity, the number of gravitons emitted from these elec- 
trons can be modulated. By multiplying this effect using an 
ultracentrifugational device the differential graviton emis- 
sion can be manifestly amplified. This in turn, in accordance 
with general relativity, will cause a change in the curvature 
of space-time. 


[0011] This effective warping of space-time does not, of 
necessity, imply superluminal velocities, but does allow the 
creation of warp drive systems, which do not depend on the 
creation of thrust by the ejection of material as used in 
current space technologies. 


Part 1—Fundamental Laws of Physics 
[0012] Quintessential Mass 


[0013] The quantum physical, minimum component of 
energy is Planck’s constant; h. To define the minimal com- 
ponent of mass, using the standard energy equivalence 
formula; E=mc*, such a minimal mass (m,) would be 
required to have the value equivalent to; m=h/e? (1). The 
total mass of a system (m) would then be; m=n,m,, where 
(ng yis the number of these minimal units. Thence, the total 
energy of a system can be derived from the minimal energy: 
h, multiplied by the number of these energy units (n,). Thus 
as, E=me”, then also E=m,n,c” and substituting m,=h/c”, the 
energy equivalence formula has the more logical formula- 
tion; E=hn,(la). Thus the energy of a system is equivalent 
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to the minimal energy unit; h, multiplied by the number of 
those minimal energy units (n,). 


[0014] Taking this minimal mass/energy, it is possible to 
show that all matter, the forces of nature and space time can 
be constructed from this single quintessential quantity. 
Moreover, using this quantity the laws of physics can be 
derived from first principles. Thus, a priori, all components 
of the physical universe, including space-time, can be con- 
structed from this minimal mass component, termed quin- 
tessence. 


[0015] Wave Particle Duality 


[0016] If the presence of quintessence accounts for the 
structure of matter and if matter itself forms from the 
number of quintessences, then the frequency of matter and 
thus wave particle duality directly arises from first prin- 
ciples. Specifically the wavelength of matter derives from 
the vibration of quintessence from which it is constituted. 
Thus the frequency (f) and in turn the wavelength of light 
and matter is directly equivalent to the number of quintes- 
sences contained within it. We find that the actual frequency 
of light can be directly derived from first principles from the 
etfective mass of the photon (m,) and thus by the number of 
quintessences (n,) it contains. 


[9017] Thus for light conventionally: 

feEsh 
[0018] and if E=me*, and h=m,c’, then 

farming 

and 

fan ngang 

Thus 

fatty (4) 
[0019] Thus the formula for the frequency of light E=hf is 
now readily explained by the observation that the frequency 


is determined quite directly from the number of quintes- 
sences n, within the photon. 


[0020] The wavelength is thus also given by: 
Amcifain,(ntyehip 


[0021] We can now show that the frequency of matter also 
has the same derivation from quintessence, as has the 
frequency of light. The frequency of matter is again equiva- 
lent to the number of quintessences it contains. Thus the 
wave particle duality of matter itself can be explained by its 
composition from quintessence. The amount of quintes- 
sences contained within a electron sphere will depend on the 
number of quintessences constituting the electron and those 
passing, through it as a result of its relative velocity fi? 
(where B=v/c); effectively its relativistic momentum (p). The 
frequency will then be related to the total number of quin- 
tessences. Thus for matter, 


FR, (4a} 
[0022] Thus it is possible to derive the conventional de 


Broglie wave equation for matter from first principles. Thus, 
as A=v/f, we have: 


ee (3) 
[0023] thus as n)=E/h 
eho PE (2) 


Apr. 6, 2006 


[0024] and as conventionally BE/c=p, then for matter: 
hahip 

[0025] Provided that in the de Broglie equation, the 

momentum of the object is calculated using the relativistic 

mass, thus accounting for the total number of quintessences 


n, in an object, this gives an accurate value for the wave- 
length of matter’. 


[0026] Thus the wavelength of matter follows directly 
from its constituents, quintessence. As matter is made of 
quintessence, similarly to light, its frequency depends on the 
number of quintessences n, within it, traveling relative to the 
speed of light. Moreover, A=he/E, underpins a fundamental 
relationship between wavelength and energy. Furthermore, 
this is mathematically the same as the term A<hv/R7E, giving 
a relativistic expression for the wavelength of matter, from 
which the relativistic equations may be directly derived 


[0027] 


[0028] The derivation of wave particle duality from first 
principles also now allows the derivation of a modified wave 
equation for matter. 


Wave Equations 


[0029] To derive his wave equation Shrodinger com- 
menced with the de Broglie equation using momentum (p). 
For lower energies the momentum of an electron is conven- 
tionally derived from the kinetic energy of the electron and 
the mass of the electron m,. Thus conventionally: 


& = suis and p=mov 
Thus 

E, = p? /2mp 

then 


p= V(E; + 2m) 


[0030] and conventionally, the de Broglie equation can 
also be written as: 





hmhipahi (Ey 2mg) 


[0031] In tum the Shrodinger wave equation directly 
derives from the square of the above classical non relativ- 
istic term for kinetic energy: 


A? = A? f Ey - 2p 


+ 


ae | 
thus By = 57+ 35 
As F=E, +V 

Pode, dw 
then Ef =—5 pe te a 


[0032] However, the Shrodinger equation, may be refined 
by taking into account relativity. Thus the true values for the 
energy are given by the relativistic momentum (p). 


[0033] A fundamental relativistic wave equation for 1p, 
and its logical derivation may now be developed through the 
concept of quintessence as a fundamental constituent of 
matter. 
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[0034] The amount of quintessences in the electron is 
determined by the number of quintessences forming the 
electron at rest, plus the amount of quintessences passing 
through it due to its relativistic velocity, which will deter- 
mine the relativistic momentum (p) of a particle. 


[0035] The frequency of matter can now be readily cal- 
culated from first principles to give a more accurate result. 
Thus as matter is made of quintessence, similarly to light, its 
frequency is equal to the number of quintessences n, within 
it. The wavelength will depend on its velocity travelling 
relative to the speed of light and thus multiplied by the 
relative velocity compared to c(B=v/c); 


[0036] Hence for matter as previously shown: 

Pau Pago BE (2) 
[0037] And conventionally 

E=tp?e* sing 2c"? 


[0038] Using these equations, we can now, also, reformu- 
late the Shrodinger wave equation, which has the advantage 
that relativity can be treated in a quantum mechanical way. 
Thus if the wave energy of matter is defined as: 


BY p2c? + nized 


Ey = ; 


© 


thus 


Ey =f (Btp? /c2) + mh 


[0039] which in complex space generalises to 
Eya(-iP V+pry (2a) 
[0040] As the term 


a= —47e9; 


also represents the ground state ratio of the velocity of the 
electron to ¢. Thus a=P=v/c=1/137. 


[0041] Thus, also 
Eyatja-V+ pony, 


[0042] This is thus the standard relativistic equation that 
Dirac was able to construct from the Shrodinger wave 
equation. This relativistic equation can be derived from the 
modified wave equation. This takes into account the relative 
mass energy which the quintessential wave equation con- 
tains. 


[0043] Where importantly the term B-m is the mass m, 
multiplied by the ratio of the relative velocity to light B=v/c, 
and the term a is also essentially the relative velocity of the 
electron. 


[0044] The Dirac equation was an empirical formula 
which worked mathematically, nevertheless even Dirac 
admitted it was not logically understood. The importance of 
these equations is that they show that the existence of 
quintessence allows the waveparticle duality of matter to be 
explained and mathematically derived from first principles, 
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Thus the frequency of matter or even light is simply deter- 
mined by the number of quintessences it contains. 


[0045] Indeed, a recent publication in Nature has sug- 
gested that the direct visualisation of the orbitals of electrons 
shows that these are in very close agreement with theory. 
However, there is a significant departure from theory, in the 
interstitial molecular regions, suggesting that the higher 
velocities of the electrons obey the modified Dirac equation. 
Thus these orbitals were in keeping with the modified Dirac 
equation, which itself may be derived from the wave equa- 
tion above, A=he/BE 


[0046] The Shrodinger wave equation will approximate to 
the correct values until v approaches c. Indeed the Shrod- 
inger equation will give similar answers as that derived from 
equation, under most experimental conditions. 


[0047] However, equation 2 and its derivative may have 
advantages over standard Shrodinger theory with relativistic 
speeds. Furthermore, equation 2, conceptually shows that 
the wave particle duality of matter derives from the principle 
that the frequency of matter is directly equal to the number 
of quintessences it contains. Importantly it also mathemati- 
cally allows relativity and quantum mechanics to be united. 


[0048] With vac, the modified Dirac equation will yield 
more accurate results, particularly compared with the Schro- 
dinger equation. We also find that the equation A=he/BE is 
equivalent to the de Broglie wave equation, A=h/p, provided 
we use the relativistic mass in the de Broglie equation. 
Given this, these equations yield accurate experimental 
results. 


[0049] Thus we find that the modified formulation of de 
Broglie wave equation A=he/BE leads directly to a moditied 
Dirac relativistic wave equation and is supported by recent 
experiments which measure the wavelength of matter and 
demonstrate the electron orbitals experimentally from these 
wave equations for matter. 


[0050] Wave Particle Duality and Relativity 


[0051] From here it is possible to proceed in several ways 
using the relativistic wave equation. It is apparent that the 
reintroduction of the term for relative velocity into the wave 
equations will enable the reintroduction of special relativity 
into quantum mechanics. In particular we should now be 
able to derive the term 


as a special case of quantum mechanics. 
[0052] Thus if: 


As he/ BE 


As E=¥ pic? + mgct . squaring 


ie? 


on 
Bo (prc? + bet 
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-continued 
ty2 


Conventionally p’c* = —. 
2 





then 


a he? 
© BP ACER fe2) + moc) 


2? 

Zz 

Thus as 6? = - and ingc? = E}. then: 
oe 


»_ Be? 
PE + BE = 


1 


hence SIE" = f*c?- z — 6 mic* thus 
2 Per LB mict 
“BE 2 BE 


> 4 
As E? = act 


et 1 P mict 
> 0 
ae Bred PE 


Substituting A = m,c* 


2.6 
mige 1 


a Bred RE 








As my f’m= 1 it, (eq. 2) 
ps ee ol Pnict 

- Pr MO OBE 
Thus if f = Brg; (ey. Fa) 





2 Bm f 
OORT” Re 
Thus 

> _ Bribe 
& =l- BE: 


? 

> my 

B _ ry pe 
Hence 


mg/m = (1 - py? 


Thus 


2yLe 
Y 
ms mf [1 -—= 
= 


[0053] Thus this derivation now allows relativity as a 
universal case of the quintessential wave nature of matter. 


[0054] The original premises on which special relativity 
was based were: that the speed of light is a constant and that 
all observers are equal. As the speed of light has dimensions 
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of length and time but not apparently of mass, the relativistic 
change in mass is not accounted for. Using quintessence 
logically and directly accounts for the relativistic mass 
changes. 


[0055] Moreover, relativity can be derived from the de 
Broglie equation, and visa versa, directly, thus linking 
relativity and quantum mechanics by taking into account the 
existence of quintessence mass. 


[0056] Hence, it is now possible to derive the relativistic 
equations for mass and in turn for space and time from the 
quintessential wave equation, thus deriving special relativity 
as a universal case of quantum mechanics and thus uniting, 
special relativity and quantum mechanics. This now allows 
a further understanding of the nature of space-time. 


[0057] The Space-Time Lattice 


[0058] The understanding of the true nature of space-time 
and how it is formulated in three dimensions of real space is 
crucial. To simply assume that space-time exists, and thence 
not to question the nature of that existence, denies a deeper 
understanding of the universe. 


[0059] In order to understand the nature of space-time 
itself, at the quantum level a further look at the nature light 
and the photon is necessary. Since Einstein’s description of 
light as a particle (the photon) and the description of the 
photoelectric effect, the standard picture of light as simply a 
wave can, no longer be applied. If light was to exist as a 
photon, it could not exist in one dimension, as ordinary 
waves do, it would need to be three dimensional, with the 
addition of time. Let us suppose, in this case, that a photon 
is a three dimensional helical ringlet of light, travelling in 
the x vector, and spinning around the x-axis. Conventionally 
this ringlet has a radius; r=4/22. The ringlet itself would be 
vibrating in the y and z vectors. The vectors x, y and z would 
represent the photon, the substance of which, would be 
travelling in the x direction and oscillating in the y and z 
vectors, which would represent oscillatory energy. This in 
turn would allow it to act as a wave, and create oscillatory 
electromagnetic fields. 


[0060] It is important to re-examine space-time itself in 
this light, this would have one directional vector with two 
vector dimensions of energy, one of capacitance and one of 
electrical permeability, thus accounting for the well known 
constants of free space; the permittivity of free space (€,) 
and the permeability of free space (1) respectively. The 
vector dimension of direction x, would be the direction of 
travel and those “‘quintessences” travelling in an outwardly 
direction would account for none other than the expansion of 
the universe. Three of these quintessences would naturally 
constitute three dimensional visible space-time. These con- 
stituents of space-time would interact with the generations 
of the other vector dimensions reciprocally. Thus one quin- 
tessence would sweep out one vector of permeability and 
one vector of permittivity, through which the other two 
quintessences could travel, and vica versa, creating a three 
dimensional space-time lattice. 


[0061] The permittivity of free space, (¢,,) which is equiva- 
lent to capacitance, would as with capacitance plates, be 
determined by the effective separation between quintes- 
sences. The permeability of free space (11) is in fact a force, 
measured as 410x107’ N/A*, would result from the force 
produced by the vibration of quintessence and would be 
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dependent on the density of quintessence. Hence these two 
parameters would be reciprocal and thus the product of these 
two would therefore be a constant, which is recognised as 
none other than the speed of light. 





[0062] This space time lattice would in effect be created by 
quintessences travelling in all directions with a speed of c 
within the lattice. The quintessences of the space time lattice 
would in effect produce a non-static ether. A non-static ether 
is fully compatible with special and general relativity. 
Indeed such an ether explains how space time can be curved 
as in general relativity. Furthermore, the existence of a 
non-static ether, was espoused by Einstein in his University 
of Leyden lecture on general relativity of May 5, 1920. In 
Einstein’s own words; 


[0063] “According to the general theory of relativity space 
without ether is unthinkable.” 


[0064] Recent evidence from a number of sources now 
strongly support the presence of this non-static ether, in the 
form of quintessence. An editorial from a major journal 
states “combined with other observations such as those of 
distant Supernova, the QMAP results corroborate the pre- 
vailing theory of inflation with the twist that the Universe is 
only one third matter (both ordinary and dark) and two thirds 
quintessence, a form of energy possibly inherent in empty 
space”. 


[0065] If we take into account the existence of quintes- 
sence and as such a three dimensional space-time lattice, 
matter which is intrinsically made of constituents of charge 
would interact with this lattice to produce the effects of 
mass. Mass would be perceived as a result of matter (whose 
constituent particles appear to contain charge) interacting 
with this lattice directly due to the inhibition of motion by 
the lattice’s electrical permeability and permittivity vectors, 
which would form the existence of complex space. These 
quintessences would in the direction in the y and z vectors 
produce small vibrations of the order of the Planck length 
(10 m), whilst passing through the vectors of permeability 
and pennittivity, thus producing the effects of mass. 


[0066] The vibration would endow quintessence itself a 
(non rest) mass Mg equivalent, to the minimal mass of: 


ntgah/c?m7x373x 10 kesec (1) 


[0067] The presence and magnitude of Planck’s constant 
(h) and especially the speed of light (c) is thus explained. 
Indeed, the speed of light 





is not in itself a fundamental quantity. 
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[0068] As the energy equivalence formula is E=me, the 
minimal mass of a single quintessence, would thus be the 
minimal mass, h/c”, hence again: 

MAM geo =hie?=7.373x10->! ke-sec (1b) 

or 

Mesh {lc} 
[0069] It is postulated by general relativity that the shape 
of space time itself can be altered, indeed the presence of the 
space time lattice now allows this to be altered by altering 
the density of quintessence. It is further clear that if quin- 
tessences underly the structure of the space-time lattice, they 
may also underly the structure of matter itself. 


[0070] With regards a single quintessence, this passing 
through an energy vector of the space-time lattice would 
appear as a vibrating string. In a similar way to string theory, 
the conglomeration of these quintessences would produce 
the constituents of ordinary matter. Thus the general equa- 
tion for the number of quintessences (n,) in an object of 
mass (m) would be 


Mitt a=H, 


[0071] The mass of the electron (m,) for example, would 
be directly determined by the number of quintessences in the 
electron, multiplied by the mass of quintessence. 


[0072] Quintessence and Complex Space 


[0073] Quintessence is postulated to constitute the funda- 
mental nature of space-time. Three quintessences each trav- 
elling in their respective x vectors at 90° to each other would 
create three dimensional real space-time. These quintes- 
sences would in the direction in their respective y and z 
vectors produce smal] vibrations of the order of the Planck 
length (107** m), this would create the vector dimensions of 
permeability and permittivity. The result would give space- 
time 9 dimensions of space as in superstring theory. How- 
ever, unlike superstring theory the six hidden dimensions 
would not be “curled up so as to be so small as to be 
invisible” these six dimensions would be present in complex 
space. Thus, only three of these dimensions would represent 
ordinary three dimensional particulate space time i.e. three 
dimensional objects. The other six dimensions produced by 
the vibrations of quintessence would form complex space. 


[0074] The mathematics of complex space, using imagi- 
nary V-1 or (j) numbers, is assumed in the standard formu- 
lation of the Shrodinger wave equation. Thus the presence of 
complex space is an integral part of quantum mechanics. 


[0075] The mathematics of complex space is also an 
essential and integral part of the principles and application 
of modern electronic and control] engineering. Indeed it has 
been well recognised for some time that each direction 
vector in electronic engineering can, be associated with 
complex vectors. 


[0076] As this complex space consists of the vectors of 
permittivity and permeability it would only be “felt” by 
charged particles as in the electron. Nevertheless, as all 
particles are fundamentally composed of charged particles 
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the effects of complex space would be felt by endowing 
these particles with mass and in turn kinetic energy. 


[0077] In conventional complex space, a 2 dimensional 
Cartesian Argand diagram is mathematically used. However, 
in order to formulate the equations for particles a three 
dimensional Argand diagram is essential. This will have 
three dimensional vectors, one real vector and two imagi- 
nary vectors. Three of these diagrams will be required to 
fully describe the nature of particles, each with a rea] vector 
in the x, y and z vectors, respectively. Nevertheless, in the 
instance below the real vector is the x vector and the two 
imaginary vectors are given by Gy,;2) 


[0078] The Three Dimensional Argand Diagram 


[0079] The beauty of a three dimensional Argand diagram 
is that the complex conjugate (i.e. the mirror umage which 
confers mathematical reality on the coordinates) is formed 
by the value of the minus coordinate in the other complex 
vector dimension. Thus the complex conjugate of (C,.'’"+ 
ify 7 +.,02"°) is (c,'74,0,174,0,"°). These two sums when 
multiplied thus give a real number solution. 


[0080] Furthermore it is clear that nine dimensions of 
space time are necessary in the general relativistic equations. 
By including complex space we thereby create the nine 
dimensional spacial metrictensor and the metric energy 
tensor of matter necessary for computations for general 
relativity From here we can begin to understand the true 
structure of matter. 


[0081] Energy and the Space-Time Lattice 


[0082] The presence of numerous experimental data for 
quantum tunnelling. and indeed the recent observations by 
Nicholas Gisin, on the entanglement of distant photons now 
returns us to EPR experiments. 


[0083] Using the quintessential modification of the de 
Broglie wave equation, gives us an insight into these tele- 
portation and EPR effects. 


[0084] As 
dohe/PE (3) 
and 
E=htt, (1a} 
then 
ro (2b) 
[0085] Importantly, as indicated by equation (2b), energy 


having no quintessence, would have a wavelength of infin- 
ity. Specifically pure energy containing no quintessences, 
would have a lambda of infinity. According to quantum 
mechanics an infinite wavelength would result in the prob- 
ability of that energy being anywhere. As energy itself has 
no electrical charge it would not be impeded by the permit- 
tivity and permeability of the three dimensional space-time 
lattice. Moreover, energy would not be detectable in three 
dimensional space-time, unless it interacted with matter, as 
in the EPR experiments. Indeed, energy is not observed 
when not bound to any form of mass or particle. Thus 
equation 9d, takes us to our original assertion 


[0086] Energy is Not Bound by the Space-Time Lattice 


[0087] Thus, as the EPR experiments suggest the exist- 
ence of energy separate from matter and thus separate from 
the three dimensional space-time lattice, it is interesting to 
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find that experiment suggests the existence of free energy in 
a continuum separate from space time to produce the effects 
of quantum teleportation 


[0088] This is not, however, teleportation across an addi- 
tional dimension, this is a term to describe in partially 
familiar terms the dissociation of energy from the three 
dimensional space-time lattice. As time is inextricably 
linked to each dimension of space, the effects of energy 
would be inextricably linked to the events, such as the 
creation of virtual particles, we see interacting within space- 
time. 


[0089] It is unlikely that observers have any direct day to 
day experience to explain quantum events. Nevertheless, 
quantum physics may have given us a window into the 
hitherto hidden workings of the Universe. Thereby, the 
mystery of the uniformity of the Universe, across distances 
which the speed of light could not apparently traverse, is 
readily explained by the fact that the free energy contained 
in the Universe is not bound by the space-time lattice. 


[0090] In the case of light, due to the exceedingly small 
masses involved, there would be relatively easy exchange of 
matter with free energy within a photon. This would make 
the photon the ideal experimental] tool to look for energy 
which is not bound by matter and in tum energy which is not 
bound in space-time. Indeed, very recently Furusawa et at. 
have reported to have observed the transference of energy as 
photons from A to B, without those photons traversing 
space-time. This finding which has been supported using 
other experimental techniques, is very important as it sug- 
gests the existence of such a quantum continuum. 


[0091] We have already seen strong experimental data 
using photons, atomic spins and other data for quantum 
teleportation which have recently been published which 
support these findings. According to the above equations the 
teleportation would vary in a predictable fashion, as with 
photons, in line with the wavelength of the light used, 
relative to the size of vibration of quintessence. As regards 
matter, the results do confirm that the effect of quantum 
tunnelling is indeed dependant on the wavelength of matter 
and the size of that matter. 


Part II—Particle Physics 
[0092] Electron Structure 


[0093] Understanding the electron is fundamental to the 
understanding of the elementary particles. The hidden nature 
of the electron may recently have been revealed through 
observations by Horst Stormer, Daniel Tsui and Robert 
Laughlin for which a Nobel prize has recently been awarded. 
They describe a quasi electron particle of charge se. This 
has been described on a quantum basis as a vortex of energy, 
bound as a quasi particle in one dimension x, but not bound 
in the other two dimensions y and z, allowing dispersion in 
space-time as a vortex. What is more intriguing are the 
experimental conditions in which this occurs. First of all a 
two dimensional electron gas is created and held between 
two capacitance plates. A magnetic force is then applied in 
the remaining dimension, virtually creating a one dimen- 
sional passage through which only a quasi electron appears 
to be able to pass. 


[0094] Given the presence of charge of Ve, then three of 
these quasi electrons could form an entire electron in three 
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dimensional visible space time. Nevertheless, each would 
have energy and hence a wave function which would be 
present in the other vectors. This electron could thus follow 
the probability functions as described by the Shrodinger 
wave equation for 1 (otherwise termed as “essence” by 
Shrodinger) 


[0095] Ifthe mass of the electron (m,) is constituted from 
quintessence, using the formula: 


m,/it Hy 


[0096] Then an electron would be constituted from: 


911x107 . 
SEAT = 1.235 x HY” quimessencessec. 
373 x Le +sec 


[0097] Thus taking into account the mass-energy content 
of quintessence (m,) it is independently possible to derive 
the magnitude of the charge of an electron (e) using the 
following equation. 


Ng&o 


(=}e 


=161xHFM¢e 





[0098] This is in close agreement with the experimentally 
observed charge on the electron of 1.602x107'? C. 


[0099] Interestingly substituting m,=h/3e* in the above 
equation we have: 


£4 (6) 


&y (6a) 





[0101] Equation (6) has a number of very special impli- 
cations, if re-examined, firstly three of these quasi electron 
spheres appear to be required to constitute the charge of the 
electron. More intriguingly, it mdicates that the charge is 
related to the volume of a sphere with an apparent radius of 
c. Thirdly it indicates that the square of the charge of an 
electron (e) is proportional to the permittivity of free space 
(so). The charge given from equation (3) is in close agree- 
ment with the measured charge of the electron. Furthermore 
a more exact value for the charge of the electron (to seven 
decimal places) can be deduced by taking into account the 
gravitational field of the Earth (see Gravity and the Charge 
of the Electron). Furthermore the charge of the electron (e) 
can now be derived from first principles. Thus, equation (3) 
corroborates the evidence that the electron is indeed com- 
posed of three quasi electrons in keeping with recent experi- 
mental findings. 
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[0102] The significance of the electron, composed of three 
spheres each with a radius of ¢, is not immediately clear, but 
can be understood if the frequency of rotation of the electron 
is taken into account. Thus if the diameter of the electron 
was approximately 107!° m, then its spin would need to be 


1 
= xii ls 
2 


m approx. eq. 10° cycles/sec. Thus given a very high rotation 
rate an electron could have an effective radius of 1/c and still 
occupy subatomic sizes. Indeed these observations might be 
used to estimate the rate of rotation of the quasi electron and 
its size (see Appendix 1). 


[0103] With regards a single quintessence, this passing 
through an energy vector of the space-time lattice would 
appear as a vibrating string. Ina similar way to string theory, 
the conglomeration of these quintessences would produce 
the constituents of ordinary matter. The electron, for 
example, would be constituted from approximately 1.235x 
10°" quintessences. 


[0104] The dimensions of the equation for the electron can 
be readily resolved by considering each of the three vector 
dimensions. The exact dimensions of the equation need to be 
considered in the light of the nature of space-time itself. 
These dimensional equations help explain the nature of 
matter. Indeed the equation for the electron may be neces- 
sary for the full understanding of gravity 


[0105] Complex Space and Electron Structure 


[0106] The presence of complex space also now further 
explains the conformation of the electron, and its formula- 
tion at the quantum level, and the presence of particles, 
anti-particles and their spin up and spin down characteris- 
tics. 


[0107] Indeed the short form equation for the charge of the 
electron (-e) can now be rewritten as a metric tensor with 
three dimensions in real space and six in complex space. 


[0108] Thus if three of the x, y and z vectors are in real 
space and six vectors in complex space, where ¢ is the speed 
of light in the real space vector, ,c is the speed of light in the 
complex vector and _,¢ is the complex conjugate of ,c, thus 
the electron can be mathematically represented by the equa- 
tion: 


te,)"* “ (je? = fo? 
+ + 
4 \2 s in pe 
-e= ex /(3] © ta fog? toy yt Jo, 
+ + + 


Ue, H? «4 je, 3? fey! 
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[0109] Which now elegantly gives the real number solu- 
tion 


[0110] Where e=¢,, is given as the permittivity of free 
space for a single quasi electron Equation 4 represents a 
“complex” tensor 


[0111] Whilst the two dimensional Argand diagram has 
four quadrants, the three dimensional Argand diagram has 
eight cubic sectors. Two of these cubic sectors are diametric 
opposites and can represent “real” particulate objects. These 
have the primary coordinates x, y, -z; as in the electron 
described above, and the -x, -y, z, with the real vector x now 
having a minus sign. These two “real” cubic sectors, there- 
fore, mathematically represent particles and their anti-par- 
ticles. 


[0112] The mathematical presence of the two primary 
diagonal mirror images (x, y, -z and -x, -y, z) now allow the 
introduction of the concept of antiparticles. This extension 
of the maths into a three dimensional Argand diagram thus 
results in the automatic formulation of the maths of anti- 
particles. Thus the charge of the positron (*e) is formulated 
by the shortened form equation, where the real vectors now 
each have the minus sign, and therefore exist in the -x, —-y, 
z sector of the three dimensional Argand diagram. 


W206 
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[0113] The three dimensional Argand diagram also 
accownts for chirality and indeed the up and down spin of the 
electron. There are two other “real” primary coordinates in 
the Argand diagram, these are themselves the partial mirror 
images of the above coordinates (i.e. x, -y, z and -x, y, -z). 
In particular the y axis is of the opposite sign, thus in 
particles the y axis is in the downward direction, to form 
down spin particles and in anti-particles in the up direction, 
to form the antiparticle The up spin electron is given by eq. 
8 and hence the down spin electron (-e|| =) is given by the 
equation 


een Te Te 
x Ply FEE (9) 


4 le an > 
wet) =. /(34| | cit aclty. olit 
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[0114] Thus the three dimensional Argand diagram 
accounts directly for the presence of antiparticles and the 
spm up and spin down particles seen in nature. It also 
accounts for the necessity of the electron to form a square 
root spherical object, as complex space depends on v-1, 
otherwise known as j. 
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[0115] Electron Pairing and Superconductivity 


[0116] As the quintessences making up the electron are in 
a square root conformation, each of these quasi electrons 
would have a tendancy to pair to form an entire sphere. 


[0117] The square root sphere structure of electrons with 
up and down spins can now superimpose to produce a 
complete sphere of varying extents. This produces electron 
pairing as seen at the atomic and molecular levels. It also 
accounts for the Pauli exclusion principle. This pairing thus 
accounts for the reactivity of the valence electrons and the 
electron probability densities, which in turn accounts for the 
existence of chemistry. 


(0118] Furthermore, it is possible to account directly for 
superconductivity from first principles. For if both the 
complex and real vectors of the electron combine com- 
pletely, the product of an up and down spin electron form a 
perfect superimposed sphere with radius c, with a charge of 
2.59x10-** C, denoted by the formula: 


e= =2:59x10°8¢ (6b) 





[0119] As with standard superconducting theory, super- 
conductivity can be explained by the formation of “Cooper” 
electron pairs, where the electrons are forced to pair by the 
presence of positive crystal charge in particular formation, at 
supercooled temperatures. In addition the electron pair now 
forms a stable entity whose angular momentum cancels. 


[0120] It additionally becomes clear that the charge of two 
separate electrons (2e) is 3.2x10-'° C, but the charge of the 
combined electrons (e) is 2.59x107** C. This electron pair 
thus appears to have 19 orders of magnitude less charge than 
the electron and in tum 19 orders of magnitude less resis- 
tance. It is this effective reduction in charge and in turn 
resistance, which may account for superconductivity. When 
observed directly any electrical interaction with the Cooper 
electron pair will, however, result im the release of the full 
charge of both electrons, so that the full electrical charge put 
in will be equal to that coming out of the apparatus. 


[0121] The Fine Structure Constant 


[0122] Intruiginty from our knowledge of the electron we 
can further detine the term .alpha., the fine structure con- 
stant; from the structure of the electron. Thus as the standard 
term 


e 


i he x4Ime° 


substituting the term 


pi & (ey. 6) 
34 / 3a 

and 

he mge? (ey. 1) 
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we find: 


Qa 52 
eo = mtg [3(4 | 3ac7 )] 


[0123] For brevity we may represent the quasi electron 
structure as (4/3)mc*=6; to signify its threefold symmetry, 
thus 


an 2 (10 
— =m, 130" } 
= 


[0124] Indicating that the fine structure constant of the 
electron (a) 1s indeed related to its dimensional structure. 
Again taking into account the effects of gravity the fine 
structure constant can be derived from first principles to nine 
decimal places (see Gravity and the Charge of the Electron). 


[0125] Fundamental Forces and Particle Structure 


[0126] In order to understand the fundamental forces and 
the nature of fundamental particles, an overview is required. 
Thus, there are three major forces; strong, electro-weak and 
gravity, each mediated by three force particles the gluon, 
photon and graviton respectively, These in turn, influence 
three types of particle, the quark, lepton, and by general 
relativity space-time itself. Each of these are composed of 
particles with multiples of charge of 14, which are them- 
selves in three generations, and are present im three dimen- 
sions of real space. It is important that a comprehensive view 
of nature explains this threefold symmetry. 


[0127] Using the Standard Model of particles, it is well 
accepted there exist quark particle charges of -'4, -34 and 
+s and +25 in quarks and anti-quarks. Given that each 
particle is made up of three quarks the presence of these 
fractional charges support the association of the fractional 
charges in this way to form three dimensional charged 
particles. In stable particles each of the three quarks would 
have a vector in one dimension, giving the three quarks 
together an existence in three dimensional visible space 
time. The particles that bind the quarks (gluons) are them- 
selves required, im stable particles, to have three different 
color charges, one color in each dimension, for the particle 
to exist in three dimensional space-time. Furthermore, there 
are three generations of quarks (and indeed leptons). 


[0128] The Standard Model (or a modification of this) and 
in particular the observation of quarks and indeed quasi 
electrons with fractional charge of 1 and 25 in both cases, 
indicates that particles are constituted from the equivalent of 
three of these quasi particles to form an electron and quarks 
to form baryons. In the normal three dimensions the energy 
would be carried by the particle, However, because each 
particle is constituted of three quasi particles and in each 
quasi particle or quark one visible dimension would be the 
direction vector, in the other two hidden dimensions of each 
vector the waves would carry energy. Thus each particle 
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would be associated with vibration, which would account 
for wave particle duality and Heisenberg’s uncertainty prin- 
ciple in three dimensional visible space-time. 


[0129] These observations lead us directly to the previous 
postulate that the structure of the electron is composed of 
none other than three (root) spheres, and that this equation 
for the electron allows the determination of the charge of the 
electron from first principles, thus: 


<0 (6) 
° Bifano] 


[0130] In addition the mass of the proton (m,) can be 
directly calculated from the ratio of the mass (m,) of the 
electron, given by the equation: 


mM x 
— =5.45x 10-4 =3-— 


tty c 


(11) 


[0131] Strictly we should write, 





ies aac: 


Nip + Me 


which is much more elegant. 


[0132] Which now gives 


y 1 
Me = 5.4462 «107? 


mp Ve [3n-1 


[0133] This is in very close agreement with the experi- 
mentally derived ratio of the proton to electron masses 
which is also; 5.4462x10-* 


[0134] Thus the correlation factor between theory and 
experiment has a maximum error <0.00001. 


[0135] If we combine equation 3: 


e= = 
~ 4/305 


and equation 13: 
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the positive charge of the proton (e,) is given by: 


Pace oe 412) 
fe Sapee  ae 


[0136] The stable nuclear proton conformation can thus be 
represented by the short form equation: 





pa3t¥ 34:3 me x 3tmhVO} (13) 


[0137] This forms a stable 3x3 conformation as with the 
stable electron structure. 


[0138] Importantly the term (a/VC) is the 90° solution to 
the Shrodinger wave equation for an electron confined in a 
space with radius c!. 


[0139] Thus the standard equation for an electron contined 
in a one dimensional box is given by: 


i Pax) 
BY O= Tn ae 
[0140] If the one dimensional box has a length 2L the 


quantum amplitude (A) can only be non zero between x=0 
and X=2L and the standard solution for the amplitude is 
none other than: 


A=(/E) 


[0141] Thus in one dimension the standard solution to the 
Shrodinger wave equation is: 


spose !2)Sin x/E 


[0142] Thus not only is the electron charge derived from 
the equation for three spheres each with a radius of c (eq. 3); 
but the proton mass and charge can also be derived from the 
standard solution to the Shrodinger wave equation for a an 
electron confined in a space of radius c!. 


[0143] The term (m/c!'?) itself would thus most logically 
represent the gluon which is present in the proton. These 
gluons would bind the quasi electrons together to form the 
fundamental particles 


[0144] The masses of all the known particles, including 
the up and down quarks, the W boson, the muon, charm, 
strange, the tauon, truth and beauty can thus also be derived 
from first principles in this fashion, and have the quasi 
electron as their basic constituent particle (see Appendix 1). 


[0145] Thus the structure of the muon ({t) can also be 
derived from the ratio of the mass of the electron (m,) and 
the mass of the muon (m,,): 


eft 7x10 Fagl3 


mH, 

Thus 

peg! xm nt, x3-(A Sac?) x(t?) 
[0146] Where the charge of the muon is in this equation 
equivalent to that of the electron e. In this case (nic'’*) can 
be considered to represent a specific high energy photon. 
Thus the structure of the muon, written in short form is: 


p=3" (ane 2x tae), {14} 
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[0147] Moreover the structure of the tauon can be caleu- 
lated from the ratio of the mass of the electron and that of 
the Tauon (1.79 Mev); 


[0148] Thus 
0.$11 Mev'1.79 Gev=2.85x1074 
m fm =(micy 3x (aic)%=2.85x 10-4 


[0149] As the charge of the tauon is equivalent to the 
charge of the electron, hence the structure of the Tauon is 
given by the above equation 


12 3 La 
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[0150] This equation accurately predicts the charge -1, 
and mass of the Tauon (.~1.78 Gev). Thus the structure of 
the Tauon can in short form be given by the equation 

pan 3(4 Se) Px (icy Fx(aicy® (15) 
(0151] Furthermore a more exact value for the mass of the 
muon and tauon can be deduced by taking into account the 
gravitational field of the Earth in a similar way to identifying 
the exact charge of the electron. In addition it may be 
necessary to take into account a possible mass value of the 
neutrino to arrive at a precisely accurate mass value of the 
muon and tauon. Nevertheless, the mathematical proof of 
these short form equations lies in the fact that they can very 
closely identify the charge and the masses of these particles, 
from first principles, as in equations. 


[0152] Overall the mathematical geometrical structure of 
all the particles can be derived from the quasi electron, 
which is in tum derived from quintessence. Thus, the short 
form particle structures can now be derived from first 
principles. This includes the quasi electron (qe) and electron 
(e), from which the quarks (u,d) and in turn the stable proton 
(p) and stable neutron (n) and alpha particle (a) respectively 
are derived. The general structure of the force carrying 
bosons the photon. (g) and the gluon (y) and the intermediate 
vector boson (W) can be given. It will also intriguingly be 
possible to derive, according to their generation, the struc- 
ture of the strange (s) charm (c), beauty (b, or bottom) and 
truth (t or top) quarks directly from the structure of the muon 
(ut) and Tauon (t) respectively. 


[0153] Using the term @=(4/31c*), where, -/+ represents 
the charge of the quasi electron, we find: 


[0154] 1st Generation: 
(q.—9"? (6c) 
e=37h? (6) 
d=9"2.3(n:c!'7} {16) 
#=2*O!2.3¢nc'2) qa?) 
s=©!2.3¢qn/c!'2) (18) 
[0155] 2nd Generation 
p=3-O!2.(a0h3} (14) 
c=2t0! (nc! nels) a) 
b= Ole )(aie) "4 (20) 
[0156] 3rd Generation 
t=3- 0! 2 (mic) (nic? (15) 
t=2*8"2.¢nio} (mio! (mie} 4 (21) 
[0157] Particle Gluons (g). 
gyataicl’?) (22) 


gominic)'? (22a) 
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gyztie!’4) (22b) 

ggaimiey'4 (22c} 
[0158] Particle Photons (.gamma.): 

yiscwel?) (23) 

yoa(aic)!? (23a) 

yan(aicl’?) (23b) 

yantaicy!? (23) 
[0159] Intermediate Vector Boson (W*’): 

We". (nie 6)% (24) 

H-m3 8". 2(nie 6% (25) 
[0160] Stable* Proton: 

pav'@!?.3¢nc!?) a3) 


[0161] Stable* Neutron: 
Stable * Neutron: 


TOU? 2Rafel2) - OT? 
n=" phe + 23niel?) ia eT? 
OL? 2¢3q%cl2) OTH? 


* Stable nucleonic neutron and proton conformations differ 
slightly from the Standard Model, this is due to the sharing 
of quasi electron and quasi positron particles within the 
nucleus, which allows stabalisation of these particles by the 
formation of stable 3x3 structures. The Standard conforma- 
tions which describe non-nucleonic neutrons and protons are 
additionally given in Appendix 1. 


[0162] Alpha particle (c): 


[2° O] 14? 29 3acl!2}. [3-O] THF (27) 
Alpha particle (a) := a = [3°O) ]!? -243ate!?). (3-@] LY? 
[3° QO) 14? . Safely. [3°] 1? 


[0163] The mathematical proof for these structures and 
their decay mechanisms is lengthy and is thus fully con- 
tained in Appendix 1. All the particle structures are accu- 
rately mathematically defined by the masses of these par- 
ticles. 


[0164] The structure of these particles all contain the quasi 
electron and thus the metric tensor structure necessary in the 
formulation of the gravitational equations is sustained. The 
respective forces created by the gluon and the photon are 
important as they tell us the behaviour of matter and also 
lead to the likely structure of the graviton 


[0165] Particle Spin and Size 


[0166] The significance of the electron, composed of three 
spheres each with a radius of 1/c, is not ummediately clear, 
but can be understood if the frequency of rotation of the 
electron is also taken into account. Knowing the structure of 
the electron has led us to deduce its charge and thus may lead 
us estimate its size and spin. Thus these observations might 
be used to calculate the radius and rate of rotation of the 
electron. 
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[0167] Let us suppose, that nature is truly beautiful, and 
that the radius of the fundamental] quasi electron is indeed 
l/c, and in turn the radius was balanced by the velocity of 
rotation 21/c. This can be directly confirmed mathematically 
by taking into account the known spin of the electron, h/4a. 
Thus the actual spin of the electron may be calculated form 
the known energy of the spin. 


[0168] The radius of the electron is not up till now known, 
but the radius of a quark has been estimated, and this is the 
radius derived from deep inelastic collisions of the proton. 
These estimates reveal a radius of approx. r,=1.18x107!° m 
This value may be used to assist in confirming the spin of the 
proton in revolutions per sec. (revs) and in turn the spin and 
size of the electron. Firstly we may proceed to estimate the 
spin of the proton. Thus as h=E-+ (Joulesxsec) and h=E-t= 
F-d+ (Joulesxsec), then the spin; 


hian=Fd-t {28) 
[0169] As F=ma, where a=(revs:-2m)"r, and m=the mass of 
the proton, then 

h/anam(veve 2nd t 


[0170] The actual distance (d) traveled in a circle of half 
integer spin in 1 second is: revs-sr, thus: 


hidam(vevs- 2042/2 
(0171] Hence: 
revsm[hi/m(20)*r,7 }? 


[0172] Taking the effective mass the proton as 1.6726x 
10°?” kg, then the rate of spin of the proton in revolutions/ 
See 1S: 


revsm5.65x 10° cycles’sec 


[0173] From the frequency of the specific rotation of the 
proton, given the half integer spin associated with the 
proton, we can thus mathematically confirm the relationship 
between the radius of a particle and its spin: 


rpxtevs‘2e le (29) 


[0174] Furthermore, the fundamental radius of 1/c seen in 
geometric structure the quasi electron, is also reflected in the 
rotation rate and radius for the proton, thus as above 1/c+'4 
revs=1.85x107!* m. Moreover, this means the actual half 
integer velocity of rotation is none other than 2x/c in 
metres/sec. So that the particle is m harmonic balance. 


[0175] Using the fundamental formula h/4n=F-d-t, it is 
possible to obtain accurate estimates of the radius and spin 
rates of the electron, or indeed any particle, using the same 
principle of harmonic balance. Using the formula: 


revse[Ain(2nytr2 J" 


[0176] It appears there are two unknowns, the radius if the 
electron and its revolution rate, however, in accordance with 
the equation, Tp=2/c.revs, which gives the revolution rate of 
the proton, the same principle may also be used for the 
electron, by substituting r,=2/c.revs, such that: 


revs=he7 iam (2my4 (30) 


[0177] Taking the mass of the electron 9.109382x10-?? 
kg, the rate of revolution of the electron is: 


revsm1.048x10!° cycles'sec 
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[0178] Which gives a predicted radius of the electron as 
1226,336x10- cyclesisec 


[0179] So the half integer rotation velocity (revs.mr) is 
2n/c !, for the electron in keeping with the harmonic balance 
of the electron. 


[0180] The same principle may be used to obtain an 
accurate estimate of the spin and radius of the muon, or any 
other particle. Using the above formula 


revsshe* idm (aay (G1) 
[0181] Then as the mass of the muon is 1.8823x10-?* kg 


then the revs of the muon f,=5.070x107’ cycles/sec and the 
radius rf, is thus 1.316x107*° m. 


[0182] It is now possible to begin to explain how the muon 
and the other subatomic particles are formed. If a quasi 
electron is complexed with another structure the total geo- 
metric structure needs to maintain harmonic balance. So the 
frequency of rotation would need to match geometric struc- 
ture with which the quasi electron was complexed 


[0183] Intriguingly we find asymptotic convergence for 
the formulas for frequency and mass occurs, when the 
geometric structure complexed with the quasi electron has 
the structure represented by (x/c'*) [giving the frequency 
divided by two, because the single integer spin of the force 
catying particles compares to a half integer spin for the 
muon]. So that 


(f30'2)'3 af, 


[0184] When the ratio of the masses of the electron (m,) 
and muon (m,,) are related, such that: 


mt, (anc! F\mnr, 
[0185] Indeed we find that (allowing for the neutrino) this 
ratio 1s very close to the actual ratio of the mass of the 


electron to the mass of the muon, determined experimen- 
tally. 


[0186] Furthermore, we have seen that these geometric 
structures, representing harmonics of the speed of light, 
which either match the frequency or the amplitude of 
vibration of the quasi electron, mathematically define the 
masses of the particles and the fundamental forces of Nature. 


Part [1]—Quantum Gravity 
[0187] Quantum General Relativity 


[0188] Given the overall energy “complex” energy tensor 
structure of the electron and the metric tensor, assumed in 
general relativity, the quantum nature of gravity itself can 
now be explored. The spherical complex tensor for the 
electron and the positron give the mathematical quantum 
structure and energy tensor for all the other particles. 
Together with the time dimension these nine space dimen- 
sions account for the 10 parameters present in the metric 
tensor necessary to formulate the equations for gravity using 
Riemann geometry and thus forms the basis of quantum 
gravity. Intriguingly the metric tensor at each point in space 
time is required to consist of a collection of ten numbers, 
Consequently, ten dimensional space-time hypotheses, such 
as this or superstring theory, do automatically yield general 
relativity. 


[0189] Furthermore, the mathematical representation of 
the graviton and the gravitational constant may be directly 


12 
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estimated from the knowledge of the mass and radius of 
quintessence. Thence, the force of the vibrations of quin- 
tessence lead directly to quantum gravity. 


[0190] The radius of quintessence should be approxi- 
mately in keeping with the Planck length estimate (r), which 
is conventionally derived from the standard dimensional 
equation: 


14=Ghic* (32) 


[0191] Given the nine spacial parameters present in the 
metric tensor, used in general relativity we find that the 
actual formula for ay is mathematically in agreement with 
theory when: 


On aGhict (33) 


[0192] This again supports the 9 dimensional view of 
space and the size of the vibrations of quintessence can thus 
be estimated. 


rynl.35x10-% m (33a) 


[0193] This value is in agreement with the Planck length. 
Indeed if the above equation is correct then we find that we 
can derive the standard equation for the general relativistic 
increase in radius, r’, (eq. 34) directly from first principles 
and arrive at a more fundamental equation for quantum 
gravity. As 


reGMSct (34) 


[0194] By substituting eq. 33) into equation 34, a funda- 
mental relationship between r and M is obtained. 


Br Q=GMC/Ghe=Mom 


[0195] And substituting the quintessential equation, 
h=m'c? (eq. 1) then: 


Br f=Mime=n gc (35) 


[0196] Hence the ratio of the change in radius to that of the 
radius of quintessence squared, is proportional, by a factor 
of c, to the ratio of the mass M of an object to that of the 
mass of quintessence, effectively the number of quintes- 
sences. Thus the change in radius, r due to gravitation, is 
related to none other than the ratio of the mass and radius of 
an object to the mass and the square of the radius of 
quintessence. Thus again the gravitational change in radius 
is directly related to the number of quintessences. 


[0197] Naturally, this would be exactly what would be 
logically expected if quintessence, like the equation for the 
charge of the electron (eq. 6) forms from a root sphere. Thus 
the change in spacial radius of a normal sphere is dependant 
on the square of the quintessential radius. 


[0198] This increase in apparent radius represents none 
other than the (gravitational) binding energy for quintes- 
sence. 


[0199] The meaning of the above dimensional equation 
(33) might itself be further understood by substituting the 
mass of quintessence (where m,=h/c*) into the equation. 
Thus in nine dimensions the gravitational constant (G) may 


be more logically given as, 
Sigur 2m aGae (36) 


[0200] Where ar,’ is the cross sectional area of quintes- 
sence and m, is the effective mass of quintessence, and thus 
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(mr?/m,) represents the effective mass per unit area which 
quintessence exerts. This equation reduces to: 


Thy oe 
Or f/m =Gie (37) 


[0201] From this we may derive the standard general 
relativistic relationship for the apparent change in radius (r') 
around a mass (M), from an understanding of the mass m, 
and number (n,) of quintessences. As m,=M/n,, then: 


3r7eGMi3cn, (38) 
[0202] Then if 
ngereBry {39} 


[9203] thus directly substituting for n, in eq. 38: 
PEG-M/3c? (34) 


[0204] The importance of this is that the gravitational 
change in radius now logically derives from equation 36, 
which describes the gravitational force as resulting directly 
from the mass of quintessence exerted/per umt area of 
quintessence. 

Mar? inane (36) 
[0205] Thus equation 34 is the conventional equation for 
the general relativistic increase in radius (1) in a gravita- 
tional field, which is here derived from the underlying nature 
of quintessence. Thus the gravitational constant is derived 
from the mass and radius of vibration squared of quintes- 
sence from first principles. 


[0206] Indeed it is apparent that a more fundamental 
equation for gravitation now exists, for equation (39) is 
mathematically accurate and numerically agrees with eq. 34: 

MBroenyc (39) 
[0207] These equations may be readily mathematically 
verified. Ifin accordance with standard general relativity, the 
apparent increase in radius r’ is: 

r=GMBe? (34) 
[0208] Then given that the mass of the Earth is 5.9745x 
10°* kg; 

7=1.478x107 m 
[0209] Accordingly if r=3r, "n/c; (eq. 39). Given the 
number of quintessences n, constituting the Earth is M,/m,, 
then 

fg=5.9745x1074/7.3725x10F=8.104x 1074 
[0210] As r,°=1.823x10-° (eq. 33a) then: 

71.478x107 m 


[0211] Thus equation 39 gives the same answer as the 
standard equation and may be understood on a logical basis. 
Indeed the meaning of ¢ in the equation may be understood 
as it has been previously shown as being the basis for the 
radius of matter (eq. 6). Hence the general relativistic 
change in radius, 1’, is none other than the effective binding 
energy for quintessence. 


[0212] Quantum Gravity and Wave Particle Duality 


[0213] Quantum gravity can now be readily linked with 
quantum mechanics, indeed any observations which are self 
consistent must be able to do so easily. 


[0214] The frequency of light has been previously derived 
faEhen, 
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[0215] Thus the formula for the frequency of light (E=hf) 
has previously been explained theoretically by the simple 
observation that the frequency is determined quite directly 
from the number of quintessences (n,) within the photon. 
The same principle has also been shown to apply to matter. 


[0216] Let us now follow these equations for matter by 
calculating the wavelength of a photon from the Gravita- 
tional constant as an example, and also as a test of these 
observations and to demonstrate that the gravitational equa- 
tions can also apply to the quantum world. 


[0217] If 
ager ccd Me (39a) 


[0218] where r is the general relativistic increase in 
radius, and r, is the radius of quintessence (eq. 33). Where 
f=E/h=n,, substituting for o,, then the frequency of the 
photon f,(where B=1) is given by: 


aap 2 
farce, 


[0219] Using the standard equation, r=GM/3c? (eq. 34); 
we may substitute for r’, thus we have: 


f, = GM9rec 15 Thus 
G 





f= mae vinye? and as E= m,c*; 
i GE (ath 
om Oree3 


Indeed as Or? =Gh/c?, then fy =Efhany 


[0220] It is possible to also demonstrate that the same 
relationship holds for the wave equation for matter. If we 
take the relativistic wave energy of matter, which has been 
previously derived, 


fali?n, 
[0221] This includes the term for the number of quintes- 
sences flowing through the electron, in the complex vectors 


of space-time, to give the relativistic electron momentum (p) 
and a term for the rest mass, thus substituting into (40) 


GE (ahi 


[0222] As f=p*n, for matter then the equation expands to: 





G > 
fn ® one ‘PE AsAsy/f, then 


cry (aD 


°° GBE 
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[0223] Then the equation again reduces to: 


2A 3 
oree (9) 


C= RE 


[0224] Equations 3, 40 and 41 are important as they show 
that the quantum wavelength of any particle of rest mass m 
can be derived from the gravitational constant G. Thus 
linking quantum mechanics to quantum gravity. 


[0225] It is therefore important to confirm the numerical 
accuracy of the above equation (40). We can do this by 
comparing the result to the standard computation of the de 
Broglie equation, in a range where de Broglie itself is likely 
to be most accurate; which according to these observations 
is in the low energy range (see section on Wave Particle 
Duality). 


[0226] If we take an electron with an energy of 0.1 KeV 
the wavelength is conventionally given (where the kinetic 
energy of the electron E,. is given by the product of the 
charge of the electron (C) and the potential applied eV=0. 1 
Kev), by the standard equation: 


AsAf/p =Af(Ey 2p ry thus 
A= 663x107 /[L.602 x LO! x Lx 10? x 18,22 x 10 Y? 


hence 
A= 123x107 m Using 


O84 (3ad 


As GRE Where £ = ymyc* 





[0227] At 0.1 Kev, electron velocity is 6x10° r/sec, thus 
B=2x10° and y=1/(1-v7/c?)*=1 0002. Thus: 


9x 1.82% 107 x 80,78 x 107? 
© 676x107" x Px 1.0002 x11 x* 10-7! x% 8.908 x 10/6 





¥ 


A= 1.21 «107% 


[0228] Divergence between the de Broglie equation and 
the above equation (2) occurs at intermediate and high 
energies where it is generally accepted that the standard de 
Broglie equation may be less accurate. The values for eq. 2 
and de Broglie are compared to recent experiments, which 
demonstrate a relativistic curvilinear plot for wavelengths of 
mnatter in keeping with eq. 40. 


[0229] The de Broglie equation in the non-relativistic 
format yields a simple log/linear scale, which is not in 
keeping with relativity, whereas eq. 3 is dependent on 
relativity and mathematically accounts for both relativity in 
calculating the wavelength. Indeed recent experiment on 
quantum tunnelling through a wire mesh strongly suggests 
that the relationship between energy and wavelength is 
relativistically curvilinear"*? , Furthermore equation 3a 
suggests a fundamental relationship between energy (E), 
relative velocity (v/c=.B), gravity (G) and the quantum 
wavelength (A) 
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A= GE Indeed as Mr = Ghjc? then 

A=hej BE (2) 


[0230] Equation 2 is the very same as the Universal wave 
equation derived form first principles for the wavelength of 
tight and matter, which allowed a relativistic solution to the 
equations for wave particle duality (see Wave Particle Dual- 
ity). This now indicates that these quintessential equations 
are compatible with relativity, quantum mechanics and 
quantum gravity. 


[0231] Graviton Structure 


[0232] From these observations, if the value for the gravi- 
tational constant is substituted into the equation (35) we may 
now estimate the probable geometric structure of the gravi- 
tation, which is the force particle mediating gravity by acting, 
on quintessence. Thus the Gravitational constant has been 
previously derived from the vibration of quintessence by the 
equation: 


Gino mr, 7/4) {36) 


[0233] This is in accurate agreement with the value for 
G(6.67x10 N m? kg~*). This suggests that the most prob- 
able mathematical representation of the graviton (@), the 
third force carrying particle is 


p=(ac) (42) 


[0234] Thus the gravitational constant (G) can be given by 
the mass and radius of quintessence and the structure of the 
graviton 


G=oar2 it, (43) 
[0235] This shows the gravitational force to be related to 


the fundamental radius of quintessence space time, and the 
graviton. 


[0236] Quantised General Relativity 


[0237] The classical general] relativistic formula, as given 
by Einstein is: 


Ri 2g, R=—KI 


[0238] Where R is effectively the curvature of space-time, 
R,,, denotes the contracted Riemann tensor of curvature and 


py 


T,,, 18 the “energy tensor” of matter.) 


py 


[0239] If we substitute the energy tensor matrix of the 
electron (eq. 9)xtime, for the energy tensor of matter T,,; 
and the metric tensor of the space-time latticextime for the 
contracted Riemann tensor we can arrive at the same solu- 


tions for general relativity. 


[0240] Furthermore, in his published paper on General 
Relativity, Einstein. defined the constant K as: 


K=8nGier 
[0241] Therefore Einstein’s equation should be written as 


é SaG (43) 
Ruy — Lf 2uyR = gas Ty 
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[0242] Einstein himself was apparently not happy about 
the right hand component of the equation. However, we find 
that this part of the equation can now be explained and 


quantised by substituting the gravitational constant, 
G=9nr,"/pm,, (eq. 42a), 
[0243] Giving: 
29,2 (44) 
Rup coy 1} 22,8 oe, Pig c? Typ 


[0244] By substituting m,c°=h, and further substituting 
h=h/2x, we arrive at a quantised solution to Einstein’s 
equations. Where A, is the surface area of quintessence 
(A,=4ar,”); > is the graviton [=(x/c)] and h is Plancks 
constant. thus: 


9A (45) 
Rw 1/228 R= - a Ty 


[0245] The gravitational equation can now be further 
understood on a logical basis. The term A,=(4ary), where 
represents standard term for the surface area of a sphere of 
quintessence for the 9 space dimensions of the space time 
lattice, h is the energy content of quintessencextime and ¢ is 
the graviton, thus the nght hand term now represents a true 
“metric energy tensor” of matter. 


[0246] This leads directly to the standard solution to the 
field equations, for the general relativistic increase in radius 
r' of an object, where A is the surface area of a sphere of a 
given mass M, such that 


rE) GMAc2 (34) 


[0247] Furthermore, although equation 45, gives the same 
solutions as Einstein's equation, which is essentially correct, 
the difference is that the equation is now dependant upon 
Planck’s constant (h), and moreover the radius of quintes- 
sence, which now defines a quantised solution to the equa- 
tions. 


[0248] Graviton Force Characteristics 


[0249] Similar to the photon, the previously derived equa- 
tion (42) for the graviton [=(/c)] appears to also math- 
ematically represent a helical ringlet of quintessence, but 
with a spin of 2. For the photon, taking the direction of 
motion as the x vector and its axis of spin also as the x 
vector, would account for the electromagnetic force and its 
attraction and repulsion characteristics. In the case of the 
gluon component (s/c'”), if the direction vector is x, then 
the axis of spin would be in the y vector, the same as quasi 
electrons, accounting for the particle binding characteristics 
of the gluon force. In the case of the graviton, if the direction 
of motion was in the x vector, the graviton spin axis would 
be in the z vector thus, as wil] be demonstrated, accounting 
for the gravitational force. 


[0250] The spin axis of the graviton can also be derived 
using the known characteristics of the electron. If an electron 
is travelling in the x direction, then its spin axis is deter- 
mined by the by the sign of the jy vector (up or down). This 
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view is in agreement with conventional theory, which indi- 
cates that the electron spin is similar to a rotating planet 
orbiting the sun, (the electron even appears to have orbital 
precession). As the electron passes through the space-time 
lattice, this spin would generate the formation of gravitons. 
This would occur as a result of the ejection of the excess 
quintessence passing through the electron. As the electron 
spins, the ejection of these gravitons would occur at a 
tangent to the electron’s direction of motion. The ejection of 
the gravitons would occur, similarly to the ejection of energy 
of a pulsar or quasar, through the equivalent of the north and 
south poles of the electron. Thus, propelling the graviton in 
the direction of the electrons y vector. The ejection of the 
graviton would re-orientate and impart a specific angular 
momentum to the gravitons which would thus end up 
spinning on its own z axis. If for instance the graviton is 
released from an up spin electron the graviton will be 
rotating clockwise and its leading edge will displace quin- 
tessence downwards. In turn this will provide an upwards 
force. 


[0251] This picture accounts for Fleming’s left hand rule, 
is logical and provides an explanation for the magnetic force 
around a wire. According, to the left hand rule if the 
direction of the current is in the x vector, the magnetic field 
is in the z vector, and the force is upwards, in the y vector, 
in accordance with the above model. Therefore, this par- 
ticular spin axis and the structure of the graviton results in 
its force characteristics. As the graviton is very small com- 
pared to the electron and both have different rather rapid spin 
axis it is difficult for these to bind and interact. Nevertheless, 
because the graviton has a spin of 2, and as it spin axis is 
perpendicular to its direction of motion, in the z vector, it 
readily displaces space-time quintessence to produce grav- 
ity. Thus because the graviton is able to displace space-time, 
it is capable of escaping a black hole. How else could the 
effects of gravity be felt beyond a black hole? 


[0252] Quantum Gravity and Electromagnetism 


[0253] With the above electron model of graviton produc- 
tion the nature of magnetism can be understood from first 
principles, Furthermore, the presence of a space-time lattice 
links relativity, and the forces of gravity with the electro- 
magnetic and other forces of Nature. Indeed, evidence for 
these links may first date back to the 1820’s, when Andre 
Ampere first defined the Amp. The force of attraction 
between two parallel wires 1 metre apart each carrying | 
Amp in a vacuum was defined as none other than the 
permeability of free space (2x10-’ N per metre of conduc- 
tor). Thus conventionally the magnetic field strength around 
a long straight wire is given as: 


Butigh nr 


[0254] Where I is the current and py is the permeability of 
tree space (4nx10-7 N Av?) 


[0255] The attraction between two wires both carrying 
negative charge is, however, counterintuitive as negative 
charges should repel. A conventional explanation overcomes 
this by invoking the presence of a magnetic field which is 
created by the current by the production of virtual photons. 
Thus we appear to have an explanation for the effects of 
magnetism which involves virtual photons, however, these 
photons are not observed. More accurately, according to 
conventional special relativity the magnetic field is none 
other than the electric field viewed relativistically. 
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[0256] A more satisfactory explanation, therefore, lies in 
the interaction between the electrons and the space time 
lattice. The moving electrons in the two wires interact with 
the lattice to produce gravitons; which are in phase when 
both streams of electrons are traveling in the same direction. 
The gravitonic waves interact constructively to disperse the 
space time lattice between the wires and induce an attractive 
force between the two wires, which produces in effect the 
permeability of free space. Thus this force results from the 
vibration of quintessence itself. 


[0257] Conversely in two wires with current going in 
opposite directions the graviton waves are in anti-phase and 
would interact destructively between the wires. The gravi- 
tonic waves traveling radially outward from the wires 
would, however, disperse the lattice outside the two wires 
and produce apparent repulsion between the wires, which is 
exactly what is observed. These effects of electricity suggest 
that gravitons act as waves and that phase is important. 


[0258] This effect is also seen with the north and south 
poles of ferromagnets. Nevertheless, with matter other than 
iron, cobalt or nickel, the graviton emission camot be 
phased as the atoms are unable to align and magnets do not 
appear to exist with other materials. 


[0259] In ordinary magnetic system the release of gravi- 
tons from the north pole would be exactly balanced by those 
released from the south pole of the magnet and hence there 
would be no net force on the magnet until an external 
magnet or electrical current were applied. 


[0260] Overall the magnitude of the forces in electrical 
systems where electrical conduction occurs are well defined 
by the permeability and permittivity of free space u,, and éy. 
Where v is the constant velocity of the charge and € is the 
electric field produced by the charge. 


Bafpoeo]ve 


[0261] These observations suggest that the forces of elec- 
tricity which produce magnetism are indeed related to the 
permittivity and permeability of free space and that these 
quantities are exerted by an apparent vacuum. Thus the 
etfects of magnetism could be explained by none other than 
the phased effects of gravitational waves on the space time 
lattice. 


[0262] Electromagnetism is of further interest to quantum 
gravity, particularly if we combine the standard equations, 
B=,1/2nr and B=[1,€)]v-¢, substituting for B we have: 


2asTegve {46} 


[0263] Thus 2xr is proportional to the inverse of €,. Thus 
as space time is dispersed by gravitons the permittivity field 
will increase in the same way capacitance increases with 
separation of plates. Because of the inverse relationship 
between €, and 271, as €, increases the circumference of a 
circle and the apparent ratio of x is to r, will appear to 
diminish in accordance with general relativity. This not an 
actual diminution in the circumference of a circle but the 
effective reduction of the resistance to motion in a circular 
path in this field. 


[0264] Incidentally, the above observations, also lead us 
directly to Schrédinger’s formula for the average equilib- 
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rium distance (r) between an electron with charge (e) in orbit 
around a proton, which is conventionally given by: 
ro dade g/me? 

[0265] Where ¢, is again the permittivity of free space, m 
is the mass of the electron and n is an orbital integer, h is 
Planck’s constant and e is the charge of the electron. 
Furthermore if e=[€,/3(4/32c7)]"? (eq. 3); then the equation 
at n=1, for the electron orbital radius elegantly simplifies to: 


rede nt 
[0266] Hence the orbital radius of the electron is related to 
spin of the electron (h) and its mass (m). 


[0267] Quantum Gravity and the Charge of the Electron 


[0268] The equation for the charge of the electron (eq. 1) 
contains the term so (permittivity of free space) which 
according to these observations should vary in a gravita- 
tional field. 


efeg/3(4i3uc7)]}!? (6a) 


[0269] If we combine the standard equations, B=piol/2ar 
and B=[y1,€,]v'¢, substituting for B we have: 

2miml‘egve (46) 
(0270] Thus 2xr is proportional to the inverse of €,. Thus 
as space time is dispersed by gravitons the permittivity field 
will increase in the same way capacitance increases with 
separation of plates. Because of the inverse relationship 
between €, and 2m, as €, increases the circumference of a 
circle and the apparent ratio of 1 to r, will appear to diminish 
in accordance with general relativity. 


[0271] Thus «, rises when space-time is dispersed by the 
gravitons that produce the gravitational field, This occurs in 
a similar way to the process by which capacitance increases 
with separation of plates in a capacitor. 


[0272] Nevertheless, as ¢ is a constant and as c=[[,€9]7 7, 
then if €, rises then j1, falls. This is entirely consistent as 1, 
which represents the force that quintessence exerts, would 
be reduced if the quintessence space time lattice is dispersed. 


[0273] Furthermore, as po=4x10-? N A; then as tt, 
falls, then the apparent ration 1 to r, also falls in a gravita- 
tional field. This is largely the same as stating, as does 
general relativity, that the apparent radius r, rises in a 
gravitational field. So this view is consistent with general 
relativity. 


[0274] Nevertheless, to derive an exact value for the 
charge of the electron we must account for gravity in the 
above equation. We wil] take the specific example of the 
Earth’s gravitational field in order to obtain the exact value 
for the electron. If in accordance with standard general 
relativity, the apparent increase in radius ¢’ is: 

reGM 3c (34) 
[0275] Then given that the mass of the Earth is 5.9745x 
10°* kg; then 

rml.47864x1077 m 

thus 

2er'=9.29087x 1073 
[0276] Which is the incremental factor by which e, must 
increase in Earth's gravitational field. So to correct €, to 
account for gravity, €g must be divided by the incremental 


factor, 2ar’. Similarly as effectively decreases in a gravi- 
tational field, to correct = to account for gravity it must be 
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multiplied by this incremental factor. So the equation for an 
electron in a zero gravitational field is: 


e=[€g'3(4/3007)]""2 (1 420r'}=1.6022x10-? C (6b) 


[0277] This now gives the charge of the electron as 
measured in a zero gravitational field as 1.6022x10-'* C, 
which is the same as that measured on Earth. Notably these 
observations appear to suggest that the charge of the electron 
is the same irrespective of the gravitational field. 


[0278] Virtually unlimited degrees of accuracy for the 
charge of the electron and for the fine structure constant (ct), 
may be achieved by taking into account 2nd and nth order 
gravitometric effects. Thus if we take into account the effect 
of gravity upon the radius of the Earth it is also important to 
take into account an effect upon the instruments with which 
we measure quantities, this would be a second order gravi- 
tometric effect. Thus taking into account 2nd order effects 
(r"), we have a very small, but nevertheless relevant change, 
such that: r"=r'(1+2r'). Thus 2r'=9.3 180486x107*, and thus: 


e=[eg'3t4/3.c7}]!"2+(142mr")=1.6021768x 1079 © (6c) 


[0279] This agrees exactly to the nearest 7 decimal places 
with the maximum accuracy of the experimental value for 
the charge of the electron. Furthermore by taking into 
account the nth order gravitometric effect, it is theoretically 
possible to predict accuracy for the charge of the electron to 
3n decimal places. This mathematically accuracy confirms 
the structure of the electron from first principles and indeed 
the theoretical effects of gravity on the permittivity of free 
space (€,). 


[0280] This returns us directly to the fine structure con- 
stant for the electron which is conventionally given by: 
ame*/he-4re,. If ame*=e,/3(4/3c7), accordingly the quint- 
essential equation for « is structurally given by: 27/a=n1 
[30 (where @=4/3 nc*; see The Structure of the Electron 
and Matter), we must now take into account the effects of 
gravity, as above, thus: 


2ncv'n [3 F+(1_200'7)m0,007297353 


[0281] Where the gravitational term for the increase in 
radius sf" allows the mathematical derivation of 
a=0.007297353, and the above equation is in agreement 
with the conventional experimental value for 
a=0.007297353 to the nearest 9 decimal places. 


[0282] Hence the term (1_2mr")* is in accordance with 
these observations for the effect of gravity on electromag- 
netic forces. To a maximum accuracy governed by current 
knowledge of the mass of the Earth and the Gravitational 
constant and thus the term for the gravitational increase in 
radius r'. These observations can also be used to accurately 
predict the magnetic moment of the electron 


[0283] Thus the presence of the fine structure constant can 
now be further understood, by deriving the constant from 
first principles; specifically from the actual dimensional 
conformation for the charge of the electron: e=[e/3(4/31c*)] 


12 (eq. 6). 


[0284] Overall the fine structure constant « (allowing for 
the term r which is the general relativistic increase in the 
radius of the Earth due to gravitation) is given by none other 
than the formula for the mass of quintessence and from the 
structure of the electron, which can now be derived from 
first principles to seven decimal places or more. 
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[0285] Quantum Gravity and the Electron Magnetic 
Moment 


[0286] The theoretical origin and nature of magnetism 
remains obscure in current electromagnetic theory. An 
explanation suggests these magnetic effects are produced by 
photons, although no photons have ever been observed. To 
get round this difficulty it is postulated by physics that 
magnetism results from “virtual” photons. However, Max- 
well's equation for electromagnetism states that the photon 
has no net magnetic effect. 


5B, /OB Soy 8B 62-0 


[0287] Thus magnetism could not, by the above standard 
equation, be derived from a photon real or virtual. 


[0288] In addition observational data suggests that black 
holes have powerful magnetic fields and as in theory pho- 
tons are unable to escape from black holes (except for smal] 
quantities in the form of Hawking radiation), it would be 
difficult to explain these magnetic fields on the basis of 
photon emission. 


[0289] Einstein postulated that magnetism was merely due 
to special relativity .sup.(ref 17). The postulate for the nature 
of magnetism in these current observations, states that the 
magnetic force results from relativity due to none other than 
the phased emission of gravitons (why postulate two invis- 
ible forces, magnetism and gravity, when one, the graviton, 
will do). This view as previously discussed (Quantum Grav- 
ity and Electromagnetism) is entirely compatible with stan- 
dard relativity’*f !”, Thus with the graviton origin of mag- 
netism, the equation for the magnetic moment of the electron 
should have an expression in terms of quintessence and in 
turn the gravitational force and in particular the graviton. 


[0290] The standard term for the magnetic moment of the 
Bohr Magneton (SIB) is: 


paehsAnm, 


[0291] In standard quantum mechanics the Bohr Magne- 
ton, 1B, however, needs to be corrected to agree with 
experiment. The “correction factor” is termed “e”; where 
€=(c/2n)-0.32807/n7=0.001 159641. Thus theory reveals .. 


the magnetic moment of the electron where: 
p=teh/drem,)[ 1 +H{(ar!20)}-0.3 2807/07] 


[0292] The conventional derivation of the term € above, is 
given from the fine structure constant, (@/2) which is 
theoretically consistent. However, a rather arbitrary math- 
ematical correction term; 0.32807/n7 needs to be used in this 
standard equation. This appears ad hoc and needless to say, 
more accurate measurements show, the electron magnetic 
moment to the Bohr magneton ratio, 1+¢=1.001159652, 
which suggests the correction factor is indeed incorrect. 
Nevertheless, this correction factor is essential for “renor- 
malisation” and thus for quantum mechanics to work. 


[0293] Quantum gravity readily explains the discrepancy 
between the theoretical Bohr Magneton (uB) and the actual 
measured magnetic moment of the electron (1,). In accor- 
dance with the above chapter (Quantum Gravity and the 
Charge of the Electron) 


[0294] Thus the significant mathematical discrepancies 
can be removed by accounting for the effects of quantum 


gravity. 
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[0295] Thus taking the charge of the electron (e), using the 
equation for the Bohr magneton and the effects of quantum 
gravity such that gravitational change in radius is r". The 
magnetic moment of the electron is given by: 


H=(eh/aam W14fo/2ae(1+e)) 


[0296] This gives an electron magnetic moment to Bohr 
magneton ratio of 1.00115968. Thus the mathematical term 
for the magnetic moment of the electron is given, avoiding 
the arbitrary and dubious term 0.3287/m used in the 
standard equation, simply by accounting for quantum grav- 
ity. 


[0297] It is now possible to unite the equations for gravity 
and magnetism by substituting the fundamental key equa- 
tions of quantum gravity. Thus if: h=3m,c* (eq. 1b) and 
m =m,n, (eq. 2). Then we can express the magnetic moment 
of any particle with the charge of the electron, including the 
proton, in terms of the number of quintessences (n,) in that 
particle. 


pB=ec7(4/3.m01,); {47} 


[0298] Given that the postulated structure of the graviton 
is: (p=m/c) (eq. 42), then substituting we have 


uBedeciApn, (48) 


[0299] Showing that the equations for the magnetic 
moment are compatible with the gravitational equations 
given earlier. Principally, the quintessential equations now 
allow the determination of the magnetic moment of any 
charged object from the equation for the graviton and 
directly from the number of quintessences it contains. In 
conventional physics the magnetic moment of the electron 
requires a correction factor, (1+(e/2mc)-0.328a7/n7), to 
derive the correct experimental value. These observations 
herein, indicate that the correction factor is more logically 
(l+r"), where r" is the general relativistic increase im radius 
around a gravitational body. This suggests that magnetism is 
not only affected by gravity, but can, as shown as above, be 
derived using the quantum gravitational equations. 


[0300] Quantum Gravity and Special Relativity 


[0301] Ordinary matter passing through the lattice would 
produce gravitons which would interact with space-time as 
described by general relativity. The quantity of gravitons 
would be determined by the apparent mass and in turn these 
would apparently curve space time. The geometry of this 
“curvature” is elegantly described by general relativity using, 
Riemann geometry, specifically using metric tensors. 
Intriguingly the metric tensor is not a single number, but at 
each point in space time it is required to consist of a 
collection of ten numbers, Consequently, ten dimensional 
space-time hypotheses, such as this or superstring theory, 
may automatically yield general relativity 


[0302] General relativity is indeed very elegant, neverthe- 
less there was a logical step yet to answer. That is, how do 
gravitons shape space time? This can now be readily 
answered by considering the interaction of a three dimen- 
sional space time lattice with gravitons themselves to pro- 
duce the effects of gravity. The effects of gravity are as such 
to compel a body in motion towards the gravitational object 
and to a much smaller extent visa versa. This effect can only 
be produced If gravitons repel quintessence (the constituents 
of the 3D lattice). Indeed, it has been stated that in order to 
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explain cosmic inflation and the “flatness” of the Universe 
that quintessence must shun (or be shunned by) matter. 


[0303] In descriptive terms a body close to a large mass 
wil] have a tendency to move toward it because the three 
dimensional lattice would be less dense as it approached the 
surface of the large mass. Overall there would be less 
resistance to motion in the direction of the large mass, and 
the motion in this direction would be facilitated by the 
vibration of quintessence. 


[0304] In general relativity the principle governing motion 
is the geodesic of least distance, this can be re-expressed 
using similar equations using least action. Furthermore, the 
concept of motion due to the vibrations of quintessence is 
more logically and experimentally compelling. 


[0305] These observations can now be used to link general 
and special relativity. Thus as we approach the speed of 
light, the mass of an object travelling through the space-time 
lattice would approach infinity, directly because the number 
of quintessences passing through a body would increase 
with increasing velocity, hence the equation: 


m'mntgi(l=vic?)"" (50) 
or 
mento Lv? Meg Jt? (50a) 


[0306] In turn this would generate increasing gravitons 
and accordingly this would explain the observed effects of 
special relativity. Time itself is due to passage through the 
space-time lattice, and where the space-time lattice is dis- 
persed by gravitons, time and length are reduced with 
increasing velocity and hence increasing space-time lattice 
dispersion, similar to the way in which gravity alters space- 
time 


[0307] As a result: 

rare Wh 2, P92 /e7 1"? 
[0308] Thus resulting in the effects of special relativity. 
[0309] Quintessence and Black Holes 


[0310] To address the relationship of the space-time lattice 
to gravity directly, it is important to discuss the concept of 
quintessence with regard to general relativistic equations. 
The standard general relativistic equation for the apparent 
increase in radius (r) due to the curvature of space time 
around a gravitational object, which has also been previ- 
ously derived from first principles (eq. 36), is: 


reGM3e (34) 
[0311] This can also thus be written as: 


Fr eGM peo] (51) 
[0312] This standard equation, is in keeping with the 
above observations. Specifically, as the mass increases, €, 
increases, in turn the radius will appear to increase (relative 
to m1). 


[0313] The above observations now allow us to examine 
the effects with regard to the interior of black holes them- 
selves. The event horizon would represent a critical density 
for quintessence, in which light could not escape. The 
Schwarzschild radius would now be given by: 


R= 2GMto€o] 


[0314] The event horizon will occur at the point at which 
there is less resistance to circular motion than motion in a 
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straight or partially curved line. Given that x is proportional 
to l/e,, The event horizon should occur when the permit- 
tivity has increased by a factor of 1. 


[0315] Effectively because the permittivity of free space 
rises, 1 decreases. This is entirely in keeping with general 
relativity which predicts the effective change in the ratio of 
the radius to the circumference as given by the conventional 
equation, where 1’, is again the apparent change in radius. 


mGMSc* 


[0316] Hence x will effectively decrease as we approach 
the event horizon of a black hole, When x decreases to 1, the 
circular circumference is equal to the diameter and more- 
over, inside this limit it is shorter for light to travel in a 
circle. Thus light cannot escape the event horizon. 


[0317] This can give us great insights into the workings of 
space-time, for flat Euclidean space the standard equation is: 


a= 1 


[0318] In accordance with general relativity, the ratio of 
the radius to the circumference changes in a gravitational 
field, and effectively m=1, at the event horizon, thus the 
boundary condition for the shape of space-time at the event 
horizon now has the direct equation: 


ef 


[0319] Within a black hole as the permittivity of space 
increases by a factor of 27 an object within it wil] complete 
two rotations rather than travel in a straight line. In effect 
exceeding the speed of light by 22. Hence, the condition for 
space-time is represented by the equation: 


et? 


[0320] Thus an increase in the permittivity of free space 
by a minimum factor of a, to produce a black hole is 
estimated to result from an increase in mass by a factor of 
approx. 10° (the ratio of the mass of the earth and that of a 
putative black hole). 


[0321] Continuing with the subject of a black hole, 
according to the model inside the black hole, the gravitons 
produced by the matter present would be in equilibrium with 
the density of the space-time lattice. Increasing the rate of 
rotation of the matter in the black hole for instance would 
thus increase the production of gravitons and its effective 
mass and increase the radius of the event horizon. A density 
gradient of the space-time lattice would continue to exist 
within the black hole. Progressively closer to the center of 
a black hole matter itself would be increasingly compressed 
and the spherical structure of the quasi electron would be 
predicted to collapse. This collapse would result in the 
formation of an exotic form of matter in the form of pure 
quintessence in a black hole. 


[0322] This pure quintessence would produce the singu- 
larity at the centre of the black hole. The larger the black 
hole in terms of mass the more pure quintessence would 
exist at its core. 


[0323] Quintessence and the Big Bang 


[0324] Quintessence theory not only predicts the occur- 
rence of the Big Bang, but allows a prediction for the value 
of the entire mass of the Universe, from first principles. 
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[0325] In accordance with quintessence theory the big 
bang resulted from the explosion of an immense black hole 
singularity, which was constituted from pure quintessence. 


[0326] On the basis of quintessence, there will be a critical 
mass for Big Bang event; thus if entire space-time between 
quintessence is compacted so that no further quintessence 
can be accommodated, the addition of further quintessence 
would destabilize the immense black hole, resulting in the 
Big Bang. 


[0327] It is possible to predict this critical mass, using the 
radius of quintessence as a benchmark. Given the nine 
spatial parameters present in the metric tensor, used in 
general relativity we find that the actual formula for the 
radius of quintessence; r.”, is mathematically in agreement 
with general relativistic theory when: 


9r 2=GiiC* (33) 


[0328] This again supports the 9 dimensional view of 
space (so crucial in superstring theory). Moreover, the size 
of the vibrations of quintessence can thus be calculated as: 


fgal.35x10-8 m (33a) 
[0329] The volume of each quintessence is thus: 
4/3s07,3=1.0306x10-' m3 (33b) 


[0330] So to be accommodated within unit volume of 
space time, with no intervening apparent space time, (given 
that each of 9 overlapping quintessences are required) would 
require approx. 


9x10! quintessences 


[0331] As the mass of quintessence is m*=h/c*=7.373x 107 
s1 kg sec (eq. 1). Then the mass of the Universe, to two 
decimal places, is: 


1.18x10°3 kg (33c) 


[0332] This is in close agreement with a recent estimate of 
the mass of the Universe from COBE and other satellite 
data, which estimates the mass to be 100 trillion trillion 
trillion trillion tonnes (10°* kg) 


[0333] Moreover, the early formation of the galaxies can 
be readily explained, it is likely that in such a big bang some 
very small black holes might have prevailed and that these 
formed the seeds of the galaxies we see today. 


[0334] The event horizon, calculated from the Schwartzs- 
child radius, of such an immense black hole is about 107° m, 
which would have allowed Guth's inflationary component to 
the early expansion of the Universe. 


[0335] In addition, inflation may result directly from the 
observation that once electrons have formed from the pri- 
mordial soup of quintessence, they emit gravitons which in 
turn repel space time, which might also result in another 
cosmic inflationary cycle. 


[0336] Most importantly quintessence theory explains the 
Big Bang from first principles and is capable of accurately 
predicting the mass of the Universe. 


[0337] The Nature of Energy 


[0338] These observations allow a fundamental under- 
standing of energy. The quantum physical, minimum com- 
ponent of energy is Planck’s constant; h. To define the 
minimal component of mass, using the standard energy 
equivalence formula; E=mc*, such a minimal mass (m,) 
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would be required to have the value equivalent to; m,=h/c* 
(1). The total mass of a system (m) would then be: m=m,n,, 
where (n,) is the number of these minimal units. Thence, the 
total energy of a system can be derived from the minimal 
energy; h, multiplied by the number of these energy units 
(n,). Thus as, E=me’, then also E=m,n,c° and substituting 
m,=lv/c”, the energy equivalence formula has the more 
logical formulation, 


E=htt, (1a) 


[0339] Thus the energy of a system is equivalent to the 
minimal energy unit; h, multiplied by the number of those 
minimal energy units (n,) 


[0340] This leads directly to a deeper understanding of 
wave particle duality and the wave nature of matter. 


[0341] This is encapsulated by the quintessential energy 
formulae 


[0342] As conventionally B-E/c=p, then 
Aahipaho/PE 2) 
and 
E=htt, (1a) 
then 
qciPit, (2b) 
[0343] Importantly, as indicated by equation (2b), energy 


having no quintessence; would have a wavelength of infin- 
ity. Specifically pure energy contaming no quintessences, 
would have a lambda of infinity. According to quantum 
mechanics an infinite wavelength would result in the prob- 
ability of that energy being anywhere. As energy itself has 
no electrical charge it would not be impeded by the permit- 
tivity and permeability of the three dimensional space-time 
lattice. Moreover, energy would not be detectable in three 
dimensional space-time, unless it interacted with matter, as 
in the EPR experiments. Indeed, energy is not observed 
when not bound to any form of mass or particle. 


[0344] Thus equation 2b, takes us to our original assertion 
regarding the existence of pure energy. 


[0345] Energy is not Bound by the Space-Time Lattice 


[0346] Thus, as the EPR experiments suggest the exist- 
ence of energy separate from matter and thus separate from 
the three dimensional space-time lattice, it is interesting to 
find that experiment suggests the existence of free energy in 
a continuum separate from space time and matter to produce 
the effects of quantum teleportation. 


[0347] This is not, however, teleportation across an addi- 
tiona] dimension, this is a term to describe in partially 
familiar terms the dissociation of energy from the three 
dimensional space-time lattice. As time is inextricably 
linked to each dimension of space, the effects of energy 
would be inextricably linked to the events, such as the 
creation of virtual particles, we see interacting within space- 
time. It is unlikely that observers have any direct day to day 
experience to explain quantum events. Nevertheless, quin- 
tessence theory may have given us a window into the 
hitherto hidden workings of the Universe. Thereby, the 
mystery of the uniformity of the Universe, across distances 
which the speed of light could not apparently traverse, is 
readily explained by the fact that the free energy contained 
in the Universe is not bound by the space-time lattice. 
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[0348] In the case of light, due to the exceedingly small 
masses involved, there would be relatively easy exchange of 
matter with free energy within a photon. This would make 
the photon the ideal experimental] tool to look for energy 
which is not bound by matter and in tum energy which is not 
bound in space-time. Indeed, very recently Furusawa et al. 
have reported to have observed the transference of energy as 
photons from A to B, without those photons traversing 
space-time. This finding which has been supported using 
other experimental techniques, is very important as it sug- 
gests the existence of such free energy. 


[0349] Overall, quintessence theory gives an a priori 
explanation for the concept of mass, the elementary par- 
ticles, the forces of nature and quantum effects. It can 
equally be used logically to explain the inner physics of a 
black hole, the missing mass in the Galaxy, the expansion of 
the Universe, Guth’s inflationary theory and predicts the Big 
Bang, from first principles. 


[0350] Part IV: Applied Theory with the Intent to Create 
Closed Timelike Curves 


[0351] Electron Bombardment of the Photosphere to 
Induce Gravitational Shift 


[0352] Leveraging the above relationship between mass 
and quintessence we derive that if an electromagnetic radia- 
tion with velocity v strikes the event horizon singularity of 
rest inertial mass mi, and U is the electromagnetic energy 
absorbed by the singularity, then, according to Maxwell’s 
prediction, a momentum q=U/v is transferred to it. Mass 
shift dim,. dependent on the external electromagnetic 
energy, equals the inertial mass sluft dependent on the 
increment of energy in the particle. Since in this case the 
inertia] mass shift does not depend on velocity V, i-e., it is 
related only to the momentum q absorbed, it can be obtained 
by making p=0 in variation AH=H'-H=c[q +(m,c)*]!?- 
(m,c)* from the particles inertial Hamiltonian. Consequently, 
the expression of din,» is written as: 





dy, = AH fc? = veh +U fmpe*[enna|VT+d]ve +1} 21 


[0353] Comparing now the expression of m, and m, we 
have m,=m,-2dm,,. By replacing m, in this equation, given 
by equation above, we obtain the expression of the corre- 
lation between gravitational mass and mertial mass, i.e., 


Mg =m 2,4 + Ujmet|y Enttnet[d {wel + 1)? - 1 ony 


[0354] We see that only in the absence of electromagnetic 
radiation on the event horizon (U=0) is the gravitational 
mass equivalent to the inertial mass. Note that the electro- 
magnetic characteristics, e, m and s do not refer to the 
singularity itself, but to the outside medium around the 
singularity (photosphere) in which the incident radiation is 


propagating. 
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[0355] Stable CTC Solution From Modified M-Theory 


[0356] Our innovation is a method of creating an event 
where a dual membrane or dual boundary condition exists. 
We do this using generalization from a Misner space which 
has been modified if one analytically cgntinues the maximal 
extended Misner Metric so that ds =-du?+dw?4(dx?)°+ 
(dx?)* to the Euclidean section so that u=iota zeta we obtain 
a Misner instanton on the section where w and zeta are both 
real. The Euclidean time, t, and the closed spacelike coor- 
dinate are both periodic, the later having a period of 2IIt’. 
Going back to the Lorentzian sector we find that the period 
of the closed coordinate becomes linearly dependent on the 
physical time. Using automorphic fields in the Hadamard 
function one can obtain a quantized condition for time. This 
gives us a figure on the order of the Plank time. This confines 
such a stable wormhole condition to the general area of the 
Plank scale in its modified form which is that area defined 
by the Membrane itself. As such, these Plank scale worm- 
holes are the true source of the true virtual aspects of the 
vacuum and quintessence. The effects of the dual singularity 
system can be viewed as an overlap zone of two distinct 
space-times which have boundary conditions on both sides. 
As an object accelerates towards C it is this same boundary 
or horizon that object encounters when the Time detined 
horizon solution for the universe is imposed. At this point 
drawing upon Van Den Broeck’s alterations for this space- 
time geometry to create a single closed Friedman-Robert- 
son- Walker spacetime the space-time geometry can be rep- 
resented by this equation ds =dct?—B?[(dx-fifdct)? ]+dy7+ 
dz? B can be any function that is large near the displacement 
device. We then consider this transformation as extended to 
four dimensional space-time with arbitrarily time dependent 
acceleration. We also present the device frame energy den- 
sity TOO from a four dimensional calculation and note that 
the 4d classical calculation is everywhere finite. 


[0357] Consider an Alcubierre interval given according to 
a remote frame’s cylindrical coordinates by: 


ds?m(1-B?P )der?+ 2hfderde-de-di?-Prdf? 


where f is a function that is 1 at the location of the device 
and zero far from it. 


[0358] Starting out with the first transformation z'=z-dct 
beta det. Where b is first expressed here as a function of time 
ct. With some algebra for simplification this results in 
as? {1-P2(1-fP der?-28(1 —fydetd='-d?—-dP? Pa? 
Let g=1-f and this becomes 
ds’ =[1-P22"|der?-2bgdetds-dz?=dr =r df? 

[0359] Notice that this returned the original intervals form 
with a reversal on the sign of b and a reversal of the 
boundary conditions for g. Now we notice that at r=0, this 
interval becomes the interval for special relativity trans- 
formed to cylindrical coordinates. Thus, we have found a 
transformation to a frame based local to the device. One can 
also verify that in these coordinates the relevant affine 
connections vanish at r=0. a further proposed modification to 
this field we will reintroduce a time dilation term into the 
devices frame’s interval. Only we will use different bound- 
ary conditions for it. We will keep A=1 both at the location 
of the device, and far from it, but allow it to become large 
in the warped region. This is achieved by the simplest means 
possible in the proposed field generation method. Since 
rotating kerr smgularity under bombardment would produce 
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an equal negative energy region. With the effect focused 
outward away from the device slightly by the relative 
alignment of the kerr singularity the actual inward going 
portion of such fields would overlap and cancel their effect 
out in the region of the device. This yields a space normal 
time region, which is again restored at the fringes of the 
outward going field. From the standpoint of a geometric 
picture of space-time around the device and extending 
outwards one has actually created a dual event horizon 
situation as far as time goes. The inner one is the shell of the 
canceled out field inside of which normal time flow is 
restored. The outer one is formed at the boundary where 
normal time resumes and within which we have a negative 
energy field. 


SUMMARY OF THE INVENTION 


[0360] The present invention is A method for the genera- 
tion of a pseudo 2+1 dimensional anti-de Sitter space 
(DeDeo & Gott 2002) using two Kerr type positively 
charged rotating dilation singularities where one singularity 
is maintained as a axis of rotation or “reference” singularity, 
and the other “target” singularity is subjected to a differential 
electron flow so as to simultaneously pass above the photo- 
sphere of said singularity im its direction of rotation— 
prograde orbit—and contrary to its direction of rotation— 
retrograde orbit—to release a directed flow of gravitons in a 
sinusoidal oscillation simulating a rotational effect of the 
“target” singularity around the axis of rotation provided by 
the “reference” singularity, resulting in the creation of 
timelike curves in a compact time-oriented manifold per- 
mitting topology change from one spacelike boundary to the 
other in accordance with Geroch’s theorem (Geroch 1967) 
which results in a method for the formation of G odel-type 
geodesically complete spacetime envelopes complete with 
closed timelike curves. 


BRIEF DESCRIPTION OF THE DRAWINGS 


[0361] FIG. 1 is a schematic representation of the mecha- 
nism employed to house the components necessary to gen- 
erate a 24+1 dimensional anti-de Sitter space, resulting in the 
creation of timelike curves in a compact time-oriented 
manifold 


[0362] FIG. 2 is a schematic representation of the G 
odel-type geodesically complete spacetime envelope created 
by the mechanism complete with closed timelike curves 


DETAILED DESCRIPTION OF THE 
INVENTION 


[0363] Principles of Gravity Distortion Time Displace- 
ment Systems 


[0364] The theoretical understanding of quantum gravity 
allows the design of time displacement systems from first 
principles. It is unlikely that gravitons or Kerr singularities 
can be controlled in a precise way using current technology. 
Nevertheless, an understanding of three dimensional space- 
time and matter, does allow the design of elementary dis- 
placement systems. That is, systems whose displacement 
rely on direct warping space-time as opposed to the ejection 
of material to provide thrust resulting in time dilatational 
effects. 


[0365] The background for these systems are already 
partially understood and quintessence theory allows their 
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further development. For this invention, the formation of 
black holes in the laboratory represents a crucial step in 
understanding the mechanisms that underlay gravitational 
physics and in turn the warping of space-time. The existence 
of black holes permits the localized application of the Axial 
torsion Spin-Rotation Coupling Effect (Zhang & Beesham 
2002) resulting in a Rotating Frame with Relativistic Factor 
(Zhang 2003) which can be used in the creation of a 
Alcubierre space time bubble under the Van Den Broeck 
modification of the Alcubierre geometry (Van Den Broeck 
1999) resulting in a method for the generation of a pseudo 
2+1 dimensional anti-de Sitter space (DeDeo & Gott 2002) 
using two Kerr type positively charged rotating dilation 
singularities where one singularity is maintained as a axis of 
rotation or ‘“‘reference” singularity, and the other “target” 
singularity is subjected to a differential electron flow so as 
to simultaneously pass above the photosphere of said sin- 
gularity in its direction of rotation and contrary to its 
direction of rotation to release a directed flow of gravitons 
in a sinusoidal oscillation simulating a rotational effect of the 
“target” singularity around the axis of rotation provided by 
the “reference” singularity. In this instance the space-time 
lattice would be repelled by gravitons in such a way as to 
disperse space-time quintessence in a circular fashion 
around each of the singularities, producing multiple event 
horizons around the simulated axis of rotation provided by 
the reference singularity. 


[0366] The release of gravitons from the target singularity 
is controlled by differentially governing the electron flow 
across the photosphere with the use of powerful electric 
currents. In turn the differential direction of flow across the 
photosphere of gravitons would determine the direction of 
motion through the space time lattice and the resulting time 
displacement from one spacelike boundary to the other in 
accordance with Geroch’s theorem (Geroch 1967) when 
implementing this approach it is important to remember that 
the black hole is not excited by the smashing of the clump 
as it “hits” the horizon. The hole is rather excited when the 
metric perturbation associated with the clump is “felt” by the 
background metric. The excitation event therefore consti- 
tutes a smooth process whereby in-fall of a clump from .rmb 
and through r+ serves as a source in the Teukolsky (1973) 
equation for small perturbations to the Kerr geometry (with 
appropriate boundary conditions at r+ and rs). This is an 
important distinction with a great deal of relevance to the 
practical engineering of the displacement unit since we need 
to gauge the “driving” of Q@NR modes in terms of an 
e_ective coupling from clump in-fall. 


[0367] What results is a method for resonant driving of the 
quasi-normal ringing (QNR) wave modes of the Kerr geom- 
etry of the target singularity. The micro black hole hyper- 
accreting at rates } M. 1 MDsec. 1 from a neutrino cooled 
disk is pushed through to oscillate near resonance of its 
(,m=2, 2) quadrupole QNR frequency due to the in-fall of 
compact mass over-densities from the cusp in e_ective 
potential on a dynamical time scale. This mode is induced 
via induced magneto-rotationally induced fluid dynamics in 
the ultra-relativistic region of the flow bounded from below 
by the marginally bound orbit radius: rmb If the QNR modes 
are fed resonantly for a few seconds of hyper-accretion, the 
enhanced amplitude of the oscillations yields a very high 
rate of energy deposition into gravitational waves. Indeed, 
the integrated energy deposition is large enough to “evapo- 
rate” the equivalent of a factor of a few times the total rest 


Apr. 6, 2006 


mass-energy of a single clump into gravitational waves, 
which in turn interact with the reference singularity 


[0368] Application of the method described in the previ- 
ous section results in translation outside of the cosmological 
horizon, where F(R)<0. The topology of the resulting geo- 
desic, for large constant R, is mathematically equivalent to 
a Euclidean cylinder of the condition RxSn where T is the 
coordinate along the cylinder. I+ are located outside the 
future/past cosmological horizons, where R is timelike and 
T is spacelike. In the case of a rotating Kerr black hole, there 
are two circular photon orbits that can exist in the equatorial 
plane and be exploited to create a tipler sinusoid. One is a 
prograde orbit moving in the same direction as the black 
hole’s rotation, while the other is a retrograde orbit moving 
against the black hole’s rotation. Their radii are respectively 
given by 


rl=2M(1+Cos(2/3 arceos(-|a|/A2))) 
r2m2M(1+Cos(2/3 arceos(|al‘4))) 


where a is the angular momentum per unit mass of the black 
hole. The orbits fall in the range M greater or equal to rl 
greater or equal to 3M greater or equal to r2 greater or equal 
to 4M The fact that a prograde photon or in or case cooper 
pair with Bose characteristics orbits the black hole at a 
smaller radius than a retrograde one can be attributed to the 
well-known Lense-Thirring effect, i.e., the dragging of iner- 
tial frames due to the black hole’s rotation which we contro] 
and influence via electromagnetic induced load coupling 
with the open magnetic field lines threading the BH horizon. 
This dragging would cause charged cooper pairs to revolve 
around the black hole relative to a static observer at infinity. 
Thus, to such an observer, a prograde cooper pair would 
have to orbit at a smaller radius to compensate for the ‘extra’ 
angular momentum acquired, while a retrograde one would 
have to orbit at a larger radius to compensate for the ‘lost’ 
angular momentum. Indeed, in the limit of zero rotation, 
these two orbits coincide at r D 3M, giving the single 
circular orbit of the Schwarzschild black hole. Now, recall 
that orbits around the Schwarzschild black hole are neces- 
sarily confined to a plane passing through its center, because 
of the spherical symmetry of the space-time. However, the 
Kerr black hole space-time has only an axial symmetry (in 
addition to being stationary), and this raises the possibility 
of non-planar orbits. One could, for example, contemplate 
the existence of spherical Boseon orbits—orbits with con- 
stant coordinate radii that are not necessarily confined to the 
equatorial plane—around the Kerr black hole. Such orbits 
would be a nontrivial generalization of the two circular 
photon orbits that lie in the equatorial plane. At first it may 
seem a little surprising that such spherical orbits could even 
exist, but there is an interesting reason as to why they are 
possible. Note that an object in a spherical orbit would, in 
addition to moving around the black hole in the azimuthal 
direction, be undergoing some periodic motion in the lati- 
tudinal direction. This is only possible if there is a conserved 
quantity associated with motion in this direction, just as 
angular momentum is necessarily conserved by its rotational 
motion in the azimuthal direction. (This result can be seen, 
for example, using action-angle variable) Now, because the 
Kerr space-time has only axial symmetry, geodesics in it 
should have only two constants of motion, namely energy 
and angular momentum. However, Carter discovered the 
remarkable fact that geodesics in the Kerr space-time pos- 
sess a third constant of motion. It turns out that Carter’s new 
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constant governs the motion of geodesics in the latitudinal 
direction, although it is not related to any obvious space- 
time symmetry. Thus, spherical] timelike orbits, which 
assume eigenlike properties around the Kerr black hole, are 
possible and when coupled with charged Bosons may be 
exploited to manipulate the relative event horizons of the 
“target” singularity. The location and the temperature of the 
modified event horizon depend on the time, charge and angle 
of incidence of the cooper pairs. The Fermionic spectrum of 
Dirac particles displays a spin-rotation coupling effect due to 
the interaction between the particles with spin-1=2 and the 
black holes with rotation. The effects arise from the inter- 
action between the spin of Dirac particles and the rotation of 
the evaporating black holes. The feature of this spin-rotation 
coupling effect is its dependence on different helicity states 
of coupled particles with spin-’% and its irrelevance to the 
mass of particles. 


[0369] In order to design a mechanism for time displace- 
ment exploiting the Carter asymettry cited above we utilize 
two positively charged top spin rotating kerr type black 
holes aligned on demand to create a simulated rotational 
effect around a central axis provided by the “reference” 
singularity. In the case of the Kerr blackhole (singularity), 
this is accomplished by an inverse Blandford-Znajek (BZ) 
process utilizing the magnetic flux of open field lines 
connecting the horizon and an induced remote load. (Ding- 
Xiong Wang, Kan Xiao & Wei-Hua Lei, 2001) permitting 
the microscopic blackhole (singularity) to be rotated along 
its horizontal axis in at relativistic centrifugational speeds. A 
differential current is then applied in such a way as to pass 
through the entire photosphere in the desired direction. As a 
result the gravity field can be manipulated by three factors 
that affect it in distinct ways. Adding electric charge to the 
singularities increases the diameter of the inner event hori- 
zons. Adding mass to the singularities increases the area of 
gravitational influence around the singularities. Rotating and 
positioning the polar axis of the singularities affects and 
alters the resulting gravity sinusoid 


[0370] In order to create a sinusoid capable of inducing a 
topology change from one spacelike boundary to the other in 
accordance with Geroch’s theorem The electric charge in the 
upper half of the photosphere would be maximised. The 
electrons will have a vector in the left to right direction as 
the singularity spins clockwise. If a maximised current is 
applied to the singularity in the same direction this will 
result in a increase in the velocity of the electrons relative to 
the centre of gravity of the singularity, due to the flow of 
current. In turn, according special relativity and to the 
space-time lattice model, this wilt result in an increase in the 
relativistic mass if the electrons and in tum by general 
relativity an increase in the release of gravitons. 


[0371] Conversely in the lower half of the singularity the 
electrons will have a vector of motion in the right to left 
direction due to the spin of the singularity. This will be 
relativistically slowed by the differential current applied in 
the same direction as the current above, and hence in the 
opposite direction to the direction of rotation. The charge 
can be separately applied and adjusted to ensure that the 
electrons are relativistically stationary relative to the centre 
of gravity. In turn this will minimize the relativistic mass and 
result in a decrease in the release of gravitons for the lower 
half of the singularity. 
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[0372] The overall result will be a greater release of 
gravitons in one direction and a lesser release of gravitons in 
the converse direction. The effect will be enhanced by the 
use of a multi-phasic current simultaneously applied. This 
will result in the release of multi-phasic gravitons which will 
disperse space time in the singularity with increase in 
density in the converse this effect can also be produced and 
supplemented with the use radio frequency pulses, The radio 
frequency pulses must be designed to produce a change in 
the spin of the particle to enhance the release of gravitons in 
the desired direction 


[0373] With the use of large currents the drift velocity of 
the electrons across the photosphere could be greatly 
increased. Within this region the electrical resistance is 
virtually eliminated. Thereby allowing large currents to be 
induced with minimum total power output. 


[0374] The result is the production of cooper paired elec- 
trons of high speed and hence high relativistic mass in the 
desired half of the singularity, whilst producing low speed 
and thus low mass paired electrons at the converse of the 
singularity, in accordance with special relativity. The imbal- 
ance in the rotating singularity will be continuously present 
creating a dynamic warping of space-time. In effect, the 
differential current flow, will produce differential graviton 
production and in tum, by general relativity, the warping of 
space-time 


[0375] As the cooper pairs cross the photosphere, accre- 
tion of the Bose particles results. Near-hole accretion across 
the target singularity is then motivated by magneto-rotation- 
ally induced, ultra-relativistic disk dynamics in the region of 
the flow bounded from below by the marginally bound 
geodesic radius rmb. As the particles impelled have high 
spin values, a largely coherent magnetic field in this region 
has the dynamical implication of compact mass segregation 
at the displacement nodes of the non-axisymmetric, MRI 
modes. This results in prolific gravitational wave emission 
coincident with the gamma-ray stage. The gravitational 
wave emissions are then manipulated to influence the ref- 
erence singularity to produce a variable gravitational sinu- 
soid which is then used to mathematically approximate the 
gravametric distortion, inducing a topology change trom one 
spacelike boundary to the other in accordance with Geroch’s 
theorem. 
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sates”. In this article Garay showed that there exist both 
dynamically stable and unstable dilute-gas Bose-Einstein 
condensates that, in the hydrodynamic limit, exhibit a 
behavior completely analogous to that of gravitational black 
holes. This discovery coupled with creation of color glass 
condensate (CGC) an extreme form of nuclear matter in 
which a nucleus travels at near-light (relativistic) speed 
which flattens like a pancake in its direction of motion and 
spawns a large number of gluons hold the key to high energy 
singularity formation. 


I claim: 
1. A method for the generation of a pseudo 2+1 dimen- 
sional anti-de Sitter space comprising the steps of: 


creating two Kerr type positively charged rotating dilation 
singularities, including the steps of 


maintaining one of the singularities as a axis of rotation 
reference singularity, 


maintaining the other of the singularities as a target 
singularity, and 


subjecting the target singularity to a differential electron 
flow so as to simultaneously pass the differential elec- 
tron flow above a photosphere of said target singularity 
in a direction of rotation thereof and contrary to the 
direction of rotation thereof, in order to release a 
directed flow of gravitons in a sinusoidal oscillation 
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simulating a rotational effect of the target singularity 
around the axis of rotation provided by the reference 
singularity. 
2. A method of generating a force around a body, com- 
prising the steps of: 


employing sinusoidal oscillations of electrical bombard- 
ment on the surface of one Kerr type reference singu- 
larity in close proximity to a second Kerr type target 
singularity to take advantage of the Lense-Thirring 
effect, wherein the electrica] currents employed in the 
bombardment are passed simultaneously across the 
photosphere of said reference singularity in its direction 
of rotation and contrary to its direction of rotation to 
release a directed flow of gravitons in a sinusoidal 
oscillation simulating a rotational effect of the target 
singularity around the axis of rotation provided by the 
reference singularity; 


creating timelike curves in a compact time-oriented mani- 
fold of Godel-type geodesically complete spacetime 
envelope under the Van Den Broeck modification of the 
Alcubierre geometry, resulting in the creation of time- 
like curves in a compact time-oriented manifold per- 
mitting topology change from one spacelike boundary 
to the other in accordance with Geroch’s theorem. 
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Figure 4 
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Figure 8 
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CHI ENERGY AMPLIFIER 


BRIEF SUMMARY OF THE INVENTION 


[9001] This invention is an energy amplitier that controls 
the direction of the second co-gravitational K field by means 
of a slot antenna located in a resonating sphere. The hyper- 
space mass flow rate entering into this dimension is deter- 
mined by the frequency of the antenna. This energy flow is 
used to increase the energy of the human energy field known 
as Chi. 


BACKGROUND OF THE INVENTION 


(0002) Referring to FIG. 1, a pendulum suspended by a 
string (3) is held by the string with the right hand (1) over 
the upright palm of the left hand (2). The pendulum swings 
in circles shown by the clockwise direction of the arrow (4). 
The pendulum swings at a constant frequency at about 1 to 
2 Hz. What this means is that there is a second gravitational 
K field (5) that can cause a mass to rotate in circles. 
[9003] Everyone is familiar with the linear gravitational g 
field which is detined as Newton’s gravitational constant G 
times the mass of the earth divided by the square of the 
radius of the earth. This is the field that causes objects to 
accelerate radially toward the earth’s surface. Newton’s 
gravitational constant G is equal to the speed of light c 
squared divided by the linear mass 2 of the universe. The 
speed of light is 


_. meters 
¢ = 299792458 





second 


aq kilograms 
2 = 1.346812801-19°7 =°8 





meter 


> 


: 
7 ter 
Gz s = 6673200002. 19-11 __e® 


secon kilogram 


The mass and radius of the earth are 
[0004] 


ME = 5.977-10"* kilograms 
RE = 6371.03 10? meters 


ME meters 


=62 233) 
8 RE* second 


(0005) From electromagnetism, the electric E field is lin- 
ear and the B magnetic field is circular or forms closed 
loops. The electric field starts and ends on electric charges. 
Since there are two electromagnetic fields, it makes sense 
that there are also two gravitational fields. A flow of electric 
current through a straight wire causes a circular magnetic B 
field to form around the wire. In a similar manner, a flow of 
mass through a channel causes a circular gravitational K 
field to form around the channel. 

(0006) Referring to FIG. 2, the nght hand rule (6) shows 
that if the flow is along the direction of the thumb of the right 
hand, then the field curls around in the direction of the 
fingers. If an electric current is flowing through the wire (7) 
in the direction of arrow (8), then a counter-clockwise 
magnetic field circles the wire shown by arrow (9). In the 
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bottom view, a mass flowing through a channel (10) in 
direction (11) generates a counter-clockwise gravitational K 
tield shown by arrow (12). This field is the reason that the 
pendulum swings in circles. The gravitational K field only 
exists if there is a mass flow. In the wire there is also an 
electric field driving the electrons, so it must be that there is 
a g gravitational field driving the mass along the channel. 

[0007] The correspondence between electromagnetic and 
gravitational constants must be the following: 


Electric Gravitational 
Charge q 

Electric Field E 
Magnetic Field B 


Mass m 
Gravitational Field g 
Co-gravitational Field K 


Linear Electric Charge 4 Linear Mass 2 
Permittivity of Space €5 -1L4aG 
Permeability of Space bg —4nGie? 


Convection Current Density J Mass Current Density J 


[0008] Maxwell’s equation for the curl or circulation of B 
involves the current density J and an electric field E chang- 
ing with time t 


VX B= pos + ye 
~ HOSS OF 


The corresponding gravitational equation is therefore 


[0009] 


4nG 1¢é 
VkkKeeoe len 
ct ct ar 


[0010] If the g field is constant with time, then the circu- 
lation of the K field only depends on the mass density flow 
through the channel. Notice the minus sign in front of the 
first term which says that if energy is entering our dimension 
through a channel, then the K field is in the counterclock- 
wise direction as indicated by the pendulum. As seen in FIG. 
1, the energy is leaving through the left hand because the 
rotation is clockwise. On the nght hand, the pendulum 
rotates in the counterclockwise direction indicating that 
energy is coming from the hand. Thus there is a flow of 
energy between the hands known as the Chi energy. The 
purpose of this invention is to amplify this energy. 

[0011] The g gravitational field is due to a negative 
space-time curvature created by the mass of the earth. In 
many physics books this is depicted as a bow]. So the idea 
was to acquire a ceramic kiln which could produce ceramic 
bow]s using earthenware clay and a bow] mold. The curva- 
ture created by the bowl, if any, could be detected by the 
pendulum. 

[0012] Referring to FIG. 3, a pendulum (13) held in the 
right hand with the left hand near the side of the concave 
mold (14) starts to swing toward the right, away from the 
plaster mold as shown by arrow (15). 

[0013] Referring to FIG. 4, a pendulum (16) held in the 
right hand over a positive curvature dome (17) swings 
toward the top of the dome as shown by arrow (18). 
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Supposedly the K gravitational field rotates in circles, but 
these experiments showed that the pendulum movement was 
radial. 

(0014) Referring to FIG. 5, the pendulum (19) swings 
radially (20) toward the top of the dome (23) because the 
forces (24) around the dome counteract each other as shown 
by arrows (21, 22). Thus there is no sideways pressure on the 
pendulum. 

(0015) The next question was what is the value of the 
co-gravitational K constant? In electromagnetism the elec- 
tric field is the speed of light times the magnetic field. So the 
g gravitational field should be the speed of light times the 
co-gravitational K field. 


Int A) = —40.34861 143 


(0016) where the radius RU of the universe is 107° meters 
and c is the speed of light. The speed of light divided by the 
radius is angular frequency measured in Hz. Recall that the 
pendulum over the hand has a frequency f of 1 Hz which 
makes the angular frequency o equal to 2 radians per 
second since w=2nf So the question is whether or not this 
value of K means anything in terms of hyperspace physics? 
[9017] The universe has a geometrical sub-manifold based 
on the tetrahedron. All the physics constants of the universe 
are determined by this tetrahedral geometry. As shown in 
diagram tet0565 stored in the Library of Congress, the 
electron and proton are one and the same particle. There is 
a continuous clockwise path from the electron wavelength, 
through electric charge to electron mass and returning out- 
of-dimension back along a counterclockwise path as the 
proton. Because the paths are in opposite directions, the 
proton has a positive charge and the electron has the 
opposite negative charge. Because this path crosses into our 
dimension from hyperspace, we see two different particles. 
Thus Nature only has one particle. The tetrahedron diagram 
also shows that our dimension is offset from the origin of the 
diagram by the Cabibbo angle which is found in particle 
physics. Our dimension is determined by the Planck mass 
and the Planck wavelength which are the bottom limits of 
our dimension, known as the Planck box. If the proton mass 
is centered on the Planck mass, a tangent line to the circle 
can only be made by using the down quark and up quark 
which comprise the proton (duu). And the tangent line is 
drawn at the Cabibbo angle. So the diagram verifies some 
important experimental physics data. 

[9018] Referring to FIG. 6, the tetrahedron diagram is 
drawn with a vertical axis (35) corresponding to the natural 
logarithm of mass. The horizontal axis (36) is the natural 
logarithm of wavelength. The inverted tetrahedrons (25, 26) 
cross at the centerline (28) which is known through remote 
viewing as “the merging of two worlds.” The centerline is 
the separation point between space and hyperspace. The 
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circumscribing sphere (27) has a horizontal diameter (29) 
and a vertical diameter (30). The electron wavelength (34) 
reflects off the sphere and returns as the electron mass (33). 
[0019] Because the K co-gravitational field is related to 
circular or spinning motion, as well as vorticity per area, it 
might be imagined that it has something to do with the 
spinning electron. The energy E of the electron is equal to 
the mass m, of the electron times the speed of light ¢ 
squared. 


mt, = 91093897: 10-*! kilogram 
metér 
second 





¢ = 299792458. 
E=mc 


In£) = -311,13363019 


[0020] The tips of the inverted tetrahedrons pass through 
the base constant, vertical line (37), which is equal to 
Planck's constant h divided by the speed of light. 


A = 2.21412611685- 1 ** kilogram meter 


base = nf} = -95,91546344 


[0021] On the tetrahedron diagram, the co-gravitational 
circle K (31) is centered on the base (37) at the electron 
energy (32) shown by the small 2 circle at the intersection 
(38). As can be seen, the K circle determines the electron 
mass (33) at the horizontal axis (36) as shown by intersec- 
tion (39). Because the electron is the proton, it also sets the 
constants of the proton such as wavelength, charge and 
mass. Thus the K co-gravitational field determines our 
elementary particles. Because these particle paths go in and 
out of dimension, it means that hyperspace exists. And 
because the K field is circular, depending on the direction of 
the energy flow, another purpose of this invention is to 
control the direction of the field. 


SUMMARY OF THE INVENTION 


[0022] Referring to FIG. 7, the Chi energy amplifier 
consists of two ceramic domes (40, 41) resting one on the 
other such as to form a hollow internal clam-like structure. 
The domes are mounted on a cylindrical ceramic base (42) 
containing a reinforced passageway for the coaxial cable and 
BNC connector (43). The BNC connector plugs into the 
frequency generator (not shown) which has a frequency 
range of 0.4 Hz to 5 MHz. 

[0023] Referring to FIG. 8 with the upper dome removed, 
the coaxial cable (44) extends vertically through the base 
into the lower dome. The cable is soldered to a slot antenna 
(45). The center conductor of the cable is soldered to the left 
side of the slot and the ground shielding is soldered to the 
right side of the slot. Thus there is a voltage difference on the 
two sides which produces an oscillating electric field across 
the slot which radiates electromagnetic energy into the 
hollow dome. 

[0024] Aclose-up of the slot antenna is shown in FIG. 9. 
The antenna is a 0.050" thick copper sheet (46) with a width 
of 34 wavelength by a height of 44 wavelength. A slot (47) 


US 2007/0285325 Al 


of 4% wavelength is electric-discharge machined into the 
copper sheet (47). The center conductor (48) from the 
coaxial cable is soldered to the top of the slot. The ground 
wire (49) is soldered to the bottom of the slot. This con- 
figuration produces a voltage difference between the mner 
top and bottom surfaces of the slot. The frequency generator 
produces an oscillating voltage across the slot which gen- 
erates an electric field that radiates from the antenna into the 
ceramic cavity. 

(0025) The wavelength of the antenna and the dimensions 
of the ceramic cavity have to be tuned to the geometry of our 
dimension. Newton’s gravitational constant G is equal to 


In(G) = —23.4303342 
f = AWM WZ = 15 Ghz 


as ; = 020 meter = .787 inch 


= .393 inch 


dd 


slotwidth = 


antennawidth= =A = .590 inch 


bia 


The frequency of the antenna is the inverse of the gravita- 
tiona] constant. The reason for this is that when a circle of 
radius natural logarithm G is centered on the proton on the 
tetrahedron diagram, the circle intersects the corner of the 
Planck box which bounds our dimension between space and 
hyperspace. It is the low-density hyperspace energy that the 
amplifier will bring into this dimension. 

(0026) The size of the ceramic cavity based on the angular 
frequency w=2nf is 





wt a 

ato 3 tan{—(5— ay) > 
a +a 1 a | a b-a 
2 Ce ¢he 


where b is inside radius of the cavity, a is the radius of an 
object at the center of the cavity and ¢ is the speed of light. 
Using the object radius as a=0.020 meter to account for the 
antenna, the inside radius of the cavity is b=4.25 inches 
which is the size of the 3.5 inch diameter ceramic dome 
using 14 inch thick clay. The frequency is then equal to 


fe Inf =) = 23.45 


which is close to the inverse of the gravitational constant G 
of -23.43. Thus the amplifier is tuned to the gravitational 
constant of the universe both in size of the cavity and the 
frequency of the slot antenna. Using a SMD surface mount 
capacitor and inductor in the picofarad and nanohenry range, 
it is possible to get up to this high frequency, but it was found 
that it was not necessary because the amplifier works at 
lower frequencies that are pulsed. 

(0027) Referring to FIG. 10, the swinging movement of 
the pendulum measured in inches at the side of the dome is 
plotted against a range of frequencies from 20 kHz to 120 
kHz. At 20 kHz, the pendulum swings 34 inch away from the 
dome. Then at 40 kHz, the pendulum swings 34 inch toward 
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the dome. This pattern is repeated until 120 kHz. What this 
means is that the amplifier can control the direction of the 
co-gravitational field using frequency. The tetrahedron dia- 
gram shows that this phenomenon is related to the two axes 
of the circumscribing sphere of the tetrahedron. 

[0028] Referring to FIG. 11, the swinging of the pendulum 
is plotted for a range of frequencies from 1 MHz to 5 MHz. 
At a frequency of 2.78 MHz the pendulum was swinging 
strongly from the vertical to the horizontal, a distance of six 
inches, On the tetrahedron diagram, the distance from our 
base constant to the centerline between inverted tetrahedrons 
is equal to 14.838168. This corresponds to a frequency of 


frel4 8331684 7 =9 780574160 MHz 


which is close to the experimental value. 

[0029] Referring to FIG. 12, the Chi energy flowing 
between the hands, shown by the arrows, is amplified by 
placing the hands across the dome. This energy from the 
night hand mixes with the hyperspace energy entering the 
dome from hyperspace. The combined energy is then 
absorbed in the left hand vortex. The effects of this amplified 
energy are simply amazing and have to be experienced to 
appreciate what it means. 


A BRIEF DESCRIPTION OF THE DRAWINGS 


[0030] FIG. 1. Perspective view of pendulum movement 
over left hand vortex. 

[0031] FIG. 2. Perspective view of right hand rule of 
physics showing similarity between electromagnetism and 
gravity. 

[0032] FIG. 3. Perspective view of plaster mold cavity 
showing negative curvature. 


[0033] FIG. 4. Perspective view of dome showing positive 
curvature. 
[0034] FIG. 5. Perspective view of dome showing radial 


pendulum movement. 

[0035] FIG. 6. Graph of co-gravitational K field on tetra- 
hedron diagram. 

[0036] FIG. 7. Perspective view of Chi Energy Amplifier 
with BNC coaxial cable. 


[0037] FIG. 8. Perspective view of slot antenna in dome. 
[0038] FIG. 9. Perspective view of slot antenna showing 
dimensions. 

[0039] FIG. 10. Graph of pendulum movement versus 


frequency of antenna, 20 KHz. 
[0040] FIG. 11. Graph of pendulum movement versus 
frequency from 1 MHz to 5 MHz. 


[0041] FIG. 12. Perspective view of amplifying Chi 
energy. 
DETAILED DESCRIPTION OF THE 
INVENTION 
[0042] The dome of the amplifier is made of red earthen- 


ware clay from Minnesota having a cone 06 kiln firing 
temperature of 1828° F. over a period of 7.5 hours. The clay 
is placed between two hardwood % inch thick slats. It is then 
rolled flat with a rolling pin. The sheet of clay is cut in half 
and one half is placed in a 9-inch diameter bowl mold using 
a soft sponge to push it into position. The second half is then 
added to the first with the seam between worked flat with a 
metal kidney and elephant ear sponge. The top of the mold 
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is scrapped flat to create the bowl shape. The moist clay is 
left to dry for one day after which it falls out of the mold due 
to shrinkage. After completely drying, the dome is then 
placed in a kiln which runs the computer-controlled cone 06 
temperature firing profile. A preheat at 180° F. for one hour 
is required to make sure the dome is completely bone dry. It 
takes 7 to 8 hours to fire the dome with another 12 hours to 
cool down naturally. 

[0043] The base is also made of %4 inch clay. A circular 
shape is cut out and fitted with a mbbon of extruded clay 
from a clay gun to make the cylindrical wal]. Using a hole 
cutter made of hollow tubing, a hole is made in the side of 
the base for the coaxial cable. The second lower dome has 
a hole cut in the bottom when the clay 1s leather hard. 
(0044) A 0.050" thick copper sheet is EDM machined to 
cut a half wavelength slot in the copper. The inner conductor 
of the coaxial cable is soldered using silver epoxy to the one 
side of the slot. The ground shielding of the cable is silver 
epoxied to the other side of the slot. The other end of the 
coaxial cable has a BNC connector which plugs into the 
frequency generator. 

[9045] The pendulum is made out of soft brass rod and 
machined on a lathe into a plumb bob shape. A hole is drilled 
in the stem to hold the 6" long string. 
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I claim: 

1. A Chi energy amplifier comprising: 

a. a hollow ceramic dome in the shape of a clam shell with 
a hole in the lower half that provides access to a coaxial 
cable; 

b. a cylindrical ceramic base on which the dome is 
mounted with holes that provide access for a coaxial 
cable into item (a); 

c. a slot antenna soldered to the coaxial cable, located 
midway inside item (a), such that the inner conductor 
of the cable is soldered to one side of the slot and the 
ground shielding is soldered to the other side of the slot; 

d. a frequency generator connected to the other end of the 
coaxial cable by means of a BNC connector for the 
purpose of providing an oscillating voltage to item (c); 

e. an electromagnetic wave generated by items (c, d) that 
resonates inside item (a); 

f. a co-gravitational K field generated by items (a, b, ¢, d, 
e) whose direction can be controlled by the frequency 
of item (d); and 

g. a flow of hyperspace energy into or out of the dome due 
to item (f). 
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fo ali whom it may concern: 
Be it known that I, NIKOLA TESLA, acitizen 


of the United States, residing at the borough 


wa 


of Mauhattan, ia the city, county, and State 
of New York, have invented certain new and 
useful Improvements in Methods of Utilizin g 
Radiant Energy, of which the following is a 


. Specification, reference being had tothe draw- 


10 


ings accompanying and forming a part of the 
same, 

It is well known that certain radiations— 
such as those of ultra-violet light, cathodic, 


' Roentgen rays, or the tike--possess the prop- 


_ 15 
20 
25 

35 
40 


45 


erty of charging and discharging conductors 
of electricity, the discharge being particu- 
larly noticeable when the conductor upon 
which the rays impinge is negatively electri- 
fied. These radiations are generally consid- 
ered to be ether vibrations of extremely small 
wave lengths, and in explanation of the phe- 
nomena noted it has been assumed by some 
authorities that they ionize or render con- 
ducting the atmosphere through which they 
are propagated. My own experiments and 
observations, however, lead me to couclu- 
sions more in accord with the theory hereto- 
fore advanced by me that sources of such 
radiant energy throw off with great velocity 
minute particles of matter which are strongly 
electrified, aud therefore capable of chargin g. 
an electrical conductor, or aven if not so may 
at any rate discharge an electrified conduc- 
tor either by carrying off bodily its charge or 
otherwise. : 

My present application ts based upon a dis- 
covery which I have made that when rays or 
radiations of the above kind are permitted 
to fall upon an insulated conducting body 
connected to one of the terminals of a con- 
denser, while the other terminal of the same 
is made by independent means to receive or 
to carry away electricity, a current flows into 
the condenser so long as the insulated body 
is exposed to the rays, and under the condi- 
tions hereinafter specified an indefinite ac- 
cumulation of electrical energy in the con- 


.deaser takes place. This energy after a suit- 


50 


able timeinterval, during which the rays are 
allowed to act, may manifest itself in a pow- 
erful discharge, which may be utilized for 


’ the operation or control of mechanical or elec- 


' - oe ’ ea > 


< 

trieal devices or rendered useful in many 
other ways, -_ ae 

Tu applying my discovery I provide a con- 
denser, preferably of considerable electro- 
static capacity, and. connect one of its ter- 
minals to an insulated metal plate or other 
conducting body exposed to the rays or 
streams ofradiant matter. It is very impor- 
tant, particularly in view of the fact that elec- 


55 


60 


trical energy is generally supplied ata very ~ 


slow rate to the condenser, to construct ‘the 
Same with the greatest care. I use by prefer- 
ence the best quality of micaas dielectric, tak- 
ing every possible precaution ia insulating 
the armatures, so that the instrament may 
withstand great electrical pressures without 
leaking and may leave no perceptible electri- 
fication when discharging instantaneously. 
In practice I have found that the best results 
are obtained with condensers treated in the 
manner described in a patent granted to me 
February 23, 1897, No. 577,671. Obviously the 
above precautions should be the more rigor- 
ously observed the slower the rate of charg- 
ing and the smaller the time interval during 
which the energy is allowed to accumulate in 
the condenser, The insulated plate or con- 
ducting body should present as large a sur- 
face as practicable to the rays or streams of 
matter, [ having ascertained that the amount 
of energy conveyed to it per unit of time is 
under otherwise identical conditions propor- 
tionate tothe areaexposed,ornearlyso. Tar- 
thermore, the surface should be clean and 
preferably highly polished or amalgamated. 
The second terminal or Armature of the con- 
denser may be connected to one of the poles 
of a battery or other source of electricity or 
toany conducting body or object whatever of 


-such properties or so conditioned that by its 


means electricity of the required sign will be 
supplied to the terminal. A simple way of 
supplying positive or negative electricity to. 
the terminal is to connect the same either to’ 
an insulated conductor, supported at some 
height in the atmosphere, or to a grounded 
conductor, the former, as is well known, fur- 
nishing positive and the latter negative elec-. 
tricity. As the rays or supposed streams of 
matter generally convey a positive charge to 
the first condenser-terminal, which is connect- 
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ed to the plate or conductor above nientioned, 
I usually connect the second terminal of the 
condenser to the ground, this being the most 
convenient way of obtaining negative electric- 
ity, dispensing with the necessity of provid- 
‘jug an artificial source. In order to utilize 
for any useful purpose the energy accumu- 
Jated in the condenser, J furthermore connect 
to the terminals of the same a circuit includ- 
ro ing an instrument or apparatus whieh it is de- 

sired to operate and another instrument or 

davice for alternately closing and opsning the 

circuit, This latter may be any form of cir- 


ta 


euit-controler, with fixed or movable parts: 


or electrodes, which may be actuated either 
by thestored energy or by independent means. 

The rays or radiations which are to be util- 
ized for the operation of the apparatus above 
described in general terms may be derived 

2o from a natural source, as the sun, or may be 

_ artificially produced by such means, for ex- 
ample, as an arc-lamp, a Roentgen tube, and 
the like, and they may be employed for a 
great variety of useful purposes. 

25 Mydiscovery wil] be more fully understood 
from the following detailed description and 
annexed drawings, to which reference is now 
inade, and in which— 

Figure 1 is adiagram showing typical forms 

3o of the devices or elements as arranged and 
connected in applying the method for the op- 
eration of a mechanical contrivance or instru- 
ment-solely by the energy stored; and Fig. 2 
js a diagrammatical representation of a modi- 

35 fied arrangement suitable for special pur- 
poses, with a cireuit-controller actuated by 
independent means, 

‘Referring to Fig. 1, C is the condenser, P 
the insulated plate or conducting body, which 

40 is-exposed to the rays, and P’ another plateor 

conductor, all being joined in series,asshown. 

The terminals T T’ of the condenser are also 


tn 


connected toacircuit including a receiver R,. 


which is to be operated, and a cireuit-control- 

4g ling device d, which in this case is. composed 
” of two very thin conducting-plates? 7’, placed 
in close proximity and very mobile, either by 
reason of extreme flexibility or owing to the 
charater of their support. To improve their 

50 action, they should be inclosed in.a receptacle 
from which the air may be exhausted. The 
receiver R is shown as consisting of an. elec- 
tromagnet M, a movable armature @, @ re- 
tractile spring b, and a ratchet-wheel tv, pro- 


5g vided with a spring-pawl r, which is pivoted 
-~” to armature a, as illustrated. The apparatus | 


peing arranged as shown, it will be found that 
‘when the radiations of the sun orof any other 
_ source eapable of producing the effects before 
60 described fall upon the plate P an acenmula- 
tion of electrical energy in the condenser C 
will result. This phenomenon, I believe, is 
best explained as follows: Thesun as well as 
other sources of radiant energy throw off mi- 
6s nute particles of matter positively electrified, 
which, impinging upon the plate P, commmu- 
nicate an electrical charge tothe same. The 
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opposite terminal of the condenser being con- 
nected to the ground, which may be consid- 
ered asa vastreservoirof negative electricity, 70 
a feeble current flows continuously into the 
condenser, and inasmuch as these supposed 
particles are of an inconceivably smallradias . 
or curvature, and consequently charged toa _ 
relatively very high potential, this charging 75 
of the condenser may continue, as I have 
found in practice, almost indefinitely, even to 
the point of rupturing the dielectric. Obvi- 
ously whatever circuit - controller be em- 
ployed it should operate to close the circuit 80. 
in which it is included when the potential ia 
the condenser has reached the desired magni- f” 
tude. Thus in Fig.yshen the electrical. pres- 
sure at the termin'is T T’ rises to a certain 
predetermined value the plates tH, attraet- 85 
ing each other, close the circuit connected to 
the terminals. This permits a flow of current 
which energizes the magnet M, causing it to 
draw down the armature a and impart a par- 
tial rotation to the ratchet-wheel w. As the 90 
current ceases the armature is-retracted by 


‘the spring & without, however, moving the 


wheel w. With the stoppage of the current 


‘the plates ¢ {’ cease to be attracted and sepa- 


rate, thus restoring the circuit to its original 95 
condition. 

Many useful applications of this method of 
utilizing the radiations emanating from the 
sun or other source and many ways of carry- 
ing out the same will at once suggest them- 100 
selves from the above description. By way | 


_of illustration a modified arrangement is = 


shown in.Fig. 2, in which the sourceS of ra- -. 
diant energy is a special form of Roentgen 
tube devised by me having but one terminal tos 
k, generally of aluminium, in the form of 
half a sphere with a plain polished surface 

on the front side, from which the streams are 


‘thrown off. It may be excited by attaching 


it to one of the terminals of any generator of. T10 
sufficiently-high electromotive. force; but 
whatever apparatus be used if is important 
that the tube be exhausted to a high degree, 
as otherwise it might prove entirely ineffect- 
ive. The working or discharge circuit con- 115 
nected to the terminals T T’ of the condenser 


-inelades in this case the primary : of a trans: 


former and a circuit-controller comprising a 
fixed terminal or brash ¢ and a movable ter- 
minal ¢' in theshape of a wheel with conduct- 120 
ing and insulating segments which may be 
rotated at an arbitrary speed by any suitable 
means. In inductive relation to the primary 


‘wire or coil p is a secondary s, usuaily of a 


Lal 


much greater number of turns, to the ends of 
which is.connected a receiver R. The ter- 
minals of the condenser being connected as 
indicated, one to an insulated’ plate P and 
ithe other to a grounded plate P’, when the 
tube § is excited rays or streams of matter 130 
are emitted from thé same, which convey a 
positive charge to the plate P and condenser: 
terminal T, while terminal T’ is continuously — 
receiving negative electricity from the plate 


* 
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ae 






= 


he 


P’. . This, as before explained, results in an 
accumulation of electrical energy in the con- 
denser, which goes on as long-as the circuit 
. including the primary ig intérrupted. 
5 Whenever the circuit is closed, owing to the 
rotation of the terminal /’, the stored energy 
is discharged through the primary p, this giv- 
ing rise in the secondary s to induced cur- 
‘rents which operate the receiver R. . - 
to —- It ig elear from what has been stated above 
_ that. if the terminal T’ is connected toa plate 
supplying positive instead of negative elec- 
tricity the rays should convey negative elec- 
tricity to plate P. The source 8 may be any 
5 form of Roentgen or Lenard tube; but it is 
obvious from the theory of action that in or- 
der to be very effective the electrical im- 
pulses exciting itshould be wholly or at least 
preponderatingly of one sign. If ordinary 


.. 20 symmetrical alternating currents are em- 


-. ployed, provision should be made for allow- 
ing the -rays to fall upon the plate P- only 
during those periods when they are produc- 

tive of the desired result. Evidently if the 

25 radiations of the source be stopped or inter-. 
cepted or their intensity varied in any man- 
ner, as by periodically interrupting or ryth- 

‘mically varying the current exciting the 
. Source, there will be corresponding changes 


30 in the action upon the receiver R, and thus — 


- signals may be transmitted and many other 
* useful effects produced. - Furthermore,it will 
be understood that any form of cireuit-closer 
whieh will respond to or be set in operation 


_ 35 when a predetermined amount of energy is 


stored in the condenser may be used in lieu 
of the device specifically described with ref- 
erence to Fig. 1, and also that the special 
* details of construction and arrangement of 


40. the several parts of the apparatus may be 


very greatly varied without departure from 
the invention. | a 

Having deseribed my invention, what I 
elaim is— "Coat 


~" 45 1. The method of utilizing radiant energy, 
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which consists in charging one of the arma- 
tures of a condenser by rays or radiations, and 
the other armatore by independent-means, ~ 
and discharging the condonser throughasuit- 


gt ree, SPAS 
Pron ean shia 


able receiver, as set forth. 5°. 


2. The method of ulilizing radiant energy, 
which consists in simultaneously charging 
a condenser by means of rays or-radiations 


{and an independent source of electrical en- 


ergy, and discharging the condenser through 55 


& suitable receiver, as set forth. 

_ 3. The method of utilizing radiant energy, 
which consists in charging one of the arma- 
tures of acondénser by rays or radiations, and 
the other by independent means, controlling 60 
the action or effect of said rays or radiations 
and discharging the condenser through a suit- 
able receiver, as set forth. ; 

4. The method of. utilizing radiant energy, 
which consists in charging one of the arma- 65 
tures of a condenser by rays or radiations and 
the other by independent means, varying the . 
intensity of the said rays or radiations and pe- 
riodically discharging the condenser through 
a suitable receiver, as set forth. — 70 

5, The method of utilizing radiant energy, 


‘which consists in directing upon an elevated. 


conductor, connected to one of the armatures © 
of a condenser, rays oc radiations capable of 
positively electrifying the same, carrying off 75 
electricity from the other armature by con- 
necting the same-with the ground, and dis- 


. Charging the accumulated energy throngh a 


suitable receiver, a3 set forth, 


6. The method of utilizing radiant energy, 80 


which consists iu charging one of the arma- 
tures of a condenser by raysor radiations,and — 
the other by independent means, .and effect- 
ing by the automatic discharge of the accumu- 
lated energy the operation or control of a 85 
suitable receiver, as set forth, 
‘ NIKOLA TESLA, 
Witnesses: os ; 


M. Lawson DysEr, 
RICHARD DONOVAN, 
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News from Australia 


Magnet mate 


www.lutec.com.au 


“There are a couple of other major 
factors that we won't go into here, 
suffice it to say that our current pro- 
totype demonstrates 1500% more “ 
out" than “in"..." 





“The Lutec 1000 will be sold throughout 
Awstralia within three years. The majority of aa 
buyers are expected to be the home . 
owners, allhough there is strong support for 


our product throughout the entire strata of John Christie (left) is the co-founder, CEO and chainman of Lutec 
sociely and business. Market leadership {Aust.) Pty Ltd. 

should be maintained for the mex five : 

years. The product is sold through commis- Ludwig (Lou) Brits (right, above) is the co-founder, managing director 
sion only sales agents and our staff ai the and head of development of Lutec (Aust.) Ply Lid. He & Chairman and 
plant, mainly to anyone who needs or uses director of TT) Pty Lid. TT Pty Lid is a state government! recognised 
electricity.” RAP (remote area power) system provider. 
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In this issue a report by Tim 
Ventura, USA on experimenting 
with asymmetrical capacitors. 
www.americanantigravity.com 
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Large-Scale Shakharov condition, David Noever and Christopher Bremner 
Matter as a resonance longitudinal wave process, Alexander V. Frolov 


Physical Principles of The Time Machine, Alexander V. Frolov 
Time Machine Project by Alexander V. Frolov 


1. 

2 

3. 

4. 

5. Kozyrev-Dirak radiation, Ivan M. Shakhparonov 

6. The Electrical Vortex Non-Solenoidal Fields, S. Alemanov 

7. Physical Mechanism of Nuclear Reactions at Low Energies, V.Oleinik, Yu. Arepjev 
8. The Evolution of Lifter Technology, T. Ventura 

9. Reality and consciousness in education and activity, A.Smirnov 

10. Old new energy, Y. Andreev, A. Smirnov 

11. On the influence of time on matter, A. Belyaeva 

12. Life without diseases and ageing-preventive electrical bio-heater features, A. Belyaeva 
13. Technical report, on Belyaeva’s high efficient ceramic heater, Sh. Mavlyandekov 
14. Fundamental properties of aether, A. Mishin 

15. Effect of Magnetic Blow Wave Field on Wine Systems, I. Shakhparanov and others 
16. Nikola Tesla and Instantaneous Electric Communication, V. Korobeynikoy 

17. The Unitied Gravitation theory, I. Kuldoshin 


18. New Sources of Energy from the Point of View of Unitary Quantum Theory, L.G. Sapogin, Yu.A. 
Ryabov, V.V. Graboshnikov 


19. Antigravitation Force and antigravitation of matter. Methods of its creation, A. K. Gaponov 
20. The capacitor, which has energy of atomic bomb (Review of A. Gaponov’s research) 


consequence of many commonly accepted concepts 
and dogmas of the modern “scientific perspective of 
natural phenomena”. This crisis situation in modern 
physics is a direct consequence of many conservative 
scientific viewpoints, unfortunately supported and 
protected by modern official academic science. The 
evolution of our consciousness has been influenced 
by many undoubtedly well known experts and has 
been evolving for a long time in the environment of 
specific scientific vacuum and requires immediate 
revival. Even methods used for dissemination of new 
knowledge should be improved, if one actually wishes 
to accelerate the progress of Humankind. 


The perspective for practical applications of new 
previously unknown scientific phenomena and effects 
looks very attractive, and they may be achieved by 
cooperative efforts of the human intellect. New 
breakthrough technologies of the 21* Century will 
require serious changes of many commonly accepted 
concepts and dogmas in fundamental physics. This 
process of progressive development cannot be 
stopped. 
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Abstract 


Recent far reaching theoretical results have used the 
quantum vacuum noise as a fundamental 
electromagnetic radiation field to derive a frequency 


(o) dependent version of Newton's gravitational 


coupling term, G(o). This paper reconciles the cut-off 


frequency with the observed cosmological constant, and 
then briefly puts forward a realizable laboratory test 
case in the 10 - 100 MHz frequency range. One analogy 
is drawn between the classical vacuum energy 
experiments with attraction between two closely 
spaced plates (Casimir cavity) and the arbitrarily dense 
material boundaries possible in Bose condensates, such 
as irradiation at MHz frequencies of superfluid helium 
or superconductors. 
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Theoretical Background 


Zel’dovich [1] first suggested that gravitational 
interactions could lead to a small disturbance in the 
(non zero) quantum fluctuations of the vacuum and thus 
give rise to a finite value of Einstein’s cosmological 
constant in agreement with astrophysical data. Using 
dimensional analysis and the suggestion by Zel'dovich, 
Sakharov [2] derived a value for Newton's gravitational 


constant, G , in only one free parameter, frequency, @: 


G~e /hado~1 / Jodo 


where cis the speed of light and fis the Planck 


constant. The free parameter in frequency when 
integrated over all values from zero to high frequencies 
must contain the usual integration cutoff value (Planck 
frequency on observable electromagnetic phenomenon). 


Puthoff [3] and others [4 5] have extended Sakharov’s 
condition in a relativistically consistent model to 
determine constants of proportionality. His model 
derives an acceleration term in first order expansion (in 
flat space time), then equates inertial and gravitational 
mass (by the equivalence principle) to make contact 


with the gravitational constant, G , directly as: 


G =(te' /ha?)~ 1/Jodo 


which is the Sakharov condition [2,3]. This paper revisits 


the meaning of the cutoff frequency, @. ,for radiation 


interactions, of which the quantum vacuum [6-10] and 


Planck frequency are only the leading terms, and for 
which linear combinations of forces can introduce other 
plausible frequencies. One purpose of this 
reexamination is whether the resulting gravitational 
coupling constant, G , can be reconciled with the 
anticipated energy density of the universe [11] without 
resorting to extreme space time curvature and thus yield 
enough critical density to contain the expansion of the 
universe. Finally we particularize the case to the high- 
density fluctuations possible in Bose condensates [12], 
a potential experimental test case for how the effects 
of vacuum noise might manifest observably. 


One far-reaching consequence of the vacuum energy 
model is the attractive force of gravity becomes 
reducible to the radiative interaction between 
oscillating charges, e.g. the zero point field (ZPF) 
applied to subatomic charges. Mass and inertia arise 
from the fundamentally electromagnetic ZPF 
oscillations. 


This random background gives the usual quantum 
mechanical energy spectrum from particle field effects: 


p(a)dao ~ w*dw 


a very important dimensional relationship, since the 
third power in frequency avoids anomalous Doppler 
shifts from velocity boosts, or stated alternatively is the 
correct spectra for a Lorentzian (non accelerated) 
invariant radiation field [13]. 

More specifically, the energy spectrum [3] can be 
written as: 


p(@)do =[o? /n°c*|[h@/2\do = 


=ho? /2m°c*do ~ oda 


which is an expression in the first parenthesis of the 
density of the normal modes and in the second 
parenthesis of the average energy per mode. When this 
energy density is integrated over all frequencies, the 
@* divergence produces well known infinities in the 
integration limit of high frequencies, thus an assumed 
cutoff frequency (appropriate to experimental 
observation limits at the Planck frequency), is usually 
introduced: 


o, =(c/hG)” 


For mass, m , moving in an accelerated reference frame 
g = -a=Gm/r’, the resulting energy spectrum includes 
a gravitational spectral shift [3], 


Ap'(@)do = ho/2n*c?[Gm/r?} do ~1/r*do 


a kind of short range (1/r*) gravitational energy shift, 
but electromagnetic in origin when zero point 


fluctuations are included. (N.B. To account for equal 
gravitational mass effects in neutrons and protons, the 
ZPF oscillations must involve subatomic charges, or 
‘parton’ effects. The assumption derives from high 
frequency interactions of ZPF wherein these subatomic 
particles are asymptotically free to oscillate as 
independent or free particles as quantum noise). 


A further far reaching consequence [3] is mass itself 
becomes interpretable as a dependent quantity derived 
from a damped (with decay constant I) oscillation 
driven by random ZPF: 


m=Tc?/G=2hV/27c? Jadw 


with the only two free parameters, the damping factor 
T, and again the frequency, @. The internal kinetic 
energy of the system contributes to the effective mass. 


This leads to an overall average spectral density, written 
in terms of mass as: 


Ap’(o)=m’?o/2ha*r* 


for the electromagnetic field distribution near (1/r*) to 
the mass, m, which in detail is half electric and half 
magnetic. 


One additionally attractive feature is the 
correspondence between this derivation and the view 
of gravity as a dynamical scaleinvariance breaking 
model (e.g. symmetry breaking near the Planck mass 
energy [14]). A final result includes the force calculation 
between two ZPF radiation oscillators of the correct 
form yielding Newton's average force law 


<F >=-Gm’*/r’ 


Thus, for a Newtonian force to first order in a flat space 
time, Sakharov [2] could be credited for proposing 
gravity as not a fundamentally separate force and 
Puthoff [3] and co workers [4-5] applied the vacuum 
electromagnetic field to equate gravity to a long-range 
radiation force (e.g. van der Waals like force). Higher 
order oscillatory gravity modes vary as 


(sino, /@,]) . 


To first order, a weak G coupling constant, 


G= (te° / ho?), appears for high frequency cutoff at 
the Planck scale. A corollary in analogy to 
electromagnetic shielding by ordinary matter can be 
rationalized as the problem of frequency mismatch at 
high Planck frequencies, e.g. ZPF cannot be 
fundamentally shielded. In other words, frequency 
mismatch precludes gravity shielding by matter. 


The purpose here is to revisit the only free parameter, 
the frequency cutoff, more in the spirit of a mass 


resonant frequency. The motivation for this approach 
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can be summarized as: 1) the generality of other 
complementary radiation effects without relying on ZPF 
alone (e.g. other isotropic, homogeneous radiation 
sources); 2) the weak coupling constant, G, yields a 
vastly smaller than observed size of the universe (e.g. 
too small cosmological constant) when the Planck 
frequency is used as a cutoff value; and (3) the particle 
mass, m = I'c°/G, can be viewed as a renormalized or 
‘dressed’ mass with a resonant interaction potential that 


is frequency dependent in its coupling constant, G , and 


with ‘bare’ mass that is large, M™, ~ (m? / m), where 


12 
the experimentally unobservable, m, = (hc/G)"” is 


the Planck mass. 


In particular, why this large ‘bare’ mass does not 
generate a large gravitational field is not a unique 
anomaly in the Sakharov derivation, since similarly large 
vacuum point energies are common to field theories. 


The important point is that the derivation G(o) is 
general however to any isotropic radiation field with 


the Lorentz invariant energy spectra Lp(a) ~ o° i; thus 


the candidates for the cutoff frequency of the particular 
radiation source can be interpreted as a Planck scale 


only if the rest mass, ™,, is not composed of many 


Gi 
terms, rather than just the ZPF leading term. Since the 
ZPF is akin to a van der Waals force [3 5], polarizability 
(in charge and mass) must be considered, but without 
also excluding any number of linear combinations that 


might have alternative cutoff frequencies, @,, or 
damping terms, I, ‘ala particle physics interpretations 
for resonant masses during renormalization. In other 


words, once a gravitational energy spectrum, p(a)is 
postulated that is Lorentzian invariant, many 
fundamental sizes (or corresponding frequency values) 
are smeared (or dressed) by any number of characteristic 
frequencies between zero and the high frequency 
electromagnetic (Planck) cutoff @ p: Quite simply, is the 
expression, @. —@,, a requirement for all radiation 
sources? 


p? 


Many types of particle oscillations may satisfy the 
general requirements of a Sakharov condition, each 
having a characteristic mass (and energy) as in 
calculating the mass of any fundamental particle at its 
resonant frequency (including underlying partial 
charges or dense bosons). This brings the calculation 
to a consideration of the high density fluctuations 
characteristic of a Bose condensate [15 19]. While the 
high density variation may intrinsically be of interest, 
the exploration has more to do with reconciling the ZPF 
interpretation of the Sakharov condition with the 
observed cosmological constant [14]. 


A “top down” view of calculating the cutoff frequency 
imposes the self consistency test for the cosmological 
constant, , from the outset. To calculate, the total 
frequency integrated energy density of the universe 
must be included: 


Page 206 


p(E)=J p(E)dE = ha! /8nc? 


which must have a mass equivalent, contribute to the 
universe’s curvature, and thus have a fundamental 
relation to the critical density to contain the expansion 
of the universe [14 15]. The mass - equivalent ZPF to 
reach the universe’s critical density [15], 


p~ 10°? g cm* would necessarily limit the cutoff 


frequency for gravity to the value,@, <7: 10's", or 


between 10 -100 MHz. 


A higher frequency greatly overshoots the cosmological 
constant, A , and induces extreme curvature in the 
universe. This problem has been cited frequently and 
stated most bluntly, as either ZPF or the cosmological 
constant requires revision. The relevance here arises 
from similarly large positive coupling terms in quantum 
gravity [15], which also generate a local gravitational 
Instability for typical upper limits on the cosmological 
constant, A/8tG<10 cm“. 


Rather than to dwell on the inconsistencies that plague 
attempts to reconcile quantum gravity, we particularize 
the problem to a case where the restriction to Planck 
scale becomes less clew, namely the high density 
fluctuations and universal scaling introduced in a Bose 
condensate. A Bose condensate, such as superfluid 
helium or superconductors [15 19], becomes of potential 
interest, mainly because of its arbitrarily dense 
boundaries and the classic Casimir experiment [20 22] 
which allows such dense material boundaries (two 
closely spaced conducting plates), if available, to 
modulate the background quantum fluctuation of ZPF. 
In other words, the matter-ZPF interaction becomes 
measurable by the observed attraction between two 
material boundaries. What dense boundaries might 
generate in Bose condensates remains a subject of great 
interest. 


The significant case to investigate is whether Casimir- 
like interactions [20 22] will not only couple to ZPF 
radiation at a scale comparable to the quantum noise 
(or other radiation field), but also alter the value imposed 
by the Sakharov condition for G. It remains an open 
question whether this potential coupling interaction 
shares, as in ordinary critical phenomenon, the density 
correlation function, ®, that is both independent of the 
coupling strength (or universal in renormalization) and 
consistent with the observed average energy density 
of the visible universe. 


Thus the purpose here has bow to restate the Sakharov 
condition in the gravitational coupling constant, G, 
based on its only free parameter, a frequency cutoff, @.. 
Any potential relevance arises from similarly large 
values for the positive coupling term in quantum gravity, 
which generate conditions for a local gravitational 
instability for typical upper limits on the constant, 
A/8nG<10" cm“. 


To restate the Sakharov condition, matter in the vacuum 
provides boundaries for reduced ‘Casimir like’ modes 
available for otherwise isotropic radiation from quantum 
fluctuations (broad spectral noise). That this view 
reproduces Einstein gravity has been examined, 
including the full relativistic derivation [4-5]. The details 
of the appropriate mass, however, remain buried in the 
kinetic energy of general internal particle (‘parton’) 
motion [3]. Any appeal to a specific parton 
representation is limited only by essentially free 
particles with high frequency interactions, including 
underlying partial charges or dense bosons. The basis 
of considering arbitrarily high-density fluctuations in 
Bose condensate in analogy to the ZPF-Casimir 
experiment remains both an empirical and theoretical 
case to examine. There exist laboratory scale cases [15- 
19] where resonant radiation in the required 10-100 MHz 
range appear to produce anomalous effect for such Bose 
condensates as superconductors, but further work to 
confirm these results would be needed. In other 
contexts, these effects have been discussed as the 
Schiff-Barnhill effect for superconductors interacting 
with a gravitational field [23], but for the static rest moss 
rather than an effective mass in a conduction band. 


Experimental Propositions 


J. Weber [24,25] proposed the use of a superconducting 
Bose condensate for gravity wave detection, principally 
because of its potentially higher signal to noise ratio in 
carrying electrical signals upon length dilations in a 
relativistic framework for gravity waves travelling near 
the speed of light. W. Weber and Hickman [26] derived 
an experimentally testable relation based on torquing 
of a charged capacitor parallel to a gravity field, with 


7=2E, /n[a/(l-a)""] 


where the capacitor will rotate relative to the gravity 
vector, for @ = 2GM / rc? , is Schwarzschild radial 
coordinate [dR = dr(1-a)"”], E, is dependent on the 
capacitor charge and geometry of the plates, 

= [O?d/2eWL(1-a@)], for a plate separation, and 
radial dimensions,W and L, charge QO, and € the 
permittivity of free space. For plate separations of 2mm 
on Earth, the maximum torque is approximately 


t=10°'? Nm, when charged to 2/3 dielectric 


breakdown. While not entirely promising for detection 
of such low torques, the large separation (2 mm) 
distance between capacitative plates naturally prompts 
generalization to the classic Casimir force [21] 
experiments only recently confirmed experimentally 
[20]. In particular, we rewrite the torque values to 
include the frequency terms derived with the Sakharov 
condition 


[G =(ac? /hw:)): 
a =2Mnc*/ho2r 


The appeal of this formulation is that a frequency 
dependent torque is derived, which further makes 


contact with proposals to modulate the Casimir 
capacitative plates for continuous extraction of energy 
[27]. This result requires further investigation 
experimentally, particularly to compare with previous 
reports for anomalies in AC- tuned electrical capacitors 
[28]. 


References 


ay 


Ze1'dovich Ya. B. JETP Letters, 6, 345, 1967. 


2. Sakharov A. Vacuum quantum fluctuations in Curved Space 
and the Theory of Gravitation, Sov. Phys. Reports, 12,1968,1040 
1041. 


3. Puthoff H. E. (1989) Gravity as a zero-point fluctuation force, 
Physical Review A, 39(5): 2333 2342, March 1, 1989. 


4. MHaisch B., Rueda A., Puthoff H.E., (1994) Inertia as a Zero Point 
Field Lorentz Force, Physical Review A, 49:678 694. 


5. Haisch B., Rueda A., Puthoff H.E.,”Inertia as a Zero Point Field 
Force” Physical Review A 49, N 2, 678 (1994). 


6. Ambjorn J. and Wolfram S. (1983) Properties of the Vacuum, 1. 
Mechanical and Thermodynamic, and Properties of the Vacuum, 
2. Electrodynamics, Annals of Physics 


7.  Ambjorn J. and Wolfram S. (1983) Properties of the Vacuum. 1. 
Mechanical and Thermodynamic, Annals of Physics, 147:1 32. 


8. Fulcher et al., “The Decay of the Vacuum,” Sci. Am., vol. 241, p. 
150, Dec. 1979 


9. Puthoff, H.E. “Source of Vacuum Electromagnetic Zero Point 
Energy” Physical Review A 4 0, 4857 Nov 1 (1989); Errata and 
Comments, Physical Review A 4 1, March 1(1990); Physical 
Review A4 4, 3382, 3385 (1991) 


10. Senitzky I.P, “Radiation Reaction and Vacuum Field Effects in 
Heisenberg Picture Quantum Electrodynamics”, Phys. Rev. 
Lett. 31(15), 955 (1973). As pointed out by Puthoff [3] the 
relativistic results for the Sakharov condition have so far been 
encouraging, while the consequences for nuclear interactions 
in all coordinate frames have not been fully explored. 


11. da Costa L. N., Freudling W., Wegner G., Giovanelli R., Haynes 
M. P, and Salzer J. J. (1996) The Mass Distribution in the Nearby 
Universe, Astrophysical Journal Letters, 468: LS L8 and 
Plate L 1 


12. Modanese G. (1996) Theoretical analysis of a reported weak 
gravitational shielding effect, Europhy. Lett., 35(6):413 418. 


13. Shupe M.A. The Lorentz invariant vacuum media, Am. J. Phys. 
53, 122 (1985). A cautionary note is that lower frequency cutoffs 
can violate Lorentzian invariance, thus allowing a moving 
detector to reveal absolute motion by recording Doppler sifted 
frequencies. Standard methods might treat such effects like 
the cancellation of terms that remove anomalous ZPF infinities 
from field theories, but these topics remain to be explored. 


14. Zee, A. Phys. Rev, Lett, 42,417 (1979); Phys. Rev. D. 23, 858, 
(1981). 


15. Torr D.G. and Li. N. (1993) Gravitoelctric Electric Coupling 
vVia Superconductivity, Foundations of Physics Letters, 6(4): 
371 383. 


16. Unnikrishan C. 8S. (1996) Does a superconductor shield gravity? 
Physics C, 266:133 137. 


17. Podkletnov E. and Nieminen R (1992) A Possibility of 
Gravitational Force Shielding by Bulk YBa, Cu, O,, 
Superconductor, Physics pp.203: 441 444. 


18. LiN, and Torr D. G. (1992) Gravitational effects on the magnetic 
attenuation of superconductors, Physical Review B, 46(9): 5489 
5494. A simple consequence of the Sakharov condition 

5 2 
G =(ac /ho: \~ \/Jado, can be written for the 
gravitomagnetic permeability 
23 
u, =4nG/c? =4n7c° (hJ.“@d@)~ 1/Jod@ which 
suggest that the same frequency resonance implied by the ZPF 
derivation will share similar consequences for vector gravity 


Page 207 


effects. See also, DeWitt, B. S. Superconductors and 
Gravitational Drag, Phys. Rev. Lett. 16, 102(1966). 


19. LiN., Noever D., Robertson T., Koczor R., and Brantley, W. (1997) 
Static Test for a Gravitational Force Coupled to Type II YBCO 
Superconductors, Physics p., 55, 287. 


20. Lamoreaux S. K. (1997) Demonstration of the Casimir Force in 
the 0.6 to 6 mm Range, Phys. Rev. Letters, 78:5 8. 


21. Milonni PW. et al., “Radiation pressure from the vacuum: Physical 
interpretation of the Casimir force”, Phys. Rev. A, Vol. 38, No. 
3, 1621 August 1988. 


22. Milonni P W. (1994) The Quantum Vacuum, Academic Press, 
San Diego, CA. 


23. Schiff L.I. and Barnhill M.V. Bull. Am. Phys. Soc. 11, 96, (1966) 
and refn. 18. 


24. Weber J. (1960), Detection and Generation of Gravitational 
Waves, Physical Review, 117(1)306 313. 


25. Weber J. (1966) Gravitational Shielding and Absorption, The 
Physical Review (The American Physical Society), 146(4): 935 
937. 


26. Weber W. and Hickman H. (1997) A possible interaction between 
gravity and the electric field, Spec. Science Tech. 20, 133 136 


27. Forward R.L. “Extracting electrical energy from the vacuum by 
cohesion of charged foliated conductors” Phys. Rev. B, Vol. 30, 
No. 4,1700 August 1994 


28. Woodward, J. F. (1992) A Stationary Apparent Weight Shift 
From a Transient Machian Mass Fluctuation, Foundations of 
Physics Letters, 5:425 442. 








The Problem of Electron and 


Physical Properties of Time: 


To the Electron Technologies of the 21“ 
Century 


V.P. Oleinik 


“Department of General and Theoretical Physics, 
National Technical University of Ukraine 
“Kiev Polytechnic Institute”, 

Prospect Pobedy 37, Kiev, 03056, Ukraine “‘Institute of 
Semiconductor Physics, National Academy of Sciences, 
Prospect Nauky 45, Kiev, 03028, Ukraine; 
e-mail: yuri@arepjev.relc.com 


“_, At is necessary to periodically subject to the 
deepest revision the principles, which were 
recognized as final and were no longer discussed”. 
Louis de Broglie 


Abstract 


The results of an approach based on the synthesis of 
standard quantum electrodynamics and of the ideas of 
self-organization in physical systems are briefly 
outlined. The quantum model of electron as an open 
self-organizing system is constructed, with the physical 
mechanism of self-organization consisting in the back 
influence of the own field created by electron on the 
same electron. The own field is considered as a physical 
property of electron, intrinsically inherent in electrically 
charged matter, which is included in the definition of 
the particle from the very beginning. The own field of 
electron endows the particle with wave properties and 
represents a bearer of superluminal signals, which can 
be used for the creation of qualitatively new 
communication systems. Because of the inseparable link 
between space and time, the force in relativistic 
mechanics is the cause of change not only of the velocity 
of particle, but also of the course of time along the 
particle’s trajectory. For this reason the flow of time in 
some area of space depends on the character of physical 
processes, occurring in it, and, therefore, time can be 
controlled by slowing down or accelerating its course 
with the help of material processes. The conclusions of 
the paper are not in conflict with the special theory of 
relativity (STR); they are a direct consequence of 
relativistic equations of motion and represent an 
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essential development of the generally accepted notions 
about space and time. At present all the necessary 
prerequisites are available, both theoretical and 
technical, for the practical mastering of the own fields 
of particles and of the physical properties of time. 


1. Introduction. The Problem of Electron and Future 
Outlook 


Electrodynamics, what is this? What is its value for 
man? Electrodynamics is the theory of electromagnetic 
interaction, one of four interactions existing in nature. 
Its role in the life of society is seen from the fact that 
the most part of natural phenomena, which we 
encounter at every step, is of electromagnetic origin: it 
is due to the interaction of electromagnetic field with 
electrically charged particles entering into atoms and 
molecules. It is fair to say that electromagnetism plays 
a crucial role in the life of mankind as it determines the 
ways of technical advance of society [1]. 


The key problem of quantum electrodynamics is the 
problem of electron, which can be formulated as follows: 
to construct from the first principles a non-contradictory 
model of electron, which takes into account 
experimental facts, i.e. to find the dynamical equation 
capable of describing the unique physical properties of 
electron, its internal structure, its behaviour when it 
interacts with electromagnetic field. 


Electron was discovered a little more than 100 years 
ago, in 1897. With discovering the electron the revolution 
in physics began, which has resulted in unprecedented 
technical advance of society. The summit of 
development was reached in the middle of the 1950s 
and then the long period of evolutional development 
followed, when new physical principles were used to 
describe various physical processes and phenomena. 
The violent development of physics became slower in 
the 1970s and was replaced by stagnation in the 
subsequent years. The stagnation in electrodynamics 
continuing already over a period of several decades is 
gradually giving place now to a new ascent. The new 
scientific revolution is starting, which is associated with 
electron again, much as it happened hundred years ago. 
The reason is that electron is the most unique particle 
storing in itself the deepest mysteries of nature and the 
degree, to which they are disclosed, determines the 


wants to stay anonymous, until his patent application 
is done and university verification tests will be done). 
The claims are: 1200 Watts coil out with about 1076.4 
Watts in into the driving motor at 3450 RPM. 8 amps 
117volts at no load 9.2 amps 117 volts at full load. The 
output of about 1200 Watts is already a total overunity 
operation! As they just increase the input power by 
about 140 Watts only between idle and load state and 
they get 1200-Watts output it seems indeed a case, 
where Lenz law is violated! This generator also has NO 
motor effect! If you supply current to the coil, the 
permanent magnet in the center will not rotate; cause 
the flux just stays inside the toroid core! There you can 
see, that the back drag does not influence the 
mechanical rotation of the magnet!" Stefan used very 
good criterion to prove high efficiency of the design: 
There is no back-torque effect! It is most important 
aspect of Gramm’s generator. You can contact directly 
Stefan Hartmann: Keplerstr. 11 B, 10589 Berlin, Germany. 
Tel: +49 30 345 00 497, FAX: +49 30 345 00 498 email: 
harti@harti.com info@ccard.net (Please, note: Dr. 
Harman referred to my old web site www.time- 
machine.spb.ru which is closed now). 


So, basic principles of MEG and ®-machines are the 
same. It was patented more than 100 years ago. Primary 
magnetic flux is topologically separated in two (or more) 
fluxes, which are mutually compensated in the ring core. 
Advantages of MEG are absence of moving parts since 
special input coils produce changes of primary flux. Also 
level of saturation in ferromagnetic material obviously 
should be corresponding to intensity of primary 
magnetic field, which is created by the permanent 
magnet, Fig.4.1. 


Besides MEG the same principle can be (and already 
was!) realized in many other systems. So, there is no 
any news in the USA patent #6,362,718 granted for "The 
Motionless Magnetic Generator". What did they claim? 
You can find it in the patent: "The first input coil and the 
first output coil extend around portions of the first 








Fig.4.1 


magnetic path, while the second input coil and the 
second output coil extend around portions of the 
second magnetic path." Yes, it is the same bi-directional 
principle we discussed above: two parts of the magnetic 
flux and each coil produce effect to reduce flux due to 
this superposition. 
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Fig.4.2 
Diagram of prototype by Bearden. 


In conclusion I'd like to confirm our sincere interest 
to develop joint work with all new energy research 
teams if they are not trying to obscure the issue of 
the technology by means of complex theoretical 
constructions and common words about zero point 
energy. 








Matter as a Resonance 
Longitudinal Wave Process 


Alexander V. Frolov 
Abstracts 


There is experimental data on gravitation anomalies for 
cases of resonance irradiation of the Bose condensates 
(superfluid helium or superconductor) at 10-100 MHz 
frequencies. It is developed by the author in frames of 
his aether theory that can be used for practical 
applications in aerospace and new energetics. 


ZPF or aether fluctuations 


The fundamental electromagnetic radiation field (Zero 
Point Field) ZPF or the quantum vacuum noise is a 
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recently accepted physical notion. In the article [1] 
David Noever and Christopher Bremner used it to derive 
a frequency -— dependent version of Newton's 
gravitational coupling term G. On the other hand we 
can consider the quantum vacuum noise as aether 
fluctuations. Dr. Alexander Mishin [2] described 
experiments on registration of these processes by 
means of special equipment. Both approaches (ZPF and 
aether fluctuation) allow to conclude that mass and 
inertia arise from these oscillations. However if we are 
considering the oscillation as some aether process then 
we can assume and describe some physical mechanism 
of this process. 


One of consequence of the vacuum energy model, which 
is described in [1] is that “the attractive force of gravity 
becomes reducible to the radiative interaction between 
oscillating charges...” Let's clarify which kind of 
radiation can be created by oscillating electric charges. 


There are many different sources to find the answer on 
this question and one of them is the article by Prof. Kirill 
PButusov [3] on symmetrization of Maxwell's equations 
and practical methods of generation of longitudinal 
waves in vacuum. So, ZPF model has a direct relation 
with the aether model since indirectly it leads to the 
question of longitudinal waves in vacuum. Physically 
they are waves of density of energy and in the aether 
model the waves are areas of more dense and more 
rarefied aether. Let’s note that there are standing waves 
besides moving waves. 


To consider the interaction of some mass particles and 
the fundamental field the notion of subatomic charges 
“partons” was introduced [1]. So, the mass itself 
“becomes interpretable as a dependent quantity derived 
from a damped oscillation driven by random ZPF” [1]. 
The authors wrote about “internal kinetic energy” of 
the mass particle and it can be considered as a function 
of ZPF oscillation frequency. In the aether theory of mass 
there is a similar notion of “aether vortex”, which 
represents some cyclical process of some frequency and 
it is possible to calculate its kinetic energy. This aether 
vortex model of matter elements allows to assume real 
methods to change parameters of vortex and to get 
changes in parameters of existence of the matter. On 
the other hand we can discuss the possibility to change 
some physical parameters of aether in areas of the vortex 
to get the same result. This possibility follows from the 
well-known N.Kozyrev’s experiments, which were 
named “investigation of active properties of time”. 
N.Kozyrev used chronal (temporal) approach in his 
theory. We have to change his notion “the density of 
time” to “the density of aether” to get a direct link 
between his experiments and the aether theory of mass. 


N.Kozyrev and others have [4,5,6] experimentally 
demonstrated that irreversible processes in matter 
produced changes of aether density in the area of the 
experiment. Detectors of different type can register this 
change. It is obviously that any matter element (i.e. the 
aether vortex) in this area of changed aether density 
should get more inner (kinetic) energy or slow the inner 
motion. From the chronal point of view these are changes 
of inner time of this matter element. 


Gravity shield 


One more interesting point that is discussed in the 
article by Noever and Bremner [1] is a problem of gravity 
shield. The authors show that resonance interaction 
with ZPF produces “the particle mass” and it can be 
viewed as “a renormalized or “dressed” mass with a 
resonant interaction potential. Similar resonance 
approach is used in the conception of de Broglie’s matter 
waves. Also the authors [1] mentioned the existence of 
an experimentally unobservable mass. In this case ZPF 
cannot be fundamentally shielded by matter since 
“frequency mismatch precludes gravity shielding by 
matter” [1]. The only way to get screening of ZPF 
fluctuations seems to be very complex: it is necessary 
to provide frequency matching for whole wavelength 
band of the oscillations. 


Ithink some specialization is necessary here to explain 
experimental gravity anomalies with Bose condensates 
experiments (superfluid helium or superconductors): 
special process in matter can be used as the gravity 
screen and this approach does not involve the 
frequency-matching problem. 


We have concluded above that any matter element is a 
resonance process and its energy is derived from ZPF. 
It is useful to note that these are longitudinal wave 
oscillations of energy density in aether. In this case, 
the gravity shield problem can be solved in frames of 
the aether vortex conception of matter. 


The longitudinal wave is a moving (or standing) areas 
of rarified and thickened aether. Let’s consider the 
moving wave, which is responsible for gravitation 
attraction effect. How can we stop, re-direct or reflect 
longitudinal wave in aether by means of aether vortexes 
(matter elements)? We can produce interaction with 
this wave only by means of other longitudinal waves. 


In macro-level this idea can be realized as longitudinal 
wave generator. Electromagnetic processes, which can 
be used as sources of directed longitudinal waves, are 
known and some of them are described in [3]. In other 
way the gravity shield can be produced as longitudinal 
waves generated by natural aether vortexes (i.e. by 
matter elements) if the matter exist in a special exited 
state, for example for cases of resonance irradiation of 
superfluid helium or superconductor at 10-100 MHz 
frequencies. 


Matter element as resonance process 


In [1] the authors wrote that it is possible to calculate 
“the mass of any fundamental particle at its resonant 
frequency.” There is the question: what is the general 
basis of whole spectrum of stable elements masses? 


In 1996 the author published the article “The concept 
of mass process” [7]. At first in this work physical sense 
and notion of 3-dimensional curvature was introduced. 
By analogy with known mathematical notion of linear 


1 


curvature P, =—(where r is radius) and uniform 
r 


2 


surface curvature P. = — it was proposed to calculate 
r 


curvature of a 3-dimensional space as 


P3 = 7 (1) 


The radius r in this case means that in a 3-space there 
is some periodical process. In other words, 3- 
dimensional matter is a resonance process. 


Further, de Broglie used formulations E=hf and E=pc 
(where p is momentum, h is Planck constant, f is 
frequency and c is velocity of light) to derive the 
following: 

hf=pc (2) 
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that allows us to get the well-known formulation 


h 
A=— 3 
; (3) 


There is another logical branch of this idea that leads 
to the understanding of the mass properties of matter 
as a resonance process. Instead of E=pc in [7] it was 
proposed to use E=mc”’. In strength of the wave-particle 
duality we can write the equation 


me? = hf (4) 


and from this equation the mass can be presented as 
resonance electromagnetic oscillations 


h 
erg fi (5) 
Cc 


Let’s note that f=1/T, where T is some period of 
oscillation. So, we can write the following 


m= 


ok 
ae (6) 


h 


where — 7 is new constant between mass and period 
Cc 


of time. 


There is an important conclusion: any mass is a process 
and there is some period of time, which corresponds to 
this mass. In other words, there is no physical sense of 
time separate from some process of existence of mass. 
Product mass and period is a constant value, which was 
named as a chronal constant 


The chronal constant is a parameter of some real 


space and it is equal to 0.73725-10°°[ Js’ /m’] 


Also in this work [7] there was a demonstration of 
several examples of newly discovered physical law: 
spatial curvature of some natural objects (proton, planet, 
DNA molecule) is a whole number. There is some 
analogy with the nuclear physics notion of wave 
number. From this fact we can assume that main natural 
matter elements exist in main resonance states. For 
example, if Bohr radius is 0.52917 Angstrom, then we 
can find the wave-length ] =zd and the linear curvature 
is p = 1/1=3.0075-10° (m) and 3-dimensional curvature 
of this object is p = 3/1 = 1.0025-10° (m) that is unit of 
mater, corresponding to simplest atom, i.e. unit matter 
engine. Let’s note that it is near the unit and some 
distortion of 0.0025 means non-ideal resonance state of 
the system. 
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Calculations for planet Earth in [7] were based on the 
known period of orbital rotation T=31557600 sec that 
corresponds to frequency of electromagnetic oscillations 


f =1/T =3.168861-10°(1/s) (8) 


and wave-length 


A=cl f =9.46...-10'°(m) (9) 


The curvature (if this wave-length is considered as 
radius of the resonator) is following wave number 


p =1057.00-10°°(1/m) (10) 


Also we can use other known data about the planet. 
Daily rotation period of our planet is known T=86400 
sec and we can calculate its wavelength 


A = 3469,82(m) and corresponding curvature (wave- 


number). Sure, it is also a whole number with a good 
accuracy: 


p = 2882-107 (1/m) (11) 


The laws of physics in macro cosmos and micro cosmos 
are similar. From these calculations it was assumed that 
whole formation of mass spectrum of stable chemical 
elements of matter is determined by similar physical 
mechanism. 


Creation of mass 


In short we can summarize that technology of 
longitudinal waves in aether is a real basis for creation 
of matter with mass and inertia properties. N. Tesla 
used this method to produce different objects: from ball 
lightning up to electrons. Velimir Abramovic says in his 
article [8]: “The principle of resonance and harmonic 
oscillation of aether seems to be so clear that all 
problems of modern physics, especially a problem of 
energy conversion, will be solved with its development. 
By means of his vacuum tube Tesla got protons, 
electrons and neutrons directly from aether and 
reproduced them at any distance. Instead of giving a 
possibility to the bundle of protons to move through 
space to some place, he created conditions for 
momentary appearance of arbitrary quantity of particles 
in the given place.” 


Any objects can be classified as aether vortex and 
parameters of this vortex determine its mass, electric 


charge and other properties of matter. 


The “parton” as element of matter in [1] is a useful tool 
for description of physical properties of aether. 


Longitudinal waves in Woodward’s experiment 


In [1] the authors state that resonant radiation in the 
required 10-100 MHz range appears to produce 


anomalous effects for such Bose condensates as 
superconductors. In my opinion it is a particular case 
of discussed above technology of longitudinal waves 
in aether due to possibility of transformation of 
transverse electromagnetic waves in longitudinal 
waves in the superconductors. This transformation in 
plasma is a well known physical mechanism. 


More facts to prove this idea: by Woodward [9] there is 
a special requirement, i.e. the frequency of mechanical 
vibrations should be twice the frequency of electrical 
oscillations in the capacitor, which demonstrates the 
weight anomalies. But from the other hand it is a 
common rule for creation of longitudinal weaves in 
plasma! Also it is a necessary condition for generation 
of parametrical oscillations! So, we can assume that 
basis of the effects in [1] and [9] is a generation of 
longitudinal wave in aether. 


Conclusion 


Any element of matter can be considered as resonance 
process of aether oscillations, which are longitudinal 
waves. There is an analogy with description of these 
longitudinal waves and well-known matter waves by 
de Broighl. Experimenting on the longitudinal waves 
generation and especially experiments on standing 
waves to get gradient of aether pressure allows to 
develop gravity control technology. 
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Gerlovin’s Theory of Activation 


Alexander V. Frolov 


It is a review of the famous book by Ilia L. Gerlovin “Basis 
of unified theory of all interactions in matter”published 
in 1990, St.Petersburg, Russia. We hope this article let 
you discover some new aspects of physical vacuum 
structure to develop more new experimental methods. 
Comments made by Alexander V. Frolov, Editor. 


In [1] the author wrote about different methods to 
activate water solutions: mechanical, thermal, acoustic, 
magnetic and electrical. One of the known methods is 
an activation by means of electrohydraulic method. 
There is also some information about activation of other 
mediums, mainly liquids, but also some gases and solid 
bodies. 


There are no theoretical explanations of these facts to 
explain all aspects of these phenomena. Furthermore, 
complexity of interpretation of these phenomena in 
frames of common physical notions induced some 
scientists to announce these phenomena as non- 
existing and “illegal”. 


Ilia L. Gerlovin formulated the physical principles of 
theory of activation of mediums on the basis of new 
physical theory, the Theory of Fundamental Field (TFF). 


These principles are based on his two important 
conclusions from the TFF: 


a) “Space around us is not empty, physical vacuum 
consists of material physical objects, i.e. elementary 
particles of vacuum (EPV). These particles are 
responsible for main activation processes; 

b) Force interactions between atoms in molecule, 
between molecules in crystals has not spherical 
symmetry in the crystals of solid bodies, but an axial 
symmetry and the interactions are changing in time 
with very high frequency of about 10° Hz. This 
feature of force interactions also makes its own 
contribution to the activation of mediums.” [1, p. 
314] 


So, it was assumed that the phenomenon of activation 
of mediums can be defined as anisotropy of force 
interactions, which leads to “meta-stable state, which 
can be called structurally activated state of the given 
structure”. 


Here is some difference in principle between chemical 
term “activation”, which characterizes a transformation 
of molecule or atom in some active state with an 
increased energy, which is sufficient to provide a 
chemical reaction. It is energy activation. Gerlovin 
described new notion, a structural activation: “This 
phenomenon can be classified as some change of 
structure of activation object. With this, energy of 
molecule can have no changes, and active properties 
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Coupled with aetherodynamics time conception, which 
was suggested by Alexander V. Frolov, the works on 
the control of space-time parameters gain the possibility 
for development and commercial application. As a 
theoretical basis there are those N. Kozyrev works where 
his conception of “time density” are replaced by that 
of “aether density” according to Frolov. 


In September 2002, Faraday Labs Ltd Company plans 
to complete testing of the first experimental system, 
and to start the patenting and research of applied 
aspects, first of all in medicine. 








Physical Principles of the Time 
Machine 


Alexander V. Frolov 


Experimental success of research team headed by Dr. 
Vadim A. Chernobrov, Moscow was reported in [1]. The 
time course can be controlled as rate of any process in 
local space-time (inner space of the Time Machine). It 
can be decelerated or accelerated by means of special 
"converging electromagnetic waves". Ordinary waves 
move from the source whereas special "converging 
waves' move to some central point, i.e. into the focus of 
the system. In Chernobrov’s design of the Time Machine 
this process is organized by means of several spherical 
envelops, which consist of several electromagnets. 
Electronic control unit controls the processes in this 
design. Dr. Chernobrov reported about 3% change of the 
time course in 4th version of the system, which was 
tested with a human inside. The goal of Dr. Chernobrov’s 
work is to research the medical aspects and 
experimental investigation of the principles. Several 
important conclusions were obtained from the project: 
the time course can be controlled and character of the 
changes is different for acceleration and deceleration 
mode. 


Other known publication and research projects on the 
same topic seem to be very far from any commercial 
and practically useful application. Obviously the topic 
is very new and fantastic for most of scientific 
community and at first we have to clarify the physical 
principles of the time control project, which is started 
by Faraday Labs Ltd. 


In this project we believe that notion of time is one of 
possible description of real physical properties of our 
Universe. So, it is not mathematical abstraction but some 
aspect of physical reality and we can discover some 
physical properties of time. Russian astrophysicist N. 
A. Kozyrev [2] developed a theory of active properties of 
time and according to his point of view there are two 
properties: time course and time density. Prof. Kozyrev 
demonstrated experimentally that time density in area 
of some process (changes of matter) is dependent on 
entropy parameters of the processes. In [3] it was 
demonstrated that Kozyrev’s experiments could be 
interpreted in aether theory and it has led to simple 
physical conclusions and clear experimental 
perspectives: time course and its density can be 
explained and controlled as parameters of aether. 
Directions of aether flow and density of aether are 


subjects of experimenting with non-reversible changes 
in matter, for example, in crystallization or melting 
processes. Also it is possible to use special 
electromagnetic processes, for example, Chernobrov’s 
"converging waves" or other longitudinal waves as 
methods of aether compression or rarefaction. If we 
assume that process of existence of elements of matter 
physically can be explained as aether vortex processes 
then its rate is a parameter of aether income/outcome 
balance (aether inflow in element of matter and aether 
outflow from the element of matter). It was also 
described in Time Rate Control (TRC) theory [3]. To 
control this balance it is necessary to develop technology 
of longitudinal waves generation, its focusing and 
resonance effects. The previous research and 
experimenting on the topic has been made by N. Tesla. 


Let’s assume that we have some technology to change 
parameters of time course. How should we organize this 
local space-time (what is spatial topology of the design)? 
There is avery interesting experiment to get the answer: 
rotation of a heavy cone (for example, lead cone) entrains 
surrounding aether, so a vortex appears, which is a 
toroidal formation of aether (rings). The rings can exist 
in space for a long period. The further question is: Why 
does the beam of light (laser beam) directed to the cone 
by tangent create a luminous ring? We can assume that 
due to natural properties of photons (light propagates 
along the geodesic line in space) some autonomous 
closed toroidal space should be created in such 
experiment. The next thought is: since space and any 
matter exist in time then we can speak about some 
autonomous time. The general conclusion is to be the 
following: autonomous 4-dimensional space-time can be 
created as toroidal aether vortex. 


Here is point to note some aspects of research project 
by Prof. Robert Mallett, Connecticut University, USA. In 
fact, sometime next year, he hopes to produce the first 
piece of technology that eventually will allow him to 
build a time machine. By Mallett it will be a device that 
employs lasers "to twist space". Why is he going to close 
the beam of light? His theoretical background is 
knowledge about black holes, i.e. understanding of the 
connection between gravity and curvature of space-time. 
In Einstein's theory both matter and energy can bend 
space and time. So Prof. Mallett assumes that curvature 
of space-time can be changed not only by mass (like a 
black hole) but it can be affected by energy of photons. 
This has led Prof. Mallett to consider the possibility of 
using a circulating beam of light to twist space and to 
create closed loops in time. It is predicted that a spinning 
neutral particle, when placed in the ring, is dragged 
around by the resulting gravitational field [4]. From the 
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first view it is the same approach we have considered 
above (experiment with aether toroidal rings). But 
proposals by Prof. Mallett differ in principle from the 
aether conception. 


The main aspect of this technology is a creation of 
autonomous (self-closed) toroidal space-time. 
Autonomous geodesic world line of this space-time is 
self-closed. Any photon should be circulating in this 
system due to its properties: photon is always moving 
along the straight line of the space. 


More deep understanding of this technology follows from 
the explanation of photon as oscillation of aether. Any 
photon can be considered as result of relative motion of 
the matter (observer) in absolute space (immovable 
aether). Usually a photon is considered as moving object 
in space. But we can assume that observer is in the 
motion and the photon is oscillations of the absolute 
space (immovable aether). Which approach is more real 
one? Sure, it is more easy to consider a photon as moving 
object but let’s remember fact of our real motion in the 
Universe and fact of the Universe expansion. 


So, ideas by Prof. Mallett are very far from the aether 
nature of the time phenomenon. He follows the black 
holes theory and general understanding of space-time 
distortion due to mass or energy presence. Also he 
knows that a light beam should be closed in a ring. 
However Prof. Mallett is very far from physical basis of 
the effects. The key of time rate control is technology 
of artificial aether flow, creation of aether vortex 
systems (AVS), management on density and direction 
of aether flow. There are several technical methods to 
produce it. Any light beam should be curved in self- 
closed "light ring" if it is placed in a toroidal aether vortex 
and we can say that this system has own space-time. 


What does "some changes of time course” mean? We 
can measure it as some changes of standard rate of 
oscillation process, for example, some stable wavelength 
of laser beam or quartz oscillations. There is a well- 
known experiment with two atomic clocks (one of the 
clocks is placed on the roof of some building and another 
one is placed on surface of planet). Due to vertical 
component of gravity the time course should be different 
and it can be measured. How can we organize difference 
in these measurements if both atomic clocks are placed 
in the same altitude? 


It is necessary to consider gravity nature in frames of 
the aether conception. Two atomic clocks demonstrate 
difference in measurements due to difference in aether 
flow density. Hence, by means of aetherodynamics 
methods it is possible to control the rate of oscillation 
processes in the atomic clocks and in any matter (i.e. 
time course itself). 


The aetherodynamics methods have a clear analogy with 
electrodynamics: motion of charge produce field and 
there is the induction law. Really, classical 
electrodynamics can be considered as particular case 
of the aetherodynamics. So, physical sense of any field 
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is stress or deformation (it is some static field) or 
oscillations of aether. 


Let’s introduce the notion of chronal (temporal) charge 
to consider some technical aspects. In electrodynamics 
we assume an electric charge as element of matter with 
positive or negative electric properties and we have to 
compare it with some reference (zero charge or test 
charge). Let’s note that in any case we have to consider 
"charge of some particle" but not an "abstract charge". 
So, we can postulate that any element of matter has zero 
chronal charge if it is moving from Past in Future with 
standard (usual for measurements of surface of our 
planet) time course. If the time course (i.e. existence of 
some element of matter) is decelerated then it can be 
measured as decrease of standard oscillation frequency 
of the matter. Time course acceleration means some 
increase of standard oscillation frequency of the matter. 
Let’s determine that in the first case it is negative chronal 
charge and in the second case it is some positive chronal 
charge. Atomic clock is one of possible methods to 
measure zero chronal charge or to find some relative 
positive or negative difference. 


It is predicted here that motion of chronal charge 
should produce a chronal field. Some provisional data 
was received by Frolov from simple experiments on the 
rotation of a heat source. Accelerated motion of chronal 
charge (changes of density of chronal current) should 
produce aethero-induction effect that is an analogy (or 
more general case) of Faraday’s induction effect. This 
effect can be detected as secondary (induced) 
deceleration of time course in nearest area of accelerated 
time matter. Another case is a secondary (induced) 
acceleration of time course in the nearest area of 
decelerated time matter. 


Technical realization of aethero-induction method seems 
to be very close to idea, which is described in classical 
epic "Back to the Future". At first, it is necessary to create 
or to collect some chronal charge in a "flux condenser" 
and then to accelerate it in space up to some velocity. 
According to the aether conception, this creation of the 
chronal charge is a real technical process. 


It is assumed that estimated chronal effects are 
demonstrated as some threshold field, i.e. space-time 
has some stable discrete energy levels and changes of 
its curvature should have discrete threshold mode. All 
new aspects disclosed in this paper are the subject of a 
patent process. Faraday Labs Ltd organizes 
experimental program on the topic. Practical application 
of this technology is new energy systems and propulsion 
methods. 
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investigated completely yet. It was found also that 
harmful effect on biological systems is not related to 
the process of movement in Time itself but is a result of 
the difference of the Time rate value in various parts of 
a body (a biological system). 


Inside of the laboratory setup it was also discovered 
that Time could be changed with some inertia. Areas 
of space having different Time rates have vague borders. 
With sufficient difference in Time rate the human can 
see an area with a different Time rate as some white 
mist. Higher the difference — the mist is denser, that 
can be used as an alarm signal for biological systems. 
It is possible to consider Time-travel as possible and 
(after experiments with mice) there are reasons to 
suppose it will be safe for travelers if they follow certain 
rules. It is especially necessary to emphasize: the trips 
through Time (due to new discovered properties of Time) 
can't affect the Past and they can’t change our past 
history. All the so-called paradoxes for the traveler in 
Time (for example when “he meets himself in the Past” 
or “he kills his grandfather in his childhood” have clear 
solutions in 3-dimensional Time. 


It is possible to consider as a proven fact that Time has 
more than one dimension, i.e. O. Bartini’s theoretical 
calculations are confirmed by these experiments: Time 
has 3 dimensions. Hence our Earth world can be 
considered as a 6-dimensional object: length, width, 
height, age or date of Time, variant of a History or 
erosion of Time, density or rate of Time. The concept of 
“the Arrow of Time” as fourth dimension (moment of 
Time) is a particular case of the concept of sixth 
dimension (rate of Time) that leads to the physical 
concepts of gravitation and energy and they are 
simultaneously connected. Concepts of the “ Einstein- 
Rosen bridges” known since 1916 or “worm-holes” 





introduced into science by John Willer in the 50's, are 
travels in 5" and 6" dimensions, i.e. the “classical” Time 
travels, which were described by H. Wells. 


Editor’s: As the reader could note, the author does not 
disclosure the secrets of the TM design. From the photo 
you can see the electromagnets, which form the regular 
stereometrical construction as well as the cables from 
the TM to the control unit. Dr. Chernobrov mentioned 
the converging electromagnetic waves only. So, to 
understand how it works, it is necessary to get a clear 
notion of the converging electromagnetic waves. Let’s 
imagine the ripple effect created by a stone in the water. 
The waves move from a central point to periphery. The 
converging waves are just an opposite process: the 
waves move from periphery to the central point. Is it 
possible in Nature? Yes, sure. Dr. Chernobrov wrote: 
“Let’s throw a hoop on the water and inside of the hoop 
we’ll see converging waves.” The Time Machine 
technology by Dr. Chernobrov is based on the similar 
principle. 








Time Machine Project 


Alexander V. Frolov 


Scientific Expert of the Russian Physical Society, 
General Director, Faraday Lab Ltd 
Tel/fax: 7-812-380-6564 Tel: 7-921-993-2501 
Email: director@faraday.ru alex@frolov.spb.ru 


May 29, 2002 


Faraday Labs Ltd and Dr. Vadim Chernobrov have 
signed the agreement on scientific-research work on 
investigation of active properties of time. 


In the course of the previous experimental works, 
carried out by Dr. Chernobrov’s research team during 
the period from 1984-2002, four versions of Time 
Machine had been made and tested. At these devices 
(the biggest system is about 1 meter in diameter) the 
effects of deceleration and acceleration of time course 
were created and measured. The principles of control 
of time course velocity were based on the 
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Alexander V. Frolov, General Director Faraday Labs Ltd and Ph. 
Dr. Vadim A. Chernobrov have just signed the Contract 


interconnection of electromagnetic processes and 
physical properties of space-time. Special 
electromagnets, operating in pulse mode, are placed at 
the spherical frame. They create the so-called 
“converging wave”, which by Alexander Frolov is a 
longitudinal wave in nature. 


Coupled with aetherodynamics time conception, which 
was suggested by Alexander V. Frolov, the works on 
the control of space-time parameters gain the possibility 
for development and commercial application. As a 
theoretical basis there are those N. Kozyrev works where 
his conception of “time density” are replaced by that 
of “aether density” according to Frolov. 


In September 2002, Faraday Labs Ltd Company plans 
to complete testing of the first experimental system, 
and to start the patenting and research of applied 
aspects, first of all in medicine. 








Physical Principles of the Time 
Machine 


Alexander V. Frolov 


Experimental success of research team headed by Dr. 
Vadim A. Chernobrov, Moscow was reported in [1]. The 
time course can be controlled as rate of any process in 
local space-time (inner space of the Time Machine). It 
can be decelerated or accelerated by means of special 
"converging electromagnetic waves". Ordinary waves 
move from the source whereas special "converging 
waves' move to some central point, i.e. into the focus of 
the system. In Chernobrov’s design of the Time Machine 
this process is organized by means of several spherical 
envelops, which consist of several electromagnets. 
Electronic control unit controls the processes in this 
design. Dr. Chernobrov reported about 3% change of the 
time course in 4th version of the system, which was 
tested with a human inside. The goal of Dr. Chernobrov’s 
work is to research the medical aspects and 
experimental investigation of the principles. Several 
important conclusions were obtained from the project: 
the time course can be controlled and character of the 
changes is different for acceleration and deceleration 
mode. 


Other known publication and research projects on the 
same topic seem to be very far from any commercial 
and practically useful application. Obviously the topic 
is very new and fantastic for most of scientific 
community and at first we have to clarify the physical 
principles of the time control project, which is started 
by Faraday Labs Ltd. 


In this project we believe that notion of time is one of 
possible description of real physical properties of our 
Universe. So, it is not mathematical abstraction but some 
aspect of physical reality and we can discover some 
physical properties of time. Russian astrophysicist N. 
A. Kozyrev [2] developed a theory of active properties of 
time and according to his point of view there are two 
properties: time course and time density. Prof. Kozyrev 
demonstrated experimentally that time density in area 
of some process (changes of matter) is dependent on 
entropy parameters of the processes. In [3] it was 
demonstrated that Kozyrev’s experiments could be 
interpreted in aether theory and it has led to simple 
physical conclusions and clear experimental 
perspectives: time course and its density can be 
explained and controlled as parameters of aether. 
Directions of aether flow and density of aether are 


subjects of experimenting with non-reversible changes 
in matter, for example, in crystallization or melting 
processes. Also it is possible to use special 
electromagnetic processes, for example, Chernobrov’s 
"converging waves" or other longitudinal waves as 
methods of aether compression or rarefaction. If we 
assume that process of existence of elements of matter 
physically can be explained as aether vortex processes 
then its rate is a parameter of aether income/outcome 
balance (aether inflow in element of matter and aether 
outflow from the element of matter). It was also 
described in Time Rate Control (TRC) theory [3]. To 
control this balance it is necessary to develop technology 
of longitudinal waves generation, its focusing and 
resonance effects. The previous research and 
experimenting on the topic has been made by N. Tesla. 


Let’s assume that we have some technology to change 
parameters of time course. How should we organize this 
local space-time (what is spatial topology of the design)? 
There is avery interesting experiment to get the answer: 
rotation of a heavy cone (for example, lead cone) entrains 
surrounding aether, so a vortex appears, which is a 
toroidal formation of aether (rings). The rings can exist 
in space for a long period. The further question is: Why 
does the beam of light (laser beam) directed to the cone 
by tangent create a luminous ring? We can assume that 
due to natural properties of photons (light propagates 
along the geodesic line in space) some autonomous 
closed toroidal space should be created in such 
experiment. The next thought is: since space and any 
matter exist in time then we can speak about some 
autonomous time. The general conclusion is to be the 
following: autonomous 4-dimensional space-time can be 
created as toroidal aether vortex. 


Here is point to note some aspects of research project 
by Prof. Robert Mallett, Connecticut University, USA. In 
fact, sometime next year, he hopes to produce the first 
piece of technology that eventually will allow him to 
build a time machine. By Mallett it will be a device that 
employs lasers "to twist space". Why is he going to close 
the beam of light? His theoretical background is 
knowledge about black holes, i.e. understanding of the 
connection between gravity and curvature of space-time. 
In Einstein's theory both matter and energy can bend 
space and time. So Prof. Mallett assumes that curvature 
of space-time can be changed not only by mass (like a 
black hole) but it can be affected by energy of photons. 
This has led Prof. Mallett to consider the possibility of 
using a circulating beam of light to twist space and to 
create closed loops in time. It is predicted that a spinning 
neutral particle, when placed in the ring, is dragged 
around by the resulting gravitational field [4]. From the 
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Kozyrev-Dirak Radiation 
Its influence on animals 


Dr. Ivan M. Shakhparonov 


International Academy of Energy-Informational 
Sciences 


In the experiment with animals, that were made in the 
Center of Oncology Researches (COR) at the Russian 
Academy of Medical Sciences (RAMS), on the applying 
of Kozyrev-Dirak’s Focused Radiation (KDFR), it has been 
found that KDFR decreases the quantity of glucose in 
the blood, reduces its tenacity, promotes the 
strengthening of immunity and the rise of the quantity 
of marrow cells. 


Introduction 


This time researchers in Russia and abroad experiment 
on ball lightnings by means of nonoriented circuits, 
which are similar to the electric analogues of Mobius 
band, also by means of Klein bottle and their 
combinations. Non-oriented fields are investigated very 
intensively now. Accordingly, organisms of the 
researchers, who observe the interactions of such fields 
with a matter, are also changed, thus they should take 
it into account on making such experiments. The aim of 
the article is to show in which way the fields of 
nonoriented circuits influence on animal and human 
organism. Besides the article has for its object the 
prevention of negative consequences, which can appear 
for experimenters through the research process. 


Experiments with animals that were carried out in 1992- 
1993 in Russian Academy of Medical Sciences (RAMS) 
had not been published in proper time because there 
were no quantitative methods of radiation detection. 
Later, in 1996 they were developed [1] and KDFR 
parameters were measured in that geometry, which 
were applied in RAMS. In 1998 powerful and super- 
powerful KDRF sources were obtained. These sources 
were applied (and are applied now) in the researches 
at the controlled radioactive decay [2]. Kozyrev and 
Nasonov [3] and later also Lavrentyev with the 
collaborators [4,5] have proved experimentally that the 
Sun and some stars generate the radiation, which has 
early unknown properties. We suggest that the 
radiation, discovered by Kozyrev [3], and the radiation, 
which is researched by us and by other experimenters 
with nonoriented circuits, are of the same phenomenon. 
At first, it should be noted that on interaction between 
Kozyrev-Dirak radiation (KDR) and a matter made it 
colder. As it was demonstrated above [1], cooling effect 
can be explained by matter re-magnetization under the 
influence of KDFR beam (adiabatic demagnetization). 
According to the still unpublished data, KDFR bunch 
destroys matter lattice by the way of it’s moving. 
However, after a couple of week matter reconstructs it 
to the almost tabulated points, without defects, 
blockness and other damages, which are peculiar to 


other natural crystal structures. In the definite sense 
nature demonstrates the way to rejuvenate 
compound structures. As it is well known, vital 
functions of biological systems on the Earth depend on 
the structure and composition of water. Therefore, we 
have a right to expect considerable changes in the vital 
functions of biological organisms under the influence 
of KDFR. 


Experimental Devices 


In experiments with animals there were applied the 
devices, which concentrated KDR (KDCR) and had 50 
Wtt aggregate electrical power. The description is 
presented in [2]. 


KDFR indication was obtained by calorimetric method 
[1], along the way of movement of the main bunch (with 
10 cm across diameter) and at angle of 45° from the 
geometrical axis of a device. 


Researches of Bleeding Duration 


Let us consider KDFR influence on the blood 
composition of animals. At the experiment 24-28 gram 
weighting, pelletized fed male mice were used. In the 
process of the experiment it was discovered that 3 and 
4 hour processing of mice with KDFR at the distance 
2.5 m and at the presence of animals in the sphere of 
maximum radiating power, caused some changes of 
fibrillation system. The bleeding duration was 
determined according to Duke method. Two groups of 
animals were used at the experiments: a group with 4- 
hour duration of KDRF processing and a group with 6- 
hour duration. Time of bleeding was considered in 
dynamics at 1, 2, 7, 14, 21, 28 and 35 day (Fig. 1). The 
bleeding duration of the intact animals was determined 
by the value 128+11 sec. After the applying of KDFR 
there was noticed some increase of bleeding duration 
to 261+15 sec and 223+21 sec on the first day after the 
stopping of the influence. In the subsequent periods 
bleeding duration gradually decreases up to the level 
of physiological norm. The whole normalization of the 
index is observed at the animals, which were processed 
by KDFR during 4 and 6 hours, on 28-35 day up to 
115+12 and 133+18 sec correspondingly. In the process 
of observations at the animals, the correlation between 
time of fibrillation and periods of KDRF processing of 
the animals has not been revealed (Fig. 1). 


Bleeding duration of animals after 4 and 6-hour KDFR processing, 


—* Control (sec) 
—a— KDRF 4 hour (sec) 
—a— KDRF 6 hour (sec) 
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In the course of the experiment the strongly marked 
chronometric hypocoagulation was discovered due to 
the extension of the parameter “K” or, probably, because 
of the change of aggregation properties of platelets 
(Table 1). 


For the determination of biochemical indexes serum was 
obtained from 5-8 ml of rats’ venous blood. Beforehand 


(24 hours before the slaughter), forage was taken away 
from the animals. The determination of biochemical 
indexes was provided by means of biochemical analyzer 
HITACHI. As a result of the experiment it was 
determined that at the first day after influence of KDRF 
there was a tendency of decrease of the glucose content 
(Table 2). Other indexes varied in the limit of 
physiological norm. 


Table 1 Parameters of thromboflexogramm after KDFR, 4 hours 



































Animal # Parameters of thromboflexogramm Fibrio gene Fibrinal activity 
R (sec) K (sec) Ma (mm) 
1 72 oo 10 > = 
2 102 oo 18 - - 
1 90 oo 10 275 75 
2 180 150 52 315 90 
1 180 co 5 - 100 














Table 2 KDFR influence on the glucose content in blood of the rats 























Time (days) KDFR 4 hours Test KDFR 6 hours Test 
after the experiment (mmole/1) (mmole/1) ( mmole/1) (mmole/1) 
1 3.14 6.12 6.39 7.27 
10 7.59 9.35 8.90 6.69 
30 6.05 6.69 














Research of haemopoiesis system 


Several criteria were considered: the dependence of 
biological effect on the distance, on the power flux 
density, on the duration of processing. Besides, KDRF 
influence on mice survival was considered. 


At the experiment 24-28 gram weighting, pelletized fed 
male mice were used. The marrow was examined in 
the dynamic at 1, 3 and 7 day after KDFR influence. Six 
animals were taken on each point. After the 
decapitation of the mouse their thighbones were taken 
out and after that the absolute number of 
myelokaryocytes was calculated by the standard 
method in Goryaev chamber. 


Dependence of the biological effect on the distance 


In all experiments the maximum flux density along the 
geometrical axis of KDCR device was a constant. There 
were used four temporal modes of the influence (1, 2, 3, 
4 hours) and three points of long distance between KDSR 
and the biological object (0.5; 1.5; and 2.5 m). At0.5m 
distance there were no differences in the number of 
marrow cells in comparison with the control cells. With 
the increase of distance between KDCR and the object 
from 0.5 to 1.5 m some tendency to the increase of the 
number of marrow cells up to the 7“ day was observed. 
Four-hour KDRF processing caused the increase of the 
number of karyocytes up to 29.99+1.25x10° (P<0,001). 
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Thus, any dependence of the biological effect on the 
exposition has not been revealed. For instance, at the 
7" day after one hour of the exposition the number of 
karyocytes was equal to 28.45+1.87x10° at the same 
time after 3-hour processing it came to 27.65+0.74x10°. 
Alongside with the change of the distance to the 
biological object from 1.5 to 2.5 m the tendency towards 
the increase of the number of marrow cells has kept 
within the same limits 28.27+1.32x10° and 


29.57+0.88x108. 


Dependence of the biological effect on the power 
flux density 


The comparative investigation of KDFR influence on the 
biological object in the coverage of KDCR (along its 
geometric axis) and outside the coverage has 
demonstrated that alongside with the increase of the 
radiation intensity there was a tendency towards the 
decrease of stimulative influence of KDFR on 
haemopoiesis. 


Dependence of the biological effect on the duration 
of processing 


On processing the animals at distances up to 2.5 m from 
KDCR and on increase of exposition to 3-4 hours it is 
possible to obtain reliably significant difference in the 
number of marrow cells from the physiological norm to 
the 7™ day. 


KDRF influence on the survival of mice 


The experiments, determining the survival reaction 
of animals, were made by means of gamma radiation. 
30-day survival is the criterion of determination. 
Conditions for the experiments are the following: in the 
coverage of KDCR and aside the coverage, (the distance 
between the KDCR and the object is 2.5 m in the 
coverage of KDCR and 0.5m outside the coverage). Time 
of influence is 4hours. Animals of both sex were used. 
Two groups of animals were used. The test group was 
put to the gamma radiation in the diapason of doses, 
which caused marrowy syndrome, i.e. from 7.5 to 8.5 
Gr. The second group of animals after the irradiation in 
the same diapason of doses was repeatedly processed 
with KDFR. Time of the influence is 4 hours at 7.5 Gr 
gamma radiation on 15 mice in one bath and 8.5 Gr on 
15 mice in another bath. Total gamma radiation of the 
animals was made by means of the source *’Cs with 
the dosage rate of 5.2 Gr/min. Gamma radiation in this 
dose diapason causes death of the animals during the 
development of the marrowy syndrome, i.e. from the 6" 
to the 20° day along with the aplasia of haematogenic 
tissue. Combination of gamma radiation and KDFR 
sometimes leads to the slight increase of the number of 
survived animals. If the animals are irradiated by 
gamma rays at first and then by KDFR, the death control 
at 7.5 Gr radiation is equal to 5.5% from the total number 
of the animals and at the following KDFR processing 
16% of the irradiated animals die. However, 67% of the 
animals in the tested group have died after KDFR 
processing and after the coming next gamma radiation 
with 8.5 Gr total dose. And in the group, which was 
processed with KDFR, only 46% of the animals died. 


Immunity strengthening 


For the investigation of KDFR influence the following 
tests were chosen: activity of natural killers and T-killers, 
which had been obtained by the immunization in vitro 
in the unidirectional mixed culture of lymphocytes and 
also in the reaction of blast transformation on the 
specific mitogen [6, 7]. All tests were made on the 7" 
day after a single KDFR influence. Unfortunately, data 
have been obtained with the applying of radioisotope 
preparations. Though the experiments of this kind were 
successful and though they have demonstrated the 
increase of some immune reactions’ level, there is a 
certain doubt in the relevancy of radioisotopes 
application [2]. Thus the series of experiments was 
made. These experiments were aimed at the 
investigation of KDFR influence on the development of 
the swelling process. The aim of the experiment is the 
investigation of KDFR influence on the development of 
Ehrlich cancer and sarcoma-37, which were repeatedly 
inoculated to mice. At the first stage of the experiment 
there was a single KDFR influence on the mice 
repeatedly inoculated with sarcoma-37, on the 2™4 day 
after the repeated inoculation of the swelling cells to 
the animals. The repeated inoculation was made 
intramuscularly in a right thigh, in a dose 10° of cells 
per amouse. Time of KDFR influence for the first group 
of animals was equal to 1 hour; for the second one it 


came to 2 hours; and for the third one it came to 4 hours. 
Each group consisted of 6 animals. The test group 
consisted of six mice with repeatedly inoculated 
sarcoma-37 and which had not been processed with 
KDFR. As a result, the average lifetime of tested animals 
was equal to 9 days. The average lifetime of animals of 
KDFR groups came to 48 days (for 1-hour KDFR 
influenced group); to 12 days (for 2-hour group); and to 
31 days (for 4-hour group). Thus, the average lifetime of 
the experimental group came to 29 days. Besides, in 
the group, which has been processing with KDFR during 
1 hour, the half of mice had survived (three of six 
mice). 


At the second stage of the experiment the repeated (5 
times during 2 hours) KDFR influence on the mice was 
applied. These mice have been inoculated with 
sarcoma-37 at seven days before the beginning of the 
influence. As a result, the average lifetime of the animals 
was equal to 27 days, and for the mice, which were 
processed with fivefold KDFR influence, the average 
lifetime was equal to 76 days. The obtained results are 
the evidence of inhibition of swelling development for 
the animals, which were processed with KDFR 
influence. This leads to the increase of lifetime of such 
animals in comparison with the test. Thereby, at a great 
extent the results of the previous experiments on the 
strengthening of immune status after KDFR influence 
were confirmed. 


Results and discussion 


Let us make a conclusion. At the KDFR influence on 
animals’ organism the following effects were observed: 
decrease of blood viscosity; strongly pronounced 
hypocoagulation; decrease of contents of glucose. 
Increase in the number of karyocytes and the extended 
lifetime of the animals, infected with Ehrlich cancer and 
sarcoma-37 were also observed. 


As for human being, the researches in this area have 
not been carried out yet and they are still confined to 
the single observations. It is possible to give an example 
from the author’s practice. In 1975 nonoriented circuit 
of 3kWtt power was examined. Field strength was 
measured. The author of the article had been working 
in the field for about 8 hours. And after five hours after 
the experiment I had felt bad. That time it was nothing 
known about the influence of the new radiation on 
human organism. The arrived ambulance has quickly 
diagnosed that I was close to hypoglycemic coma. On 
several hours after the intravenous glucose injection, 
my state has become normal. Now we know that before 
the experiments with powerful KDFR bunches it is 
necessary to eat sugar. Thus we believe that the data, 
which were obtained after the experiments with 
animals, can be applied to a human being. We can 
suggest that the manifestation of the symptoms of the 
KDFR influence on human organism depends on the 
power of the applied source, on the total mass of the 
organism and on the time of it in the coverage of the 
irradiation. From aforesaid it is clear that the experiment 
with powerful KDFR sources is far from being harmless 
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and it is better to make it distantly after exclusion of 
man presence near experimental stands and devices. 
At the same time it is quite obvious that on applying of 
small capacity and fixed time of irradiation it is possible 
to develop methods for curing of human diseases, which 
are considered now as incurable (for instance of 
diabetes, some diseases of haematogenic system, of 
cancer and possibly of AIDS. 
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Introduction 


Authors communicate the data on influence of Magnetic 
Blow Wave (MBW) field on several wineproducts. It was 
found, that MBW did not lead to significant changes in 
the major components of the wineproduct (sugar, 
organic acids, minerals). At the same time the taste and 
aroma of treated wine become more pleasant; content 
of heavy alcohols and wine stone in the treated samples 
was less than in non treated ones. A mechanism of 
transformations was also discussed. 


Keywords: Magnetic Blow Wave (MBW), Wineproduct, 
GLC of aroma compounds and ethanol, HPLC of sugars, 
Atomic Absorption Spectrometry (AAS) of minerals, 
Heavy alcohols and aldehydes, Wine stone, Turbidity 
tendency, Organoleptic evaluation 


Magnetic Blow Wave (MBW) was obtained for the first 
time during the investigations on ball lighting 
generation under the laboratory conditions 
(Shakhparonov 1994). MBW as a physical object is 
interesting because of some facts, which suggest that 
MBW is a magnetic monopole. The MBW can also 
interact with the matter and transforms it in a definite 
way. Typical example is an elementary carbon in the 
form of graphite, which is transformed by such magnetic 
treatment into ferromagnetic substance (ibid). 
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The graphite, which is initially diamagnetic, transforms 
to paramagnetic one with general radiation doze of 
about 7:10’ neutrons/cm?. Other types of radiations 
could not affect this way (Svoistva 1975). So one unit of 
MBW can be considered as 1:10° of neutron masses. This 
fact may be regarded as an indirect evidence for 
assuming that MBW and magnetic monopole are the 
same things. In the absence of excited radioactivity a 
slow MBW [v/c < 1-104] occurs, which does not ionize 
atoms (Devons, 1963). Therefore, their interaction with 
the matter can be observed only indirectly. No data exist 
on the interaction of MBW with organic substances. The 
experiments and results reported in the present 
communication may be a starting point for development 
of technology and to formulate the methods for vintage 
wine and best quality spirit production. 


Materials and Methods 


Assuming that MBW and magnetic monopole are the 
same things, a number of conditions were selected for 
all experiments. The MBW source and the samples were 
placed in the same axis and the axis was oriented 
according to magnetic meridian direction. Such 
magnetic orientation is appropriate, as the energy of 
magnetic monopole theoretically increases in a 
magnetic field (Devons, 1963). All of samples were 
placed at 250 cm distance from MBW source, in 
hermetically closed glasses. It should be noticed that 
MBW could penetrate through many other barriers, for 
example into cast iron reservoir with wall thickness of 
5 cm (Amaldi, 1970). 


The quality investigations were made by using of 
standard equipment. HPLC, equipped with 
refractometric detector was used for sugars estimation. 
Separation of organic acids in forms of their ethyl esters 
and acid esters was carried out chromatographically 
using a column packed with polyethylenglycol 
succinate and the following temperature option: initial 
temperature is 120°C, final temperature is 220°C, 
temperature growth rate: 8°/min. GLC was also 
employed for determination of ethanol. Minerals content 


conclusion: in order to obtain complete information 
about any system, it should be destroyed. However, 
destruction of tissues of the man in order to get 
information about their state is a too high price to pay 
for the information about his health. 


However, the above Van Hoven's criterion can be 
satisfied with the minimum influence, when the cells 
are not destroyed and the atoms of these cells, being 
primary sources of torsion spectrums to be registered, 
are bring into the non-equilibrium state by means of 
outer disturbing influence. 


In order to choose the frequency of the disturbing 
torsion influence correctly, it is necessary to take into 
account the role of water in physical and biochemical 
organization of tissues of the human organism. 


At the same time, it is necessary to take into account 
the resonance torsion frequencies of various human 
organs. Finally, it turns out that the signal of torsion 
disturbance should be rather sophisticated considering 
both these factors. The TORDI system is a ready-to-use 
production device. Nevertheless, it is important to 
understand that the model is not the limit of scientific 
and technical potential incorporated in it and that 
enhanced variants of the system will appear with the 
course of time. 


Summing up, I would like to draw your attention once 
more to the fact that work on torsion technologies is 
not limited by the directions that were discussed here. 
Actually, as it was pointed out in the beginning, on- 
going development includes all branches of economy, 
industry, agriculture and medicine, as well as all 
problems of everyday life. Technologies that we 
mentioned are the forerunner of the fact that the 
mankind is on the threshold of the age of torsion 


technologies, which, we believe, will change our life in 
the 21* century more than all the scientific and technical 
revolutions of the 20" century. 
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A mistake was found in the electrodynamics: it is 
detected that all electrodynamics’ postulates 
corresponds to the experimental facts, but vortex 
electric fields has unclosed inductive lines. 


When the magnet is moving, then the current of 
magnetic induction is moving together with it. From 
known velocity of motion v and the value of magnetic 
induction B, it is possible to calculate the intensity E of 
appearing vortex field according to electrodynamics 
formula of transformation of fields E=vB. 


If to change the E=vB on induction D= € .E in formula 


of fields’ transformation, that will get D= € Bv, where 


D is electric induction, B is magnetic induction, v is 


velocity of motion, € , is electric constant. 


Herewith the appearing electric induction is always 
transverse to the direction of motion. It is possible to 
formulate the rule of origin for electric induction under 
the condition of rectilinear motion: if to dispose the right 
hand palm so four fingers shows the motion direction 
of the magnetic flow (the field), connected with moving 
magnet, and the vector B fells into palm, then the moved 
aside big finger will indicate the direction of vector D. 
The given rule is like the rule for Lorenz’ force, but on 
the contrary (the difference is in frame). In the first case 
the charge moves, but the magnet rests. Here the 
magnet moves, but the charge, which points the 
direction for lines of force of electric induction, is 
immovable. So, there it is the rule for left hand, but here, 
on the contrary, it is the rule for right hand. Thereby, if 
the charge moves, but the magnet is immovable, then 
the rule of left hand uses for determination of the force. 
But if the magnet moves, but the charge rests, then the 
rule of right hand uses for determination of the force. 
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The origin of electric force is connected with that, the 


vortex electric field D= € ,Bv appears around moving 
magnet (the magnetic field does not act on immovable 
charges). 


In common literature on electrodynamics there is no any 
difference between electric vortex field and solenoidal 
field, but these are different notions. The sign of 
solenoidal field is the closed lines of electric induction 
(the flow of vector D through the closed surface is a 
zero), but for the vortex field the sign is following: the 
work of forces can be different from zero under the 
condition of motion along a closed line. That is to say, 
the vortex fields can agitate the rotational currents. 


From the electrodynamics textbook: “The work of forces 
of vortex electric field can be different from zero, when 
the electric charge is moving along a closed line.” 


For instance, when the magnet moves, the vortex 
electric field appears and this field can be solenoidal or 
not, depending on magnet’s orientation. Let’s take such 
example: the magnet moves evenly, rectilinearly, and 
it’s poles are oriented transversely to direction of motion. 
According to the rule of origin for electric induction 


(D= € .Bv that is the rule of right hand), the appearing 
vortex electric flow is not a solenoidal, since the lines 
of electric induction are not closed. Its begins in one 
conditional area of disturbance (+), accompanies the 
moving magnet, and it finish in another area of 
disturbance (-). For presentation it is enough to consider 
only two areas (+) and (-), represented on Fig.1. These 
dissimilar areas of disturbance appears because that 
flow of magnetic induction inside the magnet has the 
inverse direction, that outside the magnet. 
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Fig.1 Fig.2 

That moving disturbance of electric and magnetic fields 
presents itself as transverse electromagnetic 
disturbance. Also, it is necessary to notice, that under 
such magnet’s motion, the appearing vortex electric 
field is not closed, but the current of electric 
displacement, connected with it, is closed (a currents 
are always closed). In given example, for clarity, it is 
possible to present a intensity of electric field through 
the Lorenz’ force, if to take the frame, in which the 
magnet rests, and the test charge moves. 
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On the Fig.1 the moving magnet is conditionally 
represented (motion is toward to the text, magnet is 
moving away). N and S are poles of magnet. The 
direction of lines of electric induction, appearing when 
the magnet is moving, specified by arrows > and €. 
Part of the lines begins in positive area (+) and finishes 
in negative area (-), the areas are placed on the ends of 
magnet. The flow of electric induction through closed 
surface is not a zero; that is to say, these areas of 
disturbance are moving electric charges. 


From the electrodynamics textbook again: “The flow of 
vector D through any closed surface is equal to algebraic 
amount of external charges, covered by this surface. In 
the electrodynamics these postulates has the same role, 
as Newton’ laws in classical mechanics.” 


Thereby, according to postulate, it is necessary to 
consider the appearing dissimilar areas of disturbance 
(+) and (-) to electric charges, or it is necessary to 
change the postulate. 


It is interesting, that a part of lines of electric induction, 
which placed frontal and behind magnet, starts and 
finish at infinity, since the distribution of magnetic 
induction around magnet has not determined borders. 


For clarity, it is possible to make following calculation. 
For instance, the coil (loop or turn) with current, as a 
magnet, moves evenly and rectilinearly, but its magnetic 
poles are oriented transversely on motion direction. 
Under such motion the lines of electric induction are 
not closed, and the dissimilar areas of electric field’s 
disturbance appears in space on the edges of this coil. 


On Fig.2 the moving coil with current is conditionally 
represented. It moves from left to right side of the page. 
The arrows on the coil indicate the direction of current. 
The appearing dissimilar areas of disturbance of electric 
field are marked by signs (+) and (-). Knowing, that in 
medium of the coil B= L/2r and according to D= ¢ ,Bv, 
it is possible to find the electric induction, appearing in 
the center, between two dissimilar areas D=é,u,Iv/2r, 
where I is current in the coil, r is radius of the coil, v is 


velocity of motion, €) is electric constant, Ll, is 


magnetic constant. The electromagnetic disturbances 
in transverse electromagnetic waves has the similar 
field construction, there also dissimilar areas of 
disturbance of electric field exists, that is to say the 
lines of electric inductance are not closed. Only the 
currents of electric displacement and magnetic 
induction are closed. 


Let’s consider another example: magnet moves 
rectilinearly, but its poles are oriented longitudinally to 
direction of motion. According to the rule for origin of 


electric induction (D= € ,Bv is the rule of right hand), 
the appearing rotational electric flow is solenoidal, since 
in this case the inductive lines become closed lines. 
Usually in books on the electrodynamics such moving 
magnet is considered, and the wrong conclusion is 
thereof done, that vortex electric field is always 


solenoidal, herewith it is forgotten, that poles of the 
magnet can be oriented not only along the direction 
of motion, but across also. 


From the electrodynamics textbook: “The vortex electric 
field differs from electrostatic field that it is not related 
with any electric charges and its lines of intensity are 
closed lines.” 


From theory and from experiments it follows, that 
under transverse motion of magnet the lines of 
disturbance of vortex electric field can be unclosed 
and, accordingly, the flow of induction through the 
closed surface is not a zero. Then there is a direct 
discrepancy to facts in modern electrodynamics. It is 
strange, but for the whole history of researches in 
magnetism the transverse magnet’s motion was not is 
considered. It leads to revising of electrodynamics’ 
postulates, which plays such role in electrodynamics, 
as the Newton's laws plays in classical mechanics. The 
postulates, giving invalid belief about field processes, 
accordingly, do not allow to make some correct 
calculations. Fallaciousness of these postulates was one 
of the reasons, on which the electrodynamics could not 
to consider and to calculate the discrete electromagnetic 
waves (photons), where the magnetic field also is the 
transverse field (the field construction and calculation 
of photons are represented on the page http:// 
www.comail.ru/~alemanov). That is to say, not only 
particles has the charges, but areas of disturbance of 
field (without particles) are the charges also, where 
the flow of electric induction through the closed surface 
is not a zero. Thereby, the vortex electric fields can be 
not only as closed flows of induction, but as well as 
inducted electric charges, accordingly, the laws for 
electric charges are valid for induced electric charges 
also. For instance, in the law of conservation of charge: 
if somewhere the area of disturbance with positive sign 
appears, that negative area appears also. 


From the electrodynamics textbook: “The vortex electric 
field is generated by the variable magnetic field. Its force 


lines are always closed, like force lines of magnetic 
field.” 


But before this fundamental postulate, confirming, that 
force lines of vortex electric field are always closed, it 
was necessary to consider all variants of change for the 
magnetic field, including the variant of the transverse 
motion of the magnet. That is to say, the consideration 
of physical processes could not be unilateral. Faraday 
considered the longitudal motion of magnet and 
discovered the electromagnetic induction, but the 
transverse motion of magnet that have the principle 
importance for understanding of field processes in 
electrodynamics was not considered. Thereby, the 
longitudal motion of magnet brings to arising a vortex 
electric field with closed force lines, but transverse 
motion of magnet brings to arising a vortex electric field, 
where the lines of forces are not closed. In this case it 
lead to induced electric charges. It is necessary to 
notice, that this is first mistake, detected in 
electrodynamics postulates for all time of existence of 
electrodynamics. 


From the electrodynamics textbooks: “...Gauss’ theorem 
is valid not only for electrostatics, but also for 
electrodynamics, which using a variable in time 
electromagnetic fields. We are not sure if this hypothesis 
is valid or it is not valid... Only the experiment can 
give the answer on this question. The whole collection 
of experimental facts speaks in favor of this hypothesis.” 
But, unfortunately, the experiment with transverse 
motion of magnet was not considered seriously in this 
textbook. 


(Editor’s note: Well-known Searl’s experiments and 
Godin & Roshchin’s experiments are based on such 
transverse motion of magnets (rollers). In Alemanov’s 
article it was demonstrated that in this case the 
experiment should lead to induced electric charges. 
Really it was detected in experiments. Hence this 
missed aspect of electrodynamics is very important 
for development of the new energy technologies.) 
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Nature of mass is one of the important problems of 
modern physics. It is accepted to consider that the mass 
of elementary particle is determined by fields, which 
are connected with it (electromagnetic, nuclear and 
others). However, we didn’t create any quantitative 
theory of mass. There is no theory to explain why 
masses of elementary particles form a discrete spectrum 
of values and to allow determining this spectrum. 


Mass (m) is a physical value, one of characteristics of 
matter, which defines its inert and gravitational 
properties. Accordingly, we distinguish inert mass (m,) 
and gravitational mass (m,). 


Inert mass (m,) characterizes dynamical properties of a 
body, its property to accelerate under the action of the 


force (F ) and according to the second Newton's law is 


considered to be constant coefficient of proportionality 


for the given body between F and acceleration gq . 


E =m.a (1) 


1 


Gravitational mass (m,) is a source of gravity field. 
Every body creates its gravity field, which is 
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The Principle of Self-Organization, which can be 
formulated as follows: any material object 
represents an open self-organizing system whose 
internal structures are formed with the 
participation of the whole universe. Apparently, the 
Principle of Self-Organization, incorporated in 
nature as one of the integral properties of matter, 
is nothing more nor less than a spirit (or absolute 
idea, or creator) which operates the world and 
creates all its variety. 
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Tell me what the electron is, 
and I shall explain to you everything else. 
W. Thomson 


Abstract 


The physical mechanism of nuclear reactions at low 
energies caused by spatial extension of electron is 
considered. Nuclear reactions of this type represent 
intra-electronic processes, more precisely, the processes 
occurring inside the area of basic localization of electron. 
Distinctive characteristics of these processes are 
defined by interaction of the own field produced by 
electrically charged matter of electron with free nuclei. 
Heavy nucleus, appearing inside the area of basic 
localization of electron, is inevitably deformed because 
of interaction of protons with the adjoining layers of 
electronic cloud, which may cause nuclear fission. If two 
or more light nuclei occur “inside” electron, an attractive 
force will appear between the nuclei that may result in 
the fusion of nuclei. The intra-electronic mechanism of 
nuclear reactions is of a universal character. For its 
realization it is necessary to have merely a sufficiently 
intensive stream of free electrons, i.e. heavy electric 
current, and as long as sufficiently a great number of 
free nuclei. This mechanism may operate only at small 


energies of translational motion of the centers of mass 
of nuclei and electron. Because of the existence of simple 
mechanism of nuclear reactions at low energies, nuclear 
reactor turns out to be an atomic delayed-action bomb, 
which may blow up by virtue of casual reasons, as it 
has taken place, apparently, in Chernobyl. The use of 
cold nuclear reactions for production of energy will 
provide mankind with cheap, practically 
inexhaustible, and non-polluting energy sources. 


Introduction 


Nuclear reactions at low energies, occurring in physical 
and biological systems, and, in particular, the cold 
fusion (CF) of nuclei, attract ever increasing attention 
(see review articles [1,2]). This is explained by the fact 
that research on CF (in what follows, by cold fusion we 
shall understand any nuclear reactions at low energies) 
opens up the way to the solution of the problem which 
was set more than 50 years ago in the field of controlled 
thermonuclear reactions (CTR) and which has not been 
solved that is the problem to provide mankind with 
cheap fuel. An important point is that CF allows to 
create not only cheap, but also non-polluting energy 
sources, as nuclear reactions at low energies are not 
accompanied by radiations dangerous to health (/Y - 
radiations, streams of fast neutrons and other particles). 
Note that the energetic problem facing mankind is 
presently of special interest in connection with the fact 
that, according to expert evaluations, the oil-and-gas 
resources in the world will suffice only for some decades. 
For this reason the study of CF is among the most 
important problems of physics. 
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It is necessary to note that, relying on the standard 
theory of nuclear reactions describing nuclear processes 
in vacuum, experts in the field of nuclear physics, 
engaged in CTR, reject the very possibility of existence 
of nuclear fusion at low energies. Two basic objections 
are raised against CF: 


1. at low energies the penetrability of Coulomb barrier 
around nuclei is so small that the probability of nuclear 
fusion is practically equal to zero; 

2. distinction between the atomic and nuclear energy 
scales is so great that the energy, which might be 
evolved as a result of nuclear fusion, could not be 
transferred directly to atomic lattice; therefore the 
energy above should be emitted in the form of streams 
of Y-quanta, fast neutrons and other particles. 
However, such streams of sufficient intensity have not 
been registered. 


The answer to the first objection against existence of 
CF is that at the heart of CF are nuclear processes 
occurring in environment, and the basic role is played 
here, apparently, by collective effects caused by 
interaction of nuclei with particles of environment in 
which the nuclear reaction takes place. The laws 
governing the behavior of interacting nuclei in vacuum 
are inapplicable to the description of CF of nuclei [3]. 
Nuclear reactions occurring at low energies submit to 
completely different laws, which can be established 
only provided that collective effects mentioned above 
are taken into account. For this reason the standard 
theory of nuclear reactions in vacuum can by no means 
refute the existence of CF. 


As to the impossibility of transferring the energy 
between levels of various scales, we can give an 
example of the phenomenon of sonoluminescence 
(luminescence of a liquid when a sound wave causing 
cavitation passes through it) [4], in which the energy 
transfer from an acoustic wave to electromagnetic field 
occurs with appreciable probability in spite of the fact 
that the distinction between energies of acoustic 
phonons and quanta of light reaches 11 orders. 


As early as 10 years ago J. Schwinger, the Nobel winner 
and the known expert in the field of the theory of 
elementary particles and quantum electrodynamics, 
asserted that it is impossible to deny the reality of CF 
phenomenon [3,4]. Since then the CF phenomenon for 
nuclei was repeated hundreds times in laboratories all 
over the world, tens of patents on the ways of energy 
generation on the basis of CF were registered and 
enormous number of experimental works were 
published, which not only confirmed the existence of 
effect, but also contained its detailed analysis. 


The most convincing evidence for the existence of 
nuclear reactions at low energies seems to give the 
mass-spectrometric research of reaction products [5] as 
well as research on biological systems [6]. Detailed 
study of electric explosion of foil made of especially pure 
materials in water, described in [5], suggests that at 
electric discharges transformation of chemical elements 
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occurs. Study of optical spectrum of plasma arising at 
discharge and of the mass-spectrometric analysis of 
sediments, which remained after the discharge, shows 
that in plasma there is an appearance of a significant 
number of chemical elements which were not presented 
in the initial material of explosive foil and electrodes 
and also that the isotope structure of the foil material 
changes appreciably. The change of experimental 
conditions, for example, of energy contribution in foil, 
its mass and dimensions results only in redistribution 
of intensity of plasma spectral lines, i.e. in the change 
of statistical weight of chemical elements in plasma, 
but the composition of chemical elements remains 
unchanged and it essentially depends on the material 
of foil. As it is seen from the received results, nuclear 
reactions, which take place at electric discharge, are 
not accompanied by the occurrence of a neutrons stream 
and y -radiation and proceed at low energies of atomic 
nuclei. 


The research mentioned above as well as many others, 
carried out by different researchers in different 
laboratories, allow to draw a conclusion that existence 
of nuclear reactions at low energies is reliably 
established. 


The development of research on CF is hampered by the 
absence of theory of the phenomenon. As noted by 
Schwinger [3,4], the situation in CF is closely parallel 
to that one in high-temperature superconductivity: 
reality of the last, as a result of careful experimental 
research, is completely established, though theory of 
the phenomenon is absent till now. 


In [5], to account for the transformation of chemical 
elements, the hypothesis is put forward that at the 
electric explosion of foil in the plasma channel magnetic 
monopoles are formed which may overcome the 
Coulomb barrier even at insignificant kinetic energy due 
to the great magnitude of their magnetic charge. The 
monopole, appearing not far from a nucleus, causes its 
polarization: those nucleons of the nucleus, which are 
situated more close to the monopole, experience 
stronger influence of the last, than the nucleons situated 
on the opposite side of the nucleus. As a result, a 
deformation of the nucleus arises (the nucleus is 
lengthened), which may result in nuclear fission. 


Obvious drawback of this mechanism of nuclear 
reactions is that magnetic monopoles have yet to be 
found out in nature. 


Numerous attempts to construct a consistent theory of 
CF (see reviews [1,2]) have not been crowned with 
success. As it was noted above, for the CF to be 
described, the account of the collective effects may be 
important caused by interaction of nuclei with 
environment, in which nuclear reaction takes place. 
But does it suffice to take into account these effects in 
order that the theory of the phenomenon is constructed? 
The analysis of the experiments on transformation of 
chemical elements at low energies and on the CF of 
nuclei suggests that the discussed phenomenon does 


not fall within the domains of exotic ones: it seems to 
occur in nature constantly, at every step, in both 
physical and biological systems. Therefore, it is natural 
to expect that nuclear reactions at low energies should 
have a simple physical explanation. 


However such explanation, which is not beyond the 
scope of existing representations, is yet to be found. 
Does not it mean that we are facing here the situation 
similar to that which has arisen in physics at the end of 
the 19th century and which has been figuratively 
described in the words: on the light sky of physics there 
are only two small dark clouds — the radiation of 
absolutely black body and the Michelson experiments? 
Let us remind that in order for these clouds to be 
removed, it has taken the revision of physical notions 
about electromagnetic field as well as about space and 
time. 


As is noted in [8], there is a simple physical mechanism 
of nuclear transformations at low energies which 
existence follows from the quantum theory of electron 
as an open self-organizing system [9]. If two or the 
greater number of light nuclei appear inside free 
electron, more precisely, inside the area of basic 
localization of the particle, because of interaction of 
nuclei with electrically charged matter of electronic 
cloud, a force of attraction appears between the nuclei 
which may result in fusion of nucleus. This means that 
cold nuclear reaction represents an intra-electronic 
process which character is defined by physical 
properties of the own field produced by electrically 
charged matter of electron. The purpose of this paper 
is more detailed consideration of the mechanism above 
stemming from the spatial extension of electron. 


In section 2 physical ideas are formulated and basic 
results are schematically presented of quantum theory 
of electron as an open self-organizing system. The 
theory outlined is necessary to elucidate the origin of 
the mechanism resulting in the occurrence of nuclear 
reactions of fusion and fission at low energies. The 
essence of the developed approach consists in that the 
own field created by electron is treated as a 
congenital, integral physical property of electron, 
intrinsically inherent in the particle by the very 
nature of things and for this reason the own field and 
self-action are included in the definition of the particle 
at the initial stage of formulating the theory. As is seen 
from the received results, electron represents a quantum 
(elementary excitation) of the field of electrically 
charged matter. It is a solition, which physical and 
geometrical properties are described by the non-linear 
and non-local dynamical equation similar to the known 
Dirac equation. 


In section 3 the application of quantum model of self- 
organizing electron to nuclear reactions at low energies 
is considered. It is noted that because of the presence 
of simple physical mechanism of nuclear reactions at 
low energies, which is of a universal character, nuclear 
reactors represent, in effect, nuclear delayed-action 
bombs, which from time to time may blow up by virtue 


of the casual reasons. Hence, though nuclear stations 
may provide mankind with energy, however atomic 
engineering is a very dangerous way of energy 
production. The only acceptable way of solving the 
energetic problem consists in the use of nuclear 
reactions at low energies. 


Quantum model of electron as an open self- 
organizing system 


The basis for the standard formulation of quantum 
electrodynamics (QED) is the hypothesis that electron 
is a structureless point particle which does not 
experience self-action. This assumption results in 
serious difficulties — the divergences of mass and charge 
of electron and the impossibility to explain stability of 
the particle (see, for example, [10-12]). 


The difficulties mentioned above are very serious. 
According to Dirac, the difficulties of OED “in view of 
their fundamental character can be eliminated only 
by radical change of the foundations of the theory, 
probably, radical to the same extent as transition from 
the Bohr orbits theory to modern quantum 
mechanics” ([13], p. 403). “Correct conclusion”, Dirac 
emphasizes, “is that the basic equations are incorrect. 
They should be changed in such a way that divergences 
do not appear at all”. 


The main reason of occurrence of difficulties is the 
assumption that electron is a point-like particle. 
Therefore, abandonment of this hypothesis is inevitable. 
As an analysis of the problem shows, the key to 
constructing a consistent quantum theory of 
electromagnetism lies in taking account of the Coulomb 
self-action of electron, i.e. the back action of the own 
field created by charged particle in environmental space 
upon the same particle. In the special case that the 
particle is at rest in an inertial reference frame, own 
field of the particle turns into static Coulomb field. 


E.Schré6dinger who suggested the historically first 
physical interpretation of quantum mechanics put one 
of the boldest ideas concerning the problem of electron 
forward. According to Schrédinger’s hypothesis, the 


quantity e wir)” (e and pir) are charge and wave 


function of electron, respectively) is the density of 
spatial distribution of electron’s charge and, 
consequently, the linear sizes of electron are the same 
as those of atom [14,15]. However, they did not succeed 
in substantiating the interpretation and, for this reason, 
it was rejected by the majority of physicists [16]. 


An important step to the correct understanding of the 
physical nature of electron was made by A. Barut and 
by his collaborators [16-18] who formulated and 
developed quantum theory of electromagnetic 
processes on the basis of self-energy picture (the Self- 
Field QED). Using expression for the total own energy 
of electron, they managed to calculate the Lamb shift 
and other radiative corrections and to show that 
radiative phenomena may be described in terms of the 


Page 217 


action function, without using the second quantization 
method. As is pointed out by Barut [17], “the correct 
quantum equation of motion for radiating electron is not 
the Dirac or the Schrédinger equation for bare electron, 
but an equation containing an additional non-linear self- 
energy term”. 


New lines of approach to the problem of electron are 
offered in [9, 19-24]. The formulation of electrodynamics 
is considered which represents a synthesis of standard 
quantum electrodynamics and ideas of the theory of self- 
organization [25]. The physical mechanism of self- 
organization of electron consists in self-action. Taking 
into account the self-action means that electron is 
treated as a feedback system. 


Let us outline schematically the results of the 
formulation of quantum electrodynamics in which 
electron is an open self-organizing system. 


Editor’s note: The authors develop mathematics by using 
Lagrangian functions, 7 equations. You can contact the 
authors for more information about. 


Thus, the negative result is received: we have tried to 
take into account self-action of electron in a natural way 
by supplementing the Lagrangian function with the self- 
energy term, but we came to an equation that has no 
reasonable physical solutions at all. This result seems 
to mean that the standard theoretical scheme reaches 
here the limits of its applicability and so, remaining in 
its framework, it is impossible to solve the problem of 
electron and elucidate the physical nature of 
electromagnetic interaction. 


Essentially new point, which is introduced in [9] into 
quantum mechanics consists in the replacement of the 
model of isolated system described by harmonic 
oscillator with the model of open system. Let us 
advance the arguments indicating the inevitability of 
using the model of open system as a basis of the 
description of interaction between microparticles [26]. 


Note, first of all, that quantum particle theory based on 
the use of the models of isolated system is, strictly 
speaking, physically meaningless. Really, any 
observation conducted on a system represents a process 
of interaction of the system with the means of 
observation. But in case of microparticles (quantum 
particles) this interaction is not weak and consequently 
it is inadmissible to neglect it, i.e. microparticles should 
be necessarily considered as essentially non-isolated 
systems. 


A starting point of the standard formulation of quantum 
mechanics is the physical idea that interaction between 
physical fields can be reduced to collision of the 
particles corresponding to these fields, the particles 
before and after collision being considered as free ones. 
According to these representations, quantum 
mechanics is based on the notions of “bare”, non- 
interacting particles, with the interaction between them 
being considered as an additional factor which can only 
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insignificantly alter the physical properties of non- 
interacting particles. However, such an approach to 
interaction between physical fields is obviously of an 
idealized character because particles constantly 
interact “with vacuum as with some kind of physical 
medium in which the particles move” [27]. Interaction 
of particles with vacuum fluctuations is not small and 
it cannot be removed. 


It is well also to bear in mind that the necessary 
intermediary at studying micro-objects are the means 
of observations (the devices) with the classical field 
corresponding to them which should be taken into 
account in consistent quantum theory [28]. Inclusion in 
theoretical scheme of arbitrarily weak classical external 
field results in occurrence of non-zero width I of energy 
levels of “dressed” particles. The basic impossibility to 
isolate a real particle from vacuum fluctuations of the 
field and from the classical sources connected to the 
means of observation is indicative, thus, of necessity 
to take into account the non-zero width of energy levels 
of real particles [26]. 


The use of the harmonic oscillator model, when 
describing the interaction of electromagnetic radiation 
with substance, seems to be the main source of serious 
difficulties of the standard formulation of quantum 
theory, as such an approach means apparent neglect of 
those physical processes which, proceeding constantly, 
are responsible for inseparable coupling ofreal physical 
system to surrounding medium. Introducing artificial 
notion about switching on and switching out of 
interaction of oscillator with radiation field, we are able 
to calculate within the framework of existing theory the 
width of energy levels of oscillator, but we cannot assert 
with certainty that such an approach results in correct 
description of interaction. 


From the reasoning given above it is seen that they are 
the models with energy levels of non-zero width that 
should form the basis for the description of interaction 
of radiation with substance. It is necessary to formulate 
such a quantum theory, which would take into account 
the energy levels of non-zero width I. The case in point 
is that one should introduce an infinitesimal damping 
T into the initial set of equations describing interaction 
of charged particles with electromagnetic field. Such 
an approach means the violation in infinitesimal of 
homogeneity of physical system relative to translations 
in time. Necessity of violating the homogeneity of time 
follows from that fact that in the usual approach (with 
T = 0) the states of the system of interacting fields have 
degeneracy of infinitely large multiplicity in relation to 
time translations. According to the fundamental 
Bogoliubov’s concept of quasi-averages [29], when 
describing the behavior of degenerate systems, one 
should include into Hamiltonian an infinitesimal term 
removing degeneracy. In the theory presented here 
degeneracy of states of quantized fields relative 
translations in time is removed by introducing the 
infinitesimal damping IT into Lagrangian. Thereby the 
degeneracy under study is removed already in the 
initial, zero-order approximation, which is of 


fundamental importance for the approach based on 
perturbation theory. 


Formulation of the physical idea that quantum friction 
arises at the very elementary level - at the level of one 
particle is given in monograph [26]. Impossibility to 
isolate real particle from the surrounding world is that 
property which should be taken into account already in 
the one-particle theory (for each kind of particles), even 
before switching on the interaction with other particles. 


Model of the particle as an open system (['4()) is 


attractive owing to the fact that from the very beginning 
the degeneracy of states relative to time translations is 
absent in it, the degeneracy, which is removed in 
standard approach by taking into account the 
interaction of particle with vacuum field fluctuations 
and classical fields. The basis for the developed 
formulation is the fundamental concept of quasi- 
averages supplemented with the requirement that the 


equations of motion of the particle with [.4() follow 


from the action principle. It should be emphasized that 
the non-zero damping I is introduced into 
electrodynamics with the aim to establish the structure 
of the Lagrangian function, which takes into account 
the property of openness of physical system. After 
establishing the structure, the limiting transition 


T 3 0 is fulfilled. 


In our opinion, the development of quantum theory 
will be inevitably connected with the use of models 
of open system; as such models reflect more 
completely the physical essence of interrelations in 
the real world. It is necessary, thus, to define more 
exactly the concept of openness of physical system, 
which, on the one hand, would describe real system 
accurately enough and, on the other, would be simple 
enough to describe the particular physical processes. 


As open system has the richer physical contents in 
comparison with isolated system, some essentially new 
mathematical ideas are needed for its description. First 
of all, it is necessary to increase the number of 
independent dynamical variables describing the 
particle as open system. In papers [9,19-24], as a basis 
for the description of self-acting electron, the simplest 
model of open system is used which can be described 
by the Morse-Feshbach-Bateman Lagrangian function 
[30,31] and which was successfully used for the 
description of dispersive medium (the review of articles, 
in which applications of the model of open system to 
electrodynamics of dispersive medium are considered, 
is given in monograph [26]). In this model the number 
of dynamical variables is doubled as compared with the 
isolated system, namely, to each dynamical variable of 


“bare” particle, ‘¥ , there correspond two dynamical 


variables, which are denoted by W and YW . These 


quantities are considered as components of the wave 
function describing the quantum state of self-acting 


particle. One of them, say, YW , corresponds in a sense 
to the particle alone (to the “bare” particle) and the 


other, Y , to the surrounding medium, in which the 
particle moves. 


Editor’s note: You can contact the authors directly for 
more information (8-16 equations). 


Equation (16) coincides in its appearance with the usual 
Dirac equation for charged particle in an external field 
described by 4-potential . However, in reality, it differs 
essentially from Dirac’s equation. The distinction 
consists in that equation (16) is non-linear and non- 
local, with the non-locality being of both spatial and 


time character. Potential (A) and vortex (A_) 


components of the 4-potential, entering equation (16), 
differ from each other by their physical nature: the 
former describes the Coulomb field and is expressed 
quadratically in terms of the wave function components 
of electron, and the latter describes transverse 
electromagnetic waves and is expressed in terms of 
vortex electromagnetic field. As a detailed analysis 
shows, solutions to the basic dynamical equation 
describe the clots of self-acting electrically charged 
matter, localized in space, i.e. the particle is a soliton. 


The internal energy spectrum of electron is discrete with 
an indefinitely large number of levels, and to each value 
of internal energy E, (kis the set of quantum numbers) 
there correspond certain linear dimensions and 
geometrical form of the region of localization of 
electron’s charge. Dimensions and the number of 
extreme of wave function increase with increasing the 
value of energy E,. The distribution of electric charge 
of atomic electron in the ground state consists of the 
range of basic localization with the linear dimensions 
of the order of Bohr radius a, (a, ~ 10°°m) and of the 
tail stretching up to infinity. It is essential that because 
of non-linearity of the dynamical equation of electron, 
wave function does not obey the superposition 
principle. By virtue of this, electron acquires the 
properties of absolutely rigid body: the perturbation 
acting on electron at an instant of time in the range of 
basic localization becomes known at the next instant 
t + 0 at any distance from the particle. 


In Fig. 1 the results of calculation are represented 
schematically, carried out on the basis of equation (13), 
of the distribution of electric charge in atomic and free 
electrons in the ground (a) and first excited (b) states. 


According to [9,19], the atom represents a system of 
nuclear and electronic solitons interacting with each 
other, the internal energy spectrum of the hydrogen 
atom, due to electromagnetic interaction, being of a 
zoned character. The occurrence of zoned structure of 
energy spectrum of hydrogen atom is explained as 
follows. Free nucleus, because of existence of Coulomb 
self-action, has a discrete internal energy spectrum. As 
the interaction of nucleus with electron is small in 
comparison with the energy of Coulomb self-action of 
the nucleus, it can be taken into account by perturbation 
theory. From here it follows at once that each energy 
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Fig. 1. Density of electric charge (p) of electron in the ground state (a) and in the first excited 
state (b): the continuous lines correspond to electron in the hydrogen atom, and the dotted ones 


to free electron, 


level of free nucleus is split in a zone. There are 
indefinitely many zones (Balmer’s replicas) and in each 
of them there are indefinitely many energy levels. The 
lowest zone coincides with the usual Balmer spectrum. 


Physical mechanism of nuclear reactions at low 
energies 


The quantum theory presented above schematically of 
electron as an open self-organizing system is indicative 
of the existence of the following mechanism of nuclear 
reactions at low energies [8]. 


If there occur in the region of basic localization of free 
electron, which linear sizes in the ground state of the 
particle are several times as large as those for hydrogen 
atom (see Fig. 1), two or the greater number of nuclei, 
each of them attracts on itself the adjoining areas of 
electronic cloud, resulting in compression of the 
electronic cloud as a whole. As a result, there appears 
automatically an attraction of the nuclei, which proved 
to be “inside” electron, on each other (see Fig. 2). 


Calculation shows that the Coulomb barrier around 
nuclei is deformed, its height decreases and the 
probability of penetration through the barrier 





ris the distance from the center of mass of electron measured in Bohr radii. 


accordingly increases due to tunnel transition. Under 
certain conditions this process may result in fusion of 
nuclei. Obviously, the process in question can occur only 
at small energies of translational motion of the centers 
of mass of electron and nuclei: nuclei should be “inside” 
electron long enough for them to have time to come 
nearer to each other as a result of electron-nuclear 
interaction. This mechanism of nuclear fusion is of a 
universal character. In order for it to be realized, it is 
necessary to have only a stream of free electrons 
intensive enough, i.e. heavy electric current, and as long 
as sufficiently great number of free nuclei. 


If heavy nuclei appear “inside” free electron, owing to 
their interaction with the electronic cloud there occurs 
polarization of nuclei. Because the own field of electron 
interacts with protons more strongly than with neutrons, 
nuclei are deformed (become extended), and this 
process may result in the decomposition of nuclei to 
fragments (in nuclear fission). 


As is noted in [7], the official version of the reasons for 
Chernobyl accident contains serious contradictions, a 
number of facts concerning the accident has no 
convincing explanations, and this circumstance forces 
to search for the true reasons for the happening, since 











b) 


Fig. 2. 


The schematic image of interaction of nuclei with electronic cloud: (a) 1 
F, and F, are the attractive forces between nuclei, which appear at the expense of 


electron, 2 and 3 are nuclei, 


is the region of basic localization of 


electronic cloud compression induced by Coulomb forces; (b) p is the charge density, 1 is electronic soliton, 2 and 
3 are nuclear solitons, xX, (n=1, 2,3) are coordinates of the centers of mass of particles. 
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“not having understood the mechanism of the one 
tragedy, we sooner or later shall become witnesses of 
the other”. The authors hypothesize that the reason of 
the accident was penetration into the nuclear reactor 
of magnetic monopoles, which have caused the decay 
of nuclei 7°U, and this has resulted in production of 
delayed neutrons, growth of power output of the reactor 
and explosion. As an argument in favor of the 
assumption, the fact is presented that nucleus 7“°U are 
disintegrated under the action of “strange” radiation 
appearing at explosion of foil. 


In the opinion of the authors of [5,7], “strange” radiation 
is created by those magnetic monopoles, which form 
bound states with nuclei of atoms. These compound 
particles give the abnormally wide tracks similar to 
those of a creeping caterpillar, and also the tracks of 
complicated shape reminiscent of spirals and gratings. 
Character of tracks changes when imposing magnetic 
field, which, as the authors believe, is an argument in 
favor of the assumption above. There are also some 
special tracks very similar to scratches and ink spots. 
“Strange” radiation is of spherical form, it resembles a 
ball lightning, and its duration is more than ten times 
as great as that of the current pulse arising at electric 
discharge. With the course of time the luminous sphere 
(the ball-like plasma formation) is dividing into many 
small “balls”. 


It is our opinion that “strange” radiation is caused by 
free electrons in excited state arising in the area of 
electric discharge. According to [9, 19], linear sizes of 
the region of basic localization of such electrons can 
make many tens of sizes of atom. The heavy nucleus, 
for example, the nucleus *°8U, appearing inside the 
electronic cloud, is inevitably deformed because of 
interaction of protons with adjoining layers in the 
distribution of electric charge of electron, and this 
deformation can cause nuclear fission. If two or the 
greater number of light nuclei appears “inside” electron, 
then attractive forces arise between nuclei, which may 
result in fusion reaction. When electric discharge is 
strong enough, the areas of basic localization of some 
electrons can overlap, and if a nucleus lands in the area 
of overlap, because of Coulomb attraction of nucleus 
on the adjoining layers of electronic clouds, a bound 
state may be formed, of two electrons and the nucleus, 
characterized by the relative stability and significant 
spatial extension. 


Obviously, if the concentration of free electrons is great 
enough, there may be formed some relatively stable 
bunch of plasma consisting of great number of free 
electrons and nuclei, which in virtue of chaotic 
movement of nuclei and because of the absence of 
preferred directions should have approximately 
spherical form. Let us note that atomic electrons, 
belonging to additional energy zones of atom (Balmer’s 
replicas associated with nuclear self-action, see Section 
2) can contribute to “strange” radiation. 


As is seen from above, to account for the reasons for 
Chernobyl accident, there is no need to involve 


magnetic monopoles. The scenario of development of 
events during the accident, described in [7], seems to 
be quite plausible if only to understand by initiators of 
nuclear fission not hypothetical monopoles but free 
electrons, which powerful pulse might arise as a result 
of electric discharge in the region of turbo-generators. 


The existence of simple physical mechanism of nuclear 
reactions at low energies, indicated in this paper, 
implies that nuclear reactors are, in effect, nuclear 
delayed-action bombs, which will blow up from time to 
time. Explosion of nuclear reactor may take place 
because of casual short circuit at an electric subcircuit, 
owing to which there appears an intensive stream of 
free electrons. This stream, having got for any reasons 
in nuclear reactor, may initiate explosion of the reactor. 
It follows from here that though nuclear stations may 
provide mankind with cheep energy, atomic energetics 
represents a very dangerous way of producing energy 
(as well as the energetics using controlled 
thermonuclear fusion). The only acceptable way of 
resolving the energetic problem consists in the use of 
nuclear reactions at low energies. 


According to the results obtained, nuclear reactions at 
low temperatures occur “inside” electron under the 
action of own field of particle. Hence, to elucidate 
physical mechanism of CF, it is necessary to study in 
detail intra-electronic processes and physical properties 
of own fields of particles. Note that the own field, by its 
physical properties, essentially differs from the field of 
electromagnetic waves: this is the field of standing 
waves of matter, it is of purely classical character and 
may not be reduced to the set of photons. The own field 
of charged particle plays in nature a special role, 
consisting in that it transforms environmental space into 
the physical environment (physical vacuum) with the 
properties of absolutely rigid body [32]. 


As it was repeatedly noted in the literature [1,2], 
experiments on CF are badly reproduced, and this fact 
gives rise to doubt the very existence of the 
phenomenon. Bad reproducibility of results seems to 
be explained by the fact that CF depends upon great 
number of parameters: upon electric current density, 
concentration of free nucleus, concentration of 
impurities and dislocations in samples, sizes of samples 
etc. In order to obtain reproducibility of results, it is 
necessary that all these parameters, describing the 
environment in which nuclear reactions occur, be the 
same in various experiments, but to achieve this as a 
difficult task. 


In conclusion we shall dwell upon the problem of linear 
dimensions of electron, which is of special interest in 
connection with the mechanism of nuclear reactions 
indicated here. The inference that the dimensions of 
electron in the ground state of atom are of the order of 
Bohr radius, i.e. of the order of atomic dimensions, 
following from dimension considerations [9,19] and 
confirmed by quantum model of electron, seems 
completely unexpected. At first sight, it is in conflict 
with both the theory of quarks and experimental data 
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on scattering of electrons. According to quark models, 
the radius of electron corresponding to its quark 
structure makes up the quantity of the order of 10°? m 
[33]. It is necessary to emphasize, however, that the 
above-mentioned magnitude of linear dimensions of 
electron refers to the internal structure induced by 
Coulomb field. The last is long-distance and 
consequently the linear dimensions of internal 
structures produced by it (i.e. spatial inhomogeneities 
in the distribution of electric charge in various quantum 
states) should considerably exceed the dimensions of 
quark structures connected with electron. There seems 
to exist a hierarchy of internal structures of particle 
produced by Coulomb forces, nuclear forces, inter-quark 
interactions etc. characterized by the smaller and 
smaller linear sizes. 


As to the experiments on scattering of high energy 
electrons, according to which the internal structure of 
electron is not manifested up to distances of the order 
of 10° + 107’? m, two arguments, at least, can be 
adduced in favor of that there is no contradiction here 
with the experiment. Firstly, in experiments on 
scattering, investigators were trying to register the 
details of internal structure of electron within intervals 
much smaller than Bohr radius, which is why it is not 
surprising that results of experiments proved to be 
negative: at high energies electrons behave like point 
particles, their internal structure has no time to be 
manifested. Secondly, the results of experiments were 
analyzed from the point of view of standard 
representations about electron, which refer to a point 
particle, but are obviously inapplicable to real, self- 
acting electron. According to the predictions of quantum 
theory of electron as an open self-organizing system, 
real electron is a special object - soliton, i.e. such a cloud 
of electrically charged substance which, when 
interacting with other particles, tends to keep its sizes 
and geometrical form. 


At present there is as yet no scattering theory of this 
kind of particles and for this reason it is impossible to 
predict with certainty how can the internal structure of 
electron be manifested in experiments on scattering. 
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INTRODUCTION 


Readers of the electric-spacecraft journal might know 
a little about the Lifter technology popularized recently 
be Jean-Louis Naudin, but they probably don’t know 
the whole story. In the short amount of time that has 
transpired since the publication of that article, this 
technology has both literally and figuratively taken off 
— going from a “proof-of-concept” prototype by Naudin 
to an international group of researchers investigating 
how to give the lifter higher-performance and greater 
efficiency. With the first commercial products now on 
the horizon, if you haven't taken the time to read up on 
lifter technology, this is the perfect time to do so... 

To give you a complete up-to-date overview of where 
this technology is, where it is going, and what I think it 
is capable of, let me start with the basics — an overview 
of how I became involved with Electrogravity research 
and what eventually led me to become involved with 
lifter technology. 


MY BACKGROUND 


I started college at 16 years old, back in 1992 — at the 
same time, I purchased a kit containing “hoverboard 
plans” from Hovertech, Inc. The moment that I received 
that $20 white-manilla envelope in October 1992 was 
the moment that I became involved with what has now 
been nearly 10 years of electrogravity research. 


I worked with Bill Butler - the president and chief- 
scientist of Hovertech - on a variety of different 
antigravity, Electrogravity, and levitation ideas from 
approximately 1992 through 1996. While putting in my 
college time, I was also taking distinct advantage of 
the enormous college library at Western Washington 
University to read up on everything that might possibly 
relate to Electrogravity. I read books on standard 
electronics and physics theory alongside with books 
by the masters of this science, such as TT Brown and 
Nikola Tesla. 


Bill and I played with several different ideas — many of 
them only peripherally related to Electrogravity. For 
instance, I published a manuscript initially in 1996 
describing Tesla’s theory on how to reliably produce 
Ball-Lightning using a standard Tesla coil — the 
information courtesy of WWU’s excellent library. Bill 
also assisted me with obtaining video footage of a Searl- 
effect conference that he attended in Denver in the early 
90’s — this footage was an excellent overview of Searl’s 
design and construction concepts for what he believes 
is the next major technological step in aviation and 
space travel. 
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Bill and I eventually found different paths, and in some 
ways drifted apart. Bill moved into Geomagnetic 
levitation research and started intense investigation on 
the patents of How Wachspress and the magnetic dipole 
levitator. I went to more traditional technologies — 
eventually becoming a UNIX system administrator for 
AT&T Wireless. 


I hadn't heard from Bill Butler in about 6 months when 
he sent me a short email containing the words “hey, 
check this out” — and a link to Jean-Louis Naudin’s 
“Lifter Experiments” home-page. I visited the site, 
watched all of the video clips, and then watched them 
again. This was the technology that I had been waiting 
for! 
LIFTER TECHNOLOGY 


I can say without a doubt that the lifter technology is 
completely revolutionary, but you might not realize how 
profoundly revolutionary it is until you’ve stopped to 
think about it for a bit. What is it about the lifter that 
makes it so unique, especially when so many inventions 
claim to produce more and better electromagnetic 
thrust? The answer is simple - the lifter works 
repeatedly. 


Jean-Louis Naudin started a figurative bonfire when he 
decided to replicate a “proof-of-concept” experiment 
by a small Huntsville, AL aerospace contracting firm. 
The lifter initially came into being in the mind of Jeff 
Cameron - the chief scientist of Transdimensional 
Technologies — in the 1970’s from experiments 
conducted with high-power military and research-grade 
lasers. A device in the lasers called a “pre-ionizer” was 
used to apply a high-voltage to the lasing-medium to 
facilitate better performance. Repeated operation of the 
pre-ionizer had a common side-effect of horribly twisting 
the wire and foil combination out of shape, which 
required a decent amount of work to repair. 


Jeff Cameron realized that the torsional effect on the 
pre-ionizer was a side-effect of some unknown force 
acting on the pre-ionizer apparatus, and he began a 
long-term investigation into what was causing the 
apparatus to deform. His eventual results indicated that 
a force in the foil collector in the pre-ionizer was causing 
a net-thrust in the entire pre-ionizer apparatus that was 
making it twist and move on its mounts within the laser 
— the lifter came to him later as a three-dimensional 
device to demonstrate this force. 


Naudin’s genius became readily apparent not through 
a giant breakthrough in technology, but rather in a more 
subtle fashion — he replicated the lifter experiments of 
Transdimensional Technologies and published videos, 
articles, and complete construction plans on his website 
to allow others to do the same. In a manner similar to 
the open-source software movement, Naudin had taken 
an incredible scientific find that might have otherwise 
been overlooked and done and incredibly charitable and 
intelligent thing — he gave it away for others to play 
with. By following Naudin’s instructions, inventors all 
over the globe began to slowly replicate the 


Transdimensional Technologies experiments and 
thereby validate the proof of concept that Jeff Cameron 
had created to show that his “mystery force” was real 
after all. Naudin of course took advantage of these 
replications of the experiment by showcasing them on 
his own website — which in turn lends additional 
credibility to his research. 


As far as technology goes, the lifter demonstrates that 
science and engineering have more than their share of 
humorous irony. For the years that I researched 
Electrogravity and antigravity claims, all of the devices 
that I had seen required something “magic” to make 
them work. For instance, Bob Lazar’s UFO-claims could 
have been reverse-engineered except that they require 
‘element 115’ to make them work - an element 
chemically related to Bismuth that is theorized to 
potentially have electrogravitic properties. I will come 
back to the possible electro-gravitational properties of 
Bismuth in a bit, as it turns out that this element may in 
fact provide some use for future lifter technology. 


The Searl-effect disc is an even better example of the 
“magic” usually involved with building a working 
Electrogravity device. Searl's ideas seem valid enough, 
but although he supposedly demonstrated several 
working prototypes in the 1950's, he is currently 
pursuing millions of dollars in research funding in to 
replicate those experiments in a modern-day setting. 


The irony involving lifter technology is that while 
inventors all over the world have been searching for 
the perfect electro-gravitational device for decades, the 
possible working proof of concept for many of these 
theories has been sitting in front of us the whole time — 
the lifter costs less than $10 in parts to build, and none 
of them are magic — in fact, for my experiments, all of 
them were at stores within 2 blocks of my house — balsa 
wood from the craft store, aluminum foil from the 
supermarket, 30-gauge magnet wire from the local 
Radio Shack, and an old computer monitor for the high- 
voltage power-supply. 


LIFTER PHYSICS 


Whether or not Jeff Cameron knew it at the time he 
constructed his lifter prototype, what he was actually 
building was a 3 dimensional representation of a 
drawing on a patent application by TT Brown in the 
1950’s. In the patent application, the drawing shows a 
positively charged wire suspended over a grounded foil 
body which was meant to demonstrate the most basic 
Biefeld-Brown effect generator. While Brown's drawing 
is a little different than Jeff's design, the resemblance 
is uncanny enough to indicate that both of these men 
had the same basic force in mind. 


TT Brown's patent indicates that this Biefeld-Brown 
effect generator works due to a gradient electrostatic- 
field between the wire and the foil - in essence, these 
two elements compose a low-efficiency, high-voltage 
air-gap capacitor in which the difference in geometries 
between the two capacitive elements generates a net- 


directional force from the larger element towards the 
smaller element. Jeff Cameron seems to have a practical 
axiom that goes along with this scientific philosophy, 
which is that there must be both a leakage current and 
a capacitance between the wire and the foil in order for 
the lifter to function. 


Conventional physics says that two capacitor elements 
of different sizes will not generate a net-directional force, 
so what gives? This is actually the thinking that 
convinced me to abandon my research into Biefeld- 
Brown effect technology in 1996 — physics says it doesn’t 
work. What the books say will happen is that since the 
wire can only maintain a lower-capacitance than the 
foil, the overall capacitance between the two elements 
will be reduced to be equivalent to that on the smallest 
element (or plate) in the capacitor. This, of course, 
assumes a 2-element series-wired capacitor, such as 
the lifter. 


Ican give you the conventional physics answer to this 
small riddle by simply saying that the lifter uses a 
manifestation of ion-wind. This would state that the 
electrons crossing the air-gap cause a breeze that 
causes thrust — since the breeze would be traveling 
down from the wire to the foil, the thrust would be up, 
as demonstrated in testing. In the ion-wind explanation, 
the electrons are emitted from small-diameter of the 
positively charged wire in such great abundance that 
they move a significant airflow down to the foil where 
they are absorbed and transported electrically back to 
the HV power-supply’s electrical ground. 


Conventional physics would seem to have the 
theoretical answer to why the lifter causes lift, but in 
the experimental setting, which is what we now have 
an abundance of thanks to Jean-Louis Naudin, the 
conventional physics explanation doesn’t suffice. 
Experimentally, there are several deviations from the 
ion-wind explanation that seem to invalidate it. For 
instance, if you completely contain the lifter in a plastic- 
enclosure, it will still generate lift — this would not be 
the case if a breeze was responsible for lifting the 
device. How could it be, if the breeze is limited to the 
inside of an enclosure which itself is levitating? 


A more compelling proof that Biefeld-Brown is 
something other than ion-wind comes from Purdue 
University, where the lifter experiment was replicated 
inside a vacuum-enclosure with positive results. While 
ion-propulsion can work in space, it usually assumes 
that there is argon, krypton, or other noble gas to be 
used as the propellant — the vacuum enclosure showed 
that with no gas available for transport the lifter showed 
a moderate improvement in performance. 


The vacuum enclosure tests are definitely compelling 
evidence that something else is going on other than 
ion-wind — at least compelling enough for NASA to file 
patent number 6,317,310 — “Apparatus and Method for 
Generating Thrust using a Two Dimensional, 
Asymmetrical Capacitor Module”. The NASA patent 
description — which can be accessed from Naudin’s lifter 
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website — is as vague is it is compelling in that NASA 
is basically requesting a patent on any technology that 
generates force using two geometrically dissimilar 
capacitive plates. Disregarding the fact that this patent 
was issued nearly 50 years after TT Brown’s patent 
using nearly identical descriptions and pictures, and 
also disregarding the fact that NASA also doesn’t 
understand why the lifter generates thrust, it seems 
apparent the this phenomena is gaining credibility in 
engineering circles while physicists seemingly continue 
to deny that anything is going on. 


THE EVOLUTION OF LIFTER TECHNOLOGY 


Every good movie always has a sequel, and in 
technology, if at first a major government agency 
‘liberates’ your idea, it may seem that a sequel is in 
order. In the case of the lifter, it would appear that the 
NASA patent would cover this technology to at least 
some degree — at least until someone overturns this 
patent under the prior-art rule - which means that the 
next generation has to be considerably more advanced 
to escape having the research and development be 
forfeit to the government. 


The pursuit of more advanced versions of the lifter 
technology is currently underway by several 
independent inventors, as well as Transdimensional 
Technologies themselves. Most of the private research 
by inventors has delved into improving the current lifter 
design to produce a greater force output and utilize less 
power to do so. Because the lifter is so simplistic in 
design, many of these enhancements have been of a 
very basic nature. 


Jean-Louis Naudin was the first independent inventor 
to do serious work with improving the technology 
behind the lifter — and even so, the majority of his work 
has utilized similar materials in more complex 
arrangements. Naudin has demonstrated dramatically 
increased lifting forces by building a “lifter inside a 
lifter” for demonstration purposes. Naudin has also done 
a great deal of work in taking breaking up the concept 
of the single triangular lifter into a parallel series of 
lifting cells - which means that these cells, working in 
parallel, can contributed to greater stability and higher 
force output than any single lifting element. 


Saviour — an independent inventor working with Jean- 
Louis Naudin — has done some of the most interesting 
improvements on lifter design since those by Naudin 
himself. Saviour’s concerns have not focused around the 
“bigger is better” philosophy that many inventors have 
stuck by — he has done several experiments to determine 
the radiation output, remote-controlled applications 
development, and materials analysis and improvement 
on the lifter that others have not had the time or 
expertise to conduct. 


A recent experiment by Saviour demonstrates just how 
this gentleman’s foresight is helping other 
experimenters — Saviour substituted nichrome heating 
wire for the common lightweight wire used for the 
emitter, and demonstrated that the lifting force greatly 
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increased when a higher potential 12-volt charge was 
used to heat the emitter wire in conjunction with the 
standard high-voltage charge coming off it. 


Transdimensional Technologies — the developers of the 
initial lifter design - are taking the approach to 
optimizing lifter performance to another level. They are 
currently not-so-secretly working on a 2™4 generation 
lifter, which will consist of a 1-piece layered material to 
replace the current wire and foil design. 


The layered material approach to the lifter is an idea 
that Jeff Cameron may or may not have had after some 
lengthy discussions with Travis Taylor - the man 
responsible for testing some anomalous materials 
known as “Art’s Parts”. 


Art's Parts were some pieces of material sent by an 
unknown person to the Art Bell radio talk-show with a 
note stating that the they were pieces of UFO wreckage 
taken from the often-cited “Roswell crash” in 1947. 
Whether or not the pieces of material actually came from 
that crash is unknown, but Art Bell did the honorable 
thing by sending them to an acquaintance in US Army 
research named Travis Taylor for a professional scientific 
investigation. 


Taylor, who apparently tested the materials after-hours 
in a world-class research lab to avoid potential 
classification by his superiors, used an electron- 
microscope to determine that the layered materials were 
actually pieces of metal — containing several hundred 
microscopically thin layers of magnesium and bismuth. 
Taylor also tested the layered-metal with a high-voltage 
apparatus, which seemed to indicate that when a 
voltage was applied to the material, the layered metal 
would move — and in some cases levitate. 


Taylor reported his findings to Art Bell and sent video 
clips of his high-voltage experiments, which eventually 
made it back to a permanent home on the Art Bell radio 
show website. In addition, Taylor conveyed his belief 
that the only manner in which the pieces of metal could 
properly be produced was through an advanced form 
of electron-deposition technology, due (apparently) to 
an absence of oxygen-molecules between the different 
layers of metals. Additionally, the layers of metal were 
too thin to have been mechanically produced. 


Jeff Cameron indicated that Transdimensional 
Technologies maintained some contact at one point in 
time with Travis Taylor, apparently as professional 
colleagues in the defense community in Huntsville, AL. 
I am not an expert on this relationship, other than to 
say that to the best of my knowledge these two 
individuals knew and contacted each other, and that 
this is how Jeff Cameron might have come up with the 
2™4 generation lifter idea. 


ADVANCED LIFTER TECHNOLOGY 


As an inventor, I couldn’t care less whether or not the 
idea for the technology came from a crashed UFO. To 
be perfectly honest, I’m not what you would call a 
“believer” anyways, although I have often wondered 


about it. My point is not to attempt to lend any credibility 
to “Art’s Parts”, but rather to tie in the properties of the 
anomalous material's high-voltage movement with the 
underlying theory of lifter operation. 


Even mentioning a UFO in a respected publication or 
article is the kiss of death in today’s world — and I 
wouldn't do it if it wasn’t an intricate part of the story. 
The other interesting thought is that the layered material 
is once again partially composed of Bismuth — which is 
thought to possibly have some of the same electro- 
gravitational properties as Bob Lazar’s Area 51 “element 
115”. Is there a similarity, or merely a coincidence 
between a claim that hasn't gained credibility and a 
technology currently under development? 


The lifter in its own right is essentially a layered 
material. One of those layers is the emitter wire, which 
is highly charged with about 30kV worth of electrons, 
another layer is the air-gap, which is approximately 3 
cm in height, and the final layer is an electrically- 
grounded “skirt” of aluminum foil that surrounds the 
lifter. It is also reasonable to expect that there are only 
two possible forces at work in the lifter — one of which 
being a possible ion-wind effect moving down from the 
emitter to the foil, and the other being a possible Biefeld- 
Brown effect, moving up through the foil to the emitter. 


There are a few shortcomings in the lifter as a design 
that might be overcome if we could transition the 
layered material from one containing an air-gap to one 
that does not. For instance, the lifter is currently a rather 
delicate object, in that having a wire under tension as 
the emitter makes construction difficult for future 
automated assembly. Additionally, because the air-gap 
requires struts to support the emitter wire, a trade off 
involving the weight versus the strength of the struts 
is additionally involved in any current implementation 
of lifter technology. 


Some of the other changes that would be helpful to 
implement when transitioning lifter technology from one 
type of air-gap to another are changes in the materials 
used to increase the dielectric capacity. High-K 
dielectric materials may be used to increase the 
displacement of electrons in the material to enhance 
charge transport. And since increasing the dielectric 
potential of the layered materials also increases the 
breakdown resistance, it means that thinner materials 
can be used. 


Designing a lifter without an air gap would 
accommodate lower voltage requirements between the 
foil and the emitter. The voltage would not have to 
create the large e-field gradient to create a leakage 
current across such a large void. Therefore the overall 
voltage across the device could be greatly reduced, 
without much cost in thrust. A lower operating voltage 
in turn means that a lower-output power-supply can 
be used for a given amount of current, which increases 
the overall efficiency. 


Transdimensional Technologies recent research is 
utilizing the layered materials approach to eliminate the 
air-gap and substitute for it high-k dielectric materials 
that may allow higher overall performance. Although 
they have not yet released details about the exact 
composition or thickness of the materials that they are 
working with, they claim to currently have a 10% 
reduction in weight using a low-voltage current across 
the thickness of their newest device. 


FUTURE LIFTER TECHNOLOGY 


Thanks to the tremendous amount of research being 
done on lifter technology by Transdimensional 
Technologies and a loosely affiliated group of inventors 
around the world, the future of lifter technology seems 
very bright at this point. 


Transdimensional hopes to release some breakthrough 
research to allow replication of their newest 2" 
generation experiments in the very near future, and 
along with that stands the massive body of research 
and advancements being done by inventors and 
researchers such as Jean-Louis Naudin, Saviour, the 
Lifters-group, and myself. 


My personal goals are to attempt to assist 
Transdimensional Technologies in popularizing this 
technology to increase awareness of it and help “spread 
the word” about what it is and how it can potentially 
help the world. 


Imagine if instead of getting in your car and driving 
through the usual maze of thoroughfares and side 
streets you were able to simply type in your destination 
and have a flying vehicle take you there automatically. 
The lifter technology offers to potential to transform the 
current transportation market by offering point-to-point 
aerial transport without the need for roads or freeways. 


Additionally, unlike the magnetic-levitation (“Maglev”) 
technologies that are currently being promoted as the 
future of transportation, the lifter does not require a 
specially constructed and exorbitantly expensive track 
to operate — the greatly reduces the per-unit cost on 
the technology and opens the door for wider adoption 
by the general public for transportation solutions. 


Other individuals are currently working to see if lifter 
technology may offer cost-effective methods of transport 
into space, which would reduce the cost greatly and 
allow a one-piece, reusable method of moving things 
into orbit. 


LIFTER RESOURCES 


All of the research involved with the lifter technology 
is available to the public on the internet. The list of 
resources below are some of the better and more 
common resources to obtain detailed lifter information. 


American Antigravity 
> http://tventura.hypermart.net 
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> The author’s website that includes video clips, complete 
instructions, and other related lifter information. 


Jean-Louis Naudin’s “Lifter Experiments Website” 
Dhttp://jnaudin.free.fr 

> Avery in-depth website containing video clips, complete 
instructions, 


World-Wide Lifter Replications 

> http://jnaudin.free.fr/html/lftwrld.htm 

> An overview with photos and video from many of the 
independent inventors who have replicated the lifter 
experiments. 


Transdimensional Technologies, Inc 
D>http://www.tdimension.com 


> The home page for Transdimensional Technologies, the 
developers of the lifter design. 


Blaze Labs (Saviour’s Research Website) 
Dhttp://bel.150m.com 

> An excellent site on research into lifter enhancements, 
radiation testing, sealed devices, power supplies, and other 
topics relating to lifter technology. 


Lifter Builders Group 

> http://groups.yahoo.com/group/Lifters 

> An email group for the exchange of research findings for 
those interested in building lifters or staying current on the 
state of the technology. 


NASA Patent #6,317,310 
> The NASA patent regarding obtaining thrust from an 
asymmetrical two-dimensional capacitor, grant Nov 13, 2001. 
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Nickolay E. Zaev works on creation of the prototypes 
of converter energy, which do not require any fuel. 
The direct conversion of environmental heat to 
electric power is possible in the processes of “charge- 
discharge” in non-linear condensers or by means of 
“magnetization-demagnetization” of ferrites. Such 
converters of energy create cold and electric power 
without any fuel. 


Theory of the converter, results of early experiments on 
the generation of microwatt power, methods and 
features of research are given in this article. The 
methods of generation of a few watts power are 
described in details. The possibilities and difficulties 
of creation of powerful capacitance converters are 
discussed in this article. 


I. Grounds of research. 


1.1. From positions of orthodox physics there is no 
subject of research. It is evident that the energy of 
charging (C) A, condenser C, is always equal or more 
than the energy of discharging (D) A,, i. e. always A 2A.,. 
Only the advanced analysis shows that it is not always 


dC 


true. Exactly, in C,, where — <Oan inequality A,>A, 


oV 


is possible, and in C,, where av <1 , then the work 


A,>A,. Therefore we should discuss the nonlinear 
capacitors (NC). In the end of 1969 I noticed a systematic 
inequality A,>A, during the measurement of A, and A, 
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of many capacitors with different dielectrics. Theoretical 
grounds and results of measurements of this 
phenomenon are given in the publications in 1984 [1], 
[2, page 73]. On the industrial standards NC (varicond), 
ceramic condensers VK2-ZSH, 4:6,8:10°uF with an 
optimal voltage about 95 V it was stated that 
A 


d 
A ~ 1,21 with the power to about 98:10° Wt and 


Cc 


“generated” extra power is equal to 21:10° Wt. 


1.2. In [1] and [2] the strict theoretical proofs of 
realization of A,>A, (there are four of them) are given. 





1 3 
On 1m‘° of dielectric |A,| = |A, sta. "Ey E, (E, is 


an intensity of the field, V/m; €, is a dielectric constant 
of vacuum, a is a coefficient of nonlinearity of the 
capacitor). Below we state one more proof more 
connected with the parameters of circuit. 


It is well known that with the charge of a linear capacity 
from the source of constant voltage V,=const through 


CV. 
2 


exactly equal to the output energy in the time of 
charging t, The output energy irradiated from the load 


the resistor R=const it gets an energy A, = 


i 
Ris a Joule heat O=R.- fr -dt [3, page 546]. If NC 
0 


(nonlinear condenser) is charged, then there are no 
proofs of such equation. The NC are the variconds or 


—— > 0 in the interval 


oV 


V=0-V,,. For the variconds V, is some voltage, which 


other capacitors, which have 


corresponds tothe maximumC, IfV>V,,then 7 <0, 


oV 


For some other capacitors V,,is a voltage breakdown. 


For further consideration let’s believe that in the 
operating area of the given sample of varicond a function 


Reality and Consciousness in 
Education and Activity 


A.P. Smirnov 


Vice president of International Club of Scientists 
190031, Saint Petersburg, Kazanskaya str., 36 
Tel: +7 (812) 312-0508 
E-mail: science@shaping.org 


Relation of thought to existence is the main question of 
philosophy as science on general laws of Nature was 
formulated but it still did not interpreted and solved in 
the frames of generally accepted logic standards. The 
ways to solve it lead to futile discussions of materialists 
and idealists, to senseless disputes of determinists with 
eclectics and apologists of the “chance”. This 
discussion lost its sense without a determination of 
terms under discussion and condemned debaters to 
have subjective “gustatory” senses, which were 
changing while aging and depended on the extent of 
received and conceived knowledge. Such is the situation 
in this link of World studying, which does not allow 
creating a logic chain of reasoning in the understanding 
of cognizable things. 


A paradoxicality of all things that happen is connected 
with incorrect translations and interpretation of 
wisdom of ancient philosophers and scornful attitude 
both to the knowledge of distant past and classical 
heritage, which highlighted the elements of natural- 
science approach to Weltanschauung. 


According to Plato, an ideal thing is a visual thing, 
which can be felt by our organs of sense. Therefore, the 
understanding of objective reality is mediated by the 
crowd of our feelings in such a way that perception of 
reality by means of these feelings gives us a notion of 
the World. Hence, our notions about reality are the 
subject of research in science, but not the World itself, 
i.e. the World outside of our consciousness. So, what 
should be studied in our notions about the World? Let 
us refer to the wisdom of ancient scientists again: “ The 
World is given in motion and its laws are the laws of 
motion”. Then, we should speak about laws, order, i.e. 
about relation and interrelation in the phenomena of 
motion. This is the distinctness in notions and actions 
(determinism) to predetermine further development of 
reality cognition logic, i.e. what has an influence on us 
and determines specific character of our perception. 
Further we can speak about formation of ideas about 
reality, which require some premises, principles to 
organize these ideas. These principles are given in 
classical heritage, in “Dialogues” by G. Galilee [1] and 
“Mathematical principles of natural philosophy” by I. 
Newton [2]. A notion of force as a measure for 
momentum was introduced, which manifests in action 
and disappears from the body after the action is over, 
and the body keeps its new state due to the inborn 
“inertia force”. But the force itself cannot do anything 
without its application with a certain speed. Then we 


introduce a notion of action as a product of acting force 
F, and the speed of action V,,. 


We offer a law of interaction, which determines the 
interaction between action of the cause and the effect 
appeared during this action as a reaction, i.e. the 
product of the force of reaction F,, and the speed of 
reaction V,. Thus, this interaction between the cause 
and the effect is determined by the transfer of action 
from one object to another in equal quantity, but with 
appearance of new quality, which is determined by 
specificity of interacting objects according to 
fundamental law of interaction: 


FV, - “FLV, 


Unfortunately, an incorrect interpretation of interaction 
manifestation as an opposite counteraction became 
strong in our mind. This manifestation is perceived asa 
compensation of cause by action of the effect. Moreover, 
the incorrect way of writing of the mathematical form 
of Newton's third law manifestation established in 
textbooks and scientific literature due to the incorrect 
translation as F,=-F,. This very tragic situation for the 
science suppressed the development of logic in 
description of processes. Chance and statistic approach 
to the description of phenomena has taken place in our 
perception. This approach is based on the model of non- 
interacting elements, in which there is no order 
stipulated by the interrelation of elements. The science 
has developed this model and its properties, and this 
fact predetermined the evolution of notions about real 
World. 


This ideology penetrated in mathematics, which for sake 
of physics began to study properties of objects, but not 
operations with them. Moreover, a possibility to reflect 
specific character of real physical processes in the 
interconnection of cause-effect relations by 
mathematical operations is not realized. It is essential, 
that fundamental law of interaction establishes 
manifestation and description of elementary act of cause 
and effect interrelation, the law of manifestation of a 
Fact. It means that order in the World is conceived 
through manifestation of concrete facts. The action of 
law of interaction lies in the basis of these facts. 


So, there is a conclusion: the World is perceived 
through the discrete manifestation of motion forms 
evolution. Hence, the discrete mathematics of finite 
discrete aggregate can be applied to describe the World, 
but not the continual mathematics, which lies in the 
basis of traditional orthodox physics. All these 
circumstances lead to numerous problems and 
difficulties in description of our notions of reality, to the 
plenty of used principles, which are in contradiction to 
each other, as R. Feinmann noticed once [3]. 


And what we can get from determinism, which is based 
on fundamental law of interaction, law of cause and 
effect interrelation? The change of force value in a 
reaction takes place, i.e. the change of value of the 
potential gradient, i.e. the change of energy 
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concentration. This circumstance is visually 
demonstrated by the operation of Archimedean lever 
as well as in all phenomena of the real World. This is 
Archimedean lever, where the loss of speed takes place, 
but there is a gain in force. And the load raised on a 
lower height than the way, which was made by the 
applied force, will give a huge power during its free 
fall. This power is higher in so many times, in how many 
times the time of the load fall is less than the time of 
action spent on its raising! And this is the fact, which 
determines specific character of creation in the real 
World. We should attribute both quantitative and 
qualitative characteristics to energy. This is the side of 
energy manifestation, which is reflected in Plank’s 
formula: energy is proportional to frequency. 


Manifestation of fundamental law of interaction also lies 
in the basis of general universal regularity of evolution 
of real many-particle systems with the change in 
external conditions. This process develops in multistage 
way, and on the each stage the logarithm of the ratio 
between the event happened and the event to happen 
always is equal to the work of external forces. In other 
words, the relation of the event happened to the 
resource is in exponential dependence on the initial 
conditions and extent of external influence. Exponential 
character of development of processes is the evidence 
that Nature develops according to the law, which 
conserves itself during evolution. This regularity, which 
manifests everywhere, can be naturally called the 
Principle of Order. 


Fundamental law of interactions and Principle of Order 
appeared to be enough to describe and understand 
phenomena in the observed World. And it is natural to 
expect that this principle of Nature manifest in finer 
World also. This World includes lower and higher 
frequencies, which are not available for us yet to watch 
this wide-range frequency-wave emanating Universe. 


From all aforesaid we should make a conclusion that 
the logic, which exists in the traditional physical tool, 


appeals to the model and principles of the World of non- 
interacting elements using the range of regularities, 
which also reflect some features of the real World, but 
they do not include fundamental law of interaction and 
Principle of Order, which are necessary and sufficient 
to describe reality. Descriptions existing in traditional 
physics are phenomenological ones and concern only 
those aspects of the phenomena under investigation, 
which do not include possible qualitative changes 
during development of processes, because the main 
property of real processes of interactions (creation of 
new energy property) was excluded. 


The current situation in physics had a strong influence 
on formation and development of other sciences, other 
fields of knowledge, since the logic of reflection of cause- 
effect links was initially excluded. These are the links 
to determine existence, i.e. existence of constant 
creation of the World. All these circumstances give 
grounds to fundamentally revise educational programs, 
first of all, in physics, philosophy, mathematics, 
chemistry and biology. A change to the offered logic of 
cognition, which is based on the Principle of Order and 
fundamental law of interaction, will fundamentally 
change our notions about the World as well as will open 
big opportunities for new technique and technology. A 
Man has got huge opportunities in cognition and 
existence, but due to his immorality and features of 
incorrect aims in the logic of cognition he cannot use 
these gifts of Nature. We present wider and deeper view 
on the World and a Man in it, which allow analyzing, 
watching and operating with those fields of reality, 
which manifest in finer World, World of higher-frequency 
energies and other structures of fields. Logic of cognition 
had not touched these structures yet. 
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Two kinds of energy, accumulated energy [1] and free 
energy [2], are considered as an inexhaustible source 
of natural energy created by Nature itself. It is 
ecologically clean and possible to be renewed in natural 
conditions. 


The energy accumulated in substance is released as a 
result of partial decay of substance in elementary 
particles. At that, the acquired defect of mass is so small 
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that it does not change chemical properties of substance 
and is compensated in natural conditions. Physical 
mechanism of energy-release lies in the fact that an 
electron in plasma layerwise takes sufficiently smaller 
elementary particles (electrino) from positively charged 
atoms or fragments of substance (ions). Electrino give 
their kinetic energy to plasma, heat it up and move 
beyond the bounds of reaction zone in the form of 
thermal and optical radiation. There is no substance, 
which could not take part in such process of energy- 
release, i.e. phase transfer of higher form (PTHF). The 
most appropriate, available and low-cost substances 
are air and water, which play the role of nuclear fuel in 
PTHE. It is turned out that usual combustion is also a 
process of PTHF, in which oxygen is a nuclear fuel and 
organic fuel is a donor of electrons. In the process of 
combustion oxygen atoms get the defect of mass equal 


concentration. This circumstance is visually 
demonstrated by the operation of Archimedean lever 
as well as in all phenomena of the real World. This is 
Archimedean lever, where the loss of speed takes place, 
but there is a gain in force. And the load raised on a 
lower height than the way, which was made by the 
applied force, will give a huge power during its free 
fall. This power is higher in so many times, in how many 
times the time of the load fall is less than the time of 
action spent on its raising! And this is the fact, which 
determines specific character of creation in the real 
World. We should attribute both quantitative and 
qualitative characteristics to energy. This is the side of 
energy manifestation, which is reflected in Plank’s 
formula: energy is proportional to frequency. 


Manifestation of fundamental law of interaction also lies 
in the basis of general universal regularity of evolution 
of real many-particle systems with the change in 
external conditions. This process develops in multistage 
way, and on the each stage the logarithm of the ratio 
between the event happened and the event to happen 
always is equal to the work of external forces. In other 
words, the relation of the event happened to the 
resource is in exponential dependence on the initial 
conditions and extent of external influence. Exponential 
character of development of processes is the evidence 
that Nature develops according to the law, which 
conserves itself during evolution. This regularity, which 
manifests everywhere, can be naturally called the 
Principle of Order. 


Fundamental law of interactions and Principle of Order 
appeared to be enough to describe and understand 
phenomena in the observed World. And it is natural to 
expect that this principle of Nature manifest in finer 
World also. This World includes lower and higher 
frequencies, which are not available for us yet to watch 
this wide-range frequency-wave emanating Universe. 


From all aforesaid we should make a conclusion that 
the logic, which exists in the traditional physical tool, 


appeals to the model and principles of the World of non- 
interacting elements using the range of regularities, 
which also reflect some features of the real World, but 
they do not include fundamental law of interaction and 
Principle of Order, which are necessary and sufficient 
to describe reality. Descriptions existing in traditional 
physics are phenomenological ones and concern only 
those aspects of the phenomena under investigation, 
which do not include possible qualitative changes 
during development of processes, because the main 
property of real processes of interactions (creation of 
new energy property) was excluded. 


The current situation in physics had a strong influence 
on formation and development of other sciences, other 
fields of knowledge, since the logic of reflection of cause- 
effect links was initially excluded. These are the links 
to determine existence, i.e. existence of constant 
creation of the World. All these circumstances give 
grounds to fundamentally revise educational programs, 
first of all, in physics, philosophy, mathematics, 
chemistry and biology. A change to the offered logic of 
cognition, which is based on the Principle of Order and 
fundamental law of interaction, will fundamentally 
change our notions about the World as well as will open 
big opportunities for new technique and technology. A 
Man has got huge opportunities in cognition and 
existence, but due to his immorality and features of 
incorrect aims in the logic of cognition he cannot use 
these gifts of Nature. We present wider and deeper view 
on the World and a Man in it, which allow analyzing, 
watching and operating with those fields of reality, 
which manifest in finer World, World of higher-frequency 
energies and other structures of fields. Logic of cognition 
had not touched these structures yet. 
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result of partial decay of substance in elementary 
particles. At that, the acquired defect of mass is so small 


Page 316 


that it does not change chemical properties of substance 
and is compensated in natural conditions. Physical 
mechanism of energy-release lies in the fact that an 
electron in plasma layerwise takes sufficiently smaller 
elementary particles (electrino) from positively charged 
atoms or fragments of substance (ions). Electrino give 
their kinetic energy to plasma, heat it up and move 
beyond the bounds of reaction zone in the form of 
thermal and optical radiation. There is no substance, 
which could not take part in such process of energy- 
release, i.e. phase transfer of higher form (PTHF). The 
most appropriate, available and low-cost substances 
are air and water, which play the role of nuclear fuel in 
PTHE. It is turned out that usual combustion is also a 
process of PTHF, in which oxygen is a nuclear fuel and 
organic fuel is a donor of electrons. In the process of 
combustion oxygen atoms get the defect of mass equal 


to 10°%, which constitutes the so small value that it 
cannot change chemical properties of oxygen and does 
not call killing radioactive emanation. 


There is a possibility to use energy properties both of 
oxygen and nitrogen of free air in the process of PTHF. 
To do this it is necessary to destroy nitrogen molecule 
at least in atoms or smaller fragments by some initiating 
influence. It is achieved by electrical discharge, 
magnetic flow, explosion and other means. These means 
consume much less energy than produced in PTHF. In 
particular, such processes were achieved in combustion 
engines. Such nitrogen mode of operation and 
combustion is accompanied by oxidation to H,O, but 
not to CO,, which is more effective in energy and 
ecological aspects. Accordingly, the power of engine 
increases and organic fuel is saved. Exhausts from this 
process mainly contain water vapor [3]. 


PTHF processes with excessive power release (more 
than consumed power) were also obtained in heat- 
generators operating with water. 


Free energy diffused in the surrounding space could be 
transformed into mechanical, electrical or another kind 
of energy by means of vibration-resonance, 
electromagnetic and other energy systems. 
Classification of these systems as well as physical 
mechanism of energy transformation is given in [2]. The 
known Searl’s engines can serve as an example of 
energy systems working with free energy. 


The developed physical mechanisms of energy-release 
processes will allow to create industrial, stably 
operating, ecologically clean energy systems, which do 
not consume organic and nuclear kinds of fuel, harmful 
for humankind. 
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Introduction 


In techniques and in our life we got used to certain 
physical notions concerning force. We usually use these 
notions in creation of automobiles, airplanes, rockets 
and other techniques, but we don’t think about the 
origin of forces in general. Usually appearance of force 
in continuum is connected with presence of momentum 
gradient. 


A number of works, which describe various versions 
about origin of a force appeared [1, 2, 5, 8, 17, 21, 22, 23, 
25, 30, 35, 36, 38, 39]. Different mechanisms of 
appearance of force are considered in these articles. 
Usually they consider origin of a force in one of the fields, 


which are: electromagnetic, gravitational and others. 
There was a theoretical attempt to connect the force 
initiation with energy gradient [33]. Experimental 
proof of force initiation due to energy gradient was 
obtained in the works [7, 38]. 


Below we made an attempt to show the general 
regularity of force initiation, which is connected with 
non-uniform distribution of energy in space. With this 
process, physical nature of any kind of energy and 
specific mechanism of force initiation does not play any 
role. These are only particular cases of general nature 
of force initiation. 


General nature of forces 


We are surrounded by space, which is full of energy. 
Here we mean the energy of any nature: mechanical, 
thermal, electromagnetic and others. Energy is related 
with material world and its value is connected with the 
volume. 


Any particle (volume) of continuum has energy: 
A= A(x, y, Z,t) (1) 


where x, y, Z are Eighler’s coordinates of the center of 
particle, t is time. 


Transmission of energy from one point of space to 
another one can take place by various methods, both in 
connection with energy transmission by material 
particle itself (which is a “carrier” of energy in this case) 
and without such transmission (for example, with wave 
motion). For the volume degenerated in ideal point the 
energy will be zero. That’s why it is more comfortable 
to operate with the energy density concluded in the 
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increasing constantly. We are the first who analytically 
got the law of gravity of the masses from the known 
equation of thermal conductivity. Appeared that on the 
relatively small distances (in the bounds of the Sun 
System) the law of gravity by Newton remains valid, 
but on the larger distances the sudden decrease goes 
on (Gauss integral), which naturally solves the famous 
Zelinger’s paradox of gravity. 


As aconclusion we should note that in the bounds ofa 
stable galaxy of a spiral kind there is the circulation of 
ether. Ether moves from the periphery of the galaxy to 
its center (nucleus) by two spiral branches. This 
becomes apparent as a weak magnetic field (8-10 micro 
Gauss). In the nucleus of the galaxy there is the impact 
of two strings as well as there is formation of the spiral 


toroidal circles (protons). Then the protons form the 
adjoined vortexes around themselves (electron shells) 
and from the proton- hydrogen gas the stars are forming, 
which are moving to the periphery by the same 
branches. There they dissolve in ether at the periphery 
since the protons will loose their energy and stability 
due to the viscosity. Ether which have got the freedom 
will return to the nucleus of the galaxy and this process 
is going on in our galaxy for hundreds milliard years 
and it will keep going until the new center of vortex 
formation will begin to concentrate ether. Then the new 
galaxy will appear and our galaxy will disappear. But it 
will not happen soon and we have enough time to 
understand that we should return to the concept of ether 
in modern science. 
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Editor’s note: this article represents a part of the big 
scientific conception “World models in the new scientific 
progress”. On applying of this conception a great 
number of practical technical devices have been created 
(as an example of such device we offer the description of 
universal electrical bio-heater, which was created by the 
group of researchers from Bishkek, Kyrgyz Science 
Technical Center “Energy” during the work on ceramic 
electroconvector). 


We have to note that the position of our editorial 
board concerning “time” and Kozyrev’s work is not 
in a good correlation with the authors’ one. 


Nicolay Alexandrovich Kozyrev scientifically and 
experimentally discovered the action of relations’ 
interconnection, which was falsely named as time. Time 
cannot cause action because it is absolute and does 
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not have any physical sense (Samat Kadyrov. 
Monograph “Theory of unified field”). 


Author’s note: relations’ interconnection is an 
interaction of structurally similar objects. It is a 
nuclear resonant gain-frequency process: in a 
stationary electric field, which is modeled by 
systematic organization, there is a development of 
similar to structural one, in-focus rays of powerful 
regular coherent radiations. These coherent radiations 
are determined by properties of chemical components 
of interrelated substances. 


According to N.A. Kozyrev, it is ought to expect not 
identical density of relations’ interconnection in space. 
Some processes decrease density; others on the contrary 
increase density of relations’ interconnection. Action of 
the increased density is weakened according to the law 
of reversed squared distances; it is shielded by a solid 
matter, at thickness about 5cm, and is reflected by a 
mirror, according to the familiar optics law. The action 
of the decreased density on a detector is shielded, but 
does not reflected by a mirror. Properties of a matter 
can be changed under the influence of relations’ 
interconnection. In this sense there is a big advantage 
in changes of electric current conductivity of resistor, 
which is brought into Witson bridge and is located near 
some process. For instance, in order to increase density 
it is useful to realize the process of evaporation of a 
volatile liquid; and for density decrease the process of 
cooling of a warmed-up agent can be realized. Due to 
these processes, change of conductor resistance is 
actually realized with opposite signs. Increase of density 
of the conductor with positive temperature coefficient 
leads to decrease of its resistance. At negative 
temperature coefficient there is an effect of the opposite 
sign, in the direction of changes, caused by temperature 
changes. Such correspondence to fall in temperature 
should be observed at changes of other properties of a 
matter, because disorder in a matter structure is 
reduced along with fall in temperature. The researches 
have shown the following results at the resistor, which 
was situated near processes of acetone evaporation on 
cotton wool and of solution of sugar in water. The 


relative resistance change of resistor was observed at 
the 6" or 5" digit after comma (or even at the 4" digit if 
resistors had especially high temperature coefficient). 


There is now a possibility to study the Universal World 
not only by means of the investigated spectrum of 
electromagnetic oscillations, but also through physical 
properties of relations’ interconnection. 


At many researches the influence of relations’ 
interconnection on resistor electroconductivity was 
investigated. Acetone evaporation (at 10-15 cm distance 
from the resistor) was applied there as the process, 
which controls sensitivity of a system. However, the 
process of evaporation can influence on the resistor not 
only with density increase, but also due to temperature 
increase that occurs at evaporation. In order to take into 
consideration this cooling effect, (in the area of 
evaporating acetone) temperature was measured by 
Beckman mercurial thermometer with 0.01°C 
multiplying factor. The first experiments (without 
thermal protection) have shown the fall in temperature 
by several hundredth of degree. This fall was enough 
to cause the changes of resistor electroconductivity. 
However, the thermometer had been keeping on the 
demonstration of practically the same fall in temperature 
at thermal insulation of the resistor. The thermometer 
reacted on the radiation of relations’ interconnection at 
acetone evaporation. 


The part of the thermometer with a placed in a 
pasteboard tube mercury tank was laid round with 
cotton wool and put into a glass retort. The experimental 
process was fulfilled near the retort, and the reading of 
mercury altitude in capillary was determined by the 
scale of the thermometer through the closed window 
in the next room. The mercury altitude was decreased 
at dissolution of sugar in water (with steady 
temperature) and it was increased at the release of the 
squeezed spring, which was placed near the 
thermometer. 


The radiation of the relations’ interconnection was 
observed from many stars. It is caused by the inner 
processes, which take place on these heavenly bodies. 
The Sun (with its turbulent processes) radiates the 
relations’ interconnection besides the searched 
electromagnetic radiation. Actually, if sunlight is 
recovered with a thin screen, the significant influence 
on the resistor will be discovered. The influences of 
the Sun to the Earth through the relations’ 
interconnection become doubtless. These influences of 
the Sun should have a particular significance in vital 
functions of organisms, because it brings the beginning 
for life support. The totality of the researches 


demonstrates the dependence of matter state from the 
changes of the general background of the relations’ 
interconnection. The drift of the devices (that show daily 
changes) usually stops about at midnight and then 
changes its direction. As for the seasonal course, there 
is a density decrease of the relations’ interconnection 
in spring and summer; and there is an increase of it in 
autumn and winter. It is connected with the absorption 
of the relations’ interconnection by the vital functions 
of plants and with the return of it at their fading. There 
are indications at the seasonal changes of chemical 
processes. For instance, reaction of polymerization has 
more difficulties in its realization in springtime. V. 
Zhvirilis observations of minimum and maximum light 
admission by means of the crossed Nickolya prisms can 
be explained by the crystalline reconstruction of these 
prisms. 


By Kozyrev, as being invisible, vital source is 
disseminated everywhere in Nature, thus possibility of 
its accumulation is the only necessary thing. Such a 
possibility is realized in vital organisms because all vital 
functions counteract to the usual course of systems’ 
destruction. The ability of organisms to keep and 
accumulate this counteraction is the reason, which 
determines the great role of biosphere for the Earth life. 
But even if we assume, that spreading of life in Space 
is one of its peculiar properties, biosphere will not have 
a decisive significance. 


Cosmic bodies (and first of all stars) can serve as the 
reservoir, which gathers vital source. Enormous stocks 
of energy flow out of stars in a very weak degree through 
the radiation of comparatively cold external layers. Inner 
stars energy is preserved so well, that even at the lack 
of supplement, matter of the Sun would become cold 
only at one third degree per year. For the Universe the 
creative source carries the relations’ interconnection. 
Thus cosmic bodies are necessary for support of life. 


Author’s note: We apprehend relation’s interconnection 
as natural radioactive background. In fact, it is a nuclear 
resonance gain-frequency interaction of inertial masses 
that depends on living systems, especially on its rituals 
and that regulates its survival. Cosmic bodies regulate 
this process. Humanity is able to control nature only 
obeying to natural laws. In-focus beams of powerful laser 
streams are formed in the electric field of living system 
organisms. The creation of proton-antiproton pair in the 
living cells, alongside with the process of the absolute 
release of energy serves as a creative vital force. The 
process of radiation, support, absorption of energy by 
the organization (assembly of particles) is realized 
through the relation’s interconnection and regulates its 
total mass. 


Humanity is able to control nature only obeying to 


natural laws. 
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Universal electrical bio-heater is intended for heating of 
rooms and preventive clearing of an air atmosphere from 
disease-producing organisms at continuous exposition 
(continuous work). The principle of its work 
fundamentally differs from those of the existing 
analogues. Carbon crystals are in the basis of bio-heater, 
which makes it environmentally appropriate. 


Bio-heater represents a range of ceramic cylinders, 
jointed with metal plates on top and underneath. These 
plates play the role of load-carrying structure. It is used 
in production areas and living rooms for heating 
alongside with destruction of pathogen microorganisms. 
One bio-heater with 0,2 kWtt power is oriented for 
heating of the area with volume 35-45m(in the future 
production of modernized models powered from solar 
cells is planned). 


As distinct from the usual oil heater, preventive electrical 
bio-heater destructs agents of infectious diseases, 
whereas, according to the researches, oil heater 
stimulates their reproduction. 


Absolute ecological cleanness is obtained by release of 
the quarters from the effect of increased atmospheric 
dampness with the temperature, appropriate to sanitary 
code. Any type of mold or fungus disappears in the 
quarter and in the future these forms do not renew their 
existence (even after removal of bio-heater). 


The absence of injurious radiations is attained by the 
following: features of raw material, which is used during 
the process of electrical bio-heater production; radiation 
is normal during bio-heater working. Pollution-free 
temperature influence is attained by favorable infrared 
radiation. 


Among the other properties of electrical bio-heater there 
are following: fire-safety; explosion proof; chemical 
inertness; enormous effectiveness from the point of view 
of electric energy demand. Structural simplicity 
facilitates its durability; there is nothing in bio-heater to 
be broken. 


Technical aspects (applied Know How): In the process 


of technologic production of ceramic cylinders, from 
which bio-heater is consisted, diamond-like cellular 
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ceramic structure with superimposed combination of 
atoms of lattice elements is created. Rhythmic work of 
cells, which form ceramic mixture, leads to resonance 
and creates a kind of blow wave (at micro level). This 
blow wave physically destroys microorganisms that 
have no calcium framework. It is related only to those 
microorganisms that are agents of infectious diseases, 
such as: staphylococcus, enterococcus, enterobacterium, 
etc. Thus parameters of the evoked blow wave coincide 
with vibration frequency of the definite types of 
bacterium and elementals. These blow waves cause the 
similar effect in room near of bio-heater, e.g. colonies of 
microorganisms are noticeably decreased there (even 
at the absence of bio-heater in the nearest room). 


Due to its self-organization, bio-heater works in the range 
of living systems, it is approached to them. There is a 
realization of active connection with living coaly forms 
of biological systems. Actually the work of bio-heater is 
adjusted to them. Bio-heater properties can be 
programmed at the process of its production. 


Bio-heater is a patented product. Patent KR 
#464 MKI C 04 V 33/24 “Ceramic mixture, 
possessing heat-radiating properties”. 
Application #20010075.1 at Patent KR #464 
MKI C 04 V 33/24 “The way of creation of 
energy, renewable, programmed hard-phase 
ceramic-carbon mass structure”. Application 
at Patent KR #464 MKI C 04 V 33/24 
“Technology of producing of electrical heaters 
with anti-resonant air prophylactic effect”. 


Finale product (FP) purchase is not more expensive than 
those of existent models of electrical heaters. Cost value 
is noticeably brought down on organization of the scaled 
production. It is ought to take into consideration that 
from all existent types of heating, from the customer’s 
point of view, this one is the most energy-efficient. 
Manufacturing of such bio-heaters can be organized on 
the base of acting industrial production of ceramic 
fabrics. It will require some expenses. Moreover 
production service is rather cheap because there is no 
need in maintenance staff. 


Electrical bio-heater can be applied everywhere, where 
there is a need in: a) economical heating; b) decrease of 
air moisture; c) disinfections of rooms. 


As for the life cycle of bio-heater it does not become 
obsolete morally and technically. It is produced from the 
materials, which are not liable to wear. 


The invention has a certificate of KR Gosstandart. From 
the end of 1998 the first unimproved modification of bio- 
heater (with power 0,6 KWtt) were put into serial 
production in Bishkek (with small test production runs). 
This time bio-heaters are readily used as medical 
equipment in hospitals and maternity hospitals in 
Bishkek. Inventor: Alexandra L. Belyaeva. 
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Editor’s note: this calculatious demonstrates the 
advantages of the device, which at 340 Wtt energy 
consumption produces about 700 Wtt of heat power. 


The calculation of heat output, coming from the ceramic 
electroconvector to a room, was based on the basis of 
research statement of EVNA-0.2/220 electroconvector’s 
influence on air micro flora of industrial rooms at 
23.10.01. - 06.11.01. period. 


The researchers were carried out in the arbitrary room 
in a four-storied large-panel building. This room was 
on the 3” floor, with facing east windows. The room 
was of 52.5 m° air-space, 3.5 m height and 15 m? area. 
The calculation of heat, was made on the basis of 
“Methods for calculation of the requirement in heat and 
electric energy of buildings”. These methods were 
registered by Department of Justice of Kyrgyz Republic 


Table 1 
Table of determination of heat entry and heat consumption’s correspondence in the experimental room 


External air temperature, 
°C 
Inner air temperature 
"E 
Normative heat consumption 
K Witt (Gcal/h) 
Experimentalheat 
consumption 
KWitt (Gcal/h) 


I +20 0.572 
pe Toms | 
2 |+10.2] +20 0.267 
a ee 
+10.2 0.158 
ee 
3 [48.5 0.314 
48.5 0.233 
& 





59 0.2-0.158=0.042 0.34-0.158= 
=0.182 


on 08.09.2000, #154. According to the normative data, 
temperature of inner air (t,,) in the room must be equal 
to +20° C. In Bishkek planned specified temperature of 
external air (t,,) for heating is minus 23°C. The average 
temperature of heating period is t,, = -0.9°C, specific 
heat characteristic of the building is: 

q=0.4 Kcal/m? h °C. 


Medium quantity of heat energy, which is required for 
heating, is determined by the formula: 


Q,, heating = q-V -(t,, -t.,)-1.12- 
. [(t., = boy Je (t,, _ boy )I Keal/h 


Q, ,heating=0.4-52.5-(20+ 23)-1.12- 
-[(20+ 0.9) + (204 23)]=492Kcal/h 


Thus at the average annual temperature of the heating 
period, which is: t= - 0.9°C, the quantity of heat energy 
required for this room, comes to 492 Kcal/h. 


According to the research statement, the trials of the 
electroconvector with 200Wtt power were carried out 
at the following external air temperature: +10.2°C; 
+8.5°C; +10°C; +6.6°C. The calculation data and results 
of its examination are brought together in a table. The 
parameters of electroconvector with 340Wtt power are 
demonstrated in the same table. 


Percentage depending on normative 
heat consumption 
% 

Economy of heat energy kWtt (Gcal/h) 
0.2 kWtt (0.000172 Geal/h) 
comparing with power 
consumption of the device 
0.34 kWtt 
(0.000292 Gcal/h) 


comparing with power consumption of the 
Economy of heat energy kWtt (Gcal/h) 


0.34-0.233= 
=0.107 


0.2-0.233=-0.033 


Page 45 


4|+10 +20 0.273 100 
(0.000235) 
Ried el 


0.355 
(0.000305) 


Los | seciaiaas 


0.34-0.355= 
=-0.015 


+6.6 0.366 
(0.000315) 


0.338 
(0.000291) 





Calculation data demonstrate a considerable economy 
of heat energy at daily unevenness of external air 
temperature. 


Heat productivity of the new structure of electric 
convector with 340Wtt power was calculated on the 
assumption on the suggestion that heating of the room 
is carried out by the irradiation at the process of heat 
exchange. 


E=e-C,-T*-10° Wtt/m? 


where: C, =5.67 Wtt/m’* K*is a radiant emittance of 
blackbody, €=0.93 is an emissitivity factor of the 
surface of earthenware duct tube; T= 70°C =343 K is the 
temperature of the surface of earthenware duct tube. 


On substitution of the known values into the formula 
we get: 


0.34-0.338= 
=0.002 


0.2-0.338=-0.138 


E =0.93-5.67 -343* -10°° =727 Wtt/m? 


As the area of irradiation surface is equal to S=0.96 m2, 
then quantity of heat, which is evolved by the convector, 
comes to: 


E, =S-E=0.96-727 = 698 Witt (or 600 Kcal/h) 


The quantity of heat, which is required for the heating 
of the room, is 492 Kcal/h (at the external air temperature 
equal to minus 0.90 and temperature in the room equal 
to plus 200). 


Thus, electric convector with 340 Wtt power is able 
to heat totally the room with 60m3 area. 


Editors note: 340 input and 700 output!!! 








Longitudinal Waves in Vacuum: 
Creation and Research 


Ph. Dr. Kirill P Butusov 


190121, Saint Petersburg, Angliysky prospect, 5-18 
Tel: (812) 113-8511 


The author presents a new elegant system, which is 
the symmetrized Maxwell's equations. In practice it 
gives a possibility to create the longitudinal waves in 
vacuum. This system is of great importance in 
telecommunications and aerospace technigue. 


There is a stable paradigm in electrodynamics that the 
existence of the longitudinal waves in vacuum is 
impossible. This paradigm played its negative role 
preventing scientific minds from solving this problem. 
However, Maxwell was not as categorical in his opinion 
on this question as his following were. 


Particularly he wrote: “Science of electromagnetism as 
well as optics is not able to confirm or deny the 
existence of longitudinal oscillations.” 


Maxwell’s dynamic equations are usually considered 
as partial derivatives in time. However, the total 
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derivative in time includes the so called substantial 
derivative, which was shown in the equations for the 
moving coordinate system. In particular, one of these 
equations was written by Maxwell himself to explain 
the phenomenon of electromagnetic induction 
discovered by Faraday. This induction takes place in 
the conductor moving across the field lines of 
electromagnetic field: 


E=VxBi (1) 


Other equations were obtained later by other scientists. 
In the table I below Maxwell's equations are given ina 
split form. Their static and dynamic parts are given 
separately as well as the equations for moving and fixed 
coordinate systems. Such matrix concept of Maxwell's 
equations allowed finding their incompleteness. Really, 
the analysis of the matrix shows its high symmetry. 
However, full symmetry of the system of equations is 
broken by the absence of the equation (X). It seems to 
be strange and calls a desire to remove this defect in 
such an elegant system of equations. 


A new equation is introduced in the Table 1 for the full 
symmetry of the matrix: 


(X) 


Fundamental Properties of 
Aether 


Alexander M. Mishin 


Author’s note: In the article the principles 
determining major properties of aether are 
formulated on the basis of an empirical material. 


Real aether [1-6], the primary and superfine essence of 
which is still a secret, has turned out to be absolutely 
non-standard superfluid three-dimensional material 
medium, which simultaneously is at solid, liquid and 
gas phases. The first master phase of aether is a 
specifically solid absolute space or an energetical 
“bottom” of the Universe (“celestial stronghold”). At 
that the solid phase is considered as mesomorphic 
vortical-wave structure, which has particular 
holographic properties. Classical matter represents to 
be one of the stable and energetic space-time levels of 
the Universe. Aether vortexes exceed all conceivable 
space scales, have quasi-material properties and create 
a great number of stereo-dynamic subspaces (parallel 
worlds). 


The first basic principle, to which aether entirely follows, 
is the principle of the least disturbance (the least action). 
Many well-known and unknown physics laws are the 
subsequent of this principle. In particular, any motion 
in macroscopic aether happens in such a way to 
minimize the interaction with the matter of our world, 
with zero moment of the disturbance momentum. In the 
classical physics this principle has been reflected as 
Le Shatelye principle, as variation principle, laws of 
thermodynamics etc. 


The second principle is the principle of fractality, which 
confirms the similarity of forms and properties of 
quantum aether vortex structures regardless of their 
space scale. This principle also determines the Universe 
as stereodynamically multivariate system in the form 
of hierarchy of vortical-wave structures of the unified 
aether (fractal matreshka). On the researching of the 
macroscopic objects of the Universe it is possible to 
make a conclusion about microcosm structure if taking 
into account the changes of frequencies and velocities 
of action transmission. 


In the third place there is a principle of physical 
autonomy, which confirms that any solitary mass (for 
example a planet) creates aether system. The particular 
principle of relativity, which reflects one of the fractal 
properties of the Universe, can be applied to this system. 
Such autonomous mass becomes similar to the 
miniuniverse with its aether subspaces, which repeat 
the basic phases of the Universe spectrum in more 
narrow (which depends on the size of mass) frequency 
band of space-time frequencies. Thus, in the local 
system of the Earth solid aether reproduces the 
structure of gravitational field with energy “bottom” in 
the mass center. As the result such spherical body 
occurs to be an energy drain and warms up from within. 
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The fourth is the principle of interaction between matter 
and vortex-wave forms, which do not depend to the 
spectral part of the Universe, that is quasimatter. This 
is the principle of new interaction in nature. The value 
of energy interaction in each experiment diminishes in 
time according to exponential law that is explained by 
the forming of energy informational or adaptation 
barrier, which separates parallel worlds and reflects the 
properties of vortex tenacity of aether as superfluid 
medium. At that, time of interaction is proportional to 
the size of quasimatter and the barrier for the earthly 
conditions is lowered at the indefinite period, on the 
assumption of only thrice-repeated observation of forces 
(triad law). 


According to this principle, aether dynamic experiments 
in the earth laboratory do not have classical 
repeatability that, from the one hand, gives occasion to 
doubts in the objectivity and scientific character of the 
non-traditional experiments and from another hand it 
is the most reliable test feature of macroscopic aether 
motions. Biosystems have special relations with this 
principle. 


The fifth is the principle of many-dimensional 
autobalance of forces. All vortex and linear motions of 
macroscopic aether organize themselves in the way that 
in the band of space-time spectrum of the local system 
(usually with the aid of fluid and gas aether) occurs to 
be self-balanced, that is they have zero resulting 
impulse and the moment of impulse due to the existence 
of the proportionate antivortexes and antistreams of 
another spectral structure at the same space volume. 
The self-balanced vortex structures and streams are 
practically closed for the outer watch from the direction 
of our material world, at least with respect to the 
methods of classical physics. The principle of 
autobalance of forces reflects aether properties as 
unified synergetic system and has a significant applied 
meaning. 


Let call the principle of viability of aether dynamic 
systems as the sixth principle. Only a stereodynamic 
multivariate system is a viable one, that is a system, 
which during a definite period of time has the 
opportunity, called as life cycle, to realize interconcerted 
self-oscillating processes of vortex-wave character 
simultaneously at different phase states (subspaces, 
layers) of aether. The most important features of sucha 
system are its space-time quasimaterial (vortex-wave) 
broadbandness and finite time of existence, which is 
determined by the conditions of creation of the energy- 
informational barrier. Self-oscillation regime demands 
the presence of an energy source, oscillatory circuit (a 
pendulum) of any character, intensive process (of 
negative tenacity) and a channel of positive feedback 
(negative entropy). 


In the sense, referred above, any material system is 
viable and occurs to be a big system in the form of 
coordinated community of multivariate subsystems. In 
its turn each big system as a part of the hierarchy is a 


constituent of bigger system, until everything is 
embraced by the Biggest System, that is the Universe. 


The seventh principle of the universal energy 
interchange is the physical realization of the law of unity 
and struggle of oppositions. This principle determines 
spontaneous creation of thermodynamic and 
antigravitation potentials. Any local matter mass (a 
body), situated in the open space, creates an exchange 
process with the surrounding aether volume in the way 
that more fine-structure fluid aether is absorbed by the 
body, and the less power-consuming gas aether is 
radiated. As the result the body as a heat engine gets 
energy due to the cooling of aether exteriors. At that, 
antigravitation forces acts between bodies and aether 
exteriors, which have different temperature. 


This principle, which establishes the existence of 
antipodes of the second law of thermodynamics and 
Newtonian attraction, is realized mainly in cosmic scales 
and explains in which way the energy is created in the 
bowels of planets and stars and why the Universe is 
stable as regards to gravitation. Obviously, the most 
unexpected for the modern Physics is the discovery of 
non-traditional nuclear processes where conditional 
reactions of decay and fusion occur at the usage of 
quasimatter. 


More deep research of new experimental results and of 
the stated above scientific principles lets to determine 
the priority-driven strategic tendencies in Physics, to 
open more entirely the laws of mechanics and 


thermodynamics of many-dimensional aether, including 
the theory of non-traditional waves and new types of 
electromagnetism. At that, the supreme aim is the 
research of differences in aetherodynamics laws on the 
Earth (in a laboratory) and in outer space, the 
unknowing of these differences has caused logical 
insularity, false all-sufficiency of classical physics, which 
had refused as “not wanted” the aether conception and 
fundamental Universal laws. 
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Irving Langmuir and Atomic 
Hydrogen 
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Editorial 


In this paper Dr. Nicholas Moller describes the history of 
development of Atomic Hydrogen technologies in details. 
It is remarkable that this technology can be applied not 
only for welding processes but also as a clean free energy 
source. It is important to note that in this case the 
hydrogen process does not involve a consumption of 
hydrogen, which is not combusted in the process. Atomic 
hydrogen is not really a fuel but rather a medium, 
gateway or a super-conductor of ZPE form the vacuum 
of space, converting ZPE radiation and ultra-high 
frequency electrical energy into infrared (heat) radiation. 


This is the story of Irving Langmuir who was the first 
to develop a theory on Atomic Hydrogen on the basis of 
empirical research and experimentation. His work in this 
field lasted from 1909 to 1927. During this period he 
was employed by the Research Laboratory of General 





Irving Langmuir. 


Electric Company. Patents and discoveries developed 
by Langmuir during his time with General Electric were 
to a considerable extent instrumental in laying the 
foundations for what is today one of the largest 
corporations in the world. 


The question that gave birth to this article, is why his 
work and discoveries on Atomic Hydrogen were the only 
work that received hardly any attention at all and why 
his revolutionary breakthrough was deprived of world 
attention for almost 100 years? This question becomes 
even more relevant when taking into consideration the 
high standing he enjoyed with his contemporaries 
(including being awarded the Nobel Prize in Chemistry) 
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and it is better to make it distantly after exclusion of 
man presence near experimental stands and devices. 
At the same time it is quite obvious that on applying of 
small capacity and fixed time of irradiation it is possible 
to develop methods for curing of human diseases, which 
are considered now as incurable (for instance of 
diabetes, some diseases of haematogenic system, of 
cancer and possibly of AIDS. 
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142703 Vidnoe 3. Moscow Region, Russian Federation 


Introduction 


Authors communicate the data on influence of Magnetic 
Blow Wave (MBW) field on several wineproducts. It was 
found, that MBW did not lead to significant changes in 
the major components of the wineproduct (sugar, 
organic acids, minerals). At the same time the taste and 
aroma of treated wine become more pleasant; content 
of heavy alcohols and wine stone in the treated samples 
was less than in non treated ones. A mechanism of 
transformations was also discussed. 


Keywords: Magnetic Blow Wave (MBW), Wineproduct, 
GLC of aroma compounds and ethanol, HPLC of sugars, 
Atomic Absorption Spectrometry (AAS) of minerals, 
Heavy alcohols and aldehydes, Wine stone, Turbidity 
tendency, Organoleptic evaluation 


Magnetic Blow Wave (MBW) was obtained for the first 
time during the investigations on ball lighting 
generation under the laboratory conditions 
(Shakhparonov 1994). MBW as a physical object is 
interesting because of some facts, which suggest that 
MBW is a magnetic monopole. The MBW can also 
interact with the matter and transforms it in a definite 
way. Typical example is an elementary carbon in the 
form of graphite, which is transformed by such magnetic 
treatment into ferromagnetic substance (ibid). 
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The graphite, which is initially diamagnetic, transforms 
to paramagnetic one with general radiation doze of 
about 7:10’ neutrons/cm?. Other types of radiations 
could not affect this way (Svoistva 1975). So one unit of 
MBW can be considered as 1:10° of neutron masses. This 
fact may be regarded as an indirect evidence for 
assuming that MBW and magnetic monopole are the 
same things. In the absence of excited radioactivity a 
slow MBW [v/c < 1-104] occurs, which does not ionize 
atoms (Devons, 1963). Therefore, their interaction with 
the matter can be observed only indirectly. No data exist 
on the interaction of MBW with organic substances. The 
experiments and results reported in the present 
communication may be a starting point for development 
of technology and to formulate the methods for vintage 
wine and best quality spirit production. 


Materials and Methods 


Assuming that MBW and magnetic monopole are the 
same things, a number of conditions were selected for 
all experiments. The MBW source and the samples were 
placed in the same axis and the axis was oriented 
according to magnetic meridian direction. Such 
magnetic orientation is appropriate, as the energy of 
magnetic monopole theoretically increases in a 
magnetic field (Devons, 1963). All of samples were 
placed at 250 cm distance from MBW source, in 
hermetically closed glasses. It should be noticed that 
MBW could penetrate through many other barriers, for 
example into cast iron reservoir with wall thickness of 
5 cm (Amaldi, 1970). 


The quality investigations were made by using of 
standard equipment. HPLC, equipped with 
refractometric detector was used for sugars estimation. 
Separation of organic acids in forms of their ethyl esters 
and acid esters was carried out chromatographically 
using a column packed with polyethylenglycol 
succinate and the following temperature option: initial 
temperature is 120°C, final temperature is 220°C, 
temperature growth rate: 8°/min. GLC was also 
employed for determination of ethanol. Minerals content 


was examined with Atomic Absorption Spectrometry 
(AAS). Electronic spectra of samples were obtained with 
double beams UV Vis spectrophotometer equipped with 
permanent wavelength scanning. Redox potential was 
measured with EV-74 potentiometer. 


The aroma alterations in the wine samples were 
investigated by GLC method after preliminary 
concentration of aromas by solid phase adsorption. The 
concentration was carried out by barbotation of inert 
gas (nitrogen) through liquid and consecutive catching 
of volatiles with tube trap, filled by Polysorb 1 sorbent 
(Lur’e 1972). The well-known analogue of Polysorb 1 is 
Porapak O. The tube may be regarded as a short 
chromatographic column, and volatiles go through it 
according to their retention times. The choice of sorbent 
was motivated by the fact, that retention times of water 
and ethanol was rather small (ibid). Thus, a 
concentration process can be ended at the moment, 
when water and ethanol have passed through the 
column, as the other volatiles remained bonded. The 
aroma desorption was made with ethyl ester. The 
analysis of the concentrates obtained was carried out 
with gas chromatograph equipped with flame ionisation 
detector (FID), column 3m x 3mm, packed by Carbovax 
M on the Supelcoport. Temperature for the analysis was 
programmed from 100 to 190°C with increase of 1°/min. 
Isothermal conditions in the borders had durations of 2 
and 40 min respectively. The “mild” conditions of 
separation were also employed (initial oven temperature 
was 80°C with isothermal condition duration 5 min, 
temperature growth rate 1°/min, final temperature 
150°C and isothermal condition duration 40 min). 


Optical activity was tested with Spectropol at D line of 
Na (580 nm). The samples were evaluated 
organoleptically by a group (12 persons) of workers from 
Russian Institute of Canning Industry. Turbidity tests 
were made under the methods of Valuiko et al (1987). 
In some cases, qualitative tests were completed by MPL 
turbiditymetric measurements. Before testing samples 
were filtered. Determinations of heavy alcohols and 
aldehydes contents were carried out in accordance to 
National Standard (GOST, 5363-67) as follows below. 
Determination of the constituents of “heavy spirits” (i 
pentanol, i butanol) was based on reaction of the sample 
with salicylic aldehyde in a presence of H,S0,. Rose 
colour develops if sample contains the heavy alcohols. 
The density was measured with Vis-photometer and 
the quantative determination was carried out using 
standard graph made with mixture solution ofi pentanol 
and i butanol. A method for determination of aldehydes 
content is based on a reaction of fuchsine sulphite. The 
developed colour was measured with Vis-photometer. 
Calibrating plot constructed basing on typed solutions 
was used for quantification. 


Results and Discussion 
Investigations of wine quality changes after MBW 


treatment were performed using two samples of 
portwine (“Zemfira”) type wine. Sample 1 was a 


reference (non treated) and sample 2 was treated with 
MBW. 


In both samples, the fructose and glucose levels were 
practically the same and amounted to 
43.8+ 3,32.22.5 g/] respectively. Sucrose and maltose 
were absent. Total sugar content was 76.0 g/1 though 
the level marked on the label was 80 g/l. It is thus 
apparent that the treatment of wine with MBW does 
not lead to noticeable changes of sugars content. 
Results of organic acids determinations are given in the 
Table 1. 


Table 1 
Main organic acids content, g/1 


Lactic 0.00187 
Oxalic 0.0088 
0.18 
4,22 
0.0895 
0.483 


Succinic 
Malic 
Tartric 
Citric 





Standard deviation for the determination method was 
estimated as 7 %. This fact shows that differences in 
organic acids content are not significant. It should be 
noted that a tendency of slight increase in light acids 
(up to malic) in the treated wine was observed in 
contrast to noticeable change in more heavy acids. The 
ethanol content of both of samples was 181 and 
184 g/l for non treated and treated samples, 
respectively, though the label on the bottle indicated 
190 g/l concentration. Standard deviation was 5 %. Thus, 
MBW treatment does not lead to significant changes in 
alcohol content. 


Atomic Absorption Spectrometry (AAS) data indicated 
that the samples were practically identical in terms of 
K, Na, Ca, Mg, Fe, Cu and Zn contents (data are not 
shown). 


Similarly, spectra of treated and non treated wines, 
diluted 150 times before photometring, were practically 
identical, thereby pointed out that polyphenols are 
unchanged. 


When wine is industrially treated with IR or microwave 
heating, ultrasonic, ultraviolet and g radiation, different 
reactions occur and there include redox reaction, 
esterification, condensation, hydrolysis, Maillard 
reactions, etc (Kishkovsky 1988). Most of reactions are 
accompanied by redox potential changing. Increase in 
Redox potential points out the increase in concentration 
of oxidants, i.e. oxygen, peroxides, and other 
compounds, which are electron acceptors. Redox 
decrease is a result of oxidation processes (ibid). Redox 
potential was practically constant (A E= 145 mV and 
150 mV in samples # 1 and 2 respectively). Evidently, 
oxidation processes, like they occurred during heat 
treatment, were absent during the MBW treatment. 
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One of the important reactions to be considered is the 
Maillard reaction. Essentially it appears in form of 
browning, decrease in reducing sugars and amino acids, 
and new aromas formation. While our result evidences 
on absence of irrelevant aromas, alterations of wine 
colour, and sugar content, thereby indicating 
insignificant contribution of Maillard reaction on wine 
quality changes due to MBW treatment. Technological 
treatment often leads to esters accumulation that 
improves wine aroma. It’s well known that the most 
important in this context are the esters of C,-C,, fatty 


acids (Kishkovsky 1988). During heat treatment, storage 
and other physical influences, different kinds of acid 
esters accumulate. These have weaker aroma than 
esters of fatty acids. But their appearance proves the 
existence of esterification processes. A comparison of 
aromas chromatograms of the samples 1 and 2 proves 
occurrence of changes in concentrations of the 
individual substances (increasing of peaks length with 
retention times of 13.10, 100.9; decreasing of peaks 
length of 54.85 min). An order of peaks exit of different 
volatives is given in the Table 2. 


Table 2 


Exit order of different volatiles 


Exit order, from 
published data for 


Retention time in 
our experiments, 


Exit order, from 
published data for 


Retention time in our 
experiments, min 


Carbovax 20 M 


Acet aldehyde 
Ethyl acetate 
Diacetyl 
Methanol 
Ethanol 
n-Propanol 
i-Butanol 
Butyl acetate 
i-Butyl acetate 
Ethyl valerate 
n-Butanol 
Amyl acetate 


A comparison of retention times of components with 
peaks of standard substances of wine aroma indicates 
that butyl acetate and i-butanol are very close to peak 
2. Data on chromatographic separation with mild 
condition showed that i butanol and butyl acetate peaks 
exited simultaneously. Organoleptic evaluation recorded 
a nice smell in the treated wine, thereby due to the 
formation of butyl acetate. Data indicated the presence 
of ethyl malate, ethyl tartrate and ethyl citrate in the 
samples, in addition to two peaks corresponding to 
ethyllactate and ethyl oxalate. The large experiment 
error does not allow any inference on changes of their 





Carbovax 20 M min 
i-Pentanol 

i-Amyl butyrate 
Acetone 
n-Pentanol 
i-Amyl valerate 
Ethyl lactate 
Ethyl caprilate 
Acetic acid 
Diethyl succinate 
Ethyl laurate 
Phenyl ethanol 
Diethyl malate 


height after magnetic treatment. Identification of peaks 
with retention time factor especially in such complex 
system is not unquestionable. However, the best way 
is to use the chromato mass spectrometer, which allows 
inference according to their individual mass-spectrum. 


Organoleptic evaluation can depend on aliphatic 
alcohols content. Determination with GLC shows (Table 
3), that their quantity in the both samples is rather small 
with respect to average values taken from literature for 
this type of wines. Thus such changes can not be 
recognized with such evaluation. For both of samples 
pH was equal to 4.0. 


Table 3 
Aliphatic alcohols content, mg/1 


Alcohol Sample #1 


Methanol 


i-Propanol 
n-Propanol 
i-butanol 
n-Butanol 
i-Pentanol 
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Average 
literature 
values 
(Kishkovsky 1988) 

80-350 

0,3-3 

5-50 

20-100 

2-10 

100-250 


Sample # 2 


less than 20 
less than 10 
less than 20 


The results of optical activity measurements indicated, 
that both samples are not optical active. Filtration, 
clarification and dilution could not change the optical 
activity. Perhaps, there is a compensation of different 
forms of D- and L- compounds in the samples, thus 
total activity was very close to zero, and magnetic 
influences could not change equilibrium between the 
forms. 


Organoleptic evaluation of more delicate taste and 
aroma of the treated sample with respect to non treated 
one, MBW treated sample as more complete, harmonic, 
noble, and natural in contrast untreated sample was 
recorded as excessively bitter and sour in spite of 
practically the same pH of samples. 


It is interesting to test the tendency of wine to make a 
different kind of turbidity after the MBW treatment. Data 
showed that both samples were not positive for protein 
turbidity. In term of reversible colloid turbidity 
formation, after storage at 7.5°C for 1 day, the MBW 
treated sample was homogeneous, in contrast to the 
formation of different phases with different 
refractometric numbers in untreated sample. Both the 
phases in untreated sample were liquid, with a density 
very close to each other, but the borders of phases were 
like broken lines when crystallization begins in 
crystallization process. This alteration in untreated 
sample may be due to micelle state changes or of 
structurization of product. 


The tendency test for polysaccharide turbidity based 
on the reaction with phenol in presence of H,SO, and 
determination of the derivative formed by 
photometrically, indicated, that difference in 
concentrations of polysaccharide in the both samples 
are very small, the levels being 119 and 106 mg/I for 
untreated and treated samples respectively. These 
values are close to range of polysaccharide stability 
(150-200 mg/I), and thus do not allow any conclusion 
on changes of relative stability of the samples. A 
tendency for polyphenols turbidity, due to polyphenols 
associates precipitation upon addition of salt did not 
show differences. Turbidity, as determined in MPL 
apparatus, was 15 FEM as against value of 0.2 FEM 
before testing in untreated sample. These numbers were 
respectively 14 and 0.3 FEM for treated sample. Thus it 
indicates that both the samples are very stable with 
respect to polyphenols turbidity and that the magnetic 
treatment does not lead to alteration in the polyphenols 
stability. 


The data on the colloid stability indicate, that both the 
samples showed rather high resistance against protein, 
polysaccharide and polyphenols turbidities. Besides, 
treated sample showed higher stability with respect to 
reversible colloid turbidities. 


It is interesting to investigate as to how heavy alcohols 
and aldehydes, which are often produced, when low- 
grade technology is used, are affected by magnetic 
treatment. For these studies, a system of simple mixture, 
consisting only of spirit and water, was used. 


Commercial vodka bottled in standard 0.51 bottles and 
artificial solutions, containing 40 % of food derived 
rectified spirit were used. Data showed, that MBW 
treatment significantly influenced the heavy alcohols 
content, as the reduction in heavy alcohol was more 
than two times. In addition, it reduced aldehydes by 
more than 3 times in vodka, and more than 30% in 
rectified spirit. Data indicate that efficiency of aldehydes 
removal is higher when the sample contained higher 
level of aldehydes. Thus, the MBW treated vodka and 
rectified spirit will be better than untreated one. It is 
however stressed that untreated samples were also 
recorded as good by sensory panel. So, limits for 
aldehydes are usually present in high quality vodka 
established by National Standard (GOST 5363- 67) are 
6 - 15 mg/I. Thus the organoleptic evaluation of samples 
does not allow to find difference in aldehyde levels in 
these samples. 


Table 4 


The main results of heavy alcohols and aldehydes 
determination 
(mg/1) in vodka and solution, contained 40 % of 
rectified spirit 


Substance | Non-treated | Treated Non-treated Treated 
vodka vodka spirit spirit 
3.38 1.5 
0.6 0.4 


Sediments formation and its character were also 
evaluated. The sediment in treated grape juice was 
dense and more dark, the formless, non crystalline sort, 
and gel like form. The volume of the sediment occupied 
up to 30% of total volume. The sediment did not sink or 
float, nor it stick to the walls of glass. It was found that 
100 ml of juice gave about 155 mg of dry sediment. 
Microscopic investigations showed an absence of any 
kind of bacteria or fungi in the sediments. 


Alcohols 8.7 2.55 
Aldehydes 1.5 0.4 





The effects of high energy of magnetic influences on 
sediment were also investigated. The experiments were 
carried out with “Portwine Erevanski, vol. 0.5 1, white, 
spirit content 19 vol %, sugar 10 %, prepared according 
to GOST (National Standard) 7208-84”. Crystalline 
sediment appeared on the walls and especially on the 
bottom of the bottle after the BMW treatment. An 
amorphous precipitate was also presented, and it can 
be separated by decantation. Crystalline sediment, after 
washing with ethanol and drying to constant weight, 
weighted 69.2 mg, and was of bright brown colour. A 
tartrate content as a tartrate acid, of the sediment was 
59% mass. If it is considered as a tartar (a wine stone) 
of potassium sodium tartrate, then tartar content in 
sediment works out to be 86%. If it is considered as a 
tartar of dipotassium tartrate, tartar content in sediment 
will be 93%. 


Generalization of data shows the positive effect of 
magnetic treatment on the wine samples, leading to 


harmonic taste of treated wine and absence of non 
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pleasant tastes. Most of the changes were found to bein 
the flavour and taste components, which were minor 
substances in the product. For example esters 
concentration changes during the treatment. At the 
same time the content of major components, such as 
sugars, organic acids, particularly, heavy organic acids, 
and especially ethanol remain constant. It seems logical 
from kinetic point of view, when simple processes, like 
esterification, are preferable with respect to many 
stages reactions, and reactions with high activation 
energies, which can go at hard conditions. Also, it seems 
logical that magnetic treatment may influence on 
electrical state of colloid species. Thus magnetic 
treatment can be considered as mild, selective in the 
comparison with many other physical methods. 
Nevertheless, the changes lead to acceptable 
energetical and nutritious value of the product. Data 
show that difficult problems, such tartar removal, can 
be solved by MBW treatment. 
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The Fundamentals 
of the New Principle of 
Motion 


By The Group Studying Inertialess Natural Processes (GSINP) 
123430, Moscow, Mitinskaya Str., 40-1-244 Email: gibip@mail.ru 


P Sherbak 


The concepts of active and passive interaction between 
the moving object and the space form the basis of the 
new principle of motion. 


So as to be more understandable, let’s consider what is 
the old principle of motion. For this we will use the 
concept of a moving object and the space in which the 
object is moving. Naturally, material objects and the 
space can’t interact between each other directly, 
because the space is the philosophical category. In this 
case we can understand physical essence of natural 
phenomena easily. In our view, the material objects 
interact with some fundamental energy of space (FAM), 
which fills all space with a different density. Thus the 
energy (FAM) is inalienably connected with the space. 
One of the first names of this energy is “ether” in the 
early scientific works. So, for the simplicity we will 
accept that the object and the space interact between 
each other. 


Thus, all existing methods of motion which have been 
invented by mankind till the present time are based on 
activity of the material object that means the one 
expends some energy to produce the motion, and at 
the same time space is passive, it means that space 
does not need to spent any energy to move the object. 
And so in common case space tries to keep the object 
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in the former state interfering with accelerated 
movements of the object (in accordance with the 1*, 
the 2™ and the 3"? Newton's laws). 


It should be noticed that such method of motion (for 
the speed, which is much less than the speed of light) 
takes place both in animate and inanimate natures. In 
this case the level of energy of motion and reaction of 
space (or an environment) are not very high. 
Incidentally, the energy of object can be of different 
types: electrical, chemical, biochemical, mechanical etc. 
The common consequence of this type of motion is 
existence of the inertia. The classical physics can’t 
answer the question: “what is inertia?» The same 
situation is applied to the concept of mass, which is 
closely connected with inertia. The classical physics 
says that the mass is a measure of inertia. 


There is the new principle of motion of material object: 
the object is passive and space is active. In this case 
it’s more favorably for space in the energy aspect to 
move the passive object and to spent some power then 
to keep the object in the present place in the former 
state of immobility (in accordance with the 1*, the 2"? 
and the 3"? Newton's laws). And so we should introduce 
the 4" law of Newton's mechanics. It says that there 
are the systems of coordinates in which the body is 
Moving not rectilinearly with acceleration when this 
body is in the state of immobility. 


The basic and the main differences of the offered 
principle of motion from the existing methods at the 
end of the XX century are the following: 


1) The absence of inertia of motion; 
2) There are no limits for the speed of motion; 


3) The absence of “fuel reserves” “on board” of the 
moving material object. 


Nikola Tesla and 


Instantaneous Electric 
Communication 


Vladimir I. Korobeynikov 


Russia 
E-mail: elen@mail.infos.ru 


Nikola Tesla (1856-1943), an outstanding inventor, was 
and still remains one of the most mysterious persons in 
the history of electrophysics. Whereas the most scientists 
were moving together in direction of microparticles 
investigations, as the basis of matter structure and of 
nature itself, he was going in opposite direction. He had 
a keen interest in the investigation of electric charge of 
the Earth as a whole. He was looking for the ways to 
influence on it, to control its state and methods of its 
regulation. 


Therefore, exactly, the most of his searches, experiments, 
the purpose of constructions and buildings, created 
according to his conceptions, cause perplexity and 
misunderstanding of scientists even in nowadays. 


The most mysterious of his main experiments were made 
in USA after 1904. After Nikola Tesla death in 1943, all 
his diaries and records over a period from 1904 year had 
mysteriously disappeared. Probably they were stolen (it 
was known, what to take). Lost records could “cast light” 
on one of the most “strange” of his buildings in the form 
of the enough tall tower, on the top of which a specially 
created toroidal transformer was placed. This transformer 
could create there a huge electric potential up to the billion 
volts. 


Nikola Tesla switched on this tower-device, what caused 
the fright and even panic in mind of people from nearby 
settlements. Of course! Because of very high electric 
potential there began air ionization, which spread very 
high to the atmosphere accompanying by the effect of 
color play. Such luminous, color-playing sky caused even 
a horror of people, who knew nothing about the 
experiment made and its goals. They did not guess that 
Tesla by means of the electric charge, created of the tower, 
was influencing on the electric charge of the Earth as a 
whole (about 600000 Coulomb). There was a global scale 
in Nikola Tesla’s investigations. 


There is no point in detailed analysis of the fact that the 
potential of the tower top influenced on the Earth charge. 
Interaction of charges-balls with the distortion of field 
lines, distortion-distribution of charge on their surfaces, 
induced charge, is beautifully described even in school 
physics textbooks. In Nikola Tesla investigations the 


Earth had the role of one of the charged balls. It was 
possible by changing of charge on the tower to deform 
electric charge distribution on the whole Earth surface at 
once. This deformation (electric currents) could be fixed 
at once in every point of the Earth surface. It is alluring 
to use this effect for data transfer telecommunication, both 
on the Earth, and in space. 


After such introduction the question “How does the 
system of instantaneous electric communication for any 
distance look like and work?” is still opened. First of all, 
the readers need to know, that such instantaneous 
communication is possible in principle. The proving it 
theoretical calculations, are rather difficult for popular 
interpretation. Some part of readers can take it on trust, 
and those who are most interested in can apply to works 
of Oleinik V.P. (quantum physics) the professor from Kiev 
Polytechnic University. At the minimum there are two 
necessary works: Oleinik V.P. “Faster-than-light transfer 
of a signal in electrodynamics. Instantaneous action-at- 
a-distance in modern physics” (Nova Science Publishers. 
Inc. New York. 1999) and Oleinik V.P. “Latest 
development of quantum electrodynamics: self- 
organizing electron, faster-than-light signals, dynamical 
heterogeneity of time.” (Physical vacuum and nature. 
4. 3-17. 2000). 


“PC” magazine has devoted a rather significant article 
entitled “Computers and teleportation” to V.P. Oleinik 
works, concerning instantaneous electric communication 
(“PC” #6, 2000). Note, that the author of the given article 
has also found the possibility of instantaneous electric 
communication, but by means of materialistic methods, 
absolutely different from Oleinik’s ones, what is most 
important — two different solutions point to the possibility 
of this communication. “PC” #6, 2000 in the article 
“Circles on fields” cited mathematical formulae of the 
structure of electron electro-magnetic field as an 
illustration (it refers to the Earth too) that the author of 
this article has got. 


The most attentive readers of that article could notice, 
that one vector Hz absolutely “ignores” Special Theory 
of Relativity, since its mathematical expression does not 
include the velocity of light, whereas it presents in other 
vectors as a product of electric and magnetic conductivity. 
Magnetic line of this Hz vector goes to infinity and returns 
back from infinity. It surrounds the whole Universe. It is 

alluring to use exactly this (Hz) line for the instantaneous 
communication for any distance. 


It is not so difficult to do it. In the Fig. 1 the easiest and 
most available for understanding line of the 
instantaneous electric communication is shown. A 
rotating charged dielectric ball (an “electron”, isn’t it?) 
is used as transmitter. The ball can be electrically charged 
up to the limit of charge flow-out into the ambient space. 
Around the charged rotating ball there appears electro- 
magnetic field, entirely analogous to the electro-magnetic 
field of the Earth (and of the electron too). The central 
magnetic line Hz goes to the infinity and returns 
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Fig.1 


Line of the instantaneous electric communication on the basis 
of rotating charged ball and pyramid 


back from it to the opposite side of the ball. In the same 
way the central magnetic line of the Earth (Hz) goes from 
one pole to the infinity through the whole Universe and 
returns from it to the center of the opposite pole. 


If by the information to force the rotating ball (electron) 
to “wag by tail” (by Hz vector) which stretches through 
the whole Universe, then this “wagging” can be controlled 
instantly in every point of the Universe. While the rotating 
ball has a steady distribution of the surface charge, the 
line Hz does not change its dynamic position in the 
Universe. 


If such distribution of the surface charge is broken, space 
position of the line Hz also will change. On mounting 
the Tower of Nikola Tesla on the surface of rotating ball 
and measuring the potential on this tower in time with an 
information it is possible to change the charge distribution 
on the ball, and, respectively, the space position of central 
magnetic line (Hz) in the whole Universe at once. Big 
disadvantage of the Tesla tower is that maximum 
influence on charge is executed in the point under the 
tower, and farther it began decreasing roughly 
(exponentially), according to physics laws. 
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Hence it is advisable to influence on the whole surface 
of charged ball, but not on some point of it. It is possible 
to influence at once on the very big part of surface by the 
long capacitor, placed on the perimeter (equator) of the 
charged rotating ball. Because of optimality reasons, this 
capacitor length should not exceed a quarter of the ball 
perimeter (equator) length. Charging and discharging this 
long capacitor on the ball equator by the data signal, only 
the position (angle 5) will be changed, not a value of the 
infinitely long magnetic line (Hz) in the Universe. It is a 
data transfer. 


The natural question appears: “How to make on the Earth 
the most powerful transmitter for the instantaneous 
electric communication?” The answer suggests itself: “It 
is necessary to use the Earth itself as a rotating charged 
ball.” It is not effective to use Nikola Tesla’s Tower to 
deform the Earth electric charge. To place on the Earth 
very long (about thousands km) capacitor is quite easier. 
However, it must be placed not on the equator exactly, 
but moved a little bit because of the initial heterogeneity 
of the Earth surface charge distribution, caused by the 
presence of continents and oceans. It will be necessary 
to find the line of electric equator, where the amount of 
charge north and south of it is similar. This line will not 
be ideally straight and will be situated near the 30! 
parallel. 


As a matter of fact, this grand capacitor 1s already built, 
but is half-broken. This capacitor is very well known — it 
is a Great Chinese Wall. The ancient, powerful Chinese 
Tzcin’ Shi Huandi empire adapted and used it (capacitor) 
for the protection from nomads incursions. How 
unexpectedly and originally it is! In this case the electric 
iron would be the best tool for spiking. It is clear enough 
that the charged ball (as well as the Earth) will “wag by 
tail”, which stretches through the whole Universe and 
does not change its energy, but only changes its position 
in space in time with information. Now we can go on to 
the question, concerning the way to control the Earth 
“wagging by tail” in the Universe, and thus to read 
information instantaneously in any point of the Universe. 


In the Fig. | it is shown the input device of the electric 
communication receiver, made of the magnet sensitive 
material (it can be soft-magnetic ferrite) in the form of 
pyramid, with the proportions of well-known Egypt 
pyramids. Magnetic field lines of the far space pass 
through the pyramid from the top to the base and are 
concentrated by pyramid. If there is no signal (the 
“wagging by tail” of the far planet-transmitter is absent), 
then the magnetic flow, coming through the pyramid, does 
not change, and induced voltage in the coil, placed in the 
base of the pyramid, is absent (no information). If 
“wagging by tail” begins, then the magnetic flow, coming 
through the pyramid, will change, and it will cause the 
appearance of voltage on the coil in the base of the 
pyramid in time with the information. 


Thus, the signal is received instantly. Here it is necessary 
to remind once again the difference between the 


instantaneous and usual radio transmission. The usual 
radio transmitter for the transmission of the information 
uses the energy distortion of space by the information. 
This energy change in space happens with the velocity 
of light and hence there is the loss of time for information 
passing. In the considered case there is noenergy change 
in space, there is only a change of magnetic lines position 
(Hz). 


This is exactly the vivid and fundamental difference 
between the usual electric communication and the 
instantaneous one. In other words, in usual transmitter 
during the fixed time interval there is the change of 
signal energy (instantaneous value), whereas in 
instantaneous transmitter there is no this change (only 
information). This is exactly the fundamental 
difference. 


Evidently, to receive instantly the signal from the opposite 
part of our Galaxy, we need rather big pyramid, in order 
to concentrate a big amount of field lines into the 
oscillatory circuit under the pyramid. The question can 
appear: why the pyramid, why not a cone? The point is 
that lines of the Earth magnetic field (the very lines that 
compass needle reacts on) in the any place of the pyramid 
horizontal section have the same density of distribution 
and are directed strictly parallel to the pyramid base. The 
cone in its horizontal section cannot provide such 
uniformity of distribution that is why it is not advisable 
to use it. From the space magnetic field lines pass through 
and concentrate in the pyramid strictly at right angle to 
the pyramid base. 


This is the riddle of pyramids wonderwork. Any person 
coming into a pyramid, at the same moment feels the 
change of mental and physical condition of organism; 
whish is very different from that it was before the entering 
into a pyramid. Of course! Visitors come inside, into 
concentrated magnetic field lines of the powerful and 
functioning magnetic core of the receiving electric circuit, 
what is absent outside the pyramid. 


Itis strange, but most of tourists are afraid of the ill effect, 
which can be produced by electrical systems on their 
health, but there they stand in a queue to feel this effect 
in pyramids. Concentration and division of magnetic field 
lines are the easy and effective way to reject a noise, 
created by the Earth magnetic field. 


It is clear, pyramids should be oriented very thoroughly, 
so that lines of the Earth magnetic field would be strictly 
parallel to the base and to the opposite (East-West) sides 
of pyramid. To get such exactness of orientation in 
modern conditions is very problematically. 


The most convenient place to build a pyramid (pyramids) 
is on the electric equator, in the place of its intersection 
with the electric meridian. Such place is located in Egypt, 
near its capital Cairo. And again we meet a paradox: such 
pyramids are already built on the Earth, but they are half- 
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broken. And Egypt was not less powerful than the ancient 
Chinese empire. 


The Egyptian dynasty of Pharaohs has “completed” and 
adapted pyramids to burial-vaults, where mummies of 
dead Pharaohs were buried. Perhaps, it is even more 
incredible than in China. The impression is given that 
ancient powerful civilizations on the Earth had a 
competition between themselves, who will use radio- 
engineering constructions for instantaneous galactic 
communication in the most incredible way. Let’s give to 
a reader an opportunity to select a “winner”. 


Usual amenme 





Ag 
Usuel 
Tecsiver 


2 


luforraion 


It must be noted that «PC» already published information 
that the Chinese Wall and Egyptian Pyramids are radio 
engineering constructions, intended for the instantaneous 
galactic communication (PC #114, 1997, etc). 


There appears an interest in the possibility to produce 
very simple and manufacturable systems of instantaneous 
electric communication right now. Radio-electronic 
industry can produce them, but still does not guess about 
it. 
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pupils are capable to use them. In the Fig. 2 there is shown 
the construction of instantaneous electric communication 
line in comparison with the usual one. It can be produced 
even at home conditions. Two permanent magnets, 
connected between each other by analogous poles, are 
used as transmitting circuits. 


Permanent magnets can be replaced by electromagnets. 
In the magnet connection point there is a coil, which while 
the signal passing through it will change its position (angle 
5) in the space of the central magnetic line (Hz), coming 
out from the place of two magnets connection. Receiving 
circuit is available to be made of the flat ferrite, but coil 


must be winded along, through butt-ends of core, so that 
the whole internal part of the coil would be maximal (in 
area extent) filled by ferrite. 


The obtained coil can be completely “winded” (screened) 
by flat ferrite of big size. For more clearness of the 
experiment the central magnet line of transmitting part 
must be directed strictly along the axis of the receiving 
coil. 


Now, if we give the alternating voltage (information) from 
transmitter to the transmitting coil, fixed on the permanent 
magnet, then the receiver, connected to the circuit of the 
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transmitting coil, placed on the flat ferrite, will detect an 
alternating voltage (information). Maximum effect is 
achieved at the resonance (coincidence of transmitter and 
receiver frequencies). 


It is checked. It works. The dullest experts in radio- 
electronic (after the reading above) can rejoin, without 
making an experiment, that it is an absolute nonsense 
that any communication is out of the question. Coils with 
absolutely perpendicular axes, besides one of them is 
screened, do not interact with each other. 


And here the most interesting thing starts. In the Fig.2 as 
it was mentioned above, the usual communication line 
and the instantaneous one were compared. The usual 
transmitter cannot generate the vector Hz that is why 
systems of usual and instantaneous communication cannot 
see each other in strict sense. What does it mean? It 
means, that in the same city it is possible to transmit on 
the one-carrier frequency (“what a nightmare!”) two 
absolutely different television channels without any noises 
of one to another. 


Usually by frequency match of a transmitter to the 
working frequency of another one, the radio 
communication is broken, but here it does not happen. 
Here some additional explanation should be given. As 
the vector Hz, which “ignores” the theory of Einstein is 
received from Maxwell equations, it follows that the usual 
(Einsteinian) system and the instantaneous (Maxwellian) 
one work on mutually perpendicular electromagnetic field 
lines (vectors). 


In the Fig. 2 such difference is shown clearly. These are 
just “jokes” of complex numbers, when one value is 
absolutely perpendicular to another and nevertheless 
together they form a single whole. In other words it means, 
that two greatest persons in science Einstein and Maxwell 
as a matter of fact are something like “Siamese twins”, 
completely grown together at the angle of 90 degrees, 
even by heads. On the one hand every one is on his own, 
but nevertheless they are the common (complex) 
organisms. 


Hence there are a lot of misunderstandings on happened 
phenomena. How many scientists tried to find some 
mistakes of Einstein? They produced very convincing 
proofs concerning instantaneous interactions in nature. 
These scientists did not suspect that time and still do not 
guess now that they already for a long time are “walking” 
in the complex physics, which still does not exist. Einstein 
and Maxwell (“Siamese twins’), each occupies his own 
part of the complex number (complex physics) and they 
cannot be already taken off from there. 


The only third, free “vacancy” is left to throw on the both 
of them at once the common “collar” and “reins”, i.e. to 
fasten them (“twins”) together by module and argument 
as any complex number. In this case no matter how the 
one part of complex number “ignore” the other one, only 
its argument will change, and module always will be equal 





to the conditional unit. Only this single fact in principle 
changes the conception about “appearance” and 
“disappearance” of elementary particles! Even considered 
instantaneous and usual communications on the same 
receivers and transmitters in a complex conception 
(complex physics) eliminate appeared 
“misunderstandings” of all kinds. 


Advantages of the instantaneous (Maxwellian) electric 
communication are especially evident during the 
connection with long-distance spacecraft. At present in 
the interval between sending of control signal to the 
station in region of Solar System peripheral planets and 
getting the reply it is possible to have a small break for 
dinner (it is very convenient). 


In the case of the instantaneous electric communication 
use, duty operators will have “no dinner”. Moreover, the 
system of instantaneous electric communication can 
realize two-way communication underwater and from 
underwater to overland. It is clear that input and output 
circuits of such system must be covered by slushing 
composite for the protection from aggressive effect of 
the salt sea-water. Such systems of instantaneous 
communication are very required to submarines. 


Now, when readers know and understand the principle 
of operation of instantaneous (Maxwellian) electric 
communication systems and their advantages over usual 
ones (Einsteinian), we can only wait, when radio- 
electronic industry will start to produce these very 
required systems. 


ELECTRIFYING TIMES 


an online and published magazine about Electric, 
Hybrid, Fuel Cell Vehicles, advanced batteries, ultra 
capacitors, fuel cells, microturbines, free energy 
systems, events and exhibitions worldwide 


63600 Deschutes Mkt Rd, 
Bend Oregon, 97701 
541-388-1908 
fax 541-388-2750 


etimes @teleport.com 


www.electrifyingtimes.com 
Subscription $13/3 issues 


Institute for Planetary Synthesis 


P.O. Box 128, CH-1211 Geneva 20, 
Switzerland 
Tel. 41-022-733.88.76, Fax 41-022-733.66.49 


E-mail: ipsbox @ipsgeneva.com 


website: http://www.ipsgeneva.com 








New Energy Technologis Issue #3 (6) May-June 2002 
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(The unified super-principle, 
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(Editor’s comments by Alexander V. Frolov) 


A forum of the leading USA physicians took place in 
the White House in March 1998 in presence of President 
Clinton. There was only one question: “When will the 
nature of Gravitation be opened?” 


The well-known USA physician-astrologer S. Hoking 
declared that it possibly would occur in twenty years 
and it would be the Unified Theory of All. So, the 
scientific world by default called it the greatest 
discovery of the future. 


Some time later a new hypothesis pretending to this 
discovery has got its birth in Orenburg. Despite this 
fact this hypothesis would gain recognition and status 
of the Greatest Discovery of Mankind only by 2018 that 
was predicted by S. Hoking. 


To present day there have been written a lot of 
hypotheses on this problem but they haven’t been 
recognized. Many scientists consider our Universe as 
living and functioning according to the unified and rigid 
laws in Macro and Microworld, which provides 
automatic regulations of all its processes due to 
circulation of radiant energy of the Universe life in 
cosmic space. This energy is inexhaustible and 
environmentally clean, and Mankind may learn using it 
in the nearest time for the welfare and for prevention of 
contradirectional irreversible ecological catastrophe. 


There is no alternative for humankind to escape and it 
will not appear in the future. Only cosmic energy will 
save us. From the book “Secret Doctrine” by E.P 
Blavatskaya we can get complete information about the 
fact that a highly developed civilization of Atlases on 
the Earth had a “General Theory of All” yet 10-12 
thousand years before our civilization. They had no 
automobiles, but instead they had flying objects 
(aircrafts) “Vimana” of various types as well as ships 
and submarines, on which they also used Cosmic 
energy. 


While reading an abstract in General Soviet 
Encyclopedia, I got acquainted with the theory of 
“Aether wind”, which was abolished in the beginning 
ofthe XX century, and then I understood that this theory 
contains a deposit to discover the nature of gravitation. 


The nature of gravitation is the only one and there 
are no alternatives in theoretical as well as in physical 
sense. When scientific world of entire planet abolished 
the theory of “Aether wind”, it lost the possibility to 


Page 142 





discover the nature of gravitation. The XX century was 
marked by a revolutionary development of scientific and 
technical progress, but there was an almost 100-year 
stagnation in cognition of the Universe elements. 


The theory of “Aether wind” supposed that all Cosmos 
is filled with aether particles flying with the speed of 
light (these particles are “neutrino” according to 
modern understanding). The role of gravitation, carrier 
of light and retarding medium in Cosmos was 
attributed to this motion of particles. 


But this theory allowed chaotic motion of particles, 
which is impossible in mechanism of the Universe, 
which is adjusted up to automatic mode. Besides, 
motion of these particles is not possible without an 
absolute buffer unit, which prevents their head-on 
collision at the speed of 600000 km/sec (it is 
thermonuclear explosion and death of matter, i.e. the 
Universe). E.P Blavatskaya wrote that Cosmos is filled 
with radiant energy of the Universe life, luminophore, 
electromagnetic aether. Thereby she predicted a ready 
solution to make correction in the uncompleted theory 
of “aether wind”. On the basis of above stated and due 
to the un-assumed dawning up, the theory of “aether 
wind” was completed. It was the ground to develop a 
hypothesis of radiant “aether wind”. Particles of this 
wind (neutrino) are electromagnetic particles and move 
with the speed of light in all directions as 
contradirectional paired single-stream flows (like 
electrical current in twin-wire cable). Due to this, an 
absolutely stable concentration of these beams in 
cosmic space is provided according to the principle 
“what has come in, the same has gone out”. 


The hypothesis formulates new views on the problem 
of structure of elements of the Universe material world. 


Some separate conclusions do not match the views of 
modern scientific thought on the problems of physical 
principles of material world structure and functioning 
of the Solar system. 


List of topics of the hypothesis 


1. The hypothesis disclosures the operating 
environment of a super-mechanism, which controls the 
Universe (it is a radiant “aether wind”). 


2. It disclosures the nature of retarding mechanism of 
flying objects in Cosmos (its name is Lorenz-Fitzgerald 
compression). 


3. It proves the absence of Universal gravity and beams 
of light as we usually conceive it. (The beams of aether 
wind collide and compress matter. An alternative to the 
notion about beams of light is a temperature wave 
impulse on the beam of aether wind. It explains why 
the speed of light doesn’t depend on the speed of the 
source of light. Light is a “passenger” on the beam of 
“aether wind”). 


4. This hypothesis disclosures the mechanism of 
stablization of rotary and orbital movement of the 
Universe matter in macro- and micro world due to 
retarding medium in Cosmos. 


5. It disclosures the mechanism of reverse rotation of 
Venus due to the forces of autorotation. 


6. It disclosures the mechanism of reverse orbital 
movement of planets and satellites of planets. (Such a 
planet had not been opened yet, but there are 6 satellites 
in the Solar system, which move counter to the others, 
and it is not an occasion, but a particular case of the 
effect of aether wind beams). 


7. It disclosures a real nature of Tungusska catastrophe. 
(There were about 100 hypotheses, but neither of them 
was recognized to be true). 


8. It disclosures the nature of gravitation and gives 
an explanation that gravitation can be: 

- usual (vertical); 

- horizontal; 

= circular 
It is important to note: not the entire matter takes 
part in gravitation, but 1/3, i.e. 33,3% of matter. 


9. It disclosures the nature of Levitation and proves 
that 1 liter of water on the surface of the Earth can have 
the weight from 0 up to 3 kg. 


10. It disclosures the role of gyroscope effect in life 
support of the Universe. The gyroscope effect allows 
transformation of translation energy of radiant 
“aether wind” to the rotational energy for practical 
needs of humankind. 


11. This hypothesis gives scientific and technical 
recommendation for creation of cosmic energy 
converters. 


12. It gives scientific and technical recommendation for 
producing of levitation effects for any technical systems. 


13. It disclosures the possibility of cosmic flights with 
the super-light speed. 

14. It explains experiments on metering of horizontal 
gravitation (The first experiment was made on February 
27, 1999). 


15. It disclosures the particle (neutrino) of original 
matter of the Universe and gives its characteristic. 
(Ancient thinkers called modern “neutrino” as “Aether”, 
and it was not occasionally, because its diameter is in 
10% times smaller than atom's diameter. 


All matter of the Universe consists of the same 
indivisible particles “neutrino” presented by three 
groups: 

- “energy” group, which is in the beams of “aether 
wind”; 

- building group, which forms the part of any micro 
particle; 

- free group (neutral-reserve) as a building material 
for new matter and operating environment of all 
electromagnetic processes. 


All neutrino of three groups rotate with the speed of 
3x10* rps (equatorial speed of neutrino is equal to the 
speed of light). 


Fields are formed in every particle as a result of rotation: 
- strong field of a small volume doesn’t allow particles 
to close up; 
- weak field of a big volume is a general mechanism of 
gravitation. 


As scientists write at the present time, the World is 
subdivided on a dense world (which we can see) and 
fine world (invisible). At that the density of such world 
is in 10*°times less than density of water. 


It is known in science that all matter of the Universe 
both great and small rotates and is a gyroscope. 
Particles of matter get rotation with their birth, thus 
the fields are born in them simultaneously. Matter 
cannot exist without rotation, which generates fields. 


All mechanism of interaction between three groups of 
particles is based on the mutual repulsion. This is the 
only mechanism, which always and automatically is 
able to create the necessary stable interval between 
the particles and only this mechanism provides the 
function of gravitation. 


Many scientists of the late XX came close to the 
discovery of the nature of gravitation, but they didn’t 
accept a thought to conceive the motion of aether 
particles as a pair-counter flow. And there are three 
necessary conditions to realize gravitation: 
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1. The particles should have the fields of repulsion. 
2. The contradirectional flows should envelop the 
particle of matter from two sides. 

3. While one beam is passing a matter mass then the 
force of fields should decrease and gravitation effect 
should appear. 


Mechanism of gravitation 


Gravitation appears due to the intersection (Editor’s 
note: interference) of fields, produced by beams particles 
and fields of the visual matter. As it was mentioned 
above, the beams are paired and contradirectional. 
Usually the beams in cosmos are mutually balanced and 
they do not call gravitation effects. 


But on the surface of the Earth the contradirectional 
beams are not similar in their power. The powerful 
beams come from above, i.e. they only penetrate the 
atmosphere, and the weakened beams come from 
below, i.e. they penetrated all the Earth. Thus, 
gravitation appears. 


Gravitation is a unique property of “aether wind” 
beams to loose part of their power during penetrating 
of matter mass. Gravitation is the difference of forces 
of contradirectional beams. (Editor’s note: Really other 
authors reported this idea also. I cannot find who was 
the first in discussion about gradient of aether as nature 
of gravitation.) 
Horizontal gravitation 


As a particular case, there is horizontal gravitation on 
the surface of the Earth. It appears on the boundary 
between lowland (of the sea) and plateau. In this case 
one beam goes above the surface of the Earth (water), 
and the counter beam penetrates mountain range and 





weakens. The first measurements of horizontal 
gravitation effect were made on February 27, 1999 on 
the route Orenburg — Samara at 49 km before Syrtinskiy 
slope. 


A leaden load (0,5 kg) on the float (a piece of foam 
plastic) moved on the water surface (not in the sea but 
in basin) towards the mountain. 


Horizontal gravitation is much more weaker than usual 
gravitation, but it can reach the value that makes water 
to flow at some angle upwards. 
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Circular gravitation 


Only fast-rotating bodies can create circular 
gravitation. 


All bodies rotate by their orbits around the Sun in the 
open space of Solar system due to circular gravitation 
guided by rotating the Sun. Furthermore; circular 
gravitation always is direct (co-directional to the Sun 
rotation) and reversed gravitation on the periphery of 
Solar system. A planet with reverse orbital movement 
had not been discovered until now, but 6 satellites of 
planets in the Solar system have reversed orbital 
movement. 


Here is the proof of the fact that circular gravitation 
appears only around the fast-rotating bodies and slow- 
rotating bodies, for example, the planets Venus and 
Mercury cannot form circular gravitation, that’s why 
they have no satellites. 


Our Sun is a prototype of mechanism to transform 
translation energy of aether wind beams into rotary 
energy. 


(Editor’s note: According to Kozyrev, any staris a 
transformer of time (chronal type of energy) into 
heat energy. Really, the aether wind can be 
considered as the chronal type of energy in our 
understanding and for our usual three-dimensional 
measurement equipment. To my mind it is a clear 
link to notion of 4-dimensinal objects, i.e. the time. 
Time can be described by parameters of the 
aether wind, i.e. its velocity, direction and 
density. So, we can say that quantitatively time 
can be described by formulations for kinetic 
energy of the aether movement. From the other 
hand it is equivalent of heat energy, which can 
be measured by usual methods after 
transformation of the longitudinal waves of the 
aether in transverse electromagnetic waves). 


Therefore, any mechanical disk rotating very fast will 
create a circular gravitational field, which is able to 
rotate all bodies in the direction of the disk (for example, 
a rim mounted on its bearing co-axially with rotating 
gyroscope). I designed and tested a similar device in 
January 2000. A gyroscope (of 200 mm diameter and 3 
mm thick) was over-speeded up to 18 thousand rpm. 
Rotation of gyroscope called slow (but with a good 
momentum) rotation of the rim of 15 kg weight. 


The gyroscopes with the mass of 0,5 kg, 15 kg and 90 
kg were tested during summer of 2001. All them called 
rotation of the rims. 


(Editor’s note: There are other experimental facts. 
Fast rotation of mass should produce rotation of 
some part of nearby aether. Self-closed aether forms 
vortex and if photon is trapped by this vortex, then 


experimenters can see “ring of light” near rotating 
mass. The rings or self-closed photos can exist in 
the same place after the mass was stopped or 
removed away.) 


Nowadays gyroscopes in military devices are over- 
speeded up to hundreds of thousands of rpm. The more 
rates the gyroscope has, the more energy the rim will 
produce if it is connected to some generator. But these 
research works led to single-valued conclusions that 
gyroscopes themselves cannot produce big quantity of 
additional cosmic energy not jointly with permanent 
electromagnets. The Sun as well as planets has natural 
electromagnetism and their circular gravitation 
increases in many times due to the presence of 
electromagnetic fields. 


(Editor’s note: I think it is obviously that a 
rotating magnet can involve into the rotation 
much more quantity of aether than any simple 
rotating mass. In some theories any magnetic 
field is considered as circulation of aether 
particles.) 


Electromagnetic fields are the unique boosters of 
circular gravitation. So, the gyroscopes themselves 
cannot produce necessary quantity of cosmic energy 
per unit mass of gyroscope without using of 
electromagnetism. 


In October 2001, I got a copy of 24 patents description. 
There were patents on “perpetual motion machines”. 
But since such “perpetual motion machines” cannot 
exist in reality, then we can explain them as 
gyroscopical transformers of cosmic energy. Efficiency 
of these transformers varies from 150% up to 10°% and 
practically all of them work using gyroscope. But 
nowadays only the transformer (Bauman’s machine) 
works in Switzerland, in Maethernitha theological 
community, Linden city. Some systems have been 
working from 1980 and producing total power of 750 
kWitt, the gyroscopes of 2m diameters are provided with 
constant magnets. 


Besides, there are ready transformers of cosmic energy 
in Russia. The Professor of Moscow State University, 
Academician of Russian Academy of Natural Science 
Leonid Leskov spoke about them in the first half of 2001. 
He actually said that Mr. Chubais does not allow 
innovation of energy transformers, which are ready for 
commercialization (see newspaper “Raduga”, Samara, 
July 2001). 


I assume that any kinds of such transformers work on 
the energy produced by “Aether wind” beams. Perhaps 
our earth ancestry (Atlases) used this energy to fly as 
well as extraterrestrials. I remember information about 
flying platforms, which were designed in Germany in 
1943-1945. Nowadays there are publications that there 
are not less than 10 captured extraterrestrial’s 
spacecrafts on the Earth, and some samples were tested 
in Russia and the USA. 


On the basis of all above-mentioned it becomes 
extremely clear that the main secret of Nature was 
discovered, and let’s representatives of conservative 
science don’t pull the wool over people’s eyes to prove 
that “it is impossible”. It is possible! Physics is an 
experimental science in its main part, and there is no 
completed theory until now. 


As aresult, I’d like to make some conclusions: The secret 
of Gravitation nature was discovered not in connection 
with new scientific investigation, but due to dawning 
up and understanding of the fact that gravitation since 
earliest times was produced by “Aether winds”, which 
fill all cosmic space. Instead of improvement of “Aether 
wind” theory, academician science abolished it and 
forgot it such as some scientists of nowadays don't have 
an idea of it. While abolishing of “Aether wind” theory, 
scientific world spent 100 years in vain to find an 
alternative to it. A real Cosmic scientific and technical 
progress was slowed down during this term. Without 
this progress all humankind will kill environment of the 
Earth in 30-40 years! 


Rush hours for humankind to turn to cosmic energy 
came, we have not even an hour to wait, and otherwise 
we will loose a chance to survive. Today the scientific 
and technical level is such that taking into consideration 
the buildup made by inventors — enthusiasts, who 
created more than 50 types of Cosmic energy 
transformers, it is possible to begin repetition work in 
one year. Now there is the only barrier to do it, i.e. market 
relations in energetics developed during last 100 years. 


Let’s look into near Future. The process of energy 
resources (coal, oil, gas) formation in bowels of the Earth 
took hundreds million years. There was period of clean 
ecology in the World Ocean, on land and in the 
atmosphere. And all it catastrophically had been 
diminishing during 2-nd half of the XX century. There 
are about 40 years for our civilization to reach the 
boundary of having no chance to support normal life 
on the Earth. An irreversible process of struggle for 
survival using underground environment and protection 
from mortal ecology will begin. Our close posterity will 
not forgive us this betrayal. 


Is there any solution? Yes, there is. 


It is necessary to publish the descriptions of all 
“perpetual motion machines” models as well as 
unprofitable publication of short technical 
documentation in the Internet and magazines, 
which will give a chance to many companies, 
research groups and individuals to re-produce 
them. But at first we should choose the models, 
which are the most reasonable in technology and 
prime cost. Such a way of replication of the models 
will give people confidence, interest and reliable 
information on existence of inexhaustible salutary 
cosmic energy. And the victory will be the reward 
for courageous, enterprising and advanced people. 
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dt 


structure of vacuum. This voltage generates 


t 





which generates electrical voltage Ey =f in the 


Gravitational Impulse itself G = 47E,,S - (Ar, )’ , where 


The supposed “Gravitational Impulse” in the 
experiment by Podkletnov is modeled by a quarter of 
cosine curve. 


Duration of this curve is determined by the decrease of 
magnetic field “trapped” into the superconductor due 
to the partial heating of semi-conductor emitter after 
plasma passed the discharge of 2MV with the current 
strength of 10000 A. The formula of the model is the 
following: 


X" = Ae?” cos(2af,./1- D? t) (1) 


the calculation is made for the frequencies of 30, 3, 0,3 
and 0,03 Hz and acceleration of 12 m/sec’, which 
appears for the mass of the pendulum 30 g with the 
force horizontally to gravitation 0,03:12=0,36 N. 


It can be supposed that it is necessary to make more 
careful solution of the problem to find the effect on the 
pendulum by its reaction, which is known from 
experiment. We should apply the more correct use of 
spectral method of solution of differential equation for 
the pendulum with setting of impulse effect. Further, 
having the recording of temporal function of magnetic 
field by Hall-effect devices and using Maxwell formulas, 


we should find electrical field acting in physical vacuum. 
This field will give us the force of gravitational impulse. 


The experiment by V. Roshchin and S. Godin is simpler 
for physical modeling (Editor’s note: the author assumes 
it is simpler than Podkletnov’s effect). All input and 
output parameters are known to the authors, i.e. force 
of the magnets, frequency of variable magnetic field in 
the local place of space vacuum, change of gravity. 
Furthermore, there are known cylindrical formations of 
magnetic “loops” around the device and their 
approximate arrangement with the intervals divisible by 
the half of rotor radius. Effects of temperature decrease 
at 8° C in cylindrical atmospheric formations can be 
simply explained by adiabatic decrease of air pressure 
due to the decrease of gravitation between molecules of 
air. Formulas for estimation of decrease of gravitational 
and inertial forces are the same that for Podkletnov’s 
experiment: 


dB. 
dt ’ 





Ey =f (2) 


E 
G = 4nE,S-(Ar,)°, where Ar, = a (3) 
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Abstract 
The Unitary Quantum Theory (UOT) is a new version of 


the field quantum theory, which has been developed 
by the principal author (Prof. L.Sapogin) of this paper 


for over 25 years. The theory is directly related to the 
problem of new energy sources, and this paper can be 
of interest for Journal of New Energy for it is the UOT 
(and not the classical Newton mechanics or the modern 
standard quantum mechanics) that provides a 
theoretical basis for the development of new sources of 
energy and for the explanation of the operation 
principles of the existing and functioning over unity 
devices. 


The fundamental provisions of the UOT and a number 
of results received on the basis of it were published in 
many scientific journals and reported at international 
conferences (see [1-6], etc.). Generally, the UOT as 
expressed by the language of formulae and equations 
represents a new mathematical model of interaction and 
movement of elementary particles in the form of a 
complicated system of non-linear integral-differential 
equations, an important property of this model 
principally defines the trajectories and velocities of the 
particle movement in space (unlike the standard 
quantum theory, which directly defines only the 
probabilities of the presence of the particles at a certain 
point in space). Another, and the most essential (for the 
problem of new energy sources) property of the UOT is 
the absence of the energy conservation laws and the 
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impulse for single particles in it. That is why the UOT 
makes theoretically possible processes of energy 
generation as if from nothing, if they are regarded from 
the classical mechanics point of view or the standard 
quantum theory (while the UOT is able to explain the 
phenomenon), as well as creation of a device with 
efficiency above 1. In other words, the UOT provides 
for a theoretic possibility of making a perpetual mobile! 


In the 1970’s, when the UOT started to be developed, 
there was nearly no data of the observed phenomena, 
or any experimental results confirming this unusual 
theory. Today, such data are abundant. For example, 
such processes can be named as generation of excessive 
heat energy during cavitation of very small water 
bubbles; generation of excessive electric energy in an 
anomalous gas discharge; excess generation of electric 
energy when electric current passes through proton- 
conducting ceramics, etc. Besides, and still more 
important, operating devices that have been created 
much more energy than it was necessary for these 
devices functioning: electric current generators 
“Testatica” (Switzerland); thermal cell CETI 
(J.Patterson, USA); heat generators (Yu.S. Potapov, 
Moldavia, J.Griggs, USA); electric current generators 
(PCorrea, A.Correa, Canada); electric engines on 
magnetic ceramics (Japan), and others. The said 
phenomena and operation principles of the above- 
mentioned devices can be explained with the help of 
the UOT. 


In this paper we will also touch upon such an important 
problem as cold nuclear fusion. The feasibility of this 
nuclear process, which is categorically denied by the 
standard quantum theory and nuclear physics 
specialists, was predicted by the author of the UOT as 
far back as in 1983. This phenomenon was discovered 
in 1989 (electrochemical experiments, M.Fleischmann, 
S.Pons). Many subsequently received experimental data 
confirmed the existence of nuclear reactions under very 
small energies, of nuclear transmutations in plants and 
biological objects, very slightly connected with 
generation of energy [7-8]. From the point of view of the 
UOT, which provides an explanation of the cold nuclear 
fusion mechanism, this process can be applied in 
practice (after the relevant devices are designed) for 
generation of energy, for production of isotopes, and for 
nuclear waste liquidation. 


Introduction 


Inventors, as well as swindlers of all kinds, had long 
ago been trying to construct, or at least design, a 
perpetual mobile, i.e. an imaginary machine that 
produced work without any outside energy. Peter the 
Great even founded the Imperial Russian Academy of 
Sciences for such research, but the modern Russian 
Academy of Sciences does not like to recollect this 
circumstance. On the other hand, the French Immortals 
in 1755 decided not to consider any perpetual mobile 
projects at all, and, as we would see, were quite right 
as regards the Newton mechanics. The brilliant success 
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of the classic mechanics has strengthened still more 
the sacred belief of the mankind in the Divine Infallibility 
of the Conservation Laws, and today it is nearly 
indecent to express any doubts about these laws. 


Let us first of all find out the origin of the conservation 
laws in ordinary mechanics. Practically any textbook 
will tell you that the Energy Conservation Law (ECL) 
follows from the homogeneity of time, the Impulse 
Conservation Law from the homogeneity of space, and 
the Angular Momentum Conservation Law from the 
isotropy of space. That is why many people have an 
impression that the conservation laws themselves 
follow only from the quality of time and space, which is 
today an undoubtedly relativistic notion. But, for 
example, the angular momentum is not a relativistic 
notion. So, such a narrow approach is not altogether 
correct, and it is necessary to turn to the second Newton 
law, or the equation of relativistic dynamics and the 
system insularity. However, the qualities of the time and 
space ensue exactly from the analysis of the Newton 
mechanics, though they are often construed incorrectly. 
Let us remind you the correct interpretation. 


Homogeneity of time suggests that if at any two 
moments of time two similar experiments are made in 
similar closed loop systems, the results thereof will not 
differ. 


Homogeneity and isotropy of space mean that if a closed 
loop system is moved from one part of space to another, 
or is oriented differently, nothing will change. 


The making of the fundamental energy and impulse 
conservation laws from the Newton equation is very 
simple. Let us put down the main equation of dynamics 
as 


dP 


F =— 
dt 


For closed loop system F=0O (no external forces 
operating) and the equation integral will be 


P = Const the impulse conservation law. 
Now let us take the main equation of dynamics as: 


fea 
dt 


and multiply it scalarwise by v 
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where v is the module of the velocity vector v. For closed 
loop system F=0, and the equation integral will be 


2 
mV 


— =Const 
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one of the forms of the energy conservation law. From 
the definition of the angular momentum for a particle, 


L=(rxP] 


Differentiating both parts by t, we get 


dL jdr dP 

— =| — xP ]}+|rx— 

dt dt dt 
Since the impulse vector is parallel to the velocity vector, 
the first bracket will equal to zero. On the basis of the 


resultant equation and the definition of central force as 
not creating any momentum, we get 


[rxF]= QO or L=Const. 


In case of the central force in an unclosed system, the 
angular momentum is preserved by value and direction. 
The angular momentum conservation law for a closed 
loop system results in the same way as the impulse 
conservation law from the equation of the rotary motion 
dynamics: 


_ ai 
dt 


For a closed loop system, the momentum of external 
forces M=0 and the integral of the equation will be the 
angular momentum conservation law 


L=Const 


In relativistic dynamics the emergence of the energy 
and impulse conservation laws separately can be easily 
received from the relativistic ratio for energy and 
impulse 


E* =P’*c?+m’c* 


Term 7c‘ is an invariant, i.e. the same in all reference 


systems. In other words, it is a certain constant. This 
equation can be represented in a slightly different form 


E? — P’c? =Const 
For the equation to be valid, it is required that 


E=Const and P=Const 


and this none the other but conservation laws for energy 
and impulse. 


Strictly, relativistic mechanics has a conservation law 
for 4-impulse vector P# , but we will not dwell on these 


details, because small energies are what we are 
interested in. 


In the classical theory, the energy conservation law 
states that the energy of a closed loop system remains 
unchanged, so, if the energy of such a system is 
designated at amoment t=0 as E , and at the moment 


tas FE, Ey =E,. 


Conservation laws in ordinary quantum mechanics 


The standard quantum theory formulates the energy 
conservation law in the same way. In quantum 
mechanics we have the same movement integrals as in 
classic mechanics. A certain value L will be a movement 
integral, if 


dL. OL... [2% 
a -22 4), |=0 (1) 
dt of 
Since [1 7 is defined by commutator of operator L 


and of Hamilton’s operator, any value L, not depending 
explicitly on time, will be the movement integral, if its 
operator commutes with the Hamilton's operator. When 
value L does not explicitly depend on time, the first item 
in (1) turns to zero. There remains 


a2 -|#.i|-0 (2) 
dt 


and for the movement integrals not explicitly depending 
on time the Poisson quantum bracket equals zero. From 
(1) and (2) it follows that the average value of the 
movement integrals does not depend on time: 


“(L)=0 


All good papers on the quantum theory prove that 
probability w(L, yt ) to find at any moment t any value 


of the movement integral, i.e. L. , does not depend on 
time. Further, is constructed as the movement integrals 


Aw 
not explicitly dependent on time. Since operators [, 


nN 
and H commute, they have common proper functions, 


which are functions of stationary states. Let us note 
that the latter follows from solutions of the equation 
without time, which was received from the full equation 
with imposition of requirement 


P(r,t)=, (r)exp i= 


equivalent to search of only periodic solutions. Further, 
quite naturally, there appeared an equation without time 
with actually imposed conservation laws, because now 
nothing depends on time. Expansion by such proper 
functions looks as follows: 


LY =LY AY, =£,Y, 


where 


¥ut)= Da (eu ~ E, De (x) (9) 


h 
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¢,(t)=c, cx = } C, (ex = ] 


Since (3) is expansion into proper functions of operator 
L, probability does not depend on time: 


w(L,.t)=lc, (r)’ = ©, 0) = Const 


Since energy is amovement integral and probability w 
(E,t) to find at a moment t an energy value equaling E, 
does not depend on time, then: 








dw(E,t) =f 
dt 


Let us note once again that it is the probability to find a 
certain value that does not depend on time, but not the 
value itself, which for any separate event is accidental 
and can assume a wide range of values. 


The quantum energy conservation law in the above form 
suggests a possibility of defining energy at a given 
moment without subjecting it to uncontrolled change, 
which raised no doubts in classic mechanics. But in the 
quantum theory the energy, without changing its value, 
can only be measured to 
AE>" 
T 
where r - is measurement duration. Formally, it does 
not present any difficulties for the energy conservation 
law, since energy is amovement integral, and we have 
much time to make long measurement. For example, let 
us make measurements during time r, then leave the 
system to itself for time T, and then define energy again. 
The classic quantum energy conservation law states 
that the result of the second measurement will coincide 


h 
with the result of the first measurement to AE =—. 
x 5 


But even in the ordinary quantum theory all this is not 
consistent enough. For the real vacuum fluctuations can 
interfere, that always influences the results of a single 
process, but their influence disappears after the 
passage to an ensemble of events. Here we have a 
violation of the conservation law due to vacuum 
fluctuations, though existence of movement integrals, 
unlike in the Unitary Quantum Theory (UOT). 


The generally accepted quantum theory carefully avoids 
the question of conservation laws for individual events 
in the case of small energies. This question is either not 
discussed at all, or it is said that the quantum theory 
does not describe individual events. Yes, it does describe 
individual events, but it can only predict a probability 
of this or that result. It is clear that in this case there 
are no conservation laws for individual events (it is 
wrong to speak about it in case of an accidental result 
of an individual event), and they appear only after the 
averaging by large ensembles of events. Essentially, it 
can easily be proved that classic mechanics follows from 
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quantum mechanics after summing up by a large 
number of particles, because for a sufficiently big mass, 
the length of the de Broglie wave becomes much less 
than the body dimensions, and no quantum-wave 
qualities can be talked about. 


Conservation laws in Unitary Quantum Theory 


In the UOT [1-14] any quantum particle is not a point, 
but a source of field like in the ordinary quantum 
mechanics, but it represents a bunched field (wave 
packet) of a certain unified field. The dispersion 
equation of such a nonlinear field turned out to be such 
that the wave packet (particle) during its movement 
periodically appears and disappears, and the envelope 
of this process coincides with the de Broglie wave. 
Numerous particles during their periodic disappearance 
(spreading in the Universe) are repeated appearance 
from vacuum fluctuations. A theory of quantum 
measurements has been built, and the probability 
interpretation follows from the mathematical formalism 
of the quantum theory [10,11], and it is not postulated 
as in conventional quantum mechanics. Unfortunately, 
the main UOT equation turned out very complicated, 
for it is a system of 32 nonlinear integral-differential 
equations, which could require for their solution some 
new mathematical methods. But from this the 
relativistically invariant Hamilton-Jacoby equation, and 
the Dirac equation system strictly follow. 


Papers [13,14] give a solution of the simplified scalar 
integral-differential UOT equation, which gave a 
localized solution for the form of a wave packet 
representing a particle. It turned out that the integral 
from a bilinear combination of such a solution for the 
whole volume gives with the precision of 0.3% the value 
of anon-dimensional elementary electric charge [13,14], 
which was essentially its first theoretical calculation. 
Then, this solution in the form of a periodically 
appearing and disappearing wave packet (which 
square describes the density of a spatial charge) can 
be replaced by an oscillating charged particle [15-18], 
the movement whereof will be described by the 
conventional Newton equations: 
*| (4) 
dr 


mira 2OGRADU eos (— +9 | (5) 


2 2 
m@* =-29GRADU(r)cos%| (| me at 
dt 2h\ dt h dt 


h dt 


where m, QO, r - mass, charge, and radius-vector of the 


particle, U(r) — external potential, @, - initial phase. 


Since E=—GRADU , anda magnetic field also exists, 
the Lorenz force should also be calculated for 
F= 2x], but in the electromagnetic wave E and 
Cc 


v 
H are equal, and for small energies value > —>0, and 


force F can be ignored. Both these equations produce 
qualitatively similar results for different problems, but 
the first non-autonomous equation evidently does not 
have any movement integrals at all, and any hope for 
analytical solutions is very unreal. But for the second 
autonomous equation such hope still exists. Let us note 
that these equations describe more accurately the 
experimental results of scattering on the coulomb 
potential than the classic Rutherford formula! 
Application of these equations for the tunnel effect and 
scattering on short potential also produces correct 
results, but in this case passage through a high barrier 
(tunnel effect) will be defined by the initial phase. Of 
greatest interest, however, is the harmonic oscillator 
problem. 


It is possible that a change in the properties of a material 
point in the process of its movement is just another step 
in the material point movement theory. In conventional 
mechanics this idea is not altogether new. There are 
Meshchersky’s equations for bodies with a changing 
mass, and Tsiolkovsky’s equation for a rocket. But so 
far, in the conventional quantum theory, the particle has 
a permanent and stable in space and time set of 
properties, and in the UOT all the parameters of the 
particle are changed and oscillate during movement. 


It should be noted that Newton did not introduce the 
notion of a material point at all, and it would be 
ridiculous to think that he was not able to have this 
natural and rather trivial idea. Most probably, and it is 
not by chance, for today many troubles of the field 
quantum theory are rooted in the approach to the 
particle, as to the point, the most vivid example being 
a large bouquet of divergences. Nevertheless, this 
approach is very convenient and should only be used 
correctly. Let us also remember, that in accordance with 
the Newton corpuscular theory, beams of light were to 
be regarded as a flow of certain particles. They are 
emitted by a shining body in all directions and move in 
an empty space or a homogeneous medium evenly and 
straight, i.e. in the same way as the ordinary material 
particles do in the absence of any external or interaction 
forces. Newton explained reflection and refraction of 
light beams on the surface of border between two 
homogeneous mediums by the effect of certain forces 
on this border, in the direction perpendicular to the 
surface. These forces changed the normal velocity 
component, but did not touch upon the tangential one, 
which allowed to derive the reflection and refraction 
laws. However, the inability of such a theory to account 
for the light partial reflection and passage phenomena, 
as well as the Newton rings (which he himself 
discovered), led him to bouts (or fits) theory, which is 
quite modern, although nearly forgotten. Newton 
believed that for full explanation of all the processes it 
was necessary to suggest that some light particles 
could experience reflection bouts, and others — passage 
bouts. Let us imagine light falling to a flat surface, which 
is partially, reflects and partially passes. With quantum 
description of this phenomenon, a particle connected 
to the falling wave at the time of hitting the surface has 
a certain probability of passing or being reflected, and 


Newton simply used the word “bouts” in place of the 
word “probability”. 


It is absolutely clear that all descriptions of processes 
by the equation with an oscillating charge will be an 
approximation, because it is evident that no movement 
equations for a material point can describe even the 
simplest interference processes on a semi-transparent 
mirror, during which a material particle should be 
divided in two parts which will later eliminate each 
other by destructive addition. It is surprising, but the 
numerical solution of the problem of scattering on a 
short potential (the Ramsauer effect) for equations (4) 
and (5) gives the correct diffraction picture! But if we 
want to describe an individual particle correctly in the 
conventional quantum mechanics, the picture becomes 
inexact and purely probabilistic. At every given moment 
of time a particle can exist in only one of the mutually 
incoherent states, because one particle cannot move in 
different directions simultaneously (it cannot have many 
impulses at the same time). Nevertheless, there seems 
to exist a whole class of processes, where description 
with the help of equations (4) and (5) have certain sense. 
It is well known that in all experiments the local energy 
and impulse conservation law in individual quantum 
processes are true only under high-energy values. But 
under small energy values it is not so, at least because 
of the ratio of uncertainties and the probabilistic 
character of all the quantum theory predictions, and the 
idea of a global, not local ECL, is invisibly present in 
the quantum mechanics, and is certainly far from new. 


In the strict UOT and the quantum measurement theory, 
a great role belongs to unavoidable vacuum fluctuations. 
It is clear that these fluctuations are totally 
unpredictable and non-invariant in relation to space and 
time translations. The same can be said otherwise: there 
are no habitual properties of time and space in this 
theory. Space-time is now not homogeneous and not 
isotropic. For example, if the system is transferred to a 
new point in space, or a certain experiment is repeated 
at another time, at the point where particle parameters 
are studied, and it interacts with the macro-device, a 
new value of vacuum fluctuations (different from the 
previous one) can appear and produce a different result. 
Of course, all this is only true for small energies and 
individual events. 


Still more destructive is the UOT for the notion of a 
closed system. For individual events under small energy 
values this notion is simply unacceptable for the 
following reason: vacuum fluctuation at the location of 
the particle (e.g. in a potential pit) can be sharply 
changed at any moment. It can be caused by different 
factors — the nature of vacuum fluctuations itself, or the 
tunnel effect of another random particle. 


Sometimes it is stated that conservation laws follow 
from the Nether theorem, though these results are 
present in the works by D. Gilbert and F. Klein. For any 
physical system, the movement equations from which 
can be received from the variation principle, each one- 
parametric continuous transformation that leaves the 
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variation functional invariant, corresponds to one 
differential conservation law, and there exists a clearly 
conserved value. It is easy to see, however, that vacuum 
fluctuations imposed on the varied function (integral of 
Lagrangian) do not in sum remain unchanged during 
parametric transformations (at least today it seems so), 
and this consideration does not work without 
preliminary of ensemble. 


And now we are in for a little philosophy. The local 
Energy Conservation Law (ECL) in individual processes 
follows from the Newton equations for closed systems. 
It would be naive to think that its local formulation will 
be preserved forever, and would be a bad mistake to 
transfer the ECL from the Newton mechanics to the 
quantum processes without any changes, because the 
latter are more fundamental. 


References to the first principle of thermodynamics are, 
strictly speaking, groundless, because this principle is 
a postulate. For example, well-known Russian 
mathematician N. Luzin, in a letter to an inventor wrote 
that the first principle of thermodynamics is the result 
of unsuccessful attempts of the mankind at building a 
perpetual mobile, and strictly follows from nothing. 
Today it may be said with a great degree of certainty 
that no sophisticated machine in the framework of the 
Newton mechanics can be a perpetual mobile, and the 
decree of the French Academy of 1755 not to consider 
any perpetual mobile projects is still valid. We will only 
add that now it is valid only for those projects that are 
based exclusively on the Newton mechanics. 


There is the tendency in modern physics to reduce ECL, 
especially in theory, to the rank of a secondary 
derivation from the movement equations (movement 
integrals). Some physicists restrict the ECL to the 
framework of the first principle of thermodynamics, 
others, like D. Blokhintsev [37], think it quite probable 
that with the development of a new theory the form of 
the ECL will undergo certain changes. F. Engels wrote 
in his “Dialectics of Nature”: “...none of the physicists 
actually regard the ECL as an eternal and absolute law 
of nature, a law of spontaneous transformation of the 
movement forms of the matter and the quantitative 
constancy of this movement in all its transformations”. 
But many people do not share this opinion. M. Bronstein 
in his book “Structure of Matter” wrote: “The ECL is 
one of the main laws of the Newton mechanics. 
Nevertheless, Newton did not ascribe to this law the 
general character that this law actually possesses. The 
reason for this erroneous (italicized by authors) opinion 
of Newton of the ECL is very interesting...”. It is now 
clear that in view of the above, such an opinion was 
not at all erroneous. Let us remind you that Newton 
predicted many things, even the UOT, in his “bouts 
theory”. 


On the other hand, the authors of quantum mechanics 
realized that there was no conservation law for single 
quantum processes under small energies at all. The idea 
that the construction of ECL, together with the second 
law of thermodynamics, was a statistical law, true only 
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on the average and inapplicable to individual processes 
with small energy, first occurred to Schroedinger, and 
later to Bohr, Kramers, Slater, and Gamov. In 1923 Bohr, 
Kramers and Slater made a desperate attempt to 
develop the theory, where the energy and impulse 
conservation laws in case of scattering would be true 
only statistically, on an average for long periods of time, 
but would be inapplicable to elementary events. Lev 
Landau even called it “Bohr’s wonderful idea”. 


Later, however, the authors gave up this approach and, 
besides, this idea at that time did not follow from the 
quantum theory equations, and the authors, to come 
out of the predicament, simply declared that quantum 
mechanics did not describe individual events at all. Thus, 
the most vivid paradox of the quantum science was 
removed by a simple ban on thinking about it! But the 
ingenious idea that conservation laws do not apply to 
individual quantum processes and emerge only after 
the averaging by the ensemble of particles remains 
alive. This idea might have been a little premature, and, 
possibly, should be a little different. 


The Unitary Quantum Theory (UOT), on the contrary, 
individual particles, and the difference in their behavior 
is accounted for by the initial phase of the wave 
function. In this case, local conservation laws do not 
exist for a single particle, and measuring the initial 
phase or some other parameters for an individual 
particle is quite a different matter. It is not true that the 
UOT has given up probabilistic description. Probabilistic 
interpretation remains, but the probability now is 
strongly dependent on the initial phase. Although the 
equations with an oscillating charge can determinately 
predict a particle’s behavior, the measurements can be 
made only with the help of a macro device, which will 
give only a probabilistic result. Impossibility to 
determinate measurements does not change anything, 
for the UOT provides for a possibility of influencing the 
probability value, which was earlier unavailable. The 
existing Von Neumann theorem about hidden 
parameters does not effect our result, but the relevant 
discussion is too cumbersome, and we will leave it out. 


In other words, all the requirements, wherefrom the 
classical conservation laws follow, are now absent. We 
can hardly expect the conservation laws for individual 
particles to be preserved under small energies in such a 
situation. Today we are convinced that the classical 
energy, impulse and angular momentum conservation 
laws for individual quantum objects are not valid under 
small energy values because of periodic appearances 
and disappearances of the particle. All direct 
experimental tests of the conservation laws were made 
for large energy values, and for small energies of an 
individual particle only probabilistic results can be 
received, and, in this case, it would be indecent even 
to recall the conservation law. 


Energy generation and perpetual mobile 


Let us make the following imaginary experiment. For 
simplification purposes we will use in our reasoning a 


certain quantum ball-particle. When a classical ball 
approaches a wall (perpendicularly for simplification), 
the speed of the reflected ball is always equal to the 
initial speed (we ignore friction and regard the ball and 
the walls as absolutely elastic). In the case of a quantum 
ball, the speed of the reflected ball will acquire in 
different experiments with absolutely equal initial 
conditions a whole range of values: some balls will be 
reflected at a speed greater than the initial speed, others 
— at a speed equal or lower than the initial speed, and 
all this is described by quantum mechanics. 


Let us ask the following question: what if a second wall 
is found, parallel to the first one, in order for the ball to 
increase its speed after each reflection from the wall? 
Then we will have increased ball energy without any 
special efforts on our part. Such phenomena appear in 
the problem of particle oscillations in a potential pit (not 
necessarily parabolic) on the basis of equations (8) and 











(9), when four types of solutions are possible, three of 
which are most important for us: stationary, “maternity 
home”, and “crematorium”. In the two latter solutions 
traditional conservation laws do not work. These 
solutions are presented in Fig. 1. Such oscillator 
behavior explains many experimental facts. From the 
physical point of view, it means that in stationary 
solutions with fixed discrete energies (conventional 
quantum mechanics) the speed of the particle reflected 
from the wall will be equal to the speed of the falling 
particle. If the speed of the particle is decreased after 
each reflection, it will mean the “crematorium” solution, 
and if it increases, the “maternity home”. Scenarios for 
situations will depend on the initial phase of the wave 
function and the particle energy. In ordinary situations 
the “crematorium” and “maternity home” solutions 
always compensate each other, and we find 
conservation laws. 
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Fig. 1. Dependence of the distance between the moving charge and the nucleus on time for 
autonomous and non-autonomous equations. 


The task of the future developers of new energy systems 
of the 21* century will consist in creating such initial 
conditions for a great number of particles making up a 
body that only the “maternity home” solution would 
be realized, and the “crematorium” solution would, if 
possible, be suppressed. 


It follows from the above that if the unitary quantum 
theory ideas are applied correctly, there is no 
fundamental taboo for a perpetual mobile. Such a taboo, 
as it was shown, does not formally exist even in 
conventional quantum mechanics (no conservation laws 
for individual processes with small energies), and, in 
order to generate energy, they should be somehow 
accumulated (all random processes with excess energy 
should be grouped together). But conventional quantum 
mechanics refuses to describe individual events and is 
unable to offer any ways for such grouping. The unitary 
quantum theory seems to offer such an opportunity. 


However, the great idea of free energy generation was 
distorted by effort of some research associations 


interested to keep their stability degree, that everyone 
who started speaking about it was considered to be a 
crazy man. 


Modern experimental physics has verified the 
correctness of conservation laws either for very large 
energies in individual quantum events, or for big 
macroobjects, when automatic averaging by ensemble 
is made, but the area of very small energies for 
individual events today is a terra incognita. 


In order to see how the conservation laws for reflection 
(repulsion) of an individual particle from the Coulomb 
heavy nucleus with different values of the initial phase 
are violated, we have solved numerically one- 
dimensional equations (8) and (9) under the different 
initial conditions: 


h=1,m=1, 2Zze* =1, %) =100, V,, =—0.1 


In the Fig. 2 the distances between the moving particle 
and repulsive nucleus are shown as a time function, for 
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different initial phases in cases of non-autonomous and 
autonomous equations. 


U(x) UR) U(x) 


-X X -X X -X xX 











Conventional solution Mathemity home solutions Crematonum solutions 


Fig.2 Three types of solutions for oscillator 


It is evident from the calculations that the speed of a 
reflected particle can be equal, lower or higher than 
the speed of a falling particle. This situation seems to 
be true for all potentials. 


Calculations were also made for other potentials: 
harmonic oscillator, Yukawa, Gauss, dipole, hyperbolic 
secant, and Wood-Saxon, and the quality results were 
nearly the same. If we sum up the impulse of all the 
particles falling with different phases and compare it 
with the summarized impulse of all the reflected 
particles, the summarized reflected impulse, for 
example, for the Coulomb potential, will be several 
percent higher than the summarized impulse of the 
falling particles. For other potentials such a small 
deviation can even be in the opposite direction. On the 
whole, this problem is very complicated and requires 
additional research, because all this is also dependent 
in quite a complex way on the initial conditions (initial 
speed, phase and distance). 


Philosophically, any categorical taboos, like the 
impossibility of creating a perpetual mobile, are 
absolutely unacceptable. If everyone is convinced of it 
forever, the conservation laws and perpetual mobile 
taboos will remain unshakable as long as the human 
civilization exists. Of course, the funeral of the 
Conservation Laws can be very prolonged. Anyway, we 
are not going to do it, and our article might be just a 
cleanup for the future tomb, and the splendid funeral 
with all the necessary honors will be organized by future 
generations. On the other hand, these laws will never 
die out completely and will surely be applied, but such 
spheres of science and technology will appear, though 
small at first, where these laws are not valid. 


The truth should be accepted irrespective of where it 
comes from. Words of F. Engels from the “Dialectics of 
Nature” will be quite appropriate here: “When the solar 
system ends its life circle and shares the fate of all the 
finite things, when it falls victim to death, what will 
happen next? Thus, we come to a conclusion that the 
heat emitted into the universe should have an 
opportunity, in a way yet to be established by the 
natural sciences, to turn into another form of movement, 
where it can be accumulated again and start 
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functioning. And in this casethe main problem that 
prevented transformation of dead suns , back to red- 
hot nebulas will disappear”. 


The question of whether the conservation law exists in 
global form (we have already proved its not being local) 
remains open, because nothing leads to it except the 
inertia of the human mind. This inertia was based on 
the Newton laws, which were replaced by quantum 
laws. This mental inertia leads to a situation, when in 
case excessive energy is generated during solution of 
movement equations, a question arises how it can 
happen, and where it comes from. Of course, if a particle 
(e.g. a photon) falls on a semitransparent mirror, the 
packet is divided into two halves, which, due to 
imposition of vacuum fluctuations, will be recorded by 
photomultipliers as full-fledged photons [1-5]. The result 
is that energy is taken as if from vacuum: two photons 
appear in place of one. Another photon can be divided 
on the mirror into two halves, but they will not be 
recorded by the meters, and the energy will allegedly 
pass into vacuum. So, at one time we borrowed energy 
from vacuum, and then gave the same amount of energy 
back to vacuum at another place. You can think like that, 
and this process might take place. But if we consider 
the equation with an oscillating charge, the energy and 
impulse conservation laws are not valid there for 
solution of the movement problem, and vacuum 
fluctuations have nothing to do with it at all. As for the 
question of where the energy comes from, it is the result 
of our mental inertia, and is, essentially, an atavism 
imposed by the Newton mechanics. But the latter 
appears as a result of an extreme passage from quantum 
mechanics, which is more fundamental. 


It is interesting to note that there is a bomb in the logical 
definition itself of the energy conservation law. If energy 
is something that cannot appear or disappear and 
always simply passes from one form to another, the only 
value satisfying this condition is zero. We are far from 
assuming that energy does not exist. But the problem 
of existence is solved differently in different 
philosophical systems, and the mathematical approach 
seems to be the most correct one: an object exists if it is 
free from contradictions. Energy has bad luck in this 
case, for under such an approach it should be zero. 


Some cosmologists (for example, British prof. Fred 
Hoyle) are very willing to have a process, in accordance 
with which the Universe has certain places where 
energy appears from other certain places, in which it is 
eliminated. Besides, any philosopher at least a little bit 
familiar with astronomy, looking at the bright night sky, 
will see the birth of matter and its expansion into a still 
greater space. But for this purpose the Global Energy 
Conservation Law is superfluous and only denies what 
is observed. The head reels... 


Cold Nuclear Fusion and Nuclear Transmutation. 
Let us approach the epoch-making experiments made 


by Fleischmann and Pons in March 1989 [30] from the 
positions of the equation with an oscillating charge. One 


of the authors predicted in 1983 [9] the possibility of 
such nuclear reactions under very small energies. 
Without going into well-known details, we will sum it 
up very briefly: cold nuclear fusion exists, and there are 
no people or theories capable of giving a clear 
explanation. The chain of various mechanisms meant 
to explain this intriguing phenomenon is growing, but 
few really believe in them. The reason is as follows. 


When a charged particle interacts with the nucleus, the 
potential energy is like in Fig. 3, where the right top 
part of the curve is conditioned by mutual 
Coulomb repulsion between the nucleus and the 
charged particle. 


The repulsion potential will be 


Zze* 





U(r)= 





where Z — charge of the nucleus, and z — charge of the 
approaching particle, e — charge of the electron, r — 
distance between the particle and nucleus. When r=R 
(critical distance), then the potential energy curve goes 
sharply down, which is due to the emergence of intense 
nuclear gravitation, the potential whereof today appears 
more complex than could be imagined mathematically. 
If the charged particle overcomes the Coulomb barrier 
with a height of 
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it will further get into the nuclear gravitation area and 
a nuclear reaction will take place. 


Let us look at the nuclear interaction of a charged 


particle with kinetic energy T < B,. From the point of 


view of classical mechanics, there will be no nuclear 
reaction in this case, because the particle will approach 
the nucleus and at a certain distance ;< R fromthe 
top of the Coulomb barrier will turn back and be 
reflected from it. However, from the point of view of 
quantum mechanics, there exists a tunnel effect, and 
the probability of such a tunnel passage, or transparency 
of potential barrier D is described by a well-known 
formula: 
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integration limit r,coincides with the nucleus radius R, 
and the top limit r, can be found from the condition 


where is reduced mass. The bottom 
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and value’. — , the de Broglie wavelength 
J2mB, 
corresponding to the kinetic energy of the particle equal 
to the barrier height 7 =B.. If T << B., expression 
(6) is easily transformed to look as 


Daexd — RB \= ex p{ — 27222” 
hv H hv (7) 





where v is velocity. 


Let us now see what the shocking cold nuclear fusion 
will look like on the basis of the above considerations. 
The deuteron energy in an ordinary electrolytic 
Fleischmann-Pons cell will be about 0.025 eV, and the 
height of the Coulomb barrier for this case is 


Zze* 
B, =—= =0.8MeV | In classical mechanics it would 
VA 


be just naive to talk about overcoming such a barrier 
with a height dozens times greater than the kinetic 
energy. Let us now see how the tunnel effect will 
improve the situation. Let us assess the value of g and 
y for the case of collision between two deuterons with 


such energy: 
RJ 2mB, =19: 


§ = h ; 
B. T T 
Y=) arecos rs - |-—— = 8883 naa “the 
probability of such a= process’ will be 


exp(—2-1.9-8883) = 10°”, i.e. practically pure zero. 


The fusion cross-section will be defined by the product 
of nuclear cross-section and the tunneling probability: 


o=o0.,.D 


nucl 


and, in the case under review, is also a very small value. 
If the clash parameter of deuterons is not zero, the 
emergence of centrifugal potential 
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will still further lower the probability of such interaction. 


It is these very circumstances that make the nuclear 
physics scientist think that there is no cold nuclear fusion 
as such. For example, such a serious and responsible 
edition as Encyclopedia Britannica 2001 found no place 
for the notion of cold nuclear fusion at all. Such an official 
position can be understandable only from the point of 
view that quantum mechanics is absolutely true and 
unshakable. Despite this, for the 12 years since the 
Fleischmann-Pons experimental discovery, nearly 30 
international conferences have been devoted to this 
subject, there are lots of books and magazines on this 
subject, and the number of articles on the problem is 
nearing ten thousand. Today the situation is gradually 
developing in the positive direction, and the research 
in the field of hot nuclear fusion, which has already 
wasted over $90 billion for 45 years, is slowly coming 
to naught. 


But today there exist well known experimental data on 
cold nuclear fusion. They are numerous and various. We 
will dwell only upon the most important and sufficiently 
reliable results. Thus, the classical view of electrolysis 
of a palladium cathode saturated with heavy hydrogen 
in heavy water identifies an anomalous quantity of heat 
energy up to 3 kWt/cm’, or up to 200 Mj per small 
sample. Products of nuclear reaction have also been 
found: tritium (10’- 10°%t/s), neutrons with energy of 
2.5 MeV (10-100n/s), and helium. Absence of He? among 
the reaction products shows that heat is not generated 
by reaction d+ p. Besides, emission of charged particles 
(p, d, t, y) is observed. Similar processes are observed 
in case of a gas discharge on a palladium cathode, of 
phase passage in different crystals saturated with 
heavy hydrogen, irradiation of deuterium mixture with 
a powerful sound or ultrasound flow, in cavitating 
microbubbles in heavy water, in a tube with palladium 
powder saturated with heavy hydrogen under a 
pressure of 10-15 atm., etc. In certain reactions (e.g. 


d+t—@Q+p ) neutrons of 14 MeV are absent, and 


such a strange situation occurs in other cases too. 
Activity of Li° , Li’in reactions with heavy hydrogen 
and protons failed to be discovered, whereas reaction 


40 


K*+p—>Ca 


was well recorded even in biological objects. But the 
most intriguing fact of all these processes is the 
shortage of nuclear reaction products for explanation 
of the emerging heat effects. Thus, in certain cases the 
number of nuclear reaction products (tritium, helium, 
neutrons, quanta) should be millions of times greater in 
order to account in some way for the quantity of the 
generated heat. Generation of such a big amount of 
energy cannot be accounted for by either chemical or 
nuclear reactions, or by phase passages. The well- 
known interaction d+d goes along three channels: 
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D+ D—> T (1.01) + p (3.03) 
D+ D—> He (0.82)+ n(2.45) 
D+D—> He + y(5.5). 


(Channel 1) 
(Channel 2) 
(Channel 3) 


All these reactions are exothermal. The third channel 
has a very small probability. It was experimentally 
discovered that they could occur under very small 
energies. In a molecule D,the equilibrium position 
between atoms is 0.74A and in accordance with the 
conventional quantum theory, these two deuterons 
could accidentally enter a nuclear fusion reaction. But 


: ; : 64-1 
the interaction value is very small Ap, =10"c". 


There is a known estimate that in the water of all seas 
and oceans there are 10*? deuterons, and in 10'* years 
there will be only one fusion. 


It follows from the aforesaid that the main problem 
impeding the occurrence of the d+d reaction lies in the 
existence of a very high Coulomb barrier. Our approach 
allows for this problem to be solved, and there is such 
an opportunity in the UOT. The UOT equation solutions 
show that the distance to which deuterons can 
approach each other is strongly dependent on the phase 
of the wave function (by the way, it is absolutely clear 
intuitively). 


Let us consider the one-dimensional problem [15-18,31]. 
There is a stationary nucleus with charge Ze at the point 
of origin, and another nucleus is approaching it along 
axis x (charge ze, mass m) at a certain initial velocity. 
The non-autonomous and autonomous equations of such 
a problem will look as follows: 


m dx 
- x 
h dt 








cos 
dt 


d*x  2Zze’__{ m( dx ; 
gee gg anlar | oo AG) 





a d’x  2Zze? seel a dx ee 

dt” x ; (9) 
Since an analytical solution was not found for all the 
areas of initial phases , numerical methods were applied 
with the following initial values: Z=z=1, e=1, m=1, 


x,=-10, h =1 for different initial velocities and initial 
phase values. As had been expected, braking or 
acceleration of the particle happens only when the 
charge is large. But at the last stage, under certain initial 


TU 
phases close to— , a wonderful process occurs: velocity, 


Z 


charge and repulsing force are very small. Due to phase 
ratios, the small charge is not changed for a long time, 
which means that the particle (or rather what is left of 
it) is not influenced by any forces, and it is crawling at 
a permanent small speed for a very long time (“the snail 
effect”) inside the field of another particle, and can come 
very close to the center. Such movement with a very 
small charge and a small speed can last for several 
hours, and disconnection of the external field will not 
effect this movement. This process reminds of quiet and 


invisible scout penetration into the enemy territory. This 
phenomenon occurs only in certain phase areas, and 
can be conveniently called a phase hole, which is 
illustrated in Fig. 4 resulting from the solution of 
equation (8). 





0.2 1 15 2 25 3 
Initial phase 


Fig.4. Distance to the turning point of the moving charge 
depending on the initial phase value for different initial velocities. 


Let us note in passing that now we can account for one 
of the nuclear physics anomalies, which has a tendency 
to be totally ignored. Under a nucleon energy of 1 MeV, 
its velocity is 10° cm/s, nuclear radius is 10° cm, and 
the passage time of the nucleus is 107's, but the time 
period in which the nucleon passes is usually 
anomalously long - 10% and even more, and it is 
absolutely unclear what the nucleon is doing in the 
nucleus so long. In our model it is easily explained by 
the “snail effect”. 


For the same equation, the minimum distance was 
calculated between the charges dependent on velocity 
(Fig. 5) for different initial phase values. For comparison, 
Fig. 5 also shows the result of the classical calculation 
based on the Coulomb law. It is obvious from Fig. 4 and 
5 that the minimum distance to which charges can 
approach each other is nearly independent of kinetic 
energy, but with reduction of speed the initial phase 
area width is reduced as well. In other words, reduced 
energy brings also reduced probability of a nuclear 
reaction. 


The same results are true for the autonomous equation 
(9). Under the conventional quantum theory, the ratio 
of the reaction speeds in the tritium and neutron 


t 


channels should be close to unity: Ps =1. Butin many 


experiments on cold nuclear fusion this value is very 


t 9 
different from unity and equals — = 10°. In different 
n 
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Fig.5 Minimum distance between charges depending on the 
initial velocity for different initial phase values. 


experimental situations it is reproduced by different 
experimental groups with a very high accuracy. This 
very intriguing problem has so far received no simple 
explanation. Let us dwell on a possible cause for such 
aphenomenon. With a small velocity in the phase hole, 
neutrons are affected by nuclear gravitation forces, and 
protons are affected by electrostatic repulsion forces. 
Under the effect of this momentum, the deuteron will 
have enough time to turn in such a way that the neutron 
parts of the deuteron would faceeach other. After the 
neutron gravitation the nuclear forces will be saturated, 
which will weaken the proton connection, and one of 
the protons will leave the system. This reaction can be 
conditionally presented in the following form: 


d+d—p+(n+d)> ptt 
This reminds of the Oppenheimer-Phillips effect. 


It is well known, however, that under big energies, the 
probabilities of the first and second reaction channels 
are the same, and this phenomenon should somehow 
be accounted for. Increased probability of the neutron 
channel with growing energy can be connected with 
the appearance of secondary neutrons in the reaction 
T + D= He +n (14.1 MeV). In a deuterium-rich 
environment, a big part of the resultant tritons will pass 
to neutrons in the process of this reaction, which has a 
cross-section of 5 barns under an energy value of 70 
KeV. According to assessments in [32], the number of 
such secondary neutrons per one triton is 


7.9-10°,1.7-10°°,2.7-10° for energy tritons 10, 20 
and 100 KeV respectively. Thus, the prevalence of 


t 6 
—>10° canbe expected only in those reactions, where 
n 


tritium is born with energies over 40 KeV. 


It should not be assumed, however, that the phase hole 
phenomenon in its whole area leads to a nuclear 
reaction. It can be assumed that reduction of the 
Coulomb repulsion is followed by reduction of strong 
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interaction. But how? Today nobody knows the exact 
equation of the strong interaction potential. Besides, 
the particle approaches the turning point X_, is rather 
“thin”. Will it be able to take part in a full-fledged 
nuclear reaction, or will it fly through, like it happens 
with the electron in the s — states of the atom? There 
are very narrow phase areas, when soon after the 
particle stops the charge grows quickly and is sharply 
accelerated. The charge can even be maximum in the 
nuclear force effect area. May be, it is this narrow phase 
area that is responsible for cold nuclear fusion, and in 
case of strong interactions the phase hole mechanism 
must be operating as well. 


It was discovered long ago that nuclear transmutations 
have a mass character (especially in plants and 
biological objects), but they have little to do with energy 
generation. Examples of such reactions: 


Mn® + p> Fe® ; Al” + p73 Si®; 


P'+p 3S”; K” +p Ca” 


In reactions of this type, a very slow proton (with 
practically zero kinetic energy) penetrates the nucleus 
in the above-mentioned way and remains there. No 
intranuclear energy is generated, because both before 
and after the reaction the nucleus remains a stable 
object. In classical nuclear physics, the nucleus usually 
became unstable after it was penetrated by a charged 
nucleon with a large kinetic energy and always broke 
into parts, and the nuclear debris had an even greater 
kinetic energy. Reactions of the above type were 
considered impossible under small energies and for this 
reasons were not studied by classical nuclear physics. 
It seems to be a completely new type of nuclear 
transmutations, not recognized by modern nuclear 
science, but experimentally discovered rather long ago. 
Today there is a great deal of experimental material 
confirming mass nuclear transmutation phenomena. 
Moreover, there are many projects of neutralizing 
nuclear excess with the help of this technology. Journals 
Infinite Energy, New Energy, Cold Fusion, Fusion Facts, 
etc. and Internet are full of such projects. 


Of course, a change in the nuclear charge will result in 
restructuring of electronic atom shells, but the energy 
related to this process will be about several electron- 
volts and is nothing in comparison with the energies of 
nuclear reactions from several to hundreds million 
electron-volts. By the way, nuclear engineers are 
accustomed to such energy ranges in nuclear reactions. 
It was this circumstance that made them deny a priori 
all nuclear processes in biology, because under such 
energy values of the debris dozens and hundreds 
thousand of complex biological molecules will be 
destroyed. 


Quite along time ago, Lois C. Kervran [33] wrote a book 
about nuclear transmutations in biology, and now, 
nearly 20 years later, its second edition was published! 
It gives, evidently for the first time, numerous 
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experimental data of the above-mentioned phenomena. 
The reaction of the official science is very interesting. 
For example, well-known physicist Karl Sagan, after 
reading the book about such experimental data, advised 
Kervran to read elementary textbooks in nuclear 
physics! 


Some time later a research was made by Panos T. Pappas 
[58], who studied one of the well-observed nuclear 
reactions in biological cells: 


mT 8 _ zd 
Nay, + Oi, = Ko 


Classical biology has long known about the existence 
of equilibrium, when the ratio between the number of 
K and Na ions is maintained with greatest accuracy 
despite the shortage or even absence of K ions in food. 
Later, in work [59] this nuclear reaction was even called 
the life equation, and the existence of such nuclear 
reactions in biological objects was proved by M.Sue 
Benford with the help of direct physical methods. 


All thermonuclear fusion programs are based on blunt 
heating and compression of the reacting material. 
Despite the progress achieved, the head of the works 
in England, Dr. Alan Gibson [34], established several 
years ago that the model reactor design would be 
created not earlier than in 50 years. Today, this point of 
view is generally accepted. Even if the reactor is once 
made (although the authors have grave doubts about 
it), it will be very complicated, expensive, and harmful 
for the environment. 


Classical approaches have so far not yielded any 
positive results, despite multi-billion investments and 
a great number of physicists, engineers, service 
personnel, and managers involved. It is only natural that 
this army of researchers is a potential impediment for 
all alternative projects of new power engineering. It has 
been noted that “viability” of any idea is proportionate 
to the number of people involved and investments made. 
For these reasons, the Fleischmann-Pons works were 
given a hostile reception in the USA and other countries. 


All the controlled thermonuclear fusion programs are 
accompanied with the adjective “controlled”, although 
there is no control whatever. It is simply that the initial 
quantity of the reacting substance is prudently made 
very small. For example, a ball of lithium deuteride 
during laser reduction has a diameter of several mm. 
So far no one has been seriously considering the 
question of utilizing the energy of an explosion of such 
a ball, which is approximately equal to the energy of an 
explosion of a box of antitank grenades. 


The straightforward approach to fusion used by the 
modern science is very natural, because quantum 
mechanics has no methods of influencing this process. 
The future of really controlled nuclear fusion systems 
may be not on the way of primitive and blunt method of 
heating and compression ofthe material, but following 
UOT on the way of using collisions of nuclei having small 


energy and corresponding fine adjustment of the wave 
function phase. 


It is essentially possible in case of imposition of the 
external controlling electromagnetic field on the 
reacting system, which contains quasi-fixed ordered 
deuterium atoms and free deuterons. The same 
properties can be demonstrated by special atomic grid 
geometry. Diffraction scattering of a deuteron flow on 
such grids will lead to automatic deuteron selection by 
energies and phases. 


It seems that in the Fleischmann-Pons electrochemical 
experiments such an ordered system existed in the Pd- 
D grid, and some phasing occurred, which accounts for 
the results of these experiments [30]. 


Today it appear to us that the cold nuclear fusion 
processes will be effectively used for nuclear waste 
liquidation and production of isotopes. 


Many researchers [35,36] discovered that the quantity 
of heat generated in the process of electrolysis of 
ordinary water on nickel electrodes (there is no hope 
for nuclear reactions in such systems) is the same as in 
the electrolytic cell with heavy water. It confirms other 
measurements, which showed that the quantity of 
nuclear reaction products is millions times less than is 
required for such an amount of generated heat, and its 
origin remains a mystery. 


Further we will give certain concrete data 
demonstrating the phase values of a deuteron with an 
oscillating charge, under which the deuteron can 
approach the nucleus to a critical distance of 107% cm 
or less, i.e. giving the data to estimate the value of the 
above-mentioned phase “hole” in the interval (0,7) of 
the phase change. 


Assume that the stationary nucleus with the charge q 
is placed to the coordinate origin x=0 and the deuteron 
with the same charge q is placed at the initial moment 
t=0 to the point x, < Oon the x-axis, and the deuteron 


velocity equals Xx) =V) >0. The units of mass, length 


and time are chosen in such a way that 


m=1,h =1,c =1 (m- deuteron mass, c - light velocity). 
Charge q equals 0.085137266. Our units are connected 
(to 4 significant figures) with the system (kg, m, s) as 
follows: 


1 mass unit = 3.345x 10?’kg, 
1 length unit = 1.049- 10° m, 
1 time unit = 3.502: 107° s. 


The electron velocity corresponding to its energy of 
leV equals 5.931:10’ cm/s. The deuteron velocity 
corresponding to such energy will be assumed to be 
3680 times less, and in our units it will be 5.372 - 10” 


(if c = = 3:10’ cm/s). Then the deuteron movement 
towards the nucleus is described by the equation 
2q° 


t= “Lcos*(F(¢41,)i? + 48+ 99), (10) 
Xx 


where the parameter tf, is defined under the condition 


@, for 
t=0,x=x,,%=4%, (thus t, =—(2x,)/%, ), and this 
parameter may be considered as the initial moment of 
socalled local time. 


that the argument of cosine equals 


In the interest for us are namely solutions of eq. (10) 


under very small deviation ¢ from phase @, and so we 


a 
put Po = 3 +€ and rewrite eq.(10) in the following 


form: 
S Bont poll i) : 
+=—-—; sin ia +xx+€), (11) 
x 


where a = 0.0144967 Let the initial x, to be equal 
- 500000 of our length units (i.e. approximately 
5°10° cm ) and the initial deuteron velocity Vv, to be 
equal to the velocity V), corresponding to the deuteron 


energy of 1 eV or less. But it turned out that the 
precision of numerical integration of this equation under 


such initial conditions and under values le| = 10*and 


less is small and besides the interval of the integration 
must be very large. That is why this equation also had 


to be transformed by passing to “slow” time T = le It to 


2 
dx 
the equation relative to the variable w= Be asa 


function of x: 


2 Ee A ee yi bea AE (12) 
e& 2 


dx x 


where T, =—(2x,)/,/w(X)) 


-1 if ¢ < 0. It must be added also the equation for T as 
a function of x: 


and +1if ¢>0, and 


dt 1 
se : 13 
di es (13) 
The system of equations (12, 13) is, so to say, a “model” 
system describing fairly accurately the deuteron 
movement under all values of lel from 10°* to 10° 
Numerical integration of this system was fulfilled under 
different values of e and under following initial 
conditions: 


w(X)) = 2.103,7(x,) =0,.x, = 5000007, = 68957318 (14) 


It may be noted that the initial deuteron velocity v, 


equals 1.450172 ( following the relation 


X= le| w(X,)) for given initial w(x)) and for 
lel = 10° , i.e. such velocity is approximately 3.7 times 


less than velocity Vo, corresponding the deuteron 


Page 265 


energy of leV. If |€|=10° then the velocity v, is 


approximately 2.7 times greater than velocity Vo) . 


It turned out that the numerical tables for values of W,T 


obtained under different values of € <0 in the 
interval (-10*, -10° ) don’t differ essentially from each 
other. The following table is true to three-four significant 


figures for T and */le| = Jw: 


x T x/e| 
-500 000 0 1.450 
-50 000 1.426-10° 0.0493 
-500 1.002-107 0.000489 
-200 1.067-107 0.000440 
-100 1.090-107 0.000425 
-80 1.100-107 0.000423 


If reducing the table values of x to centimeters, we 
obtain the following corresponding approximate values: 


5:10°,5:10'°5:10'7,10'7,0.8:107 


The time interval AT , in which the deuteron reaches 
the critical distance 107%?2cm from the center, is 


67350/le| of our time units or 


(1.090-10’ lel) -3.502-10°” seconds. If nuclear forces 
are not taking into account then the deuteron may 
approach the distance less 10°%cm . 

We present here the table, where are given the initial 
deuteron velocities V, in velocities shares V,, and the 


corresponding time intervals AT (in seconds) for 
different values of e. 


20) 
‘ Voo ake 
-10% 2.7 3.82: 10°? 
-107 0.27 3.82: 1074 
10-2 0.27-10°® 3.82: 10* (= 10.6 hours) 
-10°3 0.27-1078 3.82: 10° (= 10.6 hours) 


Let us note that the given data change essentially 
under positive values ofe (10°, 10°, etc.). There is some 
asymmetry of solutions behavior under negative and 
positive values of €. The calculations show the minimum 


distance | min Ore than 500 of our lengths units even 


for relative big initial w(x, ) = 10000. Thus, if we limit 


ourselves to the condition that the deuteron energy is 
not over (0.27)? eV at adistance of 5:10°cm from the 
central nucleus, and the whole process of deuteron 
movement towards the nucleus does not exceeds 
approximately 10.5 hours, then the interval 


1 7 W -23 
ae mae ) is approximately the sought 


Page 266 


phase “hole” in the whole interval ((0,7) ) of phase 


change @,in eq. (10). 


If many deuterons with the energy not more than 
(0.27)%eV at the distance 5 - 10° cm from the nucleus 


are equally distributed along their phases Q, , the ratio 


of the length of this “hole” to 1, equaling approximately 
0.3:10” , is equal to a share (or a relevant percentage of 
0.3: 10°) of deuterons overcoming the Coulomb barrier. 


The above figures express at least the order of 
probability of the cold nuclear fusion occurrence, and 
this order is absolutely incompatible with the figures 
in the classical quantum mechanics mentioned above. 
Let us note once again that a one-dimensional problem 
was solved, and in case of an accurate analysis (not 
zero sighting distance will be taking into account) this 
probability will be lower. Let us also pay attention to 


the large time intervals AT calculated if lel is very 


small. It explains well the effect (observed by many 
researchers) of continuation of cold nuclear fusion 
reactions during even many hours after the 
disconnection of the voltage in the electrolytic cell. This 
effect was named even “life after death”. 


As for the analysis of the deuteron movement with the 
help of the autonomous equation, the calculations lead 
to initial velocities Vv) , exceeding the above mentioned 
numbers, although the general motion picture is the 
same. But the autonomous equation is interesting, 


because in the area of those values x, x, under which 
the product xx is modulo small, it is possible to replace 


sin(xx) with x, and the eq.(11) under €=0 to replace 


with simplified equation (describing the deuteron 
motion from initial point x, > 0 to center) 


(xx)? rey, 
7) ~ AX 
Xx 
This equation has a very simple analytical solution. 
Without giving very simple calculations, we will present 
the final formulas. 
Let us take the following initial conditions: 





X=a 


x(0) =x, >0, x(0)=—Vv, <0 


Then 
; Vo 1 
x(t) = -———_, x(t) = x) ——In(.+av,f) 
Vo a 


It follows from these formulas that the velocity of a 
particle moving in accordance with the initial equation 
never turns to zero, and under 


=| 
fap aoe! 
avy 


x(t,.) = 0, i.e. the particle reaches the center of the 


nucleus, its velocity at this moment being 





: —y, 
X(t,.) = “ 


=—-v, exp(—ax,) ' 
1+ avot, : . 


so that it passes through the nucleus and moves 
further.. 


For example, let a=0.0144967, x, = 1000 (= 10°''cm), 
x(0) = 5.37-10°'° (=16 cm/s). 
Under such initial data, the product xx = —0.0000537, 


so it is quite possible to replace sin(xx) with XX. 
In this case, 


t, ~2.3:10’ (=8-107'8s), 


X(t.) ~-29.9-:10° ( ~9.19°° cm/s) 


These figures fit well into the reasonable framework, 
so the autonomous model can also be of use for the 
movement analysis in the problem under review. The 
phenomenon of particle passage through the Coulomb 
potential accounts very well for the existence of 
pendulum orbits in the Bohr-Sommerfeld model, when 
in states 1s,2s,3s etc. the electron passes through the 
nucleus. Such states in the strict theory and experiment 
have no impulse, so in the Bohr-Sommerfeld model they 
were discarded as absurd. Now they have a right to 
existence. Further, the experimental data for angular 
distribution of non-elastic scattering by nuclear 
reactions (including reactions with heavy ions) reveal 
the big amplitude of the scattering forward. It is 
impossible to explain such effect by the formation of 
intermediate nuclei but it is may be explained from the 
viewpoint of our UOT. 


General Principles of Creating New Energy Sources 


In the ancient classical perpetual mobile idea it is 
supposed that energy is just created and not taken from 
outside (impossibility of a perpetual mobile is the first 
law of thermodynamics). There have appeared lately 
many articles and even books dwelling on the idea of 
energy generation from vacuum. We are not in complete 
agreement with many of these works, and we will dwell 
only on some of them, which, in our view, can be of 
interest. One of the main ideologists of this completely 
new sphere in science are Daniel C. Cole and Harold E. 
Puthoff, and their first serious work entitled «Extracting 
energy and heat from the vacuum» was published in 
Physical Review E, vol. 48, #2, (1993). In this work 
authors use the Casimir forces [60] making them 
produce useful work. The appearance of such forces in 
vacuum is understandable intuitively: ifin a stormy sea 
we put vertically into the water two big parallel plates, 
on the outside part of these plates the waves will hit 
them at random, and between the plates there will be 
no waves. Then, the hitting of the waves outside the 
plates will produce a gravitation force between them 


(the Casimir force discovered experimentally long ago), 
which the authors of this interesting work are going to 
exploit. It is easily seen that in this idea energy is 
generated from vacuum fluctuations. 


Our approach is altogether different. When the equation 
with an oscillating charge was solved for the quantum 
oscillator, 4 types of solutions were discovered. For us 
only two of them matter - “crematorium” and 
“maternity home”. In one solution (“crematorium”) the 
particle slowly falls to the bottom of the pit and finally 
turns into a “specter” (under the strict unitary quantum 
theory it disappears, spreads about the Universe and 
contributes to vacuum fluctuations everywhere). In the 
other solution (“maternity home”) the particle can even 
be born of a very small fluctuation, or accumulate a 
sufficiently big energy. Let us underline once again that 
both these processes are not at all logically connected. 
In other words, there are such systems where energy 
will disappear completely (electrolytic baths), or 
increase unlimitedly (it might be our Universe). 


It is the energy conservation law that presents the 
strongest impediment in all cosmological approaches. 
However, universes with birth of matter have long 
existed in scientific cosmology independently of us. 
There is known the theory of British astronomer Fred 
Hoyle based on the idea of continued creation of matter 
from nothing. The question of whether such an approach 
is realized in nature and whether the energy emitted 
by quasars is the result of work produced by a certain 
gigantic pit, is the most intriguing question of the future. 


It is yet unclear whether the values of appearing and 
disappearing energy in these solutions are equal. But 
neither in the strict UOT nor in the equation with an 
oscillating charge vacuum (as a big set of random 
oscillations) is needed for energy generation. Of course, 
UOT admits of such an energy exchange with vacuum. 
For example, during split of a photon on a 
semitransparent mirror, at one time both halves of the 
photon will not be registered and will give their energy 
to the vacuum and disappear for the observers for good, 
at another time there will appear two photons out of 
one, and the lacking energy will be taken from vacuum. 
But the movement equations (4) and (5) themselves know 
nothing about vacuum and can generate energy due to 
their nature (they are noninvariant relative to the 
coordinate translations) and the conservation laws we 
are so accustomed to do not exist for them. 


Let us remind you once again that the latter follow from 
the Newton equations, and the Newton equations result 
from averaging by a big number of events, while for 
individual events of small energies no conservation laws 
in quantum physics exist. 


In other words, it can be said philosophically that a 
motion of a small wave packet, once started, will give 
birth to other movements (energy) and, consequently, 
to matter. Since most various and breath-taking 
speculations are possible, up to the creation of a 
universe, we will stop here. 
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Thus, the generated or disappearing energy in our 
approach can be manifest not only in the changes of 
the particle velocity during movement in a certain 
potential, but in the appearance or disappearance of 
the particles themselves as well. A change of the 
particle velocity in movement is most easily 
discoverable, and it is the velocity increase that can be 
used for generation of heat or electric current. There 
can be energy systems, which exploit the fact itself of 
charge oscillation and the consequence of it. It is very 
probable that these phenomena, contradicting the most 
fundamental laws of modern science, have been long 
discovered and even applied. But these are the very 
phenomena that are the easiest to be exploited at the 
first stage of development of such new energy 
technologies. 


When an energy generation mechanism is used, 
crematorium-type solutions should be suppressed. But 
all the quantum processes are built on the basis of 
elementary acts, and each of them is impossible to be 
controlled separately. But if the probabilities of such 
processes are controlled, they, being multiplied by the 
great number of participants in the process, 
automatically become macroscopic variables of 
quantum kinetics, and the process itself becomes 
possible. It can easily be achieved, if process 
participants with correlated initial phases are selected. 


Let us remind you that the Newton and relativistic 
classical mechanics follow from the strict UOT, while 
the Newton movement equations with the resultant 
energy and impulse conservation laws follow from the 
oscillating charge equation with averaging by the 
particle ensemble composing a classical body (material 
point). But these conservation laws are nonexistent for 
individual microparticles in our theory, and they appear 
only in case of averaging by the ensemble of particles. 
Thus, if the energy-generating processes are 
accumulated, and the processes where energy 
disappears are suppressed, a classical perpetual mobile 
can be created. 


But the UOT and the oscillating charge equation have 
other differences not only from the equations of classical 
mechanics, but also from some equations of 
electrostatics and electrodynamics. 


There is a fundamental theorem of circulation for the 
electric field. Let us dwell on it in more detail. Let us 
have a vector field E, which can be an electrostatic or a 
gravitation field. 


E=P(x,y,zi+ Q(x, y,z)j+ R(x y, Zk 


Line integral 
T= 4(Pdx+Qdy+Rdz)=4Edl (15) 
1 l 


is called circulation of vector field E by contour |. Of 
course, circulation depends not only on E, but also on 
the passage direction accepted in contour I; by changing 
the passage direction we will change the circulation 
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sign. Form (15) is convenient for mathematicians, but 
for our purposes we will present equation (15) ina 
different way. If both parts of equation (15) are 
multiplied by electric charge gq, on the right we will get 
the integral of force qE by way dl, i.e. work for moving 
the charge along a closed loop contour. It is well known 
that this value is zero. 


| qEal =0 (16) 


l 
If this value were not zero, an energy source could be 
created. For this purpose a charge should be moved in 
electric field E from point a, located in the high voltage 
area of the field, to point b, located in low voltage area 
of the field, and then back, but along another route. The 
values of work from q-—band from b—-awould be 
different, and we could extract work from the field 
without making any changes in the system. When the 
charge is constant, it is certainly true, so for a 
macroscopic constant charge this theorem is an analog 
of the energy conservation law. The authors have not 
come across such an interpretation of the energy 
conservation law in other works. If the charge is 
microscopic, then in the UOT it changes, depends on 


time, coordinate and velocity, so work from ¢d—b and 


from 24 will be different, in this case work can in 
principle be extracted from the field without any 
changes made in the system. 


Discussion of Experimental Results 


Let us now get down to explaining some very unusual 
experimental results, which the authors have nothing 
to do with, and which they sometimes regard rather 
skeptically. The point is that the sphere of new energy 
sources is the headache of all the human civilization, 
and in this sphere, like nowhere else, the dividends can 
be exorbitantly high, and for this reason there are in 
this sphere a lot of swindlers (even among the 
theoreticians) and simply erring people. The official 
science of the world does not so far believe in such 
research, but the most suspicious fact is the great 
multiplicity of such works. The authors are not inclined 
to regard all these people as swindlers or erring, 
because the UOT can offer a beautiful and simple 
interpretation of certain phenomena. 


There are strange plants with the efficiency over 100%. 
They are even manufactured in small quantities and are 
rated among energy-saving devices already termed over 
unities. Japanese researchers take these problems very 
seriously, and the leading role in studying this problem 
belongs not to the USA, but to Japan, which even 
finances many US institutes in this framework. The total 
Japanese expenditures for this research exceed 
$200.000.000 a year. It can be forecast that with the 
Japanese mentality and the state policy of exporting 
not natural resources, but superhigh technologies and 
intellect, Japan will find itself among the leading 
countries early in the 21* century. We think that our 
readers will not be surprised to hear that Russia has 


not allocated a single cent for this program, and all 
research was made on pure enthusiasm. 


In the USA such works do not get official governmental 
support either (like, for example, the dying out hot 
nuclear fusion problem), but a great number of private 
firms and individual businessmen are conducting large- 
scale research. The following US journals are devoted 
to the subject: Journal of New Energy, Infinite Energy, 
Cold Fusion, New Energy News, Fusion Facts, and NET- 
Journal (Switzerland). 


Switzerland, Italy, Germany, and France are also among 
the countries where the new energy problems are 
seriously researched from the cold nuclear fusion point 
of view. 


Avery young sphere of power engineering has emerged 
and is quickly developing, which researches many new 
energy sources. In future those new energy-saving 
sources will first be used, which will considerably differ 
from the existing ordinary energy transformers in that 
they will generate additional energy that can be used 
in the interests of the mankind. The development of 
Civilization will then be limited not by long-expected 
reduction of natural fuel resources, but by heat pollution 
of the environment. 


Let us enumerate just a few of the new energy 
directions: 

1. The Patterson fuel cell (CETI). 

2. Supermagnet-superengines of Takahashi, Aspden 
and Adams 

3. Swiss plant Testatika. 

4. Engines operating on water. 

5. Hypersound Griggs pump, the Potapov and 
Schaffer heat generators. 

6. Schoulder and Fox cluster systems. 

7. N-— machines of Farade, Bruce de Palma, Newman, 
Searl, Tewari, etc. 

8. PAGD reactor of Canadian researchers P Correa and 
A. Correa. 


This list can be complemented with the surprising 
experimental results received by physicists A. Samgin 
and A. Baraboshkin (Russia, Institute of High- 
Temperature Electrochemistry under the Russian 
Academy of Sciences, Ekaterinburg) [24,25] and 
T.Mizuno [26] (Japan). They appear to have used, totally 
independently of each other, special proton-conducting 
ceramics, which, when electric current runs through 
them, generate a thousand times more heat energy than 
the electric energy consumed. In some experiments by 
T.Mizuno this value even exceeded 70000(!). T. Mizuno 
in a personal talk with one of the authors of this report 
said that he feared very much the radiation sickness. 


But no @, B,y radiation or nuclear debris was found, 


and the nuclear processes are not responsible for such 
energy generation. Such proton-conducting (or, to be 
more exact, deuteron-conducting) ceramics was made 
using the power metallurgy methods by agglomeration 
under high temperatures. In other words, all the 


chemical processes in it had long been over. The origin 
of such an amount of excessive energy is absolutely 
incomprehensible in the framework of conventional 
science, for they cannot be accounted for either by 
nuclear or chemical reactions, or by phase passages. 
At first the authors of this experiment supposed nuclear 
fusion reactions of the D+D type. At our request, A. 
Samgin replaced heavy hydrogen (deuterium) during 
ceramics production with ordinary hydrogen. If the 
effect of such huge energy generation was connected 
with the nuclear D-D reactions, all the anomalous heat 
effects would have disappeared, but they persisted. 
After such a large quantity of energy was generated, 
the tablet disintegrated into powder. 


These effects can easily be explained by UOT from the 
harmonic oscillator theory point of view. When the tablet 
is agglomerated, there remain in it some caverns of a 
size of hundreds Angstrom units. When direct or 
alternating current flows through it, the protons and 
deuterons in their movement (there are few electrons 
in such ceramics) get into these caverns, and a process 
can start which is described by the “maternity home” 
solution. A particle accumulating energy, oscillates in 
such a pit, and finally the energy will be sufficient both 
for heating and for destruction of the pit walls (tablet 
turning into powder). The same processes seem to be 
taking place in a palladium electrolytic cell with heavy 
water, and in a nickel electrolytic cell with ordinary 
water, which accounts for anomalously large heat 
generation, not related to nuclear processes. 


It would be good to verify experimentally the 
dependence of the tunnel effect on the initial phase. 
But it seems us that it is more important for our 
opponents, since both cold nuclear fusion (CNF) and 
discovery of nuclear transmutations (which, from the 
point of view of modern science, are even more absurd 
than the existence of CNF) evidently cannot be 
accounted for in any other way. Besides, such a direct 
experiment is of a fundamental value. There are today 
a lot of people and groups in the world, who pin great 
hope on exploiting the nuclear transmutation 
phenomenon for the purposes of processing and 
recycling of nuclear wastes, and the question of 
industrial generation of tritium for military purposes 
using CNF methods was under consideration in Los- 
Alamos. Internet magazines are full of such information. 
We are not giving Internet addresses here, because 
everything is constantly changing in this live system. 


Let us analyze some of the above-mentioned devices. 
The first, the oldest and the most mysterious information 
was information about internal combustion engines 
operating on water. 


Let us give just one example. When we were students, 
one of our teachers, the late Professor G.V. Dudko (1959) 
told us that in 1951 he had participated in the testing 
of an internal combustion engine [39,55-57]. The device 
represented a hybrid of a diesel and an ordinary 
carburetor engine, where a gas of petrol was needed to 
start it and then ignition was switched off, and an 
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ordinary fuel pump sprayed into the cylinder warmed 
up and strongly compressed water with special 
additives (which the inventor himself put into the tank 
in small quantities, and which, as we now understand, 
represented the principal secret). The engine was 
installed on a boat. The researchers were riding for two 
days in the Azov Sea, and only water vapor was the 
engine exhaust. Professor Dudko himself drew the water 
fuel overboard and poured it into the tank. They needed 
much water, several buckets a day, but there was no 
shortage of it... The question of why, if everything was 
so great, these engines are still not in use, can occur 
only to a person who has never lived in Russia. 


From the point of view of the solutions of the harmonic 
oscillator problem, the following theoretical possibility 
exists [40,44,47,55-57]: if water with the necessary 
additives (which, evidently, represent the secret of many 
invented engines operating on water) is compressed 
and sprayed into the cylinder, each drop of water, when 
it gets into the cylinder after being compressed, will 
start dilating and will pass by inertia the equilibrium 
position. As a result, caverns (empty volumes) can be 
formed in it, with a size of several dozen of Angstrom 
units. If a free proton (or some other microparticle) gets 
into such a cavern in the required phase (it is supposed 
that the task of the additive is exactly this), the 
“maternity home” solution will be realized and some of 
the drops will explode... Later we heard and read many 
times about various Russian inventors, who had 
successfully created and tested engines operating on 
ordinary water with some mysterious additives. 


Of course, the possibility of catalytic water 
decomposition with small energy consumption before 
spraying into the cylinder is not at all excluded. There 
are films and information in Internet about testing of 
cars operating on water, which is catalytically (with 
small energy consumption) decomposed into oxygen 
and hydrogen. Such power engineering would be 
ecologically absolutely clean, and the only restriction 
would lie in heat pollution of the environment. 


An ideal solution for the motor transport could also lie 
in use of some new types of electric energy generators. 
The UOT even admits of the possibility, which was long 
observed in the experiments of Nicolas Tesla and in 
those made by Canadian physicists the Correas, who 
even received a patent for a system generating energy 
from vacuum fluctuations (as they believe) [45]. The 
readers could have got acquainted with our detailed 
theory of these processes in [46]. But the ideal system 
for the automobile would certainly be Testatika. 


Any imagination will be amazed at the thermal cell CETI 
created by James Patterson, USA [27], in which takes 
place the electrolysis of specially made nickel balls in 
ordinary water. The US paper «Fortean Times» 1 85, 1995, 
wrote about it: “December 4, 1995 will go down into 
history. On this day a group of independent experts from 
5 US universities was testing a new source of energy 
with a stable output heat power of 1.3 kWt. The 
consumed electrical energy was 960 times smaller”. All 
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experts note that the generated heat is of mysterious 
origin and cannot be explained by chemical or nuclear 
reactions, as well as by phase passages. The US ABC 
TV showed on February 7 and 8 1996 in the «Nightline» 
and «Good Morning America» cycles of programs about 
the development by Patterson of a new energy source 
generating hundreds of times more energy than it 
consumes. The mysterious nature of the generated heat 
was again underlined. It is interesting [34] that Motorola 
tried to buy the CETI patent from its authors for 
$20.000.000, but met with a refusal. We are sure that 
Motorola had invested a certain amount of money into 
the study of this problem before making such a serious 
offer. All that happens within the Patterson element has 
nothing to do with nuclear reactions (although Patterson 
told one of the authors that he was of a different view), 
and, in our opinion, can be accounted for by exactly the 
same processes as were described above for proton- 
conducting ceramics. 


The sonoluminescence phenomenon, when certain 
liquids start shining if weak ultrasound is run through 
them, also looks very mysterious. No satisfactory 
explanation has so far been found for this experimentally 
proved phenomenon, discovered by Moscow University 
Professor 8.N. Rzhevkin in 1933. As Nobel Prize winner 
Professor Yulian Schvinger said, “it has no right to exist, 
but it does exist” [38]. This phenomenon can also be 
explained from the above-mentioned positions. 


There are also heat generators (Yu. Potapov [21-23], 
Moldavia, James J.Griggs [28], and Huffman [29], 
Schaffer - USA). In them many cavitating bubbles are 
formed during circulation of ordinary water, in which 
excessive energy is generated, with the output to input 
energy ratio approaching 1.7. In these experiments and 
plants no chemical or nuclear reactions can take place, 
and thousands of Potapov’s heat generators have been 
manufactured for heating homes. In such devices (they 
are very different in appearance) a great number of 
cavitating bubbles are created in a flow of water. This 
is achieved either with the help of interrupting the water 
flow with a special rotor (J.Griggs, Huffman, Schaffer), 
or the water flow is twirled by a special helix and then 
enters the zone of sharp dilation, where cavitating 
bubbles are formed (Yu. Potapov). In general, it should 
be said that cavitation remains a great puzzle for 
theoretical hydrodynamics and science. For example, 
forged multi-ton screw propellers of big nuclear 
submarines under certain operation modes and 
geometry of the surrounding forms can be destroyed 
by cavitation within only a few hours. It happens 
because of huge energy generated in cavitating 
bubbles. 


Under certain values of phase and energy, a particle in 
the pit, each time reflecting from the walls, will have a 
greater velocity than that of a falling particle (this is 
within the uncertainty relation), and after many 
reflections will accumulate a fairly big energy which 
will be generated in the form of heat or bremsstrahlung 
when the pit is destroyed, and, finally, the energy of 
the oscillations of such a particle accumulated in the 


pit will always be transformed into heat in an ordinary 
solid body or a liquid. This physical idea immediately 
accounts for both sonoluminescence (although for 
sonoluminescence in general this mechanism is less 
primitive), and energy generation in proton-conducting 
ceramics, nickel during electrolysis in ordinary water 
(CETI element), and water bubbles of commercial heat 
generators. The theory predicts that the samples should 
be fissure due to increased pressure on the walls of the 
potential pit with the growth of energy, which fact also 
takes place, since both ceramic samples and nickel balls 
in the CETI element finally disintegrate. It is evidently 
for these reasons that any metal containing much 
hydrogen in its grid becomes fragile and is quickly 
destroyed, which fact is well known to engineers. 


The small number of experiments does not so far allow 
for making concrete conclusions as to what particles 
generate energy in pits (microbubbles). Besides, for at 
least an electron to disappear a pit of about 0.5 MeV is 
required, while in a solid body the pits are about several 
eV deep, and what seems to happen is only loss of 
kinetic energy, and not disappearance of particles. The 
fact that this process requires very deep potential pits, 
which do not exist in a solid body, does not change the 
essence of the matter. 


Of course, under ordinary conditions, both competing 
solutions usually take place at once: “maternity home” 
and “crematorium”, which compensate for each other 
and the energy is preserved. For energy generation, the 
“maternity home” solution should prevail. Both these 
processes take place simultaneously and compete with 
each other, but, formally, they are not connected in space 
and time. The complexity of the energy generation 
problem lies in suppressing the “crematorium” solution 
by a careful selection of different parameters and 
promoting the “maternity home” solutions. So far we 
cannot say for sure what the optimum dimensions of 
such cavitating bubbles are, or which object oscillates 
in them, because for this purpose special experiments 
are needed, which so far have not been staged. 


Of course, the inexorable Robber in the form of the 
Carnot principle stands in the way of transformation of 
the heat generated in a heat generator or ceramics into 
electrical or mechanic energy. In accordance with this 
principle, all mechanic or electrical energy can be 
transformed into heat, but the reverse process is always 
connected with big losses. 


If there are experiments and plants in which energy 
generation contradicting the conventional conservation 
laws is discovered, there should also exist opposite 
ones, where energy disappears completely, i.e. the 
“crematorium” solution prevails. It proved to be true. 
There are such modes during electrolysis in electrolytic 
baths, under which the temperature of the solution in 
the bath is strongly reduced for unaccountable reasons, 
and this fact has no explanation at all. This phenomenon 
long ago was noted by attentive industrial engineers, 
and it is called the “bath-freezing” mode [49,50]. 


Chinese physicist Swe-Kai Chen from Taiwan in his 
experiments [48] stably observed the same phenomena. 
It is quite easily explained: a particle with a velocity 
exceeding the most probable velocity in this distribution 
gets into caverns on electrodes and after some 
oscillations reduces its velocity, which becomes smaller 
than the most probable one, and then the particle leaves 
the cavern at a small speed, and the same process can 
happen to another energetic particle. This leads to the 
cooling of the cell in the case of such mass processes. 


The problem of ferromagnet magnetization (the Easing 
model) can also be reduced to the orientation of a 
magnetic doublet by the external magnetic field, and 
then it is essentially the harmonic oscillator equation 


with a slightly different return force (* = 5) and all 


the conclusions made earlier remain in effect. That is 
why magnetization should also produce energy 
generation effects. This proved to be true. For the 
general public everything began on May 17, 1996, when 
Frode Olsen from the research group “Free Energy” 
showed on the Norwegian TV (TV2) a surprising film 
about a “dynamic sculpture” made by artist and 
sculptor Reidar Finsrud from Skaarer, Norway. The 
author of this “dynamic sculpture” had no idea about 
physics and had been making it for 12 years. Einstein's 
idea of how discoveries are made conveniently comes 
to mind at this point: everyone knows that a certain 
thing cannot be done, but there is aman who does not 
know it, and it is he who makes the discovery. 


This “dynamic sculpture” accompanied by an 
“explaining” poster «perpetual mobile» represents an 
iron well-polished ball with a diameter of 2.7 inches 
weighing about 2 pounds. The ball is rolling along a 
circle on close guides resembling two parallel skids with 
a diameter of 25 inches past the poles of three 
permanent magnets, where it is magnetized. In the area 
of three permanent magnets three more mobile magnets 
are installed on special mobile 5-inch long levers, and 
these magnets, when the ball passes them, are slightly 
inclined (due to the ball gravitation) and, after the ball 
passes them, are raised by the holding springs (sway 
like yokes). The ball makes a complete turn in 3 seconds. 
Allthis magic (they say the ball had been rolling along 
the close contour for more than a year) does not have 
any sources of energy and is installed for everyone to 
see in a Norwegian picture gallery on a special stand 
covered with a glass cover. The authors only saw a good 
TV film about this installation and were mostly surprised 
at the fact that the ball had not stopped during 
uninterrupted shooting (about 20 minutes). 


We are well acquainted with circus tricks, but it is 
absolutely incomprehensible how such a trick could be 
staged using some secret methods. It is clearly seen 
that the ball in its movement always partially transfers 
its energy to the three long swaying pendulums, but 
there is no way to use them for pushing the ball and 
making up for friction, this being the only trick that 
could, in our view, be applied here. All the rest is clearly 
visible and contains nothing suspicious. 
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Let us estimate the generated energy. At an initial speed 
of about 1m/s the ball stops after 30 seconds, if all the 
magnets are removed. It means that the energy 
consumed in 30 seconds is about 0.5 joules, or 1/60 Watt. 
The total energy generated in a month is 43,200 joules, 
and this is huge energy, much greater than that of a 
good shell! 


It is clear (if the word is relevant here at all) that when 
the ballis approaching the permanent magnet and the 
process of magnetization is going on, it is accelerated, 
but when it mechanically gets past the equilibrium 
position and, moving away from the magnets, becomes 
demagnetized, the gravitation (which now starts 
slowing the ball down) will be slightly less than it was 
at the moment of the ball’s acceleration. This small 
difference in forces provides for small positive work to 
overcome friction. Energy generation and similar things 
during magnetization had been predicted by one of the 
authors in magazines Infinite Energy vol.1, No.2, p.38, 
(1995); Proceedings of the ICCF5, p.361, April 9-13, 
(1995), Monte-Carlo; Cold Fusion, No 11, p.10, (1995); 
Chinese Journal of Nuclear Physics (vol. 19, 12, 19977). 
The quantum-mechanic processes are very complicated, 
but some of them can be understood. 


All keen physicists were quick to understand it, and J. 
Naudin in France made a similar, but much simpler 
experiment. A ball of a soft magnetic material is 
swaying along parallel U-formed skids in a system of 
four magnets. Near the bottom of the U-form there is a 
small smooth step. It may have been made to make the 
magnetization and demagnetization processes different 
in time, which is very important. If there are no magnets, 
nothing interesting happens and oscillations are quickly 
(in a few seconds) damped. If the magnets are present, 
oscillations go on up to 3 hours 27 minutes. It appears 
that in this case the author failed to find good material 
and parameters of the plant, so friction was not 
compensated completely. In all these experiments 
demagnetization of permanent magnets does not 
happen, because the experiment is repeated many times 
with the same results. 


And now a few vague words about demagnetization 
processes. During magnetization of the ball, the 
magnetic moments of its atoms are oriented (like the 
hands of a compass) along the field lines. When the 
ball leaves the magnetic field area, the atom magnetic 
moments are disoriented under the influence of the heat 
motion, and it becomes demagnetized. In the unitary 
quantum theory the share of the oriented magnetic 
moments in the external field can be bigger than in the 
conventional quantum mechanics (the “maternity 
home” solution), and the ball gravitation can be stronger 
due to it. Disorientation of these moments happens 
similarly in both theories. It seems to be for this reason 
and due to the difference in magnetization and 
demagnetization time that a difference in magnetic 
forces occurs when the ball approaches the magnet or 
moves off from it. 
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The scientists of the older generation will remember 
that a similar toy was shown in the 30's to David Gilbert, 
who said it was the most interesting thing he had ever 
seen. A question arises as to why it has not yet been 
realized. We do not know a physical-mathematical 
answer to this question, and it is not our task to analyze 
the social reasons of this phenomenon. Japan has a 
different mentality, and there is a governmental program 
for generating energy from permanent magnets. 
Takahashi [51] even seems to have made an electric 
engine with an efficiency of up to 318%! 


Still more mysterious is the long-known problem of 
energy shortage in many biochemical reactions with 
ferments (enzymes). For example, in the well-studied 
reaction of disintegration of polysaccharides in the 
presence of lysozyme the following happens: a 
polysaccharide molecule gets into a special cavernina 
big lysozyme molecule, and some time later its debris 
are thrown out of it (Fig. 6). The broken binding energy 
of the polysaccharide is about 3 eV, while the energy of 
the heat movement is only 0.024 eV. From the standard 
science point of view, it is absolutely unclear where 
lysozyme takes the energy to break the polysaccharide. 
No satisfactory mechanism for explanation of such 
reactions (and they are very numerous) was found, and 
all this was “swept under the carpet”, as physicists 
say. The UOT provides for a completely new look at the 
catalytic processes, which has an incomprehensible 
source of energy reducing the molecule activation 
energy. From our point of view, this process is a variant 
of the “maternity home” solution for oscillator. 
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Fig.6. Break of polysaccharide molecule by lysozyme. 


The most surprising thing is that in all the cases 
generation of excessive energy cannot be accounted for 
by chemical reactions or phase passages. If nuclear 
reactions do sometimes happen (which should not be 
according to modern science), they can account for only 
a hundredth or a thousandth share of the generated heat 
energy. There is no doubt that all these are effects of 
new physics, for in the framework of the old physics all 
this is simply unexplainable. 


But the existence of a plant that produces out of nothing 
about 10 kilowatt of direct current electric energy with 
a voltage of 300 V seems nearly impossible. The story 
was described by one of the authors in three different 
magazines, and we will just give a brief resume [52- 
54]. 


In summer 1999, at the invitation of Swiss physicists 
(Director of the Institute of New Energy Sources in 
Egerkinhen Adolph Schneider), one of the authors 


visited several research organizations. It is interesting 
that there is such an institute in small Switzerland, and 
there is none in big Russia. The purpose of the invitation 
was very simple: to explain the operation of a plant 
generating energy out of nothing, i.e. a perpetual mobile. 
In Switzerland such plants are called Testatik Machine 
M/L Converter from religious group «Methernitha» 
(Address: Methernitha, CH-3517 Linden, Switzerland, 
phone: ++41 31 97 11 24). 


Such machines exist today in the Swiss town of Linden 
near Bern. Part of the town belongs to the Religious 
Christian Community, which is fenced and heavily 
guarded. There are about 250 members of the 
Community, many of them are physicists, graduates of 
the universities of Geneva, Lozanne, Bern. It is not only 
a research laboratory, they have their own TV center, a 
film studio, a small furniture plant, shops, garages, 
residential blocks, and support services. You will 
probably have guessed that this community does not 
consume any energy, and this is the most accurate fact 
in the whole story, for the inquisitive journalists have 
found out that no money from them comes to the 
accounts of the local power station, which provides 
power for all the town. In a cellar of one of the houses 
they have a power station that produces energy... out 
of nothing. The author of this inexhaustible source of 
free direct current energy is Swiss physicist Paul 
Baumann. Let us briefly describe these fantastic plants: 
they are of four types (sizes) with capacities of 0.1, 0.3, 
3 and 10 kWt. Externally, the plant resembles very much 
the standard electrostatic machine with Leyden jars 
often used in physical demonstrations. There are two 
acryl disks with 36 pasted narrow sectors of thin 
aluminum, which rotate in different directions. In the 
first samples ordinary gramophone records were used 
for disks. The machine is started by pushing the disks 
in different directions by fingers. The rotation speed is 
50-70 turns per minute. After the start disks rotate 
independently and can be easily stopped by hand, the 
direct current voltage is about 300-350 V, and the current 
is up to 30A. The mechanical energy used for rotation 
(only 100 mWt, according to measurements made by 
Austrian Professor 8S. Marinov) is hundreds of thousand 
times smaller than the generated electrical energy. The 
biggest plant for 10 kWt has plastic disks with a 
diameter of over 2m, the smallest one — 20 cm, the 
weight of the plants is small enough, the 3-kWt machine 
weighing about 20 kg. 


The charge separation process (which consumes 
energy!) practically does not slow down the disks. 
Connection of a load in the form of a 200-Wt bulb does 
not change the rotation speed either. No cooling or 
heating of the air or machine parts during long operation 
takes place, only a slight smell of ozone is felt. The 
system is noiseless, compact, environment-friendly, and 
can be installed anywhere. 


The Community management thinks, and quite rightly, 
that wide spread of such systems in the world will lead 
to a heat explosion, because all the energy generated 
by the mankind finally finds itself in an energy dump 


(is transformed into heat), and all this can finally lead 
to overheating of the environment. They absolutely do 
not believe (and not without grounds) in the capability 
of the mankind as a whole to negotiate reasonable use 
of this invention, and they think that the harm caused 
by it will be greater than from nuclear, bacteriological, 
or conventional weapons. Their main idea for the 
mankind is to live in balance with the environment and 
to make full use of the energy of the wind, the sun, the 
water, etc. For this reason the Community is heavily 
guarded, and they are not going to donate their main 
discovery to the mankind. 


Professor Stephan Marinov visited the Community twice 
(in July 1988 and in February-March 1989). He was even 
given such a plant with a capacity of 100 Wt (300 V, 
0.3A), which he studied in his laboratory. As far as we 
now know, even the inventor of this machine does not 
fully understand its operation principle, so he contacted 
Marinov out of sheer curiosity of a scientist. 


In 1989 Professor Marinov published a book “Thorny 
Path to Truth - Documents of Violation of Conservation 
Laws” in International Publishers East-West. The book 
contains a lot of photos, a measurement report, anda 
description of the plant. He also organized a research 
group called “Free Energy” within the Community 
(Methernitha Group Stephan Marinov Free Energy). 


There are very interesting words in this book: “I can 
state without any doubts that this machine is a classical 
perpetual mobile in its pure form. After the initial push, 
it goes on rotatingby itself for an indefinitely long time, 
constantly producing electrical energy in the amount 
of 100 Watt... It is still unclear, however, how it all can 
happen...”. As far as we know, nobody has managed 
to build a similar plant elsewhere. 


We have an approximate idea of how the plant operates. 
The idea is as simple and ingenious as that of the wheel, 
which is absent from the surrounding nature, so the 
inventor could not borrow the idea. We will just show 
that the existence of such a plant is in full conformity 
with the UOT. It is natural that the plant operates on 
the basis of the charge separation principle. Let us have 
two metal spherical surfaces with a hole, isolated from 
the earth and from each other. If, with the help of an 
insulated stick, we transfer the first electron from Ball 
A to the internal surface of Ball B through the hole, a 
difference of potentials will occur, and if we transfer 
the second and the subsequent electrons, Ball A will 
attract the transferred charge, while Ball B will repulse 
it, and energy will have to be spent during the transfer 
of charges (Fig. 7). 


Let us remind you that under the existing circulation 
theorem (16), the charge transfer work will consume 
the same amount of energy as will later be generated 
during the passage of electric current resulting from 
charge separation. But in the UOT the circulation 
theorem (16) for an individual elementary charge is not 
valid. Thus, we can select the time and route, along 
which the charge will be transferred in such a way, that 
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Fig.7. Work for moving the charge depends 
on method of movement and route. 


the charge value during the transfer will be close to 
zero, and, consequently, the electrostatic force and the 
charge transfer and separation work will be close to 
zero too. For example, instead of selecting the route you 
can wait for the charge to be reduced to zero and then 
transfer it quickly, and when the charge increases, 
immediately stop the transfer and fix the charge. Or you 
can duly select the route and velocity. There are many 
options. This was evidently realized by Paul Baumann, 
who is so far practically unknown to the official science, 
and who can find consolation in the idea that the 
inventor of the wheel will never be known at all. The 
problem of simple arrangement of all this is just a matter 
of technique. 


You cannot help, thinking that all these might be just 
tricks. The history of perpetual mobile abounds in 
evidence of downright swindling and frauds, and nota 
single positive result before, and who can guarantee 
that the information given above will not prove to be 
another swindle? 


First of all, if all the people always piously believe in 
the unquestionable stability of the energy conservation 
law, there will never be any progress in this sphere, 
and it is then unexplainable how man got down from 
the palm at all. Secondly, to justify the proposed 
rebellious position, the following idea comes in mind: if 
30 years ago somebody had told the authors (who were 
then already professors) that at the beginning of the 
next millennium they would deal in such research, it 
would have seemed not only a silly joke, but an 
absolutely impossible thing as well. But, as Voltaire said, 
“He is silly who does not change”. 


In conclusion we wish to express with certainty that 
the time of theoretical recognition and of practical 
universal using of overunity devices will come soon and 
become the epoch of new energetics. The people of our 
planet will regret that so much oil, coal and gas was 
burned causing terrible ecological losses. 


The authors thank astronaut V.A. Dzhanibekov and 
Professor A.P Buslaev. 
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In this paper the authors show the possibility of creation 
of a new kind of emanation. The magnetic monopole 
beam can be made in space as a result of focusing of 
some natural substance. Special devices based on the 
Moebius band elements make the given focusing. This 
emanation is able to magnetize graphite and organics, 
decrease the radioactivity, and influence the oncology 
diseases .The time reverse technology is realized in such 
devices. 


Experimental data, which allow making a conclusion 
about existence of previously unknown emanation, are 


presented in this report. Here are descriptions of 
experiments and methods of measurement. The effects 
of interaction between new type of emanation and 
matter have been obtained. 


Till the present moment theoretical physics didn’t pay 
attention to the nonoriented configurations and spaces. 
The reason of this situation is the fact, that from the 
philosophic point of view it is not possible to determine 
and locate the area of the nonoriented topological 
structures in our world. We (eight scientific teams) 
joined our forces and we needed more than 30 years to 
solve this problem by an experimental approach. 


The fundamental tenet of the casual mechanics 
developed by Kozyrev can be formulated as follows. 
There are two types of energy in the Universe. The 
positive or «right» energy acts as a factor of the entropy 
increase. The negative, or «left» energy tends to 
decrease the entropy, i.e. it acts as a factor, which 
regulates the entropy increase. The «right» energy is 
transformed to the «left» one and this fact may be 
interpreted as a course of time from the past to the 
future. When the energy is transformed from the «left» 
to the «right» form, time is reversed. Kozyrev supposed 
[1] that through revolving of a body together with a 
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6. Activation by nuclear magnetic resonance; 
7. Activation by electronic paramagnetic resonance; 


8. Activation by electrochemical force. 


All these methods can be used as possible way to high 
efficient energy systems. Gerlovin wrote: “Usually 1, 6 
and 7-th methods of structural activation are realized 
in catalysis simultaneously. Besides, catalysis differs 
from macroscopic methods because it has the most 
minimal distances from the sources of activator fields 
to the activated molecules. And finally, an active 
participation of force fields created by nuclei of atoms 
and significantly more active participation of disturbed 
EPV is possible in catalysis. That’s why catalysis is the 
most effective method of structural activation. The 
detailed account of this method exceeds the limits of 
this article and we can only annotate it.” [1, p.333] 


Information stated above is only a small part of the 
questions appeared under consideration in Gerlovin's 
theory of fundamental field (TFF). Other important 
questions should be considered with a new 
experimental data. 
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Antigravitation of Matter. 
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Part I 


For a long time there is an opinion in physics about 
antimatter as a possible source of antigravitation, but 
the researches on this subject came into a dead end. 
The existent presentations and formulas forbade the 
conclusion about antigravitation, but our conducted 
investigations brought us to the possibility to get 
antigravitation of substance and to the paradoxical 
conclusions concerning the next: 


1. Two types of space exist: 
a) The Absolute space 
b) The Relative space 


2.a The Gravitation Field is the relative space, which 
has accelerated motion, directed to the center of a 
planet. 


2.b The Antigravitation Field is the relative space, which 
has accelerated motion, directed from the center of a 
planet. 


3. Gravity force does not depend on mass of a body! 
The mass can be presented in three versions: 


a) m,—mass as amount of atoms. 


b) W at electronic-atomic energy in mass. 
ma, 
Cc) W in — mechano-gravitational energy in mass. 
G 


On the basis of the stated notions we offer to revise the 
essence of force not only in Coulomb's formula, but in 
Newton's formula too. 
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It is well known, that mechanical energy can be bringing 
in electrostatic charge, where mechanical energy runs 
(turns) into energy of electric field, where 


2 r 8 
(mechanical energy) /'-R a (electrical 


energy) 


Similarly it is also possible to insert mechanical energy 
into mass of a body. As the result, the mechanical energy 


will turn into energy of gravitational field, where 
2 

: 3 

(mechanical energy) V-F' -t > ™~ (gravitational 


energy) 


Since the volume of the Earth is constant, the 
acceleration of gravitational field will be increased. 


It should be logical to expect, that when removing the 
mechanical energy from mass the inverse process will 
occur, that is to say acceleration reduction of gravitation 
field will occur. 


In his works I. Newton affirmed about existence of two 
spaces: 


The Absolute space - is an immovable non-rotatable 
space, which represents a limited cube, with our planet 
in the center. 


The Relative space — is a movable space. It can move 
with acceleration in the absolute space. 


Editor’s note: In aether conception this means two parts 
of aether: some part is involved into the motion with the 
mass, but another part of aether is immovable. 


The main mistake in search of aether consisted in the 
following: Maikelson’s experiments were aimed on 


search of relative velocity between bodies and space. 
However, it was the relative acceleration between 
bodies and space that was necessary to search for. 


To quote the conclusions of I. Newton: “Body can keep 
the quiescent mode or mode of rectilinear uniform 
motion ...” By this, he postulates, that the relative linear 
velocity between solids and space does not exist. But 
we know that for rotation it exists (the famous 
experiments with revolving pail of water). 


The gravitational field is the accelerated “falling” 
relative space, which represents a spherical form. If 
relative space moves, thus the question appears: where 
does it move? There is only answer: it moves in the 
absolute cubic space. 


In Einstein's theory there is notion of unified and curved 
space in gravitational field, but the contradictions 
appear here, and on concerning that N. Tesla writes: 
“Only by presence of force field it is possible to explain 
the observed motion of celestial bodies, but thus the 
hypothesis of curvature of space is not necessary. The 
whole scientific literature on this subject is futile and 
doomed on oblivion”. [1] 


The fact that gravitation is the accelerated moving 
relative space can be proved by observation of 
accelerated moving rocket, where the acceleration in 
rocket is equivalent to the acceleration in gravitational 
field. Accelerated movement of rocket is relatively, that 
allows speaking about either acceleration of rocket 
motion in immovable space, or accelerated motion of 
space in immovable rocket! 


The anti-gravitational field is the relative space, which 
has accelerated motion from the center of a body (for 
example: rotating cylinder, Earth satellite and etc.) But 
it is possible to create the model of anti-gravitation 
without rotations. On the basis of analogy between 
mechanical and electric energy comes to conclusion that 
gravity between bodies does not depend on mass of 
the body, but on mechanical-gravitation energy, 
contained in this mass, which is possible to contribute 
or to extract from. Therefore, this is the internal 
gravitation energy. 


Part II 


The “Mass” can be considered as a measure of three 
different conditions of matter: 


m, - aS a measure of amount of atoms, 
representing a “framework” or “container”, in which 


two types of independent energies are concentrated. 


Was - as ameasure of electric energy, which can 


be either accumulated or extracted, and it have a 
“compressed” form. 


An example of accumulation of electric energy in mass 
is a big cylinder, rotating with linear velocity, close to 
velocity of light, in this cylinder the mass of electric and 
magnetic fields of atoms increases. There are another 


possible ways to contribute and to extract the said 
energy from mass. 


And finally W_M,, is the mass, which can be a measure 
of mechanical energy, or it can be either inserted or 
extracted from the matter (it can be identified as the 
gravitational mass). This gravitational mass is what we 
put our attention on, because it affects upon gravitation 
and it is able to create antigravitation. 


“In his time N. Tesla worked on more general problem, 
which is the problem of matter and energy. And he has 
found, as he believed, the new physical principle, on 
the ground of which he brought forth his gravitational 
theory that was named dynamic gravitation. But he did 
not tell about it until almost the end of his life”. [2] 
Really, dynamic gravitation is the energy of motion. 


Let’s take the following indications: 


V — mechanical velocity 

F — force 

t— time. 

In this case the product W =V).-f'-t hasthe dimension 
of energy. Hereinafter, let’s take 


I-— strength of electric current 
U - difference of potentials 
t — time. 


Then W =/]-U-T has the dimensional of energy. 
Thereby, W ~ W’ that is to say, the following products 
are accepted as equivalent: 


1.V-F-¢~/7-U-T 


2. In previous materials it was reported about 
untraditional way for accumulation of energy, under the 
condition, in which at constant current I the product 
gq =U -t will depend on amount of inserted energy in 
unchangeable circuit L = const, in which the energy 
can be accumulated by untraditional way not only in 
electric capacity, but also in inductance. 


Similarly the energy can be accumulated by 
untraditional way in a moving body, under the condition 
V=const and m,=const (the product gr= F -t will 
depend on inserted energy and have unlimited value). 
Exactly this charge will create the powerful 
gravitational fields. 


3. Let’s take: F is mechanical force, R is distance. Then 


the product F’-R has the dimensionality of energy. For 
E’.V 





the uniform electric field the product Ee : also 


has the dimensionality of energy. In this case E, is 
constant, fF is intensity of electric field, Y is volume. 
Thereby, F.R ~ E*.V «Similarly, V-R-t ~ g°-V 
We have received the correlations of resemblance 
for heterogeneous physical values, on the ground of 


which the following physical experiments can be 
offered: 
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On the grounds of the above-mentioned analogies it can 
be assumed that the accumulation of “compressed” 
energy is possible in mechanics, as well as in electricity. 
Since the velocity is relative, that the mass can have 
zero velocity relatively a observer, who moves with this 
mass, but the force field will remain unchangeable, 
since it depends on already invected mechanical energy. 


Let’s note that: 
When the “compressed” electric energy is accumulated, 
the power field does not change. 


When the “compressed” mechanic energy is 
accumulated, the power field increases. 


Now we have come to the amazing conclusion that 
the gravitational force does not depend on mass of 
matter, but it depends on mechanic energy, which is 
included in this mass. This energy is unstable and at 
contact with land it is disappearing, and at zero gravity 
it can be saved for a long time. 





—$—$ 


Fig. 1 The first way to obtain the antigravitational force. 


ay 


The magnets are not revolved. 
2. The cylinders of charged capacitor are revolving in 
different directions. 
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Fig. 2 The second way to obtain the antigravitational force. 


1. The capacitor plates are charged and not revolving. 
2. The current circuits are revolving in different directions. 
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Fig. 3. The third way to obtain the antigravitational force 


a) electric 
b) magnetic 


1. The disk and the ring are made from electrical current 
conductive material. 


2. When these disks rotate, the currents, which emit the 
mechanic-antigravitational energy in the manner of heat, 
are formed there. 





Fig. 4. The fourth way to obtain the antigravitational force. 
Mechanical method. 


1. This is an extraction of energy from matter. It was reported 
in details on the 10 international symposium in Volgo- 
Donsk, Russia. 


2. The difference with electric circuits is that it is possible 
not only to extract the mechanical energy, but also to insert 


additional energy in the system. 
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Energy of an Atomic Bomb 
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Is it possible to place a pail of water into a one-liter jar? 
At the first look the answer is obvious: certainly not! 
However, the inventor from Novosibirsk, Anatoly 
Gaponov thinks differently. He does not “press” water, 
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but electrical energy, placing an energy equivalent of 
atomic bomb into ordinary electrical capacitor. 


Everybody using ordinary batteries knows its defect: 
they need frequent recharging. Gaponov’s capacitor 
is slightly smaller than a matchbox. Just come home 
by electrical automobile, take out the capacitor from 
engine, and then put it into the pocket. For home 
needs you can just insert the capacitor into plughole 
to power the light, boiler, and TV system. In general, 
each electronic device can have its own capacitor, 
then an electrical wiring is not necessary. After one 


On the grounds of the above-mentioned analogies it can 
be assumed that the accumulation of “compressed” 
energy is possible in mechanics, as well as in electricity. 
Since the velocity is relative, that the mass can have 
zero velocity relatively a observer, who moves with this 
mass, but the force field will remain unchangeable, 
since it depends on already invected mechanical energy. 


Let’s note that: 
When the “compressed” electric energy is accumulated, 
the power field does not change. 


When the “compressed” mechanic energy is 
accumulated, the power field increases. 


Now we have come to the amazing conclusion that 
the gravitational force does not depend on mass of 
matter, but it depends on mechanic energy, which is 
included in this mass. This energy is unstable and at 
contact with land it is disappearing, and at zero gravity 
it can be saved for a long time. 
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or two years you will just have to come into electric 
service station and charge your magic capacitor like 
a gas balloon. Meantime, this research work began 
from hypnosis. 


Anatoly Konstantinovich Gaponov (by birth from 
Kaluzhskaya region) is Ziolkovsky’ countryman. In his 
youth Gaponov was brought by fate into Sakhalin, 
where he showed hypnotic abilities. As an inquisitive 
person Gaponov had organized a research group, 
started experiments and soon he understood that 
human brain had incredible possibilities. 


A mental prick was made distantly to the hypnotized 
man, and he uttered a cry of pain. The ability to see 
people through, to define and to avoid organism's faults, 
was revealed in a hypnotic trance. It was possible to 
inspire pleasant emotions, to force “watching” a film 
on the given subject, as if on the screen. An uneducated 
person became an erudite, as if being connected to a 
certain global information database. Thus an idea to 
make an amazing experiment was appeared. 


In one of the experiments Gaponov hypnotized the 
person with four classes education, and asked, if it was 
possible to transmit the electric current without wires? 
The hypnotized person gave the answer, that it was 
possible. For that it is required to convert the electric 
energy in x-ray radiation. And what afterwards? 
Afterwards it is required to focus that rays. By what? 
By the lens made from quartz glass, gold coated. It was 
a miracle! The person told about things that in usual 
condition he had no idea of! The information was 
received from somewhere outside. 


Further quite an amazing thing has occurred. Gaponov 
asked the hypnotized person, if it was possible to 
intensify the abilities of hypnotist’s brain? 


He answered, that he could. “He turned me round and 
stared at the back of my head, - recalls Anatoly. - And 
suddenly the smile began to tear my mouth. I could not 
do anything with myself. When my mouth was sprawled 
literally from ear to ear, the hypnotized person in some 
inhuman voice declared that experience could not be 
continue since the cerebral hemorrhage would occur. I 
was hardly able to give the order to stop the 
experiment”. 


Thereby, the experiments with hypnosis gave the 
beginning to the thirty-years period of inventions in the 
field of accumulation and transmission of energy. After 
the return to native Kaluzhskaya region, Gaponov was 
occupied with physics, development of logical thinking 
and became the town champion in chess. 


The necessary books fell into his hands by themselves: 
some time a certain acquaintance gave it to read; 
another time he found the last copy in a bookstore. As 
a majority of self-taught inventors, Anatoly preferred 
practical experimentation. In quest of laboratory for 
realization of his own ideas, he moved to Novosibirsk. 
As a result, in 1980 Gaponov has made experimental 
system for compression of energy. 


From the school Physics we have known the notion of 
“electric arc” —it is a small blue lightning between two 
electrodes. Gaponov has tamed this lightning in sucha 
way, that having drawn apart two wires, which 
executed the role of electrodes, by hands and got the 
arc by length up to half meter. Anatoly confirms that in 
principle, it is possible to create an arc of any desired 
length under any amperage. 


One of the experiments found out one more enigmatic 
characteristic of electric discharge. During electric 
photography of arc a person happened to be between 
the camera and the system. On typing pictures, the 
researchers have found with surprise, that the electric 
arc was perfectly seen through the person. That is to 
say, it created the invisible field, for which material 
object was not an screening obstacle, and which was 
fixed on the film. 


The further experiments with electric arc have 
allowed to get a new source of energy, as well as to 
open the possibility of setting light and sound on fire! 
Just imagine, you ring up a bell, it’s sound waves spread 
at once in all directions, and then flash up with bright 
blaze. 


(Editor’s note: this experimental facts are rare modern 
evidences of possibility to create longitudinal electric 
waves. It is clear analogy here with sound waves in air 
since they are longitudinal waves also. Alexander V. 
Frolov) 


When the problem of energy source was solved, 
Gaponov turned to the problem of energy 
accumulation. According to Gaponov, he has 
provedexperimentally the possibility of charging of 
an ordinary capacitor with any amount of energy. This 
statement sounds paradoxically: how it is possible to 
place the unlimited amount of contents in limited 
volume? However, this is not a simple way. 


Gaponov believes that energy “placing” occurs not 
in space, but in time by means of his system! In what 
way? Imagine, that you fill one-liter jar with water. But 
already after an instant the water-filled jar is in past, 
and that present one is once again ready to be filled. 
And so ad infinitum. Water as if it fills a certain “time 
reservoir”, and a jar is just a neck of this “time reservoir”. 


(Editor’s note: This method is described in other 
articles also but usually it is pure mathematical 
discussion about Minkovsky space-time and 
theoretical proposals. Gaponov’s experiments 
are realization of fantastical idea to take power 
from the time flow, i.e. from Past or from Future 
to get over-unity in Present space. Alexander 
V. Frolov) 


“It is possible to demonstrate one more example, - 
Anatoly Gaponov adds. - Let’s charge the capacitor 
with the expectation, that it will supply the light bulb 
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for one second. Thereby, on the Earth this light bulb 
will be on only for an instant. But if the same capacitor 
with light bulb is placed in rocket and dispersed 
around the Earth at the velocity, closed to velocity of 
light, time on the board of rocket will be so slowed 
that the light bulb on rocket will be glowing infinitely 
long for an observer from the Earth. It means, that in 
any case it is the same energy quantity, but in one 
case it’s action is sprawling for a second, and in 
another one it is sprawling for eternity! It is possible 
to say, that in my system I have created the condition 
corresponding to this hypothetic rocket”. 


The system for accumulation of electric energy could 
be charged by ordinary wall plug 220 VAC. Time period 
of charging is different and depends on the certain 
scheme of the system. By the way, sea electric slopes 
are the certain natural analogues of such capacitor. 
Some elements of internal device of these sea creations 
reminds the “pump” elements for placing of electric 
energy into “temporal jar”. 


Finally, the third Gaponov’s invention is the system 
for transmitting of energy without wires. As well as 
in two previous cases, there is an experimental device. 
Anatoly Gaponov speaks that he has succeeded in 
getting the essence of experiments for transmitting 
of energy, which were conducted by Tesla. 


It is clear, that the main advantage of this method is an 
absence of wires and losses of electric energy. The 
electricity could be transmitted directly into any point, 
where receiving equipment placed, let say from Kaluga 
to Sahara. However, this is not so interesting for 
anybody, since for the present day Anatoly Gaponov’s 
inventions don’t have demand. 


“ The first system was created twenty years ago”, - 
says Mr. Gaponov. — “Now I am fifty five, but things 
have not budged an inch”. He adds dreamily: “Eh, if 
only I had a laboratory and some money...”. 
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Editorial: The article presents construction and operation 
of Oleg V. Gritskevitch’s hydro-magnetic dynamo, which 
is an example of very powerful new energy system. 
The prototype in Armenia has been produced over 
1500 KWtts power during several years. 


The author was born on 14 August 1936 and grew up 
in Vladivostok, Russia. He is married and has a son 
Boris. Gritskevitch is a physicist by education. He 
worked in the Far - East branch of the USSR Academy 
of Sciences. Since 1985 he has been working 
independently as an inventor. He has more than 70 
patents on inventions ranging from household 
engineering up to high technologies, which he has 
been trying to apply in our country and met big 
difficulties. After numerous attempts to receive the 
patents the author was convinced that outflow of the 
information occurred. Therefore he has received the 
state certificates as on know-how (on a French way 
of patenting), for all his inventions. 


Introduction 


During the Institute for New Energy 1999 Symposium, I 
lectured on my hydro-magnetic dynamo. This paper is 
my attempt to explain the construction and operation 
of my dynamo. 
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To fool investigators of my secrets, I have an occasion 
provided misleading information. For example, the 
drawing accompanying the Russian patent referenced 
below shows a cylinder across the toroid to fool readers. 
The real dynamo only has the toroid without the 
cylinder. Even its name “hydro-magnetic dynamo” is 
somewhat deliberately misleading. 


Ihave some familiarity with the new energy field. Nearly 
all purported new energy devices are fairly small 
electrical generators. The dynamo may be the only new 
electrical generator which most nearly meets all the 
requirements of an ideal large-scaled electrical 
generator. My dynamo really is the single most valuable 
invention the world has ever known. 


Alexander V. Frolov of St. Petersburg recommended me 
to contact with Dr. Patrick Bailey, Institute for New 
Energy since Pat has lots of contacts who could possibly 
help me with patenting my invention of a new source 
of energy in USA. 


I conducted the work on the theory and creation of the 
electrostatic generator-converter «Hydro-magnetic 
dynamo» about 20 years. (See dynamo history below.) 
The first primitive equipment was created when I 
worked in Academy of Sciences. During that time 
various changes were introduced in the generator and 
in the theory of its work. It is now possible to 
manufacture, install, and apply it in industry. 


For the first time I made the public report on this work 
in 1991 on asymposium in Volgodonsk city. The report 
received the positive replies and reviews of the experts 
of a nuclear industry in USSR. The same year I was 
accepted in International Nuclear Society. In these years 
I offered development of this technology to different 
state bodies and private enterprises. But there was the 
only answer: “It is very interesting and perspective 
project, but there is no money for it”. 
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Gravitonics is Electronics 
of the XXI Century 


Hypothesizes, Conclusions, Speculations 


Spartak M. Poliakov, 
Oleg S. Poliakov 
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Moscow area, 141120, Russia 


Tel: (096) 564-65-67 


(This article was published in “ELECTRONICS: Science, 
Technology, Business” magazine 5/2000 p. 8-13) 


Today we can easily insist that ways to solve main 
gravitonics problems are already defined, at that the 
practical realization of any of them will mean the break 
through in engineering. So, what successes has the 
Russian science already achieved in the area of 
gravitonics, and what priorities can we lose here in the 
nearest future? 


Introduction to Gravitonics 


The electronics of the “past century” uses electron as 
a ball, which has weight, radius, electric charge and 
magnetic moment. These very parameters define 
electron behavior in the electrostatic, magnetostatic and 
electromagnetic fields. But electron abilities are not 
limited by it; electron spin and internal microstructure 
features remain unaccounted and unclaimed. Evenly 
speaking, General Theory of Relativity (GTR) of Einstein 
was a power impulse for mathematical physics 
development and gave birth to many productive ideas. 
But the main problem, that is the secret of gravitation, 
remains undisclosed... In works of K.P Stanjukovich [1] 
and A.Z. Petrov [2], who carefully followed GTR, it was 
shown that this theory described neither energy, nor 
impulse of gravitational radiation, i.e. it can not explain 
gravitation. About 20 years ago V.B. Braginsky, today’s 
RAS Corresponding Member, came up with an idea: “if 
the propagation speed of gravitational signal is higher 
than the velocity of light, there will be already another 
theory, not GTR!” Maybe, the reason is the postulation 
of equality of gravitational and electromagnetic 
radiation velocities?... 


Today the approximate theory of gravitational radiation 
sources can be built on the basis of the following simple 
considerations: if during annihilation of “electron- 
positron” pair there creates the pair of gamma- 
quantums with energy about 0.511 MeV, then the pair 
of back gamma-quantums with the energy about 
0.511 MeV, could create “electron-positron” pair. Is it 
possible to assume, that electron, positron and gamma- 
quantum with the energy about 0.511 MeV are just three 
stages of one and the same object?! If it is possible, 
then for the rational description of the given object we 
will have to suppose the existence of subparticles, 
named by us uniquantums [3], or named by other 
authors microleptons [4]. 


On the basis of Heisenberg uncertainty relation 
conformably to the energy and duration of quantum of 
electromagnetic radiation, measured by laboratory 
means, it is possible to calculate the minimal “electrical 
length” of photon (i.e. quantum geometrical extension 
in free space in wave-length units), which is equal to 
137A, and in the uniquantum theory it is equal to 137 
uniquantum-antiuniquantum pairs. On the basis of 
these conceptions it is possible to construct the spatial 
microstructure model of electron. So, what kind is it? 


We think, that electron can be represented as thin- 
walled spheroid, walls of which are two light (C) 
barriers, separating the “internal” part of electron from 
the “external” one. From the traditional physics point 
of view “over-barrier” space is an “imaginary” one. This 
very space can contain the gravitational mass of 
electron. The radius of the gravitational spheroid is 
equal to the half of the classic electron radius, and its 
imaginary weight is 137 times more than the rest mass 
of electron. Being “cut” off by the double light C-barrier, 
uniquantums of the spheroid internal part are as if non- 
existent for the outer world, and the rest mass of electron 
is formed by magnetic energy of three uniquantums on 
the external orbit with the classic electron radius. This 
very spheroid, rotating with the tangential velocity C, 
let us get the precise value of the electron spin. 


The study of presented model shows, that: 


e The “electromagnetic” rest mass of electron is 
“magnetostatic”; 


e The gravitational mass of electron is an imaginary 
value and it is 137 times more than the rest mass 
of electron; 


e The gravitational radius of electron is two times 
less than the “classical” one; 


e The “internal” gravitational radius of electron is 
45.7 times more than the external one, i.e. the 
internal space is compressed per 45.7 times (!); 


e The spin is equal to the classical one, but this value 
is imaginary one (!); 


e ©The value of the “effective” electron charge is three 
times more than the classical tabulated value; 


e The native magnetic field of electron is equal to 
8,9-10"* Oersted; 


e The gravitational constant is equal to 10°*cm*/g.s?, 
i.e. it is about 10*° more than the “world” 
gravitational constant of the Earth; 


e The gravitational energy of electron is equal to 
137-:0.511 MeV, i.e. 137 times more than the 
equivalent energy of the rest mass of electron. 


The model is paradoxical. But it can be tested 
experimentally! Comparing “electromagnetic” rest 
mass of electron with the relation of electromagnetic 
energy to gravitational one, it is possible to determine 
the connection between magnetostatic and 
gravitational energy of electron, and, therefore, with 
energy of the magnetized ferromagnetic. 
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Gravitational constants of the Earth and of the electron 
differ in about 10* and can be described by the same 
simple equation: 


3/2 
Vise = 2kY 9 ‘W ’ 
where k - is a parameter of the gyroscope shape, Y, - 


is absolute universal constant, equal to 1/137 and q@ - 
is native rotation frequency of the gyroscope. 


Let us assume, that gravitational constants of all objects 
should be described by this equation. By substitution 
of the new gravitational constant into the known 
equation of the gravitational energy W = ym /r we 
will get the equation of the gravitational energy of 
rotating gyroscope with any size (from electron up to 
the Galaxy!). Thus, the main point of the “non- 
Einsteinian” theory of gravitational energy sources 
comes to the thing that any rotating object and any 
magnetized ferromagnetic have their own gravitational 
energy, and the sources of gravitational radiation can 
be only nonlinearly moved objects, or objects which are 
in the state of change of phase (for example, permanent 
magnet during its demagnetization). It is the 
gravitational theory and explanation of “strong” and 
“weak” interactions! 


Laboratory test of the equations 


Magnetostriction 


J.P Joule found the effect of change of ferromagnetic 
linear sizes and volume during magnetization as early 
as 1842. Magnetostriction is widely used in modern 
technique, but in the physical encyclopedia of 1963 
there is the following honest acknowledgement: “For 
the most ferrites both longitudinal and transverse 
magnetostriction is negative; the reason of it is still 
unclear.” 


In the scientific literature magnetostriction is usually 
defined as A=AL/L. However, during the change of 
external field to some arbitrary and enough small value 
AH, it is advisable to define magnetostriction as 
A=1/L-AL/AH, since in magnetostriction experiments 


the value AL/AH (ordL/0H ) is changed. By means of 
the suggested equation W=137(BHV)=BHV/a, which 
connects magnetic energy with the gravitational one, 
it is possible to get enough simple equation for the 
magnetostriction: 


A =1/L-0L/0H =a-k/(B-H),-H? -ou/0H 


Ss 
where (B-H) /a - is the density of gravitational energy 
in the point of magnetic saturation, k—is the parameter 
of share of gravitational field in the magnetostriction 
effect, H - is magnetic bias, 0/0H - is differential 
magnetic conductivity. 


The new equation qualitatively corresponds to four 
known features of magnetostriction [5], namely: 


e The magnetostriction sign is defined by the sign of 
Ou /OH , ie. by the course of the magnetization curve, 
measured in the direction of calculated component of 
the linear magnetostriction; 


e Graphical sum of three linear components of 
magnetostriction, calculated by three main axes of the 
anisotropy form of the model, is always negative and 
numerically close to the value of the volume 
magnetostriction; 

e Magnetostriction is an even effect, since the equation 
includes squared value of the external magnetic field; 

e Dependence of magnetic conductivity wu from the 
filed H and hence dependence 01/0H has ahysteresis 
nature. Therefore, the magnetostriction is a hysteresis 
phenomenon too. 


So we have the right to “close” the question of physical 
encyclopedia on the cause of magnetostriction. 
Magnetostriction is the secondary gravitational effect 
of ferromagnetic “self-constriction” in its own 
gravitational field. 


Gravitational-optic effects of GTR 


Distortion of the light beam, passing near the Sun and 
the photon frequency bias in the field of terrestrial 
gravity (the Nobel experiment of Paunda and Rebki) are 
the main arguments in favor of GTR canonization. It is 
very attractive to repeat these experiments in laboratory 
conditions, basing on our conception of the origin of 
gravitational field. 


The acceleration of gravity, used in experiments with 
ferromagnetic, reached the value 4.72:10%cm/s?, i.e. 
about 4.8-10"g. At such values of acceleration there is 
no necessity to introduce a definition “space masses”. 
In these experiments there was used the optically 
transparent ferromagnetic, which was the saturated 
solution of manganese chloride in water at room 
temperature. The experiment on the beam distortion 
was made in 1975 [7]. It was shown, that this effect is 
the result of two simultaneous processes. The first is 
an intense drift of magnetic ions, which forms the 
gradient of index coefficient that causes the light beam 
distortion. Another process is a relatively weak 
gravitational beam distortion, for which, nevertheless, 
the relation of deviation angle to the track length (the 
length of the dish is about 100 mm) is turned out to be 
about 10” more than in “Einsteinian” gravitational-optic 
experiments. 


The experiment on bias of the optic radiation frequency 
[8] was made in 1978-1980 and was repeated in 1983. 
With use of heterodyne and interferometrical methods 
of measurement we were succeeded to observe effects 
of “red” and “blue” frequency biases in the non- 
uniformly magnetized ferromagnetic by means of simple 
displacement of the working dish (with the length about 
40 mm) from one side of the magnet gap to another. 
The maximum displacement is about 10°, that is about 
10’°more than in the experiment of Paunda and Rebki. 


Problem of the propagation speed of gravitational 
radiation 


There are still only few publications about such 
fundamental parameter as the propagation speed of 
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gravitational radiation; it is able to speak only about 
pages, or even lines! Let us refer to major sources: 


I. Newton: “The propagation speed of gravitational 
interaction is equal to infinity.” It is an argument, 
because otherwise we would have to bring the “delay” 
parameter At into the Law of Gravity, what is not noticed 
in real conditions of star observations [9]. 


PS. Laplace in 1787, taking into account observation 
errors of that time, showed, that gravitational 
interaction speed was about 50-10° times more than the 
light propagation speed, i.e. it was about 1,5-10* cm/s 
[10]. 


A. Einstein: “The propagation speed (of gravitational 
interaction) is equal to the light velocity”. This statement 
is postulated. 


Even during the change of propagation speed of 
gravitational radiation between the Earth and the Moon 
it is impossible to define the signal delay about 10's, 
i.e. We cannot measure directly the propagation speed 
of gravitational radiation (supposing that we have both 
generators of the gravitational radiation and receivers 
of it). But this speed can be estimated by the reflection 
impulse, what exactly was made in 1987 [3]. And its 
value is about 9-10”° cm/s! 


On the basis of conservation law of impulse of 
unidirectional radiator with arbitrary energy type we 
can get a simple equation: 


F /(dW / dt)=10* -V/C? 


where V — is the speed of radiation propagation, F — is 
tractive force in grams, dW/d t — is power of radiation 
in Watts and C’—is velocity of light. 


[g/Wt] 


For making the experiment there were constructed, 
produced and adjusted: sensible scales with one degree 
of freedom (sensitivity of balance is about 1g at the 
oscillator mass together with the moving element of 
scales which is about 50kg); the indication system of 
small mass changes (phase-meter receiver); gyroscopic 
system, changing the mass in the dynamic mode (there 
are 16 possible operating modes — from the rotation with 
steady and variable angular speed up to the forced 
precession with the variable angle of precession, with 
the “right” and “left” rotation of all load-bearings 
elements at option); power sources and commutation 
automated system. The period from idea up to its 
realization took about two years (1985-1987) [3]. Taking 
into account the real parameters of the system, the 
program of calculation was drawn and propulsive burns 
were calculated. The results of machine computation 
can be compared with real impulses, demonstrated on 
the screen of the oscilloscope. 


If strange speed value 177 C*is discarded, then the 
middle speed value is close to C’, ie. to 
9-107° cm/s! Of course, we would like to think that this 
is the second fundamental matter speed of our world, 
which we has approached experimentally ... 


Gravitational receiver 


During the creation of gravitational antennas and 
receivers there appear almost insuperable difficulties 
from the modern fundamental science point of view. 
That is why it is advisable to look at this problem from 
another side. At first, it is necessary to consider 
gravitational radiation interaction not with the mass, 
which it goes through without losses, but with the 
gravitational field of independently gravitating mass, 
when the interaction must be the most effective because 
of the principle of physical processes reversibility. At 
second, it is necessary to choose some critical 
parameter of auto-gravitating receiver as a value, which 
is directly measurable by gravitational detector. For 
example, angular velocity of free rotation of thin disk 
with big diameter, the frequency of magnetization 
precession during NMR (nuclear-magnetic resonance) 
or NFMR (non-linear ferromagnetic resonance) etc. can 
be chosen as such a value. 


In 1987 there was the first successful attempt to receive 
the gravitational impulse. The source of external signal 
was gyroscopic precessing system with the variable 
angle of precession (the propagation speed of 
gravitational radiation was measured by it). Double 
gyroscope, setting in motion by one electric motor, but 
with the opposite directions of rotation, was used as a 
detector. Between disks there was placed the source of 
light, impulses of which, passing through disks 
openings, were registered by photodiodes. Their signal 
came into differential circuit of data processing. The 
memory oscilloscope reproduced impulses of 
gravitational radiation. At that radiating system and 
memory oscilloscope was started up simultaneously. 
During the work process there appeared a problem of 
exciting of slow auto-oscillations of gyroscope-detector. 
This problem together with the low frequency of auto- 
oscillations of mechanical system led to a conclusion 
that this research direction is not very promising. 
However, the fact of detection was proved! 


Gravitational engine of continuous action 


Only about nine years passed since the appearance of 
the idea about engine up to its realization! In 1997 the 
engine was produced and tested. The engine with 
weight about 28 kg was made “weightless” on the 
magnetic hanger, and longitudinal draft, appearing in 
accordance with the impulse conservation law, was 
measured by micrometer detector of longitudinal shifts 
(sensitivity is about 50g/point). Such engine could be 
built still in the beginning of the last century... However, 
it has a secret that is a gyroscope with the variable 


radius, working in the continuous mode. 

The engine power is defined by the formula 
dw m \ dr 
— =5ky,w*” eae 

r dt 


In June of 2000 there were made experiments with the 
model of gravitational engine, which represents a 
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gyroscope with the variable radius (see photo on the 
1st cover page). The mercury was used as rotating fluid. 
Tests were made in the Research Institute of Space 
Systems named by Krunichev. In three experiments, at 
a certain speed of rotating fluid there was fixed a 
decreasing of the engine weight (38,5 kg) up to 1.0-1.5 
kg (2-3%). The specific impulse of the engine was equal 
to 2.5-3.0 kg per kilowatt of electric power. Analysis 
shows, that the increasing of propulsion force is possible 
at optimization of design and operating modes. 


Some preliminary resume 


In the magazine “Foreign Literature” #1, 1967 the article 
“For hundred years forward...” by Jack Marabini was 
published. There were made some conclusions about 
prognostic work of firm Rand Corp., including the area 
of gravitational technique. Namely: 
e Development of communication facilities on 
gravitational waves in 2000; 
e Creation of spaceships with antigravity 
engines in 2050; 
e Transformation of gravitational energy into 
electric one in 2100. 


In the article it was noted, that the most “fantastic” 
predictions of this firm, as a rule, come true passing 
ahead. 


According to our crude estimations, the propagation 
speed of gravitational radiation is “C” times as much 
than the velocity of light, but we know neither laws of 
attenuation and propagation of gravitational waves, nor 
laws of their reflection and refraction, nor laws of their 
interaction with the substance... The large routine work 
is expected: making of measurements and 
investigations, tabulating of obtained data, publishing 
and society familiarization of the results, their 
“popularization”. It is necessary to learn to use 
gravitational radiation and to protect oneself from its 
accidental influences, to design standards and 
dosimeters, etc., i.e. to repeat the way of radio 
engineering and nuclear physics comprehension. 


For that we need generators and receivers of 
gravitational radiation. It means that the financial 
support is necessary. And engineers are sure to be ready 
to pay the highest price for the chance to give to the 
Mankind spaceships, systems of instanteneous 
communication with them and real perspectives for the 
very long history. 


Conclusion 


We have already passed the long way, if not in space, 
then in time. We have made: 
e Gravitational engines of continuous action with 
the specific impulse about 2.5 kg/kWt [11]; 
e Transformers of gravitational energy into 
thermal and electrical ones [12]; 
e Communication system based on gravitational 
waves [13]; 
e Receivers of gravitational (microlepton) 
radiation of biological and mineral objects [5]; 
e Devices for control of “laboratory time” flow 
(time machine) [14]. 


The main goals of the authors were to attract readers’ 
attention to the problems, which demand an urgent 
solution. Some questions were decided, and even 
seemed to be clear. It also seems to be clear what to do 
further. And what do you think about it? 
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Experimental Research 
on Gravitational Propulsion 
System 


Editor’s: It isa review of the article by V. A. Menchikov, 
the Director of Research Institute of Space Systems, 
named by Krunichev, Russia. The article was published 
in”Polyet” magazine #10,2001, p.38-39, Russia. It 
scrutinizes the matters on development of propulsion 
systems based on the unconventional approach to the 
problem of gravity, i.e. gravitational engines. It also cites 
the results of the gravitational engine model research 
made by means of the experimental facility, created in 
the Khrunichev Research Institute of Space Systems. 


The device, transforming rotary motion into 
unidirectional motion, looks like S.M. Poliakov’s one. It 
also operates with rotation of liquid, which causes the 
propulsive force. Truly speaking, Poliakov had an 
agreement with Research Institute of Space Systems 
named by Khrunichev in 2001. Some funds were assigned 
to develop the device, however the project, into which 
Poliakov had put a lot of work, still remains unrealized. 
Besides, the scientist’s name is not even mentioned in 
the patent. 
KKK 

Scientific and technological advance opens to mankind 
more and more wide abilities to use space for the 
solution of global problems. In many respects the 
complete realization of these abilities will be defined 
by the developement of means used for delivery of 
payloads into the space. In the XXI century the 
dominating use of reactive chemical and electrical 
propulsion systems in rocket-space technique as well 
as low application level of engines with other physical 
principles can be the factor of an “inhibitory” influence 
for the development of such techniques. It is caused by 
the fact that created rockets practically do not 
correspond to noticeably increased standards of safety, 
operating costs, costs for transport operations execution 
and ecological influence on the environment. 


Thus, there becomes to be urgent the problem of 
development of alternative approaches towards the 
creation of propulsion systems, made for the rocket- 
space technique on the base of unconventional ideas 
and engineering solutions. A rather old-established idea 
of creation of gravitational engine should be concerned 
as one of such ideas. It is based on the unconventional 
approach to the problem of gravity. Nowadays many 
countries take part in solution of the gravitational 
problem, namely Russia, USA, Japan, etc., and if till 
recently only some scientists and inventors showed the 
interest to this problem, then now it arouses interest of 
research-and-production majors. Unfortunately, now it 
is not possible to speak about sufficient theoretical or 
practical development of this idea. However, the interest 
is so considerable, that practically separate experiments 
on this subject were made earlier and they are still made 


nowadays. After all, stakes are very high and are 
defined by applied nature of the problem (the ability to 
create qualitatively new engines for the rocket-space 
technique), as well as by its scientific significance. 


One of the directions to solve the problem of the creation 
of gravitational propulsion systems is the realization of 
associated theoretical and experimental methods of the 
search of physical processes, leading to the antigravity 
effects appearance, which cannot be adequately 
described by existed theoretical conceptions. 
V. Shauberger’s patent, based on the postulate of 
gravitational energy radiation by “disturbed rotating 
mass” can be considered as an example of such 
practical realization. Taking into account a number of 
known experimental results, a model of gravitational 
engine and experimental system for estimation of this 
model parameters were made in Research Institute of 
Space Systems named by Khrunichev to provide the 
practical realization of Shauberger idea (Fig.1). It is the 
metal construction, which provides the model 
displacement in upward direction with the ability of its 
rotation around vertical axis. 





Force of friction 


===> 








The direction 
of the inside 
frame motion 





Propulsion 

















Fig.1 
Schematic circuit of the experimental system 


Later, to increase the system sensitivity it was improved 
and the block system of suspension was replaced by 
the lever frame. 


Turning angle of the stand frame, where the model of 
gravitational engine is suspended, depends on the 
following: weight and geometry characteristics of the 
frame; weight characteristics of the engine (of 
counterweight); engine propulsion and frictional forces 
in bearings. Laser indicator of frame turning angle and 
vertical ruler let increase the gauge of lifting height of 
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the gravitational engine model proportionally to the arm 
of light beam. 


On using this system there was made a wide cycle of 
tests, which qualitatively confirmed the presence of 
propulsion force. Tests were recorded by video. The 
analysis of experimental results shows, that acting time 
of propulsion was about 12 s at each switching. During 
repeated switching of the gravitational engine model 
in different conditions it is able to create the propulsion, 
the value of which at 40...50 s of operation can be about 
3 standard units of propulsion force (1 standard unit of 
thrust is about 10gs), and while using the powerful 
electromotor it can be about 80 standard units of 
propulsion at the intervals up to 4s. 


Research Institute of Space Systems named by 
Khrunichev, works on automation of experimental 


researches and on development of laboratory resources 
for factor analysis of appearance of the propulsion vector 
with the usage of the described model of gravitational 
engine. 


Patent 


The patent was published in the Bulletin of Patent 
Information in 2001. 

(11) 20946 

(51) 7 F 16 H 27/00 

(21) 2001121237/20 

(24) 01.08.2001 


Editorial: VA. Menchikov together with A.F) Akimov, 
A.A. Kachegan and V.A. Svetlichnyi have got this patent. 
Dr. Spartak M. Poliakov, being the author of the principle, 
is not mentioned at all in the patent. 


NEWS REVIEW 


Boeing Tries to Defy Gravity 


According to Jane’s Defence Weekly (UK), 
http://www.janes.com, Boeing, the world’s largest 
aircraft manufacturer, has admitted it is working on 
experimental antigravity projects. These projects are 
able to overturn a century of conventional aerospace 
propulsion technology and alter the entire aerospace 
business. Boeing uses researchers by Yevgeny 
Podkletnov, who claims to have developed a device, 
which can shield objects from the Earth's gravity. Many 
conventional scientists, who have not been able to 
reproduce Dr Podkletnov’s results, view his project, 
named «GRASP» (Gravity Research for Advanced Space 
Propulsion) with suspicion. 


Dr Podkletnov claims to have countered the effects of 
gravity in an experiment at the Tampere University of 
Technology in Finland in 1992. The scientist says he 
found that objects above a superconducting ceramic 
disc rotating over powerful electromagnets lost weight. 
The researches have shown that the reduction in gravity 
was small, about 2%, but the implications - for example, 
interms of cutting the energy needed for a plane to 
fly - were immense. 


His devise, named “impulse gravity generator” is 
capable to produce a beam of “gravity-like” energy that 
can exert an instantaneous force of 1,000g on any 
object — enough, in principle, to vaporize it, especially 
if the object is moving at high speed. Laboratory 
installation has already demonstrated the 4in (10cm) 
wide beam’s ability to repel objects a kilometer away 
and that it exhibits negligible power loss at distances 
of up to 200km. 


Applications of the device can include space launch 
systems, artificial gravity on spacecraft, aircraft 


propulsion and “fuel-less” electricity generation (“free 
energy”). However, observers say that Podkletnov’s 
device could be engineered into a radical new weapon, 
for example, adapted for use as an anti-satellite weapon 
or a ballistic missile shield. 


Documents, obtained by reliable sources, show that 
Boeing is taking Dr Podkletnov’s research seriously. It 
is also possible, Boeing admits, that “classified 
activities in gravity modification may exist”. The paper 
points out that Podkletnov is strongly antimilitary and 
will only provide assistance if the research is carried 
out in the “white world” of open development. 


Boeing is the latest in a series of high-profile institutions 
trying to replicate Dr Podkletnov’s experiment. The 
military wing of the UK hi-tech group BAE Systems is 
working on an anti-gravity programme, dubbed Project 
Greenglow. The US space agency, Nasa, is also 
attempting to reproduce Dr Podkletnov’s findings, but 
a preliminary report indicates the effect does not exist. 





1. Solenoids create magnetic field 
2. Spinning, super-conducting ceramic ring 
3. Liquid Nitrogen acts as coolant 
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Russell Anderson 


Applied Electrogravitics 377 Avon Rd., Ste. D-119 
Devon, PA 19333 russanderson3@hotmail.com 
484-255-1072 


Some Basic Background 


The concept of an electric aero-spacecraft with no 
moving parts was initiated by the Yugoslavian electrical 
wizard Nikola Tesla, who lit the entire world 100 years 
ago, at the turn of another century, with his 
revolutionary AC electric current. In 1916-17, Dr. Francis 
Niepher performed meticulous mass-deflection 
experiments under rigorous scientific conditions with 
lead spheres suspended by wires with shielded and 
unshielded containers. An accounting of this important 
series of experiments is in TRANSACTIONS OF THE 
ACADEMY OF SCIENCE OF ST. LOUIS VOL.23, 1916 
and 1917. Related article is in THE ELECTRICAL 
EXPERIMENTER, March 1918. 


Before 1905, George S. Piggot was routinely 
suspending small silver balls to water globules, corks, 
wood, using the electrostatic field from a specially 
designed Wimshurst machine in a glass container under 
several atmospheres of pressure to raise the current 
level. Output voltage was typically 500KV. The field was 
propagated by a charged sphere. A small curved 
conducting plate on the floor acted as a ground. He 
observed unusual patterns of blue dots with filaments 
over the suspended objects, sometimes with an 
anomalous 1/2 cm “dark band” on the suspended 
objects. Piggot states, “It is my firm conviction that that 
somewhere on the outer confines of our planet there 
exists a similar contracting belt thru which naught but 
the gravitational vibrations of the sun penetrate, and 
these vibrations absolutely annihilate or absorb all other 
less powerful ones”. If the force was Coulombic in 
nature, objects would be first attracted, and then 
strongly repelled by the charged metal sphere. After 
the objects were suspended, Piggot found he could 
remove the conducting ground plate, and the objects 
still floated, suspended. The phenomenon of levitation 
was accompanied by “luminous halos”. 


In 1925-27, Albert Einstein released his scientific 
“gem”, his “zur Einheitlichten Feldtherie”, or the Unified 
Field Theory for Gravitation and Electricity, to the press 
and the scientific community. It combines electricity, 
magnetism, and gravitation into a single mathematical 
expression, showing how High-Voltage/Low Current 
electricity (Electrogravity) -and conversely Low- 
Voltage/High-current (magnetogravity) ‘“acceleration- 
fields” (G-field) could be produced using then-available 


relatively LOW-technology. Indeed, a very simple 
technology. The unifying field is the electrical field 
(because it can produce gravitation and repulsion fields, 
as well as magnetism). His Crowning work was 
released with much press write-ups and fanfare, then 
it was quickly forgotten as if the scientific community 
and the world had suffered some kind of collective 
amnesia! 


All of the readers of this magazine need no introduction 
to the pioneering work of American Scientist Thomas 
Townsend Brown, who was playing around with an X- 
ray tube around the same year as Einstein’s Unified 
Field Theory was released. He filed his first patent for 
this newly and _ accidentally discovered 
“electrogravitational-effect” which causes motion in a 
high-voltage condensor or capacitor configuration. He 
was only 17 at that time. The discovery that high- 
voltage/low amperage electrostatic potentials applied 
to an object causes motion in the direction of the positive 
pole, and electrical charges naturally move to the 
OUTER surface of an enclosed charge-conductor, held 
strong prospects for what Brown would later name the 
“space-car”, and wrote an article “HOW I CONTROL 
GRAVITATION”. His pioneering work, and 
demonstration of devices in Hawaii during World War 
II, drew attention from the department of Naval 
Intelligence. He was invited to work on “Project- 
Rainbow” (the Philadelphia Experiment for 
Electromagnetic Stealth) because of his pioneering work 
on what was starting to be understood very covertly 
as atrue WARP DRIVE. Experiments with certain new 
and classified arc-welding apparatus at the 
Philadelphia Navy Yards to weld armor-plate for 
battleships was (by use of banks of primitive but 
powerful avalanche-discharge capacitors) producing 
anomalous and unexplained effects, such as 
disappearing tools and other apparatus in the heavily 
shielded welding chamber. These strange effects were 
accompanied by a strange “blackout -zone” which, like 
Piggot’s early work, was not optical in nature. TT 
Brown's devices in his AH Bahnson Labs home movies 
lift more than their own weight and move inside vacuum 
chambers in these films. TT Brown later founded NICAP 
in 1956, which became the most respected UFO data 
gathering and hard scientific organization in the world, 
besides the US department of Naval Intelligence itself, 
and the Foreign Technology Division at Wright-Patterson 
Air Force base in Ohio. 


New Energy Technologis Issue #4 (7) July-August 2002 


My background and work 


I primarily have a background and degree in computer 
programming, electronics, most fields of science, Flying 
Saucer Technology research (almost 30 years worth), 
Radio/Control fixed and rotary-wing aircraft since 1972. 
I have been experimenting and working with high- 
energy and electrogravitic devices and systems since 
1987. I built my first small High-Voltage generators 
starting around this time. I built kits from Information 
unlimited and elsewhere. 


In late January 1990 I built my first working 2-foot flying 
discs, which were a direct replication of Thomas 
Townsend Brown's most important representation of his 
electrogravity-propelled scale-model vehicular concept, 
from US Patent #2,949,550. In January 1992, I built a 
120KV high-voltage/low-current electrostatic generator 
from an Information Unlimited kit, primarily for force- 
field propulsion research. 


In June 1999, I built a tower and rotor apparatus to 
complete the experiment, and I powered it with the 
output from a 100KV generator I built from an 
Information Unlimited Kit. The results were spectacular, 
and taught me a great deal about what was involved in 
producing and maximizing the Biefeld-Brown Electro- 
gravitational effect. Isuspected from my research, and 
my experiments, that the basic effect was not due to 
current-flow and resulting ion-wind. When there was 
current-flow, the effect is attenuated, power 
consumption goes up, and thrust goes DOWN. In late 
June of 2000, I presented this working TT Brown 
Electrokinetic Apparatus with larger 1-meter discs at 
the 2nd Antigravity Conference in Reno, NV, hosted by 
Jim Cox. A VHS videotape of this working and 
spectacular presentation at the first part of the 
conference is available from 
www.soundphotosynthesis.com 


Now that I had mastered producing horizontal thrust, 
vertical thrust, or antigravity, was the next goal. About 
this same time, there was buzz all over the Internet 
about claims of two or three individuals who sounded 
credible at the time who had successfully replicated 
the many multi-layered “gravity-warp capacitor” or 
“electric rocket”. Oddly, these claims could not be 
verified, and the individuals making the claims 
disappeared back into the woodwork. Such actions are 
bizarre and hinder the progress of true science, which 
is undergoing a shift in paradigms right now, if not a 
change in dogma. 


I spent months die-cutting hundreds to thousands of 
tinfoil and aluminum-foil circular-notched conductor 
plates and wax paper and mylar rings. I did some initial 
testing with a Tin and wax-paper 400-layer gravity 
warp-capacitor heap, according to plans [had acquired 
from H & A Industries in 1992, and what was on Bill 
Beatty’s amateur science site. No one else has come 
forward with positive results on this tedious and time- 
consuming device. So much work for so little effect! And, 


if you short out the stack with too much power, you 
must tediously and laboriously search thru hundreds of 
layers to find the dielectric layers with the telltale 
carbonized holes. The Electric rocket has been recently 
successfully replicated and tested in hard vacuum and 
patented recently by Hector Serrano. The Serrano effect 
is identical to the so-called Biefeld-Brown 
Electrogravitational effect. They are one in the same 
thing. I may dust off my completed 400-layer grav-cap, 
but I hardly find it worth the time and effort, because of 
my recent work starting in early October 2001. 


The Lifter and The Evolution to Beamship Model 
Flying Craft 


Although [had attempted afew small “Hagen” patent- 
type antigravity (VTOL) models in the early 90s, I found 
their performance poor at best and their power 
consumption high. In late summer, 2001, someone, I 
forget who, on the JLN’s lab list of researchers and 
anomalous science-experiment and technology 
enthusiasts ran across a website owned by 
Transdimensional Technologies, of Huntsville, Alabama 
(famous for NASA research facilities, the late Dr. Rolf 
Schaffranke, author of the important ETHER 
TECHNOLOGY, under the pseudonym “Rho Sigma”, and 
Dr. Tom Bearden) had produced a hovering device. From 
my previous work, I recognized it immediately as TT 
Brown's Electrokinetic Apparatus that I had 
successfully replicated and demonstrated before a live 
audience years earlier. I noticed the capacitors were 
made from Aluminum FOIL, not the thin-but-heavy 
Aluminum sheet stock from Home Depot that I had been 
using for years, (I had assumed that to make my 3-foot 
discs hover and ascend vertically, I would have to use 
voltages in the hundreds of kilovolt range, and generate 
high x-ray, UV, and possibly gamma-ray emissions as a 
by-product, in other words, a typical flying saucer with 
all the associated radiological effects that have been 
documented for over half a century) so they could lift 
their own weight. The result matches almost exactly 
the simplest graphical representations of TT Brown’s 
patent from 1960, and De Seversky’s Ionocraft patent 
from 1964, which was a thin foil cathode plate with a 
thin anode wire separated from the cathode by stand- 
off insulator posts. I was eager to reproduce these 
devices (I don't know how I overlooked this simple 
solution, it was all sitting in those old 1960s Brown and 
De Seversky patents I have studied for 15 years 
previously) and many people around the world, 
especially the webmaster of the JLN Lab’s site French 
researcher Jean-Louis Naudin, who began replicating 
many different types of larger and more sophisticated 
devices, some of which resembled model spacecraft, 
and began amassing tables of very useful data, that 
researchers could use as basic guidelines to follow. I 
replicated the first hovering device, the “Lifter” (so- 
called by Transdimensional Technologies) as a 1-foot 
triangle, with 2-inch foil cathode and #42 enameled 
copper magnet wire. To energize it Iused a commercial 
power supply from Gamma High-Voltage Research that 
Ihad acquired from Ebay some years ago. It was perfect 
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for antigravity research, having full metering, and 
variable voltage from 0 to 40KV, and current limiting 
from 0 to 1.5 milli Amperes of current. The heavy 1-meter 
discs of the Electrokinetic Apparatus were too heavy 
and the rotor-friction to great for this low-powered 
device (60 Watts, maximum), but for the lifter, it proved 
ideal. 


My first “lifter” antigravity device worked, but its 
performance was less than ideal. It had to be stripped 
of its lower balsa-wood frame and some of its foil before 
it would degravitate (counterbary), and it “maxed-out” 
the current-limited power supply at 33KV1I1.5mA, fora 
stable hover (actually this is an upward flight 
configuration, because the device is tethered to the lab 
table with 3 sewing threads). That is 49 Watts. The 
concept of a hovering TT Brown Electrokinetic 
Apparatus had been proven to my satisfaction, however, 
and I initiated more research into past works and 
patents to raise efficiency to workable levels. The 
performance was slightly better than my early 1990s 
“wire-grid” type devices. I found this slightly 
encouraging. 


After a couple months reading and research (why re- 
invent the wheel, its all been done before), I started to 
replicate larger models in February and March 2002, 
but kept coming up against a size-barrier with the Multi- 
cellular (grid) approach that many researchers had 
assumed would raise thrust, and efficiency. This 
approach obviously did neither, as no one seemed to 
be able to produce hovering devices above a certain 
size, the current consumed (adding to total wattage 
consumed) was prohibitive with the low-powered (still 
high-voltage, low-current) devices that most of the 
mostly amateur researchers were using. Researchers 
around the world started to replicate different versions 
of the basic lifter 1 (an 6 to 12-inch equilateral triangle). 
The lifters are always tethered to the testing surface 
with 3 strings to keep them from going dangerously 
unstable and possibly short-circuit when they reach the 
limit of the umbilical supplying power to the device. 


From my previous Biefeld-Brown effect replications 
years earlier, and from carefully reading Brown’s EK 
Apparatus patent, I knew that increasing the diameter 
of the wire would reduce leakage current created by 
coronal discharge, mostly coming from the forward 
electrode, which in the 2 and 3-foot saucers consisted 
of an arc of copper tubing in the front quadrant of the 
saucer, or disc. Corona robs power (amperage) from the 
disc that otherwise would be used to “propel” the disc. 
Increasing the diameter of the copper tubing, as per 
Brown's patent if the effect was due primarily to ion- 
wind, more current and current flow between the 
electrodes would be desired to effect more air 
movement. But this is not what I saw in the saucers. 
There was apparently another, far more powerful but 
subtle force effecting silent propulsion of the saucers 
that had nothing to do with charge-transfer and ion- 
momentum. 


In February of this year, I undertook an effort to replicate 
and improve performance and reduce power 
consumption of the lifter device, based on data from 
my electrogravitic work of years past. I started by using 
thicker diameter enameled copper magnet wire, #35 
to #30 diameters. I first built a 1-foot equilateral 
triangular basic “Lifter-1”, weighing only 3.5 grams. On 
March 16th, I built a lifter with the thicker #35 enameled 
copper wire. 


I made the three sides 1-foot long and exactly 2-inches 
high. After experimentation, I found the optimum spark 
gap for my High-Voltage power supply (Gamma High 
Voltage Research 40KV with current limiting to 1.5mA). 
The small silver-colored device leapt off the test table 
and pulled violently against its anchor strings to a 
distance of about a foot. This seemed like a great deal 
of force for such low power. The large discs of my TT 
Brown EK apparatus required a good deal higher voltage 
to initiate motion in the direction of the anode. The 
device consumed 26KV 10.56mA DC, which calculates 
out to 14.56 Watts. I was getting more excited, because 
this was the best efficiency seen of any result yet 
posted. 


On March 19th, I tested 2 lifters glued together in a 
“diamond” shaped configuration. 


This 2-foot device weighed 6.0 grams, with the same 
#35 wire and a2 and 5/8" air gap. It took 25KV to nullify 
the weight of the device, and it achieved a stable hover 
at 35KV 10.8mA. That is 28 Watts. This is about what I 
had initially expected, double the power for double the 
Watts. Still, this was far less overall power going into 
the device to achieve a stable hover than my first 
primitive and radically shorn and trimmed device. After 
lift off to the extent of the anchors, I found I could reduce 
power slightly and maintain a stable hover. On march 
22nd at 3:49 pm I got the diamond lifter to achieve a 
stable hover with a 2 and 5/8" air gap at 29.5 KV I 
0.32mA. This was only 9 Watts! This was unheard-of 
efficiency. I was further encouraged to build and test 
larger hovering devices to see how large I could get 
them with my low-powered commercial power supply. 


I then built a “lifter-2”, which consists of three 1-foot 
triangular capacitor cells taped together. It weighs 11.4 
grams. March 30th at 3:22 pm, the device achieved a 
stable hover at 38KV I 0.57mA for 19.76 Watts total 
power. The larger device was more energy efficient than 
a device 1/3 the size. I wanted to see how far this could 
go, so I added three more lifter cells to make a 6-cell 
device, 3 feet on each of its three sides. I was eager to 
check the performance of this fairly large device. This 
was the diameter of my horizontally propelled TT Brown 
Discs. 


This device weighed 21.6 grams. I kept the spark gap 
the same distance on this device. However this device 
failed to achieve counterbary (lift). It just sat on the 
test table, filling the air with the smell of ozone and 
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making a sizzling sound (corona noise). I noticed that 
the current maxed-out on the power supply at a fairly 
low voltage and would not go any higher. 


I concluded in my disappointment that all that wire from 
all the inter-connections to the cells was causing corona 
leakage and robbing current, which otherwise would 
be used by the device for propulsion. 


The idea then hit me that perhaps I could make a device 
with the same outer diameter as the 3-foot device, but 
have greater efficiency because of a much shorter length 
of wire. I built basically a 3-foot (1-meter) version of the 
first 1-foot device. This device weighed 16 grams. It 
lifted off the table with amazing force and hovered 
stably with I52mA 30KV which is 15.6 Watts. Not only 
had I achieved a larger-size device, but far better power 
efficiency for a much larger and heavier device. I was 
overjoyed! I saw that I had a great deal of lifting force 
to spare. I had not even come near the limit of my power 
supply. I added extra bracing at the corners and extra 
balsa and a triangular paper “payload -tray” in the 
center of the device, supported by three 1/16"x1/16-inch 
balsa stock. The extra bracing and payload area added 
approximately 2 more grams. With a 5 gram payload, 
the device consumed 39.9KV10.99mA, for total power 
consumption of 39.5 Watts. I was really encouraged at 
that point, because I knew that these results were 
unheard-of, in terms of energy efficiency. I had solved 
the problem of decreasing efficiency by dispensing with 
a “grid-based” device. Increasing the area of the 
capacitor plate was one of the factors that increased 
performance and efficiency, lessening the input power 
requirements with increasing size. Now the Biefeld- 
Brown effect could be properly studied, now that most 
of the ion-flux had been eliminated, resulting 
conservation of energy by the device, and resulting in 
greatly increased propulsive force. 


Since I now knew the limit of payload for the device at 
the power level I was using, I added a balsa framework 
that approximated a central cabin area, and three small 
styro-foam spheres on the center of the straight sides 
on short lengths of balsa. The device no longer looked 
like a test device, but now looked like a scale model 
spacecraft. I remembered the Edouard “Billy” Meier 
UFO contact case, and knew that all his original 
photographs and movie footage of extraterrestrial 
spaceships the extraterrestrials themselves called 
“beamships” (there are several styles and variations, 
all with different specific functions and capabilities, 
some manned, some remote-controlled “telemeter 
discs” that had a tri-hemispherical undercarriage that 
I knew from past research were propulsion condensors) 
and that the original un-tampered photos all passed 
rigorous analysis using the latest and most 
sophisticated computer and other equipment, case 
detractors not withstanding. Also the spiritual 
messages of these genetic brothers of Man and their 
accounting of humankind’s history and origins from far 
across space rang true and struck a chord with me. 


I decided to name this new 1-meter model spacecraft 
Beamship Variation I. The three sides of the device 
performed the same function on this device that the 
three spherical or hemispherical capacitors often seen 
on the underside of full-size “beamships” (Daylight- 
disc-type UFOs), which illustrates a similar if not 
identical propulsion methodology to full-size 3 to 7 meter 
and larger “off-Earth-built” aero-spacecraft. Clearly the 
propulsion methodologies were exactly the same in the 
model as in the full-size flight device. 


I immediately built a 4-foot diameter model with a full 
cabin framework and internal payload area and 
achieved even greater performance and efficiency. I was 
ecstatic. This 4-foot device I dubbed Beamship 
Variation II. Ireceived a suggestion from Mr. Tim Ventura 
of American Antigravity that performance could be 
increased by using small diameter stainless-steel wire. 
It seemed unlikely to me that smaller diameter wire 
would increase performance, it contradicted Brown's 
patent, and my own past research with large 
electrogravitic discs. But Stainless steel has a high 
number of free electrons in the outer valence atomic 
shells (electron orbits). 


So I obtained some #40 stainless locally and the results 
confirmed Mr. Ventura’s suggestion. Corona noise was 
heard at a much higher power level, and was greatly 
attenuated in volume. Leakage current was less, and 
the two Beamships now had more thrust with less 
power input. They even carried more payload at less 
power input. Variation II weighs 21 grams and loft a 
payload of 6 grams at 40KV I 1mA for 40 Watts total 
power. Again, this was unheard-of efficiency. The 
anode wires sang a strange harmony as the Beamships 
floated in the air, stably at any altitude, from floor to 
ceiling, without any fuel or visible means of support. 
This was very Beamship-like. 


I thought that now since corona discharge on the anode 
wire was less, I could decrease the spark-gap distance 
without creating a spark (which kills lift). Thrust seemed 
initially to increase, but efficiency went down because 
there was current-flow now, and current consumption 
went way up. The supply would now max-out at 
37KV 11.5mA and would not increase because of the 
current limiting. The Beamships now were noisy, as the 
foils chattered loudly because of all the ion-wind that 
was now rushing downward along and past the foils. I 
used a concert fog machine to observe the ion-flux 
vector, and filmed it digitally with my Logitech web- 
cam, and with VHS analog video. 


Analysis of the fog -tests showed a circular vortex of 
air surrounding the anode wire that flared out into a 
downwash of air below the Beamship. I was 
disappointed, because I thought then that the thrust 
action of the device was due to simple ion-transfer. A 
useful-enough effect, but of questionable use in the 
vacuum of space without an ionizing medium. 


New Energy Technologis Issue #4 (7) July-August 2002 


Beamship Variation III 


I reasoned I had just about enough power in the supply 
to build and fly a 6-foot (2-meters) Beamship. Since the 
balsa came in 3-foot lengths, this was simple. As with 
all the lifter devices and the more evolved and efficient 
Beamship-series model aircraft, construction 
techniques are extremely simple and require little skill 
to assemble. Weight of the Beamship Variation III is 
42 grams, with 6-feet of length on its 3 sides. Height of 
the foils was still 2". Full frame and cabin, with Searl 
“IGV"-type landing legs, to support the weight of this 
heavy and very large device. I set the spark gap at 2 
and 1/2 inches. At 12:15pm EDT, May 12th, 2002 the 
Beamship was weightless at 32KV with current maxed- 
out at 1.5mA. 


The device barely lifted off, and “hopped”, across the 
floor once or twice at full power. It had the same loud 
rattling of the foils due to the terrific downwash of 
electrified air. I needed to raise the power level. I 
increased the distance of the spark gap to 2 and 3/4". 
Now the Beamship took off straight up with power to 
spare, as if it was one of the smaller craft. Beamship 
Variation IIT is weightless at 30KV 10.85mA (25.5 Watts), 
and airborne into a stable hover at 35KV11.35mA. That 
is only 47.25 Watts. It can carry a payload of 5 grams, or 
5 grams worth of additional framework and structure, 
to the limit of the power supply, which is 60 Watts 
(40KV I 1.5mA). 


The 42-gram, six-foot model aero-spacecraft only 
consumes 47.25 Watts at hover, but my first small and 
trimmed device ate up 49 Watts! Clearly, using the 
single-cell Beamship methodology had a huge 
advantage over the “multi-cellular” design that other 
researchers had built and tested, seemingly reaching 
an impasse in terms of size and efficiency, which my 
large single-cell Beamship technique had seemingly 
solved. In early April my 1-meter Beamship, weighing 
22 grams including 5-gram payload, consumed 
39.6 Watts. So the 42-gram, 6-foot Beamship used only 
7.65 Watts more total input power at stable hover that 
the 1-meter Beamship. Power-to-weight ratio for the 
2-meter Beamship V. III works out to 1.125 Watts to lift 
1 gram stably of scale model electric spacecraft. With 
little to no ion wind, the Beamship had plenty of upward 
force and achieved stable counterbary at greater 
efficiency than I had ever heard or read about. Also, I 
was not aware of any devices in scientific history that 
has achieved this type of counterbary for this little input 
power and this colossal size. I performed additional fog- 
tests with two red semiconductor-emitted laser beams 
in the plane of one side of the device, one above the 
wire, one below the foil. The Beamship without all the 
ion-wind was nearly silent again, except for “singing” 
and softly “thrumming” anode wires. These laser-beam 
tests further confirmed the marked absence of ion-wind 
with a larger spark gap. 


At 1.125 Watts-per gram at 57KV I 1.4mA (78.8 Watts) 
would lift 89.775 grams worth of electric spacecraft. So 


not only is the larger size in a single cell far more efficient 
that the “grid” design, in thrust and power 
consumption, but the reduction in current from 
increasing the spark gap raised power level to the 
device, while dropping power consumption of the 
device. My initial suspicion of ion-wind producing most 
of the thrust in the Biefeld-Brown effect had been dis- 
proven also because of the great weight of the device. I 
never would have discovered this important fact if Ihad 
stayed with smaller devices, trying to raise their 
efficiency. And I never would have discovered the 
efficacy of the Biefeld-Brown effect if had stayed with 
the multi-cellular “lifter” methodology. One of the 
factors that raises the level of propulsive force (if 
“propulsion” is the right word) is increasing the area of 
the plate, according to TT Brown's patents. So the larger 
size single-cell capacitor’s ability to reduce power 
consumption and effect greater propulsive force and 
upward acceleration, was easily explained by the 
Biefeld-Brown Effect. Brown had been vindicated. My 
gut feeling had seemingly been confirmed: this was our 
first warp-drive (reaction-less drive). 


My experiments had yielded greater efficiency, and 
greater size and weight of VTOL hovering models than 
any that I had ever heard or read about. I still am having 
difficulty taking in these facts; and it is very awe- 
inspiring to see such a large device de-gravitate and 
hover stably at any altitude, from floor to ceiling. 


Next for me is a higher-powered supply (60KV), moving 
up to a three-meter Beamship Variation IV, 
improvements to the cathode such as a thin, 
symmetrical airfoil shape, as Brown suggests in his 
patents, tungsten wire, and then carbon-wire for the 
anode, and full heat-shrink coverings on the frames, 
running lights, onboard lasers, onboard digital/ 
proportional Radio/Control, and now that we know the 
power requirements, and have a good handle on 
efficiency, onboard power generation. I have already 
begun designing with my associates our own custom- 
made outboard and inboard battery-powered power 
supplies, and finally will cut the power umbilical to the 
model electric spacecraft permanently, and Beamship 
technology advances further. If the on/off duty cycle is 
pulsed at a low frequency, power input can be reduced 
by two-thirds, at least. Experiments conducted by Jean- 
Louis Naudin last fall (2001) confirm this phenomenon, 
suggested by Brown and De Seversky in their patents. 
Clearly, onboard power can easily be effected, using 
modern miniaturization and circuitry. Pitch and roll 
vector control can be achieved by electrically isolating 
the anode wires on the three sides of the ship, and 
varying pulses to these three wires. Yaw control can be 
achieved by simply installing a horizontal-double sided 
capacitor inside the ship near one corner. Simple full 4- 
channel flight control is thus achieved. 


The Beamship series aircraft are fascinating research 
and entertainment devices (see cover page), and are 
the vanguard of a whole new generation of radio/ 
controlled antigravity model aircraft with no moving 
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parts and dead silent propulsion. But they are more than 
that. The Beamships, if allowed, could probably rise 
up at any speed thru the atmosphere, right up to near- 
Earth-orbit, and probably keep on going out into 
limitless space. No need to achieve ballistic escape 
velocities of miles-per-second. This is non-ballistic 
flight. They even have a certain amount of wind 
resistance outdoors and indoors because the electrical 
field causes air to flow AROUND the model flying craft, 
not into it. This is such a safer, environmentally cleaner, 
vibration and nearly silent and more pleasant method 
of aero- space travel than carrying tons of explosive 
reaction mass, which can and does explode. No more 
use of heat energy to effect transportation. 


The 21st century has begun in earnest! 


Beamship series aircraft are available for sale for 
research and hobby/entertainment use right now 
through the American Antigravity website: 
www.americanantigravity.com. Look for the Applied 
Electrogravitics antigravity technology website late 
spring, 2002. You can contact me, Russell Anderson 
for details on pricing, and new and improved variations, 
and power supplies for outboard and onboard drive, 
which are currently in design stages. 


Editor’s note: More ideas on development of T:T: Brown’s 
patents are on our web site: http://www.faraday.ru. 
Read about T-capacitor! 


Data Table 1 


Antigravity 
device 


Weight 
of device 


3.2 grams | #42 enameled 
copper 


Wire type 


1-foot “Flyer-1” 


Voltage/current 


33KV 1 1.5mA 


1-foot “lifter-1” 3.5 grams |#35 enameled | 26KV10.56mA 14.56} None 
copper 


2-foot “diamond- 
lifter” 


6.0 grams | #35 enameled 
copper 


2-foot, 3-cell 11.4 grams | #35 enameled | 38KV 10.57mA 19.76} None 
“lifter-2” copper 


3-foot, single-cell 
“Beamship 


16 grams #35 enameled 
copper 
Variation I” 
Beamship Variation] 18.5 grams | #35 enameled 
I-fully-rigged copper 
4-foot “Beamship 21 grams #40 stainless- 
Variation IT” steel 
6-foot “Beamship 42 grams #40 stainless- 
steel 
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smartPAK Technology” 
invention by William Alek “(= 


the world's first commercial all solid-state system 
that provides a “standard” platform for 
experimenters, researchers, and developers to do 
energy-related practical applications, experiments, 
beta MalcigiereerMc> de)lejeciatese Mel Mm eltefelium-seetest-1 014 
alternate energy system 





The theory of operation is based on the amount of energy that is required 
to magnetize and de-magnetize ferromagnetic materials utilizing a 
core/coil/magnet assembly, It has been discovered that it takes MORE 
energy to magnetize a suitable core assembly than to de-magnetize it. 
The SmartPAK system is designed to measure and collect the difference, 
and store the excess energy for later use. 


The SmartPAK device is controlled by a G6SHC908GP32 micrcontroller 
programmed to measure input/output voltages and currents, calculate 
COB, and contains software algorithms for a complete “turn-key” power 
management system. The device features a “standard” user interface, 
which allows the user to design their own custom core/coil/magnet 
“head assemblies”, and immediately test and display in real-time its' 
performance. 
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President and CEO of INTALEE, INC 
3506-43rd. Place Correspondence Address: POBox 37, 
Highland, Indiana 46322-3129 "hyip eats 


Phone: 7-812-380-6584, 
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Commercial Antigravity 


Tim Ventura 


tventura6@attbi.com 
Introduction 


Let me begin by posing a simple question that I would 
like the reader to keep in mind throughout this article: 
How far away is commercial antigravity? I’m not talking 
about a laboratory experiment where a giant magnet is 
used to levitate a frog, or secret UFO experiments that 
the government isn’t sharing with the business world, 
but a real, viable antigravity solution to what I consider 
to be the most pressing issue facing the world today — 
transportation. 


Who can answer a question like that? How far away is 
commercial antigravity? The author has read numerous 
scientific texts on the subject, and is familiar enough 
with contemporary theories of gravity, antigravity, and 
electromagnetism to suggest that most scientists 
believe that commercial antigravity is at least 100 years 
away from existence. But the author believes that most 
scientists are wrong. 


Defining terms 


Any article about antigravity would not be complete 
without properly defining the terms to be used. In this 
article, antigravity is not used in the strict sense of the 
word. The author’s intent is to discuss a method of 
propulsion, which for all intents and purposes can be 
considered antigravity, and may include antigravity — 
but also may include several other forms of similar 
propulsion. The reasoning behind this is that experience 
has shown that the majority of people in the world don’t 
care how something works — they care what it can do 
for them. This article is about the effect of Antigravity — 
not the cause. 


Real Antigravity would consist of an apparatus used to 
either reduce the apparent mass of an object or reduce 
the effects of gravitational attraction between the Earth 
and an object. An example of an apparatus that may in 
fact do this is the Podkletnov superconductor apparatus 
currently being tested by NASA. 


This Podkletnov device essentially consists of a spinning 
superconductor that self-levitates above a pool of liquid 
nitrogen and supposedly creates a “beam” or “shaft” 
of antigravity (or reduced gravity) directly above it as it 
operates. The levitation of the superconductor itself is 
not antigravity — it is a well-known side effect of 
ceramic-superconductors called the “Meissner Effect”. 
The Meissner effect is simply a side effect of the 
superconductor’s interaction with the Earth’s magnetic 
field, and is easily explained by physics. 


Podkletnov claims that when he worked with a team of 
researchers investigating superconductors in Russia 


around 1991, the smoke from the tobacco pipe of a fellow 
researcher began to climb steeply in a column directly 
above the superconductor. The researchers began to 
think that they were on to something, and Podkletnov 
subsequently performed several follow-up experiments 
that led him to the conclusion that the levitating 
superconductor produced a shielding effect between 
the Earth and anything positioned directly above the 
superconductor. He reasoned that gravitational 
shielding would provide a “column” of reduced gravity 
above the superconductor that should extend up and 
away from the Earth indefinitely. Podkletnov calculated 
that with a rapidly spinning levitating superconductor 
he had achieved a 2% loss in weight for anything directly 
over the superconductor. 


Podkletnov’s research is interesting and compelling, and 
it would fall into the category of “real” antigravity — 
but Iam writing about Podklentov’s type of research as 
well as enormous amount of research and theory 
available on electromagnetic propulsion systems. These 
can be considered “effective” antigravity. 


The Harrier jet fighter can swivel its engine exhaust- 
nossels to create vertical lift, which resembles 
antigravity in that it is VTOL takeoff. However, the 
Harrier does not use effective antigravity because it has 
all of the functionality and side effects of an aircraft. A 
helium blimp would be a closer example to “effective” 
antigravity, but it too is not — because it works on basic 
aerodynamic principles. 


Aerodynamics is not effectively antigravity — 
aerodynamics is instead expensive, difficult to 
manufacture, prone to explosive failure, and highly 
unreliable. This is not to suggest that a jet aircraft is 
unreliable, because it has a variety of backup systems, 
but that the technology itself is unreliable in that a jet 
is adversely effected by the medium that it uses to 
propel itself. Air pressure, humidity, temperature, and 
strong winds all cause a degree of unreliability. In 
addition, turbine engines stretch the limit of what 
mechanical engineering can achieve — which is why 
they are prone to break if even something as smallasa 
bird gets sucked in during flight. 


Antigravity is not about moving the air around — it is 
about a medium-agnostic means of air transportation 
that produces vertical and/or directional lift without 
relying on air-pressure like a wing or blimp. Antigravity 
is an electromagnetic or electrogravitic system for 
reducing the weight of an apparatus to allow it to lift 
more easily. Antigravity is pushing a button and having 
your vehicle take off without runways, noisy engines, 
minimum flight-speeds, propellers, or any of the other 
drawbacks that limit conventional aircraft from 
achieving popularity similar to what an automobile 
might have. 


The author’s definition of Antigravity for the purposes 
of this article is confined to electromagnetic or 
electrogravitic devices that reduce the weight of an 
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object to enable it to take off without conventional 
thrust-producing apparatus. This definition might also 
fit many of the classical characteristics known at one 
time as “the electric spacecraft”. 


1. Business Analysis versus Scientific Analysis 

The author disagrees with the majority of scientists as 
to when commercial antigravity will become possible 
for some very basic and obvious reasons. To begin with, 
the majority of credentialed physics-related scientists 
come from a theoretical school of thought, which tends 
to limit their world-view to only contain those things 
that are currently or potentially explained by theory. 
The author, however, comes from an experimental 
school of thought that seeks to capitalize on existing 
observational data without the rigorous need to explain 
every last detail of its functionality. The author is an 
engineer, not a scientist — and engineers don’t need to 
totally understand how something works in order to 
make it better. 


This difference between the engineering point of view 
and the physicists is also different in the manner in 
which they seek out observational data. A physicist 
looks towards naturally observable data, and in the 
event that none exists they look towards current 
theories to explain potential future observations. The 
engineer is more open to ideas that are less rigorously 
tested from the perspective of scientific method, but 
are currently observed as potential solutions to real- 
world problems. 


2. Potential Technologies Overivew 

Phycists currently tend to dismiss the entire concept of 
Electrogravity, and the reasoning behind their logic is 
very sound. To begin with, Electrogravity is not 
observable in nature. In addition, many of the claims 
by those persons who submit Electrogravity and 
antigravity devices for public review are faked, 
exaggerated, or just plain wrong. 


Physicists are responsible for maintaining a working 
body of theoretical knowledge, and if they were to admit 
results such as Schnurer’s without skeptical scrutiny it 
would undermine the very fabric of technology itself. If 
the Podekletnov results were to be accepted as fact at 
face value without rigorous prrof, imagine the amount 
of money that would be wasted in attempts to build 
enormous Antigravity vehicles based on this theory. 


In the middle of the spectrum lies the concept of Maglev, 
which is mentioned here only for the purpose of 
specifying that Maglev is not commercial antigravity. 
It has been mistakenly thought of as antigravity by 
many because it utilizes a magnetically-levitated train 
to improve the velocity of the train and reduce transit 
time between stops. In reality, Maglev is not really a 
vehicle at all. 


The definition of a vehicle would be a device that 
transports itself as well as its passengers and cargo 
between two points. This is why an automobile is 


considered a vehicle but an escalator or elevator is not 
— the automobile transports its entire propulsive 
apparatus to another location, but an escalator or 
elevator does not move — it merely repositions its cargo 
between points. The Maglev train is not really a vehicle 
at all - it is actually a very long electromagnetic 
armature that transports people and cargo between its 
ends at high speed. While it may serve a commercial 
need, it is not to be confused with Antigravity. 


On the opposite end of the spectrum is the author of 
this article — who has built and successfully tested over 
30 electromagnetic “Lifters” at the time of this writing. 
The Lifter is a device based on research by 
Transdimensional Technologies and related to research 
by Thomas Townsend Brown that demonstrates an 
antigravity effect when a High-voltage DC current is 
applied to it. 


Currently, the exact method of propulsion for the Lifter 
is being debated. It is thought to be one of two things — 
either an effective form of “ion-wind” propulsion, or else 
a form of field-effect propulsion based on an as-yet 
unknown force. While the debate about the exact nature 
of this propulsion is important with regard to future 
research, in reality it does not change the observational 
data that demonstrate that this technology works 
perfectly, consistently, and reliably. 


The Lifter design was demonstrated by the author ina 
continuous mode of operation for over 7 hours straight 
on Sunday, April 21%, 2002, at the Seattle Center 
“EarthDay and Renewable Energy Exhibition”. During 
this seven hour period of time, the author’s Lifter 
hovered at a tethered height of 12 inches from the 
surface of the table, powered by a 30 watt load from a 
simple computer monitor. 


This article is not meant to get into the details of 
methods of antigravity, only to suggest that it already 
exists in the form of electromagnetic propulsion systems 
if nothing else. The author is confident that in time 
physicists will find a theoretical reason for why the Lifter 
operates as it does, but for the time being the fact of its 
operation overshadows the method of its operation. 


3. Market Needs 

Commercial Antigravity doesn’t require a 2% loss in 
weight to operate — it will require something akin to a 
200% loss in weight. A commercial antigravity device 
will have to demonstrate exceptional performance to 
gain market acceptance, but not for the reasons that 
might immediately come to mind. 


One might believe that skepticism from the scientific 
community would prevent antigravity technology from 
gaining the scientific acceptance needed to become a 
commercially accepted engineering discipline. The long 
term view, however, shows that this is not the case — 
engineering and market forces drive innovation, and 
formal science plays a supporting role in explaining and 
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quantifying the innovations that engineers have already 
commercially qualified as valid. 


The real roadblock to success for commercial antigravity 
is market acceptance. The author’s demonstration of 
the Lifter technology at the Renewable Energy 
Exhibition helped him to realize that the vast majority 
of consumers have no idea what antigravity technology 
could be used for, much less what they themselves 
could use it for. The same thinking was apparent at the 
dawn of the age of personal computing, when the idea 
of having a computer in the home was a completely 
foreign concept. 


So in brief, a market does not exist for antigravity 
technology, which is why inventors working with this 
technology have been unable to find appreciable 
support for their work. Many inventors look at this 
technology and ask, “how could the public not 
understand how valuable a technology like this is?” - 
but that isn’t the problem. The problem is that most 
innovators with an interest in antigravity are so closely 
tied to the science behind the technology that they fail 
to review and address the business needs that drive 
the market acceptance of a new technology. In other 
words, people don’t buy antigravity — they buy 
solutions. People don’t buy cars to simply have a car — 
they buy cars because people need transportation 
needs that they have to fulfill. People don’t buy 
computers because they want to have a computer — 
they buy computers because they want to share and 
process information and communications. 


Marketing Requirements 


How will antigravity technology gain the market 
acceptance to become a commercially viable 
technology? There are a variety of ways in that 
antigravity technologies will become commercially 
viable, but only after antigravity is no longer sold as 
antigravity — it needs to be sold as a personal or 
business solution. 


The solutions that antigravity technologies are best 
prepared to provide at the moment are in the realm of 
transportation technology. This includes moving people 
and cargo to destinations in a similar manner to 
conventional transportation technologies such as 
aircraft or automobiles. 


With regard to providing transportation solutions, 
antigravity has the ability to incorporate the best 
features of both contemporary automotive and 
aerospace technologies into a single technology that 
will serve point-to-point transportation needs better 
than either of the two aforementioned technologies 
could by itself. 


For a moment, assume that a person wants to travel 
from Los Angeles to New York in a short period of time. 
Currently, the most convenient method of transportation 
to accomplish this would require the person to take an 
automobile to the airport, and from there take an aircraft 
from the Los Angeles airport to the New York airport. 


After departing at the New York airport, the passenger 
must then take another vehicle to their intended 
destination. 


Commercial antigravity technology could serve a dual- 
purpose short and long-range transportation role, taking 
on the aspects of both ground transport as well as air 
transport. 


Product Delivery Requirements 


In order to deliver commercial antigravity as a viable 
solution to business needs, a variety of work will need 
to be completed on the various component systems of 
this technology to turn it from what is currently a “proof 
of concept” into a commercial reality. 


Let us assume for a moment that we have developed a 
working device based on Antigravity or some method 
of Field-Effect Propulsion. While this is the critical 
stepping stone to success, this is by no means the end 
al be all of the development cycle. 


To begin with, the technology must be perfected to the 
point of being both economical and reliable. As it stands 
now, the market already has technologies in place that 
fulfill some or all of the requirements for the technology 
that Antigravity is being developed to replace. In order 
to serve as an effective replacement for these 
technologies, antigravity technology must then 
demonstrate that it both costs less in terms of operation 
and manufacture, as well as being more reliable than 
conventional air-transportation solutions. 


I mention reliability in light of the recent negative media 
attention surrounding several recent commercial airline 
crashes. From a marketing perspective, air-travel 
disasters provide a great deal of negative publicity for 
the airline industry. Since the airline industry has a 
mostly successful track record of delivering passengers 
and cargo, people are for the most part willing to forgive 
the occasional air-disaster. However, with a new 
technology such as antigravity-based air-transport, 
there is not a long enough track record to permit public 
acceptance of air-disasters. One substantial disaster in 
the early days of antigravity could serve to forever 
damage the credibility of this new technology. 


With regard to being economical, any type of antigravity 
system that intends to surpass existing methods of air- 
transport must be able to do so at a less-expensive rate 
to own and operate, and must have a vehicular lifespan 
at the very least similar to conventional air-transport 
devices. This would allow the total cost of ownership 
(TCO) to be less for an antigravity vehicle than it would 
otherwise be for a conventional craft. 


There is one caveat to acceptance of antigravity 
technology as compared to conventional aircraft, which 
is simply that if antigravity vehicles are able to operate 
in an environment or manner that precludes 
conventional aircraft, then they should be able to gain 
a market niche without immediately having to surpass 
conventional aircraft in the area of TCO. 
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Assuming that we can develop a propulsion system that 
is both more reliable and less expensive to operate for 
the transportation of passengers and cargo, we then 
have to build up the skeleton of a vehicle compatible 
with this form of propulsion around the actual propulsion 
system. 


For instance, a conventional aircraft has pitch, yaw, and 
several other flight controls, but for an antigravity 
vehicle there is a high likelihood that some or all of these 
controls will not be required, thereby changing the 
dynamic of flight associated with the craft. This will 
require new methods of pilot certification and flight- 
qualification, as well as requiring a control-philosophy 
to be created surrounding how the craft will operate. 


I use the phrase “control-philosophy” instead of simply 
“control layout” because one of my assumptions about 
antigravity propulsion systems is that they will allow 
more flexibility in the design process for engineers to 
determine how the craft “should” fly, as opposed to an 
aircraft or helicopter, in which the components 
determining speed and handling are based primarily 
on an interaction between the design of the craft and 
the atmosphere. 


In brief, an antigravity cargo-transport may have very 
different needs for flight than perhaps a lightweight 
passenger vehicle would, although there would also 
need to be a consistency between the control-systems 
of these devices to reduce the need for extra pilot 
training and competency testing. 


Therefore, it should be apparent from the last few 
paragraphs that not only are there several propulsion- 
system related challenges involved with developing a 
commercial antigravity device, but there are also several 
challenges in the design, training, support aspects of 
this technology that also factor into the requirements 


to be complete before a complete product can be 
delivered. 


Conclusion 


At the beginning of this treatise, I posed the simple 
question of “how far away is commercial antigravity’. 
The reader, I expect, probably interpreted that question 
in terms of time, which is the usual measurement of 
questioning when new technologies will become part 
of our lives. 


However, as I have attempted to demonstrate 
throughout this article, the time component is much 
less important to the development process than is the 
distance component - that is, how far away from 
commercial antigravity we are. When I use the word 
distance, I mean specifically what tasks must be 
completed in order for antigravity to go from being a 
proof-of-concept approach to a new form of propulsion- 
system to being a completed vehicle ready for 
manufacture. 


Ihave attempted not to address the legal implications 
of antigravity technology with regard to certification 
for general or specific use — my thought on this is that 
the discussion of legal ramifications of antigravity is 
best left for another time. This is due primarily to the 
size and scope of that discussion, which is beyond what 
Iam attempting to analyze in this article. 


So, in finale, how far away from commercial antigravity 
we are depends not so much on time as on the rate at 
which we can perform the work required to provide the 
underpinnings on top of which the technology can be 
built. This seems important to me, as it underscores 
how close we appear to be to a working method of 
antigravity propulsion, and how we might consider 
focusing resources and goals to achieve the realization 
of this common dream that we share. 


EDITORIAL: PERPETUAL MOBILE OF 1902 





There is one more interesting example of perpetual 
mobile, which was described in the collected articles 
[1]. The motor shown in Fig.1 was invented in 1902. 
The vessels b, c, d and e are mounted on a shaft a, and 
have one side f tangential to the shaft, and the other 
side radial. Compressed air is forced into each vessel 
through the valves p. It is stated that under “the action 
of the internal pressure of the vessels, and after a slight 
impulse has been given to same, in the direction of the 
arrow, the whole apparatus will begin to move and 
continue to do so without ever stopping, the velocity 
corresponding to the pressure established within the 
vessels”. 


Really simple... Let’s try to examine it. 
Reference 


R.A. Ford. The Perpetual Motion Mystery. A Continuing Quest, 1987 
Lindsay Publications, Inc., Bradley, IL 60915 
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Editorial: Yu.N. Ivanov discovered a new unusual 
physical phenomenon that is a gravidynamic paradox. 
The sense of the paradox is the existence of the situation, 
which is not forbidden by physical laws and which 
allows any man (even a child) easily hold suspended or 
carry things with 100kg or more weight by means of 
some simple device. This phenomenon is just a part of 
the significant applied topic and a demonstration of the 
possibility to cancel weight characteristics of any 
material object. Per se it is a work on the obtaining of 
the methods to eliminate aircrafts weight. 


We can use only resistant things as a support! 


Galilee-Newton’s Laws are in the basis of classical 
mechanics. Thought concerned fundamental, these 
laws do not explain the main thing, i.e. the internal 
processual essence of the phenomena, described by 
them. There is another scientific line — the quantum 
mechanics, which tries to discover the essence of deep 
processes. There is no connection between these lines, 
therefore they as if exist independently. There are also 
long-time conversations about necessity to combine the 
quantum and the classical approaches. We suppose, 
that practically the combining has already happened, 
since thanks to rhythmodynamics, there appeared 
phase, frequency and velocity of light in formulae of 
classical mechanics (without these attributes the 
quantum mechanics is impossible). It was revealed, that 
phase-frequency method of late mechanics formulae 
presentation gives a real physical sense both to 
formulae themselves, and to concepts which seemed 
vague before (namely: cause of motion, force, velocity, 
inertiality, gravitation). In this sense, the upcoming 
rhythmodynamics fills up the gap between the main 
physical lines and draws them together. But let’s 
change the vector, since the subject of the given article 
is to concern cases in which the third Newton law is 
not directly valid. 


Newton formulated the third law in the following way: 


“Action always has equal and opposite interaction, in 
other words, actions of two bodies on each other are 
equal and directed in opposite sides”’. 


This law represents the fact that one-way action of one 
body to another cannot exist in nature, but there is only 
an interaction between them, i.e. there is no action 
without reaction [1]. 


We must note, that the third Newton law is valid only 
for systems with 100% feedback, appeared in the 
interaction period. For example, during the magnet 
influence on the iron object it is revealed, that this object 
also starts to influence upon the magnet, i.e. to attract 
it with the same force. It happens because in the period 
of action of magnetic field the iron object itself becomes 
the source of magnetic field (Fig.1). Here the magnetic 
field, as an especial environmental condition, acts asa 
mediator, i.e. exists by itself in the interval between 
object and magnet . 





Fig. 1 


Interaction of magnet and metal body M. Here the action is equal 
to reaction, i.e. the third Newton law is valid. 


It is considered to be that magnetic field, created by 
electric current, spreads with the velocity of light. If 
current impulse is short, then the magnetic field spreads 
independently from the conductor and no matter if there 
is current in the conductor at present, or not. If the 
distance up to the object is big, then the magnetic field 
remains between source and object for some time, and 
has no influence upon the object. In this sense the 
portion of magnetic field, placed on the path between 
source and body, can be considered as moving 
independent “entity”, i.e. the space by means of itself 
carries its changed state (magnetic properties) from one 
place to another. In this period magnetic properties in 
the form of quantum can influence neither on the source, 
from which the magnetic quantum is already detached, 
nor on the object, which the magnetic quantum still 
does not reach. 


But having reached the object, magnetic field changes 
the state of this object. If as the result of influence the 
object becomes a source of magnetic field, then the part 
of the field is reradiated in the direction of source, i.e. 
the object itself becomes the source for some time, and 
by this it is able to influence on the first primary source. 
In this situation the principle of action and reaction 
works, because the feedback takes place. 


If the feedback does not appear during the period of 
influence of one body to another, then the action and 
reaction law is not valid in the system. Let’s 
demonstrate it by the example of the mechanical 
experiments, in which there is a feedback between 
objects. 
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Let there is a device (Fig. 2), which throws off two water 
(air) streams in the opposite directions in such a way, 
that reactive forces completely compensate each other. 
At that the thrown down stream compensates the 
gravity too. In this case the device will fly without 
falling, i.e. it will have zero weight. 


-Q)- P,=10kg 


weight of the ball 
is 10kg 


? 







Fig. 2 


The ball, suspended in the water stream, does not put pressure 
on the source. It happens because there is no feedback 
between the ball and the source. If you have such a device, 
then, lifting the ball by means of it, you will not feel the weight 
of the ball. The reason: the ball hangs due to the kinetic energy, 
which the stream passes to it and and this ball can not 
influence on the source through the water stream. 


The appearance of the ball with the weight P, does not 
influence on the weight P_ of the device. And even in the case 
if we press the ball down, i.e. essentially displace its location 
in the stream, the device will feel nothing. 


The absence of device weight is evident for us; therefore 
we can easily move the device if its original (vertical) 
orientation remains unchanged. 


Let’s change the situation and place the ball (body with 
the shape, which is steady for hanging) in the upper 
stream. This ball with the weight about 10 kg is placed 
in a way to be kept by this stream at some distance, for 
example at 0.5 m. Will the device react on the changed 
situation, i.e. on the ball appearance? Will the weight 
of the ball, hanging in the stream, be added to zero 
weight of the device (0 + 10 kg)? 


The calculation shows that it will not: XP=0+ 10= 0 [kg]. 
There is only an illusion that the ball is supported by 
the stream and that it is a part of the system. As a matter 
of fact, the ball is detached from the system and hangs 
due to the water kinetic energy. It is easy to check it by 
making an experiment in a bathroom: “Remove the 
douche sprayer, then direct the stream up and holding 
it by the one hand with the aim of weighting, try to 
influence on the source by the other hand through the 
stream. You will be surprised to feel that the hand, which 
is supported by the stream or any object, which is 
hanged in the stream, does not influence on the source”. 


At first sight the situation seems to be a paradox, 
however it very illustrates the possibility of the force 


action without reaction. So, the action can be one-way, 
i.e. calling no reply reaction in the form of pressure on 
the action source. 


In such an unusual way it is possible to keep the ball of 
bigger weight (100 kg and more), at that to move it 
easily by means of the device and at the same time not 
to feel the presence of additional weight in the stream. 
It is possible only in the case when there is no 
feedback between body and source, i.e. the body, 
hanged in the stream, has no ability to act on the force 
source. Thus, we can both hold and move the heavy 
ball without additional efforts, and also lift it up to any 
height (for example, 100 m). As a matter of fact, we 
deal with the new gravidynamic paradox. 


It is interesting then, how to solve the task of the 
following type: “Let the body with 100 kg weight is 
hanged in the water (air) stream in such a way, that it 
does not change the velocity and direction of liquid 
outflow from the source nozzle. How much energy the 
operator must spend to lift this body to the height about 
10 m?” (Here it means that the operator must take the 
device, which supports the ball, and, moving upstairs, 
lift the body, which hangs in the stream, by means of 
this device to the height about 10 m). If to solve this 
problem correctly (the condition is that the operator lifts 
himself together with the device and the ball), we will 
find out, that operator’s energy is spent only for lifting 
of the device, which creates water streams. The 
operator, lifting together with the device, will not even 
notice that in the stream there is a body with about 
100 kg weight (this is the sense of the paradox). 


The situation only seems to be absurd, and even 
paradoxical for theorists, but it is not a hopeless one. 


We can also observe the effect of action without reaction 
in ultrasonic field of the source. If the source is fixed on 
scales (Fig.3) and body is hanged, as it was made in 
the stream, the scales will show only the precise weight 
of the source and will not react on the weight of the 
hanged body, no matter how heavy it is. 


Fig. 3 





















The ball, made of the special absorbent 
material, hanged in the powerful 
ultrasonic field, does not put pressure on 
the scales. It happens because of the 
absence of feedback between the ball, 
which has changed its state, and the 
radiation source. If you have such 
ultrasonic device in your hands, then 
lifting the ball by means of this device 
you will not feel the ball weight. 


Ultrasonic generator 


Special absorbent (silencer) 
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The experiment of such type was made in one of the 
secret institutes. Water was used as an acoustic 
environment. The heavy ball easily floated up from the 
vessel bottom i.e. it behaved as if it had no weight. 


The similar phenomena but such of the other 
organizational level, sometimes become apparent in 
nature. The phenomenon has its very name because 
the event happens unexpectedly and is not analyzable 
through laboratory research [3]. 


“A spherical ball lightning about the size of a football 
ball flew over a village Galtsovka of Altaisky Krai at a 
height of twenty to thirty meters. The first shed in its 
way, with ferroconcrete poles, was crushed and 
collapsed. Flying over a slated house, the ball lightning 
tore away the roofing slate together with nails, raised 
it into air and pulled it along, scattering its parts all 
over the village. Flying over a tractor station, the ball 
lightning crushed a frame, welded of metal angles and 
covered with tarpaulin. On the approaching of the ball 
lightning to another frame, it was at first dragged along 
the ground, and after the ball lightning had passed it, 
the frame was lifted and carried at a distance of 
300 meters. The weight of the frame was no less than 
100 kg”. 


Further the author analyzes the situation from point of 
view of the known physical laws: “The frame of 
hundreds kilograms weight was carried by fields of the 
flying ball lightning. However, for some reason the ball 
lightning kept on flying straight and did not note that 
some metal frame was caught to it. If the ball lightning, 
as it is usually considered, has a density of air and it is 
a weightless formation, then why the frame with the 
weight not less than 100 kg could not change its flight 
trajectory even in some extent?” 


It draws attention that in some cases the ball lightning 
field pushed objects away, and in other cases it 
attracted them. It can be explained only by fact that in 
each case the ball lightning field specifically influenced 
on internal properties of objects, and then objects 
themselves somehow reacted on their new state (they 
changed their motion) . The feedback absence (in other 
way it happens between magnet and iron object) allows 
the ball lightning not react upon the things, which take 
place in its field. If these objects themselves became 
sources of similar field, i.e. reradiated it, they would 
influence on the ball lightning trajectory. Most likely, 
in the given case, there was realized the situation 
when action caused no reaction. 


Conclusions 


In the context of known physical laws the particular 
problem of direct action without feedback was 
formulated and solved. The solution of this problem 
provides deep understanding of how to control weight 
characteristics of material objects in open systems. As 
it was shown by the example with water (which is only 
an illustration of more fundamental processes) we can 


“deceive” the nature, but only through the deep 
understanding of the processual character of the 
concerned events. 


By the example of ultrasound we show, that in principle 
there can exist such field flows, which are able to 
influence on bodies without the feedback effect. There 
were defined some conditions and criteria of bodies and 
methods of influence, at which the third Newton law is 
not directly valid (it is not published in this article). 


The described type of influence can be called as 
pressure. But during consideration of processes at 
atomic or deeper level, i.e. from the position of 
rhythmodynamics, we find out something of another 
kind, that is phase-frequency one. It prompts to us, what 
kind of technologies will exist and how our aircrafts 
will look in nearest future. But not everyone is able to 
understand it at once. 


Moscow 15.05.2002 
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In the gravitation field we have a balanced open system, 
in which appearance of the new body at first sight must 
cause this system reaction such as weight increase. 
However, this is not the case. 


The given problem is solved in two independent steps: 


1) examination of interaction between water source and 
water (reactive effect, which is compensated by counter 
flow); 


2) examination of interaction between water, detached 
from the source, and the body (unit time impulse per 
unit area). 


It is impossible to examine the interaction between the 
source and the body because water has no rigidity. 
There are no means to influence on the source through 
the intermediate stream, therefore the principle of action 
and reaction is valid for each step individually, but not 
for both! But in this case the third Newton law must be 
developed as following: “If there is a 100% feedback 
between two bodies, their interactions are equal and 
inversely directed. And if there is no feedback, the action 
of one body to another causes no reaction, i.e. the action 
is not equal to reaction”. And this is already another 
law! 
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The earlier published article [1] was devoted to the 
explanation of the excess energy output at the rotation 
of flow medium in vortex tube (VT). The researches on 
VT demonstrated by the real examples that the excess 
energy output is a real fact, which is determined by 
natural physical processes. These processes take place 
in the fluid at its vortex (rotational) motion in the closed 
volume by means of phase transformations (skips) of 
the fluid state. However, the practice shows that for 
obtaining of patents and benefits for the real vortex 
devices, which are made for heat generation, it is 
necessary to write a little about their real technical 
characteristics, though technical and constructive 
possibilities of vortex devices can be much better. 
Temperature of water of these devices could not be 
higher than 120°C, and value of fluid pressure is 
confined within 5...6 kg/cm?. Circulation pumps of 
pressure over 6 kg/cm? are used to increase thermal 
power output of vortex heat generators (VHG). It causes 
the discredit of VHG since at such a method their 
generative possibilities reduces to 100% value and less! 
We set a problem to discover the ways and engineering 
solutions for the essential increase of the coefficient of 
VHG energy conversion to not less than 200% value. 


Our experience in development and exploitation of 
deep-sea physical devices has given some engineering 
solutions in this way. Actually, we have the opportunity 
to use the generally applicable circulation pumps, 
which have pressure not more than 4.0 kg/sm?. At the 
same time we can raise the temperature of the heat 
carrier to 300°C and higher! and the pressure can be 
increased to 1000kg/sm7?! Such fluid parameters allow 
to use this fluid as a heat carrier in powerful hot-water 
generators of steam engines, turbines etc. By the way, 
this method allows to make the value of temperature 
of water enough to supply its PYROLESIS! The main 
point of the method is the following: all the closed 
system of water-filled VHG works at pressure with the 
value under 1000kg/sm”. It is provided by means of the 
special device, the so-called automatic 
pneumohydraulic block (APHB). This lets to raise the 


temperature of working fluid to 1000°C with no change 
in its aggregative state. The practical functional scheme 
of such a device is shown in Fig.1. 











Fig. 1 


1 - vortex tube; 2 - entry vortex chamber; 3 - by-pass; 
4-—upstream end; 5 - circulation pump; 6 — heat-exchangers; 
7 — APHB; 8 - volume of fluid leakage compensation; 


9 - compressed-air flask; 10 - gas pressure regulator 


The device works in the following way. The whole 
device is filled with working fluid without entrapped 
gas. At the operation of the circulation pump (5), fluid 
through the upstream end (4), placing in the entry vortex 
chamber (2), swirls, accelerates and gets into the vortex 
tube (1), where its “energy saturation” is realized. Then 
heated fluid gets into the heat-exchangers (6) for 
heating or for other purposes. After passing through 
the heat-exchangers, fluid gets into the 
pneumohydraulic device (7), where there is kept up the 
proper level of fluid pressure in the whole system. To 
prevent the system breakdown at the accidental fluid 
leakage, there is a device (8), which compensates such 
leakages. Compressed-air flask (9), with the volume 
under 1000kg/cm/?, and gas pressure regulator (10) keep 
up the selected level of the pressure in the system. The 
use of blocks (7,8,9,10) excludes evaporation in the 
system and prevents the breakdown of the circulation 
pump (5). 


This VHG scheme allows to double the effectiveness of 
YUSMAR devices [2] only at the expense of rise in 
working fluid temperature in 2...3 times. 


Observation of any fluid swirls and film documents of 
windspouts arrive to conclusion that all vortex 
structures are rotation bodies, created by the lines of 
the second order: Y=aX?. In other words, as a result of 
the rotation in the swirl, air or fluid mass gets the 
acceleration of the second order. Taking into account 
the aforesaid, it is evident that in order to form the 
classical swirl in the VT, the very VT should be a tubular 
body of rotation. This body is created by the curve (see 
below Fig.2). 


In YUSMAR and similar devices the vortex fluid motion 
take place in straight cylinder and 1/3 of this area is 
used for fluid deceleration that causes vortex flew 
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disruption. This results in the impossibility to increase 
additional heat in the straight tube in more than 1.54 
times. It is caused by the fact that the main vortex 
formation takes place only in the vortex chamber and 
the flows separation does in the tube itself. Then, this 
vortex formation is right away disrupted by different 
plate brakes! It suggests itself that output part of VT 
should be made in the spiral form, expanding at the 
flow passage. 


Y 





Y=ax 2 





Fig. 2 
Generatrix of the wall of vortex tube 








Fig. 3 
Upper part of the tube 


Such section, made on the outlet of the vortex tube, 
helps to slow down the flow avoiding its disruption, 
since axial-cold flow, placed along the tube axis, should 
stay intact. Two of such engineering solutions allow 
raising the level of the additional VHG energy up to 
180...200%. 


YSMAR devices are designed for one tube with the 
assigned heat output. However, if to take into 
consideration and to use the aforesaid conclusions, then 
we can raise energy conversion coefficient (ECC) above 
200% at the series connection of two and more VT. The 
scheme of such a device is shown in Fig. 4. 





































































































Fig. 4 


Where: 1 — the first VT; 2—the second VT; 3- circulation 
pump; 4 — heat exchanger 


According to Fig.4, the total energy output of the 
presented device is: 


Q=K’ 


Where: O is the total output of the device; K is energy 
conversion coefficient of one VT; 2 — quantity of serially 
connected VT; P-—the assigned power of the circulation 
pump. 


In our earlier article [1], concerning VT application, we 
supposed that there is a straight transformation of 
vortex motion of ionized fluid into electric current. Under 
studying of many articles, devoted to the methods of 
water ionization, we discovered a significant one. It 
demonstrates that at the determined temperature, pure 
water increases its ionization capacity up to 3 orders 
without changing in the aggregative state [3]. The 
diagram in Fig.5 shows such dependence. 
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Fig.5 
Diagram of the dependence of pure water ionization from 
temperature 


The diagram demonstrates that water at 300°C 
temperature increase the quantity of ions in 4000 times 
as compared to 0°C and in 40 times as compared to 20°C. 
If to take into consideration that first experiments on 
VHG modernization help us to find the ways of fluid 
heating up to the practically any temperature without 
changing of its phase state, then on using the 
dependences (see Fig.5) it seems possible to create 
vortex fluid electric generators of the forward 
transformation. The aforesaid pneumohydraulic block, 
which is used for VHG functioning, allows to keep up 
water temperature at 300°C and pressure at about 
90kg/cm? without threat of water evaporation! Presence 
of any rotation of fluid medium always causes 
appearance of two vortex flows. These flows always 
move and rotate in opposite directions and if we do 
not put obstacles for their motion then they transform 
into each other and can exist without energy supply 
for an indefinite period of time. 


The presented VT form (see Fig.6) provides the 
producing of two fluid flows in the tube. These flows 
do not influence to each other and there is only their 
reciprocal overflow without disruption of the flows in 
the central part of VT. The tube presents a tubular body 
of rotation, which is created by hyperbola. There is 
positive angular acceleration of fluid in the lower part 
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of the tube; maximum speed of rotation of the axial and 
peripheral flows is in the middle part and negative 
angular acceleration, i.e. deceleration and transfer of 
kinetic energy into heat energy, is in the upper part of 
VT. 
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Fig.6 


The maximum heating of fluid and its polarization is in 
the point Y=0. The polarization potential in the point 
can reach 10.000 V at 5m/sec flow speed for 10 cm 
diameter in the point. The cold flow, which comes along 
VT axis, is opposite to the peripheral hot flow. These 
flows close into one system in lower and upper 
chambers of VT. Thus, the presented VT classically 
modeled “rolling” and “unrolling” of water area. 


There are no single vortexes in nature. Two vortexes, 
rotating in opposite directions, always appear while 
fluid mediums rotation! Science is not still able to 
describe energy overflows from one vortex center to the 
center of another one by means of mathematics. 
However we believe that this moment is close. There 
are maximum energy transformations of rotating water 
in the point Y=0. 


The potential of the inner flow is equal to the outer flow 
by its value but is opposite by its sign. Potential 
difference is maximum in the point Y=0, in which 
removal of electric charges is the most effective. 


It is appropriate mention here the name of Romanian 
engineer and researcher Henry Koanda, who in 20” of 
the last century discovered the so-called “Koanda 
effect” (attachment of fluid jet to the surface of usual 
kettle at pouring of it out the cups). Basing on this effect 
he suggested to make new type of aircrafts, which could 
have advanced bearing capacity and maneuverability. 
Unfortunately, money and conservatism of aircraft- 
industrialists did not allow realization of these 
engineering solutions. 


At the same time, Koanda charged his disciple Patrick 
Flanagan with the job to research all water properties. 
The result was amazing! It was turned out that water 
actually has infinitely many phase states and when it 
is moving, then it can trap energy from the environment 
by some way. The publications on the point appeared 
in our press in the early eighties, late nineties of the 
last century. Most likely, they had become the basis of 
the invention, made by Potapov, i.e. vortex tubes for 
water! 
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Fig.7 
Scheme of vortex electric generator 


In the presented scheme of electric generator the entry 
and outlet vortex chambers are made of dielectric 
material in the spiral form. This material certainly 
should withstand not less then 300°C of fluid 
temperature and about 100kg/sm? of pressure. 
Fluoroplastic or ceramic can be used as such a material. 


From aforesaid it seems to be possible to submit the 
new scheme of electric generator for readers’ 
consideration (see Fig.8). 



































Fig.8 
Generalized scheme of vortex electric generator 
1 - vortex tubes; 2 - circulation pump; 3 — heat exchanger; 4 — 


automatic pneumohydraulic block; 5 - compressed-air flask 


Actually we could finish the article if it were no 
disputes about excess energy, which is released at 
vortex motion of fluid in tubes. Having used a simple 
experiment, which any inquisitive person can repeat, 
we found the positive solution (see the scheme of the 
experiment in Fig. 9). 
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Fig.9 
Demonstration of energy increase of fluid, rotating in vortex tube 


New Energy Technologis Issue #4 (7) July-August 2002 


A pipe with not less than 60cm length and about 
1-inch diameter is placed in a reservoir with not less 
than 50 cm depth. The lower part of the pipe is formed 
as an arm circular generator with about 15...17cm 
diameter. The gap width is about 2 cm. If we place the 
pipe with closed top end, which then will be open, into 
the reservoir, then water is splashed out above 20 cm 
of the reservoir level. Thus at the least 20% energy 
increase of energy mgH is observed. 


By the way, we suggest orthodoxies of physics and 
other who have doubts to make one more simple 
experiment. Try to boil water in a can. When water 
starts to boil, swirl it with a spoon to the right or to the 
left. Then you will suddenly discover that all water 
surface is calm and only in the center of the can there 
is a water-steam mixture, which is about 20% higher 
than the level of water surface. You will also see that 
water is absolutely calm at walls of the can. This 


experiment can be reproduced anytime and anywhere, 
even in space, since it is a demonstration of vortex 
fluid motion and its actual influence on everything, 
which is around! 


All presented engineering solutions are practically 
reproducible in any laboratory. The authors of the article 
would welcome the opportunity to co-operate with 
science and industry representatives for realization of 
the ideas in real serial production devices. 
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It has been found that at low frequency (1-25 kHz and 
higher) electric power can be transmitted with low 
losses from generator to receiver along single channel 
made of non-metallic conductive media such as water 
in plastic tube carbon thread, layer of damp soil, ITO 
films on glass substrate, laser and electronic beams. 


Transmitted power, as well as for traditional three phase 
lines, is limited by natural power of the transmission 
line and line capacity may reach at high voltage and 
pulse and operation modes the value 10° Wit. 


Introduction 


The well-known methods of electric power transmission 
are based on transmission of active energy by means of 
conductivity currents in closed circuit. Electromagnetic 
energy spreads along power transmission lines (PTL) 
as progressing waves of electromagnetic field or field 
of charge [1]. Line wires made of aluminum or copper 
are conductive (guide) channels. Electromagnetic 
energy stream moves along these channels from 
generator to energy receiver and backwards to the 
generator. Maximum transmission possibility of 3-phase 
PTLs is limited by losses on the line resistance, by peak 
voltage (which is determined by electric strength of the 
insulation) and by electromagnetic stability of the line. 


The modern approach to provide the electromagnetic 
stability consists in rigid regulation of line parameters 
by means of high-speed shunt reactor and consequence 
capacitive compensation for the purpose to except 
changes of electromagnetic power flows and to 
suppress resonant properties of a line [2]. 


In Tesla works [3] and in the researches of Russian 
scientists [4] a method of active power transfer was 
offered. This method supposes to transfer active power 
by means of electromagnetic capacitive current 
assisting with resonant properties of a single-wire line 
(SWL), made of a metal conductor. The purpose of the 
present work is a research of an opportunity to use non- 
metal conducting mediums for transmission of electric 
energy. 
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losses from generator to receiver along single channel 
made of non-metallic conductive media such as water 
in plastic tube carbon thread, layer of damp soil, ITO 
films on glass substrate, laser and electronic beams. 


Transmitted power, as well as for traditional three phase 
lines, is limited by natural power of the transmission 
line and line capacity may reach at high voltage and 
pulse and operation modes the value 10° Wit. 


Introduction 


The well-known methods of electric power transmission 
are based on transmission of active energy by means of 
conductivity currents in closed circuit. Electromagnetic 
energy spreads along power transmission lines (PTL) 
as progressing waves of electromagnetic field or field 
of charge [1]. Line wires made of aluminum or copper 
are conductive (guide) channels. Electromagnetic 
energy stream moves along these channels from 
generator to energy receiver and backwards to the 
generator. Maximum transmission possibility of 3-phase 
PTLs is limited by losses on the line resistance, by peak 
voltage (which is determined by electric strength of the 
insulation) and by electromagnetic stability of the line. 


The modern approach to provide the electromagnetic 
stability consists in rigid regulation of line parameters 
by means of high-speed shunt reactor and consequence 
capacitive compensation for the purpose to except 
changes of electromagnetic power flows and to 
suppress resonant properties of a line [2]. 


In Tesla works [3] and in the researches of Russian 
scientists [4] a method of active power transfer was 
offered. This method supposes to transfer active power 
by means of electromagnetic capacitive current 
assisting with resonant properties of a single-wire line 
(SWL), made of a metal conductor. The purpose of the 
present work is a research of an opportunity to use non- 
metal conducting mediums for transmission of electric 
energy. 
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Methods 


For realization of the experiments a single-wire energy 
system (SWES) was used. Its electric circuit is shown 
in Fig. 1 a,b. SWES consists of the following parts: high- 
frequency generator (1) of 28V voltage AC and 1 kWtt 
power; transmitting (2) and receiving (3) Tesla 
transformer with conductive channel (4) between them; 
rectifier (5) and electric load (7) as an incandescent 
lamp or electric motor (220V, 1 kWtt power). High- 
voltage winding of Tesla transformer is made in the form 
of cylindrical winding on the ferrite core with 50-100mm 
in diameter, 4000-6000 turns. The internal end of a high- 
voltage winding is connected to the conducting 
channel, and the external end is not connected at all 
(free end). A low-voltage winding that consists of 40- 
60 turns provides power supply of Tesla transformer. 
At the submission of electric power from the high- 
frequency generator to the winding of power supply 
zero potential appears on the free end of the high- 
voltage winding, and voltage with corresponding to the 
generator 1-25 kHz frequency is formed on the 
conducting channel. Besides, Tesla transformer as the 
spiral antenna generates electromagnetic waves of 5- 
10 cm length , which corresponds to the turn length of 
a high-voltage winding. Current resonance mode is 
formed in a supply circuit of Tesla transformer. At the 
same time, voltage resonance mode (of frequency equal 
to the generator frequency) is formed both in the 
reception and transmitting circuit of high-voltage 
windings and in the conducting channel (1). 


The following materials were used as the conducting 
channels: filled with water or sea water polythene tubes 
with 10 mm diameter and 1,5 m long; plastic tray with 
soil layer of 150x10x400mm; film of tin dioxide — indium 
oxide (ITO) on 0,3 micrometer thick and 300 Ohm 
resistant glass substrate; graphite thread of 0,1 mm 
diameter, 500 mm long and with 100 Ohm resistance. 
For comparison steel and copper wire of 0,1 mm 
diameter and 5 m long was used also. 


The voltage on the conducting channel changed in limits 
1-10 kV, generator frequency changed from 1 up to 
25 kHz. Voltage, current and capacity were measured 
on SWES output and on the load by standard electric 
measurement equipment. 


Results and discussion 


The replacement of the metal conductive channel to the 
channel made of non-metallic conductive materials does 
not effect to any reduction of possibilities of transmitting 
SWES or heating of a material of conducting channels. 
The consecutive connection of the channels did not 
resulted in reduction of transmitted power. Circuits 
break in the conducting water channel by the creation 
of an air gap led to the occurrence of arc discharge of 
reactive capacitor current. However this discharge did 
not cause increase of water temperature at transmitted 
power 300 Wtt and voltage 4,5 kV within 1 hour, that 
confirms the absence of energy losses in the conducting 


channel. The increase of water temperature did not 
result in decrease of transmitted power. Water PH 
reduction from neutral value up to 4 was detected. 


The increase of sea salt concentration in water up to 
the level of 5-7 g/l did not increase transmitted power 
in comparison with tap water. However the replacement 
of tap water to dionized water with 16 MOhm 
resistances resulted in 100 % decrease of transmitted 
power. 


Thus, it is experimentally shown, that conducting 
channels, produced from non-metal materials, have 
quasisuper-conductive properties in SWES at 
resonant mode. Possible explanation of this effect is 
the absence of active conduction current in the channel 
and the dominant role in the process of energy transfer 
belongs to displacement current, for which Joule Lentz 
law is not valid [11]. In the supply circuit of Tesla 
transformer current is practically reactive, and in 
resonance conditions active values of inductive and 
capacitive currents are equal. Vectors of these currents 
are opposite in their phases. Current of the high- 
frequency converter is spent for losses (component less 
than 2 %) in supply circuit wires and in the core of Tesla 
transformer and also for creation of reactive current in 
the conducting channel. In the mode of voltage 
resonance we have measured voltage active values of 
high-voltage inductance windings and conducting 
channel, interturn capacitance of windings and the 
capacities of the conducting channel. We have 
discovered that they were equal and their phases 
were opposite to each other. Losses from transmission 
of capacitive current through active resistance of the 
conducting channel are insignificantly small. Corona 
discharged losses and leakage current could be 
decreased by isolation of conducting channel. In this 
case active current and magnetic field of the line are 
equal to zero. Electric field of the line has maximum 
value. As well as in usual PTLs, maximum transferred 
power is limited by charge power of the line. Angle 
between vectors of voltage is equal to zero in the 
beginning and at the end of a line. Quality factor of 
SWES at frequency 5 kHz is in 100 times above than 
usual PTLs at frequency 50 kHz. In the conditions of 
resonance it leads to the significant increase of voltage 
along the conducting channel and it also leads to 
transmission power. 


In usual PTLs voltage changes along the line are 
insignificant. The angle between vectors of voltage in 
the beginning and in the end of PTL constitutes the 
value, which is proportional to the wavelength of line. 


On the basis of the researches the methods and devices 
are offered for transmission of electrical energy through 
plastic water guide, electro-insulated from ground, 
through irrigational channels and through isolated 
pipelines, which are used for gas, oil, hot and cold water 
transportation. Also the energy can be transferred 
through fiber-optic cable with conducting film on the 
surface, through all-carbon composite cable and 
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through electro-insulated part of a ground and water 
surface, including highway parts. There are also 
methods and devices, designed for the following 
transmissions. These methods can be applied for 
transfer of power to stationary and mobile units. There 
are also generated requirements to electrical safety and 
to restriction of use of drinking and hot water from 
pipelines, which are under electrical voltage. These 
requirements and restrictions are generally the 
grounding of pipeline parts, which are located on certain 
distance from the generator. This distance is equal to 
the whole number of half-waves and for it SWES voltage 
is equal to zero. In the case of a side pipeline it is 
necessary to ground the parts of the pipeline that are 
placed on the distance of odd number of quarter- 
wavelength from the main pipeline. For 5kHz frequency 
the quarter-wavelength is equal to 15000 m. 


N. Tesla grounded one end of high-voltage windings of 
his transformer on the receiving and on the transmitting 
end of SWES. Tesla considered this condition as the 
necessary one for the transfer of power along the Earth. 
The results of our researchers demonstrate that it is not 
necessary to use metal self-closed conductor (and 
current lines in the Earth) for transmission of electric 
energy on low frequency (1-25 kHz). 


For this frequency energy could be transferred from the 
generator to the receiver if we have single-wire guide 
system created as non-metal conducting channel. By 
the similar way electromagnetic energy is transferred 
by laser beam or microwave-beam. But in our case we 
can obtain high degree of efficiency that is caused by 
slight losses on energy absorption and energy 
emanation. Thus one of the ends of high-voltage 
winding at the energy generator will have zero potential 
and remain free. The symmetric end of a high-voltage 
winding on the reception end should be connected to 
some natural capacity 6 (Fig. a), which can represent 
the case of a balloon or frame of a tractor. In our 
experiments we used metallic safe-box as such natural 
capacity. 


Editor’s note: In 1887, October 11, the famous Russian 
scientist Pavel Yablotchkov got the France Patent 
#120684, which described the method to increase 
efficiency of electrical circuit by means of “atmosphere 
electricity”. It was confirmed in many experiments that 
output power can be twice more than power provided 
for the circuit from primary electric generator. For that 
it is necessary to use a single-plate capacitor. The special 
feature by Yablotchkov, that provides maximum 
efficiency, is the high degree of air ionization. For this 
Yablotchkov proposed to use the special capacitor, which 
consists of a big number of metallic needles. By its view 
this construction reminds of a hedgehog. Thus we can 
assumed; that above described natural capacity (balloon 
or frame of a tractor) serves as a collector of free electrons. 
By Yablotchkov the efficiency of such systems can be 
increased by means of maximization of ionization 
process. It will not lead to the increase of losses if the 
second end of the high-voltage winding is not grounded. 


In the other method of energy transfer, a condenser- 
diode block 8 was connected to the conducting channel 
on the receiver end. This block is one of the known 
circuit of voltage doubling, Fig.1 (b). On the condenser 
8 electric energy is transferred through electronic switch 
9 to load 7. In this case the entire length of conducting 
channel 4 and Tesla transformer winding 2 at generator 
must be equal to odd number of quarter wave-lengths. 


Non-metal conducting channel (for instance, fiber-optic 
or coal-plastic cable) can be used for transfer of electric 
energy not only along but also as perpendicular to the 
Earth (for example, to relay aerostat or sounding 
balloon). 


SWES conducting channel can be also created by 
ionization of air ions with laser beam [13]. Neodymium 
laser with double frequency and with energy 1 Joule in 
impulse is able to create 10'%cm~“ion concentration in 
air. This concentration is sufficient for streamer initiation 
and for transfer of electric energy through the 
conducting channel. Ionization potential, time of ion 
existence and of excited molecule state, coefficient of 
multiquantum absorption, all these determine the 
limiting length of conducting channel in atmosphere 
that is equal to 300 km and its wave resistance at 200- 
400 Ohm. Voltage which is necessary for SWES comes 
to the quantity 0,5 MV — 15 MV, that depends on the 
length of a channel. 


We suggest to use relativistic electron bunches of high 
energy as the conducting channel out of the atmosphere. 
As distinct from laser bunches they do not have 
divergency. In this connection the Moon or artificial 
conducting body, where the energy receiver is placed, 
can be used as natural capacity 6. Whereas energy 
generator can be installed on the Earth or on its satellite. 
Transmission range of electric energy is determined by 
the length of the generated conducting channel. The 
entire length of the conducting channel in the beginning 
and in the end must be equal to the whole number of 
half-waves. Here the length of high-voltage windings 
of two Tesla transformers must be taken in 
considerations. Electric energy, transmitting through 
the conducting channel, can exceed the energy of 
electron and laser beams generators in 10-100 thousand 
times. These generators play the role of a directing 
system (of usual SWEG wires), along which the transfer 
of electric energy proceeds. 


It was offered to use colliding and crossing electron and 
laser beams with conducting transitional bodies as 
conducting channels for transfer of energy from the 
Space to the Earth and back. On the heights up to 
30 km compositional coaly and fiber-optic cables can 
be used. To create the global energy system of the Earth 
it was also suggested to apply single-wire energy 
system and conducting layers of the Earth ionosphere 
as the conducting spherical channel [14]. 


Thus for electricenergy transfer at the frequency 
1-25 kHz and higher in the resonance mode a single- 
wire channel from the following non-metal conducting 
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mediums can be used: water, damp soil, coal-plastic, 
oxide film, ionized air channels, that are created by laser 
beams in the atmosphere, ionosphere conducting layers, 
and also beams of relativistic electrons out of the 
atmosphere. These non-metal conducting channels in 
the resonance mode have negligibly small resistance 
losses especially if to be compared with metal 
conductors, which are used in the known non-resonance 
methods of energy transfer by means of active 
conduction currents in the closed circuit. Electric energy 
in the resonance mode can be transferred with small 
losses from the generator to the receiver along the 
single-wire channel, made of non-metal conducting 
materials. The transfer can be realized at the frequency 
1-25 kHz and higher, to any distance and to any direction 
relatively to the Earth. The transmission capacity is 
limited by charge power ofa line as well as in the usual 
PTL. At high voltage the transmission capacity can 
reach the quantity from 10 Wtt to 10° Wtt in the pulse 
and streaming modes. 
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Fig. 1 


Electric circuit of single-wire energetic system 
with non-metal conducting channel 
a) SWES with symmetric array of Tesla generators 


b) SWES with diode-capacitor block in the end 
of conducting channel 
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The authors of this article have prepared the 3" edition 
of the book “Microcosm, Universe, Life” and now they 
are looking for a publisher to edit Russian and English 
version. In particular, the mechanism of energy 
transformation in the Universe (Fig.1) is described in 
the book. Matter radiates energy in the form of photons 
(as well as neutrinos). In general this energy is observed 
in the form of Cosmic Microwave Background Radiation 
(CMBR). Photons and neutrinos transfer the most of 
energy to de Broglie longitudinal photons. Matter 
absorbs energy mainly in the form of longitudinal 
photons. Thus, a cycling process of energy 
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transformation (as well as matter transformation) occurs 
in the Stable Universe. 


The 3" edition is devoted to the description of 6 World 
Systems (Table 1), at that the 6" System is based on 
Unified Field Theory, which is developed by the authors, 
and proceeds from the following: 


(Editor’s: The understanding of the energy 
transformation mechanism allows to develop new fuel- 
less energy sources based of mutual transformations: 
longitudinal photons <—+> transverse photons). 


Table 1 


Principal Ideas 
The 1* — Geocentric (Ptolemaic system) Geocentrism and Anthropocentrism 


The 2"4 — Classic (Copernicus — Newton’s system) Description of the Universe on basis of Newton's 
Law of Gravity 


The 3'*- Compromise (Tycho Brahe’s system) The compromises between two first systems 


The 4" — Fractal (Charlie’s system) Non-heterogeneity of Large-Scale distribution of 
matter in the Universe 


The 5 — Relativistic (Einsteinian system) Description of the Universe on basis of gravitational 
field equations. Anthrop principle 


The 6" — based on Unified Field Theory Electromagnetic nature of all physical interactions. 
Irreversibility of all elementary micro-processes in 
combination with circular character of 
transformations in Large Scale of space (c/H=R 


order) and time (t,,=1/H order). 





1. For theoretical results, which agree with the facts, empirical generalizations as basic principles of Natural 


it is necessary to use assigned inertial system (as 
Lorentz did), which, as we have known, is connected 
with CMBR. Obtained by this way decisions can be 
applied to the other systems, in particular, with use of 
Lorentz transformation for mass, energy, momentum, 
time and length. 


2. Theory must agree with the whole known 
collection of facts, starting with such established 


science (Giordano Bruno, Lyell) and conservation laws 
(Mayer, Joule, Helmholtz, Faraday, Newton, Huygens, 
Vernadsky). 


3. All physical objects could be presented as the 
systems, consisting of quanta of positive electric charge 
(protons), quanta of negative electric charge (electrons 
in fermions or boson states, which are part of neutrons 
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and atomic nuclei) and quanta of energy, impulse, 
moment of momentum (apeirons). 


4. The leading role in the Universe energetic 
belongs to de Broglie longitudinal photons (of the first 
class, i.e. with the spin I=0), energy of which is twice 
as much as apeiron energy and is equal to h H, where h 
— is Plank’s constant, H-—is Hubble’s constant. 


5. Longitudinal photons, polarizable and 
depolarizable by matter particles, are the carriers of 
gravitational, magnetostatic and strong interaction. 
Electromagnetic interaction is carried by photons with 
spin I= +1 and weak interaction is carried by neutrinos 
and apeirons with spin I= +0.5. 


6. All elementary microprocesses are irreversible, 
that correlates with circular character of transformations 
in Large Scale of space and time. 


7. In particular, there is an irreversibility of the 
process of photons and neutrinos motion. At each 
segment, equal to the length of de Broglie wave, 
photons and neutrinos lose energy h H, which is equal 
to longitudinal photon energy. In such a way, Hubble’s 
law can be presented as the following: 


r 


A=, ex e = A, exp(Ht) 


Z= coe ee Ls —1=exp(Ht)-1 
A, R 
where A, 4, — are observable and laboratory wave 
lengths, r — is distance, R - is radius of gravitation 
interaction, which is equal to the radius of Metagalaxy, 
t —is time, Z — is cosmological red shift. 


8. As resulted upon this process, the excess of 
longitudinal photons is absorbed by matter. At that, 
mass is considered as measure of capacity, which is 
absorbed by matter in form of longitudinal photons. 
Thus, energy of the matter should be increased 
according to the law: 


, 


E 
E(t)=m.c’ exp) —t |= m,c? +m,e7, 
c 


at that, 
Ee" H 





e 137°" 
where €’- is the capacity, which is absorbed by unit mass 
in form of longitudinal photons, c — is velocity of light. 
In particular, electron of the 1* Bohr orbit in hydrogen 
atom (i.e. in this case at de Broglie wave length) absorbs 
energy h H at 1 period. 


9. Being in ionization state, intergalactic matter is 
the general portion of average density of matter in the 
Universe p,,, besides, the average value of absolute 
velocity of baryon component is close to c/137. Let’s 
consider this correlation to be exactly executed. 


CMBR is the most powerful cosmic radiation. Its specter 
is close to that one of black body at temperature 


T,=2.726K, i.e. its spectral density is maximal at 
frequency v=160GHz. Cosmological red shift causes the 
increase of spectral density in radio-region (v<160GHz) 
and the decrease of it in microwave region (v>160GHz). 
Each of these processes is compensated by the inverse 
Compton effect, i.e. by the dispersion of radio-photons 
at matter corpuscle, first of all at protons. Calculations 
demonstrate, that average energy of absorbent radio- 
photons is equal to 0.45-10°“erg (v=68GHz) and average 
energy of radiated microwave photons is equal to 
2.17-10°%erg (v=330GHz). There is one re-radiated 
microwave photon per one absorbed radio-photon. At 
that, the concentration of photons and CMBR spectrum 
remain unchangeable. Syunyaev and Zeldovich 
concerned the close inverse Compton-effect of CMBR 
dispersion on electrons in clusters of galaxies. Actually 
such an effect was discovered in 2 clusters of galaxies. 


Thus, on transferring of energy to photons, matter 
corpuscles must fill the deficiency of energy by receiving 
it from longitudinal photons. In fact, there are observed 
demonstrations of longitudinal photons, they are “static 
fields”. In this case it is a cosmic magnetic field, which 
accelerates charged particles of matter (Alfven). More 
detailed consideration let us to find a virial correlation 
between 4 main components of energy density: 


Pace. 
137° 





=2E,, =2E 


kin» 


where r_c’- is an energy equivalent of mass density of 
matter; E’,- is energy density of CMBR; E| - is average 
energy density of magnetic field; EF, - is average 
density of kinetic energy. Thus, some kinds of energy 
circularly transfer to another, which are interrelated 
(Fig. 1). 


EoPoV _ HY =2E,,HV =2E,,HV = 
1.26 
= (é,, TE PaV = £0,,V : 
0.26 


where €, - is average capacity, radiated by unit mass 
in form of photons; V — is volume of 10°! cm* order, 
according to which the averaging is made. 
































matter 
E PwV x 
EavPavV 
longitudinal 
photons (Eav - E ) Pav V 
E,;HV 
photons 
Fig.1 


Energy transformation in Large Scale € =0.0942 erg gr'sec" — is 
average energy, which matter unit radiates in unit time; 

é& =0.07476 erg gr‘sec!— is energy, which matter unit absorbs in 
form of de Broglie longitudinal photons in unit time; 
p,,=0.8730-107° gr cm* — is average matter density in the 
Universe; E,,=4.18-107* erg cm* — is energy density of cosmic 
microwave background radiation (CMBR); V=10°'cm* —is volume 
at which the averaging is made; H=1.562-10"® Hertz. 
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10. These correlations include pressures, densities 


and temperature T,, i.e. we have the equation of the Fo es 8 

state of intergalactic matter, and thus of Metagalaxy . Cc , 

and the Universe. Let us present this equation in simple 

form: : 
at that |e Oe ee ae 


€0,,R = EwPa 
Cc Cc 


E, = 





This equation agrees with the whole observed data of 
globular clusters, galaxies, groups and clusters of 
and let us compare it with correlation for density of galaxies, in particular, with empirical correlations, 





radiant energy on surface of a star * or of star system which are magnitude - angular diameter. 
ee E. p-R. E. +R. 11. The stated approach lets to determine the values 
= ee = E : of many fundamental constants by different ways. Asa 


case in point, the results of definite values €, and €’, erg 
It is an especially amazing analogy between g'c™ are presented in the Table 2. 
Metagalaxy (and the Universe) and large-scale cosmic 
system g, for which 


Table 2 


The boarder between two oe ene of the Main aa] 0.1 order | ee 0.1 order 


oe ene of stars 
The results of recalculation of observed star incall 0.1 order Boswil 0.1 order 
characteristics as respects to their centers 

. | The local minimum of star luminosity function of 0.1 order of 0.1 order 
near the Sun (according to G.A. Starikova’s data) 
The correlation: mass - luminosity of white of 0.1 order of 0.1 order 
dwarf stars 


The correlation: mass - luminosity of neutron stars of 0.1 order of 0.1 order 


ae The correlation: mass - luminosity of globular clusters less than 0.5 less than 0.5 
The correlation: mass - lumonosity of elliptic galaxies more than 0.06 more than 0.06 


The correlation: mass - luminosity of spiral galaxies less than 0.5 less than 0.5 
and irregular galaxies Ir I 
The correlation: mass - luminosity of galaxies as of 0.1 order of 0.1 order 
a whole 

10. | The correlation: mass — luminosity of clusters of of 0.1 order of 0.1 order 
galaxies 


za | 11. | Empiric values of H, p,,, E, constants of 0.1 order of 0.1 order 


The most exact values of h, e, G, E,, constants 0.0942 0.07476 


12. Uncontradictory description of Microcosm and The Russian edition of the book is mailed out: the 1* 
the Universe promotes the better understanding of Life, edition (1995) at the cost of $3; the 2"? edition (1998) at 
which is inseparably unified with them. The statistical the cost of $6. 

data manipulation of more than 100 catalogues of 


microphysics and cosmic objects let us to get more than The authors are thankful for valuable 


1000 empirical correlations and diagrams, and to : : . 
determine, that they agree with theoretical correlations, discussions to Yaroslav G. Klyushin 


which were received according to the ideas on circular and to Alexander V. Frolov. 
character of energy transformations (Fig. 1) and of 
matter in the Universe. 
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This work grew out of an interest in curious occurrences, 
physical, mathematical and metaphysical. Many things 
just do not fit normal knowledge or are of unknown 
origin. Items such as gravity, time, mathematical 
equations of higher order, ghosts, e.s.p., etc. After a 
number of years, the problem began to appear to be 
not of this physical dimension but of a grander scale. A 
multi-dimensional space-time format seems to offer 
solutions to understanding most of the problems. In the 
following hypothesis all known physics and 
mathematics are considered to be valid. Metaphysical 
aspects, while not accounted for by physics and 
mathematics, are considered to be present in nature, 
either real or as a defect in physical processes, simply 
because they are experienced by so many people. The 
hypothesis will be kept simple because the details 
require the work of many specialists beyond my abilities 
and there is an endless list of speculative problems to 
which the hypothesis could be applied. To save time 
and distractions to the reader the following is stated as 
fact, knowing full well it may not be so, in order to 
present the most concise statement of the hypothesis. 


The Universe, from the smallest to largest unit, is a 
quantum probability based fractal illusion. All matter 
exists in three-dimensional space, both internal and 
external. Any grouping can be considered a fractal 
space. It is both real and imaginary at the same time 
acting according to Eulers equation: 


(e* (i*Pi))+1=0 
more useful in this instance is the general form: 
e~ix = -1=cos x + isin x = -tan 45 deg 


which allows use of a variable where Pi , a constant, is 
used in the original. The key to understanding of multi- 
dimensional space time is the realization that Piis a 
variable! As we know Piis the lock on three-dimensional 
space. Because of its mathematical nature it can neither 
grow nor diminish, thereby locking in the three 
dimensional form of the fractal unit under consideration. 
Such a fractal unit is considered to be at rest. But 
Einstein’s equation E=mc? includes speed or 
movement. When objects are moving relative to a fixed 
point, the moving object is foreshortened in the direction 
of movement. A circle becomes an ellipse and Pi 
becomes indeterminate letting the circumference 
fluctuate, according to its relative speed, between two 
and Pi in a circle of unit diameter. If one goes beyond 
the value Pi the Universe grows out of bounds without 


limit becoming unstable. If the value goes below two 
then the Universe blinks out. I.e., one has exceeded the 
value of the constant c. Since all matter moves relative 
to a fixed fractal point and there are infinitely many 
points in the Universe of constantly changing velocities, 
the Universe is constantly adjusting its reality to the 
relative speeds of its components. Thus you get at times 
some weird things. Since not only time changes but 
the structure and observable mass also, one finds such 
things a matter appearing and disappearing as the 
small units of chaos move through the Universe. 
Changes in the local probability structure cause matter 
or reality to change in the image structure of the 
Universe. 


To delve further into the aspects of what is happening, 
let us consider the following. Einstein's familiar formula 
gives the relationships for our three-dimensional fractal 
space. The inverse of the formula gives the speed with 
which any fractal space can change, including the 
Universe. There is both a positive and negative 
component to the change. If we consider our fractal 
space to be positive then we may consider any other 
point to be negative. There are an infinite number of 
such points and while the effect on our space may be 
small from any one point; the effect adds up. Any moving 
or changing of mass must effect the entire Universe. 
Mass and inertia are tied together in such a system. 
Measured mass is the attempt of the mass to return to 
zero relative speed in its associated fractal space 
according to the laws of physics, i.e. return to its lowest 
energy state. Inertia is the same effect of the changing 
state of the mass from one-dimensional state to another. 
Both are the result of efforts to change the dimensional 
state of mass. The positive aspect of the square root of 
the ratio of energy/mass is the view we behold from 
our position in space while the negative is the view 
from the opposite position. 


In addition to the view of the Universe as being made 
up as fractal space, all moving at different relative 
speeds to any other fractal space, one must consider 
the make up of space having at the same time 
dimensional space, according to Euler’s formula given 
above. There are at any moment an infinite number of 
spatial dimensions, defined by the relative speed of the 
fractal units involved, extending throughout the 
Universe. Each fractal unit is constantly changing its 
position in dimensional space. There are thus constantly 
changing energy states throughout the Universe both 
in relative position in real space and in dimensional 
space. While on one hand the distances across the 
Universe are immense in relative space, many points 
across the Universe are present in the same dimension 
at the same moment, possibly allowing for instance 
travel across space without the time penalty. This 
results in what might be considered a tuned circuit for 
the Universe or its components. 


If we consider the structure of the relative Universe to 
be stored energy analogous to magnetic fields and the 
dimensional fields to be capacitive, then we can plot 
the results on a conventional two-dimensional chart 
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where x is the horizontal axis and the vertical is the 
imaginary axis. A well-known construction in electrical 
physics and which is known to very often follow 
relativity closely. That throws the negative side ofiinto 
the second quadrant and the positive into the fourth 
quadrant, if we consider the Universe to be reflective 
and x to be negative when iis positive. Euler’s equation 
does not reflect a totally positive or negative result. One 
wonders at this point as to other equations where unity 
is set to one or higher dimensional equations where the 
three dimensional components are factored out leaving 
another component. The fourth is considered to be time 
but how do the remaining fit into a Universe as this 
hypothesis describes? The line of thought can be 
followed further into electrical analogy, which I leave 
to the reader. The important result is that there should 
be aresultant O, figure of merit, of the Universe resulting 
in nodes, or peaks, of probability. The resultant tuned 
frequencies of the Universe can be calculated from 
known factors of the Universe. Such an effect should 
show nodes of reality where matter occurs. 


Properly applied the above hypothesis gives speculative 
answers to most of the problems facing science today. 
Questions such as: 


Is the Universe open or closed? 


Both. At each fractal component of the Universe there 
is a separate universe each reaching limits beyond 
which it cannot exist. At the same time there is 
somewhere a top Universe that must ever remain open. 


What is the structure of time? 


Time results from the ever changing fractal Universe 
and goes forward because all justification of the 
Universe causes a corresponding change in reality. Time 
moves slower at higher relative speeds and as all time 
is perceived to be slower in other fractal units, changes 
in our time are perceived to always go forward. 


What are such phenomena as ghosts, spirits, 
apparitions, etc? 


Events such as these are fragments of probability left 
behind due to sudden changes in the probability of the 
illusion we perceive to be reality. Having little energy 
they are perceived but are not able to interact with the 
more forceful real reality. They float free in probability 
space interacting at random intervals with the more 
forceful realities of the real world. 


Where is the missing matter of the Universe? 


There may be clouds of matter floating about in deep 
space, however, most of the approximately 90% of 
matter missing will be found in the layers of dimensions 
making up space and which, though interacting, do not 
appear in our reality. Calculations show only about ten 
dimensions are active in any one reality. The rest curl 
up in a ball or knot. While an essential part of space or 
reality they are not perceivable from the fractal Universe 
of which they are a part. 


Parapsychology? 


Events of this type can be attributed to interconnections 
on the dimensional, or imaginary, level where there can 
be interactions between fractal units though not directly 
associated with each other in relative space. The 
manifestation varies or is temporary due to the 
constantly changing and adjusting due to interactions 
of the probabilities of the Universe. Due to the innate 
probabilities of each individual, one may be more 
susceptible or sensitive than other individuals. 


Bible, prophesies, angels, demons, aliens, etc. 


If one takes the Bible at face value, with some leeway 
for it’s age and many translations, it pretty well 
describes what it purports to describe. Historic 
predictions and conditions of today. If we assume this 
hypothesis has any value then the passage in which 
God says “Let us make man in our image.” takes on 
new meaning. If we assume the probability basis of the 
Universe and the constant changing due to justification 
of reality and time then the miracles listed do not seem 
so in violation of the physical world. The miracles only 
require some ability to control reality. Certainly well 
within the providence of a creator. It speaks of heavenly 
beings capable of traveling through the Universe in real 
time and some who interfered with mankind on the 
Earth and that they are still doing so today. If this 
hypothesis is correct then it is readily seen how such 
events could occur. Creation events closely compare 
with the way todays computers are made and 
organized. If man can do it, why could not the original 
creator? If one ignores a creator, then one is hard pressed 
for an answer as to how the Universe was created. 


UFOs 


If one accepts any part of the above then the functioning 
of UFOs begins to be understandable. They move 
through space by making spatial jumps through fractal 
nodes. Their appearing around magnetic and electrical 
sources maybe due to some, on our part unrealized, easy 
entry and exit to other space at those points. They are 
able to make right angle turns at high speeds because 
the speed is only from our viewpoint. From the viewpoint 
of the craft it is simply changing locations in space. 
The turning on edge may be only a different orientation 
of space at that point. 


Particles “Out of the Vacuum” 


As we shoot atomic matter at higher and higher speeds 
into nuclei we are able to fracture the construction of 
the building blocks of matter. The high speed fractal 
construction of probabilities of the unit used smashes 
into the target with enough speed to mix the 
probabilities resulting in new nodes from the total 
probabilities present. Various probabilities are ejected 
resulting in short lived particles in unstable nodes. At 
times fragments of probabilities appear out of nowhere 
as they form up to combine into larger nodes. Travel 
distance and speed observed may give a clue to the 
basic frequency of the Universe. 
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Black Holes 


The midpoint of the tuned circuit of the relative 
structure and dimensional structure of the Universe. 
As matter spirals in, from the relative structure, to be 
torn apart into its basic probabilities it passes through 
to the dimensional structure of space which holds 90% 
of the matter. There it is available for recollection and 
use by the relative space. 


Probability. Basic structure of the energy of space. 


Everything operates at random but within preferred 
patterns set by the frequencies involved. If you look long 
enough anything can be found. As a result we find odd 
bones of prehistoric creatures that may have never 
existed. Weird things can happen. Odd pieces of 
structure can occur such as metaphysical events. The 
OQ of space is sometimes sharp and sometimes rounded, 
spreading out to include things not really meant to be 
in the overall scheme of the Universe. Christ said “If 
you had the faith of a mustard seed, you could say to 
the mountain move and the mountain would move”. (For 
those not of the Christian faith, this may be considered 
not as any proof but as a representative statement of 
the meaning of this paragraph.) That is in keeping with 
the quantum statements that nothing exists until it is 
seen and that we have some control over the 
probabilities. If the structure of space is based on 
probability then the next important question is ‘What 
is a probability’. We look to probability as a simple 
mathematical work. But, what makes probability work? 
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The entire Universe is based on mathematics but we 
have no idea what is underneath the mathematics. Are 
dimensional planes perhaps better represented by other 
number bases? Are some of the unsolvable 
mathematical problems solvable in other number 
bases? 

Gravity 


All forces in the Universe are the same. Gravity happens 
to be the one that works on our fractal space. Others, 
molecular, atomic, and nuclear are the same but work 
in different fractal space. All are the result of matter 
trying to reach its lowest potential. 


The above are only random questions chosen without 
any order. Most other problems can in some way be 
answered in line with the hypothesis, if not in detail. 
Too many questions can be fitted to the hypothesis not 
to take a serious look at it even though it may seem a 
little far out. The number of answers from one simple 
statement of the structure of the Universe defends the 
idea better than details. 


One possible proof, and a relatively simple one, occurs 
to mind. Einstein's theory of relativity was proved when 
NASA flew a clock in space and then determined that 
time did slow down. To test the above hypothesis I 
would like to see four clocks used in the following 
manner. 


Four atomic clocks in sets of two each. Two to be left 
on the Earth and two to be placed in space for an 
appropriate time. At the end of that time one of the 
clocks on the Earth to be taken into space and compared 
to the two already in space. Bring one of the clocks in 
space down to the Earth and compare to the clock left 
on the Earth. 


The clock taken to space should read slower compared 
to the clocks in space because the ones in space were 
at rest compared to the one on the Earth. 


The clock brought back from space should read slower, 
the same as the first one flown by NASA, because the 
clock on the Earth was at rest compared with the one 
in space. 


The two clocks left in space should be returned after 
an appropriate time and compared to the ones on the 
Earth. The original in space should now be slower than 
the original on the Earth and its mate from space. The 
fourth clock is unpredictable. 


The author apologizes for any errors in theory, 
mathematics, etc. There was no one to consult on the 
hypothesis which is an original work of my own and 
drawn on many references of others from the past If it 
has any value I am indebted to the work of all the others 
whose work I relied on. Any errors are entirely my own 
and not attributable to others. This work is freely 
published in the public domain to be used by any and 
all who wish to do so. It is not to be copyrighted or 
patented in any manner so as to restrict others rights 
to the hypothesis or it’s use. 
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Abstract 


The discovery of true elementary particle named 
electrino, which has a constant mass and constant 
positive charge and which is a material carrier of 
magnetic field, electric current and all kinds of 
emanation, was firstly practically applied at the 
modernization of wireless telephone. In the review 
V. Anpilogov writes: “The question on the influence of 
low intensity microwave radiation on human health still 
remains open for discussion for more than 50 years” 
[3]. Discussion on this question has been already 
inappropriate still it was definitely proved in the patent 
application “Device, which is made to put away the 
charged particles flux from the head of the user of mobile 
wireless phone”. During the talk on mobile 
wirelessphone 2,6-10” particle/sec pass through user’s 
brain, whereas their energy is 7,65-10°° Joule, and the 
energy of binding of molecules in protein polymers 
ranges at 4,3-7,6-10°! Joule according to L. Poling. From 
that we can conclude that microwave radiation of the 
radiotelephone with top antenna leads to the 
destruction of user’s brain tissue. The author of the 
patent application D. Baziev (#2001105456, 28.02.01. 
in Russia and #PCT/RU02/00054 of the international 
application) offers to fix the antenna on the low part of 
the radiotelephone and to produce radiotelephones with 
minimal length within 10 cm. In this case the diagram 
of the directional radiation pattern is on the level of the 
user's chin and the brain is out of the direct exposure 
area. This harmless of the microwave radiation could 
not be proved before the discovery of “electrino”. 


Introduction 


A systems analysis of all experimental and observation 
material gathered in physics, astronomy, and 
astrophysics from the times of Galileo let us reveal the 
following: 


1. Experimental materials do not agree with the 
existing physical theory. 

2. There is a certain fundamental disadvantage of 
the experimental material, which prevents to build a 
consistent theory. 

3. This fundamental disadvantage consists in the 
absence of a charge antipode of electron, which is in 
the form of a true elementary particle with a positive 
charge and finite mass. 

4. The proton and positron are not true elementary 
particles and neither of them can be a charge antipode 
of the electron because they are subjected to splitting. 


5. Discovery of the second true elementary particle 
with a positive charge could restore the charge 
symmetry in physics, thus leading to a radical revision 
of the existing theoretical physics and resolving its 
current crisis state. 


Searching for this particle required to ascertain physical 
nature of Planck’s constant. This became possible only 
after the structure of a light beam had been understood. 
Namely, it was the photon sector velocity, known as 
Millikan constant WW, rather than the speed of light c, 
that proved to be a constant, viz.: 


UU =A-v, =119.916984 m’/s = constant, (1) 


where A, and v, are the wavelength and frequency of 
the ion monochromatic beam in the light beam. 


This new quantity elucidated the physical nature of 
Planck’s constant: 


V4 /3 


We pee 


(2) 
= 6.6262681-10 * kg m*/s = constant, 


where m_is the mass of the second (after electron) true 
elementary particle to be called “electrino”. From this 
expression we have 


2h 
m ee 
© uN4n 13 
= 6.85575729963-10-*° kg = constant. 


The electrino has a positive charge ¢ determined by 


(3) 


mn,€ _ —3.229526609098-10™ _ 
1.6578584539- 10°” 


mM, a n,m, 


= 1.98764431671-10°7’ C, 





(4) 


where m, =1.66057 x 10°’kg is the mass of an 
elementary atom accepted as a mass equivalent of one 
atomic unit; n, = 3 is the number of electrons in one 
elementary atom; e = 1.6021892 x 107°C is the charge 
ofanelectron; m, = 9.038487 x 10° kgis an improved 
value of electron mass; n, = 2.418198867 x 10° is the 
number of electrinos in an elementary atom. 


Thus, it is obvious that Planck’s constant is the angular 
momentum of the electrino. Moreover, it was Planck’s 
constant that concealed the second true elementary 
particle, which is the charge antipode of the electron 
discovered by J.J. Thompson as far back as in 1897. 


The solution of Planck's constant has become a basis 
for the synthesis of the new theory of physics [1]. This 
theory in particular shows that the electrino is the 
carrier of the magnetic field and electrical current. It is 
a photon of radiation of all ranges, and serves as a 
universal carrier of energy and information. The electrino 
plays the role of a neutrino in moving along the first 
order trajectories. 
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The first experiment 


An extraordinary importance and novelty of the new 
theory required an experimental proof of the electrino. 
For that several experiments were made in the Institute 
of General and Inorganic Chemistry, Moscow. The 
experiment was based on the following effects 
predicted by the theory. 


1. If assume that electrino exists and that light beam is 
a flux of particles having positive charge and finite 
mass [1] we can conclude the following. At the 
discharge of the dc source through an incandescent 
lamp in which the current is converted to light and 
irreversibly emitted, the source weight in charged 
state must differ from its weight in discharged state. 
If we prove this difference experimentally we may 
say that light does consist of material particles of 
finite mass and a de charge carried away by light is 
positive because an incandescent lamp (W=15 Wit) 
does not emit electrons, which are the carriers of 
negative charge. 


2. The second effect to prove was that the weight of a 
discharging dc source is increasing whereas its 
weight when charged is decreasing. 


To prove the validity of these predictions, several sealed 
containers with different dc sources inside were 
fabricated. The electrodes were brought out through 
glass insulators. The batteries were discharged through 
an electric lamp radiating in the visual and infrared 
ranges. The weight of containers was measured before 
and after discharge process with accuracy 
AW=+0,02 mg; balance error was equal to 
A = + 0,05 mg the standard deviation of the 
measurements was within o = +0,03 mg; the buoyancy 
was calculated for each measurement of weight. In this 
paper, we present test results of only one container with 
four generally marketed GP rechargeable cells 
connected in series. The total battery voltage reached 
5400 mV at 6000 mA/h charge capacity. The discharge 
was interrupted when the voltage dropped to 4000 mV, 
the duration of the discharge was measured accurate 
to one second. Two series of experiments were run: one 
in air, the other, under argon. Each series had ten charge- 
discharge cycles (Table 1 and Fig. 1). The total amount 
of the experiments and detailed discussion of results 
have been summarized in a recently published brochure 
[2]. 


The results of the above tests allow us to make the 
following conclusions: 


1. Both galvanic and rechargeable cells during a 
discharge through an electric lamp show sufficient 
changes in their weight and charge thus proving that 
photons have a finite mass and a positive electric 
charge. 


2. Anew elementary particle, named electrino, derived 
from Planck’s constant in August 1982, and 
published in May 1994, thus gets a complete and 
absolute experimental confirmation. 


The second experiment 


One of the concepts of the new theory is that the speed 
of light in vacuum is a function of photon frequency 
along the beam axis, according to the proportions: 


c= HV, [m/s], (5) 


2 7 
VE uss, [81 (6) 
According to the new theory, for the velocity of 
monochromatic light (solar light or mercury-discharge 
lamp, but not a laser) with a wavelength of 
i,=6.8x107 m (mid-point of the red spectral line), we 
have 


Vv, = / A> = 2.59336038-10' 8", (7) 
Cc, = (UV, =1.76348505882 -10° m/s, (8) 


which is 58.823% of the speed c, = 2.9979246x10° m/s 
of a violet beam with a wavelength of 4 x 107 m. 


We have to account that, according to this theory, the 
laser beam is not a true light beam though it is created 
of electrinos. The speed of laser beam is equal to the 
speed of beam plus the speed of current in the 
conductor, viz., 


V, = 2.8992629 -10°m/s=const (9) 


If we select a monochromatic beam of ultra-violet light 

with a wavelength of A, =4- 10 * m then its velocity 

will be c,=10 C: 

_ 119,916984m" /sec _ 
4:10°°m 

= 2,9979246-10’ m/sec 





C= MIA, 


Vv, =U/A; = /16-10 "mm? =7,4948115-10'° sec! 
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Fig. 1 
Voltage drop [mV] of a battery and (2) weight increment [mg] of 
container #6 in an argon atmosphere during the second 
discharge cycle [minutes]. X-direction — is spark duration in 
minutes; Y-direction — is voltage of a battery; 
auxiliary Y-direction — is weight incensement (mg). 
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c, = {u-V, = {8,987551907 -10'8m? /c? = 2,9979246 +10 m/sec 


This experiment has been run yet, and it is offered for experimental verification with further publication of 
experimental results. 


Table 1 


Weight of container #6 (under argon) in charge-discharge experiments 


Charged battery Discharged battery Charge 
Run Measured Buoyancy | Real weight Measured Buoyancy] Real weight weight 
value Gmg W,=W+G value Gmg AW, = W,-W,, 
W +o, mg W+o,mg mg 


1. 126825.13+0,02 85.031 126910.166 +.0.02] 126825.901 +0.01] 85.002 | 12691.903 +0.01 0.737 
126825.107+0.02 86.572 126911.679 +0.02 | 126826.221 +0.01| 86.538 | 126912.759 +0.01 
126825.21+0.01 86.782 126911.992 +0.01 | 126826.279 +0.01| 86.560 | 126912.839 +0.01 


Zk | 
[2 [rasaeoesno0 | esis | oianee sono] sea re7 cond wear [rawiaane om] 1010 
[= Paaseass2000 [e607 | sze19257 000 aso. 77 so0i] —voama [129141692001 


References 


| 4 | 126825.187+0.01| 86.563 | 126911.749 +0.01 | 126826.493 +0.02| 86.385 | 126912.878 +0.02 
126825. 65+0,04| 86.290 | 126911.941 +0.04| 126826.65 +0.01 | 85.836 | 126912.941 +0.04] 0.770 
| 6 | 126827.28+0.00 | 85.187 | 126912.467 +0.00 | 126827.990 +0.01| 85.204 | 126913.194 +0.01 





1. D.K. Basiev, Osnovy obyedinyonnoy teorii fiziki (Foundations of Unified Theory of Physics), Pedagogika, Moscow, 1994 
2. D.K. Basiev, Zaryad i massa fotona (The charge and mass of a photon), Pedagogika, Moscow, 2001 
3. V.P Anpilogov, “The century of quality”, #3, 2001, p.60 
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New Energy Technologis Issue #4 (7) July-August 2002 


The Homopolar Motor: 
A True Relativistic Engine 


Jorge Guala-Valverde 


Norpatagonica-R&D Dept. S.Fe 449 Neuquen, Argentina 
Q8300BG1, Confluencia Tech University Neuquen, Argentina 
gual@ieee.org 


Pedro Mazzoni 


Fundacion Julio Palacios Neuquen, Argentina 
fundacionjuliopalacios@usa.net 


Ricardo Achilles 


Confluencia Tech University Neuquen,Argentina, 
RA Biosystems Neuquen, Argentina 


achilles@ieee.org 


This article discusses experiments, which enable the 
identification of the seat of mechanical forces in 
homopolar-machines. Authors provide a suitable 
variation on a recent work “The Unipolar Dynamotor: A 
Genuine Relational Engine” [3], where “relational” 
implies “absolutely relativistic”. The authors’ view 
agrees with both Weber's recognition in the 19" century 
of the importance of relative motion in electromagnetic 
phenomena [4] and Einstein’s 1905 statement 
concerning electromagnetism [5]. 


The Faraday disk: a reversible engine 


The essential components of the homopolar machine, 
first conceived by Faraday in 1832, are shown in Figure 
1. A conducting disk, free to rotate in the neighborhood 
of a permanent magnet, is attached to the end ofa shaft. 
A closing wire provides a conducting path between two 
arbitrary points of the disk. Such a device exhibits 
reversible behavior. 


Closing wire 











Fig.1 
Faraday’s setup magnet, disk and closing wire 


A radial current path of length L takes place in a region 
of the disk when direct current (dc) from an external 
source is injected into the closing wire. The interaction 
of the current with the magnetic field produces a 
Laplace force [6] 


at+L 


F= | I(drxB) causing the rotation of the disk. This 


a 


set-up is the motor configuration. 


When the disk is spun by an external source of 
mechanical energy, an emf appears in it. The 
displacement of free charges is produced in this case 
by the Lorentz force f = q(vxB), converting the 
conducting disk into an emf source able to drive dc 
through the whole disk plus closing-wire circuit. This 
set-up is the generator configuration. 


A seemingly curious fact occurs in the motor 
configuration, when dc is injected into the circuit with 
the disk attached to the magnet. Both disk and magnet 
turn together. 


Two rival theories, a relativistic and an absolutistic one, 
have been applied to understand the observed facts: 


In relativistic view, generator configuration makes sense 
only when there is relative motion of the magnet with 
respect to either the disk or the closing wire. Also, a 
motor configuration will only take place if the possibility 
of relative motion between magnet and either disk or 
closing wire is enabled. 


Thus, in the relativistic framework, with the magnet 
attached to the disk, the closing wire becomes the 
“active” part for the production of mechanical forces or 
emf. In this case the disk itself behaves as a “passive” 
element providing a closing-circuit current path. 


Conversely, in the eyes of an absolutist, a generator 
configuration is enabled only because of the disk or 
closing-wire absolute motion. Here, absolute means 
“relative to a frame where the preponderance of the 
mass of the universe is at rest” [7,8]. In our case, the 
lab frame acts as an acceptable absolute-motion 
reference. Thus, from an absolutistic view, the magnet’s 


rotation with Q B/t = 0 in each point of the surrounding 


space is unable to produce an emf on nearby conductors. 
When in a motor configuration, dc is injected in the 
circuit, and the absolutist assigns the observed rotation 
to the magnet “dragging” by the conductor. Here, the 
closing wire acts as a “passive” circuit element. 


New experimental work, complementary to that 
currently known on the subject, introduces arguments 
in favour of the relativistic viewpoint. The related 
experiments, whose underlying physics rests upon a 
modified version of the original Faraday setup, are 
described in the following sections. 
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The asymmetrical rotor 


Figure 2 shows the disk-shaped ceramic permanent 
magnet creating the axial magnetic field B. The removal 
of a 12° sector introduces a field-reversion region. 
Outgoing and ingoing B field lines are represented by 
the and symbols, respectively. 


Bearing 
Magnet 


= 7. 
_ = 
| ow 
\ 


Mercury \ 
collector 
rings 


Power source 
| 







































































Closing wire 
Probe iE 
Ly 
Shaft 
Fig.2 


Layout of the Asymmetrical Rotor applied to the experiments 


Two mercury collector rings are embedded in a wood 
cylinder. One is located close to the hollow-disk magnet 
inner rim and the other in the proximity of the outer 
rim. The magnet’s inner and outer radii are 25 and 75 
mm, respectively, and its height 25 mm. Its average flux 
density 2mm above the magnet has been estimated to 
be 0.05 T based on a generator experiment with a 
rotating copper disk. The magnet-and-wood-cylinder 
body (the asymmetrical rotor from here on) is firmly 
anchored to a vertical shaft terminated in sharp points 
at both ends. While the lower one lays on a hard- 
polished surface, a conical bearing, enabling its almost 
frictionless rotation, centers the upper one. 


Unlike the series-connected conductors diametrically 
anchored to the shaft in the Guala-Valverde case [3], 
only one radial conductor wire, a probe located 2 mm 
above the magnet’s face, was considered. By mounting 
it on a bearing, its free rotation is permitted with its 
ends remaining in contact with both collector rings. A 
12V lead-acid battery applied to the closing wire feeds 
the probe through the collector rings. In the first four 
experimental cases presented the closing wire remains 
firmly anchored to the lab. In two complementary 
experiments, rotation of the closing wire mounted on 
two shaft-centered bearings is allowed. Its behavior as 


a probe occurs by the injection of dc from an additional 
closing-circuit wire anchored to the lab. 


Experimental 


Six experiments performed are described below: 


1. Rotor anchored to the lab, probe free to rotate 
above the magnet’s upward magnetic-field region: 
A radially-ingoing injected dc in the 0.2 A range 
was enough to overcome conductor-bearing and 
mercury-wire contact friction. <A net 
counterclockwise rotation of the probe took place. 


2. Probe anchored to the rotor above the magnet’s 
upward magnetic-field region, with both free to 
rotate: A radially-ingoing injected dc in the 5A 
range was enough to overcome conductor-plus- 
rotor inertia and friction. A net counterclockwise 
rotation of the probe took place. 


3. Rotor anchored to the lab, probe free to rotate 
above the magnet’s downward magnetic-field 
region: A radially-ingoing injected dc in the 0.2 A 
range was enough to overcome conductor-bearing 
and mercury-wire contacts friction. A net clockwise 
rotation of the probe took place. 


4. Probe anchored to the rotor above the magnet’s 
downward magnetic-field region, both free to 
rotate: A radially-ingoing injected dc in the 5A 
range was enough to overcome conductor-plus- 
rotor inertia and friction. A net counterclockwise 
rotation of the probe took place. 


5. Rotor anchored to the lab, closing wire free to 
rotate above the magnet’s upward magnetic-field 
region: A 0.4 A dc injected in the inner collector 
ring was enough to overcome conductor-bearing 
and mercury-wire contacts friction. A net clockwise 
rotation of the closing-wire took place. 


6. Rotor anchored to the lab, closing wire free to rotate 
above the magnet’s downward magnetic-field 
region: A 0.4 A dc injected in the inner collector 
ring was enough to overcome conductor-bearing 
and mercury-wire contacts friction. A net clockwise 
rotation of the closing-wire took place. 


Discussion of results 


Experiments (1) and (3) can be explained using either 
absolutist or relativistic viewpoints because of the 
coincidence of the probe motion relative to the lab with 
the probe motion relative to the magnet. 


Experiment (2) can be explained by a trivial absolutist 
argument founded on a hypothetic probe “dragging 
effect” on the magnet. A relativistic viewpoint 
recognizes the “active” rotational torque on the closing 
wire rather than on the probe where, hinging on 
Newton's third law, the whole action may be split in 
two: 
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Magnet-probe. The magnet produces a 
counterclockwise torque on the probe, and the 
probe exerts an equal but opposite torque on the 
magnet. 


Magnet-closing wire. The magnet exerts a 
clockwise torque on the closing wire, and the wire 
an equal but opposite torque on the magnet. 


With the probe attached to the magnet, there is no 
chance for relative motion between them. Consequently, 
due to the action-reaction cancellation, rotation is 
forbidden. Conversely, with the closing wire 
mechanically decoupled from the magnet, relative 
motion of the latter is permitted. The torque exerted by 
the closing wire on the magnet is responsible for the 
observed rotation. 


Experiment (4): Due to its similarity with (2) a trivial 
relativistic explanation is applicable to the 
counterclockwise torque exerted by the closing wire 
on the magnet. There is no known plausible absolutistic 
explanation for it. As quoted above, the hypothetical 
dragging effect would produce a clockwise rotation in 
this case. The consideration of the experiments (2) and 
(4) suffices to reject the dragging hypothesis. 


Complementary experiments (5) and (6) confirm the 
short-range extension of the field-reversion region 
founded on the closing-wire clockwise rotation (6). 
Briefly speaking, the closing wire is not sensitive to the 
field reversion and the magnet’s counterclockwise 
reaction explains at once the outcome of (4). Clearly, 
experiments (5) and (6) show that the torque on the 
closing wire is independent of its location on the 
magnet. 


Figure 3 depicts the two rotational torques involved in 


(2) and (4). 
—- 


Action 
t torque 





Reaction 
torque 


Fig.3 
Rotational torques acting on the magnet and 
on the closing wire 


Topological and miscellaneous considerations 


One of the keys to the success of the above described 
experiments lies in the dynamotor’s magnet design (see 
Fig.4). The short-range field reversion region allows the 
inversion of the Laplace force on the probe, making the 
force on the closing wire insensitive to that B-field 
reversion. 





Fig. 4 
The magnet’s field-revision region 


In all the above cases the electromagnetic forces 
between probe and closing wire were neglected 
because of its small magnitude compared to the 
predominant magnet-wire interaction forces. 


The observed torques became, in all the experiments, 
independent of the location of the contact points 
between closing wire and collector rings. Also, the 
closing wire shape exhibited no noticeable influence 
on torques. These observations can be easily explained 
using the divB = 0 fundamental law, Laplace force, and 
some elementary topological considerations. 


Kennard [1], Bartlett [1]: Panosky [7,8], Muller [9], Wesley 
[10] and some of this article’s authors took absolutistic 
viewpoints when dealing with homopolar phenomena 
[11,12]. On the contrary, Weber [4], Assis [13], and Kelly 
[14] adopted a relativistic framework on the issue from 
the beginning. 


By attaching the magnet to the disk in the original 
Faraday setup, the relative rotation between disk and 
closing wire remains unchanged. Therefore, in a 
generator configuration, the disk plus magnet rotation 
at with the closing wire at rest in the lab is entirely 
equivalent to the closing-wire rotation at — with the disk 
plus magnet at rest. This fact introduced a correct but 
physically “colorless” weak relativism to the homopolar 
generator description: the “unipolar generator really has 
three components, the magnet, the cylinder and the 
meter (including the contacts). A relative motion of the 
last two, not the first two, is required” [1]. 


A growing interest in basic electromagnetism [15,27] 
can not be ignored, and from time to time some authors, 
attempting to catch “free energy” from the space, have 
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claimed the design of homopolar engines with efficiency 
greater than unity, as can be checked by searching for 
homopolar motor on the Internet. The strict application 
of Newton's third law precludes the above non-physical 
possibility. 


It is worthwhile to stress that the homopolar machine 
is a famous example where Faraday’s flux rule fails. 
This fact worried Faraday himself and is clearly 
discussed by Feynman [28] who emphasized that the 
correct physics is always given by the Lorentz force 
law and the Maxwell fundamental equation 
curl E = -B/t. Homopolar induction is fully understood 
using only the Lorentz force. Our experiments 
enhance the relativistic structure of the Lorentz force 
because the only relevant velocity is the velocity of 
the conductor relative to the magnet. 


Acknowledgments: To Profs. C.N. Gagliardo and A. 
Ipohorski-Lenkiewicz for the conceptual comments on 
this development. 
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Weight Reductions Generated by Bucking-Field Permanent Magnets 


LAB REPORT ON SmCo RING MAGNET 
EXPERIMENTS 








Experiments conducted by: 
William C. Simpson 


New Horizons Research 600 Meridian Street Extension, 
#302 Groton, CT 06340 
Tel. (860) 405-1157 


The following experiments were conducted at the 
Coastal Environmental Laboratory (CEL) at Avery Point, 
Groton, Connecticut. (41° 19‘ 0.17" N. latitude x 72° 3' 
50.27" W. longitude x 35 feet elevation above mean sea 
level) I wish to thank the personnelat the CEL for their 
generosity for providing the use of their Mettler Toledo® 
Model AG104 electronic scale for the measurements 
taken in the proceeding experiments. The AG104 
electronic scale is an enclosed pan unit with a maximum 
mass range of 101-grams with 0.0001-gram readability. 


IAG 


Editorial: This article is one more 
link between magnetizm and 
theory of aether, to my mind. It is 
possible to assume that in his 
experiments the author creates 
small but detectable changes in 
density of aether,’ that 
demonstrates itself as the weight 
changes. 

Alexander V. Frolov. 


The purpose of these experiments was to see if there is 
any detectable weight change when permanent 
magnets are forced together with their like-poles facing 
each other. The magnets were weighed individually, in 
both directions, with their field poles oriented vertically. 
The sums of the two individual magnet weights (magnet 
#1 and magnet #2) in each vertical orientation were 
compared to the weight measurements taken when they 
were assembled using the nylon bolt and wing nut 
depicted in DIAGRAM 1. The specifications for the two 
Samarium Cobalt magnets used in the following 
experiments are shown in DIAGRAM 1. 


The first set of experiments with the SmCo Ring 
magnets were conducted January 14, 2002. An inverted 
paper cup was used to raise the test sample magnets 
2.75" above the AG104 electronic scale pan in order to 
minimize possible magnetic interaction with the scale- 
sensing element, as depicted in DIAGRAM 2. The tare 
adjustment was used to set the scale readout to 
0.0000-gram with the cup in place. The magnets were 
weighed individually. Magnet #1 weighed 9.9450-gram 
with the N pole facing up and 9.9397-gram with the S 
pole facing up. Magnet #2 weighed 9.9520-gram with 
the N pole facing up and 9.9443-gram with the S pole 
facing up. 


The second set of experiments with the SmCo Ring 
magnets were conducted February 4, 2002. These 
experiments were shielded with Mu 80 magnetic 


RARE EARTH MAGNET SPECIFICATIONS: 

Samarium Cobalt (SmCo mixed) ~ SCIENTIFICS Cat. #830307-30 
Ring type. OD = 0.75". ID = 0.43", Thickness = 0.25" 

Gauss = 8,000 

density = 8.7-gram/cc 


0.25" 
as 


ie 
043") |o75" 
a 


NYLON RETAINER BOLT AND WING NUT: 
3/8" diameter x 1-1/2" long hex-head nylon bolt 





3/8" diameter nylon wingnut 
mass of nylon bolt phs nylon wing mut = 5.1610-grams 
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shielding material as depicted in DIAGRAM 3. The 
scale was tare adjusted to 0.0000-gram with the entire 
set of Mu 80 shield pieces in place. Then the magnets 
were weighed individually. Magnet #1 weighed 9.9483- 
gram with the N pole facing up and 9.9486-gram with 
the S pole facing up. Magnet #2 weighed 9.9527-gram 
with the N pole facing up and 9.9542-gram with the S 
pole facing up. The Nylon bolt and wing nut were 
placed in the Mu 80 shield can (without the magnets) 
and the scale was tare adjusted to 0.0000-gram. 
Therefore, the readouts would only be reading the 
weight of the bucking magnets. 


The first column in TABLE 1, the vertical measurements, 
is the distance of separation d, or air gap, of the 
magnets. The second column shows the January 14, 
2002 weight measurements of the two magnets, as 
shown in DIAGRAM A. The third column shows the 
January 14, 2002 weight measurements of the two 
magnets, as shown in DIAGRAM B. The fourth column 


DIAGRAM 2 
01/14/2002 EXPERIMENNTS 
CUP HEIGHT: 2.75" above 


shows the February 4, 2002 weight measurements of 
the two magnets, as shown in DIAGRAM C. The fifth 
column shows the February 4, 2002 weight 
measurements of the two magnets, as shown in 
DIAGRAM D. 


The horizontal measurement, as depicted in TABLE 2, 
TABLE 3, TABLE 4 and TABLE 5, are through the four 
basic magnetic compass headings; North, East, South, 
and West respectively. They are referenced to 
DIAGRAM E and DIAGRAM F for the January 14, 2002 
experiments and DIAGRAM G and DIAGRAM H for the 
February 4, 2002 experiments. The corresponding 
graphs of the force change plots, GRAPH 1, GRAPH 2, 
GRAPH 3, GRAPH 4, and GRAPH 5 accompany each 
table. The forces were converted from the mass 
readings, which are a scalar measurement, to dynes. 
The convention used for the force vector was chosen as 
plus (+) for up, or a weight reduction, and minus (-) for 
a weight increase. 




















scale pan. 1.75" upper diameter, PAPER 
2.5" lower diameter CUP 
SCALE 
PAN 

DIA 

MU 80 
02/04/2002 EXPERIMENTS COVER 

2.75" dia. x 0.010" 
MU METAL SPECIFICATIONS: 8.3973-gram 
Source: NATIONAL ELECTRICAL ALLOYS 

Oakland, NJ MU 80 
SPECIFICATION: MIL N 144110 COMP 1 CAN WITH 
GRADE: HY MU 80 SHIELDING ALLOY BOTTOM 
COLD ROLLED BRIGHT oe aii " 

DESCRIPTION: COIL oe eee ee 0.010 
HEAT # 982011207 i ee 
CHEMICAL ANALYSIS: The can bottom lid was 
Ni: 80.16% soldered to the can cylinder 
Mo: 4.6% with 50/50 Sw/Pb solder and 
S: 0.0007% the overlapping cylinder 
C: 0.010% seam was attached with 
P- 0.004% epoxy. 
Mrx 0.486% 
Si < 0.010% MU 80 
Fe: BALANCE PAN SHIELD 
MECHANICAL PROPERTIES: 9.375" dia x 0.010" 
HARDNESS: HV1 = 159 12.6656-gramn 
GRAIN SIZE: 8.5 
COERCIVE STRENGTH: 
HC = 0.0080 Oe 


PERMEABILITY: MUMAX = 355000 
SATURATION: 7900 Gauss 
THICKNESS: 0.010" 

DENSITY: 8.747-gram/cc 
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SCALE 
PAN 









(CUT-AWAY VIEW) 
NOT TO SCALE 





MU BO ‘WITH 0.090" THICK’ 


COVER STOCK. 


[CUT Away VIEW) 
NOT TO SCALE 


COVEA STOCK. 


TABLE 1: 


NOTE: ALL ML 80 
COMPONENTS 
ARE FABRICATED 
MU 80 WITH 0.010" THICK 


ELEVATION VIEW OF THE 
VERTICAL EXPERIMENTS 


COMPASS 
Preanine 


NOTE: 


hours EST. 


January 14, 2002 Experiments: Start 
time: 13:27 hours EST, End time: 15:40 


February 4, 2002 Experiments: Start 


time: 13:18 hours EST, End time: 14:50 


hours EST. 


01/14/2002 EXPERIMENTS 02/04/2002 EXPERIMENTS 
OPEN, WITH PAPER CUP WITH MU 80 SHIELDING 


Air gap 
d 


0.0 
Inch 
1/8 
Inch 
1/4 
Inch 
3/8 
Inch 
1/2 
Inch 
5/8 
Inch 


Diagram A 
N to N vertical 
19.8893-gram 
(Sum of 1 & 2)* 


19.8759-gram 
0.0134-gram weight 
reduction (0.06737%) 


19.8761-gram 
0.0132-gram weight 
reduction(0.06637%) 


19.8763-gram 
0.0130-gram weight 
reduction(0.06536%) 


19.8765-gram 
0.0128-gram weight 
reduction(0.06436%) 


19.8774-gram 
0.0119-gram weight 
reduction(0.05983%) 


19.8776-gram 
0.0117-gram weight 
reduction(0.05883%) 


19.8777-gram 
0.0116-gram weight 
reduction(0.05832%) 


Diagram B 
S to § vertical 
19.8917-gram 
(Sum of 1 & 2)* 


19.8757-gram 
0.0160-gram weight 
reduction(0.08045%) 


19.8751-gram 
0.0166-gram weight 
reduction(0.08346%) 


19.8748-gram 
0.0169-gram weight 
reduction(0.08497%) 


19.8753-gram 
0.0164-gram weight 
reduction(0.08246%) 


19.8753-gram 
0.0164-gram weight 
reduction(0.08246%) 


19.8754-gram 
0.0163-gram weight 
reduction(0.08195%) 


19.8748-gram 
0.0169-gram weight 
reduction(0.08497%) 


Diagram C 

N to N vertical 
19.9025-gram 
(Sum of 1 & 2)* 


19.8760-gram 
0.0265-gram weight 
reduction(0.13324%) 


19.8760-gram 
0.0265-gram weight 
reduction(0.13324%) 


19.8760-gram 
0.0265-gram weight 
reduction(0.13324%) 


19.8760-gram 
0.0265-gram weight 
reduction(0.13324%) 


19.8757-gram 
0.0268-gram weight 
reduction(0.13475%) 


19.8779-gram 
0.0246-gram weight 
reduction(0.12368%) 


19.8773-gram 
0.0252-gram weight 
reduction(0.12670%) 


Diagram D 
S to S vertical 
19.9013-gram 
(Sum of 1 & 2)* 


19.8758-gram 
0.0255-gram weight 
reduction(0.12821%) 


19.8763-gram 
0.0250-gram weight 
reduction(0.12570%) 


19.8768-gram 
0.0245-gram weight 
reduction(0.12318%) 


19.8777-gram 
0.0236-gram weight 
reduction(0.11866%) 


19.8809-gram 
0.0204-gram weight 
reduction(0.10257%) 


19.8806-gram 
0.0207-gram weight 
reduction(0.10408%) 


19.8832-gram 
0.0181-gram weight 
reduction(0.09100%) 
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* Magnets #1 and #2 were individually weighed in 
the orientation used in each experiment and their 
separate weights were added together. 


The following equation was used to calculate the 
weight changes, in dynes, in the proceeding graphs. 
_— 
AF = k-Amass -g 


where 
k = 980.665 « dyne« gm? 


and 
g = 9.80665 m« sec? 
which is the local rate of gravitational acceleration. 


The product of the measured changes in mass, Amass, 
and g is denoted as follows on the graphs: 


NNopen , , = Amass«g 


yd 
for N-to-N pole facings in the open (or unshielded). 


SSopen = Amass «g 


for S-to-S pole facings in the open (or unshielded). 


, — Amass«g 


NNshield , 
for N-to-N pole facings shielded with Mu 80 shielding. 
SSshield wee Amass «g 
for S-to-S pole facings shielded with Mu 80 shielding. In 
the subscripts, , and , refers to the respective number of 
data points per plot. The subscript , refers to the vertical 
change in force (weight change) axis and , refers to the 


horizontal distance d axis. In GRAPH 1, pe 


GRAPH 1: 


VERTICAL BUCKIKG FIELD EXPGRUEENTS 
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ISOMETRIC AND ELEVATION VIEW OF THE HORIZONTAL EXPERIMENTS 


feo 


DIAGRAM G 
NOTE: ALL MU 80 
ele lal COMPONENTS 
ARE FABRICATED 


MU 80 WITH 0.019" THICK 
COVER STOCK. 
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HEADING 





MU 80 
CAN 
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DIAGRAM H 


NOTE: ALL ML 80 
Vee COMPONENTS 
ARE FABRICATED 
MU 80 WITH 0.010" THICK 
COVER STOCK. 
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North # 
Heading 


MAGNETIC DECLINATION FROM THE LOCAL TOPOLOGICAL MAP: 


MN x GN 


14° 30' 
258 miles 





1° 56' 
34 miles 





1984 Magnetic Declination~ U.S. Geological Survey 
New London, Connecticut Quadrangle Topological Map 


TABLE 2 


01/14/2002 EXPERIMENTS 
OPEN, WITH PAPER CUP 


Diagram E 

N to N horizontal 
19.8905-gram 
(Sum of 1 & 2)* 


19.8735-gram 
0.0170-gram weight 
reduction (0.08547%) 


19.8728-gram 
0.0177-gram weight 
reduction(0.08899%) 


19.8721-gram 
0.0184-gram weight 
reduction(0.09251%) 


19.8705-gram 
0.0200-gram weight 
reduction(0.10055%) 


19.8698-gram 
0.0207-gram weight 
reduction(0.10407%) 


19.8693-gram 
0.0212-gram weight 
reduction(0.10658%) 


19.8696-gram 
0.0209-gram weight 
reduction(0.10508%) 


Diagram F 

Sto S horizontal 
19.8905-gram 
(Sum of 1 & 2)* 


19.8778-gram 
0.0127-gram weight 
reduction(0.06385%) 


19.8790-gram 
0.0115-gram weight 
reduction(0.05782%) 


19.8798-gram 
0.0107-gram weight 
reduction(0.05379%) 


19.8800-gram 
0.0105-gram weight 
reduction(0.05279%) 


19.8811-gram 
0.0094-gram weight 
reduction(0.04726%) 


19.8818-gram 
0.0087-gram weigh 


t reduction(0.04374%) 


19.8827-gram 
0.0078-gram weight 
reduction(0.03921%) 


02/04/2002 EXPERIMENTS 
WITH MU 80 SHIELDING 


Diagram G 

N to N horizontal 
19.9019-gram 
(Sum of 1 & 2)* 


19.8890-gram 
0.0129-gram weight 
reduction(0.06479%) 


19.9190-gram 
0.0171-gram weight 
increase(0.08588%) 


Diagram H 

S to S horizontal 
19.9019-gram 
(Sum of 1 & 2)* 


19.8810-gram 
0.0209-gram weight 
reduction(0.10497%) 


19.9029-gram 
0.0010-gram weight 
increase(0.00502%) 





# Compass Heading is approximate 

* Magnets #1 and #2 were individually weighed with pole faces oriented vertically, with N up then with S up, 
and the results were averaged and added. 

** Due to time constraints, these measurements were not taken. 
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GRAPH 2: 
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NOTE: 

The calculated mass of each magnet was determined by the 
following formula based upon the manufacturer’s dimensions 
and density value. 


TABLE 3 








volume = 1.214963 cm? 
density = 8.7-gm:cm* 
mass = density-volume 


mass = 10.570177 gm. 
This is higher than the magnetized mass of each 
magnet. 


However, some tables give a lower density for 
the SmCo magnet, 0.300lb/in*, which equals: 
density = 8.303971:gm-cm* 
mass = 10.089017 gm. . 
This is still higher than the magnetized mass of 


each magnet. Does the SmCo material become 
slightly lighter in weight when it is magnetized? 


01/14/2002 EXPERIMENTS 
OPEN, WITH PAPER CUP 


Diagram E 
N to N horizontal 


19.8905-gram 


19.8763-gram 
0.0142-gram weight 
reduction (0.07139%) 


19.8777-gram 
0.0128-gram weight 
reduction(0.06435%) 


19.8782-gram 


0.0123-gram weight 
reduction(0.06184%) 


19.8779-gram 
0.0126-gram weight 
reduction(0.06335%) 


19.8792-gram 
0.0113-gram weight 
reduction(0.05681%) 


19.8814-gram 
0.0091-gram weight 
reduction(0.04575%) 


19.8815-gram 
0.0090-gram weight 
reduction(0.04525%) 


Diagram F 
S to S horizontal 
19.8905-gram 


19.8755-gram 
0.0150-gram weight 
reduction(0.07541%) 


19.8750-gram 
0.0155-gram weight 
reduction(0.07793%) 


19.8743-gram 
0.0162-gram weight 
reduction(0.08145%) 


19.8722-gram 
0.0183-gram weight 
reduction(0.09200%) 


19.8715-gram 
0.0190-gram weight 
reduction(0.09552%) 


19.8712-gram 
0.0193-gram weight 
reduction(0.09703%) 


19.8720-gram 
0.0185-gram weight 
reduction(0.09301%) 


02/04/2002 EXPERIMENTS 
WITH MU 80 SHIELDING 


Diagram G 
N to N horizontal 
19.9019-gram 


19.8928-gram 
0.0091-gram weight 
reduction(0.04570%) 


19.9338-gram 
0.0319-gram weight 
increase(0.16021%) 


Diagram H 
S to S horizontal 
19.9019-gram 


19.8731-gram 
0.0288-gram weight 
reduction(0.14464%) 


19.9030-gram 
0.0011-gram weight 
increase(0.00552%) 





# Compass Heading is approximate 

* Magnets #1 and #2 were individually weighed with pole faces oriented vertically, with N up then with S up, 
and the results were averaged and added. 

** Due to time constraints, these measurements were not taken. 
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# Compass Heading is approximate 
* Magnets #1 and #2 were individually weighed with pole faces oriented vertically, with N up then with S up, 
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TABLE 4 


01/14/2002 EXPERIMENTS 
OPEN, WITH PAPER CUP 


Diagram E 
N to N horizontal 


19.8905-gram 
(Sum of 1 & 2)* 


19.8746-gram 
0.0159-gram weight 
reduction (0.07994%) 


19.8720-gram 
0.0185-gram weight 
reduction(0.09301%) 


19.8709-gram 
0.0196-gram weight 
reduction(0.09854%) 


19.8704-gram 
0.0201-gram weight 
reduction(0.10105%) 


19.8711-gram 
0.0194-gram weight 
reduction(0.09753%) 


19.8698-gram 
0.0207-gram weight 
reduction(0.10407%) 


19.8703-gram 
0.0202-gram weight 
reduction(0.10156%) 


Diagram F 
S to S horizontal 


19.8905-gram 
(Sum of 1 & 2)* 


19.8769-gram 
0.0136-gram weight 
reduction(0.06837%) 


19.8788-gram 
0.0117-gram weight 
reduction(0.05882%) 


19.8797-gram 
0.0108-gram weight 
reduction(0.05430%) 


19.8803-gram 
0.0102-gram weight 
reduction(0.05128%) 


19.8814-gram 
0.0091-gram weight 
reduction(0.04575%) 


19.8825-gram 
0.0080-gram weight 
reduction(0.04022%) 


19.8817-gram 
0.0088-gram weight 
reduction(0.04424%) 


and the results were averaged and added. 
** Due to time constraints, these measurements were not taken. 


02/04/2002 EXPERIMENTS 
WITH MU 80 SHIELDING 


Diagram G 

N to N horizontal 
19.9019-gram 
(Sum of 1 & 2)* 


19.8896-gram 
0.0123-gram weight 
reduction(0.06178%) 


19.9423-gram 
0.0404-gram weight 
increase(0.20290%) 


Diagram H 

S to S horizontal 
19.9019-gram 
(Sum of 1 & 2)* 


19.8660-gram 
0.0359-gram weight 
reduction(0.18030%) 


19.8810-gram 
0.0209-gram weight 
reduction(0.10497%) 
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TABLE 5 


01/14/2002 EXPERIMENTS 
OPEN, WITH PAPER CUP 


Diagram E 

N to N horizontal 
19.8905-gram 
(Sum of 1 & 2)* 


19.8777-gram 
0.0128-gram weight 
reduction (0.06787%) 


19.8767-gram 
0.0138-gram weight 
reduction(0.06938%) 


19.8777-gram 


0.0128-gram weight 
reduction(0.06435%) 


19.8783-gram 
0.0122-gram weight 
reduction(0.06134%) 


19.8806-gram 
0.0099-gram weight 
reduction(0.04977%) 


19.8811-gram 
0.0094-gram weight 
reduction(0.04726%) 


19.8803-gram 
0.0102-gram weight 
reduction(0.05128%) 


# Compass Heading is approximate 
* Magnets #1 and #2 were individually weighed with pole faces oriented vertically, with N up then with S up, and the results 
were averaged and added. 
** Due to time constraints, these measurements were not taken. 





Diagram F 
S to S horizontal 


19.8905-gram 
(Sum of 1 & 2)* 


19.8748-gram 
0.0157-gram weight 
reduction(0.07893%) 


19.8737-gram 
0.0168-gram weight 
reduction(0.08446%) 


19.8733-gram 
0.0172-gram weight 
reduction(0.08647%) 


19.8727-gram 
0.0178-gram weight 
reduction(0.08949%) 
19.8722-gram 
0.0183-gram weight 
reduction(0.09200%) 
19.8715-gram 
0.0190-gram weight 
reduction(0.09552%) 
19.8723-gram 


0.0182-gram weight 
reduction(0.09150%) 





02/04/2002 EXPERIMENTS 
WITH MU 80 SHIELDING 


Diagram G 

N to N horizontal 
19.9019-gram 
(Sum of 1 & 2)* 


19.8933-gram 
0.0086-gram weight 
reduction(0.04319%) 


19.9427-gram 
0.0408-gram weight 
increase(0.20491%) 
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Diagram H 

Sto S horizontal 
19.9019-gram 
(Sum of 1 & 2)* 


19.8724-gram 
0.0295-gram weight 
reduction(0.14816%) 


19.8976-gram 
0.0043-gram weight 
reduction(0.02160%) 
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RING MAGNET #1, N UP: 9.9483-grams 
RING MAGNET #2, N UP: +9.9527-grams 
TOTAL WEIGHT: 19.9010-grams 
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WEIGHT INCREASE WITH OPPOSITE POLES ATTRACTING, AS DEPICTED IN DIAGRAM I, IN MU 80 SHIELD 


where 19.9861-grams was the measured value: 


19.9861-grams — 19.9010-grams = 0.0851-gram weight increase. 
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THREE RIVERS COMMUNITY COLLEGE, 
THAMES VALLEY CAMPUS 
LAB REPORT ON SmCo RING MAGNET 
EXPERIMENTS 


The following experiments were conducted at the 
Thames Valley Campus (TVC) of the Three Rivers 
Community College, Room #207 Chemistry Laboratory, 
in Norwich, Connecticut on March 8, 2002. (41°30’ 34.62" 
N. latitude x 72° 6’ 13.63" W. longitude x 115 feet 
elevation above mean sea level) I wish to thank the 
instructors at Three Rivers for their generosity for 
providing the use of their Sartorius® Model # 2442 
analytical balance for the measurements taken in the 


proceeding experiments. The Sartorius Model # 2442 
analytical balance is an enclosed pan unit with a 
maximum mass range of 200-grams with 0.0001-gram 
micrometer readability and a precision of 0.05-mg 
standard deviation. 


The purpose of these experiments was to compare the 
Avery Point vertical measurements conducted on the 
Mettler Toledo® Model AG104 electronic scale, in 
TABLE 1, with the Sartorius Model # 2442 analytical 
balance measurements recorded in TABLE 6. The same 
two Samarium Cobalt magnets (magnet #1 and magnet 
#2) weighed individually in each vertical orientation 
were compared to the weight measurements taken 
when they were assembled using the nylon bolt and 
wing nut depicted in DIAGRAM 1. The specifications 
for the two Samarium Cobalt magnets used in the 
following experiments are shown in DIAGRAM 1. 


The first column in TABLE 6, the vertical measurements, 
is the distance of separation d, or air gap, of the 
magnets. The second column shows the weight 
measurements of the two magnets, as shown in 
DIAGRAM A. The third column shows the weight 
measurements of the two magnets, as shown in 
DIAGRAM BB. An inverted paper cup was used to raise 
the test sample magnets 2.75" above the Sartorius 
Model # 2442 balance scale pan in order to minimize 
possible magnetic interaction with the balance, as 
depicted in DIAGRAM 2. The fourth column shows the 
weight measurements of the two magnets, as shown 
in DIAGRAM C. The fifth column shows the weight 
measurements of the two magnets, as shown in 
DIAGRAM D. These experiments were shielded with 
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Mu 80 magnetic shielding material as depicted in 
DIAGRAM 3. The resultant data of TABLE 6 is plotted 
on GRAPH 6. The results of the previous experiments 
at Avery Point, from GRAPH 1, and the recent Thames 
Valley experiments, from GRAPH 6, are plotted on 
GRAPH 7 for comparison. The Mu 80 magnetically 
shielded experiments on the Sartorius Model # 2442 
analytical balance at Thames Valley are in close 
agreement with the data collected with the AG104 
electronic scale at Avery Point. However, the Thames 
Valley data collected for the unshielded experiments is 
somewhat smaller in weight reduction. I attribute this 
to external interference. The Thames Valley setup 


included a nonferrous tabletop, as did the Avery Point 
setup. However, the Thames Valley balance table 
consisted of a steel frame and legs, which may have 
altered the readings. The Mu 80 shielding provided a 
more intrinsic method for accurate data collection. 


The horizontal measurements were not taken in this set 
of experiments due to time constraints. A final 
experiment was attempted to replicate the relative 
weight increase with the opposite poles of the ring 
magnets “stuck” together, as depicted in DIAGRAM I; 
however, the magnets shattered during assembly! 


TABLE 6 


03/08/2002 TRCC EXPERIMENTS, 
@ TVC: OPEN, WITH PAPER CUP 


03/08/2002 TRCC EXPERIMENTS, 
@ TVC: WITH MU 80 SHIELDING 


Diagram A 

N to N vertical 
19.8734-gram 
(Sum of 1 & 2)* 


19.8699-gram 
0.0035-gram weight 
reduction (0.01761%) 


19.8699-gram 
0.0035-gram weight 
reduction(0.01761%) 


19.8695-gram 


0.0039-gram weight 
reduction(0.01962%) 


19.8695-gram 
0.0039-gram weight 
reduction(0.01962%) 


19.8689-gram 
0.0045-gram weight 
reduction(0.02264%) 


19.8686-gram 
0.0048-gram weight 
reduction(0.02415%) 


19.8680-gram 
0.0054-gram weight 
reduction(0.02717%) 


Diagram B 

S to S vertical 
19.8726-gram 
(Sum of 1 & 2)* 


19.8696-gram 
0.0030-gram weight 
reduction(0.01510%) 


19.8699-gram 
0.0027-gram weight 
reduction(0.01359%) 


19.8695-gram 
0.0031-gram weight 
reduction(0.01560%) 


19.8699-gram 
0.0027-gram weight 
reduction(0.01359%) 


19.8699-gram 
0.0027-gram weight 
reduction(0.01359%) 


19.8699-gram 
0.0027-gram weight 
reduction(0.01359%) 


19.8699-gram 
0.0027-gram weight 
reduction(0.01359%) 


Diagram C 

N to N vertical 
19.8912-gram 
(Sum of 1 & 2)* 


19.8691-gram 
0.0221-gram weight 
reduction(0.11110%) 


19.8688-gram 
0.0224-gram weight 
reduction(0.11261%) 


19.8687-gram 
0.0225-gram weight 
reduction(0.11312%) 


19.8692-gram 
0.0220-gram weight 
reduction(0.11060%) 


19.8695-gram 
0.0217-gram weight 
reduction(0.10909%) 


19.8702-gram 
0.0210-gram weight 
reduction(0.10557%) 


19.8707-gram 
0.0205-gram weight 
reduction(0.10306%) 


Diagram D 

S to S vertical 
19.8929-gram 
(Sum of 1 & 2)* 


19.8706-gram 
0.0223-gram weight 
reduction(0.11210%) 


19.8707-gram 
0.0222-gram weight 
reduction(0.11160%) 


19.8712-gram 
0.0217-gram weight 
reduction(0.10908%) 


19.8730-gram 
0.0199-gram weight 
reduction(0.10004%) 


19.8738-gram 
0.0191-gram weight 
reduction(0.09601%) 


19.8746-gram 
0.0183-gram weight 
reduction(0.09199%) 


19.8756-gram 
0.0173-gram weight 
reduction(0.08697%) 





* Magnets #1 and #2 were individually weighed in the orientation used in each experiment and their separate 
weights were added together. 


NOTE: 
March 8, 2002 Experiments: Start time: 12:12 hours EST, End time: 13:47 hours EST. 
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GRAPH 6: MAGNETIC DECLINATION FROM THE LOCAL 
TOPOLOGICAL MAP 
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KEY TO GRAPH 7: 





For N-to-N pole facings in the open (or unshielded) at Avery Point (AP): 
NNopenAP 

For S-to-S pole facings in the open (or unshielded) at Avery Point (AP): 
SSopenAP 

For N-to-N pole facings shielded with Mu 80 shielding at Avery Point (AP): 
NNshieldAP 

For S-to-S pole facings shielded with Mu 80 shielding at Avery Point (AP): 
SSshieldAP 

For N-to-N pole facings in the open (or unshielded) at Thames Valley (TV): 
NNopenTV 

For S-to-S pole facings in the open (or unshielded) at Thames Valley (TV): 
SSopenTV 

For N-to-N pole facings shielded with Mu 80 shielding at Thames Valley (TV): 
NNshieldTV 

For S-to-S pole facings shielded with Mu 80 shielding at Thames Valley (TV): 
SSshieldTV 


The subscripts for the data points | = > = qnr= / are all the same value in GRAPH 7. 
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Mark Porringa 


Zeropoint Techtonix Inc, 430 Bass Lake Road, RR # 1, 
Deep River, Ontario KOJ 1P0, Canada 
(613) 584-2960 fax: (613) 584-4616 porringam@aecl.ca 


It is a review of nine alternative, peer-reviewed techniques as candidates for the global clean-up of nuclear waste. 


The following is a reasonably comprehensive list of 
potentially effective nuclear waste treatment methods 
that might be employed to treat the entire range of 
radioactive wastes that have proven to be such a 
daunting and horrendously expensive problem for the 
nuclear industry (in all its forms) with major, long term 
implications for the environment. 


A wide variety of methods will probably be required to 
accommodate the many different radioactive waste 
sources including high and low level, solids, liquids and 
gases. Process names used here are in some cases just 
convenient labels used to categorize and set them apart 
from each other. 


Theories on several of these processes are still quite 
speculative and solid evidence that would pass 
conventional peer review is still lacking. This is after 
all a very new field of science. 


Some of these technologies are already well protected 
by international or national patents, with additional US 
and international patents pending, and further patents 
may be obtained on new developments as they are 
made. 


The Brown’s Gas-Metal Matrix Process: 


The BG-MMX process utilizes a patented electrolysis 
cell of the Australian Prof. Yull Brown's design that is 
said to produce a stoichiometric mixture of monatomic 
hydrogen and oxygen or possibly a quasi-stable water 
molecule raised to a high-energy state. This gas has 
some very peculiar properties including the ability to 
sublimate tungsten (6000°C) with an implosive flame 
that burns cool in air with a temperature of only 130°C. 


The gas is used to heat a proprietary mixture of metals 
and/or metal oxides including the radwaste to be 
neutralized. A highly exothermic radiant reaction 
appears to result in the immediate reduction of 
radioactivity approaching 95% of the original levels 
judging from preliminary tests, within seconds of 
treatment. The process is conjectured to be effective 
with high level solid wastes and possibly gasses, but 
probably not liquids. The high temperatures involved 
may also preclude the processing of more volatile 
wastes. 


Since 1991, this technology has been successfully 
demonstrated, on a small scale, at least 50 times to US, 
Chinese, Japanese and United Kingdom officials on a 
variety of nuclear waste products including Americium, 
Cobalt, Uranium, and Plutonium. The technique can be 
applied for the immediate decontamination of stockpiles 
of nuclear waste materials being held near nuclear 
power plants. The process is very simple, safe, and 
inexpensive to develop further into robotics application 
for on-site treatment with no foreseen environmental 
effects. 


Photoremediation 


The Photoremediation process of the American Dr. Paul 
Brown is essentially conventional physics, albeit 
applied in a new and novel way. The process involves 
the use of a high-energy electron beam impinged ona 
target, which in turn produces a monochromatic gamma 
radiation that is tuned to induce Photofission and 
Photoneutron reactions in the target material causing 
rapid neutralization of radioactive isotopes. The 
efficiency claimed exceeds 500% due to the high cross- 
section reactions in the Giant Dipole Resonance region. 
The 10 MeV electron beam produces typical fission 
reactions in the 200MeV range effectively turning high 
level solid wastes such as spent fuel into an energy 
source. The process is apparently intended for on-site 
treatment with some waste-partitioning required, an 
aspect which may not be desirable in certain countries. 


While this idea is similar in topology to a system being 
developed by Los Alamos National Labs, Dr. Paul 
Brown's approach offers several advantages: no need 
for extensive chemical pre-processing and the energy 
required to effect transmutation is greatly reduced. No 
new technology needs to be developed, yet the 
engineering of such a photon reactor must be completed 
and it could itself become a practical method for 
generating power. 


ZIPP Fusion 


The ZIPP fusion process, identified by Mark Porringa, 
induces a wide variety of fusion reactions, resulting from 
the radial compression of individual diatomic and other 
simple molecules dissolved or suspended in a light 
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water, carbon arc electrolysis cell. A variety of other 
cell configurations are envisioned. 


The process appears to produce only stable isotopes, 
which should therefore make it capable of stabilizing a 
wide variety of radioactive waste materials. The theory 
on the process draws from Condensed Charge 
phenomena, Brown's Gas implosion, cavitation bubble 
collapse and sonoluminesence - all variations of the 
Casimir effect - which is believed to cohere the Zero- 
point energy of Quantum Vacuum Fluctuations. 
Transmutations using variations of this basic process 
may be applicable to a wide variety of nuclear wastes 
and appears capable of operating with an efficiency 
exceeding 100%. 


A major implication of this process is that the Strong 
force of the nucleus is understood as an ultra close range 
Casimir effect. Oakridge Nuclear Laboratories in the 
US in conjunction with several international 
collaborators have just (this month, in fact) announced 
a deuterium cold fusion process based on the essential 
elements of the ZIPP Fusion process first reported in 
1998. The process is very simple and inexpensive to 
develop. 


RIPPLE Fission 


The RIPPLE Fission process is an adaptation of existing 
potential technology utilizing a supersonic ionized gas 
to aerosol a counter flow heat exchanger that envelopes 
the radioactive waste aerosol in a vacuum induced 
plasma vortex which appears to disrupt the matter 
stabilizing influence of the Quantum Vacuum 
fluctuations resulting in “gentle” low recoil fission 
reactions which produce only stable fission products, 
with excess neutrons being prompt converted to 
protons via quenched Beta emissions. The process is 
apparently proven with conventional non-radioactive 
wastes and is believed applicable to the entire spectrum 
of radwaste without the need for waste partitioning. 
This process is also conjectured to operate with over- 
unity efficiency. 


The LENTEC Processes 


The Low Energy Nuclear Transmutation Electrolytic 
Cells of the Cincinnati group produce a variety of 
transmutation reactions using a variety of exotic 
electrolysis cell designs that generally produce 
condensed charge clusters composed primarily of up 
to 101 electrons each. These electron charge clusters 
produced with the use of special electrodes can 
penetrate the nuclei of larger atoms in solution and 
transmute these atoms into stable elements. 


The range of design and operating protocols and 
potential applications are essentially limitless provided 
for the waste that is dispersed in the electrolyte. The 
reported transmutation of thorium to stable titanium 
and copper by the Cincinnati Group and by the Salt 
Lake City group is one of the most dramatic examples 


of this type of treatment process. Application to other 
high-level liquid transuranic fissionable wastes such 
as surplus Plutonium seems likely. The glaring absence 
of normal fission yield energies is perplexing but 
probably explicable as another form of low recoil fission 
reaction, similar to RIPPLE fission. 


The Plasma Induced/Injected Transmutation - PIT 
Processes (also known as HDCC) 


Plasma Induced/Injected Transmutation processes run 
include a gamut from recent achievements dating back 
to the Oshawa-Kushi cold plasma transmutations 
reported in 1964. The patented high-density charge 
cluster process (HDCC) was first discovered by Kenneth 
Shoulders and added on to by Harold E. Puthoff. Later, 
the late Stan Gleeson discovered HDCC in properly 
processed solutions. Still later, Alexander Ilyanok of 
Belarus discovered HDCC, followed by Vasiliy 
Baraboskin in Russia. 


The production of Condensed Charge Clusters and 
various plasma glow discharge phenomena in a variety 
of gaseous atmospheres is again implicated as the 
underlying cause with what should be by now an 
obvious connection with the coherence of Zero-point 
energy from the Quantum or Stochastic vacuum. 


Desk-top high energy particle accelerators have also 
been envisioned, based on the “piggy back” principle, 
in which the clusters permit acceleration of “piggy- 
backed” heaver +ions to extremely high energies 
capable of causing fusion and transmutations in target 
materials including those in solution and the materials 
of which the electrodes are composed. Brown's Gas 
implosion and cavitation bubble collapse reactions are 
also believed to be prevalent in these types of cells due 
to the prevalence of electrolysis. 


A high-density charge cluster technology was 
discovered and used by Stan Gleeson to stabilize 
radioactive liquid wastes and has been developed 
further in the last 4 years by a group led by S-X Jin and 
Hal Fox. Best results for radioactive liquids have been 
demonstrated in the processing of thorium for a 30- 
minute period and achieving a reduction of radioactivity 
of about 90% from a liquid sample. 


Kervran Reactions 


The very compelling evidence compiled by French Nobel 
Candidate Dr. Louis Kervran has identified a wide 
range of nuclear transmutations in biological systems 
that have not been adequately explained. Coherence 
of Zero-point energy via Casimir effects within the 
Somatid particles identified by the Canadian Gaston 
Naessens is implicated as a possible cause. A wide 
variety of in vitro and in vivo reactions are believed to 
be possible as proven in nature and numerous 
experiments typically involving a reaction medium 
composed of a dielectric fluid such as water. Highly 
radiation resistant microorganisms have been found 
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thriving in the core of nuclear reactors indicating the 
possibility of microorganisms being capable of 
transmuting some bioactive nuclear wastes in the 
course of the normal metabolism of such organisms. 


The Monti Process 


The Italian Roberto A. Monti’s process involves 
confined explosions involving proprietary mixtures of 
materials that include radioactive waste. Ignition of 
such mixtures causes nuclear transmutations resulting 
in reduced radioactivity (to near-background levels) 
following combustion, gradually over 1 to 4 days. 


This technique has been confirmed by the Italian ENEA 
and is supported by the French CEA scientists as a 
serious candidate for treatment of waste stockpiles. The 
system, as currently designed, required waste to be 
inserted into a chamber. 


Higher group symmetry electrodynamics 


Extremely weak, non-classical, higher group symmetry 
electromagnetic fields were found during a 1991 
experiment made by Glen Rein to alter significantly the 
level of radioactivity in materials, even those in the 
environment. The experiments suggest that higher 
group symmetry electrodynamics modulate the 
quantitative and /or qualitative properties of radioactive 
species. If the non-classical fields directly affect the 
radioactive species, it is likely that the appropriate field 
parameters will be discovered to neutralize radioactive 
emissions. In 1999, a theoretical basis for the 
phenomenon was developed by the Welsh physicist, 
M. W. Evans, with the participation of Lt. Col. (retired) 
Thomas E. Bearden. 


The technology is extremely simple and could be 
applied with minimum logistics for treating massive 
structures, in-to outdoors, such as the Chernobyl 
disaster site. 





As the engineer who designed the self- 
sustaining magnetic motor being advertised 
by Psitronics Group Systems, International. It 
perhaps falls upon me to explain (as well as I 
am able) the methods used by me in this 
motor’s design: 


The actual “picture” description is totally 
Intellectual Property; Protected as a Trade 
Secret. 


However: This magnetic motor is a 
“perpetually imbalanced configuration” of 
permanent magnets; an unequal number of 
magnets on the rotor & stator; that revolves 
ina “self-sustaining” manner as the magnets 
seek balance... There are no electrical 
components in the design unless one wished 
to insert alternator windings in the stator to 
provide an electrical output... 


We have discovered: through a prior 
unsuccessful prototype that using a para- 
magnetic material (we used aluminum) for the 
rotor & stator was self-defeating; as with the 
powerful rare earth magnets used in the 
design aluminum destroyed the magnetic 





Psitronics Group Systems, International 


Robert “Paul” LeBreton, 2901 Hwy. 6, HC 77 Box 42, Laguna, NM 87026 USA 


E-mail: wizzard9@earthlink.net Phone:1-(505)-836-7534 
Psi/Group’s Magnetic Motor - Funding for New Prototype Sought: 





fields... On further analysis of the failed 
prototype it was deduced that a “latch up” 
condition would occur between rotor & stator 
magnets; unless the rotor magnets were 
canted or skewed at an angle from the stator 
magnets... The plastic prototype 
contemplated corrects both of these 
problems.... 


We are seeking an investor willing to put up 
$4000 (DUS) for the prototype and who can 
offer $40,000 return on investment “if it proves 
successful” ...We have a Global Distribution 
‘ready to go” as well as a pledge of $ Millions 
towards Manufacturing & Marketing from 
EarthTech, International on submission of a 
running motor... 


Very Respectfully Yours, 
Paul LeBreton 


http://home.earthlink.net/~wizzard9 
(Psi/Group Website) 


Inquiries should be emailed to: 
wizzard9@earthlink.net 
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Experimental Investigations 
of the Radioactive Isotope Half-Value Period Changing 
in the Local Volume of Cause-Effect Relations 


Igor A. Melnik 


Pr.Frunze 232, Tomsk, 634021, Russia, Ph. (3822) 244555 
breg@mail.ru 


Nuclear-design methods of the elemental analysis are 
based on the property of the radioactive isotope decay 
rate constant. Half period as a constant quantity is 
defined by the time feature (the time flow is uniform in 
the every space point). The given postulate is confirmed 
by the long-term results and raised no doubts. But in 
last years some researches, investigating enough fine 
effects by change of the registered radiation intensivity, 
came to the conclusion about influence of space cycles 
on the time flow [1]. In his turn, N. A. Kozyrev 
during the investigation of active physical properties 
of time came to the conclusion about violation of its 
uniform flow in the local volume of the cause-effect 
relations, created by the cyclic motion (rotation, 
oscillation) of bodies [2,3,4]. 


Thus, the author get an idea to use a radioactive isotope 
cezium-137 as a “sensor”, measuring the changes of 
time flow uniformity in the certain local volume of 
cause-effect relations. In basis there are following 
arguments: owing to a conception of time uniformity 
and considerable cezium-137 half-value period, the 
source activity must be permanent during the 
experiment time. By the time flow (period) change, i.e. 
changes of uniformity in the local volume of cause-effect 
relations, the half-value period — T is changing in the 
direct proportion. Source activity, respectively, is 
changing in the inverse proportion according to the law 
exp (1/T) in relation to the external space volume. 
Hence, registered gamma-quantum intension 
(amplitude impulse distribution) in the absence of the 
cause-effect relations is proportional to the function 
N,~ exp (In2/T,). Then the proportion N,/AN, where 
AN=N,-N is made, and by means of it a half-value period 
difference is defined by the formula 


1/AT=|1/T,+In (AN/N,)/In2| (1) 


N,— selective average amplitudes of impulses at the 
case of static liquid (in the absence of the cause-effect 
relations); 

N - selective average amplitudes of impulses at the case 
of rotation of liquid. 


In this case, there were investigations of the 
determination of the gamma-quantum intension change 
(i.e. change of a half-value period) dependence on the 
angular velocity of the activator rotation, and also on 
the coordinates location and amount of cause-effect 
relations (Fig. 1). 
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Fig.1 


The following devices were used as measurement 
equipment: semi-conducting detector (SCD-63V) (1), 
preamplifier (PAG-2K), amplifier (BAI-3K) and analyzer 
(AMA-02F1). Energy gamma-line of 662 KeV was 
measured with the resolution 4 KeV. The gamma- 
quantum source was glued to the detector housing 
at the distance of 100 mm from its surface; so, any 
spatial change through coordinate axes was executed 
together with the detector to avoid even a tiny change 
of the source-detector geometry. 


The vessel with a liquid (2) was placed above the source 
(6), vortex fluid motion was created by an activator (5), 
placed on the rod of electric motor (3). The glass with a 
liquid, connected with the motor and frame (4), was 
displaced regarding to the center of the revolved 
activator, what was the reason of the glass vibration in 
horizontal line, and, hence, one of frame sides vibration 
in vertical line (v). In its base, the frame was a square 
with the side of 200 mm. To assign the direction of the 
space cause-effect relations, one of frame sides was 
vibrating, and the opposite one (on the X axis) was fixed 
on the table (7). An experiment was made in such a 
way, that vibrating parts did not adjoin with the 
detector. The radius of glass is 50 mm, the distance from 
central axis up to the vibrating frame part is 100 mm. 
N-selection of the every value on the diagram (Fig. 2) 
corresponded to twenty measurements, roots from the 
average variance of numbers distribution D=160 
impulses. 
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Fig. 2 
Dependence of photopeak-N area from the angular velocity of 
rotation — W, where 1 — is photopeak area at static liquid, 2 — is 
photopeak area at clockwise rotation, 3 —- is photopeak area at 
anticlockwise rotation 


During two months eighteen experiments were made 
(at the one geometry) of the given effect fluctuation 
study, and there were no considerable deviation. An 
effect of the time deceleration always appeared at the 
angular speed of the activator rotation W=3780 r/min 
(during the vibration of the whole perimeter of the frame 
base). If there was a vibration on the only one side of 
the frame base (on the X axis), then this effect appeared 
at the higher speed of rotation. Unfortunately, the 
maximum motor speed of rotation W_,, =4880 r/min did 
not let to define the precise position for the next rotation 
point. During the experimental results extrapolation 
W,=5930 r/min (W,=1W/2) was obtained. 


In the table there are selective middle amplitudes of 
impulses -N=N _/n roots from the numbers distribution 
average variance D, dispersion of the simple average G 
at the different directions of the liquid rotation (for the 
rotation point W=3780 r/min). The half period is 
estimated by the equation (1) and formula T=T,+AT 
where T,=30.2 year (the cezium-137 half-value period). 


|Liquidmotion| N,imp. | D_ | G__| Tyear| 


During the investigation of the activator angular speed 
of rotation dependence on the registered gamma- 





quantum intension, there was discovered the time 
deceleration effect in the fixed point of ambient space 
of the glass with the liquid. The effect was versatile, 
during the further study of the reasons of the effect 
disappearance, the following regularities were found: 


1. Intension change appeared only at the case of 
asymmetrically fixed glass, when there 
appeared horizontal oscillations, transmitted to 
the vertical oscillations of the frame; 


2. Aneffect disappeared, if the gamma-quantum 
source was placed in the glass center 
(~ 2+ 3mm down from the glass bottom); 


3. At the same speed of rotation but without 
liquid, with an eccentric activator, the time 
deceleration effect disappeared. 


Will consider the system with liquid, its internal chain 
consisted of three cause-effect relations: 


1. Activator-liquid; 
2. Liquid-glass (frame); 
3. Frame-table. 


Glass oscillations were transmitted to the frame through 
the hard cohesion. There was only one cause-effect 
relation — an activator (a frame) — a table. Thus, 
amplitude of the time flow changing was, most likely, 
influenced on by the amount of cause-effect relation, 
and also, there was observed a quantum effect, 
dependent on the activator and liquid rotation 
frequency. 


The time deceleration maximum amplitude appeared 
during the source displacement from the central axis of 
glass along the X coordinate to the distance ~ 5 mm. 
There appeared the necessity to check the given effect 
on space points along the all coordinate axes in the 
radius R =~ 100 mm from the central point of the glass 
bottom (an extreme vibration point along the X axis was 
placed on this distance). 


On this purpose there were made some experiments, 
results of which are shown on the (Fig. 3), (Fig. 4). 
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Dependence of the increase of photopeak -AN area from the spatial interval in Cause-Effect Relations by X and Z coordinates, 
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Let us suppose that positive axis Z is directed from the 
glass bottom center to the ground and axis X — from the 
central axis of glass to the vibrated part of the frame 
(North-West), in this case Y is directed to the North- 
East. Along the all coordinates, in every adjusted space 
points on the distance R, from the glass bottom center 
(R, = 5; 50; 70; 100; 115 mm), there were forty 
measurements. At that in every point after ten 
measurements connected with the rotation there were 
measurements at the static liquid. It was made to avoid 
any systematic errors. The amplitude of the sample 
average impulses at the static liquid - N,=10550 imp. 
In this case the root from the dispersion A=120, 
dispersion of the simple average G=19. Amplitude 
increment was calculated by the formula AN=|N,-N]|. 
Following regularities were found: 


1. If considering the difference of impulse 
amplitude (in the positive coordinate space) in 
the first cause-effect relation evidence 
(activator-liquid), i.e., to put the difference 
between the initial (56 mm) and final (50 mm) 
points of amplitude registration (their middle 
evidence between “clockwise” and 
“anticlockwise”) AN,*°=|N,-N,,| into the 
formula (1), then relations AT,/AT,=AT,/ 
AT =1.11 (n/2N2~1.11) 


2. Change of impulse amplitude difference along 
X is the antiphase of changes along Z and Y; 


3. At the rotation clockwise and anticlockwise 
there takes place a periodical inversion of 
amplitudes difference relation; 


4. At the liquid rotation clockwise and 
anticlockwise, there appears an obvious 
distinction in evidences of the increment AN in 
negative region of coordinate axes; 


Fig. 4 
Dependence of the increase of photopeak -AN area from the spatial interval in Cause-Effect Relations by X and Y coordinates, 
where XY, — is clockwise rotation, Xa —is anticlockwise rotation 


5. Along Y and Z-axes in points (5; 100 mm) there 
is observed insignificant time acceleration. 


The whole cause-effect relation system was defined as 
an internal (activator-table), as an external one (ground 
- system center of gravity). In the internal space volume 
time at the certain conditions breaks its own 
uniformity, at that the time period change is nonlinear 
and is defined by its quantum nature. Therefore, 
standard clocks in causal relations must be considered 
regarding to the center of gravity and location of the 
measurement point in the internal system space. 
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UP-TO-DATE INVENTION 





TILLEY ELECTRIC VEHICLE 


Tilley Foundation, Inc. 
131 Hiwassee Road 
Lebanon, TN 37087, USA 
615-443-5315 
E-mail: cktilley@bellsouth.net 


Nowadays there stays urgent the development of 
technologies, which could possibly be combined into 
a reliable, commercially successful advanced self 
powered vehicle with additional desirable but currently 
commercially unavailable features. 


The advantages of electric vehicles seem to be 
evident — they are clean, quiet, powerful, require much 
less maintenance than gasoline or diesel-fueled 
vehicles, and are inherently much simpler and easier 
to manufacture. Their drawbacks have been a short 
range, long battery recharging time, and a heavy, bulky 
battery pack. 


After several years of personal accomplishments in the 
alternative energy industry, Carl B. Tilley, the inventor 
from USA, was convinced that it was possible to build 
an electric car that could be powered without the help 
of external power to keep the battery charged. 


The concept to produce a useful electric performance 
car that would last more than a few hours and would 
be economical to run, safe to drive around town or 
across the United States and never use a drop of fuel 
challenges the future of transportation as we know it 
today. 


With the establishment of the Tilley Foundation, Inc., 
in the year 2001, Carl Tilley set out to prove it could be 
done. It was an ambitious project and it broke ground 
on the facility in Tennessee that would build the first 
self-generating electric car. 








Construction of a 1,800 square foot building, that was 
powered with another recently developed electric 
device, began in the year 2002. Electricity for this car 
is provided from a different energy invention, which 
was void of any outside power supply. It is ironic that 
one alternative energy device actually built the 
invention to power and build the electric car. 


The Tilley Electric Vehicle (TEV), converted from a 
1981 DeLorean, energizes the imagination and defies 
what has been accepted as a standard in the area of 
transportation for years. 


From the selection of the proper car to be converted, to 
the advanced technology, which is on board, the TEV 
performs comparably to gasoline-powered vehicles.The 
difference is you have no need for fuel and you do not 
have to stop the vehicle to charge it after driving. There 
is no pollution and you can cruise the highways at the 
same speed as any other vehicle. 


There is a new car on the road today. A car built with 
technology that defies the concept of fossil fuel 
powered cars, and can run coast to coast without ever 
relying on the battery being charged from an outside 
source. 


The long awaited transportation revolution and the end 
of our reliance on fossil fuel has now begun ....the Tilley 
Electric Vehicle. 


The demonstration of a DeLorean powered by an 
electric motor and 12-volt standard car batteries is 
supposed to be on September 7, 2002, at the Nashville 
Superspeedway, USA. The battery bank is kept ina 
charged condition by the “on board” charger which is 
the device invented by Carl B. Tilley. Racing legend 
Bobby Allison is one of the guest drivers for this 
demonstration. 


Details and results of the 
demonstration read in 
our next issue 
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The Problem of Time: 
Force as the Cause of Change 
of the Course of Time 
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Abstract 


Material processes occurring in a physical system under 
the action of a force field necessarily influence the course 
of time along the trajectory of motion of particle. A 
general relationship is obtained which relates the course 
of time on one path section of a particle when moving in 
a force field to that on the other path section in the same 
inertial reference frame. According to the results 
obtained, the force in relativistic mechanics is not only 
the cause of acceleration of particle relative to an inertial 
frame of reference, but also the cause of change in the 
course of time along the particle’s trajectory. Therein 
lies the physical content of the dynamical principle 
underlying the special theory of relativity (relativistic 
mechanics). The applications of the theory developed 
to homogeneous fields - to the field of gravity and 
electromagnetic field, and to the gravitational field 
produced by a point mass particle are considered. 
Physical properties of the state of imponderability of 
particle in an external force field are investigated. It is 
noted that the change in the course of time in a force 
field is in no way connected with the change in space- 
time metric and is a direct consequence of the causality 
principle of relativistic mechanics. The existence of 
dependence of the course of time on the state of 
motion of particle in a force field points to the 
feasibility of controlling the course of time using force 
fields. 


Time is among the most common concepts, which are 
used constantly both in everyday life and in science. 
This is because all the events and material processes 
in the world happen in space and develop in time and, 
hence, the laws that govern space-time connections are 
the most general and hold for all the forms of matter. 
Nevertheless, time remains one of the most mysterious 
concepts of physics; its physical essence is not 
adequately revealed up till now [1-4]. The concept of 
time with difficulty yields to logical analysis. 


From the point of view of common sense the essence of 
time is that time characterizes the duration of events 
and processes, indicates their natural sequence, at 
which the present, going away to the past, gives place 
to the future. 


Isaac Newton gave a clear-cut characteristic of the 
concept of time, to which the majority of physicists 


adheres: “The absolute, true, and mathematical time 
in itself and by virtue of its nature flows uniformly and 
regardless to any other object”. Though, according to 
Newton, time flows equally and uniformly and does not 
depend on the processes, occurring in the world, the 
daily experience speaks in favour of the fact that the 
course of time is not uniform. Depending on 
circumstances in our history, it seems to us that time 
either flies swiftly or hangs heavy on our hands; 
sometimes it even changes suddenly, by leaps. In 
connection with these speculations the question arises 
of whether the subjective sensations of non-uniformity 
in the course of time familiar to everyone have an 
objective basis. 


In Newtonian mechanics time is of an absolute 
character, it does not change as one passes from one 
inertial reference frame to another and represents 
merely a parameter, whose change at the will of explorer 
results in the change of state of amechanical system in 
accordance with the equation of motion. 


In relativistic mechanics time remains a parameter 
describing the development of system. But now time 
and space are intimately linked with each other to form 
a single system, i.e. the 4-dimensional space-time. In 
going from one inertial frame of reference to another 
time gets entangled with spatial coordinates, so that 
time in one reference frame represents a “mixture” of 
time and coordinates in the other. Time ceases to be 
universal, the same in all inertial reference frames; it 
takes on a relative character. 


The indissoluble association of time and space takes 
on special importance in the light of the concept of 
physical field, which was called by Einstein the most 
important discovery in physics after Newton. According 
to this concept, the occurrence in space of a force field 
means that space turns into a physical environment, 
which is capable to interact directly with other bodies 
and gains, thus, physical properties, becoming an active 
participant of physical processes. In view of the fact 
that space and time are indissolubly related to each 
other, the presence of a force field in some area of 
space must necessarily result in the appearance of 
physical properties of time caused by the motion of 
body in this area. 


Thus, from the synthesis of the notion of space-time and 
of the idea of physical field it follows with necessity 
that the course of time in a given region of space 
should depend on physical processes in this region, 
i.e. time, as well as space, should have physical 
properties [5-8]. 


It should be emphasized that in special theory of 
relativity (STR) time and spatial coordinates are 
independent and formally equal in rights quantities, 
which determine the position of elementary events in 
space-time. On the other hand, time stands out in 
relation to spatial coordinates. The special role of time 
is due, from the viewpoint of geometry, to the 
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pseudoeuclidity of geometry of the 4-dimensional space. 
From the physical point of view, it is associated with 
the dynamical principle (causality principle), according 
to which the state of motion of a physical system at an 
instant of time ¢ uniquely defines its behaviour at the 


next instant of time ¢ + (). The significance of dynamical 
principle lies in the fact that it relates the temporal 
evolution of system to the physical processes caused 
by force fields and in doing so it allows one to determine 
the course of time in the system, its possible 
dependence upon the character of physical processes, 
and not just the sequence of events and their duration. 


The idea about the existence of the physical properties 
of time belongs to N. Kozyrev [9]. By introducing into 
mechanics an additional parameter taking into account 
the directivity of the course of time, Kozyrev has 
formulated causal (asymmetrical) mechanics from 
which it follows that time has physical properties. 
According to the results of theoretical and experimental 
investigations conducted by Kozyrev and his followers 
[9-13], events can proceed not only in time, but also 
with the help of time, information being transmitted 
not through force fields, but via a temporal channel, 
and the transfer of information happens 
instantaneously. The appearance of additional forces, 
associated with the physical properties of time and 
capable to fulfill work, testifies that time can serve 
as a power source. 


In the papers by I. Eganova [12] and M. Lavrent’ev and 
I. Eganova [13] it is stated the problem of direct 
experimental research of the physical properties of time 
to ascertain the relations of a new type between 
phenomena and to discover new methods to change 
the state of substance. In [14] O. Jefimenko investigated 
the dynamical effect of the slowing-down of time. 


According to [6-8], the conclusion that physical 
properties of time exist follows strictly from relativistic 
mechanics, without introducing any additional 
hypotheses. The physical properties of time are of purely 
dynamical nature: their existence results from dynamical 
principle. The availability of physical properties of 
time is manifested in that time has a local 
inhomogeneity: its course along the trajectory of 
motion of a point particle in a force field is 
continuously changed, and this change in the course 
of time is a result of the action upon the particle of a 
force field in the inertial reference frame, in which 
the motion is considered. 


Editor’s note: The author gives a detailed consideration 
of the physical content of the local dynamical 
inhomogeneity of time. Considering the motion of a 
classical point particle under the action of a force field 
in the inertial reference frames, that moves relatively to 
each other, Valentin P Oleinik derives 73 equations, that 
help him to obtain the following conclusion 
(mathematical details and physical reasoning may be 
found in 
http://temporology.bio.msu.ru/OLEINIK/oleinik.htm.) 


The elucidation of the physical nature of time is one of 
the most important problems of theoretical physics. The 
purpose of research on the problem of time is to study 
the physical properties of time, i.e. to ascertain the 
possible interrelation between time and material 
processes. In particular, it is of interest to find out 


e whether the flow of time depends upon physical 
processes and whether the back influence 
exists (i.e influence of the change of the time 
course on physical processes); 


e what mechanisms of the change of the course 
of time are available; 


e what factors are capable to speed up or to slow 
down the flow of time. 


In papers [5-8] on the basis of Lorentz transformations 
relating to coordinates of points, lying on the trajectory 
of motion of particle in a force field, the phenomenon of 
local dynamical inhomogeneity of time is predicted. The 
main result consists in the proof that material processes 
occurring in a physical system under the action of a 
force field necessarily influence the course of time along 
the trajectory of motion of particle. The case in point is 
the change of the course of time along particle’s 
trajectory in one inertial reference frame as compared 
with that in the other. 


In this paper the next step is made: the relationship is 
obtained which relates the course of time on one path 
section of a particle when moving in a force field to that 
on the other path section in the same inertial reference 
frame. The main idea underlying the approach 
developed results from the analysis of Lorentz 
transformations and consists in that the course of time 
of a particle moving by inertia, i.e. of a particle being 
not exposed to force, should be uniform. 


As is well known [17,18], the existence of dependence 
of the course of time upon the gravitational field 
potential is predicted with the general theory of 
relativity (GTR). According to GTR ([17], p.303), time 
flows differently at the different points of space in one 
and the same reference frame. Since “gravitational field 
is nothing more nor less than a change of the space- 
time metric” ([17], p.313), one can assert, apparently, 
that the change in the course of time is due, in the view 
of GTR, to the change of the 4-space metric. It should 
be emphasized that in the present paper gravitational 
field is considered as an ordinary force field, and the 
particle motion is supposed to occur in pseudo- 
Euclidian space-time. The main formulas of the article, 
(22) and (25), describe the change in the course of time 
in an arbitrary force field at different spatial points in 
one and the same inertial reference frame. As is seen 
from the results received, the change in the course of 
time in a force field is in no way connected with the 
change of space-time metric. It is conditioned by the 
force field action on particle in inertial reference frame 
and is a direct consequence of the dynamical principle 
underlying relativistic mechanics. 
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It should be emphasized that the existence of 
dependence of the course of time on the state of 
motion of particle in a force field points to the 
feasibility of controlling the course of time using force 
fields. 


Note an important peculiarity of the non-inertial 
reference frame, in which the imponderability state of 
a particle is attained: there is such a space-time region 
in which the reference frame at hand can be 
approximately considered as inertial. In connection 
with the fact that such reference frames (it is natural to 
call them quasiinertial in contradistinction to the true 
inertial reference frames) are, generally speaking, not 
equivalent to each other (see previous section), the 
derivation of a rigorous criterion for inertial reference 
frame acquires especial significance. The dynamical 
criteria for defining the inertial and non-inertial states 
are considered in the papers by B. I. Peschevitsky [19]. 
The heliocentric reference frame seems to be among 
the quasiinertial reference frames, being inertial with 
adequate accuracy only in a restricted region of space 
(for example, within the limits of our Galaxy) [16]. 


The author is grateful to Yu.D. Arepjev for his interest 
to the paper and stimulating discussions. 
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Time cannot be absolutely defined, and there is 
no inseparable relation between time and signal velocity. 
Albert Einstein [1] 


Time does not exist by itself 


The phenomenon of time emerges in relationships — as 
an expression of properties of physical bodies and 
changes that occur to them. 


Time is a factor of energy. Time has to do with the 
increase and decrease of energy. For example, as energy 
is brought down to a “zero level”, time is “eliminated”, 
so in a sense, time cannot be “compressed” - only 
eliminated. In the zero-energy level, electrons occupying 
this level in unlimited numbers are available through 
state transitions for the building of matter and the 
vacuum [2]. So it is the extent and the nature of energy 
flow that determines the characteristics of time. 


How do we know all this? 


In his seminal foundations of physics work of the early 
1900s, Sir Edmund T. Whittaker demonstrated by 
canonical quantization that there exist physical, time- 
like and longitudinal photons in vacuo [3,4,5]. The 2 
scalar potential functions, F and G which completely 
characterize an electrodynamic field due to electrons 
in the ether are: 


Fir 4 
e 
F (x, y, Z, t) = yyy sinh" {=x " (7-yy ye 





e yay 
G (x, y, Z, t) = Dae tan“ Pox 





In these equations, for the fundamental case in which 
a field is due to any number of electrons moving in any 
way, we observe that time emerges only through the 
displacement of energy. Another way of putting it would 
be that time emerges through change in energy. 


These photons have an independent physical existence. 
Whittaker himself observed, after computation that the 
“total disturbance at any point, due to this system of 
waves, is independent of the time, and is everywhere 
proportional to the gravitational potential due to the 
particle at the point” [6]. A. D. Sakarov admitted that 


the gravitational field is a ‘conglomerate of loose things 
and not a fundamental field of nature at all [7]. 


Everything electromagnetic, and probably gravitational, 
starts from these potentials, not fields, and under certain 
circumstances, there may exist photons without fields 
being present at all. In the vacuo, the longitudinal light 
photon travels in the direction of the beam, like an 
energy capsule, as a scalar four-potential-function 
energy standing-wave field, with many different 
frequencies, with an internal symmetry based on 
circular polarization [8,9], an energy field or nexus that 
“has an end, but no beginning”. The time-like and 
space-like parts of the four potential are photons with 
spin —1, 0 and +1 that are longitudinally directed, and 
which are observed in the Compton and the 
photoelectric effect [10]. 


Movement of light affects time 


Philip S. Callahan designed an elegant experiment that 
shows how variations in the movement of light affect 
time [11]. Changes in exposure settings of photographs 
of same objects, including coherent light laser spots 
results in shift of position of images. The more coherent 
the light, the less apparent is a shift in time. He 
suggested that time is neither absolute nor independent 
of photon activity of space. 


We can also state, as a corollary, that the movement of 
light generates time. After all, the electrodynamics is 
associated with photons. This is particularly significant 
in time engineering, as will be seen later. 


Time and life 


Now, it is well known that the ability of cells to sense 
the presence of light is a primary function of life itself. 
If a cell can sense light, it is alive; if it cannot, it is dead 
[12]. Callahan was able to observe that time increments 
were detected on light-detecting surfaces of living 
organisms such as the cuticles of leaves. 


The Russian time researcher, Nikolay A. Kozyrev 
considered that living systems “consume” time for their 
life-energy [13]. Velimir Abramovich suggests that 
living organisms are naturally-driven “time machines”. 
They each have an inbuilt time that serves as a “code” 
to structure their own physical totality and to regulate 
their own functioning. Thus their “local time” acts asa 
“time operator” (“time condition”) frequency [14]. The 
nature and level of electromagnetic fields in living 
systems could therefore be considered as indicators of 
their “energy level” and how it affects and adjusts the 
inherent rate of time-flow. 


Time and consciousness 


We append to these statements the notion that, yes, 
time is “consumed” by living organisms — but only if 
they are conscious. Essentially, time can be perceived 
by measurement, which always requires a conscious 
observer. 
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When we measure, we observe the differentials of 
energy flow. It is the measurement of these differentials 
- as we note from the Whittaker equations of scalar 
fluxes - that allows us to the measure the equivalence 
of time. When we measure differentials, we are 
effectively creating our notion of time. 


It is difficult for humans to conceive that time does not 
exist when humans think about it. Saint Augustine 
speaks for all humans with his observation: 


While I do not think about time, I know that time exists. 
When I begin to think about it, I stop understanding 
what it is. 


With such conditioning, humans cannot come to grips 
with the notion that the Universe has no beginning and 
no end. It is like the paradigm of absolute nothingness 
— people cannot deal with the concept of no time 
because, effectively, consciousness, like life, consumes 
time. One could advance the notion that thought itself 
is time in motion. When we think, we are creating time. 
Life is movement -— and the brain registers energy 
differentials and their associated fluxes of scalar 
potentials. 


Time and causal mechanics 


Since time is the result of movement of energy (and 
accordingly, light), then time is associated with the 
cause-effect processes linked to a first position of energy 
to the next. In other words, time is innate to causal 
mechanics. 


Variations in energy flow, logically, lead to variations in 
the characteristics of time. They also permit variations 
in causality. 


Conversely, changes in time lead to changes in physical 
structure [15]. This phenomenon was proven by Kozyrev 
and has been labelled as the Kozyrev effect [16]. He 
demonstrated that changes in the course of time affect 
the performance of electronic components. Figuratively 
speaking, a transistor is like a corral in which light 
behaves in a certain way. By changing the way that 
light behaves, a transistor becomes valueless. 


To create an extra-temporal causality (with linkages to 
another level/dimension) one must change the light 
movement. Changing the light patterns means 
changing the behaviour of a wave, and its concordant 
photonic reality. By altering the photons, we make them 
go to another dimension. 


Changes in time can effect change in living systems 
[17]. The engineering of “time-polarized” waves has the 
promise to target and amplify natural healing procession 
in living organisms. It is these natural activities that 
would restore diseased cells to their original and healthy 
condition [18]. Such time engineering may also include 
the reversal of the effects of AIDS, smallpox, anthrax, 
and most bio warfare agents, with treatment times of 
only a few minutes per week, with no more than 3 


treatments required in all. Eventually it may also be 
possible to reverse the effects of genetic disorders, effect 
limb regeneration, and cure spinal cord injuries [19]. 


Engineering causality 


Variation in the density of energy determines variation 
in the “the course of time”. By the “speed of course of 
time” is meant the rate of causal transformation and 
the input of additional forces into systems (including 
mechanical tensions). According to Russian scientists 
[20, 21,22] there are interesting possibilities in deploying 
engineering for causal mechanics. 


In preventive time engineering, one could delay the 
approach of a known cause and to artificially close the 
consequence loop, and thereby annulling it from ever 
achieving an effect. In other words, one can make the 
effect “happen” before its normal time, disrupting space 
structure with its related “speed of the course of time”. 
One can also make it “happen” after its expected 
deadline. This technology could have interesting 
implication in strategic situations (preventing a extra- 
planetary body from attaining a collision course). 


According to the Russian experience, when the spatial 
structure is disrupted by time-engineered causal 
mechanics, the affected region undergoes relative 
greater entropy (or, less order). The volume of space is 
forced out to somewhere else, generating torsion fields, 
much like a balloon will drift away from denser air. A 
similar phenomenon occurs when the velocity of amass 
increases, the force emerges against it, called “inertia” 
[23]. Now, to increase velocity, the energy of the mass 
increases. In the case of time, as the movement of energy 
increases, interaction or reaction with another 
dimension ensues to compensate for that primary 
change [24]. 


The boundary layer between the two states of space 
can then act as a mirror and the approaching agent may 
be reflected back to its source. For example, alight beam 
may be reflected back to its emitter, in full, or in part, 
depending on the engineering. 


With space-time engineering, we could develop 
teleportation systems [25]. The course of time goes from 
the past to the future, in the direction of greater disorder. 
Going back to the past represents deceleration. The 
etheric continuum is perceived by Kozyrev is containing 
variations of “density” of structural elements. The 
“denser” the etheric region, the slower is the course of 
time. A zone of accelerated time course would be forced 
out into “rarefied” ether. A zone of slowed time would 
be forced into denser ether, hence the basis for a 
teleportation technique. 


In vivo experiments with a Time Machine 
For over 15 years, a Russian association of scientists 


has conducted experiments with acceleration and 
deceleration of time with 4 prototypes of time machines 
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[26]. Light-heartedly, the units are called “muskrat 
traps” since the experiments conducted in remote forest 
were disguised as a high-tech electromagnetic 
technology for trapping muskrats. The time machine 
units are spheres ranging in diameters of 30cm, 1 meter 
and 2.1-meter. The shells are encased with coils 
designed to produce convergent waves. 


Team leader Vadim A. Chernobrov describes 
converging electromagnetic waves as moving from a 
periphery to a central point. They are observed when a 
hoop is thrown into the water and inside the hoop the 
waves converge. If a potential is applied to do work 
and to initiate the energy differential process, the other 
reverse direction scalar (the reverse-time energy flow) 
must react. Thus, compensation of time - in the form of 
the deceleration or acceleration of the rate of time - can 
take place [27]. 


The first trials involved mice, in which most (25 out of 
31) died. Eventually, there were successful 2-hours runs 
of time travel. An experiment with a dog that was clearly 
frightened also showed no ill effects. This led to 
experiment with humans, the first being Ivan Konov 
who, on August 26, 2001 decelerated into the past by 
3% of planetary time during a half-hour trial. Dozens of 
others have experienced the phenomenon and report 
such sensations as: quicker pulse, giddiness, itching 
skin, body twisting, numbness at extremities and a case 
of an out-of-body experience. Harmful effects on living 
systems do not appear to be linked to the change of the 
rate of time, but rather to the variations of the time rate 
value among regions of a living organism. 


Some individuals reported visual experiences such as 
“starry sky”, “luminous vortices” and colour spots. 
Individuals observing outside of the time travel machine 
noted headaches. The most interesting phenomena 
occurred just before the start-up: significant presence 
of ozone for several hundreds of meters around the 
machine, which was located in a forest. Also noted were 
strange lighting effects in the sky above the apparatus, 
accompanied by sounds that inexplicably appeared to 
generated from inside. 


Factors affecting the rate of time 


The experiments yielded interesting observations: the 
phenomenon of the rate of change of time varies 
according to the hour of the day and according to the 
lunar phase. The rate can be influenced by a variety of 
external inputs, including mechanical vibration. 


The transition into the future differs from than into the 
past. It is like movement from any point in a tree - where 
downwards represents past time. There are many paths 
possible towards the future — upwards, along the 
branches, but only one towards the past — downwards 
to the trunk. The return from the past time is possible 
only if the time traveler does not interfere with occurring 
events — or the possibility of returning to another branch 
of the tree. However, a return move from any variant of 


future time is possible regardless of the behaviour of 
the traveller. 


The Russian time-travel experiments point to a 
relationship between inertia and time. In changes of 
rates of time, the region adjacent to the spheres 
develops a boundary layer effect, appearing as an aura 
of “white mist”. The greater the time differential, the 
denser is the mist. 


A similar phenomenon has been observed, and captured 
on film, with some experiments conducted by John 
Hutchison involving remote-controlled lifting and 
disruption of objects [28,29]. It may be that the 
Hutchison effect involves causal mechanics. 


Time and frequency 


Time may be viewed as a process — or “change-of- 
space” in any direction that does not exist in our 
dimension [30,31,32]. In physics, new properties are 
commonly acquired as the result of change in some 
property: charge, current, induced magnetic field, etc. 
Here, the new property becomes a new dimension. 
For the frequency of oscillations, the formula is 
f = 3/A [l/s], where A is wavelength in [m]. Here, the 
velocity of light is equal to 3 (the 10® mathematical 
degree is omitted since it is a question of scale of 
measurement only). 


Therefore, the analogy between our dimension and 
frequency gives us a new notion, which is 
curvature 9: p=3/r [l/m] and f = 3/A [l/s]. The 3- 
dimensional radius is represented by R=A/p= 1/3 [m] 
and time as a period of oscillation has the relationship: 
T = A/f [s]. Time can be considered to be equivalent 
to the radius of curvature p if the linear radius rand 
the wavelength A are the same. This is a condition 
for the spatial resonance effect. Note that in this 
analysis, “m” and “s” are unlike when length is 
measured in meters in our dimension. However, for a 
new dimension it is possible to use equal units for (m) 
of 4th dimension and conventional “second”. 
Furthermore, light (photons) is possible in our dimension 
only as a process in such a spatial resonator. 


Experiencing time dilation 


Based on the above discussion, it is proposed that we 
experience changes in rate of time in our daily life. 
During sleep, as our energy level decreases, so it can 
be argued that time decreases and we “go” into another 
dimension. Aspects of what is observed during the 
dream-state do not obey the rules of our familiarity of 
physical existence, and conventional causality - 
because the rate of time is different. As we start our 
dreaming, and as we emerge from dreaming, the 
recalled experiences resemble more our regular 
experiences. Before and after sleep, our brain frequency 
tends to resemble the daytime’s. In effect, 
understanding our dream state’s sense of time may be 
a reference key to comprehending the physics and 
causality mechanics of time engineering. 
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Time and planetary gravity 


The Earth’s mass appears to be in continual growth. 
250 to 350 million years ago, our globe may have been 
half size - with all of the continents as one landmass 
[33]. In ancient sediments, the natural angles of slope 
in sand beaches greatly exceeded those of today, 
indicating that gravity has on our planetary surface has 
increased 8-fold, several times, during the last 1.5 billion 
years. Yet the planet’s average density may not have 
changed -— only the acceleration of free fall [34,35]. 


There could also be another explanation possible for 
the change of slope of beaches. The pull of the moon 
may have been different in the past. 


Also, the planetary magnetic fields could have 
increased over the millions of years, through interactions 
with the solar flux of hydrogen atoms. The sun is in 
constant explosion — production of energy differential. 
Earth and other planets could be responding with 
harmonics to compensate for the solar activity, leading 
to an overall increase in magnetic fields. Such a 
phenomenon may give the illusion that the physical 
body is growing larger. In other words, with time, the 
force of gravity would alter planetary mass and energy. 


Assuming that the Earth’s density has not increased, it 
is possible account for, mathematically, the relative 
increase — growth processes - of the nuclei of terrestrial 
atoms, including the doubling of mass of nucleons and 
of electrons [36]. Such calculation also accounts for the 
emission of 2 different photons by hydrogen atoms (also 
known as the “red shift” described by E. Hubble). 


The phenomenon can be explained with the time-like 
and longitudinal photons described by the bi-directional 
2 scalar potential functions [37,38]. Could it be 
suggested that matter is gravity minus time? In other 
words, gravity is related to accumulation of energy 
differential (time) in mass. 


The value of gravity varies throughout the planet, in 
part because of the poles and in part due to local density 
of matter. Kirill P. Butusov has noted a correlation 
between places of civilization and regions of greater 
gravity. A faster rate of evolution may be associated 
with such gravity zones. In these zones there would be 
a greater influx of scalar potentials. Time would be more 
“authenticated” by these energy flows into conscious 
beings. Butusov reminds us that time has a “positive 
energy” and flowing into nuclei of atoms or a “negative 
energy” flowing out of the nuclei of atoms [39]. 


The outflow would be representative of gravitational 
energy. Longitudinal waves are known to be able to 
enter and to leave nuclei. Such flows of time must come 
from other dimensions. After all, the surface of any 
elementary particle separates our dimension from 
another. This leads to an interesting possibility in which 
all time-associated processes between dimensions are 
synchronized. 


Time reconsidered 


Arguments have been laid that suggest that time is 
equal to energy differential (including movement of 
light). Living systems “consume” time as part of their 
consciousness and measuring processes. 


It is possible to engineer causality. An understanding 
of higher-order electrodynamics is required. Techniques 
exist for the generation of scalar potentials. Causality 
technology has many applications. They include: 
therapeutics, energy generation, consciousness 
technology, inter-dimensionality, defence systems, 
teleportation, and of course, “time travel”. 


Appreciation is expressed for guidance in this 
discussion by Thomas E. Bearden and 
Bernard de Montréal. 
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Preface 


In 1992 the author of this words, having been stimulated 
by Kozyrev's book [1], started to reflect on Time meaning 
and Time and Space asymmetric roles during the 
Universe Expanding. The development of these ideas 
has led to the work [2], it is available now (the Russian 
version only) on the website of the Institute of time 
nature explorations (grant #00-07-90211 of the Russian 
fund of basic research). 


I would like to thank the Chairman of the Russian 
Interdisciplinary Temporology Seminar Dr. A. Levich 
from Moscow State University for his constant support 
and friendly interest. Also I would like to thank 
A. Moskowsky for the 20-year discussion of the physics 
history and philosophy. 


The said work [2] pretends to revise radically a number 
of basic physical concepts of the Space - Time, Motion 
and Energy nature. It includes a detail analysis and 
mathematical calculations. Only a brief account of the 
main part of this work is presented below. 


Introduction 


The nature of time is not yet enough clear for natural 
science. In Newton mechanics time was presented as 
some universal formal parameter. Its value rises steadily 
at every point of the Universe by unknown for us reason. 
Each physical process occurs in space in 
correspondence with the time course. 


In the Special Relativity (SR) time and space are 
integrated to the common 4D-continuum. However, in 
this theory the time component having imaginary factor 
seems also to be “exotic”. In this concept the increase 
of time is also implied in each reference frame. 


The General Relativity (GR) allowed linking the time 
properties with gravitational fields and the space 
geometry. The time currency started to be associated 
with a spatial expansion of the Universe. 


The theoretical physics traditional approach to the 
process description is based upon the considering of 
time course as primary (original) one. There are also in 
the modern physics [3] several attempts to deduce the 
time concept as secondary one from different 
fundamental (microscopic) concepts. 


However, the third way (inverse to the first one) is 
possible and forms the basis of this paper. A starting 
point of this way is the following question: “Does any 
universal process exist which could generate physical 
time?” 


(Editor’s note: The same question was formulated and 
the answer was proposed by Alexander V. Frolov in 1996, 
report “Matter as process”, Scientific congress “New 
Ideas in Natural Sciences”. It was assumed that similar 
process can be produced by special technical methods 
also.) 


Such fundamental cosmic process really exists and it is 
well known in the modern science. It presents the 
Universe expansion and was opened at the first third 
of the 20" Century by the American astrophysicist 
E. Hubble and others [4]. It means the general increase 
of distances between all 3D-bodies. The same 
scattering of two-dimensional-figures happens on the 
surface of some spherical balloon during air incoming. 
The centre of this sphere does not belong to the surface; 
all points of the sphere (the Universe) are equivalent. 


Some time earlier the theoretical physics had come to 
the same results. As it is well known, the Einstein’s GR 
was published in the 1916. After that Friedmann (1922) 
proposed the concept of the expanding Universe. For 
example, in the book [5] a description of the basic cosmic 
model is given. Hereinafter this model is called 
“Einstein-Friedman model”, or “EF-model”. In this 
model the Universe is presented as 3D- hyper surface 
of a 4D- sphere with increasing radius. Of course, the 
curvature of the 3D-hyper surface increases with time 
too. 


Basic hypothesis relative to time nature 


Some simple and pictorial views consist a basis of the 
new concept. Hereinafter it is called briefly as “The 
Spherical Expanding Universe Theory (SEUT)”. 


In the SEUT, as well as in the EF-model, in every time 
the Universe represents the 3D-hyper surface of a 4D- 
sphere. However, there is one very important difference. 
In the Einstein’s theory the spatial components of the 
metric tensor are opposite in sign to the time’s one. For 
example, we may consider time as imaginary quantity, 
then spatial coordinate as a real one. On the contrary, 
in the SEUT the 4D-continuum is considered as purely 
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Euclidean, all the four coordinates are real quantities. 
The usual spherical geometry can be used on a surface 
of the 4D-sphere. 


As it is well known, in the GR the Age of the Universe 
can be calculated using the EF-model or a similar one. 
Usually, the radius-age dependence is not a direct 
proportionality in such GR models. However this result 
may be deduced if to neglect the global pressure of 
matter that fills the Universe. In [2] it is demonstrated, 
that an account of the static pressure of matter follows 
to the Universe radius linear dependence on its age (see 
below). 


On the contrary, in the SEUT the time universal course 
is manifested. The Universe age is identified with a 
current Universe radius divided by the velocity of 
light. Numerous important consequences may be 
deduced from this statement. On the other hand, it 
allows avoiding many other arbitrary postulates in the 
model. 


Mechanical motion and maximum velocity in the 
SEUT 


The SEUT states, there is no unlimited set of 
independent mechanical motions. Only world lines of 
moving bodies exist. Each of them has some inclination 
relative to the time line, which presents a normal to the 
hypersurface of the 4D-sphere. It is an inclination angle 
that defines the spatial motion velocity. At the increase 
of sphere radius the intersection point of word line and 
current hypersurface “moves” with exact 
correspondance with a modern physics prediction. 


In particular, immovable objects (stars) have zero 
inclination, their world line are normal to the 
hypersurface. Hence they “scatter” according to the 
Hubble law, their mutual velocity is proportional to 
mutual distance. If a body world line has some 
inclination relative to normal, the angle is more than 
zero. But it can’t exceed 90°, therefore maximum 
mechanical motion velocity appears naturally, it is equal 
to the velocity of light. 


Let us consider three variants of motion (see Fig.1). 


Fig. 1 
Phenomenon of a “motion” of point on a sphere surface for 
immovable (at the left), uniformly moving (at the centre) and 
non-uniformly moving (at the right) 


The left picture illustrates the Hubble effect. The right 
picture presents a general case of motion with 
acceleration. The central picture corresponds with an 
inertial motion; its world line is direct. In this case the 
moving body displacement increases proportionally to 


the Universe radius increment. So, inertial motion is not 
postulated in the SEUT, it appears as natural model 
consequence. 


At a large 4-sphere radius values all the relationships 
of SR and usual mechanics laws are applicable 
approximately in the SEUT. A Special Relativity light 
cone transforms to all the hyper surface of the 4D- 
sphere. But the analogy is not complete, because an 
absolute remote SR area degenerates to this 3D- hyper 
surface in the SEUT (see Fig. 2). 
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Fig. 2. 
4D- continuum areas in the SR (at the left) and in the SEUT 
(at the right) 


SEUT and Minkowski geometry 


Let us consider small increments of time and space 
coordinates along body world lines during the Universe 
expanding. It is enough to consider a small area of the 
Universe, so we can neglect its curvature. Then it is 
acceptably to replace approximately concentric hyper 
surfaces (“isochrones”) by parallel hyper planes. The 
space-hold corresponds with a representative point 
“drift” perpendicularly to isochrones, an inertial motion 
corresponds with displacement along inclined direct 
lines between isochrones. 


At each time the Universe is represented by a certain 
isochrone that contains all the real spatial points. Let 
us accept that 4D-sphere radius increment divided by 
velocity of light presents invariant measure of (absolute) 
time increment. We will also state that this quantity 
has the same value in each inertial reference frame, i.e. 
at a motion along each direct world line. 


Let the angles of world line inclinations from normal 
direction are enough small. Then metric relationships 
like Minkowski geometry ones appears in our purely 
Euclidean 4D-continuum. In particular, well known 
relationship 


c? ds? = c? dt? - dr? 


can be deduced from the Pythagorean theorem. It 
connects a spatial component dr with a time component 
dt (at moving reference frame) through velocity of light 
c. Here ds is an absolute time interval (between two 
4D-events at a immovable reference frame). Hence, if 
velocities aren’t very high, the Lorentz transform is 
correct in different inertial reference frames. 
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On the Einstein’s relativity principle 


If the world lines inclinations from exact normal 
direction cannot be accepted as small, then Minkowski 
geometry relationships are correct approximately only. 
It means that Einstein’s relativity principle is correct 
(in the SEUT) only for reference frames that move with 
velocities enough small relative to selected reference 
frame. Such reference frame is linked hardly with a body 
at (absolute) rest, i.e. drifting along radial world line. 


The selected reference frame existing reminds of old 
ether theories that contradict to the Special Relativitiy 
views. It seems, these theories became a thing of the 
past irretrievably. In fact, the velocity of light in vacuum 
is constant everywhere and everywhen. However, the 
reference frame existing can be detected in principle 
as a light signal frequency bias, i.e. with the help of 
Doppler effect. Well, this phenomenon is really detected 
by the modern astrophysics! 


The temperature diagram of the Cosmic Microwave 
Background Radiation (CMBR) coming to the Solar 
system from all the sides of the Universe is presented 
on Fig.3. The data was registrated during 4 years by 
the Cosmic Background Explorer (COBE) satellite 
(NASA Goddard Flight Centre, COBE Science Working 
Group). 





Fig. 3 
The anisotropy of the Cosmic Microwave Background 
Radiation (CMBR) 


The well-known Russian scientist J.B. Zeldovitch in the 
Editorial Addition to [6] in connection with earlier 
experiments notes that careful measurements allowed 
to find out some anisotropy of CMBR. An antenna 
oriented to the Lion constellation detects that the 
radiation temperature is 0.013% more, than mean 
temperature. The radiation temperature in the opposite 
direction is 0.013% less, than mean. Generally, a 
temperature varies continuously between these two 
values. The isotropy presents only for some imaginary 
observer. The Solar system, Earth move to the Lion 
constellation relative to this observer having velocity 
390 + 60 km/s. Hence, as a result of the Doppler effect, 
a incoming radiation seems to be more hot, and an 
overtaking radiation seems to be more cold. This 
example shows that for observer of any point of the 
Universe this CMBR is isotropic. We may consider this 
observer and the connected reference frame as selected 
one. The selected reference frame existence at the 
Universe every point looks like the physicists commonly 


held view preceding to Relativity. They thought that 
the light presented ether oscillations occupying whole 
the Universe. They thought also that a reference frame 
connected with ether was preferable, or selected. They 
tried to detect the Earth motion relative to ether. We 
know that these experiments gave the negative result: 
any ether doesn’t exist. But the Universe evolution 
follows that when CMBR is observed (and only in this 
case!), the selected reference frame (called sometime 
“new ether”) appears. The new ether or CMBR just 
realises the motion according to Hubble’s law. 


The modern NASA's data allows to put the relation of 
the Solar system velocity to the velocity of light equal 
to 0,15%. It is enough small value justified Special 
Relativity and Minkowski geometry relationships 
application. But can we believe this phenomenon to be 
an exhaustive proof of the SEUT accuracy? 


To test it we propose a not complicated observational 
experiment. If the CMBR anisotropy is due to the real 
selected frame existence, then it may be detected for 
any electromagnetic radiation. In particular, an 
anisotropy of solar radiation has to exist at the different 
year periods. It has to be detectable in August, when 
the both solar radiation and CMBR come to the Earth 
from the Lion costellation side (see Fig. 4). In February 
these sourses are opposite in disposition relative to the 
Earth, therefore the solar radiation anisotropy direction 
has to be opposite. The expected effect value (with 
account of the Lion constellation straight ascendancy 
and obliquity of the ecliptic) is approximately equal to 
300 km/s, i.e. nearly 0,1% of the velocity of light. In 
November and May the anysotropy has to be practically 
absent. 


Lion Constellation December, 22 s orbit 


Mars, 21 Ntember, 23 


June, 22 


Fig. 4 
The Sun and Lion constellation disposition relative to the Earth 


Probably, an analogous SEUT test in a laboratry is 
realizable with help of artificial radiation sources. 


Particle mass, energy and impulse 


So, we consider the Universe as expanding 3D- 
hypersurface of a 4D-sphere. Mass localisation places 
in the Universe present the points of the hypersurface 
intersection by world lines. So, these world lines have 
a real physical meaning, not abstract illustrative this 
one. We may expect this physical meaning to be more 
essential than simple word expression. 


Particularly, while the Universe global analysis is 
making, we may suppose that such fundamental 
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particle feature as its mass at rest presents some relative 
value. Such relation (some kind of a quantum number) 
may include, for example, 4D-sphere (the Universe) 
diameter and some characteristic size like de Broglie 
wave period that is inversely proportional to the mass. 
This hypothesis may make clear inertia nature as two 
characteristic times relation. It may also explain the rest- 
energy notion. 


Meanwhile, the Universe radius increases with time. 
Well, what happens to mass? If a de Broglie wave period 
increased proportionally to time, we couldn't generally 
detect the Universe expansion, including famous “red 
shift”. But if particle wave periods are constant, then 
matter mass has to rise proportionally to the Universe 
age and size. 


In the Relativity (like Minkowski geometry) we use 
vectors having imaginary projection to time axis and 
real projections to space ones. Particularly, it is true for 
velocity, acceleration, and energy-impulse 4-vectors. As 
against, vectors having all the real components are only 
used in the SEUT. At that, a 4-interval value (length in 
pseudo-Euclidean space) of some relativistic vector 
answers the absolute time axis projection of a 
corresponding SEUT-vector, and imaginary component 
of a relativistic vector (time of motion) answers the 
corresponding vector length in purely Euclidean 
continuum of the SEUT. For example, the energy-impulse 
vector module presents such quantity. Its projection to 
absolute time axis is energy at rest divided by velocity 
of light, and its projections to spatial axis are impulse 
components. This quantity is constant while the particle 
movement is inertial one. 


A jump to non-inertial motion in the SEUT is connected 
with a corresponding state vector changement law. So, 
if particle motion velocity changes, its energy at rest 
doesn’t change, therefore full acceleration at a time 
interval can be calculated using the difference between 
new and old impulse values. Thus, the non-uniform 
motion equation in the SEUT can be found like SR as 
time derivative of an impulse expression. 


The force-acceleration relation depends on a mutual 
orientation of force and velocity vectors in the both SR 
and SEUT. But in Relativity a reference frame velocity 
can be choised arbitrary, for example it can be zero, 
then the relation will be equal to one. 


On the contrary, in the SEUT an absolute velocity is 
presented, it is defined by the world line inclination 
relative to the normal. Let the Earth move with any 
velocity relative to the immovable (selected) reference 
frame. Then we will be able to detect the absolute 
velocity using two measurements, the first one along 
the world line, and the second one in a perpendicular 
direction. 


If this absolute velocity is really defined by direction 
and value following from CMBR anisotropy effect, then 
we can expect a relative difference near 2,25 - 10° 
between longitudinal acceleration and transversal one. 


Local gravitational fields of particles 


What does the SEUT talk about body gravitational 
fields? Let us imagine all the bodies as immovable and 
drifting exactly along the radial world lines. If there is 
a mutual gravity attraction effect between two bodies 
in such Universe, an observer will detect some curvature 
of their world lines. They will seem to be bending one 
to another instead of a radial divergence. In essence, in 
this case we may replace a world line by a gravitational 
field line. Then the analogy allows us to identify an 
Universe isochronous intersection with an equal 
potential surface that these field lines have to be normal 
to this surface. So, we arrive to a presentation that a 
Universe isochronous intersection is not strictly 
concentric hypersurface. It is perturbed by some kind 
of craters (see Fig.5), that centres correspond with 
gravitating bodies. 


—— 


Fig. 5 
Local body gravitation field 


The inclination angle of a crater profile relative to non- 
perturbed sphere hypersurface is equal exactly to the 
inclination angle of a normal relative to strict radial 
direction. Hence, a local gravitation field intencity 
measure agrees practically in each point with body 
velocity measure that we used earlier. It authorizes 
energy concept using for both mechanical motion and 
gravitation phenomenon. 


SEUT and General Relativity 


Let us discuss some GR’s aspects. Is it acceptable to 
neglect pressure of matter? When Einstein searched for 
his early cosmological static model solution, he had to 
introduce a cosmic constant in his equation. This 
constant answered a negative matter pressure, that 
Einstein could not determine a meaning. In a non- 
stationary model a solution exists independently on 
cosmic constant presence, therefore it may be put often 
as zero. As rule, bodies’ velocities may be put as zero 
too; therefore (dynamic) pressure is usually neglected. 


However, we insist on necessity to account a static 
pressure of gravitating matter. Really, it can be ignored 
in the case when Einstein's relativity principle is 
applicable. Accordingly with it a gravitation field can 
be always replaced by reference accelerated frame. In 
this case a purely kinematical side is only accounted. 
However, not every field may be considered (even 
locally) as uniform one (see Fig. 6). Let the radius of a 
field source (or a probe particle) have the same order 
that the mutual distance. Then the Einstein's equation 
connecting space geometry with matter physical 
features seems to be incomplete. More precisely, it is 
incorrect to put exactly equal to zero a static pressure 
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in the matter density tensor, it is necessary to introduce 
its (unknown, calculable) value accounting the 
continuum deformation energy. 


__ 
—=- 60 


Fig. 6 
At the left a locally uniform gravitation field is presented, 
the right field can’t be considered as uniform one even locally 


Are the proposed amendments important? Specialists 
know, that the Metagalaxy gravitation radius is in fact 
comparable with its real size. In [2] we have showed 
that the Universe radius was less than its gravitation 
radius. 


It is shown also in the same work [2], that a resulting 
gravitational pressure in the Universe is negative and 
it is responsible for the Einstein’s cosmic constant. This 
fact seems to be evident because a gravitation force 
aims to gripe any matter accumulation. But it is possible 
to conclude it by a non-trivial way. Let us consider a 
matter pressure as a reactive force operating within a 
uniform sphere of incompressible liquid. A pressure 
dependence on internal density is presented in [7]. We 
can see [2], that if the sphere gravitation radius 
exceeds its geometric radius not more than 
approximately 1% (or it is still less), then a sudden 
negative change of the pressure appears at the 
internal abroad. This phenomenon may be explained 
as a volume “expansion” due to a metrics 
perturbation. 


The consideration of static pressure allows not only to 
find out a new (linear in time) cosmologic solution, but 
also to calculate a dependence of the Universe 
gravitational pressure on the radius of the Universe. This 
negative value has the representation like that one for 
anon-relativistic sphere (a star or a planet, for example). 
Also we would like to note, the formulation of density- 
Universe radius in the SEUT is exactly the same that 
the formulation of so-called critical density in the EF- 
model. 


Two very important circumstances are clarified for all 
that. First, the Universe mass was turned out as 
linearly increasing function of the 4D-sphere radius, 
and it is not a constant. A famous Einstein’s 
programme is realized unexpectedly in the SEUT: a 
matter features (density) are reduced to a space 
features (curvature). In other words, a necessity to 
introduce a mass distribution in the equations externally 
(“by hands”) is eliminated in the SEUT. This operation 
is need in the GR to find out a spatial metrics 
changement law. 


Secondly, the seeming paradoxicality of University mass 
(and energy!) non-conservation make us to reflect on 
conditions that the accomplishment allows to the energy 
conservation law correctness (see Fig.7). 


xX 
“> _—_—_—> 
———_. —___» 
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Fig. 7 
If space features do not depend on time, then the closed system 
energy is constant (at the left). But if space features evolve in 
time, then the isolated system energy have not to be constant. 


It is evident, we believe, that the energy can be exactly 
constant only in such physical system (or in whole the 
Universe) for which space features (in particular, a 
curvature) are strictly constant in time also. However, 
the both modern physics and SEUT issue from the 
opposite concept. Hence, this state can only be 
accomplished approximately, moderately of a bit of the 
modern rate of a relative space curvature evolution. 
This rate has order 107° per year for the modern 
Universe. 


N.A.Kozyrev [1] basing on astrophysical observations 
stated the common star radiation origin that has to 
be due to the time-energy transformation. Accordinly 
with the SEUT, the relative increment of star mass (and 
its rest energy) is equal to the Universe age relative 
increment. It is interesting that the Sun mass relative 
lost due to the radiation consists in 10° per year, i.e. 
five orders less than mentioned above energy 
increment. 


Universe origin and closed geometry 


The cosmological EF-model could not say anything on 
the Universe origin. On the contrary, the work [2] 
approach allows an obvious way to study the problem. 


As it is noted in [7], the metrics of any sphere area 
having a non-zero density is perturbed relative to 
Euclidean one, its geometry agrees with 4D-sphere 
hypersurface geometry. For non-collapsing sphere its 
gravitation potential relief is like a very small “pit” that 
gravitation radius is much less than its geometric size. 
However, when the density rises, the metrics perturbs 
more and more, and the pit transforms to some kind of 
“crater”. The crater is connected with the external 
surface by a narrow neck. Only this neck or its part is 
visible for an external observer, and the gravitation 
insurmountable barrier transmutes an object central 
area into “a lost world”. 


From the point of view of the external world, the central 
area presents a “black hole” absorbing irreversibly all 
the matter and radiation. On the other hand, for our 
Universe inhabitant the “navel-string” connecting with 
the external world has to seem a spherical “white hole”, 
to which a matter and radiation are coming continuously 
(and, may be, carry out an information on the external 
world features). There is an old Russian fiction science 
book called “Sannikov Land”, where an internal gigantic 
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trench concerning central small star is described. Our 
model seems to be like this picture. 


Is it possible that we live in such a black hole? The 
present hypothesis answers affirmatively this 
question. The negative sign of the matter pressure 
due to continuously increasing of our world size 
allows to such conclusion. And the University self- 
closing can be physically explained by the way. 


On the other hand, as it is shown in [2], in spite of matter 
average density negligibly small, the Universe 
gravitation radius is more than its geometrical radius; 
hence, it presents a black hole. This condition 
accomplishment agrees the Universe self-closing, the 
boundary absence in spite of its finite volume. Also, 
this fact confirms our assumption that the Universe rest 
energy localisation area does not exceed the gravity 
operation area. 


A specific model of star collapse is created in the modern 
General Relativity. In general, it can study in three 
different reference frames. As a rule, the “point mass” 
models are used. The first model is linked with an 
external observer; the second one accompanies a matter 
falling to the black hole. The third model presents an 
internal reference frame, i.e. an observer within 
collapsing object. 


From an external observer’s point of view the matter 
falling time to the black hole is infinitely large. However, 
in an accompanying reference frame it is finite. Since in 
the accompanying reference frame time and space 
coordinates are expressed through the both types of 
external reference frame coordinates. What is more, in 
the internal reference frame the time and space 
coordinates quite trade places, the metrics tensor 
components are depending on time. Further, any matter 
point history in this accompanying reference frame 
starts at the zero moment and finishes after same 
universal time period in a special (singular) point, after 
which nothing exists (“time barrier”). 


As we believe, another lacing between internal and 
external collapse pictures will be possible, if we 
consider a non-point collapsing object. Nobody wonders 
now at a situation, when a time period can be finite in 
one reference frame and infinite in another one. 
Therefore, we can believe, unlimited black hole 
collapse in the external Super-Universe may seem to 
present unlimited expansion of our Universe 
observing inside. This expansion seems to start froma 
singular point, and the same point is the history end of 
all the matter of the external Super-Universe that fall to 
the black hole. I would like to note especially, it does 
not mean that internal time pass in opposite to external 
one. Rather, it is possible to state, time within a black 
hole passes ortogonally to external one. 
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The Experiments on 
Thermo-Gravitation 


This review of the article by Alexander P Schegolev, the 
scientist from Saint Petersburg, was received by NET 
editors from our reader vladrim@mail.ru and presents 
his own view about Schegolev’s experiment [1]. The 
opinion of our editorial board is not fully in agreement 
with the author’s conclusion. Also we have no 
information who is vladrim@mail.ru. 


It is known from the science history that the very 
experiment gives a push to revising of old knowledge; 
it also checks the new designs and conclusions. The 
knowledge of physical theories is based on the 
experiment; the experiment confirms hypothesizes or 
refuses them. Making experiments, we ask questions 
to the nature. And it always answers us on the clear 
pointed question. However... 


Michael Faraday was trying in vain to find out the 
relationship between gravitation and electricity. These 
experiments were repeated on the modern level. 
Further, there was made an attempt to screen gravity 
force, the influence of environment on gravity was also 
trying to be researched. Many efforts were spent on 
finding out of the gravitational radiation falling to the 
Earth from depths of the Universe, as well as artificial 
generation of gravitational waves. 


The experimental studies of weight change must be 
under attention. In particular, the attempt to find the 
differences in weight after sharp turning of body from 
the quiescent state into the state of rotation around its 
own axis was undertaken. The experiments of the 
influence of strong magnetic field and temperature on 
the weight of a body were made. 


But alas! No changes of weight were discovered in 
previous experiment (Editorial: Perhaps, the author has 
no information about sucessful results. We reported 
about such results in our magazine). Analyzing these 
experiments and theoretical premises, the author of the 
given article has made an unusual experiment imitating 
the heat motion in the Earth from core to peripheries. 
For that experiment there was used the steel ball with 
100 mm diameter. The cone hole was made in the ball 
up to its center. The ball was installed by the hole 
upwards on laboratory scales with 50 mg scale factor 
and laser beam was directed inside (into the hole). The 
directed heat flow outgoing from the center of the ball 
was created by this way. While the surface temperature 
increasing, the arrow of scales became to be rejected 
aside weight decrease. The temperature was measured 
by the contact thermocouple. After an hour and half, 
approximately, when the temperature was 300 degrees 
Celsius the laser was switched off. The difference (the 
decrease) in weight against initial value (in the cold 
state) was four grams per 4200 grams of the test body. 


Further, the ball was getting cold slowly on the scales 
and its arrow was creeping to the initial position. For 
acceleration of this process, the ball was periodically 


blown on by pressure air. It 
was the check, if the air 
(heated by the _ ball) 
influences on scales or not. 
The stability of its data 
independently on actions of 
pressure air stream 
excludes such suggestion. 
When the temperature of 
the ball became the same 
with room temperature, its 
weight return to the value 
nearly initial. However it is necessary to add, that this 
“nearly” is about 200 mg. This confirms that the change 
of the weight was not occurred because of the 
evaporations of metal from action of laser beam, and 
we were the witnesses of absolutely unusual 
phenomenon. (Editorial: Perhaps, it is necessary to take 
into account the deformation). 





Fig. 1 
The ball with cone hollow 


That is all concerning the question, which was given 
to nature by the author of the given article. However, 
one more doubt remains: did the heat radiation (coming 
from the ball) affect on mechanism of scales? To check 
this, the control experiment was made, under which 
the same ball was heated by usual way in the electrical 
furnace. In spite of its temperature was about 600 
degrees Celsius and the ball was placed on scales for a 
long time (until full cooling down), the arrow did not 
move from the initial position. Thus, we have really 
turned out face to face with a phenomenon requiring 
an explanation. 


If the weight change in this experiment has happened 
in consequence of gravitational interaction, then, 
therefore we must revise some fundamental concepts. 
Today it is difficult even to assume the consequences. 
The only thing, which is possible to say certainly, is 
that divergent on radius uni-directional (single- 
vector) heat flow is the object for observation, 
absolutely unknown to us or unnoticed before, which 
holds the ensemble of surprises. Up to now, we have 
dealt only with chaotic heat motion, which was 
researched by the thermodynamics and heat 
transmission. 


For analogy, it is possible to give the example of the 
electric current arising, which is possible to get only 
under directed electrons moving. In general, more than 
ten experiments were made, and all of them have given 
the same result: the weight of the body was decreased. 
Who will solve this enigma? 


Editor’s note: The question is presented above. The 
answer is the aetherodynamics theory. Any directed 
(unidirectional) heat flow is also a flow of aether. The 
mass changes are the demonstration of natural 
mechanism of existence of this mass as aether vortex 
(Alexander V. Frolov). 
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UP-TO-DATE INVENTION 





The RotoVerter from arkresearch 





Editor’s: The description of this invention was received 
from Hector D. Perez Torrez, designer of the “RV” 


Rotoverter and TV transverter OU 


“transformation” devices. 


Here is the first prototype, used to test a 3PH generator. 
Light bulb was a 100W 120V, AC generator required 
380W for excitation to 120VAC plus the light bulb load 
for a total of 480W. Input to rotoverter was 240W for a 
total of 200% efficiency from the prime mover. Friction 
loss and prime mover loss was not calculated, PF unity, 
120VAC unto a purely resistive load excitation pure 
DC120VDC3.1666667A (380W) + 100W = 480W. - 
240W =240 excess. 


9 Lead JHP 


It is acommon 3PH dual winding 230/460V motor wired 
to 480V run at 120v as a ROTOPHASE converter. That’s 
the beauty of it, OFF the shelve components preferably 
totally enclosed motors (so fan can be removed) low 
friction bearings, from 3HP to 7.5HP Re-rating hp can 
be from 1/7 to 1/3 the original HP (some motors can run 
up to 1/2 HP capacity but will require extreme care and 
cooling.... and exact tuning to load). 


System requires starting and running capacitance; the 
perfect starting capacitance is the one that gives same 
plate current value as 480V but running at 120V. The 
best running capacitance is the one that gives the 
lowest Amperage reading at programmed load. (ALL 
capacitors are AC 370V OIL “no electrolytic”). 


Some motors are better than others; also for generator 
use you must choose the over-unity generator and motor 
combination to obtain OU. It looks easy to gain it, but 
requires quite a good choice of items and common 
sense. In this Research we have found even a few turns 
or a run weld in stator can change drastically the 
results. Up to date best performance has being obtained 
from US (motors 7.5 HP BALDOR 3,5, HP GE 3HP totally 
enclosed, dual winding 230/460V). Higher HP will 
require professional expertise in industrial electricity 
and power eng. (not recommended for amateur 
experimenter). Anyone engaged in this experiments 
must be familiar with safety procedures and basic 
electric and mechanic knowledge. Voltages and 
rotating machinery must be handled with great care. 
SEE basic diagram and connection. 


Wye-Connected Motor 
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Fig. 1 


New Energy Technologis Issue #4 (7) July-August 2002 


Latest UPDATE BELOW 7-01-02 
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Starting current » 3.08 

running voltage 120.0 ¥ 
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PT 360.0 Ww 
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Fig.2 
Subject: RV Basic level 1 Full MODEL Disclosure (Public domain) 


This is the RV (Level 1) plan of a full looped RV system: 


Battery provides primary power for 12VDC to 120VAC. As to run prime mover (Roto-converter), second motor 
acts as ansquirrel cage self-exited generator, a triple flux-capacitor LC tank tuned to best Standing wave condition 
as to create standing wave current node internally in battery at 0 voltage to battery “negative resistor”. At 0 
volts “voltage” a negative current is created as to maintain a reverse flow (charge) to battery exceeding the 
forward drain of the inverter demand, detuning system with a forward charge at 10 amperes with a voltage rise 
of approximately 0.83333 V over the battery. Voltage charge produces OU transform from the 0 point standing 
wave component. System gains energy from stochastic resonance within the LC tank components draining 
energy from “thermal” signature of the Aether and K thermodynamic-thermoelectric ambient heat (Electron 
spin). This is a full disclosure of an operational and tested device. System is made of standard off shelve items. 
Tuning is made by changing capacitor values and the proper selection of standard items for its construction, 
3PH motors, 10:1 12V or 5:1 24V transformers with the proper core and winding values (standard) off shelve, 
diode bridges capacitor (all standard). 


Warning: System opens (NON standard) space-time anomaly as time is reversed due to aether energy transform.... 
Extreme warning: Do not exceed 10KW Nor use of trans-uranic elements near unit as they may reach critical 
mass by regressive “inversed” decay. PB 206, U235, U238 must be maintained as far as possible from unit. 
Extreme Warning: Dangerous Toy, Eldridge, Event horizon and hell raiser effects may be created by protoplasmic 
fields at extreme potentials PK. 

Use wisely. You Can create Paradise or open the gates to Armageddon. 


The choice is yours now.... 


Hector D Perez Torrez 
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Editor comments by Alexander V. Frolov 
General Director, Faraday Lab Ltd 


A running “free energy” machine coming from 
Switzerland, Europe. It was developed over a 20 years 
Research period by a religious group called Methernitha. 
This group lives in Linden, Switzerland. The head 
engineer of this superb machine, Mr. Paul Baumann 
discovered its principles while observing nature. He 
claims its running principle was found by studying the 
lightning effects from nature. The documents being 
offered here shed light on this energy marvel. 





These documents are the result of work of people who 
have witnessed this wonder machine over the years... 
And here are the facts: 

The Testatika is a rotary-type machine that runs 
on it’s own, once started by revolving it’s two discs 
by hand! 

The machine not only runs on it’s own energy, 
but produces also a huge amount of excess power, 
at least 3 KWtt of power! This is almost enough to 
supply a small house with one machine! 

The machine is about 70cm wide, by 40cm deep 
and is about 60cm in height! 

It delivers from 250 volts to about 320 volts direct 
current, depending on the humidity in the air! At 
this voltage it can supply at least 10 Amperes of 
pulsating direct current! 

Testatika is not a perpetual motion device, but 
an energy machine that collects it’s huge amount 
of energy from the ions contained in air. However, 
there are some technological secrets implemented 
to overcome the normal drag-resistance of 
conventional generators. This is but one of it’s 
secrets held by the Methernitha group. 


There are many different sized Testatika machines, 
some of the smaller units deliver only about 200 to 
300 watts, none of which are mass-produced. These 
devices are still laboratory prototype units. 


Methernitha is a spiritual community (Christian 
Alliance) http://www.methernitha.com. They wrote: 
“We are fortunate in gaining the experience that 
paradoxically the most beautiful and useful results can 
be achieved by just using the most simple means. 
Never did we use any borrowed capital because we 
want to stay free Swiss citizens and do not want to be 
hindered or even bound in any way in the pursuance 
of our aims.” 


The two contrary-rotating discs generate an electrostatic 
charge. One disc represents the earth, the other the 
cloud. Using grid electrodes the charges are bound. After 
that they are collected by non-contacting so-called 
antenna keys and then sorted. 


After being initially turned on by hand, the discs rotate 
by themselves according to the electrostatic laws about 
attraction and repulsion. A rectifying diode keeps the 
cycles in steady state. Otherwise the impulses of 
attraction and repulsion would accumulate and cause 
the discs to run faster and faster. The correct speed is 
of great importance and for optimal power generation 
the discs have to run quite steady and slow. 
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By means of grid condensers the energy is stored and 
then uniformly discharged, at the same time reducing 
the high voltage and building up power with 
additional devices. Finally the machine supplies a 
uniform direct current, which varies according to 
the size of the model. The machine furnishes about 
3-4 kWt permanent output, depending on humidity, 
whereby the electric potential ranges from 270 to 
320 Volt. High humidity of the atmosphere prevents 
the build-up of electric potential. The drier the air 
is, the better. 
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(Editor: It is necessary to note that the analogues method 
was used by Russian inventor Pavel N. Yablochkov who 
in 1877 take out a patent #120684 “The system of 
distribution and amplification of electrical currents by 
means of atmosphere electricity...” As it was shown by 
Yablochkov devices, power doubled in lamps, though 
current of consumption did not increse.) 


No doubt, through the so far achieved results one main 
objective has been reached, namely to prove that it is 
possible to use Free Energy. Nevertheless the research 
work is not yet completed. 


To the educated physicist many things of this machine 
may seem impossible, maybe even crazy. Maybe he is 
also offended by the conceptions used to explain the 
whole. Only partly we could use the concepts of 
conventional physical terminology to explain and define 
only approximately the functions and properties of the 
various parts of the machine. 


After all it will be necessary to create some more new 
concepts like the one we have already used before, 
when we termed the non-contacting collectors of 
electric charges as antenna keys. 


This machine puts experts, which are just trained in 
conventional physics to a very hard test, because its mode 


of action is not explainable with the state of the art of 
officially accepted physical knowledge, or at the most 
only partially explainable. However also a trained 
specialist should remain free and independent in his 
thinking, and should avoid to be limited by the temporal 
framework of publicly admitted knowledge in any science. 


It has to be noted that the established science was already 
many times forced to change or give up some of its very 
fundamental concepts. Think about Galilee, to name only 
one example. Our human society almost condemned this 
man as a sorcerer and magician, just because he 
investigated and discovered a truth that seemed 
unacceptable by the established science of the days. 


The book knowledge of any times is not wrong, but it is 
incomplete, and therefore allows to draw wrong conclusions. 


There was used information from the official web site: 
http://www.methernitha.com 


Official adress of Methernitha: Methernitha 
Genossenschaft Administration, Moosbuehlweg 2, 


3517, Linden, SWITZERLAND 


Official E-mail of Methernitha: info@methernitha.com 
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(LECTROLYSIS OF WATER 
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Abstract: It has been disclosed that transmutation of 
the atomic nuclei of alkaline metals and the atomic 
nuclei of the cathode material takes place during 
plasma electrolysis of water. 


Key words: atom, nucleus, proton, neutron, electron, 
cathode, low-current. 


INTRODUCTION 


Cold nuclear fusion is the first hypothesis of a source 
of additional energy in heavy water electrolysis. 
Fleischmann and Pons, the American electrochemists, 
are the authors of this hypothesis [1]. They reported 
about it in 1989. Since that time a large number of 
experiments has been carried out in order to obtain 
additional energy from water [2], [3], [4], [5], [7], [8], 
[9], [10], [11], [12]. We continue to discuss this problem. 


THE FIRST EXPERIMENTAL PART 


In order to check this hypothesis, the following 
experiments were performed. Two cathodes were 
made of iron with mass of 18.10 g and 18.15 g. The 
first cathode operated during 10 hours in KOH 
solution; the second cathode operated during the 
same period in NaOH solution. Mass of the first 
cathode remained unchanged; mass of the second one 
was reduced by 0.02 g. The voltage by 
plasmaelectrolysis process was 220 V and the current 
(0.5-1.0) A (Fig.1). The indices of the consumption of 
the solution and the gases being generated were as 
follows (Table 1). 





Fig. 1. 
Diagram of gas generator. Patent # 2175027: 
1 - lid of the reactor; 3 - body of the reactor; 6 - the cathode; 
9 - the anode; 11 - solution dosing unit; 16 - cooler; 20 - pipe for 
gas release; 23 —- anemometer 


OLD FUSION BY PLASMA ' 


Table 1 
Experimental results 


Indices Water Volume |Energy expenses, 
oe ae kg | of gases,m? kWh/m* 


0.21 


| 0.272 


In order to increase safety of experimental results, the 
volume of the gases introduced with the help of 
anemometer is reduced twofold. 





It is known that from one litre of water it is possible 
to produce 1220 litres of hydrogen and 622 litres of 
oxygen. Quantity of the gases generated by the 
plasma electrolytic process is much greater than it is 
possible to get from consumed water (Table 1) [6]. It 
gives the reason to think that not only water 
molecules, but also the nuclei of alkaline metals and 
the atomic nuclei of the cathode material serve as a 
source of these gases. The analysing experiment has 
been performed in order to check this fact. 


Tadahiko Mizuno, the famous Japanese scientist (the 
co-author of this article), who works at the Division 
of Quantum Energy Engineering Research group of 
Nuclear System Engineering, laboratory of Nuclear 
Material System, Faculty of Engineering, Hokkaido 
University, Japan, kindly agreed to perform chemical 
analysis of the cathode samples with the help of the 
nuclear spectroscopy method (EDX). Here are the 
results of his analysis. The content of chemical 
elements on the surface of non-operating cathode is 
as follows (Table 2). 


Table 2 
Chemical composition of the cathode surface prior 
its operation in the solution 


Fe 


% 99.90 


The new chemical elements have appeared on the 
working surface of the cathode, which works in KOH 
solution (Table 3). 
Table 3 
Chemical composition of the surface of the 
cathode, which operates in KOH solution 





The chemical composition of the surface of the cathode, 
which operates in NaOH has proved to be different 
(Table 4). 


Table 4 
Chemical composition of the surface of the 
cathode, which operates in NaOH solution 





P % [1.10 0.55].20[0.60]0.40]1.60] 94.00 [0.65] 
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Thus, the hypothesis concerning the participation of 
the nuclei of alkaline metals and the atomic nuclei of 
the cathode material in the formation of gases during 
plasma electrolysis of water has experimental 
confirmation. Let us carry out the preliminary analysis 
of the data being obtained (Tables 2, 3, 4). 


THE FIRST THEORETICAL PART 


In any of these cases, the atoms and the molecules of 
hydrogen are formed. The part of it is burned and the 
other goes out with the steam. We have already shown 
that the processes of fusion of the atoms and the 
molecules of hydrogen and its isotopes result in 
occurrence of additional thermal energy [6]. Numerous 
experiments show that up to 50% of additional thermal 
energy are generated during the plasma electrolysis of 
water, it is less than the results of the calculations 
originating from the existing cold fusion theories [6]. 
That’s why it is necessary to analyse energetics of the 
particle creation process during the atomic nucleus 
transmutation. 


Having considered the model of the electron we have 
found out that it can exist in a free state only when 
it has a definite electromagnetic mass [6]. Being 
combined with the atomic nucleus it emits a part of 
energy in the form of the photons, and its 
electromagnetic mass is reduced. But stability of its 
condition does not become worse, because the 
energy carried away by the photons is compensated 
by binding energy of the electron in the atomic 
nucleus [6]. 


If the ambient temperature is increased, the electron 
begins to absorb the thermal photons and to pass to 
higher energy levels of the atom reducing binding with 
it. When the electron becomes free, it interacts with 
the atom only if the ambient temperature is reduced. 
As this temperature is reduced, it will emit the 
photons and sink to lower energy levels [6]. 


If the electron is in a free state due to an accidental 
external influence on the atom and the environment 
has no photons, which are necessary for it to restore 
its mass, it begins to absorb the ether from the 
environment and to restore its constants in such a 
way: mass, charge, magnetic moment, spin and radius 
of rotation. The electron acquires the stable free state 
only after it has restored its all constants [6]. 


Thus, if an interchange of the free state and binding 
state with the atom takes place due to the accidental 
influences on the atom, the electron restores its 


electromagnetic mass every time due to absorbing 
the ether. It means that actually it plays the role ofa 
converter of the ether energy into the thermal photon 
energy. 


The Japanese investigators Ohmori and Mizuno [4] 
registered neutron radiation during plasma electrolysis 
of water and reported that not only the nuclear process, 
but also the process of the electron capture by the free 
protons can be the source of this radiation. 


As hydrogen plasma is generated during the plasma 
electrolytic process of water electrolysis, there exists 
a tendency of the capture of the free electrons by them. 


It is known that rest mass of the electron is 
m, = 9.109534 « 10°" kg, rest mass of the proton is 
n= 1.6726485 « 10?” kg, and rest mass of the neutron is 
m,=1.6749543 - 10’ kg. The difference between the mass 
of the neutron and the mass of the proton is equal to 
Am, pes. 058 « 10°! kg. It is 23.058 « 10°" / 9.109 « 10°31 = 
=2. ‘531 of the mass of the electron. Thus, the proton 
should capture 2.531 electrons in order to become the 
neutron. The question arises at once: what will happen 
to the remained of electron mass 
(3.0-2.531)m,=0.469m,? The disturbed balance of 
masses in this process is explained by modern physics 
in a simple way: a neutrino is created [6]. 


As the neutrino has no charge, it is very difficult to 
register it. If the neutrino takes the excess mass 
away or replenish the lacking one, can the 
elementary particles execute this process by 
themselves? 


As the photons are emitted and absorbed only by the 
electrons, the proton, which absorbs the electrons, 
cannot convert the remainder of mass of the third 
electron into the photon. If the electron is absorbed by 
the third one and gives more than a half of its mass to 
the proton in order to convert it into the neutron, the 
remaining part of mass (0.469m.,) of the electron, which 
has no possibility to become the photon, is converted 
into a portion of the ether, which “is dissolved” and 
mixed with the ether in the space. The fact that plasma 
has no photons with the mass corresponding to the 
part of mass of the third electron, which has not been 
absorbed by the proton during its conversion into the 
neutron, can serve as a proof of such affirmation. Let 
us calculate energy of such photon [6]. 


The difference the mass of the neutron and the 
proton is equal to Am, =23.058 - 10°! kg. If we 
subtract this value from the mass of three electrons, 
we'll get mass m,, from which the photon should be 
formed [6] 


m,=3m,-Am, = 3 «9.109534 «10° - 23.05810°" = 4.270602:10"" kg (1) 


If the photon is formed from this remainder of mass m,, 


4.270602 « 10°" « (2.997924 « 10°)? 
E,,=m,* C2 = ———$$$_$_$______— 
1.602189 = 10°9 
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_ its energy will be [6]: 


=23.956126 « 10*eV (2) 


This value of energy corresponds to roentgen spectrum, 
that’s why the creation of each free neutron should be 
accompanied by the creation of one roentgen photon. If it 
does not take place, we have two opportunities: the first 
one — we should think that in the case when the neutron 
is created, the neutrino was formed from mass 
m,=4.270602 « 10.,, kg and flew away in the unknown 
direction; the second one — there were no conditions for 
the formation of the photons in the process being 
considered, and mass, which failed to be formed as a 
particle, “was dissolved” in the ether. Which variant is 
closer to the truth [6]? There is no exact answer, but it is 
known that the Japanese scientists registered only 


neutron radiation with intensity of 50,000 neutrons per 
second, and they failed to register roentgen radiation [4]. 


Ifin this process the roentgen photons were created, they 
would not exceed heat efficacy of the plasma electrolytic 
process, because they would not be the thermal photons. 
The thermal photons are radiated and absorbed when 
the electrons make the energy transitions to the energy 
levels, which are the most remote from the atomic nuclei, 
where the infrared photons and neighbouring ones from 
the optical range of the spectrum with energies of 
=(0.001-3.3) eV are generated (Table 5) [6]. 


Table 5 
Electromagnetic spectrum bands 


Bands Wave-length, m Energy, eV 

1. Low- frequency band A = (107...104) E =~ 10°...10 
2. Broadcast band A = (107...107) E =~ 107...10° 
3. Microwave band A =(107...107) E = 10°...10° 

4. Relic band (maximum) X=1+*10° E=1.2+10° 

5. Infrared band X = (10%...7.7 = 10°”) E = 10°...1.6 « 10? 
6. Light band XN = (7.7 * 107...3.8 « 107) E = 1.6 + 107...3.27 
7. Ultraviolet band X= (3.8 = 107...10°) E = 3.27...1 «10? 
8. Roentgen band X= (10°...10°1) E = 102...10° 

9. Gamma band A = (107...10°18) E = 10°...10° 


Thus, the neutron fusion processes in plasma electrolysis of water will not generate additional thermal energy. But 
the appearance of the neutrons in plasma will promote the formation of the nuclei of deuterium and, possibly, of 
tritium. As the balance of masses remains almost unchanged, we have no reason to expect that additional energy 
will take place when deuterium and tritium are formed. But it is sure to appear during fusion of the atoms of 
deuterium and tritium, i.e. the hydrogen atoms [6]. 


In order to become a proton, the neutron should radiate something, which mass is Am,,,=23.058 « 10° kg. Let us 
convert this mass into energy [6]. 


23.058 « 10° « (2.998 « 108)? 


E =Am «@= = 1.294: 10% eV (3) 
ph 


np 


1.602 = 10°7° 


This energy corresponds to the gamma range photons, i.e. not to the thermal photons, and this process does not give 
additional energy. Thus, if the process of the formation of the helium atoms takes place during plasma electrolysis of 
water, it should be accompanied by gamma radiation. If there is no such radiation, but the helium atoms are formed, 
the neutrino takes away the above-mentioned portion of mass Am. or this mass, which has no opportunity to be formed 
as the photon, “is dissolved” in the environment, i.e. it is transferred into the state of the ether [6]. As the roentgen 
photons and the gamma photons are not the thermal ones, this process gives no excessive thermal energy [6]. 


Another variant is possible. When the atoms of alkali metal bombard the cathode atoms, they are destroyed completely 
and destroy the atoms of the cathode materials. Under the notion “completely” we’ll understand such state when both 
the atom and the nucleus are destroyed. In this case, the protons of the destroyed nuclei begin to form the hydrogen 
atoms. The process of fusion of the atoms and the molecules of hydrogen generate additional thermal energy [6]. But 
one should bear in mind that if plasma disintegrates water molecule into hydrogen and oxygen and if these gases 
contact plasma, hydrogen is combined with oxygen, and water is formed. Noise generated by plasma is hydrogen 
microexplosions. Taking into consideration the above-mentioned fact the larger the volume of hydrogen burnt in plasma, 
the smaller its volume in the gas-vapour mixture. It means that such reactor operation modes are required when 
quantity of burnt hydrogen is minimal one. Our theory allows us to have such results. 


As iron is the cathode material, the nuclei of its atoms are the targets of the atomic nuclei of potassium, alkaline metal. 
During the transmutation of the iron nuclei (Fig. 2 b), the atomic nuclei of chromium (Fig. 2 a) and the atomic nuclei of 
copper (Fig. 2 c) are formed [6]. 
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a) Cr (24,28) 


b) Fe (26,28) —c) Cu (29,34) 
Fig. 2. 
Diagrams of the atomic nuclei of: a) chromium, b) iron, c) copper 


When the atomic nucleus of iron (Fig. 2 b) pass into the 
atomic nucleus of chromium (Fig. 2 a), two protons and 
two neutrons are released; two atoms of deuterium or 
one atom of helium can be formed from them. If the 
neutrons pass into the protons, four atoms of hydrogen 
are formed. 


It is easy to see (Fig. 2) that the atomic nucleus of iron 
(Fig. 2 b) should lose two upper protons and two 
neutrons in order to pass into the atomic nucleus of 
chromium (Fig. 2 a). 


Three additional protons and six neutrons (total 9 
nucleons) are required for the formation of the atomic 
nucleus of copper (Fig. 2 c) from the atomic nucleus 
of iron. As on the cathode surface (Table 3) the number 
of chromium atoms, which probably are formed from 
the atomic nuclei of iron, four times more than the 
number of atoms of copper, then the solution is sure 
to have superfluous protons and neutrons of the 
destroyed atomic nuclei of iron, and we can 
determined their approximate relative quantity. 


Let us suppose that four nuclei of the iron atoms pass 
into the nuclei of the chromium atom. The total quantity 
of free protons and neutrons (nucleons) is equal to 16. 
As one atom of copper falls on each four atoms of 
chromium, 9 nucleons are spent for the formation of one 
nucleus of the copper atom, and 7 nucleons remain free. 





a) K (19,20) 


b) O (8,8) 


c) Si (14,14) 


Fig. 3. 
Diagrams of the atomic nuclei of: 
a) potassium, b) oxygen, c) silicon 
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Let us see what is formed when the nucleus of the 
potassium atom is destroyed. Potassium is situated in the 
first group of the fourth period of the periodic law. Its 
nucleus contains 19 protons and 20 neutrons (Fig. 3 a) [6]. 


In Fig. 3 a, we can see a weak link of the nucleus of 
the potassium atom [6]. It is situated in the middle 
of its axis neutrons. When the transmutation of the 
nuclei of the potassium atoms takes place, the nuclei 
of the oxygen atoms can be formed (Fig. 3 b) as well 
as its isotopes and the nuclei of the silicon atoms 
(Fig. 3c). 


The analysis of the structure of the nuclei of the 
potassium atom (Fig. 3 a) shows that it is the most 
probable source of the nucleus of the silicon atom 
(Fig. 3 c), which atoms appear on the cathode (Table 3). 


It is easy to count that during the destruction of one 
nucleus of the potassium atom and the creation of 
one nucleus of the silicon atom 5 free protons and 6 
free neutrons, i.e. 11 nucleons, are formed. 


Thus, the transmutation of the nuclei of the iron 
atoms and the potassium atoms results in the 
formation of free protons and neutrons. As the 
protons cannot exist in free state, the hydrogen atoms 
are created from them. If the protons are connected 
with the neutrons after the destruction of the nuclei 
of the iron atoms and the potassium atoms, the 
formation of deuterium, tritium and helium is 
possible. 


Let us pay attention to the main fact — absence of the 
sodium atoms in the cathode material. It is natural 
that the potassium atoms have appeared on the 
cathode, which operated in KOH solution (Table 3). 
Why are no sodium atoms on the cathode, which 
operated in NaOH solution? The answer is as follows: 
the nuclei of the sodium (Fig. 4,a) atoms are 
completely destroyed during the plasma electrolytic 
process. The presence of potassium on the surface of 
the cathode, which operated in NaOH solution (Table 4), 
can be explained by insufficient ablution of the reactor 
after the operation with KOH solution. 


As free protons and neutrons appear during the 
destruction of the nucleus of the sodium atom 
(Fig. 4,a), some nuclei of this element begin to form 
the atomic nuclei of aluminium (Fig. 4, b), chlorine 
(Fig. 4, c) and calcium (Fig. 5). 


But not all free protons and neutrons are spent for 
the construction of the atomic nuclei of aluminium, 
chlorine and calcium. A part of them is spent for the 
hydrogen atom formation. 


If we knew the total quantity of transmutating 
atomic nuclei of iron, potassium and sodium as well 
as the exact composition of the gases generated 
during the plasma electrolytic process, it would be 
possible to determine the atomic nuclei being 
formed from additional nucleons. Now we can only 
suppose that the majority of new nuclei are the 
protons, i.e. the nuclei of the hydrogen atoms. The 
increased volume of the gases generated during the 
plasma electrolytic process is explained by it [6]. 





\ \ ) 
a itd 


c) Cl (17,18) 





a) Na (11,12) b) Al (13,14) 
Fig. 4. 
Diagrams of the atomic nuclei of: 

a) sodium, b) aluminium, c) chlorine 





LAS 


Ca (20,20) 


Fig. 5. 


Diagram of the nucleus of the calcium atom 


The analysis of these Tables shows that transmutation 
of the nuclei of iron, of which the cathodes are made, 
results in the formation of chromium and copper in 
both cases. Apparently, aluminium, chlorine and 
calcium are formed from the destroyed sodium nuclei. 
In any case, free protons and neutrons are formed. 


But not all free protons and neutrons are spent for the 
formation of the atomic nuclei of copper, aluminium, 
chlorine and calcium. A part of them is spent for the 
formation of the hydrogen atoms. In any case, the 
atoms and the molecules of hydrogen are formed. The 
analysis has shown that plasma electrolytic process 
extracts not more than 0.005 kg of alkaline metal from 
one litre of the solution. It appears from this that if all 
neutrons of the atomic nuclei of the molecules of water 
and alkali metals are transferred into the protons and 
the atoms and the molecules of hydrogen are formed, 
the formed volume of gas will be considerably less 
than the one registered during the experiment (Table 1). 
A question arises: where do additional gases come 
from? In order to get the answer on this question we 
made the next experiment. 


THE SECOND EXPERIMENTAL PART 


First of all we take into account, that high temperature 
of plasma forms the conditions when a set of various 
processes takes place at the cathode. First of all, water 
is boiled and evaporated. At the same time, one part 
of water molecules is disintegrated with a release of 
the atomic hydrogen; another part of the molecules 
forms the orthohydrogen molecules. A part of water 
molecules is disintegrated completely and is released 
at the cathode together with hydrogen and oxygen. 
A part of hydrogen is combined with oxygen again 
generating microexplosions (noise) and forming water. 


During plasma electrolysis of water, water vapor, 
hydrogen and oxygen are released simultaneously. If 
vapor is condensed, gas mixture is released. In order to 
measure gas flow rate the electronic anemometer have 
been used. Diameter of the electronic anemometer was 
equal to internal diameter of the gas make tube 
(23, Fig. 1). Its readings were registered and processed 
by the computer. The experiment was performed dozen 
times, and each time its readings were reproduced with 
small deviations [11]. But we had no hydrogen analyzer, 
that’s why the results being obtained cannot be 
considered as final ones. We admonished it in all editions 
of the book Water is a New Source of Energy with such 
a phrase: “We abstain from lending an official status to 
these results with the hope to get necessary financing 
and to repeat them with a complete set of the necessary 
devices” [12, page 176]. 





In the middle of the year of 2002 we received small 
financing, which allowed us to make a new reactor and 
to buy some measuring instruments, in particular the 
scales with the measurement limit up to 600 g and 
accuracy of 0.02 g. Careful preparation allowed us to 
increase duration of continuous operation of the reactor 
(to 10 and more hours) and to register solution 
consumption for gas production. 


The main difficulty of operation with the hydrogen is 
in the fact that its mixture with air (4-74)% or oxygen 
(4-94)% is combustible, and the fact was emphasized 
more than once during the experiments that made the 
researches be very careful. The second difficulty during 
hydrogen quantity measurements generated by the 
plasma electrolytic reactor is in the fact that its 
molecule has the smallest dimensions, that’s why it 
penetrates easily to the places where the molecules of 
other substances do not penetrate. Molecular hydrogen 
diffuses easily even into metals. For example, one 
volume of palladium absorbs up to 800 volumes of 
hydrogen. 


Gas flow speed was measured with the help of various 
anemometers, its readings being registered with the 
help of the computer. Numerous measurements and 
numerous analysis of gas flow speed measurement 
accuracy with the help of the anemometers showed 
that error of a conventional anemometer can be 100%. 


tw 


Oa 


Fig. 6. 
Diagram of measurement of flow rate of the gas and its volume: 
1 - tap for gas flow movement direction switching, 
2 — anemometer, 3 — graduated tank, 4 —- water tank 
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It is known that it is possible to produce 1220 litres of 
hydrogen and 622 litres of oxygen from one litre of water. 
Quantity of the gases generated by the plasma 
electrolytic process is much greater than it is possible 
to get from consumed water (Table 1). It was a strong 
reason for a search of the measurement error. For this 
purpose, the diagram of measurement of flow rate of 
the gases and their quantity was used (Fig. 6). 


The results of the measurements were as follows. The 
anemometer showed that 200 litres of gas mixture 


Thus, the measurement of gas flow with the help of 
the anemometers distorted the result 200 fold. It should 
be mentioned that the reactor operated in the 
production mode of hydrogen and oxygen in the 
cathode zone. As a result, their mixture burst. The 
pulses of these explosions increased the readings of 
the anemometer. 


It has become necessary to return to the reactor operation 


modes when no oxygen is released in the cathode zone. 
Our theory allows us to do this easy. 


penetrated through it during 10 minutes. Nearly one litre 
of gases was in the graduated tank during this period. 


PROTOCOL 
of tests of the first model of low-current Electrolyzers 
It is known that it is possible to produce 1.22 1 of H,+ 0.622 O,= 1.843 (H,+0,) from 1 ml of H,O 


Table 6 
Experimental results 


7-volume of the gas mixture being produced ___——+|—~2.95 


9-existing energy consumption for production of 1 m° of 
hydrogen from water, kWh/m* 





CONCLUSION 


Transmutation of the atomic nuclei of alkaline metals and the atomic nuclei of the cathode material during 
plasma electrolysis of water existed. Plasma electrolytic process opens new prospects in study of matter on 
the nuclear, atomic and molecular levels. The low-current electrolysis allows us to get the inexpensive hydrogen 
from water. 
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| _ LENR 
oweEnergy Nuclear Reactions) 


http://www.lenr-canr.org 


Editorial: There is a collection of some papers on LENR (Low Energy Nuclear Reactions), also known as Cold 
Fusion. CANR, Chemically Assisted Nuclear Reactions, is another term for this phenomenon. These original 
scientific papers are reprinted with permission from the authors and publishers. 


Website http://www.lenr-canr.org features a growing library of scientific papers about LENR and an extensive 
bibliography of journal papers, news articles and books about LENR. 


COLD FUSION: What is it and what does it mean to 
science and society? 


Edmund Storms 


Cold fusion is important because it promises to be a 
new source of pollution-free, inexhaustible energy. In 
addition, it is important because it reveals the 
existence of a new way nuclei can interact that 
conventional scientific theory predicts is impossible. 
What then is this phenomenon that suffers such 
promise and rejection? 


Energy can be obtained from the nucleus in two 
different ways. On the one hand, a large nucleus can 
be broken into smaller pieces, such as is experienced 
by uranium in a conventional nuclear reactor and by 
the material in an atom bomb. This is called fission. 
On the other hand, two very small nuclei can be joined 
together, such as occurs during fusion of deuterium 
and tritium in a Hot Fusion reactor and in a hydrogen 
bomb. This process, called fusion, also takes place in 
stars to produce much of the light we see. 


The fission reaction is caused to happen by adding 
neutrons to the nucleus of uranium or plutonium to 
make it unstable. The unstable nucleus splits into two 
nearly equal pieces, thereby releasing more neutrons, 
which continue the process. As every one now 
knows, this process produces considerable waste that 
is highly radioactive. The uranium used as fuel also 
occurs in limited amounts in the earth’s crust. Asa 
result, this source of energy is not ideal, although 
widely used at the present time. 


The normal hot fusion reaction requires two deuterium 
or tritium nuclei to be smashed together with great 
energy. This is accomplished by raising their 
temperature. However, this temperature is so high 
that the reactants cannot be held in a solid container, 
but must be retained by a magnetic field. This process 
has proven to be very difficult to accomplish for a time 
sufficient to generate useable energy. In spite of this 
difficulty, attempts have been under way for the last 
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40 years and with the expenditure of many billions of 
dollars. Success continues to be elusive while the 
effort continues. 


Cold fusion, on the other hand, attempts to cause the 
same process, but by using solid materials as the 
container held at normal temperatures. The container 
consists of various metals, including palladium, with 
which the deuterium is reacted to form a chemical 
compound. While in this environment, the barrier 
between the deuterium nuclei is reduced so that two 
nuclei can fuse without having to be forced together. 
Because the process causing this to happen is not 
well understood, the possibility is rejected by many 
conventional scientists. Difficulty in producing the 
process on command has intensified the 
rejection.While this difficulty is real, it has not, as many 
skeptics have claimed, prevented the process from 
being reproduced hundreds of times in laboratories 
all over the world for the past 13 years. As you will 
see by reading the reviews and papers in our Library 
(see http://www .lenr-canr.org/LibFrame1.htm]l), 
the process continues to be reproduced with 
increasing ease using a variety of methods and 
materials. 


What is the nature of this process and why has it 
been so hard to understand? To answer this question, 
a person needs to understand the nature of the 
barrier that exists between all nuclei. Because all 
nuclei have a positive charge in proportion to their 
atomic number, all nuclei repeal each other. It is 
only the surrounding electrons that hold normal 
matter together, with the nuclei being at 
considerable distance from each other, at least on 
the scale of an atom. When attempts are made to push 
the nuclei closer, the required energy increases as the 
nuclei approach one another. However, when deuterium 
dissolves in a metal, it experiences several unique 


conditions. The surrounding metal atoms produce a 
regular array that is able to support waves of various 
kinds. These waves can be based on vibration of the 
atoms (phonons), vibration of the electrons, standing 
waves of electromagnetic energy, or a wave resulting 
from conversion of the deuterium nuclei to a wave. In 
addition, the high density of electrons can neutralize 
some of the positive charge on the deuterium nuclei 
allowing a process called tunneling, i.e.. allowing 
passage through the barrier rather than over it. The 
mechanism of this neutralization process is proposed 
to involve a novel coherent wave structure that can 
occur between electrons under certain conditions. All 
of these wave processes have been observed in the 
past under various conventional conditions, but 
applying them to the cold fusion phenomenon has 
been a subject of debate and general rejection. 


While the debate based on wave action has been 
underway, people have proposed other mechanisms. 
These include the presence of neutrons within the 
lattice. Normally, neutrons are unstable outside of the 
nucleus, decomposing into a proton, an electron, and 
a neutrino. Presumably, this reaction can be reversed 
so that neutrons might be created in a lattice 
containing many free electrons and protons. Having 
no charge, the neutron could then interact with various 
atoms in the lattice to produce energy. These neutrons 
might also be hidden in the lattice by being attached 
to other nuclei in a stabilized form, to be released 


when conditions were right. Several particles normally 
not detected in nature also have been proposed to 
trigger fusion and other nuclear reactions. 


While search for a suitable mechanism has been 
underway, an understanding of the environment that 
triggers the mechanism has been sought, the so-called 
nuclear-active-environment. Initially, this environment 
was thought to exist in the bulk of the palladium 
cathode used in the Pons-Fleischmann method to 
produce cold fusion. It is now agreed that the nuclear 
reactions only occur in the surface region. Recent 
arguments suggest that this surface layer does not 
even require palladium for it to be nuclear-active. 
Nuclear reactions have now been produced in a 
variety of materials using many methods. The only 
common feature found in all of these methods is the 
presence of nano-sized particles of material on the 
active surface. If this observation is correct, four 
conditions seem required to produce the nuclear 
reactions. First, the particle must have a critical small 
size; second, it must contain a critical concentration 
of deuterium or hydrogen; third, it must be constructed 
of certain atoms; and fourth, it must be exposed toa 
source of energy. This energy can take the form of a 
sufficiently high temperature, a significant high flux 
of hydrogen through the particle, application of 
energetic electrons or charged particles, or application 
of laser light of the proper frequency. Until, the 
importance of these factors is understood, the effect 
will continue to be difficult to replicate. 


Technical Introduction to LENR-CANR 


Edmund Storms 


At low energies, the Coulomb barrier prevents nuclei 
from coming together and fusing to form a single 
nucleus. To initiate a nuclear reaction, several methods 
are used. Nuclear reactions are normally initiated by 
pushing two atoms together with enough force to 
overcome the Coulomb barrier by brute force, or by 
using neutrons which penetrate the nuclei without 
seeing a barrier. (Neutrons have no electrical charge, 
so the Coulomb barrier does not stop them.) These 
forces are normally provided by high-temperature 
plasma or by accelerating ions to high energies. In 
contrast, LENR describes the mechanism and 
conditions that cause a variety of nuclear reactions to 
take place with relatively low activation energy. These 
unique conditions reduce the need for excessive energy. 
The normal method forces the nuclei together, while 
the new method encourages them to come together. 
The challenge has been to understand the unique 
characteristics of the necessary solid structure such 
that this structure could be generated at will. 


Because the proposed method is unique, at odds with 
current nuclear theory, and is still difficult to reproduce, 
support for studies in many countries, but not all, has 


been very limited. Nevertheless, considerable 
information has accumulated over the last 13 years 
since Profs. Stanley Pons and Martin Fleischmann 
showed the world the possibilities inherent in this 
phenomenon. Much understanding is buried in 
conference proceedings and reports that are not 
available to a serious student. This information will, 
as time permits, be made available on this site. 
Students of the subject are also encouraged to use 
this site to interact with other people in the field and 
provide objective critiques of the work published here. 


PHENOMENA DISCUSSED IN SOME OF THE 
PAPERS 


At least 10 ways have been demonstrated to produce 
anomalous heat and/or anomalous elemental 
synthesis. A few of these methods will be described 
here. For course, not all of the claims are worthy of 
belief nor are they accepted by many people. 
Nevertheless, the claims will be described without 
qualifications in order to provide the reader with the 
latest understanding. 


New Energy Technologies, Issue #1 January - February 2003 13 | 


conditions. The surrounding metal atoms produce a 
regular array that is able to support waves of various 
kinds. These waves can be based on vibration of the 
atoms (phonons), vibration of the electrons, standing 
waves of electromagnetic energy, or a wave resulting 
from conversion of the deuterium nuclei to a wave. In 
addition, the high density of electrons can neutralize 
some of the positive charge on the deuterium nuclei 
allowing a process called tunneling, i.e.. allowing 
passage through the barrier rather than over it. The 
mechanism of this neutralization process is proposed 
to involve a novel coherent wave structure that can 
occur between electrons under certain conditions. All 
of these wave processes have been observed in the 
past under various conventional conditions, but 
applying them to the cold fusion phenomenon has 
been a subject of debate and general rejection. 


While the debate based on wave action has been 
underway, people have proposed other mechanisms. 
These include the presence of neutrons within the 
lattice. Normally, neutrons are unstable outside of the 
nucleus, decomposing into a proton, an electron, and 
a neutrino. Presumably, this reaction can be reversed 
so that neutrons might be created in a lattice 
containing many free electrons and protons. Having 
no charge, the neutron could then interact with various 
atoms in the lattice to produce energy. These neutrons 
might also be hidden in the lattice by being attached 
to other nuclei in a stabilized form, to be released 


when conditions were right. Several particles normally 
not detected in nature also have been proposed to 
trigger fusion and other nuclear reactions. 


While search for a suitable mechanism has been 
underway, an understanding of the environment that 
triggers the mechanism has been sought, the so-called 
nuclear-active-environment. Initially, this environment 
was thought to exist in the bulk of the palladium 
cathode used in the Pons-Fleischmann method to 
produce cold fusion. It is now agreed that the nuclear 
reactions only occur in the surface region. Recent 
arguments suggest that this surface layer does not 
even require palladium for it to be nuclear-active. 
Nuclear reactions have now been produced in a 
variety of materials using many methods. The only 
common feature found in all of these methods is the 
presence of nano-sized particles of material on the 
active surface. If this observation is correct, four 
conditions seem required to produce the nuclear 
reactions. First, the particle must have a critical small 
size; second, it must contain a critical concentration 
of deuterium or hydrogen; third, it must be constructed 
of certain atoms; and fourth, it must be exposed toa 
source of energy. This energy can take the form of a 
sufficiently high temperature, a significant high flux 
of hydrogen through the particle, application of 
energetic electrons or charged particles, or application 
of laser light of the proper frequency. Until, the 
importance of these factors is understood, the effect 
will continue to be difficult to replicate. 


Technical Introduction to LENR-CANR 


Edmund Storms 


At low energies, the Coulomb barrier prevents nuclei 
from coming together and fusing to form a single 
nucleus. To initiate a nuclear reaction, several methods 
are used. Nuclear reactions are normally initiated by 
pushing two atoms together with enough force to 
overcome the Coulomb barrier by brute force, or by 
using neutrons which penetrate the nuclei without 
seeing a barrier. (Neutrons have no electrical charge, 
so the Coulomb barrier does not stop them.) These 
forces are normally provided by high-temperature 
plasma or by accelerating ions to high energies. In 
contrast, LENR describes the mechanism and 
conditions that cause a variety of nuclear reactions to 
take place with relatively low activation energy. These 
unique conditions reduce the need for excessive energy. 
The normal method forces the nuclei together, while 
the new method encourages them to come together. 
The challenge has been to understand the unique 
characteristics of the necessary solid structure such 
that this structure could be generated at will. 


Because the proposed method is unique, at odds with 
current nuclear theory, and is still difficult to reproduce, 
support for studies in many countries, but not all, has 


been very limited. Nevertheless, considerable 
information has accumulated over the last 13 years 
since Profs. Stanley Pons and Martin Fleischmann 
showed the world the possibilities inherent in this 
phenomenon. Much understanding is buried in 
conference proceedings and reports that are not 
available to a serious student. This information will, 
as time permits, be made available on this site. 
Students of the subject are also encouraged to use 
this site to interact with other people in the field and 
provide objective critiques of the work published here. 


PHENOMENA DISCUSSED IN SOME OF THE 
PAPERS 


At least 10 ways have been demonstrated to produce 
anomalous heat and/or anomalous elemental 
synthesis. A few of these methods will be described 
here. For course, not all of the claims are worthy of 
belief nor are they accepted by many people. 
Nevertheless, the claims will be described without 
qualifications in order to provide the reader with the 
latest understanding. 
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The most studied method involves the use of an 
electrolytic cell containing a LiOD electrolyte anda 
palladium cathode. Current passing through sucha 
cell generates D+ ions at the cathode, with a very 
high effective pressure. These ions enter the 
palladium and, if all conditions are correct, join ina 
fusion reaction that produces He-4. Initially 
palladium wire and plate were used, but these were 
found to form microcracks, which allowed the 
required high concentration of deuterium to escape. 
Later work shows that the actual nuclear reaction 
occurs on the surface within a very thin layer of 
deposited impurities. Therefore, control of this 
impurity layer is very important, but rather difficult. 
The use of palladium is also not important because 
gold and platinum appear to be better metals on 
which to deposit the impurity layer. This method is 
found, on rare occasions, to generate tritium within 
the electrolyte and transmutation products on the 
cathode surface. Different nuclear reactions are seen 
when light water (H,O) is used instead of D,O, 
although the amount of anomalous energy is less 
when H,O is used. These observations have been 
duplicated hundreds of times in dozens of 
laboratories. 


Application of deuterium gas to finely divided 
palladium, and perhaps other metals, has been 
found to generate anomalous energy along with 
helium-4. Both palladium-black as well as 
palladium deposited as nanocrystals on carbon 
have shown similar anomalous behavior. In both 
cases the material must be suitably purified. 
Palladium deposited on carbon can and must be 
heated to above 200/260°C for the effect to be 
seen. When deuterium is caused to diffuse 
through a palladium membrane on which is 
deposited a thin layer of various compounds, 
isotopes that were not previously present are 
generated with isotopic ratios unlike those 
occurring naturally. 


A plasma discharge under H,O or D,O between 
various materials generates many elements that 
were not previously present. When the electrodes 
are carbon and the plasma is formed in H,O, the 
main anomalous element is iron. This experiment is 
relatively easy to duplicate. 


Several complex oxides, including several 
superconductors, can dissolve D, when heated. 
When a potential is applied across a sheet of such 
material, the D+ ions are caused to move and 
anomalous heat is generated. 


If deuterium ions, having a modest energy, are 
caused to bombard various metals, tritium as well 
as other elements not previously present are 
generated. These ions can be generated in a pulsed 
plasma or as a beam. 
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When water, either light or heavy, is subjected to 
intense acoustic waves, collapse of the generated 
bubbles on the surrounding solid walls can generate 
nuclear reactions. This process is different from the 
fusion reaction claimed to occur within a bubble just 
before it disappears within the liquid because 
neutrons are not produced in the former case, but are 
produced in the latter case. This method has been 
applied to various metals in heavy water using an 
acoustic transducer and in light water using a rotating 
vane which generates similar acoustic waves... 


HOW TO EXPLAIN THE CLAIMS 


A major problem in deciding which model might be 
correct is the absence of any direct information 
about the nature of the nuclear-active-environment. 
At this time, two important features seem to be 
important, the size of the nanodomain in which the 
reactions occur and the presence of a deuterium flux 
through this domain. The domain can apparently be 
made of any material in which hydrogen or 
deuterium can dissolve. Until the nature of the 
nuclear-active-state (NAS) is known, no theory will 
properly explain the effect and replication of the 
claims will remain difficult. 


When fusion is initiated using conventional 
methods, significant tritium and neutrons are 
produced. In addition, when other elements are 
generated, they tend to be radioactive. This is in 
direct contrast to the experience using low energy 
methods. These products are almost completely 
absent and, instead, helium-4 is produced. When 
radiation is detected, it has a very low energy. This 
contrasting behavior, as well as the amount of 
anomalous energy, has made the claims hard to 
explain using conventional models. This difficulty 
has been amplified by a failure of many skeptics to 
recognize the contrasting effect of the environment, 
a plasma being used in the older studies and a solid 
lattice of periodic atoms being present as the new 
environment. 


Over 500 models and their variations have been 
proposed, some of which are very novel and some 
are variations on conventional ideas. Most models 
attempt to explain the nuclear reaction once the 
required environment has been created, without 
addressing what that unique environment might be 
like. These models involve conversion of a proton 
(deuteron) to a neutron (dineutron), creation of an 
electron structure that is able to neutralize the 
barrier, conversion of deuterium to a wave which 
interacts without charge, and the presence of 
otherwise overlooked neutrons and/or novel 
particles. Many of the models will have to be 
abandoned or seriously modified once the nature of 
the nuclear active environment is understood. 


It Started in 1989... 


Peter Hagelstein 


Many of us recall the controversy surrounding the 
announcement of claims of observations of fusion 
reactions in a test tube that were made in 1989. At the 
time, these claims were greeted with considerable 
skepticism on the part of the physics community and 
the scientific community in general. 


The principal claim of Pons and Fleischmann 


The principal claim of Pons and Fleischmann in 1989 
was that power was produced in palladium cathodes 
that were loaded electrochemically in a heavy water 
electrolyte. The evidence in support of this was a 
measured increase in the temperature in the 
electrochemical cell. There was no obvious evidence 
for nuclear reaction products commensurate with the 
claimed heat production. Fleischmann speculated that 
perhaps two deuterons were somehow fusing to 
He-4 through some kind of new mechanism. 


Rejection by the physics community 


This claim was not accepted by the physics 
community on theoretical grounds for several reasons: 


First, there was no mechanism known by which two 
deuterons might approach one another close enough 
to fuse, since the Coulomb barrier prevents them from 
approaching at room temperature. 


Second, if they did approach close enough to fuse, 
one would expect the conventional dd-fusion reaction 
products to be observed, since these happen very fast. 
Essentially, once two deuterons get close enough to 
touch, reactions occur with near unity probability, and 
the reaction products (p+t and n+He-3) leave 
immediately at high relative velocity consistent with 
the reaction energy released. To account for 
Fleischmann’s claim, the proposed new reaction 
would seemingly somehow have to make He-4 quietly 
and cleanly, without any of the conventional reaction 
products showing up, and would somehow have to 
arrange for this to happen a billion times faster than 
the conventional reaction pathway. Most physicists 
bet against the existence of such a magical new effect. 


Third, the normal pathway by which two deuterons 
fuse to make He-4 normally occurs with the emission 
of a gamma ray near 24 MeV. There was no evidence 
for the presence of any such high energy gamma 
emission from the sample, hence no reason to believe 
that any helium had been made. 


Finally, if one rejects the possibility that any new 
mechanisms might be operative, then the claim that 
power was being produced by fusion must be 
supported by the detection of a commensurate amount 


of fusion reaction products. Pons and Fleischmann 
found no significant reaction products, which, given 
the rejection of new mechanisms, implied an absence 
of fusion reactions. 


An alternate explanation is proposed 


The physicists decided in 1989 that the most likely 
reason that Pons and Fleischmann observed a 
temperature increase was that they had made an error 
of some sort in their measurements. When many 
groups tried to observe the effect and failed, this led 
most of the physics community to conclude that there 
was nothing to it whatsoever other than some bad 
experiments. 


The claim of Jones 


A second very different claim was made at the same 
time in 1989 by Steve Jones. This work also involved 
electrochemistry in heavy water and the observation 
of reaction products corresponding to the conventional 
dd-fusion reactions. The initial publication showed a 
spectrum of neutron emission that Jones had detected 
from a titanium deuteride cathode loaded 
electrochemically. The response of the physics 
community was skeptical, as the signal to noise ratio 
was not particularly impressive. Given the polarization 
of the physics community in opposition to the claims 
of Pons and Fleischmann (which were announced 
essentially simultaneously), the physicists were not 
of a mood to accept much of any claims that fusion 
could happen in an electrochemical experiment at all. 
Jones went to great lengths to assure fellow scientists 
that his effect was completely unrelated to the claims 
of Pons and Fleischmann, and was much more 
reasonable. 


Also rejected 


Physicists had reason to be skeptical. Theoretical 
considerations indicated that the screening effects that 
Jones was relying on were not expected to be as strong 
as needed to account for the fusion rates claimed. As 
this experiment could not seem to be replicated by 
others at the time, it was easy for the physics 
community to reject this claim as well. 


Cold fusion, weighed and rejected 
with prejudice 


Cold fusion, as the two different claims were termed, 
was dismissed with prejudice in 1989. The initial 
claims were made near the end of March in Utah, and 
the public refutation of the claims was made at the 
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beginning of May. It only took about 40 days for the 
physics community to consider the new claims, test 
them experimentally, and then announce loudly to the 
world that they had been carefully weighed and 
rejected. 


Following this rejection, physicists have treated cold 
fusion rather badly. For example, Professor John 
Huizenga of Rochester University was selected to be 
co-chair of the DOE ERAB committee that met to 


review cold fusion and issue a report. Shortly 
afterward, he wrote a book entitled Cold Fusion, 
The Scientific Fiasco of the Century, in which he 
discusses the claims, the experiments, and the 
extreme skepticism with which the new claims were 
greeted. Robert Park discusses the subject in his 
book entitled Voodoo Science. You can find many 
places where physicists and other scientists happily 
place the cold fusion claims together with claims 
of psychic phenomena. 


A Science Tutorial 


Talbot Chubb 


First it is important to recognize that there are four 
distinct types of energy production: 

1) chemical energy, that powers our cars and most of 
our civilization; 

2) nuclear fission energy, as used to generate about 
15% or our electricity; 

3) hot fusion nuclear energy, which powers the sun and 
most stars; 

4) cold fusion nuclear energy, which appears as 
unexplained heat in a few experimenter’'s laboratory 
studies and which most scientists believe is 
impossible. 


The three types of nuclear energy produce 10 million 
times as much heat per pound of fuel than occurs with 
chemical energy. How do these types of energy differ? 
To understand this question you need to know some 
chemistry and physics. 


Lesson 1 


Nature has provided us with two types of stable charged 
particles, the proton and the electron. The proton is 
heavy, normally tiny, and has a positive charge. The 
electron is light, normally large and fuzzy, and has a 
negative charge. The positive charge and the negative 
charge attract each other, just like the north pole of a 
magnet attracts the south pole of a magnet. When you 
bring two magnets together with the north pole of one 
facing the south pole of the other, they pull together, 
bang! When they bang into each other they release a 
little bit of energy in the form of heat, but it is too small 
an amount to easily measure. To pull the magnets apart 
you have to do work, which is another way of saying 
you have to use up energy. It’s almost like pulling a rock 
back up a hill. Rolling the rock down a hill actually 
creates a little heat, and pulling the rock back up the 
hill takes energy. In the same way the positive charge 
of the proton pulls on the negative charge of the electron 
and they stick together releasing energy in the process. 
The result is ahydrogen atom, designated H. A hydrogen 
atom is nothing but a fuzzy electron hugging a compact 
proton. The proton is the nucleus of the hydrogen atom. 
If you knock the electron off the hydrogen atom you 
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get a positive ion H+, which is nothing more than the 
original proton. An ion is the name applied to an atom 
or molecule that has lost or gained one or more 
electrons, hence is no longer electrically neutral. 


Lesson 2 


As you know, nature has provided us with more than 
one type of atom. We have oxygen atoms, nitrogen 
atoms, iron atoms, helium atoms, etc.. How do these 
atoms differ? The answer is that they all have different 
types of nuclei (plural of nucleus, from the Latin). And 
these different nuclei all have different numbers of 
protons inside them, which means they all have 
different plus charges. The nucleus of the helium atom 
has 2 protons inside it, hence has plus 2 charge, and 
requires 2 electrons to neutralize its charge. When 2 
electrons stick to it, it becomes a helium atom. The 
oxygen nucleus has 8 protons and has charge 8. When 
8 electrons stick to it, it becomes an oxygen atom. The 
nitrogen atom has 7 electrons, and the iron atoms 
something like 26. But all the atoms are built more or 
less the same way, with a compact positively charged 
nucleus embedded in a cloud of fuzzy electrons. The 
difference in size between the compact nucleus and 
the fuzzy electrons is enormous. The sun has a diameter 
only about 100 times that of the earth. The electron 
cloud on an atom has a diameter which is about 100,000 
times that of the nucleus. Cube these numbers to get 
the difference in volumes. 


Lesson 3 


We now are in a position to understand what chemical 
energy is. The atoms, all electrically neutral, can 
actually join with each other and release more energy. 
This is another way of saying that they can join into 
more stable configurations. The electrons in an atom 
try to configure themselves so as to get as close as 
possible to their nucleus, but their fuzzy nature 
requires that they take up a certain volume of space. 
However, if they join together with the electrons of 
another atom they can usually find a tighter 
configuration that leaves them closer to their beloved 
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get a positive ion H+, which is nothing more than the 
original proton. An ion is the name applied to an atom 
or molecule that has lost or gained one or more 
electrons, hence is no longer electrically neutral. 
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atoms differ? The answer is that they all have different 
types of nuclei (plural of nucleus, from the Latin). And 
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protons inside them, which means they all have 
different plus charges. The nucleus of the helium atom 
has 2 protons inside it, hence has plus 2 charge, and 
requires 2 electrons to neutralize its charge. When 2 
electrons stick to it, it becomes a helium atom. The 
oxygen nucleus has 8 protons and has charge 8. When 
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something like 26. But all the atoms are built more or 
less the same way, with a compact positively charged 
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only about 100 times that of the earth. The electron 
cloud on an atom has a diameter which is about 100,000 
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We now are in a position to understand what chemical 
energy is. The atoms, all electrically neutral, can 
actually join with each other and release more energy. 
This is another way of saying that they can join into 
more stable configurations. The electrons in an atom 
try to configure themselves so as to get as close as 
possible to their nucleus, but their fuzzy nature 
requires that they take up a certain volume of space. 
However, if they join together with the electrons of 
another atom they can usually find a tighter 
configuration that leaves them closer to their beloved 


nuclei. For example, 2 hydrogen atoms can join 
together into a more compact configuration if each 
hydrogen atom contributes its electron to a 2-electron 
cloud, which the separate protons share. In this 
manner they form a grouping of the 2 electrons ina 
single cloud, together with the 2 isolated protons 
spaced apart from each other but still within the 
electron cloud. The result is a heat-producing chemical 
reaction H + H => H,. (The => means “goes to” or 
“becomes”.) The H, configuration is the hydrogen 
molecule, and when you buy a tank of hydrogen gas, 
H, molecules is what you get. Furthermore, the 
2 electrons of the H, molecule and the 8 electrons of 
the O atom can find a still more compact configuration 
by combining their electrons to create the water 
molecule H,O, plus heat. The water molecule is really 
a single cloud of electrons in which are embedded 
the three point-like nuclei to form a minimum energy 
configuration. So when we burn oil or coal we 
reconfigure the electrons to produce more stable 
configurations of point-like nuclei embedded in 
electron clouds, liberating heat. So much for chemical 
energy. 


Lesson 4 


We have slid over one point in the above discussion. 
How does Nature make a nucleus containing two or 
more protons in the first place. After all, each of the 
protons has a positive charge, and the positive 
charges repel each other very strongly when they are 
separated by a tiny distance, equal to the distance 
across a nucleus. The repulsion of like charges is just 
like the repulsion between the north poles of two 
magnets when they are pushed together the wrong 
way. Something must overcome this repulsion, or else 
the only kind of atoms we would have would be those 
of hydrogen. Fortunately, this is not what we observe. 
The answer is that there is a second kind of force 
which acts on protons. This is the nuclear force. The 
nuclear force is very strong but requires particles to 
almost sit on each other to have any effect. Also, there 
is a second kind of heavy particle, which is just like a 
proton, except that it has no positive or negative 
charge. It is not pushed away by the proton’s plus 
charge. This other kind of particle is called the neutron, 
since it is electrically neutral. A peculiar fact of life is 
that it exists in stable form only inside a nucleus. 
When not in the nucleus it changes into a proton, an 
electron and a very light anti-neutrino in about 10 
minutes. But it lasts forever inside a nucleus. Anyway, 
the neutron and the proton very strongly attract each 
other once they get close enough together, and then 
they combine to form a highly stable pair called a 
deuteron, which we designate D+. The single 
deuteron, when it combines with a single electron, 
forms the heavy hydrogen atom called deuterium, 
designated D. A second nuclear reaction occurs when 
two deuterons make contact. When they can be forced 
together so as to make contact, the 2 deuterons fuse, 


making a doubly charged particle. The grouping of 
2 protons and 2 neutrons is even tighter than the 
proton-neutron grouping in the deuteron. The new 
particle, when neutralized by 2 electrons, is the 
nucleus of the helium atom, designated He. Larger 
groupings of neutrons and protons exist in nature and 
serve as the nuclei of carbon, nitrogen, oxygen, and 
iron, etc. atoms. All of these groupings are made 
possible by the very strong nuclear force, which is 
felt between particles only when they are in contact 
or share the same nucleus-size volume of space. 


Lesson 5 


We can now understand normal nuclear energy, which 
is really nuclear fission energy. During the early history 
of the universe massive stars were formed. In the 
explosion of these massive stars, lots of different types 
of nuclei were formed and exploded back into space. 
Second and later generation stars and planets were 
formed from this mix, including the sun. In the explosion 
process probably every possible stable configuration 
of protons and neutrons was produced, plus some 
almost-stable groupings, such as the nucleus of the 
uranium atom. There are actually 3 different types of 
uranium atom nuclei, called uranium-234, uranium-235, 
and uranium-238. These “isotopes” differ in their 
number of neutrons, but they all have 92 protons. The 
nuclei of all uranium atoms can go to a lower energy 
configuration by ejecting a helium nucleus, but this 
process occurs so rarely that the Earth’s uranium has 
already lasted over 4 billion years. But the uranium 
nuclei are unstable in another way. In general, 
groupings of protons and neutrons are happiest if they 
have about 60 protons-plus-neutrons. The uranium 
nuclei contain more than three times this number. So 
they would like to split in two, which would release a 
lot of heat. But nature doesn’t provide a way for them 
to split apart. They have to first go to a higher energy 
configuration before splitting in two. However, one of 
the three forms of uranium nucleus found in nature 
called uranium-235 and designated ?°U, gains the 
needed energy if it captures a neutron. The energized 
nucleus that results from neutron capture then splits 
apart with the release of an enormous amount of energy, 
and incidentally with release of additional neutrons. 
The additional neutrons can then split more uranium-235 
nuclei, keeping the reaction going. This is what 
happens in nuclear power plants, where the heat, 
which is the end product of the nuclear splitting 
process, is used to boil water, generate steam, and turn 
electrical generators. (One also gets lots of radioactive 
products, which are a nuisance to dispose of safely.) 


Lesson 6 


We are now also in a position to understand hot fusion 
nuclear energy. As mentioned in lesson 5, the groupings 
of protons plus neutrons is most stable when the 
numbers of neutrons and protons approximate those 
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found in the nucleus of an iron atom. Just as uranium 
has too many neutrons plus protons to be 
comfortable, so the light elements like hydrogen, 
helium, carbon, nitrogen and oxygen have too few. 
If the nuclei can be made to make contact under 
proper conditions, they can combine to create more 
stable groupings, plus heat. This is the process of 
fusion. Nature has found a way of doing this in stars 
like the sun. All Nature has to do is heat compressed 
hydrogen hot enough and wait long enough and hot 
fusion will occur. If Nature were to start with 
deuterium, which already has a paired proton and 
neutron, the task would be relatively easy in a star. 
Temperature is a measure of how much speed an 
atom of a given type has as it bangs around inside 
a cloud of such atoms. The higher the temperature, 
the higher the speed and the closer the atoms get 
to each other momentarily during a collision. In a 
star the temperatures are high enough that all the 
electrons quickly get knocked off the atoms, so one 
is really dealing with a mixed cloud of electrons and 
nuclei. At very high temperature the nuclei 
occasionally get close enough during collisions for 
the pulling-together short range nuclear force to 
turn on. Then the nuclei can stick together and go 
to alower energy grouping of protons plus neutrons, 
releasing heat. Hot fusion nuclear energy is an 
attempt to carry out this process in the lab, using 
deuterium and mass-3 hydrogen (whose nucleus is 
a compact grouping of 1 proton and 2 neutrons) as 
the gas. Hot fusion requires that the gas be 
contained at temperatures of hundreds of millions 
of degrees, which can be done with the help of 
magnetic fields, but only for 1 or 2 seconds. The 
hope is to contain the gas for longer times. During 
the period of high temperature containment nuclear 
reactions occur during collisions. The main form of 
energy release is ejection of high energy neutrons 
and protons. The proton energy quickly converts to 
heat. The neutron energy can also be converted to 
heat but makes the equipment highly radioactive. 
It then becomes difficult to repair the equipment, 
which could make hot fusion a poor candidate for 
commercial power production. In any case hot 
fusion power is a dream that is still probably at least 
50 years away. But most scientists view hot fusion 
as the only way to achieve fusion power. Hot fusion 
produces less radioactivity than fission power, is 
environmentally benign, and has a virtually limitless 
fuel supply on earth (many millions of years at 
present energy usage rates). 


Lesson 7 


So now we come to cold fusion. Cold fusion may 
provide an easier and non-radioactive way of 
releasing nuclear fusion energy. Cold fusion relies on 
a different way of letting the protons and neutrons 
in one nucleus make contact with those in another 
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nucleus, so that the nuclear force can bring them into 
amore stable configuration. The requirement for any 
nuclear reaction to occur is that the reacting nuclei 
occupy the same volume of space. This condition is 
called particle overlap. In hot fusion particle overlap 
is brought about briefly by banging the nuclei 
together so as to overcome momentarily the repulsion 
of the two positive charges which try to keep the 
particles apart. In cold fusion particle overlap 
conditions are achieved by making deuterium nuclei 
act as fuzzy objects like electrons in atoms, instead 
of like tiny points. When either light or heavy 
hydrogen is added to a heavy metal, each hydrogen 
“atom” occupies a position inside the metal where 
it is surrounded by heavy metal atoms. This form of 
hydrogen is called interstitial hydrogen. With 
interstitial hydrogen the electrons of the hydrogen 
atom become part of the pool of electrons of the 
metal. Each hydrogen nucleus oscillates back and 
forth through a negatively charged electron cloud 
provided by the electrons of the metal. They can be 
thought of as moving back and forth like the 
pendulum in a grandfather clock. This vibration 
exists even at very low temperature, due to a 
peculiarity of a branch of physics called quantum 
mechanics. The vibration is called zero point motion. 
The nucleus then becomes a fuzzy object, like the 
electrons in an atom. But this amount of fuzziness is 
not enough to permit a hydrogen nucleus to make 
contact with another hydrogen nucleus. To get two 
or more hydrogen nuclei to share the same volume 
one must go one step further. In a metal electrical 
current is carried by electrons that act more like 
vibrating matter waves than like point particles. If 
electrons did not become wave-like inside solids, 
there would be no transistors and no present day 
computers. This wave-like kind of electron is called 
a Bloch function electron. The secret of cold fusion 
is that one needs Bloch function deuterons. One 
needs wave-like deuterons inside or on the surface 
of a solid in order that two or more deuterons share 
the same volume of space. But once the Bloch 
function deuterons are created, the nuclear force 
comes into play and the protons and neutrons making 
up the deuterons can rearrange themselves into the 
more nuclearly stable Bloch function helium 
configuration, with release of heat. To study cold 
fusion the experimenter has to force deuterons to 
assume the wave-like form and keep them in the 
wave-like state. Cold fusion experiments 
demonstrating release of excess heat show that this 
can be done. But at present no one knows how to do 
it reliably. Since cold fusion promises millions of years 
of energy without the problems of global warming 
or radioactivity, a real effort should be made to learn 
how. 


For more tutorials go to www.hometown.aol.com/cffuture1 
and www.hometown.aol.com/cffuture2 


LENR (Low Energy Nuclear Reactions) 


Experiments 


Review from 
http://www.lenr-canr.org 


Have you ever wondered what a physics laboratory 
looks like? They are seldom spacious or organized the 
way they are shown in movies. Most LENR researchers 
work at universities or home laboratories, with tight 
budgets in a crowded space. They keep old, broken 
equipment on shelves to scavenge parts for new 
experiments. In this section we present some 
photographs of equipment provided by researchers, 
and close up pictures of equipment. The actual cells, 
cathodes and other equipment used in electrolysis 
experiments often have an ad-hoc, home-made 
appearance, because they are made by hand. They 
have to be; they are unique, one-of-a kind prototypes. 
Nothing quite like them has ever been made before. 


A visitor seeing a LENR experiment the first time may 
feel disappointed. It looks like any other electrochemical 
experiment. The heat or neutron flux produced by the 
experiment are so small they can only be detected with 
sensitive instruments. A null cathode that produces no 
effect looks exactly like an active cathode. The difference 
between one cathode and another is in the microscopic 
structure, or the traces of elements mixed in with the 
palladium. Only one kind of cold fusion looks dramatici. e. 
the glow discharge reaction. 


Here are a few photographs of cold fusion cells and 
devices (also see the cover page). 
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Fig.1 


Box Calormeter 


On Fig. 1 there is a 
calorimeter constructed 
by Edmund Storms. Note 
the DieHard® battery, 
lower right, that serves 
as an unninterruptable 
power supply. A power 
failure can ruin an 
experiment. Whenever 
possible, inexpensive, 
ordinary materials and 
instruments are used. 
However, experiments are 
never cheap, and they 
cannot be done on a 
shoestring. The equipment, 
arranged for another 
experiment (see Fig. 2), 
costs about $40,000. 


Fig.2 (On the left) 
Vacuum system to prepare 
particles for gas loaded cold 
fusion cells, courtesy 
E. Storms. 
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Fig.4 
A cell at ENEA Frascati 
Fig.3 
A high resolution mass spectrometer used for on-line helium 
detection during a cold fusion experiment at C. R. ENEA Frascati. 
(http://www.frascati.enea.it/nhe/) 





Fig.5 Fig.6 


A flow-type cell, courtesy E. Storms Close up of a Miley-style cell, courtesy E. Storms 
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Fig.7 Fig.8 
A cell installed inside a Thermonetics Seebeck calorimeter with 
the lid removed, courtesy E. Storms 
On the Fig. 8 you can 
see a glow discharge 
electrochemical cell at 
TH Power Hokkaido University, 
meter courtesy T. Mizuno. 
Thermo-couple | The cell is installed 


IH Logger inside a crowded 

constant temperature 
air-cooled chamber. It 
placed on a magnetic 
mixer. Cooling water is 
pumped through the 
plastic tubes attached 
to the top and bottom. 
The muffin fan at the 
back circulates the air 
in the chamber 
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Fig.9 


A schematic of the 
calorimeter shown above. 





Hydrogen power 
engineering 


Faraday Laboratories Ltd, Moscow, and 
Spectrum Investments Ltd, London, started 
joint R&D project on hydrogen power 
engineering. Photo: Alexander V. Frolov, 
Faraday Laboratories Ltd and Nicholas Moller, 
Spectrum Investments Ltd. The project 
includes designing and building of prototype 
to use hydrogen recombination process for 
heat generation. 
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Part I 
“let’s go to the Mars!” 


Nowadays it becomes evident that exploration of deep 
space by means of rocket equipment is impossible. 
Aircrafts, which run on jet thrust, are too expensive 
and unreliable. Besides, they are too slow-speed if were 
considered on a scale of solar system. For example, the 
flight to the remote areas of our planetary system can 
drag on tens years. But the main disadvantage of 
rockets is their low load-carrying capacity. Thus, the 
most powerful transport system “Progress” can deliver 
less than 100 ton of load to the orbit of the Earth, and 
only 1 ton to the orbit of the Mars. Rather natural 
question arises as to whether any alternative ways of 
space exploration exist? Are there any transport 
systems, which can compete with rocket equipment 
on the interplanetary routs of future? Actually, at 
present there is only one technology, which is 
alternative to rocket ones — it is the so-called light 
sailers, using light pressure for acceleration. Laser and 
maser can be also used for their acceleration from 
satellites. However, there are also some disadvantages 
here. 


There is also one more transport system, which is 
undeservedly consigned to oblivion. It uses electricity 
in acceleration aggregate. This transport system or the 
electric propulsion system is a result of researches and 
investigations of two little-known, but extremely 
talented American physicians and inventors, Thomas 
Townsend Brown and Paul Alfred Biefeld (the last one 
was also a professor of Astronomy). 


Thomas T. Brown was the first who discovered electric 
principle of this propulsion system. Thus, in twenties 
of the XX century Thomas T. Brown, being the student 
of secondary school, became interested in X-rays. He 
wanted to reveal if the rays, outgoing the X-ray unit, 
could take positive effect. For his researches the 
inventor had got Coolidge Tube, the device, which 
radiates X-rays and consists of a glass tube. Deep 
vacuum is created in this glass tube. Anode and 
cathode are placed in the tube. Cathode radiates 
electrons and anode brakes them. X-rays are created 
at striking of electrons against anode. Brown used 
Coolidge Tube in the way nobody had done before. For 
ease of handling the researcher suspended the device 
on wires, which run to anode and cathode parallel to 
the Earth. During the operation of the device he noticed 
that every time when current fed to the tube, the tube 
was moved aside and tended to make slight 
progressive motion. Subsequent experiments 
demonstrated that the deviation value depended only 
on the value of voltage, which is between anode and 
cathode. The higher voltage is, the more deviation. 
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X-rays were neither here not there. Much later at 
participation of Paul A. Biefeld, the same tendency to 
move was revealed at plane disc capacitors. The 
reason, which causes this motion, is the same, i.e. 
voltage, which exists between plates and not between 
anode and cathode as in Coolidge Tube. 


Having run series of experiments, the researchers 
proved that electric energy could be directly 
transformed to mechanical. They also devised the 
physical principle, which were included in the scientific 
annals as Biefeld-Brown effect. 


Editor’s: Let us note that earlier Ampere and Faraday 
have been working on Electrokinetic effects which are 
easily detected at strong current. Modern researches on 
this point are known as “Sigalov’s effect” (force appears 
in electric conductor which is bent at angle and at 
current impulse). 


The essence of this effect lied in the fact that charged 
disc electric capacitors tend to move in the direction 
of their positive pole. At formulating of the essence of 
this effect the scientists consciously did not mention 
Coolidge Tube in order to demonstrate that according 
to their experimental observations, electron streams 
were not involved in generation of electromotive force. 
This effect of the direct transfer of electric energy to 
mechanic one (Biefeld-Brown effect) is observed, when 
current is fed to the Coolidge Tube or to the plane disc 
capacitor. 


However, all this was realized much later, when in 
1923 Brown became a student of Dennis University in 
Greenville, Ohio, where he met his teacher and later 
on a coauthor, Paul A. Biefeld. In school time the 
inventor came to the conclusion that the reopened by 
him phenomenon has nothing in common with X-rays 
and that high voltage, used for rays generation, is the 
basis of this phenomenon. Besides, Brown designed 
a device named “Gravitor”. It looked like a usual 
bakelite box and was made as a simple construction, 
which consisted of several flat aluminum plates. The 
plates were placed as coins in a rouleau and separated 
with dielectric. It had only to place the box on the 
scale and connect it to some energy source with 
100 kV voltage as the device either lost or put on about 
one percent of its weight that depended on polarity. 
An outside observer, who was not familiar with the 
essence of this effect, could think that mass was really 
changed. (Editor’s: Weight but not the mass is changed 
here. Weight is the force. There is a possibility of partial 
compensation of the weight by another force.) But this 
was not the case. For better understanding of the 
processes, which take place at gravitor operating, let 
us make a mental experiment. Let us take a weight, 
put it on the scale and then raise it a little. The scale 
will certainly show that the weight has become 
lighter. After that let us press the weight then the 
scale will show that it has become heavier. However, 
in fact mass does not change. In the same way motive 
force, caused by high voltage, slightly raises the 
gravitor and at changing of polarity presses it. At that 
it seems that there is some change in weight. Thus, 
as if by chance, the scientist has discovered effect of 
direct transition of electric energy into mechanical one. 
(Editor’s: Let us specify the author’s terminology. In 
TT. Brown's Patent of 1927 it was mentioned that there 


was generated a force which partially compensated 
weight. The matter was always about the generation 
of x-force while gravitational field remained 
unchangeable). 


Having graduated from the University, from 1926 up to 
1952 Brown already by himself was being occupied with 
development of his electrical propulsion system. At the 
same time whether in chase of fame or in hope to obtain 
money for his researches, T.T. Brown began asserting 
that he had discovered something new in physics, viz 
“electrogravitation”, i.e. some connecting effect between 
gravitation and electricity. (Editor’s: In my opinion, 
T:T. Brown has never posed a problem in such a way. 
The matter always concerned the fact that X-force 
appears while gravitational field does not change.) As 
for the development of the invention, it came to the 
decrease of weight of the device and increase of DC 
voltage, which fed the plates of the “gravitor”. Asa 
result the devices could fly and lift weight which greatly 
exceeded their own. Thus in 1953 in his laboratory Brown 
demonstrated the flight of aircraft which had a disk form. 
The device made 51 m/c (180 km/h), flying at circular 
course of 6 m diameter. This device was nothing but 
very lightweight capacitor in which by means of the 
special construction electromotive force was redirected 
in two planes upward and sideward. It made the device 
rise in air and fly around the mast. Current of 50kWtt 
voltage was supplied to the central mast by the wire. 
Then speed of “flying disks” became higher, the payload 
capacity was increased but that was again resulted by 
decrease of weight and increase of the supplied voltage. 
T.T. Brown so succeeded in decreasing of the thickness 
of capacitor plates and in making his devices superlight, 
that the witnesses of these demonstrations called these 
devices as “air films”. 


Later on all works in this area were placed on secret 
list and then closed because of lack of prospects. Thus, 
accounts and experiments demonstrated that it was 
impossible to overcome terrestrial attraction entirely 
and go to outer space by means of the gravitor 
because there are no such natural materials which 
could take huge electric and heat loads. Besides, 
sufficiently massive electric power station would be 
needed to produce required currents. (Editor’s: 
Thereupon the following question appears: why the 
author looks for “currents” while the essence of the 
technology is in applying of high voltage but not of 
the currents?!) Moreover some alternative was made, 
i.e. jet engines. Gravitor could not compete with them 
by above-mentioned and quite objective reasons. In 
time, since the mechanism of transition of electric 
energy into mechanical one was not disclosed and 
Brown's populist idea has received some publicity, this 
effect became surrounded with idle talks and guess- 
works. However the scientists who researched this 
very effect, has developed only three theory wh ich 
could explain its existence. 


The first theory was suggested by T.T. Brown, the 
discoverer of this effect. To his dying day Brown 
asserted that he had discovered the effect which could 
connect gravitation and_ electricity, i.e. 
“electrogravitation”. But this theory can be easily 
refuted by practice. It is enough to put Brown's bakelite 
box to the scale in such a way as to place the plates of 
the “gravitor” at right angle to the surface of the scales. 


Then poles of the “gravitor” will be placed at the same 
level and parallel to ground and as a consequence 
electromotive force will influence in no way on the 
scale, since this force is directed sideward but not 
upward or downward. The scale will accurately show 
that there are no changes in weight and hence there is 
no electrogravitation. (Editor’s: The author will obtain 
propulsive force and it is directed not upward and 
downward but sideward. However the effect exists in 
any case. The changing of weight appears only when 
propulsive force generated by the device is directed 
against the weight force, i.e. upright.) 


The second theory was suggested by T. Brown's 
opponents. They asserted that electromotive force 
appears as a result of the so called “electron wind”, i.e. 
electron streams which exist between the plates of the 
“gravitor”. In their argumentations Brown's opponents 
rest upon the following facts which are well-known to 
every physicist. Fast electrons, as well as photons, have 
dual properties, i.e. interacting with matter and 
environment, they behave both as a wave and as a 
material particle. Since light or photons carry energy, 
then they heat bodies which are in their way and put 
pressure on the illuminated surface etc. Similarly electron 
streams carry heat or kinetic energy and hence they can 
put pressure on the anode of Coolidge Tube and get it 
moving forward. This theory seems to be interesting, 
however it explains appearance of electromotive force 
only in Coolidge Tube, but there is no explanation why 
discoid capacitors tend to move. Point is that there are 
no free electron streams in the capacitors. Usually 
between the plates of capacitors there is a dielectric 
which brings electron streams to nothing. If there is no 
electron wind, then what makes capacitors move? 


Editor’s: There is always a surface charge and reactive 
outflows of ions. But it is just a partial explanation of 
Biefeld-Brown’s effect. 


The third theory is based on the following fact. It is well 
known that electrons can have heat or Brownian chaotic 
motion. Free electrons, placed in a conductor, are in the 
similar chaotic heat motion before voltage is applied to 
this conductor. The higher temperature of the 
environment is the higher speed of this heat motion. 
According to school course of physics, heat energy or 
energy of chaotic motion of molecules (electrons) can 
be entirely transferred into mechanical one. If all 
molecules (electrons) start to move simultaneously and 
in the same direction, and if they push some piston 
toward this direction then heat energy of molecules 
(electrons) will be entirely transferred into mechanical 
work. In other ways, this piston will move until 
molecules (electrons) calm down. It is considered that 
this process is unrealizable in practice. 


However, it seems that this is not quite the case, i.e. it 
is possible to regulate chaotic heat motion of electrons. 
Obviously this process takes place in the capacitor and 
in Coolidge Tube. It is no secret that when negative 
electrons try to move to the neighbor positive charged 
electrode, then dielectric layer which is placed between 
the plates of the capacitor prevents it. Electrons rest 
upon this layer and start to heat. Their internal energy 
is also increasing. The higher voltage is the higher 
heating of electrons, i.e. their capacity to have chaotic 
heat motion increases. However, chaotic motion of 
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electrons is not observed on the capacitor plates, since 
the directed force (voltage) influences electrons. 
Electrons tend to move upward, downward, to the right 
and to the left, but voltage prevents it. Thus they just 
are forced to move in space in one direction and with 
the same speed. Capacitor or gravitor has to move 
alongside with electrons because plates of the 
capacitor (gravitor) become a piston which is pushed 
by heated electrons. This piston is in progressive 
motion. It starts to move under the influence of 
electrons, or rather together with electrons. The higher 
voltage is, the higher temperature of electrons and 
hence the higher their speed. Therefore speed of 
capacitor (gravitor) increases at voltage increase. There 
is a usual chain, i.e. electric energy transfers into heat 
energy and heat energy transfers into mechanical one. 
Approximately the similar process takes place in 
Coolidge Tube, but there the heat of electrons is caused 
by thermoelectric emission on the cathode. Electrons 
evaporate from the cathode surface. Voltage, existing 
between anode and cathode, makes electrons move in 
one and the same direction. They move towards anode, 
which serves as piston and takes heat push upon itself, 
i.e. it transfers heat energy of electrons into mechanical 
work. It is clear that the higher voltage is the more 
intensively electrons are heated. Therefore electrons 
more intensively influence anode and the suspended 
tube is deviated to a greater extent. (Editor’s: 
Nowadays this very explanation is the most admitted 
one. ) 


Resting upon Biefeld-Brown's theory and experimental 
results and at sufficient financing, already within the 
next few years it would be possible to create a unique 
electric engine which can operate on hot or quick 
electrons. Besides there will appear a possibility to 
orbit the first spaceship equipped with a propulsion 
system similar to gravitor one’s. In near future 
scheduled cargo-and-passenger service could be 
organized within planetary system. First of all such 
transportations can be organized between the Mars, 
Moon and Venus orbits that will let to start active 
colonization of these planets. 


Thus, more than 200 flights to the Moon and back and 
about 70 flights to the Mars are possible by means of 
the gravitor which is made of modern fusions and 
dielectric materials and which is placed on the Earth 
orbit. At that there is a minimum risk for its breakdown 
during the flight, because gravitor has no movable parts 
and no explosives are used. Negative consequences 
for the crew in an improbable emergency are 
insignificant. Even if high voltage causes disruption of 
dielectric layer between the electrodes and voltaic arc 
appears then the spaceship, equipped with such a 
propulsion system, will mechanically arrive its 
destination. The source of energy will be its only trouble 
spot and it will happen only if nuclear reactor instead 
of solar batteries is used. There is also an idea to attach 
dwelling capsules and cargo bays, equipped with such 
electric engine, one after another, like carriages are 
attached to a locomotive. It will let to equip this 
interplanetary vehicle in several stages by compactly 
packed modules which are delivered from the Earth. 
Unfortunately, this project exists only on paper and 
support of government or financial institutions is not 
expected in the near future. Faint hope is rested upon 
enthusiasts but there are too few of such people, 
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besides almost all of them are rather hardly related to 
space flights and science. Most of scientists even hear 
nothing about Biefeld-Brown Effect, because it has 
never become widely known, since all works of this 
field, except the very first experiments from the USA, 
were run and then closed in secrecy. 


Part II 
“_,.it’s time to go to the stars” 


Due to the theory of relativity there is an ingrained belief 
of several generations that it is impossible to move with 
more than 300 000 m/c speed, i.e. to move faster than 
light, since the postulates of this theory read that mass 
is directly depended on speed. Calculations 
demonstrate that while speed of some accelerated 
body verges towards light speed its mass will increase 
and in the point of equilibrium (V=c) it will 
unrestrictedly increase. Hence acceleration will tend 
to zero and speed will not virtually increase, no matter 
how long acceleration speed acts on the object. In other 
words, the accelerating mass dissipates speed. In 
principle it is correct but another conclusion can be 
also drawn from the dependence of mass and speed, 
for example, the following one: to accelerate an object 
to the speed which exceeds light speed, mass of the 
accelerated body should decrease and its speed should 
increase. Any physicist will say that this statement is 
correct. At first sight it is practically impossible to 
realize this idea therefore it was wrongly give to writers 
of science fiction. They added this idea to their armory 
and the hypothetical device, which realizes it, was 
named as gravitational engine. Let us realize this idea 
from the practical point of view and basing only on facts 
and logic. 


Thus let us apply to the facts and give the description 
of one experiment. Professor of Pulkovo Observatory 
N.A. Kozyrev is the author of this experiment, he was 
also the first to discover the phenomenon of lunar 
volcanism. Kozyrev used a gyroscope, i.e. the device 
consisting of two rings of different diameter. These 
rings are placed athwart one in another and movably 
jointed. Top is attached to the inner ring through the 
cardan. The scientist put usual thermos filled with hot 
water near the beam scale. The top of the gyroscope 
was preliminarily spun up counterclockwise. At that 
balance indicator showed that gyroscope top at 
90 gram weight became 4 milligram lighter in weight. 
Then Kozyrev started to pour water of room temperature 
inside the device through the vinyl! chloride tube fixed 
into the hole, which was made in the plug of the 
thermos. Seemingly it is impossible to influence upon 
the gyroscope operating and its weight by a balloon 
filled with hot water, which is being cooled. Besides 
the thermos consists of a double-walled container 
which practically entirely excludes heat exchange with 
the environment. However balance indicator moved at 
one or two points, i.e. such connection existed. 


This experiment can be divided into two steps. At the 
first stage the thermos filled with hot water is placed 
near the gyroscope and we can register the decrease 
of the top weight. At the second stage water of room 
temperature is poured into the thermos and the scale 
again shows that the weight has been changed. 
Somehow Kozyrev explained the second stage of this 


experiment. He assumed that when we pour cold water 
in the thermos, then the equilibrium of the system is 
broken because some irreversible processes take place 
there. Cold water can not cause temperature increase 
of water in the thermos. Until the system come to 
equilibrium at a new level, i.e. until the same 
temperature is set in the whole volume of the thermos, 
this process will cause the condensation of time which 
“additionally” influences the top. However the scientist 
missed that the weight of the top had decreased long 
before the moment when cold water was poured into 
the thermos, i.e. before irreversible processes appeared 
there. (Editor’s: Evidently, the author of the article is 
not well familiar with Kozyrev’s researches and with 
works of other experimenters who investigated this 
problem.) In other words, at the first stage of the 
experiment there is nothing to condense time and that 
insignificant weight condensation, which was equal 
to 4 milligram, absolutely does not fallen into his theory. 
Some other process is presented there. 


It is quite possible that at the first stage of the 
experiment we deal with nullification of the top weight, 
i.e. mass of the top tends to zero. Some conclusion 
arises from this assumption, i.e. hot water can influence 
the mass of the top in some still incomprehensible way. 
(Editor’s: The point is not in water temperature but in 
the process of changing of the entropy.) Thus there is a 
simplest and primitive model of the gravitational 
engine, viz there are hot water along with gyroscope 
and the required decrease of mass at the “outlet”. 
Certainly, it is very bold assumption but it can be easily 
checked. Near the gyroscope there should be placed 
thermos filled with not boiling water (of 100°C 
temperature) but with water of 50°C temperature. If 
the weight of the top decreased by one half (for 
example, by 2 milligram instead of 4 milligram), then 
we can surely ascertain that the hotter water in the 
thermos is the more decrease of mass. Besides, each 
100°C of water heating will decrease mass of the top 
by 4 milligram. It is not very difficult to calculate the 
temperature at which mass of the top will verge toward 
zero and the top will start accumulating negative mass. 


Let us now assume that our experiment was successful 
then water as well as any other matter cannot be heated 
to such high temperature. However it is possible to heat 
electrons. They are very compact and have insignificant 
mass and can be heated to very high temperature. It is 
necessary to take several plates then to place a dielectric 
between them and to apply voltage. Electrons rest on 
the dielectric and start heating. The top can be rotated 
anti-clockwise by means of electric engines, i.e. 
capacitor and gyroscope should be combined in one 
system with common center of gravity. It is not very 
difficult, as the saying goes, it is just an engineering 
problem. The higher temperature of electrons is the more 
decrease of the top mass. Finally there is amoment when 
mass of the capacitor-gyroscope system will reach zero 
and this electric machine will rise to the surface of the 
gravitational field of the Earth or any other planet. It 
will be Biefeld-Brown’'s force that will make our 
apparatus taking off the gravitational field of the Earth. 
This very force will start to accelerate our apparatus in 
the space vacuum and top of the gyroscope will lose its 
mass which appears at acceleration. Thus it is quite 
possible to reach speed, which is close to the light one, 
or even to overcome the threshold of light speed. 


Part III 
“_..what is new?” 


What is implied by gravitational waves? This question 
has been exciting the scientists from the half of the XX 
century. But still nowadays, in spite of all attempts of 
the scientists to dissolve the problem, these waves 
were not discovered. There is a standard way to 
discover them, which is based on general relativity. 
Basing on this theory, scientists assume that 
gravitational waves should change in some way the 
weight of material objects. According to this 
assumption the scientists suspend very heavy balls to 
very precision scale and then try to trace changes of 
their weight. There were only negative results. It seems 
that mass changes so quickly and to such short period 
of time that scale fails to react upon these changes. 
However there is another way which seems to be very 
promising. 


Dependence of time and gravitation is a well-known fact. 
Thus speed of time course depends on force of the 
gravitational field of an object. Stars and planets can be 
considered as an example. The more intense attraction 
near them the more slowly time passes there. In other 
words, the greater mass of the planet the more slowly 
time passes near it. It is possible that oscillations of 
masses, which generate gravitational waves, in some 
way change speed of the time course along the whole 
way of the propagation of gravitational waves. In other 
words, gravitational waves are always attended with 
slight time fluctuations. Time starts to pass a little faster 
or a little more slowly as compared with its usual course. 
These changes can be traced by means of usual quartz 
plates. Let me remind of the fact that quartz plates are 
used at some models of clocks to keep time. Thus, 
oscillations of gravitational masses produce in space 
both gravitational waves and time fluctuations 
(chronowaves), which can be easily detected. Possibly 
these chronowaves are the part of gravitational waves. 
This assumption is already a scientific fact which is 
unfortunately ignored by more than one generation of 
researchers. 


Professor N.A. Kozyrev was the first who surmised about 
the existence of time ways (chronowaves). He called 
them as “time flows”. The scientist worked out and run 
a simple experiment to confirm his hypothesis. Telescope 
and quartz plates were used. Quartz plates were placed 
in focus of the telescope, which was pointed to some 
bright star. Its objective lens was covered with black 
paper or tin plate in order to exclude the influence of 
light beams. At that quartz plates reacted upon the 
presence of chronowaves. Thus there was changed the 
frequency of oscillations of plates which were placed in 
focus of the telescope. 


Besides the scientist discovered that in focus of the 
telescope there were changed electroconductivity and 
volume of some matters. It is explainable since some 
parameters of space as well as speed of passing of some 
physical processes and phenomena depend on the 
speed of time course. Outwardly it appears in change of 
electroconductivity and volume. In spite of the fact that 
during the experiments tin plate (thick metal cover) was 
used some skeptics insisting that the point is in infrared 
radiation which is produced by the heated cover. 
However they was silenced by Kozyrev’s researches. 
Basing on the fact that we usually see stars not where 
they really are, but at the place they were at the moment 
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of emanation of light signal, the scientist calculated the 
location of Procyon star, which is the nearest to the Earth. 
Kozyrev pointed the telescope to this “clear” part of the 
sky zone that allowed to avoid the influence of infrared 
radiation and to fix the location of the star. Thus it is 
nothing but chronowaves generated by the star that can 
change oscillation frequency of quartz plates. 


After Kozyrev’s death this field of research is not 
considered by official science and the very existence of 
chronowaves is denied. Only some theorists warily impute 
the above-listed effects to the action of some torsion fields 
and waves the existence of which is rather questionable. 
However chronowaves exist and they can be used in 
practice, for example, to get information from any point 
of our galaxy in several seconds. It is quite possible since 
chronowaves have no mass and thus they are 
propagated more quickly than light waves. However it 
is still a question what will transmit this information to 
us because the transmitter of these waves yet has not 
been invented. (Editor’s: It is interesting what mass of 
light waves the author means. It is a pity that the author 
of the article did not read 9 previous issues of NET 
magazine! There was a detailed demonstration of the 
connection of Kozyrev’s theory and experiments with the 
theory of longitudinal waves in aether. If to replace 
Kozyrev’s notion of “waves of time density” by the notion 
of “waves of aether density” then we will get a real 
experimental approach which can help to solve the 
problem of antigravitation and time control.) 


Of course theoretically chronowaves can be also 
generated without participation of great gravitational 
waves (it seems that heat processes can also generate 
them). However no particular success was achieved in 


this field. Thus by means of chronowave transmitter it is 
possible just to “listen” to remote stars the light of which 
will reach the Earth in many years. This receiver is very 
simple and it can be made by anyone who knows a little 
about radio engineering. Under home conditions it is 
better to use a miniature incandescent bulb (lamp with 
filament tungsten) as a receiver and usual ohmmeter as 
measuring instrument. 


If in usual receivers radio waves are excited by weak 
electric currents existing in antenna then chronowave 
antenna is constantly under tension. Chronowaves do not 
excite current there but change some characteristics of 
it, influencing on electroconductivity of the matter which 
was used for the antenna (let us remember Kozyrev’s 
experiments). Later on these insignificant changes are 
transferred in audio signal or fixed by any other means. 
That is the principle of operation of the device. 


Editor’s: These experiments on the registration of flicker 
effect in more detail are described in A.M. Mishin works 
which were published in previous issues of our magazine. 
As the reader could notice, the editors’ opinion in many 
respects does not coincide with the author’s point of view. 
(Alexander V. Frolov) 
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Time Machine 


Alexander V. Frolov gave this interview to the Spain 
magazine “Mas Alla de la Ciencia” (“Science”). The 
interview concerns some questions about scientific- 
research work on investigation of active properties of 
time. Let us remind that in 2002 Faraday Lab Ltd and 
Vadim A. Chernobrov (Moscow) started the join Time 
Machine Project. 


Miguel Segui: How does it value the results obtained by 
the prototype of time machine? 

Alexander V. Frolov: Usually it is about 3% changes, i.e. 
3 sec per 100 sec of experiments. 


M.S.: How other devices are preparing inside the project 
Time Machine? 

A.F: Now we have project with special electromagnets, 
which are emitters of the longitudinal waves. So, other 
devices are electronics parts to provide impulse current. 
But it is not the only one version of the system. If the 
emitters of the longitudinal waves are based on other 
principles so all device has other design. 


M.S.: Do you believe that some day the time trips will be 
possible? 

A.F: Yes, sure. We have the clear theory for it and it is 
based on understanding of physical sense of the aether, 
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its relation with notion of time and with concept about 
existence of elements of matter in space-time. According 
to aether-vortex theory any element of matter is created 
from aether and its temporal parameters depend on 
density of aether. 


M.S.: What practical applications can have the prototypes 
that are developing? 

A.F: Any change in the time course is the method of 
influence onto biological systems and the medical aspect 
is the main application. Also any physicist know relation 
between G (the gravity constant) and time course (rate 
of time). For example, time is slower on the surface of 
Earth than in space. So, local time changes (which are 
changes in density of aether or direction of aether wind) 
can be used to get propulsion force without reactive mass 


flow. Also we can hope that some new materials can be 
produced in special area of slowed or accelerated time 
course. 


M.S.: Which are the main difficulties of developing of these 
devices at the moment? 

A.F: For us now it is a part of the work that is related 
with designing of the powerful current electronics circuits. 
Also there are no known analogies for patent work, but 
we hope to complete our patent claim in March of 2003. 


MLS.: Is it foreseen that they carry out experiments with 
human beings and the machine of modification of the time, 
just as V. Chernobrov carried out? 

A.F: We, i.e. Faraday Laboratories Ltd, are developing 
small unit for testing of the principles. In future we'll work 
with other design and with participation of the pilot 
(human passengers). But it will be the system of other 
kind. Let me explain: now we are working to get small 
local change of the aether density, so called “chronal 
charge”. It is analogy with electric charge, which 
produces electric field in space. If the electric charge is 


moving then it will produce magnetic field. According to 
our plans after confirmation of the principles we are going 
to create design with moving “chronal charge” to 
generate “chronal field”. There are suppositions that this 
field can be used practically for antigravitation propulsion 
transport. 
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For the while, this project has only these two names, as 
above. There is still a lot to do upon this development 
that involves free energy and / or “over-unity”. It is 
designated to be of free use and application by everybody 
and everywhere, without any royalties just like it was a 
very old idea, which is now opened for entire community 
use. The inventor has enough strong reasons for this will. 


This is a kind of donation, a personal donation, for the 
very best future of the Earth. Pioneers are needed (late 
pioneers?) Any person may be involved in this 
development to make money since there are no barriers 
for that. This means that this is an open idea and in this 
way it must stay. The principles are new and original and 
the energy involved is quite huge. In the inventor’s mind 
there is realized the possibility to create an expert hands- 
on group to finish the project. In this article there is a 
rough draw which seems to be enigmatic but in fact it 
can clear the understanding of the principle and show 
the situation at which body may offer controlled spatial 
variation of length for the same weight. 


The short text and a schematic draw ( see Fig.1) are 
the way to show the principles and a few possible 
construction solutions. The photo shows a part of the 
device which can clear the so called weight localized 
rarefaction. Possibly the understanding of capacity for 
an observer will be a little forced. If necessary author can 
send the full patent requirement text, which contains 54 
pages and 32 figures, not in English but in Portuguese. 


FRCM - “AVALANCHEDRIVE” 
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Fig. 1 


Understanding of FRCM / avalanchedrive is a challenge in itself. When you start to learn about FRCM you will find 
complete original problems to deal. Free your mind basing on some mechanical and physics knowledge and then 
avalanchedrive will come to make a part of your life. Feel free to work. 
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PATENT REQUIREMENT RELEASE 


This patent requirement is basically the application 
of anew physical principle which could be defined 
and found at least 400 years ago, so simple it is. 
Surely it is one of such things which was let behind 
by human mind and concern. FRCM is odd and 
amazing. The key for this project is a special body 
that can behave like a solid and like a fluid, at the 
same time, with combined characteristics just as 
designed and required. 


The mass potential of a specially designed 
segmented body is hold and managed, and 
throughout proper means is sequentially fractured 
while suspension balance is kept. This causes, after 
start, a constant and cyclic movement, since 
arrangement goes, and the conducting and forcing 
form of the mass is not interrupted. 


Also called “avalanchedrive”, this principle work 
is based on just three main parts or components: 
1**is the special segmented body — a chain; 2"4 is 
the stationary and external assembling to hold and 
conduce the chain; 3" is the straight vertical, in 
order to achieve the maximal weight storage 
position in the arrangement. 


The chain is an endless repetitive zigzag 
construction with weights and defined angles that 
looks like an entire and elongated ellipse. Its design 
makes easy the change of its profile and form 
(mutant profile) that will be contracted or elongated, 
according to the way it is organized, supported and 
driven. When contracted or expanded, the chain 
assumes its maximal or minimal weight, in 
comparatively the same heights and level, but at 
different cross sections (tunneling?). 


For distribution of the chain track the external 
assembling forms a kind of duct or rail, which is 
also elliptical. It allows to the chain to be contracted 
and expanded, to change direction, move, and pass 
away, as desired. The chain follows the way that 
the rail allows, in four different zones: mass-united 
zone, or positive column, or weight capacitor; the 
lower reversion input zone; the liberation zone, or 
negative column, with same height of the positive 
one; and the upper reversion zone, and its “zero 
point”, or non-resistance top. 


Both reversion zones are composed mainly of 
wheels. However, while the lower zone has to 
hang, open and bolt the chain, in order to change 
its profile and natural falling-down trajectory, the 
upper has a very passive function, that is just to 
let the chain cross over, and avoid any turn back 
possibility. 
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Fact is that in all circuit the chain follows with 
passivity the “voids” of trails, but assumes a very 
strong positive and pressure action in mass-united 
zone, especially in the button, where to the wheel 
there is applied all the active potential weight of 
the device, formed by the entire stack of the full 
contracted state, forcing movement. 





Photo of FRCM (Avalanchedrive) 


It is easy to understand how and why FRCM works. 
Weight of the positive column is directly connected 
— as a compressed spring — against the relatively 
lighter negative column, through lower reversion 
wheel, where happens a kind of flux (the “solid 
flux”) of the chain, that never can find a state of 
rest. Cycles of “breaking” of the chain can 
beconsidered as the instant of touch of each corner 
of the chain to the lower step wheel. To complete 
the circuitry, the chain excess, which is much 
lighter, passes over the upper wheel and turns 
back to the positive column top. It is impossible 
to turn the full subtracted potential to its source 
but mechanically the easier job to be done in 
FRCM. 


FRCM manages and converts mass in 
energy... 


The chain flows from the positive column, naturally 
finds changed profile and reverses to opposite way, 
and then it is pushed up to the negative column and 
to top. Finally it is collected, friendly, to restore the 
potential, at non-stop run! The only alternative to the 
chain is to move and move, and apply the positive 
surplus of weight to wrench under axle of the wheel. 


This FRCM principle allows develop the equipment 
which is going to be able to take energy, work and 
force from gravity potential, so as it happens from 
wind and water at electrical generator machines, 
today. The potential is kept in such critical situation, 
that the only way for it is to escape and move. 
Besides in consequence of the suspending mass 
state the linear constant repetition of event will 
suffer. Water and other fluids do not offer “mutant 
profile” with fixed value of pressure, just as solid 
materials. There are many arguments for this view. 





Fig. 2 


Segment of a chain 


Considering all mechanical losses, a part of the 
mass will be very active and applied in eccentric, 
or radial position to the wheel, even with the risk 
to cause too high speed. FRCM manages and 
converts mass in energy. 


See a non-scale schematic draw ( Fig. 2) and photo 
of a chain segment to compare densities between 
columns at right and at left. 


A theoretical case can be calculated: at total 
chain weight - 100, general losses - 20, total 
negative resistance - 30, active or positive 
surplus is 50 — 30 = 20. This surplus that may be 
of 2kg, 200kg or 2,000kg, depending on scale, will 
force and free edge of the wheel, while the total 
weight keeps confined in the device. In the above 
case the difference of balance is 1.66. This means 
that the flowing velocity of the negative pile is 1.66 
times higher than the falling of opposite positive 
pile. Just like a “solid venture”, this change and 
relation is fixed, and in other cases may be varied 
or calculated to 3, 4 or even more! In all cases the 
speed must be hold that is not very easy job while 
one faces gravity acceleration. 


The author of FRCM conceptions feels like these 
ideas have been around for many centuries, and that 
they are now discovered just like old draws. And this 
can be the bigger and the best moment to release 
this. Many thousands of different designs and 
solutions are coming in the future at looking for the 
better performance, costs and durability. Author 
thinks it to be strange that previous guesses could 
not reach this macro-physical concept. To build 
FRCM circuits, even re-applied or used old pieces, 
for example from ships and trains, will be useful. 


This is only a start to a “new-old” development and 
clue to the sources of the modern mechanical 
engineering. Certainly some oppositions should be 
overcome. It is expected that other names are also 
going to be created and proposed to FRCM, but 
“avalanchedrive” seems to be a good one. 


Author expects to get the invention and concept 
credits but not royalties and would also be glad to 
keep working on this concern. So, this message is a 
kind of invitation... 


Editor: Unfortunately we have no photo or video 
documents of the operative device. We wait for readers’ 
comments on this invention. 


Complete text of the patent is avaible in 
Pourtuguese only. 
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President Bush’s vision of a hydrogen-powered, 
non-polluting “Freedom” car for the next 
generation of American motorists pulled out 
silently from a Newport Beach, Calif., garage with 
Gregg Kelly at the wheel, bound for his office 
10 miles away. 


Kelly, president of a California robotics company, 
happens to drive a Toyota prototype of a 
hydrogen-fueled car, one of a handful in the United 
States today. 


It will take at least a decade before a host of 
technological, economic and political barriers are 
overcome, permitting a fleet of these 
revolutionary vehicles to appear on U.S. 
highways, industry experts said. But by including 
the goal of hydrogen fuels in his State of the Union 
message Tuesday, Bush has opened the door toa 
fledgling movement that has already attracted a 
surprising coalition of supporters. 


Environmentalists, automakers, oil companies and 
coal producers, engineering labs and strategists 
have seized on hydrogen as an almost too-good- 
to-be-true power source. It is abundant in water 
and air, it burns cleanly and it could free the nation 
from its dependence on Middle Eastern oil. 


“For President Bush to frame the goal as he did is 
significant,” said Jeremy Rifkin, consultant and 
author of a book advocating a transition from oil 
and gas to hydrogen. “How much is made of this, 
time will tell.” 


The president said he hoped that Americans born 
today would learn to drive in hydrogen-powered 
cars, a schedule that auto experts said could 
technically be met. But whether these vehicles 
will be commercially available depends on a huge 
array of variables. 


First, the technology is still incomplete and 
unaffordably expensive. The specially equipped 
Toyota Highlander that Kelly drives has no price 
tag. The Japanese manufacturer, after investing 
millions of dollars in research, lent the vehicle to 
a University of California research project that 
Kelly’s company supports. “My checkbook isn’t 
fat enough,” Kelly said. 
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The car is powered by electricity generated ina 
fuel cell by chemically combining hydrogen and 
oxygen. The engine spits out water drops instead 
of the carbon dioxide and other pollutants 
generated by burning gasoline. 


With foreign manufacturers committed to press 
ahead, Detroit’s carmakers have had to accelerate 
their research programs. In June, Ford Motor Co. 
will unveil a prototype car that uses hydrogen to 
power an internal combustion engine —- part ofa 
“bridging strategy” to help ease hydrogen into 
the marketplace until fuel cells are fully 
developed. 


General Motors Corp. has developed a fuel cell- 
powered, car-sized “skateboard” — four wheels 
attached to a platform less than a foot thick, to 
which any kind of car body could be buckled. 


Rather than use fuel cells, BMW has refitted 10 of 
its $70,000 Model 745 sedans with hybrid engines 
that burn either gasoline or liquid hydrogen 
directly. It could be mass producing them by the 
end of the decade at a “reasonable” cost for its 
customers if there were enough hydrogen fueling 
stations to power them, said spokesman Gordon 
Keil. “We're trying to get [fuel suppliers] interested 
in hydrogen. We've not met with a lot of 
enthusiasm.” 


As daunting as the engineering challenge is the 
need for a national hydrogen fuel infrastructure — 
factories to produce the fuel, pipelines and trucks 
to distribute it and stations to store and sell it. 
Environmentalists dream of a totally “green” 
strategy in which solar or wind power is used to 
separate hydrogen from water —- an approach 
whose costs now would be prohibitive. A nearer 
prospect is producing hydrogen from natural gas 
or coal, however in either case, the carbon dioxide 
byproduct would have to be injected underground 
to avoid a huge increase in greenhouse-gas 
emissions, experts say. 


Rifkin argues that an eventual scarcity of oil and 
gas, decades ahead, will push prices of these fuels 
up to a point where hydrogen becomes cost- 
competitive. “It isn’t a problem that will yield to 
technology alone,” agreed David M. Nemtzow, 
president of the Alliance to Save Energy. 


While all the major automakers are developing fuel- 
cell technology, most are cautious about hyping it. 
“We don’t want to get too exuberant about it in 
that sense, overselling it,” said Greg Dana, vice 
president for environmental affairs at the Alliance 
of Automobile Manufacturers. 


Fresh in some minds is the experience of the 
Clinton administration, which launched a high- 
profile, $1.5 billion research venture with the 


Detroit automakers a decade ago to produce an 80 
miles-per-gallon family car. No cars emerged, and 
the Bush administration halted the venture in favor 
of its hydrogen strategy. 


Some of the president’s political opponents contend 
the hydrogen option is a way of deflecting criticism 
over administration policies favoring energy 
production over conservation. “The president seems 
content with the auto industry’s approach: ‘Don’t 
make us do anything today’,” said the Sierra Club’s 
Daniel Becker. Others say it does not go nearly far 
enough. Sen. Byron L. Dorgan (D-N.D), chairman of 


the Democratic Policy Committee, said recently, “It’s 
moving in the right direction. But his proposal is rather 
timid. I think we need a bolder plan.” 


Bush’s spending plan for the hydrogen project, 
$1.5 billion over five years, represents a $500 million 
increase over his current budget. The administration 
proposes to earmark $273 million for the 2004 fiscal 
year, but did not offer many specifics yesterday. The 
funding would support research on fuel cells, vehicle 
technology and distribution issues. 


The magnitude of the goal demands an effort on the 
scale of the Apollo Moon project, Dorgan said yesterday. 
“You have to set benchmarks for five, 10 years out.” 
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Abstract 


Permanent magnet motors that try to achieve 
unusual overunity efficiencies with changes in 
wiring geometry, electronic switching schemes 
and magnetic configurations often are not 
successful. There are some designs that should 
be regarded as conventional and others as 
promising. Hopefully this article will help the 
reader to tell the difference before investing or 
accepting investment. Note: patents can be 
viewed for free at www.uspto.gov and also 
http://gb.espacenet.com/espacenet. 


Introduction 


An article about permanent magnet (PM) motors 
would not be complete without first reviewing the 
basic configurations that are present on the 
market today. Commercial PM motors are 
necessarily DC motors since their magnets are 
permanently polarized before assembly. Many PM 
motors which use brushes are switching to 
brushless motors that promise less friction and 
wear. Brushless motors include electronic 
commutation or step motors. A step motor, often 
used in the automotive industry, offers more 
continuous duty torque per unit of volume than 
any other electric motor but it is often a lower 
speed motor. The electronic commutation design 
is applicable to the switched reluctance (SR) 
motor. The SR motor substitutes soft iron in the 
place of higher cost permanent magnets for the 
outer stator and instead has an inner PM rotor. 


Brushless motors in general produce torque from 
current in the armature by the application of 
Faraday’s Law. The ideal PM motor has a linear 
torque vs. speed curve. There are both outer rotor 
and inner rotor designs that are standard in PM 
motors. 








Fig.1 


Lenz's Law 
Induced B-field opposes motion. 


To point out the focus of many of the problems with 
analyzing motors, the Motion Control Handbook 
(Designfax, May, 1989, p. 33) says that there is a 
“very important relationship between torque and 
back emf that is sometimes not understood.” This 
relates to the electromotive force (emf) that is 
produced by the application of a changing magnetic 
field (dB/dt). In engineering terms, the “torque 
constant” (N-m/amp) equals the “back emf constant” 
(V/radian/sec). In physics, the motor terminal voltage 
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is equal to the back emf minus the IR drop due 
to internal resistance. (Example: V = 8.3 v, 
back emf = 7.5 v, IR drop = 0.8 v.) This physics 
principle, also referred to as Lenz’s Law, was 
discovered by Friedrich Lenz in 1834, three years 
after Faraday invented the homopolar generator. 
The oppositional nature of Lenz’s Law, and its back 
emf, is built into a physical law called Faraday’s Law, 
which is at the root of motor drive. The back emf is 
the reaction of the changing current in the coil. In 
other words, the changing magnetic field naturally 
creates a back emf because they are equivalent. 


Therefore, it is recommended that Faraday’s Law 
be carefully reviewed first before proceeding. An 
article such as “Faraday’s Law—Quantitative 
Experiments” (Amer. Jour. Phys., V. 54, N. 5, May, 
1986, p.422) will help convince the valiant new 
energy experimenter that the change in flux which 
causes a back electromotive force (emf) is 
INHERENTLY equal to the back emf. It cannot be 
avoided or circumvented for excess energy benefit, 
unless the amount of magnetic flux change per time 
is also altered. They are two sides of the same coin. 
The energy into an inductive coil style of motor will 
naturally equal the energy out. Also referred to as 
“electrical induction,” the changing flux “induces” 
a back emf. 


Switched Reluctance & 
Field Switching Motors 


To explore an alternative method for inducing 
motion, the “Permanent Magnet Motion Conversion 
Device” by Ecklin, patent #3,879,622, uses 
rotatable shutters for alternately shielding the 
poles of a horseshoe magnet. Repeated again in 
the Ecklin #4,567,407 “Biased Unitized Motor 
Alternator with Stationary Armature and Field,” 
the idea of switching the magnetic field with a 
“flux switch” is common to these types of motors. 
To illustrate the underlying principle, Ecklin states, 
“The rotors of most of today’s generators are 
repelled as they approach a stator and are 
attracted back by the stator as soon as the rotor 
passes the stator in accordance with Lenz’s law. 
Thus, most rotors face constant nonconservative 
work forces and therefore, present generators 
require constant input torque.” However, “the steel 
rotor of the unitized flux switch alternator actually 
aids the input torque for half of each rotation as 
the rotor is always attracted and never repelled. 
This construction makes it possible for some of the 
current or power fed to the motor windings to 
magnetically feed through a solid magnetic path 
to the AC output windings ...” Unfortunately, 
Ecklin still to this day has not achieved a self- 
running machine. 


Also related is the Richardson patent #4,077,001 
which discloses a low-reluctance keeper physically 


moving in and out of engagement with the ends of 
a magnet (p.8, line 35). Lastly, the Monroe patent 
#3,670,189 uses a related principle but 
accomplishes gating with the passing of rotor 
poles between permanent magnet stator poles. 
Monroe’s claim 1, seems by its length and detail, 
to have almost guaranteed its patentability but of 
course its utility remains questionable. 


It seems unlikely that as a closed system the Field 
Switching Motor can become self-running. In many 
examples, a small electromagnet will be necessary 
to help push the keeper into a synchronized 
rhythm. The Magnetic Wankel from Popular Science 
(June, 1979) can be compared in a basic manner 
to this type of invention. Also, the Jaffe patent 
#3,567,979 can also be compared (see abstract). 
The Minato patent #5,594,289 is also of a similar 
type as the Magnetic Wankel and quite intriguing 
to many people. 


It has been found with inventions such as the 
Newman motor (U.S. Patent Application Serial No. 
06/179,474), a nonlinear effect such as an impulse 
voltage is advantageous for overcoming the 
Lorentz force conservation effect of Lenz’s Law. 
Also similar is the mechanical analog of the 
Thornson inertial propulsion device which uses 
nonlinear impact to transfer momentum along an 
axis perpendicular to the plane of rotation. A 
magnetic field contains angular momentum which 
only becomes apparent under. certain 
circumstances such as Feynman’s Disk Paradox, 
where it is still conserved. The impulse technique 
may possibly be used to advantage in this Field 
Switching Motor if the field switching can be done 
fast enough, with a rapid rise time, but more 
research is needed. 


Switch 





Source 
voltage 


Fig. 2 
Switched Reluctance Motor (IEEE Spectrum 1/97) 


The best Switched Reluctance Motor that also has 
full accommutation is the Dr. Harold Aspden patent 
#4,975,608 which optimizes the performance of the 
coil input and operating above the knee of the B-H 
curve. Switched reluctance motors are also 
explained and praised in IEEE Spectrum (1/97). 
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Fig. 3 


Adams Motor 


The Adams motor has attracted many followers 
including an endorsement from Nexus magazine 
as the best free energy motor they have seen. The 
performance of the machine, however, can be fully 
explained by Faraday’s Law. The pulsing of 
adjacent coils which moves a magnetized rotor is 
actually following the same configuration as a 
standard switched reluctance motor. The delay 
that Adams speaks of in an Internet posting of 
his motor can be understood from the exponential 
voltage (L di/dt) of the back emf. The latest 
addition to this category, which gives credit to 
the Adams motor, comes from down under with 
PCT WO 00/28656 awarded to Brits and Christie 
in May, 2000. The simplicity of this motor is 
immediately obvious with the switchable coils 
and permanent magnet on the rotor. The patent 
also makes it clear that the “input DC current as 
supplied to the stator coil produces the magnetic 
repulsion force and is the only outside input to 
the overall system for total movement....” Itis a 
well-known fact that all motors work on this 
principle. The key to their design is on p.21 of 
their patent where the inventors want to 
“maximize the influence of back EMF which tends 
to maintain rotation of the rotor/armature in a 
single direction.” All of the motors in this field- 
switching category try to achieve this effect. 
Figure 4A of Brits and Christie disclose the 
voltage sources “VA, VB, and VC.” Then, on page 
10 it is stated, “At this time current is applied from 
the power source VA and continues to be applied 
until the brush 18 is no longer in contact with one 
of the contacts 14 to 17.” There is nothing unusual 
about this design compared with the more 
sophisticated attempts listed previously in this 
section. All of these motors require an electrical 
power source and none of them are self-running. 


When pulsing a coil with the passing of a 
permanent magnet, a suggestion that would help 
prove the claim for free energy is not to use 


battery power for the coil current. Instead, the 
amazing Weigand wires are recommended (Pop. 
Sci., May, 1979) that exhibit a huge Barkhausen 
jump of magnetic domain alignment and a very 
well-defined pulse shape. Having a coil wrapped 
around a Weigand wire produces a substantial 
pulse of several volts with a changing external 
magnetic field passing a certain threshold. No 
electrical input power is required for this pulse 
generator. 


Toroidal Motor 


As compared to motors on the market today, the 
unusual design of the toroidal motor is similar to 
the Langley patent #4,547,713 with a two-pole 
armature in the center of the toroid. If a single- 
pole design is chosen, with for example North 
poles at each end of the armature, this would 
resemble the radial magnetic field for the 
armature which the VanGeel patent #5,600,189 
uses. The Brown patent #4,438,362 assigned to 
the Rotron company, utilizes varying 
magnetization segments for a rotor in a toroidal 
air gap. The best example of a carousel toroidal 
motor is the Ewing patent #5,625,241, which also 
resembles the Langley patent mentioned above. 
Based upon magnetic repulsion, the Ewing 
invention uses a microprocessor-controlled 
carousel, basically to try and take advantage of 
Lenz’s law and get a jump ahead of the back emf. 
The Ewing invention may be seen in operation, 
with co-inventor David Porter, in the commercial 
video, “Free Energy: The Race to Zero Point.” 
Whether it may be more highly efficient than other 
motors on the market remains an open question. 
As the patent states, “it is also possible to 
operate the device as a motor using a pulsed 
direct-current power source” (col. 7, par. 30). It 
also contains a programmable logic controller and 
power control circuit which the inventors thought 
would send it over the top of 100% efficiency. 


Unless a prototype proves to be successful in 
achieving a torque or force conversion linkage, the 
internally propelled magnet may be left without 
a practical application. Commercialization of 
these types of motors may not be favorable, since 
many competing designs are currently available 
on the market, with high flux linkage. 


Linear Motors 


The area of linear induction motors is well known 
in the literature. Schaum's Outline Series, Theory 
and Problems of Electric Machines and 
Electromechanics (McGraw Hill, 1981), explains 
that these are the same as cutting the rotor and 
stator of a standard induction motor and laying 
them out flat. The late Dr. Laithwaite, author of 
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Motion Without Wheels, was famous for monorail 
designs for trains in England based on linear 
induction motors. 


The Hartman patent #4,215,330 is an example of 
one that achieves a linear motor transportation of 
a steel ball up a magnetized incline of 
approximately 10 degrees. Another invention in 
this category is the Johnson patent #5,402,021, 
which uses permanent arc magnets on a four-wheel 
cart, exposed to a parallel track of alternating 
permanent magnets which are in a fixed position. 
An even more amazing permanent magnet patent 
is the Johnson #4,877,983 which an eye witness 
has seen operating at the Johnson home in a closed 
loop for hours. It is reasonable to assume that a 
pickup coil could be positioned nearby so that each 
trip would result in a pulse of electricity to charge 
a battery. The Hartman patent could also be 
arranged in such a circular track so that perpetual 
motion of the first kind can finally be 
demonstrated. 
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Fig. 4 
Hartman patent #4,215,330 


The Hartman patent is based upon the same 
principle as the famous electron spin experiment in 
physics called the Stern-Gerlach experiment. With 
an inhomogeneous magnetic field (one that is non- 
uniform) the force on an object with a magnetic 
moment is the gradient of the potential energy. 
Every physics textbook points out that this type of 
field, that is strong at one end and weak at the other 
end, will result in a unidirectional force on the 
magnetic object equal to dB/dx. That is exactly 
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what the Hartman patent possesses (note spacing 
of magnets). Therefore, the resulting force 
propelling the ball up a ten degree incline, in the x 
direction, is in keeping with the laws of physics. 


With state-of-the-art magnets, including ambient 
temperature superconducting magnets which are 
now finishing the development stage, a 
demonstration of impressive cargo weight will be 
shown to be transportable without maintenance 
electricity costs. Superconducting magnets have the 
unusual property of retaining the initial magnetized 
field for years, without the need for periodic 
energization to restore the initial field strength. 
Examples of the state of development of the 
superconducting magnet market can be found in the 
Ohnishi patent #5,350,958 (lack of cryogenics and 
lighting system output) as well as the reprinted 
article from IEEE Spectrum, July, 1997 on magnetic 
levitation. 


Static Electromagnetic Angular Momentum 


In a provocative experiment with a cylindrical 
capacitor, Graham and Lahoz (Nature, V.285, No.15, 
May, 1980) have expanded upon the proof published 
by Einstein and Laub in 1908 that the Lorentz force 
needs an additional term to preserve action and 
reaction. The article they cite has been translated 
and published in my book, The Homopolar 
Handbook (described below). Graham and Lahoz 
emphasize that there is a “real angular momentum 
density to r x (E x H)/c?” and suggest how to see 
this energy effect in permanent magnets and 
electrets. 


This is encouraging work, with an impressive source 
of Einstein and also Minkowski for its information. 
It is possible that it may have a direct application 
for the homopolar generator as well as the magnetic 
energy converter mentioned below since both have 
an axial magnetic field and a radial electric field 
like the cylindrical capacitor experiment of Graham 
and Lahoz. 


Homopolar Motor 


My book, The Homopolar Handbook (HH), covers 
experimental tests and history of the Faraday 
discovery, including Tesla’s contribution to it. 
Recently however, there have been new 
developments into a multi-rotor design of a 
homopolar generator, similar to the invention of 
John R. R. Searl. 


Recurring interest in the Searl device, as pictured 
on the cover of Antigravity, the biography of Searl 
by John Thomas, should also center on the 


homopolar generator (HG). Preliminary analysis 
reveals that there are actually two separate HG 
phenomena occurring simultaneously, one which 
can be called the “revolution” effect (#1) and the 
second that could be called the “rolling” effect 
(#2). The first effect can be visualized as 
magnetized segments of an imaginary solid ring 
revolving around a common center. As suggested 
by drawings in HH, p.141-2, there are precedent 
designs that allow for segmenting an HG rotor. 


With this model in mind, the #1 effect can be 
calculated, for 1 Tesla strength magnets, 
magnetized axially, adjacent to a single ring 
1 meter in diameter, to produce more than 2 volts 
emf across each roller, (E-field directed radially 
from outer diameter of rollers to outer diameter 
of the adjacent ring) with say, 500 RPM. Note that 
this #1 effect is independent of any rolling of the 
magnet. The magnetic field in an HPG is tied to 
space and not to the magnet so rolling will not 
affect this large scale homopolar generator’s 
Lorentz force effect (HH, p.10). 


The #2 effect, located within each roller magnet, 
is the one noted in Electric Spacecraft Journal, 
Issue 12, 1994, (HH, p.160) where each roller, is 
a small homopolar generator. This effect is found 
to be somewhat weaker as it generates 
electricity from the center of each roller to its 
periphery. This design is like Tesla’s HG (HH, 
p.81) where a rolling belt is contacting the outer 
edge of a circular magnet. With rollers in the 
vicinity of a tenth of a meter in diameter rolling, 
without slipping, around a 1 meter ring, 
approximately a half of a volt will be generated. 
The Searl design of ring magnetic material will 
normally strengthen the roller’s B field. 


It is important to realize at this point that the 
principle of superposition applies to these two 
effects. The #1 effect is a uniform E field across 
the diameter of the roller. The #2 effect is a radial 
effect as stated above (see HH, p.6-8). However, 
only the emf in the section of a roller between 
the two contacts, say at the center of the roller 
and its edge which contacts the ring, will 
actually cause current flow in any external 
circuit. This realization means that the effective 
voltage from the #1 effect will be half of the 
available emf, or a little more than 1 volt, which 
is still about double of the #2 effect. Upon 
applying superposition in the limited region 
indicated, we also find that the two effects 
oppose each other and the two emfs must be 
subtracted. The result of this analysis is that 
approximately one half of a volt of regulated emf 
will be present to generate electricity from a 
single set of rollers and one ring about 1 meter 


in diameter. As current is drawn, a Ball Bearing 
Motor effect will also take place (HH, p.54) that 
actually pushes the rollers along, assuming the 
roller magnets have a reasonable conductivity 
(Thanks to Dr. Paul La Violette for this reminder). 


In a related work, (Tech. Phys. Lett., V. 26, #12, 
2000, p.1105-07), Roshchin and Godin have 
published experimental results of their one-ring 
device, called a “Magnetic Energy Converter,” 
with rolling magnets on bearings. It was 
designed as an improvement to the Searl device. 
Though my above analysis does not depend upon 
the ring being made of magnetic material, 
Roshchin and Godin did so. Their findings are 
encouraging and detailed enough for researchers 
to find renewed interest in this type of magnetic 
motor. 





Fig.5 


Magnetic Energy Converter in the experiment 
by Roshchin and Godin (Russia) 


Conclusion 


So far, a couple of permanent magnet motors may have 
achieved perpetual motion, which exceeds 100% 
efficiency. Of course, conservation of energy concepts 
have to be considered and the source of the alleged 
extra energy examined. If permanent magnet field 
gradients do offer a unidirectional force, as the 
textbooks predict, then it is about time for its 
conversion toward useful work. The roller magnet 
geometry, now called a “magnetic energy converter” 
is also a unique style of magnetic motor. Exemplified 
in the Russian patent #2155435 by Roshchin and 
Godin, it is a magnetic motor-generator that shows 
potential for excess energy output. Since it relies upon 
the circulating cylindrical magnet rolling around a 
ring, the design is actually a generator rather than a 
motor. However, as they utilize the torque produced 
by the self-sustained motion of the magnets to runa 
separate electrical generator, it is working as a motor. 


Reprint from Proceedings of Institute for New Energy Conference, 2001 
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Hydrogen Energetics 


Review by Alla Pashova 


A Russian writer Ludmila Ulitskaya, who is rather 
far from energy problems, says: “I’m quite sure that 
cheap electric energy sources have been already 
worked out and are hidden in oil king’s safes. 
However such projects won't be taken out of the 
safes until the last oil drop is combusted. They don’t 
want redistribution of money, world, power, and 
soon”. Experts are sure to agree with the writer. 


Now only ideas which can coexist together with the 
traditional oil power engineering and with a system 
of world oil distribution can escape the safes. Some 
expensive scientific toys promising future universal 
welfare are created to reassure ecologists, viz 
automobiles equipped with hydrogen engine. 
According to estimation of Japan representatives 
of motor car industry, installation of the hydrogen 
engine into such a car as a classical Sedan now 
comes to about $700 000. Approximate cost of a 
hydrogen bus named Kitaro achieves the astronomic 
amount of $1.25 million. 


The hydrogen engine consists of several fuel 
elements, which are known as fuel cells. Hydrogen 
under pressure of 1.5-2.7 atmospheres comes to an 
anode. A cavernous catalyst splits the molecules 
into electrons and protons. The electrons set the 
electric engine in motion, and the protons come 
through a membrane acting to a cathode as an 
electrolyte. Here the catalyst combines them with 
the working electrons and with atmosphere oxygen 
into water molecules. It should be noted that the 
Europeans and the Americans are extremely 
charmed by this water streamlet which is exhausted 
instead of poisoning gases. Moreover, output of the 
fuel cell is 3-5 times more than output of the petrol 
engine. 


The first hydrogen power station inaugurated in Las 
Vegas, Nevada, in 2002, (see Fig.1, 2) represents a 
system of the fuel cells with the proton penetrable 
membrane as an electrolyte (they are designed and 
produced by experts of Plug Power Inc.). The station 
produces hydrogen transforming and cleaning 
natural gas and generates electric power combining 
hydrogen stored in reservoirs with atmosphere 
oxygen. The USA Energy Department and Air 
Products Inc. together paid $ 10.8 million for this 
project. 


It is necessary to note that the priority branch of 
the hydrogen engineering is providing new means 
of transport with fuel, and electric power production 
is just the second aim. The mentioned station 
produces electric power in addition to its main 
function. Nevertheless, if fuel market begins to 
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decrease then the electric power payments will 
provide the “hydrogen magnates” with stable profit. 
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Fig. 1 


Hydrogen power station 


Nowadays the hydrogen automobiles allow oil kings 
keep the system of centralized fuel distribution and 
the infrastructure of service stations which will 
provide the means of transport with methanol, 
natural gas with hydrogen blend, and liquefied or 
gaseous hydrogen. Thus interested companies 
control the hydrogen engineering and scientific 
thought. 


Moreover, oil can be applied as it is useful for board 
reforming (conversion), i.e. it can be used as a 
hydrogen source. The systems based on conversion 
have been known for a long time but there was need 
to work at them. 


Russian experts improved the conversion system by 
replacement of the catalyst by plasma. Thus the 
conversion occurs in gas discharge of HVF appearing in 
the blend which needs to be converted. According to 
experts’ opinion the Russian system is portable and has 
high output. In 2001 a group of experts of Russian Centre 
of Automobile Engine represented experimental 
prototype basing on Chevrolet Pickup S$ 10. 


The ideal of modern hydrogen engineering is the 
following: “There should be minimal changes in the 
system of fuel distribution, non-polluted air, and thin 
streamlet of distil exhausted”. However, evidently, 
the exhausted water is an ideal source for hydrogen 
fuel reproduction by means of high effective 
electrolyzing. If the closed system is worked out we 
would obtain an energy source powered by 
continuous chain of electrolyzing and recombination 
whose efficiency would be more than 100 %. 


What are the known ways of hydrogen production? 
The greatest amount of the gas is produced on the 
base of catalytic conversion of hydrocarbon with 
water vapor. Temperature of the process depends on 
the catalyst composition. It is known that 
temperature of propane reaction can be decreased 
to 370° using bauxite as a catalyst. Approximately 
95% of by-product carbon monoxide is further used 
in the reaction with water vapor. 


A significant part of the total hydrogen production 
is given by a method of water gas. The essence of 
the method lies in reaction of water vapor with coke 
that is followed by the producing of carbon monoxide 
with hydrogen mix. The reaction is endothermal, it 
occurs at 1000°C. The heated coke is processed by 
the vapor; extracted purified mix of gases contains 
some hydrogen, some carbon dioxide, and great 
share of carbon monoxide. Further vapor processing 
of the carbon monoxide at 370°C increases the 
hydrogen extraction. The amount of carbon dioxide 
increases as well however it is easy to be removed by 
passing the gases mix through a scrubber sprayed 
by a water contraflow. 
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Fig. 2 


There is a well-known iron-vapor method according to 
which vapor is passed above iron at 500-1000°C. 
Hydrogen obtained by this method is usually applied to 
hydrogenise fats and oils. Composition of the iron oxide 
depends on the process temperature. Iron-3 oxide ( Fe,0,) 
prevails at the temperature below 560° C. If the vapor is 
passed above the iron at the temperature above 560° C 
then iron-2 oxide (FeO) share increases. A slight 
admixture of carbon monoxide is removed when the 
heated mix passes above a catalyst. At this time the 
carbon monoxide is transformed into methane. 


In the processes of oxidation and thermal cracking of 
hydrocarbons at soot production hydrogen is produced 
as a by-product. 


The next effective method is methanol-vapor one. It is 
an endothermal reaction which is proceeds in common 
iron reactors at 260° C temperature and at 20 
atmospheres pressure. 


There should be also mentioned a catalytic reaction of 
ammonia decomposition at which nitrogen and 
hydrogen is produced. The reaction can be profitable if 
it is necessary to produce great amount of hydrogen. 
The method is useful if the obtained hydrogen is directly 
applied. 


Electrolysis is the oldest method to produce hydrogen. 
Direct current comes to electrodes, the cathode collects 
hydrogen, and the anode accumulates oxygen. The 
technology makes hydrogen to be too expensive energy 
carrier. There is often used a technology of hot 
processing of water vapor at 700-900° C accompanied 
with light petrol and heavy liquid fuel which bleeds 
oxygen. This method is quite expensive as well. 


As it is known, wasteful power consumption of 
classical electrolysis is caused by the fact that it is 
used to overcome forces of hydrate bound of ions with 
water molecules and to compensate endothermal 
effect of water decomposition. Therefore, ions 
reduction at corresponding electrodes requires more 
current intensity than in the case of absence of this 
physical phenomena. Hence production of 1 cubic 
meter of hydrogen requires 18-21.6 MJ, and total 
power consumption exceeds 50 MJ (taking into 
account the electric power production). Therefore 
hydrogen becomes too expensive. 


In 1888 D.A. Lachinov patented a method of non- 
contact electrolysis. Improvement of this method 
promises huge amount of cheap hydrogen and 
appearance of high effective energy source 
operating as a closed cycle. The main problem of 
Lachinov’s method is a gas layer covering the 
electrode in some time and impeding the reaction. 
It was proposed by I. A. Goryachev to prevent the 
gas layer using pulsating electric field. A.V. Frolov 
has proposed to increase electrolysis efficiency by 
means of rotation. Centrifugal force causes more 
swift detach of gas blebs from electrodes surfaces. 
Power consumption to overcome frictional force in 
the construction and to generate potential electric 
field is insignificant as compared with output. 
Hence efficiency of the system may exceed 100%. 


There is also described the experimental device for 
production of hydrogen and oxygen from water 
where modulated voltage (not dc voltage) is applied 
to the electrodes. Modulation frequency is in 
connection with proper oscillation frequency of 
water molecules as well as with spatial structure. 
Possible efficiency of water electrolysis in spark 
discharge which removes oxygen admixture should 
be investigated . Water electrolysis at the radiation 
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by electromagnetic waves of light range needs to 
be investigated as well. 


Ikar Research Centre informs that plasma 
electrolysis can be the most probable source of 
cheap hydrogen. In 1987 a group of Russian 
scientists patented the first plasma-electrolytic 
reactor. Since the reactor had been worked out ata 
defense establishment then the patent was 
restricted and not covered by press. The patent 
contains a structural scheme of the reactor and 
some results of cleaning and disinfection of water 
by plasma. The patent does not represent any 
information of additional energy generated by 
plasma or hydrogen production. 


In April of 1989 American scientists Pons and 
Fleishman published their experimental results on 
additional energy production at common water 
electrolysis. They claimed cold fusion to be source 
of this energy. However there is no reliable proof for 
this phenomenon. 


In 1996 Yu. Beklyamishev, one of the co-authors of the 
first plasma-electrolytic reactor, published his 
experimental results. They demonstrated that there 
was additional energy in the plasma-electrolytic 
process. However he did not explain the energy 
source. 


In 1998 there were published new experimental 
issues of appearance of additional energy in the 
plasma-electrolytic process. A group of Russian 
scientists tested one of the plasma-electrolytic 
reactors and Officially fixed the additional energy. 
A report of the testing session was published in 
issue #22 of “Infinite Energy” magazine. In May 
of 1998 the third edition of a book named “Crisis 
of Theoretical Physics” was published by Prof. F. 
M. Kanarev. It contains data of additional energy 
production at plasma electrolysis of water defining 
the energy source. Soon Ohmori and Mizuno 
(Japan) published their results in works of Vancou 
ver conference on cold fusion and in issue #20 of 
“Infinite Energy”. Ohmori and Mizuno observed 
neutron radiation occurring at a plasma process 
as well as iron, chrome, nickel, and carbon 
appearance on a wolfram cathode. That seemed 
to be a strong evidence of cold nuclear fusion at 
plasma electrolysis of water. Ohmori and Mizuno 
have explained neutron radiation as a result of 
electrons captured by protons. Nevertheless their 
conclusions raise doubts as cold fusion would have 
produced much more additional energy than it was 
fixed. 


In 1996 there appeared the first publications where 
hydrogen atoms fusion instead of nuclear fusion was 
supposed as the additional energy source at usual 
electrolysis as well as at plasma source. In Russia 
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first experimental results demonstrating energy 
consumption decrease for hydrogen production at 
plasma electrolysis of water were published in 1999 
by Prof. F.M. Kanarev. (See F.M. Kanarev’s article in 
this issue of NET). 





Fig. 3 
Honda FCX-V3 uses hydrogen as a fuel. Hydrogen is fed 


under high pressure in the engine. 


Nevertheless we have to note that high efficiency 
electrolysis is possible! O. Hvolson in his “Physics” 
(Berlin, 1923) explains a method of designing of a 
machine which can produce heat due to positive 
difference between energy of hydrogen 
combustion and energy consumed to hydrogen 
production by means of water electrolysis. In this 
case we do not consume energy to split the atoms. 
It occurs due to intermolecular forces at water 
dissociation by sulphuric acid ions. Energy is 
consumed only to neutralize charges of existent 
hydrogen ions and acid residue ions. Hydrogen 
combustion produces the energy which would have 
been consumed to split the atoms in the air. Hence 
67.54 Kcal of energy can be produced at 5 Kcal 
consumed. (F. Lepehin) 


High effective electrolysis application is clear 
future of energetics. Nowadays Stuart Energy Inc 
applies water electrolysis as a hydrogen source in 
a frame of hydrogen-fuel project. Experts of Stuart 
Energy Inc have designed a refueling unit which 
produces hydrogen and stores it in a 104-pound 
reservoir. Thus several auto are provided with fuel 
and it takes a couple of minutes to refuel. 


It is quite simple to predict social and economical 
consequences of innovation of high effective energy 
source operating as a closed cycle energy system. 
Economic activity and private life of people will be 
independent of cities, of their industry and power 
engineering. People will move out of the cities and 
they will use compact and powerful energy sources 
there. Hence, decentralization of world economics 
will happen. 


Regions of any country become more free from the 
central authority, the power of which nowadays is 
based on centralized fuel energetics. 


On the Longitudinal Electromagnetic Waves 


Alexander V. Frolov 


General Director, Faraday Lab Ltd 
Phone/fax: 7-812-380-3844 
Email: office@faraday.ru 


Concerning acoustic waves, we deal with longitudinal 
oscillations of the medium, since degree of air (medium) 
compression and rarefication changes along the 
direction of the wave spreading. Notion of the medium 
of electromagnetic waves propagation, i.e. notion of 
“aether”, as well as the very possibility of the existence 
of longitudinal electromagnetic waves is disputable 
for some scientists. Let’s clarify the situation and 
demonstrate that usual photon is longitudinal wave of 
energy density, which can be described as Umov- 
Poynting vector. 


The transverse character of electromagnetic waves 
means that vector of electric field and vector of 
magnetic field are directed across the wave line. 
However, these vectors are just our subjective way to 
describe the process. Notions of electric and magnetic 
fields can be replaced by the notion of unified helical 
field, since to describe the motion of the point along 
the helical line there should be concerned the linear 
transfer (it is detected as electric field) and the process 
of rotation (it is described with the magnetic field). 
Thus notions of electrodynamics are just one of the 
ways to describe reality. Energy density of the given 
point of space is the real (objective) parameter of the 
wave. This energy density is described by the known 


Umov-Poynting vector §=ExH. 





Fig.1 


Let us consider electromagnetic wave in classical 
representation (Fig.1). Then we discover that 
direction of Umov- Poynting vector coincides with 
the wave line. The vector is unidirectional and 
“pulsating”, because its quantity changes from zero 
to some maximal value and then it is reduced to zero, 
besides it takes place at half of the period of 


transverse wave. So, it is the explanation of the fact 
that frequency of longitudinal oscillations is twice 
as much than frequency of transverse oscillations 
(Fig. 2). Previously it was known from the 
mechanism of energy interchange between 
longitudinal and transverse plasma oscillations and 
from the phenomenon of parametrical resonance. 
However the physical meaning of this phenomenon 
was not disclosed. 


From the presented here conception it follows that from 
the physical point of view, electromagnetic waves are 
longitudinal oscillations of energy density. In usual 
case these oscillations are unidirectional pulsations 
that determines the ability of the photon to be moving 
unidirectionally. Practically it is possible to create other 
types of photons, i.e. types of oscillations of energy 
density with qualitative new physical properties. It can 
be achieved by setting of definite functions and 
superposition of E and #H vectors. 


For example, in 1996 a conference “New Ideas in 
Natural Science” was organized by us in Saint- 
Petersburg, with the participation of 30 foreign 
guests and more than 100 Russian scientists. The 
report made by Academician Ignatyev, Krasnoyarsk, 
aroused great interest. During the experiments with 
rotating of crossed vectors £ and # (see Fig. 3) there 
was created Poiting’s vector, which corresponds to 
propulsion force of 60 N (about 6 kg). 
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The experiment is demonstrated on the photo (see Fig. 4), 
where the diameter of the device is equal to 4 meters 
and ends of the coils are to toroidal capacitors. This 
experiment was made in Krasnoyarsk. 
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Fig. 3 


Since it is impossible to consider vacuum, where some 
form of energy can exist, as “emptiness” then we can 
speak about vacuum as about some medium. Faraday 
and Maxwell, classics of electromagnetic theory, wrote 
exactly about deformations, stresses and expansion of 
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aether. From this point of view electromagnetic waves 
are analogues of the waves of longitudinal deformation 
of elastic medium. More than 60 years ago Nicola Tesla 
wrote: “I showed that the universal medium is a 
gaseous body in which only longitudinal pulses can 
be propagated, involving alternating compressions and 
expansions similar to those produced by sound waves 
in the air. Thus, a wireless transmitter does not emit 
Hertz waves which are a myth, but sound waves in 
the ether, behaving in every respect like those in the 
air, except that, owing to the great elastic force and 
extremely small density of the medium, their speed is 
that of light.” [1] 


Nowadays, the development of engineering and the 
new views upon the phenomena of electromagnetism, 
impel us to consider physical vacuum as material 
medium of the special type, which has the well-known 
properties, in particular electrical and magnetic 
properties. Moreover, this medium has energy, and 
energy density can be changed in case of propagation 
of any photon. Thus, as Tesla stated in his article “The 
True Wireless”: “The Hertz wave theory of wireless 
transmission may be kept up for a while, but I do not 
hesitate to say that in a short time it will be recognized 
as one of the most remarkable and inexplicable 
aberrations of the scientific mind which has ever been 
recorded in history”. 





Fig. 4 
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Abstract 


This paper reviews the development of antigravity 
research in the US and notes how research activity 
seemed to disappear by the mid 1950s. It then 
addresses recently reported scientific findings and 
witness testimonies - that show us that this research 
and technology is alive and well and very advanced. 
The revelations of findings in this area will alter 
dramatically our 20" century view of physics and 
technology and must be considered in planning for both 
energy and transportation needs in the 21* century. 


Historical Background 


Townsend Brown’s Technology of 
Electrogravitics [1] 


In the mid 1920’s Townsend Brown [2] discovered that 
electric charge and gravitational mass are coupled. He 
found that when a capacitor is charged to a high 
voltage, it has a tendency to move toward the positive 
pole. His findings, which became known as the Biefeld- 
Brown effect, were opposed by conventional minded 
physicists of his time. 


The Pearl Harbor Demonstration. Around 1953, Brown 
conducted a demonstration for military top brass. He 
flew a pair of 3-foot diameter discs around a 50-foot 
course tethered to a central pole. Energized with 
150,000 volts and emitting ions from their leading edge, 
they attained speeds of several hundred miles per hour. 
The subject was thereafter classified. 


Project Winterhaven. Brown submitted a proposal to 
the Pentagon for the development of a Mach 3 disc 
shaped electrogravitic fighter craft. Drawings of its 
basic design are shown in one of his patents. They are 
essentially large-scale versions of his tethered test 
discs. 


Review of Issues from the 1950s 
In 1956, a British research company, Aviation Studies 


(International) Ltd. published a classified report on 
Electrogravitics Systems examining various aspects of 
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gravity control. They summarized the pioneering 
work of Townsend Brown and then described the use 
of electrogravitic thrust as follows: 


“The essence of electrogravitics thrust is the use of 
a very strong positive charge on one side of the 
vehicle and a negative on the other. The core of the 
motor is a condenser and the ability of the condenser 
to hold its charge (the K-number) is the yardstick of 
performance ” [3]. 


In one of their conclusions, based on Brown's work, 
they suggested that: “Electrostatic energy sufficient 
to produce a Mach 8 fighter is possible with megavolt 
energies ” [4]. 


In spite of Brown’s solid research, they later 
stated that, “One of the difficulties in 1954 and 
1955 was to get aviation to take electrogravitics 
seriously. The name alone was enough to put 
people off” [5]. It seems that is as true today as 
it was in the 1950s. 


A report by another British company, Gravity Rand, Ltd. 
in 1956, agrees with this assessment and states: 
“To assert electrogravitics is nonsense is as unreal 
as to say it is practically extant. Management 
should be careful of men in their employ with a 
closed mind or even partially closed mind on the 
subject.” [6] 


However, a trade press magazine, The Aviation 
Report, made numerous references to antigravity 
projects and listed many of the companies pursuing 
research in this area. Quotes from The Aviation 
Report listed in the Aviation Studies (International) Ltd. 
Report [7] are suggestive of what was going on 
behind the scenes. 


In 1954 they predicted that: “... progress has been 
slow. But indications are now that the Pentagon is 
ready to sponsor a range of devices to help further 
knowledge.”... “Tentative targets now being set 
anticipate that the first disk should be complete before 


1960 and it would take the whole of the ‘sixties to 
develop it properly, even though some combat things 
might be available ten years from now.” (Aviation 
Report, 12 October 1954) [8]. 


During this time period many of the major defense and 
technology companies were cited as either having 
research projects or activities in this new field. For 
example: “Companies studying the implications of 
gravitics are said, in anew statement, to include Glenn 
Martin, Convair, Sperry-Rand, and Sikorsky, Bell, Lear 
Inc. and Clark Electronics. Other companies who have 
previously evinced interest include Lockheed, Douglas 
and Hiller.” (Aviation Report, 9 December 1955) [9]. 


Others of these reports mention: AT&T, General 
Electric, as well as Curtiss-Wright, Boeing and North 
American as having groups studying electrogravitics. 


During the same time period, the Gravity Rand report 
notes that: “Already companies are specializing in 
evolution of particular components of an electogravitics 
disk.” [10] 


However, in the area of predictions, the Aviation Report 
stated the following based on an extrapolation of 
technology development: “Thus this century will be 
divided into two parts — almost to the day. The first 
half belonged to the Wright Brothers who foresaw 
nearly all the basic issues in which gravity was the 
bitter foe. In part of the second half, gravity will be 
the great provider. Electrical energy, rather irrelevant 
for propulsion in the first half becomes a kind of catalyst 
to motion in the second half of the century.” (Aviation 
Report, 7 September 1954) [11]. 


Looking back it is easy to say that they missed the 
mark. Did they really miss it by a half a century? 
Reading through these reports it is quite obvious that 
there was much interest in antigravity among a number 
of very high profile companies, as well as in the 
Department of Defense. What happened to this interest 
and why was it all downplayed during the following 
four plus decades? After all, T. Brown had shown that 
there is a demonstrable connection between high 
voltage fields and gravity. Why has it taken until the 
1990s for more than just a few scientists to look at these 
results and publish on them in the open literature? A 
review of recent statements by former military personnel 
and civilians connected to covert projects begins to shed 
light on research activity in these areas over the last 
half century. And it appears that there had been 
significant breakthroughs during this time period, well 
shielded from both the scientific and public eye. 


Recent Scientific Developments 
In this section we consider developments in the 


antigravity field since the late 1980s and why the 
confluence of scientific findings and the testimony of 


witnesses associated with the military and covert 
groups indicates that a gravity solution with 
technological implications has been found. 


Although general relativity has not been able to explain 
Brown's electrogravitic observations, or any other 
antigravity phenomenon, the recent physics 
methodology of quantum electrodynamics (QED), 
appears to offer the theoretical framework to explain 
electrogravitic coupling. Recent papers by members of 
the Institute for Advanced Study Alpha Foundation are 
putting a solid theoretical foundation onto the antigravity 
effects within the theory of electrodynamics and include 
papers by Evans [12] and Anastasozki et al [13]. 


Earlier in a 1994 breakthrough paper, Alcubierre 
showed that superluminal space travel is, in principle, 
physically possible and will not violate the tenants of 
the theory of relativity [14]. Puthoff [15] later analyzed 
these findings in light of the present SETI (Search for 
Extraterrestrial Intelligence) paradigms that insist that 
we could not be visited by extraterrestrial civilizations 
because of the speed-of-light limitations dictated by 
the general relativity theory. He suggests that super- 
luminal travel is indeed possible. This leads to reduced- 
time interstellar travel and the possibility of 
extraterrestrial visitation, which our limited under- 
standing of physics and scientific arrogance has 
“forbidden” in some sectors for most of the 20" century. 


The second aspect of these physics findings deals 
with the zero point or vacuum state energy shown 
by the Casimir effect [16], which predicts that two 
metal plates close together attract each other due 
to imbalance in the quantum fluctuations. The 
implications of this zero point or vacuum state 
energy are tremendous and are described in several 
papers by Puthoff [17] starting during the late 
1980s. Bearden [18] and colleagues have also 
written extensively on the theoretical physics of 
zero point energy and additionally have described 
various technological means of extracting this 
energy (for example see the recent paper by 
Anastasozki et al [19].). A theoretical book on zero 
point energy (and antigravity) was published by 
Bearden in 2002 [20]. There is significant evidence 
that scientists since Tesla have known about this 
energy, but that its existence and potential use has 
been discouraged and indeed suppressed over the 
past half century or more [21]. 


The coupling of the electrogravitic phenomena 
observations and the zero point energy findings are 
leading to a new understanding of both the nature 
of matter and of gravity. This is just now being 
discussed in scientific journals (though some 
evidence suggests that it has been understood for 
decades within the black project covert community). 
The question that is being addressed is: what keeps 
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the universe running? Or more specifically, where 
do electrons get their energy to keep spinning around 
atoms? As electrons change state they absorb or 
release energy, and where does it come from? The 
simplistic answer is that it is coming from the vacuum 
state. Puthoff [22] describes the process as follows: 
“T discovered that you can consider the electron as 
continually radiating away its energy as predicted by 
classical theory, but simultaneously absorbing a 
compensating amount of energy from the ever- 
present sea of zero-point energy in which the atom is 
immersed. An equilibrium between these two 
processes leads to the correct values for the 
parameters that define the lowest energy, or ground- 
state orbit (see “Why atoms don’t collapse,” NEW 
SCIENTIST, July 1987). Thus there is a DYNAMIC 
EQUILIBRIUM in which the zero-point energy 
stabilizes the electron in a set ground-state orbit. It 
seems that the very stability of matter itself appears 
to depend on an underlying sea of electromagnetic 
zero-point energy.” 


Furthermore, it appears that it is the spinning of 
electrons that provides inertia and mass to atoms. 
These theories, linking electron spin, zero point 
energy, mass, and inertia have been presented in a 
number of recent papers, such as those by Haisch [23] 
and colleagues and provide us with a possible 
explanation of the Biefield-Brown effect. It appears 
that an intense voltage field creates an 
electromagnetic barrier that blocks the atomic 
structure of an atom from interacting with the zero 
point field. This slows down the electrons, reducing 
their gyroscopic effect, and thus reducing atomic mass 
and inertia, making them easier to move around. 


Evidence of Extensive Antigravity Technology 
The B-2 Advanced Technology Bomber 


In 1993, LaViolette wrote a paper [24] discussing the 
B-2 bomber and speculating on its probable 
antigravity propulsion system, based on a solid 
understanding of electrogravitics, [25] the aircraft's 
design and the materials used in its manufacture. It 
appears that the craft is using a sophisticated form of 
the antigravity principles first described by T. Brown. 
Support for this thesis came from the Aviation Week 
and Space Technology (March 9, 1992), which reported 
that the B-2 bomber electrostatically charges its 
leading edge and its exhaust stream. Their 
information had come from a small group of former 
black project research scientists and engineers 
suggesting the B-2 utilizes antigravity technology. 
This information was supported by Bob Oechsler, an 
ex-NASA mission specialist who had publicly made a 
similar claim in 1990. These findings support the 
contention that there have been major developments 
in the area of antigravity propulsion which are 
presently being applied in advanced aircraft. 
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LaViolette later states the obvious that “the 
commercial airline industry could dramatically 
benefit with this technology which would not only 
substantially increase the miles per gallon fuel 
efficiency of jet airliners, but would also permit 
high-speed flight that would dramatically cut flight 
time.” [26] 


The Hunt for Zero Point [27] 


This recent book contains some of the strongest 
evidence yet for major efforts and success in the 
field of antigravity technology. The author, Nick 
Cook, who for the past 15 years has been the 
Aviation Editor and Aerospace Consultant for Jane’s 
Defense Weekly, spent the last 10 years collecting 
information for the book. This included archival 
research on Nazi Germany’s antigravity technology 
and interviews with top officials at NASA, the 
Pentagon and secret defense installations. He 
shows that America has cracked the gravity code 
and classified the information at the highest 
security levels. Because antigravity and its allied 
zero point energy technologies potentially offer 
the world a future of unlimited, non-polluting 
energy it has been suppressed because of the 
“huge economic threat”. His findings support 
those reported by many of the Disclosure Project 
witnesses cited above. 


Antigravity Technology Demonstrations 


Although T. Brown reported many of his findings 
nearly a half century ago, other experimenters have 
just recently begun to reproduce his work and 
report on it in the open literature and on the 
WwWwWeb. For example, Davenport [28] published 
the results of his work in 1995 supporting the 
findings of T. Brown, while Bahder and Fazi [29] in 
2002 described their assessment of the forces 
associated with an asymmetric capacitor. 
Transdimensional Technologies [30] in the USA and 
J. Naudin [31] labs in France have posted on the 
WwWwWeb: diagrams, web videos, and data on their 
versions of antigravity “Lifters” based on an 
extension of Brown's work. It is asad commentary 
on this whole area of research to see that public 
science is requiring us to demonstrate principles 
that were demonstrated nearly fifty years ago. 


There have also been a number of other 
demonstrations of “antigravity” phenomena by 
researchers throughout the world. This includes the 
work of Brazilian physics professor, Fran De Aquino, 
and such devices as: the Searl Electrogravity Disc, the 
Podkletnov Gravity Shield and Project Greenglow, the 
Zinsser Kineto-baric Field Propulsion and the 
Woodward Field Thrust Experiments on 
Piezoelectrics. All of these are described in more 
detail by Greer and Loder. [32] 


Implications of This Research 


Antigravity and zero point energy research and their 
applications are finally being addressed by some of 
the open scientific community. This means there will 
have to be a rewriting of textbooks in this area so 
our new generation of students can apply this “new 
knowledge.” Its application will lead to major 
breakthroughs in transportation technologies both 
earthside and in outer space. The implications are 
that we have the potential for human exploration of 
our solar system and beyond, if we have the will, 
within our lifetimes. It also means that the majority 
of 20“ century space technology will be obsolete and 
in fact may already be so. 


The zero point or vacuum state energy source is seen 
as a totally non-polluting energy source, which has 
the potential to replace all the fossil fuels on this 
planet. It also will provide the energy needed for 
long range space flights. This means that fuel cells 
and solar cells in common use today for space flight 
energy applications will only be needed until we 
transition to these new energy technologies. 


Based on an analysis of trends in antigravity research 
over the last half-century and the information 
provided by numerous witnesses, it appears that 
there is both good and bad news. The good news is 
that it appears that we (at least covert projects) have 
already developed the theories of antigravity, and 
additionally have developed working spacecraft 
based on these principles. The bad news is that 
these technologies have been developed for at least 
several decades, at the public’s expense and that 
human kind has been deprived of these technologies, 
while continuing to waste energy using less efficient 
and pollution enhancing technologies. 


Supporting this contention is the following quote 
from Ben Rich, former head of the Lockheed 
Skunkworks. Just prior to his death, he stated toa 
small group after a lecture [33] that: “We already 
have the means to travel among the stars, but these 
technologies are locked up in black projects and it 
would take an act of God to ever get them out to 
benefit humanity...” He further went on to say that, 
‘anything you can imagine we already know how to 
do.’ Strong words from a knowledgeable deep 
insider and words that support what a number of 
the witnesses stated as well. 


As the reality of this knowledge begins to be 
understood, there will be an outcry among space 
scientists not on the inside for release of these 
technologies to allow all of us to explore space. There 
will be major changes in the way that NASA does 
its business, though predicting these changes is 
difficult. 


Not only has space exploration in the public sector 
suffered, but our planet’s environment has suffered 
as well. Thus as this knowledge begins to sink in 
there will be an outcry among all concerned citizens 
on this planet for release of these technologies to allow 
all of us to reduce and ultimately eliminate global 
warming and environmental pollution that so 
threatens our way of life. These technologies will not 
only affect space travel technologies, but will also 
have a profound effect on transportation and energy 
production on the earth’s surface. 


In conclusion, we might consider the observation 
made by Halton Arp [34]: “We are certainly not at the 
end of science. Most probably we are just at the 
beginning!” 
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Congress “‘The Time Machine” 


Faraday Labs Ltd invites to participate in scientific congress devoted to experiments on changing of space- 
time properties. It is planned April 12, 2003, Moscow. Main topics of the congress are time and gravitation 
in the context of eatherodynamics, experiments and applied aspects of these technologies. The main report 
is “Method to Control Temporal Parameters of Physical Processes” by Alexander V. Frolov. 


Organizing committee: Vadim A. Chernobrov (KOSMOPOISK research center) and Alexander V. Frolov 
(Faraday Labs Ltd). The registration fees are not required. 


Please, contact us http://www.faraday.ru or email congress@faraday.ru Phone/fax 7-812-380-3844 


Please send this pre-registration form by post: PO. Box 37, St. Petersburg, Russia 193024 
or e-mail: congress@faraday.ru 


PRE-REGISTRATION FORM for participation in the congress ‘The Time Machine” 


Last name: 

First name: 

Title/ Function: 
Company/ Organization: 
Address: 

Postcode: 

City: 


Country: & 
Tel.: ignature 


I would like to submit an oral presentation (report). 
(Please, enclose one-page abstract). 


I intend to participate as a guest 


I’m interested in further information. 


Fax: 
e-mail: 
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COMMERCIALISING the / 
“SEARL EFFECT” for ENERG a d 
PROPULSION SYSTEMS 





Review from web site http://www.sisrc.com/ 
Email address: admin@sisrc.com 


The “Searl Effect”, discovered by J.J.R. Searl, is a 
method of extracting energy. Some current 
expressions for the source of this energy being The 
Space Fabric, Quantum Space Field, and Zero Point 
Energy. 


SISRC Ltd has been formed to develop and license 
Searl Effect Technology (SET) on a global basis. 


THE COMPANY 


SISRC Ltd is the company formed to administer the 
implementation of the Searl Effect Technology, (SET) 
invented by J. R. R. Searl. SISRC Ltd designs, 
develops and implements Searl Effect Technology as 
it is initiated in various applications and territories. 
SISRC Ltd is the administrative hub of the group and 
will continue to be based in the UK. SISRC Ltd will 
grant production and marketing licenses for Searl 
Effect Technology applications to different companies 
in specific territories. Currently proposed related 
companies include: 


* SISRC -Germany, SISRC -Iberia, SISRC - Sweden, 
SISRC - Australia, SISRC New Zealand. 

* SISRC -AV (Audio Visual) provides computer 
graphics presentations of the SET. 


BACKGROUND 


The Searl Effect Generator (SEG) technology, as 
applied to the commercial market, had been 
previously developed to the point where a few 
prototype SEG generators were made, and used for 
electricity generation and motion. Commercial 
interest at that time focused on the SEG’s transport 
potential and, under commercial pressure to deliver 
a fully functioning system, the original generators 
were used and lost in a series of vehicular propulsion 
experiments and demonstrations. Funding was 
insufficient to continue with the manufacture of the 
required larger-scale pressurized cabin machines - 
resulting in the termination of the project at that time. 


Although all the operating principles, precise 
proportions and weights of the required materials 
are known for three of the four required operating 
materials, the precise data of the original magnetic 
layer is uncertain. The objective of the current R&D 
programme is to re-establish the original magnetic 
layer using modern and more efficient materials. 


Originally, the layered materials were constructed 
and magnetized by the now-defunct Midlands 
Electricity Board under the direction of John Searl 
(see colored photo of the experimental craft 
construction on the cover page). 


Modern magnetic materials have advanced 
considerably, and old ones discontinued, so a series 
of tests need to be conducted to establish the 
optimum materials and processes. These tests need 
to comply with the working criteria required and 
must lead to a cost-effective manufacturing process. 





Fig.1 


Experimental ring and rollers 


In recent times SISRC has been re-establishing the 
original research. Due to the very limited funding that 
has been available, only a partially functioning 
demonstration prototype of the SEG principles has 
been possible. This prototype consists of the 
innermost of the three composite rings required and 
several rollers. 


We would like to hear from anyone who worked on 
or was involved with Searl Technology prior to 1983. 
Also anyone who has any old technical data, 
photographs or films relating to the technology. Such 
information could greatly assist this technology to 
reach the marketplace for the benefit of all and would 
be dealt with in the strictest of confidence. 


TECHNICAL DESCRIPTION 


Physically the Searl Effect Generator (SEG) consists 
of three concentric rings each made of a composite 
of four different materials which are also 
concentrically attached to each other. The three rings 
are fixed to a base. Surrounding each of the rings, and 
free to rotate around them, are rollers - typically 10 on 
the first ring, 25 on the next and 35 on the outer ring. 
Surrounding the rollers on the outer ring are coils 
which are connected in various configurations to 
supply either AC or DC current at a variety of voltages. 
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Multiple magnetic poles are imprinted on the rings and 
rollers to form frictionless magnetic bearings. These 
also arrange the static charge into opposing charge 
clusters which cause the rollers to rotate around the 
circumference of the ring (as shown in Fig. 2). 


Some expressions currently in use to describe the 
source of the energy for the SEG are The Space Fabric, 
Quantum Energy field of Space or Zero Point Energy. 
This is an unlimited and constant source of energy 
which can be made to flow when the correctly 
proportioned masses concerned are stimulated by the 
correct frequencies creating an ‘open system’. 


The idea of utilising this source of energy is currently 
the subject of various devices and experiments such 
as the ‘Lamb shift’, ‘Casimir Effect’ and the work of 
the Russian Nobel Prize winner Ilya Prigogine. 
However these devices and experiments tend to 
only prove the existence of the energy and not a 
method to create a coherent, ordered flow to 
produce useful power. 





Fig. 2 
15 KWt Searl Effect Generator (SEG) 


In contrast, John Searl has discovered that, in order 
to create a steady and stable flow, all the masses of 
the device (and the stimulating frequencies) must 
conform to precise values determined mathematically 
by the ‘Law of the Squares’. A machine constructed 
to these principles produces a stable and useful power 
output. 


DEFINITION OF A SURFACE OPERATING 
S.E.G. (J. Searl) 15.09.00 


A Linear motor operating on a magnetic bearing with 
the characteristics of an auto-transformer. The S.E.G. 
is defined as a device, which is constructed from 
2,124 component parts, which make up 3 plates and 
66 roller sets (see figures on the cover page). 12 of 
the 2,124 components create the 3 plates, which act 
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as reaction components. 2,112 components are 
employed to create 66 roller sets, which act as active 
components. Each roller set consists of 8 segments 
constructed from 32 components. Each segment 
cannot be less than 34 grams in weight, as the law 
of the squares defines that value as the lowest value 
suitable for the reasonable generation of electricity. 
Therefore the smallest roller set must weigh 272 grams, 
making a grand total of 2,244 grams per roller set for 
the smallest surface bound SEG. 


Tolerance should be about 0.05 gram per roller set. 
The larger the error the greater is the loss of power 
within the unit. Therefore the total tolerance for the 
smallest SEG roller set must not be greater than 3.30 
grams - above this factor the SEG will not function. 
For the best results, the tolerance across the total 
66 roller sets should not exceed 0.05 grams! 





Fig.3 


The S.E.G. is a step up rotary transformer. In fact it’s 
a ‘three rotary transformers’ operational system, 
within a unit. The inner transformer output is fed in 
to the input of the second plate which increases the 
output of the second unit, which output feeds as an 
input to the final unit, thereby increasing its 
finaloutput to a very high voltage. Therefore the 
S.E.G. is just a prime mover for the production of 
clean electrical energy. The output windings must 
be designed to step down this output to 240 volts at 
15KWt's. 


During 1968 it being upon this issue, as development 
progress both here and in the USA, new findings are 
being created, and updates will be added to this page, 
as they are certified. When the SEG rollers are brought 
into close proximity to the SEG Ring, the Searl Effect 
resonant magnetic field causes negative ions and 
electrons to be drawn into and accelerated through 
the machine. This process is assisted by the highly 
electron-attracting rare earth metal Neodymium. 


The unique mechanical and material arrangement of 
the SEG pulses the neodymium to continually release 
and replace the surplus electrons to provide electrical 
or mechanical power, or both. 


* Collector 
ert: 


Accelerator 
Emitter 





Fig.4 
DEVELOPMENT 


Prior to the production of complete 15KWt Sear! Effect 
Generators (SEGs), a minimum of two demonstration 
Ring & Roller prototypes are to be produced. 


The “Ring” is typical of the innermost of the three rings 
required to make a complete SEG. The 69-roller sets ina 
complete three ring SEG are identical. Six roller sets will 
be made for the prototype inner rings so that the Searl 
Effect can be demonstrated. 


The production of a self-running Ring & Roller prototype 
will establish the precise sequence and parameters of 
electrical, magnetising and material processes required 


for the SEG and will demonstrate electrical power 
generation. An operating single inner ring with 1-8 
rollers will also determine if a particular material will 
function correctly and at what level of power output. 





Fig. 5 


Demonstration ring and rollers 


The five phases of the development programme that 
commenced in October 1999 have been completed and 
the rollers successfully magnetised with ‘Searl Effect’ 
magnetic fields. A sixth phase is now required to apply 
the technology developed in Phase five to the “Ring”. 
This sixth Phase resulting in a demonstration Ring & 
Roller prototype has duration of 6 months. 





Scientific Breakthrough 
Liberates Energy Users from 
Fossil Fuel Dependence 


Information from 
http://www.genesisworldenergy.org/genesis_world_energy.htm 


Story originally published by Diana Echeverria, USA 


Director of Public Relations 
Guy Rome & Associates, Inc. 
208-345-4143 208-602-0325 (cell) 


Technology breakthrough harnesses energy from 
the molecular structure of water 


BOISE, ID - Dec. 5, 2002 - Genesis World Energy, a 
privately funded consortium created by a group of 
military and space program research and development 
specialists, today unveiled a scientific breakthrough 
that allows consumers to easily access the energy 
contained within the hydrogen and oxygen molecular 
structure of ordinary water. This scientific breakthrough 
provides a limitless, low cost and environmentally clean 
source of energy that can be implemented with minimal 
cost and effort. The viability of using water as an energy 
source, previously a theoretical concept, is now a 
reality. “Water has always been the source of life on 


this planet, now it will also transform the way we create 
energy” said Charles Shaw, corporate counsel and 
spokesperson for Genesis World Energy. “The 
implications for worldwide energy generation and 
consumption are nothing less than staggering.” 


The Edison Device 


The first application of this technology is represented 
in the “Edison Device”, a self-contained, self-sustaining 
energy generation unit. Roughly the size of an outdoor 
air conditioning system, the power source can be 
quickly and easily installed in any home or business to 
provide virtually unlimited energy from any available 
water source. The Edison Device utilizes the existing 
electrical wiring and natural gas plumbing in a home 
or business to replace the energy provided by utility 
companies. The home version of the Edison Device 
produces approximately 30 kWtt of combined gas and 
electrical energy per day. By comparison, the typical 
home uses between five to six kilowatts per day. 
The commercial model is capable of producing 
100 kilowatts of energy per day. The energy generation 
portion of the devices has no moving parts. In fact, the 
only “mechanical” aspects of the equipment are small 
circulation pumps and micro-valves, making the Edison 
Device both silent and virtually maintenance-free. A 
minimum amount of water is used over an estimated 
20+ years of service life. 
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Discovery by a Group of Scientists Headed by Valerian Sobolev 


Some time ago mass media announced that a 
sensational discovery was made by a group of Russian 
scientists headed by Valerian Sobolev. This discovery 
aroused ambiguous attitude of physic community. We 
have written about this fundamental and, to a certain 
extent, revolution discovery. Let us revise the fact that 
Sobolev claimed 7 scientific discoveries which were 
made, i.e. the process of depletion (a special 
electrochemical process), magnetic discharge, a new 
energy source, a method of low temperature plasma 
generation and superconductor. A laboratory system 
of the experimentally disclosed process as well as its 
industrial prototype is easy to be realized in practice 
for creation of new energy sources and wide-ranging 
production of ultrastrong materials. In many cases 
these materials can replace existing constructional 
materials. 


The materials produced as a result of the process are 
multielement chemical compounds which are new 
states of matter. This new state of matter has a time- 
changing magnetic field that can be EMF source ina 
coil of a generator. Ordered structures of matters which 
are in the new modified state are nothing but a magnet 
charge. Materials containing the magnet charge and 
representing a continuous matters are new energy 
sources. Due to the new state matters become able to 
produce electric power as well as to generate low 
temperature plasma. It is easy to be realized in the 
process of common technological procedures. That 
promises designing of propulsors for “unsupported” 
transportation systems in near future. 


Basing on realization of the disclosed process and using 
new materials the group of Russian Scientists headed 
by Sobolev together with American businessmen has 
created superfine and flexible glass for packing. The 
glass was called as “strong glass”. It seems to 
demonstrate higher pressure stability than steel. 
A method of production of these materials was patented 
in 1999. In the patent the scientists of Valerian Sobolev’s 
group are represented as authors of this new method, 
and the owner of the patent is Dynelec Corp (Columbus, 
Ohio, USA). You can read about the patent at the Web- 
site of http://patft.uspto.gov/netahtml/srchnum.htm 
(patent #5,964,913, October 12, 1999). 


Sobolev’s group has appeal to the Russian government 
for sponsorship; however only foreign investors have 
provided funds for new energy sources developing. 
According to Russian Information Agency “News”, 
Sobolev’s group has signed a $168 million contract with 
one of Canadian companies for developing industrial 
production of energy sources. Manufacturing of such 
energy sources can change energy supply system all 
over the world. According to the contract the Canadian 
company is going to finance building of at least two 
plants. One of the plants is going to be built in Russia, 
and the other one is planning to be established in 
Canada. Each plant is supposed to produce 70 thousand 
of the self-running energy sources a year. Power output 
of the sources will come to 3-10 kWt. In other words, in 
the nearest future every person will be able to buy such 
an energy source and to apply it in household. 


Single-Wire Electric Power System 
(see photo on the cover page) 
Experimental Results of Russian Scientists 


Scientists of the All-Russia scientific research institute 
of electrification of agriculture (VIESH) academician 
D.S. Strebkov, engineer S.V. Avramenko, dr., A.I. Nekrasov, 
post-graduate student O.A. Roshchin developed a new 
method and the equipment for transmission of electric 
energy on a single-wire line using resonant idle 
operation mode and reactive capacitive currents for 
transmission of active electric power. Tesla 
transformers and frequency converter were used at the 
experiments. 


First there was created the experimental sample of 
single-wire electric power system (SWEPS) with 10 kW 
electric capacity and 3000 V voltage. As a result, 
obtained SWEPS electric parameters a hundred times 
exceeded parameters of a usual two-wire or three-wire 
alternative and direct current line. 


In the end of 2002 there was made an attempt to 
increase transmitted capacity by using of more 
powerful condensers, which were installed in resonant 
circuit. There was developed the electric technique of 
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20kW single-wire electric power system (SWEPS) with 
two Tesla transformers. As a result parameters of a low- 
voltage winding of the step-down transformer were 
changed. They exceeded parameters of a usual two- 
phase or three-phase ac line or dc line in two hundred 
times. At room temperature effective specific 
transmitted electric power was 4 MW/mm/? and specific 
current density was 600 A/mm?. These parameters 
could be achieved for existing methods of electric 
energy only at use of special materials in a mode of 
low temperature superconductivity. The measurements 
which were made at wire with diameter of 1mm, 
100 microns and 80 microns, demonstrated that 
parameters did not depend on diameter of a wire. There 
was also experimentally confirmed the property of a 
single-wire line to transfer active power without 
essential losses on line resistance. Irradiation losses 
at low frequency 3,4 kHz were small. In single-wire 
power system the 80 microns wire plays a role of 
directing system for an electromagnetic energy flow, 
which runs from the generator to the load. 





We present update information on the experiments with Lifters or asymmetrical capacitors, which use High Voltage 
to produce a thrust. By Jean-Louis Naudin it was demonstrated with “Maximus” experiment, that a Lifter can 
be scaled up and also that such a device is able to lift up to 60 g of payload (total weight: 194 g). According to 
Naudin, it is now possible to build a craft which will use the Biefeld-Brown effect to fly silently and without 
Moving parts only powered by electrical energy. It was also declared that on January 8th, 2003, there was 
successfully done two historical flights with a mouse as a test pilot of the Lifter “Maximus” (propellantless 
electrokinetic craft). Below there is an analysis of electrogravitation experiments made by Jean-Louis Naudin and 
Tim Ventura. (See color photos on the cover page). 


Review of Electrogravitation Experiments made 
by Jean-Louis Naudin and Tim Ventura 


Tim Ventura 


Tim Ventura Website: http://www.americanantigravity.com 
Email: TVentura@seattle.telecomsys.com, tventura6@atbi.com 


There is a spreadsheet containing a jpeg-snapshot of data that I have assembled based upon Jean-Louis Naudin’s 
published results (JLN Labs Website: http://jnaudin.free.fr. and http://www.jlnlabs.org). In the graphs that I've created, 
it seems to indicate that current plays more of a role in propulsion than voltage does —i.e.: for a given amount of power 
in watts, raising the current and decreasing the voltage seems to create a higher level of thrust. 


In light of this, I have been increasing the thrust of my own Lifters by creating an electrical-bypass of the “load- 
resistor” on my power-supply’s high-voltage output. This has an interesting result: 


I use a current-driven power-supply, which means that if no load is connected to it the voltage will build up on the 
high-voltage output until arcing occurs. In my case the voltage will build up to around 65kV, at which point the power- 
supply will automatically shut down. Conversely, if a very light load (such as a short circuit) occurs, the opposite effect 
happens and the power-supply will deliver much higher current at a much lower voltage until the supply is overdrawn 
and once again shuts down. 


Normally the output load-resistor constrains the current, and in doing so it maintains the voltage on the high- 
voltage output at the nominal 50kV output level. However, bypassing the output load-resistor allows the power- 
supply to deliver voltage and current that are based almost entirely on the type of load connected to it. 


When I connect a normal Lifter to the bypassed power-supply, the voltage will build across the air-gap until 
ions begin to flow in a conduction-current across the air-gap. Although this begins to happen at approximately 
15kV, it seems to have some type of “peak efficiency’ at approximately 22.5 kV. The amount of current climbs to 
approximately 11mA at this voltage. 


This method of experimental setup seems to allow the Lifter to “find its own sweet-spot” for operation, instead 
of using the output-resistor to “force” a specific voltage on it for operation. This appears to maximize the thrust 


output during operation. 


Lifter Efficiency Spreadsheet 


Description Lift ici Lifter Voltage Corona Current | Power 
capacity Weight (kilovolts) Air-Gap (mA) | (watts) 
(grams) (grams) (centimeters) 


riimert | 33 | « | 55 | 239 | a9 | 3 | 057 | wo | 
Ptiner2 | 96 | 160 | 53 | 66 | 4305 | 3 | 112 | 405 | 


Puitera [36] 70] 5 | o2 | 4a] 3 | 201 | 132.9 
[Coliseum Liter [90 [2360 [4x6 [80 | sive [45 [808 [aeas | 
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Abstract 


The article proves importance and prospects of 
development of combustion technologies. In particular 
there is considered application of a new electric fire 
technology for environmentally appropriate combustion 
of any matters and gases. The technology uses electric 
fields as combustion catalyst. There is observed 
application of technology in heat-and-power 
engineering, transport heat engines, disposal units etc. 
[1, 2]. It is demonstrated that the new technology allows 
intensify combustion processes and increase their 
controllability (i.e. the control of temperature, gases 
pressure, gradient of heat conductivity, and so on). There 
is made aconclusion about availability of the technology 
to solve critical energetic and ecological problems of the 
civilization. 


We hope that this article will excite interest of a wide 
circle of readers, i.e. of professionals in the area of 
combustion and heat technologies, physicists, 
ecologists, and those people who are interested in new 
scientific ideas. 


Global Ecological Problems are the Problems 
of Ineffective Combustion of Hydrocarbon Fuel 


The ecological problems become more and more serious 
and threaten to grow into world ecological catastrophe. 
The main cause of the atmosphere pollution in 
megapolises is imperfection of combustion 
technologies (of heat-and-power engineering, heat 
machines, transport engines, waste combustion...). It 
has been proved that their share of pollution of the 
planet atmosphere comes to 70-80%. The combustion 
technologies mean any technologies of combustion of 
fuel, matters and gases. The combustion technologies 
are the most popular technologies in the world. The 
modern civilization without the combustion 
technologies is impossible. There are many industries, 
which apply these technologies, such as heat-and- 
power engineering, transport, metallurgy, food 
industry, oil-and-gas refining industry, chemical 
industry, waste combustion neutralization. 


Therefore the global ecological problems will not be 
solved until the mankind develops the combustion 
technologies. The article describes and discloses the 
essence of the new technology of ecologically 
appropriate and effective combustion of fuel and 
wastes of any type. 
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Why is it difficult for ecologists to 
conserve nature? 


Modern methods and technology used for solving of 
the ecological problems consist in analysis of extent 
and sources of the environment pollution (ecological 
monitoring), and, moreover, in refinement of 
atmosphere, water and soil, which are used in 
different technologies or have been polluted due to 
the imperfection of the technologies (it is refinement 
from such toxic components as drinking and run-off 
water, exhaust and waste gases etc.). 


Unfortunately, methods of measuring of the huge 
spectrum of toxic matters, which are thrown into the 
atmosphere at matters combustion, as well as the 
methods of their utilization are impartially difficult, 
expensive and imperfect. Even using of an ideal 
technics for measuring of the atmosphere pollution is 
not effective since it is a struggle with consequences 
of the combustion and other technologies imperfection 
but not with causes of the atmosphere pollution. 


Ecological and energetic effectiveness of the 
known combustion technologies 


It is known that real effectiveness of transformation of 
chemical energy of fuel in the combustion process is 
low. For example, in heat engines it comes to 25%, 
effectiveness of transformation of heat energy into 
electric energy in thermoelectric power stations does 
not exceed 40%. If energy consumptions of mining, 
processing and delivery of the fuel to consumers are 
taken into account then the summary efficiency of the 
existent combustion technologies (of heat machines 
and devices) comes to no more than 10 — 15%! It means 
that more than the half of chemical energy of the fuelis 
transformed into heat and different toxic matters and 
waste gases, which pollute the planet atmosphere. 
They cause acid precipitation, a global “greenhouse” 
effect, which threaten to cause the climate warming, 
the world flood, and final poisoning of the living nature. 
Thus the share of imperfect power engineering in the 
nature pollution comes to 70 — 80%! How is it possible 
to cleanse the planet atmosphere, especially the 
environment of world megapolises, in the situation 
when the amount of toxic matters produced by 
transport and industries is comparable with the amount 
of rest pure air? 


Until the mankind learns burn matters and gases by 
effective and ecologically appropriate way the planet 
atmosphere will remain polluted and in near future it 
can become uninhabitable. Thus we will not solve the 
ecological problems until we gain the understanding 
of the combustion processes and processes of 
combustion transformation of matter chemical energy 
into heat energy, and then into other useful types of 
energy (i.e. electric energy, mechanical energy, light 
energy). 


Physical Essence and Problem of Classical 
Combustion of Matters 


Combustion is one of the most difficult phenomena, 
which are known by the humankind. From the scientific 
point this phenomenon is a chain reaction of sequential 
fragmentation of fuel particles into smaller charged 
radicals; it is physical chemical processes of 
transformation of chemical energy of intermolecular 
connections as well as combustion also includes 
physical processes of transformation of energy into heat 
and light on molecular and atomic levels. Many other 
processes, which proceed simultaneously, are involved. 


From school years we know that combustion is a 
process of interaction of fuel with an oxidant that is 
accompanied by heat and light energy generation. In 
higher school the words of “as well as by cryptic energy 
of chemical connection of waste gases” are added to 
the school definition. The combustion processes are 
studied and improved by scientists and experts of 
different areas (chemists, physicists, heat-and-power 
engineering specialists, thermalphysicists etc.). There 
are known fundamental investigations of combustion 
chain reactions made by such Russian scientists as 
N.N. Semenov, Ya.B. Zeldovich and their followers. 


Until now intensiveness of fuel combustion is increased 
by air blowing into the combustion zone that increases 
the amount of waste toxic gases thrown into the 
atmosphere. Let us arouse several questions, which 
seem naive at first sight. Why is an oxidant (air or 
oxygen) needed for matter combustion? Is it possible 
to do it without any oxidant? How does the 
combustion process begin and proceed? There are a 
lot of vague questions in physics of combustion. For 
example, how can the temperature and the 
intensiveness of the combustion be regulated? Can the 
heat conductivity of the flame be controlled? How can 
heat motion of particles be regulated in the flame and 
in the waste gases, and what can it cause? There is 
another problem of combustion. It is the very 
hydrocarbon fuels, which are applied at modern heat 
processes. The great Russian scientist, D.I. Mendeleev 
stated that to use oil is the same thing as to stoke a 
stove with banknotes. 


Since the hydrocarbon fuels are complicated chemical 
matters and the combustion processes are imperfect 
then in the process of their combustion a great amount 
of different by-product matters and toxic gases are 
produced. They waste unused self-energy of fuel into 
the atmosphere and pollute our planet. 


Physical essence of the new electric 
combustion technology 


How is it possible to burn the hydrocarbon fuel by 
environmentally appropriate way? How can this 
environmentally appropriate technology be realized in 


practice? A brief answer is following: it is necessary 
to make such conditions of combustion of organic 
fuel, and to introduce such a combustion catalyst that 
the energy of intermolecular and intramolecular 
connections of the organic fuel becomes absolutely 
free. At that the chemical energy can be transformed 
into energy of electromagnetic radiation, for 
example, into light energy and heat energy without 
generation of by-product polluting matters and gases. 
Then a working body (for example, water) is 
effectively heated by this directed concentrated 
electromagnetic radiation. In this process effects of 
electromagnetic waves reflection and concentration 
are used, or the electromagnetic radiation is directly 
transformed into electric energy. In this case there is 
a new opportunity to regulate flame temperature and 
to extremely decrease quantity of the oxidant, i.e. to 
create organics combustion with minimal quantity of 
waste gases. 


Is it principally possible to burn organic matters and 
gases without the atmosphere pollution using electric 
field as a catalyst? It is possible if parameters of this 
field are correctly chosen. More precisely it is possible 
if huge Coulomb forces of the electric field are correctly 
regulated by interaction of electrically charged particles 
of the fuel and the oxidant with force lines of the electric 
field. 


One variant of an experimental device is represented 
in Fig. 1. 


Devices for approbation of the new electric 
combustion technology 


































































































Fig.l a 


Plan of the experimental device 
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Fig. 1b 


Photo of the experimental system 


A structure chart of the experimental device, which 
was designed to investigate the new electric 
combustion technology, is demonstrated in Fig.1a. The 
device contains a body (1) equipped with flat 
electrodes, which are insulated from the body (2), 
(they can be placed in either horizontal flat or vertical 
flat). The electrodes (2) are located on opposite inner 
walls of a combustion chamber (3). The device is 
equipped with a mixer (4) with a device for supplying 
of blended fuel to the zone of combustion. At the same 
time the device (5) is used for electrical combustion 
of the blend. The described device is equipped with 
an air track (6), which contains an oxidant activator 
(7) joined with a regulator (8) by a control circuit and 
with the mixer (4) by an air pipe (9). The regulator (8) 
serves for regulation of the oxidant activation extent. 
At the end of the air pipe it is possible to place a vortex 
device (it is not shown in the figure). Also the device 
is equipped with a fuel track (10) containing a fuel 
activator (11) and a regulator (12) of the activator and 
consumption of fuel. The block (11) is joined with the 
mixer (4) by a fuel pipe. The device is equipped with 
an electric combustion activator (14) containing a 
high-voltage transformer (15) of intensity and 
frequency joined to its regulator (16) by a control 
circuit. An electric outlet of the block (15) is joined to 
one of the electrodes (2), and the second outlet is 
safely electrically grounded by a grounding mat (17). 
The high-voltage wire of the outlet of the block (15) is 
connected with the electrode (2) through a bushing 
insulator (it is not demonstrated in Fig.1a). The device 
is equipped with a gas toxicity calculator (18) joined 
to the inlet of a mode optimizer (19), which is a control 
system for interacted regulating of all the parameters 
of combustion. For that the outlet of the mode 
optimizer (19) is joined to the inlets of control of the 
regulators (8), (12), (16). 


The device operates in the following way. At first an 
activated oxidant of O1 is applied through the air track 
(6), activator (7) and air pipe (9) to the mixer (4). Then 
an activated fuel of F1 is applied through the fuel track (10) 
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and the activator (11) to the same mixer (4). A 
blended fuel is prepared in the mixer (4) and then is 
atomized and combusted by a sparkle of the block 
(5). In the combustion chamber (3) flame and waste 
gases are processed by strong alternating electric 
field, which is generated by the block (14) in a gap 
between the electrodes (2). In the process of 
combustion waste gases toxicity is measured by the 
special toxicity sensor (18). Depending on current 
toxicity the parameters of flame combustion are 
regulated by the mode optimizer (19). More precisely 
the oxidant consumption and the extent of its 
activation are changed by the regulator (6), the fuel 
consumption and the extent of its activation are 
changed by the regulator (12), the intensity and 
frequency of the alternating electric field generated 
by the block (14) in the combustion chamber (3) is 
changed by the regulator (16). Let us note that the 
electric field in the combustion chamber (3), viz in the 
gap between the electrodes (2), catalytically 
influences on both the flame and the waste gases. 
The essence of the process lies in the fact that the 
processes of fragmentation and oxidation of fuel 
radicals and of toxic oxide molecules are accelerated. 
Intensiveness of combustion and of toxic gases 
refinement increases as well as the intensity of this 
field and its frequency do. As a result of the 
interconnected regulation of all the listed parameters 
fuel of any kind can be fully, intensively, “cleanly” 
combusted. 


In Fig.1b there is a photo of the operating experimental 
device designed to investigate the processes of 
influence of electric field on the process of matters 
combustion and of cleaning of waste gases. The photo 
represents following things. 


1. In the left side there is a furnace with a high- 
voltage electrode in a higher part of its body. 

2. In the centre there is a vertical column of the 
electric combustion cleaning (after-burning) of 
toxic gases in the electric field; on the top of the 
column a high-voltage electrode can be seen. Gas 
pipes designed for toxic gases supply—withdrawal 
are connected with the column and located to the 
right and to the left from it. 

3. Aregulable blower is represented in the upper 
right side of the picture. It is designed for toxic 
gases withdrawal and connected with the gas pipe 
by the column. 

4. At the foot of the picture there is a regulable 
high-voltage tension source (the electric field 
source), which is connected with the furnace and 
the column of toxic gases cleaning by high-voltage 
wires. 


It is experimentally proved that combination of two 
stages of the combustion activation (i.e. in the furnace 
and the column) ensures ideal cleaning of toxic gases 
at combustion of any toxic matters. 


Some Results of Experiments 


Our experiments and investigations of many-sided 
influence of electric and high-voltage electromagnetic 
fields on the combustion process have proved that such 
practically ideal condition of fuel and matters 
combustion is possible to be realized in practice [1]. 


Low-powered static and alternating electric fields (i.e. 
the fields of constant sign and of variable sign) of more 
than 1kV/cm intensity were used as combustion 
catalysts as well as high-frequency electromagnetic 
fields of low power with some frequency of oscillations 
of molecules in the flame (flame power is 0.1 — 1% of 
heat power of the flame of the combusted organic 
fuel). 


Peculiarities of Oxidants Application in the 
New Technology 


It is known from the thermodynamics and combustion 
theory that optimal ratio of the oxidant mass, for example 
air, and the fuel is approximately 1:16 in an average 
combustion process. In our experiments with the electro- 
field catalyst the ecologically appropriate combustion 
of the hydrocarbon fuel (mazut, straw oil) was achieved 
at oxidant deficiency (for example, at the ratio of oxidant 
mass and the fuel of 1:1). For experts it means that there 
is areal possibility for 10 - 15 times decrease of amount 
of waste gases of any heat machines and to while their 
former power is the same. As the experiments 
demonstrate carbon and hydrocarbon are absolutely 
removed from the waste gases. In the experiments 
oxides of hydrogen and nitrogen were 4 - 8 times 
decreased and flame existence was 5 - 10 times 
increased. 


The issues of the experiments prove the hypothesis 
about possibility of effective environmentally appropriate 
combustion as a process of direct transformation of 
chemical energy of organic fuel into electromagnetic 
radiation energy of the flame (including heat and optic 
diapasons). The transformation is accompanied by 
removal of polluting toxic components from the waste 
gases that occurs due to many times intensification of 
the combustion process under action of electromagnetic 
catalysts. 


Operations of regulable activation of fuel oxidants 
(simultaneous or separate), which are introduced into 
the combustion technology, ensure additional improving 
of the combustion process. Especially it occurs at heavy 
oil fuel combustion and water-fuel emulsion combustion 
that was experimentally tested by us. The process 
becomes especially effective if the flame of the 
combusted activated blended fuel is additionally 
processed by alternating electric field. Due to 
introduction of the operation of all the combustion 
parameters regulation (of consumption of fuel, oxidant, 
of their activation extent, and of their combustion 


intensiveness extent), according to the information of 
the waste gases toxicity, it is possible to achieve 
effective combustion of fuel and waste products of 
practically all kinds. 


Our experiments demonstrate that combination of the 
very flame procession with procession of the waste 
gases and air (i.e. an oxidant) by electric field is very 
effective for the waste gases cleaning. The essence of 
this additional cleaning of the waste gases lies in 
fragmentation of carbon particles and exhaust opacity 
by electric forces of an alternating field as well as in 
after-oxidation of some toxic oxides in the medium of an 
ozonized oxidant. Energy consumption for activation of 
the flame combustion by strong electric fields is small 
and does not exceed 1-3% of heat energy of the flame. 
Advantage of this invention is universality of the 
application for combustion of any inflammables. It is 
possible due to widening of the diapason of the electric 
field parameters regulation (of intensity and frequency), 
especially in the mode of their interconnected regulation. 


The essence of catalytic action of the alternating electric 
field on the flame combustion process consists in 
effective breaking of dipole radicals of fuel by an 
activated (dipole) oxidant. Moreover, the essence lies in 
better mixing of layers of combusting flame with the 
oxidant that occurs due to removal of a doubled electric 
layer from the limit line of the flame. Thus this technical 
solution allows achieve new positive effects due to its 
significant peculiarities, i.e. extending of application area 
of the known electric combustion method over the 
combustion process of any inflammables as well as it 
allows significantly increase controllability of the flame 
combustion process. 


Let us note that in the experiments on the combustion 
of organic fuel in strong electric fields the regulation 
of the flame temperature and of its existence was 
achieved at unchanged consumption of fuel and of 
oxidant. That was achieved by changing of the 
parameters of the combustion electric-field catalyst 
(intensity and frequency) of a longitudinal electric 
(electromagnetic) field. Rotation and stabilization of 
the flame was achieved by a rotating transversal 
electric field. Changing of the flame height was 
realized by the longitudinal electric field. 


The investigation, which has been performed by us, 
proves that directly acting on the flame the very 
electric field which directly influences on the flame 
and emission of electrons flow (ideal type of oxidation) 
into the flame can most effectively intensify the 
combustion process and make it harmless for the 
humankind and for the environment! 


It has already been experimentally proved that 
energy consumption required for generation and 
regulation of this electric field and of the electrons 
flow for intensification and environmental 
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appropriateness of the combustion is quite small 
relatively the combustion energy and comes to 
fractions of a percent of the flame energy. Thus our 
experiments prove that the best “oxidants” and 
combustion catalysts are not superfluous air but the 
electron and the electric field! 


Regulation of Heat Conductance of the Flame 
and the Heat Flow 


As our experiments have demonstrated, the electric 
field can act as an effective combustion catalyst as 
well as a regulator of its intensiveness; moreover, it 
can control even a vector of heat conductance. It is 
proved by the experiments that the parameters of this 
field can be regulated as well as temperature of the 
flame and gradient of the flame heat conductance. 
Interesting experimental results were obtained 
measuring full heat of combustion of the same 
quantity of fuel at the usual method of fuel combustion 
and at the method, which uses combustion electric 
catalysts, even in the case of oxidant deficiency. In 
the last case the energy of fuel combustion almost 
1.5 times increases that can be explained by fuller 
transformation of fuel chemical energy into 
electromagnetic radiation. At the usual combustion 
methods the chemical energy of the organic fuel was 
not completely used and remained as a cryptic 
summary chemical energy of intermolecular 
connections of many toxic waste gases, which were 
exhausted into the atmosphere by heat devices. 
Basing on the performed experiments it may be 
supposed that, evidently, specific heats of matters are 
20-50% higher at this method than at their usual 
combustion method. The essence of the new electric 
combustion technologies consists in this new physics 
of combustion. 


The author has already got patents for invention of 
Russian Federation [3 — 12] for the methods of 
regulation and intensification of matters combustion 
processes. 


Some peculiarities of atomization, 
inflammation and combustion of organic fuel 
in electric fields 


We have not discussed all the potential capabilities 
and advantages of the new electric combustion 
technology for different areas of technics. Let us 
demonstrate them in more details. 


One of characters of the new electric combustion 
technology is effects of oxidant ozonization, of 
electrostatic atomization and electrostatic injection 
of electrically charged particles of fuel and the 
oxidant that is followed by generation of the finest 
aerofuel opacity on a molecular level in a 
combustion chamber. Naturally, such fine atomization 
of the fuel causes its easier evaporation, inflammation 
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and combustion especially in the medium of the 
ozonized oxidant. The mechanism of fuel electrostatic 
fragmentation is physically explained by Coulomb 
interaction of repulsion from each other of 
electrically likely charged fuel drops (particles) that 
is accompanied by their progressing fragmentation 
and corresponding decrease of their mass and electric 
charge. As the experiments have shown the extent of 
the fuel drops (particles) fragmentation depends on 
initial electric potential of fuel charging and initial size 
of injected fuel drops (particles), which for their part 
depend on configuration and size of a fuel-injection 
nozzle as well as on pressure occurring in a fuel line of 
the heat machine. 


Generated by dipolar high-voltage potentials 
catalyzing electric field can be introduced into the 
atomization zone or (and) the combustion zone of the 
combustion chamber of an engine. Its Coulomb forces 
accelerate motion of electrically charged particles of 
fuel and oxidant to an opposite electric potential, 
which is connected with, for example, a piston of an 
engine. Thus electric field acts as an electrostatic 
pump that allows decrease pressure in a fuel line as 
well as allows practically ideally atomize the fuel and 
mix it with the oxidant. Moreover, it lets simplify and 
improve the systems of injection and inflammation of 
the blended fuel in heat machines and devices, for 
example, in internal combustion engines or in boiler 
plants. Their application can cause additional 
improving of energetic and ecological characters of 
the combustion technologies. According to our 
information, such high-performance fuel-injection 
nozzles have yet been unknown in technics therefore 
they have not been applied in heat machines (injector 
internal combustion engine). 


Is it possible to combust water? 
Water as a fuel! 


More amazing experimental results were obtained at 
40-80% dilution (emulsification) of liquid organic fuel, 
for example diesel oil, with habitual water. Summary 
energy as heat and light, which is generated in the 
process of such blend combustion, was not practically 
changed that can be explained by liberation of energy 
of chemical connections of water as well as of fuel. In 
the process of the experiments on combustion of the 
emulsion at first it was transformed into the finest 
water vapor on the molecular level by means of 
capillary electroosmosis and of electrostatic 
atomization. Then dipolar water molecules, which 
had been electrified by field, were fragmented into 
hydrogen and oxygen, and then the hydrogen was 
effectively combusted in the medium of the 
ozonized oxygen. Let us note that at this mechanism 
of water “evaporation” and of following splitting of 
water molecules into hydrogen and oxygen the electric 
field expends energy, and heat of organic fuel 
combustion just accelerates (catalyze) this process. 


Editor: It is necessary to note that electric field can 
not expend energy. If there are no conduction 
currents then the field source does not decrease 
difference of potentials. Hence it can be concluded 
that effectiveness of such power systems is possible 
to be UNRESTRICTEDLY HIGH. The author writes 
about it below as about an “incomprehensible 
phenomenon”. 


The most amazing and incomprehensible fact is that 
the electric field transforms water into “vapor” and 
breaks the water molecule into hydrogen and 
oxygen practically without any expenditure at 
minimum of energy consumption. Electric power 
of the intensity high-voltage transformer, which is 
necessary for strong field generation, lies in the 
interval from several watts to tens of watts. As the 
experiments have demonstrated electric 
consumption of the high-voltage source practically 
is not changed at correct shunting of the flame by 
the electric field (i.e. through an air gap). Current 
consumption practically did not increase depending 
on mode of fuel atomization and its combustion (of 
flame height, of combustion intensiveness...). 


There are only two conditions of effective work of 
static electric field as an electrostatic pump-atomizer 
of fuel and as a catalyst of blended fuel combustion. 
The first one is intensity of the field in the zone of 
fuel atomization and in the zone of flame combustion. 
The second one is enough emission of electrons into 
the blended fuel flow. In this mode Coulomb forces 
make work of electrostatic pressure generation and 
of electrostatic fragmentation of particles and 
molecules of fuel and water. The forces repulse likely 
charged drops of water. Heat motion of fuel radicals, 
which are combusted and fragmentized in the flame, 
impedes their chemical recompounding into water 
molecules in the zone of combustion. Moreover, it 
causes proceeding of a very physical chain reaction 
of hydrogen combustion in the flame. 


Therefore additional light and heat energy, which 
is generated in the flame by combustion of hydrogen 
generated from water molecules that occurs in the 
ozonized oxygen, does not decrease summary 
energy of combustion of blend of fuel with water 
but increases it. 


Thus using of electric and electromagnetic fields as 
the strongest catalysts of combustion of organic fuels 
and any matters clears great prospects of 
combustion technologies improving. Moreover it 
allows create ecologically appropriate heat machines 
and devices and 20-50% increase their effectiveness 
due to fuller transformation of chemical energy of 
inflammables into heat or light energy. 


Ways of radical improvement of heat machines 
or about a new mechanism of transformation 
of heat energy into mechanical energy 
and into kinetic one 


For clear realization of causes of extremely low output 
of modern heat machines that has generally lead the 
civilization to the ecological catastrophe it is necessary 
to understand their common principle of operation as 
well as a cause of heat energy non-effective using in 
them. 


A mechanism of transformation of heat energy, which 
is generated by fuel combustion, is the same for all 
known heat machines. It consists in generation and 
transformation of superfluous pressure of a heated 
working body (i.e. gas, vapor etc.) into kinetic energy 
of a working element of the heat machine (i.e. a piston 
of an internal combustion engine, a turbine of an 
aviation engine, a reaction jet flowing out a rocket 
nozzle etc.) in special chambers of the machines. 


It is also known that the higher the temperature of the 
heated working body, for example of a gas, the higher 
initial pressure in the working chamber of a heat 
machine. Why output of heat machines is so low? Any 
expert of thermal physics, thermodynamics, and heat 
machines can answer that efficiency (output) of heat 
energy transformation into mechanical one is defined 
by the second law of thermodynamics and is clearly 
illustrated by Carno heat cycle. According to these 
postulates, output of an ideal heat engine does not 
depend on a working matter and on the engine 
construction but is defined by temperatures of the 
working body in the starting point and in the final point 
of the cycle, i.e. by the temperatures of the heater and 
of the refrigerator of the heat machine. Real output of 
the heat machines is limited by heat stability of 
materials and by imperfection of engine constructions. 


Nevertheless known thermodynamic processes and 
lows of heat motion of particles and molecules are 
significantly changed in strong electric fields and 
demonstrate new prospects for improving of heat 
machines. 


A solution of the problem can be briefly formulated as: 
to increase output of heat machines it is necessary to 
use a new mechanism of redistribution of heat energy 
into energy of directed pressure of a compressed working 
body (i.e. gas, vapor, etc.) on the working element of 
the heat machine. At the minimal pressure it should be 
redistributed on sidewalls of the working chamber. 


Can it be realized in practice? On the face of it the 
technical solution is unrealizable nevertheless it exists. 
It is possible to redistribute and to regulate heat motion 
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(pressure) of heated gas inside a closed reservoir and, 
hence, its temperature in a certain direction. To 
achieve this aim it is necessary to introduce static 
electric field into the combustion chamber of a heat 
machine and to orient heat motion of electrically 
charged and dipolar molecules of expanding 
working bodies (i.e. gas, vapor) along force lines of 
the electric field by electric Coulomb forces. 
Something similar occurs, for example, in liquid crystal 
cells of electronic timer, in Kerr cells (electric optic 
effect) at periodical application of electric field to them 
that causes dipolar molecules turn along a field vector 
as well as change of light penetrability of these 
matters. 


There is a difference between this known in 
electrooptics phenomenon and our case. The difference 
lies in the fact that polarized gas molecules remain 
movable along force lines of the electric field in contrast 
to liquid crystals, which do not. This fact causes 
redistribution of parameters of heat energy (i.e. 
pressure, temperature, and heat penetrability) of 
dipolar molecules of heated gas just along force lines 
of the field. The more the intensity of the field at the 
initial temperature of the working body is the more the 
difference of pressures on the sidewalls of the chamber 
and on the working element, for example, on an engine 
piston. 


Heat motion of polarized particles of heated gas can 
be decelerated by combination of three electric fields 
of constant sign in accordance with all three 
coordinate axes; hence it is possible to significantly 
and quickly decrease temperature and pressure of 
the gas. In this case the heat energy of the heated gas 
makes jump transformation into electromagnetic 
radiation. 


Editor: Historically this method, i.e. plasma retention by 
electric field, was proposed by Oleg Lavrentiev in 1948. 
He had 7-grade education and served as a sergeant in 
Armed Forces in Sakhalin. After he sent Stalin a letter 
containing a phrase, as “I know a secret of hydrogen 
bomb creation” he was invited to Moscow to set his ideas 
out to academicians. His ideas were not lost nevertheless 
the scheme of plasma electrostatic retention was not 
applied (“Expert” magazine #23, 18 of July of 2001). In 
1950 Sakharov and Tamm proposed a scheme of a toroidal 
magnetic thermonuclear reactor which has been 
developed until now. Why is it so? It is difficult, expansive 
and practically unreal... 


Thus introduction of strong electric fields into heat 
machines allows significantly increase effectiveness 
of transformation of heat energy of a working body 
into mechanical and kinetic energy of working 
elements of the machines by means of directed 
regulation of temperature and pressure of heated gas, 
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for example, in the starting point and in the final point 
of a working stroke of a piston. In other words it 
allows increase output of the machines. 


APPLICATION AREA OF NEW ELECTRIC 
COMBUSTION TECHNOLOGY 


Practical application of the new combustion 
and thermal technologies 


The new technology is universal and applicable in 
practically all spheres of technics. Therefore we 
believe that further development and application 
of this new technology of fuel and waste products 
combustion is very important for radical improving 
of all the heat machines and of all thermal 
technologies. As the civilization uses hydrocarbon 
fuel and matters in its life circle then just this new 
technology can solve critical ecological and 
energetic problems of the civilization. 


It is impossible to view in details all proposed 
perspective technical solutions based on this 
technology [1-25] within one article. Therefore we 
give only one striking example. 


Environmentally appropriate engine 
for motor transport 


Since the transport, which uses thermal internal 
combustion engine (ICE), is most harmful for the 
environment then let us discuss ways of their ecological 
and energy improving. Several years ago the author 
patented “method of intensification of ICE operation” 
[7]. The essence of the invention consists in introduction 
of controllable electric field into combustion chambers 
during the whole operation period of an engine by 
special monoelectrode spark-plugs (Fig.2). 
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Fig.2a 
Plan of an environmentally appropriate ICE 
(for transport) 


1. — combustion chamber; 

2. — piston, 2a —heat-resistant surface of the piston 
(zone of electric-spark discharge) 

3. — admission valve (its canal is not indicated) 

4. — exhaust valve (its canal is not indicated) 

5. — combined mono-electrode spark-plug; 5a — fuel 
nozzle with hollow central electrode and end disk 
electrode 

6. — electric insulator of the spark-plug — fuel nozzle 
7. — fuel pump (for example, an electrostatic one) 

8. —high-voltage regulable transformer (electric field 
source) 

9. — force block of tension high-voltage transformer 
(=12V/25kV) 

10. — system of regulation of electric field source (9) 
11. — board current network =12V (SB is a storage 
battery of an automobile). 


This structure chart briefly demonstrates basic 
components of a new ICE, where there is directed 
pressure of gases on a piston. In particular, many 
inventions of the author are realized in practice here, 
i.e. semi-digital spark-plug, electrostatic fuel nozzle (5), 
electrostatic fuel pump (7). A new mode of volume 
inflammation of blended fuel has been realized in 
practice, i.e. “a spark coming from a disk electrode 
(5-a) to a piston (2-a)”. Since it is possible to regulate 
the electric field intensity generated by a high-voltage 
source of tension then an advance angle of blended 
fuel inflammation can be regulated, gases pressure 
on the piston at explosion stroke of ICE operation can 
be regulated as well. 





Fig.2b 


Photo of a simplified construction of the new ICE 


Fig.2b demonstrates simplified three-dimensional 
construction of the proposed energetically and 
ecologically perfect ICE. There are observable elements 
such as a combustion chamber, a piston, valves, a 
monoelectrode spark-plug, and an electrostatic fuel 
nozzle (in the centre on top), which is connected with 
the spark-plug. In the centre of the combustion chamber 


it can be seen volume inflammation of the blended fuel 
at spark appearance from end electrode to the piston. 


As a result a summary positive effect of ecological, 
construction and energetic improving of ICE is 
achieved, i.e. effective cleaning of exhausted gases 
directly in the combustion chambers of the engine, 
significant simplification and perfection of a fuel 
injection system, improvement of system of distribution 
and electric inflammation of the blended fuel. In this 
engine a distributor (as well as its analogues) is 
removed at all since sparking and intensive 
inflammation of the blended fuel automatically appears 
between central electrode of the spark-plug and the 
piston which comes to the upper “dead” point. The 
central electrode of the spark-plug is constantly under 
high tension. The advance angle of ignition is regulated 
by change of the electric field intensity. Powerful 
multipoint ignition causes simultaneous intensive 
inflammation of the blended fuel that occurs throughout 
the whole chamber. The electric field as a powerful 
combustion catalyst intensifies the process of the blend 
combustion at the explosion stroke of the engine and 
at after-burning of waste gases directly in the 
combustion chambers at the following output stroke 
of the engine operation. Directed along the axis of the 
piston in the combustion chambers this electric field 
serves as a transformer of gases heat energy into 
mechanical energy of the thermal engine pistons. That 
is caused by the fact that the field orients heat motion 
of the expanding gases along the axis of the pistons in 
combustion chambers of the engine at explosion stroke 
of ICE just. It causes redistribution of heat energy and 
increase of the gases pressure on the very pistons that 
significantly improves effectiveness of transformation 
of heat energy of the fuel combustion into mechanical 
energy of the piston motion (theoretically the 
improvement is by two-three times), i.e. it two-three 
times increases output of a classical thermal engine 
making it come to 70-80%. 


The electric field, which is introduced into the 
combustion chambers of an internal combustion 
engine, ensures significant economy of fuel (up to 30- 
40%) at saving of its working characteristics. It occurs 
due to fog electrostatic spray of fuel and to the fuel 
electrization as well as due to oxide ozonization. 
Moreover it occurs as a result of deep after-burning of 
hydrocarbon components of fuel, combusting blend and 
waste exhaust gases. This method allows effectively 
regulate temperature of the blend combustion in the 
chambers while required compression in cylinders is 
the same, for example, to minimize nitric oxide 
generation in the exhaust gases. As a result there is no 
necessity in external devices for cleaning of exhaust 
gases of internal combustion engines; ecological 
appropriateness improvement can be simultaneously 
achieved. Additional aerosol hydro-alkaline processing 
of these gases can allow totally clean exhaust gases 
of the transport, which operates on thermal engines. 
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Workability of such an environmentally appropriate Thus practical application of the new electric 


engine in two-stroke and four-stroke variants is combustion technology can exert revolutionary 
experimentally demonstrated. There are also influence upon propulsion engineering development 
experimentally shown decrease of all toxic components and upon increasing of ecological compatibility and 
in exhaust gases, 20-30% increase of useful power of the effectiveness of the transport, which operates on 
engine, and simultaneous decrease of fuel consumption. thermal engines. 


Diagram of operations of technology of effective using of refinery 
wastes in heat-and-power engineering 
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Technology of environmentally appropriate combustion of refinery wastes as fuel for boiler plants 


The author has patented other technical solutions of improvement of different devices, which are based on these 
technologies. These solutions concerning boiler plants, gas turbine engines and jet engines and many other heat 
machines and devices allow increase their effectiveness and simultaneously significantly improve their ecological 
factors. As an example of application of this technology in heat-and-power engineering there is a diagram of 
operations of the technology of the environmentally appropriate combustion of refinery waste as a fuel for boiler 
plants (Fig.3). Unfortunately the limits of one article do not allow discuss these inventions in details nevertheless 
the author will realize it in practice in future works. 


Conclusions: 


1. The existent methods of solving of the ecological problems are ineffective as well as work of organizations, 
which deal with ecological and nature conservation activity. It is caused by the fact that they are oriented to 
search and remove consequences of ecological pollution of the nature instead of their causes. 

2. The article demonstrates real causes of global ecological problems, which consist in imperfection of 
technologies of generation and transformation of energy. 

3. Using of strong electric and electromagnetic fields of low power as combustion catalysts allow significantly 
improve ecological factors of combustion technologies and of devices, which realize the technologies in practice. 
In other words it allows realize in practice “clean combustion of fuels and wastes and possible existence of 
“clean” heat technics”. 

4. Application of electric and electromagnetic fields in the combustion technologies allows significantly increase 
effectiveness of transformation of chemical and heat energies of fuel into mechanical and electric energies. 

5. The electric combustion technology allows realize in practice principally new ways to control combustion 
process as well as to control many thermal and kinetic processes (i.e. processes of pressure, heat conductance, 
temperature, etc.), i.e. allows increase output of heat machines. 
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6. The new electric combustion technology is a universal method of solving of ecological and energetic problems 
of the civilization and a universal way of radical improvement of technics (i.e. of the transport, boiler plants, oil- 
and-gas processing plants, combustion wastes recycling plants, etc.). 
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There is discovered new electric physical effect of 
intensive “cold” evaporation and dissociation of liquids 
and aqueous solutions into fuel gases without any 
energy consumption due to high-voltage capillar 
electroosmosis [1]. 


Prospects and problems of 
hydrogen engineering 


Effective obtaining of hydrogen from water is a long- 
standing tempting dream of the civilization. That is 
connected with the fact that there is a huge amount of 
water on the planet, and hydrogen engineering promises 
the possibility to obtain unlimited quantity of “free” 
energy obtained from water. All the more, the very process 
of hydrogen combustion in oxygen medium, which is 
obtained from water as well, ensures ideal high-calorie 
and environmentally appropriate combustion. 


Ecological and energetic problems are very actual 
nevertheless they have not been effectively solved. All 
known methods and devices of production of hydrogen 
and other fuel gases are ineffective since there is no a 
real high-performance technology of evaporation and 
splitting of liquid molecules. The main cause of 
ineffectiveness of the analogous consists in their difficulty 
and in energy consumption for breaking of intermolecular 
connections at dissociation of water liquid fractions. 


Physical-chemical structure of even habitual tap water is 
quite complicated since there are numerous 
intermolecular connections, chains and other molecular 
structures in water. In particular, in habitual tap water 
there are different chains of oriented water molecules, 
which are peculiarly connected with admixture ions 
(cluster formations), its various colloidal compounds and 
isotopes, mineral matters as well as various dissolved 
gases and admixtures. 


It is a paradox but in the living nature there is a long- 
standing effective way of electric capillar delivery and 
“cold” evaporation of liquid, which allows transform it 
into gaseous state without heat energy and electric 
energy supply line. This natural effect is realized in 
practice by plants, which deliver aqueous solution and 
make its “cold” evaporation by capillar electroosmosis. 
It is quite comprehensible that this natural energetically 
perfect technology is applicable in methods of liquids 
transformation into fuel gases. The author of this article 
has designed such experimental devices of cold electric 
capillar evaporation of liquids according to electric pumps 
of trees (Fig.1-3). 


The simplest operating device, which experimentally 
realizes in practice the effect of high-voltage capillar 
electroosmosis of the “cold” evaporation and dissociation 
of water molecules, is demonstrated in Fig.1. 


64 New Energy Technologies, Issue #1 January - February 2003 


New Electroosmotic Capillar Method of 
Obtaining of Fuel Gas from Water 


Fuel gas gathering 
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Fig.1 


Simplest device of capillar electroosmosis of liquids 


First experiments on the electric capillar dissociation of 
liquids were made with using of habitual water as well 
as its solutions and water-fuel emulsions of various 
concentrations as liquids. In all these cases fuel gases 
were successfully obtained in spite of the fact that these 
gases greatly varied due to their composition and heat 
capacity. The experiments on the electroosmotic 
evaporation and dissociation of liquids are realized in 
practice by the following way. First a wick (3) anda 
porous evaporator (4) are moisten with a water-fuel 
blend (emulsion) (2) then the blend (2) is poured into a 
reservoir (1). Then a high-voltage source of tension (6) 
is switched on and high-voltage difference of potentials 
(about 20 kV) is supplied to the liquid at some distance 
from the capillaries (i.e. from the wick (3) and the 
evaporator (4)). The source of electric field is joined to 
the device by electrodes (5-1) and (5). A plate perforated 
electrode (5) is placed above the evaporator (4) surface 
at a distance, which is enough to prevent an electric 
breakdown between the electrodes (5) and (5-1). 
Electrostatic forces of longitudinal electric field acts on 
the liquid. As a result dipolar polarized molecules of the 
liquid move along capillaries of the wick (3) and 
evaporator (4) from the reservoir to an opposite electric 
potential of the electrode (5) (i.e. electroosmosis 
occurred). Liquid molecules are detached from the 
evaporator (4) surface by these forces and transformed 
into a visual fog, i.e. the liquid is transformed into another 
aggregative state at minimal energy consumption of the 
electric field source (6). After that they provide 
electroosmotic elevation of this liquid. In the process of 
detaching and collision of evaporated liquid molecules 
with molecules of air and ozone as well as with electrons 
there is occurring partial dissociation between the 
evaporator (4) and the upper electrode (5) in an ionization 
zone. At the process a fuel gas is produced, which can 
come thorough a gas collector (7), for example, into 
combustion chambers of motor transport engine. 


It has been experimentally shown that change of 
intensiveness of process of evaporation and dissociation 
of vapor molecules depends on change of distance from 
the electrode (5) to the evaporator (4). Moreover, this 
dependence is conditioned by the following factors, viz 
by changing of the evaporator area, kind of the liquid, 


quality of capillar material of the wick (3) and the 
evaporator (4), parameters of the electric field as well 
as the source of intensity (of power) (6). 


The author’s first experiments on this simplest device, 
which were organized in 1986, demonstrated that 
“cold” water fog (i.e. gas) appears in capillaries from 
liquid (i.e. water) at high-voltage electroosmosis 
without any observable energy consumption but just 
using potential energy of the electric field. This 
conclusion is evident since in the process of 
experimenting consumed electric current of the field 
source was the same and equal to the consumed 
current of the source idling. This current was not 
changed depending on the appearance of the liquid 
evaporation. 


The experiments demonstrated that capillar 
electroosmosis evaporated quite significant quantity 
of water (1 liter) without any energy consumption for 
10 minutes at a 10-centimeter-diameter capillar 
cylinder. That is to say that the consumed electric 
power (10 Watts) of the electric current source, i.e. of 
the tension high-voltage transformer (20 kV), was 
unchangeable and did not depend on mode of its 
operation. It has been experimentally stated that the 
whole consumed energy supplied by the current 
network is insignificantly small comparably with the 
energy of liquid evaporation. It can be explained by 
the fact that power was consumed only to generate 
the electric field and did not increase at liquid capillar 
evaporation that occurred due to work of an ionic pump 
and of a polarized pump. Hence the effect of cold 
electric-capillar evaporation of liquid is very economical 
in respect to the process energy consumption. 


In spite of the fact that energetic essence of this process 
has not been disclosed it is evident that both “cold 
evaporation” and water dissociation are realized in 
practice by potential energy of the electric field. More 
precisely, the visual process of evaporation and water 
splitting into H,and O, at the capillar electroosmosis is 
realized by powerful Coulomb forces of this strong 
electric field. 


Editor: It is not the most surprising fact. The most 
astonishment is aroused by school-day stereotypes that 
work of a field at a closed cycle is equal to zero. These 
stereotypes have been kept in mind of people for a long 
period of time. Everybody understands that a field can 
do work but if a body falling from some height is 
accelerated in a potential field and its kinetic energy 
increases then it requires energy consumption to relevate 
the body up to this height. Nevertheless, the analogy of 
a gravitation field with an electric one is not one-valued 
since the electric field may be generated only at a part 
of trajectory of the accelerated body motion. An electric 
field can be pulsating, it can be screened or it is possible 
to change its direction at the reverse part of the trajectory 
in such a way that the field constantly accelerates the 
body. Hence a principal conclusion can be made: 
summary work of a potential field may not be equal to 
zero. This conclusion has earlier been proposed by A.V. 
Frolov in his article published in the USA (Newsletter of 
the Institute for New Energy. May 1994. p. 1-4). 


In principle this uncommon electroosmotic pump- 
evaporator-splitter is an example of the perpetual 
motion machine of the second type. Thus the high- 
voltage capillar electroosmosis of aqueous liquid 
provides really intensive and energetically free 


evaporation and splitting of water molecules into the 
fuel gas (H,,0,, H,O) by means of using of potential 
energy of the electric field. 


To produce more complete dissociation of water 
molecules into the fuel gas it is necessary to make the 
whole water molecules collide each other and be split 
into molecules of H, and O, in an additional 
transversal alternating field (Fig.2). 





~20KV 
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Fig.2 


Device for production of fuel gas by electroosmosis. The device is 
equipped with an additional high - voltage splitting center of 
liquid molecules by electric alternating field. 


At the second stage of water dissociation the energy 
of the second electric field is used, more precisely, 
powerful electrostatic forces are used to intensify 
oscillation resonant process of “collision-repulsion” 
of electrified water molecules represented as water 
gas. The result of this process is complete breaking 
of liquid molecules and generation of fuel gas 
molecules. 


Conditions of optimal dissociation vary due to a kind 
of the liquid, to capillaries properties, and to the field 
parameters. These conditions are caused by required 
productivity of the process of dissociation of concrete 
liquid. Fig.2 demonstrates in details functional 
structure and composition of the device equipped 
with two sources of the electric field. 


In the case of preliminary division of initially 
chemically neutral water into chemically active 
fractions (i.e. acid fraction and alkaline fraction) 
realization of the technology of production of fuel gas 
from water becomes possible at temperature below 
zero (up to —30°C ). In winter it is quite important 
and useful for motor transport. This “fractional” 
electrically activated water does not freeze at degree 
of frost; hence the device designed for hydrogen 
production from such activated water can operate 
at environment temperature below zero and at 
degree of frost. 


This principle of additional chemical activation of 
water (or liquid) is realized in practice in the device 
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(Fig.3). In contrast to the devices mentioned above 
(see Fig.1, 2) this device is supplied with an 
electrochemical activator of liquid (3) with evaporators 


(4). 
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Fig.3 
Hybrid device equipped with two sources of electric field and 
liquid electric activator 
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Fig.4 


Productivity of the method increases as well as oscillation 
frequency of the second transversal electric field (A) and 
evaporating area (B) increase. 


There is a known and low-expenditure progressive 
electric technology by Stanly Mayer, which has been 
worked out to obtain fuel gas from water (Mayer cells). 
Our technology is more progressive and ensures higher 
productivity than Stanly Mayer’s technology does [3]. It 
can be explained by the fact that this electroosmotic 
effect of evaporation and liquid dissociation combined 
with a mechanism ofthe electrostatic pump and the ionic 
pump ensures intensive evaporation and dissociation 
of liquid as well as effective detachment of gas molecules 
from the dissociation zone. The process of gas molecules 
detachment is accompanied by acceleration from the 
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upper end of the capillaries. Therefore in our case the 
effect of screening of the working zone of molecules 
electric dissociation is not produced. All these processes 
proceed at minimal energy consumption, which is similar 
to analogous energy consumption. Moreover, the process 
of fuel gas production does not slow down as the process 
in Mayer’s technology does therefore gas productivity of 
our method is significantly higher than that of this 
progressive analogue at similar minimal energy 
consumption. 


Some technical and economical aspects of the 
new technology realization 


In the near future production run of these high-effective 
electroosmotic generators of fuel gas from practically 
any liquids (including tap water), which are based on 
the proposed new technology, can be established. At 
the first familiarization level it is especially easy and 
economically appropriate to realize in practice a variant 
of the device of transformation of water-fuel emulsion 
into fuel gas. A prime cost of the production-run device 
for generation of fuel gas from water of 1000 m°/hour 
productivity comes to approximately 1 thousand of 
US dollars. Consumed power of such an electric 
generator should come to no more than 50-100 Watts. 
Therefore such compact and effective fuel electrolyzers 
can operate practically in any motor car. As a result heat 
engines can work on any hydrocarbon liquid or even on 
habitual water. Mass application of these devices for 
the motor transport can cause immediate energetic and 
ecological perfection of the motor transport as well as 
designing of an environmentally appropriate and 
economical heat engine. Approximate financial 
expenditures for working out and designing of the device 
for fuel gas obtaining from water, and for bringing the 
investigation of the first testing device of 100 m°/sec 
productivity to an experimental-industrial model come 
to about 450-500 thousands of US dollars. That contains 
the expenditures for projecting and investigation, for 
designing of the very experimental device and of atesting 
bed, which is necessary for approbation and engineering 
development of the device. The author is interested in 
business and creative cooperation with those companies, 
which can provide this project with investments to bring 
the device to the experimental-industrial model and 
introduce the perspective technology into practice. 


Conclusion 


Electroosmotic ‘‘cold” evaporation and dissociation of 
water and aqueous solutions through capillaries is a 
perspective way of highly productive fuel gas 
production at minimum of energy consumption. 
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Abstract 


Time, space, energy and mass form the four-fold 
conceptual basis for gauging physical reality. The 
following paper, as a follow-up to a previous exposition [1] 
which focused on the necessity to change the current 
paradigm for time, continues in this same vein, but will 
also consider in greater depth the interrelations of this 
phenomenon with the other three yardsticks cited above. 
Again, information garnered from a wide variety of 
sources will be considered. We hope to provide, through 
just such a unique eclectic format, the beginnings of a 
possible fresh understanding of the workings of nature 
and perhaps ultimately furnish a conceptual basis for 
extending the structure of current physical theory to 
compatibly encompass the elements of a unified 
framework of physics and metaphysics. 


Introduction 


In the former article cited above, by investigating the 
following varied sources and research [2-17], we came 
to the inescapable conclusion that the phenomena of 
time and space are considerably more intimately related 
than is currently suspected by modern science, and will 
require a drastic re-working to fit the conclusions of the 
various evidence cited. Towards this end, the adoption 
of a more expansive paradigm for these yardsticks was 
suggested, which incorporates a fluid-field nature for 
time and space where both are derivatives of the 
fundamental ground-form of energy in flux or oscillation. 
These new approaches involve the inclusion of a 
Kozyrev-type of “substantial” (active) time-flow as 
opposed to the conventional “relational” (passive) 
concept of time, where it is used as a static parameter 
signifying duration. The substantial aspect of time pre- 
supposes that it is an essence which can and does affect 
physical processes, and that those same physical 
systems can cause a reverse action on time [8]. Such 
active fluctuating (deformable) types of time or space, 
implies the establishment of a revolutionary notion: 
positing completely non-scalable metrics for both time 
and space. This is in direct contrast to all contemporary 
orthodox models for physical reality, either in Einsteinean 
relativity (Special or General theory), quantum field 
theory, or even superstring/supersymmetric theory, all 
of which continue to consider both of these yardsticks 
from their relational (length or durational) standpoints. 
Consequently, all these formalisms require scalable 
metrics of some sort for their proper description (for 
refreshing viewpoints on this matter, see [7]). For 
instance, in the standard equations of quantum theory, 
time is regarded merely as an unchangeable static 
parameter. When we later consider applying these novel 
substantial aspects of time to the edifice of quantum 
theory, we will see that time must then become a 
“hidden variable”. It will be seen that by considering 
time in this manner, a clearer and more tractable 
explanation of the inevitable probabilistic aspects of 


quantum theory, evidenced in the signature Uncertainty 
Principle, complementarity and non-locality will arise, 
without having to invoke the counter-productive and ill- 
conceived Copenhagen Interpretation. 


Oscillatory Models for Time and Space 


Upon accepting non-scalable metrics for time and space, 
we observe that a similar field nature for energy and 
mass must in turn also be postulated. Moreover, from 
the Killick description of how (sub-atomic) tachion-pairs 
operate [6], shuttling their energy back-and-forth in a 
free-wheeling but purposeful manner and creating 
oscillatory features of time and space by their action, 
we should consider the possibility of another 
unprecedented concept: a “value-motivated” energy 
might be at the foundation of the structural integrity of 
physical matter. This is conceivable when considering 
Killick’s description of the tachion-pair dynamic/ 
evolutionary cycle as necessarily including the 3-step 
process of observation —- reflection — action (trinitivity 
of motion). Along the same lines, from the Smith book 
The New Science [5], we learn that a so-called “tempic 
field” energy exists, which could be described as the 
parent structure out of which our standard conception 
of “clock-time” (entropy changes) results. The tempic 
field is essentially a scalar (but not static) function which 
has vectorial nature only in terms of its distribution or 
gradient in space. Because of the nature of the tempic 
field, its derivatives — the electric and magnetic fields 
can operate on each other in a specific geometric/ 
topological manner, to produce a local change in the 
time-frame of matter, to use a term coined by the entity 
Kryon [4]. This theoretical description of the alteration 
of inertial/gravitational mass and time-frame has 
possibly seen recent actual demonstration in the 
dramatic experiments of John Hutchison [10] and Rudolf 
Zinsser’s “kinetobaric” effect [11], as well as 
unpublished research of both Wilbert Smith and Ken 
Killick with electric caduceus-wound coils [5,6]. 


New Models for Relativistic-Fluidic Vacuum- 
Structure and Possibility of its Manipulation 


All of this evidence allows us to conclude that 
measurable changes in relativistic parameters of time, 
space, mass and energy might not only be a feature 
accompanying rapid uniform movement of physical 
objects (Special Relativity), or representative of large 
gravitating astrophysical objects (General Relativity). 
Indeed, by relying on current limited paradigms, 
contemporary physics may have missed ascertaining 
the possibility of being able to alter these same 
relativistic parameters by the artificial technological 
manipulation of the tempic (vacuum) fields of sub-atomic 
particles in stationary matter, by use of specific 
electromagnetic fields. Tom Bearden, for one, has 
articulated on these various “futuristic”-type 
technologies in his many writings over the years [15]. 
We have recently seen that some of the novel theoretical 
conceptions of the more visionary physicists such as 
David Hestenes on the zitterbewegung (vacuum “jitter”) 
phenomenon exhibited by the electron [12-14], has finally 
caught up with some of these advanced ideas by 
presenting new mathematical demonstrations (using 
geometric Clifford-algebraic) manipulations of the Dirac 
equation. In summary, the Hestenes’ study concludes 
that the Dirac wave function and its properties, including 
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the Dirac equation and relations to physical observables 
such as energy-momentum, spin and position probability 
current, all possess heretofore obscured important 
geometric relations. These results imply that 
probabilistic features of the quantum theory of the 
electron/positron arise principally from the 
electromagnetic interaction of the accompanying 
zitterbewegung-spin field of these particles with the 
ambient dynamic vacuum. This is, of course, in direct 
contrast to the conventional received view that ascribes 
wave-particle duality as a property of matter that is 
completely independent of the nature of its interactions. 
This revolutionary geometric interpretation of electron 
dynamics incorporates in its model an electron spin 
which arises from a helical or spiral world-line in space- 
time. The essential unprecedented feature of the 
Hestenes’ zitterbewegung idea is the association of the 
spin with the local circulatory-helical motion 
characterized by the phase of the electron wave function. 
Thus, we reach the conclusion that the complex phase 
factor of the electron wave function can be directly 
associated with an objective helical motion of the 
electron which is, in turn, a derivative of the 
zitterbewegung. One intriguing feature of this structure 
is a frequency of oscillation that is inversely proportional 
to the scalar radius of curvature of the particles’ helical 
world-line. Moreover, the Clifford-algebraic analysis 
reveals that this oscillation frequency is identical to 
electron/positron mass, revealing a possible key variable 
particle mass-energy (frequency measure), which is in 
inverse relationship to particle size. It is clear that this 
new model has important classical implications not yet 
considered by established physics which nevertheless 
directly correspond to some of the key features of sub- 
atomic behavior enumerated above and previously. Here, 
we refer to the tachion-pair dynamics [1,6], and also to 
the microscopic dynamics of elementary particles 
revealed by the selected esoteric sources previously 
considered [1-5]. 


Another researcher who echoes many of these 
conclusions is C. Sano [21]. Sano built on the work of 
A.P. Smirnov [22] who postulated that Newton's Third 
Law of action/reaction actually modeled “screw” 
structures, implying that elementary particles 
(specifically electrons/positrons) possess chiral-spiral 
field configurations. Accordingly, Sano posited that all 
actions/reactions are transmitted between actors and 
reactors by parallel or perpendicular clutching of the 
rotating chains of electromagnetic spirals of the hidden 
electrons and positron-pairs of the vacuum. Also, 
similar to the Hestenes’ development cited above, Sano 
postulated that the radius of the outer electromagnetic 
spiral surrounding the electron/positron pair can 
change, oscillating in size around either particle, and 
thus producing the particles’ electric or magnetic 
character. Supporting his theory, Sano cites the key 
research of I.M. Shakhporanov [23] whose experiments 
claimed that magnetic monopoles were generated, by 
employing an electrical circuit based upon Moebius 
band topology. Some of the unusual phenomena 
demonstrated by this apparatus, tending to support 
the magnetic monopole hypothesis, was transformation 
of diamagnetic substances into paramagnetic, the 
ferromagnetization of normally non-magnetizable 
materials (graphite, etc.), acceleration of chemical 
reactions, acceleration or deceleration of the decay of 
radioactive materials, etc. Sano also claimed that 
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extraction of energy from the vacuum was possible 
using rotational action/reaction using magnetic 
monopoles. 


Referencing this research to the current exposition, we 
recall that the key element of Killick’s hypothetical 
tachion-pair operation was the similar non-linear/non- 
orientable Moebius-type dynamic cycle which results 
in the corresponding deformation (compression or 
rarefaction) of time/space/energy parameters [1,6]. In 
this regard, the remarkable similarity of this model to 
the research of Sano and Shakhporanov may be much 
more than mere coincidence. In fact, later we shall 
examine new research outlining an apparatus (yet 
untested), which claims to overcome the Coulomb 
barrier in low energy nuclear reactions (LENR), and 
achieves nuclear fusion by producing local time-dilation 
of soft photons in proximity of the deuteron reactants. 


Additional Key Russian Research 


To motivate the reader’s sensibilities towards 
consideration of some of these unorthodox ideas, we 
defer to the previous article [1] in which many of these 
notions and mentioned research are explored in greater 
depth, as well as consider the following corroborative 
research. 


One intriguing example of such experiments is the work 
of V. Chernobrov, from which he has claimed to 
demonstrate both acceleration and deceleration of local 
time-rate, within a small spherical enclosed volume 
conducted since 1988 [18]. The experimental system to 
produce these effects, was a set of electromagnets, 
connected in series and parallel and installed inside the 
globe-shaped surface in several layers. In various 
arrangements including up to 3 to 5 of such layers, these 
electromagnetic working surfaces (EWS) of various 
diameters were installed inside each other (similar to 
the Russian toy doll “matrioshka”) with the maximum 
EWS diameter was about 1 meter, and the minimum 
(internal) diameter of 115 mm. With this configuration, 
Chernobrov claimed to measure small but detectable 
deceleration (-30 sec/hr.) and acceleration (+30 sec/hr.) 
of time within the sphere to time monitored outside its 
field of influence. One interesting difference was noted 
between the slowing down vs. the speeding up of time. 
The deceleration occurred considerably more smoothly 
and steadily whereas with acceleration, sharp 
discontinuous jumps were observed. These instabilities 
accompanying time-acceleration was observed in 
connection with cycles of the moon, diurnal fluctuations, 
and also operator presence. Chernobrov also noticed 
another phenomenon that also was reported in 
connection with the alleged legendary Philadelphia 
experiment, where matter in different time-frames 
apparently exhibited strange relative optical phenomena 
[see 1,4]. Specifically, the human eye in the time-frame 
exterior to the experiment perceives matter within the 
time-frame created by the apparatus as either 
transparent or surrounded by a vague white mist. We 
note with interest that transparent “shimmering” effects 
of substances in the target area were also occasionally 
a feature of Hutchison effect [10]. 


Academician A. Chernetsky produced what he termed 
a self-generating discharge (SGD) in a plasma that 
exhibited longitudinal energy density waves from a 


structured vacuum. Some unusual effects noted were 
over-unity energy generation (C.O.P > 1), as well as 
change of the electrical conductivity of matter (reduction 
of the resistance of resistor) placed between the 
capacitor plates of the SGD. A local structured vacuum 
was definitely produced since the resistance value 
remained unchanged even when the generator was 
turned off. Here reference must be made to the Kozyrev 
experiments [1,8], in which a type of similar memory 
process was activated ostensibly within the vacuum. 
Specifically, it turned out that in experiments with a 
vibrating torsion balance (or pendulum), at points of 
support the emerging additional forces did not disappear 
when the irreversible process (vibration) was stopped, 
but remained in the system for an appreciable time. The 
SGD plasma device may have also produced a detectable 
change in local time-flow rate as evidenced by decrease 
in frequency of a quartz oscillator placed in the discharge 
of the generator. The Chernetsky generator thus possibly 
caused anomalies in time-rate at a local space position. 
There were also basically anecdotal phenomena where 
psychic ability of personnel in proximity to the SGD was 
apparently enhanced [19]. The latter effects are not 
inconceivable once the intimate connection of 
consciousness to space and time is ascertained, from 
consideration of not only hypothetical “value-motivated” 
tachion-pair dynamics, but from the more prosaic studies 
as we shall see next. 


Pathological Studies in Time-Perception 


We can motivate further understanding for the claimed 
intimate connection of time to space by considering the 
results of a recent study of patients possessing a 
disjointed sense of time by Metod Saniga of the Slovak 
Academy of Sciences [20]. Saniga discovered the brain 
is hard-wired to perceive space and time as 
interconnected. Specifically, time pathology is 
apparently always accompanied by space pathology, in 
a sense that space either loses dimensions or acquires 
other dimensions. To quote Saniga “When time seems 
to stop, people often feel as if space becomes 2- 
dimensional. On the other hand, when the subject feels 
they perceive the past, present and future all at once, 
they simultaneously have the impression that space has 
infinite dimensions”. This phenomenon is apparently not 
culturally endemic since Saniga illustrates that both 
pathologies cross cultural lines, evidencing similar 
studies cited from Italian, German and English 
psychological journals. In his report, Saniga combined 
mathematical models (“pencil-conics”) and pathology 
reports of schizophrenic, drug-induced and other 
abnormal perceptions of time. His current work also 
encompasses studies of near-death experiences. He 
found that most of those who claim to have allegedly 
crossed over to the “other side” and back, tell similar 
tales. For that brief moment of near-death, the universal 
subjective experience of all individuals in this state of 
consciousness is that time loses its meaning. Although 
such evidence can at best be considered as anecdotal, 
since subjective conscious experience transcends the 
possibility of scientific proof, nevertheless perhaps these 
results from pathological and near-death studies also 
give us a hint towards new conceptions of time and 
space that necessitate both phenomena to be 
inextricably linked. 


Investigation of the Possible Internal Properties 
of Time 


One inescapable conclusion that results from all the 
above varied studies, either scientifically or 
psychologically based, and which cries out for future 
experimental verification, is the possible existence of 
an internal structure for time. Such a structure also 
implies the necessity for constructing a new edifice for 
physical reality that incorporates non-scalable metrics 
for the four fundamental yardsticks. We shall first 
investigate supporting evidence for internal time 
structure and subsequently the various implications of 
space, time, energy or mass that is non-scalable. 


First, accepting an internal time structure, we are led to 
conclude that in quantum theory, time must then attain 
“hidden variable” status. One recent study that 
brilliantly articulates this notion, is the thought- 
provoking paper by X. Chen [24]. By positing 3 time 
variables as quantum hidden variables, Chen derives 
the Dirac equation classically. Moreover, he 
demonstrates that the non-intuitive property of “spin” 
of an electron or positron , arises naturally as 
a topological property of 3-dimensional time 
+ 3-dimensional space. By extrapolating from this 
model, Chen then concludes that the inherent 
probabilistic aspects of quantum theory itself, as 
evidenced in wave-particle duality, Uncertainty 
Principle, quantum non-locality (“entangled” particles), 
etc., can be interpreted as the behavior of a single 
particle in 3 + 3 time-space. Chen postulates that the 
three dimensions of time geometrically form a “time 
sphere”, with a generic point on the sphere possessing 
the following 3 coordinates: time radius, and two “time 
angles”. The mathematical formalism arising from the 
process of stereographic projection from the north pole 
of this sphere, having radius of one-half, to any point on 
the spherical surface, incorporates both the positive- 
energy (north hemisphere) and negative-energy (south 
hemisphere) solutions to the Dirac equation (see Fig. 1 
for clarification; note Z is a four-component spinor wave 
function). Also, by considering the evolution of a single 
particle, from the standpoint of this model of internal 
time-space, we can derive a picture of different paths 
on the time sphere of different weights, and on each 
path causality is satisfied. Through this process, Chen 
derives a purely classical explanation of the originally 
quantum-mechanically canonized Feynman Path Integral 
concept. This result emerges since each path from the 
time-sphere center to the surface corresponds to each 
Feynman path, and the surface of the sphere corresponds 
to the “surface” of the wave function. Chen also 
classically explains the processes inherent to Bose- 
Einstein-condensation (BEC) and superconductivity with 
this model. In such phenomena, two particles with the 
same spatial coordinates, cannot possess the same time 
angle, and thus will not have any interaction with each 
other and occupy the same quantum state as evidenced 
in BEC and superconductivity. Finally, Chen’s solutions 
of the Dirac equation for a free particle correspond to 
Hopf bundles in monopole theory, and each Hopf fiber 
corresponds to each plane wave with different 
momentum states. This picture corresponds to wave 
packet diffusion in quantum theory. When a particle is 
in a fixed momentum state, each space point can contain 
only one Hopf bundle (one time angle), and various 
different time angles will be distributed in the whole 
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space but with the same Hopf bundle. Consequently, 
that particle can be found everywhere. This picture 
appears to describe the Uncertainty Principle classically 
using 3 + 3 dimensional time-space. Along similar lines 
R. Kiehn [25] has also recently underscored the important 
but overlooked classical connection between spinors, 
minimal surfaces and the Hopf map. 


Recently, Chen’s work has been further developed by 
H. Kitada [26] who, by introducing both 3-dimensional 
time and energy operators, sheds new classical light on 
the uncertainty relation that holds between these two 
parameters as well. Moreover, Chen is not the only 
reseracher to derive the Dirac equation classically. 
R.A. Close has published a paper which presents a 
classical mathematical description of circularly-polarized 
waves in 3-dimensions [27]. It turns out that these chiral 
space waves are satisfied by a four-component wave 
function which satisfies a Dirac equation. Furthermore, 
much like the Hestenes’ zitterbewegung interpretation 
of quantum theory, the term normally associated with 
electron mass in the Close equation, introduces a rotation 
or oscillation frequency of the propagation direction. 


Classical models for nuclear processes have also recently 
been proposed which incidentally also imply internal 
time structure. Notable among these, C. Cagle claims 
to have developed a fusion energy device employing 
LENR based upon such a classical theory [28]. Normally, 
Deuterium nuclei are diffuse in momentum space (having 
high relative velocities). The process Cagle outlines 
produces a compactification of their momentum space 
(low relative velocities), so that the deuterons develop 
acommon de Broglie wavelength that is greater than or 
equal to the inter-particle distance. This is claimed to 
be accomplished by passing soft x-ray photons near the 
region of two deuterons in a lattice structure of Lithium 
Deuteride. The soft x-ray, when absorbed , produces a 
region of total time-dilation, causing two effects: first, 
ionization of atoms by strongly repelling any 
associated electrons in the area, and secondly and 
most importantly, the physical extent of the time- 
dilation causes two adjacent normally repelling 
Deuterium nuclei to overlap ina common momentum 
space; that is, their relative velocities achieve very 
low values. Consequently, due to the time dilation, fora 
very short time their common de Broglie wavelength 
exceeds their inter-particle distance. Thus, they become 
strongly attractive and undergo nuclear fusion. 


Cagle also claims to clarify misconceptions about the 
fusion process in a thermonuclear bomb. He maintains 
that it is not due to extreme kinetic energies (high 
temperatures) of particles as supposed in current 
paradigms, but due to nuclear processes caused by 
absorption of a time-dilated soft photon flux, produced 
by Compton scattering of hard x-rays from a fission 
igniter, passing through a foil of depleted Uranium. 
Again, just like the controlled nuclear fusion process, 
this causes overlapping of deuterons in momentum 
space (low kinetic energies) for a few pico seconds, and 
subsequent fusion with normal exothermal processes 
ensuing. 


Furthermore, as a fundamental component of his LENR 
fusion device, which ostensibly produces time dilation 
and controls energy production from the fusion process, 
Cagle incorporates a topological field structure termed 
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an electromagnetotoroid. The toroidal field current 
oscillates between toroidal and poloidal modes in a 
dynamic cycle which is amazingly virtually identical to 
Killick’s description of the oscillation dynamics ofa single 
unit toroidal tachion [1,6](also see Cagle’s website for 
animated simulation). 


Regarding dynamics of astrophysical structures, Cagle 
further claims that the stellar jet core star of HH30 is 
also a gigantic electromagnetotoroid. During the poloidal 
current mode, vast quantities of matter are produced 
and ejected along the poloidal axis when the mode 
changes from poloidal to toroidal. This leads one to 
consider the possibility that the source of superluminal 
gamma ray bursters, which have heretofore mystified 
astrophysicists and defied explanation in terms of 
current paradigms, might be the result of large- scale 
abrupt changes in the time-frame of celestial vacuum 
regions, subsequently causing a boost in light velocity. 


Implications of Non-scalable Metrics 


When postulating fluid-field natures for the four 
yardsticks of physical reality: time, space, energy and 
mass, we must assume the existence of a non-scalable 
metric for our vacuum structure. Such a non-scalable 
vacuum, absent of a defined reference frame, must of 
necessity possess a dual nature. That is, the primary 
feature of a dual vacuum structure implies that infinitely 
small quantities must be treated on an equal footing 
with those that are infinitely large. In other words, 
information encoded into infinitesimal elements, is also 
instantly present in the unbounded infinite extents as 
well. This is tantamount to the existence of a holographic 
information encoding and transmitting vacuum field, 
which would structure events in space and time as a 
non-Markovian chain. In a non-Markovian chain of 
events, the prediction about the next link in the chain, 
requires a knowledge of all links, not just the one 
preceding it. 


Metod Saniga’s research into mystical perceptions of 
superconscious reality appears to support such a 
primordial non-Markovian holographic mapping of time 
and space. To quote from a transcript of such a vision: “I 
wake up in a whole different world...a different 
space...This space was distinct from the one we all 
know. It had different dimensions, everything contained 
everything else. One was situated in a state of being in 
which the ‘will be’ (future) and the ‘vanishing’ (past) 
were already included, and this being was my 
consciousness. It contained it all. The ‘being contained’ 
was present very vividly in a geometric way in the form 
of circles of different sizes which again were all part ofa 
unity since all of the circles formed exactly one circle. 
The biggest circle was a part of the smallest and vice 
versa.” [20]. 


Such a structure of time and space can best be 
topologically encoded in a non-orientable structure such 
as the Moebius band or Klein bottle. Similar to the data 
presented in the above mystical revelations and in the 
previously treated Killick tachion-pair dynamics [1,5], in 
such configurations “inside” and “outside” lose their 
meanings and meld into one another; ordinary 
dichotomic relations distinguishing thesis from 
antithesis are sublated and supplanted by a higher unity 
defining the evolutionary process of the system. In the 


mathematical edifice abstracted from such a vacuum 
structure, duality rather than exclusivity of field 
structures holds sway. This in turn, presupposes a static- 
dynamic triality of fundamental field structures, 
characterized by the three magnitudes: zero, infinity and 
the mediating factor of unity, the latter being an 
indication that each of the other two field extremes are 
in perfect balance. Accordingly, we will assume that the 
stability (coherency) of non-scalable fields results 
whenever more than half their reality is in common. 


Further development pertaining to a specific algebraic- 
geometric structure that would inherently incorporate this 
field model, will be carried out in a future paper. 
Nevertheless, the interested reader can skirmish on this 
frontier by consulting the relevant recent references to a 
Clifford-algebraic structure which encodes the projective 
duality of “space” and “counterspace” into a model for 
mechanics on the quantum level [29]. This promising 
model accounts classically for the phenomenon of 
quantum non-locality. It also heralds a new version of 
quantum field theory which, by treating electron-positron 
pairs as topologically non-orientable, is free of the 
detrimental divergences in self energy and charge, thus 
obviating the necessity for the ad hoc prescription of 
renormalization so endemic to current theory [30]. 


However, due to the limited scope of the current 
treatment, here we shall only make general comments 
on the significance of the above-mentioned concept of 
field triality. Although this model may appear foreign to 
current physical theory, we underscore that exactly such 
a system was delineated by W. Smith in the book, The 
New Science [5]. Observing, as we have [1], that this book 
in some parts of its exposition can cause confusion, we 
carefully choose the following selected passages that are 
most instructive in clarifying the notion of non-scalable 
metrics and in pointing the way to new paradigms (my 
comments in parentheses). General comment on non- 
scalable metrics: “Unity is half way between zero and 
infinity and always remains the fulcrum about which all 
other values regardless of scale pivot”. On the electric 
field: “Between the two limits of zero and infinity and 
through unity there is divergence which we recognize as 
the electric field, but with the exception that there is no 
point charge at zero. Our awareness establishes the 
charge at radius unity with exactly half of it being ‘inside’ 
and the other half being ‘outside’”. On tempic field 
dynamics: “The tempic field being purely scalar in nature 
merely contributes to the manner in which changes can 
occur in the system. If, however, through some 
characteristic of configuration, the tempic field within a 
composite particle displays some irregularity, this will 
manifest as a ‘vibration’, and if the magnitude of the 
vibration is sufficient as to cause the interpenetrating 
fields to exceed the half-and-half point , the whole system 
will come apart: radioactivity. When a system does come 
apart, those field which were coherent and 
interpenetrating in the correct proportion will remain so 
and take off down the tempic field gradient and become 
radiated energy”. On velocity of light/Planck’s constant: 
“Within the universe we perceive, we are reasonably 
satisfied that the maximum value of all the coherent fields 
involved in our particles and radiated energy have the 
same value. Planck’s constant is the numerical expression 
of this value, and the velocity of light is the expression of 
the numerical value of the (local) tempic field intensity”. 
On nuclear fusion: “If a region is selected in which there 


are two fields of the same kind, same magnitude, same 
direction, such that very nearly half the reality of each is 
within the region, then the two fields are just on the verge 
of becoming coherent. If the fields are not coherent, the 
total energy in the region is the sum of the energies of the 
two fields; i.e., twice the square of the field intensity of 
each integrated over the region, or twice the energy of 
the two fields incoherent. This represents the ‘packing 
energy’ of bits and pieces of atomic nuclei, and also points 
the way to the precipitation of energy out of the cosmic 
background (vacuum engineering)”. Notice how this 
description, written 45 years ago, of how a tempic field 
gradient (time-stress) operates between atomic nuclei to 
produce coherency (half-in half-out condition), perfectly 
parallels the recent Cagle view, which claims the fusion 
process takes place only as a function of time-dilation 
[28]. Finally, on gravitation: “With the exception of skew 
electric fields (electric field possessing tempic field 
gradient) all the other fields of an aggregate mass may 
be considered as static because they have no component 
of the tempic field at right angles to them. The skew fields 
(spiral-helical?) on the other hand, are dynamic because 
they do have a quadrature tempic field component. 
Furthermore, skew fields are largely incoherent 
(gravitation cannot normally be shielded) simply because 
the usual almost random orientation precludes their 
meeting the half-in requirement of form to become 
coherent. Since the gravitational field is due to the skew 
electric field, or stated differently, to the induction from 
the ‘motional magnetic field’ (longitudinally moved 
magnetic field), this is the logical region to explore for 
the mechanism by which fields may be produced to 
combine with the gravitational field (of Earth) to produce 
a resultant more to our liking (alteration of local 
gravitational potential)”. 


This last quote describes the gravitational field of a 
mass as a residual field phenomenon, similarly to the 
Sakharov and Puthoff conclusions which attribute 
gravitational and inertial mass to the interaction of 
accelerated or gravitating matter with the zero-point- 
vacuum-fluctuations (ZPF) causing a vacuum reaction 
force [31]. Moreover, similar to the Hestenes’ claims, 
in their recent papers [32], Haisch/Rueda/Dobyns 
propose that, via this new interpretation of inertial 
mass as an acceleration-dependent electromagnetic 
(Lorentz) force, that a former postulate of quantum 
mechanics appears to be derivable classically via the 
interpretation of rest mass as the energy of the ZPF 
driven zitterbewegung; that is, the de Broglie 
wavelength of a moving particle, may be derived from 
Doppler shifts of the Compton frequency oscillations 
associated with zitterbewegung that occurs when a 
particle is placed in motion. 


For further studies of physical theories with non- 
scalable metrics, the reader is directed to the excellent 
work of A.A. Nassikas [16]. Like few theories hitherto 
postulated, Nassikas posits a fundamental probability 
density function for vacuum energy, out of which 
oscillatory-deformable sub-atomic level physical 
aspects of time and space then emerge. This is the 
reverse to most contemporary paradigms, which view 
energy as a derivative of matter, time and space, even 
at the quantum level. Finally, A. Frolov has used 
Nassikas’ theory to explain over-unity energy 
generation that has been demonstrated in some LENR 
electrolytic cells of the Pons-Fleischmann variety [17]. 
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Editor: Actually Prof. Nassikas wrote in this patent 
that the idea which is described in the patent was proposed 
by Alexander Frolov. In 1996 these questions were 
discussed by us in Saint-Petersburg. Specifically, a 
Palladium cathode over-saturated with protons produces 
an imbalance of the vacuum engine in this area, with an 
accompanying change in the local time-rate and 
subsequent breakdown in the Coulomb barrier of the 
nuclei as per schemes articulated by C. Cagle [28] and T. 
Bearden [15]. 


Conclusions 


In this journey through the latest research and 
speculations involving new interpretations of the four 
physical yardsticks: time, space, energy and mass, we 
hope the reader and technical specialists/theorists have 
been inspired to continue research along the lines 
suggested in the above dissertation. In this regard, certain 
open-ended questions present themselves that focus 
squarely on the viability of technological future 
developments in the new energy field. First, could the 
missing element in our eventual understanding of all 
devices featuring documented over-unity energy 
generation, change in mass (gravitational potential), 
LENR-based transmutation of elements and the 
amelioration of radioactivity, etc., be due the alteration of 
local time-flow in sub-atomic vacuum fields within the 
apparatus? Secondly, could the frustrating feature of the 
capriciousness of over-unity power and the like to yield 
to testable replication in many cases, be due to currently 
unperceived uncontrollable aspects of time and the 
vacuum which must be addressed in order to solve these 
problems? Thirdly, could incorporation of non-orientable 
topological structures such as the Moebius band, Klein 
bottle, etc. in new models of electrodynamic field 
structure, be instrumental in finding the answers to both 
of the previous questions? With sufficient probing for 
possible answers to such questions, the present author 
has the firm belief that new paradigms are certain to soon 
result that will crystallize these thoughts into viable 
scientific hypotheses subject to experimental testable 
verification. As an offshoot and definite bonus of this 
process, possibly a new more expansive understanding 
of the role of the vacuum in both nature and consciousness 
will be in the offing. 
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There is a classical (according to manuals) notion that 
resonant phenomena can not influence on efficiency of a 
transformer or a motor as in a capacitive circuit or in an 
inductive circuit power produced at minimal power at 
the input of an oscillation circuit is reactive (let us remind 
that active power is measured at active resistance). 


At the beginning of the last century this aspect was 
viewed differently. Advantages of a resonant case in 
alternating current circuits were used in practice. Let us 
appeal to a rare book by J. Claude-V. Ostwald named 
“Electricity and its applications by popular language” 
(I.N. Kushnerev Press, Moscow, 1914, p. 463). 


“The phenomenon proceeds in a corresponding electric 
circuit as well as it occurs in hydraulic model: if self- 
induction and capacity parallel connected with each other 
are under influence of an alternating electric propulsion 
force then the total current coming through the system is 
equal to the difference of currents which pass two certain 
paths. 
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... join ammeters to the general circuit (M) and to either 
path (P and N). If P demonstrates 100 Amperes and 
N demonstrates 80 Amperes then the total current will 
be equal to 20 Amperes instead of 180 Amperes. Thus 
alternating current has its own “summary” so we should 
consider its condition. ...capacity introduction 
compensates self-induction action in some way... let us 
begin to change the self-induction by moving a core into. 
What will happen if the current coming through the coil 
achieves 80 Amperes, i.e. is equal to the current observed 
in the path with a capacitor? 











Fig.1 


As you guess, since the total current is equal to difference 
between currents passing the paths then now it will be 
equal zero. It is an incredible case:the device produces 
zero current dividing into two paths and in each of these 
paths current is equal to 80 Amperes. It is a good example 
for the first acquaintance with alternating current, isn’t it?” 


Andrey A. Melnichenko (Moscow) is one of modern 
investigators who research this phenomenon. Any motor 





of alternating current can be considered as inductance. 
A circuit consists of motor coils and some capacitor 
connected in series with the motor winding. Thus if we 
take the circuit, consisting of motor coils and a capacitor 
which is connected in series to motor winding and adjust 
it in resonance, then mechanical power occurring on the 
motor shaft is produced at zero (minimal) power 
consumption of an alternating current source. 


Melnichenko applied a simple method of voltage increase 
by meanse of resonance: he succeeded in obtaining of 
normal voltage for operation of standard motors of 50 Hz 
220 V from a source of 50 Hz 110 V and 70 V. The circuit 
consumption for overcoming of its active resistance (of 
coils) can be considered as insignificant. Low frequency 
currents require a large capacitor. Nevertheless even at 
higher frequency, for example at 400 Hz, the system can 
be compact and effective. This method is worth to be 
applied in a scheme consisting of an alternating current 
motor in resonance mode and an electric generator which 
has a stable load. Change of load causes change of 
rotation speed therefore the system requires to be 
readjusted for resonance. 


Experiments with powerful alternating current motors 
(about 100 Amperes as J.C. Ostwald wrote) working in 
resonance mode should demonstrate all advantages of 
the resonance mode application. 
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Space Power Generator 
and Paramahamsa Tewari Update 


Submitted by Toby Grotz, USA 


http://www.tewari.org 


A new generation of Space Power Generators is being built by Paramahamsa Tewari. The new design is expected 
to achieve substantial gains over previous models which has been measured over unity by experts in the utility 
industry as well as by independent consultants. Details are presented on the web site http://www.tewari.org. 


From the Electron to a Perpetual System of Motion 


Paramahamsa Tewari, B.Sc. Engg 


As is well known, an electron, despite high-speed interactions with electric and magnetic fields and other particles 
of matter, remains unaffected structurally—maintaining its mass, charge, inertia, and locality after the interactions. 
This single fact itself is sufficient to postulate on the existence of some unique universal entity constituting the 
electron, such that the structure explains the known properties and behavior of the electron — as to how it sustains 
the collisions with the other particles and, yet, remains permanently indestructible without any reduction in the 
quantities of its basic properties. A theory that explains this enigmatic fact is framed and described in detail 
elsewhere. It reveals that the electron is a perpetually rotating system, a space-vortex (vortex of absolute vacuum) 
that through the process of motion in electric current, and interaction with external magnetic field can also lead 
to the development of a system partially violating Lenz’s law and, thereby, capable of achieving perpetual motion 
in a machine. Such a conclusion has a new theoretical basis, as well as experimental confirmation — briefly 
outlined in this paper. 


The basic understanding of the interaction of electric current with magnetic fields requires deeper knowledge of the 
fundamental nature of the electric current as well the magnetic field; this, in turn, leads to an inquiry on the nature 
of “electric charge” and its distribution in the electron structure. The origin of electron mass and charge, electrostatic 
and electrodynamic forces are described below with the vortex structure of electron, which further facilitates 
explanation of atomic structure and, thereafter, an over-unity efficiency generator. Due to brevity, predominantly 
qualitative-descriptions of the physical processes involved have been presented. 


The full theory and diagrams are presented in From the Electron to a Perpetual System of Motion at 
http://www.tewari.org. 


Universal Principles of Space and Matter 
(A Call for Conceptual Reorientation) 


A new book, Universal Principles of Space and Matter has just been published by Paramahamsa Tewari. 
Arangements are being made with the publisher to provide these books outside of India. The price is expected to 
be about $30 depending on shipping costs from India. 


A new theory of matter, that confronts with the existing concepts of space in the contemporary physics. 
The basic phenomena dealt with are: 
* Structural interrelationship between space and matter 


* Origin of mass, inertia, and electric charge 
* Creation of the electron from space 
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, * Discovery of new fundamental equations on mass and charge 
L * Derivation of the presently known universal constants (gravitational, Coulomb’s 
» UNIVERSAL PRINCIPLES ‘@) J " constant, dielectric, magnetic permeability, electron charge, electron mass, Planck’s 
constant etc.) with the postulate of a single universal costant — the speed of 
light in the absolute vacuum 
- * Discovery of an inward force in nuclear structure against the Coulomb 
; repulsive forces, hitherto unknown 
* Relationship between light and gravity 
» * Theoretical derivation of the surface gravity of the Earth, Sun and the 
» planets 
| * Discovery of electrical repulsive forces between the Sun and the planets, 
unknown in celestial mechanics 
* Derivation of the planetary orbits 
* Prediction of the continuous creation of universal matter at glactic 
centers and existence of electrical forces of interaction btween the stars 
and galaxies, so far least suspected 
* Identifying the fundamental particle of matter 
* Revelation of conceptual errors in the modern understanding of the basic 
nature of light 
* Vindication of Einstein’s conclusion of the speed of light as the limiting speed 
* Vindication of Descartes’ principle of property-less ether. 





New Reviews of P. Tewari’s work 


New reviews of P Tewari’s work have been received J. N. E T 


from Dr. John A. Wheeler and Prof. Umberto Bartocci. 
A copy of Universal Principles of Space and Matter 
was forwarded this summer to Dr. John A. Wheeler 
at his summer residence in Maine. 


New Energy Technologies 
collection of articles 
Japanese Version 


Collection of articles from New Energy 
Technologies magazine, 2001-2002 is published 
in Japan. 


Dr. Wheeler saw the development of modern physics 
while working with Neils Bhor at age 27 and was a 
colleague of Albert Einstein's at Princeton. Credited with 
being the “father of the Black Hole Theory”, Dr. Wheeler : 
is well schooled in quantum mechanics and relativity. On purchasing of the book, please, contact 
After receiving his copy of Universal Principle of Space P aes mead Ltd 

and Matter Dr. Wheeler called the book “a unique gift”. TOSIC ORE SANS. Fans 0. 

Further reviews of P Tewari's work by Dr. Wheeler can be found 


at: http://www.tewari.org/Critical_Reviews/critical_reviews.html. Email: admin@yamatrans.co.jp or 


eyama@yamatrans.co.jp 
Prof. Umberto Bartocci 





Universita’ di Perugia . 
Dipartimento di Matematica e Informatica Via Vanvitelli Raum&Zeit 
06100 PERUGIA - ITALY 

Tel.: (39)-075-5002494 


E-mail: bartocci@dipmat.unipg.it EhlersVerlag GmbH, 


Geltinger Str.14e, erected 
82515 Wolfratshausen pexenfausielence,-) 
Telephon: 08171/41 84-76, 

Telefax: 08171/41 84-66 

Internet: 

http://www.raum-und- 

zeit.com 


This is a very singular book, in front of the current 
paradigm of contemporary Physics, a “cartesian- 
inspired” work which calls for reorientation in the 
foundations, by wisely warning that: 


The conclusion of the modern physics that absolute 
space, time, simultaneity, and space filling media are 


discredited ideas is certainly premature (p. 178). Institut fur Raum-Energie-Forschung (IREF) i.m. 


Leonard Euler 


The books deals with arguments such as: Discovery of 
Charge and Mass Equations; Fundamental States of 
Cosmic Energy, Fields and Forces; Gravitation; Universal 
Constants; Motion of Electron; Atomic Structure; Light; 
Creation of Cosmic Matter (about Tewari’s physical 
conceptions see also the second section of this Episteme’s 
special issue http://www.dipmat.unipg.it/~bartocci). 
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- Global Scaling Theory - Hydrogen-Helium 
Energetic 

- Gravitation theory - Information technologies 
-Mathematic Biology - Telecommunication 
technologies 

- Gravitation energetics- Transport technologies 
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Perfect Energy Source 





Eric Vogels, Sweden 


E-mail: fdp@hemsida.net 
http://fdp.-hemsida.net 


The self-running bicycle wheel was shown to the public 
at the First International New Science Symposium in 
1997, held in Korea. The inventor of the wheel, Mr. Kohei 
Minato, was a speaker during the symposium. On 
www.keelynet.com you can find the quote of an eye- 
witness: 


“The motor is actuated by moving the N pole of a large 
permanent magnet (the drive magnet) toward the 
wheel. As this magnet is moved toward the wheel, the 
wheel starts to spin. As the magnet is moved closer to 
the wheel it spins faster. 


The acceleration of the wheel is rapid. So rapid in fact, 
as to be startling. To put it another way I was very 
impressed. The motor works. And it works very well. 
In the film clip (see http://fdp.hemsida.net) a slight 
pumping action of Minato’s hand holding the magnet 
is apparent. When I braced my hand so that there was 
no pumping action, the motor still ran. In fact it seemed 
to run better. 





Fig. 1 





Pumping action by the hand held magnet is not the 
power that drives the motor. When the drive magnet 
is moved away from the wheel it coasts rather quickly 
to a stop and comes to rest in a manner typical of any 
spinning bicycle wheel. Again when the wheel is at 
rest and a large magnet is moved up to the wheel it 
starts to spin. At no time it is necessary to touch the 
wheel to get it rotating.” 





Fig. 4 
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Since the symposium in 1997 and the first publications 
in the Internet several people have tried to replicate 
the wheel, as it seemed to be a perfect energy source 
for the future. Some claims are made that replication 
was successful but no proof in the form of pictures or 
video clips are given. 


Because I have a great interest in magnets and free 
energy and the fact that I did a lot of experiments to 
find a device that could be rotated only by means of 
permanent magnets, I decided to try to replicate the 
wheel by myself. 


This journey started by searching on the Internet and 
collecting all the material that was available. A good 
way to sort all the found material was building my 
own website at http://fdp.hemsida.net where all my 
findings are presented. 


One of the devices I build was made from a ‘how to 
build a Minato wheel’-manual that I found on the 
Internet. 





Fig. 5 


Unfortunately this wheel did not show any 
movement at all. I mounted the magnets at several 
angles and distances from the rim without 
achieving any positive results. Since the size of the 
wheel (1 meter diameter) was not very practical to 
handle and since the results were negative I 
searched for an easier way for testing. I found that 
the use of Styrofoam, an old turntable and 
Neodymium disc magnets kept the whole project 
within the edges of my kitchen table. I developed a 
computer program to help me design wheels, since 
I want to be able to replicate my own wheel, in case 
I find a model that works. I do not believe in an 
engine that works after several weeks of tuning and 
that fails to function as soon as one magnet is 
replaced. Individual tuning is okay to optimise a 
working design but if a design does not show the 
potential to rotate by itself it’s a flawed design. 


After optimising the way to build the small wheels, 
I could design and make a wheel in 30 minutes. 


I made a test scenario and the results for every 
test were posted on the web site. 





Fig. 6 


I searched for the ‘perfect’ angle, number of magnets and 
position. The set-up with the strongest thrust was used 
as the base for the other experiment. By this time I realized 
that I was not really trying to rebuild the Minato wheel 
but that I wanted a rotating device, powered by 
permanent magnets. 


When for the first time I decided to split a track of magnets 
that covered 180 degrees of the wheel in a number of 
smaller tracks, the results became much better. 


% 
A) 





Fig. 7 


By using this way of placing the magnets, every track 
differs a little bit from the next track, depending on its 
place on the wheel. The angle of the magnets 
influences on the thrust that is given by the stator 
magnet, depending on the speed that the track is 
entering the magnetic field of the stator. In other words: 
the track at the beginning of the wheel, with magnets 
covered side of the wheel, gives less thrust than the 
track at the end. This is important since a track with a 
lot of thrust has a big ‘sticky spot’ that should pass 
the stator. This ‘sticky spot’ stops the wheel during its 
rotation just before the first track enters the magnetic 
field of the stator. 
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During the last experiments the stator magnet changed 
place and pushed against the magnetic fields of the 
tracks from above. Simply because more thrust was 
developed by this way. The next wheel will have the 
tracks mounted on a different level. It means that the 
first track will have a bigger distance to the stator 
magnet than the last track. This should make the 
sticky spot weaker and the final ‘kick off’ stronger. 
The final wheel will be mounted vertically, like the 
Minato Wheel. 


Thanks to the invention of the Neodymium magnet in 
1983, magnets became much more powerful while the 
size and length decreased. Before 1983 a lot of the 





Mechanism of 
Drive-Free Motion 


experiments could not be done since the size of the 
magnets made the positioning of several magnets in 
tracks like this was impossible. It is my personal 
believes that the strength of these magnets will lead 
to results that are impossible according to the physical 
law books, because these magnets did not exist when 
those books were written. 


Until the moment I write this I have not found the 
perfect energy source yet but by exploitation all the 
material and findings on my web site I hope that more 
people get interested and will help searching for a 
great energy device that will not pollute the air which 
our children and grand children have to breath. 





Sergey A. Gerasimov, Russia 


Physics Department, Rostov State University, Rostov-on-Don, 344090 
Email: GSIM1953@mail.ru 


The article presents results of the experimental study 
of the motion created by vibrations of an internal mass 
of the system of bodies accompanied by impacts of 
the unbalanced load with the external body. This type 
of propulsion drive is known by a number of names. 
Among these are the vibrational propulsion device 
and reactionless machine. Sometimes it is called the 
inertioid [1, 2]. The vibrational transposition is proved 
to go on by means of internal forces of a system of 
bodies [3-5]. The Tolchin’s inertioid [6] is considered 
to be the first device that used the forces of inertia to 
create the reactionless infinite motion in space. We are 
not in a position to be a judge of this. There exist a 
number of projects of such machines but experimental 
results concerning such kind of motion are very limited. 
Below there are the experimental results on average 
velocities of such a motion and the description of a 
propulsion device a main particularity of which is 
absence of wheel-drive. 





Fig. 1 


Scematic representation of a vibratory-impact self-transposition 


The unbalanced load in this device is an electric 
motor E of mass m that executes undumped vibrations 


relative to a platform P of mass M with four wheels W 
which can roll on a horizontal surface L with rolling 
friction the coefficient of which is k. The frictional force 
is determined to be a force which adjusts to keep the 
cart from motion across a surface. A disk cam C at 
one end of the axle of the motor ensures a prescribed 
character of the vibrations and elastic impacts 
between the load m and the follower B of radius a. In 
present experimental device, the cam C consists of 
two semicircles of different radii r and R as it is shown 
in Fig.1. In this experiment r=0.03m, R=0.05m and 
a=0.01m. The electric motor and the platform are 
coupled by a connecting spring S. The force F by 
means of which the electric motor is pressed to the 
follower varies linearly from F=4N at x=0.04m to 
F=4.8N at x=0.08m. The compressed spring S is 
necessary not only for creating close contact between 
the cam and the follower. The restoring force of the 
spring produces the transposition of the cart in a 
direction opposite to F when the follower moves 
without contact from x=2R-r+a up to an impact at 
x=rt+a. The impact suppresses the transposition. 
Another mode of transposition is also possible when 
the impact of the cam on the follower is a reason of 
the transposition of the cart in the direction of the 
force F. In this case the frictional force extinguishes 
the transposition of the cart. 


Friction between the load of mass m and the cart is 
negligible since the corresponding effective 
coefficient is less than 0.001. The same is for the 
friction between the cam and the follower. The mass 
of the spring is m,=0.007 kg , and the mass of the 
cam is m,=0.019 kg. The total mass of the wheels is 
m,,=0.082 kg. This value can be useful for a theoretical 
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analysis. Thus, the total mass of the unbalanced body 
is chosen to be much larger than the mass of the cam 
or the spring: m=m,+m¢m,=m,. 





0 0.05 0.1 &k 


Fig. 2 
Frictional coefficient dependence of average velocity 
of the platform at the period of vibrations T=1s for 
various mass ratios m/M: 
(a) M=0.9 kg , (b) m=1.2 kg , (c) m=1.6 kg 


At least in the case of irreversible mode, one could 
expect that the value of average velocity of 
transposition <v> must be proportional to the number 
of impacts per unit of time. In the other words the 
path traveled by the cart per one impact must not 
depend on frequency of vibrations. This is a reason 
why the dependence of the product <v>T versus 
the value of the friction coefficient k and ratio of 
masses d = m/M is investigated in this work. 
Measurements were carried out for two magnitudes 
of rotation period T= 1s and T=6s of the cam. The 
obtained results are presented in Fig.2 and Fig. 3. 
First of all, the assumption mentioned above is not 
confirmed. 





Fig. 3 
Average velocity of the platform <v> as a function of 
frictional coefficient k at T=6s for various mass ratios 
m/M: (a) M=0.9 kg , (b) m=1.2 kg , (c) m=1.6 kg 
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The value <v>T for the period of the rotation T=1s 
sufficiently differs from that for T=6s measured at the 
same conditions. Besides, when the mass ratio is large 
the cart can change its direction of transposition. The 
reason of these results is not clear but this device 
provides a challenge to explain and investigate this 
kind of motion that enables us to discover the 
reactionless motion if it is probable. One should pay 
attention to a fact that the infinite transposition of the 
platform takes place even if the friction coefficient k is 
small. 


References 


1. Gulia N.V. Inertia. // Moscow: Nauka. 1982. 

2. Aspden H. Anti-gravity Electronics. // Electron and 
Wireless World. 1989. V. 95. No 1635. P 29-31. 

3. Nappo F Sulla Influenza Indiretta Delle Forze Inertne 
sul Moto del Baricentro. // La Ricerca Scientifica 
(Rendiconti). 1965. V. 8. No 1. P 3-14. 

4. Gerasimov 8.A. Anisotropy of Frictional Force and 
Vibrational Transposition. // Problems of Applied Physics. 
2001. V 7. P. 85-88. 

5. Gerasimov S.A. Self-Similarity of Vibrational Motion 
in a Resistant Medium. // Journal of Applied Mechanics 
and Technical Physics. 2002. V. 43. No 1. P 90-92. 

6. Tolchin V.N. Inertioid. // Perm: Perm Book Publisher. 
1977. 


About the Author 


Sergey A. Gerasimov graduated 
from Faculty of Experimental and 
Theoretical Physics of Moscow 
Physical Engineering Institute in 
1976. Received Degree of PhD in 
Physics and Mathematics in 1987. 
Author of about 70 articles on 
Astrophysics, Atomic and Radiation 
Physics, Classical Electrodynamics 
and Mechanics. In present - 
Associate Professor of Department of General Physics 
of Rostov-on-Don State University. The fields of scientific 
interests are questionable problems in physics: self- 
interaction, self-transposition, unipolar induction. 





an online and published 


magazine about Electric, — 
Hybrid, Fuel Cell Vehicles, 
advanced batteries, ultra capacitors, 


fuel cells, microturbines, free energy systems, 
events and exhibitions worldwide 


63600 Deschutes Mkt Rd, 
Bend Oregon, 97701 
541-388-1908 fax 541-388-2750 
etimes @teleport.com 
www.electrifyingtimes.com 
Subscription $13/3 issues 














Production of Ball Lightning in 
Laboratory Environment 


Report by our correspondent Alla Pashova 


Three years ago a working device producing a ball 
lightning in laboratory environment was designed in 
Saint-Petersburg Institute for Nuclear Physics (SPINP). 
The produced ball lightning is accessible for detail 
investigation and quite stable. The lifetime of the ball 
lightning comes to about one second that is rather 
significant for alike artificial formations. The 
experiments on the device made by scientists of SPINP 
i.e. A. E. Egorov, G. D. Shabanov, S. Stepanov, are not 
supported or financed. Let us note that every scientist 
of the group searches proofs for his own hypothesis of 
nature and structure of the ball lightning at all. 


A leading expert of SPINP Anton I. Egorov, pays 
attention to dethronement of scientific myths: 


— There is a myth of ball lightning that is created 
by mass media. The mythical ball lightning is a 
concentrate of mysterious energy which is extremely 
dangerous for a human. It destroys houses, kills 
animals, pursues people. After meeting it ahuman can 
lose his hair or teeth and different misfortunes begin 
to happen. Supposing a simple story of a farmer- 
eyewitness: “It thundered, and a fist-sized fire ball 
rolled down along a drainpipe. It fell into a barrel of 
water, the water gurgled. I came up to it and put my 
hand into the water. The water seemed to become 
warmer...”. After republishing of the story by several 
newspapers a dramatic story about a ball lightning 
which has evaporated a barrel of water appears. No 
wonder that such familiar attitude to facts causes 
hundreds of hypotheses of ball lightning nature. 


— What is your hypothesis about ball lightning 
structure? 


— At the beginning of 90" I. D. Stakhanov, a 
member of Institute of Magnetism (IZMIRAN), 
developed a special method to interview eye-witnesses 
that resulted a right notion on ball lightning 
phenomenon. According to Stakhanov, ball lightning 
is a clot of hydrated plasma which is generated in wet 
air at electrical discharge. 


Water as a chemical compound is remarkable for its 
anomalous properties: combining of two lightest 
elements does not generate gas but produces a high- 
boiling liquid. This is caused by extremely irregular 
distribution of electrons in a water molecule. Due to 
this property it acquires properties of an electric dipole. 
Water molecules interact with charged ions, aerosol 
particles, and with each other in a special way. 
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If a positive ion and a negative ion are introduced 
simultaneously into a puff of warm wet air then water 
dipoles immediately produce hydrate shells around the 
ions. When the hydrated positive ion approaches the 
hydrated negative ion additional water molecules are 
drown into gaps between them. As a result, there is a 
stable cluster in which the charged ions are conserved. 
The cluster consists of two ions of opposite charges 
and the hydrate shell. Water molecules prevent the 
ions’ approaching and recombination, hence, lifetime 
of the ions in the cluster increases up to tens of minutes, 
i.e. in 12-13 orders. Interaction of clusters causes open- 
chain structures followed by space structures. That is 
to say, there is appeared a clot of cold hydrated plasma 
that accumulates great energy (up to 1 kylojoule per 
liter). The clot of plasma loses this energy at 
recombination of ions. 


— Could you, please, tell about the design of the 
device? What processes proceed when the device is 
operating? 


— Our task is to introduce an abundant population 
of ions into a puff of warm air saturated with water 
vapors. A base of the device for laboratory reproduction 
of ball lightning is a capacitor bank which is able to be 
charged up to 5.5 kV. The positive pole of the capacitor 
bank is connected to a ring electrode by means of a 
copper bar. The ring electrode is placed on a bottom of 
a polyethylene reservoir filled with water. The negative 
pole of the capacitor bank is connected to a carbonic 
electrode which is placed in the centre of the reservoir 
near water surface. A quartz pipe encloses the 
electrode in such a way that it is possible to drop water 
or to put some natural matter on it. 


To generate a ball lightning 2-3 drops of water are put 
on the electrode. When impulse discharge occurs a 
bright plasma spout escapes the centre of the electrode 
that is accompanied by a quiet plop. A glowing 
plasmoid which is an artificial ball lightning parts from 
the plasma spout. It comes up slowly in the air and 
then disappears falling to pieces in 0.2-0.3 seconds. 


We have made thousands of experiments for 
investigation of ball lightning properties, i.e. defining 
size, lifetime, colour, average temperature, excessive 
charge, content of a dust component. 


It was ascertained that the artificial ball lightning is 
generated in a narrow interval of breakdown tensions. 
The average size of such a ball lightning is 12-20 cm, 


and its lifetime comes to 1 second. Temperature of the 
ball lightning is not very high, i.e. 50° C. This can be 
defined if to take into account speed of rising of the 
ball lightning. If the plasmoid is accepted as a puff of 
warm wet air of 14-centimeter diameter which in 
atmosphere comes up at 293 K at speed of 1-1.2 m/sec 
then, consequently, its temperature should not exceed 
330 K. 


Colour of the lightning varies greatly and depends on 
presence of aerosol of matter trapped in the moment 
of discharge. Usually the lilac central part of the 
plasmoid is surrounded by a diffusive yellowish layer. 
Some admixture of natrium salt and calcium makes the 
core of the plasmoid yellow or orange. 


If the central carbonic electrode is replaced by an iron 
or copper or aluminum one then the fundamental 
character of the phenomenon does not change. 
However, colour of the plasmoid depends on a radiation 
spectrum of excited atoms of the electrode, i.e. iron 
plasmoids are whitish, copper plasmoids are greenish, 
aluminum ones are white with reddish shimmer. 


— A generated ball lightning exists for about 1 
second. How can it be made more stable? 


— Lifetime of an artificial ball lightning depends 
on many conditions, i.e. size and geometrical form of 
the central electrode, voltage between the electrodes, 
value and duration of a current impulse, temperature 
and electroconductivity of water which is put on the 
central electrode. Besides, lifetime of the plasmoid can 
be changed by introducing an additional dispersive 
phase into it. We have tested tens of matters and begun 
to investigate suspensions of colloidal graphite and 
fine-dyspersated ferric oxide. 


A suspension of 3 g of colloidal graphite, 8-10 ml of 
acetone (which played role of penetrating agent), and 
90 ml of water is put on the central carbonic electrode. 
When an electrical discharge occurs a layer of the 
suspension forms a flying spherical plasmoid. It comes 
up slowly and disappears in 0.3-0.8 seconds. The core 
of the plasmoid has a colour of flame, i.e. colour of 
burning carbon. 


To prolong the existence of the generated ball lightning 
without application of aerosols it will be possible to 
use the so-called “Faraday’s cylinder” whose 
production has been already begun. For the same 
purpose G.D. Shabanov proposes to put a stopping 
potential on a probe of detention. 


— There is an opinion that physical nature of ball 
lightning is similar to the process of controlled 
thermonuclear fusion. In this case, if your work on 
generation of a stable ball lightning is successful then 
you will be a competitor of the expensive project of 
controlled thermonuclear fusion. 


— I think that it is totally incorrect. Hydrated 


plasma is the first enemy of the thermo-nuclear fusion 
as water molecules do not allow neutrons approach each 
other. Effective cold fusion should be realized in organic 
liquids, for example, in heavy acetone or in a water-free 
medium. Somehow, it should be an absolutely “dry” 
process. No experiments on real “dry” cold fusion have 
been realized in practice. It has not been also examined 
the surfaces on which the combination of heavy 
hydrogen atoms produces maximal heating. 


Scientists should pay attention to two most effective 
cold fusion processes. The first one expects association 
of two atoms of deuterium occurring on a totally dry 
deuterated surface which consists of, for example, 
zirconium deuteride. In the moment of fusion of a 
deuterium molecule local heating appears, and neutrons 
depart. The other perspective method of realization of 
the cold fusion process requires an absolutely “dry” 
organic liquid, i.e. liquid acetone in which hydrogen 
atoms are replaced by deuterium atoms (C,D,O) or 
by atoms of cyclic compound of C,(D,),. A tellurium 
or zirconium tip of an ultra-sonic dispersant is placed 
into a reservoir of this liquid. Cavitation blebs are formed 
on the surface of the dispersant. Neutron output comes 
to 104 particles. Maximal neutron output, which was 
achieved by Lipson, an American experimenter, consists 
of 10® neutrons at a desired result of 10%. Certain 
quantity of neutrons can be obtained during ultrasonic 
cavitation which is accompanied by a phenomenon of 
sonoluminescence. Due to sound resonance the only 
cavitation bleb is generated in acetone. When the bleb 
collapses weak glowing is observed. The cause of this 
phenomenon consists in gas heating occurring in the 
bleb that is the result of high pressure produced by its 
collapse. The burst can last from 1/20 up to 1/1000 sec. 
Light intensiveness depends on quantity of gas in the 
bleb. If gas is absent in the bleb then the glowing does 
not occur. Light emission of the bleb is very weak, it 
becomes visible if it is strengthen or in absolute 
darkness. 


— Is it rightful that cold fusion is the future of world 
power engineering? 


To my mind another direction seems to be more 
perspective, i.e. extraction of uranium from sea water 
and then its burning in heavy hydrogen reactors like 
one which exists in Canada. Photo voltaic accumulators 
can also become a successful approach of the 
alternative traditional fuel engineering. By the way, a 
working model of such a device to utilize free solar 
energy has recently been created in our Institute 
(official web site: http://www.pnpi.spb.ru). 


Editor: Read the publications on this theme in following 
issues of our magazine. Below there is a description of 
other attempts to generate a ball lightning in laboratory 
environment or at home. Besides, we publish an article 
dedicated to the problem of laser control of ball lightning. 
In the article there are photos (also see the cover page) 
and a scheme of the working device designed by this 
scientific group. 
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Ball Liéhtning 
Experiments 


Information from 
http://www-personal.umich.edu/~reginald/ball_1.html 


Ball Lightning 
in the Microwave 


This is a great experiment to try at home. It requires a 
microwave oven, a candle, a toothpick and a lighter. 
First you put the candle (~1-2 inches in height) in the 
microwave (remove glass plate from bottom so candle 
sits on metal). Put the toothpick in the candle sticking 
straight up. Light the toothpick on fire so that flames 
are leaping off the tip. Shut the door quickly and turn 
on oven full blast. There will be loud popping noises 
and then balls of fire will leap from the toothpick and 
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In the article a possibility of streak lightning control 
by means of low intensive laser emission is observed. 


During investigation of an electric discharge into air 
half-space [1] it was noticed that this discharge can 
be controlled by a low intensive laser beam. Now there 
is a problem of laser control of lightning discharge [2]. 
However, numerous works on this approach 
demonstrate that “the hope to get a quick solution of 
the problem of lightning control by laser emission has 
not been confirmed” [3]. 


Careful observation of this problem in [2] has shown 
ways out the situation. The authors of [2] consider 
plasma channel produced (by means of laser) in free 
atmosphere at a possible greatest height to be of 
doubtless interest of the science of lightning. Finally, 
creation of the plasma channel should be of benefit for 
lightning protection. The authors of [2] give notice that 
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fly around inside the microwave while making a 
buzzing sound like a bee. If it doesn’t work at first try 
to move the position of the candle in order to find the 
“hot spot” in the oven for it to work. 


Real Ball Lightning Generated 
by Pulsed Power Inductor 


This experiment is very DANGEROUS. The author did 
this one a few years ago. The Idea was got from an 
article about a guy generating ball lightning using a 
high current transformer (TBA). The author had an idea 
of using an inductor to store large amounts of electrical 
energy. The conductor on the end of the stick touches 
the metal ring. This completes the circuit, and start 
the inductor. Then there was used the air compressor 
nozzle to blow out the arc as the wire was pulled away. 
The copper wire explodes and creates rapidly rotating 
and burning molten balls of copper. These ‘Balls of Fire’ 
exhibit many of the properties of real ball lightning. 


“there are many difficulties of fundamental and 
practical importance on this path”. 


Weak theoretical understanding of lightning generation 
causes pessimistic estimations of solution of the 
problem. The article [2] notes particularly that “there 
are neither adequate theory, nor numerical calculations 
and qualitative understanding of the phenomena 
defining the speed of a leader... The situation of a 
theory of the leader channel is little better (from 
quantitative point of view)...”. 


Realistically the following statement can refer to the 
lightning discharge: “The electric discharge appeared 
to be very “unhandy” for theoretical description but 
the most interesting phenomenon in the experimental 
aspect” [4]. 


Experimental Part 


In this work a capacitor bank with 0.6 mF capacity, 
which can be fed up to ~5 kV, was used to produce 
impulse discharge into air half-space. A scheme of the 
device is presented in Fig.1. At connection/ 
disconnection of a discharger 5 a “spout” is let out of an 
electrode 3. The spout carries the potential of the 
cathode (virtual cathode) at a significant height into air 
half-space. A probe placed at the height of ~15 cm fixes 
a potential which is similar to the potential occurring at 
the cathode. The researches have demonstrated that the 
produced formation continues to glow for several 
hundreds of milliseconds (the glow is fixed from a zone 
located at 15-45 cm above the cathode). Typical time of 
the discharge comes to 100+20 msec and depends on 
the cathode material. Electric field generated in the 
spout comes to less than 8 V cm”. 


Ball Liéhtning 
Experiments 


Information from 
http://www-personal.umich.edu/~reginald/ball_1.html 


Ball Lightning 
in the Microwave 


This is a great experiment to try at home. It requires a 
microwave oven, a candle, a toothpick and a lighter. 
First you put the candle (~1-2 inches in height) in the 
microwave (remove glass plate from bottom so candle 
sits on metal). Put the toothpick in the candle sticking 
straight up. Light the toothpick on fire so that flames 
are leaping off the tip. Shut the door quickly and turn 
on oven full blast. There will be loud popping noises 
and then balls of fire will leap from the toothpick and 
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In the article a possibility of streak lightning control 
by means of low intensive laser emission is observed. 


During investigation of an electric discharge into air 
half-space [1] it was noticed that this discharge can 
be controlled by a low intensive laser beam. Now there 
is a problem of laser control of lightning discharge [2]. 
However, numerous works on this approach 
demonstrate that “the hope to get a quick solution of 
the problem of lightning control by laser emission has 
not been confirmed” [3]. 


Careful observation of this problem in [2] has shown 
ways out the situation. The authors of [2] consider 
plasma channel produced (by means of laser) in free 
atmosphere at a possible greatest height to be of 
doubtless interest of the science of lightning. Finally, 
creation of the plasma channel should be of benefit for 
lightning protection. The authors of [2] give notice that 
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fly around inside the microwave while making a 
buzzing sound like a bee. If it doesn’t work at first try 
to move the position of the candle in order to find the 
“hot spot” in the oven for it to work. 


Real Ball Lightning Generated 
by Pulsed Power Inductor 


This experiment is very DANGEROUS. The author did 
this one a few years ago. The Idea was got from an 
article about a guy generating ball lightning using a 
high current transformer (TBA). The author had an idea 
of using an inductor to store large amounts of electrical 
energy. The conductor on the end of the stick touches 
the metal ring. This completes the circuit, and start 
the inductor. Then there was used the air compressor 
nozzle to blow out the arc as the wire was pulled away. 
The copper wire explodes and creates rapidly rotating 
and burning molten balls of copper. These ‘Balls of Fire’ 
exhibit many of the properties of real ball lightning. 


“there are many difficulties of fundamental and 
practical importance on this path”. 


Weak theoretical understanding of lightning generation 
causes pessimistic estimations of solution of the 
problem. The article [2] notes particularly that “there 
are neither adequate theory, nor numerical calculations 
and qualitative understanding of the phenomena 
defining the speed of a leader... The situation of a 
theory of the leader channel is little better (from 
quantitative point of view)...”. 


Realistically the following statement can refer to the 
lightning discharge: “The electric discharge appeared 
to be very “unhandy” for theoretical description but 
the most interesting phenomenon in the experimental 
aspect” [4]. 


Experimental Part 


In this work a capacitor bank with 0.6 mF capacity, 
which can be fed up to ~5 kV, was used to produce 
impulse discharge into air half-space. A scheme of the 
device is presented in Fig.1. At connection/ 
disconnection of a discharger 5 a “spout” is let out of an 
electrode 3. The spout carries the potential of the 
cathode (virtual cathode) at a significant height into air 
half-space. A probe placed at the height of ~15 cm fixes 
a potential which is similar to the potential occurring at 
the cathode. The researches have demonstrated that the 
produced formation continues to glow for several 
hundreds of milliseconds (the glow is fixed from a zone 
located at 15-45 cm above the cathode). Typical time of 
the discharge comes to 100+20 msec and depends on 
the cathode material. Electric field generated in the 
spout comes to less than 8 V cm”. 
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Fig 1 
A scheme of a device made for producing of long- 
living plasmoids 


1-a polyethylene reservoir, 2 — a ring electrode, 

3 -a central electrode, 4 —- a capacitor bank of 
0.6 mF capacity, 5 — a discharger, 6 —-water or 
aqueous suspension drop, 7 — a quartz pipe, 8 — acarbonic 
or metal electrode, 9 — a copper bar. 


The spout was acted by weak laser emission of less 
than 1 mW at 22-centimeter height. The laser beam 
was directed perpendicular to the discharge axis, the 
spout achieving the laser beam moved along the beam 
towards the laser. 


In Fig.2 the spout has moved ~8.5 cm along the laser 
beam, and a usual sphere formation was generated. 
Due to the horizontal motion it was distorted if to be 
compared with usual sphere formation. The usual 
sphere formation is represented in Fig.3 (also see the 
cover). 





Fig. 2 
Motion of the leader channel (spout) along the laser 
accompanied with the sphere formation 





Fig.3 
The standard ball formation 


Discussion 


As it is evenly mentioned in [5], results of model 
experiments are difficult to be applied directly to laser 
control of lightning because in short intervals 
characteristics of the discharge differ from 
characteristics of lightning discharges. Actually, at 
comparing considered current and the field existing in 
a lightning (i~100 A, ~3 V cm") with these phenomena 
occurring in a laboratory spark (~1 A, ~300 V cm") 
incorrectness of modeling of this process becomes 
obvious. From the other hand the authors of [2] note that 
“the leader channel is like a channel of electric arc... At 
current strength of ~100 A plasma of the channel of the 
arc is supported by fields the densities of which come 
to several volts by a centimeter. The lightning has such 
leader currents”. 


Even an air arc of atmosphere pressure has a field of 
about 100 V cm" at currents of about 1 A. The generated 
discharges (spout) accompanied by the field of less than 
8 V cm? (maximal current appearing in the discharge 
gap is 50-60 A) are more appropriate for modeling the 
leader channel of the streak lightning than typical 
discharges used for investigation of these processes, 
for example, like [6]. 


At first approximation the leader channel is considered 
as an ideal conductor in the article [2]. We make research 
to define the field in the discharge (spout) more exactly. 
The article [2] makes the following consideration about 
a cause of occasional generation of new leader heads: 
“the surface of equipotential plasma conductor (channel) 
has a property of instability. There is an occasionally 
generated sharp jut. An intensified field appears at the 
jut along the edge. Under the influence of the field the 
jut becomes to grow in any direction including at the 
significant angle to the weak outer field”. The aforesaid 
seems to explain why our leader channel changes its 
direction and runs at right angle to its initial motion. 
(Fig.2). Weak harmonic action of the laser beam to the 
leader channel causes generation of a new head which 
continues motion “on the significant angle”. 
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The effect of plasma motion towards a light beam is a 
demonstration of a general tendency of propagation of 
the discharges to an incident electromagnetic field [7]. 
“Area occupied by plasma usually increases towards 
the laser emission” [8]. Leading character of motion of 
this formation is confirmed in [9] as well as the 
interaction with the laser beam is confirmed in [10]. It 
should be taken into account that in the works [9-10] 
experiments were performed at devices which 
generated such a discharge. However, that discharge 
was by 2 orders weaker than the discharge generated 
by the device represented in this work. Naturally, the 
results were less defined. Comparison of the discharges 
is presented in [11]. 


According to our data, the leader channel (spout) has 
avery abrupt bound (less than 1 mm). In this layer the 
field can come to ~30 kV cm’ (at height of 15 cm). 


Conclusions 


Due to the assumption [2] about instability of the 
surface of the equipotential leader channel there has 
been successfully performed the “control” action on 
an electric discharge which models a streak lightning. 
It has been achieved by means of weak harmonic 
oscillations made by the laser. This mechanism is 
supposed to be applied for streak lightning control. 
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In general the conception was formulated in 1995 and 
today we can say that the concept of physical vacuum, 
which is a new source of energy, finds more and more 
supporters. The fundamental works about nature of 
“zero point energy” are published, for example, 
Andrew D. Sakharov [1], Hal T. Puthoff [2] and many 
other interesting works. It is clear now that space or 
“physical vacuum” has its internal structure, therefore 
it can be used as a new source of energy if we organize 
the process of changing of this structure. Moreover, 
according to some theories, the existence of reality (i.e. 
the World of some certain parameters of space and 
time) is defined by the function of probability of energy 
density. For example, Dr. Nassikas, Greece [3], proves 
that it is not possible to consider the space without its 
energy, and there is no space without energy. The 
internal structure of reality is coexistence of two forms: 
gravitational energy and electromagnetic energy. Any 
local increase of the first one should produce decrease 
of the second one, so the sum amount of the change is 
Zero. 


In some other articles about energy transformation 
processes (gravitational form of energy into 
electromagnetic heat radiation of mass, for example) 
we can find that both increase of entropy and the 
inverse processes (decrease of entropy) are possible 
and in this case the electromagnetic energy can be 
converted into the gravitational form, that is shown in 
details in the works of Nobel laureate I. Prigozhin, Order 
and Haos. Man’s new dialog with Nature, London, 
1984. Since the direction of time (the time course) and 
direction of the entropy change (increase or decrease) 
are related notions then free energy technologies are 
considered by Kozyrev as methods of practical 
application of natural time course [4] that is presented 
in aether-dynamics by Frolov as aether flow of some 
density and this aether density determines the time 
rate as hardness of cause-effect connections for any 
process, and also for the process of existence of matter 
in space-time of this aether density. 


According to this theory, in any point of space it is 
possible to get power by means of energy 
transformations without any consumption of mass-fuel. 
We can say also that in this case some change of the 
energy density of space should be detected. 


Let’s clarify some determinations: 

1. The Potential (lat. Potentia that means “force”). 
In physics this is scalar parameter, it’s gradient 
expresses the intensity of field of a certain force. In 
common sense, the potential is possibilities, which 


exist for execution of some task, for completion of some 
work. 

2. The Work is a quantitative parameter of energy 
transformations. The transformation means here 
change of form. 

3. The Energy (Greek “Energie” means “action, 
activity”) is a quantitative characteristic for different 
forms of motion. 

4. The Power is amount of work per unit of time. 


According to the given determinations by The Soviet 
Encyclopedic Dictionary, edition of 1988, Moscow, the 
fact of presence of potential (scalar) field, for 
example, electrical or gravitational filed, is real 
possibility to produce some work if we can organize 
change of energy forms. Let’s note that power source 
is not required to keep the potential field in force. It 
is free. 


.. the potential (scalar) field can produce real 
work! 


The example of this work, which is produced by the 
field: body falls in gravitational field and when it strikes 
on the ground then some part of its potential energy is 
transformed to heat, that is the work as transformation 
of energy forms. So, there is a conclusion: the potential 
(scalar) field can produce real work! But we have 
considered only a half of cycle and in classical case in 
the second half of the cycle it will be necessary to 
produce the same work against the field to raise the 
body to the initial point. 


Let’s formulate the task to produce the work 
periodically and to get the power in load from this 
process. Usual mistake is to accept the particular case 
(the same body returns back in the same field) as a 
single possible case. But in special case changes of 
the system are possible, for example, the field intensity 
is not a constant but some variable value (alternating 
or pulsing), or the body changes its own parameters. 
In this case in each of half-cycle of the process the field 
can produce real positive work to accelerate the body. 


The main technological solutions are obvious: it is 
necessary to create gradient of field in space (full or 
partial screening of trajectory of the body, which is 
moving in the field) or gradient of field in time (pulsing 
mode of field). This is quite easy for electric and 
magnetic fields, but for system, which uses 
gravitational field to produce the work, we can assume 
changes of parameters of the body only. 
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It is possible to understand why professional physicists 
dislike the question about possibility to use scalar 
(potential) fields to produce useful work in a load since 
they think about The Law of Energy Conservation. To 
find mutual understanding it is necessary “to upgrade” 
this Law for 4-dimentsional case of real physical 
system. It is necessary to introduce the notion of the 
structure of space-time where the considered process 
is created. In other words, for real practical engineering 
tasks it is necessary to consider space-time of the real 
process but not an abstract space-time. Usually the 
energy density of technical processes is small in 
comparison with natural energy density of space 
(aether density), which is a result of real astrophysical 
processes, i.e. motion of planet, star, galaxy. If we 
discover structure of this real rhythm of the space-time 
of our planet then we'll be able to design it in our 
technical devices to use aether-dynamics as theoretical 
basis. 


So, in orthodox physics there is the unchallengeable 
formulation: the work of potential field on closed 
trajectory of motion is equal to zero. Yes, it is right for 
only case: if one part of work is positive (the 
acceleration) and another part is negative (the 
deceleration). But one part of the trajectory or a part 
of periodic process with the negative work can be 
excluded by different methods: by means of spatial 
superposition, pulsing mode and change of interaction 
polarity or by the screening of electromagnetic 
interaction. 


For example, minor changes in vacuum tube design 
(the grid is located under cathode) allows increasing 
the kinetic energy of electrons and to increase emission 
current by means of the potential on the grid only. Also 
vector potential of magnetic field or gravitational 
potential can be used by similar way. 


Fig. 1 


Besides this way it is possible to use pulsed mode and 
switch-off the primary energy source before the 
emission electrons will reach the anode, Fig.2. In this 
case there is not the conductivity current between 
anode and cathode and the primary source is not 
discharging during its work. 


Therefore, it is not a news that potential field can 
produce real work. In any textbook there are examples 
of positive and negative half-cycles that result to zero 
net work. But for the case of consequent execution of 
two processes the parameters of one of the processes 
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can be changed, that the work, which is produced on 
the closed trajectory can be formed as two or more 
parts of positive work. Important aspect is following: 
it is necessary to determine the point (moment) of 
change the sign of the interaction and at that point 
(moment) to change the parameters of the process 
accordingly. 





Fig. 2 


The good sense requires the answer: what is the source 
of the power to produce this work if this proposed 
concept is right? Let's notice that before the considered 
examples, the existence of power interactions of 
potential fields must make the same question. For 
example, how the ordinary permanent magnet (i.e. its 
vector potential) holds a piece of metal making work 
against force of gravity without any fuel? How the 
potential field can move and accelerate ions, i.e. kinetic 
energy of ions can be increased without any fuel? What 
provides the forces of elasticity? Let’s try to find 
answers from consideration of inner structure of electric 
and magnetic field, especially let’s develop our 
understanding of the notion of gradient, which 
describe properties of space-time design in area of 
this field. 


The concept of potential as bi-directional flow of 
photons and anti-photons was proposed by English 
mathematician E. Whittaker, and then it was developed 
by Dr. Thomas E. Bearden [5]. In this concept, the 
generalization of the Third Newton's law looks as the 
requirement of complementary pair to the process of 
the electromagnetic radiation. Since “process” means 
a change of information in time, this paired anti-process 
is reversed in time. Of course, it is development of 
process to its own future, but from our point of view, it 
goes from future to past. According to generalized Third 
Newton's law the radiation of photon is paired with 
anti-photon. In this case, the internal space-time 
structure of electric potential field is formed by two 
contrary flows of energy: photons spread from charge 
source and the anti-photons “inflow” into the charged 
mass. Let’s notice that this concept defines the 
relationship of charge and mass. The charge without 
mass does not have any sense. 


The flow of energy outgoing from charged mass is 
responsible for all phenomena of radiation. Incoming 
flow of energy is responsible for the gravitational 
interaction. Therefore, the notions “radiation” and 
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“gravitation” can be considered as complementary 
pair; that is considered in details in concept of Josef 
Hasslberger [6]. 


. jit is impossible to get “something” from 
“nothing” 


There is a quite correct question: since “something” 
can not be created from “nothing” then what and 
where will be changing if we create the process of free 
power dissipations in local area of our space-time by 
means of asymmetrical potential interaction? 


Let’s try to present a “process” as some change of 
“information” in time and from this point we’ll get the 
conclusion about results of this energy disbalance of 
the natural internal structure of potential field: in this 
case the entropy process in direct time (heat dissipation 
in load) should be balanced with equal anti-entropy 
process in reversed time. In other words, the disbalance 
is change of the space-time curvature and changes in 
the time rate. 


So, it is impossible to get “something” from “nothing” 
but if we have understanding of the balance (process 
in time and anti-process in reversed time) then in the 
Universe the 4-dimentsional balance is not violated. It 
is assumed here that it is impossible to create one 
process but it is possible to create two opposite 
balanced processes, and each of them produce real 
work in the load. In astrophysical consideration it was 
stated in 1964 by Academician Gustav Naan, Estonia, 
Tartu. He wrote [7]: 


‘In our real world we could extract any 
amount of energy from vacuum if some 
technology provides at the same time the 
extracting of the same amount of energy for 
anti-world. Total sum value of energy is 
equal to zero.” 


Let’s note also that similar conception of “dynamical 
zero” was applied in ancient India mathematics, i.e. 
“zero” is not “nothing” but it is hidden possibilities 
(balance of forces). 


One more interesting question appears: what is about 
reality of the particle of matter after we have claimed 
that its mass-parameters are parameters of certain 
process? With this idea the material world as a whole 
is certain process and “stability” is not a property of 
some object but a parameter of its existence, which 
is a process in space-time of some certain energy 
density and some certain structure. By analogy the 
vortex in liquid is a process but it is not a liquid. 


Thereafter, as electron was presented by Shredinger 
as wave packet and by Whittaker as function of two 
scalar potentials, the old idea of instability or dynamic 
structure of matter has the possibility of 
experimental testing and development as a 


teleportation technology. This idea is technology of 
space-time engineering, i.e. creation of the space-time 
with some certain parameters where curvature (or 
rate of time) determined rate of existence of the matter 
in space. It is related with some energy density, which 
can be increased or decreased. Since by this way it is 
possible to consider any material particle of substance 
as certain process, which is balanced by 
corresponding time-reversed process, so there is no 
theoretical difficulties to develop technologies of 
chemical transmutation, materialization, 
dematerialization, teleportation etc. 


So, the using of potential energy to create a process 
of dissipation of power in load does not violates the 
Law of Conservation, and this Law can be 
generalized: the total energy of four dimensional 
system is amount of energy of processes in time and 
energy of processes in reversed time, it is constant 
and it is equal to zero. 


Now let’s try to review some free energy projects (the 
systems to produce work without consumption of 
fuel). Russian Peter the Great had intention to visit 
Germany in 1725 to test the Orferius’ device. There is 
a very old description of “perpetually rotating wheel”, 
which was made in India by inventor Bhaskar in 1150! 
From that times the mind of inventors is developed to 
other modern systems but due to the efforts of 
scientific groups, which are interested to keep in force 
the ideas of primitive materialism, the great idea of 
free energy transformation is distorted to such extent 
that any person, who began to speak about free 
energy, had a chance to get the name of “mad”. Why? 
The reason is common understanding of the “power”, 
which is “some work per unit of time” and generally 
it can be presented only as result of some 
transformation of matter structure, i.e. disintegration, 
chemical reaction, nuclear decay, nuclear synthesis 
or any change of structure of a matter. In any case, a 
material (the firewood, oil products or nuclear fuel) is 
considered as the fuel, regardless of its transformation 
method. 


Some concepts did not consider the fields 
(electromagnetic, gravitational and others) as a kind 
of matter. So hypotheses, and even successful 
experiments on transformation of “non-material” type 
of energy in energy of material object (into the work) 
were not taken into consideration. The physics is a 
study about measurable and tangible quantities. New 
measurement methods let us work with a new physical 
phenomenon. So, we can see that real situation in 
alternative energy is changing due to experimenters 
efforts but not from the great theoretical team. 


Some time ago the electric energy was not considered 
as a material object, but gradually people have been 
able to refuse the gas pipes, which were real material 
source of power for the gas light lamp, in favor of 
electric wires for electrical illumination. In a short time, 
I think, it will be possible to refuse the wires and we'll 


New Energy Technologies, Issue #2 March - April 2003 13 | 


consider the aether (physical vacuum) as unlimited 
energy source if we organize the process of 
transformation of space-time parameters. It will be 
necessary to drop the old conception of “primary source 
of power”, which should be connected with the 
consumer by some method and to develop conception 
of free energy source in any place “on-demand”. 


Let’s consider, what the term “free energy” means 
today. The energy in general sense means the “ability 
of body to produce some work”. The energy of closed 
system is constant. Certain device can look like 
“perpetual mobile”, but nobody will be shocked 
because the way of energy “inflow” is known. For 
example, solar panel battery is obtaining its power from 
external source of light. But in general case, 3- 
dimensional observer can see nothing similar to the 
inflow of energy into the system if multi-dimensional 
energy balance is not analyzed. In other words, 
“perpetual mobile” is a right name since for its 
description it is necessary to use notions of “Time”, 
“Eternity”, “Causality” and other categories, which are 
more related with philosophy and religion but not with 
modern physics. 


The “perpetual mobile idea” is really value to be the 
purpose of serious scientific work. In the book “Great 
experiments in physics” published by “World”, 1973, 
Professor G. Lipson wrote: “Joule was the person of a 
very practical kind of mind and he was enthusiast of 
the perpetual mobile idea”. I hope that it is not 
necessary to explain here who was Joule. However, 
“practicality” of free energy generators is obvious only 
for energy customers, but not for energy producers, 
who created the centralized system of energy 
distribution. This is the main reason of absence of 
alternative fuel-less energy systems in the modern 
market. 


Let’s consider the existing classification of “perpetual 
mobiles”: 


1. “Perpetual mobile” of the first kind is a design, which 
can “create energy”. It is disputable aspect and all 
patent offices refuse to consider the patent claim of 
such type. They answer that “energy can not be 
created or destroyed” but energy can be transformed 
from one type into another type. 


2. “Perpetual mobile” of the second kind is the collector 
of environmental heat. It is not a “thermo-pair” which 
uses temperature difference to produce electricity, but 
it is the “heat pump”. This type of devices works with 
negative entropy, or more exactly, with sintropy. The 
terminology still is not defined but we can say that in 
entropy systems the produced work is equivalent to 
the dissipated heat and the work, which is produced 
by sintropy systems is equivalent to some absorbed 
environment heat. 


3. The “perpetual mobile” of the third kind is a 
demonstration of perpetual motion without friction. The 
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analogue is electric current in superconductors. 
Development of this idea is creation of systems with 
negative friction. In electromagnetic systems it 
corresponds to the known cases of the “negative 
conductivity”, i.e. some electrical circuits in this mode 
can generate output power. 


Additionally, let’s show that “creation of energy” is 
possible in theory, for example: two processes of equal 
power compensate each other A + B = 0. Let’s assume 
that some technology creates another (inverse) process 
as:0 = A+B i.e. two processes of some power in sum 
create zero result. In general principle, also there is 
possibility to use many processes balanced situation 
asA+B+C+4... =Oand this interesting conception 
is known as theory of multipolarity. 


Let’s consider some quite real (to my mind) examples 
from the history of development of free energy 
technologies. Nikola Tesla’s investigations are not well 
known to modern scientists and engineers. In his 
works on development of wire-less telecommunication 
Tesla used flat spiral coils as a secondary winding of 
transformer. The magnetic field of such coil is radial 
and it is placed in the plane of the coil. In 1995 the 
author of this article experimented with similar flat 
spiral coils. I have to claim that when such coil is 
operating as secondary winding and the solenoid is 
the primary winding of the transformer then we can 
measure asymmetrical mutual induction, i.e. 
connection of active load (lamp) to output circuit of the 
transformer is free from input power in the primary 
winding. It is the simplest example of technical 
realization of the asymmetrical cause-effect connection, 
described by Kozyrev in his theory of active properties 
of time. 


.. “creation of energy” is possible in theory... 


Another Tesla’s invention is his resonance transformer. 
Modern electrical engineering describes transformer 
with forced electrical oscillations and radio engineering 
considers operation of resonance systems mainly. Tesla 
put the question on transformation of power in 
resonance transformer and by this way the efficiency 
can be more than 100%. With high frequency currents 
and high power level Tesla used single-wire terminals 
as loads, i.e. the lamps and other single-wire receivers 
of power (motors) were powered from high frequency 
changing electric field. Such single-wire terminal does 
not consume any power from primary source because 
it uses the change of potential in point of connection 
to conductor (let’s note also that for maximum efficiency 
this point of connection should be one of the maximums 
of standing wave). 


The notion about “free vibrations” belongs to Tesla and 
this term describes sinusoidal oscillations in electric 
circuit that is created after short non-sinusoidal 
impulse due to real vibrations of the free electrons. 
Resonance mode of the free vibrations can be the real 
way to excess power output. 


Original Tesla’s approach to electrodynamics allowed 
him to build in 1934 fuel-less car with electromotor, 
which was powered from some 12 vacuum tubes 
generator of unknown design. 


The standing waves of electric field that were 
observed by Tesla during thunderstorm brought him 
to conclusion about possibility of the system to power 
remote energy consumers from energy generator 
without any transmission lines and without radiation 
methods. He assumed that it is necessary to create 
special standing wave of electric potential (or variable 
in time electric potential field) around the generator, 
then the unlimited number of loads (lamps, motors) in 
area of this potential field can be powered if they are 
tuned in resonance with oscillations of the generator. 
Let’s notice that in each receiver the power can’t be 
more than power of this generator but it is possible to 
install many independent “receivers” without mutual 
interference. 


The modern investigations on these problems sound 
as sensation, because Tesla’s works are unknown for 
the modern generation of scientists. Of course, modern 
electronics components and the tools facilities allow 
to create real “miracles” in comparison with the past 
age experiments. For example, engineer Avramenko 
described his work on single-wire power transmission 
in Journal of Russian Physical Ideas, 1991, No.2, and 
in journal “Inventor and rationalizator” 1992, No. 5, 6. 
The light bulb (or ventilator) was used as load of the 
single-wire power transmission line. This line can be 
made of high resistance material, for example, 
tungsten, but the power can be transmitted without 
heating of wire! It is possible to say that in this 
experiment a wire does not transmit power from the 
generator to the load, but the wire is the conductor of 
information signal, which is created by polarizational 
current opened and described by M. Faraday. 


It is not difficult to repeat the experiments with single- 
wire line: it is necessary to place two diodes on the 
end of a line, which is connected to secondary 
windings of high voltage transformer (I used television 
set high voltage unit) by such a way that different poles 
of the diodes are connected to the line, Fig.3. 
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Fig.3 


Two other poles of diodes create the source of 
potential difference (voltage), from what it is possible 
to charge the capacitor or to power the load 
(luminescent bulb). This diodes scheme is named as 


“Avramenko’s diodes plug”. In my experiments it was 
determined that high efficiency mode is resonance 
mode in real line and in this case the maximum change 
of potential is created in the point of connection of 
the “Avramenko’'s diodes plug”. There is well known 
formulas to calculate this resonance as quarter-wave 
antenna vibrator system. Of course, high frequency 
and high potential allow creating high power in the 
load. In 2001-2003 New Energy Technologies 
magazine have published new experimental results 
on single-wire power transmission reported by 
research team from Moscow (Prof. Strebkov, 
Avramenko, Nekrasov and others). For example, they 
built and tested lines from 20 to 100 Kwtt power level! 


.. the electric potential field can create non- 
compensated force in the system and to 
produce a work without any power input. 


One more well known researcher on the subject of 
free energy was Thomas Townsend Brown. He 
considered creation of reactionless propulsion force 
by means of electric forces only. Ionization is not 
considered here! According to his works, the electric 
potential field can create non-compensated force in 
the system and to produce a work without any power 
input. English patent by T. T. Brown #300,311 of 
August 15, 1927 describes the method to create 
propulsion force and power from electric energy 
source only. In this first patent it was claimed that in 
ordinary flat electric capacitor (two flat plates and 
dielectric between them), which is charged up to 
50 kilovolts and more, Brown discovered propulsion 
force. This force moves the capacitor to positively 
charged plate direction. It is only one of his ideas and 
in his other patents of 1930 - 1965 Brown has 
described many new methods to create propulsion 
force and free power in load by means of electric field 
only (scalar potential field as a source!). 


.. the efficiency of “electric system can be 
million to one” 


We have to exclude ideas on electrokinetic apparatus 
since it is just a reactive method and propulsion force 
is result of ionization flow. Especial case is Brown's 
idea to create the asymmetry of electrostatic forces 
by means of some special form of surface, USA patent 
#3187206 of June 1, 1965, application of May 9, 1956 
(Fig 4). 


The schemes and descriptions by the Brown's patents 
are undoubtedly the work of great practical value. As 
was mentioned by Brown, the efficiency of “electric 
system can be million to one” because the potential 
field can produce real work, for example, rotate some 
electro generator, but it does not change the primary 
source of field. 


In 1927 T. Brown demonstrated the devices in Ohio, 
later he worked in France. His works in France were 
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stopped and he returned in the USA. Detailed information on his works can be received from descriptions of 
patents http://www.soteria.com/brown and from the book “Electrograviticis Systems” by Thomas Valone, 
Integrity Research Institute, USA. 





June 1, 1965 T. T. BROWN 3,187,206 


ELECTROKINETIK APPARATUS 
Filed May 9, 1958 














Fig. 4 


Electrokinetic apparatus by T.T. Brown 
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Besides, there is the simplest example of creation of 
real work by means of potential field that is also 
resulting from the Brown's works. Usually two plates 
of electric capacitor are equal to each other. However, 
if one of the plates is small and another one is large 
then the electric field between them is not isotropy 
field and in this case there is some gradient of intensity 
of the field. In such field any dielectrical object, for 
example a ball, will be polarized unevenly and due to 
this fact some force should make it to be moving aside, 
where the field has the greater intensity. I have to note 
for mathematicians that since the intensity is “gradient 
of potential” then gradient of intensity is the gradient 
of the gradient, i.e. it is the second derivative of 
potential. This idea is an example of the well-known 
rule: the change gives the new quality. 


The example of creation of the propulsion force by 
means of potential field is also connected with 
“perpetuum mobile” task, since conductivity 
currents in the capacitor are very small and it almost 
does not require power consumption (after being 
charged once time) and the system can produce 
mechanical work permanently, in this case it is the 
work against the gravity force. In general case, if the 
design allows asymmetrical energy transformations, 
then the surplus output power and reactionless 
propulsion force can be created in this system. 


Most likely future aerospace systems, which are based 
on the electrogravity, are the most perspective 
direction of free energy technologies. Why not for the 
power engineering? It is clear that now there are some 
existing fuel heating systems, heat stations and 
power industry to provide by some traditional way 
all current needs of the society and due to this fact 
the innovation of any free energy technology is related 
with hard competition. However, for commercial 
programs for cosmos the reactive rockets principles 
are not acceptable more. Each satellite during its 
operation should produce profit to compensate large 
expenses for the rocket-carrier. Only fuel-less 
propulsion systems can allow developing space 
commercial programs that are new infinite market. 
Let’s note that the gravitational (reactionless 
propulsion) technologies are not related with 
cosmodrome and their cost can be quite acceptable 
to realize the project with private funds. 


.. future aerospace systems, which are 
based on the electrogravity, are the most 
perspective direction of free energy 
technologies. 


There are some known examples of free energy 
systems. 


In 1921 The Seattle Times, as well as Denver Post of 
August 8, 1921 published the articles about inventions 
of Alfred Earl Hubbard. His device included the central 
core with coil and eight remote coils placed around 
the central core. After primary impulse, the impulses 


in all coils were powered and rotating magnetic field 
was created in central coil. The power produced in 
the central coil was quite sufficient for self-excitation 
of the system and for producing of useful work in the 
load (motor). The boat and the car with electromotor, 
which was powered from the Hubbard’s generator, 
were demonstrated. 


In 1928, Lester Hendershot invented the electric 
generator of 300-Watts power. This device was 
designed of details used in radio-receiver to get 
oscillator (500 kilohertz) and non-inductive coil. Later, 
in 1970, William Cooper experimented with non- 
inductive bifilar coils. He used induction phenomenon 
in the case of zero magnetic component (two-wire 
winding or flat spire coil). 


The Cooper’s USA patent 3610971 of 1971 describes 
the principle and the device to create power in 
secondary circuit without reaction on primary 
circuit, as well as method to get reactionless 
propulsion force for aerospace application. Cooper also 
has found that specially designed coils can produce 
the field, which can not be screened and this field has 
some common parameters with the gravitational field. 


The gravitation is considered by Cooper as a 
polarization of atoms in gravity field of planet. So he 
declares in description of his patent: “the electronic 
generator... of super high frequency creating the 
pulsing electric field of single polarity... acting in 
opposite direction to the Earth gravitational field... that 
to depolarized the atoms and to release them from the 
gravitation”. 





Fig.5 


By the way, the gravitational field itself can be used to 
get a power. “Unbalanced wheel” is a well known 
design. The weights on the one side of the wheel, 
which is rotating in vertical plane, can be organized to 
be moving to axis, but on the another side the same 
weights can be organized to be shifted from the axis 
to the periphery of the wheel. By this way there is some 
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constant shifted center of gravity in the system and it 
can be permanently rotating system. One of the 
inventors who built such wheel is Hugo R. Fraga, 
Havana, Cuba (The Perpetual Motion Mystery. 
R.A. Ford, Lindsay Publications Inc., Bradley, IL 60915, 
USA, 1987, see Fig. 5). 


The earliest information about such systems is dated 
of 1150 and the name of inventor is Bhaskar, India. He 
used the tangential disposed pipes, which were half- 
filled with water. In France (1235-1240) William de 
Onnecure demonstrated self-rotation wheel with seven 
weights. In Italy (1438) Mariano de Jacopo has built 
the system made of eight bars disposed in the plane of 
rotation, and the bar can be fold up in the middle like 
elbow joint to provide rotation. One of the well-known 
and documented events of real demonstration of 
perpetual rotation wheel was mentioned in 1620. 
Edward Somerset (Second Marquis of Worcester), 
author of the book “Century of Inventions”, 1963, has 
built and tested the wheel of about 4 meters in 
diameter, 14 weights of 25 kilograms each. The test of 
this machine was organized in London, in witness of 
King Karl, Grand Duke Hamilton and Grand Duke 
Richmond, and there are files in royal archives about 
this test. The descriptions of these and other systems 
are published in the book “Perpetual mobiles: past and 
present time” by  Brodiansky, Moscow, 
Energoatomisdat, 1989. 





Fig.6 


In different idea, which is known from Leonardo Da 
Vinchi drawings, lifting of water is produced by the 
helical “Archimedes’ screw” of small diameter with large 
centrifugal acceleration, which reduces weight, but 
lowering of water was organized with the screw of other 
(large) diameter, so the force of weight is working to 
rotate this screw by the weight of the falling water. The 
paradox of these systems will be removed if to consider 
them as systems of variable topology, as it was done at 
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the beginning of the present article. Practically, the cycle 
is separated here into two processes (the lifting and 
falling of mass) in the system with different parameters 
(the topology) for the first stage and the second stage 
of the cycle, but herewith it is necessary to consider 
two different physical systems, not one and the same. 
In that case, the classical theory can explain the work 
created by potential gravitational field of our planet as 
energy exchange between two different systems. 


Other well known topic is research projects by John 
Searle, i.e. the “Searle’s disks” (Fig. 6). It is necessary 
to note that the inventor mentioned in his articles anti- 
gravitational effect and free energy output also. The 
address is: John Searle, 13 Blackburn Lower Strand, 
Graham Park Estate, London MW9 5 NG, United 
Kingdom. 


In several words we can say that rotor makes free 
electrons to be displaced to the peripheries of the 
system. With sufficient velocity it was mentioned that 
there is phosphorescence and ionization around the 
disk. It is possible to assume that main effect is based 
on well known Lorenz forces and understanding of the 
Poynting vector, which is circulating in this system. 
The ionization currents are closed through the space 
from periphery to the center, and self-rotation of the 
disk is provided by the classical Lorenz force, since 
the current interacts with magnetic field of the rollers. 


In Russian experiments of 1992 Roshin and Godin built 
similar system of 7KWtt power output and they claimed 
that 100 kg axial force and areas of decreased 
temperature in environmental also were detected. Fig.7 
demonstrates main parts of the system by Godin and 
Roshin. 


It is necessary to note that similar anti-gravitational 
effects appearing for the case of over-unity operation 
were observed by different inventors independently. 
For example, in 1990 Floyd Sweet demonstrated his 
invention named as “vacuum triode amplifier” VTA. 
The barium magnets were pre-conditioned by special 
method to be used in special “trigger mode”. This “bi- 
stable condition of magnet” provides possibility of 
transition from one direction of field to another 
direction due to the weak control signal, which was 
provided from external generator. It is known that if 
the material was pre-conditioned by the magnetic 
switching of 60 Hz frequency then its control signal 
must have the same 60 Hz frequency. A part of output 
power was closed to provide feedback and 
additionally some power can be used in output coil 
for the load. Tom Bearden studied the scheme of 
vacuum triode amplifier and confirmed that it 
demonstrates the work with negative energy. It means 
that the work in the load is connected with use of 
negative time. In this negative time, according to 
Bearden, the gravity is repulsing force. The 
experiments on VTA demonstrated that VTA 
decreased its weight according to level of the power, 
which is extracted from vacuum. Additionally we can 
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Fig.7 


say that permanent magnets and coils of VTA were 
self-cooling during operation and the temperature 
difference was about 20 degrees in contrast with the 
environmental temperature. 


One of VTA schemes includes two sets of magnets 
4x6-.x 1 inch, placed on two walls of frame. The 
attraction is created between them. Output and 
controlling coils are located between them. The axes 
of output coils are parallel to the magnetic field lines, 
but the axis of control coils are placed under 90 
degrees angle. The secret of system is the 
“conditioning process”, which “brings the magnets 
to the special condition”. It is necessary to create 
great number of micro-cracks in the magnet due to 
re-orientations of magnetic domains. In such “half- 
magnet” the domains get the ability to be orientated 
in the same direction in a weak “control” magnetic 
field. In fact, they are not domains but large parts of 
magnet’s material, separated by micro-cracks, that 
is to say acoustic domains. Many researchers repeat 
Floyd’s works. Let's note that arc discharge of 
alternating current through magnet barium ceramics 
directly can provide the best results of the 
“conditioning” process. The coil of “conditioning” is 
not necessary in this case. The frequency of 
alternating current must be corresponded to the 
frequency of the control signal. Thereby, Sweet was 
creating the bi-stable solid-state condition of 
magnetic substance. The acoustic resonance is the 
reason of oscillations with the frequency according 
to the control weak magnetic field. Floyd Sweet died 
on July 5, 1995 at age of 83 years old. It is known, 
that his widow sent the archives to some great 
Automobile Corporation. 


.. the extraction of space energy is result of 
transformation of vacuum energy but from 
the other hand the energy density in this 
case determines so called “time rate” 


It is interesting to note again that the magnets of VTA 
demonstrated self-cooling during operation, up to 20 


degrees difference in comparison with the 
environmental temperature. It is one more example of 
relation between notion “density of time” and 
“energy”. We can say that the extraction of space 
energy is result of transformation of vacuum energy 
but from the other hand the energy density in this case 
determines so called “time rate”. 


Kozyrev’s articles [4] on causal mechanics theory and 
experiments describe possibility to use “time course 
for producing of useful work”. Kozyrev introduced 
notion “density of time” and he demonstrated 
experimentally several methods how to change the 
density of time, which depends on irreversible 
processes intensity. Powerful “generator” of such 
processes is biosphere of our plane and it creates 
season and daily changes of the density of time. It is 
known that VTA power output also was variable in 
different time of day and night. It can be explained by 
Kozyrev. Next step in logical development of this idea 
is to change notions from the “density of time” to 
“density of aether” [10]. 


Relation between magnet phenomena and aether 
circulations was known from the beginning of the 
electrodynamics and now we can assume that VTA 
was real example of asymmetrical cause-effect 
connection, where the hardness of this connection 
depends on the density of aether. In this case the 
season and daily variation of the aether density are 
reason of VTA output power variations. So, we can 
make a conclusion: conception of asymmetrical cause- 
effect connections should be used as theoretical basis 
of all over-unity systems. 


Generation of extra power in nonlinear materials (ferrites 
and dielectrics) was considered by Nikolay E. Zayev, 
Journal of Russian Physical Ideas, #1, 1991. Discovery 
was claimed as “Cooling of some dielectrics by 
changing electric field with generation of energy”, 
Russia discovery #32-OT-10159, November 14, 1979; 
the inventions were also claimed as “Method of 
transformation of heat energy of dielectrics into electric 
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energy”, Russian patent claim #3601725/07 (084905), 
of June 4, 1983 and “Method of transformation of heat 
energy of ferrites into electric energy”, Russian patent 
claim #3601726/25 (084904), of April 3, 1983. This 
theory is not about some transformation of space-time 
structure but in any case the practical application of 
conversion of environmental heat is very important 
because this work is real basis of free energy systems. 


In one of Zaev’s articles, which were published in 
Journal of Russian Physical Ideas, he quoted from 
K. Zialkovsky: “If the heat can be transmitted from 
cold body to hot body, then it must have enormous 
importance, and not only philosophical or scientific, 
but also practical importance. The Clausius postulate 
is not confirmed in this case. The gravitational force, 
as well as other reasons (number of the reasons is 
unknown) break this postulate... heat can be 
transmitted from cold body to hot body but only as 
the result of some exclusive conditions”, published 
in Russian, “The Second beginning of 
thermodynamics”, Kaluga, Russia, 1914. So, the 
inventor of free energy system should provide this 
“exclusive conditions” to organize collection and 
transformation of environmental heat in his free 
energy system. 


Another well-known free energy system is Swiss 
electrostatic machine. In spiritual commune 
Methernitha, Linden in Switzerland, since 1980 
several free energy devices have been generating total 
power of 750 kilowatts. From the technical point of 
view, these devices are modernized electrophore 
generator. Permanent magnets also included into 
design of these devices. The machine of 20 cm 
diameter produces about 200 watts, and a big 
machine has the disk of 3 meters and it produces 
about 30 kilowatts, Fig. 8. 





Fig.8 


One of the modern technical decisions, which are very 
close to this Swiss machine is patent USA No. 4897592 
by William Hide, January 30, 1990. This device is 
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“system to generate power from electric field”. It is 
one more example of work, which can be produced 
by potential field, in particularly by means of electric 
field that can be used as free source of power. The 
energy (the potential energy) is the possibility to 
produce work and the power is a work per unit of time, 
i.e. it is a process. The properly organized process, 
for example acceleration of rotor in Hide’s machine, 
uses the potential field on the part of positive work 
(acceleration) and the author of the patent provides 
meta screen on the part of the trajectory, where the 
field decelerates the rotor. 


. it is “perpetuum mobile” and it can not 
be patented even if it really works! 


One more example is Reed’s motor, which uses energy 
of permanent magnets. By the description of 1991 it 
is made of four disks (two immovable discs and two 
rotating discs), and eight magnets are placed on them. 
Howard Johnson used similar method, USA patent 
#4151431, Fig.9 


U.S. Patent Apr. 24,1979 Sheet1of2 4, 151,431 























Fig.9 


Journal “Science & Mechanics” of 1980 describes this 
invention. Hovard filled the application in 1973 but 
he has got the confirmation only in 1979! The reason 
of delay is very clear: it is “perpetuum mobile” and it 
can not be patented even if it really works! Johnson 
found clear and simple description of generation of 
power in his device and explained it as “extraction of 
power from inner energy of electron spin in 
ferromagnetic material”. 


From text of his description it follows that USA patent 
#4,151,431 of April 24, 1979, “Permanent magnet 
motor”, author Howard R. Johnson, application 
#422,306 December 6, 1973 was developed from the 
prototype that is USA patent #4,074,153 of 1978, class 
of international classification H02K 41/00E: 


“The invention is directed to the method of utilizing the 
unpaired electron spins in ferromagnetic and other 
materials as a source of magnetic fields for producing 
power without any electron flow as occurs in normal 
conductors, and to permanent magnet motors for 
utilizing this method to produce a power source. In the 
practice of the invention the unpaired electron spins 
occurring within permanent magnets are utilized to 
produce a motive power source solely through the 
superconducting characteristics of a permanent magnet 
and the magnetic flux created by the magnets are 
controlled and concentrated to orient the magnetic 
forces generated in such a manner to useful continuous 
work, such as the displacement of a rotor with respect 
to astator. The timing and orientation of magnetic forces 
at the rotor and stator components produced by the 
permanent magnets to produce a motor is accomplished 
with the proper geometrical relationship of these 
components.” 


..conception of asymmetrical cause-effect 
connections should be used as theoretical 
basis of all over-unity systems. 


It is reported that functioning Johnson’s model produced 
about 5 kilowatts power free of any primary source of 
energy. Let’s note that Johnson writes in his patent 
about permanent magnet as about system with “super 
conductive parameters”. The currents of electrons in 
permanent magnet are manifestation of real 
superconductivity and for this case it is not necessary 
to provide the cooling for zero ohmic resistance. 
Moreover, the “resistance” must be negative since the 
magnet could save and renew its magnetized condition. 
Thereby, any permanent magnet is the example of 
perpetuum mobile of the third kind on the micro level. 
Also we can say the same about each atom. 


Also, let’s note that in general case motion (rotation) 
can be created due to the discussed above gradient of 
field, which in Johnson's device is result of asymmetry 
in “rotor-stator” system. By the similar way the gradient 
of velocity of airflow above and below wing creates the 
gradient of pressure and this fact produces great lifting 
power in airplanes. 





Fig.10 


Well-known variant of permanent motor-generator is 
Adams motor, Fig.10. The rotor with radial orientated 
(the same pole outward) permanent magnets is 
rotating and creating inducted currents in stator coils, 
which are placed around rotor in the plane of rotation. 
From the point of traditional electrical engineering, 
any motor-generator without closed magnet flux is 
not high efficient device. However, exactly open 
magnetic flux of the Adams motor allows to take off 
power without deceleration of the rotor. We can 
assume that in this case phenomenon of 
electromagnetic induction is not important but in this 
design there is magnetic induction only, i.e. 
magnetization and demagnetization of cores in the 
field of the moving magnet. It is a perfect analogy 
with phenomena of electric induction that is 
“electrization by influence”. Similar “magnetization 
by influence” differs from electromagnetic induction 
and secondary magnetic field in winding of generator 
is not related with deceleration of the rotor. Robert 
Adams works with Harold Aspden under patenting 
of their system. Adams is more than 70 years old but 
from our correspondence with him we can say that 
he is going to build demonstration version of 10 Kwtt 
generator. 


any permanent magnet is the example of 
perpetuum mobile of the third kind on the 
micro level. 


There is also special name “alternators” for this class 
of devices, which use interruption of magnetic flux, 
for example it is the device by USA patent of John 
Echlin #4567407. 


The experiments to investigate the alternator 
principles were organized also by the author of this 
article and it was demonstrated that ferrite core of 
the generator coil is self-cooling. The simplest 
experiment is based on electro motor, which rotates 
iron plate and it periodically appears in the gap 
between magnet and coil. But it is necessary to note 
that change of the flux in the coil area should be 
organized by such a way to decrease the flux of the 
field in the rapprochement half-cycle and to increase 
the flux for the moving off half-cycle. In this case the 
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rotor is accelerated by the secondary field (back-EMF). From 1994 to 2003 several experiments were produced 
and main principles were claimed in the patent description, Fig.11. 































































































Fig.11 


One more topic is “extraction of power from air” and 
Josef Swenson has conducted the series of simple 
experiments to develop it. The frequency of natural 
pulsations of electric field of planet is about 7.5 Hz 
and it is well known from Tesla’s age. Swenson 
works with frequency 375 kilohertz and antenna of 
10 meters. Please, contact for more details: Josef 
Swenson 423 North 15th Street, Moorhead, Minnesota 


co 


Fig.12 
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56560, USA. However, everybody remembers from the 
school story about simplest electrical experiments by 
Lomonosov and Rihman, who investigated arc 
discharge in gap between iron wire from a roof 
(“antenna”) and ground wire. Let’s include the 
resonance circuit “inductance-capacity” and diode 
rectifier to get some useful work in the load “from 
atmospheric electricity”, Fig.12. 


In 1900-1930 a lot of articles were published in 
technical press about Henry Moray. His demonstration 
systems produced more than 50 kilowatts free power 
output. It is known that Mr. Yakovlev (from USSR 
Foreign Department headed by Mr. Molotov) visited 
Morey in November of 1929 in New York to test his 
devices. The devices consist of capacitors, coils and 
special electronic-vacuum lamps. 


In 1990 journal “Magnets”, 2 (3) published article, 
which describe analogy between Moray’s devices and 
Hubbard’s coils, which can extract power by means of 
inner energy of nucleuses of materials if special 
resonance is created. In 1978 Cospray Research 
Institute has published the well-known book “The Sea 
of Energy” by T. N. Moray, in which theory of Moray is 
presented most completely. 


ROM Raum-Ouanten-Motoren Corporation 
(Schmiedgasse 48, CH-8640 Rapperswil, Switzerland, 
fax 41-55-2125209) offers for free energy devices of 
different power level: ROM 25 kilowatt and ROM 
200 kilowatt. The principle of work is based on an 
invention by Oliver Crane and his theory. Web site 
http://www.rqm.ch. But I have to note that in present 
time they are developing capitalization of the company 


mainly (actives are above 650 million dollars) than 
innovation of the new technology. 


One more historical example: in 1925-1945, Hans Koler 
demonstrated his free energy devices. The system was 
built in Germany and it produced 60 kilowatts of free 
power. The description includes six permanent 
magnets and coils, which were superposed in plane of 
hexagon form. Each magnet is core of the coil. 


Another interesting topic is unipolar induction effect, 
which is well-known from Faraday. This effect creates 
electro motive force (EMF) in rotating disk if axial 
magnetic field is applied to the disk. One of the well- 
known practical developments in this area is device 
by Bruce de Palma. In 1991 he has published the results 
of his tests, from which it follows that deceleration of 
the rotor due to back EMF in the case of unipolar 
induction is less than in traditional electro generators. 
So output power of system can exceed the power, 
which is necessary to rotate the rotor. 


Really, motion of electrons in magnetic field, which is 
perpendicular to plane of rotation, is the reason of the 
Lorenz force and this force acts in radial direction that 
can not be the reason of deceleration. Indian research 
on this topic is developing by P. Tewari. In New 
Zealand there is research group headed by Dr. Ashley 
Gray. In 1994 the leader of Japanese market MITI 
published report about progress in 40 KWtt unipolar 
generator, which uses superconductors for its 
electromagnets. The interest of Japan to alternative 
energy projects can be explained by the position of 
Japan on fuel market. 


There is a well known rule: Demand is related with 
Proposals. It is easy to imagine the prospects of local 
introducing of free energy systems in one or several 
countries, if some producers of product will be able to 
exclude expenses on electricity and fuel from cost sales. 
Other countries of their own rich natural resources (for 
example, oil) will be in problematic position on the new 
international market, mainly due to the fact that their 
industry and transport are oriented to conversion and 
consumption of oil fuel that increase the cost of all 
products. 


.. Increase of the spark gap produces more 
surplus power in the load of the circuit. 


One more modern free device was invented by Wingate 
Lambertson, USA. In his device free electrons get the 
additional energy passing through the number of thin 
metal-ceramic composed layers. The units were 
designed by the authors and each unit can generate 
1600 watts, and it is possible to connect them in parallel. 
The address of author: Dr. Wingate Lambertson, 216 83rd 
Street, Holmes Beach, Florida 34217, USA. 


Especially the researches on free energy with plasma 
processes should be noted here. In 1980-1990 Alexander 
Chernetsky, Yury Galkin and others have published the 


results of experiments on creation of “self generated 
discharge” SGD. The electric arc was placed 
consecutively into secondary circuit of electromagnetic 
transformer and it produces real increase of power in 
load and reduction of consumption power in primary 
circuit of transformer. The author of the present article 
produced simplest experiments to investigate the arc 
(electric discharge) in electric circuits and possibility 
to create the mode of “negative resistance” in this 
circuit was confirmed. One of the effects was 
demonstrated in 1996 during the conferences “New 
Ideas in Natural Science”, St.-Petersburg. 


Adjusting parameters of arc (distance between two 
electrodes) it is possible to see that consumption 
current is decreasing until zero and then it can change 
its direction i.e. this system begins to generate 
the power. During similar experiment of 1971 by 
Dr. Chernetsky substation transformer in Moscow 
Aviation Institute was destroyed in result of strong 
“reversed current” impulse, which exceeded consumed 
power in 10 times more. According to Chernetsky’s 
concept, the reason of this mode is well known 
phenomenon of plasma instability and pinch-effect for 
great currents. However, the author of this article 
tested device, which demonstrated similar effect 
(switching on the load in secondary circuit of 
transformer and in the presence of arc in this circuit, 
consumption power does not increase, but reduces) 
for small currents about 300 mA. 


Since for pinch-effect it is necessary hundreds Amperes 
then it was offered another explanation: the surplus 
power in this circuit appears due to the acceleration of 
electrons in the gap between electrodes, i.e. particles 
of plasma are accelerated by means of electric 
potential field between two electrodes. It is noted 
during the experiments that increase of the spark gap 
produces more surplus power in the load of the 
circuit. To avoid mistakes the measurements of the 
consumed power were organized in DC (direct current) 
battery circuit and therefore there is no any reason to 
speak of phase shifts mistakes to try to explain 
skeptically this effect. 


.. Waves of density of time are used by 
organisms for their vital activity. 


Today theory and experiments on self-generating 
discharge are quite well developed to build free energy 
systems of any power scale. The reason of delay in its 
practical development is a complex problem: this work 
leaves the frames of classical physics. In his book 
“About physical nature of bio-energy and its 
simulation”, Moscow, Publ. VZPI, 1989, Dr. Chernetsky 
considered the structure of biological fields and bio- 
energy processes in living organisms from the point of 
longitudinal waves conception. Self-generating 
discharge in the mode of negative resistance produces 
such longitudinal waves and they are self-sustaining 
(self-powered energetically) and it is considered as field 
of living object. 
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Really experimentators of the Chernetsky’s group, who 
worked with SGD device detected influence of 
biologically active radiations and fields, which can be 
not screened by usual methods. It was reported by 
Chernetsky that parameters of this radiation can be 
selected to accelerate the development of plants and 
biomass or to suppress it. So, we should speak about 
artificial living biological system or biological form of 
energy for this class of free energy devices. Perhaps 
by the same plasma oscillation way all living organisms 
provide its vital activity, since long time ago it was 
known that metabolism and food can not provide 
enough energy for vital processes. 


Nikolay A. Kozyrev also wrote about “reason of life” 
and he confirmed that waves of density of time are used 
by organisms for their vital activity. Between “waves 
of density of time” and “waves with longitudal 
component” there is a clear analogy. Kozyrev and 
Chernetsky experimentally demonstrated methods of 
creation of such waves. 


..any free energy system should change the 
causality in surrounding space-time. 


New Energy News magazine, March 1996, wrote 
about attempts to innovate for American aerospace 
stations special power source, which uses similar 
plasma technology: anomalous electric discharge. The 
USA patents #5416391 and #5449989 belong to Dr. 
Paulo Correa and Dr. Alexandra Correa, Canada. In 
their report on free energy Denver conference it was 
claimed that efficiency is about 483% . 


Let’s note one more free energy topic: high efficient 
electrolysis. Classical electrolysis as decomposition 
of electrolyte in electric field is a wonderful example 
of work, which is produced by field and it can be 
organized by such a way to be free from the primary 
energy source (battery). The traditional scheme uses 
closed circuit of current through electrolyte and the 
battery, so the battery is discharged during the 
operation with electrolytic cell. However any physics 
textbook confirms that ions in electrolyte are moving 
due to electric field only, i.e. work to organize the 
displacement of ions and heat power, which is 
connected with this work, are produced by the 
potential field and expenses of the primary power 
are not required. 


The current through the battery, which is created in 
usual closed electric circuit destroys the primary 
difference of potentials in the battery but it is not some 
necessary condition. For correct organization of the 
experiment the products of electrolysis (gases) can 
be created almost free and their utilization (burning) 
can provide more heat power than input electric 
power. 


Prof. Latchinov, the real member of Russian Physic- 
Chemical Society, who patented his method of 
electrolysis in 1888, mentioned that in some cases the 
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electrolytic cell is freezing during its operation. This 
is an effect of the law of Conservation, which forces 
to return the surplus power by means of heat 
environmental energy. In the experiment by Latchinov 
the electrolytic cell can create gases of high pressure 
and consumed power is the same as for the case of 
low pressure gases. However, it is clear that high 
pressure gases can produce more work than low 
pressure gases do. This question was sensational 
problem in scientific societies of 1888 and it is not 
solved yet completely. 


One of other variants of high efficient electrolysis was 
investigated by Igor Goriatchev, Russia. Instead of 
usual 3 Volts level of electrolysis, Goriatchev uses 
0.2 Volt pulsing mode. He claimed ratio output/input 
as 1500% efficiency and he hopes to increase this value 
twice in more perfect design. 


Professor Kanarev from Krasnodar wrote about his 
experiments on plasma electrolysis and has proved 
that in electrolysis of water output power can be more 
than input power. 


Real example of “perpetuum mobile of the second 
kind” is invention by Russian engineer Albert 
Serogodsky (Moscow) and German engineer Bernard 
Sheffer (Berlin). They have patented new system for 
direct transformation of environmental heat into 
electricity, Germany patent #4244016. Retro- 
condensation of mixture of benzine and water is 
organized in closed system under temperature of 154 °C 
degrees. You can try to get more info from: Werkstatt 
fur Dezentrale Energleforschung, Pasewaldtstrasse 7, 
14169 Berlin, Germany. 


The fundamental theoretical researches on direct 
transformation of environmental heat to useful 
work were provided by Real Member of The 
Russian Physical Society Mr. Gennady N. Buynov, 
St.-Petersburg. The description of his project on 
“The Mono-thermal device” was published in journal 
“Russian Ideas” #2, 1992. 


In 1995 the scientific journal of Russian Physical 
Society #1-6 published article “Perpetuum mobile of 
the second kind (paired gas-chemical cycle)”. The 
author Gennady N. Buynov proposed to consider that 
entropy function can be abortive, i.e. it can be 
undetermined in some place if reversible chemical 
reactions are presented in the system. 


Herewith, the circular integral of entropy is 
not a zero and in this case the heat function 
but not entropy function (according to the 
Gess law) becomes the function of condition. 


Buynov offers to use four—oxide of nitrogen as working 
matter for this cycle. His works are excellent example 
of scientific enthusiasm, which (in combination with 
financial interest of the customers) could produce real 
results for Russia many years ago. Let’s note that 


priority of this discovery belongs to Russia in spite of 
attempts of other scientists to claim and develop this 
idea now as their own work. 


We can make a very interesting conclusion if we 
analyze history of so called “cold fusion” discovery. 
According to de-classified materials of 1960, priorities 
of Russia in this topic are obvious. In 1989 Pons and 
Fleshman have reported about results of their 
experiment. In 1995 Russian Journal “Inventor and 
Rationalizator”, #1 has published article about 
invention made by Ivan S. Filimonenko that was 
named in 1957 as “warm nuclear syntheses”. In 1957 
he detected extra power output in process of heavy 
water electrolysis and he mentioned several applied 
aspects, for example, propulsion force and possibility 
to reduce radioactivity by means of this process. In 
1960 Kurchatov, Korolev and Zhukov have supported 
the ideas of the author. Russian Government adopted 
secret resolution on this work: 


1. Investigation of energy generation. 

2. Development of propulsion without reactive mass 
flow. 

3. Research on protection from radioactivity. 


But in next several years this work was suppressed 
by people of nuclear power plant team. The only 
system of such type named as TOPAZ was innovated 
for Russian aerospace systems. World-wide 
innovation of this technology is a real way to introduce 
“warm reactors of syntheses” and it is not necessary 
to wait for results of high-cost “Tokomak” project and 
other thermonuclear researches. Let’s note that 
secondary effects (propulsion force and influence on 
radioactivity) are possible due to using of “free 
energy” aspect if output power is result of change of 
space-time parameters. 


In 1994 Journal “Russian Ideas”, #1-6, it was 
published an interesting document “Conclusion of The 
Moscow City Council Commission on the question 
about Ivan Filimonenko’s discovery and its 
development”. In this document it was recognized 
that it is vitally necessary to renew this works. But in 
2003 we still have nothing new on this topic. Why? It 
can be assumed that the Problem of innovation for 
this technology is possible military application of the 
methods since influence on radioactivity (for example, 
remote reduction of radioactivity of some object) is 
area of interests of the Defense Department. The fact 
that energy generators by Filimonenko can be used 
for quick restoration of the present ecological balance 
is not so important in this case. The same conclusion 
is about propulsion method, which was proposed by 
Filimonenko. Mr. Korolev knew about this method; 
however present space programs are still based on 
rockets and reactive principles, and anti-gravity flying 
machines we can see only in fantastic movies. 


At the same time, development of commercial cold 
fusion projects was started in some countries, for 


example: Patterson Power Cell is introduced in Texas, 
USA (Clean Energy Technologies Inc., Dallas, Texas, 
fax 214-458-7690). More than thirty patents were 
owned by ENECO Corporation, which is collecting the 
main technological solutions in this area. The 
production of electrolytic thermal cells was started by 
Nova Resources Group., Inc., Colorado. 


In August of 1995 Atomic Energy of Canada, Ltd. 
Company, which is member of The Planetary 
Association for Clean Energy, has published the review 
on modern methods of conversion of nucleus wastes 
and deactivation. Two new technologies were offered 
for introduction: contact processing by “Brown's gas” 
and remote processing by scalar (torsion) fields. Let’s 
note that the technology proposed by Canadians and 
Filimonenko’s technology demonstrate the effect of 
influence on the rates of radioactive decay. 


These examples are only small part of real situation. 
Main references on publications are foreign and it can 
lead to wrong conclusion that Russia is delayed in this 
direction of new technologies development. In fact, 
Russia has more talented inventors and researchers 
than any other country. However, condition for work, 
patenting and publications of ideas are not the same, 
and usually Russian technologies cannot reach the 
level of international market. This problem depends 
only on real and official state policy with respect to 
inventors and scientists. In real life financial support 
of scientific institutes is mainly subsidy for 
management of the institutes, but not for science. The 
inventions and discoveries always were made by a 
certain real person, but not by Institute or some 
scientific team. 


In Russia of last age and in the other world on the 
whole the institutes and laboratories have been 
creating for a new scientific problems, discoveries 
or new directions in science. It was necessary to 
claim about discovery and provide priority for own 
country to get official support. Main schools of 
thought appear by this natural way. By the same 
natural way the necessary in existing of some 
scientific institute can be removed when the idea 
grows up to serial production stage. If there are no 
any fresh ideas in this school then the institute 
should be transformed in design office of the 
production plant on this topic. It is almost impossible 
to create a new research institute in modern Russia, 
so really new ideas (if they are not ranged in frames 
of some existing scientific directions) can not be 
developed and they can not create a new school of 
thought in Russia. 


. it Is possible to make a conclusion about 
grandiose misinformation of society... 


People (carriers of the new ideas) have to leave 
Russia to realize their sensational ideas on free 
energy and antigravitation topics. Why they do not 
work with Russian Academy of Sciences? It is the 
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rhetorical question. Usually after many years of 
correspondence with patent office or with official 
science bodies the authors can find that their ideas 
are published in “serious scientific magazines” but 
without any respect to their names... 


Attachment 1 presents some information about 
patented technologies. When we study old and modern 
patent documents, it is possible to make a conclusion 
about grandiose misinformation of society, which 
leads to appearance of two different Worlds, separated 
by the level of knowledge: evident and hidden 
knowledge. The achievements of the second hidden 
world could change our planet, give a chance to remove 
all energy and ecological problems. Besides, we have 
discussed that some free energy systems (for example, 
self generated plasma discharge) have also the 
medical-biological aspects. This “influence” from free 
energy system is related with negative entropy 
processes in area of the operation of the system so some 
components of biological systems can be changed to 
less entropy. The design of free energy system defines 
the type of this influence. It was noted before that 
operation of any free energy system should be 
considered in high topology space-time as 
multidimensional system to see what the reason of the 
effect is. 


So, since the rate of time course is determined by 
Nikolay A. Kozyrev as rate of cause-effect 
transformations, then any free energy system should 
change the causality in surrounding space-time. In this 
case we can assume that it creates quantum physics 
effects on the macro level. It is interesting to assume 
Heisenberg’s uncertainty, tunnel effect and 
manifestation of wave characteristics (up to diffraction 
of objects) for macro level. 


Some experimental data by Kozyrev is related with 
quantum effects, which were detected in his 
experiments with rotating and vibrating gyroscopes. 
This technology is the basis to design real teleportation 
systems, which will change parameters of space-time 
to allow changes of position of some material object 
from one point of space to another point of space 
(without transference on the distance between these 
points) by means of combining these points in the same 
place of space for some time. 


The process of study of new technologies in alternative 
power industry and gravitation is developing actively 
in the world. Besides secret programs and institutes, 
it is possible to make a conclusion that activity of this 
work in countries of limited fuel resources is more 
efficient. Now Russia has rich natural materials and 
oil resources but in the short time this advantage 
will not play any role in development of economy. 


Industrial and defense power of any country 
will depend on free energy technologies, 
knowledge on the biologically active energy 
and reactionless propulsion methods. 
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The new technology creates not only a new technical 
systems but also new economical systems. It is not 
physics but policy... Development of great Russian 
territories with industry of free energy technologies for 
home and commercial application is the way to change 
world economical balance in favor of Russia. It is 
difficult to say now what financial-economical group 
of modern Russia is most interested in development of 
this direction of science. The purpose of any financial- 
economical group is power on the market of energy 
resources, but when the free energy technologies are 
developing, then people and industrial or agricultural 
producers will be more independent from centralized 
system of energy and oil distribution, therefore, they 
will be more independent from influences of central 
authorities. 


From the point of view of serious business, there is only 
one real argument in favor of developments of any really 
new technology: it should lead to increase of profit and 
expansion of the market. In this sense, it is possible to 
compare the new energy technologies with beginning 
of the steam machine age or with appearance of electric 
machines and illumination. This means the super 
profits and serious fight with competitors. To develop 
this way any efforts of scientists are not sufficient work. 
It is necessary to join them with the efforts of large 
business structures, which are interested to create new 
market of energy and power engineering in parallel to 
present monopoly fuel-energy market or to develop 
commercial exploration of space by means of new 
propulsion principles. In particular, telecommunication 
space satellites and projects on colonization of space 
could be the nearest commercial directions of the new 
market. 
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Attachment 1 


Methods and devices to create power without 


external sources and reactionless motion systems 


3913004 October 14, 1975, Method and equipment 
to increase electric power, Robert Aleksander. 
49775608 December 4, 1990, Motor with switchable 
magnetic resistance, Harold Aspden. 

5288336 Converters of heat into electricity, Harold 
Aspden, see also patents 5,065,085 and 5,101,632 
4622510 November 11, 1986, Parametric electric 
machine, Ferdinand Kap. 

2912244 1959, Gravitational System, Ottis Karr. 
4006401 February 1, 1977, Electromagnetic 
generator, V. Rivas 

3811058, 3879622 Motors with permanent 
magnets. 

1835721 December 8, 1931, Motor with permanent 
magnets, A. Povel. 

1963213 June 19, 1934, Magnetic motor, G. Pose. 
1859643 May 24, 1932, Motor with permanent 
magnets, G.L. Worsington. 

1859764 May 24, 1932, Magnetic device, 
G. Baugon. 

2982261 Mac Klintok’s Air motor. 

4595843 June 17, 1986, Transformer of rotation 
magnetic flux, Robert Del Vechio. 

4567407 January 28, 1986, Motor - alternator, John 
Eklin. 

3368141 January 6, 1968, Transformer in 
combination with permanent magnets, K. Garon. 
3890548 June 17, 1975, Motor with pulsing 
capacitor discharge, Edwin Gray. 

4595852 June 17, 1986, Electrostatic generator, 
Robert Gandlach. 

4831299 May 16, 1989, Homopolar generator of 
alternating current, Enakishy Khasaka. 

4249096 February 3, 1981, Electric dynamo, 
Barbara Nikoks. 

3610971 October 5, 1971, Electromotive generator 
of electric field, Williams Couper. 

4897592 January 30, 1990, System producing 
power from energy of electrostatic field, Williams 
Hyde. 

4151431 April 24, 1979, Motor with permanent 
magnets, Hovard Johnson. 


4806834 February 21, 1989, Electric circuit of 
inductive conductors, transformers and motors, 
Erl Kening. 

3374376 March 19, 1968, Electric generator, 
Raymond Kromry. 

3977191 August 31, 1976, Power source, Robert 
Brett. 

3670494, Method of converting of atomic energy 
in kinetic energy. 

4709323 November 24, 1987, Converter of parallel 
resonance, Charles Lien. 

5146395 September 8, 1992, Power source using 
two accumulating circuits, Richard Mac Kee. 
4210859 June 1, 1980, Inductive device with two 
orthogonal windings, Paul Meretsky. 

4500827 February 19, 1985, Linear electric 
generator, Thomas Merit. 

4904926 February 27, 1990, Electric generator of 
magnetic motion, Mario Patsishinsky. 

4945273 July 1990, High effective electric machine, 
Josef Pinkertone. 

4883977 November 28, 1989, Converter of magnetic 
power, Dennis Regan. 

4077001 Electromagnetic converter, Frank 
Richardson. 

5018180 May 21, 1991, Conversion of energy, 
Kennet Shoulders. 

4652771 March 24, 1987, Transformer, Theodore 
Speach. 

477 2816 September 20, 1988, Conversion of 
energy, Jefry Spens. 

4748311 May 31, 1988, Inverter, Fridrikh-Verner 
Thomas. 

International patent HO2K 31/00, 39/00 dated June 
24 1982, Closed part of unipolar machine, Adam 
Trombly. 

4687947 August 18, 1987, Electric circuit for 
conserving of power, Melvin Kobb. 

4772775 September 20, 1988, Generation of plasma 
flux in electric arc, Sam Lich. 

The USA patents 5416391 and 5449989, Paulo 
Correa. 

4432098 and 4429280, Transmission of information 
by means of magnetic vector potential, Raynolds 
Gelinas. 

Great Britain, #547668, January 30 (September 7) 
1942, Motor with permanent magnets, Stenly 
Hichkok. 

Great Britain, application # 2282708A, Motor with 
permanent magnets, Robert Adams, Harold 
Aspden. 

4394230 USA patent, July 19, 1983, Henry K. 
Pukharich. 

2251775 Great Britain patent, April 20, 1994, 
Thermoelectric conversion, Harold Aspden. 
5288336 USA patent, Thermoelectric conversion, 
Harold Aspden. 


The USA patents on electrogravitation 


1363037 Goddard, December 21, 1920; 
2004352 Simon, June 11, 1935; 


New Energy Technologies, Issue #2 March - April 2003 27] 


2210918 Karlovitz, August 13, 1940; 

2588427 Stringfield, March 11, 1952; 

2231877 Bennet, 18 February, 1941; 

2279586 Bennet, 14 April, 1942; 

2305500 Slayter, December 15, 1942. 

English patent 300,311 August 15, 1927, Townsend 
Braun. 

French patent 1003484 November 1951, 
Electrogravitation; 

3187206 June 1, 1965, Electrokinetic equipment, 
Townsend Brown. 

3022430 February 20, 1962, Electrokinetic 
generator, Townsend Brown. 

3018394 January 23, 1962, Electrokinetic converter, 
Townsend Brown. 

2949550 August 16, 1960, Electrokinetic 
equipment, Townsend Brown. 

1974483 September 25, 1934, Electrostatic motor, 
Townsend Brown. 


Attachment 2 
Organizations 


Faraday Lab Ltd, Lev Tolstoy Str. 7, 
St. Petersburg, 197376, Russia. 

The Russian Physics Society, 141002, 
Moscow reg., Mytishy, B. Sharapovskaya str. 3. 
Fax 095-2926511 

Academy for Future Sciences, PO. Box FE, Los 
Gatos, CA 95031, USA. 

AERI, Advanced Energy Research Institute, 14 
Devonshire Mews West, London W1N 1Fp, Great 
Britain. 

ADAS, Association of Distinguished American 
Scientists, RO. Box 1472, Huntsville, AL 35807, USA. 

Borderland Sciences Research Foundation, 
PRO. Box 429, Garberville, CA 95440-0429, USA. 

Center for Action, PO. Box 472, HCR 31, Sandy 
Valley, NT 89019, USA. 

Electrodynamics Gravity, Inc., 35 W. Tallmadge 
Ave., Akron, Ohio 44310, USA. 

Fusion Information Center, PO. Box 58639, Salt 
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Introduction 


Nowadays there are appear more and more attempts 
to disclose new methods of obtaining energy from the 
ambient space, i.e. from heat, electromagnetic, 
gravitational fields, physical vacuum, aether, etc. (See, 
for example, publications in New Energy Technologies 
[1-3]). The publications demonstrate that researchers 
meet various incompletely investigated physical 
processes. These scientific areas are difficult to be 
investigated. All this makes obstacles for development 
of works on creation of new energy sources. In this 
work there is made an attempt to demonstrate 
general properties of energy sources of any physical 
nature. This attempt is based on a general analysis 
of properties of matter. A theory of transformers is 
used to investigate general properties of matter. 


Action of all physical, technical and biological systems 
is expressed in energy transformation. Numerous 
theories based on particular (specific for some system) 
methods are applied for description of these systems. 
However, if the number of degrees of freedom and of 
elements inside a system increases then many theories 
are not able to describe operation of the systems. First 
these problems appeared in electrical engineering, 
radio engineering, automation and acoustics. The 
theory of transformers is applied to these fields of 
science. The theory represents a complicated system 
as a “black box” having several inputs and outputs. 
Operation of the numerous elements occurring inside 
the box is represented as some equivalent functions 
reduced to the inputs and outputs. 


In the last decades methods of solution of mechanical 
dynamic tasks by the method of complex resistances 
are developed as well as representation of elements 
as linear transformers [11] and finite elements in liquid [14]. 
This tendency can be applied to the mechanics of 
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liquids and gases. Now there are successfully 
developed those concepts which assume observation 
of models having very few degrees of freedom to be 
enough for analyzing processes in hydrodynamic 
systems [10]. However, a mathematical apparatus for 
description of transformers operation which is well- 
developed in these areas of science and engineering 
has a special view and is applicable only for these 
scientific areas. 


Academician A.A. Harkevich developed a theory of a 
linear transformer up to the level of the general theory 
of transformers which is applicable for transformation 
of any types of energy [24]. The general theory of 
transformers proposed by A. A. Harkevich is applicable 
for description of various energy sources, flying and 
swimming objects, functioning of different animals’ 
organs, and technological processes. In this work some 
general properties of matter and energy sources are 
investigated, according to the general theory of 
transformers. 


General theory of energy 
transformer 


The whole ambient space, from the microworld to the 
macroworld, is filled with energy. According to different 
theories, space is represented as a compact medium 
(i.e. having distributed parameters) or a medium 
consisting of a limited number of discrete elements (i.e. 
having concentrated parameters). On the analogy of 
hydrodynamics [10, 14] the compact medium can be 
represented as an equivalent system with a limited 
number of degrees of freedom. Hence, the whole space 
can be represented as some system consisting of 
elements and communications between the elements 
with a limited number of degrees of freedom. Energy 
exchange occurs due to the degrees of freedom. Energy 
transmission occurs if energy gradient is presented in 
the ambient space. Due to the energy gradient a force 
tends to realize transmission in the space [4]. The 
elements can be systems as well. 


Hence, the more we observe dividing the elements on 
the systems and the systems on the elements the more 
we will penetrate into the microworld (i.e. atoms, 
elementary particles, physical vacuum, aether, etc.). 
The more we combine the elements in the systems, 
and the systems in the new larger systems the more 
we observe the macroworld (the Solar System, galaxies 
etc.). All the systems and the elements are 
interconnected. The systems and their elements are 
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transformers of energy. Energy motion occurs in the 
smallest part of space. Consequently, the whole space 
can be represented as a system consisting of the energy 
transformers. In the general case due to every type of 
energy limits of a transformer consist of outer limits 
(i.e. communications with the macroworld) and inner 
limits (i.e. communications with the microworld). 
Dividing into the macroworld and the microworld 
occurs in relation to the size of a transformer for every 
type of energy. Types of energy coming through 
communications of a transformer and inside it may 
differ, i.e. mechanical, heating, electromagnetic, 
chemical and other known and unknown types of 
energy. 


The processes in which a great number of interacting 
elements and different types of energy participate are 
very complicated and do not allow describe the 
processes accurately by modern mathematical 
methods. Hence, there is a problem to find such 
methods of solution of the tasks which without 
disclosing all the communications inside the element 
can give the understanding of the way an element 
moves in the system. The following premises can be 
made for the method of solution of the task of a system 
and its elements’ motion: 


1. Motion of all the elements in the space is 
characterized by energy exchange occurring among 
them; 

2. We are interested in a certain limited area for 
every individual type of energy. The chosen limited area 
will be called as a transformer; 


3. The transformer has degrees of freedom both on 
its limits (sides) and inside it (inner degrees of freedom); 
4, Further this limited area (the transformer) which 


has or is able to have a limited number of degrees of 
freedom (sides) at its limit will be observed; 

5. Interaction between this transformer and the 
ambient space occurs only through these degrees of 
freedom (sides) by means of energy exchange; 

6. Motion of energy between the elements of the 
transformer occurs according to its degrees of freedom 
inside the transformer. There can be a limited or 
unlimited number of degrees of freedom. 

7. All the space is full of the transformers. All the 
transformers adjoin each other without gaps. Energy 
exchange between the transformers occurs through 
their sides which do not have a size but reflect general 
kinematical and dynamic characteristics of the energy 
transferred through these sides. 


Editor: The full variant of the article includes 
mathematical description of operation of energy 
transformers which is followed by these conclusions: 


- There can be any number of different types of 
elements having a corresponding number of degrees 
of freedom and any type of energy inside the 
transformer. However, on every side of the transformer 
a generalized force has the same value and depends 
only on change of energy according to this degree of 
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freedom. Therefore, two transformers are considered 
to be equal if the generalized forces (energy changes) 
on all the sides are equal. In this case it is not 
necessary for the inner structure of the transformer, 
number of inner degrees of freedom, and energy types 
of these two transformers to be equal. This is a 
principle of equivalency of transformers at the 
equivalency of the forces acting at the sides of 
transformers. 


- In the general case the generalized force at any 
side depends not only on energy exchange occurring 
at this side but on energy exchange occurring among 
the sides or at other sides of the transformer. The 
generalized forces are produced by energy 
distribution in the space. 

- A transformer is characterized by the fact that 
there are different types of energy at its different input 
sides (or the energy can be of the same type but 
having other characteristics of motion). 


Resistances of the interaction provide information 
about physical properties of the transformer, in 
particular, about physical interaction between the 
sides. At that a number of inner degrees of freedom 
in this transformer as well as the reactions at the other 
sides do not play any role. Proper resistances of the 
sides and resistances of the interaction provide 
information about inner physical characteristics of the 
transformer reduced to equivalent values at the sides. 
Hence, it is possible to have two transformers having 
equal equivalent resistances of interaction for all the 
sides. However, according to their geometrical and 
constructional characteristics and types of energy, the 
transformers will be different. The resistances may 
be a function of kinematical characteristics 
(a nonlinear transformer) or of time (a parametrical 
transformer). Moreover, it can have constant values 
(a linear transformer). 


It is appropriate to consider physical properties of 
matter included in the volume of a transformer only 
due to resistances at the sides of the transformer. 


Structure of the transformer 


Every inner degree of freedom can be represented as a 
series circuit. By analogy with electric circuits [6, 7, 
11, 16-18] the transformer can consist of various 
circuits. An unlimited number of degrees of freedom 
allows represent a transformer consisting of an 
unlimited number of chains. The circuits have series, 
parallel, or mixed junctions. A part of a circuit whose 
elements have the same generalized displacement is 
called as a branch. The branch can consist of one or 
several elements. A place where three or more 
branches are joined is called as a multiple junction. A 
circuit is considered to be a closed path including 
several branches and multiple junctions. All the 
elements of a chain connected in series have equal 
generalized displacement (as well as equal speed and 
acceleration). The generalized force acting on the 


whole circuit is equal to the sum of forces acting on 
the elements of the series circuit. 


The elements connected in series can be replaced by 
one element in such a way that the generalized 
displacement and the summary generalized force would 
not change. In the case of a parallel connection all the 
branches of the circuit are joined to the same pare of 
multiple junctions and are under influence of the same 
generalized force. Parallel circuits can be replaced by 
series equivalent circuit and vice versa [6, 7, 11, 17, 18]. 
Hence, a number of inner degrees of freedom and a 
quantity of chains may be decreased as well as 
increased. In this case resistances occurring on all the 
sides will be constant. 


Structure of the linear 
transformer 


The simplest transformer is a one-side transformer 
having one inner degree of freedom... 


If to the input of the transformer we deliver generalized 
displacement (or force) which depends on time as a pure 
sinusoidal signal then the linear transformer will have 
sinusoidal reaction of the same frequency. For the 
sinusoidal signal with fixed frequency the linear 
transformer (including a transformer having an 
unlimited number of inner degrees of freedom) can be 
represented as an equivalent transformer reduced to this 
input as one chain. An equivalent transformer placing 
at this input at other fixed frequency of sinusoidal 
disturbance will be represented as a chain having one 
degree of freedom but different values of chain elements. 


If the signal at the input of the transformer is of 
complicated time-periodical form then it can be 
decomposed to Fourier series. Every harmonics of the 
Fourier series will produce its own chain. The general 
complicated signal will produce the complex chain 
consisting of compound sum of elementary series 
chains. This complicated chain consists of elementary 
chains interconnected in series or in parallel and 
combined in multiple junctions and circuits. The 
construction principles of this complicated chain can 
be based on methods of identification and synthesis 
which are well developed in electrical engineering, 
automation for linear and non-linear transformers [9, 12, 
13]. These principles are formally useful for transformers 
which transform energy of any physical nature. 
Identification produces so much elementary chains as 
the number of inner degrees of freedom. Every 
elementary chain reflects motion by one inner degree 
of freedom. Physical analogy occurring among motions 
of different nature is actual here [11, 16, 18]. Values of 
the generalized masses, elasticities, dissipative and 
active elements can depend on kinematical variables 
(non-linear chains), on time (parametrical chains), or 
they can be constant (linear chains). 


If a series circuit includes mass and elasticity then it 
will have resonant frequency. At this frequency 


reaction of mass and elasticity will be absent in the 
summary reaction. It is equal to the fact that we will 
know nothing about the value of mass (and elasticity) 
and, moreover, about its presence at all. The mass 
can have huge value, but it will be absent for us. 
Hence, if we assume a transformer as an atom then 
the atom may include elementary chains having huge 
masses (much more than the mass of the Earth), but 
we will not know about it until we apply such 
frequency to the input which explicates this mass. 


Any energy transformer including a transformer with 
distributed parameters can be represented as a 
system of elementary series and parallel chains 
connected in a certain way. A concrete transformer 
can have various types of these connections. All of 
them can be included into another combination of 
connections that is accompanied by change of values 
of masses, elasticities, dissipative and active 
elements. However, in this case equivalency of 
reaction should be fulfilled at a certain diapason of 
frequencies on all the sides of the transformer. 


There is a special spectrum of resonant frequencies 
for every combination of connections of the 
transformer. There will be an unlimited number of 
degrees of freedom and, hence, an unlimited number 
of resonances for the transformer with distributed 
parameters (for example, an elastic nail, a 
compressible fluid having a limited size). Our 
influence on the transformer usually has a certain 
diapason of frequencies. As the result of a limited 
diapason of excitation frequency the transformer will 
represent a system having a limited number of inner 
freedom, even if the transformer has distributed 
parameters. 


Values of equivalent elements depend on oscillation 
frequency. Moreover, according to known laws, 
several parallel circuits can be transformed into a 
series one and vice versa. Taking it into account the 
following conclusions can be made: 


1. The generalized mass, elasticity and dissipative 
elements do not have constant values in nature. Their 
value depends on frequency of the process, i.e. they 
depend on the character of time-change of the 
disturbance acting on the transformer. 

2. The generalized mass, elasticity and dissipative 
elements are products of time-space change of energy. 


Types of energy transformers 


Transformers can be nonlinear, parametrical and 
linear. The transformer can be active (having an 
internal source) and passive (having an external 
source). The passive transformer can never be an 
energy source (by definition). A transformer can 
accept or transform one type of energy 
(monoenergetic transformers) or several types of 
energy (polyenergetic transformers). The 
polyenergetic transformer includes a mechanism and 
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corresponding elements and chains which allow 
transform one type of energy into another one. 
Fundamentally, all the transformers are polyenergetic 
transformers of energy, however many of them can be 
represented as monoenergetic ones since other types 
of energy participate weakly in them. Designing a 
transformer it is more convenient to put the energy 
source out the transformer. Let us further classify the 
passive transformers. 


The passive transformers can belong to the 
following types: 


1. Simple transformers 


In this case energy is produced at the output due to 
transformation of energy coming to the inputs into 
energy of another type or having other characteristics. 
The following transformation can serve as the example. 


An electric transformer: resistance of one value comes 
to the input, and the resistance of another value comes 
from the output (a type of energy is the same). 


A furnace for combustion of fuel: energy of chemical 
connections comes to the input and heating energy 
comes from the output (energy of radiation may be 
neglected). 


A Wind Generator, Hydroelectric Power Station: kinetic 
energy of moving air or water comes to the input, and 
electric energy comes from the output. 


2. Energy intensifiers 


In this case a transformer intensifies energy coming to 
one of the inputs due to energy coming to the other 
inputs (or to the other input). Below there is an example 
for a monoenergetic transformer. Energy (an electric 
signal having certain parameters) comes to the input 
of a transformer, and the output energy has the same 
characteristics but it is more intensive. It can occur 
due to electric energy coming to the other input of the 
transformer. 


A heat pump represents an example for a polyenergetic 
transformer. Low potential heat energy of the ambient 
space (air, water, ground) comes to the input of the 
heat pump, and electric energy from a power network 
comes to the other input. The output heat energy has 
value which is equal to the sum of the coming heat 
energy of the ambient space and electric energy 
coming from the power network through the electric 
engine of the compressor. The output heat energy 
excesses energy coming from the power network by 
several times. The output energy is always lower than 
the sum of the low potential heat energy and the 
electric energy coming to the input. Hence, the output 
of a heat pump is always less than unit. 


Efficiency of the heat pump consists in the fact that a 
consumer pays for electric power produced by power 
network only (use of the low potential heat of the 
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ambient space is free). However, the output heat 
energy is several times more than the energy which 
can be produced by the electric power coming to the 
input. 


3. Active oscillator 


An active oscillator is a device of a certain type. Energy 
of time-constant characteristics comes to its input, and 
at output there is energy of time-periodical 
characteristics. Energy with time-periodical 
characteristics can come to the input as well since 
these characteristics are not connected with the time- 
periodical characteristics of the output energy. The 
transformer can operate in a mode of an active 
oscillator if it has the following features: 


1. Indirect connection as a series circuit: one of the 
outputs is connected to an additional transformer 
whose output is connected to one of the inputs of the 
transformer. The additional transformer provides 
certain changes of the input signal (time delay). 

2. Energy comes to the input (it can be time- 
constant or time-periodical). 

3. The transformer must have a certain type of non- 
linearity. 


Examples of the active oscillator 


Internal combustion engine: the indirect connection is 
the system of combustion, the non-linear element is 
the system of admission and exhaust valves, and the 
energy source is energy of chemical connections of fuel. 


Various electric generators: all of them have the indirect 
connection, the non-linear element, and the energy 
source. 


The active oscillators differ from the electrical 
intensifiers qualitatively. The difference consists in the 
fact that the active oscillator can operate and receive 
energy from the ambient space without additional 
energy coming to it (from a power network, for 
example). 


Theorists and experimenters try to create a self- 
supporting self-organizing system in their works on 
creation of alternative sources. This fundamentally 
correct tendency requires using theory of active 
oscillators. There is the developed theory in electrical 
engineering, automation, and other scientific fields [25]. 
To simplify application of these theories it is necessary 
to use analogy between equal processes which take 
place in different physical fields. 


4, Rectifiers 


Time-periodical energy comes to the input of the 
transformer. The output energy has time-constant or 
practically time-constant characteristics. If the 
transformer has a non-linear element or elements of a 
certain type (a diode or a one-sided valve) then it can 


operate in the mode of a rectifier. The examples are 
electrical rectifiers and pumps of a valve type. 


Properties of energy transformers 
General properties: 


1. A transformer can transform energy of one type 
as well as transform one type of energy into another 
type. 

2. The generalized kinetic, potential and 
dissipative energies are specific peculiarities of energy 
change in the space and time. 

3. The generalized masses, elasticities and 
dissipative elements are products of energy change in 
space and time. 

4. Values of the generalized masses, elasticities 
and dissipative elements (existing inside the 
transformer as well as reduced to the equivalent values 
on the sides of it) depend on a temporal character of 
changes of kinematical or dynamic disturbances. 
Values of the generalized masses and elasticities at 
the sides of the transformer are lower than the 
corresponding values inside the transformer. 


5. Energy interchange between macrostructures 
and microstructures can occur through a transformer. 
6. One area of space can “know” about another 


area of space through energy exchange only, i.e. 
through generalized dynamic and kinematical 
interactions. In the light of the fact that chains of 
different transformers can have similar physical 
properties (for example, an equal resonant structure) 
interference of these transformers seems to be possible 
including interference occurring at a great distance. 


Properties of the passive monoenergetic transformer: 


1. Transformation of characteristics of the same 
energy type. 
2. The output energy can be both equal or lower 


than the sum of energies coming to all the inputs. The 
sum of the output energies decreases due to dissipative 
losses occurring inside the transformer. 


Properties of the passive polyenergetic transformer: 


1. One energy type coming to an input can be 
transformed into another energy type coming from the 
output. 

2. The sum of energies of all the outputs can be equal 
to the sum of energies of all the inputs or less than it. The 
sum of the output energies decreases due to dissipative 
losses occurring inside the transformer. The output will 
always be lower than unit. If the energy coming from 
certain of the outputs (within the limits of one output) is 
considered as a positive effect then the output will be 
less than the mentioned value. 

3. Energy of one and the same type comes to the input 
and from the output while other energy types can come 
from other outputs. This property can allow increase one 
type of energy coming from an output at the expense of 
the other types of energy coming to the inputs. 


Analysis 


This article is aimed to provide general properties of 
the energy transformers and to analyze some 
problems of creation of renewed energy sources, 
according to these properties. There are made various 
attempts to design a renewed energy source which 
would produce energy without fuel consumption. In 
the light of the above mentioned results, the 
researches on creation of the renewed energy source 
may be represented by the following way. Energy can 
be produced from the macrostructures and the 
microstructures. 


In the case of the macrostructure, energy can be 
produced by a simple transformer, an electric intensifier 
or an active oscillator. Methods of production of energy 
from the ambient space by means of simple 
transformers (thermoelectric and hydroelectric power 
stations, wind generators, etc.) are developed 
sufficiently by the humankind. Works on producing 
energy from the ambient space by means of energy 
intensifiers are on its initial stage. Heat pumps, which 
utilize low potential heat energy by means of Freon- 
compressor heat pumps, are successfully introduced. 
One of the perspective approaches is replacing such a 
heat pump by a vortex oscillating heat pump which 
does not contain Freon and a compressor [3, 5, 19, 22]. 
In future it will be possible to replace the energetic 
pump by a new energy transformer of the type of an 
active oscillator. In this case the energy source will 
always obtain energy from the ambient space without 
using additional energy from a power network. Energy 
sources of the type of the active oscillator are internal 
and external combustion engines, stream engines, etc. 


In the general case a transformer can contain different 
energy types and has communications with outer 
microstructures. It should be noted that the outer 
microstructures can be included in the geometrical 
size of the transformer. Energy of this microstructure 
can be huge; hence, this energy can be obtained from 
them for a very long period of time. Atomic reactors 
can serve as an example for this fact. The types of 
energy in these microstructures can be represented 
by known types (electromagnetic energy, nuclear 
energy) and unknown types (whose numerous 
quantity can be considered). These energy types exist 
in the ambient space. However, almost all the 
transformers of energy produced by a human (except 
the nuclear reactors) do not interact with the energies, 
and we do not obtain energy from these 
microstructures. 


The task of creation of a new energy source consists 
in designing such an energy transformer which could 
obtain energy from the microstructures and transform 
it into the type of energy which is needed to a 
consumer. In this case all the designed transformers 
will not have over unit output. Efficiency of these 
transformers will be defined by the cost of the energy 
produced by them. This energy depends on a ratio of 
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energy coming to one of the inputs (electric power) 
(for example, in heat pumps) to the output energy. If 
the output energy is much more than the artificial 
energy which comes to one of the inputs then this 
transformer can be very useful for a consumer. 


New high effective energy sources are often claimed 
to be created. According to the observed facts, 
existence of such sources is practically possible. 
Nevertheless, realization of this source will depend on 
our knowledge of physics of the microstructures and 
methods of transformation of energy of the 
microstructures into such type of energy which can be 
used by a consumer. Physics of microstructures is 
investigated badly, and many types of energy are 
totally unknown. Therefore, modern scientists try to 
create the new energy sources at random. In this case 
the following results can be achieved: 


1. The high effectiveness of an energy source (over 
unit output) does not correspond to reality. 
2. The output energy of the energy source is 


actually higher than the input energy (the source of 
the energy intensifier type). 

3. The energy source actually produces energy 
without artificial input energy (the source of the active 
oscillator type). It can occur if an inventor failed to 
recognize the source of energy coming from the 
microstructures. It can be connected with particular 
or total lack of exploration of physics of the 
microstructures. Moreover, the fact is caused by 
transcendent difficulty of disclosing energy sources 
from the macrostructures. 


Conclusions 


It is principally possible to create an energy source 
whose output energy would be higher than its input 
energy (an energy intensifier) or an energy source 
which would produce energy without additional input 
energy (an active oscillator). 


1. Various energy sources or transformers of energy 
of the macrostructures and microstructures can be 
designed. 

2. Practical value of the energy source is defined 
according to cost of its output energy instead of the 
output value. 

3. Designing new energy sources it is useful to 
consider them from the point of view of transformers. 
It is worth to define all the communications of the 
transformer and to state experimentally energy at all 
the accessible communications of the transformer. 

4. Developing theories of sources it is expedient to 
use physical analogy and to take into account ready 
results of works on theories of transformers, chains, 
etc. of electrical engineering, radio engineering, 
automation and other scientific fields. 

5. In the light of the fact that it is planned to obtain 
energy from the microstructures it is necessary to pay 
attention to new probable types of radiation and to 
their influence on a human. 
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Review 
by Olga Leontyeva, Editor 
http://www.faraday.ru 





Of late years the mankind has 
greatly advanced in space 
= exploration. New spaceships are 
F 4 3 created, automatic apparatus are 

launched to the planets of solar 
system, space stations are orbited. A man has passed 
to outer space and begun exploring the planets of solar 
system. More and more specialists and people of 
different professions are involved in the development 
of space industry. However to present day only a few 
of them has succeeded flying into space. 


At the present state of affairs space flight is very 
expensive and a serious reason should exist to forward 
a man into space if he or she does not relate to the 
aims of professional cosmonautics. However in last 
years there has appeared a certain breakthrough in the 
solving of the problem. Nowadays space technologies 
gradually turn from the sphere of experimental and 
scientific researches to the area of practical application. 
The time has come for a man to realize the real space 
flight without being the professional cosmonaut. 


What are the ways to solve the problem? No doubt that 
special attention should be paid to the development of 
new space technologies, search of new types of fuel 
and attraction of investments to the sphere of space 
tourism. 


April 28, 2001 can be considered as official date of birth 
of space tourism, when there was launched the space 
ship “Soyuz TM-32” with the first space tourist aboard. 
Almost in a year, on April 25, 2002 the space tourist 
#2 South African Republic person Mark Shattlword 
started on his space journey. 


Today many companies give the opportunity to make 
a real space flight for all comers who have enough 
money and health. It is promised the providing of the 
most modern space technologies and the most perfect 
space equipment. It can be created a furor by the 
“Minimum program” of the Russian company “Atlas 
Aerospace” which is made by the members of 
Yu.A. Gagarin Center of training of cosmonauts. 


In recent years at the international market there appear 
more and more companies which deal with search and 
encouragement of inventors who work on creation of 


alternative propulsion systems. Activity of “X Prize 
Foundation” company can be considered as an 
example. 


The X PRIZE Foundation 


722-A Spirit of St. Louis Blvd 
St. Louis, Mo. 63005 
Tel: 636-519-9449, Fax: 314-533-6502 
http://www.xprize.org 
E-mail: press@xprize.org 


The X PRIZE is a $10,000,000 prize to jumpstart the 
space tourism industry through competition between 
the most talented entrepreneurs and rocket experts in 
the world. The $10 Million cash prize will be awarded 
to the first team that: 


- Privately finances, builds & launches a 
spaceship, able to carry three people to 100 kilometers 
(62.5 miles) 

- Returns safely to Earth 

- Repeats the launch with the same ship within 2 
weeks 


The X PRIZE competition follows in the footsteps of 
more than 100 aviation incentive prizes offered 
between 1905 and 1935 which created today’s 
multibillion dollar air transport industry. 


For more than 30 years, the general public has waited 
for an opportunity to enjoy the space frontier on a first- 
hand basis. The X PRIZE Foundation is working to make 
space travel possible for all. The spaceships that 
compete for the X PRIZE are designed to carry 
passengers. 


Since its inception in May 1996, the X PRIZE Foundation 
has registered more than 20 teams from seven countries 
to compete for the prize. The X PRIZE is fully funded 
through January 1, 2005, through private donations and 
backed by an insurance policy to guarantee that the 
$10 million is in place on the day that the prize is won. 
Additional funds are still being raised by the X PRIZE 
Foundation to implement the competition (judging, 
media, event management, etc.) and continue the 
Foundation’s education mission. 


The X PRIZE was inspired by the early aviation prizes 
of the 20th Century, primarily the spectacular trans- 
Atlantic flight of Charles Lindbergh in The Spirit of 
St. Louis which captured the US $25,000 (US$) Orteig 
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prize in 1927. Through a smaller, faster, better 
approach to aviation, Lindbergh and his financial 
supporters, The Spirit of St. Louis Organization, 
demonstrated that a small professional team could 
outperform a large, government-style effort. 


The Societal Benefits of the X PRIZE include: 


Creation of a new generation of heroes 

. Inspiring and educating students 

* Focusing public attention and investment 
capital on this new business frontier 

y Challenging explorers and rocket scientists 


around the world; and, 

* Vehicles built for the X PRIZE will eventually 
serve four different industries: 

- Space Tourism 

- Low-cost satellite launching 

- Same-day package delivery 

- Rapid point-to-point passenger travel. 


In Fig. 1 it is demonstrated the typical X Prize trajectory. 
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Editor: Below we publish photos and brief 
comments about some official X PRIZE registrant 
teams. More detailed information you can find at 
http://www.xprize.org/imagefacts/photo1.html. 


The Da Vinci Progect 


http://www.davinciproject.com 





Fig. 2 
“Wild fire” 


The da Vinci Project will launch its spacecraft 
(“Wild Fire”) from the world’s largest helium 
balloon. The 3,270 kg (7,200 pound) rocket will be 
tethered 720 meters (2,400 feet) below the balloon 
and lifted over the course of an hour to an altitude of 
80,000 feet. The 10,000 pound thrust, liquid oxygen, 
kerosene engines will fire the first stage and the rocket 
will fly an initial angular trajectory to clear the balloon. 
The spacecraft then will transition to vertical flight 
to its apogee of 120 km in space. The rocket will reach 
a maximum speed on both its ascent and re-entry of 
Mach 4, or 4,250 kph (2,650 mph). 


An innovative ballute will protect and stabilize the 
rocket on re-entry. A flyable parachute will be 
deployed at 25,000 feet and the rocket will descend 
under control, guided by GPS, to a predetermined 
landing zone. The da Vinci Project has already 
successfully conducted full-scale rocket motor test 
and has built a full-scale mockup of their vehicle. 


“Discraft” corporation 
http://www .xprize.org/teams/teams.html 


John Bloomer, the team leader, is an aerospace 
engineer and he has worked on many aerospace 
progects, including Apollo and holds more than 60 
patents on a disc plattorm aircraft. Bloomer’s ship 
utilizes “Blastwave” Pulsejets. 


Flight Sequence 


Fixed, 7850-ft?-area, laminar-flow wing take-off at 
about 60 mph within about 150 ft, featuring climb with 
gradual air-breathing acceleration (according to a 
fixed program) at fixed angles, to exit the atmosphere 
at Mach 10 on an unpowered ballistic arc to reach 75- 
mi. altitude: return on down-leg of same unpowered 
arc to gradual power-on flare-out re-entry of the 
atmosphere in simple reverse sequence of the take- 
off velocity profile. Range above 100,000 ft is about 
480 mi. which is covered in about 5 minutes. 


“Kelly Space & Technology” 


http://www.kellyspace.com 


= 





Fig. 3 
“LB-X" 


The vehicle is a rocket-powered delta wing glider with 
a liquid oxygen and kerosene liquid rocket engine. 
The spacecraft is prepared and fueled at the takeoff 
airport. The spacecraft is towed to release altitude 
behind a conventional jet powered aircraft such as 
Boeing 747 aircraft. Upon release from the tow aircraft, 
the main engine is throttled up for boost phase. The 
vehicle nominally coasts to an apogee altitude of 
100 kilometers. The vehicle then glides to a landing 
at the takeoff airport for checkout and refueling prior 
to the next flight. 


Flight Sequence 


The lifting body will be towed to launch altitude 
behind another aircraft, and the rockets will be 
ignited. The craft will return to the landing site and 
make an unpowered, horizontal landing. 


“Lone Star Space Access” 


http://www.dynamicar.com 


The Cosmos Mariner employs air-breathing jet 
propulsion for take-off and landing from conventional 


airports and rocket propulsion for ascent from cruise 
flight in the stratosphere to 30 or 40 nautical miles 
altitude. From there, the vehicle coasts to a target 
altitude of around 65 nautical miles. The air frame is 
designed to interface with two jet engines (turbofan 
or turbojet) each with 20,000-lbs static thrust or less. 
For rocket propulsion, the Cosmos Mariner will use 
the Aerojet AJ26-NK31A, a staged-combustion 
kerosene engine. The vehicle is designed to take off 
and land from conventional runways. 





Fig. 4 
“Cosmos Mariner” 


Along with X Prize Foundation it should be mentioned 
ALLTRA Company (Germany). ALLTRA consists of a 
small group of space experts. The main objective of 
ALLTRA is to ‘sell’ the space idea to a broad public 
and to identify future commercial opportunities in the 
Space sector. 


On the official ALLTRA website http://www.alltra.de 
you can find collection of artist’s views of the projects 
which are aimed at decrease in space ships value by 
means of using of new types of engines. Besides the 
Company deals with the development of space hotel 
projects. 


JNET 


New Energy Technologies 
collection of articles 
Japanese Version 


Collection of articles from New Energy 
Technologies magazine, 2001-2002 is published 
in Japan. 


On purchasing of the book, please, contact 


Eiichi Yamamoto, 
President Yama Trans Co. Ltd. 


Email: admin@yamatrans.co.jp or 
eyama@yamatrans.co.jp 
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Alternative Aircrafis and 
Space Propulsion Systems 


Editor: Nowadays all over the world there are made numerous attempts to create new types of aircrafts and alternative 
space propulsion systems. Below we publish the review of some interesting devices which are presented in the 
modern market. 


to ride on the fan also provides a fast stream of air 


73 ” 
Ar bor tech Pty.Ltd exiting from the rear of the craft to provide forward 
thrust — just like a hovercraft. To help provide better 
http://www.airboard.com.au acceleration the Airboard also includes a unique 


friction drive wheel at the rear. When the rider wishes 
to accelerate forward, weight transfer is used to bring 
the friction drive into contact with the ground. By 
engaging the friction drive clutch the Airboard can 
be accelerated forward without losing the feel of 
hovering above the ground. The control of the 
Airboard is provided by weight transfer of the rider, 
similar to surfboards, skate boards and snow boards. 
In operation the Airboard can be started, stopped and 
steered in a controlled manner and this means that 
riders can perform stunts, trick maneuvers and race 
around tight tracks against each other. In this unique 
way the Airboard is the first ever vehicle to deliver 
the advantages of hovercraft vehicle without the 
disadvantages of proof acceleration and handling. 


“Trek Aerospace, Inc.” 


http://www.solotrek.com 





Fig. 1 
Airboard 2000 


General Technical Specifications 


Total payload, including rider — 100 kg (220 lb) 
Operating time — 1 hour on full tank of fuel 
Construction — Fiber glass/High-impact plastic shell, 
Aluminum frame, Rubber skirt 

Starting — Electric key-start, Battery included 
Engine — Briggs & Stratton 4-stroke 

Fuel tank capacity — 5 litre (1.3 US gal) 

Fuel type — 85 Octane unleaded 





How does it work? 


Airboard uses Hovercraft air cushion principles to 
glide just above the ground. The air cushion is 
generated from a purpose designed engine and fan 
which are suspended below the Airboard shell. In 
addition to providing an air cushion for the Airboard 
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Fig. 2 


Trek Aerospace 


Preliminary Specifications and Predicted 


Performance 
Normal Gross Take Off Weight 800 Lbs. 
Fuel (15 U.S. Gallons) 98 Lbs. 
Mission Payload, net of fuel 352 Lbs. 
Takeoff/Landing Distance 0 (VTOL) 
Maximum Speed 70 Mph 
Range 120+ Miles 
Hover/Loiter Endurance 2+ Hours 
Engine Type Advanced 


Int. Combustion 
Heavy-Fuel or 
Gasoline 


Fuel Requirements 


Special Features: 100% fly-by-wire control system with 
electronic stability augmentation; Intuitive, easy to fly 
safely; Minimal field service requirements; Rugged, 
efficient power train. 


DM AeroSafe 


http://dmaerosafe.freeservers.com 


yi 


Mt £4 


¥ 





Fig. 3 


EAGLE vertical take-off and landing 
aerial rescue platform 


DM AeroSafe is a small research and development 
team, which has developed a totally new high-rise 
rescue technology to retrieve trapped people from 
areas which cannot be reached by conventional aerial 
ladder, conventional helicopter or a helicopter 
equipped with a Heli-Basket. 


This technology could give rise to a new class of air 
transportation means, used for safe close-in 
maneuvering around tall structures, even inside the 
highly populated areas. 


Eagle Aerial Rescue Platform’s Performance 
Summary 


Dimensions: 


Length - 42 feet (12.8 m) 
Width - 42 feet (12.8 m) 
Height - 16 feet (4.8 m) 


Weights: 


Max. Gross weight - 5000 pounds (2268 kg) 
Payload (Crew of two plus 10 rescued people) - about 
2000 pounds (about 900 kg). 


Propulsion System: 


Four (4) variable collective pitch Ducted Propellers 
Propeller Diameter - 7.8 feet (2.4 m) 

Engines - four (4) four-cylinder radial piston aero 
engines with forced air cooling system 250 hp each 
(1000 hp total) 


Performance: 


Max. Duration - about 5 hours without refueling 
Max. Airspeed - 40 knots (75 km/h) 

Max. operating altitude - about 7000 feet (about 
2200 m). 


“LTAS/CAMBOT, Inc.” 


http://www.lvcm.com 
Passenger Craft “Ltas 30-Xb” 


The ships have rigid monocoque hulls, hybrid 
powered vectored thrust control and full active 
buoyancy control. (LTAS US Patent Pending). 


This small 2-3 person craft at 70 to 80 feet in diameter 
will demonstrate ALL production systems and is 
designed for the LTAS FAA Type Certification 
program. 


NASA’s Langley Research 
Center 


http://science.nasa.gov 


NASA researchers are studying insects and birds, and 
using “smart” materials with uncanny properties to 
develop new and mind-boggling aircraft designs. 


The “personal aircraft” that replaces the beloved 
automobile in people’s garages may still lie in the 
realm of science fiction or Saturday-morning cartoons, 
but researchers at NASA's Langley Research Center 
(LaRC) are developing exotic technologies that could 
bring a personal “air-car” closer to reality. 
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Fig. 4 


And air-cars are just the beginning! Self-healing 
wings that flex and react like living organisms, 
versatile bombers that double as agile jet fighters, 
and swarms of tiny unmanned aircraft are just a few 
of the science-fiction-like possibilities that these next- 
generation technologies could make feasible in the 
decades ahead. 


Laser Beam Flight 


Lightcraft Technologies, Inc. (LTD 


http://www .lightcrafttechnologies.com 


Lightcraft Technologies, Inc. is a new company 
committed to providing low-cost access to space 
through the use of beamed energy propulsion. (See 
color photos on the cover page). 





Fig. 1 


In 2000 at the High Energy Laser Systems Test Facility 
(HELSTF), Lightcraft Technologies, Inc. (LTI) set anew 
world’s altitude record of 233 feet (71 meters) for its 
4.8 inch (12.2 cm) diameter laser boosted rocket - ina 
flight lasting 12.7 seconds. 
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Although much of the flight was spent hovering at 
230+ feet, the Lightcraft sustained no damage and 
will fly again. Besides setting the new altitude record, 
the craft demonstrated the longest ever laser- 
powered free flight and the greatest “air time” (i.e., 
launch-to-landing/recovery). LTI launched a total of 
seven vertical flights between 8:30 am and 11:30 am 
with three Lightcraft weighing less than 1.8 ounces 
(51 grams). Two of the flights by Lightcraft #3 reached 
159 and 184 feet with the same propellant load! 


set a new world’s altitude record of 
233 feet! 


The record flights were powered by the 10 kW pulsed 
carbon dioxide laser named “PLVTS” by the 
organization that owns it: the Directorate for Applied 
Technology, Test and Simulation (DATTS). Even 
though PLVTS was suffering from an arcing or 
grounding problem that caused it to run erratically, 
the laser power was still adequate to propel the craft 
to record altitudes. 


What is a Lightcraft? 


A Lightcraft is a 1kg launch vehicle, made from high 
temperature ceramic materials, that flies into space on 
a megawatt laser beam. 





Fig. 2 


The Lightcraft is both a single-stage-to-orbit launch 
vehicle and a satellite. If you have any further 
questions or comments, write or call LTI headquarters 
in Bennington, VT. The company representatives would 
be delighted to send you more information, or answer 
any inquiries over the phone. 


How does it work? 


A ground based laser is the power source that propels 
the Lightcraft into orbit. Lightcraft can deliver payloads 
into space for a fraction of the cost of traditional rockets 
because most of the engine stays on the ground, 
thereby unburdening the craft from having to lift the 
energy source for its propulsion system. 





Fig. 3 


The back side of the craft is a large, highly polished 
parabolic mirror that is designed to capture the laser 
beam projected at it from the ground. The mirror 
focuses the beam, rapidly heating the air to 5 TIMES 
the temperature of the sun, creating a blast wave 
out the back that pushes the vehicle upward. As the 
beam is rapidly pulsed, the vehicle is continuously 
propelled forward, on its way to orbit. 


History of Lightcraft 
1987 — Prof. Leik Myrabo invents Lightcraft for SDIO. 


1997 — First successful wire-guided tests at WSMR. 
Solved flight stability difficulties, much like the Wright 
brothers did with the airplane. 


1997 — Lightcraft broke Goddard's 41 ft., 1926 first 
successful rocket flight - but this time with no on-board 
fuel. 


1998 — Record flight of 99 ft. with air breathing 
Lightcraft engine. 


1999 — Record flight of 128 ft. with first rocket 
Lightcraft engine. 


2000 — LTI sets new world record for highest flight 
(233 ft), longest flight time, and heaviest vehicle. 


How can LTI reduce launch costs? 


Conventional Launch — $175,000,000 
The Lightcraft — $46,000 


Chemical Rockets: 


- carry massive propulsion source on board 
- are expendable 

- extremely costly 

- prone to explosion due to fuel on board 


Laser Propulsion: 


- propulsion energy source remains on the ground! 

- Lightcraft are inexpensive to manufacture and 
extremely light weight 

- highly reusable power source is never subjected to 
the risks of flight 


Lightcraft Technologies, Inc. 


1914 Walloomsac Rd. 
Bennington, VT 05201 
Office: 802-447-6275 
FAX: 802-447-8216 
E-mail: tmyrabo@lightcrafttechnologies.com 


Alternative space 
propulsion systems 
Star Drive 


Mark R. Tomion, USA 
http://www.stardrivedevice.com 


Re: U.S. Patent 6,404,089 for the Electrodynamic 
Field Generator, (EDF), 


issued June 11, 2002 to Mark R. Tomion. 


The ‘official’ name of the “StarDrive device”, per the 
U.S. Patent and international PCT Applications, is 
Electrodynamic Field Generator. The EDF Generator 
uses banks of permanent magnets and rotating Field 
Coils to produce a very-high DC rotor voltage, and 
plane-parallel ring electrode arrays to electrostatically 
expand and control that voltage as applied to the hull, 
so that huge quantities of external Field electrons may 
be accelerated to energy levels that are usually 
reached only with a particle accelerator! It’s 
somewhat like a glorified arc welder whose output is 
deliberately shorted to its own housing, and the DC 
voltage and current across the emitter and collector 
housing sections can be thermionically increased to 
values that are generally observed only in lightning: 
but the Field’s current density is limited to a value 
which falls short of damaging the hull! 
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Fig. 1 
StarDrive device hull & electrodynamic 
Field configuration 


As depicted above (Fig. 1), electrons circulating in the 
external Field envelope can achieve an impact velocity 
at the central collector sections which is very nearly 
that of light, and applied magnetic fields allow broad 
modulation of the Drive Field current’s properties. The 


negative hull section 


pozitive zone i. pozitive zone sector 


Primary Arrays shown in the generalized schematic 
diagram below (Fig. 2) have control grids which allow 
an arc resistance imbalance to be imparted to the 
otherwise symmetrical Field current, so that they 
render the two relativistic current impulses variably 
non-isometric: thereby yielding thrust that is 
essentially reactionless! And the simple DC Primary 
Power System, like the early Faraday disk dynamo, is 
wholly rotor-based . . . 


Note: It can be seen that the propulsive thrust 
developed by a StarDrive vessel is essentially brute- 
force in nature — it’s produced simply by means ofa 
controlled variable imbalance in the continuous 
physical impact of the two external hemitoroidal 
electron current streams with the collectors! If these 
two Field currents were of equal magnitude, no net 
force would be developed. However, if the “lower” 
current stream is stronger than the “upper”, the vessel 
will be propelled away from the stronger current — in 
the “upward” direction. Since there’s no ‘backward’ 
exhaust produced in the process, this type of thrust 
is truly and demonstrably reactionless in nature. 


negative hull section 
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Fig. 2 
Generalized schematic of rotor & dual induction ring assemblies 


Needless to say, tremendous quantities of heat are 
produced in the StarDrive device's electron “targets” 
or collector housing sections, and liquid sodium must 
be pumped through each Primary Array’s ceramic 
resistor network as a coolant. However, this excess 
heat in ground-based units may be used in the 
commercial generation of electric power and 
desalinization of seawater. 








In fact, because an intense arc discharge field has 
the unique capacity to absorb vast quantities of 
quantum background energy, the EDF Generator is 
so efficient that the latter task may become truly 
cost-effective for the first time! And not only will 
large over-unity StarDrive Dynamo units be able to 
produce electric power at 60 to 720 MW output 
levels, they'll be able to do so for many years before 
the permanent magnet banks must be 
remagnetized!! The only truly external input energy 
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required in the interim is that necessary to initially 
bring the rotor up to speed... 
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Fig. 3 
A denumbered version of Fig. 1 
from the EDF Generator Patent 


Those of you who find this advanced technological 
prospect for the 21st century as exciting and 
fascinating as we do should consider making the 


inventor’s book StarDrive Engineering a valuable 
addition to your personal or reference library. 


A Layman’s Description 
of the StarDrive Device 


Nearly anyone who endeavors to gain an initial 
understanding of the Electrodynamic Field Generator, 
even a scientist or engineer, is likely to ask for a concise 
layman’s explanation of “how it works”. This isn’t 
easily accomplished, for this device represents an 
unorthodox and multidisciplinary technology. However, 
the overview provided below will discuss the operative 
characteristics of the machine’s simplified electric 
power generation variant in what is hoped to be the 
most direct manner possible. In this case, when people 
ask the question above, what they generally mean is: 
“By what means is over-unity operation achieved in a 
‘StarDrive’ Dynamo?”. It is assumed here that the 
reader has not only already become acquainted with 
certain basic aspects of the design, but also 
understands that over-unity operation is an absolute 
prerequisite for any viable system of light-speed 
interstellar propulsion. 


By way of further background, the formative 
mechanical design basis of the EDF Generator is of 
course the original Faraday disk dynamo. For whatever 
reason, no one seems to have bothered trying to 
develop this simple machine into a more sophisticated 
and patentable form before now. The principal 
limitation of Faraday’s disk dynamo in its original form 
was that, when one or more permanent magnets were 
used to pass flux directly through the plane of a solid 
conductive rotor, a rather high-loss heavy current at 
very low voltage was produced. The first design 
improvement was therefore to use rotor-mounted toroid 
field coils in order to generate a much higher-voltage 
primary current, and to segment the rotor to reduce 
“eddy current” losses. Also, the toroid coil 
configuration absolutely minimizes Lenz losses, or the 
magnetic “drag” that is experienced by any 
conventional generator’s rotor. 


To eliminate the use of brushes, it was necessary to 
apply traditional vacuum tube design and operating 
principles. Fortunately, most of the original patent work 
in this field has passed into the public domain, so 
incorporating certain aspects of that work into the EDF 
Generator presented no impediment to its 
patentability. By using plane-parallel electrode arrays 
instead of brushes to charge the rotor, it is possible to 
limit that portion of the induced rotor current which 
passes through the field coils to a very low level — 
effectively isolating them from the actual output circuit. 
More importantly, however, it then becomes possible 
to thermoelectrically charge the Generator’s housing 
itself in such a way that it carries the device’s full 
output circuit current instead! 


The reason for this unorthodox design parameter is that 
it was desired to actually incorporate a standing 


electric arc field into the output circuit, to take 
advantage of the electron’s inherent ability to absorb 
quantum background energy [including zero point 
energy, if and as necessary]. As a result of a thorough 
study of lightning, the inventor of the StarDrive device 
reasoned that the electrons comprising any naturally- 
occurring bolt of lightning had to recover (or absorb) 
an amount of ambient photonic energy equal to that 
which they expended in transit — in order to satisfy 
the conservation of energy principle. In such a case, 
it is not necessary that “we” do the work of moving 
charge against a potential gradient; the work may be 
done by the charge itself in being attracted along the 
potential gradient (or voltage level). 


And since it is known from the field of welding that it 
takes less energy to sustain an arc than it does to 
initiate it, it therefore becomes possible to create an 
electrical circuit that outputs more energy than it 
requires as input. This is exactly what the EDF 
Generator does — by incorporating a standing arc field 
in its output circuit. Using the StarDrive device as our 
mechanism, “we” only provide the work-energy 
required to establish and maintain the external field’s 
potential gradient, by initiating rotor rotation and 
bringing the thermoelectric elements up to 
temperature. The electrons in the electrodynamic field 
do all the rest... 


Further Notes from the Inventor 


In conjunction with one of our StarDrive Generator 
prototype project funding proposals, we are presently 
working on an interim proof-of-concept experiment 
for our proposed 24 kW air-cooled EDF Generator 
prototype. This full-scale mock-up of the 30"-dia. 
Generator’s rotor and dual induction ring assemblies 
is intended to demonstrate the fundamental design 
principal discussed at the close of the Technical 
Overview (linked to our website’s Method of 
Operation Summary page), whereby the voltage 
electrostatically induced on the rotor anode rings 
which power each Primary Array should be roughly 
one-third (1/3) of the Field Coil voltage (because of 
the capacitive dual induction ring geometry of the 
Primary Power System). For safety reasons, the Field 
voltage in all air-cooled StarDrive Generators will be 
limited by design to 850 VDC, and to 1,400 VDC in the 
larger liquid-cooled StarDrive Dynamos. 


The experiment will also assist greatly in the 
derivation of remaining production model 
specifications, and will in fact incorporate 
production-quality rotor segments and electrode 
rings. Should this proof-of-concept experiment be 
successful, not only will the ability of our over-unity 
24kW Generator prototype to deliver large-scale DC 
output that’s compatible with standard AC 
inverters (for utility grid distribution or off-grid 
conventional use) be virtually assured, but a major 
milestone incentive in our existing funding 
proposals will have been fulfilled as well. Further 
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updates like those below will be forthcoming on the 
News page of http://www.stardrivedevice.com. 





01/28/03 - International Patent Filings Secured!: We 
are very pleased to report that we were successful in 
our efforts to secure numerous international (PCT) 
Patent Application filings for the Electrodynamic Field 
Generator by the final deadline of January 21, 2003! 
These important filings were effected in Australia, 
Canada, the People’s Republic of China, the European 
Union (including France, Germany, Italy, Spain, and 
the United Kingdom), India, Japan, Mexico, the 
Russian Federation, and South Africa. 


The securing of these key Patent Application filings 
adds immeasurable value to our StarDrive 
Engineering Project overall, as it will greatly protect 
and enhance our investors’ upside global market 
potential (assuming, of course, that our 24kW 
StarDrive Generator prototype is successful)! Be sure 
to check back from time to time for further updates as 
we proceed into the development phase of the Project. 


11/07/02 - Academic Reference: Those of you kind 
visitors to our website who would like to have the 
benefit of an informed and unbiased academic opinion 
regarding the Electrodynamic Field Generator are 
welcome to contact John J. Tulip, Ph.D., Exec. Vice- 
Pres. of American International University. This 
consideration also applies of course to those parties 
who may be interested in securing a direct 
participation in our forthcoming EDF Generator 
Prototype Project. Dr. Tulip has not only expressed 
much-appreciated support of our efforts to introduce 
this important new technology, but has also had the 
opportunity to review our technical manual StarDrive 
Engineering. You may contact Dr. Tulip via e-mail at 
TulipJJ@aiuniversity.edu although we ask that you 
expect him to field serious and respectful inquiries 
only. Should you desire to speak with him by 
telephone, please be assured that he will endeavor 
to return your call whenever circumstances permit if 
you provide him with the proper phone number. 








10/07/02 - Joint Venture Agreement Announced!: 
Mark Tomion, founder and president of Archer 
Enterprises and inventor of the recently-patented 
Electrodynamic Field Generator, is very pleased 
to announce that he has signed a Joint Venture 
Agreement with Affirm Technology Partners of 
Carlsbad, California to build a working prototype 
of his over-unity ‘StarDrive’ device’s electric 
power output variant. The co-developers are 
planning to commence construction of a small air- 
cooled StarDrive Generator unit with a projected 
output rating of 24kW and a housing diameter of 
only 30 inches, at a total weight of under 50 lbs., 
before the end of November 2002. 


Should this exciting project be successful, it would 
represent an historic milestone in the development 
of over-unity electric power generation technology. 
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Not only is this small prototype EDF Generator 
expected to demonstrate a minimum Coefficient of 
Performance in excess of 20:1, but the design employed 
is completely linearly-scalable in a very broad range 
of sizes that would include liquid-cooled StarDrive 
Dynamo units with output ratings of up to 1 gigawatt! 
The most remarkable feature of these large Dynamo 
units is that an amount of recoverable thermal energy 
comparable to their respective electrical outputs will 
be made available for desalinating seawater, or for 
use in centralized municipal and industrial hydronic 
heating systems. And this capability would make the 
large-scale desalinization or distillation of water truly 
cost-effective for perhaps the first time ever. 


Interested parties are welcome to contact Mr. Tomion 


at office@stardrivedevice.com (585-526-6817) for 
further information. 
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> Prospects of Hydrogen Energetics . > 


Ph.M. Kanarev, Russia 
E-mail: kanphil@mail.kuban.ru 


Hydrogen is the only pollution free and inexhaustible energy carrier. But the implementation of such attractive 
properties of hydrogen is restrained by large expenses of energy for its production from water. Modern level of 
knowledge gives the opportunity to reduce these expenses [1], [2], [3]. 


It is known that a gram-atom is equal numerically to atomic mass of the substance, and a gram-molecule is equal 
numerically to molecular mass of the substance. For example, the hydrogen gram-molecule in the water molecule 
is equal to 2 grams, and the oxygen gram-atom is equal to 16 grams. The gram-molecule of water is equal to 
18 grams. As the mass of hydrogen in the water molecule is 2x100/18=11.11% and the mass of oxygen atom is 
16x100/18=88.89%, the ratio between quantity of hydrogen and oxygen is preserved in one litre of water as well. 
It means that 1000 grams of one litre of water contain 111.11 grams of hydrogen and 888.89 grams of oxygen. 


One litre of hydrogen has mass of 0.09 grams, one litre of molecular oxygen has mass of 1.47 grams. It means that 
from one litre of water it possible to produce 111.11/0.09=1234.44 litres of hydrogen and 888.89/1.47=604.69 
litres of oxygen. Thus, one gram of water contains 1.23 litres of hydrogen [1]. 


Now energy consumption for production of 1000 litres of hydrogen from water is 4 kWh and of one litre - 4 Wh. As 
it is possible to produce 1.234 litres of hydrogen, then 1.234x4=4.94 Wh are spent for production of one gram of 
water now. 

Instruments and Equipment Used for the Experiment 
A special experimental low current electrolyzer, a voltmeter of the highest accuracy (accuracy class 0.2, GOST 
8711-78), an ammeter of the highest class of accuracy (accuracy class 0.2, GOST 871160), a balance with value of 


a division of 0.10 grams and 0.010 grams, and a stopwatch with value of a division of 0.1s. 


Experimental Results 


1 - duration of electrolyzer operation connected to the supply line, in 6 cycles t, min 6x5=30.0 


2 — readings of voltmeter V, volts 13.6 
3 -— ammeter readings I, amperes 0.02 


4 — power consumption (P=VxIxt/60), Wh 0.136 


x55 =330.0 
P6-solutionmasschangemgrams Ci‘ ‘CN™SC#C#C#C#d’:SCOC#OAA:SC@*’ 
0102x6=0-12 
0.530 


9 — power consumption per gram of water converted into gases P’=P/m”, Wh/grams of water 0.425 


10 — existing power consumption per gram of water converted into gases P”, Wh/grams of water 


11 - reduction of power consumption for hydrogen production from water, K=P”’/P’, times 11.62 


12- quantity of released hydrogen, AM =0.320x1.23x0.09=0.035, grams 0.035 
13 -— power content of hydrogen being produced (E=0.035x142/3,6)=1.397, Wh 1.397 


14 —- energy efficacy of water electrolysis process (Ex100/P), % 1027 





Note: Gas output is clearly observed during many hours after the electrolyzer is disconnected from the electricity supply. 
Conclusion 
Low ampere water electrolysis is a way for production of inexpensive hydrogen from water and hydrogen energetics. 
References 
1. Ph.M. Kanarev. The Foundation of Physchemistry of the Micro World. Krasnodar, 2002. 320 pages 


2. http://book.Kanarev.innoplaza.net 
3. hppt://www.n-t.org/tp/ns/if.htm. 
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Heater Producing Healthy Effect 





A. Belyaeva, L. Savelyeva, O. Bondarenko, Kirghizia 


http://www.leteco.h1.ru 
Email: leteco@mail.ru 


Nowadays problems of rational use of resources 
including energy resources are very important. Lack 
of energy-efficient technologies causes consumption 
of great amount of electric power, coal, and mineral 
oil. From another hand, in the XXI century one of the 
main approaches of human society development is 
turned to healthy life-style and development of 
ecologically appropriate technologies. Hence, basic 
direction of heating systems development should 
correspond to, at the least, two requirements, i.e. 
effectiveness (energy-saving) and ecological 
appropriation (ecological functioning). Moreover, it 
is necessary to take into account additional 
requirements for modern works: 


- Relatively low prime cost of the systems; 

- Minimal operating costs; 

- Availability of a system of temperature mode 
control; 

- Use of domestically produced materials for the 
systems. 


The aim of the work is creation of a universal electric 
device of natural ecologically appropriate materials. 
The device should maintain relative air humidity of 
natural atmosphere in a quarter, make its ecology 
healthier, meet all the listed requirements, and 
represent new generation energy-saving system 
designed for heating of industrial and domestic areas 
according to features of technical solution. 


A.L. Belyaeva is the author of this work. The 
invention of this heating device was acknowledged 
as the best invention of Kirghiz Republic of the last 
two years. A.L. Belyaeva was called as a laureate of 
a competition of “The Best Inventing in Kirghiz 
Republic in 2001-2002”. 


Solving this problem the author based on work 
experience existing in the area of semi-conductors 
production. Actually, the model was worked out in 
the common area of electric engineering and 
industrial crystals growing. Using of knowledge and 
skills of the both areas made creation of this device 
possible. 


It should be noted that initially the invention of the 
heating device, which is discussed here, was 
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connected with necessity to improve microclimate 
and air atmosphere in a semi-conductor shop since 
the industrial process required optimal conditions. 
Hence, the device was observed as an element of 
the industrial process. However, soon other positive 
characteristics of the device were disclosed, i.e. 
when it was installed in a quarter all visible mould 
disappeared. Laboratory investigations stated that 
the operating device annihilated all pathogenic 
microflora. This rediscovered feature allowed using 
the device both in domestic and industrial area. After 
series of following laboratory investigations and 
bench tests construction of the device was changed 
and improved that allowed prepare it for line 
production. 


Ceramic electroconvector: 
general characteristics 


The working name of the final version of the model is 
Ceramic Electroconvector TY 2971-006-22997241-2002. 
Ceramic Electroconvector is an industrial and domestic 
electric heater of direct stationary action. It has high 
effective heat emission and satisfies ecological, sanitary, 
medical, and fire-prevention requirements. 


At the same time it should be mentioned that by 
several characteristics this electroconvector differs 
from other known models of electroconvectors as 
well as from other existent heaters. It may be 
observed as a representative of an independent, 
specially created group of heating devices. 


One of the main characteristics of the 
electroconvector is presence of constructive heating 
carbonic elements made of ecologically appropriate 
natural non-metal materials. Essentially, the 
electroconvector construction does not contain metal 
(the only metal part of the device is its supporting 
construction). 


Production of heat of physiologically comfort zone 
requires 0.3 kW/h energy consumption which is 
3-10 times less than energy consumption of known 
models of heating engineering. The Ceramic 
Electroconvector influences positively on ecology of 
a room. Room heating occurs better and more softly 


as conducting carbonic elements can be heated 
maximally up to 100° C. As a result oxygen is not 
burnt, and air is not overdried in a room. Achieved 
minimization of metal content in the constructive 
elements of the device increases the level of 
ecological compatibility both of electroconvector 
constructions and operation. 


The device accumulates no static electricity, 
neutralizes harmful magnetic field generated by 
alternating current in the conducting element (it is 
typical for all the other electrical household 
appliances). Therefore, the additional positive effect 
is produced and higher ecological characteristics of 
functioning of this electroconvector are confirmed. 


Insulating strength of ceramics prevents electrical 
shock accidents. Ecological compatibility of the 
electroconvector is provided by materials of the 
construction. The base of the device is a studied 
natural silicate fiber which has quantitative and 
qualitative content of useful chemical elements 
which are the closest ones to the group of medical 
adsorbents listed in a medical encyclopedia. The 
ceramics is adjusted to emit electromagnetic waves 
only in infra-red spectrum. 


The electroconvector produces heat waves in the 
average IR spectrum (8.4-8.6 mkm) which is 
maximally approximated to the diapason of heat 
waves generated by a human (9.37 mkm). It 
annihilates humidity of buildings independently of 
outer space humidity. At the same time it neither 
burns oxygen nor overdries air. 


Healthy effect is produced by all the constructive 
elements made of ecologically appropriate natural 
materials. Electric power is transformed into heat 
emission by conducting elements. This process 
causes a mode of generation of a continuous heat 
spectrum of radiation. The heat radiation is similar 
to heat spectrum of radiation generated by a human. 
At the same time, this feature together with resonant 
oscillations of the crystal lattice of the ceramic 
cylinders produces a destroying effect on pathogenic 
and conditionally pathogenic microorganisms. 


From the point of view of room ecology the proved 
healthy effect of the operating electroconvector becomes 
very significant. The effect considers continuous 
presence of a human in the room, i.e. risk of pathogen 
infection through respiration objectively decreases. 


Application of the ceramic electroconvector is 
especially actual in patient care institutions and 
children’s institutions, in special precision industries 
and space technologies. It can also be used in saunas 
with dry vapor. 


The ceramic electroconvector is designed for 
unsupervised continuous work. 


Structure of the electroconvector 
producing the healthy effect 


Shortcomings of known electric heaters are: great 
electric power consumption (0.75-3.0 kW/h), big 
number of metal details, complex technical 
performance, and use of a necessary additional 
blower as a ventilator. Big number of metal details 
decreases ecological compatibility and productivity 
of the heaters. The listed devices have to use high 
temperatures on heat-release surfaces for warming 
up rooms up to the level of physiological comfort. 
This causes increase of energy consumption. 
Moreover, using of metal heating elements influences 
on air and relative humidity in the room. According 
to available data, no existent electroconvectors have 
healthy influence on ecology of a room. 


The represented ceramic electroconvector contains 
a carrying frame with horizontal boards which have 
convective gaps. The carrying frame has heat-release 
monolithic hollow ceramic cylinders whose walls 
contain longitudinal through holes. Heating carbonic 
conducting elements and de-energized carbonic rods 
are built in the through holes. The heating 
conducting elements are connected in parallel-series 
circuit at the output of the cylinders with it’s ends 
placed into insulating supports of the carrying frame. 


Constructive heating elements are the main 
differences of the device. All the heat generating 
constructive elements, i.e. conducting and de- 
energized heating elements, as well as heat-release 
surfaces of ceramic cylinders have contiguous 
spectra of infra-red radiation. 


Energy-efficient effect 


The electric scheme of connection of the conducting 
elements provides different modes of work of the 
device. According to these modes, energy 
consumption is in the interval of 0.05-0.3 kW/h. The 
mode of 0.05 kW/h is calculated on a supporting level 
of warming-up of a room. Maximal energy 
consumption (0.3 kW/h) corresponds to the superior 
limit of the temperature mode of heating of working 
heat-release surfaces of the ceramic cylinders. In this 
case temperature of the heat generating elements, 
i.e. de-energized carbonic rods and conducting 
carbonic elements) lies in the limit of max 100°C. This 
produces a significant potential resource of electric 
strength and of durability of the used elements. The 
de-energized carbonic rods function as heat 
accumulators at switching on and switching off the 
device. Heating the conductors the de-energized 
rods accumulate heat through the ceramic walls of 
the cylinder till their temperature becomes equal to 
the temperature of the conducting elements. 
Appearing electromagnetic resonance between the 
conductors and the de-energized carbonic rods 
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intensifies infra-red radiation of the ceramic wall. 
Accumulative heat potential of the de-energized 
carbonic rods allows maintain uniform radial heating 
of the heat-release ceramic surface of the cylinder 
without decreasing energy consumption. In this case 
additional conducting elements of infra-red radiation 
become unnecessary. 





The heating efficiency of the ceramic electroconvector 
was estimated by independent experts. Surface 
density of the radiation flow was calculated by 
formula of Stefan-Boizmann distribution law. Taking 
into account heating of the cylinders’ surfaces up to 
70° C this value came to 727 W/m?. Total heat 
generated by the electroconvector per hour comes 
to 600 kcal or 698 W at the total area of the radiation 
surfaces of 0.96 m? (on the basis of 1 kcal=1.163 W/h 
according to [1]). The electroconvector consumes 
300 W/h and produces 698 W/h. That is to say that it 
effectively transforms electric energy into heat energy. 
Operational modes of the electroconvector are based 
on analysis of the heating effect produced by different 
devices, i.e. a tube metal heater (TMH) having a 
conducting metal element of Nichrom, a ceramic 
cylinder having a Nichrom conducting element, and 
a ceramic cylinder having a conducting element of 
carbonic ribbon. The carbonic ribbon produces high 
heating efficiency. Temperature on the surface of the 
ceramic frame is up to 80° C and temperature on the 
conducting element is 100° C. Hence, the device 


equipped with the conducting element of the carbonic 
ribbon does not produce excessive heat radiation. 


The electroconvector consumes 300 W/h 
and produces 698 W/h. 


After one-year operation of the preproduction models 
in a private school it was noticed that number of 
respiratory illnesses and influenza among the pupils 
slumped, condition of skin became better, attacks of 
bronchial asthma among the teachers stopped, and 
allergic itch left the patients who suffered from allergy. 
A side effect was that flowers began to grow better, 
and those which had not blossomed began to blossom 
at least. Obviously, a combination takes place there: 
air cleaning of microorganisms, humidity 
normalization, warming comfort, and influence of 
pyramidal ceramic structures on water vapors which 
are transported by warm blasts. 


Applied Know How 


Ambient air in rooms is a complex substance 
including various chemical compounds, ions, dust 
parts, water vapors, infectious and potentially 
infectious microflora, etc. The electroconvector is 
represented by a ceramic hardphase crystal structure. 
Cold air blast moves close to the ceramic surface. It 
meets combined oscillation of crystal microlevel 
structures of ceramics. Filtering electromagnetic 
screen appears that breaks shell of pathogens and 
potential pathogens. It is a performance of sanitation 
properties. Atmospheric water contacts with 
structures of ceramics, then it is cleaned and 
structured. After that water cleans air which is 
breathed in by a human. Hence, the organism 
becomes healthier. It is a performance of the healthy 
effect. A clean room warmed uniformly improves 
human's health. 


Main Performance Attributes of 
the Ceramic Electroconvector Producing Healthy Effect 


Nominal required power 
Voltage of the feeding network 
Frequency of alternating current 


Temperature of the conducting element in operation mode 
Temperature of the heat-release surface of the cylinder 


Surface density of radiation flow 

Quantity of radiated heat 

Class of protection 

General area of heat-release surfaces of the cylinders 
Sizes 

Weight 

Durability 


0.05-0.3 kWt/h 
220+ 22 V 

50 Hz 
50...110° C 
39...90° C 

727 Wt/m? 

600 kcal/h 

1 

9600 cm? 

410 x 400 x 75 mm 
18-21 kg 

30 years 


The ceramic electroconvector is designed as a floor construction for repetition work. 


References 
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About the author 


After graduating from Polytechnic 
University of Frunze_ city 
Alexandra L. Belyaeva (1953) 
participated in launching of 
semiconductor production. She was 
given a rank of Perfect Inventor and 
Rationalyzer for invention and 
rationalization action. In 1987 her 
invention named Method of 
Production of Monosilicon Seed 
Crystals was introduced into manufacture, according 
to close copyright of USSR. Since that year this 
introduction has allowed grow monosilicon having 
better semiconductor properties. She was given a rank 
of Inventor of USSR for the invention. 





Alexandra L. Belyaeva has acknowledged and given a 
rank of Inventor of Kirghiz Republic. Since 1994 in 
collaboration with Russian specialists of ceramics she 
has been dealing with organization of ceramic 
productions in Kirghizstan. Here are the inventions by 
Belyaeva: Method of Production of Seed Crystals and 
Its Variants (Patent #42 KG), Ceramic Mass for 
Insulators’ Production (Patent #43 KG), Ceramic Mass 
Having Heat-Radiating Properties (Patent #464 KG). 


In 1992 Belyaeva was rewarded with a Silver medal of 
VDNH (Exhibition of Achievements of National 
Economy, Moscow) for development of technologies for 
production of constructive nitride-cadmium items of 
semiconductor wastes. 


Her Method of Production of Nonexpendable Seed 
Crystals is at introduction stage. The seed 
monocrystals produced by the new method will allow 
grow ribbon monocrystals having certain properties. 
It will be possible to produce items made of the 
monocrystals which will meet requirements of energy- 
saving and ecological appropriation. These devices 
represent non-aging powerful energy sources, various 
semiconductive devices with no inner microdeffects 
and with unlimited durability, structural water filters. 


Since 2002 she has been dealing with organization of 
production of ecologically appropriate industrial- 
domestic appliances causing healthy effect. The 
invention of Ceramic Electroconvector Producing 
Healthy Effect is now introduced. Energy-saving of the 
new ecologically appropriate electroconvector exceeds 
energy-saving of all the existent heating systems. 


Belyaeva is a laureate of competition of The Best 
Inventing in Kirghiz Republic in 2001-2002. 


Inertial Propulsion Device 


Vitaly E. Senkevich, Russia 


E-mail: hhhhha@mail.ru 


A body is at rest or moves linearly and uniformly 
until it is not influenced by an external force. 
(School course of physics) 


Forget everything that you were taught at school. 
(Arkady Raykin) 


This propulsion device consists of an engine and a 
body. The engine (see Fig.1) is remarkable for its 
movable stator (S) which can make free rotation as well 
as a rotor (R). When the engine starts the stator and 
the rotor begin to rotate in opposite directions. Thus 
the engine has two ends and one of them is connected 
to a flywheel (F). This flywheel begins accelerated 
rotation. 


A cross-beam (CB) is connected to the second end of 
the engine where a rotating momentum appears. Under 
the influence of this momentum the cross-beam presses 
down one of the supports placed on the body (for 
example, Sup.1). As a result a force which is 
compensated by acceleration of the flywheel (F) 
appears on the support. When the flywheel is 
accelerated up to certain speed a control system (CS) 
switches the windings of the engine to change the 
direction into the opposite one (reverse). At that the 
cross-beam also tends to turn to the other side and 
presses down the second support (Sup.2). Thus the 
cycle repeats. It should be noted that forces acting at 
the supports are codirected and they move the whole 
device. 





Fig.1 
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the engine where a rotating momentum appears. Under 
the influence of this momentum the cross-beam presses 
down one of the supports placed on the body (for 
example, Sup.1). As a result a force which is 
compensated by acceleration of the flywheel (F) 
appears on the support. When the flywheel is 
accelerated up to certain speed a control system (CS) 
switches the windings of the engine to change the 
direction into the opposite one (reverse). At that the 
cross-beam also tends to turn to the other side and 
presses down the second support (Sup.2). Thus the 
cycle repeats. It should be noted that forces acting at 
the supports are codirected and they move the whole 
device. 





Fig.1 
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Unlimited Accelerated Nonreactive Motion 


by G.P. Ivanov 


Information from http://tts.lt/~nara/ruspopul.htm 


Bias of centre of inertia of the closed system is a 
phenomenon exceeding the bounds of modern 
scientific conceptions. At the same time it is a way to 
the new marvelous world of earlier unknown laws and 
phenomena of nature. Researches made by G.P. Ivanov, 
Russia, have allowed him come to the following 
conclusion: it is a quite realizable task to create 
technical devices which can move under the action of 
nonreactive forces. However a purposeful scientific- 
research spade-work is required for the reliable 
registration of them by modern experimental facilities. 
According to the author during the whole XX century 
the known idea of latent impulse were misleading the 
scientists from the serious research of impulse-energy 
processes existing in systems at the presence of quasi- 
stationary electric and magnetic fields. According to 
G.P. Ivanov, it is related with the fact that the notion of 
“latent impulse” has nothing in common with the real 
momentum, since the very existence of “latent 
impulse” and “latent energy” which attends it, would 
make it impossible, for example, to adjust radio 
equipment since all effective capacitances change their 
value a hundred and thousand times as much (it 
depends on their orientation with respect to the 
magnetic field of the Earth). 


Fig. 1, 2 demonstrate the patented by G.P Ivanov 
method of realization of nonreactive motion (G.P Ivanov, 
Yu.G. Ivanov. Method for production of propulsion. 
Patent #2172865, M., 2001). Fig. 1 demonstrates a 
device which consists of magnetized core with the 
attached metal electrodes. 


© i 


—<—— ai 


Fig. 1 
The simplest “nonreactive” element 

















When alternating voltage is applied the device 
together with the center of inertia of the whole system 
(including power source and lead) will oscillate under 
the action of nonreactive force. It will move along the 
direction which is perpendicular to the vectors of 
electric and magnetic fields inside the core. 


On Fig. 2 there is an analogous device supplied with 
a cylinder core. Magnetization of the core is defined 
by current of the coil which is wound around it 
(see Fig.2). 
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Fig. 2 
Diagram of the device which can be in unlimited 
accelerated nonreactive motion 


Let us supply the electrodes of the device with such 
voltage which is enough to change field density in the 
core (for example, according to the law E = E,sino t), and 
the coil with voltage enough to change the 
magnetization (according to the law M = My cos@ t). 
Then nonreactive force which is constant in its direction 
will act on the device along the axis of the cylinder. The 
average of the force is F,= mE M,Vic’, where Ey, My 
are the amplitudes of density values of the electric field 
and amplitudes of the core magnetization, f is frequency, 
Vis core capacity. As a result the device can either move 
with acceleration or act against external forces. The 
researches allow the author to prove the validity of the 
following theorem: At motion of the open-loop system 
(device) the work made by nonreactive force could 
not be realized by means of decrease of energy of the 
proper (appurtenant to the system) power source. 
Where this energy comes from if there are no artificial 
power sources outside the device? However everywhere 
there is such form of matter as electrovacuum. It allows 
us come to a conclusion that nonreactive forces make 
work by means of decrease of electrovacuum energy. 


Existence of electrovacuum does not contradict to the 
modern physical picture of the world. On the contrary 
providing the realization of laws of momentum and 
energy conservation, this idea originates from and 
organically supplements it. The theory of electrovacuum 
opens quite realizable prospects in different fields of 
human activity which seem to be fantastic and 
impossible. It also proposes unusual ways to solve many 
problems which are considered as insoluble. For 
example, it becomes possible to create nonreactive 
cosmonautics and private aircrafts. Energetics will be 
changed beyond recognition since power sources which 
require no material fuel will occupy the place of big and 
small modern electric power stations. The analogous 
list could be continued. There are presented quite 
realizable prospects related to inexhaustible reserves 
which are hidden in the ambient space. 





Suresh Kumar Baliyan, India 


E-mail: suresh_baliyan@rediffmail.com 
suresh_baliyan@yahoo.com 


Electricity is one of the most wonderful inventions of 
the 18th century. It can be produced by various methods 
in which different types of energy are used such as 
mechanical or chemical energy. In this article we discuss 
a new type of methods in which electrostatic energy is 
used. 


In this method we use electrets as an energy source. 
Electrets are permanent polarized dielectric material 
which is made by cooling dielectric material in a high 
intensity electric field. When we place an electron in 
the electric field of a point charge, it is influenced by 
a force. If the direction of the force is such that the 
electron moves in a closed path then it represents a 
current in the opposite direction along the closed path. 
Here closed path means a metal wire loop in which 
the electron movement is responsible for the current. 


The charge of the electrets remains constant for many 
years (100) and there is no loss of energy because we 
use only the property of electrets that they apply force 
when a charge is placed in its electric field. Since here 
we create energy in the form of electric current then 
it violates the Law of conservation of energy. 


Let us discuss the method in three steps: 


1) Fundamental 

2) Equivalent circuit 

3) How we can use it as a potential source of 
electricity. 


1. When we put a metal rod in the electric field of 
a point negative charge then the electron is influenced 
by repulsion force which moves in arrow direction and 
the electric field is cut by putting an earthed metal 
plate from any direction. When we place four charges 
on the corner of the metal frame and shield the electric 
field in particular direction as shown in Fig.1 then the 
force on the electron which is placed in metal frame 
will be in the direction of arrow and this makes a loop. 
The force influencing on the electron will be 
continuous, so the current which moves in direction 
opposite to the electron movement will induced in the 
metal frame. 


2. The equivalent circuit of Fig.1 is shown in Fig2. 
It demonstrates that a ‘V’ volt battery and a resistance 
‘R’ can be replaced by an arm of the metal frame. The 
polarity of the battery is shown in Fig. 1. A current of 


magnitude (V/R) will be induced in the circuit by this 
method. 























Fig. 1a 



































Fig. 1b 




















Fig. 2 
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3. We can use another device as a potential source 
(see Fig3.). Let us take an electret and make a hole at 
the centre. A hollow thin walled metal cylinder is fitted 
in the hole and a metal frame is taken as shown in the 
Fig. 3. We can use this metal cylinder as an electric 
field shield which may affect the direction of the force 
influencing on the electron. We may use this device as 
a potential source of electricity which will give 
electricity until the charges on the electrets vanish. The 
charge on the electrets remains constant for many 
years. Thus we can create energy and the problem of 
energy shortage can be solved by this method forever. 
We are trying to make a prototype of this but due to 
lack of equipment facility we are not able to 
demonstrate a working model. However we are trying 
to modify it. 
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Russian scientists are preparing new application 
of energy of geothermal waters 


http://www.sciteclibrary.ru 


A way for economical use and utilization of energy of geothermal waters was found in the Institute of Geothermal 
Problems (Russian Academy of Sciences). The new technology can be applied for heating in different purposes, 
and can compete with the power engineering, which uses the conventional energy carriers. 


Geothermal springs are ideal for generating electricity by means of using of their permanent heat. This is especially 
important for Kamchatka, which is rich in these springs; however they are almost never used in mass power 
engineering, but only serve as an attraction for tourists, who admire beauty of Kamchatka geysers. At the same 
time the region itself freezes every year because of shortage of fuel for electric power stations. 


What prevents us from using the geothermal springs? 


The problem is that the storages of most of geothermal water fields have low and medium temperatures. This 
does not allow providing their competitiveness as regards conventional energy carriers. During tens of years this 
fact was an obstacle to the development of geothermal energy. 


A solution was found in the Institute of Geothermal Problems. It was brought out that at many exploited geothermal 
fields wellhead overpressure exceeds 5-10 MPa and more. These waters contain fair quantity of dissolved organic 
gases. The scientists have found out that methane content of these waters exceeds 90 %. And until now at 
exploitation of the fields these types of energy have not been properly utilized. 


The scientists of the Institute of Geothermal Problems have developed a technology of the optimum utilization of 
energy of geothermal waters and have increased the thermodynamic effect of the process. 


This aim was fulfilled by means of transmission of thermal energy of geothermal water through the intermediate 
heat exchangers to the secondary heat carrier. Chemical energy of dissolved gases was used as an additional 
source of energy. The transmission was held by the use of primary and secondary separators. The distinctive 
feature of their technology is that associated potential energy of geothermal water is used as an additional 
source of energy. Expander and compressor placed on the same shaft are used as potential energy converters. 
Gas-holder and gas control point are used for utilization of energy of dissolved gases. 


Thus on the bases of this technology geothermal energy can be effectively developed that will be competitive 
with fuel hydrocarbon energy. 
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Tilley Electric Vehicle 





Tilley Foundation, Inc. 


131 Hiwassee Road 
Lebanon, TN 37087 
http://www.tilleyfoundation.com 
E-mail: cktilley@bellsouth.net 


Editor: The advantages of electric vehicles were proved 
more than once. No fuel is required to set them in motion. 
Along with evident advantages of electric vehicles, such 
as their powerful characteristics and harmlessness for 
environment there is a side benefit, i.e. much less 
maintenance as compared with gasoline or diesel-fueled 
vehicles is required. Moreover it is easier to manufacture 
such vehicles. 


In the previous issues of New Energy Technologies 
Magazine we have already acquainted our readers with 
Tilley Electric Vehicle designed by Carl B. Tilley (USA). 
Below there is some up-to-date information and photos 
from the inventor. Besides we also publish an article 
devoted to the similar types of fuel-less motors. 


After several years of personal accomplishments in the 
alternative energy industry, Carl B. Tilley was 
convinced that it was possible to build an electric car 
that could be powered without the help of external 
power to keep the battery charged. 


The concept to produce a useful electric performance 
car that would last more than a few hours and would 
be economical to run, safe to drive around town or 
across the United States and never use a drop of fuel 
challenges the future of transportation as we know it 
today. 


With the establishment of the Tilley Foundation, Inc., 
in the year 2001, Carl Tilley set out to prove it could be 
done. It was an ambitious project and it broke ground 
on the facility in Tennessee that would build the first 
self generating electric car. 


..you have no need for fuel and you do not 
have to stop the vehicle to charge it after 
driving. 


Construction of a 1,800 square foot building, that was 
powered with another recently developed electric 
device, began in the year 2002. Electricity from the 
building built the car from a different energy invention, 
that was void of any outside power supply. It is ironic 
that one alternative energy device actually built the 
invention to power and build the electric car. 


From the selection of the proper car to be converted, to 
the advanced technology which is on board , the Tilley 
Electric Vehicle TEV performs comparably to gasoline 
powered vehicles. The difference is you have no need 
for fuel and you do not have to stop the vehicle to 
charge it after driving. There is no pollution and you 
can cruise the highways at the same speed as any other 
vehicle. 


The rear mounted electric motor provides over 130 SAE 
net horsepower at 5,500 rpm. It offers a 3 speed 
automatic transmission that is smooth shifting and 
totally silent running. All this is combined with rack 
and pinion steering and a 35/65 rear weight bias that 
enables fast, sensitive handling and needs no power 
assistance. 


.. battery system will be fully charged at all 
times while in use. 


It has 4 wheel disc braking for fast progressive, fade- 
free stopping. Counterbalanced gull-wing doors need 
only 14 inches of clearance. The rear sporty louvers 
are aerodynamic designed so that it almost eliminates 
any drag effect. All this with a stainless steel body 
makes for a great car. 


Control center for the battery bank only allows what 
is needed to keep the batteries charged while in 
operation no matter what the speed or discharge from 
the battery bank. Your battery system will be fully 
charged at all times while in use. Simply get in, start 
the car and drive like any other vehicle. 


A 1981 DeLorean was converted as the Tilley Electric 
Vehicle.Conversion of the car began in late June of 
2002. State of the art metal fabrication to construct 
support for the electric motor, battery bank, control 
center and the TEV device was completed in July of 
2002. 


Several tests were made to validate the TEV 
technology. One of the last tests was made on 
September 7, 2002. It has been demonstrated that 
after 17.3 miles driven on the Superspeedway at 
speeds ranging from 80MPH to 96MPH independent 
engineer certified batteries were full. 
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Assembly Pictures (see also the cover page) 


Photos by Robert Gaither 





Fig. 1 
Removing Gas Motor 
Fig. 4 
Fitting Parts 





Fig. 2 Fig. 5 





Fig. 3 Fig. 6 
Drive Motor Motor Mounted 
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Fig. 7 





Fig. 8 
About Ready 
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Fig. 9 
Special Wiring &Guages 





Fig. 10 
Car Unveiling 


Adrian Akau, USA 


E-mail: adrianakau@aol.com 


If the Tilley generator-motor should enter into the world 
market, some curious consequences may result, the 
most important being the transition of the Honda and 
Toyota hybrid cars into full fledged electrics. 


First of all, a comparison should be drawn between 
the Tilley and the two hybrid cars presently being sold, 
the Honda Civic and the Toyota Pirus should be made. 


The Honda Civic and the Toyota Pirus both use 
charging systems with a gasoline motor for better 
milage. The Tilley motor-generator is a stand-alone 
electric vehicle. The Honda motor-generator is just 


60mm thick and provides (10kW or 13hp). The Toyota 
Pirus has a 44hp unit (American Version) which feeds 
power into electric motors at the wheels. Both Honda 
and Toyota gasoline motors are off at 0 mph. Only the 
electric system is used until the power demand reaches 
10 kW; then the gasoline motor automatically kicks 
in. The Pirus is able to get higher milage in city driving 
than in country driving from the fact that the ratio of 
the power from the electric part to power to the 
gasoline part of the motor is greater at lower than at 
higher speeds, that is, less power is needed to run the 
car in city driving than in country driving because of 
the lower speeds and air resistance. 
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Pirus has a 44hp unit (American Version) which feeds 
power into electric motors at the wheels. Both Honda 
and Toyota gasoline motors are off at 0 mph. Only the 
electric system is used until the power demand reaches 
10 kW; then the gasoline motor automatically kicks 
in. The Pirus is able to get higher milage in city driving 
than in country driving from the fact that the ratio of 
the power from the electric part to power to the 
gasoline part of the motor is greater at lower than at 
higher speeds, that is, less power is needed to run the 
car in city driving than in country driving because of 
the lower speeds and air resistance. 
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American car companies are beginning to develop 
their own starter-generators to “save an extra 10% 
on the gas milage”. Are they doing this because they 
don’t want to be left behind in the milage competition 
or because they really understand the nature of the 
starter-generator motors used by the companies 
producing the hybrids? 


With the advent of the Tilley motor-generator, a new 
factor enters into the situation. If the system proves 
valid, does this mean that Honda and Toyota are out 
of the running? Hardly not! It is likely that these 
companies have allowed or even planned for this 
contingency with larger capacity motor generators 
which would do a similar job. With their fine cars and 
superb engineering, the transition from a hybrid toa 
pure electric might be costly but not too difficult to 
engineer. Each of the two hybrid companies may 
already have been built, tested vehicles of this 
nature. However, since the primary purpose of the 
car companies is to make money it is doubtful if this 
full-fledged fossil fuel-less type will be placed on the 
market unless competition so requires. A car using 
the Tilley motor-generator might certainly push them 
in this direction. 


Should the Tilley remains undeveloped, one might 
expect the second level hybrid car to arrive in a few 
years from Honda and Toyota. These cars should 
have greater electric generator-motor capacities and 
smaller gasoline engines. These systems could give 
small cars much higher gas milage and could also 
be placed in larger, more elegant vehicles such as the 
Honda Accord and the Toyota Camrey. 


The transition to fuel-less motors should hopefully be 
slow and painless for both the pocket book as well as 
the human psych. If scientists cannot be convinced 
by studying conventional scientific laws on how these 
motors work, perhaps they will better see the need 
for the promulgation of new laws in this area. 


We know that at the present time, both Honda and 
Toyota motor generators (M.G.) have a powers assist 
function while the Tilley stands alone. Let us look at 





the present situation (we will use the Toyota U.S. M.G. 
because it is the more powerful version): 


Honda and Toyota classify their M.G.’s as permanent 
magnet types; Carl Tilley says his is and advanced 
D.C. motor. 


Power output: 


Honda is given at 10 kW at 3,000 rpm or 13 hp 
Toyota is 33 kW at 1,040-5,600 rpm or 44 hp 
Tilley is up to 135 hp depending on rpm's 


Voltage/Battery (Ni-MH=Nickle Metal Hydride, 
AH=amp hours) 


Honda: 144V, 120 Ni-MH cells@1.2V ea., 6.5 AH 
Toyota: 274V, 228 Ni-MH cells@1.2V ea. 
Tilley: 144V,12-12V lead acid (Wal-mart), 1200AH 


Physical Characteristics of each M.G. 


Honda: 60 mm wide 
Toyota: unknown 
Tilley: 9" dia., 146 pounds 


The main effort should be to implement the transition 
away from the use of fossil fuels. We know this can 
be done but it takes proper attitude. Proper attitude 
takes knowledge and knowledge takes willingness 
to learn. Willingness to learn takes desire to learn 
and desire to learn takes humility. Unfortunately, 
humility is a characteristic that many people, 
especially learned ones lack. Editor’s: Carl Tilley’s 
comments are also given below. 


Very Good...you seem to know what we already were 
aware of...before we could mass produce our Tilley 
car Iam sure some auto company would come out 
with basically the same thing...I do believe they 
already have it and they are just waiting for the right 
time. The good news is that at least the Tilley car 
lighted their fire to get them started. 


Carl Tilley 


In April 12 of 2003 scientific conference “The Time Machine” was organized by Faraday 


Laboratories Ltd in Moscow. There were presented the reports by VA. Chernobrov, 
A.V. Frolov, A.V. Rykov, E.D. Sorokodum, V.J. Kosyev, A.N. Solonyi, VA. Atsukovsky. There 
was discussed design of the device made by Faraday Laboratories Ltd. as well as main 


principles of control on temporal characteristics of physical processes by changing of 


density of space energy, i.e. aether density according to patent claim. 


Details are in the next issue! 
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Electric Vehicle 
in Russia 





Review by Correspondent Alla Pashova, Russia 


The director of EV (Electric Vehicles) company located 
in Tolyatti (Russia), Alexander Mukhanov states: “If 
during 2 centuries intellectual efforts of a scientific 
thought were concentrated on an electric engine 
instead of the internal combustion engine then now 
we would have driven electric vehicles, and the 
greenhouse effect would not have exist”. 


The electric vehicle has driving-wheels which are set 
in motion by an electric engine, and it is powered by 
an electric battery. The electric vehicle appeared in 
Great Britain and France in 1880 and it is significantly 
older than the automobile equipped with the internal 
combustion engine. 


At the beginning the speed and the fuel distance of 
the electric and gasoline vehicles were approximately 
the same. The main disadvantage of electric vehicles 
was acomplicated system of recharge since there were 
no usual transformers of alternating current into direct 
one. Hence, the electric vehicle was recharged in a 
quite difficult way. An electric engine operated on 
alternating current was used to recharge it. The electric 
motor rotated a shaft of the generator which was 
connected to batteries of the electric vehicle. However 
in 1906 a rectifier which was simple to operate was 
invented. Despite its principle of operation was quite 
complicated (mercury vapor was used _ for 
transformation of alternating current into direct one) 
it has given a great stimulus for development of 
automobile industry. 


There were no essential proves of advantage of 
gasoline vehicles as compared with electric vehicles. 
Nevertheless, even at that time there was an opinion 
that electric vehicles run more slowly and to shorter 
distances. However “gasoline” records were also 
insignificant and comparable with results produced by 
the electric vehicles. At the same time producers of 
electric vehicles did their best to demonstrate the 
advantages of these vehicles. If you remember, Walter 
Baker, one of the most famous American constructors 
and producer of the electric vehicles, achieved the 
speed of 130 km/h driving his car. An electric vehicle 
produced by Borland Electric company run from 
Chicago to Milwaukee (the distance of 167 km/h along 
non-asphalted road) without recharge. Next day after 
recharging the electric vehicle returned to Chicago by 
its own power without meeting any incidents. During 
the journey its speed came to 55 km/h. 


In 1899-1900 a hereditary Russian nobleman Ippolit 
Romanov made an experiment on designing of the first 
Russian electric vehicle. Since these vehicles had been 


designed to run in Saint Petersburg then the city 
council required to produce them in the same place. In 
1899 Romanov’s first electric vehicle was made. Its 
general design was borrowed from English cabs in 
which a cabman sat on a high dickey placed behind 
passengers. Romanov’s electric cab had two passenger 
seats situated in front of the dickey in a half-cabin 
having side and back windows. The cabin was 
equipped with a hood. The seat of a driver was placed 
behind and above the cabin; a box containing an 
accumulator was located under the driver’s seat. The 
vehicle was four-wheeled. Diameter of the front wheels 
was smaller than those of the rear wheels. The front 
wheels were fixed by elliptical springs and were 
driving ones. They were connected to two independent 
electric motors by a roller chain drive. The regulated 
rear wheels had a smaller diameter and were fixed by 
spiral springs. 


This first electric vehicle was equipped with lead 
accumulator which had 36 banks. It required 
recharging every 60 versts (1 verst — 3500 feet). The 
total power of both the electric motors was equal to 
4 hp. Design of the vehicular part of Romanov’s electric 
vehicle was borrowed from the models produced by 
an American company named Morris-Salom. This 
company had produced electric vehicles since 1898; 
however those models had wheels of greater diameter 
as they were equipped with pneumatic tires, while 
Romanov’s vehicle had wheels with light rubber rims. 
Both the electric vehicles had two electric motors, but 
the distinction of Romanov’s electric vehicle consisted 
in the presence of 6-row ball bearings in the wheels. 


Romanov’s second cab was built in 1900. This model 
had entirely closed and glazed cabin for passengers. 
The chain drive was replaced by a gear; however the 
basic sizes remained the same. This model was 
equipped with an accumulator designed by Romanov. 
The general weight of the electric vehicle was 45 poods 
(750 kg), and the weight of the accumulator came to 
22 poods (362 kg). It should be noted that weight of 
American and French electric vehicles exceeded these 
figures. The speed of both Romanov’s models of the 
electric vehicles came to 15 km/h. 


Romanov’s first electric bus was built in the same 1900. 
The electric bus weighted 100 poods (1600 kg) could 
make speed up to 10 km/h. For reasons beyond 
Romanov’s control, traffic of the electric vehicles in 
Saint Petersburg was not organized. 


A vehicular company named “Frezer and Co.” 
participated directly in production of Romanov’s 
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electric vehicles, i.e. a running gear of these vehicles 
was created by this company. In January 1900 The 
Cyclist magazine reported that this company had built 
an electric vehicle which had already been tested. A 
picture of this first electric vehicle by “Frezer and Co.” 
can be found in advertising publications of those years. 
Various firms proposed the innovation for sale and 
described its technical characteristics. 


Frezer electric vehicle was four-seated, had two 
engines whose total power came to 7 hp. The 
advertisement booklets reported as following: “The 
accepted system of accumulator is remarkable for its 
solidity and life-time. Capacity of the elements is about 
15 Amperes/ hour per a kilogram of electrodes. The 
size of the battery is defined according to calculation 
of 120 W/h per one ton and per one-kilometer of the 
distance; its weight is equal to 30-40% of the total 
weight of the vehicle including a payload”. Weight of 
Frezer electric vehicle came to 70 poods (1120 kg). It 
made the speed of 15-18 km/h and required recharging 
every 35-50 versts of the path. The second variant of 
Frezer electric vehicle differed from the first one for less 
weight of the accumulator which was located above 
the rear axle. 


In addition to the four-seated vehicles, Frezer Company 
produced two-seated electric vehicles equipped with 
engines of 3.5-hp power. The two-seated electric 
vehicle was remarkable for its more perfect steering 
tube. There is known one specimen of this model 
purchased by somebody from Riga (Latvia). Moreover, 
on the territory of “Frezer and Co.” there was a station 
for recharging accumulators of the electric vehicles. 


In the period of the Soviet Union pilot batches of electric 
vehicles began to be produced only after the II World 
War. In general there were small lorries applied for 
transportation inside great buildings, for example, in 
a main post office or an airport. 


Now there is a great probability that Moscow will be 
the first Russian city where the electric vehicles can 
find mass application. Russian capital suffers from gas 
pollution which is especially heavy in the center of the 
city. At the same time the budget of the city allows 
acquire own ecologically appropriate transport. Now 
financing of production of the electric vehicles is 
realized through the Fund of Ecologization of Moscow 
Transport. The means are assigned due to income taxes 
coming to the budget of the city. 


To tell the truth, citizens of big cities know electric 
vehicles very well, i.e. usual trolleybuses and trams 
are electric vehicles despite they are not autonomous. 
An autonomous public electric transport has one 
advantage which is especially valuable in the 
conditions of the cities overcrowded by cars. This 
advantage is their mobility. Trolleybuses are 
inseparable with their wires that causes decrease of 
their maneuverability. For example, they cannot pass 
several cars which have been parked wrongly. In this 
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case a maneuverable and autonomous electric vehicle 
will run to the center of the road and pass the obstacle 
with ease. 


A Moscow company named Eltran which deals with 
exploitation of electric transport has developed a model 
of EV which runs the distance of 60 kilometers without 
recharging. Total recharging of this electric vehicle 
takes about 5 hours, however a half of required energy 
they can obtain for 1 hour. Hence, if the accumulators 
are recharged before their full discharge then this 
vehicle can operate constantly. However, a developed 
infrastructure of charging stations is necessary for this 
aim. 


From the economical point of view, EV does not yield 
to trolleybuses and trams which house more 
passengers but run twice more slowly than the 
autonomous and compact EV. Therefore EV does not 
experience difficulties in jams in the conditions of the 
traffic of the city. It maneuvers easily in thick traffic 
current. 


Unfortunately, now EV cannot replace automobiles 
equipped with internal combustion engines. 
Imperfection of its accumulator batteries does not allow 
it to become a public vehicle. The battery imperfection 
causes a small run on one recharging, long cycle of 
recharging, and high price of the electric vehicle. 


To tell the truth, EV has important advantages. 
Maintenance charges of EV are lower than the charges 
of the standard automobile requiring expenditures for 
support of cooling systems, powering systems and 
exhausting systems. The lifetime of the electric engine 
comes to 10 thousands hours. Quantity of operations 
for maintenance of the engine is minimal. For example, 
it is necessary to change brushes in the dc motor from 
time to time. As for a modern three-phase electric motor 
and synchronous ac motor they are practically 
maintenance-free. 


EV is easy to drive. To start the car you should only 
insert the key, turn it and press the accelerator pedal. 
You do not need to make any manipulations with 
adherence or gearshift. 


Use of EV is justified in so called zones of higher 
environmental requirements that are cities, parks, 
vacation resorts. Electric buses, developed by Eltran 
run in the public green space of All-Russia Exhibition 
Center. There are about ten compact commercial EV 
operating in Moscow. 


Taking care of environmental sanitation the 
management of AZLK (big automobile plant) has 
developed EV on the basis of two production 
automobile models “Moskvich-2141” and “Moskvich- 
pikup-2335”. “Moskvich-Elektro” (Fig. 1-2) at fully 
loaded mass of 2060 kg accelerates up to 60 km/h at 
15 seconds. Maximum speed of the load-free vehicle is 
110 km/hour. Cruising range at one battery charging 


is 100 km, and it comes to 80 km with 400 kg of load. 
At present Electrical Vehicle “Moskvich” is filled with 
imported component parts, which are cheaper but 
functional. In time it will be supplied with Russian 
equipment that will make it cheaper. 








Fig. 2 











Fig. 3 


The model of truck equipped with electric motor “ZIL- 
Electro”, the authors of which being called “AVEKS” 
and “Optimum-electro”, also enjoys the support of the 
Fund of Ecologization of Moscow Transport. Various 
privileges and free passage to any location in public 
green zones are promised to the future owners of “ZIL- 
Electro”. 


Forty-eight lead-acid traction batteries of roll type 
(Optima battery) are hanged in pairs along the ramps 
of the truck. They are united into 4 sections (Fig.3). 
Capacity of these batteries is enough for 70 km 
running. Probable charging station for these machines 
is the loading/unloading point. Charging time varies 
from 30 to 60 minutes. Substantial disadvantage of 


the model is that batteries take away a great 
percentage of carrying capacity. Among the 
advantages of the model there are small internal 
resistance, fast recovery (to 400 A), discharging to 
zero level without serious consequences. 


A traction induction unit “ATAD-Optimum 50/120” 
serves as the engine for “ZIL-Electro”. Its weight is 
only 100 kg and it doesn’t require any diesel generator 
or transmission that compensates a little the loss of 
carrying capacity. 


The engine is very simple. It is a non-contact rotor of 
a “squirrel cage” type rotating on the bearings. No 
brushes are used. Thus expensive maintenance is 
postponed for uncertain date. On the other hand there 
is asynchronism. It means that some equipment is 
needed for converting into three-phase current and 
further frequency and amplitude adjustment. 
However it is expensive and complicated. 


In spite of all existing disadvantages, Electric Truck 
is considered to have a bright future ahead of it. There 
several reasons for that: 


1 The vehicle is manufactured from cheap 
production component parts. 
2 The system of optimum vector control of the 


drive is introduced. (The torque and shaft speed of 
rotation is regulated precisely, energy of the batteries 
is used rather efficiently.) 

3 Microprocessor system with feedback coupling 
and great number of sensors (current sensor, heat 
sensor, velocity sensor, voltage sensor) minimizes 
losses, prevents the motor and batteries from 
overheating, protects mains from short circuit in case 
of an accident. 

4 The vehicle is reasonably priced (for such an 
exotic object) — about $26 000 USD subject to serial 
production. 


Volzhsky automobile plant has already been engaged 
in research of EV for a quarter of a century. Over 10 
original models have been designed and produced for 
these years. They have been appreciated abroad as 
well as in Russia. These are electric vehicles “Poni”, 
“Oka”, “Elf”, “Gnom”, “Niva”, “Rapan” “Lada-golf”, 
etc. 


The models manufactured on the basis of VAZ-1111 
“Oka” became the most popular among them. These 
EV received many different rewards, and became 
world-renowned. For example, VAZ-111E “Oka”, 
manufactured in 1993, kept all merits of a production 
midget car. Use of electric motor makes it a non-toxic 
and noiseless vehicle. Efficient fast-acting short 
circuit protection eliminates current rush, providing 
absolute car operating safety. 


In EV of VAZ manufacture two direct-current motors 
are commonly used as a power-generating set. The 
first is a 25kW capacity motor with torque of 110 Nm. 
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Another one has 40 kW capacity and torque of 190 
Nm. Motors of the first type are usually mounted on 
light vehicles, such as “Golf”, “Oka-Electro”, “Elf”, 
while high-power motors are usually used for VAZ- 
2108, VAZ-2109, “Niva”. 


The first models of electric vehicles used to be 
equipped with nickel-zinc batteries. But as life time 
of these batteries is not long, it was decided to start 
using nickel-cadmium batteries, manufactured at 
Saint-Petersburg plants “Rigel” and “Istochnik”. 
Nickel-cadmium batteries are power-consuming, they 
withstand temperature of —-40°C. The only drawback 
of these batteries is their cost, and as a consequence 
a high cost of the vehicle itself. Because of that the 
final choice has been made in favor of lead-acid 
storage batteries, which were mounted at “Gamma 
Golf” in particular, thus reducing its price by several 
times. The batteries are located under the driver and 
passenger seats. They allow discharge of 80-85% and 
provide cruising range without recharge of up to 
100 km within city area and several times more ona 
highway. Power current is transmitted from the 
electric motor to the front wheels through single- 
reduction gear unit, which substitutes the 
transmission. 


For the present time electric vehicles are not 
developed to take the place of automobiles with 
internal-combustion engine in all industries and 
spheres of application, but only as a specific vehicle 
for highly specialized utilization. They are utilized 
when use of internal-combustion engine is 
objectionable or impossible. 


It is considered that so-called hybrid models of EV 
would be able to replace automobiles with internal- 
combustion engines. These are vehicles with two 
motors, an electric motor and an internal-combustion 
engine usually running on diesel oil. In this case the 
combustion engine works constantly, but under the 
operation modes of little air pollution. Besides, fuel 
consumption is also much reduced. 


In this direction real commercial success is possible. 
For example, “Toyota-Pirus” has already been chosen 
as a personal vehicle by tens of thousands of 
customers, this being a good result for such an original 
construction. 


Nowadays three circuits of hybrid propulsion system 
are generally known. The simplest one is a series 
circuit, in which combustion engine operates together 
with a generator, and battery or generator powers 
electric motor providing propulsion. Actually this is 
the same circuit of electric transmission that is used 
at quarry trucks. Its main disadvantage is great losses 
of energy at transmitting the torque to the wheels. In 
parallel circuit the output shafts of the motor- 
generator and combustion engine are rigidly bound, 
and it doesn’t allow working in steady-state mode (i.e. 
with permanent rotations and load). 
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In the third circuit, which is also the most commonly 
used there are an electric motor, combustion engine 
and a generator. The output shafts of all these units 
are bound by planetary differential. This allows almost 
lossless distribution of power between the units, and 
provides sustained performance of the combustion 
engine. The disadvantage of this circuit is the extreme 
complexity of coordination of units operating. 


A hybrid EV was produced in Russia by automobile 
plant “Izhmash” though it has not been put in mass 
production yet. At the developing of the propulsion 
system instead of unique components there were used 
units of Russian mass automobile production that is 
one of the fundamental design solutions. “Orbit” Izh- 
21261 was used as a base for the device. It was 
equipped with gasoline engine (of 30 hp power and 
650 cm‘ capacity), drive dc motor IIT-125-12 (of 120V 
voltage and 49 H/m torque) and eight accumulators 
6CE-55. Twin-engined propulsion system works 
according to the parallel circuit of engine joint. 
Electromotor serves as starter and at the acceleration 
it operates simultaneously with internal-combustion 
engine. On reaching some definite speed the 
electromotor changes its operation mode to the mode 
of generator and charges the accumulators. When the 
loads at gasoline engine increase then the 
electromotor begins to operate together with it. 
Operation of the hybrid propulsion system is 
controlled by starting regulation electronic 
equipment. Control unit, speed transducer of 
crankshaft of the internal combustion engine, detector 
of the accelerator pedal etc. are responsible for 
coordinated work of the engines. 


During the tests fuel consumption of the hybrid vehicle 
“Orbit” was less by 20% than that of the usual model. 
For Russian prototype it is a good qualitative 
characteristic, however foreign designers reach better 
results, for example, “Crysler ESX3”, which was 
presented in 1998 at Geneva auto show, consumes 
3.3 liter of diesel oil per 100 km of path. 


Representatives of specialized Moscow companies 
producing EV assert unanimously that these are hybrid 
electric vehicles which should change public transport 
with internal combustion engine. To encourage the 
automakers it is useful to create the proper laws 
drawing on foreign experience. For example, in 
California, USA, automakers whishing to present their 
production in the state market should put out 2% of 
automobiles with null blast. Legal system also supports 
an automobile user who is provided for free parking 
and free or cheap recharge. The user is granted with 
maximum of discounts to encourage him buying EV 
which is still twice as expensive. However it is said 
that in one of the villages situated near Moscow where 
the so called new Russians live, everybody drive 
electric vehicles leaving their cars with gasoline engine 
outside the gates. It would be quite good if EV turns to 
the real vehicle from the extravagancy of nouveau 
riches and beloved creation of ecologists. 


— ——— ——— — — 





‘The, Richard Glem,Motor and_the Conical Pump: 


An Investigation of the Clem Motor 


Robert Koontz, USA 
rdkoontz@attbi.com 


In December of 1992 Jerry Decker posted an article 
on the KeelyNet BBS, about a self-running motor that 
developed excess useable power. The information, 
gathered from newspaper and individual sources, 
gave an anecdotal account of the motor invented in 
1972 by Richard Clem of Flower Mound, Texas. New 
information has since been added and can be found 
on http://www.keelynet.com/energy/clem1.htm. 


Richard Clem worked with heavy machinery for the 
city of Dallas. He used asphalt-spraying equipment, 
which pumped liquid asphalt. He noticed the asphalt 
pump would continue to run for up to 30 minutes after 
the power was turned off. It was this discovery that 
led to the development of the motor. Modifications he 
made eventually resulted in a substantial 350 
horsepower output from a 200-pound motor. Clem is 
said to have often driven a car, powered by this motor, 
up and down Central Expressway in Dallas. He 
claimed it didn’t use any fuel, and only needed a 
change of oil every 150,000 miles. 


The motor had only one moving part, a cone shaped 
rotor mounted vertically on a hollow shaft. Spiral 
channels cut into the cone wound around its length 
and feed into peripheral nozzles at its large end. When 
fluid flowed through the spiral channels it was ejected 
out the nozzles and caused the cone to spin. At a 
certain velocity, the rotating cone became 
independent of the starter pump and began to operate 
by itself. At an operating speed of 1800 to 2300 RPM 
the fluid heated up to 300 F, requiring a heat 
exchanger. Vegetable oil was used because at 300 F 
water boils and conventional engine oil breaks down. 


A 12-volt battery was the only other power source. 
Clem never applied for a patent because his motor 
design was derived from the asphalt pump that was 
already patented. Fifteen companies turned him 
down before a large coal company offered to back 
him and signed contracts to sell the motor. Soon after 
the deal was signed, Richard Clem died of a heart 
attack 


The above account contains only what I considered 
to be relevant for analysis of the Clem motor. Visit 
http://www.keelynet.com/ for the original material. 


The gear pumps, typically used for asphalt spraying, 
do not match the description of the pump used by 
the city of Dallas back in 1972. There should be public 
records showing what equipment manufacture the 
asphalt sprayer was purchased from. Since the 
asphalt pump was patented, I searched for a pump 
patent that met the following criteria: 


1) Patent issued on or before 1972. 

2) Delivered pressure equivalent to a positive 
displacement gear pump. 

3) Cone shaped rotor with spiral channels. 

4) Self-propelling action. 

5) Capable of pumping a viscous fluid like asphalt. 
6) Large heat transfer to pumped fluids. 


The following illustration (Fig.1) is from US Patent 
3,697,190 (Truncated Conical Drag Pump). The patent 
was issued October 10, 1972 (criteria 1) and appears 
to match the description of the asphalt pump that 
Clem converted into his motor. 
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Housing 11, Conical interior wall 12, Conical rotor 13, 
Inlet chamber 14, Inlet pipe 15, Outlet chamber 16, 
Outlet pipe 17, Support feet 19, Detachable end cap 20, 
Rotor shaft 21, End cap wall 22, Boss 23, Packing 24, 
Adjustable gland nut 25, Bracket arms 27, Bearing boss 29, 
Bearing 30, Snap ring 31, Inner race 32, Sleeve 33, 
Shoulder 34, Retainer nut 35, Reduced diameter outer 
end 36, Coupling 37, Packing 39, Retainer 40, Gland 
nut 41, Bearing boss 43, Integrally formed bracket 44, 
Shaft reduced diameter 45, Bearing sleeve 46, Bearing 47, 
Snap ring 48, Inner flanged 49, Inner race 50, Nut 51,Shaft 
reduced diameter 53, Lock nut 55, Flat faces 56, Snap 
ring 57, Washer 59, Nut 60, Helical channel 61, Channel 
base 63, Channel sidewalls 64. 


This is a high-pressure, low volume drag pump that 
can be used in place of conventional positive 
displacement pumps (criteria 2). It has a conical rotor 
that has a close fit clearance with the stationary 
housing wall. Delivered pressure is limited by back 
flow across the radial clearance and is inversely 
proportional to the square of the clearance. As a result, 
even a small increase in radial clearance would rapidly 
reduce pressure. The rotor is cone shaped so that the 
clearance can be controlled by axial adjustment of the 
rotor relative to the housing wall. 


The conical rotor has two helical channels (criteria 3), 
in the form of square threads, spaced 180 apart for 
balance. The channel depth decreases as the rotor 
diameter increases. Fluid enters the channels at the 
small end of the rotor. The fluid is induced to rotate 
with the channel by boundary layer drag. The 
boundary layer is the thin layer of fluid adhering to 
the channel surface. Molecular cohesion tends to drag 
the adjacent fluid with the boundary layer. The fluid 
is also in contact with the housing wall. The boundary 
layer drag against this stationary wall slows the 
rotation of the fluid in the channels. Because the fluid 
rotates slower than the rotor, it is forced through the 
channels towards the large end of the rotor. In 
addition the fluid is forced towards the large end by 
centrifugal force. 











Fig.2 


The above drawing illustrates the proportional 
decrease in channel depth as the rotor diameter 
increases. Why was this done? Note that as the 
diameter doubles so does the circumference. This 
means the fluid has to travel twice as far in the same 
time to maintain a constant slip velocity. By 
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reducing the channel depth in half (cross-section 
area = depth x width) the fluid velocity is doubled 
thereby keeping the slip constant. 


The spiral channels could be thought of as very long 
convergent nozzles. The increase in fluid velocity is 
in the opposite direction of the rotor spin. We should 
expect a reaction force from the acceleration of the 
fluid. This thrust would be directed tangent to the 
circumference and would increase the spin torque 
on the rotor. Even without the peripheral nozzles, 
that Clem later added, the pump rotor experiences a 
thrust force in a direction that would self-propel it 
(criteria 4). 


Because fluid drag is the primary pumping force, it 
is well suited for viscous fluids like asphalt (criteria 5). 
The long channels also represent a large sliding 
surface area with frictional losses that would transfer 
heat to the pumped fluid (criteria 6). 


All six of the patent search criteria have now been 
met. Of course this doesn't prove that it is the asphalt 
pump Richard Clem worked with. 


A peculiar condition indicated by the patent is that 
as the velocity increases in the channels the pressure 
also increases. Bernoulli’s Law requires the pressure 
to drop proportionally as the velocity increases. 
Assuming an ideal fluid without losses, when the 
channel depth is reduced in half, the cross section 
area is also half and this doubles the fluid velocity 
and the fluid pressure should drop in half. So what 
is going on here? There is a centrifugal component 
that would add to the fluid pressure. 


My guess is it’s too small to overcome the predicted 
pressure drop. Here is what I think may be going on. 
As the diameter and velocity increases the drag force 
propelling the fluid through the channel is 
proportionally greater. Energy is being added all 
along the length of the channel. Whatever the reason, 
if this high-velocity, high-pressure fluid is feed into 
tangent peripheral nozzles at the rotor large end, the 
energy will be converted to shaft horsepower. 


The Clem motor is producing 350 shaft-horsepower 
and a large heat energy component. Where is this 
huge amount of energy coming from? Recent 
quantum mechanics zero-point field (ZPF) theories 
may point to the answer. From an article available 
at “BEYOND E=mc2” Bernhard Haisch, Alfonso 
Rueda & H.E. Puthoff [1]: 


“Our work suggests inertia is a property arising out 
of the vast, all-pervasive electromagnetic field we 
mentioned earlier, which is called the zero-point field 
(ZPF). The name comes from the fact that the field is 
held to exist in a vacuum-what is commonly thought 
of as “empty” space-even at the temperature of 
absolute zero, at which all thermal radiation is 
absent.” 


ZPF researchers theorize that mass, inertia and 
gravity are not intrinsic properties of matter but the 
interaction of matter with the zero-point field. By all 
pervasive it is meant that the ZPF exists not only in 
empty space but it is passing through your body right 
now and everywhere else. When you throw a stone 
you are interacting with this field since the ZPF resists 
change in motion. In essence the ZPF is the modern 
day aether. 


The amount of energy making up the ZPF is thought 
to be enormous. Is the fluid acceleration in the Clem 
motor interacting with the ZPF in such a way as to 
rectify it and draw energy from it? Is it a hydraulic 
aether-diode? The fluid, in the Conical Drag Pump, 
flows through long convergent channels. Disregarding 
the boundary layer, is this accelerated flow laminar? 
Would such a long orderly flow entrain the aether 
energy? 


From the perspective of the rotating channels the fluid 
appears as the discharge from a long nozzle. To 
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exaggerate, if the fluid was held fast to the housing 
wall, the rotating channel would travel through the 
stationary fluid. This would be equivalent to achieving 
100% efficiency. In reality the fluid is slipping against 
the stationary housing wall so that the rotating 
channel (nozzle) is moving faster than the fluid 
discharge velocity. Assuming the reaction thrust as 
the only propelling force, this would give efficiency 
greater than 100%. So, as the slip increases the 
reaction thrust decreases, but the efficiency increases. 


Assuming the Conical Drag Pump is the pump Clem 
used, can it answer the following? 


1) Why was a hollow shaft used? 

2) Why was the cone mounted vertically? 

3) Why was a starter pump needed? 

4) How were the peripheral nozzles added? 

5) How was the motor RPM regulated? 

6) How did a large coal company get involved? 

7) Was this kind of pump ever used in asphalt 
sprayers? 









































housing 
rotor 
| aia 
hollow shaft valve filter 
heat 
noeeIS exchanger 
[ 
~. 
— a oil tank 





check valve (closed) 





Fig.3 


Clem motor shown in start mode 
The arrows show oil flow 


The above drawing shows a hypothetical Clem motor based on the Conical Drag Pump. The motor is mounted 
vertically so that the check valve on the hollow shaft is submerged down in the oil tank. The hollow shaft extends 
from the oil tank through the rotor into the inlet chamber. The start pump draws oil from the tank and forces it up 
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the external feed line connected to the inlet chamber at 
the small end of the rotor. This fills the hollow shaft and 
forces the check valve closed. The oil flows into the spiral 
channels and out the peripheral nozzles. The reaction 
thrust of the nozzles spins the rotor. The oil flows through 
the return line, through the valve, filter, and heat 
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exchanger and back into the tank. The start pump is most 
likely a standard hydraulic gear pump. It continues to 
pump until the rotor spins up to its operating speed. The 
combinations of a start pump and check valve would be 
a simple way to both prime the motor and spin up the 
rotor. 
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Fig.4 


Clem motor shown in operation mode 
The arrows show oil flow 


Once the start pump is shut off the check valve is free 
to open. Oil is drawn up into the hollow shaft to the 
inlet chamber at the small end of the rotor. The spiral 
channels pump the oil down towards the large end of 
the rotor. A plate is attached to the large end of the 
rotor and fits with a close clearance with the housing 
wall. Nozzles attached to the outer edge receive high- 
pressure oil from the spiral channels. The jet reaction 
thrust from the nozzles delivers shaft horsepower to 
the power takeoff at the shaft top. Adjusting the valve 
to create hydraulic backpressure regulates the motor 
RPM. Closing the valve stops the motor. 


When I first read about the Clem Motor I found it 
odd that a deal had been made with a coal company. 
Was there a connection with the pump? After finding 
the Conical Drag Pump patent, I wanted to contact 
the inventor Walter D. Haentjens of Barrett, 
Haentjens & Co., Hazleton, Pennsylvania. Otto 
Haentjens founded Barrett Haentjens & Co., in 1916. 
The business began in the coalmines of Pennsylvania 
with Otto Haentjens original patent on the balanced 
opposed impeller multi-stage volute pump. The 
company still supplies pumps to the coal industry. 
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They have expanded to other markets and their 
pumps are installed in many industries worldwide. 
It is now known as Hazleton Pumps Inc., after its 
acquisition by The Weir Group. 


I contacted Peter Haentjens, the VP/General Manager 
of Hazleton Pumps, by e-mail to find out if this pump 
had ever been put into production. He replied that 
they had not done anything with the patent. 


An unusual pump design would have a tough time 
competing in the market with an industry standard 
like gear pumps. The Dallas asphalt sprayer may have 
been a one of a kind field test of the pump design. Or 
the pump manufacturer offered it for testing to an 
asphalt equipment company in the hopes of 
generating interest in it. 
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“Paces” is a new high performance electronic 
process. It is not a traditional heat pump fitted with 
some electronic gadgets to improve its output, but a 
truly revolutionary process totally unused up to now. 
There are no moving parts, not even a moving fluid in 
it. “Paces” is an electronic process because for its 
development the pump’s fundamental element uses 
micro-electronic techniques. 


an average of JOOOMW could be produced, 
that is to say the equivalent of several 
nuclear power stations. 


The principle consists in attracting the gas neutral 
molecules onto a so-called ‘electrostatic’ plate, to 
accelerate them and heat the plate. An intense electric 
field is applied in a capacitor with micro-pores covering 
the plate. The neutral molecules are polarized and 
accelerated when they penetrate these micro-pores 
where the intense electric field exists. Each molecule 
accelerates and absorbs electrical energy when it 
enters into a pore. But in turn it decelerates and gives 
off an equal amount of energy upon its exit from the 
pore. 


The molecules, by going back and forth 
between the plates, continually give off and 
take energy, thus resulting in a total 
consumption equal to zero. 


The gas fluid does not undergo any change of 
thermodynamic state, contrary to all other heat pump 
processes. A thermodynamic cycle remains at the level 
of each gas molecule, but not at the level of the entire 
set of molecules. 


There is more to this new process, it is not just heat 
pump process added to an already long list: these new 
characteristics also enable some new applications. 
Besides the traditional heat pump applications, due to 
its excellent coefficient of performance this process 
makes it possible to produce electricity by cooling 
the environment. 


For instance, if the Rhine was equipped with heat 
exchangers into which diverted water could flow, thus 
cooling its temperature by just one degree, an average 
of 9OOOMW could be produced, that is to say the 
equivalent of several nuclear power stations. Please 


note that this process would also enable both 
electricity and fresh water to be produced from 
seawater, an interesting application for areas of the 
world where water is a scarce resource. 


Thus we have at our disposal an ecological process for 
producing electricity, it would become conceivable to 
produce hydrogen in great quantities; vehicles would 
be hydrogen powered. Ozone, CO2 or any other type 
of pollution would become a thing of the past. 


It will most probably be the energy source of future 
generations, ecological and excellent, inexhaustible, 
powerful yet completely harmless, stable and steady 
(contrary to the sun and wind); an invention capable 
of re-launching the world economy, in particular giving 
impetus to the currently depressed new technology 
sector. 


However, you have probably noticed that this 
invention requires advanced technology, and the few 
French laboratories capable to develop this process 
have proven inaccessibility to do it for independent 
researchers such as the author of the article. Besides, 
the invention’s claimed qualities, the revolutionary 
aspect was very often interpreted by examiners as 
‘utopian’, even before they read the document! Having 
tired of battling against concept fixed for the past two 
centuries, the author of the article has now decided to 
place this project within the hands of the 
international scientific and technological community, 
in order to give the best chance of success to the 
invention. 


It will most probably be the energy source 
of future generations! 


Initial development requires the construction of a 
prototype; three possibilities are described on the 
website (http://www.new-energy-paces.com). As 
there is no longer legal protection abroad, anyone is 
free to experiment and to market, as he or she wishes, 
in all other countries outside of France. 


Please help me to spread the word about this project, 
for example through scientific forums on the Internet. 
This will allow you to receive feedback and gather other 
opinions. Your participation, even the most modest, will 
be of use. To those of you who help this project to see 
the light of day, all of humanity will be indebted. 
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Registration of gravitational waves is one of 
fundamental problems of physics. At the beginning 
of the last century A. Einstein’s works predicted 
existence of these waves. Nevertheless, despite 
numerous attempts are made in different countries of 
the world these waves have not been fixed up today. 
Josef Veber, an American physicist working in 60" of 
the XX century, is sure to be called as the first 
experimenter who disclosed gravitational waves. 
Nowadays lots of many-million projects on 
registration of gravitation waves are developed and 
realized (LIGO (USA), GEO-600 (Germany-England), 
VIRGO (Italia), and TAMA (Japan)). However no 
positive results were achieved. 


Failures in registration of gravitational waves can be 
explained by the fact that researchers have erroneous 
notion of the essence of these waves. This erroneous 
notion is laid in an experimental project that causes 
negative results. 


Many researchers believe that influence of 
gravitational waves on the bodies should be resulted 
in deformation of these bodies (i.e. in change of mutual 
place of particles of a material body). All the attempts 
to disclose the gravitational waves are based on this 
notion. Now two types of ground gravitational 
antennas are supposed as priority. 


The first type supposes the registration of mechanical 
oscillations of a massive test body that is initiated by 
influence of gravitational waves on it. 


The second can register changes of a distance 
between space-apart free masses when gravitational 
waves act upon them. Great attention is paid to the 
second type of antennas in the developed projects. 
Failure attempts of registration of gravitational waves 
can be explained by their low intensiveness and 
insufficient accuracy of existing measuring 
equipments. Therefore, now there are made various 
attempts to register gravitational waves produced by 
such great cosmic phenomena as confluence of black 
holes. More accurate instruments and measuring 
equipments, for example, a laser interferometer, are 
developed. Nevertheless, positive results are hardly 
to be obtained. 


Here is one of the fallacious explanations of action of 
gravitational waves on a body: “Passing of 
gravitational waves changes an interval between 
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objects transferring them one from another like two 
boats sometimes are approached sometimes moved 
from each other by sea waves”. 


Following this example to explain influence of the 
gravitational waves on bodies placing on the Earth, 
it can be said that all bodies are in one boat and 
raising or sinking of the boat on sea waves does not 
cause change of the distance between the bodies. 
However, this example seems to be very simplified 
for explanation of influence of the gravitational waves 
on bodies. In fact, the case is much more difficult. 


According to A. Einstein’s theory, bodies moving with 
variable acceleration will radiate gravitational waves. 
Gravitational waves represent the essence of 
changes of gravitational field occurring at light 
speed. Since the gravitational field is a deformed 
space-time then the gravitational waves cause 
change of deformation of the space-time. Change of 
deformation of the space-time is accompanied with 
change of deformation of geodesic lines (i.e. lines by 
which all the bodies move). 


A body moving by a geodesic line whose deformation 
is changed changes its acceleration. Change of 
acceleration of the body will change gravity applied 
to the body in this area of space. Hence, influence of 
gravitational waves on the body occurs through 
gravity which influences on it. 


It is known that a fundamental difference between 
gravity and other forces appearing at a direct contact 
with a body consists in the fact that gravity provides 
all the elements of the body (all its points) with equal 
acceleration (deformation can not occur), and other 
forces influence on certain parts of the surface of a 
body and so cause its deformation. 


Hence it is senseless to try to measure deformation 
of a body or change of a distance between test bodies 
occurring under influence of gravitational waves. It 
is necessary to note that, in particular, when a body 
is placed on an unmovable support relatively to the 
Earth, value and the direction of gravity coincides 
with weight of the body. Therefore, in this case 
gravitational waves can be registered at measuring 
of changes of the body weight. 


An experiment on registration of the gravitational 
field of the Earth by measuring change of weight of 


a test body was made. Before the beginning of the 
experiment there was set a problem to register 
gravitational waves produced by the Mercury and 
the Venus at approaching to the Earth. The 
gravitational field in which the Earth moves changes 
due to superposition of gravitational waves of other 
planets on it. These changes were necessary to be 
registered. 


The experiment was as follows: a test body (a 100 grams 
weight) was weighted on an electronic balance in 
equal time intervals of 14 days. The experiment was 
lasting for 12 months. In the experiment it appeared 
that change of a distance between the Earth and the 
mentioned planets causes change of weight of the 
test body. The change of weight of the body occurred 
in proportion to the distance between the planets. 
The test body was weighted in the same conditions 
and in the same place. The performance of the 
experiment is so easy that every person can made it. 


It is known that weight of a body changes 
(decreases) at moving along the Earth surface from 
its pole to the equator. Change of weight of a body 
locating in the same place has not been fixed until 
now. 


The fixed change of weight of the test body proves 
change of gravity applied to it and, consequently, 
change of the gravitational field in which the test 
body moves as well as the Earth does. These 
changes of the gravitational field were caused by 
motion (superposition) of the gravitational waves 
produced by the mentioned planets at their 


approaching towards the Earth at the distance of 
the existent gravitational field. 


Hence, the Earth and all the bodies locating on it move 
in the constantly changing gravitational field, 
therefore, constantly change their weight. 
Nevertheless, as it is known, change of the 
gravitational field is the influence of gravitational 
waves on it. Hence, measuring changing of weight of 
bodies we can speak about registration of 
gravitational waves. 


In search of the 4th dimension 
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High-Energy Hyper-Low-Frequency 
Electric Field 


Yury V. Ivanko, Ukraine 
E-mail: ux01w@hotmail.com 


The article represents a practical and theoretical 
research on possibility of existence of a high-energy 
hyper-low-frequency electric field which is 
interpreted by modern measuring instruments and 
subjective perception as a static field. Besides there 
are observed a problem of the field registration, a 
hypothesis of relic origin of the registered field and 
a hypothesis of wave nature of the Universe. 


A passenger on board a ship sailing in the ocean will 
never notice action of waves of high and low tide. At 
the same time, weathering waves of several numbers 
produce a dangerous storm. However, an ocean liner 
is designed for such a storm therefore the passenger 
would just experience some discomfort. It is another 
case if tide wave hides reefs... I wish our ship, i.e. the 


Earth, the Solar System, the Galaxy, and the Universe, 
not to be lead to such a place by any ignorant 
“navigator”! 


One of the most mysterious persons in the history of 
electricity physics was an outstanding inventor 
Nicola Tesla (1856-1943). When the majority of 
scientists developed researches of microworld particles 
he followed the opposite scientific path. He was 
interested in the electrical potential of the whole Earth. 
He researched ways to influence on it, control its state 
and methods of its regulation. Therefore many of his 
patents, experiments as well as a purpose of 
constructions and devices built according to his ideas 
arouse perplexity and misunderstanding of modern 
scientists. 
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Having formulated my own hypotheses I often think 
why such a Great Genius as Nicola Tesla took his 
invention away with him. 


Danger of this invention lies in simplicity of production 
of devices for generating (detecting) energy. 


Practical Prerequisites 


Prerequisites of this and other hypotheses were some 
undeclared effects occurring in practical wireless 
communication as well as investigation of devices for 
distant transmission of electric power. 


Distant energy transmission was demonstrated by 
Nicola Tesla in 1892 in London and in 1893 in 
Philadelphia. However, even now the way he did it 
remains unknown. 


In 1977-1985 I had to work a lot with radio 
transmitting equipment of different power of middle- 
wave (MW) and short-wave (SW) diapasons. 
According to fundamentals of physics, intensive 
electromagnetic field is produced around antenna 
curtain connected to a radio-frequency transmitter. 
There are brightly glowing gas-discharge 
electrovacuum devices at the distance up to several 
meters in this field. Attention was paid to the fact 
that more than ten daylight lamps of 80 W were 
successfully “glowed” at 40 W power of a transmitter. 
In this case a distant correspondent did not note 
significant decrease of a level of a received signal at 
the indicator of the receiver. It had to return to this 
fact in many years. The data of this experiment are 
represented in a particular document. 


There is one more interesting effect which is 
disclosed when transmitting equipment (TX) and 
antennas (ANT) are adjusted. An incandescent lamp, 
which is connected to a certain place of a break of 
the antenna curtain or of a power feeder (L), glows 
brightly. The antenna circuit is not closed as galvanic 
element. (See Fig. 1). 


TX 
L ANT 


Fig. 1 


Hence, the power line of the incandescent lamp is as if 
it is single-wire. It also had to return to investigation 
of this effect in many years. The data of this experiment 
are represented in a particular document. As in the 
case of the incandescent lamps, the correspondent did 
not note significant decrease of the level of the received 
signal at the indicator of the distant receiver. 


S. V. Avramenko designed a plug of semiconductor 
diodes. Connecting this plug to a generator of 
alternating voltage of 10-10000 V by means of a single- 
wire line in the load of the plug he discovered current, 
which was continuous by the direction but pulsating 
by the value. Electric current measured in the single- 
wire line is very little, hence, the impression of 
superconductivity is produced, i.e. it is possible almost 
to avoid energy losses in the wires. 


My experiments also represent a visual demonstration 
of the effect. For example, several links of light-emitting 
diodes connected inverse-parallel glow in the single- 
wire line. Garlands of light-emitting diodes and lamps 
having a single-wire power line can be produced. It is 
interesting that in this case power consumed by the 
generator do not increase practically (See Fig. 2, 3, 4). 
It was noted that if a standing wave is created around 
the generator “then an unlimited number of consumers 
would be able to apply a change of a value of this field 
to produce power in a load in their place” (Editor: This 
phrase is in inverted commas since it is a part of the 
well-known article “Free Energy” by Alexander V. Frolov 
(Read in this issue, p. 15)). 





Fig. 3 
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Russian scientists investigated this phenomenon and 
proposed an explanation of producing active power in 
the load by means of reactive capacitive current. This 
was made applying resonant properties of the single- 
wire line made of a metallic conductor. Further, 
possibilities of application of nonmetallic conducting 
mediums for transmitting electric power were 
investigated. However, the researchers pay attention 
for the fact that this explanation is insufficient. 


A task group named “Analysis” from Voronezh city 
(Russia) made a qualitatively new explanation of 
results of S. V. Avramenko’s experiment. The works of 
this group from Voronezh are devoted to the comparison 
of properties and characteristics of so-called inertial 
and inertialess currents occurring in circuits at low 
frequencies. Their general and particular features have 
been disclosed. In the works there are demonstrated 
conditions at which conductivity caused by inertialess 
discharges predominates in conductors and conditions 
at which currents caused by conduction electrons 
predominate. There are demonstrated a description of 
S. V. Avramenko’s experiments and the conclusions 
made by the researchers. The authors cite data of their 
test experiments which prove a part of conclusions 
made by S. V. Avramenko and his colleagues. 


However this explanation does not have a right to exist 
as it does not have variants for practical application. 


Results of my theoretical and experimental researches 
allow provide a fundamentally new (!) explanation of 
energy “transmission” having occurred in the 
experiments performed by S. V. Avramenko, 
investigations by D. 8S. Strebkov, V.A. Kuligin and other 
investigators. (Editor: See publications of these works 
in previous issues of our magazine). Moreover, they 
allow explain origin of many physical phenomena and 
processes including the origin of non-inertial charges 
and currents and their visualization. 


First Hypothesis 


Recently a number of scientists all over the world have 
declared a thought that surplus power is produced in 
the systems having overunit output due to inability to 
identify correctly all the existent energy sources. And 


a so-called phenomenology is observed due to the 
inability to deal with different types of energy (or fields). 


In physics a negation of an overunit device follows a 
well known state which is considered to be true in 
other fields of knowledge, i.e. energy conservation law. 
It should be noted that it is formulated for isolated 
(closed) systems. I have devoted some time to the 
investigation of this state and to practical experiments 
and come to the following conclusion: there are no 
isolated (closed) systems in the nearest cosmos which 
can be observed by us! 


Particular physical, chemical and other processes may 
actually be observed in closed circuits for making 
calculations with sufficient approximation. 


Show me an isolated system, and I will prove 
that it is open. 


Hence, according to fundamental physical laws, energy 
does not appear from nothing and not disappear to 
nowhere. However, the source of oscillations, i.e. our 
generator, does not provide a load with energy; 
nevertheless, power is produced in the load. Energy 
conservation law must be fulfilled! The classical 
formulation of the energy conservation law is as 
following: total energy of an isolated system is not 
changed in the course of time. According to this, the 
only fact remains valid, i.e. the single-wire system is 
not isolated from outer influence, hence, energy is 
consumed from some other source which is outer in 
relation to the system?! In this case our generator is 
one of sources of information about an amplitude, 
frequency, and phase. 


Calculations and experiments have allowed made a 
following supposition. Avramenko’s diode plug is a 
particular case of a device known in radio engineering 
for a long time, i.e. AM detector (a peak-detector, a 
limiter, a frequency mixer). I have examined the other 
known circuits of AM detectors and frequency mixers. 
The investigations are continued and by this time the 
supposition has been confirmed. 


Let us accept an artificial generator (Tesla’s 
transformer or any other one) as a main generator 
(or a main oscillator) and a hyper-low-frequency 
(HLF) oscillation of a huge amplitude as an envelope 
curve. Let us name it as RW (“relic wave”) without 
placing emphasis on the sense of the name. 


Let us suppose that the field can be of: 

- local origin (artificial radio transmitters); 

- atmospheric origin; 

- geomagnetic Earth origin; 

- the Moon — the Earth; 

- the Sun — the Earth (the Sun as a nuclear reactor 
producing electromagnetic radiation, the Solar System); 
- galactic origin; 

- Universal origin — the Relic Wave; in contrast to the 
relic radiation occurring in the diapason of SHF (i.e. in 
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contrast to the convenient notion) it is the diapason of HLF. 
- Etc. 


The researches have demonstrated that the field of local 
and atmospheric origin may be excluded. The other 
variants require to be developed. Nevertheless, the 
variant of the Universal scale seemed to be the most 
probable. There is some reason for this supposition: 
the modern notion of the birth and the state of the 
Universe, i.e. the Big Bang and the expanding Universe. 
The known variants of scenarios of the Big Bang are 
based on a nuclear explosion of enormous power. The 
nuclear explosion is accompanied by an 
electromagnetic impulse (disturbance). It can be 
supposed that the Big Bang caused forming of a field 
having enormous amplitude values and long (great) 
period of oscillations. Probably, we deal with this field. 


The second hypothesis about 
inconstancy, i.e. about wave 
nature of the Universe 


A Russian proverb says: “Everything passes, 
everything changes”. Constant electric voltage does 
not exist (!). That, what is considered as the constant 
voltage, really is a constant component (occurring at a 
certain time interval). This component is formed by 
combining of variable sinusoidal oscillations and/or is 
a quite low frequency fundamental. Hence, it is a non- 
sinusoidal “changing” having amplitude linear part at 
the time interval of the observer. 


For example, in reality a usual storage battery of “direct 
current” can not support invariable voltage, i.e. when 
a discharge appears the voltage decreases (changes 
in time, oscillates with a non-sinusoidal oscillation and 
a quite low frequency fundamental), when a charge 
appears the voltage increases. 


It is necessary to observe the constant voltage 
occurring after a rectifier and even a stabilizer as a 
constant component existing in the time interval from 
switching on to switching off. This will correspond to 
that is proposed by Fourier! 


Show me a device producing constant 
voltage, and I will prove that the voltage is 
not constant. 


Conclusions 


If the supposition is totally confirmed then the 
statement that an electric field plays a fundamental 
role in the Universe will be valid. 


We live in an electric field of a huge potential but we 
do not notice it. Since our reference point is the 
amplitude value of RW field in our point of space 
then the potential is equal to zero for our perception 
and for measuring instruments. Besides, RW has an 
amplitude linear part at the time interval of the 
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observer. Hence, we consider RW field existing as 
unrevealed or as weak interactions in natural 
processes. Nevertheless, this influences directly on the 
whole surrounding material world. 


Artificial production of heterogeneities in the RW field 
can cause its significant visualization. 


According to the concept of the physical field, which 
was called by Einstein as the most important discovery 
in physics since Newton's time, every body generates 
a force field in the ambient space (for example, the 
electric field occurring if the body has an electric 
charge). This force field becomes apparent when a test 
body located in a certain point is influenced by a force. 


Discovery of the fields of this scale allows define this 
concept more accurately. I would like to restate the 
information mentioned above in the following way: 
every non-homogeneity of physical vacuum (aether), 
which is registered by our perception or by measuring 
instruments as a physical object or a physical field, 
interferes with RW (according to other interpretations, 
it absorbs or rereflects RW, or becomes excited) 
producing new wave fields. This perceived physical 
field has frequency which is higher than RW 
frequencies. It is perceived as static in the time interval 
of observation. Hence, the field generates a charge and 
not the reverse. Any linear or non-linear transmission 
(motion) of a material or field object changes non- 
homogeneity which is generated by this object. 


A question about measuring of parameters of the 
Universe remains open. Can an oscillation of the period 
of T=14 billions years and of the amplitude of A~T be 
seen, perceived, registered or measured? 


The used literature and references are not cited 
in the article due to its great volume. The reader 
can familiarize with them at the web-site of 
http://www.efir.com.ua. The complete text of the 
article and other materials can be received from the 
author. 
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We know some simple examples of work making due 
to the forces, which appear in electrostatic field. Since 
the field itself does not require energy consumption 
from the source (not taking into account the charge 
leakage), then free energy can be received with these 
forces. The first phenomenon that we are going to 
consider is a phenomenon of electrostriction. 
Mechanical forces appearing in dielectric under the 
influence of electrical field tend to deform it. Sometimes 
these forces are small, but they can be huge in special 
dielectrics. The character of deformation also depends 
on non-linearity of electrical field. Suffice it to remember 
that heating of a body takes place during deformation, 
and we can make a conclusion on possible using of 
the given effect in practice. Periodical deformation can 
be created due to the rotor or any other methods to 
change the field. 


The second effect is not so popular. It was found by 
Hertz in 1881 that there is a rotation of dielectrical 
cylinder (or ball) in permanent electric field if it is 
created in some liquid or in gas (see Fig.1). 





Fig.1 


Here €1 is a dielectrical permittivity of the liquid, €2 is 
a dielectrical permittivity of the rotor, yl is a 
conductivity of the liquid and y2 is a conductivity of 
the rotor. This effect was discovered by Hertz, then it 
was described by G. Quincke, Germany. Also Japan 
scientist I. Sumoto studied the effect in 1955. Modern 
research work was made by K.M. Polivanov, Moscow. 
There is the so called equation by Polivanov describing 
special conditions, which are necessary to begin 
rotation (€1/ €2=y2/y1 is the Polivanov’s condition). 


Forces of electrostatic field produce this rotation and it 
is a real free energy system that can trap energy from 
inner structure of potential field. Let’s try to describe 
the mechanism of this effect and then we’ll be able to 
increase the power of the system up to the level of 
industrial application. So, why does it work? To my 
mind, there are some differences in conditions for 
polarization of the rotor and molecules of liquid or gas 
those are surrounding the rotor since there is a 
difference in permittivity and conductivity. 





Fig.2 


Due to this reason the molecules are polarized both by 
the field of electrodes and by the field of rotor. The rotor 
is polarized in the electrical field of electrodes, and 
molecules of liquid on its surface are polarized by the 
electric charge of the rotor, but not according to 
direction of the field. So, the rotor is surrounded by 
“screen” of molecules on its surface. The electric charge 
of this screen partially compensates the field of 
electrodes. 


When some angle is created by the first initial turn, 
there is some part of the rotor surface, where molecules 
of liquid on the surface of the rotor are attracted to 
electrodes and it is the reason for future rotation. After 
some angle of the turn the polarization in this point of 
the rotor surface is changed but new molecules are 
incoming in the so called “sector of attraction” and the 
rotation is always accelerated. This well-known effect 
of 1881 is a very good example of possibility to produce 
useful work in load by means of electrostatic field only. 
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One more interesting effect is known as Faraday 
effect. In 1836 Faraday noted that raising of liquid 
upwards takes place in condenser with liquid 
dielectric (plates are installed vertically). During this 
process electrostatic field makes the work against 
gravity. A. Gyemant in 1926 established that value of 
this force is proportional to the square of voltage on 
condenser. Later in 1955 this phenomenon was 
studied in details by I. Sumoto, Japan. That’s why in 
physical encyclopedias this effect is called “Faraday- 
Sumoto effect”. In Tareev’s book [1] it is pointed: 
“Under high voltage this phenomenon leads to 
flowing and turbulent boiling of liquid”. I should 
remember for those, who see nothing unusual here, 
that it does not necessary to consume the power from 
initial source. Creating an initial field in electric 
capacitor, then we can use the received mechanical 
work. It is evident that the gradient of electrical field 
creates the conditions for movement of liquid 
dielectric. A task to create conditions for liquid 
circulation is more complex, but it has solution, if we 
take into account the presence of one more static field, 
i.e. gravitational field. Joint action of electrostatic and 
gravitational fields stipulates the circulation of liquid 
dielectric even in the simplest constructions. Besides, 
electrostatic filed can be partially screened. 


The analyzed examples should draw attention of 
experimenters to these obvious ways of how to create 
useful work by means of electrostatic field. 
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Editor: Below we publish the comments of our reader. 





The Foundations of Physchemistry 
of Micro World 


Ph. M. Kanarev 


The Second Edition 


The book was published in Russian and English; 
you can also read it at http://book.Kanarev.innoplaza.net 


The new axiomatic of natural sciences is given in the 
book; on its basis, quantum physics and quantum 
chemistry have been returned to the classical way of 
development. The first steps are made on this way, 
which have led to discovery of the structure of the 
photon, the electron, and the principle of the formation 
of the atomic nuclei, the atoms and the molecules. 
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Letter On 


Hertz-Quincke-Sumoto Effect 


from Doug Marett 
Email: doug.marett@sympatico.ca 


...As far as I can tell, the original reference by Hertz is 
“On the Distribution of Electricity over the Surface of 
Moving Conductors”, Wiedemann’s Annalen, 13, 
pp.266-275,1881. Hertz’s discussion of this 
phenomenon is cursory at best, having very little 
experimental work included. The real phenomenon 
appears to have been discovered by W. Weiler in 1893 
(Zeitschrift fur den Physikalischen und Chemischen 
Unterricht, Vol.6, pp194-195). Weiler observed that a 
glass cylinder placed in a poorly conducting 
liquid between two spherical electrodes began to 
rotate when the electrodes were connected to an 
electrostatic generator. In 1896, George Quincke 
reported the same phenomenon and published a 
comprehensive report on it. This was in Annalen der 
Physik, Ser.3, Vol. 59, pp.417-486. Subsequent 
investigators have tended to attribute the discovery 
to Quincke, when in fact Weiler was the first to pioneer 
the work. 


I do know that PE. Secker et al. performed work on 
this field, references of which are available in the 
English language. These are: 


PE. Secker, et al., (1968) Journal of Applied Physics, 
Vol. 39, pp.2957-2961, and 
PE. Secker, et al., (1970) Journal of Physics D: Applied 
Physics Vol.3, pp 216-220. 


I hope that this information might be of use to you. 





The Planck’s Law of radiation of perfect blackbody is 
given on the basis of classical concepts, and the 
connection of quantum phenomena with the laws of 
classical physics is proved. 


The application of the new theoretical results to the 
solution of practical energy tasks on the basis of plasma 
electrolysis of water is shown. Due to this electrolysis, 
additional heat energy and the energy containing gases 
(hydrogen and oxygen) are generated. Cold Nuclear 
Transmutation of the atomic nuclei of alkaline metals 
and the atomic nuclei of the cathode material takes 
place during plasma electrolysis of water. 


The book is intended for physicists, chemists and other 
specialists who are seeking the new directions for 
understanding the foundations of the micro world and 
the new energy sources. 
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Comments to 
eciro-Reactive LIFTER News 


Alexander V. Frolov, Russia 


General Director, Faraday Laboratories Ltd 
E-mail: office@faraday.ru 
http://www.faraday.ru 


March 21, 2003 we got news from France about 
electro-reactive propulsion system. 


Blaze Labs reached 100g PAYLOAD level. 


You will find all the details of the Saviour’s 
experiment at: http://blazelabs.com/exp14.htm. 


This electro-reactive ionization-flying model requires 
46 kVolt, 4 mA, i.e. about 200 watts to fly with 100 g 
useful load. 


It is interesting to note that Jean-Louis Naudin’s 
previous opinion of 1997 — 1999 about priority of the 
Frolov’s asymmetrical capacitor now is changed. 
Sometimes people wish to re-write the history. It is 
possible and it is easy. Naudin’s web page about 
http://jnaudin.free.fr/lifters/story.htm (see Fig. 1) is 
not started from the real beginning of the story. He 
forgot our discussion of 1997 and also photos and 
MPEG video I have send to him when he has started 
his way in electrograviticis. 


If you remember the name of Naudin’s first 
asymmetrical capacitor “Frolov’s Hat” (see Fig.2) 
then you know why there is this name of this 
technology. But really it is not important to try for 
some serious reply from Jean since he has no 
personal post address, phone, or his photo on the 
web site... 


Also it can be useful to visit this page 
http://www.faraday.ru/t-cap.html to know about 
something more important than electric ionization 
flying models (Lifters), since it is just a reactive 
ionization way, which is similar to rockets. 


Ideas now developing by us are not aimed to 
increase the power level (from 1 gram to 100 gram 
propulsive force). It is a qualitatively new idea; it is 
really electrograviticis instead of “electro-reactive 
Lifter”. 


So, what is about real “history of the question” 
instead of the French version? The question here is 
not about a priority, it is nonsense after T.T. Brown's 


patents. As an example the NASA patents on 
asymmetrical capacitors can be mentioned since the 
ideas were opened before the NASA patent and there 
is nothing new in it. The problem is that people who 
develop reactive ionization Lifters develop only 
primitive reactive technology. It is not essence of 
T.T. Brown research but it is the distortion of his 
ideas. 


So, the team in France is working to develop and 
support ideas of secondary and wrong method. Why? 
Perhaps they either do not see the real way or have 
payment for the wrong way to mask a real work. 








Fig. 2 
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Questions & Answeres 


Josh Werrmann (Email: jsh111@yahoo.com): I wanted to ask you a few questions about an article titled “Highly 
Efficiency Electrolysis” by A.V. Frolov. In this article it is stated that Dmitry A. Latchinov patented a method for 
electrolysis, where one of the electrodes is insulated completely from the water. It is also stated that another 
scientist, Igor Goryachev, used a method of pulsed electric fields. I don’t know if you know, but inventor Stanley 
Meyer has a patent that covers both of these processes together, in a way. His patent is U.S. patent number: 
4936961. Take a look at this. In the patent it states EXPLICITLY that there is a pulsed electric field, where a 
condition of NO CURRENT is preferred. This is very similar to the above to Russian scientists, except that the 
patent states a condition of resonance is necessary. I am wondering do the two scientists that are described 
require resonance in their devices? Or just plain pulsed electric fields, where one electrode is insulated from 
water. 


Another patent I would like to refer you to is Archie Blue’s electrolyser, U.S. patent number: 4124463. This device 
is similar to A.V. Frolov’s idea, to get the oxygen and hydrogen bubbles off the electrodes, except he uses a 
blower to blow air in the cell, instead of rotating the cell like A.V. Frolov does. His invention also uses the 


conductivity current to work. 


Alexander V. Frolov: As far as I know resonance is not created in this case. The main idea is the removal of 
gaseous film which appears on the surface of electrodes by rotation or some other methods. 
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Giant m 





aénets lead the world to 
the new source of energy 


http:// www.sciteclibrary.ru 


The system of 150-tons magnets which have been developed by scientists of the USA, Japan and Russia opens a 
new era of safe and unlimited energy. In this system nuclear fusions serve as a source of energy. They accumulate 
heavy chemical elements not by means of nuclear reactions but by ultrahigh plasma pressure. 


After supplementary research is held which aims to reduce manufacturing costs of the giant magnet weighing 
925 tons, this magnet will be produced and demonstrated at the opening of the International Thermonuclear 
Experimental Reactor (ITER). This magnet in its turn will become a part 
of a bigger system, that is combined into a magnet weighing 
approximately 10 000 tons. The task of ITER is the demonstration of the 
process of nuclear fusion, as an energy source. During the process of 
nuclear fusion the light elements are combined by immense pressure, 
thus producing heavier elements. During this production process a lot 
of energy is emitted. The task of giant high-power magnets is to create 
magnetic fields, which must hold and control plasma, or to charge 
electrically the gas, in which the fusion is being held. 


In Japan the system of 150-tons magnets serves as adjustment system 
of 925-tons magnets, which will be finally put into operation and heat 
up the ITER plasma. Two additional giant magnet systems will confine 
the plasma and will control its form. The model for one of them is 
presently being examined in Germany; the model of the other is in 
project. 


Cylindrical 150-tons magnets have three main parts: external module, 
built by the Japanese team, internal module, built by the American 
team and a thin rod in the core which is equipped with process control 
equipment. Three different rods were separately checked, two of them 
were built in Japan, another in Russia. 
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Harnessing the Wheelwork of Nature 


(340 pgs. Adventures Unlimited Publishers, 2002) 


Thomas Valone 
Email: iri@erols.com 


It is anew book by Thomas Valone, who edited this anthology in time 
for the Wardenclyffe Tower Centennial (1903-2003). This book presents 
for the first time, the feasibility argument for Tesla’s most ambitious 
dream, the wireless transmission of power. Pictured on the book's cover 
near his feet, the 187-foot Wardenclyffe Tower was Tesla’s means to 
deliver natural 8 Hz electricity anywhere in the world, by longitudinal 
waves. 


Unknown to most electrical engineers, Nikola Tesla’s dream answers 
the energy crisis worldwide, saves electrical conversion losses, and 
provides a real alternative to transmission lines. In Dr. Corum’s 
contributed papers, he explains Tesla’s magnifying transmitter, which 
Tesla compared to a telescope. Corum points out that “the tuned circuit 
of his magnifying transmitter was the whole earth-ionosphere cavity 
resonator.” This fact helps explain why Tesla stated, “When there is no 
receiver there is no energy consumption anywhere. When the receiver 
is put on, it draws power. That is the exact opposite of the Hertz-wave 
system...radiating all the time whether the energy is received or not.” 
Thus, with Tesla’s futuristic transmission of power, source dissipation 
will only be experienced when a load is engaged in a tuned receiver 
somewhere on the earth. This fact alone represents a major leap 
EDITEO BY forward in electrical transmission efficiency, even one hundred years 


THOMAS VALONES PH.OF PEs ec. later. 





Why wasn't the prototype of Wardenclyffe finished in 1903? Tesla offered this visionary conclusion: “The world 
was not prepared for it. It was too far ahead of time. But the same laws will prevail in the end and make it a 
triumphal success... Let the future tell the truth and evaluate each one according to their work and 
accomplishments. The present is theirs; the future, for which I really worked, is mine.” 


Up until now, there has been a general malaise regarding the lack of scientific comprehension of Tesla’s greatest 
dream. For example, the Serb National Federation notes, “With the exception of the first biography of Tesla by 
John J. O'Neill, science editor of the New York Herald Tribune, and published in 1944, unfortunately no biographer 
since has had the necessary scientific/engineering academic credentials to discuss Tesla’s work in the various 
fields.” Contributors to Harnessing the Wheelwork of Nature are primarily physicists and engineers who are 
experts in Tesla technology. Their wealth of knowledge demonstrates their mastery of this extraordinarily 
progressive and technical subject. Finally, the best academic credentials have been brought to bear on the world’s 
greatest electrical futurist. 


This is a very readable and profusely illustrated reference volume on wireless transmission of power, besides 
being an excellent biographical gold mine of Tesla history. Nick Cook, editor of Jane’s Defence Weekly and author 
of The Hunt for Zero Point says, “Tesla is one of the great overlooked geniuses of science and electricity. His full 
story deserves to be told. Tom Valone sheds important new light on his life and work.” 


Integrity Research Institute will hold a Tesla Energy Conference & Expo on November 8-9, 
2003 to celebrate the Wardenclyffe Tower Centennial (1903-2003) in conjunction with the 
Tesla Wardenclyffe Project, Inc. (www.teslascience.org). 


See www.lIntegrityResearchInstitute.org for more details. 
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= SGONFERENCE "THE TIME MACHI 





Editorial: On April 12 of 2003 a scientific conference “The Time Machine” was organized by Faraday 
Laboratories Lid in Moscow, Russia. It was devoted to the experiments on control of space-time physical 
properties. At the conference there were discussed problems of time and gravitation in the context of 
etherodynamics, experiments and applied aspects of these technologies. Below we publish a review of the 


main reports presented at the conference. 


The First Results of the Works on the Designing of 
Devices to Control Parameters of 


Physical Processes (of Time) 


Further Plans on Designing of the 
Time Machine 


Vadim A. Cher nobrov, Russia 


“KOSMOPOISR’, Nagatinskaya 19A, 111533, 
Moscow, Russia 
E-mail: chemobrov@kosmopoisk.org 





To conduct the experiments on the influence upon 
physical Time (density of space energy) some special 
devices were used as a general method of such influence. 
These devices can create converging waves which can 
cause the appearance of quasi-monopole in the confined 
space. Quasi-monopole is a patt of space which has 
some parameters of hypothetical unitary monopole or 
bunch of such particles (in particular, it allows registering 
one magnetic pole by means of measuring equipment 
from the outside at some distance from this pole). 


The pilot experiments have shown that it is very difficult 
(if not impossible) to create long-living quasi-monopole 
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by means of permanent magnets or electromagnets 
operating on direct currents (in this case quasi-monopole 
represents a space with one outer and one inner magnetic 
pole). It can be explained by the fact that lines of force 
of the “inner pole” invariably find a weak spot in the 
heterogeneous surface of magnets and break out. As a 
result, at the device along with one “outer” magnetic 
pole there is a local output of magnetic lines of the 
“inner” pole. 


During the designing of new devices there was a task to 
create a quasi-monopole situation in the confined space. 
This situation should be created not uniformly but 
transiently by pulsation method. Frequency of work of 
electromagnetic oscillators first of all was selected 
depending on linear dimensions of the devices. Selection 
of the frequency was made in such a way that one period 
of pulsation does not exceed the period of time which 
is necessary for electroma gnetic waves to reach the center 
and opposite waves of the device. 


At the designing of laboratory devices, which generate 
converging longitudinal waves, several different 
principles to obtain required parameters were considered 
in the multi-layer quasi-monopole, which works in high- 
frequency mode Several types of the devices were 
realized at different degrees of development and with 
different success. It was shown that the simplest devices 
were that ones which used electromagnetic (solenoid) 
oscillators connected in series and in parallel. In different 
experiments between 3 and 5 such surfaces were used. 
These surfaces were called electromagnetic work surfaces 
(EWS). All layers of EWS of different diameters were 
mounted in series in each other (like matreshka). The 
outer layer was either mounted at force shell or 
simultaneously represented such a shell by itself. 


The size of the maximal EWS was about 0.9 m, the 
diameter of the minimal (inner) EWS was equal to 
115 mm that was enough to place laboratory animals 
inside the conttol detection devices. Laboratory animals 
were used to determine the consequences of the 
influence of converging spherical electromagnetic waves. 
Payload, (i.e. that which was directly used for transfer in 
Time-Space), included the afore-mentioned detection 
devices and (occasionaly) laboratory animals. The term 
“payload” was coined by analogy with the term which 
is used in cosmonautics. Volume of payload section was 
placed in the center of symmetry of the Time Machine 
(TM). In all the earliest Machines (except the 7" model) 
this volume still has not exceeded the volume of a 
football. The device with an outer diameter of 2.1 m 
and inner payload section of 1 m has the maximum 
size. It allows making human-aided experiments. 


At different stages of the experiments the calculations 
were made by all available known modern methods to 
fix time. All types of electronic, quartz, mechanical and 
several specially made doubled quartz generators were 
used (there were compared frequency readings of 
measuring and etalon heat-insulated generators which 
were placed at a distance). Certain experiments used 
lightguiding diodes and some other methods. Before and 
after the experiment (more rarely during the experiment) 
readings of measurement clocks were periodically 
compared with those of an etalon clock and with signals 
of exact time which were transmitting by radio. Other 
physical factors causes side effects upon some types of 
measuring devices, for example, upon quartz-crystal 
clocks. However, doubling of measurement methods 
allowed essentially decreasing inaccuracy of 
measurements. 


At some operating modes (which were not always 
predicted) the change of Time speed was attained (Prof. 
Nikolay A. Kozyrev called it density of Time t/t,). This 
change came to about a fraction of a second per an 
etalon hour. Let us take usual “etalon” earth time as 
t=+1 then it becomes clear that it is speed range of 
+0.99<t/t<+1.01 which is researched in the 
experiments. Thus being placed inside the device, the 
inanimate objects and animals were transferred in the 
Puture (with “above-zero” speed) more slowly or faster 
than those around them. It occurred at all operational 
modes of the device (deceleration or acceleration). 


Difference of Time (gradient of Time speed or 
curvature of Space-Time field) was observed not only 
inside the TM, though there is no doubt that a maximal 
value of changed Time was registered inside the smallest 


“matreshka’”’. As was expected, during the experiments 
Time change was also registered outside the device. 
However such change which had an opposite sign was 
smaller than the change inside the device approximately 
by an order of magnitude. It entirely corresponds to 
geometric laws, i.e in proportion to the cube of the 
distance). 


In other words, TM influences not only its inner part 
and pay load but also the environment. It bears a strong 
resemblance to jet propulsion but in Time and not in 
Space. It is a flight which is realized by rejection of Time 
instead of mass. 


Thus it was determined that the processes of 
deceleration and acceleration of Time distinctly differ 
in their nature and consequences. In such a way the 
deceleration was considerably smoother and more stable. 
During acceleration there were observed sudden changes 
in readings and this operational mode was characterized 
by general instability and dependence on any (or many) 
external factors. Particularly, acceleration instability also 
consisted in the following:at fixed power the value speed 
of Time depended on the time of day and situation of 
the Moon. Possibly it also depended on some other 
factors including the presence of an operator or other 
people near the device. Even insignificant external 
influence, for example, mechanical shaking, caused the 
change of speed value which sometimes was rather 
significant. 


Inside the laboratory devices there was also registered 
that Time can change with some sluggishness. After 
the changed Time speed influenced some physical object 
(for example, soil) then residual effects were observed 
at it for some period of time. These effects can be 
eliminated only by the influence of another speed of Time. 


Preliminary general conclusions 


The Present is the transfer or transformation of the 
polyvariant easily changeable Future into the univariant 
unchangeable Past. Thus flights in the Past (at “negative” 
density-speed t/t,) and in the Future will happen in 
different ways. They can be compared with the motion 
of an ant along the tree: from any point of the tree (Le. 
from the Present) there is only one way downwards open 
to the ant (ic in the Past) and many different ways 
upwards (ie. in the Future). However among all the ways 
to the Future undoubtedly there are most probable, low- 
probable and almost improbable variants for 
development of the Future. The less probable this 
vatiant of the Future the more unstable and energy- 
intensive the motion to the Future will be. According to 
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the “law of the crown of tree”, return to the Present is 
possible only if when being in the Past the traveler does 
not interfere in the course of events and does not change 
the course of the past History. Otherwise the 
chronotraveler will return to the parallel Present from 
the Past by another branch of History Penetration to 
the Future from the Present is hampered by the choice 
of the branch for transference. However return from 
any variant of the Future into the Present is possible at 
any scenario if there are no fusions of different variants 
of History... 


In other words, we have a citcumstantial evidence of 
the assumption that Time has more than one dimension. 
Thus there is an affirmation of the theoretical inferences 





% 


of R. Bartini who believed that Time has 3 dimensions. 
Hence we can consider our terrestrial globe as 6- 
dimensional where the dimensions are: length; width; 
height; age or date of Time; variant of History or blur 
of Time; density or speed of Time. Thus the notion of 
“Arrows of Time” is completely absent in the fourth 
dimension (date of Time) but it is a special case of the 
notion of the sixth dimension ie. speed of Time. At 
the same time the notion of speed of Time also relates 
to the physical notions of gravitation and energy. Thus 
the notion of “Einstein-Rosen bridge”, which was 
introduced in 1916, or notion of “worm course’’, which 
was introduced by John Willer in the end of the fifties, 
are connected with transference in the 5" and 6" 
dimensions. 





Method and Device to Control Temporal Parameters of 
Physical Processes by Means of Changing of 
Energy Density of Space 


Alexander V. Frolov, Russia 


General Director, Faraday Lab Ltd 
Tel./fax: 7-812-380-3844 
Email: office@faradayru 





This invention belongs to the methods and devices 
to provide control on rate of physical processes (that 
includes the process of the existence of matter in 
Space-time) by means of increasing or decreasing 
of energy density of space (ie. energy density of 
physical vacuum or density of the aether). 


Let us consider the history of 
the invention: 


Earlier there were proposed some methods and devices 
to influence the rate of physical and chemical reactions, 
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biological processes or period of oscillation of the 
system. In the works by NA. Kozyrev [1] there is a 
description of the experiments on the influence of some 
process (for example, process of evaporation or 
crystallization of matter) upon the period of another 
process, which set ves as a detector and can be compared 
with reference oscillation process. In one case, the rate 
of oscillations of the detector decreases in the 
surrounding area near the process of matter evaporation. 
In another case, the rate of detector oscillations increases 
in the surrounding area near the process of matter 
crystallization. If we use a term of “entropy” then it is 
possible to say that the processes which are accompanied 
with entropy increasing (for example, conversion of 
matter from solid state into liquid one) influence on the 
matter (surrounding processes) in such a way that 
entropy of systems decreases. In another case, for 
example, near the process of crystallization, entropy of 
systems increases in the surrounding area near this 
process. Kozyrev used the term “wave of density of 
time” and he made a conclusion that in addition to 
“directivity” of time (time course) there are active 
properties of time, for example, “density of time”. 


To develop this approach for applied purposes it is 
necessaty to use in-depth analysis of the physical sense 
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of the “time density” notion. Connection of notions 
about “time directivity” and “entropy of the system” 
was demonstrated in the work “Introduction into 
thermodynamic of irreversible processes”, 1964 by Ilya 
Prigozhin [2]. In the work “Quantum fluctuations of 
vacuum in curved space and theory of gravitation” by 
A.D. Sakharov [3] the conception of vacuum structure 
was suggested. In the USA the work “Can the vacuum 
be engineered for space flight applications?” by H.E. 
Puthoff [4] is well-known. The author considered the 
applied aspects for study of vacuum structure and 
described the method and device to obtain propulsive 
force by means of changes in vacuum properties. 


A substantive conception of time and methods for 
creation of waves of energy density were also considered 
by Prof. K.P. Butusov in the work “Time is a physical 
substance’, 1991 [5]. In the book “What is The Time?” 
by Yu. G. Belostotsky [6] the connection between the 
notions of time and aether was demonstrated. This 
connection was considered from the point of view of 
astrophysics there. 


We can also say that the modern conception of aether 
is successfully developed by V.A. Atsukovsky in his 
works [7]. 


In my articles, for example, “Physical principles of the 
Time Machine” [8], it was demonstrated that to develop 
experimental works on the topic it is useful to clarify 
the terminology and to consider “waves of time 
density” as longitudinal waves of energy density in 
space. In this case the notion of “time density” has a 
physical sense of energy density (aether density). 


This approach can be realized practically by means of 
classical electro-technical and radio engineering methods 
and it is a development of aether-dynamical conception 
on the nature of electricity and magnetism by M. Faraday, 
“Experimental researches on electricity”, volume 3, [9]. 


Let us consider a usual bipolar magnet from the point 
of view of aether-dynamics. Then it is possible to say 
that it is inflow and outflow of aether, i.e. it is a balanced 
energy system which does not change energy density in 
space. In this case it is evident that creation of magnetic 
monopole or modeling of quazi-monopole by means 
of electro-dynamical methods is a technical basis to 
create some local change of energy density in space. 


Electric processes could also be used alongside with the 
magnetic phenomena. For example, in another book 
“Symmettization of Maxwell-Lorenz equation” by Prof. 
Butusov [10] the creation of longitudinal wave was also 
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considered. It was demonstrated that an electrically 
charged sphere can radiate longitudinal wave when the 
sphere radius is changing, i.e. when its surface is changing 
while the value of electric chatge is constant. 


One mote well-known method is described in the book 
“Experimental gravitonics” by Polyakov [11]. There is a 
consideration of the generation of gravitational waves 
at the and 
demagnetization of ferromagnetic material, i.e. at the 


high-frequency magnetization 


powerful volume magnetostriction. Since at this 
phenomenon there are changes of matter density (Le. 
changes of energy density in space, which is occupied 
by matter), then volume magnetostriction is a special 
case of changes of energy density. 


Earlier Vadim A. Chernobrov had described a method 
and device to control temporal characteristics of physical 
and chemical processes by means of creation of the 
magnetic monopole (quasi-monopole). In this magnetic 
mono-pole there is a conver gent wave, which is created 
by several sources situated in the spherical frame. 
According to this method in the multilayer spherical 
(the so called 
“electromagnetic work surface’’) is an assembly of 


structure where every layer 


electromagnets, by means of series connection of the 
layers the wave is created, which converges to the center 
of the device. The device has the same outside magnetic 
poles of the electromagnets (and the same inner poles) 
and thus a model of macroscopic magnetic monopole 
is created. 


We assume that at in-phase operation of all sources of 
waves, interference of longitudinal waves provides some 
change of value of energy density of space in the focus 
of the system. 


Experimental facts prove that detectors installed in the 
center of the device (for example, mechanical or 
electromagnetic oscillators) show change of period in 
their own oscillations. We have protected them by 
shielding them from heat radiation as well as from other 
kinds of electromagnetic influence. Thus it is possible 
to assert that the detectors decelerate or accelerate their 
oscillation period de pending on the energy density, which 
is generated in the center of the device. 


However for the experiments made by means of such a 
device, accurate adjustments of all wave sources are 
required to provide their in-phase operation. At the 
same time, operational stability of the system depends 
on the operational stability of each of the wave sources. 
Increase of the impulse frequency causes increase of 
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the effect; however, it is limited by the parameters of 
electromagnets and generator of impulses. Besides, to 
increase the effect it is necessary to use more powerful 
enetgy sources since the current in the windings of 
electromagnets determines the value of the magnetic 
field of the created quasi-monopole. 


Since the efficiency of such systems directly depends 
on the frequency and the value of changes of energy 
density in space, then in the next version of realization 
of this technology we suggest using of plasma shells 
instead of electromagnetic working surfaces. This will 
allow significant improvment in the specific parameters 
of the device. 


Thus let us consider general engineering principles of 
operation and outline the ways to develop this method. 
Fig, 1 represents a three-layered electromagnetic emitter. 
This electromagnetic emitter is designed according to 
the invention in which the directed mdiation of wave 
of energy density is created along the axis of the device. 





Fig. 1 





Thr ee-layered electromagnet with ferrite core 
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The device is designed according to the idea by 
Vadim A. Chernobrov for creation of the directed wave 
of energy density by means of phase shift in propagation 
of impulse front in three current branches, namely 
is i t,. These branches are displaced along the 
electromagnet axis at some distance d. 


The device works in the following way. When the pulsed 
generator is activated, front of current pulse 7, appears 
at the output 4. Impulse front at branch 1 advances 
impulse front at branch 2 that is caused by spatial shift 
of current branches 1, 2, 3 relatively to each other along 
the electromagnet axis at the distance d. Impulse front 
at branch 2 in its turn advances impulse front at branch 3 
for a certain time T. The second output of the 
electromagnet 5 is placed in such a way that impulse 
front at branch 1 will phase lag behind the impulse front 
at branch 2 (which in its turn will phase lag behind the 
impulse front at branch 3) for the same period of time 
T. Therefore at branch 5 the united impulse front is 
generated again. 


Time T can be calculated in the following way: 
T=d/c (seconds) (1) 


where C is a constant of propagation of impulse front. 
This constant is known as velocity of light. 


At each impulse the T (ie. the value of relative lag of 
impulse front) is a constant value. Thus high-frequency 
consequent excitation of layers of the electromagnet 
appears at each impulse The frequency of the excitation 
is calculated in the following way: 


f=1/T (2) 
where T is relative lag of impulse front in seconds. 


There is an example of frequency calculation: for 
the shift distance d=7 mm we can calculate a lag 
T = (7/2.997924)x101'=2.335x10"' (seconds) and 
frequency f=1/T approximately comes to 4.28x10" 
(Hertz). 


Thus this design of three-layered electromagnetic emitter 
allows creating the waves of supet-high-frequency band 
(for example of millimeter range) without the use of a 
semiconductor or other radio components. 


It is very expedient to use the electromagnets designed 


with magnetostrictive material cores, that will 
significantly increase energy density of the longitudinal 
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wave, w hich is generated by the multilayer electromagnet. 
In Fig 2 there is an emitter with the core. In the case of 
high-frequency ferromagnetic magnetostrictive materials 
6 the efficiency of emitter operation significantly 
increases. 





Fig. 3 
Spherical design 


Fig, 3 represents the spherical distribution of emitters 7 
at the upper 8 and lower 9 hemisphere of the frame 
which could be opened in order to place detectors and 
different objects inside. It can also allow to establish in 
what way the changes of density of space energy 
influence the properties of different materials, velocity 
of physical and biological processes as well as chemical 
reactions. The installation of detectors 10 inside the 


device is shown on Fig, 4. 





Fig. 4 
Detectors inside the system 


Another version of design is represented in Fig. 5, where 
the suggested method is realized by means of a spherical 
electric capacitor with three coats 11, 12, 13. Each 
capacitor coat is connected to the outlet of three-phase 
pulsed generator 14. 
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Fig. 5 
Three-layered spherical capacitor 


In this case the wave of energy density is created without 
electromagnetic emitters and this principle is not related 
to the modelling of magnetic quasi-monopole. The 
device operates due to the control unit, which provides 
the high-frequency changes of electric potential at each 
coat in such a way that the mode of high-frequency 
converging or diverging wave of energy density is 
created. In fact it is a standard three-phase generator 
but it produces not the rotation of the rotor of some 
electromotor but “compression” or “decompression” 
of aether. Aether is “pumped” in the center of the 
device or “pumped out” of the center. 


In this case there is no need to tune separate sources of 
waves to make the device work in in-phased mode. It 
ensures reliability of the device operation if to be 
compared to the quasi-monopole. Besides, much less 
energy is necessary for the processes of charging and 
discharging of multi-layer spherical electric capacitor 
than for creation of magnetic field by means of 
conductivity currents. 


Since the efficiency of such systems directly depends 
on the frequency and value of changes of energy density 
in space, we suggest the use of plasma shells instead of 
electromagnetic work surfaces for the next version of 
the device. It will allow significantly improvment in the 
specific parameters of the device. For that it is enough 
to place the electrodes of the multi-layers capacitor in a 
low-pressute gas area and these electrodes should be 
made as gauze electrodes. At that the wave is created in 
plasma, which is excited layerwise by several gauze 
electrodes placed in a spherical space between the inner 
and outer spherical bodies of the device. Therefore this 
version of design of the device can be considered as 
the manipulation of the plasma method. 
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Fig, 6 is a plan of one more design version. It is made as 
an inner frame 15 and outer frame 16, the space between 
them is filled with some gas 17. Three electrodes 18, 19 
and 20 are connected to the three-phase pulsed generator 21. 
Consequent excitation of plasma layers by 
electrodes 18, 19 and 20 creates the wave of energy 
density. Propagation of this wave can be directed both 
to center of the device and from the center of the device. 





Fig. 6 
Wave in plasma 
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Fig. 7 
Schematic electric circuit 


In Fig 7 there is a schematic electric diagram of the 
design. 


New Energy Technologies, Issue #3 May - June 2003 


To conclude. The work on time control has just star ted. 
We have clearly determined the main physical principles 
of operation of such devices, which can change the 
aether density in some given volume of space and thus 
influence temporal parameters of any physical process. 
The small experimental results today allow us to make 
real positive condusion on availability of this method 
and on the possibility of its practical application in 
applied aspects. The first aspect is antigravitation 
propulsion technology and we are developing the 
methods to detect mass (weight) changes in the time 
control experiments to prove this applied possibility. 
Another atea is medical applications of the changes in 
the aether density 


Russian Federation patent claim #2003110067 was filled 
April 9, 2003. At present time we are interested in 
marketing for this technology as well as in search of 
additional investment and partners. 
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A ctisis exists these days both in Natural science on the 
whole, and, in its basis, i.e. physics. This situation is 
caused by fundamental errors in the methodology of 
its theory. The postulate method and predominance of 
mathematics above physical sense can be also considered 
as the reasons for this. Crisis situation has also taken 
place in the past and the way out was always to use a 
deeper level of matter organization than the accepted 
one. 


A large amount of material on elementary patticles of 
matter is collected in physics. It was discovered that all 
these patticles can be transformed in each other. Besides 
that, there was discovered the ability of vacuum to create 
such particles at strong electromagnetic fields. In this 
connection it becomes clear that all these particles and 
vacuum have a common building material, i.e a physical 
medium which fills all the world space. This medium 
was renamed aether and the element of the medium 
was renamed amet. 


The worked out methodology of aetherodynamics 
allowed determining that aether is a usual viscous 
coercible gas for which all laws of usual dynamics of 
gases are valid. It has allowed to determine its 
characteristics for near-Earth space and then to describe 
the structures of primary stable elementary particles (i.e. 
proton, neutron, electron, photon, atomic nuclei, atoms 
and some molecules) as well as physical essence of 
general fundamental interactions (i.e. strong and weak 


nuclear interactions, electromagnetic and gravitational 
interactions) and some physical phenomena. 


Also developed was the model of aether circulation in 
the Universe within the limits of perpetually existent 
matter, usual Euclidean space, and evenly flowing time. 
Formation and decay of matter, formation and decay 
of celestial bodies and galaxies as well as functional 
classification of galaxies are also included thete. 


‘To confirm some theses the author and his tesearch team 


conducted several experiments mainly on 
electroma gnetism that gave positive results. The research 
was conducted on testing of the presence of aether wind. 
These research works have confirmed the results 


obtained by D. Miller in 1925. 





Report by Vladimir A. Atsukovsky 
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Electromagnetic Gravitational Interaction 
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In the artide some mechanisms of electromagnetic 
gravitational interaction will be considered in the view 
of the Unified Theory of Field, Space and Time. See 
the complete description of The Unified Theory of 
Field, Space and Time at http://uic.nnov.ru/~kovy2; 
http://uft.h1.ru or in the book [1] which has the same 
title. 


First of all, let us consider the structure of Space-Time 
where the radiation propagates. In our World gravitation 
is the unique substance which exists everywhere and 
gets over any obstacles. There are no known methods 
of insulation of gravitational field in modem science. It 
is impossible to imagine space and g ravita tion separately. 
Gravitation exists ever ywhere where there is some space. 
The gravitational field created by all masses of our 
metagalaxy is the aether in which cosmic objects moves 
and electromagnetic oscillations are propagated. The 
space surrounds us since the whole matter carries 
gravitational charge of only one sign. From astronomical 
research of cosmic space it follows that radius of 
metagalaxy is equal to the critical (gravitational radius) 
and hence gravitational potential is equal to c?~ 10” 
[m?’/c’] in each point of space. 


In our space the sum potential of the electric field is 
equal to zero. All bodies and space-time as a whole are 
electrically neutral. This assertion follows from two 
unique properties of gravitational space-time: 


1. Values of electric charges of different signs of 
elementary particles are exactly equal. 

2. There is an equal number of elementary particles 
which carry electric charges of different signs. 


If electric potential is equal to zero in the given point 
of space then energy of alternating magnetic field passes 
entirely to the electric field and radiation gains the 
parameters of electromagnetic oscillations. However 
electric potential of positive and negative signs can prove 
its properties at the simultaneous charging of different 
local spatial regions. In the electric field the character 
of radiation differs from that one which is observed in 
ideal gravitational space-time (without electric potential). 
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In the presence of electric potential some part of 
magnetic energy is spent to create gravitational 
alternating field. Radiant energy is absorbed. Electrically 
charged spatial regions are perceived by us as filled with 
a strong absorbing substance. At the same time if the 
potential of the electric field can be compared to the 
potential of the gravitational field then spreading of 
radiation becomes impossible. 


Change of both electric and gravitational field results in 
the creation of a magnetic field in the region of space- 
time which has a dual electrog ravitational nature. Change 
in the magnetic field results in the creation of both 
electric and gravitational fields. The amplitude of 
electromagnetic and magnetogravita tional constituents 
of the unified electromagnetic gravitational oscillations 
depends on field potential of opposite nature. The 
electromagnetic constituent is determined by 
gravitational potential and the magnetogravita tional one 
is determined by electric potential. Transference of 
gravitational masses of matter in electrogravitational 
field-aether causes the creation of the proper magnetic 
field. Coming from the direction of magnetic field some 
force influences upon the moving electrically neutral 
masses. This force is similar to Laurence force. 


Electromagnetic gravitational converter designed 
according to the Searl Effect (Fig, 1) visually demonstrates 
the mechanisms of electromagnetic gravitational 
interaction. A detailed description of the experiment is 
presented in the article [2] by Vladimir Roshschin and 
Sergey Godin (see http://www.n-t.org/tp/ts/dms.htm). 
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The device consists of a cylindrical stator of about 1 
meter in diameter which is surrounded by 24 cylindrical 
rollers. Stator and rollers are made of magnetic material 
and they are magnetically linked (there is no contact 
between them). Vector of the magnetic field of the stator 
and rollers is vertically oriented along the axis of the 
cylinder but it has opposite direction. Rollers are 
mounted on the movable separator which circles round 
the stator. Each roller rotates on its axis in the same 
direction. The weight of the device is 350 kg. During 
rest, the device is electrically neutral and has proper 
gravitational charge, inertial mass, magnetostatic field of 
the stator and rollers. 


On totating of the magnetic system the following ef fects 
were observed: 


Depending on the frequency (up to 35%) the 
weight of the device was decreased. 

Ata frequency of 550 rpm there is a spontaneous 
acceleration of the system and turns of the rotor 
abruptly increase (in quadratic dependence). To 
stabilize the mode it had to take off the excess ener gy 
to active load (up to 7 kWtt) by means of 
electromagnetic transducers. 

Magnetic field was distributed in a room as 
concentric surfaces of 5-8 cm thickness and 50-60 cm 
period. Depending on speed of rotation of the 
magnetic system there was a fixed temperature 
decrease from 0 to 8° within the regions of space 
which were curved by magnetic field. 

The glowing (corona discharge) appeared around 
the working converter. 


Appearance of all mentioned effects is caused by the 
simultaneous presence of electric, magnetic and 
gravitational fields in the area of the converter. 





Fig. 1 
Electromagnetic gravitational conver ter 


Because of the Searl Effect a very complicated 
configuration of electric, magnetic and gravitational 
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fields appears in the device. Rollers having their own 
field B rotate around the stator which has its field B. 
Cycloidal motion of numerous magnets which are built 
in the rollers causes change in the magnetic flux. EMF 
Eappears in the area of rotation of the rollers. EMF is 
directed along the perimeter around the device. The 
electric field creates stationary waves which ate registered 
around the device as concentric electromagnetic 
gravitational walls. Magnetic rollets should be made non- 
conducting in such a way as to allow electric field 
penetrating inside. In the presence of the electric 
potential change of the magnetic flux causes appearance 
of gravitational field G. This field is directed along the 
perimeter around the device. In the presence of electric 
potential the Lorenz force influences the gravitational 
masses of the rollers. These gravitational masses move 
in the external magnetic field of the stator. The Lorenz 
force is directed transversely to the velocity along the 
cycloid and in the direction of the field B. The value of 
the Lorenz force depends on the electrical potential, 
magnetic intensity, mass of the rollers and their traverse 
speed. The electric potential in its turn depends on speed 
of rotation of rotor of the magnetic system. As a result 
the Lorenz force depends on speed according to square 
law. Rotating gravitational masses of the rollers generate 
magnetic field B,. Field B, generates derived fields E, 
and G, etc. 


Spontaneous acceleration of the system does not depend 
on the direction of rotation. Directions of fields and 
forces change at change of the direction of rotation 
that corresponds to acceleration in the opposite 
direction. When the direction of rotation is changed 
the weight of the device changes. When rotation is in 
one direction the field G, is directed upwards (decrease 
of weight), when rotation is in another direction, it is 
directed downwards (increase of weight). In the presence 
of electrical potential many other interesting but still 
unstudied phenomena are observed (for example, curve 
of space, change of speed of time-flow, changes of 
ambient temperature. ..). Magneto gravitational converter 
transforms gravitational energy of space-time into 
energy of electric field which in its turn is transformed 
into mechanical energy of the rotating magnetic system 
and electric energy of the load. Energy resources of 
the future are not coal and gas reserves or nuclear power. 
They are in the inexhaustible energy of gravitational 
aether of our space-time. 


Reference 
1. V.Ya. Kosyev. Unified Theory of Field, Space and Time. 


Nizniy Novgorod, “Arabesk”, 2000. 
2. New Energy Technologies #1, 2003, p.35. 
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By medium for existing of matter in Nature we 
understand physical vacuum which is a category 
determining all spheres of matter “life” (from particles 
of microworld to gravitational interactions in the 
Universe). Matter can not exist without this medium. 
Thus a question emerges, viz: how physical science can 
be developed without taking this fundamental aspect 
into consideration? 


According to the Einstein postulate, in a void light always 
propagates with limited speed, which does not depend 
on the motion mode of a radiating body. It is a statement 
of deep physical sense which lies in the fact that only 
some physical medium can possess such a property. 
Indeed, if velocity of light, which was radiated by a body, 
further does not depend on speed of this body then it 
is possible only in a certain medium. For example, in air 
sound propagates with a certain speed which does not 
depend on the speed of the source and is determined 
only by density and volume elasticity of air. Thus, 
according to the Einstein postulate, there is a physical 
medium instead of void and velocity of light depends 
on the parameters of this medium (as is well known, 
velocity of light is equal to the square root from the 
product of inverse values of electrical and magnetic 
conductivity of vacuum). 


The author of this article made an attempt to research 
this physical medium [1]. The author used a well-known 
experimental fact that at interaction of a photon with a 
charged real particle this photon transforms to electron- 
positron pair. Besides, it was taken into consideration 
that photon is an electromagnetic phenomenon. The 
research allows the following conclusion: the medium 
named in physics as vacuum (before the XX century it 
was called aether) is created by electric dipoles from (+) 
and (-) elementary charges. These dipoles are surrounded 
by magnetic (mass) continuum. There were determined 
dipole intervals, elasticity of decompression and ultimate 
strength of this interval. What does this model of 
medium mean? 


1. This model is a physical validating for the “birth” 
of electron-positron pair at energy which is necessary 
to break dipole and create the “clot” of mass of 
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these two particles. A certain model for the “birth” 
of mass must exist. It is not clear as yet but can be 
represented as a vortex of magnetic continuum inside 
the charge shell of electron and positron. 


2. Let us suggest that values of (+) and (-) charges 
differ at 7.848981x10*! Coulomb, then this difference 
is sufficient for the medium to be a source of 
gravitation and inertia. According to Newton’s law 
of gravity, a weak electric charge of medium (all 
material bodies exist in this medium) causes all bodies 
to attract one another (under Coulomb’s law). On 
the other hand, weak medium charge of a like sign 
creates repulsive forces which manifest themselves 
in the form of the expanding Universe. Thus it 
becomes clear the amazing uniformity of gravity and 
forces of negative pressure for the Universe. The 
mentioned difference of values of (+) and (-) 
charges of medium dipoles is not used as arbitrary 
parameter but it logically follows from its electrical 
structure [2]. 


3. Hypothesis of nature of gravitation is confirmed 
by calculations of the deflection angle of electric 
waves by the Sun. Calculated angle differs from the 
experimental value only in the fifth sign, which 
depends on the accuracy of several physical values 
used in calculation formula. There is practically an 
absolute coincidence with Einstein’s theory. The 
difference is that it is a concept of space and time 
(i.e. geometry) which prevails in the general theory 
of relativity while in the nature of gravitation physical 
basing is used. Velocity of light is unstable and 
determined by medium state which depends on 
electric, magnetic and gravitational potentials. 


4. The existence of “black holes” relates to medium 
structure and nature of gravitation. At the edge of 
“black holes” the ultimate acceleration from gravity 
is realized. It causes breakdown of connections in 
electric dipoles of medium, creation of matter and 
antimatter (the so called “evaporation” of black holes 
which was theoretically predicted by E. Hoking, 
England). However at the border of a black hole the 
velocity of light is equal to zero since its propagation 
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medium disappears. According to Einstein’s theory 
it is such a deceleration of time that electromagnetic 
oscillations gain zero frequency. 


5. Naturally the medium isa carrier of all types of 
electromagnetic radiation, beginning at stationary 
electric voltage and ending with super-high-frequency 
“photons”, which can be determined not as 
electromagnetic but as magnetoelectric phenomenon. 
In the latter case magnetic continuum of medium 
has a crucial importance since it determines very 
small degrees of magnetoelectric disturbance. These 
degrees are thousands of times less than those of a 
hydrogen atom. It is reasonable that such small 
degrees creates illusion that a photon possesses 
properties of particles. 


6. Medium structure directly leads to the notions 
of Quantum Mechanics, beginning at quantification 
of electronic “orbits” in atoms. This medium 
determines the “allowed” spots for electrons to be 
placed around a nucleus. Thus medium is a necessary 
place for the existence of all matter or matter of the 
Universe. The so called Compton length of electron 
wave is one of the validations of this statement. It is 
directly calculated to a high accuracy according to 
electric structure of vacuum. 


7. Thus Plank’s constant is not a mysterious 
“quantum of action”, on the contrary it is entirely 
determined by medium parameters. Thereby the crisis 
(which conventional physics is accused of) can be 
logically overcame by the introduction of medium 
which is capable to take radiation in electromagnetic 
region only by quanta. Plank’s constant is always 
presented at all quantum approaches. It is additional 
evidence in favor of the necessity to take into account 
the medium as natural place for existence of all the 
matter in Nature. 


8. Itis still a question what processes take place in 
the centers of galaxies. The observations show that 
the centers of galaxies create star matter. They often 
flow out the centers and settle themselves at 
approximately the same plane. It is an evidence of 
the fact that centers of galaxies quickly rotate and 
the favorable conditions for stars to reject matter 
are created. Similarly planetary systems are created 
around the rotating stars. It is thought that centers 
of galaxies are gigantic black holes. In the context 
of the concept of medium for matter existence it 
can be set up a hypothesis that being at some special 
state the medium creates stellar systems, i.e. galaxies. 
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9. Astrophysicists more and more trend to accept 
the existence of unknown “dark” matter, which 
occupies approximately 70% of all matter. It is said 
that due to antigravitation property this dark matter 
is responsible for the expansion of the Universe. 
Hypothesis on the nature of gravitation gives the 
affirmative replies to such suggestions as: expansion 
of the Universe is caused by weak electric charge of 
the medium and distributed mass of magnetic 
continuum is the very dark matter. 


10. All elementary particles (electrons, positrons, 
mesons, protons, neutrons etc.) are in the medium 
and interact with it. In the case of electrons and 
positrons this interaction causes the great extension 
of dipoles of medium which directly adjoins to 
borders of particles. This extension helps photons 
to break the particles. In case of protons, there is 
such a breakdown of the medium at their borders 
that protons turn to be dressed in “coats” of virtual 
electrons and positrons. And medium is shown to 
be in entire state only when reaching the first Bohr 
orbit. This interaction of the medium and particles 
leads to the factors which determine the life time of 
some of them. Thus life time of a neutron is up to 
30 minutes depending on the state which it has while 
leaving the nucleus. For mesons “the tearing” 
Coulomb forces, which exist between the medium 
and particles, are very powerful that makes the life 
time of mesons very short. However if the particles 
moves with a high speed relatively to the medium, 
then these forces noticeably decrease and if the 
speeds of motion is close to velocity of light then 
these forces become very small. The life time of such 
particles noticeably increases. In Einstein’s theory it 
is said about “deceleration” of time. Finally the life 
time of particles is determined by the inner steadiness 
and outer influence of the medium. Protons have 
fantastic binding energy and they cause such great 
external destructive effect that their life ttme becomes 
immense. 


11. When particles move in medium with high speeds, 
there is a concentration of magnetic continuum 
which is recognized as increase of mass of particles 
at increase of their speed. Evidently, we can continue 
the list of physical phenomena which relate to the 
presence of medium for existing of matter in Nature. 
However it seems to be enough to admit that medium 
(physical vacuum, aether) is of a great importance 
for the very existence of the Universe and for the 
processes which take place there. “Mechanism” of 
gravitation and inertia has a special importance since 
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it is the only thing which can make clear the real 
mechanism of Nature. It is possible that the 
methodology, which is accepted in physics, is 
necessary for more accurate description of 
phenomena but it is not enough for understanding 
of the nature of “space” and matter. Research of 
the medium for existing of matter will be able to 
meet the conditions sufficiency. 


The understanding of vacuum structure, which is created 
by electric lattice from charge dipoles, surrounded with 
magnetic continuum, gives an opportunity to control 
the forces of gravitation and inertia. The medium of 
vacuum can be influenced by: 


1. The radiation which has frequencies coming to 
the frequency from point #11 of the list of 
parameters. 

2. Electric voltages which exist in vacuum (it is not 





% 


very promising because of real matter breakdown). 
3. Magnetic intensities (magnetic flux density). It is 
the most promising influence method (1-10 Tesla is 
enough to compensate terrestrial gravity). 

4. Transformations of low accelerations to high 
accelerations of impact type. 


Potential electric and magnetic energy is immense in 
vacuum medium. Reasoning from energy of one dipole, 
which is equal to 1.6x10 (-13) Joule, we will derive the 
value of electric energy equal to about 10 (+31) Joule 
per one cubic meter of the medium that is equivalent to 
mass annihilation of 10 (+ 15) kg! 
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Spartak M. Polyakov 


(09 January, 1931 - 04 June, 2003) 


Spartak M. Polyakov, a legendary physicist-experimentalist, known for his research in the 


connection. 





(Russia). 


Plyakov’s alternative physical theory allows explaining such phenomena 
as magnetostriction and optical magnetization. The basic postulate of 
this theory states that the speed of propagation of gravitational waves 
is dozens of times faster than velocity of light regarded by the traditional 
science as the limit. In his experiments Polyakov demonstrated such 
methods of generation of gravitational waves as precession of 


gyroscope and remagnetization of ferromagnetic. 


While working for “Istok”, Polyakov designed on his own a device 
which is possibly the first gravitational motor in history. Total specific 
thrust produced by rotation of gravitating mass comes to 2.5 kg/kWt. 
This index is close to that produced by the engines of modern 
helicopters, which is equal to 8 kg/k Wt. Practical application and further 
development of Polyakov’s ideas can provide humanity with new kinds 
of communication, gravitational engines and free energy devices. 
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Spartak M. Polyakov graduated from 
Kishinev State University with degree 
in “General Physics”. For many years 
he worked at the top secret military 
engineering department “Istok” 


field of gravitation, has died. Polyakov was the author of more than 50 research works, 
among them “Introduction into experimental gravitonics». Polyakov was the creator of the 
new model of photon. He also conducted numerous research in the field of electrodynamics, 
gravitational phenomena and superlight —— 
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Principle of Operation and Experimental Data 


Sergey S. Abramov, Russia 
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Adams’ 
represents the type of devices 
which use, as their creators 
claim, so-called “free energy”. 
The term “Zero point energy” 
is also used in some sources [1, 


motor-generator 


2]. Due to quanta-mechanical 
fluctuations, this enetyy exists 
even at zero temperature. 
Adams’ motor-generator 
belongs to the group of Switch 





reluctance motors [3]. Robert Adams, former Chairman 
of the Institute of Electrical Electronics Engineers, 
USA (New Zealand section), designed this machine 
in the late sixties of 20" century. Similarly to all the 
devices utilizing free ener gy (referred to in come sources 
as “overunity devices”), Adams’ device remains 
practically unknown to the general public The device 
is rather simple to assembled even at home, which 
I experimentally proved. However, it is necessary 
to be very careful while choosing the model 
parameters. As to the latter I have managed to 
collect quite a big number of instructions from 
existing sources; the summary of these instructions 
is presented below in this article. Based on these 
instructions, a low-power model can be assembled 
even without a mathematical analysis and modeling 
of electromagnetic field. Such model would 
certainly facilitate optimization of the device. 


Adams’ motor is most frequently a DC machine; 
however, it can also use an AC soutce through a rectifier. 
In the latter case only the adjustment of the device and 
its control system can be provided. 


Editorial: We disagree with some assertions of the 
author; however this article is of great interest. 


My experiments on my own model do not yet allow me 
to make an unambiguously positive conclusion 
concerning the possibility to generate excessive energy. 
Experiments with my new control system designed on 
the base of AVR controller AT90s2313-10PI (it is 
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produced by Atmel company (http://www.atmel.com) 
will allow to be mote specific. Below there is a general 
analysis of the motor principle of operation and a 
number of recommendations concerning the 
construction and technology. I do not propose to take 
this as compulsory rules to follow; other technical 
solutions ate possible. 


Basing on the principle described in this article, 
R. Adams (the link to his articles is available at: 
http://www.aethmogen.com/wri/intro.shtml) created 
a few DC motor-gener ators which operate on permanent 
magnets. Some of them, according to information found 
on the Internet, have manifested 690% electrical 
efficiency and 620% mechanical efficiency. These devices 
operate at room temperature without overheating. My 
device has shown between 1 and 3 degrees overheating 
after an hour of functioning However, it is easy to prove 
that such overheating is predictable for an average 
current of 0.15 A in coils of 35 mm long and 25 mm in 
cross sectional diameter. I have not been able to prove 
the data published on the Internet concer ning the Adams 
motor capability to operate when the stator temperature 
is a few degrees lower than that of the environment. 
The temperature of the coil and of the power transistor 
is a good indicator of correctness of the circuit set-up 
and of functioning of the control circuit. There were 
cases when transistor and coil were noticeably heated 
after adjustment. Usually this was explained by a bad 
choice of points of transistor switching or by too 
extensive current impulses in the stator (which must 
amount to approximately 25% of period length). After 
the required adjustment the motor continued to operate 
almost without overheating, 


Adams’ motor was first mentioned in Australian Nexus 
Magazine in 1992. Later, Harold Aspden (Britain) 
proposed a slightly improved version of the motor and 
received Great Britain patent No. 282708 [4], which 
strongly reminds of the original version published by 
the above magazine. Adams’ device represents an 
electrical motor and/or generator consisting of a rotor 
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with radially directed permanent magnets and of a stator 
also constructed with a few radially directed and 
periodically magnetized cores with winding. (Fig. 1). In 
some models axial orientation of magnets and coils are 
also used. 


Permanently magnetized poles of rotor can include any 
number of poles, even an odd number. Analogous poles 
of the magnets (all N poles or all S poles) are directed 
outside. A version with alternating poles is also possible; 
such model allows the torque to increase. In this case, 
after passing a rotor pole the stator is demagnetized by 
the current impulse and begins to be attracted by the 
magnet of different polarity. This circuit requires a more 
complicated control; on the other hand, it manifested 
rather good results in certain models. 





Fig. 1 


Poles with winding placed on the rotor are radially 
oriented in order to obtain a supply of energy emerging 
as a result of the influence of counter emf from the 
rotor poles. Steel or iron cores are used for the poles of 
the stator with winding. It is also possible to use other 
materials, at that the core must have high magnetic 
inductivity and low level of magnetization reversal losses. 
The stator winding consists of a few hundred turns. 
The current inducted by the magnet in this winding will 
have the polarity which will cause repulsion of the 
magnet. Since the electromagnetic state of stator changes 
quite significantly and quite fast, then the stator core 
can be considered to be the most crucial element of the 
device. Ignoring this fact was one of the most frequent 
mistakes made by those who tried to reproduce Adams 
motot. 
The current inducted in the stator is the function of: 

field size, 

number of winding tums, 

speed of flux changes. 


Resultant parameters of this device cause each pole to 
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be attracted or repulsed by stator poles when the rotor 
is in certain position in case when the rotor is unbalanced. 
To achieve this effect it is required to switch the input 
current in control coils after the signal from sensor of 
rotor position. R. Adams used a mechanical switch as a 
sensor. My device and a number of other devices use 
the signal from two Hall sensors. However, according 
to experimenters’ information, better results are achieved 
if a position optical sensor is used. 


Time of switching of impulses is determined by the 
size of the motor itself, i.e. the speed of motor rotation, 
location of rotor magnets towards the stator windings 
and the distance the rotor magnets pass while moving 
by the poles with stator winding. 


It is necessary to take into account that 
any part of this motor can be modeled 
based on the existing electromagnetic 
theory and no part of the motor is in 
conflict with any laws of 
electromagnetism. There are so many 
ways to construct Adams’ motor that 
any version may be considered to be 


correct. 


One can say that the frequently 
pulsating electromagnetic process in 
the stator core is what allows Adams’ 
device to function as a kind of diode 
which botrows energy from the field 
of permanent magnet but then does not return that 
energy in full. 
5 stages can be defined in the periodical process which 
takes place in stator: 
1. The magnet is attracted to the stator core. The 
permanent magnet is attracted to the iron core of 
the stator with winding. While doing so no 
consumption of electrical current takes place. It is 
as if kinetic energy is borrowed from an internal 
ferrite magnetic source and is supposed to be 
returned into the stator. 
2. Stator core is magnetized. During the period when 
the magnet is positioned in front of stator core they 
both comprise a single magnetic conductor with an 
air gap and the stator core becomes an extension of 
the magnet side it faces. It is usually supposed that 
the energy “borrowed” on the first stage is getting 
back now. 
3. Stator core is demagnetized. When the stator core 
becomes rotor magnet extension, the circuit closes 
and current impulse gets to stator windings. I have 
seen the instructions saying that the angle between 
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stator axles and rotor magnet must amount to 7-8 
degtees as shown in Fig. 1. However, my model made 
it clear that at increase of speed of rotation it is 
necessary to start the coil a little earlier, when the 
magnet axle has not reached the stator axle. Probably 
this applies to the circuit with a Hall sensor only and 
if an optical switching is used the making angle will 
be different. 
Magnetic field of this current acts to compensate 
magnetization of the stator, which is caused by the 
field of rotor magnet. Consequently, the summed 
current significantly compensates attractive force 
between rotor and stator and the rotor can freely 
rotate by using the inertia obtained at stage 1. This 
process is characterized by the fact that this current 
impulse is amplified by the current inducted in the 
stator winding by rotor magnet which, in accordance 
with Lentz law (1834), counteracts the power which 
induced it. Consequently, kinetic energy obtained as 
a result of attraction of the rotor to the stator at 
stage 1 is transformed into electrical demagnetizing 
impulse in stator winding during the period when 
the rotor and stator directions are congruent. This is 
the unique overunity characteristic of this model. 
However it is obvious that instead of retuming this 
energy the motor transforms it into electromagnetic 
demagnetizing field. 
4. Restoration: when the rotor is removed from the 
stator attraction zone the latter looses energy and 
returns to its initial demagnetized state. Decreasing 
electromagnetic field creates a current wave of 
reverse polarity which can be stored in the capacitor. 
5. Reiteration of the process: This periodical process 
is renewed as described in stage 1 during the next 
magnetization of the stator, excluding the fact that 
emf preliminarily stored in the capacitor, on term 
of presence of suitable electrical circuit, can be used 
for facilitating stator demagnetization or even used 
to supply the load. 
It may be briefly summarized that the frequently 
pulsating electromagnetic process in the stator core is 
what allows Adams device to function as a kind of diode 
which bor rows energy from the field of the permanent 
magnet but does not return that energy in full. The 
important characteristic of such motors is that the stator 
windings are used for demagnetizing and not for 
magnetizing as it could seem from the first sight. 


It is noteworthy that there is a small pause between 
attraction to the stator and repulsion from the stator. 
The effect of attraction to the core takes place a split 
second before the repulsion effect manifests clearly. This 
pause being the reason of electromagnetic asymmetry 
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creates conditions necessary for achieving overunity 
effect. If the attraction to the core and repulsion by 
means of Lentz currents were taking place 
simultaneously and with the same power there would 
not be any over unity characteristics. That is why the rotor 
must be as lightweight as possible. From this point of 
view, T. Harwood’s model is the most lightweight of 
the known models. In Harwood’s device the magnets 
are mounted between two CD disks fixed on the shaft 
by means of plastic washers and glue. My model is 
heavier, which can be considered as one of its 
disadvantages. 


The principle of operation of Adams’ motor is based 
on the balance, which creates the electromagnetic 
asymmetry. To get the motor to operate the magnet must 
be attracted to the stator core which must have a smaller 
cross-section atea in order to create attraction without 
any significant repulsion effect from the stator windings 
mentioned above. When stator and rotor axles are 
congruent the Lentz induced current must be sufficient 
for compensating the natural attraction of the magnet 
to the stator cote. Consequently, stator windings must 
have enough turns for demagnetizing effect, but not to 
the extent that this effect fully manifests before the rotor 
reaches the stator axle when Lentz current has its 
maximal value. 


During my experiments at 12 V voltage and on using 
two independently controlled stator coils the speed of 
rotation reached 3400 rpm. Please note that while 
reproducing such device it is necessary to take certain 
measures in order to ensure safety in case of possible 
breakdown. The ma gnet disconnected from the rotor 
may be dangerous! 


Technological recommendations are as follows: 


1. The device must be low power. It is better not to 
try to begin with a motor functioning in kilowatt 
range. This is feasible only on condition of having 
all necessary technological documentation which is 
not available at the moment. 

2. The preferable voltage for the first model is 12 V. 
If the voltage is less the speed of rotation is too 
slow for indicating the expected characteristics of 
the device. 

3. The best magnets are ferrite ones with dimensions 
4x4x5 (where 5 is the magnet length). The practice 
has shown that at 12 V voltage neodymium-iron- 
boric (NdFeB) magnets cause a jerky rotation of the 
rotor. 

4. The side of the stator core facing the rotor must 
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Fig, 2 


have the size which is 4 times smaller than the 
corresponding side of the 
magnet. If cross-section area 
of the stator is larger, a bigger 
part of magnet field comes to 
the stator core when their axles 
coincide and thus there is 
nothing to induce Lentz’ 
currents in the stator windings. 
It is a common point of view 
that it is necessary to try to 
minimize the volume of a 
device and to obtain the maximum efficiency at 
minimal material expense. In practice, it has always 
been the goal while designing electrical machines to 
decrease losses in stator I?R. As for the Adams motor, 
it requires not only the use of disproportionate 
magnets but also stator windings with 
disproportionate number of turns specially designed 
to obtain maximum Lentz’ currents that is achieved 
by hundred of turns of winding 

5. It is necessary to define approximately the 
effective zone of the magnet field. If practically 
applicable magnet field is equal to, for example, 8 
cm, and the stator has a 10 cm long winding, then 
more than 20% of turns will not be efficiently crossed 
by magnetic force lines and will only create an 
excessive mass of the device. To define the degree 
of effective action of the magnet we can put a 
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paperclip on the table and move it gradually in 
direction of the magnet until 
the paperclip is attracted to it. 
Actually if we take into account 
friction losses then the magnet 
influence zone will be a little 
larger. That is why the stator 
winding in the axle direction 
can be 10% larger than that in 
this experiment. The description 
of this test has been found 
on Tim Harwood’s website 
(http://wwweeocities.com/theadamsmotor/cdmotorhtml). 
6. The air gap clearance between the stator and the 
rotor must not exceed 1 1.5 mm. 

7. Use as little metal in the device as possible. It is 
preferable that the metal is used in the core and stator 
windings only. 


In otder to increase the efficiency of this motor, it is 
necessary to build it in a manner, which allows removing 
the counter emf from the stator windings. ’To do that, 
this emf may be taken off and stored in the capacitor. 
The article published by Nexus magazine and Great 
Britain patent No. 282708 consider special generator 
windings; however, no sufficiently detailed data on 
operating rules are provided. Michael Smith (Australia, 
http://www. Fortunecity.com/greenfield/bp/16/content1 htm) 
has unequivocally informed me in one of his letters that 
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he has not achieved generation of excessive energy in 
such a system. During his experiments a two-battery 
citcuit proved to be more effective. In this circuit, during 
a part of periodical process the energy is stored in the 
capacitor and then a 


circuit. In order to achieve a better rotor balance I had 
to re-construct it twice. It is very important to align the 
axles of the bearings with maximum precision; otherwise 
a considerable decelerating torque will manifest. The 

shaft penetrates the lower 


command is L d . h a moving base. It is 
transferred to a thi OF - to Mipteenes ine yilsaa tas of possible to rotate the base 
thyristor, which OS: PU OUT SLY AS) OCOSS ANY CLO Ut at a small angle for the 


in a manner, which allows removing 
the counter emf from the stator windings. 


precise alignment of 
axles and then to fix it 


discharges it into the 


second battery. At 
that capacity, the 
second battery must be no less than 4 times more than 
the capacity of the first one. Otherwise the excessive 
energy does not have enough time to be stored during 
the discharge. I have also managed to provide the charge 
of the second battery, but the control circuit has not 
been assembled fully yet, as it is shown below in Fig. 4. 
Better results are expected when its final adjustments 
together with AT90s2313 controller program have been 
made. 


I managed to start my first model of the motor in 
April, 2002. Afterwards, I spent approximately six 
months increasing its rotational speed from 750 to 3200- 
3400 rpm, decreasing vibrations and improving control 
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with screws and nuts. 


In order to decrease aerodynamic losses, two veneer 
parts are mounted between the magnets. Thus I managed 
to increase the speed, although the rotor weight has also 
been increased. 


Stator cores are made of plates taken from a 
disassembled radio transformer. Tim Harwood used 
nails with winding, however, my own results with such 
cote proved to be poor. Dimensions of the core are 
10x11x50 mm. 


The type of power source is also important. First, I 
connected a 9 Volt accumulator of “Krona” type in series 


New Energy Technologies, Issue #3 May - June 2003 


with three metal-hydride 1.2 V accumulators. The speed 
of rotation did not exceed 1500 rpm. But when I used a 
lead/acid accumulator with 1.3 Ah capacity, the speed 
increased to 2600 rpm if there was one coil on the stator. 


Four magnets mounted on the rotor have the dimensions 
of 20x20x35 mm and are fixed on a 105 mm glass fiber 
laminate disk. The current impulses proved to be too 
wide, by up to 40%. In order to make them shorter 
(down to 25-30%), I had to use the control circuit 
(Fig. 2) with two Hall sensors. At the signal from the 
first sensor the stator current is started, the second 
sensor switches it off Many experimenters used a timer 
to control the impulse length while working with Adams’ 
motor that is more practical since impulses are supposed 
to be wider during the start. I took this factor into 
account while designing the controller circuit. Current 
impulses are shown in Fig. 3. Their fronts are supposed 
to be shorter; it is probable that the coil has more 
inductivity than necessary. The impulses amplitudes are 
slightly different which is explained both by the 
difference in volume of induction of the magnets and by 
difficulty in achieving similar air gaps while working at 
home. 


I have provided the charge mode of the 2-nd battery at 
my two-battery design. After 75 minutes of operation 
of the device the source lost 0.17 Volt whereas the 
second battery was charged at 0.36 Volt. The capacity 
of both batteries in this experiment was equal. Besides 
after such charging the second battery started to 
discharge quickly. The circuit where stator current 
charges the battery directly has to be considered 
ineffectual (see Fig. 1). To evaluate the charge, which is 
gained in non-hermetic accumulators, the density of 
electrolyte can be measured. 


To obtain a more uniform torque I added the second 
stator which is controlled independently. This required 
installing two more Hall sensors and an additional power 
transistor. The angle between axles of the coils amounts 
to 135 (180-90.2=135) degrees. When the current is 
present in one part of the stator it is absent in another 
and vice versa. The speed has increased up to 3200- 
3400 rpm, and I deemed the further increasing of this 
characteristic unnecessary. 


Increasing the number of circuit elements does not seem 
a good idea. Futhermore the adjustment process 
becomes more complicated. In order to improve the 
circuit of battery charge adding a timer circuit is required. 
Thus, I decided to use a controller cir cuit. A simple Basic 
program has been developed for AVR controllers. This 
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program operates in mode similar to transistor circuit, 
but its capability can be significantly increased due to 
the built-in processor timers. Today program 
improvement is the most efficient way to solve the task 
of generation of excess energy in this circuit. 


This article is meant to elucidate the principles of 
operation of one of the simplest devices which pretend 


2? 


to become an “overunity device’, “free energy machine’, 
“perpetual motion machine”, whatever you call it. 
Probably someone will try to create such motor- 
generators on their own. I hope that my article will serve 
as a guide and will help to avoid the mistakes made by 
many experimenters (including myself) before they 


managed to build their own model. 
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A series of preliminary experiments 
on checking the possibility of 
generation of gravitational field at 
deceleration of charged massive 


Particles in matter was carried out. 
4; ® In previous [1-3] 


generalization of the special theory 
of relativity (STR) for the five-dimensional extended 
space with metric (+;-,-,-,-) was offered. 


Introduction 


works 


The model of extended space (ESM), combining 
electromagnetic and gravitational interactions, was made. 
Por this, there was made (1+3)-dimensional space 


extension M(T:X) of Minkovsky to (1+4)- 


dimensional space G(T; X,S ). Let us call it extended 


space. As the 5-th additional coordinate the value alr eady 
existing in Minkovsky space, i.e, S interval 


= (ct)?-x*-y-2 





(1), 
is used. 


Let us note that attempts to combine gravitation and 
electromagnetism have a substantial background. 


Modern approaches to this problem trace back to the 
work of F. Klein [10] in which he proved that dassical 
Hamiltonian mechanics can be represented as optics in 
the space of a great number of dimensions. 


Then T. Kaluza tried to generalize Einstein’s theory of 
gravitation to include electromagnetism in this theory 
as well [11]. He proposed to consider (1+4)-dimensional 
space with metric depending on potentials of the 
electromagnetic field. Kaluza’s idea was evolved by O. 
Klein [12], G Mandel [13] and V. Fock, and the model 
they had created got the name of the Kaluza-Klein 
theory. They proved that the trajectory of a charged 
particle has the form of a geodesic line with zero-length 
in 5-dimensional space. 
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In his works on 5-optics Y. Rummer [15] proposed to 
assign action dimensionality to the new dimension and 
to consider it periodical with the period equal to Plank’ 
constant. Note that rest mass of particles in all these 
constructions unlike the model of extended space 
evolved in the works [1-7] was considered a fixed value. 
Subsequent development of multidimensional theories 
is given in the monograph [16]. 


A separate approach is represented by multidimensional 
constructions in the theory of strings and superstrings [17]. 


Approach to construction of (1+4) dimensional space 
evolved in [18] is close to the proposed model of 
extended space. Here it is proposed to use mass (matter) 
as the 5-th coordinate. However, in this model, as its 
originators admit, it is impossible, for example, to create 
the energy-pulse tensor. There is no such disadvantage 
in the extended space model [8]. 


Mechanics of a material point [1, 2, 7] and 
electrodynamics [1, 8] were made in the introduced 
extended space. Besides Lienar-Vihert potentials [6, 19] 
corresponding to such a model were also considered 
and properties of solutions of Maxwell augmented 
system of equations which are in conformity with these 
potentials were analyzed there. 


Gravitational effects in extended space, such as the 
second orbital velocity, red shift and light deflection [4, 
20, 21] were considered. It is proved that the formulas 
received in the general theory of tela tivity for calculation 
of values of these effects can be received by an 
absolutely different method within the framework of 
the extended space model as well. 


It was proved [6, 19] that the fields in the model of 
extended space can change their signs. Such change of 
field-intensity sign and, consequently, change of sign 
of Lorenz force can be associated with radiation reaction 
of these fields which occurs when charged particles 
move with acceleration. 
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Thus, on the one hand, it was proved in the model of 
extended space that it is possible to get certain formulas 
describing gravitational effects of the general theory of 
rela tivity [4,20] using the technique of turns in extended 
space. On the other hand, it was proved that the 
electromagnetic field can be a source of gravitational 


field [6, 19]. 


Besides, a moving massively charged particle under 
deceleration can create a variable gravitational field 
around itself [9, 6, 19]. The following experiment was 
offered for experimental check of the latter assumption. 
In this experiment probable occurrence of gravitational 
field at deceleration of relativistic electrons was 
determined by change of oscillations of a massive 
torsion pendulum. 


Experimental device 


A narrow bunch of relativistic electrons from a 
microtron 1 (average power of the bunch is 450 Wt, 
electrons energy is 30 MeV) was directed to a brake target 
(position 2 or 3) made of wolfram exactly where 
deceleration of accelerated electrons took place. 


A special torsion pendulum suspended on a vertical 
suspender 5 made of a springy metallic string with 1,8 
mm diameter was placed near the brake target to register 
gravitational field which could probably appear at 
electrons decelemtion. The length of the suspender 
made is 85 cm. The pendulum could rotate freely on 
the suspender only in horizontal plane. 


The pendulum consisted of a light aluminum rod 4 (with 
a length of 120 cm) on the ends of which massive loads 
6 and 7 made of non-magnetic material were fixed. The 
weight of each load was equal to 4kg, In the center a 
pendulum was fastened to a vertical suspender 5 by a 
special mounting preventing slippage during turns. To 
reduce the influence of magnetic inducings the 
pendulum was grounded and additionally screened by 
metallic grid from all sides. The period of free 
oscillations of the pendulum made were about 40 s. 


Rigidity of the pendulum vertical suspender could be 
changed by means of limiting the length of effectively 
operating part of the suspender. As a result, the period 
of oscillations could be continuously changed within 
the limits of 40 to 27 s. 


To teduce the influence of mechanical noise and to 
introduce additional attenuation in pendulum oscillations 
two liquid dampers 10 and 11 located near the pendulum 
massive loads were used. 
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Fig. 1 
Experimental device 
1 — micr otron, brake target made of wolfram — positions 2 
or 3, 4 — rod, 5 — vertical suspender, 6 and 7 — massive 
loads, 8 — mirror, 9 — He-Ne laser, 10 and 11 — liquid 
dampers, 12 — optical system, 13 — concrete protection, 
14 — observation channel, 15 — video system, 16 — screen. 


Pendulum deflections were observed on a graduated 
screen by deflection of a laser beam reflected from a 
flat mirror 8. For this, the beam from a continuous He- 
Ne laser 9 through the optical system 12, which constricts 
the divergence angle of the laser beam, was directed to 
the mirror through a special narrow channel 14, located 
in concrete protection 13 around the microtron. By 
means of a video system 15 the beam reflected by the 
mirror was registered on the screen 16 located at a 
distance of 500 cm from the mirror. The video system 
allowed remote checking of vibrations of the laser spot 
and additionally enlarged the visual angle up to 12 times. 
The diameter of a focused laser beam on the screen 
was made 0.15 mm. The maximum turn angle of 
pendulum for the reflected beam to remain within the 
receiving channel was approximately 2 degrees. The 
accuracy of turn angle registration of the whole system 
was 5x10~ degrees. 


The pendulum was placed in such a way that one of the 
massive loads were close to the brake target at a distance 
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of about 20 cm. There was also an opportunity to move 
the brake target from one end of the pendulum (position 2) 
to the other (position 3). This allowed changing the place 
of deceleration of electron bunch at constant parameters 
of all unaccounted mechanical noise and magnetic 
inducing, Thus, direction of pendulum torsion was 
changed under probable exposure of occurring 
gravitational radiation. 


Below there is a photo of the experimental plant (see 
also the colored photo on the cover page). 





Calibration Measurements 


‘To make measurements it was necessary to select optimal 
parameters of the pendulum (masses of loads, suspender 
rigidity and the value of oscillations attenuation). On 
the one hand, while carrying out the measurement it is 
desirable that the amplitude of pendulum oscillations 
should be as maximal as possible. On the other hand, 
the beam reflected from the mir ror should not go outside 
the limits of observation, restricted by the diameter of 
the narrow observation channel in radiation protection 
around the accelerator. Besides, the typical operating time 
of the loaded accelerator usually is 10-15 minutes. 
Necessity to accumulate the minimum of sufficient 
statistical data within this time limited oscillations period 
and the time of setting of the pendulum in a new 
equilibrium position at outside influence. All these 
requirements were as far as possible taken into account 
during selection of the final setting parameters. 


An example of free oscillations of the pendulum in the 
presence of minor mechanical vibrations caused by the 
operating of vacuum pumps is given in Fig 2, series I 
(the experiment took place on 31 May, 2001). The 
diagram shows the amplitude of laser beam oscillations 
on the screen 16 (upper and lower rows of values) 
depending on the number of oscillation. The laser beam 
is reflected from the mirror 8 which was fixed to the 
pendulum. The diagram also shows the current central 
equilibrium position (the central row) calculated by these 
amplitudes. Series I represents oscillations at influence 


23 


of the background mechanical noise. Series II represents 
the response of the pendulum to minor permanent 
outside force. Accuracy in determination of position 
of the center of a light spot was 0.1 mm. 





A 





Series | Series Il 


a0, 





Deflection, cm 











Oscillation, Ne 


Fig. 2 
Calibration Measurement 31 May, 2001 


Measurement was carried out with one liquid damper in 
service and with increased rigidity of suspender (it was 
made by means of limiting the effectively operating 
suspender length). The period of free oscillations in 
these series was 29 sec. In this case there were set 
continuous oscillations of the pendulum around the 
average value of balance of 2.2 mm with the average 
amplitude of values fluctuation of about 0.2 mm. 


Air cooling of one of the massive loads by a very light 
continuous ait flow was carried out to study response 
of the pendulum to a minor constant external force. In 
this case (Fig, 2 Series IT) noticeable change of pendulum 
oscillations alr eady took place after 3-4 periods. Absolute 
setting of a new balance took place after 7-8 oscillations. 


In the case of another series of calibration measurement 
(held on 7 June, 2001) both liquid dampers were used 
and rigidity of suspender was decreased. The period of 
free oscillations of pendulum was about 40 sec. 


Addition of the second damper and decrease of 
suspender rigidity caused, on the one hand, increase 
amplitude of pendulum oscillations at influence of the 
external force and, on the other hand, in that case 
noticeable change of the equilibrium position of the 
pendulum took place after 1-2 oscillations. 


Periodical checking of the invariability of initial central 
position of pendulum balance in time was also carried 
out. Thus, for example, in the series of measurement 
of 7 June 2001 measurement of equilibrium position 
was checked not only before the start of the main series 
of measurement, but also 2 hours after completion of 
the main works. 
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Experimental Results and Their Analysis 


Within the period from 17 May, 2001 to 7 June, 2001 7 
measurement series were carried out at various operation 
modes of the accelerator and at various pendulum 
parameters. 


A record of check of equilibrium position of the 
pendulum was carried out before and after switching 
off the electron bunch (as well as during calibration 
measurement). At the same time, all electric inducing 
and mechanical noise remained stable within the whole 
measurement period. This was achieved by means of 
additional switching on all the devices which were used 
during measurement (water and vacuum pumps, 
magnetron, deflecting magnets, etc.) and their switching 
off only on completion of the measurements. 


In Fig 3 there are results on measuring the central 
position of the pendulum when brake target is in 
position 3 (see Fig 1). Series I and HI on the diagram 
correspond to check measurement directly before 
switching on and several minutes after switching off 
the electron bunch. Series II-A and II-B totally reflect 
pendulum oscillations at the time when the accelerator 
is operating (for about 10 minutes) and for some time 
after the bunch is off. Additionally, a trend line is drawn 
(averaging by 3 points). 
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Fig. 3 
Measurement of central position of pendulum equilibrium 
when brake target is in position 3. 


Results of a similar experiment are given in Fig4. The 
only difference in this experiment is that the brake target 
is in position 2. Also a trend line is added (averaging by 
3 points). Series I and IIT are check measurements made 
directly before switching on and after switching off the 
electron bunch. Series II are pendulum oscillations at 
the time when accelerator is operating 
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Fig. 4 
Brake target in position 2 


From qualitative comparison of trend lines (Fig. 3 and 
Fig, 4) it can be derived that there is a correlation 
between switching on the electron bunch and the 
average deflection of the pendulum from 
equilibrium position if compared to checked series 
before and after switching on. At that, direction of 
deflection changes depending on what pendulum 
load the brake target is close to. 


Unfortunately, due to circumstances beyond the control 
of the author it seems to be difficult to improve 
experiments accuracy or to accumulate much of 
statistical data by now. Estimate of the value of the force 
which may cause such a shift of position of pendulum 
equilibrium was carried out. In the experiments this 
deflection did not exceed 1-2 mm (in the units of 
registering scale). Calibration of a rigid suspender (if it 
applies to a massive load at a pendulum end) gives 
the upper boundary of this force of not more than 10° N. 


Conclusion 


A series of experiments were made on checking the 
possibility to generate a field at deceleration of charged 
massive particles in matter. 


Electrons accelerator was used as a source of charged 
particles. A narrow bunch of relativistic electrons 
(average beam power is 450 Wt, electrons energy is about 
30 MeV) was directed at a brake target made of wolfram 
where deceleration of accelerated electrons took place. 


Measurement proved appearance of statistically reliable 
deflection of a torsion pendulum, one of massive loads 
of which was located close to a brake target by the time 
of deceleration of relativistic electrons. 


Change of direction of pendulum torsion at shift of a 
brake target from one end of the pendulum to the other 
was also registered. The value of the force which causes 
pendulum deflection has the upper boundary of N. 
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Of course, these first experimental results on checking 
the predictions made on the basis of development of 
the model of extended space are of preliminary nature 
and need more thorough checking. That will be the basis 
of future experiments. 


References 


1. Tsipenyuk D. Yu. Andreev V. A, “Extended space 
and model of combined interaction”, Short reports 
on physics FIAN, No.6, pp. 23-24, (2000); gt-qc/ 
0106093 

2. Tsipenyuk D. Yu., Andreyev V. A., “Explored 
in Russia” E-magazine,60, (1999); 
http://zhurnal.ape.relarn.ru/articles/1999/060.pdf 
3. Tsipenyuk D. Yu., Andreyev V. A., “Structure of 
extended space’, Preprint IOFAN, 5, 25p., Moscow, 
(1999) 

4. Tsipenyuk D. Yu., “Field transformation in the 
model of extended space: prediction and 
experimental test”, Gravitation&Cosmology, Vol.7, 
No.4(28), pp336-338, (2001); physics /0203017 

5. Tsipenyuk D. Yu., “Field transformation in the 
extended space model: prediction and experimental 
test”, Short reports on physics FIAN, No, 7 p.39-49, 
(2001); physics/0107007 

6. Tsipenyuk D. Yu., Andreyev V. A., “Lienar-Vihert 
potentials for the extended space model”, Short 
reports on physics FIAN, No 6 p3-15, 
Moscow,(2002); physics /0302006 

7. Tsipenyuk D. Yu., “Explored in Russia” e- 
magazine, 81, p.907-916, (2001); 
http://zhurnal.ape.relarn.ru/articles/2001/081.pdf 
8. Tsipenyuk D. Yu, Andreyev V. A, 
“Electrodynamics in extended space”, Preprint 
IOFAN, 9, 26p., Moscow, (1999) 

9. Tsipenyuk D. Yu., Andreyev V. A., “Interaction 
in extended space”, Preprint IOFAN, 2, 25p., 
Moscow,(2000) 

10.Klein E Zeits.£.Math.a.Phys, 375, (1901) (see 
translation in collection “Variation principles of 
mechanics”, M.: Physmatgis, 1960) 

11.Kaluza Th. Sitz.d.Preuss.Akad., 966, (1921) (see 
translation in collection “Albert Einstein and gravics’’, 
M.: Mir, 1979) 

12. Klein O. Zeits.£Phys., 37,895, (1926) 

13.Mandel H. Zeits.f.Phys., 39,136, (1926) 

14. Fock V. Zeits.fPhys., 39,226,1926 

15.Rumer Yu. B. Investigations on 5-optics, M., 
Gostehizdat, 1956 

16. Vladimirov Yu. S. Dimensionality of physical space- 
time and integration of interactions. M., MGU, 1987. 
17.Green M., Schwartz G., Vitten E. Theory of 


25 


superstrings, v.1, 2, M.: Mir, 1990 

18. Wesson PS. Space, time, matter: Modern Kaluza- 
Klein theory. Singapoure, World Scientific publishing 
Co.Pte.Ltd, 1999 

19. Tsipenyuk D. Yu., Andreev VA., “Lienar-Vihert 
potentials and Lorenz force in extended space”, 
Preprint IOFAN,1,20p., Moscow,(2001) 

20. Tsipenyuk D. Yu., Andreev V. A., “Gravitational 
effects in extended space”, Preprint IOFAN, 4, 15p., 
Moscow,(2001) 

21.Tsipenyuk D. Yu., “Field transformation in the 
model of extended space: prediction and 
experimental test”, Preprint IOFAN, 5, 24p., 
Moscow, (2001) 

22.“Tsipenyuk D. Yu., report “Electromagnetic and 
gravitational interaction in extended space” at the 
Conference of Nudear Physics Department of the 
Russian Academy of Sciences (RAN) “Physics of 
Fundamental Interactions”, 27 November-1 
December 2000, ITF, Moscow, http://www.itep.ru/ 
23. Tsipenyuk D.Yu. and Andreev V.A., “Interval as 
the fifth coordinate” proc. of 5-th Int. Conf. on 
Gravitation and Astrophysics of Asian-Pacific 
Countries, PFUR, Moscow, 2001, pp.29-30. 
http://rgs.da.tu/ 

24. Tsipenyuk D.Yu., “Direct transformation of the 
electromagnetic field to gravitational field in the 
model of extended space: predictions and possible 
way of its experimental test”, proc. of 5-th Int. Conf 
on Gravitation and Astrophysics of Asian-Pacific 
Countries, PFUR, Moscow, 2001, p.28. 
http://rgs.da.tu/ 

25.Tsipenyuk D.Yu., “Model of extended space: 
Prediction and test experiments on possible 
transformation of electromagnetic field into 
gravitational field”, proc. of XVIth Workshop on 
High Energy Physics and Quantum Field Theory 
(QFTEP), Moscow, Russia, 2001, pp.398-405. 
http://theory.sinp.msu.tu/~qfthep/2001/Proceed2001.html 
26. Tsipenyuk D.Yu., “Model of extended 5-d space 
and possible checking experiments’, presented at 5- 
th Moscow international ITEP school of physics (30- 
th ITEP winter school of physics), 20-28 Febr., 
Moscow, 2002, http://www.itep.ru/ 

27. Tsipenyuk D.Yu., report “Second experiment on 
checking prediction on field transformation in 
extended space” at the scientific conference of 
nuclear physics section OFN RAN “Physics of 
Fundamental Interactions”, ITE 2-6 December 2002, 
Moscow, http://www.itep.tu/ 

28.Urbah V. Yu., Mathematical statistics, M., USSR 
Academy of Sciences Publishers, 1963. 


New Energy Technologies, Issue #3 May - June 2003 


N : 


A 





Joe Flyin $ 


Tim Harwood, USA 


Email: timharwood@usa.net 


There is a widespread opinion common to the 
mainstream academic community and also to various 
alternative scientific forums, that some kind of exotic 
new physics will be required to design and implement 
over-unity technologies. That is to say electrical motors, 
electrical generators, or other apparatus , which produce 
an excess of magnetic force or energy above the value 
actually inputted. 


However, this has recently been experimentally 
demonstrated not to be the case, as I have validated 
myself in simple $20 experiments undertaken at home 
with parts bought from the local hardware store. It is 
the purpose of this article to educate readers that with 
care, thought, and a little work, it can be demonstrated 
that existing textbook physical law, freely allows for the 
extraction of excess electrical energy from magnetic 
systems. 


The Flynn Research Project 


Joe Flynn has been engaged in magnetic flux research 
for over 25 years now. His work is long standing, 
comprehensive, and in later years, well funded. It is 
reported $7m has been spent to date, with over $1m 
alone developing a revolutionary high performance 
magnetic motor. His equipment is validated, and 
apparently already in mass production for select 
customers. Yet few researchers have heard of Joe Flynn. 
This surprising situation will hopefully shortly be 
changed, and Joe Hynn awarded the scientific accolades 
he deserves, for being the genius master mind behind 
one of scientific history’s most outstanding research 
projects. Since many lines of research have been 
formulated and explored by Joe Hynn, the following 
article presents only a brief summary of some of his 
best art apparatus, but is nonetheless sufficient to convey 
the basic ideas. 


The first illustration (Fig. 1) is taken from Joe Flynn’s 
US patent 6,246,561, and explains a simple magnetic 
force multiplication experiment, which forms the basis 
for the Flynn magnetic art. If the windings on either 
side of the central magnet, which are normally connected 
in series, are properly pulsed, the field of the permanent 
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magnet in the center will be diverted to the opposite 
side of the core flux path provided. Or in altemative 
language, the side of the core that is pulsed is 
demagnetized, relative to the field of the permanent 
magnet used in the apparatus. This is elementary 
textbook physics anyone can understand. 








Fig. 1 


1.75 times more force is delivered to the legs of the core 
than is provided by the electrical input to the control coils 


So what is surprising about this apparently simple 
apparatus is that the armature on the side of the flux 
core will contain 1.75 times more units of magnetic 
force, that could be manifested by the electrical input to 
the apparatus alone. Since the ability to arbitrarily move 
the force from one point to another is the basis for 
motion or work, however simplistic, we therefore have 
a basis for a system that can be developed for practical 
technological purposes. Expressed in alternative 
language, we also have the capability to engineer a time 
varying magnetic field, without the need for moving 
parts, which will allow development of systems that 
output electrical energy. Both capabilities are highly 
desirable, and offer substantial opportunity for technical 
development. 


Following on from this basic experiment, there is a 
second simple and logical improvement in layout 
illustrated in Fig. 2, which should be obvious, but has 
been shown not to be the case. In this instance, the pulse 
is centrally located, and a dual flux field layout employed, 
which both demagnetizes the core relative to one 
magnet, and magnetizes it relative to the other. Since 
the two actions are complementary, the input required 
to manifest the flux switching effect is halved, therefore 
doubling ‘ef ficiency.’ 
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Fig. 2 


3.47 times more force is delivered to the legs of the core than is provided by the electrical input to the control coils 


It should be noted that while the efficiency is doubled, 
the absolute output may not be significantly improved. 
This is because the major weakness of this effect and 
technology is flux saturation of the core, with values 
depending upon the specific properties of the B-H curve 
of the core material employed, limiting the absolute 
output of both layouts the same. 


The previous statements are not required to be taken 
on trust, and simple experiments have been proposed 
by Joe Flynn, such that anyone can validate this effect 
for themselves. Figure 3 is a simple experiment taken 
from the Hynn website (http://www. flynnresearch.net), 
that can be used to validate the principals put forth in 
this article. 


Simple Magnetic Force Multiplication Experiments 
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Fig. 3 


Parallel Path can deliver 3.47 times more force to the legs of cores than any competing conventional technolo gy 


An even simpler non electrical flux experiment was 
proposed by GM in the Parallel Path Egroup. My 
apparatus is illustrated below in Figure 4. It is no more 
than magnets and steel staple strips, bought from a local 
hardware store for a total of under $10. The Parallel 
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Path effect can be replicated with identical apparatus, at 
only a slight increase in cost and complexity, with the 
addition of a simple 12V polarity reversible power 
supply, such as those commonly sold to power computer 
speakers, among other applications. 
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Simple Magnetic Force Experiments 





Relatively small changes in layout produce large 
changes in force 


Conservation of Energy / Field Potential 


One of the aspects of the Flynn technology people find 
most difficult to understand, is how you can have a 
device that delivers 3.47 times more magnetic force than 
is electrically inputted, yet not violate accepted principals 
of text book physics, as stated in the introduction. The 
key point here is conservation of energy. Magnetic fields 
do not gain energy — they are conservative. You can 
only ever obtain less energy from a magnetic field minus 
losses, than is in fact present. I feel this apparent puzzle 
can not be better explained, than by reference to Joe 
Flynn’s own words: 


“Since the Parallel Path System produced 3.47 times 
more force than the conventional system, with the same 
electrical input, it appears to violate conservation, this 
is only true when observed from a traditional view point. 
The system contains three flux producing sources (2 
magnets and an electromagnet) which together are 
capable of producing a far greater force than is actually 
produced. All of the flux sources together can produce 
a force of 13.11 units, therefore in the physical sense a 
loss of 1 - (9.01 / 13.11) = 31% is realized.” 


So the system is 350 % efficient, in terms of delivered 
magnetic force compared to net electrical input, yet still 
conforms to the accepted physical principals of energy 
conversation, by being only 69 % efficient, in terms of 
the fields present in the system. However sur prising this 
result may appear, the analysis presented is in outline 
correct, with the difference between fields present in 
the system, and net electrical input, being the important 
concept presented. 
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Losses in the System and Optimisation 


Flux density (B) 





field intensity (H) 


Fig. 5 


In order to properly optimise flux cores, an appreciation 
of the physics that underlies the transfer of flux within 
a core is required. The normal magnetization curve, or 
B-H curve, is a mathematical relationship between 
applied field intensity H, and resultant flux density 
manifested in the core B. It varies according to core 
material, and the curve will shift, if there is a starting 
magnetism within the core, such as that provided by the 
field of a permanent magnet. If the start magnetism is 
excessive, the core is saturated, and will not properly 
respond to the applied force H. A simple B-H curves is 
illustrated in Fig. 5. 


Hysteresis is a delay between applied magnetic force H, 
and resultant flux density B, that again varies according 
to material type. It also manifests as a delay between the 
termination of force H, and the manifestation of flux 
density B. So, the system will not turn on instantly, and 
will not turn off instantly, in simple terms. This is 
because the magnetic memory of the core, means a flux 
vector remains within it, even when the application of 
magnetic force H has been terminated. If we apply a 
reversed force H to the core, the basic B-H curve is 
now expanded as in Fig 6, with the memory effect also 
illustrated. 

Flux density (B) 





ea = switching losses 







Field intensity (H) 





Fig. 6 
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‘Thus as can be seen, to return to the 
initial switched state, the remnance 
magnetism must now be overcome, 
hence input once in operation, will 
be greater than that required for the 


very first pulse. The area within the 
hysteresis curve gives a rough 
estimate for the amount of wasted 
energy, and along with other 
conventional sources of losses 


Motor Apparatus 


resultant in flux transfer within a 
core, is what reduces the efficiency 
of flux cores from maximum values 
of 2, or 4, down to values such as 
1.75 or 3.47, typically 


Simple Parallel Path Technology Demonstrator Motor 





Fig. 7 





Designed to demonstrate core principals, not provide over-unity 


Although numerous practical applications abound for this effect, electric 
motor design remains the most outstanding opportunity. To this extent, 
again a few simple images, should be sufficient to explain how the basic 
flux switching apparatus, can be turned into a highly ef ficient electrical motor. 


The first motor shown in Fig. 7 is one I have proposed to validate the flux 
switching effect at a most basic level. It illustrates the point made in the 
Flynn patent, that the armature of the core can be removed, and replaced 
with a motor flux path. This first motor is not claimed to be highly efficient, 


but it helps one to understand how the transition from simple flux core to 


motor takes place. 


vat 





Fig. 8 
Magnetic force is alternately switched from one leg to the othet, imparting 


motion to the rotor sections 
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The next motor shown in Fig. 8 is 
again taken directly from the Flynn 
patent, and illustrates the next 
intermediate step to motor design. 
The fields of the permanent 
magnets are altematively switched 
from one side of the surrounding 
flux cores to the other, alternately 
interacting with N and S poles on 
the rotor, imparting motion to the 
central rotor shaft. 


With proper financial support, and 
the facilities to have metglas cores 
custom moulded, Joe Flynn was able 
to develop his final best art, shown 
in Fig. 9. No detailed performance 
numbers have been released for this 
motor, whose precise performance 
chatacteristics remain proprietary to 
Joe Flynn at this time. But the 
optimisation is so expert, it is stated 
to posses certain exotic properties, 
such as cool ambient operation, even 
during prolonged periods of 
continuous load. This ‘cold running’ 
is said to be of great interest to the 
American military, as it offers 
excellent stealth performance 
characteristics. 
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Steel Armature 


Magnets 







Electrical Apparatus 


Many readers will no doubt have 
noticed the similarity of the first 
illustration presented in this 
document, to the so called “Tom 
Bearden MEG’ This is fair 
comment, and Joe Flynn has always 
highlighted this issue. However, it 
has been commonly stated Joe Flynn 
has simply developed mechanical 
apparatus, and the MEG with its 
electrical functionality, is distinct art, 
more advanced than the mechanical 
Flynn apparatus. However, this is 
shown not to be the case by a careful 
examination of the Flynn patent, in 
which the following is stated in the 
“Power Conversior section: 


“The construction (shown in Fig.10 A) 
utilizes four control coils and a single 
permanent and the 
construction (shown in 10 B) uses 
two control coils and two permanent 
magnets. The flux that would 


magnet 


normally be supplied by a primary 
winding is supplied by the static flux 
of the permanent magnet or 
magnets and the control coils 
convert this static flux into a time 
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Linear Actuator 


Flux paths 





Flux paths 


Magnets Steel Armature 


Fig. 9 
Optimal Flux Core Motor Construction 


varying flux in a novel way. Both arrangements use two secondary coils, the 
secondary coils are placed in the region of the continuous flux path that 
would be occupied by an armature or rotor in the linear or rotary 
arrangements. The regions of the flux paths that perform work are the 
same in all cases. 


‘By alternating the polarity of the control coils during one cycle, one working 
region experiences an increasing flux and the opposite region experiences a 
decreasing flux and during the next cycle the opposite occurs. This results 
in the induction of a voltage in the secondary coils that is decided by the 
magnitude of the change in flux in the working region and the time in 
which this change occurs. The novelty of this discovery is that the primary 
flux inducing the voltage in the secondary coils is supplied by the permanent 
magnet or magnets and is far greater than the flux supplied by the control 
coils.’ 











N 
S 
TT 


Ly} jy) 
ze 








30 


Fig.10 taken directly from the Flynn patent makes the 
point even clearer. As can be seen, the device illustrated 
is in all functional respects absolutely identical to the so 
called “Iom Bearden MEG.’ This identical prior art, 
therefore calls into question the intellectual property 
rights of Magnetic Energy LTD, as the same invention 
can not be patented more than once. Joe Flynn has also 
stated that his intellectual proper ty rights will be robustly 
defended, by legal action if necessary, and he regards 
himself and his 
company as being in 
possession of exclusive 
rights to the so called 
‘MEG’ unit. 

As tegards replication domain. 
of electrical output 
orientated flux core devices, certain important details 
need to be stated. For example grade 8 ceramic magnets 
should be used, so as to avoid flux saturation of the 
core. A basic error, many early experimenters wasted 
time on. The requirement for strong magnets to obtain 
over-unity results, is as much of a myth, as the idea new 
physics is required. 


But perhaps the greatest trade secret of the electrical 
devices, one which several lengthy non disclosure 
agreements ate required to be signed before it can be 
disclosed, is that the input and output circuits must be 
closed in series. The disclosure of this technique 
amounts to putting the basic MEG methodology fully 
into the public domain. 


The reason for this circuitry requirement is obvious 
enough, with only a little analysis. If the output circuit 
is closed when the input circuit is activated, then the 
input energy simply leaks into the output circuit, as in 
an ordinary transformer. So no flux switching effect is 
manifested, and the field of the permanent magnet is 
static in time. Thus you have an ordinary transformer, 
with reduced efficiency, because of the core flux 
saturation effect provided by the permanent magnet. 


This is one of the most important point to make about 
the Flynn apparatus. If you approach it as if it is a normal 
piece of scientific equipment, then proper optimisation 
is not greatly problematic. For example more turns on 
the output coils, simply means more voltage and less 
current, exactly as standard textbook equations predict. 
Generally, problems only occur, if you imagine the effect 
is based upon exotic scalar type or vacuum energy 
physics, when in fact it is ordinary flux manipulation 
within a core. 


31 


the input and output circuits must be 
closed in series. The disclosure of this 


technique amounts to putting the basic 
MEG methodology fully into the public 








Present Status of the Flynn Project 


Initially Joe Flynn was remarkably open about his work 
and research. However, since performing a working 
demonstration of various advanced hardware samples 


for the American De partment of Defence, little has been 
heard. 


I want to clearly emphasize I do not speak for Flynn 
research, nor am I in any way connected with Flynn 
and by 
consequence, have no 
inside information 


research, 


whatsoever as to the 
present status of the 
project. But we all 
sincerely hope, that the 
project has not been 
swallowed whole by the American deep black military 
industrial research complex. 


However, even if this is the case, it does not mean the 
technology is lost. Extensive and generous details have 
been provided by Joe Flynn of his research, both in his 
patent deposition, website, and other comments, such 
as to enable persons of scientific training and skill, to 
teplicate the effects stated. 


While replication of the electrical effect remains 
extremely demanding, the mechanical apparatus is very 
easy both to understand and replicate. There is no reason 
why scientists and home tinkers together, can not build 
Flynn type flux core motors, and explore over-unity flux 
manipulation for themselves. The future has arrived, and 
it is simpler and cheaper than anyone imagined to be 
possible. 
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Flynn Research Company 


http://www.flynnresearch.net 





3.3" 1.2" stack height 1/2 hp weight 59 oz 


Editor: Below we publish information and photos, 
Pb isass on Flynn Research Company website 
(hitp://wwwflynnresearchnet), and a description 
of the patent on methods for controlling the path of 
magnetic flux. 


Flynn Research is dedicated to research focused on 
the novel application of permanent magnet and 
electromaschietic 
technology. Magnetism is 
a field that has potential 
for tremendous growth 
from both a science and 
application perspective. The 
researchers of Flynn Research Company believe that 
magnetism is one of the least understood and most 
misinterpreted of the natural forces, with the 
exception of gravity 


Even though much work has occurred in the 
advancement of magnetic materials, little 
advancement has the basic 
understanding of magnetism. The field of 


occurted in 


magnetism is based on both theory and ‘myth’ and 
is generally described as a ‘phenomenon’. 
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Everything known about magnetism is based on 
“effect and relationships” without a clear 


understanding or provable definition of what is 
a line of magnetic flux. 





Photo 2 


Dynamometers, Power Analyzer etc. 


We still do not know what a line of flux is and how 
it travels through space. We know flux “appears” to 
originate within a permanent magnetic material, 
forms a loop from one end to the opposite end of 
the magnetic material, appears to occur without a 
time constant, produces a force (attractive and 
repulsive) between other 
permanent magnets and 
“magnetically permeable 
materials and has a 
relationship to current 
flow Everything known 
about magnetism is based on “effect and 
relationships” without a clear understanding or 
provable definition of what is a line of magnetic 


flux. 


The research is based on the “magnetic force of 
attraction effect” that is related to magnetic flux by 
the number of lines of flux occupying a given area 
ot flux density squared. The simple fact that if the 
number of lines of flux occupying a given area 
“doubles” the force of attraction becomes four 
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Photo 3 Photo 5 


8" dia x 8" height motor presentation Technology Discussion 

















Photo 4 Photo 6 


8" X 8" motor testing Parallel Path Test Apparatus 


times greater. The basic model shows that with specific structures electromagnetism acting with 
permanent magnet materials can divide and multiply force in a manner that cannot be explained with 
conventional physics. 


Rotary devices, linear devices, reciprocating devices and power conversion devices ate now a patented 
product of this research. The goal of the Company is to commercialize their devices for use in an ener gy 
dependent world. Flynn Research is a research & development company and in cooperation with Magnetic 
Revolutions LLC licenses their technologies for use in the electric motor and power conversion industries. 


The researchers do not construct their own test equipment nor write capture and data evaluation programs 
but use industry / scientific accepted products. Close to $1.5 million has been expended developing, 
protecting and evaluating the technology. Many fine minds have been involved in the development and 
evaluation of the technology. Many presentations have been given both to motor companies and academic 
groups. The prototypes have all been professionally built, which include a 1/2 hp 3.3" dia 1.2" stack 
height, the assembled motor weighs 59 oz and a motor 8" dia with a stack height of 8" currently undergoing 
testing, 
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United States Patent No. 6,246,561 
June 12, 2001 


Methods for controlling the path of magnetic flux from a permanent 
magnet and devices incorporating the same 


Inventors: Flynn; Charles J. (Greenwood, MO) 

Assignee: Magnetic Revolutions Limited, L.L.C (St. Louis, MO) 
Appl. No.: 127056 

Filed: July 31, 1998 
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A permanent magnet device includes a permanent magnet having north and south pole faces with a first pole piece 
positioned adjacent one pole face thereof and a second pole piece positioned adjacent the other pole face thereof 
so as to create at least two potential magnetic flux paths. A first control coil is positioned along one flux path and 
a second control coil is positioned along the other flux path, each coil being connected to a control circuit for 
controlling the energization thereof The control coils may be energized in a variety of ways to achieved desirable 
motive and static devices, including linear reciprocating devices, linear motion devices, rotary motion devices and 





power conversion. 


Editorial: The principle of designing of the device (two counter parts of the flux are used) 
resembles ®-machine or Gramm s generator. Read in this issue more details on these devices. 
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Review prepared by correspondent Alla Pashova, Russia 


Flux-machine (or @-machine, since configuration of 
its field resembles the Russian letter “D”) was 
designed by Alexander V. Frolov during the first 
half of 1990s. D-machine description was published 
more than once on the pages of scientific periodicals 
(1994, Institute of New Energy, Newsletter, June 
1994, p.9.; 2002, New Energy Technologies, 2002, 
p.3), and it is well known to many researchers 
concerning themselves with such kinds of engineering. 


Let us consider the arrangement of D-machine; see 
Fig. 1 (first published in 1994). A report was 
presented at the conference «New ideas in natural 
science», 1996 in Saint Petersburg (see photo in Fig. 1). 
The primary coil is mounted in the center of 
generator; two secondary ones are diametrically 
wound on a ring core. An air gap between ring and 
central magnetic circuits are of particular importance. 
Two magnetic fluxes from two coils are balanced, 
and, thereby, there is no reaction in the primary 
circuit. 








Fig.1 
See also Fig. 7, p.29 - the analogy is evident 


The device bears some similarity to the Gramm’s 
generator (Zenob Theophyl Gramm, 1826-1901, 
Belgium-France, took out a patent for an electric ring- 
rotor generator in 1869). In Gramm’s generator (Fig. 2) 
the ring rotor with a toroidal winding rotates. The 
toroidal winding touches two diametrically located 
conducting brushes. It turns out that in the ring of the 
rotor all winds of one rotor half create a field which is 
directed towards a field created by the other rotor half. 











Fig. 2 


An example of analogous device is represented in Fig. 3 
(information is from the website: 
http://www.skif.biz/energy/arhiv1-6.shtml), and also in 
Fig. 4 (we have written about this invention in New 
Energy Technologies, Issue #5 (8), 2002, article by V.I. Boryak, 
Email: spin@i.com.ua). 
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Fig. 4 


In August 1999, according to Stephen Hartman 
(Hartman Multimedia Service, Email: hart@harti.com, 
info@ccard.net), a German research team designed a 
toroidal generator. As stated by the researchers, it 
obtained more than 1.200 W by load while efficiency 
exceeded 100%! 


This subject has become very popular among different 
researchers. Fig. 5 illustrates a design with a magnet 
rotating in the center (designer - Olaf Berens, Email: 
olaf.berens@prognost.com). 



















































































Fig. 5 
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One more example from the USA: in February, 2003 
Donald Hofmann (USA) filed an application for 
patenting “Generators and transformers with toroidally 
wound stator winding». Below we publish the description 
of the patent. 





Fig. 6 


Inventors: Steven L. Sullivan, USA; David L. Goulet, 
USA; Donald Hofmann ,USA. 


Electrical generators are provided with toroidally wound 
stator windings electrically connected in series; a high 
permeability stator core, preferably an amorphous 
magnetic alloy material, glassy metal or HYPERCO™ 
50 laminations; and rotor. The toroidally wound stator 
coils and the stator core trap essentially all of the flux 
fields generated by the stator coils within the stator core. 
Since there is essentially no magnetic field leaving the 
stator, there is essentially no flux field interaction with 
the field generated by the rotor. The reduction of flux 
field interaction also reduces counter torque. 
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According to another embodiment of the invention, 
open positions of a rotor may be filled with magnetic 
material, preferably iron. Filling open portions of the 
rotor may assist in reducing undesirable flux leakage 
from the rotor. By trapping substantially all of the flux 
within the rotor, interaction between rotor and stator 
flux is reduced. In this manner, counter torque is 
reduced thereby increasing the overall efficiency of the 
device. 


A prototype of this embodiment was constructed using 
a standard 10 kWtt gas-powered generator. The stator 
was removed from the generator and its housing. The 
stator windings were removed from the stator and 
rewound by hand using a No. 10 size copper wire with 
180 winds wrapped in a toroidal fashion around 
approximately 180 degrees of the stator. 


The stator was then reinstalled in the modified housing 
and re-attached to the gas-powered generator. A 
standard 12 volt car battery was attached to the input 
of the rotor. A 12.92 volt input with 0.8 Amps was 
measured as the input to the rotor. The output was 
measured as 6.5 volts with a 40 Amp output. A series 
of input and output measurements were taken for 
various inputs. 


Editor: Thus input power is 10 Wit, and output power is 
260 Wi. 


So, the old well-known ideas have found new ways of 
embodiment, though their essence remains unchanged. 
Let us note that Faraday Labs Ltd has been working on 
creating a prototype of J-machine with a toroid of 
200 mm in diameter. 


Please, read more about this in the next issue! 
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Editorial: We publish the specification of several interesting patents, which were taken out by Russian 


inventors for recent years. 


Russian patents on alternative energetics 


Z 


Baurov and others 


F 


Polev and others 


inertia, G.S. Kirichenko 
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Ne93001754, 1996.06.27, Converter of gravitational forces into energy, V.V. Mironov and others 
292008720, 1995.02.10, Slavic method to produce energy by conversion of gravitational forces, V.V. Mironov 
Ne93006696, 1995.04.30, Supporting converter of gravitational forces into energy, V.V. Mironov 
Ne2001121071, 2003.04.10, Method to create energy in liquid, heat-generator and heat-and-power device, A.Yu. 


Ne2132109, 1999.06.20, Generator of mechanical energy, A.Yu. Baurov and others 

Ne2001125794, 2003.05.10, Generator of static electricity, $.I. Danilov 

Ne2001120796, 2003.04.10, Electric power device, D.M. Beliy 

No°98116077, 2000.05.10, Heat engine (monotherm, “perpetual mobile of second-type”), V.I. Likhachov and others 
No°93048971, 1996.04.20, Float engine, I.P. Tchinarev 

Ne94023174, 1996.03.27, Gravitational-hydrostatic engine, I.P. Tchinarev 

Ne98112650, 2000.03.20, Water engine, V.A. Gylchuk 

Ne2001115953, 2003.03.20, Potential engine by Prokopenko, V.F. Prokopenko 

Ne2001115954, 2003.03.20, Potential amplifier by Prokopenko, V.F. Prokopenko 

Ne2001124364, 2003.04.20, Drum of gravitation (gravity), IA. Strelnikov 

Ne95107181, 1997.02.20, Method to convert energy of physical vacuum into energy of physical space, O.K. 


No°92008695, 1995.04.20, Method to get overunity efficiency, Yu.V. Karasev and others 
Ne93006851, 1995.04.30, Principle, method and device for circulation of mass by force of gravitation and 


Ne93039885, 1996.05.20, Hydro-gravitational electric power station, L.S. Konkov 

Ne93036371, 1995.11.27, Method to convert energy created in result of interaction of earth’s gravity force and 
air bearing capacity into electric energy, V.I. Kovalenko 

293025690, 1996.07.27, Method and device to convert heat energy into mechanical one, A.I. Lendyaev 
22001122885, 2003.04.20, Rotary method to convert magnetic energy into mechanical one, L.N. Mezentsev 
Ne2001106783, 2003.02.10, Gravitational source of energy, A.D. Yurik and others 

Ne2001115968, 2003.03.20, Method to convert energy, V.S. Gorelyuh 
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According to another embodiment of the invention, 
open positions of a rotor may be filled with magnetic 
material, preferably iron. Filling open portions of the 
rotor may assist in reducing undesirable flux leakage 
from the rotor. By trapping substantially all of the flux 
within the rotor, interaction between rotor and stator 
flux is reduced. In this manner, counter torque is 
reduced thereby increasing the overall efficiency of the 
device. 


A prototype of this embodiment was constructed using 
a standard 10 kWtt gas-powered generator. The stator 
was removed from the generator and its housing The 
stator windings were removed from the stator and 
rewound by hand using a No. 10 size copper wire with 
180 winds wrapped in a toroidal fashion around 
approximately 180 degrees of the stator. 


The stator was then reinstalled in the modified housing 
and re-attached to the gas-powered generator. A 
standard 12 volt car battery was attached to the input 
of the rotor. A 12.92 volt input with 0.8 Amps was 
measured as the input to the rotor. The output was 
measured as 6.5 volts with a 40 Amp output. A series 
of input and output measurements were taken for 
various inputs. 


Editor: Thus input power is 10 Wt, and output power is 
260 Wi. 


So, the old well-known ideas have found new ways of 
embodiment, though their essence remains unchanged. 
Let us note that Faraday Labs Ltd has been working on 
creating a prototype of @-machine with a toroid of 
200 mm in diameter. 


Please, read more about this in the next issue! 
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Ne93048971, 1996.04.20, Float engine, I.P. Tchinarev 


others 


Kirichenko 


beating capacity into electric energy, V.I. Kovalenko 
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Ne93001754, 1996.06.27, Converter of gravitational forces into energy, V.V. Mironov and others 

Ne92008720, 1995.02.10, Slavic method to produce energy by conversion of gravitational forces, V.V. Mironov 
Ne93006696, 1995.04.30, Suppor ting converter of gravitational forces into energy, V.V. Mironov 

Ne2001121071, 2003.04.10, Method to create energy in liquid, heat-generator and heat-and-power device, A-Yu. Baur ov 


Ne2132109, 1999.06.20, Generator of mechanical energy, A.Yu. Baurov and others 

Ne2001125794, 2003.05.10, Generator of static electricity, S.I. Danilov 

Ne2001120796, 2003.04.10, Electric power device, D.M. Beliy 

Ne98116077, 2000.05.10, Heat engine (monotherm, “perpetual mobile of second-type’’), V.I. Likhachov and others 


Ne94023174, 1996.03.27, Gravitational-hydr ostatic engine, I.P. Tchinarev 

Ne98112650, 2000.03.20, Water engine, VA. Gylchuk 

Ne2001115953, 2003.03.20, Potential engine by Prokopenko, V.F. Prokopenko 

Ne2001115954, 2003.03.20, Potential amplifier by Prokopenko, VF. Prokopenko 

Ne2001124364, 2003.04.20, Drum of gravitation (gravity), [.A. Strelnikov 

Ne95107181, 1997.02.20, Method to convert energy of physical vacuum into energy of physical space, O.K. Polev and 


Ne92008695, 1995.04.20, Method to get overunity efficiency, Yu.V. Karasev and others 
Ne93006851, 1995.04.30, Principle, method and device for circulation of mass by force of gravitation and inertia, G.S. 


Ne93039885, 1996.05.20, Hydro-gravitational electric power station, L.S. Konkov 
Ne93036371, 1995.11.27, Method to convert energy created in result of interaction of earth’s gravity force and air 


Ne93025690, 1996.07.27, Method and device to convert heat energy into mechanical one, A.I. Lendyaev 
Ne2001122885, 2003.04.20, Rotary method to convert magnetic energy into mechanical one, L.N. Mezentsev 
Ne2001106783, 2003.02.10, Gravitational source of energy, A.D. Yurik and others 

Ne2001115968, 2003.03.20, Method to convert energy, V.S. Gorelyuh 
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Ne2002131190, 2003.04.20, Method to convert heat energy into useful work, G.R. Umarov and others 
Ne2001122676, 2003.05.27, Device to get energy by conversion of energy from one state to another, 'T.A. Trushina 
and others 

Ne2131636, 1999.06.10, Fuel-less engine, VE. Alekseenko 

Ne5037775, 1996.10.10, Magnetic engine, V.E. Alekseenko 

N294003087, 1995.12.27, Gravitational engine, A.A. Voznyukov 

N293058095, 1996.06.27, Perpetual mobile, Yu.S. Parshutin 

N293056706, 1996.07.27, Perpetual mobile, A.V. Remezovich 

N293039002, 1996.01.20, Gas-dynamic perpetual mobile, A.I. Lendyaev 

N294011000, 1995.11.27, Perpetual mobile by Makagyan, VS. Makagyan 

Ne97114829, 1999.06.27, Perpetual mobile by Makagyan, VS. Makagyan 

Ne95114965, 1997.08.10, Electric perpetual mobile by Abrakitov, V.E. Abrakitov 

Ne9512209, 1998.02.20, Perpetual mobile, V.V. Sharov 

Ne99111572, 1999.09.27, Perpetual mobile, N.M. Rotar 

N298116343, 2000.05.10, Engine-electric saw (perpetual mobile), V.V. Smitnov 

Ne2000101256, 2001.11.20, Perpetual mobile, V-D. Rykov 

Ne2000120592, 2002.07.20, Perpetual mobile, K.I. Haraz ov 

Ne2001117783, 2003.03.20, Magnetic perpetual mobile, S.N. Ver evkin 

Ne2001123502, 2003.04.20, Magnetic engine, A.E. Ryumin 

Ne5032711, 1995.02.20, Ferromagnetic engine, V.P Levkin 

N294019782, 1996.01.10, Device for demonstration of conversion of permanent magnet energy, M.F. Ostrikov and 
others 

Ne95103846, 1996.11.27, Magnetic generator, M.F. Ostrikov and others 

Ne95112010, 1997.06.27, Method to convert permanent magnet energy into rotary motion, A.V. Starostin and others 
Ne2143170, 1999.12.20, Method to convert energy of mechanical loading into energy of repeated transference, 
VI. Rahovsky and others 

Ne2000119415, 2002.06.20, Method to convert energy of fields of permanent magnets into mechanical work, 
Yu.S. Pilipkov 

Ne2001109811, 2003.02.27, Method to capture and convert energy of physical vacuum into electric energy, 
S.N. Kovalev 

Ne99121374, 2001.11.10, Perpetual mobile, E.M. Volodin 

N294026259, 1996.05.20, Device to convert magnetic field eneryy into kinetic energy, P. _Imrish 
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Really "free energy"? @ 
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Device for conversion of magnetic field 
energy into kinetic energy 
| magnets are mounted in the holders 


/ 

Peers so that there is a possibility to 
IZZZZZZLZZZ 777 remove them. From the both sides 
n_sfe| of the wheel plates made of 


[ZZ7Z7Z7ZZ7ZZZZZ ZA ss) shy magnetic material are mounted 
axially; the plates surround the 
| | 
li 


wheel partially. Depending on 


No. 94026259, 1996.05.20 


Author: Pavel Imrish 


The invention refers to a device for 
conversion of magnetic field energy 
into kinetic energy. The device has 
a rotating wheel with at least two 
radially opposing non-magnet 
holders used as guide ways for at 
least two permanent magnets, 
respectively. The permanent 
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direction of the both poles, namely 
on location of the similar and 
opposite poles towards each other, 
compression element is situated on 
the holders, or between the wheel 
and the outer end of the permanent 
magnet located at the furthest radial 
distance from the axle of the wheel, 











or between two permanent 








magnets. (The device operation 
principle is obvious from Fig, 1). 





Fig. 1 


Editor: We have found an example of a similar 
device whose description ts presented in the book 
by R. Ford The Perpetual Motion mystery [1]. 


In this case, there ts an analogous process, during 
which half of the cycle ts screened and the rotor 
is Supposed to rotate permanently (see Fig. 2). 


1. RA. Ford, The Perpetual Motion mystery. Lost 
Technology Series, p.23. 
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Review on Grigory R. Uspenskiy’s works, Russia 


http://space21.boom.ru/gravity.htm 


The level of development of modern astronautics is 
primarily determined by the energy capabilities of space 
carriers. So, nowadays, the single-mission carrier rockets 
equipped with chemical engines allow space exploration 
within the solar system. These carriers have delimited 
the near-earth space in the form of a geostationary orbit, 
where the practical-purpose space complexes operate. 


Newer and higher levels of quality will be reached by 
cosmonautics upon its mastering gravity power 
engineering, Flights towards the near est stats will become 
possible and by the end of the next century this will be 
followed by travels throughout Galaxy. 


Gravity engines are structurally simple (two bodies of 
different density are rigidly connected). To form 
some practicably significant value of thrust it is required 
to use absolutely new technology regarding creation and 
retaining of matter of high density which can be 
compated to that of atomic nuclei. For instance, at an 
engine mass of about 2 t, it is possible to attain 10 N 
thrust using bunches of aluminum and lead nuclei. The 
nuclei are approached to each other at a distance 
comparable with sizes of these bunches. 





Fig. 1 


Use of matter which is denser than nuclei bunch, 
increase of mass of the gravitating bodies, and reduction 
of the distance between the bodies causes increase of 
thrust. So, for a level of density of gravity holes (Le. for 
extremely dense state of matter in which it is not 
attracted by other bodies) limit value of acceleration of 
the gravity engine reaches the order of 10'” ms”. 
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In engineering, we usually use units of distance as metets, 
centimetets, millimeters, and microns. Let us consider 
one of them — millimeters. With such a size of the 
gravitating bodies and distance between them, it is 
possible to obtain substantial thrust forces of the gravity 
engine and, accordingly, accelerations of its motion. 


So, using an engine of 20 ton mass we will get the 
thrust of 2x10‘ N, with mass of 200 ton we will get 
the thrust of 2x10°N, and so on. Thus, by increasing 
the engine mass by one order of magnitude, we 
obtain increase of thrust by two orders, while sizes 
of the bodies remain unchanged. But acceleration, 
in this occasion, remains constant and equal to 
approximately 1 m/s”. 


Decrease in size of gravitating bodies of the engine leads 
to the corresponding increase of thrust by an order. 
Decrease of size is realized by increase of density of 
these bodies by 3 times up to 0.3 mm at the same masses. 
The acceleration they produce is increased by an order 
as well, ic up to 10 m/s*. Decrease of sizes of the 
gravitating bodies and the distance between them down 
to 0.1 mm results in further increase of engine thrust 
by one more order and also increase of acceleration up 
to 100 m/s’. If size of the bodies is 1 micron then 
acceleration increases up to 10° m/s’. 


It is apparent that even with up-to-date technological 
possibilities of miniaturization the gravity engine with 
masses of dozens and hundreds of tons is capable to 
create great thrust forces and form accelerations 
considerable enough to fly across the Galaxy. Therefore, 
the problem of creating a gravity engine is, mainly, the 
problem of producing and retaining the high-density 
matter. It will be possible after studying the mechanism 
of interaction between matter & gravitational substance 
followed by developing techniques for synthesizing of 
high-density, large-mass, and small-size substance from 
this matter. 


It is possible to control the value of thrust of the gravity 
engine changing the distance between gravitating bodies. 
Thrust direction can be changed by turning the rigid 
connection of the gravitating bodies. The engine can 
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be activated by bringing the gravitating masses together, 
and switching-off by moving them apart. 


In a 24-hour period, such a ship can reach a speed of 
10° m/s and cover a distance of about 10! m. In a 
month, with a top speed of 3x 10’ m/s the ship will 
cover the distance of 10’° m; in a year, with a speed of 
4x 10° m/s the ship will cover a distance of 10” m; in 
10 years - 4x 10° m/s and 10” m, respectively. Apparently, 
the ship with sufficient over-load can be used for flights 
within the solar system and for manned flights towards 
the nearest stars. 


When transporting unbreakable and non-urgent cargoes, 
the acceleration can be increased up to a few dozens of 
unities. The flight duration might be also increased by 
several tens of years. This extends the area of utilizing 
the gravity ships with over-loads of several unities. 
Besides these ships can be used for transporting 
operations within near vicinities of the Galaxy. 


The high-speed flight will demand protection against 
approach flow of matter. So, per second (with a ship 
speed of 10'° m/s) 10"’kg of matter will approach the 
ship. At that density of interstellar material is 10°* ke/m*° 
and midship area is 10? m2. 


The great speed of approaching matter will create a 
substantial resisting force. At a speed of 10° m/s, this 
force will come to the order of 10° N, whereas with a 
speed of 10!8 m/s it will come to 104 N. This is a great 
value, but as compared to thrust of such a ship which is 
to equal to 10'’ N, the former value is a small one. That 
is why it is possible to overcome such resisting force. 


Intercommunication with these ships might be, most 
likely, realizable by means of distortion of gravitational 
field. It is possible that the gravitational field distortion 
will be formed, on the contrary, by generating the matter 
from the gravitational field, and, most probably, by a 
method as yet unknown. 





Monogtaph “General Etherodynamics. Modeling of matter structures and fields on the basis of 
conception of gas-like aether” by Vladimir A. Atsukovsky. 2™ edition, M., Energ oatomizdat, 2003; 
Brochure “12 experiments on etherodynamics” Zhukovsky, Publisher “Petit”, 2003. 


On questions about purchasing, please, refer to Email: atsuk@dart.ru 
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Floyd Sweet Bench Test DVD 


In order to demonstrate the reality of tapping free energy from the vacuum, we have now made available a very 
reasonably priced DVD of the bench tests of the late Floyd Sweet’s Vacuum Triode Amplifier, with 


commentary by Tom Bearden. 


During these two tests, the unit, which weighed about 6 lbs., can be seen to be putting out well over a million 


times more power than was put into it. 


This DVD makes an excellent educational or instructional tool, and is priced at USD 9 including US domestic 


shipment. Running time is about 20 minutes. 


Note: the full length Sweet DVD, which includes Sweet’s proprietary conditioning process for the magnets, is 


also still available. 


Order from http://www.cheniere.org/sales/order_by_credit_card.htm 
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On Velocity of Drive-Free Motio 





S.A. Gerasimov , V.V. Stashenko, Russia 


Physics Department, Rostov-on-Don State University, 
Zorge St. 5, 344090, Rostov-on-Don, Russia 


Editorial: We publish a summary of the article. The 
original text you can receive from the authors. 


A drive-free system made on the basis of a planar 
mechanism ts described. The experimental results 
on average velocities of the drive-free propulsive 
system are presented in a scaled view. 


During usual motion, a system is repealed from the 
surface in the case of its motion on a plane or from the 
medium when it moves in a resistance medium. This 
kind of motion is achieved by using a drive mechanism. 
In contrast to the usual motion, the drive-free propulsive 
system moves due to interaction of a body of a system 
with another body of the same system. Sometimes such 
machines are called iner tioids [1] or vibration propulsive 
devices [2]. To produce such kind of motion it is 
sufficient to provide anisotropy of the resistance force 
[3-5] or asymmetry of the internal force [6]. One of the 
simplest ways to do it is to use a simple two-link planar 
mechanism. A device for such a motion is shown in Fig, 1. 





Experimental device 


This device with a total mass of M+m consists of a 
platform P on which an electric motor E rotating a drive 
rod R of length r is mounted. This is only one part of 
the planar mechanism. Another link is the connecting 
rod C of length c which connects the unbalanced load 
L and the drive rod R by means of two bell bearings B. 
The unbalanced load L of mass m on the tod I slides in 
guide G. The basic distinction of this mechanism is in 
that this variant of drive-free machine allows us to 
analyze the experimental data on average velocities of 
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motion. Actually the only forces, which act on the 
platform and are collinear to the moving direction, are 
the force F caused by vibmtions of the load L and the 
frictional force F, The platform starts to move when 
the force acting on the platform becomes greater than 
the frictional force. 


Let us discuss possibilities of the real propulsive system 
shown in Fig. 1. Measurements were made at r=0.01 m 
and at three mass ratios m/M. The values of frictional 
coefficients were measured for each parameter of the 
system and vary from k=0.25 to k=0.4. The system starts 
moving when theoretically the drift does not take place. 
When motion becomes reversible, the velocity of drive- 
free drift does not decrease. 


Thus drive-free motion is possible even if the frictional 
coefficients are very small. When increasing the 
frequency of vibrations velocity does not decrease. We 
can not discuss the existence of some third force acting 
on the platform (we can suggest the existence of 
frictional force F, and the intemal force F caused by 
vibrations). Let somebody else take the liber ty of making 
such a conclusion! 
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The torque of a self-action exerting on the mobile 
part of the reactionless engine is measured. It is 
shown that there exists a value of the height of the 
mobile electrode at which the torque of self-action 
is maximal. 


There is an opinion that a body can not act on itself [1]. 
The existence of the so-called force of self-action is 
believed to contradict to the law of conservation of 
momentum. This is nothing but prejudice. Though the 
experimental confirmations of existence of self-action 
[2-4], conventional science is ready to refuse modern 
electrodynamics and make up a new theory of 
electromagnetism [1, 5]in order to save Newton’s third 
law in use. It is comprehensible. First of all, these are 
the theoretical [5] and experimental [3] errors. The 
equivalence [5] of the Biot-Savart force is mathematically 
coarse since in this case the highest terms of expansion 
of force of self-action are cast out. This equivalence 
violates law of action and reaction and Ampere force 
law for which the principle of equality and collinearity 
of action and reaction forces is valid. Non-linearity of 
dependence of the torque of self-action on the current 
intensity [3] makes us doubt in the validity of these 
results. Moreover, typical values of force [2, 4]and torque 
[3, 6] are too small even if direct current in the circuit is 
significant. It is required to pass through the direct 
current of hundred amperes to produce the considerable 
displacement or turn of a body. Asa result, small values 
of the effect caused ambiguity in the explanation of the 
phenomenon [1]. 


In fact, searching the reactionless propulsive devices we 
usually forget about the magnetic self-action which arises 
when a body consisting of a magnet and incomplete 
electric circuit can move violating law of action and 
reaction [7]. This violation is proved theoretically [8] 
but peculiarities of this motion are not well discussed. 
The principle of such a motion is shown in Fig. 1. This 
is the magnetic interaction between two current elements 
one of which is a part of a closed circular loop Zand 
another is perpendicular to the first one. Since the force 
dF, acting on any current element of the loop Lis 
perpendicular to the density of current j,, then the 
Z-component of the torque dN = [r xaF ,] is equal 
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to zero while torque which exerted on the second current 
element by the magnetic field of the loop, does not. 





Fig. 1 


Violation of law of action and reaction. 

The force dF with which the magnetic field Boof another 
current element acts on the current of density j,,, is not 
equal nor opposite to the force dF with which the magnetic 
field B of the first current element acts on 
the current of density]. 


An experimental device is shown in Fig. 2. A 
commercially available ring-shaped carbon-steel magnet 
M (inner radius - 20 mm; outer radius - 55 mm, 
height - 25 mm) of 2.2x10° A/m magnetization is 
located on the cover of a cylindrical electrode E 
suspended by thread 7: The electrode Fis furnished 
with a central electrode Cof the same height Aand 
5 mm diameter. The radius of the electrode Fis 130 mm. 
The open end of electrode and the central electrode 
Care submersed in a conducting liquid LZ, and L placed 
in two volumes of a vessel Vso that the depth of 
submergence of these parts is about 5 mm. In this 
experiment the conducting fluid is 10% solution of 
copper sulfate (CuSO ,5H,O). The vessel Vconsists of 
two thin coaxial plastic cylinders of 2 mm thickness. 
The radii of the plastic cylinders having the common 
bottom are equal to 10.5 cm and 18 cm. The height of 
the vessel is 12.5 cm. A disk and a ring-shaped electrodes 
S and S of 1.5 mm thickness are placed on the bottom 
of the vessel to supply the direct electric current of 
intensity /. All conducting parts of the device are made 
of copper. The thickness of the electrode Fis 1.5 mm. 
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When the direct current Jof density; flows through 
the electric circuit, the magnet and the electrode Frotate 
in the direction of the magnetic force dF which is 
proportional to the vector product [jxB] as shown in 
Fig. 2. This is a force of self-action by means of which 
the mobile part of this device consisting of the magnet 
Mand the electrode Eacts on itself. However there is 
no force of reaction which could cause such a rotation. 
This is really true since a ring-shaped magnet is 
equivalent to two cylindrical surfaces with the surface 
current of density j_. The force of self-action dF acting 
on the cover of the electrode is compensated by the 
force of self-action OF. acting on the cylindrical part 
of the electrode E Magnetic induction field B. “does 
its part” as shown in Fig. 2. Therefore, it would be 
appropriate to find out how the height of the electrode 
Einfluences the value of the torque N. Such an influence 
is demonstrated in Fig. 3. 
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Fig. 2 
Experimental device 
(¢) and (x) - directions of magnetic forces acting on various 
parts of the mobile electrode E 





0 1 2 3 4 5 h,em 


Fig. 3 
Dependence of the torque Non the height of the electrode 
frat various values of the direct current Jin the circuit 
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Thus there exists the value of the height A at which 
torque of self-action is maximal. This is the first result 
of the present work. At J=1 A and A=2 cm the electrode 
Eturns at angle of 2.2 radian (126°) with respect to the 
equilibrium position. Such a turn corresponds to 
3.4x10 gxcm?/s?rad, 1.e to the constant of torsion of 
the thread. The second result is that the maximum value 
of the torque of self-action Nat the current J=1 A is 
even larger than the value of the torque produced by 
the traditional unipolar device [3] at the current 50 A. 


In fact, this work represents an attempt to draw attention 
toa more effective and simple practical application of 
the self-action. It remains only to transfer electric current 
in an unclosed electrical conductor and such a possibility 
really exists. 
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MQ Photoaccumulators are galvanic elements 
©, consisting of two communicating vessels, 
Py) one of which is exposed to light and 
another is kept in darkness. Ionic 
composition of electrolyte, which fills these 
depends 


© vessels, on 
>) illumination. If an inexpensive electrode is 


intensity of 





| placed in each vessel, then a potential 
difference will appear. If the electrodes are closed at external 
working resistance the electron stream will begin to equalize 
ionic composition and the difference in illumination intensity 
will tend to disbalance it. As a result, a cer tain wor king mode 
will be established which will allow to utilize the 
photoaccumulator for production of industrial electrical 
energy. As distinct from the solar battery, which 
works while exposed to the light, the 
photoaccumulator stores some part of solar 
energy in its electrolyte which is supplied with 
electrical energy after sunset too. 


The idea of photoaccumulator is not a new one. 
It was established in the end of 19" century that 
it is feasible to create a photoaccumulator 


HVE 


containing electrolyte made of the following 
mixture: Fe 2* + Hg?* = Fe 3*+ Hg * 


This photoaccumulator was not adopted in 
practice because of high toxicity of the electrolyte 
and very low EMF (approximately 0.018). 
Development of technology is accompanied by 
a widening range of materials and matters which can be used 
in large scale production and power industry. Among such 
materials are, in particular, titantum, depleted uranium and 
rare-earth elements. Nuclear power industry uses U235 
isotope only. Naturally occurring compound contains only 
0.72% of U235. Hundreds of thousands of U238 from which 
U235 has been extracted ate kept as useless stock. 


In the end of sixties in one of radiochemical laboratories 
of LINP (Leningrad Institute of Nuclear Physics) P N. Moskalyov 
repeated the same experiment over a long period of time In 
the morning he placed a tightly closed retort filled with uranyl- 
chloride soluted in compound of water, spirit and hydrochloric 
acid on the window-sill. The solution in the reto1t changed 
its color from yellow to emerald-green. Before leaving the 
laboratory Moskalyov removed the retort with green solution 
from the windowsill to a closed chest. In the morning 
Moskalyov retrieved the retort with the solution (which was 
already yellow) from the chest and placed it on the sill. The 
solution became green again and the whole process repeated 


daily. 
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Chemical processes in uranium electrolyte are rather 
complicated: first, under the light influence the uranyl ion 
oxidizes ethyl alcohol, which is then transfor med to aldehyde: 
VO GOR? =U * (OR). t-CEL ©. 

In the dark ions of utany-4 interact with aldehyde and ate 
transformed to UO, uranyl ion and spirit again. Thus, this 
cyclic ptocess can take place over a significant period 
of time being supported by the ener gy provided by light 
quanta of visible light which are transformed into the heat. 


The idea of utilizing this process in order to obtain electrical 
energy emerged in the late nineties. The mechanism of urantum 
photoaccumulator is very simple (Fig, 1): two glass vessels, one 
made of transparent glass and another of non- 
transparent glass, are connected with a black 
acid-proof rubber tube. The communica ting 
vessels are filled with aqueous electrolyte 
containing 40% of spirit, 80-100 g/l UOCl, 
and 0.2 m HCL. The electrolyte is previously 
activated by multiple cycles of exposing it to 
light and then placing it in darkness in order 








to obtain a significant volume of aldehydic 
fraction. The major difficulty of designing 
uranium photoaccumulator is connected with 
the choice of the material for electrodes. In 
galvanic elements carbonized platinum 
electrodes ate usually used. For practical use 
pla tinized titanium gives the best fit. Titantum 
foil covered with superfine layer of platinum 
is currently widely used in electrochemical industry and is 
procurable. 


In the transparent vessel the titanium petal-shaped electr odes 
ate parallel the light flow, so the light quanta move freely 
through the solution. 


In working condition each photoaccumulator produces 
10 mA of current at 0.3 volt voltage, so they are to be 
connected in late batteries, both in series and in parallel. 


It is also necessary to consider the aspect of safety. Until 
now, the depleted uranium has been used for one purpose 
only, namely, for manufacturing of cores for armor-piercing 
shells. When used in this manner, the uranium is pulverized, 
which leads to environmental damage. The battery of 
photoaccumulators is placed in her metic metal chest; the front 
panel of the latter must be made of solid safety glass. Such a 
system will protect the photoaccumulator battery from 
malicious intent and the security staff from weak uranium 
radioactivity. 
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International Prize on Power Engineering 
“GLOBAL ENERGY” 


International Prize 
“Global Energy” was 
first presented in 
St. Petersburg on June 
15, 2003. The bonus 
fund of $900,000 was 
shared between three 
scientists “whose work 
has been and is still 
important both to the 
last century and future 


bHasn 
soca Global 


reseatch”, said Zhores 
Alferov, Chairman of 
the Global Energy Prize 
Award International 
Committee. 





Zhores I. Alfer ov 


Nick Holonyak, Professor at the University of Illinois 
(USA), was awarded for “fundamental contributions to 
the development of power silicon electronics and 
invention of the fitst semi-conducting light-emitting 
diodes in a visible part of the spectrum”. Thyristor 
invented by Holonyak allows the transformation of 
direct current into alternating and vice versa, to direct 
this process, to store and accumulate energy. This device 
is used for every electric locomotive, for frequency 
transformation. Such devices help to save significant 
amounts of energy, thus, about 30 percent of all energy 
produced in the world is processed through thyristors. 
Nick Holonyak’s other Pei 
invention, i.e. semi- 
conducting light-emitting 
diodes in a visible part of the 
spectrum, has led to 

development of a new field 3xep rua 
of the modern power 
engineering Supposedly, 
efficient and safe light- 
emitting diodes will replace 
daylight lamps in the next 


ten yeats. 


“Although Nick Holonyak’s 
invention dates back to the 
end of the 50ies of the last 


century, it remains current” 
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Energy 


said the Chairman of 
Expert Commission, 
Academician Vladimir 
Fortov. “This is one of 
the key inventions leading 
to the search of new ways 
of sustainable energy 
saving”. 


Gennady Mesyats, 
Academician of Russian 
Academy of Sciences, 
and Ian Douglas Smith, 
Senior Scientist at The 
Titan Pulse Science 
Division, were awarded 





Diploma of Global Energy 
Prize laureate 


for giving birth to a new 

direction in the field of power engineering, i.e. power 
pulse energy. Due to their research, commutation of 
high-level currents at megavatt levels of voltage has 
become possible; a number of powerful current 
choppers have been created, futher more, there have been 
developed transformer constructions which allow 
avoiding energy loss in power transmission lines. These 
research and innovations resulted in the creation of a 
number of unique pulse power machines and devices 
widely used in Russia and abroad (“Aurora”, “Helia” 
(USA), “Sinus”, “Gamma”, “Maus”, “Pik” (Russia) and 
others). 
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‘Teleportation 





Review prepated by correspondent Alla Pashova, Russia 


For conventional science, the term “teleportation” is 
not worthy of serious consideration unless ascertained 
by compulsory “quantum” teleportation. Thus, 
teleportation is unconditionally referred to microworld 
phenomena and, in fact, comes to distant information 
transfer. Spatial transfer ence of a macroobject of definite 
mass has been excluded. 


Teleportation of states 


What does quantum teleportation mean? During active 
development of quantum theory, in 1935, the so-called 
EPR-paradox (Einstein-Podolskiy-Rozen paradox) was 
formulated in the well-known work “Can quantum- 
mechanical description of reality be full?” written by 
Albert Einstein, Boris Podolskty, and Natan Rozen. 


The gist of the paradox is as follows. There are two 
particles interacting for some time, thereby forming a 
common system. From the position of quantum 
mechanics, this coupled system can be described with a 
certain wave function. When interaction is over and 
particles scatter within arbitrarily large distances, they 
still will be described by the same function as before. At 
that, state of each separate particle cannot be known in 
principle that is apparent from uncer tainty relation. Only 
when one of the particles enters a receiver, w hich records 
its parameters, the relevant characteristics of the other 
one emerge (exactly emerge, but not become known). 
Thus instant unlimitedly distant “transmission” of 
quantum state of the particle is possible. Therewith, 
teleportation of the particle itself and transference of 
mass do not take place. 


Einstein and his colleagues believed that existence of 
such particles predicted by quantum mechanics prove 
theory incompleteness. Thereof, the scientists inferred 
the necessity of other parameters (besides wave 
function) to describe quantum states. Otherwise, from 
the local viewpoint, correlations between elements of 
such a system could not be understood. It was far much 
later, when Bell showed that some of measurements 
could define these correlations and exclude any local 
hidden parameters. It was not until early 1980-s that 
famous experiments were performed finally eliminating 
a possibility of local hidden parameters. 
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In 1980, Alan Aspect experimentally proved that EPR- 
paradox in quantum world takes place indeed. Special 
measurements of state of EPR-particles indicated that 
EPR-pair not only has a common origin, but in addition, 
that one of the photons somehow “get to know” the 
way the second one was changed. In further experiments, 
existence of EPR-paradox was affirmed, even if particles 
of EPR-pair were removed from each other over a 
distance of 10 kilometers or so. 


In 1993, Charles H. Bennett and his colleagues worked 
out a method to transfer the quantum state of some 
object of the microworld to another quantum object by 
means of EPR-pair and called this method “quantum 
teleportation”. In 1997 a group of experimentalists 
under the direction of Anton Zeilinger for the first time 
implemented quantum teleportation of the photon state 
in the Unwersity of Innsbruck. 


In such a way, researchers kee p on improving the process 
of quantum teleportation. In 2001 Danish scientists 
managed to link gas particles spaced at a substantial 
interval from each other, by transmitting information 
about quantum state from one particle to another by 
means of laser. The quantum teleportation between two 
gaseous clouds were attained by Eugene Polzik and his 
colleagues in Orkhus University. They succeeded in 
coupling about million of cesium atoms, whereas the 
previous record was only four atoms. 


Scientists of Australian National Univer sity destroyed a 
laser beam and nearly instantly recreated it in another 
point in space; in other words, they teleported photons 
of the laser beam. In contrast to previous similar 
experiments, the physicists managed to obtain the 
required result in 100 percents of cases. Ping Koy Lam, 
the head of the task group of Australian University, 
claimed that the first atom of solid substance was likely 
to be teleported within near three to five years. However, 
as most scientists admit, a task to teleport a human 
remains almost impracticable. Even teleportation of 
atoms, as compared to that of photons, is much more 
complicated process. It is even harder when dealing with 
molecules. It is basically possible (though practically very 
difficult) first to transfer a molecule to a minimum- 
energy state (ground state) causing it to radiate a certain 
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sequence of photons. These photons will find 
themselves in a certain superposition containing all the 
“quantum” information, which was available in the 
molecule. Thereafter, it is possible to teleport photon 
states by means of EPR-pairs. Moreover, it is also 
requir ed that the classically measured information about 
a molecule. If molecule of minimum-energy state is 
present in the receiver, then this molecule, by interacting 
with teleported photons in a required order, will 
transform to the quantum state identical to that of the 
initial one. Consequently, the quantum state of molecule 
of a certain material will be transmitted, actually with 
velocity of light. When that happens, the quantum state 
at the transmitting side will be destroyed. 


The human organism comprises about 10°’ atoms. To 
save and transmit information on properties of that 
number of particles seems to be practically unachievable. 
“Theoretically, nothing prevents us from doing that, but 
complexity of the problem is such that now no one 
seriously thinks about the solution” — states Ping Koy Lam. 


Being a method of information transmission, quantum 
teleportation has found its application in quantum 
computers, whose information is stored in the form of 
a set of quantum states. Impossibility to wiretap and 
copy ttansmitted information is considered to be an 
advantage of such computers. Those researchers, who, 
nevertheless, wish to answer the question of “How to 
teleport matter, but not its state?” have to seek for more 
perspective theories and techniques. 


Teleportation of material objects 


Those people, who really want to realize instant spatial 
transportation of objects, i.e. teleportation, should refer 
to studying properties of Space and Time. Quantum 
teleportation has a certain finite velocity that cannot 
exceed that of light. The genuine tele portation assumes 
that an object should set off from a starting point to a 
finishing point (these points differ by a certain distance 
X), at that the transference time comes to zero. The 
object to be teleported is not changed or taken to atoms 
to be gathered later at a distant point of space according 
to information transferred to this point. (Fig.1). 


The object disappears from one place and simultaneously 
appears in another place. How is that possible? A body 
will disappear from point A and appear in point B if to 
bend space in such a way as to let point A and point B 
coincide. Then the object will instantly appear in point B 
since there is no interval between points A and B. 
Teleportation could be realized by a device, which would 
make it possible to superpose points A and B. 
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Fig. 1 


Space is supposed to be unbendable without enormous 
eneryy consumption. However, Alexander V. Frolov 
points out that this issue is not so unambiguous: 
“Normally we consider space in connection with 
“natural” course of time existing in it. That is some 
degtee of space curvature. Let us assume that it can be 
changed. The space curvature can be considered as 
acceleration or deceleration of time. Acceleration always 
demands, for instance in mechanics, some energy 
consumption. But if we “decelerate” time, energy is 
liberated and it can be accumulated for subsequent use”. 


K.Z. Leshan suggests surrounding a transferred object 
with a closed surface consisting of vacuum holes. Inside 
such a “hole sphere” there is geometry similar to that 
of a black hole. This place is absolutely isolated from 
the external Universe. No radiation is able to penetrate 
through the hole in space and time. For an observer, 
who is inside the hole sphere, the distance between 
sphere center and its border is infinitely latye, since 
spatial metrics is evet-varying from the center to the 
border. Distances between the points is continuously 
shortened so that the distance between any couple of 
points comes to zero at the very hole surface. A matter 
transmitter can have inner or outer hole surface. In the 
first case a teleportation station has a spherical chamber 
to place the object. Equipment to produce holes should 
be located upon the outer side of the sphere. Such a 
station is capable to provide hundreds of launches a 
day by instantly expulsing spaceships to deep space over 
distances of millions of light years. 


From microcosm towards macrocosm 


Simeon Bocharov (member of Chemistry and 
Biochemistry Department, University of Delaver, 
Newark, USA) considers teleportation phenomenon 
using microobjects as an example and applying an 
interesting conception of protomatter. 
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In S. Bocharov’s opinion, many paradoxes of the 
present-day science could be solved under condition of 
considering the whole existing matter to be a single 
continuum, i.e. protomatter. At this approach, the 
microcosm objects are not independent ones, being 
represented in the form of distortions of the very 
continuum and its manifestations here and now. 
Protomatter, whose distortion degree is beyond modern 
possibilities of detection, corresponds to vacuum. In 
the present-day paradigm redistribution of protomatter 
distortion corresponds to motion of particles. The 
important peculiarity is a refusal of such concepts as 
structure, dimensions, mass and other macroscopic 
characteristics with respect to microcosm objects, since 
here they are not considered as separate entities. 


For experimental justification of his theory,S. Bocharov 
suggests to consider teleportation of microobjects 
incorporated in fullerens under low temperatures and 
pressure. 


As a basis for reasoning he takes the fact that identical 
or similar conditions, whereon distortions ate located, 
bring them to the state of identical or similar by lability/ 
diffuseness. And vice versa, distortions, which ate similar 
by lability/dif fuseness, influence their near surroundings, 
creating, as a result, similar macroscopic states. In such 
a case protomatter distortion (in some spatial domains 
and under similar conditions) will cause appearance of 
similar distortions in another domain, whose degree of 
removal depends on presence of other distortions and 
their characteristics. In other words matter will be 
teleported from one spatial domain to another. 


Possibility to realize teleportation of microobject causes 
the well-known phenomenon, which is nowadays 
described as embedding of particles into inner hollows 
of spheroid fulleren molecules without reacting with 
them. As object of teleportation there can be used 
distortions classified as elementary ones, such as 
hydrogen, helium or stable matters (noble gases). In both 
cases the influence of objects upon surroundings is 
minimized. 


The researcher believes that in case of successful 
experiment, new pattern of matter structure will be 
confirmed, and valuable teleportation of microobjects 
(with prospects of such possibility for macrocosm 
objects) will be demonstrated. 


One more approach to teleportation of physical 


macroobjects was considered in the work “Practical 
application of time rate control” (New Energy 
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Technologies No. 3, 2001) by Alexander V. Frolov. It is 
assumed that density of space (aether) energy determines 
rate of passing of any processes including the very 
process of matter existence. Changes of aether density 
(increase or decrease) must result in the emergence of a 
force analogous to that of buoyancy, though acting 
towards the fourth dimension. This “chrono-motive 
force” (CMF) is also an analogue of electromotive force 
(EMF) and can be generated by analogy with 
electrodynamics. According to Alexander V. Frolov, laws 
of quantum mechanics as to discretization of levels of 
energy of material system, which exist in the domain of 
increased or decreased aether density, are valid in the 
macrocosm as well. Teleportation (as a transition from 
one state of the system to another one) can be studied 
with electron transference from one orbit to another as 
an example with the only difference that for the 
teleported object not only its location, but also the very 
spatial properties are changed. In aether of different 
density (after discrete transition) the same object will 
have different space around it, wherein time is 
decelerated or accelerated. Experiments of this field have 
already been in development stage. 


Therefore, modern theoretical physics has handed the 
problem of teleportation to  researchers- 
experimentalists, who possess sufficient breadth of 
mind. Perhaps, using teleportation technologies, they will 
manage to fundamentally alter the process of space 
exploration and raise our civilization up to radically new 


development level. 
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The idea to conduct experiments on “mass defect” 
demonstration appeared after a cycle of seminars, which 
took place in1993-1996 at the Moscow Aviation Institute 
under the direction of V. I. Patrushev, Doctor of 
Technical Sciences, Professor of “Designing of 
aerohydrodynamic systems” Department (the author of 
the article is also a graduate of the Department). At 
the seminars, an enterprising group studied and 
developed an applied theory of “Displacing fields” by 
Alexis V. Murlikin and an associate “Theory of energy 
exchange processes”. Later the group was called “Group 
studying non-inertial transference” (non-inertial 
natural processes). 


The experiment was aimed to test some theoretical 
suppositions, namely, that it is possible to influence on 
existent energy flows which input and output to the 
matter. At that the simplest way to influence indirectly 
is to change the medium the flows come through. In 
general, optic experiments on luminous flux refraction 
show the same. But light refraction and change of speed 
of light propagation at passing through different 
mediums is one thing; and change of mass of a material 
body is something new that has not ever been dealt with. 
Moreover you can consider light (ie. electromagnetic 
radiation) to be the secondary manifestation of output 
energy flow. Besides mass defect is very important for 
nuclear physics because it “helps” to develop this branch 
and stimulates drawing “energy dividends” in splitting 
reactions, decay reactions and nuclear fusion reactions. 
But unfortunately we can not touch element nucleus 
and even million nuclei while we can easily touch metallic 
balls of 1 gram weight. 


Let us note that a concept of mass is one of the most 
uncertain in physics. We can not measure mass directly. 
It is possible to do it only indirectly, by gravity, using 
scales (it does not matter what kind of scales are used), 
ot by kinetic momentum (in this case mass is a measure 
of inertia) by means of dynamometers. 


Thus it is evident that change of WEIGHT shown 
by scales is not MASS change as measure of matter 
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quantity. Since one of the most important points of 
the theory of “Displacing fields” is creation of a vehicle 
of new generation, then one of the major tasks is to 
overcome gravity (to decrease weight). And this “home 
experiment” shows the way to solve it. However we can 
call it “home” only in part, because for weighing there 
were used electronic scales (mass-comparator with 
measurement accuracy of 0.1 microgram. (See Fig, 1). 





Fig. 1 


Precision scales METTLER TOLEDO allows making: 
High-accuracy weighing in the range 
from 0.1 microgram to several tones 
Measurement with resolution up to milliard points 


Two sets were designed for weighing, The first one had 
an aluminum (Al) ball-kernel which weighed 1 gram and 
a lead (Pb) casing-shell consisted of two parts (half- 
spheres) which also has weight of 1 gram. The second 
set had on the contrary a lead kernel and an aluminum 
casing. The sets were disassembled and then 
hermetically assembled to make a single device with no 


gaps (See Fig. 2). 


Since it had to be done with great accuracy and it was 
a piece article, not a Moscow product company 
undertook to produce it. And only one of the students, 
Nicholas Sorokin, a young boy with skilful fingers, had 
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helped. He invented a technology 
which allowed making balls of the 
necessaty size at home conditions. 
He was literally pickling every 
micron of metal with acid and finally 
got the necessary size and weight. 


So, the weight of a non-assembled 
set was: 1 gram (weight of kernel) 
and 1 gramm (weight of shell). 
Weight of an assembled set, 
accotding to the “Theory of energy 
exchange processes” by Murlikin, is 
not equal to the simple sum of the 
non-assembled components, and 
mass defect would be different for 
various sets right up to the change 
of sign. 


ball-kernel | 


casing-shell 





Fig. 2 
Set of experimental balls 


More than 50 experiments was 
cattied out on weighing for every set. 
Assembled sets as well as non- 
assembled sets were weighed. It was 
confirmed that there was an 
interaction between input and 
output flows for MATTER 
MAINTENANCE. It became 
apparent in the form of mass 
defect. Defect appeared in the 
sixth sign, i.e. it comes to the 
range from 0.0002% to 0.0007% of 
“kernel” mass (or “shell” mass). 
At that the lesser mass defect 
cotresponds to aluminum shell, 
while the greater one corresponds 
to lead shell. Accuracy of weight 
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measuring by the mass comparator exceeded the acquired result by 
10 times. So we could not tell about inaccuracy of measurements. So 
we had to apply to the “Russian center of testing and certification” which 
was very famous all over the world (Rostest-Moscow). 


In general that is all, we have got an answer for ourselves, and the period of 
testing is behind. We have to advance; very much is still to be done In 
addition let us mention one more surprise we got during the experiments. 
The matter concerns some time delay in teceiving final results of every 
weighing, A qualitative picture of it is represented in Fig, 3. We did not 
expect that this effect would appear at such a rough level of measurement 
of energy exchange processes. 


mM, Curves of stabilization of energy 
interchange process - changes of 
mass defect in time for each experiment 


microgram 





Fig. 3 
Time stabilization of the process for receiving final weight 


The subsequent report and detailed discussion of the experimental results 
by specialists (including physicists of various specializations) resulted in an 
unexpected non-tecognition of facts and distrust. The main argument was 
a demand to increase the number of experiments up to 5-10 hundreds. 
And only then scientists would be ready to accept facts. It was quite a 
predictable reaction for the orthodox science in the middle of 90s. It remains 
to hope that if the discussion took place today it would have a paved way. 
However it is not a fact. 


In conclusion let us note that this experiment on revealing mass defect 
ranks with famous experiments, in which rotating gyroscopes also 
demonstrate mass defect (decrease of weight) and even one of higher order 
than in our experiment. But in return we have no rotation, no chemical and 
nuclear reactions, while mass defect is presented. 


Let us add that it is possible to complicate the task: to make a double casing 
and to choose other materials for “kernel” and “shell”. (See Fig. 2). In our 
case low prices and availability made us use Al and Pb. The results will be 
mote interesting, for example, with Li and Os (and with other 
supertransuranic elements). 
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Based on 


original 
observations and 
experiments, the article gives 
more precise definitions of 
aether model, than which was 
previously elaborated. 
General laws of the Universe 
aetherodynamic ate 
considered. There is described 
a new physical reality in the 
form of quasi-real 
aetherodynamic structures (“topological harmonics’) 
generated by dynamics of the substantial world. 


At the present-day stage of physics development words 
of Maugham, an English philosopher, take on particular 
topicality: “The great verities are too important to be 
new’. Indeed, we are increasingly making certain that 
our remote ancestors were familiar with fundamental 
laws of the Universe; furthermore, they knew these 
better than we do. But which methodology of cognition 
of Nature and what kind of information sources did 
the ancient scientists have? Today, we can openly say: 
they had not ordinary experience only, but also esoteric, 
pretersensual one, without feeling any necessity to be 
divided into materialists and idealists. For more details 
on evolution of physical ideas, refer to work [1]. 


In discovering all over again, I also had to elaborate a 
“cellular taction” strategy, which enables the most 
important characteristics of aetherodynamic processes 
to be sensually perceived and evaluated. The main thing 
is that all my sensory observations are definitely 
reproduced at laboratory experiments while the simplest 
physical equipment is used. 


We may get reliable knowledge about Nature from 
Nature itself only. Thus foundation of classical physics 
describing usual substantial world is also based on 
empirical facts studied by Galilei, Newton, Faraday and 
many other physicists-natural philosophers. I also would 
like to defend great Newton against attacks on his 
adherence to inductive methods which really brought 
imperishable values into science. 
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Anew convolution of cognition is possible on condition 
of introduction into science of new concepts based on 
empirical study of physical entities previously unknown. 
Thereupon, I share the thought of Elena Ventzel, 
professional mathematician: “Mathematical methods are 
not useful, but harmful until phenomenon is not studied 
at a pte-mathematical, humanitarian level’. It is 
ideological and logical language that may be used today 
to discuss the aether problem, whose solution calls for 
comprehension of natural-science facts, which are 
beyond traditional notions settled over centuries. 


The long-term investigations have confirmed that 
exhaustive definition of a fundamental na tural entity was 
given by Rene Descartes: “Universe does not contain 
anything but aether and its vortexes’’. This is not merely 
a postulate; this is an objective summary of empirical 
observations of Nature phenomena. In any academical 
model of microcosm there is no answer to the question: 
what kind of substance are electrons, quarks, strings 
made of? That is the very substance our forefathers 
called aether. Aether is unified field indeed; and it appears 
that for nearly his whole life Einstein had been sear ching 
for something that was under his foot. 


It must be recognized that there is no undistorted, 
quiescent aether in Nature; as well as no zero-size 
vortexes exist. Therefore, in a customary sense, the 
aether concept is pushed behind transcendental horizon 
and turned into an inconceivable entity whose mystique 
is tantamount to religious ideas. However, all quantum 
vortex-wave distortions of the superfluid three- 
dimensional aether, which have an appearance of tori, 
threads, solitons and occupy spatio-temporal spectrum 
from zero to inter-universe scale, are material and contain 
energy under scientific interpretation. Any spaces such 
as turbulent fields, physical vacuum, gravitational fields 
and, of course, matter are material. All of them are 
etherodynamic structures of the real world. Spatial 
hierarchy of aether vortices is referred to as quantum 
staits, fractal structure or “matreshka” [2-5]. 


To understand basic laws of aetherodynamics it is 
necessary to give a general definition for classical matter 
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and other aether states. As a first approximation, let us 
give the name of matter to aether microscopicleft-scr ew 
self-oscillating vortex-wave systems (elementary 
particles), whose existence and parameters are 
conditioned by higher hierarchical systems. This is our 
displayed world, with its electromagnetic fields and 
fundamental constants. Let us refer to vortex-wave 
structures of any vortex size, which in the considered 
space domain ate balanced by a number of left- and 
right-screw vortices corresponding to matter and 
antimatter with prefix “quasi” to a free aether. Stable 
vor tex lattices with alternating direction of helicity can 
be also considered in this case. Under natural conditions 
everything but classical matter or electromagnetic and 
gravitational fields can be related to the free aether. In 
the first place, these are the so-called physical vacuum 
and vortex fields, which attend gravitation. They 
represent anisotropic nonlinear subspaces and occupy 
definite places on spatio-temporal spectrum of the world 
aether. Particular free subspace creates an aggregate of 
topological harmonics [5] attending all the physical 
processes. Satellite of the gravitational field is 
distinguished because it belongs to specific class of stable 
vor tex lattices. 


Apparently, in genetal case, energy of free aether is 
virtual for our world due to its helical symmetry and 
quasi-matter, from the view of difference in sizes of 
typical vortices which correspond to protomatter. But 
this is not the entire point. There is also superfluidity of 
aether, whose vortex viscosity has marvellous properties. 
As a result, there are created phenomena of inertia and 
energy-information barrier separating material world 
from constant influence of quasi-real structures or 
turbulated space. 


Classical inertia, as vortex viscosity, arises in the 
microscopic and more fine-structure free aether (in 
Newtonian space) and ever regularly reveals itself during 
acceleration of material bodies. However everything is 
different at stage of macrovortex aether, where inertia 
has properties of adaptation. Here it is affirmed that 
inertia phenomenon is “spread” throughout the spatial- 
temporal spectrum of vortex distortions of aether field. 
At that nature of inertia is changed. Within 
topoharmonic subspace in laboratory scales, the inertia 
law “diminishes” in time according to exponential 
dependence, whose time constant is determined by 
specific conditions and varied over wide limits (from 
seconds to many days). On the expiry of this time, 
inertial intercoupling transforms to the law of flicker 
effect. It may be said that flicker effect specify 
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penetrability of energy and information barrier after 
expiry of time of paraphysical regular phenomenon [6]. 
Consequently, most of time the interaction with free 
macroaether is of random character and should be 
evaluated by mean observation. 


To extend conceptual scope of our investigation it may 
be added that in classical hydrodynamics a liquid, along 
with ordinary inertia, has determined vortex 
macroinertia, which is created by vortices of the liquid 
itself. Therefore, it is necessary to keep on comparing 
processes at all levels of the unified field of aether. For 
instance, electric inductance is a kind of specific inertia, 
and topological harmonics of electromagnetic and other 
phenomena are subjected to the energy-information 
barrier (under laboratory conditions). 


In the above arguments, the principle of relativity is 
latently and unconsciously presented. However, this 
complicated question needs to be separately considered. 
Physical nature of the energy-information barrier and 
reason for dependence of the inertia properties upon 
the size of vortices of free aether remain unclear, too. 
However, it can be supposed that classical elementary 
particles, as distinct from protomatter, have self- 
oscillating properties and are commensurable with 
vortices of the surrounding free world; and that the 
above-mentioned energy-information barrier does not 
exist for them on microscopic section of the spectrum. 
The gist of the barrier itself comes to “memorizing” 
topoharmonic processes by Earth’s gravitational fields 
and laboratory equipment. Turbulent fields (physical 
vacuum) do not have such a “memory”. 
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Fig.l depicts diagrams of spectral density of vortices’ 
energy; diagrams of rate of interaction transfer Vv and 
circular frequency @ depending on sizes of vortices of 
the world aether A (in picometers). As we can see, 
velocity of distortions propagation Vis equal to velocity 
of light C in the physical vacuum, ie in electron sizes, 
exceeds C in nanocosm and tends to zero toward 
megacosms. Circular frequency of vortices rotation and 
course of physical time have the analogous qualitative 
dependence. However, vortices energy W has a feature 
and grows toward both ways from the lab scales; the 
aether numbers have been assigned conditionally, but 
all the specified phase states reflect some physical reality. 


One of the most complicated questions is a definition 
of vortex matter in each particular case. The diagram 
demonstrates energy of free aether in the form of 
protomatter (simplest elementary particles — vortexes), 
and energy of classical elementary particles as helically 
definite self-oscillating emissions of aether field is 
localized in the most nonlinear subspace (physical or 
substantial vacuum). Unification of the elementary 
particles into atoms and macrobody does not denote 
direct transition to parallel world with different 
fundamental constants, whereas change of vortex size 
in the diagram exactly implies such a transition, though 
at a level of protomatter. This is a very intricate and 
crucial point. For example, a star is, unconditionally, an 
elementary particle of the relevant level of the Universe, 
even though comprising the ordinary matter. 


Left wing of energy spectrum reflects property of the 
turbulent field of aether to gravitate, to sink down to 
the “bottom” transfer ring energy to the vor tices of lesser 
scales. This phenomenon of distributed “gravitation” 
is available in every space point and explains a least- 
action principle An illustrative analogue of this regularity 
is represented by the Earth’s gravitational field and 
structure. Dense plasma assumed as iron core is situated 
in the center, and higher - there are magma, solid crust, 
water and air. These phase states exist in free aether 
within universe scales as well. Consequently, in 
femtocosm, and maybe at an even deeper energetic 
“bottom”, there must be a plasmic subspace; evidently, 
it is assignable that aether translated from Greek means 
“fire”. 


Increase of energy to the right is connected with 
extending a dynamic band of the vortices spectrum, as 
the scale increases. In our world, this increase follows 
the flicker effect law, but this is only what we perceive 
actoss the energy-information barrier. Actually, at this 
section the vortex energy must increase well more 


New Energy Technologies, Issue #3 May - June 2003 


strongly, because our observation capabilities are 
limited by accessible matter processes. Turning back to 
stars, one may affirm that modern science is unable to 
evaluate their real energy (evaluations are considerably 
underrated). The Galaxy vortex entrains such deep levels 
of multidimensional space-aether to its rotation that this 
causes violation of the Newton's law of inertia. Notion 
of “hidden mass” is unnecessary for explaining dynamics 
of galaxies. It is quite enough to take into account that 
differential rotation entrains the fine-structure aether 
(inertial subspace), and this process results in decreasing 
the inertia and external centrifugal forces. Unfortunately, 
Fig, 1 reflects only a characteristic size of the galactic 
vortex and does not visually demonstrate its active band 
of the spectrum. The finer is the space structure, the 
mote inertial and closer to the absolute reference frame 
is the space. Obviously, the non-homogeneous, 
stereodynamically multidimensional and multiphase 
aether requires a perfectly new theory of random fields, 
which would also make allowance for the phenomenon 
of the material world. 


Energy motion processes or spectral energy-cascades 
along abscissa axis are of decisive importance for 
existence of our world and the Universe. These 
processes have unusual properties. The “violet” cascade 
is attended with reduction of vortices size, absorption 
of matter energy and tends to increase energy 
concentration at the “bottom” of the world aether (near 
otdinate axis on Fig.1). This regularity experimentally 
confirmed in both spatial and temporal domains is a 
direct consequence of the above-mentioned 
phenomenon of distributed gravitation and clarifies an 
existence of the left wing of the spectrum. In classical 
physics “the violet’ cascade effect is reflected in the 
least-action principle as well as in the thermodynamics 


laws. 


The “red” energy cascade (right wing of the spectrum) 
corresponds to increase of vortices size and is 
accompanied with energy liberation. To start it up under 
eatthy conditions special technologies are called for [7]. 
This has been confirmed with laboratory experiments 
and underlies the “perpetual motion” theory, where 
enetgy is pumped from nanocosm to the classical 
material world. Conception of artificial biofield [6], I 
have developed, considers methods of creating the 
aether vortex-wave macroscopic-scale distortions in 
physical systems. As a matter of fact, we deal with ways 
of extending of natural spatio-temporal spectrum 
of aether (which settled into itself) by creation of a 
subspace of the topological subharmonics of the 
classical elementary particles, atoms and molecules 
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(physical bodies), within the context of the 
etherodynamics fundamental law [5]. 


Even within action of fluctuating energy-information 
barrier, the spectrum right wing exhibits existence of 
natural processes in Nature that, supposedly, violate the 
known laws of thermodynamics [8]. But, as far as Nature 
cannot conflict with itself, we have to recognize that 
there is another physics, which “works” in geographic 
and greater scales, where role of the energy-information 
barrier demands to be reappraised. To all appearance, 
the universe vortex partialyl entrains plasmic subspace 
of aether into its rotation, and conditions for realizing 
“red” energy-cascade and generating matter are created 
on the sections of the maximum density gradient 
(“spectral” non-linearity). But the same way as a fish in 
ocean does not know teasons for storms and currents, 
we will never learn which force untwists the Universe 
handwheel, whose energy feeds our substantial world. 


There are two components of free aether field that are 
the most essential for the present-day physics. The first 
one (left wing) is positioned on the spectrum beside the 
“bottom” in the form of dense liquid-crystalline 
“plasmatic” medium transforming to the Newtonian 
inertial subspace (physical vacuum). Since inettia is as 
regular as electric inductance is, the first subspace proves 
to be especially material and not such free, because it 
has properties which were imposed by the Universe 
rotation and distributed “gravitation”. Let us 
conventionally limit the spatial spectrum of the first 
component with a nucleon size. The second component 
of aether space (right wing of the spectrum) stretches 
towards larger scales. 


Except for known cosmic objects, this is an unknown 
ocean of the macrovortex and really free aether, or 
topoharmonics, which are born by dynamics of the 
substantial world. It is an experimentally proven fact 
that topoharmonics are generated by photons, electrons, 
and all the moving bodies [5, 9]. 


The second component has an ability to conversely affect 
the matter it was generated by as well as other material 
objects via “flickering” forces [10, 11]. This special 
subspace turns out to be doubly virtual, a genuine 
phantom. That is why, it has been winning the status of 
a real physical entity with such a difficulty, while Chinese 
philosophers were familiar with the same thousands 
years ago, separating entities “yang” and “yin”. 


The laboratory experiments indicate that topoharmonics 
have not only properties described in [5], but also an 
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ability to interact with the space, creating a static domain 
of the excited aether in the course of propagation of 
the vortices-waves. At that physical bodies placing within 
this space volume are “charged” [2, 9]. The mentioned 
active domain (horizontal route) is “separated” by the 
Farth’s gravitational field as follows: quasi-substantial 
constituent rapidly settles down creating vertical flow, 
but some phase structures are disintegrated very slowly 
(days, months, years). 


The surprising thing is that biosystems equally belong 
to both aether components, not experiencing any 
constraint from the side of the energy-information 
barrier. The so-called human biofield is a topohar monic 
part of physical body. It occupies its place on the spatio- 
temporal spectrum (Fig. 1). Quasi-substantial constituent 
(yang) and antiquasi-substantial one (yin) are strictly 
balanced, and acupuncture points and chakras are an 
analogue of Hartmann’s geophysical grid, which is well- 
known to paraphysicists. 


Conceptual generalization of physical ideas in the 
context of unified field of aether gives a constructive, 
cognitive impulse in solving of different problems, such 
as Nature’s choice of exclusive laws for existence of 
“left-screw” material world as well as the problem of 
flicker-effect. At that, researching into the physical 
processes responsible for proton positive charge is of 
fundamental importance. 


In condusion, let us take note of conventional character 
of dividing the aether field into two components by the 
form of energetic spectrum. As a matter of fact, 
topoharmonics are generated by matter towards both 
larger spatial frequencies (subharmonics) and smaller 
ones (harmonics) and fill all levels of the Universe. The 
aforesaid is aimed at making perception of the most 
studied aspect of the new physical entity (vague due 
to diversity of hypothetical descriptions which exist in 
publications on this subject) more accessible. 
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Lately, the notion “Global energy” has become widely 
sptead as a prize corresponding to this notion has been 
instituted in Russia. Since the Euclidean times, an 
unwritten law exists in science: to give definition to the 
notions, which are involved in scientific analysis. It is 
done for the purpose that everybody who uses this 
notion can understand the sense implied in it. 


The Global energy problems have been discussed for a 
long time; they are well known. Depletion of natural 
energy carriers (oil, gas and coal) is the first problem. 
Environmental safety of energy carriers is the second 
problem. It is generally recognized that the solution of 
the issues connected with the aggregate of these two 
problems is of a global character. The results of scientific 
research, which should deal with global energy, originate 
from it. First and foremost, they are such scientific 
investigations, which result in the possibility to use an 
inexhaustible and environmental friendly ener gy carrier. 
It has been known for a long time. It is hydrogen 
produced from water. 


Why hydrogen and why from water? At combustion of 
hydrogen, water is regenerated; thus, the energy carrier 
is inexhaustible. As far as inexhaustibility and 
environmental safety are concerned, hydrogen has no 
competitors. However implementation of these qualities 
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is restricted by large energy expenses for hydrogen 
production from water. For hydrogen production, 
modern electrolyzers use from 10 to 20% more energy 
than it is produced at combustion of hydrogen. 


It is easy to imagine what financial and intellectual 
resoutces of the world are included in the search of the 
ways to reduce ener gy expenses for hydrogen production 
from water. In Russia many scientific institutions of 
applied research and educational institutions deal with 
this problem. There is a Research Hydrogen Institute. 


The associations of scientists on hydrogen energetics 
have been established in USA and Europe. This year, 
they carry out their regular scientific conferences, to 
which the author of this atticle has been invited. 


Editorial: Let us note that it is not necessary to coin new 
scientific term “global energy”, since quite for a long time 
the notion of “free energy” is used. This term represents 
the idea of the possibility to freely use energy by a 
consumer. 


Energy problem is global not due to depletion of oil 
and gas, but due to their environmental unsafeness. 
However the confirmations exist that the world owners 
of energy resources do not bother about the problem 
of environmental unsafeness of modem energy car tiers. 
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In history of science, the facts of annihilation of the 
scientists who have won success in reduction of energy 
expenses for production of hydrogen from water have 
already been registered. The requesters of these actions 
think that they will lose their profits with the coming of 
hydrogen energetics. They do not understand that this 
process cannot be abrupt. It is impossible to replace 
the infrastructure of the existing energy carriers by 
infrastructure of hydrogen ener getics within one or even 
ten years. Besides, infrastructure of hydrogen energetics 
will not be created on a blank place. It will be integrated 
into the existing infrastructure of energetics gradually; 
and its owners will automatically become the owners of 
hydrogen energetics. The first step has already been 
made in this direction. In the USA, a decision has been 
taken to equip all filling stations with pumps to fill the 
cats with hydrogen. 


It is known that a priority of results of theoretical 
investigations is their publication in press. Usually, such 
priority is a personal one. Generally a patent is a priority 
of the results of experimental investigations. As a rule, 
this patent belongs to a group of authors. A published 
patent is a genie released from a bottle. No finesse of 
the authors to hamper a reproduction of experimental 
data given in a patent without the participation of the 
authors can stop the process of their implementation. 
Thus, the authors or a group of the authors who have 
filed an application for a patent are deprived 
automatically of the opportunity to influence the process 
of practical realization of their ideas. 


In Russia, the state is a main patent holder of the global 
patents. Due to the well-known reasons, it has proved 
to be unable to control the course of scientific 
investigations and to forecast significance of their results. 


It is known that if it becomes possible to reduce energy 
expenses for hydrogen production of water fivefold, it 
will be the cheapest energy carrier. Russia has already 
got technology, which reduces these expenses tenfold 
and more. However another way of looking is more 
perspective. Is there any use to decompose water into 
hydrogen and oxygen and to use hydrogen as fuel for 
heating, for example, of water in heating systems? Is it 
possible to make water generate heat? It turned out that, 
it is possible. 


In Russia, three firms (“Yusmar”, “Termovikhr” and 
“Noteka”) sell cavitation heating equipment with energy 
performance index up to 150%. Official science looks 
awty at this activity, since such results conflict with one 
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of the main laws of physics: law of conservation of 
energy. But market profit is stronger than this law. 


Meanwhile, engineering practice has already proved that 
additional energy in the form of heat is generated in the 
ventilation systems and in the systems of water 
cavitation. Thorough scientific analysis of this problem 
shows that physical vacuum is the most probable source 
of additional eneryy in the systems of ventilation and 
watet cavitation. Valence electrons of destroyed 
molecules of water take energy from physical vacuum 
and release it during repeated fusion of these molecules. 


Why is additional energy generated in the air systems 
of ventilation and in systems of water cavitation? 
Because they are mechanical systems and mechanical 
destruction of chemical links requires half energy as 
compared with thermal destruction of these links. This 
is the main reason why one fails to increase energy 
performance index of cavitation processes over 200%. 


Certainly, an increase of efficiency of any process by 30 
ot 50% is a good result; if it is obtained, it is possible to 
get even better one. But what if a water molecule is 
destroyed not mechanically, but electrodynamically? In 
this case, it becomes possible to find resonance 
frequencies of influence on the molecules and therefore 
to reduce considerably expenses of electrical energy for 
their destruction. Subsequent fusion of destroyed 
molecules will release determined quantity of energy 
unavoidably. It is a simple idea, and it has already been 
implemented. At electrodynamic influence on water 
molecules, electrical energy is converted into thermal 
energy with tenfold energy performance index. It means 
that if we spend 1 kWh of electric energy, we will get 
10 kWh of thermal enetyy. To obtain such results, it is 
necessary to have knowledge of physchemistry of the 
microworld, which corresponds to knowledge of the 
21st century, and it has already been published. Every 
month more than 1000 foreign scientists become 
familiarized with this knowledge at 
http://Kanarev.innoplaza.net and 
http://book.physchemistry.innoplaza.net. 

The Russian speaking readers get this information from: 
http://www.n-t.org/tp/ns/if-htm, 
http://wwwikar.udm.ru/sb28-2.htm and 
http://www.n-t.org/tp/ts/eb.htm. 


I hope that now the readers will know the essence of 
the notion “global energy” and will understand those 
results of scientific researches which can really solve 
the related problems. 
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There is revealed the cause of appearance of additional 
energy during formation of covalent bonds in the fusion 
processes of oxygen, hydrogen and water molecules, 
besides the source of this energy is described. 


Introduction 


Engineering practice connected with servicing of 
ventilation systems allows revealing appearance of 
excessive thermal energy in circulated air. Similar 
phenomenon has been registered in systems of water 
circulation with the devices for its active cavitation. The 
results of our investigations explain not only a cause of 
these phenomena, but they give an opportunity to 
perform quantitative calculations for energy processes, 
which generate additional thermal energy [1], [2], [3], 


[4], [5]. 
Theoretical part 
An oxygen atom is the eighth element of the periodic 


table. It is situated in the sixth group. The structure of 
its nucleus is given in Fig. 1 [1], [2], [3]. 





Fig. 1 
Diagram of nucleus of oxygen atom: light — the protons, 


dark and grey — the neutrons 


In Fig. 2 a diagram of the oxygen atom originating from 
the structure of its nucleus is given (Fig, 1). It has eight 
electrons. The electrons situated on the axis of symmetry 
are the most active ones (1, 2). Other six electrons 
situated in the plane, which is perpendicular to the axis 
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line (a line of symmetry), by means of their total electric 
field remove electrons 1 and 2 from the nucleus at a 
large distance at that forming conditions for their large 
activity during the interaction with the electrons of the 
neighbouring atoms [1], [2], [3]. 


Fig. 2 
Diagram of the oxygen atom 


The least ionization energy of the electron of oxygen 
atom is equal to EL; =13.618 eV. Binding energy of this 
electron with the atomic nucleus corresponding to the 
first energy level is equal to EF, =13.752 eV. Let us call 
this electron the first one. The calculation of energy 
indices of this electron, including its binding energies 
E,, with the atomic nucleus, according to the formulas 
(1) and (2), gives the following results (Table 1) [1], [2], [3]. 


a E; = E, 
a er ees ee (1) 
E,= an 
2= 5 Q) 
Table 1 


Spectrum of the first electron of the oxygen atom 
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The oxygen molecule structure is given in Fig. 3, a. It is 
formed by means of a connection of unlike magnetic 
poles of axis electrons of two oxygen atoms [1], [2], [3]. 
It is known that the fusion process of the oxygen 
molecules is accompanied with a release of 495 kJ/mole 
of energy, or in calculation for one molecule 


495 -1000 


sp eee 
6,02:10”° -1.602 10” 2) 


b 


What principle does the Nature follow by distributing 
enery of 5.13 eV between the electrons of oxygen 
molecule (Fig. 3, a)? Energy of 5.13 eV is a thermal 
binding energy between the electrons 1 and 2’ of two 
oxygen atoms (Fig. 3, a). When the oxygen molecule is 
formed, it is emitted in the form of the photons by the 
electrons, which enter into the bond. Hence it is equal 
to an amount of energies of two photons emitted by 
these electrons. Consequently, each contacting electron 
emits a photon with energies of 5.13/2=2.565 eV=E, 
(Fig, 3). According to Table 1, in this case the valence 
electrons are situated between the second energy level 
and the third one [1]. 


Fig. 3 
Diagram of binding energy distribution between the 
electrons in the oxygen molecule 


Two oxygen atoms ate combined into a molecule in an 
excitation state. The excitation state is the state of an 
atom when its valence electrons are situated at such 
distances from the nuclei when the binding energy E, 
between them is reduced to the thousandth of fractions 
of an electron-volt. In such state the atom can loose an 
electron and become an ion. Otherwise, without loosing 
electrons it is combined with an electron of the 
neighbouring atom by the valence electr on, and a process 
of formation of oxygen molecule begins. It is an 
exothermic process when the axis valence electrons 
1 and 2’ emit photons, descend on lower energy levels 
and release 2.565x2=5.13 eV. 
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Let us pay attention to the fact that energy 5.13 eV is 
teleased by two electrons, which form a bond with 
energy of E,,=2.56 eV. In modern chemistry this bond 
is called a covalent bond. In order to break this bond it 
is necessaty to use 2.56 eV of mechanical energy, For 
thermal cleavage of this bond, double quantity of energy 
is required, i.e. 5.13 eV. It is explained by the fact that 
the photon energy of 5.13 eV is absorbed by two 
electrons simultaneously. Only in this case, both 
electrons will be transferred to the highest energy levels 
with minimal binding energy E, when they are 
disconnected, and each oxygen atom becomes a free 
one 


Thus, energy expenses for destruction of oxygen 
molecule depend on the method of influence upon the 
bond. During thermal action upon the bond it is 
destroyed when energy is 5.13 eV. During mechanical 
effect upon the bond, it is necessary to spend 2.56 eV 
of energy in order to destroy this bond. Therefore 
energetic of fusion process of the oxygen molecule 
depends on method of its destruction. 


After thermal destruction of the oxygen molecule 
process of its formation begins from emission of the 
photons with energies of 2.56 eV by both valence 
electrons, and the previous electrodynamics binding 
energy (E',=2.56 eV) is restored between the electrons 
of both atoms. 


Thus during ther mal destruction of the oxy gen molecule 
the same amount of thermal energy is spent than that 
which is released during its further formation. No 
additional enerpy appears during thermal dissociation 
of oxygen molecule and at its further fusion. 


If oxygen molecule is destroyed by a mechanical method, 
then it is necessary to spend 2.56 eV of mechanical 
energy for this purpose. Valence electrons of oxygen 
atoms are in a free state at lack of energy, which 
corresponds to such state, as there is no process of 
absorption of 2.56 eV of energy by each of them. The 
electrons cannot remain in such state; they should 
replenish immediately the energy, which they have failed 
to receive during a mechanical break of the bond 
between them. Where should they take it from? There 
is only one source: the environment, i.e the physical 
vacuum filled with aether They convert aether into 
energy of 2.56 eV immediately. The next stage is a 
connection of two oxygen atoms, whose valence 
electrons have replenished the reserves of their energy 
by means of aether. This process is accompanied by 
emission of the photons with energies of 2.56 eV by 
two electrons. Thus energy of absorbed aether is 
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converted into thermal energy of the photons. If we 
spend 2.56 eV of mechanical energy for destruction of 
oxygen molecule, we will get double quantity of energy 
(2.56x2=5.13) eV during further fusion of this molecule. 
Additional ener gy is equal to 2.56 eV. 


Much experimental data show that in ventilation systems 
thermal energy of circulated air exceeds electric energy 
spent for a fan drive. Now we know that this energy is 
generated at mechanical destruction of covalent bonds 
in the molecules of gases, which the air consists of. 


Using the above-mentioned method, let us analyse 
energetic of water molecule, which sometimes generates 
additional thermal energy A water molecule consists 
of one oxygen atom and two hydrogen atoms. Binding 
energies E’, of the hydrogen atoms with its nucleus are 


given in Table 2 [1], [2], [3]. 


Table 2 
Spectrum of hydrogen atom 


E oh (theor) 10.198 | 12.087|12.748 | 13.054 |13.220 





It is known that combination of hydrogen and oxygen 
is accompanied by an explosion, but its cause remains 
unknown. Let us try to find it. 


Energy of fusion of hydrogen molecule is equal to 
436kJ/mole, or 4.53 eV per a molecule. As the molecule 
consists of two atoms, then the above-mentioned energy 
is distributed between them. Thus energy of one bond 
E,, between the hydrogen atoms is equal to 2.26 eV 
(Fig, 4). At mechanical destruction of this bond 2.26 eV 
is enough. At thermal destruction of this bond double 
quantity is required (2.26x2=4.53 eV) [1]. 





2,26eU | 4,53eU 


Fig. 4 


Hydrogen molecule 


In order to form two water molecules, it is necessary to 
break two hydrogen molecules and one oxygen molecule 
into atoms. At mechanical destruction of covalent bonds 
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2.26x2=4.53 eV is required to break two hydrogen 
molecules and 2.56 eV to break an oxygen molecule. 
Sum of these energies is equal to 7.13 eV. If the 
destruction processes of the above-mentioned 
molecules are carried out with a thermal method, then 
4.53+4.53=9.06 eV is required for the destruction of 
two hydrogen molecules, and 5.13 eV is required for 
the destruction of one oxygen molecule. In total, it is 
equal to 14.19 eV. The difference between the energy 
spent for mechanical and thermal destruction of 
covalent bond of hydrogen and oxygen molecules is 
almost double. 


It is known that during fusion of one mole of water 
285.8 kJ or 285.8x1000/6.02x10x1.6x10"=2.96 eV per 
a molecule are released. As a water molecule consists of 
one oxygen atom and two hydrogen atoms, 2.96/2=1.48 eV 
falls per the bond (Fig. 5). Hence the electrons of 
hydrogen and oxygen atoms in water molecule are 
between the forth energy level and the fifth one at the 
usual temperature (1.48/2=0.74 eV = E,), Table 1,2 [1]. 


-e 
6© 
p2 2 2 1 el P4 
oO oe 
b) 0,74eU]1,48eU | 0,74eU]} 1,48eU 


Fig. 5 
Diagram of water molecule: 
1,2, 3, 4,5, 6,7, 8 are the numbers of the electrons of 
» P, are the nuclei of the hydrogen atoms 
(the protons); e, and e, are the numbers of the electrons of 


oxygen atom; P 


hydrogen atoms 


Thus when two hydrogen molecules 2H, and one oxygen 
molecule O, are destroyed by the thermal method, 
14.19 eV are spent. As a result of fusion of two water 
molecules (2H,O), 2.96x2=5.98 eV is released. There is 
some disbalance here since fusion process of water 
molecule is an exothermic one and 2.96 eV is released 
by one molecule. The given calculation shows that 
(14.19-5.98)/2=4.10 eV is absorbed during fusion of 
one water molecule. What is the cause of this 
contradiction? 


The oxygen atom in the water molecule should reduce 
its volume when the transition from gaseous state into 
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liquid state takes place. It will happen when the ring 
electrons of oxygen atom descend on lower energy levels 
(nearer to the nucleus). They will emit the photons and 
their total energy will be equal to energy spent to 
destruction of two hydrogen molecules and one 
oxygen molecule, i.e. 14.19 eV. Since two water 
molecules have 12 ring electrons, each of them will 
emit 14.19/12=1.18 eV=E, (Fig. 5). It is more than 
energy (EF, =0.74 eV) of binding of axis electron with 
the nucleus, and it shows that the ring electrons are 
situated nearer to the nucleus than the axis ones. 


In this case quantity of energy produced due to fusion 
of two water molecules (14.19+5.98) eV exceeds energy, 
which was spent for the destruction of two hydrogen 
molecules (9.06 eV) and one oxygen molecule (5.13 eV). 
Energy difference of 5.98 eV is divided between two 
water molecules. It means that 5.98/2=2.99 eV or 
285.8 kJ/mole fall per a molecule. It corresponds to 
the existing experimental data completely [1]. 


The above-mentioned facts clarify a cause of the 
explosion, which takes place when hydrogen is combined 
with oxygen. Simultaneous transition of six ring 
electrons of each oxygen atom in the nascent water 
molecules to lower energy levels is accompanied by 
simultaneous emission of the photons, which generate 
explosion phenomenon. 


Let us pay attention to the fact that two binding energies 
E,, between valence electrons e2 and 2 and between 1 
and el are shown in Fig. 5, b. Energy of one 
electrodynamics bond is equal to E, = 0.74 eV. If this 
bond is destroyed by the thermal method, 0.74x2=1.48 eV 
is required. This energy will be released during further 
fusion of the water molecule from hydrogen atom H 
and hydroxyl ion OH~. In this case, no additional energy 
is generated. 


Therefore the given bond is destroyed by the 
mechanical method spending 0.74 eV per a bond, each 
electron will have energy deficit equal to 0.74 eV after 
bond destruction. This energy will be immediately 
absorbed from the environment and will be emitted 
during the repeated fusion of the water molecule from 
the hydrogen atom H and the hydroxyl ion OH~. At 
mechanical destruction of one bond of water molecule, 
the covalent chemical bond forms F,,= 0.74 eV of 
additional thermal energy, which is registered in systems 
of water cavitation constantly (as we have already 


noted) [1], [2], [3]. 


It is known that water molecules combine and form 
clusters. If the bonds between the molecules in the 
clusters ate covalent ones, mechanical destruction of 
these bonds should be accompanied by a release of 
additional thermal energy as well [1], [2], [3]. 


Experimental Part 





Fig. 6 
Diagram of the experimental device: 1 - reservoir for solution; 2 - thermometer; 3 - electtonic scales; 4 - solution supply 


duct; 5 - rotameter; 6 - feed solution regulator; 7 - a special thin plasma reactor is in the process of patenting; 8 - thermom- 


eter; 9 - discharge of heated solution; 10 - inlet reservoir 
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Thus, chemical bonds between the atoms in the 
molecules and the molecules in the clusters can be 
destroyed mechanically, by electrodynamic and thermal 
influence. We have already shown that the mechanical 
way of destruction of such bonds requires half energy 
as compated with thermal energy. It appeats from this 
that energy expenses for electrodynamic destruction of 
these bonds should be less than thermal expenses as 
well. Electrodynamic impact on the bond gives the 
opportunity to form the resonance modes where energy 


expense for the destruction of these bonds is reduced 
to greater degree. In order to check this hypothesis a 
special experiment was carried out. It was connected 
with electrodynamic destruction of chemical bonds of 
water molecules with a changing frequency of impact. 
To test this hypothesis the check experiment was prepared 
and carried out by (besides the author of this article) 
AI. Tlishev, G.P. Perekotiy, D.A. Bebko, D.V. Korneev. 
A diagram of the experimental device is given in Fig, 6. 
The results of this experiment are given in Table 3. 


Table 3 


Protocol of control test 


1 — mass of the solution, which has passed through the reactor m, ke. 2.112 | 2.153 | 2.118 | 2.128 
2 — temperature of solution at the input of the reactor t,, degrees 


7 — reading of ammeter I, A 


8 — electric power consumption according to indices of voltmeter 


and ammeters, E,=IxVxAr, kJ 


140 


10.50 10.50 | 10.50 | 10.50 


9 — power spent for heating of the solution, E,=4.19xmx At, kJ 84.10 | 85.70 | 84.31 | 84.70 


10 — reactor efficiency index according to the reading of voltmeter 


and ammeter K= E,/ E, 





Fig. 7 
Photo of heat reactor 


In the Russian market three firms (Yusmar, Termovikhr 
and Noteka) sell cavitation water heating equipment with 
energy efficiency index of 150%. Soon, an air heating 
devices with the same efficiency will be produced. The 
processes of mechanical destruction of covalent bonds 
of the air gas molecules, molecules and clusters of water 
and their further fusion serve as a source of additional 
energy generated by these devices [1], [2], [3]. 
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Conclusion 


Analysis of energy balance of the molecules with 
covalent bonds shows the possibility of additional 
thermal energy formation during mechanical and 
electrodynamics destruction of these bonds. 
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The Fourth State Of Matter (Plasma Energy) 
Power Generation 


Bruce A. Perreault, USA 


http:// www.nuenergy.org 
Email: nuenetrgy@cyberportal.net 


Under the proper configurations and in the correct pre 
glow discharge environment more electrons can be 
released than what is required to trigger the release. This 
release of energy attains a high frequency oscillation 
that is indicative of the metal or metals involved in its 
release. 


The release of high frequency energy from metals and 


semi metals (semi 
conductors) through the 
mechanism in the pre- 
glow discharge leads to 
the generation of radiant 
energy. This correlation 
has been identified 
through my findings. The release of high frequency 
energy from the atoms of electrical conductors is 
credited to my identification of the mechanism in the 
pre-glow discharge, or fourth state of matter. This has 


lead to extremely efficient alternative energy circuits. 


The pre-glow discharge condition occurs when a 
sufficient amount of charge difference is applied across 
the gap of two electrical conductors. It makes a hissing 
sound if the electrodes are surrounded by air. The 
electrical properties between this gap change: electrons 
become “stripped” from their respective atoms and are 
liberated. In this state, air is ionized and is transformed 
into a plasma and is no longer a gas. It is now in the 
fourth state of matter, the other three being solid, liquid, 
and vapor (gas). The fourth state of matter is a good 
conductor of electricity, its average resistance being 
much lower than that of the same substance in its 


gaseous state. 


A good readily available spark gap combination is lead 
and iron. This combination generates plenty of radiant 
energy and causes noise to be heard on a radio in its 
vicinity As a general rule, the better the thermoelectric 
difference between the dissimilar couple the more radiant 
energy that will be generated when it is exposed to a 
plasma field. 
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The release of high frequency energy from 
the atoms of electrical conductors is credited 
to my identification of the mechanism in 


the pre-glow discharge, or fourth state of 
matter. This has lead to extremely efficient 
alternative energy circuits. 





Early in the summer of 1981, the pre glow had first 
caught my attention. This is where I had observed it 
between two plastic insulated hook-up wires from radio 
shack. The plasma between the two wires was called 
into existence because of a high voltage power supply 
that I had obtained for my electrogravitic experiments. 
The two wires were twisted together and given a charge 
of around ninety kilovolts. 


It was not until 1989 
when I observed a high 
frequency signal on my 
oscilloscope 
from the 


discharge phenomenon. 


coming 
pte-glow 


These signals were coming from across the room and 
otiginated from a crude component that I had built. 
This crude component consisted of a guitar wire that 
was centered through a section of PVC tubing, Around 
this tube was wrapped a coil of insulated transformer 
wite. This was my first ion-valve. It was excited with the 
same power supply where I had observed the plasma 
effect several years previous. 


I knew that my ion valve was generating high frequency 
oscillations using air ions but did not find any practical 
applications for it until six years later. It was in this year 
(1995) when I realized the importance of the ion valve 
and its associated high frequency ion field, known as 
radiant energy to Moray, it being the essential principle 
behind his energy receiver. 


In one experimental set-up, it was confirmed that when 
a charged capacitor is discharged through a spark gap 
that the stored energy is transferred by way of high 
frequency electrical oscillations. It was found that these 
oscillations occur directly before the discharge of the 
capacitor, thus the term, pre-glow discharge. It was found 
that during the pre-glow discharge plateau, energy is 
transferred from a primary to a secondary electrical coil. 
Directly after pre-glow discharge, a surge of curtent is 
measured. At the point of current surge is where most 
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of the stored ener gy in the capacitor is released as wasted 
heat. It was apparent that by maintaining the pre-glow 
discharge plateau a very ef ficient mode of energy transfer 
and conversion can be obtained. Logically what is 
requited is a control mechanism. This is where my ion 
valve finds its niche. Upon further investigation, it is 
found that it keeps pre-glow discharge oscillations at 
their plateau, and suppresses current surge in a spark 
gap. It is a self-regulating quenching device. When it is 
placed in series with an ait-core transformer and arc 
gap, its plasma hisses smoothly, the arc in the spark gap 
is almost silent and is very small. Continuous oscilla tions 
can be seen on an oscilloscope. A light bulb connected 
to the secondary will glow brightly. This result is not 
possible without the ion valve included in the circuit. 
The ion valve has the added feature of preventing back 
electromotive force, generated from inductive loads, 
from being discharged back through the circuit. Without 
the ion valve, energy is normally lost when it is 
discharged and is transformed into heat. Using the ion 
valve therefore has the effect of conserving energy. 


Fundamental Radiant Energy Device 


“Standard” scientific principles are not being violated. 
There is no fringe science involved with radiant energy 
power generation. This is a very old source of energy 
being extracted and harnessed in a unique way through 
my discoveries. What I have discovered is practically a 
limitless source of energy Radiant energy has existed 
since the beginning of time. What I hold daim to is an 
improved method to generate and to convert radiant 
energy, kinetically active ions, cosmic energy, call it what 
you will, into useful electrical power. Think of the radiant 
energy power generator as a type of energy detonator 
that liberates great quantities of energy with only a small 
exciting spark. No laws of physics ate being violated. 
No new laws are being implied. They are being expanded. 
The concept is not that much different from how a 
lighted matchstick is able to start a bonfire. 


The power generated from my circuits comes from the 
transformation of matter into radiant electricity. It does 
not come from the splitting of atoms. To obtain high 
wattage from a spontaneously radioactive substance 
would require unsafe amounts of radioactive material. 


Under the right conditions, or dinary matter can be made 
to generate intense surges of radiant energy that can be 
heard on a radio receiver as static noise. Build a device 
that can efficiently capture this energy and convert it 
into useful electrical currents and you will have yourself 
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a powerful source of electrical power. This device will 
be powered by artificially disintegrating matter as 
described by Gustave Le Bon in his book “The 
Evolution of Matter’ and in his book “The Evolution 
of Forces”. 


Energy and matter are two distinct entities of the same 
manifestation. Matter represents a stable condensed 
form of energy. Heat, light, electricity, etc., are 
uncondensed vibrations of matter oscillating at differing 
rates. “Cosmic Energy” is the term that Le Bon used to 
define matter and energy as being one and the same 
manifestation. He theorized that when stable matter is 
disintegrated it is transformed into energy that we 
recognize as heat, light, electricity radioactivity, etc. 


Semiconductors will generate intense sur ges of electron 
oscillations that become powerful sources of tadiant 
energy. A simple ion valve, or call it what you will, can 
be used to generate and convert this form of radiant 
energy into useful electromagnetic oscillations. A tuned 
transformer can be used to directly convert these 
oscillations into to a practical voltage and amperage. This 
unique valve is shown in Fig. 1. Before it can function it 
must be connected to a suitable voltage source. The 
circuit in Fig. 2 demonstrates the full working concept. 
Other embodiments are also possible. The proof of 
concept circuit reveals how radiant energy can be 
generated and converted into useful electrical currents. 
Many additional stages can be added for more power. 
Many other circuit and component configurations can 
also be used but the fundamental conversion principle 
remains the same. The circuit and components shown 
should give you a very clear idea of how the technology 
works. The actual mechanics and electronics of building 
and validating a radiant energy prototype are relatively 
simple. Contrary to what some people might think, 
dangerous levels of radioactivity are never used in my 
devices. 


lon-valve Converter Technology Explained 


The ion-valve converter (ion-valve) shown in Fig.1 has 
an axial negatively charged tungsten cathode wire that 
extends the length its cylinder and is capable of emitting 
secondary electrons. The anode cylinder is positively 
charged and is made from a semiconductive material 
that will readily capture electrons. 


Within a few milliseconds the accumula ted negative ions 


are attracted to the positively charged onrushing atomic 
ions. When the negative and positive charges collide they 
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neutralize each other generating high frequency electrical 
oscillations. 


There appears to be a common thread shared between 
several alternative energy devices. It is the pre-glow 
discharge. The report on the Hans Coler device released 
by the British Government indicates that there is excess 
energy released when electrical contacts ate opened and 
closed. The Lester Hender shot device utilized a buzzer 
circuit that opened and closed its electrical contacts. In 
the Alfred Hubbard coil pre-glow discharge flowed 
through electrical contacts, a distributor cap and radium 
soaked spark plug, The Joseph Newman motor used a 
sparking commutator. Thomas Moray invented a 
glowing, cold cathode discharge tube that was the heart 
of his radiant energy device. Hermann Plauson was 
granted US. Patent No. 1,540,998 that used spark gaps 
to convert atmospheric energy. Frank Wyatt Prentice 
was granted Canadian Patent No. 253,765 that detailed 
his invention, which lighted 50 sixty-watt carbon lamps 
with an input of only 500 watts. His invention utilized a 
spatk gap driven high frequency tuned resonant system. 
Chancy Britten used ion-valves constructed with a 
central wire that was surrounded by a coil of wire which 
is described in his US Patent No. 1,826,727. Britten’s 
valve was said to have lit up his home in the 1930's 
according to a local newspaper article of that time period. 
Alexander Chernetski experimented with what appears 
to have been a type of ion-valve that was filled with 
hydrogen gas. It is said that he got up to five times more 
energy out of his device than what he put into it. Edwin 
Gray was granted U.S. Patent No. 3,890,548 for his 
efficient spark gap driven capacitive-discharge motor. 
He improved on this patent by replacing the spark gaps 
with a pte-glow discharge switching tube. His US. 
Patents No. 4,595,975 and No. 4,661,747 describes this 
tube in detail. Gray’s patents claim to conserve battery 
power by sending unused energy back to the supply 
batteries. On close examination, we also find that his 
switching tube is actually a quenching device. 


Radiant energy was generated during the pre-glow 
discharge cycle that also contributed to recharging the 
batteries. Paulo N. Correa and Alexander N. Correa 
obtained patents to a pulsed pre-glow discharge system 
that recovers energy and recharges a battery. 


I have found that radiant energy is generated when a 
plasma field is in contact with the atoms of an electrical 
conductor. Most importantly, the quantity of radiant 
energy is greatly increased when the plasma field occurs 
between the interelectrode couple of two differing 
electrical conductors. That, the wattage produced will 
depend largely on the type of electrode materials that 
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are used. I do not suspect that the above referenced 


inventors were aware of this amplifying mechanism. 





Fig. 1 


Jon Valve 


In the embodiment in Fig, 1 the negative charge on the 
wite in the ion-valve negatively ionizes any gas that 
contacts it. These ions rush towards the positively 
charged cylinder. When a metal ion that carries an excess 
electron hits head-on with an elementary differing 
positively charged onrushing metal ion a violent union 
of the two metals occurs. This causes the newly formed 
bimetallic alloy to violently oscillate, break up (dissociate) 
and to liberate a burst of electrons. The “sea electron 
model” helps to explain this effect. According to the 
sea electron model metals are bonded to each other 
through electron sharing. The model suggests that metal 
atoms be bathed in a sea of valence electrons. If this 
model is taken one step further it can be seen that when 
metallic atoms are dissociated from each other excess 
electrons are released in the form of electrical oscillations 
of high frequency (radiant energy). This occurs because 
the electrons no longer take part in the inter-atomic 
binding force that existed before the dissociation took 
place. It becomes clear that the freed electrons will add 
amperage to the output circuit to which it is connected. 
Henceforth, the equation I x E = P holds true in this 
system. Where, “I” represents the electrons (amperage), 
“E” electromotive force (ionic voltage), and “P” the 
power generated. 


Obtaining Electrical Energy from the 
Transformation of Cosmic Energy 


Matter is cosmic energy in a condensed state according 
to Le Bon and Moray. What this means is that matter 
can be excited its plasma state and caused to rapidly 
disintegrate transforming itself into electricity. 
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Fig, 2 


Proof of Concept 


The proof of concept shown will obtain energy from 
the dissociation of matter bringing the circuit to life. It 
does this by creating a plasma field between differing 
electrical conductors. Electrons are unleashed and 
feedback to the circuit where they are converted into 
useful power. 


Plasma oscillating on the 
correct wavelength will act 
like a spark on a mass of 
but 
releasing electrical particles 


explosive material 
instead of heat. This is to say 
that the excited fourth state 
of matter (plasma) causes 
condensed energy (solid matter) to become 
uncondensed (radiant energy). The reaction will be far 


released 


superior to the force that invoked it in the first place 
because the energy stored in matter is released. The 
energy that is condensed in the elements of matter is 
immense. The result is that an enormous amount of 
energy is released with only a slight loss of matter. 
Gustave Le Bon proved this when he demonstrated that 
the action of solar light and from electric arcs on bodies 
produced electric particles similar to those of uranium. 
He showed that it caused all bodies to disintegrate to 
different degrees. 
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the excited fourth state of matter (plasma) 
causes condensed energy (solid matter) 
to become uncondensed (radiant energy). 


The reaction will be far superior to the 
force that invoked it in the first place 
because the energy stored in matter is 





According to the law of conservation, when we give to 
a material body a determined quantity of energy, this 
energy might be transformed, but the body will never 
give back a quantity in excess of what it received. This 
principle is considered too self-evident to be disputed. 
It makes sense that matter can only give up energy that 
is given to it and is unable 
to create excess energy. 
Without violating this law, 
matter can be excited into 
giving up its stored inter- 
atomic energy. 
Condensed matter can 
become uncondensed if 
its oscillations become 
violent enough and henceforth transfor ming itself into 
radiant energy. No laws have been violated. They have 
been expanded. The first law of thermodynamics 
describes the principle of the conservation of energy. 
It states that “energy is not created or destroyed; it merely 
changes form”. The fact is that the creation or 
destruction of energy is a result of matter being broken 
down or built up. They both go hand in hand. 


Naturally occurring radioisotopes were created through 


the billions of years of cosmic ray bombardment of 
ordinary matter. Their matrixes became unbalanced. The 
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correct trigger will cause these isotopes to seek their 
original balanced state. Enormous amounts of electrical 
energy can be obtained from the transformation of 
stored cosmic energy. These isotopes contain a very old 
energy reserve that can be released in a unique way with 
my discoveries. 


Have you ever wondered about spontaneous radioactive 
decay? Is it really a super charged state of matter? If an 
atom can become ionized by either gaining or by losing 
electrons then why can there not be a nuclear ionization 
too? I hypothesize that atoms do become ionized on 
the nuclear level by gaining or losing neutrons. This may 
appear incidental but could be at the very heart of an 
ultra-chemistry. It is highly probable that this 
hypothesized phenomenon is behind natural 
spontaneous radioactive decay and explains many 
unanswered questions about nuclear science. 


Liberated Energy 


With a slight excitement from a pre-glow discharge in a 
spark gap, or even with no excitement at all, as we 
observe in spontaneously disintegrating radioactive 
bodies, such as U235, we can obtain large quantities of 
energy. Clearly, we did not create this liberated energy, 
since it already exists in matter, but we release it under 
the right conditions. This is being done without violating 
the law of energy conservation. The idea that matter 
could be transformed into energy was absurd before 
the acknowledgement of nuclear transformations. 


A Nu Science is on the horizon. It involves the means 
of transforming matter into energy without splitting 
atoms. This science recognizes several isotopes of matter 
that spontaneously liberate energy as observed in 
naturally occurring radioisotopes. My research indica tes 
that it is also possible to artificially speed up the natural 
decay process of condensed energy (matter) using a 
minute plasma field, as from a pre-glow discharge, etc... 
With a very small quantity of energy, we will be able to 
produce a very large quantity of energy without splitting 
the atoms. 


Capture Capacitor 


Nature offers us cosmic energy that manifests itself in 
many different forms. Electricity is only one of its 
manifestations. From this knowledge, we can obtain 
electrical power with no moving parts. The natural world 
contains many storehouses of this cosmic energy. 
Energy is all around us just waiting to be transformed. 
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The capture capacitor is one such example. It is called a 
capture capacitor because it captures and transforms 
electrical charge into electrical current. It does this with 
the aid of naturally occurring radioactive matter 
(N.O.R.M.). Put a pair of dissimilar metal electrodes 
together with a porous ceramic dielectric material 
sandwiched between them, along with a weak electrolyte 
and you have built a capture capacitor. In a low power 
capture component there exists a minute impurity of 
NO.R.M. It is always present in clays and is usually 
present in ceramic materials. 


If you want a capture capacitor to generate more power 
all you have to do is to add additional amounts of 
tadioactive material to the dielectric. Lead—210 is the 
optimum choice because it has a half-life of around 22.3 
yeats and is a pure beta (electron) emitter. Its half-life is 
almost twice as long as tritium. This means that it is 
feasible to build a component that will put out power 
for several years with little maintenance. Lead-210 is a 
decay product of radon gas. The parent source of radon 
is uranium. Therefore, uranium ore can be powdered 
and mixed into the ceramic material. 


The atomic ions emitted from naturally occurring or 
artificially induced radioactive transformations can be 
directly converted to electrical power. The circuit shown 
can be used to convert radiant energy into useful 
electrical currents. Additional stages can be added for 
mote power. The circuit shown gives a general idea of 
how such an energy conversion device functions. By no 
means is this technology limited to this one circuit, 
configuiation, or source of radiant energy. 
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> Anew type of high field superconducting magnet from Oxford 
Instruments has enabled physicists at the University of Nottingham 
to balance the force of gravity and levitate heavy and dense materials 
such as lead, gold and diamonds. The patented Minim um Condensed 
Volume™ (MCV™) Cryofree™ superconducting magnet, 
developed and manufactured by Oxford Instruments in 
collaboration with the University of Nottingham, is the first of its 
kind in the world. Unlike conventional superconducting magnets, 
the MCV magnet never needs to be refilled with liquid helium and 
yet can generate a field over 300,000 times strong er than the Earth’s 
magnetic field. MCV has a very small footprint and, operating at 
4.2 K with a room temperature bore, can generate highly stable 
magnetic fields up to 16 Tesla. 


| 





http://www.oxford-instr uments.co.uk 


> Polish inventor Zygmunt Orlowski called attention of the 
scientific society to his perpetual motion machine METOZ, which 
according to the author after further improvement will be able to 
extract energy from the earth’s gravitation. 





—— oo 


http://www.nets.pl/~metozor/per petual_motion_machine.htm 


} Itis necessaty to change behavior of people in or der to decrease 
environmental damage. This was the message of “Green Week 
2003” which took place since June 2 through June 5 in Brussels. 


The conference’s key issues were three aspects of United Europe 
environmental policy: sustainable production and consumption, 
renewable energy and water supply. 


Green Week is the first environmental forum of such a scale. Three 
thousand participants from all over the world represented 
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governments and funds, industry and mass media. The exhibition 
otganized in the framework of Green Week included 62 displays 
from 14 European countries and were dedicated to the newest 
environmental technologies and projects. During the Green Week 
26 conferences and seminars took place, as well as a great number 
of press conferences and actions for young people. 


® British researchers (Gardner Watts company) believe that 
they have made a groundbreaking scientific discovery after 
apparently managing to “create” energy from hydrogen atoms. 


The device reptesents “thermal energy cell” which appears to 
produce hundreds of times more energy than that put into it. If 
the findings are correct and can be reproduced on a commercial 
scale, the ther mal energy cell could become a feature of every home, 
heating water for a fraction of the cost and cutting fuel bills by at 
least 90 per cent. 








http://www.telegraph.co.uk 


“> Gravity Conversion Rotary Device 


The below figure is from 
http://www.theverylastpageoftheinternet.com/newclaims/ 
GravityMotot/gravity_motorhtm 





Does it really work? 
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Tim Ventura, USA 


Email: tventura6@attbi.com 
http://www.americanantigravity.com 
http://www.americanantigravity.com/marcushtml 


Editorial: This overview is devoted to the fantastical device created by inventor Marcus Hollingshead that 
encountered more than its share of publicity and controversy between November 2002 and March 2003. 
You can participate in discussion on aggroup@yahoogroups.com. 


The problem with Marcus has been that he was 
pressured by too many people to produce too fast results. 
I started talking to him in November, and he is always 
sounded like an honest, rational man with a good heart. 
The problem is that once people started to hear his 
ptivate claims that he could lift something like 2 tons of 
weight, things kind of went south. 


While people in general have been very well-meaning, 
they are desperate to solve many of our current energy- 
problems, and when Marcus appeared with a potential 
solution it got out of control. Pretty soon film crews 
were showing up at his house unannounced, and he was 
getting unwanted phone calls from people who had 
looked up his number online. 


In my opinion, it is really a problem of a “social dynamic” 
at work here — too many people, with too much access, 
all at once. This also correlates to the type of petson 
that different people are. For instance, I am a very open 
person, and I really do not value my privacy a heck of a 
lot — therefore, when TV crews drop by with 5 minutes 
notice (and they have), I tend to just let them in for a 
demo. However, Marcus, who is much more of a private 
person, seems to have become a bit overwhelmed at 
this proposition. 

Also, keep in mind that I had initiated working with the 
media because I felt that it was time for the excellent 
work in the Lifters groups to see the light of day. There 
was some debate about this, but the Lifters group as a 
whole has greatly benefited from being about to tell 
people about this new technology. 


Marcus had not actually “gone public” about his work. 
He had leaked information about his research to a few 
people, and from there it was leaked to several others, 
who in turn told their friends about it. Unlike the Lifter 
technology, which has hundreds of people that can talk 
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about how it works and where it came from, Marcus 
technology was represented solely by himself. That 
means that everything surrounding his device came back 
ultimately to him alone. Without any real group 
ownership of the expertise behind the device 


As I said before, Marcus was new to the publicity, and 
did not have time to prepare the resources that the rest 
of us have had to answer questions, provide demo 
materials, etc. Naudin and Saviour have a masterful 
manner with regard to teaching people about Lifter 
technology, but they have had years to prepare this 
information and perfect a method of presenting it to 


people. 


Most of us in the AG groups tend to proselytize for the 
technologies that we believe in. I know that I do, and if 
you haunt the newsgroups much you will notice that 
everybody there believes in something and can go on 
for months non-stop telling the world about it (again, I 
do this). Marcus, however, does not really have this 
personality — he is more of a “take it or leave it” type 
of person. 


For me, this was another indicator that he was the “real 
deal”. You have to understand that I have never seen 
working prototype pictures of the Marcus device, and 
all that I had to go on was the feeling that I got from 
interacting with him on the phone and online. The fact 
that he did not try to “sell me” on the idea was a big 
plus. He told me about the device, and his story was 
always consistent. The other people that he talked to 
also had a consistent story — I have not talked to anybody 
and heard a different version than I heard from Marcus 
himself That is a big plus from the credibility perspective. 


Marcus initial goal (ftom when I started talking to him 
in November) was to gradually ease into working with 
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the public to tell them about the technologies he was 
working on. Unfortunately, I probably aggravated the 
issue a great deal, because his early descriptions of the 
technology might have gone unnoticed if it had not been 
for some of the things he had mentioned about his 
research. 


When I read Marcus’ firsts posts on the device, my very 
first thought about his claims was that they were bogus. 
Judging from the reaction of the Antigravity newsgroup, 
I gathered that a few other people also had the same 
initial reaction. The reason might be a little selfish — 
after you hear claims but do not see results for a long 
enough period of time, you tend to protect yourself 
emotionally by becoming skeptical to the idea that 
somebody can be lifting hundreds of pounds of weight 
using a completely new and revolutionary technology. 


Nonetheless, something that Marcus had said resonated 
with me. I remember that he was talking about his results 
being based on a study of the Earth’s fields, which is 
something that I had read about myself during the 
college years. Telsa had done a lot of work involving 
the Earth’s electrical and magnetic-fields, and I had 
always felt that this research might come in handy later 
as a potential basis for Antigravity research. However, I 
did not have any specific ideas, and began asking Marcus 
questions offline to find out more about his research. 


In reality, I am nobody special, so I think that perhaps 
this would have happened in any event no matter what 
my reaction would have been. Certainly I am not the 
only person that took an early interest in his work, and 
from what I leamed later he had already been a little bit 
too honest in the BBC online newsgroup before he ever 
became involved with the Antigravity newsgroups. 


From January to mid-February Marcus became like 
somewhat of an addiction in the newsgroups. This was 
a strange phenomenon to watch, but if he did not answer 
questions in the newsgroups for even a day people 
started asking whether he had been kidnapped or the 
government had assassinated him. 


You have to understand that most inventors tend to 
segregate their time into “public” and “private”. I do, 
Naudin does, and everybody does this) When you talk 
to the public about what you have built, you really get 
into it — but when you are actually working on it, you 
tend to hole up in the garage and put the entire world 
on “ignore” until you have finished with whatever it is 


that you are doing 
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Marcus really started to get publicity in late November 
2002, and it built up over a few week period of time. By 
mid-December, he had a healthy following in the 
Antigravity newsgroup and people in the 5 or 10 other 
AG newsgroups were developing more than just a 
passing interest. Great stuff for Marcus — he had thought 
that he was the only person doing this research, and it 
turned out that lots of people shared this common 
interest with him. We had lots of teally valuable and 
productive exchanges. 


Marcus bided his time working on the projects — he had 
initially stated that he could lift around 200 pounds of 
weight with his November version (prototype #161, if 
I remember correctly). He did not have a digital camera, 
and he did not want to publish photos until he had a 
better prototype anyways. That was OK with me — I am 
used to work with a variety of inventors and came to 
realize a long time ago that everybody has their own 
style. I was content to wait until Marcus had additional 
data, and the only thing that I insisted upon was that 
sooner or later he ante-up and provide some 
photographic evidence. 


Despite lacking photos or video evidence, Marcus did 
have documentation. In fact, he wrote more 
documentation about his device than I had ever hoped 
to recetve. He cranked out about the equivalent of 30- 
pages of “real” documentation in a very detailed form 
within 1-month, and had the email equivalent of many 
more pages in postings about how the device worked 
online. Marcus had alread y been publishing details online 
for about 2.5 months. 


Despite the incredible amount of published data that 
Marcus was able to complete, in some ways it made 
things worse for him than not having anything at all. 
The reason was the nature of his research. My work, 
currently focused on Lifters, was in a technology that is 
easy to explain — the device is built like this, it works like 
that, and it can be described in a manner similar to some 


other thing ....basic, easy to explain, and easy to compare. 


After all, Lifters have been accused by science of being 
ion-wind devices. If nothing else, rebutting this claim 
gives us someplace to start — something to compare 
against to provide people with an idea about how the 
device works. Additionally, we had tons of video and 
photographic evidence to back up our claims. In Marcus 
case, the documentation that he provided made things 
worse because his technology is so utterly different. It 
is not ion-wind, nor the Biefeld-Brown effect, nor 
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apparently the Searle effect. In fact, the more than you 
tried to pin down exactly what it was, the harder it 
became to describe it. 


Also, its not like he could simply fall back onto describing 
the construction of the device — reason being that it 
contained a series of interrelated coils with a unique 
configuration that were intrinsically tied to the 
operation of the device. Every time he wrote a detailed 
summary of the construction of the device, we had 
come away with more questions than we had started 
out with. After a time I gave up trying to understand 
how it was constructed, because I only had bits and 
pieces. 


Marcus was using an arrangement of 6-coils, and what 
are described as “bifilar windings”. Essentially, this 
means that you wind two wires together around a coil 
and then tie one of the ends to another, making the two 
wires essentially one long wire wound “against itself” 
down the length of the armature its on. There are 6 of 
these armatures on the device, mounted around a centtal 
RP (or reference point). 


Marcus created all of the terminology for these parts — 
this lends additional credibility to the idea that he had 
had 7 yeats of experience with it. These are ideas that 
you just do not “make up” for publicity. For instance, 
the bifilar windings on the armature-coils are self- 
cancelling fields, and even a basic-electronics education 
will tell you that. However, the interesting thing is that 
once you teally start to get into the advanced “post- 
scientific” research on magnetic fields you start to see 
self-cancelling magnetic coils all over the place. The 
reason is apparently that while the “B-field” (Eastor: i.e. 
magnetic field) of the coils cancels, the “A-field” (Editor: 
Ze. vector potential) that Tom Bearden keeps talking about 
does not, which means that you can isolate the really 
interesting effects from the coil without having to deal 
with the high field-intensity effects from normal 
electromagnetism. 


Marcus had described these six ar matures as being 
activated in a series, or order, to obtain results. Each of 
the coils was spun by an electric motor mounted on the 
armature, and when the coil was spun up to a certain 
speed and “stubs” mounted a periodic intervals on the 
side of the armature were fired in sequence the 
antigravity effect was created. 


Marcus Antigravity effect was a directional force that 
was applied in a unique manner depending on which 
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coils were activated. This means that by activating (for 
instance) coils 1 and 3, he could create an antigravity 
effect and move the device left — or something to that 
effect. Turning on and off each set of coils gave him 
movement on one axis of thrust, which corresponded 
to X, Y, or Z in a standard 3-D geometric graph. Since 
you can move in either direction down any given axis of 
thrust, this means that you have 6 axis of movement 
height (up and down), width (left or right), and depth 
(forward or backward). His device provided movement 


on any axis by either one coil or an arrangement of coils. 


For a while Marcus did not want to talk about side effects, 
but I pressured him into it. The reason was that I have 
seen side-effects that were pretty darned strange in a 
number of different experiments, and I was willing to 
bet that if I pressured him a bit he would talk about 
what he had seen but did not want to reveal (for fear 
that people would not take him seriously). It turns out 
that I was right... 


Marcus had talked about the RP, or “Reference Point’ 
upon several occassions. This is a multi-layered device 
that acts somewhat like a capactive element. It sits in 
the direct center of the Marcus device, and it is the 
reference-point for the entire device. The RP is 
manufactured from cast-iron, and Marcus says that he 
has a local company build them for a few bucks each by 
pouring iron into a mold based on one of his designs. 


You can active the RP at the same time that you activate 
the coils. You have coils rotating around the RP, with 
“stubs” on the coils firing periodically at points 
corresponding to spots on the surface of the RP 
Meanwhile, you also have an electrical charge on the RP 
itself, which means that there are a lot of elements 
interacting at once to create a very complex dynamic. 


One of the interesting side effects was a darkening and 
“blurring” effect of the RP, as if light was being reflected 
off it. Another was a Star-Trek like “force shield” around 
the RP. These only occurred when all of the coils were 
activated at once. Also note that since the coils are 
opposing in nature (one for each direction on each axis), 
that when you ate creating the force field effect the 
device cannot be levitating. However, the device is 
operational, and you have a force-field that you can 
apparently bounce a heavy hammer off without being 
able to penetrate it (Marcus description). 


Another interesting note is that the force-field effect 
can be modified to create a vacuum. I am not sure how 
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Marcus noticed this, but he had said that it appeared to 
create a vacuum inside of the field’s boundaries during 
operation. Interestingly, it also ran very cold — apparently 


down to a hundred degrees below zero, but only within 
the localized boundaries of the field. 


Iam not a professional physicist, but this is something 
that has been reported with the Searl effect and several 
other experiments, and the reason that I believe it occuts 
is because you are taking the kinetic energy of the device 
as well as some of the kinetic energy of its molecules 
(Le.: heat energy), and injecting it into another dimension. 
After all, anytime we directly modify a gravitational field 
we ate creating a dimensional effect, but in normal life 
we do not notice it because the boundaries between 
gravitational fields are very gradual. 


Well, in the Marcus device 
the boundary between 
gravitational fields is not a 
several thousand mile-long 
gradient like the Earth’s 
field is — instead of you have 
a gradient perhaps 10-times 
more intense focused within a 3 to 4 inch area. That 
means that you are creating essentially a rift in time and 
space (self-healing) that is kept open by the ener gy that 
you ate pumping into the device. 


To the best of my knowledge, this is the most accurate 
description that I have seen yet for why his device does 
this. Marcus himself could not explain why these effects 
occutred, and to be honest I scared him more than a 
little when I told him my theory. 


In the hypothesis that I just put forth on the origin and 
functionality of the Marcus device effect, the interesting 
this is that there really is not a direct correlation between 
input energy and the effect itself. That is because you 
are not using the input energy to actually cause an effect 
— you are essentially using the input energy to translate 
the device into another dimension (although it is still 
partially within ours). 


Einstein called these “frames of reference”. The idea is 
that the energy input is used only in putting the device 
into another frame of reference, but that any interaction 
between us and our “normal” frame would have to be 
modified for any interactions with the “modified” frame. 


Again, this takes place in normal physics — but usually it 
involves motion, and nor mally it takes place over a vastly 


New Energy Technologies, Issue #3 May - June 2003 


the energy input is used only in putting the 
device into another frame of reference, but 
that any interaction between us and our 


“normal” frame would have to be modified 
for any interactions with the “modified” 
frame. 





laryer gradient of time/space/whatever. The difference 
between two frames is the difference between two 
locomotives moving at different speeds — the energy 
input goes into accelerating each locomotive up to that 
speed, but the actual work is performed if those two 
trains interact is solely a product of the frame of inertial 


reference (mass & velocity = energy). 


Another excellent example is a heltum-balloon. You put 
the energy into condensing the helium and pumping it 
into the balloon, but it is not the helium that creates lift 
— it is the surrounding atmosphere. In a very real sense 
a helium balloon gets its energy from the surrounding 
environment. The energy that you put into “maintaining 
flight” in a helium balloon is only the strain on the fabric 
used in holding the helium into the confines of the bag 
that encloses it. With 
the Marcus device, I 
would bet money that 
it is not the input 
energy creating these 
effects — it is instead 
the difference in 
frames of 


“ce oP) 


dimensional/inertial reference between “our 


9? 


environment and the “device’s” environment, whatever 


that difference may be 


You see, even though this sounds like a load of BS, 
magnetism is not real. This is not an idea that I am 
making up — in fact, it is an entire chapter in the physics 
101 textbook kicking around downstairs in my house. 
Take two magnetic fields, and project them in the same 
direction at the same speed. Field A can not interact 
with Field B, because neither of the fields really exists — 
they are merely ripples on a pond, and that pond is the 
background of the time-space continuum. People that 
believe in relativistic gravitational effects take for granted 
that things like this happen — after all, gravity is not a 
force per se in relativity — only a modification of the 
dimensions of time-space. Well, most people do not 
realize that Einstein based his theory of gravitational 
force on his study of magnetism. Magnetism is the same 
thing — it is a modification of the fabric of time-space. 


Take two magnetic fields that did not interact from a 
moment ago, and now change the direction that one of 
them is traveling in. Suddenly, the two fields that could 
not even see each other a moment ago now create an 
incredible “torque” — this is the same thing that we see 
in barmagnets and electric motors. This is the “torsion 
field” research. 
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Bar magnets are different than pure fields because they 
are composed of the discrete fields of thousands of 
tiny magnetic “domains”. That is why the fields from 
bar-magnets are never “invisible” to each other — it is 
because that the fields in bar magnets are too jumbled 
to ever really “line up” to the point of being invisible. 
Pure fields can do this, however, reinforcing the 
supremacy of Einstein’s relativistic effects with relation 
to electromagnetism. 


Anyhow, that is about it for now — I will try to come up 
with a more detailed picture for you on this if you like, 
but I expect that you will probably have more questions 
about Marcus theory and device in near future. It is a 
very complex idea underlying his research, but the basis 
of it is the idea of “rotating magnetic fields”. 


If you want to do additional research on your own into 
related fields of study, I would definitely look up 
“relativity and magnetism” — it provides an excellent 
example of how to visualize relativity theory in the study 
of magnetic field interactions. This is something that 
electronics engineers are not taught, which is why you 
have never heard of this in an engineering sense before. 
However, in physics is a well-known concept, although 
most physicists prefer to work with quantum mechanics 
rather than telativity these days. 


In terms of rotating magnetic fields, you can look up 
“torsion fields” — again, the Russians have the best 
understanding of advanced torsion field physics, 
although their best material probably has not been 
translated yet. Additionally, rotating magnetic fields are 
the basis for the Searle Effect and the Hamel device. 


Marcus was intrigued by Searle’s claims, because they 
appear to have matched many of his own results. 
Interestingly, Marcus had developed his work within an 
“intellectual vacuum” and had never heard of Searle 
before I told him about the similarities. Nevertheless, 
force-fields, ice-cold operating temperatures, and 
antigravity seem to be a pervasive similarity between all 
manners of experiments that have been reported using 
rotating magnetic fields. I had assumed that Searle’s 
claims were bunk, but after hearing about similar effects 
from Marcus research it led to reconsider some of the 


criticism surrounding Searle lately. 


One a final note — one group that may lend additional 
credibility to this research is Godin and Roshchin in 
Russia. They obviously benefit from the years of 
knowledge that the Russians accrued in magnetic field 
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systems theory, and they attempted a replication of the 
Searle effect device some years back (and claimed to get 
some results). I hear that they have been working on a 
revised version of their experimental setup recently and 
hope to have even better results in the very near future. 





Magnetic flow for a bifilar-wound toroid that is split at four 
points on the toroid. This configuration occurs when the 
coils in the nubs ate charged to match the charge on the 

toroidal coil. The configuration is a quadra pole with a 
minimum magnetic field at the center 








Fig. 2 


Matcus recommends the Kikusui 6000L and 18000L 
multipurpose AC powet-supplies 





Fig.3 


A scale-model mockup of the ring-arrangement within the 
Marcus device, showing the interlinking coils 
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History pages — 





Systems of conversion of thermal energy 
to mechanical one 


Review prepared by correspondent Alla Pashova, Russia 
There ts a wide class of closed-cycle heat engines using differential temperature of water and ambient 


air. This kind of systems enables thermal energy to be directly converted to mechanical one so as to 
perform a useful work. We publish patent specifications of two analogous devices of this kind. 





In 1928 P.I. Dobrokhotov proposed a design of such an engine 


PATENT FOR INVENTION : : 
ee It represents an endless chain thrown over a pair of blocks and 
pecuication “ : . . : : 
partly immersed into water. The chain consists of coiled pipes filled 
of the engine, which uses differential temperature of water : “, 7 . ‘ 

and ambient air. with a volatile liquid (such as sulfurous anhydride or ammonia). 

To th by P.I. Dobrokh filled eee $ . 
oan gh October 22, 1628 34248), One end of each coil is fastened to a frame, while another end is 
Patent is vilid during 15 years from March 31,1930, fastened to a cylinder piston mounted on the same frame. When 


ovetwater elements are heated by means of ambient air, the liquid 
inside the coil evaporate. Vapor put pressure upon the pistons which 
being in motion compress air in the cylinder, and thereby reduce 
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volume of each element. When submerging, the element gradually 
cools down, thereupon causing a decrease in pressure of vapor of 
the liquid, which is enclosed within coils. The pistons move in 
backward direction, and the volume of air available inside the 
cylinder 
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In 1980, ¥.S. Grigoriev developed his forerunner’s idea by 























































































































improving the system described above. The inventor aspited to 
enhance the effectiveness of this method of conversion of heat 
energy to mechanical one. He suggested fixing the volume of 
chambers filled with a heat-sensitive actuating medium at its 
minimal magnitude before immersing of those chambers into 
warm water. In water the actuating medium heats and partially 
evaporates. At a maximum depth of submersion, the chambers 
are released from fixation to be expanded during emetsion. Thus 
one may avoid expansion of the chambers during their 
submersion. Futhermotre, there is a possibility to activate the 
device and get the useful work without preliminary spinup from 
an external drive. 





New Energy Technologies, Issue #3 May - June 2003 74 


Iliya R. Prigozhin 
(25 January, 1917 — 28 May, 2003) 


Tliya R. Prigozhin, aged 86, Nobel Prize Winner, Belgian scientist of the Russian origin, died on 
28 May in Brussels. Prigozhin made a number of prominent discoveries in the field of 
ther modynamics and statistical mechanics of nonequilibrium processes. In particular, he developed 
aconcept of irreversibility as applied to thermodynamics. Prigozhin was studying time as a physical 
phenomenon. In 1977, he was awarded the Nobel Prize for chemistry “for works on 
thermodynamics of nonequilibrium processes”. 





The scientist formulated one of the major theorems of the theory of nonequilibrium processes. 
This theory was later named after him. According to Prigozhin’s theorem, stationary state of the system corresponds to 
minimal entropy generation. The outstanding physicist was also an initiator of applying methods of theory of nonequilibrium 
processes in biology. 


Thermodynamics principles were enunciated in the middle of the XTX century after the invention of a steam-engine, when 
interaction of heat, electrical, and mec hanical work atoused a higher inter est. In accordance with the first law of thermodynamics 
representing an energy conservation principle, energy neither disappears nor appears in any closed system, but transforms 
from one form to another. 


The Prigozhin’s theorem sounds as follows: stationary sta te of the system (under conditions impeding attainment of equilibrium 
state) corresponds to the minimal generation of entropies. If there are no such impediments, then production of entropy 
reaches its bare minimum, i.e. zero. The theorem was proved by Prigozhin in 1947. 

In thermodynamics the nonequilibrium specifically open systems were of most interest for Prigozhin. In such systems either 
ot both (matter and energy) interchange in reactions with an environment. At that, quantity of matter and/or energy increases 
or decteases in the course of time 


It is obvious that human society as well as the biological environment is an example of dissipative and nondissipative structures. 
In the 60s and 70s, Prigozhin developed his theory of dissipative structures and described the formation and de velopment of 
embryos. Critical points of bifurcation in his mathematical model are correlated with a point, where a biological system 
becomes consecutive and stabilized. 


For his scientific career time, the physicist was awarded over 40 scientific rewards and admitted as an honorary 
member into national academies of many countries all over the world. 
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Russian Academy of Sciences 
Russian Physical Society 
Nuclear Society of Russia y 
Mendeleev Chemical Society of Russia 
Moscow Lomonosov State University 
Russian People’s Friendship State University 


The 11" Russian Conference on Cold Nucleat Transm utation of Chemical Elements and Ball-Lightning (RCCNT&BL-11) is to be held 
during September 28- October 5, 2003. The place of the Conference is in Dagomys near the city of Sochi. 


The program of the Conference includes the following subjects: 
Experimental research in cold nuclear transmutation (fusion) and ball lightning; 
Theoretical models with respect to cold nuclear transmutation (fusion) and ball-lightning effects; 
Applied to these problems technologies and devices. 


The Organizing Committee of the Conference is pleased to invite you to attend the Conference. The terms of your participation are as 
follows: 


The full cast is $900, which will include the registration fee, hotel reser vation and living, three daily buffet meals, conference proceedings, 
transportation from the Sochi airport and back, social dinner and special excursion or entertainment. 


The languages of the Conference are Russian and English. 





The total cost can be reduced to $800 if transferred before August 10 to the account of the Organizing Committee, which is to be 
announced on having received from you a confirmation about your decision to attend the Confetence. 


If you make a decision to take part in the Conference, please, let us know befote July 1 about the title and abstract of your report. 


Contact telephone: (7) (095) 196-9476 (ask Mr. Igor Goryachev), Fax: (7) (095) 196-6108 

Email: gnedenko@kiae.ru; Bazhutov@erzion.madi.ru; bazhutov@izmiran.rssi.ru; bychvl@orc.ru 
Address: I. Goryachev, Russia, 123182 Moscow, 1 Kurchatov Sq., 

Reseatch Institute of High Technologies at RC “Kurchatov Institute” 





Thank you for publication of my article. Your magazine becomes mote and more popular. 


My special thanks to Editor-in-Chief Alexander V. Frolov. Whatever they say or write in the press, he has done a great work and it is not 
only my own opinion. He has managed to do that everybody had been waiting for a long time. My colleagues (not only from Rostov-on- 
Don State University but also from other Rostov Institutes of higher education) ask me personally send the best regards to the editorial 
staff of your magazine. 


Sergey A. Gerasimov 
Free energy? 

The scientific community says that it cannot exist. Where did we hear that before? Academician Valery Sobolev from the Academy of 
Sciences, the head of the reseatch group working on the experiment says: “This is not some new physics, but just experiments that have 
been performed very seriously. Make surge of electrons from the environment, remove them, deplete the fused electrolyte with basic 
typical metals; what you derive from it is what cannot be produced by chemical methods. This is a new state of substance.” As the 
researchers say, first they discovered a particular electrochemical process where high-temperature materials in a new state are the product. 
This in its turn allowed to discover a new state of substance, new class of materials, a new source of energy, a new method of cold plasma 
generation, a new superconductor See whole article at: http://english.pravda.ru/science/19/94/379/9675_energ y.html 


Josef Hasslberger 


Personal home page on physics, energy technology, social and economic issues: http://www-hasslberget.com 
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Faraday Lab News 


One of the most interesting research projects of our company 
in the year 2003 has been the research on hydrogen dissociation 
and recombination processes. It has taken us about half a year 
to build a special vacuum tube and in October, 2003 we 
obtained some experimental results on the heat output and 
efficiency of the system. The system we designed in our 
laboratory is shown in Fig.1 and also on the cover. The water- 
cooling system and the heat measurement system make it 
possible to measure the heat output within the range of 100 W 
to 5 kW with pinpoint accuracy. In the year 2004 we are 
planning to go on with our research work. 


We have completed the second stage of designing and 
developing a high-efficiency magnetic generator with the 
neodymium permanent magnets of 1.25 Tesla. We 
confirmed the possibility of double output increase from 
the usage of two magnetic induction counter fluxes 
produced by the two coils wound on the generator core 
(Fig.2). 
Fig.2 


Our laboratory continues designing and perfecting a 
powerful “alternator”-type generator with permanent 
magnets and a drum-type rotor. We will give our readers 
more detailed information after we are aware of the 
patent examining result. 


Our research on “The Control of Temporal 
Characteristics of Physical Processes by means of Ether 
Energy Density Change” is also awaiting the results of 
the patent examining group. This research on time and 
the construction of the “time machine” is not a pure 
theory but it has quite real prospects of being applied 
to the aerospace industry as a propulsion method. 


Itis worthy to note that now the alternative energy prospects in Russia do not entirely 
depend on financial factors. The cooperation is important between researchers, 
investors and organizations interested in the innovative development of Russian 
industry rather than in the development of Russia as the world primary natural 
resource is also important. Progressive political and public organizations should 
develop and introduce alternative energy programmes as well as render support to 
local researchers. The successful innovation of new technologies is impossible 
without this support and lobbying government. Let us hope that the year 2004 will 
bring along new opportunities and promising contacts. 


Alexander V. Frolov 
General Director Faraday Laboratory Lid 
bttp://www.faraday.ru 
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Yury N. Novozhilov, Russia 
Bratislavskaya Str., 25-6, 390035, Ryazan, 
Tel: (80912) 72-12-72 


An interesting but a very simple motor has been designed. It operates on the basis of heating differences 
of its components due to temperature variations of contacting environments or due to variable radiation 
intensity. 


Motor structure 
The motor structure (see Fig.1) includes a metal or plastic wheel (1). In the center of the wheel there is 


an axis (2), on which spoke ends are fixed (3). Other spoke ends come through a hole in the wheel rim. 
On the spoke end there are weights, for example, in the form of small balls (4). 








The structure peculiarity is preconditioned by a loop-shaped part placed on each spoke (5), which has 
a form of a metal strip or core. An arched bimetal component is built in the center of each loop-shaped 
part (6). Joints can be fixed at the joining point of loop-shaped parts and spokes to simplify the motor 
movement (7). 
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In the motor structure described arched bimetal 
components become straight when heated. The 
motor axis ends are placed in bearings (8). 


To initiate the motor movement the loop-shaped 
parts need to be in mediums (zones) with 
different temperature. For instance, the lower part 
of the wheel may be placed into hot 
water (9) and the upper part will stay in the 
air (10). 


Motor operation 


When the motor is in a medium with identical 
temperature, for example, in the air, the 
temperature of all bimetal components will also 
be the same; therefore, they have identical form. 
In this case all spokes will similarly project over 
the wheel rim and all weights have similar distance 
from the wheel axis. 


This state makes the whole system balanced and 
immovable. But if the motor wheel is partly placed 
into water with the temperature exceeding that 
of the ambient air the bimetal components in 
water will become straight and shift the 
axis weights from the wheel axis. This 
phenomenon initiates motor operation. 


Let us consider this process in more detail. 


On touching water, the bimetal component in 
the loop-shaped part becomes straight and 
shifts a weight from the wheel axis. The wheel 
becomes unbalanced, obtains torque and turns 
clockwise. This rotation makes the following 
bimetal component on the next loop-shaped 
part of the following spoke touch water. This 
bimetal component also becomes straight and 
shifts a weight from the wheel axis, generating 
an increased torque that turns the wheel 
clockwise. 


At the same time a bimetal component comes 
from hot water on the left side of the wheel in 
zone “A”. The component cools and restores its 
initial form, i.e. it curves more and pulls the weight 
on the spoke to the rotation axis. This leads to a 
decrease of its counterclockwise torque that 
affects the wheel. 


The loop-shaped parts on the left side (A) and the 
right side (B) of the motor wheel will cause 
asymmetry in the number of weights projected by 
the spokes. On the motor left side (A) the weights 
will be projected from the wheel axis when the 
spokes are located in corner “C”. On the right side 


(B) the weights on the spoke axes will be shifted 
from the axis when the spokes are located in 
corner “D”. Fig.2 shows that corner “D” is far 
larger than corner “C”. This means that more 
weights will be shifted on the right side of the 
wheel in zone “B” than on the left side in 
zone “A”. 


Fig.2 shows that the wheel weights generating a 
clockwise torque are projected on the right side. 
On the left side in zone “A” only one weight is 
projected and it generates a counterclockwise 
torque. More weights shifted from the wheel axis 
on the right side will generate a greater clockwise 
torque than the weights shifted from the wheel 
axis on the left side. This is the cause of the wheel 
clockwise rotation. 


This interesting effect is achieved due to the 
loop-shaped parts on the wheel spokes with 
bimetal components placed on them. When the 
next wheel spoke reaches corner “D”, the 
bimetal component connected with it touches 
hot water, becomes straight and shifts the 
corresponding weight further from the wheel 
rotation axis. The motor wheel continues 
rotation, making the next bimetal component 
touch water. It is also heated, becomes straight 
and shifts the corresponding weight from the 
wheel rotation axis. The wheel continues 
rotation. Bimetal components are touching 
water in succession. On the left side, in zone “A”, 
the bimetal components successively come out 
of hot water, cool in comparatively colder air, 
return to the initial sharply curved form and pull 
the weights on spokes to the wheel rotation axis. 
This is the reason for the wheel torque to 
decrease. 


Mass movement from the axis in a rotating object 
commonly causes reduction of rotation speed. 
And, on the contrary, the rotation speed increases 
when the mass comes close to the axis. In motor 
zone “A” the weights come close to the rotation 
axis after the corresponding bimetal 
components come out of hot water, and the same 
number of weights move from the center in zone 
“B”, ie. these effects on the rotation wheel 
compensate each other. 


In essence this is a heat machine. The heat 
transfer from a warmer medium — water — to the 
cold medium — air — is achieved owing to the heat 
capacity of the band-form bimetal component. 
This is the reason for fast heating and cooling 
processes. Due to the fact that bimetal 
components are not large, not so much heat is 
needed for their heating. 


4 New Energy Technologies, Issue #5-6 (14-15) September - December 2003 


The motor will operate when the air temperature 
exceeds that of water but in this case it rotates 
counterclockwise. 


There is another model of this motor when nitanol 
components are used instead of bimetal ones. 
Nitanolis a memory metal alloy that changes shape 
when reaching certain temperature. 
In this instance, the nitanol component is normally 
curved but becomes straight when heated (for 
example, up to 50° C), and the weight on the spoke 
end moves from the 
wheel rotation axis initiating rotation of the wheel. 
That means similar operation of a nitanol-based 
and bimetal-based motor. 


The motor structure is very simple and its operation 
does not require power or fuel supply: it is enough 
to place its wheel into the water the 
temperature of which is different from that 
of the air. 





The motor structure may be further developed: for 
example, a focused sun ray can be used for the 
heating purposes; the bimetal component can be 
heated with a common electric lamp on one side 
of the wheel, the required heat may come from a 
heating radiator, stove or burning gas-jet. Such 
motor may be heated when installed on a 
mantelpiece, etc. 


This article describes the motor model that can be 
used as a toy. Being supplied with looking-glass 
units it may be applied to get various luminous 
effects or may be installed in the shop showcases, 
or else at exhibitions. This motor is also able to 
operate in a gravity force environment, even on the 
Moon. There direct sun rays may heat bimetal 
components to 200° C, and the temperature of the 
components located in the shadow almost reaches 
absolute zero, i.e. the temperature difference in this 
instance is over 400° C, which enables constant 
efficient motor operation. 


Fig.2 
The motor in operation 
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Self-Interactior 
in Electromagnetic Rotation 


S.A. Gerasimov , V.V. Stashenko, Russia 
Physics Department, Rostov State University, Rostov-on-Don, 344090 


Email:GSIM1953@mailru 


Introduction 
The electromagnetic rotation is the motion of a magnetized 
body ina direction perpendicular to both the vector of 
magnetization J,, and the direction of the electric current j in 
a liquid inside which the magnet is located (Fig. 1). 
Editor: Readers can compare this vector composition and the 


device scheme of Godin and Roschin with the Searl 
experiments. The similarity is evident. A. V. Frolov 


Jim 
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Fig.1 
Electromagnetic rotation. A magnet M of magnetization J, that is 
partly or entirely submerged in a conductive liquid L with a direct 
current of density j is moving in the direction of the force F,+F, 


The force producing such a motion 
is sufficiently weak and, normally, the 
phenomenon is observed at rotation. 
Although, this is quite a well-explored 
phenomenon [1-6], nobody knows 
what makes the magnet rotate [4]. 
There is an opinion [2,3] that the 
motion of the magnet in the 
conductive liquid is caused by the 
forces of attraction F, and repulsion 
F, between currents of density j 
flowing in the liquid and surface 
magnetization currents j,, of the 
magnet, often called the Ampere 
currents as shown in Fig. 1. 


The external magnetic field of a long 
cylindrical magnet originating far 
from either pole is zero. Therefore, no 
force is exerted on charges moving in 
the liquid far from the ends of the 
magnet. Nevertheless, the magnet still 
moves in the liquid with the direct 
current even if it is only a thin 
magnetized needle [5]. Thus, the 
deeper the magnet is immersed in the 
conductive liquid, the more liquid 
gathers around it. The deeper the 
immersion is, the higher the total 
force must be. That should be so. 


In reality, it is quite different. During 
intermediate immersions when the 
magnet is partly submerged in the 
liquid, the torque N does not depend 
on the depth of immersion, in the 
other words, currents flowing round 
the cylindrical magnet do not 
influence the exerting force acting [6]. 
Moreover, during shallow 
immersions, the magnet moves 
together with the liquid. This is 
none other than the self- 
interaction [7]. The conductive 
liquid under the magnet experiences 
the magnetic action. The direction of 
this force coincides with the direction 
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of the magnet motion. Thus, the part of the conductive liquid moving in this direction under 
the action of the magnetic field B, affected by the frictional forces in the liquid causes the 
motion of the magnet in the same direction. The only way to find out the role of the self- 
interaction in this phenomenon is experimental investigation. It would be appropriate to exclude the 
currents flowing under the magnet. In this case the magnet must rotate in the opposite direction. 


Experimental system 


A commercially available cylindrical magnet M of magnetization J,,=1,95-10° A/m and a balanced load 
P connected by a rocker R are suspended by a thread 7'as shown in Fig. 2. 





Fig.2 
The experimental set and its parameters: h=50 mm, r=35 mm, d=25 mm, v=70 mm, the diameter of the central 
electrode E is 5 mm, the thickness of the bottom G is 2 mm. (Xx) and (-) are directions of the force acting on 
current elements of current density j in the magnetic field of inductance B 


The magnet is immersed in the 5% copper sulfate solution (CuSO,) so that the depth z of immersion can 
vary. A vessel containing the conductive liquid ZL is large enough for the magnet to be almost entirely 
immersed. The cylindrical surface C of the vessel and the central electrode E£ of the system are made of 
non-magnetic materials. The bottom of the vessel G is, of course, insulator. The magnet is coated with 
an insulating moisture-proof varnish. The length of the electrode F equals the height h of the vessel. A 
direct current of strength / passing through the cylindrical electrode C, the conductive liquid Z, the central 
electrode £ and the disk electrode D generate a torque of electromagnetic origin which results to the 
rotation of the magnet. The disk electrode D is intended to provide the system with the symmetrical 
supply of the current. 
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Experimental results 


The size of this experimental device differs from that described previously [6]. As a result we have 
obtained the torque N, which is about ten times more intensive than the former one. But 
the main result is that the torque does not change its sign when the magnet is being immersed in the 
conductive liquid (Fig. 3). 


WN, g-cm“/sec * 






@©-I-1A 
O-1= 0.54 


Q 0.5 iz/n 


Fig.3 
A typical experimental dependencies of the torque NV 
acting on the magnet depending on the depth of immersion z 


When the magnet is almost entirely submerged in the liquid the depth of which equals the height of the 
magnet, no currents are flowing under and above it. In this case the rotation of the magnet is expected 
to be the result of drag action of the rotating liquid located in the intermediate field relative to the 
magnet. This part of the conductive liquid is rotating in the direction opposite to that of the motion of 
the magnetized body. It seems to be the right way. The magnet pushes the liquid away and, therefore, is 
moving in the opposite direction. No, this is wrong. If it was correct, this effect would also occur during 
the shallow immersion. At small z the magnet and the liquid rotate together. So far we still do not know 
what makes the magnet rotate. 
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For several decades the author has been 
organizing a contest for young inventors on the 
radio, television, in mass media and the Internet. 
There have been accumulated thousands of 
engineering solutions that belong to 
schoolchildren and youth. There are many 
original ones, including perpetual mobile. 
Though unfeasible in principle, they have 
interesting structure and competent engineering 
solutions. 


For example, a child's dream to create an oblique 
roof over a city or field and direct the rain flow to 
a turbine to obtain mechanical work is of little 
use. But it's quite another matter if this child takes 
a pencil, a sheet of paper and tries to make a 
sketch or a drawing of such construction. Even if 
the construction is primitive and unfeasible, the 
child will get his first engineering experience and 
self-reliance. 


I can still remember one peculiar case. Once the 
editors were instructed (it was in the times of 
the USSR) to assist an honored inventor of new 
machines. It was a Stalin Prize laureate, creator 
of a special type of lime that was widely applied 
in construction (I will not disclose his name). 
The inventor was given (that was not common 
practice) a large room in a shared apartment 
situated in a prestigious block of apartments in 
Moscow. It turned out that all room space, 
except for narrow passages at the walls, was 
occupied by a huge table. On the table up to the 
ceiling there were some pipelines, glass and 
metal vessels, retorts and other laboratory ware. 
The most impressive thing was retorts heated 
by gas coming through a hose from the shared 
kitchen. All that staff was bubbling, hissing and 
steaming. The inventor was creating a perpetual 
mobile! 


I will give one more example of a situation 
common for the editors of the "Inventor and 
Rationalizer". Once we had a respectable-looking 
visitor who made an odd request to get the 
President of the French Academy of Sciences to 
respond to his letters about a perpetual mobile 


plan. The essence of Alexander Rodionov's 
(Maloyaroslavets, Russia) invention was that "in 
accordance with Newton's and Guerin's laws fluid 
flows up through capillaries and turns a wheel 
when flowing down (see Fig.1). 


Cruerin's law 
Newton's law 





Fig. 1 
Perpetuum-mobile 


There are many similar projects in the history of 
engineering. Hence, this case may be considered 
as typical. We all know that the molecular 
adhesion forces (moistening) that push the fluid 
upwards will stick to it and the capillary motor 
will never work. But is the idea totally unfeasible? 
Since false modesty is inappropriate when it 
comes to perpetual mobile, I will present my ideas 
on this not so honorable subject for the reader's 
judgment. 
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It seems that all perpetual mobile inventors start 
not with a pencil and a sheet of paper but with 
experimenting on magnets, oblique plane, wicks, 
wheels, springs and other materials at hand. My first 
heat (perpetual) motor was also the result of an 
experiment. 


The "Capillary" idea of Alexander Rodionov 
haunted me. I recalled that the great Lomonosov 
devoted lots of time to studying molecular 
adhesion and capillarity. They are present in 
everyday life, let alone the nature, especially in 
plants that would not be able to exist without 
them. How else would moisture flow up the trunks 
and stems? But, on the other hand, according to 
Mikhail V. Lomonosov's data, water flows up only 
for the maximum of several dozens of millimeters 
even through the thinnest capillary. But trees may 
have the height of several dozens of meters! If, as 
it is customarily considered, moisture flows from 
one capillary to another of its own accord, why 
not suppose that a capillary perpetual mobile is 
feasible? Explanations that moisture in plants 
flows up due to root pressure do not sound 
plausible. So where is the truth? 


Years have passed since that visit of A. Rodionov. 
Now, just like I used to sympathize with, as it then 
seemed, a rather odd inventor, now my relatives 
sympathize with me. One can not blame them: for 
weeks and months there have been flowerpots all 


around the apartment - on the tables, window-sills 
and bookstands. With bottles, tubes and self-made 
water manometers to follow. 


Once, when I was assembling a device, I could not 
find two similar glass tubes and had to put in the 
tube of thin polyethylene. But no matter how hard 
I worked the water in the communicating vessels 
was at different levels. In the glass tube the water 
level was always higher. It could not be otherwise, 
if you come to think of it, but isn't it the right time 
the words "made of equally wettable material" were 
inserted into the communicating vessels law? 


Here is a primitive experiment: make a hole in the 
bottom of a plastic flowerpot containing soil and 
a plant, and insert there one end of an elastic tube. 
The other end is inserted into the bottom of a 
plastic bottle containing water (see Fig. 3). In 
accordance with the communicating vessels law, 
the water will flow from the bottle into the 
flowerpot. When we see that the soil has been made 
wet, the experiment shall get more complicated: 
elevate the flowerpot so that its bottom is higher 
than the liquid level in the bottle. In some days we 
shall notice that the soil has not dried up and the 
water level in the bottle has lowered. One should 
not be a Solomon to guess that the soil or the roots 
of the plant transfer the water from the lower to 
the higher level. Here is a typical natural perpetual 
mobile! 
























The water , - 
manometer r | 7s | 7 
= ety CETL ae 
Tne evaporator 
Fig. 2 -— _ Sahiesiaebeneten: 
Motor » aaa 


It is no use referring to the molecular adhesion forces since they can not be applied at such height 
differences. What is it then? A molecular collision as in a boiling kettle? But a leaf has neither high 
temperature nor much space. Nevertheless, water evaporates both from the soil and leaf surfaces. At the 
same time there is rarefaction under the evaporating surface. Can it be the rarefaction that pulls up new 


portions of water? 
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Fig. 3 
Rarefaction 


Let us make the experiment still more complicated. Put the leg pipe of a liquid manometer into the 
bottle cork. (Fig. 3) Almost immediately the water level in the closest leg to the bottle will start rising. It 
means that there is rarefaction in the bottle. Can it be the rarefaction that "rules" the plants? 


Most likely, the essence of the mistake made by Rodionov and other authors of capillary motors consisted 
in attempts to get the water outflow from the capillary. If it is not flowing out but evaporating, as 
it is common for the soil or plants, then, probably, vacuum will manifest itself and the 
capillary perpetual mobile will start working. 


I made my first capillary perpetual mobile many years ago (see Fig. 4). And it worked: though slowly, the 
wheel was steadily turning. No doubt, it was due to the heat inflow from the air. Therefore, such motor 
will work if there is a temperature difference and relative humidity of surrounding air 
is below 100%. 





Fig. 4 
Capillary Motor 
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The heat motor operating principle is clear from 
this figure. The disk (many disks on the common 
axis) is divided into isolated sections. Their surface 
is covered with a moisture-proof piece of material 
(filtered paper, cloth, etc.). The part of each section 
somewhat gets under the base of the next one. 
Hence, a small part of the base of one section anda 
part of the part following the section can get into 
water simultaneously. Due to the capillary 
moistening the section and the part will start to 
absorb water. Since the section is shifted about the 
center of gravity, the turning moment is bound to 
appear. The section that is out of water starts to dry 
up, the moment will increase and the wheel will 
start turning. 


Having determined that, though slowly, the motor 
is turning, the author applied to a patent authority 
for a patent on the invention of the "Perpetual 
mobile", meaning it as a joke. I hoped that the 
experts (I knew some of them personally) will 
understand this joke. But, unexpectedly, the device 
was considered an invention, though under the 


name of the "Heat motor" (certificate of authorship 
USSR # 1455040). 


Basically, the motor is similar to the project of A. 
Rodionov. I would not be surprised if he protested. 
The same capillaries and the spontaneous rise of 
liquid on the moisture-proof material. The only 
difference is that the liquid does not flow out but 
evaporates from the capillaries. 


Almost without any reason - one can not predict 
his eccentricities - I have recently made one more 
capillary motor (see Fig. 3). Perhaps, it resulted from 
my experiments with plants. This motor directly 
and spontaneously lifts water to a higher level, 
which is more convincing. Moreover, water flows 
in the form of drops (or a stream) and turns the 
propeller! The motor is quite operable and has even 
been shown on TV. But do not try to verify it on 
your own - such work is useless without certain 
know-how. The author would not like to disclose 
the "secret" yet. I could still make a patent 
application. 





The Continuous Rotation Device 


The essence of this invention is thatina closed 
circle the rotation of the object occurs without 
any outer influence or any power sources 
(electric energy, oil, diesel oil, etc.), which 
results in the rotation of the rotating part of 
the device. The torque can be easily enhanced 
by means of transmitting it to the reduction 
system. At that rate, the necessary rotation 
speed and rotation power can be acquired. 


The device is small, easy to transport, mobile 
(both, in operation and switch-off), simple 
and inexpensive to make and assemble. It is 
economical, ecological and weather 
independent. 


The device can be used in any industrial or 


household appliance field where the 
continuous rotation is required. It is especially 
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important to note that this device can be used 
to generate energy on a large industrial scale 
as well as in small laboratories, in mountains 
and remote districts, in tunnels, at sea, etc. for 
it does not require any power lines. 


Patent Claim Priority: 
#20030059, April 19th 2003 


For more information 
contact 
the author of the invention: 


Eldar Sariyev, 
Azerbaydzhan, Baku, 
Thilisskiy Prospekt, 75-26; 
Tel: + (994 12) 92-47-73, 98-95-02; 
Email: eldar_sariyev@yahoo.com 
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Kosmonavtov Str., 35-39, 420061 Kazan 
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Natural hydrologic cycle is a widely recognized 
phenomenon. Water evaporates from the ground 
and water reservoir surfaces, generally, due to the 
Sun heat, then moves to the superstructure 
atmospheric layers where it is condensed, and 
precipitates onto the ground surface, but on higher 
levels compared with evaporation surfaces. In this 
process water is also purified and desalted. From 
the higher levels water flows to its main 
evaporation points, forming streams like brooks 
and rivers where water power plants could be 
established. Flowing to the lower surface layers 
with lower potential energy, water in the Earth's 
gravitational field performs work that can be 
utilized. 


Natural hydrologic cycle principle is used 
in the gravity-heat power system (USA 
patent No. 3953971, International class. 

F03G7/04 of May 4, 1976). 


In this system the temperature difference between 
ground surface layers (the mountain foot and its 
top) is used to produce electric power and obtain 
fresh water. The temperature difference does not 
change much with change of height, and the 
system effectiveness is quite moderate, which can 
be named as its drawback. 


The system utilizes free environmental energy. Its 
efficiency (converted to the process maintaining 
energy) tends to infinity. 
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The author proposes a new gravity-heat power 
system that can substitute modern heat power 
plants. It contains all installation components as 
per USA patent No. 3953971 except for the heat 
exchanger on the ground surface whose functions 
are performed by a conventional steam boiler. 


Gravity energy component Gin the 
proposed system: 


G=X,_-TgH, 


where 

¢ X_— fluid flow, 

¢ T-— time of operation, 

¢ g-—acceleration of gravity, 


¢ H — tower height between the steam 
boiler and the freezer (condenser). 


This formula does not allow for vapor density of 
operating fluid. 


The vapor density is insignificant as compared with 
the operating fluid density. 


Energy P, required to maintain operation: 
P=X,_-Tq, 


where q — specific fluid vaporization 
energy 


Efficiency K — of the system should not 
be lower than 80% 


To obtain efficiency that equals 120% the 
following is required: 


H = 2,2q/g 
Or H= 25,4 kilometers. 


il 


Construction of such towers is too complicated for 
modern technology. Therefore, a stratospheric 
balloon that is linked to the ground surface by a 
flexible twin-core hose rope may be used. One core 
is designed to send down fluid and the other to 
send up vapor. Flowing down to the ground surface 
through the hose, the fluid will generate fluid 
column pressure. The fluid will cross water-turbine 
generator cascades, after each of which the fluid 
pressure will decrease and the fluid will continue 
its way down. 


There is an alternative. To make the tower several 
times lower the evaporation (at the tower foot) and 
condensation (at the tower/mountain top) should 
be phased (in the form of cascade) at various 
pressure values and with utilization of the same 
heat energy. For this purpose a heat carrier is used 
that will transfer heat from the tower (mountain) 
top to its foot. This operation will enable the tower 
height segmentation into H/n sections where n is 
the number of grades in a cascade. 


Cascade structure is shown in Fig. 1 





Fig. 1 
Cascade 


where 


1 — ground surface, 

2 — tower component or the smoke-stack of 
the steam boiler, 

3 — steam boiler, 

4 — steam pipe, 

5 — heat exchanger and condenser, 

6 — pressure pipeline, 

7 — water-turbine generator, 

8 — heat exchanger and evaporator, 

9 — circulation pump, 

10 — pipeline of the heat carrier circulation. 


Cascade (operating fluid, water) with 500 meters 


14 


of height can contain several dozens of grades (50 
and more). In this case the cascade efficiency 
may approach 120%. 


Decreasing the tower height to 500 meters (for 
water) will allow for utilization of conventional 
water-turbine generators and standard equipment. 


In the proposed cascade the heat energy is required 
to maintain the cascade working capacity when 
Earth's gravitational field energy is utilized. In the 
author's opinion there are still other ways to use 
gravitation. 


The system scale is its main drawback. Therefore, 
partial utilization of the proposed principle may 
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seem more attractive. The proposed engineering 
solution was simple. 


In a thermal power station the condenser 
is installed on the top of the tower 
(mountain). After the condenser the water lift 
in the water tower finished at the steam boiler 
pressure pipe (omitting the pump that was no 
longer necessary). Energy required for pressure 
pipe operation was saved. In other words, the 
water tower was utilizing the Earth's gravitation 
at the conventional juncture of vapor 
condensation in the steam plant. 


Such proposal was made on June 17, 1982 in the 
patent application USSR N3453603/06, (101161) 
expert code 060701KH. However, the utilization 
of free and environmentally friendly gravity energy 
did not arouse interest even on the part of patent 
experts. 





Fig. 2 
System 


The author ts looking for serious pariners. 
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The Alternative Energy Potential 
in Russia 


According to the International Energy Agency 
(IEA) calculations, total investments into the 
energy industry constitute approximately 330 
billion dollars annually. Almost half of this sum 
(150 billion annually) is allotted to the 
development of the electric power industry. 
This information only partially reflects the 
potential of the alternative energy 
development and does notinclude the market 
growth factor upon the introduction of 
autonomous power system technologies. Vast 
territories of the planet have not been 
sufficiently developed yet due to the absence 
of local energy resources and power lines. 
From this point of view, Russia is the country 
with an enormous consumer demand 
potential provided that the mass production 
of autonomous fuel-less energy systems 
guarantees low production prices. 


Alexander V. Frolov 
Editor-in-Chief 
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Modern Perpetual Mobile 





Review prepared by correspondent Alla Pashova, Russia. 


Based on the Internet pages and other information sources 


It is common knowledge that any 
experimental information, which is against a 
conventional scientific paradigm, is 
considered to be false, extracted from the 
society and finally is turned into something 
classified and elite. 


Politics-oriented science as a whole and 
natural science in particular often result in 
misrepresentation and falsehood of popular 
knowledge that turns it into the fighting 
weapon of socio-political organizations, states 
and their groups. 


World-outlook and political contradictions of 
any society often determine science 
development strategies. In 1885 Nicola Tesla 
presented his transformer in action by means 
of which he lit carbon lamps in a 25 miles 
circle without any cords, conductots or 
switches using the 5000-HP turbine of the 
Niagara hydroelectric power station. 
Afterward, he obtained financial support for 
one of his energy projects. 


On a special testing ground Nicola Tesla built 
vacuum-energy systems. However, in 1885 the 
systems, as well as the testing ground, were 
destroyed as it became evident that if they 
went on the mankind would never need 
organic fuel again. But the destruction of the 
systems and testing ground does not at all 
mean the destruction of papers and 
documents...Ever since that moment people 
have been trying to find "free energy". 


The experiment of distant lighting of carbon 
lamps without using any cords was repeated 
only once by the physicist Filippov. He 
managed to light the lamps in Tsarskoe Selo 
employing the electric generating systems in 
St. Petersburg. Filippov died in 1914 under 
mysterious circumstances. 


In 1917 the Portuguese American Andres 
invented non-convetional fuel for an internal 
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combustion engine. The essence of his 
invention wasinsome inexpensive chemicals, 
which he dissolved in water (some drops of 
chemicals per pail of water). A special state 
committee tested the new fuel during the 
New York - Washington - New York 
automobile races. After the races one of the 
largest oil monopolies in the U.S. offered 
Andres 2 million dollars in cash for the 
documents and all rights for his invention and 
later locked all the information in their safes. 
Two days later after getting the money Andres 
disappeared. (The information was disclosed 
by V. Vasilevsky, the former chief of the 
scientific and technical intelligence 
department of the KGB of the USSR, who had 
been in charge of the department since 1930). 


The above-mentioned examples show that 
there were a lot of attempts to develop 
revolutionary energy technologies. But what 
then are the grounds for the 'energy crisis’ 
complaints? The answer is simple: the desire 
of a group of financial and energy 
multinational corporations for an economic, 
political and, finally, for a total control of the 
world. That is why there is no room for "free- 
energy" hunters in our science, not even as 
laboratory assistants, not to mention some 
higher positions. 
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Practice often negates scientific dogmas, 
especially when it comes to the efficiency of 
different devices. In general, the traditional 
understanding of efficiency is quite limited 
and should be forgotten. Instead of the 
traditional notion "efficiency" we should 
consider the notion "energy-conversion 
efficiency" (ECE), which has no limits. In 1974 
in the USA a six-stroke internal combustion 
engine was designed which had a double ECE. 
The fifth stroke of the engine operation 
included water injection; the sixth was 
characterized by the water vapor 
introduction. Firstly, the engine had a higher 
ECE than that of the Carnot 
cycle. Secondly, taking the 
55 % ECE of the contemporary internal 
combustion engine, the ECE of a six-stroke 
engine exceeds 1. 


Practice often negates scientific 
dogmas, especially when it 
comes to the efficiency of 
different devices.In general, the 
traditional understanding of 
efficiency is quite limited and 


should be forgotten. 
Instead of the traditional 
notion "efficiency" we should 
consider the notion "energy- 
conversion efficiency"... 





Before the war there appeared "studebekkers" 
with the fuel consumption of 5.51 per 100 km. 
But the fuel-economy record was set by the 
Japanese. In 1986 they built up an automobile, 
which used only 0.055 | of fuel per 100 km 
(about 44 g). Unfortunately, now we do not 
have plants, which could manufacture 
automobiles of the kind. 


In 1832 Tomson came up with the idea of a 
heat-pump unit. Stating the unity and 
interconvertibility of substance movements, 
he proved that the mechanical energy 
consumption can restore stray heat. At that 
time cross-Atlantic ships had low-temperature 
steam engines, which employed exhaust 
steam and ether vapors. The efficiency of those 
engines was already higher than the Carnot 
cycle efficiency. 
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Nowwith the help of the facts acquired during 
the last century we will prove the scientific 
inconsistency of the orthodox model of the 
second stage of thermodynamics. In 1941 the 
English physicists O. Hougen and K. Watson 
published their work featuring the 
experimental fact that the ammonia-saturated 
vapor pressure in liquids was higher than the 
general pressure. For example, with the 
general pressure of 50 atm and the 
temperature of 0° C, such pressure was 17 % 
higher. This means that having placed a 
semitransparent partition and a turbine 
between two containers it could have been 
possible to build up a natural-heat vapor- 
converter. This method was used by von 
Platen, the Nobel prizewinner from 
Sweden, whoconstructedaself-rotating 
centrifugal machine, which provided a 
1000 atm pressure when ammonia 
interacted with water. The heat emitted 
was enough to compensate friction 
losses. It is also known that the Carnot 
principle cannot be applied to closed cycles. 
W. Vielstich, ‘Combustion Cells', 1968: "If an 
entropy change ofa reaction is negative, 
it can exceed 1 It means that a certain 
amount of energy can be obtained from the 
natural heat. Such an effect is possible in 
electrochemical generators, which employ a 
direct oxidation process before oxidation and 
dioxidation". 


A demonstrative example of scientific 
experiments withdrawn from science is 
discovery * 13 "The knock power-transfer 
regularity" made on December, 18th, 1962, 
which makes it possible to create a mechanical 
"perpetual mobile". The experiment shows 
that the conventional"knock theory" does not 
work in practice: the bouncing energy ofa 
body after it has been knocked can be 
higher than its energy before it has been 
knocked. 


Trying to get some_ recognition, 
E. Aleksandrov, Doctor of Engineering 
Science, made his demonstrative 
experiment in front of many different 
commissions: a chilled-steel ball when 
falling froma 10m height ontoa firmly- 
fixed chilled-steel plate madea 14-15 m- 
high bounce. That was the notorious 
‘perpetual mobile' as it is. It went on like this 
until somebody decided to explain the result 
of the experiment by a metal lattice internal 
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energy. At once, everything was clear. Since 
that moment the above-mentioned principle 
has been successfully employed in percussion- 
action machines. This principle can also be 
used in simple electric-power systems. 


Now we can see that electro-technicians had 
already constructed demonstrative 'perpetual 
mobile' machines 10 years before politicians 
and economists started to speak about the 
‘energy crisis’. 


In 1921 the mass media wrote about A. 
Hubbard who invented an electromagnetic 
generator without any external energy supply. 
The Hubbard generator was used as a boat 
motor. 


... now we can see that 
electrotechnicians had 
already constructed 
demonstrative ‘perpetual 


mobile' machines 10 years 


before politicians and 
economists started to speak 
about the 'energy crisis’... 





In 1928 L. Nidershot invented a 300 W electric 
generator, which did not require any external 
energy supply. The device consisted of a radio- 
technical oscillation generator (500 kHz) and 
a coil. After 68 years there appeared 
publications about A. Melnichenko who 
repeated the experiment. 


In 1927 T. Brown (England) obtained a patent 
on the ways of originating a moving power 
and energy using an electric field. Later, in 
1955 while working in France, he presenteda 
system with the speed-capability of several 
miles per hour using a 2000 eV field. After that 
he had to stop his experiments and was sent 
tothe USA. 


In 1943 N. Tesla presented an electric-motor 
automobile. The energy was generated by a 
previously-unknown generator. 


In 1960 Stovbunenko (whose research work 
results were subject to a special verdict of the 
Military-Industrial Complex) presented his 
motor, which made it possible to move in his 
old automobile 'Moskvich' around the city for 
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the whole day utilizing the power ofastandard 
automobile battery. 


In 1980 there was a qualitative break through 
in electro-technical "perpetual mobiles". 
Baumann's electrostatic machines of the total 
capacity of 750 kW started functioning in the 
religious community of Liden (Switzerland), 
serving all daily needs of the village. (See the 
photosbelow) 


The photos are taken from 
www.free-energy.cc 
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Thus, in 1980 there appeared a community 
with no energy problems, no need for 
organic fueland no fear for the'energy crisis’. 


In 1881 N. Sluginov discovered an energy 
imbalance that occurred in the water 
electrolysis process. In his experiments he got 
that the output energy was 30 % higher than 
the input energy. In 1980 American scientists 
recreated this energy imbalance and proved 
that while employing the steam turbine 
rejected heat, the water electrolysis efficiency 
reaches 120%. 


This information introduces a story about an 
energy system invented in 1957 under the 
guidance of I. Filimonenko. The system did 
not simply generate energy in the form ofa 
high-pressure vapor and output hydrogen 
and oxygen but also absorbed radiation. In 
1960 the USSR Central Committee and 
Cabinet Council gave a special secret ruling, 
known as “The Three 'K’s'” (Keldysh, 
Kurchatov, Korolyov) to go on with the 
research in this system. However, after 
Kurchatov's death the project was 
"oppressed" and later on after the death of 
Korolyov the project was completely 
cancelled. The special committee of the 
USSR Academy of Sciences stated that the 
system was functioning against "the Law of 
Nature". I. Filimonenko was dismissed and 
expelled from the party. Later, in 1980-1991 
the experiments were partially renewed. 
Several testing systems were constructed in 
the Chelyabinsk region but the construction 
was nevet finished and the use of a mobile 
system for eliminating the damage caused 
by the Chernobyl accident was refused. This 
story is a demonstrative example of the 
traditional rejection of promising projects 
by science, which could be very beneficial 
for Russia. 


Theoretical Background of 
‘Perpetual Mobile' 


Originally, the term 'entropy' was used only 
in connection with the reasoning about 
limited or eternal nature of the Universe. 
Later it came to be used to describe the 
functioning principles of thermal machines. 
Now there exist more than 600 contradictory 
definitions for 'entropy', which are actually 
the results of a long and unfinished 


discussion between the supporters of Dekart 
and Leibnitz, who defined 'motion' in 
different ways. It is these permanent 
contradictions in the theoretical 
fundamentals of physics that make it 
impossible to explain the existence of a 
‘perpetual mobile’. However, standard 
physics has never denied the possibility of 
creating energy technologies allowing the 
ECE higher than 1. 


Weshould remember that the basis of the so- 
called variational calculation is the 
mathematical apparatus technique of the 
conventional mechanics. It seems that if 
system behavior equations directly depend 
on time, this system cannot fall under any 
conservation laws. This is the proof of a 
complete failure of the conventional 
energy conservation law! 


It is these permanent 
contradictions in the theoretical 
fundamentals of physics that 


make it impossible to explain the 
existence ofa 'perpetual mobile' 





In time-independent thermodynamics the 
existence of 'perpetual mobile’ can be 
explained by the system internal energy 
usage. There exist two kinds of 
thermodynamic systems. Some of them 
when being heated or affected in some other 
way start increasing their internal energy 
while other systems show the internal energy 
decrease. The latter are called negative 
absorption systems. The standard version of 
the first law of thermodynamics does not 
cover all the processes occurring in such 
systems. The output ofa negative absorption 
system can be higher than its energy. The 
additional output is acquired by the gradual 
internal energy loss. 


To cap it all, there are more than a hundred 
experimental facts that show the limited 
nature of the Maxwell theory. They were 
obtained byscientists from different research 
institutes and construction bureaus, were 
tested and registered. Thus, for example, in 
1973 in the USSR the acoustic 
magnetoelectricity effect was discovered. 
The author of the discovery proved the 
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interaction of electrons with ultrasonic waves 
with a 1000-times energy increase. This is 
against the Maxwell theory, which absolutely 
denies effects of the kind. But the limited 
nature of the theory was never accepted. 


However, the examples of the machines in 
action prove that since 1834 when the first 
refrigerator was invented, when the cross- 
Atlantic ships were equipped with low- 


temperature ether-vapor steam-engines, the 
contemporary science had no right to 
introduce 'the second holy principle’, 
especially in the orthodox form of 'the Carnot 
cycle efficiency’. The modern theoretical 
physics cannot provide grounds for the 
negation of creating over-unity devices. That 
is why we should rely on the physicists- 
experimentalists who develop the science in 
a practical rather than theoretical way. 





Alekseenko's Fuel-less Motor 


Magnet 1 - Stator 
Magnet 2 - Rotor 
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Vasiliy E. Alekseenko 
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Editor: it is worth mentioning that the 
first gravitational-wave physical 
mechanism and the mechanism of spin- 
effect "grazer" (gravitational lasers) 
designing were described by S. M. 
Polyakov and O.S. Polyakov in the book 
"An Introduction to the Experimental 
Gravitational Studies", Moscow, 1991. 


After a 7-year research study, a senior 
staff aerospace defense engineer, 
George J. Bugh, concludes 
economically free energy and even 
antigravity are possible. 


A 7-year study of "free energy" devices, 
sometimes called "over unity" devices, 
was done to determine if any of these 
devices generated power by 
transferring energy from unknown 
sources and if so to determine where 
the energy was coming from. Included 
in the study is research of related 
devices with claimed antigravity 


effects. The study attempted to 
determine validity of claims, 
commonalities of device 


characteristics and to determine how 
these devices could work. The results 
conclude that some devices can 
generate economically free 
energy. This study also concludes 
there is a possible link between 
gravity and electromagnetism 
that can be exploited to generate 
antigravity or electrogravity 
effects. 


The majority of the study was to come 
up with a theory to explain how the 
devices could work. In his research, Mr. 
Bugh used mostly — classical 
electrodynamics rather than quantum 
electrodynamics. In Quantum theory, 
the wave-like characteristics of matter 
are described using abstract probability 
waves. However, Bugh proposes that 
the wave characteristics of matter may 


Dr. Ines Espinoza, USA 


email: dr.ines@vasantcorporation.com 


also be described as coming from a very real sea of unseen 
electromagnetic standing waves among all matter. There is a 
slide show presentation at the website that explains the 
differences between the Quantum and Classical way of 
explaining particle interactions. 


According to classical electrodynamics, all electrically charged 
particles, like quarks of protons and neutrons as well as orbital 
electrons for example, should radiate away energy from 
precessional and precessional plus orbital motion. 


Precession 
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Fig.1 
Electron motion 


If in fact this really happens then all electrically charged 
particles can be radiating away energy all the time. However, 
all particles can also absorb just as much energy from all other 
radiating particles. The absorbed energy applies 
electromagnetic forces that naturally move all similar type 
particles into harmonious precessional motions with all other 
particles. This results in a vast sea of electromagnetic standing 
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waves among all matter. Even free particles would move into precessional motions that are in sync with 
the established sea of standing waves. 


symbolic Electron Process in an 
Opposing External Magnetic Field 


yyyyees 





Fig. 2 
Electron precession 


There can be a hidden yet strong tendency towards harmony among all matter in the universe due to 
these unseen standing waves and spin interactions among all matter. This tendency can overcome toa 
great extent the tendency towards chaos and heat death of the universe. This tendency can also be 
exploited to perform work. 





Fig. 3 
Spin wave 


This is an interaction among all matter that Ernst Mach alluded to as necessary to cause matter's 
characteristic of inertia. Einstein later called this Mach's Principle. Einstein studied Mach's ideas while 
developing his theory of General Relativity. 
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Bugh describes inertial resistance to acceleration as caused by electromagnetic forces. Changes in position 
of a mass will cause phase differences to develop between the precessional motions of the particles of 
that mass relative to the sea of standing waves. This in turn causes electromagnetic force that resists a 
mass from changing its position. 


The research papers are published in a book and a CD titled "Spin Wave Technology Initial Release". 


Spin Wave Technology 


Electromagnetic interaction among uncompensated clectron spins 
from gyroscopic precession in an opposing external magnetic field 


Electromagnetic interaction among compensating electron spins 
from gyroscopic precession in magnetic fields manifested from 
apparent relative motion of protons of the nucleus 





Fig. 4. 
Spin wave technology 
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At the end of the book it suggests that it should be possible to create computer simulations of particle 
interactions using classical electrodynamics to demonstrate both inertial resistance and gravitational 
attraction and it should be possible to simulate devices that manipulate these particle interactions to 
demonstrate antigravity effects. 


Resonant Cavity 


Ferromagnetic material 
Antenna & Field Coil 


Distance between resonant cavity 
and the ferromagnetic lasing 
material where both the antenna 
emissions and emissions reflected 
off the cavity walls provide the 
maximum re-enforement of 
coherent electron precession and 
coherent spin waves 


\ 


| 
| 
| 
| 
| 
| 


Distances that will allow an 
integer number of EM waves 
between opposite resonant 
cavity walls at the coherent 


electron pression frequency 





Fig. 5 
Spin wave laser 


More information is available about the research results at the 
website: www.vasantcorporation.com. 
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On Physics of Electromagnetism 
Mechanical Analogue or Pure Mechanics? 


Yury V. Ivanko, Ukraine 


E-mail: uxOlw@hotmail.com 





After publication of the article 1) longitudinal - showing as electric voltage, the gradient of 

"Study of possibility of a high- potentials between the emitter feeding point and the emitter 
cold end, U; 

energy hyper-low-frequency 

electric field" in the "New Energy 2) 

Technologies" magazine, Issue 

#2, 20031am often asked why I 3). radial - showing as the interacting force of two flows - 


have mentioned the Big Bang in magnetic field (attraction/repulsion), H (not to be mixed with 
my hypothesis. the commonly used term of magnetic intensity). 


tangential - showing as amperage - electric current, J; 


I would like to reassure atheists 
since I do not back the Big Bang 
hypothesis. But I had to base 
myself on something. At present 
the origin of the Universe as a 
result of the Big Bang has priority 
and is recognized by the 
academic science. 


Both theorists and experts have 
long noticed a deep analogue 
between vortex motion of air 
currents and electromagnetism. My 
vision of the physics of electricity 
and electromagnetism is fully based 
on existence of a vortex capable 
physical environment. What is 
considered to be and is measured 
as electric voltage, electric 
current, magnetic or 
gravitational interactions is 
nothing but similar- 
originating phenomena - the 
result of vortex flow 
environment affecting our 
detectors - dissimilar 
formations for these vortex 
flows. 


For instance, let us consider three 
vectors for the flow along the skin- 
layer of the line conductor - aerial 
emitter, together with alternating Fig.1 

voltage attached to it (Fig. 1): Interaction of two left-handed homogeneous parallel flows. 
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Let us consider it step by step: 


Consider line conductor AB with length Lin 
free space (Fig. 2). 


A d 
i. sioeeiieielaeieliaeeliaeeiaenioineidanetiaealaeieeaiieaiiaiaataeiiaaiiciaaeeeacelaeaaaamaaaaeetiiedamamiend 
I 
Fig.2 


Line conductor in free space. 


Let us assume that he is not affected by and 
fields. Then the gradient of potentials between 
A and B equals zero. Let us apply sinusoidal 
voltage from the generator output to point A 


(Fig. 3). 
4 





Fig.3 
Sinusoidal voltage at the generator output. 


Let us consider the initial time point t,. The 
generator output voltage is U=0. At time point 
t, the generator output voltage has changed 
and took on value U ,. 


It is necessary to note that (See Fig. 2) the 
propagation speed is finite: c=300000 km/sec. 
Point Bwill"learn" about the voltage alteration 
only in time t ,=t ,+L/c. Therefore, at time point 
t, between points A and B appears gradient of 
potentials Ap =U ,.So what is the direction of 
vector U ,? Right, along conductor AB. 


What practice says 


One should not be a physicist or radio 
mechanic to notice small electro-shock of 
ungrounded metal objects close to aerials of 
powerful transmitters. Specialists term them 
as "electromagnetic inducers". Has an expert 
ever measured the actual characteristic of the 
field intensity distribution along a line 
conductor? Why should he? Everyone knows 
from school lessons how alternating voltage 
is distributed along the conductor, the length 
of which is comparable with the wave length 


(Fig. 4). 
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L=A/'4 L 


Fig.4 
Classical representation of voltage distribution along a 
linear vibrator a) ford, b) ford /2,c) forA/4. 


Now let us consider what experimental 
measurements suggest. 


Anexperiment of measuring the field intensity 
distribution along the line conductor isshown 
below. A classic field indicator (FI), assembled 
as per scheme in Fig.5, was used as an intensity 
measuring instrument. 





Fig.5 
Field indicator principle diagram. 


FI was located in immediate proximity to the 
vibrator but had no galvanic contact with it. 
Experimental frequencies were selected in 


New Energy Technologies, Issue #5-6 (14-15) September - December 2003 


accordance with the standing wave coefficient 
minimum (SWC) ford, 4/2, 4/4. Sinusoidal 
signal generator was connected to one end of 
the vibrator (Fig. 6a). 













Fig.6 
Measured field intensity 
along a linear vibrator. 
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To better understand diagrams in Fig. 6 curves 
are drawn at the upper and lower ends of each 
axis L that corresponds to the vibrator 
location. The curves were run with FI 
horizontally located on both sides of the 
vibrator. 


From Fig. 6d it is clear that the diagram is 
axisymmetric and looks like a conic funnel. 


Meanwhile, the vibrator directional diagram 
measured by the monitor receiver far more 
distant than A, shows the characteristic that 
coincides with the simulated one through the 
Matlab-6 system (See Fig.7). As you can see 
from this figure, the spatial characteristic of 
the directional diagram is in the form of a 
toroid. 


Fig.7 
Matlab-6-simulated directional diagram of the semi- 
wave vibrator 


27 


A series of alterations was made to explore 
vortex ether dynamic processes with variable 
wave length and frequency in line conductors, 
solenoidal and flat coils, etc. 


For certain purposes the solenoidal coil may 
be considered as a shortcut linear vibrator.On 
respective frequencies the field intensity 
distribution along the solenoid corresponds to 
the linear vibrator. This data may prove useful 
to many modern engineers of the Tesla 
transformers and generators. To increase 
voltage on the cold end a toroid capacitor is 
setin the Tesla transformers. Nuclear physicists 
use the hemisphere capacity for the particle 
accelerators. Thus, a voltage of millions of volts 
may be achieved. 


Flat coils are best explored in terms of field 
intensity distribution (See Fig. 8) 





Fig.8 
Field intensity distribution for a flat coil ina closed 
resonance circuit. 


Field intensity distribution on a resonance 
frequency is correct. 


The practical experiment for the case in fig. 
6d has shown that the neon lamp that is 
connected with the vibrator end will be off. 
And this is with a 100 W generator! It is a 
paradox, one would say. The measurement 
diagram shows a'"splash" of the field intensity 
at the vibrator end but we feel nothing. Indeed, 
when the FI is located as shown in Fig.9 for 
A/4, the "electrodynamic vacuum" will 
generate. The device showed "0" intensity, 
which conforms neither with the diagram in 
Fig.6 nor with the diagram in Fig.7. 
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Fig.9 
Field indicator shows "0" - "electrodynamic vacuum". 


The same "vacuum" in the center of tornado 
was observed by people in the epicenter. 


Remember what is measured with the field 
indicator (an ampere meter) along the linear 
vibrator. The Ampere force! 


So, both people and their environment are in 
rotation process. The Earth rotates around its 
axis and around the Sun. The Sun rotates 
around the Galaxy center. The Galaxy rotates 
around the center of the Universe. The 
Universe rotates... 


Every space point has an inceptive rotation 
impulse (torque). Let us remember the 
analogy. Water flowing out of the tub rotates 
counterclockwise in the northern hemisphere 
and clockwise in the southern hemisphere. If 
you seta right-handed torque in the northern 
hemisphere, the water will continue to flow 
counterclockwise. 


The electromagnetism is the same. It has a 
natural left-handed rotation. Nevertheless, 
practical radiotechnology is familiar with 
right-handed fields artificially generated by 
transmitters. 


The commonly used term of magnetic 
interactions is easier to understand if we 
consider the electromagnetic field as a vortex 
flow. Two left-handed homogeneous parallel 
flows are shown in Fig.1. At the point of 
interaction A of vector projection, the speeds 
of flow propagation on section plane A-A have 
opposite direction and compensate each 
other. The actual flow density is p,< p,< p,. 
Reduced pressure occurs at point A. The flows 
are attracted. The resulting attraction vector 
for the whole flow is radially directed. The 
counter parallel flows will have composition, 
ie. overpressure, and will repel. 
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One should note that graphic presentation in 
Fig.1 for vectors H and I for the etherdynamic 
systems is possible only in special cases. In 
dynamic vortex flows the current intensity 
vector is actually directed towards the flow 
movement and coincides with the vector 
direction of its propagation speed (V). The 
resulting vector H remains a radius-vector only 
for the considered point of interaction of two 
flows. The flow energy parameters are defined 
by its propagation speed V (Fig.1). 


Iam convinced of existence of ether vortex 
flows in the Universe. Modern astronomic and 
cosmological surveysconfirm my hypotheses 
of aether Hyper-fields existence ona Universal 
scale. 


The commonly used 
term of magnetic 
interactions 
is easier to 


understand if we 
consider the 
electromagnetic 
field as a vortex 
flow. 





Even an amateur in aerodynamics and dynamic of 
gas vortex may make cosmological conclusions: 


vortex initiation implies the initial gradient 
flow of at least two counter flows, 


# energy parameters of the emerging vortex flow 
can not exceed those of the parent flows 


@ there exist ether flows with energy exceeding 
that of our Universe 


@ our Universe has not originated from a point 
and is not finite. It is the spiral (vortex) structure 
of our Universe that testifies against the Big Bang 
hypothesis. 
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Conclusions: 


Practical radiotechnology is familiar with the 
key difference between the field intensity 
distribution diagrams of aerial emitters in near 
and far zones. After combining diagrams 6d 
and 7b (Fig.10) it is possible to draw certain 
conclusions. 


When transverse waves (tadio waves) are 
formed around the aerial vibrator, the double 
transformation of the initial flow geometry 
Starts: 


¢ thefirst flowisa homogeneous spiral 
flow on the conductor skin-layer; 


+ the second flow is a non- 
homogeneous vortex flow of the near 
zone; 


¢ thethird flowisatoroidal flow ofthe 
far zone. 


The toroid volume alteration in the far 
zone (as per the transmitter vibration 
frequency) forms volumetric planar 
transverse vibrations (spherical waves) 
that are called electromagnetic or radio 
waves. The gradient of potentials 
alterations (as per the transmitter 
vibration frequency) provoke changes 
of the Coulomb plane, which form 
longitudinal vibrations with a narrow 
directional diagram. 
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The longitudinal flow is assumed to be formed 
as a chain of toroids (like smoke rings) 


- all reasons for the transverse wave phase 
lagging with the increase of distance from the 


emitter, are also evident; 


besides the toroid that forms the 
transverse wave, the second flow generates a 
crucially new radiation that has avery narrow 
directional diagram along its longitudinal axis, 


Ether-dynamic approach provides grounds for  - 
more substantial conclusions and 
assumptions. A new approach to energy and 
communication systems is made real. Further 
results of the experiments with transmitters 
and aerials, assembled on ether-dynamic 
principles, enabled to draw the following 
conclusions: 


- the aerial ignores wave geometry for the 
second flow and its longitudinal derivative; 


- the radiation along the second flow axis 


has avery high penetrating power; 
- allreasons, preventing transformation of Een 8P 


the transmitter power into the power of - _ the radiation along the second flow axis 
transverse radio waves, are evident; has no signs of polarization. 


The list of references is not shown in this article due to its size. It can be looked up at 
www.efir.com.ua. 





In October 2003 the second stage of the research on the “time control” was completed. In the 
photo below you can see Chernobrov V. A. and Frolov A. V. in the laboratory, October 31st 
2003. 


The second stage conclusions are quite interesting, however the usage of timers (chronometers) 
as detectors is proven to be inappropriate for they are subject to magnetization and their 
indication variations cannot be reliable in this case. 


The next stage will feature the following method of detection of the time rate changes (the 
rate of the matter existence) that is the radiation wave-length measurement. Ifit is possible to 
achieve significant results then we will be able to detect the change of the laser ray colour in 
the area of the effect andits linear path 
deviations. The experiments will be held 
to register the weight changes of the 
detector at the expected influence of the 
produced effect on the ether density. 


Our company looks for cooperation 
with corporations, which are interested 
in the application aspects of these 
technologies. 


Frolov. V. 

General Director, Faraday Lab Ltd 
7-812-3803844 

http://www .faraday.ru 
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Ph. M. Kanarev, A.I. Tlishev, Russia 
E-mail: kanphil@mail.kuban.ru 


The main task of the experiment was 
to check the hypothesis: 
"Electrodynamic influence on the water 
molecules gives the possibility to 
significantly reduce energy expenses on 
destruction of their chemical bonds; 
further fu-sion of these molecules 
considerably increases the output of 
additional energy in the form of heat". 





In order to solve this task, special 


experiments were carried out as regards the electrodynamic destruction Photo of the Thin 
of chemical bonds of water molecules by electric pulses of various Plasmaelectric Heat 
frequencies. Generator 


CHECK TEST RECORD FOR PLASMAELECTRIC HEAT GENERATOR 
Table 1 
a eS eS 


temperature of solution at the input of the reactor ¢,, degrees 
temperature of the solution at the output of the reactor ¢,, degrees 65.67 


4 | temperature difference of the solution AF t, - t,, degrees 44 43.67 


durability of the experiment AT, s 
6 | reading of voltmeter V, V 
(oy 


Reading of oscillograph , U,V 


a electric power consumption according to indices Pe ree 
of voltmeter and ammeters, E,= I-V-Art, kJ 2.84 | 284 |] 2.84 | 2.84 

power the heated solution, E,= 4.19-m-Arz, kJ 
reactor efficiency index K = E,/ E, 28.04| 28.17 


Supply voltage and current were measured with the help of a voltmeter, an ammeter and an 
oscillograph (Fig. 1-4) 
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Fig. 1 
Voltage 


Fig. 2 
Voltage 





Fig. 3 
Current 


Process parameter calculation according to the 
oscillograms (Fig. 1-4) to the check test record 
(Table 1) gave the following results: 


@ Pulse scale 10. 
@ Average voltage amplitude according to Fig.1 


and Fig. 2: Ua,, = (23+25+28+10+26+29) x 10/6 = 
235 V. 


@ Average current amplitude according to Fig. 3 
and Fig. 4: Ia,, = (20+6+17+7+10+19+3) x 10/7 = 
117A. 


@ Pulse repetition period T = 7.4 ms. Pulse 
duration t, = 0.28 ms. 


@ Pulse frequency f = 1000/7.4 = 135.1 Hz. 
Relative pulse duration S = 7.4/0.28 = 26.32. 


@ Space factor Z = 0.5/26.32 = 0.019. 


@ Average pulse voltage U,,= 0.019 x 235 =447V. 


Fig. 4 
Current 


@ Average current in pulses I, = 0.019 x 117 = 
2.22 A. 


Thus, it is possible to consider that the 
experimental test of energy efficiency of the 
water electric heat generator with the help of 
two methods gives practically identical results 
and confirms the above-mentioned hypothesis 
concerning the possibility to 
generate additional energy in _ the 
processes under consideration. It should be 
noted that as during measurements the pointer 
instruments of high class 
of accuracy of 0.2 have been used (relative 
conventional gauging error does 
not exceed 0.2%), and _ oscillographic 
measurement accuracy is much lower 
(usually, about 5%), the 
readings of the voltmeter and 
the ammeter should be considered more 
accurate. 


Commercial efficiency of the water electric heat 
generator will depend on pulse generator 
economy. Since effi-ciency of powerful pulse 
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generators can be near one unit, energy 
efficiency in industrial plants that use the con- 
sidered heat generators should not differ greatly 
from the data obtained during laboratory 
research. 


Simplicity and one hundred per cent 
reproducibility of the described experiments 
open a prospect for quick commercialization of 
the water electric heat generator. 


REFERENCES 


1. Kanarev Ph.M. The Foundation of Physchemistry of 
Microworld (the second edition). (In Russian) 
http://www.ikar.udm.ru/sb28-2.htm 

2. Kanarev Ph.M. The Foundation of Physchemistry of 
Microworld. The second edition. (In English). 
http://book.physchemistry.innoplaza.net 

3. Kanarev Ph.M. Water Electric Generator of Heat. 
http://Kanarev.innoplaza.net 


Professor Kanarev looks for co-projects with prospective investors. 





Don Smith is a University degreed 
professional in science & engineering. Served 
in three wars, WWII, Korea and Vietnam. He 
has enjoyed a long and successful profession 
as an executive in the petroleum industry. His 
life long outside interests include electronics 
and engineering. A popular walk on substitute 
for University Professors in physics, 
chemistry, biology and computer assisted 
drafting. Teaching style similar to Richard 
Feynman. He enjoys celebrity status in Japan 
and Saudi Arabia. 


About 20 years ago, the book "Inventions, 
Researches and Writings of Nicola Tesla", 
resulted in his reconstructing, as a way of 
understanding the many theories and devices 
shown in the book. From this encounter, a very 
strong bonding resulted. The object then 
became putting his thinking inside that of 
Tesla, such that expanding upon and 
extrapolating areas not yet reached by Tesla. 


Review 


TransWorld Energy, 


8110 Bent Oak Lane Spring, Texas 77379, USA 


Email: donsm1@earthlink.net 
http://altenergy-pro.com 


Technological advances in materials provide 
sourcing for devices not possible at earlier 
periods. For example, magnetic permeability 
which is the counter part of negative 
resistance is an open field for experimentation 
today. 


Don does not sell his inventions, but trades 
licenses for shares in companies which then 
incorporate the new technology into their 
marketing systems. As such, he is on the Board 
of directors of several well established 
ventures located in Japan, Brazil, Mexico and 
Saudi Arabia. 


Successful reproductions of Don's technology 
are present in Finland, Saint Petersburg - 
Russia, Yugoslavia, Romania, Japan, Hong 
Kong, and numerous other Countries. His 
book "Resonance Energy Methods" has a 
circulation of 40,000 copies in worldwide in 
many languages. 
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Abstract 


Mr. Don Smith has discovered that Ohm's Law of Resistance does not apply to Magnetic 
Resonance that travels unrestricted for great distances. Therefore, multitudes of electrons are 
disturbed. The Magnetic moments are translated into usable electric energy. The Magnetic 
Dipole provides an unlimited source of electrical current. Mr. Smith's "Dipole Transformet" 


has been pending since last September. 


i2 Volt 7 Amp Battery 


ee — 


Don Smith's 
Rotating Seperator Coil 


Rotating Magnetorestrictive Metal Wheel 


ge 
r ft: 


Capacitors 





Fig.1 
Smith's Energy Receiver 


Useful energy occurs as the result of 
imbalances of ambient background energy 
and it is a transient phenomenon. In 
conventional circuits, the electrical field is in 
a closed system that is damped out with heat 
loss, which severely limits its utility. The flip 
side of the electron generates magnetic 
waves, which is an open system, not 
subjected to heat loss. These being 
unrestricted are the universal source of 
energy. Universally present electrons 
are flipped to their electrical position, 
resulting in useful energy. When properly 
constructed an electrical circuit can become 
self sustainable once started. An obvious 
corollary would be that the number of radio 
or television receivers in operation does not 
deplete the magnetic wave source providing 
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the service. The keysource ofunlimited energy 
is Magnetic Resonance. To understand this 
requires putting a stake through outdated 
physics. An obvious example is the piano 
where the keyimpacts the one note giving one 
sound, which resonates with its two side keys 
providing a much higher level. Magnetic 
Resonant Energy clearly amplifies 
demonstrating more energy out than in. 
Excess energy consequent to a reaction 
is called Free Energy and can be very 
large as is in the case of Magnetic 
Resonance. The intentionally ignorant 
physicist makes a habit of ignoring this fact. 


Useful electricity is obtained from disturbed 
electrons, which radiate magnetic fields and 
waves. The generator disturbs and collects this 
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Fig.2 
D. Smith's Energy Receiver 


emitted electron energy. These electrons remain fullyin 
tact and undiminished until the end of time. This Energy 
is free and the cost of accessing it depends on the 
ignorance of the collector. With an appropriate collector 
system an unending source of environmentally benign, 
inexpensive, available energy everywhere, is provided. 


Editor: in September 2003 
Donald Smith took part in the 
annual "Inventor's Week-end" 
Conference where he 
presented the report on his 
invention. In this issue you can 
find more details on the 
conference. 


It is worth of a note that we 
have received a number of 
negative comments on this 
inventor's work. However, 
we thought his articles to be 
quite interesting and decided 
to publish them. We would be 
glad to get readers' comments, 
who are familiar with the work 
and inventions of Donald 
Smith. 






In our lab we are still working at the 
optimization of the alternator design (electro- 
magnetic generator with the permanent 
magnets). We have introduced the drum rotor 
instead of the disk rotor into the new design 
of the alternator. The operation mechanism 
is the same, namely, the alternation of the 
magnetic flux near the generator coils occurs 


as a result of the rotating elements operation 
Disk permanent-magnet generator of the rotor, which"shunt" the magnetic flux. 


Faraday Lab Ltd 


Frolov AV. 
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Strategies for Launching 
a New Over-Unity Device 





Ryan S. Wood, USA 
14004 Quali Ridge Drive, Broomfield, CO 80020 


Problem description: With any singly successful 
ovet-unity energy device comes a host of business, 
technical and financial problems and 
opportunities. A public announcement 
permanently will lead to a "Pons & Fleishman" 
effect that at best delays public success and at worst 
derails the entire technological effort. Careful 
attention needs to be applied to the marketing 
launch, replication, patents, legal defense and 
finances. 


Potential Solution: With a few working devices 
that generate100-500 horsepower it is relatively 
easy to hook these units to the electrical gird and 
generate monthly checks from the utilities. The 
law states that major utilities must purchase 
electricity from any supplier at "cost avoidance" 
rate now typically, between 6 and 10 cents per 
kilowatt-hour. This law, California Public Utilities 
Commission - Rule 21, for example, is designed 


to help small hydro-electric producers and solar 
or wind farms. There is a safety requirement of grid 
transfer switches, but they are not terribly 
complicated or expensive. The entire equipment 
set-up must be approved by the utility, however, 
if you start with a diesel electric generator or small 
hydro plant it can be approved, operating and 
stable before the clandestine switch or hybrid 
operation with an over-unity machine. The law is 
strongly supportive of the energy producer and 
disconnection for non-safety or maintenance 
reasons is exceeding rare. 


A key benefit of this approach is that you have 
established repeatability by having multiple 
working sites, you have established that it can 
generate money and the technology does real work 
and you have created several independent 
locations where press and scientists can visit to 
validate the over-unity effectiveness in-situ. 


Typical revenues would be as follows: 


Annual $, 90% uptime @ 6 c/kWh 


Monthly payment @ 6 c/kWh 


Annual $, 90% uptime @ 10 c/kWh 





$35,100 | $70,199 | $105,299] $140,398] $175,498 
| $2.92 | $5,850 $8,775 } $11,700 | 


$58,499 | $116,999 $ 233,997 | $292, 496 


$ | $14,625 | $14,625 


Monthly payment @ 10 c/kWh $4,875 | $9,750 | $14,625 | $19,500 | $24,375 


It will take money without the strings of 
investors to champion and defend a new 
breakthrough technology into the energy 
marketplace and this strategy offers a quiet way 
to prepare for the ultimate launch and resulting 
scientific and media frenzy that will ensue. It 


will take years for the business to form, 
products to be built and marketing and 
acceptance and industry confidence to be 
established. All during those years this strategy 
can generate cash to support engineering and 
operations. 


Please call if there are questions at 303-941-9663 (cell), 
Home: 720-887-8071 
Ryan S. Wood 
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The Hutchison Effect — 





An Explanation 


Mark A. Solis, USA 
http://www.geocities.com/ResearchTriangle/ 
Email: your_neighbor_2000@yahoo.com 


People often ask, "What exactly is the 
Hutchison Effect?" This brief essay is an 
attempt to answer that question to the 
satisfaction of the majority. First of all, the 
Hutchison Effect is a collection of 
phenomena which were discovered 
accidentally by John Hutchison during 
attempts to study the longitudinal waves of 
Tesla back in 1979. In other words, the 
Hutchison Effect is not simply a singular 
effect. It is many. 


The Hutchison Effect occurs as the result of 
radio wave interferences in a zone of spatial 
volume encompassed by high voltage 
sources, usually a Van de Graff generator, and 
two or more Tesla coils. 


Editor: We can call this effect "The H. 
Wells Effect" because he was first to 
describe it in his book "The Invisible 
man". The main character of the 
book used two sources of electro- 
magnetic vibrations and Wells said 
that they were not Hertz waves but 
something else. "But the essential 
phase was to place the transparent 
object whose refractive index was to 
be lowered between two radiating 
centers of a sort of ethereal 
vibration..."("The Invisible Man", 
chapter 20). 


A. V. Frolov 
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The effects produced include levitation of 
heavy objects, fusion of dissimilar materials 
such as metal and wood, the anomalous 
heating of metals without burning adjacent 
material, spontaneous fracturing of metals 
(which separate by sliding in a sideways 
fashion),and both temporary and permanent 
changes in the crystalline structure and 
physical properties of metals. 


Fig. 1 represents the proof of Hutchison Effect 
based on metal blocks. Deformation occurred 
at room temperature as a result of complex 
interaction of electromagnetic fields. 


The levitation of heavy objects by the 
Hutchison Effect is not - repeat not - the result 
of simple electrostatic or electromagnetic 
levitation. Claims that these forces alone can 
explain the phenomenon are patently 
ridiculous, and easily disproved by merely 
trying to use such methods to duplicate what 


oy 





Fig.1 


Cold melting of metals 


The upper left: steel, The lower left: aluminium with coin prints and with a coin inserted in a partially open split, 
The lower right: fully torn aluminium bar; The middle upper and right: a section part of the aluminium block, 
into which a wood block is fused (brown matter) 


http://www.rumormillnews.com/JOHN-HUTSHISON2.htm 


the Hutchison Effect has achieved, which has 
been well documented both on film and 
videotape, and has been witnessed many 
times by numerous credentialed scientists 
and engineers. Challengers should note that 
their apparatus must be limited to the use of 
75 Watts of power froma 120 Volt AC outlet, 
as that is all that is used by Hutchison's 
apparatus to levitate a60-pound cannon ball. 


The fusion of dissimilar materials, which is 
exceedingly remarkable, indicates clearly 
that the Hutchison Effect has a powerful 
influence on Van der Waals forces. In a 
striking and baffling contradiction, dissimilar 
substances can simply "come together," yet 
the individual substances do not dissociate. 
A block of wood can simply "sink into" a 


metal bar, yet neither the metal bar nor the 
block of wood come apart. Also, there is no 
evidence of displacement, such as would 
occut if, for example, one were to sink a stone 
into a bowl of water. 


The anomalous heating of metal without 
any evidence of burning or scorching of the 
adjacent materials (usually wood) is a clear 
indication that possibly the nature of heat 
may not be completely understood. This 
has far-reaching implications for 
thermodynamics, which hinges entirely on 
the presumption of such knowledge. It 
should be noted that the entirety of 
thermodynamics is represented by the 
infrared portion of the electromagnetic 
spectrum, which is insignificant in a 
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context of O Hz to infinite Hz. The 
anomalous heating exhibited by the 
Hutchison Effect shows plainly that we have 
much to learn, especially where 
thermodynamics and electromagnetism 
meet. 


The spontaneous fracturing of metals, as 
occurs with the Hutchison Effect, is unique for 
two reasons: (1) there is no evidence of an 
"external force" causing the fracturing, and (2) 
the method by which the metal separates 
involves a sliding motion in a sideways 
direction, horizontally. The metal simply 
comes apatt. 





Doctor John Hutchison 


Some temporary changes in the crystalline 
structure and physical properties of metals are 
somewhat reminiscent of the "spoon 
bending" of Uri Geller, except that there is no 
one near the metalsamples when the changes 
take place. One video shows a spoon flapping 
up and down like a limp rag in a stiff breeze. 
In the case of permanent changes, a metal bar 
will be hard at one end, like steel, and soft at 
the other end, like powdered lead. Again, this 
is evidence of strong influence on Van der 
Waals forces. 


The radio wave interferences involved in 
producing these effects are produced from as 
many as four and five different radio sources, 
alloperating at low power. However, the zone 
in which the interferences take place is 
stressed by hundreds of kilovolts. 


It is surmised by some researchers that what 
Hutchison has done is tapinto the Zero Point 
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Energy. This energy gets its name from the 
fact that it isevidenced by oscillations at zero 
degrees Kelvin, where supposedly all activity 
in an atom ceases. The energy is associated 
with the spontaneous emission and 
annihilation of electrons and positrons 
coming from what is called "the quantum 
vacuum." The density of the energy 
contained in the quantum vacuum is 
estimated by some at ten to the thirteenth 
Joules per cubic centimeter, which is 
reportedly sufficient to boil off the Earth's 
oceans ina matter of moments. 


Given access to such energies, it is small 
wonder that the Hutchison Effect produces 
such bizarre phenomena. At the present time, 
the phenomena are difficult to reproduce 
with any regularity. The focus for the future, 
then, is first to increase the frequency of 
occurrence of the effects, then to achieve 
some degree of precision in their control. 


The spontaneous fracturing 
of metals, as occurs with the 
Hutchison Effect, is unique for 
two reasons: there is no 
evidence of an "external 


force" causing the fracturing, 

and the method by which the 
metal separates involves a 
sliding motion in a sideways 
direction, horizontally. The 
metal simply comes apart. 





Editor: On November 17th 2003 we 
got to know that the inventor John 
Hutchison can eventually lose his 
home laboratory. The property can be 
confiscated upon court order due to 
neighbours' complaints. Apparently, 
it is dangerous to conduct 
experiments of the kind at home and 
even within a town. We wish him 
success! 


A. V. Frolov 
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A SIMPLE DEVICE FOR HEAT 
TO ELECTRICAL ENERGY CONVERSI 
BY MEANS OF FERROELECTRICS _ 






A. Ries, A. Z. Simoes, M. A. Zaghete, J. A. Varela, 
Institute of Chemistry, Universidade Estadual Paulista, Rua Prof. Francisco Degni s/n, 
14801-970 Araraquara-SP, Brazil 
Email: ries@posgrad.ig.unesp.br 


E. Longo, 
Department of Chemistry, Universidade Federal de Sao Carlos, Rodovia Washington Luis - km 235, 13565-905 
Sao Carlos-SP, Brazil 


Introduction 


A few years ago, Zaev [1, 2] demonstrated 
experimentally the possibility of heat to 
electrical energy conversion by means of 
ferroelectrics. A capacitor filled with a 
ferroelectric material was charged and 
discharged periodically at a temperature just 
a little lower than the Curie point. According 
to Zaev, the capacitor must have a nonlinear 
capacitance dC/dV > 0, which means the 
capacitance increases with rising voltage. 
Besides these experimental results, it was 
proven by a theoretical calculation that the 
electrical energy obtained during discharging 
can reach up to 1.35 of the energy introduced 
to charge the capacitor. The present paper 
presents an inexpensive and simple electric 


140900) 
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circuit which can be used to prove heat to 
electricity conversion experimentally. 
Moreover, the physical mechanism of heat to 
electricity conversion is explained in the form 
ofa thermodynamic cycle. 


Thermodynamic cycle for energy 
conversion 


The following thermodynamic cycle is 
composed of four reversible steps. It works 
only at a temperature just a little lower than 
the Curie point, where the dielectric constant 
is highly temperature dependent. Fig. 1 shows 
the relative dielectric constant of a 
representative ferroelectric ceramic as a 
function of temperature. 





40 45 $0 $5 GO 65 70 73 SO a 


Temperacure?C] 
Fig. 1 
Relative dielectric constant versus temperature for a barium strontium titanate ceramic (80% Ba, 20% Sr) 
prepared by the author. Curie point = 55°C. 
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As it can be seen, just below the Curie point in 
the range from 50 to 55°C, small changes of 
the temperature cause high changes of the 
dielectric constant. 


Furthermore, to understand the conversion 
mechanism, it is necessary to understand the 
electrocaloric effect. When an electric field 
is applied to a dielectric medium, the latter 
is polarized. For ferroelectric materials, the 
parallel domain alignment is the most 
important part of the total polarization. 
During the successive alignment of the 
domains, some material parameters in 
particular entropy, heat capacity and 
temperature change. Since the material 
possesses less degrees of freedom in the 
polarized state, its entropy and heat capacity 
are reduced. As a consequence, provided that 
no heat exchange with the environment is 
possible (adiabatic conditions), the 
temperature increases. It is very important 
to understand that the energy for warming 
of the dielectric is not taken from the 
polarizing electric field. The increase in 
temperature is a result of the decreased heat 
capacity only. 


From this, it can be derived easily what means 
"nonlinear capacitance". 


When a capacitor is charged adiabatically 
which means its voltage increases faster than 
any heat exchange with the environment is 
possible, due to the electrocaloric effect, the 
temperature of the dielectric must also increase. 
As it can be seen from Fig.1, below the Curie 
point, an increasing temperature leads to a 
higher dielectric constant. Assuming that both 
temperatures, the one before chargingand the 
other after charging are still below the Curie 
point, one can say that the dielectric constant 
increases with an increase in voltage. 


Since the capacitance is proportional to the 
dielectric constant, the capacitor has a 
nonlinear characteristic dC/dV > O. In the 
same way it can be concluded that adiabatic 
charging just a little above the Curie point 
reveals a nonlinear capacitor characteristic 
with dC/dV <0. 


Quantitative experimental measurements on 
the electrocaloric effect in some 
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representative ferroelectric and 
antiferroelectric materials were published by 
Thacher [3]. 


STEP 1: Adiabatic charging 
of the capacitor 


We consider a capacitor filled with a 
ferroelectric medium at an environmental 
temperature alittle lower than the Curie point. 


An adiabatic charging ofa capacitor (no heat 
exchange) effects an increase in temperature 
and capacitance due to the electrocaloric 
effect. We assume that this increase in 
temperature is so small that the temperature 
remains below the Curie point. Finally, the 
capacitor is completely charged while the 
dielectric medium has a higher dielectric 
constant and therefore a higher capacitance 
than it posseses at the environmental 
temperature. 


To go further to step 2, the capacitor is hold 
under conditions where no discharge is 
possible, e.g. itis disconnected from the power 


supply. 
STEP 2: Thermal equilibration 


After a short time, the charged capacitor has 
cooled down to the environmental 
temperature. While cooling down, the 
dielectric constant and capacitance decrease. 
But the charges of the capacitor plates remain 
constant. As a consequence, the voltage and 
the electrical energy increase. This can be 
readily recognized from the general capacitor 
equation g=C V (q=charge, C=capacitance, 
V =voltage): 


q=constant=C,V,=C,V, 


STEP 3: Adiabatic discharging of the 
capacitor 


While discharging the capacitor the 
temperature and capacitance decrease (again 
heat capacity changes) due to the 
electrocaloric effect, leading to a further 
increase in the available electrical energy. The 
ferroelectric medium posseses now a final 
temperature below the temperature of the 
environment. 


4l 


STEP 4: Thermal equilibration 


In order to proceed with step 1, it is necessary to reach the environmental temperature. An 
inflow of heat from the environment to the dielectric material is required. 


Electric circuit to observe energy conversion 
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Fig. 2 
Electric circuit for testing the energy conversion effect. The connections to the square wave generator are labeled 
with OV and +/- 5V, the resistors Rb are to adjust the maximum base current of the transistors. 


Assuming the experimenter has a nonlinear 
capacitor, the set-up shown schematically in 
Fig. 2 is proposed as a possible conversion 
device. The circuit contains two different types 
of transistors (NPN and PNP) which fulfill here 
the function ofa switch. 


The NPN junction transistor consists of two 
n-type semiconductors (called the emitter and 
collector) separated by a thin layer of p-type 
semiconductor (called the base). On the other 
hand the PNP junction transistor consists ofa 
thin layer of n-type semiconductor lying 
between two p-type semiconductors. The base 
is the ON/OFF switch for the transistors. Ifa 
current flows to the base, there is a path from 
the collector to the emitter, where a current 
can flow (switch is ON). If there is no current 
flowing to the base, then no current can flow 
from the collector to the emitter (switch is 
OFF). 
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The charging-discharging process is 
controlled by asquare wave generator which 
produces an output signal switching from+5V 
to -5V. The switching frequency is adjustable 
from 0.1 Hz up toat least 10 kHz. This output 
signal is applied to the bases of both 
transistors. 


During the time the square wave generator 
Output signal is +5V, a base current flows 
through the base-emitter junction of the NPN 
transistor which creates a low resistance path 
between the collector and the emitter. As a 
consequence, the capacitor is charged by the 
battery. The collector-emitter junction of the 
PNP transistor has a very high resistance, 
because here no base current flows. 
Therefore the capacitor is not discharged at 
the same time. When the output signal 
switches to -5V,a current flows to the base of 
the PNP transistor and not to the base of the 
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NPN transistor. Now the capacitor is 
discharged. 


In order to understand the function of the 


inductance in Fig. 2, we analyze the 
thermodynamics of the charging process. 


K 


IPA 


Fig, 3 
Simple circuit for charging a capacitor 








If a linear capacitor of capacitance C is 
charged to a voltage V through the load R 
according to Fig. 3, the energy W =0.5 CV7is 
stored in the capacitor. During the charging 


If the number of steps N tends to infinity, the 
heat Q tends to zero. 


This energy loss in the load dramatically 
influences the efficiency of any 
conversion device and must be taken 
into account, otherwise all 
experimental attempts to observe 
energy conversion would fail. 


A more detailed discussion on charging a 
capacitor and the unavoidable energy losses 
was given by Heinrich [4] and Gupta et al. [5]. 


The inductance in the circuit (Fig. 2) effects a 
slower rising of the current during the 
charging process (due to self induction) and 
can reduce the heat generated in the load 
dramatically. 
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The Gates Motor 
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A. Akau, USA 
Email: adrianakau@aol.com 
The Gates motor company has produced 
a motor that does not run on fossil fuel 
or on electricity. It comes in a 28 HP and 
a 5,000 HP version. When linked to an 
electric generator, the larger motor will 
produce 2,200 kW. 


My name is Adrian Akau. Iam a recently 
retired school teacher, having taught 
science and math in the public school 
system, state of Hawaii for the past 36 
years. One of the classes I taught was on 
energy. 


Our world should be reaching the half- 
way mark in easily accessible oil by about 
the year 2016. Since the rate of oil usage 
is becoming higher each year, it is unlikely 
that the oil supply will last as long as the 
140 years since the first well was drilled 
in Pennsylvania. We will become more 
dependent upon OPEC with all the 
political pressures and problems that 
accompany this type of dependency. As 
the easy oil is consumed, we must look for 


ways to extract less accessible oil such as 
from shale. The added expense will be 
passed on to the consumer. 


The burning of coal is not the answer 
either because coal cannot supply 
convenient energy as does oil. An oil- 
based economy cannot transfer over 
readily to natural gas; there is not 
enough natural gas available and it is 
again, not a convenient and 
concentrated source as is oil. We also 
have serious pollution problems with 
the burning of fossil fuels (natural gas 
being the exception) but the burning of 
all fossil fuels have contributed to the 
serious problem of global warming. 


It may take all of 50-80 years to transfer 
to a non-fossil fuel economy. The 
transfer must be made slowly so as not 
to disturb the infrastructure of our 
economy which is presently based upon 
fossil fuels. We must gradually create a 
new infrastructure that is non-fossil fuel 
dependent. 


The motor incorporates a 
unique spring configuration to 





provide rotation 


The production model of the motor is 
24 inches high by 48 inches in length. 
Connected to a generator it will provide 
sufficient power for about eight 
hundred US homes. It is designed to be 
tough and to last a long time. It uses a 
high grade airplane synthetic engine oil 
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to prevent friction and the build up of 
heat. Only the oil filter needs to be 
changed. The motor has special needle 
bearings and portions of the motor are 
made of high quality steel. 


The Gates motor is designed to run 24 
hours/day, 365 days/year without 
incurring any fuel costs. The larger size 
motor would come in pairs; the spare 
motor being used as a back-up unit 
should the regular motor be turned off 
for maintenance such as to change the 
oil or in case there should be any 
problems with the first motor. The 
company is willing to enter into a 
contract for maintaining the motor 
after installation. 


The Gates motor represents a major 
breakthrough in motor design 
technology and provides practical 
solutions to environmental and fuel 
conservation concerns. Finally, a 
completely mechanical motor has 
been developed. It can deliver the 
power needed in a wide variety of service 
applications without any waste products 
Or emissions to adversely affect the 
environment. This revolutionary new 
motor utilizes spring power technology. 
Unlike conventional motors which must 
reach a maximum rpm level before the 
desired horsepower, the Gates motor 
provides maximum horsepower 
instantly by virtue of the torque stored in 
the springs. 


The basic operating principle of the 
Gates motor involves a series of 
springs configured to provide the 
required motor rotation and power 
delivery. Consider, if you will, the 
operating principle of a grandfather 
clock. Once the clock is wound, it 
continues to operate until it runs down 
and stops. The springs must then be 
rewound so it will operate again. Suppose 
the clock is continually being rewound 
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as it operates. Then the clock would run 
continuously. This condition is what forms 
the basis for the operating principle of the 
Gates motor. The motor incorporates a 
unique spring configuration to provide 
rotation. The springs inside the motor are 
wound and preset at the factory at the time 
the motor is assembled. The amount of 
torque wound into the springs at the 
factory determines the horsepower of the 
motor. Inside the motor are a multiple of 
springs positioned horizontally in a 
circular arrangement. As the motor 
operates, the springs are unwound a set 
number of degrees. A double ratchet 
system at one end of the motor rewinds 
the degrees used back into the springs. As 
the springs are unwinding, the power 
generated from all the springs reset 
each spring (one at a time) during 
each revolution of the motor. It is this 
reset action that produces and delivers 
power from the springs to the flywheel 
located at the opposite end of the motor. 
The flywheel serves to ensure the smooth 
operation of the motor and to convert the 
springs into useable horsepower. The 
smaller motor has 50 foot pounds of 
torque at a shaft speed of 3000 RPM and 
will produce 28 HP. The HP can be altered 
by factory adjustment. The speed of the 
engine is controlled by a hydraulic pump 
which provides pressure upon the power 
shaft. 


Contacts: Gates Motor Corporation, 
P.O. Box 715, Hauula, HI, USA 96717 
Email:gagates@earthlink.net 


Editor: We tried to get the video of this 
device operation from Gates Motor 
Co., but after a long consideration it 
was not provided since the authors 
are competitor-cOnscious. 
Alexander V. Frolov 
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Cold Electricity 


Adrian Akau, USA 
Email: adrianakau@aol.com 





Dr. Peter Lindemann in his book "The Free 
Energy Secrets of Cold Electricity" presents 
the story of this type of electricity which really 
is not electricity as electricity is normally 
meant to be understood. Cold electricity 
behaves differently than normal electricity. 
Regular electricity may be used in the process 
to generate this cold form but this 
transformation is not the type of change in 
voltage and current that occurs in a 
transformer. Rather, it is the extraction of a 
form of current from "normal" electricity by 
a process that uses high voltage. 


In discussing the Edwin Gray motor, Dr. 
Lindemann relates a demonstration by Gray. 
Gray used a 6 volt car battery with lead wires 
running to a system he had devised using a 
voltage booster and a series of capacitors 
which raised the voltage to 3,000 volts. He 
then closed a switch that ran the high voltage 
into two electromagnets which caused a loud 
popping sound and cause the top 
electromagnet weighing a pound anda 
quarter to be propelled over two feet into the 
air. Gray claimed that only 1% of the system's 
energy was used with 99% going back to the 
battery. He said that he had 'split the positive’ 
with his system. 


Other evidence of using this fractionated 
electricity was Gray's use of a small 
motorcycle battery (15 amps which would 
normally produce W=V x A=6 Vx 15 A=90 
watts) to run concurrently six 15-watt 
electrical light bulbs, a portable 110 volt T.V. 
set and two radios. A glowing 40 watt light 
bulb running off the system was dropped into 
water without the glass breaking; the bulb 
gave off light but not the heat that 
accompanieda bulb run by regular electricity. 


This would mean that tungsten in the 
filament of the light bulb was not resisting 
the flow of this fractionated electricity and 
that this "cold electricity" was causing the 
luminous glow bysome other means. 


According to Gray's Patent #4,595,975, low 
voltage was chopped into pulsating DC by 
passing it through a multi-vibrator (buzzer 
like a door bell). Then the pulsed DC was sent 
through the low voltage winding (primary) 
of a transformer which changed it to 
pulsating high voltage DC current at the 
secondary side. The pulsating high voltage 
DC was rectified by a full wave bridge and 
changed into high voltage DC. 


The high voltage DC was used to repeatedly 
charge a capacitor as the current was sent 
to briefly discharge across a spark gap (rated 
at 3000 volts). The discharge of the spark 
across the gap had to be in one direction 
only and its duration was controlled by the 
size of the capacitor and by the strength of 
a magnetic field encompassing the gap. This 
magnetic field had a quenching effect 
because it caused a back EMF each time the 
discharge occurred. The current from the 
discharge across the gap was then sent 
through a resistor and then to a vacuum 
tube (the conversion switching element 
tube). 


Another of Edward Gray's patents "Efficient 
Electrical Conversion Switching Tube 
Suitable for Inductive Loads" (April 1987, 
patent 4,661,747) described the switching 
tube. It utilizes a low voltage anode (positive 
plate), a low voltage anode (positive plate) 
and one or more electro-static or charge 
receiving grids (located between the positive 
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plates and the cathode or negative plate 
supplying the electrons). This tube's function 
was to 'split the positive’. A normal vacuum 
tube usually uses only a single anode at a 
particular voltage to control the voltage flow 
within the tube. The function of the charge- 
receiving grids was to collect the "cold 
electricity". 


The most unusual part of this Power Supply 
circuit consisted of devices specifically 
designed to remove excess energy when the 
Switching Tube was functioning. Aspark-gap 
protection device, served to "protect the 
inductive load and the rectifier elements 
from unduly large discharge currents". As 
stated, the rectifier elements are the two 
anodes and the grids in the Switching Tube. 
In a normal vacuum tube, no protection 
would be necessary because the maximum 
power of the tube would be based upon the 
electricity provided to heat the tube filament 
and to charge the anode (voltage x amps). 
Therefore, the excess energy comes from the 
process occurring as the spark gap affected 
electrical pulses pass through the Switching 
Tube. The process of extracting the "cold 
electricity" places danger of overload upon 
the system. (Please take note that the 
"electricity" from the Switching Tube is no 
longer the normal type ofelectricity we have 
from our batteries or from an electrical outlet 
but rather a completely new form with 
entirely different characteristics.) 


The description continues, "Should the 
potentials (voltages) within the circuit 
exceed the predetermined values fixed by 
the mechanical size and spacing of the 
elements within the switching tube, the 
energy is dissipated (bypassed) by the 
protective device to the circuit common 
(electrical ground)" by two strategically 
placed diodes (devices that permit the 
passage of electricity in one direction only). 
The question now arises "What is the cause 
of this large amount of excess energy which 
must be dumped to ground through device 
acting like a lightning rod in order to prevent 
the circuit from burning out?" 


To examine the cause of the excess energy 
source, we must go back over a hundred years 
to1889. Heinrich Hertz had just announced 


in 1887 that he had _ discovered 
electromagnetic waves and Nicola Tesla was 
attempting to duplicate Hertz's experiments. 
Tesla used abrupt and powerful electric 
discharges produced with banks of 
capacitors charged to very high potentials 
and was able to explode thin wire (copper 
bus bars). He came to the conclusion that 
Hertz had mistakenly associated electrostatic 
inductions (electrified shockwaves in air) for 
true electromagnetic waves. 


The explosion of the copper bars by means 
of the "disruptive discharges" from the 
capacitor bank produced _— sharp 
shockwaves which struck Tesla with great 
force across the entire front of his body. 
Tesla said they felt more like powerful 
gunshots rather than electrical sparks. They 
produced effects similar to lightning or to 
those produced by high voltage DC 
generators previously discussed; the simple 
closing of a high voltage DC generator 
caused a stinging shock. AC generators were 
not in use in this pre-AC era and it was 
shown, later on, that AC generators did not 
produce these effects. 


This shock was first assumed to be the result 
of residual static charging. It stood straight 
out of highly electrified conductors, seeking 
ground paths which included workmen and 
switchboard operators. In long cables, Tesla 
estimated that this electrostatic 
concentration was several orders in 
magnitude greater than any voltage the DC 
generator could actually produce. It caused a 
hedge or crown of bluish needles or spicules 
topointat right angles to the cable or straight 
from the electrical cable line into the 
surrounding space. The bluish needles 
appeared the very instant the switch was 
closed and disappeared a few milliseconds 
later, after which the system functioned 
normally. However, anyone through whom 
the blue needles passed, especially in large 
regional power systems which used high 
exceptionally high voltages, usually did not 
survive. Generators rated at a few thousand 
volts produced hundreds of thousands or 
even millions of electrostatic volts during the 
Start-up pulse. Highly insulated, heavily 
grounded relay switches had to be installed 
to protect workers from certain death. 
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Engineers at this time assumed the effect to 
be caused bya "bunching" action which 
occurred when a powerful force was 
not able to move charge sufficiently 
quickly through a system. (A similar 
"choking effect" also happened with large 
steam engines; if steam was introduced too 
rapidly, the steam engine could explode.) 
The metal of which the wire was composed 
somehow offered resistance to the charge 
carriers before they were able to move away 
from the generator terminals. Itseemed that 
the wire acted as a blocking force to the 
electrons or to some unknown part of the 
electrons for the first few milliseconds, rather 
than as a conductor. The powerful, deadly 
bluish spikes sprang from the line until the 
current charges actually "caught up" with the 
applied electrical field. It was as ifthe spicules 
were a form of relieving pressure on the 
system by converting the voltage impulse 
intosome other form. 


Tesla began wondering why the electrostatic 
field moved faster than the actual charges. He 
believed that this effect could help him find 
electric waves better than his capacitors 
because the line resistance caused the 
electrostatic charges to bunch together into 
a density much greater that obtainable with 
his capacitors. 


Tesla understood that ordinary capacitor 
discharges were oscillating currents or spark 
currents which "bounced" between each 
capacitor plate until their stored energy was 
dissipated. The high surge voltage of the DC 
generator exerted such a high one way 
pressure on the dense line charges, due to the 
millisecond resistance of the metal, that 
possible voltage "bounces" were also 
oscillations of current as was true with the 
capacitors. Tesla used every means possible 
to block the "back-rush" (bouncing) of the 
oscillating current in order to prevent the 
supercharge to prematurely decline; he 
wanted to maintain this powerful"bunching" 
effect as long as possible in order to study it 
and to make use of it. 


His face and hands experienced a penetrating 
shockwave, a sharp pressure and an electrical 
irritation were brought on at the sudden 
closing of the switch. His face and hands were 


especially sensitive to these shockwaves 
which caused a "stinging" effect at close 
range. Tesla believed that he was being struck 
by material particles approaching the vapor 
state as they were thrust from bluish crowned 
wire. 


Later on, he was to discover they were not 
gas particles. He placed himself behinda 
glass shield but to his amazement, he 
still felt the shockwaves and stinging 
effects; the glass shield did not protect 
him. Thesestinging rays couldbe felt at great 
distances from their sources and, to his 
amazement, would penetrate shields of both 
glass and copper. Tesla knew that normal 
electrostatic charges spread over the surface 
of a metal (copper, for example) shield so 
that the stinging effect could not have an 
electrostatic origin and therefore was not 
electrostatic in nature but was from some 
other yet unknown source. 


Joseph Henry in 1842 had noticed the 
magnetization of steel needles by the 
discharge of a Leyden Jar (type of primitive 
condenser made with a glass bottle). The 
Leyden Jar was at the top floor of a building 
while the needles were in the basement. Dr. 
Henry, noting the passage of these 
magnetizing rays through brick walls, oak 
doors, stone and iron flooring and tin ceilings 
believed that the spark given off by the 
discharge released "light-like rays" that 
passed through the material obstacles with 
ease before magnetizing the needles. 


Elihu Thomson, a physics instructor in 1872 
had been attempting to make sparks froma 
Ruhmkorrf Spark Coil more clearly visible for 
his physics students. He attached one pole of 
the coil to a cold water pipe and noted that 
the previously blue spark changed to white. 
He then attached the other pole to a large 
metal table top and produced a silver-white 
spark that would be clearly visible to all 
attending his lecture. He went to the door of 
theroom to notify his colleague but received 
a strong shock from the door knob. Turning 
off the Ruhmkorrf coil prevented the brass 
knob on the oak door to stop shocking. He 
returned with his friend, again turned on the 
coil and discovered that all metal objects in 
the entire building, no matter how distant 
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from the coil or insulated from the floor, 
produced long and continuous white sparks 
upon the touch ofa penknife or screwdriver. 


The device Tesla perfected was far superior 
to the Ruhmkorrf Spark Coil. The effect of 
his disrupter device was so strong that a 
single wire placed in an oil bath produced 
what he had originally but mistakenly 
thought to be gaseous streams so powerful 
that theyvisibly depressed the oilinto a depth 
of about two inches. Tesla concluded that 
"besides the air, another medium is present". 


...be placed himself behind a 
glass shield but to his 
amazement, he still felt the 
shockwaves and _ stinging 
effects; the glass shield did not 


protecthim. These stinging rays 
could be felt at great distances 
from their sources and, to his 
amazement, would penetrate 
shields of both glass and 


copper... 





Tesla had been able to perfect his device by 
placing a capacitor between the switch and 
the D.C. generator thus increasing the power 
and protecting the generator windings in 
much the same manner as the diodes Edwin 
Gray's Switching Tube protected Gray's 
circuit. Tesla also raised the voltage and 
quickened the "make-break" rate of the 
switch to increase the power level by placing 
a powerful permanent magnet crosswise to 
the discharge path of the high voltage output 
of the DC generator wires. The magnetic field 
caused the discharge arc to automatically 
"blow out"; the charge passing through the 
wires in the presence of the magnetic field 
built up reverse emf (electromotive force or 
voltage). 


Tesla believed he had discovered a new type 
ofelectricity with special characteristics. This 
form of electricity did not consist of 
alternating waves. They were longitudinal 
waves composed of successive shocking 


waves with effects that could be seen and felt 
at a distance. Vector components of these 
shock waves were unidirectional. They 
were able to force charges in the 
direction of their propagation. In his 
patent *787,412, "Art Of Transmitting 
Electrical Energy Through The Natural 
Mediums" (April 18, 1905), Tesla calculated the 
mean velocity of the waves propagated by his 
device to be 471,240 Km/sec. Knowing that 
the velocity of light is 300,000 Km/sec would 
indicate that the type of transmission to which 
Tesla is referring is different than standard 
electromagnetic radiation; these special 
longitudinal "Radiant Energy" waves moved 
faster than the speed of light. 


After conducting hundreds of experiments, 
Tesla found that "Radiant Energy" 
longitudinal waves could penetrate all 
materials and cause "electronic 
responses" in metalssuchas copper and 
silver. Impulses exceeding 0.1 millisecond 
duration produced effects such as pain, 
mechanical pressures, explosion of thin wires 
and vibration of objects. Impulses of 1.0 
microseconds caused the sensation of 
physiological heat; at still shorter lengths 
white light would fill the room. Impulses less 
than 100 microseconds were safe to work 
with and Tesla planned to use them for his 
power broadcast system since they could 
pass through all matter. 


In 1890, Tesla discovered that placing a long 
single turn copper helix near his magnetic 
disrupter became covered with an envelope 
of white sparks. Effects were strongest when 
the helical coil was placed within the 
disrupter wire circle. In this"shockzone", the 
coil was surrounded by a blast of long, fluid 
like silvery streamers which clung to the 
surface of the coil, flowing over the coil at 
right angles to the windings. Tesla 
hypothesized the electrostatic-like effect was 
due to radiant transformation rules requiring 
measurements of discharge lengths and 
attributes of the helix used (number of turns, 
diameter, etc.). (Editor: resonance) 


The new induction law he discovered 
showed that radiant shockwaves became 
much stronger when encountering 
segmented objects. The radiant shockwaves 
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"flashed over" the outer skin of the helix from 
end to end without passing through the 
windings of the coil; shockwaves of 10,000 
volts introduced to a 24 inch coil rise to 
240,000 volts. The greater the resistance in 
the helix turns, the higher the maximum 
voltage. This was completely different from 
magneto-induction. Remember that he was 
not working with electricity but with radiant 
shockwaves. 


Aether particles were 
incompressible and could 
easily pass through space and 
matter with a speed much 
greater than the speed of light. 


This was pure radiant matter 
but, at the same time, pure 
Radiant Energy. Cold electricity 
is one of the forms of this 
Radiant Energy 





This transformer he invented used radiant 
shockwaves to produce purevoltage without 
current. Each transformer had to be "tuned" 
by adjusting the disrupter to a specific 
impulse duration. At that point, voltage 
impulses could flow smoothly, flowing over 
the copper surface much like a stream of 
water in a pipe. No amperage could be 
detected but if the stream was aimed at a 
distant metal plates, "current" was produced 
which reached several hundred or even 
thousands of amperes. Tesla then began to 
wonder what made up this white, currentless 
stream. 


Tesla determined that normal charge carriers 
(electrons) could not travel as quickly as the 
radiant pulse; no current moved the coil 
because the electrons were choked in the 
metal lattice of the coil. The radiant pulse 
moving over the surface of the coil was 
not electronic in nature. He placed the 
legs of a heavy U-shaped copper bus bar 
directly to the disrupter primary and then 
connected the short-circuited system to 
several incandescent lamps. These lamps 
glowed with a brilliant cold white light as 


with Gray's light bulb, proving that the power 
for the light was not electricalin nature. Tesla 
believed that the electrons were blocked 
from flowing through the wire while the 
radiant pulse was released over the coil 
surface as a "gaseous" pulse (splitting the 
positive, according to Gray). 


Teslacame to believe that voltage could 
be viewed as streams of aether under 
various states of pressure and that his 
transformers affected the aether as to 
produce the luminous effects he 
observed. In his patents, he describes his 
"light-like rays" as tightly constricted aether 
streams propelled from his transformers 
along infinitesimal ray lines along which an 
incompressible movement occurs instantly 
through space on all points along its path. 
Aether streams were being drawn in through 
his transformer at higher natural pressure 
and then accelerated in the electrical 
discharge. The voltage in his transformer 
could control the brilliance of light ina room 
but this type of light was almost impossible 
to register on film. He could heat up a room 
or cause cool breezes by controlling the 
voltage in impulse duration in his 
transformer. 


Tesla saw electrical current was really 
a complex combination of aether and 
electrons. Through the application of a 
disrupter, the electrons were removed from 
the gap by the magnetic field while the 
aether steams continued to flow through 
the circuit. He considered aether particles 
highly mobile with infinitesimally small 
mass and cross-section as compared to 
electrons. They were incompressible and 
could easily pass through space and matter 
with a speed much greater than the speed 
of light. This was pure radiant matter but, at 
the same time, pure Radiant Energy. Cold 
electricity is one of the forms of this Radiant 
Energy. 


Edwin Gray, Dr. Nicola Tesla and Dr. Thomas 
Henry Moray all used radiant energy 
technologies. It is important to understand 
that the Laws of Thermodynamics and 
Maxwell's equations do not pertain to 
"Radiant Energy" technologies. 
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Gravity Conversion _ | 
Rotary Device 
Review is prepared by editor Tatiana Ezhova 


Here another fuelless perpetuum mobile is presented. 





The system design 


The design includes a wheel with spring spokes. Pegs may be fixed inside the wheel to balance 
movement of weights on springs. All parts should be homogenized as to dimension and weight. 
The author used 4 oz. lead balls and the 3/16" springs. The wheel measures 9" in radius as 
measured from hub center to center of each lead ball at outer periphery. This device is actuated 
and stopped by the hand. Its speed is self governing, it ramps up to speed quickly and simply 
staysthere. 


Note: you can find more detailed information about the device at 
http://www.greaterthings.com/News/FreeEnergy/Directory/GravityMotors/photos/. 
Also read in this issue article "Novozhilov's motor" that describes another wheel motor that 
does not require any fuel for its operation. 
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ABSTRACT 


Highly localized nuclear activation in 
electrochemical systems and other electrical 
discharge processes have been observed by 
many laboratories in the world. This reportis an 
attempt to explain such anomalous phenomena 
by using torsion field theory and axion model. 
Anisotopic behaviours of radiation products, 
burst character, "heat after death" of excess 
energy release in electrical discharge systems are 
considered to be interpreted by the torsion 
coherence of vortex dynamics with the zero- 
point energy induced by localized intense field 
emission of micro-protrusion of the cathode, 
and the dynamic Casimir effect of transient 
evolution of triple region of gas, liquid solution, 
and electrode protrusion. Axion model and 
Primakoff's effect are proposed for explanation 
of nuclear transmutation without noticeable 
gamma radiation. 


Nuclear products with high concentration, 
unidentified tracks with highly collimated 
lines of low energy nuclear reactions in the 
electrochemical systems were recorded by CR- 
39 solid detectors and photo-films, and 
localized spots with chemical alterations were 
observed at our laboratory. It is suggested to 
Carry out intensive study of vortex dynamic for 
explaining the anomalous phenomena in 
wide area of nature and laboratories. Analysis 
of vortex dynamics with wide range from 
pitting corrosion of electrochemical system, 
laboratory plasma, tornado, to quasar spiral 
model with extremely high energy cosmic rays 
in the center region, leads to a conclusion for 
that vortex dynamics creates torsion fields 
responding to the anomalous effects. 


I. INTRODUCTION 


Many laboratories in the world have 
observed nuclear reactions andexcess heat 
in electrochemical systems. The mechanism 
of such anomalous phenomena is not being 
well understood according to normally 
accepted physics. 


Nuclear products with high concentration 
and tracks with highly collimated lines oflow 
energy nuclear reactions in the 
electrochemical systems were recorded by 
CR-39 solid detectors and films at our 
laboratory [1,2]. These facts suggest that 
quasar model with spiral structure and 
extremely high enrage cosmic rays in the 
center could be used to explain the 
mechanism. It is supposed to use the concept 
of torsion field to interpret the observed 
phenomena, typically, the properties ofaxion 
acceleration, memory effect, and the 
polarized nuclear reactions with torsion 
effect [3]. 


II. PHENOMENA IN NATURE AND 
AT LABORLATORIES 


The vortex and spiral structures are the 
archetype that appears at all levels of nature 
and laboratories, for example, atom 
structure, vortex lattice in superconductors, 
dense plasma focus, lightning, quasar etc. 


Recent report of dark matter annihilation at 
the galactic center describes that the cold 
dark matter near the galactic center is 
accreted by the central black hole into a 
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dense spike [4]. Particle dark matter 
annihilation makes the spike to be a 
compact source of photons, electrons, 
positrons, protons, antiprotons and 
neutrinos. It reminds us for that there is a 
similarity among pitting corrosion with 
electrochemical noise, laboratory plasma 
pinching (dense plasma focus, forexample), 
fast laser induced ion beams [5] and quasar 
spiral model with high-energy cosmic rays 
in spiral center in spite of large dimension 
difference. Comparing the experimental 
results of electrochemical cells with excess 
heat and nuclear transmutation to 
astrophysics phenomena, it issupposed that 
the investigation of vortex dynamics of 
torsion coherence with the zero-point 
energy is essential for tapping the zero- 
point energy. 


As it is predicted by quantum mechanics 
that the vacuum is seething with active 
energy, even at temperature of zero point 
Kelvin. This zero-point energy (ZPE) can be 
thought as an infinite number of virtual 
photons that are popping out of the 
vacuum and going back in, but should be a 
measurable effect en masse. To exam the 
origin of ZPE background, the interaction 
of matter with the ZPE can be treated on 
the basis of charged point particles 
interaction with a background of 
electromagnetic zero-point radiation with 
spectral-energy density. 


Based on observation in the experiments, the 
following features are considered in order to 
understand the experimental results with 
electrical discharge systems. 


A. ELECTROCHEMICAL DOUBLE LAYER 


In an electrolytic cell, the electrolysis with 
high conductivity and the electrochemical 
double layer with large layer-capacitance 
lead to a typical structure of the cathode 
potential distribution similar to the cathode 
drop of glow discharge in low gas pressute. 
For a compact layer the thickness of the 
double layer is equal to one ionic layer, across 
which there is a linear fall of potential. Thus, 
high electric field exists in some regions on 
the surface of the cathode. 


The local enhancement of the electric field 
on the cathode surface with the double 
layer is related to the protrusions and 
cracks similar to the tip discharge in air or 
in a vacuum. The current distribution 
depends strongly on the surface roughness 
and the work function of the electron 
emission. A high transient current density 
(> 108A/cm?’) could be expected due to 
enhanced field. 


B. ENERGY CONCENTRATION 


On the cathode surface, the high persistent 
electrical fields (>10’V/cm) and large 
equivalent capacitance (>25 uF/cm7?)leadto 
a high energy concentration in the double 
layer [6]. The concentrated field on the tips 
of the protrusions or cracks after a long- 
loading period with deuterium on the 
palladium cathode surface creates a high 
transient electron flux because of the large 
distributed capacitance and the negligible 
inductance in a localized discharge mini- 
network. The experimental data show that 
the reactions take place only in some 
restricted areas that have specific properties. 
The idea of micro fusion due to the results of 
energy concentration and the high deuteron 
flux could be used to explain the nuclear 
transmutation. 


C.TORSION FIELD AND THEIR 
EXPERIMENTAL MANIFESTATIONS 


Elementary particles have the moment of 
quantity of motion, i.e. spin. If in any 
substance the spins of particle have a 
preferable direction, then it is interpreted as 
spin polarization of the substance. Every 
substance creates a torsion-field (or called 
spin-field or axial field) in the space 
surrounding it when polarized by spins [7]. 
The superposition of torsion field, 
generated by the atomic and nuclear spins 
of each molecule, determines the intensity 
of torsion field in the space surrounding 
each molecule. Torsion field has strong 
penetration ability and does not interact 
with the crystal lattice of substances. The 
torsion field created by rotation ofsome sort 
of matter is concentrated in two opposite 
beams propagating along the rotation axis. 
The intensity of torsion-field with some 
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lower constant value can be retained for 
several weeks after the rotation is stopped. 
Such property of vortex mater has been 
recently observed in type _ MII 
superconductors with magnetic flux line 
lattice [8]. The studies of vortex matter of 
type II superconductors have shown a 
number of puzzling phenomena associated 
with vortex motion, including: low- 
frequency noise and slow voltage 
oscillations; a history-dependent dynamic 
response, and memory of the direction, 
amplitude duration and frequency of the 
previously applied current. 


Some behaviors of the torsion-field effect 
have been observed in the experiments of 
electrolysis regarding the so-called cold 
fusion, such as when the gas bubble chains 
come out from the protrusions of the 
cathode surface a long time after 
switching off the electrolysis potential. 
The more surprising thing is the heat after 
death, which has been recorded by many 
labs. This phenomenon could be 
explained by the persistence effect of the 
torsion-field produced by vortex 
dynamics of tip effect. 


D. EXPERIMENTAL RESULTS IN THE 
ELECTROCHEMICAL CELL 


CR-39 plastic films possessing with a high 
degree of optical clarity and isotope in 
track response, and are sensitive to 
neutron, proton, tritium, alpha, and other 
charged particles, were used to detect the 
products of nuclear reactions. The films of 
CR-39 were immersed in the NaOH 
electrolyte of heavy water and placed 
adjacent to the tips of the cathode [9]. 
After 110 houts, electrolysis experiment 
with the applied voltage 1 Vandcurrent 2 
ma, the solid detector was etched by 6.25 
N NaOH solution in 70°C for 11 hours. The 
photomicrograph shows the cluster of 
tracks with a cycle crater of 100 wm in 
diameter and 25 wm in depth. According 
to the etching condition, the energies of 
the most of the particles, P, T, @ are 
estimated roughly to be in the range of 1- 
4 MeV. On the backside of same region of 
the CR-39 film detector, one can clearly 
see a few of tracks in the circle area or 


nearby. Such tracks are believed to be 
created by recoil-protons of forward 
incident neutrons. High concentration of 
the cluster of nuclear tracks could be 
explained by the quasar spiral model and 
by the crystal channeling effect [Fig.1]. The 
experimental results of the generation of 
tritium with single crystal metal of Pd 
show that none of the generation of 
tritium has been revealed by using non- 
single crystal electrodes [10]. The 


importance of the crystal channeling 
effect for nuclear reactions in the 
electrochemical systems can be inferred. 





Fig.1 
Schematic presentation of a micropinch spiral 
by tip effect in the electrolysis cell: 
a) tip of the electrode; b) spiral structure of 
micropinch; c) electron beam; d) crystal channel, 
e) ion beam 


To determine the spatial distribution of 
radiation active sites (RAS), Black-white 135 
films of 27 DIN have been used to image the 
position of the RAS. After a 1,5 year of 
deposition in glass tube of finishing 
electrolysis experiments with light water 
electrolyte for more than 200 houts running, 
the patterns of RSA were clearly formed on 
the films after exposure of 100 hours [2]. The 
bright spots corresponding to the tips of 
palladium cathode edges can be seen due to 
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the tip effect. The effect of magnetic field on 
the traces of the charged particles has been 
observed while the Pd samples exposing to 
the films, which were folding and wrapping 
up thesample, were inserted between couple 
magnets. The tracks stretching along the film 
surfaces confirm that the tracks were created 
by charged partticles, electrons for example, 
with low energy about some keVs. Highly 
oriented tracks can be observed by 
autoradiography by using normal films 
locally [Fig.2]. 





Fig.2 
Autoradiography of charged particle tracks of beta 
delay isotopes on the surface palladium cathode. 
Some tracks of beta particles are paralleling the 
cathode surface. 


E. SONOLUMINESCENCE AND “BUBBLE 
NUCLEAR FUSION” 


Some scientists of Oak Ridge National 
Laboratory in America reported their 
articles of bubbles experiments in Science. 
Experimental results show that the 
radiation lights of sonoluminescence 
possess three characters: short duration 
with picoseconds; wide continual 
spectrum; highly oriented thin beams. 
Based on those characters, vortex 
dynamics with axial acceleration of 
bubble collapse could be inferred. 
Nuclear reaction with abnormal gamma 
radiation was observed [11]. Dr.Claudia 
Eberlein describes her conclusion on 
sonoluminescence that only the ZPE 
spectrum matches the light emission 
spectrum, which must be a ZPE 
phenomena [12]. The effect of torsion field 
on nuclear reactions along the axis of 
vortex should be taken into consideration 


for the low ratio of the nuclear products of 
n/T due to spin polarization of reaction 
particles. 


Axion model and the Primakoff effect are 
proposed for explanation of nuclear 
transmutation without noticeable gamma 
radiation. Many laboratories in the world 
have been engaged in several experiments to 
search for axions, light neutral pseudoscalar 
particles yet to be discovered. The axion 
would be produced in the solar core through 
the Primakoff effect if its mass is a few 
electronvolts and could be detected in the 
laboratory. 


Ill. CONCLUSION 


Researchers of new energy study of "cold 
fusion" type should pay great attention to the 
general processes of electrolysis to find the 
key points, which could play a major role in 
the transit from the electrochemical 
processes to processes of torsion and the 
nuclear processes. From the authors' point of 
view, the evolution of double layers is of 
importance to understand the anomalous 
effect, typically on the protrusions of 
cathode. The change of space-time near the 
tips due to torsion field generated is expected 
to delivery the zero-point energy, and 
dynamic Casimir effect for the evolution of 
gas bubbles on the tips are expected to 
generate photons and excess heat [1]. The 
yields of transmutation products are related 
to the current distribution on the cathode 
surface. The cathodes of thin wire were 
benefit to the generation of nuclear reactions 
and excess heat for electrochemical systems. 
Careful examination of the evolution of 
electrochemical double layer will lead to a 
good understanding of pitting corrosion 
with electrochemical noise, and further to 
recognize the anomalous excess heat and 
nuclear reactions. 


Heat after death was observed at many 
laboratories. It is believed that the persistence 
behaviors of torsion field can be used to 
explain such anomalous phenomena. 


The contact between beads coated with a 
thin metallic layer or multilayered film and 
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palladium black particles could be regarded as 7] AEAkimov, G.Lshipov, 


point-contact similar to the tip-effect [13]. font Seve oe sibel 
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Anomalous tritium found in the recombined 
off gasses during electrolysis 
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The Invention of Roman 
Solomyanny 


Our previous issue featured an article about 
Roman Solomyanny who came to our 
office and told us amazing things. He said 
that during his army years (according to his 
words, he was in the military intelligence) 
he made a radio technology invention and 
later on built a free energy generator. The 
inventor claimed that his device had been 
working for a certain period of time 
without any fuel and had been producing 
power enough for heating and lighting his 
countryside house. We could not ignore 
such an intriguing piece of information. 
Moreover, Roman promised to build and 
present his device in 2003. We paid him for 
this interesting story to be published in the 
issue and prepared for the continuation... 
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Alas, to no avail... His mobile phone was 
silent and we started to worry about the 
inventor's health. Fortunately, we managed 
to contact his parents on his home 
telephone (Roman lives in St. Petersburg) 
and they told us that the chap was OK. It 
seems he's lost his interest in us. But we still 
hope that Roman did invent something 
really exciting and not only polished up his 
talent for writing science fiction articles. 
Those people, who want to know the 
details about this invention or discuss it 
with the inventor himself, can get in touch 
with us for his contact information. 
Anyway, we will be very pleased to see him 
again full of new exciting stories. We have 
already introduced the 'Humour' section 
into the magazine and are planning to start 
the 'It Just Can't Be So' section. 


Editor 
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Anti-Gravity: 


The Holy Grail of the 21st Cotten 


Bruce A. Smith, USA 
PO Box 1676, Yelm, Washington 98597 
Email: brucesmith@rainierconnect.com 


A Primer on the Role of Electromagnetic, Electrostatic, and Torsion Fields 
in Anti-Gravity and Field-Effect Propulsion 


Before visiting a University of Washington 
physics professor to talk about electrostatic 
propulsion, and hopefully anti-gravity, I 
realized: Birds defy gravity. So do 747's for that 
matter. They apply the laws of physics and lift 
off the ground. That's anti-gravity, isn'tit? Yes, 
that's true, Isuppose, ina metaphorical sense. 
But seagulls, jumbo jets and space crafts 
manifest anti-gravitation effects strictly 
speaking. What I want to address here is not 
the overcoming of gravity but the 
neutralizing of it. 


Dr. Eugene Podkletnov, one of the foremost 
researchers in anti-gravity, and whose work 
is sought by NASA, Boeing and British 
Aerospace (now known as BAE Systems) 
describes the hunt for anti-gravity the 
greatest scientific quest of this century. He 
calls for an international effort, akin to the 
Manhattan Project that developed the atomic 
bomb, to conquer the secrets of anti-gravity, 
and usher in a new era of scientific 
understanding whose _ technological 
development will be at ascaleso vast that the 
potential outcomes are merely hinted at by 
our previous achievements. 


Just getting such a project off the ground will 
require unprecedented international 
cooperation, and public disclosure as well, the 
potentials are that vast, that scary, and that 
dangerous. Dr. Dan Marckus, noted British 
avionics expett, states in The Hunt for Zero 
Point, the seminal work-to-date on anti- 
gravity written by Jane's Defence Weekly 
aviation editor Nick Cook, that the secrets of 
anti-gravity in the wrong hands will make 
thermonuclear weapons look like 
firecrackers. 


The secrecy surrounding anti-gravity 
research is phenomenal. Boeing refuses to 
publicly acknowledge any activity in anti- 
gravity development despite the fact that its 
competitor and sometime sub-contractor, 
British Aerospace (BAE Systems) is, the latter 
providing funds for four university research 
efforts as part ofits Project Greenglow, one 
of which was a Podkletnov replication 
experiment headed by Dr. Clive Woods at 
the University of Sheffield,. Further, Nick 
Cook publicly, and privately to me in an 
email, states quite directly that George 
Muellner, former director of Boeing's ultra 
secret Phantom Works, claims Boeing 
sought the services of Dr. Podkletnov to 
unlock the secretes of his gravity-shielding 
research. Cook says that Muellner states 
Boeing was denied Podkletnov's services 
due to the objections of Russian officialdom, 
which the Russian-born Podkletnov must 
pay attention to, apparently, despite the fact 
that he works in Tempere, Finland. Dr. 
Podkletnov, wisely perhaps, chooses not to 
clarify these particulars despite our several 
emails. 


Perhaps Boeing can deny any activity on anti- 
gravity because NASA is doing its own 
research, and as a prime contractor to NASA, 
such as by running the Space Shuttle 
Program, Boeing probably knows what NASA 
knows. NASA spent $600,000 recently in its 
Breakthrough Propulsion Physics program 
(BPP) to purchase Podkletnov replication 
equipment. Inexplicably, that equipment sits 
in boxesin NASA's Marshall Research Center 
in Huntsville, AL, awaiting more funding; 
according to an email I received from NASA 
propulsion researcher, Ron Koczor. 
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But enough with this business; what do we 
know about anti-gravity? 


The search for that answer has taken me to 
some exciting and obscure places in this 
world, like the Aeronautics and Astrophysics 
lab at the Seattle campus of the University 
of Washington. I called those folks because 
Nick Cook in The Hunt for Zero Point, 
mentions that UW receiveda NASA contract 
to study theories of inertia as part of its BPP 
program. That's a good place to start, I 
thought, but it took backtracking to BPP 
Project Director Marc Millis at NASA's Glenn 
Research Center in Cleveland to find Dr. 
John Cramer at the UW Physics 
Department. His mission was to confirm 
with Dr. James Woodward the latter's 1996 
preliminary research into the loss of 
gravitational mass in a targeted piece of 
metal from oscillating capacitors. Although 
Woodward's initial data appeared 
encouraging, NASA's Millis told me that their 
funding dried up before completing their 
research. Furthermore, the entire BPP 
became unfunded in 2002 and now in 2003 
has become a hazy, privatized version of its 
former NASA subset self. 


However, UW is continuing related 
research, such as magnetically confined 
fusion energy generators and that, for me, 
by using electromagnetism to contain an 
inner field makes it a close cousin of anti- 
gravity and field-effect propulsion. I spoke 
with Professor Uri Shumlak who told me 
that he and other UW staff from the 
Department of Aeronautics and 
Astronautics, along with a bevy of their grad 
students, are building a prototype of a 
fusion generator called HIT, which stands 
for Helicity Injected Torus. 


This donut ring-shaped torus encloses a 
roundish chamber. Within that chamber a 
vacuum is first created, and then a volume 
of hydrogen gas is introduced and heated to 
a few million degrees Celsius, which 
separates the electrons and protons from 
their atoms turning the whole stew into a 
quasi-neutral foam of plasma. Then the torus 
envelopes the plasma with a magnetic field 
to keep it away from the sides of the chamber 
enabling the plasma mass to stay hot, and 


keep the rest of Seattle cool. (While I was 
standing next to his little eight foot long 
gizmo, Prof. Shumlak assured me there was 
no danger ofa couple million degrees ofheat 
escaping. The heat density of the plasma was 
"too low" for me to, well, break a sweat over. 
His quote was, "There's no more heat mass 
inside that chamber than what's contained 
in a cup of coffee." Isure hope you're right, 
Doc.) 


Then, once the plasma field is contained, the 
magnetic field squeezes the plasma, fusing 
the nuclei of one hydrogen atom into 
another. As the hydrogen couples combine, 
a helium atom is created and a neutron is 
released, along with lots of energy in the form 
of heat. One day, such a generator will give 
us unlimited amounts of electricity, as the 
heat can produce electric voltage. 


Lots of electrical power on the cheap the UW 
predicts; and the Department of Energy 
agrees, once the details of building reliable 
magnetic field generators are solved. What 
does magnetic fusion have to do with anti- 
gravity? Two things: first, magnets. 
Electromagnetism seems to be one of the 
major players in anti-gravity, particularly the 
use ofelectromagnetic fields to contain other 
fields, such as plasma fields in the HIT, or 
torsion fields, but more about that later. 
Secondly, the HIT works, or is about to. It's 
real and mainstream science embraces it, 
while anti-gravity is, well, a little more out 
there and reliable data is harder to obtain. So 
the technology of HIT lays a base that other 
research can build upon, such as not only 
containing other fields, but also building field 
effect propulsion systems, the most 
elementary of which is electrostatic 
propulsion, and aspects of that are already 
being applied by NASA. 


Electrostatic propulsion uses electrical fields 
differently than electromagnetism does. In 
EM acurrent flows and creates a field, while 
in electrostatic systems the current is static 
and a charge builds up a field, such as in a 
Capacitor. 


These theories are utilized on NASA's Deep 
Space I,a probe bound for the outer reaches 
of our solar system. On Deep Space I, the 
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propellant, a tankful of xenon gas, is excited 
electrostaticallyinto positive ions. The engine 
has a negative charge at the exit end, so the 
charged xenon rushes out the tail pipe with 
a greater thrust than if it was just using 
conventional chemical propellants. In fact, 
the electrostatic propulsion system on Deep 
Space I allows it to fly at 60,000 mph, or 
10,000 mph faster than it would with a 
conventional rocket. In addition, only 82 kg 
of xenon is needed for its entire mission, so 
with its smaller mass and weight Deep Space 
I will fly along side its intended target, a 
comet, and drag race on equal footing while 
filming and conducting studies. Again, not 
anti-gravity per se, but electrically charging 
Deep Space I's fuel-field sets the stage for a 
closer look at electrostatic propulsion. 


Taking that closer lookis Tim Ventura and his 
fellow researchers at American Antigravity,an 
organization based in Kirkland, WA. Ventura 
and his crew use electrostatic asymmetrical 
capacitors to create a field that levitates 
objects, such as their small, kite-like "lifters." 
These lifters are very light, weighing only a 
few ounces, and have balsa wood struts that 
support the capacitors. When two capacitors 
of different size receive their share of a 30,000 
volt charge, the lifter lifts- no motors or wings. 


How, no one really knows in my judgment; 
and the phenomenon is replete with 
controversy and mystery. Butasone who has 
seen a lifter fly, let me tell you what one looks 
like and what I saw when Tim Ventura's 
took off. 


Tim has been building lifters since he was a 
kid and has perfected a four-foot, by-four- 
foot, by four foot triangular lifter which has 
flown so many missions in his garage that the 
silver aluminum foil has turned white. The 
thin, chopstick-like balsa wood ribs that hold 
the aluminum foil in place are joined every 
few inches by a vertical strut (much like a 
telephone pole ona HO model railroad set) 
which sticks up and secures the copper or 
stainless steel wire of the upper capacitor. The 
ribs are intersected every ten inches or so by 
the strut of an interior triangle, since the 
whole lifter is composed of interconnected 
isosceles triangles which give the necessary 
strength to the balsa wood frame. All told 


there is about 30 linear feet of aluminum foil 
and a similar run of wire. 


The lower and larger capacitor is a strip of 
aluminum foil stretched between the 
horizontal balsa wood struts. The second 
capacitor is a thin strip of 50 gauge wire 
mounted about one inch above the 
aluminum foil. As capacitors they store 
electrical charge but don't pass it on ina 
current. 





Fig.1 
Lifter 


The negative lead goes to the lower 
aluminum foil and the positive lead is 
attached to the upper wire. The three corners 
of the lifter are tethered to the work table so 
that the electrical leads from the power 
soutce are not broken off in flight. 


The power source kicks out 15,000 volts at 
250 watts. Tim uses a voltage generator made 
by Information Unlimited, Inc, but before the 
current reaches the capacitors, the voltage is 
stepped up to 30,000 volts by Tim's 
homemade voltage multiplier stack. At full 
throttle the lifter is straining at the tethers, 
bending the balsa wood frame near the point 
of fracture. 


Throw the switch and at around 17,500 volts 
the lifter begins to quiver in take-off. At the full 
power of 30,000 volts the lifterisroaringanda 
noticeable downward breeze is observed. 
Many physicists call it "ion wind," and say that 
it is how the lifters fly. But what exactly is ion 
wind, and can it be the cause of flight? 
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"Ion wind is the movement of ionized air 
particles," according to Ventura, "which flow 
downward according to electrical charge." 
Here's his theory: 


The positively charged wire on the top part 
of the lifter steals elections from the 
surrounding air, leaving the effected air 
molecules positively charged. These 
positively charged air molecules, or ions, then 
head downward toward the large source of 
negatively charged electrons generated by 
the aluminum foil. These air molecule ions 
are bigger and heavier than the electrons 
seeking them, so there is a net thrust 
downward pushing the whole lifter up. That's 
the theory, and frankly all I can do to verify 
the theory is to tell you what others tell me. 
Before Ido that, though, let me tell you what 
I experienced standing next to a levitating 
lifter. 


In flight the lifter emits a high whining, 
hissing buzz, and I could feel a good breeze 
coming up at me from the work table 
underneath the lifter. Also, standing next to 
the lifter but not touching it, the hair on the 
back of my head started to rise up in 
electrostatic-like fashion. 





Fig.2 
Lifter 


To analyze the air currents Tim blew baby 
powder at the top of the lifter. The majority 
of the particulate cloud was drawn into the 
middle area of the lifter and then sucked 
downward. A kind of vortex was created at 


times, for intermittently I could see a cloud 
forming into an organized column beneath 
the lifter and then spreading out in 360 
degrees once it hit the work table surface. 


Electrostatic propulsion uses 
electrical fields differently 
than electromagnetism does. 
In EM a current flows and 


creates a field, while in 
electrostatic systems the 
current ts Static and a charge 
builds up a field, such asin a 
capacitor 





Is that ion wind? Well, there certainly was a 
breeze, and it sure felt like air, but how would 
Iknowifit was ionized? Something definitely 
sucked the baby powder down, but was it 
more than just regular air blowing past me? 
Again, I don't know. 


Is the movement of wind why lifters fly, 
regardless of whether it is ionic or not, or is 
the wind just a by-product and not the 
propulsion? Could the capacitors be creating 
a field that neutralizes gravity, allowing the 
craft to levitate? Or are they creating some 
kind of new field that is localized and the 
surrounding ambient field pushes this "field- 
bubble" up, much like a helium balloon is 
pushed up by the surrounding heavier air 
trying to fill the emptier "field" of the lighter 
helium? 


Ventura thinks at least two phenomena are 
at work. Ion wind is definitely one he feels, 
for the breeze is self-evident. However, he 
thinks a second effect is at work, too, and 
many agree with him. Most speculation 
concerns what is called the Biefeld-Brown 
effect, the""Brown" being T. Townsend Brown, 
whose name is well known in early quantum 
research and whose work is prominently 
discussed in Nick Cook's The Hunt for Zero 
Point. 


The Biefeld-Brown effect, according to 
Ventura, is the theory that high voltage, air- 
gapped capacitors with different or 
asymmetrical capacities generate a net 
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directional force upwards from the larger 
element to the smaller element, which on the 
lifter is from the aluminum foil to the wire. This 
force then pushes against the ambient energy 
field of the surrounding area, perhaps pushing 
against a more rigid energy field of the zero 
point energy field. 


Brown apparently made his case for these 
electromagnetic effects, receiving patents in 
the 1960's for his research. NASA's Dr. 
Jonathan Campbell at Marshall Research 
Center in Huntsville confirmed to me that he 
also, has received a patent recently for his 
research into the thrust effects of 
asymmetrical capacitors. 


Editor: By the way, this patent is meaningless 
from the point ofview ofa prime claim. Before 
that there had been many publications on the 
subject. 

A.V. Frolov. 





Fig.3 
Lifter 


However, prominent physicist Hal Puthoff, 
whose research is a broad swath across the 
fields of the 'new physics', featured in both The 
Field and The Hunt for Zero Point, and who 
was also the military's "Top Psychic" as the 
twelve-year director of the CIA's remote 
viewing squadron, has a different perspective: 
"I'm quite certain at this point that the so- 
called 'lifter' phenomenaisjustanelectrostatic 
ion wind phenomena, not 'antigravity." 


But Dr. John J. Rusek, Adjunct Professor of 
Aeronautics and Astronautics at both Purdue 
University and the United States Air Force 
Academy, says that "Initial findings of 
'classroom' experiments with lifters show 
ionic wind to be way too small a factor, by 
three orders of magnitude." Dr. Rusek has 
formed a technological company, Swift 
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Enterprises, to continue this research and 
bring it to the level that is "presentable to the 
mainstream physics community." 


Along these lines, Jean-Louis Naudin shows on 
his extensive web site, not only how to builda 
lifter, but also several photos of research into 
theion windissue. Naudin's team has wrapped 
test lifters in plastic yet they still produce anti- 
gravitational effects. 


Others may havea clue to the second or even 
a third force at work. Researcher Fran De 
Aquino, professor of physics at Maranhao State 
University in Sao Luis, Brazil, is described in the 
literature as showing that "bubbles of localized 
space-time" can exist in variance to the 
surrounding fields. Anecdotal experience 
suggests that the lifters may be undergoing 
such space-time anomalies. 


Editor: At this point we need to interrupt 
the author as he has already completely 
confused the reader. lwouldrecommend 
referring to Thomas T. Brown's patent: 
USA patent #3,187,206, 1965. 
Alexander V. Frolov 


The Hunt for Zero Point states that NASA 
sought the services of Dr. Eugene 
Podkletnov, and although their replication 
research languishes, The Hunt claims that 
researcher Ning Li, of Huntsville, AL is 
pursuing this line of research as a private 
contractor to NASA. 


Another Huntsville operation, 
Transdimensional Technologies, is exploring 
these multi-faceted phenomena as well, and 
its extensive web site shows it to be a frequent 
contractor to NASA, including research into 
"asymmetrical capacitive propulsion," and 
capacitor-based devices to test "ion wind" 
forces. Jeff Cameron, of Transdimensional, is 
said by Ventura to be "the father of the lifter," 
having developed them while exploring 
anomalous torsional effects of high energy 
lasers. The lasers twisted and at the time it was 
considered a nuisance. But the unknown 
forces at work later led Cameron to found 
Transdimensional, develop lifter technology 
to a commercial level, and subsequently 
patent many pieces of related technology. 
Unfortunately, I have been unable to reach Jeff 
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Cameron or anyone at Transdimensional for 
any kind of confirmation. 


Nevertheless, how would gravitons be 
blocked, or gravity shielded? 


Dr. Hal Puthoff says there are two ways of 
looking at it. First, one can look at the issue 
from a quantum point of view, that there is a 
particle exchange between the gravitons and 
something else, and the net effect is anti- 
gravity. The how's and why's of that are 
speculative, so Puthoff turns to a classical 
approach for answers. He prefers looking at 
"engineering the vacuum." To do that one must 
first look at the vacuum. 


As I understand it we are all in the vacuum, 
everything is. The "vacuum" is the matrix that 
contains all matter and all energy. It is the 
engineering perspective of the zero point 
energy field, or the "Field" as popularized by 
Lynn McTaggart in her masterpiece The Field. 
Puthoff shared with me statements from 
fellow researcher Dr. T. D. Lee that state: "The 
vacuum is the seat of energetic particle and 
field fluctuations, and ... is the seat of space- 
time structure... that encodes the distribution 
of matter and energy... The vacuum is 
energetic in its own right." 


Thus energy can be drawn from the field; and 
spacecraft can have "vacuum propulsion 
systems, or propellant-less propulsion," in 
other words, field effect propulsion. 


At any rate, more and more physicists are 
thinking that the vacuum can give them a 
whole lotta oomph, enough to propel 
spacecraft; and when they learn how to corral 
it,a whole bevy of new phenomena may be 
encountered, including anti-gravity. This new 
potpourri of research is being called by many 
the"new physics." And although his approach 
is classical, Dr. Hal Puthoff seems to be sensing 
what's out there waiting to be discovered. 


Puthoff's current research as been to explore 
"the perturbation of atomic or molecular 
ground states, hypothesized to be equilibrium 
states involving dynamic radiation/ 
absorption exchange with the vacuum 
fluctuations. In this model atoms or molecules 
.. are expected to undergo energy shifts that 
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would alter the spectroscopic signatures of 
excitations involving the ground state." 
Puthoffsays he's had no success so far with this 
approach, but his words remind me of De 
Aquino's speculation that objects lose mass as 
they absorb energy. Pull energy from the field 
around you and you lose weight. Bingo, lift- 
off. But how does one pull energy from 
the field? 


Editor: Some solve this problem by means ofthe 
ether density changes, which are performed 
with the help of vortex longitudinal-wave 
technologies. 

A.V. Frolov 


Torsion fields might playa role here according 
to many, and the literature on anti-gravity is 
filled with the phrase, "torsional effects." But 
what exactly is a torsion field? "It has 
something to do with spin," Nick Cook told 
me on the phone. "You have a torsion field 
when you spin something. Add a little 
electromagnetism and you might have anti- 
gravity." That's theshort-hand version of itand 
here's a deeper look. 


Mike Wright, resident physics expert at 
BeyondTheOrdinary.Net web stream radio, 
told me this: "When forces create curvature 
(such as rotation) in more than two planes, a 
torsion field results. Not only does the object 
go around, but it goes around and 'down!' or 
‘up’, and the up/down movement is an 
additional acceleration in that dimension. EM 
and gravitational fields differ by having a 
magnitude of force and only one direction of 
movement. 


"A tornado is a structure of air in air. A 
whirlpool is a structure of water in water. So, 
because more than two planes are involved, 
objects can be created from 'nothing'; that is 
to say that objects can be created from the 
medium of the environment, such asa tornado 
from two air masses of differing temperature." 


So spin plus movement is the key. Again, Tim 
Ventura is on the hunt. He demonstrated to 
me that spinning magnets will cancel 
out their magnetic fields sufficiently so 
that two magnets facing each other with 
like poles will not push each other away 
if one of the magnets is rotating 
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perpendicular to the force of 
opposition. It's not anti-gravity, but it 
gets uscloser to the heart of the matter. 


Further, Russian physicists have been 
researching the torsional effects of both sub- 
atomic particle spin, and the loss of 
gravitational mass in planets from the angular 
momentum of their orbits. Spinning makes 
something happen, but what? Tornadoes and 
Mother Nature might have a few clues. 


Tornadoes spin, in a sense, although no one 
is Oklahoma who has spent a night in a 
storm shelter during an F5 event would 
describe the tornadoes in the night sky as 
spinning. Nevertheless, tornadoes have 
anomalous effects that are legendary: blades 
of grass stuck into mirrors, a piece of straw 
embedded flawlessly into a tree trunk. How? 
It seems as if the laws of mass, gravity and 
inertia are melted as winds swirl at speeds 
up to 300 mph in an organized vortex 
pattern. Is this a clue to melting the pull of 
gravity? 


Getting information to this question has not 
been easy. Many scientists claim not to have 
even heard of torsion fields, including particle 
physicists at major US universities. So, again I 
turn to Nick Cook and The Hunt for Zero 
Point 


Dr. Dan Marckus says that if "you generate a 
torsion field of sufficient magnitude the 
theorysays you can bend the four dimensions 
of space around the generator. The more 
torsion you generate the more space you 
perturb. When you bend space you also bend 
time. 


Marckus continues, "If you dipped ...one of 
these whirlpools ... into the zero point 
energy field, the seething mass of latent 
energy that existed on an almost 
undetectable level all around us [in the field 
would]... react inan almost magical way by 
directing that energy." 


The torsion field, in effect, is "a pump, a 
‘coupling’ device that could dip into, and then 
direct, energy out of the zero point energy 
field." "But," Marckus continues, "the vortex 
wasn't a three-dimensional phenomena or 


even a four-dimensional one. It couldn't be. 
Fora torsion field to be able to interact with 
gravity and electromagnetism it had to be 
endowed with attributes that went beyond 
the three dimensions of left, right, up and 
down, and the fourth-dimensional time field 
they inhabited; something that the theorists 
for convenience sake labeled a fifth 
dimension-hyperspace." 


Cook concluded that the torsion fields "bind 
with gravity...to produce a levitation effect - 
- an antigravity effect," but "it wasn't doing 
so in the four dimensions of this world, but 
somewhere else." That somewhere else is 
hyperspace. So how do we activate 
torsion fields and enter hyperspace? 


Dr. Eugene Podkletnov may have a clue. 


Podkletnov, the Russian researcher working 
in Finland, has studied the gravity shielding 
effects of superconductors. Again, Nick Cook 
in The Hunt, relays vital information. Cook 
says Podkletnov claims, "If the 
superconductors are rotated considerably 
faster than 5,000 rpm... the disc experiences 
so much weight loss that itactually takes off" 
Thus, torsion field creates levitation. I 
emailed Dr. Podkletnov to find out more 
about this issue. He replied: "[A] fast rotating 
object can, under certain conditions, cause 
the polarization of the volume that it 
occupies in space and around it. This 
polarization causes the gravitational effect as 
it modifies [the] local gravity field. The vortex 
of the polarized particles will create a vertical 
thrust with a certain force and spatial 
momentum. Some scientists call these 
polarized particles gravitons. The term 
graviton is an artificial one and at present we 
are not sure if it is a wave or a particle and 
what type of particle. Maybe it is a usual 
tachyon ora superluminal neutrino (a faster- 
than-light-particle). Polarization of the 
media means that the spins of electrons, 
protons, neutrons and of small subatomic 
particles that constitute the fabric of space 
or vacuum would be parallel. Then a kind of 
gravity well is formed and the objects tend 
to fall into this well. We observe this picture 
as an object rising to the sky. Polarization of 
the media (of space) causes some glow 
around the object as it acquires additional 
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energy and because of it, the glow around 
some objects is observed." 


What I understand from Dr. Podkletnov is 
that gravity is the effect of spin -- the spin of 
all subjected particles, from the sub-atomic 
level and up being parallel; thus they are all 
aligned to fall into the gravity well of earth. 
And spinning objects, such as _ his 
superconducting discs, when influenced 
additionally by an electromagnetic field, will 
experience a shift in the spin of the sub- 
atomic and atomic elements. They will be 
turned and not be aligned in parallel. Thus, 
they are able to levitate. 


But how to polarize the media and get 
things spinning? Enter Dr. Marcus 
Hollingshed, an enigmatic figure allegedly 
from Cambridge University. Dr. 
Hollingshed claims to have built a six- 
ringed toroidal coil antigravity device, 
which achieved great effect using rotating 
magnetic fields. In January 2003 he 
announced on the Internet that he has 
developed a 160kg vehicle able to lift in 
excess of 2000kg and that it has both 
horizontal and vertical drive features. His 






ELECTRICAL 
LEVITATION 


device cannot only go up and down and 
sideways, but it can push things away and 
pull objects to it. 


In addition, the field that the device 
purportedly generates is capable of being 
broadened and weakened, or narrowed and 
amplified in a lensing effect, with the field 
producing an absolute vacuum of 2.2m 
spherical diameter. Best of all, when it's 
cranked up the core of it goes invisible, 
although the term Dr. Hollingshed uses is 
that there is a "loss of reflected light." There 
are no reports of independent confirmation, 
and Nick Cook says he hasn't been invited 
to see it, so, he's skeptical. 


Where does this leave us? Perhaps Dr. 
Podkletnov's words sum up our current 
situation."Modern theoretical physics cannot 
give you the direct answer to your questions 
(levitation, torsion fields, etc.,) anda scientist 
who would agree to give you the answer 
cannot be regarded seriously, softly speaking. 
If you had asked Dr. Einstein if he were an 
expert on gravity, the answer would be NO. I 
can repeat his words: No, lam nota magician, 
yet; lam still learning." 





Wayne Macleod, USA 
Email: dynamars2 100@yahoo.ca, cwleod@shaw.ca 


Gravity is the incremental slowing of time as 
we move closer to its source. If we imagine 
panes of glass stacked on top each other, one 
pane slightly denser than the one immediately 
above, a ray of light coming from above will 
constantly refractin a curved beam downward 
as it enters the stack. The same is true of a ray 
of light entering a gravity field. The analogy is 
not too far fetched because refraction is 
caused by a slowing of light in the denser 
medium. Of course, gravity affects material 
objects as well as light, but this is explained by 
every object traveling on a 'world line' in 
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spacetime. We can use light as in the glass 
example because light is its own world line. 


Why the world lines of objects take the paths 
they do can best be understood by 
compressing our normal 3 dimensional space 
into 2 dimensions, length and height only. 
When we throw a stone into the air it rises and 
falls in a parabolic arc in these two space 
dimensions. That path in space is a complete 
mystery until we consider another dimension, 
time, a dimension we can imagine measured 
at a right angle to the plane of the 2 space 
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example because light is its own world line. 


Why the world lines of objects take the paths 
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dimensions. By multiplying the time of the 
object in flight by the speed of light, we have 
a three-dimensional coordinate system, not 
of space but of spacetime. We can then graph 
the world line of the object. So why does the 
object fall? It is because spacetime near 
massive bodies is curved. A remarkable fact is 
that the curved world lines of all objects in 
the same gravity field, whether of a thrown 
ball or fired bullet, have the same radius of 
curvature. Hence all objects fall with the same 
acceleration. 


To neutralize gravity we must somehow 
'straighten' the world lines of objects traveling 
in curved spacetime. It would be as if we had 
in our stack of glass panes a bubble, around 
which the density of glass became less on 
approach to the bubble. Then the ray of light, 
when close to the bubble, would refract 
opposite to the path it would normally take 
when traveling thought the rest of the glass. 
Similarly, if we could manufacture a 'time 
bubble' in a gravity field opposite to the time 
slowing known as gravity, we would have any 
object embedded in the time bubble isolated 
from that gravity field. 


The Electrical Levitation theory can best be 
understood by first considering an analogy. 
Let us imagine a wheel spinning on an arm 
like a child's propeller toy. The arm also 
rotates, in a direction opposite to the 
spinning wheel. We consider the rate of 
spinning of the wheel from the point-of-view 
of two observers, one observer stationary on 
the ground, the other observer rotating with 
the arm. Obviously the two observers will not 
see the same rate of spinning on the wheel. 
Because the arm is rotating opposite the spin 
of the wheel, its rotation must be subtracted 
from the rate of wheel spin as seen by the 
stationary ground observer. This is not true 
of the observer rotating with the arm, who 
will see the spin of the wheel as if there were 
noarm rotation. 


The concept is easier to envision with linear 
motion, such as ofa man throwing aballona 
moving train. The velocity of the ball seen by 
the pitcher on the train will not be the same 
as its velocity seen bya stationary observer on 
the ground. As the stationary observer sees it, 
that velocity will have the train's velocity 


subtracted from it if thrown against the 
train's velocity. It is the same with rotary 
motion: the velocity of the wheel for the 
stationary observer is slower because the 
arm's rotation is subtracted from it. 


But suppose the wheel rotation is thesame for 
the two observers! Something must be 
different between them, and that is time. As 
explained by Special Relativity for linear 
motion, time is not a universal constant; it 
differs between observers depending on their 
relative motion. The property of nature that 
is constant, that produces this relative time 
difference, is the speed of light. So we must 
look for a similar constant in nature for a 
relative time difference between observers in 
our rotary example. We have one inelectron 
angular momentum, known as electron 
"spin," h/4a = 5.28 x 10° kg-m/?/sec, where h 
is Planck's constant. Like the speed of light, this 
quantity is constant forall observers, whether 
the observer is on a rotating system or 
stationary on the ground. Here is the tool for 
producing our time ‘bubble’. 


Let us now imagine a series of concentric 
rings, all rotating in the same plane and in 
the same direction. Electric current is 
pushed through these rings in the same 
direction as the ring rotation. (Current here 
is considered the flow of electrons, not 
conventional positive current.) The rotating 
rings are sandwiched between two 
magnetic plates, the function of which is to 
maintain the angular momentum of the 
current electrons oriented properly with 
ring rotation. 


Analogous to the above example, each 
electron takes the place of the spinning 
wheel and the rotating arm is replaced by 
the rings. Thus, because electron angular 
momentum is a universal constant, an 
observer of the electrons in this rotating 
system will not have the same time as a 
stationary observer outside it. If each 
current electron has its "spin" oriented 
opposite the rotation of the rings, time on 
the rotating system would run faster than 
fora stationary ground observer, the same 
as in empty space relative to the Earth. The 
rotating system would therefore have the 
world line of empty space, not that of the 
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gravity field. Its spacetime would not be 
curved. Since gravity is a _ time 
phenomenon, such a system in a gravity 
field could not have the behavior of a 
normal object. This conclusion may seem 
erroneous considering that ring rotation 
could never reach relativistically significant 
velocities, but we have an analogy with 
magnetism that is caused by a Lorentz 
contraction of the distance between 
moving electrons. If we considered the 
diminutive drift velocity of electrons alone 
we would never conclude that magnetism 
was possible, but the effect isaccumulative 
over trillions of electrons. The hypothesis 
here is that the same is possible with the 
trillions of free electrons oriented with a 
spinning ring, to produce an accumulative 
time effect. 


We now come to the controversial part of this 
theory because the above treats electron 
angular momentum the same as angular 
momentum of a normal physical object, 
whereas the electron is a quantum particle 
and quantum particles have their own 
realities with bizarre consequences when 
analogized with our macro universe. For 
instance, the electron has quantum spin 
number 1/2,andsuch a particle would have 
720 degrees in one rotation, not 360. 
Nevertheless, the electron does possess di- 
pole magnetism. Itdoes behave asaspinning 
ball with negative charge. Electrical 
Levitation is therefore an empirical theory. 
The property of the electron that gives 
electron di-pole magnetism cannot be an 
actual physical rotation, but whatever that 
quantum property, if it produces di-pole 
magnetism there is reason to expect it to 
produce other macro physical phenomena as 
if it were. 


The theoretical finding of General Relativity 
that time runs slower in a gravitational field 
was confirmed by the Pound-Rebka 
experiment in 1959. It is not that gravity 
causes time slowing, gravity is time 
slowing. Since time and energy are 
reciprocal, more time on our rotating ring 
system would mean less energy seen by an 
observer in that frame of reference than seen 
by a stationary observer on the ground, the 
opposite of the red shift ofa gravity field. This 


energy difference must equal the energy of 
the mass in a gravity field that is to be 
levitated, its energy of weight, and lost. 
Experimenters should therefore be aware 
that their device might radiate. But this is not 
a free energy machine. The energy of 
levitation comes from its magnetic field, and 
the electron magnetic moment energy turns 
out to be V, = mc? divided by the electrical 
current, mis the mass to be levitated and cis 
the speed of light. This is an enormous 
amount, but becomes practical if enough 
electrical current can be sent through the 
rings. That means the electrical resistance of 
the ring material must be very low. For 
copper it is not. No material currently exists 
with sufficiently low electrical resistance at 
room temperatures, butsuperconducting 
materials exist that at cryogenic 
temperatures experience a dramatic loss of 
electrical resistance. 


An experimental device can therefore be 
envisioned using a superconducting disc 
substituting for the electric rings. The disc 
would serve as a conductor for an electric 
current and would therefore need to be sliced 
along one radius with an insulator placed in 
the notch. Both edges of the notch would be 
connected to a power source by brushes 
rotating with the disc. With acounterclockwise 
disc rotation as seen from the top, to have 
clockwise electron “spin” the magnetic field 
between the plates would have to be up. Only 
the moving free electrons of the current will 
beavailableforany time alteration effect. These 
will also produce a magnetic field, which 
itis reasonable toassume would be of the 
same time alteration effect as the 
electrons, thus producing the required 
alternate time “bubble”. 


The resources required for an experiment 
using superconducting material at cryogenic 
temperatures are beyond this writer's means 
and an experiment has not been attempted, 
but an experiment at the Tampere University, 
Finland, 1992, using a superconducting disc 
suggests that gravity shielding is possible. 
Owing to the immense advantages 
gravitational shielding would give to the 
present interest in space exploration, effort 
toward its development would be logical. 
This essay may offer clues on how to begin. 
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Editor: I find the article by Wane McLeod 
quite interesting as his approach is very 
similar to the idea I first presented in my 
report at the "Space, Time and Gravitation" 
Conference which took place in St. 
Petersburg in 1998. The report was included 
into The Proceedings of the Conference, 
Part I, 1999. Before that the brief version of 
the article was published in English in the 
"ELECTRIC SPACECRAFT" magazine, 
Leicester, North Carolina 28748 USA, Issue 
27, 1997 p.30-31. 


I managed to demonstrate that the ideas of 
Thomas T. Brown, especially his USA patent 
# 3,187,206 of 1965, are something more 
than just the force asymmetry in the electric 
capacitor. According to the concept 
presented in my report, by creating a matter 
property gradient (in particular, the 
dielectric permittivity gradient) we actually 
change the curvature of the electric force 
line in space. Normally, the natural space 
curvature accounts for the electric field 
potential decrease with the distance 


increase from the surface of the charged 


object. By creating the dielectric 
permittivity gradient (described by T.T. 
Brown in his patent of 1965) we change the 
natural distance potential gradient law. We 
can both increase and decrease this change 
and even reverse it. With the dielectric 
permittivity change square function, the 
natural space curvature is completely 
compensated and with more extent it is 
reversed and can be turned to negative. At 
that rate, the potential is not decreased but 
increased with the increase of the distance 
from the surface of the charged object. This 
is the essence of my concept that has never 
been considered before by any author. By 
creating the gradient described by the 
quartic function we get the same distance 
potential gradient law as in the natural 
conditions only with a different sign! 


T.T. Brown, who discovered a force in 
capacitors with a special dielectric, offered 
the practical application of this concept. 
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However, he did not find the source of this 
force, which, according to my concept, is 
conditioned by factors: the 
corresponding dielectric property gradient 
function and the elastic properties of the 
dielectric material, which is of no less 
significance. Normally, dielectric particles 
are attracted to the charged surface but 
when the reversion of the curvature of 
electric field force lines occurs, they are 
repulsed from it and we can use this 
propulsion force. Elastic deformations 
(including those occurring during the 
pulsating operation of the field) account 
for the reaction forces equivalent to the 
generated propulsion force. Thus, the 
momentum conservation law is in action, 
however, the device is still moving. 


two 


T.T. Brown also considered other ways of 
generating a force, such as the material 
magnetic property gradient. Logically, by 
analogy with the electric field we can 
consider the gravity field, which can be 
"designed" and "reversed" by means of 
creating a matter with the density gradient. 
At that rate, the gravity potential must 
change in accordance with a certain law 
when the distance from the gravity field 
source being increased. 


We should also note that the local space 
volume levitation effect with the accelerated 
or decelerated time rate was first described 
in my articles "Physical Principles of the Time 
Machine", NET #3 (6), May-June 2002 and 
"Practical Application of the Time Rate 
Control (TRC) Theory", NET #3, November- 
December 2001. 


Our company conducts experimental 
researches on creating new materials that 
possess the properties described. We are 
interested in serious business contacts 
with companies in the aerospace industry 
to further discuss eventual cooperation 
projects in this field, including co- 
patenting. 


Alexander V. Frolov 
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Vladimir I. Likhachev, Russia 
Krasnodarskaya str., 38/20-34, Moscow, 109386 


In several issues of the "Nature and man. 
Light" magazine in 1995-97 my colleague 
E.Oparin and I wrote on the unscientific 
character of absolutizing the law of 
degradation of energy, on the important issue 
of creating the perpetuum mobile of the 
second kind utilizing infinitely available 
environmental heat energy.Weevensenda 
letter to Yury S. Osipov, the Russian Science 
academy President, but received no reply. 
Notwithstanding many official discussions, 
there are no well-reasoned objections to our 
arguments or proof on the part of "high" 
official science, because, in fact, we are right. 


I have recently received one more 
confirmation: bright and feasible data on the 
negentropy cycle (the cycle with 
spontaneous reduction of entropy) with a 
chemically active working substance that will 
be described later. 


After the publication of Victor M. 
Brodyansky's book"Perpetuum Mobile in the 
Past and at Present. From Utopia to Science 
and from Science to Utopia", Second Edition, 
one can not but return to these issues. More 
so because the foreword of V.A. Fabricant, 
member of the USSR Academy of Pedagogical 
Sciences, claims the law of degradation of 
energy to be the"law of nature" and supports 
shamefully the deformation of the 
monothermists, especially P.K-Oschepkov, by 
academicians P.Kapitsa, L.Artsimovich and 
LTamm ("Pravda" of November 22, 1959), 
followed by E. Velikhov, A.Prokhorov and 
V Sagdeyev ("Pravda" of June 22, 1987). 


After the publication of Brodyansky’s book I 
met the author several times (notably at a 
special seminar in The Moscow Energy 
Institute) and expressed my opinion about 
his book: the book avoids serious discussion 
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of the monothermists, stresses their failures 
which are quite normal in the initial 
development of perpetuum mobiles of the 
second kind. 


For example, Brodyansky knew about 
Tsiolkovsky's discovery. Guay's book "On the 
Little-Known Hypothesis of Tsiolkovsky" is 
listed among the First Edition references. But 
Vladimir Brodyansky avoided analyzing this 
discovery both"in the past" and"at present". 
The Second Edition references even list the 
"Physical Thought in Russia" magazine, 
issue *1 of 1991, that contained for the fist 
and only time the modern edition of the "Law 
of Degrading of Energy" by Tsiolkovsky. "At 
present" V. Brodyansky knows my analysis of 
Boltsman's mistakes but he paid no scientific 
attention to my analysis either. 


In Brodyansky’s book the description level of 
chemical reaction cycles is even lower than 
that of Schpilrine. Schpilrine at least tried to 
present his arguments but here we see 
unsupported statements "justified" by the 
phrase "the detailed discussion would take 
too much space". Vladimir Brodyansky's 
analysis of anti-Stokes luminescence 
(pp.216-219) is also superficial. Dissipative 
and entropy processes prevail in it. But if 
there is evidence supporting higher 
frequency quanta than the frequency of 
radiating flux, it is the evidence of 
negative entropy. Vladimir Brodyansky 
not only is familiar with it and also shows it 
by the example of investigating the Sun and 
the Earth (p.247). 


Vladimir Brodyansky’s analysis of Rank’s tube 
(pp.235-237) displays the same tendency. In 
the Rank's tube the dissipative processes also 
prevail. Its effectiveness as a refrigerator is 
lower than in the traditional schemes. 
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But one can not deny the existence of 
negentropy processes in it. It is these 
processes that "originate" the cold gas flow. 
And Brodyansky's "origination" on p.236"The 
vortex tube in fact divides the coming gas 
into two fluxes: heated and refrigerated" - is 
totally false. That can be performed only by 
"Maxwell's demon" that does not exist in 
substance. 


The refrigerated flux in the Rank's tube is 
formed by the "Tsiolkovsky's flux" by way of 
heat transfer "from cold to hot", from the tube 
center to its circumference by centrifugal 
accelerations. On its basis (to be more 
exact, on the basis of Finko's tube) the 
perpetuum mobile of the second kind can be 
created. And we have this engineering 
solution. E.Oparin and I made the 
corresponding patent application for an 
invention but the Federal Institute of 
Industrial Property again refused to consider 
such applications. Here one can see similarity 
with the causes of re-edition of Vladimir 
Brodyansky's book. And one need not be a 
big politician to admit the reality and 
understand the sources. 


Environmental and, especially, anti-nuclear 
movement is invincibly expanding. Danger 
to human life and threat of ecological 
catastrophe are quite real. The Second 
Edition of Brodyansky's book protects 
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behind scientific arguments those who use 
Russia as a source of easy money and then flee. 


But we like our country - vast and austere. This 
austerity and space form REAL PEOPLE and 
support humanity and materialistichumanism 
of the energetic and talented, not just the rich. 


In modern Russia the powerfully spread 
alcoholism, debauchery and drugs are the 
instruments of slavery. But the monothermy 
and development of alternative power 
engineering will become basis for Russia's 
revival and unprecedented prosperity. 


Russians learn slowly, sometimes, very slowly, 
even disgracefully slowly. But we will learn. 
And then no one will stop us. The following 
tips are meant for those who are ready to risk 
their efforts and facilities in order to build 
alternative energy knowledge base: dissipative 
and negentropy processes are inseparable and 
very often their mechanism is the same. In our 
environment the dissipative processes are 
more effective and hide the negentropy ones. 
No dissipative process combination can 
generate the negentropy cycle. Look for 
examples in Brodyansky's book. To create the 
negentropy cycle and use the environmental 
energy at least one negentropy process is 
required that has effectiveness and 
negentropy exceeding entropy growth at all 
levels of the cycle. 





News from “IntAlek” Company 


William Alek [alekws@intalek.com] has updated the latest and greatest ZPOD system drawings: 


hhtp://www.intalek.com/Index/Projects/SmartPAK/Projects/ZPOD/ 
ZPOD_System05.pdf 


This is release 5.0 


Here is the latest electrical schematic: http://www.intalek.com/ZPOD/ZPOD_System05.gif 


Based upon his "preliminary" tests thus far, he estimates the COP is around 2.0. This estimate is 
interpreted from the following scope traces: 


http://www.intalek.com/ZPOD/in.GIF 


re 
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Alan Francoeur’ s Generator. 
Canada 





Alan L Francoeur, Canada 
Email: al f@shaw.ca 


This is my writing and development about 
the Interference disc generator, and the 
permanent magnet dynamo machine, and 
other related inventions. I have always been 
intrigued with electricity and magnetism and 
aetheric energies starting at a young age. 
Back in 1980 I wanted to do something to 
help get my large vehicles better fuel 
economy. With this goal in mind, I 
experimented and designed my first heat 





Fig. 1 


I invented the Interference Disc generator 
concept while I was employed at Giant 
Yellowknife Mines NWT from 1983 to early 
1986. The idea of using metal blocking plates 
to shield magnetic fields stirred in my mind 
while working around heavy electrical mining 
equipment, and 1000hp and other electric 
motors with exposed coils that have heavy 
metal around the outer casing. I did a search 
at the time and found John Ecklin's work very 
interesting with his application of the 
shielding effect. During my off time in 
Yellowknife, I was experimenting with the 
interesting effect of producinginduction with 
a stationary coil mounted beside a stationary 
magnet with a small air gap maintained 
between the magnet and the coil. During the 
construction of my first disc machine, I called 
it the Interference Shielding effect because of 
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Fig. 2 


exchanger vaporizer system to do my part to 
clean up our cars and trucks, fig. 1, 2,and 3 are 
two earlier vaporizer units under construction. 
For more information about this fuel system, 
please refer to my vaporizer fuel system repott. 
The main body of this writing is referring the 
permanent magnet dynamo system that has 
been in the making since 1987, starting after 
the development of the interference disc 
generator. 





Fig. 3 


the interference the blocking disc does to 

cause induction, thus the Interference Disc 

Generator fits the description. The first 

transformer coils I used to test the interference 

shielding effect were used from old radios, and 
the magnets were alnico types. Back in 1986 

in Calgary Alberta, a friend Bud Johnson and I 

constructed the first test disc generator model 

using alnico magnets, fig. 4, and later ceramic 

magnets were installed. Months later I 
designed and began construction of another 

larger Interference Disc machine with 

horseshoe shape neodymium 35 grade 

magnets mounted on the outside, and with the 

NandS magnetic poles facing toward the coils 

in the center portion of the machine. The coils 

and magnets in this larger machine are 

mounted in reverse of the first Interference 

Disc generator, fig. 5, 6. 
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Fig. 4 


Fig. 6 
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General description of the interference disc 
generator 


The Interference Disc electrical generator is made of a 
stator (114) consisting of an array of even number 
parallel mounted bar magnets (112) arranged and 
supported (114) in a circular fashion equidistant from 
each other, where the polarity of the magnets (112) are 
alternating when viewed at either end. Fig. 7 





Fig. 7 
Magnetic bars assembly (rotor) 


Also in the stator fig. 8, (102) there are twice the number 
of coils (111) as bar magnets (112) wound in pairs on 
U-shaped cores (110). One half of the coil pairs 
mounted at one end of the bar magnets (112) in the 
same circular fashion, each corresponding to and 
aligned opposite to a pair of bar magnets (112) and 
separated from it byan air gap. On the other end of this 
pair of bar magnets (112) there are another set of coils 
(111) aligned likewise. 


The rotor is made of two magnetically susceptible 
circular plates (109A or 109B) (such asiron or steel) Fig. 
9, centrally mounted on an axle (107) fig. 7, which is in 
respect to the array of magnets and coils Fig. 9a. 
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The interference discs (109A or 
109B) are separated from each 
other so that they can rotate in the 
ait gaps between the magnets (112) 
and the coils (111). The 
interference discs (109A or 109B) 
have a number of equidistant 
opening, either more or less in 
number than the number of 
the bar magnets (112). 


The arrangement and size of the 
Openings are such that when the 
discs (109A or 109B) are rotated by 
an outside motive force, they open 
the magnetic field between 
adjacent bar magnets (112),and the 
opposing coils (111) at both ends 
of the stator (114) simultaneously. 
Hence inducing an alternating 
electric current in the stationary 
coils (111) fig. 10. 


By opening and closing the 
magnetic influx to the core (110) of 
Fig. 9 the coils (111), an alternating 
current will be generated in the coils 
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Magnetic bars assembly (stator) 
Option II: multable magnetic coil-disk assembly 
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Fig. 10 


(111) in a retro-order to the rotational 
direction of the interference discs (109A or 
109B). Depending on the number of 
magnet-coil assemblies three phase AC 
current can be obtained. The regulation and 
attenuation of these currents can be achieved 
by known electric engineering methods ( Fig, 
10). 


The efficiency of the unit would vary greatly 
depending on the speed of rotation, the 
width of the air gap, the strength of the 
magnets, and the materials used to construct 
the coils. I used nickel base amorphous 
metglass in the coils in both the smaller and 
larger machines, which as a result, shows 
greater efficiency as compared to 
conventional core laminates. Less energy is 
needed to spin the balanced disc rotor while 
causing a larger moving magnetic field to 
cause induction in the stationary coils. With 
this effect, it is easy to visualize the 
advantages this design has over conventional 
generators and motors. New testing of the 
coils will be conducted after the machine 
goes through all the upgrades to eliminate 
the problems with the warping interference 
discs. 


The Interference Discs Generator described 
in this document has the potential to 
produce more than unity effectsbyeasy 
turning of a magnetically balanced (non- 
warping) interference disc. Optimizing the 
device with closer tolerances and correctly 
selected materials and incorporating internal 
magnetic balancing, will add to the success 


and improved performance of this unique 
generator design. 


Improvements can be made with this design 
while the operating principal remains the 
same. Looking at the photographs included 
you will see the Ist proof of concept 
generator frame is constructed mainly from 
aluminum, this metal was used only because 
it was inexpensive material and easy to work 
with fig. 11. Non magnetic and non- 
conductive materials should be used to 
construct the generator frame supports to 
eliminate the eddy current losses. All of the 
nuts and bolts used to hold the disc 
generators together worked well for making 
the test machines capable to have adjustable 
air gaps, however, they can all be eliminated 
with design changes that preset the gaps and 
tolerances to optimize the conditions of the 
interference disc effect. 
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Many improvements were adopted in 
the next larger *2 version of the 
Interference Disc generator fig. 12. 
Phanolic materials (non conductive 
and non magnetic) were used in the 
frame supporting the magnets and the 
coils, thus eliminating eddy current 
losses within the frame support. Large 
aluminum E bars were used to support 
the magnet frame support and the coil 
frame support with no noticeable eddy 
current losses. The aluminum used is 
positioned further away from the coils 
and magnetsin the larger generatorso 
as not to be affected by the magnets. 
Larger more powerful neodymium 
magnets and I shaped transformer 
coils were installed and tested in the 
larger machine which showed an 
increase in output power 
over the 1st machine fig. 13. Using 
more powerful neodymium magnets 
in this larger disc machine created 
some problems with the interference 
discs. Not only did they warp the discs 
they caused them to vibrate and 
chatter causing the fins to hit the 
magnets and the coils. I increased the 
air gap to over halfaninch and moved 
the disc further away from the magnets 
to prevent damage. The effect was a 
reduction of magnetic flux 
reaching the coils that reduced the 
power output. The discs must be 
constructed much stronger and rigid 
if using neodymium magnet 
grade 35 or greater, then 
the air gap can be closed so more 
magnetic flux = will reach 
the coils allowing for a greater 
electrical output. 


The wiring of the coils circuit can be 
constructed by known engineering 
methods to achieve AC or DC power, 
andlikeany conventional transformer, 
wind the coils with heavy wire for 
more amps and more turns for more 
volts. The coils are stationary in this 
machine which makes it easy to 
harness AC power directly from the 
coils without brushes. All coils that are 
in phase can be wired in series or 





Fig, 12 





Fig. 13 
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parallel, the number of the blocking plates on the interference disc determines the phasing of 
the coils. 


The diagram in fig. 14, 14a shows the path of the magnetic flux movement in relation to the 
position of the blocking plates of the interference disc. The magnetic field in the core/coil is 
switching polarity as the interference disc fins alternately moves in and out of the air gaps on 
each side of the coil. As you can see, depending on the position of the disc, positive and negative 
induction takes place for AC output of the coils. John Ecklin has achieved this effect using 
rotating blocking plates. I have achieved the same effect using balanced rotating interference 
discs with multiple stacks of isolated coils and poles mounted in a circle equal distance from 
each other. | 





Fig. 14 Fig.14a 


The effect I reproduced with Gary Wesley's permanent magnet motor is related to the 
Interference Disc generator in the fact that blocking plates are used to shield the magnetic 
field, only we differ on methods to balance the blocking shields. Gary Wesley used springs to 
carefully balance the blocking plate, and I used a different number of interference fins working 
with the magnets to balance the blocking plates. The magnets in my Interference Disc machine 
become the springs. 


More photos of both Interference Disc machines are shown in fig.15, 15a and 15b below. 





Fig. 15 
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Fig. 15b 


Closing comments on the disc 
generator 


In closing this discussion of the Interference 
disc generator, I would like to go over and 
point out some of the concepts that I 
incorporated into the design of my permanent 
magnetdynamo. 


AsI made further progress and completed the 
later stages of the Interference disc generator, 
it became clear to me to use certain concepts 
of the machine and incorporate them into the 
design of my multiphase permanent magnet 
dynamo. Some of these concepts are 
explained here. 


I have constructed several interference discs 
that have a different number of blocking 
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shields, some with 10 blocking fins and some 
with 11 blocking fins and others with 12 
blocking fins. They are all interchangeable on 
the machine to change the phase relations 
between all the isolated coils. The 12 finned 
disc will produce a single-phase dynamo with 
all the coils in phase, and the 10 finned disc 
on the machine will produce a three phase 
dynamo. One phase represents four groups of 
isolated coils, and the second phase represent 
the other four coils, and the four coils left are 
the third phase, for a total of twelve coils. All 
just by changing the number of fins on the 
interference disc and or adding more layers. 
Using 12 magnet poles and the 10 or 11 
interference fins on the disc, the rotor discs 
becomes magnetically balanced and easy to 
rotate in spite of the load on the coils. The 12 
finned disc has a larger holding force because 


Teh, 


of the same number of fins as 
magnetic poles. However, it can be 
reduced to almost nil by adding 
more layers of interference disc and 
balance them against each other. 
Many in phase coils can then be 
added in series or in parallel to build 
your power levels to any desired 
potential. 


Both machines have stationary 
coils, and the disc generator has 12 
magnetic poles (6N and 6S), and 
the permanent magnet dynamo 
also has 12 magnetic poles (6N and 
6S). The disc generator uses 10 or 
more fins on the interference 
shielding plate per rotor, and the 
permanent magnet dynamo has 10 
or more coils around each rotor. 
There is the same number of 
interference blocking plates as 
there are induction coils on each of 
the two difference machines and 
the number of blocking fins and or 
coils are interchangeable. The back 
emf effects are different on both 
machines, the Interference disc 
generator demonstrates easy 
turning of the discs while the 
stationary coils are loaded, and 
when producing alternating 
current the permanent magnet 
dynamo rotor slows down whena 
load is placed on the stationary 
coils. Both machines produce AC 
power out of the coils and the 
Interference Disc generator has a 
closed magnetic circuit through the 
coils, and the permanent magnet 
dynamo has open magnetic circuit 
through the coils. 


The Permanent Magnet 
Dynamo 


I would like to begin this topic at 
this point by describing my 
permanent magnet dynamo 
machine. 


I designed this machine to be 
completely interchangeable into 
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many different motor generator combinations. These 
combinations involve different number of magnetic 
poles and different number of interchangeable coil poles 
in the same machine, two versions are possible, one with 
isolated coils and another with the coils that share a 
common core fig. 16. 


We can change the magnetically balancing effect 
(holding force) by changing the number of coil poles or 
(interference disc fins) in relation to the magnetic poles. 
This turns the machine into a multipurpose, multiphase, 
variable output, and variable frequency ac dc permanent 
magnet motor generator system. I first designed this 
unique multi purpose dynamo in 1987 after I built my 
third Interference Disc generator. 





Fig. 16 


Dynamo description: 


Rotor: 


It is well known that a bar magnet has its magnetic field 
concentrated at the N andS pole ends, and the half way 
line between the poles of a magnet is the neutral zone, 
this is the region where the magnetic field is canceled or 
neutralized. The ferrous keeper ring I designed for this 
rotor is mounted near the axle and it has machined flat 
decks so the magnets attach flush to the deck of the 
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Fig. 17 


keeper ring. Because of this feature, flux 
leakage is reduced at the keeper ring and the 
magnetic field concentrates at the rotor poles. 
With the poles of the magnet positioned near 
the axle and attached to the keeper ring in the 
rotor, the magnetic field that was there is now 
forced to add magnetic field density to the 
outer magnetic poles on the rotor rim. The 
density of the magnetic field at the poles is 
now greatly increased which makes a very 
powerful small size rotor. The ferrous inner 
keeper ring (active iron) that is installed inside 
this rotor design, is also theneutral zone of the 
magnetic field when viewing all the combined 
permanent magnets in the rotor. Shown isa 
cut away view diagram of the rotor, fig. 17. 


I utilize rare earth rectangular shape 
neodymium grade 35 bar magnets with the 
dimensions of 3" long and 1"x1" on the end 
poles. There are 12 bar magnets mounted 30 
degrees apart in NSNS configuration, and the 
bar magnets are attached to a precision 
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machined inner keeper ring which makes the 
active iron the region of the middle of the 
magnetic field (the neutral zone). Another 
way to view this is to imagine two 3" long bar 
magnets attached together, you now have a 
6" long magnet. Bend this magnet in half and 
install iron at the U and it now becomes a 
horseshoe magnet with two 3" long pole 
ends. It's a powerful rotor design in the fact 
that each of the 3" long bar magnetic poles 
has the field strength ofa 6" long bar magnet. 
More poles on the rotor will allow for higher 
frequency ac generation at lower rpms, 
twelve magnetic poles on each rotor is shown 
in fig. 18, 19. 





Fig. 19 


The drawing in fig. 20 and picture in fig. 21, 
shows twelve magnet poles in each rotor in 
relation to the position of the coils. Ten 
amorphouscores are shown mounted around 
each of three rotors before they were wound 
with magnet wire fig. 21. The machine I have 
constructed houses a total of three rotors side 


TD 


by side that are mounted 10 degrees apart in relation to 
their magnetic poles, each rotor has twelve magnets 
installed for a total of 36 magnetic poles shown infig. 20. 
This dynamo concept can be constructed to any size with 
unlimited numbers of rotors and coil combinations to 
fit any power requirements. 


Fig, 21 


It is well known that a magnet exerts a force of 
attraction to iron bringing them closer together, after 
they have come together, they are in their static 
position. A force must be exerted to either the magnet 
or the iron in order to pull the magnet and the iron 
apart, removing them from their static position. 
The term static position is used to describe the point 





when the magnet and the iron 
bar are at their nearest point. 


As in the Interference Disc 
Generator, this Permanent 
Magnet Dynamo I am describing 
also uses an internal magnetic 
balancing effect which reduces 
startup torque on the rotor. 


In this system, one set of magnets 
isin their static position in relation 
to the coils, such as the impulse 
coils. Another set of magnets on 
one side of the rotor is not in the 
Static position, and there is 
another set of magnets that is not 
in its static position on the 
opposite side. One side is half in 
to the coils, and the other side is 
half out the coils, allowing the 
rotor to have minimal start up 
torque in turning the rotor. The 
magnets function in two jobs, the 
first with its velocity is to cause 
induction into the transformer 
coils producing ac power. 


The second function, is the 
opposite pair magnetic fields on 
the rotor balancing each magnet 
out of their static position in 
relation to the coil positions at any 
given time, they cancel their 
holding force which puts the 
rotor at equilibrium. This reduces 
the amount of start up energy 
required to rotate the rotor 
resulting in higher efficiency. It 
allows the rotor and or multiple 
rotors to turn easily and efficiently 
despite the inherent powerful 
holding force of the rare earth 
neodymium magnets. With the 
three rotor machine 
configuration, I have connected6 
impulse coils in three phase to 
function as the motor impulse 
circuits with a hall effect brushless 
motor controller fig. 22. 


Star wound three phase motor 
impulse coils. 
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Fig, 22 
Star wound 
three phase motor impulse coils 


Two more pictures of the one rotor dynamo option 
are shown with a lhp dc motor turning the rotor 
with an 800 watt load on the coils, six 100 watt AC 
light bulbs, and two 100 watt 12 volt DC light bulbs, 
Fig. 25, 25a. 





Fig. 25 
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The efficiencies of this dynamo are so far inconclusive with regards to producing an endless 
self running machine. Our research is continuing to improve the efficiency by eliminating all 
conventional type ac and dc motors from this dynamo, and incorporating high voltage dc 
impulses of very short time duration's as Ed Gray did with his technology years ago. However, 
a description of my early self running attempts is included near the end of this dynamo report. 
These tests have manifested an abundance of heat in the 24 volt dc drive motor. 


Another picture of the three-rotor dynamo configuration is shown with 12 regenerating ac to 
dc coils, and with the motor impulse coils removed fig. 26. 





Fig. 26 Fig. 26a 


Another close up of the regeneratingcoilsand Tests to produce an abundance of 
three phase motor impulse coils is shown on heat 

the dynamo fig. 27. 

I have testing the machine so as the output 
coils are connected to regenerate a 12 volt 
battery as the motor is turning the rotors. I 
used a bran new conventional permanent 
magnet 1/4 hp 24 volt dc motor that is 
running on 12 volts to turn the 110 pound 3 
balanced rotors, and or the 35 pound 1 
balanced rotor version. 


The regenerating output coils produce AC to DC 
power with no noticeable ripple on the scope. 
The generated direct current from the coils is 
connected to go back into the battery, in which 
the motor uses to produce the torque needed 
to rotate the rotor. As this happens, the 
regenerated dc power from the coils is again 
going back into the battery first, and then to the 
motor. Theresultis that the battery supplies less 
power tothe motor when the regenerating DC 
current is going into the battery. The motor 
takes on a load from two sources, one is from 
free wheeling the rotor with out loading or 
drawing current from the coils, and the other is 
the load induced on the motor when the coils 
Fig. 27 are loaded to produce current. 
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The dc permanent magnet motor has shown 
that during one of many switch mode tests, it 
consumes 15 ampsat 12 volts from the battery 
while a chosen number of regenerating coils 
supply ? the amount of current going back to 
the battery. The battery supplies 50% of the 
amps and the regenerating coils supply the 
other 50% amps. This effect can be changed 
depending on how many open isolated 
regenerating banks of coils are activated and 
loaded. 


This test shows a 15 amp draw the motor 
while it is turning the rotors under load while 
regenerating current from the coils. It maybe 
they balance each other and both battery and 
coils supply 7.5 amps each that make the total 
15 amps draw on the motor. This accounts 
for the 15 amps total load that is shown on 
the dc drive motor. It produces an excessively 
large amount of heat in the dc motor that is 
useable output energy. On a larger scale the 
heat generated in a given motor can be 
enormous. More accurate measurements are 
needed to determine the true energy in verses 
energy out. 


However, this electric heat pump effect can 
be altered to produce more or less heat 
depending on the size and type of the drive 
motor, and the amount of regenerating coils 
that are placed under load. Cooling tubes 
wound around the motor with water flowing 
through them is a way to pull the heat out 
for useful applications. Hot water from the 
drive motor and electric power from the coils 
at the same time. 


After running the machine, the amorphous 
regenerating coils remain cool to the touch 
whereas the conventional dc motor gets very 
hot with higher amps going through it. The 
machine also has a longer running time when 
the coils are regenerating the battery, as 
compared to running an outside equal load 
with the same amp draw, in that case the 
battery drains much faster. 


This sheds light with the observation of high 
heat build up in the motor side (less efficient 
side) of the circuit while being cooler on the 
generator side (amorphous side) of the 
circuit. After hours of run time the battery 


begins to drain, when this happens, the 
battery begins to show tangible 
temperature changes from one side of the 
battery to the other. The whole negative side 
of the battery remains cool to the touch 
(temperature drop), while the whole 
positive side of the battery gets warmer to 
the touch (temperature rise). The effect is 
repeatable and only happens when the 
regenerating coils are connected to charge 
the battery as it is running. It may be 
approximately 20 degrees difference in 
temperature, depending on how many 
regenerating coils are activated sending its 
current to the battery. There must be 
exothermic reactions and endothermic 
reactions going on inside the battery motor 
generator combination that is causing this 
temperature difference. The load and heat 
generated can be changed the on the motor 
from the flick of aswitch that activates and 
loads the output coils, which in turn dumps 
it's energy back into the battery pack or 
outside load. The efficiency ratio of the 
machine changes depending on how many 
and which banks of regenerating coils are 
activated, which again also effects the 
temperature difference manifesting on each 
side of the battery, motor, and amorphous 
coils. 


Other tests 


An Automotion dc brushless 3 phase motor 
controller with hall sensors was used to test 
the machine in fig. 26a. Tests have shown 
the lhp dc motor and the three phase 
brushless dc motor controller will not be 
the answer to closing the loop on this 
motor generator machine. The brushless 
controller has a 50% duty cycle which will 
not manifest the electro radiant effect, and 
it also has a constant draw on the battery 
as a regular dc motor does. It is much less 
efficient than using very fast and short 
unidirectional dc impulses in the motor 
impulse coils to kick the rotor around. This 
brings the subject of Nikola Tesla's 
magnifying transmitter and Ed Gray's 
radiant energy impulse motors to light, and 
a possibly answer to closing the loop fora 
real auto-rotating machine. 
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Before I go further with this, lwant to point 
out the many phase possibilities this 
dynamo has. If you look at the coil 
arrangements in the 10 coil machine, you 
can clearly see the coils that are in phase 
with each other. When a second and third 
rotor is installed with all the coils attached, 
one pair of coils on the first rotor is in phase 
with another pair of coils on the second 
rotor, and another pair of coils is in phase 
on the third rotor. With the ten coil to 
twelve magnet pole rotor assembly, the 
machine has five phases of isolated banks 
of coils. If twelve coil mounting bars are 
attached around the three rotors, and the 
three rotors are spiraled off set by 10 
degrees, you will have a powerful three 
phase dynamo. If the rotors are not off set 
by 10 degrees and are lined up in phase with 
each other, all the coils on the machine will 
be in phase for a powerful single phase 
dynamo. The volts and or amperage can be 
tailored for an application by the winding 
of the transformer coils, and the machine 
produces 60hz at 600 rpm. This dynamo 
machine concept is also interchangeable 
into many other motor generator 
combinations, and sizes, and any volts or 
amps requirements, it all depends on the 
needs of the end user. 


Cooling tubes wound around 
the motor with water flowing 
through them is a way to pull 
the heat out for useful 


applications. Hot water from 
the drive motor and electric 
power from the coils at the 
same time. 


It is possible to have super efficiencies with 
this system using unidirectional hv dc 
impulses of very short duration's at the make 
brake contact at the closure of the switch. 


I have acquired two of Ed Gray's radiant 
energy impulse motors *4 and *5 to revive an 
almost lost technology. Iam proposing to 
combine a special permanent magnet 
dynamo with less back EMF thatis tailored to 
produce 5kv dc under 2000rpm. This dynamo 





will energize a 5kv dc capacitor bank and 
replace Gray's 12 volt to 5kv dc converter. 
The energized capacitor bank will discharge 
through the conversion tubes in the very 
same manner as in Gray's original circuit, 
only the capacitors will get energized from 
the high voltage dc dynamo instead of from 
a battery through an inverter. This version of 
a high voltage dc dynamo will be connected 
to and turned by Ed Gray's EMA motor, a 
starter motor will disengage after it begins 
running. 


There are three banks of high voltage coils 
that are connected 120 degrees out of phase 
from each other, each bank represents 12 - 
100 watt coils for a total of 1200 watts per 
phase. All isolated coils in each phase are 
wired in series to produce the high voltage 
dc potential to energize the capacitor bank. 
The isolated capacitor bank will discharge 
their potential through its conversion tubes 
in 120 degree increments each time the 
impulse coils are at their closes point 
toward each other. One isolated capacitor 
bank will discharge through the conversion 
tube with it disconnected from the dc 
dynamo circuit. The second isolated 
capacitor is at this point beginning to 
receive its charge from the dc dynamo, 
while the third capacitor phase is fully 
energized just before the switching circuit 
disconnects it from the dc dynamo for it 
discharge phase. This fully aligns all the 
isolated 3 coil phases in this permanent 
magnet dynamo system to the 120 degree 
three phase radiant energy impulse system 
of Ed Gray's EMA motor *5. 


The plan is to eliminate all the batteries and 
converter and use a rotating high voltage dc 
dynamo in its place. Nikola Tesla used high 
voltage dc dynamos with capacitors as part 
of his magnifying transmitter to produce 
radiant electricity. So it seems logical to do 
the same thing, merging Ed Gray's radiant 
energy motor and our version of a high 
voltage dc permanent magnet dynamo. 
Could it regenerate a car, or power a home, 
and ora factory? 


Shown below are pictures of Ed Gray's 
motors in fig 28, 29. 
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Fig. 29 


I would like to acknowledge two friends of 
mine who have helped make the 
Interference Disc machine possible, Bud 
Johnson 1986 shown in fig. 30 and the late 
Dr. Carl Reich shown 1987 in fig. 31. would 
also like to acknowledge Wilbert Griffith 
and Brian & Rose Langan for their 
contribution in helping us make these 
projects possible, and there are others who 
wish to remain anonymous. Bud Johnson 
also an inventor, was one of the first people 
who I met after relocating to Alberta from 
the NWT, he made arrangements for us to 
construct the first disc machine in a 
machine shop. 
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Fig. 30 
Bud Johnson 





Fig.31 
Dr. Carl Reich 


Dr. Carl Reich was a pioneer in the alternate 
medical field and he published a book along 
with Robert R. Barefoot called "The Calcium 
Factor", copyright 1992. Through Carl's 
dedication and hard work with alternate 
health and energy, Dr. Carl Reich contributions 
have also helped made the Interference Disc 
machine and our Permanent Magnet Dynamo 
possible. 
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I also would like to thank my wife Jan 
Francoeur for being part of making this 
research possible, she has spent countless 
hoursto prepare thisreport and assistin 
the reconstruction of these machines. 


The test results and hypothesis I have written 
are not complete, and the research and 
development of the described magnetic 
energy machines is on going, and as such, the 
potential and performance and true 
efficiencies of these machines are still yet to 
be determined. This author knows that the 
aether is real and free energy systems are 
possible, and I will continue to work until I 
have completed the integration of Ed Gray's 


radiant energy motors with our larger version 
dc dynamo machine. When this happens, a 
new round of testing will begin with our 
attempts to run the two machines together in 
closed loop regenerating mode. 


Ihopel explained these energy machinesina 
way that you all can understand, and more 
information will be released as progress is 
made. You may find this information 
useful with your quest to be energy 
independent. However, ifyou profit from 
any of my ideas I have described in this 
writing, then in all fairness, please 
remember to reward the inventor so 
research and development can continue. 


This is my gift to humanity. 








Interesting Information 





New Propulsion Letter 


from Paul Toomer <jorjencar@leeds322.fsnet.co.uk> 


Please take a look at this new web site on how to challenge 
Newton's third law of motion at 


http://magnetic.propulsion.mysite.freeserve.com 
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A NEW PARADIGM FOR TIME 


EVIDENCE FROM EMPIRICAL AND ESOTERIC SOURCES 





Donald Reed, USA 
1032 Borden Road, Depew, NY 14043 
Email: torsionpower@yahoo.com 


The author of this article 
presents an experimental approach 
to the teleportation problem 
and time pace control 
and 
space regularity questions. 


Part I of II 


ABSTRACT 


The following essay seeks to establish 
awareness, through a far-ranging careful 
examination of various empirically 
documented anomalous research results in 
the field of new energy, the long-suspected 
evidence provided by associated key legendary 
secret government project work in the USA 
and former USSR, maverick new theoretical 
models in foundational physics for 
elementary particles/fundamental 
electromagnetic wave-field structures, as well 
as remarkably corroborative related 
information from esoteric (psychically 
channeled) sources, of the necessity for the 
development of a new paradigm for mass, 
energy and especially time. After having been 
guided through this process, the reader will 
hopefully be motivated to acknowledge the 
importance of this imperative for a new 
understanding of the workings of nature, as 
well as gain hints for the associated future 
development of newviable sustainable energy 
sources and related technologies. 


Introduction 
When we come to examine the annals of 


physics over the past century, we find them 
replete with several competing core theories 
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of the physical world, each attempting to 
demonstrate a unified conception of space, 
time, energy and matter. Notable among 
these, the most successful and formally 
canonized in academia, are special and 
general relativity, and quantum theory, the 
latter of which includes quantum 
electrodynamics and quantum 
chromodynamics as recent offshoots. 


However, even these fundamental theories 
have fallen short in achieving this coveted 
goal, due to many reasons, not the least of 
which is their failure to account for the 
anomalous but substantial documented 
evidence continually presented over the 
years by new energy research and other 
related empirical evidence considered 
outside mainstream science. In this author's 
opinion, these weaknesses in current physics 
and its relative ignorance and/or selective 
omission of the findings of non-orthodox 
scientific research, stem primarily from an ill- 
conceived institutionalized conception of 
time, as an immutable linear flow against 
which everything involving change can be 
measured. This "relational" concept of time 
treats it as a specific passive property of 
physical systems and changes happening to 
them. Itisa one-dimensional continuous and 
homogeneous’ entity geometrically 
describing the property of duration. This 
antiquated relational view of time is 
abstracted from our unique prejudiced 
viewpoint as sentient beings whose 
particular point of waking conscious focus is 
this camouflage physical reality, which is 
apprehended through the limitations 
circumscribed by the physical senses. 


Accordingly, modern physics is built on the 


basis of this relational conception of time. 
However, the use of this conception has not 
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so far resulted in resolving all the problems 
associated with time. Moreover, so far even 
an essential definition of time has not been 
formulated in physics, there are only 
operational definitions indicating different 
methods of measuring time intervals. 


In contrast, the "substantial" conception of 
time, advanced in this paper, implies that 
time is an independent phenomenon of 
nature existing side by side with matter and 
physical fields, whose active essence can and 
does affect objects and processes occurring 
in the universe. Moreover, the following 
dissertation argues, by positing that active 
substantial change is the basic concept and 
relational time is its derivative, that those 
objects and processes can also have a reverse 
action on time. 


Accordingly, we will attempt to show, 
through a wide-ranging examination of new 
energy research and other information, the 
necessity for the establishment of a fluidic, 
elastic, field nature for true active time which 
is malleable; one in which even the local 
pace of time, and mass and energy content 
can be influenced artificially by intelligent 
technological control, or naturally by 
conscious intent, or by a combination of 
these two methods. To help motivate the 
reader's awareness for this imperative, we 
will also examine several esoterically-based 
sources from key selected psychically 
channeled transcripts. These will be taken 
from the following sources: unpublished 
comments by Jane Roberts on an altered 
state of consciousness[1] (indicated in this 
manuscript byJ.R.), or published transcripts 
from The Seth Material and The 
"Unknown" Reality (indicated in the 
manuscript by UR)[2], published chronicles 
from the entity Kryon, channeled by Lee 
Carroll [3], and concepts from Wilbert 
Smith's legendary discourse: 
The New Science (NS) _ [4]. 
For easier reference, all psychically 
channeled transcripts will appear in italics, 
with my additional explanatory comments 
in regular type within parentheses. 


Granted, our unique investigative foray, 
ranging as it does from the concrete arena of 
knowledge represented by the cutting edge 


88 


of visionary science to the intangible arcane 
realms bordering on the spiritual, will of 
necessity lack the exacting logic of scientific 
rigor. 


Nevertheless, we hope to provide, through just 
such a unique eclectic format, the beginnings 
of a possible fresh understanding of the 
workings of nature and perhaps ultimately 
furnish a conceptual basis for extending the 
structure of current physical theory to 
compatibly encompass the elements of a 
unified framework of physics and 
metaphysics. 


As "unscientific" as this proposed venture may 
appear, especially to the contemporary 
physicist or theoretician, we unabashedly 
press on, secure in the belief that the currently 
perceived "mutually exclusive" bodies of 
knowledge defined through psychic means 
and that of orthodox physics are more closely 
linked than is currently suspected. Indeed, it 
will be demonstrated that that some of the 
psychically defined data bears a striking 
resemblance to the tenets of present empirical 
knowledge. 


New Research 


Theories Indicate Necessity for Novel Time 
Concept 


A body of work which postulates a fluid-field 
substantial nature for time, is the esoterically- 
based book written by Wilbert Smith in the 
early sixties, The New Science. Here, Smith 
outlined a unified theory of all physical 
interaction by positing that an active mass- 
free field energy he termed the tempic field 
exists, and is the parent field structure out of 
which our passive relational linear clock time 
emerges. To be sure, this book and its specific 
format of exposition has its weaknesses, not 
the least of which is a writing style which 
taxes one's comprehension to the limit. All 
researchers who have attempted to connect 
Smith's knowledge with the frontiers of 
current scientific knowledge, new energy 
research, etc., have been frustrated by his 
introduction of terms which may or not have 
the same meaning as the corresponding 
terms in mathematical science. This practice 
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causes many passages to appear so vague as 
to cause total bewilderment on the part of 
the reader. 


...the establishment of a 
fluidic, elastic, fieldnature for 
true active time which ts 
malleable; one in which even 
the local pace of time, and 


mass and energy content can 
be influenced artificially by 


intelligent technological 
control, or naturally by 
conscious intent... 


Incoming to investigate the source of Smith's 
theory 25 years ago, Icame into contact with 
Kenneth Killick of Canada. Killick was the 
individual who served as the original mentor 
and fora time a colleague of Smith in the mid- 
1950's. Smith, whose background was in 
electrical engineering, found it very difficult 
to accept or understand the philosophical 
overtones of Killick's thought. Consequently, 
he resorted to the use of psychic mediums to 
try to verify the information provided to him 
by Killick. This is the origin of Smith's 
association with discarnate entities known to 
those familiar with his work as "the boys 
topside". Thus Smith's subsequent writings 
promote such confusion perhaps because he 
only obtained a partial understanding of 
these cosmic ideas, and he opted to writing 
in a kind of code basically to try to hide his 
ownconfusion. Through my own association 
with Ken, I discovered that The New Science 
is able to be put into reference with known 
facts once the spiritual-philosophical 
elements of Killick's teachings are duly 
integrated. When this is done, "Wib" Smith's 
book can teach much and can become a 
cornerstone to new energy science. 
Otherwise, it remains at best, a fragmentary 
enigma. 


The work by Smith and Killick is pertinent 
to the theme of the present paper, since they 
both showed through experimentation with 
a special caduceus-wound coil, that so- 
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called relativistic parameters of mass and 
gravity, energy, and time-flow, can be altered 
through intelligent artificial control. 
Adequate delving into some of the elements 
of these theories will enable us to glean new 
insight for transforming the current 
paradigm of time. Further details on Ken's 
so-called tachion energy theory can be 
found in this author's earlier expositions on 
this subject in issues of Energy Unlimited 
(1978-1982)[5]. 


Smith's main error is in postulating a 
fundamental "spin" dynamics based upon 
conventional continuous rotation. As Killick 
points out, such a concept of spin on the 
microscopic level, precludes any possibility of 
true evolutionary change, in the cosmic sense. 


Also, as we shall see presently, the continuous 
spin concept obviates expression by anything 
in the universe, of its personal moral 
responsibility. However, with tachion energy 
theory intact and untrammeled, the 
impersonal dualistic concept of interaction 
between two polar entities, such as is 
expressed not only in ordinary classical 
Newtonian physics, but its 20th century 
successors, relativity and quantum theory, is 
supplanted with the omnipresent workings 
of a trinity at all levels and manifestations 
of reality. 


Indeed, the fundamental tachion field (mass- 
free) energy has three components: two 
polar opposite entities (a positive "charge" 
and a negative "charge"), and the ability for 
these two to be in what is called "static- 
dynamic balance". The static-dynamic balance 
completes the trinity. 


Asimple physical macroscopic manifestation 
of static-dynamic balance can be seen in two 
people arm wrestling. As the energy of one 
participant is brought to bear against that of 
the other, we will see a vibration or oscillation 
once a balance of their energies is obtained. 
As more effort is expended, the vibrations will 
increase in frequency and decrease in 
amplitude. At this point we will see a static 
state relative to the two arms; neither causes 
loss of arm position of the other. But 
simultaneously we also have a dynamic 
situation in the rapid oscillation which 
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maintains, and is in turn sustained by the 
muscular energy which produces the static 
state of the arms. Both states mutually 
support each other's existence. The two 
component entities (the arms) resonate 
together, but without losing their own 
identity. 


The implications of this last statement, 
missing in current physical theory, is unique 
to the system of tachion energy. We will see 
in the following that the dynamic 
functioning of these sub-atomic tachions is 
such that by their inherent ability to 
manipulate space and the time-frame of 
matter through static-dynamic balance, they 
do not harm anything else in their 
environment, nor are they affected (forced 
to lose their own identity) by the ambient 
environment. Accordingly, inertial mass is not 
an inherent component of tachion energy, 
but is a derivative of certain tachion field 
modes. 


We spoke earlier of tachion "charge". We keep 
the word in quotes to underscore that this is 
not to be equated to electrical charge, but 
merely signifies two polar energy states of the 
primordial ground-form, out of which all 
known physical forces come to be manifest. 
These tachion energy states can be defined 
in terms of "rotational" motion. Again 
"rotation" must also be placed in quotes as it 


does not signify the common idea of 
continuous spinning. Such a concept was 
suggested above in connection with 
evolutionary progress in its cosmic 
interpretation. 


The tachion-pair could be described as 
executing a "back-and-forth" ratcheting 
movement. The tachion-pairs are analogous 
to the ends of a drum majorette's baton. But 
unlike the twirling motion of the baton, the 
tachion-pairs do not demonstrate the classic 
macroscopic continuous spin motion, but 
oscillate ina 3-component "clocking" action. 


In Fig. 1 we have drawn a circle and have 
divided it into three 120 degree arcs. The first 
motion in the tachion cycle is an arc from the 
0°-360° location, to the 240 degree position. 
This movement is stated philosophically as the 
question, "Can I go?" In the second phase it 
swings back from the 240 degree position to 
the 120 degree point, and then returns to the 
240 degree position. This graphically 
represents an analysis of the first question, and 
can be phrased as the "Let me think" 
component. Finally, then it proceeds forward 
another 240 degrees taking it past the 360 
degree point to 120 degrees. This last stage is 
the action motivated from the analysis in stage 
two, and is entitled, "Yes I can". In this activity 
it will be observed that all path lengths are 240 
degrees. 





F-360" OF-360° OF-360" 
24cr Lar 
“Can l Gor “Let Me Think" "Ss [ Con" 
Fig.1 


The 3-Component Tachion Movement 


However, as representative of true evolutionary progress, the tachion-pair does not remain 
confined to the plane in its 3-phase cycle. After each "Let me think" stage, the entire pair unit 
could be considered to advance "upward", perpendicular to its plane of "rotation". The 
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combined motions can be viewed 
as an elevation up an inclined ramp, 
screw-fashion (Fig. 2). 
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Fig.2 
Tachion “Ratcheting” 


Thus, while they clock themselves 
backwards in the plane, they never 
go back to where they were 
originally but only seem to do so 
from the point of view of an 
observer in the plane. This entire 
activity can be visualized as a 


diametrically opposed pair "rotating" in a plane, but there 
must still be considered an upward ratcheting 
movement. They execute the clocking motion simply 
because they adhere to the three principles of 
observation, analysis and motivation. A meaningful 
application of this idea to the structure of physics would 
eliminate the necessity for a totally impersonal type of 
interaction governed solely by force. Unlike all current 
theories of elementary particles, the tachion-pair, by its 
unique activity, thus expresses a personal moral 
responsibility. So this elemental energy of the universe 
never goes where it is not wanted, but only where it will 
not disturb its immediate environment. 


The topological structure of each tachion in the pair is 
also significant in regards to this "ethical" modus 
operandi. First, tachions in their primordial state are 
massless, toroidal shaped fields which always occur in 
pairs. Like toroids, tachions will singly exhibit three 
motional degrees of freedom, to wit; 


1. rotation around its major axis. 


2. inner (P), or outer (N) rotation about its cross- 
sectional (poloidal) axis. 


3. expansion and contraction of the field (each toroid 
pulsates radially about its cross-sectional axis). 


AS a pair-unit, the combined motions will give rise to the 
following possible orientations: two identical (N) 
rotations; (N) rotation - (P) rotation; two identical (P) 
rotations (Fig. 3). 





Fig.3 
The Three Tachion Modes 


The dual (P) or (N) rotations will always lie in the same 
plane, whereas in the "mixed" rotation mode, the 
orientations of the tachions will be mutually 
perpendicular. In the pair unit, the energy will shuttle 
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back and forth between the tachions by virtue of their harmonious expansion and contraction. 
The contraction of one pair partner is immediately compensated for by an equal amount of 
expansion in the other. When one is fully expanded and the other completely contracted, 
they will reverse roles executing the second portion of the cycle. There will be two points in 

the clocking cycle where the tachions will share an equal amount of energy ("field equity") 

stage. In each cycle of a tachion-pair the field equity stage is passed twice, a fact which is 
significant when topology of the field dynamics is considered (see [5]). Now, looking at the 
field geometry for the tachion-pair unit at the two field equity stages of the cycle, we observe 
that the two geometries are not identical but are mirror images of one another via a non- 
orientable field structure. See Fig. 5, which shows the isomorphism between the dynamics on 
a Moebius band (a non-orientable topological structure) and the tachion pair clocking cycle. 


Moebius Cycle: Flags move in direction of arrows in 180" stages 





Tigi la Pek Rumi Bach ch teag ist eh et | 
net 300°). Flag pointing up/down 
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same, ‘opposite cisoctions 5 00 Tae. 
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Fig.5 
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This suggests the remarkable idea that the space time points that the pairs generate are not, as 
commonly assumed, identical, static, and bereft of intrinsic character, but exhibit 
enantiomorphic topologies, which by virtue of their mirrored relationship exert upon one 
another a potential for dynamic interaction. For now we present a second diagram to illustrate 
the three pair energy modes: N-N, N-P, P-P, as well as one sequence of oscillation of the N-P 


pair (Fig. 4). 


a) Three types of pairs: 





N-N (horizontal) 


‘(CET 


N-P (mixed) 


P-P (vertical) 


b) Stages in clocking cycle of N - P pair (1 thry V) 


1 ("Can Gor") 
Til (¥es [ Can") 
I (Let meé Think") = 
¥ (game as} 
TV (same as IT) see 


In this figure we note a unique trinity of field 
operation: two stages of maximum field 
disparity (1 and III) connected by the 
intermediate condition of field equity (ID. 
Upon postulating the additional requirement 
that the pair will create a new space-time 
location every time the field equity state is 
reached, we see that with each cycle the unit 
will not return to its original state with 
respect to the environment, but will advance 
to new evolutionary states with each 
pulsation. In accordance with the above 
comments, the tachion-pair unit "ascends" 
the evolutionary spiral via this unique action 
we have termed "clocking" motion. In 
acccordance with the description in Fig. 4A, 
in Fig. 4B, stage I represents "Can I go?", stage 
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II represents "Let me think", and stage III 
represents "Yes I can". 


Now, in this regard, the previous analogy of 
the tachion-pair as likened to the ends of a 
baton, where the baton rises and falls as it 
rotates, is quite apt. However, unlike the ends 
of the baton tachions are not rigidly 
connected but possess much freedom of 
movement outlined above. On the other 
hand, much like the baton ends, they are 
mutually supportive of each other's activity 
and requirements, never seeking to 
overpower, or to be eclipsed by the identity 
of their partner. In this manner they exhibit 
personal moral responsibility, as we have 
previously stated. By their mutual 


ye) 


harmonious action tachion-pairs will 
progress ina true evolutionary fashion, while 
never harming anything else in the universe 
by their action. 


... the dynamic functioning of 
these sub-atomic tachions is 
such that by their inherent 
ability to manipulate space 


and the time-frame of matter 


through  static-dynamic 
balance, they do not harm 
anything else in their 
environment... 





Now, the above is an inherent characteristic 
of tachion-pairs as long as they go about 
their business individually- that is, in their 
pre-physical state. Now, when the three 
fundamental tachion-pair energy modes 
described above exhibit a slow clocking 
frequency, there is opportunity for them to 
join together whereupon we begin to see 
matter being formed. The element of mass, 
or inertia is provided by the binding activity 
of the (N-P) mode, which is a function of 
the slow oscillation of the pair unit. Besides 
the clocking frequency, the factor of inertial 
mass or density of physical substance is also 
dependent upon the amount of separation 
between the two pair components in each 
individual sub-atomic tachion-pair unit. In 
general, the denser or more massive an 
object is, the slower its microscopic 
tachions will clock, and the farther apart 
will be the individual toroid components. 
This is a classic push-pull situation, i.e., 
there is a key inverse static-dynamic 
balance relationship between tachion-pair 
pulsation frequency and their area of 
operation (density of field). The rest mass 
that any physical substance displays to 
macroscopic observation, is thus a direct 
function of the amount of energy supplied 
by the master field to sustain the oscillation 
of the pair-unit. Thus, a primary feature of 
tachion dynamics is the following: if we 
change the energy, we must expect to 
observe a corresponding change in the 
manifestation of the mass, and vice versa. 


Consequently, in tachion dynamics there is 
a built-in interchangeability of energy and 
mass, an idea which concurs with similar 
conclusions in Einsteinean relativity 
(notably, E= mc’). 


But here is where tachion theory and 
relativity part company. We have seen that 
our postulated "clocking" pulsation of the 
pair is the factor, which determines both 
space and time. Both space (area of pair 
operation), and time (frequency of 
pulsation) are mutually dependent on what 
we shall call the master field of 
thought and intention, which 
determines the clocking frequency. 
From the dynamic influence of the master 
field arises subsidiary conditions of time and 
space which are truly "fluid" qualities of 
tachion operation. This is indeed consonant 
with the assumptions of a proper unified 
field theory in which all the factors of our 
objective world as apprehended by the 
physical senses, are subsumed under the 
relative state of a guiding master field. 
Moreover, under the geometrical constructs 
of such a theory neither space nor time 
should be subservient to the other but 
should retain their unique qualities in a 
mutually supportive relationship. This is 
guaranteed in tachion theory under the fluid 
give-and-take of the pair operation. 
Relativity, on the other hand, despite its 
logical consistency, does not meet the above 
requirements. To his great credit Einstein 
recognized the need to integrate time with 
space in a synthesis that would retain the 
distinctive qualities of both. The result was 
a theory, which extended the classical 
Euclidean concept of 3-dimensional space 
asa kindof"cosmic container" of matter, to 
embrace a structure of space, which arises 
from the laws interrelating its material 
content. Thus, for instance, in his General 
Relativity theory gravitation became 
interpreted as a distortion of the spatial 
fabric by sources of mass-energy in a non- 
Euclidean framework. Unfortunately, as a 
foundation of his theory, Einstein 
mistakenly assumed a subservient role of 
time to space. He tried to"freeze" time down 
into spatial-like dimensions utilizing metric 
equations, which were variants of a basic 
form. Before a true understanding of 
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gravitation is developed, the rationale for 
applying such metrics to this end should be 
seriously re-appraised. In short, instead of 
freezing time down intoa spatial dimension 
in order to make it fit a world ruled by 
nothing but gravity, we must develop a 
conception of space sufficiently fluid to let 
true time have its proper place therein. 


These and other similar ideas are articulated 
by Andrea and Paulo Correa in their recent 
insightful essay on the various serious 
shortcomings of relativity theory. They write: 
"Time is not treated by relativity as distinct 
in nature or in quality from the set of 
topological locations or lengths between 
points. Whether in the SR (Special Relativity) 
form ofa flat Minkowski spacetime or in the 
GR (General Relativity) form of a curved 
Riemannian spacetime, the essence in 
relativity lies in its treatment of time as the 
fourth length of a 4-dimensional space. As 
the actual metric of a length of time is not 
fixed, only the intervals being invariant, one 
can no longer speak of the reality of timelines 
or of synchronicity" [6]. 


In their second installment, the 

Correas even imply the existence ofa 

mass-free energy, whichisan integral 

element of the Killick tachion energy 
theory: "From a strict physical viewpoint, 
only an energeticist position can make 

sense. While space and time may be 

considered to exist outside the function of 
matter, independently from it, they cannot 
be conceived outside the function of 
energy...the field remains conceptualizable 

(in Einsteinean relativity) only by the 

pseudo-Riemannian manifold, which, on its 
own, fails to analytically treat the difference 

in dimensionality between Space and Time, 

fails to differentiate between them as 

distinct manifolds, and fails to account for 
them as the intrinsic properties of energy in 

flux". 


The tachion theory is such a model that 
delineates the functions of time and space in 
terms ofa basic mass-free energy substratum. 
Nowaswe have seen, since tachion dynamics 
pre-supposes a static-dynamic balance feature 
connecting frequency of the pairs 
(fundamental time elements) with their area 


of operation ("fluid" space configurations), it 
represents such a foundation upon which to 
construct such a theory which will 
harmoniously treat time and space on an 
equal footing without neutralizing the unique 
structural features of each. Since the decrease/ 
increase in the clocking frequency of the 
tachion-pairs will result in a corresponding 
increase/decrease of area of operation, the 
local pace of time will also decrease /increase 
at thatspace-time location. This is due to the 
push-pull relationship between energy and 
time. The intrinsic energy of a tachion-pair 
will be defined to be its energy of "motion" 
(energy in the "convergent", pre-physical 
state). Thus we see that an increase /decrease 
in the clocking frequency also implies that the 
intrinsic energy of the pair will also follow suit. 
Consequently, the intrinsic energy available 
for a manifestation will increase/decrease as 
time pace allotted for this purpose decreases/ 
increases. Moreover, the product of intrinsic 
energy and time interval will always be 
constant due to the perfect trade-off between 
both factors in the tachion clocking action. 
This relationship is remarkably similar to the 
quantitative statement of the Uncertainty 
Principle in quantum mechanics in the form: 
E- t =h. This formula states that the product 
of the energy exchange of a quantum 
mechanical particle and the time interval 
required for that exchange to take place, is 
equal to the so-called""quantum of action", or 
Planck's constant. 


Thus, as a concomitant of tachion 
dynamics, which is argued could also be the 
basis of electron spin geometry among 
other things (see [5]), time is made 
malleable; no longer continuous, or rigidly 
uniform as in Newtonian conceptions, or 
subservient to space as in Einsteinean 
relativity, time "flow" can go to zero, and 
can even reverse under the application of 
certain electrodynamic field 
configurations such as provided by the 
caduceus coil and other devices [5]. With 
tachion dynamics even the laws of causality 
will no longer hold. This is due to the fact 
that tachions have a much broader field of 
operation than the purely physical realm. 
Thus, many unusual demonstrated features 
relative to quantum theory, such as the 
principle of Indeterminacy, quantum non- 
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locality (EPR experiment), "entangled 
particles" as well as hypothesized qualities 
ofan aether of space, can find their source 
in this microscopic non-linear 
electrodynamic clocking oscillation 
attributed to the tachions. In fact, the 
ultimate expression of time as well as space 
to our sensory perception, could be a direct 
function of these substratum pulsations. 
From this consideration there emerges a 
new dynamic model for fundamental 
time as a "fluid-elastic" field effect arising 
from the unique ratcheting oscillatory 
motion of tachion-pair entities. Ultimately, 
it will be seen that tachions may even form 
the structural essence of consciousness 
itself, thus providing the long sought-for 
unifying link between physics and 
metaphysics. 


N. Kozyrev 


Other Recent Russian Research Implying New 
Dimensions for Time 


Another key researcher who postulated an 
active substantial role for time was the 
Russian astrophysicist Nikolai Kozyrev [7]. He 
argued that the gap between the exact 
(physical) sciences and the natural sciences 
will not vanish until the principle of causality 
differentiating cause and effect is placed at 
the basis of the exact sciences. This implies 
the objective directionality of time or its flow. 
We encounter numerous manifestations of 
this principle in our life and in natural 
science. Yet this principle is new in both 
mechanics and physics as a whole. The 
natural scientist's time is not Minkowski's 
geometrical time, nor is it the time of 
mechanics, theoretical physics, etc. 


Nikolai Kozyrev argued that 
the gap between the exact 
(physical) sciences and the 
natural sciences will not vanish 


until the principle of causality 
differentiating cause and effect 
is placed at the basis of the 
exact sciences 





As Kozyrev argued, mechanics has been using 
only the "geometrical" property of time, its 
duration size, i.e., the intervals between the 
events under study. Timed, these intervals 
acquire the same passive properties as the 
interval measured between two points in 
space. It is only this property of time that the 
objective sciences assumed to be existing 
objectively, postulating that all other time 
properties are subjective. However, if we 
want to differentiate causes and effects, in 
reality the flow of time must be a physical 
quantity, duly expressed mathematically and 
entering the equations of mechanics. The 
physical meaning and mathematical 
expression of the flow of time can be 
obtained from the space-time properties of 
causality. Thus, processes in the world occur 
not only in time, but also with the aid of time. 
Time flow is an active property owing to 
which time may act on a material system. 
Consequently, it is in the properties of time 
that the source maintaining the vital 
processes of the world must be sought. 


From these arguments, we can also derive a 
fundamental property of time. Let us assume 
that we have changed by acertain technique 
the flow of time in a material system. In this 
process we have perhaps changed the 
stresses within the system and hence its 
energy. 


However, it is impossible to change the total 
amount of motion of the system, i.e., to 
obtain a momentum equivalent to an 
external action. In other words, time may 
carry energy but no momentum. Time is a 
non-momentum material reality. From the 
above property of the flow of time, Kozyrev 
concluded that it follows directly that the 
rotation of a body may be used as a device 
for changing the flow of time in a system. 
Time flows into the system in the cause-effect 
direction, the rotation increases the flow, and 
hence the system obtains additional energy. 


In attempt to verify his theories, in the 1950s, 
Kozyrev thus performed experiments with 
spinning gyroscopes and discovered, in 
agreement with his predictions, that the 
weight of the spinning system changes 
slightly depending upon the magnitude of 
the angular velocity and the direction of 
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rotation. Although the effect detected was 
not large, the nature of the arising forces 
could not be explained by existing theories. 
By applying a vibrating framework to the 
gyroscope, Kozyrev also found that not only 
does time deliver an energy, but that near the 
cause-effect system time density changes. 
Time is rarefied near the generator and 
becomes denser near the receiver. In other 
words, time becomes stretched by cause and 
compressed by effect. In addition, the 
variation in time intensity is in inverse ratio 
to the first degree of the distance. This can be 
seen by the following consideration: Time is 
expressed by rotation and hence involves 
planes passing through a pole of the rotating 
system with any orientation in space.Inthe 
case of lines of force issuing froma pole, 
their density decreases in inverse ratio 
to the square of the distance, while the 
density of planes can readily be shown 
to decrease with the first degree of the 
distance. 


Kozyrev discovered another property of time 
when investigating irreversible processes 
such as crystallization of a substance, 
condensation, or evaporation. This influence 
can be effected by any irreversible process 
and is registered by a measuring system 
without any preliminary excitation, ie. when 
the cause and effect positions are not 
separated. In other words, apart from flow 
and density, time seems to have another 
property, causal orientation, resembling ina 
way the polarization of light [8]. This property 
proves to be so variable that even the sign of 
the observed influences may change and 
hence the reciprocal cause and effect 
positions become reversed. 


Continuing his studies on the properties of 
time, Kozyrev (with V.V. Nasonov) conducted 
astronomical observations using a receiving 
system ofa new type. When the telescope was 
directed at a certain star, the special detector 
positioned within the telescope registered 
the incoming signal even if the main mirror 
was shielded by metal screens. This fact 
implied that electromagnetic waves (light) 
had some component that could not be 
shielded by metal screens. When the 
telescope was directed, not at the visible but 
at the true position of the star, the detector 
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registered a signal that was much stronger. 
The registration of the true position of 
different stars could only be interpreted as 
the detection of star radiation that had 
velocities billions of times the velocity of 
light. It was concluded that the radiation 
from stellar bodies hence had a component, 
which was non-electromagnetic. Kozyrev 
also found that the detector measured an 
incoming signal when the telescope was 
directed at a position symmetrical to the 
visible portion of the star relative to its true 
position. This fact was interpreted as a 
detection of the future positions of stars [9]. 


From the 1960's onward, additional Russian 
research groups continued and expanded 
upon the work began by Kozyrev on the 
unique non-electromagnetic radiation that 
was apparently aconcomitant ofall rotating 
bodies, whether accompanying macroscopic 
spinning objects of great mass (cosmological 
or terrestrial), or at the quantum level 
exhibited by elementary particles possessing 
recorded anomalous spin features which 
were not accountable by standard theories. 
This emanation which was exhibited by 
rotating bodies was termed torsion radiation 
[10]. Subsequently it was learned that this 
unique radiation was a part of all living or 
inert substances. This so-called "torsion field" 
research was carried on mainly in secret in 
the former Soviet Union, and only became 
known to the Western nations after the fall 
of the Iron Curtain. Many effects attributable 
to alterations in time and gravity have been 
reported through this research. For more 
information on this topic the reader is 
directed to this author's review in reference 
10 and references therein. 


Part II of II 


Summary of Part I 


It is the intention of this multi-part 
dissertation to motivate an imperative for 
considering the eventual establishment ofa 
more expansive paradigm for the 
phenomenon of time, one which views time 
from the "substantial" as opposed to the 
orthodox "relational" standpoint. The 


oF 


substantial concept of time implies the 
existence of an active essence which can 
and does affect objects and processes 
occurring in the universe. Furthermore, 
approaching time from such a fundamental 
basis implies that by positing active 
substantial change as the ground form 
prime mover and relational time ( passive 
"clock-time", or entropy changes) as its 
derivative, that those objects and processes 
can also have areverse action on time. 


Towards this end in Part I (hereinafter 
referred to as 1), we considered the key 
research of the late astrophysicist N.A. 
Kozyrev who, in carefully controlled 
experiments which were subsequently 
successfully replicated, recorded phenomena 
which have hitherto been unexplainable by 
standard contemporary received 
knowledge- whether from the standpoints of 
Newtonian, Relativistic or Quantum physics. 
Kozyrev pointed out that only by considering 
time as an active essence, could these cited 
"anomalous" phenomena, which are virtual 
conundrums from the viewpoints of a 
relational (passive) concept of time, be duly 
formulated on a logical basis. Accordingly 
Kozyrev's associated "causal mechanics" 
incorporates an objective directionality of 
time flow, implying differentiation between 
"cause" and "effect". Consequently, by 
applying a thermodynamically 
irreversible process to a physical 
system (example: vibration to a 
spinning gyroscope), the rotor in this 
instance would be observed to lose (or 
gain) asmall but detectable percentage 
of its weight, depending upon the 
direction of rotation. Moreover, in this 
process linear momentum (linearspeedof 
rotation) is not changed, but energy is 
nevertheless delivered to the system by 
additional forces directed along the axis 
causing a change inangular momentum, 
and that near the cause-effect system of the 
irreversible process, time density is altered 
- rarefied near the generator and 
concentrated in proximity to the receiver. 
Kozyrev concluded that time is a non- 
momentum material reality. 


Other experiments of an astrophysical 
nature showed that registration of the true 


position or future position (as opposed to 
visual-present-position) of different stars 
via the non-electromagnetic component of 
star radiation, demonstrated the existence 
ofan energy essence, which was apparently 
instantaneous, or had a propagation 
velocity of at least a billion times the 
velocity of light. In this regard, Kozyrev 
opposed the conventional astrophysical 
paradigm, which posits energy generated/ 
emitted by stars is a physical consequence 
of thermonuclear conversion. Instead he 
maintained that via rotation, stars 
converted time essence into non-physical 
(or pre-physical) energy. The latter was 
nevertheless detectable on Earth by 
transduction through reflecting telescopes 
shielded by metal screens, of stellar 
radiation by a Wheatstone bridge. Hence 
the "impact" of time was detected by 
resistor electric conductivity changes (see 
land references therein). 


Leaving no stone unturned in our 
investigation, we also took up a discussion 
of the related Killick-Smith tachion energy 
model for fundamental (pre-physical) 
reality. Here we coined a new term- a 
trinitivity of action, which was 
underscored as a key feature of the 
operation of tachion-pair entities. 
Accordingly, we posit the existence of two 
polar topologically orthogonal toroidal 
fields, with the unique ability, by the mutual 
shuttling back-and-forth of their energies, 
to exist ina third auto-generated state called 
"static-dynamic balance". Now, since 
tachions are hypothesized to transfer energy 
instantaneously, inertial/gravitational mass 
is not a primordial component of tachion 
operation (see I). Here we see a striking 
similarity to the Kozyrev conception of the 
operation of time in interaction with a 
physical system - where energy changes are 
manifested without linear momentum 
alterations delivered. Likewise, the Smith 
book, The New Science (see I) treats the 
hypothetical tempic field as a scalar 
quantity, which only has direction in 
relation to its distribution (or 
"density" change). Only through 
establishing what Smith termed a 
tempic field gradient does the tempic 
field possess vectorial nature. Similarly, 
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Kozyrev viewed time like space as 
possessing both geometrical and physical 
properties. The geometric property of time 
is duration (its scalar component), while 
physically the course of time is similar to 
vectorial field propagation and the density 
of time to field intensity. Although Smith and 
Kozyrev apparently never were aware of 
each other's research, the following quote 
from Kozyrev reveals that they both made 
key profound discoveries about nature 
which indeed bear more than a superficial 
similarity: "Time density is a scalar quantity, 
just the one observed in the above 
experiments. Time density decreases with 
increasing separation from the process 
creating it. Therefore, a vector property 
corresponding to density gradient and 
tractable as time obtaining, should also be 
observed"|7]. However, inl we also enjoined 
the reader to observe caution and selectivity 
when attempting to separate the wheat 
from the chaffin Smith's book. 


Accordingly, the previous ideas are 
substantially correct, whereas his concept of 
"continuous spin" of tempic field energy is 
basically flawed. Killick replaces this 
outmoded counter-productive notion with 
a key ratcheting motion, like the 
escapement ofa watch, which is performed 
by the tachion entities composing a pair- 
unit. Through this unique "clocking- 
motion", a cycle of tachion-pair operation 
exhibits what could only be described as an 
ethical modus operandi, passing through 
the three stages of observation - reflection - 
action. By virtue of this 3-stage process, 
tachion-pairs demonstrate in their 
individual activity and in interaction with 
their environment - personal moral 
responsibility. 


This is indeed an unprecedented notion 
which implies that a type of conscious 
thought process can be ascribed to tachion 
operation. This can be related to current 
notions from quantum physics, relative to 
quantum coherence of states - such as wave- 
function collapse, Indeterminacy, quantum 
non-locality (EPR experiment), "entangled" 
particles, etc. This may be an indication that 
in such cases, whenever the Principle of 


Causality is breached or at least 
compromised, we may be witnessing the 
unique effects of the inherent conscious 
microscopic non-linear clocking oscillation 
of the tachions. 


Along these lines, although Kozyrev did not 
report observing any effects of time energy, 
which could be considered as "value- 
motivated", he did report on an equally 
mysterious "after-effect" in many 
experiments, which could only be construed 
as signifying a memory process. For 
instance, it turned out that in experiments 
with a vibrating torsion balance (or 
pendulum), at points of support the 
emerging additional forces did not disappear 
when the vibration was stopped, but 
remained in the system for an appreciable 
time. Interestingly, their relaxation times 
were found to be independent of the 
mass of a body but were dependent on 
its density. The largest effects with 
maximum preservation times were observed 
on porous materials like brick or volcano tuff. 
In enumerating on this unusual preservation 
action Kozyrev observed:"...a body placed for 
a certain time near an (irreversible) process 
and then brought to a torsion balance, 
produced the same effect on it as the process 
itself..aluminum showed no memory. The 
largest memorizing effect for processes of 
both signs has been shown bysugar"|7]. Also, 
his colleague Danchakov later observed in 
conjunction with biological experiments 
that water with decreased viscosity due to 
having been subject to the action of a 
process, exerted a distant action on water 
that had not been under such an action, 
Causing its viscosity to decrease as well. 


In this second part of the current dissertation, 
we will examine other important related 
information gleaned principally from 
esoteric sources, referenced in I. These have 
been obtained from books by Jane Robetts: 
The Seth Material, The "Unknown" 
Reality (UR) [2], unpublished transcripts 
VJ.R.)[1], and transcripts from the entity 
Kryon channeled by Lee Carroll [3]. This 
information is remarkably corroborative 
with that from Kozyrev research and the 
tachion energy theory. Finally, we will cap off 
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our exposition with a brief examination ofa 
bold new maverick physical theory of sub- 
atomic electron structure, featuring variable 
time/mass attributes, which could be the 
catalyst for bringing the cited elements from 
esoteric knowledge and empirical physics 
research (Kozyrev, etc.) out from their 
hitherto relative obscurity, to the forefrontin 
our ongoing mainstream investigations in 
probing the cutting edge frontiers of not only 
physics, but those of the natural sciences as 
well. 


Other evidence 


When one compares the transcripts from 
various esoteric sources it's remarkable 
how similar is their description of nature's 
fundamental operations at the pre-physical 
level. For instance, a careful reading of the 
Jane Roberts' channeled transcripts from 
the entity Seth, reveals a remarkable close 
connection with the particles termed EE 
(electromagnetic energy) units and the 
above Killick teachings on tachion pair 
dynamics. But first a word of caution to the 
reader. We should resist the tendency to put 
into the frame of reference of our sentient 
physical experience, structures whose 
essence is fundamentally non-physical. 
The customary physical characteristics of 
duality and dichotomy of fields, and the 
related yardsticks of mass, length and time, 
for the most part, may not apply in this 
situation. 


It would be impossible, however, to 
formulate a comprehensive model for the EE 
unit dynamics were none of the factors for 
gauging physical reality to be able to be 
applied to higher dimensional realms. 
Fortunately, one characteristic does survive 
the transition to the non-physical 
framework- the element of pulsation. Seth 
reports in [2] how EE units, much like 
tachion-pairs are built up and dynamically 
pulsate in response to thought patterns. First, 
depending upon the relative intensity of the 
emotional energy, they will instantly be 
drawn together in clumps or may just as 
quickly disperse. Furthermore, being of a 
pulsating nature, these units can expand and 
contract. Theoretically, there is no limit to 


100 


their size or frequency of pulsation. Seth 
describes their operation in the following 
manner: Now, there are electromagnetic 
structures, so to speak, that are 
presently beyond your instruments, 
units that are the basic carriers of 
perception. Their size varies. Several 
units may combine, for example. To put 
this as simply as possible, it is not so 
much that they move through space, as 
that they use space to move through. 
There is a difference. 


On this point, if our conceptions remain 
"earthbound" we will not perceive any 
difference between these actions, but once 
we Cast our mental gaze beyond physical 
experience, an important distinction 
becomes apparent. To understand this, we 
need only reflect on the similar non-classical 
logic that is the basis for the non-orientable 
Moebius topology that we have seen governs 
the dynamics of the tachion-pair unit [5]. 
Tachions, whose translational movement is 
governed by the relative pulsation frequency, 
apparently enter and leave our level of reality 
at two times (field equity stages) during each 
pulsation cycle. Before leaving our plane, the 
tachion-pair constitute what we callaspace- 
time point. 


Upon returning to our level, due to the 
Moebius topology of the clocking cycle, 
their essence creates a new space-time 
point with enantiomorphic (mirror image) 
characteristics to the first. The resulting 
progress of the units in physical reality is 
thus manifested by a"jerkily discontinuous" 
movement. Summing up, since the units 
are the point they create, it can now be 
understood that the units use space (or the 
nature of the space-time points) to move 
through, rather than the case of 
macroscopic matter which moves 
continuously (or appears to) through 
space. 


Seth continues his description of the EE 
unit dynamics: Laws of attraction and 
repulsion are used and, in a manner of 
Speaking, thermal qualities are involved, 
and this ts the only hint that your scientists 
have received of them so far. The units 
charge the air through which they pass, and 
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draw to them other units. The units are not 
stationary in the way that, say, a cell is 
stationary. These units have no "home". 

They are built up in response to emotional 
intensity. They are one form that emotional 
energy takes. They follow their own rules of 
attraction and repulsion. As a magnet will 
attract with its filaments, so these units 
attract their own kind and form patterns 
which appear to you as perception. They are 
electromagnetic, in your terms, following 
their own patterns of positive and negative 

charge. In this instance, like definitely 
attracts like. The units are just beneath the 

range of matter. None are identical. 

However, there is a structure to them. The 

structure is beyond the range of 
electromagnetic qualities as your scientists 
think of them. Consciousness actually 
produces these emanations, and they are the 
basis for any kind of perception, both 
sensory and extrasensory. These 
emanations can also appear as sounds and 
you will be able to translate them into sounds 
long before your scientists discover their 
basic meaning. One of the reasons they have 
not been discovered ts precisely because they 
are so cleverly camouflaged within all 
structures. 


Being just beyond the range of matter, having 
a structure, but a non-physical one, and 
being ofa pulsating nature, they canexpand 
and contract. They combine qualities of a 
unit and a field, in other words. Since they are 
beyond the range of matter, upon which 
matter is formed, they will not follow the laws 
ofmatter, although at times they maymimic 
the laws of matter. It is almost impossible to 
detect an individual unit, for in its dance of 
activity it constantly becomes a part of other 
such units, expanding and contracting, 
pulsating and changing in intensity, in force, 
and changing polarity. It would be as if the 
positions of your north and south poles 
changed constantly while maintaining the 
same relative distance from one another, and 
by their change in polarity upsetting the 
stablility of the planet- except that because 
of the greater comparative strength at the 
poles ofthe units, anewer stability is almost 
immediately achieved after each shifting. 
Even the altruistic motives of the tachion- 
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pair as cited by Killick parallels similar 
behavior of these EE units. 


Again from J.R.: The behavior of these units 
changes in the following manner. When aunit 
is in the act of combining with another, it 
aligns its components in a characteristic way. 
When it is separating itself from other units, 
it will align its components in a different way. 
The polarities change in each case, within the 
units. The unit will alter its polarities within 
itself, adapting the polarity-design ofthe unit 
to which it is being attracted; and it will 
change its polarity away from that design on 
breaking contact. 


Ken Killick has described the mutual action 
of several tachion-pairs bonding, as the 
origin of standard sub-atomic particles 
possessing features known to modern 
science such as mass, charge, spin angular 
momentum, magnetic moment, etc. Thus, 
according to tachion energy theory, the 
electron attains its validity, and maintains its 
structural integrity, by virtue of relations 
between the component pair dynamics [see 
[5]). Since for the bulk of their independent 
existence, tachion pairs are in the pre- 
physical state, we can speculate that they 
may actually be superluminal entities. 
Remarkably, J.R. echoes this view with 
similar notions: ..tbe electron achieves its 
validity because of these (possibly 
superluminal) orbital units (tachions?). 
What we see as an electron is not made ofthe 
same things as the orbital units, however; it 
is an effect... when you change the structure 
of the electron, you are changing the 
relationships between the orbital units. This 
change will require an application of energy. 
Itmay be possible to construct a chamber that 
would give the electron more freedom. 


Whatever we do now in the handling of 
electrons is not giving them enough freedom 
and we are structuring the way in which they 
can appear. The next observation made by 
Seth could prove to be essential in clarifying 
the true nature of time: ... /f electrons were 
given more freedom they would affect our 
notion of time in perceiving them. The 
way the measurements (on electrons) 
are made forces the electron to appear 
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in a particular way, but actually it's 
flitting around, seemingly in many 
places in rapid succession (pulsing in 
and out of physical reality). Turning to 
the structure of elementary particles in [2], 
Seth offers a similar observation in which he 
describes the electron as commonly 
perceived by scientific measurement 
apparatus, as merely a shadow or facade of 
the actual electron entity which constitutes 
a multi-dimensional structure. 


In terms of a structural model for the 
electron, Seth says it would be more 
appropriate to view these units as composed 
of interrelated fields rather thanasthecurrent 
conception of a particle or a wave. 
Correspondingly, both of these criteria are 
key elements of the tachion theory, which 
posits the electron as composed of two-pair 
tachion fields. The electron achieves its 
stability-integrity from the interaction of 
these free-wheeling units. 


Electron Spin and Structure of 
Fundamental Time 


The electron "spin" feature is also claimed to 
be integral to the exhibit of "time's arrow" in 
UR [2]: The electron spin determines time 
"sequences" from your viewpoint. In those 
terms, then, areversed spin is areversed time 
motion...electrons, however, spin in many 
directions atonce, an effect impossible for you 
to perceive. You can only theorize about it. 
Thereare "electromagnetic momentums "thus 
achieved and maintained- certain stabilities 
that operate and maintain their own integrity, 
though these may not be "equal" at all portions 
of the spin. There are equalities set up 
"between" the inequalities...time, in your 
terms, then, is spinning newly backward as 
surely as it is spinning newly into the future. 
And it ts spinning outward and inward 
(pulsing inward and outward of physical 
reality) into allprobabilities simultaneously. 


Itisvitalthatyouunderstand this inwardand 
outward "thrust" of time, however, and 
realize that from this flows the consecutive 
appearance of the moment. The thrusting 
gives dimension to time that so far you have 
not even begun to realize... This inward and 
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outward thrusting allows for several 
important conditions that are necessary for 
the establishment of " relatively" separate, 

stable universe systems. Such a system may 
seem like a closed one from any viewpoint 
within itself. Yet this inward and outward 
thrusting condition effectively sets up the 
boundaries and uniqueness ofeach universal 
system, while allowing for a constant give- 
and-take of energy among them. By their 
unique operation, the EE-units, which form 
the elementary particles such as the electron, 
serve as the conduit for this energy flow once 
itis transduced by elements of thought that 
Seth terms "consciousness units"(CUs). 
Continuing in UR on this subject Seth 
describes how time can be alternately 
created or "broken down": The 
consciousness units Serve as source points or 
"boles" (Black holes or White holes?) through 
which energy falls into your system or is 
attracted to it- and in so doing, forms it. The 
experience of forward time and the 
appearance of physical matter in space and 
time and all the phenomenal world, results. 
As CUs leave your system, time is broken 
down. Its effects are no longer experienced as 
consecutive, and matter becomes more and 
more plastic until its mental elements become 
apparent. These observations are 
corroborated by Kryon in his dissertations to 
follow. 


Specifically, in the Kryon channelings, 
further insight on this electron "freedom" is 
given in the context of change of frequency: 
.. 1 here is something we call the electron haze 
which is around the nucleus ofthe atom. The 
Space between the energy haze and the 
nucleus (which is great), varies more than you 
thinkin matter. As the space varies, the speed 
(frequency) ofthe haze must change. It is in 

the physics where the speed of the haze is 
strong and fast that you have a different time- 
frame than your own..you have not yet 
accepted that an object can seem to be 
Stationary- yet traveling (vibrating) very fast. 

Not in a linear time from pointA to point B, 

but in the electron haze ofits vibrating parts. 


J.R. corroborates these comments in this 
dissertation: Einstein considered relationships 
ofthis sort that hold in the far universe as one 
increases velocity towards the speed of light, 
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but there are also "inner" situations (altered 
stationary states) that relate these 
quantities, and that are much easier to get 
into. In regards to atomic structure to allow 
for frequency changes, Kryon adds:Whatisit 
that makes the distance between the parts 
change? This is the puzzle for the scientists. For 
the area between the nucleus and the energy 
haze although vast, isnotvoid. Itis a patterned 
soup of energy (the so-called""vacuum"), and 
itis within the pattern of this null that changes 
the distance, and therefore the speed 
(frequency) ofthe haze. 


Mass, gravity and time are intimately 
related to this frequency change in the 
atom. Witnessthe comments from ]J.R: Time 
exists as aninvisible dragonmatterand 
this is interpreted as gravity. Time exerts 
a definite force like gravity, and this is 
connected with the behavior of the 
electron. However, since we always look at 
electrons in a certain way and gravity in a 
certain way, we miss the connection. And this 
related comment as well: There is another 
equation to be discovered that expresses the 
relation between time, mass and gravity. 

Kryon reiterates this sentiment, along with 
relatively detailed scientific information: 
Gravity is an absolute product of the 
characteristics ofmass and time...one of which 
you may change. 


Whathas been missing so far in your thoughts 
is how gravity ts related to time, and that the 
entire issue of gravity, mass and time isnon- 
linear. You have yet to develop the formula 
ofphysics. Itisnothere yet, and we are going 
togive you three attributes ofthe formula, but 
without the formula. These attributes are 
understood but the way they relate are 
misunderstood. Your science ts just now 
beginning to see the shadows of them, 
however. The first attribute of the formula is 
the ability to understand thedensity ofmass. 
Why is the electron haze so far from the 
nucleus? We have told you that you can 
change this distance, and in doing so, the 
density will change in the mass that is defined 
by the atoms being shifted. The electron haze 
will have to vibrate faster (this is possibly the 
"freedom" referred to earlier by J.R.), the 
closer it is to the nucleus; when the electron 
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haze vibrates faster, its time-frame will shift. 
Therefore, the second attribute ofthe formula 
is a time-shift, and they go together. Also, be 
aware that you make an erroneous 
assumption that the actual speed 
(frequency?) of the electron haze must 
always be the same no matter what the 
distance. This is not understood yet either. 
There is a difference between speed (velocity/ 
translatory rate) and vibratory rate, and it 
has to do with the actual physical definition 
of the electron haze. 


Mass discrimination is the ability to control 
the density of mass. With a density shift will 
come a time-shift, and with a time-shift will 
come a third attribute..we will call the 
reality of location, or where the matteris... 
in which dimensional reality it goes to when 
shifted. Here is an axiom: shifts in 
dimensionality when matter is 
changed in this fashion createa reality 
where the matter has to be to exist in 
its new form. It might be inches from 
where you changed it or miles. That depends 
on how much it got changed. The difficult 
thing to explain to you isa concept that has 
not been recognized... that matter has a 
reality index, and that itscoreattributesare 
linked to where it exists in time and space. 
Therefore, the three attributes that must 
work together are density, time-frame 
and location. 


Electromagnetic Field 
Manipulation of Cosmic Lattice 
and Time-Space-Matter 


Inregards to tapping this (mass-free) energy- 
haze-soup, between the atomic nucleus and 
electron shells, Kryon speaks thusly: There's 
something we are going to callAPD (atomic 
phasic displacement). This is a term that is 
going to refer to the ability to tap the (Cosmic) 
Lattice for unlimited energy. The Cosmic 
Lattice is balanced, but it is not quiet. The 
Lattice has astounding power. It has a flow of 
energy thatI cannot explain to you, forthere 
is no paradigm model for it yet in your 
thinking. Therefore, you would not easily 
understand. The Lattice has vents thatwe can 
best describe as necessary for the flow of 
energy. It balances the slight inequity of the 
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polarity. The vents also have to do with 
time...you will always find two vents together. 
One will be prominent, the other will be 
secondary. You might graphically and clearly 
see one, but you will have to look carefully to 
see its partner. There are always two. This is 
anaxiom or physical rule ofthe Lattice energy, 
and of the universe: This information 
remarkably parallels Killick's teachings on 
tachion energy pairs. 


Witness this Kryon pronouncement:Hiding 
within common atomic structure is a 
marvelous peek at something that will totally 
and completely mystify you, for it willseem to 
break all the laws of time and space. The" 
twins" are a pair ofatomic parts that always 
relate to each other, and are always found in 

pairs. You will discover that when stimulated 
correctly, they will always move together as a 

pair. When you start separating them by 

distance to experiment, they will continue to 

move exactly together. If one's energy is 
converted, then the other will do the same. This 
will cause you to totally reexamine your ideas 
of time and space, for this condition will not 

follow the "ultimate speed" of transmission 

thatyou thought was correct... thatofthe speed 
of light. You will have discovered something 
that travels faster than you can ever measure. 

Compare this statement with the torsion 

energy claimed by the Russians to travel ata 

billion times light speed [10]. 


In returning to the discussion on how to tap 
the Cosmic Lattice for energy, Kryon 
continues: The vents are very necessary for the 
balance of your universal energy. The vents 
are also energy portals, (drains, to you), and 
are where the front of each Lattice celltouches 
the back...Like so many other physical 
processes, however, its going to take a 
tremendous amount of energy in order to 
unbalance evenone cell's null attribute...Once 

you understand how to" prod" the null to 
unbalance itself, you will be rewarded with a 

steady flow ofenergy, far beyond what you put 
into it. This is accomplished since you create 
your own tiny "vent". An unbalanced cell 
creates a situation where the other cells 
around it will try to" feed" energy to the one 
thatisunbalanced. This creates atap that will 
pull upon the Lattice indefinitely, as long as 
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your work matches the properties the Lattice 
expects to see. Kryon further expands on the 
specific method to accomplish this...Here's 
how it works. Two magnetic fields together, 
posturedin the correctway- away that is very 
three-dimensional in your thinking process - 
will create a "designed magnetic field" that is 


very specific. 


...your math told you that 
there might be a possibility of 
invisibility and that was your 
goal. This was again because 
you did not understand that 


because the distance between 
the parts change, it doesn't 
necessarily mean that the 
overall size will dramatically 
change or that it might 
vanish... 





It'sone you have never seen, and does not exist 
naturally. Start with trying several magnetic 
fields postured against one another- of 
unequal force and pattern, and at right 
angles. Don't make any assumptions. Think 
freely. Done in the right fashion, these two fields 
will create a third pattern which is unique and 
is the product of the original two. This third 
custom-created pattern is the one that you 
want to deal with, and is the one that has the 
potential of manipulating the Lattice. Once 
you have created it, you will know ofits special 
qualities by how dramatically it changes the 
physics around it. And this important 
admonishment ts given: Here is a caution. 
Keep this experiment away from your body. 
Keep the experiment in check with your 
scientific methods. Go slowly. Understand 
whatyou're seeing before you go on to the next 
step. Do not expose yourself to any magnetic 
fields. Remotely conduct all energy 
experiments. Remember that magnetics also 
plays an important part within your body 

(DNA components). 


Here is another. Understand that if you 
unbalance the Lattice too grandly and too 
greatly, you will have atime displacement, 
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for the process also involves the property of 
time...One ofthe actual physical players in the 
creative process ofunbalancing the Lattice is 
the manipulation of the time-frame ofmatter. 

This is not time travel, but time 
displacement. It is where you are actually 
addressing tiny parts ofmatter, and changing 
the time-frame they are in. When the inequity 
of time-frames meet one another (matter 
mixed up with differing time attributes), the 
result ts a displacement of distance (reality of 
location). Although there is no horrendous 
danger for Earth within this time 
displacement, it can and will affect the local 
situation within the experiment. In other 
words, itcan create amatter-distorting effect, 

completely stopping the experiment, and 
actually dislocating the parts. We are not going 
tosay anymore about this at the moment, but 
the more astute scientific minds reading this 
will go to the next obvious step...and the 

answer ts "yes", the Lattice ts also the key to 

quick travel oflarge physical objects...even of 
very short distances. 


Possible Documented 
Demonstrations of Time-Space 
Warping 


Such fantastic transformations were 
possibly evident in the Hutchison 
experiments [11], in which metal samples 
were catastrophically fractured when 
exposed to radiation from the unique 
electromagnetic field effect. It was also 
noticed that many physical objects of 
different composition which were separate 
in space before the electromagnetic field 
was applied, became inexplicably 
embedded in each other once these objects 
were radiated by the field effect. For 
instance, pieces of wood contained 
metal Knives, etc. Other metal samples 
were catastrophically fractured in their 
molecular-atomic crystal arrangement, 
producing a substance which was uniform 
and geometrically symmetrical at one end 
but appeared to have the resemblance of 
corrugated cardboard at the other. 


Also, similar to Kryon's assertion of the 
inevitability of time-shift with mass altering 
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phenomena, in MHutchison's work 
anomalous inertial impulses were recorded 
on film, sometimes resulting in the 
complete lift/levitation of various 
substances of different mass. We notice also 
anomalous inertial impulses were a feature 
of the Zinsser "kinetobaric" effect [12], in 
which due to excitation by sawtooth 
microwave impulses withvery fast rise 
time, a sample attached to a torsion 
balance, deflected the balance for days and 
weeks after the original excitation was 
extinguished. Notice the similarity between 
these results and those of the Kozyrev 
experiments, some of which reportedly 
featured a memorizing preservation effect 
ona torsion balance, etc. 


We also find additional confirmation from the 
basically anecdotal evidence from the alleged 
legendary Philadelphia Experiment in 1943, 
which apparently caused either large time- or 
space (teleportation) shifts in a Navy ship. In 
fact, in another piece Kryon himself possibly 
speaks directly about the Philadelphia 
Experiment, providing us with further insight 
into important possible new paradigms for 
time, mass and energy: Jn all your questions 
regarding magnetics and the massless 
condition, you have never asked about what 
happened in your year 1943. You tried to 
create a massless condition with coarse 
equipment and little understanding of what 
you were doing. Inthe process you actually did 
create an unstable massless condition for a 
moment. Its instability created a situation 
where, instead ofa true massless condition, you 
received one where the time-frame changed 
but the parts within the sphere of the time 
change did not have the fine-tuned 
synchronicity needed for amassless object. The 
resultwas an actual distance displacement of 
the object instead ofa true massless condition. 
Indeed, humans were involved on the large 
object and their biology was damaged gredlly. 
Your experiment was done in an atmosphere 
ofdesperation, and your goal was flawed. For 
your math told you that there might be a 
possibility ofinvisibility and thatwas your goal. 
This was again because you did not 
understand that because the distance between 
the parts change, it doesn't necessarily mean 
that the overall size will dramatically change 
(or that it mightvanish). 
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Although this may seem like a paradox to you, 

the internal mechanics of small particle 
behavior supports this. The change is 
measurable but very small, much like what 
happens with heat and chill..Many of you 
have guessed correctly thatmagnetics and 
electricity play a critical role in the 
determination of the real attributes of 
mass..and the magnetic variables that 
determine the mass product, are often 
working within very small particles to create 
the density of an object and also its time- 
frame. The time frame ofa massless object is 
slightly different than your own, making you 
to appear slightly slower than the massless 
object. Its reaction to more traditional mass 
molecules around it ts also predictable: 
because ofthe very slight time displacement, 

it tends to change the number of electrons 
within the atoms directly in contact with it. 

This is a clue on how to detect a massless 
object even if you can't see it. 


The reason you felt the object (ship) would 
vanish was that you were able to simulate a 
"vanishing" in the laboratory with smaller 
objects. This observation was not consistent 
however, So you again were in desperation 
to try this experiment on a larger object. The 
"vanishing" was an illusion and was due to 
a distance displacement rather than an "in 
place" vanishing... does this give you a clue to 
long distance travel using magnetics and the 
vibratory rate of matter?.. Only one human 
on the planet has ever captured a true 
massless condition, and even this was a 
coarse one and lasted for only for a few 
moments that were uncontrollable in scope. 
This massless condition was created in the 
primitive workshop of a great electrical 
Scientist in your culture on the American 
continent not too long ago. If you were able 
to visit his workshop, you would note the holes 
in the ceiling and the patched glass-covered 
light port where his massless objects took off 
and wildly flew everywhere. If be had been 
born 50 years later he would have been able 
to control the attributes ofthe experiment. As 
it was, he didnot have the precision tools you 
have now to direct and control such an 
experiment. It was his great passion to 
understand this phenomena, but because it 
was so uncontrollable and sporadic, he was 
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never able to bring others to see it work, for 
he could not accurately create it consistently. 
This depressed him in his later years, for bis 
was a great three-dimensional mind.. When 
asked the identity of this scientist Kryon 
replied: The inventor of your multi-phase 
current, born in the land you now call 
Yugoslavia. 


From the above information, there emerges 
aremarkably consistent picture suggesting 
that atomic structure may not be as rigid or 
immutable as formerly thought. Changing 
the fundamental frequency of vibration of 
atomic structure can perhaps apparently 
not only change the density of matter by 
altering the distance of electron shells from 
the nucleus, but in so doing alter the time- 
frame of that object, its mass and also the 
reality of location of that substance. 
Certainly, the implications of the Kozyrev 
research, among others, can possibly form 
the basis for the eventual technological 
implementation of these futuristic 
principles. Perhaps those experimenting 
with the relatively detailed data provided 
by Kryon on APD can actually realize this 
coveted goal. 


Maverick New Theories in Physics 
Suggest Fluid Nature for Time, 
Space, Energy 


The Dirac theory is to be understood as a 
theory of the electron with electromagnetic 
interactions. It consists of the Dirac wave 
function and its properties, including the 
Dirac equation and relations to physical 
variables such as energy-momentum, spin 
and position probability current. In spite of 
its indisputable mathematical successes, the 
Dirac theory is still without a completely 
satisfactory physical interpretation. In 
particular, the so-called zitterbewegung 
(“jitter motion") is a distinctive feature of the 
Dirac theory which continues to be the 
subject of conflicting interpretations in the 
standard scientific literature. The concept of 
zitterbewegung was introduced by 
Schrodinger to interpret high frequency 
oscillations in free-particle wave packets of 
the Dirac theory. These oscillations with 
angular frequency 2mc?/h arise from 
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interference between positive and negative 
energy components of a wave packet. 
Schrodinger interpreted the oscillations as 
fluctuations in position of the electron about 
an average motion. However, this concept 
has not been interpreted in the bulk of the 
literature as having an objective significance, 
but has erroneously been viewed by standard 
theory asa mathematical artifact of the one- 
particle Dirac theory which does not appear 
in a correctly formulated quantum field 
theory. 


However, as noted theoretical physicist 
David Hestenes suggests in the first of his 
recent article series in the journal, 
Foundations of Physics [13], it is only by 
interpreting the zitterbewegung literallyand 
objectively as point particle motion, that a 
complete andcoherent interpretation of the 
Dirac theory can be achieved. Moreover, this 
model has implications that have not yet 
been previously considered by established 
physics that relate directly to some of the key 
features of sub-atomic behavior enumerated 
in the tachion energy theory and also in the 
microscopic dynamics of elementary 
particles revealed by the selected esoteric 
channelings that we have previously 
considered in the present exposition. 


In particular, it implies that the electron is the 
seat of a fluctuating electromagnetic field 
which oscillates with the DeBroglie frequency 
of the electron (1.6 x 10?'cycles/sec). 


Thus, it tells us that a kind of electromagnetic 
wave-particle duality is implicit in the Dirac 
theory. Of course, this contradicts the 
conventional view that wave-particle duality 
is a property of matter which is completely 
independent of the nature ofits interactions. 
If the zitterbewegung is an objective 
phenomenon, then it originates from 
electron self-interaction, since it persists in 
the absence of external fields. In this new 
theory which considers the zitterbewegung 
as an objective physical phenomenon, the 
electron mass and spin can be identified with 
the energy and angular momentum of 
electromagnetic interaction. It suggests that 
the self-interaction is such that there exist 
certain stable, non-radiating but accelerated 
states of motion; in particular, for a free 
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particle, this implies motion in a circle with 
the radius of a Compton wavelength- the 
zitterbewegung. The zitterbewegung implies 
that some of the mass, at least, is kinetic self- 
energy associated with a spin, and it 
reconciles the mass with a zero mass of the 
bare electron. Thus, according to this bold 
new theory, the electron spin arises from a 
helical world-line in spacetime. To be sure, 
some researchers have previously postulated 
such a helical electron dynamics. 
Unfortunately, such models have failed to 
explain why a helical motion for spin should 
depend on interference between positive 
and negative energy states or why the 
zitterbewegung should depend on the waya 
wave packet is constructed, or even how the 
zitterbewegung can be the origin for electron 
spin despite the fact that it vanishes for plane 
wave states that certainly describe a particle 
with spin. 


The Hestenes model does offer an 
explanation for such effects and accounts for 
the ubiquitous feature of spin angular 
momentum as a function of the 
zitterbewegung. The essential 
unprecedented feature of the Hestenes' 
zitterbewegung idea is the association of the 
spin with a local circulatory-helical motion 
characterized by the phase factor of the 
electron wave function. 


Thus, we reach the conclusion that the 
complex phase factor of the electron wave 
function can be associated directly with an 
objective helical motion of the electron, 
which is, in turn, a derivative of the 
zitterbewegung. Although the idea of helical 
motion connected with the electron has 
been considered before, it has not previously 
been related to electron phase to produce a 
complete interpretation of the Dirac theory. 


Moreover, in the next installment of his 
dissertation [14], Hestenes argues that the 
zitterbewegung is not only an objective 
dynamical phenomenon associated with 
the electron, but is a ubiquitous 
phenomenon, with manifestation in every 
area of quantum mechanics, even in the 
non-relativistic domain. For instance, by 
showing that spin angular momentum can 
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be regarded as angular momentum of the 
zitterbewegung fluctuations, the 
zitterbewegung interpretation of the Dirac 
theory begun by Hestenes in reference 13 
provides an explanation for the electron 
spin and magnetic moment in the physical 
circulation of momentum and charge. It 
also explains the mass as the energy of this 
circulation. Thus, the origin of the 
zitterbewegung is attributed to self- 
interaction of the electron with its own 
electromagnetic field. The relations derived 
by Hestenes in this article suggests that the 
interaction is of magnetic origin, since it 
has the form ofa Larmor precession energy 
if spin angular momentum is proportional 
to aself-generated magnetic field. The so- 
called "rest mass" of the electron is thus a 
kinetic energy of self-interaction. It is this 
that gives the electron its inertial 
properties, and the flywheel-like nature of 
this inertia may be the ultimate origin of 
spin dependence in electron scattering. 
And the Heisenberg Uncertainty relations 
can now be attributed to the 
"zitterbewegung fact" that an electron 
cannot be confined toa region smaller than 
a Compton wavelength. Also, the stationary 
states of a bound electron exhibit a 
resonance of the orbital frequency with 
harmonics of the zitterbewegung 
frequency, which is imposed formally in the 
standard theory by requiring single- 
valuedness of the wave-function. Evidently, 
such resonances, so prominent in quantum 
mechanics, can be interpreted as 
zitterbewegung resonances. This leads toa 
new explanation of penetration of a 
potential barrier by sub-atomic particles as 
due to zitterbewegung fluctuations in 
momentum, and the Aharonov-Bohm 
effect as a shift in zitterbewegung phase. 
The zitterbewegung phase factor literally 
represents a physical rotation. The rotation 
rates of this phase in time and space 
directions are the source of the electron's 
energy, mass and momentum. 


In his third paper [15], Hestenes draws a closer 
relation of the zitterbewegung dynamics to 
the Dirac theory bysuggesting that the latter 
actually describes a statistical ensemble of 
possible electron motions, which are actually 
governed by the zitterbewegung sub- 
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structure. Since the energy-momentum of the 
electron can now be interpreted in terms ofa 
rotation rate in the spin-plane, Hestenes then 
derives a corresponding relation which 
defines a variable mass for the electron- 
another unprecedented idea which is in 
agreement with the information given by 
Kryon in his dissertations and Ken Killick's 
tachion theory. The mass m, the scalar radius 
of curvature r and the zitterbewegung 
frequency all covary with changes in the 
rotation rate in the electron spin-plane. 
Hestenes obtains a relation demonstrating 
that the electron mass is inversely 
proportional to the zitterbewegung 
frequency. This conforms to the relativistic 
concept of mass as a measure of energy 
content. But here, mass is concluded to be 
primarily a frequency measure. This also 
conforms to DeBroglie's original idea that the 
electron contains an internal clock with 
frequency determined by its mass, though for 
a free particle, the zitterbewegung frequency 
differs from the DeBroglie frequency by a 
factor of 2. Moreover, the new key relation 
derived by Hestenes: m-r = 1/2h (h, Planck's 
constant), says that this frequency measures 
the radius of curvature of the electron world- 
line, so it isa thoroughly geometrical quantity. 
Thus, as mass increases the radius of curvature 
decreases, in concert with the tachion 
dynamics as well. All this suggests that the 
electron mass relates our externally imposed 
time scale to a time scale intrinsic to the 
electron. 


The reader can see that the information 
transmitted by J.R. is also remarkably similar 
in this connection. It should be evident that 
there is introduced a new concept of mass 
here, though, toa certain extent, it was already 
implicit in the Dirac theory. The formerly 
vague concept of mass as some kind of 
material stuff is completely gone. Also, no 
longer is vanishing mass a distinguishing 
feature of particles moving with the speed of 
light. 


Corroborating Research on 
Oscillatory-Fluid Nature for Time 


In his recent thought-provoking 
dissertation [16], Tom Bearden relates of 
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the dynamic influence of time on a 
material system: "But we can also 
legitimately state that 'time is energy' and 
be rigorously accurate...Time is extremely 
compressed EM spatial energy...Without 
further elaboration, we speak of a 'mass' 
in which a small portion exists as 
'masstime' rather than mass, as having 
been 'time-charged' or 'time-excited'. 


The t-polarization wave in the time 
dimension is quite unique: The spatial 
energy of the wave is in equilibrium and 
not vibrating at all; instead, the photons 
comprising the wave are vibrating in their 
time-components... In short, mass m is 
changed into masstime mt by photon 
absorption... Rigorously, a mass does not 
really 'travel through time' continuously, 
per se, but proceeds with an overall serial 
change mechanism, driven by its total 
virtual and observable photon 
interactions, as m> mt> m= mt>-...We 
propose that this may account for the 
duality of particle and wave...The particle 
actually oscillates at a high rate between 
the mand mtstates... Mass 'travels through 
time’ by an extremely high oscillation 
between corpuscle-like state and wave- 
like state". Notice how Bearden's 
description of the macroscopic operation 
of time on a physical system closely 
parallels Hestenes' proposed model for of 
the zitterbewegung dynamics at the sub- 
atomic level which provides the electron 
(and possibly photons, etc.), with a time- 
substructure (its internal "clock"). 


We can see many other places in Bearden's 
treatise where the unique terminology 
chosen can now be put into direct 
reference with equivalent concepts and 
unique phraseology employed by many of 
the researchers examined in the current 
exposition. This cross-referencing 
certainly provides much needed 
clarification about key ideas for researchers 
currently involved with the development 
of this fledgling discipline that we shall 
term causal mechanics, after Kozyrev's 
designation. 


Allsuch efforts will help to place investigative 
endeavors currently scoffed at by 
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establishment science on a firm rational 
foundation, as well as assist in synthesizing 
seemingly disparate but surprisingly related 
"anomalous" phenomena. For instance, to 
implement the science he has termed 
"vacuum engineering", Bearden often speaks 
of the necessity of establishing a "local time- 
stress of the vacuum potential". This 
process, which as we hope to have shown 
here is completely legitimate, is identical to 
what Smith calls creating a "tempic field 
gradient", Kozyrev's "alteration of time- 
density", or Alexander Frolov's"change in the 
local time-rate", 


Itcanclearly be seen that such ideas can only 
be perceived as science fiction fantasy, if we 
observe strict adherence to all current 
received paradigms (even in superstring 
theory), which consider space and time 
purely from their relational standpoints. 
These theories must of necessity involve 
models employing scalable metrics for their 
proper description. However, once we 
embrace the novel view posited here that 
vacuum energy is primary and both local 
space and time are derivatives of this mass- 
free non-scalable dynamic non-local 
oscillating substratum, then we can conceive 
of space and time properly as 
complementary aspects of non-local 
conscious reality, neither fixed in a scalable 
manner or subservient to the other, but fluid 
and mutually interdependent features of 
energy in constant flux (see the related ideas 
voiced by A. Correa and P. Correa in I). 


With this approach we will then come to 
acknowledge the technological feasibility 
of many of the "futuristic" claims made in 
the channeled transcripts. For instance, we 
can see that it will no longer be necessary 
to propel elementary particles to 
relativistic velocities, or to probe 
astrophysical systems possessing large 
gravitational fields, to recognize alterations 
in space, time and mass parameters, since 
these phenomena can equally as well be 
accomplished in the laboratory by 
modifying atomic structure of stationary 
matter through electromagnetic means. 
Once again, peruse the Kryon dissertations 
on this process, for it may be key to future 
technology. 
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For those who wish to further investigate these 
theoretical possibilities, the papers of 
A. A. Nassikasare recommended. Nassikas has 
postulated what very few researchers before 
him have theorized: the existence ofa ground- 
form probability density function for energy, as 
a necessary precursor to the malleable 
(deformable) characteristics of time and space 
[18]. One of Nassikas' conclusions is significant 
in light of ideas articulated in the present 
exposition concerning the hypothetical 
tachion-pair model for reality (see I). Here we 
refer to the key push-pull oscillatory 
("breathing") operation between space and 
time, which may be responsible for the 
structural integrity of matter as we know it 
(again re-read the Hestenes zitterbewegung 
model). 


Researcher Alexander Frolov has taken 
Nassikas' theory even further to suggest an 
explanation for the anomalous over- 
unity effect that has continually been 
demonstrated in low-energy nuclear 
reactions (LENR) over the past decade [19]. 
In such so-called "cold fusion" cells the 
Palladium cathode is over-saturated with 
protons, producing a local imbalance in the 
vacuum engine, causing a local alteration in 
the time-frame of the experiment to 
compensate the local change in energy 
density. Subsequently, as Frolov claims, 
this time-frame change converts non- 
local time-energy directly into heat 
energy, similar to Kozyrev's 
description of energy production by 
stars. Perhaps this observation might 
provide the hitherto missing key in our 
understanding of fusion by electrolytic 
action. 


Conclusions and Prospects 


In the preceding paper it is sincerely hoped 
that the author has demonstrated ample 
evidence that will spur on researchers of a 
kindred spirit towards the development of 
new paradigms for space, energy, mass and 
especially time. All these concepts, as well as 
the foundations of current classical 
electromagnetic theory, are in need of a 
drastic overhaul before we can fully 
appreciate and understand the operations of 
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nature as it interrelates the metaphysical- 
mental realms with the physical level of 
reality. 


At any rate, the continual appearance of 
research results, such as the Kozyrev effect, 
which up to present apparently resists 
explication in terms of conventional 
scientific paradigms, certainly offers clear 
evidence of the incompleteness of our 
knowledge of nature, even in this 
enlightened era since the dawn of the new 
millennium. 


Accordingly, hints as to how the Kozyrev 
effect arises in association with the 
postulated active properties of time, and how 
the latter interacts with known physical 
forces, can assist us towards the development 
of a more comprehensive paradigm which 
embraces a wider spectrum of human 
knowledge - one in which the current 
conundrums rampant in the foundations of 
theoretical physics, and biological science 
disciplines as well, which have hitherto 
prevented the establishment of a unified 
model of all physical interaction, can find 
satisfactory solution. Also, such empirical 
evidence which generally flies in the face of 
current scientific wisdom, presents the 
greatest challenge to our ongoing search for 
newsustainable energysources which will be 
of absolute necessity in the future. 


In this light, if formally integrated into 
scientific thought, the tenets of tachion 
energy theory, which is based on an altruistic 
modus operandi, also may hold profound 
implications for the status of our very social, 
political and religious structures as well. 
Indeed, unlike the impersonally motivated 
interactions believed to be the basis for force 
interactions in modern sub-atomic physics, 
which help sustain our illusory belief in the 
supremacy of the ego, the philosophical basis 
of tachion dynamics is an able reminder of 
the humility of purpose which should be the 
guiding force whatever our walk of life. Like 
tachion-pairs, in the ideal social structure 
individuals will work side-by-side, yet 
achieving a common accord. United in the 
circle of their activity they will work together 
joyfully in freedom, each with his own task, 
yet always conscious of the common bond. 
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With the full import of these simple truths 
appreciated, tachions may afford a rational 
justification of the formerly "unprovable" 
mystical doctrine of the omnipresent 
intelligent plan behind the working of the 
universe at all levels of conscious reality. We 
will come to realize the profound truth of 
Einstein's vision of ultimate reality couched in 
his heretofore cryptic statement, "God is 
subtle, never malicious". 
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| On the Rotating 
naanent Magnet System 


Alexander V. Frolov, Russia 
7 Lev Tolstoy Str., St. Petersburg, 197376, Faraday Laboratory Ltd. 


In one of our issues we published an article about the results of the experiment conducted by S.M. Godin 
and V.V. Roschin. They started in 1990 at Moscow Aviation Institute (MAT) when a technical physics 
laboratory was created in Machine Industry Projects Institute at the "Aeropromservice" Association. Their 
research work was financed by private investors and was continued in close cooperation with Chair 
310 of MAI, especially with Prof. PhD. LK. Kovalev, Prof. PhD. V.V. Rybakov and PhD. K-V. Ilyushin. By 
1991 "a device for inner energy of matter conversion" had been designed and tested (according to the 
Technical Design Assignment). The prototype was finished in the middle of 1993 (Fig.1). 
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The experiments resulted in the 
possibility of creating a 7 kW output 
power in load after the rotor was sped 
up to 10 rps, but in the autumn of 
1993 the laboratory was closed due to 
the investors' financial problems. 
Now their research work is 
continuing in Moscow and we hope 
the scientists will obtain new 
experimental results. 


You can email S.M. Godin for 
more information at: 
smgodin@online.ru 


Considering the theoretical basis of the 
functioning of these systems I should 
suggest a number of interesting details 
for prospective researchers. 


S.M. Godin, V.V. Roschin et. al. (Physics 
of Negative Viscosity Phenomena. Prof. 
Victor P. Starr. Massachusetts Institute 
of Technology) spoke of vacuum 
(quantum medium) as a physical 
medium possessing negative 
viscosity. At that rate, it is worth 
making assumptions that can be useful Fig.2 

to the developers of this topic. I think 

that standard (positive) viscosity of | From the conventional point of view, this device (Fig.1) creates 
matter, from the physical point of view a circulating energy flux described by the Umov-Pointing 
presupposes the presence of positive vector (toroidal vortex) as the roller magnet field vector is 
friction and a "work-to-heat" entropy — vertical and the electric field is radial. 

transformation. Consequently, 
negative viscosity should 
correspond to the negentropy cycle 
"heat is converted to work". This is 
exactly the stray heat conversion once 
described by Tsyolkovsky in 1914. 
Apparently, the medium of the kind 
supports self-sustained vortices 
characterized by the surrounding 
medium heat absorption, 
which was mentioned yet not 
explained by S.M. Godin and V.V. 
Roschin. 





4 


It is possible that all the elements of ~~, “ 4 ue a oe 
matter are the self-sustainable vortex . I , 
structures. To mathematically describe \ 1 Ao 

these physical mechanisms, the el am 
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notions "heat-work-heat" 
transformation and "time" or a 

"gravitation" should be interrelated. 

Russian philosopher Pavel  D. 

Uspenskiy had been making related S.M.Godin (on the left) and A.V.Frolov (on the right), St. 
research since the year 1910. Petersburg, June 2001. 
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This year the annual Inventor's Week-end 
Conference was held on September 19-20 in 
Seattle, Washington. The conference featured 
several interesting inventions, including MEG. 


Bill Alek demonstrated a device that he believed 
could let him detect Vortex-Energy. It was attached 
to a meter, and his belief was that if he walked into 
a naturally-occurring energy vortex carrying the 
device it would show him changes in gravitational 
and other energies. He cited the Vortices in Santa 
Cruz and Oregon as examples that might be good 
for experimentation. 





Z-Pod, Bill Alek 


Bill Alek 


In his report "Introduction to Parametric Mass 
Fluctuation - a breakthrough in Energy and 
Inertialess Field Propulsion" Bill Alek presented the 
Z-Pod, developed to test a theory of solid-state 
parametric mass fluctuation. Here is the URL for a 
good overview of the device that he published 
online at www.intalek.com: 


http://www.intalek.com/Index/Projects/ 


SmartPAK/Projects/ZPOD/ 
ZPOD_System03.pdf Rio Von Sternberg 
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Rio Von Sternberg was presented as the original 
inventor of the MEG. He apparently has a patent 
on the device; however, from his presentation I 
understand that his configuration is somewhat 
different than the model that J.L.Naudin and 
T.E.Bearden have been experimenting with. 


Alexander Peterson had a very interesting 
presentation on optical-mirror magnetic field 
systems. The crux of his presentation involved 
cutting precise notches into magnetic coils to 
separate them into identical optical-isomeric 
shapes. Apparently, by cutting a thin line directly 
down the center of the transformer-core is believed 
by Peterson to increase the efficiency of electric 
motors by up to 50%. 





Alexander Peterson 


Mark Plotkin, a well-known Washington DC 
attorney also took part in the conference. He is 
interested in new energy technologies and works 
with new technologies in collaboration with Mark 
Whitford at www.awetec.info. The photo of Mark 
shows him rotating a steel coil apparatus that was 
passed around the conference by Slim Spurling. 





Mark Plotkin 


Slim Spurling is an inventor from the Southwest, 
shown holding a helical-wound coil that he claims 
provides health benefits through an interface with 
zero-point energy. Spurling's belief is that this 
specific circumference of the coils provides a 
"Casimir-like Effect" that concentrates the energy. 





Slim Spurling 
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Donald Smith 


Note: Donald Smith, a well-known inventor, also 
took part in this year's conference. His work is 
described in more detail in a separate article of this 
issue. 


Full information on the conference and 
reports is presented at http:// 
ionvalve.com/iw/2003/ 
conference2003.htm. 
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Ne 6,290,622 (7/18/01) 
Mechanical Force Generator | 
Murray, Lawrence D. | 


No 6,259,177 (7/10/01) 


Motion Imparting System 
Deschamplain, Daviv 


Ne 5,937,698 (8/17/99) 
Ne 5,890,400 (4/06/99) Centrifugal Propulsi 
Apparatus for Generating on System 
a Propulsion Force Kunz, William T. 
Oades, Ross A. 


Ne 6,089,511(7/18/00) 

Method & Apparatus Ne 5,966,986 (10/19/99) 
for Propulsion Propulsion System 

Rasmussen, James K. Laul, Virgil R. 
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Ne 5,831,354 (11/03/98) 
Bootstrap Propulsion 
System 
Stopplecamp, TimothyJ. 


Ne 5,673,872 (10/7/97) 
Apparatus for Energy 
Transformation & Conservation 
Shimshi, Ezra. 


Ne 3,492,881 (2/3/70) 
Prime Mover 
Auweele, Albert J. v. 


Ne 5,410,198 (4/25/95) 
Propulsion System 
Butka, Kemal 
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Ne 5,685,196 (11/11/97) 
Ne 5,860,317 (1/19/99) Inertial Propulsion 
Gyroscopic Propulsion System Plus Device & 
Laithwaite, Eric R. & Engine 
Dawson, Wm. Foster, Richard E. 
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Ne 5,167,163 (12/1/92) 
Energy Transfer Device 
McMahon, John C. 
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Ne 5,557,988 (9/24/96) 
Centripetally Impelled 
Vehicle 
Claxton, John C. 


Ne 5,156,058 


Converting Rotary Motion 
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to 
Lineal Motion 


Bristow, Theodore R., Jr. 


Ne 5,182,958 (2/2/93) 
Non-Linear Propulsion & 
Energy 
Conversion System 
Black, James W. 


Ne 5,782,134 (7/21/98) 
Electromagnetically Actuated 
Thrust Generator 
Bouden, James D. 


Ne 5,488,877 (2/6/96) 
Centrifugal 
Inertia Drive 

Lieurance, Richard L. 
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Ne 5,024,112(6/18/91) 
Gyroscopic Apparatus 
Kidd, Alexander D. 


Ne 4,991,453(2/12/91) 
Centripedal Device for 
Concentrating 
Centrifugal Force 
Mason, Lyle M. 


Ne 5,111,087(5/5/92) 
Propulsion System 
Butka, Kemal. 


Ne4,801,111(€1/31/89) 
System for Propulsion & 
Positioning 
Rogers, Charles E., et al. 


Ne 4,784,006(11/15/88) 
Gyroscopic Propulsion 
Device 
Kethley, Lancelot I. 


No 5,090,260(2/25/92) 
Gyrostat Propulsion 
System 
Derloy, M.S.& Derloy M. 
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No 4,884,456(12/5/99) 
Centripedal Device for 
Concentrating 
Centrifugal Force 
Zachystal, George J. No 4,788,882(12/6/88) 
Flywheel 
Fulop, Charles. 


Ne 5,054,331(10/8/91) 
Controllable 
Gyroscopic Propulsion 
Apparatus 
Ne 5,042,313(8/27/91) 
Conversion of Rodgers, A.T. 
Rotational Output 
to Linear Force 
Montalbano, Paul J. 


Noe 4,856,358(8/15/89) 
Ne4,770,063(9/13/88) Conversion of 
Universal Propulsion Powerplant & Rotational Output 
Impulse Drive Unit to Linear Force 
Mundo, James D. Montalbano, Paul J. 
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Ne 4,744,259(7/17/88) 
Apparatus for 
Producing a Directional 
Unit Force 
Peterson, Oscar F.A. 


Ne 4,242,918(1/6/81) 
Mechanical Propulsion System 
Srogi, Ladislaw G. 


Ne 4,409,856(10/18/83) 
Propulsion System 
de Weaver, Fred, III. 


No4,712,439(12/15/87) 


Apparatus for Producing a Force 


Ne 4,674,583(6/23/87) 
Impulse Drive 
Peppiatt, Alvin C., etal 


Ne4,579,011(G/1/86) 
Propulsion Apparatus 
Dobos, Elmer M. 
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Ne 4,631,971(12/30/86) 
Apparatus for 
Developing a Propulsive 
Force 
Thornson, Brandson R. 


Ne 4,577,520(3/25/86) 
Mechanical Propulsion System 
Colla, Joseph. 


Ne 3,889,453(6/17/75) | 
Propulsion System 7 eee ee 


Mast,Oscar. AEE RIEL. 


Ne 4,726,241 (2/23/88) 
Continuous Force & Impact 
Generator 
Melnick, Harry S. 


Ne 4,238,968(12/16/80) 
Conversion of Centrifugal Force Ne4,261,212(4/14/81) 
to Linear Force & Unidirectional 
Motion Force Generator 
Cook, Robert L. Melnick, Harry S. 
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Ne 3,968,700(7/13/76) 
penverdns Romty Motion Ne 4,347,752(9/7/82) 
Converting Rotary Motion 
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Unidirectional Linear Motion 


ff. lvin I. 
Cuff, Calvin a Rectilinear Force 


Dehen, Frederick L. 
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Ne 3,998,107 (12/21/76) 
Converting Rotary Motion 
ieee ae No 3,979,961(9/14/76) 
a Unidirectional Linear Propelling an Object byan 
Motion Unbalanced Centrifugal 
Cuff, CalvivI. Force... 


Schnur, Nicolas J. 


No 4,398,431(8/16/83) 
Mechanical Power Transmitting Ne 3,555,915(1/19/71) 
System Directional Force Generator 
Melnick, Harry S. Young, Hersey W., Jr. 
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Ne 3,863,510(2/4/75) 
Inertia Engine 
Benson, Everett H. 


Ne 3,750,484(8/7/73) 
Centrifugal 
Thrust Motor 
Benjamin, Paul M. 


Ne 3,756,086(9/4/73) 
Propulsion System 
McAlister, RoyE., etal. 


Ne 3,916,704(11/4/75) 
Vibratory Motion 
Gaberson, Howard A. 


No 3,810,394(5/14/74) Ne 3,807,244(4/30/74) 
Centrifugal Device for Transforming Kinetic 
Mechanical Device Energy 


Novak, Leo J. Estrade, Fernand. 
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Ne 3,196,580(7/27/65) 
Toy Vehicle Having...Self-Contained 
Drive Means 
Rakestraw, Robert G. 


Ne 3,584,515(6/15/71) 
Propulsion Apparatus 
Matyas, Laszlo B. 


No 3,266,233(8/16/66) 
Inertia Propulsion No 3,177,660(4/13/65) 
Device Propulsion 


Farrall, Arthur W. Apparatus 
Haller, Paul. 


Ne 3,653,269(4/4/72) 
Converting 
Rotary Motion Ne 3,683,707(8/15/72) 
into Propulsion 
Unidirectional Motion System 
Foster, Richard E. Cook, Robert L. 
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Ne 3,182,517(5/11/65) Ne 4,095,460(6/20/78) 
. Variable Converting 
Oscillation System Rotary Motion into 
Dean, Norman L. Unidirectional Motion 
Cuff, Calvin I. 


Ne 2,639,777 (5/26/53) 
Method & Device for Imparting 
No 4,087,0 2/78 Lateral Movement 
< ce LD Dull, Marshall L. 
Propulsion 
Apparatus 
Knap, George. 


Ne 2,886,976(5/19/59) 
System for Ne 3,203,644(8/31/65) 
Converting Rotary Motioninto Gyroscopic 
Unidirectional Motion Inertial Space Drive 
Dean, Norman L. Kellogg, H. Dudley 
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Ne 2,636,340(4/28/53) 
Direct Push 
Propulsion Unit 
Llamozas, Juan D. M. 


Ne 5,150,626(9/29/92) 
Translational Force 
Generator 
Navarro, T. L. 


ALBA TAYT mm mnt 
i 
~— 


Ne 2,009,780(7/30/35) 
Centrifugal Variable Thrust 
Mechanism 
Ne 3,238,714(3/8/66) Laskowitz, Isidor B. 
Thrust Motor 
Schur, George O. 


Ne 3,404,854(10/8/68) 
Apparatus for 
Ne 2,088,115(7/27/37) Imparting Motiontoa 
Reaction Motor Body 


Neff, Tom. di Bella, Alfio. 
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The Free Energy, 


trifugal Force 





This experiment is conducted by Faraday Lab Ltd 
in cooperation with V. I. Bogomolov 


In the previous issue we wrote about the invention of 
Bogomolov V. I. The device shown in Fig.1 (and also on 
the cover) was constructed and tested in our laboratory. 





Fig. 1 
The Device 


The simplified diagram is known as "Maxwell's 
Pendulum" (Fig.2). This is a disk set onto the horizontal 
axis with two attached strings. The upper ends of the 
strings are fixed to the crossbar. 





hg = 95) mm 


ha = 1030 mm 


If we wind the strings about the 
axis, the disk will lift (the height h) 
and store the potential energy of 
the Earth's gravitational field 
E=mgh (m- mass of the flywheel, 
g - free fall acceleration; h - the 
height of the mass fall). If we let the 
pendulum go, we can observe 
periodic "up-and-down" damped 
oscillations: first, the string spins 
and potential energy converts into 
rotation kinetic energy; upon 
reaching the lowest point the disk, 
still rotating, goes up using rotation 
kinetic energy and then converts it 
again into potential energy. This 
device is interesting: due to the 
energy conservation law we can 
obsetve the usage of rotation 
kinetic energy of the flywheel, 
measuring only the h-parameter, 
the lift height of the flywheel strings 
in the second semi-oscillation 
compared to the height with which 
the pendulum started falling in the 
first semi-oscillation, the difference 
h1-h2 ofthe two semi-oscillations 
is directly proportional to the losses 
of rotation kinetic energy for air 
resistance work and friction. 


We have made "Maxwell's 
Pendulum" more complicated by 
substituting the flywheel disk for 
the Watt centrifugal governor in 
accordance with its description in 
the article (1). The main difference 
of the device from Maxwell's 
flywheel is that the flywheel inertia 
momentum changes by the 


hy = 1160 mm centrifugal force operation at the 


lever transferring of weights (the 
total weight - 1200 g) from the 
minimum radius position (40 mm) 
to the maximum radius position 
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(90 mm). At that, the levers compress the 
string with the force of about 16N. 


There have been three stages of the 
experiments. During the first stage we define 
the necessary lift height of 1100 mm at 
moment when the string winds around the 
axle. When the flywheel falls from this height, 
the rotation speed and centrifugal force are 
achieved, which move apart the loads to the 
maximum radius (90 mm) and which 
completely compress the string. During 
the second stage the loads are fixed at the 
minimum radius position (40 mm), thus the 
compress string centrifugal forces are not 
involved any more and we can measure the 
air resistance and friction losses of kinetic 
energy. At this stage the flywheel lifts up 
to 980 mm losing 120 mm. During the third 
final stage the load fixing rods are taken away 
and centrifugal forces are applied. Just 
like during the second stage the Watt 
governor starts spin-falling from the height 
of 1100 mm. It compresses the string and lifts 
up to the height of 1030 mm thus 
exceeding the second stage height 
by50 mm! 


The experiment conclusions of the 
author: 


1. At the third stage the flywheel exceeds the 
"loss height" h=980 mm. This means that the 
compression of the string was performed "for 
free". 


2. At the third stage the flywheel converted 
kinetic energy into potential energy and lifted 
up 50 mm more. This means that in 
accordance with the principle of conservation 
of moment of momentum, the outer 
compressed string energy force has 
caused the moment of momentum change of 
the rotating masses, thus giving the additional 
acceleration to the flywheel andincreasing 
its kinetic energy "for free"! 


3. For the practical application of the 
Bogomolov generator in order to generate free 
energy it is necessary to achieve a high rotation 
speed (more than 10 000 rpm) and involve 
centrifugal forces to transfer the rotating mass 
to the less possible inertia radius difference. 


The described centrifugal regulator diagram is 
not sufficient for larger experiments. For the 
industrial generator the author has a 
hydraulic-principle pneumatic string device 
drawing (know-how). 


Editor: Also in this issue: the article on "Glen Gates 
Motor" by A, Akau. The principle is almost the same. 
The further implementation of this ideamay soon 
design purely mechanical power-generating 
systems, which use inertia and centrifugal forces. 


References: 


1. Bogomolov VII. "The Bogomolov Generator", New 
Energy Technologies, Issue # 4, 2003. 


Magnetic Power Inc. (MPI) is developing Self-Powered Generators. Together with its subsidiary, Room 
Temperature Superconductors Inc., (see the website www.ultraconductors.com), MPI has raised a 
total of more than $7 million from Angel investors to date. 


Due to a pleasant surprise, solid-state electric power generators might be fabricated by modifying off- 
the-shelf utility hardware. If confirmed in coming weeks, this could result in serial fabrication by this 
time next year, since large devices of the type needed for conversion are presently manufactured 
worldwide. 


Multiple modules may prove able to replace power plants. Smaller units appear practical for powering 
homes. Later, optimized designs might replace engines in every variety of vehicle. These generators 
may make possible very rapid utilization of fuel and pollution free electric power --a revolutionary, 

new, renewable energy alternative. 


Accredited Angel investors can help speed the work needed to bridge into major capital, and 
accelerate this remarkable alternative. Multi-million dollar funding is on the horizon. Additional 
information is available privately. We welcome due diligence by qualified parties. 
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History of Perpetual Motion 
and Free Ene 


‘wy Machines 





Web site http://www.phact.org/e/dennis4.html 


Hundreds of people for centuries have 
attempted to solve the holy grail of energy 
production - Perpetual Motion Machines. 
Still to this day Eric Kreig gets weekly emails 
from people who feel they are about to get 
one working. Eric is very skeptical about free 
energy. But his collection of information is 
very interesting. Eric offered a special prize 
for those who will agree to publicly test their 
over-unity devices. 


¢ Villand de Honnecourt 13th century 
hada drawing of one. 


¢ Leonardo da vinci made a number of 
drawings of things he hoped would make 
energy for free. 


¢ Jesuit priest, Johanes Taisnerius 
worked on a magnetic based perpetual 
motionmachine. 


¢ Mimara in 1518 designed a “self- 
blowing windmill”. 


¢ John Dee of 16th century reported 
seeing one - but wasn’t allowed a closer look. 


¢ Cornelis Drebbel, 1610, was an 
alchemist and magician supposedly made 
one. 


¢ Robert Fludd 1630 proposed many 
machines -people were trying to patent 
variations of Fludd’s device in the 1870's. 


¢ Edward Somerset 1638 demonstrated 
many free energy water wheels to the king of 
France. 


¢ 1635 - first of many English perpetual 
motion machine patents granted. - By 1903, 
600 such patents had been granted. Free 
energy claimants love impressing people with 
patents. 
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¢ Ulrich von Carnach in 1664 in 
Germany designed a perpetual ball-moving 
machine. 


¢ Scientist Jean Bernoulli (1667 - 1748) 
proposed a fluid energy machine. 


¢ Bockler in 1686 made designs for self 
powered water mills. 


¢ In 1712 Johann Bessler aka 
Orffyreus investigated 300 different 
perpetual motion models and claimed he 
had the secret of perpetual motion and got 
much investment money. 


¢ DrConradus Schiviers in 1790 made 
a belt driven wheel. 


¢ Sir William Congreve in 1827 trieda 
machine running on capillary action. 


¢ Britisher Henry Prince1866 described 
the first partially submerged perpetual 
motionmachine. 


¢ Mark Zimara of Italy had a huge air 
powered machine that never worked. 


¢ Horace Wickmam of the USA gota 
patent toa machine with many balls that just 
rotate around. 


¢ Austrian, Alois Drasch patented a 
machine in the US in 1868. 


¢ German, George Andreas Bockler 
proposed ‘self operating mills’ using variants 
of Archimedes screws. 


¢ E.P. Willis of Connecticut made money 
off a perpetual motion machine in 1870 - 
people eventually found out a secret source 
of power toit. 
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¢ Charles Redheffer in 1812 in 
Philadelphia made much money ona 
perpetual motion machine, tried to restrict 
scientific evaluation, but was eventually 
debunked. 


¢ Scottish shoemaker Spence designed a 
magnetic based machine, which was 
debunked. 


¢ John Worrel Keelyof Philadelphia in 
1872 (he also had a traveling show of 
exhibitions). He fooled many scientists with 
a machine, which appeared to run on water. 


¢ John Gamgee in 1881 got considerable 
support for a machine very similar to Dennis 
Lee’s, which used liquid ammonia - it got 
vaporized from heat readily available, thus 
expanding it would drive a piston. Gamgee 
thought the vapor would condense to liquid 
to start the cycle over again. The Navy 
appeared to have been fooled and showed it 
to president Garfield - it never went anywhere 
Tom Napier agrees that Dennis Lee may have 
resurrected Gamgee’s engine. 


¢ J.M. Aldrich was arrested for getting 
investors for his free energy machine in 1899 
- he some how was able to avoid conviction 
and conned many investors.One ofwhom was 
finally able to inspect the machine found a 
hidden spring. 


¢ T.H. Moray in the 20’s demonstrated a 
“radiant energy device” to many people who 
were unable to find a hidden power soutce. 
Some how, the secret was said to have been 
forgotten. 


¢ Lester Hendershot in 1928 got an 
Army commandant to endorse his free 
energy machine - but it was later found to 
have a hidden power source in the motor. 
His sons believe Lester lost his notes and that 
maybe they can rediscover how to get it to 
work. 


¢ Viktor Schauberger claimed to have 
discovered some special vortex energy in 
water. Since he died in 1958, I don’t know if 
his claims have been replicated, but people are 
still studying his works. 
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¢ Mr Papf in 1966 wasaconspiracy believer 
alternative car engine got a few investors but 
killed someone during a demo. He tried to 
blame the problem on an investigating skeptic. 
He disappeared and became part of urban 
legend of scores of people, which the big 
conspiracy has been silencing for generations. 


¢ Guido Franch was convicted of fraud in 
1954 and 1973 of selling rights to distribute 
little green pills that would convert water into 
gas. He hid behind conspiracy theory and 
secrecy to avoid fair testing. A number of 
people have run this scam and many people 
still believe there are pill repressed by the oil 
companies. 


¢ Garabed T.K. Giragossian in 1917 
claimed to have a free energy machine. He 
was one of the early frauds to hide behind 
conspiracy theory. Woodrow Wilson signed 
a resolution offering him protection from 
some kind of conspiracy. After much fanfare, 
and delaying tactics his machine turned out 
to bea giant flywheel, which was charged up 
with energy slowly and put out a lot of 
energy for just a second. In spite of lack of 
proof of anything significant his followers 
still bothered the US congress for 
recognition. 


¢ Otis Carr in 1958 sold stock for a 
company to manufacture UFO’s and free 
energy machines from Oklahoma. He claimed 
inspiration from Tesla. 


¢ Edgar Cayce even babbles about “Motor’s 
with no Fuel”. 


¢ McClintock was claimed to use air as a 
fuel and hada patent. 


¢ The Evgray machine scammed many 
investors (who didn’t know how to test 
‘depleted’ batteries). 


¢ Arnold Burke in 1977 collected 
$800,000 of investor money (again, mostly 
from bible believing farmers) for a ‘self acting 
pump’. He tried to hide behind religion. He 
called his device Jeremiah 33:3' Finally, an 
open test was done in 1979 and found a 
hidden soutce of electricity. His believers (with 
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an infinite supply of denial) still raised 
$250,000 to get out of a fraud conviction. He 
still went on making lots of claims with no 
evidence. 


¢ Robert Adams in 1977 made all kinds 
of conspiracy and OU claims in New 
Zealand. Many still believe in the Adams 
Motor. - He had the obligatory battles over 
patents, debates over theory, debates over 
power measurement and dabbling in other 
areas of alt physics. He’s 80 years old and said 
to have a scientific education. He has a lot 
of theories about Aether. Skeptical 
information. 


¢ Robert Stewart in 1978 got over 
$3,000,000 ofinvestment money (much from 
farmers) fora closed cycle engine using freon 
rather than water. This ‘engine’ used the same 
scheme John Gamgee tried to sell the navy in 
1882. -Eric Krieg thinks this is the same 
approach Dennis Lee’s free energy machine 
works on. I think he just faded away (people 
claim he was silenced). 


¢ Rory Johnson of Elgin Illinois, claimed 
to have invented a cold fusion, laser activated, 
magnetic motor that produced 525 HP, 
weighed 475 lbs, and would propel a large 
truck or bus 100,000 miles. After signing a 
number of dealers, he moved all his equipment 
out of his labs, moved to CA and died. (To this 
day, folks say he was silenced by OPEC). 


¢ RJeseph Maglich was a physicist and 
claimed to have a device in 1978, which 
harnessed fusion power from seawater. They 
say they put power in and get more power out. 
I’ve never heard of them since. 


¢ Howard Johnson got a patent fora 
device that claimed to make free energy from 
a motor like device. As of 11/02, Stephen was 
claiming he would soon mail out samples of 
working ones. By 12/12/02, Stephen dropped 
out ofcontact. 


¢ Keith Kenyon hada device claimed to 
produce more energy than consumed. 
Calculations seemed to not take power 
factor (also known as phase angle) into 
account. It never openly had its output 
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hooked up to its input. Even Dennis Lee tells 
his followers that all the over unity motors 
(claim to make more electricity than 
consumed) usually just fool people who 
can’t measure power factor. 


¢ Muller: Bill Muller and Carmen Muller of 
Germany raised money on an over unity motor 
and got a few followers, but never actually 

demonstrated one working. 


¢ Dennis Lee Since 1988 has been 
promising to demonstrate free electricity 
“in a month or two”. He is much like 
Newman in his mixture of religion & 
extremist politics, evasion of qualified 
investigators, endless promises, threatening 
detractors, etc. He had a Fischer engine, a 
CRD device and now, and OU motor device. 
Dennis has invested in Searle and Stanley 
Meyer and joined Pantone in 2001 in a 50 
state tour. 


¢ Stanley Meyer 1996 claimed to have a 
water powered car and was also big on mixing 
Christianity and patriot politics in with fringe 
science. Meyer was found guilty of fraud after 
his Water Fuel Cell was tested before an Ohio 

judge. Itis rare for aninventor to be prosecuted 
for an invention that does not work, but 

Meyert’s problem was that he had been selling 
“dealerships”, offering investors the “right to 
do business” in Water Fuel Cell technology. 

Meyer refused to allow anyone else to measure 
his device. Dennis Lee invested in him. He died 
in early 1998. 


¢ Joseph Newman in 1984 claimed to 
have a free energy machine based on 
alternative physics. Like many perpetual 
motion inventors, he sued the US patent 
office. Many people wrongly measured the 
true power output of this machine, (they 
didn’t realize you must specially calculate 
power for non_ sinusoidal current 
consumption). He now refuses to ship a unit 
for testing. Ten years ago, inventor Joseph 
Newman gave an open week-long 
demonstration in the Super dome in New 
Orleans. Over 9,000 people attended from 
across the country (including Dennis Lee who 
reportedly wanted to join his ideas with 
Newman). Newman is suing some former 
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investors he claims are trying to steal his 
invention. I give more information. Evan 
Soule of Newman’s organization offers a 
rebuttal. 


¢ Bruce De Palmahada machine in 1986, 
which appeared to one Electrical Engineering 
professor to put out 4 times more power than 
consumed. Turned out it was just a 
measurement error. (We could go on andon 
with such examples). 


¢ Dr. Potapov sold a device that was 
claimed to produce more energy than 
consumed. 


Editor: Eric’s skeptical remarks can be 
tolerated but sometimes he writes about the 
things he does not know. Potapov and his 
team have created a technology, which have 
been replicated and sold by dozens of 
companies in Russia (see the cover picture of 
the Susorov heat generator). There are 
several devices in St. Petersburg to be tested. 
The efficiency is 200 % and more. The 
operation principle: electric motor rotates in 
water and causes the heating of water. We 
have also received the information about 
another Russian invention, namely the close 
cycle vortex generator: “water rotation - 
vapour - turbine - electric power “ (the 
power is from 100 kW). 

Alexander V. Frolov 


¢ John Bedini claims to havea free energy 
device. 


¢ Mr. Finsrud is a Norwegian artist who 
made asculpture where a metal ball moves for 
weeks apparently with no outside influence. 


¢ Don Watts of Las Vegas in around 1990 
had a patented CEACU, which stands for 
Centrifugal Energy Amplification and 
Conversion Unit - it turned out to be one more 
investment fraud. 


¢ Stephan Marinov claimed to have 
proven much alternative physics and to have 
contacteda Methernitha that claims to havea 
Free Energy Machine. He committed suicide 
on July 15, 1997 but he left behind some 
intense rants. 
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¢ Greg Watson sold kits for a rolling ball 
and track that were thought to have over unity 
in 1997. Attempts of replication I know of 
have failed. 


¢ CETI These people have claimed to have 
a device that puts out anomalous yet small 
amounts of heat - maybe cold fusion. They 
raised millions. As of 10/97, they have not been 
willing to have me come over and see for 
myself. They have said, we want people to think 
it doesn’t work so we won’t have competition. 
I’ve wondered if the energy may have come 
from not accounting for friction effects from 
the cooling flow through the pellets. Jed 
Rothwell, a rational editor of Infinite Energy 
Magazine says “however, tests with CETI cells 
at Motorola, SKI and the FrenchAtomic Energy 
Commission show no measurable friction”). 

Milton Rothman has a response: “I openly 
admit that Ihave not followed all the history 
of cold fusion claims and am generally 
ignorant on the subject”. 


¢ In January 1998 Barbara Hickox 
allegedly has a patent dating from 1981 fora 
fusion powered free energy system. 


¢ Paramahamsa TewariofIndiaclaimsto 
have a device that is 200% efficient. 


¢ RQM is a Swiss company selling FE 
machines found at www.rqm.ch. 


¢ Ted King is looking for people to buy 
stock for a car he plans to drive across the 
country using just 2 12-volt batteries. Youcan 
contact Ted if you want to buyshares. 


¢ Bruce Perreault has claimed to have 
discovered anew element, the plasmatron, ion 
pump, radiant energy device, etc. 


¢ Daniel Pomerleau of Canada claims to 
have something that works, but he isn’t 
interested in releasing it (as 12/97). 


¢ Entropy Systems of Ohio 1999 Sanjay 
Amin got 1.6 million investment dollars fora 

device that would violate the 2nd law of 
thermodynamics. [ve asked them to apply for 
my prize for proof. - Theyseem to have folded. 

See a rational review of Amin’s claims. 
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¢ Brian Collin of Australia claims 
revelation from God (like most ofthese people) 
to make a free energy device. A Stephen Mark 
claimed he invented it. 


¢ Kawai and Takahashi - both of Japan 
claimed in the 90’s to have overunity devices. 


¢ Carl Cella claimed to have one of the 
many cars said to run on water. 


¢ Robert LeBreton in 1999 claimed to be 
making a 600 hp free energy machine. 


¢ Renzo Boscolio in 1999 in Italy claimed 
to have low-energy nuclear reactions but 
refused to supply real proof that he promised 
to people who came out from Infinite Energy 
Magazine. 


¢ Doug Konzen of Seattle says he has an 
overunity motor in Jan of 2000 that anyone 
can see. 


¢ Troy Reed of Oklahoma was ready to 
issue licenses for manufacturing his 
permanent magnet motor etc. He’s taking 
investment money fora device he claims puts 
out more heat energy than input energy. He 
says he’s dumped a few million into his designs 
over the last 10 years and had little interest in 
my prize offer when I contacted him in 2001. 


¢ Kipper Motor. In 10/00, Steve Elswick 
thought it was overunity. But David Sligar who 
paid $175 for plans could not get it working. 


¢ Ludwig Brits and Victor Christie in 
2001, claim the Lutec free electricity over 
unity motor/generator will soon be in 
Australia. 


¢ Jasker in 2002, an Irish company has 
claimed to have free electricity. (Some have 
said it is just a joke). 


¢ Confidential Technology -Wayne 
Cochran died 12/29/02 Crazy Jack Carey 
took over. They have been promising FEsoon 
for about 20 years now. 


¢ Tom Bearden’s MEG device: many 
articles on the Internet. 


134 


¢ Gurbakhsh Singh Mann of India 
claims to have invented gravity and buoyancy 
perpetual motion machines. 


¢ Michael J. Marshall in Las Vegas has a 
device called QSFG , which stands for quick 
start fuel-less generator he says 64 nations 
have asked him to build factories. 


¢ Carl Tilley and Robert Kibbey in 6/ 
2001 in Tennessee have claimed some over 
unity device and other stuff. Their 
demonstration failed in 9/02 and as of 11/02, 
they have been evading proper 
demonstrations. 


¢ Stephen Walker in 9/2002 promised to 
send me and several others a free energy 
machinein mail. 


¢ PerEnDev promised to make some kind 
of free energy by means of magnets. 


¢ Bill Muller of Canada in 2003 claimed to 
have some kind of OU device. Independent 
tests found it under unity. 


¢ Energie: In 2003 this Greek company 
promised a homopolar magnet (De Palma 
design) FE design by June of 2003. They 
actively seek investors. 


¢ GWE Genesis World Energy In 2002 
this group claimed to have 400 people who 
developed some device that sounds like it 
separates water into H2 and O2 using less 
energy than mainstream science says is 
possible. As of 2003, they have evaded 
independent confirmation. More information 
is available. 


¢ Steven Greer (Disclosure Project) In 
02.2003, Steven announced he had discovered 
some real sources of Free energy, which he 
promised to make sure get proven to the 
general public. 
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Tesla Energy Science Conference 
and Exposition 


1220 L Street NW, Suite 100-232 Washington DC 20005 
Tel: 800-295-7674 
Fax: 301-513-5728 
www.IntegrityResearchInstitute.org 
Email: iri@erols.com 





Saturday, November 8, 2003 
Wireless Electricity Seminar 


9:30 AM 10:15 AM 


Opening Address: “Space Solar Power” — Dr. Paul Werbos Program Director, National Science 
Foundation 


10:15 AM 12:15 PM 


Special 2-Hour Presentation: “Nicola Tesla and the development of RF Power Systems” - Dr. James 
Corum, Physics Professor, research Scientist and Inventor and Kenneth Corum, Physicist, teacher, 
consultant. 


2:00 Pm 3:00 PM 


“Power Engineering Scalar Field Theory: Faraday vs. Maxwell and Longitudinal Wave Demonstration” — 
Professor Konstantin Meyl, Engineer, Author, Inventor of the Demo-Set, Professor at the University 
of Berlin 


3:15 PM 4:15 PM 


“Wireless Energy Through the Earth-lonosphere Cavity” — Dr. Elizabeth Rauscher, Nuclear and 
Astrophysicist, Inventor of the ELF Earthquake Predictor and Triangulator. 


4:15 PM 5:15 PM 


“Masters of the lonosphere HAARP Modifies the Polar Electrojet” - BBC Video on Tesla Technology, 
with Wiliam Terbo, demonstrating ionospheric excitation by radio waves. 


6:30 PM 7:15 PM 


Masters of the Ionosphere — BBC Video Presentation repeated for the Special Tesla Evening Event 
attendees 


7:30 PM 8:30 PM 


“The Wardenclyffe Dream: Tesla’s Plan for Wireless Worldwide Distribution” — Dr. Marc Seifer Professor, 
Author of the best-selling book Wizard, The Life and Times of Nikola Tesla, presents an illustrated historical 
account. 


8:30 PM 9:00 PM 


High Voltage Tesla Coil Demo — High Voltage Device with Music: The Tesla Tower wind ensemble 
composition by Prof. Holland, Skidmore College 


Sunday November 9, 2003 
Electrotherapeutic and Tesla History Day 


9:30 AM - 10:30 AM 


“A Family Perspective on the Personality of Nikola Tesla. Review of the Popular Interest in this Scientific 
Icon” with Q and A Session — William Terbo, Engineer, Closest living relative of Tesla (Grand-nephew). 
Founder and Director of the Tesla Memorial Society. 
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10:30 AM 11:30 AM 


“The Search for Free Energy: Genius, Vision and Psychology of Invention” — Keith Tutt, British Writer 
and Author of the book The Scientist, The Madman, The Thief and their Lightbulb that includes Tesla. 


11:30 AM 12:15 PM 


“Electrotherapy with Tesla Coil Design: Intorduction to Bioelectromagnetics” — Dr. Thomas Valone 
Physicist, Professional Engineer, Author of the new book, Bioeletromagnetic Healing: A rational for its 
Use. 


12:15 PM 1:00 PM 
Exhibitors Presentations — Brief Presentations by exhibitors (5-10 minutes each) 
2:00 PM-3:00 PM 


“Emerging Opportunity: cancer Electromagnetic Frequency Therapy” — Dr. Mark Neveu President, the 
National Foundation for Alternative medicine. 


3:00 PM 4:00 PM 


“Turn of the Century Electrotherapy Discoveries” — Jefrey Behay Director, The Turn of the Century 
Electrotherapy Museum. 


4:00 PM 5:00 PM 


“How a Crushed Leg Helped Me Discover High Voltage Electromagnetic Healing Device” — Ralph 
Suddath, Third generation Tesla Electrotheraphy Inventor, radio Host, Entrepreneur. 


5:00 PM 5:15 PM 


Closing Remarks — Thomas Valone Program Coordinator 


The Conference Report Compilation can be purchased from T. Valone, 
Integrity Research Institute. 


“Nornikel” and Alternative Energy 


“Norilsky Nikel”, the largest Russian non-ferrous metal producing 
company has announced the beginning of the cooperation with the 
Russian Academy of Science. Metallurgists are planning to invest into 
the development of the hydrogen energy and fuel cell R&D projects 

of the Russian Academy of Sciences. Accordingly, last week an 
agreement was signed. Mikhail Prohorov, the General Director of 

“Nornikel” said that they are ready to invest 20-40 million dollars 

annually into R&D projects of the Academy in this field. 


“Expert” magazine, * 43, November 17-23, 2003 
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Review 


www.perendev.co.za/products/magnetic_motor/index.html 


Shown below is a Magnetic Motor with 


Alternator (Patent Pending): 





Fig.1 


This is the "PerEnDev" (Perpetuum Energy 
Devices) company latest motor predicted to 
deliver some 60 kW. Motors can be built up to 
4mwW. 


Background of the Magnetic Motor 


The Company started in 1969 with the 
development of a magnetic motor to drive an 
alternator to produce electricity. The concept 
was sound but the problem they faced was that 
the magnets that were available at the time 
(ferrite magnets) were not very powerful. The 
unit ran but had very little power and the 
project was abandoned. 


In 1996 the "Perendev" company started to 
investigate the possibility of reviving the 


original idea, magnets had now come a long 
way and were very powerful (rare earth). 





Fig. 2 
Rare earth magnets 


After the engineers successfully designed a 
new model, the company developed a 3 rotor 
system producing 6 kW, coupling this to an 
alternator through an 11:1 gearbox to produce 
electricity in 220volt and 380volt, single or 3 
phase. 





Fig.3 


The units will be ideal for the small and large 
user, such as emergency, military, farms, plots, 
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industrial and large users... in fact 
any application requiring power. Editor: In 2002 "Faraday Lab" got an offer 

Key Benefits Foreseen: from the company to buy their 6 kW 
generator for testing at the price of about 
$6,000. However, no contract was signed. 
¢ Constant running The company is currently engaged in 
redesign of their motors and is looking 
for regional partners but they are not yet 
$6 Cost hhectve ready to produce on the line. In our issues 
we will try to inform the readers on their 
activities. Alexander V. Frolov 


@ No fuel costs 


@ Reliable 


¢ Portable (6kw-120Kw) 
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Jasker Power System Electric Radial Motor 
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18 Meter Perpetual Wheel 





Konzen 200-300 percent over-unity energy Space 
Pluse Motor Power Generator 
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The RotoVerter 





Motor based on Flynn Technology Finsrud Device 
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Entirely New Kind Of Generator Invented! 


( 1-26-2003 ) TASHKENT, Uzbekistan 
(UPI) — An Uzbek inventor said he has 
created a type of electrical generator that 
does not rely on the principle of 
electromagnetic induction — on which all 
existing generators are based. 


The new generator employs a concept called 
magnetic conductivity modulationand 
it has potential applications in industry, 
communications, households and even the 
military, explained Vladimir Matveev, the 
inventor, a specialist in electronics. 


Matveev said he is convinced he has created 
a fundamentally different machine. 


"All electrical machines I know are based on 
the principle of interaction between the 
magnetic fluxes (lines of force) of their rotor 
(rotating member) and stator (portion that 
remains fixed)," he explained. 


Such machines, Matveev said, are based on 
electromagnetic induction, a property of 
energy discovered by Michael Faraday, an 
English physicist and chemist, in the 19th 
century. The machines produce electrical 
current either by moving a conductor across 
a magnetic field or by regulating the flux of 
that field. 
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"My machine has a principal difference," 
Matveev told United Press International.""The 
magnetic field of its stator does not interact 
with the magnetic field of the rotor (because) 
its rotor is not a magnet — the rotor only 
changes the magnetic resistance of the stator," 
he said. 


The stator in Matveev's generator contains a 
magnetic core with a permanent magnet and 
a detachable winding. A rotor with changeable 
magnetic resistance is placed at a cutoff point 
in the core's magnetic field. It is composed of 
alternating magnetic and air parts and can 
operate in either linear or rotary form. 


When the rotor is set in motion, its alternating 
components pass through the magnetic core's 
cutoff point. When the magnetic part passes 
through the cutoff point its magnetic 
resistance decreases. When the air part passes 
through, its resistance increases. 


This pulsing of resistance results in changing 
the magnetic conductivity of the magnetic 
core, which in turn produces an alternating 
electrical current in the core's winding. The 
frequency of the winding's current can be 
controlled by regulating the rotor's speed or 
by changing certain qualities of its magnetic 
or air parts. Also, the generator's electrical 
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output — its voltage — canbe controlledbychangingthe Matveev said his generator is 
configuration of the rotor's components, Matveev different from an invention by 
explained. Howard Johnson of the United 
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Electrical machine assembly - 
FEDORO V F 1996.10.10 1996RU-119822 
(1998.09.27) GO1R 31/34, 31/02 


Addnl.Data: VOROBEI VK MATVEEV V A 


NOVELTY - Device has electrical machine, 
non-brush field exciter with diode rectifier, 
two dynamics double-winding transformers, 
which primary windings are located on rotor 
and secondary windings on stator. One end of 
primary winding of second transformer is 
connected to rotor housing; another end is 
connected to common point of conductor 
which is connected between capacitor and 
cathode of semiconductor diode, which other 
terminals are connected to direct current 
terminals of diode rectifier. Semiconductor 
diode is connected to cathode group of 
rectifier; capacitor is connected to anode 
group. Secondary windings of transformers are 
connected to actuating member through 
generator of signal, which is proportional to 
resistance of insulation in excitation winding 
circuit. 


USE - Electric power production 





States. Johnson discovered how to 
build motors that can run without 
input of electricity or any other 
kind of external energy. He 
obtained a patent in 1973 for 
describing electrical generation 
using only the energy contained in 
the atoms of permanent magnets. 


Matveev also said some Russian 
inventors have experimented with 
a generator similar to his. Their 
generator changes its magnetic 
conductivity by changing 
temperature. However, the 
machine requires a lot of time to be 
heated and cooled alternately and 
results ina current frequency much 
lower than what generally is used 
in industry. Moreover, the Russian 
generator requires high steel 
density and greater mass. 


Matveev's machine generates 
electric energy of industrial 
frequency. Furthermore, he said his 
machine is simple, reliable and 
requires less steel and mass than 
conventional generators. It also can 
be adapted to flows of low speeds, 
such as weak water or wind 
streams. Matveev tested the 
generator in his former household 
in Kazakhstan before he patented 
it in Uzbekistan. 


"Twant to pass the invention on to 
all mankind," he said. 


Boris Abdurakhmanov, director of 
the Uzbek Koinot (Cosmos) design 
office and head of the laboratory 
of semiconductors and 
photoelectricity of the Institute of 
Electronics of the Uzbek Academy 
of Sciences, told UPI: "Matveev has 
offered a fundamentally new 
approach to a problem of the 
creation of electric power 
generators." 
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Editor: In the previous issue we made a review of Mikhail Smeretchanski's invention 
"Perpetual motor with magnetic control elements" (# 4, 2003). This invention was 
patented; shown below are some pages from the patent itself, You can contact the author 
by e-mail: smeretchanski.mikhail@wanadoo.fr, or the postal address: 15 av. 
Rochambeau 3800 GRENOBLE FRANCE 
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The Most Interesting Articles - 2003 








In the year 2003 we have published more than 120 
articles, mainly on the alternative energy, new 
propulsion principles and the development of 
ether dynamics. 


"Cold fusion", low energy nuclear reactions (LENR) 
and highly-efficient electrolysis were represented 
by the works of Professor Kanarev, E. Storms, P. 
Hagelstein, T. Chubb and E. Cartlidge. 


Almost every "New Energy" issue features articles 
on highly-efficient permanent magnet motor or 
generator experiments or patents of the kind. The 
articles by T. Valone, E. Vogel, A. Akau, T. Hardwood, 
A. Francouer and S. Abramov are of great value for 
engineers and researchers in this field. 


The interesting articles by M. Filo, R. Koontz and V. 
Bogomolov reveal several principles of designing 
and building purely mechanical energy generating 
systems. All these systems possess one common 
feature: namely, the fact that a substance (a solid 
or fluid working mass) is accelerated in the 
gravitational field or in the centrifugal force field. 
The design characteristics of the system make it 
possible to obtain free energy. 


We have published several articles by S. Gerasimov 
and his colleagues on the reaction-less propulsion 


device experiments. We hope that in the future we 
will keep in touch with these researchers. 


The article by D. Reed on the new physics 
development concepts is worth mentioning too. 
The article by E. Sorokodum on new energy sources 
and the article by V. Chernobrov on the research 
into the active properties of time are of no less 
importance. 


A. Egorov's article on the ball lightning makes it 
possible to form a number of experimental 
approaches to the problem of creation multi- 
purpose stable plasma objects. 


Electrogravity questions, water-powered vehicles, 
longitudinal electromagnetic wave technologies, 
the Searl effect commercialization, capillary 
engines, resonance high-efficiency power- 
engineering, single-wire power lines, heat pumps 
and other similar research works were presented 
to our readers in the year 2003. We have minimized 
theoretical articles and we hope that the magazine 
has become more interesting and useful for the 
new energy practice development. 


Alexander Frolov 
St. Petersburg, Russia 


There is interesting newsgroup of the site: http://www.overunity.com, 
Stefan Hartmann, email: harti@harti.com 


Stefan Hartmann writes: This is the answer I got from Finsrud; it seems that the film they have done about him will 
be shown [on Discovery Channel] in 2004 when [if] interpret this norwegian text right... 


Subject: Documentary Film 
Reidar Finsrud, 


Dear Sir, 


The Australian Broadcasting Company together with The Discovery Channel, have funded my company 
to make a documentary film entitled 'A Machine To Die For', the story of Perpetual Motion and the 
search for 'Free Energy’. 

I have read extensively about your Perpetual Motion sculpture and we would be interested in traveling 
from Australia to Norway in order to film this now famous piece of work. At the same time we would 
request an interview with yourself. 

If you are in agreement with this it is our intention to be in Norway on the 10th and 11th of July 2003. 
This documentary will be released worldwide and should produce considerable interest in your Gallery. 


Mark Eliot ia 
Catherine Jarvis and Mark Eliot 
Romany Mill Studios 
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Hydrogenic Power Engineering 
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Hydrogenics Secures $3 Million from Japan Auto 
Makers 


Letter from RemyC remyc@prodigy.net 
Contacts: investors@ hydrogenics.com 


Hydrogenics Secures $3 Million in Test Equipment Orders Japanese Auto Makers Select 
Greenlight Power for Fuel Cell Testing Equipment 


TORONTO, Sept. 30 -— Hydrogenics 
Corporation (Nasdaq: HYGS; TSX: HYG), a 
developer and manufacturer of fuel cell 
products, announced today that its wholly 
owned subsidiary, Greenlight Power 
Technologies (Greenlight) has received 
orders totaling US $3 million for fuel cell test 
stations from two leading Asian automotive 
customers. Both are repeat orders for 
multiple machines. 


Cumulatively, Greenlight is providing seven 
Fuel Cell Advanced Test Stations (FCATS) to 
two major customers. The first order is for 
three 3 kW PEM FCATS L-Series test systems. 
The second is for three 12 kW PEM FCATS H- 
Series test systems and one 60 kW PEM FCATS 
HX-Series testing station. The stations are 
expected to be delivered over the next two 
quarters. 


"Our decision to open an office in Tokyo, Japan 
over three years ago continues to pay 
dividends," said Pierre Rivard, President and 
CEO of Hydrogenics.'""The Japanese market is 
advancing quite aggressively towards the 
commercialization of fuel cell technology, as 
evidenced by our growth in test equipment 
sales to the region over the past three years. 
We are delighted to secure these major 
contracts with customers who are clearly 
setting the pace in fuel cell development." 


Greenlight fuel cell testing systems provide 
high precision instrumentation, combined 
with full-featured software. They deliver fuel 
cell testing results that prove the reliability, 
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repeatability and versatility required for world- 
leading fuel cell development programs. 


About Hydrogenics Corporation 


Hydrogenics Corporation (Nasdaq: HYGS; 
TSX: HYG) isaleading clean power generation 
company, engaged in the commercialization 
of fuel cell technology and test stations for fuel 
cells. The company is building a sustainable 
business, in a potentially "game changing 
technology" for transportation, stationaryand 
portable power. Hydrogenics, based in 
Mississauga, Ontario, Canada, has operations 
in British Columbia, Canada, Japan, the United 
States and Germany. For more information, 
please visit www.hydrogenics.com. 


About Greenlight Power 
Technologies, Inc. 


Greenlight Power Technologies Inc. 
(http://www.greenlightpower.com),a wholly- 
owned subsidiary of Hydrogenics 
Corporation, is a leading global supplier of 
testing and diagnostic equipment to the fuel 
cell industry. It has supplied fuel cell test 
equipment to the world's premier fuel cell 
stack manufacturers, component 
manufacturers, system integrators and 
research organizations. Greenlight provides a 
full suite of test equipment for fuel cell stack, 
stack component, reformer and system testing 
for companies focused on portable, stationary, 
and transportation fuel cell applications. 
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Anuvu Incorporated 


3980 Research Drive 
Sacramento, CA95838 
USA 
Tel: (916) 921-7040 
Fax: (916) 921-7044 
Email:anuvu@anuvu.com 


www.anuvu.com/home.html 


Now our readers can get familiar with some hydrogen fuel cell development photos. It is worth 
of anote that the prices are high for the majority of people. For example, a hydrogen fuel cell 
car costs 100 000 dollars FOB Sacramento, CA. The next picture features a fuel cell van, which 
costs 150 000 dollars. 
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5 EXCESSIVE OUTPUT 
BY MEANS OF AIR IONIZATION” 





We have received an interesting article from California. Here is the short version 
of the article. 


The Mechanism of The Electric Spark 





Review of the research 
by Leonard B. Loeb 
Professor of Physics, University of California at Berkeley 
and 
John M. Meek, Research Engineer 
Stanford University Press, Stanford University, California 


Dedicated to Professor]. S. Townsend whose 
pioneer research and theory laid the whole 
foundation for the study ofthe mechanism of 
the electrical spark discharge. 


Although the electric spark has been known 
to mankind in its various manifestations from 
time immemorial, its mechanism has to date 
been little understood. The initial clarification 
of the mechanisms involved is due to J.S. 
Townsend asa result of his brilliant researches 
in the early nineteen hundreds. On the basis 
of his theory of ionization by collision by 
electrons and positive ions, the fundamental 
mechanisms active and especially the 
coefficients required in their application were 
made available. 


In 1936 the present senior author was forced 
to describe the mechanism of spark discharge 
in terms of a modified but distinctly 
unsatisfactory Townsend theory. In 1935 the 
discovery of photo-ionization in air by corona 
discharge indicated a solution was not far off. 
The turning point of amore successful theory 
came in the discovery of streamers in positive 
point to plane corona in 1936. The 
quantitative analysis of the self-propagating 
positive streamer in all breakdown 
phenomena became clearly evident as a result 
of the data concerning electron avalanches. As 
a result a qualitative mechanism of sparking 
by streamer propagation from anode to 
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cathode functioning by means of photo- 
ionization in the gas was established. 


The Townsend Sparking Criteria 


It will not be necessary here to derive the 
famous equation of Townsend for the current 
[i] in a gap between electrodes as a function of 
the photoelectric current [io] from the cathode, 
the gap length [x] and the coefficients [a] and 
[B]. For this the reader can go to any standard 
text. (Editor: the equation is omitted) 


In this equation the first Townsend coefficient [a] 
represents the number of new electrons created 
in the gas by an initial electron in its advance of 1 
cmalong the field axis from the cathode. 


The second Townsend coefficient [B] in 
Townsend's original theory was the number of 
new electrons created by a single positive ion in 
its advance of 1 cmalong the field from the anode. 


The quantity [a] has been extensively studied 
in various gases. It varies with the ratio of field 
strength to pressure, X/p, where [X] is in volts 
per centimeter and [p] is in millimeters of Hg. 


Note: the reason we are going through this is 
to determine the actual increase in current 
provided by the spark gap, and thus be able to 
design the circuit to avoid blowing out 
semiconductor components. It also provides a 
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sound and already proven scientific theory to 
work from giving us a good foundation and 
the confidence to proceed with technical 
design work. 


The quantity [B] has been evaluated, albeit 
rather inaccurately, from the variations of [i] 
with [x] at various higher values of X/p, by 
many observers in different gases. Inasmuch 
as it has now been shown that there are 
numerous other mechanisms other than 
impact with positive ions, which can liberate 
the secondary electron, needed in discharge. 


There has been an inclination to give up the 
mechanism of impact ionizations by positive 
ions in gas. The discovery of measurable 
photoelectric ionization in gas has now made 
it possible to explain such cases. The exact way 
in which photo-ionization in the gas could 
operate to cause a spark, was not clear until 
the development of the present streamer 
theory. 


The Streamer Theory of Spark 
Discharge Anode Space-Charge Field 
Due to an Avalanche 


Assume a spark gap of 1 cm in length. Assume 
that in air at atmospheric pressure the 
potential across the plates is 31,600 volts, 
which is the conventionally observed sparking 
potential [Vs]. 


Let us then calculate what happens in the field 
to one of those electrons. It starts across the 
gap, quickly acquiring an average random 
energy of some E=1/2mC7= 3.6 electron volts 
and a drift velocity [v] in the field direction of 
about 1.5 to 2 times 10’centimeters per 
second. As it moves it creates new electrons at 
a rate of [a] per centimeters in the field 
direction so that in a distance [x] it and its 
progeny amount to e(ax) electrons, forming 
what is called anelectron avalanche. 


Therefore, e(ax) positive ions have been left 
behind by the electron group, virtually where 
they were formed in the 10°? second of 
advance for the electrons in the distance x=q 
across the plates. As the electron avalanche 
advances, its tip is spreading laterally by the 
random diffusive movement of the 
electrons.From these data it is possible to 
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compute the density of positive-ion space 
charge left behind at any point [x]. The value 
of [a] under these conditions is about 17, 
making e(aq)=e(17). The first ion pair is 
created at 0.0407 cm from the cathode. At 0.5 
cm from the cathode there are 4914 ions, at 
0.75 cm there are 3.66 times 10° ions, and 
within 0.0407 cm from the anode there are 1.2 
times 10’ ions. Most electrons will be 
drawn to the anode except for some few 
that are bound by the positive ions, 
making a sort ofa conducting discharge 
plasma in the avalanche. 


Such a distribution of ions does not make a 
conducting filament of charges across the gap, 
and hence in itself an avalanche that has 
crossed does not constitute a breakdown of 
the gap. Thus one must look further for the 
mechanism of the spark. 


If Loeb and Meek are correct then if we assume 
a spark gap of 3 mm and a voltage of 5,000 
voltsthere are roughly 2,000 electrons created 
by avalanche for every one electron leaving 
the cathode. They state that most of these 'free 
electrons’ are absorbed by the anode. [This 
would certainly explain why _ the 
semiconductor components cannot handle 
the current gain.] 


NOTE: Loeb and Meek make little reference 
to initial amperage. There are only two values 
they refer to 10° ampere and 10°'*ampere. 


In conclusion: Sparks and Arcs are two 
different beasts. My initial research into the 
amperage necessary to form an arc does not 
apply to spark and the process of avalanche 
where this huge gain mechanism is possible. 


Photoelectric lonizationin Gasasa 
Secondary Mechanism 


Accompanying the cumulative ionization 
there is produced by electrons from four to ten 
times as many excited atoms and molecules. 
Some are excited to an energy exceeding the 
ionizing potential of some of the atoms and 
molecules present, either by excitation of an 
inner shell, by ionization and excitation, or in 
a mixed gas like air by the excitation of 
molecules of higher ionizating 
potential, e.g., N2. These excited atoms or 
molecules emit radiations of very short wave 
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length in some 10° second. This short 
ultraviolet radiation is highly absorbed in 
the gas and leads to ionization of the gas. In 
fact, the whole gas and the cathode as well are 
subjected to a shower of photons of all 
energies traveling from the region of dense 
ionization with the velocity of light. Thus 
nearly instantaneously in the whole gap and 
from the cathode new photoelectrons are 
liberated which almost at once begin to ionize 
cumulatively. 


The Mechanism of Positive Streamer 
Formation 


The photoelectrons created at points in the 
gas and at the cathode at any great radial 
distance from the avalanche axis will merely 
create other avalanches. Those in the gas will 
be short and those coming from the cathode 
region will be long and like that of the initial 
avalanche. Being smaller and, in any case, later 
in creation than the parent avalanche, such 
avalanches will be of no interest in breakdown. 
However, those photoelectrons created near 
the space-charge channel of positiveions, and 
especially near the anode, will be in an 
enhanced field, which exerts a directive action 
drawing them into itself. If the space-charge 
field [X1] is in the order of magnitude of the 
imposed field [X], this action will be very 
effective. In addition the values of [a] will be 
much enhanced. 


The electrons from the intense 
cumulative ionization of such 
photoelectron avalanches in the 


combined fields [X] and [X1] which are 
drawn into the positive space charge feed 
into it, making it a conducting PLASMA 
which starts at the anode. The added fields 
will be most effective along [X] and so will the 
ionization. The positive ions they leave behind 
will therefore extend the space charge towards 
the cathode. These electrons also create 
photons, which produce electrons to continue 
this process. In this fashion the positive 
space charge develops toward the cathode 
from the anode as a self-propagating 
positivespace-chargestreamer. 


As the streamer advances towards the cathode 
it produces a filamentary region of intense 
space-charge distortion along a line parallel to 
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the field. The conducting streamer of a plasma 
consisting ofelectrons andionsextending to the 
anode thus makes a very steep gradient at the 
cathode endofthestreamer tip. As this advances 
toward the cathode the photoelectron 
avalanches produced by radiation at the 
cathode, especially at the intercept of the 
extended streamer axis at the cathode, it begins 
to produce an intense ionization near the 
cathode. Hence the positive ions created there 
may increase the secondary emission. Thus, as 
the space-charge streamer approaches the 
cathode a cathode spot is forming which may 
become a soutce of visible light. 


When the streamer reaches the cathode there 
is a conducting filament bridging the gap. As 
the streamer tip reaches the cathode the high 
field produces a rush of electrons towards the 
end of the streamer. This if followed by a 
current of electrons, gives a high-potential 
wave, which passes up the preionized 
conducting channel to the anode, 
multiplying the electrons present by a 
large factor. The channel is thus rendered 
highly conducting. If the metal can emit a 
copious supply of electrons because of the 
formation of an efficient cathode spot, the 
current of electrons continues the channel 
maintaining its high conductivity and ever 
increasing in it. This current, unless limited 
by external resistance, will then develop into 
an arc. It is, however, the intense increase in 
ionization by the potential wave, which gives 
the highly conducting channel characterizing 
the spark. 


Conclusion: According to Loeb and Meek 
there are three means by whicha spark inopen 
air will provide a very large current gain. If this 
is true, it should be fairly easy to prove with 
inexpensive and unsophisticated equipment. 
Once the actual amount of current gain has 
been determined for the design parameters of 
the spark gap, then the rest of the circuit can 
be designed for the increased current value. 


Editor: It is worth of a note that the 
current gain by means of ionization was 
patented by Pavel N. Yablotchkov (the 
patent of France * 120684, October 11th 
1887). Some two years ago one of our 
issues featured an article about him. We 
think it is worth being published again. 


149 


PATENT of 1877 by Pavel N. Yablotchkov 





Alexander V. Frolov 
Faraday Lab Ltd, 


Lev Tolstoy St., 7 St. Petersburg, 197376 Russia 


Tel: 7-812-380-3844 


Pavel N. Yablotchkov was born in 1847 near Saratov, Russia. 
He graduated as a Military Engineer in 1866 and spent several 
years in the Russian Army. 


In 1872 he came to Moscow and started his activities in 
electrotechnical field. Since 1875 he had been working in Paris 
with the famous Louis Breget and his first French patent # 
110479 of November 29th, 1875 was dedicated to an 
electromagnetic transformer. Then he developed and 
patented a lighting system (the well-known Yablotchkov 
electrical candle). In 1876 he patented a new electromagnetic 
transformer for industrial purposes, France * 115793 of 
November 30th, 1876. 


The most interesting patent claim on over-unity devices by 
Pavel N. Yablotchkov is known as France patent # 120684, 
October 11th, 1877, "The system of distribution and 
amplification of electrical currents by means of atmosphere 
electricity..." The patent describes special capacitors connected 
in series with the load to increase the output current by means 
of ionization. Experiments were conducted together with the 
well-known physicists such as Dr. Maskar, Dr. Varren-Delaru 
and others and they confirmed the 200 % efficiency of 
the circuit. Now we will try to explain the method. 


Prom s high-voltage swirce 








Special place 
with mary neerdics 


= 
frmind 


Fig.1 features a schematic drawing taken from Yablotchkov's 
patent. The Leyden jar is an asymmetrical capacitor, ice. it is 
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different in principle from a two-plate 
flat capacitor. The inner electrode of 
the jar should be connected to a high- 
voltage source and in this case the 
changes of the potential have an effect 
on the potential changes on the 
external electrode. It does not work in 
the opposite case and if you connect 
a high-voltage source to the external 
electrode no potential changes will be 
detected on the inner electrode. 
Connection to the ground or toa 
special plate (which is covered with 
many needles to increase air 
ionization) is necessary to attract the 
maximum number of electrons to the 
plate surface or to return the 
maximum electrons from the plate 
surface when potential changes on the 
external electrode are produced by 
means of electrical induction in the 
Leyden jar. 


In conclusion I should mention one 
more supposition of the secrets of the 
well-known Swiss M-L converter 
(Methernitha). The main elements of 
the design are Leyden jar capacitors, 
which have the external surface made 
of perforated metal. 


The other known fact is that great 
ionization of air is observed when the 
converter is in operation. So, the 
electrostatic machine can produce 
pulses of a very high voltage (potential 
difference) but it cannot be used as a 
source of a powerful current. In order 
to increase the current in the circuit 
we should apply a certain method and 
Yablotchkov's technology seems to be 
appropriate. A large surface of the 
external electrode of the Leyden jar 
can be a good solution to the problem. 
Maximum strong ionization allows us 
to obtain the output current several 
times stronger than the weak current 
generated by the electrostatic 
machine. 
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Preface to the lecture, 1° Edition 1996 


The theme encloses the electromagnetic compatibility of both technical and biological 
systems. Only part of the electromagnetic wave can be considered for function troubles, 
namely the part that was absorbed and has rolled up to a vortex. The activity depends on 
the number of created vortices and of their lifetime, their decay. 

The eddy current only manifests in conducting materials. In the air and in dielectric 
materials on the other hand the vortex of the electric field will form, also called the 
potential vortex. To calculate and to measure this vortex is our goal. 


First we'll carry out a survey of the problems and the usual methods. From the analysis of 
unsolved problems the need for the introduction of the new vortex phenomena is deducted 
and an adequate field-theoretical approach will be chosen. Afterwards the potential 
vortices are calculated and their properties are discussed and __ interpreted. 
For the purpose of proving their existence, on the one hand the Schrodinger equation will 
be derived and on the other hand the quantum properties of the most important elementary 
particles will be calculated and compared with the well-known measured values. 
Measurement and calculation are in excellent agreement for weight, charge, magnetic 
moment and spin. So the theory not only proofs it's correctness, in addition it 
demonstrates it can achieve much more. The theory takes us to the unification of the well- 
known interactions and physical phenomena and shows itself as an unified theory. 
In the practical conversion and usage of the theory there will not only be informed but by 
all means also be provoked as an entrance in a fruitfully discussion. Fundamental 
questions will be taken up like: What is information, energy, temperature or smell? The 
connection to the theme of the electromagnetic environmental compatibility is formed by 
the technical and the biological usage of the potential vortices, the energy transmission of 
Nikola Tesla exactly like the in a similar way functioning nerve conduction. Here we 
already can expect biological reactions. 


This lecture, held for the first time in the winter semester of 1995/96, is available in book 
form, as an edition belonging to the lecture. This lecture will not deliver ready recipes or 
instructions. The goal is reached when the critical sense of the listeners and readers has 
been inspired and discussions have been set going. Everybody has to draw the 
consequences out of such a theory by him- or herself. 

In addition to this lecture a seminar is offered, wherein several themes are supplemented 
or deepened, different theories are compared and possible consequences are discussed. 
The appearance of an edition belonging to the seminar has started in 1998”. 
Regarding the conversion of consequences both politicians and scientists are equally 
addressed, because the electromagnetic environmental compatibility has developed to one 
of the most urgent problems of today's world. But in last consequence all of us bury the 
worldwide responsibility for our environment. 


<P: K. Meyl: Electromagnetic environmental compatibility, Part 2 and 3 of this 
book, Edition belonging to the seminar. 
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1. Introduction 


Here the extremely controversially discussed question of the environmental compatibility 
of electromagnetic fields will be persuaded. Limits should inform what is incompatible 
and what is compatible. But there are as many limits as there are commissions and 
specialists. And besides that differ the results from each other for several powers of ten. In 
course of time the legitimate doubts become unmistakable and the representatives of 
science slowly get to feel the burden of proof. 

For the sake of efficiency, the actual discussion concerning the theme of electro-smog is 
analysed and the necessity to involve an until now unnoticed field phenomenon in the 
discussion about limits is derived: It concerns vortices of the electric field. These potential 
vortices, as they are called, have the corresponding properties to show biological effects 
even at the lowest field strengths. In any case it is not possible to exclude that at present 
the wrong physical phenomena are measured and made responsible. 


A parable should bring clarity. 

Lets imagine that the to us well-known and over our sense of touch understandable 
physical phenomenon of the temperature is unknown to us, neither measurable nor 
perceptible. Our weather station only exists of a barometer that could show us the air 
pressure and deliver us indications if good or bad weather is to be feared. 
We ready realize that there exists a connection between the air pressure and our health and 
make the to us well-known phenomenon responsible. When the pointer points to good 
weather we can go out lightly dressed. With bad weather we should take a coat, so we 
know from experience. 

"Now we imagine the realistic situation that in winter we have a weather situation of high 
pressure but it's stone-cold outside. The weather station will display high temperatures 
with the result that some people will walk around with short-sleeved and open shirt, only 
to lie in bed with a cold in the evening. Of course the air pressure was to blame! Logically 
the "pressure sensitive", as they are called mocking, demand the limits for the allowed 
pressure to be reduced so far that no consequences for health are to be feared. 
Concerning the theme of allowed limits, science is asked and science proceeds in a 
systematic way: the pressure is investigated in the laboratory, isolated from all other 
parameters and so it is discovered that man catches no cold even at a substantially higher 
air pressure, so there is no reason to alter the limits. 

Actually we would expect these at any time reproducible results to have a calming effect 
on the minds of the participants of the discussion and on the population. Instead the 
pressure sensitives time and again cite new knowledge that won't fit in the scheme. So is 
for instance stated that draught causes the same health problems although this pseudo 
effect has nothing at all to do with the air pressure. So owing to incomprehensibility and 
emotions the discussion about limits becomes a farce. 


The fact that sensitive people react to effects of air electricity and possibly get ill without 
proof that some today measurable physical quantities are responsible should make us 
think. It is little calming watching our scientists poking at the dense fog whereas at the 
same time among the runners of the new telecommunication networks there spreads 
something like a gold-digger mood. 

To introduce a new technology is not difficult, but to abolish it for reasons of the 
electromagnetic environmental compatibility is almost impossible! 
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Fig. 1.1: Discussion about limits 
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<i>: HLL. Konig: Unsichtbare Umwelt (Wetterfuhligk.), 5. Aufl., Bild 111, S. 123 
Verlag Moos & Partner Munchen, ISBN 3-89164-O58-7 
<ii>: Habiger u.a., EMV, Verlag Technik, Berlin 1992, S. 152 
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1.1 Discussion about limits 


Whoever follows the public discussions concerning electro smog always sees two arguing 
parties, whose standpoints lie so far apart that they inevitably talk at cross purposes and 
there can be found no consensus. 


On one side the "affected" find together who maintain to have found the electromagnetic 
radiation as the damaging cause for their problems. They are to be taken serious, even 
when only their personal sensitivity serves as means of measurement and proof and a more 
or less distinct sensitivity against electromagnetic phenomena. This group occasionally 
finds support of homeopaths who can base on reproducible laboratory results that fit as 
few into the view of life of science as the empirical statements of affected and possibly 
hurt people. 

On the other side stand the representatives of the energy-supply companies and the 
runners of radio networks who argue with the needs of our modern industrial society and 
give "limits" prescribed to them by scientists. These, for their part, proceed according to 
strictly scientific methods. Their presented results are reproducible and there's no doubt 
about them. 

The limits after all are fixed far below those that are recommended from a scientific 
viewpoint. Nevertheless both groups are separated from consensus by powers of ten. 
When we want to know how deep the ditch is we want to bridge, we should take a look at 
the determined limits (Fig. 1.1). 


The limits stem from the 1RPA (International Radiation Protection Association) an organ 
of the World Health Organization that in turn has appointed the INIRC (International Non 
Ionizing Radiation Committee). These now state to have used all available scientific 
research results as basis for the given guidelines. 

Moreover a safety range was worked into them. So the limits were fixed at substantially 
lower levels to guarantee that no health damage arises. In this way first the limits were 
determined for the people who for reasons of profession are exposed to electromagnetic 
fields. 

For the population in general the limits for the so called non-professional exposition were 
reduced further to one half till one fifth for reasons of caution and care. In Fig. 1.1 these 
limits are registered. Thereby is distinguished between magnetic fields and electric fields 
that appear stationary or at extremely low frequencies (ELF describes frequencies between 
1 Hz and 100 Hz). Moreover limits for low-frequency (1-10 kHz) and high-frequency (1- 
10 MHz) alternating electromagnetic fields are given. 

The graph should serve as a rough orientation and show us the proportion of scale. As 
further information some thresholds of measured reactions of biological systems are 
registered (after Konig*'*). Because a logarithmic scale was chosen to fit all the values on 
one graph it becomes clear that between the first reactions and the recommended limits 
there lie up to five powers often. The ditch seems to be insurmountable. 


Wireless telephones 





Fig. 1.2: Set of problems of environmental compatibility by 
means of the example of the handheld _ wireless 
telephones (handy). 


<i>: L.v.Klitzing: Neurophysiologische Einflusse durch elektromagnetische Felder 
wahrend und nach der Exposition, Med. Universitat zu Lubeck 
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1.2 Wireless telephones 


Measuring technical surveys with regard to the influence of brain currents by digital radio 
signals by the university hospital in Lubeck have startled handy manufacturers and users 
equally “". Although in this case measurement errors could be detected, the ,,bugaboo on 
the wall" remains that we are sitting unsuspecting in a restaurant and a neighbour draws 
his handy out of his pocket to make a digital telephone call. Thereby synchronizing the 
brain currents within a radius of 100 meters on the broadcasting signal and occupying our 
brain useless with technical signals. The derivation will show that from the start this can't 
happen to all visitors, because as a prerequisite conditions of resonance must be fulfilled. 
But would there be an affected, he or she for sure would have considerable problems, 
because informations that are not picked up over the sense organs can neither be classified 
timely nor as regards content. 

An affected whose brain has picked up technical signals not even is able to register by 
itself that it was fed with incorrect informations. It would be reasonable when the visitors 
of the restaurant would defend themselves and put the radio operator on the doorstep. The 
number of restaurants where apart from cats and dogs also handy's have to stay outside is 
increasing. How should we keep out of the way of electromagnetic fields? Should we walk 
around permanently with a steel helmet or even better in a knight's armour and even go to 
bed with them? It would be worse than in the dark middle ages. 


Summarizing: it should be guaranteed that the operation of electro technical apparatus 
causes neither health damage nor unintentional influence or irritation. A systematic and 
scientific procedure should investigate in the laboratory all relevant physical phenomena 
individually for their interaction. Electro physics bases on two phenomena in connexion 
with electro-smog: on the one hand the radiation and on the other hand the thermal effect, 
but at a close look both factors prove to be of only little importance! 
In radiation measurements the intensity of the electromagnetic wave at a certain place is 
determined. In laboratory experiments the field strength is increased so long till biological 
reactions are observed. Thermal limits are determined in a similar way. As said, the values 
lie about powers of ten above those that possibly bother you when you hold a handy to 
your ear. It is true that the microwave radiation penetrates into your head but we also 
know that it marches out again on the other side and this visit in your head happens with 
the speed of light. 

Exactly like this are guest in your body constantly your local radio station, your local 
television station the satellites with hundreds of programs and anyway the whole radio 
technical world even when you did not invite them. 

For an electromagnetic wave to become receivable, the field strength must lie clearly 
above the common noise signal and this can only be achieved by a permanent overlap, by 
standing waves, like in a cavity tuned to a specific frequency or an antenna. As long as 
people don't let themselves grow antennas on their heads they hardly have to fear direct 
biological effects of electromagnetic waves. 

That leaves as the second phenomenon the thermal effect. With a handy held to your 
cheek there comes into being a local fever in your head. But that is not at all unusual or 
unnatural for the human body. Something like that happens to a far greater degree when 
you take a hot foot bath or let yourself be irradiated at one side from the sun at a tourist 
grill. 


Absorption of waves 


Power of waves: 


irradiated stored radiated 
(absorbed) 


local fever: 
absorbed power: 


effectiveness: 





Fig. 1.3: Damping of waves and ability to absorb of a 
body 
(our head) if we are making a phone call with a 
handy. 
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<i>: K. Meyl: Potentialwirbel Band 1 [A]] (only in German), 

INDEL Verlag, Villingen-Schwenningen 1990, ISBN 3-9802 542-1-6 
<i>: K. Meyl: Potentialwirbel Band 2 [A2] (out of print), 

INDEL Verlag, Villingen-Schwenningen 1992, ISBN 3-9802 542-2-4 
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1.3 Absorption of waves 


The with the theme dealing physicians logically have to put up with criticism that they 
work only with two phenomena that not at all can be involved authoritative in the causes 
for biological effects. A third factor can be considered, a field phenomenon until now 
stayed unnoticed by science: the vortex of the electric field, the so called potential vortex. 
A vortex is to be considered as an oscillation around a fixed point. Through that a 
permanent overlap is caused, like what happens at an antenna only that the vortex is not 
bound to the dimension of an antenna. The potential vortex is contracting and in this way 
reaches extremely high energy densities at very little spatial measurement, densities that 
lie far above those that field strength measurements are pretending to us [Al]*~. 


When again you take the handy at hand with which you ,,blow" the pulsed microwaves 
into your head. Don't worry, because with the speed of light and without provable damage 
almost everything comes out again on the other side, but only almost everything. A little 
damping of the wave has taken place and your head has absorbed this part of the irradiated 
wave (Fig. 1.3). Who claims this is already the thermal factor actually should realize that 
there exists no corresponding term in the wave equation. Here there are found merely two 
dual vortex phenomena as a possible damping term: the eddy current and the potential 
vortex. An eddy current damping is ruled out because of the bad conductivity of the head. 
But this favours his dual anti-vortex, the potential vortex [Al]~”. 


Seen physically the following is taking place in your head: the absorbed waves roll 
themselves up to vortices and through that become localized and overlap themselves 
permanently (Fig. 1.4b). In the course of time the vortices decay and produce the well- 
known eddy losses that lead to the measurable increase in temperature. When reactions or 
biological effects arise, simply and solely the vortex can be considered as the possible 
cause. Thereby play two points an important role: the number of the generated vortices 
and their lifetime that is determined by the time of decay. 


In anticipation of the mathematical calculation of the potential vortices it is pointed out 
here that these are favoured not only by a low conductivity, but also by a high 
dielectricity. Because water has an unusual high dielectricity (€ = 80) and our head 
consists predominantly of water doubts in dealing with handy's are reasonable. 


Also the relaxation time constant representative for the lifetime can be calculated [A2]*”. 
We must proceed from the assumption that both the number of the vortices and their 
lifetime, that is all the at a fixed point in time in our head existing and effective vortices, 
can be a cause and therefore have to be considered and investigated scientifically. 
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Fig. 1.4: Measurement of localized waves and vortices 
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1.4 Overlap effect 


The graph at the left (Fig. 1.4) should clarify once more that only the in space localized 
and permanently overlapping field appearances can be considered as a cause for biological 
effects. This can concern an over an antenna standing wave (a) or a vortex (b) which is to 
be taken as localized by nature. 

It would be allowed to in general speak only of a vortex because the standing wave can by 
all means be understood as a special case of the vortex. The essential difference is that the 
vortex is not bound to the size of a fixed antenna and can contract itself at any time to 
achieve in this way a substantial higher energy density. As a result this than will lead to an 
increased biological effectiveness. 


It should be pointed at a further omission. In the discussion about limits, without 
exception, the absolute field strength of the broadcasting signal is valued and not the type 
of modulation. The last mentioned should actually not at all play a role according to the 
prevailing scientific opinion. 

Totally different is the case with a vortex that acts damping. Such a vortex shows near it's 
centre a considerable smaller wavelength than more to the outside and through that it has a 
big frequency bandwidth [A5]*. It is to be expected that in the extremely broadband 
pulsed signals of the digital networks the creation of vortices (or eddies) will be favoured 
considerably stronger than in amplitude- or frequency-modulated signals (AM/FM/C- 
network). In connexion with analog modulated radio- or handy-signals until now there 
never has been reported of any synchronization of the brain currents with handy-signals 
from a comparison of the EEG with the broadcasting signal. 


Interestingly the for EMC-measurements usual stepped broadband antennas have exactly 
the construction that certainly would be favourable to the measuring technical registration 
of vortex phenomena (Fig. 1.4c). 

With the dipole antennas of different lengths for different wavelengths there still are 
measured waves and not vortices but these measuring techniques is certainly 
accommodating to the until now unnoticed and stayed undiscovered vortex phenomenon. 
So there are some good reasons that the vortex is a dominating influential factor for EMC- 
problems. 


By means of the example of the handheld wireless telephones can be studied and 
discussed with which set of problems the very young discipline of science of the 
environmental compatibility has to fight in the future. And in which ways there can be 
found approaches towards a solution of the problem. When the comfortable and trodden 
out ways of textbook physics do not lead to the goal than we will have to force our own 
way through the jungle of science. 

At first we'll have to obtain a short overview of the actual level of research and 
knowledge. From the criticism to this we than can derive the tasks of the electromagnetic 
environmental compatibility and in particular the unsolved tasks. 





<i>: K. Meyl: Wirbel des elektrischen Feldes, eine neue Storquelle? 
EMC Journal 1/95, 6. J, S. 56-59. 
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Fig. 2.1: Overview concerning environmental compatibility 


<P: E. Habiger: EMV-ubergreifende Aspekte zu benachbarten Problemfeldern, 

Elektrie 48 (1994), Heft 5/6, Seite 163-161 

<ii>: © EMVG: Gesetz uber die elektromagnetische Vertraglichkeit von Geraten, 
Bundesgesetzblatt Teil I vom 9.11.1992, S. 1864 
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2. Tasks 


2.1 Tasks of the electromagnetic environmental compatibility 


The environmental compatibility (EC) forms the generalization that includes both the 
electromagnetic compatibility (EMC) and the biological compatibility (BC). Besides the 
technical and functional goals of an undisturbed functional course it also pursues ethical 
and moral goals. 

Technology should benefit to humanity and at the same time be in accord with nature. 
This goal will not be reached when this technology directly or indirectly is endangering 
humanity. 

A direct attack on the health of people poses for instance the military usage of technical 

apparatus or the negligent usage, by pretended ignorance and unsuspicion. 

Is a technology posing a danger to the environment so humanity endangers itself indirectly 
with this technology. After all are human beings a product of their environment. We 
always should reckon on the environmental sins taking revenge on us sooner or later. 


In fig. 2.1 a formal definition is given that in particular concerns the claims for an 
undisturbed functional course: it concerns the compatibility aspects of unallowed emitted 
and irradiated interference radiations, the reliability and quality safety with which a 
function and task is fulfilled and finally the questions of the protection of health and the 
safety at work. 


Moreover fig. 2.1 provides an overview and the structure of the 2nd chapter. First we'll 
treat the electromagnetic compatibility (EMC) that first of all deals with the influence of 
artificial but also natural interference sources on technical apparatus. 

After that we'll throw a glance at the appearing fields in nature. The biological 
compatibility (BC) deals with the influence on biological systems. 

An especially sensitive area of the environmental compatibility (EC) than describes the 
with a cross-link hinted influence of artificial interference sources on biological systems 
that is popularly described as ,,electro smog". 


The numerous aspects of the environmental compatibility for instance in the areas of 
chemistry and biology that certainly are important, but do not fall in the area of 
electromagnetism, can't be treated in the here marked framework. 


iD) Tasks of the electromagnetic compatibility (EMC) 
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Fig. 2.2: Classes of limits according to VDE 0871 
(since 1-1-96: VDE 0875)" 


<i>: Anton Kohling: Grundlagen der Funkentstorung in der Bundesrepublik 
Deutschland, etz Bd. 108 (1987), Heft 10. 
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2.2 Tasks of the electromagnetic compatibility (EMC) 


First of all the EMC (electromagnetic compatibility) is concerned with the function of 
technical apparatus. Correspondingly rational and dry sounds the official definition: 
"electromagnetic compatibility (EMC) describes the ability of an electrical setting-up (i.e. 
of a construction element, of a construction group, of an apparatus or of an installation) to 
function in an electromagnetic environment without stressing this environment by 
electromagnetic effects in an unallowed fashion ". 


Actually it concerns an old need for protection that should be as old as the usage of electro 
technical apparatus. But in the beginning no one cared about it. The spark gaps with which 
Heinrich Hertz 1888 in Karlsruhe has carried out the first radio technical experiments 
were genuine ,,polluters", that would have been detectible at several hundreds of 
kilometres distance with modern receivers. For these installations that he had assembled in 
the lecture room with his students, today he would hardly get a permission of operation 
and the since 1996 required declaration of conformity he would get not at all. 


1925, as in Germany the number of radio listeners had exceeded the limit of one million, 
for the first time a need for protection appears in the certificate of approval for radio 
receivers: "The public telegraphs and telephone installations must not be disturbed by the 
radio receiver". 

Later on every backside of the good old steam radios there was found the following hint 
(translated): "This apparatus meets the interference radiation regulations of the German 
Post Office". So the manufacturers were urged to measure the emission of their apparatus 
and in particular to screen the HF-oscillators in the superhet-receivers. 


Since the fifties, in the VDE-institute EMC-examinations in the present day sense are 
taken. The main point of the measurements and the by the VDE recommended limits, 
however is about interferences bound to a circuit. On the supply lines of the network the 
prevailing conditions are reproducible so that standards can be put through (Fig. 2.2). 


For measurements of interference radiation maybe the time was not ripe enough or the 
necessity was not big enough. The usual argumentation was: what we can't measure 
reproducibly, can not be forbidden and certainly not be put under punishment. Therefore 
merely recommendations were issued or impositions weak as wax were made like: "the 
interference field strength ... must be so small that an undisturbed reception is guaranteed 
as soon as the minimum field strength for utilization exists at the place where the antenna 
is mounted"™. 


In common parlance that means something like: "as long as no one bleats, everything is 
allowed". Within a connected industrial area there even existed an officially legitimized 
fools freedom. Merely at the fence of the industrial area limits had to be fulfilled. 


Specially for the line-frequency of the screen one has decided to build a loophole in the 
law so that one didn't have to throw the TV sets, that so successfully had conquered the 
living rooms, out of the window. Of course the flickering screens did interfere exactly as 
before but this EMC-interference now was officially approved. 
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2.3 Declaration of conformity 


In the EMC times seem to have gone as the standardizers had to fit in with the insuffi- 
ciencies of technology. Meanwhile the conditions have turned up. We owe this circum- 
stance first of all the EMC-law of 1992 that doesn't name any limits but it states the 
political intention to demand from technical apparatus and installations an appropriate 
stability against interference and at the same time limit the sent out interference. 
As a consequence of this law the measurement facilities and measurement processes had 
to be standardized to get reproducible measurement results that are not influenced by the 
electromagnetic environment. That goes so far that even the floor covering of a 
measurement hall is dictated because the conductivity of the floor influences the degree of 
reflexion. Normally the examinee is situated on a revolving plate that is turned around for 
360° during the measurement of the radio interference field strength. Is it however not 
possible to turn the examinee than the antenna has to be led around it, thereby again 
increasing the dimensions of the measurement hall. The distance to the antenna should be 
up to 10 meters. Moreover it must be possible to move the antenna, up till a height of 4 
meters to register the influence of the reflexions on the floor. 

Moreover there is to plan a reflexion free zone around the measurement track (in elliptical 
form) that depends on the reachable damping of reflexions of the used absorber. Used are 
pyramids of foam material soaked with carbon and increasingly tiles of ferrite or 
shieldings of wallpaper. 

Taken all together for a measurement hall doing justice to standards there result 
considerable measurements of for instance 18 m length x 10 m width x 7 m height. 
Let's again come to talk about the EMC-law with which only the intention but not the way 
is fixed. To form the claims catalogue in a way that is fulfillable in general, some concrete 
prescriptions, the so called standards, have to be worked out. This task was transferred to 
the European committee for electro technical standardization CENELEC, which has 
established the workgroup TC 110 to at first work out some _ standards: 
The basic standards deal independent of product with general questions of the EMC, of 
the testing process and of the measurement environment. 

The generic standards likewise deal independent of product with the so called 
fundamental technical standards for apparatus in their dependence of the respective 
electromagnetic environment (protected computer room or medical room, environment of 
the house, office or industry). 

The product standards concern the EMC-standards referring to products (7 product 
families / approx. 50 products). 

In Fig. 2.3 the arduous way through the jungle of paragraphs for a technical apparatus is 
outlined. Corresponding to the requirements of use, first the relating ES-standards for the 
apparatus have to be determined and than have to be measured according to own test 
standards based on the fundamental technical standards. When the allowed limits for 
stability against interference and for sending out interferences are not exceeded, the EC- 
declaration of conformity is handed out. Since 1.1.96 that declaration is needed when 
apparatus are commercialized or - stated more exactly - "put in circulation" and operated. 
When still further EC-guidelines are met in the end the CE-hallmark is awarded. Since 
1.1.96 only with this hallmark the access to the common market of the EC is possible. 
Violations can be punished with fines and if need be with imprisonment. But there are 
great national differences in the EC. The Federal Republic of Germany with fines of up to 
50.000 Euro counts as expensive for criminals. 
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2.4 EMC-techniques to measure the emission of interference 


Actually we already can be glad that it came to an europe-wide agreement for the 
regulation of the EMC-set of problems. But the question if we can be satisfied with what 
we have reached is still outstanding. All too often the lowest common denominator of the 
measurable and checkable was sought and not so much the technical possible was taken 
into consideration. 


The main emphasis is put on the measurement of the emission of interferences. 
Traditionally the interferences bound to a circuit are registered in a frequency range up 
to 30 MHz. The corresponding wavelengths thereby can correspond with the length of the 
supply lines and form standing interference waves. Primarily the spectrum of the 
interference currents is measured e.g. over a HF-current converter. These currents 
produce a voltage drop over the internal resistance of the feeding network. Because the 
properties of the networks can vary very strong, a standardized end-resistor is required for 
the measurement of the interference voltage. For this purpose an imitation of the network 
is switched between the network and the examinee. This imitation in addition has the task 
to keep away the interference signals that come from the supplying network with the help 
of filter-elements (Fig. 2.4). 

The measurement of the interference radiation, the field-bound interference emission, 
lakes place between 30 MHz and 1 GHz. For that a free field or an absorber-hall with 
little or no reflexions is required. The standardized distances of measurement are 3, 10 and 
30 meters. The electric field strength is determined with dipole broadband antennas, the 
magnetic field strength with frame antennas. It must be possible to both vary the receiving 
antenna between horizontal and vertical polarization and to adjust the receiving antenna in 
the height and the position to the test object. 
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2.5 Electro-Smog 


There is almost no end to the possibilities of variation and one needs already a lot of 
overview and experience to determine the field strength maximum. Nevertheless we have 
to ask ourselves if in this way really all emissions of interference are understandable, that 
popularly are described as ,,electro smog". 


Smog is the combination of the terms Smoke and Fog. It therefore describes a pressure on 
the environment with fog like smoke. When for instance in the case of smog alarm all 
interference sources are switched off, which means all kilns are brought to a stop and all 
automobiles are stopped, than the fog like smoke therefore still is not vanished from the 
air. It just distributes itself and dissolves only very slowly. 


The transfer of the smog idea on the electromagnetic interference radiation is bound to fail 
because, when the test object is switched off no emission of interference at all is detectable 
with the usual measurement means. Nevertheless the rainbow-press is trying to enumerate 
almost all electromagnetic field phenomena under the term ,,electro smog" without 
consideration of the fact that this term is not at all a _ collection’ term. 
From the sight of an expert one can only speak of smog when something like smog 
remains and stays active further after the switching off of an electro technical apparatus. It 
should be a phenomenon that is not understandable by the standardized measurements of 
interference radiation. Such a phenomenon would be e.g. the vortex of the electric field. 
However vortices are virtually not measurable in a direct way because they have the 
unpleasant property to whirl about around the measurement probe. But they will be 
detectable by their eddy losses and in the case of the electric field vortex appear as noise. 
Until now the standardizer however haven't planned to investigate the influence of an 
apparatus on the noise in the environment. Here we still grope in the dark. 


At least the vortex shows a storing property that would justify the use of the idea "smog". 
We'll have to investigate the phenomenon. 
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Fig. 2.6: Picking up of interference voltages in network lines.~ 


<i>: Emst Habiger: EMV, Huthig Buch Verlag Heidelberg (1992), 


ISBN 3-7785-2092-X 
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2.6 EMC-techniques to measure the stability against interference 


The question is: what kind and what intensity of an electromagnetic interference can an 
apparatus cope with without limiting it regarding its technical function. 
For that test generators are used and with their help interference signals are produced in 
the test object. Fig. 2.6 shows the possibilities of a symmetrical, of an unsymmetrical and 
of an asymmetrical production of interference voltage signals in the power supply lines of 
an examinee. Over and above that the testing possibilities and testing methods are 
numerous. In principle the following processes are used: 
1. The simulation and production of interference factors typical for the network like 
harmonic waves on network voltages, overlapping signal voltages, changes of network 
voltage, decrease of network voltage, network interruptions, network unsymmetries and 
network frequency changes. 
2. The production of both energy-poorer and energy-richer interference impulses like they 
can form in energy-networks by switching acts or by the effect of lightning (burst). 
3. The simulation of the course of events when static electricity discharges. 
4. Low-frequency magnetic fields like those that can form by network frequency operating 
and loading currents or by short-circuit and lightning currents in the form of a pulse. 
5. The stability against interference against the influence of an electromagnetic field also 
called radio interference firmness. For this purpose high-frequency generators and 
broadband antennas are used to expose the examinee to electromagnetic fields in a 
frequency range between 10 kHz and 18 GHz. At the moment tests are only performed 
between 27 and 500 MHz. The modulation of the carrier wave should be possible to be 
able to imitate the interferences by radio technology as realistic as possible. Thereby 
the field strength values can by all means reach up to several 100 V/m. 


In accordance with expectation the result of this irradiation with an outside field is that 
every conduction path and every wire can act as an antenna and therefore can produce 
high-frequency currents and measurable potentials. Building parts of the analog techno- 
logy as a consequence battle with problems of drift whereas with digital logic parts and 
computer parts the danger exists that switching states change unintentionally. Let us 
remember again the overlap effect of fig. 1.4. The electromagnetic wave itself marches 
with the speed of light through the examinee. When a small part of the wave finds an 
object that it can use as an antenna than the localized overlap comes into play. This than as 
a cause is responsible for the effective and measurable antenna currents. Until here the text 
books help us to explain the problems that happen and to remove them logically. 


However time and again cases are reported where textbook physics can't help us any 
further. Spectacular cases even came to court like e.g. the ABS (Antilock Braking System) 
of a truck that had failed due to EMC-interference radiation. As a consequence the brakes 
had failed. When after that the local radiation pollution is measured no anomaly at all can 
be discovered. The measurable field strength is not higher as is usual in the whole area. 
Maybe you also have made the experience that often the causes can't be found when your 
computer suddenly "crashes" out of the blue. 

Here the mentioned vortex of the electric field is capable to deliver plausible explanations 
because it is not bound to the geometry of an antenna and in addition is highly active 
without being detectable with the usual EMC measurement methods of the interference 
radiation measurement! 
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Fig. 2.7: Intensities of natural electromagnetic fields 
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<i>: A.S. Presman: Electromagnetic Fields and Life. 
Plenum Press, New York - London, 1970 
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2.7 Tasks of the biological compatibility 


The second leg of the environmental compatibility (EC) forms the biological compatibility 
(BC) besides the electromagnetic environmental compatibility. Whereas the interests of 
the EMC are looked after by electrotechnical engineers and electrophysicists, with the BC 
also doctors, biologists and architects are addressed. 

Moreover this leg is already very old and already existed long before artificial interference 
sources could be created by mankind. The interaction between the arising interference 
sources in nature and the biological systems in general and specially men always 
interested the doctors, the priests, the druids and geomants, that not seldom looked after 
several functions in personal union equally. Unfortunately they as a rule have kept their 
knowledge and capabilities as secret knowledge, didn't make any recordings and merely 
initiated and trained their respective successors. Through that a great deal got lost and 
today non-medical practitioners, homeopaths and esoterics trouble themselves to take up 
to the far-reaching buried knowledge. 

Because this concerns pure knowledge by experience, often the with the topic occupied 
persons themselves are not capable to say anything about the physical backgrounds and 
causes. One concentrates entirely on the under certain circumstances reachable results and 
only in rare cases on reproducable effects. In some areas the scientific assignment already 
has succeeded, have parascientific phenomena managed their admission in the so called 
"exact sciences", but in most experience disciplines the assignment is still due. There still 
is a lot to do here. 


In the time as there not yet were operated any artificial interference sources on our planet, 
the senses of man naturally were a whole lot sharper for his electromagnetic environment 
as today. Today, where there scarcely is a place on earth where we are not irradiated by 
terrestrial transmitters, by satellites or by the netfrequency that is measurable everywhere. 
In the bluntness of our senses perhaps the hybris of modern man is founded, with which he 
wants to rise himself above esotericism, geomancy and other sciences of experience and 
thereby dispute the electric and magnetic fields their biological effectiveness. 


The fields of natural origin form an electromagnetic environment for men, that they have 
adapted to and that they probably need for a life in accord with nature. The evolution has 
taken care for a corresponding adaptation. 

In fig. 2.7 in addition to the limits from fig. 1.1 the intensities of natural electromagnetic 
fields are registered“. They lie clearly lower as the recommended limits but exactly in the 
area wherein the first reactions of living beings are observable. 


When we ask us how much electromagnetism is good for us and how much harms us so 
the obvious answer is: exactly as much radiation as nature dictates in the fluctuations 
between day and night, between the months, years and in the end between the cycles of 
sunspots of 11 years. Here the guide value is found that man and nature have adapted 
themselves to. In fig. 2.7 the corresponding area between the natural minimum and 
maximum values is given. 
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Fig. 2.8: Absorption dependent on frequency in the atmosphere 


<i>: entnommen aus: H.L. Konig: Unsichtbare Umwelt (Wetterfuhligk.), 5. Aufl., 
Bild 8, Seite 14, Verl. Moos & Partner Milnchen, ISBN 3-89164-058-7 
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2.8 Natural fields 


Our electromagnetic environment has something to offer: 

From the magnetic north pole to the magnetic south pole of the earth run the field lines of 
the earth's magnetic field that we are exposed to. With a compass we use the vector 
character of the magnetic field to fix our position. The induction averaged over time is 
approx. 50 uT. But it is overlapped by short-time fluctuations caused by geomagnetic 
storms in the ionosphere. 


These storms again are caused by the eddy currents and the currents of charged particles 
that come from the sun. At the same time these eddy currents in the ionosphere together 
with the earth's magnetic field form a protective shield with a excellent screening effect 
for us inhabitants of earth. 

In several layers like for instance the ozone and Heaviside layers a filtering and damping 
until the complete suppression of the very broad cosmic spectrum is caused. This 
extraterrestrial spectrum of radiation doesn't leave a single frequency out and has a lethal 
intensity for us. 


Only for a little window in the frequency spectrum, radiation can pass almost undamped, 
as can be seen in fig. 2.8: the light with the spectrum of the colors. For this nature has 
donated man a sense organ so that man can protect himself against too high dose values. 
After all, who will look voluntarily into the sun? We only get into trouble when our sense 
organ doesn't function any more (for instance in the fringe range of the visible spectrum, 
the UV-range). 


For other frequencies of electromagnetic radiation man neither has a sense organ but that 
doesn't mean that he is not influenced by these. Here, as in the UV-range he only 
indirectly notices that he has got too high a dose when he has to discover some influences 
on his well-being and his health. Without the help of neutral measurement apparatus he 
himself by no means is in a position to make a connection between an excessive 
exposition to radiation and his health problems. 


When natural field strengths should be used as a measure for technical limits, so there 
should be paid attention to the fact that nature doesn't know intense continuous 
irradiation. The values are subject to powerful fluctuations that leave men and nature the 

chance to regenerate. 

The television stations not even think it is necessary to reduce their broadcasting power 

after the end of broadcasts and further sprinkle the sleeping population with test signals, 

with senseless pictures of going by underground or nonstop program advertisements. 

People need the intermissions. That again shows how good nature means it with us. 
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Fig. 2.9: Spectrum of frequency of one lightning, 
measured 

field strength at a distance of 1.6 km from the place 
of origin. See Watt and Maxwell: 


from: 





<i>: H.L. Konig: Unsichtbare Umwelt (Wetterfuhligk.), 5.Aufl., Bild 38, Seite 27, 
Verl. Moos & Partner Munchen, ISBN 3-89164-058-7, see <ii>. 
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2.9 Electricity of the air 


The electrostatic field strength of the earth lies between 50 and 500 V/m. That is a whole 
lot considering that voltages off 60 Volts can be lethal for man. But a living person 
distorts the terrestrial E-field for reason of his own field and his electric conductivity, so 
that there exists no danger for him as long as he doesn't grow into the sky. 


Maybe the dinosaurs had to become extinct because they were to big and for instance the 
E-field near the ground had risen with a jump by a meteorite that brought a high charge 
from the cosmos. That would explain why the smaller living beings could survive the 
natural disaster. 


Also the thunderstorm electricity can become life-threatening. Burns, heart and brain 

failures are the most common consequences. After all the probability to be struck by 
lightning is four times higher as to have six right ones in the lottery. 

Over the lightning channel of approx. | meter in diameter charges between 10 and 200 C 

are transported what results in current strengths of 2000 up to 200,000 A. The main 
discharge lasts between 10 and 50 usec. With the preceding and all the following 
discharges it lasts over a second. 

Field strengths on the scale of 4,000 V/m are typical but in a distance of 5 km these wear 

off to 8 V/m. The frequency spectrum of a lightning reaches 4 powers of ten into the range 

of the radio waves. In fig. 2.9 is shown the field strength measured in a distance of 1.6 km 

from the place of origin™””. 

The origin of lightnings is still an unsolved problem after the well-known models (Wilson) 
arc not in a position to explain the reason for the origin of the potential difference of more 
than 100 million Volts required for the ionization of the air. Also the lightnings that struck 
in the direction _of the ionosphere still are mysterious. 
We'll have to come back to this”. 


<i>: H.L. Konig: Unsichtbare Umwelt (Wetterfuhligkeit), 5. Aufl., Bild 38, Seite 27, 
Verlag Moos & Partner Munchen, ISBN 3-89164-058-7, according to <1i>. 


<u>: A.D. Watt and E. L. Maxwell: Characterisic of Atmospheric Noise from 1 to 
100 Ke/s. Symposium on the Propagation of VLF Waves, 
Boulder, Col., Paper 35, Jan. 1957. 


<iii>: see Part 1, chapter 5.4 and part 2, chapter 14.11. 
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Fig. 2.10 A: Effect of a static magnetic field of 100 
kA/m (0,12 

Tesla) on the root (I) and on the plant (II) of barley 
seeds. 

plants in the magnetic field: dotted line 

plants for checking: drawn line 


+ <iii> 


according to Novitskii 


Novitskii, Yu.I.: Effects of a magnetic field on the dry seeds of some cereals. 


Proceedings of Conference on the Effect of Magnetic Fields on Biological 
Objects, Moscow, p. 52, 1966. 

Taken from: H.L. Konig: Unsichtbare Umwelt (Wetterfuhligkeit), 5. Aufl. 
Bild 72, S. 73, Verlag Moos & Partner Munchen, ISBN 3-89164-058-7 
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2.10 Biological effects 


The in fig. 2.1 indicated connection between the EMC and the BC, by some authors 
inofficially described as EMC-environment (EMCE), describes the effect of artificial 
fields on biological systems. This concerns the sensitive range of tasks that is discussed 
extremely controversially in the public. The problem thereby is that the artificially 
produced field strengths lie above the natural field strengths for several scales. 
In the thirties first reports about troubles were provided by navy radio operators that 
complained about headache, dizzyness, concentration failure and indisposition. Besides 
these negative reports concerning the so called "radio operator disease" at the same time 
medical usages concerning high-frequency therapy were tested. In the beginning this 
diathermy called healing method still was a short wave irradiation. Today it is extended 
into the microwave range and uses the thermal effect of electromagnetic rays. The 
increased temperature of the tissue causes an increased local blood flow. This supports 
healing processes, loosens cramped muscles and can help in case of rheumatic fever. 
The advantage of the HF-irradiation compared to contact heat by a hot-water bottle or by 
infrared rays is the higher penetration depth. Herein short waves are superior to 
microwaves. But microwaves can be better focussed on a certain part of the body. 
Is the temperature further increased, so the tissue is damaged. This is used for the 
treatment of cancer and is called hyperthermy. Because cancer cells as a rule are flowed 
with blood worse than healthy cells, they are more sensitive to heat and therefore are faster 
destroyed than healthy cells at a correspondingly increased temperature. In this way for 
Instance in the USA cattle with a so called cancer eye are treated. For that the spot 
suffering from cancer is irradiated with 2MHz-waves for 30 seconds with a handheld 
apparatus of 10 Watts broadcasting power. The rate of succes is given to be 90%! 
The method of hyperthermy has not yet been able to establish in the area of the medicine 
for humans. Also at our college corresponding research work is carried out in co-operation 
with the radiological clinic of the university of Freiburg (Germany )~”. 


The thermal effects of high-frequency fields are therefore well-known and subject of 
scientific research. On the other hand and in spite of numerous publications, non-thermal 
effects even today are denied by some scientists as non-existent“. Here only a few 
counter-examples will be listed. 


Fig. 2.10 A shows the effect of a static magnetic field of 0.12 Tesla on the root (1) and on 
the plant (II) of barley seeds. The readable effect is an acceleration of the growth of the 


<i> 


treated seeds (dotted line) compared to the plants for checking (drawn line)”. 


<i>:  H. Schulz, W. Oppitz: Lokale Hyperthermie durch hochfrequente 
Wirbelstrome, Medizin Technik 1, 1987. 


<i>: G. Nimtz: Mikrowellen, Einfuhrung in Theorie und Anwendung. 2. Aufl., BI- 
Wissenschaftsverlag 1990, ISBN 3-41 1-03203-0 


<iii>: Novitskii, Yu.I.: Effects of a magnetic field on the dry seeds of some cereals. 
Proceedings of Conference on the Effect of Magnetic Fields on Biological 
Objects, Moscow, p. 52, 1966; taken from: H.L. Konig: Unsichtbare Umwelt, 
fig.72, p. 73, Verlag Moos & Partner Munchen, ISBN 3-89164-058-7 
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Fig. 2.10 B: Measured increase in the production (K) 
of colicin 
by colibacteria as a microwave effect 


a) asa function of the wavelength, 
b) asa function of the intensity of the microwaves, 


according to Keilmann". 


taken from: 
<i>: 4H. L. Konig: Unsichtbare Umwelt (Wetterfuhligkeit), 5. Aufl., Bild 106, S. 111. 
Verlag Moos & Partner Munchen, ISBN 3-89164-058-7 





Tasks 31 





A static field naturally produces no induction and hence no heating will arise. In the case 
of alternating fields the thermal effect in experiments is excluded by working with 
cxtremly low stimulations. The example after fig. 2.10 B shows the measured increase in 
the production (K) of colicin by colibacteria at only 0.01 mW/cm? microwave power~’. 


In addition the example provides the interesting information that obviously only a certain 
frequency and it's harmonic waves increase the production, other frequencies on the other 
hand remain inactive. Because only minimal field strengths are used it more likely 
concerns an information-technical as an energetic effect (curve a). This statement is 
supported by the observation that an increase of the intensity not at all necessarily as a 
consequence also increases the production (curve b). What the colibakteria need is 
obviously neither energy nor heat but only a certain frequency that stimulates the colicin 
production or the growth. 


Should it really be confirmed that biological effects of electric and magnetic fields can be 
produced by certain frequencies and can't happen by an energy transition so the 
discussions about limits must seem ample meaningless. 


Maybe the one or the other in thought already draws a connection to the acceleration, the 
acclerated growth of kids, which is observed world-wide and stronger in cities than in the 
country. It started for approx. 100 years simultaneous with the electrification of the homes 
in the towns. In Asia the acceleration and also the electrification have started later. 
Other growth stimulating effects like radio waves, X-ray examinations, atomic tests and 
provable also the nourishment with vitamin B6 happened only until much later and at the 
most could support the actual effect. 


But how should a proof be offered when anyway the field strength not at all can have a 
decisive influence on the growth of man after the statement of fig. 2.10 B? Which 
information is authorative? Where lies the responsible frequency window? Does the 
information actually manifest as frequency? Is the authorative influential factor also in this 
case not at all noticed and measured? 


A lot of pressing questions are still outstanding. But in any case the numerous influential 
factors detected in experiments do not at all let themselves reduce to a sole factor, for 
instance the nourishment. For a family doctor it may be comfortable to be able to give an 
easy explanation: ,,Cause is the nourishment!" With such a reductionism on the other hand 
the actual cause stays in the dark and the asked questions in this way won't let themselves 
be answered. 
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Fig. 2.11: __ profile of the 50-Hz-field on the ground 
at 380kV/1KkA in each circuit.“ 
a) electric field, 
b) magnetic field. 


taken from: 
<i>: E. Habiger u. a.: Elektromagnetische Vertraglichkeit, fig. 7.3, page 147 and 
Fig. 7.1, page 146, 2"¢ Ed., 1992. Berlin, Miinchen: Verlag Technik. 
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2.11 Artificial fields 


The scepticism of people feeling close to nature is especially directed against artificial 
fields that man can't see nor hear nor smell. Objects of doubt are first of all the 
installations for the creation, distribution and conversion of electric energy. 


An essential role plays the fact how close the supplying and the draining conductors are to 
each other, so that the respective fields can compensate each other. The worst solution one 
can think of is realized at the electrified railway. Here the rails and the earth are used as 
the draining conductor for the current while there exists an ample large distance to the 
supplying conductor. A compensation is almost impossible thus causing gigantic 
interference fields that are detectable even at a distance of 10 kilometers. The increased 
putting on of railway engines feeded by rectified current is likely to aggravate the set of 
problems because the non-sinusoidal absorption of current is strongly afflicted with 
harmonic waves. 

With high tension transmission lines (fig. 2.11) the interference field strength is reduced 
when the three cables are suspended with only little distance between them. But even the 
selected phase order can play a role. Of course the optimal compensation effect is 
guaranteed with cables in the earth. But these are expensive and technically not realizable 
for such high voltage levels. 


In the eighties also the computer screens got in the headlines. The terminals are furnished 
with a cathode ray tube and have a very broad radiation spectrum that already starts at 0 
Hz. Here already static maximum values of 64 kV/m are measured~”! 


I'requency range Measured maximum 30 cm in front of 
values Em Tesp. Hinax the screen 


static field (0 Hz) 64 kV/m 


30 Hz. 60 Hz 10 V/m and 


5 Hz- 1 kHz 1800 V/m and 10 V/m and 
4 A/m 0,6 A/m 


ae 
15 kHz-220 kHz 50 V/m and 15 V/m and 
07m 


— 


Fig. 2.11: Electromagnetic fields from screens” 
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used frequency measured 
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radio broadcasting station 600 kHz 2...17 V/m 
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radio broadcasting station 15 MHz 1...25 V/m 
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SOS-transmitter 410 kHz 1...3 V/m 
on a ship (LOO W) 
Epitaxiedevice 450 kHz 37...400 V/m 
(induction oven) 
HF-welting press 27,12 MHz 70...85 V/m 
(welding of plastic foils) 
radar on a_ ship 9,3 GHz 1...30 uW/em? 
(TRN 311) 
radar of an airplane 9,2 GHz 450... 


2800 uW/cm? 


domestic appliances measured ina distance of 30cm: 


hand mixer 5O 


refrigerator 50 Hz 





Fig. 2.12: the electric field strength resp. Power density 
in our environment.” 


taken from: 
<i>: E. Habiger u. a. : Elektromagnetische Vertraglichkeit, Fig. 7.2, page 146, 
2. Ed., 1992, Berlin, Munchen: Verlag Technik, ISBN 3-341-00993-0 
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2.12 Protection against artificial fields 


Artificial fields more or less always occur in the neighbourhood of electric apparatus and 
installations. Especially problematic are those that work with the free radiation of 
electromagnetic fields, that is all the radio broadcasting stations, handheld and radar 
transmitters. 

Herewith it is important that not needed parts of the antennas are shielded, that antennas 
with little close by field pollution are used and that the stand should be situated at least 3 
km remote from inhabited areas. For instance at radar installations damping values of 10 
dB and more can be obtained only by using a corresponding tree growth. 

This obviously concerns a damping of the waves in a dielectric manner. We'll have to 
come back to this because textbook physics does not know a corresponding damping term 
in the wave equation. 


The radiation leaking out in case of the high-frequency welding of plastic foils and of the 
microwave oven should be minimized. 

In the case of induction ovens or of motors an active shielding often causes problems so 
that for simple domestic appliances like a hand mixer and especially for the electric hair- 
dryer non proportionally high field strength values are measured. Fig. 2.12 informs about 
it. 

Protective measures for the operator are hardly possible. To protect uninvolved people not 
only the apparatus but also the rooms and eventually whole parts of buildings had to be 
shielded and grounded. 


Sometimes also fairly simple possibilities are helpful like e.g. the usage of a remote 
control. By clearing away the cable salat at the workplace and at the sleeping place 
induction loops can be removed. Alarm-clocks operated by batteries should have 
preference over those operated by the network. Mattresses with metal in them and spring- 
beds which clearly act as an antenna should be avoided. In extreme cases even so called 
"current-free switches" and shielded network lines are recommended (fig. 2.13). 


In the area of the network supply lines a choking coil can help decrease the spreading of 
high-frequency interference radiation. It is especially important that all the conducting 
metallic objects like e.g. water pipes, heatings, steel racks, machines, switching racks, 
steel armaments and metallic windows should be grounded properly, because otherwise 
extremly high static charges could result instead of a shielding. Construction biologists 
recommend to when possible do without metals when building houses and furnishing, 
what of course is only realizable with limitation. 


In any case numerous measures are known that to a lesser extent find their legitimation in 
classical physics, but more likely in precaution. As long as we do not know which 
phenomenon causes the electrosmog and we don't have a measuring-instrument at our 
disposal, precaution is really the only thing we can do irrespective of the effectiveness of 
the measures and of the arising costs! 
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Fig. 2.13: About the circuitry and the problems involved 
with a "current-free switches" installation 
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2.13 Unsolved tasks 


The report concerning the actual state of research could be continued at will. But the 
expositions should suffice, to understand what are the tasks of the electromagnetic 
environmental compatibility (fig. 2.1) and which questions still have to be supplied with a 
solution. One can get deeper into every of the addressed points and then discover that 
some questions can be expressed sharper and maybe conceivable answers can be found, 
but at the same time and unavoidable the number of new questions increases faster. 


Let us again take up the example of the handheld wireless telephones (chapter 1.2). At 
least it now is clear to us that the usage of the built-in microwave antenna of a handy is 
problematic. In the interior of an automobile it never should be used. If, however, one uses 
the antenna installed on the outside on the sheet metal then the damping and screening 
effect of the sheet metal chassis is advantageous at least for the handy user. 


With that of course the central question is not answered. The question of what the cause is 
for the interfering and at worst health endangering effect of the HF-radiation. Field 
freedom we can't find anywhere on this world. Possibly we even need the fields. But then 
the question is how much is necessary, how much is healthy and how much makes us ill. 


The gap of explanation especially gets clear in the case of the static or of the low- 
frequency magnetic field: away from technical interference sources normally fields on the 
scale of 10 nT are measurable. Construction biologists say that 20 nT, so twice that value, 
should not be exceeded at the sleeping place and maybe 50 nT at the desk. These values 
however are determined purely empirical. 


When a person is examined in a nuclear magnetic resonance tomograph that person is 
exposed to a field that lies between 0.2 and 1.5 Tesla. that is a value 7 till 8 powers often 
higher than before mentioned without this leading to the death of that person. Entirely on 
the contrary this method is regarded as especially caring and safe compared to the X-ray 
examination. 


Here again the legitimation of the thesis put forward is entirely comfirmed. The thesis that 
the well-known physically measurable and controllable phenomena can not be considered 
as a cause and that possibly a until now undiscovered field phenomenon should be called 
to account. 


Should such a phenomenon exist it should be derived, calculated and proved. We must go 
to endless troubles and try everything. The actual difficulties wherein the electromagnetic 
environmental compatibility is stuck are a challenge. 
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3. Approach 


In the question, if there exists a still unknown phenomenon that influences the 
electromagnetic environmental compatibility, we must fall back far until upon the roots of 
our physical understanding. Here we find a fundamental principle that until today is not 
doubted and that is regarded as elementary, the principle of causality. Every result of a 
measurement, every interpretation is checked for causality and only after passing this 
examination it is accepted and published. 


This principle of cause and effect has established, not only in physics but also in many 
other disciplines of science. Is an effect observed, so there immediately is asked for the 
cause. This principle encounters us in daily life”. 

When all observable and measurable effects ever can be assigned to a cause without force 
and without exceptional regulations then the logical result is a pyramid of causality. On 
top a fundamental physical principle is found, that is regarded as given by nature or as 
given by god and that with its properties is responsible as the cause for different effects. 
These effects again appear as the cause for new effects and so on (Fig. 3.0). 
Sometime we have removed us so far from the top of the pyramid that a direct reference to 
the describable effects can't be made anymore, so the impression could arise that it 
concerns an isolated and independent discipline. We should take care not to think in such 
a monocausal way, because both delimitation and avoidance of interdisciplinary working 
methods will inevitably steer us into a dead end! 


This pyramid of causality stands for the vision of a "unified theory", like it is demanded 
and sought-after by numerous research scientists. But as long as it is not found, we'll have 

to do with unsolved problems of causality. About this any number of examples can be 

given. 


A physical principle based on the principle of causality is the vortex. This the eddy current 
demonstrates us clearly. The cause for its origin is an alternating field. According to 
Faraday's law of induction this induces a voltage that in a conducting medium results in a 
current according to Ohm's law. Around this current according to Ampere's law an 
alternating field forms, that points perpendicular to the current and overlaps the original 
alternafing field. This induced field first of all is an effect that overlaps the cause and itself 

becomes the cause. The effect that follows from that further overlaps and forms a new 

cause etc. In this way vortices form. 


Vortices quasi represent the principle of causality. 





<i>: When for instance a woman complains: "Doctor, my left knee hurts" (effect). 
The doctor diagnoses the cause: "Yes, that comes with age!" With that 
causality is established. "But doctor", says the woman, "my right knee is 
exactly as old as my left knee!" And already the doctor has a new problem of 
causality. 
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Principle of Causality: 


cause —> effect 





quantum physical 
approach: quanta ——® fields 


field-theoretical approach: fields -—-—® quanta 


violations of the principle of causality: 
1. monopoles exist 
2. starting point for the strong interaction 
3. fields and quanta are a cause at the same time 
4. hypothetical particles (gluons, quarks, etc.) 
5. transmission of information with speeds faster than 
light 
¢ with photons (University of Berkeley) 
* with microwaves (University of Cologne) 
¢ with laser beams (Technical Univ. of Vienna) 
6. transmission of energy with speeds faster than light 


¢ with scalar waves (Nicola Tesla) 


Fig. 3.1: Causality or the principle of cause and effect 
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3.1 Principle of causality 


Our physical view of life strictly obeys the rules of causality, the principle of cause and 
effect. But there are numerous cases, where causality at first could not be fulfilled 
anymore. Here alternate solutions had to be found to not endanger this very successful 
principle. A few examples should clarify this: 
1. Technically it is impossible to produce a magnetic monopole. When a north pole is 
produced then the accompanying south pole is also formed. In the same way only the 
positive and negative pole can be assembled as the so called dipole. In the microcosm 
however we find monopoles. Electrons are such particles. To restore causality we must 
grant the microcosm its own laws that are not valid in the macrocosm! But this 
monocausal hypothesis contradicts the observation that the microcosm represents an 
image of the macrocosm and vice versa. Doubts if this assertion is allowed are 
reasonable. 
2. Like charges repel each other and that the more the smaller the distance gets. In an 
atomic nucleus positively like charged protons are together at the smallest possible 
room without any repulsion happening. Arithmetically seen all atomic nuclei would 
have to explosively fly to pieces. But because this doesn't happen, shortly a new and 
supposedly fundamental interaction, the strong interaction, was introduced to save 
causality. Nevertheless this interaction now holds the like particles in a not explained 
manner together. Causality could be obtained only by the introduction of a new 
fundamental phenomenon. 
3. When causality should hold as the supreme principle, it should be demanded with 
priority for the fundamental phenomena of physics. Instead, in quantum 
electrodynamics the particle is attributed the same physical reality as the field. With the 
wave-particle duality Heisenberg has given out the corresponding formula of 
compromise. This slaps the face of the principle of cause and effect. 


Causality on principle allows only two approaches for a solution: the quantum physical 
approach. which holds the quanta as the cause for the fields, and the field-theoretical 
aSproach. wherein only the fields act as the cause. For both approaches there are good 
arguments. The field theorists cite that fields can exist also in the vacuum, so that there 
exist fields without particles but never particles without fields. Against that the quantum 
physicists hold that somewhere, even when quite far away, there exist particles and that 
the measurable fields merely are their action at a distance. 

Both approaches first arouse the impression to be fully equal. In the course of the 
discoveries in the area of quantum physics, the corresponding approach has been able to 
establish. But it demands that all phenomena have to be understood as a consequence of 
particles. So should gravitons make gravitation possible, should gluons hold everything 
together and the quarks form the basic building parts. Meanwhile there is only worked 

with hypotheses. Out of poverty quantum physics meanwhile has said goodbye to strict 
causality, after the number of the violations of causality has risen that much and in every 

respect there is a lack of models of explanation. It seems as if the end is reached, as if the 
quantum physical approach to a large extend is exhausted. 
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Field-theoretical approach: 


3d Maxwell equation 4th Maxwell equation 


With the relations of material: 


u-DivH = O  @3.3°) e-DivE = pa  (3.4°) 
H: source free E: non-vortical 

vortex field source field 
New field-theoretical approach: (3.7) 


thus: DivH = O (3.3"") and (3.7°) 


H and E: source free vortex fields! 





Einstein: 
"Is it conceivable, that a _ field theory permits us_ to 
understand the atomistic and quantum _ structure of 
reality? This question by almost all is answered with 
No. But I believe that at the moment nobody knows 
anything reliable about it". 


Pauli: 











"The electric elementary quantum e is a = stranger in 
Maxwell-Lorentz’ electrodynamics". 


Fig. 3.2: The field-theoretical approach 


<i>: A. Einstein: Grundzuge der Relativitatstheorie, S 162, Anhang II; 5. Aufl., 

Vieweg, Braunschweig 1974. 

<i>: W. Pauli: Aufsatze und Vortrage uber Physik und Erkenntnistheorie. Vieweg, 
Braunschweig 1961, entnommen aus: 
H. G. Kussner: Grundlagen einer einheitlichen Theorie der physikalischen 
Teilchen und Felder. Musterschmidt-Verlag Gottingen 1976, S. 161. 
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3.2 Field-theoretical approach 


The field-theoretical approach is the very much older one. Until the last turn of the century 
the world in this respect still was in order. Max Planck, by the discovery of quanta, has 
plunged physics into a crisis. 

Albert Einstein, who, apart from his lightquanta hypothesis, in his soul actually was a field 
theorist, writes: ,,Is it feasible that a field theory allows us to understand the atomistic and 
quantum structure of reality?". This question by almost all is answered with No. But I 
believe that at present nobody knows anything reliable about it”. 


By the way the "No" can be justified by the fact that the field description after Maxwell is 
by no means able to the formation of structure so that it is not possible for quanta to 

appear as a consequence. The field-theoretical approach could, obstructed by Maxwell's 

field theory, not further be pursued and to this until today nothing has changed. 

Nevertheless it would be an omission to not at least have tried this approach and have it 
examined for its efficiency. Maybe the above mentioned problems of causality let 
themselves be solved much more elegantly. For this however the Maxwell theory must be 
reworked to a pure field theory. With the well-known formulation it offends against the 
claim of causality, since it is field theory and quantum theory at the same time. To 
Maxwell himself the quanta were still unknown, but today we know that the fourth 

Maxwell equation is a quantum equation: 


div D = pu (3.4) 


After this the electric field is a source field whereby the individual charge carriers, like 
e.g. electrons, act as sources to form in their sum the space charge density p,. The other 
three Maxwell equations are pure wave equations. In this way the third equation identifies 
the magnetic field as source free: 


divB=O . (3.3) 


This for Pauli probably was the reason to call, "the electric elementary quantum e a 
stranger in Maxwell-Lorentz' electrodynamics"~"”. 
Let's return to the principle of causality according to which in the field-theoretical 
approach the fields should act as a cause and not the particles. In a corresponding field 
description quanta logically have not lost anything. It is only consistent to likewise 
demand freedom of sources of the electric field: 


DivD=O . (3.7) 


When the electric field is not a source field, then what is it? The magnetic field is a vortex 
field. Hence it would be obvious to also conceive the electric field as a vortex field. 
Numerous reasons speak for it: 

1. A non-vortical gradient field, like it is formed by charge carriers, merely represents a 
special case of the general vortex field. Only by the generation of quanta a source field 
can form as a special case. 

2. The electromagnetic wave teaches us the duality between the E- and the H-field that 
are directed perpendicular to each other and are in a fixed relation to each other. If one 
of them is a vortex field then also the dual field must be a vortex field. 
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Duality: 
b b 
JH ds =1 (3.1°) JEds=-U (3.2*) 
a a 





Circulation along the closed path ds: 





3™ Maxwell eq. 4% Maxwell eq. 


new. 
es [ae o« en 


With the relations of material: 


Fig. 3.3: The dual field description 


i <ii>, 


Dual approach according to Jackson™* or Lehner 


Div B= magn because of the 4° Maxwell equation: Div D = Pel (3.4) 
Pmagn = Magnetic monopoles should exist, 
otherwise dual extension (3.8) not allowed! 


Caution: closed loop conclusion! 

Maxwell theory proves the correctness of the Maxwell theory. 

Result: search for magnetic monopoles unsuccessful. 
<i>: J. D. Jackson, Classical Electrodynamics, 27 Ed. , John Wiley, New York, 
1975, S. 251 - 253 


<i>: G. Lehner, Elektromagnetische Feldtheorie, Springer-Verlag Berlin, Heidel- 
berg 1990, S. 35 - 36 und S. 533 ff. 
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3.3 Duality 


Duality is a fundamental physical principle. Opposite, but one another complementing 
phenomena can be assigned to each other in pairs, like e.g. (see fig. 8.8): 





Yin (female) a Yang (male) 
south pole — north pole 
(S) —- @ 
R [Q] resistance — RQ") conductance 
U [V] voltage — I. fA] current 
E [V/n} electr.field strength ——— H [A/m] magnet.field strength 
Q [As] charge — 9 [Vs] magnetic flux 
D [As/m*] _ electr.displacement ——- B [Vs/m7] magnetic induction 
& [As/Vm] _ electr.field-constant ———- jig [Vs/Am] magnet.field-constant 
Pa [As/m*]  electr.charge density Pmaen{Vs/m*] magnet.charge density 
induction law oe Ampére’s law 
potential vortex — eddy current 
(vortex of the electric field) (vortex of the magnetic field) 


First of all we find the duality confirmed in the case of the electromagnetic wave 
spreading in a homogeneous medium. Here the field pointers of E and H are directed 
perpendicular to each other and are in a fixed relation to each other. But if the wave is 
damped in the presence of matter, for instance by eddy currents, then by basing on 
Maxwell's field theory the duality will vanish. 

A good example for perfect duality provides the integral of a field strength vector along 


the path from a to b: 
b 8 
{Hds =I (3.1*) and JEds=U . (3.2*) 
a b 


Urn if the integration takes place along a closed path then the circulation yields: 


FH ds = Ising (3-1) and fEds=O . (3.2) 


According to Ampere's law (3.1) the magnetic field can thus form enclosed currents and 
spatially spreading eddy currents. The electric field on the other hand should be 
irrotational (3.2). 

Let's take the case that the electromagnetic wave is damped by eddy currents and the 

magnetic field in this way becomes a vortex field. The electric field itself that, as said, is 

in a fixed relation and perpendicular to the vortex field H, will show all the vortex-typical 
properties. Hence nothing would be more obvious as to also grant the electric field a 
formation of vortices: 


FE ds = —Using « (3.8) 
Critics of this dual approach, like for instance Jackson“ or Lehner~”, point out that with 
reference to the fourth Maxwell equation the electric field should be understood as a 
source field: 


divD = pa . (3.4) 
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v_ (velocity) 


R (radius) 


Fig. 3.4a: Velocity distribution v(R) for a vortex with 
rigid- 
body rotation 


v (velocity) 


R (radius) 


Fig. 3.4b: Velocity distribution v(R) in a potential vortex 
(see Lugt™”) 





<i> Lugt, Hans J.: Vortex flow in nature and technology. Krieger publishing 
company, Florida 1995; page 30 and 31, ISBN 0-89464-916-7 
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For a complete duality from the existence of electric monopoles, individual in the space 

charge density p., contained charge carriers, the claim for magnetic monopoles is derived. 

In spite of intensive search such north or south pole particles however until now could not 
be found. Herein from the sight of criticism is seen a confirmation for the assumption that 

Maxwell's field theory is self-contained and hence in principle may not be extended. The 
critics have a problem of causality: They postulate source fields that at the same time 
should be vortex fields. But if one asks how one should imagine such a field that is scalar 

and at the same time vectorial, then it looks as if no one has ever made any thoughts about 

It. 


The from causality derived solution of the problem of lacking duality requires to extend 
the Maxwell theory in one point, by introducing the potential vortex of the electric field 
here and at the same time make a cut in another place: 


divD=O @.7) 


With this formulation, the assumption of a freedom of sources in principle, the complete 
duality already is reached: Now neither magnetic nor electric monopoles exist (Fig. 3.3)! 
At first we have to accept the loss of the electron hoping that the calculation in the end 
works out: the "exchange" vortices against particles, by which the quanta can be banned 
from the field theory, suggests that the elementary particles themselves are nothing else as 
spherical vortices that have found to an own physical reality. 


3.4 Flow vortices 


In fluid engineering convincing and strong indications for the correctness of the chosen 
approach can be found. It benefits us that hydrodynamic vortices are visible or can be the 
injection of smoke, e.g. in a wind-tunnel. 

Already Leonardo da Vinci had observed at liquids that there exist two dual basic types 
of plane vortices: "Among the vortices one is slower at the centre than at the sides, another 
is faster at the centre than at the sides." 

A vortex of the first type, also called "vortex with rigid-body rotation", is formed for 
instance by a liquid in a centrifuge that due to its inertia of mass is pressed to the edge 
because there the largest velocity exists. In an analogous way the electromagnetic vortex 

in electrically conductive material shows the well-known "skin effect" (Fig. 3.4a). 
To explain the other vortex Newton describes the experiment where a rod is dipped into a 
liquid as viscous as possible and then is tured. In this potential vortex the velocity of the 
particle increases the closer to the rod it is (Fig. 3.4b). 

The duality of both vortex phenomena becomes obvious when we make ourselves clear 

that in the experiment with the centrifuge the more liquid presses to the edge the less 

viscous the medium is. And that on the other hand the potential vortex forms the stronger 

the more viscous the medium is. As conclusion we read in text books that the viscosity of 

ra va decides whether a vortex with rigid-body rotation or a potential vortex is 

ormed. 


48 Rankine vortex 


v (velocity) 





Fig. 3.5: Combination of a vortex with rigid-body 
rotation and 
a potential vortex (Lugt~’). 


<i> Lugt, Hans J.: Vortex flow in nature and technology. Krieger publishing 
company, Florida 1995; ISBN 0-89464-916-7 
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3.5 Rankine vortex 


When we, in a third experiment, immerse the centrifuge filled with water into a tough 
medium and let the centrifuge rotate, then inside the centrifuge a vortex with rigid-body 
rotation forms and outside the centrifuge a potential vortex forms (Fig. 3.5). 


It is obvious that one vortex always causes the other vortex with the opposite properties 
and so the existence of one causes that of the other. So in the first case, that of the vortex 
with rigid-body rotation, outside the centrifuge potential vortices will form in the 
surrounding air, whereas in the second case, that of the potential vortices, the turning rod 
itself can be interpreted as a special case of a vortex with rigid-body rotation. 
Hence in all conceivable experiments the condition always is fulfilled that in the centre of 
the vortex the same state of "peace", that we can fix as "zero", prevails as in infinity. 


When we take a tornado as an example, thus a whirlwind. In the "eye of the cyclone" 
there's no wind at all. But when I go away from this spot, then I'm blown to the outside. I 
can really feel the vortex with rigid-body rotation in the inside. If. however, I am standing 
on the outside, then the potential vortex tries to pull me into the vortex. This potential 
vortex is responsible for the structure and in the end also for the size of the tornado. 


At the radius of the vortex, the place with the largest speed of the wind, an equilibrium 
prevails. The vortex with rigid-body rotation and the potential vortex at this point are 
equally powerful. Their power again is determined by the viscosity, which thereby fixes 
the radius of the vortex! 


Therefore meteorologists pursue with interest whether a tornado forms over land or over 
water. Over the ocean for instance it sucks itself full with water. In that way the potential 
vortex increases in power, the radius of the vortex gets smaller and the energy density 
increases dangerously. 


If the knowledge from hydrodynamics is transferred to the area of electromagnetism, then 
the role of the viscosity is taken over by the electric conductivity. The well-known current 
eddy occurs in the conductor, whereas its counterpart, the postulated potential vortex, 
forms in the bad-conducting medium, with preference in the dielectric. The duality of both 
vortices is expressed by the fact that the electric conductivity of the medium decides 
whether current eddies or potential vortices can form and how fast they decay, i.e. convert 
their energy into heat. 


Vortex and anti-vortex 





Fig. 3.6: Kirlian photograph of leaves 
structured corona discharges 


<i>: (produced by students of electronics in the laboratory for power electronics of 
the Author, University of Applied Sciences Furtwangen 1991) 


<i>: Kupfmuller, Karl: Einfuhrung in die theoretische Elektrotechnik, 
Springer-Verlag Berlin, 12. Auflage 1988, page 453 


<i>: Kupfmuller, Karl: Einfuhrung in die theoretische Elektrotechnik, 
Springer-Verlag Berlin, 12. Auflage 1988, page 208 
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3.6 Vortex and anti-vortex 


Fig. 3.5 shows that vortex and dual anti-vortex mutually cause each other. In high tension 
transmission lines we find a striking example for the combination of current eddy and 
potential vortex. Within the conductor current eddies are formed. Thus the current density 
increases towards the surface of the conductor (skin effect). Outside of the conductor, in 
the air, the alternating fields find a very bad conducting medium. If one follows the text 
book opinion, then the field outside the conductor should be an irrotational gradient field! 
But this statement causes unsolvable problems. 


When vortices occur inside the conductor, then for reasons of a detachment of the vortices 
without jumps at the interface to the dielectric, also the fields in the air surrounding the 
conductor must have the form and the properties of vortices. Nothing would be more 

obvious as to also mathematically describe and interpret these so-called gradient fields as 

vortex fields. When looking exact this argument even is mandatory! 

The as laws of field refraction known boundary conditions*"” in addition demand 
steadiness at the interface of the conductor to the dielectric and don't leave us any other 
choice. If there is a vortex field on one side, then also the field on the other side is a vortex 
field, otherwise we offend against the law! Here an obvious failure of the Maxwell theory 
is present. 

Outside the conductor, in the air, where the alternating fields find a very bad conducting 
medium the potential vortex not only exists theoretical; it even shows itself. Dependent 
among others on the frequency and the composition of the surface of the conductor, the 
potenial vortices form around the conductor. When the thereby induced potentials exceed 
the initial voltage, then impact ionisation takes place and the well-known corona 
discharge is produced. Everyone of us can hear this as crackling and see the sparkling 
skin with which high tension transmission lines cover themselves. 

In accordance with the text books also a gradient field increases towards the surface of the 
conductor, but an even shining would be expected and not a crackling. Without potential 
vortices the observable structure of the corona would remain an unsolved phenomenon of 


physics (Fig. 3.6). 


But even without knowing the structure-shaping property of the potential vortices, that in 
addition acts supporting and that we'll have to derive, it can be observed well that 
especially roughness on the surface of the conductor stimulate the formation of vortices 
and can produce vortices. If one is looking for a reason why with large frequency the very 
short impulses of discharge always emerge from roughness*""’, then very probable 
potential vortices are responsible for it. By means of a Kirlian photograph it can be 
shown that the corona consists of structured separate discharges (Fig. 3.6). 


With this the approach is motivated, formulated and given reasons for. The expositions 
can't replace a proof, but they should stand a critical examination. Mathematical and 
physical evidence will be furnished later. 
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Concentration effect 








copper cable fibre optic cable 
|j|4 (current density) (intensity) I 
R (radius) R (radius) 

distribution distribution 

of the current density intensity of light 

(eddy current) (potential vortex) 

Fig. 4.1: The distribution in principle of the intensity of 
light 


within a fibre optic cable compared to the 
distribution of the current density in a copper cable 


<i> Meyl, Konstantin: Potentialwirbel, Band 1: Diskussionsbeitrage zur natur- 
wissenschaftlichen Deutung und zur physikalisch-technischen Nutzung, 
basierend auf einer mathematischen Berechnung neu _ entdeckter hydro- 
tischer Wirbel, INDEL GmbH, Verlagsabteilung, 
Villingen-Schwenningen 1990, ISBN 3-9802-542-1-6 
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4. Properties 


4.1 Concentration effect 


It can be assumed that until now there does not yet exist a technical application for the 
here presented potential vortex theory unless the phenomenon was used by chance and 
unconsciously. About this the transmission of optical light signals over fibre optic cable 
can be given as a typical example. 

Compared to a transmission of energy impulses over a copper cable fibre optic cables 

show a considerable better degree of effectiveness. The derived potential vortex theory 
provides a conclusive explanation for this phenomenon and therefore is put here to 
discussion: If we cut through a fibre optic cable and look at the distribution of a light 
impulse over the cross-section, then we observe a concentration in the centre of the 
conductor (fig. 4.1). 


Herc the duality between the vortices of the magnetic and of the electric field comes to 
light. Whereas the current eddies in a copper conductor cause the "skin effect" as is well- 
known, potential vortices show a "concentration effect" and align themselves with the 
vortex centre. The measurable and in fig. 4.1 shown distribution of the light intensity in a 
fibre optic cable may confirm this phenomenon, the orientation of the potential vortex on 

the vortex centre. 


For instance the calculation of the resistance of a copper cable provides as an important 
result an apparent decrease of the resistance directed towards the conductor surface. There 
the associated better conductivity as a consequence causes an increased current density. In 
the reversed direction, towards the centre of the conductor, consequently a decrease of the 
effective conductivity would be present, and this result is independent of the used 
material. According to the rules of duality this is a condition for the formation of potential 
vortices. As already said the conductivity is responsible for it, if the expanding eddy 
current with its skin effect or the contracting potential vortex with its concentration effect 
is predominant. 


Usual fibre optic materials possess not only a small conductivity, but in addition a high 
dieletricity. This additionally favours the formation of vortices of the electric field. If one 
consciously or unconsciously supports the potential vortices, then there is a possibility that 
the life of the fibre optic cable is negatively influenced because of the concentration effect. 
Of course it can not be excluded that other effects, like e.g. reflections or the modes of the 
light are involved in the concentration effect. But it should be guaranteed that this actually 
concerns is causal phenomena and doesn't concern only alternative explanations out of 
ignorance of the active vortex phenomenon. 


The formal mathematical reason for the concentration effect provides the reverse sign in 
Faraday's law of induction compared to Ampere's law (see also equation 3.1 and equation 
3.8 in fig. 3.3). 
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4.2 Duality of the vortex properties 


The rules of duality dictate for the vortex of the electric and of the magnetic field the 
following characteristics: 


1. Whereas currents and eddy currents demand a good conductivity, potentials and 
potential vortices can only form with bad conductivity, thus in a dielectric and best in 
the vacuum. 


2. Eddy currents run apart, strive towards infinity and thus show the well-known "skin 
effect" with a spatially limited arrangement of the conductor. According to the rules of 
duality the potential vortex will strive towards the vortex centre and in this way will 
show a "concentration effect". 


3. Another property of vortices is shown in fig. 4.2. 

On the left side a plane eddy current is indicated. Since the discovery of Ampere's law 
it is well-known to us that such a circular current (I) forms a magnetic dipole standing 

perpendicular to the vortex plane. 

On the right hand side the dual phenomenon is sketched. Here charges are piled up 

circularly to a planar potential vortex (U). Thereby an electric dipole forms, standing 

perpendicular to the vortex plane. This relation directly follows from the equations of 
the field-theoretical approach. 

Whereas circular currents and current eddies produce magnetic dipoles, the postulated 

potential vortices will form electric dipoles. 


With these three interesting properties some key questions of quantum physics, that until 
now have stayed a mystery to science (fig. 4.4), can be answered conclusively and without 
compulsion e.g.: 


I.Why are there no magnetically charged particles? 

The better the conductivity of a medium is, the higher as a consequence the number of free 
charge carriers is. the more strongly eddy currents are formed. The answer to question I is 
inferred from the opposite case: 
In the ideal vacuum no charge carriers at all are present, why no currents, no current 

eddies and consequently no magnetic poles can exist. 

With this well-known fact the first question already is answered. The question why in the 
microcosm there can not exist magnetically charged elementary particles, why the search 

for magnetic monopoles doesn't make any sense. Let's ask further: 


Il. Why are there only electrically charged particles? 

Let us for that consider the dual conditions. The worse the conductivity of a medium is, the 
more the potential vortex -will be favoured that because of this property also can be 
understood as the vortex of the dielectric. 

In the mentioned extreme case of the ideal vacuum, no electric conductivity is present for 

reason of the missing charge carriers. But this circumstance favours the potential vortex 

and that, according to fig. 4.2, forms electric poles and with this also the second question 

would be answered clearly. 

It can be traced back to the boundary conditions of the microcosm that without exception 
electrically charged particles are entitled to exist; a realization derived from the field- 
theoretical approach, that covers all experiences. 
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4.3 Derivation of the electron as an elementary vortex 


The next key question necessarily has to be brought to a conclusive answer to save the 
principle of causality, so that we no longer have to postulate an own physics with its own 
laws for the microcosm: 


III. Why do these particles show as monopoles? 


More concrete the question has to read: 

Where is the positive pole in a negatively charged electron, if it should be an electric 
dipole? 

The only possible answer is: 

In the centre of the particle! 


Thus in the centre of the electron its positive pole is hidden and in the centre of the 
positron its negative pole is hidden. But we only observe these particles from the outside 
and for reason of the field conditions of the electron we measure a negative charge and for 
its antiparticle, the positron, a positive charge. If in each case we wanted to measure the 
electric fields included in the inside, we had to destroy the particle. Then a proof would 
not be possible anymore. 


Here also a persistent mistake is eliminated by the for a long time known axiom that 
monopoles can not exist at all if one considers continuity! By means of technical-physical 
experiments this axiom is sufficiently secured. 

The quantum physical approach is standing on uncertain ground if it is postulated that 
other laws of nature should apply to particle physics, if a second approach, the field- 
theoretical approach, is conceivable that does not know these problems! 


The discussed concentration effect gives the potential vortex a structure shaping property. 
With that also the fourth key question can be answered: 


IV. Why do the particles have the form of spheres? 


The potential vortex is favoured in the particle-free vacuum of the microcosm because of 

the missing conductivity. In connection with the concentration effect the following 
conclusion can be drawn: 

The extremely mighty potential vortex exerts a high pressure on the microcosm and on 
each particle. 


With that also the fourth key question, why stable elementary particles are spherical, can 

be answered by the potential vortex theory: 

Only the sphere is able to withstand a high outside pressure. 

All other forms, like e.g. dipoles formed like a rod or a club would be instable in the 
presence of the extremely concentrating potential vortex. They would be immediately 
destroyed by the pressure of the potential vortex. 
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quanta as field vortices 


I. Why are there no magnetically charged 
particles? 
(the vacuum has no conductivity!) 





Il. Why are there only electrically charged 
particles? 
(in the vacuum only potential vortices can exist!) 





Why do these particles show as monopoles? 


(the other pole is locked up in the inside of the vortex 
oscillation!) 


. Why do the particles have the form of spheres? 


his 


(for reason of the outside pressure by the concentration 
effect!) 


Why is the elementary quantum stable? 


(without conductivity no decay of vortices takes place!) 


Why does for every particle of matter exist an antiparticle? 


(there are two swirl directions with equal rights!) 


VII. Why are particles and antiparticles incom- 
patible? 


(contrary swirl directions!) 


Fig. 4.4: Key questions of quantum physics 
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4.4 Quanta as field vortices 


The fied-theoretical approach demands removing the electron from the field equations 
(eq. 3.7) and at the same time introducing the potential vortex of the electric field. With 
this vortex phenomenon there now is a possibility that the electromagnetic wave 
spontaneously rolls up to a vortex in case it is disturbed from the outside. The vortex 
particle that is formed in such a way owes its physical reality on the one hand the 
concentration effect of the potential vortex, that compresses this particle to the dimension 
of a tiny sphere and on the other hand its localization for reason of the oscillation around 
a fixed point. 

The sphcrical elementary particles are being compressed to inconceivably small 
dimensions. Therefore they are capable to bind a comparatively high energy in their 
inside. This is confirmed by the mass-energy relation E = mc? . (4.1) 


The fact that the energy is dependent on the speed of light can be judged to be a clear 
indication that quanta actually are nothing but oscillating electromagnetic packages, 
vortical oscillations of empty space! 

The next question reads: 


V. Why is the elementary quantum stable? 

The worse the conductivity is, the more the potential vortex will be favoured, the more 
strongly the concentration effect will form, the smaller the spherical phenomena will get - 
the larger the authoritative relaxation time will be, i.e. the slower the decay of vortices 
and with that the more stable the vortex phenomenon will be. 

In the microcosm, that comes the ideal case of a particle-free vacuum very close, the 
spherical vortices because of the missing conductivity have an absolute stability. 


VI. Why does for every particle of matter exist an antiparticle? 

Since every vortex can also oscillate 

in the opposite direction, there always exist two forms of formation of spherical vortices 
with equal rights, one of them is assigned to the world of matter and the other to the world 
of anti-matter. 


VII. Why are particles and antiparticles incompatible? 

For reason of the contrary swirl direction they are incompatible to each other. They have 
the tendency to destroy each other mutually, like two trains that want in the opposite 
direction on a single-tracked distance. 


The quantum physical approach does not have an answer to these key questions. Until 
now scientists have merely thought about to what the observable contraction in the 
microcosm and the macrocosm can be traced back. Because the approach was not able to 
furnish an answer, without further ado some new matter was introduced: the sluons. These 
binding particles should be able to exert the necessary pressure. But until now no one has 
been able to observe or detect this fabulous matter. Nobody knows its structure and its 
composition. Despite missing evidence it is stated that this matter is mass less and at the 
same time lumped; it is invisible because it can't interact with any other matter, not even 
with the supposed building parts of the atomic nuclei, the quarks. But at the same time 
there should be exerted a pressure on the quarks, for which reason quarks again should be 
able to interact with gluons! 
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Fig. 4.5: Two coaxial oscillating vortex rings (Lugt~”). 


<i> Lugt, Hans J.: Vortex flow in nature and technology. Krieger publishing 
company, Florida 1995; page 42, ISBN 0-89464-916-7 
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4.5 The photon 


The ability to form structures as a consequence of the concentration effect gives the 
potential vortex a number of highly interesting properties. To derive these properties we 
can make work easier when we fall back upon the observations and experiences of flow 
dynamics. 

Here the vortex ring takes a special place. Its vortex centre is not closed, for which reason 
it is not stationary and propagates in space with a constant speed. It can be observed that 

the velocity of propagation increases with the ring diameter becoming smaller. By means 
of the vortex rings, that skilful smokers can produce with pointed lips, these properties can 
be made visible. 

Now if two vortex rings run into each other with the same axis and direction of rotation 

then both oscillate around each other, by one vortex attracting the other vortex, thereby 
accelerating and thus contracting it. The second vortex then slips through the core opening 

and gets again slower and larger. Now the first vortex accelerates and plays the same game 

(fig. 4.5). 

It would be obvious for the vortex of the electric field to have a corresponding property. 
The electron e- and with the opposite swirl direction the positron e+ will form such a 
potential vortex corresponding to the derivation. Two electrons, as like charged particles, 

would repel each other and surely will be out of the question for such a configuration. An 
electron and a positron however will attract each other and because of their 
incompatibility they will mutually destroy unless they open their vortex centres to form a 

vortex ring. Now the e- shows its positively charged centre that shows the same swirl 

direction as the e+ seen from the outside. Therefore the vortices don't hurt each other, 

when the positron slips through the opened vortex centre of the electron and vice versa. 

This oscillating electron-positron pair has strange properties: seen from the outside one 

moment it is negatively charged and the next moment it is positively charged. Therefore 

over time on the average no charge will be measurable and no electromagnetic inter- 
action will take place. 

One moment the particle is matter and the next moment it is anti-matter. Hence no mass at 
all can be attributed to the particle. Interactions primarily takes place between both dual 
vortices. We can predict, the particle has neither mass nor charge. The environment 
merely sees a fast oscillating particle that only within every half cycle is capable of an 
interaction. 

The centre of the oscillating particle is open, for which reason it is not stationary 
anymore. Instead it propagates in z-direction with the swirl velocity, which is the speed of 
light, in this way preventing a rotation around the x- or y- axis (fig. 4.6). In this way a 
polarizability is present. 

The only possible and, as we will see, necessarily taking place rotation around the z-axis 
gives the particle a spin of the magnitude of a quantum of angular momentum. After all 
the rotation for e and e” is of the same magnitude with a spin of each time 4 - 8. There 

should be paid attention to the fact that for the case of an opposite sense of direction of the 
respective rotation around the common z-axis the spin on the average will be zero. 

In addition the particle is characterized by an outstanding property: a periodically taking 
place oscillation with any frequency, but that frequency has to be constant. 
We now only have to take a table of particles to hand. Actually we will find a corre- 
sponding particle that has all these properties: the y-quanta.also called photon. 
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Fig. 4.6: The photon as oscillating electron-positron pair 


<i> 


The decay of the y- quanta (photon) 
( = pair creation = Bethe-Heitler-process 1934 ): 


y —ete 


(4.2) 


<i> Nachtmann, Otto: Phanomene und Konzepte der Elementarteilchenphysik, 
Vieweg, Braunschweig 1986, S. 135, ISBN 3-528-08926-1 
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4.6 Pair creation 


Proof for the correctness of the model concept provides the decay of the photon in an 
electron and a positron in the presence of a strong field, as for instance in an atomic 
nucleus. This observable decay is called pair creation or Bethe-Heitler process“: 

Ye ete 42) 

In this process the elementary vortices for a short time get back their localization and are 
therefore detectable. Otherwise the electron and positron have the form of a sphere, the 

photon however rather has the form of two oscillating discs. 

The photon doesn't participate in the electromagnetic interaction, because the electric field 
lines run from one disc to the other (from + to -). The field lines are not open as they are 
for e or e° (fig. 4.3). To open up the field lines an energy is necessary that corresponds to 
the sum of the two formed particles. But from this it by no means follows that this amount 
of energy will be released in the reversed and much better known process, where matter 
and anti-matter annihilate under emission of y-quanta. At the end of the derivation the 

vortex model will provide us the desired answers on questions of the energy of photons. 

Here first of all only the properties will be concerned. 
Experiments, in which light shows as a particle, are the photoelectric effect, the Compton 

effect and a lot more. According to the by Maxwell developed classical theory of light 
however is light an electromagnetic wave that is not quantized in any way, neither as 
sphere nor as disc, the wave nature of light as well has a physical reality and is secured by 
experiment. This is witnessed by the interference patterns of overlapping coherent light 
beams. 


A concept in which light could exist at the same place and the same time both as wave and 
as corpuscle could never be brought into accord with the principle of causality. Formulas 
of compromise, like the uncertainty principle of Heisenberg that refers to the point of 
view of the observer, can't change anything about this dilemma. The dual nature of light, 
that in this context is gladly spoken of, rather consists of the fact that dependent on the 
local field conditions, any time and spontaneously the wave can roll up to a vortex. 

As an example of a violation of the principle of causality it has been indicated under point 
3 (fig. 3.1) that both fields and quanta at the same time should be the cause of something. 
This concept was formulated by Maxwell and written down in modern quantum electro- 
dynamics by Dirac but in the field-theoretical approach we have dropped this concept 
because it violates all rules of causality in an elementary manner. Therefore it only is 
consistent, if we hold the view that the light is either wave or particle but never is both at 
the same time! 


In the spontaneous transition of the wave to the particle all the important properties are 
conserved: the propagation with the speed of light, the characteristic frequency of the 
oscillation and the mentioned polarizability. 
The process of rolling up possibly takes place already in the laboratory, in a bubble 
chamber and at the latest in our eyes. To receive the electromagnetic wave, we had to have 
antennas. We actually see the photons. It therefore would be obvious if our cells to see 
only could perceive vortices, in this case photons. We don't possess a sense organ for 

fields and waves. 
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loss energy [Ws] 
log { P/Af } 









b = eddy current losses 


hf 


1 - e-bf/kT = power density losses 


= capacitor losses 


kT 
log {f} 
f; 2f;=kT/h frequency [Hz] 
Fig. 4.7: The power density shown against frequency for 


noise 

(a) according to Kupfmuller~”, 

as well as for dielectric losses of a capacitor (also a) 
and for eddy current losses (b) according to Mevl "” 
(b in visible duality to a). 


<i> Kupfmuller, Karl: Einfuhrung in die theoretische Elektrotechnik, Springer- 

Verlag Berlin, 12. Auflage 1988, ISBN 3-540-18403-1 

<ii>  Meyl, Konstantin: Dreidimensionale nichtlineare Berechnung von 
Wirbelstromkupplungen, Dissertation Universitat Stuttgart 1984 
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4.7 Noise 


If, according to the field-theoretical approach, there exist electric field vortices then they 
will not only form the elementary particles in the vacuum, but will also macroscopically 
form and have an effect in larger dimensions. 


Assuming a wave that rolls up to a plane vortex it would be obvious if polarization and 
velocity of propagation are conserved in the process. But how does it stand about the 
frequency? 

The wave now will walk round a stationary point, the vortex centre. The propagation with 

the speed of light c will remain existent as the swirl velocity. For a plane circular vortex, 

where the path for a revolution on the outside is very much longer than near the vortex 

centre, there arises a longer wave length and as a consequence a lower frequency on the 
outside as more to the inside. With this property the vortex proves to be a changer of 
frequency: the vortex transforms the frequency of the causing wave in an evenly 
spectrum, that starts at low frequencies and stretches to very high frequencies (fig. 1.4). 
Exactly this property we observe in "white noise". The consistent conclusion would be 

that this concerns the vortex of the electric field. Anyone can, without big expenses, 

convince himself or herself of the localization, of the property to change the frequency and 

of the circumstance that vortices can be very easily influenced, that they avoid or again 

whirl about a place of disturbance, for instance an antenna. For that one only needs to tune 

a radio receiver to a weak and noisy station and move oneself or some objects around, 

then one is able to directly study the influences from the manipulation of the receiving 

signal. 

But already the fact that the using and measurability of signals is limited by noise makes 
clear. which attention the potential vortex should be given. 


Within a limited frequency range the power of the Nyquist or resistance noise is 
independent of frequency (fig. 4.7). This should be clarified particularly by the term 
"white noise" analogous to white light, where all visible spectral ranges independent of 
frequency have the same energy density. 


But this relation doesn't hold for high frequencies of any magnitude. Here another noise- 
effect appears, that is said to have its cause in the quantum structure of energy”. 
Untouched by possible interpretations an increasing power of the noise is measured, that 
more and more turns into a being proportional to frequency (fig. 4.7, curve a). 
Interestingly this curve shows a remarkable duality to the power curve of eddy currents, 
likewise shown against the frequency, that for instance can be measured at eddy current 
couplings” (fig. 4.7, curve b). This circumstance suggests a dual relation of the potential 
vortex of the electric field in bad conducting media on the one hand and the eddy current 


in inductive materials on the other hand “"”. 


<i>: Meyl, Konstantin: Wirbel des elektrischen Feldes, 
EMC Journal 1/95, 6. J, ISSN 0945-3857, S. 56 - 59. 
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a) measurement set up according to Yializis and others ~ 
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b) after 40 hours c) after 52 hours 
Fig. 4.8: Measurement set up (a) and photo of vortex 
structure 


in a metallized polypropylen layer capacitor 
(at 450 V/ 60 Hz/ 100°C) 

Observation of the formation of a vortex (b) and (c). 
(110 fold magnification), according to Yializis et al.” 


<i>: A. Yializis, S. W. Cichanowski, D. G. Shaw: Electrode Corrosion in Metallized 


Polypropylene Capacitors, Proceedings of IEEE, International Symposium on 
Electrical Insulation, Bosten, Mass., June 1980; 
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4.8 Capacitor losses 


Next the dielectric losses in a capacitor fed with an alternating voltage are measured and 
likewise put on against the frequency. At first the course is independent of the frequency, 
but towards higher frequencies it increases and shows the same characteristic course of the 
curve as the before mentioned power of the noise (fig. 4.7, curve a). 


This excellent agreement suggests the assumption that the dielectric losses are nothing but 
eddy losses. 
These vortex phenomena, caused by time-varying fields, are not only found in ferro- 
magnetic and conductive materials, but equally as dual phenomena in dielectrics and non- 
conductors. 


As examples of practical applications the induction welding or the microwave oven can be 
mentioned. The process can be described in other words as follows: in both examples the 
cause is posed by high-frequency alternating fields that are irradiated into a dielectric as 
an electromagnetic wave, there roll up to potential vortices and eventually decay in the 
vortex centre. The desired and used thermal effect arises during this diffusion process. 


The striving in the direction of the vortex centre gives the potential vortex of the electric 

field a structure shaping property. As a consequence of this "concentration effect" 

circular vortex structures are to be expected, comparable to the visible vortices in flow 
dynamics (e.g. tornados and whirlwinds). At the same time the dual anti-vortex arises, the 
diverging eddy current. It takes, as is well-known, the given structure of the conductor, so 
in the technical literature one correspondingly talks of a "skin effect". 
Now if conductor and non-conductor meet as they do in a capacitor, then at the boundary 

area visible structures will form. Circles would be expected, if the eddy current in the 
inside and striving to the outside is equally powerful as the potential vortex that comes 
from the outside and concentrates. 


Actually such circular structures are observed on the aluminium of high tension 
capacitors, when they were in operation for a longer period of time. The formation of 
these circles, the cause of which until now is considered to be unsolved, is already 
experimentally investigated and discussed on an international level by scientists (fig. 
4.8)", 

<iii> 


These circular vortex structures can be seen as a visible proof for the existence of 


potential vortices of the electric field. 


<i>: D. F. Taylor, On the Mechanism of Aluminium Corrosion in Metallized Film 
Capacitors, IEEE Transactions on EI-19,August 1984,No.4,pp.288-293. 


<i>: Mey], Konstantin: Wirbel des elektrischen Feldes, 
EMC Journal 1/95, 6.J, ISSN 0945-3857, S. 56-59. 
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Fig, 4.9: Motion of two point vortices. (Lugt~”) 
A. with opposite direction of rotation 
B. with the same direction of rotation 
1. for equal vortex strength 
2. for unequal vortex strength 


Example from practice for case Al: 
vortex pair behind an airplane 
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4.9 Vortex lines and vortex streets 


It can be assumed that the vortex of the electric field is relevant with regard to the 
electromagnetic environmental compatibility. This then holds not only for microcosmic 
and microscopic vortices, but also for macroscopic and larger dimensions. The individual 
vortices can join together to balls and lines. For the study of this process it is useful to 
again fall back upon experiences of flow dynamics. 


The co-operation of individual point vortices has been investigated thoroughly in flow 
dyamics. Without any outside manipulation an individual vortex rotates on the spot. 
That changes in the case of two neighbouring vortices. Now it depends on their mutual 
strength and sense of rotation. If they have the opposite sense of rotation and equal 
strength then their centres of rotation move straight forward in the same direction. If 
however the direction of rotation is the same then both vortices rotate around each other 
(fig. 4.9). 


In this way a multitude of point vortices is capable, to form in the first case whole vortex 
streets and in the second case spherical vortex balls. In principle a vortex string can also 
consist of a multitude of potential vortices pointing in the same direction; but it has the 
tendency to roll up to a vortex ball in case it is disturbed from the outside, as can be shown 

very clear by means of computer simulations~”. 


As a Starting-point for a discussion the thesis can be put forward that also electric field 
vortices, in nature usually consisting of a multitude of individual point vortices, appear as 
vortex strings and vortex balls. 


Perhaps historians see in this property an answer to the question, how it was possible for 
the Romans to build streets straight as a die in the wilderness. Their land surveyors, the 
Augures, had at their disposal neither laser, nor any other suitable gauges. Their most 
important tool was the Lituus, the crook, that at its upper end was rolled up like a vortex in 
the sense of a flat coil shaped like a spiral. 

The question poses what this strange object was used for. Perhaps the roman land 
surveors tracked down any vortex lines with this crook and then used them to orientate 
themselves? 

History still holds a lot of secrets, but for now only this indication is given. The following 
seminar will give enough opportunities for speculations and discussions”. 


<i>: Lugt, Hans J.: Vortex flow in nature and technology. Krieger publishing 
company, Florida 1995; p.38, fig. 3.25, 3.26 and 3.27, ISBN 0-89464-916-7 


<ii>: K. Meyl: Elektromagnetische Umweltvertraglichkeit Teil 2 und 3 Seminar- 
umdrucke, INDEL Verlag VS; see part 2 and 3 of this book. 
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Fig. 4.10: | The rolling up of a vortex chain to a vortex ball 
for the smallest disturbance 
(case BI in fig. 4.9) (Rosenhead~’). 





<P: L. Rosenhead: Formation of vortices from a surface of discontinuity. Proc. 
Roy. Soc. A 134, 1931, 170. taken from: 


Lugt, Hans J.: Vortex flow in nature and technology. Krieger publishing 
company, Florida 1995; page 39, figure 3.29, ISBN 0-89464-916-7 
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4.10 Water colloids as vortex balls 


We have to realize that in the biosphere we are staying in a relatively ideal dielectric. The 
two "capacitor plates" are being formed by the ionosphere and the earth. The potential 
vortex will, as said, be favoured by a bad conductivity and by a high dielectricity. Conse- 
quently it will dominate and take effect in the biosphere. In which way it takes effect is the 
central theme of the electromagnetic environmental compatibility. 


Life in this world consists predominantly of water and water has a very high dielectricity! 
With that the effectiveness and the long life of the potential vortex increases. The human 

head for instance contains 70% and plants contain over 90% water! But it does not 

simply concern H,O, but structured water in a colloidal form. These water colloids could 

be vortex balls because they consist of a large number of water molecules in a spherical 
arrangement They form independent and insoluble particles with a negative electric 

charge (fig. 4.11). 
Water is not equal water thanks to this structure. One can buy healing water and 
corresponding sources are well-known and famous. Many an effect can be explained by 
means of a chemical analysis but not everything. 


The highest age in this world is reached by the inhabitants of Hunza, in the mountains of 
norhern India at the foothill of the Hindu Kush, at an altitude of 2500 meters. They drink 

some muddy glacial water that is strongly colloidal. Hence it would be obvious that plants 

and also we ourselves need such water for our physique. Processes are known with which 

the advantageous vortex balls, say colloids, are produced artificially by mechanic or 
chemical treatment”. Levitated water, as it is called and as it is for sale nowadays, is said 

to be more healthy. Unfortunately people predominantly work empiric in this area, 
because science occupies itself with this topic only little or not at all. 

Another problem is the fact that the colloids again fall apart quickly. The like negative 
charge favours this process. The liquid crystals have to be stabilized from the outside. In 
the case of the Hunza-water the colloids are surrounded by a vegetable layer of fatty acid 
and are protected in this way “"’. It possibly is very obliging to nature, if the water colloids 
also in biological systems are stabilized in that way. 

Everyone of us knows that fresh spring water tastes much better than stale, bottled water, 

even if the chemical analysis turns out of be absolutely identical. For this fact classical 

science is not able to give a cause - a further problem of causality. In any case should 
potential vortices with their structure shaping property be considered as a cause for the 
formation of water colloids. It surely causes no difficulties at all to interpret the colloids as 

vortex bulls. 


<i>: V. Schauberger: Die Entdeckung der Levitationskraft, Implosion 1995 
Nr. 112 und: 

N.  Harthun: NaturgemaSe Technik - Wege fur’ die Forschung nach 
Viktor Schauberger, Verlag Delta Design, Berlin 1996. 


<ii>: Flanagan: Elexier der Jugendlichkeit, Waldthausen Verlag Ritterhude 1992, 
orig.: Elixir of Ageless 
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HO: the angle of the bond between 2 H molecules = 
104,5° 
angle of the bond in excited state = 109,5° 


+ 


electron orbital diagram of energy (excited HO) = tetraeder 
most stable liquid crystal = 8 tetraeder = star of octaeder 


unprotected colloid artificially protected 
if colloid (soap molecule) 





Colloid protected by albuminoids or fatty acids 
(in living systems) 


Fig. 4.11: | Water molecules and water colloids 
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4.11 Phenomenon of transport 


The vortex principle is self-similar. This means that the properties of an individual vortex 
also for the collection of numerous vortices again appear and can he observed in a similar 
manner. That's why a vortex ball behaves entirely similar as an individual isolated vortex. 
The same concentration effect, that keeps the vortex together, shows its effect for the 
vortex ball and keeps it together also. 

Something corresponding holds for a basic property of potential vortices, being of a 
completely different nature. It is the property to bind matter in the vortex and carry it 
away with the vortex. Well-known are the vortex rings that skilful cigarette smokers can 
blow in the air. Of course also non-smokers can produce these air eddies with their mouth 
but these remain invisible. Solely by the property of the vortex ring to bind the smoke it 
becomes visible to the human eye. 

If out potential vortex transports something then it rather should be a dielectric material, 
so preferably water. Therefore if in the environmental air we are surrounded by potential 
vortices that we can detect for instance as noise, then they are capable with their 
"phenomenon of transport", to pick up water and to keep it in the vortex. In this way the 
atmospheric humidity is explicable as the ability of the air particles to bind comparatively 
heavy water molecules. If the vortex falls apart then it inevitably releases the water 
particles and it rains. This is merely a charming alternative for the classical representation 
without claim to completeness. 

Already the Romans have made use of this phenomenon to find water and sources. About 
this Vitruv~” (from 23 BC) in his 8th book about architecture writes: "Before sunrise one 
has to lie down on the earth at the places, where to search for water,... and one has to look 
at the area... Then one has to dig at the place where there appears curling and in the air 
rising moist steam. Because this characteristic can not occur at a place where there is no 
water". The at a certain time of day and in certain seasons occasional in meadows and corn 
fields observable streaks or circular mostly moist places with differing vegetation, have to 
be judged as an infallible sign for the existence of this phenomenon. 

This phenomenon of transport again appears for the discussed water colloids. The 
involved water molecules form a spherical object with a negative charge. They turn their 
negatively charged side to the outside and point with the positively charged end in the 
direction of the middle of the sphere. There, no longer discernible from the outside, a 
negatively charged ion can be, that is stuck, that no longer can escape and that gives the 
whole colloid a characteristic property. In this way nature knows various water colloids 
that constitute plants and animals. But starting at a temperature of 41°C the liquid crystals 
fall apart. This not by chance is the temperature at which a person dies. 
Already 10 millivolts per liquid crystal suffice for the electrically induced death. 

The to a colloid identical structure we find in the structure of the atoms. Here the atomic 
nucleus is held in the inside of a vortex-like cloud of electrons, the atomic hull. We'll hit 
the phenomenon of transport a last time, when we derive the elementary particles. For the 
photon is already discernible the tendency of an elementary vortex, to take another vortex 
in its inside. Merely because the electron and positron are evenly matched a stable 
configuration is prevented for the photon. 


<i>: Vitruvius Pollio, Marcus: Ten Books about architecture, WBG 1987 
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In chapter vortex calculation used differential operations: 
field pointer (vector = bold): 
A = e- Ax + ey Ay + @- AL 
Gradient of the scalar function of position V: 
grad V = ex - dV/dx + ey - BV/dy + er - BV/bz 

Divergence of the vector A: 

divA = 85Ax/5x + dAy/dy + 5A./5z 
Curl (vortex density) of the vector A: 

rotA = ex- (8A:/dy — SA,/8z) + 

+ ey + (8Ax/5z — 5A,/ 6x) + 
_ + @z - (GAy/5x — BAx/dy) 
Laplace operator A: 
AA = 8?A/S5x? + 62A/dy? + 62A/85z2. 


arithmetic rules: 
AA = graddivA-—rotrotA 
divrotA =O 
AxB =-BxA 
div(Ax B) = BrotA-ArotB 
rot (A x B) (B gradjA — (A grad)B+ AdivB-BdivA 
Ax(BxC) = B(A-C)-C(A-B) 


* important equations are given in a box 
* new equations are underlined twice. 





Fig. 5.0: Collection of formulas for vector analysis 
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5. Derivation and interpretation 


Vortices cause big problems to every measuring technician. They have the unpleasant 
property to whirl around the sensor even if it is as small as possible. Vortices avoid the 
smallest disturbance and then can hardly be detected reproducibly. 


From the well-known eddy current we know of this problematic. Instead of the vortex, we 

are forced to measure and analyse any effects that arise from the vortex. These can be 
measurements of the eddy losses or effects back on the stimulating field. But only 
provided that the effect actually occurs. 

The prerequisite for an increase in temperature by eddy losses is that the vortex falls apart. 
In an ideal medium it unfortunately will not do us this pleasure. 


As vrtex of the dielectric the potential vortex will find fairly ideal conditions in air or in 
water. How should a vortex be detected, if it does not produce any effect? The classical 
measuring technique is here at its wits' end. 


From the duality to the well-known eddy current and by means of observation in the pre- 
vious chapters numerous properties of the potential vortex have been derived. But these 
are not all the properties. The mathematical calculation of the electric vortex field, that we 
want to turn to now, will reveal still further meaningful and highly interesting properties. 


The observation is important, but it can't replace an exact calculation. A strictly mathe- 
matical derived result has occasionally more expressiveness than a whole book full of 
explanations. It will be a big help to derive and to discuss the field equation that all 
considerations are based on. 


We facilitate the mathematical work by vector analysis. Therefore it is useful that we 
choose the differential form (equation 5.1 and 5.4) instead of the integral form (equations 


3.1 and 3.2 resp. 3.8). 
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1. Ampére’s law: 


rotH = j + 6D/ét (5.1 
with H = Hir,t) 
and Ohm’s law: j o-E (8 
dielectric displacement: D=c«-:E (3.6 
relaxation time: t1 = s/o (53 


i 


rotH = ¢- (E/t, + 6E/8t) (5. 


2. Faraday’s law of induction (extended according to duality rules 
—-rotE = B/t2 + 6B/dt (5. 

with E = E(r,t) 

and the flux density: B=u-H (3. 


-rotE = u- (H/t + d5H/6t) (5.4 
—rotrotE = u-(1/t2)-rotH + p- d(rot H)/dt (5.4 


insert equation 5.1*: 
—rotrotE = p-e- (E/tit2 + (1/t2)-d5E/dt + 


+ (1/t1) - 5E/8t + 6?E/5dt?) (5.51 

—rotrotE = AE-graddivE = AE, R 

if: div E=0O (3.7% 
abbreviation: u-e = 1/c? 


aga 2B /Se +(1 /11)-5E/8t + (1/t)-3E/at + E/tie 


a b c d e 











Fig. 5.1: Derivation of the fundamental field equation. 
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5.1 Fundamental field equation 


We'll start from Ampere's law which provides a value for the current density at any point 
pace and this value corresponds to the vortex density of the magnetic field strength 


rotH = j+8D/dt (5.1) 
Well use Ohm’s law: j= GE; (5.2) 
Me dielectric displacement: D=e-E (3.6) 
wed the relaxation time: % =e8/o, (5.3) 


Mat indicates how fast the current eddies decay. So far we can fall back upon well-known 


mahons. 
The result is: rotH = e-(E/t, + dE/8t) (5.1*) 


The new electric field vortices demand the introduction of a corresponding time constant 
tau, that should describe the decay of the potential vortices, as an extension. The extended 
Faraday law of induction now provides a potential density, that at any point of space 
corresponds to the vortex density of the electric field strength: 


—rotE = B/t. + 5B/dt (5.4) 
» ith the flux density B= eH: (3.5) 
‘ie result fulfils the required 
Yoality to equation 5.1": —rotE = u-(H/t; + SH/t) (5.4*) 
Wf we again apply the curl to equation 5.4* 
—rotrotE = u-(1/t2)-rotH + p- d(rot H)/ dt (5.5) 
©»! insert equation 5.1", we obtain: 
rotrotE = p-e-(E/tyt, + (1/t,)- SE/St + (1/1) - SE/bt+ VE/Sr) (5.5*) 


which according to the rules of vector analysis can still be further simplified: 
= rot rot E = AE - grad div E , where we should remember that the divergence has to 
vanish (div E = O. _ fig. 3.2, equation 3.7 ), should the corresponding field vortex be 
inserted! 

Furthermore the following well-known abbreviation can be inserted: 1: =1/c’ (5.6) 


With that the relation with the speed of light c simplifies to the sought-for field equation: 








\E-c? = SEC + (1/))-SE/St + (1/2)-SE/St + E/tit, 

~~ “es ns, wee 
a b e 
This equation describes the spatial (a) and temporal (b, c, d) distribution of a field vector. 
It describes the electromagnetic wave (a, b) with the influences that act damping. As 
dumping terms the well-known eddy current (c) and in addition the newly introduced 
potential vortex (d) appear. 
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Field vector:y = E, H,j, B or D 


1. elliptic potential equation: 
(stationary:t ——* o resp. 6/dt = O) 


Aw °C4°= w/tit2 





65.8) 


2. hyperbolic equation: 
(undamped wave equation) 





6.9) 


3. parabolic equation: 
(vortex equation) 


Aw:c? = (1/1) - dy/8t 
eee —— see 


a c/d 





(6.10) 


decay time of the eddy currents 
relaxation time:t; = ¢/o (6.3) 


decay time of the potential vortices 
relaxation time:t2 ~ -:o (5.11) 


Fig. 5.2: mathematically divisible individual cases. 


Derivation and interpretation 79 





5.2 Mathematical interpretation of the fundamental field equation 


Every specialist will be surprised to find the Poisson equation (a, e) again as a term in the 
wave equation. This circumstance forces a completely new interpretation of stationary 
fields upon us. The new damping term, that is formed by the potential vortices (d), is 

standing in between. 

Let us start with a mathematical analysis. We have applied the curl to equation 5.4*, then 
inserted equation 5.1* and obtained a determining equation for the electric field strength 

E. Of course we could as well have applied the curl to equation 5.1* and inserted equation 

5.4*. This would have resulted in the determining equation for the magnetic field strength 

H. 

If we insert Ohm's law (5.2) and cancel down the specific conductivity, or we put in the 
relations of material (3.5) or (3.6) and cancel down by u respectively ¢, then the field 
equation can likewise be written down for the current density j, for the induction B or for 
the dielectric displacement D. 

It just is phenomenal that at all events equation 5.7 doesn't change its form at all. The field 
vector is thus arbitrarily interchangeable! This circumstance is the foundation for the claim 
of this field equation to be called fundamental. 

It does make sense to introduce a neutral descriptive vector w as a substitute for the 
possible field factors E, H, j, B or D. 


The fundamental field equation 5.7 consists of three different types of partial differential 
equations: a hyperbolic (b), a parabolic (c and d) and an elliptic (e) type. On the left-hand 
side each time the Laplace operator (a) is found which describes the spatial distribution of 
the field factor. 

The potential equation of the elliptic type (e) is known as Poisson equation. It describes 
the stationary borderline case of a worn off temporal process (t —® ©, resp. 5/St= O). 

With this equation potentials and voltages can be calculated exactly like stationary electric 
currents (5.8). 

The hyperbolic equation (b). known as wave equation, shows a second derivative to time. 
which expresses an invariance with regard to time reversal; or stated otherwise: the direc- 
tion of the time axis can be reversed by a change of sign of t, without this having an influ- 
ence on the course of frequency. Wave processes hence are reversible. Equation 5.7 makes 
clear that a wave without damping by no means can exist in nature. For that both time 
constants (t; and t2) would have to have an infinite value, which is not realizable in 
practice. Seen purely theoretical, undamped waves could withdraw themselves from our 
measuring technique (5.9). 

Both vortex equations of the parabolic type (c and d) only show a first derivative to time. 

With that they are no longer invariant with regard to time reversal. The processes of the 
formation and the decay of vortices, the so-called diffusion, are as a consequence irre- 

versible. Seen this way it is understandable that the process of falling apart of the vortex, 

where the vortex releases its stored energy as heat e.g. in form of eddy losses, can not take 

place in reverse. This irreversible process of diffusion in the strict fhermodynamic sense 
increases the entropy of the system (5.10). 

Because it poses an useful simplification for mathematical calculations, often the different 
types of equations are treated isolated from each other. But the physical reality looks 
different. 


80 physical interpretation! 
field vector:y = E, H, j, B or D 


1. Borderline case: no conductivity (vacuum) 
(o = O; 1/ti = a/e = O): 





Aw:-c? = 6w/dt? + (1/t2)- dw/dt 
b d 
a 





(5.12) 


(damping by potential vortices) 


2. Borderline case: ideal conductivity (superconductor) 


(1/o = OO; 1/t2 = O): 


Aw: c? = dwy/st? + (1/1) - dw/dt 
oe —— 


Wye 


a b c 





(5.12*) 


(damping by eddy currents) 


3. Diffusion equation 


Aw:-c? = {1/t)-d8w/dt + w/tite 


a c/d e 





(5.12**) 
(vortex) 


Fig. 5.3: Two borderline cases of the damping of waves 
and 


the diffusion equation for the decay of vortices 
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5.3 Physical interpretation of the fundamental field equation 
In nature the different types of equations always occur in a combined manner. 


1. Let's take the concrete case of the particle-free vacuum. Here the specific conductivity 
is zero. The relaxation time constant t; = ¢/o responsible for the decay of vortices tends 

towards infinity according to equation 5.3 and the terms (c) and (e) are cancelled from the 
field equation 5.7. What remains is the by potential vortices (d) damped wave equation (b) 
(equation 5.12). 


2. The reversed case (with t2 ———® ©) will consequently occur in materials without 
resistance, super conducting materials. We now are dealing with the well-known case of 
the wave damped by eddy currents (equation 5.12*). 


Virtually all in nature existing materials however don't fulfil these boundary conditions, 
from which it follows that both damping terms always occur together and in addition the 
stationary term (e) becomes active. 

It is true that every antenna demonstrates that the electromagnetic wave is convertible in 
high-frequency alternating currents and voltages, which then are amplified in the receiver. 
But until this fundamental equation was written down it however was not understood that 
this transition takes place by means of a vortex. Used are either antennas from well con- 
ducting material, or wave guides and hom radiators, which only have a minimal conduc- 
tivity, because they are filled with air. Actually the wave can be converted in two dual 

ways; by means of the rolling up to current eddies or to potential vortices (fig. 1.4). 
Now we finally are capable to explain, why wave guides make possible a better degree of 
effectiveness: Owing to the concentration effect of the potential vortex the HF-power is 
bound in the inside and not emitted until the antenna is reached as happens for a wire for 

reason of the skin effect. 

Therefore, physically, one has to imagine this relation, which describes the transition of an 
electromagnetic wave into a vortex, in the way that the wave spontaneously can roll up to 

a vortex in case it is disturbed from the outside. The more vortices are generated, the 

larger consequently is the damping of the wave (equations 5.12 and 5.12*). 


3. The life span of the vortices is limited and is determined by the electric conductivity. 
The at first stored vortices decay with their respective time constantt. This process is 
described by the diffusion equation 5.12**. The final stage of the decaying vortices 
finally is described by the Poisson equation (a, e: equation 5.8). 


If the vortex falls apart, it converts the in the vortex stored energy in heat. These processes 
are known from the eddy current. We speak of heating losses, that the stationary currents 
cause in the conductor material. 

But new is the concept that such vortex phenomena can occur as dielectric losses in 
capacitors or in the air. The microwave oven or induction welding are good examples of 

this. 
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concentration of electrons at day / 
in the night 


2S BEES fe 





Ng 





10 10° 10° 10° 10° 10° 
concentration of electrons [e/cm*] 


Fig. 5.4: The dependency on height of the ionisation 
in the 
ionosphere for medium latitudes .~” 

left curve: fora minimum of sun spots 


right curve: for a maximum of sun spots 





<P: H.L. Konig: Unsichtbare Umwelt (Wetterfuhligkeit), 5. Aufl, Bild 6, 
Seite 11, Verlag Moos & Partner Milnchen, ISBN 3-89164-058-7 
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5.4 Phenomenological interpretation of the fundamental field equation 


How does a damping by vortices take effect in practice? First of all we notice that the 
reception of broadcastings gets worse. "The information signal is neglectable regarding 
the noise" explains the radio engineer and means, the number of vortices increases at the 
expense of the wave intensity. 

Why, does the pupil ask, is it so cold in space? There the sun shines day and night and in 

addition much more intensely than on earth! The correct answer would have to read that 
because of the extremely small conductivity no diffusion process can take place. We owe 

the warmth on our earth solely the here taking place decay of vortices. Responsible is the 
conductivity of the atmosphere. 

In 60 km to 500 km height over the earth's surface, the region which is called the 
ionosphere, the gases predominantly exist in ionized form. There a very good conductivity 

prevails and eddy current losses are the result. Correspondingly high are the measurable 
temperatures. Besides the diffusion process the eddy currents carry out a damping of the 

cosmic radiation. We say the sunlight is filtered and reduced to a for nature bearable 
intensity. 

But not all frequencies are damped in the same way (fig. 2.8). We observe a blue shift, if 

we look into the actually black sky. The blue sky doesn't show any spots or clouds. The 
reason is to be sought in the skin effect of the eddy currents, which strive outwards. Since 

no edge of a conductor is present here, no skin can form. The vortices spread evenly over 

the ionosphere. 

The potential vortex however is able to structure. It merely needs a bad conductivity and 
this it finds in lower heights between | km and 10 km. It damps the wave and with that 

also the light, for which reason we say it becomes darker, the sun disappears behind 

clouds. 


The clouds well visibly form the discussed vortex balls and vortex strings. Clouds can 

form virtually from the nowhere during intense solar irradiation, i.e. the waves can roll up 

to vortices. But as a rule this takes place above the oceans. Here also the phenomenon of 
transport has an effect. Because of the high dielectricity the water surface favours the 
formation of potential vortices. So the vortices bind individual water molecules and carry 

them away. Ifa diffusion process takes place, in which the vortex decays, then it rains. 

This can happen in two different ways: 

1. Either the conductivity increases. If for instance during intense solar irradiation air ions 
form, the sun is able to break up clouds and fog. Or when the air is raised in higher 
layers with better conductivity, because a mountain forces this, then it rains at the 
mountain edge. 

2. For potential vortices the electric field is standing perpendicular to them. If at one point 

an exceptionally lot of vortices join together, which let the cloud appear particularly 

dark to black, then the danger exists that the ionization field strength for air is reached, 

in which case a conductive air channel forms along which the stored up charges 
discharge. Also lightning is a diffusion process, in which potential vortices decay and 

rain can form. 

In connection with the electromagnetic environmental compatibility great importance is 
attributed in particular to the storage and the decay of electric vortices. There not only is 

an academic-scientific interest in the question, how many potential vortices are generated, 

how many are stored and how many decay, if we make a telephone call with a handy, if 

we are staying under a high-tension line or if we are eating food, which has been heated 

up in a microwave oven. The necessary mathematical description is provided by the 
fundamental field equation 5.7. 


84 atomistic interpretation! 





force of attraction 
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Elektron e& 





Fig. 5.5: The structure of atoms in the view of the 
fundamental field equation 


condition for equilibrium: Ni abi caught FS (5.13) 
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5.5 Atomistic interpretation of the fundamental field equation 


Let's again turn to the smaller, the atomistic dimensions. Here positively charged protons 

and negatively charged electrons are found. Both are matter particles and that means that 

seen from the outside both have the identical swirl direction. For reason of the unequal 

charge conditions they attract each other mutually and according to fig. 4.9 rotate around a 

common centre of mass as differently heavy pair. Chemists say: "the light electron orbits 

the heavy atomic nucleus". With small balls they try to explain the atomic structure. 

But the model is no good: it contradicts causality in the most elementary manner. We are 

dealing with the problem that according to the laws of electrodynamics a centripetally 
accelerated electron should emit electromagnetic waves and continuously lose energy, to 
eventually plunge into the nucleus. 

Our experience teaches that this fortunately is not true - and Niels Bohr in order to save 
his model of the atom was forced to annul the laws of physics with a postulate founded in 
arbitrariness. 

Actually this state only exists for a very short time and then something unbelievable 
happens: the electron can't be distinguished as an individual particle anymore. "It is 
smeared over the electron orbit" do certain people say; "it possesses a dual nature" says 
Heisenberg. Besides the corpuscular nature the electron should in case of its "second 
nature" form a matter wave, "the position of the electron is to be looked at as a resonance 
which is the maximum of a probability density", do explain us de Broglie and 
Schrodinger. 


These explanations can hardly convince. If the electron loses its particle nature in its 

second nature, then it also will lose its typical properties, like for instance its mass and its 

charge. but this is not the case. 

THE vortex theory provides clear and causal answers: if the electron were a ball it con- 
tinuosly would lose energy, therefore another configuration forms that does not know 
this problem. Here the phenomenon of transport takes an effect. The electron opens its 
vortex centre and takes the tiny protons and neutrons as atomic nucleus up into itself. The 
Bohr electron orbit with that is not a path anymore, but is occupied by the whole particle 
as spherical shell. This is confirmed by the not understood measurements exactly like the 
photos of individual atoms with the scanning electron microscope. 

But now an electron does in its inside have the opposite swirl direction as the proton seen 

from the outside. As a consequence a force of repulsion will occur, which can be 
interpreted as the to the outside directed current eddy, the force of attraction for reason of 

the opposite charge works in the opposite direction and can be interpreted as the potential 

vortex effect. 

If both vortices are equally powerful: yj =% (5.13) 

or if both forces are balanced, as one usually would say, then the object which we call an 
atom is ina stable state. 

It probably will be a result of the incompatible swirl direction, why a very big distance 

results, if the electron becomes an enveloping electron. On such a shell not too many 
electrons have room. Because of the rotation of their own, the electron spin, they form a 
magnetic dipole moment, which leads to a magnetic attraction of two electrons if they put 

their spin axis antiparallelly. 

As a "frictionless" against one another rotating pair they form two half-shells of a sphere 
and with that occupy the innermost shell in the hull of an atom. If the positive charge of 
the nucleus is still not balanced with that, then other electrons is left only the possibility to 
form another shell. Now this next electron takes the whole object up into itself. The new 
shell lies further on the outside and naturally offers room to more as only two vortices. 
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approach: 
| E (r,t) mae (r,t) “ig | 
with @ = lft = (1/ti + 1/12)/2 


we insert the approach 5.17 and its derivations: 


6E/St 


-o@-yw-e + (Sy/5t} -e** (6.0 
8E/d5t?2 = o2- y-e°-2a- (Sw/dt) - et + (Sy /St2)-e° (5.17 


into the fundamental field equation 5.7: 


AE - c2 = 8B/8t2 + (1/11) - 8E/8t + (1/2) - 8E/8t + E/tit 
and divide by e™: 


Aw:c2 = w/tite (a) =| 
—@-wy- (1/ti+ 1/ta) (c,. 
+ (1/t1 + 1/t2) - dw/St (c, 
+ w?- yw — 2@dw/dt + 52y/St? ] 


insert the frequency according to equation 5.18: 
Aw:c? = w/tit2 (a) 
— (w/2) + (1/t1 + 1/2)? (c, 
+ (1/ti+ 1/t2) - dy/dt (c, 
+ (w/4) - (1/t1 + 1/t2)? 
— (1/ti+ 1/t2) - Sy/St + 52y/dt? 


summarized with equation 5.18: 


Ay: c? = w/tita- @?- yt d%y/dt? 


Fig. 5.6: Derivation of the Klein-Gordon equation (5.20) 
from the fundamental field equation (5.7) 
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5.6 Derivation of the Klein-Gordon equation 


The valid model of the atom today still raises problems of causality, as has been 
explained. An improvement was provided by an equation, which was proposed by the 
mathematician Schrodinger 1926 as a model description. This equation in this way missed 
the physical root, but it nevertheless got international acknowledgment, because it could 
be confirmed experimentally. Looking backwards from the result then the physical 
interpretation of the probability density of the resonance of the waves could be pushed 
afterwards. 


i-h- dw/dt = U- w—(h’/2m)- Ay (5.14) 


The Schrodinger equation is valid for matter fields (of mass m), while the interaction 
with a outside force field the energy U indicates. It can be won from a wave equation by 
conversion, which possibly is the reason why it usually is called a wave equation, 

although in reality it is a diffusion equation, so a vortex equation! 

For the derivation Schrodinger gives the approach of a harmonic oscillation for the 
complex wave function: 


wrt) = g(r)" | (5.15) 


if the entire time dependency can be described by one frequency f = Wh 
(de-Broglie relation): @ = 2nf = W-2n/h = W/k (5.16) 


The high-put goal is: if the structure of the atom is determined by the fundamental field 
equation 5.7 then one should be able to derive the experimentally secured Schrodinger 
equation and to mathematically describe the discussed special case. Also we select at first 
an approach periodic in time: 





E (rt) = wirt)-e (6.17) 


with @ = Wt = (1/4, + W/t,)/2 . (5.18) 

We insert the approach 5.17 and its derivations into the field equation 5.7 and divide by 
the damping term e™: 

= w/tyt, — Ow: (1/t + I/t2) + (1/t, + I/t2)- (Ow/St) + 

+ @-w — 2wdwist + Swidt (5.19) 

If as the next step the angular frequency according to equation 5.18 is inserted, then 
summarized the provisional intermediate result results: 





Ay:c = w/t, — @ w+ Swi/dt | (5.20) 








The derived equation 5.20 represents formally seen the Klein-Gordon equation, which is 
used for the description of matter waves in quantum mechanics and which particularly in 
the quantum field theory (e.g. mesons) plays an important role. Even if it often is regarded 
as the relativistic invariant generalization of the Schrodinger equation, it at a closer look is 
incompatible with this equation and as "genuine" wave equation it is not capable of 
treating vortex problems correctly, like e.g. the with the Schrodinger equation calculable 
quantization of our microcosm. 
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Schrédinger approach wy(r,t) = $(r)- eit (5. 


with: f = W/h; de-Broglie relation: 

@ = 2nf = W:-2n/h = W/k 6. 
the derivation: 

by/dst = -io-y 
rewritten for w: 

y = (i/@) - dy/dt (6. 
2. derivation: 

Sy /St? = -io- dy/dt 6 
inserted in equation 5.20: 


Ay -c? = w/tit2 —-2ia@- dy/dt (5, 


= sought-for Schrédinger equation (usual notation): 


i-h- Sy/st = U-w-(h?/2m)- Ay 6. 


comparison of coefficients is needed: 
Einstein relation (with the speed of light c): 


with (5.16): W = m-c? = o-&8 (63. 
coefficient of the 
imaginary part: —-2io = 2(@/i) = 2mc?/ih (5. 
comparison of coefficients 
for the ! 
real part: 1/tita2c? = U-2m/# (5. 
kinetic energy of a particle moving with the speed v: 
%-m-v? = W-U (5. 

v = group velocity of the matter wave: 

v = hf/me = bo/me (5. 
Eq.5.27: U = W - %-m-(B@/ mc)? (5.2 


Eqg.5.24: W=0-h; (ho@/mec) = c; resp.: m/Bk = w/c? 
In eq.5.27* the sought-for coefficient reads (according to eq. 5.2¢ 

U:2m/H = 2@/c?h-[o-h-% -m- c?] 
= 2@/Ch-[@-h-%-@-h) = (w/c)? (5 











Fig. 5.7: Derivation of the time dependent Schrodinger equation 
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5.7 Derivation of the time dependent Schrodinger equation 








| wirt) = o(r)-e'*' |, (5.15) 
ES Se sad 
by/st = -i@-y, bzw. w = (i/@) - dw/St (5.21) 
Swit? = —iw- dy/st (5.22) 


The for a harmonic oscillation won relations according to equation 5.21 and 5.22 are now 


inserted into equation 5.20: 
Ay = w/t,t2-2i@ + dy/dt 


This is already the sought-for Schrodinger equation, as we will see in a moment, when 
we have analysed the coefficients. Because, besides equation 5.16 for the total energy W, 
also the Einstein relation is valid (with the speed of light c): 


W = m-cC=a@-h , (5.24) 





we can replace the coefficients of the imaginary part by: 
2(@/i) = 2me*/ik (6.25) 


To achieve that equation 5.23, as required, follows from the Schrodinger equation 5.14, a 
comparison of coefficients is carried out for the real part: 


' 


1/t)1)¢? = U-2m/h* |(5.26) 





If thc kinetic energy of a particle moving with the speed v is: 
% »-m-v?= W-U , (5.27) 


then acccording to De Broglie this particle has the wavelength h/mv. The consideration of 
the particle as matter wave demands an agreement with the wave length c/f of an electro- 
magnetic wave (with the phase velocity c). The particle hence has the speed v, which 
corresponds with the group velocity of the matter wave: 

v = hf/mc = ko@/mc, (5.28) 
if we insert v into equation 5.27 : 

U = W-% -m(ho/me) (5.27*) 

According to equation 5.24 on the one hand the total energy is W = w « h and on the 
other hand the relation 5.28 gives (h@/me) = c  resp:m/kh = @/¢ 

Inserted into equation 5.27* the sought-for coefficient reads (according to eq. 5.26): 

U-2m/#= 2@/ch-[o-h — 4 -m-c7] 


= 20/Ch-[o-h - %-o-h] = (o/c)? (5.29) 
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comparison of coefficients 5.26 is fulfilled if: 
! 
1/titgc? = U-+2m/h? = (w/c)? (5.3 


the angular frequency is given by equation 5.18. Therefore has | 
be valid: 


! 
1/tit2 = % (1/ti+ 1/72)? (5. 

resp.: ! 
ji/ut2 = % (1/t1+1/t2) (5.3 


arithmetic average = geometric average, if: 
1/t1 = 1/te and: Ti Fate (5. 


is valid. Eq. 5.23 is divided by c? and 
eqs. 5.30 and 5.25 are inserted: 


Aw = U-w- (2m/?) + (2m/ik) - sy/dt (5.14 


= time dependent Schrédinger equation 5.14. 


replace dy/dt acc. to eq. 5.21 with @ = W/h acc.to eq. 5.24: 
Ay = U-w- (2m/h?) + (2m/ik)-y- (i): W/k (5.3 
Schrédinger approach 5.15 for the function of position 9(r): 


Ag = (U2m/h? - W-2m/h2)- 6 6: 


Ab = —2m/h? (W - U)-6 (5: 


= time independent Schrédinger equation. 





Fig. 5.8: Derivation of the time independent Schrodinger equation 
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5.8 Derivation of the time independent Schrodinger equation 


The goal is reached if we are canable to fulfil the comparison of coefficients 5.26: 


U-2m/# = (o/c = 1/1 ne (5.30) 


The angular frequency w is given by equation 5.18. Therefore has to be valid: 
! 
Yq (1/ty+ Wt) = 1/2, t2. (5.31) 
! 


Mo +(I/t,+1/t)) = 1 /tit2 (5.32) 


As is well-known the arithmetic and the geometric average only correspond in case the 
variables are identical. In this case, as already required in equation 5.13: 


T = 7. (5.13) 


has to hold. 

From this we can draw the conclusion that the Schrodinger equation is just applicable to 

the described special case (according to eq. 5.13), in which the eddy current, which tries 

to increase the particle or its circular path and the potential vortex, which keeps the atoms 
together and also is responsible for the stability of the elementary particles, are of 
identical order of magnitude. 


Asa check equation 5.23 is divided by c” and equations 5.30 and 5.25 are inserted: 





This is the time dependent Schrodinger equation 5.14 resolved for Aw. 


Next we replace Sw/St according to equation 5.21 with @ = W/f acc. to equation 5.24: 


Aw = U-w- (2m/#*) + (2m/ik)- yw: (i) - W/8 (5.33) 

If we separate the space variables o(1r) from time by the Schrodinger approach 5.15 we 

obtain: - 

Ao = (U2m/# — W-2m/k)+6 (5.34) 

This quation 5.34 for the function of space coordinateso(r) is the time independent 
Schrodinger equation: 





Eg = -2m/h(W-U)-o | (6.35) 





The solutions of this equation which fulfil all the conditions that can be asked of them (of 
finiteness, steadiness, uniqueness etc.), are called eigenfunctions. The existence of 
corresponding discrete values of the energy W, also called eigenvalues of the Schrodinger 
equation, are the mathematical reason for the different quantum postulates. 
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ls m=0 2p m=l 
3d m=1 3d m=0 
4f m=1l 
3p m=0 4d m=2 
Sf m=2 Sf m=1 
Fig. 5.9: 


densities for 


Interpretation of the Schrodinger equation 





Photographs of models of the probability 


different states of the hydrogen atom. 
The densities are symmetrical if rotated around the 


vertical axis” 


taken from: 





<i>: 


AVG, Frankfurt a. M. 1971, P. 190. 


U.  Gradmann/H. 


Wolter: Grundlagen der Atomphysik, 
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5.9 Interpretation of the Schrodinger equation 


The interpretation of the Schrodinger equation is still disputed among physicists, because 
the concept of wave packets contradicts the corpuscular nature of the elementary particles. 
Further the difficulty is added that wave packets at a closer look never are connected, run 
apart more or less fast, and really nothing can hinder them doing that. But for a particle the 
connection represents a physical fact. Then there can be no talk of causality anymore. 
The monocausal division into two different levels of reality, in a space-timely localization 
and in an energetic description, does not represent a solution but rather the opposite, the 
abolition of the so-called dual nature. As has been shown, the potential vortex is able to 
achieve this with the help of its concentration effect. 

But from the introduction of this new field phenomenon arises the necessity to interpret 
the causes for the calculable and with measuring techniques testable solutions of the 
Schrodinger equation in a new way. Laws of nature do not know a possibility to choose! If 
they have been accepted as correct, they necessarily have to be applied. 


Three hundred years ago the scholars had an argument, whether a division of physical 
pheomena, like Newton had proposed it, would be allowed to afterwards investigate 
them in the laboratory individually and isolated from other influences or if one better 
should proceed in an integrated manner, like for instance Descartes with his cartesian 
vortex theory. He imagined the celestial bodies floating in ethereal vortices. 
One absolutely was aware that the whole had to be more than the sum of every single 
realizaton, but the since Demokrit discussed vortex idea had to make room for the 
overwhelming successes of the method of Newton. And this idea after 2100 years was 
stamped, to in the meantime almost have fallen into oblivion. 

Today, where this recipe for success in many areas already hits the limits of the physical 
possibilities, we should remember the teachings of the ancients and take up again the 
vortex idea It of course is true that only details are calculable mathematically and that 
nature, the big whole, stays incalculable, wherein problems can be seen. 

If we consider the fundamental field equation 5.7, we find confirmed that actually no 
mathematician is capable to give a generally valid solution for this four-dimensional 

partial differential equation. Only restrictive special cases for a harmonic excitation or for 

certain spatial boundary conditions are calculable. The derived Schrodinger equation is 

such a case and for us particularly interesting, because it is an eigenvalue equation. The 
eigenvalues describe in a mathematical manner the with measuring techniques testable 
structures of the potential vortex . 

Other eigenvalue equations are also derivable, like the Klein-Gordon equation or the 
Lionville equation, which is applied successfully in chaos theories. So our view opens, if 
chaotic systems like turbulences can be calculated as special cases of the same field 
equation and should be derivable from this equation. 

The in pictures recorded and published structures, which at night should have come into 

being in corn fields, often look like the eigenvalues of a corresponding equation. The ripe 

ears thereby lie in clean vortex structures flat on the soil. Possibly potential vortices have 

charged the ears to such high field strength values that they have been pulled to the soil by 

the Coulomb forces. 


4 proof 


Consequences resulting from the derivation of the Schrodinger 
equation from the fundamental field equation 5.7: 





The relation between the energy of oscillation and the mass is 
described by the relation named after Albert Einstein 


E=me" ; (6.1 = 5.24) 


Fig. 6.1: Derivation of the Schrodinger equation, 
power of proof and consequences 
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6. Theory of objectivity 


6.1 Proof 


A new theory only has chances on acknowledgment if it is provable. For that physical 
phenomena in the sense of the new theory are calculated and independently of this 
experiments are being carried out. If the calculations are confirmed by reproducible 
measurement results, then with that the correctness of the approach is proven. 

In the here presented case we have chosen the field-theoretical approach instead of the 

usual quantum physical approach. As a consequence of this we had found as a new 
phenomenon the vortex of the electric field. With regard to the normally used Maxwell 

theory this resulted in changed field equations in a dual formulation. If both equations, 

each of which describes a source-free vortex field, are inserted into each other the result is 

an only in time and space formulated, generally valid and hence fundamental field 
equation (5.7, fig. 5.1). 

This equation has many special cases; one of them, the Schrodinger equation, could be 
derived by using an approach which was harmonic in time. We renounced to give special 
solutions of the Schrodinger equation, because these are printed in numerous text books. 
On the other hand experiments are known, which are capable to confirm the theoretical 
solutions and thus to prove the Schrodinger equation. The eigenvalues of the equation 
describe for instance the shell-shaped structure of the atoms with the by Niels Bohr given 
radii. 

Now this already proven equation was derived from the new field-theoretical approach. 
Thus for the special case, the area where the Schrodinger equation is valid, the new theory 
can be said to be proven (fig. 6.1). 

We still are not content with that and put another stone on top: we will calculate the 
quantum properties of the elementary particles for ourselves. These until now have only 
been measured. Today is merely sought for symmetries and for models of explanation, like 
e.g. the quark-hypothesis. From a calculation science is miles and miles away. We will 
compare the calculation results with the measurement values. Then everyone can check 
and compare for him or herself. 

The conditions in an elementary particle are completely different. Here it concerns the 
vortex itself, whereas the model of the atom merely describes vortex properties, so-called 
actions at a distance. The differences in size and distances for an atom lie more than five 
powers of ten over those of a particle! 

Here a new problem of causality comes to light, at which we now must have a critical 
look: the question of the by Einstein postulated constancy and universality of the speed of 
light. Seen from a relativistic and subjective point of view of an observer, Einstein by all 
means may be right. But may such a theory be generalized? How are the measurements 
concerning the speed of light and the relativity of space and time to be judged when 
looking at them objectively? 

The current measurements of speeds faster than light speak a clear language and represent 
a challenge (fig. 3.1, violation of the principle of causality no. 5). 
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The electron as a spherical capacitor (see fig. 4.3): 


with circumference 


U = 2nr~c 


is valid: 





field theoretical approach (vortex particles): 

The amount of energy bound in the inside of the particle is identical 
with the free and measurable amount of energy on the outside of 
the particle. 





(if the number of particles is left unchanged): 
In an isolated system the sum of the energy is constant 





(particle = electromagnetic vortex) 
Energy is a state description of electromagnetism. 





Fig. 6.2: Derivation of the law of conservation of energy 
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6.2 Law of conservation of energy 


Let the starting-point for our considerations be the electromagnetic wave in a particle-free 
vacuum. Here no vortices appear, so that the plane wave can propagate undamped with the 
speed of light, and in this way a transport of energy takes place. Electric and magnetic 
energy each are the same magnitude. 

Let's now imagine the symmetry is disturbed as the wave is "slowed down" on one side. 
As a possible result the wave rolls up to a spherical vortex. 

As we will see such a process is possible, for instance at impact on a strong field. Thus 

part of the energy is bound in the inside. This part from now on withdraws itself from 

every possibility to measure it. We can only measure the second part of the field energy, 

with which the particle interacts with its neighbourhood. 

We can assume that: 





The amount of energy bound in the inside of the particle is identical with the free and 
measurable amount of energy on the outside of the particle. 


The same energy W. = 0,51 MeV, we attribute to the electron for reason of its mass with 
the help of the Einstein relation (6.1), is also bound in its inside. This conclusion is also 
applicable to other elementary particles and with that to all matter. 

We here again recognize the principle of the duality between the to the outside striving 
eddy current in the inside of the elementary vortex and the concentrating potential vortex 

on the outside. Thus also seen energetically both are of the same magnitude. 
Whereas in the case of the electromagnetic wave it concerns a symmetrical oscillation 
around "zero", by the process of quantization, by the rolling up to a spherical vortex, there 
forms an energetic state of space different from zero. The order of magnitude is 
determined by the number of elementary vortices, of which the particles and all matter 
consist. 

Anti-matter forms the opposite energetic state and this again is for the particles of matter 
available in their inside in a bound form. 

As long as we do not artificially produce new elementary vortices and thus keep the 
number of available vortices constant, the energetic state will not change, or as it is 
formulated in text books: 





In an isolated system the sum of the energy is constant. 





THE law of conservation of energy is not an axiom, but follows without compulsion from 
the vortex theory. It is not elementary, but a consistently derivable consequence of the 
field-theoretical approach, according to which solely the field acts as cause for all other 
physical phenomena, also for the conservation of energy! Because the cause of it is the 
electromagnetic field, the following has to hold: 





Energy is a state description of electromagnetism. 


Now we finally can explain why energy can be converted. Different forms of energy only 

are different forms of formation of the same phenomenon! 

Of course this statement of the field-theoretical approach does not yet explain what, for 
instance, the temperature has to do with electromagnetism. I ask for some patience; no 

question will be left unanswered. 
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From 


[Obed 6 (6.2) 


follows: 


The speed of light determines the size of the elementary particles. 


Energy of a capacitor: 





W =, 

written down for the electron (with the Einstein relation): 
We = e?/Ce = mec? = 0,51 MeV 

Capacity of a spherical capacitor: 

Ce = £0: 4nre 

"classical" radius of the electron“* is: 

Te = e?/&0- 4 - We (65) 


tre = 2,82°10'>m (6.6) 





<ii> 


in the case of Kuchling™”” the radius of the electron is: 





(j= 1Al*10" m, 7) 





Fig. 6.3: Calculation of the radius of the electron. 


<i>: Mende, Simon: Physik, Gl. 10.39, VEB-Leipzig, 4. Aufl. 
<ii>: Kuchling: Physik, Gl. At4, VEB-Leipzig, bis einschl. 11. Auflage 1974 


(6.3) 


(6.1) 


(64) 
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6.3 Radius of the electron 


For the crucial process, in which the electromagnetic wave rolls up to a vortex, it is for 
reasons of continuity to be expected that the velocity of propagation remains equal that 
thus for the vortex oscillation exactly like for the electromagnetic wave the speed of light 
is determining. The direction of propagation in the case of the vortex takes place 
perpendicular to the in fig. 6.2 shown field direction of the electric field strength. Not even 

in that both field-phenomena differ. 

Summarizing: the propagation takes place with the speed of light c along a circular path 
with the perimeterU = 2r.Therefore holds: 


c~T |(6.2) 


According to this equation the radius and with that the size of the electron is determined 
by the speed of light. Therefore the question of the size of the electron is raised. 








The energy interpretation predicts that for the theoretical case of a change of size the 
energy density in the inside of the particle is influenced that however the quantity of the 
included energy remains unchanged. We therefore can further proceed from the 
assumption that the bound amount of energy is independent of the size of the particle! 


Consequently for the elementary quantum the energy W. = 0,51 MeV is assumed, which it 
has acccording to the Einstein relation W, = m,c”. For the electron of mass m, the with 

measuring techniques determined value is inserted. 

The spherical electrode of a spherical capacitor with the above given energy W, 
(according to eq. 6.1) and the capacity C, (according to equation 6.4, fig. 6.3) represents a 

very realistic model of the negatively charged particle. 

In this manner the classical radius of the electron is calculated to be~”: r, = 2,82*10 “> m. 


But in the case of Kuchling it only is half this size“"”, what according to equation 6.2 
would mean that in the case of Kuchling the light would be on the way only half this 
fast “"’. Therefore if one is careful, one prefers to be silent concerning this delicate theme 
and if one is honest, one admits not to know anything exact. 

Not only the electron but also all the other elementary particles are according to the field- 
theoretical approach formed from concentrated potential vortices. For these equation 6.2 
hence has to hold in the same manner, so that more generalized we can conclude: 





The speed of light determines the size of the elementary particles. 





This statement is incompatible with the assumption of a constant speed of light! Because 
then all elementary particles would have identical size. As is known, however, are the 
building parts of the atomic nucleus, the protons and neutrons very much smaller than 
individual electrons. The constancy of the speed of light is to be questioned. 
This question is of such an elementary importance that we are not content with these 
considerations and in addition undertake a mathematical derivation in the sense of the 
field approach. 


<iii>: Difference = Thomas factor 
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The Maxwell laws, source free (figures 3.2 and 3.3): 


DivD=0O (3.7) and DivB=0O (3.3) 


Faraday’s law of induction| and Ampeére’s law q 
E=E(r,t) with 1/t2=0: H = H(r,t) with j= Oresp. 1/11 =0 


rot E = - 6B/dt (5.4) rot H= 8D/ét (5.1) 


with: B=u-H  (55)| and D=¢-E 3.6 


if we again apply the curl to equation 5.4 and insert equation 5.! 
(cf. fig. 5.1, €q. 5.5): 





-rotrotE = p- rot H)/st = np: e- &E/&t? (5.5 
thanks to missing divergence: divE=O (3.74 
(fig. 5.2): 
= wave equation: AE. c? = 8E/8t2 (5.9% 
with the speed of light c: n-s = 1/c? (5.6) 
Hertz’ wave — transverse wave — plane wave with: 
direction of propagation: (6.8) 
curl operation (in y-direction): with equation 5.4: 
rotE = -—dE/dx = -dB/dt (6.9 
with 6.8: dE = (dx/dt)-dB = v-dB (6.9%) 


or generally: (6.10) 


Fig. 6.4: Derivation of the laws of transformation 


<i>: Prof. G. Bosse in his text book in reversed direction derives the Faraday law 
of induction from the law of transformation 6.10, which he again derives 
from considerations about the Lorentz force. G. Bosse, Grundlagen der 
Elektrotechnik II, BI 183, Hochschultaschenbucher-Verlag, Mannheim 1967 
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6.4 The Maxwell field equations 


The laws of transformation of the electromagnetic field shall form the starting-point for 
the coming up considerations. To exclude any doubts with regard to the interpretation, the 
equations will be derived from the Maxwell laws under the assumption that no sources or 
charge carriers are present (fig. 3.2 and 3.3) and as a consequence no current density (Gj = 
0) is to be expected. 
This corresponds to the vanishing of the time independent terms, which consequently are 
responsible for the occurring of force effects like e.g. the Lorentz force. Only at the end of 
this derivation we can understand the sense of this assumption (with I/t;= 0 and 1/t= 0). 
The procedure at first corresponds to that of fig. 5.1. Here the fundamental field equation 
had been derived from Faraday's law of induction and Ampere's law. With the 
assumptions made this time the in fig. 5.2 treated undamped wave equation is left (5.9, 
here 5.9*). Whom the derivation is still present can go in at this point. 

In asufficiently great distance from the source we are dealing with a plane wave, in which 

the field factors only depend on the direction of propagation x. The Hertz’ wave is a 
transverse wave, in which the field pointers oscillate perpendicular to the direction of 
propagation and in addition stand perpendicular to each other: 











dxdt | (68), E=E,, D=D,, H=H,, B=B, (6.8*) 
The curl, applied to the electric field pointer, itself points in the y-direction: 
rot E = - dE/dx . This for the transverse wave carried out curl operation is now 


compared with Faraday's law of induction (5.4): 
rotE = -dE/dx = - dB/dt (6.9) 


The relation won in a mathematical way, with the speed fixed by (6.8), reads: 
dE =(dx/dt)*dB = v*dB (6.9*) 


The result of this derivation at first only is valid for the introduced simplification, for 
instance for the case of the transverse electromagnetic wave. Better known is apart from 
that the generalized formulation, which among others by G. Bosse“ is called law of 
transformation. 


| E = vxB (6.10) 


With Ampere's law (5.1) we now should proceed in an analogous manner. The result is: 


H =-vxD |(.10*) 


This equation 6.10* is given among others by Simonyi"’. Now that we know, under 
which circumstances these equations of transformation can be derived from the Maxwell 
equations, the actual work can start. 


ii 





<ii>: K. Simonyi, Theoretische Elektrotechnik, 7. Auflage VEB Verlag Berlin 1979. 
pp. 921 - 924; In addition see chapter 27.8 in part 3 of this book. 
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Laws of transformation: 


vx u-H (6.10) 


—-vx e:E (6.10*) 





and 





We experience the magnetic field as an electric field 
and the electric field as a magnetic field 
simply and solely for reason of the same relative motion! 


The component of the direction of motion perpendicular to the 
area defined by the field pointers: 


E = v-u-H 
and 
H =-v-e-E 


with the relations of material: 
B=u-H 
D=c6-E 
with the speed of light: 


c= 1// p-e 


additional field: 


BE, = -—v?-p-e-E = — (v2/c?)-E 
resp. 

Hz = -v?-e-u-H = —(v2/c?)-H 
basic field: E resp. H (atv =O) 





measurable overall field: (if v + O) 





E, = E+E, (6.13) 
resp. 
Ho= H+H, (6.13*) 
Fig. 6.5: Properties of transformation of the 


electromagnetic field. 
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6.5 Equations of transformation 


As a consequence of the in fig. 6.5 again written down laws of transformation of the 
electromagnetic field (6.10 and 6.10*) magnetic phenomena can be traced back to electric 
phenomena and vice versa. The mathematical formulation reveals us the two sides of the 

same medal and points to a perfect duality between both fields and their factors of 
description. 

Because a way exists, as is shown here, in which the equations of transformation can be 
derived from the Maxwell field equations, the same generally valid and extensive 
importance should be attributed to them. They can with the same right be called the 
foundation of electromagnetism. Wherein does lie its message for physics, the always 
curious researcher will ask? For that the relations of material 3.5 and 3.6 are completed: 





E = vxu-H | (6.10) und H =-vxe-E |. (6.10*) 
The here presented equations state, that we measure an electric field strength E, if we are 
moving with regard to a magnetic field H with the speed v and vice versa. 
The electric and the magnetic field therefore prove to be an experience of the observing 
person and we can say: 





We experience the magnetic field as electric field and the electric field 
as magnetic field simply and solely for reason of the relative motion! 


Let's assume, v is the component of the relative velocity (6.8), which stands perpendicular 
to the area defined by the field pointers (6.8*), then the equations of transformation (6.9* 
with 3.5) now read: 


E = v-p-H(@11) and H=-—v-e-E. (6.11*) 


If we are moving with the velocity v in a basic field which is present with the field 
strength E, then according to equation 6.11* we observe a magnetic field, which again 
according to equation 6.11 is to be interpreted as an additional electric field E,: 


E, = -v’-p-e-E = —(y/c?)+E (6.12) 


In duality equation 6.11 inserted into equation 6.11* provides for the magnetic field 
strength a corresponding additional field H,: 


H, = -V-+p-e-H = -(v¥/c*)-H (6.12*) 


W e obviously owe the measurable overlap fields in a laboratory simply and solely to the 

relative velocity v with which the laboratory is moving. But now we must pay attention to 

the fact that a terrestrial laboratory rotates along with the earth, that the earth orbits the sun 

and the sun again rotates around the centre of the milky way. Eventually the whole milky 

way is on the way in the cosmos with a galactic, for us hardly understandable speed. If we 

further take into consideration that for every subsystem an additional field occurs as a 
consequence of the relative motion with regard to the super ordinate system, then one 
additonal field follows after the next and overlaps this one. 

Let's imagine, the relative velocity could be reduced towards zero - and maybe we are 
moving around such a cosmic point - then here no overlapping field would be measurable. 


<*>; A derivation using vectors is written in chapter 28 (part 3). 
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Additional field (from fig. 6.5): 





(6.12) EZ — (v?/c?) - E | and 
(6.12*) 
H. = —(v2/c?)-H 


| 





Superposition of the fields: 
The additional field (E, resp. H,) overlaps the basic field 
(E resp. H) to produce the measurable overall field (Eo resp. Ho): 





(6.13) Eo = E+E; = E-(1-—v2/c%)| 6134 


Ho 


H+H,z = H- (1 —v2/c?) 








transformed: 
v2 Eo Ho 
) = = 
Cc? EB H 
(6.14) 


for the Lorentz contraction holds apart from that: 

















v2 1 
(6.14*) (1- iin BE }? 
Cc? lo 
From the comparison 
Follows 
(6.14**) 
Eo Ho 
= = ( )? 
E H lo 


the proportionality: 





E,H ~ 1/2 


and Eo, Ho ~ 1/1o? (6.15) 





Fig. 6.6: The field dependency of the Lorentz contraction 
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6.6 Field overlap 


Field vectors can be superpositioned. In this manner the additional field E, resp. H, which 
depends on the velocity, according to equation 6.10, overlaps the respective basic field (E 
resp. H) to produce the measurable overall field (Ep resp. H,): 


= E+E, = £-()-vie) (6.13) 





Hp = H+H, = H:(1-v7/’) (6.13%) 


In the result something surprising the factor (I-v’/c*) appears, which is well-known from 
the special theory of relativity and for instance appears in the Lorentz contraction. 
If we rewrite both equations for the characteristic factor and compare with the in a purely 
mathematical way, over the Lorentz transformation, won length contraction 
(i - v’/c’) = (Wo) , then it becomes clear that the Lorentz contraction physically seen 
should have its cause in the changed field conditions which a with relativistic speed 
moving body finds with regard to a resting body. 

Vv Eo Hp ! | 2 
1-—~— = = tt -)° (6.14) 

Cj E H lo 
The equation is a compulsionless consequence of known physical laws. In this derivation 
actually no new factor was introduced and nevertheless a completely new picture for the 


<p 


natural scientific reality results”. 





In our observer system, where the field E, exists, a rule has its proper length lp. In another 
system, which is moving with the speed v relative to the observer, as a consequence of the 
here prevailing field E the corresponding rule has a length 1. In which relation the factors 
stand to each other, is described by equation 6.14. Accordingly the following 
proportionality holds: 


| E.H ~ 1/? Jand | Eo. Hy ~ IW? (6.15) 


If we are exterior to a very fast moving body with velocity v, we immediately can observe 
how this body for reason of its relative velocity experiences the calculated additional field 
and in this way experiences a length contraction. If the observer is moving along with the 
body, then he purely subjective seen doesn't detect a length contraction, because he 

himself and his entire measuring technique is subjected to the same length contraction. 
From the axiomatic approach what would be, if the field, which itself only represents an 
experience, would determine perceptible space and its dimensions, quickly a fundamental 
realization can develop if the described experiences should coincide with real 
observations. 








<i> : Because in this point of view the subjective status of the observer is determining, 
it is not completely impossible that there is an error in the interpretation of the 
equations of transformation (6.10 and 6.10*). But because we started from the same 
point of view of the observer for the derivation of the length contraction from the 
Lorentz transformation, here the same error is to be expected. In putting both results 
equal (6.14), a like constituted error on both sides will cancel out in any case and the 
result stays above all doubts! 
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E,H ~ 1/2 | and | Eo Ho~ 1/ lo? (6.15) 


Ss 


Two particles of matter each in the field of the other particle. 










Two elementary particles or two accumulations of matter 
consisting of these are able to reduce the distance to each 
other for reason of their fields, which we interpret as a 


force of attraction. 


@ Uranus 





Venus & : e os 
Erie 


* Sonne 
Merkur® 


& Jupiter 
@ Mars 


Saturn AE ? 


B: (Example): The orbits of the planets in the field of the sun. 


Fig. 6.7: The influence of the field on interactions. 
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6.7 Field dependent curvature of space 


Let's assume, an accumulation of matter, as big as our earth, wanted to fly past the sun in 
the distance earth-sun. But it would not succeed. Because the fields arising from the sun 
decreases with increasing distance and according to equation 6.15 as a consequence the 
size of the particles of matter increases. The planet hence is more strongly contracted on 
its side turned towards the sun, as on the turned away "night side". It bends towards the 
sun and its flight path becomes a circular path around the sun. That is the interaction 
known as gravitation! 


To an earth inhabitant this curvature reveals itself merely in the observation that the 
duration of sunshine at daytime is longer, than it would be expected to be under the 
assumption of the earth as a homogeneous sphere. In this context one willingly speaks of a 
curvature of space. Actually it is a curvature of matter under the influence of the field 
dependent length contraction. 

Exactly this contraction the planets owe their circular orbits around the sun and by no 
means the equilibrium of forces between the force of attraction and the centrifugal force 
(fig. 6.7 B). It obviously is a fundamental mistake to think that gravitation would causally 
be connected with a force effect! 

If, in this context, we speak of a force of attraction for the sake of our subjective 
observation, then we must realize that it merely can concern an auxiliary term founded in 
usefulness. 


A thought experiment should bring us clarity (fig. 6.7 A). The field, which surrounds 
every particle of matter, reaches till infinity but becomes less effective with increasing 
distance. If the distance between two particles is 1, then one particle is in the field of the 
other particle. As a consequence of the field the length 1 reduces and in this way the size 
determining field increases, which again leads to a further reduction of length etc. As a 
consequence it can be observed that both particles are moving towards each other. We 

speak of a force of attraction, because we can't register the influence of the field with our 

senses. 

In this way the consistent result that we and our environment at daytime must be smaller 
than in the night will as well remain hidden. We experience the effect only indirectly as 
gravitational pull of the earth. 


Because we don't see the cause of a subjectively observed force effect, for the 
electromagnetic interaction, just as for the gravitation, the field dependency of the length 
contraction will be responsible. Hence the following conclusion holds for both interactions 

equally way. 





Two elementary particles or two accumulations of matter consisting of these are able to 
reduce the distance to each other for reason of their fields, which we interpret as a force 
of attraction. 





Now the question still is open, why gravitation only knows forces of attraction, whereas 
the electromagnetic interaction also permits forces of repulsion and which are the causal 
fields for each. 
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A: The field lines of the E-field for unlike charged particles 
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B: The field lines of the E-field for equal charged particles 
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The electromagnetic interaction of a particle is a result of 
the influence of the open field lines arising from it on _ the 
dimensions of space. 





Fig. 6.8: The influence of the open field lines of the E-field 
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6.8 Electromagnetic interaction 


A convincing answer to the open question provides us the analysis of the course of the 
field lines, on the one hand for charged particles and on the other hand for uncharged 
particles, which do not participate in the — electromagnetic interaction. 
If at first we consider electrically charged particles, like e.g. electrons, protons or ions. 

Then all in common is that the towards infinity running field lines of the electric field are 
open. With this field the particle is able to interact with its environment. We measure a 
charge and an electromagnetic force effect. In the case of unequal charges, as is well- 

known, a field amplification and attractive acting forces are observed whereas for equal 
charges a field reduction results and repulsion is observed. 


If we make a connection between the field conditions and the electromagnetic interaction 
in the sense of the proportionality (6.15), then the particle in reality is able to influence the 
distance to other particles merely with the help of its electric field. For unequal charges a 
compression of field lines arises, in which one particle stays in the focussed field of the 
other and vice versa. In this way a contraction of all lengths occurs and the observable 
attraction happens (fig. 6.8 A). 

For equal charges the opposite case is present, in which even a local field freedom can 
occur (fig. 6.8 B). If the field tends towards zero on the dashed line, then the distance will 
go to infinity (according to eq. 6.15). Consequently, the observable effect that both bodies 
go away from each other, will reach to infinity. 


Actually the electromagnetic interaction proves to be a result of the field dependent length 
contraction. 


The electromagnetic interaction of a particle is a result of the influence of the open field 
lines arising from it on the dimensions of the space, in which it is. 





It is important that the field lines are open, for which reason they are bent away from like 
charges and are directed towards unlike charges. Subjectively seen we find out that as a 
consequence of the field reduction repulsive force effects and as a consequence of the field 
compression attractive acting force effects are observed (fig. 6.8). 

The consequence of is every electric field is, as is well-known, a magnetic field standing 
perpendicular on it. The field lines of the magnetic field run parallel to the surface of the 
particle and have a closed course (fig. 6.9 A)! 

Therefore no magnetic poles form, which would be measurable. Seen from the outside the 
particle behaves neutral magnetically seen, because of the closed course of the field lines. 
An artificial field reduction and as a consequence observable forces of repulsion, like in 
the case of the electromagnetic interaction, hence in principle are impossible. 


The effect of the magnetic field thus is limited to a geometrical manipulation of the 
environment, namely the curvature of space, with which we have founded the 
phenomenon of the attraction of masses and of the gravitation. 


110 Gravitation 








A: The open field lines of the E-field and the closed field lines of 
the H-field of an electrically charged particle (e.g. e-) 


B: The closed field lines of the E-field and H-field of an electrically 
uncharged particle (e.g. of the neutron n°). 





Gravitation is a result of the influence of the field lines with a closed 
course running parallel to the surface of the particles on the 
dimensions of the space, in which they are. 





Fig. 6.9: The influence of the closed field lines of the H-field. 
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6.9 Gravitation 


For uncharged, neutral particles (neutron, atom, molecule etc.) both the magnetic and the 
perpendicular on them standing electric field lines have a closed course. Now both run 
parallel to the surface of the particle (fig. 6.9 B). 

As is said, the density of field lines with a closed course can't be influenced from the 
outside. If we approach a particle, the consequence of an increase of the density without 
exception is a decrease of the linear measures and thus a larger force of attraction. For this 
case of field lines with a closed course, for which in general it doesn't give a field 
attenuation and no forces of repulsion, there holds: 


Gravitation is a result of the influence of the field lines with a closed course running 
parallel to the surface of the particles on the dimensions of the space, in which they are. 


Both interactions logically have an infinite range. Both form a whole in the influence of 
the fields on the size conditions. 

It surely is of the greatest importance that for this derivation of the field dependency of the 
Lorentz contraction from the known equations of transformation of the electromagnetic 
field we could do completely without the introduction of new factors of description or 
neglects. 

Solely by consistent derivation and interpretation of the result the unification already has 
suceeded and the electromagnetic interaction and the gravitation could, with the derived 
field dependent Lorentz contraction, be traced back to a single basic phenomenon. Doing 
so we have to pay attention to the fact that the observer is subjected to the same Lorentz 
contraction as his measuring technique and therefore he can't see the field dependency at 
all. Merely as being an exterior observer it in rare cases will be possible to him to see the 
curvature of space in the presence of strong fields. 


From this for an astronaut practical consequences result. If he namely would land on 
Jupiter, he would think flat hills to be gigantic mountains, that small he would be! Vice 
versa if he landed on the moon, high mountains would appear to be insignificant hills, not 
because of wrong altitude readings of the terrestrial mission control and measurement 
centre, but only because of his own body size. The astronauts of the Apollo missions were 
not prepared for this circumstance and after their landing on the moon were completely 
surprised, how little validity learned textbook physics has, hardly has one left the earth. 
They have brought photographs with them which prove the Lorentz contraction to depend 
on the field and therefore on gravitation. 


The fact that force effects should arise from the interactions is an auxiliary concept and 
auxiliary description of the observing person founded in pure usefulness. The Lorentz 
force therefore shouldn't be regarded as cause anymore. It actually appears only as 
property of the field factors. Seen this way it only would be consistent to do without space 
charges and currents as a result of moving charges and to assume a source-free and 
quanta-free field description (fig. 6.4: j = 0). 

From an unified theory it is demanded that it besides the electromagnetic interaction and 
the gravitation also is able to integrate the strong and the weak interaction. We will also 
solve this problem. 


112 Field dependent speed of light 
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Fig. 6.10: Diversion of the light by a strong gravitational field. 


Speed of light of the wave: c=A*f (6.16) 





For the wavelength 2 holds (because of eq. 6.15):E,H ~ 1/)2 


From equation (6.16) follows (with f = constant): 
E~ I/c’ : H ~ I/c? (6.17) 


The speed of light depends on the field! 


theory of objectivity 113 


6.10 Field dependent speed of light 


But not only matter is bent towards a gravitational field. If we only think of the much cited 
phenomenon that the ray of light of a star is diverted towards the sun, if it passes very 
close to the sun on its way to us, like this has been observed for the first time during an 
eclipse of the sun in 1919 (fig. 6.10). 

Quite obviously the field of the sun also slows down the speed of light. On the side of the 

ray of light which is turned towards the sun, the field is somewhat larger and the speed of 

light correspondingly is slower than on the side which is turned away, and with that the 

ray of light changes its direction in the observable manner. Exactly this relation willingly 

is interpreted as a consequence of a curvature of space. 

The extremely strong field of a black hole can divert the light down to a circular path, in 
order to in this way catch and bind it. The light now orbits the black hole like planets the 

sun. 


At this point the open-minded reader already might have tapped the confirmation of the 
proportionality 6.2 (c ~r), which has been derived from the vortex model (fig. 6.2). 

The sceptic is offered still another derivation: for the borderline case that the relative 
velocity v tends towards the speed of light c (fig. 6.6), according to equation 6.13 the 
measurable overall field E, (and also H,) will go to zero and equation 6.12, with E, = -E 
(and H, = - H), will again turn into the wave equation (5.9*) after double differentiation 

(fig. 6.4). 

The speed v = c so to speak forms the escape velocity, with which the electromagnetic 
wave runs away from the cosmic field. Under these circumstances of course neither an 
attraction of masses nor an electromagnetic interaction can be exerted on the wave. 

If Eo goes to zero at the same time lo tends to infinity (equation 6.15, fig. 6.6): i.e. the 
wave spreads all through space. This result entirely corresponds to the observations and 
experiences. 


For the wave length % and in the end for the velocity of propagation c only the self-field of 
the wave E resp. H is responsible. Because of 


¢ = df |(6.16) 
and the proportionality from equation 6.15: E.H ~ 1/0? (6.17*) 


obtain the new relation: (6.17) 





If the speed of light in the presence of matter decreases, then we now also know why. It is 
the field, which surrounds matter, that slows down the speed of light. Therefore a 
gravitational field is able to divert a ray of light in the same manner as matter which flies 
past. Finally moves the speed of light in the proportionality 6.17 to the place of the linear 
measure (in 6.15). 

But if the rule fails one will try to replace by an optical measurement arrangement. In this 
manner the field dependency of the Lorentz contraction should be measurable; but it isn't! 


114 universality of the speed of light 


From the comparison of the derived proportionalities: 


(6.15): (6.17) 
1 
E,H ~ 








2 c2 
follows: 

l~ ec (6.18) 
The speed of light is proportional to the measurement path. 


The variable speed of light is being measured with itself. 


The result at all events is a constant value. 





The constancy of the speed of light is based on a measurement 
which is faulty from the principle! 





Because of c~r: physical length contraction 


Fig. 6.11: Derivation of the length contraction 
(field dependent Lorentz contraction) 
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6.11 Universality 


Why can't the rule be replaced by an optical measurement arrangement? The crucial 
indication provides the comparison of both derived proportionalities 6.15 and 6.17. 
According to them holds the same field dependency for both the Lorentz contraction and 
the speed of light: 


l/P ~ We or l~e (6.18) 


If the rule has proved to be useless, then we will experience the same disaster if we 

measure optically, i.e. with the speed of light. 

Obviously both, the length 1 and the speed of light c as a length per unit of time, depend in 
the same manner on the respective local field strength. On the one hand do both measuring 
methods lead to the same result; but on the other hand will anything which can't be 
measured with one method, neither be measured with the other method. 
If now the speed of light is being measured optically, then the measurement path will be 
proportional to the speed of light and as a result will the unknown factor be measured with 
itself. The result of this measurement, which is faulty from the principle, at all events is a 
constant value, because here two variables which stand in direct proportionality to each 
other are related to each other. 

Was the famous experiment of Michelson and Morley unnecessary, the result trivial? And 
how does it stand about the postulate of the universality of the speed of light? 
If we for that consider a cube (fig. 6.11). And we assume that the speed of light is a 
vectorial quantity, which in our experiment is for instance in one direction twice as large, 
as in the direction of the other two space axes. By means of the mentioned influence of the 
speed of light on the spatial length is, as a consistent consequence, the cube along this 

edge pulled apart to a cuboid. We however register this spatial body with our eyes, which 
is with the speed of light and that has increased proportionally to the length of the edges, 
for which reason we as subjective observer still see a cube in front of us and not a cuboid. 
If we trust an apparent objective measurement more than our sense organ and measure the 
three lengths of the edges of the cuboid again with a rule then we get three times the same 
length, which is a cube. 
We probably are dealing with an optical deception using the true meaning of the word. 


If the by Einstein postulated universality and constancy of the speed of light in reality 
doesn't exist at all, we in no way would be capable to register this; neither to observe nor 
to measure it! 

The Galilean theorem of the addition of speeds objectively seen still is valid, even if the 
fact that the speed of light apparently is independent of the speed of the source pretends us 
the opposite. 

If for instance a light source is moved towards a receiving device or away from it, then the 
speeds will overlap, like for the passenger, who marches in a driving train against or in the 
driving direction through the corridor. For the ray of light also the fields, which influence 
the speed of light and the measurement equipment, overlap. As a consequence will a 
measuring technician, who himself is exposed to this overlapping field, always observe 
and "measure" the identical speed of light. The observer as a result imagines, there is an 
universality of the speed of light. 
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light source 


aether 


The field takes over the function of the aether. 
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mirror 


telescope 


Fig. 6.12: Experiment of Michelson and Morley to 
detect an aetherwind™” 


A.P.French: Special Relativity, Massachusetts Institute of Technology, 1966. 


<ii>: Nikola Tesla: "This is the same as writing a business letter and forgetting the 
subject you wish to write about". To Einstein's Theories, Rare Book and 
Manuscript Library, Columbia University, 15.4.1932. 


<iii>: Einstein proceeds in the same manner with the time dilatation, by assuming 
a time constant by definition for the derivation to present at the end of his 
derivation a variable time. And with that he presents a result which 
contradicts his approach completely. 
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6.12 Aether 


Important experiments like the one of Doppler concerning the redshift or the one of 
Bradley concerning the aberration of the stars show only to clear, where the influence of 
the speed of light subjectively still is perceptible, or for laboratory experiments like the 
one of Michelson and Morley, where the influence isn't perceptible anymore, because the 
length of the interferometers always changes proportionally to the speed of light. 
The look in the stars at the same time is a look in cosmic areas, where completely other 
field conditions prevail and as a consequence completely other values for the speed of 
light and for the dimensions of space are present. The mentioned observations suggest that 
we together with our measuring station are moving through the cosmos and therefore a 
relative velocity has to be present with regard to an aether which determines the respective 
speed of light. 

If we however constrict our range of vision and retire in a laboratory, then we no longer 
are capable to observe the influence of the field on the speed of light. The experiments of 
Michelson which Maxwell had prompted to and which Morley with a higher precision had 
repeated with the goal, to detect the aether, inevitably had to tur out negatively. The 
laboratory experiments resulted in the misleading picture, as if the earth was resting in the 
aether. 

The not understood measurements will suggest any observer, he forms the centre of the 
universe and everything rotates around him, entirely in the sense of the Ptolemean view of 
life, which, although long ago abolished, here belated has experienced support. 
With a Swabia caper Albert Einstein has prevented a relapse into the dark Middle Ages 
and removed the open contradiction in the question of the aether, which once is measured 
as moving and another time as resting, by without further ado abolishing the aether. With 
that he undoubtedly has solved a central problem of physics and at the same time created a 
new one. As is known does the speed of light have a certain value, and therefore the 
question is raised, what determines is size. Exactly for this purpose a luminiferous aether 
had been introduced, however it is constituted. 

Scientifically it does make little sense, to make an assumption, if at the end of the 
derivation the prerequisite is deleted without substitute. In such a case either in the 
approach or in the derivation is a principal error*!"*. Nikola Tesla comments on the 
working method of Einstein with the applicable comparison, as if Einstein had, while he 
was writing a business letter, forgotten completely the subject he wanted to write about 
(fig. 6.12*"). 

The answer, which removes all contradictions and is entirely in accord with all 
observations and measurements, is obvious. Naturally a luminiferous aether exists, which 
determines the velocity of propagation and of course it by no means is bound to the 
observer. 

As has been derived in figures 6.5 and 6.6, will for a relative velocity v arise a field, which 
according to proportionality 6.17 determines the speed of light. With that we have derived 
completely. 

The field takes over the function of the aether. 


The equations 6.10 also answer the question, why no aetherwind is being observed, 
although such a wind actually is present: we experience, as we have discovered, an E-field 
with ,,head wind" as a resting H-field and vice versa and therefore we aren't capable to 
detect the head wind in the aether! 
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Key questions of quantum physics (fig. 4.4 + continuation): 





IV. Why do the particles have the form of spheres? | 


(with increasing E-field decreases c) 


VII. Why is the elementary quantum localized? 


(in the vortex centre: c = 0, see figures 4.3 and 6.2) 


IX. Why do the elementary particles have a spin? 
(spherical form demands field compensation) 








X. Why is the magnitude of the spin quantized? | 


(cosmic basic field determines the need of E,) 


XI. Why can speeds faster than light occur in a 


tunnel? 


(a reduction of the cosmic basic field can only be realized 
locally in a tunnel) 


to XI: 








wave 


or a 


particles 





Fig. 6.13: Consequences concerning the field 
dependency of the speed of light: spin effect and tunnel effect 


<i>: Nimtz,G.: Instantanes Tunneln, Tunnelexperimente mit elektromagnetischen 
Wellen, Phys.B1.49, VCH Weinheim (1993) Nr.12, S. 1119-1120°7 

<ii>: Thoma, P., Weiland.T.: Wie real ist das Instantane Tunneln? Phys.B1.50, VCH 
Weinheim (1994) Nr.4, S. 359-361* 7 

<*>: The measurement results are in accord with the theory of objectivity, not 
however the contradictory attempts to interpret them <i> and <i> et al. 
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6.13 Spin and tunnel effect 


Only with the field dependency of the speed of light (6.17) we can understand, why the 
elementary quanta can form as spheres, like is drawn in the figs 4.3 and 6.2. In the centre 
the field lines run together, ie. the field increases and the speed of light decreases. Only 
in this way it will be possible for the vortex oscillation to everywhere occur with the speed 

of light, even in the inside of the particle! In the centre of the vortex particle the field in 
theory will become infinitely large and the speed of light zero. This circumstance again is 
the foundation why the elementary particles are localized and it answers key question 
VIII of quantum physics. The absence of a speed after all is the characteristic of an 
immobile thing. 

The field dependency of the speed of light answers also further basic and up to today 
unanswered key questions of quantum physics, like why the elementary particles have a 

spin (IX) and why the magnitude of the spin is quantized (X). 

A vortex particle after all does not exist alone in the world, but it is in the field of other 
particles. We can call this the cosmic basic field (E resp. H). This basic field overlaps the 

self-field and takes effect the strongest in the area of the spherical shell, where the self- 
field is correspondingly small. In order to keep the form of a sphere, this influence of the 
basic field has to be compensated. The additional field (E, resp. H, according to eq. 6.12) 
necessary for the compensation is produced by the particle, by rotating in a spiral around 
itself with a speed v which increases towards the outside of the spherical shell. Therefore 
does the elementary particles have a spin. The electron spin is therefore determined by the 

cosmic basic field. 
Another effect of the field dependent speed of light is the tunnel effect. As an example we 
consider the two differently charged particles shown in fig. 6.8 A. The open, outside of the 
particles running, field lines of the electric field are predominantly bent towards the each 
time oppositely charged particle. If another particle wants to pass between the two, then it 
gets into an area of increased field strength. As a consequence it will be slowed down, 
because here a smaller speed of light is present. 

Water molecules show with their polar nature exactly this property. Water has a remar- 
kably high dielectricity e and slows down the speed of light correspondingly according to 
equation 5.6 (e-~= 1/c’). The refraction of light at the water surface is an observable result 
of the reduced speed of light in the presence of matter. 

If we now examine the case in which the two particles have the same charge as is shown 
in fig. 6.8 B (and fig. 6.13 belonging to XI). The field lines repel each other, so that 
exactly in between the two particles a field free area forms, in which the speed of light 
goes to infinity! This area acts like a tunnel. If we send through a particle exactly here, 
then purely theoretically seen it won't need any time to run through the tunnel, and for a 
short time the signal becomes infinitely fast. 
If a particle hits only slightly besides the tunnel, then it will one-sidedly be slowed down 

and diverted by the respective field. We call this process reflection or scattering. Only the 
few particles, which exactly hit the tunnel, arrive behind the hurdle and in the ideal case 
even almost without loss of time! 

The current measurements of speeds faster than light demonstrate in a convincing manner 
the superiority of the field-theoretical approach with regard to the nowadays normally 
used quantum physical approach. 
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Fig. 6.14: The microwave experiment at the II. 
Physical Institute of the University of Cologne to 
measure speeds faster than light.“ 


<i>: Nimtz, G. : New Knowledge of Tunneling from Photonic Experiments, Proc. of 
the Adriatico Research Conference, 1996, World Scientific Publishing 
Company 
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6.14 Interpretation of the measured speed faster than light 


Now the attempt can be undertaken, to interpret the spectacular experiments, in which a 

speed faster than light has been measured. It is reported*” that in experiments with 

photons at the University of California in Berkeley on an average a speed of 1.7 times the 

speed of light has been measured by Prof. Raymond Chiao and his co-workers. At the 
Technical University of Vienna Prof. Dr. Ferenc Krausz already has obtained 2.4 times 

the, according to Einstein at maximum obtainable, speed of light with tunnelling laser 

light. 

The first measurements of speeds faster than light have been carried out with microwaves 
at the University of Cologne” by Prof. Dr. Gunter Nimtz and co-workers. They at first 
had published the measurement of a speed 2.5 times the speed of light. In the meantime 
they even have transmitted a symphony of Mozart with a speed almost 10 times the speed 
of light and with that have contradicted Einstein's hypothesis, according to which the 
speed of light in vacuum would be the highest possible speed for the transmission of 
signals. The different experiments only resemble each other in the point that the particles 
have to tunnel, because one has put a barrier in their way. This "tunnelling" apparently is 
the cause for obtaining speeds faster than light. With the prevailing physical view of life 
these measurement results are incompatible. 

In the measurement set up in Cologne the microwaves are sent through a wave guide, 
which they pass with the speed of light. If a parts with narrowed cross-section is inserted, 
where the microwaves actually don't fit through at all, then the signal gets damped 
strongly. Now however arrives nevertheless a small part of the signal at the other end of 
the wire, but much faster than allowed, namely with the measurable speed faster than 
light. 

The answer of the here presented potential vortex theory reads as follows: the waves 
picked up by the wave guide run up to the entry of the tunnel, in order to find out that they 
don't fit through. They are reflected or absorbed. A small part however rolls up to 
potential vortices and these fit through the tunnel. They however have to be compressed 
additionally. In the derivation of the photon (fig. 4.5 and 4.6) we had seen that the inner 
vortex always is faster than the bigger one, through which it slips through. The 
compression therefore causes an increase in speed. In flow dynamics is known an analogy: 
the Venturi-tube. The flow-technical potential vortices also confirm exactly this property. 
One can as well start with the Lorentz contraction (fig. 6.6, eq. 6.14*). This states that a 
particle moving with a higher speed actually becomes smaller and not only appears to be 
smaller as an optical deception of the observer. Because only smaller particles fit through 
the tunnel, the particles, measurable at the other end, must be correspondingly faster: quod 
erat demonstrandum. In the same manner also the experiments of Berkeley can be 
explained physically, because here is worked with photons from the start”. With that the 
process of rolling up the wave can be left out. The tunnel lets pass only compressed and 
therefore faster light particles. 


<i>: R.Y.Chiao, P.G.Kwiat, A.M.Steinberg: Schneller als Licht? Spektrum der Wiss. 10/93 

<i>: B. Schuh, Gespenstisch fixe Wellen, DIE ZEIT Nr. 45, 5.11.93, S. 43. 

<ii>: Enders, A., Nimtz, G.: Photonic-tunneling experiments, Physical Review B, 
Vol. 47, No. 15 (1993), pp. 9605-9609. 
<i>: Enders, A., Nimtz, G.: Evanescent-mode propagation and quantum tunneling, 
Physical Review E, Vol. 48, No.1 (1993), pp. 632-633. 
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"The theory of relativity is not a physical theory... it is a mathe- 
matical poetic idea, a deduction from impossible premises."~~ 
Oskar Kraus 





"The theory of relativity is a mathematical masquerade, behind 
which is hidden an inextricable ball of a mixing up of ideas, 
contradictions, fallacies, arbitrary assumptions and ignoring of 
healthy logic." 

Erich Ruckhaber 








"The theory of relativity not only is fantastic, but also of an in- 
consistency which in the history of science not yet has been 


present."—"" 


Harald Nordenson 





"A physics of hybrids, of contradictions and fantastic confusions, 
nonsense!" 
Johann Marinsek 


"This is absurd."“"” (regarding mass-energy interpretation) | 
Nikola Tesla 





"In my experiments I have destroyed billions of atoms, without 
having observed any emissions of energy. "“"" 
Nikola Tesla 





Fig. 6.15: Some statements regarding the theory of relativity. 


<i>: Walter Theimer: Die Relativitatstheorie, Seite 7, Francke Verlag, Bern, 1977, 

ISBN 3-7720-1260-4 

<ii>: Johann Marinsek: Rationale Physik, S. 163, dbv-Verlag TU Graz, 1989, ISBN 

3-7041-0176-1 

<iii>: Nikola Tesla, To Einstein's Theories, Rare Book and Manuscript Library, 
Columbia University, 15.4.1932. Entnommen aus J.T.Ratzlaff: Tesla Said, 

Tesla Book Company, pp. 238, ISBN 0-914119-O0-1 

<4i>: Nikola Tesla, Franz Ferzak World and Space Publications 1985. 
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6.15 Definition of the speed of light 


If a light signal propagates in space, then as a consequence of the velocity of propagation 
c, it at a certain point in time t is in a distance r of the light source: 


r=c*t (6.19) 


Should the speed of light become smaller for instance by Ac, then the light signal 
obviously has covered a distance less by Ar or the time interval has changed by At: 


r+ Ar = (c+ Ac) - (t+ At) (6.20) 


This equation describes purely mathematically the most general case which can be 
assumed. By writing out the multiplication and subtraction of equation 6.18 the change in 
distance considered for itself is: 

Ar = c- At + t- Ac + Ac: At (6.21) 


The answer of mathematics is that the change in distance can have its cause in a change in 

time, in a change of speed or in both. We now want to turn to the physical interpretation 
and have a closer look at the two possibilities, in which either c or t is to be taken constant 
(see fig. 6.16). 

In the first case the speed of light c is constant and as a consequence the change Ac = zero. 
The mathematical formulation (according to eq. 6.21) therefore reads: 





Ar 
At 





case |: (relativity) (6.22) 











If in this conception world a change in distance is observed, for instance the Lorentz 
contraction, then in order to save this relation inevitably a change in time, for instance a 

time dilatation, has to make the compensation. Einstein in an applicable manner speaks of 
relativity, because according to his opinion in the case of both variables, the length 
contraction and the time dilatation, it only concerns observed changes. 

For the time dilatation experiments are given. But for the measurement of time always 
only atomic clocks are available and their speed of running of course could also be 
influenced by the Lorentz contraction. In any case it can't be claimed the time dilatation is 
proven experimentally as long as we do not know the mechanisms of decay of atoms. 
Otherwise the statements of the theory of relativity are familiar to us, for which reason 
further remarks seem unnecessary. 


In the second case the time t is constant and consequently the change At = zero. At a closer 
look this case is much more obvious, since why should time change. After all time has 
been stipulated by definition. 


After all, we are the ones who tell, what simultaneity is! 


The mathematical formulation for this case reads (eq. 6.21 with At= 0): 


case 2: (objectivity) (6.23) 





This equation does open up for us an until now completely unknown and fundamentally 
other way of looking at the physical reality. 
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Concerning the definition of the speed of light c [m/s]: 

















r[m] = distance of the light source: 
For changes, observed or measured: 
r+Ar = (c+ Ac) ‘(t+ At} (6.20 


= e' t+ ec At +He* t:tAc* At 


Change in distance: 


with Ac = 
case 1: 


c = constant t = constant 


Ar ~ ‘At (6.23) Ag Ar 





(6.25 = 6.2) 
= time dilatation = universality 


Ar = observable 
length contraction 


Ar = physical 
length contraction 





Theory of relativity Theory of objectivity 


Fig. 6.16: Theory of relativity and theory of objectivity, 
derivation and comparison. 
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6.16 Relativity and objectivity 


New to the second case (equation 6.23) is particularly the proportionality contained in it: 


But to us it is not new, because we have derived the same proportionality from the model 

conept (equation 6.2, fig. 6.2), in which the elementary particles are understood as 

spherical vortices. 
Equantion 6.25 unconcealed brings to knowledge that any change of the speed of light c 

[m/s] in the same way leads to a change of the radius r [m], the distance between two 
points in space or even the length of an object, e.g. a rule. Such a rule after all consists of 
nothing but spherical atoms and elementary particles and for their radius r again the 
proportionality 6.25 holds. Therefore it is to be set: 


td (6.26) 


and taken both together we already had derived as equation 6.18 (fig. 6.11) from the field 
dependency. Here the vortex model as well finds a confirmation of its correctness, as in 
the derivation from the equations of transformation of the electromagnetic field. Because 
all three, the derivation according to the model, the physical and the mathematical 
derivation, lead to the same result, this second case should be called "objective". 


With that the first case, which describes the subjective perception of an observer, is not 
supposed to be devaluated. It contains the definition of reality, according to which only is 
real what also is perceptible. The theory of relativity of Poincare and Einstein is based on 
this definition. 


With the second case, the case with a variable speed of light, we however get serious 
problems, since we observe with our eyes, and that works with the speed of light. If that 
changes, we can't see it, as already said. If we could see it, then "reality" would have a 
completely different face and we surely would have great difficulties, to find our way 
around. In this "objective world" neither electromagnetic interactions nor gravitation 
would exist, so no force effects at all. Because all distances and linear measures depend on 
the speed of light, everything would look like in a distortion mirror. 

The concept of an "objective world" at first has not a practical, but rather a theoretical and 
mathematical sense. The distinction between an observation domain and a model domain 
is founded in pure usefulness. 


The observation domain should correspond to case 1 and the model domain to case 2. The 
mathematical derivation tells us, how we can mediate between both domains (equation 
6.21): This mediation amounts to a transformation, which provides us the instruction, how 
a transition from the observation into a not perceptible model concept, from the relativity 
into an objectivity has to. 
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speed of light: absolute time: 
t = constant 


c = constant 





consequences: 
time dilatation and 
length contraction 
observable 


consequences: 
universality and 
length contraction 

real 





model-transformation: 


observation domain model domain 
(measurable) (only calculable) 


x(x) ae aden Méx(r)} 


I. approach 


i 











Fig. 6.17: Model-transformation between 
theory of relativity and theory of objectivity. 
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6. 17 Transformation 


The observation domain is, as the name already expresses, perceptible (observable) with 
the help of our sense organs and measurable with corresponding apparatus. The special 
theory of relativity for the most part provides us the mathematics needed for that. And in 
that is assumed a constant speed of light. Because a length contraction is being observed 
and can be measured, a time dilatation must arise as a consequence. Such is the consistent 
statement of this theory. Because we already could make us clear that it concerns a 
subjective theory, of course caution is advisable if generalizations are being made, like the 
one of the inductive conclusion of the length contraction on the time dilatation. We'll 
come to speak about that in this chapter (fig. 6.20). 


The model domain however is not observable to us and only accessible in a mathematical 
manner. Here the time is a constant. On the other hand do the radii of the particles and all 
other distances and linear measures stand in direct proportionality to the speed of light. If 
that changes, then does that lead to a change in length. The length contraction occurs 
physically, which means actually. We propose the name "theory of objectivity" for the 
valid theory which is derivable with this prerequisite and independent of the point of view 
of the observer. 


The importance of this model domain and of the possible model calculations is founded in 
the circumstance that many physical relations within our observation domain aren't 
recognized by us and can't be mathematically derived. Besides is only all to often worked 
with unallowed generalizations and with pure hypotheses. Such a thing does not even exist 
in the model domain. 


The model domain can be tapped over a transformation. For that we select an approach 
x(r) in the to us accessible observation domain. This then is transformed into the model 
domain by a calculation instruction M{x(r)}. Here we can calculate the sought-for relation 
In the usual manner and transform back again the result according to the same calculation 
instruction M™'{x(r)} but in the reversed direction. After being returned in our familiar 
observation domain, the result can be compared and checked with measurement results 
(fig. 6.17). 

In this way we will derive, calculate and compare the quantum properties of the 
elementary particles with the known measurement values. Here we remind you of the fact 
that all attempts to calculate the quantum properties conventionally, without 
transformation, until now have failed. Not even a systematization may succeed, if it 
concerns for instance explanations for the order of magnitude of the mass of a particle. 


A transformation at first is nothing more than an in usefulness founded mathematical 
measure. But if a constant of nature, and as such the quantum properties of elementary 
particles until now have to be seen, for the first time can be derived and calculated with a 
transformation then this measure with that also gains its physical authorization. 
We now stand for the question: how does the instruction of transformation M {x(r)} read, 
with which we should transform the approach and all equations from the observation 
domain into the model domain? 
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general 
relations: 


domain of 
validity: 
speed of light 
c [m/s]: 
field strengths (6.15) 
H [A/m] : 
E [V/m] : 


because of eq. (5.6) 
é-u = 1/c? is valid: 





y [Vs/Am] : 
é [As/Vm] : 
relations of material: 
B=u-H (3.5): 
B [Vs/m?] 
D=c-E (3.6): 
D [As/m?] 
e.g. spherical capacitor 
capacity: C [As/V] 
charge: Q [As] 
energy: W [VAs] 


special theory 
of relativity 


observation 
domain 


oe SS 
= constant 

(6.15) + (6.18) 

1/r? 

1/r? 


Ho const. 


&0 = const. 
1/1? 


1/r? 


= e4nr 


c-U 
Q/C 


(6.4) 
(6.31) 
(6.1) 


with energy-mass relation: 


(5.24) and (6.1) 
mass 
relaxation time 
with 


specific conductivity 


Fig. 6.18: 


W = mc? 

m [kg = VAs?/m2] 
t1 [s]: 

e/o 
o [A/Vm]: 


(5.3) 


cae 








transformation table 


theory of 
objectivity 

model 

domain 

Co Sit (6.28 
H.~. 1/r (6.27%) 
E ~ ifr (6.27 
yp ~ l/r (6.28%) 
aati U9 3 (6.28 
B ~ 1/r2 (6.29%) 
D ~ 1/r? (6 

C = const. (6.30) 
Q = const (6.32) 
W = const. (6.33) 
m ~ 1/r? (6 

t1 = const. (6.35) 
o ~ ijt (6.36) 


Transformation of the dependencies on radius 
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6.18 Transformation table 


The attempt to write down at this point already a closed mathematical relation as instruc- 
tion of transformation, would be pure speculation. Such an instruction first must be 
verified by means of numerous practical cases, i.e. be tested for its efficiency and 
correctness. But we not even know the practical examples necessary for this purpose, if we 
apply the transformation for the first time! 

For his reason it unfortunately is not yet possible, to calculate absolute values in a direct 

We have to be content to work with proportionalities and to carry out comparisons. 

In fig. 6.18 the proportionalities are compared in the way, how they would have to be 
transformed: on the left side, how they appear and can be observed in the view of the 
special theory of relativity, and on the right side, how they can be represented and 
calculated in the theory of objectivity. 

The change, which here would have to be transformed, is the physical length contraction, 
which is the change in length as it depends on the speed of light. For spherical symmetry 
the length 1 becomes the radius r (eq. 6.26), of which is to be investigated the influence. 
In the observation domain we had derived the proportionality (6.15 + 6.18): 


E~lf’ and H~I/r. 
The field of a point charge or of a spherical capacitor confirms this relation: 


E = Q/e4nr’ . 
Because the speed of light in our observation is constant, also both constants of material 
which are related to it (eq.5.6: €» U= 1/c’), the dielectricitye and the permeability p. are 
to be taken constant. 
With that the same proportionality as for the field strengths also holds for the induction B 
and the dielectric displacement D: 


B~l/? and D~ 1/7". 


In the model domain everything looks completely different. Here the radius and any length 
stands in direct proportionality to the speed of light. In this way we get problems with our 
usual system of units, the M-K-S-A-system (Meter-Kilogram-Second-Ampere). The basic 
unit Meter [m] and as a consequence also the unit of mass Kilogram [kg = VAs*/m*] 
appear here as variable. It would be advantageous, to introduce instead the Volt [V] as 
basic unit. 

But in any case does the dimension of a quantity show us, in which proportionality it 
stands to the unit of length. This in the model domain then is authoritative! As an example 
does the speed of light have the dimension Meter per Second. In the model domain there 
consequently has to exist a proportionality to the length r [ml]. 
The speed of light determines with equation 5.6 again the constants of material: 


u [Vs/Am] ~1/r and e[As/Vm] ~ 1/r (6.28) 
According to the model holds unchanged: 
B[Vs/m’]~ 1/° and =D [As/m?] ~ 1/7. (6.29) 


But if we insert the proportionalities 6.28 and 6.29 into the equations of material 3.5 and 
3.6, then holds for the field strengths: 


H[A/m] ~ 1/ and E [V/y] ~ 1/. (6.27) 


Further dependencies of the radius can be read in the same manner either by inserting into 
well-known laws or immediately from the dimension. 
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In the observation domain: 












energy density of a field: 
w = (¢- E2+p-H2)/2 ~ 1/r+ (6.37) 
energy: W ~ il/r (6.38) 


with c= constant and W = m-c? : (6.39) 


e- is bigger and lighter than p* or n°! 





m (6.39) fro (6.26) Ilo (6.24%) 1 


Mo r " a 2 1 - (v/c)? 








In the model domain: 


e.g. spherical capacitor 
capacity: C|As/V] = e4nar (6.4) C = const. (6.30) 


charge: Q [As] = C-U (6.31) Q = const. (6.32) 
ea <2 A = Ei 39 


(6.33) means: law of conservation of energy! 


relaxation time t1 [s]: t1 = const. (6.35) 


with t1 = &/o (5.3) 
specific conductivity o [A/Vm]: (6.36) 
z| 


(6.36) means: elementary vortices are indestructible! 


Fig. 6.19: Interpretation of the dependencies on radius 
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6.19 Interpretation of the transformation table 


The transformation should tell us, what we would see if the variable speed of light would 

be observable to us. Doing so highly interesting results come out. 

The energy density of a field is as isknown w = (e-E°+p-+H’)/2. (6.37) 

In the observation domain will, according to fig. 6.19, decrease the energy density w 
proportional to 1/r*. Multiplied with the respective volume we obtain for the energy itself 


the proportionality: Weir . (6.38) 
If we make use of the Einstein relation W=mec 
with c = constant holds also for the mass m: m~ If. (6.39) 


In this manner we finally find out, why the small nucleons (protons and neutrons) subjec- 
tively seen are heavier than the very much larger electrons. As a consequence does a rela- 
tivistic particle experience the increase of mass (with the length contraction according to 
equation 6.24*): 





m (6.39) YT) (626) Io (624*) l 
iz - = (6.40) 


Mo r l V1-(v/c) 


This result is experimentally secured. Our considerations therefore are entirely in accord 

with the Lorentz-transformation. There at least is no reason to doubt the correctness. 

In the model domain we with advantage assume a spherical symmetry. As easily can be 

shown with equations 6.4 and 6.31, are the capacity and charge of a spherical capacitor 
independent of the radius (6.30 and 6.32). In that case also the from both values calculable 
energy (6.1) must be constant. We come to the same conclusion, if take we the above 
equation 6.37 for the energy density of a field or if we carry out a verification of 
dimensions: 














W [VAs] = konst. : (6.33) 
This simple result is the physical basis for the law of conservation of energy! With that 
we have eliminated an axiom. 


The result states that the energy stays the same, even if the radius, the distance or the 
speed of an object should change. To the subjectively observing person it shows itself 
merely in various forms of expression. Consequently is the energy, as is dictated by the 
here presented field theory, formed by binding in the inside of the quanta the same amount 
of energy but of the opposite sign. The amount of energy therefore is bound to the number 
of the present particles, as we already had derived. 

Under the assumption of a constant time (6.35) there results for the electric conductivity o,. 
by calculating backwards over the equation of the relaxation time (5.3), the 


proportionality: (6.36) 
(636) 


o[A/Vm] ~ I/r 

Maybe the result surprises, because it can't be observed. Actually we know that the 
(microscopically observed conductivity in reality only represents an approximated 
averaged measure for the mobility of free charge carriers. In a particle-free vacuum 
however this well-known interpretation doesn't make sense anymore. Hence it is 
recommended, to only work with the relaxation time constants. Who nevertheless wants to 
eontinue to work withoas a pure factor of description, can do this. But he mustn't be 
surprised, if in the model domain with decreasing radius the conductivity suddenly 
increases. But this is necessary, because otherwise the elementary particles would 
collapse. Only by the increase of the conductivity, which is produced by the spherical 
vortex itself, will the expanding eddy current build up in the inside of the particles, which 
counteract the from the outside concentrating potential vortex. 
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Approach: 


a.The particles don't decay by themselves, but only by a 
corresponding disturbance from the outside. 


b.The decay time is the statistical average in which such a distur- 
bance can occur and take effect. 


c.The elementary particles consist of an integral and finite 
number of elementary vortices, which can't decay anymore for 
their part. 


d.If the compound particles get into the disturbing range of 
influence of high-frequency alternating fields, then they are 
stimulated to violent oscillations and in that way can be torn 
apart into individual parts. 


e.As disturbing factor the high-frequency fields of flying past 
neutrinos are considered primarily. 


f. Authoritative for the threshold of decay and with that also for 
the rate of decay is the distance, in which the neutrinos fly past 
the particle. 


g.The distance becomes the larger, the smaller the particle is. If 
the particle thus experiences a relativistic length contraction, 
then it will, statistically seen, to the same extent become more 
stable! 





That has nothing to do at all with time dilatationl 


We are entitled to demand a simultaneity, after all we are the ones, 
who tell what that is! 


Fig. 6.20: Proposal for an interpretation of the particle decay 


<i>: Walter Theimer: Die  Relativitatstheorie, Seite 106, 
Francke Verlag, Bern, 1977, ISBN 3-7720-1260-4 
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6.20 Particle decay 


We still have to get rid of a fundamental misunderstanding. It concerns the problem of the 
time dilatation. Here the model domain doesn't give us any difficulty, because it dictates a 
constant and therefore by us definable time. In the relativistic view however should in 
moving systems clocks go wrong! But how does one want to explain a time dilatation 
physically, if it merely represents a purely mathematical result of the actually taking place 

length contraction on the one hand and the postulate of a constant speed of light on the 
other hand? 

Nobody has troubled more about the physical interpretation than Einstein himself. But he 
had as less as we nowadays the possibility to verify the so-called phenomenon experimen- 

tally, by accelerating a laboratory clock to values close to the speed of light. 
Only atomic particles can, e.g. in accelerator systems, be brought on such high speeds and 
then be observed for their properties. But also these experiments don't have any power of 
proof, as long as we don't know the atomistic structure of the particles and there exists the 
danger of misinterpretations. 
So the slowing down of the rate of decay of instable. particles at high speeds willingly is 

cited as "proof for time dilatation™”. "The most cited example for the time dilatation is 

the "long-living" meson. Theji-mesonis a charged particle, which exists only 2,2 * 10° 

seconds if it is observed in rest. Then it decays ... About 10 % of the mesons reach the 
earth's surface. Even if they fly with approximately the speed of light, they at least must 
have used 30 © 2,2 * 10° seconds, in order to reach the earth. Their "life" therefore by the 
movement has been extended for a multiple... to the supporters of the theory of relativity 
here the time dilatation is revealed..." 

This "proof however is worthless, as long as "the structure and the mechanism of decay 
of the particle are not known", like W. Theimer~” expresses himself. 


On the basis of the new field theory the approach standing on the left page is dared (fig. 
6.20). Accordingly the particles don't decay by themselves, but only by a corresponding 
disturbance from the outside, which for instance is triggered by the high-frequency fields 
of flying past neutrinos. The closer the neutrinos fly past the particle, the sooner it will 
decay. But the distance becomes the larger, the smaller the particle is. If the particle thus 
experiences a relativistic length contraction, then it will, statistically seen, to the same 
extent become more stable! 

That has nothing to do at all with time dilatation, as this proposal for an interpretation 
shows (fig. 6.20). The same effect of course also occurs, if atomic clocks are taken for a 
fly in a plane and compared to identically constructed clocks on earth. 


The time was stipulated by us and therefore should be able to keep its universal validity. 
We are entitled to demand a simultaneity, after all we are the ones, who tell what 
simultaneity is! 

An interesting technical use would be the acceleration of the rate of decay in order to 
dispose of radioactively contaminated waste. For that the waste has to be irradiated by 
collecting and focussing free neutrinos or with the help of a neutrino transmitter, like one 
which will be discussed in chapter 9. After such a neutrino shower dangerous radioactive 
waste would be reusable or at most be harmless domestic refuse. 
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Fig. 7.0: The comparison with power of proof: 
EL the measured particle mass 


B the calculated particle mass 
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7. Proof 


Ample evidence is available for the correctness of the theory of objectivity. The field 
dependent change in length is observed and used as magnetostriction or electrostriction. 
If a ferromagnetic material, e.g. a nickel rod, is brought into an alternating magnetic field, 
then field dependent longitudinal length oscillations are observed. In the same manner 
barium titanate or quartz crystal oscillates in the electric field if a high-frequency 
alternating voltage is applied. 
A practical application forms the production of ultrasound. 


In this chapter are, as already announced, the quantum properties of the elementary 
particles calculated and in this way is furnished perhaps the most convincing proof for the 
existence of potential vortices and for the correctness of the field-theoretical approach 
and the theory which is based on it. 

A special challenge represents the calculation of the particle mass. This mass stretches 

from 207 electron masses of the myon over 1839 of the neutron into the order of 
magnitude of 18513 electron masses (Y°). Doing so not only can be tested, if the 
calculated values correspond with the measured ones. Also the gaps have to correspond, 

i.e. where there doesn't exist a discrete mathematical solution also no particle should exist. 

The fig. 7.0 standing on the left page anticipates the result and shows that even this strict 
condition is fulfilled! The agreement of the calculated with the measured results is 

excellent. If in individual cases small deviations become visible, we always have to bear in 

mind that the measurements as a rule are analysed statistically and the results are falsified 

if small particles creep in unrecognized. Particle physics nowadays has at its disposal 
extremely precise gauges, but even here remaining errors can't be excluded. 


Quantum physics is occupied with further taking apart the elementary particles into 
hypothetic particles, the quarks, and to sort these according to properties and symmetries. 
Seen strictly causal this procedure thus corresponds to the quantum physical approach. 
We however have taken the field-theoretical approach, and this excludes the introduction 
of hypothetic particles from the start. It should be our goal to derive and to explain the 
quantum structure as a field property. Yes, we even want to calculate it, with which we 
would have overtaken quantum physics in the scientific competition with one leap! 


Strong support our approach has experienced by current experiments, in which matter was 
transformed in electromagnetic waves - practically the reversal of the rolling up of waves 
to vortices. To do so at the Massachusetts Institute of Technology (David Pritchard and 
others) sodium atoms were dematerialized in waves by lattice scattering”. According to 
Einstein one surely could have blown the whole M.I.T. in the air with the occurring mass 
defect; but don't worry, no emission of energy whatsoever has been observed, entirely as 
predicted by the vortex theory. 





<i>: J. Teuber: Materie und Energie, Ganze Atome wurden zu 
Energiewellen, 
Illustrierte Wissenschaft Nr. 7 (1996), S. 56 
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With the classical radius of the electron r, = 2,82 * 10°! m: 


C. = €0'4nre = 3,135 © 10°F (6.4*) 





Us = eG, = SILIEV (6.31*) 


(constant independent of r.) 





Formation forms (vortex properties): 


I. Amassing (formation of vortex balls): 





II. Overlapping (phenomenon of transport) 





Fig. 7.1: The amassing and overlapping of elementary vortices 
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7.1 Elementary vortices 


We had derived the electron and the positron as elementary vortices (fig. 4.3). Before we 
can go in the calculation, we must gain a clear picture of the possible configurations of 
vortices, which for reason of the derived properties are possible. For that we start with the 
elementary vortex and afterwards we predict the behaviour of interaction which can be 
expected. 


Actually only one single particle is really elementary. According to the realizations of the 
new theory it is an elementary vortex in the form of a sphere. Its size is determined by the 
speed of light and this again by the local field strength; its stability is founded in the 
concentration effect of the potential vortex. The whirling takes place everywhere with the 
speed of light, even in the vortex centre, where all field lines run together, where the field 
increases infinitely and the speed of light goes to zero. This last circumstance owes the 
elementary vortex its localization. 


We can attribute a charge to this vortex for reason of the field lines which on the outside 
run towards infinity and which we can measure (fig. 4.3). This is the smallest indivisible 
unit, the elementary charge e. Structure and course of the field lines suggest to understand 
and to calculate the elementary vortex as a spherical capacitor. By basing on the classical 
radius of the electron r, given in fig. 6.3 the capacity according to equation 6.4 is 
calculated to be: 


Cy = &o:4nrye = 3,135- 10° F (6.4*) 


Here the theory of objectivity has provided us the realization that even for a change of the 
radius of the electron the capacity remains unchanged constant (6.30), and this entirely 
corresponds to our observation. 


Between the hull of the elementary vortex, measured at the radius r,, and its centre, 
respectively also with regard to infinity, there exists according to equation 6.31 the tension 
voltage of: 

U, = e/C, = S511 kV (6.31*) 


It as well is constant and independent of the size of the elementary vortex. 


Since a different solution is refused, we'll have to assume that all elementary particles 
consist of an integer multiple of elementary vortices. For that the amassing, like closely 
packed tennis balls, or the overlapping of individual vortices in the form of shells, like in 
the case of an onion (phenomenon of transport) can be considered. 


The among each other occurring forces of attraction can be traced back to the fact that 
every elementary vortex is compressed by the field of its neighbour as a consequence of 
the field dependent speed of light. This field as a rule is for the small distances 
considerably larger than the field on the outside. Therefore do compound elementary 
particles not have the twofold or triple mass, but at once the 207-fold (myon) or the 1836- 
fold (proton) mass. After all there is no other explanation for the fact that there don't exist 
lighter particles (with a mass less than 207 electron masses)! 
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a. The electron-positron pair 





b. . Thee - e+ pair for a small distance: 





Fig. 7.2: The electron-positron pair annihilation 
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7.2 Matter and anti-matter 


For the amassing or overlapping of elementary vortices several cases must be distin- 
guished, because two inverse forms of formation are possible for the elementary vortex: 
the negatively charged electron and the positively charged positron. Whereas in the case 
of the electron the vortex produces a component of the electric field which points from the 
inside to the outside, has the field in the case of the positron the opposite direction for 

reason ofa reversed swirl direction. 
This statement can be generalized: if we consider the elementary particles from the 
outside, then we assign the particles with a swirl direction identical to that of the electron 
to the world of matter and call the particles with the opposite swirl direction anti-matter. It 
now is strongly recommended, to take colours to hand, in order to optically clarify the 
properties of vortices. The electron will be marked as a green sphere and the antiparticle, 
the positron, as a red sphere. 
If we now look into the world of matter, then appears our world of matter to us "green", 
the world of anti-matter however "red". The uniform green colour of all the in our world 
existing elementary particles however doesn't exclude that red anti-vortices can exist 
hidden in the inside of the green vortices, where we can't discover them. But they must be 
completely covered, otherwise a disastrous reaction occurs, the pair annihilation, as a 
consequence of the oppositely directed property of the vortices which cancel out. 
By means of the pair annihilation a dematerialization can occur, because every 
elementary vortex keeps in its inside the same amount of energy with opposite sign and 
the fusion of two inverse particles can result in a zero sum of the energy. The best known 
example is the annihilation of an electron-positron pair under emission of radiation 
discovered by Klemperer in 1934. In the upper representation (fig. 7.2a) the elementary 
vortices still are symmetrical, but the outside field lines already are "bent" and linked 
together in such a way that, with the exception of the ones in the direction of the axis, no 
interaction takes place which can be measured. 
The two particles for reason of the different charge approach each other quickly, and the 
closer they are, the larger the mutual force of attraction becomes; a vicious circle, which 
leads to the asymmetry shown in the lower sketch (fig. 7.2b) and only comes to rest, if 
both particles have destroyed themselves mutually. 
The electron and the positron had the same amount of, but oppositely directed swirl 
activity, so that purely arithmetically seen a zero sum of the rest energy results. But it 
should be paid attention to both particles having some kinetic energy on the occasion of 
the relative motion to each other and if they rotate around their own axis also rotational 
energy. An emission of annihilation radiation occurs, is the explanation of particle 
physics. 
With the knowledge of the photon (fig. 4.6) we can interpret the annihilation radiation as a 
consequence of the phenomenon of transport. The faster and consequently smaller vortex, 
for instance the green one, slips into the red one and sees the green inside, which is 
compatible for it. Unfortunately it only can remain there, as long as it is smaller, thus is 
faster, and therefore it shoots out on the other side again. Now the electromagnetic force 
of attraction fully takes effect. It is slowed down and the red vortex correspondingly 
accelerates. The process is reversed. 
These around each other oscillating vortices, so we had derived, have a characteristic 
frequency (colour), are polarizable and are moving forward with the speed of light as a 
consequence of the open vortex centre. It therefore concerns the photon. 
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Fig. 7.3: Theoretical final state of the positronium 
= static y-quant (photon). 
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7.3 Positronium 


But before the two elementary vortices, the electron and the positron, are annihilated 

under emission of radiation, they will for a short time take a shell-shaped, a bound state, in 
which one vortex overlaps the other. 

Its formation we can imagine as follows: an electron, flying past a resting positron, is 
cached by this for reason of the electromagnetic attraction and spirals on an elliptic path 

towards the positron. In doing so its angular velocity increases considerably. It will be 
pulled apart to a flat disc for reason of the high centrifugal forces, to eventually lay itself 
around the positron as a closed shell. 
Now the red positron sees the electron vortex so to speak "from the inside" and doing so it 

sees as well red; because the green vortex has a red centre and vice versa! The result is the 
in fig. 7.3 given configuration. 


The number of field lines, which run from the red border of the positron in the direction of 
the centre, is identical to the number, which point towards the green border of the electron. 
Here already the same state has been reached as in the centre, which corresponds to the 
state at infinity. That means that no field lines point from the green border to the outside; 
seen from the outside the particle behaves electrically neutral. It doesn't show any 
electromagnetic interaction with its surroundings. 


If the particle were long-living, then it undoubtedly would be the lightest elementary 
particle besides the electron; but without stabilizing influence from the outside the 
positronium can't take the in fig. 7.3 shown state at all. The positron takes up the kinetic 
energy which is released if the electron becomes a shell around it. But before the bound 
state can arise, which would identify the positronium as an elementary particle, the equal 
rights of both vortices comes to light. With the same right, with which the electron wants 
to overlap the positron, it itself vice versa could also be overlapped. 
If the stabilization of the one or the other state from the outside doesn't occur, then the 
stated annihilation under emission of y-quanta is the unavoidable consequence (fig. 4.6). 
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a. The electron pair: 






ei> 
Spin: +’ ax ahd 






b. The electron pair for a small distance: 


e- (green) 


ae 4 


Fig. 7.4: Two electrons with oppositely directed spin 
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7.4 Dipole moment 


As electrically charged spheres elementary vortices have a magnetic dipole moment along 
their axis of rotation as a consequence of the rotation of their own (fig. 7.4). This is 
measurable very precisely and for the most important elementary particles also known 
quantitatively. In contrast to the angular momentum the magnetic moment can't be 
constant according to the here presented theory. It should slightly change, if we increase 
the field strength in the laboratory. 


In a particle consisting of several elementary vortices the vortices mutually increase the 
local field strength. Therefore we measure at the proton, which consists of three vortices, 
not the triple, but only the 2,793-fold of the nuclear magneton which can be expected for 
reason of its mass. Also the neutron has instead of the double only the 1,913-fold nuclear 
magneton. The deviations therefore are explicable as a consequence of the surrounding 
fields. 


Prerequisite for this point are two other, still unanswered, key questions of quantum 
physics: 


XII: Why is measured for the proton approximately the triple of the magnetic dipole 
moment which can be expected for reason of the charge? 


XI: Why does the neutron, as an uncharged particle, actually have a magnetic 
moment? 


These questions can only be brought to a conclusive answer, if we have derived the vortex 
structures of the respective particles. 


The elementary vortex, as a consequence of the spin along its axis, forms a magnetic north 
pole and a south pole. Another possibility to interact with an external field or with other 
particles is founded on this property. This shall be studied by means of two electrons. 
which form an electron pair. 

For reason of the equal charge the two electrons at first will repel each other. If they rotate 
of their own they however will mutually contract, which, seen from the outside, is 
interpreted as a force of attraction. And in addition will they align their axes of rotation 
antiparallelly. While they now rotate in the opposite direction, a magnetic force of 
attraction occurs. 


As is shown in fig. 7.4, the magnetic dipole field in this way is compensated towards the 
outside, as is clarified by the field line (H) with a closed course. Between both electrons a 
space free of E-field stretches. If both vortices are a small distance apart they lay 
themselves around this space like two half-shells of a sphere. A particle forms which seen 
from the outside is magnetically neutral, but it carries the double elementary charge (fig. 
7 Ab). 

The exceptional affinity is always restricted to two vortices of equal charge with an 
opposite direction of rotation. Further vortices can't be integrated anymore and are 
repelled. This property of vortices covers the quantum condition (Pauli's exclusion 
principle) for the spin quantum number perfectly. 
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b: actual course of 
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c: field of an e* 
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Tm777: : difference between the vortex calculation (b) 
and the classical calculation (a). 


Fig. 7.5: The mvon and the electric field E(x) 
of the three elementary vortices 
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7.5 Myon 


We now have discussed all conceivable possibilities, which two elementary vortices can 
form: the creation of a pair for like charge and the annihilation under emission of photons 
via the formation of the positronium as an intermediate result for unequal charge. Next 
another elementary vortex shall be added and all different possibilities and configurations 
will be derived, which can be formed by amassing or overlapping. 


The positronium can, as said, only take the in fig. 7.3 shown bound structure, if it is 
stabilized from the outside. This task now a further electron shall take over. According to 

the shell model the innermost elementary vortex an electron (e), is overlapped by a 
positron (e) and that again overlapped by an electron (e’). 

With an in the sum single negative charge, a completely symmetric structure as well as a 
half-integer spin this particle will show a behaviour corresponding to a large extent to that 
of the electron. Merely the mass will be considerably larger, because every vortex each 
time compresses the other two. 


It therefore concerns the myon (u ). which also is called "heavy electron". The myon 
was discovered 1937 in the cosmic radiation (Anderson and others). 

In fig. 7.5 are drawn above each other the shell-shaped structure of the myon and the 
electric field E(x) of the three elementary vortices. 

It is visible that merely in the proximity of the particle the actual course of the field 
deviates from and is smaller, than the course which theoretically can be expected for a 
single negatively charged body. The difference is marked by a hatching. 


We now can tackle the calculation of the myon. For that the following considerations to 
begin with are useful: 

Mass is an auxiliary term founded in usefulness, which describes the influence of the 
electromagnetic field on the speed of light and with that on the spatial extension of the 
"point mass". 

Without exception the local cosmic field E, has an effect on a free and unbound 
elementary vortex, thus on an individual e’ or e*, and determines so its size and its mass. 
But as long as we haven't determined this field strength, the calculation of its quantum 
properties won't succeed. 

Instead the masses of compound particles will be compared to each other, which are so 
heavy that the field strength of the neighbouring vortices is predominant over the basic 
field Eo, so that a neglect of E, seems to be allowed. The course of the calculation is made 
for all elementary particles in the same manner, which is explained hereafter. 
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Spherical capacitor: (rj = inner radius; ra = outer radius) 


Ta 
U=JEdr (4 

Tj 
Electron (ri=Oandra=re): U = 511 kV = const. (6.31* 
Ui = Uo = Us = Us =... = Un (7.2) 


At The radius r; is valid: E(r;) = E; and 






Tl ! To 
U1, = JEidr = Eiri: = Us = JE: dr =E; (ro- 11) (7.1%), 
O Tl 


At the radius re is valid for the 2nd and 3rd shell E(r2) = Ea: 


r2 ! r3 
U2 = J/Eodr = E2(r2—ri) = Us = fEodr = Ee (r3 — ra) (7.18* 
Tl T2 


comparison of the radii: 
(7.1*) (7.1**) 


Ar = m1 = fe-t = r3—fo =... = Mm—-Tn1 (7.3), 
resp.: 
Ps Bey Lees Barta; wow 5 RS ea (7.4), 


comparison of the field strengths: (7.1* with 7.1** with Eq. (7.2): 
E; = Eo = Es = ... = En (7.5), 


Theory of objectivity, fig. 6.18: (6.25), 


see fig. 7.5: Ei(r3) = E3i = — Ei: (ri/rs) 


Ea(r3) = Es2 = Ena: (r2/rs) 
Eo = cosmic basic field (negligible) 
E(rs) = E3i+ Es2+ Eo = Ey- (r2—1i)/r3 + Bo (7.6) 


E(rs) 2-m-n1 


1 
— (7.7) 
Ei oTi 24 





Fig. 7.6: Calculation ofthe electric field strength E(r) of 
the myon from its dependency on radius 
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7.6 Calculation of the vortex fields 


The tension voltage of an elementary vortex, like for a spherical capacitor, is determined 
by integrating over the electric field strength from the inner radius r; up to the outer radius 
fs: 

T, 

U = JEdr (7.1) 

tT 
For the electron (1; = 0 und r, = r,) we already have carried out the integration and 
determined the tension voltage to be 511 kV (equation 6.31 *). 
Doing so we further had discovered that it won't change, if the radius r varies. Even for a 
shell configuration, in which electrons and positrons alternately overlap, the approach is 
valid: 





U, = U2 = U3 = Usg=... = Un (7.2) 





At a certain radius all elementary vortices show the same density of field lines and with 
that also the identical field strength, so that we can solve the integral (7.1) for the each 
time neighbouring vortex shells and can compare the results: 

At the radius r, with E(r,) = E, the agreement, according to equation 7.1* (fig. 7.6), is 
valid for the innermost and the overlapped vortex shell. 

At the radius ry with E(r,) = E, the agreement according to equation 7.1** (fig. 7.6) is 
valid analogously for the 2nd and 3rd shell. 

If still more shells are present, then we can arbitrarily repeat this procedure. For the radius 
of each shell we always obtain relation 7.3, which, related to the innermost radius, 
provides the following simple expression for the individual radii: 


ry=2* 11; B=3eN; 5) Tan Ty (7.4) 


From the comparison of the integration results 7.1* and 7.1** follows further that all 
elementary vortices produce the same field strength: 
E,;= E, E; =... E, (7.5) 


We infer from the transformation table (fig. 6.18, eq. 6.27) that the field strengths E and H 
decrease with l/r. In fig. 7.5 the decrease of the fields with 1/r is shown. Up to the radius 








r, the field of the innermost vortex E,; has worn off to the value E3,; = - E, * (rj/r3). 
This field is overlapped by E37 = Ey * (12/r3) as well as the cosmic basic field E,: 
E(13) = E3,+ E39+ Eo = E, a (1 = r)/13 + Es (7.6) 


The local basic field E, is not known, but it is very small with regard to the field of the 
neighbouring vortex shells, so that a neglect seems to be allowed. 
From equation (7.6) in this way follows with the radius relation (7.4): 


E(ts) 2-ry—T) 1 
= ———_ = (7.7) 


E, 3-1; 3 








For the shell-shaped configuration of the myon (fig. 7.5) relation (7.7) indicates, which 
field the outside vortex shell is exposed to. From this can already be seen, how much it is 
compressed thanks to the field dependent speed of light and how much its mass as a 
consequence is increased. 
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Structure of the proton p’: 


Calculation: 
structure consisting of two shells, inner vortices with 2 * E,, 
field strength at the outer radius 1): 


























E(r2) =2* E>, =2*E\(1r1/r2) =Ei (7.8) 
Comparison of p’ (7.8) with u’ (7.7) (z- = number of the elementary 
vortices being involved with) 
in building up the structure, here each time z, = 3): 

Comparison of the radii with E~l/r (627) 
Tp Ze En. (ra) 3 1/3 1 
= : = — * = (7.9) 
Fy Zep Ep (ra) 3 1 S 
Theory of objectivity (fig. 6.18): m~1/r? (634) 
m. Ze Ti 3 
= = ——— - (——) = — - (— P= 9 G9 
m,, Zey Tp 3 
m,/m, = 9*(m,/m,) = 9 *207 = 1863 (7.11) 
Measurement value, proton mass: m, = 1836*m, 
Resp.: 
measurement value myon mass m, = 207 * m, 
myon calculated value: mp = 204*m,. (error = 1,5% ) 





Since we, by using this calculation method, for the first time succee- 
ded in deriving the mass of an elementary particle from that of an- 
other particle, the particle mass isn't a constant of nature anymore! 


Fig. 7.7: Calculation of the proton 
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7.7 Calculation of the proton 


If we again remember the affinity of two elementary vortices, which rotate with opposite 
spin. They align their axis of rotation antiparallel and form a very probable, but not 
particularly tight bound pair (fig. 7.4). 
If we this time start with a positron pair, then does this pair have a double positive 
elementary charge. The two e’ hence exert a particularly big force of attraction on 
electrons flying past them. If they have cached one and put it round as a shell, like a coat, 
then they will never again give it back! To again remove the electron, a triple positive 
charge would be necessary. But such a particle can't exist at all. The new particle 
therefore has an absolute stability and a very big mass, because the positron pair is 
considerably compressed by its outer shell. The total charge is single positive. With these 
properties it actually only can concern the proton. Its structure is shown in fig. 7.7. 
We can start from the assumption that both positrons are very close together in the inside 
and thus each forms the half of a sphere. For the calculation of the proton mass we then 
can assume as an approximation a structure of two shells, in which the inner vortex will 
have the double charge and the double field (2 * E,). With equation 7.4 the field strength at 
the outer radius r, is: 

EQ) = 2*Ey, = 2*E,*(rj/t2) = E; (7.8) 
If we want to compare the results of the p* (7.8) and the (7.7), then it should be 
considered that the field of the innermost elementary vortex E,; only is equal, if the number 
z- of the elementary vortices involved in building up the particle is identical. Here with 
each time z, = 3 this is the case. Because of equation 6.27 (E, H ~ 1/r) now also the radii 
are comparable: 


iF Leg E, (tm) 3 1 3 


The mass of a particle first is determined by the number of the elementary vortices z,. 
According to the theory of objectivity (fig. 6.18) however also the radius has an influence 
on the mass: m~ I/r (6.34) 


This proportionality should be applied to the p’-1 - comparison. 





= “( y= ——-f y = 9 (7.10) 


The calculation provides a nine times bigger mass for the proton with regard to the mass 
of the myon. Therefore the mass of the proton related to the mass of the electron is: 


m,/m, = 9*(m,/t,) = 9*207 = 1863 (7.11) 


It would be favourable, to start from the with measuring techniques determined value for 
the mass of the proton m,/m, = 1836 and calculate backwards the related mass of the 
myon. 

Then we obtain 204 as the calculated value instead of the measurement value m,,/m.= 
207. 

The reason for the deviation of 1.5 percent is caused by the neglect of the cosmic field E, 
with regard to the field of the neighbouring elementary vortex. This neglect takes very 
much less effect for the relatively heavy proton than for the light myon. 

The cosmic field therefore will compress the myon more strongly and increase the mass 
more strongly as is calculated here, in agreement with the measurement results. 
Summarizing: since we, by using this calculation method, for the first time succeeded in 
deriving the mass of an elementary particle from that of another particle, the particle 
mass isn't a constant of nature anymore! 
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a: theoretical course of the 
field of a single positive 
charged body 





b: actual course of the 
field of the p* 





c: field of an e& 
d,e: field of both e* E2(e) 
tr: discrepancy between the measurement (b) 


= the vortex calculation (b) 
and the classical calculation (a) 


Fig. 7.8: The proton and the electric field of the three 
elementary vortices in x-, y- and z-direction 


proof 151 


7.8 "Strong interaction" 


A central question of nuclear physics concerns the forces which keep the atomic nucleus, 

which consists of many neutrons and protons, together and give it its very good stability in 

spite of the like positive charge (key question XIV fig. 7.13). 

According to today's textbook opinion (course of the field indicated with a in fig. 7.8) the 
forces of repulsion between the individual protons increase further as the distance gets 
smaller, to obtain immense values within the nucleus. They theoretically had to be 
overcome by new and unknown nuclear forces. Therefore physicists assume the 
hypothesis of a "strong interaction". But they are mistaken. 
The answer to this open question is provided by the course of the field (b) for the proton, 

sketched in fig. 7.8. We see that the electric field at first indeed still increases if we 
approach the proton, but in the proximity it contrary to all expectations decreases again 
until it is zero. With that then also any force of repulsion has vanished! But the course of 
the field follows without compulsion from the overlap of the three individual elementary 
vortex fields. 

The field direction in the z-direction even is reversed! In this topsy-turvy world, in theory, 
an electromagnetic force of attraction between two like charged protons can occur. We 
conclude: 

A strong interaction doesn't exist at all. The usually given values for "range" and 
"strength" just represent a misinterpretation. The hatched drawn area marks the difference 
which is misinterpreted by quantum physics. The model concept over and above that 
answers another mysterious property of the proton. As an electrically charged particle with 
a spin it first of all should form a magnetic moment for reason of the rotating charge. But 
until now the measurable order of magnitude couldn't be explained. 


7.9 Magnetic moment of the proton 


If the inner positrons rotate around each other with oppositely pointing spin, then the 
magnetic field line is already closed within the particle and no effect in x- or y-direction is 
observable from the outside. 

As pair they however still can rotate together around the z-axis and they'll do that. The 
overlapping electron for reason of its rotation of its own will likewise build up a magnetic 
dipole moment along its axis of rotation. It also will align its axis in the z-direction, so that 
now all three elementary vortices have one field axis. Being comparable to individually 
"elementary magnets" aligned in the same direction they produce a triple magnetic 
moment (key question XII fig. 7.13). 

If we namely would start with a single positively charged body according to the theory of 
quantum mechanics, then we would have expected the value of the nuclear magneton” py 
as the magnetic moment for the proton pm =e: #/2m . Opposite to that provide 
experiments with protons the approx. threefold value as already predictable by the new 
vortex theory. In addition does the direction of the vector pm, correspond with the spin- 
axis, so as if the proton were negatively charged. The reason for that is that only the 
outermost elementary vortex determines the spin of the particle, and that is actually a 
negatively charged electron! Also this excellent agreement in the case of the proton can be 
judged as proof for the correctness of the vortex model. 





<i>: The nuclear magneton has the value of: px = 5,0508 « 1077 Am” 
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a. n° ifthe e- amasses toa p*. 





Fig. 7.10: The neutron with magnetic dipole field H 
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7.10 Structure of the neutron 


Until now could not be solved, why despite its missing charge also the neutron n° has a 
magnetic moment. The experimentally determined value is approx. the double of the 
nuclear magneton. Further was with measuring techniques an only 0,14% bigger mass 
with regard to the proton determined. The difference is approximately two and a half 
electron masses. And how reads the answer in the view of the potential vortex theory? 
It is obvious that a positively charged proton and a negatively charged electron mutually 
attract and amass together (fig. 7.10a). A pair annihilation can't occur, because the 
electron, which jackets both positrons, prevents this. The formation of an outer shell is not 
permitted by the high stability of the proton. It would have to be a positron shell, which 
instead of neutrality would produce a double positive charge. Conceivable is however the 
configuration, in which one of the two e* of the proton takes up the e° in its inside and 
overlaps it (fig. 7.10b). 


At first appears the amassing of p* and e’ to be the obvious answer to the structure of the 
neutron also in view of the small increase in mass. Since both elementary particles (p* and 
e) have a spin, will they align their axes of rotation antiparallelly and rotate against one 
another, exactly like an electron pair. But we now have unequal conditions: the proton 
brings the triple magnetic moment, the electron however only the single, and its field line 
will be closed by the proton. The difference which remains is the measurable double 
nuclear magneton, with which key question XIII (fig. 7.13) would be answered 
exhaustively. 

This structure is shown in fig. 7.10a and has as rest mass the by only one electron mass 
increased proton mass, but it will deviate from this value, when the unequal partner come 
closer. Doing so the electron will be more strongly compressed by the heavier proton as 
vice versa. 

Mass, magnetic moment and charge thus correspond to a large extent with the 
measurement values. Problems are seen concerning the spin and the stability. 

Set of problems concerning spin: both the e’ and the p* have a half-integer spin, for which 
reason this configuration should have an integer spin. 

Set of problems concerning stability: the neutron decays as is well-known ina p’ and an 
e , but this object should be shorter-lived as determined by experiments. If namely the 
partner come each other very close, then the field strength of the p’, contrary to 
expectation, doesn't increase but decreases, as is shown in fig. 7.8. The e therefore can 
only be bound very, very loosely; in z-direction it even will be repelled! 

For these reasons is the open structure, which is shown in fig. 7.10a, not feasible as an 
isolated elementary particle, but only in a spatially extended network, like it is present in 
an atomic nucleus. In this case the neutron is, as is well-known, lighter by the mass defect, 
which is interpreted as binding energy. 

Possibly it only concerns an intermediate stage. The heavier final product of the n° then 
could look like is shown in fig. 7.10b. For this version the line of the magnetic field 
already is closed partly within the particle, so that also here the approx. double nuclear 
magneton remains as a rest with a sense of orientation, as if the neutron were negatively 
charged. 

Without charge and with the 1/2 spin it in this configuration fulfils all important quantum 
properties of the neutron, even that of the stability. 
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the field of the e: E3,(-) = - E, (1)/r3), 
the field of the e: E32 _ E, (19/13) = E, (12/13) 
and in addition the e’: E3,= E, (1/13). 


E(r3) = Esilt) + Ege + Esai +k 














negligible 
With the radius relation (eq. 7.4): tf) = 2*r, und m= 3* ry 
The total field is: 
E(r3) YT) r2 Y 2 
= - + + = fH + ees (7,12) 
Ei r3 r3 r3 Si» oO 3 





(7.13) 





No is 12,5% bigger than p+ 


(7.14) 








nis 5% heavier than p+ 


Fig. 7.11: Calculation of the mass of the neutron 
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7.11 Calculation of the neutron 


The calculation of the mass for the structure of the neutron according to fig. 7.10b has still 
remained open. 


Because in this book for the first time has been shown, how the mass can be calculated, if 

the particles are understood as potential vortices, we also in this case again want to make 
use of this possibility. 

We have, like for theti”,a structure of three shells with the radii r,, rz and r3. At the outer 
radius r3 the fields of the elementary vortices on the inside have an effect on the electron 
On the outside: like is the case for the 117 


the field of the e* B3)° = -E,(r,/r3), 
the field of the e*: E37= Es (%/t3) = E; (y/r3) 
and in addition the e*: E3;= E; (1/13). 


The total field is, with the radius relation equation 7.4: 


E(r3) ry I> tT) ] 2 1 2 
mais St ee + + = + oa = (7.12) 


*» 


I I T3 3 3 3 3 3 3 














If we compare the neutron, in which now z, = 4 elementary vortices are involved, with 
the proton: 


Tn Zep E,(t2) 3 ] 9 
—= ed = = 1,125 (7.13) 
ty Zen E,¢ r3) 4 2/3 8 








then we infer from the arithmetically determined result that the neutron according to the 
radius is 12,5% bigger than the proton. The mass is calculated to: 


Mn Zen This 4 ow 
= sf hm -(—y = 105. (7.14) 
M, 1 Tn 3 9 





The particle therefore has a mass which is 5% larger than for the proton, slightly more as 
has been measured for the neutron. The difference is acceptable. The particle after all is 
structured very asymmetrically, in which the reason is to be seen, why the uncharged 
particle, looked at from close up, nevertheless shows an observable charge distribution. 
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Decay equations if neutrinos are involved: 





Fig. 7.12: The electron-neutrino as a ring-like vortex 


beta-decay 


(7.15) 
(7.15%), 


(7.16) 
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7.12 fi-decay 


In the case of the calculated quasistable particles, the and the n°, the verification by 
means of the well-known decay processes is still due. Also free neutrons, those which are 
not bound in an atomic nucleus, decay. But with an average life of 918 seconds they are 

by far the longest living among’ the quasistable elementary particles. 
Should the neutron decay be triggered by neutrinos, then obviously a distant flying past 

does not suffice. For that the electron is bound in the proton too tight. There probably has 
to occur a direct "crash", in which a neutrino is used, since the decay equation reads: 


n ——S p+e-+y, (7.15) 


As could be expected a proton p’, an electron e& and the mentioned electron-antineutrino 

are formed. What here is written down as the emission of an antiparticle, is equivalent 
in the absorption of the particle”, in this case of the neutrino. The reaction equation 7.15 
can be reformulated accordingly~: 


n+v, ——™ pt+e rss) 


Also for the decay of the myon an electron-neutrino is used. In both cases it provides the 
energy necessary for the decay. But we can really understand the f-decay only, after we 
have got to know these particles better. 





Without charge and without mass neutrinos show hardly any interactions with matter and 
as a consequence they possess the enormous ability of penetration - as is well-known. 
They are said to participate in the ,,weak interaction", which should trigger a conversion of 
the concerned particles, which is their decay. Pauli already has postulated the neutrino 
1930 theoretically, because the transition from a half-integer spin to an integer spin for the 
n° -decay otherwise wouldn't have been explicable. 


If we imagine an elementary vortex is being born, but the local field strength and energy 
isn't sufficient for obtaining a quantized state. The result is an incomplete potential vortex, 
which has an open vortex centre and as a consequence shows no localization at all. In the 
form of a vortex ring it oscillates around itself, while it continually turns its inside to the 
outside and then again to the inside. 
One moment the vortex ring is green, then it is red again, one moment matter, then anti- 
matter, one moment positively charged and the next moment negatively charged. In 
contrast to the photon the number of the involved elementary vortices z, for the neutrino is 
odd (for the v. Z.= 1). Perpendicular to the direction of propagation the neutrino has a spin 

h='2) for reason of a rotation, which overlaps the pulsating oscillation. 
This vortex ring is, as said, not a member of stationary matter, because it doesn't form a 
"plack hole" in its centre, where the speed of light becomes zero. But it has an absolute 
stability like every elementary vortex, even if it only occurs incomplete and hence not in 
any quantized form,. This concept of the electron-neutrino as an open oscillating 
elementary vortex in the form of a ring-like vortex covers the experimentally determined 
realizations unexpectedly well. 


<>: Kussner, H.G.: Grundlagen einer einheitlichen Theorie der physikalischen 
Teilchen und Felder, Musterschmidt, Gottingen 1976, S.155 
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A strong interaction doesn't exist. The electric field in 
the proximity of the proton goes to zero within the range 
which is determined with measuring techniques. 


A weak interaction doesn't exist. That interaction only 
is a special case of the electromagnetic interaction 
which appears in a weakened form. 





XII: Why does the proton have approximately 3 
times the magnetic moment which can _ be 
expected for reason of the only single charge? 

(3 elementary vortices) 








XII: Why does the neutron as an uncharged 
particle anyway have a magnetic moment? 
(Structure of the n°) 


XIV: What owes the atomic nucleus, which con- 
sists of like charges, its stability? 
(Course of the field of the p’, instead of "strong interaction") 


XV: Why does the free neutron decay, although it 


is stable as a particle of the nucleus? 
(Interaction with neutrinos) 


XVI: Why do neutrinos nevertheless participate in 
the "weak interaction", although they have no 
mass and no charge? 

(Oscillating charge) 


XVII: How can be given reasons for the finite range 
of the "weak interaction"? 
(Reaction cross-section for particle decay) 


Fig. 7.13: Further key questions of quantum physics 
(Continuation of figures 4.4 and 6.13) 
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7.13 "Weak interaction" 


Let's now look again at the8-decay of the neutron, in which a neutrinov.is used. But this 
by no means will be a process of the weak interaction. Instead will neutrinos, contrary to 
the textbook opinion, participate in the electromagnetic interaction. They after all are one 
moment positively charged and the next moment negatively charged. With slow-acting 
gauges this it is true can't be proven, because the interaction is zero on the average. But 
this charged oscillating vortex ring can exert a considerable effect while approaching a 
neutron, which is based solely on the electromagnetic interaction. 

The neutron is stimulated to synchronous oscillations of its own by the high-frequency 
alternating field of the neutrino, until it in the case of the collision releases the bound 
electron, which takes up the energy provided by the neutrino and transports it away. The 
interaction obviously is only very weak due to the oscillation. But a physical 
independency of it has to be disputed. 

The finite range, which is given in this context, indicates the reaction cross-section around 
the n°-particle, within which the "crash" and as a consequence thef-decay occurs. This 
range is considerable larger as the particle itself. The electromagnetic interaction for such 
small distances after all is so violent, even if it only occurs in pulses, that the neutrino is 
thrown out of its path and can fly directly towards the neutron. 


Perhaps we now understand also the f-decay of the myon. It actually were to be expected 
that without outside disturbance an absolute stability could exist because of the ideal 
symmetry of thet”. On our planet we however are in every second bombarded with 
approx. 66 milliard (billion) neutrinos per cm’ “”. Obviously it takes 2,2 ps on the average 
till a neutrinoy,flies past a myon so close that it decays. In doing so it stimulates the 
outside elementary vortex to violent oscillations by trying to synchronize it. In this case 
the electron-neutrinov,carries away with it the two outer, and therefore weaker bound, 
elementary vortices of the myon, which meanwhile are oscillating synchronously. The 
innermost vortex, an electron e, is left behind. The decay of the myon which takes place 
with a probability of almost 100 % reads: 
ea VE HY resp. "+ Ve So + ~ Vy (7.16) 


Thus a different neutrino y,, is formed which can be distinguished from the v, and is 
called myon-neutrino since it forms from thew. Actually it even has a similar structure of 
three shells, as is shown in fig. 7.5. But the vortex centre is open and the particle isn't 
stationary anymore. In the picture now only a momentarily state is shown, in which the v, 
appears green on the outside and red in its open centre. As already for the v. oscillates also 
here the inside to the outside and vice versa, this time merely as a packet of three shells, so 
that also this particle shows all the typical neutrino properties discussed for the example of 
the Ve. 

The for potential vortices typical and already discussed phenomenon of transport here has 
an effect. In particular in connexion with vortex rings this property is known from 
hydrodynamics. It thus can be observed, how vortex rings bind matter and carry away with 
them. Because the neutrino is not quantized, it neither is restricted with regard to its ability 
to transport elementary vortices. Consequently even bigger configurations are 
conceivable, like configurations of 5 shells, 7 shells etc.. 


<i>:  "Zeugen aus der Sonne", VDI-Nachrichten Nr. 45 vom 9.11.90, Seite 26 
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a: the structure of the tau-neutrino with 5 shells 


colour of the elementary vortices 
from the outside to the inside 





gn/rd/gn/rd/gn 
1.e. 


e/e/e/e/e =v, 


b: the heavy and stable variant of the tau particle 


(gn/rd + gn/rd)gn 


resp. 


le-fet + Efe )en = 7 





Fig. 7.14: Tau-neutrino and tau particle 
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7.14 Tau particle 


In the table of the leptons after the e and the pr” as the next particle the tau particle t is 
found with its accompanying neutrinov;.The obvious solution for the tau particle is the 
structure of five shells, as is shown in fig. 7.14a. With that the electron would have 
another particularly heavy relative with otherwise very similar properties. 
For the myon the neutrino was stable, the particle itself however instable. We after all 
huve explained the particle decay as a consequence of an outside disturbance, and 
disturbances always are based on interactions. Correspondingly should, with the small 
possibility for an interaction, also the neutrino vz of the tau particle have a better stability 
than the particle i itself. 
Without doubt this structure of 5 shells fulfils all known quantum properties like spin, 
charge etc. Merely the check of the mass is still due. This we now want to calculate for the 
structure shown in fig. 7.14a. 























‘ t tr t3 Fae” 
Ms = my7)( pe i = + Y (7.17) 
Zep Ts Ts Ts Ts 
5 2 
ms = 1836-( P+ ( -m, = 1360-m, (7.17*) 


But the for the tau particle measured value is considerable higher! 

Even if this structure is the only possible in the case of the neutrino vz for reason of the 
complete symmetry, will the tau particle however change its structure by itself if another 
structure exists, which is more stable, thus in which the particle can take a bigger mass. 
Such a maximum provides the structure shown in fig. 7.14b after checking all possible 
configurations with five elementary vortices: 
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m, em, = 3778-m, (7.18%) 


w 
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This value now lies 8% above the measurement values. It would be obvious, if unbound 
tau particles predominantly would take the structure shown in fig. 7.14b. The remaining 
error becomes explicable, if a very small number of tau particles in the lighter structure 
according to fig. 7.14a are involved with a correspondingly smaller probability. 


The enormous variety of kinds of decay, and not a single one of the dominating ones has a 
probability of over 50%, makes it more difficult for us, to be able to directly infer the 
inner structure of a particle from the decay products. It nevertheless should be mentioned 
that after all 35% of all decays take place by taking up and using a neutrino Ve or v:, 
entirely in accordance with the model of the myon decay (equation 7.16). 
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name | mass | mass | el.- |char-} ra- | inner structure of 
(m/me) |(m/me)| vorti-| ge | dius | The elementary 
measu-| cal- | ces Q r/tp | vortices, colour: 
red | cula- | ze (gn=green; rd=red) 
ted | from the inside — 

ee to the outside 


ts 


(Pp) 





3650 3672 
D* 3658 
or till 
F+ 4188 | 4284 


(B) | 10321 | 8704 


7.15 Table of vortices of the calculated leptons and mesons 
compared with measurement values (Part 1). 


proof 163 


7.15 Pions 


Unlike the leptons, which we could derive and calculate fairly completely, the mesons 
don't have a half-integer spin. With this characteristic property they therefore can't 
represent an individually overlapped elementary particle and they probably will consist of 
the amassing in pairs of individual configurations of potential vortices. This kind of bond 
can't be particularly tight. Consequently we don't know any stable mesons. 


The most important basic building part of the mesons we have got to know over the 
positronium in fig. 7.3. It necessarily has to amass to another particle, otherwise it 
annihilates under emission of a y-quanta, as already mentioned. This y’-particle, as it will 
be named here, has the mass of: 


myo = (2/3)*: (1/2)*- 1836-m, = 136-m, (7.19) 


which only can be determined arithmetically. As a partner, to which they’-particle can 
amass, first of all another y’-particle should be considered. Because both partner will 
rotate against one another, this new particle would not have a spin and moreover would be 
uncharged. The mass now would be twice as big with: 


Mp = 2-Mo = 272:+m,.(7.19*) 


But the two y’-particles will come very close together and mutually feel the local, in the 
same direction orientated, distribution of the field, which will lead to a weakening of the 
field and as a consequence to a slight reduction of the mass. 
With these properties it probably concerns the uncharged pionz’. This model concept 
finds an excellent confirmation in the two possible kinds of decay, which can be regarded 
as equivalent: 


n° = y+y witha probability of 99% 
and 
Tt’ ——® y+e'+e witha probability of 1% 


Also in the case of the charged pionmthe observable decay offers a big help, which will 
take place with a frequency of almost 100 %: 


rm —e pt +y 


’ 
ih 


The equation doesn't state anything about the fact, if a neutrino v, is used in the process. 
But it points at the circumstance that the partner of the y’-particle for the m™ most likely is 
a myon |. The mass will be smaller than the sum of both building parts: 


(204+136) *m, = 340 * me. 
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inner structure of 
The elementary 
vortices, colour: 
(gn=green; rd=red) 
from the inside 
to the outside 
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Fig. 7.16: Table of vortices of the calculated leptons and 
mesons compared with measurement values (Part 2). 
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7.16 Table of vortices of the mesons 


The numerous kinds of decay for K-mesons suggest that these strange particles will 
consist of various combinations of amassed together and in pairs rotatingy’- and p= 
particles. The possibilities of combination now already have increased in such a way that 
for every kaon and other mesons several solutions can be proposed. To avoid unfounded 
speculations, only a few clues will be given. 

Besides the y’-particles also heavier arrangements should be considered as partner for the 
spin and as a building part for kaons and other mesons. 

If for instance a m’ is overlapped by a y’, then this particle has an arithmetically 
determined mass of 918 m,. It therefore can concern a building part of the uncharged kaon 


The likewise with three y’ formed configuration of 6 shells however, if it actually would 
staystable for the duration of a measurement, would have the mass of 3672 electron 


<i> 
masses. 


A very much better detectability must be attributed to the configuration of 4 shells which 
consists of two y". so to speak a heavy relative of the y” and the x’. It among others should 

be able to decay like an.With this property and with an arithmetically determined mass 
of 1088 m, it actually only can concern the n’-meson. Solely according to the numeric 

value the n°-meson could also consist of four ’-mesons; but the decay in only two light 

quants speaks against it. 


The kaon-puzzle in addition is made more difficult by the spontaneously possible ability 
to change of the involved y'-particles during a process of decay, as is made clear by the 
numerous kinds of decay. These dependent pion halves can be "swallowed" or "spit out" 
by neutrinos in the process, they can form from incident light or be emitted as photons and 
eventually they even can break up in their individual parts. 


In fig. 7.16 the possible configurations of potential vortices are sketched and the 
respective, according to the new theory calculated, mass is given. If above that the other 
decay products and quantum properties, which can be given for the vortex structures, are 
added, like e.g. charge, spin and if need be magnetic moment, then an assignment without 
doubts to the until now only from measurements known elementary particles is possible. 
In order to better be able to assess the efficiency of the potential vortex theory, the 
measurement values are compared to the calculated values. 


Some terms are put in brackets, because it can be assumed that the calculated part only 
concerns the dominating part, to which furthery’or other small configurations of vortices 
will amass for reason of its high mass. Correspondingly should the mass in that case be 
corrected slightly. 


<i>: It could e.g. concern the D°-meson. 
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Inner structure 
of the baryon 
vortices 
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Fig. 7.17: Table of vortices used for the calculation of the 
most 

important barvons with suggestions for the structure 
(Part 3). 
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7.17 Table of vortices of the baryons 


The number of possibilities of combination quickly increases, if only a few elementary 
vortices extend the structure of a particle. This probably is the reason for the large number 
of observable hyperons, which recently have been produced artificially and observed with 
the help of particle accelerators. 


Both the neutron and the lambda particle can exist in a lighter and a heavier variant. At the 
moment of the decay, as it for instance is observed in a bubble chamber, according to 
expectation the state with the smaller mass takes the bigger probability. But in the 
amassing with further particles as building part of bigger and heavier hyperons the heavier 
structure is more likely. This circumstance should be considered in calculating the mass of 
the hyperons. 


In figures 7.17 and 7.18 the most important baryons are listed, which are characterised in 
the way that one of the amassed together packets of vortices is a nucleon, thus a proton or 
a neutron. 


The given, from measurements known, kinds of decay are able to confirm the inner 
structure pretty good. Of course an infinitely lot of combinations are conceivable and 
numerous predictions are possible. But speculations are unnecessary from the time on 
where we are able to calculate the particles! 

The restriction to the few in the table listed particles seeming to be important hence 
doesn't limit the universal importance of the theory of objectivity in any way! 
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Fig. 7.18: Table of vortices used for the calculation of the 
most 
important baryons with suggestions for the structure 


(Part 4). 


unified theory 169 





8. Unified theory 


With the theory of objectivity the longed for goal of a "theory of everything" (TOE), of an 
universal theory, seems to have moved within reach. If in the nineteenth century still 
promising field theories and approaches were being discussed, then has at the latest 
Einstein's theory of relativity destroyed all hopes in such a theory. Science as a conse- 
quence has become very much more modest and understands a TOE only as the 
unification of all known interactions. 


Einstein has stated the minimum demand so: "a theory should be favoured by far, in which 
the gravitational field and the electromagnetic field together would appear as a whole" 
<P It is evident that a subjective or relativistic observer theory never is able to achieve 
this. 


The presented theory of objectivity made it possible that the unification here for the first 
time actually has succeeded. This undoubtedly brings science a whole lot further, but it 
still is not sufficient to lie one's hands in one's lap being content with oneself. After all we 
still know very much more phenomena, which likewise should be unified. After all it is no 
accident that both Maxwell and Einstein, to name only two prominent representatives, 
after completion of their well-known works have struggled for the question, what sort of 
phenomenon it concerns in the case of the temperature and how this could be integrated in 
their theory. 


The requirement reads: We must be able to derive all basic factors, which influence our 
system of units with their basic units, as a compulsionless result from the new theory. 
Besides the dimensions of space and time which determine our continuum, the expla- 
nation and unification of the basic factors mass and charge has to be tackled. If we have 
succeeded in doing so, we'll also tackle the problem of the fifth and last basic factor, 
which until now has put itself in the way of any unified theory as the question of fate, the 
problem of the temperature! 


<i>: Einstein, A.: Grundziige der Relativitatstheorie, Vieweg+Sohn, 
Braunschweig 1973, 5. Aufl., WTB 58. Seite 97. 
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"A theory should be favoured by far, in which the 


gravitational field and the electromagnetic field 
together would appear as a whole™> 





| ‘The hydromagnetic field | 


charge: e =0 
mass: m =0 
force: F =0 















The electro- 
magnetic field 
relaxation time con- 
stant: ti= s/o 
charge: e#0 

force: F =Q-E 


The hydro- 


gravitational field 
relaxation time con- 


stant: Tf2~ U-o 
mass: m#0O 
force: F =o-H 














The electrogravitational field 
charge: e #0 


mass: m #0 
force: F =Q-E+o-H 


Fig. 8.1: Structuring of the fields and definition of terms 


<P: Einstein, A. : Grundziige der Relativitatstheorie, Vieweg + Sohn, Braun- 
schweig 1973, 5. Aufl. , WTB 58. 


<i>: derived from the Greek hydro (= water). 
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8.1 Structure of the field theory 


In contrast to Maxwell's theory the new field theory, which we derived from duality, is 
also able to describe fields, in which no particles and no quanta exist. It probably is 
justified and useful in the sense of a clearer communication, to give the new field a name 
of its own. 

The author recommends the introduction of the term "hydrotic field". In it should be 
expressed, which importance water has for both the like named potential vortex and this 
field<ii>. 

As we already have worked out, the hydrotic field is favoured particularly by polar 
materials and by a high dielectricity. Water is a corresponding and in the biosphere of our 
planet dominating material. 


Whereas we had to correct the concept of a vortex free electric field, we had until now, 
considerable, we can take over the description of the magnetic field unchanged. This then 
should also be valid for its name. The new field which consists of both correspondingly is 
called hydromagnetic field. 


In fig. 8.1 we recognize the structure. At the top stands the "hydromagnetic field", which 

is described mathematically by the equations of dual electrodynamics in fig. 3.3. It does 

not know quanta and as logical consequence neither charge nor mass! If we insert these 
equations, Ampere's law and the dual formulated Faraday law of induction, into each 
other, then there results as a mathematical description of our space-time-continuum the 
fundamental field equation (5.7, fig. 5.1). As a new physical phenomenon the potential 

vortex appears, which gives the hydromagnetic field a new and important property: this 
field can be quantized! 


Starting-point is the wave, which for corresponding interference effects can spontaneously 
roll up to a vortex, which as highly concentrated spherical vortex finds a new right to exist 
and finds to a new physical reality. 


The in the described manner formed particles show specific properties of their own. We 
now are able to attribute them for instance a charge or a mass. And these properties also 
can be investigated and described individually and isolated from each other. Thus are 
formed the two special cases, strange by nature, on the one hand the well-known, with the 
help of the Maxwell equations describable "electromagnetic field" and on the other hand 
the new "hydrogravitational field". 


If we overlap the results of the two special cases, e.g. by adding the force effects of 
electric charges and accelerated masses, then we summarized obtain a field, which we 
accordingly should call "electrogravitational". This case is not at all unknown. Already 
Niels Bohr in this way has calculated the radii of the electron orbits in the hull of his 
model of the atom, to mention only one example. We can summarize: 





The hydromagnetic field is the all encompassing and with that most important field. Apart 
from that the electromagnetic field of the currents and the eddy currents and the hydro- 
gravitational field of the potentials and the potential vortices merely describe the two 
possible and important special cases. For reasons of pure usefulness for every special 
case a characteristic factor of description is introduced, the charge and the mass! 
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Auxiliary terms (description of quantum properties): 
* mass * charge * temperature * Planck's quantum of action 





The hydromagnetic field does not know any quanta! 


Structure of the fundamental field equation 5.7 (fig. 5.1): 


electromagnetic wave: 
electric field | magnetic field 
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potential vortex: (a,d) eddy current: (5.7a,c} 
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Poisson equations: 


potentials currents 












AE - c? (5.7 a,e) 


Fig. 8.2: Unified theory 


* electromagnetic interaction (open field lines) 
* gravitation (closed field lines) 

* strong interaction (does not exist) 

*weak interaction (only special aspect) 


The interactions are a result of the 





field dependent speed of light! 
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8.2 Unification of the interactions 


The discovery and introduction of the hydromagnetic field makes the desired unification 
possible, because the electromagnetic resp. Maxwell field, which describes the electro- 
magnetic interaction, and the hydrogravitational field of the gravitation can be derived 
from this field as a consequence of the formation of quanta. 

The kind of the interaction is caused by the course of the field lines of the field quanta 

which form as spherical vortices: the open field lines make the electromagnetic interaction 
possible. And the field, lines with a closed course lead to gravitation. Both are a direct 

result of the field dependent speed of light. A more perfect unification seems hardly 

possible. 


As the next step the unification with the strong and the weak interaction is required, but it 
could be shown that those don't exist at all. It just concerns misinterpretations with much 

fantasy, which should help explain the difference between a wrong theory and the physical 
reality. 


Numerous auxiliary terms for the description of the quantum properties exist, like for 
instance mass, charge or Planck's quantum of action. The prerequisite for their usability 
naturally is the existence of the quanta. But until these have found to a physical reality, the 
auxiliary terms are unnecessary. The hydromagnetic field does not know quanta, quantum 
properties or auxiliary descriptions. It will be shown that, according to expectation, also 
the temperature is a typical quantum property, which comes within the group of the 
auxiliary terms. In this way also the temperature is fitted into the unified theory without 
compulsion. 


Without the by us for reasons of usefulness introduced auxiliary terms the fundamental 
field equation is left with its description of a spatial-temporal principle. If a world 

equation should exist, then this field equation 5.7 has the best prerequisites. 
For the fundamental field equation the division in four parts is repeated like already for the 
hydromagnetic field (fig. 8.1). It likewise consists of four individual parts, the wave (b), 
the two vortex phenomena (c and d) and the time independent term (e) (fig. 8.2). Whereas 
the duality still is combined in the wave, it comes to light clearly for the vortices to again 
be combined in the fourth case. Here arise however potentials and currents, which again 
can react and oscillate with each other, for instance as L-C-resonant circuit in an electronic 
circuit, with which the principle is repeated. 

This principle is shown clearer for the phenomenon of the temperature as in all other 
cases. If we start at the top in the picture in fig. 8.2 we have an electromagnetic wave, 
which is absorbed and thus becomes a vortex. If the vortex falls apart, then eddy losses are 
formed. We observe that the temperature rises and propagates in the well-known manner. 
We have arrived in the bottom box, but this again can be taken as the top box for the now 
following process, because the equation of heat conduction is a vortex equation of type c 
or d! We discover a self-similarity: 


The spatial-temporal principle formulated mathematically by the fundamental 
field equation can be carried over into itself time and again. 
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resulting from the speed of light depending on field strength. 


a. at absolute zero temperature: 





b. if thermally excited: 





Fig. 8.3: Temperature as an oscillation of size for the 
speed of light depending on field strength 
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8.3 Temperature 


Following the atomic view, in the case of heat it concerns kinetic energy of the molecules, 

which carry out more or less violent oscillations. In the case of gaseous materials with this 
concept, basing on mechanical models, actually successful calculations are possible, like 
for instance the speed distribution of gases won by Maxwell from theoretical considera- 
tions concerning probability. 
But the attempt to apply the formulas of the kinetic theory of gases to solids and liquids 
only succeeds, if additional supplements and improvements are introduced. Since at all 
events it concerns temperature, thus the same physical quantity, of course also an uniform 
interpretation should be demanded, which in addition should stand in full accord to the 
presented design of an integrated theory (TOE). 
Against the background of the new theory of objectivity we consider, what happens, if for 
instance the local field strength is increased by a flying past particle. The matter located at 
this point is contracted for a short time. By coming closer to each other, the individual 
elementary vortices mutually reinforce their field and are further compressed. Sometime 
this process comes to a standstill, is reversed and swings back. 
At the same time every single particle, which in this way carries out an oscillation of size, 
has an effect on its neighbours with its field, to also stimulate these to the same oscillation, 
but delayed by some time. This phenomenon spreads in all directions. The propagation 
only will become stationary, if all neighbouring elementary vortices pulsate with the same 
amplitude. It now should be recorded: 





The oscillation of contraction of the elementary vortices we call temperature. 





Also this thermodynamic state variable therefore is a result of the variable speed of light. 
At the absolute zero of temperature no oscillation takes place anymore, whereas the upper 
limit lies in infinity. Since the cause for temperature represents an oscillation of the local 
electromagnetic field strength around the cosmic field strength, the following phenomena 
must be considered as excitation and cause, as dictated by the fundamental field equation 
aT: 


L Electromagnetic waves (b) are able to stimulate matter particles to synchronous oscilla- 
tions of contraction by their alternating field. In doing so energy in form of heat is 
transferred to the particles, with the result that their temperature is increased. The wave 
is absorbed completely, if the thermal oscillation corresponds with the frequency of the 
wave. 

We speak of thermal radiation. 


2: But also the two dual vortices, the eddy current (c) and the potential vortex (d) can 
cause oscillations of contraction. This immediately becomes clear, if we consider a 
vortex as the special case of the wave, in which the oscillation takes place around a 
more or less stationary vortex centre. In the case of the decay of vortices, of the 
transition of energy from vortices to matter, the increase in temperature is measurable. 

In the case of this process of diffusion we speak of eddy losses and of loss heat. 
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Answers to open questions of thermodynamics: 


1. Temperature occurs independent of the state in which the 
matter is (unified theory). 


2.Temperature even occurs in solids, where a purely kinetic 
interpretation fails (unification). 


3. Each elementary particle is carrier of a temperature. 


4.Expansion with increasing temperature because of the 
increasing need for room for larger amplitude of oscillation 
(principle: bi-metal-thermometer). 


5.For solids the thermal oscillation of size is primarily passed on 
by the electrons in the atomic hull. Good electric conductors 
therefore at the same time also have a high thermal conductivity. 
(principle: electrical resistance thermometer). 


6.For gases the entire atoms carry out this task, for which reason 
a kinetic auxiliary description becomes applicable. 


7.For extreme amplitudes of oscillation the atoms partly or entirely 
lose their enveloping electrons, when they change into the 
plasma state. 


8.The second law of thermodynamics loses its claim to be 
absolute and at best reads: with today's technology we are not 
capable, to design a cyclic working machine, which does 
nothing else, as to withdraw heat from a heat container and to 
convert it into mechanical work. 


Fig. 8.4: Questions concerning thermodynamics 


unified theory 177 


3. Flying past particles, in particular unbound and free movable charge carriers (e) 
produce an alternating field for other fixed particles. Doing so kinetic energy can be 
transformed in temperature, thus in energy of pulsation. A good example is the inelastic 
collision. But it can also be pointed to numerous chemical reactions. Whoever searches 
for a concrete example, takes two objects in his hands and rubs them against one 
another. In that case the particles which are at the frictional surfaces are being moved 
past each other in very small distance, in this way causing oscillations of pulsation, 
which propagate into the inside of the objects according to the thermal conductivity. We 
speak of friction heat. 


This model concept provides sound explanations for a whole number of open questions 
(fig. 8.4), i.e. why the temperature occurs independent of the state (1) and even in solids, 
where a purely kinetic interpretation fails (2). Every single elementary particle after all is 
carrier of a temperature (3). 

With increasing temperature most materials expand, because the need for room, purely 
geometrically seen, increases for larger amplitude of oscillation (4). This principle is used 
in the case of a bi-metal thermometer. 

In the case of solids the thermal oscillation of size is passed on primarily by the electrons 
in the atomic hull (5). Good electric conductors therefore at the same time also have a high 
thermal conductivity. An example of an application is the electric resistance thermometer. 
In the case of gases the entire atoms carry out this task, for which reason a kinetic theory 
becomes applicable as an auxiliary description (6). 

For extreme amplitudes of oscillation the atoms partly or entirely lose their enveloping 
electrons, when they change into the plasma state (7). 

Finally the model concept even limits the second law of thermodynamics, which contains 
the postulate that it is impossible to design a cyclic working machine, which does nothing 
else, as to withdraw heat from a heat container and to convert it into mechanical work (8). 


8.4 Heat energy 


The discussed oscillation of contraction shows two characteristic properties, which must 
be looked at separately: the amplitude and the frequency. 
Temperature describes solely the amplitude of the oscillation of size. 





The heat energy however is determined by both, 

by the amplitude as well as by the frequency. 

Consequently the ideas of temperature and heat energy should be kept strictly apart. It 
therefore isn't allowed to set this oscillation equal to the electromagnetic wave in tables of 
frequency. 

To be correct two tables should be given, one for the wave, characterized by a propagation 
with the speed of light, and another one for oscillations of contraction, thus for stationary 
phenomena and phenomena bound to matter. The latter indeed can likewise propagate 
relatively fast by fluctuations of pressure in the case of acoustical sound frequencies or by 
free movable charge carriers in the case of heat conduction, but the velocity of 
propagation for sound or heat is as is well-known still considerably smaller than the speed 
of light. Thus an assignment without doubts can be made as to which kind of oscillation it 
concerns. 
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Temperature describes the amplitude of the 





oscillation of size of all spherical vortices. 


The heat energy however is determined by both, 
the amplitude and the frequency. 
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Fig. 8.5: Heat conduction resp. sound 
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8.5 Sound 


The close relationship of longitudinal sound waves with the oscillations of contraction of 
thermally heated matter becomes particularly clear for ultrasound, where the arising heat 
in the inside of the body which is exposed to sound can be measured directly. The funda- 
mental difference consists of the fact that the produced sound waves not only have the 
same frequency, but also the same phase, what needs not be the case for the temperature. 
The apparently uncoordinated occurring oscillations of size of the temperature, which as a 
rule occupy more space if the intensity increases, form a "thermal noise". 


The oscillation of size with the same phase is not realizable at all in a spatial formation of 
particles, with one exception, the case that all particles expand and afterwards again 
contract simultaneously and in the same time. We can observe such a synchronization of 
the pulsation oscillations of all elementary vortices in the case of a pulsar. For us a pulsar 
looks like a "lighthouse" in space which shines with a fixed frequency. 
In reality it as well can concern a constantly shining sun, which carries out a synchronized, 
thermal oscillation of size, like a gigantic low-frequency loudspeaker. During the phase of 
contraction of the star its emitted light stays back. To us the pulsar looks dark. In addition 
the field strength is extremely increased and the light becomes correspondingly slow. 
During the phase of expansion the conditions are reversed and we observe a light flash. 
Exactly the pulsar unambiguously confirms the here presented theory of the variable, field 
dependent speed of light. 


The well-known fact that the microcosm represents a copy of the macrocosm, already 
suggests that each atom is capable of the same oscillation of size as a pulsar: if next to the 
oscillating atom a resting one is placed, then does this one see a smaller field during the 
phase of contraction because of the increasing distance. It hence becomes bigger itself. If 
the pulsating neighbouring atom afterwards expands, it however becomes smaller. The at 
first resting atom in this way becomes a "pulsar" oscillating with opposite phase. 
The oscillating atom has stimulated the neighbouring atom as well to an oscillation of size, 
and this process will be repeated with the closest neighbouring atom. We speak of heat 
conduction. 

To which extent the average distance between neighbouring atoms is influenced while a 
material is heated, solely depends on the structure of the atomic lattice. For matter with a 
fixed lattice according to expectation a smaller heat expansion will occur, as for the 
unordered structure of gases, in which we find confirmed well-known relations. 


In a for potential vortices characteristic property sound waves and thermal waves of 
contraction correspond: 


The propagation of potential vortex fields takes place as a longitudinal wave. 


In this point vortex fields clearly differ from the transverse propagating electromagnetic 
waves! 
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1. Ampére’s law (see fig 5.1): q 









rotH = ¢-: (E/t1 + 6E/dt) 


with relaxation time 31 = &/o 
transformed: 6E/ét = (1/s)- rotH — E/t1 
integrated: E = J{(rot H)/e — E/t| dt 







2. Faraday’s law of induction (in analogy): 


-rotE = uw- (A/t2 + 6H/ét) 


transformed: 5H/dt = —(1/u)- rot E —- H/t2 





integrated: —-H = f [(rot E) /u +H /2] dt (5.4848 









Signal flow diagram of the field equation 5.1***: 
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Fig. 8.6: Control technical analysis of the dual equations 
of the hydromagnetic field. 


unified theory 181 





8.6 Basic principle of cybernetics 


Surely can be attributed also information to the potential vortex. But how should infor- 

mation be formed? Is information a form of energy? Energy occurs as a consequence of 

the formation of potential vortices. Without this phenomenon there wouldn't be any 
energy! 

Can information be described by means of a mathematical equation? 

To be able to answer these questions, we subject the fundamental field equation to a 
control technical analysis. If it actually concerns a world equation, then an answers should 
be possible. 


We again take up Ampere's law 5.1* from fig. 5.1 and remodel it according to the time 
derivative (5.1**). If the equation now is integrated over the time (5.1***), a signal flow 
diagram can be drawn (fig. 8.6). 
The structure of a regulatory circuit is clearly visible. The individual paragraphs are 
described in an analogous way as for a technical control system. The execution of the curl 
operation on the field pointer of the magnetic field strength H and the multiplication with 
accordingly form an adaptation of driving factors. In the comparator the difference for 
control from driving factor w and controlling factor x is formed and supplied to an 
integral controller. The control path has a purely proportional behaviour and consists of 
the processing of the measurement value of the electric field strength E with 1/t). in which 
describes the relaxation time of the eddy currents. 
In technical control systems such a structure is found remarkably seldom, although it has 
an invaluable advantage: it possesses a stability in principle. Not a single adjustment of 
the controller exists, in which the closed regulatory circuit could become unstable, 
because it shows a proportionally delaying behaviour of first order. Possible changes of 
the adjustment of the controller or of the control path merely take effect on the speed, with 
which the regulatory circuit is able to follow changes of the driving factor. 
This control technical basic principle convinces by its simplicity and efficiency. It meets 
us again in identical form in the second field equation 5.4*, the extended Faraday's law of 
induction. In dual formulation the electric field strength now appears as input factor and 
the magnetic field strength as output factor. Both regulatory circuits are coupled and 
connected with each other, by deriving their driving factor each time from the controlling 
factor of their dual partner. Is this structure actually efficient and meaningful? 
Every regulatory circuit needs a target value, which is dictated from the outside. Let us 
think of the numerous control systems in nature. At all events a higher intelligence would 
be necessary for all the target values. This problematic is comparable to the question, what 
existed first: the egg from which a hen hatches or the hen without which no eggs can exist. 
Without a given target, evolution would not exist. 


The connected regulatory circuit structure provides the matching answer: cybernetic 
systems, which usually and as is well-known strive to a state of balance, get their target 
value from their dual "partner". It is crucial that correspondingly dual systems are self- 
sufficient and can form and develop independently out of themselves without target values 
of a third side. This basic principle of cybernetics undoubtedly is brilliant. 
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Fig. 8.7: Signal flow diagram of the fundamental field 
equation 
with adaptive structure. 
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8.7 Adaptive regulatory circuit structure 


If out of the nowhere something like the cosmos or like life on earth should form, then the 
connected regulatory circuit structure basing on duality probably is the only possible and 
conceivable. Thus it merely concerns the control technical representation of the funda- 
mental field equation. 


The question for the efficiency not only concerns the stability, but equally the possibility 
of both systems, to oscillate and to communicate with each other by the coupling and the 
associated exchange of information. 


Fig. 8.7 shows the signal flow diagram of both regulatory circuits. These are switched in 
line and form a coupled circuit, which itself can be interpreted as a third regulatory circuit. 
Also this one shows a change of sign in the circuit like the other two circuits. 


The information technical interpretation could turn out as follows: information about a 
regulatory process in the lower regulatory circuit F,,; caused for instance by a disturbance 
is communicated over the coupled circuit to the upper regulatory circuit Fy. In this case 
F,,; acts as transmitter and Fj, as receiver of the information. Afterwards both exchange 
their places, because Fj, for its part reacts by a regulatory process and reports to F,,;. The 
regulatory circuits adapt to each other. Obviously it concerns the basic structure of an 
adaptive regulatory circuit. 


To analyse the coupled circuit the examination of individual special cases is 
recommended. If the regulatory circuits F,; and F;, are opened up in the way that the time 
constants tau, and tau, go towards infinity, then the double integral effect is left. Analyses of 
technical regulatory circuit teach us that such systems always tend to instability. Because 
in addition the target value is zero, an oscillation around zero will arise, which we call 
electromagnetic wave. 

If one of both time constants becomes finite, e.g.t2, then damping of the waves will occur. 
The "subordinate" cascade regulatory circuit F,. will adjust itself and now has a propor- 
tional delaying behaviour of first order. Together with the integral controller of the open 
F;- circuit the coupled circuit will show the typical and more or less optimal regulatory 
behaviour of a damped oscillation. 


These special cases correspond with the mathematical (fig. 5.2) and the physical (fig. 5.3) 
interpretation of the fundamental field equation. In addition a spatial rotation, a swirling 
will occur because of the double execution of the curl operation. 


If interpreted control technically then vortices are the temporally stable, spatial swing of a 
field pointer around a centre, the vortex centre. 


Without potential vortices no stability, no matter, no energy nor information would exist! 





As can be looked up in Goethe's Faust, it always has been a desire of humanity, to find 
out, "what keeps the world together in the heart of hearts". 
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Fig. 8.8: |Table of dual correspondences 
(as a supplement to chapter 3.3 and fig. 4.2). 
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8.8 Information 


The search for an answer for numerous philosophers and physicists was tantamount to the 
search for a world formula. Of course mustn't be forgotten that a formula only is a 
mathematical description and never the physical reality itself. It is a mathematical tool in 
the hand of a person and not the world or the cosmos itself, which he tries to understand. 
What keeps the world together in the heart of hearts, has to be more than only a pure 
apparatus of formulas. Actually the fundamental field equation tells us more. It reveals us 
a basic principle basing on duality in which the dual partners mutually dictate target 
values and goals. This principle convinces by its simplicity and efficiency. Apart from the 
"self regulation" it obviously also has the fundamental possibility of a "self 
organization" and the "generation of information". The field equations of the 
hydromagnetic field thus are the starting-point for the formation not only of matter and 
energy, but also of information. Accordingly holds: 





Information is nothing but a structure of electromagnetic vortex fields! 


This statement is new and to a large extent incompatible with the conception world of 
Norbert Wiener, who goes as the founder of cybernetics. From N. Wiener stems the 
sentence: "information is information, not matter and not energy". 

We hold against it that obviously a fairly direct connection exists. We have worked out 
that only the vortex can show a stable adaptive regulatory circuit structure. Only the 
vortex and not the wave exists in two forms of formation dual to each other, and the 
principle of duality again is the prerequisite for the formation of information, of self 
organization and finally for the evolution. In fig. 8.8 well-known dual partnerships are 
listed. From it follows in a consistent way that for the production of information without 
exception the electromagnetic vortices should be considered. 

But how can this so important duality occur, how can it form? This question is closely 
associated with the question of the formation of vortices. The signal flow diagram (fig. 
8.7) to that says that the dual regulatory circuits F; and F, can only exist by the coupled 
circuit, which provides them the necessary target values and at the same time forwards the 
respective information. In this way of the oscillations and the more or less damped wave 
F, and F, communicate with each other. 


The electromagnetic wave serves solely the 
mediation of information and energy. 


With that falls a central role upon the wave, so that vice versa is valid: 





Without wave no vortices, no duality and 
consequently no evolution can exist. 


According to the to date state of knowledge the basic principle of cybernetics forms the 
basis for matter and energy as well as for information. Since the wave can only serve the 
transmission of information, the principle of duality and the vortex will function as 
carriers of information. We are entitled, to speak of vortex information, this by no means 
is characterized by special frequencies or modulations of frequencies. This is prevented by 
the property of the vortices which allows them to change the frequency. On the other hand 
various configurations of vortices are possible and numerous combinations and modula- 
tions are conceivable. 

If technical apparatus generate vortices, then they produce information. Here a serious 
danger with regard to the environmental compatibility can not be excluded! 
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Equivalent things: 
* elements of the fundamental field equation 5.7 
*elements of the Greek philosophy of nature 
* temperaments 
* (impulses of growth) 
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Fig. 8.9: The theory of four elements of the old Greek 


philosophy of nature (Aristotle and others) 
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8.9 Philosophy of nature 


Seen in the view of the philosophy of nature now two dual points of view are possible. 

The optimistic one would be: 

We and our environment on the one hand are a result of the cybernetic principle and on 
the other hand of our observation point of view which should be valued relativistically. 
If really everything should be electromagnetism, a phenomenon which can't be grasped 
directly by humans, then the pessimist would come to the conclusion: everythins is 
nothing. What we observe is nothins but a deception of the senses. Perhaps therefore 
famous philosophers of antiquity, like Empedokles or Demokritos have ended their life in 
the crater of the Etna. According to the theory of the atom of Demokritos (470 to 380 
B.C.) the formation of matter, earth and celestial bodies will occur by means of formation 

of vortices! 

Empedokles (482 to 420 B.C.) was the first to develop a theory basing on four elements, 

which was continued and improved by Plato (428 to 348 B.C.) and Aristotle (384 to 322 

B.C.). Accordingly these elements are changeable into each other and mixable with each 

other. From them all bodies are build up. 

The terms "air, water, fire and earth", with which the philosophers have described the four 

elements, are of course not identical with the ones in our translation and conception world, 

but they were used in a philosophical sense as a substitute for the description of the 

respective basic principle. 

There also have been different approaches, to translate these terms differently, e.g. by an 
assignment to the four states of matter (solid, liquid, gaseous, plasma). But the ancient 

texts don't get easier to read in that way. 


Fig. 8.9 shows the obvious assignment to the four building parts of the fundamental field 
equation 5.7. It would be worth an attempt, to exchange the terms in the translations of 
ancient texts and to translate air with wave, water with potential vortex and fire with eddy 
current. The term earth has two sides, which should be translated with potential instead of 
wood and current instead of metal. 


Let's try the translation this way with the theory of Plato’, by correspondingly translating 
anew the talk of Timaios about the formation of the world. The perception of smell then is 
described as follows: "...as the potential vortex turns into waves (or) the wave into 
potential vortices, the smells are formed during this transition, and smells are smoke or 
fog. But fog is the transition of waves into vortices, the transition of the vortex into waves 
however smoke". 

Plato here provides an indisputable and conclusive interpretation of the fundamental field 
equation. In this equation the potential vortex acts as damping term in the wave equation, 
what in the case of waves rolling up to vortices will show to the observer in the way that 
the electromagnetic waves and therefore also the light will be damped. We say, the 
visibility gets worse and speak of fog. If the damping phenomenon disappears again, as 
the potential vortices break up, then Plato speaks of smoke. 

Numerous ancient texts, which until now only could be "interpreted" philosophically, in 
this way turn out to be a rational textbook description of natural scientific phenomena. 
They anyway only get readable and understandable for the general public with the modern 
technical terms. 


<i>: Platon: Samtliche Werke 5, Rowohlts Klassiker Nr. 47, S. 188, 66e 
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Optimist: 
fe and our environment on the one hand are a result of th 
enetic principle and on the other hand of our observation point 





nothing. What we observe is nothing but a deception 





Plato” (talk of Timaios about the formation of the world) 
description concerning the perception of smell: 


"as water (the potential vortex) turns into air (waves) or air (the 
wave) into water (potential vortices), the smells are formed during 
this transition, and smells are smoke or fog. But fog is the transition 
of air (waves) into water (vortices), the transition of water (vortex) 


into air (waves) however smoke" 


changed translation with the technical terms: 


air = wave 
water = potential vortex 
fire = eddy current 





Asa consequence: 





smell is vortex information 


Fig. 9.0: The explanation of Plato concerning the 
formation of 
smell, smoke and fog" 


<i>: Platon: Samtliche Werke 5, Rohwohlts Klassiker Nr. 47, S. 188, 66e 
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9. Usage 


If the newly discovered vortex phenomenon of the vortex of the electric field exists, then 
it will be possible to practically use it. Whereas we still think about possibilities for 
technical usage, there by all means exists the possibility, that nature already is successfully 
using the vortex for a long time. We should look precise at things. We can only learn of 
nature! 


Remarkable about the passage of Plato (fig. 9.0) is not only the fact, that the potential vor- 
tex already was known for two and a half thousand years and was taken into consideration 
for an interpretation, but also the realization of Plato, that during the described transition 
the smells form. Smell thus would be a vortex property! 


After all vortices are able to bind information as can be inferred from the basic principle of 
cybernetics. With this vortex property and the statement of Plato smell obviously would be 
nothing else than pure information which by potential vortices is stored, distributed and 
eventually is caught by the hair cells for smell of the nose. 
If now a dog takes up a track, does it then run after vortices which remained behind or 

does it analyse, according to the encyclopaedia, the chemistry left behind, or does it 
combine both? Does the bloodhound for instance interpret the vortical oscillations of 
chemical substances like lattice oscillations or the movements of the electrons in the 
atomic hull? A lot of work awaits the research scientist of vortices here. The seminar will 
offer opportunity, to deepen this topic~”. 


Only if technicians exist, who put an electronic box on the table with a button, at which 
they adjust the wanted scent of rotten eggs to lavender, we honestly can claim to have 
understood the phenomenon of the smell. 


For the majority of the people a theory only wins its sense by the practical applicability, 
and therefore we'll have to develop and present a technical usage on the basis of the 
vortex theory. 


<i>: Suggestions for appropriate seminar themes: the meaning of smell, taste, the 
aroma therapy, the homeopathy or the effect of aetheric oils. (To that in part 
3, INDEL Verlagsabt. 2003) 
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Fig. 9.1: High tension transmitter of Nikola Tesla 
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9.1 Longitudinal electric waves 


It is important, that experts struggle for problem solutions. Only if the discussion about 
limits doesn't come to a result which can be grasped and verified, then also in the 
environmental compatibility the willingness will grow, to accept a not yet known 
phenomenon as a further and possibly crucial influential factor. 

Already for a hundred years there has been a dispute of experts. At that time scientists all 
over the world were trying to verify the experiments of Heinrich Hertz. Then from 
America the message came, Hertz had been mistaken and the electromagnetic wave would 
have completely other properties. The scientists in Europe were indignant, but they had to 
take the message seriously, because it after all came from the important experimental 
physicist Nikola Tesla (1856-1943), who with his inventions of the rotary field and of the 
asynchronous motor has stamped today's electric energy technology as no other. 


As a result Lord Kelvin boarded a steamship as a mediator and sailed 1897 to New York 
to convince Tesla from the opposite. But the experiments, which Tesla presented his 
Lordship, didn't give rise to any doubts’, and thus Kelvin returned to Europe with the 
message: "Both are right, Tesla as well as Hertz! Whereas the electromagnetic wave which 
Hertz has detected, is a transverse wave, does Tesla work with a longitudinal wave"! 
Lord Kelvin as a result started to draw most different vortex models, because it was clear 
to him, that a propagation as a longitudinal standing wave analogous to the sound wave 
only is conceivable, if quantized structures exist, which knock each other mutually. Kelvin 
therefore assumed vortex structures of the electromagnetic field. His vortex models were 
published and landed in the curiosity box of orthodox science. 

Heinrich Hertz did have a big advantage. He could refer to Maxwell and calculate his 
wave with the field equations. For modern technology the mathematical calculability is 
almost an indispensable prerequisite! 

For Tesla wave there however neither was a mathematical nor a physical theory. The only 
thing Tesla had, were presentable experiments. 

In Colorado Springs he had build a 10 kW transmitting installation and lighted 200 fluo- 
rescent lamps of 50 Watt each on a mountain in the Rocky Mountains in a distance of 25 
miles. With that he had completely transmitted the transmission power of 10 kW, as can 
be inferred from the press reports at that time. With Hertzian waves, which propagate 
spatially, this experiment even today, after over 100 years, wouldn't be realizable techno- 
logically. According to the law of the square of the distance one isn't even able to let glow 
a tiny little lamp in such a distance. 


For sure his rotary field theory was a big help for Tesla in all experiments. Actually a 
rotary field can be seen as the special case of a planar vortex. 

Thus Tesla obviously was able, to use the potential vortex without even knowing it. Tesla 
has stimulated a loosely coupled high tension coil wound like a spiral to self-resonant 
oscillations and emitted the produced vortices over an antenna (fig. 9.1). On the receiver 
side the process was then reversed. 





<i>: N. Tesla: HI. The Singular Misconception of the Wireless (Famos Scientific 
Illusions), Electrical Experimenter, Feb. 1919, p. 732. 
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Fig. 9.2: Orgone accumulator according to Wilhelm Reich. 


<i>: Dr. James DeMeo: The Orgone Accumulator Handbook, 
ISBN 0-9261855-0-7 
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9.2 Medical technical usage 


Nikola Tesla at his time was extremely popular in the area of medicine. With his inven- 
tions injuries were cured and pain eased. Modern diathermy goes back to his work. But 
Tesla at that time has treated the patients with vortices, whereas today, possibly out of 
ignorance, electromagnetic waves are used. These however have in contrast to potential 
vortices only a small penetration depth. Today in addition only the effect of heat is con- 
sidered and in no way the information technical effect of electric vortices. Here we are 
missing the comparison, to be able to say. if the treatment with a Tesla apparatus was 
more successful than with modem microwave radiators. 


The experiments of Wilhelm Reich (1897-1957) aimed in the same direction. Exactly as 
Tesla 55 years before also Reich emigrated to America in 1939. He had specialized in 
catching and collecting vortices, which he called "orgone", from the air. In this way he 
could store up high energies over time and then use them purposeful. With his "orgone 
accumulator" he was able to cure wounds faster and to ease pain. He also treated cancer 
and a lot of forms of anaemia. Technically Reich could demonstrate, that charged 
capacitor plates discharge faster under the influence of his apparatus. His orgone 
accumulator for instance is a wooden box, filled with wool of steel and wood, which 
alternate in layers. He said that the reason for this construction is, that metals repel the 
orgone energy, whereas organic materials become charged and accumulate it. That holds 
in his opinion to a particularly high degree for water. 

Reich concludes that no material and no device are known, with which the orgone energy 
could be shielded. This with regard to the environmental compatibility of the vortex 
phenomenon should make us thoughtful. 

As a supplement it should be mentioned, that Reich already at the end of the forties has 
pointed to the dying of the forests and he has made a direct connection to the orgone 
energy. Reich was slandered and mocked and died in the prison of Connecticut, while his 
writings were bummed publicly. 


Not much better fared the Austrian forester Viktor Schauberger (1885-1958), who also 
can be described as visionary. He was able to produce water with a particularly good 
conductivity. His water in addition goes for medicinal and healthy. Also to him travelled 
cancer patients of far away to get this water. 

Schauberger spoke of the natural treatment of the water, whatever he meant with that. In 
any case he build with great success installations to transport wood by floating it and even 
installations to mine ore with so-called double twist pipes, which made possible a 
transport without friction even of materials, which are heavier than the "means of 
transport" water. It could be proven that no contact with the pipe took place. This was 
scientifically investigated and confirmed at the university of Stuttgart 1952 by Prof. Popel. 
Quite obviously in the double twist pipe vortices have formed, which have bound the 
material to be transported (see phenomenon of transport). 

Today you can buy levitated water at over 100 selling points in Europe, of which is 
claimed, that it is prepared according to instructions of Schauberger. Unfortunately we 
aren't able to ask him anymore, if he agrees with such a "centrifuged" water. Thus the test 
of the effectiveness has to be left to everyone himself or herself. 
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A: Concerning the functioning of the Faraday generator 


(E = vxB): 





B: Construction of the flying disc: 





Fig. 9.3: Applications of the Faraday generator” 
in the flying disc of Prof. John Searl 
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9.3 Flying objects 


The medium of Viktor Schauberger always was the water. He could produce light effects 
and very high temperatures with it with only minimal excitation in the form of impulses. 
An installation, which had been built according to his plans at the company of Siemens, 
eventually melted at 4000°C by improper operation, as he himself stated. According to 
that the machine would have released more energy than used, thus a perpetuum mobile. 
The authorities of the state in the Third Reich were impressed and put Schauberger in a 
concentration camp, where he was instructed to build a "flying saucer" under permanent 
supervision together with fellow prisoners. For him it's all about the concentration effect 
and the usage of the as a result occurring implosion in contrast to our today's " technology 
of explosion and fire" as Schauberger was accustomed to express himself. 
It is not known, if Schaubergers "repulsine" ever has took off. 


A disc, which has proven its suitability to fly, was constructed and built by the english 
technician John R. R. Searl, although he said he can't explain the effect. He also had big 
difficulties, to get the apparatus under control. A disc broke through the ceiling and the 
roof of his laboratory and disappeared to never be seen again. Five other flying discs, 
which he after this experience started in the open, went lost in the same manner. 
Without knowing the effect, he of course neither could assess the dangers. His 
experiments have claimed serious injuries and a casualty. While he 1985 was put in prison 
under a pretext, his laboratory and his house were burned down and all documents 
destroyed. Now he works on a technical usage. According to the principle it concerns a 
Faraday machine. Thereby a permanent magnet, magnetized in axial direction, is turned. 
Now the magnetic induction B for a relative velocity v is measured as an electric field 
strength E according to equation 6.10: E=vxB. (6.10) 
Because the vectors are arranged as standing perpendicular to each other, will arise a 
tension voltage in radial direction (direction of E-field) which can be taken off. Apart from 
the friction no further force of reaction occurs in the case of the Faraday generator. 
Because of the small gain of energy until today no application ready for the market exists. 
But this principle, to convert magnetic field energy into electric, already has moved the 
nature of many inventors. Professor Searl has reversed this old principle. Whereas 
normally the component of the velocity towards the centre of rotation decreases, it 
increases in Searls case. For that he works with roller pivoted concentric rings, which he 
drives by a small electric motor (fig. 9.3). Doing so something inexplicable for him 
happens: After switching off the motor the revolutions per minute don't decrease again, 
but increase audibly and increase further, until the produced electric field shows the well- 
known high tension phenomena: corona discharges, formation of ozone, ionisation of the 
air and production of a vacuum in the inside of the disc. 

The rings and rollers consist of several layers, which are built up similar to a bi-metal. The 
only explanation I can think of is that a change in structure would occur as a result of the 
physical length contraction which is caused by the increase of the E-field in the direction 
of the centre of rotation. The bi-metals try to withdraw themselves from this change by an 
increase of their rotation of their own (fig. 6.5). To compensate the field the disc builds up 
a spin, as also the elementary particles do (fig. 6.13). While the formation of vacuum pre- 
vents sparking in the inside of the flying disc, and the revolutions per minute further in- 
crease because there is no air friction whatsoever, the disc weighing 5 tons all of a sudden 
lakes off the ground and according to reports of eyewitnesses shoots vertically upwards. 
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high tension 





atom direction of movement atom 

(air) (charged capacitor) (air) 

Fig. 9.4: Capacitor experiment concerning the so-called 
electro- 


gravitation according to Prof. Biefeld / Dr. Brown 
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9.4 Electro gravitation? 


Wild speculations circulate about the mechanism of the flight of a "flying saucer", which 
should function without sound and without combustion, and for which no sound barrier 
exists, as pilots have observed. The talk is about cancelling gravitation or about an 
"electro gravitation". 

Reproducible in any case is an experiment, which has been systematically investigated by 
the american professor Biefeld and his pupil T. Brown from 1925. Accordingly does a 
body charged to high tension show a force effect in the direction of its positively charged 
note. As a check for oneself a capacitor can be suspended on its connection wires and it 
can be observed, how it moves visibly in the direction of the positive pole in case it is 
charged (fig. 9.4). 

Because the Biefeld-Brown effect depends on direction, it actually can't concern gravita- 
tion at all but merely a not understood electromagnetic interaction. In the neighbourhood 
of the capacitor pole air molecules are found, and their negatively charged atomic hull is 
attracted by the positive pole. At the same time the atomic nucleus is repelled. By that the 
air atoms in the presence of the high tension capacitor become unsymmetrical, causing the 
force of attraction due to the smaller distance to exceed the force of repulsion. At the 
negatively charged end the conditions are exactly reversed. There a repulsion occurs. 
Because the polarized air atoms and molecules are sucked in, no pressure can build up and 
as a result no sound barrier can occur. Experiments with charged and uncharged rockets 
have brought the interesting result, that the electrically charged rockets flew many times as 
far as the uncharged ones (5-6 times as high)~”. 

Many a person now perhaps starts to dream of the flying carpet but, as said, it isn't an 
"effect of antigravitation". Does "free energy" actually exist, we have to ask ourselves? 
From the gravitation the soviet physicist Landau calculates an energy density of 16 
megawatt hours per cubic meter for the earth's surface. Immediately inventors are found, 
who want to use this gravitational energy. 


Nikola Tesla in his laboratory in Manhattan has incidentally built resonators, of which he 
could bring all electric, magnetic and mechanic factors in resonance. On an evening stroll 
he fastened a battery operated vibrator to the tubular steel scaffolding of a new building 
and let everything shake and wobble. In his laboratory such a device once got out of 
control by inattentiveness and triggered an earthquake. In that way the road surfacing and 
pipes were burst and window panes got broken. The police penetrating his laboratory only 
could see, how Tesla forcible finished the experiment with a sledge-hammer. 

The experiments which got out of control of Tesla, Searl and Schauberger have one thing 
in common: it concerns constructions with an unipolar arrangement of the field. 

Tesla had arranged the magnetic field in a unipolar way, as he has reported himself, Searl 
had realized electric unipolar fields in a construction similar to the electron, and Viktor 
Schauberger had specialized in producing unipolar structures with water vortices. 

In the case of the corresponding technical usage, which can be interpreted as making use 
of the occurring "spin coupling", therefore in principle utmost caution is imperative. 





<P: Rho Sigma (Dr. Rolf Schaffranke): Forschung in Fesseln, das Ratsel der 
Elektro-Gravitation, Ventla-Verlag, Wiesbaden, 1972, Page 67. 
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Nikola Tesla: ,,Ere many generations pass our machinery will be 
driven by power obtainable at any point in the Universe This idea 
is not new, we find it in the marvellous myths of Antheus, who 
derives energy from the earth... Everywhere in the universe there 
is energy. Is this energy static or kinetic? If static, our hopes are 
in vain; if kinetic, and this we know it is for certain, then it is a 
more question of time when men will succeed in attaching their 
machinery to the very wheel work of nature". New York, the 20" 
may 1891, American Institute of Electrical Engineers. 
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x Consumer light bulbs 


Fig. 9.5: Energy transmission bound to a _ wire, 
Patent No. 593,138 (1897) of Tesla. 


<i>: Philadelphia Public Ledger, Nov. 2, 1933 
<i>: Dr. Nikola Tesla: Complete Patents, Tesla Book Company, New Edition 1983, 
Compiled by J. T. Ratzlaff, ISBN 0-960356-8-2, page 301-304. 
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9.5 Free energy? 


Furthermore is reported of Tesla, he would have developed a "converter for space 
energy" and 1931 have built it in a luxury car (Pierce Arrow). The car was a 145 km/h 
fast, doing so the asynchronous motor (presumably built by Westinghouse) furnished 80 
HP at 1800 Rpm. The "free energy" the converter, build by Tesla himself, got from a 1.8 
m long antenna. Because the motor ran without adaptation of frequency in slipping 
operation, it had to be cooled correspondingly. It was on the way in trial run for over a 
week. Now we of course want to know, of what this "free energy" consists, which Tesla 
will have used and of which he already 1891 had spoken in the American Institute of 
Electrical Engineers. 

For the electron as a spherical vortex we have calculated an electric tension voltage of 511 
kV between its surface and its centre respectively infinity (equation 6.31*, fig. 7.1). The 
highest level of tension voltage normally used for the high tension transmission lies at 380 
kV (effective value); for a direct current transmission it is 500 kV. Although still higher 
tension voltages would be desirable, they are avoided. This is no accident. Experiments 
with higher tension voltages namely have resulted in inexplicable high losses. 
We have an explanation: the electrons are taken apart on the way! Their inner energy 
amounts with the outer energy to zero. The charge carrier, which in the power station as 
result of an energy conversion has been sent on a joumey, is in danger to vanish into thin 
air (e.g. corona) for tension voltages above 511 kV. The transmitter of Nikola Tesla how- 
ever (fig. 9.1 and 9.5) worked with 600 kV and more. He said, with his experiments he 
had destroyed billions of particles without being able to observe an emission of energy 
and made fun of the misinterpretation of Einstein of the already at that time well-known 
mass-energy relation E = mc’. 

For the purpose of a one wire or a wireless energy transmission the tension voltage there- 

fore has to be higher than 511 kV. With Teslas equipment however the electrons shouldn't 
be destroyed, but merely be pulled apart to plane circular vortices with help of the today 
is Tesla coil known winding. These then could be sent on a journey over the antenna, to 
again be caught and formed back in spherical electrons by the receiver antenna. As long as 
the electrons don't fall apart, they keep their structure and quantum property. Quanta pass 
on an excitation, for instance a bump, in form of a longitudinal standing wave, by one 
particle bumping the neighbouring particle, analogous to sound waves, where one gas 
molecule passes the bump on to the neighbour. The transmission hence takes place as 
longitudinal scalar wave. 

Electrons pulled apart to planar vortices in addition haven't got a closed vortex centre 
anymore on their journey. For the by Tesla in his laboratory used and publicly presented 
one wire energy transmission (1897, Patent Nr. 593,138) the transmission hence doesn't 
take place in the wire, but as vortices around the -wire. That explains, why only a 
relatively thin conductor, which normally should have melted, was necessary for a 
demonstrated power transmission of 10 kW. Tesla however could show, that the wire 
stayed cold and _ virtually no _ heating losses were measurable<ii> (fig. 9.5). 
He himself said, that this one wire transmission technology is much better than the alter- 
nating current technology full of losses, which stems from him as well. Tesla must have 
known the limit of 511 kV very exactly, because on several photographs one can see, that 
he changed the coiling technique off this value! 


<i>: Philadelphia Public Ledger, Nov. 2, 1933 
<ii>: resp. Tesla's lost inventions, VAP, page 36 and page 48, 49. 
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Nerve cell: "Action potential" Synapse 


(= amplifier) (= electrical signal) (= diode + 


memory) 
cell body (soma) nerve fibre (axon) 


Nerve conduction with 120 m/s 








Fig. 9.6: Nerve cell and message processing (neurons) 


¢ Material information conduction: at plants 
¢ Information conduction with hormones: at simple animals 


¢ Electrical information conduction: at higher developed 
creatures 


¢ Analog transmission: from 10% and more difference in 
potential, and 


¢ Digital transmission: number of the action potentials 


* Modulated information: i.e. complex modulation of the 
action potential (the potential vortices) 
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9.6 Nerve conduction and action potential 


Technical solutions often are only a suboptimum and many times they are anything but an 
optimum. In many cases the feasibility stands in the foreground. In the question of the 
current distribution at that time the decision was made for the worse system, the full of 
losses three phase system, because no current meters were available for the free of losses 
one wire technology. Without being able to collect money from the consumer, it wouldn't 
have been possible for the energy distribution installations to pay for themselves. 
Compared to that is nature with its selection principle merciless and without compromises. 
Only the most efficient system has a chance to survive and to spread. If it's about trans- 
mittining information in an electric way and two different principles present themselves, 
then in nature only the better one will be brought into action. 

Let's take a look at the nerve conduction in the human body. In the synapses ion concen- 
trations and electric potentials of 70 to 90 mV arise. Here with conventional gauges the 
activity of a nerve can be detected. From a measurement of the transmission time of 
synapse to synapse the velocity of the signal is determined. If we however want to 
measure between the switch points on the line, then we have to find out, that for instance 
with an ammeter actually nothing is measurable. In addition the nerve fibre has a 
miserable conductivity. 

The biologist calls the electric signal just "action potential" and draws a vortex-like ring 
around the nerve fibre and speaks of a mixed digital and analogue information 
transmission. 

The doctor on the other hand knows two different types, fast and slow nerves. In the inside 
both are built up virtually identical. A characteristic difference consists of the fact, that the 
fast nerves are jacketed with a thick fat layer. 

The technician would say, they are better isolated, but why they therefore should be faster, 
he hardly would be able to answer. If we however assume, that the action potentials or OUT 
potential vortices oscillate around the conductor, thus exactly in the isolation layer and are 
forwarded there, then possibly an explanation would have been found. 

The nerve conduction moreover has much in common with the one wire system of Tesla: 


1. Charges and electric potentials are transmitted 
2. Doing so a transport of charge carriers, thus an electric current on the 
line, isn 't detectable. 
3. Consequently no losses worth mentioning occur. 
4. Decisive for the functioning is the dielectric insulator material which surrounds 
the conductor and not the electric resistance of the conductor. 
5. Incontrast to electric circuits a draining conductor is unnecessary. 


It looks as if the one wire system is not new at all, as would nature use it already for ages 
in the highest perfection. We realize immediately, why our head does without a ventilator 
and how the high of signal processing density can be explained. Compared with our brain 
modern personal computer (PC) with their backward cable technology are far less than a 
suboptimum. 


With regard to the pressure on the environment by interference radiation we had derived, 
that currents and eddy currents with the skin effect direct their radiation to the outside, 
whereas potential vortices with their concentration effect direct it to the inside. Probably 
for this reason the radiation field of a person is environmentally better compatible than 
that of a PC. 
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Fig. 9.7: Wireless energy transmission, 
Patent No. 645,576 (1900) of Testa.” 


<i>: Dr. Nikola Tesla: Complete Patents, Tesla Book Company, page 311-321. 
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9.7 Wireless energy transmission technology 


Tesla still went a step further. He has cut the wire connection between transmitter and 
receiver (fig. 9.5) and instead has installed each time a spherical electrode (fig. 9.7). With 
this facility he now was able, to transmit energy completely wireless (1900, Patent No. 
645,576). Building on this principle Tesla already 1890 had built a radio remote control 
for a battery operated submarine and had presented his patented system the navy. But they 
weren't able, to recognize the strategic importance of the radio technology and rejected 
with the words: "It's too advanced!" (fig. 9.8). 


Tesla further had proven with this technology the mentioned proof concerning the 
existence of longitudinal electromagnetic waves. There exist descriptions, partly of Tesla 
himself, how he, inside or also outside his laboratory, goes in search of oscillation nodes 
of the standing wave with a measuring receiver. 
He names several conditions for the wireless energy transmission: 


1, "perfect resonance" (same frequency) of transmitter and receiver 
2. Installation of the receiver on an "oscillation node" (maximum). 





Important is also the measurement of the velocity of propagation, and that isn't constant 
from the start for a wave, which oscillates in the direction of propagation. From the 
research of earthquakes we know, that the longitudinal waves are faster than the as well 
occurring transverse waves. Usually the distance to the epicentre is determined from the 
difference in transmission time. 

In the patent specification the measurement is described“. Tesla has sent longitudinal 
radio signals from his transmitter in Colorado Springs once around the earth along the 
earth's surface and determined a transmission time of 0,08484 seconds. This corresponds 
to a frequency of approx. 6 Hz. He saw his result confirmed, as he could find the oscilla- 
tion node of the standing wave again (according toA/2)in his laboratory (on the ground 
plate). 

For the full wave lengthA the Schumann resonance, which describes a standing wave of 
an around the earth running Hertzian wave, lies as is well-known at 7.8 Hz! Tesla 
calculates for his wave a speed 1.6 times the speed of light assuming the polar radius of 
the earth to be 6363 km. 

Also this measurement result confirms, that Tesla didn't use the Hertzian wave. Tesla 
found the off-beat concept of Einstein, the speed of light would be the fastest possible 
velocity of signal transmission, only funny. If however today is claimed, 1993 in 
tunnelling experiments for the first time a speed faster than light has been measured, then 
this just isn't true. Possibly also the Tesla wave tunnelled, as the vortices for a small 
conductivity of the air contract and as a result of the length contraction become 
correspondingly fast. 

Later Tesla after several goes in vain even succeeded in building a high tension tube as a 
tunnel, with which the velocity of the signal could be increased arbitrarily. Tesla with that 


<i> 


pursued the goal to be able to make radio contact with other worlds”. 


<i>: N.Tesla: Art of Transmitting Electrical Energy Through the Natural Mediums, 
US-Patent No. 787,412, 18.4.1905, Complete Patents pp. 397-402. 
<i>: M. Cheney: Tesla, Man out of Time, Barnes & Noble Books, New York, 1993, 
und S. 309, Omega-Verlag, 1996, ISBN 3-930243-01-6 
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Fig. 9.8: Energy wave broadcasting system, 
Patent No. 787, 412 (1900) of Tesla. 
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9.8 Measuring and switching technique of Nikola Tesla 


As an important and accepted experimental physicist with 14 doctor titles and carrier of 
the Edison medal Tesla always has held on to his measurement results. Not a theoretical 
interpretation but exclusively correct carried out measurements have shown him the 
physical reality. But the by Tesla won measurement results were already for 100 years 
hard to digest and couldn't be brought into accord with any theory. Therefore a switching 
technical analysis of the by Tesla described and carried out experiments should give us 
now information over the nature of the free energy, the tachyon energy, the orgone, or 
however fantastic the terms may read. 

The Tesla coil, according to the instructions of the inventor, is a flat coil wound like a 
spiral in contrast to the copies today on sale which, surely out of ignorance, are mostly 
cylindrical. Its peculiarity probably is to be seen in the circumstance, that charges moved 
through the wire of the coil inevitably increase their angular velocity towards the centre, 
In this way the electrons, which at first are spherical elementary vortices, are pulled apart 
to vortex rings like planar discs. 

Tesla switches the "secondary" called flat coil between two "terminals". Following he 
sends, stimulated by his "primary", charge carriers from one terminal to the other and back 
again and produces a standing resonant oscillation. 


Mostly replaces Tesla one of both terminals by the earth. He thus assumes, that now the 
earth as a spherical electrode takes over the function of one terminal. That he again infers 
from the observation, that a by the transmitter wireless fed little lamp goes out, if he cuts 
the connection to the ground. Doing so the oscillation collapses. Radio sets on the other 
hand can also be operated without grounding, as we know! 

The degree of effectiveness of today's distribution technology of current due to the 
heating losses lies clearly beneath 100 per cent. Without the losses of the wiring it lies 
close to 100 per cent for the discussed one wire energy transmission. There the vortex 
rings are guided nicely one after another along the line like beads drawn over a string. 
This result even is to be expected, as far as no vortex "jumps off the wire or "falls apart". 
For the wireless version Tesla however to his own surprise had to find out that more 
energy could be received, than his transmitter produced. The measured degree of 
effectiveness lay above 100 per cent! He therefore called his transmitter a "Magnifying 
Transmitter" (fig. 9.10). The further transmitter and receiver were away of each other, the 
further the received energy increased. Tesla inferred from this, that there had to exist free 
energy and that he had caught that too. 


Consequently he had built a receiver for free energy and registered for patent (1901, 
Patent No. 685,957, fig. 9.9). Tesla states that the amount of energy depends on the size of 
the "terminal". Of today's sight we could be willing, to describe this receiver plate as a 
solar panel, but we should know, that the apparatus produced energy even at night! In 
addition the energy gain was considerable higher than for today's solar panels. Tesla 
spoke of "radiations ", of an unknown radiation and he in his lifetime has in vain sought- 
for help of explanation. 
The vortex model will also in this question be a valuable help to us. 


energy technical usage 
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Fig. 9.9: 


Receiver for "free energy", 


Patent No. 685,957 (1901) of Tesla 
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9.9 Energy technical usage 


The answer of the potential vortex theory could turn out as _ follows: 
If at the transition of the one wire to the wireless transmission the ring-like vortices is 
purloined the guiding wire the vortices immediately begin to turn around each other, as is 
observable for flow-technical ring-like vortices, In this way the ring-like vortex the next 
moment shows its inside. If it before was an electron vortex (fig. 4.3), then it now shows 
as positron, if it was negatively charged, then it now is positively charged. Following it 
oscillates back again, etc. Wit that the ring-like vortex on the average has no measurable 
charge and no mass, because it alternately forms matter and anti-matter. Without inter- 
action it has an enormous ability of penetration . In physics such particles are called 
neutrinos. 

Tesla thus had, apart from his transmitted energy wave, which turned out to be neutrino 
radiation, by chance also caught neutrinos which oscillated synchronously. 


According to the actual level of knowledge do neutrinos penetrate the earth and appear 
also on the night side. The order of magnitude in every second amounts to approx. 66 
billion neutrinos per square centimetre. It is a true bombardment. If we would be able, to 
collect and convert all neutrinos, the won energy would be entirely sufficient, to cover the 
need for energy of the world population (approx. 27 W/m’). We merely have to 
materialize them, thus give them mass, charge and the necessary localization. Tesla was 
able to do that experimentally! Let's record: 

The ring-like vortices, which Tesla with his transmitter has sent on a journey as electrons 
with an open vortex centre, are neutrinos (fig. 7.12). Tesla requests that transmitter and 
receiver operate in resonance, thus with the same frequency. Under this condition the 
receiver collects in all oscillating vortices, so that no one is lost. 

If the neutrinos for instance are just positively charged when leaving the transmitter 
electrode, then an electromagnetic force of attraction takes place, if the receiver electrode 
at the same time is negatively charged. The required operation with the same frequency 
and opposite phase guarantees that also the next moment, if both, the neutrino and the 
receiver, have changed their polarity, the electromagnetic attraction is preserved. 
It is obvious, that strange neutrinos which fly past and by chance oscillate synchronously 
are as well attracted. In that way the power collected in the receiver capacitor will increase 
further and degrees of effectiveness of over 100% are obtainable. Tesla discharges the 
receiver capacitor timed with the frequency of resonance (fig. 9.9) and points to the 
difficulty of an exact keeping of the condition of synchronisation. 

Tesla indeed did work on a theory of his own, but never published it. The patent office and 
his lawyers had to proceed from the Maxwell theory, although Tesla knew only too good, 
that his apparatus in no way could be described with this theory. It therefore can't be 
excluded, that important facts in his patent specifications haven't been mentioned at all - 
or even worse - consciously or unconsciously in an inapplicable manner have been 
explained with the Maxwell theory. 

Perhaps this is the more profound reason, why the numerous Tesla imitations don't want 
to function quite so well. With the new theory there should be some changes, and we 
should accept the challenge for the sake of humanity. 
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The transmitter tower of Tesla (57 m high with a spherical electrode of 21 m) 
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Fig. 9.10: The planned transmitter Wardencliff of Tesla on 
Long 
Island, 7.5 MW (1902). 
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9.10 Environmental compatibility 


We now can summarize the different observations and try to find answers for the in the 

first chapter raised questions concerning the electromagnetic environmental compatibility. 

The by Tesla used longitudinal energy wave is a potential vortex wave in the sense of the 

vortex model of Kelvin, which we again could identify as neutrino radiation (Dirac). 

Also other, partly quite fantastic terms, are known like "radiations" (Tesla), "orgone 
radiation" (Reich), "tachyons" (Feinberg), "grid radiation" (Hartmann), "bioradiation" or 
"water veins". 

Actually these rays have nothing to do with water as a cause. Water with its high dielec- 
tricity however favours and influences the course and the local distribution of the 
radiation. The maximums of the standing wave considered for themselves result lines in 
straight as a die in the landscape. Of Tesla is known, that he measuring technically could 
detect the cross points of the lines, which he _ called _ oscillation nodes. 
There exist so-called dowsers, who can make these standing waves out even without 
technical aids. For that they hold a fork in their hands, which suddenly moves over such 
lines. 

Let's remember that the same potential vortices are used at the nerve conduction as 
reaction potentials to conduct stimuli. If ring-like vortices arrive at a muscle, it contracts 
without knowing, if the signal was sent from the brain over the spinal cord or picked up 
from the environment over the fork and the hand. 


Thus if the same signals, which we use for the tasks of controlling and thinking, are also 
produced by technical apparatus, then this touches the question of the environmental 
compatibility in a direct way. Above extremely strong points of resonance, which are 

called "geopathic zones", now and then even is warned about "psychotronics", a function 
trouble of the brain, which can show in a disturbance of the waking consciousness. 

A possible explanation would be that the brain is occupied with so much vortices picked 
up from the outside, that it isn't able anymore to accomplish its actual tasks. For muscle 
cramps or an inexplicable crash of a PC an correspondingly interpretation would be 
obvious. 

As long as no gauges are available, the highest caution is imperative! 


If Tesla had been able to put into operation his transmitter tower for longitudinal waves 
("World Telegraphy", Wardenclyffe, Long Island, s. fig. 9.10) with the estimated power of 

7.5 Megawatt and thus had been able to realize his dream of a world-wide wireless 
communication, then this could have had hardly estimable consequences for the health of 

the world population. 

Shortly before the completion of the project, in the year 1905, Tesla without notice let stop 
all work. He to that never made an explanation to anyone. Officially it was said, his 
financial backer J. P. Morgan would have withdrawn his financial means. In any case 
was Tesla financially ruined with this step. 

Perhaps also T. A. Edison was behind it, who was his opponent at that time. Edison 
committed himself engaged for the use of direct current. Against the alternating current, 
preferred by Tesla, Edison argued with unhealthy risks, and with that he perhaps wasn't 
so wrong at all. 
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N. TESLA, 
APPABATUS FOR TRAUSMITTING ELECTRICAL ENSAGY. 
APPLICATION FILED 14%.38, 1902. RENEWED MAY 4, 1907, 
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C=4 windings 


Transformer trans- 
mission ratio: 
= 12 times 
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Fig. 9.11: Concerning the technology of the Wardencliff 
transmitter (fig. 9.10).°"" 


<i>: Dr. Nikola Tesla: Complete Patents, (J.T.Ratzlaff), Tesla Book Company 
(1983), ISBN 0-960356-8-2, P. 435. 
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9.11 Ecologically fair usage 


Tesla not only has stimulated ecologically fair usages of the energy radiation. To that can 
be counted the use of a Tesla transmitter as a radiation weapon as well as the 
mentioned building of a Tesla interferometer, the low-frequency interferences of which 
can lead to mighty gravitational waves and with help of which it should be possible, to 
produce earthquakes, to sink ships or to shoot down planes from the sky“. Against the 
background of two world wars it can be understood, why Tesla has drawn attention to the 
possibilities of a use of his system for the purpose of defence. 


In today's sight a technology like Tesla's wireless energy transmission (fig. 9.11) hardly 
would have any chance of a large technical use, because it should be reckoned with 
enormous problems of environmental compatibility. After all had come out in our 
considerations, that entirely in contrast to the Hertzian wave just of the Tesla energy wave 
direct biological effects are to be expected. A purposeful medical use of the Tesla rays 
however can be imagined. 


The collecting of "free" energy waves with a neutrino receiver at first undoubtedly would 
be a clean and ecologically fair alternative to the present energy technology, with which 
we heat or nuclearly contaminate our environment. But even the use of free energy 
converters has limits. Should it turn out that the Photosynthesis uses such a 
materialization, in which the necessary free electron for the chemical reaction actually is 
produced from a caught neutrino in the so-called reaction centre and thus the reaction 
energy is won, then for an as usual excessive use by men it can't be excluded anymore, 
that the plants on earth die and nothing grows anymore! 


I in contrast attribute big chances to the one wire transmission technology. Because for an 
use of alternative and regenerative energy sources, like the sun in the desert or the 
geothermal energy in Iceland, the transport of energy has to be made over large distances 
through the oceans the small losses and the possibility to be able to use sea cables, play a 
big role. In the residential areas and conurbations on the other hand it has a positively 
effect, that by the concentration effect of the potential vortices the interference radiation 
is directed inward. Laid on the bottom of a sea or of a river, such a line in addition is 
protected against the effects of lightning and sabotage, and it neither spoils the 
countryside, as the old-fashioned high tension pylons do. 


For transportation tasks the mentioned making use of the spin coupling would surely be 
the most suitable drive. The denser the medium, the more efficient would be the driving 
effect, for which reason not only flying objects, but quite particularly also ships and sub- 
marines could be operated non-polluting in this way without combustion and without 
exhaust fumes. Build up effects by the water pressure or the sound barrier don't occur. 
But control might not be entirely unproblematic. If for the reason of a unipolar arrange- 
ment of the field a relative velocity to compensate the field becomes necessary, then a 
correspondingly build up arrangement will do so without considering losses. It is no acci- 
dent that most apparatus which got well-known have flown the builder sooner or later 
"past his ears" (note of the translator: broke into pieces). Till a commercially utilizable 
flying saucer has been built, many technological hurdles have to be taken. 


Claims concerning the environmental compatibility 


Claims to an up-to date environmental policy 
in view of longitudinal electromagnetic energy waves 

Tesla waves = neutrino radiation = scalar waves 

potential vortex waves: 


1. Gauges must be developed and built, with which the 
energy waves can be measured. 





2.All technical apparatus should be tested regarding the 
emission of energy waves. Harmful radiation should be 
avoided. 





3.Only such transmitter antennas may be brought into 
action, which emit a minimum of energy waves. 


4.The ability of biological systems to absorb energy waves 
should be determined. To that also _ belongs the 
question, how many vortices collect locally and how 
fast they fall apart. 





5.Limits for allowed pressure produced by § artificially 
energy waves should be fixed, regulations and laws 
enacted. 





6.The in nature’ available energy waves’ should _ be 
brought to a technical use, with the goal of a natural 


energy production. 


Fig. 9.12: Catalogue of claims concerning the 
environmental 
compatibility in the view of the new field theory. 
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9.12 Claims concerning the environmental compatibility 


Now we still not know, if the using of a handy or another electronic device poses a danger 
to the user. Now, we surely can't exclude a danger, and the statement of the manufacturer, 
it is safe because all limits have been met, is worth nothing, as long as the part of longitu- 
dinal waves isn't measured. Therefore stands at the very top of the list of the catalogue of 
claims (fig. 9.12) the development and the building of gauges to measure Tesla radiation. 
More than half the 700 patents of Nikola Tesla concern the building of transmitter and 
receiver installations for energy waves. Here a lot of valuable clues are found, especially 
as he himself has built and used some of the switching circuit designs. In the seminar a 
rebuild is discussed, with which 1995 the existence of longitudinal waves could be proven 
[A7]. 

For an earthquake always both, the transverse and the longitudinal wave, occur simulta- 
neously and, taken exact the same is valid for the sound wave, even if the transverse part 
doesn't get too far in the air. The emission of both parts in analogy is almost to be 
expected of an electromagnetic wave generator or transmitter. Actually both waves are 
detectable at the receiving point: The useful transverse wave and the longitudinally 
propagating vortices, which show as noise (fig. 4.7). If the vortices are predominant and 
the useful signal goes under in the noise, then a interruption of the radio operation occurs. 
Also small gardeners immediately near a radio station have made experiences as e.g. in a 
distance of one kilometre from the transmitter of RIAS-Berlin. They were able to light 
their allotments day and night with a neon tube, to which they merely had tied a free wire. 
The radio station immediately insinuated, that they in an illegal manner had tapped their 
useful wave and damped it. But it can't be excluded, that the transmitter has sent a 
longitudinal part in the ether too, which was responsible for the energy transport. But that 
suggests, that also at other transmitter antennas, thus for the mobile phones, the 
unwelcome parts is transmitted even than, if we don't use it at all. 

Still another problem is added. If in a modern receiver radio waves arrive, then they roll 
up to a standing wave and according to fig. 1.4 to a vortex over the antenna. According to 
that we aren't able anymore to distinguish, if the transmission took place as Hertzian wave 
or as Tesla wave. The separation of both sorts of waves has to take place before the 
antenna is reached. 

An up-to date measurement arrangement would look as follows: In front of the receiver 
antenna a path with a tunnel, which represents an insurmountable obstacle for the trans- 
verse waves (fig. 6.14), is placed. Then only the longitudinal waves pass the tunnel, and 
these at the end of the tunnel can be recorded and analysed with conventional technology. 
The tunnel is an elegant possibility, to make use of the part of Tesla waves. After all only 
this part is relevant with regard to the electromagnetic environmental compatibility. 
Concerning the above asked question we can take home at least one important realization. 
The probability is quite high, that you actually notice nothing of the handy radiation, be- 
cause not every system react in the same manner to certain vortices. The resonance 
conditions regarding frequency, phase and position always have to be fulfilled, if an 
absorption of energy waves should occur. (fig. 2.10 B, FE. coli _ bacteria). 
On the other hand it however can't be excluded, that just you or me synchronize according 
to frequency and collect 100 % of the transmitted energy radiation. In contrast to the 
Hertzian wave plays for that the distance to the source of interference only a secondary 
role! Seen that way worries would by all means be entitled ... 
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From Indian mysticism: 





it neither is 






this nor that 










it is 





not that 


4} 


it is this 






and it is that 





Fig. 9.13: |The structure of the world equation, an example 
from 
Indian mysticism 
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9. 13 Epilogue belonging to part 1 


The correctness of a new theory not by all means guarantees, that it also is accepted! A 
new theory must be used. Only if a concrete need exists then an acknowledgement is to be 
expected if at first only by the direct beneficiaries. 
In november 1994 in Munich the trade fair "Electronica" took place. Here invited by the 
Deutschen Gesellschaft fur EMV-Technologie (German association for EMC-technology, 
note of the translator) the books about potential vortices [Al, A2] were honoured with a 
prize by an internationally renowned EMC-scientist. The number of people, who the 
potential vortex theory helps further to find answers to problems, which until now aren't 
explicable, grows further. 
Nevertheless, nobody should believe that something will be changed to the content of the 
text books in the shelves that fast. Habit and laziness encourage to further use the to date 
interpretation, even if a new theory has ready a better and convincing answer. It will take 
some time, to give an example, till the heating of water in a microwave oven is explained 
as eddy losses, as is described sound by the potential vortex theory already today. 
The discovery ofa physical phenomenon may happen in a fright second. Its 
acknowledgement on the other hand as a rule is a lengthy procedure. If we look back in 
history we find out that even in the past it hasn't been otherwise. 


Of the four fundamental phenomena in fig. 8.2 at first the tension voltages and the charges 
have been discovered by Coulomb (5.7e). 

(5.7c): An effect of the eddy currents was observed already 1825 by the French physicist 
Arago. He discovered that a magnetic needle suspended above a rotating disc tends to 
rotate along. Out of ignorance he named the effect "rotational magnetism". 

But the eddy currents could only be mathematically described with the help of two laws, 
the law of Ampere (1820) and the law of induction of Faraday (1831). Because the effect 
due to the eddy current losses rather was regarded as disturbing, technical applications or 
patents at first have stayed out. At first Riidenberg has carried out fundamental 
calculations for eddy current brakes in 1906. The discovery and usage of the "skin effect" 
is to be attributed to Tesla. 

(5.7b): The electromagnetic wave for the first time was mathematically described by 
Maxwell (1864). He had aimed to calculate the light and he could show, that his theory 
actually could correctly describe all properties of the light. With that he was able to prove 
the correctness of his theory. But he had to deal with many sceptics, because he had 
postulated the dielectric displacement, without however in his lifetime being able to 
measure it because of its smallness. 

This may be the reason, why the discovery is attributed to Heinrich Hertz and was and is 
spoken of the Hertzian wave. Neutrally seen Hertz at first was nothing more than a 
enthusiastic pupil, who had worked through the "Treatise", Maxwells books. All results, 
which Hertz could observe experimentally, already were contained in the Maxwell-theory 
and published. 





<i>: James Clerk Maxwell: A Treatise on Electricity & Magnetism, vol. 2, 
Chapter XX: Electromagnetic Theory of Light. Dover Publ. New York 
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But the great mathematical description of Maxwell at first had a purely academic 
importance. The interest of the general public on the other hand concentrates on the 
practical applicability. Hertz had experimented with antennas and has laid the foundations 
of the building of a gauge for electromagnetic waves (1888). The wireless transmission of 
invisible waves was convincing. It was an entirely new technology, which stimulated 
fantasy in view of a technical usage. A practical man, who was stimulated by the 
theoretical realizations, was Marconi. He goes for the inventor of the radio (1895, Nobel 
prize: 1909). 

Between the three summits, first the calculation and at the same time discovery, second 
the measurement and third the usage of the wave phenomenon lay 31 years, and the radio 
technology is developing still further, even today. In the area of the cellular phone 
network and the telecommunication even a kind of gold mining mood prevails, which 
can't be impressed much even by hints of an electromagnetic environmental compatibility. 


In the euphoria of the past 100 years is fallen into oblivion completely, that besides the by 
Hertz detected transverse wave in the wave equation according to Laplace and according 
to the original version of Maxwell also a longitudinal wave was described mathematically. 
This one was discovered and detected by Tesla in numerous experiments. With reference 
to his discovery Tesla initially had asserted publicly, Hertz had been at fault, with which 
he undoubtedly was wrong and had incurred the wrath and the scorn of the scientific 
community. As a result of this development his experiments haven't been reproduced and 
the discovery of the scalar wave could fall into oblivion. 

Not enough with such sanctions against the inconvenient freethinker Tesla a series of 
professors like Gibbs and Heaviside have made cuts and discarded all parts from the 
original version of the Maxwell equations, which by that time weren't considered to be 
experimentally proven by experiments of Ampere, of Faraday, of Ohm and Hertz. With 
that the scalar waves fell victim to the axe, what, though it had encountered severe 
criticism, finally entered as textbook opinion into all textbooks, after Hertz also had 
sanctioned this measure. 

If the field equations according to Maxwell in today's revised version don't describe 
scalar waves anymore, then all orthodox scientists, who want to bear reference to that, 
have to bear one thing in mind: discarding a term of an equation is the same as neglecting 
it. But the term only may be neglected if it is sufficiently small. The first thing every 
student learns in the physical practical training is that this first has to be tested. For that 
the term has to be measured and its order of magnitude must be determined. Then it is 
little helpful and extremely unscientific, if at first is neglected and on the basis of the 
revised field equations, which have put all scalar waves to zero, is demonstrated that the 
neglect was allowed or even necessary. 

A practical example are the longitudinal wave parts, like they occur and are proven in the 
near-field of a transmitter antenna. Considering the order of magnitude a neglect is out of 
the question. On the other hand they should not exist at all according to textbook physics, 
because they had fallen victim to the axe. Since most scientists in present time do not 
know about the cutting action anymore, they are postulating field vortices anew in the 
proximity of an antenna. Field vortices, which are propagating longitudinally in the 
direction of a field pointer as a scalar wave. 
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With that they calculate their own arbitrary assumption~”. 

If in the practical training of physics a student unevaluated neglects an essential factor of 
influence, then his experiment goes as not passed. The experiment must be repeated so 
long until according to the approved methods of scientific soundness all used neglects 
have been tested individually and have undergone an error consideration. 

Do we now have to deny the cutting action, which had been plotted by Gibbs, Heaviside 
and others, having the necessary scientific soundness? Do we have to review and rework 

all textbooks concerning the illegal neglect? Since the cutting action a gap gapes in the 
field theory! 


(5.7d): The potential vortex fills the remaining gap in fig. 8.2. Several research scientists 
and scientists can be named, who already could observe this phenomenon: in front of all 
goes Nikola Tesla for discoverer of the Tesla currents, very weak currents which are said 
to cause extremely high potentials. Here presumably cause and effect have been mixed up, 
because weak currents never can produce high potentials. Actually the potentials prove to 
be a result of the potential vortices, whereas the currents aren't more than a result, nothing 
but leak currents. At least Tesla could use the vortex, but without a usable theory he 
neither could calculate nor adequately explain it. Besides Tesla Wilhelm Reich should be 
mentioned, who has collected the vortices in his orgone accumulator. 

Mostly only certain aspects were observed and investigated: by Tesla the planar vortex, 
by Reich the influence on the weather, by Schauberger the water vortices and by all three 
the medical and biological aspect. The list of names is incomplete and could arbitrarily be 
continued. 


With the discovery of the potential vortex (1990) the basis for the building of a gauge and 
the technical usage of the physical phenomenon is laid [Al]. It not only concerns the 
search for water, but also the detecting of the vortex balls and vortex streets, of the 
standing waves of the energy radiation in the air, at the workplace, at the bedroom, in 
clinics, in recreational areas and hotels. As explained at the start, neither the field strength 
of a Hertzian wave nor the arising heat development can be made responsible for 
biological or technical harm. 

It primarily are the newly discovered vortices of the electric field, which take effect. The 
effects can, as we have seen, as well be good for health as bad for health. Intensity, plane 
of polarization, vortex configurations and many other characteristics play a role here. To 
research these influential factors gauges for vortices will be needed as well. 

We have to realize that in the technical domain the electromagnetic compatibility of an 
apparatus is determined by its sensitiveness to vortices, thus by the fact how many and 
which vortices can cause a function trouble. To determine the environmental compatibility 
of a product the emitted vortices, the energy radiation, have to be measured. Limits for 
high tension lines, for screens or handheld phones must be given in units of the potential 
vortices. The potential vortex has shown us the way to a unified theory and has brought 
along a new picture and understanding of our environment. It with that wants to show us 
the correct way for an ecologically compatible dealing with nature. 


<i>: Zinke, Brunswig: Lehrbuch der Hochfrequenztechnik, 1. Bd., 3.Aufl. 1986 
Springer-Verlag Berlin, Seite 335 
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Part 1: Edition belonging to the lecture: 
"Electromagnetic Environmental Compatibility" 


Prof. Dr.-Ing. Konstantin Meyl 
Scalar waves 





Abstract: 1. Auflage 1996, 4. Auflage and Ist English Edition 2003 


Both technical and biological systems can be influenced by 
electromagnetic fields, whereby numerous questions still are 
open, like e.g. concerning limits and the nature of physical 
interference fields. The book shall do justice to the circumstance, 
that a fact oriented discussion about ,,electrosmog" implies an 
analysis of possible reasons, a mathematical derivation and a 
physical argumentation. 


We proceed from the assumption, that only that part of the 
electromagnetic wave should be considered for malfunctions, 
which has been absorbed and which has rolled up to a field 
vortex. The effectiveness depends on the amount of the produced 
vortices and on the life span, the decay of vortices. 


Analogous to the sound wave vortices in space are propagating as 
longitudinal waves. In this context is pointed to numerous effects. 
Examples for the technical and biological use of these standing 
waves are the energy transmission of Nikola Tesla as well as the 
nerve conduction, which functions in a corresponding manner. If 
the same vortices, which man uses for conduction of information, 
are emitted by technical devices, then biological reactions can't be 
excluded anymore and wotries with regard to ,,electrosmog" seem 
to be justified. 





Causes, phenomena 
and natural scientific consequences 


INDEL GmbH, Verlagsabteilung, Fax: +49-7721-51870 
Tel: +49-7724-1770 


Postal and ordering address: 


1.TZS, Prof. Dr. K. Meyl, Leopoldstr. 1, D-78112 St. Georgen/Schwarzwald 
www.k-meyl.de meyl@meyl.de 


Part 2 219 


Scalar Waves 


From an extended vortex and field theory to a technical, 
biological 
and historical use of longitudinal waves. 


Part 2 


by 


Professor Dr.-Ing. Konstantin Meyl 


Edition belonging to the lecture and seminar 
"Electromagnetic environmental compatibility" 


(Original title: "Elektromagnetische Umweltvertraglichkeit") 


Translated out of the German language 
by Ben Jansen 
(2000-2003) 


Part 2: Edition belonging to the 
energy 
technical seminar 
Free energy and the interaction of the neutrino radiation 
oe oe 


INDEL GmbH, Verlagsabteilung 
Villingen-Schwenningen 1996-2003 


ISBN 3-9802 542-4-0 


220 Preface belonging to the seminar, part 2 


Preface to the seminar 


The point of a seminar is, to deepen, to practise and, as far as possible, to practically appy 
the material of a lecture. The knowledge of the content of the lecture hence is a 
prerequisite for the participation. 

For the reader of this book that's tantamount to the recommendation, to have read the first 
part, the edition belonging to the lecture, before*’*. Here the questions concerning the 
, electromagnetic environmental compatibility" are asked and the necessary bases for their 
answering is laid. Also practical consequences for various areas of science are indicated. 
The deepening most suitable should be made in form of a seminar, subdivided into the 
here presented part 2 to the energy technical seminar and a part 3 to the information 
technical seminar. Part 2 correspondingly concerns the energy technical aspect of electric 
or magnetic longitudinal waves, whereas part 3 is dedicated to the information technical 
aspect". Because it concerns a book which merely for reasons of usefulness is published 
in three parts, the chapters are consecutively paginated. References to chapter 1 to 9 hence 
automatically relate to part 1. The numbers of the figures and tables as a rule are identical 
with those of the chapters, in which they are discussed. 


The seminar should lead on over the pure reading, consuming or listening and should 
stimulate to join in. All involved persons may and should give ideas and ask questions, 
even if these may sound little orthodox. The scientific working method takes, that is 
struggled for answers and even is argued, if necessary. To reach this goal, it mustn't exist 
any obligation or censorship, neither for the leader of the discussion nor for the 
participants of the seminar. 


The seminar is being carried out since the summer semester 1997. The works of the 
seminar written by students treat the knowledge of text books of the respective theme. 
Following the lecture the answers are discussed and compared to those of the theory of 
objectivity” and other models of explanation. This procedure in this edition belonging to 
the seminar is reflected at some points, if for instance a chapter is completed with a 
, discussion". 


The first edition of this 2°’ part still was incomplete and has been handed out to the 
participants of a congress in Switzerland instead of a manuscript belonging to the lecture 
the 17" of Nov 1998. The here presented second edition in the meantime to a large extent 
is complete, but surely not yet perfect. In accordance with the experience made with the 
first part of the book also for this 2°’ part a third and revised edition, in which the ideas of 
the participants of the seminar and of the readers find consideration, will be due to be dealt 
with after a year. The reader of the second edition has to console himself with the fact that 
a lively seminar constantly is changing and developing further. And that has to be so! 


Villingen-Schwenningen, January 1999 


<i>: Electromagnetic environmental compatibility, Part 1, Edition belonging to the 
lecture, INDEL Verlagsabteilung, 1996, see page 1-218 of this issue. 


<ii>: Electromagnetic environmental compatibility, Part 3, Edition belonging to the 
information technical seminar, 2002, see page 443 - 625 of this issue. 
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10. Oscillating interaction 


A theory is not an end in itself, even if it sounds very convincing. It has to be measured by 
its applicability. As an entry into the practical consequences, which result from the 
theoretical part”, the question about the validity of Kepler's laws is raised. 


10.1 Kepler's laws 


The "radius vector", a line drawn from the sun to a planet, sweeps out equal areas in equal 
periods of time. At least has teached us Johannes Kepler it that way (fig. 10.1). The 
balance of forces, the gravitation on the one and the centrifugal force on the other hand 
results in the innermost planets of our solar system orbiting the sun very much faster than 
the outer planets (Mercury in 88 days, the Earth in 365 days, Jupiter in 4333 days and 
Pluto in 90465 days!). 

For the inner planets as well as the big planets Jupiter and Saturn Kepler's laws are still 
found confirmed. But that shouldn't apply anymore for the outermost planets of the solar 
system. Beyond Saturn should prevail changed rules as is said, based on observations of 
the Voyager spacecrafts“””. 

If we direct our view to an unknown galaxy, then does it rotate around its centre and in 
doing so to a large extent keeps its form. Despite rotation of its own an elliptic, a barred or 
even a spiral galaxy virtually doesn't change its characteristic form. From this follows, 
that the inner stars of a galaxy are considerably slower on their way than the outer stars! 
But we expected exactly the opposite. 

According to Kepler's regularity the outermost stars would have to orbit extremely slow, 
In order not to be hurled into space as a result of the centrifugal force. But then a galaxy 
wouldn't keep its structure. The spiral form, as it already has been observed and classified 
by Hubble (fig. 10.2), merely would be an accidental exception as a momentary picture, 
but by no means the rule. 

We have to take note, that the structure and in particular the cohesion of a galaxy can't be 
explained with Kepler's laws“"”. 


<i>: Konstantin Meyl: Electromagnetic environmental compatibility, Part 1 of this 

book: Causes, phenomena and natural scientific consequences. 
<i>: Kendrick Frazier: Das Sonnensystem, Time-Life Bucher, Amsterdam (1991) 
<iii>: The basic laws of the universe start to rock: ,,;What is the matter with the 
galaxies? They rotate in their fringe ranges much faster, as is allowed by the 
laws of physics. Or is something wrong with these venerable laws? The 
astronomers and physicists stand for the dilemma to have to decide between 
the two alternatives: feign the observations us an other world or do we 
calculate wrong since centuries?" (translated), Bild der Wissenschaft Nr. 2, 
1989 
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Kepler's 1* law: 


The planets move in elliptical orbits, with the sun 
at one focus. 






planet 


perihelioy 4 aphelion 


Fig, 10.1: Kepler's 2™ law (concerning the conservation of 
angular momentum): 
The line drawn from the sun to the planet sweeps 
out equal areas in equal periods of time. 


Kepler's 3 law: 


The ratio of the squares of the revolutionary 
periods of two planets is equal to the cube of their 
average distance to the sun: t:2 
(10.1) 
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Barred spiral galaxy 
Fig. 10.2. The classification of the galaxies according to Hubble<i> 


<i>: according to H. J. Lugt: Vortex Flow in Nature and Technology, page 223 
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10.2 Unknown interaction 


So which interaction keeps a galaxy together? We today believe to know four different 
sorts. 
I. The gravitation®”’: But since Kepler's law isn't valid in this case anymore, the 
gravitation is ruled out from the start. Obviously for the distances in a galaxy it hardly 
is effective. 


II. The electromagnetic interaction: It is responsible for the structure of the atoms. 
Looked at from the outside atoms carry no charge, i.e. the charge conditions are 
balanced. A binding of our sun to the centre of the Milky Way by an electromagnetic 
interaction thus is ruled out as well. 


Ill. The strong interaction: Since for the proton another charge distribution is measured, 
as a single positively charged particle should have according to the normally used 
theory, the strong interaction was introduced as a nuclear force, to explain the big 
error, the grave difference between measurement and calculation. The good advice 
hence reads: instead of giving birth to postulates at random, first of all the fault should 
be searched for in the normally used theory“! 

IV. The weak interaction: It quite obviously is involved in the particle decay“. Both, the 
weak and the strong interaction, only have an extremely short range. With this 
property they consequently won't be able to keep a galaxy together. 


Conclusion: In a galaxy a still unknown interaction takes effect, and science is requested 
to search it. 


Both interactions with infinite range, the electromagnetic interaction and the gravitation 
occur as a result of static fields, therefore assume a constant charge or a constant mass. 
Considered more exactly in that case it merely can concen special cases. 
Gravitational waves, which reach our earth and which are detected in very costly 
experiments", already show that the existence of alternating fields can't be excluded and 
oscillating interactions by all means are conceivable! The physical research at present 
probably is on the right track. The researchers however don't have ready an usable 
explanation yet. We accept the challenge! 


<i>: Derivation of Kepler's 3 law in fig. 11.10 


<ii>: Konstantin Meyl: Potentialwirbel, Band 2 
INDEL-Verlag, Villingen-Schwenningen 1992, ISBN 3-9802542-2-4 


<i>: Gero v. Randow: Wenn kosmische Katastrophen Raum und Zeit verbiegen, 
zum Thema Gravitationswellen-Detektor, VDI Nachrichten Nr.9, 1.3.91, $.32 
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Fig. 10.3: Direct current and alternating current 





Fig. 10.4, a: The four fundamental interactions 
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10.3 Harmony of the alternating current engineers 


Today's situation can be clarified by the following picture: you engage a "direct current 
engineer" to measure the tension voltage in the socket of our power supply system. The 
,dyed-in-the-wool direct current engineer", who never has heard anything of alternating 
current, reports: ,,No tension voltage is measurable". If he for reason of your doubtful 
expression looks still more exact he will realize: ,, The pointer of my moving-coil 
instrument strangely fidgets around zero, but the swing is so small that one confidently 
can touch it", (fig. 10.3) 

Modern science is accustomed to say, without a valid theory and without technical 
measurability nothing can exist, what mustn 't exist. If you drop dead after the experiment, 
then you probably had a weak heart or other afflictions. In such cases as a rule the victim 
himself is to blame and by no means theoretical physics! 


In the case of our power supply system the answer is known: The mean of the alternating 
voltage of the network is approximately zero. The pointer of a moving-coil instrument for 
reason of its inertia can't follow the fast changing anymore and only fidgets on the spot. 
The effective value however amounts to around 230 Volts. But to measure it you need 
another device, for instance a moving-vane instrument. Seen so, direct current describes 
the special case of alternating current with frequency zero. 


The properties of alternating current can be depicted best by an extraterrestrial observer. 
He will tell us: Seen from a distance at least at night a great harmony seems to prevail on 
earth. All lights in the streets and cities twinkle completely synchronously. All generators 
are in resonance among each other and with all consumers. There are two big races: The 
50 Hertz race and the 60 Hertz race, which appear if the earth turns further and the 50 
Hertz race is switching off again its twinkling lamps. 


The synchronization necessary for an exploitation of alternating fields is so obvious for us, 
that hardly anybody realizes, that a consumer operated with only one Hertz difference to 
the frequency of the network can't be supplied with power anymore. Apart from the 
correspondence in frequency it even depends on the correct phase. The phase angle must 
be between 0 and +90°. This corresponds to an efficiency factor cos@ between 1 and 0. 
The cable connections serve both the transport of current and the synchronization of all 
the generators and consumers connected to the network. The frequency is kept so constant 
that simple clocks, switching stations and even old record-players can be operated 
synchronously with the frequency of the network. 

The synchronization of the feeding in power stations is supervised by a station of its own, 
which dictates the time. It is true that we aren't capable of seeing the twinkling of the 
lamps anymore for reason of the inertia of our eyes, but it can be detected and filmed with 
high-resolution cameras. Even if we can't perceive the harmony of the alternating current 
engineers, it nevertheless exists. 
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<i>: Konstantin Meyl: Potentialwirbel, Band 2, INDEL-Verlag (1992) 
see also in Part 1, chapters 6.8 and 6.9 
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10.4 Four fundamental interactions 


These considerations suggest, that also gravitation and electromagnetic interaction merely 
describe the special case of oscillating interactions with frequency zero. To avoid 
confusions, we'll have to think of new names. 

The electromagnetic interaction can be clarified by means of open field lines, which start 
at a charged body and end again at another body of unequal charge. In physics classes it is 
normal to make the field lines of a magnet visible with iron filing. Between the unlike 
poles a force of attraction is observed™”. 

If we this time assume that both magnetic poles change their polarity at the same time, 
then the force will decrease for a short time during the changing of polarity, to afterwards 
be active again in full magnitude and in the same direction. Therefore a force of attraction 
is observed again even for a reversed polarity. 

The generalization hence reads: The electromagnetic interaction will occur also in the 
oscillating case, but in weakened form, if both bodies involved in the interaction change 
their polarity synchronously and if they are in resonance. A name by analogy would be 
"resonating interaction" (table 10.4). 


It is known of the electromagnetic interaction, that its effect is larger than that of the 
gravitation by powers often. This presumably has to do with the described and observable 
bundling up of the open field lines, whereas closed field lines can't be bundled up. The 
gravitation hence is linked with the closed field lines, which surround all elementary 
particles, every atom and every body~”. 


The opposite of the bundling up is the repulsion of open field lines, for which reason here 
also forces of repulsion can occur. For the gravitation however no repulsion is observed, 
because closed field lines virtually can't be influenced. 

Apart from the circumstance that the effect generally will be smaller in the oscillating 
case, similar properties are to be expected. Also its range will be infinite as well. It is 
recommended to call the case of oscillating charges, as already said, "resonating 
interaction" and the case of oscillating masses, the oscillating gravitation, ,,levitation" 
(table 10.4). 

The term ,,levitation" is very appropriate, but not new. Unfortunately until now no 
generally binding definition existed, what should be understood by that, for which reason 
misinterpretations and irritations can't be excluded. Mostly levitation is linked to a 
cancellation of gravity, up to a state of free floating, but we will see that quite other 
phenomena become describable with this term. 


10.5 Resonating interaction 


The question, what keeps a galaxy together, now can be answered unambiguously. The 
well-known interactions already have been excluded. If for the enormous distances the 
gravitation can't keep the outer stars anymore in accordance with the Kepler rule, then the 
levitation won't be able at all. 
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Example: central star S, with 3 planets P)-P3 
and with 4 neighbouring stars S,-S, 









posracnecnestcce 
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Therefore the oscillating charge is left. Actually the resonating interaction will reach to the 
outermost areas of a galaxy. The bundling up of the field lines results in the centre of the 
galaxy and one of its stars to stand in an exclusive resonance to each other, what looked at 
from the outside looks like, as if the star hangs at an invisible string or a "rubber band" 
and thus turns around the centre. 

Because quite a few stars hang at the centre of a galaxy, it can be assumed that it provides 
correspondingly many resonance. The centre perhaps is comparable with an extremely 
broad banded transmitter, which operates on all channels simultaneously. The stars then 
pick as a receiver the for them suitable channels and hang themselves by ,,rubber band" at 
the heap (fig. 10.5). 


Should there exist any particles with an oscillating charge, which synchronize between 
centre and star with the resonating interaction, then they will mediate between both 
partners. If we assume that the centre at one channel just is positively charged, then all at 
the same time negatively charged particles will be attracted, the positively charged 
particles however repelled. Whereas the unlike particles in the centre participate directly 
in the production and maintaining of the oscillation, the like positively charged particles 
will be hurled into space. 

But at the same time does a star, which clings to the centre, have to be negatively charged. 
It hence attracts the repelled particle. The particle thus drifts from the centre to the star, 
even then if all three, the centre, the star and the particle, change in polarity. The result is, 
that the stars grow in diameter by collecting the particles. Only because our sun actually 
grows, it has the chance, to sometime become a red giant! 


Since the sun radiates, as is well-known, in every second a radiation equivalent of 5 
million tons, it permanently has to be supplied with a substantially greater amount of 
matter. If a resonating interaction should occur, then our sun will get its ,,material" 
supplied from the centre of the Milky Way and that is a _ black hole! 
But no particle with a mass comes out of such a hole, yes not even light. For a particle to 
be able to leave the black hole, it should have neither charge nor mass. At most an 
oscillating charge and mass would be allowed. Such a particle would have an enormous 
ability of penetration as a result of the missing static interaction. It would be able to rush 
through the earth unhindered. 


According to actual knowledge only neutrinos have the described properties. One also 
knows that the centre of our Milky Way represents a mighty source of neutrinos. 
From this derivation follows: 
1. As mediators of the resonating interaction serve synchronously oscillating neutrinos. 
2. Starting with the proof of the neutrinos it should be able to backwards also prove the 
existence of the resonating interaction. 
3. If, as a practical consequence, we imagine that the centre of the Milky Way wouldn't 
supply neutrinos anymore. Then the whole galaxy would fall apart and not one of its 
stars would shine anymore. 
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Fig. 11.1: | The Atlantic ocean floor” 


<i>: Miller, R.: Driftende Kontinente, Time-Life, Amsterdam 1991, S. 79 
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11. The growing globe 
11.1 Long-distance effect of the neutrinos 


The long-distance effect thus lies in the circumstance that the neutrinos, in the case of a 
resonance of the source of neutrinos and the receiver, span an invisible ,,rubber band" 
between both, which is called resonating interaction and keeps the two together. 


As a transmitter of neutrinos functions for instance a supernova, the death of a star, in 
which 98% of the mass annihilates under emission of neutrinos or a black hole, which 
continually swallows light and matter and spits them out again as neutrinos after a still 
unexplored ,,process of digestion". The process, which in the case of a supernova takes 
place as a singular occurrence, in a black hole possibly takes place permanently. 
The hurled out neutrinos on the other hand serve the sun as a source of energy. 
A receiver of neutrinos then for instance is our sun. So that the hard and very fast cosmic 
neutrinos become utilizable for the sun, they at first have to be slowed down. But that is 
only partly successful: 

1. Some very fast ones manage to pass through the sun and fly out again on the other side 

of the sun. The compared to the cosmic neutrinos strongly slowed down neutrinos then 

are called solar neutrinos. 

2. Another part can be further slowed down and materialized. As a result of the oscillating 

mass of the neutrinos as well particles of matter as also some particles of anti-matter are 

formed. The particles of matter make the sun grow. 

i. The with matter incompatible anti-matter annihilates under emission of light as is well- 

known. For this and for no other reason our sun shines! 


Also the planets have such a neutrino reactor at their disposal. Only so the heat in the 
inside of the earth is explicable! It can be assumed that the planets materialize less the fast 
and hard cosmic neutrinos and that they are served more by the slowed down solar 
neutrinos, which our sun releases again unused. 

As is well-known radiates the planet Jupiter already today twice as much radiation energy, 
as it from the sun receive. In this typical encyclopaedia type balance the involved 
neutrinos of course are not considered. But it shows that Jupiter is on the best way to 
become a sun itself. Its moons then will become planets. 

From this the example we also see that with increasing mass the crust of the planet 
becomes thinner and thinner at the expense of the neutrino reactor in the inside, until it 
finally is eaten up and the celestial body openly starts to shine. Astronomers report for 
reason of their observations of the formation of more and more new stars. 


One part of the collected neutrinos thus is materialized by the planet. In the case of our 
earth it contributes to its growth. 

Who doesn't want to believe that the earth becomes bigger, should look at modern maps 
of the oceans, on which the topography of the ocean floor is shown. According to the 
theory of Alfred Wegener concerning the continental drift North and South America on 
the one hand and Europe with Africa on the other hand steadily drift apart since 200 
million years. The result can be read at the atlantic ocean floor. The gaping, chequered rift 
zones to the right and left of the Mid-Atlantic Ridge show how the earth is torn apart (fig. 
(11.1). 
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Fig. 11.2: The pacific ocean floor” 


<i>: Miller, R.: Driftende Kontinente, Time-Life, Amsterdam 1991, S. 78 
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11.2 Model of expansion 


Geographers assume that at another point to the same extent continental plates are 
subduced and molten. That thus has to happen in the Pacific Ocean. But the sea maps tell 
one just the opposite (fig. 11.2). At the ocean floor of the Pacific Ocean the same rift 
formations are found as in the Atlantic Ocean (fig. 11.1). That means that America drifts 
away from Australia and Asia exactly as from Europe, without being crushed or molten in 
doing so! 

The only possible answer thus is: the earth grows. 

The characteristic rift zones in addition are found around the Antarctic. From this the 
conclusion can be drawn that the 7 continent slowly is moving away, while the biggest 
habitable mass of land predominantly stays behind on the northern hemisphere, by Eurasia 
and North America forming a clip around the North Pole. 


Concerning the evolution of the earth there are and were numerous approaches in various 
directions. Paul Dirac” at his time postulated, the brightness of the sun should decrease as 
a result of a decrease of the gravitational constant as well. In contrast to that 
Astrophysicists today observe just the opposite (Ingersoll 1987). According to the 
hypothesis of Carey” energy will transform in matter in the universe. According to the 
idea of Oesterle’” aether particles are absorbed, which make our globe grow. Also other 
research scientists share the idea of the growth of the earth with him in their reports “>, 
As a geologist Oesterle*”” cites his colleague Herzig: ,,The at the Mid-Oceanic Ridge 
newly produced oceanic crust has to be consumed again at other points, because otherwise 
the earth would expand" and criticizes the ,,plate tectonicians" that they would postulate 
their model without physical grounds. 
He gives some arguments for the correctness of the model of expansion “"”: 


a) Subduction: The already discussed missing of zones of subduction and of melting of 
continental plates to the assumed extent. 


b) Paleomagnetism: errors and mistakes in the hypothesis of the migration of the poles. 


c) Continental depth drillings: They brought much higher temperatures in depths from 
4000 meters, as expected and calculated according to models. 


d) Stand of the sea water: Only if the water can spread in newly forming oceanic basins 
it can be explained, why the covering with water on earth continually is going back. 
This argument we want to investigate with a derivation of our own. 





<i>: Dirac, P. A. M. Nature 139, p. 323 (1937) 

<ii>: Carey, S. W.: Theories of the Earth and Universe. 

Stanford University Press: 1-413, Stanford, California 

<i>: Oesterle, O.: Goldene Mitte: Unser einziger Ausweg, 

Universal Experten Verlag, Rapperswil (1997), ISBN 3-9520261-9-0 

<i4>: Hilgenberg, O. C: Vom wachsenden Erdball, S. 1-56, Eigenverlag, 

Berlin (1933) und Neues Jahrb. Geol. Palaont. Abh. 116, 1, Berlin (1962) 

<i5>: Jordan, P.: Die Expansion der Erde. Vieweg 1-180, Braunschweig (1966) 

<i6>: Giancarlo Scalera, K.-H. Jacob: Why expanding earth? Institute Nationale di 
Geofisica e Vulcanogia, Roma and Technical University of Berlin 2003 
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Today’s earth: 
equatorial radius: R = 6378 [km] 


earth’s surface: Or = 4-7-R? 
(sphere) = 5,112-108[km?] 





29% of this area is land and 71% is water 
for an average water depth of tw = 3.8 [km] results a 


water volume of: Vw = 0,71-Og-tw = 1,38-10° [km] 





The earth 200 million years ago (super continent: Pangaea): 


today’s land area (29%) was 100% of the earth’s surface! 


Pangaea surface area: Op = 0.29-Or 
= 1.48-10° [km] 


= 4-1-Tp? 


Pangaea radius: [p= VO>,/ (4-7) 
(corresponds to = 3435 [km] 
the radius 

of the sphere of shelf): = 54% of today’s radius 





Pangaea volume: Vp = + ‘TIp? = 1,697-10" [km*] 

Pangaea was covered with water h [km] high: 

volume: V=V>+Vw= 2 (tp +h)? = 1,71-10"' [km?] 
= 15,7% of today’s volume of the earth 


rp + h = (3-V/4-n)1/3 = 3443,8 [km] 


/ 


Pangaea water-level h above the NN (sea-level) at that time: 


& 





Fig. 11.3: The calculation of the covering with water on 
earth 200 million years ago 


The growing globe 235 


11.3 Ancient Egyptian legend of Genesis 


We don't have to search long for evidence. If we go back 200 million years in the history 
of the earth, as all continents still were united and formed the super continent Pangaea, as 
the 29% landmass of today thus constituted 100% of the earth's surface. At that time the 
diameter of the earth was almost half of today's diameter (exactly 54%). But if one 
distributes the amount of water of our oceans of today over the smaller earth, then possibly 
the water stood the young earth up to its ears in a first rough estimate. We now want to 
calculate how high the water stood. 

For that we determine at first the water volume of today's oceans, by multiplying 71% of 
the earth's surface O,; with the average water depth. In doing so it is supposed that the 
water volume has not changed in the course of time. As an approximation this assumption 
could be correct if the factors, which influence the water volume, mutually compensate. 
On the one hand it has to be taken into account that in the process of fusion in the inside of 
the earth apart from other materials also juvenile water is formed, but on the other hand 
the water volume is reduced by photosynthesis and by the splitting of water molecules. In 
the case of the newly formed water it should concern roughly one cubic kilometre per 
year. The photosynthesis however possibly can be estimated by means of the formed 
oxygen of the air just as the splitted water by the content of oxygen of the waters and the 
seas. Since the processes are subject to temporary fluctuations, the exact estimate is 
difficult. At least should an effect of compensation more or less be taken into account. 


Next we calculate the surface of the earth 200 million years ago, the super continent, 
which Alfred Wegener called Pangaea. If the 29% continental land mass of today at that 
time constituted the whole surface, then the diameter of the earth at that time was 
determined at 54% of today's diameter, then the volume together with the water volume 
would amount to only 15.7% of today's volume and the water stood 8.78 kilometres high 
above the level NN at that time (fig. 11.3). With that even the highest peaks were under 
water. 


Consequentially stands in the legend of Genesis of the ancient Egyptians: 
», They tell us that the earth was completely covered with water and that the earth rose from 
the water. It is talked about a primeval hill, of which creation took its start, on which the 


first sunrise and sunset was observed". 





If at that time life only existed in the water, of which we today still can detect the remains 
in excavations in mountains and plateaus, then it surely wasn't because the evolution had 
forbidden living on the land. There existed no land! All land was lying under water. 
But if, looked into the future, the land area increases further at the expense of the surface 
of the sea, then our earth sometime will dry up, as already other planets before us, e.g. our 
neighbouring planet Mars. 


<i>: Oesterle, O.: Goldene Mitte: Unser einziger Ausweg, 
Universal Experten Verlag, Rapperswil (1997), ISBN 3-9520261-9-0 
<i>: Robert Bauval und Graham Hancock: Der Schlussel zur Sphinx, List Verlag 
(1996), S. 253 and in der Sendung: Die grossen Ratsel VII am 25.5.97 in S 3 
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a, Today’s earth: 





b. The earth 200 million years ago (super continent: 


94 


Fig. 11.4: The inner structure of the earth on an average 
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11.4 Inner structure of the earth 


Next the question is raised: How fast does our earth actually grow? The calculated growth, 
distributed over the 200 million years, results in a yearly increase in the diameter of the 
earth of less than 0.1 mm. Carey” assumes 0.04 mm per year and Owen“ only 0.01 mm 
per year. 

Actually the young earth must have been somewhat bigger than calculated, because as a 
result of the smaller gravitational acceleration the density of the matter must have been 
smaller. But this changes nothing to the relations, because the less dense earth was 
surrounded by likewise less dense water, the water-level nevertheless reached the peaks, 
as already calculated. 

For indicating absolute linear measures and the calculation of the gravitational 
accleration the respective density should be considered. In most calculations the density 
is cancelled out, so that as well can be calculated with an unchanged density. 


A grave error however lies in the assumption of a linear growth. Hilgenberg assumes an 
exponential growth" and gives as a reason for the empirical approach of the e-function 
the ,,law of organic growth". In order to now not to speculate or to postulate in the same 
manner, we will derive and found our approach. 


If namely the earth grows, then its core of fusion also grows, which causes the growth to 
take place accelerated, etc. A customer of a bank, who sees his amount of money grow 
according to such a regularity, will be given information immediately about the growth 
rate with a compound interest calculation. 

But how big is the growing fusion reactor of our planet? According to today's level of 
knowledge about the structure of the earth the inner core is surrounded by the outer core 
and that again by the earth's mantle. On top floats the thin, but firm earth's crust, on 
which we live. The inner core has a radius of nearly 1390 km, the outer core stretches to a 
radius of 3500 km, whereas the crust is only between 10 and 78 km thick, dependent on 
the geographical latitude“ (fig. 11.4). 


<i>: Carey, S. W.: Theories of the Earth and Universe. 
Stanford University Press: 1-413, Stanford, California 


<i>: Owen, H. G.: Has the Earth increased in size? - In: New Concepts in Global 
Tectonics, Texas etc. University Press (1992), p. 289-295, Lubbock 


<i>: Hilgenberg, O. C: Vom wachsenden Erdball, Berlin 1933, Eigenverlag, 
Seite 31 und 32 


<i4>: Mitton, S. (Herausg.): Cambridge Enzyklopadie der Astronomie 
(The Cambridge Encyclopaedia of Astronomy), Orbis Verlag (1989) 
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calculation: 


(see fig. 11.6) an a 
tyears ago: with: |t = 2-10%-n [a] | and: |q = 1+ 28-109 
correspondents to = _ 
the approximation: 


with the time constant: Tt = 107,1 Mio. Jahre 
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11.5 Earth's core as a converter of neutrinos 


I proceed from the assumption that the conversion of neutrinos and materialization in 
elementary particles takes place in the inner core. For the conversion no energy at all is 
used, because the inner energy together with the outer energy of the particle amounts to 
zero. The neutrinos merely have to be remodelled into another structure and for that they 
at first have to be slowed down with the help of the oscillating interaction. 

During this process of slowing down, as said, no heat is formed because in the case of a 
mass less particle no energy can be set free in the domain where the classical law of 
conservation of energy is valid. Only after completion of the process of materialization we 
are able to detect mass and energy of neutrinos. 

But if the oscillating interaction is taken as a basis, the oscillation with opposite phase 
between particle and earth's core, then contrary to all expectations a cooling down takes 
place. If the particle has reached its region of destination in the core, then the oscillations 
are overlapping. Mathematically seen they are added with reversed sign; they thus are 
subtracted. The result of the mutual compensation is the decrease of the thermal 
oscillation and the cooling down of the region which was _ expected. 
In addition the formed particles with a mass mutually contract (see part I, chapter 8.3 and 
8.4) and in doing so are further cooling down, as we will derive (chapter 12.7 with fig. 
12.8). The physical limit of the process of contraction and cooling down is formed by 
absolute zero, at which no thermal oscillation at all occurs anymore, so_ that 
superconduction becomes possible with the result of giant electric currents and magnetic 
fields, which can be detected even at the earth's surface in damped form, for instance with 
a compass. 


The necessary heat energy is flowing towards the quick-frozen inner core from the 
outside, principally from the outer core. Here, in the core, from the neutrinos slowed down 
to the speed of light various elementary particles are formed. Most of them immediately 
fall apart, to form other configurations. In the end only electrons and protons are 
preserved, which, as the only stable particles, can't fall apart anymore. These again are 
trying hard to take the state of an atom, which however needs very much space with the 
large distance between atomic nucleus and hull. Under the high pressure the enveloping 
electrons therefore will time and again fall into the nucleus to form neutrons together with 
the protons. 

The neutrons need no atomic hull and can, as is well-known of neutron stars, take an 
extremely high density. In the case of the earth's core the neutrons however cannot be 
stabilized. The contraction to a neutron is accompanied by a corresponding drop in 
pressure, so that the neutron falls apart again. A continual oscillation of size is formed, 
with which the neutrinos again interact. With that also the high density of the earth's core 
would be explicable simultaneously. 

In earth's outer core the various atoms and isotopes are formed, which in the sum release 
more energy than they absorb in their fusion processes. Here the fusion oven rages, which 
supplies the inner core with heat energy. 
The formed matter is pushed further to the outside, rolls as a viscous mass through the 

earth's mantle and collects the surplus radiation and heat from the fusion oven. 


With this model of explanation we now can tackle the calculation of the growth of the 
earth (fig. 11.6). 


240 Speed of growt h 


Growth in volume in analogy to the compound interest calculation: 


duration: n = 200 million years 

starting capital: V, = Pangaea volume V~p= (4/3)-0-r° 

final value: Vi = today's volume Vi = (4/3)-7-R? 

savings bank formula: Vn = Vp*q" (compound interest) (11.9) 
with ,,interest rate": q= (Vi/V,)" (11.10) 


radius of the core of the Pangaea sphere: 


Rp =r-dm- dk = 541 [km] (11.11) 
with 
Pangaea radius: r = 3435 [km] 
earth's mantle: dn = 2800 [km] 
earth's crust: dk = 94 [km] (incl. covering with water). 
core radius today: Rh=R-d,- dx = 3500 [km] (11.12) 
earth's crust today: d,* = 34-78 [km]. 


From V ~r° the growth factor q is calculated to be 


1 3 ies. 


Vayn Rnye 3500 km ,?'108 
= (—)" = GS ee = 1+ 28-10° (11.13 
bi Ame: “atone 0 — 
core radius after n years: R= Rag" (11.14) 
radius of the earth after n years: R* = R,+d, + d,* (11.15) 


Fig. 11.6: The calculation of the growth rate of the earth 
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11.6 Speed of growth 


200 million years ago in the centre of the globe a core of fusion has formed and taken up 
its operation, probably under the influence of a cosmic occurrence connected with a high 
neutrino radiation. As a result the thin crust of the earth was torn apart and the oceanic 
basins were formed. 


If we assume that the might of earth's mantle (with d,, = 2800 km) and crust (with less 
than 100 km) haven't fundamentally changed, then earth's core at that time had a radius of 
only 541 km. The ,,savings bank formula" now only may be applied for the core and only 
for its volume. On the condition of a constant neutrino density the volume of the core in 
every year will grow for one order of magnitude, which again depends on the respective 
volume itself. There results the in fig. 11.5 presented course of the radius of the core and 
of the earth. 


According to our calculation the earth at present grows every year for 915*10'' tons, which 
corresponds to an increase in volume of 16500 cubic kilometres and an increase of area of 
5.2 square kilometres. The earth momentarily grows for 6.5 cm per year in diameter, from 
which follows that the perimeter increases pi-fold and a continental drift of 10.2 cm per 
year is to be expected across both the Atlantic Ocean and the Pacific Ocean. 
Geologists today actually measure a plate movement of typically 10 cm, at individual 
points of up to 12 cm per year™”! 

Whoever likes to do handicrafts, can build together a globe of shells by himself. 
Hilgenberg for that gives a handicraft instruction”. He draws the continents of a globe of 
today and cuts them out. Doing so, not the coast line of today is authoritative, but that of 
the edge of the shells, at which the mainland plates are breaking off into the deep sea. He 
hence also speaks of a sphere of shells and helps the handcrafters with the words: 
..Because the paper shells of the sphere of shells owing to their strong curvature are 
difficult to nestle, we cut slits in the paper, which suitably lie there, where mountain 
ranges stretch and now can start with the gluing". Doing so it shows that the slits in 
particular in the case of the Ural and the Himalayan gape far apart, that in reversed 
direction in the case of the enlargement of the sphere of shells the lifting out of the 
mountains necessarily had to occur at these points by means of upsetting. 
Under these circumstances our model concept should be further rendered more precisely, 
If the change of the curvature of the growing surface of the earth is the cause for the lifting 
out of the mountains, then the surface of the earth 200 million years ago was structured 
merely by impact craters and by volcanic cones, then the amount of water may have been 
correspondingly smaller. The additional water of the oceans of today was collected by the 
earth either from the cosmos, by crossing the flight path of a comet with a water tail, or by 
the here discussed idea of a core of fusion in the inside of the earth it has produced the 
water itself! 


How ever such detail aspects may have had an effect, it therefore nevertheless changes 
nothing to the model concept on the whole. Hilgenberg's globe of shells” in my opinion 
to still makes more sense as all the models of explanation, as they are spread in today's 
text books. 


<i>: Miller, R.: Driftende Kontinente, Time-Life, Amsterdam 1991, S. 78 
<i>: Hilgenberg, O.C.: Vom wachsenden Erdball, Berlin 1933, Eigenverlag 


242 Conservation of angular momentum 


Actual data: 












mass of the sun ms = 1.99-103° [kg] 
radius of the sun ts = 696000 [km] 
distance to the earth Tre = 149 597 870 [km] (averaged) 





mass of the earth 5.976-1024 [kg] 


moment of inertia 





= ere = Qar/te_ “ 
= 29.79 [km/s] 

365.25637 [days] 
sidereal year 






orbital velocity 
averaged<?: Ve 


i) 
~ 
= 
= 
— 


revolutionary period] te = 
te = 





distance to the moon Tm = 384 390 [km] (averaged) ' 
radius of the moon Rm = 1738 [km] | 
mass of the moon Mm= 7.350-1022 [kg] = constant (11.21) 
moment of inertia Jm = MmTm?| (of the moon orbit) (11.22) 





orbital velocity Vi Onke = Qarn/t. (11.23) 
of the moon averaged: vm= 1.026 [km/s] = constant (1124) 
revolutionary period} tm= 1 siderealmonth (from fixed star 

tm = 27.322 [days to fixed star) | 


observed t*m= 1 synodicmonth (from new moon 
revolutionary period] t*n= 29.53 [days] to new moon) 
Fig. 11.7: The data of sun, earth and moon of today~” 


<i>: Mitton, S. (Herausg.): Cambridge Enzyklopadie der Astronomie 
(The Cambridge Encyclopaedia of Astronomy), Orbis Verlag (1989) 
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It is an exciting matter, if one can experience for oneself, how the pieces of the puzzle fit 
together, how the southern end of America is wound around the Cape of Good Hope and 
the Falkland islands surface for the east coast of South Africa, in the vicinity of Australia 
how the Antarctic occupies the Pacific basin as a neighbour of Australia, von South, 
Middle and North America, run through by the equator, etc. 

The corrections to the view of life of Alfred Wegener and the geographical evidence, 
which Hilgenberg gives, are sound, well founded and even after 65 years still highly 
actual. The physical statements of the geologists however, for instance the earth in the 
course of time would rotate faster and faster, cannot be followed. 


11.7 Conservation of angular momentum 


The question about the rotation of the earth is raised. Is it not changing at all, is it getting 
faster or slower? In the case of a with time growing earth there is only one possibility: The 
rotation of its own will decrease and not increase, as Hilgenberg supposes. 
For that you only need to place yourself on a turmtable, to turn and if possible with weights 
in your hands stretch out your arms sideways, to feel, how the rotation of the table is 
decreasing. It surely would have done the geologist Hilgenberg good, to leave his desk for 
a short time for a stroll to the most nearby playground, for the purpose of the described 
physical experiment with himself. 


In this case the law of conservation of momentum authoritatively has an effect in the 
formulation of the law of conservation of angular momentum for the rotating motion. 
According to that all angular momenta in the solar system should amount to zero. If we 
look at the planets which have no moon, then is remarkable that these need an eternity for 
a revolution around their own axis (Venus for instance needs 243 days). According to the 
law of conservation of angular momentum our earth owes its rotation of its own primarily 
the moon. 


For reason of this relation we can assume a proportionality between the angular 
momentum of the moon J,*w, and that of the rotation of its own of the earth J*we (eq. 
11.39, fig. 11.10). They even have to be identical, if the partner of rotation earth and moon 
are seen as a closed system. 

If the earth would be approached as a homogeneous, spinning sphere, the angular 
momentum at first would be too small for a factor 4.1 (eq. 11.29, fig. 11.9). The law of 
conservation of angular momentum dictates as a necessary result, that the dense core of 
the earth must rotate faster than the earth's crust! From the correspondence of orbital 
angular momentum of the moon on the one hand and the sum of the angular momenta of 
their own of earth's mantle and earth's core on the other hand results a 31 fold higher 
angular velocity of the earth's core compared to the rotation of the earth's surface (eq. 
11.38, fig. 11.9). 


Does our earth owe its geomagnetism this rotation of the core? At least the possibility 
exists that there exists a causal relation between the rotation of the earth's core and the 
geomagnetism. We'll further collect arguments and put the question concerning the 
formation of the geomagnetism under consideration. 
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with E = 2 [V/m] earth magnetic field B= 67 | 
11.18: v, = 29,79 [km/s] | on the average approx. B = 50 [uy 


with B=67 [pT] | U= Eh = v,Bh 

eq. 11.20: Vg = 465 [m/s] } 10 km high: U= 199 [kV] calct 

and h = 6378+10 [km] | U = 200 [kV] measur 
Fig. 11.8: The magnetic and the electrostatic field of the 
earth 


as a result of an unipolar induction 


<i>: Measurement values in chap. 2.8, e.g. reference entry <i> (Prof. Dr. L. Konig) 
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11.8 Set of difficulties concerning the change of magnetization 


Now investigations of the polarity of the magnetization of rocks have resulted in the fact 
that in irregular intervals, on an average every 500,000 years, a change of polarity of the 
geomagnetism has occurred and no one knows why. 

If the rotation of the core should produce the magnetism, then it in any case also is 
responsible for the process of change of magnetization. That purely theoretically is 
possible in two ways: Either the core tilts out of its plane of rotation for 180° and rotates 
suddenly in the opposite direction or earth's mantle together with earth's crust, on which 
we live, is turned upside down. 

It surely isn't my intention to produce any panic, but from a physical point of view only 
the second case is possible. Usually not the tail wags with the dog, but vice versa, the dog 
with the tail. The high rotational velocity of the earth's core exerts an extremely 
stabilizing influence. After all its angular momentum is 4.85 times larger than that of the 
mantle (eq. 11.33, fig. 11.9). Therefore the rotation of the core and the direction of earth's 
magnetic field always are preserved seen from the sun. 


I further proceed from the assumption, that an electrostatic field arises from the sun 
accompanied by a particle flux, the solar wind, through which the earth flies through in a 
perpendicular direction. According to the Faraday law of induction E = v x B (eq. 11.25) 

it experiences, as a result of the unipolar induction, a magnetic field which stands 
perpendicular on the ecliptic and thus dictates the orientation of earth's magnetic field. 
With that also the direction of rotation would be determined. The core thus by no means 
can tilt! 

On the condition that the core doesn't rotate completely frictionless, the earth's mantle 
will in the case of the same direction of rotation be accelerated, in the case of unequal 
direction, after a changing of polarity, it will be slowed down again. If the process, for 
reasons of conservation of angular momentum, takes place alternatingly with a certain 
regularity, then the inhabitants of the earth for every changing of polarity might 
experience, how the North Pole in the shortest time turns over the equator to the South 
Pole, how the sun sets at the point, where it before had risen. As said, after a changing of 
polarity our earth is standing on its head! In the Bible corresponding clues are found™”. 
It can be taken from the media that one reckons with such a changing of polarity in the 
foreseeable future. When and if it actually takes place, stands however in the stars. 


If magnetism thus is produced by the rotation of the core, or by electric currents in the 
earth's core as a result of the superconduction or by both, then the earth is aligned in the 
field of the sun like the magnetic needle in a compass. If we take as a cause a solar wind 
with an electric field strength of just 2 V/m, then this would not only determine the 
direction of earth's magnetic field, but also the order of magnitude, and that at present lies 
at 50 uT averaged over time (chap. 2.8). 

With the same mathematical relation an electrostatic field around the earth of 199 V/m 
results as a result of the rotation of the earth. That fairly exact corresponds to the measured 
values!“" Quite obviously all is related to each other. In the question for the ,how" at this 
point consciously no definite answer is strived for. It rather should be discussed and 
worked to together in the seminar. 


<ii>: The Bible, OT, The 2™ book of kings 20,9-11 (king Hezekiah) and Joshua 
10,12-14, literally cited on the page after the next page (chap. 11.9), note<ii> 
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Angular momentum Jm + @m of the orbiting moon (with eq. 11.22 + 11.23): 


Jm-@m = MmTm?+@m= 29*10°? [kgm’/s] (11.27) 





Angular momentum J - @e of the rotation of the earth (eq. 11.19 + 11.20, 
same direction of tuming): 
(theoretically) J- @e = (2/5) M-R?- @p = 7*10° [kgm7/s] (11.28) 





Orbital momentum moon _ Jm:-@m _ 29 4] 
Angular momentum earth : 


(11.29), 








Angular momentum Jy - @rof earth's mantle and crust (Rj = core radius) 


Ju * @g = (J-Jx) +» @e = (2/5)-(MR2-MxRb2)-@p = 6*10°* [kgm7/s] (11.30) 





conservation of angular momentum: Jm:@m =Jk-:@x - JM: @e oat] 














Angular momentum Jx - @x of the earth's core 


Jk- @x = Jm+@m+Jm+ Op = 35*10°? [kgm’/s] (11.32) 








Angular momentum core Jk - OK 35 


EE Se (11.33)! 
Angular momentum mantle J - @E D : 





Jk: @x = (2/5) Mg-Rn?: ox (11.34) 
With the mass of earth's core Mk = px-Vk = px-(4/3)-7-Ri® (11.35) 


and the averaged core density ro,= 12000 kg/m? 
the angular velocity 








of earth's core amounts to: @k= 3,3*10° [s”'] (11.36) 
and that at the earth's surface: @f= vp/R = 0,073* 10° [s”]. (11.37) 
OK 353 
= 2 = 45). 
@E 0,073 aaa 


Fig. 11.9: Calculations concerning the conservation of 
angular 

momentum and the rotation of — earth's core 
(One turn of the earth's core lasts 32 min. It results contrary to 
the earth rotation. Of the surface of the earth a period duration 
of 31 min should be observable.) 


The growing globe 247 


11.9 The weakly damped moon 


The increasing angular velocity in the direction of the centre of the earth surely has 
something to do with the set of difficulties concerning the conservation of the spherical 
structure, comparable to the reason for the particle spin (chapter 6.13). The increasingly 
missing radial component of the gravitational field has to be compensated by an additional 
field produced by the rotation (according to part 1, equation 62, fig. 6.5). 


The moon apparently doesn't know this set of difficulties. We can assume a constant mass 
for it (eq. 11.21). On the one hand is the moon smaller than the earth 200 million years 
ago, as it started to grow. On the other hand are doubts concerning the existence of an 
active core of the moon legitimate. In the Apollo-15 mission seismic gauges had been 
installed at the ground of the moon and at the start from the moon the produced seismic 
waves had been recorded“. The surprisingly small damping as the lunar module fell back 
onto the ground of the moon more likely allow the conclusion that the moon is hollow 
inside! 

Also the small density of the moon points in the same direction, and finally no clues at all 
can be seen on the surface of the moon, which would point to a growth of the moon. 


Apart from the mass also the orbital velocity of the moon is taken constant, what surely is 
true, as long as nobody and nothing drives the moon extra (eq. 11.24). The analysis of the 
law of conservation of angular momentum provides the in fig. 11.10 derived provisional 
result (eq. 11.41). 





<i>: Moonquakes ever more mysteriously: ,,The by Apollo 12 triggered moonquake 
by ,,bombardment" of the surface of the moon with the clapped-out Lunar 
Module ,,Intrepid" at thursday evening puts scientists for bigger and bigger 
mysteries. An exact analysis of the measurement data now resulted in the by 
the astronauts Conrad and Bean installed ,,seismic station" on the moon ... to 
have recorded and to have sent to the earth 55 minutes long. ... The 
seismologist Dr. Gary Latham spoke of ,,important information about the 
structure of the moon" and meant, one now can ,,throw away the text book". 
One had reckoned that the impact of the Lunar Module on the moon would 
trigger a quake of at best some minutes", (translated) 
Frankfurter Rundschau vom 22.11.1969 


concerning reference entry <ii>, chap. 11.8: 


<ii>: The Bible, OT, Joshua 10,12-14: There stands in the ,,book of Jasher ": So 
the sun stood still in the midst of heaven, and hasted not to go down about a 
whole day. And there was no day like that before it or after it, ... 

The 2" book of kings 20,9-11: king Hezekiah: This sign thou ... let the 
shadow return backward ten degrees. And Isaiah the prophet cried unto the 
LORD: and he brought the shadow ten degrees backward, by which it had 
gone down in the dial of Ahaz. 
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For the proportionality of the angular momenta of the earth: ‘ 
J-@e ~ Jm:@e ~ Jk: Ox 

With: J:-@e = (2/5)M-R? - 2n/te (11,21 

and the orbital momentum of the moon: 


Jn*@n = MmTn? - Vm/Tm (11.23 


is valid the 


conservation of angular momentum: J - @ ~ Jm - 





or: M-R2/te ~ MmTm‘Vm a 1s 4) 


with Mm = constant (11.21) 


and Vm = constant (11.24): (11.41 


centrifugal force gravitational force 


Mm‘Vm? G-M-mm 
Tm Tm? 





or with eq. 11.22: Vm? = GM/rm = (2nrm/tm)? (11.43) 
if M =constant: tm ~ tm? (10.1) 
Kepler’s 3:4 law. 


Here M_#constant, instead vm = constant (11.23) and therefore 


follows from eq, 11.43: 


with eq. 11.41: 

(day) te: “~ R? (11.45) 
and for an analogous 
derivation: (year) te ~ Te ~ Ms (11.46) 


with ve = constant 


Fig. 11.10: Calculation of dynamic celestial mechanics 
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11.10 Calculation of celestial mechanics 


We still need a further relation and try the balance of forces between the centrifugal force 
and the gravitational force. Both the to the outside directed centrifugal force and the to the 
inside directed gravitational force depend on the mass of the moving body, here the mass 
of the moon m,,, so that it is cancelled from equation 11.42. 

As determining mass only that of the earth is left and that is taken constant in accordance 
with the knowledge of text books. The result of this assumption is Kepler's 3" law (eq. 
10.1). But beware, it here merely concerns a momentary picture! In the course of time, 
according to the derivation, the mass of the earth increases so that this assumption is 
untenable. 


Instead, as already said, the average orbital velocity of the moon, one kilometre per 
second, can be taken constant (eq. 11.24). Since the orbital velocity is calculated from the 
proportion of the perimeter of the circular orbit 2-7-r,, with regard to the revolutionary 

period of a month (11.43, left page), and at the same time from the balance of forces a 
dependency of the mass of the earth M and the radius of the orbit of the moon follows 
(11.43, right page), the interesting relation (11.44) results: 

Here the mass M, the radius r, and the revolutionary period t, stand in a direct 
proportionality to each other, and that means: if the mass of the earth increases in the 
course of time, then the moon will go away from us to the same extent, then also every 
month will get correspondingly longer. 


Clarified with numeric values follows from a growth of the earth for 915*10'* kg per year 
a going away of the moon for yearly 5.88 meters (fig. 11.11). The going away of our 
satellite could be confirmed by means of measurements with laser reflectors, which had 
been put up on the moon by Apollo astronauts, according to dpa message~ 


In addition every month lengthens for 3 milli seconds. That is valid for the sidereal month 
( = 27.322 days), for which a fixed star serves as a reference point for the measurement of 
a revolution, as well as for the synodic month, as it is observed from the earth from new 
moon till new moon (= 29.53 days). The synodic month today is longer than four weeks. 
But 3.7 million years ago it once actually lasted exactly 28 days, as we can calculate easily 
(fig. 11.11). 


But now also the length of a day is changing. If we insert the proportionality (11.44) from 
the balance of forces in that of the conservation of angular momentum (11.41), then it is 
shown that a day depends quadratic on the radius of the earth (11.45), that a lengthening 
of every day for 4.5*10° s can be determined with the help of the growth curve of the 
earth (fig. 11.5). This is really very small, but 200 million years ago the day had just 19 
hours, if extrapolated to 900 million years only 18.04 hours! The result of the american 
geologists around Dr. Charles Philip Sonett of the University of Arizona in Tucson also is 
18 hours in their analysis of correspondingly old sediment formations, as the US science 
magazine Science has reported“. The correspondence of this measurement with our 
calculation without doubt has force of evidence! 


<i>: 900 million years ago a day had 18 hours, Washington (dpa) 1997 
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or 





lengthening of month per year with |M~tmn | 
Atm = tm-AM/M = 27.322 [days] - 86164 [s/day]- AM/M = 36 [ms/a] 








Atm = 29.53 [days] - 28 [days] = 1.53 [days] = 132-106 [ms] 
linearly calculated 132-10® [ms]/36 [ms/a] = 3.6674 mio. years ago. 





siento Atu/te = yee: = (R-R*)2/R?2 = -(6378- -3420)2/63782 = 21.5% 
Ate = 0.215-24 fh] = 5.16[h] and {* = 24 [h]- Ate = 18.84 [bh] 


Day length 900 mio. years ago, (R*=3200 km) amounts to 18.04 hours 
present lengthening per day amounts to: Ate/te = 4.5 10° 


but: the yearincreases 130,000 times faster than the individual da: yt 


according to the measurement of Aristarchos 2300 years<i> ago 


is Ate = 365,25637 [days] - 365.25062 [days] = 0.00575 [days] 
and Ate/te = 0.00575-24-60-60-1000 / 365.25637-2300 = 0.59 [ms/day] 





growth of the sun per year/second, with te m, (according to eq. 11.46) 
for: 

Ams/t = ms-Ate/tet = 1,99- 1027 t- Ate/tet = 1,36-10! “duvear] 
resp. in a second for: = 43-10" _[t/sl 
and at the same time a loss due to radiation of: 5-10° [t/s} 





Pigs tt its Figures according to analysis of some examples 
concerning dynamic celestial mechanics 
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11.11 The biblical age 


We therefore owe the growing diameter of the earth that every day gets longer and longer 
(eq. 11.45) and from the going away of the moon a lengthening of the month results (eq. 
11.44). Not only the months and the length of the days increase, but also the whole year. A 
corresponding derivation for the revolution of the earth around the sun, as it has been 
carried out for the revolution of the moon around the earth (eq. 11.44), delivers analogous 
results (eq. 11.46): The sun determines the length of the year and the distances to the 
planets. To the extent, to which the sun grows, the solar system increases in extension. 
Also the distance to the earth increases proportionally with the mass of the sun. By the 
going away from the sun the temperature on the planets however not necessarily 
decreases, because at the same time the radiation intensity of the growing central star 
increases. According to measurements it has increased for 30% since the formation of the 
solar system”. 


If both the rotation of the earth and the revolution around the sun get slower, then by all 
means is conceivable, that the number of days per year approximately stays the same and 
mankind nevertheless gets less old. If we take the 2300 years old writing of the Greek 
Aristarchos about the sizes and distances of the sun and the moon”. He determined, 
assuming a heliocentric view of life, the year to be 365.25062 days. Because the 
correction taken by Aristarchos concerned even the fifth place after the comma, we must 
assume that correspondingly precise gauges were available in Alexandria already 310 BC. 

The today measured sidereal year with 365.25637 days has lengthened for whole 0.00575 
days. From this follows that the year increases considerably faster than the individual day. 

It of course would be nice, if we could calculate the lengthening of the year, but 
unfortunately no data about the growth of the sun are available. 

If we proceed from the measurement of Aristarchos, without being able to verify or 
reproduce its reliability, then from that would result a going away of the earth from the 
sun for yearly one kilometre, then the sun should grow for 4.3*10'! tons per second. In any 
case the sun materializes mass considerably faster, as it loses mass in the same period as 
radiation equivalent, and that surely is correct (fig. 11.11). Today one generally assumes 
that ,,since its formation the earth has gone away from the sun for in total 30,000 km"*". 


But if in the past the year consisted of less days and every day moreover was shorter, if 
therefore the biological life time was divided in shorter periods, then mankind could get 
older, then obtaining a biblical age possibly by no means was unrealistic. If Adam still 
should have got 930 years old, according to the 1“ book of Moses, then his lifetime 
already must have been quite long ago. While Abraham still did get 175 years old, no 
successor of him has reached his age anymore. In the Bible it is said: ,,And the LORD 
said, My spirit shall not always strive with man, for that he also is flesh: yet his days shall 





he an hundred and twenty years "“", Today even the limit given by the LORD isn't 
reached anymore! 

<i>: Is the sun loosing her Gravitation? Illustrierte Wissenschaft, Nr.l, 1995 
<i>: Hermann Wild: Technologien von gestern, Chancen fur morgen, 

Jupiter- Verlag Bern (1996), ISBN 3-906571-13-0, Seite 22 


<i>: The Bible, King James Version, Genesis 6.3 
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The balance of forces (equation 11.42 generalized): 





centrifugal force gravitational force 


Mvuz _ GMm (12.1) 
r r? 








results in the cosmic velocity vx: 





v2 = Gm/r (12.2) 


independent of the mass M of the satellite or planet! 





For V<VK falling back into the central mass m 
For V>VK taking the leave into space 
For V=VK stationary orbit 


written down for the n™ planet in the solar system: 
with r(n) =r, average orbital radius of the planet 
and v(n) =v, average orbital velocity 


as well as: m, mass of the sun 


Vn = VGms/tn (12.3) 





Vn - G-ms/Vn-Tn (12.4) 


Fig. 12.1: The first cosmic velocity vy 
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12. New cosmology 

Astronomy still hasn't satisfactorily solved the question of the formation of the solar 
system. It thereby however concerns a central problem, because it includes the origin of 

the earth. But as long as we not yet have understood the relations in our nearest 
environment, the processes, which we observe with giant telescopes in the depths of 
pace, will remain a book with seven seals, will lose models of explanation concerning the 

Big Bang and concerning the so-called unavoidable heat exitus every reliability. 


12.1 Concerning the formation of our solar system 

2-8-1972 the observatories of the sun reported an unusual high solar activity and 6 days 
later a slowing down of the rotation of the earth occurred, which was recorded as the 
lengthening of a day for more than 10 milliseconds. This effect hardly can be explained by 
the tidal friction alone already just concerning the energy balance. Instead this observation 
makes clear two things to mankind. On the one hand, how much our earth depends on the 

solar processes and on the other hand, that the changes by all means can occur not 
continuously, but periodically and if need be even sporadic. 

If, as a result of the conservation of angular momentum, the sun determines the orbital 
velocity of the earth, if it dictates the rotation of the earth by its neutrino activity and the 
growth of the earth and if the earth in the same manner determines the orbit of the moon, 
then it would be obvious that the moon originally has been a part of the earth and this in 

turn sometime a part of the sun. As it came off, the necessary angular momentum then has 
been passed on proportionately to the celestial companions, with which the cause for 
evolution and rotation of their own would be clarified. In addition the moon goes away 
from the earth and the earth again from the sun, so that looking back it by all means would 
be obvious, if they once had belonged together. 

If we assume that cosmic dust particles meet and accumulate, then all collected rubble 
contributes to the rotation of its own of the forming celestial body. The more matter finds 
together, the larger its force of attraction gets, the faster it will grow like a celestial 
vacuum cleaner. In the course of time this process however is slowed down again and 
eventually comes to a standstill, because as matter condenses, volume and spherical radius 
decrease and the rotation of its own increases to the corresponding extent. The celestial 
body rotates faster and faster and reaches at its surface the cosmic velocity vk, which is 
given by the mass m and the radius r of the star (eq. 12.2). Now the centrifugal force has 
reached an order of magnitude, for which the celestial body hurls exactly as much matter 
into space, as it on the other hand collects by its gravitational effect. 

Our sun was lucky to have been supplied with neutrinos in the range of influence of our 
galaxy. It went in resonance and started to grow, this time from out of the inside. It 
however could not yet shine, because a crust had formed on its surface around its core of 
fusion and its mantle, a crust on which permanently was falling cosmic matter from the 
outside. The increasing viscosity of the sun becoming compressed caused a slowing down 
of the core of the sun and the corresponding acceleration of the mantle and crust. 


254 The birth of the planets 


Titius-Bode law of 1766: 





in astronomical units a with: In = @Te (12K 


(te = 149 598 000 [km] average orbital radius of the earth) 


Pla orbital radius acc. to the law: | measurement val 


eos [ares | wee 
Tae er [st a 
eee ocean e ae 


52nd 
Tee ee fase 25 rene 
32 ros 


Neptune: v=7 a= 38,8 30,1 (measured) § 


a= 77,2 39,4 (measured) 


Uranus: 


circumsolar 
cloud of planets: 


ete. o.3 








Table 12.2: The Titius-Bode series of the planets (the 
theoretical 
values compared to the measurement values) 
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Sometime our like mad spinning sun had increased that much, that the crust came off like 
the ,,tread of an old car tyre" and was catapulted into space. The repulsion was achieved 
by the centrifugal force exceeding the gravitation for the force of cohesion, which at the 
moment of the separation of crust regions suddenly tears off. Like snowballs the planets 
lulled off the sun's surface in this process and were hurled away. Their velocity of rotation 
at this time was identical to the cosmic velocity of the sun vy, and with that for many a 
planet large enough to produce its own satellites out of its own surface, which perhaps was 
not yet completely ideally spherical. 

With every planet, which the sun gave birth to, it gave away a part of its own angular 
momentum to its child as orbital momentum. Only from this time on the sun reduced its 
angular velocity steadily until this very day. By losing the crust it also started to shine 
openly. Thus at least could our solar system have been formed. 


12.2 The birth of the planets 


From this observation various consequences result. If stars are observed, which are 
rotating very fast, then they either are very young, or they have no planets. Stars, which 
compared to our sun are rotating less fast, have given away the angular momentum to their 
planets and such, which hardly are rotating, have their planets already sent away into 
space. But if the last planet leaves its solar system and the sun stops to rotate, then the sun, 
which meanwhile has grown to a red giant, without a, the spherical form stabilizing 
centrifugal force, will collapse. The supernova is the death of a star and thereby neutrinos 
are set free, the material for new life. 


After the coming off of the planets these first clear free their flight paths, by together with 
the sun collecting the flying around matter. Even whole planets thus can collide, are 
slowed down and form bigger units. Finally only some few planets in very particular 
orbits are left. Their average distance to the sun obeys in an until now completely 
inexplicable manner the  Titius-Bode series _— (equation 12.5, table 12.2). 
In the case of the by the german scientist Tittus 1766 formulated regularity it concerns a 
rule of thumb founded purely on experience. But it is remarkable, that the planet Uranus 
could be predicted (Bode 1772) and after systematic searching also be found (Herschel 
1781) with it. 


The most distant planets Neptune and Pluto however don't obey the law. Their distance 
should be very much larger. But this circumstance we already had given reasons for with 
the fact, that for them the resonating interaction already overlaps and exceeds the 
gravitation in its effect (chap. 10.1 note” and chap. 10.5). 


The arbitrary seeming series of numbers 0, 3, 6, 12, 24, 48, 96, 192, 384, ... with a 
respective doubling of the value, starting with the 3, the addition of 4 and the following 
division by 10 at first are nothing but pure acrobatics of numbers, which now really has 
nothing to do with physics (table 12.2). A physical background can be supposed however 
because of the tried and tested applicability and that should be fathomed. 
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Orbital angular momenta J-@ of the n‘* planet 
with: J=m-rh? and @©=Vn/tm: 
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with eq. 12.8: 


By comparison of the left and the right Johition (of eq. 12.11), 
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of the constant: 
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the differential 
equations read: 


and the general solutions: 


The 1* derivation: 
and the comparison with 
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12.3 The derivation of the Titius-Bode law 


Even if Bohr's atomic model should be wrong, it gladly is compared to the system of the 
planets. The radii of the electron orbits mathematically result as eigenvalue solutions of 
the Schrodinger equation, and that we have derived from the fundamental field equation 
(chap. 5.1, eq. 15) (chap. 5.5 - 5.9). The orbital radii are calculated in increasing order in 
accordance with the sequence of whole numbers with n = 1, 2, 3, 4, ... 


From the same sequential regularity of the planetary orbits can be derived, that they also 
obey the eigenvalues of the same fundamental field equation, which isn't called a world 
equation in vain. The quantitative distances from the sun are determined by the size of the 
sun: if the sun increases, then also all distances increase to the same extent. 


Now result identical distances between the orbits from Bohr's model, whereas this 
distance in the case of the planets with increasing distance from the sun gets larger. The 
reason for this unevenly grading can be calculated just like that (fig. 12.3). 


We arbitrarily pick a planet, which occupies the orbit n, where n again represents the 
sequence of whole numbers (n = 0, 1, 2, 3, ...). If the orbit of this no” planet changes, then 
also its distance to the sun r,=r1(n), its orbital velocity v,=v(n) and the orbital 
momentum J-@ (12.7) are changed. 

We try (as in equation 11.42, fig. 11.10) the balance of forces between centrifugal force 
and gravitational force (eq. 12.1, fig. 12.1) and solve equation 12.2 for the orbital velocity. 
The orbital angular momentum of the planet written down once in its dependency on r, 

and in the right column next to it on v, (eq. 12.8, fig. 12.3), is derived for the orbital 

ordinal number n, to record the change in angular momentum (equations 12.9 to 12.11). 


In fig. 12.3 the paths to the solution for both cases are given. For the average orbital radius 
r(n) as well as for the average orbital velocity v(n) of the planet an exponential course (eq. 
12.18 and 12.19) and in logarithmic representation a straight line (fig. 12.4) results. 


Even the orbits of the distant planets Neptune and Pluto, for which the Titius-Bode series 
fails, now are correctly recorded, so that with good cause can be claimed, to correctly have 
derived the regularity of the distances of the planets physically and mathematically. 


The hollow planet 











Asteroiden 





x X without line (x): values according to Titius-Bode 
—@——@- dotted line: measured distances 


drawn line: calculated distances 
Fig. 12.4: Representation of the distances of the planets 
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result of the calculation: r(n) = 0,3332- 
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12.4 The hollow planet 


The numerous accompanying moons of the big planets obey in the same manner as the 
planets this regularity, so that for the found result every coincidence is excluded. The 
orbits of the moons of Jupiter (fig. 12.5), of the moons of Saturn (fig. 12.6) and of the 
moons of Uranus (fig. 12.7) in logarithmic representation lie almost on a straight line. 
Some orbits certainly are occupied several times, while many an orbit has remained 
unoccupied. Other orbits again are occupied by a ring of countless chunks of rock, so- 
called planetoids. Best known representative is the asteroid belt (n = 4) between the orbit 

of Mars (n = 3) and that of Jupiter (n = 5). The Titius law requested the planet "Aster", but 
what one found (Piazzi, 1801), at first only was Ceres, the biggest representative of the 
small planets. 

As a second asteroid, as they are called, was found (Olbers 1802) its discoverer proposed 
the explanation that both, Ceres and Pallas, could have formed in a cosmic catastrophe, 
which a bigger celestial body had suffered. 

Perhaps the sought-for planet Aster actually had imploded after a collision and had been 
torn apart in countless fragments, of which today still more than half a million pieces are 
flying around. Most of the fragments however have been collected by the neighbouring 
planets Jupiter and Mars. Also in the case of the moons of Mars and the outer moons of 
Jupiter it could concern scrap of Aster. Some presumably fell on the young earth and 
triggered natural disasters and left deep scars. 


Itcan be imagined that the planet Aster was hollow from the inside and thus was built up 
similar to the moon. Such a hollow sphere could have formed, if the sun, or in the case of 
the moon, the earth still was rotating with the cosmic velocity and as a result of the 
centrifugal force at the perimeter parts of the crust came off as connected sheets and rolled 
up to a tube. 

The fast spinning tube then remodels into a hollow sphere with openings at the poles. In 
the inside of the sphere, near the equator, protected conditions and the best prerequisites 
for an undisturbed development, for instance of intelligent living beings, are found by the 
way. Apart from the advantages the hollow sphere however has as a fundamental 
disadvantage, that the normally protecting shell in the case of a collision with a bigger 
celestial body can becomes instable and can implode. 


In the case of the moon the pole openings in the meantime are closed and a presumed gas 
pressure in the inside in addition provides stability. The wall of the spherical shell 
however is not evenly thick, so that the moon all the time turns the same, namely the 
heavier, side towards the earth. In view of the seismic measurements of the Apollo- 
missions, which revealed an extremely small damping of the ground of the moon (chap. 
11.9, note <i>), we should look after our moon well, because a comet, which lets the moon 
implode, would be able to bring about more damage on earth, than if it would hit the earth 
directly. 


Should there exist a hollow and possibly even on the inside habitable planet in our solar 
system, then surely Saturn should be considered. Its density is smaller than that of water, 
so that water would be distributed over the inside area of the hollow sphere, if it would be 
existent. One should examine more detailed the extremely flat pole regions of Saturn for 
possible openings! Also Uranus and Neptune are possible candidates. This only is thought 
as an idea. 
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—o—e— dotted line: measured distances 
—————_ drawn line: calculated distances 


in position n = 9 stand: Leda, Himalia, Lysithea and Elara 
in position n = 10 stand: Ananke, Carme, Pasiphae and Sinope 


Fig. 12.5: The distances of the moons of Jupiter 






Result of the calculation: (12.21 


<i>:___Note to chapter 12.5: 
_ What we observe as a 
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12.5 Concerning the formation of the universe 


The widespread concept of an expanding universe bases on the observation of a red shift 
of the spectral lines of galaxies, which increases with their distance. As the physical 
explanation for the discovery of Hubble, the Doppler shift for a light source, which is 
moving away from us, is used. But this concept of an against the attraction of the 
gravitation taking place expansion is nothing more than a work hypothesis. 


The by Christian Doppler in acoustics investigated effect treats the observable shift in 
frequency, if the source of sound or the receiver is moved with regard to the medium of 
propagation. But according to today's version there doesn't exist such a medium at all for 
light, because Einstein has abolished the concept of the aether. According to that the 
Doppler effect neither can be applied to changes in light frequency. 
In the case of the expanding universe, for a decrease of the density and the tracing back to 
a Big Bang, it therefore should concern a misinterpretation! 


Here another effect has to take effect, which one is not yet clarified. Perhaps the changing 
field relations of the observer environment play a role, after the earth moves away from 
the sun. But perhaps the galaxies only influence the propagation of their own light, or the 
light ray on its millions of years lasting way through space slightly loses energy, what is 
expressed by gradually increasing its wavelength and shifting its spectrum towards the red 
frequencies. 

The hypothesis of the Big Bang moreover contradicts every causality. It is not able to give 
an answer concerning the origin and the future of the universe and on the question of the 
origin of the energy and the particles. With that its physical value of explanation goes 
towards zero. 


If we again hold the theory of objectivity against the theory of relativity (part 1), we come 

to quite other answers. Here apart from the waves also vortices are found. Specially in the 
case of the spherical vortex a part of the wave power is enclosed in the inside, so that 
looked at from the outside a from zero differing energetic state results, which even is 
accessible measuring technically (chapter 6.2). 

Wave and vortex are two possible forms of state, so that for the conversion of one state in 
the other state at first no energy is necessary. The change of state depends on the local 
field relations. 

If we assume that in the beginning the cosmos was free of energy and particles. Then the 
first vortex was a possible product of chance with an infinite extension. This first spherical 
vortex, which was contracted under the potential vortex pressure, gave structure to space, 
gave it energy and field and took care for the rolling up and formation of new vortices~. 

It can be assumed, that even today new particles continually are being formed in the fringe 
areas of the infinitely extended cosmos, which fly towards us and in doing so contract. 
They are attracted and at the same time shrunk by the fields of the celestial bodies. They 
form the source of all matter and energy for our observable universe, which permanently 
is changing its structure. Because the same oscillation with reversed sign is enclosed in the 
inside of the spherical vortex, the sum of the energy present in the cosmos is exactly equal 
to zero. With that the question concerning the causality is superfluous. 
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—e——e-— dashed: measured distances 
straight line: calculated distances 


Fig. 12.6: The distances of the moons of Saturn 


Note to chapter 12.6 (2"4 law of thermodynamics**): 


Heat cannot completely be transformed 
into mechanic or electric energy. 






<i>: see Electromagnetic environmental compatibility, Part 1, fig. 8.4 
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The formation of the universe also can be explained causal and completely without a hot 
Big Bang, even if a supernova surely represents something like a "local Big Bang" for the 
concerned celestial bodies. According to the observations of the sky expansion and 
contraction, explosion and implosion occur everywhere in form of oscillations. 


On the whole the expanding universe, which once was in thermodynamic equilibrium with 
matter, should cool down further and further. But stop, the 2"! law of thermodynamics 
teaches one just the opposite. If the entropy only increases, as the law dictates, then the 
whole universe should end in a heat death, just as mysteriously and inexplicable, as it 
should have been formed with the Big Bang. Perhaps something is wrong with the law 
(fig. 8.4)? 


12.6 Counter examples concerning the 2™ law of thermodynamics 


Most likely a small experiment convinces us. We heat two spheres, one somewhat less, the 
other somewhat more. Then we focus the heat radiation of the less hot sphere with help of 
a parabolic mirror and point it to the hotter one of both. That as a result becomes hotter, 
whereas the colder is cooled down. The heat thus has flown from the colder to the hotter 
sphere. Is it allowed to do that? 

According to the 2" law of thermodynamics it of course isn't. There the heat always can 
only flow from the hot to the cold sphere. But in this primitive experiment it measurable 
and verifiable flows in the wrong direction. Here the entropy, which is said to always only 
increase, actually decreases. Here entropy is being destroyed! 

Shall we now let the carrying out of the experiment be forbidden under threat of penalty or 
shall we secretly put the law of entropy to sleep? It can't be denied that this law until now 
has quite well helped us along, at least for terrestrial processes, at least if one dispenses 
with the poor inventors, whose inventions offend against the since 100 years tried and 
tested 2™ law of thermodynamics. They haven't really arrived at the patent office at all, 
then they already are outside at the door again. Such inventors with their illegal behaviour 
even today must feel like criminals. 


Just what that observed experiment can, each refrigerator and each warmth pump is using 
as well. And it is not an isolated case: also our sun clearly functions and operates illegally! 
The surface temperature amounts to only 5800 degrees Kelvin and supplies the 
atmosphere of the sun with energy. The energy thus flows from the sun to the corona, and 
that is with values above 1,000,000 degrees Kelvin for some powers of ten hotter! 


Only the vortex concept resolves the many question marks without compulsion. In the 
case of the sun certainly vortices are at work. Here the high temperature in the corona 
arises as a result of vortices falling apart. We also speak of eddy losses. The transport 
takes place by heat radiation, exactly as in the experiment with the two spheres. 

The possibility exists therefore in vortex processes as well as in technical circle processes 
that heat could flow from the colder to the hotter sphere. Whether this is an offence 
against the 2™ law of thermodynamics, is in the end a question of interpretation of the law 
and up to the opinions of the scholars. 
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—@——«- dashed: measured distances 
straight line: calculated distances 


Fig. 12.7: The distances of the moons of Uranus 


Note to chapter 12.7 (law of entropy): 


a closed system never can decrease. It is 
n the case of all irreversible processes. In the case 
of reversible processes it remains constant. 
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12.7 Entropy destroying potential vortices 


Vortices in addition can amalgamate to balls and to planar vortex systems (4.9 and 4.10). 
In that case similar consequences, as they can be observed in flow-technical potential 
vortices in hydrodynamics, can be expected. As a result of the concentration effect (4.1) 
and because of the conservation of angular momentum an increase of the velocity of 
rotation of the vortex occurs. Like in the case of the pirouette in figure skating a 
spontaneous acceleration of its own is observed. In that way the kinetic energy of the 
system is increased, and that has to come from somewhere. 

If we don't supply the contracting vortex with any additional energy for the increase of its 
rotation of its own, then as a source of energy only the heat energy is left. For this reason 
every contracting vortex generally converts heat in kinetic energy, it therefore cools down 
its environment! It moreover destroys entropy and offends against the 2™ law of 
thermodynamics (fig. 12.8). 


It isn't an accident, if in the inside of a tornado it starts to hail. The whirlwinds really 
furnish visual instruction of the contraction and acceleration of their own of ring-like 
vortices. If then, even in tropical regions, hail stones are formed, the cooling effect has to 
come from somewhere, and it can be assumed that the vortex withdraws the heat energy 
from its environment (calculation in fig. 12.8). 


If in specialist books is talked about matter or stars condensing, then vortex physics 
teaches us that they in reality are contracting and by doing that cooling down. That also is 
valid for whole galaxies. We owe solely the vortex laws that the continual heating by 
absorption of radiation is prevented and our sky in the night is dark and doesn't shine as 
light as day. 


The cosmic background radiation, which as a result of vortices lies at almost 3° Kelvin, 
actually can only be given account for with a contracting of vortices of the Milky Way 
galaxy. If the cooling down in a compression resp. condensation process has arrived at 
absolute zero, the vortex becomes stationary, the contraction becomes dependent on the 
irradiated energy or it wholly comes to a standstill without supply of energy. An example 
for that is earth's inner core, which at zero Kelvin can't contract further. 


From the point of view of causality it is suggested that we galactic and perhaps even 
cosmic to a large extent are in thermodynamic equilibrium, completely without Big Bang 
and heat death. 

Numerous inventions, as mentioned, are based on the principle of converting 
environmental heat in useable energy by contraction of vortices. If however the inventors 
don't know the vortex laws and if they have developed their concept empirically and less 
physically, then it very often happens that erroneously gravity is made responsible, then is 
talked of gravitational converters, of the use of a gravitational field energy. But the 
inventors don't do themselves a favour with that. 


<i>: In the seminar it is desired to think about this. Doing so the philosophical 
faculty may feel as well addressed, as the sandpit of physics, in which 
completely unsuspecting is played and juggled with Big Bang hypotheses by 
ignoring all physical regularities and every common sense. 


266 Entropy destroying potential vortices 






Evidence to counter: ‘a 

planar, contracting ring-like vortex 
conservation of angular momentum: J-® = m-rv=constant| (127 
conservation of energy: Ekin = % m-v? = constant (12:23 


before (ri, vi) afterwards (re, v2) 


contracted (r2 < ri): ™m-T1-Vi 7 M-T2-V2 (12.7 
with the consequences: v2/vi = 1ri/re (12,23) 
and 1 1 

kinetic energy: Exini = = -m-vi2 Exing = % ‘M-V22 (12.24) 


increase of the 
kinetic energy: 


change of volume: 


12,26), 
with V = mr2-h — 





notice: Because of the change of volume no isochore change of state! 


assumption: isobar change of state (with p = const., Gay-Lussac): 


result: 

(vortices of gas) 
involved with the: 
* acceleration v2> Vi is the contraction of vortices > < 2 » V2< Vi 


sano 


AQ = c #1 ery 


AS = Cp-m-In _ = Cp-m-In mar 










* the cooling: T2< Ti and 





* withdrawal of heat Qo - Qi 


* and entropy destruction: 


Fig. 12.8: The cooling and entropy destroying effect 
of contracting potential vortices 
(calculations concerning chapter 12.7) 
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13. Recording of space and time 


If observations should force us to touch the sacred physical laws, then we should first of 
all judge our measuring technique critically of all sides and bring it in an usable state. I 
suggest, we start completely from the beginning with the devices, with which the 
dimensions of space and time are recorded, with the tape measures for the measurement of 
length and the chronometers, our clocks. 


We must find out, why comets are slowed down if they approach the sun like by the hand 
of a ghost and in going away again are accelerated, although no forces at all act on the 
celestial bodies from the outside. 


We must find out, why in mines deep under the earth another value for the gravitational 
constant is being measured as on the surface of the earth". The results hardly can be 
imagined, if an universal constant should lose its constancy. 

Thereby can Newtonian mechanics and the well-known laws be used very successfully 
from today's point of view, as the derivations in the last chapters have shown. We even 
could verifiably and mathematically correct calculate the growth of the earth and the solar 
system with them. The physical laws in the normally used formulation in spite of that 
seem to be bound to certain limits. Some observations contradict all experience”. 


<i>: H. Schuh: Eine Konstante verliert ihre Konstanz; neue Experimente nahren 
Zweifel an Newtons Gravitationsgesetz, Die Zeit Nr. 40 vom 25.09.97. From it 
the following quotation (translated): 

,It already is suspected for several years, that a fifth force could exist, this 
suspicion goes back to exact measurements of the gravitational constant G in 
Australian mines and shafts. Physicists of the University of Queensland in 
Brisbane had determined, that G for measurements underneath the earth is 
about one percent larger than the corresponding, since centuries in 
laboratories determined size. Their proposal for explanation, namely a fifth 
repelling force, at first met with sharp disapproval. But an at 21 august in 
the journal Science (Bd. 237/87, P. 881) published work, which bases on 
measurements in a drilling hole in Michigan, confirms the Australian data". 


<ii>: Already the nobel prize winner of physics, Lenard, pointed to the 
circumstance, that the relativistic representation of the astronomical 
aberration is incorrect, after no distinguishable aberration could be observed 
at binary stars, as it had been expected. With that Lenard by the way also 
has confirmed the existence of an aether. 
P. Lenard, Annalen der Physik, Bd. 73, S. 89 (1924) 
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Fig. 13.1: The water meter of the Ktesibios (approx. 250 
BC) 
(with regulation of the water-level) 
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13.1 The measuring technical debacle 


We are standing for a measuring technical debacle, because we have fixed our calendar to 
the rotation of its own of the earth. We call a 360° turn a day, divide it in 24 hours of 60 
minutes each and every minute in 60 seconds. With that we determine the duration of a 
second. 

A clock according to this definition only then is exact, if it follows the changes of the 
earth to the same extent. Obviously this in particular is the case for atomic clocks. An 
objectively seen precise going clock however would land at the waste disposal site as 
completely unusable. 

Alter all nobody wants to know, how late it really is. Everyone only wants to find 
confirmed his subjective feeling, and our experience of time simply is directed after the 
course of the sun, thus after the rotation of the earth! 


For the moment and as an approximation also for the life time of a person, this 
determination of time may be sufficiently exact, but seen over larger periods of time, one 
doesn't get around a conversion. Actually the 200 million years since the beginning of the 
Creation on the mentioned primeval hill are considerably less long ago. The earth and the 
whole solar system are very much younger, than was assumed until now! 


If we as an example again take the cited research group of the University of Arizona 
(chap. 11.10°°), which by means of an analysis of sediment formations have found out, in 
accordance with our calculation, that 900 million years ago a day only had 18 hours~’. 
Such traces in geological deposit layers can be very informative, if they are analysed 
correctly, since here the measurement technician himself is not subject to the process. He 
stands outside and hence can exactly measure the time difference. 

If a geologist of that time had looked at his watch during the formation of the layers, then 
a day obviously would have had 24 hours, and he wouldn't have been able to understand 
the whole excitement at all. The accusation, he would suffer from chronic blindness 
caused by his job, he of course would repel resolutely. Can you now imagine, from which 
disease our science of today suffers? 





Our chronometers are nothing but the improved model of a sundial”. 
We live in the dimensions of space and time, but we quite obviously have the biggest 
possible difficulties with the dimensioning of both. Possibly we already aren't capable of 
that at all by principle. Most suitably we clarify the situation by means of examples 
concerning the two problem spheres. 


Let us at first stay at the dimension of time. It may have become clear, how problematic 
the chosen determination of the time scale in seconds is and which contradictions can 
result if larger periods of time are considered. More and more often science fiction authors 
romp about on the playground of time, fantasize about some time travel, or they 


ii> 


occasionally make jokes about it”. 


<P: 900 million years ago a day had 18 hours, Washington (dpa) 1997. 
<i>: There also exist models, of which is asserted, they go according to the moon. 
<iii>: A passenger, who got on the 10 o'clock bus, passes by the church steeple 

clock, which only reads 5 to 10 and curses: Damn, I took the bus in the 

wrong direction! 
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Centrifugal force : Vetv9? = m-R-(ae + w/? 


with: R = 6378 [km] _ (radius of the earth), 
Ve = @eR = 0,465 [km/s] (rotational speed of the earth), (11.20) 
ve = oR = 2R/to (speed of the plane) (13.2 
and: to [s] (duration of journey) 


energy of the moving steering quanta: 
R R 

Ei2 = JFi2dR = mJR(oz+o)?dR = (133) 
fo) fo) 
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- -m-R2.(oe + @2 34 





energy balance (generally of a quantum of radiation): 


in general: Ez sh-f= m-c? resp. 
GI. 13.4mit 1. 














and 

specifically: (13.7 
Af/f = Ati2/to resp. Ati2= to-Af/f (13.8) 

(eq. 13.7 inserted into eq. 13.8) 

resulting in: (13.9) 

time of travel around half the earth: to = 2-R/vr (13.2) 

results in a difference in going of: At = Ati - Ate (13.10) 

At = [(ve + v)2-(ve - vi)2}-1-R/(ve2-c2) (13.11) 

result 

calculated: Z (13.12 

measured by Hafele and Keating<*: 214 [ns]! (13.13) 


Fig. 13.2: The difference in going of two atomic clocks 


(caesium resonant clocks) 


<i>: Hafele-Keating-Experiment, Oktober 1971; s. a. W. Bauer: Klassische Physik, 
Graphia Druck, Salzburg (1975), Eigenverlag 
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13.2 The clock paradox 


The theme ,,time dilatation" in connexion with the particle decay already has been treated 
(part 1, chapter 6.20). It has been shown, that a fast moving and with that length 
contracted particle to exactly the same extent (Lorentz's square root) becomes more stable 
and longer-living. If relativists pack an atomic clock based on radioactive decay in a plane 
and detect a difference in going between the one, which has been flown around and a 
second identically constructed clock, which has stayed at the ground, then they have with 
that detected experimentally a very small length contraction, which really occurred, and by 
no means a time dilatation, as they claim. 


Now we in addition owe Einstein, that the aether has been abolished and from that 
follows, that it can't play a role in which direction the plane flies. If therefore both clocks 
are taken along each in a separate plane, one plane flying to the west and the other to the 
cast, both planes meeting again for the first time on the other side of the globe, then 
according to Einstein's theory it shouldn't be possible to determine a difference in going, 
if both planes constructed identically were on the way with the same velocity. But this is 
not the case! 

Actually a difference in going is measured, which however can't be calculated with the 
theory of relativity, yes, which is completely incompatible with this theory and clearly 
brings anyone to the eye, that the effect actually can't have to do anything with a time 
dilatation, that the moving clocks merely go wrong and we have to ask us, why~. 

These experiments were carried out with atomic clocks, which are constructed as caesium 
resonators and work with an exactness of one second in 300000 years. As a resonator 
serves a quartz crystal, which is controlled by an ion current of caesium atoms, which 
have lost their outermost enveloping electron. The system is fed back, because the 
oscillating quartz controlled by the caesium ions again adjusts the caesium vapour by 
radio wave and finally its own atomic controlling current (fig. 13.7). 


The reason for the measured difference in going is seen in the field and here specially in 
the different gravitational field. The centrifugal force directed opposite to the gravitational 
force at least is not the same, because for a westward flight along the equator the speed of 
the plane vr should be subtracted from the velocity of rotation of the earth vg, whereas in 
eastward direction it should be added (eq. 13.1). 

For the steering quanta supplied by the caesium resonator now the energy balance is put 
up (13.5 with 13.4) and the change of the reference frequency is calculated (13.7). With 
the change in frequency is connected directly a change of the at the two clocks readable 
times t,. (13.8). For a journey around half the earth, where one clock is flown westwards 
and the other one eastwards, the difference in going should, according to the calculation, 
amount to 207 ns. Interesting of the result (13.11) undoubtedly is, that the velocity of the 
planes doesn"t play a role. It is cancelled out. 


October 1971 caesium atomic clocks were sent around the world in scheduled planes in 
the Hafele-Keating experiment. To be able to estimate the inaccuracy in going of the 
clocks and with that the measurement error, four clocks were used. Between the westward 
journey (273 +7 ns) and the eastward journey (59 +10 ns) a difference in time of 214 
nanoseconds was determined. This under strict scientific conditions determined result 
once more proves the correctness of the theory of objectivity by confirmation of the 
calculated value. That however is not valid for the special theory of relativity, because that 
doesn't appear in the calculation at all! 

Who now believes, we would have less problems with the dimension of space, I must 
disappoint. The determination of the linear measures equally ends in a fiasco. 








272 The Tamarack mines experiment 


radius 
of the earth: R = 6378 km expected: 












Biv Be 
R R-a 
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measurement: b* = a+ x* 


expected: b= a-x 
error: Aa=x*+x 
Aa = 47,4 cm 


The centre of the earth 


Fig. 13.3: Expectation and measurement in the Tamarack mines 


(The curvature of the earth and the length of the shaft a 
are drawn strongly exaggerated for clarification) 
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13.3 The Tamarack mines experiment 


As long as the ,,foot measure" depended on the shoe size and the ,,cubit" on the forearm 
of the tailor, the world still was OK. The sciences however request a reproducible quantity 
for comparison, and that can be fetched at the Bureau International des Poids et Mesures 
in Sevres near Paris. The original meter is a Platinum alloy. Because the length of the 
metal always depends on temperature, it is stored at a constant kept temperature of 0° 
Celsius. Now there in addition still exists a field dependency, an electrostriction resp. 
magnetostriction. And how is the measurement bar behaving, if the earth grows and the 
density increases? Is it then shrinking just like other objects in its environment? At this 
point already chaos is proliferating. 


The newest definition of the length measure meter acts as a blow for liberty and thus 
marks the abyss, at which we are standing: The length is determined by means of a 
measurement of transmission time of an electromagnetic wave, e.g. of a light signal. It is 
said that with this determination a higher reproducibility should be obtained. 
Actually a photo optical facility to measure length is as exact as the built-in facility to 
measure time, and there we use it again, our sundial. In addition a constancy of the speed 
of light is taken as a prerequisite, and that is given in meters per second. From a change of 
the speed of light for forinstance 10% a change in length for 10% as well would result”. 
Because we see this process with the help of our eyes as well with the speed of light, we 
never can see the change. We neither can technically measure it, because all gauges we 
construct are built up corresponding to our sensory impression. We ourselves have 
shovelled the hole, in which we fall. 


Only if we succeed in taking a neutral standpoint outside of the events, the true relations 
will become visible to us. For the field dependency of the space measures a very clear 


experiment has been carried out, of which I now want to report”. 


1901 the French government was offered the possibility to carry out an experiment in the 
shut down Tamarack mines near Calumet (Michigan) with the goal to determine the 
diameter of the earth more exact. For that the geophysicists let down two plumb-lines of 
27.2 kg each in two perpendicular winding shafts, which were at a distance of 1.3 km from 
each other. The plumb-lines were tied to hardly expandable piano wires of as well 1.3 km 
length. It now was expected, since the plumb-lines hung in direction of the centre of the 
earth, that in a linking gallery between the two shafts a length of (1.3 - x) km should be 
measurable. From the shortening x one wanted to infer the diameter of the earth (fig. 
13.3). But it came completely different. 

Instead of a shortening a lengthening for x* = 20.9 cm was measured in the gallery! The 
point of intersection of the lines through the two shafts had to be not in the inside of the 
earth, but in space! Immediately ,,hollow earthers" appear, who claim we would live on 
the inside of a hollow world“. Perhaps one should shoot them to the moon, because from 
there the earth without doubt is seen as a sphere. Obviously we aren't dealing with a 
surprise of a fair, but with a fundamental measuring technical problem. 


<i>: for that see also. part I, chapter 6.11 and 6.12 
<ii>:  http:/www.t0.or.at/subrise/hollow.htm 
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Volume of the globe: V = (4/3)--R3 (13.16)) 
and of the inner sphere 
in depth a: Va = (4/3)-2-(R-a)$ 


resulting in the 
relative change: 








from m = V-p for aconstant density p 
and«iii>: m= o/ VG-4-7-L = A-w-H/VG-4-1- 
follows: m ~ Vv oH 


resp. the 
relative change: 











According to the theory of objectivity the length of the 
measurement wire is field dependent<> with: 


and [Ha ~ 1/(a-Aa)? on 





and the 
relative change: 





Shortening of the rule Aa is calculated from the comparison of 
equations 13.22 and 13.24: 


(13.25), 





‘Aa = a-(1-1/V2-(1-a/R)) (13.26), 
Aa = 40 [cm] (result of the calculation) 


Aa = _47[cm] (measurement value 
for comparison, 13.15) 


Fig. 13.4: | Calculational verification of the measured shortening 
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13.4 Field dependent linear measure 


If a measurement result delivers just the opposite, as was expected by the experimentators, 
then the layman is amazed and the expert is surprised, at least at first. But then, out of a 
feeling of panic, the whole view of life could collapse, as many as possible scientists and 
renowned professors are being informed and integrated, if they want it (Prof. Mc.Nair) or 
not (Prof. Hallock, Columbia University) and eventually the matter is buried third class 
and a guise of silence is spread over it. The censorship of the scientific making of opinion 
in advance doesn't permit publications, which are not in accord with our view of life, out 
of the animal survival instinct™”. 


A science, which deserves this name, should look different. There it must be permitted, to 
ask questions and to publicly discuss about it. 

I proceed from the assumption, that the earth is a sphere, which we inhabit from the 
outside; I have no doubts about that. With this as a prerequisite there is only one possible 
answer to the Tamarack mines experiment: The 1.3 kilometres long measurement wire, 
which in the gallery in a depth of 1.3 km had to jut out for 26.5 cm, instead is too short for 
20.9 cm, from which immediately follows that it, howsoever, is shrunk for 47.4 cm in the 
depth. 

At first of course the experiment was checked for possible measurement errors. The shafts 
were covered to exclude any draught. The measurement path was optically checked, but 
the result remained unchanged. But if the cause for the unexpected result doesn't lie in the 
experiment, then theoretical physics is addressed, after all it is still the experiment which 
shows us. the physical reality and not some _ theoretical model concept. 
In the 1* part of the book already the derivation of a useful explanation is found: The 
speed of light and with that also the linear measure depends on the field“. The 
measurement wire accordingly gets shorter, if it is exposed to a larger field strength (eq. 
13.23). We can verify the measured shortening calculative (fig. 13.4). 
For that we at first determine the change of the field strength, as it is to be expected in a 
depth of 1.3 km. We here are dealing with the closed H field lines, which are responsible 
for the gravitation. In a past derivation it has been shown, that a gravitating mass can be 
converted into a magnetic field“". Between a mass m and a field strength H hence exists a 
proportionality (13.21), in the same way as between the same mass and its volume, if a 
constant density is present (13.19). 

The result accordingly is a relative decrease of the volume of the earth and the 
corresponding mass being under the measurement place, as well as a relative decrease of 
the radial component of the field strength, but a corresponding relative increase of the 
tangential component of the field for 0.061% (13.22 with 13.18). 

In the gallery the measurement wire however is spread out in the direction of the 
tangential component of the field lines, and that shortens the measurement wire as a result 
of the field dependency of the linear measures*"” (13.23). From the above increase in field 
the calculational shortening of the rule for 40 cm results, which compared to the 
measurement result also should be rated as a confirmation of the theory of objectivity 
which was taken as a basis”! 


<i>: Example: K. Meyl: Potentialwirbel, Bd. 1, reference entry /5/ 
<i>: for that see also part 1, chapter 6.6, equation 65 and chapter 6.10 
<i>: K. Meyl, Potentialwirbel Band 2 (1992), page 27, equation 20 
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mee 


Fig. 13.5: Rise of the earth over the horizon of the moon 


<i>: Mitton, S. (Herausg.): Cambridge Enzyklopadie der Astronomie, 
Orbis Verlag (1989), note: No star is seen! 


<ii>: see also the references in part 1, chapter 6.9 
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13.5 Experiences from space travel 


The good correspondence of the calculated shortening of the measurement wire and the 
until now not understood measurement in the Tamarack mines shows both qualitatively, 
and quantitatively the correctness and useful applicability of the theory of objectivity of 
the field dependency of the linear measures. Our measurement laboratories normally are 
situated on the earth's surface and there everywhere are found approximately identical 
field relations. But if we leave the usual measurement environment and move the 
laboratory for instance in the sky, then we experience a complete mystery. Here however 
prevail the reversed conditions as in the mines experiment, in which in the inside of the 

earth. for an increase of the field strength, a length shortening was measured. In the sky the 
field strengths decrease and the linear measures correspondingly increase. 

This experience astronaut Roosa made in the Apollo 14 mission. While he alone in his 
capsule orbited the moon, he depicted mission control, he could see the lunar module and 

observe his two colleagues at their work on the moon. Nobody wanted to believe the 
astronaut, since he was flying in a height of 180 km! 

Commander Armstrong (Apollo 11) at the first landing on the moon indicated, the target 
crater Mackensen, 4.6 km in diameter measured from the earth, just has the size of a 

soccer field! Astronaut Scott (Apollo 15) called Mount Hardley, which is said to be 4.8 
km high, a practice hill for skiing. Perhaps they somewhat have exaggerated, but a true 
core in the statements always is present! 


Actually the gravitational field of our satellite is very much smaller than that of the earth. 
On the surface of the moon there is only one sixth of the gravitational pull of the earth. If 
we, to be able to compare, stick to the details of size, as they are measured by our 
laboratory on earth, then the astronauts on the way to the moon together with the lunar 
module and their rover had grown for a factor V6,then the first footprint is 2.5 times as 
large as on earth, then the astronauts were moving like giants in the scenery of a model of 
the railroad (eq. 13.23 and note~"” at fig. 13.4). 

On the moon there exists almost no atmosphere, for which reason the astronauts had 
imagined a wonderful view of the star-spangled sky, at least before they started. After the 
landing they were bitterly disappointed. The sky was black and not one single star could 
be seen! They have brought many photographs, but nowhere stars have been 
photographed, they apparently have moved outside the range of vision (fig. 13.5 and 
13.6). 

Many will still remember that the first pictures, which the space telescope Hubble 
supplied 1990, were completely blurred. The problem obviously was, that the mirrors had 
been adjusted on earth and not in space. Only after the optics had been given glasses in 
1994, sharp pictures could be radioed to earth. Somehow the distance to the stars had 

changed. The telescope had become short-sighted, resp. the distance to the star-spangled 
sky appeared to be gotten larger. We already know why. If we remove us from the 
gravitational field of the earth, the field strength decreases and the observable distances 
increase! The highly sensitive telescope already sufficed the 5% deviation, with which 

should have been reckoned for the near earth orbit, to be fatal. 

One should have familiarized the astronauts before with the laws of physics. Then this 
disappointment would have been spared to them, and in the case of the Hubble telescope 
the NASA and the european ESA could have saved a lot of money for the sake of the tax- 
paying population”. 
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Warum sieht man am Himmel keine Sterne? 





Fig. 13.6 a:  Illustrierte Wissenschaft Nr. 11 (1997) Page 62 








Ist example: landing on the moon 
gravitational ... 

..pull of theearth __ge __ M/R? _ M_ Re? _¢ 578 

...pull of the moon 8m  Mm/Rn? Mn RF? (13.27) 


in space everywhere on the surface of a sphere is valid:A = 4aR? 
eq. 13.20 (fig. 13.4<ii>): m ~ 6 = AB = 4nR2yH ~ R2-H 
as well as eq. 13.23 (fig. 13.4<ii>) for the field dependency: H ~ 1/1’ 


and further: 





resulting in the length dilatation (expansion) on the moon: 


lm (Mond) : le (erdey = V6,0375 = 2.457 = | (13.29) 








2™' example: communications satellite in a geostationary orbit 
(at h = 36000 km above the equator, R = 6378 km). 


(13.30) 








Fig. 13.6 b: Examples of calculation for length dilatation” 


<i>: If the theoretical value of 6.64 could be quantitatively confirmed by 
observations from off the earth with a telescope at a corresponding 
magnification, then with that would have been proved, that in the case of the 
spherical aberration it actually concerns the calculated influence of the field. 


<ii>: U. Seiler-Spielmann: Das Marchen vom toten Mond, Zeiten Schrift 5/94,S.39 
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13.6 Spherical aberration 


It is true that the problem of the changed length relations is known to the experts under the 
term of a "spherical aberration". But with that it is neither qualitatively nor quantitatively 
understood. Only the theory of objectivity soundly gives reasons for, why the astronaut 
Roosa has seen his colleagues almost 3 times as large, why weather satellites in a height of 
1500 km are approx. 25% larger and why communications satellites in a 36000 km high 
geostationary orbit even increase to the 6.64 fold of their original size“. It also explains, 
why the neutral point between earth and moon, at which the attraction of masses of both 
celestial bodies mutually cancel, wasn't reached at the point where it had been expected 


<ii> 


by the moon rockets". 


We, the inhabitants of the earth, are adapted completely to the conditions on the earth's 
surface. If we find our way well in the dimensions of space and time, as we observe them, 
then that must not be valid by all means for science, because that has made it its business 
to find out the secrets of nature. 


If it wants to deserve the name science, then it on the one hand has to consider, that we, 
the organic materials, as well as all inorganic materials are assembled from the same 
atoms and molecules and with that are exposed to the same length relations. If changes in 
length between day and night (as a result of the gravitational field of the sun (see chap. 
6.7), between summer and winter or as a result of changes in field occur, then we aren't 
able to register this at all. That even today the ,,foot" is used as a measure, for instance in 
the air traffic, shows only too clearly, how man raises itself to the measure of all things. 
Science asks for modesty! 


On the other hand it should be paid attention to the fact, that man eyes everything with 
speed of light with the optics of his eyes, and that speed by no means has to be constant. 
Solely the definition of the speed of light c as a linear measure per unit of time points to 
the direct proportionality between c and a length 1 (see chapter 6.3): 


Le=1] 331 


If a rule has proven to be unusable for measuring a distance, then we'll experience the 
same disaster, if we measure optically, i.e. with the speed of light. Obviously both, the 
length 1 and the speed of light c depend in the same manner on the respective local field 
strength. On the one hand both measurement techniques lead to the same result, but on the 
other hand what can't be measured with one method, neither can be measured with the 
other. 

To prove the constancy, it is normal to measure the speed of light optically. But since 
there exists a proportionality between measurement variable and measurement path (53), 
the unknown variable is being measured with itself. This measurement faulty by principle 
in all cases delivers a constant value. In contrast to the textbook opinion of today by no 
means a constancy of the speed of light can be assumed. In the case of the in a vacuum 
measurable 300,000 km/s it concerns a capital measurement error, at best a constant of 
measurement, but never ever a constant of nature! 


With the postulate and the misinterpretation of a constancy of the speed of light as a 
universal constant of nature Einstein already let several generations of physicists run into 
the same dead end, in which they today are stuck altogether. It surely is no accident, that 
the big time of discoveries abrupt came to an end with Einstein. 
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The radio waves 
change the direction 
of rotation of the 














polarizer: enveloping electrons analyzer: 
magnet sorts out of the Cs atoms magnet sorts 
atoms with unwanted out again 


direction of rotation 


B wrong ~“ 


caesium 
oven sends 
Cs-atoms 

on ajourney |ding 


The quartz oscillator 
oscillates with . 
9 192 631 770 Hertz 


Schematic representation concerning principle of functioning 


L = length of resonator determining the exactness 


The B-field is a weak magnetic field, which eliminates the 


influence of magnetic stray fields. 
The arrangement in addition is situated in a vacuum tank. 


Fig. 13.7: Set-up of a caesium atomic clock 
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13.7 Irony of the measuring technique 


Let's record: The linear measure is determined and defined by a measurement of 
transmission time. As a reason is given, that with today's clock technology a higher 
precision and reproducibility can be obtained, as with a rule or original meter. 
The exactness of going of the atomic clocks again depends on the free flying path (L in 
fig. 13.7) of the atoms. For the caesium clocks of the Physikalisch Technischen 
Bundesanstalt in Braunschweig the resonator length amounts to several meters! The clock 
is used world-wide as a standard. 





The irony thus lies in the fact, that a geometric length dictates the measurement of time 
and the measurement of time again determines the measurement of length - poor science! 


How does one free oneself from a capital closed loop conclusion? Why and how do signal 
transmission times or clocks actually depend on the gravitation? Who once got stuck in a 
dead end, knows that he only can get out in the reverse gear. 

A possible way goes back to the roots of classical physics and to the theory of objectivity 
in the 1" part of the book, which is free from the limits of a subjective and relativistic 
observer standpoint. That isn't a dead end and in addition explains, why all atomic clocks 
react sensitive to magnetic fields (magnetostriction) and what these fields have to do with 
gravity (see chap. 6.9)! 


Today's clocks are so exact, that even differences between a clock stationed on a 
mountain and one at sea-level can be recorded. Even more clearly was the depending on 
gravitation determined at an atomic clock, which was shot in a rocket 10000 kilometres 
high into space. The result of the analysis without doubt was, that the clock in that case 
doesn't tick" correctly anymore. 
But what does theoretical physics say about it? It claims, here the ,,red shift" has been 
measured; it thus concerns a confirmation of the special theory of relativity. But since it 
concerns a clock experiment and not a light signal, it clearly contradicts this theory, which 
isn't able to describe any gravitational effect at all, as is well-known. For this case in the 
spheres of theoretical physics one helps oneself with the general theory of relativity, with 
which actually only would be proven, that the two theories from the legacy of Einstein 
completely incompatible contradict each other. We come to the following conclusion: 





Whoever gives details about length or time, is obliged to also indicate the reference 
system. 





He also has to inform where his laboratory is situated and with which devices he 
measures! 


With the conclusion also the discussion would be opened. Throughout the last four 
chapters a main idea can be found. It should be worth, to again think about the brought 
forward arguments and to dare a comparison with text books. 

In the text books there doesn't exist such a thing as an oscillating interaction. Here no 
answer is found to the question, why the solar system isn't hurled out of the galaxy as a 
result of the high velocity, why the inside of the earth is hot, how the geomagnetism is 
formed, why the continents drift and why the ocean floor nowhere is older than 200 
million years, as samples from the ocean floor prove’. How would you answer these 
central questions? 





<i>: Kendrick Frazier: Das Sonnensystem, Time-Life Bucher, Amsterdam (1991). 
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Fig. 13.8: |The Bethe-Weizsacker cycle (concerning the 


sun's fire) 
(meaning of: '*C = carbon nucleus, “He = helium nucl., 


y = gamma quant, '“N = | nitrogen nucleus, p = proton, 
+ ‘ : : 
e = positron, v= anti neutrino, "O = oxygen nucleus 








Fig. 13.9: The top of the unfinished obelisk in Assuan<* 


<P: Hermann Wild: Technologien von gestern, Chancen fur morgen, 
Jupiter-Verlag Bern (1996), ISBN 3-906571-13-0 
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13.8 Discussion of the cosmological insights 


The numerous models which are offered, of a geodynamo, an iron core, of assumed zones 
of subduction and of plate tectonics may be helpful for the explanation of individual 
isolated phenomena. But they physically don't give a uniform picture and partly contradict 
each other. 


Lord Kelvin had calculated a period of shining of 5000 years on the basis of a sun 
consisting of coal“. The german physicist Hermann von Helmholtz landed at 15 million 
years, in which case the sun yearly should shrink for 100 meters. He already assumed a 
temperature of 15 million degrees centigrade, as also the Bethe-Weizsacker cycle has as a 
prerequisite, which according to today's concept should describe the process of nuclear 
fusion taking place in the inside of the sun (fig. 13.8). The only thing is that this extreme 
temperature is completely incompatible with the high density in the core of the sun! 
There are more than good reasons to assume the opposite of the widespread textbook 
opinion and assume that the core of the sun is cooled by the collected neutrinos in the 
same manner as the inner core of the earth and that superconducting areas are formed, 
which powerful fields even cause the protuberances on the surface of the sun. 
Since in the sun no measurement is possible, with which a model could be verified or 
disproved, terrestrial arguments naturally suggest themselves. Here the pieces of evidence 
for the growth of the earth can be taken in the hand and photographed. We already have 
discussed some facts. But there are found a multitude of other ones, for instance from the 
domain of archaeology, for which text books of today until now as well provide no 
explanation. 


Possibly the stones and monoliths weighing several tons, as they were used for prehistoric 
buildings, should be linked with the growth of the earth. If the earth was smaller at the 
time they were build, then they perhaps by no means were as heavy as today! 

Then the stones for reason of the smaller density in addition were softer and with that 
easier to work on. Dr. Wild points to the building technical peculiarity, that the stones 
formed like cushions originally must have been soft. He proves with the photograph of the 
top of the unfinished obelisk in Assuan (fig. 13.9), that the traces of working stem from a 
spatula in a plastic mass. 

Also the perfect fitting of the stones used for the building of the pyramids can only be 
explained in this way. In the joints not even a knife point can be inserted! 


If even stones in the course of time increase in density and hardness, then it is easier for us 
to comprehend, how small rivers in past time could dig large deep valleys in the earth's 
crust, then we perhaps also understand, why very old bones today are petrified“. It is 
obvious, that also bones in the course of time increase in density and hardness. Even if 
science should succeed in breeding living dinosaurs, then their chance to survive in spite 
of that would be equal to zero, because the dinos would collapse under their weight of 
their own of several tons. Their bones would be much too thin and brittle for their weight 
of today! 


<i>: Kendrick Frazier: Das Sonnensystem, Time-Life Bucher, Amsterdam (1991) 
<i>: The indication to petrified bones stems from a participant of the seminar. 
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The liberalization of the energy markets 


Assistant head of government department 
Acceptance of the common standpoint. 


European parliament 
Resolution of the guideline. 


commission 
Statement concerning proposals of change of the 
european parliament. 


Assistant head of government department 
Resolution of the guideline. 


Coming into effect of the guideline 
Publication in the official paper of the EC. 


Period of translation of two years 


Reduction of the threshold values for current 
consumers: 

to 40 million kWh (opening of the market 23%) 
to 20 million kWh (opening of the market 28%) 
to 9 million kWh (opening of the market 33%) 


,,.Anti imbalance clause" 
A nine years period of transition to preserve 
equal opportunities in the competition. 
Report of the commission. 


Further stage of the liberalization 
European commission tests by means. of _ the 
made experiences, if the current market 
should be opened further. 


Timetable of the EC single market guideline 


<C 


electricity 


<i>: Grawe, S. Thiele: Vorbereitung der Stromversorger auf den Wettbewerbs- 
markt, ATW Atomwirtschaft-Atomtechnik 43. Jg. 1998, Heft 1, S. 10 - 13 
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14. The way towards free energy 


Can energy actually be produced? No energy supply enterprise is capable to do that. Fact 
is, that energy only is converted and not produced. For that the available resources on 
earth are tapped and brought into a utilizable form of energy. As different the conversion 
processes may be, finally always heat is formed. We thus gradually burn the globe, on 
which we live. How long can something like that go right? 


Science gives all-clear: ,,stock of energy is sufficient for the next 100 years. Newest 
calculations disprove the fear of a scarcity of energy on earth. There exist large stocks of 
coal andoil"™. 


But what are 100 years compared to the age of the earth? How will our descendants judge 
our thinking and acting? They will condemn it and curse us, that much is clear already 
today. 

We have an obligation to preserve the environment, and we only will be able to fulfil it, if 
we look to nature, how it covers its need of energy, if we finally understand and 
meaningfully copy nature. 


We still are miles away of the goal. 


14.1 The liberalization of the energy markets 


It is important in the interest of a member of the executive that the stock of energy doesn't 
draw to an end, as long as he carries the responsibility for the enterprise of the economy of 
energy. The interest in the environment and the environmentalists for obvious reasons is 
less distinct. The problems are more of a commercial kind. Concerning that an actual 
example is given. 


A special kind of problem is the meanwhile Europe wide valid decree of the EU 
concerning the liberalization of the energy markets (fig. 14.1). The list of the 
consequences starts with the fact, that the concluded licence contracts for power supply 
between energy supply enterprises and the communities, which are valid till 1997, are 
only wastepaper. Every customer of electricity as of now can conclude an individual 
contract with every "producer of electricity". 


So an environmentally aware Black Forest person decides to obtain his power from a wind 
power station, which is situated in Denmark. That truly sounds very liberal. But how 
should that function, if there is no wind at all in Denmark for a week, or the connection is 
interrupted by a flash of lightning? The windmill further delivers power and the runner 
writes its bill truly believing, its power has arrived. The consumer then reads the bill at 
candlelight and puts with understandable anger his claim for compensation together. 
Pointing to the fact that such difficulties can be solved by book-keeping, the consumer 
again is calmed down; but that the not by contract obtained power will cost him dear, is 
another story. 


<i>:  Llustrierte Wissenschaft Nr. 6, Juni 1996, page 48-51. 
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14.2 The consequences of the liberalization 


With the EU decree the monopoly only has shifted towards the runners of the distribution 
nets, after all only one net is present. Competition however would require at least two 
nets, thus a doubling of all house connections and all high-tension pylons, but that 
fortunately is unrealistic. 

To prevent fleecing of the consumers by means of the net monopoly, politics introduces in 
the place of the free market economy dirigisme and plan economy with the well-known 
concomitants: no-one will look after the existing nets, no-one feels responsible anymore, 
because after all they have become public good by decree. One thus lets the pylons rot 

slowly and repairs only in emergencies. This possible development really can't have been 
the good intention of the EU. 

In the next few years we however will be able to observe for the producers of energy 
exactly the development, which the EU-commissioners have imagined: Total competition 
contest, price war and a struggle for power to survive economically. A chance only has the 
nuclear power station, which gets rid of its refuse cheaper and if need be even illegally or 
which lives of indirect state subsidies, or the brown coal power station, which increases its 
efficiency at night, when no-one watches, by switching off the expensive filters. 

The first power stations, which are selected out by the liberalized energy market, are the 
hydro-electric power stations which stand closest to nature. They simply are too small and 
too intensive of personnel, to be able to survive. 

Gas turbine power stations, which deliver the power for half the price, than are ranking 
first. Then there is no place for regenerative systems anymore. 

Solar energy, how many roofs a supporting program may have, stays a toy supported by 
the state. For a photovoltaic installation the ,,Return of Invest" still lies at more than 80 
years, whereas is reckoned with a theoretical life of 20 years. In practical use on the other 
hand photovoltaic installations occasionally already have failed after seven years, after the 
photocells had gone blind. In this case not even can be talked of an ecologic energy, 
because the return of energy lies still above that. The supposed Idealist who spoils his 
roof with photovoltaic to reassure his ecologic conscience, would have spared the 
environment more, if he had covered his need of power from the socket, because already 

the production of the photovoltaic installation gobbles up more energy than can be 
produced with it. With regard to the environmental compatibility the ecologic balance 
sheet of a power station is attached a central importance (fig. 14.2). 

With the law of feeding in power the state intervenes dirigiste, supposedly to protest the 
consumers. With this law the state orders, that not it, but the energy supply enterprises 
have to take the subsidizing of the regenerative energy, that they have to take over the 
power delivered at the inappropriate time in exactly so less suitable amounts at a price, 
which exceeds the market value by a factor of two and for falling prices of power even by 
a factor of four. With the law the politicians very fast and without agreement of the 
effected enterprises have shifted the ,,black Peter" further to these, which will get 
problems to preserve their competitiveness in the international comparison with the 
subsidy duty. It can't have been the intention of the EU-commissioners, that on a national 
level the price of power increases to finance some energy technical playground. 
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Fig. 14.3: Power interruption and not being at disposal 


<i>: — ETG, Energietechnische Gesellschaft im VDE: Qualitat der Stromversorgung, 
Dialog Nr. 1, Jan./Feb. 1998, S. 21 
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14.3 The chances of the wind energy 


Meanwhile, as a result of the law of feeding in power, no longer the politicians but the 
energy suppliers are the ones, who around the North Sea look out of the window every day 
with the worry, some wind could blow and the mills could turn, because every kilowatt 
hour of a windmill must be subsidized strongly. Every windless day however reduces the 
power bill, with that helps the consumer and raises the chances of competition of our 
economy. 

If it should be neglected, to tip over the law of feeding in power in due time with help of 
the EU, then the consumers will get their power in future abroad, then at the Preussen 
Elektra, damaged most by wind energy, as the first the lights will go out, then economic 
power and _ prosperity in Germany in future are dictated from abroad. 
But if the law is dropped, then with that the duty to subsidize the regenerative energy 
carriers drops back to the state. Now all tax payers may foot the bill, even those, who 
don't use any power at all. The well-known Justice of subsidy" comes into effect. 


Without support by the state only few types of power stations will be left behind. In 
addition are overcapacities being reduced, because they only cost money. But both is at 
the expense of the reliability of the delivering of energy and of the safety of the consumer. 
We owe the high stability of our network of today the large number of most different 
providers of power, which cover the basic load up to the peak load according to their 
suitability (fig. 14.3). But let us not talk of the golden past. The network after all isn't able 
to store power. From that follows, that without redundancy and without free power station 
capacities which can be activated at any time a short overload is sufficient, to let the 
network collapse. 

Once the EU guideline concerning the liberalization of the energy markets is in effect, 
when persons selling power wend their way from front door to front door, to convince the 
housewives to obtain the power from them and not from other hawkers, when the power 
stations only live of stock and the depreciated overhead power lines only are entered in the 
hooks with the scrap value, then we should be dressed warmly and always have ready 
sufficient candles “” 


14.4 The chances of being self-sufficient concerning energy 


The only way out is the decentralized energy supply, the getting out of the large energy 
union and the way towards being self-sufficient. The argument sounds convincing in view 
of missing alternatives. But now it no longer is possible to plug the plug in the socket and 
then switch on whenever it pleases us. First it has to be calculated, if the windmill or the 
installation for solar energy supplies sufficient power or if a cold meal should be made. In 
contrast to today's consumer habits the runners of such installations will have to adapt 
their need of energy to the prevailing weather conditions. 


<i>: A baby-Boom, like after the big power failure in New York, would be the 
smaller evil. The inhabitants and shopkeepers in the New Zealand metropolis 
Auckland will long and frightened remember the power failure in february 
1998, which lasted weeks and was a result of not carried out maintenance 
works of high-tension pylons. 
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Block heating power stations, propagated as stand-alone solution for people being self- 
sufficient, deliver power and heat at the same time. But if I don't need any heat on a hot 
summer day, then also no power is available or I uselessly heat into the open. For that one 
may leave all electric consumers switched on in winter, even if they aren't used at all, only 
to get the hut warm. Does a stand-alone solution look like that? 


The situation truly is demotivating. Even the energy suppliers meanwhile may have 
realized that the energy politic way is a dead end. But for real alternatives in energy 

technology the pressure by suffering still doesn't seem to be big enough. 

The intention to learn of nature is present in principle. The solar fire one wants to kindle 

on earth in a fusion oven, but the oven does not as it should. 

Obviously the sun functions completely different, as physics imagines today (see fig. 13.8). 
Before copying stands understanding, and in there seems to be a hitch! 


14.5 The space energy technology of nature 


Also nature needs energy, even very much. But it hasn't got any connecting pieces for 
tanking and no oven lid to fill in the fuel, it doesn't know our ecologically harmful 
combustion technology and environment destroying explosion technology at all. Nature 
rather works with the opposite, with implosion and fusion. 

The sun, we have derived, materializes the matter which it needs for growing and shining 
from the neutrino field. The earth and _ other planets imitate the sun. 
The concept is simple and convincing. The source of energy lies in the air and mustn't be 
dragged about in tanks. Collected and materialized is just as much, as is needed at the 
moment. In that way the resource energy is spared. In addition there can be done without 
any sort of storing. In addition it can show a substantially higher power density, than all 
today known and used energy carriers (fig. 14.4). 

Such a source of energy solves all described energy problems at once. Nature wouldn't be 
as we know it, if it wouldn't have this ideal energy, also called ,,free energy". The balance 
sheet of energy alone brings it to light, because as a rule it doesn't work out for biological 
systems. Often more energy is_ released than is taken up by _ the food. 
In that case some migratory birds materially seen should have completely used themselves 
up before reaching their destination, if the energy necessary for the flight would be of 
purely material nature. From a concrete example the following is reported: ,,migratory 
birds have - depending on kind - a maximum range velocity between 24 and 83 km/h and 
at their Atlantic flights no opportunity for an intermediate landing. They are thousands of 
kilometres on the way and hardly lose weight. For instance an Albatross with a body 
length of up to 1.20 meters and a wing span of up to 3.50 meters uses per kilometre only 
8.5 grams of weight at a non-stop flight. How is that possible without additional supply of 
energy?" 


<i>: K.E. Rathgeb: Wie man die freie Energie anzapft: Vogel machen es uns vor, 
Raum & Zeit 79/96, S. 74 
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<i>: H.-P. Thietz: Tatort Erde, VAP (1996), ISBN 3-922367-62-3, Seite 13 und 15 
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14.6 The gap in the energy balance of man 


Even man appears to tap an additional source of energy, because for reason of scientific 
tests with recruits these over longer periods of time are able to physically release more 
than twice the amount of energy they take of calories with the food. Obviously living 
beings don't rely on one source of energy alone. Possibly the taking up of food 
predominantly serves the metabolism, and the energy aspect plays only a secondary role. 

This interpretation at least would be obvious, since we scoff several times a day, sort the 
necessary and useful building-materials out and hand over the rest to the purifying plant 
and nature, where some bacteria and organisms search the sorted out again for useful 
things. "Food chain" we call this kind of building-material trade. 

If the whole had anything to do with energy or with a ,, combustion process without fire ", 
then no animal nor any human being could do without the taking up of food for longer 
periods of time. But Franciscus of Assisi could fast 90 days, as is handed down to us “” 
There exist numerous examples, which reach into the time of today. 

The mitochondria, the energy centres of each cell, by no means are capable of the 
"combustion process", which man ascribes to them. Here in all probability a taking up of 
space energy independent of food takes place. 

A research scientist only has to look at nature with open eyes, what unfortunately happens 
rarer and rarer, because the laboratory scientist always is troubled, to keep the disturbing 
factor ,,nature " away from the experiments. 


14.7 Carl Freiherr von Reichenbach 


In this context no-one can go past two natural scientists: Carl Freiherr von Reichenbach 
(1780-1869) and Dr. Wilhelm Reich (1897-1957). 


Reichenbach called the by him investigated life energy ,, Od-energy " in the style of the 
Teutonic God Odin. He worked with test persons, who could perceive actually invisible 
light phenomena and worked out the special properties of this Od-energy field with the 
"sensitives", as he called them. 


A quotation from his work shows however that the knowledge about the life energy must 
be a lot older” than his own discoveries: ,,On paintings saints often are shown with a 
ring-like aureole around their head, something I before this would have dismissed as a 
pure figment of imagination. But it was shown that this glowing ring actually can be 
perceived by the sensitives as an Od-phenomenon and so the aureole obviously can be 


traced back to real impressions of particularly sensitive persons." 


Reichenbach also found out that water has a big endeavour to take up this Od-energy or in 
the language of the present day, to absorb the field energy. This circumstance we find 
confirmed in technology, since water absorbs high-frequency waves, whereas an insulator 
or a vacuum lets them pass through. But without vortex physics it however remains 
entirely unclarified, why! 





<i>: H.-P. Thietz: Tatort Erde, VAP (1996), ISBN 3-922367-62-3, page 110 
<i>: H.-P. Thietz: Tatort Erde, VAP (1996), ISBN 3-922367-62-3, page 16 
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Fig. 14.8: Wilhelm Reich and the model of an Orgon 
accumulator , 
for applications of the whole body.“ 


<i>: taken from: H.-P. Thietz: Tatort Erde, VAP (1996), ISBN 3-922367-62-3, 
pages 38 and 89. 
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14.8 Cold fusion and Genesis 


Chronologically the doctor and psychologist Wilhelm Reich followed in the footprints of 
Reichenbach. He merely altered the name for Od and spoke of Orgon. His speciality was 
the accumulation of Orgon radiation, I would say the focussing of neutrino radiation. 
Actually the properties like e.g. the missing possibility to shield Od, Orgon and the 
neutrinos are identical, so that we can proceed from assumption, that it also concerns the 
same physically. 

We already talked about Wilhelm Reich (part 1, chapter 9.2). He could show that the 
measurable temperature in a closed box, constructed like an ,,Orgon accumulator", is 
increased in a mysterious manner without supply of energy from the outside. He even 
could prove, that this energy actually concerns the sought-for life energy, as he observed 
the creation of life in the laboratory under the microscope. For that he cooked muscle 
fibres, vegetables or other cells so long until the cell structure had been destroyed entirely. 
But from the educts entirely by itself new living beings, like protozoa or algae, were 
formed™. 

Reich at his microscope actually followed the transition of dead to living matter. What is 
of interest here, at first only is the energy technical aspect of this conversion. Later we will 
occupy us with the at the same time occurring information technical aspect. 


Worth mentioning seems to me the experiment with the ,,silly" chickens, which have at 
their disposal astonishing abilities besides the laying of eggs”. 

The test chickens were handed chicken food, from which to a large extent all calcium had 
been extracted. But the chickens showed themselves unimpressed and further laid keenly 
their eggs. The experimenters were surprised, where the chickens actually got the lime for 
the egg shells. How solves such a _ chicken the problem of raw _ materials? 
For that further materials were extracted from the food and look, at the removing of silicon 
the laying of eggs was over. The experiment actually only allows the conclusion, that the 
"stupid" chicken is capable of a cold fusion, that it itself ,produces" the necessary calcium 
from silicon presumably by using carbon. Every alchemist here has to go pale with envy. 
But what says the research scientist of fusion to that, who actually should know, how 
fusion functions? After all he is paid for it by the tax payer! The chicken uses the fusion 
already today and the other living beings presumably also, but for that energy is needed 
and the balance sheet should work out! 

The neutrino radiation therefore has to be factored into the balance sheet of energy. If the 
balance sheet then works out, it could be proven with that, that here neutrino energy is put 
to use. In addition the process of the conversion of neutrinos has to be investigated, which 
surely has something to do with the frequency and the wavelength of the radiation. After 
all a child has cells exactly as big as an adult. It only has less cells! So that an interaction 
can occur, the cell size has to fit in with the wavelength, which obviously is very small, 
presumably in the range of the radioactive radiation, with which circumstance the 
biological incompatibility with this electromagnetic wave would be explicable. 


<i>: H.-P. Thietz: Tatort Erde, VAP (1996), ISBN 3-922367-62-3, S. 39 
<ii>: Louis Kervran: Biological Transmutations, s.a. J. Heinzerling: Energie, $.278 
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Reaction equation of photosynthesis: 





6 mol CO, (carbon dioxide) 
+ 12 mol H20 (water) 
+ 675 Keal (vortex energy, light) 


1 mol CoH 206 (glucose) 
+  6mol Oz (oxygen) 
6 mol H2O (water) 











Fig. 14.9: Concerning photosynthesis 
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14.9 Photosynthesis 


The materialization of free electrons is a prerequisite to start the photosynthesis. The 
normally used explanation, the free electron necessary for the splitting of the water 
molecule was knocked out an atom by light, doesn't seem to be correct, after until now all 
attempts of a technical realization according to this model concept have failed. At the 
photosynthesis the plants obviously help themselves with the neutrino radiation, which 
according to an estimation of today with 66 billion particles per second and per square 
centimetre might be more than sufficient for a green earth. 


If we put a seed in a water glass, then a plant grows from it and forms small leaves, which 
get bigger and bigger. A wonder of nature, we say. Where does it actually get its building- 
materials? From the water or from the air? Necessarily the plant obviously produces a part 
of the matter itself! 


Experts think they have understood the process of photosynthesis: Take light and water 
and carbon dioxide and handicraft from that sugar and oxygen. But from where does the 
plant take the necessary energy for the rebuilding and the splitting of the water molecule, 
the photolyse? The taken up solar energy hardly is sufficient for that, especially since the 
plants only absorb about 1% of the photosynthetic utilizable sunlight incident on earth”. 
By means of reception molecules, which look like small antennas, pigments less than 30 
nm in diameter, such is the level of knowledge, the sunlight is collected and led into a 
photochemical centre of reaction. Here the reaction should take place, provided that an 
electron set free by the light jumps into the middle of the centre of reaction. But exactly 
this favour the electron doesn't make the research scientists, who want to imitate the 
process. Copying nature still doesn't succeed. 


The mistake presumably lies in the circumstance that the light doesn't set free any electron 
at all. The electron actually first of all is produced in the centre of reaction. By means of 
the antennas a neutrino vortex is collected, which at first occupies the entire space, to 
afterwards contract to an electron, which as a result automatically is centred in the centre 
of reaction. 

In the process of materialization at the same time the necessary energy of the process is 
formed. The reaction equation after all also has to work out energetically, because the 
plants doing so get neither hot nor cold (fig. 14.9). 

Because curiously the light reaction even can be observed in the dark”, one could be 
inclined to in principle call into question the influence of light on the photosynthesis. But 
such an influence nevertheless seems to be present, after all does a plant react on the 
irradiation of light and changes its spectrum of absorption through its colour. But it for 
sure is another influence and not the one, which one attributes the green plants today! 
It would be important to finally understand the way of functioning. The plants and 
particularly the algae are the ones, which actually first have made possible life on this 
planet with the photosynthesis, the most original form of a production of matter and 
energy. 


<ii> 


<i>: Luttge, U. u.a.: Botanik, VCH, Weinheim (1994) ISBN 3-527-30031-7, S. 136 
<i>: Luttge, U. u.a.: Botanik, VCH, Weinheim (1994) ISBN 3-527-30031-7, S. 126 
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<i>: Luttge, U-et al.: Botanik, VCH, Weinheim (1994) ISBN 3-527-30031-7, p. 118 
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14.10 How nature materializes 


The structure of the receiver antenna allows us a deeper insight into the manner, how free 
energy is tapped during the photosynthesis. For the dimensions determining the frequency 
of the photosynthesis pigments, as the antennas are called, we have to go down to the 
molecular structure. Fig. 14.10 shows the formula of structure and next to it also the 
spatial model of the pigment chlorophyll™. 

Two points point at the function for free energy conversion. On the one hand is situated in 
the centre of the molecule a double positive ionised Mg atom, surrounded by four nitrogen 
atoms and a carbon ring consisting of 20 atoms, from which arises a polarization of the 
entire molecule. This in addition is oscillating because the electron cloud of the 
enveloping electrons, which hold the molecule together, perform swirl oscillations 
depending on the temperature. With that chlorophyll is able to go into resonance with 
oscillating neutrinos. 

A role play the unipolar field configuration and the effect of resonance of the molecular 
oscillation of its own forming as a result of the polarization. A further role in addition 
seems to play the spatial structure. 


The model of the ,.receiver antenna" chlorophyll taken out of a textbook“ and shown in 
fig. 14.10, consists of a stalk and a spirally wound head, which resembles a Lituus or 
crook, which Etruscan and Roman Augurs have taken in the hands for land surveying, a 
precursor of the crosier (see fig. 16.10). This again has the form of a Tesla coil and that, as 
already derived, is able to withdraw rotational energy from the collected neutrinos 
(chapter 9.8). Doing so free electrons are materialized, and these then start the process of 
photosynthesis. An explanation concerning the way of functioning of the antenna 
pigments here for the first time is getting available. 

By the way also the mitochondria, which form the energy centres in every cell, have as 
well the form of a Tesla coil. Whoever wants to understand the energy economy of a cell 
or the photosynthesis first should occupy himself with the Tesla coil (chapter 9.8). 


The open question, how land surveying should be possible with a Tesla coil, we at first 
still have to shelve, because in this chapter it concerns the way towards free energy and 
the chance to learn of nature. Examples to be looked at are on the one hand the core of 
fusion in the inside of the earth and on the other hand the humus layer on the surface of 
the earth, which has been materialized in the course of time with the help of photo- 
synthesis. 


The goal seems to be worth striving for. If we in the first place have learned to produce 
energy exactly like nature, then we'll further try to produce matter purposeful, with which 
ageold alchemist dreams could be fulfilled. We wouldn't need to scrape and to search in 
some mines any longer. We would materialize the products without refuse, naturally and 
just for the environment, direct in the final form. I admit that at present it sounds pretty 
futuristic. 


With another example, the lightning and particularly the ball-lightning, the collection 
concerning the use of free energy in nature shall be completed. 


>: U. Luttge, M. Kluge, G. Bauer: Botanik, 2. Aufl.- Weinheim, VCH (1994) ISBN 
3-527-30031-7, S. 118 
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Fig. 14.11: Concerning lightning.” 


<i>: taken out of: [lustrierte Wissenschaft Nr. 8, August 1995, Das unverstan- 
dene Phanomen der Blitze, S. 13 
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14.11 Lightning 


Lightning is a spectacle of nature just as imposing as unsolved. It concerns an electric 
process of discharge, in which to the amazement of all experts arrive for several powers of 
ten more charge carriers at the surface of the earth, than hefore were contained in the 
cloud! Furthermore unsolved is, why lightning glows. Let us start with the open question 
for the difference of potential necessary so that the air is ionised and a lightning channel is 
formed. 


If at first the electric tension voltage of 200,000 volts between the surface of the earth and 
a height of 10 kilometres is available, which according to our calculations results from the 
rotation of the earth and the magnetism of the earth (fig. 11.8). Another source of tension 
voltage is not known. By air movement and supposed processes inside a cloud locally an 
additional accumulation of charge carriers may occur, so that in the case of a thunderstorm 
the by Tesla assumed, twice as big value doesn't seem unrealistic”. 

On the other hand a tension voltage between 4,000 and 10,000 volts is necessary so that a 
blow can occur for an air gap of one centimetre depending on the atmospheric 
humidity“. Linearly projected the thunderstorm cloud theoretically should hover just one 
meter above the earth if there is lightning. 

Here somehow a huge gap gapes between theory and practice! 


At the latest at the spikes, the mysterious lightning, which strike out of a thunderstorm 
cloud upwards in the direction of the ionosphere and the still more mysterious ball- 
lightning it has to get clear, that the actual source of tension voltage of a lightning by no 
means is known. Without knowledge about the cause we'll never understand lightning. 


The potential vortex theory offers an useful approach, according to which the necessary 
difference of potential is formed from a formation of vortices~"”. The vortex again, as 
damping term in the wave equation, occurs as a result of intense sun irradiation. That 
explains why lightning always strike from the part of a cloud, which is the darkest, where 
the most sunlight is absorbed and the damping is the largest. 


The possible formation of ice in a lightning channel is a further confirmation for the 
correctness of the vortex explanation. After all it has been derived that contracting 
potential vortices withdraw heat in principle (fig. 12.8). 


But now we also want to know from this efficient theory, why photons and electrons are 
formed during the lightning and where they come from. Here obviously energy is formed 
by means of materializing of vortex particles. 


<i>: R. L. Clark: Tesla Scalar Wave Systems, The Earth as a Capacitor, The 
Fantastic Inventions of Nikola Tesla, ISBN 0-932813-19-4, S. 265 


<ii>: Karl Kupfmuller: Einfuhrung in die theoretische Elektrotechnik, Springer- 
Verlag Berlin, 12. Auflage 1988, ISBN 3-540-18403-1, S. 221 


<i>: K. Meyl: Potential vortices, Part 1: Discussion contributions to the natural 
scientific interpretation and concerning the physical-technical usage, basing 
on a mathematical calculation of newly discovered hydrotic vortices, (only in 
german) INDEL GmbH, Verlagsabteilung, Villingen-Schwenningen 1990. 
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Fig. 14.12: Contemporary representation, how 1753 
lightning 

research scientist Prof. Richmann is struck deadly 
by ball-lightning in his laboratory.” 


<i>: Ilustrierte Wissenschaft Nr. 8, August 1995: Das unverstandene Phanomen 
der Blitze, page 13 
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I proceed from the assumption that lightning collects and converts neutrinos. The process 
corresponds to the one at the sun, but on a smaller scale and only for a very short time. 
The lightning channel is polarized by the charge carriers. Change of temperature and field 
lead to a spatial oscillation, which by the way also functions as a source of sound, as 
anyone can hear. Taken both together lightning, seen from the outside, becomes an 
unipolar resonator, which is capable to attract neutrinos and to go into resonance with 
them. Now the predominant part is converted into electrons, because also the air 
molecules and air ions in the lightning channel belong to the world of matter. But it can't 
be avoided that a small part of antiparticles is formed, which then annihilate with particles 
of matter under emission of radiation. Doing so photons are emitted and lightning glows, 
as anyone can see! 


14.12 Ball-lightning 


If in the case of lightning there still exist excuses, the difference of potential preferably is 
traced back to neither understandable nor measurable processes inside a cloud, then at the 
latest in the case of ball-lightning most experts are at their wits end. Only for very simple 
natures explanations circulate in the direction that here for instance the organic remnants 
of a bird struck by lightning are burnt off. 

Actually ball-lightning is observed very seldom. It is a ball flashing with reddish till blue- 
white colour. Its diameter lies between 10 and 50 centimetres. The glowing phenomenon 
can last several seconds to minutes. Doing so ball-lightning rolls over a street, temporary 
floats in the air, goes apparently unhindered through every wall and disappears from time 
to time without a trace or discharges with loud moise and formation of sparks. Some stink 
of poisonous gases and some also cause noise. 

Famous has gotten the ball-lightning, which 1753 of all people should have struck the 
lightning research scientist Professor Georg Wilhelm Richmann in St. Petersburg. In his 
laboratory during a thunderstorm a ball of fire as big as a fist should have jumped from a 
iron tube to his head and should have hunted him down, so eye witnesses have reported 
(fig. 14.12). 

Since ball-lightning has a closed structure, it has to drag about its source of energy with it. 
If this however consists of organic or other matter, the ball wouldn't be able to float, after 
all the brightness of a spherical vortex and with that the need of energy is enormous! We 
have to proceed from the assumption that just ball-lightning covers its need of energy from 
free energy and serves itself from the neutrino field. 

The spherical form is a consequence of the structure shaping property of the potential 
vortex”, Scientists are increasingly interested in this not understood phenomenon. In 
their experiments they try to artificially produce ball-lightning with more or less great 
success in the laboratory. By means of the experiment they then want to learn to 
understand, what the textbooks don't give away. 

If we want to learn of nature something about free energy, lightning in the laboratory 
offers us in the form of a blow or of a spark gap relatively good possibilities. It surely is 
no coincidence that the father of free energy, Nikola Tesla, in his experiments almost all 
the time has worked with spark gaps! 





<ii>: for that see in the 1* part the chapters 4.8 till 4.10 
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Fig. 14.13: Fork bent by ,,pure manual work". 


<i>: Whoever has to eat with bent flatware in the Hotel Adler in Waldkatzenbach 
(Odenwald, Germany), mustn't believe that the food didn't taste well to some 
rude fellow here. It is the host himself, who in a sociable round shows his 
guests from time to time that he not only can cook well. I could personally 
convince myself from the fact that Robert Hartmann doesn't use any aids. 
The picture shows the title page of the magazine ,,Wetter Boden Mensch" 
4/97. A comment concerning this on page 3: Robert's 50°” birthday. 
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14.13 Discussion concerning the neutrino conversion 


In nature two different principles for the use of the neutrino radiation can be observed. In 
one case of use a glowing phenomenon occurs, in the other cases not. 


The glowing lightning should be assigned to the first case. Here not only the neutrinos 
crossing the lightning channel are used, but also neutrinos from the environment 
oscillating in resonance are collected. Around the lightning channel a kind of reaction 
radius is formed, inside of which all synchronously oscillating neutrinos are attracted 
under the resonant interaction. During the discharge process the radius can increase like an 
avalanche, to collapse again with the transition into the stationary discharge current. A 
corresponding technical concept, which is discussed in the next chapter (15.5), is very 
efficient, but almost uncontrollable. A characteristic is the formation of antiparticles, of 
positrons, in the course of the materialization, which then annihilate under emission of 
radiation and cause a shining. Also spark gaps and fluorescent lamps possibly help 
themselves from the neutrino field, as still has to be to worked out. 


In the second case nature works without any avalanche effect and without any glowing 
phenomenon. To this counts for instance the photosynthesis or the mode of operation of 
the mitochondria, the energy centres of a cell. All cells, whether vegetable, animal or 
human, only use the neutrinos which just that moment pass by them and only in those 
amounts, as they just are needed. They thus handle their energy very caring. Without 
exception electrons are materialized and no positrons. 

If nevertheless unwantedly an avalanche effect occurs, something which happens 
fortunately only very seldom, then a self-inflammation and self-burning occurs, then it 
should happen, that a person burns off himself“. This risk also is known of hay. 


There also exist rare talented persons, who can control and regulate the process of 
materialization by concentration. These people can bend spoons or other metallic 
objects”. For that they concentrate themselves some time and send the materialized 
charge carriers into the object, which they hold in their hands. Since the metal lattice 
solely is kept together by the enveloping electrons of the individual atoms, the additional 
electrons make the metal structure sodden. Now for a short moment the metal can be bent 
and distorted at will. Doing so neither heat is produced nor is the colour changed. The 
result of the process can be produced neither by cold working with raw force nor under a 
flue. Also here nature shows us a technology for an ecologically compatible metal 
processing (fig. 14.13). 


The way from the conventional over the regenerative towards free energy is predrawn. It 
only has to be gone! After the existence of the neutrino radiation goes as proven and 1998 
for the first time concrete amounts have been determined measuring technical and 
published by a Japanese team of research scientists, with that also the question for an 
energy technical use of the particle radiation has been answered clearly. Now only the 
question of the mechanics is open. The Japanese research scientists by the way have found 
out that at night only half as much solar neutrinos can be detected than at daytime. The 
other half according to that is absorbed in the inside of the earth. This in the meantime 
published measurement result in brilliant manner confirms the working hypothesis of a 
growing globe (chapter 11). 


<i>: Zu Asche pulverisiert, Illustrierte Wissenschaft 6/ 1997, S. 61 
acc. to an examination of the American SCI-COP in 1984. 


306 The course of the field lines 


H-field lines 


6. 
closed 
H-field lines 


7. 
closed 
E-field lines 


E-field lines 





Table 15.1: The force effect of interactions, 
ordered according to size, with examples 


Principle of functioning of space energy 307 





15. Principle of functioning of space energy 


In this chapter we want to turn us towards the technical concepts and techniques 
conceming "space energy", which occasionally here and there already should have existed 
or have been operated with quite different success. After Nikola Tesla having pointed the 
direction more than 100 years ago, the way towards free energy appears to be predrawn. 
Never before the public interest in the topic of space energy was as big as today. 
Unfortunately this concerns more the collecting and gathering of rumours and 
speculations. As in every branch of science also here hunters and collectors can be 
found. But obviously the hunters, the inventors and theorists have bigger problems, to put 
something useful on the table. They are fighting against their own not knowing, unuseful 
textbooks, general ignorance, intolerance and an all-powerful energy lobby. What the 
collectors on the other hand come up with does make appetite but not full. 


An useful and efficient theory might be the most important prerequisite just with regard to 
the reproducibility of an effect and the product lability of a SET-device. That's why one 
mustn't expect a complete list of devices of that kind in this chapter, because in the 
foreground stand the physical and technical explanations concerning the way of 
functioning, the understanding for constructive and guiding details and the learning from 
the mistakes and errors of the inventor. 

For a better survey the possible courses of the field lines according to the theory of 
objectivity are listed in detail (table 15.1) and discussed from the top one after another, 
starting with the strongest known interaction. To complete examples and concepts are 
presented. 


As is well-known there exist electric (E-) and magnetic (H-) field lines. Further exist open 
and closed field lines and finally is distinguished between the oscillating and the static 
case. The results are two to the third power, thus eight possibilities of combination in total. 
In table 15.1 all eight versions are given, even if one or another case is of more theoretical 
nature. For the objective of a systematizing of different concepts concerning space energy 
technology the taking apart in any case is helpful. The figure opposite is survey and 
structure at the same time for the following chapters. 


15.1 The course of the field lines 


In chapter 6 a relation between the course of the field of a body and its observable 
interaction has been made (part 1, chapter 6.7 till 6.9). Here a point of approach is offered. 
For instance to maximize the force effect a magnet or to optimise an electric motor, the 
engineers nowadays help themselves with costly programs working according to the 
method of finite elements. In this way they obtain a picture of the field lines, the course of 
which makes possible conclusions concerning the production of force or torque. 
The relation without doubt is given, the only question is in which order of magnitude. 
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Fig. 15.2 A: The course of the field lines leads to a force effect 
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Fig. 15.2 C: The proportion of forces at the example of the 
electron. 
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The theory of objectivity answers the question from the equations of transformation with 
the proportion 13.23 (fig. 13.4). According to that the electric or the magnetic field 
strength stand in inverse proportion to the square of a length or of a distance: 


E,H ~ 1/a’ (13.23) baw. (15.1) 


Less mathematically expressed this, for two bodies in the distance a, where one body is 
situated in the field of the other, means nothing else as that the distance is reduced. Nearer 
to the body the density of the field lines again increases, in that way the distance further 
decreases and we observe an approximation. 

Usually the idea of force is introduced as a factor of description and there is spoken of a 
force of attraction. But that not necessarily is required, because the force only represents 
an auxiliary description. The cause for the observed attraction rather is the spatial 
distribution of the field strength. 

In this case the two bodies come closer and the mutually active fields get bigger and 
bigger, until the parts eventually run into each other (fig. 6.7 A). There one comes the 
thought to increase the force of attraction by an artificial compression of the field lines. In 
the case of the electromagnetic interaction such a compression actually takes place, since 
the field lines arise from one pole and end at an unlikely charged pole, which so to speak 
collects and bundles up the field lines (fig. 6.8 A). 

At last we find out the reason, why electromagnetic forces of attraction are bigger than 
gravitational forces for many powers of ten (between 10°” and 4.2-10” for the electron, 
derivation see fig. 15.2 C)! For table 15.1 this means, at the top have to stand the open 
field lines, which bundle up at the poles. Then very long nothing comes and after that the 
effects of closed field lines are being found. 


For open field lines however also the opposite of a bundling up is possible. In the case of 
like poles the fields run away of the other pole (fig. 6.8 B). Between both a space is 
formed, which is free of field lines, where thus the field tends towards zero, whereas the 
distance between the poles according to the proportion 15.1 grows towards infinity. In this 
case we observe, how the bodies are going away from each other. We speak of a force of 
repulsion, which actually reaches until infinity. This gives reasons for the occurring of 
both forces of attraction and forces of repulsion in the case of the electromagnetic 
interaction. 


15.2 Gravitation 


In the case of closed field lines in principle no repulsion can occur, since no pole, neither 
north pole nor south pole, neither positive pole nor negative pole is able to influence the 
position of such a field line. This circumstance as well as the order of magnitude of a 
possible force of attraction suggest, to settle gravitation here. 


It gladly is forgotten, that the field pointers of E- and H-field normally occur together and 
like in the case of the electromagnetic wave stand perpendicular to each other. It is normal 
to calculate only the electric field pointers for a charge carrier, without paying attention to 
the circumstance that the H-field is present as well. The textbooks as a rule remain silent 
about this dark chapter or they lapidary remark, the dual field lines are closed in 
themselves and hence inactive anyhow, which however is incorrect. 
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Fig. 15.3: The transition of an oscillating into a static interaction 
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But, according to the proportion 15.1, they actually develop a force of attraction, even if 
this is relatively small. No one really needs to be surprised that gravitation is not 
understood until today, if a whole group of fields simply is overlooked by science! 
We now also can explain, why there don't exist any massless charge carriers. Namely only 
the E-field or the H-field can form open field lines and never both at the same time. 
Otherwise they wouldn't be able to stand perpendicular to each other anymore. The each 
time other field, in the case of electrically charged bodies it is the H-field, then is wrapped 
perpendicularly around the E-field lines, independent of the circumstance if electrically an 
attraction or a repulsion occurs and without exception it forms a weak force of attraction, 
the gravitation. 


15.3 Systematizing the interactions 


Next we should know, from which field is to be expected a larger force effect: from the E 
or from the H-field? At the example of an electromechanical converter this question can 
be answered concretely. 

The forces which occur and form the torque in an electric motor customary in trade are 
produced by magnetic poles in stator and rotor, which repel each other in the case of like 
charge and attract each other in the case of unlike charge. Now there in principle exists the 
possibility to build a motor which works with Coulomb forces, thus with positive and 
negative poles, instead of the magnetic forces. About such designs numerous patent 
specifications exist, but no customary version on the market. 

The reason very simple is that a magnetic motor for the same torque is many times smaller 
and better priced. From this the conclusion can be drawn that for the same construction 
volume a magnetic force Fy is considerably larger than a Coulomb force Fg, which for 
instance binds together atomic nucleus and atomic hull. 

Thus in table 15.1 the magnetic forces are ranked before the Coulomb forces. 


Finally we have to distinguish between the static and the oscillating case, which are 
distinguished in the frequency. In fig. 15.3 an oscillation is shown, which by chance just at 
the moment of the vertex value changes into the steady state, thus takes the frequency 
zero. In this case the effective values between a static and a sinusoidal oscillating 
interaction are distinguished by the factor v2 = 1.4. 
If we operate an universal motor with direct current, then it releases more power, than for 
a corresponding feeding with alternating current. Even a high-tension line, which stands at 
maximum 511 kV, is operated with alternating current up to 380 kV, with direct current 
on the other hand up to 500 kV. Consequently in table 15.1 the static interactions stand 
before the oscillating interactions. 


The strong interaction naturally isn't found in the list, after it has been derived that it 
doesn't exist at all (see chapter 7.8), whereas the weak interaction is hiding behind the 
oscillating interaction. It shakes other particles so long till they fall apart (see chapter 
7.13). 

We now would be as far, to discuss the 8 cases listed in table 15.1 one after another by 
means of practical examples. 
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Fig. 15.4: Alternating current dynamo, according to the 
inventor 

(Kromrey) a magnetic converter for free energy with a 
degree of effectiveness of more than 100 %.*" 


<i>: Raymond Kromreys Molekularstromrichter, NET-Joumal 6/98, S. 5 
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15.4 Magnetic force converter 


As a result of the systematizing of all eight possible interactions, the largest force effects 
are to be expected as a result of static and of open magnetic field lines. 
It is questionable, if this statement is generally valid and is true everywhere in space. But 
it is valid at least for a terrestrial laboratory and only here, on earth, a solution for the 
energy problem is strived for. No wonder therefore, if the electric energy technology 
nearly without exception is using these force effects. We find them at a solenoid, at a relay 
coil, at a magnetic tuning cylinder and equally between the stator field and rotor field of 
an electric motor. 


The motor however takes a special position, because its rotor is turning. In that way a 
switching of the winding and commutating of the currents is necessary or the field of the 
stator winding is being turned, for instance in the case of an alternating current motor. 
This is necessary, so that in the air split of the motor the fields from the stator and rotor 
always are standing opposite like for the solenoid and a driving force can be formed. 
For the operation therefore oscillating currents are necessary, so-called alternating 
currents, which are fed in into the winding with the right frequency and phase. There can 
be spoken of an operation in resonance. It surely is no coincidence, that Nikola Tesla, the 
founder of the rotary field theory and inventor of the alternating current motors at the 
same time is the discoverer of the neutrino radiation! 


The electric motor slides already into the second column from the top in table 15.1, as we 
see, and should be assigned to the case of the oscillating interaction of open magnetic 
fields. The frequency for motors usually is very small. 


But also at high frequencies there can't be reckoned on some free energy which would 
show or even be utilizable, as can be heard from the inventors who tinker with magnets, 
mostly with permanent magnets (Fig. 15.4). The reason very simple is that there exist no 
physical particles, which could mediate this interaction. Magnetic monopoles would be 
necessary, thus north pole or south pole particles, so that an interaction with the open H- 
field lines can occur. 

Such particles could form as a result of currents and eddy currents, but for that a good 
conductivity would be necessary and that isn't present in the vacuum. Therefore magnetic 
monopoles can't exist at all! This point we already had worked out (fig. 4.4, question I). 
The same statement then also applies to the oscillating case. 


If nevertheless something like free energy should show in the case of some magnetic field 
converters, then unnoticed by the inventor still other physical effects are added. By means 
of concrete concepts this circumstance can be _— studied and _ discussed. 
The meanwhile well-known railgun is a corresponding example, for which besides the 
used magnetic force unintentionally a further principle is used. A more detailed 
occupation with this device is worthwhile, because here some fundamental concepts of 
space energy get clear. 
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A: Shining railgun in action< 





B: Structure<* 
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Fig. 15.5: Structure and way of functioning of the railgun 


<i>: in the internet under: www.glubco.com/weaponry/railgun.htm 
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15.5 The railgun 


The engineers and physicists involved in the SDI-project were quite astonished, as they 
had a close look at the bent rails of their gun. During the test operation the equipment was 
really flying around their heads. 

They were very sure to only have fed in 16.7 MJ of energy, from the rotation of a 
homopolar generator, because more was not available for the experiment by any means. 
The projectile with mass my = 0.317 kg lying on the rails thereby should have been 
accelerated to the velocity of 4200 m/s. Instead huge forces were at work here, which the 
construction couldn't counteract at all. There is talk about the released energy having 
amounted to 399 GJ, what corresponds to an over-unity effect of 24000°. This factor 
describes the proportion of the released to the taken up power or energy. 
If these details should be correct then this would be the most efficient converter for free 
energy, which has been developed until now. 


Behind the project name SDI (Strategic Defence Initiative) is hiding the by the United 
Slates prepared "Star wars". But how one fares a war, which nobody can pay anymore and 
no-one wants, entirely according to the motto: There is a war and no-one goes there? This 
war undoubtedly the strategists and initiators themselves have lost, who even had to 
watch, how their space gun appears in the internet with design drawings and rich visual 
material to be called by anyone™”. 

Today, where we are surrounded by nothing but friends, where in Russia and at other 
potential opponents is fought more against internal problems and one lets the expensive 
space toy rot for lack of money, the coat of the military secrecy obviously no longer can 
be held over such an explosive project as the railgun. 


Thus informative details have reached the public. In the pictures a bright lightning can be 
seen at the moment of launching (fig. 15.5 A). Here presumably is being materialized, in 
which the part of anti-matter annihilates with the particles of matter under emission of 
light. There thus takes place the same process as in the case of lightning or the shining of 
the sun. 

In addition is being reported that heat energy is withdrawn from the environment, a 
circumstance, which is typical for all functioning converters for space energy. We thereby 
are reminded of the possible formation of ice in a lightning channel. 


Like for a lightning also the railgun is stimulated with a very high excitation voltage and 
with extreme speeds of change of the tension voltage (high du/dt) (fig. 15.5 C). From the 
setup it concerns a bridge of Ampere, which in various respects appears to be superior to 
the rocket engines, after the costly transport of the propellant into space isn't necessary, 
since the capacitor batteries can be recharged by solar power. 


<i>: e.g.: www.glubco.com/weaponry/railgun.htm 


<i>: Galeczki, G., P. Marquardt: Requiem fur die  Relativitat, 
Verlag Haag + Herchen (1997), S. 139 
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The projectile has the form and the function of a short-circuit bar and is guided slidable 
between both rails of the railgun. The high-tension capacitors are switched on both rails at 
the moment of launching, so that in a very short time an extremely high short-circuit 
current of several thousands of Ampere flows through the bar. 

Since the bar in addition is situated in a static magnetic field, there acts an accelerating 
force on it (fig. 15.6 D). It is the force effect of a conductor through which flows a current 
in a magnetic field, like it is active in every electric motor. If we overlap the fields of the 
conductor (fig. 15.6 A) and of the magnetic field (15.6 B), then we observe a bending and 
lengthening of the field lines (15.6 C). There exists the effort to re-establish the original 
state, which represents the smallest magnetic resistance, and for that the conductor is 
shifted out by means of the arising force. In the sketch it is accelerated to the left. 
That far the explanation concerning the bridge of Ampere. That has nothing to do with 
free energy. For the enormous degree of effectiveness, as it has been determined, further 
effects have to be added. 


15.6 Unipolar induction 


The projectile, or from the function let us rather speak of the short-circuit bar or the slider, 
at first is entirely conventionally accelerated and experiences, mathematically expressed, a 
dv/dt. The magnetic field B stretching perpendicular to the movement is constant, so 
that according to the Faraday relation*” E = v x B from the velocity v an electric field 
strength E results and from the acceleration dv/dt a field change dE/dt. 
These open field lines along the length of the slider, in particular the oscillating part, 
appears to interact with oscillating particles and to collect these particles”. It concerns 
presumably neutrinos, which primarily materialize in charge carriers. These contribute to 
the current flux in the slider and to the acceleration, whereupon still more neutrinos are 
collected. 

A hardly controllable avalanche effect is formed. Only if the change in tension voltage has 
worn off and the capacitor is completely discharged, also the resonant interaction will 
again collapse. 


The inventors, who want to construct a civil version of the railgun, is given a warning on 
the way which should be taken seriously. At first it doesn't take particularly much 
imagination to imagine a rotating arrangement of the gun, a construction with one axis, 
whit which a generator driven, which produces power. A small part is supplied the system 
again as supply for itself. The rest would be available free to the consumers as non- 
polluting, regenerative energy. 
That really sounds good, if there wouldn't be this one obstacle. 


<i>: The equation of transformation concerning the unipolar induction already 
was treated more detailed in chapters 6.4 and 9.3 


<ii>: It is the resonant interaction according to table 15.1, line four 
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Fig. 15.7: The collecting of neutrinos by oscillating open field lines 
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15.7 Tendency to instability 


In a continuously working machine the discharging of the capacitor cannot remain a single 
event as in the case of the gun. The discharging and the recharging has to take place cyclic 
depending on the revolutions per minute. To obtain a rotating movement even to a certain 
extent ignition has to follow ignition. But if the new ignition takes place, although the 
avalanche effect of the last one still hasn't worn off, then inevitable a catastrophe will 
occur, then the work of wonder is taken apart under the eyes of its creator. 
Numerous inventors already have had to collect such painful experiences. It is assumed 
that not even Nikola Tesla had escaped, as he had to put away again his stately luxury car 
with electric motor and energy converter in a barn near Buffalo already after one week of 
test operation in the year 1931~*. 

Of course also for this problem solutions in accordance with engineering are offered. 
Meaningful would be a restriction of the revolutions per minute and a power regulation. 
Only most inventors don't think that far. On the one hand, because they handicraft without 
an useful physical model and on the other hand they think they already have reached the 
goal, if they observe something like free energy for the first time. Just as fast as the joy 
then the disillusionment comes, because a converter which doesn't work, is not able to 
convince anyone. 

Tesla already was aware of this set of difficulties. He fastened his converter to the dash- 
board and not in the engine compartment, presumably to adjust the coupling of the coils 
from the drivers seat during the drive by means of two metallic rods, which he pushed into 
the case. But sometime even this regulation by hand has to go wrong, because the 
collected neutrinos on their part collect further neutrinos (fig. 15.7), so that in the case of 
an unfavourable order of ignition an additional amplification is possible. For a reliable 
operation according to that directly or indirectly the phase of the ignitions to each other 
should be checked. 


At the example of the railgun space energy technologists and inventors can study the 
relations and the way of functioning very concretely and even calculate these relatively 
simple. It is a big relief, that all three vectors stand perpendicular to each other: the E- 
field, the B-field and the velocity v. Ideal conditions both with regard to a maximizing of 
the wanted accelerating force and for the resonant interaction, increase at the same time 
the collecting of space quanta, which probably may be set equal to the neutrinos. 
This is made possible by the Faraday's law of unipolar induction. In that way at the right 
and left end of the slider a positive a negative pole each are formed. The further the two 
poles are away of each other, the more the field lines are opened and the more neutrinos 
can go into resonance. In this place still considerable improvements and optimisations are 
possible. 

In addition to the two discussed the phenomenon of the electrostriction is added as a third 
phenomenon, which authoritatively contributes to the conversion of neutrinos into 
electrons. It is a field dependent change of length, which in the case of lightning takes care 
of the thunder and in both cases, therefore also here, is active as a charge carrier producer. 





<i>: see also chapter 9.5 Free energy, 
A. Schneider: Energien aus dem Kosmos, Jupiter-Verlag 1989, Kap.ll, S. 20 
and H. Nieper: Revolution, MIT-Verlag 1981, S. 194 
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Fig. 15.8: Dipole fields with unipolar parts 
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15.8 Unipolar field configuration 


If we again go back to fig. 5.1 and continue our considerations with examples concerning 
line 3. The obtainable force effect of open electric fields indeed is for powers of ten 
smaller than that of magnetic fields, but then particles are mediated, an invaluable 
advantage and an indispensable prerequisite with regard to the generation of space energy. 
As long as the particles are considered in the balance sheet of energy then in addition by 
no means can be claimed, space energy converter are perpetuum mobiles. 


In the question, why only electric particles can be mediated, has to be pointed to the 
repeatedly mentioned circumstance that only electric particles can be formed as a result of 
the concentration effect of potential vortices. Magnetic particles however plain and simple 
cannot exist, since for missing conductivity in the vacuum no eddy currents are possible 
(see fig. 4.4). 


In the case of the arising Coulomb forces again is distinguished between the static and the 
oscillating case. We want to start with electrostatics. 


The range of technical applications of static electricity is large. It stretches from 
varnishing technologies and filter technologies till the fly grill in the arbour. In all cases 
the field is built up by charge separation. By means of a high-tension generator a positive 
pole and a negative pole are produced, between which the field is stretching. The field 
lines now start at one pole and end at the other, unlike pole (fig. 15.8 A). 

In this manner almost no open field lines are available, which point to the outside and 
could interrelate with free particles. If one for instance intends to attract and collect 
charged particles from the solar wind, from the cosmic radiation or from the electricity of 
the air, then the design in one point has to be changed fundamentally. 

A unipolar field configuration is necessary. What is meant with that, answers a glance at 
the spherical vortex model of the electron (fig. 15.8 B resp. fig. 6.2). Here it as well 
concerns a formation of dipoles as a result of the charge separation, but one pole is hiding 
in the inside of the other pole . In that way its field lines are captured and don't have a 
chance anymore to come out, to reach the other pole. 

But if the pole lying on the outside for its part can't close its field lines any longer, then 
these point helpless into space and search in their neighbourhood, in the distant world and 
if need be even in the infinity of the universe an unlike anti-pole, which as a result 
interacts and is attracted. 

The measuring technician analyses these open field lines and falsely calls the construction 
then a monopole, only because he isn't able to reach the locked up pole. To blame is the 
unipolar field configuration, which with that probably would be explained to a certain 
extent. 

The designer and inventor as well might have realized how he has to construct his device, 
with which he generates open field lines to collect space quanta. He has to lock in one of 
the two poles as good as possible. Optimal would be of course a spherical symmetric 
construction like in the case of the elementary vortex. Compared with that a cylindrical 
symmetry indeed is suited far less good, but it offers constructive advantages (fig. 15.8 C). 
We now will report of such a functioning device. 
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Fig. 15.9: Demonstration converter "Testatika".<~ 


<i>: A. Schneider: Energien aus dem Kosmos, Jupiter-Verlag 1989, S. 29, 


I. Schneider: Neue Technologien zur Freien Energie, Jupiter-Verl. 1994, p. 13 
and in the NET-Journal, Heft 8/9, 1997, S. 16 as well as iss. 12, 1997, p. 6. 
D. Kelly. Der Schweizer ML-Konverter, Raum & Zeit Special 7, S. 164 
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15.9 The Testatika 


An electrostatic device, which produces open electric field lines, is situated in Linden in 
Switzerland. It optically is very imposing and belongs to a religious community, which 
has called it Testatika and is of the opinion that it is a free energy converter. 
Inexplicably the Testatika does not serve the community, which generates their electric 
power conventionally and to a large extent by itself, as a source of energy. Instead the 2 
kW device only very seldom is demonstrated for special occasions or to select groups of 
visitors. The religious community after that explains the astonished observers humanity 
not yet is mature for the technology. 

Perhaps just the opposite is correct and the technology not yet is mature. According to my 
personal assessment such an electrostatic device in principle is entirely unsuitable for the 
continuous operation. 

It can be expected that the open field lines sooner or later will interrelate with the 
electricity of the air and thunderstorms are being attracted by the infernal machine so long 
until lightning strikes and the demonstration with that has finished. That's why the 
Testatika may be switched on only for a short time, only at sure weather situation and not 
too humid air, and many a registered visitor has been sent away without having seen the 
"thunderstorm machine". 

As an object of demonstration and study the Testatika however is well suited. Alone the 
circumstance that no cable leads to the device and it nevertheless releases energy in the 
order of magnitude of 1 till 2 kW, surprises all visitors. At least the impression is mediated 
as if the machine would violate the law of conservation of energy, which is not correct. 
The Testatika is similar to an induction machine, which works with friction electricity. 
Thereby the unlikely charged bodies do not have to unconditionally touch and rub at each 
other, it already is sufficient, if they are brought in the immediate vicinity of each other. In 
the case of the Testatika the electrostatics of two against one another rotating discs is 
taken off by brushes. 

The excitation energy presumably is taken out of the natural E-field, which just like that 
can amount to 200 Volts per meter (see chapter 2.9). The large diameter of 80 cm of the 
discs and their bad conductivity (acrylic glass) permit this conclusion. The charge taken 
off by the brushes afterwards is temporarily stored in two capacitors of 2 Farad at 300 
Volt, so-called Leyden jars. This far one actually is reminded of a Wimhurst generator, in 
which the energy is supplied the system by turning the disc. Large powers cannot be 
drawn by that. Plans to build such an induction machine by yourself have been 
published*”. 

In the case of the Testatika however two discs are used and by hand stimulate to rotate 
oppositely. This rotational energy in this case isn't used to produce power, otherwise the 
discs quickly would stand still again, but that doesn't happen. 

Until now apparently no-one has discovered the secret, which is kept strict by the 
members of the community. In my opinion the energy situation on our earth however is 
too serious, as that we would be able to afford playing hide-and-seek and egoistical 
secretiveness. 


<i>: I. Schneider: Neue Technologien zur Freien Energie, Jupiter-Verl. 1994, S.14 
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Fig. 15.10: Sectional drawing of the Testatika 
according to 
Don Kelly, (Clearwater, Florida, USA) 


<i>: Der Testatika generator, NET-Journal, Dezember 1997, page 6 
similar picture is found in Raum & Zeit Spezial 7, page 164 
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15.10 The secret of the Testatika 


The crucial point is the opposite direction of rotation of both discs. If we assume the static 
earth electric field is the cause and serves as an excitation field, then as an effect a field 
arises, which stands perpendicular to that. The axial component now points out of the 
centre of the disc. 

In the case of only one disc the field lines in front and behind the disc again are closed, so 
that no open lines can form. With one disc or with two discs rotating in the same direction 
hence no unknown charges can be attracted. 

In the case of two oppositely rotating discs however shows one component along the axis 
of rotation to the observer, that of the other disc exactly in the opposite direction. In that 
way between both discs a pole is ,,pinned", which no longer is able to close all field lines 
on the outside around the machine. Thus open field lines and a, however incomplete, 
unipolar arrangement are formed. 

The charge carriers sucked from the electricity of the air as a result support the natural 
electrostatics and speedy recharge the capacitors, even if up to 10 Amperes are taken out 
by the consumers. 


The ingenious thing of the machine is its extremely simple construction and the simple 
concept. 

If one includes the collected particles also in the balance sheet of energy, then it thus will 
turn out that the law of conservation of energy is not violated at all. There thus can't be 
talked of free energy. In this context the Testatika may rather be given as a 
counterexample. Air ions are the carriers of the electricity of the air and not carriers of 
free energy. 


Negative air ions are indispensable for our welfare. One should only remember the first 
men in space, who after the landing were pulled out of their capsule more dead than alive, 
after they had to stay in the unhealthy atmosphere of the capsule for a longer period of 
time. Only the installation of ionising devices for negative air ions made possible longer 
staying in space. 

The taking out of the air of negative ions hence is not unproblematic and not particularly 
ecologically compatible. An atmosphere harmful to life is formed which Dr. Wilhelm 
Reich has called DOR-state. He by the way has designed a Cloud-Buster, with which he 
could take static electricity, forming above the desert sand, out of the air. In that way the 
negatively charged rain clouds no longer are repelled and driven away. Reich has tested 
his weather machine 1954 in the desert of Arizona. After he had freed the atmosphere of 
the ,,DOR-strain", as he expressed himself, in the desert area the atmospheric humidity 
steadily increased from 15% up to 95%, there grew prairie grass and everything started to 
turn green, and eventually after many years for the first time rain fell again. 


Static electricity, as far as the right polarity is chosen, may conditionally be used for the 
mechanics of rain making. For free energy concepts it however isn't suitable. Already 
Nikola Tesla has pointed to the circumstance that our hopes will be in vain if the free 
energy would be of static nature (see fig. 9.5). He in his speech, which he gave 1891 
before the AIEE, has left no doubt that free energy exists, which is kinetic and with that 
energy technically _ usable for us,. 
Chapter 16 will be occupied solely with this case“. 





<i>: according to point 4 in table 15.1 
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Fig. 15.11: The Cloud-Buster of Dr. Wilhelm Reich 1954.<” 


<i>: H.-P. Thietz: Tatort Erde, VAP (1996), ISBN 3-922367-62-3, page 122 
<i>: Part 1, fig. 9.3; concerning the unipolar induction see also fig. 6.5 and 11.8 
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Fig. 15.11 shows the weather machine of Reich, the Cloud-Buster. It can be understood 
only hard, why Reich directs a 3-4 m long metallic pipe with a diameter of 4 cm to the sky 
and connects the rear end with a deep well or with flowing waters. The effect should have 
been increased considerably with a few milligrams of radium. An indication that he must 
have worked with static electricity, delivers however a tragic accident, in which one of his 
collaborators was lamed on one side. He carelessly had touched the charged apparatus and 


<i 


suffered an electric shock™”. 


15.11 The key to free energy 


As a contribution to the discussion the individual principles of functioning of space energy 
again are collected and the attempt is undertook to value them. 

In the case of an oscillating dipole configuration, for instance the railgun, open field lines 
are present only along the mutual line of connection (fig. 15.8 A). With that not 
particularly many space quanta can be reached. It hence has to be operated with gigantic 
excitation powers in the range of many thousands of Ampere, so that further field lines 
fling open and interact. The wanted over-unity effect therefore can only be reached at an 
enormous expense of technical apparatus. 

An unipolar arrangement here is considerably more advantageous, where holds: the more 
unipolar, the fewer excitation power is required. But in that way it can take longer until 
the collecting of neutrinos like an avalanche again has worn off. In the case of an ideal 
spherical arrangement (fig. 15.8 B), as the ball-lightning takes, the process can even last 
for minutes. This explains why unipolar systems can be kept under control only very hard. 
If the neutrino avalanche is rolling then it purely theoretical only can be stopped with a 
still larger excitation power, for instance by phase shifting, what can hardly be realized in 
practice. The rolling avalanche can't be stopped anymore by normal means. A 
synchronous operation between the neutrino oscillation and the converter can, apart from 
the technologically hardly realizable high frequency, by no means really be recommended. 
As a tule one single steep flank of the change of the excitation voltage is sufficient to start 
the avalanche. By means of the repetition frequency or by means of the duty cycle of the 
excitation voltage then resonances to the neutrino field can be made or avoided. On the 
other hand can't be done without the avalanche effect. The utilizable power of the neutrino 
converter otherwise would be much too small. This case should be pursued further in the 
design of a longitudinal wave gauge. 


All converter systems at first work based on a well-known and tried and tested physical 
principle of functioning. In the case of the railgun it is the bridge of Ampere. The thus 
used force effect on a conductor through which flows current is advantageous due to the 
obtainable order of magnitude and as a basic concept extremely recommendable. But also 
Coulomb forces or other physical principles can be used. 

Despite that a further relation still must be added, which produces the interaction with the 
neutrinos. Closely associated with the unipolar arrangement it is the unipolar induction, 
which in virtually all space energy concepts is put to use. It already could be shown that 
the railgun uses the effect as well as John Searl in the case of his flying disc“. The 
Faraday law of induction turns out to be the key to free energy. 
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eS 





(which corresponds to eq. 62 in ch 


with: and 


Table 16.2 A: The equations of transformation of the 
electromagnetic field.<i> 
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16. Space energy technology (SET) 


It quite concretely concerns the question for a technology concerning the use of the 
resonant interaction (according to line 4 in fig. 15.1). For that open and at the same time 
oscillating electric field lines are needed, which mediate neutrinos and pass them on to a 
receiver working in resonance. The sun, some planets and other celestial bodies, as we 
already have worked out, use the effect. Even an entire galaxy is kept together in this way. 
This interaction plays the crucial role for the theme of space energy and the question is 
asked, with which technology it can be produced artificially. 


16.1 The unipolar generator 


The most direct way obviously leads over the Faraday relation concerning the unipolar 
induction. With the classic Faraday generator, where a permanent magnet is turned along 
its axis, at first a static electric field can be produced. By rotating in opposite direction or 
magnets rotating in the same direction but oppositely poled, relatively simple one pole can 
be ,,pinned" between the magnets and an unipolar construction can be built. Numerous 
research scientists already have worked in the area of the Faraday machine more or less 
successfully (fig. 16.1). There is reported of instabilities and of the picking up of 
unknown energy at high revolutions per minute. In the majority of the cases it in a sense 
of the Testatika will concern collected electricity of the air. 


The Faraday relation in addition also appears to be hardly understood correct physically 
by anyone. A scientific magazine in this context takes the opinion: "Faraday proves 
Einstein wrong", and the production of electricity with Faraday's unipolar inductor 
violates the laws of physics !“"” 





<i>: A. Schneider: Energien aus dem Kosmos, Jupiter-Verlag 1989, S. 44 


<ii>: ,,Faraday in his experiment did let rotate a copper disc above a resting 
ene magnet; as expected in a loop of wire a tension voltage was created 
(F-machine). Than he let the magnets rotate, and the disc stood still; now 
again a tension voltage should have resulted - but there was no voltage. In 
the third experiment the magnet rotated with the disc in the same direction 
and with the same speed. Because there was no relative motion between 
both, an induced tension voltage wouldn't have been expected - but it was 
measurable! (N-machine, see fig. 16.1). 

What does that mean? If the relative movement between magnet and disc is 
not always crucial for the formation of an induced tension voltage, then also 
the absolute movement has to play a role - because something has to move, 
for a current being formed. But an absolute movement according to the 
theory of relativity can't be detected - thus Faraday's experiment proves 
Einstein wrong! Therefore you won't find anything about this experiment in 
the textbooks". 

Taken out of the article: Faraday widerlegt Einstein, PM-Magazin 11/ 1998, P. 133 
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from table 16.2 A: 
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comparison of coefficients with Ampére’s law: 
dHo/ dx = j ’ rar 6.7 
integrated over dx and ds and formulated generally valid: 


> H, ds = lein (168 


thus follows from that: magnetic field = vortex field! 


Faraday’s law of induction (analogous derivation): 


(16.9) 





cause for measurable electric field E>, is missing: 
dEp/dx =O , (16.10) 
integrated over dx and ds and formulated generally valid: 


SE, ds = 0 (16.11 
thus follows 


from that: the electric field = irrotational (according to Maxwell)! 


Table 16.2 B: The derivation of Maxwell’s field equations 
Ampére’s law and Faraday’s law of induction 
from the equations of transformation of thi 
electromagnetic field 
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The author of the article proceeds from Maxwell's formulation of Faraday's law of 
induction, according to which arises a tension voltage in a wire if the wire cuts magnetic 
force lines, thus is moved relative to a magnet. 

If he had read my books, then he would know that Faraday not only has found the older, 
but also the more comprehensive law, whereas Maxwell only describes a special case. 
Starting-point for the by me developed theory of objectivity are on the one hand Faraday's 
law of induction and on the other hand the regularity dual to that, which both together are 
called equations of transformation of electromagnetism (fig. 6.5, eq. 60 and fig. 16.2 A, 
eq. 16.1). 


16.2 Derivation of Maxwell's field equations 


For the derivation we assume, as already in fig. 6.5 for sake of simplicity, that the 
movement v=v, takes place perpendicular to the area stretched by the field pointers 

H=H, and E=E,. If we derive the equation of transformation, written down for a field 
component depending on motion, for the coordinate x by using the equations of material 
and compare the result with Ampere's law resp. Faraday's law of induction, then it 
becomes clear that the comparison is successful only under certain prerequisites. This 
circumstance proves that the Maxwell equations only describe a special case and that the 
equations of transformation are more general valid and causal (table 16.2 A and B). 


But in this place is crucial that Faraday's law of induction according to Maxwell only is 
able to describe a formation of dipoles. For the formation of unipolar field structures 
however must be fallen back upon Faraday's law concerning the unipolar induction. 
Whoever wants to understand or even develop by himself concepts concerning space 
energy, first must have understood Faraday's law in its whole range. 


Usually the Faraday generator is, like in the original building shape, equipped with 
permanent magnets and operated in a steady operating state. Doing so consequently only 
static electricity is formed. We however need oscillating fields, and for that either the 
rotation, or the magnet should be changed in polarity with high frequency. Expressed with 
the precision of mathematics, the first case is described by: E(t) = v(t) x B and the second 
case by E(t) =v x B(t). Both cases have to be investigated and discussed, because both 
v(t) and B(t) are possible in principle. It is added that in both cases mechanically moving, 
as arule rotating, designs but just as well resting designs are conceivable, in which only 
the moving charge carriers themselves realize the component of velocity v. 


This time the crucial point is, that in both cases equally a change of the electric field 
strength E(t) is produced, with the help of which neutrinos should be collected. Because of 
the extremely high oscillation frequency of the neutrinos large field changes dE(t)/dt and 
associated with that large changes of tension voltage dU/dt seem to be the optimal 
solution, which can be handled with today's technology. Apart from that further 
difficulties are added, which require a managing in accordance with engineering. If we 
namely work with a large acceleration dv(t)/dt, then the inertia of the accelerated masses 
should be overcome, then only very small and light projectiles can be launched like in the 
case of the railgun. If we however work with fast changes of the magnetic field dB(t)/dt, 
then the inductance acts slowing down. 
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A: Suggestion from the patent specification of John W. Ecklin 
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Fig. 16.3: Principle of the Ecklin generator.” 
<i>: A. Schneider: Generatoren mit Ferritkernumpolung, NET-Journal 6/98, S. 9 


Ecklin: Permanent Magnet Motion Conversion Device, U.S.Pat. 3'879,622 
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16.3 SET-devices with rotating magnetic fields 


If we again come to speak of the Faraday generator, which can be built up in two variants. 

In the case of the F-machine the magnets rest and only the disc rotates, whereas in the case 

of the N-machine the magnets rotate along. In this case can't be avoided that some of the 

induced charge carriers roam about in the magnets and sensitively disturb the structure of 

the material. One only thinks of the bending spoon effect! 

The consequences stretch from a loss of the permanent magnetism, over a shattering and 
bursting up to a pulverizing of the magnets. Adventurous rumours and alarming reports in 
this direction are sufficiently available. 

An improvement could be obtained by an isolation layer between the conductive disc and 
the magnets, but against induced charge carriers inside the rotating magnets this measure 
is not able to achieve anything. 

Anyhow the best thing to do will be to completely do without permanent magnets in 
neutrino converters! If we replace them at least in our minds by electromagnets, then a 
feeding with alternating voltage is possible. That also is necessary if oscillating neutrinos 
and not air ions should be collected. 

As a result of the alternating voltage at first large eddy currents occur in the disc. The 
losses can be reduced by radial slits in the disc. The induced currents then only can, as 
wanted. flow radially to the outside. 

Bigger headaches causes us on the other hand the inductive and with that current storing 
effect of the excitation coils. If a too large excitation inductance should prevent a fast 
increcase in current, then also the induced electric field will increase correspondingly 
comfortable and hardly be able to persuade a_ single neutrino to _ stay. 
A coil core of iron or dynamo sheet metal with that is ruled out from the start. Even ferrite 
would be suitable at most conditionally. Usable are air coils with as possible as few turns. 
In an advantageous design the slit copper disc rotates between two air coils, if need be flat 
coils built in the way Tesla did, which are fed with pulsed tension voltage. 
The highest speed of change in current surely is obtainable by means of a spark gap, like 
already Tesla has used (fig. 9.1). But also other techniques are thinkable as pulse driving. 
For instance semiconductor power amplifiers with MOS transistors not only can be 
switched fast and hard, but in addition frequency and duty cycle can be adjusted freely 
with reproducible exactness. These are niceties, which will gain importance in connection 
with the control and regulation of a converter. 


Und the heading "generators with magnetic flux variation" Mr Adolf Schneider has 

collected and commented on some concepts”. The generator of the american research 
scientist John W. Ecklin registered for patent at 22-4-1975 thus stands as an example of a 
whole group of inventions, in which the magnetic conductivity in the magnetic circuit and 

with that the flux is changed with a jump. 

Fig. 16.3 B shows a building form consisting of two horseshoe magnets (1, 3) with a 
likewise resting coil in between (6). In rest the magnetic circuit experiences no change and 
consequently no tension voltage is induced in the coil. The trick is that an axis (31) is 
pinned right through the arrangement which is turned with two soft iron anchors, which 
magnetically short-circuit alternating the left (27) and the right (29) horseshoe magnets. 
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Fig. 16.4: Bedini magnetic converter. 


<i>: A. Schneider: Generatoren mit Ferritkernumpolung, NET-Journal 6/98, S.10 
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Besides the moment of reluctance, which should be compensated by the physical 
principle, and the friction of the bearing actually no further moment of reaction can occur 
which would have to be gotten over, not even then if current is taken out of the coil. If the 
flux change is large enough, purely arithmetically it should be possible to take off an 
electric power which is considerably larger than the friction power. John Bedini has 1985 
measured an over-unity effect of up to 12.6 at a similar constructed generator, where with 
increasing strain also the factor could be increased (fig. 16.4). 


16.4 Commentary concerning magnetic SET-devices 


I judge these measurements rather sceptical, after I already in three cases had to break the 
message gently to the inventors, that their device unfortunately was nothing but an energy 
destroying machine and they merely had measured wrong, where admittedly the 
measuring of pulsed tension voltages and currents is not quite simple. So that you don't 
become a victim of wrong hopes and self-deception, I recommend all SET inventors to 
realize the closed-loop. If in the continuous operation power can be taken out of such an 
arrangement without supply of energy from the outside, and be it as small as possible, then 
that convinces everyone even any journalist and any non-expert. 

Unfortunately in the case of numerous concepts at this place already the end is reached. As 
charming the variation of the magnetic circuit may be, in most cases I miss the unipolar 
arrangement of the fields. Perhaps here no neutrinos are needed at all and energy merely is 
withdrawn from the environment heat? I'm not able to answer this question and I surely 

don't need to, as long as no magnetic converter is demonstrated to me as closed-loop. 

such a converter, if it can be realized, presumably will at least partly hide one of its poles 

and produce some open field lines; that at least would be expected. 


a still bigger measuring technical problem represent the neutrinos bound to a line, which 
oscillate around the conductor in the form of ring-like vortices. We have become 
acquainted with these in the case of the single-wire transmission technique of Tesla (fig. 
9.5). They are formed, if neutrinos are slowed down and collected, but not yet have 
materialized to charge carriers. Tesla did use them for his loss-free energy transmission 
technology, but he couldn't supersede the alternating current technology full of losses, 
which also stemmed from him but which he called the worse technology, from the market 
because there were no power meters available for the single-wire-technology. 


Today we still aren't one step further. The energy supply enterprises still decline this 
technology, as I had to learn myself, although this would be the only way to transport 
solar energy from the desert or energy from the geothermal energy of Iceland by a sea 
cable to Central Europe, where it is needed. 

Today still no gauges exist for such neutrinos bound to a line. Therefore will every 
measuring technician experience his Waterloo at SET-devices, in which they occur! I now 
will report of such a converter and the odd measuring problems. 





<i> 
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16.5 RQM and the space quanta manipulator 


If an employee or one of the numerous shareholders of the Swiss Firma RQM AG in 
Rapperswil speaks of space quanta, then he with that presumably means the neutrinos. An 
oscillating source of neutrinos is called central Space Oscillator and an operation in 
resonance of the energy receiver, the so-called space quanta manipulator, is required. 

Mr Ludwig Sigrist, the creator of this world of imagination, was not a physicist but crane 
operator (pseudonym Crane O.) and inventor, whom textbook physics couldn't help 
further in his considerations anyhow. His concept, if it can be translated into a scientific 
comprehensible language or not, at least helped him personally and gave him the position 
to create the space quanta manipulator (fig. 16.5). 


It consists of several pot coil systems, which are build up and boxed into each other 
according to the Matrjoschka principle of scaling down. The ferromagnetic core material 
of the pot spheres (1, 6, 11, 16, 21) should show magnetostrictive properties as distinct as 

possible. As we will see, this measure gains its actual importance first in connexion with 
the interaction with neutrinos! 


Each pot sphere carries an excitation winding (2, 7, 12, 17, 22), through which 
alternatively flows a current in opposite direction. By means of this measure, which seems 
useless according to classic design concepts, one of both field poles is pinned in the 

centre, in which way the necessary open field lines are produced. 


The individual pot spheres are insulated from each other, where the isolation layers (3, 8, 
13, 18, 26, 28) should have a high dielectricity. The pot spheres thus in addition form 
capacitors with each other; even the ending plates at both sides (27, 29) function as 
capacitor plates. 

This construction, the core piece of the planned RQM converter, is driven by a 
transistorised power amplifier with excitation impulses as steeply flanked as possible. 
According to patent specification’ the pulse widths are freely eligible in steps of 5 ns 
betweeen 200 nanoseconds and one second. Besides the frequency also the polarity and DC 
voltage offset are adjustable. 


Every visit of the laboratory leaves a lasting impression: Carefully the engineers grope 
forward, turn at the frequency and the duty cycle, until the effect suddenly occurs and 
neutrinos, the space quanta, are being collected. One realizes that tuning parameters with 

still stronger reactions would be possible, but entirely without any regulation and 
limitation of power that can't be controlled anymore. The avalanche effect would destroy 
everything, and so one is further dangling along the brink of the abyss in the development 
laboratory of the RQM, all the time trying hard to gain control of the hardly understood 
effect. 

Concerning the setup and the mode of operation of the pot system the inventor did let his 
posterity have explanations, but why a diode in free operation FD suddenly loses its 
rectifying function, for that neither the employees nor specialist visitors of as high as 

possible scientific rank in the laboratory until now had ready an answer. 





<i>: Gibas, Lehner, Greilinger: Vorrichtung und Verfahren zur Erzeugung 
elektromagnetischer Pulse, Patentschrift CH 687 428 A5 vom 7.5.1996 
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Fig. 16.6: The RQM test installation of 23-9-1996°" 


<P: F. Greilinger: Der Weg zur erfolgreichen, stabilen Energieauskopplung, 
RQF Magnetik, Sonderausgabe 1996, page 10 
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As said, the neutrinos no longer are free but bound to a line, if they leave the pot system. 
They oscillate around the wire, even around every semiconductor and rove through the 
entire switchboard. Doing so they can cause quite something, also bring about quite some 
disaster. 

Lead batteries are being recharged, which without doubt is desirable, but in the continuous 
operation they are destroyed by the same vagabonds. In normal light bulbs for instance 
some of them materialize to charge carriers, so that according to a gauge more current 
leaves the light bulb, as on the other side flows in to it. It indeed glows completely normal, 
but measuring technical for the installation nothing is normal anymore. 

The visitor can be shown by means of a high precision measuring facility of vibrations 
that the pot coils oscillate not only electrically and magnetically, but also mechanically. 
But the effects alone don't make a converter, which can be produced and which await 
already numerous buyers of options and licenses. 

On the one hand measures for the purposeful conversion of the roving space quanta in 
utilizable charge carriers here still are missing. On the other hand any controlling facility 

is missing, to adapt the power taken up from the neutrino field to the momentary need of 

the consumers. The brave engineers of the RQM still have quite some way in front of 

them. but the line of approach is right and the reached can be looked at. 


16.6 SET-devices with pulsed magnetic fields 


In the case of the space quanta manipulator mechanically nothing is moving. In the copper 

coils the charge carriers merely are on the way with the velocity v. We here have present a 
typical example of a SET-system with pulsed magnetic field. Compared to the before 
discussed SET-devices with rotating magnets, for instance the N-machine, the space 

quanta manipulator clearly has its nose in front. Without brushes, without friction and 

wear and tear it theoretically has a unlimited life. 

In addition it is simpler to produce the necessary large steepness of the flanks in an 
electronic way as by a mechanical variation of the magnetic field. By means of 
electronically driving the process it also can be checked, controlled and regulated easier. 


The question for an optimisation of the concept still remains. At present one already can 
be satisfied with a study of possibility, but sometimes one will question the design. There 
as an example the eddy current losses in the iron pots will be at discussion. About sheeted 
or sintered materials could be thought, if not at the same time the inductance of the coil 
would increase in that way, which slows down the increase in current. 
Ferrite materials again are very brittle and would crumble to dust under the mechanical 
oscillations of size. I proceed from the assumption, that also here an arrangement with air 
coils could turn out to be an optimum. It does make sense, if Tesla at higher frequencies 
always did experiment with air coils. 

Now it still depends on the coiling technique. One single conductor loop doesn't provide 
any open field line. For this purpose if need be two loops have to be supplied with current 
in opposite direction, like it is the case for a so-called Mobius winding. In this way 
possibly just as many neutrinos interact as in the case of the pot coils of the space quanta 
manipulator, which are alternatively supplied with oppositely phased current. 
To clarify the situation we now should occupy us with the coiling technique. 
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Fig. 16.7 A: | The Mobius band 


Fig. 16.7 B: | The Mobius strip 
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Fig. 16.7C: — Bifilar wound flat coil 





Fig. 16.7D: Mobius winding arranged like a cross 
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16.7 SET-devices with Mobius winding 


In connection with space energy devices often is talked about the use of a Mobius 

winding. That is traced back to the Mobius band, which one obtains, if one for example 
one end of a long paper strip after a half turn glues together with the other end. The result 

is a strip, which has neither top side nor underside and neither right nor left border. This 
object with only one side and only one border is a creation of the German mathematician 
August Ferdinand Mobius (1790 - 1868), fig. 16.7 A. 


A distant relative of the Mobius band is the strip with the same name, where the magnetic 
field lines mutually cancel out. It is the same compensation, as we know of a two core 
electric cable, where the supply and return cable are run close together. For that the sense 
of winiding of a conductor loop simply is reversed (fig. 16.7 B). 

If the magnetic field vector is wrapped right-handed around the supply cable and left- 
handed around the return cable, then both amount to zero, so that measuring technical no 
rest field can be detected anymore at some distance. 

THE pointer of the electric field stands perpendicular to the magnetic field vector and 

points in the direction of the conductor and the movement of the charge carriers. From the 
coupling of magnetic and electric field follows, that the compensation of one of them also 

leads to the compensation of the other one. But if the electric field actually is 
compensated, then there may not flow any current in the winding! 

There however flows a current if an electric tension voltage is supplied to the Mobius 
winding. As a result of this forced current flow both electric and magnetic fields have to 
occur, which are not compensated! Some field lines will fold outward the expected 
direction and stand in space as open field lines. These we, in the oscillating case, owe the 
interaction with the neutrinos. 


A perfect compensation would be expected for a two core, bifilar winding. The American 
physicist William Hooper was able to obtain interesting effects with a bifilar wound flat 
coil. With help of a balance he could detect attracting or repelling force effects on 
different, electrically or magnetically neutral discs (fig. 16.7 C). 

But he feeds the flat coil with direct current, so that a contribution of neutrinos can't be 
expected. Such effects only will occur, if one works with pulsed signals, because the 


bifilar wound flat coil quite obviously is able to form wanted, open field lines. 


<i>: Schneider, Adolf: Energien aus dem Kosmos, Jupiter-Verlag 1994, page 28, 
taken out of: 


Mielordt, Sven: Tachyonenenergie, Hyperenergie, Antigravitation, 
kaum & Zeit Verlag 1984 
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Derivation: 


The Mébius 
strip has only 
one border. 


Let an electron 
run all along the 
border 


and connecting 
the lines one 
with the next, 
the result will be 
the Mdbius strip 
according to 
Prof. Seike. 
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Fig. 16.8 A: Derivation of the Mobius strip acc. to Seike<i> 
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Fig. 16.8 B: Scalar wave radio according to Prof. Seike<i> 
<i>: Seike, Shinchi: The Principles of Ultra Relativity, Space Research Institute 
1990, ISBN 915517-1 
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16.8 Mobius converter of Seike and Coler 


Concerning construction it can be an advantage to wind a Mobius coil not purely bifilar 
and in that way to do without a perfect compensation. It often already is sufficient, if two 
conductors cross and only individual components of the field vectors partly cancel out. 
In the case of the coil, which is pulled apart and wound like a cross, drawn in fig. 16.7 D 
the conductor current and the fields of supply and return cable belonging to it stand under 
an angle of almost 90°. This in individual cases should already be able to cause the 
formation of open field lines. 


Similar field conditions are formed, if after every turn the wire is looped under the last 
winding. At the knots again the angle conditions of approx. 90° occur. The Japanese 
professor Shinichi Seike preferably works with this kind of winding, which he directly 
derives from the Mobius band (fig. 16.8 A). He has designed an electro-gravitation 
motor basing on this principle. He also speaks of weight reduction and of an artificial anti- 
gravity field. It could be confirmed experimentally, that his setup cooled down slowly 
during the operational tests, despite the expected heating up by the copper losses of the 
current“ §°°", Unfortunately I don't known anything more exact. 

In his book further is found the wiring diagram of a radio for the reception of scalar waves 
(fig. 16.8 B). He thereby quite simply replaces all coils in the high-frequency part with his 
Mobius coils. If longitudinal waves already are measurable and receivable with this simple 
measure, first has to be checked. 


The German captain Coler more than 50 years ago has developed another Mobius 

converter. His "Magnetstromapparat", with approximately 6 kW power and an at least 
four-fold over-unity effect uses six coils with permanent magnetic core. As a peculiarity 

he in addition runs the coil current through the core under an angle of 90° with regard to 
the coil current (fig. 16.8 C). 


More detailed details can be seen in the footnote“? * 7”, 


<i>: Adolf Schneider: Energien aus dem Kosmos, Jupiter-Verlag 1994 


8.22: "Scientists of the Technical University Charlottenburg in Berlin and Munich 
confirmed that the device functioned without objections, but they didn't find 
a theoretical explanation for the production of energy. The professors Kloss 
and Franke of the Technical University of Berlin found a degree of 
effectiveness of 450%. Prof. Schumann confirmed that 4.8 to 6.7 times more 
energy came out, than was put into the device. Prof. Schumann excluded a 
deception entirely as the records prove. 

But it wasn't simple to set the device going and the stability for longer 
periods of time wasn't guaranteed. The war confusion set an end to further 
research. After the end of the war the British secret service confiscated all 
available documents and apparatus. Part of the report was declassified in 
1962". 
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Fig. 16.8 C: The Coler converter 
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16.9 Tesla's flat coil 


In the category of the unconventional coiling techniques without doubt the Tesla coil may 
not be missing. If in schools and high schools such coils were standing in the laboratory 

for teaching purposes, then as a rule it are cylindrical coils. In reality Tesla worked with 
flat coils but that, so is said, isn't necessary anymore today, since we have at our disposal 

better isolating materials than 100 years ago. Actually Tesla contended with problems of 
osilation, which he could solve with the help of the flat coil, but it should turn out that the 
coil geometry is attached a crucial importance. 


Everything had started with Tesla having to leave the Technical Highschool in Graz 
without diploma. He ran out of money and he had dared to criticize the venerable 
Professor Poeschel and his sparking Gramm dynamo. With that he had put himself under 
compulsion to succeed. Two years later he had ready the solution. In the year 1882 he 
discovered the rotary field in Budapest. 

In the time to come he designs and builds an alternating current motor, but no-one wants 

to have it and surely Thomas Alva Edison not. Tesla after this disagreement very fast 

gives up his job at the Edison Company again and again stands under pressure to succeed. 

With that the eternal bachelor Tesla urges himself to ever higher efforts. He wants to 

prove himself and the rest of the world that his alternating current system is superior to the 

direct current system. 

Direct current, as is well-known, can't be transformed, and thus the advantage of Teslas 
alternating current lies in the possibility of power transport by high-tension cable over 
large distances. But for that the high-tension transformers first had to be developed and 
thereby the said problems of isolation occurred. 

With each turn the tension voltage at the transformer winding increases. The distance to 
the grounding point lying on the outside has to be chosen bigger with each turn, so that no 
blow inside of the high-tension winding occurs. A consistent solution of the problem in 
accordance with engineering is the flat coil used by Tesla, wound spirally from the inside 
to the outside (fig. 16.9 A)”. 


It thus is correct that isolation technical reasons led to the flat coil, since Tesla himself was 
completely surprised as he had to find out that this coil can lose its self-induction, that 
scalar waves can be detected with it and that it is cooled down during operation in an 
inexplicable manner. 


This cooling effect Tesla has investigated more detailed and after all even used. In his 

patent specification concerning the superconductivity he describes, that the flat coil also 

loses its Ohmic resistance, if he in addition previously cools it with liquid air. The 
remaining cooling down to absolute zero his flat coil obviously has carried out entirely by 
itself with help of the neutrinos (fig. 16.9 B)“". 


<i>: Nikola Tesla: Coil for Electro-Magnets, Patent No. 512,340 (1894) 


<ii>: Nikola Tesla: Means for Increasing the Intensity of Electrical Oscillations, 
Patent No. 685,012 (1901) 
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singly wound flat coil bifilar wound flat coil 
(Tesla coil) (from the patent specification of Tested 
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Fig. 16.9 A: Coiling techniques of Tesla's flat coil.“” 





Fig. 16.9 B: Patent specification of Tesla concerning 
Superconductivity.“"” 


<i>: Nikola Tesla: Coil for Electro-Magnets, Patent No. 512,340 (1894) 


<ii>: Nikola Tesla: Means for Increasing the Intensity of Electrical Oscillations, 
Patent No. 685,012 (1901) 
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16.10 The secret of the flat coil 


The technical function could be explained in the way that the charge carriers of a flat coil 
by induction are set into motion for excitation from the outside. The transmitted energy 
shows in form of kinetic energy. The spiral flat coil becomes narrower and narrower 
towards the inside, the length of each winding shorter and shorter, so that the kinetic 
energy inevitable has to decrease in favour of a rotational energy. The faster and faster 
rotating spherical vortices are pulled apart to flat discs and eventually to ring-like vortices 
by the centrifugal force. The electrons at first become neutrinos bound to a line and finally 
free neutrinos. Tesla has technically used the first ones in the single-wire-transmission 
technique (fig. 9.5) and the last ones in his wireless energy transmission (fig. 9.7). 


Like many other inventors, Tesla owes also the inventions, which he counts his greatest, 
like the radio technique and the Magnifying Transmitter, first of all his industriousness. 
his persistence and a great deal of inventor luck. A magician, as he is called in his most 
important biography, he by no means was~. The flat coil, to which led him chance and 
which plays a central role in all these inventions, gave him the lucky position, to collect 
neutrinos and materialize them to charge carriers or in reversed direction to dematerialise 
electrons to neutrinos. 


The technology however is everything else but new. Already the Lituus of the Etruscan 
and Roman Augurs and the crook of the priests had the same spiral structure (fig. 16.10). 
In the case of the devices, which the Augurs for instance served at land surveying, it 

clearly concerns flat coils according to Tesla. We will go into this strange ,,gauge" more in 

detail in part 3 of the book“. 


The trick probably is, that one component of the electric field pointer is directed towards 
the centre of the coil and as a result some open field lines are generated, which then collect 

neutrinos from space. 

In this process the neutrinos thanks to the resonant interaction are slowed down to the 
speed of light and following, as discussed, materialized by means of the flat coil, as in 
addition rotational energy is withdrawn from the neutrinos. Since the receiver oscillates 
resonant with opposite phase, in addition the thermal oscillations are reduced and the 
receiver becomes cold! 


If one compares the Mobius coil with the Tesla coil, then besides numerous properties in 
common the strength of the first coil lies in the production of open field lines and the 
collection of neutrinos, whereas the special and additional property of the flat coil lies in 
the materialization, in the conversion of neutrinos into charge carriers. But the advantages 

of the flat coil have to be bought at the expense of having to work with very high tension 
voltages (above 511 kV) and with large changes in tension voltage (du/dt). With this set of 
difficulties we will have to deal in more detail. 





<i>: Margaret Cheney. Nikola Tesla, Erfinder, Magier, Prophet (Orig.: Man Out Of 
Time, 1981), Omega-Verlag Diisseldorf 1995 


<i>: K. Meyl: Electromagnetic environmental compatibility, part 3, edition be- 
longing to the information technical seminar, INDEL Verlagsabteilung 2003. 
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The Etruscan Lituus the Roman Lituus 


Fig. 16.10: |The Lituus or crook of the Augurs in ancient Rome 
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16.11 Discussion concerning the technology of the neutrino collectors 


Let us again collect the facts for the discussion: A SET-device is distinguished by a more 
or less unipolar design and open field lines, with which interact neutrinos, which are 
oscillating in resonance. These then are slowed down and collected. For the transient 
process a large change in tension voltage (dE/dt) is required, which can be obtained 
directly, for instance by means of a spark gap, or indirectly by means of Faraday's law 
concerning the unipolar induction (E = v x B). 

The discussed possibilities concern the acceleration of a machine part (dv/dt), the 
variation of the magnetic field (dB/dt) by pulse-like excitation signals (16.5) or by 
magnetic flux variation (16.3) and the railgun. which even can be operated without foreign 
magnetic field (fig. 15.5 C) and for which in that case occur both a dv/dt and at the same 
time a dB/dt. 

For resting arrangements the velocity v is that of the charge carriers moving in the 
conductor. So that Faraday's law thereby doesn't lose its influence, the pointers of E and 
v mustn't point in the same direction, as in the case of "normal" coils. Unconventional 
windings, which for instance can be knotted like Mobius strips (16.7), take remedial 
action. Also the ancient crook, rediscovered as flat coil of Tesla (fig. 16.10), proves to be 
suitable in principle. Here one component of the electric field pointer points in the 
direction of the centre so that the wanted, at least partly, unipolar arrangement can be 
formed. 


The first step, the collecting of space quanta, shouldn't pose an insurmountable obstacle 
anymore in view of the numerous possibilities and the detailed explanations. A real 
difficulty we still have before us, because in most cases some ring-like vortices bound to a 
line are formed, for which no electronic construction element exists and for which 
functioning converters hardly are known. 
There spoons are bending, some lumps are flying through space, radioactivity is 
disappearing without a trace, light phenomena are formed and the device suddenly is 
becoming cold. Almost all inventors, who have arrived in this place, are enthusiastic about 
the not understood effects or with that are wanting to get attention, but hardly anyone 
really starts something with that. Until now the necessary system and an useful theory 
were missing. 


Only too often isn't considered, that only an indirect conversion into charge carriers is 
possible, that during the materialization of neutrinos a intermediate product is formed, 
which can be described with the model concept of a neutrino bound to a line or of an 
oscillating ring-like vortex. The technologies collected in this chapter concerning the 
collecting of neutrinos only form the first step from the free to the bound ring-like vortex. 
The coming chapter is dedicated to the second step. Here we should try to understand the 
properties of space quanta bound to a line and loudly think about for which purpose we 


<> 


could use them in practice”. 


<i>: Reference: Both chapter 16 and chapter 17 treat point 4 according to table 
15.1 concerning the resonant interaction (page 86). 
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Radioactivity caused by neutrinos 








mirror 
antineutrino, neutrino 
right-handed left-handed 
antineutrino, neutrino 
left-handed right-handed 
Fig. 17.1: Application of the mirror transformation 


<i>: 


to the neutrinos 


Kleine Enzyklopadie Atom, Verlag Chemie GmbH, Weinheim 1970, S. 119: 

For the neutrinos the quantum number parity isn't defined, because they have a 
fixed association of the direction of momentum and spin; the sense of rotation of 
the spin and the direction of momentum in their case form a left-hand wound 
screw, in the case of antineutrinos a right-hand wound screw. By the shown 
mirroring the direction of momentum is reversed, but the sense of rotation 
remains unchanged; i.e. reactions, in which neutrinos occur, are not mirror 
invariant, they violate the law of conservation of parity". (translated) 


Note of the author:, an antineutrino by no means can be assigned to the anti- 
matter, since it exactly like every neutrino alternatingly takes the matter 
state and the anti-matter state, by oscillating around itself (see fig. 7.12). The 
description merely follows a definition founded in usefulness. 
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17. Technical use of the weak interaction 


17.1 Radioactivity caused by neutrinos 


Neutrinos are standing in a weak interaction with other elementary particles. This 
circumstance is known in general. According to the considerations and derivations 
expressed in the book the neutrinos mediate the resonant interaction, what leads to the 
conclusion, that the weak interaction represents a partial aspect of the resonant interaction, 
in which case it merely concerns the proximity. 

Efforts are further being undertaken, to combine the weak interaction with the 
electromagnetic to an electroweak interaction, after it was remarked that a certain coupling 
constant corresponds in both cases. We of course aren't surprised, because the 
electromagnetic interaction anyhow describes only the special case of the resonant 
interaction with the frequency zero. 

The weak interaction concerns with the very small range of just 10°'° meters only the 
proximity of the neutrinos, for instance the B-decay, where the neutrinos for the reason of 
their oscillating charge a free neutron rattle and shake so long, until it eventually decays. 
on the average after approximately a quarter of an hour. 


The Austrian physicist Wolfgang Pauli had remarked, that half the decay energy after a beta- 
decay is missing and the balance sheet of energy isn't working out. In addition also the 
balance sheet of angular momentum isn't working out, because the nuclear spin is being 
changed for a whole unit. Pauli as a result 1930 has introduced a hypothetical particle 
without mass and without charge, which he called neutrino. 

With that Pauli and his co-working Italian colleague Fermi it is true are the givers of the 
name of the neutrinos, but not by all means the discoverer. If Cowan and Reines 1956 have 
detected these particles with large expenditure of devices, then also that by no means was 

a premiere, as falsely can be read in textbooks and encyclopaedias. After all Nikola Tesla 
already decades ago had demonstrated, that the neutrino radiation not only exists, but even 
can be used energy technically. 


Now the radioactive decay a f-radiation occurs, triggered by the conversion of neutrons 
in protons or vice versa. This obviously takes place under the influence and participation 
of neutrinos in the atomic nucleus. The -radiation to a special extent consisting of 
electrons and positrons, as it occurs in the case of nuclear fission, is quite unhealthy and 

by no means ecologically compatible. Under the influence of free charge carriers not only 

metal lattices become soft and spoons can be bent, but also an electrolysis takes place, 

where the water molecules are splitted into their parts. That isn't a good prerequisite for 

the flora and fauna on our planet, which predominantly is built up of water structures. 
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Nikola Tesla, the discoverer of the neutrino 
radiation 


€ 


Fig. 17.2: Einstein, Tesla and Steinmetz~ 
(from left to right) 





<i>: 


Franz Ferzak: Nikola Tesla, Eigenverlag, S. 103 


i> 
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17.2 Nikola Tesla, the discoverer of the neutrino radiation 


The discoverer of the neutrino radiation himself will best be able to explain the connexion. 

In the New York Times Tesla writes, that he has discovered and investigated the 
phenomenon of the cosmic radiation, long before others started their researches": 
"According to my theory a radioactive body is only a target, which constantly is being 
bombarded by infinitely small balls (neutrinos), which are projected from all parts of the 
universe. If this, at present unknown, cosmic radiation could be interrupted completely, 

then no radioactivity would exist any longer. 

I made some progress regarding the solution of the mystery, until I in the year 1898 
attained mathematical and experimental evidence, that the sun and similar celestial 

bodies emit energy-rich radiation, which consist of inconceivable small particles and have 

velocities, which are considerable faster than the speed of light. The ability of penetration 

of this radiation is so large, that it penetrates thousands of kilometres of solid matter, 
without their velocity being reduced noticeably. 
It must be admired how Tesla guided by experimental observations and a reliable instinct 

comes to the correct result. He merely with the conclusion, because of the missing 
interaction the neutrinos have to be inconceivably small, isn't quite right. Their size rather 

depends on the velocity, because the overfast neutrinos are being length contracted 
stronger. Tesla however hits the nail exactly on the head, if he on the occasion of the press 
conference for his 81" birthday declares, the radioactivity is a clear proof of the existing of 

an outer radiation of cosmic origin~”. ,, If Radium could be shielded against this radiation 

in an effective way", Tesla writes in an essay of 1934, ,,then it wouldn't be radioactive 
anymore". At this occasion he contradicts Albert Einstein, without thereby pronouncing 


<u> 


the name and is indignant at the wrong working method of the scientists”. 


Me personally fascinates, how here until now ignored results have been presented, which I 
first had to work out theoretically myself with difficulty. Tesla, to the best of my 
knowledge, hasn't taken theoretical derivations, at least none have been handed down. As 

a brilliant experimental physicist he must have reached his conception world by means of 
the measuring technique. The perfect correspondence of his experimentally determined 

and the by me theoretically won insights should be judged as evidence for the correctness 
of this view. 


<>: Dr. Tesla Writes of Various Phases of his Discovery, 
New York Times, Feb. 6, 1932, P. 16, col. 8 


<i>: Tesla Said (J.T. Ratzlaff), Tesla Book Company, ISBN 0-914119-00-1, P. 272 


<i>: "The scientists of today think profound instead of clear. One has to be mentally 
sane, to be able to think clear, but one can think profound and nevertheless be 
completely insane. The scientists of today have substituted experiments by 
mathematics, and they travel from one equation to another and eventually build 
up a construct, which has absolutely no relation to reality"... 


taken from N. Tesla: Radio Power will Revolutionize the World, Modern 
Mechanics and Inventions, 7/1934, (Tesla Said, P. 264) 
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Fig. 17.3: The Magnifying Transmitter of Nikola Tesla 
Would the research station in Colorado Springs 
(1899 - 1900) have been suitable for transmutation? 
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17.3 Transmutation and reduction of radioactivity 


If we are capable to collect and bundle up neutrinos, then should with that an influencing 
of the radioactive decay become possible, then also a decontamination of radioactively 
contaminated material and a so-called transmutation should be possible. We here have a 
concrete possibility before us, to use the produced ring-like vortices directly for the 
benefit of humanity. Dangerous transports with Castor containers, permanent and 
temporary storage and the contamination of whole areas by radiation, like around the 
nuclear power station Tschernobyl, which got out of control, wouldn't be necessary at all. 
If namely burned out fuel rods and objects contaminated by radiation have undergone a 
concentrated neutrino shower, then the radioactive decay takes place accelerated, so that 
the half-life can be drastically reduced. After the treatment the dangerous special waste 
would have been changed to harmless domestic rubbish. Even recycling or reuse are 
feasible. 


The topic is at least as explosive as the energy question and as well completely unsolved. 

That's at different places and in some companies is already feverish researched about 

technologies concerning transmutation. Often it are the same people, who also work at the 

theme of space energy. The reason quite simple is that in both cases neutrinos have to be 
collected and bundled up. In the case of transmutation however the necessity of 
materialization can be dropped, so that the goal can be obtained faster and simpler. 
Consequentially is reported of more cases of a successful decontamination and of 
transmutation, than of functioning energy converters. Until now most techniques however 

still hardly are suitable for bringing into action technically on a large scale, but they carry 

clues of a solution of the problem already in them. 

At the congress "New Energy technologies from USA" 6.12.1997 in Zurich I have 

lectured concerning the theme~”: ,,Presumably as the first one the doctor Dr. Wilhelm 

Reich has carried out corresponding experiments with his ,,Orgon accumulator" (fig. 

9.2). From him also stem warnings about biological effects, which should be taken 

serious, if radioactive material is put under his Orgon accumulator and the process of 

decay takes place accelerated". 

If one dares an interpretation of his experiments with only 1 mg radium, then numerous 
charge carriers materialized at hitting upon his sample of the bundled up neutrino radiation 

with the consequence of high electrostatics in the environment, which Reich has called 
DOR-state (Deadly ORgone) (chap.15.11). 


Another way would be the rebuilding of a neutrino transmitter according to the plans and 
patent specifications of the experimental physicist Nikola Tesla (fig. 9.11). He 100 years 
ago had realized a real neutrino-broadcasting and for that developed an unconventional 
switching technique. Tesla called his transmitter a ,Magnifying Transmitter" (fig. 17.3). 
He choose the name ,,Magnifying Transmitter", after he had received more energy than he 
had transmitted in experiments and this effect moreover was increased with increasing 
distance to the transmitter. He obviously also had collected free and synchronously 
oscillating neutrinos, and that would be the best prerequisite for a successful transmutation 
and decontamination of radioactive material! 


<i>: Konstantin Meyl: Die Wechselwirkung der Neutrinos; uber Massnahmen, die 
Halbwertszeit beim radioaktiven Zerfall herabzusetzen. 
NET-Journal Jg. Nr. 3, Jan./Feb. 1998, S. 14-20 


356 The Patterson Power Cell 











Exit Temperature 
Stati Reading 

ic 

in-Line Mixer 


Platinum Contact 
Anode (+) 


O-Ring 


Industrial Strength 
Platinum Scree' 


Nylon Screen 


Coated 
Microsphere 


es... 


i 


Fig. 17.4: 1 kW Patterson Power Cell.” 
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<i>: Patterson, J. A.: System with electrolytic cell and method for producing heat 
and reducing radioactivity of a radioactive material by electrolysis. US Patent 
No. 5.672.259 of Sept. 30, 1997, as reprinted in Infinite Energy, July- 
Nov.1997, pp. 13-16 
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17.4 The Patterson Power Cell 


As an example worth paying attention to, the Patterson Power Cell should be mentioned, 
which not only can be used for generation of energy but, how could it be otherwise, also 
for reduction of radioactivity and for transmutation. The energy cell invented by the 
chemist Dr. James A. Patterson is researched and developed further by the company CETI 
(Clean Energy Technologies Inc.) in Sarasota (Florida, USA). According to latest reports 
such a device supplies at most one kilowatt of heat energy at an over-unity of up to 4000; 
thus 4000 times the energy is released than is taken up as required for the operation! 

In fig. 17.4 one single cell of the energy converter is shown. The glass container consists 
of three chambers of approx. 4 cm height each time and about 1.9 cm in diameter and 
works like a continuous-flow water heater. From the bottom tapwater or distilled water is 
supplied and at the top connection again taken away in heated form. The excitation takes 
place electrostatically by means of two platinum electrodes. The anode situated at the top 
is connected with the positive pole and the cathode with the negative pole of the source of 
direct current. 

In the three chambers are situated tiny, filmy coated small balls, which form the real 
principal item of the cell. Production method and structure of the beads are oriented to the 
task to be mastered. In the case of a variant conceived for the generation of energy the 
barely one millimetre in diameter small synthetic beads carry after each other a thin layer 
of palladium, a layer of nickel and once again one with palladium~”. 


The small balls remind with their layered structure at first of the Orgon accumulator of 
Reich. They also seem to function as collectors of neutrinos, but for smaller wavelengths 
and much higher frequencies. In addition is chosen a concentric arrangement with the 
spherical form, which with the electrically conductive surface and the dielectric core fulfil 
the function of a cavity resonator. Resonance actually is possible with flying past 
neutrinos, which have a wavelength which amounts to an integer multiple (1,2,3,..) of 
twice the diameter of the sphere. 

The arising resonant oscillation however concerns not only the electric and magnetic 
fields, but by means of electrostriction and magnetostriction also a mechanic oscillation of 
size. The oscillation of size in reverse causes again oscillating electric and magnetic field 
pointers, which are partly open along the spherical structure and can interact resonant with 
further neutrinos. In this repercussion field the actual secret of the functioning of a 
Patterson-cell is hidden. 


The president of the German association of space energy, Prof. Dr. Dr. Josef Gruber on 
the occasion of his visit at the company CETI and of a conference about ,,cold fusion" in 
<i>, 


Vancouver has published a report”: 


<ii>: Gruber, J.: Kalte Fusion und Raumenergie, report concerning the 7™ 
international conference about "cold fusion" of 19.-24.4.1998 in Vanvouver, 
B.C., Canada (Infinite Energy, Issue 19, 1998) and report concerning 
"International Symposium on New Energy" of 23.-26.5.1997 in Denver, 
Colorado, USA (Denver-report of the remote University Hagen) 
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<i> 


Fig. 17.5: Low Energy Nuclear Transmutation Cell, 
the kit for experiments LENT-1 
(Showing Temperature and Pressure Gags) 


<i>: taken from the NET-Journal, 10/11 1997, S. 7 
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17.5 Report concerning the cold fusion 


"In the case of the Patterson transmutation cell it concerns a special electrolysis cell, in 
which the radio nuclides are charged. During the electrolysis the decay activity measured 

by means of a Geiger-Muller counter decreases drastically. Within a few hours reductions 

of up to 80% are obtained. In such an electrolysis system with electrodes consisting of 
specially coated beads low-energetic nuclear reactions can be observed. In this case 
elements are detected in the metallic layers of the beads, which before were not contained 

in these. Further are measured changed (unnatural) proportions of isotopes. From these 
transmutation can be inferred, which is used in the cell for the conversion of radioactive 

elements. 

Until now natural uranium and thorium were used as radioactive material. The 
reproducibility already now is very good. The applicability for commercial purposes, for 

the reduction of the radioactivity of burnt up fuel elements and for the conversion of 
plutonium is easy to see". 

At his visit in the laboratory of CETI in Sarasota 28.5.97 Prof. Gruber has witnessed an 
experiment to annihilate radioactivity with the Patterson transmutation cell. He reported 
about it: "In the presence of N. J. Olson from Pacific Northwest Laboratory (operated by 
Batelle for the U.S. Department of Energy) a team of the television station ABC 
conducted by the science journalist Dr. M. Guillen made recordings for a television 
program, which meanwhile has been broadcasted all over the country. The original tension 
voltage - among others a Geiger counter rattled - subsided as the expected success became 
apparent in the experiment: After one hour 50% of the radioactivity stemming of uranium 
nitrate were removed, in another half an hour further 13%. Doing so also a considerable 
lot of surplus heat was produced. 


New techniques of this kind to reduce radioactivity have an important advantage: One 
brings the SET-device there where the radioactive material is situated and reduces the 
radioactivity on the spot. For the conventional technique, still being in research, in 
contrast to that the radioactive material first is wrapped in a complicated manner and then 
transported to a special factory, where radioactivity is reduced at great technological 
expenditure and use of energy - altogether a procedure which is relatively costly and 
politically only hard to carry through". 


Patterson cells already can be obtained commercially for research purposes. The same 
goes for a demo-kit*" of the company Trenergy, Inc. of Hal Fox, who has built up the 
biggest database of the world concerning the theme "Low Energy Fusion" in the "Fusion 
Information Center" at the university of Salt Lake City. He is editor-in-chief of the 
"Journal of New Energy". 

If one believes the statements on their web-site”, then one is capable of converting 10 g 
of radioactive thorium in 900 mg titanium and some copper in less than an hour with the 
kit for experiments LENT-1. Under a pressure of 3200 psi sodium already is said to have 
fusioned to gold, something of which alchemists dream, as an unintentional side effect, as 


<i> 


researchers in Cincinnati/Ohio say~"". 


<ii> 


<i>: NET-Journal, Jan. 1997, S. 24 
<ii>: see Internet: http://www.hal-fox@slkc.uswest.net 
<iil> : NET-Journal, 10/11 1997, S. 7 
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Fig. 17.6: The water-fuel-cell according to Stanley Meyer<?* 








<i>: H.-J. Ehlers: Stan Meyers Wasser-Zellen-Technik, Raum & Zeit special 7, 
p. 201, taken from the Canadian patent specification 1234 773 of 5-4-1988 
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17.6 Water-Fuel-Cell technology 


The United States are, just what concerns spectacular techniques like the removal of 
radioactivity or the transmutation of new materials, obviously still the land of unlimited 
possibilities. Nowhere the list of researchers of cold fusion is as long as in North America. 

But there also in many places only is tried and tinkered without visible system or usable 
theory. Then in many cases unfortunately only a show-effect is to the fore, while 
construction plans and details concerning the way of functioning, as far as they actually 

exist, are kept secret. In total there, besides a lot of hot air and wrong hopes, is left behind 

little to be used and cited. 
By the way, in my opinion cold fusion has to do very much more with space energy and 
neutrinos than with hot fusion. How much disaster a wrong referring to and an unusable 

theory can bring about, has become clear at the example of the "cold fusion researchers" 
Fleischmann and Pons. They have placed themselves into the scientific offside with their 
misinterpretation concerning cold fusion. 

Moreover are both primarily scientists and theorists. Practice however is, according to 
general definition, "if in spite of all it functions!" The American Stanley Meyer is such a 
practical man and his water-cell-technology actually seems to function, although he in his 
18 patent specifications gives theoretical explanations, which he just as well could have 

saved himself. With that his effect isn't explained. 

An usable interpretation would be that this device, comparable to a cell of a plant during 
photosynthesis, splits water molecules into its parts by putting on neutrinos. Even without 
knowledge about space quanta the buggy of Stanley Meyer already runs with a air-cooled 
1500 cc VW-engine, and it consumes no gasoline at all. The tank is filled with water; it 
even may be sea water. The consumption of water lies at 2.8 litres at 100 kilometres and 
thereby is formed predominantly hot steam again as a combustion product. 

If thus cold water is converted into hot water and at the same time mechanical energy is 
available. then inevitably another source of energy must be involved. According to my 
interprelation it must concern the neutrino field. If the here presented details are correct 
then the over-unity effect lies at approx. 100, the degree of effectiveness thus at 10000 

percent. 


American companies, with which Stanley Meyer had concluded contracts, should make 
the "Water-Fuel-Cell technology" mature for series. Also the financing seemed secured. 
But then per internet the message came, he 21.3.1998 was having supper in a restaurant in 
Grove-City, as he suddenly jumped to his feet from the table and called out, he had been 
poisoned. He died on the spot”. 

Alarge number of inventors is known, who tap space energy with the help of water. It 
concerns an increase of the content of oxygen or of the content of colloids, thus an 
improvement of the water quality. Or it concerns formation of vortices as already in the 
case of Walter Schauberger, glowing phenomena or also the generation of free energy 
from the neutrino field. In this concert the concept of Stanley Meyer takes an outstanding 
place, as particularly efficient, instructive and clearly understandable for us, for which 
reason we cast our eyes over the design (fig. 17.6 and 17.7). 





<i>: Zum Hinschied von Stanley Meyer", NET-Journal April/Mai 1998, S. 25; see: 
obituary in Infinite Energy Magazine 
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A. The pattern of the pulses of the excitation voltage: 
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Fig. 17.7: | Wiring diagram for the driving of the water-cell 


<i>: = Stanley, A. Meyer: Process and Apparatus for the Production of Fuel Gas and 
the Enhanced Release of Thermal Energy from such Gas, 15.06.89, US-Pat. 
207,730; International Publ. WO 89/12704; Int.Appl. PCT/US89/02622 
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17.7 Unconventional electrolysis 


Numerous of the by Stanley Meyer used construction principles already have been treated, 
be it the excitation with pulses of electric tension voltage or the spherical structure of the 
resonant cavity (fig. 17.6). As a spherical capacitor with the positive pole in the centre and 
the negative pole at the outside edge it corresponds to the model of the electron and fulfils 
in an almost ideal way the conditions of an unipolar arrangement according to fig. 15.8 B. 
The use of certain patterns of the pulses and steep flanks of the pulses (large dU/dt) make 
possible effects of resonance at frequencies starting at ten kilohertz, in which neutrinos 
participate increasingly. First the series resonant circuit, consisting of the adjustable, 
external inductance and the spherical capacitor, is stimulated by means of the current 
rectifying wiring (fig. 17.7). In the case of resonance, which is carried out by comparison 
of the inductance, the excitation current drops, whereas the tension voltage at the same 
time teaches values of more than 1000 Volts. If in addition a neutrino resonance occurs, 
then the known avalanche effect will occur. The equipment then takes up virtually no 
current. 


As a dielectric serves water, with which the container is filled permanently. The 
dimensions are oriented after the velocity of movement of the water molecules according 
to details of the inventor. Also the oscillating water molecules should go into resonance. 
Then they can help to materialize the neutrinos. Their rotational energy partly passes to 
the water molecules and as soon as the neutrinos have been converted to charge carriers, 
they will take the water molecule from the oppositely charged side and split it without 
further ado. The oxygen and hydrogen gases leave the capacitor through fine openings at 
the upper edge of the spherical chamber, which are so small, that no ignition back can 
occur, and in the simplest case reach a combustion chamber, where they burn again to 
water as a high-temperature flame (fig. 17.6). 

The gases of course also can be guided into the cylinder of a Otto engine and be ignited 
there, as in the case of the experimental buggy. In the sectional drawing can be seen a 
filler by means of which, according to the consumption, water is refilled. The round 
resonant cavity not necessarily has to be spherical. Stanley Meyer more frequently differs 
from the ideal form and works with a cylindrical symmetry (fig. 17.8), with which 
obviously in spite of that the goal can be obtained, if perhaps not quite so good. To this 
compromise the explanations of fig. 15.8 C apply. 

If we, to conclude, cast our eyes over the wiring diagram which Stanley Meyer discloses 
in his patent specification (fig. 17.7 and 17.8)~”. In the centre is a transformer, which 
should produce an if possible high tension voltage. A rectifying diode, which takes care 
that only positive tension voltage pulses serve the excitation, is switched in series with the 
reaction capacitor, which is filled with water, a fixed and a variable inductance. In that 
way the positive pole is always situated in the centre of the reaction chamber. If both 
connections would be exchanged or the diode be turned over, then the neutrinos 


presumably would materialize in positrons and not in the wanted electrons. 
But if one leaves out the diode entirely and one has a tension voltage changing both in 
positive and in negative direction, then maybe electrons and positrons are equally 
generated, which annihilate each other under emission of gamma quanta. Doing so no gas 
is formed, but at most light, as long as the effect of collecting neutrinos isn't lost also. The 


concept should be worth to be examined more detailed already of pure scientific interest. 
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A: The high-tension transformer: 
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B: The driving: 





Fig. 17.8: | High-tension transformer and driving of the 
cylindrical water-cell<i> 


<i>: Stanley A. Meyer: Process and Apparatus for the Production of Fuel Gas and 
the Enhanced Release of Thermal Energy from such Gas, 15.06.89, US-Pat. 
207,730; International Publ. WO 89/12704; Int.Appl. PCT/US89/02622 
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17.8 Materialization of neutrinos 


In the centre of attention of the water-fuel-cell of Stanley Meyer is on the one hand the 
unipolar arrangement (according to fig. 15.5 B or C) to collect the neutrinos and on the 
other hand the water for slowing down and materializing. Over and above that a lot was 
tinkered and tried, as can be inferred from the patent specifications (fig. 17.8). That starts 
at the. coiling technique of the transformer and concerns the experiments with laser 
stimulation as well as the top part, which according to the inventor should extract the 
electrons (Electron Extractor Grid). The measures may bring an improvement, but are 
insignificant for our considerations. 

At this place it primarily concerns the question of the materialization of neutrinos. But if 
such a materialization has to be made complete, if water molecules must be splitted, 
depends on how long the process lasts. If everything goes very fast, then perhaps it is 
sufficient that a neutrino for a short time is showing as an electron, before it again 
oscillates back. In this short time the splitting process already could have taken place. The 
used neutrinos for that had to be very low-frequent and very slow. They after that could 
again leave the reaction chamber and fly on as neutrino. 

Possibly the fishes, which live in stagnant waters or in the deep sea, owe the slow 
neutrinos the content of oxygen in the water. Because here no bundling up takes place, the 
splitting of water takes place rather by chance. The volatile hydrogen atoms escape very 
swiftly, whereas the big oxygen atoms are left behind in the water. 

Now we still don't know how charge carriers can be won. At the RQM unit resonant 
oscillations of size had been measured and that can be judged as an important clue. If 
namely a space quantum is slowed down then it becomes bigger. The inverse case we 
already had made us clear: If a particle is correspondingly fast then it is sufficient length 
contracted to fit through the tunnel (fig. 6.14). 

To slow down neutrinos according to that the target area should carry out an oscillation of 
size with opposite phase. Organic material and biological systems are excellently suited 
for that. Every contraction of a muscle brings that to mind. Inorganic matter and our 
technology however normally don't know this phenomenon. Technical energy converters 
simply are built up fundamentally else than biological muscle machines. 
In historical sources at certain places is pointed to the fact that priests had experimented 
with quartzes and miraculous phenomena were observed. Of course the question is asked, 
if such experiments today still can be reproduced. Because the density of the earth slowly 
increases due to the growth in volume, also the wavelength of these oscillation quartzes is 
changed. The same neutrino radiation therefore today can't be active anymore. It thus 
would be completely inappropriate wanting to reject a historical source only because a 
described effect today doesn't want to function anymore. 

Magnetostrictive or electrostrictive material could be a solution. For instance a 
piezocrystal, which contracts under the influence of an outside field. As an ultrasound 
converter an applied alternating voltage leads to the emission of a sound wave. If we 
reverse the function, then a received longitudinal wave should lead to an electric tension 
voltage and then at last the materialized charge carriers could be taken off,! 
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Fig. 17.9: The course of the field in the case of a glow-discharge” 
(The numeric values indicate the active field 
as they can be read from the representation). 





<i>: K. Kupfmuller: Einfuhrung in die theoretische Elektrotechnik, 
Springer-Verlag (1988), S. 197 
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17.9 Oscillation of size and luminescence 


There exist substances, which at high temperatures start to glow. In the sense of the theory 
of objectivity presented in the first part of the book in the case of temperature it actually 
concerns an oscillation of size of the involved elementary particles (fig. 8.3). If this 
oscillation of size lies in the visible frequency range, then we can directly perceive it and it 
can be used for instance in a light bulb for the purpose of lighting. 

In the case of an arc. fluorescent tubes or glow-discharge lamps light is formed as well 
even without a thermal effect. These glowing phenomena are called luminescence. They 
can be caused by chemical processes, by friction, by crystallization or by electric fields. 
As can be shown speedily, in these cases it also concerns an oscillation of size. 


If we for that consider the model on the left (fig. 17.9). Between two electrodes there is a 
non-conducting gas, e.g. air. If now a tension voltage is applied then, under the influence 
of the electric field, some gas atoms are splitted into positively charged ions and negative 
electrons (case A) and pulled apart (case B). This process of enlargement of the glow- 
discharge fast as lightning comes close to that of the thermal oscillation of size and 
obviously in the same way is perceived as light. 

The ionised gas parts are attracted by the unlike poled electrodes and move towards these 
(case C, D). Whoever takes the effort to count the number of the field lines, will find out 
that between both electrodes the electric field drops, whereas it at the same time increases 
at the electrodes. The first thing causes that the process of ionisation is stabilized by itself 
and a state of equilibrium will result; the resulting current takes a constant value. 

The increase of the tension voltage at the electrodes on their behalf causes that an arc 
remains standing or the glow-discharge lamp glows on, even if the feeding voltage is 
reduced. For this reason a fluorescent lamp needs a starter, since the network voltage is 
too small to start the effect of luminescence. 


We indeed know, that the gain of light of a fluorescent lamp is at least three times better 

than that ofa light bulb. As a rule a degree of effectiveness in spite of that can't be given, 

since it merely concerns a comparison measurement in the case of the measurement of the 
lighting intensity with a luxmeter. It hence can't be excluded, that we already are dealing 

with an over-unity effect in individual cases and neutrinos are involved in the effect of 
glowing. 

A necessary oscillation of size would be present, as the perceivable noises of open spark 
gaps prove. Also in the case of lightning the thunder occurs as a consequence of a 
longitudinal oscillation of size and at the same time a glowing phenomenon occurs as a 
consequence of materialized neutrinos (fig. 14.11). It almost is obtruding a scientist that 

here the same principles are at work. 


One however hardly can prove that neutrinos are involved in the luminescence, because 
the configuration is symmetrical with regard to the resonance of neutrinos and just as 
much particles materialize as anti-particles, which afterwards again annihilate completely 
as an impulse of light. They hence can't be measured directly. It gets interesting if an 
asymmetrical arrangement with unipolar character is chosen. 
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Fig. 17.10: Tesla with a wireless light bulb 


<i: 


Phosphorescence and sonoluminescence 





<i> 


A Sarony-Portrait from 1894, Tesla-Museum, Belgrad 


<i>: R. Hiller, K. Weninger, S. J. Puttermann, B. P. Barber: Effect of Noble Gas 
Doping in Single-Bubble Sonoluminescence, University of California, Los 
Angeles, USA, Science, Vol. 266, 14.10.1994, P. 248-250 

and: D. Lohse: Wenn sich der Schall in Licht verwandelt, Mechanismus liegt noch 
im dunkeln; (University of Twente, NL) Mitteilungen der DFG 4/98, S. 19-21 
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17.10 Phosphorescence and sonoluminescence 


Let us first look at the observable after-glowing at fluorescent lamps or at a screen, the 
phosphorescence. It presupposes a storing effect, and that in accordance with prevailing 
textbook opinion can be traced back to the excited state of some atoms. Doing so electrons 

in the atomic hull change from one level of resonance, an instable state of energy, to 

another orbit, which represents the ground state. Doing so the difference in energy is 

emitted in the form of light. The process obviously not only takes place as luminescence 

during the switching on of the excitation voltage, but also as phosphorescence after the 
switchng off. 

An enveloping electron now doesn't fly as a tiny planet around the nucleus, but occupies 

the entire orbit as an inflated spherical vortex (fig. 5.5). Seen from the outside it is a matter 

vortex. It however sees the enveloping electrons on the further on the outside lying orbit 

from the inside and there they are showing as anti-matter vortices. As long as the distance 

of respect is kept, nothing happens. If however an inner spherical vortex presses to the 

outside or the outside one to the inside, then the incompatibility of the vortices takes effect 

and both annihilate under emission of a photon. In this respect the explanations of the 

vortex model are very helpful. 

But now, after this flash of light, two electrons are missing in the atomic hull. The 
positively charged atomic nucleus never would allow this loss. Replacement has to be 
fetched and that actually only can stem from the neutrino field. Therefore the enveloping 
electron doesn't change the orbit immediately, but instead has to wait, until a suitable 
neutrino passes by, with help of which the game of changing places can be executed. This 
explains the time delay and gives reasons for the observable after-glowing. 


The form of the unipolarly charged sphere (according to fig. 15.8 B) forms almost ideal 
prerequisites for an interaction with neutrinos and the step-like change of size from one 
orbit to the next ideal prerequisites for their materialization. The longitudinal wave 
connected with the change of orbit without doubt can be called a high-frequency sound 
wave. It however can't be detected because of missing gauges for such high frequencies. 

But if we take the frequency down into the range of the ultrasound, which can be handled 
technically, then effects arise which brilliantly prove this interpretation and _ the 
participation of neutrinos in the luminescence. 


The not understood phenomenon is called sonoluminescence and at present is researched 
at numerous high schools primarily for academic interest. The structure is conceivably 
simple. One takes a ball of glass filled with water and positions at the edge one 
piezocrystal next to another. Then one with the piezo loudspeakers, operated with the 
same phase, sounds the whole with ultrasound and see there, the water glows 
mysteriously! The sound waves change the pressure. Inferring from the observations, 
during the phase of low pressure small bubbles are formed, which at the following rise of 

pressure collapse and emit a ultrashort flash of light. There thus takes place an oscillation 
of size, which leads to the luminescence phenomenon! 
So far so good; but such a flash of light is much shorter than the collapsing of the gas 

bubble lasts. With less than 50 picoseconds it is faster than the otherwise usual atomic 
transitions of electrons. The whole thing obviously has nothing to do with this kind of 
luminescence. Also the spectrum doesn't fit and finally the over-unity effect lies at one 
trillion, the light energy thus is 10’ times larger than the energy part which is taken up 


<li>) 


from the sound wave by every atom 
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Light bulbs according to plans of Tesla 


Fig. 17.11: 


, Fig 18, P. 70+103 


2 


N. Tesla: Experiments with Alternate Currents of High Potential and High 


Frequency, Lindsay Publications Inc, ISBN 0-917914-39 


<i>: 
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17.11 Discussion concerning the use of the weak interaction 


In the case of the luminescence the conditions lie similar like those for lightning. The 
science of today it is true has some problems of explanation at detail aspects, but again 
and again manages to protect the ivory tower of physics from collapsing, with supporting 
auxiliary explanations. But at the latest in the case of an unipolar arrangement, in the case 
of a ball-lightning or the sonoluminescence, the participation of the neutrinos clearly 
comes to light, the auxiliary concepts prove to be unusable. 


It surely is no accident that the discoverer of the neutrino radiation also was the first, who 

has experimentally investigated the luminescence. The lamps of Tesla (fig. 17.11) all were 
without wear and didn't have filaments like those of Edison. They however had to be 

operated with high tension voltage and relatively high frequency. Both a single-wire and a 
wireless transmission technique were possible (fig. 9.5 and 9.7). In his laboratory Tesla 

only needed to hang a fluorescent lamp without any return cable on a wire, then he had 
light. Famous also are the pictures on which he holds a lamp in his hand, which glows 

entirely without any connection, but only ifhe takes it in his hand! (fig. 17.10). 


If we again turn through the chapter, then it is remarkable that in most cases, from the 
transmutation to the luminescence, neutrinos can be used for reason of their resonant 
interaction which in the proximity can be put equal to the weak interaction. A real 
materialization however poses an enormous difficulty. If namely the translatoric motion of 

the space quanta is slowed down, then the risk exists that for balance the rotation 
increases. But that as well has to be slowed down for a materialization! Only if both 

processes of slowing down take place, the goal can be reached. In that case the described 
cooling down effect occurs. 


For a measurement technical check it therefore offers to record the slowing down of the 
translatoric motion and the collecting of the neutrinos by means of the measurement of the 
radioactive decay of a sample. And to read the materialization as the slowing down of the 
rotation from a measurement of temperature. In addition are helpful proofs about 
oscillations of size, glowing phenomena and deviations in the balance sheet of energy. 
With that it should be able to obtain a system for the exploration of these phenomena with 
the goal of a practical exploitation of the neutrino radiation for the benefit of humanity. 
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Fig. 18.1: Mechanical whirling of water 


<i>: N. Harthun: Naturgemasse Stromungsfuhrung nach Viktor Schauberger 
Analyse einiger seiner Patente und Zitate; MuT Nr. 4, 1980; s.a. Kap. 9.2 
<i>: O.Alexandersson: Lebendes Wasser; W.Ennsthaler Verlag Steyr, 1993, S.156 
<i>: V. Schauberger: Die Entdeckung der Levitationskraft, Implosion 112, S. 39. 
<i4>: Do we owe the taste of bubbling spring water to neutrinos? 
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18. Physical phenomena 


In this chapter it on the one hand concerns indirect effects of the resonant interaction and 
on the other hand effects of gravitation and levitation. 


18.1 Water as a catalytic converter for neutrinos 


Already the Austrian forester Viktor Schauberger has pointed to glowing phenomena at 
whirled water. He first had observed such in nature at torrents and waterfalls in the Alps. 
Later he was capable, to produce and to demonstrate this effect even artificially“"”. One 
could speak of hydroluminescence, where still the question would be left open, how it 
actually functions. 


Already in chapters 4.10 and 4.11 has been talked about the special properties of water. It 
here at first concerned the property of transport of a vortex, which even is capable to bind 

particles in the vortex, which are heavier than the whirling medium itself. Schauberger had 

become famous by letting build floating installations, in which not only tree-trunks, but 
also gravel could be transported down to the valley, without the sides of the channel 

actually having been touched by the rubble. This phenomenon has been examined and 
confirmed on the scientific side”. 

Basing on this principle today different devices for processing water are offered and sold, 

which bind lime, mineral materials and suspended matter in the vortex and in this way 

prevent deposits in the pipes. The methods, to whirl the water, are however very different. 

Some whirl the water mechanical, others magnetically and again others electrically. 

Here the dipole nature of the H,O-molecules has an effect. If I turn a water molecule with 

its electric charge distribution, then from the moving charge a magnetic field results. If 

thus in the pipe a hydrodynamic flow vortex is produced, then an electric and a magnetic 
vortex, the potential vortex and the eddy current, are the result (see fig. 4.2). 
The wanted flow vortices vice versa also can be obtained, by guiding bubbling whirled 

water past permanent magnets, or by feeding in alternating magnetic fields with the help 
of coils, or finally by working with pulsed electric potentials. Each of these systems, 
operated passively or actively, has its specific advantages and disadvantages (fig. 18.1 B 

and C). 


It can be assumed that with the vortices also the water quality is changed. As a rule the 
content of colloids increases, due to which the surface tension falls. In the colloids 
negative ions are bound, for which reason also the electric conductivity decreases. 
Finally the content of oxygen increases and that actually only can come from an 
electrolysis. The neutrinos thereby are suspected ““”. 


As an extreme dielectric medium water favours the formation of potential vortices, which 
immediately after their formation contract swiftly. This oscillation of size of the 
electrically charged potential vortices makes possible actually an interaction with 
neutrinos, and that on the one hand has as a consequence the water splitting and the 
increase of the content of oxygen in the water and on the other hand the above depicted, 
observable glowing phenomenon, the hydroluminescence. 
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<i>: A. Waser: The Puzzling Nature, AWVerlag Luzern 1996, p. 88 
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To complete in fig. 18.1 C the wiring diagram of a simple water processor is shown, 
which works with pulsed electric (b) or magnetic (a) fields. 


If we temporarily again leave the theme water and take along the notion, that it must be 
attributed a great importance in connexion with the interaction and the materialization of 
neutrinos 


18.2 Background and zero point radiation 


Whathappens really, if cold matter or interstellar gas molecules are hit or touched by the 
everywhere present neutrinos? Then it can be expected that oscillations are being 
stimulated and as a result the temperature slightly increases. If we thus at a space flight 

hold a thermometer out of the shuttle window, then we will measure everywhere such a 
remaining temperature of a few degrees Kelvin, which is called cosmic background 
radiation. 

By popular scientific small talkers the background radiation is called remnant of a so- 
called Big Bang. It even is misinterpreted as evidence for the Big Bang. Even if a certain 
value of entertainment can't be denied, the Big Bang from a physical view until now only 
has raised questions and contradictions. 

If we stay at the fact that oscillating neutrinos depending on their radiation density and 
velocity of propagation produce a thermal oscillation, which can be detected as a slightly 
increased lemperature. To measure that we don't need immediately to undertake a space 

flight. We also can install the thermometer in an artificially produced vacuum. In vacuum 
physics out of ignorance of the relations the neutrino radiation then is called zero point 
radiation. 

In the case of the neutrinos it of course concerns an oscillation around a mean value, 
which for a symmetrical form of oscillation has the value zero. The term nevertheless is 
misleading and chosen very unfortunate. After all we don't speak of zero point current in 
the case of alternating current! 

Since every supernova and every black hole emits neutrinos and correspondingly in 
physical experiments until now no preferred direction could be determined for the zero 

point radiation, it is taken as homogeneous and isotropic in space. From the Lorenz 
invariance again is inferred a cubic course of the zero point spectrum, an increase of the 
radiation intensity with the third power of the frequency. With this assumption the 
radiation density of the vacuum however strives with increasing frequency towards 
infinity. Here an error has to be present in the considerations! 

I proceed from the assumption that in the case of the spectrum of the neutrino radiation it 

rather concerns a spectrum of resonance, the maximum value of which lies above the 
frequency range measurable with devices of today. It of course would be very important to 

find out, where the radiation maximum lies, but without being able to measure it that lies 
unfortunately in the range of pure speculations (fig. 18.2). 

Half the wave length in any case should be tuned to the length of the antennas of the 

energy centres of the cells, the mitochondria and the chloroplasts which are capable of 
photosynthesis. In both cases the head diameter of the ATPhases amounts to approx. 5 
nanometer. It would be obvious, if the resonance point would lie here. But it could as well 

lie at still smaller wave lengths in the domain of molecular dimensions. 
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18.3 The Casimir effect 


If this zero point radiation actually would be the cause of the Casimir effect, which is 
generally assumed today, then neutrinos would have to be involved, if the zero point 
raditation would be to put equal to the neutrino radiation. The effect even is quoted as 
evidence, but I have my doubts. 


The experiment is relatively simple and functions also in a vacuum. Two absolutely plane 
and smooth polished metal plates are placed very close to each other. Doing so the 
distance should only amount to one thousandth till one millionth of a millimetre. If the 
force, with which both plates are attracting mutually, is measured then it exceeds by far 

the gravitational force. We are dealing with an unknown force, neither electric nor 
magnetic. 

Because the force of attraction still arises near the absolute zero of temperature, some 
make the zero point radiation responsible. In our translation that would be tantamount to 

the neutrinos exerting a pressure from the outside on the metal plates, if need be with their 
small rest mass, as far as this should not be based on an offset-error of the detecting 
devices. For that the plates would have to damp the neutrino radiation effectively and by 
mutual shielding reduce the radiation pressure from the split. The question is asked, if the 
from the outside hitting bombardment of quanta, as it is called, actually can exert a 
pressure which would be compatible with the nature of the neutrino radiation. 


If we now try an entirely other interpretation, which does without the postulating and 
designing of new force effects. Now the from the unified theory won interactions 
according to table 15.1 form the basis. In the Casimir effect, as said, neither magnetic nor 

electric forces are involved, so that open field lines and the corresponding force effects (1 

till 4) are ruled out. It has to be the work of closed field lines and that in the static case we 

know as gravitation (5). Now the mass of the metal plates is too small, as that an 
acceptable force of attraction of masses could result. 

The measurable force is much larger, even if it according to its nature could be a gravita- 
tional force. Here oscillations, as they actually take place in the hull of the metal atoms, 
seem to play a role. If between the oscillations of the two plates standing opposite occurs 
resonance, then a levitation is possible (6), which describes an oscillating interaction, 

produced by closed magnetic field lines”. 

At extremely low-frequency signals this interaction is known as gravitational wave and 
object extravagant and costly physical experiments. 





<i>: The question, which interpretation is correct and which one should be 
rejected, could be verified as follows: at first the force between two plates of a 
certain metal and afterwards that of another metal has to be measured. If in 
a third experiment a plate from the first and one from the second experiment 
are brought together and the force effect goes back measurably, then the 
quantum physical interpretation would be wrong clearly. With that would 
have been shown that here resonance effects are used, which presuppose an 
identical metal lattice structure of both plates. 

If the force effect however doesn't go back, then both statements are possible, 
then one has to think up another experiment. 
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Fig. 18.4: The flying disc of Searl on a german title page.” 


<i>: Special 7, Raum 8s Zeit Dokumentation aus dem EHLERS Verlag 
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18.4 Effects under high tension 


It crackles in the laboratory of high-tension. The air smells electrically charged. Only in a 

corner someone sits and waits with much perseverance and patience, until something 
happens. Then he lets thunder down lightnings of several millions of Volts on a small 

sample. It flashes and crashes and still nothing happens. 

No, it doesn't concern Tesla! Tesla has worked purposeful. In addition has Tesla only 
called himself inventor. But the man in the corner feels himself a discoverer and as it is 
proper for a discoverer, he has immediately named the effect after himself. As a real 
American he lets market himself and his discovery by the media and a video tape. 

Doing so he obviously doesn't know at all, what he wants to have discovered, of what this 
Hutchison effect actually consists. It perhaps is an event of pure chance, for which he 
sometimes has to wait hours. If it very suddenly would occur, then it is a real potpourri of 
all already discussed effects: metal spoons are bending (fig. 14.13), massif steel rods are 
breaking, light effects are being observed (chapter 17.9 PP), water starts to dance and to 
cook (chapter 18.1), without getting hot and finally do some samples take off and fly 
crosswise through the room. He then speaks of anti-gravitation. 

In the video tape can be seen, how he brings about a physical length contraction as a result 

of a locally produced field concentration with two as an interferometer configured Tesla 
coils. In a bottle for instance the air volume is changed. This confirms the correctness of 

the here presented theory of objectivity (chapter 6.6 PP). 

In any case no-one is amazed more about the results of chance than John Hutchison 
himself. Overwhelmed by the magic, the charm of the effects and the feeling to be able to 
move freely outside the trodden out ways of physics, he still sits in his corner with the 
video camera and waits, until finally something happens again. 


There is worked with tension voltages, which are considerably higher than 511 kV, the 
calculated tension voltage of their own of the charge carriers (fig. 7.1). One thus by no 
means has to be amazed, if under the influence of several millions of Volt electrons are 
taken apart and metallic objects are breaking or bending. 

The extreme tension voltage and field change we owe an oscillation of length and of size, 
which spontaneously can lead to an interaction with neutrinos. Materialized neutrinos 
again are responsible for glowing phenomena and for the electrolysis of water, which 
under the impression of the rising gas bubbles seems to dance and to cook. For my readers 
and participants of the energy technical seminar therefore models of explanation are 
available. 


One effect we still haven't discussed and analysed more in detail: the antigravitation resp. 
the levitation. As long as no reproducible field conditions are present and the chunks are 
accelerated in any arbitrary direction, it will be difficult to understand the physical course 
of a levitation. 

In chapter 9.3 we already had become acquainted with and discussed a levitation device 
with the flying disc of John Searl. for which the field conditions are comprehensible. This 


<> 


time we should have a somewhat closer look at the flying device (fig. 18.4)”. 





<i>: Some reports can be found in Special 7 ,,Freie Energie", Raum & Zeit Doku- 
mentation aus dem EHLERS Verlag, Seite: 141 bis 157 und 174 bis 185 
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<P: H.Schneider, H.Watt: Dem Searl-Effekt auf der Spur, Special 7, Raum & Zeit 
Dokumentation aus dem EHLERS Verlag, Sauerlach, 1. Aufl. (1994), S. 183 


Physical phenomena 381 


18.5 Flying discs 


The Searl-disc can be calculated relatively good with the Faraday equation concerning 
unipolar induction. To estimate the order of magnitude, we just suppose the roller magnets 
produce an induction of one Tesla and the radius is one meter, then between the centre of 

the flying disc and its edge 511 kV is applied, if the revolutions per minute has reached 

the value of 80000 revolutions per second. As soon as the revolutions per minute is 

reached, the neutrino conversion can start. 

The at the edge of the disc arising corona, which consists of individual electrostatic 
discharge flashes, takes care for the necessary dU/dt, by every blow and every spark is 
drawing the potential for a short time towards ground. The tension voltage jumps in swift 

order between values of above 511 kV and zero Volt to and fro. In connection with the 
already discussed unipolar field configuration neutrinos are being collected in this way. 


A technological challenge represents the layered construction of the roller magnets and the 
rings, which have to withstand extreme centrifugal forces (fig. 18.5). Friction however is 
not a theme, since on the one hand the air inside the disc ionises and a vacuum is formed 
and on the other hand the air split between rollers and discs increases by the field 
dependent contraction of the metal parts. 


Actually one in this case by no means can speak of antigravitation, because the gravitation 
isn't really vanishing. The disc even in flight still is heavy tons. Here merely a resonant 
interaction is built up which is larger than the gravitational pull of the earth. The disc is 
attracted by the cosmic source of neutrinos, with which it has built up the resonance. 

Exactly there it will fly! 


The by Searl designed controlling” in my opinion actually can't have functioned satis- 
factorily. He uses emission plates, as he calls them, which alternatively are switched on by 
means of switches and are able to form electrostatic forces with some air charge carriers. 
In reality the drive probably is comparable to that of a sailing ship, for which the wind 
always blows from one direction. The ship isn't pushed by the wind, as one erroneously 
could think, but rather by the under pressure behind the sail pulled forward. Without 
steering facility the object always is driven in direction of the drain. The sailor would say, 

the ship without helmsman drifts towards lee. 

Searl in this way has lost all flying discs which were started. By using solar neutrinos they 
presumably have fallen into the sun and burnt. The controlling should function analogous 
to a sail, then one would stand a chance, by "traversing" against the "wind", to sometime 

again come back to the starting-point. 





<i>: H. Schneider, H. Watt: Dem Searl-Effekt auf der Spur, Special 7, Raum & 
Zeit Dokumentation aus dem EHLERS Verlag, 1. Aufl., Seite: 183 
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Fig. 18.6: The remote controlled flying discs of John Searl. 


<i>: Special 7, Raum & Zeit Dokumentation aus dem EHLERS Verlag, S. 152 
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18.6 Propulsion with neutrinos 


In search for an ideal propulsion system for spacecrafts the flying discs of John Sear! still 

have demonstrated a further possibility. After the start occasionally were left strange 

particles on the ground, which hadn't be there before. The flying device obviously had 
materialized them and dropped them at the start. 

With this materialization of neutrinos the chance is showing of a very efficiently working 

recoil propulsion. If namely the neutrinos are converted into matter then they by that gain 

back their rest mass. If this takes place in flight then the materialized particles also bring 

along kinetic energy. It then works as ajet engine for which the direction of the jet can be 
directed and in that way the vehicle can be controlled comfortable. 

In the case of the Searl-disc the materialization of neutrinos rather happens as a not 
understood side effect. In the case of a systematic use however the principle will show a 
characteristic property. Instead of a vapour trail a beam of light will shine out of the 

flying object in the direction of the emitted particles, but it will break off abruptly after a 

cartain distance. 

To blame is the part, which has become anti-matter, which it is true as well contributes to 
the recoil, but simultaneously annihilates with incompatible particles of matter under 
emission of particles of light. If in some distance all antiparticles are used up then also the 
beam of light comes to an end. 

It here concerns necessary properties of a corresponding propulsion technology for 
spacecrafts, which don't have to drag their propelling energy along with them. Our space 
technicians finally could handle another than the "hammer throwing method", in which 

case the "hammer" by means of terrible fuel consumption after a phase of acceleration 

only staggers uncontrollable through space under the influence of its inertia. 

With a neutrino propulsion on the other hand one at any time can accelerate or brake. It 

will strongly influence the field around itself, so that can be reckoned that for every 
acceleration a field dependent change of size should be perceptible by an outside observer. 

If therefore a corresponding flying device is accelerating then it will suddenly become 
smaller and that then looks so as if it would have moved away with a jump without 
temporal delay, but that isn't the case at all. 

The jerky movements only would be a result of the perception with our eyes by means of 

the propagation of the light. Since the passengers are exposed to the same field, they 
change their body size along with that of the vehicle. They actually notice nothing of an 
apparently infinite acceleration, which only observers on the outside would observe and 

which indeed no living being could stand. 

Nowhere the explanation crisis is larger than in space travel! The theory of objectivity 
represents a real help, because it perhaps as the only one puts us in a position to conceive 

and understand not understood observations as necessary technological consequences. 

Only by uncovering parascientific as purely physical phenomena man of today will be 

able to free himself from the constraints of magic and his own illusions. 

Is the until now discussed cases resonant or other force effects are being used, whereas the 
gravitation remains unchanged. Closed field lines after all cannot be influenced, normally 
at least. Perhaps an indirect possibility exists to have an effect on the gravitation? 


384 Antigravitation or levitation 


A. Test facility<according to i> 








ring of superconductive 
ceramics (yttrium-barium- 
copper-oxide) 
turns per min.: 
5000 min-!. 


6.35 kg weight, 
which become 
almost 2% lighter 


Cooled by liquid 
nitrogen 
diameter 

altogether 
ca. 12 cm 


excitation coils, : three coils as magnet bearing, 
(to magnetize (to carry rotating ring) 


the ring) Nears es a am 








to check the shielding 
properties of super- 
> conductive ceramics 
YBazCu307-x 


electronic 
balance 


superconductive dise 


B. The measurement 
setup<2ccording to ii> 








2 rotary field magnets 
excitation magnet 


liquid nitrogen 
resp. liquid helium 





BEES ee 
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<i>: Schneider: Anti-Gravitation im Labor nachgewiesen?, NET-Journal Januar 
1997, S. 14,15; s.a. Internet: http://www.keelynet.com/gravity/fingrav.htm 
<i>: E. Podkletnov, R. Nieminen: A possibility of gravitational force shielding by 
bulk YBa,Cu;07-x Superconductor, Physika C 203 (1992), P. 441-444 

<i>: Force field Implications of Anti-Gravity, The Journal of Ideas, Art.191, 7.9.95 
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18.7 Antigravitation or levitation 


The night already had fallen over Finland, but at the University of Tampere the light still 
was on. Then a scientist put his beardy head through laboratory door and with a "hello 
folks" blew the smoke of his pipe over the cryostat for the examination of superconductive 
materials. The scientists were speechless, because the smoke seemed to hit an invisible 
wall and was drawn upwards in direction ceiling almost at a right angle. 

After having aroused the curiosity, Dr. Eugene Podkletnov also has held other materials 
above his rotating disc and had to discover that these as well lose weight, and that he 
actually influences the gravitation with his experiment. Even the air pressure at the 
corresponding place in a lying above floor was smaller™”. 

With a superconductive disc of 30 cm diameter cooled by liquid nitrogen a reduction of 
gravity for 2% to 4% can be obtained, if the disc rotates with more than 5000 revolutions 
per minute. With the revolutions per minute also the effect increases, but it is independent 
from the excitating field”. Finally the fields of the superconductive currents in the ring 
remain existing unchanged even after switching off the excitation and it only depends on 
these fields. 


The shielding effect of the arrangement on electromagnetic fields already had been known 
before and should be examined closer in the laboratory. One only was surprised that the 
gravitation could be shielded as well, that obviously both interactions are related. 
According to the prediction of the theory of objectivity the closed magnetic field lines 
gravitate and the field components directed towards the centre of the earth cause the 
measurable force of weight. By the very strong superconductive fields obviously field 
overlaps and possibly a local driving out of field occurs, like one has long known for eddy 
currents (Meissner effect). 

With that the earth gravitational field of course is not cancelled, but merely spatially 
moved, or it partly has changed its direction. If only a small part of field pointers turns out 
of their orientation towards the centre of the earth, then at that point the force of weight is 
reduced to a corresponding extent. The theory of objectivity requires that! 


By the way reports exist, according to which even without rotation a weight reduction can 
occur for superconductive rings, and others, where is worked even entirely without super- 
conduction. As core material for the ring ferrite or a strong permanent magnet is used. In 
that case depends on the circumstance that the ring-like coil is operated in self-resonance 
and always in the right moment again is excited anew by induction. The ring core then 
stores the fields up over time, exactly as the superconductor. 

Stricktly speaking it are the atomic nuclei and in the end all elementary particles, which 
are aligning in the high field. Dr. Ning Li wants to artificially produce gravity, by 
directly influencing the quanta. With that she comes the phenomenon very close~"”. The 
possibilities of this effect nevertheless are very limited, since two percent more or less are 
not exactly much, and the dream of the complete cancelling of gravity or even inertia 
possibly stays just a dream. It stricktly speaking just concerns influencing the gravitation 
and not antigravitation! 
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Table 18.8 A: The interactions of closed field lines.~ 
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<i>: according to fig. 15.5, cases 5 to 8 
<ii>: O.Alexandersson: Lebendes Wasser; W.Ennsthaler Verlag Steyr, 1993, S.103 


Physical phenomena 387 





18.8 Discussion concerning the effect of closed field lines 


If we now direct our eyes exclusively to the lower half of fig. 15.5, in which the conse- 
quences of closed field lines are listed. Without the possibility of a direct focussing like 

for open field lines, the caused force effects turn out extremely small. With that they are 

less suitable for an use of free energy. The considerations in that context rather aim at 
technologies to reduce weight, like they would be worth striving for for flying devices. 

If we allege that here in the same way the force effects of magnetic H-fields exceed those 

of electric E-fields for three to four powers of ten. Then it will hardly play a role for the 

force of weight of a body with or without additional electric charge, if its E-field lines are 

closed as well or are open. The increase in weight of an uncharged body only will have an 

effect in the third till fourth place after the decimal point. Seen so in the case of the 
gravitation it primarily concerns an effect of the magnetic field, more strictly speaking the 

effect of closed magnetic field lines (chapter 6.9). 

If one succeeds in influencing these magnetic fields for instance by the influence of 
extremely strong fields of a superconductor, then also the gravitation will change, as has 
been shown (chapter 18.7). Let's imagine, in the case of a systematic procedure we would 
succeed in a perfect influencing, for which no component of the H-field lines points into 

the direction of the centre of the earth anymore, then an uncharged body would only have 

one tenthousandth of its original weight, whereas a charged body actually would weigh 
nothing anymore. This state of the weightlessness supposes that all E-field pointers point 

into the direction of the centre of the earth or diametrically in the opposite direction, since 

E- and H-field are standing perpendicular to each other. Unfortunately such a field 
distribution technically hardly can be realized and so the ,,flying carpet" furthermore 
remains reserved to the fairytales. 

An effective reduction of weight of planes and other flying objects however seems by all 

means feasible, and so slowly the number of research facilities increases, which more or 

less officialy have a critical look at the cancelling of gravity and the levitation. The 
theories on which they are basing, however often sound very bizarre and moreover are 
completely unphysical. Maybe a look at the distribution of field lines, as proposed here, 

helps to get further. 


In the case of the levitation, which occurs strictly speaking only in the case of oscillation 

for closed field lines, resonance again plays the crucial role for the coming about of the 
interaction. In connection with neutrinos the resonance can serve less the collecting; we 
rather need it for the materializing, for the production of mass, charge and energy. 

For the artificial production of a levitation either a mechanical oscillation in the atomic or 
molecular domain is needed, like for instance is produced by a rotating water molecule, or 
a resonant oscillation of size takes place by use of electrostrictive or magnetostrictive 
materials, like piezocrystals or oscillating quartzes. 

In this context surely is of great importance that also the temperature could be identified as 
a particle immanent oscillation of size (chapter 8.3). That's why besides a cold materiali- 
zation or cold fusion also exists, at least theoretically, the possibility of a hot materiali- 
zatin or hot fusion. 
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Fig. 18.9: The increasing number of free energy inventors. 


<i: only the inventors mentioned in the text are entered. Literature for that: 
A. Schneider: Energien aus dem Kosmos, Jupiter-Verlag (1994), S. 77 
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18.9 Concerning the determination of the stand of today's energy technique 


An analogy to the production of matter forms the production of light. At high temperatures 
as is well-known is formed thermal light and at low temperatures cold light, the discussed 
luminescence. An oscillation of size of the light source in all cases of the formation of 
light is the cause, be it as an electromagnetic wave or as photon vortex, be it in whirled 
water or as sonoluminescence. We at last see ourselves put in a position to understand the 
various light phenomena as something which is related. 

The call for new energy carriers and an ecologically compatible energy technology can't 

be ignored anymore. The number of inventors at present increases fast (fig. 18.9). It is 
legitimate and worth recommending, to observe for this purpose first of all nature, how it 
solves its energy problem. Doing so we should realize that in contrast to the technology of 
today no combustion and no explosion takes place, but rather principles of a cold fusion 
and of an implosion as a result of contracting potential vortices are being used. Actually 
nature may point the way out of the energy technical dead end. We only have to accept the 
offer, be open and show being ready, to invest in the development of methods in 
accordance with nature. 

Directed at the address of the distributors of supporting funds for energy research the 
claim in plain English reads: to grant no money anymore for ecologically harmful 
concepts, like nuclear fission or for not understood and not realizable developments like 
hot fusion. to immediately stop the fruitless works and to provide the money for an 
ecologically compatible energy research. 

Immense saving potentials moreover are found in all domains of physics, where instead of 
costly experiments just as well the things could be calculated with an usable theory. To 
check the theory then only few experiments would be necessary. After all all important 
discoveries have come about in this manner. Nobody should think, he had understood a 
matter, once he has filled himself up with sufficiently much measurement data. 

The root of the evil les already in the education, where students of physics want to 
understand everything and therefore are trying hard to grasp with their view and hands for 
everything. Abstract thinking or mathematical derivations however are too uncomfortable 
for most; they have the erroneous opinion, understanding (German: begreifen) would have 
to do more with grasping (German: greifen), and for that the head after all can't be used. 

One reason for this development can be seen in the relativistic point of view of Albert 
Einstein, who proceeds from the assumption of a subjective observability and has raised 
the relativity between a physical principle and the observation to the basis of physical 
thinking. The arrogant motto prevails: what I can't observe with my sense organs or 
register with corresponding gauges also isn't physics, but esoterics or parascience. 

But if we want an ecologically compatible technology, then this can't be reached with this 
point of view. Then we only hinder ourselves with our own arrogance and intolerance. We 
have to leave the erroneous quantum physical way and again learn to think abstractly by 
taking up tried and tested principles of classical physics. An objective point of view forces 
us to register the phenomena, which lie outside the observable range, with mathematical 
MEANS (see chapter 13). Only if we have learned that, we will understand and realize the 
true relations in physics! 


390 Concerning the rating of experimental physics 





Fig. 19.1: A self-built charge amplifier. 
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19. Own experiments 


The opposite of the theoretical considerations form practical experiments. If we want to 
register and understand physical and natural scientific phenomena, then we shouldn't 
entirely forget the aspect of handicraft. Doing so it can't be avoided that it goes on very 
personally, if about the laboratory work is being reported, not even then, if the 
experimenter is at pains to exclude every influencing of the carrying out of the experiment 
and the result. After all does anyone have to execute the experiments himself, since a good 
sceptic anyhow only believes, what he has observed with his own eyes. 


19.1 Concerning the rating of experimental physics 


There already have been scientists, who have requested to reject a measuring technical 
determined result for the case that textbook physics doesn't produce it. This attitude even 
today still is taken by an uncounted community of believers of science, entirely after the 
motto: "Nature kindly has to fit in with the dogmas of theoretical physics!" 


This wrong thinking is reflected in the scientific journals, which reject to print 
discussions. Controlled by a tester board, which only has the task to prevent dissenters 
from the publication of their ideas, they are the sad proof, how widespread this erroneous 
attitude today is in the university scene. 


Actually solely the scientific experiment shows us the physical reality! The theoretical 
models, like the here presented vortex model merely should help to understand nature and 
its laws. The representatives of theoretical physics are in the role of a helper and that 
requires modesty and openness. 


For the case that a professor of theoretical physics imposes a pledge of secrecy on an 
experimenting colleague, if this one wants to report publicly about his amazing tunnelling 
experiments, then the public nevertheless should have the right to find out, if a tunnelling 
experiment reveals speeds faster than light, even if it doesn't suit the theorist and he in 
inappropriate arrogance only should consider the experimental physicist as his assistant. 


If universities only are occupied with preservation of property and the industry only with 
the increase of its productivity, if future research consists of hiding public research funds 
internally in such a way that nobody realizes the fraud of support and in reality nobody 
thinks of the future anymore or wants to work for it, then we will be able to observe how 
discoveries and inventions migrate from the industry and the universities with their 
controlled central organs and increasingly will take place again in garage, cellar, solitary 
study room or in privately organized circles. 
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Fig. 19.2: Wiring diagram of the self-built charge amplifier 
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19.2 The charge amplifier from the workshop of handicrafts 


Is connection with my vortex theory in this book time and again clues to experiments can 
be found. I am aware of their importance and I always, to verify my theoretical working 
out, have accompanied it with practical experiments. Doing so not the proof, which can be 
published and reproduced by anyone at any time, stood in the foreground. With the 
experiments in my workshop of handicrafts I only wanted to check for myself, if my 
derivations still can be verified. 


Consequently was at first done without a publication in the first and second edition of the 

second part concerning the "electromagnetic environmental compatibility". For the 

addition of the here presented chapter about own experiments from the third edition there 

are several reasons: first; I have been asked for it by several readers, second; from every 
experiment is coming a piece of physical reality to meet one and third are here latent some 

useful ideas and approaches which get us somewhere. 

Of course can't be read much from a handicrafts self experiment, but perhaps one or 
another reader, who has better laboratory technical possibilities at his disposal than me, is 
stimulated to carry out own experiments. 


To chase after the potential vortices in the air, I 1989 at first have built together a charge 
amplifier. I connected differently formed antennas at the particularly high-ohmic 
difference input. Corresponding the in nature arising static electric field a tension voltage 
should arise between both antennas, which my gauge should amplify and indicate on a 
moving-coil instrument. 

To be able to register local changes, a measurement cycle is gone through, which periodi- 
cally is repeated: It starts with the measurement time, during which entirely by itself 
between both antenna a charge is building up. The value afterwards is stored analogue in a 
Sample-And-Hold link and displayed by means of a moving-coil instrument. Then the 
input clamps are short-circuited, the antennas again discharged and the game starts from 
the beginning. 


Measurement time, zero and amplification can be adjusted at the device (fig. 19.1). 
Whoever has fun to rebuild it, finds the by me realized wiring diagram in fig. 19.2. 


It is true I did realize other designs, but technically the here shown design proved to be the 
most useful solution. 
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Fig. 19.3: The bath tub drain vortex; 
shown is a tidal vortex near St. Malo.” 


<i>: Photograph from the magazine ,,Life" of 4.7.1969, resp. from: 
H. J. Lugt: Wirbelstromung in Natur und Technik, Seite 371 
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19.3 Interpretation of the observations with the charge amplifier 


The practical use of the device at first proved to be extremely difficult, because the pointer 
seemed to perform a wild dance. At a more close look I however could make exactly those 
observations, which I had sought-for as proof for the existence of potential vortices. 


First I did find confirmed the known high field strength. We after all live between the 
ionosphere and earth's surface right in the middle of the dielectric of a "spherical capaci- 
tor". Because the values of the electric field reach very much closer to the maximum 
value, which is lethal for living beings, than the value of earth's magnetism, I did draw 
from that the conclusion that biological effects primarily can be expected from the E-field. 


If the E-field, as Maxwell's field theory specifies, actually would be irrotational, then we 
would be dealing with a gradient field. My device would have to display everywhere to a 
large extent the same value. But that was not the case. 


Maybe the building is responsible for the chaotic display and the wild swings of the 
pointer, so I thought. Doing so I had thought of the auxiliary explanations of the high- 
frequency engineer about so-called reflections in closed rooms. Therefore I stormed with 
the gauge, which had gone wild, into the open air and walked different ways, which 
should have been reflection free, but the picture stayed the same. In any case the E-field is 
not a gradient field. I had to find out. 


Following I could, what required much patience, find certain places, at which for the same 
movement from the same direction could be seen a reproducibility of the swing of the 
pointer, it even could be arbitrarily often repeated. 1 marked the point exactly. Then I tried 
to move the device from another direction towards the marking and had to find out that the 
point had moved away. 


If I sit in the bath tub in the evening and pull the plug, then I each time am enthusiastic 
about how sensitive the drain vortex reacts, how I can send it from one corner into the 
other by the snipping of a finger without it falling apart (fig. 19.3). Doing so one easily 
can imagine with a bit of phantasy how difficult, yes, almost impossible it would be to 
measuring technically register the vortex for the case that we could not see it. The gauge it 
is true would display violent wave movements. But a reproducibility we would not be able 
to obtain, exactly as for my self-built charge amplifier. 


Now I knew that the by me at 2.1.1990 at first purely theoretical derived potential vortex 
actually exists as vortex of the electric field! 
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Fig. 19.4: Wiring diagram concerning the Kirlian device.<i> 


<i>: Elektor, Fachzeitschrift fur Elektronik, Mai 1977, S. 22-25: KirlianfotogralV 
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19.4 High-tension experiments in the laboratory for performance electronics 


At first the students of electronics, with which I had to do daily, were infected by my 
discovery. With true enthusiasm they soldered together one circuit after another. In my 
laboratory something like a mood of setting out could be felt. One student brought along 

and old ignition coil of a motor vehicle, then the control circuit for it was built, plexiglas 
organized, an aluminium plate glued under it and the whole box dragged into the 
photographical laboratory”. Three students made a detour along the outside grounds of 

the polytechnic and picked the necessary visual aids of trees and bushes. 

Following the leafs were laid on photographical paper and by means of the self-built high- 
tension generator charged to 20000 Volt. Doing so at all edges and particularly at the tips 
of a leaf corona discharges arise, which expose the photographical paper. We then 
developed the photographs ourselves and discussed the results ””. 


The indication, for a second photograph the whole leaf would appear even if half the leaf 

is torn apart after the first experiment and only one half is put on, occupied us in 
particular. Eventually we didn't put on a leaf at all in the second experiment and found out 
that nevertheless the leaf put on last became apparent on the photograph. Now only one 
physical interpretation was possible: The potential vortices of the leaf stimulated by high- 
tension still were in the plexiglas disc in weakened form! Here they swirl further and 
under high-tension furthermore produce corona discharge impulses. 


Now also the students were convinced of the existence of the potential vortices. 


This experiment stimulated the brain cells of the entire team: If potential vortices under 
high-tension cause electric blows, since the corona discharge is nothing else, then in this 
way the local vortex distribution in space should be measurable? One student immediately 
got down to work and build from the horizontal diversion unit of an old television a high- 
tension generator with an adjustable spark gap. Following he walked with his flashing and 
crashing device all through my laboratory and others walked with him and dragged the 

gauges behind them. But to their big disappointment they were not able to see an influence 
dependent on place. 


Then it suddenly was clear for me: It would have done the students well, if they before 
would have had a bath and observed the drain vortex, "it suffices the famous wing stroke 
of a butterfly", I explained my team, "and instead come up with this infernal machine and 
chase away all the vortices, which we actually want to register ". We had to realize that as 

a rule phase of disillusionment follows the euphoria. 





<i>: Klektor, Fachzeitschrift fur Elektronik, Mai 1977, S. 22-25: Kirlianfotografie; 
fig. 19.4 shows the wiring diagram and fig. 19.5 A the self-built device. 


<ii>: The Kirlian photographs from the darkroom of the polytechnic are shown in 
fig. 3.6. 
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19.5 Measurement of dielectric capacitor losses in the HF laboratory 


My convincing work clearly was shaped more complicated with my professor colleagues. 
Most pretended to understand nothing about it and kept themselves out. 
But there also are exceptions. ,,ssomething like that has never been there at our polytechnic, 
that a colleague puts forward an own field theory ",a physicist colleague remarked after 

my lecture public to the polytechnic" at 3.7.1990 and meant, that must be celebrated. He 
festively let me cast my eyes in his store room, got out a few bottles of wine, which then 
some of my colleagues of physics emptied with me in their official room. Doing so we 

small talked about the sense or nonsense to fix on the education of physics to the Coulomb 

charges. 


The head of the high-frequency laboratory showed likewise impressed. At last he now 
knew, why capacitors at microwave frequencies can become so hot that they solder them- 
selves out of the circuit by themselves and can fall out, why PVC-films can be welded 
with HF, etc. ,,We have to prove that not the dielectric is to blame, as stands in the 
textbooks" he came towards me. 

At least following my idea potential vortices are the ones, as I expressed myself, which are 
behaving dual to the eddy currents. It concerns vortex losses, thus a physical phenomenon. 
Eddy currents now can be damped as is well-known, by for instance sheeting the iron 
circuit for engines and transformers. The insulation between the sheets prevents the 
formation of eddy currents in that direction and the degree of effectiveness increases. 

"I would suggest", I told my colleagues, ,,to "sheet" a capacitor in a dual manner and to 
measure the losses". Because eddy current losses increase with the square of the 
frequancy, we picked microwave frequencies. In the HF-laboratory a card with an L-C 
resonant circuit was made, we should be able to quite precisely determine the losses by 
means of its quality. The inductance was formed as a microstrip line and for the capacitor 
a socket was planned. 

The carrying out of the experiment consisted of using single layered ceramic capacitors, 
so called trapezium capacitors, with a vapour deposited silver coating on both sides as a 
package and to measure the quality of the resonant circuit as a measure for the dielectric 
losses. According to the rules of duality the dielectric (as nonconductor) thus corresponds 
to the permeable transformer sheet (conductor) and the silver coating (conductor) to the 
sheet insulation (nonconductor). In a second experiment the silver coating now was 
removed and the same capacitor material measured at identical conditions this time 
uncoated. Will the losses increase or isn't changing anything? 

Tension and nervousness suddenly could be felt, even among the students, who followed 
the experiment from the second row. All looks were pointed at the monitor of the network 
analyser, on which slowly the bell-shaped curve of the measured resonant circuit quality 
became apparent. The result was surprisingly clear. I first looked at my colleagues and 
then at the students and had to realize that all eyes were pointed at me. The first 
measurement was a bull's eye! The vortex losses "uncoated" were considerably larger. 





<i>: K. Meyl: Die mangelnde Dualitat der Maxwellschen Gleichungen with 
contributions concerning the theme of magnetic space poles, the mathemati- 
cal calculation and the technical-physical interpretation of newly discovered 
potential vortices. Invited by the rector of the FH Furtwangen at 3.7.1990 
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* experiment 1: quality of resonant circuit with coated capacitors 
from a series of 5 separate experiments averaged: Q=48 


* experiment 2: silver coating removed with diluted nitric acid 
possibly the acid has damaged the dielectric: Q=9 


* experiment 3: silver coating polished off mechanically. 
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fo |__ (Resonance frequen: 
* resonance sharpness (Resonance frequency 
(quality number): 
at a resonance frequency f0 of approx. 400 MHz. 





Versuch | 





Versuch 2 


Versuch 3 


0 10 20 30 40 50 60 —> Q 
Quality number Q of the L-C resonant circuit 
the dual ,,sheeted" capacitor has the lowest losses, 
the resonant circuit with that the highest quality (experiment 1). 


Fig. 19.6: Measurement of the dielectric capacitor losses 
over the quality of a resonant circuit in the 
HF laboratory at 11.06.1990. 
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Fig. 19.7: Measurement curve of the water temperature over 

time 


at 22.10.1996 in the electrical engineering training 


Observation: for the microwave oven the container despite the "after cooking- 
effect" 
remains colder than in the case of a hotplate. Sensor: PT 100. 
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19.6 Analysis of the measured capacitor losses 


First of all the colleague spontaneously prompted a common publication. 


But a certain disillusionment had to await us. For the next measurement hardly a 
differemce could be detected. We varied the contacting and removed the silver coating. 
once with hydrochloric acid, once with fine sandpaper. Every measurement we repeated 
umpteen times and in the end had to draw the conclusion that the results for our somewhat 
unprecise construction fluctuated extremely. 


Averaged over all measurements and methods, indeed a reduction of the dielectric losses 
for alayered capacitor resulted, but at a critical consideration of the errors the results 
seemed to "drown" in the mean variation. In the opinion of my colleague the visible trend 
wasn't sufficient to convince dyed-in-the-wool sceptics, whereupon he withdrew with the 
indication, I should try at the people of microelectronics, they more likely would be 
capable to reproducibly gain control of a layered construction. 


The experiment at least let a legitimate chance open that the vortices of the electric field 
actually exist, and in the case of the delectric losses of a capacitor it concerns vortex 
losses<i>. 


19.7 Microwave oven for testing in the laboratory of electrical engineering 


"Volunteers first" was said at 22.10.1996 in the electrical engineering practical training 
and two students got down to work. I had brought along from our kitchen the microwave 

oven, a portable immersion heater, a kitchen stove plate and different containers. In the 

laboratory of the polytechnic I in addition had got hold of a Bunsen burner. In the sense of 
the "Stiftung Warentest" (institution to protect consumers in Germany, note of the 

translator) it concerned the question for differences in heating water; or following the 
public discussion, is cooking with gas more healthy than cooking with the microwave 
oven? 


We wanted to know. So we cooked water, filtered by inversion osmosis, once with the gas 
bummer. once with the hotplate and finally with the microwave oven. Switched off always 
was at the same moment at the same temperature, and the cooling down curve was 
recorded with an x-t-time recorder (fig. 19.7). 


Between gas and electric cooker virtually no difference could be detected, but the 
microwave oven at switching off still showed an odd temperature increase. I already had 
remarked this earlier. If one takes a water glass out of the microwave oven, then the water 
again really bubbled off, although the container itself had remained relatively cold. If one 
on the other hand takes a water pot off the gas cooker, the water suddenly stops cooking. 
From where comes this difference, which also the experiment could confirm? 





<i>: A result of my dual way of looking at the vortex losses is the representation 
in fig. 4.7. 
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C: for the stationary case (5/5t = 0) in general representation: 
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19.8: Contribution to the discussion about the impossi- 
bility, to prove, according to scientific methods, in 
a chain of reasoning (A-B-C-D) the last link (D-A), 


which closes the chain. 


Fig. 
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19.8 Microwave heating by decay of vortices 


It has to concern a storing effect. In the case of an normal cooker the heat transfer takes 

place by convection. In the case of a microwave oven we however are dealing with an 
electromagnetic wave. 

But in the wave equation nothing can be read about heat; here merely vortices can be 
found as a damping term (fig. 19.8 A)! Therefore as the only possible interpretation is 
left that the microwaves roll up to vortices to fall apart themselves after a certain time. 

Only at the vortex decay heat is formed. 

The irradiated microwave power according to that is stored over a longer period of time as 
vortex in the water and the food. The vortex decay takes place according to an e-function 
with the calculated relaxation time constant tau". 

From the circumstance that particularly water is heated up in the microwave oven despite 

the small electric conductivity but with high dielectricity, I infer that it has to concern 

mainly potential vortices, from which a biological effectiveness can be expected. The 
question if this should be valued positively or negatively, I have to leave up to the doctors 

and therapists. At least physically seen a difference is measurable. Thus a vortex decay 

will occur for a meal prepared in the microwave oven even if we already have consumed 

it. 


Conclusion: I wish all: your health! 


But what do I write about vortex losses, if every sceptic knows half a dozen alternative 
interpretations. Inevitably I have to bear in mind that also the eddy current heating owes 
its acknowledgement only the circumstance of the discovery of the corresponding laws. If 
Othm hadn't discovered his law and formulated it in the known form and instead the dual 
formulation would have been discovered, then we today would attribute the dielectric 
losses in a capacitor and in the microwave oven to the potential vortices, in the case of the 
transformer however the material would be responsible for the heating and not eddy 
currents, for which there then also wouldn't be a theory (fig. 19.8 B). 


It actually is pure coincidence that at first Ohm's law and not the dual formulation had 
been discovered and acknowledged. But because both are equivalent, we also have to 
assume the correctness of both, even if the last link of a chain of reasoning A-B-C-D back 
from D to A in principle can't be proven anymore, since it already is explained by the 
chain A-B-C-D (fig. 19.8 C). 


There I thus had discovered a potential vortex, without a possibility for a direct proof of 
existence. For that the textbooks are full with auxiliary explanations, with which physics 
successfully cheats past this important field phenomenon. I was frustrated. There had to be 
a way to measuring technically register the vortex in some way. 





<i>: Fundamental field equation 15 in fig. 5.1 or equation 21, fig. 5.3 
<ii>: Relaxation time constant: see equation 10 in fig. 5.1 or fig. 8.1 
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Fig. 19.9: Proof of scalar waves with the Tesla coil.<” 


<i>: The inverse use for a high-tension transmitter according to fig. 9.1 
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19.9 The Tesla coil from the workshop of handicrafts 

I again retired in my workshop of handicrafts and wound flat coils or I pondered in my 
study over Tesla books. 1995 from several sides my attention had been drawn to the 
circumstance that the inventions of Nikola Tesla can be organized in three categories: 

The first third has made him world-famous. It concerns the rotary field theory, the 
asynchronous engine and the today normally used alternating current technology, which 
we owe him. 

The second third concerns technologies and inventions, which were rediscovered by other 
people partly only years later or even were only pinched and distributed as novelty under 
another name. Electron microscope, superconduction, electrolyte capacitor, fluorescent 
lamp, fuse. coaxial cable and a lot more count among that. 

The last third however concerns inventions, which until the day of today still aren't 

understood and await their scientific explanation and technological use. Tesla himself 

called these achievements his most important inventions, but still owes us a scientific 

explanation. The scientific world also hasn't got a theory ready and doesn't know to do 

anything with it. Public research doesn't take place or is prevented by lobbyists. 

What remains, are tinkerers of various educational background and qualification, who are 
trying hurd to comprehend the buried experiments of Nikola Tesla off their own bat in the 
garage or in the hobby cellar. 

I felt like one of these, by winding one winding after the next from the inside to the 

outside. Then I soldered an antenna wire at the inner end of the flat coil, which I in Tesla 
manner connected electrically with a spherical electrode hung up under the ceiling. 
The opposite electrode should be connected to the outer end of the winding, it is said, and 
the distance between both should be as big as possible. If namely an electrode just is 
collecting, then the opposite electrode is repelling the same space quanta. According to 
Tesla's recommendation I did use the earth as opposite electrode and for that tapped the 
central heating or the grounding of the foundations. 

To take signals only one to two windings as secondary winding were necessary. I 
connected them with an adjustable air capacitor from an old steam radio to a frequency 
determining parallel resonant circuit and looked at the taken tension voltage at the 
oscillograph (fig. 19.9), 

I still had problems with the statement of Tesla, the coupling had to be made loose. Thus 

the question is asked, how loose? I after that organized two toilet paper rolls of different 

size, (after the toilet paper had been used, naturally) and pushed them into each other. The 

smaller toilet paper roll carried on the gable-end the flat coil as primary winding of the air 
transformer and the bigger one the coupling coil. Now by shifting any wanted degree of 

coupling could be adjusted to (fig. 19.10). 

I was astonished myself. Tesla actually was right with his discovery of the scalar waves. 
With my arrangement they can be clearly distinguished from the Hertzian waves. 

The following procedure is recommended: 
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First of all I seek a source of interference with the adjustable capacitor and tune to 
maximum amplitude. Then I change the coupling and further optimise in this way. If now 
the amplitude again decreases from a certain point while approaching the coupling coil, 
then it concerns the sought-for longitudinal waves. If namely the coupling is too tight, 
then the received vortices again are driven away by the effect back on the fiat coil. They 
make way. 

At last I had found a method to catch the vortices in such a way that they not immediately 
"ran away" from me again. At once I presented them in the technology centre in St. 
Georgen. In the time following I improved the technology further and further, used bigger 
toilet paper rolls and eventually even turn up garbage cans, I varied wire length, wire 
diameter and the sense of winding (fig. 19.10). 


I had very different success. Sometimes, if at the same time in my workshop of handicrafts 
the radio worked, it would look as if the received signal would synchronize with the sound 
waves. Both are longitudinal waves after all. With transverse waves something like that 
would be unthinkable. 

One moreover could observe, how a resonance builds up: first slowly and then faster and 
faster, so that I sometimes got terribly afraid. Several times we had to repair our 
oscillograph, after the protective diode at the input amplifier had blown, and that for 
signals of 50 to 100 millivolt! 

That was entirely impossible. Only individual spikes, which were too fast to be seen at the 
screen, could be to blame. In the case of distant thunderstorm activity I obtained maximum 
values of more than half a Volt. After that I undamped the grounding as fast as possible, 

so that no lightning would be caught, since I didn't have the intention to burn off my 

workshop. 


19.10 Biological effectiveness of the Tesla coil 


Also the biogical effectiveness of the Tesla radiation I could impressively prove with 
this device. 14.06.1997 a woman, who called herself extremely electrosensitive, 
participated in the weekend seminar about electrobiology, which I took over from Prof. 
H.K. Konig (TU Munich) after his death. That I wanted to test. 

I hung up my device in the lecture auditorium and installed the oscillograph in such a way 

that all could see it. The voluntary test subject however could see neither the public nor 

the screen. One person every 5 seconds said "now" and the female candidate should say, if 

I had clamped or undamped the grounding, if therefore scalar waves were received or not. 

After a training round her proportion of hits was lying at 100 percent! 


According to her statement she could feel it. A further test subject achieved even at the 
back of the room with a pendulum the correct answer. I myself was surprised by this and I 
already have repeated this experiment several times with different success. It without 
doubt depends on the sensitiveness of the test subjects. Every person after all reacts to 
other signals. 


What however has astonished all participants and can't be emphasized enough at all, is the 
circumstance that it in this case concems a receiver and not a transmitter! 
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Fig. 19.11 A: Measurement record for scalar wave transmission line 
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19.11 Wrestling for measuring technical insight in the Transfer centre 


In the central question who should be believed more, the famous experimental physicist 
Nikola Tesla or his critics, my experiments with the Tesla coil were the visible proof that 
we have to take Tesla's statements seriously. Now not only at myself, but also at the 
students of the polytechnic and the colleagues of my Transfer centre a true Tesla euphoria 
broke out. 

In every free minute the patents and original writings were studied, which I had myself 
send from the Tesla Society in Colorado Springs in the USA. In particular my trainees and 
diplomands developed a incredible ambition in making a historical Tesla concept work. 
They built a whole series of various high-tension generators. In the laboratory one could 
hear crashing and there was a smell of ozone. 


22.1.1998 at a presentation of the works for a degree the candidate looked after by me 
very proudly held a fluorescent lamp in his hand, which in the field of his self-built high- 
tension generator glowed even without any wire connected, entirely according to the great 
mode (fig. 17.10). At all efforts we however laboratory technical weren't able to reach 
tension voltages of above 511 000 Volt. But at this tension voltage the actual Tesla effects 
actually start! 


Perhaps it was tough luck, but possibly also a chance that we in the laboratories, which I 
had at my disposal, were forced to work with lower tension voltages and that meant that 
we gradually had to beak away from the Tesla designs. 

Moreover we hadn't at our disposal the precisely controllable spark gaps, which Tesla had 
developed and used. If one wants to obtain an if possible high tension voltage change 

(du/dt) for an interaction with neutrinos, then according to today's technology 
considerably more favourable concepts are offered, for instance with hard switching 
Power-MOS-Transistors. 50 Kilovolt per microsecond were to meet. 

Therefore we changed the technology and worked from now on with fast semiconductor 
switches. From the laboratory radio now only a hissing and crashing came out of the 
loudspeaker, if our experiments were running. 


At 12.10.1999 we for the first time succeeded to build up a transmission line for Tesla 
radiation. Doing so the transmitter and receiver were situated in different rooms of my 

transfer centre. The transmitter coil was operated in self-resonance and fed only from a 

small function generator with 10 Volt. But if the diplomand held a fluorescent lamp near 

the spherical electrode, then it started to glow! 

Following I observed at the oscillograph the signal of the receiver coil, which as well was 
operated in resonance. If the diplomand switched off the transmitter, also no receiver 
singnal was present anymore. But if it concerned radio waves according to Hertz or Tesla 
radiation, with that still wasn't answered. 

Therefore I prompted still another experiment. This time the colleagues observed at the 
transmitter the signal at the function generator, while I undamped and again clamped the 
receiver. The shouting with joy from the adjoining room indicated that it had been 
observed, how the receiver reacted upon the transmitter and both are in resonance with 

each other. Such an effect characteristic for scalar waves, is a radio technical 
impossibility! In the case of radio with Hertzian waves an effect back from the receiver 

on the transmitter is unthinkable by principle. 
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Fig. 19.11 B: Scalar wave transmission line according to Tesla 
f.l.tr.: M.Andresen (diplomand), author (TZ-head), Dipl.Ing.M.Rehm (project leader) 
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In the next step we let glow the famous little lamp on the side of the receiver. As a 
consumer served a small light-emitting diode, of which the light intensity remained 
unchanged in the case of resonance. To prove this, we placed the receiver on a carriage 
and rolled the corridor in the TZ up and down with it. If the receiver was only slightly out 
of tune, then from the then arising fluctuation the standing wave nature could be observed 
perfectly. 


With the setup it can be demonstrated well, how the law of the square of the distance, of 
the decrease of the field strength with the square of the distance, known from radio 
technology hasn't got validity anymore for scalar waves. Very clear also was the energy 
transmission of scalar waves out of a closed Faraday cage. 

In the end we have determined the degree of effectiveness of the scalar wave 
transmission line. An output power of 49 mW resulted from the measurements of the 

current and tension voltage for a loading of the receiver with a 100 Ohm resistance. 
Simultaneously the power taken up by the transmitter amounted to 233 mW. If we 
however subtract the idle power consumed by the transmitter from this, and that was 
determined to be 223 mW for switched off receiver, then actually only 10 mW are 
available for the wireless energy transmission. The degree of effectiveness according to 

that would be 490%! 

If we here really have obtained an over-unity of 4.9 then the receiver must have collected 
along free space energy, or did some parts evade our power measurement? The sceptics I 
recommend an own rebuild, since alone the proof of the scalar wave properties inevitably 
has to lead to every Maxwell burdened HF technician breaking with the old belief. 


19.12 Neutrinolysis, the alternative splitting of water 


Free after the plans of Stan Meyer we filled diverse containers with water and let it 
"crash". If then bubbles raised and it got exciting, we changed the frequency and exactly 
paid attention to the effect remaining the same or if it increased as well with increasing 
frequency, thus if we only watched a classical electrolysis, or already the wanted 
"neutrinolyse", as we were accustomed to term the splitting of water in its parts under the 
influence of neutrinos in the laboratory. Typical for that is a bubbling and "cooking" of the 
actually cold water produced by the rising gas bubbles (fig. 19.12). 


We also have reversed the principle. Doing so we have switched the container as neutrino 
receiver and measured the forming charge carriers. The passive system proved to be really 
moody. On the one hand tension voltages of several hundred millivolts at a load resistance 
of 10 megaohm can be realized, on the other hand the charged gas particles and the as 
secondary reaction in the water set free ions continually change the electric conductivity, 

so that the cause to be measured, the neutrino radiation, hardly can be reproduced on the 
displayed result. The water hence has to be changed more often and also the developers 
found themselves between jubilation and disillusionment subject to continually changing 
feelings. 





<i>: A. und I. Schneider: Neutrino-Power - Energie aus dem Kosmos, Bericht zu 
Vortrag und Demonstration des Autors am 25.11.99 in Villingen, NET- 
Journal 12/99, S. 4-6; Interview mit Prof. Dr.-Ing. Konstantin Meyl: Durch- 
bruch in der Freien-Energie-Forschung, NET-Journal 12/99, S. 7-9 
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Fig. 20.1: Course of the neutrino radiation focussed by the 


moon 
on the occasion of the eclipse of the sun 


at the 11" August 1999.“ 





concerning the calculation of the position of the sun at 11.8.99: 


at 21.6. after O days is 
at 21.9. after 92 days is 


at 11.8. after 51 days is 





<P: Konstantin Meyl: Zur Brennglaswirkung des Mondes bei 


einer Sonnen- 





At 11.8.1999 the sun at noon stands above latitude 15.1. 
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20. Cosmic experiments 


As long as no usable technical gauges are available, we should observe and study nature 

and all celestial phenomena. Here the scalar waves with all their properties are presented 

to us. That is valid in particular for the case that the cosmos makes an experiment with us 

and with the entire earth. Such a situation offered the eclipse of the sun of August 11 1999 

as an unique "bulk experiment" to which travelled millions of spectators, to participate in 

the cosmic experiment as voluntary test subjects. 

My warning for possible influences proved to be absolutely justified afterwards, even if 
only comparatively few took note”. In view of strong changes in the EEG of individual 
test subjects and a proven temporary acceleration of the rotation of the earth science once 

more stands before insoluble problems. 

To answer the open questions I want to start with my indications, which | have published 

in anticipation of the cosmic event of August 11~”. Afterwards a revision and the attempt 

of an interpretation from the scalar wave view follows. Perhaps this way leads to a reliable 
prediction of of earthquakes and other cosmic events. After that we perhaps know more 
about origin, availability and further important parameters of the sought-for space energy. 


20.1 Millions of voluntary test subjects at 11 August 1999 


Astronomically seen, it concerns a harmless natural spectacle as it already was observed 
more often, if the moon glides between sun and earth and its shadow in broad daylight 
immerses parts of the earth in a dark night. The special thing about the eclipse of the sun 
of August 11 1999 however was, that the sun activity just strived for its maximum value in 
its eleven year cycle, and the orbital distance to the moon simultaneously reached a 
minimum value. In addition we must pay attention to the special situation of the angles 
(fig. 20.1). Due to the extremely rare constellation the area of complete shadow at first 
was larger and darker than normal. On August 11 it had a width of 110 kilometres. 


The sun besides the light also sends us solar neutrinos and for those the moon is 
transparent. It with regard to them acts like a glass ball, which lets the light it is true pass 
through, but in doing so refracts it. The glass ball acts like a convex focussing lens, which 

focuses the arriving rays behind the ball in a focus. 

To slow down and collect neutrinos the moon it is true is too small, but it will be able to 
influence the flying direction. Very fast neutrinos, which run through the moon, hardly 
will be diverted. The slow and biologically active ones however will be bent stronger. 


At this point it would be of utmost importance to know, in which distance from the moon 
the rays run together and combine into a focus. 


<i>: Konstantin Meyl: Zur Brennglaswirkung des Mondes_ bei einer Sonnen- 
finsternis, NET-Journal, Jg. 4, Heft Juli/August 1999, Seite 13-17 
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Fig. 20.2: The course of the focussed neutrino radiation at 
11.08.1999 for 48.4° northern latitude. 
(this corresponds to the line Ulm-Augsburg-Freising) 
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Focussing without scattering on earth's surface increase to 
Ry / rx. = 68 times , resp. with scattering to 
68 * 0.5* 0.8 = 27 times the natural neutrino radiation! 
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For that we again bear in mind that neutrinos as particle radiation propagate in space in the 
sense of a plasma wave. Since the oscillation of such a longitudinal wave takes place in 
the direction of propagation, it neither knows a distinct velocity of propagation nor an 
upper limit. 

The sea of neutrinos in which we swim, is a combination of differently fast particles. The 

slow ones are bent stronger by the moon, with the property of a convex focussing lens, so 

that the focus should be looked for near the moon, whereas the fast ones hardly are 
diverted. Their focus lies further distant from the moon than the earth, up to the extremely 

fast cosmic neutrinos, which experience almost no diversion, because they, as a result of 

the Lorentz contraktion, are small enough to tunnel through any kind of matter. 

If neutrinos, depending on their velocity of propagation, have their focus partly before and 

partly behind the earth at an eclipse of the sun, then it comes up to a conclusive logic that 

there actually exist such, of which the focus lies exactly in the centre of the complete 
shadow on earth's surface. But thereby the question is asked, which biological 
effectiveness these neutrinos have or which damage they bring about. 


20.2 Model of calculation for the cosmic experiment 


More than a year ago the results of an international neutrino experiment have been made 
public. Thereby for the first time the order of magnitude of the natural radiation density 
was recorded. after the detector before having been calibrated at an artificial source of 
neutrinos. As the perhaps most important result at night only half as much solar neutrinos 
could be detected as during the day with the immense Super-Kamiokande detector in a 
Japanese mine. With that the here taken interpretation, that earth's core collects neutrinos, 
meanwhile even is proven experimentally! For that it has to interact with the particles and 
that means, it has to exert a force of attraction on them. Thus the earth's core during an 
eclipse of the sun will further amplify the effect of focussing if the konzentrierte neutrino 
ray is directed on earth's core. This critical point we have to calculate (fig. 20.2). 


The proportion of the radii of earth's core (3500 km) and the entire earth (6378 km) results 
in the sine of the sought-for angle and that amounts to 33.3 degrees northern latitude. At 
August 11 moreover is added that at noon the sun with regard to the equator is standing at 
15.1 degrees. so that a first extreme focussing should be expected, if the centre of the 
complete shadow intersects latitude 48.4. This would be the case for the latitude of Ulm in 
direction Augsburg and Freising. 

Now we would like to know more about the amplitude of the focussed radiation, about the 
spatial extension and the period of time. Without concrete data material we have to 
proceed from several simplifying assumptions. If we therefore assume, 50% of the at earth 
arriving and biologically relevant neutrino radiation stems from the sun, which in the case 
of an eclipse of the sun is focussed to 80% and scattered to 20% by the moon. If we 
further assume the focus just touches earth's core, then between Ulm and Augsburg a 
sphere of action of 50 km can be expected, within which the neutrino radiation on the 
average reaches 28 times the value of the natural radiation. The intense irradiation under 
these assumptions will last one minute. 
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Of course the calculated values only are valid to the extent, as also the assumed boundary 

values apply. After August 11 we know more about this cosmic experiment, about the 

spatial distribution and indirectly about the interaction with earth's core, about the 
physical properties and the biological effectiveness of the at present available neutrino 
radiation. 


20.3 Physical technical consequences 
The neutrino radiation is a scalar wave radiation which, as mentioned, can be perceived by 
sensitive people even without aids. Who hasn't at his disposal this sensitiveness, is 
recommended a simple setup. 
For that one hangs up a fluorescent lamp, connects the one end with a piece of wire, as it 
were as antenna, and the other end is grounded. For a scalar wave radiation which 
increases fast, the lamp should start to glow by itself. Under big transmitting installations 
this method already has been successfully applied by many allotment gardeners 
thousandfold. I hence recommend all research scientists of eclipses to test themselves the 
possible field fluctuations in this simple way. 


From a technical viewpoint first of all the atomic reactors and their nuclearly 
contaminated waste will be concerned by a fluctuation of the neutrino radiation. In view of 
present eclipses of the sun an accident can be expected less, since the neutrino radiation it 
is true for a short time reaches an extreme maximum, which averaged temporally and 
spatially over the whole event again is relativized somewhat. The relations shall be 
clarified with an example (fig. 20.3). 

Whoever places himself in the centre line of the complete shadow on August 11, at first 
will detect a decrease of the neutrino radiation to 50 to 60 percent, then a steep increase to 
2800 percent and from the summit again the whole backwards, while standing on the earth 
he turns by under the moving moon shadow. The ring with half the radiation, which 
reaches us first, doesn't pose a problem since, as said, we only have half the radiation in 
every night. Some animals and plants as aresult erroneously will set out for sleep. 


The wave distribution one can imagine like that in the case of a pool, in which was thrown 

a stone. But we still don't know the resonance frequency, for which reason the length of 

the cycle depicted in fig. 20.3 is chosen arbitrary. The actual deviation from the 
distribution given by nature is the peak in the focussed ray centre. Living nature must 

stand large fluctuations of the solar radiation, since every supernova sends us a relatively 

short batch of fresh neutrinos. Where we have difficulties is the question, how much 
fluctuation still can be tolerated by mankind. 

The question for possible biological consequences is due to be dealt with in view of the 
announcement of a complete shadow tourism causing concern, as it is awaited for August 
11. At the incomplete state of knowledge about the properties of neutrinos, every trip to 
the complete shadow remains a journey into the unknown. 
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Fig. 20.4 A: The course of the complete shadow for 
the ancient 
eclipse of the sun at 28.5.585 B.C. 








Fig. 20.4 B: The course ofthe complete shadow over 
south 

Germany at August 11 1999 (grey) and the possible 
course of the focussed neutrino radiation (white). 
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20.4 Biological consequences 


In the case of an eclipse of the sun effects on the biology, like problems with the heart 
among affected, at least can't be excluded. If the scalar wave density increases above the 
density which is normal, then this has a positive effect on the economy of energy, as long 
as the body is capable to regulate the amount taken up. If the regulatory process however 
should fail. then the risk ofa self-inflammation exists. Also straw bales and other organic 
and inflammable materials could thus go up in flames. 


But before that happens, first the information technical influence of the scalar waves will 
show. Here we have to expect a psychotronic influencing, which is showing in a limited 
ability of perception. History teaches us as an example~ that a by Thales of Milet 
predicted total eclipse of the sun at 28.5.585 B.C. compulsorily has ended a battle in Asia 
Minor between the Medes and the Lydians, because the soldiers apparently most literally 
had gone out of their mind (fig. 20.4 A). 


Actually all in connexion with the free energy addressed phenomena are conceivable. 

from the "neutrinolyse" up to the acceleration of the radioactive decay. It would be 
understandable, if in a water glass bubbles should rise, even if no carbonic acid is 
contained in the water at all. After man not having at his disposal a sense organ for his 

own energy source, the brave in the complete shadow of an eclipse of the sun are 
recommended smaller technical experiments and observations. The cautious however will 
avoid the area from the start. 


As counter movement to the complete shadow tourists there will also be refugees, who 
believe in the predictions of Nostradamus, who in his quatrains has predicted a messenger 
of fright over Europe for 11.8.1999. He mentions Lyon, Ulm and Moskau, which actually 
lie on one line “”. 

The line of the complete shadow however will run under another angle from Plymouth in 
South England over Ulm to Bukarest and further into Turkey. Maybe Nostradamus wasn't 
a clairvoyant at all, but merely a good calculator, or he knew someone who could calculate 
excellently, after all he has indicated the time and even Ulm as the centre correctly. Apart 
from the small angle error, in addition the direction is correct (fig. 20.4 B). 


Worth paying attention to also is, that he contrary to his habit here gives a concrete date 
which astronomically can be calculated unambiguously, that he simply skips the numerous 
eclipses of the sun of the past and only points to the one of 11.8.1999, which runs 
crossways through South Germany. Extremely sinister are his forecasts, which mustn't 
commented on further, since he speaks of "Mort et Tombe", of death and grave”. 


<i>: Merodot: Historien, Kroners Taschenausgabe 224, S. 33 (cf. page 586 and the 
modern misinterpretation note 9 on page 754); further sources: dtv-Atlas zur 
Weltgeschichte S. 45; resp. Propylaen-Weltgeschichte I, S. 168. 


<ii>: Michel de Notredame (1503 bis 1566), Mathematiker, Astrologe, Leibarzt von 
Konig Karl IX: Centuries (1558) X, Vers 72. 
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Fig. 20.5 A: The total eclipses of the sun of 18.4.1539 
and 
21.8.1560 





Fig. 20.5 B: Under the impression of the last two eclipses of 
the 

sun over Europe death and war play dice about the 
fate of mankind during the eclipse of the sun of 
1562.7 


<b: Werner Raffetseder: Sonnenfinsternis, Hugendubel Verlag, Munchen 1999, 
ISBN 3-89631-302-9, Seite 156. 
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20.5 Epilogue to August 11 1999 


My indications have been published two weeks before the cosmic event in the NET- 
Journal”. The public interest was immense. Now, after the spectacle is over, it is time for 
an analysis”. 

Besides numerous very subjective descriptions of eyewitnesses, which scientifically 
hardly can be analysed, at numerous polytechnics over the world has been observed, how 
Foucault pendulums suddenly and completely unexpected have deviated from their normal 
swinging direction. With this device 150 years ago the rotation of the earth had been 
detected in Paris. 

Since according to prevailing textbook opinion an eclipse of the sun is a purely optical 
phenomenon, the scientists world-wide are having a big problem. Which force here has 

teared at our earth and caused relative accelerations of the kind that the pendulums could 

turn out of their usual plane and changed into an elliptic orbit, while the shadow of the 

moon ran over us? The gravitational force isn't even roughly capable to that. That merely 

has brought a 50 cm higher flood. The enormous force effect, which even puts the 
gravitation in the shade, actually only can come from the interaction of the neutrinos. 


Different reports are present concerning the influencing of the radioactivity. In the cases, 

in which measurement samples have been used, almost no change could be observed. This 

is confirmed by a video tape, which northeast of Munich directly in the centre of the 
complete shadow documents an experiment, in which during the whole time the 
radioactivity of 1 kg crude granite is monitored with a professional dosimeter. 
The background might be that calibrating samples are chosen in principle under the aspect 
of being influenced the least by outside interference sources. It therefore would have been 
better, if we instead had put a lettuce as a biological and broadband sample in front of the 
device. Because there, where one anyway hadn't expected deviations and thus neither 
were measured calibrating samples nor unfortunately were made recordings, is said to 
temporarily have occurred a visible increase. 

Even in the case that somewhere accidentily should exist recordings, the increase is too 
small, to help explain traditions from the Middle Ages, according to which is talked about 
"stinking log" and about "aggressive damps, which fall from the sky". Other sources speak 
of harmful radiations, which one regarded as the trigger of plagues. o 

It is said: "They poison the drinking water and the crops and make people sick"*"”. Crops 

after an eclipse of the sun either should not be harvested at all or only after a violent 
shower. The warnings for a poisoning "Without adding poison", which reach back into the 

19" century, suggest the assumption that it concerns results of a radioactive 
contamination. 


<i>: Konstantin Meyl: Zur Brennglaswirkung des Mondes bei einer Sonnen- 
finsternis, NET-Journal, Jg.4, Heft Juli/August 1999, Seite 13-17 

<i>: From the third and extended edition of this second part concerning 
Electromagnetic Environmental Compatibility the following chapters are 
completed. 

<ii>: Mark Littmann/Ken Willcox: Totality - Eclipses of the Sun, Honolulu 1991, 
Kapitel 4: Eclipses in Mythology; nachzulesen bei Werner Raffetseder: 
Sonnenfinsternis, Hugendubel Verlag, Munchen 1999, Seite 130/131. 
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Fig. 20.6 B: Nostradamus 
announces catastrophes 
for 1999 in the Centuries 
of 1558.<* 





<i>: | Bryan Brewer: Eclipse, Chapter 1: Eclipses Throughout the Ages, Seattle WA 
1991, S. 20, cited in Werner Raffetseder: Sonnenfinsternis, Hugendubel 
Verlag, Munchen 1999, ISBN 3-89631-302-9, Seite 130, Bild Seite 159. 
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20.6 Dropping of the neutrino radiation 

Plagues of that kind, which in the Middle Ages have claimed lives as a result of an eclipse 
of the sun, hardly are verifiable, unless a prominent victim was among them, like e.g. the 

son and successor of Charlemagne, emperor Ludwig I. He 5.5.840 witnessed an eclipse of 
the sun with a totality of five minutes. Further it is said: ,,The fright which this experience 

gave him, little later shall have torn him to death"<i>. 

According to that there must have existed times, in which the radioactivity present in the 
countryside and stored in the body of a person during an eclipse of the sun could be set 

free and be the undoing of the affected. At the same time such a decontamination of 

radiation acts cleaning for nature. 

In this case only the interpretation of Nikola Tesla provides us an explanation, which 
states that the neutrino radiation causes the radioactivity<ii>. Textbook physics however 
doesn't know this causality. For that the primeval fears of humanity are pure superstition. 
The prophesies of Nostradamus even are referred to as counter evidence. 

But the question remains open, why his predictions concerning August 11 didn't happen, 
Obviously, so has shown us the cosmic experiment, the neutrino radiation relevant for the 
setting free of radioactive radiation drastically has decreased since the Middle Ages. 

Nostradamus personally has occupied himself with the translation and interpretation of 
hieroglyphs and has written down his insights - surely out of fear of the inquisition - in the 

form of encoded quatrains. According to that he has based his considerations on 
considerably older sources, which presumably stemmed from atime, in which a 

considerably higher radiation prevailed. 

We have to proceed from the assumption that the scientists of the Semitic- Aramean people 

of the Chaldeans, which ruled Babylon from 626 B.C., were just as capable as astronomers 

of today, to exactly calculate an eclipse of the sun even centuries and millenia in advance. 

After all the Saros-cycle to determine eclipses of the sun is a discovery of the Chaldeans. 
What they however couldn't know and we ourselves still can't indicate today, is the 
prevailing density of the cosmic radiation at a future time. But that obviously has changed 
considerably. 

The natural magnetic field strength for instance is recorded at the baking of earthenware 
jugs and vases, by _ strengthening along the parts containing magnetite. From the 
measurement of ancient earthenware goods we know that in antiquity a field strength must 
have prevailed which was 3 to 4 powers of ten higher. 

According to the here presented theory the earth owes its magnetism its core and that 
again draws its energy from the neutrino field. According to that also the neutrino 
radiation should be subject to the same decrease. 

If therefore the Babylonians out of the radiation situation at that time in the interpretation 

of Nostradamus and other fortune-tellers, who presumably all more or less have written 

each other off, have predicted a catastrophe for 11.8.99, then this scientifically is just as 
untenable, as the today widespread hubris, with which the knowledge and the reports of 
experience from ancient times are dismissed as superstition. 


<i>: cf. chapter 17.2 Nikola Tesla, the discoverer of the neutrino radiation, p. 133 
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Fig. 20.7 A: Eclipse of the sun of 11.8.99 (declination: 15°) 
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Fig. 20.7 B: Eclipse of the sun of 26.2.98 (declination: - 9°) 


<ii>: Particularly violent earthquakes since 11.8.1999 (excerpt): 
Turkey 17.8. (strength 7.8) till 19.8. (5,0), 31.8. (5.2), Greece 7.9. (5.8). 
Turkey 13.09. (5.8) and finally Taiwan 20.9.99 (strength 7.6) in a rythm of 6 
to 7 days! Complete list in the internet under: 
http://www-seismo.hannover.bgr.de/ermos_listing.html 
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This "superstition" mentions tremendous natural disasters like floods like the Flood or 
destructive earthquakes often as a direct result of an eclipse of the sun, and as the worst 
consequence the end of the world™’. 

Almost all reporters and newsreaders in the evening of August 11 full of irony pointed at 

the non-occurrence of the end of the world and spread the conviction that according to 
prevailing physical ideas something like that isn't possible at all. They at that time 
couldn't know that the anatolic plate, which the complete shadow had crossed, had gotten 

into motion. The relatively weak earthquakes, which 11.8. shook Cyprus and at the same 

time Iran, only were spontaneous harbringers. 

In the following weeks the staggering core of the earth made us clear that there had been 
done force to it. Severe earthquakes with thousands of aftershocks followed each other 
and one message of terror chased the next". Public authorities however take care not to 
of decline to make a reference to the eclipse of the sun. 


20.7 Analysis and comparison of the occurrences 


If we for comparison consult the total eclipse of the sun of 26.2.1998, for which the 
complete shadow of the moon coming from the Pacific Ocean had run over the Caribbean 
into the Atlantic Ocean. Exactly the moment it crossed the Caribbean island Montserrat, 
the volcano Soufriere erupted. 

Pure coincidence says science, which hasn't got an explanation model at all for a relation 
with the supposedly purely optical phenomenon. But this argumentation is relativized, if 
according to fig. 20.2 the tangential collecting of solar neutrinos by earth's core is 
considered. This process best can be compared with photon radiation, which is 
tangentially collected and directed into an orbit by a black hole inside the radius of 
Schwarzschild. 

Since the shadow of the moon always draws a straight line on the earth, two points of 
intersection are present with the circle of the projection of earth's core on earth's surface, 
for which the radiation focussed by the moon just touches earth's core and in that way 
experiences an additional concentration. The first point of intersection at that time was 
situated in the Pacific Ocean; but the second one was situated exactly at the Caribbean 
island Montserrat (fig. 20.7 B). 


This time, at August 11 1999 the first point of intersection was situated in South Germany, 
the second in Iran, and again the focussing at the second point of intersection has shown a 
devastating effect. The entire continental plate has gotten in motion (fig. 20.7 A). 


Another strange phenomenon has occurred in the USA at the same time as the eclipse of 
the sun. A tornado swept with its destructive force right through Salt Lake City. It is 
remarkable that no meteorologic indications were showing before and hence official 
observation authorities had no possibility of warning for the tornado. Had here part of the 
focussed neutrino radiation been redirected at earth's core and given a rotation, to again 
screw out into the sky on the other side of the earth at Salt Lake City? 


<i>: Werner Raffetseder: Sonnenfinsternis, Hugendubel Verlag, Miinchen 1999, 
ISBN 3-8963 1-302-9, Seite 120. 
<i>: Collection of particular violent earthquakes since 11.8.1999: see fig. 20.7. 
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2500 B.C.<i> 
<P: Robert Bauval, Graham Hancock: Der Schlussel zur Sphinx (Keeper of 


Genesis), List Verlag Munchen 1996, ISBN 3-471-77188-3, S. 286 und 287. 
<ii>: dito page 86. 


Cosmic experiments 427 





20.8 Radioactive decontamination with the help of a supernova 


A mighty source of neutrinos forms the black hole in the centre of the Milky Way. For us, 

on an outer spiral arm of the galaxy, the distance to the centre is gigantic as well, so that a 
relatively equally distributed spectrum of differently fast neutrinos arrives at our world, 
which represents a kind of basic energy technical supply for the solar system and our 

world. For the fluctuations between day and night, or the focussing by the moon or other 
planets the "participants" in the solar system are responsible themselves. 


In contrast to that a supernova, the explosion of a star, is a considerably smaller source of 
neutrinos, which however also is possible less distant to the earth. In addition it is a 
singular event, in which all neutrinos are set free simultaneously within a fraction of a 

second. They arrive at us one after another. First the fast and hard radiation reaches us as it 
were as harbringer. In the course of time the arriving neutrinos then become slower and 
shower, until they sometime become biologically relevant. If in the end everything is over, 

we can see the cause, only now the supernova is showing in the telescope. 


If we assume such an event takes place, with perceptible might and in a distance of 500 
light years. then this neutrino radiation overlaps with the general background radiation and 
a characteristic over-intensification of neutrinos of a certain velocity of propagation 
occurs. This problem then occupies us for 500 years, where the respective radiation 
situation permanently is changing depending on the time after the explosion. 


If we in this way of looking dare a judgement of the cosmic events in historical time, so 

makes believe much the assumption that the radiation in the last hundred years has worn 
of completely. Edgar Cayce treats in the book "Our Ancestors" different cultural circles 

from the old Indian up to the Hopi, in which still is talked about an energy technical use of 
quartzes and other materials”. 


We indeed can theoretically comprehend that the neutrino radiation can let an oscillating 
quartz glow, if it is stimulated in its resonance frequency, but technically the technology 
foday can't be realized anymore. Possibly the chance for technological use only existed 
for a few years or decades. 


Presumably also the pyramids originally have been built as resonators, to slow down fast 
neutrinos to a technically utilizable speed. But in the course of time the original function 
was unnecessary and the neutrinos had gotten so slow that in antiquity alternatively an use 
as electrostatic lightning generator or as Nekropolis took place. Today they only stand in 
the countryside as unusable monuments of a gone epoch. 


Many ancient techniques, to which I will come to speak in the third part, in this way just 
as unexpected become plausible as the radioactive decontamination described in the 
Middle Ages. 


<i>: Hermann Wild: Technologien von gestern, Chancen fur morgen; Jupiter- 
Verlag Bern 1996, ISBN 3-906571-13-0, (z.B. S. 77 und 145 bis 163). 
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Constellation at 23.9. around 10500 B.C. at sunrise: 







“ ° € 
—e ° = 
e s . is . ee 
: per 
. wae bi 
= : atte 8 K 
°* mpg 2° ; * 
: / sGemini~ * *| * 
+ : 
Art ‘ é. ye 
. - 
4 s » ye * 3 . 
* a” ¢ " 


.Leo’Minor 7 (Betelgeuse 






. we - ca 
, eae 


« * 






Cancer Canis Minor . Orion 
: . * fi 
7 {M 42 Orion-neb 





Fig. 20.9: The orientation of the pyramids of Giza makes 
believe 
an operation of the installation around 10500 B.C. 


<i> 


<i>: Robert Bauval, Graham Hancock: Der Schlussel zur Sphinx (Keeper of 
Genesis), List Verlag Munchen 1996, ISBN 3-471-77188-3, S. 324. 


The two research scientists take the hypothesis of an orientation of the ancient 
Egypt pyramids after the starry sky around 10500 B.C. This however is not com- 
patible with their thesis of the aligning of the shafts to individual stars around 2500 
B.C. (fig. 20.8 C). How should the precise worked shafts later have been integrated? 
It would correspond a certain logic, if an orientation of the buildings to the energy 
source at that time would have taken place; but doing so it should be taken into 
consideration that the stars are exploded as supernovae and today hardly might be 
observable. 

Despite several good ideas more questions are raised by the book, than are 
answered. Have the technicians 2500 B.C., after making restorations, experimented 
with the buildings and sought-for alternatives of use? 
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20.9 Fre energy from the Orion constellation 


After all hundred years ago still the last unreliable rests of the wearing off neutrino 
radiation were available to Tesla, Moray, Keely and other inventors for the experimental 
proof of free energy, of which we today aren't able to rebuild and show in function one 
single model. And that, although the technical aids have gotten better for many times. 
But for the free energy inventors that isn't a reason, to immediately stop their efforts, 
because the next supernova already is announced by the actual swings of the Foucault 
pendulum. It could concern the explosion of the giant red star Betelgeuse in the 
constellation of Orion in a distance of 500 light years“. It well may be possible that it 
already shortly has exploded and that it will supply us with fresh and free energy for 
scarcely the next 500 years and at the same time will give the earth a good shake, thanks 
to its might and a not too great distance. 
The reaction, which happened after August 11, of earth's core, which is the first to 
interact with the fast particles, should make every astrophysicist clear that here something 
is coming towards us! 

It would be obvious, if the reactions of earth's core still increase. Every year particularly 

around 21.6., if the sun is standing in the Orion constellation, deviations can be expected. 

But then the supposed source of neutrinos, Betelgeuse, the sun and the earth don't exactly 

form a line, because the giant red star lies 7.4° below the ecliptic. Because of that the rays 

slowed down and focussed by the sun run away over the earth. At the earth then rather 

would be expected a dropping of the radiation. 

If the phase of shakes of the earth sometime should be over, a decontamination due to an 
increased radioactive decay and various biological effects should be expected. Then, 
perhaps in 200 years, also many concepts concerning free energy, today still dismissed as 
hopeless, suddenly will function entirely by themselves. 


The relatively free possibility of development of the human mind and the present sciences 
we possibly owe the special circumstance to be able to live in a time of minimized field 
strengths. Strong fields however can lead to psychotronic influencing of the consciousness 
and to an outside determining of mankind. This circumstance seems to have caused Tesla 
to compare man with a robot, and to call him an independent machine controlled from 
outside~"* 





<i>: Freek Reijmerink: Sternenatlas Deutschland, Weltbild Verlag 1990, S.12 (ein 
sterbender Riese) und Illustrierte Wissenschaft, Nr. 9, 1999, S. 7, Brennen 
die grossen Sterne in den Sternbildern je aus? Die Entfernungsangaben 
schwanken zwischen 270 Lichtjahren (Meyers Lexikon), 310 (Sternenatlas), 
500 (IIL. Wiss.) und 652 Lichtjahren (Cambridge Enzyklopadie d. Astronomie). 


In the observable domain of the starry sky one statistically seen has the 
chance, to experience every second a supernova. 


<i>: Nikola Tesla: How cosmic forces shape our destinies, New York American, 
7.2.1917, and Edition Tesla (1997), Bd. 6, ISBN 3-89539-245-6 der Mensch 
als machine, S. 65. 
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Fig. 20.10 B: Eclipse of the sun of 11.11.3799 (decl.: -17.3°).°"" 


<i>: The eclipse of the sun of 7.7.3797 is harmless compared to that of 
11.11.3799. Have they been mixed up or is a calculation error present? 
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20.10 Interaction of the neutrinos with earth's core 


A strong neutrino field still doesn't make a catastrophe. Only in connection with one of 
the regularly happening eclipses of the sun should one be expected under certain 
circumstances. Only, which eclipses of the sun can get dangerous, we have to ask us, and 
why warns e.g. Nostradamus only for very particular dates? 

The check of the respective eclipses of the sun results in a critical constellation every time 

for the cases, where the line of the complete shadow and the circle of the projection of 

earth's core intersect under a very flat angle and both points of intersection lie very close 
together. In the extreme case finally the lines only are touching and the points of 
intersection fuse to a line of intersection. 

A corresponding constellation the next time is expected at 13.11.2012. For 7.7.3797, at 
similar conditions Nostradamus foretells the end of the world; but why? 


From the interaction of the neutrinos arises as from every other interaction a force effect. 

If the points of intersection lie far apart, then earth's core is pulled once to the East and a 

short time later again to the West by the focussed neutrino radiation. On the average this 

will hardly influence earth's mantle and earth's crust because of the immense moment of 
interia. The possible earthquakes will remain regionally restricted to the area around the 
two points of intersection. 

But if a line of intersection forms, then no compensation of the force effects takes place 
anymore, then during the whole time one-sided is pulled at earth's core and that can have 
fatal results. It is the same as for a spinning top, which is given a blow from the side: it 
staggers several times, until the gyroscopic forces have stabilized it again. 


But if earth's axis staggers, then the sun describes strange orbits in the sky, it goes 
backwards again, for a longer time doesn't set or it doesn't show for the same period of 

time for the people living on the other side of the globe. _ 

Such an event already is described in the Bible“. For the twenty hours, in which in 
Europe the sun didn't set for a day, again describe the chroniclers of the inhabitants in the 


<ii> 


South American Andes, how at their place the sun didn't show for twenty hours”. 


As a further example from the Greek mythology is mentioned the description of the poet 
Apollodoros. according to whom Hercules for the solution of his 10" task let the chariot of 

the sun bring to a standstill. "He turned his vehicle round and raced the way back, 
dragging along the Pleiaden and all stars, so that the sun set in the East". But if all stars 
take part in the same backwards motion, then this example proves the assumption of the 
staggering earth's axis. 





<i>: Josua 10.13-14 and the in chapter 11.8 cited passages. 


<ii>: nach Montesinos, zitiert in Zecharia Sitchin: The Lost Realms (Versunkene 
Reiche), Knaur Verlag Miinchen 1992, ISBN 3-426-04827-2, S. 203 


<ili>: Werner Raffetseder: Sonnenfinsternis, Hugendubel Verlag, Milnchen 1999, 
ISBN 3-89631-302-9, Seite 18. 
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Fig. 20.11: Eclipse of the sun of 27.07.2281 B.C. 


(angle of the sun = declination: 19.3°) 
The trigger of the biblical Flood? 
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20.11 Changing of polarity and apocalypse 


The pulling at earth's core, which shows as a wobbling of the magnetic axis and in 
damped form can lead to a tilting of the axis of rotation of the earth, still doesn't make an 
apocalypse, no end of the world. This only can be expected, if after a tilting of the axis of 
rotation of earth's core a change of polarity on the surface of the earth occurs. Doing so 
the new magnetic poles, like a compass needle in the field of the solar wind, again align in 
such a that the North Pole will be lying "up" in the ecliptic. Because earth's surface 
will keep it direction of rotation, the sun will, after the process having stabilized, as usual 
again rise in the East and set in the West. But the inhabitants of the earth, which before 
still were having midsummer, find themselves again in the midst of midwinter and vice 
versa. 

Truly apocalyptic processes can be expected during the phase of a change of polarity of 
the earth. Thereby occur unusual relative accelerations and violent earthquakes. The 
largest destructive potential however is present in the waters of the oceans, which are set 
in motion. 


As is well-known the earth at the equator is measuring a radius which is 21 kilometres 
larger than at its poles. If only a part of the waters temporarily flows in the direction of the 

poles of the earth, then the biggest part of the habitable land in Middle and North Europe 

sinks in the floods; then indeed also the statement of Noah makes sense, who as the first 

thing saw the mountain of Ararat rise from the floods, after the water again flowed back 

into its usual ocean basins. The mountain of Ararat after all measures a height of 5137 

meters above sealevel! 


At comparing historical events with details from the Bible the Flood should have taken 
place in the year 2245 B.C.“”. According to the description of the position of the stars Dr. 
Wild calculates July 2281 B.C. as time for the Flood. The Arabic historical writer al- 
Makrizi again shifts the event into the year 3094 B.C... Who is_ right? 
We must verify the eclipses of the sun in this time and determine the position of the points 
of intersection, then we perhaps find the correct answer. Possibly earth's axis has wobbled 
more than once, have occurred several catastrophes in different regions. At 27.7.2281 B.C. 
in any case there actually has occurred an extremely critical constellation, whereas the 
other two years are ruled out. Here no total eclipse of the sun took place (fig. 20.11). 


According to the calendar of the Ugha Mongulala 6110 years before this Flood a still 

much more devastating one should have occurred. That therefore would have been 8391 
B.C., while Scott-Elliot dates the catastrophe in the year 9564 B.C.*"’. According to Plato 

it would have been about 9500 B.C. For such long periods of time a check however isn't 
quite easy anymore, because the meantime changes of the earth sum up considerably. 


<i>: Wild S. 231, 229 and 225. 


<i>: Wild S, 219, 218 and 210, among others cited from Scott-Elliot: Atlantis und 
das untergegangene Lemuria, Bauer Verlag Freiburg 1977. 
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Fig. 20.12 B: Cave painting from Minateda (Spain).<i> <i> 


<i>: Laviosa-Zambotti: Origini e Diffusione della Civilta, Marzorati, 
Milano 1950, 
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Besides the constellation of sun and moon is crucial the occurring of a relevant neutrino 
radiation and the question if both is sufficient to tilt the earth and change its polarity. 
Some experts expect a change of polarity for the time coming, since it takes place with a 
certain regularity and measured in earth historical periods of time in addition fairly often! 

This circumstance the earth presumably owes the river valleys cut deep in the countryside 

and other topographic phenomena. One presumably can only survive such a catastrophe in 

an ark (Noah), in the air bubbles of large caves (the walls of which painted children and 

artists out of pure boredom, see fig. 20.12 B) or in the highland, preferably in the area of 

the equator (Central Africa, highland of Mexico, Andes, Himalaya). 


20.12 Scalar wave gauges for the prediction of earthquakes 


We urgently need gauges, to be able to judge the neutrino situation. At first we with that 
pursue the same goal, as with the building of a free energy converter, however with the 
difference that the converter should maximize the collected amount of energy, whereas the 
gauge should minimize the taken up energy, to not too much load the source and not to 
change the local radiation situation. 

In addition the neutrino radiation should be registered distinguishable in its velocity of 
propagation, what means that the building of a gauge will be very much more costly than 
that of an energy collector. That's why it can be expected that an usable measurement 
instrument might be available only many years later and we that long only can base on our 
own power of observation. 


We for instance can statistically analyse, how the earth after an eclipse of the sun reacts to 

the neutrino radiation focussed by the moon. At August 11 the second focal point was 

situated in the East, and from that an acceleration of the rotation of earth's core can be 
predicted. Corresponding observations actually have been made on the surface of the earth 

with the help of the Foucault pendulum. 

The relation the next time can be checked at the eclipse of the sun at 29.3.2006. This time 
the inverse case is present. A first focussing takes place in the West, so that pendelum 
swings in the reversed direction would be expected, which indicate a slowing down of the 
rotation (fig. 20.12 A). 


But if the rotation of the earth should change, then the balance sheet of angular momentum 

of moon, earth's mantle and earth's core isn't correct anymore. As a result a force of 
difference occurs, which lets the spinning top stagger. But if earth's core staggers inside of 
earth's mantle, then it powerfully stirs the liquid magma, and in this way releases its 
surplus energy again. As a result earth's mantle is heated up somewhat. We, on our wafer- 
thin earth's crust, then time delayed feel the effects of the staggering of the core as an 
earthquake. The period seems to lie at approximately 6.5 days, as far as this can be read 
from reactions to the last two eclipses of the sun. 
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Tafel 20.13 A: Eclipses of the sun of 2 Saros cycles. 
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<i>: Werner Raffetseder: Sonnenfinsternis, Hugendubel Verlag, Munchen 1999, 
ISBN 3-8963 1-302-9, Seite 134. 
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20.13 Calculation of future occurrences 


From the analysis of past and present cosmic events with a strict scientific procedure can 
be predicted to a certain extent also future events. It thereby by no means concerns 
prediction, but exclusively the result of an analysis. 


After the mentioned eclipse of the sun of 29.03.2006 there once more exists danger of 
earthquakes (approx. 4.4.2006) for the Island of Crete and Asia Minor. 
From the eclipse of the sun of 13.11.2012 as well no good can be expected, even if the 
points of intersection, situated close together, lie far away from populated land in the 
south-west Pacific basin. The Maya calendar by the way ends to this time. 
At 21.8.2017, 18 years or a Saros cycle after the eclipse of the sun at 11.8.1999 and 
correspondingly 120° further to the west, the corresponding complete shadow runs 
crossways through the USA. The thankless role of Turkey at the second point of 
intersection this time takes over South Carolina. One only can hope that the houses in 
Columbia are built more stable than in Izmit. 

In fig. 2013 A the two eclipses of the sun of 11.8.1999 and of 13.11.2012 with their 
respective Saros cycles until 2066 are shown. The as critically to value tendency of the 
course of the complete shadow is visible, which wants to nestle against the circle of the 
projection of earth's core to form a line of intersection. 


I here break off, since anyone with my indications and an eclipse of the sun-CD can 

analyse at home all further events personally. I value that if possible many analyses are 
made and controversially discussed, because possible cosmic catastrophes concern us all 

somewhat. 


What good is the building of gigantic fusion ovens, if the runners by no means have 
understood the process of the fusion themselves? Why build ring accelerators for billions 

of dollars, if elementary particles can be calculated at the desk? How is the expenditure for 
gravitational wave detectors justified, if the actual music plays at entirely other velocities 
of propagation? Why is half the annual production of the world of Gallium used for an 
indirect proof of neutrinos, if every self-wound Tesla coil is able to collect more 
neutrinos? 


Our scientists, for whom I as a colleague quite often must be ashamed, have the primary 
task to draw attention to cosmic and other risks and to calculate them in advance. In any 
case it is extremely unpardonable to leave this core duty up to some fortune-tellers and 
self-appointed prophets. 

One should more often remind them that the Chinese Kaiser Tschung-Khang let sentence 

his court astronomers Hi and Ho to death, after the two not having predicted an eclipse of 

the sun. It thus certainly didn't concern a missed spectacle or a missed tourism business, 

but presumably the need for safety of the Kaiser and his subordinates, for which the two 
astrophysicists in ancient China had to take responsibility! 
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<i>: Shu-wen Zhou: Abnormal Physical Phenomena Observed When the Sun, 


Moon, and Earth are Aligned, 21° Century Science & Technology, Fall 1999, 
Vol. 12, No. 3, pp. 54-61. Comments concerning Figure 9: 
Straight lines AB and CD show that the rate of change of the time difference 
between the two clocks is constant in non-eclipse periods, but becomes 
irregular around the time of the eclipse. 
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20.14 Epilogue to the energy technical seminar 


Very slowly the word goes round that the energy source of the future has got a name: 
"Neutrinopower". Unfortunately fundamental physics, which is financed with public 
money, still does know almost nothing about the nature of the neutrino radiation. In 
addition hinder useless model concepts any progress in this direction and so the 
responsible fundamental research steps on the spot. 


Considerably more extensive were already 100 years ago the insights of the experimental 
physicist Nikola Tesla, the discoverer of the neutrino radiation and father of the free 
energy. The space energy however is showing most clearly in nature, which only uses this 
advantageous form of energy. In particular during eclipses of the sun and other cosmic 
experiments it openly comes to light and can be detected by us for a short time. 


The physicist Prof. Shu-wen Zhou of the University of Huazhong in Wuhan, China, 
systematically has investigated the effects, if sun, moon and earth are aligned~. Doing so 

he has proven inexplicable physical anomalies in experiments. Stimulated by the 
discoveries of Maurice Allais with the Foucault pendulum he built an arrangement 
specially flor proving horizontal forces of acceleration, and actually he with that could 
measure face effects during the total eclipse of the sun of 24.10.1995. He even speaks of 
an oscillating force! 


Further he could determine changes in the spectral wave length of various elements, which 
under normal conditions go as constant and even as characteristic for the respective 

element. The relative change of size of the wave length during the ring-like eclipse of the 
sun over China of 23.9.1987 resulted in the 100-fold value compared to the difference in 
the spectrum analysis between surface of the earth and surface of the sun! This 
comparison reveals an immense discrepancy between theory and practice and puts us for a 
solid problem. 

For that six different models of spectrometers were installed in several laboratories of 
different polytechnics and a photograph was taken of the emission spectra of H, D, Ca, 

CN, Ni, Ti, etc. Also other reasons than that of an eclipse of the sun could be excluded 
unambiguosly. In the results of these, at artificial light carried out conventional 
measurements, in any case abysses yawn. The from spectrum analyses won "insights" 

about the composition of strange celestial bodies now for sure can be done away with 
without knowledge about the respective prevailing neutrino radiation. 


Spectacular also is the proof of differences in going of atomic clocks of various 
constructions. During the partial eclipse of the sun of 24.12.1992 seven caesium clocks in 
four cities of China and in three planes were used. The analysis of the differences in going 
resulted in, as is shown exemplary in fig. 20.14, changes of the gradient during the eclipse. 
The results for the atomic clocks in the planes and for two further time measurements 
tumed out with similar clarity”. 


<i>: Shou-wen Zhou: Abnormal Physical Phenomena Observed When the Sun, 
Moon, and Earth are Aligned, 
21" Century Science 6s Technology, Fall 1999, Vol. 12, No. 3, pp. 54 - 61. 


440 Epilogue to the energy technical seminar 



































“(te - ti) time difference 








3 tis 

artial artial ringlike complete ring like 
I AH PSH SH N-H S-H 
3 {Alaska) ( 





arctic) (Antarctic) (arctic rircle)  (NewiZealand) 
: 





j i 
viol esha 
| 9° eae 
aN | oyiy bo Nd 
“1 | = i 
{ 
1 TA Ber mn) BEB, ABCADer oy Borde » 15s 
71989 1989 1990 1990 1991 
a9 | B. 
0 100 200 300 400 500 600 700 800 900 i 








Fig. 20.15: Long-term measurement between 1989 and 
991 of the difference in going of two atomic clocks at 
the U.S. Naval Astronomical Observatory.” 


The in the 1000 days occurred eclipses of the sun have been enter- 
ed later. In addition is recorded, if the northern hemisphere (N-H) or 
the southern hemisphere (S-H) of the earth was involved. 


<i>:Shu-wen Zhou: Abnormal Physical Phenomena Observed When the Sun, 
Moon, and Earth are Aligned, 21° Century Science & Technology, Fall 1999, 
Vol. 12, No. 3, pp. 54 - 61. Figure 8. 


Cosmic experirnents 441 


A connection to the neutrino radiation Prof. Zhon doesn't draw, but it almost is obvious. 


From the U.S. Naval Astronomical Observatory (LC/7970) long-term measurements over 
1000 days between 1989 and 1991 are present (fig. 20.15). The difference in going 
between the two atomic clocks positioned at different places shows a permanent up and 
down. The reason goes as completely unknown. 

But if the eclipses, which took place in this time, are entered then one immediately sees 

the assignment to a maximum or a minimum value. If an eclipse of the sun namely 
concerned the southern hemisphere of the earth, then the difference in going each time 
reached a maximum, but if the shadow of the moon run over the northern hemisphere, then 

each time a minimum occurred. Chance here probably is out of the question! 


Let us record: The effect of an eclipse of the sun, to which for instance a Foucault 
pendulum reacts, can equally be traced back to the interaction of the neutrinos as the free 
energy. That's why the here presented book carries the title "Free energy and the 
interaction of the neutrinos". It has appeared in the series concerning the "Electromagnetic 
environmental compatibility", and also for that there are good reasons. Our energy 
technology must become more ecologically compatible and we come the goal closer, if we 
emulate nature, understand and copy it. 


That it further concerns electromagnetism, likewise is explained from the interaction of 
the neutrinos, which concerns the oscillating and resonant case of the electromagnetic 
interaction. In this respect the reference to the series of books therefore would be given. 


It only indirectly has to do with "electrosmog", or what otherwise is understood under 
environmental compatibility in general. It however could be shown that also the earth 
radiation is a form of neutrino radiation, and that it poses a biological effectiveness, after it 
turned out that it serves nature as an energy source. With that the conflict with space 
energy devices already is predetermined if the same scalar wave radiation should be used. 
Then one system takes away the other system the energy basis and the existence basis. 
This environmental compatibility problem can be solved, if care is taken that both don't 
get in each others way with regard to the frequency and the wave length. We for that need 
a deep understanding concerning the topic of the space quanta and the neutrinos, their 
physical properties and the corresponding device technology. The book should make a 
contribution to that. 


The other side of the medal is the information technical aspect of the scalar wave radiation 
and the environmental compatibility problem connected with that. The third and last part 
of the series of books is dedicated to this theme. 
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Preface to the seminar, part 3 


With the appearing in print of the 3" part of the series of lecture notes of the 
electromagnetic environmental compatibility, the collection of material can be considered 
to be completed for the time being. By now almost all aspects concerning the theme of the 
potential vortices of the electromagnetic field and their propagation as a scalar wave 
should have been addressed or at least indicated. 

And that's what it is about in the case of the editions belonging to the seminars: In the 
seminars, taking place inside and outside the university, questions about the phenomena 
and the biological effectiveness of the fields, which surround us, are discussed. The 
scientifically correct procedure asks as a preparation for the seminar a voluminous 
collection of material and a compilation of theses with the pros and contras to them. 
The argumentation, which is denoted as ,,textbook physics" and is generally accepted, the 
participant of the seminar can work out himself by means of the available journals and 
books. The potential vortex, which completed the field equations, however makes possible 
a counterstatement, which for most participants at first will be unusual. The old dispute 
between quantum and field physics rekindles. What is missing is a voluminous collection 
of material concerning the refined field physics, and this gap the editions belonging to the 
seminars should close. 

In the case of this book the primary concern is to make sure, that all facets, properties and 
physical consequences of the new and unified field physics are addressed. The question, if 
all points can bear a strict verification, remains reserved to the seminar and its 
participants, of whom each should form its own judgement. The series of books should be 
understood as a stimulation, to make own thoughts about the various points. Who has no 
opportunity to participate in a seminar, by means of the lecture at least gets an idea of 
what is discussed here and how is __ struggled for _ scientific insights. 
The herewith completed collection of material by no means may be compared or confused 
with a basic work about the theory of objectivity. That the editions cannot and want not 
afford at all. They together with the discussions at best form the basis for a scientifically 
basic work, at which I am working. 


In the case of the collection of material concerning the electromagnetic environmental 
compatibility consisting of three parts, again and again new aspects have emerged, which 
found entrance into the book, at which I was working at that particular time, whereas the 
rough structure has been controlled precisely: part 1 with the chapters 1 to 9 treats the 
basics, part 2 with chapters 10 to 20 the energy technical aspect and part 3 with the 
chapters 21 to 30 the information technical aspect of scalar waves. 
The here presented 3™ part starts with the wave equation and the two comprised parts of a 
transverse and a longitudinal wave. The historic dispute between Heinrich Hertz and 
Nikola Tesla with the experimental evidence of the each time used wave part is continued 
over the wave-particle uncertainty compromise up to the dispute about the right field 
description: that of Maxwell or the new dual and at the same time unified description, 
which builds upon Boscovich and Faraday. The aspects, which seem so irreconcilably 
thereby only are two parts of a single equation, which is much older and can be traced 
back to Laplace: the wave equation. 

Until now no derivations of this equation, which contains both wave parts, are known 
This for the first time succeeds from the new and extended field approach in the summary 
from chapter 26. At first however is attempted to make the world of the scalar waves 
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plausible with models, calculations and observations. For that are used examples from 
high-frequency engineering, like the ground wave or the near-field area of an antenna, and 
from nature and medicine, which are granted two chapters. The comparison of the nerve 
conduction with Tesla's one wire technology is bringing it to light that scalar waves 
equally are used in both cases. In a frequency diagram the insights are entered concisely 
and is shown that considerably more unexplored domains occur than already is known, 
that in most cases not even gauges are available. With the design for building a scalar 
wave gauge the scientific verification of until now only empirically won results is 
stimulated, like for instance the results the radiesthesia wants to have determined with the 
help of the sensitivity of man as a biosensor. 


Many relations will be revealed to the reader only, if he has worked through the summary, 
which follows. From Maxwell's field equations only the well-known (transverse) Hertzian 

waves can be derived. (Longitudinal) scalar waves however in the result are zero. This is a 
flaw of normally used field theory, since scalar waves exist for all particle waves, like e.g. 
as plasma wave, as photon- or neutrino radiation. Because the field pointer, in the 
direction of which longitudinal waves are propagating, is oscillating, the frequency will 
oscillate like the velocity of propagation, which again is measured as a noise signal. Any 

antenna noise proves the emission of scalar waves in space. But scalar waves, or whatever 
should be subsumed under the by mathematics minted generic term free of any value 
judgement, surely are more than only noise. 


Starting from Faraday's discovery - instead of the formulation of the law of induction 
according to Maxwell - an extended field theory is derived, which goes beyond the 
Maxwell theory with the description of potential vortices (noise vortices) and their 
propagation as a scalar wave, but contains the Maxwell theory as a special case. The new 
field theory with that doesn't collide with the textbook opinion, but extends it in an 
essential point with the discovery and addition of the potential vortices. 

Also the theory of objectivity, which follows from the discovery, is compared in the form 
of a summary with the subjective and the relativistic point of view and the consequences 
for variable velocity of propagation of the scalar waves, formed from potential vortices, 
are discussed. Like already in part 1 the unification of the electromagnetic interaction with 
the gravitation succeeds impressively. 


Besides the mathematical calculations this book contains a voluminous material collection 
concerning the information technical use of scalar waves, if e.g. the useful signal and the 
usually interfering noise signal change their places, if a separate modulation of frequency 
and wavelength makes a parallel image transmission possible, if it concerns questions of 
the environmental compatibility for the sake of humanity (bioresonance, among others) or 
to harm humanity (electrosmog). With that the book again finds back to the starting point, 
to the open task, which made necessary an excursion through all domains of physics to 
answer it. I hope, the long march was worthwhile. 


Villingen-Schwenningen december 2002 


446 Preface belonging to the seminar, part 3 





Preface to the 2" edition of part 3 


In favour of chapter 30 as a complement, an introduction into the ancient broadcasting 
technology of the gods, the 1° edition wasn't printed anymore in the year 2002 as 
originally planned. Instead the individual chapters have been prepublished in different 
places. The chapters 21 to 25 are found among others in the book "scalar wave 
technology", which has been published as an instruction for an experiment to demonstrate 
scalar waves in 2001. Excerpts from it, as also from the chapters 26 to 28 have appeared 
in form of individual essays in different journals. 


Again experimental successes had been intervening, which caused a renewed deferring of 
the date of appearance of the 3™ part of the series of books. In my laboratory the bi- 
directional transmission of music and of data by scalar wave was successful. We thus also 
can transmit information backwards from a receiver to the transmitter or to a second 
receiver, whereby the receivers work purely passive, thus without own power supply. The 
operating energy is as well supplied to them by the transmitter by scalar wave. The 
demonstrated technology opens completely new possibilities of a technical application. 
Conceivable are telemetry installations where measurement signals have to be transmitted 
from rotating or otherwise inaccessible places of a machine. The energy for the 
measurement electronics can be transmitted wirelessly by scalar waves and the signal can 
be sent back along at the same time, by modulating it onto the energy carrier. In this way 
dozens of measurement stations can be connected wireless with a single central 
transmitter, which supplies them all with energy. 


The question was asked: Is the technology really entirely new? The answer is amazing: 
No, it here concerns the oldest technology of humanity, which had developed to a peak in 
antiquity, to send receive engineering of the gods. For this claim even a mathematical 
proof is available. For that the authoritative transition, the unrolling of a vortex to a wave 
(the transition from the near-field to the far-field) or in the reversed case the rolling up at a 
receiver antenna (usually denoted as standing wave) is calculated with help of the 
extended field theory. The result is, that at this transition the velocities of propagation 
resp. the wavelengths of the transverse and the longitudinal wave stand to each other in 
the ratio of the Golden Proportion. 

With regard to the optimization of a transmitter or receiver antenna the Golden Proportion 
has an effect on the construction resp. the architecture of corresponding buildings . Which 
ones, with that deals the complementing chapter 30. But it mustn't be missing either, since 
after all it concerns a grandiose practical information technical use of scalar waves, from 
which we technologically can learn a lot”. 


Villingen-Schwenningen march 2003 


<i>: Note: chapter 30 provides an introduction into ancient broadcasting 
technology of the gods. The working off of history with respect to the use of 
scalar waves is so voluminous, that for that a book of its own is published 
with the title: 

<i>: K. Meyl: Sendetechnik der Gotter, historischer Sciencefictionroman (2003), 
Villingen-Schwenningen, INDEL Verlagsabteilung, ISBN 3-9802 542-5 9 
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21. Derivation of the scalar wave 


WilliamThomson, who called himself Lord Kelvin, after he had been knighted, already in 
his lifetime was a recognized and famous theoretical physicist. The airship seemed him 
too unsafe and so he went aboard a steam liner for a journey from England to America in 
the summer of 1897. He was on the way in a delicate mission. 


Eight years before his German colleague Heinrich Hertz had detected the electromagnetic 
wave in experiments in Karlsruhe and scientists all over the world had rebuilt his antenna 
arrangements. They all not only found confirmed the wave as such, they even could show 
the characteristic properties. 

It was a transverse wave, for which the electric and the magnetic field pointers oscillate 
perpendicular to the direction of propagation. This can be seen as the reason, that the 

velocity of propagation is showing itself field independent and constant. It is the speed of 

light c. 


With that Hertz had experimentally proven the properties of this wave, previously 
calculated in a theoretical way by Maxwell, and at the same time proven the correctness of 
the Maxwellian field theory. The scientists in Europe were just saying to each other: "well 

done!" as completely other words came across from a private research laboratory in New 

York: "Heinrich Hertz is mistaken, it by no means is a transverse wave but a longitudinal 
wave!" 


Such a screwball most said and did as if they hadn't heard the criticism at all. But then 

one couldn't ignore it completely, because on the one hand claimed the private research 

scientist to have experimental proof and on the other hand it wasn't just anybody, who 
here reported. It was nobody but Nikola Tesla, the Croat experimental physicist who 
emigrated to America 

Him we owe the modern alternating current technology from the high-tension network for 

energy transmission over the alternating current transformer to the asynchronous machine. 

With his magnificent inventions he had earned enough money, to be able to afford a 
private laboratory, in which he could research and invent uncensored and free. The key to 

his success was lying in his purposeful, concentrated and efficient working method. 

He was fast! Whereas in Europe still was being discussed about properties and theoretical 
possibilities of application of the wave, Tesla already presented the armed forces a remote 
controlled scaled-down submarine in Madison Square Garden (fig. 21.1 A). To convince 
such a man, who only holds valid what his experiments reveal, from the opposite, should 
be a hopeless enterprise. 

Lord Kelvin was aware of that, as he made the decision to go on the journey. He could not 
and did not want to put his head into the ground, as many of his colleagues, because on 
the one hand scientists are curious by principle and on the other hand he travelled as an 
official representative of science. He had been instructed to free, as Mr. Clean, the 
undamaged world of sciences from erroneous teachings. But it came completely different. 
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Fig. 21.1 A: 








Fig. 21.1 B: Patent specification concerning the 
remote 


controlled submarine.~'* 





<i>: Nikola Tesla: Method of and Apparatus for Controlling Mechanism of Moving 
Vessels or Vehicles, US-Pat. 1898, Nr. 613,809. Complete Patents: P. 351 
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21.1 Lord Kelvin in a delicate mission 


The first day of his visit at Tesla Kelvin spoke the admonishing words he had been 
instructed to speak. He recommended Tesla warmly to publicly retract the remarks 
concerning the Hertzian mistake and to contribute himself to the settlement of the dispute. 
Seen from a specialist viewpoint they talked at cross-purposes. 


But at night in his hotel room the Lord again thought about the experiments, which had 
been shown to him. The standing wave nature had been visible unambiguously: the 
oscillation nodes, the effect back on the transmitter, the high degree of effectiveness and 
many other things more. Such properties the Hertzian wave indeed doesn't know. Also 
Tesla didn't work with dipole antennas, but with flat coils, with spark gap oscillators and 
with a very unconventional switching technique, set up different in principle. 


The next morning Lord Kelvin appeared in the laboratory again and greeted Tesla with the 
words: "Then you don't use Hertzian waves?" "Certainly not", Tesla answered," it are 
radiations. By waves no energy could be economically transmitted over a larger distance. 

My system works with true conduction, which theoretically seen can take place over a 

larger distance, without bigger losses occurring." 

In the article of the "Electrical Experimenter" is noted further, that the doubting critic 
Kelvin suddenly turned into one of the biggest followers~”. 


Kelvin deduced very fast: according to that there exist two different sorts of wave 
propagation. So Hertz with his transverse wave is just as right, as Tesla with the 
longitudinal wave. 

As a represantative of theoretical physics he however could pull out Tesla a decayed 

tooth. Maxwell had based his field description on an aether concept, which at that time in 

the world of sciences triggered violent discussions. Since Tesla saw such an aether as a 
prerequisite for longitudinal waves, he thought he and not Hertz had proven the Maxwell 

wave in experiment for the first time. By stating this the magnificent experimental 
physicist however revealed weaknesses in the area of theory. Maybe he had not read exact 
enough or understood the books of Maxwell, which without doubt were formulated 
mathematically only arduously comprehensible in the original version. 

In this point Tesla had to learn otherwise by Kelvin. Maxwell's field theory provides 
without exception a mathematical description for the Hertzian wave. For the Tesla 
radiation however no field description exists! This by the way is the circumstance, why 

this wave could disappear from the textbooks and again fall into oblivion. 
Tesla himself had problems to theoretically imagine, what happens at his wave. His 
models in some points perhaps were even better than the official textbook opinion, but not 
without contradiction to accepted regularities. That's why Tesla did without a publication 
of his ideas, although he in his lifetime had filed away at an own theory. 


<i>: Nikola Tesla: Famous Scientific [lusions, III. The Singular Misconception of 
the Wireless, Electrical Experimenter, Feb. 1919, printed in Tesla Said, p. 197 
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Figure 21.2 A: 


William Thomson, 1846 
becoming Professor at 
Glasgow University with 
the age of 22 years. 
From 1892. on he was 
called Lord Kelvin.” 


| es SS 


Fig. 21.2B: Vortex rings from a smoke vortex gun.” 


<i>: David Ash, Peter Hewitt: Science of the gods, Gateway Books, Bath, 1990 
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21.2 Helmholtzian ring-like vortices in the aether 


Tesla told Kelvin at his visit from the meeting with the German Professor Hermann von 
Helmholtz on the occasion of the World's Fair in Chicago 1893. Kelvin knew him very 
well and had cooperated with him in the past. Now the vortex concept of his colleague 
and his model of stable vortex rings were very obliging. 

In the case of a standing wave the impulse is passed on from one particle to the next. In 
the case of acoustics for instance we are dealing with a shock wave, where one air 
molecule knocks the next. In this way sound propagates as a longitudinal wave. 
Correspondingly the question is raised: What sort of quanta are the ones, which in the case 
of the Tesla radiation carry the impulse? 


Lord Kelvin was already on the way back to Europe on the steamship and he deduced: 
The Tesla experiments prove the existence of longitudinal standing waves in space. In the 
question, what passes on the impulse, Kelvin comes to the conclusion: it are vortices in 
the aether! With that he had found an answer in experience. With his students he built 
boxes, with which he could produce smoke rings, to be able to study and demonstrate in 
experiments the special properties of ring-like vortices in their flow technical analogy (fig. 
21.2*"), But he didn't have ready a suitable field theory. 


The from Germany to the Isles exported vortex physics for a short time could establish in 
England, before it was slaughtered and buried by the German quantum physicists. A main 
advocate has been James Clerk Maxwell, who held the vortex theory for the best and most 
convincing description of matter“"”. As his successor at the Cavendish laboratory in 
Cambridge J. J. Thomson was appointed, who already as a young man had got a price for 

a mathematical treatise about vortices”. He discovered the electron and imagined it, how 
could it be otherwise, as a field vortex. 


The crucial weakness of vortex physics, the lacking of an usable field theory, was of 
benefit to the emerging quantum physics. This could change fundamentally with the 
discovery of the potential vortex, the vortex of the electric field“! 

In addition is the experimental proof of a vortex transmission as a longitudinal wave in air 
or in a vacuum, as it has been furnished by Tesla already 100 years ago, neither with 
Maxwell's theory nor with the today normally used quantum theory explicable or 
compatible. An urgent need is present for a new field theory! 





<i>: David Ash, Peter Hewitt: Science of the gods, Gateway Books, Bath, England 

1990. 

<i>: James Clerk Maxwell: "...the vortex rings of Helmholtz, which Thomson 

imagines as the true form of the atom, fulfil more conditions than any other 

previous concept of the atom." 

<ili>: J.J. Thomson: "the vortex theory is of much more fundamental nature than 

the usual theory of solid particles." 
<i4>: Konstantin Meyl: Potentialwirbel Band 1 (1990) and Band 2 (1992), INDEL- 
Verlag, Villingen-Schwenningen. 
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Scalar waves, a mathematical reasoning (I) 


1. prerequisite: wave equation (textbook-formulation) 


1 8E 


AE os 
c2 st? 








taking apart of the delta operator mathematically (Laplace 
operator) according to the rules of vector analysis (fig. 5.0): 





AE = graddivE - rotrotE 


wave * Houmeueese, t ‘transverse | (511) 





2. State of the art of technology: Hertzian wave = transverse wave 
special case: = solution of Maxwell's field equations 
no sources: 


2 
| -rotrotE = oe) 
divE = 0 c 21.3) 
and 


transverse wave: ; . . 
field pointers oscillate crosswise to the direction of propagation 
The propagation occurs with the speed of light c. 








3. claim: Tesla radiation = longitudinal wave 
special case: 

irrotationality: 

b Joeeeery 1 67E 





rotE = O |and | grad divE = (214) 


—E 
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longitudinal wave, shock wave, standing wave: 
field pointer oscillates in the direction of propagation. 
Velocity of propagation is variable! 





Fig. 21.3: The special cases of the wave equation 
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21.3 Taking apart of the wave equation 


Before one plunges into the adventure of an entirely new field theory, it first of all should 
be traced and analysed, what the latest textbooks say about scalar waves. 


There some scalar or vector potentials are introduced; there the constant of dielectricity e 
is written down as a complex variable, although it physically seen concerns a material 
constant, only to be able to calculate with this trick artificially a loss angle, which should 
indicate the losses occurring in a dielectric, where in reality it concerns vortex losses. Of 

course one can explain the dielectric losses of a capacitor or the heating in a microwave 

oven entirely without vortex physics with such a label fraud, but it should be clear to 
anyone, that in a complex constant lies buried an inner contradiction, which is 
incompatible with physical concepts. 

We are used to such auxiliary descriptions so much, that the majority of today's physicists 

tend to attribute physical reality to this mathematical nonsense. As pragmatists they put 
themselves on the standpoint if with that experimental results can be described, then such 

an auxiliary description can't be so wrong after all. Doing so the circumstance is forgotten 

that here the ground of pure science is abandoned and is replaced by creeds. 


We find everything already in the wave equation, as it can be found in all textbooks. 





ae SSSR 01.1) 
Behind this formulation two completely different kinds of waves are hiding, because the 
used delta operator consists of two parts according to the rules of vector analysis: 





graddivE - rotrotE = AE (21.2) 


longitudinal / transverse wave 





We want to discuss two special cases. 

If we put the left part (in eq. 21.2) to zero (div E = 0) which is tantamount to no sources of 
the field then the well-known radio wave remains, which also is called Hertzian wave, 
after Heinrich Hertz, as said, had experimentally detected it in Karlsruhe 1888: 














div E=0 and | -rotrotE es a (special case) (21.3) 
[+ glia 62 5 








It concerns the transverse wave, described by Maxwell, for which the field pointers 
oscillate crosswise to the direction of propagation. The propagation again occurs with the 
speed of light c. So much concerning the state of the art of technology. 

But as we see, in the mathematical formulation of the wave equation is hiding, yes, even 
more than only the generally known electromagnetic wave. The no sources approach is a 
neglect, which only is valid under certain prerequisites! 
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Scalar waves, a mathematical reasoning (II) 


3. claim: Tesla radiation = longitudinal wave 


rotE = 0 d ae 21.4 
ro an grad div a se [214 


special case: 
source field, because div E # 0 


=> sources = charge carriers (plasma waves) 
=> sources = vortex structures 





4. approach: (div E # 0) is a scalar! => scalar wave 


=> E-field vector can be derived from a scalar potential o: 











and div E = -div grado = —Ago (21.6) 
inserted in eq. 21.4: homogeneous scalar wave equation 
1 8 
A . = 217 
bi cSt 


5. proof: For the case of an additional space charge density 
Pei! Should be considered: div D = Pel 
and divE =pe/e (21.8) 


inhomogeneous scalar wave equation = plasma wave! 
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Fig. 21.4: Derivation of the plasma wave 
as an example of a scalar wave 
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21.4 Derivation of the scalar wave equation 


Making neglects by all means is normal and legal in science. But it may not be carried out 
at will and untested. In any case an error consideration is necessary, the result of which 
should be, that the neglect indeed is sufficiently small. 

In the here presented case of the wave equation I haven't found one single textbook, in 

which this error consideration has been carried out. As a result of this inexcusable 
negligence there is the danger that exactly the aspect is neglected, which it actually 
concerns. This could lead to catastrophical results, e.g. that the causes for electrosmog, for 
numerous EMC-problems, for biological and technical effects aren't seen and understood 
anymore, that pure science once more dilapidates to a creed! 


In the case of the wave equation the assumption of no sources describes only one side of 
the medal. The other side, which for the electromagnetic wave occurs as an error term, we 
get if we this time put the mght part in equation 21.2 to zero 
(rot E = 0). 

In this case a divergence of the field is present, which requires a source field. As sources 
some charge carriers, quanta or at least particle structures, e.g. vortex structures have to 
exist. Their propagation occurs, as we know it from the sound propagation, as shock wave 
in longitudinal manner. The air molecules, the quanta or particle structures thereby 
oscillate in the direction of propagation. Also the field pointer has a component in this 
direction 














rot E=0 and grad div E (special case) (21.4) 








The occurring divergence of the field pointer (div E) is a scalar, for which reason this 
wave preferably is called scalar wave. 





In the special case of a scalar wave (rot E = 0) the E-field vector can be derived from a 
scalar potential @: 


| E =— grad » (21.5) 


On the one hand this term is used in the wave equation 21.4 on the right-hand side without 
forming the gradient on both sides of the equation. On the other hand the divergence of 
the approach 21.5: 


div E = -divgradg =-Ag (21.6) 


is applied in equation 21.4. The result is the homogeneous scalar wave equation: 
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Proof: plasma wave = 
inhomogeneous scalar wave equation 


2 
Ae = 1, 970 = pa (21.9) 


ce bt? & 
one solution”: @? = c?-k? + @p?_ (= Langmuir waves). 
Fig. 21.5 A: Derivation of the plasma wave as an 
example of 


the existence of scalar waves in the wave equation 


2 
O 


Hertzian Grounded oscillator 
oscillator with (according to Tesla) 
much energy at with little energy at 
low degree of high degree of 
effectiveness effectiveness 





Fig. 21.5 B: Nikola Tesla explains the difference 
between ae, his 
radiation and the Hertzian wave." 


<i>: The solution describes dispersion relations of plasma waves; longitudinal 
wave movements + Langmuir oscillations of the electron density. 

<ii>: Nikola Tesla: The Problem of Increasing Human Energy, The Century 
Monthly Magazine, June 1900, ISBN 1-882137-00-0, Page 1-15 
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21.5 Derivation of a plasma wave 


Doing without formation of the gradient for the derivation of the homogeneous wave 
equation is tantamount to an integration of the equation. We hence under certain 
conditions must expect the occurring of an integration constant. 

This is the case, if in addition a space charge densitypy occurs as source of the field, 
which according to Maxwell equation 4 can be considered as the divergence of a dielectric 
displacement D (fig. 21.4): div D = pa, 


resp. with the relation of material D= ¢-E: divE = pa/e =-Ag. (21.8) 


If we complete this contribution with possible present field sources, then the 
inhomogeneous scalar wave equation results: 





Ss : 
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(21.9) 





<i> 


For these equations solutions have been published™”. They have the same form, as the 
well-known dispersion relations of Langmuir waves. That is electron plasma waves, thus 
longitudinal wave movements associated with Langmuir oscillations of the electron 
density. 


With that it has been proven that scalar waves and longitudinally propagating standing 
waves are described by the wave equation and are contained in it. This in any case is valid 
in general just as in the special case of a plasma wave, as mathematically could be 
derived here. 


From the example of the derivation of plasma waves from the wave equation 21.1, we see 
that scalar waves by all means are known and their existence isn't casted doubt on at all. 
After all the mathematically won solution is secured by numerous experiments. Why do 
textbooks concerning high-frequency engineering then ignore the scalar wave parts in the 
wave equation? 

Our specialists seem to concentrate so much on their branch, that they are losing the view 
on the Big Whole. They practice one-eyed physics, where the plasma physicist keeps one 
eye shut and the radio technician the other eye. What the other one does and researches, 
they don't understand anymore for ages. It is necessary to point them to their common 
root. 


The perhaps most important statement of the wave equation is that every emitted wave 
contains both longitudinal and transverse parts! Both parts in addition occur jointly, so 

that for corresponding boundary conditions it can be expected that one part is 
transforming into the other part. The HF technician then suddenly measures less field 
strength and comes to the conclusion that his radio wave has been damped or partly 
absorbed. Doing so heat is created, he says, although the wave equation by no means 
contains a corresponding term for the necessary thermodynamic description. He simply 

hasn't understood the wave equation! 

Absorption means nothing but transverse waves in the case of a disturbance rolling up to 
vortices, to become a scalar wave in this way (fig. 1.4 and 5.3). With that they are evading 
every field strength measurement and what can't be measured doesn't exist in one-eyed 
physics! Therefore can't exist, what shouldn't exist. 
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Fig. 21.6: Ground waves, which follow the curvature of the 


earth and radio waves reflected at the ionosphere." 


<i>: Meinke, Gundlach: Hochfrequenztechnik, 4.Aufl. Springer-Verlag Berlin 
1986, Seite R 18:  ,,Lang-,  Mittel- and Kurzwelle breiten sich einerseits 
entlang der Erdoberflache als Bodenwellen, andererseits unter Mitwirkung 
der Ionosphare als Raumwellen aus." 
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21.6 Mistakes of the HF technology 


The devastating judgement of Tesla, Hertz was mistaken, was rash. His claim of having 
detected the Maxwell wave himself, proved to be untenable. With this claim in particular 
Tesla hud the scientific world against him. If one opens encyclopedias or textbooks then 
one gets the impression, until the day of today science still hasn't forgiven Tesla, what 
once more shows how persistent prejudices are kept. 


Just as little does a verdict of the American Supreme Court justice to the true 
circumstances, with the decision of the highest judges that Tesla and not Marconi is 
entitled the right to be the inventor of the radio. As we see, have both inventors in reality 
used completely other kinds of waves. The available transmitters of 100 years ago we 
would from today's viewpoint call ,,broadband dirt slingers". These spark flying monster 
have blown both parts of the wave equation, the transverse as well as the longitudinal part, 
into the air to ample extent. What distinguished the wave pioneers was their receiver 
technique, was eventually the question, which wave part they have filtered and utilized. 


Marconi worked with dipole antennas, as already Heinrich Hertz. With that both could 
preferably track down and detect the radio wave. So they also should be entitled the right 
to be pioneers of radio technology. The verdict of the highest judges doesn't justice to this 
circumstance and should rather be judged as a nationalistically coloured political issue. 
Tesla however worked with two spherical electrodes, in which he preferably replaced one 
electrode by the globe, by grounding his devices. In this way he could receive the scalar 
wave parts. But that are not radio waves! Scalar waves have completely other properties, 
one even could be inclined to call them opposite properties. 


To improve the degree of effectiveness of the transmission stretch one naturally was 
trying to also optimise the transmitting installation with regard to the respectively used 
wave part. Tesla optimised the scalar wave part and could record reactions of biological 
beings. His part represents a set of difficulties of the environmental compatibility, which 
should be taken serious. In the beginning the Marconists on the ships, as the radio 
operators were called, suffered from the so-called radio operator disease, which is 
unsolved until today. This phenomenon only disappeared after the radio devices on board 
had been optimised in favour of the used radio wave. The reached and measuring 
technically verifiable increase of the degree of effectiveness, primarily obtained by an 
improved antenna adjustment, simultaneously means a reduction of the scalar wave part, 
which endangers health. 


But a received signal hides the receiver technician, if it has been on the way as a 
transverse or as a longitudinal wave. The coupling in one and the same equation leaves 
open both possibilities. Every radio amateur knows the so-called ground waves, which 
arrive faster at the receiver, than the Hertzian waves mirrored at the ionosphere, which 
propagate in a straight line. Allegedly the ground waves follow the curvature of the 
earth*'’, so it is written in expert books. This explanation hurts, since who can see along 
the curvature of the earth with a pair of field glasses. He would see the back of his head! 
No, the explanation the ground waves would run along the earth's surface is pure 
nonsense. The interference and the fading with which the radio amateur is fighting, are a 
result of the differently fast arriving wave parts, and doing so the scalar wave part tunnels 
as a straight line right through the earth (fig. 21.6)! 
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Fig. 21.7 A: Longitudinal and transverse earth quake waves. 
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Fig. 21.7 B: Analysis according to the Richter scale. 
(e.g.: 40 s_ duration between S- and P-waves 
for 5 mm _= amplitude means an_— earthquake 
of strength 5 in a distance of 220 miles.) 
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21.7 Coupling of the wave parts 


The set of difficulties of ground waves makes clear the coupling of longitudinal and 
transverse waves as two aspects or parts of a wave. As the corresponding equation 21,1 
mathematically taken apart into 21.2 dictates, does every transmitter emit both parts. 


Exactly this circumstance the owners of allotments have used, which directly near a 
transmitter had illuminated their estate with freely hung up fluorescent lamps. The 
transmitter runners after that wanted to present them the power bill.and they could obtain, 
that this kind of illumination technique was prohibited. 

Nowadays anyone may operate a high-frequency technical installation, even if he hasn't 
understood at all the wave equation used by that. Actually one should have been grateful 

to the allotment owners, if they withdraw the scalar wave radiation, which is incompatible 

with the environment and biologically harmful, with their fluorescent lamps. Taken exact 

it even is the task of the transmitting technician to pay attention to it. that only radio 

waves are sent into the air, since only those should be used. The time has come to reverse 

the burden of proof to protect the environment, nature, the consumer and the unasked and 

not involved persons, which are irradiated. 


From other areas, for instance from flow dynamics or for body sound is generally known 
that both wave parts exist and in addition occur jointly. In the case of a propagation 
through the earth, like for an earthquake, both parts are received and utilized. Because 
their propagation is differently fast, the faster oscillations arrive first and that are the 
longitudinal ones. From the time delay with which the transverse waves arrive at the 
measurement station, the distance to the epicentre of the quake is determined by means of 
the different velocity of propagation. For geophysicists this tool is part of everyday 
knowledge (fig. 21.7). 


Only who keeps one eye shut, could mean that the electromagnetic wave is purely 
transverse and sound purely longitudinal. It is true that a transverse sound wave doesn't 
get too far in air, for which reason sound as a rule is considered as a purely longitudinal 
wave by neglecting this part, but such a neglect may not be carried out in general, it must 
be checked if it is legitimate from case to case and an error consideration should be 

carried out. 


Further examples for the coupling of the wave parts are furnished by the latest tunnel 
experiments. Here so-called pure transverse waves are sent into a tunnel, through which 

they don't fit through at all. The Maxwell-theory then dictates that behind the tunnel no 

signal should be measurable. 
But a signal is being measured, which in the tunnel in addition was faster than allowed. 


In conferences again is being discussed about the wave equation. The imagination of the 
specialists reaches from phase velocities of an electromagnetic wave, which isn't present 
at all up to instantaneous tunnelling, during which the clocks should stop*”. 

The wave equation however supplies the only possible answer: The tunnel filters out the 
scalar wave parts and lets pass from them only those, which are sufficiently small and 


correspondingly fast! 


<i>: see Part 1, Chapter 6.14 
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Fig. 21.8 A: The fields of the oscillating dipole antenna 





Fig. 21.8 B: The planar electromagnetic wave in the proximity 


<i>: Zinke, Brunswig: Lehrbuch der Hochfrequenztechnik, 1. Bd., 3. Aufl. 
Springer-Verlag Berlin 1986, Seite 335 

<ii>: dpa-message in the Sudkurier of 25.11.2000: ,,Gefahr furs Herz" 
(Translated:) Patients with a cardiac pacemaker produced in the Netherlands 
have been warned by the producer of the device (Vitatron) to be careful when 
passing anti-theft installations in stores. For devices, which were implanted 
between 1992 and 1998, there is the danger of the implant failing. 
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21.8 Set of difficulties of the near-field 


In high-frequency technology is distinguished between the near-field and the far-field. 
Both have fundamentally other properties. 


Heinrich Hertz did experiment in the short wave range at wavelengths of some meters. 
From today's viewpoint his work would rather be assigned the far-field. As a professor in 
Karlsruhe he had shown that his, the electromagnetic, wave propagates like a light wave 
and can be refracted and reflected in the same way. It is a transverse wave for which the 
field pointers of the electric and the magnetic field oscillate perpendicular to each other 
and both again perpendicular to the direction of propagation. It hence would be obvious, if 
in the case of the Hertzian wave it would concern the far-field. Besides the propagation 
with the speed of light also is characteristic that there occurs no phase shift between E- 
field and H-field. 


In the proximity it looks completely different. The proximity concerns distances to the 
transmitter of less than the wavelength divided by 2*pi. Nikola Tesla has broadcasted in the 
range of long waves, around 100 Kilohertz, in which case the wavelength already is 
several metres. For the experiments concerning the resonance of the earth he has 
operated his transmitter in Colorado Springs at frequencies down to 6 Hertz. Doing so the 
whole earth moves into the proximity of his transmitter. We probably have to proceed 
from assumption that the Tesla radiation primarily concerns the proximity, which also is 
called the radiant range of the transmitting antenna. 

For the approach of vortical and closed-loop field structures derivations for the near-field 
are known“. Doing so it must be emphasized that the structures don't follow from the 
field equations according to Maxwell, but the calculations are based on assumed rotation 
symmetrical structures. The Maxwell theory by no means is capable of such a structure 
shaping by principle. The calculation provides as an important result~” that in the 
proximity of the emitting antenna a phase shift exists between the pointers of the E- and 
the H-field. The antenna current and the H-field coupled with it lag the E-field of the 
oscillating dipole charges for 90° (fig. 21.8). These charges form a longitudinal standing 
wave the antenna rod or antenna dipole. For this reason also the fields produced by 
high-frequency currents at first have the properties of a longitudinal wave in the proximity 
of the antenna. 


The near-field already is used in practice in anti-theft devices, as they are installed in the 
entrance area of stores. The customer walks through the scalar wave transmitters. If the 
coupling coil has not been removed at the cash point, then a signal from the alarm system 
sounds. The coils work purely passive, i.e. they are supplied with electric energy per 
scalar wave and stimulated 'to oscillate for their part. Then the effect back on the 
transmitter is being utilized. Even if the principle is functioning, people still should be 
warned not to use a technology, which has not been understood completely. Then not 
explained catastrophes are inevitable 


<i>: Zinke, Brunswig: Lehrbuch der Hochfrequenztechnik, 1. Bd, 3.Aufl. 
Springer-Verlag Berlin 1986, Seite 335 

<ii>: dpa-message in the Sudkurier of 25.11.2000: ,,Gefahr furs Herz". (quoted at 
the left, fig. 21.8) 
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Fig. 21.9 A: The coming off of the electric field lines from a 
dipole 

The forming vortex structures found a _ longitudinal 
electric wave carrying impulse! 





electromagnetic wave (transverse) 





Fig. 21.9 B: The planar electromagnetic wave in the far zone 


Derivation of the scalar wave 465 


21.9 Transition to the far-field 


In sufficient distance to the transmitting antenna as far-field the transverse 
electromagnetic wave results (fig. 21.9 B). It is distinguished by not occurring a phase 

shift between E- and H-field anymore. Every change of the electric alternating field is 
followed immediately and at the same time by a change of the magnetic alternating field 

and vice versa. 

In the proximity however the phase shift amounts to 90°. Somewhere and somehow 
between the causing antenna current and the far-field a conversion from a_ longitudinal 
into a transverse wave occurs. How should one imagine the transition? 


In the books the coming off of a wave from a dipole is represented according to fig. 

21.9 A. The fields come off the antenna, the explanation reads. If we consider the 
structure of the fields coming off then we see field vortices, which run around a point, 
which we can call the vortex centre. Such field structures naturally are capable of forming 
standing waves and to carry an impulse. The scalar wave field in general and the near- 
field in special we only will understand with suitable vortex physics and with a field 
theory extended for corresponding vortices we also will be able to calculate it. Postulates 
cannot replace field physics! 


Be that as it may, the vortex, after having left the antenna, for bigger getting distance at 

some time seems to unroll to propagate further as an electromagnetic wave. There takes 
place a transition from longitudinal to transverse, or spoken figuratively, from vortex to 

wave. How complete this conversion takes place, how big the respective wave parts are 
afterwards, on the one hand depends on the structure and the dimensions of the antenna. 
Information is given by the measurable degree of effectiveness of the antenna. 

The vortex structures on the other hand are the stabler, the smaller and faster they are. If 
they are as fast as the light or even faster, then they become stable elementary particles, 
for instance neutrinos. Slower vortex structures however are predominantly instable. They 
preferably unwind to waves. Vortex and wave prove to be two possible and under certain 
conditions even stable field configurations. 


Let's emphasize: A Hertzian dipole doesn't emit Hertzian waves! An antenna as near-field 
without exception emits vortices, which only at the transition to the far-field unwind to 
electromagnetic waves. A Hertzian wave just as little can be received with a dipole 
antenna! At the receiver the conditions are reversed. Here the wave is rolling up to a 
vortex, which usually is called and conceived as a ,.standing wave". Only this field vortex 
causes an antenna current in the rod, which the receiver afterwards amplifies and utilizes. 
The mostly unknown or not understood near-field properties prove to be the key to the 
understanding of the wave equation and of the method of functioning of transmitting and 
receiving antenna. The question is asked, how one should imagine the rolling up of waves 
to vortices and vice versa the unrolling? How could an useful vortex mode) look like? 
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Fig. 21.10 A: — Left-circular polarized wave 
(as explanation for the transition to a vortex and 
to a scalar wave) 
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Fig. 21.10 B: Magnetic ring-vortices form an electric scalar wave. 








vortex and wave = two stable field configurations 
electromagnetic wave = transverse wave propagating in a straight 
line 


___ ring-like vortex = transverse wave running in circles 
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22.10 Scalar wave model 


The light, as electromagnetic wave, in the presence of a heavy mass or of strong fields is 

bent towards the field source (fig. 6.10). The wave normally propagating in a straight line 

thus can be diverted. The square of the speed of light further is inversely proportional to 

the permeability and dielectricity, short, in presence of matter it is more or less strongly 

slowed down. If this slowing down of the wave occurs one-sidedly, then a bending of the 

path can be expected as well. At the end of the antenna a reflection and a going back of 

the wave can occur, which at the other end again hits itself. Now the wave has found a 
closed-loop structure, which can be called vortex. The figures 21.10 B and 21.11 A show 

the two possible structures. 

In technical books this vortex with the properties of a ,,standing wave" is explained gistly. 
Near-field and standing wave are two examples, how the textbooks succeed in describing 
mathematically right a small part of the scalar wave properties, without having to have a 

good look at vortex physics. With such auxiliary descriptions however the end is reached 

fast, if for instance it concerns understanding a pure scalar wave transmission according to 
Nikola Tesla (fig. 19.11) and the special properties of this wave type. With the vortex 
concept of an extended field physics new horizons are opening. 

If we direct our look again to the sketches (fig. 21.10 B and 21.11 A). In both cases 
electromagnetic waves are represented which propagate with the speed of light, only that 

the wave doesn't go forward in a straight line but instead runs around in circles. It also 
furthermore is transverse, because the field pointers of the E-field and the H-field oscillate 
perpendicular to c. By means of the orbit the speed of light c now has become the vortex 
velocity. Wave and vortex turn out to be two possible and stable field configurations. 

For the transition from one into the other no energy is used; it only is a question of 
structure. The vortex structure thus stabilizes itself by means of the field dependency of 

the speed of light. 

By the circumstance that the vortex direction of the ring-like vortex is determined and the 
field pointers further are standing perpendicular to it, as well as perpendicular to each 
other, there result two theoretical formation forms for the scalar wave. In the first case 
(fig 21.10 B) the vector of the H-field points into the direction of the vortex centre and 
that of the E-field axially to the outside. The vortex however will propagate in this 
direction in space and appear as a scalar wave, so that the propagation of the wave takes 
place in the direction of the electric field. I call this an _ electric wave. 
In the second case the field vectors exchange their place. The direction of propagation this 
time coincides with the oscillating magnetic field pointer (fig. 21.11 A), for which reason 
I speak of a magnetic wave. 

The vortex picture of the rolled up wave already fits very well, because the propagation of 

a wave direction of its field pointer characterizes a longitudinal wave, because all 

measurement results are perfectly covered by the vortex model. It even is clear that no 

energy has to be spended for the conversion, since merely the structure has changed. If it 
becomes a vortex the wave just doesn't run in a straight line anymore but in circles, to 

either wrap around the magnetic field vector (fig. 21.10 B). or the electric field vector (fig. 
21.11 A). 
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Fig. 21.11 A: The magnetic scalar wave 
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Figure 21.11 B: Wave propagation in a coaxial cable, 


(Example for waveguide, horn radiator, etc.) 
Cross-section of coaxial conductor and field 
distribution in the direction of propagation. 


<P: H. Armbruster, G. Grunberger: Elektromagnetische Wellen im 
Hochfrequenz- 
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21.11 Double-frequent oscillation of size 


Because a longitudinal wave propagates in the direction of the field, the field pointer also 
will oscillate with the velocity of propagation v. This hence isn't constant at all, it can 
significantly differ from that of the light and can take arbitrary values. According to the 
theory of objectivity the field oscillating with it determines its momentary size: 


E, H~1/v’ (21.10). 


The velocity of propagation v of the scalar wave thus oscillates double-frequently and 
with opposite phase to the corresponding field. A detailed description would mean, if the 
field strives for its maximum value, the velocity v of the wave reaches its smallest value. 
In the field minimum the scalar wave vice versa accelerates to its maximum value. For 
longitudinal waves therefore only an averaged velocity of propagation is given and 
measured, as this for instance is usual for the sound wave, and this can vary very strong as 
is well-known (body sound compared to air sound, etc.). 

The two dual field vectors of E and H, the one in the direction of propagation and the one 
standing perpendicular to it, occur jointly. Both oscillate with the same frequency and 
both form the ring-like vortex in the respective direction. As a result the ring-like vortex 
also oscillates in its diameter double-frequently and with opposite phase to the 
corresponding field (fig. 21.10 Band 21.11 A). 

This circumstance owes the ring-like vortex its property, to tunnel. No Faraday cage is 
able to stop it, as could be demonstrated in experiments”. Only therefore the ground 
wave runs through the earth and not along the curvature of the earth. A further example is 
the coaxial cable (fig. 21.11 B). Also this acts as a long tunnel and so it isn't further 
astonishing, that the electric field lines have the same orientation, as for a magnetic scalar 
wave. As a practical consequence in this place there should be warned of open cable ends, 
wave guides or horn radiators with regard to uncontrolled emitted scalar waves! 


At present in the press is being discussed, if the cable network runners for some channels 

the mission to operate again should be withdrawn, because the airline radio traffic is 

being disturbed. The original opening for cable frequencies, which actually are reserved 

for the airline radio traffic, based on the erroneous assumption, that conflicts are 
unthinkable. But then the planes were disturbed in their communication. As the cause TV- 

cables made out, which hadn't been closed according to the rules with a resistor, as it 

by all means can occur on _ building sites and during’ renovation works. 
On the other hand is being argued with the small current, which flows through the coaxial 
cable, and the large distance to the planes also is cited. According to that it actually can't 
concern Hertzian waves. It presumably are scalar waves, which escape from the open 
cable ends and which are collected by a receiver in the plane. It indeed is very little field 
energy, but because it again is being collected and bundled, the scalar wave is able to 
exceed the part of the radio wave by far just at large distances and to cause problems. 
For such examples from practice the scalar wave theory is fully taking effect. 


<i>: Adolf und Inge Schneider im Interview mit Prof. Dr.-Ing. Konstantin Meyl: 
Durchbruch in der Freien-Energie-Forschung, NET-Journal 12/1999, S. 7-9. 
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1. H. Hertz: electromagnetic wave (transverse) 
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2. Nikola Tesla: electric wave (longitudinal) 





The three basic types according to the wave 


Fig. 21.12: 


equation 
(21.1), (electric, magnetic and electromagnetic wave). 
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21.12 Electric and magnetic scalar wave 


Let us record: For the wave propagation there thus are three possible and stable states (fig. 
21.12): the transverse electromagnetic wave according to Heinrich Hertz (fig. 1), the 
longitudinal electric wave according to Nikola Tesla (fig. 2), and a longitudinal magnetic 
wave (fig. 3), which isn't connected yet with a name of a discoverer. The last one is a pure 
product of my theoretical derivation. The question is asked, which practical meaning the 
magnetic wave could have. 

It is formed by individual electric field vortices, which I have discovered and called 
potential vortices 1990. I proceed from the assumption that the youngest of the three 
waves will play the by far biggest role in the future, because its properties are 
unattainable, both with regard to the energy technical and to the information technical use. 
One example for each should support this thesis. 


The experiments concerning the electric wave according to Nikola Tesla, where is being 
worked with electrically charged spheres, don't show a particularly high power. Magnetic 
converters, so the experiences of my laboratory activities, are superior to an electrostatic 
converter as a collector for free energy by far. That even can be expected, because a 
magnetic engine is much smaller than an electrostatic engine of the same power as is well- 
known. 


At a congress of medicines was given a talk on the basic regulation of the cells, on the 
communication of the cells with each other. Professor Heine in his decades of research 
work has found out that the cells for the purpose of communication build up channels for 
instance in the connective tissue, which after having conducted the information again 
collapse. Interestingly the channels have a hyperboloid structure, for which no conclusive 
explanation exists. 

The structure of the data channels however is identical with the one of a magnetic scalar 
wave, as shown in fig. 3. Through a channel formed such, which functions like a tunnel or 
a dissimilarly formed waveguide, only one very particular scalar wave can run through. 
Waves with different frequencies or wavelengths don't fit through the hyperboloid formed 
tunnel at all in the first place. Through that the information transmission obtains an 
extremely high degree of safety for interference. 

To the biologist here a completely new view at the function of a cell and the basic 
regulation of the whole organism is opening. The information tunnel temporarily forms 
more or less a vacuum, through which only potential vortices can be conducted, and that 
without any losses - simply perfect! From this example is becoming clear that nature is 
working with scalar waves namely with magnetic waves. 


One other point should be recorded: The mentioned tunnel experiments, in which speed 
faster than light is being measured with most different devices, impressively confirm the 
presence of scalar waves. But if scalar waves exist which are faster than light and other 
ones, which are slower, then it almost is obvious that also such ones will exist, which 
propagate exactly with the speed of light. These then will have all the properties of the 
light and won't differ from the corresponding electromagnetic wave in the observable 
result. As scalar wave it however is formed by vortex configurations, which 
unambiguously have particle nature. Nothing would be more obvious than to equate these 
quantum structures with the photons. 
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22 Properties of scalar waves 


For the light quanta hypothesis the Nobel Prize for physics was awarded 1921. But it only 
was a hypothesis, an idee fixe, which was honoured here. It is quite odd, if such an 
important prize is awarded to a research scientist, who hasn't got the slightest idea what 
light quanta are anyway, of what they consist and how they are built up. 
Albert Einstein cleverly used the embarrassing situation, by in his celebration speech on 
the occasion of the awarding of the Nobel Prize giving a talk on the theory of relativity. 
After the speech a member of the committee found it necessary, to point to it, that this 
wasn't object of the awarding of the prize and that the theory of relativity concerns a pure 
theory, which can't be proven by principle. A theory hence neither could be awarded the 
Nobel Prize. 

Such words on the occasion of awarding a prize for a daredevil hypothesis give the whole 
event really grotesque characteristics. But it came still worse. 


22.1 Wave-particle compromise 


Physicists of name and rank had come together. It concerned the question if the light is 
wave, or particle or even both at the same time? For both variants experimental proof was 
present, the discussion became inflamed and the things boiled over. Finally they were as 
smart as before, as Werner Heisenberg presented his ideas concerning the uncertainty 
principle. This compromise, on which one eventually came to an agreement, with good 
cause may be called the worst in the history of physics. It dictates me, what I shell see and 
how exact I may look. With it the contradiction should be overcome that the light contrary 
to every causality should be wave and particle at the same time. 


Such fixings not only have a funny, but also a tragic side. Since it were authorities, which 
have approved the compromise and the whole community of science has confidence in the 
statements of its authorities, which immediately and unfiltered is entered in all textbooks. 
At the meeting it simply and solely concerned the wave equation and only that could have 
supplied the correct and only possible answer: It falls apart into two parts and this 
explains, why the light one time appears as an electromagnetic wave and the next time as a 
vortex particle, which is called photon. The conversion can take place at any time 
spontaneously and without putting on energy, so that depending on the used measuring 
technique the particle appears as wave or as particle, but of course never as both at the 
same time! 


Looking back one can say that the funny thing about the situation was that all discussed 
about the wave and its properties known at that time, that all should know the wave 
equation. An equation as is well-known says more than a thousand words and one look 
would have sufficed entirely, to answer the controversial question once and for all. It 
would have saved us a lot. 
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first slit refractive slit detector sample picture 


Fig. 22.2 A: Light forms interference patterns at the slit 
(light stripes are formed, where the waves oscillate in 
phase, dark stripes, where they oscillate out of phase). 
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monochromatic light 


Fig. 22.2 B: The photo-electric effect 


<i>: Atome als Energiewellen. Physiker wandelten einen Strom von Natrium 
atomen in Wellen um. III. Wissenschaft 7/1996, Seite 56 + 57 
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22.2 Concerning the measurement of light 


The uncertainty principle with the interpretation of Heisenberg, the light is wave and 
particle at the same time, is incompatible with the wave equation. Heisenberg puts an 
equal sign, where in the wave equation in reality is present an addition of both wave 
parts. Fortunately in mathematics there is no need of speculating, there a derivation is 
right or wrong. Nothing is changed to that even if all physicists of the world should go in 
the wrong direction following the prevailing opinion. The wave equation exert an 
influence on the interpretation of the light experiments, on the one hand the ones 
concerning the interference and refraction of the light, where electromagnetic waves are 
becoming visible (fig. 22.2 A) and on the other hand the photo-electric effect, as proof of 
light quanta (fig. 22.2 B). 


Already the wave theory of Huygens requires interference patterns of light rays, as they 
for instance are observed behind a slit, and demonstrates with that the wave nature. If on 
that occasion the particle nature is lost, if thus the photons present before the slit can't be 
detected behind the slit anymore, then plain and simple the measuring method, thus the slit 
is to blame for that. The vortices have unrolled themselves at the slit to waves. 
Corresponding experiments also have been carried out with matter. At the Massachusetts 
Institute of Technology whole sodium atoms were converted into waves. At the detector 
pure interference patterns were observed, which go as evidence for the successful 
dematerialization*”. But the vortex physicist they show still more: they reveal, that atoms 
merely are waves rolled up to spherical vortices, which at any time and spontaneously can 
again unroll to waves at a lattice (chapter 5 and 7). 

The common interpretation, the wave nature detectable behind a slit must have been 
present in the same form already before the slit, is untenable and in the end wrong, as 
makes clear the experiment with the sodium atoms. 


The photo-electric effect, which on the other hand shows the quantum nature of the light, 
has been discovered by Heinrich Hertz, further investigated by Lenard and _ finally 
rendered more precisely by Millikan 1916 (fig. 22.2 B). It bases on the circumstance that 
light of higher frequency, thus blue light, has more energy than red light of lower 
frequency. But if electrons are knocked out a metal plate by light, then that occurs, by the 
waves rolling up to vortices. Now indeed photons are at work, which are detected with an 
electroscope indirectly. 

In the same way a photon ray in a bubble chamber can be photographed. But also here the 
measuring method is responsible for what is being observed. 


A good example is the human eye, the rods and cones of which merely can pick up 
potential vortices and pass them on to the nerves as so-called reaction potentials. Incident 
waves can only be detected, if they first have rolled up to vortices in the corpus vitreum of 
the eye. For us seeing, it doesn't play a role of how many percent vortices and waves the 
light is consisting. 

Behind a sheet of glass for instance a larger vortex part can be expected and still the light 
has the same brightness as without sheet; the sheet of glass is perceived as transparent. We 
nevertheless must assume that light with a large wave part has another quality, than such 
light behind glass or artificial light with a large part of photons. 
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Fig. 22.3: The two parts of the wave equation 
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22.3 Comparison of the parts of Tesla and Hertz 


Light as a rule always is formed as photon radiation, even on the sun. If in the end only 
waves arrive on earth, then the vortices sometime on the way to us must have unrolled to 
waves. Photon radiation after all is a scalar wave radiation, which generally is 
predominant in the near-field of the source of radiation. There is no reason, why the light 
should act in another way than the wave radiated by a radio transmitter, which as well 
forms vortices in the near-field area, as we already have discussed. For different 
interpretations of wave properties of one and the same physical phenomenon there is no 
place in a unified theory. 


If we stay at the comparison then it is not an individual case that an experimental setup is 
responsible for what is being measured and observed. A parallel case to the experiments 
concerning the nature of the light is the one concerning the wave propagation. Hertz has 
received and utilized the transverse part and Tesla the longitudinal part and either one 
claimed, only he is right. There doesn' t exist an other equation, which has been and is 
being ignored and misunderstood so thoroughly, as the wave equation. 


Fig. 22.3 shows in a survey the two parts of the wave equation in the assignment to the 
terms and forms: Right hand side the electromagnetic wave according to Heinrich Hertz 
and left hand side the scalar wave according to Nikola Tesla. The terms, like on the one 
hand transverse wave and on the other hand longitudinal wave relate to the kind of wave 
propagation. 


If the field pointers oscillate crossways to the direction of propagation, then as a 
consequence the velocity of propagation is decoupled from the oscillating fields. The 
result in all cases is the speed of light, and that in our observation is constant. 
It is usual to make a list for increasing frequency, starting at the longest waves (ELF and 
VLF) over the radio waves (LW, MW, SW, UHF), the TV channels (VHF, UHF), the 
microwaves, the infra-red radiation, the light, the X-rays up to the cosmic radiation. 

It really is interesting that it concerns one and the same phenomenon despite the different 
forms! As long as Maxwell only had published a theory for the light, in the world of 
science 24 years long at first nothing at all happened. Only Heinrich Hertz with his short 
wave experiments opened the eyes. Now all suddenly started at the same time to research 
into various phenomena on the frequency scale, from Madame Curie over Konrad 
Rontgen up to Nikola Tesla, who primarily researched the area of long waves. 


With regard to the scalar waves until now a corresponding booster detonation has failed to 
appear. The immense area is new ground scientifically, which is awaiting to be explored 
systematically. I try to make a contribution with my historic rebuild of a scalar wave 
transmission line according to the plans of Tesla“. 


<i>: Im Gesprach mit dem Fernsehmoderator und Buchautor Johannes von 
Buttlar weise ich auf die Chancen und technischen Moglichkeiten hin: 
Johannes von Buttlar im Gesprach mit Prof. Dr. Konstantin Meyl: 
Neutrinopower, Argo-Verlag Marktoberdorf, 1. Aufl. (2000). 


478 Noise, a scalar wave phenomenon 





electromagnetic rolling up 
wave vortex 





Fig. 22.4: The wave rolling up to a vortex. 
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22.4 Noise, a scalar wave phenomenon 


Longitudinal waves can take arbitrary velocities between zero and infinity, because they 
propagate in the direction of an oscillating field pointer and as a consequence of that their 
velocity of propagation oscillates as well and by no means is constant. It does make sense 

to llist the forms of scalar waves according to their respective velocity of propagation (fig. 
22.3, left column). 

If we start with a localized vortex, a wave rolling up, which further is contracting. Doing 
so the wavelength gets smaller and smaller, whereas the frequency increases. An evenly 
frequency mixture distributed over a broad frequency band is observed. This phenomenon 
is called noise (fig. 1.4). But besides the localized noise, noise vortices can also be on the 
way with a certain velocity as a scalar wave, e.g. for the radio noise. In this case they 
show the typical properties of a standing wave with nodes and antinodes. 


Also the earth radiation is said to have standing wave nature, which can be interpreted as 
slowed down neutrino radiation. If it is slowed down on the way through the earth, then 
the neutrino properties are changing, as this was measured in the Kamiokande detector in 
Japan recently. Unfortunately the proof occurs only indirect, because there still don't exist 
measuring devices for scalar waves. We'll talk about this problem area later and are 
content with the clue that already within living memory the standing wave property has 
been used to find water and deposits of ores and still is used today (fig. 22.4). 


If we continue our considerations concerning the forms of scalar waves, as they are listed 
in fig. 22.3. The scalar waves, which are slower on the way than the light, are joined by 
the plasma waves. This is confirmed by measurements and calculations. 

For thermal vortices, as they have been investigated by Max Planck and for biophotons, as 
they can be detected in living cells by colleague Popp, the velocity of propagation 
however is unknown. It was not and still is not measured at all, now more than ever. The 
research scientists have confidence in the assumption that all waves go with the speed of 
light, but that is a big mistake. 

For all wave kinds there at least exists also one vortex variant, for radio waves for instance 
it is the radio noise, which propagates with a velocity different from c. The velocity is the 
product of frequency and wavelength: 


From the three variables v, f and A at least two must be measured, if one has a suspicion 
that it could concern scalar waves. At this place most errors are made in the laboratories. 
Countless experiments concerning the biological compatibility, concerning medical 
therapy methods and similar experiments must be repeated, because as a rule only the 
frequency is being measured and it has been omitted to at least check the wavelength or 
the velocity of the wave. Countless research scientists must put up with this accusation. 
Much too blind the scientists, who now again may start from the very beginning with their 
work, have had confidence in the predominance of the speed of light. 
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Fig. 22.5: The ring-like vortex model of scalar waves. 
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22.5 Neutrino radiation 


The neutrino physicists make the same error. They proceed from the assumption that their 
particles are on the way with a speed somewhat less than the speed of light c. This 
contradicts the observation according to which black holes should represent strong sources 
of neutrinos, which are black only for the reason that no particle radiation is able to escape 
them, which is on the way with c or even slower. If a black hole does hurl neutrino 
radiation into space, than that must be considerably faster than c, as normal neutrino 
physicists still by no means can imagine it today. 

But the neutrino radiation only can be detected after it has been slowed down to a value, 
which is smaller than c. If the slowing down occurs slightly assymmetrical, then as a 
consequence a mean of the mass different from zero appears. The ,,measurement" of such 
a rest mass, as it at present is propagated and celebrated, is a classical measurement error! 
As long as a neutrino on the way to us still is faster than the light, the mean of its mass is 
generally zero. The effective value of the mass of a neutrino is however considerable. 
Only it is able to give account for the sought-for dark matter, as far as it must exist in the 
today supposed form anyway. 


The Tesla radiation, that the discoverer Nikola Tesla already in own experiments had 
found out, is faster than light (chapter 9.7 and 17.2). Since this Tesla radiation according 
to the description is identical with the neutrino radiation, since it so to say forms a subset, 
I will call neutrino radiation all the scalar waves, which are faster than the light. This 
stretches from the weak radiation at low frequencies up to the hard neutrino radiation of 
cosmic origin. But the hardness of the radiation does not only increase with the frequency, 
it in particular increases with the velocity. 


The neutrino radiation first of all is carrying energy. On top of this basic wave radiation in 
addition information can be modulated. Doing so extremely complex modulation variants 
are offering. Of this kind we must imagine thoughts, as being complex modulated vortices, 
which can propagate as scalar wave in space. Rupert Sheldrake calls this vortex field a 
morphogenetic field. At this place merely is pointed at his very interesting research 
results”. 

Thoughts can be standing in space, in the form of localized noise, but they also can move 
with speeds faster than light. According to that a communication with intelligent beings 
from other star systems by all means wouldn't be an Utopia anymore. 


Every fast neutrino forms an individual ring-like vortex (fig. 7.12). The slower the scalar 
wave is, the more dependent the vortices become. The photon already can consist of two 
ring-like vortices (fig. 4.6), whereas plasma waves and other slow scalar waves can form 
from a multitude of individual vortices, which are rotating around each other, to form 
vortex balls and vortex streets (chapter 4.9 - 4.11). From this circumstance already results 
very different scalar wave behaviour in the different areas of the velocity of propagation. 
This trend for small velocities can as well be observed towards lower frequencies. For a 
certain wavelength the frequency after all (according to eq. 22.1) is proportional to the 
velocity of propagation. 





<i>: R. Sheldrake: Seven experiments that could change the world. New York: 
Riverhead 1995 
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22.6 Parallel instead of serial image transmission 


We continue with our considerations concerning the special properties of scalar waves, 
represented in the left column, and compare these with the well-known behaviour of 
electromagnetic waves in the right column (fig. 22.3 is now followed by fig. 22.6). If we 
again take up the possibilities for modulation and the transmission of information, then it 
becomes very clear from the comparison that we today work with a technology, which we 
it is true master more or less, but which is everything else but optimum. 
For the Hertzian wave the velocity of propagation is constant. With the frequency 
therefore at the same time also the wavelength is being modulated. But that strongly limits 
the information transmission. An image for instance must be transmitted serially point 
after point and line after line. The serial image transmission takes place very slowly, for 
which reason the velocity of the PCs permanently must be increased, so that the amount of 
data can be managed. 

With the clock frequency on the other hand also the losses increase, so that in the end the 
CPU-cooler limits the efficiency of modern PCs. Something our engineers obviously do 
wrong, aS a comparison with the human brain clarifies. Our brain works without a fan. For 
it a clock frequency of 10 Hertz is sufficient. It needs neither Megahertz nor Gigahertz 
Irequencies and despite that is considerably more efficient. 


Nature only works with the best technology. The second best technology, as it is put to use 
in our machines, in the evolution wouldn't have had the slightest chance of surviving. The 
strategies to optimize of nature are merciless. In a free economy that goes completely 
different. There the ,,bunglers" are joining together to companies dominating the market, 
buying up the innovative ideas without further ado, to let them disappear in the drawer, so 
that they can bungle further in the way they did until now. It after all have been the lousy 
products, which have made them to the companies they are today. The ego of power is 
incompatible with the interests of nature. 


Nature works with scalar waves and their velocity of propagation is arbitrary. Wavelength 
and frequency now can be modulated and information can be recorded separately. In this 
manner a whole dimension is gained to modulate, the image transmission can take place 
in parallel, which means considerably faster, safer and more reliable. As anyone of us 
knows by own experience, assembling the image takes place all at once, the memory of 
past images takes place ad hoc. Nature is indescribable more efficient than technology 
with the scalar wave technique. 


If we again take the right-hand side of fig. 22.6 with the properties of the Hertzian wave. 
In the opinion of Nikola Tesla it is a gigantic waste of energy. The broadcasting power is 
scattered in all directions and the transmission losses are enormous. At the receiver 
virtually no power arrives anymore. To receive a radio signal the antenna power has to be 
amplified immensely. It is a wave, which actually only can be used as radio wave, thus as 
a wave with which arbitrary many participants should be reached. 

This wave however is completely useless, if it concerns a point-to-point connection. If I 
want to call someone, to talk only with him, a radio wave is the entirely wrong method, 
because I with that bother hunderds and thousands of people that I don't want to call at all! 
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Fig. 22.7: Comparison of radio waves according to H. Hertz 
and electric scalar waves according to Nikola Tesla. 
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22.7 Comparison of the properties 


The course of the field lines clarifies the difference. For the scalar wave all field lines 
going away from the transmitter run together again. As long as no scattering field occurs, 
there also won't be any transmission losses. It is an energy wave, for which the full 
broadcasting power is transmitted wirelessly and which arrives at the receiver, by that 
focussing the field lines again. 


Here one at once numerous technical applications come to mind, if energy should be 
transmitted wirelessly. A TV, which supplies its remote control with energy itself, 
lelemetric installations, which are fixed at difficult accessible or rotating machine parts 
and which can't work without energy supply. 


For a mobile with 3 Watts of broadcasting power only a few microwatt arrive at the 
ground station. If I would have a scalar wave mobile, which functions with resonance, 
then a broadcasting power of some microwatt will be completely sufficient, to carry out a 
telephone call right through the earth. This minimum broadcasting power suffices, because 
everything, what is being transmitted, arrives at the receiver - crucial is that the conditions 
of resonance are fulfilled. That means, both must have the same frequency and the 
opposite phase. In addition the modulation has to fit, so that on the one hand not several 
participants in the conversation are getting in each other's way. For a purely carrier wave 
transmission on the other hand there would be the risk of natural fields being collected 
also and the power at the receiver taking inadmissibly high values. This is prevented 
effectively by a correspondingly complex modulation. Nature solves the problem in 
exactly this manner. 

Mobile phone technology with scalar waves of course still is a pie in the sky. A big 
challenge for the engineers poses the adjustment condition of opposite phase and the 
fitting modulation, which Tesla called .,individualisation"*”. Entirely by the way the 
network runners and the telephone companies are getting quite superfluous. 


Telephone charges, so one perhaps can read in the history books in a hunderd years, were 
the indication of a century of rigorous exploitation of man and nature. With scalar waves a 
direct, more dimensionally modulated information transmission directly with the partner 
of conversation is possible and sufficient energy is available to humanity any time and any 
place, without being dependent on any companies! This notion is not new, but it is 
inconvenient for the rules; already Nikola Tesla has written about it, but obviously no-one 
wanted to listen to him”. 

Scalar waves are able, that is made clear by the properties, to revolutionize both the 
energy technology and the information technology fundamentally. It is more than only a 
technology for the new century. Scalar waves are a chance for the whole millennium! 





<i>: N. Tesla: Transmission of electrical energy without wires, Electrical World 
and Engineer 7.1.1905; Edition Tesla Vol. 4, P. 131. 


<ii>: N. Tesla, New York Times of 15.9.1908; Edition Tesla Vol. 6, P. 241. 
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23. Research of scalar waves 


Scalar waves are still unexplored area, scientific new ground as it were. Individual 
research scientists already have selectively ventured forward in this area and have 
described properties of the scalar wave investigated by them in their special research area 
mostly in measurement technical manner. But as a rule they lack the physical relation, as it 
is derived in this book for the first time. If we don't proceed from individual 
measurements, but from the wave equation and the mathematical physical derivation of 
scalar waves, then we have the great chance to understand as something belonging 
together on the one hand noise, photons, neutrinos and lots of other known phenomena as 
well as on the other hand still unknown phenomena, which are called parascientific. 
We should remember that we without theory of Maxwell and the representation in a 
frequency band today still wouldn't know that the radio waves (LW, MW, KW, UHF), the 
microwaves (u1W), the infrared thermal radiation (IR), the light and the X-rays concern 
just the same phenomenon. The graphic representation of both waves in one diagram in 
this place is extremely helpful. 


23.1 Frequency diagram 


In fig. 23.1 the frequency f is shown against the velocity of propagation v with the 
wavelength as parameter. The broad line at 3*10° m/s represents the speed of light c. 
Here the frequency band of the transverse waves can be found again in the well-known 
one-dimensional representation. 

Crosswise to that, somewhat unusual, the longitudinal waves run. These start at the left at 
localized noise, over the sound as it propagates in air, in water and in metal, over a large, 
to a large extent still unexplored, range of the bio photons, the heat vortices and of the 
dowsing rod effects and end on the other side of the speed of light at the neutrinos. 
Between that the special case is settled that the particles, or said better vortices, 
propagating as a scalar wave have exactly the speed of light. It gives reasons for the 
circumstance, as already mentioned, that light can appear as wave or as photon radiation. 
It. according to the wave equation, after all always consists of a combination of both 
forms. At very high frequencies, e.g. the cosmic radiation, this combination is shifted in 
the direction of vortices and their distribution as a scalar wave, at low frequencies the 
tendency inversely goes in the direction of the normal wave. 


If we assume that for the transverse wave over all frequencies a dozen of specialized 
gauges is necessary, each of them also can be switched over in range several times, then 
we can project that to record a scalar wave of a certain frequency over all velocities of 
propagation likewise 12 devices and for the whole field shown in fig. 23.1 approximately 
12x12 = 144 devices will be necessary. Of these 144 gauges today just 12 are available. 
There thus still are missing 132 pieces, which should be developed. 
With these gauges, so I am convinced, the many white spots in the diagram can be tapped 
scientifically little by little if a systematic procedure is used. My vortex theory thus will be 
attached a central importance. 
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23.2 The reverse of the HF medal 


The diagram possibly may settle disputes, like the ones between the ,,Wustlingen" (note of 
the translator: the author here is playing with words, Wustlingen literally means lechers) 
and the ,,high-frequency engineers". 

Professor Wust of Munich already 1934 had proven, that the Wust waves named after him 
in air have a velocity of propagation of approximately 10 m/s“”. He investigated them in 
the frequency range between 16 Hz (A= 60 cm) and 500 Hz (A= 2 cm). The high- 
frequency technicians immediately have converted to the speed of light, since they don't 
know anything else, and on the spot have shifted the phenomenon into the range of the 
microwaves between 0.5 GHz (A=60 cm) and 15 GHz (A= 2 cm). In the diagram now can 
be found, at which place this phenomenon belongs actually. It presumably concerns the 
same ,,energy ray", which Dr. Soeder has observed and proven already at velocities of 
propagation of 55.2 km/s and wavelengths around 10 cm™”. 

Furthermore follows from the diagram (23.2), why ultra sound can be calibrated in heat 
degrees, and why radio reception of signals from a completely other frequency range is 
possible by principle, if for identical wavelength a velocity of propagation different from c 
occurs. Further the range of operation used by Tesla at approx. 1.6 times the speed of light 
is depicted. 


Also the noise is such a book with seven seals. It concerns, it is true, a fixed chapter of 
high-frequency engineering, but without visible connection to the other chapters. That 
might be based on the circumstance that the relation, as it is dictated by the wave equation, 
isn't recognized. 

Every high-frequency signal is accompanied by a noise signal; every antenna produces 
more or less noise. HF engineering dictates the measures, how the noise can be suppressed 
resp. the signal-noise distance be increased. The goal is to make the electromagnetic wave 
stand out in such a way from the noise that it can be received. For that the measurement 
setup must be choosen correspondingly, are the measurement cables dictated, and must be 
paid attention to power adaptation and corresponding termination resistors. For measuring 
HF correctly all interference influences should more or less disappear. 


But what are the interference influences, which the HF-technician suppresses? According 
to the wave equation it are the scalar wave parts, and to that also is counted the noise. 
Every HF-technician thus knows the scalar parts as interfering noise signal, but doing so 
he completely fails to notice the technical advantages and chances, which e.g. are present 
in the noise. 

If by means of an autocorrelation function a noise signal is compared to itself then often a 
hidden message comes to light. According to that, informations can be hidden in the noise 
and of course transmitted wirelessly. This important circumstance is known, but it is 
hardly used. The noise vortices thus can be modulated in an extremely complex way. 
There can be transmitted a lot more information in the noise as scalar wave, than with the 
radio wave. 


<i>: J. Wust: Physikalische und chemische Untersuchungen mit einem Ruten- 
ganger als Indikator. Further references in W-B-M 3/ 1991, S. 57. 


i>: A. Soeder: Ohne Strom lauft neuer Energiestrahl rund urn den Erdball. 
Raum & Zeit 59/92 Seite 62-67. 
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Fig. 23.3: Dowsers dowse an ore vein.~ 
From: Speculum metallurgiae politissimum, 
Rossler, Dresden 1700. 





<i>: Ludeling, Hartmut: Handbuch der Radiaesthesie, Verlag Eike Hensch 1994, 
S. 145, ISBN 3-927407-09-7. 
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The possibility of more dimensionally modulating and parallel image transmission make 
scalar waves superior to the radio waves in such a way that one should seriously think 
about the reversed procedure, in which the noise is conceived as useful signal and the 
radio wave as interference signal. 


In the frequency diagram (23.1 and 23.2) can be read like in a diary, in which most pages 
it is true still are empty, but in which some very informative marginal notes can be found 
for different points of difficulty. It mostly are parascientific phenomena, which, not 
understood and excluded by textbook physics, are waiting to be taken up in the building of 
physics. As an example we'll pick out an extensive area of alternative research. 


23.3 Radiesthesia 


A particularly broad spectrum of scalar waves is provided by the already several times 
mentioned earth radiation. An ancient science of experience, which troubles the 
exploration of the earth radiation, is the geomancy. The Roman land surveyors, the 
Augures, used as an aid a flat coil like also Tesla did to receive scalar waves. The Lituus, 
as the device was called, resembles so much that of the Etrusks that we must proceed from 
the assumption that the method is much older (fig. 16.10). 

This part of the scalar wave research, also called radiesthesia, is derived of ,,radiare", 
which can be translated with "send out rays" resp. ,,perceive". It describes the doctrine of 
the sensitivity to radiation of man. Doing so the radiation sensitive uses his own nerve 
framework as a biosensor. 


The nerve conduction could be derived as a biological variant of the Tesla one wire 
transmission, for which ring-like potential vortices are passed on as action potentials in 

form of standing waves (fig. 9.6). Of this kind are also the control commands, which cause 
a muscle to contract. If now corresponding vortices are picked up by means of a dowsing 
rod or similar aids in our nerves, then the contract addressed muscles contract, because 
they can't distinguish, from where the command comes. This unconscious nerve twitch 
leads to a swing of the dowsing rod and to the well-known dowsing rod phenomenon. 
But man can't replace a technical gauge. Hence one speaks of dowsing and not of 
measuring. To this should be added the condition of resonance, which must be fulfilled. 
Since every person however builds up other resonances, dowsed results of others often 
can't be reproduced. But from this particular difficulty one cannot draw the conclusion 
that the phenomenon does not exist and radiesthesia is not a science. Series surveys and 
statistical analyses here in any case don't lead any further. It always only are individual 
talented dowsers, who have at their disposal really fantastic abilities and find with great 
certainty water, ores and even oil. 

With the perception of a physical phenomenon it mostly starts. Cultural man looks after 
his discovery as cult, whereas modern man, guided by the wish for reproducibility and 
more objectivity, is troubled to design and to build a technical measurement work. With 
regard to the scalar wave in general and the radiesthesia in special we still are at the stage 
of the Stone Age. 
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Fig. 23.4: Nets dowsed at latitude 49.” 


I. net: ,,global net" according to Dr. E. Hartmann; 
orientation: N - S: 2 m distance and E - W: 2.5 m distance 


II. net: ,,diagonal net" according to Dr. M. Curry; 
orientation: NE - SW and NW - SE: 3.54 m = 2.5 m * sqrt(2) 


[III. ,,lightning net" according to R. Schneider; orientation like I.] 
[IV. net acc. to Benker; like I. but: N - S: 10 m and E - W: 10 m] 


[V. sun/planet net acc. to W. Auer; with 3.66 m orientation S./P.] 
According to Prof. E.G.Hensch et al.: 
<i>: Hensch: Radiaesthesie im landlichen Bauen und Siedeln, Arbeitskreis zuf 
Landentwicklung in Hessen, W4, Wiesbaden 1987; resp.: 
W. Auer:  Erdstrahlen?... AWGEO 199,  Eigenverlag 1998; _ resp.: 
Mayer/Winklbaur: Biostrahlen, 5. Aufl. ORAC Verlag, Wien 1989, Seite 168 
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23.4 Prediction of earthquakes with the help of scalar waves 


The standing wave character of the earth radiation is a help. There are dowsed points and 
lines of maximum radiation intensity, which form nets, which encompass the whole world. 
On the one hand we are dealing with a net oriented in direction north-south and east-west 
(Hartmann net) and on the other hand with a net standing diagonally to that under 45° 
(Curry net). Because the angle of 45° can be derived as borderline angle from a vortex 
field calculation’, I already early have pointed to the circumstance that it here 
presumably concerns a vortex phenomenon”. 

Because the nets in addition are dowsed in air, it must be vortices of the electric field, so- 
called potential vortices“, which here form regular structures. The formation of vortex 
lines and complete vortex streets (chapter 4.9), which consist of countless individual 
vortices, can be explained as follows: 

Electric scalar waves propagate in the direction of the electric field strength and mediate 
field vortices, e.g. neutrinos. If at a certain moment the transmitter carries a positive and 
the receiver a negative charge, then all the particles which are positively charged are 
repelled by the transmitter and attracted by the receiver. All run at the same time towards 
the same goal, although all mediated particles carry the same charge and repel each other! 
This incompatibility can be compensated partly, by the vortices rotating around each 
other. In this circumstance can be seen the reason for the structure shaping, the formation 
of some lines in the countryside (fig. 23.3). The distances between the lines have 
characteristic values, which allow conclusions about the wavelength of the standing 
waves. We must assume that they dictate the structure shaping and that the spatial vortex 
distribution aligns with the nodes and antinodes of the respective standing wave. The 
distance between the lines, which corresponds to half the wavelength, becomes smaller 
and smaller towards the North Pole and the South Pole of the earth, the net thus narrower 
and narrower. Also is the net said to change strongly before an earthquake. This all are 
clues for the circumstance that the structure shaping radiation comes from the earth, that 
the cause must be sought in the earth radiation. 

It should be noted marginally that with scalar wave detectors, which permanently scan the 
nets, a just as effective as inexpensive earthquake prediction should be possible. Such a 
facility would be an enormous relief and help for all earthquake warning services. It even 
should be possible to determine in advance the future epicentre, if there is measured at the 
same time at if possible many stations and the respective deviations are compared. 


A further influential factor is the composition of the subsoil; e.g. ores and metals influence 
the earth radiation. Water shows a special affinity for the earth radiation. It does collect 
the radiation and after bundling it up releases it again. To blame is the high dielectricity of 
water (€=80), which again favours the formation of potential vortices 

A technical use of this effect would be the neutrinolyse (see fig. 17.6-17.8 and 18.1), the 
splitting of water molecules by neutrinos if these take the state of an electron, hydrogen 
escapes and the oxygen content in the water increases. If a neutrino however shows as a 
positron, then it annihilates and there is formed a light flash, which serves the ,,experts" in 
neutrino detectors as proof. 





<i>: Meyl, K.: Wirbelstrome, Dissertation Universitat Stuttgart 1984 
<ili>: Meyl, K.: Potentialwirbel Band 1, INDEL Verlagsabt. 1990 
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Spectroid of the radiation field of a subterranean flowing water 
veign (according to P. Schweizer)": 


main emphasis zoné 

| 

announcement 
zone 








announcement 


Subterranean flowing water, 
fault, fissure, cracks, caves, etc., 
but also ore veins, oil, coal, etc. 


Fig, 23.5: Radiaesthetic search for water”, 
(dowsing of the earth radiation) 


<b: Ludeling, Hartmut: Handbuch der Radiaesthesie, Verlag Eike Hensch 1994 
S. 145, ISBN 3-927407-09-7. 
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23.5 Searching water with the help of scalar waves 


Faults of earth's crust lead to fissures and cracks in the rock, which often fill up with 
standing or flowing water. Potential vortices of the earth radiation are attracted by the high 
dielectricity of water and are radiated again in slowed down and focussed form. On the 
surface of the earth the mixture of various scalar waves arriving there can be dowsed as 
main emphasis zone. For reason of the broad radiation spectrum the results of proficient 
dowsers in the main emphasis zone more often coincide. 

At both sides in addition spectroids are forming, which are dowsed as parallel running 
vortex lines. Because every harmonic wave produces other lines and every dowser reacts 
to other resonances, a profound ability is required, if from the distance of the so-called 
announcement zones the water depth should be inferred (fig. 23.5). Some specialists 
indicate besides the place and the depth also the amount of deposit and if need be the 
water quality. For that they analyse the radiation intensity, but unfortunately many all too 
often overrate their abilities. 


Already the Augures, the land surveyors in the age of the Romans have aligned their 
streets and the castles with the nets and the lines in the countryside. Even today new 
evidence about the central importance of the standing wave character of scalar waves can 
be found at excavations (fig. 16.10). Since every scalar wave also occurs coupled with a 
radio wave by means of the wave equation, earth rays originally could be detected 
conventionally with field strength gauges. But the intensive use by radio stations has made 
it necessary to change from the short wave range to the VHF-range and further to the 
UHF-range. It were indirect measurements, which could be _ interfered easily. 
Today geologists work with ELF scanners in a range between 15 and 30 KHz if they 
search for water. They analyse the emitted signals of submarine transmitters, because 
these are attracted and amplified by water carrying layers. 

Experiments also are carried out with noise receivers or unused broadband TV channels. 
Others analyse influences of the earth radiation on the magnetic field of the earth, but for 
this method the expressiveness is controversial. 

Again others walk along a path with a scintillation counter measuring the inverse profile. 
At the places of maximum earth radiation a minimum of gamma radiation is measured. 
This stunning relation only can be interpreted as follows: the natural radioactive decay at 
these places takes place accelerated and that proves: 

1.. that earth radiation sets radioactivity free and causes it in the first place (chap. 17.1 pp). 
2. that in the case of earth radiation it actually concerns slowed down neutrino radiation. 
But also this method works indirectly. It only functions in the open air and then only in the 
case of unspoiled nature, which sometime was covered with an even layer of radioactive 
dust. By cultivation or plantation the ,,radioactive layer" very often is changed and mixed 
up, whereupon the measurable profile hardly allows conclusions. 

For indirect measurement methods of that kind, for which the measurement variable stands 
in a relation, which isn't known in more detail, to the scalar wave of interest, generally 
caaution is advisable. Too often a message is seen in a wonderful 3-D diagram of the 
magnetic field strength or the radioactivity distribution, which has much more mundane 
Causes. 
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Lecher air antenna according to W. Busschersii>: 
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Fig. 23.6: Lecher conductor as scalar wave antenna. 


Can be read at Prof. Dr. Ing. Christof Rohrbach: 
<iii>: Rohrbach: Radiasthesie, Physikalische Grundlagen und Anwendung 
in 


Geobiologie und Medizin, Haug Verlag Heidelberg 1996, Seite 100. 
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23.6 Receiving scalar waves with the Lecher antenna 


In the case of technical gauges it is normal to change the frequency tuning. For that the 
capacity of a capacitor is being varied, which is part of a resonant circuit. This method can 
simply be realized with the today available construction elements. Biological systems on 
the other hand, for instance a person, work primarily with a variation of the wavelength. In 
this case (according to eq. 22.1) the frequency is directly proportional to the velocity of 
propagation. 

So provide for instance radiaesthetic dowsings clues for the wavelength. The frequency 
however can't be given, because that oscillates along with the velocity of propagation and 
at present the forming noise signal still can't be analysed. There can't be bought electronic 
construction elements, which like a body cell would be able of oscillations of length. 
Oscillation quartzes and piezo elements, on the basis of which scalar wave detectors could 
be constructed, form an exception. 


Similar to the Lecher conductor different forms of tunable Lecher antennas have been 
developed. which are used for dowsing. Such a frame antenna, developed strictly 
according to the rules of high-frequency technology stems from W. Busscher (fig. 23.6)~”. 
With the short-circuit slider a closed-loop antenna circuit in the upper part is tuned to half 
the wavelength or an integer multiple of it (L =n-A/2 with n = 1,2,3...). The person, who 

holds the Lecher antenna with both hands, forms the termination resistor for the attached 
antenna circuit. At the same time he prevents the occurring of an effect back on the tuned 
resonant circuit by means of damping of the Lecher conductor. The sense of this 
arrangement is lying in the circumstance that man as a ,,biosensor" should feel if standing 
waves, which I call vortices, are formed in the Lecher antenna. 

A modification of the Lecher air antenna is the Lecher dowsing rod according to R. 
Schneider“”. It is produced as an etched board, which has a dielectricity of approx. 4. As 
a result the velocity of propagation and the wavelength are only half their normal value. In 
addition a shortening factor V is introduced, which depends on the construction of the 
Lecher dowsing rod” (L= V-n-2/4 with V = 0.952 and n = 1,2,3...). 

In fig. 23.7 some published tuning values have been drawn up. The values for want of 
corresponding technical gauges it is true still haven't been confirmed, but they allow a 
certain insight into the world of the scalar waves, as they are influenced and radiated by 
water, by metals, by oil or even by other planets, the sun and the moon. 
Doing so some questions remain open: We for instance don't know, if the corresponding 
wavelength concerns the basic wave or only an m™ harmonic wave. The details not only 
are unreliable, they moreover also are ambiguous. If however several tuning values L' are 
present for which resonance occurs, then if need be an integer divisor can be sought and 
the wavelength can be determined. But that doesn't function always. 





<i>: Will Busscher: Die Luft-Lecher-Leitung als Wunschelrute. Eine Methode um 
die Wellenlangen zu bestimmen. Wetter-Boden-Mensch 3/ 1991, Seite 46-57. 

<ii>: R. Schneider: Einfuhrung in die Radiasthesie Teil IJ: Leitfaden und Lehrkurs 
..., Oktogon-Verlag, Wertheim, 2. Aufl. (1984) S. 136. 

<iii>: Rohrbach: Radiasthesie, Physikalische Grundlagen und Anwendung in 
Geobiologie und Medizin, Haug Verlag Heidelberg 1996, Seite 100. 


498 Assignment according to wavelength 


| Supposed wavelength A of the transmitted scalar wave radiation in |} 


(with the different tuning values L’) 


water (L° = 15.5injmen} 10.8 4/3; 7-8 n/mets 3.1 2/5) 
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net Ill (12.6 ajm4; 9.4 n/me3} 8.2 5/2; 6.15 2; 4.14/33 22 3) 


(L’ = 7.8 njm=2) 
13.5 to 13.8 njm=2; 3.3 to 3.5 1/2) 
(L° = 8.2 n/m =2} 4.1 n/m=1; 2 n/m=1/2) 
(L° = 6.6njm= 2; 3.2-3.3 njm=1; 1.6 n/m=1/2) 
(6.9.4; 4.1 5/2; 3.85 9/4; 2.9.53; 2.5 3/2; 2.25 


(Ll > 4.15 nym =a} 

(3.65 nym =1. thermal spectral lines: 11; 2 

(4.05 njm-4, thermal spectral line at 3.1 

(4.65 nym=4, ther. spectral lines: 3; 3.2; 3.. 
(5.1 nym=-4, thermal spectral line at: 3.4 





Fig. 23.7: Details of not confirmed wavelengths.<* 
(derived from tuning values of a Lecher antenna 
L=.VAn /4-m with V=0.952 
and n= 1,2,3... for 1/4, 4/2, 34/4, A, ... 
and m = 1,2,3... for 1 the basic wave 
and the 274, 3rd, ... harmonic wave 


according to: 
<i>: Ludeling, Hartmut: Handbuch der Radiaesthesie, Verlag Eike Hensch 1994, 
S. 161 ff. The author gives the clue: ,,The values have been determined 
empirically by different persons and predominantly could be confirmed by the 
author and his co-workers. There however always can occur deviations 
caused by different dowsing methods. Every value therefore always should be 
checked with own measurements." 
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23.7 Assignment according to wavelength 


As said, the methods to determine the wavelength by means of the Lecher antenna are 
ambiguous and unreliable. So water should have a wavelength twice as long as a fault. But 
since water often is collecting or subterranean flowing in faults, one is entitled the 
suspicion that here A/2 was taken, where in reality the full wavelength acts. 
The rest of the table after that should be looked at with the same scepticism. The table 
nevertheless is not wholely uninteresting, because it points to certain trends and is able to 
furnish clues, which if need be can represent a help of orientation in the systematic 
research of scalar waves. 

At the planets is remarkable that the Lecher conductor reacts to values, which correlate 
with the respective thermal spectral lines. If these spectral lines propagate with c and it 
actually should concern the same cause, the frequency thus should be identical, then the 
planets would emit scalar waves, which are faster than the light. In the case of Mars 1.35 
times the speed of light c would be present, in the case of Saturn 1.55 times and in the case 
of Jupiter the values would lie between 1.46c and 1.63c. In the case of the moon two 
thermal spectral lines are being measured, which on the one hand have as a result 1.39c 
and on the other hand 0.73c. At this place still ample research tasks should be solved. 


In the case of scalar waves the wavelength is the most important factor to refer to. The 
frequency however varies continually, which in electrical engineering is called noise. That 
again is connected to the circumstance that frequency and velocity of propagation 
oscillate, so that merely an average value can be given at a time. But that hardly can be 
measured, which again makes the assignment more difficult. We thus still aren't capable 
to enter the table values from fig. 23.7 into the frequency diagram of fig. 23.1. 


A technical gauge for scalar waves is necessary. A practical solution could look as 
follows: A noise transmitter tunable in frequency and wavelength operates on top of a 
carried along noise receiver. The arrangement with that comes the Tesla transmission path 
for scalar waves very close. If the transmitted noise signal hits upon a likewise one in the 
surroundings then overlapping occurs, which at the receiver causes a change of the 
displayed value. If doing so a subtraction (extinction) or an addition (amplification) of the 
signals occurs is unimportant. 

With this arrangement in any case statements are possible about frequency, wavelength, 
velocity of propagation and about the amplitude of the scanned signal, without 
withdrawing energy and strain the signal in doing so. With such a gauge radiation 
conditions depending on location could be measured as well as technical devices checked 
lor the emitted scalar wave parts (fig. 24.1). 

An important use over and above that would be given in medical diagnostics. Every living 
being ,,produces noise" the technician would say, it ,,emits scalar waves" I would say, 
whereas following general usage is talked about the ,,aura of man". The value of an aura 
diagnosis still is completely unknown to most doctors and therapists, especially as the 
scanning of the aura at present only is possible by dowsing. But the patient expects that a 
doctor works with a technical gauge and not with a dowsing rod! 


<i>: First experiments, which I carried out with students in the laboratory, look 
very promising. Unfortunately the works at present rest for reason of lack of 
money. 
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Fig. 24.1: Concept for a device to detect scalar waves 
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24. Medicine of oscillation 
24.1 Mediation of information with the help of scalar waves 


If for the discussed scalar wave gauge the transmitted comparison signal in addition 
deviates from the form of a sinus, if the signal is modulated in some way, then even the 
transmission of information by means of the noise as scalar wave can be realized. If we as 
an example again take the aura of man, which is more than only a radiation field, it carries 
information for instance about the state of health of man. Kirlian photography is one form 
of making it visible (Fig. 3.6). 

Not only the nerve conduction and the brain work with scalar waves. Man in this way also 
corresponds with his fellow people, some more, others less. There are people who ,,beam" 
and that should be interpreted in the true meaning of the word. Others opposite to that are 
more ,,receiver characters", who pick up more scalar wave radiation than they give away. 
But because they not only pick up positive radiation energy, they are susceptible to 
information, which makes sick. That's why a healthy equilibrium in the exchange of 
thoughts, feelings and the different forms of scalar waves is very important. All that is 
reflected in the aura of man. If we technically are capable to scan the aura of man, than 
this can be a blessing for humanity and for the public health. 


The possible abuse however must not be overlooked. Unbiased research results, which can 
be used for the benefit of humanity, in many cases just as well can be used to harm 
humanity. 

A connector of both these worlds is the Russian psychologist Prof. Smirnov, who has 
shown publicly in television, how a spoken sentence can be transformed in a noise signal, 
which is taken up directly by the brain as information, with the help of a computer 
program “. He with that is capable to "sodden" individuals, as he says, he in this way can 
take the fear away from soldiers before a combat mission and can operate the disease out 
of drug addicts without bloodshed. In the television film such an ,,operation at the open 
subconscious" is shown life. The patient hears the noise signal over headphones and is 
cured already after few minutes treatment time. 


We here are getting in the domain of ethical and moral problems of scalar wave research, 
which aren't solved by us looking away and leaving the field up to others. According to 
the words of Prof. Smirnov the only thing, which can stop the research scientist, is his own 
moral. He doesn't say any more and that isn't exactly reassuring! One here is working 
with ,,signals resembling sound", is said in the report of the Zweite Deutsche Fernsehen~”, 
thus with longitudinal waves and that shows, that already more knowledge about scalar 
waves is present than is generally known by the masses. 


Another way is leading over the bioresonance. Also here at first the possibility and chance 
to cure diseases is to the fore. The bioresonance is a central aid in the area of the medicine 
of oscillation, which is increasing in importance permanently. 


<i>: Die Zombies der roten Zaren (Besta Film Warschau im Auftrag d. ZDF 1998) 
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transistor amplifier tension voltage supply 
(battery) 
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i> 


Fig. 24.2 A: Wiring diagram of the Syncrometer.~ 


<i>: Wiring diagram taken from: H. Clark: The Cure for All Cancers (1993) New 
Century Press, USA, Page 434 


<ii>: Flanagan: Horen mit der Haut anstatt mit den Ohren, Sonnenwind 1/97, 

S.13-17. 

s.a.: N.Begich: Towards A New Alchemy, The Millenium Science, Earthpulse Press 
1996 


<ii>: Dr. Bodo Kohler: Biophysikalische Informations-Therapie, Gustav Fischer 
Verlag (1997), Kap. 11.6 Der individuelle Grundton, S. 239 ff. 
s.a.:_ Dr. Bodo Kohler: Die bipolare Farb-Ton-Therapie, CO'Med 2/2000, S.10 - 15 
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24.2 Systems with positive feedback 


The field of oscillation of man easily can be influenced, because it concerns a vortex field. 
A technical measurement with the gauges available at present is almost impossible and 
highly inaccurate. There however exists the possibility, to apply electrodes to a person and 
to integrate him in the circuit of a technical device. The two of them form a feedback 
system with man in the return loop. The operation can take place in two different ways, 
depending on the sign of the feedback (Fig. 24.3): 

For positive sign it concerns positive coupling. In this case the signals released by a 
person sum up, for which reason already minimum amplitudes are sufficient to produce 
violent reactions in the case of resonance. For resonance to occur, the system must either 
search independently the suitable frequency and phase, or the therapist searches the points 
of resonance. 


24.2.1 The Syncrometer. 


An independently working system is e.g. the Syncrometer. By means of two electrodes, 
which are held with the hands or are attached directly to the head, the noise signal emitted 
by a person is called off and supplied to a broadband amplifier. The test subject again 
hears the amplified signal via headphones, so that the circuit is closed. 

Apparently unspecific and still reproducible during operation certain signals capable of 
resonance are emerging stronger by amplifying and swinging themselves up. The aura 
starts to extend or expressed in the words of a radiation sensitive, the so-called reaction 
distance is increasing, with which he means the distance in which he detects a dowsing 
rod reaction. 

The test subject now increases his radiation, so this method can be valued. By 
strengthening his own radiation power, he works more as a transmitter and less as a 
receiver for scalar waves. In the last point the therapeutic use seems to iie, because by that 
the patient can get rid of resonances to any unpleasant persons or to technical transmitters, 
which are burdening him. The device consequently also is sold as aid or protection against 
electrosmog. 

The amplified signal also can be picked up directly by the skin instead of by the 
headphones and still being ,,heard". The reports stretch from a harmonizing and balancing 
effect up to "electronic telepathy" and states similar to ecstasy of the test subject”. 


24.2.2 The sound therapy. 


The controlled variant of this method for instance is the sound therapy. Now the sounds, 
which the patient picks up by means of headphones, do not stem from him but from a 
sound generator. The therapist goes through the scale and tries to find out at which sound 
the aura swings up. If the eigenfrequency is found, then the patient can therapize himself, 
by again and again playing or humming his eigentone™"”. 

It concerns here only a physical statement on the used methods of alternative medicine and 
not therefore, whether healing successes are actually possible. 
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sound frequency wavelength colour wavelength 








equally tempered [Hz] [cm] [run] 
F sharp" 740 46,4 (purple) z 
F" 698 49,1 (crimson) 2 
E" 659 52,0 (violet) 2 
D sharp" 622 55,1 indigo 421 
Dp" 587 58,4 bleu 446 
C sharp" 554 61,9 turquoise 472 
Cc" 523 65,6 green 500 
H' 494 69,5 yellowgreen 530 
A sharp' 466 73,6 yellow 562 
A' 440 78,0 orange 595 
G sharp' 415 82,6 orangered 630 
G' 392 87,5 red 668 





Table 24.2 B: Scale of the colour range.“ 


colour chakra sense organ _ planet type 


purple (crown chakra) epiphysis Jupiter 
indigo 
bleu 


(brow chakra) hypophysis Saturn 
(throat chakra) hearing Mars 


(solar plexus) seeing 
(sacral chakra) taste Venus 
. (root chakra) smell Moon 


yellow 
orange 
red 


7 
6 
5 

green 4. (heart chakra) feeling Sun 
3 
2 
1 





Table 24.2 C: Assignment of colours to chakras and planets.” 


colour metals 






gems (selection): 












purple 7. tin amethyst, fluorite 

indigo 6. lead indigo-sapphire, azurite 

bleu 5. iron sapphire, lapis lazuli 

green 4. gold emerald, malachite, jade, gr. tourmalin 
yellow 3. topaz, amber, citrine 

orange 2. copper carnelian, fire opal 

Rot 1. silver ruby, coral, garnet, red jasper 


i> 


Table 24.2 D: Assignment to a selection of gems. 


<P: Dr. Bodo Kohler: Biophysikalische Informations-Therapie, Gustav Fischer 
Verlag (1997), Kap. 11.6 Der individuelle Grundton, S. 190 - 194 
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24.2.3 The colour therapy. 


Analogous to acoustics also colours each time can be assigned a wavelength and also here 
can be detected that every person responds to certain colours, thus wavelengths, in 
particular which can stimulate his aura to resonant oscillations. In practice sound and 
colour therapy often are used coupled“”, even succeeds more or less an assignment to each 
other. That in last consequence leads to a "scale of the colour range" (table 24.2 B)”. 
According to statement of the treating doctors does a patient, who responds to a certain 


colour, also react to the corresponding sounds and vice versa. 


24.2.4 The aroma therapy. 


If according to that it depends less on the circumstance if sounds or colours are used, but 
the wavelength of an oscillation is crucial, then a stimulation also should be possible by 
means of the remaining sense organs, e.g. the nose, the tongue or the skin. The smell after 
all already could be identified as vortex information (fig. 9.0). Fragrances of natural 
essences can significantly influence the frame of mind. But as long, as we still haven't 
understood the physics behind it, we technically hardly are capable to generate equivalent 
vortex modulations artificially. 


24.2.5 The gem therapy. 


Already the holy Hildegard von Bingen (1098-1179) knew and used the beneficial effect 
of gems. Physical background of this at first purely empirical form of therapy is the 
characteristic eigenfrequencies of the gems, which are picked up as stimulation over the 
skin. Because gems represent a mixture of various molecules, the oscillations in the 
atomic hull will overlap, so that overlapping and beat frequencies can form with 
wavelengths in biological relevant areas. There even can form modulations, which are 
carrying information. The effectiveness again is linked with the resonance condition, 
which must be fulfilled between the gem and his carrier. 


24.2.6 Meditation and self-therapy. 


There even exist people, who don't need any technical aid at all to get rid of unpleasant 
resonances. Some meditate and go into resonance with themselves, whereas others prefer 
to love a person, to whom they feel ,,attracted" or with whom they are ,,on the same 
wavelength", which means as much that they go into resonance with this person. 
In the Catholic Church for instance the priests are not allowed to get married, because they 
should be in a resonance with the church and with God. 


<i>:: Dr. Bodo Kohler: Die Coloroma-Therapie, Der aussergewohnliche Einsatz von 
Aromen, Co'Med 4/2000, S. 48-52 


<ii>: Cousto: Die kosmische Oktave, Synthesis Verlag Essen 1984 
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Fig. 24.3 A: Structure concerning the medicine of oscillation 
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24.3 Systems with negative feedback 


For negative sign it concerns negative coupling. In this case the signals are subtracted. 
The signals released by a person are played back to him with opposite phase. This method 
lies in the domain of the bioresonance. 


24.3.1 The homeopathy 


The concept, which is pursued by the medicine of oscillation in the case of the 
bioresonance, is that harmful or ill making oscillations should be effaced. Not the direct, 
but rather the indirect strengthening of the immune system is to the fore, which should be 
reached by relieving it. The approach with that pursues the same goal as the pill medicine, 
where oscillations, which should produce a wanted effect and which are bound by means 
of substances are supplied to the body. 

The disadvantage of the administration of pills is the often toxic effect of the carrier 
substance. The German doctor Samuel Hahnemann (1755-1843) has demonstrated a way, 
in which to make the helpful and important information for the body to go over from the 
carrier substance to the water by diluting with water and by shaking. The water molecules 
now oscillate in time of the carrier molecules. Interestingly in doing so not even the 
information gets lost, the modulation thus is preserved. By constantly shaking there even 
occurs an amplification or a ,,potentiation", as Hahnemann expressed himself, because 
now every carrier molecule reaches and modulates countless water molecules. Thus the 
amount of water informed is bigger than the amount of the original chemical substrate. 
In the case of homeopathy like is treated with like. If for instance a poison causes certain 
complaints at a healthy person, then in "homeopathic" administration this information 
helps a sick person with similar complaints. There thus occurs a disturbance activation 
with opposite phase, as the engineer uses to express himself. Despite a widespread 
scepticism the method of homeopathy indeed seems to function, and it has stood the test in 
countless cases. 


24.3.2 The bioresonance 


A technical realization is represented by the bioresonance. For that endogenous 
oscillations are called off by means of an ECG (electrocardiogram), an EEG 
(electroencephalogram) or a MEG (magnetoencephalogram) at the surface of the skin. The 
technical device then shifts the phase for 180 degrees and amplifies the signal to the extent 
that pathological frequencies are extinguished for reversely directed input. This very 
reasonable theoretical concept in practice of course only is as efficient, as the empirical 
determined pathological frequencies are the cause of a disease and not only represent an 
unimportant symptom as side effect. 

To that technical problems are joining. Prof. Heine blames the constantly changing 
reaction diversity and the thermal noise for the circumstance that the ,,frequency spectrum 
permanently is fluctuating", as he writes if*. That hardly can realize the necessary phase 
inversion. We meanwhile know that vortices have a fluctuating frequency spectrum, that 
in the case of biosignals it concerns such field vortices, which result in a noise signal 
unspecific in frequency. 

With this knowledge we should be able to significantly improve bioresonance procedures, 
and even the inversion of phase shouldn't represent an insurmountable difficulty anymore. 
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Fig. 24.3 C: Diagram of frequency ranges for some 
living _ 
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<i>: Dr. Hulda Clark: The Cure For All Diseases (1995), Page 604-643 
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A further problem, which Heine addresses, can't be denied“: ,,For communicative 
molecule oscillations the microwave range of 1 GHz up to above 10000 GHz is crucial. A 
calling off of endogenous interference oscillations in this range with the help of normally 
used electrodes is not possible"“". It thus could happen that essential frequencies, which 
are directly related to a disease, aren't recorded at all and as a consequence also not 
treated. There even is the risk of informations being brought in, which additionally stress 
the immune system instead of relieving it, that the patients after a treatment are worse off 
than before. The doctor or therapist is burdening himself with a big responsibility, when, 
how and at whom he applies methods of bioresonance or if he better does without them. 
For the mentioned reasons the method in the therapy only plays a secondary role. The 
bioresonance on the other hand is quite often and with great success used in the diagnosis 
(Nosoden), if it for instance concerns the determination of an incompatibility or an allergy 
- but that is a completely different theme. For the bioresonance the transition of diagnosis 
to therapy is however floating. 


24.3.3 The frequency therapy 


If using a frequency therapy the problems are standing similarly. If we separate the closed 
and negatively fed back circuit of a bioresonance and form an open control chain 
consisting of a technical control device and the patient, then we get the structure, as it is 
put to use in a frequency therapy. The goal still is the same: parasites or pathogenes, 
which stress and burden the immune system should be fought. 

But a disadvantage of every open control chain is that the treatment at first occurs blind 
due to the missing feedback. 


The natural healer Dr. Hulda Clark has examined as support various pathogenes and 
parasites under the microscope, while she has varied the frequency and at the same time 
applied a low-tension voltage. Doing so she could observe the dying of bacterias and 
parasites at certain frequencies. Correspondingly she publishes tables, in which the in each 
case ,,mortal" frequencies are listed™”. 

Hut without being able to verify the success of a treatment in the living organism, she 
proceeds from the assumption that by applying a low tension voltage (5-10 Volt), as it is 
produced at the output of a commercially available frequency generator, if a sinusoidal 
signal is set with the appropriate frequency exactly the associated parasites and leeches 
will be destroyed. Doing so a fixed rhythm of pauses and treatment times must be adhered 
to (7 min on, 20 min off, 7 min on, 20 min off and 7 min on). 


The doctors and therapists treating with this particularly inexpensive method report 
amazing results, inexplicable spontaneous cancer cures, like of HIV-positive patients, who 
after the treatment were tested HIV-negative. But also the inverse case already should 
have occurred, that a HIV-negative patient afterwards was HIV-positive! Here too clear 
the limits of this method appear, which in practice unfortunately turns out to be relatively 
unspecific. 





<ii>: Prof. Dr. H. Heine: Grundregulation und Extrazellulare Matrix - Grundlagen 
und Systematik, Lehrbuch der biologischen Medizin, (1991) 2.Aufl. 
Hippokrates Verlag Stuttgart, Seite 63 


<iili>: U. Warnke: Bioresonanztherapie - Wunsch und Wirklichkeit. Medizin 
transparent Nr.2 (1996) S. 36-37 
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Fig. 24.4: Wiring diagram of the Zapper.” 


Wiring diagram taken from: 


<i>: — -H. Clark: The Cure for All Cancers (1993) New Century Press, USA, Page 507, 
resp.: 


Dr. Hulda Clark: The Cure For All Diseases (1995), Page 48 


Medicine of oscillation 511 





24.4 The Zapper 


From the point of view of physics of today the frequency therapy actually shouldn't be 
able to function at all. The electromagnetic waves penetrate only few millimeters into the 
skin at the used frequencies and wouldn't have the slightest chance, to reach a parasite, 
which is staying somewhere in the body. But it is said that it is possible to cure athlete's 
foot, by the patient taking the electrodes in his hands. How, we ask the question, does the 
signal of the function generator know where it should go? 

It quite obviously concerns a resonance phenomenon. The likewise emitted scalar wave 
part tunnels undamped at those places in the body, with which it can build up a resonance 
and that for proper tuning are the unloved parasites. The scalar wave radiation is bundling 
up at the resonant receiver, so that despite the low transmission power as a consequence of 
the bundling up the energy density for the parasite becomes very high. It as a result is 
destroyed by its own ability to go into resonance. Once it is killed, the next one goes into 
resonance, logs off as well etc. In this way the parasites are destroyed one after another 
and not all at once. That's why the specified treatment cycle makes sense. 
The copper electrodes should not be taken in the hands directly, Dr. Clark recommends, 
but before be wrapped with moist paper. By means of this insulating layer, so is my 
interpretation, the conventional wave part, for which the skin functions as a wave guide, is 
reduced whereas the desired scalar wave part is increased. Such measures crucially 
contribute to the success of a therapy method, even if they were determined purely 
empirical. 


If one wants to address every possible parasite individually, then the treatment takes 
correspondingly long. If one on the other hand sends all relevant frequencies at once by 
overlapping them, then the treatment can be abbreviated to the duration of one session. If 
the therapist goes still further and replaces the sinusoidal signal by a rectangular signal, 
then infinitely much sinus functions are hidden in it, as a Fourier analysis shows. With a 
rectangular signal, as it is delivered by the Zapper, one as it were catches everything, 
Good as well as Bad. There the helpful intestine bacterias break exactly like the 
wrongdoers. 

The treatment with the Zapper is simple, inexpensive and exactly as controversial. It is the 
shot with the shotgun in the forest. One always hits something. We nevertheless must ask 
the question, why one only hits parasites and bacterias and not the vital organs? Aren't 
those damaged also? 

Now then, the signal of the function generator is not modulated; it doesn't carry 
information. That's why only monocellular parasites, which don't know information 
exchange, are capable of a resonance. Human cells and more than ever whole organs on 
the other hand work with complex modulations, which effectively prevent any formation 
of resonance with the technically generated basic wave, with which the question would be 
answered so far. 

That however also means that immune reactions can be expected: If the first treatment 
with the frequency therapy still is successful and all simple parasites could be hit, then 
only further evolved parasites have been spared, which modulate their information. They 
now breed and can't be reached anymore in further sessions. The method suddenly doesn't 
function anymore, the therapist finds out, the body apparently has become immune. 
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Fig. 24.5: Harmonic spiral built on the first Gregorian scale.” 


<i>: Dr. Manfred Doepp: Naturgemasse Frequenztherapien, Die Harmonie der 
Snirale. CO'Med 10/2000. S. 46 - 49 
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24.5 Discussion concerning the medicine of oscillation 


The textbook medicine in its explanations and treatment methods is basing on the models, 
which it can measure and analyse and which it understands. Doing so man and whole 
nature is reduced to a handful of chemical reaction formulas. The whole pharmaceutic 
industry lives on this misleading path, which long ago has revealed to be a dead end, 
medical as well as financial. This health service cannot be paid anymore and we should 
ask the question if it actually is worth the money, if with electric signals of minimum 
power can be obtained effects comparable to the effects of the pill medicine. 
We need a new medicine, a potential vortex medicine. First of all we should research how 
an organism covers its energy needs and how it communicates. There leads no way past 
the scalar waves and the newly discovered potential vortices. Chemical processes as they 
are being observed, occur by the way, that is beyond doubt, but they by no means are the 
cause. Hence of pills and other chemical means at most a treatment of symptoms and a 
case of side effects may be expected but not a cure of a disease. Once the potential vortex 
medicine will be systematically explored and be put to use in practice, healing successes 
can be expected, which we at present can't imagine at all. 

The amazing results, which already today are obtained in the medicine of oscillation and 
of which some doctors can report’, dictates the direction in which the textbook medicine 
should develop. In the question, which kind of oscillation or which ,,sequence of sounds" 
(Fig. 24.5) is the right one, still exists considerable need for research. 
Some doctors even already work with my new theory and cite whole passages from my 


<ii> 


publications until now about this theme~””. 


<i,>: Dr. Bodo Kohler: BITsyn, der neue Weg in der Informations-Medizin, 
Jubilaums-Schrift der Internationalen Arzte-Gesellschaft fur Biophysika- 
lische Informations-Therapie, Bad Nauheim den 6.-8.10.2000, Seite 48 - 56. 


<i,>: Bioenergetische Messverfahren in Theorie und Praxis, Vortragsband der 
Gesellschaft fur Energetische und Informationsmedizin e.V., Universitat 
Stuttgart am 17.7.1999. 


<ii,>: Dr. Johann Lechner: Storfelddiagnostik, Medikamenten- und Materialtest, 
Teil 2 aus der Reihe: Praxis der Ganzheitlichen Medizin und Zahnmedizin, 
Verlag Dr. E. Wuhr (2000), Kap. 2.4.2 Beruhrungslose skalarwellentragende 
Informationsubertragung S. 173 ff., bes. Kap. 2.4.2.3 Seite 175, 176. 


<ii,>: Dr. Reichwein, Peters: Zellulare Elektromagnetische Systemsteuerung, Der 
Freie Arzt 5 (2000) im Wissenschafts-Forum (Anhang, S. IV - XXII). 


<ii>: Dr. M. Doepp: Tesla-Wellen, Neue Studien, CO'Med 5/2000, S. 94 - 95 
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Fig. 25.1: The measured frequency spectrum of man.~ 


<i>: Dr. P. Bembenek: Akupunktur und (Bio-) Resonanz, CO'med 6/98, S. 50-58 
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25. Contributions to the discussion concerning the information technical use 


The medical research predominantly takes place with statistical methods. This might be 
changed fundamentally, if only the physical relations have been realized and their causes 
found out. Only then a basic research will be possible also in the area of medicine, as it 
today already is usual in other disciplines. 

In this chapter it concerns the question of the medical basis in general, and specifically the 
question of the use of the newly discovered potential vortices in biological systems. Doing 
so very aware is attempted to put the normally used medical view at the back and to derive 
the answers from the perspective of the engineer and the physicist. This approach is 
unfamiliar, so that some textbook physicians will have difficulties to follow. It however 
will prove to be very helpful. Medicine in addition needs new impulses and that justifies a 
new approach, like the unconventional one proposed by me. 

In this connection gladly is fallen back upon the comparison of biological with technical 
systems, although here exist differences in principle and fundamental It can be expected 
that nature has developed very appropriate strategies to solve certain tasks, as it also is 
teached in engineering and used in practice. At this place not only medicine benefits from 
new insights, engineering vice versa also can learn of nature, because natures optimization 
strategies are much much older and correspondingly perfect. 


25.1 Window of the sensuous perception 


To clarify the inner processes in man we consider his sense organs, which function as 
interface to the outside world. Technically seen in the case of the sense organs it concerns 
measurement converters to record and process certain physical values in our environment 
and their adaptation to pass on the information by means of the nerves. The measurement 
converters thereby are built more or less complex, which is related to the circumstance 
that the measurement factors, which a living being needs to orient itself and to be able to 
survive, are quite different. 


It concerns little windows within the frequency spectrum shown in fig. 23.1, which should 
be analysed. Man for instance chooses the visible frequency window and interpretes it 
with an assignment to the colours, because in this range the sunlight can reach the surface 
of the earth and the ionosphere doesn't exert an excessive damping (fig. 2.8). 


The acoustic window depends on the sound propagation in air, whereas dolphins work 
with ultrasound, which carry considerably further in water. The associated measurement 
converters, the ear and the eye, have a very complex structure. From this can be inferred 
that here the received signal must be transformed into a different physical measurement 
signal, that the perceivable signals are of other nature than the signals, which our nerves 
are able to pass on. 





Fig. 25.2: The hollow eye of the snail 
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25.2 The sense organs (nose, eye, tongue) 


If we want to find out something about the nature of the nerve signals, then we should 
more detailed consider a sense organ, which is constructed if possible simple. In that case 
it is possible that no signal transformation is necessary at all anymore, because the 
perceivable variable is exactly of the kind the nerves can process. 


The primary and perhaps most ancient sense organ of the living beings is the nose. It is 
constructed extremely simple. On the one hand according to encyclopaedias it is a 
chemical sense for the perception of smell materials. Man on the other hand can 
distinguish several thousands of scents. For that a huge analysis factory with 
correspondingly much receptors would be necessary, which one searches in vain in the 
nose between the nasal hairs and the nerves. We from that infer that scent should consist 
of particles, which are to a large extent identical with the reaction potentials. It thus will 
concern potential vortices. These ring-like vortices of the electric field again are 
modulated and carry information, which our brain is able to analyse. 


According to the derivation in chapter 9.0 Plato already 2400 years ago knew such 
relations. The conclusion is obvious that smell is vortex information, which according to 
the explanation of Plato forms at the transition of waves in potential vortices and vice 
versa. At the natural philosophers in antiquity the circle of the insights is closed. Modern 
science just isn't that far. 


The hollow eye of the snail functions both as nose and as eye (fig. 25.2). This very ancient 
combined organ points to a relatively close affinity between both measurement sensors. 
Possibly in the course of evolution both organs have developed from such a common 
original form. 

In the case of man the smell rods occupied with the nasal hairs of roughly 2 micrometer in 
length, actually remember of the rods and cones in the eye, with which photons are 
collected. In both cases, so we can explain the mode of action in accordance with model, 
the ring-like vortices settle on the rods and run as reaction potentials along the nerve to the 
brain, which then analyses the modulation. 

In the case of the highly developed human eye the light rays first have to traverse the 
vitreous body and afterwards a pigment layer, before they reach the rods and cones. In this 
way the electromagnetic wave parts must roll up to vortices, since our nerves can only 
pass on vortices. The photons can be interpreted as corresponding vortices. 
If we compare the eye with a bubble chamber, in which the tracks of ionized particles can 
be observed and photographed as thin white fog stripes. Here in collision experiments it 
can be proven that it concerns particles carrying impulse and not waves. But the 
measurement setup by no means does answer the question if it already concerned particles 
before they entered the bubble chamber, or if these have formed spontaneously in the 
presence of the saturated vapour. 

It would be obvious, if for our eye the chamber water being under the inner eye pressure 
would take over the function of the bubble chamber and would take care of the rolling up 
of the light waves to light quanta. 
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Fig. 25.3: Taste bud of the human tongue 
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We optically can't detect a difference, if the light while passing through a thick glass plate 
increases its part of photons. At the latest in the eye in any case all the light is transformed 
in photons and usable vortices, so that we mustn't detect a loss of brightness. The glass 
plate seems transparent to us, even if the sunlight should change its composition and _ its 
biological quality, if it passes the plate. 


If the tongue while tasking responds to dissolved substances, then it not by all means 
needs to be a chemical excitation. Instead fine hairs, the taste hairs resp. sense pins, serve 
as receiver like in the case of the nose. The similar structure of the receptors and the 
circumstance that for most invertebrates sense of taste and sense of smell can't be 
distinguished of each other at all and consist of the same primary sense cells, suggest that 
the tongue doesn't analyse the chemistry as such, but only the molecular oscillation 
patterns, that also the taste is nothing else but vortex information! 


25.3 The nerve conduction 


For the collection of the potential vortices and the extraction of their information fine hairs 
in the sense cells obviously play a central role. They are connected more or less directly 
with the end of a nerve and pass on the information without big transformation. Even in 
the organs of equilibrium sense hairs work. 


From the comparison with the technique developed by Nikola Tesla I could show that the 
nerve conduction concerns a single-wire transmission, a kind of waveguide, for which the 
transport of the excitation information takes place in the insulation layer and not in the 
conductor itself (fig. 9.6). As proof I quoted that the thickness of the insulation determines 
the velocity of propagation, that as is well-known the nerve conductors with thick fat layer 
pass on their action potentials faster than those with thin insulation. 
Particularly interesting is the observation, how the fat layer is constricted in fixed 
intervals, like for Wiener sausages (fig. 25.4 A). These nodes of Ranvier prove that only 
longitudinal waves are being transported, which are standing waves with nodes and 
antinodes, if the distance from node to node exactly corresponds to the distance from one 
node to the next. With that nature with the use of the potential vortices is far ahead of our 
power engineering. The nerve-cables determine with their structure, which signal will be 
transported and which not! 

The technical cables on the other hand are stupid and conduct everything, the useful signal 
just as well as any arbitrary interference signal. Anyone, whom the computer crashes 
every few minutes, knows what I'm talking about. 

Man isn't able to afford a crash of his think computer. It would be lethal for him. His 
nerve costume even tolerates short-circuits. The acupuncture is such a_ short-circuit 
technique by means of electrically conductive needles. There even is given a therapeutic 
benefit and a relaxing effect for the body. 

Cut through nerve fibers even can partly regenerate again, even without a cut through 
nerve again growing together with its other end. The nerve conductors are so intelligent, 
that only the matching information arrives at the end by passing on informations from one 
fiber to the corresponding next with the same node interval. 
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Fig. 25.4: Selective scalar wave signal transmission 


The brain works with scalar waves! Reasons are: 
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<i>: Original sketch of Tesla is situated in the Nikola Tesla Museum, Belgrade. 
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Nerves represent an intelligent and at the same time interference safe wiring, which is 
superior to any technical solution by far, or you can try to acupuncture a cable cord of 
your computer. You will have little pleasure of it. 

Nikola Tesla also in this point was ahead of the times. He has experimented with a single 
conductor technology, for which the insulation layer is constructed like for a nerve fiber 
(fig. 25.4 B). We'll have to learn to handle such aids in the future, if we in engineering 
want to emulate nature and as well want to send informations as scalar wave. A normal 
power cable as said conducts everything, useful as well as interference signals. If however 
the signal should be accomodated in the noise, a selective cable is required, which should 
be constructed according to the example of the nerve conductors. Before a scalar wave 
technology can be introduced and successfully used according to that completely other 
cables, coupling elements, amplifiers and other components should be developed. The 
trouble should be worthwhile at the chances, which this genial technology offers us! 


25.4 The brain, a scalar wave computer 


The brain cells (neurons) are of the same kind as the nerve cells. Hence can be done 
without a signal transformer, can the informations transmitted by the nerves to the brain 
directly be processed further. From that follows that also the brain without exception 
works with potential vortices. There are several reasons for this hypothesis: 


1. as said, the lacking of a signal transformer. 


2. the high performance density of the think apparatus. (As a result of the 
concentration effect of the potential vortices the efficiency of the human brain is in 
such a way high concentrated compared to the much more space claiming 
computers functioning on the basis of currents). 


3. the brain activity measurable from the outside with the EEC 


4. spark formation and corona discharges at open top of the skull. (Brain surgeons 
can report of such observations). 


5. The insulation defect occurring in the case of epileptics. (During a fit instable 
potential oscillations of the nerve cells occur, which lead to strong electric blows). 


With the ,,exciting" and the inhibiting" synapses as separation point between the neurons 
both a ,.high-active" and a ,,low-active" method of operation is possible and with that a 
redundant, particularly interference safe signal transmission. 

Safety for interference is very important not only in nature. In the operating instructions of 
a PC can be read: ,,operate only at room temperature, keep dry, don't throw or shock, take 
cure for sufficiently cooling air, ground apparatus, pay attention to mains voltage, etc". A 
comparison with the range of operation of man is like scorn. 

Nevertheless the consequences if errors occur are quite similar: a garage door, which 
opens if a mobile is switched on, by all means can be compared with a light phenomenon, 
which we perceive after a blow on the eye at the biological level. 
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Fig. 25.5: Comparison of the signal technology 
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25.5 Concerning signal engineering 


By means of a technical analysis of biological relations completely new interpretations 
result also for the occurring of a disease. We permanently and everywhere are surrounded 
by noise signals, but as a rule they can't touch us, because the body has developed perfect 
strategies for defence. The nodes of Ranvier on the nerve bundles here are just as helpful 
as the diode effect of the synapses. By means of the salt content and the skin resistance the 
body in addition controls the uptake of potential vortices from its surroundings, by using 
that the vortex decay is determined by the conductivity. 


The specialties of the by humans used signal technology come to light particularly clear if 
compared with the cable technology used in the technical world (fig. 25.5). So is worked 
with only one wire instead of with supply and return cable, are mediated potential vortices 
instead of charge carriers, does the transmission take place in the insulator without losses 
and not in an electric conductor, which as a result gets hot and produces current heat 
losses. Nerves thanks to their ability of selection represent an intelligent form of signal 
transmission, by helping to filter the asked information from the noise. This surely is 
necessary since with cables, which indiscriminately transmit every signal, an use of scalar 
waves hasn't succeeded yet. We should try to learn of nature! 


A special challenge is the protection against error signals. A passive shielding by a metal 
case however is not possible, because scalar waves can't be shielded by principle, so that 
the precaution should be taken actively by means of the conductivity. That's why we 
sweat salt if we strain us physically, whereby the vortex decay is determined by the 
conductivity, which depends on the salt content of the body liquids. In the case of a 
sweating activity the body reduces its conductivity, so that the needed potential vortex 
energy will reach the cells. 


If the body sometime isn't able to defend itself against interference signals, then 
malfunctions or pathological reactions are a possible result. During having a bath for 
instance a muscle cramp can occur, if the body doesn't defend itself fast enough or 
sufficiently against the high potential vortex activity in the water. Now vortices can be 
picked up in the nerves, which are of the same kind as the ones emitted by the brain, only 
that both muscles, biceps and triceps at the same time get the signal to contract. The result 
is a cramping of both muscles. 


Thus the brain has developed intelligent strategies to protect itself of interspersed 
misinformations. It weighs the incoming signals and forgets again all unimportant ones 
more or less fast. We speak of the ability to learn and that means that signals rise in the 
valuation scale and with that are stored longer, the more frequent repeated our brain 
receives them. This strategy assumes that interference signals only occur sporadic, for 
which reason they are rated unimportant and fast are again forgotten. 
A PC on the other hand doesn't have such a property. It notices everything 
indiscriminately and sometime will crash of overload, if not the user will constantly foster 
it and will administer the available memory. A PC is and stays stupid. 
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in the computer 
control technical miscontrol, 
interference signals: program fault 
precautions: passive, i.e. 
shielding. 7 
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the input values) 
unimportant is stored 
(interference signal) 
danger exists for interference 
signals of all kinds . 
(s-EMC-standardizatior 
remedy: restart 
(reset) 
The comparison of engineering 
repair in the workshop 
by: exchange parts 
at maintenance resp. 
in the case of damag 
required building materials: material / oil 
Fig. 25.6: Strategies against interference signals, for damages 


linked with operation and for wear and tear. 
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25.6 Stability against interference and repair mechanisms 


The interference signals present in our natural environment as a rule are distributed 
stochastic, but not so artificial interference signals like for instance transmitters emit. If for 
instance in the case of mobile telephony there occur time and again identical signal 
patterns and if a person perceives these, then because of the continual repetitions a high 
importance is pretended and precious storage space in the brain is allocated. This to a 
special extent applies for the permanent stand-by signals, which are emitted by mobiles 
and cordless phones even then, if we don't phone at all. Such misdevelopments thereby 
would be technically avoidable just like that! 

If still no gauges are available and as a result there exist neither guidelines nor limits for 
the radiation exposure of scalar waves, then such devices must be developed and built. For 
the requested electromagnetic environmental compatibility not engineering, but man 
should be in the centre of attention! 


Let us throw a short glance at the set of difficulties of wear and tear. Most technical 
devices find the way into the workshop only, if they already are defect. Some aren't 
repaired anymore in principle and immediately sent to the rubbish, because they are worn- 
out and a repair isn't worth the effort anymore one says, whereas other, mostly expensive 
systems are being serviced by exchanging all wearing parts. 


Nature has brought to perfection the last principle. It allows the body a permanent 
maintenance; by permanently producing new cells and replacing consumed ones. It with 
that obtains a considerably longer operating time and even is capable to heal wounds. Just 
imagine dents in our cars would disappear from alone after a few weeks and the bodywork 
would look like new. Such an optimal maintenance is costly and it has its price. 
By means of the cell division the building plan for the spare parts is copied. The task on 
the other hand is transmitted to the new cells ,,by radio" by means of waveguide channels, 
as proves the matching structure of scalar wave and waveguide (chapter 21.12 and fig. 
25.7). The cells hence have a kind of ,,decentral intelligence", which technical matter lacks 
completely. A comparison with engineering nevertheless makes sense, because wear and 
tear occurs for all systems in continuous operation. Thus strategies must be developed to 
provide the necessary material for operation, building-material and exchange parts. 


By sizing of the hyperboloid structures of the matrix channels it should be possible to 
determine the wavelength of the scalar waves to enter them in the frequency diagram 
(23.1). 


526 The microwave window 


Tunnel structure of the basic substance according to Prof. 
LY, 


Heine ~: 





Fig. 25.7: ___ Information channels in the intercellular matrix.“ 


<i>: Hartmut, Heine: Lehrbuch der biologischen Medizin. Grundregulation und 
Extrazellulare Matrix, 2. Aufl. 1997, Hippokrates Verlag Stuttgart, S. 56 
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25.7 The microwave window 


There still is lacking information about the frequency or the velocity of propagation to be 
able to specify and enter in figure 23.1 the cell information. Let's take to hand the book 
about "Biostrahlen"”. In there is explained how for individual cells the emission of 
electromagnetic signals already could be measured, which are interpreted as circularly 
polarized waves (fig. 21.10 A). It is said that thereby their polarization plane is rotating 
with the speed of light, whereas the wave itself is propagating in longitudinal way 
relatively slow and according to the authors with the speed of sound. 
The occupation with the potential vortex theory in the explanation lets immediately 
recognize the vortex, for this is rotating with the speed of light in circles as rolled up wave 
(fig. 21.10). If it is bound to the surrounding matter with closed vortex centre, then it can 
be expected that the propagation actually takes place with the speed of body sound. 
It could concern the same signals, which Prof. A. Popp calls biophotons and detects 
measuring technically in living organisms*"’. He however considers the phenomenon for 
the same wavelength with the speed of light and lands at light frequencies, even then if 
nothing is glowing visibly! The question is asked: Does it concern the frequency of the 
light or only the corresponding wavelength or actually both, thus light, as is expressed in 
the name biophotons? 

The photomultipliers, which Prof. Popp uses as ,,light amplifier", however can only be 
tuned to certain wavelengths and not to frequencies. Even if the detected biophotons have 
the wavelength of the light, then nevertheless nothing will glow if the velocity of 
propagation and as a result also the frequency differs from that of the light for several 
powers of ten. In the case of the immense number of cells also the number of photons 
should correspondingly sum up and the body as a whole should start to glow, which is not 
the case. 


The waveguides in the intercellular matrix serving the cell communication, which Prof. H. 
Heine observes microscopically, have wavelengths between 20 and 300 nanometer, which 
corresponds to the range of the ultraviolet radiation“. But if the propagation is slower 
than the light for 6 powers of ten, then also the frequency will only amount to one 
millionth and be situated into the range of the microwaves. Here a biological window 
seems to be present, to which we should turn our attention for reasons of the 
electromagnetic environmental compatibility! 


The thermal radiation, which reaches the earth from the sun and the planets, lies in the 
microwave range between 2 and 20 cm. If the sun does well to us, if we need the radiation, 
then it could be because of the identical frequency. But that also means that the sun and 
the planets are capable to have an effect on the cell communication, that they for instance 
could function as clock for the heart. 





<i>: —H. Mayer, G. Winklbaur: Biostrahlen, Verlag ORAC, Wien 1989, 5. Auflage 
S. 97: Messung von der DNS eines Gurkenkeims abstrahlenden Photonen. 


<ii>: A. Popp: Neue Horizonte in der Medizin, 2.Aufl. Haug Verlag Heidelberg 1987 


nn 
N 


8 Discussion concerning scalar wave medicine 


<q frequency 














eee - IBAVAAVaP pal 
10"rie|__biophotons (Prof. A. Popp Fi 
shal AAAS Aine 
cell communication 7, ae 
AZ over waveguides in range of 
10" Hz the basic substancef 
Stan- bala 20-300 nm 


AVA hd GAVAVA Bs 

a sae: rel 1 ie 7 AK 

10 Ml raf eee GAs “i 

iM vA hee scalar wave * 
4nerve issi 

1o0ktte} con- ines PS sce. ta 4a 

vorti- duction \ Y y, : (Demo-Set) 


peur we “ 2mm J 4A acc. to Tesla 
—ikazyaty= AS (Magnifying — 
noise Pie te | 4 sire? F Transmitter) _ 


Me claking of i brain currents (10 Hz) JELF 


| | 
VA TT 


O [m/s] 1 10 10° 10° 10° 10° 10" 10’ 10° 10” 10" 10! i i ; 





_ 
Sy 
to 


i 2) 
= 


ts 

Sei 

= 
1S 
ie) 


9 
<A 
© 


~ 
ween 
3 |S 


. 
r 
atl 

















Fig. 25.8: Frequency diagram with entries concerning 
biologicallv 
relevant areas (Tinnitus, nerve conduction, etc.). 
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25.8 Discussion concerning scalar wave medicine 


In the sensitive range of the supposed microwaves window however are also situated the 
mobile phones and their harmonic waves, which occupy a broad spectrum in particular for 
pulsed operation in digital nets. The D-net for instance has a wavelength of 32 cm, the E- 
net lies at half that wavelength. But to which frequency does this correspond at the speed 
of sound? Now, the frequency is 6 powers of ten smaller and now lies at 1 kHz resp. 2 
kHz. To that are added the numerous harmonic waves, which form a noise signal and lie 
above that. With that these signals are situated completely in the audible range, there 
where our ears are most sensitive! 

This cause we probably owe the disease of modern civilization ,,Tinnitus". Every charged 
particle will follow this electromagnetic oscillation and produce corresponding sound 
oscillations, which can hear not ,,sick ", but completely on the contrary ,,healthy" people, 
who as a result possibly get sick. The objection, in this range also cosmic radiation for 
instance from the planets is present, is legitimate. It however should be considered that 
planets also are going away from the earth again and in addition is present a fluctuation 
according to the time of day due to the rotation of the earth, while the mobile telephone 
masts in our vicinity radiate in continuous operation. 


In this window in addition the clocking of the brain currents takes place at 10 Hz. I would 
recommend blocking the acoustic relevant range between 2 cm (16 kHz) and 3 m 
wavelength (100 Hz) for all technical use. Every operation of a transmitter in a biological 
window harms all people and cannot be answered for by any institution. 


It further should be considered that the biological window of the plants and animals 
as a rule correspond to that of man, but sometimes are shifted significantly upward or 
downward in wavelength. We are not entitled to judge nature. The immune system of the 
animals now obviously has reached the breaking point and also that of man doesn't seem 
to be that anymore, which it originally was. 

We must proceed from the assumption that many diseases on the one hand and therapy 
methods on the other hand partly direct and partly indirect have to do something with 
scalar waves. (E.g. the occurring of cancer“”), 





<i>: H. Mayer, G. Winklbaur: Biostrahlen, Verlag ORAC, Wien 1989, 5. Auflage, S. 
97: Messung von der DNS eines Gurkenkeims abstrahlenden Photonen. 

<ii>: A. Popp: Neue Horizonte in der Medizin, 2.Aufl. Haug Verlag Heidelberg 1987 
<i>: Hartmut. Heine: Lehrbuch der biologischen Medizin. Grundregulation und 
Extrazellulare Matrix, 2. Aufl. 1997, Hippokrates Verlag Stuttgart, S. 56 


<4i>: K. Meyl: Skalarwellenstrahlung. Welche Bedeutung haben Skalarwellen fur 
die Medizin? GNP-Vortrag am 29.04.2001, Rhein-Main-Halle Wiesbaden, see: 
Co'med Fachzeitschrift fur Komplementarmedizin, 6/2001, pp.55-60. 
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I. According to the Maxwell theory: 


1. Faraday's law of induction: 

| rotE = — 6B/8t j.1 

with E=K(r,t) 

and H=H(,t) : B=u-H (26.2) 








| —rot rot E = p- &(rot H)/dt\o«3) 





2 Amnere's law: 


“rotH = j + 8D/8t eo 


with: 

Ohm's law: j =c:E (26.5) 
dielectric displacement: D=c«-E (26.6) 
relaxation time: t = s/o (26.7) 








| rotH = ¢- (B/t + dE/at) |ass 


3. Inserting equation 26.8 into 26.3 yields: 
~rotrotE = p-e-(1/t-d6E/dt + 8?E/dt?) 269) 


with the abbreviation: u-s = 1/c? (26.10) 


4. Field equation of a damped transverse wave: 





-rotrotE-c? = $7E/ét2 + (1/t) - 5E/dt 


transverse wave vortex damping 





Fig. 26.1: Derivation of the wave damping by means of the 
formation of vortices!” 


<i>: see also EMC, part 1, chapter 5.3, 2.borderline case. 


Recapitulation from the viewpoint of textbook physics 531 





26. Recapitulation from the viewpoint of textbook physics 


Now that we in the meantime have accumulated innumerable mosaic parts as inspiring 
contributions to the discussion for the information technical seminar, it is time to sort the 
ideas and to put the parts together to an overall picture. 

Sceptics and orthodox scientists can only be convinced, if we start from textbook physics 
and completely do without postulates. Those demands will be fulfilled! 


26.1 Common misinterpretation of the antenna losses 


The mathematical description of physical relations leads to the well-known laws, which 
shouldn't be doubted anymore as soon as they are accepted to be correct. But what about 
the interpretation? Although a law dictates the interpretation and there is no choice, 
because laws must be adhered to, yet textbooks from time to time violate the mathe- 
matically dictated interpretation, a circumstance, which can't be accepted. I would like to 
illustrate this with an example. 


Let us assume that the measured degree of effectiveness of a transmitting antenna amounts 
to 80 percent. There exist better antennas, but also distinctly worse antennas, but I'm not 
aiming at a certain construction. The statement simply says, that 80% of the fed in HF- 
power is transformed into Hertzian waves. Thus there arises a loss of power of 20 percent, 
and the question follows: of what do those 20% consist? 


The answer, which is usual among experts and is supported by the textbooks, reads: the 
antenna wire gets hot and also the air around the antenna is heated by dielectric losses. In 
short, heat is formed. 

But I have to point out and will furnish proof that this interpretation is predominantly 
wrong! It in any case isn't in accord with the laws of Maxwell. Who namely obeys the 
laws, comes to an entirely different result! 


A short derivation brings it to light (fig. 26.1). 

We start with the formulation of Faraday's law of induction according to the textbooks 
(26.1), apply the curl-operation to both sides of the equation (26.3) and insert in the place of 
rot H Ampere's law (26.4-26.8). The generally known result describes a damped electro- 
magnetic wave (26.11)~”. 

It on the one hand is a transverse wave, which represents 80% of the antenna power for 
our example. On the other hand a damping term can be found in the equation, which 
obviously corresponds to the sought-for 20%. With that the answer would have been 
found. We realize that because of a damping of the wave 20% antenna losses arise. These 
losses can't concern heat at all, since the damping term in the equation has got nothing in 
common with thermodynamics. In the equation doesn't stand anything about heat! 
Such a mistake! 


532 Wave damping by field vortices 





E-field H-Feld 





Fig. 21.9 A: The coming off of the electric field lines 
from the dipole. 


<i>: Repetition belonging to chapter 21 


Recapitulation from the viewpoint of textbook physics 533 





26.2 Wave damping by field vortices 


* Mathematically seen the damping term describes vortices of the electromagnetic 
field. This term for instance forms the basis of all eddy current calculations”. 
¢ Physically seen some waves - in our example it is 20 percent - roll up to field 


vortices, with which the wave damping and the antenna losses would be explained. 


In the course of time a substantial part of the generated vortices will fall apart. These 
thereby will produce eddy losses in form of heat. Thus eventually still heat is produced - 
agreed. The criticism of the textbooks consists of the circumstance that we by no means 
can proceed from the assumption that all vortices spontaneously fall apart and a total 
conversion into heat will take place. The process in addition takes place with a temporal 
delay. The time constant x gives information in this respect. Field energy is buffered in the 
vortex, where some vortices live very long and it can't be ruled out that a few even exist 
as long as you like. 


To find out more about these field vortices and their behaviour, one has to get deep into 
vortex physics. Unfortunately nothing can be found about vortex physics in the textbooks. 
The mistake is systematic. The following short compendium should help close the gap: 


* Mathematically seen a closed-loop electromagnetic field vortex will show as a 
scalar. Such field vortices, which are mediated by a scalar field, are propagating 
exactly as charged particles in longitudinal manner as a scalar wave. 


¢ Physically seen a closed-loop field vortex has got particle nature. If one particle 
kicks off the next one then an impulse is mediated, then a shock wave is occurring, 
a longitudinal undulation of the particles. 


From the vortex physical view the interpretation of the antenna example now sounds 
entirely different: 

The charge carriers in an antenna wire oscillating with high-frequency form a longitudinal 
shock wave. Between current and tension voltage usually a phase shift of 90° is present. 
The fields produced by these charge carriers form a scalar wave field in the immediate 
vicinity of the antenna, the so-called near-field zone, which likewise contains longitudinal 
field components and shows a phase shift of 90° between electric and magnetic field (fig. 
21.8 A). As in textbooks is clarified by field lines, the generated fields actually form 
vortices, where one structure kicks off the next one (fig. 21.9 A). 


The vortices in the near-field zone of an antenna consist of standing waves, which 
obviously are transforming with increasing distance. In our example 80% of these are 
unrolling and turn into transverse waves, whereby the characteristic phase angle between 
E- and H-field at that occasion becomes zero. 
Let's turn again to those 20 percent loss. 





<i>: s.a.: K. Meyl: Wirbelstrome, Diss. Uni. Stuttgart 1984, INDEL Verlagsabt. 
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I. According to the Maxwell theory: 
The consistent application of textbook physics 


¢ Longitudinal waves run in the direction of a field pointer. 
¢ The field pointer oscillates, the vector of velocity oscillates along! 


* At relativistic velocities field vortices are subject to the Lorentz 
contraction. 


¢ The faster the oscillating vortex is on its way, the smaller it gets. 
¢ The vortex permanently changes its diameter (see fig. 21.10 B). 
¢ With the diameter the wavelength decreases (see fig. 22.4). 

* The swirl velocity is constant (= speed of light c). 


¢ The eigenfrequency of the vortex oscillates with opposite phase 
to the wavelength. 


¢ The vortex acts as a frequency converter! 


¢ The measurable mixture of frequencies is called noise. 


leads to the statement: 





¢ The antenna noise corresponds to the antenna losses! 





Il. Mathematical description of a wave’ by _ the 
inhomogeneous Laplace equation: 





AE - c? =- rot rot E- c? + grad divE -c?= 


Laplace transverse longitudinal 
operator (radio wave) (scalar wave) 





Divergence E is a scalar! 
The corresponding term founds a scalar wave. 


Fig. 26.3: Mathematical description of a wave 
according to 
Laplace. 
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26.3 Laplace versus Maxwell 


Longitudinal waves as is well-known don't know a fixed velocity of propagation at all. 
Since they run in the direction of an oscillating field pointer also the vector of velocity 
will oscillate. For so-called relativistic velocities in the range of the speed of light c the 
field vortices are subject to the Lorentz contraction. That means, the faster the oscillating 
vortex is on its way, the smaller it gets. The vortex, as a mediator of a scalar wave 
carrying impulse, permanently changes its diameter. 

Since, in the case of the vortices, it should concern rolled up waves, the vortex velocity 
will continue to be c, with which the wave now runs around the vortex centre in a circle. 
From that follows that if the diameter gets smaller, the wavelength of the vortex as well 
will decrease, whereas the eigenfrequency of the vortex accordingly increases. 
If the next moment the vortex oscillates back, the frequency again decreases. The vortex 
acts as a frequency converter! The mixture of high-frequency signals distributed over a 
broad frequency band formed in this way, is called noise. A noise signal indeed is 
measured from the outside with the help of broadband receivers.. We also speak of 
antenna noise and with this knowledge we can further specify the 20% antenna losses: 
The antenna produces 20 % noise, which can be put equal to the generated vortices 
because of the wave damping. 


At this point the Maxwell theory doesn't leave us room for interpretation at all. If in the 
textbooks the impression is aroused, as if the noise were an independent discipline, than 
that is not true at all. How much the noise is connected with the electromagnetic waves, 
proves a short look at the wave equation. 


The wave equation found in most textbooks has the form of an inhomogeneous Laplace 
equation. The famous French mathematician Laplace considerably earlier than Maxwell 
did find a comprehensive formulation of waves and formulated it mathematically (eq. 
26.12), which until today is still accepted as valid. 


On the one side of the wave equation the Laplace operator stands, which describes the 
spatial field distribution, and which according to the rules of vector analysis can be 
decomposed into two parts. On the other side the description of the time dependency of 
the wave can be found as an inhomogeneous term. 


If the wave equation according to Laplace (26.12) is compared to the one, which the 
Maxwell equations have brought us (26.11), then two differences clearly come forward: 
1. In the Laplace equation the damping term is missing. It doesn't describe the 
formation of vortices, and that means vortices do not exist at all, or present vortices 
have been there from the beginning. 
2. With divergence E a scalar factor appears in the wave equation, which founds a 
scalar wave. 


At this point at once hot tempered discussions concerning the question of the existence of 
scalar waves blaze up. But this question has already been answered clearly with the vortex 
consideration. Since an accepted description of longitudinal and scalar waves exists with 
the plasma wave and the plasma wave can be derived directly without postulate from the 
term of the wave equation (chapter 21.4/21.5), which founds scalar waves, there are 
further arguments present for their existence. 
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I. According to Maxwell: 


| fot rot - 2 = @E/5t? + (1/1) - 8B /dt 
ce a ae 10511) 


transverse wave vortex damping 


Description of electromagnetic waves with vortex damping 
Example: sunlight and the damping in the ionosphere (bleu sky). 


II. According to Laplace: 





AE - c2 =~ rot rot E- c?,+. grad div E - c? = @E/8t 
Laplace transverse longitudinal wave 
operator (Hertz) (Tesla) (26.1 











Description of transverse electromagnetic waves (Hertzian waves) 
and longitudinal scalar waves (Tesla radiation). 

1“ example: propagation of light as a wave or as a particle. 

2” example: useful signal or noise signal of an antenna. 





II. Mathematically seen (comparison of coefficients): 








(1/1) - 8B/8t, +. grad divE -c? = 0 
—, “YH S.-Y } (26.13) 


vortex scalar | 





IV. Physically seen 
(from the comparison of equation 26.12 with equation 26.11): 


Vortices propagate longitudinally as a scalar wave! 


Fig. 26.2: Comparison of the two wave descriptions. 
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26.4 Error term in the wave equation 


From the comparison of coefficients of both wave descriptions follows even more: 


¢ Mathematically seen the damping - resp. vortex term according to Maxwell can 
be put equal to the scalar wave term according to Laplace. 


¢ Physically seen the generated field vortices form and found a scalar wave. 


Here also doesn't exist any room for interpretation, as long as we work with the wave 
equation according to Laplace and at the same time adhere to the Maxwell theory. If 
however the scalar wave part is put equal to zero, as is common practise in the textbooks, 
then as a consequence neither vortices nor noise may exist. But that contradicts all 
measuring technical experience! Since every antenna produces more or less noise, the 
textbooks obviously only show half the truth. Science however gropes for the whole truth 
and that should be fathomed. 


If in the case of the antenna example the vortex part amounts to 20%, then that's 
tantamount to 20% scalar wave part, resp. 20% noise. The scalar wave part constitutes 
with regard to the Hertzian useful wave something like an error term in the wave equation. 
The part definitely is too big, as that it might be put equal to zero. Even so all error 
consideration in the textbooks is missing, if the scalar wave term is assumed to be zero. 
That violates all rules of physics and of taught scientific methodism. 


In practice this shows by a useful signal going under in the noise and reception not being 
possible anymore as soon as the scalar wave part gets out of control. Even in this case, for 
which the degree of effectiveness tends towards zero, it still is common practise to put the 
error term, which is dominating everything, equal to zero. But who in this point follows 
the textbooks, disregards with that the wave equation and doing so by no means can refer 
to the circumstance that all colleagues make the same mistake. 


The building of physics behaves like a house of cards, where the cards mutually support 
each other. Perhaps that is the deeper reason why those, who have discovered a marked 
card, don't pull it out immediately. In addition they are hindered by the self appointed 
guardians of the ,,pure doctrine", since everyone knows what happens with the house of 
cards if the marked card is pulled out. Only, do we want to and can we live with that in the 
long run? Is it a solution of the problem, if the so-called experts among the physicists and 
technicians look away and don't deal with the foundation of their branch anymore? If 
universities crash their basis education into the wall and choke off every contradiction? 


Please allow me to pull out the marked card now and place it on the table! 


It concerns the question: what is the nature of the field vortices, which form a scalar wave 
in space. Eddy currents in the iron parts of the antenna are explained with the field 
equations, but not the noise, which is measured especially in the air. If an antenna on the 
one hand produces field vortices and as a consequence eddy losses and on the other hand 
dielectric losses, then we can assume that besides the eddy currents in the conductor also 
vortices in the dielectric must exist. Let's search for them! 
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Interim result 


Interim result (comparison of arguments): 


The Maxwell — equations 
on the one hand dictate 
that as the reason for a 
wave damping only field 
vortices should be con- 
sidered. 


hand the 

interpre- 
it possible 
the noise of 


On the one 
field vortex 
tation makes 


to explain 


an antenna perfectly. 


for- 
how 


The mathematical 
mulation reveals, 
wave and vortex, resp. 
noise, co-operate and 
how one should imagine 
the conversion of one 
form into the other form. 


Table 26.5: 


On the other hand the 
same laws merely 
describe eddy currents, 
which can only occur in 
the electrically 
ducting parts of 
antenna. 


On the other hand does 
the noise appear in the 
neighbourhood of the 
antenna, thus in the air 
and not in the’ iron 
parts! 


In field physics on the 
other hand is missing a 
useful description of 
electric field vortices in 
a dielectric, which could 
found the noise signal. 





Arguments pro and contra. 
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26. 5 Interim result 


It shouldn't be a disadvantage, to interprete physical laws more consistently than usual, 
even if in the present case orthodox science through that at first should fall into a deep 
crisis. If the way is worthwhile, only will show at the © end. 
Let us try to work out the contradictions in form of a comparison of arguments: 


*The Maxwell equations on the one hand dictate that as the reason for a wave 
damping only field vortices should be considered. 





o On the other hand the same laws merely describe eddy currents, which can 


only occur in the electrically conducting parts of the antenna. . 


¢ On the one hand the field vortex interpretation makes it possible to explain the 
noise of an antenna perfectly. . 





o On the other hand does the noise appear in the neighbourhood of the 
antenna, thus in the air and not in the iron parts! 
¢« The mathematical formulation reveals, how wave and vortex, resp. noise, co- 


operate and how one should imagine the conversion of one form into the other 
form. 





o In field physics on the other hand is missing a useful description of electric 
field vortices in a dielectric, which could found the noise signal. 





The most obvious among all conceivable solutions is the one that we have to assume the 
existence of dielectric field vortices, so-called potential vortices. We are challenged to 
search for a corresponding description. If the quest should be successful, then the 
contradictions would be overcome. In addition there is the promise of a whole number of 
simplifying explanations of various phenomena in the dielectric (see fig. 26.5 and fig. 
26.7). 


The phenomenon of noise becomes an aspect of wave physics, which is more than merely 
a field disturbance, which makes the reception of the useful wave more difficult. If the 
scalar wave nature is realized, then applications can be imagined, in which the noise is 
used as useful signal. In the way that the scalar part in the wave equation doesn't have to 
be put to zero anymore to obtain freedom of contradiction, even optimizations of antennas 
or of capacitors are possible with regard to the dielectric losses by means of the 
calculation of the scalar part. 


New in any case is the idea that the dielectric losses of a capacitor are eddy losses and not 
a defect in material of the insulating material. With that the capacitor losses correspond to 
a generated noise power. We also can say, every capacitor more or less produces noise! 
The electric field lines point from one capacitor plate to the other plate. If one plate 
radiates as a transmitter and the other plate functions as a receiver, then the field 
propagation takes place in the direction of the electric field pointer and that again is the 
condition for a longitudinal wave. Here the circle closes in the conclusion, the capacitor 
field mediates dielectric field vortices, which following the field lines found a scalar wave 
because of their scalar nature. The heating of the capacitor results from the decay of 
vortices. 
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Potential vortices explain div. phenomena in the dielectric: 








Fig. 26.6: Advantages of a field description extended with 
potential vortices. 


<i>: Rupert Sheldrake: Seven Experiments That Could Change the World. 
Riverhead Books, 1995 
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26.6 Failure of the Maxwell theory 


If the capacitor losses or the antenna noise should concern dielectric losses in the sense of 
vortex decay of potential vortices, which don't occur in the Maxwell theory at all, then we 
are confronted with a massive contradiction: 





*For the description of the losses the Maxwell; theory on the one hand only offers 
field vortices and those only in the conductive medium. 
o On the other hand do the dielectric losses occut in the nonconductor and in 
the air. 





¢ In conductive materials vortex fields occur, in the insulator however the fields 
are irrotational. That isn't possible, since at the transition from the conductor to 
the insulator the laws of refraction are valid and these require continuity! Hence 
a failure of the Maxwell theory (Fig. 26.7) will occur in the dielectric. 


o As a consequence the existence of vortex fields in the dielectric, so-called 
potential vortices, should be required! 


In electrodynamics as a help the approach of a vector potential A is used, which leads to a 
complex formulation of the dielectric constant € and in this way makes it possible, to 
mathematically describe the dielectric losses of a capacitor by means of the load angle, 
which stretches in the complex plane. But which physical value does this approach have? 
How can now the inner contradiction be explained, which is hidden in a complex constant 
of material? One should only remember the definition of the speed of light c =1/Ve (eq. 

26.10) and its dependency of & For a complex € here are resulting insurmountable 
problems in the textbooks. 

From the viewpoint of mathematics the introduction of the vector potential at first may 
represent a help. The before mentioned contradictions however fast raise doubts to the 
model concept, which from a physical viewpoint eventually will lead to errors, if the speed 
of light isn't constant anymore and even should be complex. 


These considerations should be sufficient as a motive to require potential vortices, even if 
for their description the field theory according to the textbooks has to be revised. As a 
supplement there is pointed to the following points: 





. As an inhabitant of a dielectric between two capacitor plates also man is a 
product of these field vortices. 


*Scalar waves can be modulated moredimensionally and be used as carrier of 
information, as Prof. Sheldrake has proven with his proof of morphogenetic 
fields“. 
The dielectric vortices moreover provide an explanation for natural events. They form the 
key to numerous disciplines of science, from physics over biology up to medicine. 


<i>: Rupert Sheldrake: Seven Experiments That Could Change the World. 
Riverhead Books, 1995 
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Problem of continuity in the case of the 
coming off of vortices 









Example: hightension cable 









in ‘conductive material 
vortex fields occur in th 
insulator however the fie 
are irrotational. 

That isn’t possible, since a 
the transition from 







and these require continui 
Hence a failure of tli 
Maxwell theory will occur 
the dielectric! 










Conclusion: ¢ According to the Maxwell theory 
there exist no vortices of the electric field (no 
potential vortices) and therefore no_ scalar 
waves. 










¢ Without theory it is impossible to desipant a 
usable scalar wave gauge and to furnish 
evidence. => Classic closed loop conclusion: 


¢ The missing of scientific evidence agai 
»proves* the assumption of the irrotationality 
and ,confirms“ the correctness of the Maxwell 
theory. 


¢ Hence it cannot be, what shouldn’t be! 


Fie. 26.7: Concerning the failure of the Maxwell theory 
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26.7. Concerning the evidence situation 


In the question, if a physical phenomenon should be acknowledged as such, experimental, 
mathematical and physical evidence should be shown. In the case of the potential 
vortices, the vortices of the electric field and their propagation as a scalar wave, the 
historical experiments of Nikola Tesla“” and the modern clone of these can be judged as 
experimental evidence”. 


With the well-known wave equation a mathematical description for this phenomenon 
has been specified and discussed“. It will be shown that both transverse and longitudinal 
wave parts are contained alongside in the wave equation, i.e. both radio waves according 
to Hertz and scalar waves according to Tesla. Doing so the mathematically determined 
scalar wave properties are identical with the experimental results! 

The wave equation is an inhomogeneous Laplace equation and the first and oldest 
description of scalar waves. It thereby is unimportant, if the famous mathematician 
Laplace himself already may have realized and discussed this circumstance or not. The 
description fits perfectly and that is what counts! 


At this point the third point should be put on the agenda, the physical evidence. This is 
connected very closely with the question for a suitable field theory and that again is basing 
on a corresponding approach. 


<P: N. Tesla: Apparatus for Transmission of Electrical Energy, US-Patent-No.: 
649,621, New York 1900, Dr. Nikola Tesla: Complete Patents pp318-321. 


<i>: Johannes von Buttlar im Gesprach mit Prof. Dr. Konstantin Meyl: 
Neutrinopower, Argo-Verlag, Marktoberdorf, 1.Aufl. 2000. 


<ili>: K. Meyl: Scalar Waves: Theory and Experiments, Journal of Scientific 
Exploration, Vol. 15, No. 2, pp. 199-205, 2001 
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Energy out of the field 


( * * * Task Schedule * * * ) 


lL. 


2, 


\o on 


Neutrino radiation => energy radiation! 

(acc. to Pauli:V cares for missing energy in the case of the 8-decay) 

High neutrino density => high energy density! 

3. Neutrino = particle without charge or mass (mean), 
but because of oscillations: effective value of charge and mass#zero! 

4. Interaction only in the case of resonance 
(e.g. weak interaction)! 

(same frequency, 180° phase shift) 

5. Neutrino radiation is an energy source which can be 
used (not a question of physics, only a question of technology!) 


. Particle radiation (neutrino) => shock wave (like sound) 


= longitudinal wave 
=> scalar wave (mathem.) 


. Interaction/resonance of the v = scalar wave problem 
. Scalar waves are a problem of the field theory! 
. Maxwell theory neglects scalar waves. 





¢ Search for a new approach (chap. 27.8) 


¢ Derivation of the Maxwell equations as a 


¢ Derivation of scalar waves (chap. 27.13) 


¢ Derivation of the gravitation and more 


Table 27.1: | Task schedule belonging to chapter 27 
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27. Faraday versus Maxwell 


Numerous phenomena of the electromagnetic field are described sufficiently accurate by 
the Maxwell equations, so that these as a rule are regarded as a universal field description. 
But if one looks more exact it turns out to be purely an approximation, which in addition 
leads to far reaching physical and technological consequences. We must ask ourselves: 


What is the Maxwell approximation? 
How could a new and extended approach look like? 


¢ Faraday instead of Maxwell, which is the more general law of 
induction? 


Can the Maxwell equations be derived as a special case? 
Can also scalar waves be derived from the new approach? 


Can the gravitation as well be derived and a lot else more? 


On the one hand it concerns the big search for a unified physical theory and on the other 
hand the chances of new technologies, which are connected with an extended field theory. 
As a necessary consequence of the derivation, which roots strictly in textbook physics and 
manages without postulate, scalar waves occur, which could be used manifold. In 
information technology they are suited as a carrier wave, which can be modulated 
moredimensionally, and in power engineering the spectrum stretches from the wireless 
transmission up to the collection of energy out of the field. 


27.1 Energy out of the field 


Neutrinos for instance are such field configurations, which move through space as a scalar 
wave. They were introduced by Pauli as massless but energy carrying particles to be able 
to fulfil the balance sheet of energy for the beta decay. Nothing would be more obvious 
than to technically use the neutrino radiation as an energy source. 

But for a technical exploitation a useful model description of the particles and their 
interaction is imperative. For the sake of simplicity we imagine the neutrino to be an 
oscillating particle, which permanently oscillates back and forth between the state of an 
electron and that of a positron. With that the polarity changes from positive to negative 
and back again and the charge averaged over time is zero. Because of the change from a 
state of matter to the state of an anti-particle also next to no mass can be measured 
anymore. 

A technical oscillator operated in resonance, which oscillates with the same frequency but 
opposite charge, will interact with the particle and build up an oscillating electromagnetic 
interaction, with which we already are familiar as the weak interaction in the proximity of 
a neutrino. 


546 Vortex and anti-vortex 


Tubular vortices 


¢ Examples: drain vortex (bathtub vortex) 
whirlwind and waterspout, tornado (image). 





Tornado 


§ 
a a nas 


torn 2k 
, 


Inside: expanding vortex 

Outside: contracting anti-vortex 

Condition for coming off: equally powerful vortices 
Criterion: viscosity 

Result: tubular structure 


Fig. 27.2: Vortex and anti-vortex - a physical basic principle 


<i>: Lugt: Wirbelstromung in Natur und Technik, G. Braun Verlag Karlsruhe 
1979, Bild ,, Tornado" von Tafel 21, Seite 356 
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The propagation of particle radiation as a longitudinal shock wave however can't be 
described with the normally used field theory and the Maxwell equations, so that the field 
theory at this point must be reworked. Connected with this is the question of what is 
oscillating here, a question, which often is answered with an aether of whatever nature. I 
speak of field vortices and call the aether a property of the field. With that the set of 
difficulties is shifted into the domain of vortex physics. 


27.2 Vortex and anti-vortex 


In the eye of a tornado the same calm prevails as at great distance, because here a vortex 
and its anti-vortex work against each other. In the inside the expanding vortex is located 
and on the outside the contracting anti-vortex. One vortex is the condition for the 
existence of the other one and vice versa. Already Leonardo da Vinci knew both vortices 
and has described the dual manifestations (chapter 3.4). 


In the case of flow vortices the viscosity determines the diameter of the vortex tube where 
the coming off will occur. If for instance a tornado soaks itself with water above the open 
ocean, then the contracting potential vortex is predominant and the energy density 
increases threateningly. If it however runs overland and rains out, it again becomes bigger 
and less dangerous. 


The conditions for the bathtub vortex are similar. Here the expanding vortex consists of 
air, the contracting vortex however of water. In flow dynamics the relations are 
understood. They mostly can be seen well and observed without further aids. 


In electrical engineering it's different: here field vortices remain invisible and not 
understood. Only so the Maxwell theory could find acceptance, although it only describes 
mathematically the expanding eddy current and ignores its anti-vortex. I call the 
contracting anti-vortex potential vortex" and point to the circumstance, that every eddy 
current entails the anti-vortex as a physical necessity. 

Because the size of the forming structures is determined by the electric conductivity, in 
conducting materials the vortex rings, being composed of both vortices, are huge, whereas 
they can contract down to atomic dimensions in nonconductors. Only in semiconducting 
and resistive materials the structures occasionally can be observed directly (fig. 4.8). 
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Vortices in the microcosm and macrocosn 


Spherical vortices 


expanding vortex contracting vortex 


* quantum collision processes gluons 
(several quarks) (postulate!) 


physics 


° nuclear repulsion of like strong interaction 


physics 


(postulate!) 


° atomic centrifugal force of the electrical attraction 


physics 


enveloping electrons Schrodinger equation 


. astro- centrifugal force gravitation 


physics 





(inertia) (can not be derived?!) 





Example: 


elementary particles as electromagnetic field vortices 
expanding eddy current (skin effect) 
contracting anti-vortex (potential vortex ) 
for coming off: equally powerful vortices 
electric conductivity (determines diameter) 
spherical structure 
(consequence of the pressure of the vacuum) 





Fig. 27.3: Spherical structures as a result of contracting 


potential vortices.” 








<i>: see Part 1, chapter 4.3 
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27.3 Vortices in the microcosm and macrocosm 


The approximation, which is hidden in the Maxwell equations, thus consists of neglecting 
the anti-vortex dual to the eddy current. It is possible that this approximation is allowed, as 
long as it only concerns processes inside conducting materials. If we however get to 
insulating materials the Maxwell approximation will lead to considerable errors and it 
won't be able to keep it anymore. 


If we take as an example the lightning and ask how the lightning channel is formed: 
Which mechanism is behind it, if the electrically insulating air for a short time is 
becoming a conductor? From the viewpoint of vortex physics the answer is obvious: The 
potential vortex, which in the air is dominating, contracts very strong and doing so 
squezes all air charge carriers and air ions, which are responsible for the conductivity, 
together at a very small space to form a current channel. 


The contracting potential vortex thus exerts a pressure and with that forms the vortex tube. 
Besides the cylindrical structure another structure can be expected. It is the sphere, which 
is the only form, which can withstand a powerful pressure if that acts equally from all 
directions of space. Only think of ball lightning. Actually the spherical structure is mostly 
found in microcosm till macrocosm. Let's consider some examples and thereby search for 
the expanding and contracting forces (fig. 27.2). 


¢ In quantum physics one imagines the elementary particles to be consisting of quarks. 
Irrespective of the question, which physical reality should be attributed to this model 
concept, one thing remains puzzling: The quarks should run apart, or you should try to 
keep together three globules, which are moving violently and permanently hitting 
each other. For this reason glue particles were postulated, the so-called gluons, which 
now should take care for the reaction force, but this reaction force is nothing but a 
postulate! 


¢ In nuclear physics it concerns the force, which holds together the atomic nucleus, 
which is composed of many nucleons, and gives it the well-known great stability, 
although here like charged particles are close together. Particles, which usually repel 
each other. Between the theoretical model and practical reality there is an enormous 
gap, which should be overcome by introducing of a new reaction force. But also the 
nuclear force, called strong interaction, is nothing but a postulate! 


¢ In atomic physics the electric force of attraction between the positive nuclear charge 
and the negatively charged enveloping electrons counteracts the centrifugal force. In 
this case the anti-vortex takes care for a certain structure of the atomic hull, which 
obey the Schrodinger equation as eigenvalue solutions. But also this equation 
irrespective of its efficiency until today purely is a mathematical postulate, as long as 
its origin is not clear. 


¢ In astrophysics centrifugal force (expansion) as a result of the inertia and gravitation 
(contraction) as a result of the attraction of masses are balanced. But the "gravitation" 
puts itself in the way of every attempt to formulate a unified field theory. Also this 
time it is the contracting vortex, of which is said it can't be derived nor integrated. 
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Michael Faraday, James Clerk Maxwell<'*, 
the experimentor (1791-1867) the mathematician (1831-1879) 





unipolar generator e.g.: transformer 


Fig. 27.4: The fathers of the law of induction 


<i>: J.C. Maxwell: A treatise on Electricity and Magnetism, Dover Publications 
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It is remarkable how in the domain of the contracting vortex the postulates are 
accumulating. But this hasn't always been the case. In ancient Greece already 2400 years 
ago Demokrit has undertaken an attempt to formulate a unified physics. He traced all 
visible and observable structures in nature back to vortices, each time formed of vortex 
and anti-vortex. This phenomenon appeared him to be so fundamental, that he put the term 
"vortex" equal to the term for ,,law of nature". The term ,.atom" stems from Demokrit 
(460-370 BC). 


Seen this way the physicists in ancient times already had been further than today's 
physics, which with the Maxwell approximation neglects the contracting vortex and with 
that excludes fundamental phenomena from the field description or is forced to replace 
them by model descriptions and numerous postulates. 

What we need is a new field approach, which removes this flaw and in this point reaches 
over and above the Maxwell theory. 


27.4 Faraday's law and Maxwell's formulation 


In the choice of the approach the physicist is free, as long as the approach is reasonable 
and well founded. In the case of Maxwell's field equations two experimentally determined 
regularities served as basis: on the one hand Ampere's law and on the other hand the law 
of induction of Faraday. The mathematician Maxwell thereby gave the finishing touches 
for the formulations of both laws. He introduced the displacement current D and 
completed Ampere's law accordingly, and that without a chance of already at his time 
being able to measure and prove the measure. Only after his death this was possible 
experimentally, what afterwards makes clear the format of this man. 
In the formulation of the law of induction Maxwell was completely free, because the 
discoverer Michael Faraday had done without specifications. As a man of practice and of 
experiment the mathematical notation was less important for Faraday. For him the 
attempts with which he could show his discovery of the induction to everybody, e.g. his 
unipolar generator, stood in the foreground. 

His 40 years younger friend and professor of mathematics Maxwell however had 
something completely different in mind. He wanted to describe the light as an 
electromagnetic wave and doing so certainly the wave description of Laplace went 
through his mind, which needs a second time derivation of the field factor. Because 
Maxwell for this purpose needed two equations with each time a first derivation, he had to 
introduce the displacement current in Ampere's law and had to choose an appropriate 
notation for the formulation of the law of induction to get to the wave equation. 
His light theory initially was very controversial. Maxwell faster found acknowledgement 
for bringing together the teachings of electricity and magnetism and the representation as 
something unified and belonging together“ than for mathematically giving reasons for the 
principle discovered by Faraday. 

Nevertheless the question should be asked, if Maxwell has found the suitable formulation, 
if he has understood 100 percent correct his friend Faraday and his discovery. If discovery 
(from 29.08.1831) and mathematical formulation (1862) stem from two different 
scientists, who in addition belong to different disciplines, misunderstandings are nothing 
unusual. It will be helpful to work out the differences. 
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unipolar generator e.g.: transformer 


discovery of Faraday 


em) 


unipolar induction 






2nd Maxwell equation 









law of induction generally , 


Fig. 27.5: Two formulations for one law 
As a mathematical relation between 
the vectors of the electric field strength E 
and the induction B (= magnetic flux density) 








Consequences 
(the physically mean of the ,,field concept*): 







describes a field 
physical principle 









e field = experience: 
= static field of charges, 


e the magnetic (H-) field 


= field of moving charges. 


We experience the electric as a 
magnetic field and vice versa as 
a result of a relative velocity 


e Particles do not occur in 


e The origin of the particles 
the Faraday approach 


remains unsettled (postulate) 


e Perfect duality between * No dt 
E- and H-field. _descri 


e v leads to dual permutation |e Charge carriers=el. monopole 
of E- and H-field. e No magnetic monopoles! 
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27.5 The discovery of Faraday 


If one turns an axially polarized magnet or a copper disc situated in a magnetic field, then 
perpendicular to the direction of motion and perpendicular to the magnetic field pointer a 
pointer of the electric field will occur, which everywhere points axially to the outside. In 
the case of this by Faraday developed unipolar generator hence by means of a brush 
between the rotation axis and the circumference a tension voltage can be called off. 
The mathematically correct relation E = v x B_I call Faraday-law, even if it only 
appears in this form in the textbooks later in time". The formulation usually is attributed 
to the mathematician Hendrik Lorentz, since it appears in the Lorentz force in exactly this 
form. Much more important than the mathematical formalism however are the 
experimental results and the discovery by Michael Faraday, for which reason the law 
concerning unipolar induction is named after the discoverer. 

Of course we must realize that the charge carriers at the time of the discovery hadn't been 
discovered yet and the field concept couldn't correspond to that of today. The field 
concept was an abstracter one, free of any quantization. 


That of course also is valid for the field concept advocated by Maxwell, which we now 
contrast with the ,,Faraday-law" (fig. 27.4). The second Maxwell equation, the law of 
induction (27.1*), also is a mathematical description between the electric field strength E 
and the magnetic induction B. But this time the two aren't linked by a relative velocity v. 
In that place stands the time derivation of B, with which a change in flux is necessary for 
an electric field strength to occur. As a consequence the Maxwell equation doesn't provide 
a result in the static or quasi-stationary case, for which reason it in such cases is usual, to 
fall back upon the unipolar induction according to Faraday (e.g. in the case of the Hall- 
probe, the picture tube, etc.). The falling back should only remain restricted to such cases, 
so the normally used idea. But with which right the restriction of the Faraday-law to 
stationary processes is made? 

The vectors E and B can be subject to both spatial and temporal fluctuations. In that way 
the two formulations suddenly are in competition with each other and we are asked, to 
explain the difference, as far as such a difference should be present. 


<i>: Part 2, INDEL 1996, Chap. 16.1 


<ii>: among others in R.W. Pohl: Einfuhrung in die Physik, Bd.2 Elektrizitatslehre, 
21.Aufl. Springer-Verlag 1975, Seite 76 und 130 
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law of induction 


unipolar generator e.g.: transformer 


discovery of Faraday 24 Maxwell equation 


Difference, e.g. in the (quasi-) station case (dB/dt = 0): 
E + 0 E= 0 


Electric and magnetic field in the stationary case are: 


coupled: E decoupled: ———». E 
mag. induction B (1) neglectible B 


Only E or B can form an Closed-loop field lines 
open field line. have no effect, can’t 
The other field line is be influenced and are 
a closed-loop field line neglected (Maxwell 
approximation!) 





Fig. 27.6: Law of induction according to Faraday or Maxwell? 
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27.6 Different formulation of the law of induction 


Such a difference for instance is, that it is common practice to neglect the coupling 
between the fields at low frequencies. While at high frequencies in the range of the 
electromagnetic field the E- and the H-field are mutually dependent, at lower frequency 
and small field change the process of induction drops correspondingly according to 
Maxwell, so that a neglect seems to be allowed. Now electric or magnetic field can be 
measured independently of each other. Usually is proceeded as if the other field is not 
present at all. 


That is not correct. A look at the Faraday-law immediately shows that even down to 
frequency zero always both fields are present. The field pointers however stand 
perpendicular to each other, so that the magnetic field pointer wraps around the pointer of 
the electric field in the form of a vortex ring in the case that the electric field strength is 
being measured and vice versa. The closed-loop field lines are acting neutral to the 
outside; they hence need no attention, so the normally used idea. It should be examined 
more closely if this is sufficient as an explanation for the neglect of the not measurable 
closed-loop field lines, or if not after all an effect arises from fields, which are present in 
reality. 


Another difference concerns the commutability of E- and H-field, as is shown by the 
Faraday-generator, how a magnetic becomes an electric field and vice versa as a result of a 
relative velocity v. This directly influences the physical-philosophic question: What is 
meant by the electromagnetic field? 


The textbook opinion based on the Maxwell equations names the static field of the charge 
carriers as cause for the electric field, whereas moving ones cause the magnetic field. But 
that hardly can have been the idea of Faraday, to whom the existence of charge carriers 
was completely unknown. The for his contemporaries completely revolutionary abstract 
field concept based on the works of the Croatian Jesuit priest Boscovich (1711-1778). In 
the case of the field it should less concern a physical quantity in the usual sense, than 
rather the experimental experience of an interaction according to his field description. 
We should interprete the Faraday-law to the effect that we experience an electric field, if 
we are moving with regard to a magnetic field with a relative velocity and vice versa. 


In the commutability of electric and magnetic field a duality between the two is expressed, 
which in the Maxwell formulation is lost, as soon as charge carriers are brought into play. 
Is thus the Maxwell field the special case of a particle free field? Much evidence points to 
it, because after all a light ray can run through a particle free vacuum. If however fields 
can exist without particles, particles without fields however are impossible, then the field 
should have been there first as the cause for the particles. Then the Faraday description 
should form the basis, from which all other regularities can be derived. 
What do the textbooks say to that? 
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Faraday-law 


















(unipolar induction) 


= onl E 
E=vxB (27.1) 


Discordance at the Technical University of Darmstadt 
e« According to Prof. Kupfmiuller<>: 


special formulation general formulation 





of the law of induction 


e According to Prof. Bosse<i>: 


\..equation of transformation“ Maxwell = special case 





e Acc. to the TU Darmstadt (Prof. Kipfmuller<i / Prof. Bosse“ 


follows from| | 





and unipolar induction 


can be derived ! 








Lorentz force can 
be derived ! 


Fig. 27.7: Different opinions and derivations 


<P: K. Kupfmuller: Einfuhrung in die theoretische Elektrotechnik, 12. Auflage, 
Springer Verlag 1988, Seite 228, Gl. 22. 

<i>: G. Bosse: Grundlagen der Elektrotechnik I, Bl-Hochschultaschenbucher 
Nr. 183, 1-Aufl. 1967, Kap. 6.1 Induktion, Seite 58 

<ii>: R. W. Pohl: Einfuhrung in die Physik, Band 2 Elektrizitatslehre, 21. Auflage, 
Springer-Verlag 1975, Seite 77 
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27.7 Contradictory opinions in textbooks 


Obviously there exist two formulations for the law of induction (27.1 and 27.1*), which 
more or less have equal rights. Science stands for the question: which mathematical 
description is the more efficient one? If one case is a special case of the other case, which 
description then is the more universal one? 


What Maxwell's field equations tell us is sufficiently known, so that derivations are 
unnecessary. Numerous textbooks are standing by, if results should be cited. Let us hence 
turn to the Faraday-law (27.1). Often one searches in vain for this law in schoolbooks. 
Only in more pretentious books one makes a find under the keyword "unipolar induction". 
If one however compares the number of pages, which are spent on the law of induction 
according to Maxwell with the few pages for the unipolar induction, then one gets the 
impression that the latter only is a unimportant special case for low frequencies. 
Kupfmuller speaks of a ,,special form of the law of induction"“”, and cites as practical 
examples the induction in a brake disc and the Hall-effect. Afterwards Kupfmiiller derives 
from the ,,special form" the ,,general form" of the law of induction according to Maxwell, 
a postulated generalization, which needs an explanation. But a reason is not given. 
Bosse gives the same derivation, but for him the Maxwell-result is the special case and not 
his Faraday approach*"’! In addition he addresses the Faraday-law as equation of 
transformation and points out the meaning and _ the special interpretation. 
On the other hand he derives the law from the Lorentz force, completely in the style of 
Kupfmuller“” and with that again takes it part of its autonomy. Pohl looks at that different. 
He inversely derives the Lorentz force from the Faraday-law~"”. 


By all means, the Faraday-law, which we want to base on instead of on the Maxwell 
equations, shows _,,strange effects" from the point of view of a Maxwell representative 
of today and thereby but one side of the medal (eq. 27.1). Only in very few distinguished 
textbooks the other side of the medal (eq. 27.2) is mentioned at all. In that way most 
textbooks mediate a lopsided and incomplete picture". If there should be talk about 
equations of transformation, then the dual formulation belongs to it, then it concerns a pair 
of equations, which describes the relations between the electric and the magnetic field. 


If the by Bosse” prompted term ,,equation of transformation" is justified or not at first is 
unimportant. That is a matter of discussion. 


<i>: K. Kupfmuller: Einfuhrung in die theoretische Elektrotechnik, 12.Aufl., 
Springer Verlag 1988, Seite 228, Gl. 22. 


<ii>: G. Bosse: Grundlagen der Elektrotechnik II, BI-Hochschultaschenbucher 
Nr.183, 1-Aufl. 1967, Kap. 6.1 Induktion, Seite 58 

<i>: R.W.Pohl: Einfuhrung in die Physik, Bd.2 Elektrizitatslehre, 2 1.Aufl. 
Springer-Verlag 1975, Seite 77 


<i4>: G. Lehner: Elektromagnetische Feldtheorie, Springer-Lehrbuch 1990, 1. 
Aufl., Seite 31 Kommentar zur Lorentzkraft (1.65) 
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The new and dual field approach consists of 


equations of transformation 


<i> 





of the electric and _ of the magnetic field 
| E = vxB |(27.1) and | H = -wxD (27.2) 
unipolar induction equation of convection 


¢ Formulation according to the rules of duality 


* Grimsehl“” speaks of the ,,equation of convection", 
according to which moving charges produce a magnetic field 
and_ so-called convection currents (referring to Rontgen 
1885, Himstedt, Rowland 1876, Eichenwald and others) 


© Pohl” gives examples for the equations of transformation, 
¢ he writes the equations beneath each other 


E = uw - vx Hj (27.3) and (274) 


* and points out that for v= c = 1/Vwe 
one equation changes into the other one! 








| The new and dual approach roots in textbook physics! 


Fig. 27.8: The new and dual field approach 


<i>: see Part 1, chapter 6.5 
<ii>: Grimsehl: Lehrbuch der Physik, 2.Bd., 17,Aufl. Teubner Verl. 1967, S. 130. 


<i>: R.W.Pohl: Einfuhrung in die Physik, Bd2  Elektrizitatslehre, 21.Aufl. 
Springer-Verlag 1975, Seite 77 
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27.8 The field-theoretical approach 


The duality between E- and H-field and the commutability asks for a corresponding dual 
formulation to the Faraday-law (27.1). Written down according to the rules of duality 
there results an equation (27.2), which occasionally is mentioned in some textbooks. 
While both equations in the books of Pohl“ and of Simonyi*'” are written down side by 
side having equal rights and are compared with each other, Grimsehl*"” derives the dual 
regularity (27.2) with the help of the example of a thin, positively charged and rotating 
metal ring. He speaks of ,,equation of convection", according to which moving charges 
produce a magnetic field and so-called convection currents. Doing so he refers to 
workings of Rontgen 1885, Himstedt, Rowland 1876, Eichenwald and many others more, 
which today hardly are known. 

In his textbook also Pohl gives practical examples for both equations of transformation. 
He points out that one equation changes into the other one, if as a relative velocity v the 
speed of light c should occur. This question will also occupy us. 


We now have found a field-theoretical approach with the equations of transformation, 
which in its dual formulation is clearly distinguished from the Maxwell approach. The 
reassuring conclusion is added: The new field approach roots entirely in textbook 
physics, as are the results from the literature research. We can completely do without 
postulates. 

Next thing to do is to test the approach strictly mathematical for freedom of 
contradictions. It in particular concerns the question, which known regularities can be 
derived under which conditions. Moreover the conditions and the scopes of the derived 
theories should result correctly, e.g. of what the Maxwell approximation consists and why 
the Maxwell equations describe only a special case. 


27.9 Derivation of Maxwell's field equations 


As a starting-point and as approach serve the equations of transformation of the 
electromagnetic field, the Faraday-law of unipolar induction and the according to the rules 
of duality formulated law (eq. 27.1, 2). If we apply the curl to both sides of the equations 
then according to known algorithms of vector analysis the curl of the cross product each 
time delivers the sum of four single terms. Two of these again are zero for a non- 
accelerated relative motion in the x-direction with v = dr/dt. 

One term concerns the vector gradient (v grad)B, which can be represented as a tensor. 
By writing down and solving the accompanying derivative matrix giving consideration to 
the above determination of the v-vector, the vector gradient becomes the simple time 
derivation of the field vector B(r(t)) (eq. 27.10, according to the rule of eq. 27.11). 


<i>: R.W.Pohl: Einfuhrung in die Physik, Bd.2  Elektrizitatslehre, 21.Aufl. 
Springer-Verlag 1975, Seite 76 und 130 


<i>: K. Simonyi: Theoretische Elektrotechnik, 7.Aufl. VEB Berlin 1979, Seite 924. 
<iii>: Grimsehl: Lehrbuch der Physik, 2,Bd., 17.Aufl. Teubner Verl. 1967, S. 130. 
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As approach serve the equations of transformation (fig. 27.5) of 
the electric and of the magnetic field: 


Q7.\jad | H=-vxD | 72) 


If we apply the curl to the respective cross product: 








(27.5) and | rot H =— rot (v¥xD) 76) 
then according to the algorithms four sum terms are delivered: 


rotE = (B grad)v -(v grad)B+ vdivB - Bdivv 























(27.5) 
| rot H = -[(D grad)v — (v grad)D + v divD - D div y] «76 
where 2 of them are zero because of: | v(t) = dr/dt | (27.7) 
¢ the divergence of v(t) disappears: divv = 0 , (27.8) 
¢ and will be zero as well: Ov(t)/o r= grad v= 0). 279) 
* there remain the vector gradients: 
and (v grad)D = = , (27.10) 
* according to the rules*” in general (with eq. 27.7): 
avert 2 ae r(t)) ant = (w grad) V o7.1n 
* A comparison of the coefficients of both field equations 
| rotE =~—dB/dt+vdivB = -—dB/dt-—b (27.12) 
rot-H = dD/dt-vdivD = dD/dt+j (27.13) 
with the Maxwell equations results in: 
¢ for the potential density b = -vdivB = 0 » (27.14) 
(eq. 27.12 =law of induction, ifb =O resp. div B=0) 
"+ for the current density j = - v div D = SVeiPe ,(@7.la 


(eq. 27.13. = Ampere's law, if j = with v moving negative 
charge carriers (pei= electric space charge density). 


Fig. 27.9: Derivation of Maxwell's field equations as a 
special case of the equations of transformation 


<i>: Bronstein u.a.: Taschenbuch der Mathematik, 4.Neuaufl. Thun 1999, S. 652 
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For the last not yet explained terms at first are written down the vectors b and j as 
abbreviation. With equation 27.13 we in this way immediately look at the well-known law 
of Ampere (1 Maxwell equation). The comparison of coefficients (27.15) in addition 
delivers a useful explanation to the question, what is meant by the current density j: it is a 
space charge density P. consisting of negative charge carriers, which moves with the 
velocity v for instance through a conductor (in the x-direction). 

The current density j and the to that dual potential density b mathematically seen at first 
are nothing but alternative vectors for an abbreviated notation. While for the current 
density j the physical meaning already could be clarified from the comparison with the 
law of Ampere, the interpretation of the potential density b still is due. From the 
comparison with the law of induction (eq. 27.1*) we merely infer, that according to the 
Maxwell theory this term is assumed to be zero. But that is exactly the Maxwell 
approximation and the restriction with regard to the new and dual field approach, which 
roots in Faraday. 

In that way also the duality gets lost with the argument that magnetic monopoles (div B) 
in contrast to electric monopoles (div D) do not exist and until today could evade every 
proof. It thus is overlooked that div D at first describes only eddy currents and div B only 
the necessary anti-vortex, the potential vortex. Spherical particles, like e.g. charge carriers 
presuppose both vortices: on the inside the expanding (div D) and on the outside the 
contracting vortex (div B), which then necessarily has to be different from zero, even if 
there hasn't yet been searched for the vortices dual to eddy currents, which are expressed 
in the neglected term. 

Assuming, a monopole concerns a special form of a field vortex, then immediately gets 
clear, why the search for magnetic poles has to be a dead end and their failure isn't good 
for a counterargument: The missing electric conductivity in vacuum prevents current 
densities, eddy currents and the formation of magnetic monopoles. Potential densities and 
potential vortices however can occur. As a result can without exception only electrically 
charged particles be found in the vacuum (derivation in chapter 4.2 till 4.4). 
Because vortices are more than monopole-like structures depending on some boundary 
conditions, only the vortex description will be pursued further consequently. 
Let us record: Maxwell's field equations can directly be derived from the new dual 
field approach under a restrictive condition. Under this condition the two approaches 
are equivalent and with that also error free. Both follow the textbooks and can so to speak 
be the textbook opinion. 

The restriction (b = 0) surely is meaningful and reasonable in all those cases in which the 
Maxwell theory is successful. It only has an effect in the domain of electrodynamics. Here 
usually a vector potential A is introduced and by means of the calculation of a complex 
dielectric constant a loss angle is determined. Mathematically the approach is correct and 
dielectric losses can be calculated. Physically however the result is extremely 
questionable, since as a consequence of a complex s a complex speed of light would result 
(according to the definition ¢ = 1/Vg-11), With that electrodynamics offends against all 
specifications of the textbooks, according to which c is constant and not variable and less 
then ever complex. 

But if the result of the derivation physically is wrong, then something with the approach is 
wrong, then the fields in the dielectric perhaps have an entirely other nature, then 
dielectric losses perhaps are vortex losses of potential vortices falling apart? 
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¢ Maxwell's field equations: 
rot E = —dB/dt (law of induction) (27.1%) 
rotH = dD/dt+j (Ampeére’s law) (27.13) 





¢ describe the special case for b=Oresp. div B=0 










-dB/dt+vdivB — dB/dt-—b (27.12) 
dD/dt-vdivD dD/dt +j (27.13) 
The physical meaning of the introduced 
abbreviations b and j is: 
¢ the current density j = -vdivD = - Vx'Pel , (27.15) 
* with Ohm's law j = oE = D/ti,and (2716) 
* the potential densityb = ~vdivB = B/t2 ,(27.17) 


* with the eddy current time constant 7; = 6/0 (27.16*> 


* and with the potential vortex time constant T2 





The complete field equations (27.12 and 27.13) read, with the time 
constants (t; and tajof the respective field vortex: 


° completely extended law of induction (with B=u-H): (27.18) 
rot EB = - dB/dt- B/t, =~ u-(dH/dt + H/t») [era 














* and the well-known law of Ampere (with D=s-E): (27.19) 
| rotH = dD/dt+D/ti = «(dE/dt+ E/t:) Jerzy 
Fig. 27.10: The extension of the law of induction for 
vortices of 


<i> 


the electric field (potential vortices]. 


<i>: _ see also fig. 5.1 


Faraday versus Maxwell 563 


27.10 Derivation of the potential vortices 


Is the introduction of a vector potential A in electrodynamics a substitute of neglecting the 
potential density b? Do here two ways mathematically lead to the same result? And what 
about the physical relevance? After classic electrodynamics being dependent on working 
with a complex constant of material, in what is buried an unsurmountable inner 
contradiction, the question is asked for the freedom of contradictions of the new approach. 
At this point the decision will be made, if physics has to make a decision for the more 
efficient approach, as it always has done when a change of paradigm had to be dealt with. 
The abbreviations j and b are further transformed, at first the current density in Ampere's 
law j= -Vx'Pel (27.15), as the movement of negative electric charges. By means of 

Ohm's law j=G'E and the relation of material D=&E the current density j also can be 
written down as dielectric displacement current with the characteristic relaxation time 
constant tT; = e/o (eq. 27.16) for the eddy currents. In this representation of the law of 

Ampere (eq. 27.21) clearly is brought to light, why the magnetic field is a vortex field, 
and how the eddy currents produce heat losses depending on the specific electric 
conductivity G. As one sees we, with regard to the magnetic field description, move 
around completely in the framework of textbook physics. 


Let us now consider the dual conditions. The comparison of coefficients (eq. 27.12 + 
27.17) looked at purely formal, results in a potential density b in duality to the current 
density j, which with the help of an appropriate time constant Tt, founds vortices of the 
electric field. I call these potential vortices (in eq. 27.20). 


In contrast to that the Maxwell theory requires an irrotationality of the electric field, 

which is expressed by taking the potential density b and the divergence B equal to zero. 

The time constant T2 thereby tends towards infinity. This Maxwell approximation leads to 
the circumstance that with the potential vortices of the electric field also their propagation 
as a scalar wave gets lost, so that the Maxwell equations describe only transverse and no 
longitudinal waves. At this point there can occur contradictions for instance in the case of 
the near-field of an antenna, where longitudinal wave parts can be detected measuring 
technically, and such parts already are used technologically in transponder systems e.g. as 
installations warning of theft in big stores. 


It is denominating, how they know how to help oneself in the textbooks of high-frequency 
“° Proceeding from the Maxwell equations 
the missing potential vortex is postulated without further ado, by means of the 
specification of a ,,standing wave" in the form of a vortex at a dipole antenna. With the 
help of the postulate now the longitudinal wave parts are ,,calculated", like they also are 
being measured, but also like they wouldn't occur without the postulate as a result of the 
Maxwell approximation. 


technology in the case of the near-field zone 


There isn't a way past the potential vortices and the new dual approach, because no 
scientist is able to afford to exclude already in the approach a possibly authoritative 
phenomenon, which he wants to calculate physically correct! 





<i>: Zinke, Brunswig: Lehrbuch der Hochfrequenztechnik, 1. Bd., 3. Auflage 1986 
Springer-Verlag Berlin, Seite 335 
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¢ Under the assumption: E = E(r,t); H= H(t) , 
* using the relations of material: 

“B= pet Jand 
* the complete and extended law of induction reads: 
rot E =—6B/ét-—B/t2 = — u-(0H/dt + H/7) 











(27.20) 








¢ and the well-known law of Ampere: 
| rotH = OD/at+D/t: = &(0B/at+E/t:) [ern 








if we again apply the curl operation to eq. 27.20 and insert 
eq. 27.21: 














“rot rot E = p-d(rotH)/at + (4/t2)-(rot H) (27.22) 
= we-[02E/ dt? + (1/71)-0B/dt + (1/t2)-0E/dt + E/titea] | (27.23) 
|= (1/c?)-[62B/ot? + (1/t, + 1/%2)-0B/et_+ E/tita] | (27,24) 
with the definition for the speed of light c: 


et = 1/2} (27.25) 


the fundamental field equation reads: 











—c?-rot rot E = 67E/ot? + 
“~—__.,, ___” 


a b (electromagnetic wave) + 


+ Cine + —— ae ae 
+ eddy current + potential vortex + 1/U 











Fig. 27.11: Derivation of the fundamental field 
equation 

from the equations of transformation of the 
electromagnetic field.” 


<i>: The fundamental field equation mathematically describes a wave damped 
with the vortices of the electric and the vortices of the magnetic field. 
It is formulated only in space and time. From it can be deduced numerous 
eigenvalue equations, (i.e. the equation of Schrodinger, fig. 5.1). 
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27.11 Derivation of the ,,fundamental field equation" 


The two equations of transformation and also the from that derived field equations (27.20 
and 27.21) show the two sides of a medal, by mutually describing the relation between the 
electric and magnetic field strength (between E and H). We get on the track of the 
meaning of the ,,medal" itself, by inserting the dually formulated equations into each 
other. If the calculated H-field from one equation is inserted into the other equation then 
as a result a determining equation for the E-field remains. The same vice versa also 
functions to determine the H-field. Since the result formally is identical and merely the H- 
field vector appears at the place of the E-field vector and since it equally remains valid for 
the B-, the D-field and all other known field factors, the determining equation is more than 
only a calculation instruction. It reveals a fundamental physical principle. I call it the 
"fundamental field equation". 


The derivation always is the same: If we again apply the curl operation to rot E (law of 
induction 27.20) also the other side of the equation should be subjected to the curl. If for 
both terms rot H is expressed by Ampere's law 27.21, then in total four terms are formed 
(27.26): the wave equation (a-b) with the two damping terms, on the one hand the eddy 
currents (a-c) and on the other hand the potential vortices (a-d) and as the fourth term the 
Poisson equation (a-e), which is responsible for the spatial distribution of currents and 
potentials *, 


Not in a single textbook a mathematical linking of the Poisson equation with the wave 
equation can be found, as we here succeed in for the first time. It however is the 
prerequisite to be able to describe the conversion of an antenna current into 
electromagnetic waves near a transmitter and equally the inverse process, as it takes place 
at a receiver. Numerous model concepts, like they have been developed by HF- and EMC- 
technicians as a help, can be described mathematically correct by the physically founded 
field equation. 


In addition further equations can be derived, for which this until now was supposed to be 
impossible, like for instance the Schrodinger equation (chapter 5.6-5.9). This contrary to 
current opinion isn't a wave equation at all, since the term (b) with the second time 
derivation is missing. As diffusion equation it has the task to mathematically describe field 
vortices and their structures. 

As a consequence of the Maxwell equations in general and specifically the eddy currents 
not being able to form structures, every attempt has to fail, which wants to derive the 
Schrodinger equation from the Maxwell equations. 

The fundamental field equation however contains the newly discovered potential vortices, 
which owing to their concentration effect (in duality to the skin effect) form spherical 
structures, for which reason these occur as eigenvalues of the equation. For these 
eigenvalue-solutions numerous practical measurements are present, which confirm their 
correctness and with that have probative force with regard to the correctness of the new 
Held approach and the fundamental field equation. By means of the pure formulation in 
space and time and the interchangeability of the field pointers here a physical principle is 
described, which fulfills all requirements, which a world equation must meet. 


<i>: see also fig. 5.1 
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Comparison: 










e The Faraday ap- 
proach is universal 






e It reveals a physical 
principle 







¢ The field equations describe onl 
a special case! 


The field is the cause fo 
the particles 







are preserved) 










Particles consist of hypothetie 
subparticles 


Particles probably are field 
configurations 


e Quanta can be calculated 
as field vortices 
(without any hypothesis) 


e All quantum properties 
can be calculated likewise 


missing calculation 













Sorting und systematizing of thi 
properties in the standard- 
model 





Potential vortices form : 
electric field vortices k 





(the E-field is a source free 
vortex field) 


Electromagnetic wave is a 
transverse wave 





Field vortices carry momen- 
tum and form a scalar wave 


Longitudinal wave with arb. 
velocity of propagation v 






e Constant propagation with the 
speed of light c 


=> theory of objectivity |=> theory of relativity 


Fig. 27.12: Comparison of the field-theoretical approaches 
according to Faradav and according to Maxwell. 
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27.12 The Maxwell field as a derived special case 


As the derivations show, nobody can claim there wouldn't exist potential vortices and no 
propagation as a scalar wave, since only the Maxwell equations are to blame that these 
already have been factored out in the approach. One has to know that the field equations, 
and may they be as famous as they are, are nothing but a special case, which can be 
derived. 


The field-theoretical approach however, which among others bases on the Faraday-law, is 
universal and can't be derived on its part. It describes a physical basic principle, the 
alternating of two dual experience or observation factors, their overlapping and mixing by 
continually mixing up cause and effect. It is a philosophic approach, free of materialistic 
or quantum physical concepts of any particles. 


Maxwell on the other hand describes without exception the fields of charged particles, the 
electric field of resting and the magnetic field as a result of moving charges. The charge 
carriers are postulated for this purpose, so that their origin and their inner structure remain 
unsettled and can't be derived. The subdivision e.g. in quarks stays in the domain of a 
hypothesis, which can't be proven. The sorting and systematizing of the properties of 
particles in the standard-model is nothing more than unsatisfying comfort for the missing 
calculability. 


With the field-theoretical approach however the elementary particles with all quantum 
properties can be calculated as field vortices (chap. 7). With that the field is the cause for 
the particles and their measurable quantization. The electric vortex field, at first source 
free, is itself forming its field sources in form of potential vortex structures. The formation 
of charge carriers in this way can be explained and proven mathematically, physically, 
graphically and experimentally understandable according to the model. 


Where in the past the Maxwell theory has been the approach, there in the future should be 
proceeded from the equations of transformation of the field-theoretical approach. If now 
potential vortex phenomena occur, then these also should be interpreted as such in the 
sense of the approach and the derivation, then the introduction and postulation of new and 
decoupled model descriptions isn't allowed anymore, like the near-field effects of an 
antenna, the noise, dielectric capacitor losses, the mode of the light and a lot else more. 


The at present in theoretical physics normal scam of at first putting a phenomenon to zero, 
to afterwards postulate it anew with the help of a more or less suitable model, leads to a 
breaking up of physics into apparently not connected individual disciplines and an 
inefficient specialisthood. There must be an end to this now! The new approach shows the 
way towards a unified theory, in which the different areas of physics again fuse to one 
area. In this lies the big chance of this approach, even if many of the specialists at first 
should still revolt against it. 


This new and unified view of physics shall be summarized with the term "theory of 
objectivity". As we shall derive, it will be possible to deduce the theory of relativity as a 
partial aspect of it (chapter 6 and 28). 


Let us first cast our eyes over the wave propagation. 
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* Starting-point: the fundamental field equation 























d?B , 1 dB he: dB < B 
t2 at yeen eh: T1T2 


—c*-rotrotB = 


(27.26%) 





* with a magnetic flux density B= B(r(t)). 





1 condition 27.26%: 


for eq. 
the special case, if o=-0 and o/é= | (1/1) =O}. 27.16%) 


The remaining vortex term is transformed by applying already 
used relations (eq. 27.10 and eq. 27.17): 


B 


—=-vdivB | . 2717) 
T2 





If the velocity of propagation: v = (vx, vy=0, v,=0); v= dx/dt , 
then the simplified field equation (if the coordinates are orientated 
on the vector of velocity) results in the general wave equation 
(involved with the x-component) in the form: 


|v? grad div B - c? rotrot B = d?B/dt? | 
longitudinal transverse 
with v = arbitrary} with c = const. 







(27.27) 






wave 
velocity of propagation 


2™ condition for eq. 27.28: v=c 


The wave equation in the usual notation (= inhomogeneous 
Laplace equation, = purely a special case!) now reads: 


AB = grad div B~ rot rot B = (1/c?)-d°B/dt? |r2» 











Fig. 27.13: Derivation of the wave equations 
(Gnhomogeneous 

Laplace equation) as a special case of the equations 
of transformation of the electromagnetic field. 
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27.13 Derivation of the wave equation 


The first wave description, model for the light theory of Maxwell, was the inhomogeneous 
Laplace equation: 


AE.c? = d?E/dt?| with | AE = grad div E— rot rot E (27.28*) 


There are asked some questions: 
* Can also this mathematical wave description be derived from the new approach? 
¢ Is it only a special case and how do the boundary conditions read? 
« In this case how should it be interpreted physically? 
« Are new properties present, which can lead to new technologies? 


Starting-point is the fundamental field equation (27.26). We thereby should remember the 
interchangeability of the field pointers, that the equation doesn't change its form, if it is 
derived for H, for B, for D or any other field factor instead of for the E-field pointer. This 
time we write it down for the magnetic induction B and consider the special case, that we 
are located in a badly conducting medium, as is usual for the wave propagation in air. But 
with the electric conductivity also 1/t, = o/e tends towards zero (eq. 27.16*). With that 
the eddy currents and their damping and other properties disappear from the field 
equation, what also makes sense. There remains the potential vortex term (1/t2)*dB/dt , 
which using the already introduced relations (eq. 27.10 and 27.17) involved with an in x- 
direction propagating wave (v = (V,, Vy = 0, v, = 0)) can be transformed directly into: 

—lvi?-grad div B 
The divergence of a field vector (here B) mathematically seen is a scalar, for which reason 
this term as part of the wave equation founds so-called ,,scalar waves" and that means that 
potential vortices, as far as they exist, will appear as a scalar wave. We at this point tacitly 
anticipate chapter 28, which provides the reason for the speed of light losing its vectorial 
nature, if it is correlated with itself. This insight however is valid in general for all 
velocities (v = dr/dt), so that in the same way a scalar descriptive factor can be used for 
the velocity (v = dx/dt) as for c. 
From the simplified field equation (27.26*) the general wave equation (27.27) can be won 
in the shown way, divided into longitudinal and transverse wave parts, which however can 
propagate with different velocity. 
Physically seen the vortices have particle nature as a consequence of their structure 
forming property. With that they carry momentum, which puts them in a position to form 
a longitudinal shock wave similar to a sound wave. If the propagation of the light one time 
takes place as a wave and another time as a particle, then this simply and solely is a 
consequence of the wave equation. Light quanta should be interpreted as evidence for the 
existence of scalar waves. Here however also occurs the restriction that light always 
propagates with the speed of light. It concerns the special case v = c. With that the derived 
wave equation (27.27) changes into the inhomogeneous Laplace equation (27.28). 
The electromagnetic wave in both cases is propagating with c. As a transverse wave the 
field vectors are standing perpendicular to the direction of propagation. The velocity of 
propagation therefore is decoupled and constant. Completely different is the case for the 
longitudinal wave. Here the propagation takes place in the direction of an oscillating field 
pointer, so that the phase velocity permanently is changing and merely an average group 
velocity can be given for the propagation. There exists no restriction for v and v = c only 
describes a special case. 
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¢ From the dual field- From Maxwell's field 
equations can be 


theoretical approach derived: 
are derived: 


=> Maxwell's|=> 0 
field equations 














=> the wave equation => only transverse waves 


Saeeee a re and | (no longitudinal waves) 











=> scalar waves ras 

(Tesla-/neutrino radiation) (no scalar waves) 

=> vortex and anti-vortex —_|=> only eddy currents 
(current eddy and _ potential 

vortex ) 

=> Schrodinger equation =>0 


(basic equation of chemistry) 





=> Klein-Gordon equation 
(basic eq. of nuclear physics) =>0 








Fig. 27.14: Comparison of the efficiency of both approaches. 





(as an interim result, if it concerns the question, which 
approach of the two is the more efficient one and which one 
better should be discarded. The final balance is made in 
chapter 28). 
It here concerns partial aspects of the following theories: 


=> theory of objectivity |=> theory of relativity 
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27.14 The new field approach in synopsis 


Proof could be furnished that an approximation is buried in Maxwell's field equations and 
that they merely represent the special case of a new, dually formulated and more universal 
approach. The mathematical derivations of the Maxwell field and the wave equation 
disclose, of what the Maxwell approximation consists. The anti-vortex dual to the 
expanding eddy current with its skin effect is neglected. This contracting anti-vortex is 
called potential vortex. It is capable of forming structures and propagates as a scalar wave 
in longitudinal manner in badly conducting media like air or vacuum. 


At relativistic velocities the potential vortices are subject to the Lorentz contraction. Since 
for scalar waves the propagation occurs longitudinally in the direction of an oscillating 
field pointer, the potential vortices experience a constant oscillation of size as a result of 
the oscillating propagation. If one imagines the field vortex as a planar but rolled up 
transverse wave, then from the oscillation of size and with that of wavelength at constant 
swirl velocity with c follows a continual change in frequency, which is measured as a 
noise signal. 


The noise proves to be the in the Maxwell equations neglected potential vortex term, 
which founds scalar waves. If at biological or technical systems, e.g. at antennas a noise 
signal is being measured, then that proves the existence of potential vortices, but it then 
also means that the scope of the Maxwell theory has been exceeded and erroneous 
concepts can be the result. 


As an answer to the question about possible new technologies is pointed to two special 
properties. 


1" potential vortices for reason of their particle nature carry momentum and energy. Since 
we are surrounded by noise vortices, an energy technical use of scalar waves would be 
feasible, where the noise power is withdrawn of the surroundings. There is evidence that 
biological systems in nature cover their need for energy in this way. But at least an energy 
transmission with scalar waves already would be a significant progress with regard to the 
alternating current technology of today. 


2™ the wavelength multiplied with the frequency results in the velocity of propagation v of 
a wave (X-f = v), and that for scalar waves by no means is constant. With that wavelength 

and frequency aren't coupled anymore; they can be modulated separately, for which 
reason for scalar waves a whole dimension can be modulated additionally compared to the 
Hertzian wave. In that the reason can be seen, why the human brain with just 10 Hz clock 
frequency is considerably more efficient than modern computers with more than 1 GHz 
clock frequency. Nature always works with the best technology, even if we haven't yet 
understood it. 


If we would try to learn of nature and an energy technical or an information technical use 
of scalar waves would occur, then probably nobody wanted to have our today still highly 
praised technology anymore. In the course of the greenhouse gases and the electrosmog 
we have no other choice than to scientifically occupy us with scalar waves and their 
technical use. 


572 The question concerning the aether 


Equations of transformation 


<i> 


of the electric and of the magnetic field 


E =vxB | (27.1) and 


with B= u-H — (28.1) and 


[B= we vxH](273)and 


Experience/observation is dependent on the relative velocity v ! 

















Written down in general Written down in components 
with field vectors: in Cartesian coordinates: 
(unit vectors €x , ey , e:) 


in ex-direction: 
] 








H = -e-vxE in ey-direction: = — Hy = — €-Vx-Ez 

E= u-vxH in a. dareeuen: Ez = wU-Vx-Hy 

inserted into each other: (28.3) 

E =-¢-u-[|v x (v x E)] in e--direction: Ez = &-U-Vx-Vx-Ez 

E =-—(1/c?)-[v-(v-E)-E-(v-v)] Ez = (1/c?)-vx?-Ez 
=6, since | 

E = + (v?/c?)-E Ez = (vx?/c?)-Ez (284) 

result;<t> (28.5) 





i> 


Fig. 28.1: The equations of transformation, 


<i>: see part 1, chap. 6.5, eq. 60 

<i>: R. W. Pohl: Einfuhrung in die Physik, Bd. 2 Elektrizitatslehre, 21. Aufl. 
Springer-Verlag 1975, Seite Th, $.a. Kommentar auf Tafel 27.8 
<i>: chapter 28 is a repetition of chapter 6 
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28. Objectivity versus relativity 


The new and field-theoretical approach contains the Maxwell-equations, but goes over and 
above these in one point. It describes potential vortices and their propagation in space as a 
scalar wave. With that can also a conclusive answer be given to the often-asked question 
for the medium and the mediated particles, which is a prerequisite for every longitudinal 
wave. Mediated are vortex structures with particle nature and the field itself functions as a 
medium. Is with that also answered the question concerning the aether?~"” 


28.1 The question concerning the aether 


Do you know the Maxwell-experiment? No, you wouldn't be able to, since the intellectual 
father fast did make a backdown, after it didn't work out. Today one speaks of the 
Michelson-experiment and it may be connected with any other names (Morley, etc.). 
Remember: In his light theory Maxwell had determined a particular and constant value for 
the speed of light and for that there should be a physical reason, which should have its 
cause in the aether. By means of proving this aether Maxwell wanted to prove his theory, 
but this enterprise thoroughly went wrong. 

The consideration was as follows: If the Earth is spinning and is moving through the 
cosmos, then one should be able to detect an aetherwind and different values for c in the 
different points of the compass. Maxwell found support for his project at the observatory, 
since with the aberration of the stars Bradley previously had described an observation, 
which could be considered as evidence for an aether. The director of the observatory 
charged his assistant Dr. Michelson with the task, to carry out a corresponding proof of an 
aether this time in a terrestrial experiment. But such an aether couldn't be proven, what 
Maxwell had to accept as a severe strike against his light theory. Seven years later 
Maxwell got the acknowledgement, however from a completely other corner by means of 
the experiments concerning the radio transmission of Heinrich Hertz. 


Until today the question has remained open why astrophysics can prove the aether, 
whereas the detection in a terrestrial laboratory fails and it looks like there doesn't exist an 
aether. But as definition for the cause of c the aether can't be abolished as long as it is 
unsettled why the light is propagating with c of all possible velocities. The question is 
asked, what determines the propagation of light from today's point of view? Now, by 
means of outside fields the light can be slowed down. At present the world record lies at 
less than 65 kilometers per hour in a Bose-Einstein condensate. If electromagnetic fields 
determine the speed of light, if in addition field or gravitational lenses should confirm this, 
then the field takes over the task of the aether! 


At this place the new field-theoretical approach shows its capabilities. The equations of 
transformation say nothing but that a moving H-field transforms to a resting E-field and 
vice versa, that thus in the place of a moving aether, the aetherwind, a resting aether is 
found. Doing so the dual field partners merely exchange their places. Therefore it is a 
wild-goose chase, wanting to measure an aetherwind with gauges, which underlie the 
same field (fig. 28.2). 
Michelson had to fail. 


574 Vortices, an overlap of the overlap 


The equations of transformation say: 


E=u-vx H] (27.3) and (274) 


¢ Experience/observation depends on the relative velocity v! 





¢ The field takes over the function of the aether (determines c) and 


* an aetherwind v x H is measured as a resting aether E and vice versa! 


* for v = c the equations of transformation turn into each 
other and are identical [v = v,(x(t))]. 


¢ for v<ca motion field E, depending on v is resulting 
Ey = E-(v2/c?) (28.6) 

* forv=0 also Ey = 0. 

* the motion field overlaps the E-field 


* in the case of vortex fields the effect overlaps the cause and 
itself is the cause for a new effect. 


¢ The overlap reaches to infinity, where each time is valid: 
Ent1 = En:(v2/c2) 28.7 


* the field Eo overlaps the motion field E, 
E = Eo + Ey = Eo-(1 + v?/c?) 28.8) 


¢ for infinite overlap: 
E = Eo+ Ei + Eot Eg t+ Eqt+... + Ent Entit ... 289) 


¢ results in the power series: 


E = Eo-[1 + (v/c)? + (v/c)* + (v/c)® + ... 
+ (v/c)22 + (v/c)2@*1) + ...] (28.10) 


Fig. 28.2: Power series as a result of a vortex overlap. 


<i>: Grimsehl: Lehrbuch der Physik, 2.Bd., 17.Aufl. Teubner Verl. 1967, S. 130. 


<i>: R.W.Pohl: Einfuhrung in die Physik, Bd.2  Elektrizitatslehre, 21.Aufl. 
Springer-Verlag 1975, Seite 72 und 76, bzw. 130. 


<ii>: K. Simonyi: Theoretische Elektrotechnik, 7.Aufl. VEB Berlin 1979, Seite 924. 


<i4>: E. Friebe: Die Vektorprodukte der Maxwell'schen Elektrodynamik, DPG- 
Didaktik-Tagungsband 1995, S.396 
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28.2 Vortices, an overlap of the overlap 


Not with any approach until now the question concerning the aether could be solved. Only 
the new field-theoretical approach proves with the unambiguous and free of contradiction 
clarification of the question concerning the aether its unmatched superiority. We hence 
without exception work with this approach, which is anchored tightly in textbook physics. 
The two equations of transformation on the one hand are the law concerning the unipolar 
induction according to Faraday (27.1) and on the other hand the dual formulation (27.2), 
which Grimsehl“ calls convection equation. Grimsehl goes around the question for the 
correct sign by means of forming a modulus. Pohl draws detailed distinctions of cases and 
dictates the each time relevant formulation of the dual law”. The sign eventually should 
be chosen according to the definition of the orientation of the field pointers. Also Simonyi 
gives both equations and the each time appropriate experiments". 

If we assume the carrier of an electric field is moving with the not accelerated relative 
velocity v with regard to the reference system used by the observer, then a magnetic H- 
field is observed, which stands perpendicular both to the direction of the E-field and to the 
direction of v. If the motion takes place perpendicular to the area stretched by E- and H- 
field, then the H-field again is observed and measured as an E-field. There will occur an 
overlap of the fields. 

In spite of that we first consider the theoretical case, that no overlap is present, and the 
observer as it were sees himself. The result is trivial: the relative velocity v must be the 
speed of light v = c . (28.5) If considered at the speed of light, the two equations of 
transformation turn into each other. They now are identical both mathematically and in 
their physical expressiveness. For this case it actually is possible, to derive the dual law 
straight from the Faraday law. For a wave propagating with the speed of light, to name an 
example, the field strength propagating along is always equal to the causing field strength, 
which depends on position. 

If besides the evaluation of the values also the circumstance is considered that it concerns 
vectors, then at this place a problem as a matter of principle of the Maxwell theory gets 
visible, to which has been pointed occasionally, e.g. at the German Physical Society”. 
The derivation of the speed of light from two vector equations requires, that c also has to 
be a vector. The question is: How the velocity vector v suddenly becomes the scalar and 
not pointing, in all directions of space constant factor c? Is therefore for mathematical and 
physical reasons "the Maxwell theory in essential parts erroneous", according to a 
statement of the German Patent Office““”? 

Now, the constancy of the speed of light is a fact, which even can be derived. We at first 
will be content with the clue that for every observation with the speed of light, with the 
eyes or a gauge constructed corresponding to our perception, the vector in all its 
components each time is correlated to itself, by what actually the orientation of direction 
gets lost. Under these for c and with equal rights also for v relevant circumstances we are 
entitled to calculate further with the values. 

An observer, who is moving with v slower than c, will besides the original E-field also 
observe a motion field E, depending on the velocity v, which disappears, if v becomes 
zero. What he catches sight of and is able to register with gauges in the end is the overlap 
of both field components. 


576 Field overlap 


* concerning the development of the power series: 
E = Eo-[1 + (v/c)? + (v/c)* + (v/c)® +... 
+{v/ic)25 + (v/c)teth.+.....] (28.10) 


* for q <1 the power series with q = (v/c)” will converge (28.11) 


1 
n= a 2S q_ | 8.12) 


Mes 








* for (v/c)?<1 resp. for v<c_ therefore is valid: 


E = Eo-(1/1 —- (v/c)?| resp. | Eo = E-[1 = (v/c}?]] e813) 








The square root of Lorentz appears in squared form*”: 


v2 _ Eo 
c2 . E 








= 


(28.14) 


The derivation for the magnetic field strength analogous to that 
<i>, 


provides the identical result”: 


v2 Ho 
) ) = (28.15) 


oe H 








Fig. 28.3 The field dilatation depending on velocity 


<i>: see part 1, chap. 6.6 
<ii>: Prof. Dr. H.-J. Runckel, Abteilung fur Mathematik IV der Universitat Ulm 
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28.3 Field overlap 


But it doesn't abide by this one overlap. In the case of vortex fields the effect overlaps the 
cause and itself becomes the cause for a new effect. The overlapped cause produces a 
further effect, which for its part is overlapping (see chap. 3). 


Vortices thus arise, if overlaps for their part are overlapping and that theoretically reaches 

to infinity, to which I already repeatedly have pointed (fig. 3.0). In addition do vortices 
represent a fundamental physical principle. The Greek philosopher Demokrit has traced 
back the whole nature to vortex formation and that already 2500 years ago! 


In the field-theoretical approach this interpretation seems to experience a mathematical 
confirmation, since also the fields are overlapping in vortex structures. According to that 
we owe our observations and our being the relative movements and the vortex formation. 
If reversed there wouldn't be any movement, then there also would not exist fields, light 
nor matter. If we observe the sky, then everything visible follows the movement of its own 
of the Earth, of the solar system and the whole galaxy, which is on its way with unknown 
galactic velocity, and all movements take place in vortex structures (fig. 10.2). 


The field overlap dictated by the Faraday-approach as well reaches to infinity, what has 
stimulated my colleagues of mathematics to also mathematicall ut into practice this 
ly "ag Y p p 
hysical requirement”. This leads to an infinite power series, which converges under the 
phy q p g 

condition that v <c. 


As a result of the power series development the well-known square root \]-(v*/c*) of 
Lorentz occurs in squared form (see also fig. 6.6). It determines the relation of the 
observed and the causing field strength of the electric or the magnetic field. 
Physically the found relation describes a dilatation field depending on velocity. The field 
strength thus increases, if the relative velocity v increases, or inversely no difference is 
observable anymore, if v tends towards zero. 


Whoever wants to compete with Albert Einstein (1879-1955), who has developed the 
theory of relativity from the length contraction, which depends on velocity, could be 
inclined to derive a new field physics from the field dilatation. But I must warn of such a 
step. The derivation of the length contraction by the mathematician Hendrik Lorentz 
(Lorentz contraction) assumes a number of limiting conditions. The relative velocity v for 
instance may not experience any acceleration. Actually however almost all motion takes 
place as circular vortex motion, so that due to the occurring centripetal acceleration the 
conditions for the theory of relativity aren't fulfilled anymore. Neglects or generalizations 
thereby can lead to considerable errors, of which I would like to warn. 
It in general is a delicate enterprise, if one wants to provide a physical interpretation for 

a purely mathematically won result. 


This warning to the same extent also is valid for the here shown derivation of the field 
dilatation. The limiting conditions practically are the same as for Einstein and the 
problems with a provided physical interpretation won't be less. Also here lots of 
paradoxes will occur, which are nothing but errors of the theory. So we won't reach our 
destination. 

There now only one further mathematical step is necessary, which links the theory of 
relativity with the new notion of a field dilatation depending on velocity. 


578 The derivation of the length contraction 
Example: 


Measurement of length by means of a measurement of propaga- 
tion time (sound or light) with c = L/t in a vehicle moving with v. 


] 





transmitted received ‘4 

impulse (t = 0) impulse (t = 2x/v) 

observer ew, | 
system . i 

at distance L 

: v 

reference system _¥ . i! 
(,resting*) reflector (mirror) a 


From driving time t: 


t= oe = signal propagation time: t = abe follows 





According to Pythagoras:L,2 = L2 +x? = L? + L,*-(v2/e%) 
Lo2-(1 - v2/e2) = L2 


the shortening of the rule results in: 


sa 





(28.16) 


Fig. 28,4: Derivation of the length contraction 


Examples: contraction according to Lorentz transformation, 
measurable length shortening, curvature of space. 


Counterexample: — unsuccessful aether detection (Michelson experiment) 
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28.4 The derivation of the length contraction 


The Lorentz transformation is the result of a purely mathematical problem. Stimulated by 
the surprisingly result of the Michelson experiment the Dutchman Hendrik A. Lorentz 
1891 asked himself, how the equations of the Galilei-transformation would have to look 
like, if the propagation of light wouldn't be infinitely fast but finite and constant. He 
thereby proceeds from the assumption of two inertial systems moving against one another 
with a not accelerated velocity v, in which the laws of Newtonian physics are equally 
valid*”. As a result of the relative motion a change of the length measures will occur. 


This at first can be explained as a purely geometric effect in the context of nonrelativistic 
physics. We imagine a vehicle, which is on its way with constant velocity, and emits an 
optical or acoustical signal. Sideways in the countryside is standing in a perpendicularly 
measured distance L a reflector (mirror), which sends the signal back again. The velocity 
of the signal however isn't infinitely fast and from that follows that the vehicle during the 
propagation time of the signal as well has moved a bit further. The actual way, which the 
signal had to cover now amounts to L, (> L). The distance measure thus is observed 
smaller as it is in reality, to be specific for the factor of the square root of Lorentz (fig. 
28.4). 


L = LyVi-W/e?) (28.16) 


According to the principle of relativity it doesn't play a role, if the vehicle is driving or if 
it is standing still and the mirror is moving with a linear uniform velocity. 


Initially Einstein also only spoke of an observable length contraction, which must not 
necessarily occur in reality, an optical deception so to speak. Lorentz however proceeded 
from the assumption of a physical length change, thus a length change existing in reality, 
what in practice at first makes no difference. If e.g. at relativistic velocities a rocket 
becomes smaller, then the pilot equally shrinks, so that it would not be possible to notice a 
present difference. 


If however the observer stands outside the events and takes a ,,neutral standpoint", then he 
will be able to see, which interpretation is the right one. Today some examples are known. 
In accelerators particles at relativistic fast velocities actually get smaller for the factor of 
the square root of Lorentz. That has been proven and this result afterwards gives the 
Dutchman Lorentz right! The followers of the physical length contraction also are called 
Neo-Lorentzians. 


In the vicinity of a gravitational mass the speed of light becomes so slow, that the 
shortening factor plays a role and space is curved towards the mass. To understand this 
shortening of scale, the influence of the field also should be considered. 





<i>: Example: In a closed lift physical experiments are being carried out. 
Accelerations of the lift have an influence on the experiments. However no 
influence can be detected, if the lift is standing still or is moving with 
constant velocity. It with that fulfills the conditions of an inertial system. 
The question is: what do the experiments show someone standing outside, 
whom the lift passes by? 


580 The dependence of the Lorentz contraction on the field 


From the comparison of the Lorentz contraction 
(28.16) 
with the field dilatation (28.14 and 28.15) 














2 Bien eee He 


the proportionality (length measures depending on field): 


E,H ~ 1/L? and __ Eo, Ho ~ I/Ly” (28.18) 
Experimental examples*": 
¢ Electrostriction (piezo speaker) 
« Magnetostriction 
¢ Field or gravitational lenses 


* Curvature of space, deflection of light 


Conclusion“”: 
« The field determines the length measures (what is | meter) 
« The field determines the velocities v (in m/s) 
« The field determines the speed of light c [m/s] 
¢ Measurement of the speed of light is made with itself: 


MeHF | cs.19) 


¢ Measured is a constant of measurement c = 300.000 km/s 





* The speed of light c is not a constant of nature! 





Fig. 28.5: The dependence of the Lorentz contraction on the field 


<i>: see part 1, chap. 6.10 
<ii>: see part 1, chap. 6.11 
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28.5 The dependence of the Lorentz contraction on the field 


The two results of the field dilatation (28.14 and 28.15) and of the Lorentz contraction 
(28.16) must be brought together and compared (28.17). Doing so the mathematical 
expression of the square root of Lorentz is cancelled out. That is of utmost importance, 
since with that also all limits disappear and there remains a purely physical relation, a 
proportionality of utmost importance (28.18). 

What was the sense of the limits associated with the introduction of so-called inertial 
systems, which are the basis of the Lorentz transformation and which were adopted for our 
derivation of the field dilatation? They now only are auxiliary considerations according to 
model. We have chosen a very simple model, which can be described mathematically, in 
which an observer holds in his hand gauges for distances and field strengths and with that 
gauges a system flying by with constant velocity. He on the one hand determines a length 
contraction and on the other hand a field dilatation. He compares both with each other and 
comes to the conclusion: The field determines the dimensions! 

This statement is purely physical and it is generally valid. It is independent of the relative 
velocity and all other mathematical conditions. A centrally accelerated circular motion e.g. 
will falsify the length contraction to the same extent, as the at the same time occurring 
field dilatation. It can be expected, that in addition to the square root of Lorentz also other 
errors will mutually efface, so that a generalization in this case actually seems to be 
allowed. 

The won proportionality is of most elementary importance. We use it in the case of the 
piezo speaker and know it from the curvature of space and deflection of light in presence 
of extreme fields. If we ourselves however are exposed to the field as an observer, in 
which also the object to be observed is situated, then we are in the dilemma, not being able 
to perceive the influence. If we, to stay with the example, would sit in a rocket and this 
would become smaller at faster velocity, then we would notice nothing, since we also 
would shrink along to the same extent. 

That concerns every measurement of velocity in general and the speed of light c in 
particular, which as is well-known is measured in meters per second. But if the field 
determines c and in the same way the length measure, which is given in meters, then both 
stand in a direct proportionality to each other, then we won't have the slightest chance to 
measure the speed of light. If namely c is changed, then this concerns the measurement 
path in the same way. Now the variable is measured with itself and as a result appears c, a 
constant value. We neither can see the change, since our eyes scan all objects optically and 
that means with c. 

It is the nightmare of each and every measurement engineer, if the gauge depends on the 
factor to be measured. No wonder, if the theorem of addition of the velocities apparently 
loses its validity and always the same c is being measured, independent of the direction in 

which the source of radiation is moving (chap. 6.11). The result is: 

The speed of light is a constant of measurement and not a constant of nature! 
If however the light is scanned with the speed of light, then also all components of the 
light vector correlated with themselves result in the same constant value c, then actually 
the vector of the speed of light loses its orientation in space and becomes a scalar factor. 
The Maxwell equations already anticipate this circumstance, but without providing an 
explanation why this is correct. Only the new field approach can answer the open 
question. With the derivation an axiom of physics - one also can say stumbling block - 
has been overcome. 


582 Boscovich and the respiration of the Earth 


The field strength determines the 
length measure: 
(the distance L between the spheres)<” 








Orbital curvature 
depending on field } 


AAA hn, 





Fig. 28.6 A: The curvature of the Earth in the 
gravitational 
field of the sun 





Fig. 28.6 B: Force of attraction and reduction of the 
distance L 
as the mutual field influence of two masses. 


<i>: Repetition of part 1, chapter 6.7 
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28.6 Boscovich and the respiration of the Earth 


Who has got a good idea, fast will find that some other scientist had the same idea already 
before, and for his part possibly already had to make the same experience. If in spite of 
that the track fast loses in history, it as a rule is because of the insufficient citing and the 
vanity of the discoverers, who in reality only are rediscoverers of a much older 
knowledge. 


The dependence of the length measures on the field (eq. 28.18) in the mathematical form 
of the derivation however should still be quite new. But the physical consequence already 
was described by the Jesuit priest Roger Joseph Boscovich from Dalmatia in 1755*". He 
was Professor for mathematics and theology in Rome and spoke about the world on the 
one hand being deformable, similar to rubber, but on the other hand we aren't able to 
perceive this, since our body is made of the same material and follows all changes. ,,We in 
an absolute way can recognize neither the place, nor distances or orders of magnitude", 
writes Boscovich in his book about space and time and writes how these are perceived by 
us”. He suspects that the Earth unobservable for man ,,is respiring". 

Actually a terrestrial observer at daytime is situated closer to the sun than in the night. He 
by day is exposed to a slightly stronger field and as a result correspondingly smaller. He 
himself and all objects in his neighbourhood are subject to an identical fluctuation of size, 
so that this ,,respiration" of the Earth cannot be detected. It can be detected neither with a 
tape measure nor with an optical measurement and still is present in reality. Only from a 
neutral standpoint we can succeed to recognize the actually existing curvature of space 
(fig. 28.6 A). 

An example is the duration of the sunshine at the equator, which is longer than can be 
expected from the spherical form of the Earth. This reveals, how the Earth is bending 
towards the sun (see also chapter 6.7). 

A further example is the influence of the field on the orbital velocity of the Earth 
measured in meters per second. Here also the meter at daytime is smaller than in the night, 
for which reason the Earth is moving slower on the side turned towards the sun, like a 
track vehicle, which drives a turn, if the chain at the inside runs slower than on the 
outside. If the Earth describes an orbit around the sun. then this circumstance has to do 
nothing at all with centrifugal force or with a force of attraction of the sun. The circular 
motion simply and solely is a result of the field influence of the sun“"”. 

The force idea proves to be a pure auxiliary description. In the context of Newtonian 
mechanics the force plays a central role. Without question it is a very efficient and 
subjective perceptible description, which still isn't able to reproduce the physical reality in 
an objective manner. What keeps the planets into their orbit is only the field of the sun, 
which we call gravitational field and not some force! But of which kind is the gravitation 
and the field, which causes masses to come closer together and following our subjective 
observation attract each other (fig. 28.6 B)? 


<i>: O. E. Rossler: Endophysics, the World as an Interface, World Scientific 
Publishing Co. 1998, Kap. 10, S. 87-112, mit Ubersetzungen aus <ii>: 


<i>: R. J. Boscovich: De spatio et tempore, ut a nobis cognoscuntur, 1755. 
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<i> 


The length measure (the distance L between the _ spheres) 


is determined by the field strength: 
E,H ~ 1/14} (28.18) 


A. Charged mass points (electrons, positrons, ions,...): 














B. Uncharged mass points (neutrons, atoms, ...): 


kK— L—+| 





Fig. 28.7: Observation of a mutual force of attraction 
because of 
the effect of the fields on the distance measure. 


<i>: Repetition of part 1, chapters 6.7 - 6.9 and part 2, chapters 10.4 and 15.2 
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28.7 Derivation of the gravitation 


In fig. 28.6B the relation between the field influence and the observed force of attraction 
of two mass bodies is represented. If I in my mind for instance "switch on" the field lines 
of both bodies, which are placed at distance L, then the fields according to equation 28.18 
reduce the measure L and optically come each other closer. With increasing proximity the 
field line density increases, so that L further decreases. We observe a mutual attraction, 
which lets both bodies move towards each other. 


In fig. 28.7A the two bodies carry an electric charge. For different polarity the field lines 
as is well-known run from the positive pole to the negative pole, to bundle up there. As a 
matter of principle also here an attraction can be expected, which is called electromagnetic 
interaction. For the reason of the bundling up of the field lines this effect however will 
turn out to be considerably stronger. Hence the electromagnetic interaction is for many 
powers of ten more powerful than the gravitation. 


Furthermore there also can occur repulsion, if in the case of like charge the field lines are 
bent aside and between the two bodies an area is formed, where the field tends towards 
zero and the distance measure L (according to eq. 28.18) as a result towards infinity. The 
electromagnetic interaction theoretically indeed reaches to infinity. Responsible are the 
open field lines arising from a charged body. 


Now every charged body in addition has a mass, with which it takes part in the 
gravitation. Let's remember the comparison of the derivations. The Maxwell theory 
teaches us that in the static case E- and H-field are decoupled, because each time the other 
field disappears. Even if as a result of the unipolar induction for every open field line the 
other one is taken to be standing perpendicular to the open field line, then this other line 
just wraps around the open field line and forms a closed-loop field line. In that way it 
can't be influenced anymore from the outside and can be neglected, so goes the doctrine, 
which is drawn from the Maxwell theory (fig. 27.5). 


This is a fatal error in reasoning! The equation 28.19 naturally is valid for open field lines 
in the same manner as for closed ones. These fields also lead to an observable force of 
attraction. If of course exactly those fields are neglected, which are responsible for the 
gravitation, then we need not wonder, if we don't understand the gravitation and the 
nature of this interaction! 


The influence of the closed field lines responsible for the gravitation is due to the missing 
bundling up of the lines correspondingly weak. Secondly these can't exist a force of 
repulsion due to the missing ability to influence closed field lines from the outside and 
third it can be recorded that all charged bodies also have a mass. All three statements of 
the field lines model perfectly cover the physical reality. 

Fig. 28.7 B shows uncharged bodies, for which both the field lines of the E-field and of 
the perpendicular to them arranged H-field are closed-loop. Such bodies, like e.g. neutrons 
or whole atoms without charge behave electrically neutral to the outside, but have a mass 
for the reason of the closed field lines, whereby the field lines of the H-field dominate 
those of the E-field“. 


<i>: Repetition of K. Meyl: EMEC part 1, chap. 6.8 + 6.9, part 2 chap. 15.1 
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Dual field approach _ |/ The Maxwell field | 
B E = neglectible, 

E 
B = constant. 


| 


E and Bare coupled / decoupled (approximation) 
The closed field lines by Ma 
no means are without 


influence: 
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With the associated transformation: 
| (new transf.) 
c = variable 





Fig. 28.8: Physical standpoints 


Objectivity versus relativity 


28.8 From subjectivity to objectivity 


With the field lines interpretation, which by the way already preferably was used by 
Faraday, the gravitation proves to be an until now neglected influence of the 
electromagnetic field. With that for the first time also the grand unification of the 
interactions was successful. The long sought-for unified theory with that for the first time 
comes within reach. 

The derivation has made it possible to mathematically secure the theoretical working 
model of Boscovich. Already 1755 Boscovich points out the optical deception, which our 
observation underlies, if absolute orders of magnitude in our neighbourhood should 
change and our perception would change along. Then also all metric and optical 
measurement results would underlie this change. Following the idea of Boscovich I 
distinguish between subjectivity and objectivity. 


The relativity is a compromise lying between both points of view, where a neutral 
standpoint is strived for, which lies outside the events. And from this standpoint the 
objectively taking place events are being observed. The theory of relativity consequently 
is a pure observer theory with strongly restricted scope on the basis of the Lorentz- 
transformation. 


Theories of classic physics, like e.g. Newtonian mechanics, fall in the domain of 
subjectivity. The results and regularities are won in a terrestrial laboratory if possible 
isolated from the environment, where they have absolute validity. Here the Galilei- 
transformation is valid. 

But if these subjectively won laws are applied to the microcosm in quantum physics or to 
the calculation of cosmic observations, one fast hits limits. The better the resolution of the 
microscopes and telescopes gets, the clearer the ,,outside" observer realizes, how much the 
laws of classic physics lose their validity. 


Astrophysics successfully reaches for the theory of relativity, which with the curvature of 
space in the vicinity of mass centres delivers useful explanations. Here the dependence of 
the spatial dimensions on the field already could be established. In contradiction to that 
this fundamental relation is said to play no role whatsoever in quantum physics, or in all 
terrestrial laboratory experiments. But with which right may physical regularities from one 
domain be ignored in others? There only can exist one physics and that should be sought 
for! 


What we need is objectivity! Behind all the apparently disconnected phenomena of 
physics work quite simple laws, which can't be observed and are until now not recognized 
by us. Objective physics in the words of Goethe is the one, which holds the world together 
in the heart of hearts. I call this, already by Boscovich suggested point of view, theory of 
objectivity. The access to the model domain of objectivity must be made mathematically 
by means of a transformation, since it is blocked for us by means of measurements or 
observations (see chapters 6.15-6.19). The transformation back into the observation 
domain must be made according to the same mathematical relations (fig. 28.9). In this way 
the quantum properties of the elementary particles can be calculated with high accuracy 
and agreement with the values, which until now only could be measured (chapter 7). 
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Approach: (determine distance by signal prop. time) 


(27.23) 


dr = c-dt + t-de (total differential for a change) 


(27.24) 















resp. (27.25) 
der 
ae —s. Qa 
dr: d5r 
A = 5 + fe ESS 27: 
C7 ay Oar t ae 272T 


The Taylor-series (27.26 and 27.27) breaks off after the first term, if 
c = constant resp. t= constant 


d 


resp.: 


resp.: (27.28) 





from: length contraction variable speed of light 
follows: time dilatation dependency of meter measure 
for absolute speed of the light for absolute time 
observation domain model domain 
(measurable) (can only be calculated) 


x(t) O————————_® _ M&(r) 


Model transformation of the length measures 


Fig. 28.9: Theory of relativity and theory of objectivity 
and the model transformation between 
physical standpoints 


<i>: Repetition of part 1, fig. 6.16 


both 
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28.9 The objective standpoint 


The question is asked how one gets to an objective physical standpoint, which in addition 
evades every observation? The way leads over a transformation, to which all perceptible 
and measurable relations must be submitted. 

If we for instance measure the distance r to a point light source, then the propagation of 
the light c and the propagation time t determine the distance measure r= c*t 

If there occurs a little change of the distance, then two causes should be considered: Either 
the propagation time or the speed of light have changed somewhat. With that the two 
possible standpoints already would have been found. 


The relativistic standpoint, which proceeds from the assumption of the speed of light 
being constant, says: the propagation time varies and we are dealing with a clock problem. 
If namely for relativistic velocities a length contraction occurs, then from that necessarily 
follows a time dilatation. 

But actually no specific statement can be made about the constancy of the speed of light, 
besides that we look at, measure and scan everything with c and hence only observe the 
constancy. With that the theory of relativity remains a pure observer theory, exactly as 
Einstein originally called it into existence. This standpoint follows the motto: What can't 
be observed also doesn't need to interest the physicist. 


The objective standpoint strives for more, for a description of the actually taking place 
processes. This time we proceed from the assumption of a universal and constant time 
with the argument: The time measure is an immutable definition and the physicist, who 
dictates this, himself determines what is simultaneousness. Then there also is no place for 
time travel and for clocks going wrong. 

Therefore the speed of light can take all possible values always in strict proportionality to 
the length measures. Thus the measured length and distance measures should be 
transformed and that in the end is the unit ,,meter", which should be replaced by an 
objective measure. 


With that the necessary transformation for variable c would be outlined. This 
transformation will be enqueued in the file of the big transformations. From it the Lorentz- 
transformation for c = constant emerges as a special case, like already from that 
transformation the Galilei-transformation follows for c =e. How now the relation of the 
subjective to the objective ,,meter" should be determined; by means of the relation of the 
relevant fields (eq. 28.17) or by means of the square root of Lorentz (eq. 28.16), over that 
should be worked and spoken. We already have successfully gone through it in a concrete 
example (chapter 7). 


Every theory is judged according to its expressiveness. Ending this chapter the statements 
and derivations hence again are compared. On the one hand the Maxwell theory and from 
that the theory of relativity can be derived from the new approach, on the other hand a 
long list follows, which can't be connected with the Maxwell equations, like e.g. the 
gravitation. For instance the neutrino and all other elementary particles with all their 
specific quantum properties are derived (chapter 7), free and easy fundamental laws result, 
like the law of conservation of energy, and even the temperature spills its until now kept 
secret (chapter 8.3). Remains the conclusion: With no other approach according to the 
textbooks until now the efficiency of the new approach could be obtained. 
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e From the dual field-|* From Maxwell's field 

theoretical approach equations can be 

are derived: derived: 

=> Maxwell's|=>0 
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=> Quantum properties of|=>0 
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Fig. 28.10: Comparison of the efficiency of the 
approaches 
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29. Mathematical gleanings 


If, proceeding from the new field-physical approach, well-known and accepted theories 
are derived as special cases, this on the one hand can be valued as evidence for the 
correctness of the approach. On the other hand the new approach in part significantly 
influences the interpretation of the derived theories. That can involve a rethinking, with 
which not insightful people have difficulties, if for instance quantum physics, 
thermodynamics or the gravitation become partial aspects of electromagnetism. 
Over and above that are hidden many new thing in the new approach, which are there to 
discover. To that are counting among others the potential vortices and the scalar waves. 
One can work out these phenomena physically or mathematically, where the latter way as 
a rule is the faster one. Hence the summary shall be concluded with a kind of mathe- 
matical gleanings. 


29.1 General and special theory of relativity 


Albert Einstein distinguishes between general and special theory of relativity. Whereas the 
special (SRT), still is linked tightly with the prerequisites of the Lorentz-transformation, 
the general (GRT), deals with an extension to arbitrary systems, which mustn't be inertial 
systems. I would like not to dwell upon the GRT, as Einstein designed it, and merely 
notice that every generalization represents a possible source of errors and has to be well 
founded. 


In the case of our derivation, the general case as it were resulted of its own accord. Let's 
turn back: If the root of Lorentz still was a component of the derived field dilatation 
(28.15) and equally of the length contraction (28.16), then it fell out in the comparison of 
both results (28.17). With that the important result, the proportionality (28.18), which 
among others results in the gravitation, becomes independent of the speed of light and the 
relative velocity v. This last step is obvious and still completely new. It cannot be found at 
Einstein, who in another way finds his GRT and his description of the gravitation. 
Even if here is striven for the same goal, then deviations in the result cannot be excluded 
because of the differences in the derivation, for which reason I additionally mark the by 
me derived general relativity (GRT'), to avoid confusion. 
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Influence of the Lorentz-transformation in the: 
SRT (special theory of relativity): one-dimensional, 
GRT' (general theory of relativity): three-dimensional, to a 
large extent corresponding to the GRT of Albert Einstein, 
GOT (general theory of objectivity) 


resp. the y-factor: 

























1 — v?/c? (29.1) 


_ Being transformed are: 
Length measures L [m] 
(length contraction eq. 28.16) 
Areas A [m?] 


(circular motion) 


Volumes V [m5] 
(vortical motion) 








Time measures t [s] 

Velocities v [m/s] 

(v = L/t) c [m/s] = const. 
Constants of material ¢ [As/Vm] i = const. 
(eu = 1/c?) » [Vs/Am] |= = const. 
Relativistic mass ™m [kg] ~y 
(increase in mass) [=VAs3/m2?] 

Energy W [VAs] 

Energy density w [VAs/m$] 

(w = W/V) 


E-, H-field strength E [V/m] 
(w = (e-E? + wH?)/2) Hi [A/m] 


Power density p [VA/m?] 

(Poynting vector p = E x H) 

D-field, B-field D [As/m?] 

(D=<E;B=.H) B [Vs/m?2| 

Power P [VA] mn ~ = co 


Fig. 29.2. Transformation table between SRT, GRT' and GOT 
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29.2 Transformation table 


Let's speak again about the difference to the special relativity (SRT). This so to speak 
deals with the one-dimensional case of the uniform motion of a reference system in x- 
direction (v = vx), as specified by the Lorentz-transformation, where only the x- 
components and not those in y- or z-direction are being transformed. As already 
mentioned this is a purely theoretical case, which in practice occurs next to never. Normal 
is circular and vortical and with that accelerated motion, where the velocity component 
permanently changes its direction. 


The derived result of the general relativity (GRT') does justice to this circumstance. Even 
if this at first only has been derived for the x-direction it nevertheless is valid equally in y- 
and z-direction. It even remains valid for the case that we base on a path of arbitrary form 
of a spatial field vortex. In this case some components continually occur in all directions 
of space, so that the relative velocity v as already the speed of light c loses its vectorial 
nature. With that the transition of the SRT to the GRT is carried out. 
By means of the spatial swirling the electric and magnetic field pointers at the same time 
turn into scalar factors, by taking over the function of the aether. Let us remember that 
even Einstein in his GRT was forced to again introduce the aether, which in the SRT still 
was unnecessary. 


It therefore makes a difference in the transformation of physical factors, if we base on a 
one-dimensional (SRT) or a_ three-dimensional spatial description (GRT). Length 
measures in x-direction in both cases must be converted using the root of Lorentz. Usually 
the relativistic y-factor is introduced, which is inverse to the root of Lorentz 


y= IN 1-v7/c*) with x,/x =y (29.2) 


If thus individual length measures would be subject to a length contraction following the 
y -factor, then a volume V according to the SRT must be transformed with y. according to 
the GRT’ however with y’*. 

As is well-known a relativistic increase in mass is converted with they-factor and in the 
same manner the to that proportional energy E = m c”. If we however correlate the energy 
to the volume V and in that way determine an energy density w, then the difference 
between SRT (w ~ y) and GRT' (w ~ y*) again has its maximum effect. 

A relation to the field factors of E- and H-field is for instance provided by the energy 
densitv of a wave field 

w=(e-E> + w-H’)/2 (293) 


According to that the field strengths in the one-dimensional case of the SRT should be 
converted with the y-factor, in the case of the GRT' however with y, in accordance with 
the derivation in chapter 28. This circumstance willingly is overlooked, although it only 
concerns the textbooks and the today valid theory of relativity. I however point to the 
difference, since it does make a difference if we start with the SRT or the GRT when we 
change to the general theory of objectivity (GOT). 


In the domain of the GOT all length measures should be transformed. The respective 
dimension gives information with which power the y-factor occurs (fig. 29.2). The unit 
meter is responsible for that. 
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mathematical consideration: 












Abbreviations: B=v/c 


and: y = 1/V1-p 


and: y=) SE-B 
and: yf = 1/0 - PPE 
Examples: 

Increase in mass, energy ~ y 
for SRT and GRT 


Field strength in GRT: E, H ~ 72| 
and mass in GOT: m ~yFf 


Energy-, power density ~ y? 
(Poynting vector) in GRT: 


Fig. 29.3 Discussion concerning the root of Lorentz 


¢ The special theory of relativity SKT only is defined for v <c 


* For v *c_ particles with a complex mass, but with 
a real energy density (according to GRT') would result. 


¢ From the point of view of the theory of objectivity (GOT) 
the mass should be taken negative-real (neutrino?). 
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29.3 Discussion concerning the root of Lorentz 


Fig. 29.2 forms the basis for the transformation in the domain of the GOT, the general 
theory of objectivity, where it plays a role, if a subjectively measured factor should be 
converted from the laboratory domain or a relativistic factor according to the SRT or the 
GRT'. The given proportionalities thereby should be put in the respective relation. In this 
way results the respective valid instruction for transformation on the basis of the root of 
Lorentz. 

Let's take a critical look at the root of Lorentz. The velocity v occurring in it, of whatever 
this may consist, is depending on the field according to equation 28.14 + 28.15. It strictly 
speaking wouldn't be constant anymore and wouldn't belong in a general instruction for 
transformation at all. Only, what is valid for v, is valid to the same extent for c. Since only 
the proportion of v/c occurs in the root of Lorentz every influence depending on field or of 
other nature will have no effect on v/c and the value of the root of Lorentz. It in any case 
will retain its value. It fulfills for itself the condition of the Lorentz invariance. 
According to that in the case of the relative velocity v it doesn't depend on the absolute 
value, but only on the relation to the speed of light. In addition the restriction to values of 
v < c is normal, if the speed of light is seen as an upper limit. Let's first purely 
mathematically draw a case distinction for different velocity domains of v. For v = 0 the 
root of Lorentz becomes one and the Lorentz transformation turns into the Galilei 
transformation. 

Connected to this is the today well-known and technically used domain up to the limit of 
v = cc. It virtually is impossible to accelerate a mass particle to the speed of light, since 
mass, field and energy would grow towards infinity, as is clear from the table (fig. 29.2). 
Particles as fast as light, like photons, hence cannot have a mass. At v = c a singularity is 
present. 

In a field theory, which also deserves this name, however an upper limit must not be 
present. Hence also the case for v > c should be required theoretically. Only later we will 
be able to judge if this makes sense physically. We at first only want to examine the case 
mathematically. Mass, field and energy now again have a finite value, there however 
results a complex, purely imaginary mass, a negative field and doing so, as already before 
a positive energy and power density. 

There sometime has been the textbook opinion that it is physically impossible to fly faster 
than sound. This erroneous statement even could be proven ,,scientifically", because such 
a supersonic airplane would fly off the observation space and with that wouldn't be real 
anymore, thus from a mathematical viewpoint would be complex. Anyone, who in New 
York gets off a Concorde, can confirm that everything at any moment of the flight was 
real. Only the observer is deceived, if the airplane flies somewhere else, than he perceives 
it. Is the speed of light also such a ,,sonic barrier", which by the majority of the scientists 
since Einstein until today still is thought to be insurmountable? 

How should one physically imagine a complex mass? Let us remember the alternating 
current teachings, where it is normal to work with complex values, since the mean values 
of the oscillating alternating currents, tension voltages and fields are zero. Calculating 
with mean values would result in zero energy and power. Hence complex factors are 
introduced and the root mean square values are calculated and measured instead of the 
mean values. Could a complex mass analogously not concern an oscillating particle, a 
particle, which in addition is faster than the light? 
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. Physical example: 
neutrino = mean of the oscillating massxzero 
RMS value of the complex mass¥zero 
E- and H-field with inverse sign 
carrier of positive energy and power 
v -model: ring-like vortex oscillating from e’ to e 





+ <i> 
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Examples from the general theory of relativity (GRT): 

(28.16): length contraction L ~1/y = V1-(v2/c2) 
(6.19): increase inmassm ~ y = 1/V1-(v2/¢2) 
(6.6,28.15) field dilatation E ~ H~ y2 = 1/(1-—v?/c?) 


Fig. 29.4: Root of Lorentz for speeds faster than light (v > c) 
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29.4 Mathematical derivation of the neutrino 


In the domain of speeds faster than light, for v > c, the power series (28.12) does not 
converge anymore and every observer theory and every observation (fig. 28.4) will fail, 
because particles faster than light run away of their own visible appearances. Every 
measurement and every observation inevitably is behind and hardly can be assigned to the 
actual cause. That way for instance measured neutrino events are being connected with 
celestial observations, with which they haven't got anything to do at all. 
If we however describe the domain v > c in the complex plane, then astonishing results 
are found, which could be verified physically: a complex length dilatation with increasing 
velocity goes along with a loss of complex mass. The oscillating fields, energy and power 
density however would be real with negative sign. 

Thus there would result particles carrying energy with an oppositely poled field, with an 
oscillating mass and if necessary also an oscillating charge. Without static mass and 
charge these particles hardly would interact with normal matter, which leads to an 
enormous ability of penetration. The only physical particles, which have such a property, 
are the neutrinos. With that a usable and an extremely efficient model description has been 
found for these particles. Also the energy of these particles can be calculated, which has 
considerable orders of magnitude and is available as an energy source everywhere and any 
time. 


If for instance in a converter for space energy a neutrino should be converted into a resting 
charge carrier (with v = 0), then two steps are necessary (see part 2 of this series of 
books): 


1. First the neutrino must be slowed down to 1.414 times the speed of light (fig. 28.9). 
Doing so energy is spent and not won! The converter for instance can cool down. 


2. Afterwards the characteristic rotation of its own, with which the ring-like vortex 
spins around itself by permanently putting its inside to the outside and vice versa, 
has to be taken away from the neutrino. In that way the vortex centre is closed and 
the particle acquires localization. It becomes a charge carrier. 


Even if the representation in the complex plane represents only an auxiliary description, 
the model nevertheless seems to be efficient, because despite its complex mass and charge 
the neutrino nevertheless carries a real energy. It in any case is represented in that way to 
an observer, who measures the relation with the speed of light, who in the relativistic 
scheme of things scans the relation. 


Today, as already said, even the sonic barrier has become permeable and no scientist dares 
to physically deny this fact and even prove his mistake mathematically anymore. No, on 
the contrary, he always did know that as an expected consequence the sonic barrier runs 
after the supersonic plane. The once physically unthinkable and scientifically fought has 
become normality. 

What should hinder an oscillating particle, like a neutrino, to be faster than the light? 
Some time one also will accustom to that. 


598 Universal constants and constants of nature 


° Starting-point: 
the fundamental field equation 
(derivation in chapter 27.10) 





e Example: 


Spherical propagation of an 
electromagnetic wave in space 








¢ The numberz: m= 3.14159 
straight circular spherical 
r - 2 = Qr-m - Qr = T-1?-4 
line circum- surface 
ference 
zt, - tr = r?-1 -r4/3= mr-4/3 
line area volume 
(29.4) 


Fig. 29.5: The number 
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29.5 Universal constants and constants of nature 


Strictly speaking fundamental or universal constants can't exist in pure field physics at all. 
For the example of the speed of light has been shown that it merely are measurement 
constants (fig. 6.11). The numerical size is a consequence of the definition. The speed of 
light for instance has the today well-known value as a consequence of the fixing of a 
length unit and a time unit. If we change a unit, if we take ,,feet" instead of ,.meters", then 
another value results. If however the velocity changes, then the reference measure of our 
gauge changes along and we get the identical reading. 
Electric and magnetic field constant depend directly on the speed of light c (e+ u= l/c’), 
which solely by the fixing of the electric units takes a _ certain value. 
The inner structure of the potential vortices leads from Planck's quantum of action, to the 
elementary charge and to the countless atomic ,,constants", which all objectively seen 
aren't constants at all. They virtually all can be derived (chapter 7). 


Sooner or later even the last natural scientist will realize, that nature does not provide 
"constants" at all. If ,,constants of nature"' did exist, as listed in textbooks and 
encyclopaedias, then they aren't consistent with causality, since we don't know the cause, 
why the factor should have exactly this size and no other. Behind every so-called constant 
of nature unnoticed is hiding a physical closed loop conclusion. 


Fundamental constants only exist in mathematics. This can be shown very nicely for the 
example of the ,,fundamental field equation" (eq. 27.26), which has been derived from the 
new field theoretical approach (fig. 27.10). It is the description of waves and vortices in 
space and time, which indeed carries features of a ,,world equation". If one searches this 
equation for fundamental constants, then one altogether can find three: the number7.the 
number e and the Golden Proportion ®.The speed of light c however occurs only as the 
mathematical factor characterizing the wave as a result of the defined units. If one would 
choose the units different, c as well could be made 1. With the fundamental numbers that 
procedure won't work. They don't depend on the definition of the units! 


Let's consider the numbert.The numberstoccurs every time as a proportionality factor if 
we transition from a straight line to a circle or further to a sphere, from a line to the 
circumference or further to the surface of a sphere and exactly so from a line to the area of 
a circle or further to the volume of a sphere. Since for all the special cases, which are 
derived from the fundamental field equation (the structure of the elementary particles, the 
atomic structure and in the same way again in the universe), the spherical symmetry 
dominates, the mathematical solution is determined by a corresponding spatial 
configuration of the number.Jt has its cause neither in a physical relation of interactions, 
nor in the choice of the units, but only in the geometry. 
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The fundamental number e 





The number e: 


forn=2 is 
forn=1 is 
for n=0.5 is 
forn=0 is 
for n=-0.25 is 
for n=-0.5 is 
for n=-0.75 is 
for n=-1 is 
for n=-2 is 





2.71828 
(29.5) 
(1+1my = 1.5? = 2.25 
(it+i/ny = 2' =2 
(lt+1/my = V3 = 1.73 
(1t+imy = 0 =1 
(1+1/n)" = 1X-3)°”* gives a complex solution! 
(1+1/ny" =1/V-1 = -i, thus again complex! 
(1+1/ny” = 1/(-3)°” as well complex! 
(1+l/my = 1/0 = +00 
(it+i1my = 2 = 4 





no real 
solution! 


i 
i 


Fig. 29.6: Forming the limiting value of the number e 
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29.6 The fundamental number e 


In the fundamental field equation (27.26) a further irrational number is concealed, the 
number e. Whereas the left side of the equation (a) gives the spatial distribution, the right 
side (b-e) describes the temporal course of events. Besides the term constant in time (e) 
also first time derivations (c and d) and a second time derivation (b) occur. 
For a solution of this differential equation a function should be found, the derivations of 
which are again the function itself. This condition strictly speaking is fulfilled only by one 
single function, the e-function. 

We used this property of the e-function already for the derivation of the Schrodinger- 
equation in chapter 5.6 and 5.7. There with the help of the e-function an approach was 
chosen, which leads to the well-known solutions of the Schrodinger-equation, which are 
considered to be secured experimentally. With that the number e controls the temporal 
relations of the fundamental field equation. 


It might be helpful to take a closer look at the origin of the number e. It results from a 
consideration of limiting values: _ 





lim (i+1/nj® = 2.71828 |(29.5) 


ns 





If one varies n and allows different values between-coand+oothen a strange behaviour is 
showing. One indeed more and more approaches the well-known value of e = 2.72, as 
dictated by the definition of limiting values according to equation (29.5), the larger n is 
chosen. But in the opposite direction it looks less tidied: 


(1+1/n)” 
(1+1/n)" 


(1+1/n)" 
(1+1/n)" 
and is (l+I)* = = 00 (29.6) 





Since the e-function inside the fundamental field equation is responsible for the temporal 
sequence, the interpretation of my colleague Prof. Dr. Preussker“ gets a deeper sense. He 
says, it starts outside our imagination (at n = -1). Afterwards at first big chaos prevails. 
Mathematically seen some imaginary solutions arise. Finally the system is putting in order 
(from n= 0), to more and more approach the value e = 2.72 . 


The number e is of fundamental importance and thereby holds unforeseen secrets. More 
mysterious and until now entirely misunderstood is the meaning of the Golden Proportion. 
Also this indivisible number can be found in the fundamental field equation. Since it is 
less known and more complicated to handle, it first shall be introduced. 


<i>: H. Preussker: Der Wirbelring, Halstenbeck 2002 
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Graphical construction at a right-angled triangle (Pythagoras): 





Golden Proportion of lengtha=x+y: 





with the pro 


portion: 










(299) and} 


= O+1 = 1.618 }(29:10) 





Fig. 29.7: Constructions for the Golden Proportion 
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29.7 The pentacle 


During his visit of the Egyptian pyramids already two and a half thousand years ago the 
history writer Herodotus by his guide had been called attention to the circumstance that 

the Golden Proportion has been realized for the proportions of scale. 

In the case of the pyramid of Cheops it even has been taken into account manifold, as we 
know today, but we hence still don't know why. There must be an intention behind it. 
Anyway a coincidental use can be eliminated, since the Golden Proportion cannot be 
handled in an easy way, neither graphically nor mathematically. 

The Golden Proportion in addition plays an important role in the whole ancient 
architecture and not only there. It for instance occurs in the case of a very old symbol, the 

five edged star, which we can draw with one line without taking off. The well-known 
symbol also is called pentacle. 


In the case of the Golden Proportion a straight line a is divided into two unequal halves. 
The larger half x thereby is 61.8 % of the straight line a. Already Pythagoras has 
researched and teached about this. Maybe he did know more about the purpose of this 
classification than all the mathematicians, archaeologists and art historians of today 
together. 

For a graphical solution we assume a right-angled triangle. The task is to divide one leg of 
length a = x + y according to the Golden Proportion into two parts, the larger part x and 
the smaller part y. The second leg has the length a/2. According to the theorem of 
Pythagoras the length of the hypotenuse h is 


h = Va"+(a/2)? = (a/2)V5 (29.7) 
If the length of the second leg (a/2) is subtracted from the hypotenuse, then this is the 


a/2: 
(29.8) 







| x = (a/2)(V¥5 -1) 


The proportion of both length measures gives the constant®,which is characteristic for 


ao14 





| ® = wa = (¥5-1)/2 = 0.618 |(29.9) 
This proportional number has a special property. If one adds 1 to the number and forms 


the reciprocal value of that, then the same number comes out again, thus: 
with © = x/a: witha=xty: 


(29.10) 





With that the ratio of the length a and the larger section x is the same as the ratio of x and 
the smaller section y. 
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e Starting-point: the fundamental field equation 


02E , 1 0E + i 0E . E 
et? T Ot T2 Ot T1T2 


e for the special case: because of missing conductivity (o = 0 
e.g. in air no eddy current damping: o/e =| (1/1) =0 


e and no currents (eq. 27.15+27.16): j=o-E=-—ve«e-divE=0 


—c?.rot rotE = 


(27.26) 








® resp. iv E — rotrotE = —rotrotE 
(29.11) 
Standard case of a wave damped with potential vortices 


In the case of a perturbation this wave rolls up to a vortex, with 
e the vortex radius r 
e the swirl velocity c=or 
e the angular velocity @ = 1/t2 = c/r 


The vortex itself runs with the velocity v(x(t)) = dx/dt 
as a longitudinal wave in direction of the E-field: AE = 02E/0x? 
=> oOE/ét = (@E/0x)-(dx/dt) = v-dE/@x and 

67E /0t? = v?-(07E/0x?); (@v/dt = O, since not accelerated) 


=> | c?:07E/0x? = v?.(02E/0x?) + v-(c/r)- 0E/0x (29.12) 


e with the exponential approach: E=‘Y-e*/' are: 
=> oOE/0x =-(1/r)E and 0?E/0x? =(1/r?)-E 








(c2/r?)-E = (v2/r?)-E — (v-c/r?)-E (29.13) 
e resp.: a Cc? = v2 = vec : (29.14) 
Fig. 29.8: The calculation of an electromagnetic wave, which 


is rolling up to a potential vortex. 
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The big mystery concerning the harmony of the Golden Proportion gets a sober technical- 
physical dimension with the theory of objectivity. It determines within the fundamental 
field equation" (27.26) the rolling up of a wave into a vortex and vice versa. The Golden 
Proportion mathematically describes the process known as wave damping, as we can 
make ourselves clear. 


29.8 The vortex, which is rolling up 


For the case of a wave propagation in air or in vacuum, if no electric conductivity is 
present (6 = 0), the fundamental field equation is reduced to the two parts: the description 
of the electromagnetic wave and the potential vortex as a damping term. Now a solution of 
this partial differential equation (29.11) is sought. This only succeeds for a very particular 
course of spatial and temporal field. 


If a wave for a field perturbation rolls up to a vortex, which we had worked out as a model 
concept, then the field oscillation continues to run with the speed of light, but this time in 
circles. With this consideration the relation between the angular velocity resp. the time 
constants and the radius of the circular vortex has been described (t2 = 1/c). 


v(x(t)) = dx/dt is the not-accelerated velocity of propagation of a vortex. In that case v 
points in the x-direction radially to the outside. For the time derivation of the field vector 
E(x(t)) the chain rule should be applied. With that the field equation (29.11), defined in 
space and time, can be converted into an equation determined in v and x (29.12). 


Finally we use the mentioned property of the e-function, which for first and second 
derivation again turns into itself, by choosing the approach of an exponential damping 
with e*’ There remains a quadratic equation to determine the velocity v (29.14 and 
29.15). From the two solutions of the quadratic equation only the one with positive 
velocity should be considered (29.17) and that would be 1.618 times the speed of light! 
(29.18). 

If we subtract 1 from this value or form the reciprocal value, then in both cases the factor 
® = 0.618 results, which is called the Golden Proportion (29.19). 


Behind this clear, mathematically won result is hiding a deeper physical meaning. 
Obviously nothing can hinder a longitudinal wave and its vortices to be slower or faster 
than just with v = 1.618*c. Let us take the case that v = c, for which there even exist 
calculations in some textbooks. Then as a result gets out that the longitudinal parts 
decrease very quickly and already can be neglected after A/27. I in any case interpret the 
near-field zone of an antenna (fig. 29.9) such that within one sixth of the wavelength the 
vortices to a large extent have decayed. 


<i>: Zinke, Brunswig: Lehrbuch der Hochfrequenztechnik, 1. Bd. 3.Aufl. 
Springer-Verlag Berlin 1986, Seite 335 
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The Golden Proportion 


The quadratic equation 29.14: 


has the solution: v = c/2 +Vc2/4 + c? | 2019 
for the proportion v/c: |v/c =(1 +V5)/2 = 1.618 | (29.17) 


The result v/c = 1.618 (29.18) 








resp.: c/v = @M= 0.618 =,,Golden Proportion"(29.19) 


acc. to that is: 1+ @= 1.618= 1/M= 1/0.618(29.18*) 





Concerning the physical meaning of v/c = 1.618 (29.17) 





=>In the ideal case at 1.618 times the speed of light at 
the stability limit, the natural and spontaneous 
conversion from vortex to wave and vice versa occurs. 


=> Scalar wave antennas have their optimum degree of 
effectiveness in the Golden Proportion! 


Fig. 29.9: Derivation of the Golden Proportion from the 


fundamental field equation. 
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For larger velocities, as Tesla has produced already 100 years ago, the stability of the 
vortices, but also their biological effectiveness increases. From a high-frequency technical 
viewpoint this is the domain of the noise, the domain of instable oscillating noise vortices. 
From a biological and medical viewpoint especially here the answers should be sought to 
questions concerning the electromagnetic environmental compatibility. 
This domain stretches from v = c to v = 1.618*c, the boundary case, where a spontaneous 
conversion of the wave into the vortex is possible. The Golden Proportion describes the 
stability limit, where the field vortices after they have been formed, don't decay anymore. 
From this velocity on the antenna resp. radiation source hasn't got a limited near-field 
zone anymore, since that now reaches to infinity. Only from this distinct velocity on I give 
the field vortices the name "neutrino". 


29.9 The Golden Proportion 


Whereas traditional antennas, which should emit electromagnetic waves, are optimized for 
signals with the speed of light, do scalar wave antennas have their optimum degree of 
effectiveness in the Golden Proportion. Thereby the goal of an emission of oscillating 
ring-like vortices is pursued. Vortices, which with a velocity of propagation of v = 
1.618-c remain stable and make possible a spatially unlimited transmission of energy and 
information by scalar waves. 


The velocity of propagation v is calculated from the product of wavelength times 
frequency. ¥ = A-f. If the frequency of a transmitter is prescribed, then the geometry of the 
transmitting antenna decides on the degree of effectiveness of the antenna and on how 
many parts of transverse waves are emitted in relation to longitudinal waves. In the case of 
a broadcast antenna usually % or A/2 is chosen. For a scalar wave however the optimum 
is reached with 








1 .6 1 S-wave = } .6 1 8-c/ sit (29.20) 


With that the electrotechnical problem becomes a geometrical one, if it concerns the use of 
scalar waves. Crucial is the antenna geometry, and the Golden Proportion provides the 
necessary constructional instruction. Were the buildings in antiquity, which were 
constructed according to the Golden Proportion, technical facilities for scalar waves"? 
Did the builders have physically explainable and mathematically provable guidelines? 
At this place, by the derivation of the Golden Proportion from the fundamental field 
equation, there arise completely new aspects for the judgement and interpretation of 
buildings especially from antiquity. If we have understood their way of functioning, then 
we will be able to learn much from that for our own future and for the future construction 
of scalar wave devices. Concluding the seminar we hence deal with antiquity. 
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Claim 





ancient temple 


dedicated to one god 


supreme god Zeus, = 
father of all gods 

priest, 

representative of the god 
high priest 

Pontifex Maximus, 


, topmost bridge builder" 
oracle 

runes, cuneiform writing 
metre, hexameter 

oracle priest 

tripod“ 


looking at intestines, 
rite of sacrificing 


temple books 


seer, who looks _ into 


the god world 


Homer 


short wave station 


fixing of the frequency 


range of the short wave, 
all SW wave bands 


amateur radio operator, 
with licence to transmit 


chief intendant 


chairman of the authority 
and the telegraph offices 


telegraphy receiver 


telegraphy symbols 


increase of redundancy 
telegraphy interpreter 


reception key, electro- 
acoustical converter 


reading off convulsions, 
electro-optical converter 


news-notes 


amateur radio operator, 
at telegraphy reception 


ancient radio reporter 





Fig. 30.1: Little dictionary for ancient radio engineering (1). 


<i>: Lamer: Worterbuch der Antike, Kroner Verl. Bd.96 under "oracle" stands: ,,Lat. 


oraculum 


site of speaking; particularly: site, where a god speaks; then: that, 


what the god says". According to the encyclopaedia oracle priests inspired by a 
god ,,simply were frauds, who lived of the ignorance of the public". 
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30. Scalar wave technology in antiquity 


The end of the book about potential vortices and their propagation as a scalar wave shall 
form an impressive example, where as many of the derived wave aspects as possible have 
an effect. It shall be proven that already in antiquity radio engineering based on scalar 
waves has been used. The proof starts with a thesis. 


30.1 Thesis: 


The temples in antiquity all were short wave broadcasting stations. And energy from the 
field served as an energy source, so e.g. the earth radiation in the case of temples of 
terrestrial gods. In the case of the solar god the radiation of the sun was used, whereas for 
the temples, which were dedicated to the planetary gods, the neutrino radiation arriving 
from the planets served as an energy source. 


If the temple was dedicated to a particular god, then the name of the god was representing 
the used frequency of the broadcasting company. The corresponding wavelength, resp. the 
respective god, understandably was "immortal". 


Not so the broadcasting technicians on duty, who as human beings naturally were mortal, 
who took turns in the studio as members of the priest council and who merely had to 
impersonate the god Apollo, Poseidon etc. by the name of the broadcasting company, if 
they went on air. Only for the news editor Homer and for few of his colleagues we 
actually know the names of the persons behind the scenes. 


In the temple books the texts have been recorded, which a god and its broadcasting 
company have received. The chosen metre served the easier detection and correction of 
transmission errors. 


Here often a lot of fantasy was necessary, for which reason the reception facilities 
commonly were described as oracle”. The reception of the news as a rule took place on 
an altar. Thereby the direct effect of scalar waves on man e.g. in the case of the so-called 
temple sleep or the indirect influence on biological systems, e.g. on the intestines of 
slaughtered animals, was evaluated. 

A further development of the telegraphy was the tripod technology~’’, in which case by 
turning of the polarization plane individual symbols and letters were transmitted up to the 
transmission of the spoken word with the help of a special wavelength modulation. 
That far the thesis reaches, which now should be proven. 





<ii>: Lamer: Worterbuch der Antike, Kroner Verl. Bd.96 under "tripod" stands: ,,the 
tripod is a dedication gift to gods, a honorary gift for winners. That one pleased 
them with the gift of a cooking pot, is strange; one has tried to find the reason, 
but until now without success". In the encyclopaedia further is advised: 
tripod as a means for spiritual insight?!" 
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godology 
god name 


members of a 
family of gods 
Pantheon, 

temple of all gods 


crown 
gifts for sacrificing 


place of sacrificing 


earth radiation 
homage of a 
weekday 

Zeus ,,forges" 
thunderbolts 
ritual act 


Pythia of Delphi” 


Cella (marrow of temple) 


obelisk*!'* 





Prerequisites 


= high frequency technology 
RDS, station identification 


= broadcasting studios of a 
broadcasting company 

= extremely broadband 
FM broadcast station 


= antenna netting 


= broadcasting fees 


= place of a node of 
the standing wave 

= power supply 

= time restriction of the 
operation of the station 

= electrostatic blows, when 
a temple is oscillating 

= technical provision 


for transmission and 
reception 


= radio telephone operator, 
receptionist 
= tuned cavity 


= antenna rod 


Fig. 30.2: Little dictionary for ancient radio engineering (2). 


<i>: Lamer: Worterbuch der Antike, Kroner Verl. Bd.96, under ,,Pythia"(gr.=the 
asker): In the temple of Delphi was a chasm. A tripod was standing over it, on 
which the Pythia was seated, if she gave oracle. Comment: "It was flashy how 
odd the Pythia was sitting; inconveniently enough, on the cooking pot of the 
tripod. Ancient pictures, which show her that way, still weren't proven, that it 


was this way ..." 


<i>: Lamer: under ,,Obelisk" stands; ,,The obelisks probably were clocks". 
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30.2 Prerequisites 


The argumentation has to be made on mathematical-physical foundation. The prerequisite 
for that are the 29 chapters of before. The following points could be demonstrated and 
derived: 


1. The wave equation (inhomogeneous Laplace equation) describes the sum of two 
wave parts, where 

2. every antenna emits both parts, 

3. the transverse part, known as electromagnetic wave (Hertzian wave) 
4. and the longitudinal part (Tesla radiation) termed scalar wave by the discoverer, 
better known as antenna noise. 
5. The wave equation mathematically describes the connection of both wave parts in 
general and the conversion of one part into the other in particular, thus 

6. the rolling up and unrolling of waves in field vortices (measurable as noise). 
7. The transition takes place proportionally to the Golden Proportion, as resulted 
from the derivation (chapter 29.7 - 29.9) 


With the last point the electrotechnical problem becomes a geometrical problem, if it 
concerns the use of scalar waves. The geometry of the antenna is crucial. Thereby the 
Golden Proportion provides the necessary direction for construction. 

That justifies the assumption that the buildings in antiquity, which were built according to 

the Golden Proportion, were technical facilities for scalar waves. Maybe the builders had 

specifications that had physical reasons and could mathematically be proven. 

At this place there result completely new aspects for judging and interpreting buildings 
especially from antiquity through the derivation of the Golden Proportion from the 
fundamental field equation. If we have understood their way of functioning, then we will 

be able to learn much from that for our own future and for the future construction of scalar 
wave devices. 


As a further prerequisite for the ancient broadcasting technology enough field energy 
should be at disposal. We proceed from the assumption that 


1. the earth magnetism and the cosmic neutrino radiation are tightly hanging together 
by the processes in earth's core, 

2. the earth magnetism in antiquity verifiably was approx. thousandfold stronger than 
today (proven by gauging of pieces of broken pot), 

3. as a consequence the neutrino radiation in antiquity as well must have been 
thousandfold stronger and 

4. the cosmic neutrino radiation has served the transmitting plants of antiquity as an 
energy carrier, 


any thought is absurd to reject the technical function of a temple only because it today 
can't be reproduced anymore. The artistic and aesthetical viewpoints, which are put into 
the foreground by art historians because of ignorance about the true function, rather are 
secondary. 


The terms used to describe the broadcasting technology in antiquity in the last 2000 years 
have experienced a shift of meaning, so that a translation in our linguistic usage of today is 
necessary. The adjacent dictionary should help in that case. 
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Cella-Length: L=’/2 =30m 
frequency: f=c/A = 5 MHz 


Constr.: 470-456 B.C, 
gold. Prop: ® = 0,618 
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Fig. 30.3: The Golden Proportion of Zeus-temple in Olympia.~ 


<i>: K. Schefold: Die Griechen und ihre Nachbarn, Propylaen Kunstgeschichte 
Berlin Bd. 1, Abbildungen von Seite 249 
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30.3 Approach 


Let's to some extent proceed from the knowledge of textbook physics currently present in 
high frequency engineering and give a well trained engineer the following task, which he 
should solve systematically and like an engineer: He should build a transmitter with 
maximum range at minimum transmitting power, thus a classic task of optimization. 
Doing so, the material expenditure doesn't play a role! 


After mature deliberation the engineer will hit upon it that only one solution exists: He 
decides on a telegraphy transmitter at the long wave end of the short wave band, at f = 3 
MHz, which corresponds to a wavelength of 4 =100 m. There less than 1 Watt 
transmitting power is enough for a radio communication once around the earth. That also 
has something to do with the conditions of reflection of the radio waves at the ionosphere. 
Our engineer learned: 


the index of refraction n= VI-K-N/f (30.1) 
with: K= 80.5 * 10° [cm*/sec”] (= constant) 
N = electron concentration [electrons/cm*] 


f = frequency of the transmitter [MHz] 
Put into words: the refraction of a radio wave in the range of the short waves is the larger, 
the smaller the frequency is. The end of the short wave range is reached at 3 MHz. That 
thus explains the choice of frequency. 


And he optimises further. Next the engineer remembers that at high frequencies, e.g. for 
microwave radiators, not cables but waveguides are used, since these make possible a 
considerable better degree of effectiveness. In the case of the waveguide the stray fields 
are reduced by an alignment and concentration of the fields in the inside of the conductor. 
In the case of antennas however the fields scatter to the outside and cause considerable 
stray losses. He draws the conclusion that his transmitter should be built as a tuned cavity 
and not as an antenna! 


As a result the engineer puts a building without windows in the countryside with the 
enormous dimensions of 50 m length (=A/2) and 25 m (=A/4) resp. 12.5 m (=A/8) width. 
The height he calculates according to the Golden Proportion to increase the scalar wave 
part. Those approximately are the dimensions of the Cella without window of Greek 
temples. 

For the operation of such a transmitter in antiquity apparently the noise power of the 
cosmic radiation was sufficient, which arrived at the earth starting from the sun and the 
planets. By increasing the floor space also the collected field energy and the transmitting 
power could be increased, so that also from the perspective of the power supply the temple 
with the largest possible wavelength at the same time promised the largest transmitting 
power, so at least in antiquity. 


Our engineer further determines, that he will switch the carrier frequency on and off at a 
predetermined clock pulse. Thus he decides for radiotelegraphy. The advantage of this 
technique is a maximum increase of the reception range. For that the signals at the 
transmitter have to be coded and at the receiver again deciphered. By means of the 
encryption of the contents these are accessible only to the ,,insiders", who know the code; 
prerequisite for the emerging of hermetism and eventually a question of power! 
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7,5 MHz transmitter frequency 
Xt =40m wave length 


L=20m cella-length (= 4/2) 
b=10m cella-width (= L/2) 





® = 0,618 golden proportion 


Fig. 30.4: Example Tegea, temple of Athena Alea.” 
Built 350/340 B.C. 


<i>: G. Gruben: Die Tempel der Griechen, Wissenschaftliche Buchgesellschaft 
Darmstadt 1986, 4. Aufl. Seite 130 

<ii>: E. Horst: Konstantin der Grosse, Eine Biographie, Classen Verlag 1985 
Dusseldorf, 2.Aufl., S. 89. 

<ii>: E. Horst: Konstantin der Grosse, Eine Biographie, Classen Verlag 1985 
Dusseldorf, 2,Aufl., S. 33. 
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30.4 Circumstantial evidence 


Not everyone, somehow participating in send receive engineering, at the same time also 
was inaugurated in the entire secret knowledge. Most priests only knew as much as they 
necessarily needed to know to fulfill their tasks. Thus a temple priest, who was presented 
an enciphered text and who should bring this on the air, not necessarily at the same time 
needed to know the content of the text or the code. The same of course also was valid for 
the sacrificing priest acting in the receiving station. The Vestal virgins for instance had to 
present the received text to the Augures, by whom they were supervised and controlled. 


But who wanted to introduce a new god in the gods heaven and perhaps even himself be 
worshipped as a god, should have complete command of both the broadcasting technique 
and the reception technique. In ancient Egypt the Pharao at least once a year had to prove, 
that he still was in command of the technique. Otherwise he was replaced. For a person 
with security clearance that at the same time was a death sentence. 


In the historical facts numerous pieces of circumstantial evidence can be found, which can 
be considered to be evidence for the thesis of the operation of send receive engineering in 
antiquity. One now perhaps understands, why the rulers were put an antenna netting over 
their head, a so-called crown, or why the Augures could survey the land with a flat Tesla 
coil in their hands (fig. 16.10). 


Direct evidence is present as well. It can be found in ancient texts. But it is questionable if 
historical texts concerning ancient radio engineering have been translated correctly. The 
talk is about oracles, mystery cult and earth prophesy if the receiver is meant. The 
predominantly technically uneducated historians attest the Romans a defective sense of 
time, because their couriers surely could not cover the long ways across the Roman empire 
so fast at all, if they read in the Latin texts: "They sent by courier to the emperor in Rome 
and got for answer...". The answer of the emperor namely already arrived at the squad at 
the latest in the following night. The correct translation should read: "they cabled" or "they 
broadcasted to the emperor in Rome and got for answer..."""". 

Such a big empire as the Roman Empire actually only could be reined by means of an 
efficient communication. Cicero coined the word: "We have conquered the peoples of the 
earth owing to our broadcasting technology...“"""! The term broadcasting technology from 
ignorance is translated with piety. If engineers however rework the incorrect translations, 
then one will discover that numerous texts tell of the broadcasting technology, that thus 
correspondingly much direct evidence exists concerning the practical use of this 
technology. 


For the Roman military transmitters, which formed the backbone of the administration of 
the empire, the reading off of the information from observations of nature like the bird 
flight or from felt signals of a geomanter was too unreliable. They read off the information 
from the rhythm of the convulsions of the intestines of freshly slaughtered animals. In the 
case of the dead animals on the altar every extrinsic influence was excluded. But the 
enormous need of slaughter cattle was a disadvantage. Who wanted to have information, 
first of all had to bring along an animal, which then was ,,sacrificed" the god, or better say, 
which was abused as a receiver for a particular transmitter. Thereby the innards served as 
a biosensor and as a receiver for the news. 
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Fig. 30.5: Three radio technical network structures, with an 
example from antiquity and from present time. 
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30.5 Radio technical concepts 


In planning and constructing radio technical networks only a few possible concepts exist. 
It is interesting that at least one historical example can be specified for every concept. That 
shows that all possibilities were tried at least once. The three most important concepts are 
presented here: 


A. Cellular phone. 

Every bigger city between Euphrates and Tigris, which thought the world of itself, had 
at its disposal already in antiquity a temple tower. Such a temple tower was a 
, telephone cabin" in the form of a pyramid as a transmitter and a receiver temple at the 
top, to where the receptionist adjourned to the so-called temple sleep. Discipline was 
required, since all the time only one priest was allowed to broadcast. All others could 
listen to him doing so. If he was ready, he closed his contribution with a fixed symbol 
or term (,,over") and the next one could continue. This is a classic link-up, where 
anyone communicates with every network participant. 

The stations all were strikingly similar in form and size of building, like one phone box 
resembles another. In that way a further development of the cellular phone system 
hardly was possible and that has a technical reason, as the building of a tower in 
Babylon has shown us. This tower namely had gotten the ambitious builders too big, so 
that the frequency of the Mesopotamian radio network had been left and instead a 
foreign network could be received, the code of which no-one could understand. The 
result was a confusion of language and the order to stop the building. 


B. Broadcasting. 

Millions of TV spectators every evening look in the ABC news or another daily journal 
of a TV Channel. In the case of broadcasting thus many receivers listen to the news of a 
powerful transmitter. With that the whole plenitude of power is concentrated in the 
hands of the chief intendant. In antiquity he called himself high priest. If he went on the 
air, he used the logo of the god that he had to represent. Today the logo of the 
broadcasting company is shown in a corner of the TV screen. Even this very day 
feedback from the receiver to the transmitter hardly is possible contingent on principle. 
The problems with nationally controlled broadcasting, with politics controlled by the 
media all are not new. The monotheism in ancient Egypt with the claim of lordship of 
the main god Ammun Re is an example from antiquity. 


C. Dispatch service. 

In ancient Greece the technical structures and with that also the power structures had 
been turned around. At that time a big network of broadcast stations, which continually 
was extended by a policy of settlement ordered by the gods, supplied a central and 
correspondingly powerful agency with information per radio. 

Who wanted up to date news, could call for these in the agency with seat in Delphi, but 
he had to pay for it. To accommodate the broadcasting fees in form of gold and gifts 
whole treasury stores had to be built. Measured by the commercial success the ancient 
news network has remained unmatched, and can't be compared with pay-TV or todays 
dispatch services, like dpa. If the network however becomes too big, uncontrollable and 
it lacks discipline, then it sometime will crack and the system crashes. 
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Fig. 30.6 A: — Hera-temple of Selinunt 460-450 B.C.“ 
(Corresp. to the plans of the Roman architect Vitruvius) 
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Cella length L ik Aaa gaa acca frequency f= 9 MHz 
L=A/2 = 16,7m about 540 B.C. 


Fig. 30.6 B: Apollo-temple of Korinth™” 
(Alternative interpretation, use of the Golden Proportion ®). 





<i>: K.Schefold: Die Griechen und ihre Nachbarn, Propylaen Kunstgeschichte 
Berlin Bd. 1, Abbildungen von Seite 241, 250 


<i>: Vitruvius (Marcus Vitruvius Pollio): Zehn Bucher uber Architektur, Ubers. von 
Dr. K. Fensterbusch, Wissenschaftl. Buchges. Darmstadt 1987, 4. Aufl., 3. 
Buch, 1. Kap.: Von den Symmetrien der Tempel, Seite 137 


<i>: Vitruvius (dito), 4.book, 4.Chap.: Vom Tempelinnern und dem Pronaon, p. 187 
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30.6 Wireless telegraphy 


Radio engineering 100 years ago also started with telegraphy. Thereby the high frequency 

carrier is switched on and off. With this technique Marconi succeeded in a radio 

transmission over the English Channel (1899) and over the Atlantic Ocean (1901). 

As next step the amplitude modulation (AM) followed. Thereby the HF-carrier is 

overlapped with the low-frequency signal of a sound carrier in such a way, that the 
amplitude fluctuates on the beat of the LF-signal. As a disadvantageous effect, also noise 
signals will overlap, from which the quality of reception will suffer. 

Only the frequency modulation (FM), where the LF-signal is transmitted as temporal 
fluctuation of the frequency, brings an improvement. The annoying amplitude noise hence 
has no effect in the case of FM. 

It easily can be recognized, how the development of the modulation techniques follows the 

urge for technical improvement and optimization. That in antiquity hasn't been different, 

for which reason the progress of development took place in the same order. 


The broadcasting technology of the ancient gods started with the wireless telegraphy. This 
is expressed in the architecture. Since electric resonant circuits or other frequency 
determining equipment weren't at the disposal of the engineers in antiquity, the 
determination and allocation of the broadcasting channels had to take place by means of 
the wavelength. The formation of a standing wave in the Cella, the innermost sanctuary of 
a temple, occurs if its length corresponds to half the wavelength of the HF-carrier. 
The Roman architect Vitruvius calls the wavelength the ,,basic measure", from which 
results "the system of the symmetries". He writes: ,,The design of the temples bases on 
symmetry, to which laws the architects should adhere meticulously. "~~. ,,The length of 
the temple is partitioned in such a way that the width is equal to half the length, the Cella 
itself including the wall, which contains the door, is one fourth longer than wide. The 
remaining three fourths, which form the Pronaon, should protrude until the antae of the 
wall and the antae should have the thickness of the pillars". 

If we recalculate ourselves, then the partitioning in 3/4 to 5/4 produces a proportion, 
which conies quite close to the Golden Proportion. In building a temple nothing is left to 
chance, after all it concerns the construction of a tuned cavity, capable of self-resonant 
oscillations with favourable emission behaviour. 

From the outside one can't see if a telegraphy transmitter has been changed over to speech 
transmission with AM. The HF-carrier merely isn't switched off anymore, i.e. the priests 
let the temple oscillate without interruption. Newly added for AM is an electroacoustic 
coupling. For that many temples were retrofitted with a mouthpiece. Newly built AM 
transmitter temples conclude the Cella with a round apse. Because of this acoustically 
conditioned construction the Cella length didn't have a fixed value anymore and the 
transmission frequency had become variable. Measured in the middle of the apse the 
wavelength was larger than at the sides, so that on the beat of the spoken word not only 
the amplitude of the field distribution in the interior of the temple, but in addition also the 
frequency of the selfresonant oscillation was changed. 

A typical example of such an architectonic hybrid form of AM and FM is situated in 
Rome. Because due to the frequency variation more than only one wave band was 
occupied and the temple consistently carries the names of two deities. It is the temple of 
Venus and Roma. 
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Fig, 30.7: Temple of Venus and Roma; Rome 136/37 A.D.” 


<i>: A. Springer: Das Altertum, A. Kroner Verl. Leipzig 1915, 10. Aufl, S. 518 
<ii>: T. Kraus: Das romische Weltreich, Propylaen Kunstgesch. Berlin Bd. 2, S. 161 
<i>: Lamer: Worterbuch der Antike, Kroner Verl. Bd.96 unter "Tempel", Haufigkeit 
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30.7 AM temple technology 


The low-frequency signal (LF), which should be transmitted by a transmitter with 
amplitude modulation, lies in the range between 16 Hz and 16 kHz. If it only concerns the 
transmission of speech information, then the bandwidth can be reduced to 300 to 3000 Hz. 
In the case of mixing the low-frequency useful signal with the HF-carrier, thus in the case 
of the modulation of the carrier in the rhythm of the LF, two side bands arise. These lie 
close to the carrier frequency and are formed from this once by the addition and once by 
the subtraction with the frequency of the LF-signal. Let's take the temple of Venus and 
Roma with a transmission frequency of 6.8 MHz. If sound of 3 kHz should be transmitted 
clearly understandable, then the dimensions of the Cella had to be varied for just 8 mm for 
a corresponding Cella length of A/2 = 22 m. As a curiosity the niches in the side walls in 
the case of this temple however allow a considerably larger bandwidth of more than 10% 
instead of the necessary 0.04% in the case of AM. 

In the case of the Greek originals, the Cella however has smooth walls, from which 
follows that the temples were designed ideally narrow band. The Greeks apparently 
operated predominantly telegraphy transmitters, for which the side bands coincide with the 
carrier. 

The argumentation indeed has remained unchanged: The modulator being narrow band 
and simple to realize speak in favour of the telegraphy being the "original form" of all 
modulation techniques. Also the rediscovery of the broadcasting technology by Heinrich 
Hertz succeeded as telegraphy signal. In addition the range is bigger than for any signal 
modulated with sound frequency. 

As the calculation example has shown, also pure AM transmitters work very narrow band, 
and this is particularly important for low transmission frequencies, if many transmitters 
want to use the favoured SW band between 3 and 10 MHz at the same time. With AM one 
thus accommodates the maximum number of broadcasting channels in a_ particular 
frequency range, for instance the 80-meter band, without these interfering with each other 
too much. But that also was badly needed. Conclusions about the everyday life of 
broadcasting in antiquity by all means are possible because of the enormous number of 
temple installations, which logically were permanently used. Only in Rome there existed 
up to 200 temples“! 

Who goes in search of broadcasting stations with a modern short wave receiver, for 
instance in the 80 m band between the countless telegraphy transmitters, fast gets an idea 
of what had been up in the air already 2000 years ago. No ancient city would build several 
temples on a single Acropolis, if only one single one could have been used. All temples 
broadcasted with each time another carrier frequency because of different dimensions. For 
this reason the temples, which stood side by side, as a rule were dedicated different gods. 
An acknowledgement, "the air just being free", in addition hardly was possible, because of 
the often-found spatial distance between the temple installations and the respective oracle. 
Between the transmitter of the god Apollo in Didyma and the receiver, the oracle of Milet, 
for example lie approx. 20 kilometres. The only possible conclusion is that in antiquity 
there was broadcasted on all channels simultaneously regardless of other gods and their 
transmission frequencies. As is well-known there rather prevailed a situation of 
competition between the gods, since like today a large number of listeners meant great 
importance, influence and power and eventually also worship, more gifts and more 
receipts from broadcasting fees. 
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Fig. 30.8: Comparison of a magnetron (A), a microwave radio 
tube” and the temple (B) in the palace of the 
emperor Diokletian, Split.“"~ 
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Fig. 30.8.C: Temple of Minerva Medica, Rome, 320 OP a 


<i>: K. Simonyi: Physikalische Elektronik, 8.4 Das Magnetron, S. 665 

<i>: T. Kraus: Das rom. Weltreich, Propylaen Kunstgesch. Bd. 2, S. 194, 196 
<iii>: If one however wants to verify this, in antiquity already common manner of 
PM broadcasting technology, then we need a broadband short wave receiver 
with phase-demodulator. With such a receiver even today any time a 
conclusive argumentation should be possible that this sort of SW-PM 
technology actually works. 
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30.8 Modulation of acoustic signals 


In the case of sound it in essence concerns longitudinal waves, which propagate in all 
directions in space with the velocity of sound. But this merely is an average velocity, since 
the air molecules strictly speaking oscillate with the sound frequency in the direction of 
propagation. In this way the velocity of sound one time is increased and the next moment 
to the corresponding extent reduced. If the molecules already carry out oscillations of 
themselves, e.g. thermal motion, then both oscillations overlap; i.e. the motion of itself is 
modulated with the sound frequency. 

Following the here presented derivation potential vortices are formed in every dielectric, 
thus also in air, and these are modulated if overlapped with sound waves. Vortices 
however do not form a distinct frequency, but entirely on the contrary a uniform frequency 
mixture in the form of white noise. 

The overlap thus also is noise unless certain noise frequencies are favoured. This can be 
effected by means of a spatial body tuned to a certain wavelength. To be considered are 
cuboid cavities, as in the case of Greek temples or waveguides and cylindrical objects as 
in the case of round temples or magnetrons. The building form causes the favouring of a 
certain frequency and the integer harmonic frequencies belonging to it. 
If this frequency now lies in the high frequency range, then it is emitted by the spatial 
body as an electromagnetic wave, in the case of waveguides and resonant circuits for 
reason of the small dimensions as microwave radiation and in the case of the Greek 
temples as short wave radiation. If one in addition produces an acoustic signal in the 
frequency determining spatial body, then this signal automatically will modulate the high- 
frequency signal. 

The result of the modulation is the overlapping of the sound wave with the high-frequency 
carrier wave. The change of the active length, thus the wavelength of the HF-carrier 
causes a change of frequency. Such a change on the beat of the sound frequency is called 
FM (frequency modulation). For that we imagine a spatial body being excited because of 
its length by potential vortices to a high-frequency oscillation at the self-resonant 
frequency. 

From flow dynamics is known, how easy the distribution of vortices in space can be 
disturbed. Already words spoken in space are able to influence the potential vortices, 
which in the case of the temples were used as energy carrier. The longitudinal sound 
waves reflected at and thus returning from the Cella wall rigid for sound of a Greek temple 
will push these potential vortices back on the beat of the sound and with that shorten the 
active length. This means, that the carrier frequency is modulated with the sound 
frequency. The carrier oscillation thus permanently changes its phase on the beat of the 
sound signal, for which reason this particular kind of modulation is described as PM, as 
phase modulation. 


Nowadays PM is used only seldom and in the SW-range not at all because of the big need 
of wave bandwidth. Merely at higher frequencies PM occasionally is used in 
radiotelephony. In the case of the frequency modulation usual in broadcasting (e.g. UHF), 
the change of frequency takes place on the beat of the sound amplitude and not of the 
sound frequency as with PM. Therefore it is not possible to receive phase modulated 
signals, which are produced by means of the acoustic coupling of appropriately formed 
spatial bodies“"” with commercial FM receivers. 
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Fig. 30.9: The Pantheon in Rome, the ,,temple of all 
gods". 

Diameter D = 43,2 m, Golden  Proportion:®= 0.618 
Pronaon-(atrium-)length:0-D= 0.618 ¢* 43.2 = 26.7 m 


Built under emperor Hadrian 118/ 119-125/128 A.D. 
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30.9 Broadband FM broadcasting technology 


If I speak against a flat wall, then every point on the wall has another distance to my 
mouth. The sound waves thus aren't reflected simultaneously, what leads to big 
modulation distortions. Therefore the sound wall should be curved in such a way, that all 
signal paths are the same length (barrel vault, apse, etc.). In the case of point sound 
sources there results as an optimum a hemisphere, for instance a dome. The building hence 
even today tells us, which frequency and which modulation method had been put to use. 
The architecture of sacral buildings, e.g. pointed arch or round arch, thus hardly has been a 
question of aesthetics. 


For his temple of Venus and Roma designed by himself emperor Hadrian had to listen to 
severe criticism among others of Apollodor of Damascus. The temple was too broadband 
for an AM transmitter, however with a modulation depth of just 11 percent not broadband 
enough for a phase modulated FM transmitter. 

Emperor Hadrian however also had the courage to build midst in Rome a temple 
calculated completely new and designed as a pure FM transmitter, the Pantheon, which 
means temple of all gods. In the language of the technician it is a transmitter for all 
frequencies. 

This domed structure indeed doesn't leave out one single frequency. With a modulation 
depth of almost 100 percent it is designed for maximum loudness. With that the Pantheon 
uses all available frequencies, for which reason the name temple of all gods really is no 
exaggeration. Into the Pantheon exactly fits a sphere with a diameter of 43.2 meter. That 
corresponds to a minimum frequency of 3.47 MHz, situated in the range of the short 
waves. The floor however is not domed, but horizontal. That, up to the basis of the dome, 
results in exactly half the height and a maximum frequency of 6.94 MHz. 

The construction ensures that between the simple and the double diameter any desired 
wavelength can be produced. Above the given maximum frequency of the basic oscillation 
the harmonic waves, which are produced as well and can't be avoided at all, are attached 
without a break. These occupy the wave bands up to the double, triple, quadruple 
frequency and so forth. 

For this and only for this reason a maximum frequency was chosen, which corresponds to 
exactly the double value of the minimum frequency. The operation takes place to the limit, 
where the transmitter would interfere with itself, in the way that the used basic oscillation 
would overlap its own harmonic waves. That then sounds like two people talking at the 

same time. The voices would be distorted out of recognition, as can't be expected else in 
the range of the harmonic waves. 

The Pantheon has been planned and built as a phase modulated basic wave transmitter 
according to purely academic rules of Hadrian. The temple impressively demonstrates the 
precise engineering detailed knowledge of the Pontifex Maximus and his broadcasting 


<i> 


priests in ancient Rome”. 





<i>: A. Springer: Die Kunst des Altertums, A. Kroner Verl. Leipzig 1915, 10. Aufl., 
S. 517/518, daraus: die Zeichnungen ram Pantheon in Rom, 115-125 n.Chr. 
<ii>: The collection of material concerning scalar wave technology here is aborted 


and continued in an own book in narrative and with that easier to read writing 
style. The title is: "Broadcasting Gods". 
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(All) Many roads lead to Rome. 
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30.10 Epilogue 


The preparation for a seminar or a lecture always starts with a collection of material. This 
should be considerably more detailed than the material to be communicated, since it 
doesn't get well at the students and also other participants, if the state of knowledge of the 
lecturer already is exhausted with the scope of his lecture. For this reason the collection of 
material must also include alternative derivations and areas of knowledge, which 
thematically rather are marginal, about which mustn't be reported, which possibly not 
even can bear criticism but still are in the public discussion. For a collection of material, 
which wants to be considered to be comprehensive and complete, it is important that no 
area and no theme has been overlooked. 

The here presented collection of material with its 650 pages has become correspondingly 
voluminous. After all the material has been collected over an 8 year period and has been 
strung into the book in the order of working. That of course complicates reading the book, 
because individual aspects are repeated several times, but often also in a different context 
and each time lighted from another side. If the reader somewhere has the feeling, he only 
has turned in a circle, then has deceived himself. He indeed moves spirally in a circle, like 
in real life, but he doesn't come out there, where he started. After one turn he is richer 
with the experience of this spiral turn. In whole science the advancement takes place as a 
spiral movement and one can count oneself fortunate, as long as the spiral has an 
ascending slope! This notion should solace the reader, who has undertaken the torture to 
work through the complete collection of material. 

Students also have reported, they had devoured my book like a thriller and a colleague, 
who had acquired it at a conference in Switzerland, was digging so much in the lecture 
that he forgot to get off the train timely. 

It is a special concern to give reasons for the necessity of an extension of available field 
theory. To achieve this goal several derivations (fig. 30.10) can be found in my books: 
from a postulate, from causality, from duality, from vortex physics, from the equations of 
transformation, etc. added are at least a dozen derivations of other authors from various 
publications, who at most are cited. With that the goal is pursued that all approaches, 
which are conceivable and worth discussing, can be put side by side and tested for their 
efficiency. 

Since it isn't the task of a collection of material to answer this question, this must be done 
by the hearer resp. the reader of the books. He is prompted to find the answer himself! 
That leads to an intense contention with the theme and that exactly is the reason for the 
otherwise rather unusual step to make a collection of material open to the public. 
Objections and criticism of the content of a relation of matters or also only of the 
representation of the context is wished explicitly. This also isn't valued as criticism of the 
author or of the superordinated set of difficulties, which in principle isn't possible at all 
for a collection of material. 
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There in principle is no necessity at all to discuss with everybody a collection of material, 
which I have compiled exclusively for own events. It is absolutely sufficient, if few, but 
then qualified experts have thoughts about the content and communicate them to me. They 
can feel certain that I don't hand down their judgement to other persons. For that I also 
have been blamed by ignorant colleagues, who in complete self-overestimation have the 
opinion, they should be informed about everything. Right is rather, that my private 
correspondence is of no concern to anybody, since I find it important that as much readers 
as possible express themselves frank, what only functions, if they can feel certain that they 
afterwards won't be involved in public mud-wrestling. Therefore I keep still as regards 
other persons however curious they might be. 

Indeed over and over again pseudo scientists turn up, who have the erroneous opinion that 
scientific arguments would take place on some internet-forums, where one can descant at 
will and anonymous, hidden behind an alias, where the intellectual firebug can feel safe, 
not afterwards being blamed for his crimes. 

No, science takes place entirely different. A new theory will be able to establish, if it is 
right and important and if it is used for practical uses. Losers are those authors of a theory, 
for the elaboratation of which nobody is interested. What does a publication in a journal, 
however renowned, mean, if nobody reads it and nobody needs it? Most new ideas and 
approaches go under without notice in today's flood of publications, for who has got the 
time to read all essays in full? 

Desperate they turn to me hoping, at least I could understand their concern. I then invite 
these scientists to a congress of the ,,Society for the Advantage of Physics", of which I am 
the president and offer them a forum, where they are able to present their ideas to an 
expert public. Not all lectured ideas prove to be sound, but not seldom a physical concern, 
which should be taken very serious, is behind it. 

For a long time the real scientific controversy doesn't take place anymore at the 
universities and their congresses, where hardly someone dares to lecture arguments against 
the convention. Too fast he would be expelled as outlaw from the honourable society. 
From time to time however also from these circles colleagues dare anonymously or 
privately, as they emphasize, into the alternative events of lobbies or clubs, to astonished 
find out that real science there still is practised and that there is discussed about ideas, 
which they have given up thinking or have forbidden themselves to think about. The 
employment activity, so they excuse their thinking prohibition, allegedly doesn't allow it. 
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Fig. 30.12: Derivations of postulates and axioms (part 1). 
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Be that as it may, the approaches and derivations contained in my collection of material 
are considered to be controversial, and that is good that way! The public takes notice and 
professional circles are occupied with the ideas. With that half the way to success already 
is brought off! It now concerns to knock off all points for their soundness individually, 
because the next step will be to search a way to the goal as unassailable as possible, which 
is able to convince also the biggest sceptic. The final version, which then should appear in 
accredited peer-reviewed journals and in a scientific book concerning the theory of 
objectivity, goes in this direction. From the numerous approaches in the end only one will 
be used, and from the countless, in the collection of material listed aspects only the 
noncontentious ones will remain. 

The dispute, which in the current stage can't be avoided, yes even is desired, however 
shouldn't deceive about the fact that it here doesn't concern persons, improper vanity or 
some image cultivation, but simply and solely concerns the matter! 


In fig. 30.12 and 30.13 is represented, what it concerns. Field physics and quantum 
physics don't form, as in common practise, an insurmountable opposite, but even 
complement each other! Below the stripline a little selection of the today in current use 
quantum physical postulates can be found. The number of newly introduced ,,constants of 
nature" and postulates permanently is increasing, a circumstance, which hardly can be 
mediated to the common sense. The bracket is missing, which interlinks all postulates, or 
the common source from which they can be derived causally. 

In the progress of the three-part edition in this question, essential for physics, already a 
satisfying and in addition real efficient answer has been found in the domain of field 
physics. The coupling marked by individual derivations can be found above the stripline 
and it is entirely new, apart from the dashed indicated derivation (fig. 30.13), as given by 
Prof. Bosse (TU Darmstadt) in his textbook. 

An approach in principle can be chosen freely. In the case of the superordinated field 
theory two equations of transformation form the approach, which already is laid down in 
textbooks and secured experimentally. That's why the whole field theoretical derivation 
manages without one postulate! It is pointed to the fact that these equations on their part 
can't be derived and should be interpreted rather philosophically than physically. 
From this approach the extended field theory is derived directly, without a need to add or 
discard a term. The extended field theory consists of the well-known law of Ampere 
extended with the dielectric displacement D by Maxwell, and of Faraday's law of 
induction, which experiences an extension with the vector of potential density b by means 
of the derivation. Doing so we assume that the field pointers of the electric and the 
magnetic field strength depend on the spatial coordinate r and through this indirectly also 
on the time t: E(r(t)), H(r(t)). 
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Fig. 30.13: Derivations of postulates and axioms (part 2). 
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If the somewhat more general case is counted up, in which case apart from the spatial a 
direct temporal dependency is present (E(r,t) and H(r,t)). then further additional terms 
appear in addition to the extended field equations, which need an explanation also for the 
case that they are zero. The physical interpretation would implicate a longer treatise, 
which however can be circumvented, as shown here, by constraining the field pointers, 
which absolutely is allowed according to the slogan: for the case E(r(t)) and H(r(t)) 
chosen from many possibilities the extended field equations come out exactly in the form, 
as they are required and suitable for the further calculations. Who has got to calculate 
other cases, can do that as he likes, but doing so he should not get lost. 
Maxwell's field equations are contained in the solution and with that also continue to be 
valid. Their disadvantage however is that without the extension b not a single quantum 
physical postulate can be derived. If we add this extension and insert the equations into 
each other without addition and without cuts also this time a central solution is the result, 
which is called fundamental field equation. 

The derivation is known as well from the Maxwell theory, in which case it is common 
practise, to use the general approach (E(r,t) and H(r,t)), what we in accordance with the 
textbooks can do in the same manner. The extension however brings two additional and 
extremely significant terms. Since the fundamental field equation has eigenvalues under 
certain boundary conditions and describes structures, various quantum postulates come out 
from it, from the quantum properties of the elementary particles over the Schrodinger 
equation and the inhomogeneous Laplace equation up to the derivation of the Golden 
Proportion. That justifies the assumption that this possibly is the long sought-for world 
equation! 

Even I, as the initiator, was totally surprised by the found derivation of the most important 
quantum physical postulates and axioms. One just is doing it the right way and already 
everything fits together! I am not aware of any theory, which would be able to achieve 
something roughly comparable. The since long sought-for ,,Theory of Everything", the 
big unification theory really falls into ones lap. The known interactions are the free and 
easy result of analysing the field lines of electric and magnetic field strength (fig. 30.12). 
Physical phenomena, which until now were considered to be incompatible, like e.g. 
waves, noise or the temperature with the utterly insufficient concepts of the mechanisms 
for the conversion of one form of energy into another, can be represented consistently with 
the fundamental field equation as the rolling up of a wavelike field oscillation to a vortex 
oscillation and as conversion of the noise vortices in the case of a vortex contraction down 
to atomic dimensions as thermal oscillation, which we treat as vortex losses. 
There exists no alternative to such unified schemes of things, as makes it possible in 
abundance the theory that I have founded, considering the two conditions, that on the one 
hand in the case of the derivation only known regularities are used, by completely doing 
without postulates and that on the other hand laws are applied and adhered to, also 
physical laws. 

The new schemes of things, which sound unfamiliar, thus already were contained in the 
laws of physics. After this now having been realized, the tables turn. Now the explanations 
by postulates, as they at the moment still are being taught, should be replaced by the 
newly derived ones, if one doesn't want to become a breaker of the law! There doesn't 
lead a way past the overdue reform of physics anymore. 
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D-78112 -St. Georgen /Germany 
Fax.: +49-7721/51870 


email: meyl@k-meyl.de or: meyl@fh-furtwangen. de 


Internet: http://www.k-meyl.de or www.meyl.eu 


The list of deliverable books (for ordering books over the above 
given address, Fax, Mail or postcard suffices): 


* 


* 


* 


Wirbelstrome, Diss. University Stuttgart 1984, ISBN 3-9802 542-0-8, 14 
Potentialwirbel Band 1, 1990, ISBN 3-9802 542-1-6 (German), 14 
Potentialwirbel Band 2, 1992, ISBN 3-9802 542-2-4 (not available) 


* — Elektromagnetische Umweltvertraglichkeit, Teil 1, 2 and 3 (German), 
ISBN 3-9802 542-8-3, 3-9802 542-9-1 and 3-9802 542-7-5. Each 16 


* Scalar wave technology, 2003, documentation and manual to the 
demonstration-kit and to the experimental-kit (translated and copied). 


Sendetechnik der Gotter, historischer Sciencefictionroman, (in German) 
1 Aufl. 2004, ISBN 3-9802 542-5-9, 


* Neutrinopower, Johannes von Buttlar im Gesprach mit Prof. Dr. Konstantin 
Meyl, (Discussion in German) Argo-Verlag 2000, 


(A bill is enclosed in the delivery.) 





Fig. 30.14: Contacting address and list of deliverable books 


Table of formula symbols 


lable of formula symbols 
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Electric field Magnetic field 
EE V/m Electric field strength H A/m Magnetic field strength 
D As/m?_ Electric displacement B Vs/m? Magnetic induction 
u sV Tension voltage ao. Current 
« As/Vm_ Dielectricity: ¢ = e° & u Vs/Am Permeability: uy = pr’ po 
Q As Charge > Vs Magnetic flux 
e¢ As Elementary charge m kg Mass 
wy Ss Relaxation time constant "1 #8 Relaxation time constant 
of the potential vortices of the eddy currents: 1; = s/o 
other symbols: 
A m2 Area Q Nm =J Heat energy 
a m Distance r,R m Radius, 
b m Width radius of the earth 
‘ m/s Speed of light Te m Radius of the electron 
Co m/s Speed of light in vacuum s Nms Spin . 
C,  As/V Capacity of the electron t s Time, time to orbit 
Cp J/K Heat capacity yi K Temperature 
a m Thickness U Nm Potential energy 
k,W Nm Energy Ue. V Tension voltage 
i l/s Frequency of the electron 
F N Force v m/s Velocity 
G m*/kg:s?. Gravitational constant Vv m* Volume 
g m/s? Gravitational acceleration Ww Nm Energy 
of the earth w N/m? Energy density 
h m Height We. Nm Energy of the electron 
h Nms Planck’s quantum ofaction Z - Number of the involved 
hn Nms Quantum of angular elementary vortices 
momentum: h = h/2z Wave length 
j A/m? Current density @ sl Angular frequency, 
J kg-m? Moment of inertia angular velocity 
Jo? kgm?/s Angular momentum o Vm/A Specific electric 
» Nm/K Boltzmann constant conductivity 
\ m Length p kg/m* Density p=m/V 
m kg Mass Pa As/ m3 Electric space charge 
M kg Mass of the earth density 
n,v = 1,2,3.. Running parameters y (r,t) Complex wave function 
N - Constant  (r) Function of space 
oO m? Surface area coordinates 
Pm Am? Magnetic moment oO Golden Proportion 
Definitions: 
Speed of light c = 1/,] e*p m/s 
Speed of light in a vacuum cy = /J &’ Hy m/s 
Moment of inertia (orbit) J = m+’ kg-m? 
Mom, of i. (homogeneous sphere) J = (2/5)m-r? kg-m? 
Angular velocity @® = v/r=2-n/t 1/s 
Surface area of a sphere O= +n m? 
Volume of a sphere V = (4/3)-r* m? 


Concerning vector analysis: 
fiold print = field pointer (vector); 


further information in fig. 5.0 in part 1 


636 Concerning the literature 





Prof. Dr.-Ing. Konstantin Meyl: 





Scalar wave technology 
for the transmission of electric scalar waves 





Abstract: 1. Auflage 2000, 2. Auflage and Ist English edition 200 


This book is recommended to people, who search the entry into 
the world of the by the author discovered potential vortices and 
their propagation as a scalar wave by experimental means. It 
starts with the instructions to six extraordinary experiments. 
Doing so an electric radiation is proven, which transmits energy, 
and that even faster than the light. Also more energy can arrive at 
the receiver then is put into the transmitter. Who entertains a 
doubt, will be able to understand the experiments with this book 
in his hand, to afterwards test the experiments with the gauge, 
which he is familiar with. 


The 1* edition in English at first only includes the instructions 
for the experiments. In a subsequent edition it will be 
complemented with a collection of test protocols and progress 
reports. These are organized into three groups: one group is 
striving to explain the behaviour of the transmission line 
conventionally, a legitimate concern, which in a number of points 
also is able to convince. A second group only is interested in those 
phenomena of the experiment, which can't be explained 
conventionally and which prove the existence of scalar waves, 
whereas the third research group continually strives for new 
spectacular experiments and practical applications. 


Documentation 


Belonging to the experimentation and demonstration kit 
for the transmission of electric scalar waves 


INDEL GmbH, Verlagsabteilung, Fax: +49-7721-51870 
Tel.: +49-7724-1770 


Postal and ordering address: 


1.TZS, Prof. Dr. K. Meyl, Leopoldstr. 1, D-78112 St. Georgen/Schwarzwald 
www.k-meyl.de mevl@k-meyl.de 
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The suitcase for experiments from Transfer Centre St. Georgen: 


Scalar wave transmission according to Tesla 
Bidirectional signal and energy transmission’ with 
longitudinal 
waves faster than light in a resonant circuit 





Get to know the Teslaradiation and its fantastic properties 
personally. Demonstrate, what no textbook of physics is able to 
explain! 

The experiments, which 100 years ago still were extremely 
complicated, today fit into an aluminium suitcase, which can be 
acquired by purchase. Test yourself the historic statements and 
perform the following experiments: 


* transmission of energy and information 

¢ effect back from the receiver on the transmitter 

¢ proof of free energy (1 to 3 times over-unity) 

¢ scalar wave transmission with app. 1.5 times the speed of light 
¢ tunnel effect or the lacking to shield the waves 

¢ disproval of the near-field interpretation. 





The kit is offered in two versions: 


As a demonstration-kit for 800.- Euro Gncl. VAT) 

With this the 6 experiments can be carried out without further 
aids. (Target group are judges, doctors, architects, interested 
laymen, etc.) 


and as an experimentation-kit for 1400.- Euro Gncl. VAT) 
with three different Spulensatzen, Frequenzzahler and 
zusatzlichem material. (Target group are physicists, engineers, 
handicraft enthusiasts who like to experiment, etc.) 





Weitere Informationen zum Set und zu den Biichern, zu deren 
Inhalt und zu _ Vortragsveranstaltungen im _ Internet unter: 
http: //www.k-meyl.de and www.meyl.eu 


INDEL GmbH, Verlagsabteilung, Fax: +49-/0- 7721-51870 

Tel.: +49-/0- 7724-1770 
Postal and ordering address: 
L.TZS, Prof. Dr. K. Meyl, Leopoldstr. 1, D-78112 St. Georgen/Schwarzwald 
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640 Concerning the historic science fiction novel 





by Prof. Dr.-Ing. Konstantin Mey]: 





Sendetechnik der Gotter 


Konstantin the Great is inaugurated in ancient send _ receive 
engineering by his teacher in the Roman emperor palace 304 A.D. 





Abstract: L.Auflage 2004(in German) 


* Has god Apollo in Delphi broadcasted at 5.4 MHz? 

¢ Were the Greek temples telegraphy transmitters? 

¢ Were the temple priests amateur radio operators? 

* Was Homer radio reporter by order of the gods? 

¢ Were the oracles receiving stations? 

* Have oracle interpreters deciphered the transmission code? 
¢ Which bridges did the Pontifex Maximus build? 


All are questions, which are dealt with and explained in detail in 
30 lessons. In the year 304 A.D. we witness, how the later Roman 
emperor Konstantin the Great is inaugurated in the secret 
broadcasting technique of the gods by his teacher. It is an 
exciting time of upheavel, because the old telegraphy is almost 
dead. The intestines of animals to sacrifice, from the convulsions 
of which the radio signals are read off, are scarce goods. 
Instead radiotelephony should be introduced, which had been 
tested successfully with the Pantheon in Rome _ by emperor 
Hadrian. 

But new dispute is initiated: should broadcasting be introduced 
or rather cellular phone? But those, who tamper around without 
licence, are chased and fought as always. 





When the book is available in English, you will be informed per 
internet: 


www.k-meyl.de www.meyl.eu 
INDEL GmbH, Verlagsabteilung, Fax: +49-7721-51870 
Tel.: +49-7724-1770 
Postal and ordering address: 


L.TZS, Prof. Dr. K. Meyl, Leopoldstr. 1, D-78112 St. Georgen/Schwarzwald 
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Thoughts from Thinking Hearts: 


“Curious by nature, ina life so uncertain 

Thirsty for the truth, which is so certain 

| sought for some water in our Vedas - the fountain 

Though | can’t understand fully what it contains 

lam amazed & speechless with what | could ascertain 

This is just a speck of dust from that golden mountain 

Thankful to my family for helping me in what | could attain 
Grateful for the wisdom and works from all the chieftains 

Wish I repay every atom of it through my gratuitous tearstains” 


This effort is to share what | read, understood and enjoyed about the scientific aspects in 
ancient India which are codified in our language, arts and in 1000s of temples. The quotes and 
examples are predominantly in Tamil but | have tried to give the meaning which can enable a 
reader to grasp the meaning and progress. Any shortcomings you notice are purely reflective of 
my abilities to understand and express. There was not even an iota of intention to hurt any 
sentiments or beliefs of others. A piece of my mind is available @ 
http://ragsgopalan.blogspot.com 


| initially thought that | shall reproduce a prayer from one of the books which | had read but at 
one fine moment | decided to capture my feelings in my own words. So | scribbled few lines in 
English summing up my feelings as above, few lines for the Sage of Kanchi and a prayer in Tamil 
with its meaning in English. You may understand this prayer better after you read this book. 


January 2012, Version 1.0 


Please feel free to copy and reproduce in whichever form or shape as you deem fit without any 
acknowledgements. In fact see how much of this can you share to dispel the ignorance. The 
more you share the better. © 


If | have acknowledged any books or authors please recognize them and ensure that you either 
buy their books or donate to their cause. They deserve all the credits. 
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A divine soul 
With a noble goal 
Walked this earth 
When divinity was dearth 
Beyond any treasure's worth 
To avoid our death & rebirth 
Seek his guidance & grace 
For he shall ever embrace! 
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(IPHev eusw1ssio (Prayer) 


2 ONONGLO CLN6VLOITE), LIFLOGILITG OT G&ITEVLOITE) 
AQNVTC HT SPEMICULISTINITE), §PGLD 2 svoTifcleucormiré) 
2 CNGCO SPCNOTEMLITE), spClLOITeMh 6p CUOMEOULITE) 
AL VT BLL WOMCOT, HOFEYMS SITEVLOTH) 
(Mind is the source, primordial god’s particle as the form, 

The luminescent space, the Pranava as consciousness 
Consciousness as the Om’s Light, Om’s Light as Om’s sound 


Isnt time a pulsation that’s the dance of Lord of Dance?) 


SITEVGLO F6VLOITE), F6EVGLOE GCaeirevioré) 

G&ITEVUGLD EITEVLDITE), QFMLLD WfhGLOT4) 
GBITEVGLD CLDCVLOITE), HMYL 6o1- 94, 6011hG LOT) 
BGONCE Hoorn HOG HIG 61 GTC HTL Lor) 
Time creates Rhythm & order, Rhythm creates shapes 
Shapes become universe, the beginning and the end 
Universe merges with source, it is awareness & bliss 


Ever searching for the feet of the divine & graceful mean 


AQNVMCMMGEV LOSVITEDO/LOITE), LOSVOTEVONIG EL Edi 6vOTEDO/LOITE) 
AQNVITOVONGEV STEVOTOVOTLOITE), STOVOTCVOTGLD ST6VOTEDOY/LOITE) 
STEOTOONIG 6D STOOTEO)EOTEITOVOT STOO BOVOTEOONGEV LOCUONIL/LOITE) 
UTLOGOLI GILITUR ENITIL! SPIRIGLO MLOeveATIg. GLI M GEuTG Lb! 
The mass in energy (Space), the energy in mass(earth) 

The energy as thoughts, our thoughts as numbers (octets) 

To me find me within me, he who stands as my eye’s pupil 


Beseech his feet who is devoid of may blemish 


ADUVGESO YGIO HUNT, HIIEGHIOO FUNGQYLD HEU 

HI NGOGEE (HID HUM, HTOQMDCLIED 4 (H1D BOI6060T 

COMMTONG F/ONCVMEUET HEUGO ET, HIb LOGE FONCVEUCT DEUCE 

BD AHNYEE QibM ot Howe, QUTYLITGLD GuTMHM|GeurGLo! 

The one who is dancing in the microbode, the one who is sleeping in arangam 

The one who is wearing snakes, the one who is dancing on a snake 

The one who is consort of Goddess Bhairavi, the one who is the Lord of goddess Lakshmi 


Beseech his feet, the one who kills our mind’s tamasic darkness 
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1. TIME = SPACE SERIES. PART 1 - INTRODUCTION 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


“Abheda Darsanam Gnanam’”. Nothing defines what wisdom is better than these 3 words. Experience 
of unity / oneness in all is wisdom. The roots of Indian wisdom are captured in these 3 words that 
everything in this universe is the manifestation from a single source, and we can call it God or 
Consciousness. This naturally leads us to one of the mahavakya “Pragyanam Brahma” which means 
“Consciousness is god”. But for people who are stingier with words and wants these 2 concepts to be 
put in just one word, then it is called “Advaita”. 


It is not very often that nature reveals itself its absolute oneness and the un-manifested 
interconnections. You consider yourself fortunate when you come across such knowledge in however 
small measure, even if it happens very rarely and even if you have an illusion that you have understood 
something. It has been very overwhelming for me to come across some of the details | have been 
reading and hearing and the dots | could connect — some of which | had decided to write as a book. 


If you are interested in knowing how scientific ancient Indian Sanatana Dharma is and how well we have 
codified nature’s secret in our languages, arts and temples and if you are interested in any of the 
following questions then you may like this book. Most of the aspects stated here as scientific proof has a 
reference to one or more of our scriptures and | would refer and quote them at various places. 


e Would you be surprised to know that the size, shape, color and characteristics of God’s particle 
are very clearly documented in our scriptures at least 12000 years back? What the scientists at 
CERN are spending billions of $, is well documented and we will discuss the characteristics of 
God's particle in this book. 


e Would you want to know how Time = Space and more over time is nothing but the vibration of 
space? If | tell you that this was known us Indians at least 12000 years back and currently 
available in a written form would you believe? 


e When you throw a stone in water / pond the ripples that form take the shape of a circle (in 2D) / 
sphere (in 3D). Can you guess what the shape of the ripple would be if you throw the same 
stone in space? 


e What is the similarity between Poetry, classical music, Classical dance like Bharatanatyam, 
Sculpture and a building? Apart from the fact that we don’t clearly understand any of them in 
depth what is the similarity? Would you be surprised if | say that all are essentially the same and 
in fact a well constructed building is nothing more than a frozen music and the relationship 
between all the above confirms to a single grammar documented 12000 years + back ? 
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e¢ Would you be interested in knowing how E = mc’ an equation stated by our great Einstein has 
been known to us for years and not just that but we know the root of this energy and how to 
engineer it with precise formulas? Would you be surprised that this is the basis our language? 


e What if | say that the age of the universe, every astronomical unit of the bodies, big bang theory, 
string theory, God’s particle etc are all documented and they are all codified in our temples? 


e You would have heard about the golden ration ® but do you know the philosophical significance 
of ® and how it is derived? Moreover would be interested in knowing the significance of key 
numbers and ratio like 0, 1, 5, 8, 9 and V2, V3, V5 ? What is | say that 3 can be correlated 
with “lyengar Namam”? Does it sound funny? What if there is a deep mathematical and 
philosophical significance? And how are all these ratios related? 


e As a wise man said that ‘Mathematics is the language of the gods”. What if this formula is 
codified in our texts from which we understand the God’s particle, its shape, characteristics and 
its manifestation? 


e = What if | tell you that sound is a subset of light and sound merges with light at a point and that is 
at the root consciousness? Any non-takers for this? 


e If you agree on the above then Sabda Brahman or the belief that sound is god merges with 
something higher, isn’t this contradictory? Also why many religions did believed that “Word is 
god”. Was it a mere belief or was there any scientific reason behind it? 


e What is the correlation between Carnatic music and a human being’s height? 


e What if | say that the Mayan from South America and the Mayan from South India are one and 
the same? 


These are some of the questions which might get addressed in this book. | am going to quote a series of 
references and books and links to understand and learn more about these topics and | would request 
you to utilize them if you are interested in these topics. 


This may not only refer you to the experts but also can help you overcome any weakness | have in 
understanding and articulating some of these topics. Some of the topics may touch upon religious 
beliefs (mostly Hinduism) but if you read with an open mind you would notice the underlying science 
behind it. 
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| would be happy if any of these blogs motivate and inspire you to explore the roots of our tradition and 
knowledge and give you an insatiable hunger for knowledge, wisdom to pursue the nature and its 
secrets. 


May the ancient Sanskrit quote “May | meditate on the supreme truth “Satyam Param deemahi”, 
resonate within you as it does within me. 


Happy reading! 


PS: 


Abheda Darshanam Gnanam, Dhyanam Nirvishayam Manam; 
Snaanam mano mala thyagam, Showchamindriya Nigraham", says the Upanishad. 


The real Gnana is seeing all as one, real Dhyana is controlling the Manas from all temptations, the real 
snana or Bathing is Cleansing of All Mindly impurities, not physical impurities alone and real Showcha or 
cleanliness is controlling the Indriyas, this controlling of Indriyas, emotions, weaknesses and 
temptations. 


1am also quoting parts of Kahlil Gibran here, 


Your hearts know in silence the secrets of the days and the nights. 

But your ears thirst for the sound of your heart's knowledge. 

You would know in words that which you have always known in thought. 
You would touch with your fingers the naked body of your dreams. 

And the treasure of your infinite depths would be revealed to your eyes. 
But let there be no scales to weigh your unknown treasure; 

And seek not the depths of your knowledge with staff or sounding line. 
For self is a sea boundless and measureless. 

Say not, "| have found the truth," but rather, "I have found a truth." 


2. TIME = SPACE SERIES. PART 2 - SOUND MERGES IN 
LIGHT 


What if | say that “Sound is a subset of light”. Scientifically you may agree that both are electro- 
magnetic vibrations at different frequencies in the spectrum though one may not be the subset of 
another. 


So, What if | say that every other frequency is the subset of light? | am sure many may disagree. Some 
of the religious pundits may claim that “Sound is god” which | am not disputing but “light too is god” 
and as we progress towards the primordial state sound merges into light. 


Let me try to explain this with a simple exercise. Please sit in a place with a calm mind — few deep 
breaths may help. 
e Imagine that | am TALKING to you and avoid thinking that you are reading this blog. 
e lam going to TELL the following 5 words and you are going to LISTEN to it. Please just observe 
what happens within you. 
o CAT, BOAT, MOM, DEVIL, BEST FRIEND 


The following are the fundamentals of perception as per Hindu scriptures: 


e Every word has a meaning (Let us ignore the so called meaningless words for the time being.). 
e Every meaning invokes a form or shape within our mind. 

o For example when | say “MOM” you associate this word with your mother and the 
picture / image of your mother is perceived inside. You need to be little more observant 
to understand this. The fundamental principle is that 

o “Every word is first associated its meaning then the meaning is associated with a 
form. The form is associated with a Guna (Quality) and then the quality or Guna is 
associated with its experience. What is stored inside is just the experience. 


Let me TRY to explain the abstract concept of consciousness as below: 


e Consciousness / existence exist in 3 states (deeper explanation is 5 / 7 states but we will 
discuss the simpler alternative). 

o  Formless state called Experience / feeling / bhava. This is the super conscious state. 

© Gross state with form which has physical attributes. This is the conscious state. 

© In-between state (Not formless and no form) called Guna state which has subtle 
quality attributes. This is the Subconscious state. If this is difficult to comprehend for 
you please imagine “Egg” which is in-between the formless and state with form. 
Gotcha? 
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Let’s look at an example. Rose is a flower. When someone tells you “ROSE” then the following happens: 


e The sound “rose’ associates with a flower usually. (| am ignoring it being a name of your girl 
friend ©). So here the word is associated with its meaning. 

e This flower is associated with red color and perhaps with thorns. Here the sound does not exist 
anymore but only a form. Yo!, the sound has merged into light. 

e The third step is - this form is associated with a quality which is fragrance of a rose. For 
someone sensitive they can smell the rose when they think about it. How else could we salivate 
at the thought / smell of a favorite dish if this step does not exist? 

e Now the last step is, this quality invokes an experience and hence a feeling. This rose may be 
associated with your inner self for love and hence the emotion of love surfaces. This is called 
Bhava / Rasa in Sanskrit. 


If you are not clear about this then please do not move to the next part and think or discuss about it. A 
little contemplation would help you understand this 5 stage process of perception. 
‘SOUND — MEANING — FORM — QUALITY (GUNA) — EXPERIENCE (FEELING / BHAVA)’ 


Our ancient forefathers knew this science and interconnection. Let me now quote these Slokas as an 
example from Bharatnatyam, which talks about this linkage. 


Kanteenaalambayet geetam, Hasteenaardham Pradarsayet, 
Chakshurbhyaam darsayeet bhaavam, Paadaabhyam taalamaacharet. 


According to Nandikeshara the dancer should sing with the mouth, express the meaning of the song with 
hand gestures, her eyes should express the emotions or bhava, the tala, the beat or rhythm should be 
done with her feet. Further he goes on to say — 


'Yato hastas tato drushti, Yato drushitis tato manaha 
Yato manahas tato bhavo, Yato bhavas tato Rasaha' 


'Where the hand goes, there should follow the eyes, Where the eyes move, mind should follow it, 
Where the mind follow, Bhava or emotion is created, & lastly when Bhava is created the sentiment or 
Rasa will arise.' 


All the Mudras or gestures represent word when held at a particular position around the frame of the 
body and when used in a particular way. 


Alas we Indians have ignored this great science & art and its linkages and are like ignorant fools 
following the meaningless western tradition and dances! 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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3. TIME = SPACE SERIES. PART 3 — VAAK-ARTHA - 
IMPORTANCE OF WORD 


‘SOUND — MEANING — FORM — QUALITY (GUNA) — EXPERIENCE (FEELING / BHAVA)’ 


In the 5 stage process of perception, one important factor which | missed is the “Self / EGO” which 
interprets the Guna to an experience. For example when | say Dog, the ‘Self’ interprets Dog to a loyal 
friend or a bike chaser or a rabbies generator. Essentially what is the quality of dog mean to me? If you 
understand this process this explains the uniqueness between individuals or the root cause of 
differences in a society. 


| am also going to add but not going to focus on the fact that the inputs are never limited to sound and 
when see a picture the process of perception starts with step 3. Just to poke the individuals who think 
“Sound / Word is the only god — Sabda Brahman, please tell me - when you see a picture and when 
there is no sound associated with it, where is God as Sabda Brahman in this situation? 


Does that mean that the very important Hindu belief that the Sound “Om is sabda Brahman or god” 
does not hold any meaning? It certainly does and | shall share my thoughts on it — continue reading. 


What is the importance of Word? 
The greatest of Indian poet ‘Kalidas’ said 


"Vaak artha viva samprakthov vaakartha prathipathaye 
Jagadha: pitharov vandhe parvathe parameswarow" 


he compared Lord Shiva and Shakti like sound (Shakti) and meaning (Shiva). Both sound and meaning 
are inseparable. You would now understand the wisdom behind this sloka since there is no sound 
without a meaning. Also Sabda Brahman merges with the Artha Brahman and both are inseparable. 
Here Artha Brahman is the light and the meaning of the word. Remember we say that ‘Throw some 
light” when we don’t understand something. 


In Tamil QUMm(deM (porul) means “a thing” and it also means “meaning”. We will see how 
LIQLOG\LM(@Ben (Paramporul) is the Lord Shiva as a God’s particle and how he is referred to as the 


meaning too. The same applies to Sanskrit where “artha” means wealth / things — remember 
Arthasastra? And it also refers to “meaning” as in the above sloka. How rich these languages are? 


And in Abhirami Andadi, bhattar sees devi as "Arthanareswara" and confirms us that the grace of 
devi will brings us both richness and mukthi. "Sollum porulum ena nadamadum"... 
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A word is made up of letters called Akshara in Sanskrit. The meaning of Akshara is that which cannot be 
broken down further. ie. Word can be broken down to letters but it cannot be broken down further. A 
letter has a form like “A” and has a sound associated with it. This means the light and sound are merged 
in a letter. As per the principle stated above in the process of perception, the primordial state is one 
where light and sound is merged into each other. 


If you don’t dispute the philosophy that everything merges into god at the primordial state and at this 
state, sound and light are inseparable, and then you would agree that an Akshara is God / Brahman. 
Each letter has significance and meaning in Indian languages especially Tamil and Sanskrit. A word is a 
combination of Form (Light), Sound and meaning and these are first 3 aspects of perception which 
takes us from a gross state to a formless subtle un-manifest state. 


Hence the statement from New Testament “In the beginning was the Word, and the Word was with 
God, and the Word was God” reflects the same principle. 


But as per Hindu scriptures Veda is the breath of god (not word of god) or the aural vibration of 
consciousness cannot take you to the state of moksha. Words don’t take you to God, it can help you in 
the process but has its limit, since the sound and meaning merges into something else as we move 
towards more subtle space. 


This is what my friend Kambar said in Kambaramayanam as “Geugs(Lpld (ILpige| Sievert 
QLWHAUTCSeT OeueMeumOsWs) LOT HUT FOOL HS uNTHoms LoMuUUGHM!!. This means that the 
supreme truth who could not be found by Vedas came and solved the problem of an elephant, can 
someone dispute this? 


Every word or Akshara has four states Para, Pashyanti, Madhyama and Vaikari. Vaikari is the fourth 
state where the sound is audible to us. If | recite something mentally then the sound has 3 states only 
and these 4 states signify as to how a feeling (bhava) becomes thought and thought becomes form and 
then a sound. Just note here that as per Frank outlaw, it’s the thoughts which are primordial but as per 
our scriptures it is feeling or Bhava or deep rooted desire or also known as vasanas which drive your 
thoughts. So Frank’s quotes are half baked plagiarism. 


In a work called Tarka Samgraha, we have classified 9 different physical attributes (substances / 
dhravyas) and 24 different qualities / GUNA in all. If you are interested reading more about this, please 
read these blogs or the original work. 


http://ragsgopalan.blogspot.com/2010/09/vedic-perspective-matter-and-its_ 14.html This is a 3 part series. 


http://ragsgopalan.blogspot.com/2008/11/part-1-perception-art-of-seeing-things.html This is a 2 part 





series. 
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To summarize this topic: 


e Broadly consciousness exists in 3 states. 

e The process of perception if understood well would throw a lot of secrets about nature. 

e The 5 stage process of perception “Sound — meaning - Form — Guna — Bhava” is a simplistic way 
of portraying this. 

e Sound merges into light and light is worshipped as God in most of the religions and belief. We 
can explore little more of this in the future sections. 

e A word is a unique combination where Light, Sound and meaning merges and hence it is 
considered as god. This word represents Arthenareeswara or yinyang or Star of David. 


In the future sections let us explore as to what is the relationship between Maths and God and some of 
the critical numbers and its philosophical and scientific significance. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading 
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4.TIME = SPACE SERIES. PART 4 — SCIENTIFIC 
LANGUAGES — TAMIL & SANSKRIT 


One of the main reasons | believe as to why our wisdom has degraded so much in the last century is our 
ignorance and reluctance to learn our rich language. Our language offers richness not just in literary 
sense but is supremely scientific too. | am going to touch upon just 3 to 4 aspects of it which | knew and 
understand at a fundamental level and request you to learn your mother tongue well. 


Many of my friends don’t exhibit a sense of remorse when they say ‘I can understand Tamil but can’t 
read or write it’. | wanted to tell them how much in life do they miss in terms of knowledge and 
richness. This is not just about Tamil but every major Indian language is rich in its own way. Since my 
mother tongue is Tamil, | am going to articulate some of the science in it. 


Vigyan / Vigyanam (61116001 @hIT6OTLD)_ means Science: 


But most importantly for this series | wanted to take the word called Science as meant in Tamil and 
Sanskrit. A word always can be broken down to its dhatus for its exact meaning in Tamil and Sanskrit. 
Some examples below: 


e Science in Tamil is Vigyanam and in Sanskrit is Vigyan. This is split as Vin and Gnanam / Gyan. 
Vin means space and Gyan means knowledge. Hence according to Indian system science 
means it is the nature / knowledge of the space. This has very deep significance since western 
science has not agreed the existence of space for a long time and their gross and materialistic 
approach prevented them from seeing the most subtle component and its nature. We were 
masters of it ages back. Most of the questions in Chapter 1 would be answered based on the 
knowledge of space — Vigyan. 


e Universe is called as Brahmanda in Sanskrit. Brahma + Anda which literally means a big egg. This 
means we knew that the galaxy is elliptical in shape ages back and it required hubble telescope 
in 1950 to tell us that. 


e Bhoogol means Earth (Study of) / Geography — This Splits as Bhoo +Gol. Bhoo means Earth and 
Gol means round. We did not throw stones at a scientist as late as 17° century when he said 
that earth is round and not flat. We would have laughed our heart out and ignored him. 


Be it the age of the universe, all of the astronomical measurements, health, spirituality etc, many of us 
need a white skin with blue eyes to tell us that what we knew was right and they have certified it. When 
we decide to come out of this mentality then the process of reclaiming our rich heritage shall start. 


Origin of Universe and linkage with Tamil: 


The initial evolutionary process for the universe consisted of 5 stages states Aintiram. You can imagine 
that these are the movements of particles during the Big bang. They are SILA PHev, QiMipsHev, 


GiUMipHed, 2 ipHev, SMP Hev. 


e = Withdrawl (Amizhdal) 

e = Imizhdal (Overflowing) 

e Kumizhdal (clustering round in an order) 

e Umizhdal (Emitting) 

e Tamizhdal (resulting into a well defined form) 


These are the first stages from the Big bang till a well defined shape is formed. Now the last level is 
called Tamizhdal which results in a well defined form. This state has emanated from the Pranava and 
not been created by some one. Hence a language as rich with the sweetness of inherent order, 
originating from the luminosity of the original particle is called Tamil. Tamil is word based on the final 
resultant state called Tamizhdal (SHAD Hev). 


| shall address the other 2 interesting aspects that include a Chicken and Egg analogy for Energy and 
matter conundrum in the next blog. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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5. TIME = SPACE SERIES. PART 5 — ENERGY & MATTER 
CONUNDRUM 


Energy and Matter concept in formation of letters: 


The concept of Energy and matter is not new to us and does not start with Einstein’s days of E=mc’. Let 
us look at how our letters are formed from Aksharas then people would know that the concept of 
Energy and Matter is old as our language. In Tamil there are two kinds of Aksharas 2.UN oT (1D 5 Hl - 


Uyir Ezhuthu (Life / Energy letters — 12 letters) and GLOW oT (1D 5H - Mei Ezhuthu (Body / Matter 
letters — 18 letters). Both put together it is 30 letter pack for Tamil as alphabets. Now both have to 
combine to give letters called “body with life” which are called uyir mei Ezhuthu. This combines to form 
18*12 which is 216 letters as Uyir Mei Ezhuthu. For example 6+ 9] =& in Tamil and & + 37 =H in 


Sanskrit. 


So the formation of letters itself is a science where Matter (Body) combines with Energy (Life) and 
then the living organisms (Body -— life letters) are formed. 


| want to ask you a Chicken & Egg question here which is very relevant to today’s scientists. Did the 
energy come first or is it the matter that came first? Modern science is still scratching its head. | can 
answer this question in 2 ways, first is obviously using language as a science. 


e Inthe above example 6+ 9] = 6, & is the body and 9} is life. So as per our language sciences 


be it Tamil or Sanskrit the matter is formed first and then the life came and attached to it. This is 
very well documented in Tamil scriptures as follows: 


2PLDYL oT DUNT us! Pormieus) QusedGu - AHmevHMUMwWd . This is over 2500 years old which 
states that life comes and joins a body in language and this is nature. 


QnWOwWiTEA 2uNATTa Acuapj Ae QuscevCu - YH md. This is over 12000+ years old which 
states that same thing and adds that body is like light and life is like sound and they merge and this is 
siva’s nature. This certainly means that both Body and life are not formed at the same — as popularly 
believed. Life comes and joins the body to give a living being — in the above case the letters are the 
living beings. 
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The second reference | am going to take for the same concept is our Yogic / Siddha / Ayurvedic science 
as to how fetus is formed in mother’s womb. As per our (Siddha) belief the conception of a child in a 
mother’s womb happens as follows: 


e The first organ that is formed for the fetus is the cells of the Eyes (Single Eye). This eye cell 
starts vibrating due to its heat and multiplies as 2 eyes and then as the whole body. This is the 
vibration seen in the initial days of the fetus and not the heart beat. As per modern medical 
science the heart takes shape only by the end of the 8" week and not before. | am requesting 
someone to validate this. 

e Life comes to this body at the 3 month of conception only. This is the belief as per Ayurvedic 
and Siddha science. 

e Instances of the third month natural abortions are very high than the later months based on the 
above reasons. This means that the life is not destined for that matter / life force is not 
sufficient enough. 

e How many of you know that the size of eyes never change as you grow and stays the same 
from the time we were born, while all other organs undergo growth? 

e Also the eyes hold a very important significance in the spiritual science which | shall address 
later. The eyes are the seat of Sun god and are characterized by heat and light. 


It is through the heat in the eyes the subtle became a gross living being in this world and if the living 
being wants to merge back with the subtle — which is the process of Samadhi then the living beings 
should use their eyes, increase the heat in the eyes and start the devolution process. This is a supreme 
secret kept by the sages even in today’s world. You may want to ask any spiritual school as to why they 
recommend meditation with eyes fully or half open instead of closed eyes? Ask yourselves why the 
free masons and other secret societies use eye as one of their symbols? We shall address this later. 


Now you want to answer the Chicken and Egg analogy to the Energy and Matter conundrum based on 
the above 2 thoughts, we can conclude it is the matter which came first. We shall try to explain this 
based on Space sciences a little later. 


Masculine and Feminine names based on ending letters: 


| am also going to give you as to how Indians distinguished masculine from feminine names. Kanchi 
Maha periyava, the Sage of Kachi had explained this beautifully in his “Arul Vakku”. | am giving a gist of 
it here just to conclude this: 


e Masculine names: All the names shall end with the phonetic a, im, in , ir, aha etc. Examples are 
Ram, Shyam, Raman, Kannan, Kishan, Vivek, Adam. So phonetically names like Catherine is a 
masculine name because it ends with “in” phonetically. 


e Feminine names: All names ending with phonetics aa, e, |, oo etc. Examples are Radha, Ramya, 
Savithri, Gayathri, Uma, Rosy, Isabella etc. Same way phonetically Joshua is a feminine name. 
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Vishnu and Lalitha sahasranamam follows this rule and hence one invokes Shakthi as lalitha and the 
other invokes Purusha as Vishnu. 


Just to conclude this part, | think we looked at how science is an integral part of our language formation 
and for us science has always been about the knowledge and nature of the space and we believed that 
space manifested itself as the physical world. So in the next few parts we shall look at how this 
manifestation has happened and other interesting aspects. 


| would conclude this part with a earnest request that please encourage your kids to learn their 
mother tongue — to read and write and you would not have done anything better than this to advance 
their spiritual growth and adding richness to their life. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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6. TIME = SPACE SERIES. PART 6 — THE UNFOLDING SELF 
- UNIVERSE HAS EVOLVED AND WAS NOT CREATED 


As per many scriptures in Hinduism this universe has evolved from itself and not created by someone. If 
you want to quickly ask as me as to what Brahma, Vishnu and Rudra mean — | would attribute them to 
different process heads in this evolution. They are all different aspects of the same consciousness based 
on their state of being in the process of evolution / devolution. This is my understanding but let us avoid 
this discussion here. 


Here | am _ indebted and thankful to the nobel soul Late. Dr. Ganapathi Stapathi, 
(http://www.vastuved.com/life.htm) who not only unraveled the Vaastu science — the science of Space and 
time but also brought to light 2 important books which were over 12000+ years old written in Tamil by 
Mahamuni Maayan. 


Mamuni Maayan _ is believed to be the same person who is popularly known in South America as 
Mayan and the 2012 phenomenon based on Mayan calendar. Dr. Ganapathi has established proofs that 
the pyramids in Middle East, the temple architecture in India and the structures in Mexico and 
Guatemala confirm to a single Science and Mathematics seen in all these works. 


At the end of the blog | am listing few books which helped me understand this topic but most of the 
books (Aintiram and Pranava Veda) are out of print now and if you are lucky, you would get some of 
them. Now let us understand briefly how this evolution process has come about. According to Mayans’ 
Aintiram: 


e The free space is the unified field of energy and matter and source of all forms that we see in 
material world. That is why we were defined science as Vingyanam. This space consists of very 
minute particle called Vinporul, nunporul, Sittrambalam, Paramanu, Oliporul, Microbode 
(ANeMQuUTBET, HsooTQuTReT, AMMLOuUEoLo, UPLOTSD), ¢pefluGuUMBeN) and in 


many names. You can pick what you like. |am going to use Paramaanu in the rest of the blog. 


e The whole process of evolution is a 5 stage process. (Keep noting the importance of 5 and at the 
background remember Shiva is represented by Panchakshara mantra (Na~Ma~Si~Va‘~ya). 


So what is the five stage process? 
oO This space is called as Moolam (Source). 
o This Moolam starts vibrating and this vibration of the space is called Kalam (Absolute 
Time and not physical time. We will refer this as time only). 
o This Kalam (time) vibrates to a mathematical resonance called Seelam (Rhythm). 
This Seelam as it resonates creates Kolam (Shapes — Circles, cubes etc). 
o This Kolam becomes our visible Universe which is called Gnalam. 


(e) 
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e So it is MOOLAM (Source) — KALAM (TIME) — SEELAM (RHYTHM) — KOLAM (SHAPE) — GNALAM 
(UNIVERSE). (LP6DLD - SMELL - Sev - G&Mevw — EHMEVLD, these are 5 stages of 
evolution. 


This means that the Space itself becomes spatial forms and time is the instrument that creates, sustains 
and destroys. Lord Siva in Tamil is also called as Kalan (&IT6V60T) as to who controls time since Kalam 
SITEVLD is time. 


To put it differently, un-manifest state when pulsates becomes absolute time and this is the creative 
energy. The process of pulsation confirms to a mathematical order and we will see this order in detail 
later. You may now understand the phrase that “Time creates, sustains and destroys”. Since if there is 
no pulsation then nothing happens. 


For those who need quote from a foreigner to convince themselves of this can be referred to the 
Bertrand Russel’s quote “What we perceive as qualities of matter are differences in periodicity”. 


| shall quote some from the oldest literatures for reference below: 
BTEVGLO TMEUAGLO CLNSLOD, STEVGLO elpev 94, Mev 
STevGLW Cares CSTMML, SrevGL E|levs CHmMMwW.. Maha muni Mayan from Aintiram 


SBIVEIACM &6vo1TSFW VIM... Time splits as Maths in proportion it pulsates. 


Vyasa says in Adi parva chapter 1, shloka 249, says the same thing that Time Creates, sustains and 
destroys everything. 


kalah srijati bhutani kalah sanharati prajah 
sanharantah prajah kalam kalah shamyate punah!! 


The same is quoted as “Vastur eva Vaastu” which means the un-manifest Paramaanu which is called 
Vastu (with Single a) becomes Vaastu (gross form — with two aa). You can relate this Vaastu as the 
building science which is grossly misused and misrepresented and commercialized in today’s TV 
programs. We will address the science in it later. 


| shall leave this part with this thought, the space is considered as Nataraja (Shiva) — subtle component 
and Ranganatha is considered as the Earth component. So Shiva and Vishnu are two aspects of the 
same seed. We will see more scientific proof of this later. 


"Shivasya hridayam vishnur, Vishnoscha hridayam shivah:" and 
“Shivaya Vishnu rupaya Vishnave Shiva rupine" 


Vishnu is the heart of Shiva and likewise Shiva is the heart of Vishnu and they both are the representation 
of each other. 


Now if you are clear about the five stage process of evolution we can delve into each and every aspect 
of this in little more detail that would answer everything. 


Ref: Check out all the ones here. Key recommendations are item 6, 11, 14 and 43. 
http://www.vastuved.com/publication.html 
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7. TIME = SPACE SERIES. PART 7 — THE CHIDAMBARA 
RAGASYAM & THE GOD’S PARTICLE 


There were 2 questions | had confronted myself when | was reading these passages. They are: 


e Why did the unmanifest space energy started pulsating and became absolute time? 

e What did the unmanifest space energy contain? Was it a point of singularity as the modern 
scientists wanted us to believe? If so then how much mass was concentrated in that point which 
is obviously very difficult to believe. 


The answer to the first question is here “The self unfolds itself for its self - Bhagavad Gita”. There is no 
convincing answer to the rational mind as to what the reason that the consciousness which was passive 
decided to become dynamic and started pulsating. So let’s leave this for the time being. 


But the second question is answered very comprehensively. But before we get into the details of what it 
is, | want you to check Figure 1. This gives the overall picture of evolution and the five stage process. | 
also want you to recollect the “EGG” state which is called as the GUNA state where in the form and 
sound manifests. They say that this pulsation started with OM. This OM as popularly believed is just not 
an aural form but also has a visual form and that is light. We will discuss about this later in detail. 


But let us focus on the actual second question as to what the contents of this Space energy were: 


e The space is filled with Paramanu or Microbodes which are tiny particles. These are the God’s 
(Higgs Boson) particle our CERN scientists are after. http://en.wikipedia.org/wiki/Higgs boson 


e Now, we are probably a year away before CERN publish the results when this blog is published. | 
would not be surprised to see the results of that experiment is closely aligned with what is 
available in our scriptures and produced in this blog. 


e The primal manifest form of the unmanifest is a square (primal wave pattern). This is the shape 
of the Paramanu or Microbode. This is very luminescent, means filled with light and on a 3D 
plane this shape is a Square Cuboid. 


e A Square Cuboid is a shape which is equal in all sides — say of unit measure which is the smallest 
measure possible and has 6 faces, 8 vertices, and 12 edges. You can start figuring out in 
Hinduism, why the idols of Lord Shiva and Lord Muruga has six faces, 12 eyes, hands etc. 


e You may want to note that 6 faces can be represented in 2 ways as below. Figure 3 is Lord 
Muruga’s star or a Star of David in 3D which has 6 faces and 12 edges, popularly known as 
Tetrahedron. So don’t be surprised if the Boson Higgs particle is of the same shape. 
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MAYONIC SCIENCE AND TECHNOLOGY 
SCIENCE OF MANIFESTATION 
THE PROCESS OF MANIFESTATION 


OF SUBTLE ENERGY INTO EMBODIED ENERGY 
(Science of form generstion and form figuration) 
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Vaastu Purusha Mandala 
Sx6= 64 


TRI-DIMENSIONALLY EVERY PARTICLE OF SPACE 
IS A SUBTLE CUBE OF ENERGY, CALLED CHITRAMBALAM or MICRO-ABODE 


within which there is a ‘shat of light or [B) shaft of consciousness’ vibrating or 
performing a ‘rhythmic dance’. This is the dance of the DANCER, GOD SHIVA. 
The whole universe is filled with subtle cubes of energy called KARU or BINDU or FOETUS. 


* Brahman as defined by Mayan, in his astronomical treatise calied ‘Surya Siddhanta’. 


Figure 1: Science of manifestation 
(Courtesy: Pranava Veda by Mamuni Mayan — 12000+ years back, recreated by Dr. Ganapathi Sthapati) 
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Figure 2: A cube with all equal sides Figure 3: A tetrahedron (from Internet) 


e The free space is packed with cubical atoms of energy. They are building blocks of the structure 
of the universe. So what is clear is that all these atoms existed in a “resonant state of non- 
vibration” before the so called “big bang” happened or the pulsation started. 


e It did not burst out of a single point as popularly believed. Alternatively, in space every point 
is the center. When the pulsation started these cubical atoms underwent a shape change and 
manifested as shapes and forms. 


e This cube is called as micro-abode called Sittravai / Chittrambalam (mini hall in Tamil). This is 
secret in Chaidambaram, Sage Appar (Chidambara ragasyam) realized. Chidambaram is a Shiva 
temple associated with Space energy and when you go to sanctorum you would not find any idol 
but just empty space with some lights there. This is to signify this concept of Paramanu which is 
luminescent and is a Cuboid in shape. This is the smallest particle possible and can be called as 
‘God’s particle”. 


e The micro space, in the cubical shape is fetus or Garbha. This is known as Vinkaru in Tamil. This 
micro abode is the repository of light and sound. 


e The free space is Light and the Light is Moolam or source of the universe and universal forms. 
Light is Brahman, Atman, Vastu Brahman — Nunporul in Tamil. 


In the subsequent blogs we will correlate String theory, Brahma Sutra, Nataraja, Vishnu and how they 
are all contained in order and proportion in pulsation. 


Happy reading! 


Ref: A good read Fabric of the universe, Jessie J Mercay. 


Ir 


8. TIME = SPACE SERIES. PART 8 — CHARACTERISTICS OF 
THE GOD’S PARTICLE (PARAMAANU) 


This part is going to be a bit controversial hence read it with an open mind. Per our scriptures when 
analyzed deeply we can state that “At the beginning it was just Consciousness (Pragnanam) that was 
luminescent with unmanifested potential energy and residing at resonant state of non-vibration. This 
energy was un-manifest and was present as Paramaanu or Microbode or Vinporul aka a subatomic 
particle. Yes! It was a particle without vibration and was at resonant state of non-vibration. 


The entire Space was supposed to be filled with these particles only and these were primal potential 
matter which is ever lasting. 


Now let us ask few questions and see how our scriptures answer this: 


1. What was the shape of this particle? 


We have already answered that. In 2D it is square and in 3D it is a cuboid with all equal sides. Please 
note that in space it is always 3D and not 2D. It has 6 faces, 8 vertices, and 12 edges. This is known is 
current scientific community as Tetrahedron. 


2. What is inside the Microbode or Subatomic particle? 
This is a very interesting question. Our scriptures say that it is purely space inside but with an energy 
grid. 


3. What is this energy grid and what is its shape? 
It says that it is an 8x8 energy grid inside this microbode. This essentially means it is a square energy grid 
of 64 squares inside this Paramaanu. 


4. What is this color of this Paramaanu? 

It is luminescent and hence the golden color of the light is what it is associated with. “Hiranyavarnnaam 
harineem..” says Sri Suktha in the vedas, confirming the color of this Paramanu. Their variations exist 
but the fundamental one is of golden color. 


5. What is this size of this God’s particle? 
It is calculated to be ~133 nm. We will see this in detail later. 


6. What is the significance of the energy grid? 

For the time being let me state that anything subtle is a function of 8 and anything gross is a function of 
9. Let me also add that iChing — which is a Chinese divination book and the hexagram which deals with 
the Science of the subtle is in an 8x8 square matrix. The mental game Chess is played in an 8x8 square. 


You would find 8 is the number or dimension for the subtle. We will see the importance of 8 and 9 and 
how beautifully these proportions adorn everything in nature in our daily life. 


7. Are these particles faster than light? 

Frankly | have not read a direct answer to this question but since this particle itself is light the velocity of 
this particle cannot be faster than light. This is my opinion. Modern experiments are suggesting that it 
could be faster than light. In Mahabharatha, Yakshaprasna, the Yaksha will question this to King 
Yudhishtra as to “what is fastest thing in this world”? King Yudhishtra would reply as “mind”. 


Some of the sages have interpreted that since Consciousness is omnipotent and ever connected - the 
communication is seamless, instantaneous and not subjected to the concept of distance. The example 
given is if there is a pain in your leg, it does not take time to travel to your head. It is instantaneous and 
hence the whole universe should be considered as a living organism. 


So to conclude on this question the particles are not faster than light but each particle is filled with 
intelligence and consciousness (just like a human cell) and their communication to anything is not 
subject to concept of distance. If our scientists come back and tell us that these particles are faster than 
light, then wait for someone else to tell us a little later that it isn’t faster than light. © 


8. Ok. Who has seen these particles and give me empirical proof? 
RAARS Wet afetena ee ara | (Paramaanuriti proktam Yoginaam, drishti gocharam) says 


Mayamatham. This means the microspace or Paramaanu is visible to the trained contemplatives and 
meditators only. One quick example as proof is the Temple in Chidambaram which represents Space 
tattva where the temple is built around the concept with enough documentation on it. 


But we have been trained under Lord Macauly’s education system and how can we accept this as proof 
which is subjective and superstitious. If | may ask please tell me how many of us have seen the electrons 
or protons? Do we not believe everything when someone tells us in English? 


It is true that because of its existence we can see its manifestations and results of some experiments in 
our day today world. So we will look at tons of manifestations which we have been in nature as we 
progress. | would like us to be philosophically very clear as to what these things mean which we have 
been blindly following. For the time being please note down your questions and | am positive that this 
would be answered in due course. 


Our sages have not only seen this, but have given the dimensions of this and the mathematical formula 
to manage this energy. We will see all of them. After reading all of them if you still don’t want to believe 


in our scriptures, then may be CERN’s result if it’s in the same lines would prove it for you. 


Happy reading! 
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Brahma ape (the first belt Brahma pada (the first belt 
around the central energy point) : 22=4 padas including the central square 
Deivika pada (the second field of energy) : 3x3=9 padas 
concentric belt ) : 12 padas Deivika pada (the second 
Maanusha pada (the third concentric belt) : 16 padas 
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wonnaesaens= concentric : 32 padas 
mee — ater 
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Figure 4: MANDUKA MANDALA - 8x8 (subtle form) & PARAMA SAYIKA MANDALA — 9x9 Gross forms 
Courtesy: Dr. Ganapathi Sthapati 
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9. TIME = SPACE SERIES. PART 9 — LIGHT, GOD’S 
PARTICLE AND GOD 


“At the beginning it was just Consciousness (Pragnanam) that was luminescent with un-manifested 
potential energy and residing at resonant state of non-vibration. This energy was self manifest and was 
ever present as Paramaanu or Microbode or Vinporul aka a subatomic particle. This is omnipotent, 
omniscient and omnipresent. 


Ignore religion for the time being and just look at this particle’s characteristics scientifically. It is Eternal 
(Anaadi), primordial (Aadi), without any quality (Nirguna), it cannot be reached / grasped by thoughts 
(Achintya - since thoughts as energy are much more gross than this and we would see this), it cannot be 
measured (Aprameya), Luminescent (Jyothi swaroopa), its omnipotence, omnipresence (Visvam) and 
Omniscience is already known. So said the mahavakya Pragnanam Brahma! 


All the characteristics of the particle are attributed to a personality or a state by the founders of 
religions. Hindus called this state as Paramasiva or Purusha. Hence everything subtle is called 
Sivamayam. The essential pulsation which started and the universal evolution began was called as 
Parashakti or Prakruthi or Maya. We will talk about the Shakti aspect later. 


This subtle un-manifest energy evolves to become universe which is gross. This gross energy also 
known as earth is called as Vishnu and the subtle energy is called as Space / Akash / Heaven. So the 
term became “Sarvam Vishnu mayam Jagat”. Please note that it is just Sivamayam and there is not 
Jagat there. Since it is all subtle and there is no Jagat which is gross. But it is Vishnu Mayam Jagat. 


| need to add that every sect in Hinduism has named this God’s particle with a different name. Narayana 
has replaced paramasiva in Vaishnavism and so on. In Hindu temples there are 2 prime idols — Moolavar 
and Archakar - The Moolavar does not undergo any archana or any decoration and it is always for the 
Archakar for which all poojas are performed. This god’s particle refers to the Moolavar and not 
Archakar. 


To my knowledge, every religion and every sage / saint has agreed with the fact this fundamental 
particle or energy unit is LUMINISCENT. Note that there is no sound or word in this ...yet. Let us see few 
quotes on this (there are thousands of quotes): 


e Be it vedic culture, Zoroastrians, Greek or any major culture fire / sun god which represents 
light is worshipped. 

e “Om Jyothi rasaha” says Vedas 

e In Gayatri mantra you meditate on the supreme light to illuminate you. 

e = Vallalar said “Arutperumjyothi, Arutperumjyothi” which means mighty graceful light. 
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e If therefore your eye be single, your whole body shall be full of light. Mathew 6:22 
e Thirumoolar states brilliantly that who realizes that the light (physical light which means the 
world) merges with light (subtle light), he has realized SIVA. 


spofuiles spaNCurw sPGmiAlw eurm.o 
AsxZefuio qoiGy Ae ASHT SMG - 124 


So what has happened to the Sabda Brahman here? It has merged with the Artha Brahman which is the 
light. What can you use to represent this state? 


Light represents Form and our eyes represent Light / Form. So obviously sound is represented by ears. 
When sound has merged with light then it means Eyes and ears are merged together. 


Can you think of anything that represents this state? This concept is captured by representing a 
Manduka (Frog) or Sarpa (Snake) always. Since for a frog and a snake the ears and eyes are merged. 
Manduka Upanishad, represents a knowledge of this state. And obviously the 8x8 square / cube 
represent the most subtle energy as an energy grid is called as Manduka Pada / Mandala.. 


Now the same aspect when it is applied to a gross form / body or a building then it is a 9x9 energy grid 
and it is called as Paramasyika Mandala. At the gross level the same concept as applied is the WORD 
where Light (form) and sound and meaning merged into one. You cannot separate them. We will look 
at this later. 


Unfortunately we have lost the science and we neither understand the philosophy nor the symbolism 
behind this supreme science but we made fun of the fact that the supreme science is named after an 
absolutely menial creature like frog which is used only for zoological lab studies across the world or ends 
up in the dinner plate as it does in far eastern countries. 


| would like to conclude this section by stating (may be a little controversial) that First it was 
Consiousness as the Vinkaru, Microbode, Sittrambalam, Nunporul, subatomic particle which was 
luminescent. Later the concept of God evolved out of it. 


So God is not light, but the right of saying it is “the primordial aspect of “luminescence” has been 
adopted as God... 


So, of the 5 fold evolution process we are still at the source (Moolam). We will see the concept of time 
and the mathematical science in the subsequentparts. 


MOOLAM (Source) — KALAM (TIME) — SEELAM (RHYTHM) — KOLAM (SHAPE) — GNALAM (UNIVERSE). 
(CLDEDLD - SITEULD - FOULD - GSMevLd — EHIMEVLD) 


Happy reading! 


o. 





Figure 5: Lord Nataraja in the Manduka Mandala (8x8 grid) (Courtesy: Dr. Ganapathi Sthapati) 

Our next topic is Nataraja and String theory!, so check out this picture. | want you to note the light / fire 
in the left hand and sound / damru in the right hand. If you notice little closely, you would find a central 
line along the picture’s sternum and all the parts have minute measurements from the central line. 
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10. TIME = SPACE SERIES. PART 10 — LORD NATARAJA 
AND THE STRING THEORY 


“The self unfolds itself for its self - Bhagavad Gita”. 


This self unfolded itself with a pulsation and this pulsation is the start of Absolute time (KAALAM). As | 
said nothing to my knowledge tell us clearly as to why this pulsation happened. This is the point of 
singularity in the scientific language and the event is termed as Big Bang. Just as | expressed earlier it 
was an event of primordial pulsation and not of an explosion which threw away mass because of the 
explosion into the space. 


The entire space existed with its subatomic particles and this pulsation made the space to vibrate and 
this vibration was rhythmic and led to the evolution of this universe. Popularly known as “That one 
became many”... and ..Vastur eva Vaastu. 


This pulsation happened because of the Pranava or the first pulsation resulted in the Pranava - both 
conceptually right. So at the time of this primordial pulsation 2 things happened: 


e The absolute time started. This is called Kaalam. 
e Primordial and the most sacred Pranava emerged. 


Both these happened simultaneously and it is futile to ask whether Kalam created Pranava or Pranava 
created the pulsation. In many of the texts it offered as Pranava that created the pulsation. So let’s go 
by that. 


e This is the reason that Pranava / Primordial Om is so sacred in Hinduism. 
e = =This Pranava had manifested in 2 forms: 
o Luminescent form as OM the Light. This is the source of all visual forms. The 


primordial form is represented as 6p LD in Tamil and 3% in Sanskrit. 


© Aural form as Om the sound. This is the source of all aural forms. | should say that this 
is more popular form compared to the luminescent form. 


Now this concept is very important, since in the Pranava meditation they say us to meditate on the 
silence after the word OM and also mediate OM as light, OM jyoti rasaha in vedas. 


So, when I say that sound merges into light, it is all the aural form merges into ITS luminescent form. All 
luminescent forms merge with the Paramaanu which is also luminescent. | am reproducing this passage 
again for emphasis and clarity. 


e Sage Thirumoolar states brilliantly that who realizes that the light (physical light which means 
the world) merges with light (subtle light), he has realized SIVA. 


gpPofuiles spahCuru seGmiAlwi eunrm.o 
AsxZefuio QeiGy Aeuw ASHT STGLO - 124 
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| have read many times over to understand this concept and | would suggest that you allow this concept 
to sink in. 


Now let’s come to the 8x8 energy grid of the Paramaanu and imagine that it is pulsating because of 
Pranava and this Pranava has both light and aural form. 


e They say that this pulsation is rhythmic and symmetric. 

e When something is Symmetric, then there has to be a central line along with the Symmetry 
comes. For example if our right and left sides are symmetric then the body is divided along the 
sternum & backbone. 

e Within the 8x8 energy grid / hall there is a vertical luminous shaft called Brahma Sutra (Oli 
nool). Sutra in Sanskrit and Nool in Tamil means Thread / String. 

e This Olinool / Brahma Sutra is a shaft of consciousness also called Moolathoon / 
Moolasthambham. 

e This shaft of consciousness vibrates in a particular order called rhythm. This is the order of 
nature. 

e = This rhythmic vibration of the shaft of consciousness is the dance of Shiva, the CELESTIAL 
DANCE / THE COSMIC DANCE / THE DANCE OF EVOLUTION of the LORD NATARAJA. 


Look again at the picture of LORD NATARAJA, he is drawn inside a 8x8 Manduka mandala (now 
you know what it is), his left leg is raised suggesting a movement from left to right. Imagine that 
he is going to land the left leg to his right side. 


Why should he suggest that he is moving from left to right? 


His left hand holds light / fire and his right hand holds Drum / Damru / Sound. The process of 
Evolution which starts with the absolute time and Pranava is fantastically represented pictorially. It 
suggests that the evolution process starts with the rhythmic dance of the PARAMAANU in a 8x8 
energy grid and this process evolves first as light and then as sound. This light and sound creates 
further forms and the entire universe. 


It is very easy to answer as to why sound evolves from light? We all know that the light is at a higher 
frequency and velocity than sound. This is the same reason we see lightning first then hear the 
thunders. 


So let’s summarize the DANCE OF EVOLUTION of LORD NATARAJA: 


e From being un-manifest the Pranava emerges. Or the Pranava evolves the un-manifest to 
the manifest and starts the cycle of evolution. 

e This leads to a pulsation which is called as the COSMIC DANCE / CELESTIAL DANCE / DANCE 
OF EVOLUTION. 

e = This pulsation is rhythmic and symmetric. 

e The luminescent shaft of consciousness is called as Brahma Sutra or popularly called as 
String theory in the modern science. 

e The process of creation evolves from the dance as light then sound evolves from light and 
then all the visual and aural forms in this universe. 


il? 


If this is so then the process of dissolution should be that Lord Nataraja’s right leg should be lifted 
suggesting a movement from right to left isn’t? 


Look at the majestic picture suggesting the DANCE of EVOLUTION and the DANCE of DISSOLUTION as 
below: 
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Figure 6: LORD NATARAJA / DANCE OF EVOLUTION Figure 7: DANCE OF DISSOLUTION 


In my opinion there is nothing more scientific in this world that is pictorially represented about the 
evolution of universe. You should read a book called “The Tao of Physics” by Frijat Capra where as 
physicist he explains how he experienced this and highlights the dance of the quantum particles in space 
corresponds to the dance of Lord Nataraja. 


Now this central shaft of Consciousness is called Brahma Sutra and according to our scriptures every 
Paramaanu has this string, which means every being, matter, inanimate things in this universe including 
the tiniest of subatomic particles have this string / sutra. In the future parts we will see the Maths 
behind this sutra and the pulsation but let us look at what the modern science says about Superstring 
theory here, http://en.wikipedia.org/wiki/String theory. You can read it how many times ever you want but 
this theoretical postulation is a direct adaptation of the cosmic dance and our Brahma Sutra and nothing 
more. 


Now check out Lord Nataraja at the CERN hitp://www.fritiofcapra.net/shiva.html 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 
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Now you may understand as to why | started this series with the above line. We have a very rich past 
that is most scientific and it is left codified in a form across thousands of temples in India. Let us just 
open your eyes and understand the scientific meaning around it. 


If you are so far surprised at our richness and advancement, please wait till we will get into real hard 
core mathematics and geometry of our nature in the subsequent parts. 


May that “Sutradhaari” dispel our ignorance and reveal to us the secrets of nature. 


Happy reading! 
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11. TIME = SPACE SERIES. PART 11 — VASTUREVA 
VAASTU AND E=MC7 


We have seen that the universe in its un-manifest state is filled with luminescent cuboids and there was 
a trigger in the form of Pranava which started the absolute time and gave forth visual forms and aural 
forms. 


This process of evolution is depicted very nicely in the following diagram: 


Form of Brahmam Transitional forms of Brahmam Brahmam as 
As Absolute Space the material world 


(~~. FEES 





Figure 8: Transition forms of Brahman (Coutesy: Dr. Ganapathi Stapathi) 


The square (in 2D) which is an 8x8 energy grid became a 9x9 energy grid which is manifest / gross. The 
transition forms were an octagon and a circle. Aintiram suggests how this transition takes place. Current 
physics accepts that a pulse and a sine wave can be created from each other and this happens because 
of simple addition of harmonic frequencies. 


The primordial pulsation initiates a rotational force and this rotational force as it gains momentum 
converts the square into a circle and if you notice that the octagon is just an in between state 
between a square and a circle. 


We see confirmation of the details of this manifestation process in Chapter 9, verse 8 of the Bhagavad 
Gita where Lord Krsna describes His manifestation process to Arjuna: 

“orakritim svaam avastabhya visrijaami punah punah”, meaning “Curving back onto myself, | create 
again and again...” 


What it suggests is that the essential shape of every gross form in its natural state is a circle (in 2D) anda 
sphere in (3D). This is the reason we find every planetary body is almost spherical in shape and this is 
also the reason as to why the ripples in a water body when we throw a stone in the water are in 
circles. 


Be it the center of a tornado or the shape of a hurricane or a tsunami it always a circular force. The 
supreme secret in martial arts is that the Chi moves in a circular fashion and hence Tai Chi is the most 
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deadly form of martial arts. Lord Vishnu has Chakra as his weapon to suggest not only light but also the 
rotational force. 


The process of manifestation is captured in these 2 pictures at all the significant stages. If you notice 
that a single dot becomes multiple dots, then a line, then a pulse and then goes on to becoming a 8x8 
energy grid and then to a 9x9 energy grid. 8x8 is un-manifest and 9x9 is manifest. These aspects are very 
well captured as sutras in the book Aintiram and Pranava Vedam. 
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Figure 9: Transition forms of Brahman in detail (Coutesy: Fabric of the Universe) 
If you look at the Fig 10 conceptually the following things happen: 


e Subtle Energy becomes gross universe and the fundamental 5 elements are created in the 
process. 

e It is said that 1/10" of the space becomes Air, 1/10" of air becomes Fire, 1/10" Fire becomes 
Water and 1/10" of Water becomes Earth. 

e So we can conclude that we are living in a Space delineated world. 


il? 


(The turn of aubtis inte gross.) 
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From Dr. ¥. Ganapati Sthapati, Kauai, 2005 


Figure 10: Subtle Energy to gross (Courtesy: Dr. Ganapathi Sthapati) 


This wisdom was so succinctly captured by my good friend Lao Tzu in “Tao Te Ching” as follows: (Read 
heaven as un-manifest space and Earth as manifest gross) 


“Heaven and Earth last forever. 
Why do heaven and Earth last forever? 
They are unborn, so ever living... 


Thirty spokes share the wheel's hub; 

It is the center hole that makes it useful. 
Shape clay into a vessel; 

It is the space within that makes it useful. 
Cut doors and windows for a room; 

It is the holes which make it useful. 
Therefore benefit comes from what is there; 
Usefulness from what is not there....” 


But | wanted to highlight more important aspects to this process of manifestation. 


Advaita philosophy states that there is no duality. If you note that the Parammanu is what is 
present every living being and inanimate thing. What is within you is what is within me and 
hence the mahavakya “Tat Tvam Asi”... You are that. 

Vastureva Vaastu — Vastu which is unmanifest and subtle becomes Vaastu which is manifest and 
gross. 

If we assume that Paramaanu is God’s particle and hence it is divine, then everything in this 
world is divine. This is the most important philosophy in Hindusim. See the oneness in all and 
see “Allin one”. 

That’s why Hindus saw divinity in everything. Trees, snakes, animals, insects, birds, human 
beings etc. There is nothing without that divine energy or particle — however you call it. 

This philosophy is UNIVERSAL, OPEN SOURCE, ALL COMPASSING and the highest state of 
consciousness. 


But let’s look at something even more important: 


We all note that Subtle has become Gross. Hence conceptually Gross = Subtle or both are 
proportionate. 

We all note that Space has become Earth. Hence conceptually Space = Earth or both are 
proportionate. 

We all note that 8 have become 9. Hence conceptually 8 =9 or both are proportionate. 

We all note that ENERGY has become MATTER. Hence conceptually ENERGY = MATTER or both 
are proportionate. This is represented by E = mc’ by our great scientist Einstein. While we did 
not have this specific formula, the concept and the associated texts were very much with us for 
ages. 


So this is what Einstein quoted after reading Bhagavad Gita. 


"When | read the Bhagavad-Gita and reflect about how God created this universe everything else seems 


so superfluous." ~ Albert Einstein 


Now let’s try to answer this question: 


e When you throw a stone in water / pond the ripples that form take the shape of a circle (in 2D) / 


sphere (in 3D). Can you guess what the shape of the ripple would be if you throw the same 


stone in space? 


e You would have probably guessed the answer. The ripples in space should be and would be in 


square /cube in shape. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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12. TIME = SPACE SERIES. PART 12 — VEDIC CONCEPT 
OF TIME & ITS MEASUREMENTS 


The importance of time (Kaalam) is so high in the Vedic tradition that they ensured that the accuracy, 
continuity of time and the easy measurability of it is maintained for who knows how many years. Time 
creates, sustains and destroys everything and this is very nicely captured in these 2 lines: 


BTEVGLO TMEUAGLO CLNGLOD, STEVGLO elpev 94M Mev 
STevGW Cares CSIMML, SrevGw Enevs CSmmmiw 


The god of time is Kaala Bhairava — a form of Shiva and hence both Shiva and Yama the lord of death 
both were known as Kaalan. The time is represented by number 13 and it belongs to Kala bhairava. We 
will see the interesting linkage between Vedic system and the Mayan calendar found in Guatemala and 
Mexico later. 


Swami Chinmayananda states that “Time is the periodicity between 2 thoughts”. Nothing captures the 
concept of time more wisely. What is clear from our scriptures and Swami Chinmayanda is that time is 
the pulsation that creates this universe. It is the vibration with very accurate periodicity and our sages 
suggested that you can live beyond time provided you manage to escape the effects of that pulsation. 


Einstein’s view on time and its relativity is very realistically captured in this quote “When you are 
courting a nice girl an hour seems like a second. When you sit on a red-hot cinder a second seems like 
an hour. That's relativity.” More than relativity | found that the root cause of relativity is the pulsation 
of mind as time. Einstein on a serious note proved that our view of time is not absolute, it is relative and 
it is a continuum with space. We will in the next few parts of this blog would see that time and space are 
the same or Time = Space. 


Aintiram states that there are 5 things that vibrates which have a common root and are not under our 
control. They are Space, Earth (vibration of earth is gravity), Eye lids, thoughts and Musical notes and 
very nicely put in Tamil as (Vin) @N6voT, LOSdOT(man), H60oT(Kan), 61600T(Yen), LIGWOT(Pan). Pan is musical 
metre / chandas and Yen is the yennam or thoughts. 


Correlate this with the first line of Patanjali Yoga Sutra which says “Yoga Chitta Vrtti Nirodah”, means 
Yoga is one which stops the vibration of mind / pulsation of mind and hence is a killer of thoughts. The 
meditation techniques of keeping your eyes opened without battling the eyelids is another way of 
overcoming this pulsation instinct that is primordial and inherent in our nature. 


Let’s look how intricate our measurements time are in Vedic system. Check out the image below. 


e The smallest unit of time is approximately 2 micro second. 

e The largest unit is about 155 trillion years.... YET. 

e Brahma’s linear age is 50 years and in currently in his 51* year which makes the universe to be 
155+ trillion years. Brahma’s life time is 100 years which means it would be 300 trillion+ years of 
universal life which follows a cycle. 


e After 100 years of pulsation cycles Brahma stays as dormant energy for the same period and 
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then pulsates again for the next life of 100 years. 


e ABrahma's life is also known as a Para. Each half Param is referred to as a parardham. This 
second half is termed as 'dviteeya paraardhe' (the second half of Brahma's term) is stated in all 


vedic rituals. 


e After every Chatur yuga, the world recycles. After every 2000 years / a Brahma day the world 
dissolves and remerges. The important point to note is that there is no CONCEPT OF CREATION 
here. It evolves and dissolves as per the science of pulsation. We also note that this pulsation 
expands and contracts. This cyclical nature of time as believed in Indian mythology refers to 


time as ‘anaadi' or that without a beginning. 


Unit 
1 Talpera 
1 para 
1 Viliptam 
1 Liptam 
1 eyelid blink 
1 Kaashta 
1 Kshanam 
1 nazhigai 
1 Muhurtham 
1 hour 
1Da 
1 week 
1 Paksha 
1 Monta 
1 year 
Yugas: 
Krita 
Treta 
Dwanpara 
Kali 
Chatur Yuga 
1 brahma da 
1 Brahma Year 


50 Brahma Years 


Reference WELT) Metric 


1.85] Meru second] 
6 mili 


607 
60 Para 
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-67|mlli second 
60 Viliptam 0.40}seconds 
(12Kshanam | 24.00|mnutes 
[2Nazhiga | 48.00|mnutes 
2.5Nazhigai | ——60.00|mnutes 
7 days a 


iSdays | 
[2Pakshas *[30days_ | 
12 months __—*|360days_ | 
Ses ae 


aa | 
| CT 1728000/Years | 
| 1296000] Years | 
p00 Vers 
| | 432000/Years | 
| | 4320000]Years 
12000 Chatur yuga [8640000000] 


a 155.52|Trilion Years 





Figure 11: Time measurements in Ancient India 


While doing Vedic ritual the time and space coordinate is invoked to say that you are doing this ritual at 
this place in the universe and at this time — with reference to Brahma’s age to the time and star of the 
day. This tradition is unbroken and the Indian Almanac can predict the position of astronomical objects 
without any error for thousands of years without any sophisticated instruments and space ships. 


On the contrary just read the history of the Gregorian calendar which we are following here, 
http://en.wikipedia.org/wiki/Gregorian_ calendar. There is neither accuracy nor continuity and to top 
it up there are authorities who reform the calendar as if time stops and waits for them to affect that 
reform. Why should we ignore the best of time science that we have for an inaccurate, discontinuous 


reformed calendar? 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy Reading! 
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13. TIME = SPACE SERIES. PART 13 — SOUTH 
AMERICAN MAYAN & SOUTH INDIAN MAAYAN 


Since we are discussing about time, let us address the Mamuni Maayan and the South American 
Mayan. 


A lot has been talked about Mayan calendar and the imminent destruction to planet earth in the year 
2012. | would recommend ‘The Mayan Factor — Path beyond technology” by Jose Arguelles if you are 
interested in this topic. 


In this part | am interested in highlighting that the South American Mayan and the South Indian 
Mamuni Maayan who wrote Aintiram and Pranava Veda are one and the same. Extensive research 
have been conducted by many and | found, both the works of Jose Arguelles and late Dr. Ganapathi 
Stapathi who has spent about 3 decades each, very impressive. Dr. Ganapathi concluded that they both 
are the same and he has shown some interesting linkages. 


| am going to present what impressed me in both these great researcher’s works. 


e First let me state that the doomsayers of 2012 phenomenon picked up Mayan’s calendar which 
started in 3113 BC ran for 5125 years and the calendar ended in year 2012. Since the calendar 
ended they thought this signified that the world is ending. Jose argues that this is wrong and 
most probably the human race is entering into the next phase of evolution and the next cycle 
would begin. If you strongly believe that this is not true and the world would certainly end by 
2012, then please ensure that you transfer all your assets and savings to my name effective 22, 
Dec 2012. © 


e Mayan in his calendar in South America used very unique numerals in his calendar that is given 
below: 
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Figure 12: Mayan’s numeral system (Courtesy: Wikipedia, Internet) 














Now let me reproduce a Tamil poem written by Mamuni Maayan in his work called “Kanithamaa 
sennool”. This song is part of the book written by Maayan in Tamil during his time — 12000 years+. This 
song expresses how the numerals are formed till 10. It says, 

© 1is one dot, 2 is 2 dots, 3 is 3 dots, 4 is 4 dots, 5 is a line and 10 is a double line. 


LOMLILJe ah epooTGM J1ooTGMM sPoorMILOM er soot Gover SML_GLo 
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LOMLILJeTeMn QysoorGr wisstCmnr QysorH on crovorGovor &mL_Gib 
LOTLILJEiT er ELNsoTGM WISSTGMM ELNSoIMILOM crovorGovot GML Lo 
LOTLILJeT er HTsTCS WSTCMON HTsoT GM) crovor Cov SMG 1d 


LOTLILJeT er {HCH WootGMMn Qihsl LOM crovr Govt STL GW 

LOTLYEtan CarLigormtGen QycvoTGH Uh LOTS SMa STL Ig. 

LTaAlwcd AMS HonGev uHHM) ONSSM SIL Ig 

LOTANWIGD AMS HlooinrGev crsvor (LHS) GUM LOMEUTwU! (Sov FLOM C\EMHMHITEv - LOM) 


e Among the books written during Mayan’s time in Guatamala are Popol Vuh, The annals of 
cakchiquels and the Book of Chilam Balam. The resemblance of Chilam Balam to Chidambaram 
with which S. Indian Maayan was so involved is very striking. 


e Bethe pyramids that were built in the jungles of S. America that has a striking resemblance to 
the viamanas from south India, the earth’s revolution around the sun measured within 1/1000" 
of the decimal point which is available in a book called Surya Siddhaanta — In Sanskrit by Mayan 
and the identical measurements available in South America — the similarities are difficult to 
ignore. 


e Jose Arguelles makes a compelling argument about the shift in consciousness in 2012 due to a 
major galactic synchronization. But what impressed me are the following: 


oO Comparison between iChing (8x8 hexagram) and Mayan’s Tzolkin which is 13x20 
matrix. In fact there is a Franklin’s magic square which is based on the 8x8 grid of iChing 


that adds upto 260 which is the galactic constant of Tzolkin. This was amazing. 


o He refers to Radiogenesis — Universal transmission of information through or as light 
or radiant energy which is very much relevant to our discussions of light and sound. 


o The revelation he received from a Maya Humbatz men belonging to the universal great 
brotherhood organization revealing that our universe is the 7 such system which Maya 
has charted in the universe. So, we are not alone © 


Would conclude this topic in the next part... 


Happy reading! 


all 








Figure 13: Galactic Communication Channel to Hunab Ku (Courtesy: The Mayan Factor, Jose 


Arguelles) 
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TZOLKIN & BUK XOK PERMUTATION TABLE 


Figure 14: Tzolkin table (Courtesy: The Mayan Factor, Jose Arguelles) 
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14. TIME = SPACE SERIES. PART 14 —MAYAN, TAMIL, 


PLEIADES & ICHING 


Jose Arguelles was also mentioning that the pyramid structures of Mayan civilization in South America 
with the Tzolkin calendar matrix communicates with 2 constellations — Pleiades and Arcturus. Jose 
mentions that he is sure about communication with Pleiades constellation. 


Why did Pleiades interest me? 


According to Tamil history, Tamil is a divine language and the Lord associated is Lord Muruga. 
He is the Tamil deity and he is from the Constellation Pleiades which is called Kritika nakshatra. 
This emphasis that the South American Mayan could be a Tamilian from India, as many in the ET 
studies circuit opine that Pleiades is a constellation which is like our distant cousin where Tamil 
is spoken. There are = many _ links but you can check this — out.. 
http://22050hz. blogspot.com/2008/10/pleaidians.html 


Look at the Mayan calendar in Fig 14, it is a 13x20 Tzolkin matrix. 

oO Please recall that we mentioned 13 is the number for Kala Bhairava. 

o Tzolkin has a mystical central column around which 6 and 6 columns exist. The belief is 
that this central column is the frame of reference to the galaxy and it is believed to 
connect to Hunab Ku — the center of the galaxy. 

o This mysterious centre column is believed to be the road to the sky leading to the 
umbilical cord of the universe. | immediately correlated this with the thread of 
consciousness which is connected to the Hiranyagarba (the center of the galaxy as per 
Indian texts.) — Check Figure 13. 

o So understanding that this shaft of consciousness is connected to the center of the 
galaxy (Hunab Ku / Hiranyagarbha) at the one end and to our solar plexus at the other 
end with communication and galactic information transmission happening through 
resonance of light, opened many gates within me. 


Nothing in this universe exists without purpose and the form and shape of any being / thing is 
explained as a state of consciousness at a particular resonant frequency adds to the Seelam (Rhythm) 
aspect of the Kaalam which we are going to see later. 


For the space and time travel enthusiasts, Mayan has the following: 


All space travel is intelligence as information — transmitted through light by the principle of 
harmonic resonance. 


Mayan says that Sun is the lens through which galactic information is transmitted from the 
galactic core and interpreting this with Gayatri Mantra where we meditate on the supreme 
light Savitr — an aspect of Sun god is amazingly striking. 


=" Mayan highlights that time is a function of principle harmonic resonance and he attaches 
significant importance to the numerals which he states are the galactic harmonic constants. This 
is exactly what Aintiram states. 


=" He interprets the iChing to contain the Genetic code of the human DNA as a hexagram in a 8x8 
matrix which is a binary progression to the 6" power corresponding 64 six part words 
/codons. At the same time he interprets number 260 to be galactic constant and 360 which is 
the factor for a calendar year or the total angle in a circle to a harmonic calibrator. His 
explanations more on this and on the mystical number 7 do not resonate in my tiny brain and | 
am begging for holy grace to expand my mind to understand these concepts. 


= When he says that flowers open to light just does not mean that it is sensitive to be light but 
deeply it aspires to be LIGHT. | am not sure if you understand the depth of this statement as 
against the Sage molar statement which states gross light should merge with subtle light. | have 
been left speechless for days after understanding this correlation. 


It is interesting to note that significance of numerals as per Mayan factor: 


= 1 — The pulsation — Ray of Unity 

= 2 — The pulsation - Ray of Polarity 

» 3 — The pulsation - Ray of Rhythm 

» 4 — The pulsation - Ray of Measure 

» 5 — The pulsation - Ray of center 

= 6 — The pulsation - Ray of organic balance 

= 7 — The pulsation - Ray of mystic power. 

= 8 — The pulsation - Ray of harmonic resonance. We will see more of this. 
» 9 — The pulsation - Ray of cyclic Periodicity 

= 10 — The pulsation - Ray of Manifestation 

* 11 — The pulsation - Ray of Dissonant Structure 
= 12 — The pulsation - Ray of Complex stability 

=» 13 — The pulsation - Ray of Universal movement 


In all 2 independent researchers working 6000 miles apart, conducting their studies independently 
seems to be pointing to just one person and one philosophy and science. What else we could do other 
than thanking our fortune to have read them and made this connection. | thought of writing just a page 
on this topic and | have ended up with 2 parts and | am stopping my temptation to write few more pages 
on this topic. For all of those interested, please read the book by Jose Arguelles. 


It is amazing to find out how most of the ancient civilizations seem to have a common root and the 
communication between various geographies looks stunningly simple and the metrics on astronomical 
objects and other space sciences seems to be so accurate despite the absence of precision instruments 
and spacecrafts. One tends to believe that we had far advanced knowledge of nature which we seems 
to have lost and most certainly few thousand years back we were not nakedly roaming in the jungles of 
India and Africa hunting animals as the western experts wants you to believe but had a far superior & 
scientifically advanced civilization. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy Reading! 
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15. TIME = SPACE SERIES. PART 15 — SHIVA LINGAM 
IS NOT A PHALLUS 


If there is one part in the series | want you to read and talk about it with your friends then it is this topic. 
If | ask you as to what Shiva Linga stands for then more than 99% of the responses would be that it 
represents a Phallus symbolizing the male sex organ / creative energy with the female sex organ / 
creative energy - Yoni as the base and both together representing inseparability and totality in the 
process of creation. 


Nothing is more misunderstood and misquoted than this concept of Hinduism. Every idiot including me 
who has read few books about Hinduism thinks that they are experts of Indology / Vedic studies. The 
wisest of sages who gave us Vedas and Upanishads did not boast that it is their work. At the end of 
every work they acknowledged that they are telling us what they have been told by their ancestors. It is 
155 trillion+ years of universal knowledge available today in the richest of the languages Tamil and 
Sanskrit. This cannot be accurately interpreted in a foreign language. Lest in the weakest of all languages 
- English. 


The other contributing factor to this misunderstanding has been the Sanskrit language or should | say 
the richness of the language. 


We have already noted that the same word can have multiple meanings. This is not limited to Sanskrit, 
but the all the languages. For example, 


= Sutra means thread, Aphorisms (the ability to express something in terse and concise manner). 
Ex. Kama sutra — the most understood of all the sutras. Brahma Sutra — The thread of 
consciousness in any form that runs in this universe — the most unheard of. 

=" Artha in Sanskrit means “meaning” and “wealth”, we have already seen this. As in Vaak-Artha 
and Artha Sastra (the science of wealth management). 

= Same way Lingam means Symptom, Proof, Gender, Male sex organ etc. Hence it was very easy 
to get confused, associate the lingam with a Phallus and also to ignore the philosophy and the 
supreme science behind it. Even people who believed that it represented much more did not 
knew the philosophy and the science behind it. Let’s look at what it means. 


| am going to request you to kindly refer to both the pictures below: 


Form of Brahmam Transitional forms of Brahmam Brahmam as 
the material world 


PMT 





Figure 8 — reproduced here for convenience 


il? 


Science ~ Religion 


Tamas Guna - Rudra ” ; - Rudra Bhaga 





Rajas Guna - Vishnu 
Vishnu Bhaga 


Sattwa Guna - Brahma 
Brahrva Bhags 





Figure 15 — Shiva Linga — Shape and Significance (Courtesy; Dr. Ganpathi Sthapati) 


We have already seen that the subtle energy is takes the form of a square and the gross energy takes 
the form of a circle with an in-between state it takes the shape of a tetrahedron and octagon. Now look 
at the Shiva lingam from the top. Its base is always a square and the top is always a circle. 





Figure 16 — Shiva Linga Figure 17 — Shiva Linga with shape of the God’s 
particle (Star) engraved. 


If | have to merge all the 3 shapes together and it naturally takes the shape of a Lingam with a round 
top. Shiva Linga captures the overall process of evolution in one form and shape - subtle to gross 
state — it encompasses every state of consciousness that is possible in this universe. 


Why the figure above states that Square shape is Sattvic, circle is Tamasic and the in between state is 
Rajasic? Let’s understand the definitions of all the three qualities. 


=" Sattvic represents the perfect state of balance. When it is subtle it is luminescent and in a 
perfect state of resonant non-vibration. The energy levels were perfect so that the resultant 
vibration is nil and it is in absolute balance. 


=" Tamasic state represents a state where the height of evolution is reached and hence it is 
farthest away from the core. This is a different explanation from the usual one available in the 
web and books. Let me explain this. The core is very subtle and the tamasic state is very gross 


and hence it is away from the core. Tamasic state then should be considered as the darkest 
state possible. Why? 


[e) 


Because the core is luminescent and if the gross state is farthest from the core hence it 
should be dark. This is the meaning behind the most famous statement ‘Tamasoma 
Jyothir gamaya”... take me from darkness to light. It is not about just your mind but 
about the entire being aspiring to become a light and merge with primordial light. 

There is no evolution possible beyond the Tamasic state and it has to devolve to reach 
its core / subtle state. 


Rajasic is a state where the pulsation has resulted in a rotational force and hence things are 
set into action. This represents the evolution process and hence associated with action. 


Then the natural next question is, if Shiva Lingam is associated with the entire spectrum of 
consciousness then we should see it associated the elements and the light. Isn’t? 


There is a story in Indian Purana that Brahma, Vishnu and Shiva discussed who is the most 
powerful among them. Lord Shiva challenged Brahma and Vishnu to reach his head and feet 
respectively. Brahma tried to find Shiva’s head and Vishnu tried to reach Shiva’s feet, both of 
them failed. Most of us would have heard the story but would not have understood the 
philosophical and scientific significance. 


[e) 


Lord Shiva in the form of Linga stood there as a PILLAR OF LIGHT. This pillar of light is 
the Brahma Sutra / light of consciousness which spanned from the center of the galaxy 
(Hiranyagarba) to every being & non-being in the Universe. 

Brahma could not find the head because; Brahma is always associated with intelligence 
in Indian texts. He gave the supreme wisdom - the Vedas and stands for Intelligence. He 
could not reach Shiva’s head signifies that Intelligence will not take you to God. 
Intelligence as an energy is too gross and cannot reach the most subtle state of light. 
Vishu represents earthly life — Rajasic in character — this is the tetrahedron & octagon 
state. He could not reach Lord Shiva’s feet signifying you cannot reach the core through 
actions. 


Lord Shiva in the form of Lingam is represented as one of the elements (Earth, Water, Fire, Air, 
and Space) in the Hindu temples. 


If you read the following Upanishad quote, you can probably understand the meaning: 


na karmaNaa na prajayaa dhanena tyaagenaike amRitatvamaanashuH 
pareNa naakam nihitam guhaayaaM vibhraajate yadyatayo vishanti 


Not by work, not by progeny, not by wealth, they have attained Immortality. Some have attained 
Immortality by renunciation. That which the hermits attain is laid beyond the heaven; yet it shines 
brilliantly in the (purified) heart. 


And this quote also brilliantly articulates the luminescent nature of the Paramaanu: 


— 


na tatra (not there) suryo bhati (sun shines) na candra (moon does not) na tarakam (nor the stars) 


nema vidyuto (nor the lightning) bhanti (shines) kuta ayam agnih (how can fire shine) 


tam (that) eva (alone) bhantam (shines) anubhati (thereafter shines) sarvam (everything) 


tasya bhasa (in that light) sarvam idam vibhati (everything shines) 


The sun does not shine there, nor does the moon, nor the stars or the lightning, much less this fire 


(deepam). When He shines, everything shines after Him; by His light alone everything is illumined. 


The trick is to take the definition & meaning from Upanishads or any scripture and apply it to the God’s 


particle and the process of evolution and you would understand it perfectly. Many a times the concept 


of God & faith obscures our mind to look beyond and rationally think about it. It is not the problem of 


religion but our system of education which has ruined our thinking. Today the biggest challenge we 


have is to "Unlearn" than to learn. 


So to conclude: 


Shiva Lingam does not represent Phallus. To represent male and female totality and 
inseparability Hindus do have Arthanareeswara and it is not represented through Lingam. 

Shiva Lingam represents the Pillar of Light and the entire spectrum of consciousness. From the 
most subtle to the most gross. 

It represents an in-between Guna / EGG state (between un-manifest and manifest) and hence it 
is formless with a form. 

While Lord Nataraja represented the rhythmic pulsation of this Brahma sutra, the cosmic 
dance / the dance of the evolution, Shiva Lingam represents the primordial light itself in all its 
state of consciousness. 

By this analogy, our body itself is a lingam with the visible body as the gross part at one end and 
the most subtle body which is invisible and is part of the primordial light at the other. 


Check out the picture below which represents most of the aspects we have discussed so far. 


May Lord Shiva help us all to understand him better.. © 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” Yet 


wish that this quote isn’t wiser any more. 


Happy reading! 
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Figure 18 — Manifestation in a nut shell (courtesy: Dr. Ganpathi Sthpati) 


This diagram represents everything we have discussed so far. The central red line is the Brahma Sutra 
which runs from the center of Galaxy to the terrestrial forms. Just correlate this with the Mayan Hunab 
Ku in the previous part. 


This summarizes as to how Energy becomes matter, Subtle becomes Gross, Un-Manifest becomes manifest, 
how 8 becomes 9, and Square / Cuboid becomes a circle / Sphere. All represented in one formless form called 
SHIVA LINGAM. 
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16. TIME = SPACE SERIES. PART 16 — SEELAM - THE 
PRIMORDIAL CIRCULAR FORCE - GANAPTHI & 
MATHEMATICS 


In the last few decades the main stream western science has started accepting concepts like uncertainty 
principle, wave mechanics, quantum mechanics, and periodicity of the wave pattern. Most importantly 
it is about the fundamental wave pattern of any energy or matter and the harmonics of these wave 
patterns falling in a particular form and proportion which is dictated by geometry / mathematics. In all 
the western scientists are scratching their heads on the depths of science of the subtle aka the sacred 
spatial geometry. 


Most of the eastern philosophies have mastered this science and have codified these natural laws as a 
part of their religion, which is often dismissed as superstition. | already highlighted that in Tamil and 
Sanskrit the definition for science is “Knowledge of the space”. 


Modern science is moving in the right direction albeit very slow and they are trying to understand as to 
how elements are bonded within a molecule in addition to what elements constitute them. For example 
Chlorophyll molecule consists of Carbon, hydrogen, nitrogen and magnesium (Mg at its core) has a 
complex 12 fold Pattern — just one such typical pattern which can convert sunlight into life substance. 
The same pattern exists in our RBC cells just that it has an iron at its core instead of magnesium. 


The understanding about the human body especially, “the spatial awareness that exists in each and 
every cell is due to the different sensory organs tuned at frequencies”, led the scientists to unravel the 
innate spatial geometry of life. 


Be it living, non-living beings, abstract forces like gravity, nuclear force, electromagnetism, heat, 
movement of astronomical bodies it does not matter what, everything in this universe adheres to a 
vibration / periodicity and is reducible to a number or a ratio. As a wise man said, “Mathematics is the 
language of gods”. This primordial rhythm & its harmonics are captured under the topic “Seelam” by 
Mayan in ancient tamil texts. Let’s look at this in detail. 


| have been finding it difficult to sequence the flow for this topic and let me try starting from the basics: 


e We know that the Paramaanu or God’s particle is a cube. This particle with the primordial 
vibration combines with other particles to create a shape. The Paramaanu combines in the 
multiples of 8 to evolve the next structure. Let us see the importance of 8 later, but remember 
8 is the number for Lord Narayana and Om namo Narayana has 8 Aksharas. 


e What do you call a cube called in Tamil? It is called Ganam (&60TLD). This also means heaviness, 


gravity, honor, dignity, abundance, plenty. To indicate it is a square cuboid they call it S601 
FSHITLO. 
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The process of the addition of Paramaanu into bigger units is called as Ganam (&6001LD, 4TT). In 
Tamil both the Cube and the additive resultant are called as Ganam and the only 
difference being that in Cube it uses a small “na” (601) as an alphabet. In the additive 
process / resultant it uses a Big “na”(60or). The big “na” signifies that due to the 
additive process the small (na) becomes big (na). 


This additive process starts because of the first rhythmic circular force also called as a 
Suzhi (a6) in tamil which means “loop”. 


Here comes the beauty. The Lord of or the energy associated with this additive force (Ganam) is 
called as Ganapathi (&6vorLig), Torte). Note this is the bigger “na” used and 
0) not smaller “na”. He is associated with the first circular force - Suzhi (and hence he 
takes the first honor in any Vedic ritual. This means Lord Ganapati is the first 
process in the evolution and everything has to start with him. Even if it is Lord 
Shiva or Vishnu it does not matter, the very first honor goes to the Lord of Ganas. Many Indians 
when they start writing (atleast few decades back) they first start with this symbol at the top of 
the page before anything for a successful completion of that activity. 





If | add my own inferences to the above with a caveat that everything else | have written have a 
solid back up mostly from our own study of languages (as you can yourself see) and our 
scriptures. 

o The symbol above signifies that what was “a point” with untouched / non-interacting 
energies / resulted in the primordial first circular force out of a pulse and also signifying 
that every circular force shall also collapse back to a point. 

o Also the bigger / heavier things are formed or created by its smallest unit and hence 
symbolically the heavier ones are carried by the smaller units. To signify this may be a 
god in the form of an elephant is carried by a mouse. 


Now you know why every ritual starts with this Sloka to Ganapathi: 


o “GanAnAm tva Ganapati gum Havamahe, Kavim Kavinam Upamasra vastamam 
Jyestharajam Brahmanam Brahmanaspat aanaSrnvan nuti bhissi dasadanam” 


This means “May you the Lord of Ganas, Ganapati"... . so it goes. 


Now what do we call the study of this additive force - Ganas? Mathematics — Ganith / 


Ganitham (&6v0nlgLb, afere ). 


So we Indians have codified: 

the primordial God’s particle as Paramaanu or microbode or Lord Shiva, 

the rhythmic movement of the pillar of light as Lord Nataraja, 

the first circular force as the symbol for Lord Ganapathi, 

the lord of the additive force as Lord Ganapthi and 

the Study of this additive force which leads to the formation of everything in the 
universe is Mathematics in Sanskrit and Tamil. 


oO00 0 0 


o Every possible state of consciousness and manifestation is represented in Shiva Linga 

o We will see that the multiples of 8 in which the additive force moves is codified as 
Lord Narayana or Vishnu and the five state manifestation process as the five letters 
associated with Lord Shiva. 


Just forget that these names are the names of the Hindu gods, and tell me one religion or philosophy or 
one branch of science in this world which can capture the nature’s primordial secret in this way and 
codify it for the common benefit of the world and carry it for thousands / millions of years. 


These are just a start and please wait for the other interesting aspects to unfold. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy Reading! 
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17. TIME = SPACE SERIES. PART 17 — SEELAM - THE 
PRIMORDIAL RHYTHM & FUNDAMENTALS 


Now, let us get into some real heavy stuff - Mathematics (Ganitham — the study of Ganam) that governs 
this rhythm and harmonics. My first concern is how to make it easily digestible for an average individual 
who hates Math? So | shall take the easiest route that | know. | shall first explain the concept, then the 
actual Math part of it and then go to the philosophy and significance of the same. Later we shall look at 
how these are codified in nature and our scriptures and available in front of our eyes which we have 
failed to recognize. 


Let us be clear about the following terminologies like Progression, Proportion, root, Diagonal and 
Pythagoras theorem: 


e Let us take a series as follows: 2, 4, 8, 16, 32.... In this we need to be clear about what is 
Progression and proportion. As many of you know that whole series is a geometric progression 
where the next number in the series is a function of the current number and a multiple. This 
multiple here is 2, so that 2*2 = 4, 4*2 = 8 and so on. This multiple or the constant is called as 
proportion. You derive the value of the proportion by dividing the number by its previous 
number — (n+1)/n : (n+2)/(n+1). Hope this is clear. 


e We know that a square has 4 equal sides. Each side of a square is called as “root” and the line 


that connects the 2 opposite ends is called as ‘Diagonal’. In the figure below sides AB, BC, CD, 
DA are called as “Root”. Lines AC, BD are called as ‘Diagonal”. 


Cc 
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Figure 19; Square Figure 20: Pythagoras theorem 


e Pythagoras theorem — This theorem gave us the formula to calculate the sides of a right angle 
triangle as given above. If you are not familiar with this, then please understand that if you know 
any 2 sides of the triangle the 3" side can be calculated by the formula given above. | am not 
going to focus on the argument that this theorem was available in Indian scriptures before the 
Greek mathematician gave it. Let’s look at the concepts and not which civilization gets credit as 
of now. 


Since the fundamental structure is a square in 2D and Cube in 3D and also in the process of evolution 
one becomes many, let’s ask ourselves the following questions: 
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e How one square does create another square which is larger in size, progressively? What is the 
progression and proportion in this series? 

e How one cube does create shapes which are polygonal (Hexagon, Octagon, decagon, 
dodecagon etc) progressively? What is the progression and proportion in this series? 


Now let us see Figure 21 where and consider the square ABGF. You can enlarge the image to see the 
alphabets clearly. Now as we know sides AB, BG, GF, AF are called “root” — remember this well and let 
us assume the smallest root possible is unity and hence each root is of unit length. AB=BG=GF=AF=1. 
Area of this square = 1*1 = 1. 





Figure 21; Square Figure 22: Cube 


Line AG is called as the “diagonal” and as per Pythagoras theorem the length of AG should be v2. AG = 
v(AF?+GF’). So to summarize the root of the square ABGF is 1 and the diagnol is v2. 


Now consider a larger square AGHJ, here AG, GH, HJ, AJ are the sides and hence called as root. AH, GJ 
are the diagonal in the 2"? square. We know AG = v2, then AH = GJ = 2 as per Pythagoras theorem. To 
sum up the root of the square AGHJ is V2 and the diagonal is 2. Area of this square is 2. 


If you look at the ratio root/diagonal (root to diagonal ratio) of both the squares it is 1/V2 and v2/2 
which results in 1/V2. This will progressively hold good. The magic proportion in this progression is v2. 


What we can infer from this is if we consider a progression of squares from a unit square to larger 
squares, then the proportion of the progression is V2. But before we jump into its philosophical 
significance let’s answer the second question. 


Consider the cube above whose side is of unit length. We know a cube is made of squares. We know 
ABCD is a square of length (root) =1 and diagonal = AC = v2. If we want to find out the length of the 
diagonal of the cube which is AE, then ACE is a right angle triangle with AC = V2. And CE =1 and hence AE 
=v3. 


What we can infer from this is if we consider a progression of cubes from a unit cube to larger ones, 
then the proportion of the progression is v3. 


| am going to handle the significance of V2 and V3 in the next part. 


Happy reading! 
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18. TIME = SPACE SERIES. PART 18 — SEELAM - 
SIGNIFICANCE OF V2 & V3 


Let’s look at the significance of V2 and V3 but before that let’s capture the philosophical significance of 
Progression and Proportion: 


e The whole world is conceptualized as wave harmonics of the primordial rhythm with a 
progression and proportion. Philosophically the Proportion which does not change / which is 
constant is the immutable component and the progression which changes / is volatile is called 
as the Mutuable component in the process of evolution. The whole universe is the progression 
and God is the proportion. So if | know the God’s proportion and the formula behind it | can 
create anything in this universe including a universe. This secret is called as the Brahma Vidya / 
Sree Vidya (Knowledge of Brahman, Sree) in Indian texts. What we are going to see further are 
very minor parts of the Brahma Vidya. © 


e In the last part we saw, that the primordial square multiplied itself to be a larger square 
(progression of squares) using the proportion v2. The diagonal of the square 1 (ABCD) forms 
the root of Square 2 (AGHJ). This is very profound if you get the concept. 


e If we consider square 1 as the cause then its diagonal is the effect. This diagonal is the root for 
the next square (AGHJ) and hence the effect of Square 1 is the cause of Square 2, this cause 
results in square 2’s diagonal which is its effect and this is how the progression or evolution 
happens. If you can see glimpses of Cause and effect cycle and the famous law of Karma in this 
analogy then you can pat yourself. © 


e Asquare halved by the diagonal (square 1 with area 1) produces a square twice its area (square 
2, area = 2). The mystery of biological growth from cellular division or the different musical 
notes from the base tone is contained in this. 


e Robert Lawlor in his book “Sacred Geometry” very nicely puts it as the root of a plant (like the 
root in a square) is causative and embedded in the earth (and embedded in the square). These 
are very heavy and profound concepts just let it sink into you. 


e When you divide the full height of the human being considering the total height as unity then 
belly as called as Hara in Japanese, Dantein in Chinese, Nabhi in India which is below the navel 
will measure (2- v2) from the soles of the feet to belly and (v2 -1) from navel to the head. In 
Yoga, Zen and Chinese meditation techniques this point corresponds to the transformative and 
generative aspects of the individual that involves rooting techniques for self transmutation. So 
Lao Tzu said, “To seek the root is the goal”. 


e v2 signifies the power of multiplicity. Hence the Generative aspect of this rhythm is attributed 
to V2. This represents the principle of transformation. 
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e Remember v2 is a proportion in the progression of squares and a square does not become a 
higher form. We have seen that the diagonal of the cube (sides of unit length) is V3. It is this V3 
which divides the volume form of a cube and the diagonal of the cube becomes a root for the 
higher shapes like pentagon, hexagon etc. 


e Hence v3 signifies the formative power of the rhythm while v2 signifies the generative power 
of the nature. 


We will touch the same using Vesica Piscis in the next part which shall take us to V5 and the golden 
mean ®. | am not going to touch upon important topics like Gnomic spirals and the relation between 
various progressions and hence | would request you to Google them if you are interested. 


Happy reading! 
PS: 
There are many books on this topic and | would recommend “Sacred Geometry — Philosophy & 


Practice” by Robert Lawlor which | found easy to read and understand. 


You tube and Internet is replete with tons of images, articles and videos on this topic and you can learn 
a great deal from them. 
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19. TIME = SPACE SERIES. PART 19 — SEELAM — 
VESICA Piscis, V5, & GOLDEN MEAN (@) 


If you don’t know what is vesica piscis, please google and you would find it interesting. | am not going to 
explain it here and | would focus on the summary and aspects which are often left out. The philosophical 
aspect of Vesica Piscis, is a rotating point becomes as circle of unity. Two circle of unity (with its radius 
as unity) interacting / intersecting each other in a perfect manner offers an overlapping area which is 
considered to be sacred and fundamental to all the geometric forms in the universe. We will first see 
how v2, V3 & V5 are part of this Vesica Piscis. 





Please look at 2 circles who radius is unity and AB = 1, 

intersecting as per the diagram. The overlapping area 

ABCD is the Vesica Piscis and we can see v2, V3 & V5 all 
\ part of this Vesica Piscis. 


/ ABPQ and ABRS are 2 squares and the side of the square is 
/ 1. v5 is as significant as V2 and v3. In the diagram here v5 
? is the diagonal of the rectangle PQRS / diagonal of 2 
squares — one below the other. 





Figure 23; Vesica Piscis 


v5 is the regenerative factor that binds 2 squares or that factor that transcends two worlds or the 
bonding factor for 2 cosmic entities. This V5 shall take us to the most important ratio which is the 
Golden mean or the God’s ratio. 


But before that let me share what stuck my mind when | was engrossed with Vesica Piscis and v3. Look 
at the pictures below. These are pictures of forehead marks of Hindu Brahmins sects called lyengars and 
their supreme deity is Narayana. | correlated the striking similarity of the rectangle around the Vesica 
piscis and lyengar’s namam. You just have to imagine the 2 overlapping circles are the right and left side 
of the face with the Vesica Piscis starting from the top tip of the nose. To me the formative principle of 
v3 is in line with the “Bhootha krut” and “Vishwa karma manu stvashtha” aspects of Maha Vishnu as 
per Vishnu sahasranamam. | had a good laugh on this correlation. 


e.. 
S, 
4] _ 
ey, 

Figure 24; lyengar Namam 1 Figure 25: lyengar Namam 2 
(Courtesy: Internet) (Courtesy: Internet) 
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Coming to the Golden mean, If you have not heard about it, just Google or here is a quick link 
http://www.goldennumber.net/. Some of you might be even have fatigue repeatedly reading and listening 
about it, like | do. Hence | am not going to rewrite what is widely available. But let’s look at the 
philosophical aspect of it, its relation to V5 and its manifestation. 


Now so far in V2, V3 & V5 what we have seen is how Unity evolves as many. But if | am interested in 
geometrically dividing the Unity so that this proportion evolves as unity then how do | do it? 


Consider a line of unit length and also consider two 
segments a, b so that atb =1. 


Let a+b =1 


n A and B are such that it has to fulfill this condition of 
a b Proportionality that a/b : b/1. 


(Figure 26: Line and®) 


‘jy 


This means what ‘a” is to “b”, is the same as what “b” is to the whole length which is 1. 


Mathematically resolving this equation a/b : b/1, hence b* = a and hence b= Va. This means a + Va = 1. 
The answer to this equation is only one value which is called the Golden mean / God’s ratio denoted by 
® = 1.6180339... and a = 1/®. Philosophically it is the division of unity and the only possible creative 
duality within the unity. 


You may ask as to why unity is not divided into 2 equal parts and why is should be 1/® (0.61803339..). 
This is effectively answered by our Upanishad “Whether we know it or not, all things take their 
existence from that which perceives them”. Adi Shankara said “the universe is an illusion / maya” 
because it is what we perceive. We tend to ignore them as philosophy or superstition. 


But let’s look at it scientifically as we understand. When the unity is divided into equal parts there is no 
asymmetry and difference and hence there is no perceptual universe. An asymmetric division is needed 
to create the dynamics necessary for progression and extension of unity. 


Let’s summarize our understanding again: 


e v2-—-the generative component and a multiplying factor creates multiple squares from a unity 
of square. 

e v3-—the formative component that creates multidimensional polygonal shapes from a cube. 

e v5 —the regenerative component or the binding component that transcends and binds both 
the worlds. 

e @ - Golden mean or the God’s ratio, which is an evolutionary principle that is guided from 
within and an indisputable mathematical evidence of the conscious evolution of this Universe. 

e @- Isa self-similar variable which can be used to derive Unity and it is the only proportion by 
which the Primordial rhythm maintains it perpetual oscillation to sustain this universe. 

e Relation between ® and V5 is, ® = (v5+1)/2 
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Now let’s geometrically as to how ® 
and V5 are intricately linked. Consider 
the Pentagon picture whose side is of 
unit length. le. 


AB = BC = CD = DE=AE = 1 and 
EG = FB=CG = DF=1and 


EB = ® = 1.61803399 and BG = 1/0 = 
0.61803399 and hence all the ratios 
like AG = AF = EF = GB=1/@. 


Also FG = 1/7, which means EB = 
EF+FG+GB = 1/@+1/0+1/7 


Also GI = 1/@ and GJ = 1/0? 





5.5 ~ _ 


(Figure 27: Pentagon & ®, Courtesy: Internet) 


If you are interested more please check out the Fibonacci series and its relation to D. The importance of 
5 is dominant in every living organism while 6 and 8 are the characteristic of mineral and inanimate 
structures. It used to be rule of thumb that any plants / flowers which has 5 petals is an edible plant 
and hence 5 and pentagon are the symbols of life which contains the God’s ratio or the golden mean. 


Now let’s also understand how a V5 is related to V2 and v3. If we consider a right angle triangle with the 
base of V2 and height of V3 or vice versa then the hypotenuse is V5. Now let me draw the connection 
between V2, V3, V5, ® and nm. If you think they are all some random numbers which cannot be fixed to 
their 10" decimal and not related to each other, just see the following relationship. 


T= Ox 6/5 or alternatively ® = (vn * V5) /(V2*v3) 


This is the binding factor. | shall produce below some pictures which are aligned based on pentagon and 
the web is replete with them for you to understand more. 


These 2 parts were little heavy and | shall move to easier aspects on the universal rhythm from next 
blog. The point | was trying to make is that everything in this universe is subject to a proportion and its 
fractals and let’s see the manifestation of it in our daily life. 


Happy reading! 





(Figure 28: Pentagon & Human shape, 
Courtesy: Internet) 
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(Figure 29: Pentagon & Human face, 









Courtesy: Internet) 





(Figure 30: Human hand and Fibonacci Series 


Courtesy: Internet) 





(Figure 31: Bharatanatyam and body alignment (Courtesy: Robert Lawlor, The Sacred Geometry) 


The positions of Hindu classical dance (Bharat Natyam) describe geometric relationships from the axis of 
the body and the alignment of center of gravity at “hara” invoking rooting and divine power of 
transformation. In Hinduism “hara” is one of the names of Lord Shiva as in “Hara Hara Shakara” 
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20. TIME = SPACE SERIES. PART 20 — SANKHYA YOGA 
AND SAGE KAPILA 


Now, let’s look at what Sankhyakarika one of the greatest scientific works by Sage Kapila. | need to 
highlight that the Sankhya philosophy is one of the most evolved philosophies about the secrets of 
nature; it contains only 72 verses of which 68 of them define the complete spectrum of universal 
manifestation. This Sankhya Yoga is referred in Bhagavad Gita — Chapter 2 is called Sankhya Yoga and 
in Chapter 10, verse 26, Lord Krishna identifies himself with Sage Kapila. 


Sankhya in Sanskrit means numerals / numbers. Sage Kapila states: 


e Any measurement is a relational process and only a change can be measured but it takes time. 
The difference between the yardstick and the measured object constitutes the measured 
variable, which in effect is an incremental change. Since the observer can detect or measure 
only a change then logically, the incremental unit of measurement itself should form the basis 
to derive the whole. This is the genesis of ®. 


e Correlate the above statement with the equation a + Va = 1. The unity is derived from the 
proportion “a” or 1/®. 


e As an example, the arch of a bow has expansive stress on the outer side and compressive 
stresses on the inner side, while the string is in tension and all are balanced at every instant. The 
expansive, compressive and tensile stresses can be expressed by one law. 


e Alternatively, a single variable describes the proportionality of three types of forces existing at 
the same time. Such a variable should be scale invariant, self-similar and have an axiomatic 
relationship to the whole. 


e So Sage Kapila called 1/® as a self-similar variable from which the unity can be derived. 


e So he postulated if x is the value of a measured increment then the total value 1+x must be 
related to the ratio of change as 1/x at the same instant of time or simultaneously. This means 
1+x = 1/x, and would lead us to X?+ X = 1. 


e He quotes that if the primordial rhythm has to be self sustaining then the proportion is certainly 
governed by 1/®. He gives the formula for this oscillations as follows: 
o X=1/@=0.61803399 
o Increment / Expansion = 1+x = 1.61803399 = © 
o Compression = 1-x = 0.38196601 = X” 
o Resonance = X*= X - X” = 0.23606798 


Resonance or X° is the factor which protects this rhythm from decaying and dying off. So ® or 1/® is 
such an important ratio or proportion so it is called as the Golden mean or God’s ratio. 
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| shall highlight some of the factors / ratio which are part of Sankhya Yoga and what is amazing and you 
find formulas for Tamasic, Sattwic and Rajasic Guna states. (Please refer “Secret of Sankhya Yoga” — G. 
Srinivasan in the web). 


e Kapila defines the four qualities of the unmanifested state as Aikaantha (Synchronized), 
Aathyanta (perpetual), Atho (Dynamic)and Abhavath (unmanifest). 


e Taking C as cyclic rate of oscillation or vibration and x as rate of change per cycle then the three 
Guna self similar interactive states are shown as vibratory counts per cycle by the formula. 
Thaama = C™ . Rajasic = C™ . Sathwa = C’™. 


e Some of the numbers that Sankhya Karika deals with are 1/7 (0.142857), m/10 (0.314159), 1/ 
(0.618034), v2 (1.414), ©(1.61803399), v3 (1.732), v5 (2.23), e (2.718282), m (3.14159) and 
declares that the unmanifested state (Abhavaat) can exist only when the oscillations are 
between n/10 (0.314159) and e(2.718282). This is simply amazing since the state of Abhavvat 
is the state of Brahman. 


Despite herculean efforts | am unable to understand the Bhashya for the 72 verses which is about 500 
pages explaining the secrets of Sankhya in any significant measure. | wish someone can step in and help 
us by explaining Sankhya Yoga that is comprehensible to our level of intelligence. 


We have a treasure of secrets and richness hidden in our scriptures and it seems we have already lost 
most of them and the fundamental reason being our indifference to Sanskrit and our mother tongue. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
The passage produced below is just the summary of verse 1. 


.. The Sankhya view that evolves out of the complete theory is that only vibrations are detected by the 
observer... Since only relative changes can be be detected, any fundamental component that is not in a 
vibratory state cannot be detected. Vibrations are caused by components in an interactive state or a 
cyclic state of colliding and separating that is common to all interactions and wave phenomenon. 


The interactions create three distinct modes of stresses. Collisions are compressive or inelastic. The 
resultant reaction is expansive or elastic. When the interacting components lack the freedom to move 
away the interactive state is maintained in a cyclic or shuttling mode in the same location in a resonant 
state. 


This important Sutra lays emphasis that if the observed process of detection is dependant on vibrations, 
then fundamental space must contain components with those four characteristics described as states, 
which makes it function in a holographic way. That is all vibrations remain in fixed relationship relative to 
each vibratory point in a coherent and resonant state. 
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21. TIME = SPACE SERIES. PART 21 —5 AND 8 THE 
UNIVERSAL RHYTHM 


Let’s summarize what we have seen so far and then move on to more interesting aspects. 


We have touched upon the God’s particle and its characteristics. We also looked at the 5 fold 
manifestation process and in that we looked at how Moolam becomes Kaalam (time) and how time 
rhythmically (Seelam) vibrates with a proportion and creates forms and shapes (Kolam). We also 
touched upon some of the ways we had codified the secrets of nature like Lord Shiva, Lord Nataraja, 
Lord Ganapati etc. 


Before we see how rhythm (Seelam) and shapes (Kolam) manifests itself as universe, let’s first look at 
one specific word from Tamil which has three significant meanings converging into one, Yen (6T600T), 


means number eight, generic term for Number / numeral and also root for 6T68oT6NoILD ~which means 
thought. | shall explain the significance of this below. 


Importance of 8 / Octet: 


It is stated that these God’s particles combine in the multiples of 8 / octaves ONLY and the states of 
manifestation from being subtle to gross is as given below. 


o Formless Un-manifest State 0 (This is the Abhavaat state) 

o Guna State 8°= 

o. First stage 8'=8 

o Second stage 8” = 64 

oO Third stage 8° =512 

o Fourth Stage 8* = 4096 

o Fifth Stage 8° = 32768. This is the state with manifest form. 


This rule is applicable to both the visual and aural forms which mean we can see or hear anything only in 
the fifth stage of evolution. So as per Pranava veda, the fundamental numbers are 0,1 and the key 
numerals for proportions are 5, 8. 


Significance of 5 and 8: 


Pranava Veda describes that 8 / octets is the essential harmonic oscillator for the manifestation of the 
universe since this generative force is the multiple with which the whole universe manifests and 
sustains. You many note that number 8 is associated with Lord Narayana and his Ashtakshara mantra 
(Om NaMoNaRaYaNayYa). 


The principle of 5 / Penta, we have seen is the regenerative binding force earlier. It is always a 5 stage 
process. This is associated with Lord Shiva (Om NaMaSiVaYa). The un-manifest form comes to the Guna 
state with the force of 5 and in the multiples of 8. It is also important to highlight that 5 and 8 are part of 
the Fibonacci series and their proportion is 8/5 = 1.6, which is ®. 
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But it is important to realize that the building of octets is a 5 step process for manifestation. This 
highlights that one cannot exist without another and both are interdependent. Now let’s recall: 


“Shivasya hridayam vishnur, Vishnoscha hridayam shivah:" and 
“Shivaya Vishnu rupaya Vishnave Shiva rupine" 


Vishnu (8) is the heart of Shiva (5) and likewise Shiva is the heart of Vishnu and they both are the 
representation of each other. 


If you have noted Tamil language stressed the importance of words and its meaning — this was 
addressed in the first few parts of this series. Here Tamil language gives the importance of numerals and 
its significance in the formation of universe. Both the great sages Auvaiyaar and Thiruvallular stated the 
importance of numerals and letters in an identical fashion. Both these lines mean, Numerals and letters 
are like eyes for living beings / equal to eyes. 


GT SOT GTSOTLI TONS CT (IPHH| THT QevaNnyora Gio Sovo1 csr our(ipro 2 uNjaG! 
THON GOYILD TIP HILO SSVOTG ovorcor H (GLO! 


Now what should be noted here is that (6T6001) importance of numerals precedes that of letters and we 


know why. The aural and visual forces become letters & its associated sound at the 5" stage but the 
numerals are from the Guna state. Numerals were associated with 8 / Lord Vishnu and letters were 
associated with 5 / Lord Shiva. Guess you can get the scientific knowledge and significance we have in 
our languages. 


Since what is in macro is there in microcosm, taking the analogy to microcosm our mind becomes the 
Moolam (Source), our thoughts are the vibration, time is measured as the periodicity between thoughts, 
based on the rhythm of our vibration we perceive the world. This is given very nicely as 2.6menGLo 
CLNSOLOT) 2 svorijeymMILo G&meoLorél! means Our mind is the source and its awareness becomes 
forms. 


This wonderful concept is what is linked in the word Yen (6T6001), which means number eight, generic 
term for Number / numeral and also root for 6T68oT6NoILD thoughts. Just this one word in Tamil 


highlights the supreme secret that thoughts become form and words with the help of numbers and 
numerical proportion converts aural and visual forms to thoughts. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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22. TIME = SPACE SERIES. PART 22 — EIGHT (OCTET) 
AND THE 5 SACRED ARTS 


oTL_GL. 6TL_Ig Wi6D 6TLQLL Ig uiGeo 
TLIig.SoT OHMCW Ser6men LOT HA) !! 


The above lines from the work Aintiram means “Eight / Octa (multiples of 8) is the fundamental 
numeral for any measurements. We did see that the fundamental god’s particle add up with each other 
in the multiples of 8 in the previous part. 


In ancient India there were about 64 arts (http://en.wikipedia.org/wiki/Kal%C4%81 ) known as Chatuhsasti 
kala ("SL HOOGVSEM BI MIUH HI 1 6TH 6M Sor wjLO" as popularly known in Tamil), but | am going to 


talk about 5 sacred arts. 


We will look at the importance of numeral 8 and how this is fundamental to everything in this Universe. 
But let’s again start again with etymology. The word arts in Sanskrit is “Kala” (eT) and Time in 


Sanskrit is #TeT (Kaala). So etymologically we can say that classical arts are all about variation 


of time (or harmonics of this pulsation of time in the multiples of 8). 


After etymology let’s get to the basics. Our understanding of the universe is that “the primordial space 
manifests itself as spatial forms through pulsation (Time) and its periodicity (Rhythm & order). This 
evolution started with Pranava which came out as aural and visual form (Sound & light). When they say 
“The one became two” they refer to the Pranava which is light and sound from the unmanifested 
consciousness. 


Aintiram states that the dual form of Pranava gave forth 5 sacred arts which are fundamental to most of 
the other arts. The Aural form of Pranava gave forth Poetry and Classical Carnatic music, which can 
only be heard. The Visual form of Pranava gave forth Sculpture and Building architecture, which can 
only be seen. Both the aural and visual forms merged to create the classical dance (Bharatnatyam), 
which involves both seeing and hearing. 


Pranava 


(Om) Figure 32:5 


Sacred arts 





Om (<PGILOITe)) Om (€eGILO Teri) 


Aural form Visual form 
Time variation Space Variation 








Building 


Classical Sculpture 
2 Architecture 


Dance 
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They were classified as 5 vedas: 


e Poetry —Sabda veda 

e Classical music - Gandharva Veda 

e Classical Dance — Naatya veda 

e Sculpture — Sthapatya Veda (Sthapati is a clan that is the master of this veda) 
e Architecture — Pranava Veda 


Pendatic Tamil and its construction: 


Pendatic Tamil is called as QS LAD (Aintamizh) which consists all the five above arts, Q\W6D, 
Qomgs, HLoTLd, AMULD, SLigl Henn. It is these 5 arts which were formed out of the Tamil 


language and the language itself is created from the word Om. They say that it is not 12 basic vowels in 
Tamil but only 5. They are S91, Q), 2, 61, &. These 5 letters combine to form the rest of the letters like 


A+ A=, Qe QF 2+2 =9H, T+T= J, P+ = g|E A+ H=B, 


A+2 =n 


Here you may want to note that 5 has become 12. Same way in classical music they say that the basic 
svaras are 5 (&, il, &, U, &) —Sa, Ri, Ga, Pa ,Da which became 7 and then 12. 


So 5 is the fundamental numeral for evolution and Tamil language has grown based on this philosophy 
and science. | am sure some of the other Indian languages have the same basics. The book which 
describes this phenomenon of evolution of language from Pranava and arts from language is Aintiram (it 
means 5 works) (2915 &I MLD) authored by Mamuni Mayan dated 10000 BC. 


You would agree that the aural forms are predominantly variations in time and visual forms are of 
spatial variations. But our ears stand for akash tatva (“space”) and it can perceive variation of time and 
space and we will see this in detail. When we said “Time = Space” we will see that both of them are 
governed by the same laws and measurements and hence there is no difference between Time and 
Space. 


Happy reading! 
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23. TIME = SPACE SERIES. PART 23 — 
NANOTECHNOLOGY IN ANCIENT INDIA & SIZE OF GOD’S 


PARTICLE 


Let me start with these questions: 


e What is the size of the God’s particle and how is it calculated? 
e Does nature endow a standard measure for an average human being’s height? 


Before we proceed to the next section | want to give the very detailed space calculation table used in 
ancient India. Our rishis did not stop just with telling us that the Paramaanu / God’s particle is very 
small but went ahead and established its size. 


If you have to see such minute particles then your sensory organs — Eye and mind should be tuned to it 
so that it can see things at that size. From the formula available in our ancient texts | was trying to 
reconstruct by working backwards to find out the size of the Paramaanu / God’s particle should be. 
Please refer the table below which | have arrived at. 


ANCIENT SPACIAL MEASUREMENTS 
Unit scale Ancient metric Current day Metrics 


545 Micro meters 

8 yavai 3.4925 cms 

8.25 inches 

2 


66 inches 
Universal height of man loTala «(74.25 Inches 


(Figure 33: Ancient Spatial measurements. Courtesy — Dr. Ganapathi Sthapati) 





| have given the exact word used in Tamil for these measurements instead of translating it in English. 
Ther Thugil is the dust from chariot wheel, Mayir nuni is the width of a hair tip, Eer and Paen are the lice 


eggs and lice. Some of you may jump that most of the units were subjective and would have variations 
in normal life. | agree but there is a reference point — Angula and its exact measure based on which 
other values are derived backwards to arrive at the value of Paramaanu. 


Now if you note the smallest particle aka God’s particle / Paramaanu is 133 nm in size which is 
currently under study by the CERN scientists. Nanotechnologists today confirm that the width of a hair 
strand is about 25000 nm and our ancient texts give the size at the tip of the hair strand (and not the 
width) as 8526 nm. | see that to be a reasonable estimate when no such precision instruments were 
available in those days. 


One Angula is 11/8 of an inch. This is the fundamental measure which is used in any of the worldly 
measurements. Now you can see that 6 Angula is 1 Tala which is about 8.25 inches and then comes the 
most important revelation. Does nature endow a measure for an average human being’s height? 


The answer is yes. As | said an average human being should be 9 Tala’s height and hence the nature 
endowed height for any human being is 74.25 inches. This is the ideal height and the variation is 
attributed to our Karma, hereditary and lifestyle. 


Now let me give few tips to find out your height from typical measurements: 


e Measure the length of the face (from forehead to chin). Your total height should be 9 times that 
height. This is the principle of Nava tala. As an extension measure your thigh or legs length 
excluding the knee and feet and your total height should be 4.5 times that. 


e Take your right hand middle finger (No. Don’t show it to anyone©). You would notice that the 
finger is divided into 3 parts. Measure the length of the lowest part — from the end of the palm 
to the first subsection. Your height typically should be 54 times this measure. Since this measure 
for an average man with nature endowed length shall be 1 Angula. Hence your height shall be 
54 times that measure. 


e The length of the thumb from the base of the wrist should be about 3 Angula and hence 18 
times of that should be your height. This can go on and on. 


So, to sum up this section: 


e Instead of looking them as Rishis or Sages or religious figures if we look at them as scientists in 
the field of nanotechnology, quantum physics and Astro dynamics we would accept most of the 
secrets without any prejudice. 


e Not just the measure for the height of the man but they had formula for every object and this 
was the secret of their wisdom. For any astronomical object, they had formulas to measure 
body’s core (width) and also the width of the mantle. The roots of their wisdom lie in 
understanding that “many’ are just a harmonic variation of the “one” subject to a mathematical 


proportion. Hence there was no “rocket science” in those days and all of them were as simple as 
it looks like. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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24. TIME = SPACE SERIES. PART 24 — OCTET, OCTAVE 
AND THE GANDHARVA VEDA (CLASSICAL Music) 


Let’s start with classical music where Octaves form the fundamental for it. There are seven svaras (Sa, 
Ri, Ga, Ma, Pa, Da, Ni) which is made into an octave with another Sa after Ni. So it becomes Sa, Ri, Ga, 
Ma, Pa, Da, Ni, Sa (Do Re Mi Fa Sol La Ti Do). The first rule of classical music is “Shruthi Mata, Layam 
Pita”, which means Shruthi is the mother and this corresponds to the frequency or the spatial 
component and Laya is the Tala component which is a function of time compared as father. 


Anga 

Tala Notation |Tisra Chatusra |Khanda_ Misra Sankeerna 

Dhruva IOll 11 14 17 23 29 
Matya 1Ol 8 10 12 16 20 
Rupaka (Ol 5 6 7 9 11 
Jhampa_ |IUO 6 7 8 10 12 
Triputa 100 7 _ SS 9 11 13 
Ata lOO 10 12 14 18 22 
Eka | 3 4 5 7 9 


(Figure 34: 35 types of Tala. Courtesy: Wikipedia, internet) 


There are 7 fundamental Talas in carnatic music and each Tala has 5 different variation based on Jathi so 
in all there are 35 different Talas as given in the tabulation. These Talas are measured as the “matras” 
the unit duration of time. There is another concept called Nadai or Gati which we will not touch upon 
now. But let’s look at these 35 variations and can you tell me where the most famous “Adi Tala” is in this 
35? Most importantly why it is also called as “Adi Tala” — which is the primordial rhythm? 


The answer is “Chatusra Jathi Triputa tala” highlighted in the table is called as “Adi Tala” and it is called 
so since it gave the most primordial rhythm with 8 time units. But there are couples of more cells where 
we can see “8” in the table and why these are not called ‘Adi Tala”? 


The primordial rhythm has a pattern of 1, 3, 2 and 2 which adds to 8. Further on we will see just the 
variation of this Adi Tala in anything and everything. Tisra Jati matya Thala has a structure of 3, 2, 3 and 
Kanda Jati jhampa Tala has a structure of 5,1,2, hence they are not classified as the primordial rhythm. 


Let’s quickly touch upon the spatial variation or the frequency / pitch aspect of this divine art before we 
branch off to other topics. The image below gives the 16 levels of Savaras which includes tones and sub 
tones. The seven svaras become 22 tones based on the frequency variation / harmonics. Here 7 are 
fundamental svaras and 16 as given below is the most practiced variation and 22 is not popular. 
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(Figure 35: Svaras and frequencies) 


You can note that Sa starts with 240 Hz and the last Sa is 480 Hz doubling the frequency and hence an 
octave. While Sa has 240 hz and 480Hz levels, the tone Pa (P) or Sol does not have any variation and this 
is at 360Hz. | am going to correlate the Mayan studies with Carnatic music and instead of seeing the 
whole spectrum from “Sa”, | am going to see this spectrum from “Pa”. 


You would note that “Pa” at 360 Hz corresponds to the Harmonic osciallator constant number and the 
whole spectrum is almost like a Sine wave from 360Hz to 480 hz and falling down to 240 Hz with a 
uniform gap of 120Hz above and below. All the tones would fall within this 240Hz centered around 360 
hz. So the spatial variation in carnatic music can be summed as “It originates at a value (240Hz) and 
varies by the same measure (240Hz) centered on the harmonic oscillator”. Since the objective is about 
looking at the primordial rhythm we will not touch any other aspect on this topic. 


We will see how this Adi Tala is the fundamental pattern / rhythm that manifests in every other art. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 


25. 
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TIME = SPACE SERIES. PART 25 — ADI TALA, NAVA 


TALA AND STHAPATYA VEDA (SCULPTURE) 


Let’s look at how Octet and the primordial rhythm (Adi Tala) that defines Sculpture. Let’s recap some of 


the following: 


e The process of evolution starts with Pranava which has aural and visual forms. We have also 


seen that anything subtle is represented in a 8x8 energy grid and anything gross is in 9x9 grid. 


e The fundamental measure with which the particles bond is Eight or it’s multiple and hence the 


primordial rhythm is an Octet. 


e The fundamental measure of time is Tala and the primordial Tala is Adi tala with 8 units and a 


pattern of 1, 3, 2 and 2. 
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Pp 


e, 


ra 














NAVATALA } 


ADITALA 


ross fdaman form 


(Figure 36: Human form — Adi Tala, Nava Tala Courtesy: Dr. Ganpathi Sthapati) 
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Now let’s see the measurement rules as to how to make a sculpture of a human being. 


e The overall human height is measured as 9 talas. Yes the same time measurement is used to 
measure height. Pinch yourself now, since height is a space variation and not a time variation 
yet it is measured with a metric of time. This is a secret which is unknown to many and even 
some of the experts in this field. This is where Time and spaces merges without any difference 
and this is the fundamental rule with which we have been creating visual and aural structures in 
the universe. 


e Divide a man’s height as 9 units of which head, torso, thigh and legs would fall into the 
pattern of 1, 3, 2 and 2 which adds up to 8. This is the primordial rhythm — the Adi Tala now as 

a human form. 

e Then how 8 became 9? No other branch of Vedas or science tells us this secret so explicitly 
to my knowledge. The following parts, Top of the head to forehead, Neck, Knee and feet 
each measure 0.25 talas and hence add 1 additional tala to 8 and it becomes 9. So Adi tala 
which is a subtle version of human becomes Nava Tala which is the gross version of human 
being. In the process of 8 becoming nine all the joints are formed in the body©. 


e Let me add one more dimension to this. Our human body has a gross body (Sthula) and a 
subtle body (Sookshma sarira). The Sthapatya veda tells us that the gross body is nava tala 
and sookshma sarira is Adi Tala. 


e =| fell off the chair when | understood this and the linkages. Check if you are still on your chair 
and maybe you should sit on the floor from now on®. 


Martial Arts and Lord Nataraja’s stance: 


Let me ask you the following questions here: 


e Look at the image of the Lord Nataraja below. If a gross image should have Nava Tala which 
is a 9x9 grid then why the human image of Lord Nataraja which is a Nava Tala fitted into a 
8x8 square instead of a 9x9 square? 


e Both in Classical dance and in martial arts why do they ask you to stand in a posture where 
the knee is slightly or significantly bent. Not all of the stances but most of the basic stances 
correspond to this why? Let me know if you have received a satisfactory answer for this 
question. 





(Figure 5 reproduced) 


e The answer to this question reveals one more secret to us. 

a. In Sthapatya veda each grid line is divided into 10 or 11 or 12 (usually 12) and 
hence a 9x9 grid has 9*12 = 108 blocks or levels of energy. This may explain why 
108 is a sacred number from an energy perspective. This covers the entire 
spectrum. 

b. When we create a gross image its always sculpted to 9 talas but when they sculpt 
image of the gods and in this case Nataraja, they fit the gross image to a 8x8 energy 
grid to invoke the subtle energies. 

c. How do they fit a 9 tala to 8 tala? The technique is not to change the proportion of 
nava tala but they ensure that 9 fits into 8 by making the image to bend it legs such 
that the height reduces by one unit. 


e You can notice that Lord Nataraja’s right leg is bent to fit the image in 8x8 grid. This is 
believed to invoke the subtle energies corresponding to that image. 

e This is the same reason why martial arts and in Bharatnatyam your teacher asks you to take 
a basic stance which reduces the height from 9 units to 8 to invoke subtle energies. Of 
course the other reason is the alignment and focus to Hara / Dantein with that pose. 
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If | tell you that the science of nature and the associated philosophy codified in Hindu religious symbols 
are unmatched and amazing then | hope you would whole heartedly agree now. These religious texts 
and symbols offer the key to unlock the secrets of nature. 


So to sum up, so far we have seen one variation of time as Gandharva veda that manifests as classical 
music and the primordial rhythm is Adi Tala. Next we saw that the Sthapatya veda in the form of 
sculptures offered the secret of space variation in Adi Tala and Nava Tala. 


This is where Time and Space were equated with the same measure yet offered completely different 


arts. 


The whole universe has these underlying and un-manifested interconnections and hence the Hindu 
philosophy of “That one became many”... is the supreme truth. Seeing the divinity in everything is the 
only truthful way of recognizing this science. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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26. TIME = SPACE SERIES. PART 26 — SABDA VEDA, 
CHANDAS & POETRY (MA NISHAADA...) 


rary favor 
aferact waster | 
Wedded Cartel 
aafaearreneat Il 


Shuklaambaradharam Vissnnum Shashivarnnam Caturbhujam | 
Prasannavadanam Dhyaayet Sarvavighnopashaantaye || 


Let’s start with this Sloka as a sample to see how 8 and its harmonics are integrated with Poetry. In this 
sloka there are 4 lines (a line is called Pada and Pada means feet in Sanskrit) and each line has 8 Sanskrit 
Aksharas (Only vowels and vowels with consonants imposed on them should be counted and pure 
consonants are not part of the count.) This is usually written in 2 lines as shown in English. 


This is the most popular way of creating a sloka or poem in most of the Indian languages. This “metre” 
resonates as 32 aksharas in 4 padas. You may want to correlate this with 1,3,2,2 where the last 2 stands 
for your feet. So feet (pada) measures 1/4" of the overall length of the subtle body (8 units) and 4 padas 
create the full blown subtle body. So such a constructed poem is a throbbing and vibrating energy body 
or a living organism and hence carries the power of the words it contains. 


If all the padas have equal metre say 8 units then it is called Sama Vrtta, and if all are different it is 
called Vi-Sama Vrtta (not equal). This 8 and 32 is the same as Adi Tala in carnatic music and ashta tala 
in sculpture. Can you make the connection now? 


In Sanskrit this metre is called as “Chandas” and in Tamil it is called “Chandam”. Chandas is also one of 
the 4 important Vendagas and is called as the feet of the Vedas. Let me ask you as to which language 
the Vedas are available in its primordial form? The most popular and incorrect answer is Sanskrit. This 
is the level of awareness we have. Lets quickly look at these important points about Vedas and | shall 
correlate this with our topic of discussion. 


e Unlike other faiths Hindus don’t attribute the Vedas as word of god or given by some prophet. 
We consider Vedas as the breath of god (“Nishwasitam”) and not the word which means, Vedas 
are not created by god, but the breath. If there is no breath that person would not leave and 
hence it is associated with the very presence of god. 


e Vedas are also Apourusheya which means it is not created by man and Anaadi, that does not 
have a beginning. 


e But you can ignore them stating these are blind beliefs. Let’s look at how this correlated with 
the science. Vedas are created by Pranava and these should be considered as the harmonics of 
the primordial vibration and nothing more. 


o If it is pure vibration then the “which language it is written?” sounds stupid isn’t. If it’s 
pure vibration it has to be expressed in “Hz or wavelength” equivalent in ancient India. 
This is what Chandas or metre is all about. This measures pure vibration and anyone 
capable of tuning themselves to those frequencies have SEEN the Vedas and not 
created them. Hence all our rishis are Mantra Drishtas and not Karthas. 


Difference between Vedas and Poetry: 


Vedas contains both poetic verses (Padya) and prose (Gadya). All the poetic verses are called Chandas 
and it complies with the rule as stated above. The difference between normal poetry and Vedas are, 
Vedas contain tonal variations (high pitch and low pitch) apart from the time, space variations but in 
Poetry there are no tonal variations. What has tonal variations and are not part of Vedas are called 
Slokas. So to sum up: 


e Vedas are both in Padya and Gadya. What is in Padya is called chandas and it has tonal 
variations in addition to the time space variations. 

e = What has tonal variations but not part of Vedas is called as slokas. 

e What does not have tonal variation but comply with the chandas rules are called Poetry. 


Harmonics and types in Chandas: 


We saw every line to have 8 matras / units / aksharas. There are variations and these are the harmonics 
available. 


e = Gayatri — This is a very special chandas with the mantra where instead of 4 padas, there are only 
3 padas and hence it is called Tripada Gayatri. Each pada has 8 Aksharas and hence 24 Aksharas 
in Gayatri Mantra. This is also the only chandas where a mantra is named after the chandas. 
Some people write it as 6 letters per line and 4 padas which makes it 24. 

e Ushnik Chandas — 7 letters per pada and 28 letters in all. 

e Anushtub Chandas -— This is the fundamental and popular one with 8 matras per pada and 32 in 
all. Ramayana the first poetry was set in this metre. 

e Brihatee Chandas - 9 letters per pada and 36 letters in all 

e Pangti Chandas - 10 letters per pada and 40 letters in all 

e Trishtup Chandas - 11 letters per pada and 44 letters in all 

e Jagti Chandas - 12 letters per pada and 48 letters in all. This has a subtype called bhujangam 
which is split as 6-6 and that moves like a snake. (Ex. Subramanya Bhujangam) 

e = Shikarini Chandas - 17 letters per pada and 68 letters in all. In Soundarya Lahiri it is split as 6 and 
11 by Adi Shankara. 

e Udkriti Chandas — 26 letters per pada and 104 letters in all. 

e Dhandakam — above 26 per pada. Ex. Garuda Dandakam by Vedantha Diskshitar. 


The reason | have given all the above is to emphasis that nothing in our religious scriptures, literatures 
are without a grammar, order, form or proportion. Everything confirms to a mathematical proportion. 


Just like Vedas are the breath of god, Chandas is the breath of every mantra. The mantra is powerful 
only if it is recited to this metre. This is the reasons some of the poem even if it is not related to religion 
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stands the test of time. Also if you recite a mantra even without knowing its meaning but as per the 
chandas then the mantra shall bear its fruit. 


“Ma Nishada” .....Origin of Poetry: 


Would you believe that the first poetry in this universe started with a curse? 


Sage Valmiki saw a hunter who killed one of the birds of a pair which were in love. The sage got enraged 
and cursed the hunter, O, Hunter, may you not fare well anytime as you killed one of pair of the 
Krouncha birds which were happily engaged in love”. 


mA niShAda pratiShThA.n tvamagamdaH shAshvatl.n samAH | 
yatkrauJNchamithunAdekamavadhlH kAmamohitam.h || (bAlakANDa 2.14) 


The above sloka also meant “O Lord of Lakshmi, it will bring you eternal glory for having killed a male 
of a happy couple who lost his head completely in lust..” This male is Ravana who lost his head in lust 
despite being happily married with his wife Mandodari. The other interesting connection | have this 
sloka with this series is that the Mamuni Mayan is the father of queen Mandodari and father in law of 
demon king Ravana. 


Once the sage realized that this curse also meant something very auspicious and referred to Rama 
avatar he wrote Ramayana which is the origin of poetry as known in the world and it is called Adi 
Kaavya. Valmiki Ramayana set in Anushtub Chandas which is an octet. 


So if you look at both the poetry and classical music composition: 


e =The rhythm in which it is set is a pulsation of time which confirms to a divine proportion. 

e The raga and the pitch variation is a pulsation of space / frequency which again confirms to a 
divine proportion. We did not discuss about ragas though. 

e The words used are divine and we have seen the divinity of the letters and words. 

e The meaning of the song / poem usually exhorts the qualities of the god and hence is divine. 

e The classical music and poetry invoke the subtle divine energy in the aural form just as much the 
sculpture (when it confirms to the divine proportion) invokes the subtle energy from in its visual 
form. 

e This is how we see that “one became many” and binding factors in this process of evolution 
being the numerals 5 and 8. 


Alas! Today, we are the fanatic fans of musicians who lacks morality & humility, who is ignorant of any 
divine proportion, most of the music we hear is a cacophony and very mechanical, the words are 
indecipherable and lacks depth, the meaning of the song - if at all any are just suggestive of sexual 
emotions and nothing else and the dance movements we see are the gyrations of the hip with a great 
blend of fitness training exercises associated with it. This is not to negate some of the fine works we see 
even today but to stress that we had such high science and taste which we seems to be losing / lost for 
no good reason other than ignorance. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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27. TIME = SPACE SERIES. PART 27 — ARCHITECTURE — 
THE ZENITH OF MATHEMATICS (VAASTU) 


Just look back in history and see what stands the test of time. Even if a civilization is completely extinct 
what stand beyond their time is the architecture of the civilization which stands tall as a witness to the 
richness and maturity of the civilization. 


Aintiram states that “Architecture (Space engineering) is the zenith of the mathematics” in “&LigL 


FHOCGCW HIS SHWE 2 Fl...” This space science is called as Vaastu Sastra in India. 
There are few important concepts in Vaastu science which | want to present as below: 


e The whole world is made up of God’s particle (Vastu, euro §) and nothing else. It is this God’s 


particle which actually manifests itself as gross forms (Vaastu, eulrero§)). You would note that 
Vastu (Subtle) has become Vaastu (gross) by addition of letter “a” and this difference is reflected 
in our languages too. When 9 / 3f become 9}, / 37 the subtle becomes gross. Hence the most 


important statement for this science is “Vastur eva Vaastu”, this means the subtle becomes 
gross or energy becomes matter or the space becomes earth. This is purely manifestation / 
evolution and there is no creation. This has nothing to do with religion but supreme science. 


e Since it is all only one energy and it ever vibrates based on the harmonics and resonance, this 
vibration is called life and everything in this world, be it a living being or a non-living being as per 
our current definition — everything vibrates. The chair you sit and the vehicle you use are all 
living beings. Everything throbs with energy and there is nothing which is a non-living being in 
this universe. Without this vibration there would not be any difference between iron and 
cotton. The difference between particles is essentially the molecular constitution which is a 
function of its elements and its periodicity. This defines presence or absence of quality and 


sensory perceptions. This was put very nicely by Poet Subramanya Bharathi as ommhl@ 


HMTGVNSGHILD FSH\WILM, Where ever you see its just energy. 


e The above concept is very profound and this is called as Science in our scriptures since it deals 
with Knowledge of the space (6.16001 (@IT6OTLD, Vin-gyan). 


e By the same concept when a subtle energy which is in the open space is converted to a gross 
form like a building then this body / building vibrates based on the design specifications and the 
material used for that building. It does not matter what is the measure and what is the material 
used, it vibrates. When a structure is created with a divine proportion then we breathe life 


into it. Thus the structure becomes a living organism. This is how some of the structure stands 
the test of time for thousands of years. 


Vaastu is that science which aligns the vibration of the building with the vibration of the 
dweller in the building so that both the living organisms (the building and the dweller) are in 
harmony and resonance. 


It sounds simple but for this science we need to know includes the vibration pattern of the 
dweller, mathematics of space engineering, the knowledge of materials and its nature so that 
we can match it up to create harmony. This is precisely what Vaastu as a science does. Again it 
has nothing to do with religion. If you Google you would find thousands of Vaastu experts 
outside India who perceive and pursue this as a supreme Spatial science. 


Let us look at the word “vas” which is the root. This means to shine; to grow bright, to bestow 
by shining upon, becoming light. Vaas is its derivative which means to perfume, an intoxicant, 
dwelling place, to assume the appearance of matter. This is the root for SriniVAAS, 
SreeVAASan, VAASam in Tamil means living. Most importantly the ability to feel this subtle 


thing (which cannot be touched) is called VAASanai (6UIT&60)601, in Tamil it means smell). 


This spatial science includes knowledge on the following: 
o Nature of soil and material, and the qualities of its energy. 
o Measures for spatial engineering that best resonates with the environment and the 
dweller. 
=" Note that the dwelling unit cannot be compatible to all the human beings 
universally. This varies with individual to individual and hence the Vaastu 
compatibility for the house is always seen for the housewife than the man with 
the assumption that what is compatible to the lady of the house would suit all 
others. 


o Accurate calculation of time and the position of astronomical bodies. The time 
engineering merges here with the space engineering. Consider the following to 
understand this: 

=" In some temples you would notice that the sunlight falls on the deity on a 
specific day / time of the day. This is not possible if the future position of 
astronomical bodies at a given time is calculated very accurately. 

= When we build a house / temple the inauguration ceremony should be 
conducted at a specific time. So it’s just not Space Engineering but time 
engineering also. 


o Wesee that the concept of space and time are not just a continuum but: 
=" The measures of time and space merge and results in the same unit measure 


called Tala. It is Adi Tala in Poetry, Music and the same measure is used in 
building and sculpture dimensions. 
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=" Space is created because of the pulsation called Time and hence the unit time 
measure (for pulsation) and the unit space measure (result of pulsation) are one 
and the same. This means the pulsation causes proportional displacement or 
creation of Space. 


= It is the same concept used in meditation techniques. With Pranayama, Dharana 
and Dhyana you control the pulsation and align with it. In Samadhi you stop the 
pulsation and hence you are beyond time and space and you reach a 
luminescent state of resonant non-vibration. 


Hence | named this book as “Time = Space”. 


We have seen that each subtle unit is represented in 8x8 energy grid and the gross unit is represented 
in a 9x9 energy grid. Mayan states that “Each module or pada within the 8x8 / 9x9 structure resonates 
with a specific energy. Based on Space, Time, Light, and Sound coordinates the frequency of vibration 
has its unique position in the Space/ Time continuum. This energy level of frequency of vibration is 
called a luminous body or Devata. This devata has particular attributes based upon its position and 
qualities in the Space/Time continuum (placement among the 64 / 81 sub-cubes or padas)”. 





Figure 37: 5 states of 8x8 Energy Grid (Courtesy: Dr. Ganapathi Sthapati) 
Now what is evident here in this science is 8 and 5 merges and so does Space and time. 


e Manifestation occurs in additive values of eight and in 5 stages. You can note that the Bindu 
(Point) has become 4, then 12, then 20 and then 28. (4+8=12 +8=20+8=28 with a total additive 
factor of 64). Manifestation occurs in sequences of five steps known as the Pentadic Order. 

e The mathematical calculation which gives form to consciousness / space / subtle matter is 
called “Ayadi Gananam”. We know that Ganam as the additive process. 


Ir 


Dr. Jessica Marcey in her Fabric of Universe states that: 


e The subtle energy point in the center becomes a self effulgent energy generator pouring out 
waves of energy 

e becoming a self spinning stabilized structure of four padas / modules then 

e adding eight units of energy to manifest the 4X4 structure of 16 units or modules; then 

e adding another eight units of energy to manifest the 6X6 structure of 36 units or modules; then 

e Adds eight more units culminating in 64 units or modules strung concentrically around the Bindu 
point or central generator. 


So a central point with 4 concentric square belts around, each has its own frequency, vibration and 
energy characteristics evolving into a 9x9 unit as a gross matter. While this knowledge is significant of 
itself, when these phenomena are viewed in light of material manifestation as built space in 
architecture, the significance becomes stunning and profound. 
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Figure 38: 9x9 energy grid with corresponding energy levels for each grid. 
(Courtesy: Dr. Jessica Marcey, Fabric of the Universe) 


So, to sum up this section, we have seen that how every inanimate thing in this universe is still a living 
being and how with the spatial science we can pump throbbing energy into a building. This is the 
supreme science where Time and Space merges. This is the 4" sacred art we talked about which is a 
manifestation of the visual form of Om. 
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As you would have noticed | have avoided talking about rituals and rules here but focused on the 
concept and philosophy. When we talk about rituals there are very many variations and we get into an 
unnecessary argument that whether it is rational or superstitious. Since most of the arts have become 
commercialized, the person’s qualification and his intentions are always questionable. 


The objective of this book is to highlight the scientific aspects of the universe in a small way and 
emphasis that our culture is built on this science. Be it language or arts or religion all are built on 
scientific facts. They all were nourished and nurtured in thousands of Temples across India which is the 
container and protector of this subtle science and energy. 


Let’s see some more interesting aspects of this in the next section. 


Happy reading! 


a 


28. TIME = SPACE SERIES. PART 28 — CAPTURING THE 
DIVINE ENERGY — SQUARES & CIRCLES 


It is told that the sanctorum of Lord Ranganatha’s temple at Sri Rangam is circle from outside and 
square from inside. Why? 


e Subtle energy is represented by 8x8 square grid and the perimeter of the square is 4r and the 
area of the square is r*r. When each grid length is 1 unit then r = 8, so perimeter is 32 and area 
of this square is 64. 

e Gross energy is represented by 9x9 square grids and with the same measurements perimeter is 
36 and area of this square is 91. 


It has been an architect’s dream to create and capture subtle energy in a gross structure. This is 
fundamental objective of spatial engineering. How do you go about to achieve this? It looks that they 
found that they would take the help of a circle either outside the square or inside the square to achieve 
this. Remember almost every yantra has a square and a circle component in it. 


The measurements are so taken such that either the perimeter or the area of both the circle and the 8x8 
square are matched. Most of the Hindu temples follow such rules to invoke the subtle energy in a gross 
structure like temple. This is one of the well kept secrets and this is the reason each and every temple is 
said to interact with your subtle body differently when you visit it. 


This is why Lord Ranganatha’s sanctorum in Sri Rangam temple is a circle from outside and square 
from inside. This secret is called as Squaring a Circle. This is all about to creating divine energies and this 
is the science that is implemented in all the Hindu temples which are built as per the Sastra. You need 
just basic math knowledge and patience to understand this supreme secret and | shall give below 2 
techniques to match the area or the perimeter of the circle with that of the 8x8 square. 


Perimeter match: 





e = Let’s look at the image of a circle of unit 
radius. The area of the large circle is m (mr?) and 
the circumference is 2m. Here r =1. 





e Draw 2 circles inside as shown with half 
the radius. The area of each circle is m/4 and the 
combined area of both the circles is m/2. The 
circumference of each circle is m and the 
combined circumference of both the circles 
put together is 2m. 

















Figure 39: Squaring a Circle (Courtesy: Dr. Robert Lawlor, Sacred Geometry) 


Just note that when a larger circle divides itself as 2 smaller circles the area is halved but the 
circumference is the same. This gives the first philosophical metaphor that “One has become 
two which are bipolar yet non-dual”. This is one of the fundamental principles of Advaita and 
also in Chinese philosophy. This bipolar non-dual force is the basis of life and is represented as 
male / female and Yang / Yin. 


Now draw 2 arcs NDM and NEM from A’ and A with the radius as A’P and AQ as shown in the 
dotted line. You would note that point D and E would divide the radius of the circle by divine 
proportion — 1/@ and 1/@’. Radius of the arc AE is ®. The Yin Yang symbol is based on this 
principle which embeds the divine proportion in it. 


e Now let me draw a square ABCD 
around this circle (Fig 40) where the side of 
the square is the diameter of the circle 
which is unit 2. Here OP =1, AB=BC=CD=DA = 
2. The perimeter of the square is 8 and the 
area of the square is 4. 


e Now draw a circle with O as the 
center and NO as the radius as shown in the 
figure. Here NO = v@. You can take this 
figure as such if you find it difficult to follow 
but for those who are interested, the 
derivation to calculate radius “NO” is as 
below: 





Figure 40: Squaring a Circle 2 (Courtesy: Dr. Robert Lawlor, Sacred Geometry) 


o Consider a right angle triangle OPN. We know OP = 1 and PN which is the radius of the 
arc = ®. Hence as per Pythagoras theorem PN? = OP? + ON? which is ®? = 1+r’. Let us say 
the radius is ON =r. 

o Sor=v(®*-1). We know @ is 1.61803399 so r= v®. 


We have got a larger outer circle with a radius VM and hence the perimeter should be 2nv®. 
This is numerically equal to 7.9924576, which is equal to 8. Now we have created a structure 
where a square whose perimeter and a circle whose perimeter are the same. This technique is 
not limited to India but used in the same way for pyramid construction. 


This is the perimeter match between 8x8 square grids and a circle around it. 


Area match: 


Vaastu has an easier way to get this done. Draw a circle inside a 9x9 energy grid whose diameter 
is equal to the side of the square. If each energy grid length is 1 unit, then side of the square is 9 
units and the radius is 4.5 units. 


a 


e The area of this circle is mr? where r=4.5 and hence the area of the circle is 63.64 which is almost 
equal to area of the 8x8 square with unit grid length as 1 unit. 


e This is the area match between a circle and 8x8 square. So as per Vaastu every building is 
divided into 9x9 grid and the energy level of each grid is used to design the living space. 


Capturing the direction of Subtle energy flow: 


The subtle divine energy flows is as per the diagram given below. It starts from the center and always 
flows clockwise. That is why Hindus always stick to clockwise flow of movements - be in their temples or 
anywhere else. This clockwise flow of movement is captured in the sacred symbol Swastik. Here 1 is the 
source / Moolam, 2 is Kaalam (Time), 3 Seelam (Rhythm), 4 Kolam (Form), 5 (Universe) Gnalam. 





Figure 41: Clockwise flow of subtle energy Figure 42: Swastik symbolizing energy flow 


Relationship between v2, v3, v5, ® and n: 


e Now let me draw the connection between v2, v3, v5, ® and m. Understanding this relationship is 
orgasmic and nothing less. If you think they are all some random numbers which cannot be fixed 
to their 10 decimal and not related to each other, just see the following relationship. 


T= Ox 6/5 


Philosophically 6/5 is the relation of a hexagon to a pentagon and the other way to express 
this relationship is 


® = (vr * V5) /(V2*v3). 


e This goes to prove that we did not just knew the numerals but divine fractions and proportions 
including their linkages. | am convinced, there is not even an iota of superstition in our temple 
and idol worship but they are supreme sciences codified and left for our benefits. 


e The temple of Sri Rangam dates back from Ramayana, which is Treta Yuga that is 800000+ years 
back as per Hindu Scriptures. This is our rich past and supreme science is embedded in our 
culture and codified in thousands of temples across nook and corner of the country. Why should 


il? 


we ignore this? We have a lot more to offer this world which is struggling to understand the 
nature of nature. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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Figure 43: Similarity between Indian temples, Pyramids. The Tamil text states how the structure should 
be built. (Courtesy: Dr. Ganapathi Sthapati) 
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29. TIME = SPACE SERIES. PART 29 — HEAVEN & 
EARTH — LORD NATARAJA & LORD RANGANATHA 


Let’s stay with Lord Ranganatha and see the relationship between him and Lord Nataraja. Would you be 
surprised if one is the mirror image of the other? Look at the majestic picture of Lord Nataraja below. 
Wonder why this is always made in metal and not in wood or earth? 


JOS Se 





Figure 6 reproduced. 


In Pancha bhoota (Space, Air, Fire, Water, Earth) Metal is always associated with Space and Wood is 
associated with Air. This system is reflected well in the Chinese system and it was not any different in 
our Vaastu system either. Since Lord Nataraja signifies Akasha tatva, (Vin porul) he is always made in 
metal — Copper or Gold or Bronze or a mix of it. The statues which were ancient had a generous amount 
of gold giving a luminescent look about the statues. The art and science of moulding metals to create 
divine forms with precise proportion dates back to thousands of years in India and the western experts 
think that this is a recent phenomenon. This is a complete surprise to the western world since they 
cannot believe that such sophistication existed before. 


Dr. Ganapathi states, “Lord Nataraja also signifies the primal image being expressive of the secret of 
creation in the process of which formless becomes instantaneously endowed with features and of perfect 
form. This is the reason why the statue of Lord Nataraja is called as Silpa, the primal image and 
everything else which is sculpted in this universe is called as Pratima (replica) and the original and one 
and only sculpture is the image of Lord Nataraja”. 


Ir 


Mamuni Mayan states, “Bhumih pradhana vastu Syat”, means Earth by virtue of being the very basic 
support of all things, this is the primal and dominant Vastu”. Earth and space are manifestations of each 
other in the cyclical process of evolution. They both should always be considered to be in unison. This 
vibrant, energetic, manifest earth energy (Prithvi Tatva) is called as ‘Vishnu’. 


In Vaastu satra, the Vaastu purusha is Lord Vishnu and understandably Vishnu is invoked as Vaastu 
purusha in Srirangam temple and offered a seat in the heart of Lord Ranganatha even today as a ritual. 
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GROSS DIVINE FORM 
Man-porul 


Figure 44: Lord Ranganatha in the reclining pose 


Lord Ranganatha represents manifest earth energy (Man porul) and hence is always made out of 
seasoned earth only and it should be properly painted too. He is never to be made of metal. This earth 
form does not support frequent mobility and symbolizes stability and immobility. This is the reason 
when Vibhishana kept the idol of Lord Ranganatha down at Sri Rangam it could not be moved. 


The energy that is in available in every universal form is represented as Vishnu and hence he is called as 
Antaryami. Once the subtle becomes grosser the vibration is reduced and the grossest form would not 
have any creative pulsation in it. It would still have the vibration based on its nature which ensures that 
it retains the form and shape. But it does not have any creative pulsation and it has reached the zenith 
of evolution. This zenith is characterized by Lord Ranganatha in the reclining pose. 


The creative pulsation (Space) is the dance and the zenith of manifestation is a reclining posture 
(Earth). 


As we have seen, Lord Nataraja carries Light in his left hand and sound in his right hand. Lord 
Ranganatha carries Chakra representing light in the right hand and Conch representing sound in the 
left hand. The principle that the primal substance (space) has manifested as the universe (earth) and 
both of them are mirror images of each other is reflected in both the images. 


In Chinese texts the Yang energy is associated with Heaven and the Yin as earth. Now associate the same 
heaven with Shiva, Earth with Vishnu and Tao with the God’s particle - with some of the text below from 
Lao Tzu’s “Tao te Ching” 


“The Tao that can be told is not the eternal Tao. 

The name that can be named is not the eternal name. 
The nameless is the beginning of heaven and Earth. 
The named is the mother of the ten thousand things. 


Something mysteriously formed, Born before heaven and Earth. 

In the silence and the void, Standing alone and unchanging, 

Ever present and in motion, Perhaps it is the mother of ten thousand things. 
| do not know its name. Call it Tao. 


Man follows Earth. Earth follows heaven. Heaven follows the Tao. 
Tao follows what is natural.” 


To sum up in the words of Dr. Ganapathi Sthapati: 


e Both the temples Chidambaram and Srirangam are south facing temples. 


e Lord Nataraja signifies Akasha Tatva, outer space, macrocosm, subtle unmanifested energy is 
the Vastu purusha, is always in dancing pose, circumscribed in 8x8 square and made of metal. 


e Lord Ranganatha signifies Prithvi Tatva, inner space, microcosm, manifest gross energy, is the 
Vaastu purusha is always in reclining pose, depicted in a circle or a 9x9 grid and made of earth. 


e Lord Nataraja represents energy with matter and Lord Ranganatha matter with energy. In the 
equation E = mc’, Lord Nataraja represents E and Lord Ranganatha represents mc’. 


e Both these temples are a ‘must see” and a “periodic see” types and you would be amazed that 
the qualitative change in your mental state even if you don’t pray inside the temple but spend 
some time sitting or walking in the premises of the temple. 


e Both these temples are perfect symbols of ancient science codified for the benefit of the 
society and left for generations withstanding the test of time. 
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Figure 45: Sri Chakra —- The Supreme shape in sacred Geometry 


Chidambaram and Sri Rangam should be ground zero for any lab that wants looks into the secrets of 
space and time as they represent supreme science as much as they represent spirituality. We now see 
that science was the basis of our spiritual faith unlike it being 2 completely different aspects today 
across the world. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 
May we be blessed by the divine power to unravel unknown secrets about the nature! 


Happy reading! 
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30. TIME = SPACE SERIES. PART 30 — TEMPLES AND 
IDOL WORSHIP 


Let us forget Hinduism, its symbols and names of god for the time being and consider these aspects as 
pure science from a nanotechnologist and cosmologist called Mayan. 


We have been told that the universe is full of luminescent particles and this particle manifests itself 
because of the primordial pulsation. We have had a sneak peek into the geometry and the mathematical 
proportion which is used in the creation of many things. We know that the universe rhythm confirms to 
a mathematical code to the extent that we can create divine energies in a temple based on that science. 


If time is pulsation of consciousness and if it creates, sustains and destroys everything, then time is the 
architect sculpting the universe and every object in this universe should be a sculpture of time and this 
concept is very beautifully captured in “Jagat Sarvaram Silpameva’ meaning the entire universe is 
nothing more than a shilpa / sculpture (and it latently conveys that Time is the Shilpi). 


If all the above things are right then is it not right to say that “Man created the concept of God” or 
“Mian can create divine energy around him”? Let me sum up my thoughts as below: 


e The sages and rishis were essentially scientists and understood the secret of nature very well. 
They were understandably masters in nanotechnology and cosmology. 


e They knew that “One thing” with which they could understand the nature and science of all 
other things in this universe. This is obviously supported by the mathematical knowledge they 
had. 


e As per Vedas nothing is created by god including the Vedas, but universe is the manifestation of 
god. They also understood that man is the most evolved of this manifestation. This is why they 
created all the god forms in the image of a man. 


e Be it language, poetry, classical music, classical dance, sculpture and architecture it was the 
manifestation of this divinity that was the underlying link. Sacred geometry and sacred 
proportions were used to generate the subtle energy that took us closer to divine. 


Hindu temples were created to capture all these aspects in one place and which could sustain and grow 
for the benefit of mankind. 


e Secret of nature heard through the vibrations of Vedas were codified as supreme science and 
weaved into a philosophy called Sanatana Dharma. 


e Architecture of temples confirmed to divine proportions and space - time engineering was 
accurate to capture sunlight and moon light at the same position for thousands of years. The 
design of the temple cleaned the subtle energies and points of the human body. 
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Figure 46: Ganapathi Idol (Courtesy: Dr. Ganapathi Sthapati) 

The sloka above in Sanskrit gives the measure of different parts of this Idol which would confirm to total 
64 units (resonance of 8). Hair (3), Face(12), neck(2), Chest(11), Stomach(12), Belly &Pelvis (6), Thigh(6), 
Knee(3), Legs (6), Feet (3). Total 64 units. Just as much a Sloka with right metre and letters becomes a 
living organism, an idol with right proportions becomes a living organism. 
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Divine Idol forms confirmed to a mathematical proportion that invoked subtle energies within 
and around us. This is where the external forms were used to create energies internally to a 
human. This is the basis of idol worship. If it is scientific to create a form with divine energies 
based on mathematical proportion then idol worship is the supreme proof for that science. 


This supreme mathematical law is called as Dharma (nature‘s law) and the unfolding of that 
law is the Karmic theory of cause and effect / law of karma. 


Poetry, classical music and classical dance are intimately linked to this Hindu temple culture. Adi 
Tala and octaves were used to create subtle energies in poetry using words, and the same tala 
maana is used in classical music with rhythm and raga, in classical dance with light and sound 
and in sculpture as a visual form. 





Figure 47: Human body as a representation of a temple 

(Courtesy: http://www.salagram.net/sstp-mgpuja3.html ) 
A Hindu temple is a divine and yogic representation of a human being with the Deity in the temple 
representing the God as indweller in humans and all beings. In a temple the feet represents Rajagopura, 
the hands represent Praakaara, the abdomen represent Mandapa, the heart represents Antaraala and the 
crown of the head represents the sanctum sanctorum (garbha griha). The temple is used as a reminder 
that our inner spiritual journey is through internal yoga to realize the indweller God. This analogy is shown 
through the representation of various chakras namely Moolaadhara to Sahasraara in the body to various 
locations in the temple. 


It may be of interest to note that the same harmonics of 8 are reflected in every other domain. 
For example, if you have been practicing Pranayama then your master would have asked you to 
practice breathing based on some counts. The most popular counts are 6(inhale), 3 (Exhale) or 
7(inhale), 2 (Exhale). If you notice this count 9, this cleans up your gross body. Advanced 
Pranayam students may be asked to stick to 1 (Inhale), 4 (Retain), 2(Exhale), 2(Retain outside) or 
as a variation 1,4,2,1 or 1,3,2,2. The counts which add up to 8 clean the subtle body. 


Till few decades back the fundamental dimension for money in India was “Ana” called as Eight 
Anas (6TL_L_6vorit) and this was equivalent to Rs. 0.5 as the fundamental measure. 


Thus a “Poetry is an idol in aural form and a building is a frozen music”. A Poet by the way of 
his mental frequency has first become the poem itself and then the actual poem was created in 
its aural form and an artist by the same frequency has become the idol first and then he gave a 
shape to the idol externally through this hands. This is very beautifully given as “Raso vai saha, 
So Vai rasikaha”, which means he (god) is the enjoyer and he is the artist. 


All of this reflects the supreme philosophy that “Oneness in all and everything is just a 
manifestation of that one thing”. 


Now in this light understand the meaning of this Upanishad prayer, “Aum Poornamadah 
Poornamidam Poornaath Poornam Udachyathe, Poornasya Poornamaadaaya 
Poornameva Vasishyathe”. This means God is perfect (infinite). This Universe is also perfect 
(infinite). If perfection (infinity) is taken from anything perfect (infinite) what remains is still 
perfect (infinite). |sn’t this is the actual reality today? 


Everything scientific is philosophically, mythological and ritually well interwoven that proves 
that Sanatana Dharma is the most ancient and supreme representation of science and nature’s 
secret in our possession. Our temple worship which integrates all this science, 5 sacred arts with 
language and Math is the standing example of our understanding of the nature of god. 





Figure 47: Layout of Sri Rangam temple with 7 Prakaras 


It is the same Sugarcane but an elephant eats it from the field directly, a young adult peels the skin off 
and chews it, if a kid has to eat then someone has to peel the skin and cut it into pieces and an old man 
without teeth needs it to be made as sugarcane juice. Depending on one’s ability to chew and digest the 
food has to be processed. 


Same way depending on one’s mental ability to grasp the supreme truth it has to be processed and 
presented. If someone is mentally well evolved then they can be fed with Upanishads and he can 
meditate on the formless Brahman. To a young adult Upanishads may not be palatable directly but they 
may have to start with Upavedas and Vedangas to mature to a higher level. For the less evolved kids, 
Itihasa and Purana like Ramayana and Mahabharata with stories may drive home the point and they can 
start with Shlokas and mantras. But for the least evolved it has to start with a personal deity with name 
and form, bhajans and songs to invoke the concept of Bhakthi. 


In all the four cases temple culture forms the lowest common denominator. Even the most evolved 
relish the arts and architecture in the temples. We should be proud of our rich cultural and scientific 


heritage and be passionate about the science and philosophy and be rational about rituals and 
symbolisms. 


Image / Idol worship is not deplorable or despicable. This is the highest scientific form of worship 
which enables us to see face to face the one which is beyond reach of sight and speech. This kindles 
devotion, community development and helps one to climb the steep walls of spirituality in the initial 
stages. Every religion in this world has some image or idol as symbolism to achieve this objective. 


An idol is a god in form when made with the science of divine proportion and seasoned material is the 
highest product of our intelligence till today. 


It should however be noted that this idol worship should not be lost in the din of rituals which does not 
reflect the very philosophy it had come to symbolize. So the advice | follow is “Be passionate about our 
culture but be rational about the rituals.” 


The advancement of science can progress rapidly when the western scientists who are objective and 
empirical, partner with the pundits in India and learn the science of the subtle from our scriptures and 
temples. For this to happen we need to learn our own scriptures and past which is not possible without 
learning our mother tongue and Sanskrit. Else in the near future we may have to import knowledge of 
our culture and rich past from the western world. 


As a wise man said, “Indians are the most ignorant about their rich past and scientific traditions.” 


Happy reading! 
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31. TIME = SPACE SERIES. PART 31 — MAYAN & HIS 
WORKS 


Mahamuni Mayan was the father-in-law of Demon King Ravana and is referred in both Mahabharata 
and Ramayana. He is attributed with building the palace for Yudhishtar in Indraprasta and also the 
architect for Sri Lanka which Ravana ruled. His son Nalan helped Lord Rama build the Ramasethu — the 
bridge between India and Sri Lanka. He is believed to have lived in the Ilamuridesam popularly known as 
Lemuria continent (Kumari Kandam) which spanned 4500+ kms from Sri Lanka to Antartica connecting 


current Australia, Africa and Americas. Check out http://www.sacred-texts.com/atl/tll/index.htm 


Understandably when this land mass was consumed by the sea their clan moved to different parts of the 
...-~— world including Guatemala, Egypt, and to current south Indian 
j region. This explains as to how we find common science across 
India, South America and Egypt. 





He has written books in both Sanskrit and Tamil and | am going 
to produce the list of technical works he has created and look 
at the contents of a specific book called Surya Siddhanta. Just 
the list of works and also the topics in Surya Siddhanta is 
amazing, highlighting the depth of science we had at that time. 
http://www.youtube.com/watch ?v=PZKiCpFisoY 


Figure 48: Kumari Kandam depiction 


The Surya Siddhanta 
The most ancient treatise on Astronomy is a treatise authored by Mayan. It is called The Surya 


Siddhanta. Included in this treatise are the following chapter topics following: 


e The Motions of the Planets 

e The Places of the Planets 

e Direction, Place and Time 

e The Moon and Eclipses 

e The Sun and Eclipses 

e The Projection of Eclipses 

e Planetary Conjunctions 

e Conjunction of the Stars 

e —Risings and Settings 

e The Moon’s Risings and Settings 

e Certain Malignant Aspects of the Sun and Moon 

e Cosmogony, Geography, and Dimensions of the Creation 
e The Gnomon 

e The Movement of the Heavens and Human Activity 
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Mamuni Mayan 


Figure 49: Mamumi Mayan 


Mayan is also attributed with the start and spread of Temple culture in India. The song below in Tamil 
states that since Mayan sat under the Banyan tree and taught this science of universe and also of the 
sacred arts, so that every town was endowed with Temples for social betterment. Because he was from 
the southern region and also he sat under the Banyan tree, he is also equated with Lord 
Dakshinamoorthy. 


AULT LOG HST SCL AGN LUT HOGHFSTCE 
AVION LOG HHl61 ECL HiGL. NEV UMNTHFGTCEV 
AULT GH SCL) HMUGSEN UMNGHFGTCC 
ASVILILD 2AGLOCHTILD 2601015 G61 FLING G15 607 GY!! 


The Mayan says in his Pranava Veda verse one: 

“Om Light and Om Sound are the Primal Source of all manifest forms. Om Light is aroused by its own 
effort in a state of disorder and appears as a flame. The state of Om Light and Om Sound in Space is a 
magnificent luminous six — faced Light form that is called “murukoli”. The transformation of Om Light 
and Om Sound through the five stages is concealed in the five fold knowledge, of which, this is the first. 
This process of transformation of disorderly Om Light and Om Sound into orderliness is found in all five 
fold material forms.” 


Sage Veda Vyasa says in the Bhagavatam, “eka eva pura vedo pranavha sarva vangmayha” (9th 
skandha, 14th chapter, sloka 48 of Bhagavatam). This means that there was only one Veda called 
Pranava Veda. It is believed that Sage Vyasa created 4 vedas from this Veda since he believed that the 
oncoming generations would not have the mental strength to master everything. 
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Figure 50: Aerial view of Sri Rangam temple with 7 Prakaras 
Technical works 


The following are technical works written by Mayan and represent the 12 vowels of the Tamil language: 


e Ovia Chennool - Treatise on Drafting and Painting 

e Sirpama Chenool - Treatise on lconometry 

e =Kattida Chennool - Treatise on Architecture 

e NilamanaiChennool — - Treatise on House Building based on quality of land 
e = Manainila Chennool - Treatise on Land based on the nature of house building 
e ~Baniyal Chenool - Treatise on Astro Physics 

e Perunata Chenool - Treatise on Divine dance 

e Muligai Chenool - Treatise on Herbs 

e Ganitama Chenool - Treatise on Mathematics 

e = Arakkala Chenool - Treatise on Ship Building 

e = Vinkala Chennool - Treatise on Space Ship 


e = Elisai Chennool - Treatise on Science of Music 
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MAYAN, in Aintiram states that: 

"There exists an order in the Universe - subtle universe, and material universe. This power is attributed to 
the consciousness of the cosmic space as well as of the inner space of the animate beings. This 
consciousness, by its personal effort to express its own inner feelings, causes a kind of vibration or 
pulsation in the inner space, resulting in energy-grids. The vibration or pulsation, being the causal 
element of all these events, is called KAALA. This is actually the force of energy aroused by the inner 
consciousness, causing waves and contributing to the growth of living forms. This KAALA resides in all 
living beings. So, space is the offshoot of the vibration of the primordial energy. This is how the space 
was born. All forms of nature are manifest forms of subtle energy. For all to get manifested, the force is 
KAALAM. This wave-form frequency realm is the creative element of the universe." 


There is no other treatise that we have in our possession today which is dated 10000 BC that depicts the 
secret of nature so explicitly and gives the unmanifested interconnections and mathematical 
proportions between everything in the universe. 


As Dr. Ganapathi Sthapati rues “Unfortunately most of the Tamil experts don’t understand the science in 
these texts and hence these books are idling without anyone extracting the truths from it”. In the next 
few generations when we are less equipped in our own mother tongue we may lose this treasure 
completely just like the many we have lost so far. 


Hence the first step we need to ensure is even if you are not equipped well in your mother tongue 
please make sure that your kids can read and write it well. This becomes our most important duty. And | 
find it worrisome when someone is indifferent to the fact that they can understand their mother tongue 
but cannot read and write. 


With some significant efforts we can and we should prove that this man who said, “Indians are the most 
ignorant about their rich past and scientific traditions.” is not wise any more. 


Happy reading! 
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32. TIME = SPACE SERIES. PART 32 — CONCLUSION 


What | have understood in a nutshell is as follows: 


e The inner being of both - the individual and the universe is luminescent consciousness which has 
the ability to become aware of it. This luminescent consciousness is called by various names but 
it is essentially the only existent Vastu in this world. This Vastu manifests itself as time, space 
and spatial forms. 


e “Aanor aniyaan mahato Mahiyaan!” this means what is in the atom is the same makes up the 
universe. That which is present in the atom is the Space energy and the meaning of the word 
Akasa is stated as “Aa kashayati aakasa ha!, That which imparts light to others or make others 
shine is called Akasa”. This means that Space Vastu is luminescent. | am stressing the aspect of 
luminescent again and again for you to start perceiving God as light. 


e  Pranava is the causal element which triggers this evolution process and this manifests as visual 
and aural forms. Pranava results in the primordial pulsation and this pulsation is triggered and 
sustained by a divine progression and proportion which is called Absolute time. 


e Absolute time creates Absolute Space. These 4 things — Absolute time, absolute space, Aural 
Pranava and Visual Pranava combine together to form spatial forms and hence this universe. 


e The Vastu as God’s particle, its characteristics, the Pranava, the pulsation, the rhythm, the 
progression, its proportion and the resultant energy states — all the scientific facts, theories and 
processes are captured and codified as a Dharma which is called as Hinduism today. The science 
behind this subtle energy is reflected in various art forms that includes Poetry, Classical music, 
dance, Sculpture and building architecture. 


e All these manifestations are harmonics of 5 and 8 differentiated by the Golden proportion / 
God’s ratio to reflect the various states of consciousness. This intrinsic order is called Dharma 
and the cyclic nature of this evolution is the Karmic code embedded in the universe. Nothing 
in this universe is superior to the Dharma and Karmic code. 


e The divinity manifests in us and the space within us is nothing different from the macrocosm. 
Consciousness which exhibits itself as a state of being because of our mental vibration can 
evolve to a higher plane to devolve back into the luminescent core. 


e Sanatana Dharma popularly today known as Hinduism is the repository of this supreme secret 
not just as a philosophy but integrated with every stage of our life. This can be understood 
better only if we can give due respect and attention to the language and scriptures, our spiritual 
tradition interwoven with arts and architecture that contains these treasures. 


e The temple culture & Idol worship that we have symbolizes the best of science known to human 
beings and we need to understand this and preserve this in the best possible manner. 
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Figure 51: Vedic Knowledge as an inverted tree with Brahman as the roots signifying that 
everything has acommon root. (Courtesy: Internet) 
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(Figure 52: Goddess 
Sarasvati. Courtesy: 
Internet) 


She is the Goddess of speech, 
music and knowledge. She 
carries the rosary beads 
(akshamala) represents the 
alphabets of a language 
(Sanskrit), the musical 
instrument (Veena) and Vedas 
as palm leaf manuscript in her 
hands that denotes the 
knowledge. Thus we can see 
that idol worship signifies 
deeper scientific aspects of a 
common root between 
Language, Music, knowledge 
and arts. 


Figure 52: Musical instrument Veena as a representation of Human Body (Sarira veena) (Courtesy: 


Internet) 
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| am happy to note the coincidence that this book has 32 chapters with 108 pages — both being key 
universal numerals. Chapter 19 (the golden mean of this book) deals with the Golden mean or God’s 
ratio of nature is again coincidental. 


| would like to thank you for reading this book. | would like to state that | am neither adept in any of the 
topics discussed in this book nor an expert in any of the arts including the languages Tamil or Sanskrit 
language. 


A curious mind driven by my passion to understand the underlying aspect in all things and my liking to 
reading has helped me to compile this book. My exposure as a student to Chinese martial arts, Indian 
yogic studies, Pranic healing and Siddha philosophy helped me to connect of the points | had articulated. 
Any authoritative statements in these books reflect my belief in the topic or from the author / teacher 
from whom | subscribed it and it is certainly not reflective of my abilities. 


| am open to constructive criticisms on any of the topics and | can be reached at the mail ID shared in 
the first page of this book. My only request to you is “Please share this book or parts of this book 
without any hesitation to your friends and family and help us dispel the ignorance about rich ancient 
Indian culture”. 


| shall end this book with some of my favorite quotes of Dr. Einstein. 


“My religion consists of a humble admiration of the illimitable superior spirit who reveals himself in the 
slight details we are able to perceive with our frail and feeble mind. That deep emotional conviction of 
the presence of a superior reasoning power, which is revealed in the incomprehensible universe, forms 
my idea of God. We still do not know one thousandth of one percent of what nature has revealed to us.” 


Satyam Param Deemahi! 
May we meditate on the supreme truth! 
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This book is dedicated to Adam F. Lewis—at work on the eighty-eighth floor of the South 
Tower when his mother called him from Spain as she watched television reports of the first 
hit on the North Tower—and to all the others who were sacrificed on that day. May the 
truth prevail, that the greater mystery might be made known—forever. 
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Freface 
A Brief Literary Autobiography 


Time and the Technosphere: The Law of Time in Human Affairs is essentially a pro- 
longed set of meditatipns occasioned by the one most powerful and overwhelming 


event of our time, the 9-11, the Inevitable Event of September 11,2001. Subsequent 
events may overshadow this one in horror and magnitude, but it was this event in 


particular, the destruction of the World Trade Center towers, that sent a signal that 
something very profound had occurred to change the way we think of ourselves and 
our future. 

In presenting these meditations and reflections in the form of a book, I am pain- 
fully aware of the limitations of this medium in the information age. Keeping in 
mind that the volume of information has increased five times in the past century- 
with much of that increase occurring only in the past decade-I am very reluctant to 
put anything down to be published in the form of a book. I was raised well on the 
writings of Marshall McLuhan and his definitions of media and how they affect our 
senses. It is altogether obvious that a book in your hand is not the same as reading a 
text on acomputer screen. A book is actually something made to last. Of course, the 
computer has made it possible and easy for virtually anybody and everybody to write a 
book, and so we encounter one of the great hazards of the information age: the decline 
in discrimination and the criteria of excellence. Who can now tell what is worth read- 
ing or not? These reflections, too, are very much to the point of the grand theme of 
this text. If a book is meant to last, how long will this book last? It should last until the 
New Time has established anew order of reality on this now anguished Earth. Whether 
or not destruction and the total collapse of civilization will occur first, we do not really 
know. That is a matter left to the Divine Mind of God alone. 


Nonetheless, it is with faith that we continue on this Earth at this time. A pressing 
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voice told me to go ahead and to write this book, regardless-but then, this is how I 
have always done it. Those who are at all familiar with any of my earlier books, will 
find that Time and the Technosphere is but a continuation of themes that have pro- 
voked me since I first considered literature as a medium of communication. It is 
important to know where the author is coming from, and how he got to this particu- 
lar point of reflection. In this regard, Time and the Technosphere is the organic result 
of a lifelong pursuit of a study of the nature of art, time, and history. This study has 
been woven together by a dialectical process that defines the evolving nature of 
consciousness. So, for those who are interested, herewith follows a brief literary 
autobiography, the better to understand my point of view. 

My earliest book, Charles Henry and the Formation of a PsychophysicalAesthetic (1972), 
states the grand theme of aholistic science that unifies body and mind, sense and nature, 
the harmonic pursuit of which has been at the root of all my endeavors. This pursuit was 
amply demonstrated in my second book, Mandala (1972), which, as a root text of the 
counterculture, | was an artistic, philosophical, and cosmic plea for a harmonic  resolu- 
tion to the process of history. It isasign of the times that Mandala is no longer in print, 
but instead a book bearing the same title, but which does not even include the original 
Mandala in its bibliography, is in print with the same publisher. Amnesia is one of the 
side-effects resulting from information overflow with no discrimination. Unfortunately, 
cultural amnesia is always accompanied by an increase in trivialization, and thus we 
arrive at the mediocrity and sensationalism of the present moment. 

My next book, The Transformative Vision: Reflections on the Nature and History of 
Human Expression (1975, 1991), took the aesthetic and unitive themes of the first two 
books to the next stage of my visionary analytical process, elaborating on the mean- 
ing of time, history, and cosmos. In rereading the later chapters of The Transforma- 
tive Vision, I am struck by their prophetic accuracy, as well as their sense of impend- 
ing tragedy. It is hard to believe that only 26 years have gone by since that book was 
first published and now we are plunged into the maelstrom of what was then thought 
to be the worst scenario possible. The Transformative Vision also defined human con- 
sciousness as the cerebral-neurological dialectic of psyche (aboriginal, primal intui- 
tive art) and techne (civilizational, rational science), emphasizing that only in their 
absolute synthesis would there be a harmonic resolution to the problem of history. 
Seen in this light, the technosphere represents the extreme, one-sided triumph of 
techne, while terrorism is the expression of the absolute repression of psyche. The 
crucial question then arises: how will we ever attain a balance or harmony? 

Investigation of the ongoing dialectic of consciousness was continued in my next 


effort, the philosophically synthesizing work entitled The Feminine, Spacious as the 
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Sky (1977), which was written and artistically produced with my previous partner 
and wife, Miriam Tarcov, who also co-authored Mandala with me. The feminine 
aspect represents a deepening reflection of the psychic, intuitive side of human _na- 
ture. Expressed through a whole range of images, symbols, and philosophies _ that 
describe both the aboriginal root and the final flowering of human consciousness, it 
is this feminine aspect that has been smothered by the historical process, resulting in 
the technosphere. Why and how did this occur? These questions drove me to the 
next stages of my visionary investigations. 

From the beginning of my pursuits Ihave been moved by my intuitive awareness 
of our intrinsic wholeness as humans, and the knowledge that this wholeness is a 
reflection of the wholeness of Earth, the solar system, and the cosmos itself. Al- 
though this perception of reality is nowhere within the domain of the shibboleths of 
Western scientific thought as it has developed since Descartes, I have also come to 
understand that Western scientific thought is highly provincial, racially biased, and- 
because it is not informed by a perception of wholeness-incapable of solving the 
actual problems of life. In fact, Western scientific thought has been one of the key 
factors leading the human race onward to its great act of self-destruction-a self- 
destruction employed through the instrument of technology. 

In my next book Earth Ascending: An Illustrated Treatise on the Law Governing 
Whole Systems (1984, 1988, 1996), Iwas able to make a profoundly radical break with 
the restraints of the Western scientific and academic modes of thought. Combining 
the artistic and aesthetic qualities of Mandala and The Feminine, Spacious as the Sky 
with the philosophical and scientific concerns of The Psychophysical Aesthetic and The 
Transformative Vision, | define and describe the human situation as a function of the 
geology, or biogeology, of Earth understood asawhole system. Without knowing it, 
I had defined the human presence in Earth's geology in away very similar to that of 
the Russian biospheric scientist V.I. Vernadsky in his analysis of the biosphere. Cul- 
ture, civilization, and even technology are seen as features and functions of the larger 
evolving biogeological process of the whole system Earth, while time and conscious- 
ness are defined as functions of a larger planetary regulating system called the psi 
bank. In the analysis of Earth Ascending, the feminine psychic side of consciousness is 
referred to as the AC, Aboriginal Continuity, while the male, rational techne side is 
defined as the CA, Civilizational Advance. The historical process represents the in- 
creasing dominance of the CA to the final exclusion of the AC-the triumph of 
industrial man over the indigenous peoples. 

The most critical moment in history was the atomic destruction of Hiroshima, 


August 6, 1945, when through its technology the impact of human thought permanently 
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affected the geological makeup of the Earth. The events before Hiroshima are chro- 
nologically defined as P.A., pre-atomic, and those after as A.H., After Hiroshima. But 
more than defining the process of history within the context of Earth's cosmogeology, 
Earth Ascending also describes the post-historic future as acondition of harmonic  syna- 
esthesia-harmony of the senses-defined — by anew scientific system called radiosonics. 
The key to this new system of scientific endeavor is synchronicity or synchronization 
of our mind and senses in time. The problem left open by Earth Ascending was the 
precise nature of time and the timing of the radical break in the historic continuum, 
now known as the Inevitable Event-the culmination and dramatic conclusion of a 
process begun at Hiroshima. After the Inevitable Event we are liberated into post- 
history and the possibility of the radiosonic science of the future. 

In The Mayan Factor: Path Beyond Technology (1987), I was able to supply the basic 
ingredients for an understanding of time and the timing of the radiosonic future. Go- 
ing beyond the parochial limitations of Western science and the self-inflated progres- 
sivist thinking of the Western mind in general (that states "anything that advances 
technology isan absolute advance over anything that was thought of or occurred in the 
past") I was able to finally bring to light the synthesis of many years of study of the 
time science of the ancient Maya. Here, in the mathematical calculations of the Maya 
with their unique vigesimal mathematics-counting by twenty and not by decimal 
ten-lay the basis of a vast and grand science of time. So grand is this science that its 
conceptions of time dwarf anything the Western imagination could conceive. 

While the Western concept of time is linear and predicates an unceasing ascent 
into a progressively technological and mechanistic future, Mayan time science is 
predicated on the knowledge of time as the universal factor of synchronization. The 
Western conception of time isnot in accord with the actual cyclical and synchronis- 
tic nature of time, and so the whole apparatus of Western civilization is doomed to 
reach its own breaking point: the Inevitable Event. Mayan time science posits a pre- 
cise measure of the historical cycle, the most recent and climactic stage of Earth's 
evolution, as atime fractal of thirteen baktun cycles, each 144,000 days in length, 
spanning the JulianiGregorian years 3113 B.C.-A.D. 2012. According to Mayan time 
science, the efforts based on an erroneous’ time conceptualization are bound to fail 
prior to the cyclic end-point of 2012. Thus, the Inevitable Event is also a conse- 
quence of the failure to understand or to even acknowledge the actual nature of time 
due to a totally false and mechanistic timing sensibility. In this lies the cause of the 
apocalypse of Western thought and theology. 

The problem left unresolved by The Mayan Factor was the precise methodology 


for changing tracks, for switching Western dominated global civilization away from 
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the track of an erroneous, mechanistic time-based technology and toward the natu- 
ral order of time-the path beyond technology. Here my efforts took me to a point 
beyond reason. Why or how? Let me explain. As an exposition of Mayan time sci- 
ence, in preparation for the 2012 ending of the thirteen baktun cycle of history, The 
Mayan Factor is predicated on the occurrence of a real time event, the Harmonic 

Convergence "global peace meditation" of August 16-17, 1987. The timing of the 
Harmonic Convergence was prophetic. It augured the fulfillment of the prophecy of 
Quetzalcoatl (947-999) known as the Thirteen Heavens and Nine Hells. The Har- 
monic Convergence completed the ninth and last Hell cycle, and ushered in the 
final twenty-five years of the thirteen baktun cycle. The Harmonic Convergence 

was a Mayan wake-up call answered by millions of earthlings. 

Exactly forty-two years and ten days after Hiroshima, and fourteen years and 
twenty-six days before the Inevitable Event, the Harmonic Convergence was lo- 
cated by time to occur precisely when it did. Prophecy transcends reason because it 
is totally of time, which is of the fourth dimension; prophecy nevertheless affirms 
with unerring logic that which has been, and that which will be brought about, as 
being of the same karmic cause and effect stream. 

It was this matter of prophecy in the aftermath of The Mayan Factor that brought 
my literary efforts and my own life journey to another stage of development. Proph- 
ecy comes with amantle-if not, then you are classified asamadman. The prophecy 
of the Harmonic Convergence, as well as of the entire text of The Mayan Factor, bore 
the mantle of the prophetic stream of the Chilam Balam, the jaguar priests, the 
wizard knowers of the "night script." By correctly fulfilling the prophecy of the 
Thirteen Heaven and Nine Hell cycles, 843-1987, and by writing and putting  to- 
gether the mathematical codes of The Mayan Factor, and before it, of Earth Ascending, 
I, Jose Argiielles, had assumed the mantle of the prophetic tradition of the Chilam 
Balam. Mind you, this was nothing overt nor the least bit conscious, for little did I 
then know that my next life task was to decode the essence of the Chilam Balam proph- 
ecies and to define the time science of which these prophecies are a manifestation.! 

The Harmonic Convergence affirmed the karmic repercussions of Hiroshima 
by bringing forward the ancient Mayan prophetic tradition of the Chilam Balam. By 
precisely locating this prophetic tradition in acontemporary moment -a media event, 
no less-the unlocking of its final prophecies was triggered for the purpose of com- 
pleting the cycle of history: 2012 and beyond. 

Like any major media event, the Harmonic Convergence was an enactment within 
the noospheric unconscious of humanity-the telepathic whole that resides in Earth's 


mental envelope. So it was that on June 23, 1987, the Wall Street Journal ran the 
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front page story on the Harmonic Convergence. Yet due to the mental obscuration 

accompanying the final stage of global industrialization, the Harmonic Convergence 

was an event that the Willl Street Journal and the rest of American media conve- 
niently forgot when it came to their review of the century in the year 2000. Today, 
just weeks after the Inevitable Event, the collapse of the World Trade Center towers, 
the words of that article are most prophetic: "Mr. Argiielles says the choice between 
a'new age’ and all-out destruction is ours, and we had better decide."2 Though the 
prophecy was discounted, true to form, the words of the messenger remain to haunt 
those who spurned the message. 

The prophets and sages of the Maya, and of the New World in general, are a 
complement to those of the Old World, a further manifestation of the planetary 
dialectic of poles and hemispheres. If the judgment day apocalypse is the focus of the 
Old World prophecies, especially those oflslam and Christianity, those of the New 
World similarly pinpoint an end time whose denouement is chronicled as the date 
2012. It was the prophecies of the sage and culture hero, Quetzalcoatl (947-999), 
that brought about the Harmonic Convergence, while it was the wisdom of Pacal 
Votan (603-683) that informed the actual text and scientific time mappings of The 
Mayan Factor, and the image of his tomb adorns the cover of the original book. In a 
similar manner, it was the tradition of the Chilam Balam that created the prophetic 
vision of the synchronic order to be realized as the Law of Time. 

I was hardly aware of the personally transformative factors at work within me after 
the Harmonic Convergence media swell began to subside, when two events occurred 
that augured amajor change in my perceptions, activities, and literary output: the Wall 
Street stock market crash of October 19, 1987, and the death of my eighteen-year-old 
son,Josh, ten days later, on October 29,1987. In analyzing why the 1987 stockmarket 
crash happened, the lead story in USA Today about this event concluded by posing the 
question: Was it the Harmonic Convergence that somehow caused the stock market 
to crash? As I pondered why the answer to this question must be in the affirmative, as 
well as the implications of this analysis-remembering full well that the breaking story 
on the Harmonic Convergence first appeared in the TV¢#lllStreet Journal-news came 
of my son's sudden death in an automobile accident. 

Synchronically, the stock market crash and my son's death were part of one event 
continuum. As tragic as the circumstances of his death were, my son had liberated 
me from any further compunction to lead anormal life, and to pursue, instead, this 
matter of Mayan time science and its calendars of harmony. In homage to my son, I 
completed what I first thought would be a popularization of The Mayan Factor, a 
book entitled Suifers of the Zuvuya (1988). Instead of being a popularization or even 
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a sequel to The Mayan Factor, Surfers turned out to be a series of autobiographical 
tales of interdimensional __ travel-zuvuya surfing in the fourth dimension. This "flight 
of fantasy," was my literary farewell to the limitations of reason and a life of comfort. 
Inner destiny pushed me to the next stage in my pursuit of the unitive science-the 
discovery of the Law of Time. 

This journey of discovery, the findings of which are the underpinnings of the present 
work Time and the Technosphere, took me and my wife and partner, Lloydine, to physi- 
cal and mental places that were far from anything we had once deemed conventional. 
Because of this, Ihad ample opportunity to write and to create, and I did so, freely and 
without any restraints. I no longer sought any conventional means to communicate. I 
was now operating prophetically, on behalf of the noosphere-Earth's mental envelope. 

There is aconsistency to the stream of prophetic revelation, summarized as the 
codes of the Law of Time. This revelatory stream begins with Earth Ascending and 
The Mayan Factor, comes to flower with The Dreamspell: Journey of Times hip Earth 
2013 (with Lloydine Arguelles, 1991), and is completed by all aspects of the 
Telektonon Prophecy, including the Thirteen Moon/28-Day calendar (1993-2000). 
This prophetic stream is emphatically a galactic revelation of the same base of know 1- 
edge that produced the Mayan civilization of ancient Mesoamerica. The new revela- 
tory stream is known as the Wizard's Count, or "reformulated Chilam Balam." It 
was this prophetic stream and its year-bearer count that established the validity of a 
fifty-two year cycle correlated to the Gregorian July 26. 

The purpose of the Chilam Balam year-bearer count was to establish a basis for 
understanding that there exists a synchronic order of time, completely apart from 
what is usually referred to as the Long Count, the linear count of days of the thirteen 
baktuns of the cycle of history, 3113 B.C.-A.D. 2012. After along break in the tradi- 
tion of the Chilam Balam, the year-bearer count was prophetically reformulated to 
prepare for the Harmonic Convergence and the subsequent revelation of the 
Telektonon prophecy of Pacal Votan. As the new Wizard's Count, this count was 
intuitively recalibrated precisely so that July 26, 1987, would be White Galactic 
Wizard; July 26. According to The Mayan Factor, July 26, 1987: White Galactic Wiz- 
ard, marks the first of the twenty-six years of the Harmonic Convergence. This date 
marks the conscious ascendance of the prophecy of galactic culture and the coming 
of the Earth Wizards-the race of galactic wizards on Earth. 

In 1988, the year following the Harmonic Convergence, in attempting to create 
an everyday "Mayan calendar," I came upon the next stage of the discovery of the 
synchronic order. On the Gregorian calendar, 1988 is a leap year. I perceived that to 


accommodate February 29 would throw the year-bearer count off by one day, ruining 
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the harmony of the system. Reviewing the Chilam Balam texts, it was clear that leap 
year was never considered, much less counted in the year-bearer count. Without an 
intercalary leap year date, the four year-bearers-Seed, Moon, Wizard, and Storm- 
coded by the numbers 1-13, remained in sequence, maintaining and assuring the 
harmony of the system, where every fifty-two years equals seventy-three  260-day 
spins, no two days are the same, and the entire 18,980 days of the cycle repeat every 
fifty-two years in an upward moving spiral of time. For the first time in my work, the 
issue of the Gregorian calendar as a system came into question. 

Following this observation came the discovery of the mathematical codes gov- 
eming the synchronization of the 260-day cycle with the 365-day cycle, the conse- 
quent discovery of the artificial 12:60 and the natural 13:20 timing frequencies, the 
recognition and resurrection of the Thirteen Moon/28-Day calendar, and the full 
exposition of the Dreamspell codes of fourth-dimensional time. I presented these 
discoveries in Dreamspell: Journey of Timeship Earth 2013. The  Dreamspell, being the 
manifestation of the knowledge base of galactic culture, completely encodes the 
Wizard's Count. Dreamspell: Journey of Timeship Earth 2013, the presentation of the 
codes of fourth-dimensional time as a "tool kit" with an accompanying "script" and 
guidebook, is a break of such radical form from the prevailing paradigm that, as of 
today, it is still unfathomable to many people. 

The galactic Dreamspell tool kit is a primary tool for the galactic culture that is 
just now beginning to unfold in the wake and shadow of the collapse of the Twin 
World Trade Center towers. This text prompted me to write two more books. The 
first, Arcturus Probe: Tales and Reports of an Ongoing Investigation (1992, 1996), is a deep 
reverie that picks up where Suifers of the Zuvuya \eft off and documents the interstellar, 
interplanetary psycho-cosmological roots of the Dreamspell of fourth-dimensional 
time. The second book was written asA Treatise on Time Viewed from its Own Dimen- 
sion, but first published in English as the Call ofPacal Votan: Time is the Fourth Dimen- 
sion (1992, 1996). In this highly scientific, mathematical treatise I was able to 
accommodate the Dreamspell codes of the Law of Time to an analysis of the 
biosphere and the biosphere-noosphere transition. This work also represents my 
first integration of the actual thought and principles of V. I. Vernadsky. 

Through the efforts that constituted the discovery of the Law of Time, much of 
which was assisted by my partner and wife, Lloydine, I was finally able to begin to 
understand the methodology for accomplishing the paradigm shift-or psychic pole 
shift-of _ which humanity was so in need, at least from the perspective of the bio- 
sphere. By providing the mathematical basis for establishing the "biomass constant," 


Seventy-three 5 day subcycles correlated to the measure of the solar year, I had 
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found away of grounding the fourth-dimensional mental order of time, the synchronic 
order, in the actual third-dimensional biogeochemical cycles of the biosphere. This 
was like casting aharpoon of time from the noosphere and landing it in a precisely 
measured form in the annual turning of Earth's biospheric mantle. And this was 
accomplished precisely because of the intrinsic harmonic cycles and patterns of the 
Dreamspelll Wizard's Count. 

For this reason, by 1993, it was incumbent upon me to test the hypothesis of the 
Law of Time that the human race was destroying its biosphere due to operating 
according to an error in time, and that only ashift in its experience of and perception 
of time would save it from such destruction. This shift in time is defined as the 
calendar change. The Law of Time presents such a radical critique of Western  sci- 
ence, of its concepts of time, and of the civilization which it supports, that I could 
not tackle the problem from its center, but from its periphery, moving inward to the 
point of the Inevitable Event. Beginning in Latin America, then spreading to Japan, 
Western Europe, Russia, and finally North America, we established amovement to 
change the everyday perception of time, instilling profound meaning behind the 
effort to reform the calendar. In this way, we took on the responsibility of organizing 
the World Thirteen Moon Calendar Change Peace Movement. 

Part and parcel of this, beginning in 1993, was the decoding of the prophecy of 
Pacal Votan, the inspiration of The Mayan Factor. Known as the Telektonon, Earth 
Spirit Speaking Tube, this prophecy is the full realization of the Law of Time and the 
synchronic order. As much science asit is prophecy, the Telektonon defines the Tower 
of Babel as the root of the error in time, and the Inevitable Event as the necessary result 
of not relinquishing false time. At the same time, the Telektonon provides codes and 
tools of analysis which are in complete accord with an understanding — of the technosphere- 
noosphere as an evolutionary continuum in which the Inevitable Event is an act of moral 
consequence and natural law revealing the basis of anew cycle of harmonic order. 

I would also be remiss at this point if! did not inform the reader that, by prophecy's 
prerogative, this text is also literally punctuated by a perspective that can only be 
described as "Quranic." Late in 1993, my immersion in the prophecy ofPacal Votan 
became sychronically linked to my immersion in a study of the Quran, or Holy 
Quran asitis sometimes called. Ihave taken seriously the claim that the Quran is the 
final revealed text (A.D. 610-632) for humanity. I have studied it following the dic- 
tum: "Quran, the whole Quran, and nothing but the Quran,"3 as the basis of genu- 
ine Islam-submission to the will of God. Ihave found it more than sufficiently true 
that the Quran is a scientific text, and contains nothing that contradicts science. 


More profoundly, my study has given rise to my own personal ethic: duty to God is 
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the highest cause. It is the cultivation of this attitude, combined with many years of 
practice of Buddhist meditation, that have brought me to my present point of view, 
which is visionary and spiritual throughout-and, as aresult, has endowed me with 
my own view on the current global dialectic. 

That the new, and final, global dialectic is found in the tension between the 
forces of globalization (materialism) on the one hand, and that of the civilization of 
Islam (spirituality) on the other, is now a well-documented fact.4 Of course, gener- 
ally speaking, in the West, we see it only from the materialist side of the dialectic. 
The perspective which informs me, and consequently this book, is definitely from 
the other side of the dialectic. Though in no way condoning terrorism- Iam anon- 
violent pacifist by persuasion-the motives of the terrorists stem from a philosophy 
and worldview with which I am in sympathy. Yes, the Inevitable Event was also a 
profound theological moment, and what we are witnessing in the present World 
War is the battle between the religion of choice and the religion of submission. We 
cannot necessarily assume that the religion of choice will prevail. In fact, from the 
perspective of the biosphere-noosphere transition, it is the religion of submission 
that is most in accord with the spiritually-beckoning future. 

As a preface to this book, I have found it mandatory to write this brief literary 
autobiography, often couched in a terminology that jumps ahead of the story, solely 
to demonstrate that the actualization of the noosphere corresponds to the stages of 
attainment and transcendence of one human's life journey in pursuit of the truth. 
Only in this way could I cultivate the noospheric perspective, voice, and point of 
view that was necessary for the writing of this text. In this perspective, the noosphere 
is acondition of non-anthropocentric consciousness. My journey, thus documented, 
is merely one way the noosphere has found to become conscious, asserting the Law 
of Time's purposive axiom: to make conscious what had been unconscious. The voice 
and method of the noospheric perspective are inseparable from the topic of this 
book, Time and the Technosphere. By analyzing the timing and structure of the 
technosphere, the noospheric point of view becomes conscious. WIthout understand- 
ing the nature and relation of time and the technosphere, there would be no truly 


sane way to comprehend the meaning of the Inevitable Event. 
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9-11, The Inevitable Event, 


and the Nature of Time 
Introductory Reflections 


Woe! Woe, O great city, 

O Babylon, city of power! 

In one hour your doom has come! 

Woe! Woe O great city, dressed in fine linen 
purple, and _ scarlet... 

In one hour such great wealth has been brought to 
ruin ... 

"Woe! Woe, O great city, 

Where all who had ships on the sea became rich 
through her wealth, 

In one hour she has been brought to ruin! 

With such violence the great city of Babylon will be 
thrown down!" 
ST.JOHN OF PATMOS, BOOK OF REVELATIONS, 

CHAPTER 18, THE FALL OF BABYLON 


9-11. The Twin Towers of the World Trade Center gone in averitable twinkle of the 
eye. Tragedy. Horror. Terrorism. The whole world brought to a halt. The after- 
math? Patriotism, war, and an all-pervading uneasy feeling. What happened? What 


really happened? Was this the beginning of the Apocalypse? 


9-11, The Inevitable Event. 


2 


Amidst the distraction of chasing after other people with smart bombs in far- 
away places like Mghanistan, and making everyone at the airports feel like potential 
terrorists, there are no answers forthcoming for what really happened. There is a 
good reason for that, too: The destruction of the Twin Towers of the World Trade 
Center and the attack on the Pentagon marked a point beyond the comprehension 
of the current belief system in every way. To say that the event was mind-blowing is 
an understatement. But if it was mind-blowing-which it truly was-that means 
that a whole belief system was knocked off of its foundations, and only anew belief 
system can supply the answer. A higher, more all-encompassing belief system-a 
new paradigm-is what is needed if we are to really understand what happened on 9-11. 

Belief systems, believe it or not, are functions of time. What you believe defines 
the time you are living in. Any belief system is held in place by the calendar and 
sense of time in which it is encoded. 9-11 means September II-it also means 911 
emergency, planetary emergency in this case. "9-11 we will never forget" was acom- 
mon slogan appearing on bumper stickers and store windows after the event. The 
words or concepts "Tuesday, September 11," "9-11" and even "911" are all functions 
of the same belief system. So is "2001," the first year of the highly touted "third 
millennium.” But the third millennium of what? The third millennium since the 
birth of Christ. This means that the belief system whose mind was blown was the 
Christian millennial belief system encoded in the Christian calendar, the Gregorian 
as it is properly called. Does this mean that the foundations of 2000 years of belief 
were blown away, shattered with the terrifying collapse of those Twin Towers? Eas- 
ily that many years, maybe as many as 5,000 years, or perhaps even the entire history 
of civilization as we know it came unhinged that fateful day, the day of the 9-11, the 
day of the Inevitable Event, to borrow a phrase from the Holy Quran, the day the 
Apocalypse announced itself, showed up on the morning television, quite without 
warning. (See plate 1,The Invevitable Event and the End of History.) 

In meditating upon the meaning of the Inevitable Event, it is natural to ask: 
What made this event so inevitable? It is not just from the perspective of American 
Foreign Policy, or that of its economic free market monetary politics, that this event 
was inevitable. More profoundly, this event was so inevitable because it seemed to 
smack of some form of retribution for the breaking of fundamental laws of nature, or 
even of Divine Law. And isn't the retribution for transgressing Divine Law a form of 
apocalypse, a standing naked, a revelation, an evocation of the fall of the Tower of 
Babel, no less? 

Yes, that is why it was so shocking-it was the Inevitable Event because the apoca- 


lypse is as inevitable as it is without warning. But apocalypse- aword no one wanted 
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to use to describe the event, because to use it would be to admit that it was all over- 
is only one side of the coin. There is another side to the coin of the Inevitable Event- 
and that is what this book is about. There is something beyond the Apocalypse, there 
is something larger going on, and that also scares people. Things are out of their 
control. Isn't this why, instead of looking at it, or contemplating the event, a policy of 
war was immediately instated asa principle of revenge-for what and against whom? 
What is going on is time-time is always going on, or time is always coming together. 
Or time is always changing. The apocalypse, too, is about time-the end of time- 
which is even more frightening to most people. But the end of whose time? The new 
paradigm we need to explain 9-11 should be a paradigm that is all about time. 

I who speak know, because I have spent most of my life studying time, and the 
effects of human time which you call history. For many years now I have been living 
an experiment in time, but atime most of you do not know. So I have some answers 
that will put 9-11 in perspective for you. Iam the stranger from the other side of the 
wall of mechanized time. I have come back to make you familiar with the time your 
clock and your calendar shield you from. Because I know about the other time, the 
larger time, the cosmic time that governs the cycles of all that exists, I can tell you 
that 9-11 was the Inevitable Event. It had to happen precisely when it did, not be- 
cause nineteen terrorists planned it that way, but because the terrorists themselves 
were unconsciously programmed by the timing of Earth itself. Earth's timing pro- 
cess represents evolutionary forces as well as effects irreversibly set in motion by the 
human's own unconscious programs, programs governed by the human misperception 
of time and of its role in the cosmic order. 

Yes, Earth has its program of which our human history and all of its endeavors 
are only apart. This larger meta-program of Earth is called the biosphere, the scien- 
tific designation given to what is commonly and inadequately referred to as "the 
environment." As such, the biosphere is awhole system composite of the sum of life 
and its organic and inorganic support systems spread out over the surface of Earth, 
hence bio = "life" +sphere ="having the form of a globe." In aword the biosphere is 
avast but fragile process which has been evolving itself for some two billion years on 
this little planet as it spins around its local star, the sun. But we humans, who only in 
1969 first saw ourselves as aplanetary being-the | whole Earth beamed back at us via 
television by arocket hurtling toward the moon-we humans have been generally so 
self-involved in our own interpretation of things that we have missed seeing the 
larger picture of which we are apart. This larger picture is the entirety of the bio- 
sphere which encompasses the evolution of life on Earth as awhole system process. 


The amazing thing is that most of us have never even heard of the biosphere much 
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less even know that we are apart of this whole system governed by laws and principles 
which we, in our self-made arrogance and ignorance, have but little understood. 

From my experiment in time, seeing and studying the human as part of the 
larger self-evolving fabric of the biosphere, I came to the conclusion that the human 
is living in atime apart from the rest of the biosphere-an artificial time whose 
climax and termination is inevitable, for nothing artificial can withstand the force of 
truth. If the human is living in artificial time, the clock is an artifact whose system of 
measure has nothing to do with natural cycles but is a totally abstract standard, then 
there must be something called natural time. I will go even farther and state that not 
only is there natural time, but that there is a law governing natural time, and that is 
the Law ofTime.Just as Newton only discovered gravity some 300 years ago, though 
gravity has always existed, so the Law of Time has always been in operation, even 
though it was just recently discovered. It is the Law of Time that governs the en- 
tirety of the biosphere and everything else in the universe according to principles 
which are only dimly known to us, principles like synchronicity and telepathic  in- 
stantaneity. Yes, to understand what really happened on 9-11 you have to understand 
the Law of Time and how it governs the biosphere-of which our rampant human 
civilization is inescapably a part. 

The Law of Time is formulated very simply, and in some people's way of think- 


ing, rather unscientifically as TCE) = Art, "energy factored by time equals 
phenomena _ in the material world represent some state of energy, and every state of 


energy is governed by time, the resultant product of which is always something — beau- 
tiful or elegant. Have you ever seen an ugly sunset? A hideous flower? Even if you 
examine a scorpion with some objectivity you will be amazed at the flawless and 
elegant manner in which its parts are organized. Yes, all of nature is organized by 
time to produce in you the sensation of beauty. And time itself, well, believe it or not, 
time is a frequency, and afrequency is not measurable by aclock. The Law of Time 
states that time is the universal frequency of synchronization. It is the nature of time 
to synchronize and to maintain’ all things in a condition of synchronization. 
Synchronicity, then, is the experience of real time. When we say that time is a 
frequency, we can be more precise and say that time is a universal constant  ex- 
pressible by the mathematical ratio 13:20. That is, the 13:20 ratio is the frequency 
of synchronization. 

Of course, most people have never even heard of the Law of Time much less 
comprehend what the 13:20 ratio might mean. But then, that again gets to the root 
of the problem, or rather, the dilemma: If humans are living in their own time apart 


from the rest of the biosphere which is governed by the natural timing frequency, 
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how could they ever know about the Law of Time? The humans are all a little like 
Mrs. Malaprop in the play by Moliere who learns to her surprise that she has been 
using grammar all of her life-though it is much more serious than that. So we 
humans are with the Law of Time-it has been operating throughout history with- 
out our awareness of it. Because of this, its way of making itself known to us was the 
infamous 9-11. Yes, in the analysis of the Law of Time, the 9-11 marked the end of 
artificial time. 

Living in ignorance of the Law of Time and of the true nature of time, the 
human species constructed its own concept of time which is based on the clock with 
its 60-minute hour and the Gregorian calendar with its maddening array of un- 
evenly numbered months. Hence, the paradigm of the artificial timing frequency is 
defined by the ratio 12:60 (twelve-month calendar, 60-minute hour) -in contrast to 
the 13:20 ratio of natural time. If the artificial mechanistic and irregularly measured 
time sets the human race apart from true or natural time, does this not also establish 
the fact that the human race is living an error in time? Only by living such an uncon- 
sciously assumed error could the human race arrive at such an apocalyptic moment 
as the Inevitable Event-inevitable because any deviation from the truth has an in- 
evitable moment when the truth rebounds in some dramatic or even apocalyptic 
way. Is it possible that the entire construct of modern civilization, so devastating to 
the biosphere, is a function of this error in time? Is modern civilization like a time 
warp, abubble of artificial time that suddenly got popped on the 9-11? 

Back in the 1990s, now seemingly so long ago, I was traveling around the planet 
on behalf of the Law of Time and the biosphere, and making my observations _ re- 
garding the effects of artificial time from a planetary whole systems point of view. I 
saw that even though the human species had evolved - or devolved, as the case may 
be-into  acultural hybrid which I call the planetary human, the object of the much 
touted "globalization," I saw that the consciousness of this cultural hybrid was any- 
thing but planetary. This schism between the propaganda _ of globalization and the 
actual sectarian and fragmented state of consciousness of the hybrid human was fur- 
ther exacerbated, JI observed, by the potently unconscious’ effects ofliving an error in 
time. Ironically, if the Inevitable Event left many of us in the dark, it has brought the 
Law of Time into the light. To elucidate let me quote here from a text I wrote in 
1996, and which I think will give us a point to expand upon in order to bring the 
Inevitable Event into sharper focus, while allowing me to define some of my terms: 

"Through an error in time, the human species transforms its artificial construct, 
civilization, into a global technosphere: the sum product of industrial mechanization of 


its biological functions. Because of human adaptation to the irregular mechanized 12:60 
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riming frequency, the technosphere runs counter to the laws of the biosphere, crearing a 
magneric instability between the primal crystalline and vital organic processes."2 

The current explosion of the world crisis, stemming from the destrucrion of 
The World Trade Center Twin Towers, demonstrates the hypothesis of the Law of 
Time that states: operaring on arrificial and mechanisric timing standards will cause 
the human to deviate from natural rime to the point of its self-destrucrion, the end 
result of the magneric instability referred to in this reference. But here we have some 
further definirions to make. Let us start with a definirion of the technosphere, since 
that word is featured so prominently in the ritle of this book, Time and the Technosphere: 
The Law of Time in Human Affairs. 

While the term biosphere defines the enrirety of life as a single coherent unity, 
inclusive of its inorganic or semi-inert support systems such as the atmosphere and 
the hydrosphere, technosphere defines an artificial sheathe or membrane held to- 
gether by industrial technology as awhole system. This technological mantle is the 
sum of the processes devised by humans resulring from the application of certain 
scienrific and economic principles, especially during the last half century. The ef- 
fects of the technosphere are to supplant the organic processes of the biosphere with 
totally industrialized ones, resulring in a severe imbalance in the biosphere. This 
imbalance, the "magneric instability between the primal crystalline and vital organic 
processes" refers to the disruption of the delicate interacrion between the inert (crys- 
talline) and biological processes and structures which consritute the vibrant mecha- 
nisms and interacrive cycles of the biosphere. Phenomena such as global warming 
and over-popularion are symptomatic of the technospheric disruption of the natural 
order of the biosphere. 

The term technosphere, however, is actually just the middle term of a larger 
process defined as the biosphere-noosphere transirion. According to the principle 
figure behind the elaborarion of the laws of the biosphere, V. I. Vemadsky (1863- 
1945), as an evolving structure, the biosphere is inevitably being transformed into a 
new geological and evolurionary condirion, the noosphere-Earth's mental enve- 
lope. In Vemadsky's analysis, the enrirety of the biospheric process can be described 
as a single biogeochemical unity. According to Vemadsky, due to man's transforma- 
rion of nature since the industrial revolurion, this biogeochemical unity has entered 
a state of combustion-an accelerated process of transformarion. It is this rapidly 
acceleraring geochemical combusrion-the net effect of industrializarion and its waste 
-that accompanies an evolurionary — shift, the transformarion of the biosphere into 
the noosphere. But between the biosphere and the noosphere there is the 


technosphere, the intervening medium _ of transformation. 
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So when we speak of the biosphere and the noosphere we must take into ac- 
count the technosphere. In actuality we must speak of the biosphere-technosphere- 
noosphere transition. In this context, the noosphere is the condition of the human 
mind purified of the error of time. And if the noosphere is the Earth's mental enve- 
lope, it could only be so because of aunified state of mind, the transformation of the 
hybrid planetary human into a genuinely spiritualized planetary being, the mind of 
the Earth no less-something that seems phenomenally utopian from the perspec- 
tive of today's evening news. How could this come about, this noosphere of a tele- 
pathically unified human consciousness? Again, the Law of Time supplies genuine 
answers. To begin with, it says, change your calendar, get back to living in harmony 
with the natural cycles of the rest of the biosphere-and the universe. If you don't, 
well, the destruction of the Twin Towers was just the first stage of the Apocalypse. 
But we still have a choice. The other side of the coin of the Apocalypse shown to 
humanity on prime time television on the 9-11 is entry into the noosphere. But we 
must first understand what is really going on, and then act intelligently. 

The mental climate in America is particularly difficult and strained now. In or- 
der to maintain a positive and constructive attitude of mind during this terrible time, 
I decided to write this book. As you can see, this book takes for its point of departure 
an analysis of the destruction of the World Trade Center (the actual hub of the 
technosphere) as the Inevitable Event defining the dynamic of the biosphere in its 
process of transforming into the noosphere. The analysis of the event in this light 
will give ample opportunity for presenting the key ideas of V.I. Vernadsky, in par- 
ticular the concept of the biosphere which he so single-handedly amplified and de- 
fined, as well as the cosmic ideas of other Russian thinkers which are little known in 
the West. I have already written about and given much thought to this matter in 
general, summarized in part in the First Planetary Congress of Biospheric Rights, 
held in Brasilia, Brazil in 1996, but nowhere have I written for a wider public audi- 
ence concerning the nature of the biosphere-noosphere _ transition. 

I feel it is especially important at this time to present an analysis of this event in 
a scientific context that is beyond nationalism and ideology, so that human beings 
can begin to understand that they are afunction of the biosphere, but not necessarily 
its controlling mechanism. Of course, the Law of Time is the key factor involved in 
this analysis, and understanding the biosphere in the context of the Law of Time is 
absolutely critical for establishing the basis of an entirely new worldview and hierar- 
chy of values-the much awaited new paradigm. 

Like my thoughts on the biosphere-noosphere transition, my investigations of 


the Law of Time have also not as yet been presented to the general public. In fact, 
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you will find scarcely anyone who has even heard of the "Law of Time." This is 
because my researches and investigations over the past decade which resulted in the 
discovery of the Law of Time were not conducted in any formal academic way, nor 
through any corporate or government sponsored grant or officially recognized 
research institution. The discovery of the Law of Time has been, nonetheless, a rigor- 
ous, life-consuming pursuit. The laboratory for its study was to be found in a 
phenomenological and anthropological investigation of the effects of mechanized 
time on various population groups absorbed in what is called "modern civilization." 

The premise of this investigation is simple: it is an undeniable fact that the time 
of human civilization, governed by the clock and the Gregorian calendar, is not the 
same as the time of the rest of the biosphere. Artificial time is not the same as natural 
time. Or rather, artificial time establishes a frequency which governs the human 
species totally apart from the timing frequency of the rest of life. What are the ef- 
fects of artificial time and how do they define the nature of modern civilization? The 
answers to these questions open a perspective that has been scarcely considered. Yet 
this perspective is so clearly an essential factor in the description and definition of 
the human condition, that, in the wake of the tragic events and their ominous after- 
math, it now begs to be presented in aproper manner. Hence this book. Suffice it to 
say that the Law of Time in every respect answers the question posed by my previ- 
ous books and summarized in the single query: how will modern man escape the 
fatal consequences of the one-sided mechanization of his biological operations and 
the imminent destruction of his life-support system? 

Defining a planetary whole systems approach to the analysis of time in human 
affairs, the first postulate of my book A Treatise on Time (1996) concerning the prin- 
ciples and nature of time as the fourth dimension is worth quoting here, since it 
introduces the fundamental problem informing the investigation of Time and the 


Technosphere: 


Just as air is the atmosphere of the body, so time is the atmosphere of the mind. If 
the time in which we live consists of uneven months and days regulated by mecha- 
nized minutes and hours, that is what becomes of our mind: amechanized irregular- 
ity. Since everything follows from mind, it is no wonder that the atmosphere in 
which we live daily becomes more polluted, and the greatest complaint is: "I just 
don't have enough time!" Who owns your time, owns your mind. Own your own 


time and you will know your own mind.3 


It must be understood that the events of 9-11 were so historically unprecedented, 


so mind-bogglingly dramatic, that they require a large lens through which to fully 
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interpret their meaning. The Law of Time is such a lens. Quite simply, the destruc- 
tion of the Twin Towers defines the limit of artificial time. If this is so, what can be 
expected following this world-shattering event? Because the Law of Time began 
with the premise of defining the difference between artificial time and the time of 
nature, the larger context of the biosphere was resorted to almost immediately. Be- 
ing the study of an ongoing and evolving phenomenon, the investigation of the bio- 
sphere by its principle researcher, V. 1. Vernadsky, pointed to another imminent 
evolutionary stage: the noosphere, the "mental envelope of the planet." However, an 
intermediate stage was also perceived by researchers who followed Vernadsky, and it 
came to be called the technosphere, "the technological envelope of the planet." The 
end or limits of the technosphere define the birth or beginning of the noosphere. 

With the events of 9-11, this is no longer just a theoretical concept but a vivid 
reality. As a species we are now undergoing this dramatic evolutionary moment, 
otherwise known as the biosphere-noosphere _ transition. It is for this reason that this 
book also presents novel definitions of time and pragmatic conclusions that can be 
employed by anyone if they so choose. If the root of the technosphere is artificial 
time and its proliferating mechanized constructs, then in the collapse of the 
technosphere, an event ordained by the laws of nature, there must be an orderly path 
or means for establishing the noosphere, also ordained by natural law. The Law of 
Time defines this orderly path as a conscious shift in the human timing frequency, 
away from artificial time and into universal natural time. This can only be accom- 
plished by a universal reform of time, known as the calendar change. If there were 
no such path, the conclusion to the collapse of the technosphere would be an un- 
bearable barbarism. 

By its nature, the topic of the book is cross-disciplinary and provocative-it is 
visionary history. I have been described asa "spirituality historian" and "cosmic har- 
mony researcher."4 I believe this description also characterizes Time and the 
Technospherewhich does present a solution, anew world paradigm, ifyou will. A new 
paradigm has been awaiting humanity ever since the notion of paradigms was first 
raised by Thomas Kuhn in 1964, in his book The Nature of Scientific Revolutions, or 
even earlier by Vernadsky and Pierre Teilhard de Chardin in their invocation of the 
noosphere. To be truly new, such a paradigm could hardly be expected to arise from 
traditional fields of thought or methods of research, be they quantum physics or 
microbiology. In fact, as I have often said, most people wouldn't recognize the new 
paradigm ifitran into them on the street. This is because people's consciousness and 
perceptions are basically very set and unexamined-as unexamined as the effects of 


the watch on their wrist or the calendar on their wall. In fact, one of the consequences 


9-11,The Inevitable Event. 


9 


10 


of the technosphere is the limiting nature of consciousness which remains  un- 
changed despite the fact that technology is changing all of the time. But with the 
occurrence of the Inevitable Event, history has been punctured. Perhaps now the 
new paradigm can be perceived: the paradigm of natural time as the universal factor 
of synchronization. 

Although prompted by the stunning terrorist attack upon and consequent apoca- 
lyptic collapse of the World Trade Center Twin towers, these reflections are actually 
a synthesis of thoughts and explorations in the domain of time that I now find neces- 
sary to communicate in acoherent and organic form. The grand theme of this study 
is to understand how and why the collapse of the twin World Trade Center Towers 
was abiospheric event. Even so, the study of the Inevitable Event within the context 
of the evolution of the biosphere requires and leads us to still grander domains of 
thought-the historical, the theological, and the cosmological. The reason that these 
reflections and meditations spiral into ever grander domains of thought is due to the 
principle of analysis and the guiding factor employed in this study. This is the Law 
of Time, which is the fruit of a life-long research and pursuit of knowledge. It is the 
Law of Time that brings the biosphere into timely focus. 

The biosphere is scarcely known even to most educated people. As a bio- 
geochemical whole system in which the human is but one of the functioning compo- 
nents, the biosphere is an intricate unity with its own governing laws and principles. 
Without becoming conscious of how the human organism participates in the laws 
and principles of the biosphere, the human will continue to remain ignorant of the 
biosphere's existence and therefore will sooner than later reach a termination of its 
own evolutionary possibility. A demonstration of how the laws and principles of the 
biosphere, crystallized into a temporary and _ intermediate sheath called the 
technosphere, reached a climactic evolutionary point in the collapse of the World 
Trade Center towers will provide the means of educating in general concerning — the 
biosphere. It will also allow us to elaborate on the meaning and nature of the 
technosphere, and the imminent transformation of the biosphere into the noosphere, 
the Earth's "mental envelope." 

A fundamental purpose of the Law of Time is to expand upon the meaning and 
significance of the Inevitable Event, as well as upon the biosphere, technosphere, 
and noosphere in relation to the evolution of life and consciousness in the universe. 
To speak of an event being "inevitable" isto bring about areflection on the nature of 
time, and even of the laws of cause-and-effect and karma. It is time that governs both 
cause-and-effect as well as the actions of karma. And it is time that dominates  inevi- 


tability, because any such inevitable event is located in avery precise moment in 
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time. But what actually is time? How does time "locate" events? And, once again, 
what is the Law of Time? 

As the criterion of natural time in which synchronicity is the norm, the Law of 
Time is the key that unlocks the reason why the Inevitable Event occurred when it 
did. By precisely locating it within the evolutionary continuum of the biosphere and 
in relation to its point of mutational shift, the Inevitable Event is placed into a greater 
context of cosmic comprehension by the Law of Time. Through the lens of the Law 
of Time we will be able to understand the relationship between the biosphere, the 
intermediate state of the technosphere, and the imminent stage of the noosphere. 
Defining the Law of Time as the factor of universal synchronization, the law by 
which all events in the universe are maintained in synchronic relation to each other, 
we approach the domain of ahitherto undefined realm, that of the synchronic — order. 

As the unifying fourth-dimensional order of time in the universe, the synchronic 
order is measured and gauged by the 13:20 matrix. The mathematical coding of the 
Law of Time is entirely locked into this 13:20 matrix, otherwise known as the Har- 
monic Module or T zolkin, the basis of the sacred count of the ancient Maya. When 
we examine the Harmonic Module, a 13 x 20 matrix, we may well ask what does that 
have to do with time? It is obviously as different from a clock, as a tree is from a 
flagpole! When we examine the matrix carefully we see that there is a repetition of 
thirteen notations, the numbers 1-13, that occurs 20 times yielding 260 (13 x 20) 
units. 

Holding the 13:20 matrix together is a pattern which I identified in my book 
Earth Ascending (1984) as the binary triplet configuration, and in the Mayan Factor 
(1987) as the Loom of Maya. This pattern consists of 52 units, 26 on either side of 
the central or seventh vertical column. If you contemplate this 52-unit pattern you 
will see it is characterized by binary radial symmetry. This quality characterizes the 
entire matrix and defines the quality of fourth-dimensional time as radial and instan- 
taneous distinct from the current third-dimensional paradigm which defines time as 
being linear and sequential. The radial quality of fourth-dimensional time is what 
accounts for its being the factor of universal synchronization. This is very different 
from the sensation of the second hand as it sweeps around the clock, indicating the 
inexorability, not of time but of the mechanization of time! The 13:20 matrix be- 
comes potently useful as the means of establishing the synchronic order when it is 
coordinated with a genuinely harmonic timing standard, the Thirteen Moon/28- 
Day calendar. 

"Time is the fourth dimension," is the famous adage attributed to Einstein. This 


statement notwithstanding, the modern notion of time is bogged down in the minutiae 
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of quantum mechanics and cessium clocks, in ahair-splitting myopia that cannot see 
the forest for the trees. The fact is that only time governs the whole order of the 
universe in amanner that transcends all spatial limitations, even those of the relativ- 
istic MinkowskilEinstein four-dimensional universe, which is confined by the speed 
of light. As the universal factor of synchronization, time is instantaneous and tran- 
scends light. This novel perception of time defines a new reality, the synchronic, of 
which our experiences of synchronicity are but a foretaste. The synchronic order 
described by the Law of Time poses the order of an entirely new science of time. 

To be realized and then applied, the science of time is dependent on two factors: 
a sudden and radical disruption of the historical continuum; and a genuine global- 
ization or planetarization of consciousness. The break in historical continuity is nec- 
essary to jolt the human consciousness from its stagnant and entropic state-defined 
by the Law of Time as the delimiting 12:60 frequency consciousness of artificial, 
mechanistic time-while the globalization of consciousness, intimately connected 
with this sudden discontinuity, is necessary for the application of this law at a plan- 
etary whole systems level. Of course, the radical disruption of the historical con- 
tinuum was provided by the collapse of the Twin Towers, and can actually be mapped 
in adescription of the dialectical process of human evolution. 

If one studies Earth Ascending, Map 19, "Binary Pulse of Psycho cultural Devel- 
opment," [shown on page 14] one can pinpoint the "Inevitable Event" of the radical 
historical discontinuity asthe point at which the AC and CA currents cross over one 
another and switch polarity at the very top of the graphic depicting the "historical" 
process. What does it indicate, this point of psychic polarity switching currents? 

The historical dialectic is understood as the interplay of two "currents" of con- 
sciousness, AC "Aboriginal Continuity" and CA, "Civilizational Advance." In the 
prehistoric phase, the consciousness is dominated by the Aboriginal Continuity or 
AC. This refers to the primary experience of the original human nature- _ life lived 
as aritual or ceremonial round within the perimeter of the timeless present. But as 
the human enters the historical cycle, about which we will have more to say in later 
chapters, the CA becomes more predominant. As Civilizational Advance, the CA 
represents the tendency toward exclusive reliance on reason, logic and written means 
of communication. The Law of Time further defines the CA as being motivated 
increasingly by the artificial timing frequency of the 12:60 which gains in promi- 
nence until the final phase of the historical cycle, industrial globalization, when the 
CA has gained complete dominance of the biosphere. 

During this final stage, the global mental condition is defined as the involve- 


ment in secondary or artificial means of experience, furthered by the planetary 
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technosphere. The sum effect on consciousness of the advanced CA stage is defined 
as Psychosensory Elaboration or PSE, which in turn creates a psychoatmospheric 
density (PAD)-literally a mental cloud which obscures altogether the organic 
biopsychic reality of the human within the biosphere. From the point of view of a 
planetary pathology, this massive collective obscuring (CA) of the original nature 
(AC) defines a "suicidal crisis point," amoment at which the subconscious instinct of 
the human being programs its own self-defeat in order to ultimately return to the 
organic reality of the biosphere and the simultaneous advent of the noosphere. Hence, 
the Inevitable Event: the radical break in the continuum of history. 

This moment of radical historical discontinuity occurred with the September 
11,2001, terrorist attack on the twin towers of the World Trade Center-the very 
nerve center of late global industrialization-and the Pentagon, the supreme  mili- 
tary fortress that defends globalization. If the fall of the towers symbolically augured 
the fall of Babylon and the Tower of Babel itself, the penetration of the Pentagon 
was no less symbolic. The fact that there was not one but two towers of Babel and a 
separation of some twenty minutes between the attack on each tower allowed the 
second attack to be viewed live on global television by about as many people on 
Earth as had ever witnessed anything at one simultaneous moment. By the end of 
the day, the scene had been repeated multiple times on virtually every television 
network on the planet. 

The unbelievable shock of the moment and its simultaneous perception, coupled 
with the symbolism of what was actually occurring, effectively rendered the break in 
the historical continuum as a profound mental event-a rupture of 5,000 years of 
history from the first Babylon to the last. The witnessing of the event on television 
meant that it was received immediately into the nervous system of virtually the en- 
tire species. This in itself is anoospheric moment-the mental envelope of the Earth 
made collectively and globally conscious in one instant of history-shattering signifi- 
cance, and hence, the genuine entry into post-history. Archetypally, the images of 
the towers collapsing with people flying or jumping off the upper stories, is a pure 
reflection of the Sixteenth Major Arcana card of the traditional Tarot which shows a 
tower being shattered by lightning, with bodies falling down from it. 

While the negative powers and forces grapple with their shattered dreams in the 
aftermath of the event, it is the time for the powerful luminescence of the noosphere 
to begin to activate the receptive cells of the human system within the now catalyzed 
biosphere. Fifty-six years after Hiroshima, the fall of the World Trade Center Tow- 
ers is the fatal puncture in the technosphere which is intended to reorient the human 


within the biosphere. ESP (extrasensory perception)-the opposite of PSE  (psycho- 
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sensory elaboration)-is released in the instantaneity of the information reaching 
virtually every human being on Earth. This is the collective reactivation of the Ab- 
original Continuity current that has been disengaged and disempowered for so long 
by the Civilizational Advance. Civilization has finally been checkmated. Now the 
Revolution of Time must be completed in order to stabilize the biosphere, anchor 
the noosphere, and de-structure the technosphere. 

According to the Law of Time, the Inevitable Event was already embedded in 
the moment in which it actually occurred, like a flaw in a piece of glass that, upon 
concussion at the right pressure point, shatters all at once. In the case of the World 
Trade Center Towers and the Pentagon, we are also dealing with symbolic constel- 
lations of such potency that the very act of their shattering redefines the reality of 
human consciousness. In fact, the nature and problem of human consciousness as it 
has evolved historically is also at the root of this astonishing event. While it will take 
time for the collective human consciousness to fully grasp just how much its reality 
is being redefined, a vacuum now exists within the technosphere itself-a vacuum 
which awaits being filled by anew paradigm. Since the collapse of the Twin Towers 
actually represents the limits of artificial time, the new paradigm must rest on a 
redefinition of time altogether. This is the definition supplied by the Law of Time, 
the pragmatic application of which is the replacement of the irregular measure of 
the Gregorian calendar by the harmonic measure of the Thirteen Moon/28-Day 
calendar. 

Because of its harmonic measure, the Thirteen Moon/28-Day calendar coordi- 
nated by the Harmonic Module is the new dispensation of time-reckoning for the 
human race. Rooted in the four recurring year-bearers of the Wizard's Count--:- 
which is not the same as the Mayan long count, nor the Julian count of modern 
science-the Thirteen Moon calendar exists for the establishment of the reality of 
the synchronic order as an entirely new method of knowledge and being for the 
entire human race as acosmic medium operating within the biosphere. By Wizard's 
Count is meant the circulation of thirteen numbers and four different glyphs-Yel- 
low Seed, Red Moon, White Wizard, Blue Storm-that code the July 26 Thirteen 
Moon/28-Day calendar synchronization date to create a master 52-year cycle, An- 
chored in the Thirteen Moon/2 8-Day calendar, the synchronic order is the means 
for manifesting the reality of the noosphere on planet Earth. Without such a basis in 
a lived mathematics of time correlated to the actual cycles of Earth, the noosphere 
could not be experienced nor fully realized. The successful completion of the bio- 
sphere-noosphere transition, then, is the triumph of the synchronic order, the con- 


scious elevation of Earth into the cosmic frequency of fourth-dimensional _ time. 
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For all of this to come to be, however, is yet dependent on an analysis of the role of 
time in the creation of the technosphere and the subsequent comprehension of its 
limits and the potential for its de-structuring. This is not only amatter of theory or 
prophecy; itis amatter of putting into practice, making acoherent action out of the 
application of the Law of Time as it completes the pressing urgency of the bio- 
sphere-noosphere transition. The coherent action to bring us through this rite of 
passage is the Great Calendar Change of 2004. Ultimately, this book is presented to 
make us ready for this unprecedented time changing moment. May you, 0 reader, 
ponder deeply and then, if you so will, come join me in living on the other side of the 


wall of mechanized _ time. 
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Preliminary Definitions 
Biosphere—Technosphere—Noosphere 
as an Evolutionary Continuum 


BY UNDERSTANDING that the Inevitable Event was a function of the biosphere- 
indeed, anecessary moment in the evolutionary trajectory of the biosphere-we are 
saying that this event was not just ahuman enactment, but that humans, inseparable 
from the biosphere, are effected to perform functions that relate to the process of 
the biosphere as awhole. Seeing the Inevitable Event and, in fact, the entire human 
drama from the perspective of the biosphere, we are actually lifting the cruel trag- 
edies of contemporary reality above conflict and into a state where genuine laws of 
peace and harmony may shed their light of wisdom, illuminating the human drama 
with a higher understanding. One thing is certain: Unless we rise above our own 
humanity and cultivate a non-anthropocentric view-the view represented by the 
noosphere-there — will be no release from the calamity that is now engulfing us. The 
point is not of maintaining the global economy, but of saving the biosphere. 

For the multilayered task of bringing anew understanding to light, defining the 
technosphere, and then the Law of Time, we shall begin with the former: defining 
the technosphere in the context of the evolutionary continuum of biosphere- 


technosphere-noosphere. 
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VERNADSKY AND THE UNDERSTANDING OF THE BIOSPHERE 


It is amazing that the name V. I. Vernadsky (1863-1945) is so little known in the 
West, and that the word biosphere, as well as the laws and principles pertaining to it, 
are scarcely more known. To a large degree, this ignorance is due to the great cleav- 
age in human relations experienced as the Cold War. The biosphere, which was 
profoundly studied and scientifically articulated by the master Russian scientist V. I. 
Vernadsky, is actually the precise word for what in the West is vaguely referred to as 
the environment. But even more than being a precise and scientific description for 
what is meant by the use of the word environment, biosphere defines awhole system 
model of life on Earth, and because of that, also presupposes awhole system meth- 
odology and point of view. You cannot speak about the biosphere without entering 
into aworld of discourse that is holistic or holonomic to the core. 

If one looks for Vernadsky's work in English, one will find precious little avail- 
able. His key work, The Biosphere, exists in two very different translations; the one 
published by Synergetic Press in 1986 is easier to read, while the other, the "com- 
plete annotated edition" published by the Far West Institute in 1998, is far more 
erudite, with amajor bibliography and much supplementary information. The ear- 
lier translation was published in conjunction with the opening of the Biosphere II 
Project outside Tucson, Arizona. It is now atourist site, with a bookstore that carries 
nothing by Vernadsky! Several other hard-to-find English-language § books on the 
biosphere include the excellently informative Traces of Bygone Biospheres by Andrey 
Lapo (Synergetic Press and Mir Publishers, 1987), the flashy Biosphere Catalog (Syn- 
ergetic Press, 1985), and the much more specialized Energies: An Illustrated Guide to 
the Biosphere and Civilization by Vaclav Smil (MIT, 1999). Of these books, only Traces 
of Bygone Biospheres contains significant information about Vernadsky and his ideas. 
This scant list of available texts in English is hardly proportionate to the vast reality 
of the biosphere as acomplex terrestrial dynamic in the throes of evolutionary change. 

The place and role of Vernadsky in Russian science is virtually equal to that of 
Einstein in Western science. A consideration of the achievement of each of these 
scientists also presents us with a dramatic contrast in perspectives, areas of interest, 
and consequent modes of analysis. The physicalist relativism of Einstein's legacy and 
its pursuit of the Big Bang is radically different in almost every way from the legacy 
of Vernadsky's work, which presents a biogeological worldview that is organically 
integrative and the basis of what in Russian science has come to be called cosmism. 
While the physicalist fascination of Western science has supported the materialism 
of modern Western thought and its way of life (which is actually an accelerating 


function of the biosphere’s own internal processes), the whole system thinking of 
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Vernadsky-characterized by the conception of a "biogeochemical _ process"- 
ironically supports acosmic rather than materialistic worldview. 

To illustrate the Russian perspective and the influence of Vernadsky's work, we 
present the concluding thoughts of a book by another Russian scientist and philoso- 


pher, 1. Laptev: 


Each one of us requires the whole earth-today this is quite clear. But surely each 
one of us is required by the whole earth! And when these two mutually penetrating 
requirements, so distinctly revealed and intensified by the leap out into space, are 
satisfied, the new historical epoch will begin "in which mankind itself, and with 
mankind all branches of its activity, ... will experience an advance that will put 
everything preceding it in the deepest shade." (Fr. Engels, Dialecticsof Nature) And 
people, no longer burdened by the thirst for money, will remember something that 
many of our contemporaries have forgotten: The only important things in life are 
such intangible qualities as beauty and wisdom, laughter and love. 

Nothing remains for us, members of a society the ideals of which are in unison 
with elemental geological processes and the laws of nature, but to wish that people 


the world over would recognize this as soon as possible.! 


Laptev's words-written twenty-eight years ago and precisely at the midpoint 
between Hiroshima and the Inevitable Event, as well as during the year in which the 
World Trade Center in New York City was finally completed and inaugurated (April 
4, 1973)-simply and elegantly state the theme and point of view that we are pursu- 
ing. In fact, it is the Inevitable Event that prepares us for the new historical epoch. 
But first we must realize how we are organized by the biosphere in order that the 
technosphere may be transformed into the noosphere. 

The root of Laptev's cosmic vision lies in Vernadsky's succinct definition of the 
biosphere: "The biosphere is the region on Earth for the transformation of cosmic 
energies." Although the word biosphere had been coined in the late nineteenth cen- 
tury, it was really only with Vernadsky's efforts that the biosphere became a viable 
description of the totality of life on Earth inclusive of its organic and inorganic  sup- 
port processes. 

Vernadsky was trained as a geologist with a specialization in crystallography. He 
immediately absorbed the implications of Curies discovery of radioactivity (1896), 
and devoted many studies to the purpose of uranium and naturally occurring  radio- 
activity within the Earth's geology. By the time of the First World War, Vernadsky 
had already written important texts such as Fundamentals of Crystallog;raphy and De- 


scriptive Mineralogy, and, along with Madame Curie, proposed an "international  ra- 
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diography of Earth's crust." This was in advance of Alfred Wegener's definitive work 
on plate tectonics. During the time of the First World War and Russian Revolution, 
Vernadsky's attention turned toward the problem of living matter and its relation to 
the geochemistry of the Earth. From this was born Vernadsky's perception of the 
unitive biogeochemical process by which the biosphere maintains itself. In 1923 he 
published a "plea for the establishment of a biogeochemical _ laboratory." 

In Paris, Vernadsky worked at the Insititut de Radium (Marie Curie) and became 
acquainted with Henri Bergson, who was then president of the International Com- 
mission of Intellectual Cooperation of the League of Nations. Through Bergson's 
circles, Vernadsky met often with the biologist Pierre Teilhard de Chardin (1881- 
1955) and the philosopher Edouard Ie Roy (1870-1954), with whom Vernadskyjointly 
coined the word and concept of the noosphere. Although Pierre Teilhard de Chardin 
is credited in the West with the concept of the noosphere, defined by him as the "men- 
tal envelope of the planet above and discontinuous with the biosphere," de Chardin's 
approach to the evolution of the noosphere as a natural consequence of vertebrate 
biology differs from Vernadsky's understanding in which it is the entirety of the 
biosphere that evokes the noosphere. 

The chief fruit of this fertile time in Vernadsky's life was the publication of the 
little book titled The Biosphere (1926). Demonstrating the synchronic ordering _ prin- 
ciple of the noosphere, it is interesting that the same year that saw the publication of 
The Biosphere also witnessed the appearance of Jan Smuts noted book Holism and 
Evolution. Through most of the rest of his sometimes turbulent career (he often 
came under attack from hard-line bolsheviks), Vernadsky was to elaborate on the 
laws and principles of the biosphere, often expressed simply as problems in bio- 
geochemistry. At the same time, his influence as a holistic thinker began to spread 
through the Soviet Academy of Sciences. A list of a few of his later publications gives 
some idea of the breadth of his thought, and includes: Geochemistry, Problems in Bio- 
geochemistry I and II, On the Boundaries of the Biosphere, Goethe as Naturalist, Scientific 
Thought asa Planetary Phenomenon, Some Words on the Noosphere, and his never com- 
pleted work, The Chemical Structure of the Earth's Biosphere. 

Following the death of his wife in 1944, Vernadsky expressed the opinion _ that 
after the Second World War, American and Russian scientists should work more 
closely together. Early in 1945 Qhouary 6), Vernadsky followed his wife to the grave. 
The Second World War ended, only to be followed by the Cold War (1947-1990). 
The critical collaboration between American and Russian scientists longed for by 
Vernadsky was soon to be buried in the ideological wasteland over which the super- 


structure of the technosphere would be constructed, a fact that in itself hastened the 
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acceleration of the biogeochemical processes bringing about the climax of the 
technosphere. 

Vernadsky did not live to witness the birth of the atomic era, which began only 
months after he died. But like Einstein in America, in 1940 Vernadsky-along with 
several other scientists, and mindful of the possible military applications-had 
prompted the Russian government to begin investigations into the possibility of 
deriving energy from nuclear fission. Yetit is most remarkable that by the time of his 
death, Vernadsky had almost single-handedly defined virtually every aspect of the 
laws and principles of the biosphere. This he always did with an eye to an imminent 
moment in the not-too-distant future when there would be adramatic biogeochemical 
mutation or combustion, out of which the biosphere would somehow trigger the 


noosphere: 


Not at acrisis of nervousness do we stand now, not at atime for the vacillation of 
flabby souls; but at a great turning point in the history of scientific thought, at a 
crisis such as occurs but once in athousand years, such as has not been witnessed for 
many generations. Standing at this point, with the vista of future achievements be- 
fore us, we should be happy that it is our lot to live at this time and to participate in 


the creation of tomorrow.2 


Undoubtedly his sense of the great moment of transition came from the very 
fact that during the span of his life from 1863 to 1945, some eighty-two years, 
Vernadsky was able to witness firsthand the accelerating effects of man's thought- 
in the form of industrial technology and the machine-and its turbulent and trans- 
formative impact on the terrestrial biosphere. After all, as a geologist, Vernadsky was 
familiar with the long history of the Earth, and the impact of human technology on 
the biosphere was inescapably the most significant aspect of any study of the bio- 
sphere to the present time. So wrote Vernadsky: "Only man transgresses the estab- 
lished order. .. upsets the equilibrium, though whether he materially cripples the 
transforming mechanism, or merely redistributes it, we cannot at the moment be sure."3 

The "transforming mechanism" referred to is the biosphere itself, which 
Vernadsky had already defined as the medium or region for the transformation of 
cosmic energy on Earth. At its simplest level, the unity of the whole of living matter 
of the biosphere is the sum of its living organisms. These living organisms either 
directly or indirectly are continuously processing solar and cosmic radiation, trans- 
forming it into various chemical cycles that establish the atmosphere, most notably 
through photosynthesis and the oxygen and carbon dioxide cycles. The important 


point, however, in any consideration of the biosphere is the principle of unity: the 
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biosphere is a unitive complex of cycles summarized as a single continuously  trans- 
forming and slowly mutating biogeochemical process. In this single complex cyclical 
process, all of life-all of living matter-is aunity, asingular dynamic by which the 
biosphere can be considered as a living whole. From the plankton of the oceans to 
the trees in the forest and the human peering from his cave at the rising sun-all of 
this is a single unity. 

It is the interaction of the living matter with the inert matter that creates and 
establishes the attributes and dynamics of the biosphere as a whole, all of which are 
now in aheightened state of acceleration and transformation, for as Vernadsky put it 
in the conclusion to The Biosphere: "The thought of the human species is a new fact 
which is turning the structure of the biosphere upside down after myriads of centu- 
ries." The structures and principles of the biosphere that man is now upsetting in- 
clude: the continuity and invariance of life on Earth; vegetation as a transformer of 
the energy of the sun; multiplication as amanifestation of transformed solar energy; 
propagation of life and the forces resisting propagation; and the unique relations of 
life to the inert matter of the biosphere, including the composition of living matter 
into two orders, plant life and the various biological animal species, inclusive of man. 
The first order of plants and bacteria constitute the mechanism for capturing the 
solar radiation and introducing the energy of the sun into the biosphere. The second 
order of biological life is a manifestation of the process of the transmission of energy 
through the vegetable world; that is, at aprimary and fundamental level, animal life is 
dependent upon plant life for its existence. (See plate 2, Life Is the Transformation of 
Solar Energy.) 

All these principles for maintaining the equilibrium of the biosphere are func- 
tions of the dynamic of the different biochemical and geochemical cycles that main- 
tain life both on land and in the ocean, all of which are subjected to processes that we 
refer to as evolution, both geological and biological. The evolutionary mechanisms 
of life include the principle of the biomass constant and the biogenic migration of 
atoms. Both of these mechanisms refer to and define the continuity and invariance 
of life on Earth. That is, the quantity of living matter has remained roughly un- 
changed since the origin of life on Earth-the biomass constant. Furthermore, the 
amount of oxygen in the biosphere is equal to the amount of biomass. It is the pres- 
sure of the different species on each other with the resultant interactions and changes 
that checks the infinite propagation of anyone species at the expense of the rest, and 
causes the mutation and evolution of the different life forms. It is through the inter- 
mediate structure of the technosphere that the human is wreaking the greatest havoc 


on these principles that are intended to maintain the biosphere as a stable dynamic, 
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and by which the human constitutes abiomutation of unparalleled significance. The 
different stages of the mutation of life account for the biogenic migration of atoms: 
"The evolution of different forms of life throughout geological time increases the 
biogenic migration of elements in the biosphere."4 The metamorphosis — of dinosaurs 
into fossil fuel is an example of the biogenic migration of atoms-and of the intro- 
duction of "free energy" (the term for industrial waste and by-products such as carbon 
monoxide) into the biosphere, while at amore mundane level, it refers to processes 
such as metabolism, circulation, breathing, and so forth. 

To summarize, there are two biogeochemical principles. The first states: "The 
biogenic migration of chemical elements in the biosphere tends towards a maximum 
of manifestation"; this refers to the presence of life everywhere on Earth, as well as 
the principle of the pressure of living matter upon itself. The second biogeochemi- 
cal principle states: "The evolution of species, in tending towards the creation of 
new forms of life, always move in the direction of increasing biogenic migration of 
the atoms in the biosphere. ...The second biogeochemical principle regulates the 
course of evolution. A newly evolved species will survive in the biosphere only if it is 
sufficiently able and sufficiently active in furthering the migration of atoms. The 
organism cannot be considered apart from its medium. It is a part of the complex 
mechanism of the biosphere." Here Vernadsky concludes his study of the biosphere 
with aconsideration of the laws regulating evolution that, for him, are to be sought 
in the mechanism of the biosphere and not in accidental circumstances. For this 
reason "evolution must proceed, namely, in the direction of increasing consciousness 
and thought, and of forms having greater and greater influence on their surround- 
ings."5 This consideration leads Vernadsky to domains of philosophical or religious 
thought. Why? 

"We are confronted with anew form of biogenic migration resulting from the 
activity of human reason. Human thought has changed in a brisk and radical manner 
the trend of natural processes and has even modified what we call natural laws. Con- 
sciousness and thought, despite the efforts of generations of thinkers, have never 
been defined, have never been given a physical basis, in terms of matter and en- 
ergy."6 And here Vernadsky poses a question that remained unanswered for him but 
that also leads to a consideration of the noosphere: "How can processes which seem 
purely physical be affected by consciousness?"7 

Although The Biosphere is the initial statement and underlying basis of all 
Vernadsky's later thought and work, his final major study, Problems in Biogeochemistry 
II, translated and published by his son, George Vernadsky, at Yale University in 1944, 


states the final conclusions of Vernadsky on the intriguing relation of human con- 
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sciousness-via_ its thought and projected dynamic, the machine-on _ the biosphere. 
These reflections provide us with a means for defining more precisely the nature of 


the technosphere and noosphere. 


FROM THE CREATION OF THE TECHNOSPHERE 
TO THE ADVENT OF THE NOOSPHERE 


Vernadsky developed the biosphere into a full scientific description of the sum oflife 
and its support systems on Earth, and was a co-originator of the concept of the 
noosphere, yet he seems never to have used the word or concept of the technosphere. 
In some of Vernadsky's descriptions of the relation of man and his thought on the 
biosphere, however, the technosphere is absolutely implied. In reading the follow- 
ing chain ofVernadsky's thought, we can discern what we refer to as the biosphere- 


technosphere-noosphere continuum: 


Man by his work and his conscious attitude toward life is remaking a terrestrial 
envelope, the geological domain of life, the biosphere. He is transforming it into a 


new geological state, the noosphere. 


He creates within the biosphere new biogeochemical processes that did not exist 
before. A planetary phenomenon, the biogeochemical history of the chemical ele- 


ments is notably changed. 


An immense new form of biogeochemical energy is represented by the technologi- 
cal work of man, complexly guided by his thought. It isinteresting that the increase, 
in the course of time, of machinery in the structure of human society also proceeds 
in geometrical progression, just like the reproduction of any kind of living matter, 


man included. 


Statesmen should be aware of the present elemental process of transition of the 
biosphere into the noosphere. The fundamental property of biogeochemical energy 
is clearly revealed in the growth of free energy of the biosphere with the progress of 


geological time, especially of its transition into the noosphere.8 


In this sequence of thoughts, we understand that Vernadsky, in his precise loca- 
tion in time, was himself the necessary voice of the biosphere giving rise to the 
noosphere. Put in another way, the very process that Vernadsky is describing-the 
transition of the biosphere to anew geological state, the noosphere-necessitated a 
coming into consciousness of itself, a self-reflective medium and voice. This self- 


reflective medium and voice of the biosphere-noosphere transition was Vernadsky 
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himself. In this observation we may understand that, although unconscious until it 
was made precipitant by the accelerated biogeochemical combustion itself, the or- 
der of the noosphere is none other than what the Law of Time defines as the 
synchronic order. As the structure of fourth-dimensional time, the synchronic order 
is a fluid, radial chronomantic structure in which time, telepathy, and consciousness 
are united in ways unpredictable to even the most advanced Western systems of 
mathematics. 

For Vernadsky the sum properties of the elements of the biosphere are the func- 
tions both of mathematics and of different kinds of geometries. It is of note that in 
the summation of the differences between inert and living bodies according to three 
factors, the first being energy and the second chemical manifestations, Vernadsky 
defines the third factor as "differences in regard to space-time." Of this factor, 


Vernadsky writes: 


In considering space-time, however, the situation becomes rather involved. Here we 
enter, on the one hand, a domain not studied scientifically, and on the other hand, 
that substratum of all natural phenomena, namely their geometry, which the natu- 
ralist in his scientific work is wont to dismiss without attention. This substratum, 
the geometrical state of physical space, underlies all physiochemical phenomena 


and perhaps has an even deeper reality than that of the phenomena themselves.9 


This deeper reality is the phenomenon - of time itself, expressed through various 
geometries or geometrical principles, which informs the manifest phenomena of 
life. This is an obviously aesthetic factor as well as a cosm.Qlogical principle. 

The Dynamics of Time fully substantiates Vernadsky's perception of the geometrical 


ordering principle of the deeper reality of time: 


All geometric forms are radiative and derive from the fourth-dimensional _ radial 
matrix. All fourth-dimensional functions are radial in nature and imply a principle 
of center from which the structure is projected. 

Geometry ishow fourth-dimensional time incorporates as third-dimensional form. 
The incorporation of time as geometrical form informs all of the inorganic and or- 
ganic orders of the realm of instinct. Time incorporated asthe geometry of form is the 


principle example ofT(E) = Art. All forms and species participate in varying orders of 


geometry of form, both in their bodily structure and their forms of process.lo 


If the question is asked, Where is this deeper reality of fourth-dimensional time 
from whence the projective geometries are generated? then we must answer that it is 


here in the noosphere, the medium on Earth for the transformation of cosmic thought. 
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It is the noosphere that informs all of the forms of the biosphere, inert and living, as 
well as producing in all genuine thought a structure and an order that are continu- 
ously moving in the direction of greater consciousness. To even think about the 
noosphere is to be areflection of it. 

As anoospheric medium, Vernadsky's life span was precisely timed to end when 
the global structure of the technosphere was about to be unconsciously constructed. 
The ingredients of the technosphere are indicated in the above-quoted passages as 
the planetary phenomena altering the biogeochemical history of the chemical ele- 
ments, transforming them into an "immense new form of biogeochemical energy 
represented by the technological work of man, complexly guided by his thought." It 
is the increase, over the course of time, of machinery in the structure of human 
society that proceeds in geometrical progression-just like the reproduction of 
any kind of living matter, man included-and that constitutes the general nature 
of the technosphere. The growth of "free energy," the often toxic by-products of the 
industrial transformation of raw goods into consumer products, becomes the hallmark 
of the technosphere, the transitional stage between the biosphere and the noosphere. 

It is this very point of the elemental process of the production of "free energy" 
and what it signifies in terms of the transformation of the biosphere into the noosphere 
that causes Vernadsky to call statesmen to attention. Why? As we know today, fifty- 
six years after Hiroshima, "free energy” in various manifestations has been causing 
danger signals to go off throughout the biosphere-from ozone depletion to global 
warming to nuclear radioactivity. What these danger signals have been telling us is 
that the techno sphere is coming to a point of its own exponentially accelerating 
biogeochemical combustion. Statesmen and politicians are advised by Vernadsky 
because the domain of their political rulership actually encompasses the everyday 
governing of the technosphere. But, alas, most people, statesmen included, are still 
unconscious of the existence of the technosphere, much less its role in relation to the 
biosphere and the forthcoming geological state, the noosphere. Hence, the Inevi- 
table Event. 

During much of Vernadsky's life, the geochemical combustion and release of 
"free energy" was just coming into its own. At his birth in the middle of the nine- 
teenth century, the world was not yet globally industrialized, and without a totally 
globalized industrial base there can be no technosphere. The critical span of the two 
world wars, 1914-1945, was for the purpose of establishing the world market-a 
total industrialized market and communications base for the expansion of technology 
and the creation of the unifying global structure of the technosphere. The inaugura- 


tion of the atomic age at Hiroshima, August 6, 1945, marks the precise beginning of 
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the dual factors: the commencement of biogeochemical transmutation and combus- 
tion of the biosphere by the impact of human thought, the atomic bomb and release 
of nuclear radioactivity into the terrestrial atmosphere; and simultaneously, — the be- 
ginning construction of the technosphere. 

The bomb created a point of critical self-awareness within the human organism 
as well as producing in that organism an unprecedented — sense of its own power. It 
was this sense of power that necessitated the unconscious impulse toward putting 
into place the structure of the technosphere. Of course, at the outset the species was 
only responding to anew, uncharted world situation, fundamentally unaware both 
of what it was creating as well as of the fact that it was actually constructing some- 
thing in the nature of a transition between two geological conditions, the biosphere 
and the noosphere. 

It could be said that Hiroshima lit the fuse of the final stage of biogeochemical 
combustion, the technosphere being the inevitable structure needed for the fuse to 
detonate at just the right moment. In this regard the synchronic order of the Law of 
Time ordained a precise 56-year cycle for the existence of the technosphere: 1945- 
2001. It is important to grasp that in this 56-year cycle the human population qua- 
drupled, expanding from 1.5 to more than 6 billion. The 56-year cycle divides into 
precise subcycles of twenty-eight years each. The first twenty-eight years, 1945-1973, 
begins with Hiroshima and ends with the completion of the World Trade Center 
towers in New York City. This marks the accomplishment of the creation of the "World 
Market," the actual transformation of the biosphere into the technosphere. The sec- 
ond 28-year cycle, 1973-2001, spans from the dedication of the World Trade Center 
towers to their destruction by an act of suicidal planetary terror, and marks the phase 
of "globalization" -the absolute dominance of the materialist market economics,  in- 
clusive of the dramatic end of the Cold War in 1990. The very midpoint of the second 
28-year cycle is the Harmonic Convergence of August 16-17, 1987, exactly fourteen 
years after the dedication of the World Trade Center and fourteen years before the 
inevitable moment of their destruction. 

A profound statement of the way in which the Law of Time governs the entire 
biosphere, inclusive of the artificial and transitional structure of the technosphere, _ lies 
in the fact that the Gregorian  calendar-an otherwise irregular and confusing 
pseudostandard of measure-is nonetheless coordinated by the Law of Time to repeat 
its cycle precisely every twenty-eight years. What this means is that the days of the 
week and months for the Gregorian calendar year 1945 repeated again in 1973, and 
yet a third time in 2001. The program prefiguring the Inevitable Event was already 
tested at Trinity Site (July 16, 1945), and established as the atomic destruction of 
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Hiroshima (August 6, 1945) and Nagasaki (August 9, 1945). This program of mass 
destruction was sublimated in 1973 as the triumphant completion of the Twin Towers 
of the World Trade Center, only so that in 2001 they could be the apocalyptic target of 
the inevitable 9-11 planetary red alert and moral emergency catastrophe, the only rival 
of Hiroshima and Nagasaki in fifty-six years. We shall return to this point later in our 
discussion on the Law of Time and the role of calendars as macro-organizing, _ pro- 
gramming factors that control the functioning of the human in the biosphere. 

It is of special note that the very last work published before Vernadsky's death 
was the essay "Some Words about the Noosphere." In his vision, Vernadsky could 
hardly have conceived of what was to occur first as the technosphere. Yet, he wrote 


in this last essay, published 1944: 


The historical process is being radically changed under our very eyes. For the first 
time in the history of mankind the interest of the masses on the one hand, and the 
free thought of individuals on the other, determine the course of life of mankind and 
provide standards for men's ideas of justice. Mankind taken as awhole is becoming a 
mighty geological force. There arises the problem of the reconstruction of the bio- 
sphere in the interests offreely thinking humanity asasingle totality. This new state of the 


biosphere which we approach without our noticing it is the noosphereY 


By contrast, Teilhard de Chardin, in his most famous book, The Phenomenon of 
Man (1959), defined the noosphere asa "new canopy," a "thinking stratum" that has 
been unfolding since the end of the Tertiary period, and has since been unfolding 
discontinuous with and above the biospheric world of plants and animals. Teilhard 
de Chardin also speaks of "planets with noosphere," those worlds where the enlight- 
enment of humanity has become synonymous’ with the life of the planet as a whole 
system. The one path to the noosphere defined by a scientist in Marxist Russia and 
the other by a Catholic biologist both point to the same radically positive end vision 
of the evolution of humanity, a fact that in itself is a dissolution of any kind of contra- 
dictory dialectic. Only history is governed by the merciless dialectical movement of 
matter and thought, rich and poor, material and spiritual. Clearly, therefore, the 
noosphere is beyond or after history. In this regard then, the technosphere is the 
concluding stage of history, to be followed by the post-historical noosphere. 

The establishment of the techno sphere after his death notwithstanding, it is still 
important to listen to Vernadsky's idealism with regard to the noosphere: "The prob- 
lem of planned, consistent activities which will aid us in mastering nature and ac- 
complishing the correct distribution of wealth, connected with the comprehension 


of the unity and equality of all people, of the unity of the noosphere, is now on the 
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agenda. ..It has become clear, and is more deeply penetrating the consciousness of 
mankind, that we now have areal opportunity to obliterate malnutrition, — starvation, 

and poverty, to greatly diminish the incidence of diseases, and prolong human life to 
the maximum."12 Other thinkers like R. Buckminster Fuller have uttered similar state- 
ments, that we have all that is needed to adequately take care of everyone on the planet. 
It is important to understand why this optimism has yet failed to be substantiated. If 
anything, the inequality in wealth between that of the several hundred billionaires in 
the world and that of the poorest one-third of humanity, two billion humans, was 
never historically more disproportionate than it was at the moment of the Inevitable 

Event. This inequality of wealth, too, is a situation endemic to the very processes of 
the technosphere, otherwise known as the military-industrial complex. 

In 1970 an American scientist, G. E. Hutchinson, wrote in the Scientific Ameri- 
can, "By noosphere Vernadsky meant the envelope of the mind that was to supersede 
the biosphere, the envelope of life. Unfortunately the quarter century since those 
words were written has demonstrated how mindless most of the changes wrought by 
man on the biosphere have been. Nonetheless, Vernadsky's transition in this deepest 
sense is the only alternative to mankind shortening its lifetime by millions of years."13 

A similar assessment was put forward in 1979 by the Belgian ecologist P. 
Duvigneaud in his presentation "Noosphere and the Future of the Vegetation of the 
Globe." In his address regarding the extermination of natural ecosystems made to 
the Twelfth International Botanical Congress, Duvigneaud makes one of the earliest 
and most prescient uses of the word technosphere: "Thus, the noosphere, so dear to 
Vernadsky ...is running the risk in reality of turning into the technosphere, or 
rather into 'the sphere of avidity,’ governed by the spirit of fortune-hunting, by me- 
diocrity, by the absence of social consciousness, by the ideal of destruction and by 
the egotistic doctrine of ‘after me, the deluge.""14 

To be precise, it was in 1973, the same year of the Club of Rome's landmark 
publication The Limits of Growth, and of the establishment of the World Trade Cen- 
ter in New York, that the technosphere became acoherent structure smothering the 
biosphere, co-opting the noosphere, and coordinating the very processes of greed 
and destructive fortune-hunting abhorred by the ecologist Duvigneaud. Like it or 
not, the techno sphere was the inevitable result of the unloosing of the machine into 
the biosphere. It may be asked: if the machine is a projection of human biology, then 
what purpose does it actually serve in the biosphere, and what is it that actually 
produced it and keeps it going? 

Before turning our attention to the answers to these questions, let us first define 


the technosphere as being the artificial structure replacing the human _ civilization, 
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noosphere. Defined by the 
Biosphere Catalogue (1985, p. 
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Earth's Mantles to the Biosphere Catalogue, the plan- 


etary core of this interlocking set of 
systems was none other than the World Trade Center's Twin Towers.|s 

As a planetary sphere, the technosphere takes its place with the other spheres or 
mantles comprising the structure of the Earth as a whole system. Beginning at the 
outermost etheric realm and proceeding inward, these spheres or mantles include: the 
electromagnetic field with its radiation belts, then the ionosphere, stratosphere, _ tro- 
posphere, atmosphere, technosphere, biosphere, land-ocean crust, tectonic plates, litho- 
sphere, outer and inner mantles, and finally the core, now known to consist of an outer 
tympanum, and within it alarge octahedral iron crystal afloat in a sea of magma. 

As aplanetary sphere, the technosphere negates time and consciousness as organic 
realities and replaces them instead with mechanization and marketing. Yet the 
technosphere is a product of mankind, and mankind is a function of the biosphere. 
The organization of life into biomes, large macro-ecosystems, is still evident, though 
in diminishing and withering proportion to the conquest of the technosphere. With 
the Final War now upon us, the question we must ask is: will the technosphere collapse 


before the biosphere or not? As catastrophic as it might seem, the collapse of the 
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technosphere would actually be a blessing in disguise from which the noosphere could 
finally be realized. But ifthe biosphere collapses first as the result of the Final War on 
Earth, then the technosphere will be futile, pointless, and dead as well. These are 
most dire thoughts in these most dire of times. Yet if we can now finally understand 
and accept our role within and subordinate to the biosphere as a whole, then our 
chances for survival will be greatly improved. 

Let us consider again what Vernadsky has to say about the human's place in the 


biosphere: 


1. Man, as observed in nature, like all living organisms, like any living matter, 


is a specific function of the biosphere, within its specific definite space-time. 


2. Man in all his manifestations constitutes aregular part of the structure of 


the biosphere. 


3. The explosion of scientific thought in the twentieth century has been prepared 
for by the entire history of the biosphere and has its deepest roots in the struc- 
ture of the latter. The civilization of "cultured mankind," insofar as it is a 
form of organization of the new geological force which has formed in the 
biosphere, cannot be interrupted or destroyed, since it is a great natural phe- 
nomenon, historically, or rather, geologically corresponding _ to the estab- 


lished orderliness of the biosphere.16 


If Vernadsky is correct, then the war we are witnessing is the inevitable conclu- 
sion of the biogeochemical combustion that consumes the technosphere and estab- 
lishes the pristine reality of the noosphere. This is especially true if we understand 
this war to actually be a geopolitical struggle for the control of the oil reserves of the 
Persian Gulf, or even more broadly, as the war between matter (globalization) and 
spirit (Islam), or more grimly, as Oswald Spengler put it, the final war between blood 
and money. This being the case, it is more important than ever to answer the two 
unresolved questions in Vernadsky's definition of the biosphere, the question of con- 
sciousness and the question of time. 

According to the Law of Time, the answers to the questions posed by Vernadsky 
are actually one and the same thing. "How can processes which seem purely physical 
be affected by consciousness?" The question asked by Vernadsky at the conclusion to 
The Biosphere is equaled by the unresolved issue of time discussed at the conclusion to 
Problems of Biogeochemistry JI.1n essence, Wernadsky declared, we know everything about 
the biosphere, its governing laws, principles, and functions, with the exception of the 


mysterious relation of time to the biosphere. Virtually alone among modern scientists, 
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Vernadsky perceived that time actually has nothing to do with the metrics of space, 
and that "time is not a dimension of metric geometry." This means that time is not 
only its own dimension-the fourth dimension-but that time must also have its 


own metrics and system of measure totally apart from the metrics of space. 


Minkovsky's and his predecessors’ concept of time as the fourth dimension of space 
is amathematical abstraction having logically no ground in scientific reality. Time is 
not adimension of metric geometry. In geometry, time may be expressed vectorially, 
but it is obvious that such an expression does not embrace all of its properties in 
natural phenomena studied by the naturalist. ..The time of the naturalist is not the 


geometrical time of Minkovsky, nor isit the time of mechanics and theoretical physics.!? 


In Vernadsky's perception of time, there is a profound critique of the approach 
that has been established toward the measure-and hence understanding-of time 
in physicalist science. For Vernadsky, time is a function of an as-yet-unrealized 
geometry: "This geometry would reduce all space to a point supplied by an infini- 
tesimal vector." Clearly time is a factor in all the functions of the biosphere, most 
evident in the biological life processes. Hence the Law of Time has been a regulating 
factor, the true nature of which we have been profoundly unconscious. Now here is an 
interesting reflection. If the biosphere as a whole system is tending toward a total 
whole system transformation into a state known as the noosphere, a fact perceived by 
Vemadsky during his lifetime, and the two unresolved issues are the issues of time and 
consciousness, both materially intangible dimensions, does it not seem correct that 
the resolution to these two issues will actually foster the manifestation of the noosphere, 
which is, after all, the mental envelope of Earth? And does it not also seem that as long 
as the two issues of time and consciousness remain in astate of ignorance or confusion 
within the mental functioning of the human order, that the vehicle of geochemical 
combustion, the technosphere, will tend toward its own dissolution until the issue of 
time and consciousness is resolved and clarified once and for all? 

The perilous passage, the biosphere-noosphere transition, may actually be de- 
fined as the consequence of operating in ignorance of the actual nature of time and 
consciousness. In this way, the techno sphere may be defined as the artificial com- 
promise in place of the true understanding of time and consciousness of the human 
order in the biosphere. Hence, the technosphere is the responsible intermediary 
agent creating the crisis of the noosphere. The solution to the questions of time and 
consciousness is thus the solution to the noospheric crisis, and the commencement 


of the grand new era, the true golden age of the whole Earth. 


Vv 
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Time and Human Consciousness 
The Law of Time—What It Is and Where It Came From 


HAVING DEFINED _ the technosphere as the intennediarystage in the biogeological 
continuum of the biosphere's evolution into the noosphere, we may now turn our 
attention to the unresolved issues of time and consciousness in the biosphere. These 
issues must not be seen as just the problems of humanity. Since humanity is a func- 
tion of the biosphere, the issues therefore relate to the biosphere becoming more 
conscious. It is the conscious aspect of matter that directs the biosphere toward its 
transfonnation into the noosphere. It isthe discovery of the Law of Time that comple- 
ments and resolves the issues that were left unresolved in Vernadsky's definition of 
the biosphere and of its transformation into the noosphere. The question then arises: 
what is the Law of Time, and how does it define time and consciousness as mutually 
coordinating factors of the same cosmic dimension intersecting with the biosphere? 
To say the least, time is such a vast and important topic in the orientation of 
human consciousness within the biosphere that we may declare that it is paramount 
in all human affairs. Indeed the cosmic order, of which the biosphere is the dynamic 
regulatory mechanism on planet Earth, is itself the expression of time as the medium 
of universal manifestation. Yet, as Vernadsky perceived in 1944, while we have de- 
fined space by its own systems of metrics and geometries, by applying these same 
standards to time we have not defined or known time at all. The cause for this quan- 
dary seems to lie in the fact that while space is perceptible as a sensory medium-we 


can see it, touch it, hear through it-and hence, itis evidently measurable, the same is 
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not the case with time. Time is of the mind, and in this regard, time is inseparable 
from the issue of consciousness. In fact, you cannot know or experience time with- 
out becoming conscious. 

Yet, as we shall see, there is a great confusion when we speak about time, which 
is actually at the root of the problem of the biosphere, and that is the matter of the 
clock. In human consciousness, the clock has become so second nature that very few 
people in industrial society can think of time without immediately associating it 
somehow with the clock, whether as an instrument or as a metaphor. This, as we 
shall see, is a major factor causing the general state of consciousness to remain static, 
especially in relation to the machine, which is continuously increasing in speed, as 
well as accelerating in the propagation and multiplication of itself. This factor of the 
clock-in other words, of mechanized time-is also at the root of the confusion 
concerning the nature of time in much of modern scientific thought. As we shall see, 
there isastream of Russian thought after Vernadsky that represents anotable excep- 
tion to the established view of time in modern thought and science. Suffice it to say 
that the evolution of modern Western thought and science has been programmed 
and predisposed to limit its consciousness of time to such a degree that it cannot 
even perceive of time outside its inherently mechanized perceptions about it. In this 
obviously also lies the problem of the delimitation of consciousness in the 
technosphere. 

"The deepening crisis of the world outlook is rooted in the permanence of the 
dominating scientific paradigm," writes Russian scientist Maria Maroushkina. "Un- 
derlying the materialistic technocratic civilization is the Newtonian-Cartesian _ para- 
digm, formed in the Middle Ages, its nucleus being the laws of gravitation and move- 
ment, as well as the logical principles of proof, laid down by Descartes."! This "per- 
manent" stratum of belief, a cultural metaprogram, locks every field of human en- 
deavor into aconquest by mechanization. It isthis metaprogram rooted in the simple 
unexamined device of the clock, and orchestrated by the equally unexamined effects 
of an irregular calendar, that keeps human consciousness unchanged and without 
any real solutions to its problems. As the problems worsen, the confusion of con- 
sciousness-which is really in a state of crisis-only deepens. 

To illustrate the current state of confusion regarding time in Western thought, 
we have the report of the prestigious Seven Pines Symposium on Time held in 
Stillwater, Minnesota inJune, 2001. The New York Times article regarding the Seven 
Pines Symposium is entitled "Physics' Big Puzzle Has Big Question: What Is Time?"2 
First of all, the assumption that time is basically atopic of physics in itself is a prob- 


lem, since time, as we have demonstrated, is actually mental in nature, and if any- 
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"Arrow of time" in modern scientific three-dimensional 
coordinate graphing, reinforcing illusion of linear time. 


Arrow of Time 


thing is most visibly manifest in the domain of biology or biogeology. But this head- 
line is also reflective of the paramount role that physics plays in the Western intel- 
lectual hierarchy: if physics can't solve it, than what can? 

Despite the prominence of physics and physicists, the Seven Pines Symposium 
included historians and philosophers as well. The hope of the symposium was to 
arrive at a unified theory that encompasses the effects of gravity as described by 
Einstein's general theory of relativity and the "fuzziness that occurs in the realm of 
tiny particles according to quantum physics."3 Here we have the problem of time as 
delimited by the self-imposed spectrum of modern physics. What then could we 
expect? Certainly no one here had considered the point made by Vernadsky that 
time is not a function of the metrics of space, which is the realm of physics. So it is 
not surprising that the symposium ended in a muddle, with the most prominent 
approach being that time could merely be a "psychological illusion" important to 
humans but not a fundamental part of any unified theory. It is also clear that few, if 
any, had considered that their views on time might be absolutely conditioned by the 
mundane and ordinary everyday micro- and macro-organizing factors: the mechani- 
cal clock and the Gregorian calendar with its second cousin, the Julian count of 
linear time. 

From the point of view of the noosphere, of course, this grand Symposium on 
Time was reflective of very little of the entire human organism, much less of the 
biosphere itself. The symposium was arepresentation of the elite intellectual class of 


the dominant economic, military, and political power of the planet, and hence of the 
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governing force of the technosphere, the United States of America. But if a realiza- 
tion that we are afunction of the biosphere is critical to our success in launching the 
noosphere, and the issue of understanding the correct relation of time to the bio- 
sphere is crucial even to the ability to launch the noosphere, then the Seven Pines 
Symposium did not even approach the actuality of the current biospheric situation 
or the nature of time. In this regard it was only a contribution to further the 
psychoatmospheric density-clouded thought without clarity of purpose-and one 
more reason why the Inevitable Event was on the biosphere's agenda. 

If one does not apply certain biospheric yardsticks to the analysis of what is 
reported as truth, then we will be sunk in a chaotic morass of half-truths that are 
really obscurations or even lies. The elite American nation, for instance, constitutes 
only 5 percent of the world's population, yet consumes 40 percent of its natural 
resources, and therefore has the wealth and power to maintain the military force 
(allotted a $318 billion budget for 2001-2002) to protect and even further as its right 
this disproportionate ratio, which is actually a violation of the dynamic balance of 
the biospheric processes. For this reason, through its official organs of propaganda 
such as the New York Times, America is able to muster the "influence" of whatever 
occurs within its confines assomehow having more merit than what might be gener- 
ated in some other nation or country. Soahuman may read the story in the New York 
Times on the "Big Puzzle of Time,” and most likely they will complacently accept its 
premise as absolute truth. Yetthis social construct of symposium-and-newspaper-story 
is nothing but an aberrant mental form that obscures the actual nature of time and 
keeps the mental level at a constant state of "industrial dull-normal," far removed 
from-or at best, little more than a highly distorted reflection of-the reality of the 
noosphere. 

Leaving aside this example of the mental confusion over time, it is necessary to 
understand from the investigations regarding the biosphere and according to 
Vernadsky's own judgment, that the biosphere in all its intricate and interlocking 
processes possesses and is guided by a great order and even a structural dynamic 
that, being manifestations of the laws of nature, can be given exact mathematical 
formulation. Why should we not expect that the nature of time in the biosphere 
should also be characterized by the same orderly quality? In fact, given that the 
biosphere is actually a life process, like all living matter it too must be governed by 
timing cycles. Thus the larger order of time that governs the cycles of the biosphere 
and of the noosphere must also exhibit a grand ordering principle. For if the three 
dimensions of space govern the domain of the physical world, then the fourth di- 


mension of time-which governs the life not only of the biosphere but of planets, 
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star systems, whole galaxies, and indeed the entire universe-must also consist of a 
simple, orderly formulation totally apart from the perception of time that governs 


the stunted consciousness of the technosphere. Such is the Law of Time. 


THE FOURTH-DIMENSIONAL NATURE OF TIME 


"Even though you do not measure the hours of 
the day as long or short, far or near, you still call 
it twelve hours. Because the signs of time's 
coming and going are obvious, people do not 
doubt it. Although they do not doubt it, they do 
not understand it. Or when sentient beings doubt 
what they do not understand, their doubt is not 
firmly fixed. Because of that, their past doubts do 
not necessarily coincide with their present doubt. 
Yet doubt itself is nothing but time. » 

-DOGEN, "THE TIME-BEING"4 


These prescient words of a thirteenth century Japanese Zen master are more true 
today than they were when he wrote them. Comprehensive _ studies like the Eranos 
Yearbook III: Man and Time (1957), which included Carl G. Jung's ground breaking 
essay on synchronicity, or James T. Frazier's fascinating and monumental Voices of 
Time (1966), only expand the multidisciplinary breadth of the confusion about time. 
In the 1970s Frazier helped found the International Society for the Study of Time. 
The Society is still meeting annually but has yet to reach a definitive agreement on 
or understanding of the question of time. It isin the context of the enduring confu- 
sion over time that the Law of Time was discovered. To say that the Law of Time has 
been "discovered" only means that a principle and fundamental law that has always 
guided the order of the universe has finally been made conscious and articulated ina 
precise way that is recognizable to the present condition of the human mental na- 
ture, which is still dominated by the physicalist model. 

In the whole of modern physics, Minkowski's fourth dimension of time has been 
misunderstood and treated asifit were aminor dimension, one that is just added on, 
but not really significant to the level of the three dimensions of space. This is due to 
the already space-oriented consciousness deriving from certain sets of perceptions 
established early in the history of civilization and standardized through certain pro- 


gramming models that are based on the metrics of space and not time, a topic to 
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which we shall soon turn. It is for this reason that in the formulations of modern 
physics time is symbolized by a small ¢ that runs in a horizontal line running from 
left to right at the bottom of any graphing of space with its x and y coordinates. 
This graphing of small ¢ time gives rise to the notion of the "arrow of time," 
which is virtually a bedrock dogma of much of modern Western physics. This is the 
much-touted notion of linear time that supports doctrines of economic inexorabil- 
ity, material progress, and the like. Of course to anyone versed in the ways of nature, 
linear time and the arrow of time can be seen as nothing more than artificial con- 
structs, for the biological nature of time is perceptible at the very least through the 
great interlocking cycles of nature. Nor is there anything linear about the Earth's 
rotations around the sun, or of the moon around the Earth, all of which give lie to 
the physicalist and materially progressivist notion of linear time. Only the 
technosphere, sustained in its structure by the limited consciousness of time, is driven 
by this linear principle and for this reason is doomed to run aground on the shoals of 


its own artificiality. 


TIME AS THE UNIVERSAL FACTOR OF SYNCHRONIZATION 


The nature of time is grasped poetically in the form of cycles: "To every season there 
isatime. ..”" Biorhythms can even be mapped and the cycles of the biological order 
of reality can be demonstrated as functions of a chronobiology. But the biological 
cycles only demonstrate the manifestation of time in the space ofliving matter. If the 
whole of nature is observed, then one can begin to grasp the masterful orderliness by 
which every least detail occurs in relation to all the other details in their various 
cycles-yes, one can grasp in this phenomenal order another deeper aspect of time, 
and that is time as the universal factor of synchronization. This is the synchronic 
order of time, the order by which everything in the universe occurs simultaneously 
in a masterful synchronization from moment to moment in an ever-changing kalei- 
doscope of infinite varieties of order and harmony. 

Only historical man deviates from this masterful symphony of time, the synchronic 
order. Nonetheless, we speak of being "on time," "in sync," "in tune,” "in reso- 
nance," "in harmony," or of being "tuned-in." All of these expressions refer to the 
attunement of time and the nature of consciousness as awareness in the present 
moment, in the here and now. This is possible because the same law governs both 
time and the relation of consciousness to the moment. To answer Vernadsky's ques- 
tion, "How can processes which seem purely physical be affected by consciousness?"- 


the physical is affected by consciousness, because consciousness is actually a 
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function of time. When someone "discovers" a law of nature, it is because their 
consciousness is attuned to the natural process in time, and the law therefore "re- 
veals" itself. 

But this consciousness can be and most often is of a profoundly unconscious 
nature. Time is actually the governing principle of a higher self-existing conscious- 
ness that regulates the order of the universe, both in regard to its living and non- 
living matter. Because time continuously synchronizes everything into a single 
coherent whole from the micro to the macro levels, time accounts for the har- 
mony of the universe. Only man deviates from the universal harmony, and the 
technosphere, a projection of the human mechanization of time, intrudes upon the 
intrinsic harmony to the point of its own demise, but man deviates for a purpose. 

The harmony manifested by time as cosmos-which literally means "order" 
-gives rise to the great and simple formulation of the Law of Time: T(E) = Art; 
Energy factored by Time equals Art. This means that energy, any manifestation of 
the physical three-dimensional world, possesses order and is in harmony with its 
environment because it is factored by time. In the conception of the Law of Time, 
however, capital T refers to time as the universal factor of synchronization. As the 
universal factor of synchronization, time is defined by the self-existing and intrinsi- 
cally perfect mathematical ratio 13:20. Derived from the mathematics of the ancient 
Maya, this ratio is a universal constant of time that organizes all of the universe as a 
radial sequence of synchronous moments reflecting different evolutionary phases 
simultaneously. Because everything perceived is an aspect of instantaneous univer- 
sal synchronization, time is also the medium of instantaneous information transmis- 
sion throughout the universe. 

The noted Russian astrophysicist N. A. Kozyrev (1908-1983), whose work be- 
gan half a century ago with the theory of the internal structure of stars, later con- 
ducted a famous series of experiments using telescopes, mirrors, and aluminum, in 
which he was able to confirm a receipt of information from distant galaxies prior to 
the time it took the information to arrive via light as a physical medium. In Kozyrev's 
own words: "The tests proved the existence of the effects through time of one mate- 
rial system upon another. This effect does not transmit a pulse (momentum), mean- 
ing it does not propagate but appears simultaneously in any material system. In this 
manner, in principle it proves possible to have a momentary relationship and a mo- 
mentary transmission of information. Time accomplishes arelationship between all 
phenomena of nature and participates actively in them. ...Time contains the entire 
universe of still unexplored phenomena."5 The results of these experiments led 


Kozyrev to various conclusions, among them that time and duration are not the 
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same thing, and that the velocity of time is instantaneously infinite, formulated as 


VyV—- CoO 


Formulation: velocity of time is instantaneously infinite 


This being so, time must also be the factor or medium that accounts for the 
experiences of telepathy or other paranormal phenomena. A second, most provoca- 
tive conclusion derived from his experiments is that time is actually generated as an 
instantaneous and even simultaneously radial transmission of information from the 
core of stars, a fact confirmed by the Law of Time's description of the synchronic 


order of time as being radial in nature. 


FURTHER EXPANSES OF FOURTH-DIMENSIONAL TIME: 
THE EVOLUTION OF TIME AS CONSCIOUSNESS 


Leaving aside for the moment further discussion of Kozyrev's seminal work and its 
conclusions, at this point let us summarize the two chief qualities of time as defined 
by the Law of Time: 1) time is the factor of universal synchronization, and 2) time 
possesses an infinite instantaneity of velocity that is faster than the speed of light, 
and hence is correlated with telepathy. From these two determining features of the 
nature of time, two other corollary conclusions may be drawn: 3) the cyclic nature of 
third-dimensional biological phenomena isa function of the factor of universal syn- 
chronization which establishes harmonic ratios that determine the different life pro- 
cesses of different organisms, while 4) the ability of any species or organic whole to 
maintain its unity with itself and all of its members or parts is an instantaneous func- 
tion of time as telepathy. 

To better understand the Law of Time and its radical non-linear definition of 
time-which is actually the noospheric description of time-we may say that time, 
being synchronically instantaneous, is both "vertical" in relation to space (which is 
horizontal"), and "radial" from the perspective of its own dimension, the fourth. 
Rather than being the small ¢ line or arrow at the bottom of the physicist's graph, 
time as the fourth dimension is greater than and inclusive of the third dimension, 
much as the etheric atmosphere includes and surrounds the physical Earth in a ra- 
dial "all-at-onceness." To try to measure this phenomenon with the metrics of space 
and its essentially linear yardsticks is to constrain time into definitions and descrip- 
tions that are totally alien to its nature. 

In fact, from the point of view of the dynamics of time, it is space that is the 


moving line, or rather a set of points in a moving vector that can be described as 
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line. Let us extrapolate from the important observation made by Vernadsky at the 
conclusion to Problems in Biogeochemistry II: if the geometry of time reduces space to 
a point supplied by an infinitesimal vector, then from the point of view of time, space 
is an infinitely locatable point. What is this point? It is the point of awareness at 
which an individual body becomes aware of time. Here, the "subjective" description 

or experience of time cannot be separated from the issue of consciousness. (See plate 
3, Model of "Vertical Time" in Relation to Horizontal Space.) 

In the description of time as vertical in relation to horizontal space, this point of 
awareness of a body in time is defined as the Locus of Consciousness, or L of C. In 
the flow of moment-to-moment instantaneity that is synchronous’ with the flow of 
space, the Locus of Consciousness is that point at which time vector and space per- 
ception connect. From this defining point of consciousness in the here and now, the 
flow of space creates a horizontal sensation: one direction flows to the "past," the 
other to the "future." This is what is normally defined as the sensation of time or the 
arrow of time. It is actually the definition of the horizontal flow of space in relation 
to vertical time. What is usually not considered is the vertical dimension of time that 
connects awareness to space at any given moment, creating sequences of Awareness 
Units, or AUs. 

From the defining point of the Locus of Consciousness, there are essentially two 
spaces and two times: near space and far space, and low time and high time. Near space 
corresponds to low time and far space corresponds to high time. Near space is essen- 
tially defined by the perimeter of sense experience, inclusive of the extension of the 
senses through technological apparatus such as telescopes, microscopes, and the like. 
This is the domain oflow time. Far space is defined as that space beyond the perim- 
eter of the sense perceptions, and is characterized by subliminal sensory _ percep- 
tions. This is the domain of high time and the atemporality of space. In near space, 
low time is characterized by what appear to be "random events." The lower the 
time, the greater the increase of random events. Low time and near space define the 
qualities of the experience that are properly and purely third-dimensional. High 
time and far space are purely and properly the domain of the fourth dimension  char- 
acterized by the dominance of the synchronic order of time. 

The distinction between low time and near space and high time and far space is 
defined as the threshold of synchronicity. In high time, synchronicity  (s) predomi- 
nates and is greater than random events (re), or (s»(re). In low time, random _ events 
predominate and are greater than synchronicity, or (re»(s). Note that the realm of 
quantum physics occurs in the microrealm of far space. It is this factor that accounts 


for the "fuzziness" of the behavior of subatomic particles, quarks, tachyons, and so 
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forth, which defy the limitations of linear time. These phenomena occur in the 
subliminal realm of the synchronic order. It is the human mind that is not accus- 
tomed to behavior in the pure realm of synchronicity that cannot grasp that these 
particles are moving according to radial laws of fourth-dimensional time, and so 
appear highly irregular and random to the sense perceptions of the observers that 
are totally conditioned by third-dimensional space perceptions. Similarly, the high 
time of the macro threshold of the synchronic order represents the "other side," the 
"hereafter," the realm of pure vision, which is also governed by strict laws of radial 
time, and which, to the conditioned experience of a perceiver on this side of the 
threshold, may appear as something from a distant future or past reality, or even as 
in adream. The orderly explication of the Law of Time provides complete math- 
ematical descriptions and principles that account for the radial order of time, even as 
it coordinates the near space and low time of random events. 

In any case, the horizontal line of space in relation to the vertical line of time 
defining any given Locus of Consciousness describes the macroworld above and the 
microworld below. As we have noted, the higher threshold of synchronicity above 
the horizon of space defines the realm of higher consciousnessthe lower threshold of 
synchronicity below the horizon of space defines the realm of quantum physics. Con- 
necting the macro realm of atemporality and high time, and the lower or micro realm 
of atemporality and high time, is the vertical time vertice of the ever-present now. 
At the two far ends of this time vertice of the ever-present now is the Locus of 
God, the selfsame in each direction. These extreme points of the vertice of time 
return far space to the Locus of Consciousness through a process of toroidal sub- 
limation. We are not really dealing with a description of a two-dimensional _ plane, 
but a dynamic four-dimensional model held together by a toroidal motion that is 
continuously returning the farthest space and the highest time, whether from above 
or below the threshold of synchronicity-". God" -to the Locus of Consciousness. 

Depending on the clarity of mind at any given moment, the vertice of time con- 
stantly and instantaneously transmits information to the Locus of Consciousness. 
The discrete units of information thus transmitted are referred to as celestialharmon- 
ics. A celestial harmonic is described as the index of synchronic incidence defining 
different levels of co-occurrence. I can be in the present moment sitting in a room, 
and at the same time, by being fully present in the here and now, I can spontaneously 
experience any number of telepathic thoughts, memories, feelings of deja vu, and so 
forth. These experiences are the different levels of co-occurrence that define the 
index of synchronic incidence and are categorizable as celestial harmonics. The higher 


the time, the greater the density of celestial harmonics per AU (Awareness Unit). It 
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is the vertical vertice of time and its power of transmission that account for the vision- 
ary or revelatory experiences of saints, poets, and mystics throughout the ages. It is the 
mathematics of the Law of Time that provides the "mapping" that explains, identifies, 
and even increases these different harmonic incidences of the synchronic — order. 

Because the vertice of time connects ultimately to the "Locus of God" -the 
mutually defining points that become One at the far ends of the toroidal motion of 
the vertex of time-this accounts for the existence of the perennial philosophy, the 
unitive nature of the most revelatory or ecstatic experiences of the great mystics and 
seers. It is also the relation of awareness in the Locus of Consciousness at any present 
moment that allows any random event of low time to trigger telepathic ascent into 
high time depending on the clarity of and duration of the Awareness Unit (AU). 
From this point of view, the random quality of events in near space is only relative in 
relation to the absolute nature of the synchronic order, and merely a function of the 
third-dimensional biological space orientation. For those accustomed to the actual 
nature of fourth-dimensional time, which includes and controls the third-dimensional 
order of near space, the random events constituting low time are actually "signs" that 
may be read as message bearing signals of the synchronic order of high time. 

Brief reflection on this description of vertical time in relation to horizontal space 
will demonstrate the value of what is referred to as meditation without an objectsuch as 
that cultivated in the Buddhist traditions, as well as affirm the One Divine Source of 
the purely monotheistic traditions. Without aclear mind of awareness in the present 
moment there can be no clear seeing of reality, nor can there be the realization that 
all of what our senses report to us is constructed in our own mind to conform to 
what we think is a universe outside of us. At the same time, if we can extend the 
duration of our awareness in the Locus of Consciousness indefinitely in the vertical 
direction of time, we come upon the ineffable experience that is an emanation of the 
Locus of God, however or in whatever "language" our senses may later report or 
define such experiences. Thus we return to the paradox of the definition of space as 
an infinitely locatable point-this point is none other than our own minds, in which 
the construct of space is created and dissolved from moment to moment. Such is the 
subjective description of time from the point of view of the Law of Time, a descrip- 
tion that begs each one of us to take absolute responsibility for our own experience. 
But there is an "objective" description as well, in which time is also defined as in- 
separable from consciousness. 

Implicit in the subjective here-and-now description of the experience of time is 
the radial matrix of time. At the experiential level it is the now-centered point in the 


Space-Locus of Consciousness which defines the center of a radial order of time. 
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Time radiates out from each here-and-now awareness moment. But the Law of 
Time also supplies an objective description in which the radial nature of time has 
two points of determining order: the point of infinite lucidity and cosmogenesis, 
which is the Locus of God; and the receptive locus of the infinitely locatable point, 
which is space as constructed by each individual consciousness. Intermediate _be- 
tween the two points-Locus of God and Locus of (individual) Consciousness-is 
the determining radial matrix of fourth-dimensional time, the universal frequency 
of synchronization. 

Mathematically defined as the ratio 13:20 and described by the 13 x20 matrix of 
the Harmonic Module, in this mathematical model of fourth-dimensional time we 
perceive the root of the Law of Time and its basis in the mathematics of the Mayan 
time science. It is important to understand very clearly that the 13:20 frequency and 
the mathematical matrix that defines the operations of this frequency of synchroni- 
zation are the pure mathematics of time totally apart from the metrics and geom- 
etries of third-dimensional space. This is a point of profound significance to which 
we shall later return. 

In the model of objective time, the dynamics of the Law of Time are demon- 
strated as the evolution of time as consciousness. Here the two unresolved issues of 
Vernadky's description of the biosphere are unified, the answers to which are the 
determining factors that allow the triggering of the noosphere: The evolution of 
time is inseparable from consciousness. Conversely, the evolution of consciousness 
is inseparable from time. Both time and consciousness are nonphysical fourth- 
dimensional factors coordinating the third dimension. Because consciousness is 
synchronized with or by time, it can affect physical third-dimensional processes, in 
whatever way, whether the acting agent is aware of this or not. Consciousness of the 
Law of Time, however, is only possible through a profound act of self-reflection. 
Once it has been made conscious, the discovery of the Law of Time affects the entire 
medium of planetary consciousness, the noosphere, at first imperceptibly, but then 
building to a great point of climax coinciding with the climax of the biogeochemical 
combustion. (See plate 4, The Dynamics of Time: Showing the Evolution of Time 
as Consciousness.) 

This dramatic moment of the discovery of the Law of Time is evident in the 
graphic description of the dynamics of time, showing the evolution of time as con- 
sciousness. The dynamic of the universal, cosmically intelligent, and intelligible 
whole-the galacticbrain-is depicted as acircle encompassing the evolutionary spec- 
trum, showing the index of energy-mind progression from the atomic cellular and 


biological levels to purely mental conditions of being, all of which are functions of 
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the formulation T(E) =Art. From the point of God-Galactic Ordering Dynamic- 
the circle, or rather, sphere, is divided vertically and horizontally into four quad- 
rants. The movement of the evolution of time as consciousness travels out of the 
God center, from right to left, and thence describes, in counterclockwise circular 
motion, the movement of time as consciousness passing through, or rather defining, 
the four quadrants, until it returns to the Source again as hyperdimensional time, or 
"pure mind." The left-hand side describes both the primary prelife, lower left-hand 
quadrant, and the primary post-life, upper left-hand quadrant. The right-hand side 
describes the secondary reflex life, the lower right-hand quadrant being the purely 
third-dimensional life (biosphere), and the upper right-hand quadrant being the 
evolved fourth-dimensional life (noosphere). 

The lower half of the sphere beneath the horizontal line running through the 
God center refers to the Domain of Potentiality, the upper half to the Dominion of 
Time. The prelife quadrant of the Domain of Potentiality refers to the preconscious 
quantum dimensional space of pure energy. The lower right-hand quadrant refers to 
third-dimensional space, the locus of space travel and the realm of the cosmic un- 
conscious. Within the Dominion of Time, the upper right-hand quadrant refers 
to the fourth-dimension time, the locus of time travel, and the realm of cosmic 
consciousness. Finally, the upper left-hand quadrant is the realm of hyperdimen- 
sional time, or "pure mind." By studying this graphic description, one can grasp the 
movement of time as consciousness from inorganic preconscious, where duration in 
time is virtually infinite, to the secondary reflex life, or living organic matter in the 
third dimension. Here time is unconscious and life builds on the cosmic unconscious 
as the slowly mutating and evolving biosphere. The cosmic unconscious comes to a 
climax in the creation of the 12:60 artificial civilization, which is really not true 
civilization, but rather the technosphere itself. At this point there are moments of 
consciousness, but only moments. True sustained consciousness is possible only in 
conditions removed from the technosphere. 

In the evolution of time as consciousness, the discovery of the Law of Time is a 
product of the crisis of consciousness unable to sustain itself in the technospheric 
medium. That is because this medium is a pure function of artificial 12:60 time. 
Even though the extensions of the senses and the capacity of technology provide the 
human within the biosphere a holistic perspective of seeing the whole Earth from 
space, the consciousness is continuously subordinated to the care and maintenance 
of the machine (or its lifeblood, money), and so cannot remain in a sustained state of 
heightened awareness or continuing consciousness. Continuing consciousness is only 


possible with the discovery of the Law of Time, which the crises of the technosphere 
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and of consciousness have themselves brought about. In this regard, the discovery of 
the Law of Time is the great point of human self-reflection that defines the advance 
from an exclusive third-dimensional operation and aberrant timing factor to a purely 
fourth-dimensional and conscious natural timing factor. It is the difference between 
the cosmic unconscious and cosmic consciousness, the biosphere and the noosphere- 


in other words, the very topic of this book. 


DE CHARDIN AND THE PLANETIZATION OF CONSCIOUSNESS 


The discovery of the Law of Time defines the point between the two stages of the 
noosphere as described by Pierre Teilhard de Chardin: "The first stage was the elabo- 
ration oflower organisms, up to and including man, by the use and irrational combi- 
nation of elementary sources of energy received or released by the planet. The sec- 
ond stage is the super-evolution of man, individually and collectively, by the use of 
refined forms of energy scientifically harnessed and applied in the bosom of the 
Noosphere, thanks to the coordinated efforts of all men working reflectively and 
unanimously upon themselves. . . In becoming planetised humanity is acquiring 

new physical powers that will enable it to super-organize matter. And, even more 
important, is it not possible that by the direct converging of its members it will be 
able, as though by resonance, to release psychic powers whose existence is still un- 
suspected?"6 The identification of telepathy with the velocity of time emphatically 

underscores de Chardin's final point. 

On the other side of the discovery of the Law of Time, civilization, having reached 
its climax as the technosphere, is replaced by an entirely new noospheric order of 
human organization defined as PAN: Planet Art Network. This is a structural  defi- 
nition of what Teilhard de Chardin refers to as the "planetization of consciousness." 
This organization (bionoospheric and not institutional) is "planet" because the hu- 
man organism is self-realized as aplanetary organism. It is "art" because functioning 
again in the natural timing frequency, the human is governed by the Law of Time, 


T(E) = Art, and hence the reality and the activities of everyday life are defined as art. 
And it is a "network" because the city, defined by civilization (literally living in cities) 


and which was a sustaining component of the technosphere, is no longer necessary 
or viable. Rather, the human becomes redistributed throughout the biosphere-what 

Teilhard de Chardin refers to as the "radiation of man "--connected by a telepathic 
network that greatly diminishes the reliance on much of the technology that charac- 
terized the technosphere. Hence Planet Art Network: the replacement of civilization 


with the fourth-dimensional social organization of the human functioning as the tele- 
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pathically coordinating species of the noosphere. In this condition life evolves toward 
a hyperorganic stage, attaining a state of superconscious activity and _ self-reflection 
where time travel replaces the space travel of the phase known as civilization. 

This evolutionary mode, coinciding with the evolving needs of the local star, 
conduces at some distant point in the future to the subliminal consciousness and the 
postorganic postlife that is necessitated by stars as they advance to the stage of super- 
nova. According to the Law of Time, the nature of consciousness is actually a func- 
tion of stellar evolution, planets being but harmonic nodes in greater heliospheric 
fields of resonance. Since time is inseparable from consciousness, this understanding 
would seem to affirm Kozyrev's hypothesis that time is generated from the stellar 
core. "Stars absorb energy from the motion of time," declares Kozyrev, "a star seems 
to be atime machine."7 The Mayan Factor further places the coordinating medium of 
time as emanating from the core of the galaxy, Hunab Ku, One Giver of Movement 
and Measure. In the Chilam Balam prophetic tradition, Hunab Ku is also the name 
given to the final religion of the One God that appears after the religion of the 
conquistadors has finally passed. Seen from the perspective of the Galactic Brain, the 
crisis through which we are now passing is but the final stage before consciousness 
bursts into anew radiance of biosolar-telepathic wonder where negative emotions 
and thought forms no longer have any place to cling or hide. The Law of Time 
purposively points to this great end. 

The whole of the spectrum of the Galactic Brain is mediated by the universal 
frequency of synchronization, | mathematically modeled as the 13:20 matrix, the or- 
ganizing factor of the synchronic order. The technicalities of this evolutionary — spec- 
trum of the Galactic Brain have been defined in The Dynamics of Time: 260 Postulates 
(1996) so that the process of the evolution of time as consciousness may be studied 
and its coming stages prepared for. The mathematical model of this 13:20 matrix is 
a description of the fourth-dimensional timing frequency and is both the source of 
the time vector potentialities and the mathematical tool for mapping the order of 
synchronicity. Through the discovery of the Law of Time, the 13:20 matrix is realiz- 
able through tools that are in accord with its mathematics, and thereby it becomes 
useful to the everyday consciousness of the human. This too becomes a factor ac- 
counting for the noosphere's becoming conscious. 

The fourth-dimensional "tools". made accessible through the Law of Time in- 
clude the Thirteen Moon/2 8-Day calendar, the Dreamspell, and the Telektonon. 
They will be described more fully in Chapter 8, "Making the Transition to the New 
Time." With these tools one can begin to construct amap of the time vector potenti- 


alities contained in the synchronic order as it manifests on a day-to-day basis. Once 
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the construct is made conscious and correlated to a point in third-dimensional time, 
then the body in time-the infinitely locatable point that is space-may be coordi- 
nated by the same common structure of fourth-dimensional time. Following _ this 
procedure the individual human consciousness begins to participate in the larger 
unfolding of the noosphere, and slowly but surely is realized as yet another manifes- 
tation of the formulation of the Law of Time, T(E) = Art. It is the human being itself 
that incorporates time, or rather wakes up within itself the order of time. Time is art, 


while art is actually a function of consciousness expressing _ itself. 


THE MAYAN UNDERSTANDING OF THE LAW OF TIME 


While we will have cause to turn our attention later in this book to the "how-to" of 
fourth-dimensional time, we may consider further the nature and meaning of the 
mathematics of the Law of Time and their origin with the mysterious civilization of 
the ancient Maya. The template or matrix of the 13:20 frequency, a 13 x 20 (260) 
unit structure, was the means for accommodating the base "calendar" used by both 
the ancient and present day Maya: the Tzolkin, or sacred calendar, a set of thirteen 
numbers and twenty signs that repeat their sequences of permutations every 260 
days. While this 13 x 20 matrix accommodates the Tzolkin, it is not confined to 
being acalendar, as] amply demonstrated in The Mayan Factor.The 13:20 frequency 
is the universal constant of time from whose mathematics the Tzolkin is derived. 
Based on the permutation table, called the buk xok in the Chilam Balam tradition, 
this matrix is a Harmonic Module, a fractal yardstick of radial time with multiple 
applications, something analogous to the periodic table of elements, but of the 
synchronic order. 

It is still a profound challenge to all modern Western scientific thought that the 
Maya would have possessed such mathematics, apparently inherited from the earlier 
and even more mysterious Olmec people, and that with this mathematics they would 
have evolved such aprofound perception of time. This was most certainly a factor in 
the destructive attitude taken toward the Maya by the religious zealotry of the conquer- 
ors of Mexico. It is also astonishing that the mathematics in which the Harmonic 
Module is embedded is avigesimal (20) count, utilizing a zero and a positional order- 
ing system that accounts for larger or greater values that advance by binary 
exponentiality rather than a decimal sequentiality. But, quite simply, this system exists 
in this manner because it is the mathematics appropriate to time. This mathematics 
is a factor to which any disinterested researcher on the topic of time must now be- 


come accustomed. 
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It is by reason of this mathematics and its ability to "download" the 13:20 uni- 
versal frequency of synchronization that the ancient Maya were able to construct a 
complex system of "calendars" and an astronomical knowledge that is precise not for 
its telescopes, of which there were none, but because of the nature of the mathemati- 
cal system itself. More appropriately described as synchronization devices or 
synchronometers, the Maya used at least seventeen of these timing instruments si- 
multaneously during the great age of their civilization, A.D.435-830. This fact in 
itself tells us that the Maya understood time so radically differently from the percep- 
tion that has evolved in the techno sphere that we must stand in awe that such a 
knowledge would have developed by a people whose technological development was 
so minimal, but whose artistic accomplishment was inseparable from their scientific 
achievement. 


Harmonic Module 
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Yes, the Maya most definitely knew that time is the universal factor of synchro- 
nization, so their synchronometers must have been for the purpose of attaining a 
master synchronization with the cosmos. This presupposes such a different state of 
mind that all the values of the present day must be challenged. The mystery of it is 
that this mathematics and time science developed in the New World, remote from 
the saga of civilization in the Old World. The fact that the later Maya practiced 
ceremonies and blood rituals, the fascination of so many present-day archeologists, 
should not detract from the understanding that these ceremonial practices stem from 
a totally different perception of life-and death. Before we judge, we must consider 
the inescapable truth that nothing in history matches the terror of the different kinds 
of war and weapons of mass destruction that characterize the fifty-six-year cycle of 
the technosphere, 1945-2001. Who then is the more _barbaric-the Maya, or mod- 
em man, "Homo technosphericus"? 

It is the study of this vigesimal mathematics and its 13:20 Harmonic Module 
that has led to the discovery of the Law of Time. In this regard the Law of Time isa 
universal law independent of any culture or civilization, even that of the Maya, much 
like the law of gravity is also a universal law. However, if it had not been for the 
Maya, who evolved their understanding of the 13:20 frequency of synchronization 


to such ahigh degree, there would never have been a pursuit that led to the discov- 


Galactic Notation, Dot-Bar (0-19) Code 
Vigesimal count, 1-19, where in first order 1=1 and 
0 = 20 position, so in next order 1 = 20, in third order 1 = 400, etc. 
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ery of the law underlying their knowledge of time. If with this law we may categorize 
the time vector potentialities in six stages of consciousness-preconscious, uncon- 

scious, and conscious, continuing conscious, superconscious, and subliminal con- 
scious-then we may be certain that the ancient Maya were also familiar with the 
time science associated with the higher states of consciousness revealed by the Law 
of Time. With this time science and mathematics of higher consciousness, the Maya 
were able to bequeath a prophetic tradition mathematically coded in the Harmonic 

Module, which, among other matters, led to the discovery or making conscious of 
the Law of Time itself. 

Once we appreciate the radically different perception of time and knowledge 
that is embodied in the Harmonic Module, the mathematical modeling of the 13:20 
universal frequency of synchronization, then we may turn to its uses as the fractal 
radial measure of time applied to many levels of thought and knowledge. For in- 
stance, using the 13:20 matrix we may turn to an understanding of the Law of Time 
in human history, asis necessitated by these reflections. With the Mayan time knowl- 
edge and the placement of their civilization in the New World, we have a gauge and an 
alternative base of knowledge upon which to evolve a planetary perspective and an 
objective means of critique of the mainstream development of civilization in the Old 
World. We may then ask the questions: How did we become what we are now, and 


how was it that our civilization evolved into the technospheric medium? 


v 


Time and Human Consciousness. 


53 


54 


The Law of Time in Human Affairs 
The Analysis of History 


THE KEY to The Mayan Factor is the application of the Harmonic Module as a 
fractal measure that is descriptive of the cycle of thirteen baktuns, the Mayan mea- 
sure of history. This measure of thirteen baktuns, acycle extending from 3113 B.C.to 
A.D. 2012, had been deduced from the stone inscriptions of the Mayan monuments 
of the Classic period, most of which bear a date within the tenth baktun cycle, A.D. 
435-830, or, in the transliterated vigesimal notation of the Mayan Long Count, 
9.0.0.0.0-10.0.0.0.0. However, one of the principle discoveries of The Mayan Factor 
demonstrated that the thirteen baktun cycle was also a function of the Harmonic 
Module and identical with its mathematical mapping as the 13:20 matrix. There are 
very profound implications to this correlation of the cycle of history having a one- 
to-one identity with the 13:20 frequency matrix. For this reason the cycle of history 
is referred to as a Wave Harmonic of the galactic order of time. Even though history 
may appear to be arandom, haphazard, and checkered advance of humanity from 
living in small agricultural communities to the present-day technosphere, this pro- 
cess has actually been an orderly program of the biosphere, the region for the trans- 
formation of cosmic energy on Earth. 

The same principle of the analysis of the Law of Time applies here. That is, by 
analogy, the historical events analyzed from a political or economic perspective  rep- 
resent the perception of the random events of near space and low time, while the 


analysis of the thirteen baktun cycle Wave Harmonic of history represents the 
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perspective of far space and high time. In this Wave Harmonic, the program of 
history is mathematically defined by 13 baktuns-each baktun consists of 20 katuns- 
13 baktuns x 20 katuns = 260 katuns = 13 x 20 matrix of the 13:20 frequency of 
synchronization. In the 13 x20 matrix of the Harmonic Module each unit equals one 
kin, the base unit of fractal measure. By fractal equivalence, in the mapping of his- 
tory one kin =one katun, one katun = 7,200 days; therefore one baktun = 144,000 
(7,200 x 20) days. The mathematical perfection of the cycle of history matching 
the 260-unit model of the harmonic matrix means that history is a factor of syn- 
chronization of the higher order of time coordinating the human organism within 
the biosphere. 

By means of the thirteen baktun Wave Harmonic of history, the incidence of human 
Civilizational Advance (CA) may be plotted in avery precise way as a progression 
going from avery dispersed and scattered state to the point of attaining its exponen- 
tial climax in the final saga of geochemical combustion, the fifty-six-year cycle of the 
technosphere. In this regard we must ask: What do we mean by "history" from the 
Wave Harmonic point of view? As an organism that is a function of the biosphere, 
history defines that stage when that organism, humankind, enters a process of altering 
its biomes through increasingly artificial means or extensions of itself that exhibit a 
compulsive reordering of society into denser and denser clusters of habitations known 
as cities, hence civilization, "city-life." 

In the stage before history, the human had created certain tools and had begun 
experiments in agriculture and horticulture, but the mental order remained in an 
aboriginal condition. Unconsciously absorbed as an integral mechanism within the 
cycles of the biosphere, the human wrapped his understanding of these cycles and of 
his place in them in the garb of myth and ritual. But with history, something  differ- 
ent occurs. The artificial means or extensions of the senses are ordered by a different 
form of mentality. Those projections of thought and consciousness, though immate- 
rial, affect the material surroundings, and take on an aggressive dynamic. The ag- 
gregate effects of these artificial extensions are maintained by anew mental dynamic 
that is contained and then conditioned by anew kind of macro-organizing thought 
structure, independent of the actual cycles of the biosphere. What is this new men- 
tality? How can we most precisely define it? 

Here are some points to ponder. The Mayan reckoning of the beginning of 
history is precisely dated to August 13, 3113 B.C.,Long Count 13.0.0.0.0. The Hindu 
reckoning of the beginning of the Kali Yuga is dated to February 19, 3102 B.C.These 
dates are only eleven years apart. What cosmic event occurred at that time to initiate 


the Wave Harmonic of history? As we have seen, there is a perfect identity of the 
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13 Baktun Cycle: Wave Harmonic of History 
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Wave Harmonic of history, as a fractal equivalence, with the Harmonic Module, 
itself a description of the universal 13:20 frequency of synchronization. This being 
so, both the calculation of the beginning of history as well as the duration of its 
entire cycle are functions of the Law of Time. This means that something within the 
Earth's noosphere occurred that triggered the Wave Harmonic, itself a manifesta- 
tion of the Law of Time. Also, by most judgments and standards, history began at a 
very precise place as well-Sumeria, in the Mesopotamian basin of what is now called 
the Middle East. Why? And what relation is there between the precise event that 
triggered the Wave Harmonic of history and Sumeria, the site of the first city, Uruk? 
What event could have established a macro-organizing principle to propel the dy- 
namic of human thought and technology into the trajectory concluded by the 


technosphere? 


THE ORIGINS OF THE 12:60 FREQUENCY 


In the recently published book The History of the World-A 6,000 Year Chronicle of 
Time, we find the point that establishes the definite artificiality of a new kind of 
macro-organizing principle, driving humankind toward the Inevitable Event; here 
we find the genesis of artificial time: "Ca. 3000 B.C.Sumerians divide day into 24 
hours, 60 minutes, 60 seconds and circle into 360 degrees."! While this is a fact we 
may take for granted because it is the basis of mechanized time in the form of the 
clock, for precisely that reason it should give us pause. For one thing, this means that 
the measuring system of the clock was already established at the beginning of his- 
tory, some 4,500 years before the clock as we know it was actually invented! This is 
quite an astonishing fact. It means that mechanization was implicit in the first intel- 
lectual act of history. Why or how would it have occurred at the precise point of the 
beginning of history in Sumeria? 

The Law of Time defines this mechanistic organizing principle as the basis of 
the 12:60 artificial timing frequency (irregular twelve-month calendar combined with 
mechanical sixty-minute hour). Therefore, it was at this point at the beginning of 
history that artificial time and its progeny, mechanization, were actually registered 
as athought form and thus became embedded in the as-yet-unconscious noosphere. 
Or, was it already embedded in the noosphere to be triggered at this precise point- 
and if so, why and how? The point is that history, as it has evolved as the mainstream 
of civilization from Sumeria to the World Trade Center, has always been driven by 
the organizing principle of artificial time. It is artificial time that separates history 


from prehistory-and, as we shall see, from post-history as well. It was due to the 
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The Error in Time 


The measure of a two-dimensional plane in space has nothing to do with the experience or the nature of time. 


“TIME WAS COMPRESSED INTO A FLAT CIRCLE..." 
Dreamspell "Genesis" 
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genesis of artificial time at the beginning of history and its emplacement within the 


planetary noosphere that also generated the thirteen baktun Wave Harmonic of his- 


tory. For the very purpose of the thirteen baktun Wave Harmonic of history is to 


encompass and coordinate the cycle of artificial time. Why? 


The Wave Harmonic is a function of the 13:20 synchronization frequency. It is 


a function of cosmic time. In the higher knowledge 


of the Mayan understanding, it 


provided the perfect measure of the cycle of artificial time. From the perspective of 


the actual noospheric timing, which operates according 


timing frequency, history is none other than a manifestation 


to the natural 13:20 cosmic 


of artificial time. Civi- 


lization becomes organized by the principle of artificial time. But because it is artifi- 


cial, it cannot endure. If the mathematical basis of mechanized 


mechanization, was already established at the beginning 


time, and hence of 


of history, then the end of 


history is the end of artificial, mechanized 12:60 time. And in the end, the Law of 
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Time codes and encompasses the whole of the cycle of artificial time through the 
thirteen baktun Wave Harmonic of history. What is important to grasp is that the 
entire cycle of artificial time was already perceived by the Mayans as a phenomenon 
that could not endure more than the length of the cycle of thirteen baktuns. 

It is necessary for the reader to understand how this perspective was discovered. 
It was the result of a phenomenological experiment of living according to the 
synchronic cycles of the Mayan time science. After the death of my son in 1987, my 
wife and I began in earnest to follow the cycles encoded in the Mayan calendar: 13- 
day, 20-day, 52-day and 260-day cycles. Our life changed dramatically. At the same 
time, I endeavored to define the mathematical basis of these cycles. Once I resigned 
my academic position in early 1989, we were swept by a wave of time that took us 
from the Rocky Mountains to Southern California to the Hawaiian Islands in the 
middle of the Pacific Ocean. There, in relative isolation from the rest of the world, 
we plunged into our experiment. Before we had truly settled in, the time wave took 
us to Switzerland, where on December 10, 1989, in the Museum of Time in Geneva, 
we were able to put our phenomenological experiment to the test-although we did 
not consciously realize at the time that we were doing so. 

There in the Museum of Time, essentially surrounded by examples of the his- 
tory of the clock and mechanization, and because our perceptions had been altered 
by our living so completely by the various timing cycles encoded in the Mayan cal- 
endar system, we were able to spontaneously perceive the existence of two timing 
frequencies. The natural frequency-the one we had been living-we understood 
instinctively to be the 13:20 timing frequency. The other frequency-the one en- 
shrined in this Museum of Time-we understood to be the artificial 12:60 timing 
frequency. This realization of artificial time was rooted in the evident proof that the 
clock is based on the twelve-part division of a flat circle, a spatial plane that clearly 
has nothing to do with the dynamics of time. It is a manifest error, but one that 
humanity has taken for granted and endowed with all of the characteristics of "truth." 

We also immediately saw that the error of mistaking the division of a two- 
dimensional plane in space for a measure of time was transmitted not only through 
the clock, but through the twelve-month Gregorian calendar as well. With brief 
reflection upon what a gross error this was-substituting a twelve-part division of 
space as a measure of time, and then elevating this mistake as the truth of the mea- 
sure of time-we understood how it could have actually led humanity away from the 
natural time of the universe. In making this observation, we immediately and intu- 
itively grasped the necessary solution: replace the erroneously measured twelve-month 


Gregorian calendar with the perfect measure of the Thirteen Moon/2 8-Day calendar. 
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Our research into the mathematical codes behind the Mayan calendar now pro- 
gressed rapidly, but our attention also turned to the question: Whence came the 
thought form of 24 hours, 60 minutes, and 60 seconds as a measure of acircle of 360 
degrees? It was clear to us that this division of time based on the division of a circle in 
space occurred at what is the beginning of history, a fact later confirmed for us in the 
already cited History of the World (1997), which states that this division of 24 hours, 
60 minutes, 60 seconds and the circle into 360 degrees was devised "Ca. 3000 B.C." 

Once we had finished working out the mathematical codes, we turned to a con- 
sideration of the actual implications of the error in time. It was now also clear why 
the Mayan time science was so superior. It was based on the reality of time as a factor 
of synchronization. By contrast, the concept of time as it had developed in the main- 
stream of civilization was limited, linear, and totally third-dimensional, a fact that 
confirmed Vernadsky's analysis, as well, that our notions of time are afunction of the 


metrics of space. By 1991, the experience in the Museum of Time had driven us into 
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creating afull-blown psychomythic analysis and description of this moment of real- 
ization concerning the nature of time. The complete structure of the mathematical 
codes of time, as well as the psychomythic description of the causes and effects of the 
error in time, is known as the Dreamspell, which is defined as follows: 

"DreamspeH: function of fifth-dimensional — galactic-solar planetary regulation; 
26,000-year renewable cycle and planetary castle genesis; any consensus reality; in 
disregard of interdimensional _ reality creates entropic spell of history; cure for loss of 
galactic memory."2 The planetary castle genesis refers to the five castles of time (each 
5,200 years in length), divided into three geneses-the Dragon, the Monkey, and the 
Moon-that constitute the entire fractal panorama of the 26,000-year cycle of his- 
tory that ends in 2012, and is meant to be renewed in 2013 (an obvious synchronic 
reference to the 13:20 timing frequency). In the Dreamspell analysis, the beginning 
of history occurs almost 5,200 years ago between the Monkey and the Moon gen- 
eses, and is marked by the imposition of the false 12:60 timing ratio. 

In light of this analysis and definition it is worth quoting certain passages from 
the Dreamspell text that describe this precise moment at the beginning of history 
and that the Law of Time defines as the root error of civilization. First we quote 
from the "Dreamspell Genesis," and then from the descriptions of the "Dreamspell 
Journey and Mission of Timeship Earth 2013." The purpose of quoting these pas- 
sages here is to establish apsychomythic context to explain the profound nature of 


what we refer to as the error in time compounded over 5,000 years of history: 


Imposters, male priests and warriors usurped the power of the thirteen moons. They 
hid the thirteen among themselves and attempted to banish all memory of the matrix 
dreamspell of magic. ..The planetary kin had imposed upon them the diminishing 
power ratio of 12:60. No longer the magic of thirteen moons but a twelve month 
calendar of uncertain meaning. No longer the timeless gyre of magical flight, but a 


sixty-minute hour to earn one's bread. 
Time was compressed into a flat circle. 
The 13:20 ratio is the base operating ratio of timeship Earth. 


In that vital moment during the magic flight. ..Toward the moon genesis, another 
spell was cast. Instead of the 13:260 ratio already stored deep within the crystal core 
of timeship Earth, the planetary kin received the 12:60 ratio, the dark dreamspell of 
history. ..And so the thirteenth moon was dismembered and added on as extra days 


to the calendar of twelve. 
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The absorption of the thirteen by the twelve was called an improvement by the male 
imposter priests hypnotized by the combined powers ofJupiter and Saturn. It takes 
twelve years for Jupiter to orbit once around the sun. It takes sixty years for Jupiter 


and Saturn to be conjunct. 


Twelve times five equals sixty, one sixth of the flat three hundred sixty degree circle. 
The difference between twelve and five is seven. While the priests of the calendar of 
ancient Babylon banished the power of the thirteen moons, they replaced that power 


with the power of seven. 


While the twelve diminished the power of thirteen by one, the sixty raised the power 
of twenty by three. A seeming increase in power occurred, but an increase only on 
the flat plane of the third-dimensional time to which the planetary kin were now 


consigned. 


With the banishment of the thirteen moons, the fourth-dimensional time magic. .. 
became the property of the priest class. Setting up religions and governments to 
maintain the kin within the third dimension, the priests were assured that anyone 


having fourth-dimensional experiences either be appropriated or destroyed.J 


So much for the psychomythic impression of the genesis of artificial time, the 
flat time of an exclusive third-dimensional reality called history. A few further quo- 
tations from the Dreamspell emphasize both the interplanetary and mathematical 


root of false time: 


At -3187 Dreamspell years the time bandits on the sixth and seventh orbits pulsed 
their beam. The 12:60 frequency of the memory virus took immediate effect on the 


third-dimensional space suits. ..The Dreamspell of history was cast. 


Imposter priests on Earth substitute the 12:60 ratio. .. Instead of the magic of 
following thirteen moons, a non-circulating twelve-month calendar is substituted; 
instead of the beauty and power of magical flight, the sixty-minute hour. The result 


is disastrous. 


The twelve-month calendar is the consequence of the 12:60 ratio imposed at -3187 
Dreamspell years (3113 B.C.,Julian/Gregorian). With no basis in or capacity for 
measuring galactic time, the twelve-month calendar is actually a third-dimensional 


prison keeping the four root races separate and at war with each other.4 


These descriptive explanations of the error in time define such a profoundly 


radical point of view that we must flesh out the implications and description of the 
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course of artificial time according to the analysis of the Law of Time. From the 
outset of civilization in Sumeria, artificial time captures the human mentality in the 
order oflow time and near space (third dimension), separating it from high time and 
far space (fourth dimension). The registration of artificial time within the uncon- 
scious structure of the noosphere, which is intrinsically governed by the universal 
13:20 frequency of synchronization, creates aconflict and a pressure in the noosphere, 
atime warp or taint that affects the entire biosphere. 

Civilization-living in cities-increasingly | becomes the human norm within the 
biosphere. Where there had been no civilization, at a few key places around the 
planet civilization now arises-a process that goes from the crystalline structures at 
the origin to the later phases of imperialism and empire building. This cycle is re- 
peated again and again. Even in the New World where the 13:20 natural timing 
frequency prevailed, the later stages of civilization succumbed to the effects of the 
12:60 already seeded in the noosphere. Ultimately, all humanity and the biosphere 
were to be governed by the artificial timing frequency that ends with the construc- 
tion of the technosphere, the final and supreme expression of artificial time. Indeed, 
the technosphere is the absolute conclusion of what can rightly be called an artificial 
time warp in the biosphere. 

Concerning the mathematical basis of the 12:60 frequency, V. A. Ponko of the 
Russian Academy of Sciences, Novosibirsk, has conducted extensive research and 
wave analysis on the mathematical properties of the cycles of history. He has con- 
cluded that as a mental coordinate, the number 12 is a strict construct of the angles 
of space. Since it does not correspond to the sinusoidal curvature of the cycles of 
time and the plotting of all organic phenomena, when used as a time factor the 
number 12 offers no "protection" from bombardment by any number of cosmic 
forces. The mathematical plotting of the 13:28 frequency that characterizes the 
Thirteen Moon calendar, on the other hand, is in alignment with the sinusoidal 
curve properties of organic phenomena, and therefore functions as an "umbrella" 
maintaining the organism in resonance with the biosphere.s 

Here let us make amore precise definition of timing frequencies and the nature 
of calendars as the macro-organizing programming systems of the human in the 
biosphere. By defining time as the universal frequency of synchronization, we are 
saying that synchronization is the fundamental program to which everything ad- 
heres and which makes everything perceptibly coherent, hence synchronic order. 
Therefore, the natural timing frequency that is auniversal phenomenon both regu- 
lates the phenomenal order of the cosmos, and in the human is absorbed as a mental 


frequency that unconsciously synchronizes the mind and senses with the natural 
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order. The result is the normal sensation and experience of the harmony of reality. 
This defines both a fundamentally prehistoric perception of reality as well as the 
spiritual experience that is common when we are confronted with the awesomeness 
of nature-usually far away, it should be noted, from city life. This universal factor 
of synchronization we have identified as the mathematically precise ratio 13:20, a 
ratio constant embedded in the structure and order of the calendrical and astro- 
nomical system of the ancient Maya. 

If we understand that this frequency of synchronization isa genuinely universal 
constant, then we may comprehend how not only the entire biosphere, but solar 
system and galaxy are also governed by the same frequency. This is how the Kozyrev 
experiments could show that there is instantaneous transmission of information 
throughout the universe, which in its entirety is afunction of the formulation velocity 
of time is instantaneously infinite. Synchronization and infinite instantaneity of trans- 
mission are mutually defining-everything — is always instantaneously synchronized. 
We can further say that synchronization '"syntropizes" while dissynchronization 
"entropizes." There is no lag time in synchronization. 

This being the case, we can then begin to understand how the acceptance and 
institutionalization of the artificial 24-hour, 60-minute, 60-second division of the 
360 degree circle as the basis for defining time could be such a singular and _ ulti- 
mately disastrous deviation from the universal frequency of synchronization. Thus 
when we speak of the artificial 12:60 timing frequency, we are referring to the men- 
tal effect of the feedback program of the use of artificial and erroneous instruments 
of measure. Rather than allowing the mind to remain in the natural harmony of 
synchronization with nature, the artificial 12:60 standard and its instruments estab- 
lish a feedback effect in the mind that accustoms it to the deviation from nature. 
This habituation results in the creation of an unconscious timing frequency that is 
accepted by the consensus reality as the actual norm. Separation of human order 
from the biosphere becomes accepted and acceptable, making civilization not only 
possible, but setting it up, as it were, as a parallel rival to "nature." In fact, it is the 
unconscious mental frequency of 12:60 artificial time that coordinates and main- 
tains civilization as a belief system. 

When we speak of the instruments of measure of artificial time, we are specifi- 
cally referring to the Gregorian calendar as the macro-organizing principle and the 
watch or mechanical clock as the micro-organizing principle. The macro-organizing 
principle organizes our life into days, weeks, months, and years. The micro-organizing 
principle organizes our life into seconds, minutes, and hours. These two instru- 


ments have their common root in the error in time that occurred 5,000 years ago at 
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the beginning of history. Try to think of life without these instruments and you will 
quickly realize how second nature they are-and yet there was atime when such 
instruments and their terminology did not exist. Before turning our attention to an 
analysis of these two instruments and their effects on human consciousness, we must 
view the entire cycle of the Wave Harmonic of history as a function of the macro- 
organizing principles of time that the human in the biosphere adopted for its uses 
and that, in turn, condition at amost profound level the worldview of the culture or 


civilization that uses it. 


HISTORICAL CALENDARS AS INSTRUMENTS 
OF ASTRONOMICAL MEASURE 


It may be rightly asked, What does acalendar measure? At aminimum, acalendar is or 
should be the measure of the Earth in its rotation around its local star, the sun. This 
rotation takes 365 days. The Earth's satellite, the moon, is the obvious synchronizing 

factor between the Earth and the sun. But here we encounter a difficulty. The moon 
can be measured by various cycles. The synodical cycle, from new moon to new moon, 
is 29.5 days. The sidereal cycle, the measure taken from where the moon appears at 
the same place in the sky, is just over 27 days. There is an apsidal cycle, however, taken 
from the measure of when the moon's axis is tilted farthest from the Earth, which is 28 
days. This variance of measures is due to the fact that until the rise of rocketry, we 
could not really see the moon from space. In actuality the moon rotates around the 
Earth thirteen times during the time it takes the Earth to orbit the sun once. 

If one were objectively seeking the proper measure of the Earth's orbit using the 
moon as the measuring device, we would therefore construct an instrument for time 
reckoning that consists of an even harmonic measure of thirteen cycles of twenty- 
eight days each. The 28-day cycle conforms, of course, to the female menstruation 
cycle, an obvious human biological cycle, and it also divides perfectly into four 7-day 
subcycles or weeks. Also, 13 x 28 = 364, the same number of days as thirteen moons 
multiplied by four 7-day weeks (a total of fifty-two weeks), with the 365th day being 
a free day, or Day Out of Time, no day of the week or month at all. We shall deal 
with the perceived extra quarter-day later in our discussion. 

The point is this: If time is a factor of synchronization, then a calendar-as an 
instrument for measuring the count of time-should also be constructed so that it 
maximizes the factor of synchronization. This can only be done if the instrument of 
time reckoning is constructed on harmonic principles in conformity with the objec- 


tive data of nature. Such an instrument would also conform to the orderly processes 
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of the biosphere taken as a whole, and be a great assistance in bringing into con- 
sciousness the cosmic programs that organize the biosphere and noosphere. The 
Thirteen Moon/28-Day calendar is the perfect instrument for such a simple regis- 
tration of harmony and synchronization. It should also be noted that in its math- 
ematics the Thirteen Moon/28-Day calendar is a function of the 13:20 timing fre- 
quency. This in itself establishes the Thirteen Moon/28-Day calendar as a perfect 
instrument of the Law of Time and asa function of the synchronic order of reality. 

Since the process of civilization represents a break from a long cycle generally 
undistinguished by the kind of perturbations that characterize history, the analysis 
of the Law of Time assumes that in prehistory humans lived in relative harmony, 
and therefore that the humans tended to use harmonic instruments of time reckon- 
ing. The humans living in greater harmony with the biospheric cycles would be 
disposed to be in greater unconscious or aboriginal attunement with the noosphere. 
Since the noosphere is regulated by the synchronic order of the universal 13:20 
timing frequency, the humans would be more naturally disposed to devise, adopt, or 
intuitively utilize the time measure in greatest accord with this instinctual 13:20 
noospheric timing ratio. 

This instrument of time measure would, of course, be the Thirteen Moon/2 8-Day 
calendar. It should also be noted that this calendar is a perfect solar-lunar measure; 
that is, it uses the even, regular lunar cycle of28 days as the standard of measuring the 


365-day solar cycle of the Earth. The balance of solar and lunar may also be taken as 


Moon Circling Earth Thirteen Times per Year 


Did you know the 
moon goes around 
the Earth thirteen 
times a year? 





symbolic of human psychological characteristics and their balance or imbalance. A 
solar-lunar calendar will represent and reflect a balance of the solar-lunar, masculine 
and feminine qualities within the human being. It is important to bear in mind these 
considerations of calendars and their effect on shaping the human historical conscious- 
ness and its psychological makeup. From this perspective, history is, in fact, a process 
of falling away from the perfection of harmonic — standards. 

Evidence exists that the Thirteen Moon/28-Day measure was widely known in 
prehistory. We find evidence of its use as a prehistoric synchronic measure in the 
remote past of China, in Polynesia, and scattered across late neolithic Europe and 
the Middle East. Among the Maya it was known as the Tun Uc, literally "moon 
count" or count of seven, while the living tradition of the Thirteen Moon/28-Day 
calendar is still continued in South America and in the British Isles, where it is known 
as the Druid Tree calendar. While the Druid calendar has no year count attached to 
it that would definitively testify to its prehistoric ancestry, the South American  cal- 
endar does. Known as the Pachacuti, the South American Thirteen Moon/28-Day 
calendar is currently in the year 5509, which places its origins at 3308 B.C., toward 
the middle of the fourth millennium before Christ, and several hundred years before 
the beginning of the thirteen baktun Wave Harmonic of history. 

If we understand that calendars are genuine time-measuring devices meant to 
synchronize us with the cosmic order within the biosphere, and that calendars are 
thereby programming devices, we may then say that acalendar of perfect harmony 
can have no history. In other words, by its harmony such acalendar is always in tune 
with the cosmos, which is beyond history. History can only be a function of a dishar- 
monic programming, not in sync or even at odds with the laws of natural time. 

From the point of view of timing devices, there are two factors in the establish- 
ment of history. The first is the 12:60 program established 5,000 years ago with 
the division of the day into 24 hours, 60 minutes, 60 seconds, based on the 360-degree 
division of the circle. The other factor is the use of a purely lunar calendar that is 
difficult to reconcile with the actual measure of the solar year. The purpose of the 
12:60 measure was to establish a timing standard that was actually a pseudosolar 
calendar to assert male intellectual dominance. The Babylonian (and later, Egyp- 
tian) calendar consisted of twelve 30-day cycles = 360 days = 360 degrees, plus an 
extra 5-day cycle. The 30-day measure is not actually anatural one, being a half day 
more than the synodic lunar measure, but one that conforms to the hexagisimal 
(6-based) mathematics of the circle. For this reason, this instrument of time reckon- 
ing is defined as pseudosolar. Its ultimate descendent, as we shall see, is the twelve- 


month Julian/Gregorian system. 
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By contrast, the Maya also had a 365-day solar calendar, the Haab. Its measure, 
however, is that of eighteen 20-day cycles (18 x 20 = 360) plus the 5-day cycle (uayeb), 
the 20-day cycle (vinal) being amathematical function of the 13:20 frequency. In addi- 
tion, the Maya had the measure of the tun, the 360-day count of which is precisely the 
same as that of the degrees of the circle. It was the tun that the Maya used to measure 
the thirteen baktun count, which actually consists of5,200 tun (5,125 solar years). The 
purpose of this measure was to provide an exact harmonic standard for the measure of 
history that, we may recall, is the duration of artificial time. It is very relevant that the 
harmonic standard of the thirteen baktun Wave Harmonic of history is the 360-day 
tun, the actual temporal equivalent of the degrees of a circle in space. The precise 
measurement of the cycle of artificial time, which turned out to be anything but har- 
monic, could yet be measured with aharmonic unit that reflects both the circle and the 
mathematical perfection of the Law of Time. How better to coordinate the entire 
cycle of artificial time than by the tun, aunit of measure that reflects the 360-degree 
circle, the basis of the original error in artificial time? As we will later observe, the fact 
that the Law of Time coordinates even the cycles of artificial time is also evident in the 
analysis of the timing of the fatal flaw of the Twin Towers apocalypse. 

While the Babylonians began to apply ahexagisimal time-reckoning device based 
on spatial metrics of the circle, another factor became predominant in the Old World: 
the rise of the synodical lunar calendar as the exclusive measure of time. The synodi- 
callunar calendar is purely lunar in that it is not evidently or perfectly harmonized 
with the 365-day measure of the solar cycle-a fact of great consequence for the 
development of mainstream civilization. The Babylonian calendar, with its abroga- 
tion of the thirteen perfect 28-day months, established the pseudosolar twelve-month 
measure. This twelve-month measure conformed to the lunar measure of twelve 
synodic lunations per lunar year. However, twelve lunations are only 354 days, eleven 
days short of the solar year. This required an intricate set of calculations to make the 
lunar calendar keep up with the measure of the Earth's solar orbit. And in reality, 
although we tend to think of the moon as feminine, the knowledge of the synodic 
measure, the cycle from new moon to new moon, became the exclusive province of 
amale priest class that used the lunar calendars to capture and control the feminine 
principle, and to oppress women in general. Whereas the Babylonian and Egyptian 
solar calendars fell into disuse over time, the lunar calendar persisted. 

Since there is only one moon orbiting Earth, it should be kept in mind that all 
lunar calendars are essentially the same. One and the same moon in all its phases is 
apparent to all humans on Earth. So when we speak of different lunar calendars- 


most notably the Hebrew, the Islamic, and the Chinese-the measure is basically the 
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same, from new moon to new moon, but New Year's Day falls differently in each of 
them, thus accounting in part for the various calendrical traditions. Within each of 
these lunar calendars, a different set of holidays is programmed. It is the program- 

ming of the different holidays and festivals of the calendars, along with the dating of 
their new year, that makes each lunar calendar tradition distinct and that also dem- 
onstrates how acalendar is a programming device. For instance, if one were to take 
out the different holidays programmed into the Hebrew lunar calendar, there really 
would be no such thing asJudaism. This demonstrates that the cultural conditioning 

of a people is totally dependent on the programming of the calendar they use. This 
also shows how acalendar is a feedback mechanism that maintains a group of people 
within the confines of its own self-established belief system. 

Of the three lunar calendars we have mentioned, the oldest count of years is 
accorded to the Hebrew calendar. This year Rosh Hashanah, or Jewish New Year, 
occurred on the new moon, September 17, 2001, and marked the beginning of year 
5762. This places the origin date for the Hebrew calendar in the year 3761 B.C., 
some 453 years prior to the commencement of the Pachacuti count. The Hebrew 
calendar (like the Chinese calendar, which we will discuss below) makes up for the 
slippage of eleven days per solar year by intercalating a thirteenth lunation cycle 
approximately every three years, or exactly seven such thirteenth moons every nine- 
teen years. These numbers too-13, 7, and 19-are key harmonic factors of the 
synchronic order of time. This demonstrates that, at the very least, the synodical 
lunation calendars are calibrated in their larger cycles by the Law of Time. But the 
effect of being a purely lunar measure, at variance with the actual 365-day measure of 
the solar year, creates an interesting and one-sided approach. There is no question 
that the lunar calendar civilizations are the tool of powerfully patriarchal societies, the 
tables of the moons and the years being the possession of adominant male priest class. 

The Chinese lunar calendar differs from the Hebrew in one important distinc- 
tion: from the most ancient times it has been embedded in a system known as the five 
elements, and is coordinated with avery elaborate mathematical system that bears 
some resemblance to the 60-60, 24-360 basis of the SumerianiBabylonian 12:60 
frequency. This synchronizing system accounts for the Chinese cycles of years that 
are counted by the twelve zodiacal animals in combination with the five elements: 
earth, fire, wood, water, and metal, thus giving rise to 60 (12 x 5) year cycles. Three 
of these sixty-year cycles create a "group" or cycle of 180 years. We are now (in 
2001) in the eighteenth year of the twenty-seventh group, or year 4,698 of the Chinese 
lunar calendar. So embedded is Chinese culture and civilization in this calendar, 


with its elaborate system, that to take away this calendar would virtually eliminate 
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Chinese culture altogether. Perhaps more than any other factor, this highly involved 
calendar also accounts for the longevity and tenacity of Chinese civilization as one 
continuous tradition for the duration of its history, which according to the reckon- 
ing of its calendar began in 2697 B.C., a date, interestingly enough, that coincides 
with the dedication of the Great Pyramid of Egypt. 

Despite its marvelous system, the Chinese lunar calendar is still just that: a lunar 
calendar. The problem with this, from the point of view of the Law of Time, is that 
when it isnot regulated by aproper solar count or measure, the lunar calendar leads 
people into one-sided developments of one kind or another, if only to the extent to 
which these calendars foster such profoundly patriarchal societies, of which the Chi- 
nese is certainly no exception. The influence and use of the Chinese lunar calendar 
system extends into southeast Asia, Tibet, Mongolia, Korea, and Japan. As a field of 
thought within the noosphere, the Chinese system is the equal in power base to the 
Babylonian and Indian systems, at least up to the time of the dominance of the 
Gregorian. Even today, the Chinese New Year exerts a powerful attraction worldwide. 

While the Chinese and Hebrew lunar calendar systems maintain a powerful con- 
servative strain of human society, the intercalation of the thirteenth moon, seven 
times every nineteen years, creates akind of circulation within the system. Thirteen 
is the number of circulation, whereas twelve is that of a static, non-circulating spatial 
order. The taboo on the number _ thirteen-epitomized by the superstition about 
Friday the thirteenth-must certainly be related to the suppression of the solar- 
lunar Thirteen Moon/28-Day calendars in virtually all historical societies. This ir- 
rational repulsion of the number 13 serves psychologically in defense of the "ratio- 
nality" of the number 12, anumber that does not circulate time and is at the root of 
the linear conception of time. The illogical and irrational decisions that are made 
and then institutionalized into the human social fabric must at one point be dis- 
counted. Any illusion or error pursued for too long will always end in disaster. 


The Islamic lunar calendar, used by some 1.3 billion humans, is distinguished by 


two factors: 


1) It is based on a known historical incident, the Hegira or flight of the 
prophet Muhammad from Mecca to Medina, dated to the new moon or 


Muharram 1, Julian, July 16, 622 (Gregorian, July 26). 


2) It is a pure twelve-month lunar calendar running on acycle of pure lunar 
years of 354 days, with no intercalary lunations, and in this regard does not 


annually harmonize with the 365-day solar cycle. 
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For this reason, this year 2001 saw the beginning oflslamic lunar year A.H. (M- 
ter Hegira) 1422. But if we are to count the solar years since the Hegira, correlated 
to Gregorian July 26, then it is solar year A.H. 1379. We see here a discrepancy of 
some some forty-three years between the solar count and the lunar count. The lunar 
count continuously retrocedes_ so that it takes thirty-two years for one Muharram — to 
occur at the same place in the cycle of the solar year. In essence, the Islamic lunar 
calendar creates ahermetic, retrocessing time bubble with no circulation of the power 
of the thirteenth moon, and that accounts for the highly conservative and patriarchal 
nature of much oflslamic society. Again, while there may be avirtue to maintaining 
a strict lunar calendar count, if it is not correlated to aharmonic solar or solar-lunar 
standard, the effects will be precisely of the nature that we see occurring in today's 
world, a point to which we shall later return. 

Finally, in this brief consideration of calendars as the principle macro-organizing 
system for the programming of human society, a word should be said about the 
system of calendars in the predominant part of the Indian subcontinent. Long be- 
fore they adopted the Babylonian solar zodiac and hexagisimal spatial principles for 
reckoning time, the Hindus also had a type of 28-day count, but one based on the 
course of the moon in relation to aset of stars called Nakhsastras; this created a kind 
of 28-part lunar zodiac. In this system, however, the Hindus divided the 360-degree 
lunar ecliptic into twenty-seven equal parts (27 days =sidereal cycle of the moon) 
each part equal to 13 degrees, 20 minutes of are, the precise measure of the 13:20 
timing frequency. A complex variety of lunar calendars were developed early on, but 
were gradually displaced by what we call the pseudosolar Babylonian division of the 
Earth's ecliptic into twelve 30-degree segments, a fact that reflects the adoption to 
the unconscious 12:60 frequency program. 

The Hindu (pseudo) solar calendars are all based on the same division into 30- 
degree arcs-a_ circle or plane in space! While the base count of the present era is 
taken from February 18,3102, the beginning of the Kali Yuga-the last and darkest 
age-exactly 5,104 years ago (dated from Gregorian year 2002), today there are at 
least six different calendars in use throughout the subcontintent, each essentially the 
same as the other, but characterized by different dynastic starting points. These dif- 
fering counts, coupled with the distinct profusion of religious holidays, accounts for 
the jarringly conservative and colorful confusion that characterizes present-day 
Indian society-a neo-Babylonian time warp, its populace locked into place by com- 
plex systems of pseudo-solar calendars set in the context of earlier Hindu astronomi- 


cal cycles of a vast and overwhelmingly cosmic nature. 
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"TIME IS MONEY": THE WATCHWORD OF THE 12:60 FREQUENCY 


All of the aforementioned time-reckoning systems, with their various beginning 
points, can be mapped within the 5,200 tun/5,125 solar cycle of the thirteen baktun 
Wave Harmonic of history. While we can generally see how the Babylonian and 
lunar calendar systems shaped the mainstream civilizational orders of the Old World, 
in our time map we must also take into account the workings of the 12:60 artificial 
timing frequency within the unconscious noosphere. In this sense, the 12:60 fre- 
quency refers to the principle programs of control adopted and maintained through 
use of the twelve-month calendar systems in the Old World. (See plate 5, Noospheric 
Time Map-Wave Harmonic of History.) 

Plotting the incidence of these calendrical streams on the time map, we must 
keep in mind that the calendar systems are the chief instruments for establishing and 
maintaining the human mind and social order within very specific programs of be- 
havior. These programs, at least in the Old World, were characterized by the intro- 
duction of artificial systems of exchange called money, and accompanying programs 
of taxation. These systems were adopted to a greater or lesser degree by all the Old 
World societies. In this we find the root of the slogan, "time is money," where money 
is the artificial medium to negotiate artificial time. The end of history is the end of 
money and the end of artificial time. The word "calendar" itself is derived from a 
Latin word meaning "account book," the first day of every month being calendsor 
the date of payment of debts. 

Now, let us return to a consideration of the two principal and resultant 12:60 
instruments dominating the end of historical time: the Gregorian calendar and the 
mechanical clock. We may note that toward the conclusion of the twelfth baktun 
cycle (A.D.1618), the clock reaches its perfection at the very moment of the imple- 
mentation of the Gregorian calendar reform (A.D.1582), just after the act of global 
circumnavigation had been accomplished. Within the entire thirteenth baktun cycle, 
1618-2012, the coincidence of these three factors-clock, calendar, and European 
global circumnavigation-induced what amounts to a 12:60 frequency capture of 
planetary time in the biosphere. What are the implications of this takeover of time 
by an irregular and irrationally measured Gregorian calendar and its accompanying 
micro-organizing device, the mechanical clock? 

Plotting the growth curves of human population, machine, and money, we see 
that the complete infusion of the 12:60 artificial timing frequency creates an unprec- 
edented acceleration, the exponential peak of which occurs at the moment of the 


Inevitable Event. For this reason, according to the Law of Time, it is important to 
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comprehend even more deeply the nature of calendars and their effect, especially 
with regard to the current global standard. 

Because the calendar is a macro-organizing principle, when accepted over time 
it establishes in the mind, individually and collectively, a set of perceptions that are 
automatically taken for granted as being "real" and "indisputable." These sets of 
perceptions define the paradigm by which a people, culture, or even an entire civili- 
zation operates. The Gregorian calendar, the current global civil standard, is the 
paradigmatic macro-organizing principle in which are embedded all the laws, cus- 
toms, institutions, and scientific principles governing the present global civilization- 
not to mention all the holidays of the Vatican-ordained Catholic Church. According 
to the Law of Time, the current calendar is an irregular standard of measure; its 
units of measure do not correspond. This calendar represents, therefore, the institu- 
tionalization of disorder and entropy. Because it has existed for a sufficiently long 
duration in the human historical cycle-2,000 years, including its predecessor, the 
Julian calendar-the perceptions fostered by the unconscious acceptance of the 
Gregorian calendar are taken as the unshakable bedrock of nature and reality. All 
current beliefs-economic, political, and scientific, from democratic neo-liberalism 
to the special theory of relativity-are actually products of the underlying percep- 


tions promoted by this calendar, and have no reality apart from the beliefs about 
time that the calendar engenders. Change the macro-organizing principle and you change 


the paradigm. 


THE NEED FOR A TRULY "NEW MILLENNIUM" 


As the global civil standard, the artificial, irregularly measured Gregorian calendar is 
a self-reinforcing feedback loop. As such, it furthers and maintains ll linear time 
concepts, thereby establishing ahost of entropic, disordered value concepts such as 
the violent universe, the degradation of matter, quantum physics, the arrow oflinear 
time, the doctrine of techno-economic inexorability, and an attendant host of 
unresolvable —problems-crime, drug abuse, terrorism, environmental deterioration, 
and so forth, Why? Because as an irregular standard of measure, the Gregorian  cal- 
endar is incapable of producing harmony. Only harmony can unify. The Gregorian 
calendar is not a unifying harmonic standard. Lack of a unifying global standard 
exacerbates all current conflicts. Condition the mind to an irregular standard and 
the mind will adjust to disorder and chaos as normal conditions of existence. 

The world's racial, tribal, historical, and religious conflicts are embedded in and 


afunction of different timing systems (calendars), all now coordinated within a master 
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irregular timing standard and macro-organizing principle, the Gregorian calendar. 
In this calendar's irregularity is embedded the view that the world of the inevitable 
degradation of matter is the exclusive object of all present-day science, and hence is 
also reflected in the entropic nature of global civilization and its deteriorating social 
processes. The Gregorian calendar conditions the mind to hopelessness of resolu- 
tion. Without aunifying harmonic standard humanity is incapable of finding long- 
term resolutions for any of its problems. Disharmony can never produce harmony. 
Only harmony can produce harmony. All conflict can only be resolved by the appli- 
cation and within the context of a harmonic timing standard. 

Now, following the attack on the Twin Towers and the Pentagon, we can say that 
the Gregorian calendar is bringing history to an end. The Inevitable Event was pro- 
grammed into the Gregorian calendar, and the Gregorian calendar usurped the power 
of all calendars in the thirteenth and final baktun cycle of history. When the third 
millennium officially opened at the dawn of the year 2001, the pride of industrial 
man was at an all-time high. Would it be amillennium of peace or one of war? If the 
last century of the second millennium was the century of total war, was the third 
millennium going to do anything but inherit the unfinished programs of the old 
millennium? Could the Earth and the biosphere withstand a millennium of total 
war? Hardly. The Vatican "jubilee year," which ended with the beginning of the 
third millennium, turned sour with the Twin Towers apocalypse, as is vividly re- 
flected in a photo of Pope John Paul II taken just after the Inevitable Event. The 
Gregorian calendar marks its inception with the birth of Christ, adate and moment 
that was never historically noted, and so is shrouded in speculation and conjecture. 
Now the twisted civilization of Gregorian time is locked in mortal combat against a 
terroristic specter that it alone could have projected into manifestation. Soon, by 
biospheric standards, the world of artificial time will be over and gone. And then the 
millennium will be truly new. 

The very word millennium conjures possibilities of Earth-shattering events and 
cosmic prospects. If the inception of the Kali Yuga, 3102 B.C.,can be said to be the 
point where the historical process became irreversible, eleven years after history 
began in 3113 B.C.,then in counterbalance, the Inevitable Event, 2001, which had to 
occur eleven years before the end of the cycle of history, A.D.2012, was more than 
just millennial. It was the termination of more than 5,000 years of the irreversible 
motion of artificial time. Such symmetry-eleven years after the beginning and eleven 
years before the end of history-is the hallmark of the synchronic order. For 5,100 
years the count of days has numbered the long and increasingly perilous saga of 


human civilization. How bright was the beginning and how grim will be the end? 
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There at the beginning of the cycle was the "first city," Uruk. There at the end of the 
cycle, the fallen Twin Towers of Babel of the "last city," New York (= New Uruk), the 
ultimate monument to history itself and the final event to initiate the actual closing 


of the cycle of history. 


There it is, the city of Uruk. Urshunnabi, — climb 
up on that wall, the outer all shining with the 
brilliance of burnished copper. The seven wise 
men laid the foundations. One third of the city 
is buildings, cunningly executed, one third of the 
city is garden with rose and bird, and one third 
of the city isfield with the temple of Ishtar 
within. Goddess of love and struggle. 


- THE EPIC OF GILGAMESH6 


IfUruk isthe place where the seven wise men laid the foundations, those foun- 
dations were measured by the 24 hours, 60 minutes, and 60 seconds derived from 
the 360 degrees of the circle. Fifty-one centuries later, the gardens are all but gone, 
the fields themselves mechanized and chemicalized by the technosphere. Earth's 
inhabitants are in terror. Five weeks after the Inevitable Event, now known simply as 
9-11, the end of history still smolders. After the struggle, will the goddess of love 
return? 


Vv 
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The Climax of History, the 
Fifty-six Years of Hiroshima— 
Artificial Time Runs Out 


THE IMAGE of the Noospheric Time Map-Wave Harmonic of History on plate 
5 of the color insert, showing the concurrent evolution of the different calendars of 
the major civilizations of the world (the illustration is by no means exhaustive), is 
intended to demonstrate the fact that the human race was not unified by a single co- 
herent timing standard throughout twelve of the baktuns of historical development. It 
was only in the thirteenth and final baktun that humans became organized by a single 
timing standard. However, it was not atiming standard in accord with the synchronic 
order of the Law of Time, but the artificial 12:60 timing frequency as represented by 
its two organizing instruments, the Gregorian calendar and the mechanical clock. 
The seeds of this moment had already been planted in the noosphere at the 
beginning of history. From both Sumeria and Babylonia the taint of the 12:60 fre- 
quency then spread through the noosphere and, by means of historical dissemina- 
tion and conquest, throughout the Old World. By the time the historic moment 
arrived to ripen the 12:60 frequency into its full fruition-A.D. 1618, the beginning 
of the scientific revolution and the thirteenth baktun-there were virtually no longer 
any cultural traditions governed by the natural 13:20 timing frequency. The civiliza- 
tions and peoples of the New World were now under the subjugation of the prevail- 
ing world order of European’ global imperialism. The stage was set for the brief but 


final phase of mechanization, of which the technosphere itself is the climax. 


« The Climax of History 


What the Noospheric Time Map also delineates is that the 13:20 frequency 
was the unconscious organizing factor of prehistory, and that, undoubtedly, a key 
timing system intuitively evolved among many prehistoric peoples independently 
of one another. This was the universal, harmonic solar-lunar standard of the Thir- 
teen Moon/2 8-Day calendar. The defining point of history arrives with the estab- 
lishment of a 12:60 timing standard within the noospheric unconscious. This fre- 
quency predominates in the development of twelve-month pseudosolar calendars, 
as well as the twelve-month synodicallunation calendars that are not the measure 
of a solar year. These two commingled systems are entwined throughout the an- 
cient history of the Old World as the central thread of development shaping the 
conception of time and resulting in what were to become the two dominant instru- 
ments of human time reckoning, the Julian/Gregorian calendar and the mechani- 
cal clock. 

Julius Caesar himself instituted the famous "calendar reform" that created the 
446-day year of confusion in 45-44 B.C.,and established a calendar that was just as 
patently confusing. Julius Caesar's was not the only calendar reform in the ancient 
world. The Essene movement, founded by someone known simply asthe Teacher of 
Righteousness and of which Christ was supposedly amember, began asarevolt against 
the Hebrew lunar calendar. The issue was the need for fixed holidays within the 
solar cycle, something that is virtually impossible in a lunar calendar that retrocedes 
eleven days every solar year. There is strong reason to believe that among other 
calendars, the Essenes favored the Thirteen Moon/2 8-Day calendar. This even leads 
to the question: did Christ himself follow athirteen moon calendar? In any case, it is 
the 12:60 frequency transmitted through the irrational disorder of the Julian/ 
Gregorian calendar that captures the mind of the human race and the biosphere 
during the final years of the cycle of history. And it is precisely for this reason that 
the pace of human civilization becomes exponentially and entropically accelerated 
during the last few centuries of its development. 

Shocked into higher consciousness by its own barbarism masquerading as civili- 
zation, at the end point of history the human has the opportunity to return to the 
natural 13:20 frequency of synchronization. This return would mark the emergence 
of humanity from the unconscious mechanistic compulsion of artificial time into the 
conscious field of post-history. The only possible option to unify humanity-once 
the yoke of the Gregorian calendar is removed-is the true solar-lunar calendar of 
Thirteen Moon/28 Days. With the possibility of this positive end in sight, we may 
turn to amore descriptive and definitive analysis of the technosphere. In this way 


understanding the modalities of the technosphere asa distinct and entire process, we 
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Gregorian Calendar 28-Year Cycles: 1945-2001, the Age of Terror 


It takes twenty-eight years for the Gregorian calendar to run through its cycle of permutations. Every twenty- 
eight years, like a phonograph record of time—a chronograph—the Gregorian calendar guides its users through 
a mentally debilitating construct of unevenly measured and irrationally named months, paced by a system 
of 7-day weeks that bears little relation to the lengths of the months or years. In addition, every four years 
there is an extra day. Within this medieval mathematical jumble are kept the collective unconscious programs 
that repeat every twenty-eight years. What happened in 1945 will somehow repeat or have an effect again in 
1973, in 2001, and then in... it’s up to you. You can change this if you want to. 
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Where will you be? 2012 


might then develop adeeper insight into where we have just been and why we need 
to go somewhere else. 

The technosphere defines a 56-year cycle, 1945-2001, coordinated by two com- 
plete Gregorian 28-year cycles. For any Gregorian calendar year, the days of the 
weeks in their irregular monthly succession and in relation to the permutation cycle 
of leap years repeat precisely every twenty-eight years, during which time there are 
always exactly seven leap years. This means that Gregorian calendar years 1945, 
1973, and 2001 possess the same exact annual arrangement of the days of the week in 
their monthly succession. If today is Sunday, November 11, 2001, so it was in 1973, 
and likewise in 1945. In this regard the Law of Time frames the cyclic recurrence of 
the otherwise irregular 12:60 Gregorian calendar by the intrinsic formulation 28:7. 
That is, just as the 19:7 factor coordinates the lunar calendars every nineteen years, 
there being seven intercalations of the thirteenth moon during that cycle, so in the 
Gregorian calendar every twenty-eight years there are always exactly seven leap days 
and years. 

Understanding acalendar as the instrument that locks the conditioned programs 
of a given culture or people into place, we can now understand how the unconscious 
metaprogram of the macro-organizing principle of the Gregorian calendar cumula- 
tively recycles all its millennial programs every twenty-eight years. Since its incep- 
tion in 1582, the Gregorian calendar has been dragging forward a host of condi- 
tioned thought forms and perceptions, including those inherited from 1,500 years of 
the Julian calendar that it had reformed. At points of dramatic break in the continu- 
ity of human consciousness, anew set of cycles is set to recur. Such was the case in 
the year 1945, with the awesome blast of Hiroshima. The entirety of the mind field 
conditioned and held in place by the Gregorian calendar then reaches its full frui- 
tion during the two subsequent 28-year cycles, fifty-six years in all-thus bringing 
forward two millennia of conditionings, conflicts, and unconscious death wishes or 
apocalyptic programs. The first cycle was initiated in the year 1945, the year in 
which Vernadsky died, the atomic bomb was tested once and used twice, and the 
Second World War came to an end. That year, 1945, marks the beginning of the 
technospheric bubble. It is most telling that the Second World War was concluded 
at the beginning of this 56-year cycle of the technosphere, for it was a war concluded 
not with peace but with instruments of mass destruction and terror. Thus began the 
56-year era of Atomic Terror. 

The technosphere has its origins with the full capture of the human mental field 
by the 12:60 frequency in 1618. From 1618 onward, the noosphere is increasingly 


obscured by a mental field known as the technospheric sheath. Slowly but surely, the 


The Climax of History. 


79 


80 


technospheric sheath replaces civilization. This is first done by the introduction of 
mechanistic linear time. It is important to note that the Julian count, the basis of all 
modern scientific calculations, is ascale created by Thomas Scaliger in 1583, twenty- 
one years after the 1562 Mayan book burning. This linear time scale, like the Gregorian 
calendar reform itself, was intended to co-opt the Mayan thirteen baktun Long Count 
by setting acount of days that begins the first of January, 4713 B.C.,or some 1,600 
years prior to 13.0.0.0.0, the beginning of the thirteen baktun count in 3113 B.C.This 
deliberate historical act, the Julian count, along with the Gregorian calendar and the 
mechanical clock, established the paradigmatic notion of the linearity of time in the 
ripening field of scientific thought. Reflected in the noosphere, this linear, irreversible 
time concept levels and stunts the realization of human mass consciousness. In fact, 
during the technospheric cycle, especially after 1754, the ceiling of human conscious- 
ness is maintained by a preoccupation with mechanistic third-dimensional operations 
while becoming increasingly alienated from the organic order of reality. This creates 
the 12:60 consciousness constant, amental ceiling that actually diminishes in propor- 
tion to the increasing rates of multiplication, propagation, and intrinsic velocity of the 
machine. 

With the actual rise of the Industrial Revolution, dated in the noosphere to A.D. 
1754, the synchronic point at which mechanization becomes an irreversible factor of 
the biosphere, the technospheric sheath, henceforth enters its next stage, going from 
a purely mental sheath to the industrial sheath, the prelude to the proto-technosphere 
itself. The industrial sheath spreads throughout the biosphere between 1754 and 
1901, the official beginning of the twentieth century. At this point we enter the 
forty-four years of the proto-technosphere, 1901-1945. During this critical stage of 
the proto-technosphere, the actions of human behavior interacting with machine 
technology make the expression of true culture increasingly difficult, if not impos- 
sible. Civilization becomes a set of symbols purveyed through museums, _ galleries, 
and theaters, and recorded and reproduced in ever more advanced technological 
forms. But what of culture, which is not the same as civilization-what becomes of 
culture? 

To begin to answer that question, some further definitions are in order. The 
technosphere is defined by and based upon one key term: technology. According to 
the common dictionary definition, which already reflects the mass mind, technology 
is "the totality of the means employed to provide objects necessary for human suste- 
nance and comfort."| Today virtually all the means employed are themselves me- 
chanical in nature. In common parlance, therefore, technology refers to the complex 


apparatus of mechanization. In fact, technology is mechanization; it is the ability to 
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convert human labor into processes carried out purely by machine-oriented or me- 
chanical means. This is also inclusive of the entirety of computer technology, which 
represents the mechanization of the more purely mental processes of thought and 
communication. 

Mechanization, we must remember, originated in the clock, in the mechanization 
of time. It is the mechanization of time that presupposes the tendency toward mecha- 
nization asastate of mind within the noosphere. Since artificial time is characterized 
by the illusion of an inexorable and irreversible linearity, the compulsion toward 
materialism is also experienced in the same way, an inexorable motion spearheaded 
by the advance of ever more improved machines. The machines themselves are the 
products and means of industrialization-the technological transformation of raw 
goods into consumer goods, a process accounting for much of the free energy intro- 
duced into the biogeochemical combustion of the biosphere. 

Inseparable from mechanized technology, too, are materialism and the con- 
cept of the World Market and, more recently, of globalization. Materialism is im- 
plicit in the dictionary definition of technology as the means employed not only 
for human sustenance but also for human comfort. This comfort can only be of a 
material form or nature, hence the pursuit of comfort through mechanized tech- 
nology can only be for the furtherance of aphilosophy and exaggerated lifestyle of 
materialism-the belief that only the material things of this world have any value. 
Of course, the value of material goods and comforts increases when the value of 
money is put into the technospheric equation. The first stock market opened early 
in the eighteenth century, providing aplace where money could be used as specu- 
lative capital to promote the advance of commodities and machine products. The 
entire sphere involving commodity production and its conversion into consumer 
products eventually came to be known as the World Market. Integral to the suc- 
cess of the World Market was the creation of the modern banking system, based 
on the institutionalization of interest rates and the principle of lending money to 
companies for the purpose of furthering the transformation of the biosphere into 
the technosphere. 

While the concept of the World Market prevailed for along time as the defini- 
tion of the system for exploiting and extracting natural resources from the biosphere, 
and then converting them into industrial goods to be consumed by the human popu- 
lace worldwide, globalization is far more recent. Globalization represents the abso- 
lute triumph of capitalism asthe dominant economic doctrine of the human species 
in the biosphere, and the absolute basis of the technosphere in its final phase of 


development. As such, globalization is the economic system of neoliberal market 
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economics that treats the whole world as the proper sphere of its policies and practices. 
It isa specialized form of monetary imperialism that gives rise to and is supported by 
the doctrine of monetary politics, the use of money as a means of coercion or even 
for the buying out of whole governments. Of course, the principle practitioner of 
monetary politics is the nation with the most money, the United States of America, 
home of the World Trade Center. 

Fostering corporate multinationalism, globalization isinseparable from the con- 
sumer philosophy it promotes. Consumerism isthe devaluation of the human into a 
link in the chain of the cycle of industrial production, the object of globalization 
being to inspire and promote a massive and wide-scale consumerism worldwide. 
This is what is meant by such phrases as "increasing consumer purchasing power" 
and "opening new markets.” To promote and defend its interests, the all-pervading 
system of globalization first developed the World Trade Center, and in the last de- 
cade, following the end of the Cold War, the GAIT and the WTO, the global 
"Chamber of Commerce." 

As apolitical hegemony, globalization is managed by the G-7 group of the seven 
most industrialized nations (the United States, Canada, the United Kingdom, France, 
Italy, Germany, and Japan-now, with Russia, sometimes referred to as the G-8). 
This organization, headed by the finance ministers of these seven countries-like 
the seven wise men of Uruk at the beginning of history-was secretly formed in 
1974 by the CIA, one year after the completion of the World Trade Center Towers 
and the formation of OPEC. The first public meeting of the G-7 occurred in the 
summer of 1990, just prior to the Iraqi invasion of Kuwait. The doctrine and system 
of globalization-now overtly controlled by the G-7 and its chief ally, the Euromarket 
nations-is inseparable from industrial technology as the means employed to pro- 
vide objects necessary for human sustenance and comfort. Implicit in the philosophy 
of globalization isthe right of the G-7 to promote and defend its way of life, regard- 
less of its ultimate effects on the biosphere and at the expense of ideologies and 
beliefs not consistent with it. To defend itself, globalization has at its disposal the 
U.S. military, the command of which is housed by the Pentagon, and the new 
technospheric multinational military cartel, NATO. In a word, globalization is the 
triumph of the military-industrial complex. 

From the point of view of the biosphere, globalization is the cancer of the hu- 
man species consuming non-renewable resources and, through the release of free 
energy, effecting the final critical increase in biogeochemical combustion. The plan- 
etary instrument for furthering the entire process and philosophy of globalization is 
the technosphere. The technosphere may be defined as the entire apparatus of 
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mechanized technology and its support philosophy (globalization), understood as an 
artificial sphere encompassing the globe. As such, the techno sphere is discontinu- 

ously interspersed within the biosphere. More precisely, the technosphere _ is located 
physically and mentally between the biosphere and the noosphere, in other words, 
between the Earth's vital sphere and its mental envelope. 

Being the description of an evolutionary stage, the technosphere is governed by 
the Law of Time as a 56-year event continuum along the lines of an artificial plan- 
etary cocoon. Insofar as it is the projection of human thought, the technosphere is 
the materialization of the sum mental processes denoted and conditioned by mecha- 
nization in all its aspects, and that have their primary root in the mechanization of 
time. It is the mechanization of time that essentially establishes the artificial timing 
frequency as the capacity to engender the machine and, consequently, an artificial 
structure, the technosphere. Because it is artificial, however, its duration is highly 
limited and is subject to the inherent inconsistencies and contradictions in human 
thought and social structures because of the aberrant effects of adapting to artificial 
time in the first place. The effect of adaptation to artificial mechanized time creates 
a social-political hierarchy known as the technocracy-rule according to the needs 
of technology. It is the effect of maintaining the technocracy and the technosphere 
itself that establishes the inability of human consciousness to do anything more than 
remain in aconstant, servile, and unchanging state of machine dominance. All the 
while, by contrast to the unchanging condition of consciousness, the machines evolve 
exponentially in number and complexity. As Marshall McLuhan so correctly put it, 
the humans are the bees of the machine. 

To be fully understood, the technosphere cannot be seen apart from its place in 
the biosphere-noosphere continuum. The technosphere represents the absolute 
control of the biosphere by artificial 12:60 time. Artificial time generates the artifi- 
cial medium of money, hence the operating philosophy of the technosphere: "time is 
money." Money is the lifeblood of the technosphere. Servitude to money draws hu- 
mans away from the biosphere in order to be devoured by Mammon-the 
technosphere as an all-consuming entity. In this process the humans get money in 
return for selling their bodies and souls to artificial time, usually eight hours a day, 
often to produce artificial goods or for service in maintaining the artificial system of 
money itself. This money gained from servitude is used to buy consumer goods, 
including more machines of every kind, and thus the human participates as a vital 
link in the cycle of biogeochemical combustion. In this way the mechanized _ lifestyle 
converts the human-the consumer-into the biomass necessary for maintaining 


the technosphere. 
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Biosphere—Technosphere—Noosphere 


As an operating planetary structure, the technosphere consists of five interactive 


components. 


1. COMMODITY PRODUCTION 

Commodity Production, the basis of the entire World Market as a biospheric system, 
refers to the transformation of natural resources through industrial means into 
consumer products. Commodity production alone accounts for the complex of in- 
dustrialization that brings the World Market and the technosphere into existence. 
According to The Biosphere Catalogue, the post-World War II growth of the World 
Market necessitated the establishment of the World Trade Center, a global complex 
(114 such centers in 1985), but with its principle coordinating unit being the Twin 
Towers in New York City, home of the World Trade Institute and the corporate 
offices of the New York Stock Exchange, the key to the world money and commodi- 


ties market. 


2. CITIES 

Cities, the second technospheric component, represent the human social organism 
or marketplace for accommodating the production and consumption of industrial 
goods. Civilization is city life as it has evolved from Uruk to New York (= New 
Uruk). While prior to industrialization the city depended on a healthy agrarian 
economy for its support, industrialization pushed the city to new heights of artifici- 
ality, not the least of which were round-the-clock lighting systems that allowed for 
24-hour consumer markets. As such, the city is the nucleus of the technospheric 

system, the hub of its commodity production, of its energy consumption, and of its 
transport and communication empires. The growth of the cities around the world is 
exponential in the second half of the twentieth century, reflecting the triumph of the 
technosphere. It should be noted that in the fifty-six years of the technosphere, the 
human population almost tripled-from 2.2 to 6.2 billion, a growth demonstrated in 


the vast expansion of the large urban centers. 


3. ENERGY 

Energy is the third component ofthe technospheric complex. The tremendous needs 
of industrial production have transformed the natural energy processes of the bio- 
sphere into gigantic artificial complexes for the production of energy to maintain 
factory and city alike. The impact of the different artificial energy systems upon the 
biosphere has been enormous. These systems include coal, oil, and fossil fuels in 


general, as well ashydropower and nuclear energy. The whole syndrome of artificial 
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time, artificial means, acceleration of the machine, and expansion of human _popula- 
tion has required and created the enormous output of artificial energy into the bio- 
sphere and contributed greatly to the destabilization and loss of natural resources 
and atmospheric and hydrospheric contamination through the release of toxic "free 


energy" by-products. 


4. TRANSPORT 

Transport. Without the highly industrialized transport systems, the commodity  pro- 
duction, the vitality of the cities, and the access to provisions of fuel required for the 
energy systems would collapse. No sooner had industrial production begun early in 
the eighteenth century than the first artificial transport systems came into being: the 
steam- or coal-driven locomotive, and the great transoceanic shipping lines. By the 
twentieth century, the railroad system and worldwide shipping industry were supple- 
mented by the invention of the combustion engine, which made the trucking indus- 
try possible. Following World War II, rocketry and jet propulsion established _ the 
transportation might of the great airline companies of the second half of the twenti- 
eth century. It is no coincidence that commercial airplanes, the symbol of the 
technosphere's advanced transport systems, were used to bring down the Twin Tow- 


ers and to penetrate the Pentagon. 


5. COMMUNICATION 

Communication is the fifth component that unifies the technosphere into one whole 
system in touch with itself everywhere. From telegraph to telephone, radio, televi- 
sion, and then finally fax, cell phone, and the Internet, the industrial-era technolo- 
gies, with their electronic instantaneity, have created the vast communication _ net- 
works and media empires that keep the world humming and promote globalization 
above all. When considering modern communication we must also bring into focus 
the chief method of globalization, which is marketing-propaganda on behalf of 
consumerism. Marketing is the use of means of mass communication to control the 
mind of the consumer. In the final stage of globalization, marketing replaces con- 
sciousness, or rather, marketing is the manipulation of consciousness-the latter 
already having been reduced to astunted level-for purposes of consumerism, or for 
ideological needs such as patriotism and fear campaigns. The Internet, the marriage 
of computer and telephone technologies, represents the final stage of the Tower of 
Babel, and the completion of the process of globalization. The only place to go after 


the Internet is technology-free telepathy. 
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The Tower 


From the biospheric perspective, this five-tiered complex of the technosphere is a 
whole unit. All the subsystems evolved together to establish the structure and operat- 
ing procedures of the technosphere. When the technosphere goes, the entire system 
folds. This is what is now beginning to occur. Following the Inevitable Event, the 
whole technospheric system will be coming down slowly over the next few years, 
like a giant circus tent that has lost its central prop. How gracefully or gracelessly 
this happens is dependent on the response of the Pentagon-or the will of humanity 
to rouse itself in the face of even worse barbarisms. 

Because it consists of five interactive components, the techno sphere can be graphi- 
cally depicted asapentagon, a five-sided figure. At the center of this pentagon of the 
technosphere are the World Trade Center Twin Towers. The actual Pentagon, which 
was attacked along with the Twin Towers, was designed in the late 1930s to house 
the U.S. Department of War. Its construction occurred in the years 1941-1943, in 
an old neighborhood of pawnshops and bars called Hell's Bottom.2 When it was 
built it was the world's largest office building in terms of actual space. Of course, 
when they were built, the Twin Towers of the World Trade Center were the world's 
tallest office buildings. The structure of the Pentagon isthe prototypical morphology 
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of the structure of the five systems that constitute the technosphere. The Pentagon 
was the impregnable fortress of the American war machine, protecting American in- 
terests and globalization around the world. If there were two central points-actual 
and symbolic-to what is known as the military-industrial complex, it was the Pen- 
tagon and the World Trade Center, and this is undoubtedly the reason why they 
were both targets of the Inevitable Event. 

What is architecturally noteworthy about the Pentagon is that it is designed 
with five inner pentagonal corridors and office slabs, and that it is constructed with 
its odd point to the south. Since a pentagon is actually a 
pentagram, a five-pointed star with its points connected, 













the Pentagon represents an inverted pentagram, as its odd 
point faces south rather than north. In the traditional Tarot 
deck it is interesting that the Fifteenth Major Arcana, The 
Devil, contains an inverted pentagram between the horns 
of the Beast. Paul Foster Case writes, "This is a key to the 
whole meaning of the figure [ofthe devil]. For the Penta- 
gram is the symbol of man, and an inverted Pentagram 
suggests the reversal of true understanding of man's place 
in the cosmos."3 While the Fifteenth Major Arcana con- 
tains the pentagon as the inverted pentagram, the next 
card, the Sixteenth Arcana, is The Tower, which shows 
the tower being struck and broken apart by lightning 
(fire of heaven), with humans falling or jumping 
out of the windows to their death-as accurate a 
symbolic depiction of the collapse of the Twin 
Towers as could be found. 

VYhatthe startling conjunction of these 
symbolic correspondences points to is the on 
profoundly archetypal nature of the Inevi- 
table Event. It has been prefigured and 
prophesied, and has now come to pass. No 
matter how much America and its allies, many 
of them bought for a price, may strike back, the 
deed has been done. The Towers are gone; the 
Pentagon has been penetrated. While it will take 


THE PENTAGON 


several years for the full realization of the absolute 
magnitude of this archetypal event to sink into the The Devil and the Pentagon 
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collective mind, it is important to demonstrate the actual structure in time of the 
techno sphere so that the finality of its end may be seriously considered, and the gate 
to the future, which has thereby been opened, can be made clearly visible. 

As we have shown, the technosphere is a structure totally brought about by the 
12:60 timing frequency, and thus is purely a function of the latter. As such, the 
technosphere is embedded in the global macro-organizing principle of the 12:60 fre- 
quency, the Gregorian calendar. Two 28-year cycles, each one divided into four 7-year 
subcycles, define the duration of the technosphere. Remember that the Gregorian 
calendar repeats every twenty-eight years. Aswe have pointed out, the 56-year cycle of 
the technosphere, 1945-2001, is preceded by the 44-year cycle of the proto- 
technosphere. The two World Wars were a function of the proto-technosphere, the 
final major act being the construction of the Pentagon, specifically for consolidating 
the American war machine-the world's largest office building means that the world's 
largest business is war, with a $318 billion budget for the year 2001-2002 alone! 

The fifty-six years between Hiroshima and the Inevitable Event were the age of 
terror, for it was atomic terror that initiated the technosphere in a baptism of nuclear 
fire, and in the end, it was an unimaginable suicidal terror that brought down not 
just one, but both of the Twin Towers of Babel. The final collapse of the technosphere 
is also the final war between blood and money. Artificial time has run out. Only a 
new time will be able to regenerate the biosphere and spiritually revive mankind. 
What follows is achronological description of the eight 7-year stages of the fifty-six 
years of the technosphere. Note the persistence of certain themes. (See plate 5, 


Noospheric Time Map-Wave Harmonic of History.) 


GREGORIAN A, 28-YEAR CYCLE: 
TRIUMPH OF THE WORLD MARKET, 1945-1972 


1. 1945-1951. CYCLE OF THE BOMB: ATOMIC TERROR 

AND THE DIALECTIC OF THE COLD WAR. 

During the first dynamic 7-year cycle, with the triple event of the first test of the 
atomic bomb and its two detonations at Hiroshima and Nagasaki, the biosphere 
becomes irrevocably altered by the introduction of a constant, steady state back- 
ground radiation into the atmosphere, the actual inception of the biogeochemical 
combustion. This act officially establishes the technosphere. The reality is that the 
humans also created their first weapon of mass destruction. It is this act that also 
immediately sets in motion a destabilization of the human consciousness in the 


noosphere.Within two years, Mahatma Gandhi, the world's foremost pacifist, is 
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assassinated, as a "free" India is partitioned into three parts-India, Pakistan, and 
what is later to become Bangladesh. In the same year, 1947, the iron curtain between 
communist Eastern Europe and the West, epitomized by the Berlin Wall, turns the 
enmity between the two major powers, the Soviet Union and capitalist America, 
into the Cold War. The subsequent formation (1949) of the NATO military cartel 
counters the United Nations, which was founded in 1945 to replace the League of 
Nations. The UN now has the task of keeping World War III from happening by 
providing a forum where the "superpowers" can keep their cold war from heating 
up, and that will contain and manage the spread of nuclear power. Nonetheless, the 
terror of the Bomb asthe ultimate deterrent engenders the arms race. Soon Russia, 
the United Kingdom, France, and eventually China get the Bomb. War in Indochina, 
the establishment of the Israeli state in Palestine (1948) at the expense of the sover- 
eignty of the Palestinian people, and the completion of the Chinese Marxist Revolu- 
tion under Chairman Mao are the highlights of 1949, followed by the Korean War 
in 1950. All this demonstrates the instability of the world. At the same time, 1949, 
commercial television production begins in the United States; the age of radio is 
replaced by the "tube." Americans also begin building freeways and the new system 
ofInterstate highways marking the triumph of "automobile culture," and the begin- 


ning of the suburban consumer lifestyle. 


2. 1952-1958. CYCLE OF THE OPENING OF THE TOMB 

AND THE BEGINNING OF THE SPACE AGE. 

In the summer of 1952 a Cuban archaeologist discovers the tomb of the Mayan sage, 
Pacal Votan. This unprecedented archaeological event marks the beginning of the 
final sixty years-three katun cycles-of the Mayan thirteen baktun cycle of history. 
In the following year, 1953, the superlethal H-bomb is tested. The DNA code is 
discovered, as are the Earth's radiation belts. The United States and Russia conduct 
numerous nuclear weapons tests in Nevada, Siberia, and the Pacific Ocean. Wars for 
independence occur in various African states, and in general the era of European 
imperialism is at an end, followed by the neo-colonialist (Third World) era of guer- 
rilla warfare, poverty, and social instability. In 1956, the year the Russians launch the 
first sputnik and begin the space age, the United Nations tables the issue of calendar 
reform indefinitely, thus closing the chapter begun when the League of Nations 
proposed global calendar reform in 1931.The year 1956 also marks the beginning of 
the electronic pop culture of the technosphere, rock and roll. By the end of this cycle, 
the "space race" joins the arms race as a force in promoting the advance of the 


technosphere. Commercial airlines adapt to jet propulsion, and the great age of air 
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travel begins, with the airport to become the centerpiece of globalization. Initial ex- 
periments in computer technology-Univac-and the first great computer  corpora- 
tion, IBM, announce the beginning of what is to become the major technology of 


globalization. A small fast-food franchise named McDonald's opens in the United States. 


3. 1959-1965. CYCLE OF THE ATOMIC MIND EXPLOSION. 

The July 26 Cuban Revolution of Fidel Castro, triumphant in 1959, establishes a 
communist state in the Americas and heightens the Cold War. That same year the 
Chinese communists bring to adefinitive end the rule of the Dalai Lama in Tibet. In 
the Congo, the popular hero Patrice Lumumba is assassinated after only two months 
in office. Also in 1960, the human population hits three billion, an increase of one 
billion since 1930. In 1961 the Institute of Mathematics of the Siberian Branch of 
the Soviet Academy of Sciences begins the monumental mathematical analysis of 
Mayan hieroglyphic texts. The attempted 1961 Bay of Pigs invasion of Cuba is fol- 
lowed in 1963 with the assassination ofJohn F. Kennedy, an act that reflects a rising 
level of cultural turmoil in the United States. Martin Luther King Jr. emerges as a 
popular hero of nonviolence and civil rights, an issue that points to a more radical 
discontent in America, culminating in 1965 with the Watts race riots. Rachel Carson's 
book Silent Spring (1963) signals the rise of ecological awareness. The Beatles transform 
rock and roll into a world-class cultural phenomenon that foments a widespread 
countercultural movement and atomic mind explosion, fueled by Timothy Leary, 
LSD, hippies, and the new antiwar movement against the conflict in Vietnam. In 
1961 Yuri Gagarin is the first man in space, and the Vatican II Ecumenical Council 
comes to the conclusion that the best way the Church will survive in the next cen- 
tury is through a strong Pope. The Vatican II document also includes an appendix 
on calendar reform, the wording of which makes it difficult for there to be any alter- 
native but a watered-down version of the Gregorian calendar. This act seals the 
technosphere within the unquestioned confines of Gregorian time, ultimately turn- 


ing the atomic mind explosion in on itself. 


4. 1966-1972. FROM THE WHOLE EARTH TO THE WORLD TRADE 
CENTER: THE TRIUMPH OF THE WORLD MARKET. 

In 1966 construction begins on the World Trade Center Twin Towers, while in 1968 
World Trade Centers are independently established in Houston, New Orleans, and 
Tokyo. That same year, UNESCO hosts the first and only conference on the bio- 
sphere ever sponsored by the United Nations, "Man and the Biosphere” (MAE), but 


the program slowly dies on the vine. The cultural conflict in the United States and 
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the entire world also reaches a fever pitch in the years 1967-1969. This ferment 
includes: race riots, antiwar riots, a march on the Pentagon, the assassinations of 
Martin Luther King Jr. and Robert Kennedy, and riots in major capitals around the 
world and on both sides of the iron curtain, as well as the Maoist cultural revolution 
in China. The excitement of the '60s climaxes in 1969 with the success of the Apollo 
XIII manned mission to the moon and the consequent feedback factor of the human 
race seeing itself instantaneously on television asthe whole Earth beamed from space, 
an opening to the noosphere. Apollo XIII initiates the next phase of the space race, 
travel to other planets. Also in 1969, the Woodstock concert marks the apex of the 
early rock-and-roll culture and the visionary climax of the cultural revolution. The 
1971 Concert for Bangladesh establishes rock and roll with a conscience. In 1970 
the vision of the whole Earth is translated into the first Earth Day and the birth of 
the ecology movement. The United Nations follows two years later with the 
Stockholm Conference on the Environment. The revolutionary fervor of the previ- 
ous years turns more violent, and repressive governmental police powers win the 
day. The first 28-year cycle ends with a whimper, the dynamic destabilization of 
consciousness reaches aplateau of normalcy-a normalcy to be increasingly punctu- 
ated by terrorist activity, as in the Palestinian takeover of the Olympic Village in 
September 1972. Both apart from as well as in reaction to such activity, the 


technosphere has now become all-dominant and all-powerful in human affairs. 


SUMMARY, GREGORIAN A: 1945-1972 


During this cycle, the dynamic of the accelerated geochemical combustion  destabi- 
lizes the human consciousness while increasing the curve of the machine in human 
affairs. By 1973 the machine curve meets and surpasses the human population curve; 
this stabilizes human consciousness at a level of machine normalcy (MN). Human 
consciousness will remain stabilized at MN, largely through varying forms of terror 
and fear programming, for the duration of the second and final 28-year cycle. This 
normalization of human consciousness allows the diverse and rapidly evolving tech- 
nological components of the technosphere to reach a point of consolidation. This 
stabilization of the World Market fosters its next and concluding phase: globalization 
and the triumph of marketing over human culture. It should be kept in mind that the 
instruments and weapons of mass destruction, of which there were none on January 
1, 1945, have now proliferated to five different countries and provide the ultimate 
backdrop to these first twenty-eight years. The core of the UN's Security Council is 


formed by the five countries that possess atomic weapons. Geopolitically, the bio- 
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Machine Normal Consciousness in Relation to Technospheric Growth Curves 
Human consciousness, overwhelmed by war—the ever-propagating machine and bondage to 

artificial time—succumbs to money and stabilizes at Machine Normal, the standard consciousness 

of the technosphere, which represents an ever-diminishing ratio of intelligence in relation to the 

growth curves of population, machine, money, and war. 
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sphere is in control of technocratic powers that are virtually all located in the Northern 
Hemisphere-whether it is the Pentagon, NATO, the World Trade Center, the 


United Nations, or the Soviet space program. 


GREGORIAN' B28-YEAR CYCLE: 
CLIMAX OF GLOBALIZATION, 1973-2001 


1. 1973-1979. CYCLE OF THE CONSOLIDATION OF THE 
TECHNOSPHERE: CLUB OF ROME, OPEC, AND THE G-7. 

The dedication of the World Trade Center Twin Towers on April 4, 1973 (a repeat of 
the calendar year of the Bomb, 1945) is the counterpart to the construction of the 
Pentagon (1940-1941), which sponsored the bombing of Hiroshima and Nagasaki. 
The tallest buildings in the world when they opened, the 110O-story Twin Towers seal 
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the position of New York as the "capital of the world," for on the other side of Man- 
hattan is the glass tower of the United Nations. Simultaneous to the dedication of the 
Twin Towers is the formation of the Organization of Petroleum Exporting Countries 

(OPEC). With the exception of Venezuela, OPEC is largely an Arabic (Islamic) eco- 
nomic alliance that, for the first time in the history of the technosphere, brings a Third 
World influence into planetary politics. The subsequent "oil shortage" demonstrates 

the technosphere's vulnerability, which in turn causes a further "hardening of the ar- 
teries" of its consciousness-the covert formation by the CIA of the G-7. Also in 1973, 
after five years of study the Club of Rome issues The Limits of Growth, which in its 
analysis of trends foresees a major environmental (biospheric) crisis within one 
hundred years, yet nonetheless establishes and promotes the standard world model, a 
setting of production quotas at the 1973 level, to foster sustainable growth at least 
until 2020. The "standard world model" corresponds to the "normalization" of con- 
sciousness. The third war (previous ones having occurred in 1967 and 1949) between 
Israel and its neighbors occurs this year. By 1975, the world population is at four 
billion, up abillion since 1960. In 1976 Voyager II reaches Mars. In 1978 Karol Wojtyla 
becomes Pope John Paul II, the first global Pope, fulfilling the Vatican Council's re- 
quirements of a popular Pope to assure the survival of the Church into the next cen- 
tury. With Gregorian civilization triumphant, Mexico, home of the Maya, is the first 
country visited by the new Pope. In the same period, between 1978 and 1979, the 
Iranian Islamic revolution occurs, toppling the pro-Western Shah, signaling a height- 

ened conservative Islamic resistance to Westernization and the technosphere. Japa- 
nese technology and corporate capitalist economy flourish, capped by the construc- 

tion in Tokyo of the "New City" Shinjuku and, despite many environmental _ protests, 

the Narita airport. The mainstream global consciousness is now "comfortably numb" 


and on course to unprecedented materialism. 


2. 1980-1986. CYCLE OF THE TRIUMPH OF THE TECHNO’ SPHERE. 

The first cycle of the stabilized new normalcy establishes the triumph of market- 
ing-the election of a second-rate American movie star for President, and the birth 
of the yuppie (young urban professional) generation of America. The rise of MTV 
signals the standardization of rock style as global culture; while the Live Aid global 
television concert on July 13, 1985, to raise awareness of AIDS in Africa, is the 
largest ever of its kind. The September 17, 1985 Mexico City earthquake, the worst 
in modern times to hit the world's largest city, demonstrates the continuing vulner- 
ability of the techno sphere to natural catastrophe. The early 1980s witness the 
Intifadah uprising of Palestinians against Israel. The War on Drugs, an aggressive 
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antidrug campaign waged by the West against narcotraffic, mostly from South 
America and the Middle East, heightens the new normalcy as world drug laws tighten, 
placing marijuana and psychedelics in the category of "hard drugs." Yet drugs con- 
tinue to be amajor social problem in the industrialized West. In 1986 President Reagan 
attacks Kadafy of Libya and invades Grenada, testing American ability to commit lim- 
ited acts of aggression without inciting world censure. The construction of Biosphere 
II in Arizona, an effort to test the possibility of establishing an artificial biosphere on 
other planets, ends inconclusively. In 1985 in Bhophal, India, the worst modern indus- 
trial toxic chemical disaster occurs with more than 2,000 deaths, followed on April 26, 
1986 by the Chernobyl nuclear power plant disaster, the worst since the beginning of 
the nuclear age. In America the suburban automobile culture gives rise to the super 
shopping malls. The personal computer (PC) is introduced, while electronic game 
arcades flourish. Sunday football becomes the major American television pastime, while 
television itself makes world soccer the number one competitive global sport; the broad- 


cast of professional sports assumes the role of a primary noospheric diversion. 


3. 1987-1993. CYCLE OF THE END OF THE COLD WAR 

AND TRIUMPH OF THE G-7. 

On January 24, 1987 Voyager II sends back photos from Uranus; four days later, 
January 28, 1987, seven American astronauts die in a shuttle launch explosion. On 
August 16-17, 1987 the Harmonic Convergence peace meditation attracts hundreds 
of thousands who gather at sacred and natural sites around the world; later that year, 
October 19, 1987, the New York StockMarket crash occurs, the biggest point drop 
ever, and Russian Prime Minister Gorbachev initiates disarmament accord, or glasnost. 
By the end of 1987 the population is at five billion, up one billion since 1975. During 
1988-1989, arolling wave oflargely peaceful revolutions and civil uprisings through- 
out most of the Warsaw pact nations culminates on December 31, 1989 with the 
tearing down of the Berlin Wall-the end of the Cold War. At the same time, Presi- 
dent Bush invades Panama to continue testing Drug Wars and limited-aggression 
capability. In the summer of 1990 an international bankers' reunion is followed by 
the first public meeting of the G-7. Every year henceforth, the G-7 meets publicly 
to set policy for globalization. Within a month of the first public G-7 meeting, Au- 
gust 1990, Saddam Hussein invades Kuwait, and Bush retaliates with the Gulf War, 
January-February 1991. In August 1991 Gorbachev is ousted in a putsch, marking 
the end of the Russian Marxist era. Destabilization, war, and genocide afflict the 
Balkans. A new wave of environmental concerns-ozone depletion, destruction of 


rain forests, and global warming-inspire areactivation of Earth Day, 1990, followed 
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two years later by the 1992 Rio Summit, the second United Nations Environmental 

Conference and the first in twenty years. The conference generates much paper, but 
the doctrine of sustainability (sustainable industrial growth) is the principle outcome. 
Meanwhile, with the absence of Marxist Russian economic influence, the neoliberal 
capitalist economics of America flourish as full-blown globalization, multinational — cor- 
porations, and the prominence of the IMF and World Bank foment a uniform global 
corporate culture of cheap consumer services and franchised retail outlets for brand- 
name goods. This period also sees the rise of East Asian capitalist economies, although 
the Japanese economic bubble bursts in 1991. Early in 1993 a terrorist bomb explodes 
in the underground garage of the World Trade Center Twin Towers. The period 1989- 
1993 marks the beginning of the discovery of the Law of Time-the definition of the 
artificial 12:60 and natural 13:20 timing frequencies, the Dreamspell codes, and the 


decoding of the Telektonon Prophecy of Pacal Votan in 1993. 


4. 1994-2000. CYCLE OF THE CLIMAX OF GLOBALIZATION. 

In 1994, the GAIT Treaty is signed, the Levy-Shoemaker comet hits Jupiter, and a 
million Mricans die in the Rwanda massacre. The indigenous uprising in Chiapas, 

Mexico on January 1, 1994 provides acounterpoint to the triumph of globalization 

that is manifest through worldwide airport expansions, and an aggressive form of 
tourism that feeds the airline industry. Israel and Palestine enter the "peace process," 

while Yeltsin consolidates his power in Russia. This is the era of United Nations peace- 
keeping missions, mostly in the Balkans and Africa. Following the FBI/BATF -inflicted 

firestorm on a fundamentalist compound in Waco, Texas, a year later, in 1995, a ter- 
rorist bomb destroys the Oklahoma City Federal Building. The United States and the 
United Kingdom inaugurate control oflraqi no-fly zones, enforced by regular bomb- 

ing raids; the United States also conducts military actions in Somalia, as well as more 
successful ones in Haiti. This is the era of rapid expansion of computer and _ biotech- 

nologies, exponential rise of New York Stock Exchange and the new specialized tech- 
nologies exchange, the NASDAQ. Bill Gates of Microsoft typifies the rise of the new 
self-made billionaires of the Clinton era. In January 1995 the Kyoto earthquake  oc- 
curs, followed by the Tokyo subway nerve-gas terrorist attack, while the Internet, the 
"information superhighway," is fully up and running. In 1996 in Brasilia, Brazil, the 
First Planetary Congress of Biospheric Rights signals rise of a new calendar reform 

movement with the proposal of the World Thirteen Moon Calendar Change Peace 
Plan, submitted to both the United Nations and the Vatican. In 1997 the Kyoto envi- 
ronmental conference on global warming sets policy, but the United States refuses to 


ratify it. In 1998 simultaneous U.S. embassy bombings in Kenya and Tanzania signal a 
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new phase of war on terrorism, singling out a Saudi national, Osama Bin Laden, as the 
terrorist mastermind. By 1999 the world population is six billion, up one billion since 
1987. In late spring 1999 NATO initiates a unilateral bombing campaign ofYugosla- 
via over the disputed region ofKosovo. The World Summit on Peace and Time, at the 
University for Peace, Costa Rica, sends emissaries to the Vatican and the United Na- 
tions with the Declaration of Thirteen Moon Calendar Reform; later in 1999 WTO 
has its first meeting in Seattle, which sparks anti-globalization riots. In 2000 the Y2K 
computer scare surrounding abad time program fails to materialize. On Rosh Hashanah, 
September 28,2000, Hebrew year 5761, Israeli leader Ariel Sharon's presence at Temple 
of the Mount, Jerusalem, sparks anew Intifadah of Palestinians, which continues  un- 


abated through 2001, the official first year of the new millennium. 


5. 2001-2? GOTTERDAMMERUNG OF THE TECHNO - SPHERE: FIRST 
YEAR OF THE THIRD MILLENNIUM, REPEAT OF GREGORIAN 
CALENDAR YEARS 1945 AND 1973. 

In July 2001, G-7 meets in Genoa, Italy, as more than 100,000 anti-globalization 
protesters riot. In early September the United States and Israel walk out of the United 
Nations Conference on Racism in South Africa. Then, within ten days occurs the 
Inevitable Event, Gregorian 9-11, 2001, the cumulative synchronic pressure point 
where the technospheric —bubble-the artificial time warp in the noosphere-bursts 
open, spawning in its wake the full-scale War on Terrorism-another name for World 
War III. The Inevitable Event exemplifies the built-in failure of the Gregorian  calen- 
dar to commence another 28-year cycle as was done in 1945 and 1973. If the 1945 
cycle began with the end of one world war, the 2001 cycle begins with the start of one. 
Since 2001 is also first year of the third millennium, the Gregorian calendar has cre- 
ated its own apocalypse, opening anoospheric fissure-the climax of the biogeochemical 
combustion of the biosphere. Now itis only amatter of time before the technosphere 
experiences total collapse. The nature and extent of the damage sustained during the 
collapse is in proportion to the intelligence that responds to the knowledge of its col- 
lapsing. If this 28-year Gregorian calendar cycle were to go unimpeded until 2029, it is 
not certain what would be left of the biosphere. But there is one thing of which we may 
be certain: artificial, linear time has run out. An American newspaper editorial at the end 
of 2001 sums up the crash of the dominant linear time paradigm: "History seems to 
have slammed into reverse gear around aworld that was widely assumed a year ago to 
be moving in a straight line toward amore prosperous and secular future, one that 
would be shaped by stock markets and the Internet, not by turbaned zealots or theocra- 


cies that have or want nuclear trigger fingers."4 
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SUMMARY, GREGORIAN _ B:1973-2001 


With destabilization normalized, the technosphere replaces civilization and marks 
the end of culture-the new barbarism prevails, culminating in total war. The 9-11 
is what actually completes the technospheric cycle. Henceforth it will be the advent 
of the noosphere, but not in the way predicted by the authors of The BiosphereCata- 
log:"The Noosphere as an active force consists in the harmonious synthesis of the 
Biosphere and the Technosphere by intelligence."5 By the analysis of the Law of 
Time, the intelligence is nowhere evident because there is no harmony of intelli- 
gence possible under the present timing standards that dominate all the major play- 
ers in the present global conflict. Since the technosphere is totally a function of the 
artificial timing frequency, and since artificial time is now short-circuiting itself, 
there will be no techno sphere to harmonize when natural time is restored to the 
entire biosphere. Then the noosphere will commence, but only if there is world 
harmony. Only aharmonic standard will bring harmony to the world. The failure of 
the Gregorian calendar and its civilization, crystallized in the now-collapsing 
technosphere, must be quickly acknowledged. By adopting aharmonic standard as 
soon as possible, the shift to the noosphere can commence, rising and building itself 
up from the shards and ashes of the toppled technosphere. 


Vv 
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nomenclature-the 


The Solution of the Law of Time 
Get a New Calendar 


"Tam in favor of a standardized calendar for the 

whole world, just as I am in favor of universal 

coinage for all countries, and a supplementary 

artificial language (like Esperanto, for example) 

for all peoples. ..I am always ready to endorse 

any honest movement which will help unifY the 

peoples of the world. 1 

-MAHATMA GANDHI, QUOTED IN THE JOURNAL 
OF CALENDAR REFORM, 19311 


FROM THE PERSPECTIVE © of the noosphere, the failure of human 
civilization is the failure of the human being to become synchronized with itself in 
the correct time of universal nature. Instead of operating as aplanetary organism in 
absolute synchronization with a knowledge of being coordinated by acommon har- 
monic standard, humans race toward the end of history, dissynchronously operating 
under aplethora of calendars of differing measures enshrining competing belief sys- 


tems, all globally coordinated by an instrument of irregular measure and obscure 


Gregorian calendar. Dissynchronized and at odds with itself ev- 


erywhere, humanity is broken apart into splintered mind fields, each controlled by a 
different timing standard, a fact about which the human race is virtually ignorant- 


to its own detriment. 
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India, with its different neo- Babylonian calendars, is at odds with Pakistan, which 
operates according to the Islamic lunar calendar; the Israelis, at odds with the Pales- 
tinians, hold as tightly to the Hebrew lunar calendar tradition as the Palestinians do 
to their Islamic lunar calendar traditions. In Asia, China follows its own complex and 
ancient lunar calendar tradition, and watches as the United States and its G-7 alli- 
ances, all dominated by the Gregorian calendar, get ready to spar with terrorists and 
militants who also follow the Islamic lunar calendar. India has the Bomb, Pakistan 
has the Bomb, China has the Bomb. The United States has the Bomb, the United 
Kingdom has the Bomb. France has the Bomb. Russia, the Ukraine, and other former 
Soviet nations have the Bomb. It is commonly assumed that Israel also possesses the 
Bomb. Does Iraq have the Bomb? Can aterrorist get access to materials to create the 
Bomb as well? The nuclear clock is ticking again. 

The number of weapons and technologies of mass destruction has increased 
several thousandfold since 1945 when, at the time ofVernadsky's death, there were 
virtually none. This is not to mention the biological weapons of mass destruction, 
more ambiguous, more lethal, more hidden-none — of which really existed in 1945 
either. With the fallout from the Inevitable Event an anarchic planetary free-for-all 
is taking shape. From the noospheric point of view, the humans have run out of 
(artificial) time, and are now committing their last egoistic act of desperation to hold 
what they perceive to be their dominant place in the scheme of things. The fact is, 
however, that the planet belongs to the biosphere and not to the humans. 

The inability of the Gregorian calendar to sustain another 28-year cycle, much 
less another millennium, means that an anarchy of time and a time of anarchy is 
loosed upon the planet. At the present rate, what would the world look like in 2029? 
One does not want to imagine. The anarchy of time is exemplified by the different 
competing powers that are unconsciously driven and motivated by programs stored 
in their differing calendar systems. This failure of artificial time to contain itself is 
truly the apocalypse. The apocalypse could occur only when the time program had 
become saturated. The two 28-year cycles, 1945-2001, carried forward not only the 
exponential advance of machine time, but the accrued karmic baggage of two mil- 
lennia of the invented religion of Christ. Throughout the last millennium, the pro- 
tagonists of this religion waged atype of holy war against an embattled world-a war 
waged by missionaries and conquistadors alike, down to this very day. The week 
before the Inevitable Event, the Taliban was deporting Christian missionaries from 
Mghanistan, while other Christian missionaries scour the jungles looking for one 
more indigenous soul to convert. This activity is inseparable from the Gregorian 


calendar that programs it. 
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Entropic Black Hole of Consciousness 


A calendar is a mental instrument for holding the programmed patterns of thought and behavior of a 
given culture, people, or civilization. A people can rise no higher than the program of time their 
culture imposes on them as second nature. A program of time determines nature of consciousness. 
Different timing programs scheduled by synchronically inaccurate devices within a biospheric whole 
governed by a universal timing frequency apart from the deviant human standards can only result in 
an entropic black hole of consciousness: the clash of civilizations and cultures that precedes the 
mentally cleansing force of the noosphere and the inevitable return to natural time and the 

universal 13:20 timing frequency. 
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Now the default of the Christian program of the Gregorian calendar and its 
system of social organization, global civilization, is erupting in an entropic black 
hole of time. The result of this black hole of time is an entropic harmonic conver- 
gence, where all of the conflicting points of the differing timing programs that the 
Gregorian calendar attempted to synchronize, come into acommon point of hostile 
impact. Seen in this light, the Final War is really the final battle in a long saga that 
we can properly call the Time Wars. 
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THE AGE OF THE TIME WARS 


The Time Wars began with the application of the error in time at Uruk: the 24- 
hour, 60-minute, 60-second timing frequency derived from a 12-part division of the 
circle, a two-dimensional plane in space. Since this measure does not correspond to 
the reality of time as the universal (13:20) frequency of synchronization, it creates a 
mental dissynchronization that manifests as the battle of the mind against itself, and 
against nature. The dynam'ic of the "progress" of civilization is really the dynamic of 
dissynchronization inherited by the human mind. The gradual encroachment of civi- 
lization into all aspects of human society and the biosphere increases the incidence 
of dissynchronization. The resulting aphasic mental states lead to belligerence and 
various attitudes of dominance over others and nature-but never to any Satisfaction. 

Viewed by the Law of Time, civilization is the institutionalization and embodi- 
ment of the dissynchronous artificial timing frequency. The dynamic _ of dis- 
synchronization results in increasingly artificial technological means and reliance on 
the artificial medium of money to replace the biological or organic functions of our 
nature and of the biosphere in general. Not only does this process tend toward an 
"improvement" in the accuracy of the means of war, but also in the capacity of the 
latter for greater mass destruction. Set apart from the natural cycles by the 
dissynchronous frequency of mechanization, the Time Wars are also waged against 
the biosphere, which is viewed as ahostile force to be overwhelmed and plundered. 
Everywhere on Earth, nature is on the run. Everywhere on Earth, the human looks 
at his watch-what will he do next? Catch another plane? Fire another bullet? Press 
another button and let loose another bomb? 

The 56-year cycle of the technosphere witnessed the greatest creation and stock- 
piling of lethal weapons, more than in all the previous history put together, enough 
to destroy the Earth many times over. The 56-year cycle of the techno sphere also 
witnessed the greatest plundering thus far of the biosphere, more than in all the 
previous cycles of history put together. Continued at the current rate, the biospheric 
plunder would bring extinction to virtually all life within another generation. These 
two facets of self-destruction-technospheric and_biospheric-point again to the 
Inevitable Event. It is the Pentagon that has led in military spending and strategizing, 
just as it was the activity within the World Trade Center Twin Towers that domi- 
nated and coordinated from afar the plunder of the biosphere-both precedents for 
the consequent construction and expansion of the technosphere. 

But now time has run out on the technosphere. The world has gone flat and 


valueless with no future vision beyond war. All the money in the world will not put it 
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back together, nor will all the bombs in the world salvage it against its enemies. Who 
are the enemies of the technosphere, and what would cause thereto be enemies 
against the technosphere? And who or what is there that speaks for the biosphere? 
For if the biosphere is to become the noosphere, it must come about from an under- 
standing of the intelligence of harmony. Clearly, such understanding of harmonic 
intelligence has not been nor will it be forthcoming from the technosphere-or 
from the Gregorian calendar that programs it. Only the Law of Time can supply the 
harmony necessary to complete this great movement from biogeochemical combus- 
tion to noospheric mind. The Law of Time replaces all that is artificial, while con- 
firming all that is true, whether in human history or the universe. 

Let us return to the analysis of the Time Wars and the clash of timing programs. 
The Twin Towers were the absolute triumph of the artificial 12:60 timing frequency, 
whose program isembedded in the Gregorian calendar and paced by the mechanical 
clock. Who steered the hijacked planes into their Gregorian targets? Nineteen mili- 
tant Muslims, we are told. Why nineteen? And what are the religious backgrounds 
of the twenty-two most-wanted terrorists in the world? They are twenty-two Mus- 
lims. Why that number, and why are all the terrorists Muslims? In the noospheric 
analysis, the Inevitable Event was the suicide of the technosphere unable to sustain 
two clashing time programs. It was a program of the strict Islamic twelve-month 
lunar calendar that drove its belief system into the Twin Towers and the Pentagon, 
the two supreme monuments of the program of the twelve unevenly measured months 
of the Gregorian pseudosolar calendar. Is it Islam that is the enemy of the 
technosphere? Is it Islam that is the champion of the biosphere? Indeed what is 
Islam? Why is Islam the most resistant force against globalization and the 
technosphere? We know where the Vatican, the bastion of Christendom, is and who 
ordained the Gregorian calendar, but what do we know about Islam? 

If we strip history away from the force known as Islam (1.3 billion Muslims in 
the world), and reduce it to its most essential point, then Islam is the teaching of the 
Holy Quran. What is the Holy Quran? It is the last whole revealed text for all hu- 
manity, received and recorded over a 23-year period by a single human being, 
Muhammad the prophet (570-632). While militant Muslims and terrorists have 
dominated the mass media image oflslam for the past few decades, what is the Quran 
and what does it actually teach? It is also a function of the Gregorian program that 
scarcely anyone in the West really knows or is familiar with the Quran, since the 
West has been at odds with Islam since the time of Muhammad. As the supreme text 
of monotheism, the Quran is actually a psychoactive book that upholds Islam as 


the final religion for humanity. "He is the one who sent His messenger with the 
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guidance and the religion of truth, to make it prevail over all other religions. God 
suffices as a witness." (Quran, 48:28) Islam means "peace, which is submission to the 
will of God." 

Islam is also the law of nature. Within the vast system of intricate, mathematically 
based logic that constitutes the Quran-which is aprofoundly ahistorical text as well- 
one feature stands out: the description and definition of nature and the natural order 
as the chief proof of God's design and guiding wisdom. From the Quranic point of 
view, the biosphere, inclusive of the creation of the human, is the overwhelming _ single 
proof of God's wisdom in establishing a life-support system for our indwelling con- 
sciousness to evolve our bodies on this Earth. The biosphere is Islam, or "peace, which 


is submission to the will of God," understood as the divine law of nature. 


In the creation of the heavens and the earth, the alternation of night and day, the 
ships that roam the ocean for the benefit of the people, the water that God sends 
down from the sky to revive dead land and to spread in it all kinds of creatures, the 
manipulation of the winds, and the clouds that are placed between the sky and the 


earth, there are sufficient proofs for people who understand. (2:164) 


He created you from one person, then created from him a mate. He sent down to 
you eight kinds of livestock. He creates you in your mother's bellies, creation after 
creation, in trimesters of darkness. Such is God your Lord. To Him belongs all 


sovereignty. There is no other god beside Him. How could you deviate? (39:6) 


Among His proofs is that you see the land still, then as soon as we shower it with 
water, it vibrates with life. Surely the One who revived it can revive the dead. He is 


Omnipotent. (41:39) 


He created the human from atiny drop, then he turns into an ardent opponent. And 
he created the livestock for you, to provide you with warmth and many other ben- 
efits as well as food. They also provide you with luxury during your leisure, and 
when you travel. And they carry your loads to lands that you could not reach with- 


out a great hardship. Surely your Lord is Compassionate, most Merciful. (16:4-7) 


He sends down from the sky water for your drink and to grow trees for your benefit. 
With it, He grows for you crops, olives, date palms, grapes, and all kinds of fruits. 
This is sufficient proof for people who think. (16: 10-11) 


And He committed the sea to serve you; you eat from it tender meat, and extract 
jewelry which you wear. And you see the ships roaming it for your commercial ben- 


efits, as you seek His bounties, that you may be appreciative. And He placed stabiliz- 
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ers (mountains) on earth lest it tumbles with you, as well as rivers and roads that you 
may be guided. And landmarks, as well as the stars to be used in navigation. Is One 


who creates like one who does not create? Would you now take heed? (16: 14-17) 


As for the Earth, we constructed it, and placed on it stabilizers (mountains) and we 
grew on it a perfect balance of everything. We made it habitable for you, and for 
creatures you do not provide for. There is nothing that we do not own infinite amounts 
thereof. But we send it down in precise measure. And we send the winds as pollina- 
tors, and cause water to come down from the sky for you to drink. Otherwise you 


could not keep it palatable. (15: 19-22)2 


Viewed from its own context, the Quran is the criterion for evaluating the spiri- 
tual progress of human existence on this Earth inclusive of man’s ability to read the 
proofs of nature as manifestations of God's wisdom and to comport himself within 
this nature, the biospheric life-support system, in amanner consistent with the truth. 
From the Quranic perspective, human freedom of choice is at the root of the bio- 
spheric destruction. Choosing anything but to be submissive to God, the human is 
in rebellion against nature-both his own and that of the biosphere. "We have of- 
fered the responsibility [freedom of choice] to the heavens, and the earth, and the 
mountains, but they refused to bear it, and were afraid of it. But the human being 
accepted it; he was transgressing, ignorant." (33:72) 

The result of this ignorance on behalf of his own aims and intentions rather than 
that of a respect for the divine plan (biosphere) of the Creator, accounts for the 
human situation today, at odds with and surrounded by an increasingly out-of-control 
biospheric degradation and corruption of natural time: "Disasters have spread 
throughout the land and sea, because of what the people have committed. He [God] 
thus lets them taste the consequences of some of their works, that they may return 
[to the right works]." (30:41) Thus, the current techno spheric destruction actually 
points toward areturn of humans to the path of right works. 

The forces that created the phenomenon of historical Islam are the enclosing of 
the Holy Quran within the rigid system of a twelve-month,  non-circulating lunar 
calendar, compounded and supported by the development of the hadith and sunna 
(non-Quranic) traditions. A profoundly conservative social order, Islam is nonethe- 
less activated and motivated by aholy scripture that enunciates an attitude toward 
nature that is the direct opposite of the 12:60 system that produced the technosphere. 
In this regard, the precepts of the Holy Quran-as of many another holy scripture- 
make it the "enemy" of the technosphere. From the noospheric perspective, histori- 


cally and culturally, however, the assault on the nerve centers of the techno sphere 
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could only have been effected by humans whose belief system was rooted in the 
Holy Quran, which had been at odds with the Gregorian civilization for centuries. 
In this way, the Quran was the noosphere's weapon used to bring about the circum- 
stances that would lead to the resurrection of the biosphere-the  noosphere itself. 
But only if man consciously chooses the right return path: synchronized harmony in 
time. The problem is not so much the rigid lunar calendar oflslam, but the irregular 
global standard of the Gregorian calendar, which, instead of standardizing all mea- 
sures and perceptions of time, fosters a human social disharmony and an incessant 
antagonism against nature-and against Islam. 

So then, how are we to return to the right works? Read and study the Quran, 
yes-but also make a fundamental change in the world. The solution of the Law of 
Time is: Get anew calendar! Humanity must take along, hard look at its own timing 
systems and scrap what needs to be scrapped, no matter what kind of temporary 
inconveniences this may cause. Calendar reform is an issue that upsets many apple 
carts. Yet it is the only method that has not been commonly tried and the only step 
that has not yet been collectively taken. It is a characteristic of the dominant mind- 
set that it writes history in the way that suits its own needs and supports its philoso- 
phy. In any of the reviews of the century carried by the mass media during the past 
year, you will find no mention of the World Calendar Reform Movement; nor will 
you find, for instance, any mention of the Roerich Peace Pact (1935); nor of the 
Harmonic Convergence-all buried by the marketing of history to suit the needs of 
globalization. What do these three phenomena have in common? A concern for 
peace based on an understanding that without harmony, the human cultural situa- 
tion will only worsen. If humankind suffers from an excess of disharmony, in the 
noospheric analysis the only solution is aharmonic standard of time to synchronize 
all humanity simultaneously-the | Law of Time refers to this as the Thirteen Moon! 


28- Day frequency shift. 


CHANGE YOUR CALENDAR, CHANGE YOUR MIND 


"Since the advent of the Nuclear Age, everything 
has changed but the way people think, thus, we 


drift towards unparalleled catastrophe. " 


-ALBERT — EINSTEIN3 


To change how people think you must take a profoundly simple and universal ele- 


ment of everyday life, one in which all everyday thinking is rooted, and change it so 
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radically that the way in which people think will itself be dramatically changed. If 
you want to know that something has really changed, change the calendar! This is 
the meaning of the replacement of the Gregorian calendar by the Thirteen Moon 
calendar. The calendar change is necessary because, as the pragmatic application of 
the discovery of the Law of Time, it brings into focus the essence of this discovery: 

Time is a frequency, the frequency of synchronization. If a calendar does not in- 
crease synchronization, it is not performing its highest function. This is the funda- 
mental critique of the Gregorian calendar-and of all concepts of time based solely 
on physical, third-dimensional astronomical measurements. This discovery is so new 
and startling that it affects all human thought and is a matter to which all belief 
systems, religions, and methods of science must be cognizant. Yet nothing, it seems, 
is more difficult for humanity than to make this change from amanifest disharmony 

to a manifest harmony. 

Historical man recoils at the prospect of actual harmony-harmony in natural 
time. This is because historical man defines his existence and thrives upon the dis- 
harmonies of his own invented time. The Gregorian calendar keeps the human mind 
entrained in a diabolical disorder of meaninglessly named months of uneven mea- 
sure, while every day is tracked and driven by arelentless mechanism called a clock. 
This immersion of the mind of historical man in the frequency of his own artificial 
time, more than any other factor, condemns him to a world of inescapable horrors: 
traffic jams, poverty, terrorism, unresolvable historical and territorial disputes, glo- 
bal warming, environmental degradation, social disorder, insanity, and drug abuse. 
The problem of historical human-Homo historicus-is compounded _ by the uncon- 
scious nature of his acceptance of this timing sensibility, believing it to be the actual 
nature of time. Hence, all his public and economic policies are driven by and deter- 
mined by the relentlessness of this perception that time is an arrow blindly pulling 
him into a future in which his only defense is the creation of more technology, the 
technosphere itself being a pure expression of the application of the mechanization 


of time. 


THE SECRET HISTORY OF CALENDAR REFORM 


When you went to bed on October 5,1582 you woke up on October 16. In this way 
Pope Gregory XIII promulgated his reform of the Julian calendar, from which the 
Gregorian calendar differs not one whit, except for the precise working out of the 
formula for leap year. When this "reform" occurred, the time sensibility of historical 


man was already crippled and disabled. The Gregorian calendar, by its moment of 
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historicity, bound that crippled time disorder into its final institutional form, assur- 
ing that not only European man, but eventually all cultures and races dominated by 
European thought and conventions would assume and accept this deformed and 
deforming standard of time. 

The mechanical clock, though evolved over many centuries, was perfected just 
after the Gregorian Calendar Reform of 1582 and promoted by Europeans as an 
example of the human triumph over nature. So it was that the human mind assumed 
as second nature its own invented time, encoded as a frequency that we have identi- 
fied as the 12:60, an unconscious mental ratio determined by the irregular twelve- 
month calendar and artificial sixty-minute hour. The combination of these two fac- 
tors in this one timing frequency have consigned historical man to a hopelessly de- 
bilitating mental disorder that is referred to as modern civilization, or nowadays, 
postmodern. But postmodern is not yet post-historical. | Postmodernism is just the 
final convulsion of the time disorder that afflicts the human race as avirulent mental 
disease and encapsulates man in the technospheric cocoon of his own making. The 
only cure for such a profound and pervasive disorder is absolute harmony, the very 
harmony from which historical man so recoils. 

In this light, it is well to know that through the first half of the twentieth century 
a vigorous and well-organized calendar reform movement flourished. Such was the 
character of this movement to reform the Gregorian calendar that in 1923 the League 
of Nations called for proposals for reform. More than 500 proposals were received; 


by 1931, these were narrowed to three: 


The International Calendar Organization, represented by Mr. Broughton 
Richmond, promoted a perpetual calendar based on the principle of five- 
five 73-day cycles = 365 days-and the year divided into twelve months of 
five 6-day weeks each plus a 5-day cycle [The Thirteen Moon calendar also 
includes the program of seventy-three 5-day periods-overtone — chromat- 
ics-integrated with the fifty-two 7-day weeks: 52 x 7(+1) =5 x 73.] 


The International Fixed Calendar League, represented by Mr. Moses 
Cotsworth, also supported by Eastman Kodak and the International Cham- 
ber of Commerce, promoted a perpetual Thirteen Month/28-day calendar, 
which was first presented by Auguste Comte (1842-1849), inclusive of the 
"day out of time." Though it was not backed by amore thorough  math- 
ematical science, which has now been supplied by the discovery of the Law 
of Time, this was by far the favored calendar, as it is the one that possesses a 


perfect structural harmony and obvious regularity of all its parts. 
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3. The World Calendar Association, represented by Elizabeth Acheles, pro- 
moted the World Calendar, a modified but perpetual version of the twelve- 
month Gregorian calendar, which also included the principle of a "day out 
of time" ("null day"). This group turned out to be the longest-lived and the 
most vocal, and was responsible for the publication of The Journal Of 
Calendar Reform (1931-32).4 


It is instructive to read some of the early texts on the topic of calendar reform to 
see how the same issue of harmony and order brought up by the Law of Time was at 
the root of the call for the establishment of aperpetual, harmonic calendar. The base 
argument, as presented in Alexander Philip's The Reform of the Calendar (1914), is 


stated as follows: 


Suppose, for example, that by some strange convention the meaning of the figures 
we employ in numerical notation were to change every year; suppose the figure 
which this year represents 2 were next year to mean 3, next year 4, and so on; sup- 
pose again that our weights and measures were to fluctuate in a similar manner. 

then we affirm, without fear of contradiction, that the whole fabric of science and 
the mechanical arts could never have been raised at all. .. we should in such circum- 
stances have been compelled to rest content today with the very simplest and most 
primitive appliances. Yet, strange as it may sound, such are the conditions under 
which, in modem society, human action is organized. For what is the framework. 

by which we arrange our actions? It is no other than the scheme under which we 
arrange our time-in one word, our calendar. .. [thus] the disorganized state of all 
social arrangements is ascribable to the calendar. ..The dislocation of our calendrical 
arrangements is due to two distinct causes. ..the incongruity of the week; [and] the 


irregularity of the lengths of the months. ..5 


The argument made is aprofound one, and was the motivating basis of the cal- 
endar reform movement in general, no matter which calendar was being promoted. 
It is fair to ask: Why do we expect arigorous standard of uniformity in our measure- 
ments of space (size, weight, volume, etc.), but spurn or ignore the same require- 
ment of uniformity in our measurement of time, especially the time that governs our 
everyday social arrangements and consciousness? How can we think that this would 
not have a profound underlying effect on the very nature and conduct of our society? 

Most _ interestingly, as a movement calendar reform arose strongly during 
the proto-technosphere, between the two World Wars, only to be swept away by 


the clouds of war and the contradictory factions of disharmony in which modern 
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civilization was already immersed. Any effort at altering or changing the direction 
and motion of modern civilization is treated as a threat or derided as ineffectual 
activity that is scientifically unprovable or that will cost humanity too many dollars 
to make the change. Such was the fate of the first great calendar reform movement 
that arose with such fervor in the late nineteenth century only to find its ignomini- 
ous end when the final debate on calendar reform was adjourned indefinitely by the 
United Nations Social and Economics Committee in 1956. No one reads about the 
calendar reform movement in the history books. Because debate on the matter was 
effectively adjourned, it is assumed that calendar reform is a dead issue of no rel- 
evance to the development of postatomic, technospheric man. On the contrary, seen 
in the dim light of the still-smoking ruin of the Twin Towers, the calendar reform 
arguments concerning humanity's irrational behavior and its relation to the "immo- 
rality" of a skewed timing measure, the calendar, as well as to an inhuman timing 
device, the clock, were never more relevant. 

Not the least import of calendar reform is the opportunity to create anew basis 
for unifying humanity. As was stated in the "Resolution Adopted by the Fourth Gen- 
eral Conference on Communications and Transit of the League of Nations,” which 
took up the issue of calendar reform: "A great number of delegations expressed the 
opinion that any reform of the calendar could only be put into practice if it came 
into force simultaneously throughout the world, or at least in avery great majority 
of States, and it was for this reason that the study of this question had been placed 
under the auspices of the League of Nations."6 

The tragedy of the human inability to agree on a matter so obvious to logic and 
reason is a testament to the already crippling effects of having operated so long 
under parochial, sectarian, and often disharmonic timing standards. While the In- 
ternational Chamber of Commerce, the League of Nations, and various interna- 
tional scientific bodies supported the first effort at reform in 1914-1956, the second 
movement, 1989-present, arose asa purely populist effort, but with an entirely dif- 
ferent information base. Recognizing instinctively that the calendar reform issue is 
more than merely a matter of mathematical order in relation to natural cycles, it isa 
profoundly theological issue as well, the second reform movement also developed 
from anon-Western inspiration: the Mayan calendar. 

While the psychology of the dominator civilization all but blurs out any other 
considerations of calendar besides the prevailing Gregorian one, an objective study 
of the matter demonstrates that the latter is a primitive instrument that eschews 
both natural cyclic order and any mathematical harmony. In place of the anachronis- 


tic standard of the Gregorian calendar, the second calendar reform movement raised 
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anew criterion, the Law of Time, awhole system principle that integrates the math- 
ematical and the moral, the theological and the psychological, and the economic and 
scientific issues that are embedded in the entire topic of calendar reform. Precisely 
for the reasons of historical man's unconscious habituation to his own disharmonies 

and the accelerating and cumulative effect of this ignorance on the disorder of his 
own social life as well as the natural world around him, the second calendar reform 


movement has developed with a much greater moral and prophetic urgency. 
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Sarcophagus Lid of the Tomb of Pacal Votan 
Showing Disposition of Thirteen Clear Signs 


The tonal sums (dot-bar code) of the thirteen signs are key to affirming the prophecy 
of the Thirteen Moon calendar. Note that the sums of the two sets on the eastern 
edge equal 28 and 13, while opposite the 13 set is the perfect 7. The tonal sums of the 
other two sets on the western and southern edge both equal 14, for a sum of 28. The 
northern edge has a single sign whose tonal sum is 2 twice 7 = 14, and twice 14 = 28; 
twice 13 = 26 fractal of 260 and code to the Gregorian date 7/26; while twice 28 = 56, 
the number of years from Hiroshima to the Inevitable Event. 
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"Consciously using the tool of the Thirteen Moon calendar to replace the erro- 
neous measure of the artificial twelve-month calendar is, in itself, an unprecedented 
act of human self-reflective consciousness. Collective adaptation to the Thirteen 
Moon calendar is an intrinsic heightening of consciousness which rapidly awakens 
the telepathic programming inherent in human biology, frustrated for so long for 
not having been allowed development in the correct timing frequency."7 

It was in 1987 that The Mayan Factor: Path Beyond Technologyfirst brought to 
major public and international attention the possibility that a superior timing sensi- 
bility was developed by athoroughly non-Western culture, the Maya. This book was 
published with scarcely any knowledge of the calendar reform movement that had 
gone into a debilitating coma in 1956. Yet, by pursuing the mathematical base of the 
Mayan calendar, the essence of the Mayan achievement, the Law of Time was ex- 
tracted, adiscovery that brought on the second calendar reform movement, the World 
Thirteen Moon Calendar Change Peace Movement. Prompted by a prophetic rev- 
elation concerning the Thirteen Moon!28-Day calendar decoded from the tomb of 
Pacal Votan, the premise of the second calendar reform movement was tested world- 


" 


wide from 1993 to 2000, atime defined as the "seven years of prophecy." By the year 
2001, the official beginning of the third Christian millennium, a loose, far-flung 
calendar reform movement, pioneering in the development of anew science of time 


and consciousness was promoting the Thirteen Moon!28-Day calendar worldwide. 


A REVOLUTION IN TIME 


"Fire in the lake, the image of revolution. Thus, 
the superior person sets the calendar in order and 
makes the seasons clear" 


-| CHING, HEXAGRAM49, "REVOLUTION"S8 


By common consent, acalendar is asystem for reckoning time. Virtually all current 
time-reckoning systems take account only of chronological or, better put, astro- 
nomical time-the movement of the Earth in relation to celestial bodies, the sun, 
moon, planets, stars, and constellations. This is apurely third-dimensional, physical 
consideration of time. The Law of Time affirms a higher order of time-the 

synchronic order. This is the time of the fourth dimension, which includes the 
chronological but enfolds it in a higher mental and mathematical order of reality. 
According to the Law of Time, what you don't know about the calendar you are 


using could kill you. By operating according to purely third-dimensional chrono- 
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astronomical timing standards and without knowledge of the synchronic order of 
fourth-dimensional time, humanity subjects itself to a one-sided view of reality that 
is hazardous to the planet and jeopardizes the future existence of the human species 
as well as all life on Earth. 

To correct this situation aradical solution is required-a new calendar embedded 
in the synchronic order revealed by the discovery of the Law of Time. This is the 
significance of the Thirteen Moon/2 8-Day calendar-it epitomizes the incorporation 
of the chrono-astronomical order of time into the synchronic order, and hence pro- 
vides the vehicle for humanity to escape its otherwise certain plunge into disaster within 
the next decade. When adogma is encountered while one is engaged in the pursuit of 
truth, it must be challenged and abolished. Such a dogma is the calendar in use as the 
world standard, the Gregorian calendar. That this calendar, originally a system of 
thought peculiar to one people or religion, should dominate all the peoples and even 
life of the planet makes it subject to the critique of planetary anthropology. 

The discovery that time is a frequency mathematically expressed as the ratio 
13:20 requires a profound reorganization of all thought about time and the conse- 
quent reorganization of human society asa planetary organism. As the unified field 
theory of time, the Law of Time calls for the human synchronization in time predi- 
cated on the establishment of the Thirteen Moon calendar as the global civil stan- 
dard replacing the current erroneous timing standard, the Gregorian calendar. This 
is amatter of the utmost seriousness, since it is also recognized that all belief systems 
are the function of programs locked up or embedded in the calendars or time-reck- 
oning systems used by a people. The fate of the species and the biosphere may well 
depend on whether or not humanity is able to understand — this point. 

What is it about the calendars in use that condemns their users to endless con- 
flict and inability to unify as a species? What is at the root of their disharmony? It is 
the pursuit of astronomical time. All people today are bound by calendars based on a 
pursuit of accuracy of astronomical time-the length of the year being the object of 
this pursuit. Astronomical time is a losing game of an ever-changing and elusive 
order that results in an entropic reductionism that has little to do with consciousness 
or synchronization. The year's length (measure of the orbit of the Earth around the 
sun) calculated by Pope Gregory XIII at 365 days, 5 hours, 48 minutes, and 20 seconds, 
slows at the rate of 12 second per century, while the length of time in the Gregorian 
calendar is off from the "true" solar year by 25.9678 seconds per year! Obsessed with 
rectifying this discrepancy, in 1972 reductionist science came up with Atomic Time 
to replace Earth Time, and the atomic cesium clock replaced the measure of the year 
as 365.241299 days with 290,091,200,500,000,000 oscillations of Cs per year! 
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But what does this staggeringly astronomical figure mean, and of what value is it? 

In profound contrast to this obsessive reductionism in which there is no place 
for spirit, mind, or consciousness, fourth-dimensional radial mathematics represents 
amental order greater than and encompassing the astronomical order of the third- 
dimensional universe. According to the Law of Time, in time reckoning, consider- 
ation should be given to systems of the harmonic order of synchronic time that 
proceed from the radial mathematical order of the higher mind. The higher mind 
represents the evolved state of mind-the noosphere-that evolution on Earth tends 
toward, but that has not yet been attained. As long as the human concept of time is 
governed by the obsessive pursuit of the impossible to attain perfection of astro- 
nomical time, this pursuit and the civilization that it propels are doomed to failure. 
What is known as history is embedded in this pursuit of "fixing" astronomical time, 
which has culminated in the dogma of the Gregorian calendar and the microatomic 
measure of the cesium clock. When did this pursuit begin, why did it come to domi- 
nate the human species, and to what effect? 

As we have seen, the values, customs, and norms of anation, culture, or civiliza- 
tion are embedded in the calendar it uses. The Gregorian calendar, the current glo- 
bal civil standard-indeed, — the foundation in time of globalization-is the calendar 
of the Caesars, of the Roman Empire, of the Catholic Church and the Vatican. To 
change this calendar is to change history itself. Can it be done? The League ofNa- 
tions attempted this in the 1930s but failed. The United Nations tabled this effort in 
1956. Since the United Nations adjourned the matter of calendar reform indefi- 
nitely, in 45 years the Earth's population has more than doubled, that is, it has in- 
creased by more than 3.2 billion people, a factor that is still out of control, and that 
may have much to do with the fact that humanity is actually in a fog about time. 

The reasons for wanting to replace the Gregorian calendar are no less valid 
today. The Gregorian calendar is not a standard of measure. It lacks logic and rea- 
son. It numbs and befuddles the mind when trying to make calculations by it. It is 
shrouded in an arcane and medieval obscurantism. The net effect of the use of this 
calendar is to perpetuate a fundamental level of mental confusion and ignorance 
concerning the actual nature of time itself-an ignorance that ishardened into dogma 
by the unwillingness of habit to consider any other possibility, but rather to accept 
the entire system as second nature. The argument that it encodes the most accurate 
and scientific measure of the solar orbit of the Earth is irrelevant in relation to the 
effect of its irregular measure on the mind and its numbing power as the dogma of a 
conquering people. Indeed, the solar measure 0f365.241299 days per year has noth- 


ing intrinsically to do with "30 days hath September. ..," and vice versa. In fact, the 
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measure of the Earth's orbit is one matter; the purpose of calendars and time reckon- 

ing as factors of synchronization is a wholly other matter. But then, since the very 
nature of aculture or acivilization is determined by the calendar it keeps, the use of 
a deformed standard can only inhibit and skew even the questions one asks about 
time. 

The failure of calendar reform by 1961, the year of the Vatican II Council, only 
promoted an increasingly complacent acceptance, however cleverly disguised, of a 
millennial dogma, the Gregorian calendar. In the conclusion to the "last word" on 
the subject, Calendar: Humanity's Epic Struggle to Determine a True and Accurate Year, 
David Duncan summarizes, "We take in stride a calendar [the Gregorian] that is 
flawed but endures, largely because it works just fine for most of us, and it is what we 
are used to."9 It is not at all objective to accept something because we are used to it. 
This attitude is anything but scientific. Rather, it is the smug basis of nothing more 
than a self-fulfilling dogma-and yet the civilization that bases itself on this aberrant 


timing measure prides itself as being the most scientific in all history! 


THE CONFUSION OF IRREGULAR TIME 


Due to this flawed time sensibility, it may be concluded that humankind today is 
little capable of moral reason or logic, which itself is a result of, or at least strongly 
reinforced by, habituation to a timing standard that is irrational and illogical. Any- 
time we overlook or dismiss a fault due to habit, or simply because we are accus- 
tomed to the use, say,of an instrument, even ifthat instrument is demonstrated to be 
flawed and irregular, is evidence of a moral laziness that will eventually contaminate 
the entire consciousness that accepts and accommodates itself to the flaw. The exer- 
cise of truth is a moral prerogative. The fact of the matter is that the Gregorian 
calendar is ahodgepodge of flaws and accretions, rationalized into a systematic for- 
mulization that has no basis in reality. The celebration of Easter is a case in point. 
Easter is the celebration of the day Christ was resurrected from the dead. It may 
be logically assumed that this occurred on one and only one particular day, just as 
the celebration of his birth occurs on Christmas Day (although, similarly, no one 
really knows that this was the actual date of his birth). By the time the Christian 
religion had become an established force within the Roman Empire, however, no 
one knew precisely on what day the Resurrection had taken place. The Council of 
Nicea, convened by Constantine in A.D.325, called for a debate on the matter in 
which various theories were presented. The debate was concluded with the victory 


of one conjectural system over the other. The winning system stated that Easter 
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would be celebrated on the first Sunday after the first full moon after the spring 
equinox, except when the full moon was on a Sunday, in which case it would be 
celebrated on the following Sunday, and this was so that it would not be celebrated 
on the same day as Jewish Passover. 

Over the centuries this conjectural theory regarding the date of Christ's resur- 
rection was buttressed with a system of elaborate calculations for predicting when 
Easter would occur. These calculations were all made with regard to establishing an 
alignment of the synodic lunar cycle of29.5306 days (which resulted in alunar year 
of 354.3672 days) and the solar year of 365.241299 days! Being fortified with such 
elaborate mathematical calculations did not lessen the fact that the system was origi- 
nally-and _ still is-a_ mere speculation of a highly clever but relative nature. Thor- 
oughly embedded in the Julian-Gregorian calendar, the system of determining Eas- 
ter is inseparable from the Gregorian calendar itself, and is one of the chief reasons 
for the resistance to its reform-as witnessed by a reading of the calendar reform 
arguments of the 1930s. The entire system of this calendar, inherited without ques- 
tion from the Caesars of the Roman empire, is actually nothing more than a form of 
self-perpetuation of apriestly hierarchy that includes in its support a host of bank- 
ers, industrialists, and scientists and the elaborate social system that is under their 
control-the  technosphere of global civilization itself. Take away the calendar and 
the entire structure loses its foundation. 

"If the Julian/Gregorian calendar was to be offered as a new device for measur- 
ing time, we, with our present knowledge and state ofliving, would reject it as some- 
thing utterly impracticable, lacking in harmony and order, unbalanced and irregular, 
too clumsy a calendar to make calculations by, while the various sections are not 
comparable."10 

A science or any scientist that unquestioningly follows the Gregorian calendar 
is, in reality, not worthy of the name. What is science? A concern for logic and 
precision of measure, we might answer, as well as standards of measure that utilize 
uniform units of measure in accord with what is being measured. Yes, the year is 
calculated as being 365.241299 days in length, but ifthe annual standard of measure 
that is used is irregular and unscientific, then it avails nothing, and indeed deforms 
the mind leading it down byways that may only end in self-destruction. Thus the 
pursuit of atrue and accurate year in itself may be an illusory pursuit, blinding us to 
the actual nature of time, and leading us away from a genuine understanding of 
ourselves and our role and purpose on this Earth. 

To change and replace the calendar with the thirteen moon standard is to return 


us to our original purpose, leading us back to pathways of harmony and natural 
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health. According to the Law of Time, the damage already inflicted in the time 
humanity last hesitated and lost the chance to alter its timing frequency, forty years 
ago, has been incalculable. The final opportunity to change the calendar and the 
timing frequency is now upon us. Because of this we must be very clear and unshak- 
able in our understanding and determination to expose and eliminate the current 
civil calendar for once and for all. Even apologist David Duncan's unabashedly pro- 
Gregorian book Calendar (1999) concludes with its time line on the date 2012, "Cur- 
rent Mayan Great Cycle will end."Il But will we also end? By 2012, it will be too late 
to change. We must begin to change now. 

In reviewing the quirks and twists of history that constitute the Gregorian calen- 
dar, we must ask: Why do we continue to use such an instrument, and what are its 
effects? Is a calendar something more than a tool for scheduling the payment of 
debts (calends),or is it an instrument of synchronization? The harmony or dishar- 
mony of time is a profound matter rooted in the instrument of time reckoning that 
we use. There can be little question that we live more in atime of chaos than of 
harmony. We may also say in regard to the effect of standards of measure on the 
mind, that the chaos of the time is embedded in the calendar we use. If we are to 
leave this time of chaos and enter atime of harmony, then we must exchange the 
instrument in which the chaos is embedded for an instrument that is the very model 
of harmony-the Thirteen Moon/2 8-Day count. This isthe choice humankind must 
now make. 

The issue of the nature of time, or of the times in which we are living, cannot be 
separated from the issue of the calendar. The very nature of the calendar that the 
world follows has stunted the mind and warped the body's innate timing sensibility, 
reducing the understanding of time to being merely amatter of chronology. "Chro- 
nology is a register or reckoning of successive years, a time scale. It may also be 
described as a system of registering time massively."12Virtually all time reckoning 
has proceeded from astronomical indicators, the major exception being the Maya, 
who actuated from a solely mathematical outlook. Yet with this mathematical out- 
look the Maya devised a chronological method that has never been surpassed, a fact 
attested to by many, including the architects of the Kitt Peak Observatory in Tuc- 
son, Arizona, where a mosaic mural depicting the civilization of the Maya asserts the 
superiority of their calendar over that of the Europeans. 

It is significant that the earlier calendar reform movement, while occasionally 
acknowledging the brilliance of the Maya, made no use of the Mayan knowledge. 
But this was because the time sensibility was restricted to thinking of time solely in 


terms of chronology, or at best asa schedule for keeping good accounts, with little 
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comprehension at all of the synchronic nature or order of time. And since the system 
of chronology was synonymous with the system of control embedded in the Gregorian 
calendar system, the earlier reform movement failed altogether to make any impact 
on the Vatican, much less on the global power structure itself. 

All the thought, action, and good intention put into the years of calendar reform 
notwithstanding, the Gregorian calendar prevailed, and, tragically, not one of the 
proposals or recommendations was ever even considered for adoption by the papal 
authorities who maintain control over the calendar. In the 1930s, the propaganda of 
the Church was aimed at limiting any possibility of reform, for it would not give up 
the succession of the seven-day week. In any perpetual calendar, such as the Thir- 
teen Moon/2 8-Day calendar, the observance of the Day Out of Time is necessary 
for maintaining the harmony of the fifty-two weeks that complete themselves in 364 
days. The continuous succession of the week does not stand in a constant relation 
with the other elements of the calendar and is one of the main causes of confusion in 
the Gregorian calendar. Arguing that such a break as a Day Out of Time, no day of 
the week at all, would plunge the world more deeply into chaos, barbarism, and war, 
the Vatican effectively blocked all effort at reform. The completion of the century of 
total war, capped by the Inevitable Event, roundly refutes this point. It may just as 
easily be argued that because we did not change the calendar, we are now plunged 
into the final barbarism and unholy war. 

When the Vatican IJ Council in 1961 affirmed in its backward and highly re- 
strictive language that it was not opposed to reform, so long as such reform did not 
disrupt the seven-day week and respected the tradition of Easter as a"movable feast," 
the door to reform slammed shut. By this time all the early reformists had literally 
died out and the question of calendar reform appeared to have become one of the 
buried issues of history. 

What the priests of the Catholic Church thought they had buried through an 
auto-da-fe in Izamal, Yucatan, 1562, and overcome through the imposition of the 
Julian-Gregorian calendar over the conquered Maya, returned with the precision of 
prophetic timing in 1987. The publication of The Mayan Factor not only opened the 
door to anew look at the Maya, but also to an understanding of time that was 
anything but chronological A new dimension of time appeared-radial, fractal 
time, the synchronic order. And behind the reassessment of the nature of time was 
the provocative call of Mayan prophecy-the end of the thirteen baktun Long 
Count, 2012. 

The Law of Time defines the human problem as being one of radical and de- 


structive dissynchronization from natural time, resolvable only by areturn to natural 
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| am in favor of a standardized calendar for the whole world, just as 
| am in favor of uniform coinage for all countries, and a supplementary 
artifical language (like Esperanto, for example) for all peoples. 
September 20- October + 
4. Self-xisting Moon 
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10. Planetary Moon 


| have been informed of, and | welcome, the international movement a 
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for calendar reform ...! am always ready to endorse any honest 
movement which will help to unify the peoples of the world. 


—Mahatma Gandhi 
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time through the perfect and perpetual harmony of the Thirteen Moon calendar. 
With the analysis of the Law of Time, there is an even greater urgency and a more 
profound certainty. Reform is not only insufficient but also impossible. If the calen- 
dar is not changed within the next decade, it will be the end of civilization as we 
know it. There is agenuine and legitimate need to bring the issue of calendar reform 
into the public eye once again. 

Yes, to change the calendar involves a frequency shift. The collapse of the 
technosphere will dispose the human mind to rethink its options. It may even reori- 
ent the human mind to aconsideration of the biosphere as being the greater vehicle 
in which we, as humans, are being carried. Such a massive change in attitude, a mind 
shift and a paradigm shift, may arouse in the human breast a spiritual reawakening as 
well. Harmony is spirituality. By changing the calendar, humanity can know it has 
turned a page of destiny-an act that may cause it to appreciate what has already 


been written in a book it had not been inclined to study, the Holy Quran: 


God is the One who raised the heavens without pillars that you can see, then as- 
sumed all authority. He committed the sun and the moon, each running in its orbit 
for a predetermined period. He controls all things, and explains the revelations that 
you may attain certainty about meeting your Lord. He is the One who constructed 
the earth and placed on it mountains and rivers. And from the different kinds of 
fruits, He made them into pairs-males and females. The night overtakes the day. 


These are solid proofs for people who think. (13:2-3) 


In this passage we can find ample evidence of the formal order of the Law of 
Time and the biosphere-solid proofs. As for the "people who think,” do they not 


then constitute the noosphere? 
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Humans—Noospheric Chips: 
Consciousness and Reality Redefined 


"And conquered by the sense of the earth and 
human — sense, hatred and internecine _ st'ruggles will 
have disappeared in the ever-warmer radiance of 
Omega. Some SO17:of unanimity will reign over 
the entire mass of the noosphere. The final conver- 
gence will take place in peace. n 
—PIERRETEILHARD DE CHARDIN, 
THE PHENOMENON OF MAN! 


Once begun, the exhaustion of the technosphere is irreversible. The exponential 
growth curves of money, machine production, energy output, and population in- 
crease come to aclimax. By 2004 the humans will be at another major crossroads: to 
go wholeheartedly into the harmony of the noosphere, or to suffer the rest of their 
decline in an ignominious twilight of terrorism, barbarism, and cultural anarchy. By 
2004 the humans will have their last opportunity to change their macro-organizing 

principle. By relinquishing the artificial time held in place by the old calendar and 
becoming unified in time under a calendar that is a perfect harmony, humans will 
enact the coming of the noosphere. Only harmony will bring harmony; only harmony 
will cancel the errors of history, a manifest disharmony. Only an act of harmony can 
manifest the noosphere. Only this time-changing act, consciously carried forward 


by a significantly roused number of humans, will create a mental field so positive and 
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constructive as to engender the radical break that leads to an entirely new cycle of 
existence of the life on Earth: the noosphere. Entrance into the noosphere of har- 
monic time through the calendar change will be much like going from a black-and- 

white movie to one in Technicolor. The difference between the new time and the 
old time is literally like the difference between Heaven and Hell. 

September 11, 2001: the Twin Towers collapse, creating a rupture in the 
technosphere. Everything comes to a halt. The New York Stock Exchange is closed 
for four days-a_ virtually unprecedented event. All commercial airline traffic in America 
is halted for two days. Even the United Nations postpones the opening of its fifty-sixth 
General Assembly by three weeks. Six weeks after September 11 anew, sinister form of 
war is engulfing the technosphere. The Americans assert the right to mercilessly bomb 
Mghanistan in self-defense. The response of war is the final self-destructive impulse of 
the techno sphere to protect itself, but this will only widen the effects of the suicidal 
blow it has already sustained. The war will only make definite that it is the last climax 
of the biogeochemical combustion engendered by the pursuit of an error in time. 

The rupture in the technosphere is the break in artificial time, and therefore 
amounts to the opening of anoospheric fissure-an  inrush of cosmic consciousness 
and a moment of simultaneously heightened natural time. When the towers col- 
lapsed, belief systems shattered. Because it was viewed on global television, it was an 
event witnessed by all humanity and it entered through the optical cortex into the 
brain, arousing potent images from the subconscious. This is a noospheric act be- 
cause it is the entire mind of the whole species that receives this single image in one 
simultaneous moment. In that shattering image, however unconscious, the noosphere 
immediately entered the field of human consciousness, much as a leak in a boat 
allows water to come rushing in. From the perspective of the noosphere, the 
technosphere is a medium of transformation — resulting from the pursuit of a dis- 
torted perception of time. With the destruction of the Twin Towers, the transforma- 


tion is complete; following the war, the technosphere can be creatively dismantled. 


THE NOOSPHERE: RAINBOW BRAIN OF TIMESHIP EARTH 


What is the noosphere? Can we define the noosphere more precisely so that it is a 
less nebulous term? Can we make the noosphere concrete enough so that it may be 
understood and accepted as the coming new way of ahigher level of everyday nor- 
malcy? First of all, let us say that the noosphere has existed as long as life has existed 
on this Earth. In this sense, the noosphere is the sum of the mental interactions of all 


life. The mental interactions, or field of mind, exist as a great unconscious medium, 
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inseparable from the Law of Time. That is, if all life and the phenomenal world of 
the biospheric medium are synchronized by the Law of Time, then the programs of 
the organization oflife, from the periodic tables to the DNA code, will also be syn- 
chronized by and embedded in the mathematics of the Law of Time. Being a func- 
tion of the whole system of the Earth and integral to the functioning of the bio- 
sphere as an interplay of cycles in which organic and inorganic interact with a set 
order of chemical transmutations, the noosphere must also be the mental coordinat- 
ing field or program of this complex of vital interactions. It must, therefore, be a 
characteristic of biospheric evolution that the noosphere remains unconscious — until 
a significant moment is reached-the climax of the cycle of biogeochemical com- 
bustion, the enactment of the biosphere-noosphere transition. 

As the Earth's mental field, it must be an act of collective self-reflection that arouses 
the noosphere into functioning consciousness. By its definition asthe mental envelope 
of the Earth, the noosphere can come into conscious manifestation only through an 
act of collective self-reflection, such as the proposed calendar change. Also, as the 
mental envelope of the Earth that is above and discontinuous with the biosphere, the 
noosphere-mind sphere--can mean only one thing: the advent of universal telepathy 
among the humans. The Internet can be seen as a third-dimensional — reflection of the 
noosphere, aform of electronic proto-telepathy. But, ironically, as long as the humans 
hold on to the Internet, they cannot experience the true evolutionary potential of 
genuine universal telepathy. The point is that telepathy can only function in a field of 
reality that is synchronized by the natural 13:20 timing frequency. Time and telepathy 
are mutually defining factors dependent on unity of thought. The humans have cho- 
sen apath of disunity, so that their calendar programs clash and are at odds with each 
other and with natural time. This maintains the technosphere, destroys the biosphere, 
and keeps the noosphere in the unconscious. But now, with the Inevitable Event, the 
break has occurred and the shattering of the Dreamspell of History has begun. The 
noosphere's rainbow brain leaks back into human consciousness. 

The rainbow brain of the noosphere-what is that? As the mental envelope of 
the Earth, the noosphere possesses a structure ordained by the Law of Time and 
congruent with the structure of the whole Earth. Within the noosphere are to be 
found the evolutionary control panel or programs, defined as the psi bank-the me- 
dium of information storage and retrieval for all the mental programs. The noosphere 
is the field of planetary consciousness in which humans are intended to participate 
and complete their evolution. However, operating by artificial time is like looking 
through a glass darkly. This being so, there is no noosphere to see. Humans __ gener- 


ally experience consciousness through the chinks in their sensory prism, conditioned 
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by separatist beliefs, making it most difficult to attain a perception or experience the 
field of consciousness as coextensive with the Earth. Indeed, if the biosphere is the 
region on Earth for the transformation of cosmic energies, the noosphere is that re- 
gion of the Earth for the reflection of cosmic consciousness and its mental programs. 
Seen through the lens of universal synchronized time, the humans accommodating _ to 
asingle instrument of time measurement are inherently sharing asingle thought form. 
It is that act of self-reflective convergence that makes the noosphere conscious and 
draws it toward the resplendent omega point of2012 and beyond. 

As with all the other geochemical structures and processes of the Earth that are 
planetary in nature, the noosphere, the rainbow brain of Earth, actually has a coher- 
ence and an order that we may define in a precise way. In so doing we shall redefine the 
nature of human reality and the human being itself. We must enlarge our lens of 
perception to encompass the whole Earth as a single being. In relation to this single 
being of the Earth, the individual human is hardly even a speck. The dimensions and 
proportions by which we commonly measure reality must also expand to accommo- 
date the vast dimensions of the Earth as asingle entity, aplanetary geocosm within the 
solar field, the heliosphere. Since the sun is also astar, the heliosphere is afunction and 
member of the galactic order of being. As the mental "thinking sphere" of this planetary 
being, Earth, the noosphere is above and discontinuous with the biosphere, the hydro- 
sphere, and the atmosphere. It is contained by and functions within the vast invisible 
electromagnetic field of the Earth. Though the ionosphere is the lowest level of the 
electromagnetic field system of the Earth, the main structures of this field are the two 
radiation belts located 2,000 and 11,000 miles above the Earth. It is within the two 


radiation belts that the control panels of the noosphere are to be found-the psi bank. 


KIN: BIPOLAR BASE MEASURE OF THE 13:20 MATRIX 


"And He is the One who created the night and 


the day, and the sun and the moon; each 
floating in its own orbit. » 


-QuRAN,21:33 


In the simplest aspect of our daily experience of time on Earth we have the full play of 
the law of alternation-day-night, sun-moon, north-south. Because we know the bi- 
polar nature of the Earth, dividing it into two geomagnetic fields, north polar and 
south polar, we can then define the complementary bipolar field of time, which divides 


the cycle of the Earth as it makes one rotation on its axis into one day and night. This 
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entire unit, day and night, is defined as akin, the base unit of synchronic time measure- 
ment. From the perspective of the noosphere, day and night are a function of the two 
alternators-day alternator and night alternator-that operate as the phasic motion of 
the rainbow brain of the noosphere working in tandem with the electromagnetic field. 
The two phasic alternators regulate the activation of photons (day) and the regenera- 


tion of photons (night) within the entirety of the life process of the biosphere. 


THE NOOSPHERIC FOURFOLD/EIGHT-PART STRUCTURE 


"He created the heavens and the earth truth- 
fully. He rolls the night over the day and the 
day over the night. He committed the sun and 
the moon, each running for afinite period. 
Absolutely he is the Almighty, the Forgiving." 
-QURAN, 39:5 


"We rendered the night and the day two 
signs. We made the night dark and the day 
lighted, that you may seek provisions from 
your Lord therein. This also establishes for you 
a timing system, and the means of calcula- 
tion. We thus explain everything in detail. » 
-17:12 


Since the two alternators are also in interplay with the bipolar magnetic fields of the 
Earth, a four-part process is revealed that is magnetically distributed as an overall 
eight-part structure. The unit of one kin divides the rotational cycle of the Earth in 
its orbit into four distinct phases daily and annually. The four daily points are de- 
fined by: the dawn, when the part of Earth you are in first experiences the solar 
photonic activation; the high noon (zenith), when the part of Earth you are in is in 
closest direct relation to the sun; the twilight, when the photonic activation ceases 
and the sun disappears from view; and midnight (nadir), the point at which the point 
of Earth you are on has rotated to its farthest distance from the sun, the height of the 
cycle of photonic regeneration. This daily process is mimicked in the four points of 
equinox and solstice, where for either hemisphere the equinoxes are the same as the 
points of dawn and twilight and the solstices correspond either to high noon or to 


midnight. Because of the magnetic polarity of the Earth, the four-part process is 
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Psi Bank—Four Bipolar Plates Accommodating NET Time 
Autoregulatory System of the Noosphere 
(from Earth Ascending, Map 1) 


simultaneously experienced in opposite phases, that is, winter in the North is summer 
in the South-hence the four-phased process yields a bipolar eight-fold — structure. 
This four-part day-night seasonal process defines the structure of the four psi bank 
plates, which also coordinate the four-year cycles of the Earth. The psi bank plates, the 
"nervous system" and control panel of the noosphere, are acomplete function of the 
13:20 timing frequency and thus participate in the systematic regularity of the fourth- 
dimensional synchronic order. This means that the psi bank is the registration within 
the Earth's magnetic field of the 13:20 timing matrix by which all life and the planetary 
evolutionary process as awhole are regulated. Simulating the four-part process of the 
Earth rotating on its axis in time, four stages per day, four seasons per year, in four-year 
cycles-not to mention the four phases of the moon-four psi bank plates accommo- 


dating the bipolar field yield eight 260-unit 13:20 frequency information matrices. 
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That is, each of the four psi bank plates conforms to amirror symmetry of the bipolar- 
ity of the Earth's magnetic field. Each plate is divided by mirror symmetry into a 260- 
unit Northern and a 260-unit Southern hemispheric half, for a total of two bipolar 
matrices and 520 units per plate, or 2,080 (520 x4) units in all. These units are referred 
to aspsi chrono units or time-bearing information units. The information for the different 
sequences of the Earth's biogeochemical evolutionary processes is all regulated by these 
time-bearing information units. 

We have to understand that through the medium of universal cosmic time the 
Earth, the Sun, and every star, constellation, and galaxy is coordinated in this way by 
the synchronic 13:20 frequency of time. It isthe 13:20 frequency that establishes holon- 
omic consistency in time throughout the universe. The Earth's noosphere isalens of 
time. All cosmic information is focused through this lens. It is this noospheric lens 
of time that makes Earth into a geocosmic thought form. 

The noospheric lens of time and mind has been operating ceaselessly-but un- 
consciously-since the beginning of the evolution of the Earth. Since the noosphere 
is a function of the universal synchronic timing frequency, its conscious activation 
must also come about through asuperior mental coordination with this correct syn- 
chronizing timing frequency. The psi bank 13:20 frequency is consciously activated 
and registered at the human level by the mental engagement of the 13:20 matrix as 
enacted through the 260-day cycle. The interaction of the 260-day galactic cycle 
with the 365-day solar biotelepathic cycle defines one noospheric year, or one solar- 
galactic cycle of fifty-two human years (= fifty-two 365-day solar orbits = seventy- 
three 260-day galactic cycles). This great noospheric coordination of fifty-two solar 
orbits with seventy-three galactic cycles is fractally present in a single solar orbit, 
where fifty-two 7-day weeks =seventy-three 5-day cycles known as chromatics. What 
is important in coming to understand the noosphere as Earth's geocosmic time lens 
and rainbow brain, is that we must change our perspective altogether from anthro- 


pocentric to noospherocentric, and in this way evolve into Homo noosphericus. 


THE CYCLES OF NET TIME 


For the noosphere, the rainbow brain of planet Earth, time is different-it is slower 
and longer. From the noosphere's point of view, what we call a year is a solar orbit. 
What we call a day is a single rotation of the Earth on its axis. The cycles of the 
moon are the lunar phasings that calibrate the synchronization of the Earth in time. 
The Earth is not aspaceship. The Earth is aTimeship. As aTimeship, the Earth is 


afunction of the master synchronization frequency that coordinates and moves it in 
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time through ever greater circles of inclusiveness and syntropic integration. Seen 
through the noospheric lens of time, the technosphere is ahighly exaggerated accel- 
eration of the biogeochemical continuum through highly artificial and resource- 
depleting means-it is but asmoking bubble whose fragile struts and frets are laced 
together by transport and communication systems that yield a cacophony rather 
than a harmony. And for this reason, the disharmony of the bubble ultimately ex- 
plodes upon itself, releasing Earth from the prison of false time into the fresh air of 
real time and the advance into the geocosmic splendor of the noosphere. Synchro- 
nized with the galactic cycles, the noospheric mind of the whole Earth is reckoned 
far differently from the artificial units of measure that condition the anthropocentric 
notions of time evolved in the era of Homo historicus. 

Here is how the fourfold process of Earth in time is reckoned by the noosphere. 
Please note that in Noospheric Earth Time (NET), time is universal synchroniza- 


tion. At any given moment, it is always the same noospheric moment in time on 








Table of Noospheric Earth Time Units 





1. One Noospheric Earth minute =1day-and-night rotation of Earth on its axis =1 kin. 


2. Twenty-eight Noospheric Earth minutes =1Noospheric Earth hour =one moon of 28 


kin. where every 7-day week =1/4Noospheric Earth hour =7 kin. 


3. Thirteen Noospheric Earth hours (moons) ={Noospheric Earth day = 365 kin (days) = 1 
solar orbit. or 1human year (=13NET hours x 28 minutes + 1 NET minute, "Day Out of 


Time:’) 


4. Four Noospheric Earth days = 1Noospheric Earth week =4 solar orbits (years) = 1,460 
kin (days). 





5. Three Noospheric Earth weeks plus 1 Noospheric Earth day =1Noospheric Earth 


season = 13solar orbits or 13human years. 


6. Four Noospheric Earth seasons =1Noospheric Earth year =52 solar orbits (52 human 


years) = 73 260-day galactic cycles =18,980kin (days). 


7. Five Noospheric Earth years =1Noospheric time chord =260 solar orbits. 

8. Twenty Noospheric time chords =Vs Noospheric evolutionary subcycle =5,200 solar 
orbits =1Noospheric Century of 100 Noospheric Earth years. 

9. Five Noospheric evolutionary subcycles =1 galactic evolutionary day =26,000 solar 
orbits =5 Noospheric Earth centuries or 500 Noospheric Earth years of 52 solar orbits 
each. 


fe 
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Earth. Whether that moment is experienced on the night or day side of the Earth, 
that moment is simultaneous and encompasses both sides of the Earth at once. This 
is true not only because time is the factor of synchronization- T(E) =Art, where art 
is the result of any synchronization-but also because the velocity of time is infi- 
nitely instantaneous. By thinking that the Earth really does conform to the 24 hours 
of the clock, the humans have retarded their time sensibility, and consequently their 
artificial processes have become increasingly artless. In considering the N oospheric 
Time measurements, remember that as ahuman you are but acell in the biospheric 
organism-or, as we shall see, achip of the noospheric rainbow brain. 

As the measure of the mind of the Earth, the N oospheric Earth Time (NET) 
reckoning units coordinate consciousness as aplanetary, or, more accurately, a solar- 
planetary phenomenon. For instance, if one NET day is asingle 365-day solar orbit 
of the Earth, dawn of the noospheric Earth day is experienced as the spring equinox, 
but the noosphere is bipolar. So the dawn is also simultaneously the autumn equinox 
or twilight of the other polar magnetic half of the Earth. To fully engage and grasp 
such a thought is to expand the limits of consciousness. Like dolphins who never 
sleep but only rest half of their brain at atime, so it is with the rainbow brain of the 
noosphere. Such consciousness has nothing to do with the workings of the everyday 
egoistic human consciousness, which can understand things only according to a lim- 
ited frame of reference defined by its own limited and highly conditioned ego needs. 
The geocosmic consciousness of the noosphere can be apprehended only as a single 
telepathic unity in and by which all members of any given species or organism are 
organized. To consider that the noosphere itself could become the organizing _ prin- 
ciple of the human species as a whole is to engage in conscious mental evolution. 

Small aboriginal prehistoric bands of humans experience an unconscious level of 
this geocosmic noospheric mind. Dolphins, other mammals, and all animal species 
experience this noospheric mind. Even trees and crystals are organized _ by this 
noospheric mind of time. 

Homo historicus, however, slowly but inexorably cut himself off from the noospheric 
mind of time by substituting erroneous instruments of measure, or instruments of 
measure that were incomplete in relation to the noospheric time cycles. The result 
was the exponential surge in biogeochemical combustion that characterized the final 
baktun cycle, culminating in the fifty-six-year blister of artificial time, the techno- 
sphere. The fact that the time blister popped eleven years before the end of the cycle 
of Homo historicus, 2012, means that Homo noosphericus is ready to emerge from the 
shattered cocoon of false time. Liberated from artificial time and from the technosphere 


itself, and enrolled in the natural time of telepathy, the human will experience 
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noospheric organization into psychic biomes. Through the psychic biomes-collec- 
tives of communities coordinating their bioregional network according to the struc- 
ture of the "thought moments" of noospheric time-the human will fully evolve the 


Earth as aplanet with solar-galactic consciousness. 


ELECTROMAGNETIC WORKINGS OF THE EARTH'S RAINBOW _ BRAIN 


What we call the cycles of time are the thought moments of the Earth. These thought 
moments coordinate the complex orders of Timeship Earth, understood as a whole 
system. Because the operating mechanism of the noosphere that governs the Earth's 
cyclic thought moments is inseparable from the general structure and functions of 
the electromagnetic field in which it is located, we may refer to arainbow brain of the 
noosphere. Why is this so? 

Let us return to the structure of the noosphere, Earth's mind in time. Consisting 
of the four bipolar psi bank plates, these four synchronic time plates are located 
between the two radiation belts, that is to say between 11,000 and 2,000 miles above 
the biospheric surface of the Earth. With the location of its information time-bearing 
mechanism between the radiation belts, the noosphere must by necessity operate in 
tandem with the electromagnetic field as it is regulated by these two master radia- 
tion belts. What do these belts do? They emanate Earth's electromagnetic aura, and 
function as a protective shield around the Earth. They do this by trapping  solar- 
cosmic radiation, keeping much of it from hitting the biosphere directly, channeling 
it instead through the Earth's magnetic poles into the Earth's core. 

In the polar regions excess cosmic radiation, including electrically charged plas- 
mas and solar discharges from coronal mass ejections, is released into the atmo- 
sphere as the auroras-aurora borealis (or northern lights) in the North, and aurora 
australis (or southern lights) in the South. The increased solar activity during the 
most recent and current sunspot cycles has enhanced and extended the auroral activ- 
ity in recent years far beyond the polar zones. In addition, since 1987 great influxes 
of plasma into the solar system have intensified the incidence of spectral plasmic 
activity within the atmosphere itself. This amounts to an increase in rainbows, halos 
around the sun, and brilliantly colored clouds. While these phenomena may be ex- 
plained to a certain degree as meteorological effects (the angle of the sun's rays, 
moisture in the atmosphere, and so on), is there more to arainbow than meteoro- 
logical side effects? And what relation is there between the noosphere, the electro- 
magnetic field, and the increased plasmic-rainbow activity? 


Again, seen from the perspective of whole Earth, the rainbows and spectral plas- 
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mic effects, including the auroras, are the free energy released by the noosphere. 
Rainbows are to the noosphere what toxic waste is to the technosphere. The noosphere 
itself implies a mental field that is interacting with the electromagnetic field. The 
Earth's electromagnetic field is actually the strongest of all the planets in the solar 
system. The only other planet that has afield approaching the strength of the Earth's 
field is Uranus. If the Earth's electromagnetic field is the strongest, is this an indication 
of the strength of the noosphere as well? If the rainbows, auroras, and other spectral 
plasmic activity are a demonstration of the free energy released due to the interac- 
tion of the noosphere and electromagnetic fields, and the noosphere is the mental 
envelope of the planet, inclusive of the as-yet-to-be-unified mind of the human spe- 
cies, what forms of free energy might be released if the human mental field were 
operating as asingle unity in the correct timing frequency? 

One other mechanism crucial to the entire system of noosphere and electro- 
magnetic fields is the crystal core at the center of the Earth. In the 1970s Russian 
scientists put forth the idea that the Earth is crystalline in nature, an idea that ex- 
tended Plato's notion of the Earth as a dodecahedron, one of the five "platonic  sol- 
ids." The idea was that the Earth's surface was held together by a field of resonance 
that corresponds to the crystal resonance of certain geometrical solids. R. Buckminster 
Fuller also gave play to this notion in his description of "spaceship earth." Then in 
the 1980s American  seismologists confirmed that the core of the Earth is actually a 
gigantic iron crystal structure in the shape of an octahedron, elongated at its ends, 
which point to the North and South Poles. 

From the point of view of fourth-dimensional time, the planet Earth is another 
manifestation of space as an infinitely locatable point, an orbiting body upon which 
all the vectoral programs of cosmic time may be unfolded. Understood as a Timeship, 
the Earth's structure is constructed to facilitate its travel in time on aparticular route 
in space in conformity with its relation to the local star, the sun, to the other planets 
of the solar system or heliosphere, and in synchronization with the universal timing 
constant 13:20, which maintains the Earth in the synchronic order. The role of the 
magnetic octahedral crystal core is to function as the bipolar oscillator and crystal 
transducer whose purpose is to maintain the Earth in the synchronic order of the 
13:20 timing frequency. Thus, if the Earth's noosphere contains the 13:20 timing 
programs of the psi bank, and the crystal bipolar oscillator is meant to maintain the 
Earth's space body in the synchronic order, obviously there is a resonant relation be- 
tween the crystal core and the noospheric-electromagnetic field programs. 

The transductive properties of the crystal allow it to transform energy from one 


state to another. The crystal core also stores electronic plasmas that travel to it from the 


Humans-Noospheric Chips. 


133 


134. 


Earth's poles through an electromagnetic flux tube system. Within the crystalline core, 
the electronic plasmas are transduced into information. This is the information of time 
understood ascosmically transmitted thought forms. These plasmic thought forms con- 
form to programs already established in the psi bank of the noosphere. These are the 
Earth's thought forms, the cycles of the Earth's brain waves, as it were, that allow it to 
maintain its biospheric programs and to evolve its mental field, the noosphere. The very 
descriptions of the Noospheric Earth Time (NET), and of time itself as a synchronous 
instantaneity inseparabJe from telepathy, are examples of the Earth's thought forms trans- 
duced through ahuman biocomputer and then transmitted into a form of human _lan- 
guage for the purpose of communication. Keeping this description of the noospheric 


brain in mind, let us return to our analysis of the biosphere-noosphere transition. 


MAKING THE NOOSPHERIC LEAP: TRANSFORMATION OF HUMANS 
INTO NOOSPHERIC CHIPS 


The transition to the noosphere is experienced by Earth as acrisis because its systems 
are stressed. Since the Earth functions as awhole system, stress on one component of 
the system actually stresses the whole order. Let us review the cumulative stress points. 
Human 12:60 electromagnetic activity has perturbed and distorted the electromag- 
netic field. The release of free energy due to geochemical combustion adds to this 
stressful distortion through the depletion of ozone in the ionosphere and global warm- 
ing. The radioactivity released into the atmosphere adversely affects the resonant field 
of the DNA, already driven by the 12:60 frequency to accelerate the multiplication 
and propagation of the human biomass throughout the biosphere. Through _ its artifi- 
cial means, the machine, the human further upsets the inherent balance maintained by 
the pressure that the species exert upon each other, resulting in mass species extinction. 

Yet all this is according to an evolutionary program that is intended to bring 
about an ultimate crisis by which the biosphere snaps into becoming the noosphere. 
Clearly, if the root of this crisis is the deviation of the dominant species operating 
according to an artificial timing mechanism at odds with the universal timing fre- 
quency, then the stabilization of the transition to the noosphere will come about 
through the dominant species consciously "returning" to the correct timing §fre- 
quency. This it can only do by adhering to a macro-organizing program that puts 
the human species completely in the 13:20 frequency. 

If the whole system analysis seeks to locate the flaw in the operation of Times hip 
Earth, then we must finally declare that this flaw is the human civilization in its 


entirety, as it is maintained by erroneous and artificial timing constructs. Since the 
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noosphere, the mind of time on Earth, defines the next evolutionary cycle, and be- 
cause the humans are following acourse dictated by being in the wrong time, calen- 
dar reform is the eye of the needle through which humanity must pass in order to get 
to the noosphere. Only by fully manifesting the noosphere’ will the Timeship Earth 
be truly put back on course once again. The noosphere is the program of time on 
Earth. Time is all that the noosphere has to give us. In consideration that the artifi- 
cial time of the technosphere has fundamentally run out, the noospheric time should 
be a welcome gift. 

Science is always absolutely precise. It is not just calendar reform that is the eye of 
the needle through which to pass into the noosphere-it is the Thirteen Moon/28- 
Day calendar calibrated by the 260-day Wizard's Count, synchronized to the Gregorian 
calendar date, July 26, that provides the exact ticket of admission into the noosphere. 
And then this ticket must be used at just the right moment-when the show is ready to 
begin. To use another metaphor, there is a lock on the door to the noosphere, and 
there is only one key that will fit and unlock this noospheric gate. That key is the 
Thirteen Moon/28-Day calendar, correlated to July 26 on the Gregorian calendar. It 
is the precisely applied use of this Thirteen Moon/28-Day calendar that will make 
each human a noospheric chip of the rainbow brain. This is because the Thirteen 
Moon/28-Day — calendar is the key with the precise design for not only opening but 
also for continuing to operate the noosphere through a matching of the everyday 
frequency of time with the frequency of the noospheric control panel, the psi bank. 

It is because the daily program of the Thirteen Moon/28-Day calendar is em- 
bedded in the 13:20 frequency that the consciousness of the humans will finally 
change and rise above the stunted level by which it is currently maintained in the 
artificial world of the technosphere. Time is of the mind, and the natural time regis- 
tered by the Thirteen Moon/2 8-Day calendar is the opening to the geocosmic mind 
of the universe, which adherence to artificial time has kept the human from experi- 
encing. The noosphere is the fractal lens of this geocosmic mind on Earth. Since the 
geocosmic mind is purely a function of the Law of Time-energy factored by time 
equals art, where the 13:20 synchronizing ratio of time is characterized by infinitely 
instantaneous _ velocity-then the fundamental nature of this mind is telepathy. 

The Thirteen Moon/28-Day — calendar is, therefore, the perfectly designed in- 
strument to make the noospheric leap into telepathy, the planetization of conscious- 
ness that establishes the daily reality of the noospheric mind. Since the noospheric 
mind interacts with the electromagnetic field, and because the ratios and cycles of 
the Thirteen Moon/28-Day calendar conform to the fractals and ratios of the NET, 


by using this calendar the human becomes transformed into anoospheric chip. The 
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fractals and ratios of NET become the normative operating cycles of the human in 
its daily reality. This accounts for an increasing noospheric synchronization — that 
allows the noospheric chip to attain its purpose: generating the Earth's rainbow aura. 
If the free energy of rainbows is to the noosphere what the free energy of toxic waste 
is to the technosphere, then the generation of the rainbow implies a type of activity 
on the part of the human to produce such free energy. To understand what this 
activity might be and how it works, we must first understand the morphic and 
holonomic relation between the human noospheric chip-Homo noosphericus-and 
the structure of the noosphere itself as it is programmed into the geocosmic measure 
of the Thirteen Moon/28-Day calendar. 


HUMAN BEINGS AS FRACTAL REFLECTORS OF THE 13:20 MATRIX 


From the noospheric perspective, the prototype human isan embodiment of the 13:20 
synchronization factor. The human has four limbs. Each of the four extremities has 
five digits, for a total of twenty fingers and toes that distinguish the human's opera- 
tional capacity. The four limbs conform to the fourfold phasic operation ofNoospheric 
Earth Time, while the twenty digits conform to the 20 (4x5) factor of the 13:20 ratio. 
The human also has thirteen main joints or articulations: two ankles, two knees, two 
hips, two wrists, two elbows, and two shoulders; these six pairs coordinate the four 
extremities with the body, while the thirteenth articulation, the neck and spinal col- 
umn, coordinates the body proper. These thirteen main articulations plus the twenty 
digits of the hand and feet conspire to make the human the perfect exemplar of 13:20 
timing frequency, that is, a perfect model of synchronization _ itself. 

Add to this the fact that the human has a highly evolved and refined brain and 
nervous system that is maintained and expressed by the skeletal structure of the 
thirteen joints of the body and limbs, completed by the sensitive mechanism of the 
twenty digits, and we see that the human is the perfect biocomputer for processing 
the information of the instantaneously telepathic geocosmic mind. The means to 
process the geocosmic information, and also the means by which the human is trans- 
formed into the noospheric chip, is found in matching its factors of daily synchroni- 
zation and intelligence with those of the psi bank, the noospheric control panel. 
This is called harmonic arrangement of the synchronic — order. 

Of course, this description of generalized structure, activity, and interaction of the 
Homo noosphericus with the noosphere as such presupposes an entire reorientation of 
the goals and methods of being human. Such a reorientation of the human is also a 


function of making the radical change from the erroneous measure of the twelve- 
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month Gregorian calendar, in which are embedded ll of the Babylonian programs of 
history, to the perfect history-less harmony of the Thirteen Moon/28-Day _ calendar- 
the mere change of calendars encompasses amental frequency shift. The readiness to 
make this change depends on the degree of moral revulsion the human _ experiences 
during the collapse of the technosphere. This moral revulsion would then correspond 
to aturning in the deepest seat of consciousness, which would then dispose the human 
intelligence to aconsideration of the untried solution-change the calendar! 

The Thirteen Moon calendar is the NET instrument for daily synchronization 
and unification of the human species as a single organism in time. Once adopted to 
the correct measure of this instrument, the human will de facto trigger the noosphere 
as an operating system of absolutely higher consciousness and mental order. In fact, 


the purpose of human evolution is precisely to become the ignition of the noosphere, 
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and thence to become normalized as the noospheric chips that maintain the opera- 
tions of the noosphere. As atruly planetized being and consciousness, Homo noospher- 
icus will engage in an order and type of reflective activity undreamed of in the 
technospheric era that is now passing. 

First, by adapting to the daily NET timing instrument, the humans will be uti- 
lizing a"calendar" that correlates both a 365-day solar biotelepathic cycle and a 260- 
day galactic synchronization cycle. When the lunar phases are added to the interac- 
tion of these two cycles, then the human is able to enjoy the harmonic richness of 
time-the noosphere. The synchronizing and interactive measures of the counts of 
the solar and galactic cycles yield multiple levels of harmonic orders of time (Earth's 
"thought moments") that will activate aspects and levels of consciousness _ hitherto 
dormant in the human mind. The very mental act of replacing the order of twelve by 
the order of thirteen is aprofound one. How is this so? Could it be that the whole of 
civilized history itself is based on the fear of the number thirteen-triskaidekaphobia, 
epitomized in the superstition about Friday the thirteenth-and that, therefore, deal- 
ing with the true nature of time has been avoided altogether?2 

Currently humans operate by a world standard whose measure includes: seven- 
day weeks, inclusive of the notions of the 5-day work week and the 2-day weekend; 
an irregular distribution of twelve months of either thirty-one, thirty, or, in one 
instance, twenty-eight days; all set within alonger annual cycle that concludes with 
its visionless moment of New Year's Eve. Many Gregorian calendars will include the 
phases of the moon, but because the months differ in length there is no way in these 
calendars of seeing how the phases of the moon might be synchronized with the 
measure of Earth's orbit around the sun, nor is there any reason to consider that the 
uneven measure of twelve months has anything intrinsically to do with the solar 
orbit. Within the twelve-month — structure of the Gregorian calendar, weeks, months, 
and phases of the moon all appear to be haphazard and arbitrary. Such a disorderly 
order can only bode an undercurrent of uncertainty and fear for the human mind. 

By contrast, in the measure of the thirteen moons of twenty-eight days each, the 
13 corresponds both to a 13-day cycle and to the cycle of the number of months 
(moons) per year. The measure of the 7-day week (aNET quarter hour) becomes an 
orderly harmonic: four perfect weeks occurring each moon, fifty-two perfect weeks 
each year, each week always beginning and ending on the same day of the week, 
week after week, year after year, while in fact every day of every moon occurs on the 
same day of the week, year after year. The effect of such aharmonic regularity on the 
human mind is incalculable. This is what is meant by a perpetual calendar. And to 


maintain this perfect regularity, the 365th day of every year (solar orbit), is no day of 
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the week at all, but a Day Out of Time, a day for the human to be refreshed in utter 
timelessness. 

Realizing that a day is actually akin or one NET minute, the measure of one 
rotation of Earth on its axis, a 4-day cycle of four NET minutes constitutes a har- 
monic, a 5-day cycle constitutes achromatic, while the 13-day cycle corresponds to 
one wavespell, the time constant that accommodates the measure of thirteen. Hence, 
a wavespell can be either thirteen days, thirteen weeks, thirteen moons, _ thirteen 
years, or so forth. The point is that by making the change of calendars the founda- 
tions of the mind organized in time are irrevocably altered. From the noospheric 
perspective, there is nothing arbitrary about the laws of nature. The same lack of 
arbitrariness should be reflected in the instruments that we use to measure time. By 
adapting to the Thirteen Moon/2 8-Day measure, the humans are adapting to a mea- 
sure in which there is nothing arbitrary because it is a pure expression of the Law of 
Time. Thirteen is not at all a harbinger of bad luck, but the gateway to harmony in 
time! And it is by using this thirteen-based harmonic instrument of measure that the 
human is realized as anoospheric chip, afractal of the noospheric mind, the mind of 


time on Earth. 


NOOSPHERIC CHIPS: WIZARDS OF GALACTIC TIME 


In the noospheric construction of the operating mechanism of the Timeship, — the 
human is avital link, providing the biotelepathic medium for the synchronization of 
the geocosmic mind on Earth. If we look again at the structure of the noosphere, the 
components include: the crystal core bipolar oscillator, packed with Technicolor time 
beams and cosmic thought moments, waiting to be self-reflectively realized; the hu- 
man noospheric chip, the representative of the biosphere to mentally engage the 
timing cycles of the NET; the electromagnetic field, which provides the medium of 
expression between the biospheric order, the human, and the noospheric mind of 
time; and the noosphere itself, the mind of time on Earth, whose articulation through 
the psi bank control panels and through the Earth's resonant field structure yields an 
enlarged measure of Earth consciousness, Noospheric Earth Time itself. In expand- 
ing our minds into the noosphere we will understand that what lives is the Earth and 
the Earth lives through us. 

As anoospheric chip, the human is a fractal reflector of the 13:20 timing fre- 
quency. Midway between the bipolar oscillator and the noospheric psi bank plates, 
the human noospheric chip is designed to receive, transduce, and transmit  pro- 


grams from the crystal core by synchronizing these programs with the psi bank. 
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Three resonators establish the gravitational, electromagnetic, and biopsychic fields 
held in place by the crystal core, the bipolar oscillator. 


Two poles extend the bipolar field of Earth, which, guided by the day-night alternators, 
create the four-phasic noospheric field model. 


Four psi plates govern the four phases, from daily NET minute to seasonal NET day, 
and to the four-part NET week, or Seed-Storm year bundle. 


This is a process that can occur only within the construct of the regular harmonic 
sequence provided by the noospheric timing gauge of the Thirteen Moon/28-Day 
calendar. Interaction with the crystal core can only be through telepathic means, and 
the human-as_ the midway point between the core and the electromagnetic _fields-is 
like a sensitive piece of litmus paper. To understand the human in this way is to totally 
redefine the reality of what it means to be human on Earth. From this perspective, the 
human is abiocomputer whose information source feeds it programs stored and ema- 
nated by the crystal core. These programs are then brought into conscious  registra- 
tion through working the corresponding programs of the psi bank. Right now, we 
don't know what the crystal core is emanating, much less that such a structure exists 
within the Earth. Like acrystal radio-set, the noosphere isthe antenna, the geocosmic 
programs are transduced and generated at the crystal core, the human is the biocosmic 
tuner, and the broadcast transmission is provided by the psi bank. 

The 13:20 template of the human noospheric chip is defined as the human _ holon, 
its twenty digits and thirteen main articulations conforming perfectly to the geocosmic 
13:20 synchronization frequency of universal time. It is the intrinsic resonance of 
this geocosmic structure that allows the human to be in resonance with the planet as 
awhole system. While the timing programs to be broadcast are all loaded in the psi 
bank control boards, the actual point in space of the physical Earth is coded by time 
into atwenty-part icosahedral structure called a planet holon. Being holonomic in 
nature, the planet holon has a perfect incidence of correspondence with the twenty 
digits of the human holon. 

The twenty digits and twenty-part structure of the planet holon are both coded 
by the twenty icons or solar seals of the 260-day galactic synchronization cycle. The 
icons or seals are the manifestations of the 20 (4 x5) factor of the 13:20 synchroniza- 
tion ratio. They are coded for human legibility as simple icons that conform to a 
postliterate alphabet. In time these twenty icons create a fourth-dimensional twenty- 
day solar cycle which interacts with the 13-day galactic cycle to create the 260 unit 
synchronization sequence or "galactic spin." The point is that when this galactic 
spin is synchronized with the 365-day solar-lunar measure of the Thirteen Moon 
count, there is a daily program for identifying the human with the planet holon, a 
factor that facilitates the planetary resonance of the noospheric chip. 

As a noospheric chip, the human is in every way aholonomic reflection of the 
whole system Earth. As a system of resonators-gravitational, electromagnetic, and 
biopsychic-the human and the Earth both have bodies with a center of gravity; 
both exhibit electromagnetic fields; and both share in common a biopsychic _ reso- 


nance, the mutual interface of the noosphere or mind of time with the other two 


Humans-Noospheric Chips. 


141 


a) = Se 
pn =~ in 
Throat—Transmi 
Zz White 


oll Chromatic 
Heart—Transduce 


Root—Transmit 


ys 


Red Blood Fo 
Red 
_ Chromatic, 


Planet Holon—Timeship Earth 2013 





fields of resonance. The redefinition of the human according to the Law of Time 
and to the nature of the noosphere also redefines the human's reality. What will the 
human do when history has been eliminated from the calendar and the new calendar 
itself is actually operated as a synchronometer-a measure of synchronicity? 

First of all, as the necessary prelude to galactic culture, the absolute synchroni- 
zation of the human in geocosmic time, the technosphere will be dismantled. Reor- 
ganized by the Law of Time into psychic biomes, the dismantling will naturally 
phase into the genuine creation of the new culture of solar-galactic consciousness. 
"Path beyond technology" means path of telepathic harmony. With its goals abso- 
lutely reoriented following the mental pole shift of the calendar change, the hierarchy 
of human values will also undergo a profound reordering. What if money were no 
longer the first consideration in human affairs? What if the consideration were in- 
stead how artful or artistic that action or event might be? What if the diaspora of 
humanity through industrialization and mass transport came to an end and the hu- 
mans willingly chose to live in smaller communities organized by gardening and 
other Earth-related activities, inclusive of the transformative dismantling of the 
technosphere and the regeneration of the biospheric medium? What if the study of 
time replaced the study of physics as the dominant mode for determining the nature 
of reality? And what if, due to the time shift, a spiritual awakening swept through the 
human race so that amoral orientation of values was organized around the preserva- 
tion and furtherance of the biosphere, and an acknowledgement that only One Su- 
preme Creator could have ordained something so perfect as the noospheric mind of 
time? What kind of world would that be? What kind of art would be practiced in 
that world and what kind of science would be known? 

Organized by the NET, human existence would spiral into the collective _ tele- 
pathic mind. A type of Earth geomancy would become the science of the noosphere. 
Or perhaps amore accurate name for this science would be Earth geochronomancy- 
the study and investigation of Earth in relation to the cycles of cosmic time and 
telepathy with an end to perfecting the Earth as awork of art. With minds expanded 
toward accommodating the longer, slower measure of NET, geochronomancy would 
inspire an entirely new vision of the Earth within the heliosphere (the solar system) 
and the galactosphere (the galactic order of things). Making the Earth's rainbow 
brain visible and manifest would be only the beginning of a willingness to explore 
further untapped psychic energy sources and means, or what is referred to in Earth 
Ascending as the science of radiosonics. Key concentrations of human habitation and 
activity would be organized to occur at or close to those geomagnetic energy points 


or centers, the whole cultural process of which would correspond to making a map 
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on Earth of the image of galactic being as it moves in its great patterns of time. 
Would this not make the human species into arace of wizards? 

In this consideration we may find a reason why the 260-day unit galactic syn- 
chronization measure-a — galactic spin-is the key to what is called the Wizard's Count. 
The perfect synchronization of the 260-unit galactic spin with the 365 -day Thirteen 
Moon/28-Day solar orbit establishes the 52-year cycle, or one NET year. A NET 
year (fifty-two solar orbits) is a "wizard's measure," for on this measure the human 
can expand its consciousness to encompass the Earth in its greater cycles of develop- 
ment. The Wizard's Count is also given its name because of the set of the four solar 
icons or seals that code the July 26 synchronization date in 4-year cycles: year one, 
Yellow Seed year; year two, Red Moon year; year three, White Wizard year; and year 
four, Blue Storm year. An entire Seed-Moon- Wizard-Storm sequence of four NET 
days (four solar orbits) consists of fifty-two moons, or one NET week, the perfect 
fractal of the fifty-two 7-day weeks in one NET day and the fifty-two solar orbits in 
one NET year. This four-part sequence is also called a Seed-Storm year bundle, the 
harmonic essence of the wizard's measure. Thirteen Seed-Storm year bundles, where 
each of the four icons is coded by the thirteen galactic tones (4 x 13 = 52), yield one 
NET year. Please note that even the Gregorian July 26 synchronization date is a func- 
tion of the synchronic order: July = 7, while 26 is 13 doubled, 7 and 13 being the two 
principle numbers governing the 13:20 matrix of the Harmonic Module! 

In the symbolism of the iconic sequence it is the Seed that is planted, it is the 
Moon that coordinates the growth cycles, it is the Storm that generates the energy, 
and it is the Wizard who knows and acts upon what is given. It was a White Galactic 
Wizard that coded the date and coordinated the year beginning July 26, 1987- 
followed twenty-one days later by the Harmonic Convergence. Thus it was the White 
Galactic Wizard who opened the gates to the closing of the Mayan baktun cycle of 
history and the commencement of the coming cycle of galactic culture. And on July 
26,2003, the year of the White Spectral Wizard will commence. This year will end 
with its Day Out of Time, coded by the White Spectral Mirror. The day following, 
July 26,2004, will begin the year of the Blue Crystal Storm. On the Wizard's Count, 
which is not acalendar but asynchronometer, these two dates, White Spectral Mir- 
ror and Blue Crystal Storm, are the point in time when the Gregorian calendar 
ticket to the old time will be eliminated and the new Thirteen Moon calendar ticket 
for admission to the new time of the noosphere’ will be validated. This is when the 
noospheric show will be ready to begin its prelude. (See plate 6, Noosphere-Mind 
of Time on Earth.) Will the humans also be ready? 
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A How-to Catalog and Guide to the 
Pax Cultura, Pax Biospherica 


BY THE TIME these words are read, the technospheric collapse will have gener- 
ated several more devastations and disasters. The wound received by the technosphere 
on September 11 was a mortal one. The technosphere suffered cardiac arrest for 
almost a week. Not only did the towers collapse, an event that occurred via televi- 
sion within the central nervous system of the human species, but belief systems, too, 
came crashing down. No longer is America the unassailable fortress of "democracy," 
while democracy itself is a concept that joins monarchy, nation states, imperialism, 
colonialism, capitalism, communism, and ahost of other outmoded systems of belief 
and thought constituting the saga of human _history-that is, the history of civiliza- 
tion. But all that is now ending. The perimeter of biogeochemical combustion and the 
limits of the technosphere have coincided. It is the Earth's turn to speak. How will the 
Earth speak? 

The Earth can only speak through the noosphere, and the noosphere can only 
speak from the center of time that is constructive peace. Peace is harmony. Peace is 
the culture of the biosphere. The conscious harmony of time in the biosphere is the 
culture of peace known as the noosphere. Through the noosphere, the Earth speaks 
in ever-widening circles of order and meaning. While sunrise and sunset mark the 


passage of solar time, observing the phases of the moon keeps us in tune with the 
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mystery of time. One kin, one passage of night and day, one NET minute, synthe- 
sizes the experience of the whole Earth during a single rotation on its axis. The 
synchronic order supplies a 260-unit synchronization gauge that the mind may en- 
gage and employ in the construction of aharmonic vision of reality. Twenty-eight 
NET minutes make one moon, one NET hour, moon after moon. The pattern of 
one moon contains the construct and pattern of every moon. The harmonic perfec- 
tion of the synchronic order of reality releases the mind through the center of time 
into a freedom it had not known in the dark passage of history. How are we going to 


make this transition? Can we really shake off the old and the obsolete that easily? 


THE THIRTEEN MOON CALENDAR MOVEMENT: 
THE DAWN OF A NEW GALACTIC CULTURE 


"Greetings Explorers on Timeship Earth!" reads the opening text of the pocket-size 
13 Moon Natural Time Journal. "Welcome to this 13:20 natural time portal and fourth- 
dimensional galactic time template. A solar-lunar Earth calendar of the 13:20 timing 
frequency that is expressed through the thirteen tones of creation and the twenty 
sacred solar tribes. Attuning to this calendar will help you awaken and align to the 
pulse of the Universe, the rhythm of the One heartbeat. 13:20 is the natural timing 
frequency that unifies planetary and galactic consciousness. . . It is the expression 
and remembrance that Time is Art ... By attuning to the 13:20 frequency of natural 
time, we break out of the 12:60 time warp and activate the remembrance of our true 
human nature. Time is energy. It is a frequency of the fourth dimension; mind, 
telepathy, imagination, and creation. Time is an exploration of unlimited Universal 
potential. So let us begin the journey and return to the rhythm of nature's galactic 
heartbeat. . ."1 

This is the Earth speaking through anoospheric chip. Produced in Canada, it is 
one of many Thirteen Moon calendars produced this Yellow Solar Seed year. Others 
have been produced in Germany, Austria, Italy, Russia, the Netherlands, Japan, Bra- 
zil, Argentina, Chile, Mexico, and the United States. One such example from the 
United States is known as the 13 Moon Natural Time Calendar: Ancient Sciencefor the 
Art of Now. Going through its pages one is flooded with a wealth of information, 
summarized by aquote from traditional Hopi wisdom: "We now face the final test of 
human consciousness-to restore our oneness with creation. We are going home. It 
is a process. It is like the seed becoming the green shoot and then the flower."2 To 
make the calendar change is to restore the oneness with nature. The break with the 


oneness with nature was codified and thence programmed into an irreversible _ reality 


e Making the Transition to the New Time 


by the Gregorian calendar and mechanical clock. Only the breaking of the pattern of 
time established by these two instruments will release us again into natural time. 
The Thirteen Moon/28-Day calendar exists as the tool to demonstrate the contrast 
between harmony and disharmony, and to assist us, as a species, into effecting this 
return. If we are going home then we must make a turn away from our present 


course. 


Through returning to natural Time, we return to our natural state of divinity, living 
in harmony with the Earth and each other. We return to the nature of our spiritual 
existence. Realigning with the rhythm of the universe through the 13 Moon Calen- 
dar allows us to lay the foundation for the new paradigm of love and unity, replacing 
the 12:60 paradigm of fear and separation. ..The World Calendar Change Peace 
Plan strives to establish anew culture of peace on Earth through returning human- 
ity to natural time. It is the goal of the worldwide Foundation for the Law of Time 
to effect the calendar change by the Day Out of Time (July 25), 2004 ...Join the 
global movement to effect planetary £hange and establish the new culture of peace 
on Earth! Return to divinity and creative existence. ..Walk the path of the sacred 


warrior. | 


The movement to change the calendar is aliving force, a force that is living the 
New Time. Its premises are so diametrically opposite to those of the technosphere 
that, especially in the power bases of America and the G-7, one will find scant men- 
tion or notice at all of this movement. Yet it is acultural phenomenon. In Tokyo, San 
Francisco, Milan, or Moscow one may find signs of the presence of this movement 
in the underground dance events, the raves or the Earthdance. More and more young 
people take on the names of their galactic signatures, the 260-day kin code for their 
date of birth in the synchronic order, names like Lunar Storm or Spectral Night, 
Galactic Wind or Planetary Dragon. These are all signs of the beginning of galactic 
culture on Earth, aphenomenon _ that has only been increasing over the past decade. 
The point is that the New Calendar Change Movement isa grassroots phenomenon 
as well as an ideological strategy known as the Campaign for the New Time. These 
signs are all whispers of the noosphere blowing through the bleak industrial corners 
of the technosphere. 

Behind the more populist front of the Natural Time Movement is the science of 
the Law of Time, a genuinely noospheric science of peace and harmony. This sci- 
ence is already being studied and put into preliminary practice. As the crisis of the 
biosphere began to crest in 1987, halfway through the second 28-year phase of the 


technosphere, the noosphere began to download its measure of time through the 
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discovery of the Law of Time. Invisible to the predominant forces of the technosphere, 

the science of the Law of Time began to map out an entirely new domain of thought, 
the synchronic order, a domain that could only be entered and applied through the 
correct noospheric measure, the Thirteen Moon/28-Day — synchronometer. 

All science throughout history is based on evolutionary advances predicated on 
both the premises and limitations of its preceding stages. We are at such an evolu- 
tionary moment now. The issue of the calendar change is only the beginning of the 
emergence of anew whole system scientific order. Understanding the flaws that are 
built into the present system of purely materialist science, we can proceed to the 
establishment of the science of the synchronic order. Like the radical simplicity and 
perpetual harmony of the Thirteen Moon calendar itself, the noospheric science of 
the synchronic order is predicated on an equally radical mathematical _ base reflect- 
ing and embedded in the 13:20 universal timing frequency itself. And as the under- 
lying order of awhole system science, this mathematics is reflective of the non dualistic 
premise of a superior moral order. The deviation from universal synchronic time is 
a moral deviation as well. It is this moral deviation that most strongly prompts the 
current calendar change movement. 

As a profoundly nondualistic, unifying whole system premise, the Law of Time 
encompasses not only a scientific-mathematical basis of morality, but a theological- 
eschatological intention that reunifies the various disciplines scattered and separated 
by the rise and totalitarianism of modern secular science. Because of the historical 
dominance of the Gregorian calendar, in which modern science is embedded, _ the 
dethronement of the calendar-the "devaticanization" of the world, as it were-is 
an apocalyptic moment. 

As the Law of Time defines it, this is merely the apocalypse of the 12:60 timing 
frequency and all its corrupted institutions, much as foretold in the Book of Revela- 
tions. This apocalyptic moment was stunningly supplied by the terrifying collapse of 
the Twin Towers. As the nerve center of the financial, commodities, and transport 
sector of the technosphere, and hence of the city itself, the collapse of the towers in 
hardly more than an hour's time is perfectly reflected in the vivid descriptions of the 
eighteenth chapter of the Book of Revelations, "Fall of Babylon." Yet as the Mayan 
prophecy of Pacal Votan also makes absolutely clear, the apocalypse of the 12:60 is 
the resurrection into the 13:20 timing frequency, the return to natural time, all to be 
accomplished by A.D.2012, Teilhard de Chardin's "omega point." The advent of the 
noosphere is preceded by the post-apocalyptic harrowing of hell. In this harrowing 
of hell, defined as the span of time fromJuly 26, 2000-July 25,2004, humanity must 


make acrossing from one time to another. This crossing is much like those we hear 
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about in the cosmovision of the Hopi, arite of passage from the fourth world to the 
fifth world that occurs through an interdimensional tunnel called sipapu. On the 
other side of that tunnel, there is an emergence into the new time called "thirteen 
moons of peace." 

"Golden Age of Miracles and Heaven on Earth," a story in the National Exam- 
iner (November 29, 1988), begins: "A heaven of golden miracles or a hell of 
unspeakable horror is less than twenty-five years away for mankind. That's the shock- 
ing prediction of the man who was responsible for the gathering of hundreds _ of 
thousands of people in 1987 to celebrate the Harmonic Convergence. .." The ar- 
ticle makes its point by referring to the end of the 5,125 year cycle in 2012. "Argiielles 
said Mayan predictions have always come true. He said their prediction for the year 
2012 is that if humanity learns to live in harmony with Nature, anew age of miracles 
and light will occur. Otherwise plagues, wars, terrorism, and finally, the breakup of 
the planet into asteroids, will take place."4 

As for the Inevitable Event, it would appear that humanity has begun the worst 
of the prediction-plagues, war, terrorism-yet, from the noospheric perspective, 
two points mitigate the absolute plunge into hell. The first is that the Inevitable 
Event punctured ahole in the technosphere eleven years prior to 2012. What does 
this mean? It means that this is the time of hell on Earth. "Every single one of you 
must see it [hell]; this is an irrevocable decision of your Lord." (Quran, 19:71) This 
being so, we can potentially emerge from it before the 2012 omega point. The other 
mitigating factor is the existence of a 13:20 movement dispersed throughout  hu- 
manity. Since the noosphereis the 13:20 mind of Earth, the Thirteen Moon Calen- 
dar Change Peace Movement is the advance presence heralding the transition from 
the biosphere to the noosphere. This passage through hell is of a four-year duration, 
2000-2004. The exponential implosion of the technosphere has already begun. But 
to avoid along, debilitating siege of barbarism, humanity must select a positive di- 
rection by 2004 so that it can make it to the 2012 deadline as a species returned to 
living in harmony with nature. This it can only do by the dramatic and radical break 
with the past time offered by the Thirteen Moon/28-Day calendar Change Peace 
Plan. 
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THE BIRTH OF THE CAMPAIGN FOR THE NEW TIME 


"We inspired Moses: ‘Lead My servants out, 
and strike for them a dry road across the sea. 
You shall not fear that you may get caught, nor 


shall you worry. 


"Pharaoh pursued them with his troops, but the 
sea overwhelmed them, as it was destined to 
overwhelm them. 1 


-QURAN, 20:77-78 


The Thirteen Moon/28-Day calendar is the dry path across the waters of the 12:60 
chaos. Holding surely to this path, "Pharaoh's troops will be overwhelmed," as it is 
destined, for the truth always prevails and when falsehood is exposed, falsehood 
perishes. The 12:60 frequency enshrined in the Gregorian calendar represents an 
artificial, hence false notion of time. The Pharaoh's troops are the forces of the 
technosphere that, embedded in the artificial structure of the Gregorian calendar, 
are destined to be overwhelmed and overcome by the fury unleashed both by human 
nature and nature itself in response to decades, if not centuries, of irresponsible 
despoiling of the Earth. The dry path of the Thirteen Moon/28-Day calendar is the 
only path broad enough for all humanity to leave the ever increasing ocean of chaos 
that characterizes human existence bound in the collapsing 12:60 matrix born of 
Gregorian civilization, the technosphere. Yes, the dry path across the waters of the 
12:60 chaos provided by the Thirteen Moon/28-Day calendar truly is for the salva- 
tion of life on Earth. 

Ever since 1993, the Thirteen Moon Calendar Change Peace Movement has 
consciously been drawing from the infinite riches of the noosphere to create not 
only the mechanism for making a shift in the frequency and hence bring stabiliza- 
tion to the biosphere, but has been anticipating the biosphere-noosphere _ transition 
into the Pax Cultura, Pax Biospherica. 

Foll{)wing in the footsteps of its predecessor, the new calendar movement has 
dutifully contacted the United Nations and the Vatican and convened various con- 
gresses and delivered ultimatums in an effort to draw attention to mankind's time 
malaise. Now that the Inevitable Event has fully disengaged the human mind from 
the reality it thought it was pursuing in the new millennium, the second definitive 
wave of the World Thirteen Moon Calendar Change Peace Movement has also 


been launched: the Campaign for the New Time. 
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This campaign consists of a preparatory four-year cycle, 2000-2004, the Har- 
rowing of Hell, which is the duration of the campaign itself, plus a one-year trial 
period, 2004-2005. The goal of the four-year campaign is universal calendar  re- 
form, the replacement of the Gregorian by the Thirteen Moon Calendar, effective 
Blue Crystal Storm, July 26,2004. This final year of the Blue Crystal Storm, 2004- 
2005, also completes a Seed-Storm year bundle begun in 2001, fateful year of the 
Yellow Solar Seed, the year of the Inevitable Event. To ensure the success of this 
unprecedented move on the part of humanity, the calendar reform must include the 
one-year trial period, during which time the entire species must be operating by a 
new standard, the harmonic Thirteen Moon/2 8-Day synchronometer. "If you never 
try it, you'll never know what it is," is the slogan that describes the campaign's _ target 
year: July 26, 2004-July 25, 2005, an entire year without the Gregorian "30 days 
hath September. ..,' but instead, Thirteen Moons of Peace. 

To realize its ambitious goal of universal calendar reform, the Campaign for the 
New Time must impress itself on the human consciousness as the all-unifying campaign 
for peace to overcome the destructive forces unleashed by the technospheric collapse. 
Fqrtunately, much groundwork has already been laid. The codes of the Law of Time 
have been formulated and compiled. Preliminary practices to engage the synchronic 
order of the noosphere have already enlisted humans from around the planet. What the 
Vatican has tried to ignore and what the United Nations has been unable to fully engage 
must now be brought to the forefront of all humanity as the harmonic solution. The 
harmonic solution is a set of logical arguments that should be studied and rehearsed by 
everyone who seriously wishes to even consider the possibility of a Campaign for the 


New Time. Let us contemplate the following set of logical arguments. 


Premise 


Currently all conflict resolution of a global scale is attained through one of two poles: 
a political solution or a military solution. No other alternatives are recognized. Ac- 
cording to the Law of Time, there is athird solution, the harmonic solution. Without 
this third solution, no harmonic resolution is ultimately possible for any conflict on a 
global scale. The third solution defines the first two solutions as a polarity embedded 
within a timing standard that is hopelessly irregular and that, therefore, disposes the 
mind to disharmony. A mind predisposed to irregularity and disharmony is incapable 
of producing any long-term solution. The basis of the harmonic solution is to change 
the timing standard from an irregular to a regular one, thereby inducing a timing 


sensibility that disposes the mind to harmony rather than disharmony. 


e Making the Transition to the New Time 


Thirteen Moon/28-Day Count and Global Conflict Resolution 


The inability to attain global peace, much less the resolution of many localized con- 
flicts that have become endemic, is due to a lack of a globally unifying timing 
standard-the | macro-organizing principle of human sensibility. Present-day con- 
flict resolution is represented by two poles, political and military. The military solu- 
tion consists of guerrilla warfare, terrorism, and outright military conflict, all of 
which are engendered by problems of inequality; injustice; rampant nationalism; 
tribal, racial, or religious antagonism; and greed for control of natural resources. 
Underlying the military solution is an aggressive armaments industry that seeks to 
hold its own as a capitalist venture, always seeking new markets. The political solu- 
tion is always fostered as the only cure for the military solution, and is administered 
through varying degrees of coercion, compromise, and the inevitable lure of money- 
the IMF and the World Bank are never far behind any political solution. 

Neither the military nor the political represent any kind of morally satisfactory 
or enduring solution because both are functions of and embedded in a timing stan- 
dard that has disharmony built into it. Even the local timing systems, themselves 
feedback loops holding in place various belief systems, are coordinated by the domi- 
nant disharmonic standard. As long as the current global standard, the Gregorian 
calendar, isthe controlling timing factor, resolution on a global and local level is not 
only impossible, but increasing disharmony is guaranteed. The harmonic solution 
calls for the immediate establishment of a globally unifying harmonic standard, the 
Thirteen Moon/28-Day count. With its absolutely consistent units of measure, 
this macro-organizing principle is a paragon of harmony and thereby represents 


the positive, creative, and viable first step to enduring global conflict resolution. 


Thirteen Moon/28-Day Paradigm Shift 


The harmonic solution, the alternative to the polarity of the military and political 
solutions, calls for the immediate replacement of the current irregular measure with 
the harmonic standard of the Thirteen Moon/28-Day count. This replacement con- 
stitutes the long-awaited and long-prepared-for paradigm shift in human conscious- 
ness. The very analysis and concern that engendered the first movement to replace 
the Gregorian calendar-the effects of an irregular measure on human behavior-is 

now so dire that the concluding step must be taken. To quote Einstein once again, 
"Since the advent of the nuclear age, everything has changed but the way people 
think; thus we drift toward unparalleled catastrophe." With the analysis of the Law 
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of Time we know why thinking has not changed-the human mind is the pawn of an 
aberrant timing mechanism. To change the way people think, make one little change 
in their everyday lives: Change the calendar. If we could send aman to the moon, we 
can change the calendar. This change will be the first step-the rest will come easily 
because with this one change we shall have changed our minds and entered into a 
New Time. To make this one little change a target date is needed, and the people 
need to mobilize as aforce of synchronization for peace to mandate this change. The 


target date isJuly 26, 2004--the mobilization has already begun. 


New Worldview of the Law of Time 


The Thirteen Moon/28-Day count is the pragmatic application of the Law of Time. 
The discovery of the Law of Time was necessitated by evolution as the only way that 
could offset the deleterious effects of an erroneous timing standard on human con- 
sciousness. The Law of Time takes the radical view that time is a frequency, the uni- 
versal frequency of synchronization; that the purpose of time is to synchronize; and 
that, therefore, acalendar isin harmony with the Law of Time to the degree to which 
it maximizes opportunities for synchronization. From the perspective of the Law of 
Time, the current macro-organizing standard is anything but synchronous, and hence 
contrary to the laws of nature. Synchronization produces harmony, harmony isa func- 
tion of beauty, and beauty is the natural result of the Law of Time: T(E) = Art, energy 
factored by time equals art, where art is the entire spectrum of phenomenal reality in 
which even the most menacing-looking creature is elegantly constructed. 

National Geographic recently stated: "Beauty seems to be an intrinsic part of na- 
ture and perhaps even the organizing principle of reality. Scientists in testing their 
theories, invariably find that the simplest, most elegant, most beautiful is the correct 
one. Rainbows, butterflies and the periodic table are some examples of intrinsic beauty. 
The world will be saved by beauty."5 The Law of Time agrees. The world will be 
saved by beauty, and the proponents of peace through culture will be in the van- 
guard. The Law of Time formalizes the perception of the intrinsic beauty of na- 
ture- T(E) =Art-and thereby provides ascientifically solid critique of the ugliness 
and social disharmony fomented by the irregular and artificial timing standards that 
control humanity today. By the same formulation, the Law of Time also establishes 
a vast and comprehensive definition of the fourth dimension, which was wanting 
until now precisely because of the embedding of all current perceptions in the erro- 
neous timing standard. 


The mathematical order underlying the universal frequency of synchronization, 
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13:20, describes anew order of reality, the synchronic order. The synchronic order 
governs the fourth-dimensional order of reality much as the laws of gravity, thermo- 
dynamics, and the special theory of relativity govern the third-dimensional order of 
reality. By taking into account the nature of the synchronic order, humanity's views 
of the third dimension will inevitably be altered to a greater conformity with the 
harmony of the fourth dimension. The fourth dimension is defined as the primary 
mathematical order of time, governed by asyntropic whole number system of ratios 
and fractals operating in aradial and nonlinear manner. 

The third dimension is the world of manifestation and matter that inevitably 
entropizes. Losing sight of the inherent harmony of the synchronic order from which 
it is actually inseparable, the human fixation on the increasing entropic anomalies of 
the third dimension produces problems such as how to reckon what appear to be the 
extra hours, minutes, and seconds that occur every time the Earth orbits the sun. To 
this seeming dilemma, the Law of Time asserts that number precedes manifestation, 
harmony precedes materialization, therefore manifestation must accord with num- 
ber, and materialization must reflect an original harmonic order. Entropy and deg- 
radation cause manifestation to deviate from number and mathematical law. But for 
mind to be stable, mind must accord with and conform to mathematical law rather 
than with entropy and degradation. The timing standard in use causes the mind to 


conform with entropy and degradation. This is what must be corrected. 


Harmonic Solution-Harmonic Resolution 


Harmony can only produce harmony. From order comes order. From disorder you 
can only expect chaos. From disharmony can only come disaster. Irregular measure 
entropizes. Harmonic measure syntropizes. These are the contrasting values brought 
into focus by replacing an irregular macro-organizing principle with aregular one. 
Implementation of a globally unifying harmonic standard is the only hope for re- 
solving all conflicts in time. A harmonic standard lifts all conflicts to a higher level 
dialog of unification in time. The harmonic solution, the World Thirteen Moon 
Calendar Change Peace Plan, provides: the opportunity to call an immediate and 
universal cease-fire, as well as a halt to the otherwise inexorable process of entropic 
degradation of society and environment; and offers the resolution to establish new 
agreements, to renegotiate old treaties, and to create anew globally binding and 
unifying covenant for all people in anew time. 

It must be understood that to change the calendar is to delegitimize ll the insti- 


tutions embedded in it. This radical but peaceful delegitimization of the old order is 


Making the Transition to the New Time. 


157 


158 


what is needed to break the deadlocks, stalemates, and historically outmoded trea- 
ties and agreements now binding on humanity. The new globally unifying standard, 
the Thirteen Moon/28-Day count, will legitimize and institutionalize harmony and 
thus create the advent of a synergistic order capable of resolving entropic disorder 
because it is reflective of and rooted in the primordial whole number structure of the 
synchronic order of reality. In its entirety, this represents anew step and direction 
for human evolution-a step without which there might not be any creative future 
for humanity and the planet. 


How to Accomplish World Peace Now 


The analysis, the historical precedents, and now the affirming authority of the Law 
of Time render the harmonic solution as the only way to immediately bring about 
World Peace. All that is lacking is the will to synchronization among all good-hearted 

people, groups, and organizations otherwise committed to peace, a better environ- 
ment, and human spiritual well-being in general. How to accomplish World Peace is 
to galvanize the human will to synchronization on behalf of the establishment of 
a genuine time of harmony and peace. This can only come about through the 
simple but highly radical and paradigm-altering act of exchanging the current macro- 
organizing system of the Gregorian calendar for the harmonic order of the Thirteen 

Moon/28-Day count. All other localized calendar systems would be kept intact, but 
they would be coordinated by a new standard, a standard that promises harmony 

instead of disaster, order instead of chaos, peace instead of war. 

Such is the harmonic analysis and solution of the Law of Time, which can be 
summed up by a simple demonstration of the irregular Gregorian calendar con- 
trasted with the regular Thirteen Moon calendar, aswell asthe question: "Which do 
you prefer, harmony or disharmony?" 

If you answer this question on behalf of harmony, and you agree with the fore- 
going premises and analyses, you must move into action. You need to get a new 
calendar, a Thirteen Moon/2 8-Day calendar and find out for yourself: noosphere or 


necrosphere, the choice is yours. The option opened by the Inevitable Event and the 


collapse of the technosphere is precisely that: necrosphere, the transformation of — 


the biosphere into a sphere of death-a dead planet-or the noosphere, the mental 
envelope of the Earth, governed on the human plane by the Thirteen Moon/2 8-Day 
calendar. The difference between the necrosphere and the noosphere is the differ- 
ence between amachine and the Earth asawhole system. You cannot even really say 


there is a comparison. But what we can say most emphatically is that the Thirteen 
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Moon/2 8-Day calendar and the shift to the 13:20 frequency is the pure manifestation 
of the Law of Time in human affairs. It is the only antidote to the destructive grip that 
the 12:60 timing frequency now has upon the biosphere through its thoroughly  artifi- 


cial instrument, the technosphere. (See plate 7,Necrosphere or Noosphere.) 


THE FINAL DECISION: NOOSPHERE OR NECROSPHERE? 


As these lines are being written, seven weeks have passed since the Inevitable Event. 
The analysis of this event from the perspective of the biosphere, the temporary _ struc- 
ture of the technosphere, and the advent of the noosphere was a spontaneous _ inspi- 
ration. Each morning, often well before dawn, I would be called to this technospheric 
device, an iMac, to put the noospheric mandate down into words. In this process, 
the matter of prophecy kept occurring and could not be avoided. Even the issue of 
calendar change increasingly takes on the quality of a prophetic enactment. What is 
prophecy from the noospheric perspective? 

Prophecy is the release of information according to the psi bank timing program 
and in relation to degrees or levels of consciousness positioned at different points in 
time. The points in time are human channels. That is, there are the prophets who 
declare the prophecies by whatever means or forms, and then there are the decoders 
of the prophecies, those able to read the signs according to the prophecies with the 
aid of different symbolic lexicons. Prophecy is always startling to the mass mind, 
which is ignorant of the true nature of time. A prophetic event may seem totally 
random, when it is not. Someone may design a plot, such as that of the Inevitable 
Event, with whatever fantastic notions and motives. Yet the occurrence may go be- 
yond being merely a matter of human manipulation. The humans were but the in- 
struments of sets of cause-and-effect chain reactions established within the structure 
and evolution of the biosphere and the playing out of human karma. 

According to the psi bank timing program governed by the Law of Time, the 
technosphere could only have a limited duration. Two perfect 28-year cycles of the 
Gregorian calendar program, leading to the first year of the third millennium, marked 
the duration of the technosphere. Because this cycle concluded with the beginning 
of the third Christian millennium, a singular event was poised in time to attract and 
catalyze ahost of prophetic moments long prepared for and sealed in the psi bank by 
Christian, Islamic, and even Mayan prophecies. Such was the Inevitable Event. Within 
the motivations of the perpetrators of the Inevitable Event, the biosphere found its 
perfect instrument of divine purpose. That there were nineteen hijackers conforms 


to the Quranic nineteen code expressed in the enigmatic verse, "Over it is nineteen." 
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(74:30) The following verse begins, "We appointed angels to be guardians of Hell, 
and we assigned their number [19] ..." This verse ends by asking, "What did God 
mean by this allegory? ...None knows the soldiers of your Lord except He. This is 
areminder for the people." (74: 31) 

Certainly in the success of their mission, whether they were conscious of it or 
not, the nineteen Muslim hijackers-who organized themselves as four leaders (pi- 
lots), three logistics people, and twelve "soldiers"-fulfilled their function of being 
the prophetic emissaries of the nineteen guardian angels who watch over Hell. And 
indeed the gates to Hell have been opened. In the world of the secular mind of the 
technosphere, no one wanted to talk about the apocalypse or Armageddon, though the 
jihad was brought up quite often asa factor in the thinking of the Islamic terrorists.6 

Whether it is seen as aprophetic or karmic event, as we stated earlier, there is no 
question that the timing programs of two civilizations, the Gregorian and the Is- 
lamic, were on acollision course. "The civilization of Islam is radically so different 
from that of Western civilization which dominates the world today. The two are 
different in their description oflife as well as the foundation on which they base such 
a description. The difference between the two civilizations is so essential that they 
have developed in ways which are radically contradictory to each other."7 So wrote 
the eloquent Saudi historian, Muhammad MHusayn Haykal in his essay "Islamic Civi- 
lization," as presented in his masterful biography, The Life of Muhammad. And what 
is at the root of this difference? A separation of church and state, which in the West 
led to a profound materialism and economic worldview. 

Haykal continues, "The victory of materialist thinking was largely due to the 
establishment of Western civilization primarily upon an economic foundation. This 
situation led to the rise in the West of anumber of worldviews which sought to place 
everything in the life of man and the world at the mercy of economic forces. .." As 
for the sanctity of its economic beliefs, Haykal concludes that the West has tied its 
economic activity "hand and foot by public laws and commanded that every Western 
state and army prevent any violation of economic laws with all the power and coer- 
cive means at its disposal."8 Given this insightful assertion by an Islamic thinker 
written a half-century ago, it is not at all surprising that the terrorists concentrated 
their attacks on the most visible symbols of Western global materialism and economic 
and military imperialism, the Twin Towers and the Pentagon. It is also of note that 
one of the logistics men on the team of nineteen hijackers, Majed Moged, had been 
a professor of economics at King Saudi University in Riyadh. 

However we see this event, the most important point is that it actually hap- 


pened, no matter who caused it or how. In this regard the collapse of the World 
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Trade Center towers and the penetration of the Pentagon was the Inevitable Event 
both from the point of view of the biosphere and from that of prophecy as mandated 
by at least two major timing programs, the Gregorian and the Islamic. Of course, 
prophecy is a matter far from the consideration of the technocratic mind, so the 
immediate aftereffect is a heightened nationalism, patriotism, and commitment to 
war. But what is going on from the noospheric point of view is not so much the 
combat of different armed camps defending or attacking competing ideologies, but 
an end game, the biomass of the technosphere maneuvering against time in a self- 
destructive process that is really nothing more than the continuing collapse of that 
which it is defending. 

How long will this collapse take? With the weapons of mass destruction cur- 
rently at the disposal of the combatants, it shouldn't take too long before the human 
race realizes that if it doesn't stop the self-destructive process, it will soon be curtains 
for all life on Earth. A more significant question, if we wish to make the transition to 
anew time, is: How will the self-destruction end, and how can it be stopped-or can 


it? It is easy to see how wars begin, but no one can tell how they will end. 


THE SOLUTION TO WAR: PEACE THROUGH CULTURE, 
PEACE OF THE BIOSPHERE 


At the end of the First World War, the League of Nations was formed to keep the 
Second World War from happening. The League of Nations was unable to both 
effect the calendar reform it promoted and keep the Second World War from hap- 
pening. These are not unrelated events. The Second World War effectively elimi- 
nated the League of Nations, and toward its end a new organization, the United 
Nations, was formed. Like the League of Nations, the United Nations was formed 
to prevent the next world war from happening. Within eleven years, the United 
Nations tabled the calendar reform begun by the League of Nations. Coincident 
with the formation of the technosphere, the United Nations has now also completed 
fifty-six years of existence. With the expanding "war against terrorism," is its pur- 
pose now over as well? The only way the United Nations can survive is to maintain 
its humanitarian agencies, for the age of nationalist politics and nation-states is over, 
succeeded by the politics of terrorism, the last politics of history. What new kind of 
global organization will we need at the end of the War on Terror, or World War III? 

What we will need is an entirely new agency, a Planetary Biospheric Assembly 
that will model and create a sustainable Pax Cultura, Pax Biospherica.Given the fail- 


ure to enact acalendar reform on the part of both the League of Nations and the 
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United Nations and in consideration of the chaos now clearly embedded in the Old 
Time, only an agency or instrument that fully embraces and promotes the calendar 

change will be able to move into the genuinely peace-fulfilling role that such an 
organization must take. If the United Nations could accept the route of calendar 

change as the only way to bring all humanity to anew point of discourse, then it 
could take on a renewed life. But if it cannot rise to this occasion, then another 

organization must take its place, the Planetary Biospheric Assembly. Even so, when 
we speak of the Pax Cultura, Pax Biospherica, we are speaking of anew human cov- 
enant, one in which the biosphere takes precedence over all nationalist corporate 

interests, and in which peace as amanifestation of culture is the primary value of the 
new time. Such a covenant would be a biospheric covenant, an agreement and un- 
derstanding that, first of all, the human is amember of the biosphere, and second, 

that in consciously accepting the calendar change, the human is also in the process of 
becoming Homo  noosphericus. Henceforth, it will be art and not money, bioregions 
and not nation-states, that will be the cause of social organization. Only in this way 
will humanity be guaranteed a true post-historical future. 

Assuming the calendar change occurs on Blue Crystal Storm 2004, the first step 
in ~ngendering the full manifestation of the noosphere will be the dismantling of the 
technosphere. This can only be accomplished if a full reorganization of the human 
in time, inclusive of an adjudication of inequalities and a redistribution of wealth, 
begins to occur during the 2004-2005 Crystal Storm year. The following four years, 
2005-2009, agenuine First World Peace, would see the constructive transformation 
of the five-part technospheric system. All the apparatus of heavy industry, energy, 
and the transport system would be turned like compost, to be replaced by non- 
polluting technologies and means of transport, while the cities would be transformed 
into urban gardens with the human race once more becoming decentralized. This 
process itself, a massive planetary engineering project with an eye on the full devel- 
opment of geochronomancy, would prove to be the greatest and most thoroughly 
positive transformation in human history. By 2009 humans reorganized by the Law 
of Time and having finally arrived at the "path beyond technology," will be enjoying 
universal telepathy, the noosphere-life beyond the Internet. By 2012 the humans 
will realize peace through culture asa permanent value, and by 2013 Earth will be 
galactically synchronized through a fully activated noosphere into the beginning of 
an entirely new geological era, defined by Vernadsky as the Psychozoic Era. 

Pax Cultura, Pax Biospherica refers to both the new era of humanity following the 
devastation of the Final War and the governing body of bioregional councils (not 


nation-states) comprising the new world "government," the Planetary Biospheric 
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Telektonon, the Theater of Time, provides the journey through the Cube of the Law: 
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Assembly. The main purpose of the new governing body would be to monitor the 
advent of the noosphere. Overcoming Northern Hemisphere bias, the Pax Cultura, 
Pax Biosphericawill not find any permanent seat, but will begin its existence as a 
planetary noospheric congress in the Southern Hemisphere. All of this could be 
made possible only because of the completion of the calendar change. So let us assume 
the best. The how-to of paradigm shift begins with the Thirteen Moon calendar. 
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If you follow the Thirteen Moon calendar or tell others to follow it with you, 
what is the payoff? The payoff is that you get to become anoospheric chip. Only a 
noospheric chip can bring Heaven on Earth, which is nothing more than full human 
participation in the noosphere. This is not at all a theoretical matter, but something 
that can be practiced and followed on a day-to-day basis. Fortunately, a path has 
been shown, complete with travel aids. 


CONCISE HOMO NOOSPHERICUS HOW-TO TIME TRAVELER'S GUIDE 
TO THE BIOSPHERE-NOOSPHERE TRANSITION 


This analysis of the Inevitable Event could never have occurred if the Law of Time 
hadn't been discovered and defined. The Inevitable Event simply supplied the Law 
of Time with precisely the right historical moment to provide a thorough analysis 
and explanation of time as the whole system in which we humans live and operate, 

inclusive of the biosphere, the technosphere, and the noosphere. As the chief discov- 
erer of the Law of Time, assisted by my wife and an increasing number of other 
humans who have engaged the Law of Time, I have sought only to make a presenta- 

tion of matters in which we, as a species, are thoroughly immersed, and thus find 
difficult to comprehend. Such is the technosphere, and such also is the medium of 
time. Since the publication of The Mayan Factor and my pursuit of the underlying 

mathematics of the Mayan calendar, I have remained outside the conventional §are- 
nas of discourse and communication, preferring instead to remain more anonymous 

in order to test the various hypotheses of the Law of Time. 

In this process over the past twelve years, the Law of Time has precipitated from 
the noosphere various tools and didactic texts, all for the purpose of enabling us to 
make the shift from the old paradigm of the time of war to the new paradigm of the 
time of peace. These tools and principles are actually practiced on a daily basis, and 
so provide apragmatic means of applying the Law of Time. Because of my vows and 
need for scientific "purity" of the experiment Ihave been living, I was involved at all 
times in doing my utmost to remain in the 13:20 frequency. For this reason, the 
tools and texts prompted by the noosphere to define the Law of Time were, for the 
most part, all produced outside the commercial mainstream. Now a great effort must 
be taken to make these tools and texts available to humanity in order to assist in the 
transition from Homo historicusto Homo noosphericus.By presenting acatalog of these 
tools and texts we only mean to suggest and define for the reader the scope and 


existence of a preliminary science of time and telepathy. 
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Part I. The Tools: Establishing Noospheric Earth Time (NET) 
THIRTEEN MOON/28-DAY SYNCHRONOMETER 


The harmonic standard of noospheric time, the Thirteen Moon/28-Day —synchron- 

ometer, is a perpetual, harmonic calendar. It is called aMoon calendar because it is 
based on the female 28-day menstruation cycle, which is also the average lunar cycle. 
In actuality the moon goes around the Earth thirteen times a year. This means that 
the Thirteen Moon calendar is a genuine solar-lunar calendar that measures the 
Earth's orbit around the sun by the apsidallunation cycle of twenty-eight days. Thir- 

teen perfect months of 28 days = 52 perfect weeks of 7 days = 364 days. The 365th 
day is called the Day Out of Time because it is no day of the week or month at all. 
This day, which falls on the Gregorian correlate date ofJuly 25, is a day for forgiveness 
and the artistic celebration of life and freedom. The synchronization or New Year's 
date of the Thirteen Moon calendar is July 26, and corresponds to the rising of the 
great star Sirius. This makes the Thirteen Moon calendar a tool for harmonizing our- 
selves with the galaxy. Of course, the Thirteen Moon calendar also synchronizes the 
phases of the moon ina pattern that demonstrates its regularity and order. 

One of the great advantages of the Thirteen Moon synchronometer is that day/ 
date calculations are amazingly simple. Any day of any week is the same for any 
Moon, any year. The first day of every Moon is always a Thirteen Moon Sunday 
(Dali). The last day of every Moon is always a Thirteen Moon Saturday (Silio). In 
the Thirteen Moon calendar the obscurely named Gregorian months are replaced 
by names that correspond to a fourth-dimensional cosmology of time. Each Moon 
also has atotem animal. The traditional names of the days of the week are replaced 
by galactic names that describe seven primary plasmas-electronically | charged par- 
ticles that activate our magnetic fields. The plasmas and their symbolic seals appear 
above the days of the week. The Gregorian calendar makes day/date calculations 
very difficult because the months are of uneven measure so the days and dates of the 
week vary from month to month and year to year. The Thirteen Moon calendar is 
truly unique because it is synchronized with the Harmonic Module, the measure of 


the universal 13:20 timing frequency. 


THE HARMONIC MODULE 

The basis of the Tzolkin or sacred 260-day count of the Maya, the Harmonic Mod- 
ule is the 13:20 synchronization gauge and permutation table that consists of thirteen 
sequences of twenty icons or solar seals and twenty sequences of thirteen galactic 


tones, 1-13. The resulting 260 permutations, combined with the perfect harmony of 


Making the Transition to the New Time. 


165 


166 


the Thirteen Moon calendar, give each day a unique quality of tone and icon known 
as akin or one NET minute. The two cycles-Thirteen | Moons/28 days and the 
260-day Harmonic Module-perfectly | mesh every fifty-two years to complete one 
NET year. In one NET year of 18,980 kin, no two days are the same! Each of the 
units in the Harmonic Module is called akin, the base unit of synchronic measure. 
Articulating the Harmonic Module isa pattern of fifty-two Galactic Activation Por- 
tals. See if you can find the radial sequence of thirteen sets of four, counting inward 
from the corners. Notice that the numbers of each set of four equals 28. Thirteen 
sets x 28 = 364, the number of days in the Thirteen Moon calendar! (See image 


containing the Harmonic Module on page 170.) 


W AVESPELL 

The thirteen-unit form constant of fourth-dimensional time is the wavespell. It is 
important to see the Thirteen Moon calendar in this modular format, Planetary 
Service Wavespell, for then it makes more sense to speak of the calendar as a 
synchronometer. The wavespell's form describes the motion of time asa fractal fourth- 
dimensional cosmology. The numbers 1-13 in the dot bar notation that code the 
thirteen positions are known as tones. The names of the tones in sequence define 
the cosmology, which is also evident in the very structure of the wavespell. The 
thirteen tones give their names to the thirteen Moons. The structure consists of two 
gates, the Magnetic and the Cosmic, the first and the thirteenth moons/tones, which 
correspond to the two entrance and exit gates or portals. Complementing the two 
gates are the two towers, the fifth or Overtone tower and the ninth or Solar tower. 
The two gates and the two towers, tones 1,5, 9, and 13, articulate the structure of 
the wavespell. Between the places of articulation are three sets of chambers. The 
first set, tones 2-3-4, helps establish the wavespell; the second set, tones 6-7-8, helps 
extend the wavespell; and the third set, 10-11-12, serves to convert the wavespell. 
(See plate 2, Planetary Service Wavespell.) 

The structure of the wavespell also defines a four-dimensional geometry of time 
that connects different points of the wavespell over time. Each of these dimensional 
geometries is known as a pulsar. It is useful to know the pulsars in extending the 
mind synchronically over different timing sequences. The fourth-dimensional pulsar 
connects the four points of articulation, 1-5-9-13, or Magnetic, Overtone, Solar, 
and Cosmic Moon/tones, and is called the fourth-dimensional time pulsar. The first- 
dimension life pulsar connects the positions 2-6-10, or Lunar-Rhythmic-Planetary 
Moon/tones. The second-dimensional sense pulsar connects the 3-7-11, or Electric- 


Resonant-Spectral Moon/tones; and the third-dimensional mind-form pulsar connects 
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the 4-8-12, or Self-existing-Galactic-and -Crystal Moon/tones. Remember, the 
wavespell accommodates any sequence of kin whose tones correspond to 1-13, and 
may be either a thirteen-day wavespell cycle, a thirteen-week cycle (one-quarter of 
an NET day), a thirteen-Moon cycle (one NET day), a thirteen-year cycle (one 
NET Season), and so on. Once you know the wavespell you have come to know the 
form in time of the noospheric mind. 
THE WAVESPELL'S TONES AND THEIR PULSARS 

1. Magnetic tone of purpose-fourth-dimension time pulsar 

2. Lunar tone of challenge-first-dimension life pulsar 

3. Electric tone of service-second-dimension sense pulsar 

4. Self-existing tone of form-third-dimension mind-form pulsar 


5. Overtone tone of radiance-fourth-dimension time pulsar 


6. Rhythmic tone of equality-first-dimension life pulsar 


7. Resonant tone of attunement-second-dimension sense pulsar 

8. Galactic tone of integrity-third-dimension mind-form pulsar 

9. Solar tone of intention-fourth-dimension time pulsar 

10. Planetary tone of manifestation-first-dimension life pulsar 

11. Spectral tone of liberation-second-dimension sense pulsar 

12. Crystal tone of cooperation-third-dimension mind-form pulsar 

13. Cosmic tone of presence-fourth-dimension time pulsar 
DREAMSPELL 


Described as the fourth dimensional tool kit, the Dreamspell also encodes a psycho- 
mythic cosmology known asthe Journey of Timeship Earth 2013. It is this cosmol- 
ogy that makes the Dreamspell a psychoactive tool kit for personally engaging you 
in the fourth-dimensional synchronic order of time. The fundamental premise for 
making it psychoactive lies in finding your galactic signature, the color, icon, and 
tone that code your date of birth. This combination of factors-color, tone, and 
icon-establishes amathematical code that allows you to use your galactic signature 


in mapping increasing orders of synchronicity. There are four colors, thirteen tones, 
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and twenty icons. The four colors code each of five sets of icons and correspond to 
the base four-phasic function of the noospheric rainbow brain-red initiates, white 
refines, blue transforms, and yellow ripens. The icons themselves actually corre- 
spond to the mathematical code 0-19. 
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Colors and Icons with Their Corresponding 0-19 Code Numbers: 

Red Family: Dragon (1), Serpent (5), Moon (9), Skywalker (13), and Earth (17) 
White Family: Wind (2), World-bridger (6), Dog (10), Wizard (14), and Mirror (18) 
Blue Family: Night (3), Hand (7), Monkey (11), Eagle (15), and Storm (19) 

Yellow Family: Seed (4), Star (8), Human (12), Warrior (16), and Sun (20 = 0) 


The mapping of synchronicity through use of the galactic signature is done 
through a set of tools: the Galactic Compass, Journey Board, Oracle Board, and 
Time Atom Cube. The point of engaging the Dreamspell is to learn of the infinite 
possibilities of fractal synchronic mapping of the events of your life and the lives of 
your family and friends, as well as current events and human history. The compass 
and boards describe the radial mathematics of fourth-dimensional time and also pro- 
vide the means for fully engaging the synchronic order of the noospheric mind. The 
interactive complex of changing the family and clan relations to which the galactic 
signature entitles you also provides the basic patterns of social organization in time. 
The Dreamspell is indispensable for education concerning the radial, fractal nature 
of fourth-dimensional time and mathematics. 


TELEKTONON 

Meaning "Earth Spirit Speaking Tube," Telektonon is the name of the prophecy of 
Pacal Votan, and the definition of a complex program for establishing universal _ te- 
lepathy. It should be noted that the tomb of Pacal Votan was discovered in 1952, 
after 1,260 years, because of a tile tube, the Earth Spirit Speaking Tube, which ran 
from the top of the pyramid temple, down the secret stairwell, and into the wall of 
the elaborate tomb beneath the pyramid. The prophecy itself was decoded from the 
inscriptions and symbols of the elaborately carved sarcophagus lid of the tomb. Es- 
sentially defining a period of "Seven Years of Prophecy," (1993-2000), followed by a 
13-year Cycle of Creation (2000-2013), the Telektonon is practiced on a daily basis 
by means of aboard and various moving parts. 

The purpose of the daily play is to learn how to operate by aset of coordinates that 
define the nature of telepathic consciousness as the interplay of five circuits that con- 
nect the ten planetary orbits (the Asteroid Belt, remnants of the lost fifth planet Maldek, 
isincluded as one of these orbits). The key interplanetary connection is between Earth, 
the third planet, and Uranus, the eighth planet, which creates the third or biotelepathic 
circuit. The Earth-Uranus circuit constitutes twenty-eight steps and thus corresponds 


to the 28-day measure of the Thirteen Moon calendar. Between days 7 and 22, one is 
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able to take the "Warrior's Cube Journey" to uncover knowledge hidden by the Tower 
of Babel. The sixteen positions of the Cube of the Law (days 7-22) are the heart of the 
Telektonon play, which also includes arehearsal of the thirteen baktun history with the 


intention of "redeeming the Babylon planet" as Timeship Earth 2013. 


THE RINRI PROJECT 

Described as a "four-year telepathic biosphere-noosphere transition Circumpolar 
Rainbow Bridge Experiment," the Rinri Project builds on the Telektonon _ play that 
establishes the biotelepathic circuit. On this circuit, two towers, days 1 and 6, define 
a four-day Earth Walk, and two towers, days 23 and 28, define a four-day Heaven 
Walk. Between the second and the third towers, days 6 and 23, are the sixteen posi- 
tions of the Cube of the Law, days 7-22. The four towers every Moon correspond _ to 
one radial set of four Galactic Activation Portals in the Harmonic Module-thirteen 
moons xfour towers = 52 Galactic Activation Portals (GAPs). Sixteen cube positions 
each moon x 13 Moons = 208, the remaining number of kin in the Harmonic Mod- 
ule once the 52 GAPs have been subtracted from the 260 units. Since the Harmonic 
Module is the basis of the psi bank, this formulation provides away of coordinating 
the four psi bank plates of the noosphere to the Thirteen Moon calendar year on a 
daily and annual basis. 

Since there are four plates, it takes four years, one year per plate, to open the psi 
bank. The first opening occurred between 1996-2000. The second opening, 2000- 
2004, is now occurring and is programmed by a coordination of the twenty-four 
runes of the Elder Futhark to the twenty-four psi membranes-6 runes per week 
every Moon x four weeks =24. Since each psi plate is a mirror symmetry pair of 
Harmonic Modules, reflecting the North and South magnetic poles of the Earth, 
the Rinri project is practiced by telepathically interactive teams in the Northern and 
Southern Hemispheres. The Rainbow Bridge refers to making visible the dynamic 
of Earth's electromagnetic aura and extending it permanently from pole to pole. 
This is how the noosphere is visibly manifest. 

Rinri is a Japanese word meaning "ethical enlightenment," and its application 
includes seventeen moral precepts that are studied during the sixteen-day cube jour- 
ney, the seventeenth corresponding to the tower day 23. 


260 POSTULATES OF THE DYNAMICS OF TIME 
While the Telektonon is predicated on the fourth-dimensional tool kit, the Dream- 
spell, the 260 Postulates of the Dynamics of Time elaborate on the nature and theory 


of the biosphere-noosphere transition by providing a set of twenty systematic 
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thirteen-part logics that describe and define the dynamics of time asthe evolution of 
consciousness. Because there are 260 postulates corresponding to the 13:20 matrix, 
a postulate can be studied and meditated on each day over a 260-day cycle according 
to the code number of the daily icon combined with the number of its tone, for 
example, Red Lunar Dragon, where Dragon is 0-19 code number 1, and Lunar is 
tone 2, therefore the postulate to study for the day is 1.2. This daily programming, 

established by the Telektonon practice is how knowledge is reformatted according 


to the synchronic order. This in itself precipitates the noosphere. 


TWENTY TABLETS OF THE LAW OF TIME, SIXTEEN-YEAR 

CUBE OF THE LAW 

The Twenty Tablets can be described as a road map of the fourth dimension. By 
focusing on a sequence between the years 1997-2013, by fractal analogies, the tele- 
pathic engagement encompasses the 26,000-year cycle as well as the coming cycle of 
the Psychozoic future. The crux of the daily play of the synchronic order is called 
cubingthe codonThe point is to telepathically reharmonize the DNA that has been 
adversely affected by the 12:60 timing frequency. There are sixty-four DNA codons 
whose six-part binary structure is identical to that of the sixty-four hexagrams of the 
I Ching when both are written with asimple binary language of broken or unbroken 

lines. Each of the codons establishes a precise thirteen-stage permutation sequence. 
64 x 13 = 832 codon permutations. The sixteen years from 1997 to 2013 also consti- 
tute 832 weeks (16 x 52 = 832 = 64 x 13). Therefore, each codon has one-quarter 

year, thirteen weeks, to run its permutation sequence, one sequence per week. Since 
each codon consists of six lines, each week the codon is built one line per day for six 
days, each line adhering to one side of a cube. On the seventh day, the codon is 
cubed and sealed by one of sixty-four "UR Runes." The UR Runes are the master 
cosmic runes, each of which governs an entire thirteen-unit codon permutation — se- 
quence. The Twenty Tablets also contain much synchronic information for experi- 
encing what is referred to asfractal time compression,the expanded mental ability to 
engage in different planes or levels of time simultaneously. All of this is to establish 
amind training for fully engaging the fourth-dimensional synchronic order of real- 


ity and time travel. 


7:7:7:1 TELEKTONON ~=REVELATION 

While the Twenty Tablets of the Cube of the Law synchronize the DNA Codons in 
all their permutations on a weekly basis over a sixteen-year cycle, the 7:7::7:7 
Telektonon Revelation establishes the 28-day cycle as the basis for synchronizing 
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the seven primary plasmas-electronically | charged ions-into four aggregates called 
time atoms. The seven plasmas, which also replace the names of the days of the 
week, are in two sets of three, with the middle or fourth acting as a catalytic agent. 
The first three plasmas form a sensory quantum and the last three plasmas form a 
telepathic quantum. Activation of the plasmas releases radion, a telepathic lubricant; 
hence, the seven plasmas are also referred to as radial plasmas. The four plasmic 
aggregates are known as the Analog Time Atom (week 1), the Antipode Time Atom 
(week 2), the Occult Time Atom (week 3), and the Unified Field Time Atom, (week 
4). Like the Twenty Tablets, the 7:7::7:7 Telektonon Revelation also involves prin- 
ciples of fractal time compression where each day during the first week is the equiva- 
lent of 260 moons or twenty years; the following two weeks, each day is thirteen 
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moons or one year; and the last week each day is one moon. Played on aboard with 
cards containing affirmations from the Buddhist sage, Padmasambhava, _ the object 
of the 7:7::7:7 is to place the time atoms within the crystal octahedron at the center 
of the Earth so that each Moon amaster time molecule is telepathically placed at the 
center of the Earth per one NET hour. In this way, Noospheric Earth Time is acti- 
vated, the telepathic mind is engaged with the phenomenal reality represented by the 
plasmas, and the rainbow brain of the noosphere is hastened into everyday presence. 

The seven daily plasmas constituting one thirteen-moon week, or one NET 


quarter hour are: 
Dali (Sunday)-thermic charge 


Seli (Monday)-luminic — charge 


Gamma (Tuesday)-luminic-thermic charge (these first three create one sensory 
quantum) 
Kali (Wednesday)-luminic-thermic, thermic-Iuminic catalytic agent 


Alpha (Thursday)-double-extended electron at the South Pole 
Limi (Friday)-mental electron at the North Pole 


Silio (Saturday)-mental —electron-neutron at the center of the Earth (these last three 


create one telepathic quantum) 
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Part Il. The Peace Plan: Establishing the Pax Cultura, Pax Biospherica 


From the time of the formation, or rather, the calling into existence of the World 
Thirteen Moon Calendar Change Peace Movement, there had to be a World Thir- 
teen Moon Calendar Change Peace Plan. The original of this Plan was submitted to the 
United Nations in 1995 for its fiftieth anniversary. The crux of the Peace Plan is that 
to change the world standard calendar is the opportunity for humanity to stop in its 
tracks and redirect itself. By stopping in its tracks to change its timing frequency, 
humanity can also use the opportunity to call a universal cease-fire and declare an 
emergency peace worldwide. Only in this way can the new time be experienced and 
fully engaged. 

At the First Planetary Congress of Biospheric Rights (1996), this Peace Plan was 
extended to include the establishment of anew human covenant that would restore 
to humanity its intrinsic biospheric rights, the same as enjoyed by the rest oflife in 
the biosphere: free land, clean air, clean water. The premise of the Biospheric 
Covenant is that humanity is first and foremost amember of the biosphere, and not 
of any artificially constituted nation-state. The Biospheric Congress also mandated 
the revival of the Banner of Peace and Roerich Peace Pact (1935) as one of the 
emblems to be used to identify the biosphere as a zone of peace. 

The World Congress on the Law of Time and Judgment Day Tribunal (1997) 
extended the Biospheric Congress to include an indictment of the Gregorian  calen- 
dar as acrime against the biosphere-"the crime of the millennium"-and the es- 
tablishment of the Law of Time, inclusive of the Twenty Tablets, as the new dispen- 
sation of knowledge awarded in compensation to humanity, based on the synchronic 
veracity of the Thirteen Moon Calendar Change Peace Plan. 

By 1999, the World Summit on Peace and Time provided the Declaration of 
Calendar Reform and a set of People’s Resolutions, which were presented to the 
United Nations and the Vatican. The Resolutions define a seven-part educational 
program, which, like the Biospheric Covenant, envisions aradical reorganization of 
human = society. 

The purpose of these documents and declarations is for the creation of a state of 
universal unconditional peace so that human society can be rebuilt as a harmonic 
unity in phase with the biosphere as a whole. The result of the Thirteen Moon 
Calendar Change Peace Plan would be the creation of anew order oflife on Earth- 


the Pax Cultura, Pax Biospherica. 
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The Advent of the Noosphere 


A Prayer and a Vision 


IT IS MORNING once again, or, rather, it is predawn. It is still the first watch of 
the day. Outside there is a full moon. On the Gregorian calendar it is November 1, 
2001, All Soul's Day, the sequel to Halloween, the day of honoring the dead. In 
another two weeks it will be the New Moon of Ramadan, Islamic lunar year A.H. 
1422. On the Thirteen Moon synchronometer itis now the fifteenth day of the Self- 
existing Owl Moon, the moon of form, the moon to define, measure, and ask the 
question, "What form will my service take?” Well, my service will be to complete 

this book and prepare it for the world, for now it is the time of the advent of the 
noosphere, the reality of which Vernadsky said must be communicated to the world's 

politicians and statesmen. They didn't listen then. WIIl they listen now? And on the 
260-kin synchronization gauge it is kin 42, White Electric WInd. The WInd "com- 

municates spirit," the Electric tone "activates service." WInd is the second of twenty 

solar seals that code each day in the synchronic order. . 

By its mathematical relationships to the other nineteen solar seals, the solar seal 
of the daily kin possesses a unique five-part oracle. In today's oracle the WInd is 
guided by the World-bridger, who brings the power of death. In the psi bank, the 
matching psi chrono unit for today, the fifteenth day of the Self-existing Owl Moon, 
is kin 66, Magnetic World-bridger, the first tone in the 13-kin wavespell of the World- 
bridger, which means today is very strongly penetrated by the power of death. 
What is death to the noosphere? An inevitable and unavoidable event, a critical and 
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equalizing stage in the recycling of biomass, a furtherance of the biogenic migration 

of atoms, the creation of biospheric compost, a release of consciousness back into 
the noosphere, an opportunity to consider the value oflife. But to the ordinary mind 
of the artificial technosphere, death is the ultimate object of fear, and the fear of 
death is the chief object of manipulation by those who generate terror. It is of note 
that by his date of birth, March 10,1957, the galactic signature of Os ama Bin Laden 
is White Solar World-bridger, kin 126, while for this, his forty-fourth year, his birthday 

was coded by kin 66, White Magnetic World-bridger, both signatures bearing the 
destiny seal of the power of death. This is an example of how the synchronic order is 


"read" on a daily basis. 
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It is a mistake to think that the terror is just the malevolent intention of a single 


human being. The terror is co-extensive with the technosphere. In fact, the techno- 


sphere is the age of terror. The terror was generated at Hiroshima, 


and repeated at 


Nagasaki fifty-six years ago. And the terror was compounded by the original perpe- 
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trators of that terror many thousands of times over in the creation and stockpiling of 
weapons of mass destruction, an act soon imitated by the then archrival, the Soviet 
Union, and by other nation-states, namely, the United Kingdom, France, and China. 
Those called the "terrorists" today have nothing to compare to the stockpiles of 
these weapons by these five nation-states who constitute the permanent members of 
the United Nations Security Council-the "nuclear club." That is who rules the 
world today, the official possessors of the weapons of mass destruction, who jeal- 
ously guard their secrets. If this is the ultimate ruling body of the planet, and the 
reason why they are the ruling body is their possession of these instruments of death, 
then why should anyone be surprised at the existence of "terrorists" in the rest of the 
world? And why, we may ask again, are these terrorists mostly, it would seem, from 
the Islamic world? In addition to the nuclear arsenals, there are the biological and 
chemical weapons of mass destruction. Those who live by the manufacture of terror 
must surely die by their own means. If other nations have developed the same sys- 
tems of terror, it is only in self-defense or in imitation of the masters of terror. 

Everyday for four weeks now, I have been waking up at this time to continue 
work on this text, Time and the TechnospherelI had at first thought that the book could 
be complete with eight chapters. People don't have time to read, and the topic war- 
rants as brief and pithy an explanation as possible. After all, it is really a time of 
reflection-and then action. The masters of terror have cloaked themselves as the 
protectors of civilization and as the moral crusaders who will rid the world of evil. 
Yet what is civilization today but the resource-consuming cancer of the biosphere? Is 
this what is being protected-the right to promote the disease upon the biosphere? 
The terrorists who attacked the Twin Towers and the Pentagon clearly knew the 
symbolic and actual value of their targets. They also undoubtedly knew the depths 
of the death-fear of the superpower masters of terror, whose reaction would most 
likely foment a global war. But in such a war, who would win? In this regard, from 
the noospheric perspective, the Inevitable Event was the technocide-death by 
technospheric means-of the technosphere itself. The technosphere was created by 
and thrived on means of terror, and the means of massive terror as well as the eco- 
nomic imperialism perpetrated by the superpower managers of the technosphere 
could only have produced a reaction against itself known as terrorism. The end re- 
sult is collective suicide. There are no flags in the blood of the dead, nor is there any 
evident religious belief. There is only human biomass ultimately indistinguishable 
and anonymous to the biosphere. 

Eight chapters were needed in order to complete the information about the bio- 


sphere, technosphere, noosphere, and the Law of Time. Maybe anew spirit of the 
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biosphere will arise from the considerations of my book. Maybe the noosphere will 
spark in others the need to allow the biosphere to reclaim us from the technosphere. 
Anyone who says this is "turning back the clock" is only betraying their immersion 
and unexamined belief in the reality of artificial mechanical time. Yes, eight chapters 
were necessary to unfold this analysis and solution. But I knew there had to be a 
ninth chapter for the testament to be complete. For this is a living testament, and if 
anything has been learned by living according to the synchronic order of fourth- 
dimensional time, it is the renewed power of number itself. There is a power and 
meaning to number understood as a universal,  self-existing mental construct. The 
synchronic order is constructed of number. And as Pythagoras perceived, number is 
akind of spiritual entity that can only be aroused by an act of meditative contempla- 
tion. Each whole number bears its own resonance. You can feel this in the contem- 
plation of the difference between even and odd numbers. 

The resonance of 8, an even number, is harmonic order and balance, geometri- 
cally evident in the octagon or the octahedron. But the resonance of9, an odd num- 
ber, is quite different. Nine months to give birth, three times three, a rhythmic _ tri- 
plicity-that is nine. The Germanic god-hero 
Odin, or Votan, spent nine nights hanging from 
a tree in order to gain knowledge of the mys- 

teries of woman. When the tomb of Pacal 

Votan was opened on June 15, 1952, it revealed 

alarge vaulted chamber beneath the pyramid 

of the inscriptions in Palenque, Chiapas, 

Mexico. Entering the tomb, in the center of 

which is the famous sarcophagus, one sees on 

the walls the beautifully sculpted figures of 
nine personages. Today these sculptures have 
almost completely worn away. But originally, 
these low-relief sculptures modeled out oflime- 
stone, depicted with great elegance, a series of 
figures commonly known as the Nine Lords of 
Night, or the Nine Lords of Time. Are the Nine 
Lords of Time, the Lords of Night who guard 


Nine Lords of Time Pacal Votan in his tomb, the same as the nine 
Begin to Gather for a nights of OdinIVotan? And who was Pacal Votan? 
Council of the Earth 


With what mythic resonance are we dealing? 


A Mayan seer, a sage-king of the seventh 
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century of the Christian era, had deliberately created a mysterious tomb for himself, 
only to have it hidden, buried beneath a pyramid temple, but a tomb intended to be 
opened more than twelve centuries later, in the seventh year of the time of the ter- 
ror, the time of the technosphere. How ingenious, how uncanny, that it would have 
been unknown for 1,260 years-a number also known in the thirteenth chapter of 
the Book of Revelations as the number of days of exile of the woman clothed with 
the sun, her feet on the moon, and twelve stars around her head. What does this 
allegory mean? Is it not the same as the exile of the human soul in the deadening 
world of 12:60 materialism? Sixty years remained from the opening of that mysteri- 
ous tomb to the closing of the cycle of history, the omega point of 2012. How could 
the timing of the opening of the tomb have occurred so precisely-1,2 60 years from 
dedication to discovery, 1,320 years from its dedication to the closing of the cycle? 
How could those years be such a perfect reflection of the artificial 12:60 and the 
natural 13:20 timing frequencies? How could a Mayan sage in Central America so 
long ago be able to see, it would seem, into our future? 

When we study the globe and consider things synchronically from the perspec- 
tive of the noosphere, we find some interesting correspondences. Pacal Votan lived 
in the tenth baktun cycle, between the Christian years 603-683, on the opposite side 
of the world but at almost the same latitude as Mecca, and just after the time of 
Muhammad, 570-632. Today the religion that God commanded Muhammad __ to 
found, Islam, is at the center of the terrorist storm, while the prophecy of Pacal 
Votan and of the Mayan calendar in general has placed the end point of history at 
2012, amere eleven years after the Inevitable Event that placed Islam at dead center 
of the world mind. How could this be, the religion of the prophet Muhammad and 
the prophetic timing of the Maya so close at hand? Is this some revelation of the 
Nine Lords of Time, or of God speaking through them-and who are the Nine 
Lords of Time? Are they destined to return? Could it be that the Nine Lords of 
Time, like some higher dimensional Lords of the Ring, are a manifestation of time 
to be released, one by one, in an annual sequence during the last nine years of the 
Great Cycle, 2004-2013? 

These Nine Lords of Time are known in Mayan as the Bolontiku; their counter- 
parts are the Oxlahuntiku-the nine lords and the thirteen lords, respectively. The 
nine lords govern the underworld, the time of the third dimension, which is why 
they are depicted in descent to the sarcophagus of Pacal Votan, while the thirteen 
lords govern the heavenly realms. The nine govern the nine vigesimal orders of 
number, while the thirteen govern the form of time. The dedication of the tomb of 
Pacal Votan in A.D.692 corresponded to the Long Count baktun date of9.13.0.0.0. 
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The nine and the thirteen lords-Bolontiku and Oxlahuntiku-are present in the 
very numbers of the dedication date. And the nine and the thirteen also governed 
the prophecy of Quetzalcoatl, of Thirteen Heavens of decreasing choice and Nine 
Hells of increasing doom. This prophecy refers to the sequence of twenty-two  52- 
year cycles that began in A.D. 843 and ended in A.D. 1987. Six years later, in 1993, 
during the first year of the 260th and final katun cycle of history, I began to decode 
the prophecy ofPacal Votan, some forty-one years after the tomb had been opened. 

Telektonon, the Prophecy of Pacal Votan, was meant to be decoded precisely 
and only at the moment of its absolute usefulness, kin 144: Yellow Magnetic Seed, 
July 26, 1993. This moment defined the Seven Years of Prophecy, 1993-2000. It also 
established the validity of the Dreamspell or Wizard's Count as the reformulated 
Year- Bearer Count of the Chilam Balam, the jaguar priests or night seers. That is, 
the Telektonon Prophecy could only have been triggered when kin 144 occurred as 
the Year Bearer, Yellow Magnetic Seed, kin 144, correlated to the Gregorian date of 
July 26, 1993. 

The precise revelation of this prophecy on kin 144, July 26, 1993, was dependent 
on and could only have occurred because a prophetic count, the WlIzard's Count, de- 
rived from the prophetic tradition of the Chilam Balam, had already been established. 
This "count" provided the basis of The Mayan Factor and was woven into the conclu- 
sion of the Prophecy of the Thirteen Heavens and Nine Hells, Harmonic Conver- 
gence, August 16-17, 1987. And the precise number of kin 144, the revelation date of 
the prophecy of Pacal Votan was meant to accord with the Book of Revelations num- 
ber of the elect, 144,000 (Revelations 7:4). In fact, that very day I discovered that the 
number 144 transliterated from the vigesimal count into Arabic numbers is written 
7.4, which is the same as the chapter and verse number where the 144,000 are first 
mentioned in the Book of Revelations (7 = 140, or 7 x 20, plus 4 units =7.4). More 
uncanny stuff-but not so to the noosphere, the Earth's mind of time. In the noosphere 
everything is woven of number, and number is intrinsically synchronizing, which is 
why numerology has held such a fascination for the human mind throughout history. 

When I first began to decode this "final prophecy of the Maya," or Telektonon, 
a prophecy that commands the return to natural time through the Thirteen Moon! 
28- Day calendar, I was stunned and not alittle frightened. Ihad already taken many 
steps to remove myself from mainstream society and conventional life. But now I 
was dealing with a genuine prophecy, and I was to be its messenger. This was not my 
invention. The world is filled with enough madmen and lunatics spouting their par- 
ticular visions. How could I ever make the world understand that this vision, this 


prophecy, was real, that it was the fulfillment of a Mayan who lived and died thirteen 
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centuries ago, and that his tomb was the vehicle of this prophecy, a prophecy meant 
precisely for this moment in time-the biosphere-noosphere transition? 

I returned to the texts of the Chilam Balam, whose prophetic stream includes 
day prophecies, year prophecies, katun (twenty year), and ahau (260-year) cycle proph- 
ecies, prophecies of Quetzalcoatl, and finally the special prophecies of the mysteri- 
ous Antonio Martinez and the coming religion of the Hunab Ku, "One Giver of 
Movement and Measure." I realized that the meaning and fulfillment of this entire 
prophetic stream was crystallized in the Harmonic Convergence and its 26-year 
aftermath. Chilam Balam, the jaguar priests, are the wizards of time, inspired by the 
guidance of the Bolontiku, the Nine Lords of Time, the Lords of Number. By com- 
mand of the Supreme One (Hunab Ku), the wizards are directed to establish clear 
paths of rekindled knowledge. The ancient Maya prophesied their own destruction. 
Therefore, within the prophecies of the Chilam Balam they laid the seeds of their 
reconstruction-but not simply as Maya. The reconstruction had to be planetary, 
for their destruction in the sixteenth century was also an act of planetary conse- 
quence-the plunging of the entire world into the prison of artificial, mechanized 
time. The fulfillment of the prophecies along with the new dispensation of time had 
to occur before the end of the cycle, 2012. 

For this reason, the master synchronic architect of the Mayan prophets, Pacal 
Votan, prepared the way with the discovery of his tomb in 1952. This phenomenal 
act of prophetic release meant that now the messenger of his prophecy of time had 
to be summoned to his task. This was to be my role and responsibility-one that I 
accepted, for I saw no other choice. The course of my life from the moment I had 
experienced an illumination atop the Pyramid of the Sun at Teotihuacan§ in 1953, to 
that moment forty years later, in 1993, when I first perceived that the meaning of the 
prophecy Telektonon was asingle trajectory. The noosphere had found another chip. 
After all, ifthe noosphere is the mind of time on Earth, prophecy is just another way 
of radializing time, of bringing it around from one point in acyclic motion to an- 
other. My preparation had been going on for a while. 

Once I had received knowledge of the prophecy of the Thirteen Heavens and Nine 
Hells from Tony Shearer back around 1970, I prepared myself by study and medita- 
tion for the moment of the Harmonic Convergence. It may be asked: If the Harmonic 


Convergence concluded the cycle of the Nine Hells, then why are we experiencing the 
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apocalyptic events of Hell on Earth now, some fourteen years later? What was the 
actual meaning of the Harmonic Convergence, and what does it mean for us today? 

First of all, the Harmonic Convergence’ refers to the entire 26-year cycle from 
White Galactic WlIzard to Yellow Galactic Seed, 1987-2013. The conclusion of the 
Ninth Hell refers to the release of humanity into the 26-year time zone of free will, 
choice, and decision in preparation for the completion of the cycle, omega point 2012, 
and the Galactic Synchronization, 2013. The full and true Harmonic Convergence 
will not be complete until the Earth itself becomes the Galactic Seed, 2013. If the 
twenty-six years are the free will zone of choice and decision, what are we to choose 
and decide? The choice is, as I was quoted in the 7V¢lllStreet Journal in 1987, » between 
a'new age’ and all-out destruction." The decision is to accept the knowledge of the 
error in time (12:60) and the choice is to return to natural time (13:20) by means of 
the Thirteen Moon!28-Day calendar. This the prophecy ofPacal Votan fully affirms. 

In principle, the Harmonic Convergence refers to the converging of all aspects 
of reality in a great, all-unifying harmony. The initial moment of the Harmonic 
Convergence that witnessed hundreds of thousands of humans congregated at sa- 
cred sites worldwide at the dawn of August 16, 1987, Blue Electric Eagle, was a pure 
prophetic enactment of humanity being harmonically converged with the natural 
order of time. This visionary moment demonstrated that, indeed, Harmonic  Con- 
vergence was possible. The wave of unconscious energy released through the collec- 
tive psyche of the species as aresult of this moment of prophetic purity reached a 
climax with the fall of the Berlin Wall and the end of the Cold War. 

Early 1990, the role of the Harmonic Convergence in this process was echoed in the 
mass media as the question, "Did the Harmonic Convergence bring the world closer to 
peace?"] Before the question could be answered, the next phase of the prophetic end 
time began to unfold. Rather than determine how to make the choice to enter a genuine 
new age, the human race defaulted to an absolute materialism. It was this collective turn 
taken by the planetary leadership, now known as the G-7, that engendered the apoca- 
lypse we are now witnessing. In this turn, the Harmonic Convergence was forgotten, 
deleted as it were from the official public texts of contemporary history. The stage was 
thus set for the next revelation, the Telektonon of Pacal Votan. 

In distinguishing the Seven Years of Prophecy, 1993-2000, Magnetic Seed- 
Resonant Wlzard years, the Telektonon of Pacal Votan makes an absolutely clear 
analysis of the human condition at this time: unless the human race forsakes the false 
time governed by the instruments of the Gregorian calendar and the mechanical clock 
by the year 2000, then it will face its own destruction, biospheric collapse, and Hell on 


Earth. But ifby the year 2000 it can make the decision to reject the calendar of the false 
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12:60 time and adopt the perfect instrument of the natural 13:20 time, the Thirteen 
Moon!28-Day — calendar, then humanity will have been able to make the choice of 
entering anew age. For the new age, so longed for, is actually only realizable as a 
new time. A new time can only come about by the rejection of the instrument that 
holds in place the hallucination of the old time, replacing it instead with an instru- 
ment of such perfect harmony that it has no history, but is truly post-historical. 

For this, the messengers of time, myself and my wife, embarked on a course of 
being galactic gypsies, with no visible means of support, in order to warn the world 
of the meaning of the time and to offer to the world the opportunity of changing _ its 
course by changing its calendar. When the year 2000 rolled around, humanity _ re- 
mained unmoved. The Gregorian calendar, the Vatican, and the G-7 appeared to be 
as strong as ever. The prophecy did not fail, but humanity did fail to heed the mes- 
sage regarding artificial and natural time. In this process, as "messengers" my wife 
and I were only playing out an archetypal role. So beginning with the Blue Galactic 
Storm year, July 26,2000, thirteen years after the White Galactic WlIzard year, hu- 
manity was placed in judgment. This is merely a matter of natural karmic law. 

The four-year cycle, 2000-2004, became known as the prophetic cycle of the Har- 
rowing of Hell. Just as Jesus was crucified and then experienced the Harrowing of 
Hell before his resurrection, so too humanity has been crucified on the technospheric 
cross of false time, and is now in the Harrowing of Hell awaiting the resurrection in 
natural time. For having failed to take seriously all its messengers and all its prophets 
of all times, humanity was now to pass en masse through hell. Since the Galactic Storm 
year, 2000-2001, completed aSeed-Storm Year bundle begun in the fifth year of proph- 
ecy (1997-1998), the 2000-2001 Blue Galactic Storm year was the year of evaluation. 
The full judgment was withheld until the Solar Seed Year, 2001-2002. 

The Solar Seed year is the second year of the Harrowing of Hell, but the first 
year of the next four-year Seed-Storm Year bundle. The first half of the Yellow Solar 
Seed occurs during the second half of the first official year of the third millennium, 
2001. The moment was now ripe for the Inevitable Event, for it was also the same 
Gregorian calendar year as 1945 and 1973. In the Telektonon Prophecy, verse 120, 
section 19, it is declared, "When the Lunar Moon has overflowed its banks, the G-7 
will be no more." So it was on the twentieth day of the Lunar Moon (Blue Self- 
existing Monkey, galactic signature of Karl Marx), that the Tower of Babel, the World 
Trade Center, was struck a fatal blow, while the Pentagon, magical structure of the 
priests of the Dark Lords of Matter, built in "Hell's Bottom," Arlington, Virginia, 
during the Ninth Hell cycle, was mortally penetrated. 


It is still the time of the Harmonic Convergence. The Harrowing of Hell 
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represents the last cycle of respite for humanity. ByJuly 26,2004, Blue Crystal Storm, 
humanity must make the "choice between a'new age’ and all-out destruction" when 
it will have the last opportunity to make the decision of rejecting the old time and 
calendar and replacing it altogether with the instrument of perfect harmony, the 
Thirteen Moon!28-Day — synchronometer. Only such a harmonic organizing _ prin- 
ciple, universally accepted and applied, can ensure atime of harmony and the fulfill- 
ment of the Harmonic Convergence. 

Is it possible that within the noosphere the Harmonic Convergence is awaiting 
its next climax on the Day Out of Time and the Thirteen Moon Synchronization 
date of the year 2004, that is, on Gregorian July 25 and 26, 2004? One reads through 
the Journal of Calendar Reform and the many texts and arguments for calendar re- 
form that were put forth in the 1930s and feels the missed opportunity. Even Gandhi 
was in favor of a new universal timing standard as a principle means of unifying 
humanity in peace. Did World War II occur because the League of Nations failed to 
enact the calendar reform on January 1, 1933, as it had fully proposed? The League 
of Nations had promoted calendar reform as one of its major agendas since the 
1920s. This world organization failed at calendar reform and at preventing World 
War II. Who or what prevented that reform from happening, and why? 

Let us look at the matter again. In order to remain constant, any perpetual  cal- 
endar ordered by the seven-day week requires the principle of a null day, a Day Out 
of Time that isno day of the week at all. This was afeature of the preferred Thirteen 
Moon!28-Day calendar proposed by the International Chamber of Commerce, as 
well as the other modified calendars of twelve months. Reading through archives 
and literature, pro and con, it is clear that what defeated the calendar reform was the 
conservative, Vatican-inspired objection to the null day, the Day Out of Time. To 
observe such a day, which is no day of the week at all, it was argued, would break the 
weekly succession of days set in motion by God at the beginning of creation-such a 
break would plunge the world into barbarism, chaos, and war. "The adoption of the 
weekly cycle was atriumph of Christianity to the detriment of paganism. The cult of 
Christianity is inextricably connected to the week whose origin reaches to the dawn 
of history. "2Therefore, it was contended, to interrupt this weekly succession would 
destroy Christianity itself. As a result of such propaganda, the League of Nations 
faltered, no calendar reform occurred at all, and the world was plunged into war-a 
war that ended with the beginning of the age of terror. This terror is now running its 
course, like a fever sweeping through the biosphere. WII] it be possible to consider 
again what the League of Nations faltered on and what the United Nations simply 


chose to ignore? 
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Who really lost out when the calendar reform issue was tabled in 1956 at the 
United Nations? It was not God who invented the week as we know it, but more 
likely the Babylonians. Behind the week is the mystery of the whole number seven, 
recalled in the Epic of Gilgamesh as the seven wise men ofU ruk. But the Babylonians 
clothed the seven-day cycle in the raiment of the sun, moon, and five principle plan- 
ets-Mercury, Venus, Mars, Jupiter, and Saturn-to which the days of the week have 
no actual relation. Seen in this way, the seven-day week was intended to be a means 
on Earth for reenacting some remote mythic reality related to these seven heavenly 
bodies. What was that mythic reality, on what hidden knowledge is the count of the 
seven-day week presumed? Borrowing from Babylon, the ancient Hebrews incorpo- 
rated the seven-day week into their purely lunar calendar. And it was thus from the 
Hebrews that the seven-day week entered the Julian and then the Gregorian calen- 
dars. It was not, however, the Romans who adopted the week, but the Christian 
successor to the Roman empire, the Church of Rome. What truly was the origin of 
the week? And what relation or meaning does it have in the first place? Even to F.H. 
Colson, a Christian scholar writing as late as 1926, the seven-day cycle is described 
as "that intruder the week, consisting indeed of a fixed number of days, but paying 
no regard to months or years."3 

With its fixed number of days, the week makes sense only in a system of time 
reckoning that is synchronic rather than astronomical in nature. To those whose 
minds are set on the synodic lunation cycle as the absolute standard, as does the 
Gregorian calendar, the week is what ensures the greatest disorder in the calendar- 
and yet it is defended to the death. The week gains its power from the whole 
number 7, and not from the jumble of names in which the week is clothed. The 
seven-day cycle is the closest whole number that corresponds to the four phases of 
the moon, which, as whole numbers, are also seven days each. In fact, the fixed 7-day 
cycle only makes sense within the context of the Thirteen Moon calendar with its 
28-day cycles divisible by four and seven, creating the annual cycle of fifty-two 
perfect weeks-plus the Day Out of Time, ensuring a perpetual harmony. 

Was the Babylonian naming of these days-with only one name areference to 
the moon-meant to be acover-up of some earlier knowledge, a knowledge both 
more purely lunar and harmonic, such as the Thirteen Moon calendar? Is all of 
history, then, just based on a cover-up of harmonic time? What would really happen 
if there were a Day Out of Time, no day of the week or month at all? Would old 
belief systems dissolve? Would there be a psychic release, a sense of freedom? Since 
1993, sixty years after the failure of the League of Nations to enact calendar reform, 


the Thirteen Moon Calendar Change Peace Movement has made certain that the 
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Day Out of Time is the day for forgiveness of debts, of release into timelessness, and 
for experiencing the full meaning of time is art. This day is now annually celebrated 

worldwide by increasing numbers of humans. All the while, the Gregorian world has 
arrogantly plunged blindly forward, locked into its mechanistically chaotic timing 
sensibility, only to receive the mortal wound of the Inevitable Event, causing it to 
fall through the seams of its own making, the technosphere. A Day Out of Time, it 


seems, might be arelief to a world now consumed by chaos, barbarism, and war. 


He sends down from the sky water for your drink and to grow trees for your benefit. 
With it He grows for you crops, olives, date palms, grapes, and all kinds of fruits. 
This is sufficient proof for people who think. And He commits, in your service, the 
night and the day, as well as the sun and the moon. Also, the stars are committed by 
His command. These are sufficient proofs for people who understand. (Quran, 


16:10-12) 


Yes, the biosphere is a set of proofs for people who understand, an immense 
order that reflects and transforms the cosmos through the very process of life on 
Earth. Who are the people who understand, and where are those people today? 
Who will speak for the biosphere? Who will take the message of the advent of the 
noosphere to the statesmen and the politicians that they may take heed and note that 
what is occurring is not really in their control at all, but is the climax of a phenom- 
enal process known as biogeochemical combustion? And who will declare that this 
climax will inevitably shake all the towers to their foundations and level the moun- 
tains of industry to a flat plain from which the noosphere will manifest as the equal- 
ity of telepathy for all? 

This book, and this ninth chapter in particular, is like along meditation, a vision, 
inspired by the dark tragedy of the Inevitable Event. As avision, these thoughts are 
both those of one solitary individual, albeit anoospheric chip, and the continuation 
of the vision of that ancient seer, Pacal Votan. Could it be that Pacal Votan in his 
time knowledge rehearsed all these words, these thoughts, this entire vision itself? 
On the sarcophagus lid of Pacal Votan is across, not the cross of death as in Chris- 
tianity, but the cross oflife, atree, acosmic tree. Across that tree isaserpentine band 
with two dragonlike heads, one at each end. This band represents the galaxy. The 
head at each end represents the galactic vision that sees equally into the past and the 
future. Sometimes this is called the zuvuya, the reflex of cosmic memory. The entire 
galaxy, the Milky Way, is this reflex of cosmic memory. What if all of humanity is 
meant to be opened into this cosmic memory? This is what is meant by the advent of 


the noosphere, the mind of time on Earth, the mental envelope of planetary con- 
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sciousness arising from the grave crisis of the biosphere through which we are now 
passing at this very moment. 

Because we are now defining the noosphere does not mean that the noosphere 
was not known to those ancient Mayan time scientists like Pacal Votan, especially if 
the noosphere is defined as the mind of time on Earth. To such time scientists a 
NET year would be no time at all, or rather, it would be but a single, fifty-two solar 
orbit rehearsal of life. How many such rehearsals would be necessary before some- 
thing was finally learned? The Prophecy of Thirteen Heavens and Nine Hells, for 
instance, was actually just the passage of twenty-two NET years. Is this how long 
was needed to see if the human race would learn anything? And if Pacal Votan and 
Muhammad were around today, what would they think and do? 

Knowing the nature of the synchronic order of time, someone like Pacal Votan, 
obviously one of the most singular of all personalities of the Mayan world, would have 
possessed aconsciousness like the two-headed galactic band, the consciousness of ga- 
lactic memory. In the zuvuya of galactic consciousness, peering into the deep past is 
peering at the present from the future. This is possible in the radial time of the fourth 
dimension freed from the strict linear construct of past-and-future-time. From some 
higher state of mind, from a mind and consciousness identified completely with the 
galaxy, this has all been foreseen, this has all been written in a book. Now we who are 
in this present state of end-time consciousness are being asked to self-reflect. We are 
being asked if we can manage to hold the noospheric lens steady enough to see that the 
technosphere had to end, and that the technosphere could only end by the means by 
which it maintained all of the biosphere in its control, by terror itself. 

Yes, we are all a bit like the frog at the bottom of the well whose vision and 
perception of the universe is circumscribed by what the opening of the well allows it 
to see. The well is the technosphere, both as a planetary apparatus and as a belief 
system. On the other side of that well is avast world that we have actually never seen. 
This vast world is the noosphere and beyond. And what is beyond? Many of the 
traditional peoples say that we originally came from the stars. If we came from the 
stars, are the star people still out there? And what do the star people think of all that 
is happening on Earth today? And what do they think of their lost star children, 
many of whom now believe it is childish to think that we came from the stars? And if 
there are star people still out there, wouldn't they be too sophisticated to think they 
could get anywhere in arocket ship, or even a UFO, subject to the entropic degrada- 
tion of the material plane? 

No, they wouldn't rely on such primitive technology, but would be in tune, as is 


the rest of the universe, with the universal frequency of synchronization and the 
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capacity of time to travel at an infinitely instantaneous rate of transmission. This being 
so, we could receive telepathic messages from the star people-if | we were ready for it 
and knew precisely why, when, and how such communication occurs. In fact, as we 
have said earlier, the noosphere isthe region on Earth for the receipt and transmission 

of messages of cosmic consciousness. This being so, the future of human evolution, of 
Homo noosphericus, would be nothing less than to become a medium of cosmic con- 
sciousness, adapting to the expanded measure of Noospheric Earth Time, traveling 

back to the stars but through the superior knowledge of the actual laws of time. 

In writing this book, I have only a sense of duty, of responsibility to expand the 
vision of my fellow earthlings from the technosphere to the noosphere. In the Law 
of Time there are no arbitrary distinctions between reason and art, science and proph- 
ecy. The universe really is a giant radio transmitter. This book is as much an exposi- 
tion of matters generally not thought about, as it is a personal testament and vision. 
In that regard this text is a portion of a broadcast transduced and received by me 
functioning as anoospheric chip, on behalf of the biosphere-noosphere transition. 

In the tomb lid ofPacal Votan are impressed all the frequencies of this broadcast 
transmission called Time and the Technosphere. know that Pacal Votan took an earthly 
form for just this purpose. He left his body in that tomb, ajade mask being the actual 
impression of his face. According to Chinese and ancient Mexican tradition, jade is 
the stone of immortality. Was Pacal Votan an immortal? Where did his conscious- 
ness and spirit go once his body was placed in the sarcophagus? Why did he leave the 
Telektonon, the Earth Spirit Speaking Tube, running from the tomb to the temple 
floor at the top of the Pyramid of the Inscriptions? Knowing the frequency of the 
synchronic order governing the psi bank of the mental envelope of the Earth, did he 
place his thoughts in the noosphere to be released at the precise moments of the 
opening of his tomb and the decoding of his prophecy? And then where did he go? 

Beginning in 1980 I became conscious that, from time to time, I had been re- 
ceiving telepathic transmissions. I soon identified these transmissions as coming from 
the star Arcturus. In Earth Ascending, originally written in 1983, the nature and pro- 
gram of the psi bank, the control panel and regulating mechanism of the noosphere, 
became known to me. This was followed by The Mayan Factor, and then the decod- 
ing of the Law of Time. At the moment when I had just finished writing The Mayan 
Factor in 1986, I received the inspiration for what is called the planet holon, the 
twenty-part structure accommodating the program of the twenty solar seals. When 
I received this image it was known to me as the program of the Arcturus  Protector- 
ate. AsI understood it, the Arcturus Protectorate was established by the "star people" 


as akind of protective time shield around the Earth. By means of the activation of 
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this time shield, the star people would know that some of the earthlings were waking 
up to time and beginning the conscious activation of the noosphere. This is exactly 
what came about through the Dreamspell, beginning in 1990. 

The Dreamspellis such a radical break from the past, and such a pure statement 
of the history-less fourth-dimensional future, that in order to comprehend it, in 
1992 I wrote two other books, one called the Arcturus Probe: Talesand Reports of an 
Ongoing Investigation and the other The Call ofPacal Votan: Time is the Fourth Dimen- 
sion. Some people will say that the Arcturus Probe is an exaggerated fantasy, yet I 
cannot deny what a purely telepathic process it was to write that book, which fills in 
many points of the psychomythic cosmology of Dreamspell: The Journey of Timeship 
Earth 2013. The Call of Pacal Votanwas originally titled A Treatise on Time Viewed 
from its Own Dimension, and is a purely scientific description of the mathematical 
codes of the Dreamspell in relation to the biosphere-noosphere transition. The one 
text purely imaginal, the other purely rational, yet both were two sides of the same 
coin, arendering of the Law of Time in its cosmological and mathematical compre- 
hensiveness. Then came the even more abrupt break with my conventional past, the 
Telektonon Prophecy of Pacal Votan. 

I bring up all of these personal details because people often ask where it all 
came from and where I got my ideas. But more importantly, I bring them up 
because, as I have been indicating, all of this was foreseen and known by a seer in 
another time, in another world-Pacal Votan. And this process of one person hid- 
ing a prophecy and another person in another time finding that prophecy, this is 
also a further revelation of how the noosphere functions. The French mathemati- 
cian and philosopher Charles Henry (1859-1926) declared, "As the individual be- 
comes more collective, the collective becomes more individual."4 As individuals, 
we humans are meant to grow into the collective mind known as the noosphere, 
while the noosphere, which is the collective, could only be known through its 
incorporating itself through the individual. I am one such individual, a noospheric 
chip. The noosphere could not be understood if it did not take on a personality or 
a number of personalities. Otherwise the noosphere would remain in the purely 
theoretical state or condition. 

Now that the Inevitable Event has occurred, the noosphere is recruiting. The 
program of recruitment is called the Campaign for the New Time. This is a genuine 
campaign, but a peace campaign and not amilitary one. Asacampaign it must reach 
its climax by mid-2004, a full eight years before the end of the cycle, northern win- 
ter/southern summer solstice 2012, the noosphere's omega point. The reason for 


this is that any later than 2004, the prophecy will be negatively fulfilled. A minimum 
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of two Seed-Storm Year bundles-eight years-are needed to creatively destructure 
and then to reconstruct. The Inevitable Event was asign of God showing us that the 
end had already occurred. Now all the forces of goodwill and harmony must be 
channeled into the conscious act that will coincide with the noosphere's readiness to 
manifest through all of us, and that is the calendar change-the untried solution, the 
most important unfinished business of the last millennium. 

This is no longer a matter of debate. There is no other solution that hasn't been 
tried. There is no other way that the noosphere can become collectively conscious 
than through the human adoption of atiming system of perfect harmony. By meeting 
our deadline with the noosphere at the time of the Great Calendar Change in the 
middle of the year 2004-On the White Spectral Mirror, Day Out of Time, the day of 
release from the old, and Blue Crystal Storm, the day of entering the new-then the 
biosphere will harmonically converge with the noosphere, and the Pax Cultura, Pax 
Biospherica may begin in all seriousness. Such is the advent of the noosphere. 

What did the Maya foresee for 2012? What is Pacal Votan's vision? Pacal Votan's 


vision is the fulfillment of a prayer-a prayer that I have heard through the silence: 


o Hunab Ku, One Giver of Movement and Measure, be kind to the children of this 
Earth. We see how every year you give and how every year you take away. This is so 
the children of Earth can learn to be free and dwell only in your presence. Yet we 
know that the children of the Earth must undergo their lessons as well. And we 
know that they must enter the dark time of testing. 0 Hunab Ku, in their time of 
darkness, in their time of forgetting, do not forget them, spare those who are good, 
if you can. Prepare for them the Second Creation you have promised to the righ- 
teous among them. Break for them the spell of false time before they destroy this 
Earth! And show to them the splendors of the Second Creation, of the New Heaven 
and the New Earth. Show them these wonders before the Great Cycle is finished, so 
that they may yet wake up from the sleep of time. And 0 Hunab Ku, may the nine 
great Lords of Time return to Earth! May they teach the children of the Earth how to 
become a race of wizards, tilling the noosphere as they have tilled the Earth. 0 bring 
to these children of the Earth a good Time, a Time of Peace as long, at least, as was 


their time of history and war, and then let that Time of Peace be multiplied sevenfold! 
And here is the vision that fulfills the prayer: 


Planet Earth, Rhythmic Solstice, Blue Resonant Storm year, 2012 Omega Point. 
The Earth's axisis tilted so that the North Pole is at its farthest from the sun, and the 


South Pole is at its closest. High above the Earth an iridescent, thin rainbow band 
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arches from one pole to the other. A second band does the same, but over the 
opposite side of the Earth. The Earth slowly rotates beneath these two rainbow 
bands that remain unchanging, constant in their positions, one of them directly 
opposite the sun, the other holding a position on the midnight side of the Earth's 
turning. The band facing the sun is the Earth's day alternator. The other band is the 
Earth's night alternator. If we glide across the surface of the Earth we see that 
everywhere there are small encampments, circular and radial in formation. Yurts, 
tents, adobe, and earthen structures-and gardens. The once-teeming cities are eerily 
silent, yet still inhabited, though with far fewer people than during the time of the 
technosphere. And everywhere in the small encampments people are reverentially 
gathered. This isthe moment of the closing of the cycle. It is as if everyone is draw- 
ing in a single breath at the same time, and exhaling it at the same time. From 
wherever you are, even though there are clouds, you can see the shimmering irides- 
cent rainbow alternator, either by day or by night. Clusters of people are gathered in 
circles of deep meditation. Around them the children laugh and play. "We are the 
noosphere," a voice is repeating, "we are the noosphere." This sets up a vibration 
and people everywhere stop in their tracks, they look toward the sky. They listen. 
"The galaxy isrenewing our thought. The galaxy isrenewing our mind. The galaxy is 
renewing our world, this Earth. Let us go home and learn some more." Drums and 
chanting fade into the twilight in one place and beckon the dawn in another. "Let us 
say the prayer again: '0 Hunab Ku, Allah, One Maker, Our Creator, we submit to 
You. Continue to keep us whole, continue to broadcast the noosphere through us, 
continue to let us listen to the higher collective voice that we are so that tomorrow we 
may register another kin, another NET minute in the glorious journey of Timeship 
Earth toward its goal of universal unification in your One Unending Thought, 0 
Hunab Ku, do not forget us, now, and do not let us forget you! Thank you for the 
closing of the cycle! May what we have learned stay with us and become the inherit- 
ance of our children for seven times seven generations to come, and may you bring us 


another cycle for all our descendants to live in continuing peace and harmony!'" 


This is the vision. Iam anoospheric chip. Do not turn away from your visionar- 
ies. Your prophets are still calling you and teaching you, if you would pay attention. 
There is much to do and learn. There is nothing more joyful than the positive con- 


struction of harmony. 
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Time and the Technosphere, First Draft Transmission completed, 
Self-existing Owl Moon Dali 15, 

Yellow Solar Seed Year 

Kin 42, White Electric W4Ind: 


I activate in order to communicate 
bonding breath 
I seal the input of spirit 
with the electric tone of service 


I am ptided by the power of death 


First draft edited, completed, and sealed, 
Overtone Peacock Moon Seli 2, 

Yellow Solar Seed Year 

Kin 57, Red Overtone Earth 


I empower in order to evolve 
commanding synchronicity 
I seal the matrix of navigation 
with the overtone tone of radiance 


I am guided by the power of life force 


Second draft edited, completed, and sealed, 
Rhythmic Lizard Moon, Seli 23, Navigation Tower 
Yellow Solar Seed Year 

Kin 106, White Lunar World-bridger 

Pacal Votan Clear Sign 


I polarize in order to equalize 
stabilizing opportunity 
I seal the store of death 
with the lunar tone of challenge 
I am guided by the power of endlessness 
I am a galactic activation portal 


enter me 
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Mayall beings be well and happy! 

May this text and these words inspire by their truth. 

If! have left out or omitted any logic or fact, or unnecessarily maligned any truth 
or being by my endeavor to convince through dear argument, may the Creator know 
that no such malice or oversight was ever intended. JI am but a human transmitter, a 
noospheric chip. My ability is commensurate with the frailties attendant to one too 


long steadfast on a path too little comprehended by many of those around him. 


May the truth prevail! 


Jose Argiielles, Ph.D. 

known in prophecy's light as 

Valum Votan, the Closer of the Cycle 
devotee of Bolon Ik 


Brightwood, Oregon 
Cascadia Bioregion 
North American Plate 
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Enilosue 


Networking the New Time 


TO READERS for whom the notion of calendar change, much less that of a Cam- 
paign for the New Time, is totally novel, yet who may have an interest in learning 
more about and participating in the preparation for the Great Calendar Change of 
2004, there is a place to begin and a way of going about it. 

The official coordinating agency for the Campaign for the New Time and the 
World Thirteen Moon Calendar Change Peace Movement is the Foundation for 
the Law of Time. Asanonprofit public charities educational corporation, the Foun- 
dation for the Law of Time provides the communications and information hub for 
the Planet Art Network (PAN). The Foundation also publishes calendars, tools, and 
literature about the Law of Time and sponsors various educational programs, peri- 
odic seminars and congresses, and projects such as the new time educational cara- 
vans and the development of garden-oriented land bases. 

For general information on the Law of Time or the Campaign for the New 


Time and its educational programs contact: 


Foundation for the Law of Time, World Headquarters 
Post Office Box 513 

Brightwood, Oregon 97011 U.S.A. 

Tel: +1 (503) 622-1976 

Fax: +1 (503) 622-0198 
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The Foundation for the Law of Time's outreach activity program is known as 
the Planet Art Network (PAN), the loosely knit and decentralized base of operations 
for the World Thirteen Moon Calendar Change Peace Movement. The PAN is 
organized into Bioregions, each with its PAN nodes (local chapters) and a governing 
Bioregional Council. The PAN nodes organize "crystal day meetings” once every 
thirteen-day wavespell-the crystal (twelve) tone day is the day to call around table 
or court of the kin to review past actions and prepare for future ones. The PAN 
nodes also offer educational programs and disseminate calendars and other educa- 
tional tools and literature provided by the Foundation, which constitute the infor- 
mation outreach of the World Thirteen Moon Calendar Change Peace Movement. 
The Campaign for the New Time is the coordination of the world PAN toward the 
goal of the Great Calendar Change of 2004. The PAN is also generally responsible 
for organizing the annual Day Out of Time events in its different localities and 
bioregions. 

For information about local Planet Art Network (PAN) operations, contact: 


Foundation for the Law of Time/Gnomicile Land Base 
World PAN Coordination Center 

PMB 267 

105 North First Avenue 

Sand Point, ID 83864-1301 U.S.A. 

Tel: +1 (208) 255-1172 

Fax: +1 (208) 265-9107 


The official Web site for the Foundation for the Law of Time, Planet Art Net- 
work, World Thirteen Moon Calendar Change Peace Movement and Campaign for 


the New Time is: 
www.tortuga.com 


This Web site is continuously updated and offers a great range of both practical 
and theoretical information about the Law of Time, the Campaign for the New 
Time, ongoing and upcoming events and educational seminars, listings of major 
PAN nodes worldwide, Law of Time archives, and links to other relevant Web sites. 

A major aspect of the Campaign for the New Time is the development of a 
program of "strategic alliances," information about which is also available at 
www.tortuga.com. If you belong to an organization that you feel could be in align- 
ment with the goals of the Campaign you can check out the Strategic Alliance page 
of the Web site or directly contact the Foundation for the Law of Time, World 


Epilogue 


Headquarters. The goal of the Strategic Alliances is to establish a "synchronization 
for peace force"-a coalition of a wide spectrum of organizations that are in align- 
ment with the calendar change and are willing to help organize local events and 
information dissemination for the Great Calendar Change of 2004. 

See also Appendix II, "The World Thirteen Moon Calendar Change Peace 
Movement and the Discovery of the Law of Time: A Brief Chronotopology — of 
Transformation. « 


Epilogue. 199 


200 


Mopencdix | 


Summary Critique of the 


Gregorian Calendar 
What Every Proponent of the Thirteen Moon 
Calendar Should Know 


NOT ONLY is the idea of the calendar as an instrument to determine a true and 
accurate year misleading, but solely focusing on this purpose blinds us to any consid- 
eration of time apart from duration or measurement of motion in space. The Law of 
Time asserts that the actual nature of time is synchronic; hence the purpose of calen- 
dars is to synchronize us in time according to various cycles whose harmonic num- 
bers extend from and return us to ahigher mental order of reality. It is a fatal error to 
dismiss amathematics of harmonic perfection when it is allied with the ordering and 
comprehension of cycles. The pursuit of a true and accurate year totally subordi- 
nates the cyclic nature of time to the ceaseless imperfection and change that charac- 
terize the phenomenal world when it is considered as the sole factor of existence. 
This defines the thoroughly materialist worldview of the 12:60 consciousness. 

In order to prepare the ground for a proper consideration of the Law of Time 
and the evolutionary necessity of the synchronic order of time as the harmonic _ reor- 
ganizing factor of humanity in its post-historic phase, it is necessary to expunge 
from the mind the error known as the Gregorian calendar. To demonstrate and 


expose the illogical and irrational nature of the Gregorian calendar as a standard of 
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measure, the following seven points are presented as asimple appeal to the intrinsic 


logic and intelligence of any human being. 


1.We require of a standard of measure that its units of measure are regular 
and equal with one another. 

This is not the case with the Gregorian calendar, whose base unit of measure, the 
month, proceeds in an irregular and uneven manner: 31 days, 28 days, 31 days, 30 
days, 31 days, 30 days, 31 days, 31 days, 30 days, 31 days, 30 days, and 31 days. Why 
would anyone use a standard of measure with irregular units? Do you know what 
results when a crooked standard of measure is employed consistently for millennia? 
It might be noted that at the time of Augustus Caesar, August was called Sextile and 
had thirty days, while February then had twenty-nine days. In order to honor Augustus 
and make him the equal ofJulius Ouly) which had thirty-one days, the twenty-ninth 
day was taken from February and added on to Sextile, whose name was then changed 
to Augustus (August). By harmonic contrast, the Thirteen Moon calendar is per- 


petual in that all of its units of measure are equal-28 days each. 


2. The names of the months are as illogical as their uneven numbering. 

January is derived from the God of the doorway; February is an obscure word refer- 
ring to an animal divinatory rite; March refers to Mars, the planet and the god of war; 
April and May refer to goddesses of the spring; June to the wife of Jupiter; July and 
August are named after the two most prominent Roman Emperors, Julius and Augustus 
Caesar. As for the remaining months, September, the ninth month, means seven; Oc- 
tober, the tenth month, means eight; November, the eleventh month, means nine; and 
December, the twelfth month, means ten. Of course, having grown habituated to the 
crooked standard of measure, it is easy to overlook and dismiss as innocuous _ the irra- 
tional naming of the months. But is it so innocuous? What do the names of these 
months have to do with an order of time, or even a cosmology or culture of time, 
which we assume acalendar might reflect? By blindly accepting this irrational disorder 
of names, do we not predispose ourselves to accept irrational disorder in common- 
place things around us, and even within the fabric of our society, thus reinforcing in us 


atendency to accept asuperficial treatment of the symptoms, while ignoring the roots? 


3. Leap year and leap day isthe most highly touted aspect of the Gregorian 
calendar. 
Structurally, the Gregorian calendar is indistinguishable from the Julian calendar. 


The only thing that separates the Gregorian from the Julian calendar is the correction 
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of the leap year day. Pope Gregory XIII "corrected the calendar" by deleting three 
leap days from the years that begin the centuries, except those divisible by the number 

four. Leap day is the extra day that accumulates every four years due to the length of 
the astronomical year being 365.241299 days and not 365. It can be seen that the 
fraction .241299 is not quite 1/4, which would be .25. The Julian calendar did nottake 

this into account, hence an error crept in that caused the spring equinox on the calen- 
dar to fall some ten days behind the solar moment of the spring equinox-a fact noted 
by the conquistadors when they encountered the Mayan calendar, which had no such 
discrepancy. Thus, in 1582, Pope Gregory XIII "improved" on Julius Caesar's calen- 
dar, some 1,627 years later, by adopting the rule that there would be no extra day on 
centuries-OO ——-years-except on those that are multiples of four. Hence, there was no 
leap day in the year 1900, but in the year 2000, a multiple of four, there was. 

What is not well known is that the Vatican does not recognize the leap day in its 
ceremonial calendar. Why is that? In most countries where Latin-derived languages 
are spoken, leap day and leap year are referred to as bisiesto, or "bisextile" day and 
"pisextile" year. If leap year is every four years, why is it referred to by a word that 
connotes six, sextile? On the official liturgical Church calendar there isno February 29! 
Instead, there are two February 24s, and the second February 24 is not counted. If 
there were to be an extra day that was counted, then the system of fixed feast days 
would be thrown off. Instead, on leap years, February 24, the Day of the Feast of St. 
Matthew, is counted  twice-or extended to be 48 hours. And since in the Church 
tradition derived from the Romans the days are counted from the first of the next 
month, the first always being known as the calends, the date February 24 is technically 
referred to as the "sixth of the calends of March" (February 24 = sixth calends of 
March, February 25 = fifth calends, February 26 =fourth calends, February 27 = third 
calends, February 28 = second calends, and March 1! _ calends of March). For this 
reason, the leap year is known as bisiestobecause the sixth (siesto)calends of March is 
doubled, hence "bi." Thus, February 29 is not recognized by the official Church cal- 
endar of the Vatican, and itis also not counted as a day in its liturgical calendar. Febru- 
ary 29 only arose out of popular tradition in the sixteenth and seventeenth centuries. 
The nemesis of accounting for the .241299 extra day per year reveals the fixation of 
astronomical time in seeking a "true" year and detracts from the possibility that the 
issue of an intercalary, or extra, day can logically and synchronically be handled in 
many other ways. In the end, it is the mystique surrounding leap day that further con- 
tributes to the numbing of the sensibility of time accumulated in the instrument known 


as the Gregorian calendar, "the little grid of boxes that rules so much of our lives."l 
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4. The word we useto describe the instrument for measuring, the Earth's 
orbit around the sun, calendar, is derived from the word calends. 

Calends was the Latin name given by the Romans to the first day of every month. 
What does it mean? Calends is the name of the account book, the book of payments 
recording the monthly debts and bills to be paid! No wonder we are ruled by the 
philosophy "time is money!" This philosophy is rooted in the very word we use to 
describe time reckoning, calendar. A more accurate word for time reckoning might 
be "chronometer," or even better, "synchronometer." But perhaps the word "count" 


is simpler. We might just say, for example, Thirteen Moon!/2 8-Day perpetual count. 


5. Dominicalletters code the years of the Gregorian calendar. 

Scarcely known to anyone but Vatican insiders is the system of dominicalletters that is 
used to code the years according to the day of the week on which the first Sunday of 
the year falls. Since the week has seven days, there are seven and only seven dominical 

letters. These are the letters a-g, where a= 1,b=2,c=3,d=4, e=5,f= 6, and g =7. 
Hence, G-7 (the group of the seven most industrial nations), the name given in 1974 
by the CIA to the ruling oligarchy of globalization, is totally rooted in the system of 
the seven dominicalletters, a-g, to which the Gregorian calendar can be reduced. It 
works as follows: In 2001, the first day of the year was on a Monday, hence in this year 
all Mondays are coded by the letter a. Counting forward to the first Sunday, January 7, 
Sundays this year are coded g. The letter of the year, which is always a capital letter, is 
based on the lower case letter that codes the first Sunday, therefore, the year 2001 is 
coded as the capital letter G-it is truly a G-7 year! Not only that, but by this system 
of "G-7" dominicalletters, it can be demonstrated that the order of the Gregorian 

calendar year repeats within acyclic structure of precisely twenty-eight years, where 
the days of the week and the month repeat once again. Hence, the cycle 1973-2001 is 
arepeat of the cycle 1945-1973, which isarepeat of the cycle 1917-1945, and so forth, 
where the years 1917, 1945, 1973, and 2001 are calendrically indistinguishable from 
each other. In any twenty-eight-year cycle, there are always exactly seven leap years! 
Thus, the key code numbers 28 and 7 of the Law of Time and of the perfect Thirteen 

Moon!2 8-Day calendar are hidden in and even govern the cyclic order of the Gregorian 

calendar, whose secrets pretend to lie concealed in the Vatican archives! 

Expose these secrets and show that the true harmony of time is contained in the 
13:20 matrix of the Harmonic Module, which is perfectly coded by 28 and 7. Within 
this matrix, any set of four tones radially opposite each other, an occult quartet, 
always adds up to 28. There are 65 (x4) such sets that constitute the Harmonic 


Module, while seven (multiplied by four), is the prime factor of 28, and is the key 
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unit holding the 13:20 matrix in place, evident in the position of the seventh vertical 
column on either side of which is a perfect harmony of six columns each. The seven 
is also the implicit number in the ratio 13:20 (13 +7 =20: 20 - 7 =13). But whereas 
the 13:20 matrix is aharmony in which the Law of Time is encoded, the Gregorian 

calendar is adisharmony, but one that is nonetheless governed by the Law of Time. 
What the Vatican attempted to destroy at the hands of Bishop de Landa in 1562, in 
the famous book burning at Izamal Yucatan, is redeemed by the Law of Time. Free 
of the obscuring, illogical irrationality of the inexact measure of the Gregorian  cal- 
endar, the actual truth of the synchronic order of time may be discovered and re- 
vealed as the 13:20 mathematical code ofthe Harmonic Module, perfectly coordi- 


nated with the Thirteen Moon!28-Day count. 


6. The Gregorian calendar makes day/date calculations difficult. 

The twelve uneven months of the Gregorian calendar operate by a subsystem of fifty- 
two 7-day weeks, plus one day. Because of the irregularity of the numbering of the 
months, and because there are 365 and not 364 days in ayear, it is almost impossible to 
make easy calculations month to month and year to year, while insistence on the un- 
broken succession of the week only compounds this issue. For example, if today on the 
Gregorian calendar it is Friday, May 4, 2001, what day of the week will June 4 be? What 
day of the week will July 4 be? There is an immediate mental block-a numbing of the 
mind. You have to stop and think about it. And in this numbing pause in which your 
cognitive brain has to be engaged, you lose your telepathic awareness, much as when 
you look at a clock to find out what time it is. Why should it be this way? Who ben- 
efits? The answer is, the priests (who know the tedious rules for stating that if it is 
Friday and it is 2001, then it is dominical e) and the bankers (who gather interest based 
on the confusion over the erratic disparity of days every month). By contrast, on the 
perpetual Thirteen Moon calendar, this day would be Spectral Moon Gamma _ 3-while 
every third day of every Moon is coded by Gamma. In fact, the third day of every week 
is coded by the name Gamma. Once the 28-day count is mastered, there is no need to 
engage the cognitive brain to figure out what day of the week Crystal Moon 3 or Cosmic 
Moon 3 will be-and in this way the mind is liberated into a telepathic knowing. 

The system of the seven-day week was introduced into the Julian calendar at the 
Council of Nicea, A.D. 325, and was adopted from the Jewish calendar, which was 
derived from the Babylonians, for whom it was an astrological-astronomical con- 
struct. The fact that the week came from the Babylonians dissolves the argument 
used by the Vatican to counter the Day Out of Time. According to the Vatican, dis- 


rupting the succession of the seven-day week would disrupt an order set in motion by 
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God. The matter of the 7 and the 52 has amuch deeper significance when understood 

in the higher-dimensional light of the Law of Time. A count of fifty-two 7-day weeks 
makes perfect sense if you have acount of thirteen 28-day months (7 x 52 = 13 x 28). 
The observance of the Day Out of Time, the 365th day of the year, produces a 
perfect and perpetual harmony. Knowing this, to continue to insist on fifty-two weeks 
while being unwilling to give up atwelve month count that does not have a Day Out 


of Time is to persist in an adherence to hopeless disharmony. Why do it? 


7. What's in a name? Think about it. 
What does it mean to follow calendars called the Julian and the Gregorian? A calen- 
dar is an instrument of control. The two most significant calendar reforms in history 
were the Julian calendar reform of 46-45 B.C., and its successor, the Gregorian, in 
A.D. 1582. Julius Caesar's motives had everything to do with his personal ambition 
and the conversion of Rome from a republican to an imperial form of government. 
Julius Caesar's calendar assured it to be the basis of imperial dominance. The course 
of the empire utilizing the Julian and later Gregorian calendar has prevailed as the 
dominant force now inseparable from the course of history itself. The 445-day "year 
of confusion" (46 B.C.), which attended Julius Caesar's reform, was matched by the 
second significant reform, the Gregorian, in which ten days were "lost forever," 
between October 5-16, 1582, so that the calendar could "catch up" with the sun. 
While European Catholic countries easily accepted the reform, Protestant coun- 
tries grudgingly acquiesced. Throughout the Americas, however, the Julian-Gregorian 
calendar was imposed as an instrument of power and symbol of dominance over the 
peoples the Europeans had conquered, including the high civilizations of the Maya, 
Inca, and Aztecs-all of whom happened to use, among other calendars, a Thirteen 
Moon!28-Day count. As with Julius Caesar, for Pope Gregory XIII the moment was 
politically ripe for areform that would communicate itself as ameans of expressing and 
extending power and control, but this time over the entire globe. As European domi- 
nance and control spread around the planet, even nations with their own established 
timing systems accepted, for the sake of "international policy," the Gregorian Oulian) 
calendar system for measuring the solar year. And so Western dominance over every 
aspect of global life became absolutely assured-until the moment of the Inevitable Event. 
From its roots in the imperial ego of Julius Caesar to the timely "reform" of 
Pope Gregory XIII, it is not surprising that this calendar, "despite its odd quirks and 
the twists of history that produced it,"2 has become the standard of global civiliza- 
tion. Given the irregularity of the Julian-Gregorian calendar and the pursuit of the 


accuracy of astronomical time, history could be nothing more than acompilation of 
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odd quirks and twists, while global civilization itself is the triumph of artificial time 
over the natural world. Only a species whose time sensibility had been captured by 
instruments of artificial measure could have become so alienated as to have pro- 
duced the monstrous conundrum known as the "fast world," a civilization where 
money and technological advance prevail over human sensibility and the natural 
order. It is toward the correction of this destructive momentum that all efforts of 
calendar reform must now be directed. 

In light of this critique, itis worth reprinting the opening section of the "United 
Manifesto by Advocates of Calendar Reform" that was first published in 1914 at the 
beginning of the First World War-some ninety years in advance of the Great Cal- 
endar Change of 2004. It can be seen that the issues of irregularity that prompted 
reform then are still issues today. However, the effects of not attending to these 
issues have only become compounded and even more complex, resulting in the chaos 
of a world at war with terror. Such is the nature of an error gone uncorrected over 
time-it only becomes more entrenched and turns into the dogmatic and hopelessly 


conflicted thinking of the everyday mind and its way of life. 


United Manifesto by Advocates of Calendar Reform 


WHEREAS we, the undersigned, have for some time been interested in a Reform and 
Simplification of the Calendar now in use in Western Europe, America, and else- 
where, with a view to equalizing the four quarters of the year, alleviating the irregu- 
larities of the months, and establishing a perpetual correspondence between the day of 
the week and the day of the month, and have supported one or other of several 
proposals which have been formulated for effecting these reforms; and WHEREAS 
said proposals usually provide for placing the 365th day of every year and the 366th 
day of Leap Year without the weekly and monthly enumeration; and WHEREAS 
we have found that in certain quarters-both ecclesiastical and scientific-Dbjections, 
possibly often sentimental, but none the less firmly held, have been stated to the employ- 
ment and adoption of these expedients. ..Therefore we have resolved to unite in 
urging and advising that the very simple changes under noted should now be made 
in the Julian and Gregorian Calendars by international agreement. . .3 


If you have a crooked standard of measure, and follow it because your parents 
were also following it, you have become a crooked man. It takes a crooked man to 
walk acrooked mile and build acrooked house. The issue of calendar reform is both 
logical and moral. Bad logic leads to bad morality. An error in time dooms the mind. 
Apocalypses are the reward for bad timekeeping. To remove yourself from the fires 
of your own self-created apocalypse, change your calendar. In a world of harmony 


there is no apocalypse. 


Vv 
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Appendix i 


The World Thirteen Moon 
Calendar Change Peace 
Movement and the Discovery 


of the Law of Time 


A Brief Chronotopology of 
Transformation 


IT WAS during the seven-year cycle (1993-2000) when the World Thirteen Moon 
Calendar Change Peace Movement was being aroused around the planet, that the 
Law of Time was articulated in its various aspects and particulars, and the synchronic 
order defined in its whole system fullness. This occurred through anumber of key 
events accompanied by a number of publications detailing the mathematical, cos- 
mological, theological, and scientific aspects and imperatives of the Law of Time. 
By the standards of the synchronic order, all events form points in a radial time 
set that describe a geography of time defined as a chronotopology. Coined by the 
late philosopher and mathematician Charles Muses, the term chronotopology defines 
an event point of meaning that creates aroot meaning from which time-formed, 
-blossomed, or -radiated meanings emerge above ahorizon of meaning.! The Law 
of Time now gives a precise field in real time to illustrate Muses's notion § of 


chronotopology in which Time is aradial power of profound _ interrelations. 
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The following chronotopological sequence-a resume of the events in a par- 
ticular geography of time, the seven years of prophecy, 1993-2000-defines the con- 
scious emergence and articulation of the Law of Time. In this chronotopology, the 
"root meaning" occurred in 1989 at the Museum of Time in the form of the discov- 
ery of the 12:60 and 13:20 timing frequencies, and the subsequent working out of 
the implications of this discovery. The "horizon of meaning" was reached July 26, 
1993, kin 144, with the decoding of the Telektonon Prophecy and the consequent 
development of the World Thirteen Moon Calendar Change Peace Movement. The 
"source meanings," however, extend back to the seventh century with the origins of 
the prophetic traditions underlying the discovery of the Law of Time. The seven 
years of prophecy established the field of radiated meanings of the Law of Time asa 
set of radiated event points and a body of literature and tools. Here follows, then, a 


brief chronotopology of the key event points of this movement: 


1989 Root meaning: discovery of the 12:60 and 13:20timing frequencies, Museum of 


Time, Geneva, Switzerland. 


1990 Realization of the Thirteen Moon/28-Day calendar in its wavespell form. 
1992 Recognition and celebration of the Day Out of Time as a planetary event. 
1993 Horizon of meaning: decoding of Telektonon Prophecy and birth of World 


Thirteen Moon Calendar Change Peace Movement. 
1994 Launching of the Planetary Moral Emergency and World Thirteen Moon 
Calendar Change Peace Plan. 


1995 80 Days Around the World for a New Time of Planetary Peace: Chile, South 
Africa, Egypt. Russia, India, Hong Kong, Japan, Hawaii, and Mexico. 


1995 Day Out of Time Calendar Burning and Return of Natural Time Ceremony, 
Serpent Mound, Ohio. 


1996 First Planetary Congress of Biospheric Rights, Brasilia, Brazil. 

1996 Biospheric Awareness Day,Gotemba, Mt. Fuji,Japan. 

1996 Four Corners Boundary Dissolving Ceremony, Four Corners, United States. 
1996 Harmonic Convergence of Humanity, Mexico City, followed by Peace March, 


Teotihuacan, Mexico. 
1996 United Nations, Planetary Moral Emergency Appeal. 


1997 Judgment Day Tribunal and World Congress on the Law of Time, Tokyo, Japan. 
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1997-present Ongoing movement in Brazil to make July 25, Day Out of Time, official "Peace 


and Culture Day;' based on recognition of the Banner of Peace (seventy cities 


so far). 
1998 Special peace mission to the Vatican, Rome, Italy. 
1998 Special mission to Guatemala to meet with Quiche Maya elders. 
1998 UR Council for the Theology of Peace, Milan, Italy. 
1999 world Summit on Peace and Time, University for Peace, Costa Rica, followed 


by the dispatching of Special Emissaries to the United Nations and the 


Vatican. 


1999-present Ongoing movement inJapan to declare Day Out of Time a "Day of Festival’; 


more than one hundred events occurring annually. 
1999 Peace March, Teotihuacan, Mexico. 
1999 Seven Week Earth Wizard Seminary, Picarquin, Chile. 


1999-2000 Ongoing in South America, launching of "La Karavana;’ Thirteen Moon 
educational caravans, and in Europe, from the United Kingdom to North 


Africa, the New Time Caravan. 


2000 Initiation of Seven-Day Earth Wizard's Seminars: Japan, United States, Italy, 


Russia, South America. 


2000 Circumpolar Rainbow Bridge Experiment, phase |, worldwide. 

2000 Fruit of meaning: establishment of Foundation for the Law of Time, Oregon. 

2001 Launching of the Campaign for the New Time, Brazil. Argentina, Japan, Altai 
region. 

2001 Campaign for the New Time PAN Thirteen Moon Leadership Conference, 
Oregon. 

2001 Seven-day special Congress on Time and World Peace, Medellin, Colombia. 


During this chronotopological sequence of radially connected event points, key 
writings, publications, and tools describing and defining the Law of Time and the 
synchronic order include: 

Dreamspell: The Journey of Times hip Earth 2013, 1990-91 
Thirteen Moons in Motion and Turtle of the Thirteen Moons, 1993, 1996 
The Story of Time: The Story of Turtle and Tree, 1993 


Treatise on Time Viewed from its Own Dimension (Published as The Call of Pacal Votan: 
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Time is the Fourth Dimension), 1992, 1996 

Telektonon ofPacal Votan and the Telektonon, Game of Prophecy, 1993-1995 
World Thirteen Moon Calendar Change Peace Plan, 1994-1995 

Pacal Votan and Judgment Day: The Second Quranic Dispensation, 1995-1996 
First Planetary Congress of Biospheric Rights, 1996 

The Galactic Culture Master Plan, New Time Economics, 1996 

A Brief Guide to The Thirteen Moon Calendar Change Peace Movement, 1996 


Rinri_ Project: Four-Year Telepathic Biosphere-Noosphere Transition Circumpolar Rainbow 


Bridge Experiment, 1996 


The 260 Postulates of the Dynamics of Time and the Evolution of Time as Consciousness, 


1996 

The Discovery of the Law of Time, T(E) Art, 1996 

The Principia Mathematica of the Fourth Dimension, 1996 

Twenty Tablets of the Law of Time: Sixteen Year Telektonon Cube of the Law, 1997 
World Congress on the Law of Time and Judgment Day Tribunal, 1997 

World Summit on Peace and Time, Summary, Review, and Conclusions, 1999 
7:7::7:7, Telektonon Revelation and Plasma Universe Model, 1998-2000 

The Rainbow Bridge Project: 28 Meditations on the Law of Time, 1999-2000 


The UR Papers: Documents and Appeals for a Council of Universal Religion, 1996-2001 


WIth the conclusion of the seven years of prophecy, marked by the rainbow 
bridge experiment, phase I, the greater part of the Law of Time had been uncov- 
ered, described, and defined. What emerges from consideration of all these events 
and accompanying literature is an entirely new model of the universe as well as a 
program for the reorientation of knowledge and the social reorganization of human- 
ity-all based on acorrected understanding of time through the implementation of 
the calendar change. This was all to demonstrate that there ismuch more to acalen- 
dar change than the mere replacing of one calendar with another, for a calendar 
itself bears within it an understanding of time that tacitly and unconsciously shapes 
our very thinking about time. What the calendar change, then, really signifies is the 
end of one worldview and the birth of another. WIth the Law of Time, what was 
once unconscious is again made conscious, leading to aradical self-awareness of how 
wrong we have been about time, and what we might anticipate in changing our tools 


for navigating in time. 
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Because the growth of the Planet Art Network (PAN) as the social form of the 
World Thirteen Moon Calendar Change Peace Movement is inextricably involved 
with the unraveling by stages of the Law of Time, to define the constituent prin- 
ciples of the Law of Time is also to define the new worldview and the social organi- 
zation appropriate to it. These constituent principles include: time is art; universal 
telepathy; holonomic consistency and reciprocity; synchronic order; fractal and ra- 
dial mathematics of the 13:20 matrix; biosphere-noosphere transition; Banner of 
Peace; Pax Cultura, Pax Biospherica;the psi bank and the dynamics of the evolution 
of time as the evolution of consciousness; fourth-dimensional time and third- 
dimensional space. A mere consideration of these constituent principles will make 
one realize to what extent the calendar change is more than just an end to history, 
but the establishment of anew world, a New Heaven and aNew Earth. This is 
precisely the promise offered by the Thirteen Moon calendar change and the dis- 


covery of the Law of Time. (See plate 8, Chronotopology of Transformation.) 


Vv 
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Mapendix tht 


Telektonon Prophecy 
of Pacal Votan 


TI-IE REVELATION of the prophecy of Pacal Votan on July 26, 1993 was the 
culmination of the event that occurred on June 15, 1952, when the archaeologist 
Alberto Ruz Lhuillier pried open a large monolithic trapezoidal door beneath the 
Pyramid of the Inscriptions at Palenque, Chiapas, Mexico, and beheld what had not 
been seen by human eyes for 1,260 years: the tomb of Pacal Votan. A subsequent 
event, the lifting of the magnificent sarcophagus _ lid-measuring some four-by-three 
meters and weighing several tons-to reveal the human remains amidst a splendor 
of jade, including the jade mask, occurred on November 27, 1952. For some forty 
years afterwards, scholars debated the meaning of the tomb and the person buried 
within it. In the 1970s, the Russian scientist Knozerov dubbed the man in the tomb 
an "astronaut" or "cosmonaut" because of the similarity of the position of the figure 
sculpted on the sarcophagus lid to the positions of Russian cosmonauts in their little 
space capsules. This theory inflamed the imagination of some and was debunked by 
others, the end result being the enhancement of the awesome mystery of the tomb 
and the intention of its designer, the man buried in it. 

The image of the sarcophagus lid is now world famous. Its symbolism has been 
interpreted to varying degrees by different archaeologists. In my book The Mayan 
Factor, the placement ofPacal Votan in his "time of power," 631-683, is defined and 


analyzed as occurring in the most harmonic and mathematically synchronic point of 
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the entire thirteen baktun cycle, a point of fact that deepens the enigma of Pacal's 
knowledge and purpose. And herein lies the key question: What was his purpose, 

and why did he construct his tomb to be so elegantly buried for 1,260 years, to be 
discovered and opened just sixty years before the closing of the cycle, A.D. 2012? 
Clearly, the mystery of the tomb and its discovery had everything to do with the end 
of the cycle. At least this had come to be my surmise ever since the 1987 Harmonic 

Convergence. Like ahawk circling its prey, the meaning of the tomb finally came to 
my consciousness like a direct hit from the beyond. I was the prey, the hawk, the 
prophecy itself. Such was the revelation of the Telektonon Prophecy on the morning 

ofJuly 26, 1993. 

The coded key was the tiled "speaking tube," by which the tomb was discovered 
in the first place. Suddenly, this tube spoke its meaning to me: Earth Spirit Speaking 
Tube, Telektonon by name. After four intense weeks of decoding the glyphs and 
symbols of the tomb while living in the pool house of an isolated estate in the wind- 
blown northern part of the main island of Hawaii, I knew that I had to abandon the 
dreamlike life I led in this Pacific paradise, and with my wife and companion head 
directly into the unknown, the first stopping point being Mexico, the source of the 
prophecy. After four months or so of traveling through Mexico, completing the de- 
coding and announcing the prophecy, including areturn to the tomb, we were fi- 
nally directed to a converted carport in a field near the village of Ocotithin, not far 
from the birthplace of Quetzalcoatl. It was here where, for a period of nine morn- 
ings, I awoke dutifully two hours before sunrise to listen to the voice and write down 
by hand, in a specially prepared notebook, the words exactly asI heard them. After- 
ward, I numbered the 126 verses and distinguished the nineteen sections. 

Because the prophecy itself is so inextricably connected with the Law of Time 
and the message of Time and the Technosphere, | feel it is important to present it as 
background information to the text of this book. In actuality, the text of the Proph- 
ecy is an integral part of the Telektonon, Game of Prophecy, where it is read, section by 


section, on a daily basis, according to the code number of the kin of the day. 


THE TELEKTONON OF PACAL VOTAN 


The Talking Stone of Prophecy That Unites the People of the Dawn 
with the People of the Book 


"Then if they reject thee, 
so were rejected apostles 


before thee, who came with clear signs, 
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books of dark prophecies 
and the Book of Enlightenment. " 


-HOLY QURAN, SURA III, 19: 184 


"All who obey God 
and the Apostle 
are in the company 
of those on whom 
is the grace of God, 
of the prophets who teach, 
the sincere lovers of truth, 
the witnesses who testify 
and the righteous who do good. 


Ah, what a beautiful fellowship! 


Such is the bounty 


from God: and _ sufficient 
is it that God knoweth all. " 
-HOLY QURAN, SURA Wy, 9:69-70 


@ INTRODUCTORY VERSES: ONE LIVING PROPHECY 


1. Pacal Votan's Gospel of the Telektonon 
A Special Dispensation for the Day of Truth, 
A.D. 1993-1994, kin 144. 


2. Proclamation on behalf of the three messengers 
of the awakening, 
of the three special voices of prophecy, 
the special witness of time and the last call. 


3. Telektonon 
the inner sun 
the mother of all prophecy 
message of the star witness, Bolon Ik 
received and repeated by her servant in love, 
Pacal Votan. 


4. In the seventh year of Harmonic Convergence 
the seven seals of the apocalypse 
become the seven years of prophecy. 
thirteen years in all. 
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Thirteen moons the path to walk; 

thirteen moons the path to talk; 

people of the dawn, one mind, 

people of the book, one God; 

one living prophecy, one people, one Heaven, 
one Earth. 


@@ NAH CHAN: THE PALACE OF BOLON IK 


a 


10. 


o children of the people of the dawn, a children of the people of the book, I come as 
the special witness of time to remind you, especially on the day of truth, that in your 
origin you are one, and on the day of truth you are to make yourselves one again. For 
this I remind you of the Cube of the Law, Telektonon, and the 28-day, thirteen moon 
way that is the path of the righteous. 


Nah Chan, Palenque, Xibalbay, Tollan, Xochicalco, Tepozteco, Amatlan: in these signs 
dwell my special agents, the witnesses of truth, 13.66.56 and Bolon Ik, Daughter ofJob. 


For those with eyes, with open mind and sincere heart, this teaching is complete in 
every stone alignment and marking of the star command base now called Palenque. 


New Jerusalem is the Palace of Bolon Ik, whose number is 1,728 (144 x 12), Cube of 
the Law. Seventeen is the power of Heaven, "solar Uranus," which is Earth in Heaven. 
Twenty-eight isthe power of Telektonon, the Spirit Tower of the power of 7 times 4. 


Never forget, children of the day of truth: Allisnumber. God is anumber. God is in all. 


And everything there in the palace is laid out foursquare from the cord of Heaven, 
which is the command of the Telektonon. "Divine word never uttered until the Day 
of Truth." And in that palace, foursquare is the tower of the Cube of the Law. 


@@e@THE CUBE OF THE LAW AND THE TOWER OF BABEL 


11. 


12. 
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o children of the day of truth, before the separation that divided you into the chil- 
dren of the dawn and children of the book, there was only the Cube of the Law and 
the Law of the Cube. 


Everyone and everything moved and lived within this Law: one mind, one spirit, one 
will. 


Within the dimensions and measurements of the cube are all knowledge of Heaven 
and Earth. And in order to know, expand on, and delight in the sublime Law of the 
Cube, God created you, 0 children of the day of truth. 


And though shaped of no more than mud and sounding clay, in you is the perfection 
of knowing the Cube of the Law, if only you remembered! 


Children of the Day of Truth, just as the cube is the measure of the perfection of God's 
thought, so you are the measure of God's unceasing movement, which is called time. 
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In you the cube is the crown of perfect knowing of God's will in time. But true to his 
word, Iblis made wrong fair-seeming. To show himself man's enemy, Iblis split the 
cube. He drove a forgetting of time within the mind, separating mind from spirit, 
which is God's movement in all things. 


And from this forgetting in man, mind and spirit became confused. The will weak- 
ened. Ego was born. Iblis's many-headed self triumphed. False authority arose. Babylon 
came to be and in its center the Tower of Babel, the monumental curse for no longer 
knowing time. 


In the forgetting was the separation of the people of the dawn from the people of the 
book. Had there been no Tower of Babel, there would have been no book. The Tower 
of Babel was a deceit intended to show the Cube of the Law existing outside of the 
perfection of knowledge already formed within you, a children of the day of truth. 


Product of the forgetting, the Tower of Babel has a shadow of ever-darkening and all- 
encompassing dimensions that spreads 5,000 years from Babylonia to all of Earth's 
most remote wildernesses and mountain retreats. Iblis's curse of Ego and false time 
are complete but hold only to the day of truth. 


For God is gracious and most merciful. As long as He could, He kept the people of 
the dawn away from the Tower of Babel. And to both the people of the dawn and the 
people of the book, He sent many messengers, apostles of light, witnesses of truth, 
doers of the righteous way, which is always framed by the invincible Law of the Cube. 


@@@@7TELEKTONON: THE FRAME OF TIME 
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As the special witness of time, I, Pacal Votan, know the perfect count of days. I bow in 
the temple of the tower and the rock, the sanctuary of Bolon Ik. In my body, formed 
of the ultimate perfection of God's power of all movement and measure (Hunab Ku), 
is the recollection that is prophecy. Knowing this body as the measure of time, I had 
built this palace and this tower to correct and to also look for the Tower of Babel, a 
memory of the remembering. And in my ninefold temple, where, guarded by the nine 
powers of time, I had this body laid, I left this legacy for you, the Talking Stone of 
Prophecy. 


Telektonon, the frame of time I left for you, isa mirror to show you your own truth of 
time for one last time. For now is the day of truth, the hour of judgment. 


You, children of the dawn, and you, people of the book, unify yourselves the only way 
you can: in time, through time, as time. 


Telektonon, the perfection of time, is the only way for you to escape the fire that 
consumes the unrighteous. If you who know, who have followed the straight way, the 
good path, now falter in this challenge of unification in time, Telektonon, which has 
already been prepared for you, you will perish forever in the fire that now consumes 
all unbelievers. God's command isin you. Do not listen to the evil one now. 
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25. Listen! My knowledge is this: My count of days is perfect, my knowledge of the Cube 
of the Law is unsurpassed. Twelve is the number of the temple, but thirteen is the 
number of God. Twelve times twelve, 144, is the number of the perfection of the 
temple as light. And twelve times 144, 1728, is the number of the Cube of the Law, 
Telektonon, the divine word unuttered until now. 


26. "... To him that overcometh will I give to eat of the hidden manna, and will give him 
a white stone, and in that stone, anew name written, which no man knoweth, saving 
he that receiveth it." (Revelations 2:17) And that name is Telektonon, and that stone 
is crystal, and that hidden manna is knowledge of the revelation of time. 


27. The number of the elect is 144,000. This was the number set aside by God to be free 
ofIblis's curse. Dispersed is this number among mankind, and always was it meant to 
multiply both among the people of the dawn and the people of the book. 


28. But since a human kin is the measure of the perfection of time, 144,000 is also the 
number of days within acycle of twenty generations. 


29. Twelve times 20 generations is 1,728,000 days, the number of the Cube of the Law. 
But for God, one cycle more, 144,000 days more to entice Iblis to make his score, a 
total of 1,872,000 days, thirteen cycles of God's elect. 


30. Iam Pacal Votan, time's special witness, galactic agent of the Nine Great Lords of 
Destiny, by oath pledged to the honor of Bolon Ik. 


31. In my body of time, thirteen star histories rehearse themselves for the day of truth. 
Each star history possesses its own knowledge keeper appointed by the Nine Great 
Lords of Galactic Destiny. Thirteen Wisdom Holders, Nine Great Lords, twenty- 
two in all, to each of whom I am bound by a luminous thread of knowing, sealed by 
oath to Bolon Ik, White Solar Wind, kin 22 in the Book of Destiny, the Book of Kin. 


& 
eum ALL IS NUMBER 
32. Allis number. God is anumber. God is in all. 


33. Child of the day of truth, listen: 20 is the number of totality. You have twenty fingers 
and toes because God has made you the totality of time. Thirteen is the number of 
God's cosmic wisdom, perfect in its power of unceasing change and circulation. Thir- 
teen are the joints of your limbs and body. Seven is the difference between 13 and 20. 
Seven is the mystic perfection between one and thirteen. Seven is the erect spine of the 
vigilance in which are met the 144,000 mystic fibers of the body's thirst for prophecy. 


34. 144,000 kin, 144,000 days, these are called a baktun. Thirteen baktuns, one perfect 
cycle to rehearse all thirteen star histories. Each baktun, twenty generations, each 
generation 7,200 kin. So it was that Bolon Ik ordained the sacred count of days, each 
day asacred kin, each kin one of the elect, aturning in the twist of universal time, each 
kin ruled by the power of the nine, the power of the Nine Great Lords of Time. 
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So began the sacred thirteen baktun count, 3,113 years before the birth of the second of 
the special messengers, the Apostle Jesus Christ, who sent to you a Book of Dark Proph- 
ecies, twenty-two sacred chapters in all, through his appointed witness, John ofPatmos. 


All this I know and declare to be true, for I am time's special witness to the day of 
truth, Pacal Votan, rehearser of the thirteen star histories, he who adds the 144,000 
elect to the cubing of the cube, assuring not twelve baktuns, but thirteen to be the 
number to bring on the day of truth, God's judgment of your power of remembrance! 


Children of the people of the dawn, in separating you from the people of the book, 
God meant you to be the reminder that wisdom is already perfect in your bodily form 
of time. 


ee ORD BUDDHA 
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In remembrance, many messengers did he send you, many fires did he light high atop 
the mountain for you to see. And one special messenger did he send, one special 
witness of the dawn. 


In India, at the midpoint of the seventh baktun, the very center of the mystic cycle, 
thirteen baktuns in all, Lord Buddha did awaken at the dawn, the morning star, the 
tree, the Earth, his witnesses of illumination. For seven weeks, he sat beneath that 
tree. Never moving, he traveled the seven directions and visited with his mind every 
realm of God's vast creation, only to learn the turning of the Wheel of the Law. 


Withstanding all efforts of the evil one, he taught unceasingly for nine times five 
years more, until the age of eighty. All mind teachings did he give; the unwritten 
Book of Enlightenment did he leave with the Earth. His last turning of the Wheel of 
the Law was the teaching of the Wheel of Time. Given at the request of King Suchandra 
of Shambhala who traveled far from Central Asia to receive this teaching, the teach- 
ing of the Wheel of Time closed the life of Lord Buddha. 


"All composite things are impermanent," declared Lord Buddha at his death, "Be a 
lamp and arefuge unto yourself, look to no outer authority but yourself!" The fire of 
Lord Buddha's illumination lit many lamps. The Book of Enlightenment he left with 
the Earth is a book for all to know in silence with the Earth. 


In Shambhala did King Suchandra transmit the teaching of the Wheel of Time, 
Kalachakra, as it is called. Invoking the Nine Great Lords of Galactic Destiny, 
Shambhala prospered in abundance and wisdom. When came the seventh ruler after 
King Suchandra, Queen Visvamati, the people of Shambhala ascended as one into the 
paradise of the fifth dimension, where their wisdom continues to water the rivers that 
flow beneath the gardens of the righteous. 


Integrating the power of the five, which isthe center, with the power of twelve, which 
is the root of the cube, the Kalachakra is also the cycle of sixty years (5 x 12). By the 
Law of the Cube, which is the power of sixteen, foursquare or 7 plus 9, sixteen cycles 
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of sixty years is the appointed time of prophecy, the prophecy of Kalachakra, which is 
the time of the day of judgment. 


So it was that after the arrival in Tibet of Buddha's special voice, Padmasambhava, 

late in the tenth baktun, that the Lords of Shambhala determined to release the teach- 
ings of the Wheel of Time among the people of the dawn inhabiting Tibet. Thus it 
was that the Wheel of Prophecy turned the first of these sixteen cycles in A.D. 1027 
and completed the sixteenth of these 60-year cycles in A.D.1987, in partial fulfillment 
of the Harmonic Convergence of all prophecy. 


0 people of the dawn, do not doubt. The appointed day is come. 


eee, THE HEPTAGONON OF MIND 
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50. 
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People of the dawn, people of the book, children of the day of truth. To safeguard as 
long as possible the teachings of the Original Ones from the confusion of the Tower 
of Babel, God divided the Earth by its one ocean into great island masses called con- 
tinents. And most far from Babylon was Amerrikua, and also distant was Australia and 
the Island Kingdoms of Polynesia. Even in Africa, close to Babylon, for many great 
cycles were the people of the dawn protected in their natural wisdom. 


But inexorable is my count of days, inexorable the rolling of the Wheel of Time, 
inexorable the Law of the Cube. 


Telektonon is the name of the blessing received by those who master the Law of the 
Cube. Great is the power of God, whose power and blessing are ever close and near, 
foursquare the manifest action of radiance from the divine intersection of God's pres- 
ence: divine mind, divine spirit, divine will, divine source from which the Cube is 
sprung. Foursquare the Cube, the measure of Telektonon, one vast, far-spreading 
word that isno word at all, but number multiplying itself from within God's unending 
meditation, which we choose to call creation. 


From one intersection, six directions plus the seventh, the moving center of time, the 
navel of Heaven whose cord isa fiber called Kuxan Suum. From the navel of Heaven 
to the solar plexus runs the Kuxan Suum, highway that reaches to the roots of the 
stars, passing through each of the heavenly dimensions. 


I who say this, know, for Iam Pacal Votan, who left for you atalking stone, Telektonon. 
Time's special witness am I, God's spy holding vigil, keeping the sacred count of days, 
exposing to you the lie of Babylon, the falsification of the Cube into the Tower of Babel! 


Who now but I can tell you that seven are the directions of the Cube, the Heptaganon 

of Mind: twelve are the gates, sixteen the powers; moved by the nine great powers of 
time, these sixteen powers become the number of the elect of the Cube, 144. Multi- 
plied by the millennium, 144 becomes 144,000, sacred number of days I laid for proph- 


ecy to know during my first baktun count. 
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eeee IMPERIAL BABYLON 
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57. 


58. 


Children of the book, even before the close of my first baktun, twenty generations 
from the year 3113 B.C.,the foundations of the Tower of Babel were laid. Captive now 
were the 144,000 within the Earthly prison of Babylon's materialism. 


Yet, by my devotion and power of meditation, from deep within the Earth, aided by 
Bolon Ik's perseverance on far Uranus, Earth's harmonic twin, I kept the sacred count 
of days, I watched over the movement of the sacred march of kin. 


Four more baktuns passed, and Babylon's power was swollen with the loot of Empire. 
Despite the righteousness of Abraham and the Law of Moses, the shadow of the Tower 
of Babel only increased in size and darkness. 


Came the sixth baktun and Imperial Babylon was complete. Its seal of false time and 
power, taxation, and armed expanse had fulfilled Iblis's desire to degrade and ruin all 
humanity by making wrong fair-seeming. Fair-seeming now to amass wealth and power; 
fair-seeming to make acount of time by twelve months; and fair-seeming to regard 
the thirteenth moon with superstition and contempt! Fair-seeming to gather taxes 
and to pay them; fair-seeming to make war for the power of King's; fair-seeming that 
birth and death must be paid for; fair-seeming that all power come from the priests, 
Iblis's most cherished of men. 


0 people of the book, lost to you was all memory of the Law of the Cube, slavery 
became your lot! But I am Pacal Votan, time's special witness. Even before the com- 
ing of the second special messenger, Christ the Apostle of Love, by my free will and 
my knowledge of the power of seven, I laid claim to the Seven Seals of Prophecy that 
on the day of truth, Iblis's curse would be finished and the righteous would triumph. 
And now the day of truth is come. Telektonon, the talking stone, now speaks in a 
voice for all to hear. 


By the seventh baktun, the Seven Seals of Prophecy were stored in Earth's special 
lodestone of truth, whose custodian am 1. 


By the eighth Baktun, Iblis had caused the Tower of Babel to speak more tongues in a 
growing clash of empires. Into this confusion came the Apostle of Love, crucified for 
driving the moneylenders from the Temple, misunderstood by the people of the book, 
finally to be absorbed by the Priests of Babylon, now Roman by tongue, who use this 
Christ as their emblem to spawn Iblis's greatest evil, the total usurpation of Earthly 
Time. 


= THE BOOK OF DARK PROPHECIES 


59. 


One special voice did this Jesus have, aman named Saint John ofPatmos, in whom 
the gift of prophecy was fulfilled. From my ark of universal time, Earth's special lode- 
stone of truth, rock of Heaven, attained by thirteen tones, I guided Saint John's hand 
by the mystic power of seven. And so was sent to the world the Book of Dark Proph- 
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ecies, Revelations, the Apocalypse, twenty-two mystic chapters, the first thirteen mir- 
roring my thirteen great baktuns, nine more for the Lords of Time, seven of these for 
each of Seven Years of Prophecy, and the last two to complete the visionary power of 
the righteous of the Cube: 144,000 times thirteen. 


To those who can read they will find Iblis's numbers 1,260 and 666, well known on the 
day of truth, for 12:60 is the ratio of the false time that makes martyrs of the righ- 
teous, and 666 the number of the beast who captures my thirteenth baktun. 


Children of the day of truth, children of the dawn, people of the book, all this can you 
hear in the stones of Palen que where in the tenth baktun I took pure human form. Of 
the twenty-seven books of the New Testament, the twenty-seventh is Revelations. 
Twenty-seven steps ascend to the Palace of Bolon Ik. This palace, New Jerusalem, is 
the mystic power of Telektonon, the twenty-eighth step, the power of seven sancti- 
fied foursquare. 


Twenty-two chapters of Revelations are the twenty-two kin complete in Bolon Ik: thir- 
teen for the power of time, nine for the Nine Lords of Time, whose forms still guard my 
ark of stone deep within the ninefold temple of the Cube of the Law. Perfect was the 
time of my coming, kin 1, 366, 560. Perfect was the time of my going, kin 1, 385, 540. 


Installed in the House of the Serpent, my coming was commemorated by the depar- 
ture of the third messenger, the special messenger of the day of truth, the Apostle 
Muhammad, who left for the righteous of the Earth the Book of the Righteous, the 
Holy Quran, clear signs to understand. 


As Buddha taught so pure one mind, so Muhammad taught so pure one God. Sub- 
mission to the will of God is at the center of the Law of the Cube. Truly for the 
righteous there is only the straight way, the path of basic goodness, laid out in the 
heart as obedience to God's will, the divine plan unfathomable to those who cry, 
"reason alone can save us!" 


@ 
qumme THE PROPHECY OF THE SEVEN GENERATIONS 
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I am Pacal Votan, witness of time. Telektonon is my gospel. The talking stone of 
unifying prophecy is my legacy intended for that special messenger who understands 
the meaning of my numbers. 


Bymy symbolic channel of communication called Telektonon did I intend this prophecy 
to be discovered and recovered. Once forty years had elapsed from the time of the 
discovery of my Uranian crypt, then would come the recovery, the recollection by my 
special agent of the numbers rehearsed and repeated to announce the day of truth. 


Perfect was the time of my coming. Perfect was my mission. Perfect was the time of 
my going. Perfect is the discovery of my prophecy. Perfect is the Telektonon, the 
little book the angel of the Lord made Saint John ofPatmos taste and eat, which you 
now possess, a treasure for the day of truth. 
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What you witness by these words is the last message I gave to my people, the message 
of 9.13.0.0.0, heard from my ark of stone through the Telektonon, Earth Spirit Speak- 
ing Tube. To my people I declared: 


"Seven katuns are there to follow me. Seven generations, each one guarded by a solar 
witness taking account of what you do, each solar witness sealing your time with a 
prophecy to be known as the Book of the Seven Generations. And this book is to be 
opened for the day of truth. 


"After the seven generations, the end of the baktun. Ten baktuns gone, the glorious 
Age of Maya gone, the Long Count of my days to be completed at 1,440,000 kin, the 
mystic number of the elect multiplied by ten. 


"Then will come the three baktuns of Babel, the coming exile of 12:60 time. Thirteen 
years after this tenth baktun shall come the last prophetic round: thirteen cycles of 
Heaven, each fifty-two years, followed by nine cycles of Hell, each also fifty-two years. 
When the third round of Heaven begins, the Messenger of the Last Call will come to 
you, Quetzalcoatl-Kukulkan, the prophet by name. 


"And when the thirteenth Heaven cycle is over, then will come the complete destruc- 
tion of all we are and know. Before the twelfth baktun is over, two priests bearing false 
witness, ornamented with the sacred numbers five and thirteen, will see to it that the 
thirteenth baktun will be the end of time. 


"Unrelenting will be the roll of the Nine Hells into the abyss of fire and madness. In 
the time of the last Hell, though you will be declared free, free you will not be. Ten 
Kings in succession will mark the climax of time. Seven years will follow the ending of 
the last Hell. Then will sound the angel of the seventh trumpet, the seven thunders 
will roll, the beast of seven heads called G-7 will place his mark on your foreheads and 
hands, the false one from Babylon will return to be embraced by the 11 Serpent. 
Then the day of truth will come, the Seven Years of Prophecy." 


ewe TIME'S SPECIAL WITNESS 
—— 
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People of the dawn, people of the book, children of the day of truth, many messen- 
gers have been sent to you, many prophets have been given to you. A Book of En- 
lightenment has been placed in the Earth for all to read in communion with the Earth. 
A Book of Dark Prophecies has been left for you. A prophecy of thirteen Heavens and 
nine Hells to accompany the Book of Dark Prophecies has also been left for you. A 
great prophet and messenger has left you clear signs to understand and a book of 
unassailable righteousness, the Holy Quran. 


As the special witness of time, I have left for you my talking stone, Telektonon, breath 
of precious Bolon Ik, and have sent you both a prophet, Quetzalcoatl of sacred 
Xochicalco, and for the day of truth I have appointed also a special messenger who 
can hear my talking stone and write and explain its numbers and its meaning for you, 
children of the righteous. 


e Telektonon Prophecy of Pacal Votan 


76. Do not doubt any of this. When the moment comes for him who is to be the eleventh 
in succession, to succeed the one, 11 Serpent, then join the believers and begin the 
prophecy that liberates from all Kings and successors. 


77. Ten witnesses I place around my tomb, ten Uranian emissaries, one each for each of 
ten baktuns. Of these am I the eleventh. Who would be the eleventh in the final 
succession of the Kings of Mexico must own me as the eleventh, then will all go well. 


78. Sixmessengers did I place on my talking stone of prophecy: three above, the messen- 
gers Lord Buddha, Muhammad, and Christ; and three below, Padmasambhava, 
Quetzalcoatl, and Saint John of Patmos. Of these am I the seventh. 


79. Pacal Votan am I, time's special witness, messenger of the Telektonon, instrument of 
the seventh angel, I declare again and again: All is number. God is anumber. God is in 
all. 


Bee 
eum WAR OF THE RIGHTEOUS 
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80. Look carefully at my stone and listen: ten messengers, 24 signs, for ten are the num- 
ber of orbits of planets around this star, Kinich Ahau, your Sun. From my point of 
origin, your star is designated 24, number of the circuit of externalizing intelligence. 
If you are of the righteous, then in this is a sign for you of your star mission. 


81. And from each of the three oracle mouths of the arms of the cross of my Kuxan Suum, 
you will find twenty-four rays repeated three times, one-half the number of the elect 
(3 x 24 = 72). Add to this 3 times 11 (33) and the number is 105, the difference be- 
tween the number of days in your solar orbit, 365, and the number of kin in my sacred 
count, my galactic spin, 260. 


82. 13:20 is the ratio of natural sacred time. 12:60 is the ratio of the false time of the 
Tower of Babel. 13:20, thirteen moons, twenty fingers and toes. 12:60, twelve-month 
year, sixty-minute hour. Children of the day of truth, in this is a sign for you to dis- 
criminate between the power of the evil one who seeks to trap you in his machine, and 
the power of the righteous who need nothing but that with which God has endowed 
them: their body of time and their natural path synchronized by thirteen moons. 


83. Children of the day of truth this is your only decision, for God knows and sees all that 
isin your hearts. People of the dawn, people of the book, on the hour of judgment 
unify yourselves in the only way you can: in time, as time, through time. For this in 
the year of kin 144, Telektonon is revealed to you, God's plan for peace on Earth, the 
last and only hope for spiritual renewal and salvation, immediate acceptance and adop- 
tion of the twenty-eight-day, thirteen-moon way, the calendar Telektonon. "And he 
had a name written that no man knew but himself." (Revelations 19:12) And that 
name is Telektonon. 


84. Children of the day of truth, people of the dawn, people of the book, foursquare is my 
talking stone, invisible its design, its crystal lacing of star histories met in my human 
form. Time's special witness am I seeking apostles of time to organize the day of truth 
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into the revelation of God's redemption. Universal forgiveness awaits those who un- 
derstand God's plan, a common time of twenty-eight days, thirteen moons, begun 
together at the appointed hour, on the day called Lunar Moon, the first day of the 
second year of prophecy. 


Two solar faces there are upon my talking stone, the one an icon of my solar shield, 
Galactic Sun, the other, Lunar Sun, an emblem of the perfect lunar timing of Earth's 
solar orbit. 


Children of the day of truth, the hour of judgment has come for you. How much 
longer do you need to suffocate in the Babylonian exile of 12:60 time? My children 
are the oppressed. Is it not time for the war of the righteous to restore equality? Why 
not wage the war then that destroys altogether the old time? Why not smash the 
caskets of the Babylonian wine of fornication in a single stroke? 


—— HOLY VICTORY MARCH 
=e, 
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0 children of the day of truth, people of the dawn, people of the book, in your origins 
you were one blood, today the hour of judgment demands you become one again, 
unified in time. Who among you will join my apostles of the Telektonon? Already the 
gift has been given. Already we left for you the 13:20 tool, my sacred count of days, 
260 kin, to turn the solar-lunar wheel of365 days. And when prophecy was vindicated 
at the conclusion of the ninth Hell, we sent among you the perfect form of this gift, 
Dreamspell, containing the message of the thirteen moons. 


But this was not enough, the seventh trumpet had yet to sound, and so it did in the 
fortieth year following the discovery of my Uranian ark of stone. And now my proph- 
ecies are revealed. The Mayan Apocalypse of kin 144, Yellow Magnetic Seed, turns 
the seventh year of karmic destiny into the opening of the first of my seven seals of 
prophecy. 


In this seal foursquare, all prophecies converge. The Beast of the G-7 stands revealed. 
The Babylonian Vatican is exposed. In the rainbow dream vision 144,000 of the elect 
are called again to meet, gathering together in circles to listen, to sing, and to dance 
to the song Telektonon. 


0 children of the day of truth, people of the dawn, people of the book, seven is my 
sacred power. Foursquare seven is 28, the number that, perfectly followed, opens 
Heaven's gate. Walking together the sacred thirteen moon, 28-day way, you will be 
joined to God's command, a holy victory march of the righteous to restore sacred 
order to this troubled Earth and to recover your lost powers. 


Four powers of seven are given to you to be your comfort in the Victory March, one 
power for each of four perfect weeks, every twenty-eight days. By the first power of 
seven, claim your power of prophecy, by the second power of seven, maintain your 
power of prophecy; by the third power of seven, proclaim the victory of prophecy; by 
the fourth power of seven, become the victory of prophecy! 
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0 children of the day of truth, 144,000 times thirteen is an army of the righteous. 
Learn again the count of sacred time and join this army. 0 children of the day of 
truth, realize that everything about the old 12:60 time is now become a garment of 
false being, a moral corruption, a banquet feast for the evil one. 


D 
ems THE STORM OF NON-EGO 
oo 


93. 


94. 


95. 


96. 


97. 


98. 


99. 


0 children of the day of truth, children of the people of the book, in the Storm is the 
sign of God's power. To the Storm is assigned the power of nineteen, the mystic 
saturation of all number. One hundred fourteen Suras, nineteen times six, the power 
of the Cube, are the number of Suras in the Holy Quran. Twenty-two years after the 
finding of my Uranian crypt, Telektonon, came complete revelation of the Quran's 
power of nineteen, Allah's mercy. Nineteen more years then to unfold the karma of 
Allah's prophet besieged by Babylonian conspiracy. Then comes the destined year 
nineteen, kin 144, hour of prophecy's convergence, moment of the day of truth. 


Let the 124,000 messengers call forth aremnant of 20,000 more; let each of these 
sound seven trumpets, seven times. Let these seven times seven trumpets call for a 
following of God's perfect plan. Mark seven times seven years since the evil one showed 
his fiery face at Hiroshima. Be honored by God's cancellation oflblis's power of moral 
oblivion. Let the storm of God's power of nineteen cleanse with cosmic mercy the 
blood of all martyrs from the thrones of Kings, and let these thrones themselves be 
dissolved by the pure water of sacred time flowing through the gardens of the righteous. 


I am Pacal Votan, time's special witness, revealer of the Cube of the Law, devoted 
patron of the mystery that is woman, the consummation of the telepathic power of 
twenty-eight, known to me by name of Bolon Ik. 


Pacal Votan am I, enigma to your men of reason. My existence is proof of the workings 
of higher law. Telepathy is participation in God's knowing, but is no cause to claim full 
knowledge of His powers. Prophecy too is natural law,the complement to God's mercy. 


0-19 is my code. In it are all demonstrations of the wisdom that is always close and 
near, but that comprehends the web of galactic being and all forms of its natural 
orders in time. Just as nineteen isthe power of God's mercy, so zero is the fullness and 
emptiness all at once that characterize the nature of mind and all it can know. 


Lord Buddha called this power of zero Sunyata. The special voice of Buddha, 
Padmasambhava, whose life span followed mine, exactly as Muhammad's preceded it, 
knew this Sunyata to be the basis of non-ego. 


If you would know me and all that I witness for you in this hour of judgment, children 
of the dawn, people of the book, then practice the being that is non-ego. 


ass 
emmeme THE ECSTASY OF DELIVERANCE 
=D 


100. Because I repose on Telektonon, the mother of all prophecy, mine is the ecstasy of 


deliverance. With a mind of non-ego clasped to the heart of God I have sent out my 
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101. 


102. 


103. 


message of the Mayan Apocalypse. By relinquishing the calendar of twelve and leav- 
ing the prison of mechanized time, God's mercy will come swiftly to you. 


Thirteen moons, twenty fingers and toes, thirteen joints, four limbs, five senses do 
you already possess. God's knowing and power of movement are already in you like a 
mother pregnant with child. 


Why tarry now? When ahouse is burning, scurrying for your possessions will only cost 
you your life. This house that is burning is Babylon, the 12:60 way of life, which is now 
destroying your biosphere and poisoning everything about your life. Do not linger now 
fondling your machines. This is the Day of Judgment. If you can remember, leave this 
burning house and know that a better way has already been prepared for you, a holy 
victory march, my seven years of prophecy, Telektonon, the sacred revelation of time. 


The Cube of the Law is awaiting its construction through the collective mind, spirit, 
and will of you, 0 children of the day of truth. Iblis, Satan, the evil one is none other 
than your ego clinging to the fatal lures of Babylon. God knows nonetheless exactly 
what is in your heart. Why not, then, become an apostle of the holy victory march? 
The ecstasy of deliverance is meant to be shared by all. 


od 
emeeee THE PROPHETS OF PEACE ARE AWAKENING 
ener) 


104. 


105. 


106. 


107. 


108. 


Pacal Votan am I, time's special witness am I, who bequeaths to you a talking stone, a 
legacy of place, Nah Chan, House of the Serpent, by prophecy known as Palenque. 


And at Xochicalco, too, you will find stone utterances of my gospel left by command 
of my apostle, Topiltzin Ce Acatl Quetzalcoatl, who closed Christ's first millennium, 
as now my prophecy is come to close Christ's second millennium. 


0 people of the dawn, people of the book, children of the day of truth, make your- 
selves as one again and do not doubt the accuracy of the appointed hour on the day 
Lunar Moon! Synchronize now, and in all humility accept God's plan, twenty-eight 
days, thirteen moons, plus one day for deliverance and forgiveness. 


Pardon now in public your enemy's indiscretions, and make full confession of your 
own transgressions. If you are sincere, God will see this in your heart and by His 
mercy many will follow your way; and if you proclaim for the cause of righteousness 
and truth, anew beginning and anew time, Telektonon, the thirteen moon way, and 
you enjoin others to do likewise, then God will know this, too, and make you a great 
general in the holy victory march. 


And, if you have means and wealth, and you hear these words, or have explained to 
you the curse of 12:60 time and the blessing of 13:20 time, then do not doubt it and 
practice charity. Provide for the children orphaned by war and provide for the recon- 
struction of the Earth, that the practice of art and culture may flourish once again. 
Practice such charity with zeal, for soon you shall see an end to money. No more will 
flow the drunken wine of Babylon's fornication, and then what will you be with your 
paper credits and your useless machines? 
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The prophets of peace are awakening. Truly, the hour of judgment is come. Among the 
angels am I known as the mysterious benefactor of the righteous. Will you throwaway 
this opportunity, too? Beware for now the fire that consumes all falsehood is raging. 


eee 

Seu THE WIZARD'S HOARD OF THE LORE OF DEATH 

—= 

110. People of the dawn, people of the book, children of the day of truth, because I am 


111. 


112. 


113. 


114. 


115. 


116. 


time's special witness, everything about my talking stone of prophecy is in fulfillment 
of God's divine plan. 


Mine is the teaching of the 12:60 way of exile and the 13:20 way of redemption. 
Exactly 1,260 years passed from the dedication of my temple and closing of my Ura- 
nian crypt, A.D.692, 9.13.0.0.0, to its discovery and reopening in A.D.1952, 12.17.0.0.0. 
Another five times seven years, the numbers of my sacred ratio passed before the 
closing of the ninth Hell, A.D.1987, commemorated by the sacrifice of 3 Monkey, the 
first of four sacred signs on the western edge of my great talking stone. In this sacri- 
fice was a sign of the death and transcendence of the way of the people of the book, 
"Joshua," and the people of the dawn, "Maitreya." 


Eleven sets of triple disks, thirty-three in all, will you find upon my stone, for 33 is the 
number of the initiate, the middle harmonic of 65 that constitutes the Tzolkin, my 
sacred count of thirteen times twenty. All clear signs have I left for you, two borders 
of stars, the host of the Nine Lords of Time repeated by number on each side, top and 
bottom of my stone, a ledger of star histories complete in my form. 


But especially would I have you look at Mars and consider again the disposition of the 
thirteen sacred signs placed around the edge of my stone, from 8 Ahau, my seal of 
truth, to 13 Cimi, the galactic closing of the wizard's hoard of the lore of death. 


Ten emissaries celebrate the glory of my gifts for you, signs of peace from other worlds 
that beckon you to awaken from your sleep of Earthly Hell to join yourselves to God's 
command, Telektonon, the 28-day, thirteen-moon way and find in that count of days 
apath that leads directly to the paradise that isthe repose and reward of the righteous. 


One hundred forty is the number of the Telektonon, perfect its ratio 5:7 (28 x 5 =20 
x 7), the same as my sacred ratio 260:364(+1) 


All is number. God is anumber. God is in all. 


eeee 
quuuee SEVEN PERFECT ORACLES 
aD 


117. 


118. 


People of the dawn, people of the book, children of the day of truth, this completes 
my testimony, I, Valum Votan, holder of the solar shield, protected have I been by the 
perfect love of Bolon Ik, who has stored my prophecy until this moment of release. 


Seven perfect oracles have I given you, a perfect calendar of thirteen moons, an 
instrument to renew your spirit and your powers of Prophecy, Telektonon, and a book 
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of knowledge for you to penetrate the forgotten history of your star, Dreamspell. Also 
have I sent two messengers who bear witness to my truth, and thirteen perfect signs. 


119. Now is the time of my prophecy. Now is the day of truth. Now is the opening of the 
seven seals. Now is the sounding of the seven trumpets. Now is the hour of judgment. 
Now is the song of the 144,000, the seed army of the righteous. 


120. When the Lunar Moon has overflowed its banks, the G-7 will be no more. 
121. When the Electric Wizard arrives, gather in banners of righteousness. 
122. When arrives the Self-existing Storm, you will be fortified with spiritual abundance. 


123. When comes the Overtone Seed, neither money nor priests will besiege you any 
longer, but the Earth will sing in harmony with your righteousness, Babylon will be 
no more, the Law of the Cube will be fully rehearsed in the hearts of the righteous. 


124. In the sign of the Rhythmic Moon, senses will open to the manna of Heaven; no where 
will you find any longer signs of the evil one; a cosmic race will you be once again. 


125. And when comes the seventh year, the Resonant Wizard will seal the Heavens and the 
Earth with the glory of all prophecy, the redemption of all prophets, messengers, 
apostles, and witnesses of truth. 


126. Five years then will you have to close the cycle ofthe Seed, and another eight, thir- 
teen years in all, to prepare for the coming of the Galactic Seed, 2013 Arcturus Do- 
minion, the fulfillment of the star cycle of Valum Chivim, witnessed by the special 
agent, Pacal Votan, to the glory oflove, Bolon Ik, and on behalf of the mercy of God's 
divine plan, Telektonon, Cube of the Law, the mighty talking stone of prophecy. 


” 


"Man _ is one. Culture is indivisible. 


-ALBERTO Ruz, 1952, 12.17.0.0.0. 


Transcribed 12 Seed, kin 64, 
Resonant Moon Day 13, 

Warrior's Cube 7, 0 Yax 

Yellow Magnetic Seed Year, kin 144, 
First Year of Prophecy 


Blue Spectral Monkey/White Solar Wind 


Tepoztlan, Morelos, Mexico 
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The Nineteen Code 


THE MYSTERY of the motives of the hijackers, who were instrumented by divine 
will, if not by biospheric necessity, to catalyze the Inevitable Event, lies in their very 
number: nineteen. While the nineteen is related to the Quranic verse 74:30, "Over 
it is nineteen," and can be interpreted prophetically, the Law of Time confirms the 
Quran in demonstrating that the number nineteen possesses asupreme and indeed 
inviolable value. The Law of Time validates all that is true, and contains within it 
the mathematical confirmation of all systems of thought as different facets of the 
same synchronic order. 

The Law of Time is based on the mathematical code of the Harmonic Module, 
itself a function and ademonstration of the 13:20 ratio. The vigesimal mathematics 
of the 13:20 frequency is known as the 0':""19code, which is written with a simple dot- 
bar notation. As such the 0-19 code is awhole number system in which the count is 
not 1-9 but 1-19, and the positional zero represents a factor of 20 rather than of 10. 
As the demonstration of aradial mathematical code, the number 19 plays a singular 
role in the 13:20 matrix. As the largest compound prime number of the 0-19 count, 
within the context of this count 19 has certain unique properties and values. It may 
be asked: why 19? 

First of all, let us consider the theological dimensions of the number 19 as hinted 
at by the Quranic verse 74:30. Long an enigma to scholars of the Quran, it was only 


through the genius of an Egyptian scientist, aided by acomputer, that the meaning 
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of the verse was finally revealed as the nineteen code-an intricate mathematical 
system based on the number 19 underlying the entire structure of the Holy Quran. 

"For the first time in history we have a scripture with built-in proof of divine 
authorship-a superhuman mathematical composition."| 

The contribution of Rashad Khalifa (1935-1990) to the role and meaning of the 
Holy Quran for the entire modem world is without parallel. The martyrdom of this 
genuine seeker and messenger needs to be redeemed and placed in its proper light. 
According to Dr. Khalifa, "Nineteen is the common denominator throughout the 
Quran's mathematical system." "This is one of the greatest miracles" (74:35). To 


summarize in his own words, Dr. Khalifa states: 


The Quran is characterized by a unique phenomenon never found in any human 
authored book. Every element of the Quran is mathematically composed-the — suras, 
the verses, the words, the number of certain letters, the number of words from the 
same root, the number and variety of divine names, the unique spelling of certain 
words, the absence or deliberate alteration of certain letters within certain words, 
and many other elements of the Quran besides its content. There are two major 
facets of the Quran's mathematical system: (1) The mathematical literary composi- 
tion, and (2) The mathematical structure involving the numbers of suras and verses. 
Because of this comprehensive mathematical coding, the slightest distortion of the 


Quran's text or physical arrangement is immediately exposed.2 


Like the Law of Time, which could only have been discovered after the opening 
of Pacal Votan's tomb, in A.D.1952, the nineteen code of the Quran could only be 
discovered and unveiled over a twenty-two-year period between 1968 and 1990. 
Why? Because only with a modem computer could Dr. Khalifa subject every last 
word and letter of the Quran, in its Arabic original, to the rigorous analysis neces- 
sary to expose its mathematical perfection. As Dr. Khalifa writes in his footnote to 
10:20 ("They say,'How come no miracle came down to him from his Lord?’ Say, 


‘The future belongs to God; so wait, and I am waiting along with you."): 


10.20: In retrospect we see now that the Quran's miracle, indeed "One of the great- 
est miracles" (74:35), was divinely predestined to be unveiled 14 centuries after 
Muhammad. In view of the current condition of the traditional Muslims, ifMuham- 
mad had been given this miracle, those Muslims, who are already idolizing Muhammad 
beside God, would have worshipped him as God incarnate. Additionally, this miracle 
is obviously designed for the computer age, and to be appreciated by mathematically 


sophisticated generations.3 


The phenomenon of the intricate patterning of the nineteen code as witnessed, 
for example, in the 19 x 142 (2,698) occurrences of the word Godin the Quran, 
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writes Khalifa, "alone suffices as incontrovertible proof that the Quran is God's mes- 
sage to the world. No human being(s) could have kept track of 2698 occurrences of 
the word 'God,' and the number of verses where they occur."4 One must bear in 
mind that the Quran was revealed in atime of primitive simplicity over a twenty- 
three-year period so that the suras and verses were separated in time and place, while 
the chronological order of the revelation of the suras is not at all the same as their 
final format. Moreover, the miracle of the nineteen code isnot limited to the appear- 
ance of the word God, but is vast, intricate, and comprehensive. Dr. Khalifa lists a 
set of nineteen "simple facts" that confirm the Quran's mathematical coding. The 
"simple facts" are those not requiring acalculator or computer to be ascertained. We 
hereby reproduce these "simple facts," as they are presented in Appendix 1 of Quran: 


The Pinal Testament (all references to letters and words are to the Arabic original): 


1. The first verse (1:1), known as “Basmalah," consists of 19 letters. 
2. The Quran consists of 114 suras, which is 19 x6. 
3. The total number of verses in the Quran is 6346, or 19 x 334. 


(6234 numbered verses and 112 unnumbered verses 


[Basmalahs ].6234 +112 = 6346. Note that6+3+4+6= 19. 


4. The Basmalah occurs 114 times, despite its conspicuous 


absence from Sura 9 (it occurs twice in Sura 27). 114 = 19 x6. 


5. From the missing Basmalah of Sura 9 to the extra 


Basmalah of Sura 27 there are precisely 19 suras. 


6. It follows that the total of the sura numbers 


from 9 to 27 9 +10 + 114+ 12...+26 +27) is 342, or 19 x 18. 


7. The total (342) also equals the number of words 


between the two Basmalahs of Sura 27, and 342 = 19 x 18. 
8. The famous first revelation (96:1-5) consists of 19 words. 
9. This 19-worded first revelation consists of 76 letters, 19x4. 
10. Sura 96, first in the chronological sequence, consists of 19 verses. 
11. This first chronological sura is placed atop the last 19 suras. 
12. Sura 96 consists of 304 Arabic letters. 304 = 19 x 16. 
13. The last revelation (Sura 110) consists of 19 words. 
14. The first verse of the last revelation (110:1) consists of 19 letters. 
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5. 14 different Arabic letters form 14 different sets of 
"Quranic Initials" (such as A.L.M. of 2:1) and 
prefix 29 suras. These numbers add up 


to 14+ 14429 =57and 57= 19 x 3. 


16. The total of the 29 sura numbers where the Quranic 
Initials occur is2 +3+7+...+50+68 ~ 822, 
and 822 + 14 (14 sets oflnitials) — 836, or 19x44, 


17. Between the first initialed sura (Sura 2) and the last 


initialed sura (Sura 68) there are 38 un-initialed suras. 38= 19 x 2. 


18. Between the first and last initialed sura there are 19 sets 


of alternating "initialed" and "un-initialed"  suras. 


19. The Quran mentions 30 different numbers: 1,2,3,4, 
5,6, 7, 8,9, 10, 11, 12, 19,20,30,40,50,60, 70, 80, 
99, 100,200,300, 1000,2000,3000,5000,50,000, 
& 100,000. The sum of these numbers is 162,146= 19 x 6534. 


Apart from the "simple facts," through use of his computer, a Hewlett Packard 
HP-IOOO E-series, Dr. Khalifa demonstrated many more complex levels of the cod- 
ing of the number 19 throughout the Quran. These findings are synthesized in the 
Appendices to Quran: The Pinal Testament, and are also available in his other texts 
detailing his research, such as The Miracle of the Quran. The net effect of the truly 
monumental research effort exerted by Dr. Khalifa was the promotion of a highly 
reformed Islam based on "the Quran, the whole Quran, and nothing but the Quran." 
It is for this reason that Dr. Khalifa's translations of the Quran are referred to as "the 
Final Scripture," (1980) and the revised translation (1992) as the "Final Testament." 
It was also Dr. Khalifa's insistence on the Quran as the sole basis oflslam that earned 


him his martyrdom in Tucson, Arizona, on January 31, 1990. 


NINETEEN IN THE TWENTY-COUNT POSITIONAL SYSTEM 


The Law ofTime-T(E) =Art, where T equals the 13:20 timing frequency ratio- 
upholds the validity of the research of Dr. Khalifa and graphically demonstrates 
why 19 is the mathematical factor that underlies the Holy Quran. 

The fact that the Mayan vigesimal system is known asthe 0-19 code, and that in 
this code 19, and not 9, has the supreme value of being the highest number, 


absolutely enhances the power and significance of Dr. Khalifa's discovery concerning 
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74:30, "Over it is nineteen." The supremacy of the value of 19, imperceptible if we 
only follow the decimal 1O-count, is fully demonstrated when we examine the 0-19 
number code in which the numbers 0-19 are reproduced in a5 x4 (= 20) matrix, 
beginning with 0 and ending with 19. In this number set, which also demonstrates 

the mathematics of the radial matrix, there are ten pairs of numbers radially ar- 


ranged, each pair of which adds up to 19: 


0+19=19 
1+18=19 
2+17=19 
3+ 16=19 
4+15=19 
5+14=19 
6+13=19 
7+12=19 
8+11=19 
9+10=19 


In other words, within the parameters of the mathematical matrix in which nine- 
teen is the integer with the highest value, its value completely informs the radial 
order of the entire vigesimal system. "Over it is nineteen." This is truly astonishing 
confirmation of the value accorded to 19in the Quran. If the Quran isthe true word 
of God, then we must expect that even knowledge unknown to Muhammad or Dr. 
Khalifa would be contained or coded in the Quran. We are referring, of course, to 
the Law of Time in its mathematical particulars, beginning with its mathematical 
base of expression, the 0-19 code. 


19 = 7: NINETEEN IN THE 0-19 DOT-BAR NOTATIONAL SYSTEM 


Just as the number 19 takes on a supreme value in the vigesimal system inconceiv- 
able in the decimal system, so the vigesimal order commands _ its own notational 
system. The 0-19 dot-bar notational system substantiates the meaning and power of 
19 as the prime mathematical, saturated value unit in the twenty count. The dot-bar 
notational order is aholographic system distinct from the alphabetic system of Ara- 
bic numerals by which we write 1-10. 

The distinction between use of the two notational orders is profound. This nota- 


tional order uses only three notational symbols to build up the holographic context of 
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Any radially opposite set of numbers always 
equals 19, e.g., 4 and 15, 0 and 19, 9 and 10, 
2 and 17, Il and 8. 


Nineteen is the highest value and the most 
saturated notation, being the only one with 
seven notational symbols—three bars and four dots. 


@@0@ Nineteen in galactic notation. 
3 bars (3 x 5 = 15) plus four dots (4) = 19 


Dot-bar notation system, 0-19 code 


the fourth-dimensional number. One dot represents one unit; one bar represents a 
five-unit order; and a positional zero completes the system. The vigesimal nota- 
tional system reveals the entire radial sequence of the 0-19 code to be ahighly stream- 

lined and aesthetic pattern. Brief contemplation shows that there are two patterned 

orders consisting of four vertical sets of five units each, and five horizontal sets of 
four units each. It is seen that nineteen represents the maximum saturation of both 
the vertical and horizontal orders, and consists of the maximum number of dots 
(four) and the maximum number of bars (three). It is also visibly manifest that 19 =7 
notational units, the maximum number of units. 

The fact that 19 is represented by seven notational units confirms Sura 1, which 
has seven verses and the first line of which consists of nineteen Arabic letters. How- 
ever, from the point of view of the Law of Time, 7 is the key implicit mathematical 
unit in the absolute timing frequency ratio, 13:20-the difference between 20 and 
13 is 7, and the midpoint between land 13 is also 7. While Dr. Khalifa is responsible 
for determining the dominance’ of nineteen as the mathematical key underlying the 
patterning and meaning of the Quran, the Law of Time provides an even more 
profound lens through which to consider Dr. Khalifa's work, by placing nineteen in 


a superior (vigesimal) mathematical and theological context. 
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Nineteen Strand in Harmonic Module 


Kin numbers beginning with 19, lower left, are advancing multiples of 
nineteen, the last being 19 x 13 (247). Actually, the difference between 
every kin number on this diagonal is a difference of 19. 


19 = 260: THE TZOLKIN "OVER IT IS NINETEEN" STRAND 


"All is number. God is a number. God is in all. " 
-DYNAMICS OF TIME, POSTULATE 19.13 


The 0-19 code provides the order of 20 in the ratio 13:20. Like the 0-19 radial 
matrix, the 13:20 ratio is also organized as a radial matrix of 260 (13 x 20) kin or 
units. As a cycle of 260 days, the 13 x 20 timing matrix is the fourth-dimensional 
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gauge that synchronically unifies the Thirteen Moon calendar. Known by the 
traditional and ancient Maya as the Tzolkin or "sacred count,” the 13 x 20 gauge or 
Harmonic Module is the key to the mathematics of the fourth dimension, or the 
"Hereafter." Just asthe mathematics of the third dimension is decimal-based, so the 
mathematics of the fourth dimension is vigesimal-based. Hence, the power of 20 as 
a self-existing proportion (4x5 =5 x 4). 

For any frequency to occur two proportions must be coincident. Thirteen, which 
is afunction of the 7 factor, is the proportion that complements the 0-19 vigesimal 
proportion of 20. Hence the Tzolkin consists of twenty horizontal orders and thir- 
teen vertical orders = 260 kin, which are also arranged in twenty sets of thirteen-kin 
wavespells, all numbered 1-13 in dot-bar notation. All of the kin in the 260-unit 
matrix are also individually numbered: kin 1, kin 2...kin 259, kin 260. 

Within the 13:20 order of260 kin, 13 sets of20 or 20 sets of 13, only two of the 
numbers in the vigesimal code 0-19 occur thirteen times: the number 19 and the 
number 20 (=positional zero). While 20 occurs precisely thirteen times, 19 occurs 
thirteen times with aremainder of thirteen (13 x 19=247 = 260 - 13). 

The position and notational order of the thirteen occurrences of the number 19 
in the 260-unit Tzolkin create a perfect strand of thirteen units. This 19x 13 (19 ~ 
260) strand demonstrates the supreme invariability and inviolability of the number 
19 in the vigesimal code of fourth-dimensional time. 

The purity of the movement of the 13 x 19 strand of the Tzolkin is further 
augmented by the vigesimal or 20-count manner of writing numbers. Even as trans- 
literated into the Arabic system of writing numbers, it will be seen that in the vigesimal 
code every multiple of 19 always adds up to 19, a similar power held by all multiples 
of 9 in the decimal code. In vigesimal notation, the second order units are always 
multiples of 20 and not 10.Hence 38 = 1.18, where 1=20 + 18; or 5.14 = 114, where 
5 = 100 + 14. 

Finally, while the sequence 1-13 defines the thirteen galactic tones of fourth- 
dimensional time, the 0-19 matrix is represented by twenty icons and a four-color 
(4 x5 = 20) permutation sequence. The combination of color, icon, and tone gives 
each of the 260 kin a "galactic signature." This completes the description of the 
Harmonic Modulerrzolkin. 

We now present the thirteen multiples of 19 as defined by the 13 x 19 strand 
running from lower left to upper right in a perfect cross-stitch sequence that reverses 
the horizontal order of the 0-19 code frequencies. In other words, the first order 


represented is the order of (1 x 19) 19 (frequency 19,icon Storm), and the last is the 
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19 x 13 (19 = 260 code): 


Each multiple of 19 is listed with a) kin number; b) vigesimal notation; c) galactic signature; 
d) 0-19 frequency order + tone number (Dynamics of Time Code); and e) number of units 
away from 20th position: 


ab. 
1x 19 = kin 19 = 0.19 
2x19 =kin 38 = 118 
3x19 =kin 57 = 217 
4x 19 =kin 76 = 3.16 
5x19 =kin 95 = 4.15 
6X19 = kin 114 = 5.14 
7 X19 = kin 133 = 613 
8 x 19 =kin 152 = 712 
9x19 =kin171= 81] 
10 x 19 = kin 190 = 9.10 
11x 19 = kin 209 = 10.9 
12 x 19 = kin 228 = 11.8 
13 x 19 = kin 247 = 12.7 


c. 

Blue Rhythmic Storm 
White Crystal Mirror 
Red Overtone Earth 
Yellow Spectral Warrior 
Blue Self-existing Eagle 
White Planetary Wizard 
Red Electric Skywalker 
Yellow Solar Human 
Blue Lunar Monkey 
White Galactic Dog 
Red Magnetic Moon 
Yellow Resonant Star 


Blue Cosmic Hand 
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What is sufficient is to contemplate the formal inviolability of the number 19 as a 
constant (strand) within the Tzolkin matrix as well as its invariability of form when 
written in the vigesimal system. That is, in the pure 0-19 notational system, any multiple 
of 19 always adds up to 19 and consists of 7 notational units, e.g., 8.11 (= 8 + 11 =19) = 8 (=1 
bar 3 dots = 4 units) + 11 ( = 2 bars 1 dot = 3 units) = 7 units (= 3 bars 4 dots = 19). 





order of (13 x 19) 7 (frequency 7, icon Hand), showing again the intimate relation 


between 19, 13,6, 7, and 20, the key integers of the codes of fourth-dimensional time. 


19 = 260, THE SIX SURAS THAT ARE MULTIPLES OF 19 


In seeking proof of the Law of Time within the Quranic nineteen code, we need cite 
but afew examples that can demonstrate from within the nineteen code itself the key 


mathematical components of the Law of Time. In addition to the number 19, we 
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must look for any of the factors involved in the 13:20 frequency, such as 260, 7, 6- 
the difference between 19 and 13-and, of course, 13 and 20, or any of the multiples 
of these integers. 

Following the method of Dr. Khalifa, probability analysis of mathematical con- 
stituents based on the assumption that certain numbers’ will be self-verifying, we 


start our program with the six suras that are multiples of nineteen: 


Sura 19 "Maryam" 98 verses 
Sura 38 "Saad" 88 verses 
Sura 57 "Tron" 29 verses 
Sura 76 "The Human" 3 1 verses 
Sura 95 "The Fig" 8 verses 
Sura 114 "People" 6 verses 
=399, total of sura numbers =260 verses in six suras 


that are multiples of 


nineteen. 


= 19.19 vigesimal code 


As can be seen, the sum of the six numbers of the suras that are multiples of 19 is 
exactly 399, or 19 x 21, the maximum ffactor in the vigesimal 20 x 20 matrix. Ex- 
pressed in the vigesimal code this number, 399 = 19.19 [19 ( x 20 =380) +19], the 
only multiple of 19 in the vigesimal code that is written with two 19s, whose sum is 
precisely twice nineteen, 38, and is written with fourteen notational symbols rather 
than seven. This unique number, 19.19 (399), verifies "nineteen is over all," by plac- 
ing 19 over 19 itself. The unique qualities of this most unique of multiples of 19 also 
indicates why the Quran consists of exactly six times nineteen suras. Six is the differ- 
ence between the Quranic 19 and 13, the prime number of the Law of Time. 

More amazing than the sum of the six suras that are multiples of 19 being 19.19 
is the fact that the sum of the verses of these same six suras is 260. This is incontro- 
vertible evidence for the formulation 19 = 260, and substantiates the mathematical 
patterning of the Quran to include the principle factor of the Law of Time, 260 (= 
13 x 20). We are certain that Dr. Khalifa added the verses of these same suras and 
may have been perplexed at the meaning of the resultant number, 260. Of course, 
Dr. Khalifa did not know that 260 is the sum factor of the two proportions _ that 
create the natural timing frequency, 13:20. 

It is also interesting that discovery of the 13:20 timing frequency, December 10, 
1989, was made at almost the precise moment as Dr. Khalifa had completed the 
introduction to The Pinal Testament, the summation § of his research on the Quranic 


nineteen code, Ramadan 26, 1409 (December, 1989). This points to the mysterious 
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movement of the Divine Will in establishing the mathematical proof of the Quran. 
Just as the work of Dr. Khalifa was terminated within amonth of his completing — the 
Final Testament, so the Law of Time, which would substantiate and vindicate the 
Quranic nineteen code, was ordained and propelled into its process of manifestation 

at exactly the same moment. 

Now with the Law of Time the investigation begun by Dr. Khalifa is complete. 
Just as there are six suras that are multiples of 19 within the Holy Quran, so the key 
factor of the Law of Time, the number 260, is coded into the sum of the verses of 
these six suras. The door is opened for entirely new comprehension of the meaning 
and purpose of the Holy Quran. The Law of Time and the Holy Quran in mutual 


resonance will establish the proof of the advent and triumph of the Religion of Truth. 
(9:33,48:28; 61:9) 


Most of the foregoing text of Appendix IV is taken from 19 = 260: The Holy Quran 
and the Law of Time (1999), an unpublished manuscript by Jose Argiielles. 
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Llossary 


THIS GLOSSARY IS constructed to aid the reader in developing a more systematic and 
technical comprehension of the Biosphere and the Law of Time. Though by no means ex- 
haustive, it is hoped that the terminology used in the text is herein defined in a manner 


appropriate to cultivating anoospheric point of view. 


13:20 timing frequency: Fourth-dimensional timing frequency mathematically expressed 
as the ratio constant .13:20; universal frequency of synchronization by which the universe is 
maintained in synchronic order; basis of Law of Time; codified as 260-unit 13:20 matrix of 
Harmonic Module, coordinates Thirteen Moon/28-Day calendar with synchronic order. 


12:60.timing frequency: Artificial, purely third-dimensional timing frequency based on 
combination of irregular twelve-month calendar and mechanistic sixty-minute hour, adop- 
tion of which results in unconscious program within the human mental order, causing the 
species to deviate altogether from the natural biospheric order, resulting in the technosphere. 


astronomical time: Measure of time in third-dimensional physical space without regard to 
intrinsic harmonics of the synchronic order, usually interpreted as duration and, based solely 
on matter that isin constant state of entropy, results in standards of measure characterized by 
infinitesimal.slippages of time and consequent fractional number sequences in need of peri- 
odic correction. 


baktun: Fifth order of Mayan vigesimal number sequence; in time reckoning equals 144,000 
kin (days), or 394.52 years; thirteen per great cycle, measure of human historical era or "great 
cycle": 3113 B.C.-A.D.2012. 


biogenic migration of atoms: Biospheric principle by which evolution over time within 
finite quantity of living matter (biomass) is accounted for by changes of atomic.,cellular- 
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molecular state and condition; occurring uniformly at periodic transitions accounts for ma- 
jor evolutionary mutations. 


biogeochemical, biogeochemical combustion: Term used by V. 1. Vernadsky to refer to 
biospheric dynamic as whole system order unifyIDg living (bio) and inert (geochemical) matter 
in asingle process; biogeochemical combustion occurs when exponential curve of acceleration 
of biogenic migration of atoms becomes absolutely vertical, precipitating advent of noosphere. 


biomass, biomass constant: Sum quantity of living matter, which, according to Vernadsky, 
has remained relatively stable since the origin of life on Earth; as a constant, maintained by 
synchronic timing factor mathematically described as an annual orbital ratio of 73(5) =365 
days per solar orbit of Earth. 


biosphere: Sphere or mantle oflife and its geochemical support system distributed through- 
out Earth's ocean-land surface 


biosphere-noosphere transition: Description of the transformation of the general bio- 
spheric condition due to accelerated excitation of biogenic migration of atoms creating re- 
lease of free energy and consequent biospheric destabilization, characterized as biogeochemical 
combustion, whose resolution is emergence of new evolutionary order, the noosphere; change 
from historical technosphere to post-historic, post-technological phase. 


Bolontiku: Nine Lords of Time; in Mayan cosmology, nocturnal rulers of the underworld 
or inframundo; guardians of the passage of death and resurrection; keepers of time and the 
knowledge of time as noospherically registered in Earth's orbit. 


calendar: Derived from the Latin calends, or account book, a day for making payments; 
generic word used to define systems of timekeeping based on measure of Earth's orbit around 
the sun, often utilizing synodic measure of the moon as a means of calculating. 


Chilam Balam: "Jaguar priest," name of Mayan prophet (ah bobat)who lived just before the 
time of conquest, which he accurately predicted; name given to lineage of Mayan prophets 
extending from the end of tenth baktun (circa A.D.830) up until the nineteenth century; 
name given to series of post-conquest texts in which the various categories of prophecies of 
this lineage are recorded. 


chronomancy, geochronomancy: "Divination by time"; the science and art of fourth- di- 
mensional time considered as a whole system where science is knowledge and art is practice; 
oracular method of reading the synchronic order; description of incipient "Earth time sci- 
ence" incorporating principles of whole Earth geomancy into time structures of the synchronic 
order. 


chronosphere: Sphere of time that activates noosphere; fourth-dimensional field created by 
the planet holon in resonance with the rotation of the third-dimensional planet body; coded 
asmovement of four chromatics (biopsychic field) across the planet holon, stitching together 
gravitational fields (five Earth families) and electromagnetic fields (four color families). 


chronotopology: Term coined by Charles Muses to define any geography of time and con- 
sisting of an event point of meaning that creates aroot meaning from which time-formed, - 
blossomed, or -radiated meanings emerge above a horizon of meaning. 
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Day Out of Time: The 365th day of the Thirteen Moon/28-Day calendar, no day of the 
week or month at all (52 x 7 day weeks =13 moons times 28 days =364); occurs on Gregorian 
correlate date July 25, and precedes Thirteen Moon "New Year's" or synchronization date, 
correlated to July 26. 


Dreamspell: Any agreed-on consensus reality; a collective mind-set defining a noospheric 
epoch, such as "Dreamspell of history"; term given to proofs and tools demonstrating — radial 
and fractal principles of fourth-dimensional mathematics; cosmo-mythic structure of Earth 
history and its future, otherwise known as Dreamspell: The Journey of Timeship Earth 2013. 


free energy: Release into biosphere of gases (such as carbon monoxide) and other chemical 
by-products of industrialization that accelerate biogenic migration of atoms, resulting in 
biogeochemical combustion; in noosphere refers to release of spectral plasmic-atmospheric 

phenomena through human telepathic interaction with the electromagnetic field. 


fourth dimension: Dimension of time greater than and containing three dimensions of 
space that it informs and governs. 


galactic signature: Combination of one of thirteen galactic tones and twenty solar seals that 
constitute the harmonic module and that code any given day of the third-dimensional Thir- 
teen Moon calendar. 


geocosmic: Holonomic perception expressing unification of Earth whole with the cosmic 
order. 


Gregorian (Julian) calendar: Current world standard calendar consisting of twelve irregu- 
larly numbered and obscurely named months coordinated by the 7-day week and intercalary 
leap year system establishing 28-year cycles; created by the reform of Pope Gregory XIII 
(1572-1583) in 1582, which "corrected" the Julian calendar (established by Julius Caesar, 
45-44 B.C.)by lopping off ten days and refining the intercalary system so that only centuries 
that are multiples of four are leap years; supreme example of astronomical time measure; 
principle macro-organizing principle establishing 12:60 artificial timing frequency. 


Hannonic Module: 260-unit mathematical matrix of 13:20 frequency, inclusive of a 52-unit 
binary triplet configuration or set of galactic activation portals; sometimes referred to as 
Tzolkin, 260-kin sacred count of the Maya; basis of fourth-dimensional vigesimal math- 
ematics of time; coordinated with third-dimensional calendar of Thirteen Moons, estab- 
lishes basis of 260 galactic signatures. 


heliosphere: Sun and its system of planets considered as a whole organism; also known as 
heliocosm. 


holonomics: Of or pertaining to the law governing whole systems. 


holonomic consistency and reciprocity: Law by which any whole principle of reality is 
capable of evoking alike response or reflecting a fractal order at whatever level or through 
whatever structure. 


holon: Any organic whole unit, fractally replicable; basis ofholonomics, law governing whole 
systems. 
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human holon: Fourth-dimensional — structure of the human being conforming to the 13:20 
frequency (twenty digits, thirteen main articulations). 


Hunab Ku: "One giver of movement and measure"; in Mayan cosmology, can refer to God 
as the Supreme Creator. 


Inevitable Event: Law of Time definition of the point in synchronic order when the artifi- 
cial time generated curves of machine, human population, and money converge exponen- 
tially in one dramatic, prophecy-fulfilling moment, marking the conclusion oftechnospheric 
expansion; name given to the events of September 11, 2001 (9-11), epitomized by the col~ 
lapse of World Trade Center Twin Towers (Fall of Babylon). 


Julian Count: Established by Thomas Scaliger, 1583, the year after Gregorian calendar 
"reform," to establish a linear count of days beginning January 1,4714 B.C.,some 1,600 years 
prior to commencement of thirteen baktun Long Count of the Maya; official modern scien- 
tific count, basis of linear time paradigm. 


katun: Fourth order of vigesimal mathematics ~ 8,000 kin; in Mayan time count, where the 
second order vinal is 18 and not 20, a katun = 7200 kin, or 19.7 solar years; twenty katuns 
equal one baktun of 144,000 kin; 260 katuns per thirteen baktun cycle. 


kin: In fourth-dimensional mathematics the base unit of measure, possessing fractal proper- 
ties; one day and night or turn of Earth on its axis; any human being so designated by assum- 
ing the galactic signature of the date of birth. 


Law of Time: T(E) =Art, Energy factored by Time equals Art, where T (time) is the fourth- 
dimensional universal synchronization frequency constant 13:20, E (energy) refers to any 
phenomenal manifestation, and Art to the fact that the synchronizing frequency of time 
harmonizes everything into a natural condition of beauty. 


Long Count: Mayan count of days (kin) measured by thirteen baktuns of 144,000 days each 
for a total of 1,872,000 kin, the measure of history from JulianiGregorian correlates August 
13, 3113 B.C.to December 21, 2012; still maintained through use of Tzolkin by Quiche 
Maya, Guatemala. 


lunar calendar: System of time measurement using synodical measure of the moon-from 
new moon to new moon, approximately 29.5 days; twelve lunar months equaling a total of 
354 days, eleven days short of the measure of solar orbit; used by many of the Old World 
civilizations; with the exception ofIslamic lunar calendar, most lunar calendars intercalate a 
thirteenth moon, seven per every nineteen years. 


machine: Capacity for the human to externalize its internal processes as well as motor func- 
tions into different means of mechanical reproduction, the sum possibilities of which estab- 
lish a technological complex requiring constant maintenance, thus subordinating human 
consciousness to its level; the ultimate manifestation of the 12:60 timing frequency; any indus- 
trially produced tool believed to advance the level of human comfort and accomplishment. 


noosphere: Earth's mental envelope or field, discontinuous with and above the biosphere; 
unconscious until the discovery and application of the Law of Time; activated by registration 
of the human biomass in correct 13:20 timing frequency via universal adoption of Thirteen 
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Moon calendar; description of transformed state of biosphere, coincident with the end of 
history; condition of universal telepathy subsequent to collapse of technosphere and applica- 
tion of Law of Time; functions in tandem with programs from Earth's octahedral core. 


noospheric chip: Description of human operating in noosphere, holonomically resonant 
with intrinsic 13:20 codes of synchronic order, capable of interacting with the psi bank to 
participate in the creation of Earth's rainbow brain. 


Noospheric Earth Time (NET): Time measure based on Earth in its orbit in relation to 
the sun and moon in heliospheric space, rather than from the perspective of human (astro- 
nomical time); base unit of measure is one rotation of Earth on its axis or one kin (one night 
and day), which establishes one NET minute; twenty-eight NET minutes per Moon, or one 
NET hour, 365 NET minutes, or Thirteen NET Hours plus one NET minute per solar 
orbit; takes into account that for any NET minute axial magnetic bipolarity of Earth is a 
changing dynamic reaching two peak points called solstices and two stable points called equi- 
noxes; this four-part division is holonomically registered daily in two peak points, midnight 
(where day begins and ends) and noon, and two stable points, sunrise and sunset. 


occult quartet: Demonstration of radial mathematics of Harmonic Module where the tones 
of any four kin radially equidistant from each other always equal 28; or the tones of any two 
kin radially opposite always equal 14. 


octahedral core: Iron crystal structure at center of Earth; plasmic storage zone in resonance 
with the noosphere; in 7:7::7:7, telepathically coordinated by four time atoms (=one master 
time molecule). 


omega point: In the work of Pierre Teilhard de Chardin, defines the climactic convergent 
point (harmonic convergence) of human evolution as the emergence of the hyper-personal; 
defined by the Law of Time as point of full superconscious establishment of universal telepa- 
thy as the norm of the human mental condition; dawn of omega point: winter-northern- 
summer-southern solstice, 2012, completion of omega point dawn, Yellow Galactic Seed 
(July 26,2013), otherwise known as Dreamspell of galactic culture. 


oracle: For anyone of 260 kin of the Harmonic Module, a cruciform five-part structure 
demonstrating a uniform set of mathematical relationships in relation to the (0-19) code 
number of the daily solar seal (destiny kin) informing any day of the Thirteen Moonl2 8-Day 
calendar; consists of center, code number of destiny kin; right analog kin-always 19 when 
added to the number of destiny kin; left, antipode kin-always a difference of 10 from the 
destiny kin; below, occult kin-when added to destiny kin always equals 21; and above, guide, 
always the same color as destiny kin. 


Oxlahuntiku: The Thirteen Lords of Time that govern the power of the cosmic order of 
time that is based on circulatory power of prime number 13 (as opposed to 12, which is static 
and non-circulatory); coded as thirteen 28-day moons that govern terrestrial solar orbit; 
basis of prophecy cycle of Quetzalcoatl, Thirteen Heavens (Oxlahuntiku) and Nine Hells 
(Bolontiku); in Telektonon prophecy, the thirteen-year cycle-2 000-2 013-in which the first 
four years, 2000-2004, establish self-existing power of time, and last nine years, 2004-2013 
are coded by the Bolontiku, the Nine Lords of Time. 
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Pacal Votan: Mayan prophet (A.D.603--683), chief technician of Mayan synchronic time 
science; eleventh ruler of the dynasty of Palenque (Nah Chan), Chiapas, Mexico; assumed 
power in A.D.615, but key rulership occurred in critical 52-year cycle, 631-683 (seventy- 
third such cycle since commencement of thirteen baktun count); best known for the carved 
sarcophagus lid of his elaborately concealed tomb discovered in 1952, 1,260 years after its 
dedication in A.D.692, which was also 1,320 years before the closing of the cycle, 2012. 


Pax Cultura, Pax Biospherica: Principle of new human social order following establishment 
of Thirteen Moon/28-Day calendar and inaugurating the advent of the noosphere (2004) in 
which nation-state isreplaced by biospheric regionalism governed by aPlanetary Biospheric 
Assembly; due to perfect harmony of new world standard calendar of thirteen moons/28 
days, harmony, art, and aesthetic values elevate culture as the new operating norm of the 
human reintegrated within the biosphere, hence Pax Cultura, Pax Biospherica. 


planet holon: Twenty-part icosahedral noospheric matrix superimposed on Earth's surface; 
corresponding to 0-19 code of twenty solar seals, creates three orders analogous to three 
planetary fields of resonance; gravitational field-horizontal order of five Earth families of 
four seals each; electromagnetic field-four diagonal bands, from lower left to upper right, 
of the four color families (red, white, blue, yellow) of five seals each; and biopsychic field- 
the four chromatics of five seals each moving diagonally from upper left to lower right, 
which coordinate the daily sequence of the motion of the chronosphere. 


psi bank: Regulating mechanism of the noosphere consisting of four bipolar plates, each 
plate in mirror symmetry containing 520 (260 x 2) psi chrono units, 2,080 in all, which are 
the complete registrations of the universal fourth-dimensional 13:20 timing frequency gov- 
erning all of the various evolutionary stages of the terrestrial biogeocosm; engine of the 
chronosphere, located between the two radiation belts 2,000 and 11,000 miles above Earth's 
surface. 


psi chrono unit: Time-bearing information unit; base unit of the psi bank; codes and con- 
tains all information for anyone of the 260 galactic signatures of the 13:20 matrix or Har- 
monic Module; psycho activated through coordination with Thirteen Moon/Telektonon 
known as Rinri Project. 


Psychozoic Era: Term coined by V.1.Vernadsky defining the next geological era; meaning 
the era of the spiritualization of life, it is coincident with the noosphere in its full emergence 
after the omega point has been reached, 2012-2013. 


Quetzalcoatl: Mexican prophet (A.D947-999) who left the legacy of prophecy of Thirteen 
Heavens and Nine Hells, basis of Harmonic Convergence (1987) and commencement of the 
"Time of Prophecy," 1987-2013. 


Quran, Holy Quran: Literally "recitation;" last revelation and moral-spiritual criterion for 
historic humanity; received over a twenty-three-year period by the Prophet Muhammad 
(A.D.570-632); proven by Dr. Rashad Khalifa (1935-1990) to be a radically nonlinear text 
rigorously constructed of anineteen-based mathematical code. 


radion, radial plasmas: Telepathic fluid or lubricant released through telepathic interaction 
with the seven primary plasmas, or electrically charged particles, hence radial plasmas; the 
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names of the seven plasmas replace the names of the week in the Thirteen Moon/2 8-Day 
calendar; activated in the 7:7::7:7 Telektonon Revelation practice. 


radiosonics: Name given to the new science based on synchronicity rather than causality 
and in which, as a consequence, synaesthetic experiences and syntropic values are normal- 
ized. 


rainbow brain: Description of activated noosphere, where human telepathic interaction with 
the electromagnetic field triggers the release of the circumpolar rainbow bridge-Earth's 
day-night alternator system. 


Rinri Project: Law of time practice for coordinating the opening of the psi bank, psi chrono 
unit per psi chrono unit, on a daily basis over a four-year cycle by means of the Thirteen 
MoontTelektonon. 


synchronic order: Order of fourth-dimensional time, in contrast to third-dimensional —as- 
tronomical time, that synchronizes all aspects of third-dimensional physical plane reality 
including its timekeeping systems; entirely new domain of human mental-spiritual experi- 
ence coincident with the dawning of noosphere; characterized by absolute harmonic perfec- 
tion, described by vigesimal 0-19 code, as distinct from decimal, hex, or duodecimal math- 
ematics that govern third-dimensional timing codes. 


synchronometer: Measure of synchronization or synchronicity; precise Law of Time defi- 
nition of means and purpose of what is generically referred to as the "calendar." 


technosphere: Global sphere of technology; artificial stage between biosphere and noosphere, 
representing the climax-biogechemical combustion-of acceleration of biogenic migration 
of atoms precipitating biospheric crisis as a prelude to the advent of noosphere; character- 
ized by exponential curves of human population, machine, and money at expense of bio- 
spheric integrity and stability; defined as the specific fifty-six-year cycle (two Gregorian 28- 
year cycles) 1945-2001, in which war and terrorism are the governing features; complete 
manifestation of the 12:60 order of time; concluded on September 11,2001, the Inevitable 
Event. 


Telektonon: "Earth Spirit Speaking Tube," the name of the psychoduct leading from the 
tomb of Pacal Votan beneath the Temple of the Inscriptions to the temple floor atop the 
pyramid, the discovery of which, in 1949, led to the excavation and revelation of the long- 
concealed tomb in 1952; name given to the prophecy ofPacal Votan, decoded in 1993-1994, 
prophesying the Thirteen Moon/2 8-Day calendar as the only means to keep the human race 
from destroying the biosphere and itself; definition of the fourth-dimensional structure of 
the heliosphere in which consciousness is a function of the planetary orbits; basis of a board 
"game" coded to synchronic order via Thirteen Moon calendar for the awakening of telepa- 
thy; basis of the Cube of the Law, days 7-22, containing numerous principles of the Law of 
Time asa daily practice; basis of other practices for establishing synchronic order as prin- 
ciples of a new consciousness, including 20 Tabletsof the Law of Time and the 7:7::7:7. 


third dimension: Space; physical plane of reality coordinated and contained by time, fourth- 
dimensional order of reality. 
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Thirteen Moon/28-Day calendar: Pragmatic application of the Law of Time, perpetual 
harmonic perfection of which is intended to correct for disorder of human consciousness 
resulting from adherence to irregular, astronomical timing standards and mechanistic timing 
devices; coordinated with Harmonic Module and Telektonon establishes means for conscious 
human participation in synchronic order; 28-day measure based on female menstrual cycle, 
also corresponds to apsidal measure of moon from the point at which the polar axis is tipped 
farthest from Earth; prevalent in pre-history, all but eliminated by historical consciousness 
that made 13 taboo; perfect vehicle for establishing noosphere as daily consciousness in post- 
technospheric post-history. 


time: Fourth dimension; universal factor coordinating space to manifest synchronically; trav- 
eling faster than speed of light, accounts for instantaneity of information transmission (te- 
lepathy) from distant points; expressed as formulation which states that the velocity of time is 
instantaneously infinite; fourth-dimensional structures that are radial and fractal in nature, 
third-dimensional cycles being manifestations thereof; expressed as T(E) =Art, accounts for 
universal harmony of the cosmos. 


tun: Third positional order of vigesimal mathematics where one unit =400 kin; in Mayan 
time count, because of second positional order, vinal, being 18 instead of 20, one tun =360 
kin; basis of measure ofkatuns and baktuns in Long Count, where 5,200 tuns =260 katuns = 
13 baktuns, or 5,125 solar years. 


Tzolkin: "Sacred Count," 260-day calendar of the Maya, basis of Mayan time knowledge 
and the Long Count; temporal manifestation of Harmonic Module or universal 13:20 timing 
matrix. 


UR: "Universal Religion," "Universal Recollection;" description of human spirituality in 
the noosphere or Psychozoic Era. 


vigesimal, 0-19 code: Twenty-count based mathematics utilizing zero for positional orders 
that advance in exponential binary fashion; also known as 0-19 dot-bar code notational sys- 
tem, where dots equal single units, bars equal five units, plus positional zero; basis of math- 
ematics of fourth-dimensional order of time, distinct from mathematical systems of third- 
dimensional space. 


Wave Harmonic of history: Fourth-dimensional description of thirteen baktun cycle (3113 
B.C.-A.D2012) identified precisely with 260-unit Harmonic Module, where each of thirteen 
baktuns contains twenty katuns (13 x 20); basis of creating synchronic order out of entropic 
disorder of third-dimensional historical time. 


wavespell: Thirteen-unit cosmological form-constant for coordinating fourth-dimensional 

timing cycles; consists of two gates, Magnetic first position and Cosmic thirteenth — posi- 
tion; two towers, fifth and ninth positions; and three sets of chambers, nine chambers in 
all; when coordinating Thirteen Moon/28-Day calendar, known as Planetary Service 
Wavespell. 


Wizard's Count: Name of count to establish synchronic order as manifestation of the 
Law of Time in order to transit from 12:60 technosphere to 13:20 noosphere; based on 
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prophetically modified year-bearer count of the Chilam Balam tradition; correlated by the 
Dreamspell to July 26, 1987, White Galactic Wizard, every four years there are four year 
bearers: Yellow Seed, Red Moon, White Wizard, and Blue Storm (one four-year Seed-Storm 
Year bundle) that, combined with thirteen galactic tones creates 52-year solar-galactic cycle, 
or in NET time, one Earth Year, also known as a Wizard's Year. 
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Frontispiece: The Pioneers of Time Travel 


The scientific pioneers were Albert Einstein (1879-1955) and Kurt Godel (1906- 
1978), good personal friends who are shown here in 1954 at the Institute for 
Advanced Study in Princeton, New Jersey, in a photo taken by Richard Arens. It 
was Einstein’s 1916 general theory of relativity (theory of gravity) that Godel used 
as the basis for his 1949 paper that was the first to show that the general theory does 
not forbid time travel into the past. 





The literary pioneer of time travel was of course Herbert George Wells 
(1866-1946), who is shown here as a college freshman cut-up around 1885. The 
photograph was taken as a prank by an unknown friend while Wells was a student in 
a biology course given by Thomas Huxley, at the Normal School of Science in 


Viil Frontispiece: The Pioneers of Time Travel 


South Kensington (a branch of the University of London). A far too thin and 
impoverished Wells was then still a teenager, and The Time Machine lay a distant 
10 years in the future. 





Einstein/Godel photograph courtesy of the American Institute of Physics Emilio 
Segré Visual Archives of the AIP Niels Bohr Library. Wells photograph courtesy of 
the rare Books and Special Collections Department of the Library of the University 
of Illinois at Urbana-Champaign. 


A Note on the Story Citations and Science Fiction History 


“You will find it a very good practice always to verify your references, sir.” 
—advice given in 1847 to a young scholar by Martin Joseph 
Routh, President of Magdalen College, Oxford 


Most of the pulp science fiction stories I’ve cited in this book, in their original 
form as ink on paper, have long since vanished from our region of spacetime and 
exist today only (alas) on microfilm reels in scholarly vaults. I am especially 
indebted to Texas A & M, the Claremont Colleges, the California State Universities 
at Northridge and Fullerton, Mount Holyoke College, the New York City Public 
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Library, and the University of Delaware, for giving me access via Inter-Library 
Loan (through my home institution, the University of New Hampshire) to their 
extensive archives of ancient science fiction magazines. 

A number of the really good stories have been anthologized, however, and so are 
still readily available today in book form. In essentially all cases, though, for 
historical reasons, I’ve given the original publication information (magazine and 
date). You can find which of the stories cited are available in one or more anthology 
reprints by going to an immensely useful, searchable database on the Web, at: 
http://www.isfdb.org, and I gratefully thank all those in the science fiction commu- 
nity responsible for creating and maintaining that database. 

The following two books by science fiction historian Sam Moskowitz (1920- 
1997), who lived through what Isaac Asimov called the “Golden Age of [magazine] 
Science Fiction,’ may be difficult to find today but, if you are interested in the early 
history of magazine science fiction (beyond simply the subgenre of time travel), the 
hunt for them will be well worth your time: 


Science Fiction by Gaslight: a history and anthology of science fiction in the 
popular magazines, 1891-1911 (World Publishing Company 1968); 

Under the Moons of Mars: a history and anthology of “The Scientific Romance” in 
the Munsey Magazines, 1912-1920 (Holt, Rinehart and Winston 1970). 


Some First Words 


Is time travel in principle (never mind the difficulties) a possibility? It has received some 
thought in the past and deserves some more. 
—David Park, in his 1980 book The Image of Eternity 


He used to have quite a reputation, but the last couple of years he’s been working on time 

... You know, time travel, that sort of rot. An A-1 crackpot. 
—a character (discussing a colleague) disagrees with Park, in Mack Reynolds’ “Advice 
from Tomorrow,” Science Fiction Quarterly, August 1953 


In 1993 the first edition of my book Time Machines was published by the Press of 
the American Institute of Physics. In 1999, after Springer acquired AIP Press, the 
second edition of that book appeared. So, is this the third edition? Well, yes and 
no. It is because large chunks of the 1999 edition are still here, along with new 
discussions of the advances by physicists and philosophers that have appeared in 
the intervening 18 years. The prime example of that centers on the time travel 
paradoxes. Those discussions contain mostly what is in the second edition, but they 
have also been brought up to date with the latest thinking on the paradoxes, by 
physicists and philosophers. 

And yet this book is not quite the third edition because the emphasis is now on 
the philosophical and on science fiction, rather than on physics as it was when 
written for AIP Press. In that spirit there are, for example, no Tech Notes filled with 
algebra, integrals, and differential equations, as there are in the first and second 
editions of Time Machines. That’s because I wish to avoid having this book seem to 
be simply a long physics treatise. I have, in fact, some sympathy with the following 
views, expressed by two philosophers: 

“There is one metaphor in the physicist’s account of space-time which one 
would expect anyone to recognize as such, for metaphor is here strained far beyond 
the breaking point, i.e., when it is said that time is ‘at right angles to each of the 
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other three dimensions.’ Can anyone really attach any meaning to this—except as a 
recipe for drawing diagrams?”’ 

and 

“This is from the outset a study in descriptive metaphysics. In consequence, I 
shall have nothing to say about twice-differentiable Lorentzian manifolds, 
Minkowski diagrams, world-lines, time-like separations, space-time worms 
[a ‘thick’ world-line], or temporal parts.”* 

I don’t completely endorse these sentiments, however, and so please understand 
that I am not denying the ultimate importance of physics when it comes to achieving 
a deep understanding of time travel. To quote yet another philosopher, 

“Arm chair reflections on the concept of causation [are] not going to yield new 
insights. The grandfather paradox is simply a way of pointing to the fact that if the 
usual laws of physics are supposed to hold true in a chronology violating space- 
time, then consistency constraints emerge. [To understand these constraints] 
involves solving problems in physics, not armchair philosophical reflections 
[my emphasis].”* 

I could not agree more. So, in Time Machine Tales you will find some physics. In 
support of time travel to the future (and in how to make a wormhole time machine 
for travel into the past), for example, Il] show you a high school level derivation of 
the famous time dilation formula from special relativity. There are some spacetime 
diagrams, some simple algebraic manipulations, and here and there just a touch of 
freshman calculus; even the metric tensor gets a few words, too. But it is, admit- 
tedly, pretty light-weight stuff. 

So, while certainly saluting the premier position of physics, Time Machine Tales 
is not a scholarly, in-depth treatment of time travel physics. Rather, it is an 
examination of how science fiction writers (and many philosophers, too) have 
viewed time travel. (Even in the physics discussions, science fiction will regularly 
appear.) Those views, by their very nature, are far more romantic than are those of 
hardcore theoretical physicists. History has shown, of course, that the results of the 
work of theoretical physicists may, in the end, prove to actually be far more 
astonishing than anything fiction writers cook-up—and if there is any scientific 
subject for which that may again prove to be true it’s time travel—but for us, here, it 
will be the fiction writer who has center stage. 

The philosophers will be only slightly less important in this book. While much of 
the early philosophical literature on time travel and backwards causation reads like 
imaginative fairy tales spun out of vacuous vapors (more on this soon), many 
modern philosophers have shown themselves to be quite sophisticated. What they 





'C. W. K. Mundle, “The Space-Time World,” Mind, April 1967, pp. 264-269. 

2]. F. Rosenberg, “One Way of Understanding Time,” Philosophia, October 1972, pp. 283-301. 

John Earman, “Recent Work on Time Travel,” in Time’s Arrows Today: recent physical and 
philosophical work on the direction of time (Steven F. Savitt, editor), Cambridge University Press 
1995, pp. 268-310. We’ll discuss the idea of consistency constraints in some detail later in the 
book. Earman is Professor Emeritus of History and Philosophy of Science at the University of 
Pittsburgh. 
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have written deserves serious consideration by anyone interested in time travel, and 
that includes physicists. However, while the time travel interests of philosophers 
and physicists have a lot of overlap, those interests are not in total agreement. For 
example, while both groups talk of the grandfather paradox, the philosophers worry 
in particular about motivation (why the murderous mission?), while physicists have 
never to my knowledge asked themselves that question* (other than to figure out 
how to avoid it!). After all, philosophers talk of flesh-and-blood humans as time 
travelers, while the physicists send only billiard balls (with no personal identities or 
memories) on time trips into the past for the expressed purpose of avoiding the 
messy human issues of ‘motivation’ and free will. This approach by physicists isn’t 
because they are cold and emotionless. It is a useful strategy because, if it can be 
shown that a mere billiard ball can travel into the past then, as one philosopher 
pointed out long ago, “It is implausible that it should be possible for some physical 
systems to travel back in time, and not others. Thus, if we suppose that simple 
objects can time-travel ... then we must suppose that more complicated systems, 
e.g., human beings, can also time-travel.” 

For the most part, philosophers and physicists have worked at the extreme, 
opposite points of the time travel spectrum. Much better, I think, would be to 
adopt the following, more balanced position advocated recently: “The study of time 
machines is a good opportunity for forging a partnership between philosophy and 
physics. Of course, philosophers have to recognize that in this particular instance 
the partnership is necessarily an unequal one since the mathematical physicists have 
to do the heavy lifting. But it seems clear that a little more cooperation with 
philosophers of science in attending to the analysis of what it takes to be a time 
machine could have led to some helpful clarifications in the physics literature.” 

In the past, philosophers gained a reputation for being just a bit too 
‘unconstrained by the facts’ for scientific tastes—as the English mathematician 
Augustus De Morgan (1806-1871) wrote in an 1842 letter, “There are no writers 
who give us so much must with so little why, as the metaphysicians”’—but I do 
think today’s physicists would do well to reexamine that harsh opinion. 

Philosophers of the ‘old school’ may look askance at a non-philosopher (me!) 
leveling criticism at them, and so let me step aside and quote from a member of the 





‘Nicholas J. J. Smith, “Why Would Time Travelers Try to Kill Their Younger Selves?” The 
Monist, July 2005, pp. 388-395. As Smith writes, “[Motivation] does not impact upon the 
possibility, or even the likelihood of backwards time travel. Yet it is deeply puzzling, and we 
will have no idea what time travel would actually be /ike until we explore it.” See also Peter B. M. 
Vranas, “Can I Kill My Younger Self? Time Travel and the Retrosuicide Paradox,” Pacific 
Philosophical Quarterly, December 2009, pp. 520-534. 


Sp, Horwich, “On Some Alleged Paradoxes of Time Travel,” Journal of Philosophy, August 1975, 
pp. 432-444. 

®John Earman, Christopher Smeenk, and Christian Wothrich, “Do the Laws of Physics Forbid the 
Operation of Time Machines?,” Synthese, July 2009, pp. 91-124. 

7D. J. Cohen, Equations from God: pure mathematics and Victorian faith, The Johns Hopkins 
University Press 2007, p. 119. 
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“modern school’ of philosophical thought: “Space-time is the basic spatiotemporal 
entity. Many philosophers have mouthed this truth, but few have swallowed it, and 
very few have digested it ... An appreciation of this truth is crucial to what is 
commonly referred to as the philosophy of space and time ... In large measure the 
lack of progress in this area can be traced to the fact that philosophers have not 
taken seriously the corollary that talk about space and time is really talk about the 
spatial and temporal aspects of spacetime.”® This is a polite way of telling philos- 
ophers that they had better learn some physics! 

What provoked those harsh words was that ‘modern’ philosopher’s perception 
that ‘old school’ philosophers were not talking science when they wrote of space 
and time, but rather were in the business of telling each other irrelevant stories and 
myths, a curious philosophical approach involving the ‘telling of tales’ that reached 
its peak in the early and mid-1960s. Spacetime story telling seems to have started 
with a paper by the Oxford philosopher Anthony Quinton (1925-2010), who 
argued” that although there can be multiple, disjointed spaces, there can only be a 
single time that is the same for everyone, everywhere. The issue is not the truth or 
not of that assertion (Newton believed it, modern physicists don’t), but rather 
Quinton’s technique for arriving at it: myth construction. 

Myth construction strikes those trained in the technical sciences as, while 
perhaps interesting—even physicists, after all, can enjoy a good fairy tale now 
and then—something quaint and totally beside the point. In his paper Quinton tells a 
fairy tale about how he thinks someone can live continuously in time and yet, via 
dreaming, be in two different spatial worlds; when awake he is in one world, while 
when the person is asleep he is in the other. Quinton argues that this multispatial 
myth is plausible, but that a search for an analogous multitemporal myth is doomed. 
This prompted a reply'° from another ‘old school’ philosopher who rebutted 
Quinton with an even more outlandish counter-myth involving “the warring tribes 
of Okku and Bokku”! 

It was this back-and-forth spinning of hypothetical tales that caused the ‘mod- 
ern’ philosopher to write in his paper (note 30) that “the procedure for arriving at 
answers to these questions [about space and time] adopted by Quinton and most 
other [‘old school’ philosophers] is, to say the least, a curious one: a story is told 
about a mythical land—usually called something like the land of Okkus-Bokkus 
[which is now seen to an outrageous pun]—and then we are asked what we would 
say if confronted by experiences like those of the Okkus-Bokkusians. As often 
happens with such a question, people have said all sorts of things, not all of which 
are interesting or enlightening.” 

Another modern philosopher was even less gentle in his rejection of the fairy tale 
approach to spacetime physics: “Quinton [and others of a similar approach invite 





8J, Earman, “Space-Time or How to Solve Philosophical Problems and Dissolve Philosophical 
Muddles Without Really Trying,” Journal of Philosophy, May 1970, pp. 259-276. 


°A. Quinton, “Spaces and Times,” Philosophy, April 1962, pp. 130-147. 
ORG. Swinburne, “Times,” Analysis, June 1965, pp. 185-191. 
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us] to say what we should think in certain strange circumstances which they 
describe within common-sense language [as opposed to scientific terminology]. I 
must say that if I found myself in the circumstances which they describe I just 
would not know what to think. Probably I should simply conclude that I had gone 
mad ... It looks as though these writers are inviting us to consider what we should 
say if we knew no science [my emphasis].”"' 

Even before the modern philosopher (note 30) wrote in 1970 to complain about 
myth-making, another had already done so: “Whenever a human being produces an 
argument which opens ‘Suppose I had 23 senses ...,’ “Suppose I were God ...,’ 
‘Suppose I experienced objects extended in four spatial dimensions ...,’ we can 
protest that the argument is worthless. For in supposing that he has transcended our 
human point of view, he has also transcended the limits of our understanding.” AS 
this author concluded his very funny paper, such opening sentences are the signa- 
tures of myths from “The Philosopher’s Fairy Tale Book.” 

The strained relationship between myth-making philosophers and physicists, 
especially concerning time travel, has a historically interesting antecedent in the 
1920s negative reaction among many over Einstein’s theories of relativity (the very 
theories that give apparent life to time travel). To illustrate my point, consider the 
October 1913 letter Oskar Kraus (1872-1942), a philosophy professor at the 
German University in Prague, sent to Ernst Gehrcke (1878-1960), a physics 
professor at the Reich Institute of Physics and Technology in Berlin. Both men 
were opponents of Einstein but, as Kraus wrote in his letter, it was only Gehricke 
among the physicists he considered to be sympathetic to him: “[I] would not know 
... anyone else but you who as a specialist would not reject the intervention of a 
philosopher from the start.”!* 

So, I think Earman’s proposal a sound one, an echo in fact of similar words that 
the physicist Kip Thorne wrote (in the Foreword to the second edition of Time 
Machines) concerning science fiction writers: “Smart physicists seek insight every- 
where, including from clever science fiction writers who long ago began probing 
seriously the logical consequences that would ensue if the laws of physics permitted 
time travel.”'4 

To emphasize this new, combined, diversified focus (but also to retain some 
connection with my earlier books) is the reason I have altered the title, just a bit. In 
addition, each chapter now concludes with several open-ended questions, suitable 
for motivating either classroom discussions or more extensive essay responses. 





"J, J. C. Smart, “The Unity of Space-Time: Mathematics Versus Myth Making,” Australasian 
Journal of Philosophy, (no. 2) 1967, 214-217. 

'°M. Hollis, “Times and Spaces,” Mind, October 1967, pp. 524-536. Hollis ends by saying he is 
prepared to accept the failure of his paper to convince many of his colleges to change their ways, 
and he is waiting for one of them to write a paper opening with “Twice upon a time in another 
space no distance in any direction from here .. .”! 

'3Quoted from the Introduction to Milena Wazeck, Einstein’s Opponents: the public controversy 
about the theory of relativity in the 1920s, Cambridge 2014 (published in German in 2009). 


'4Thorne is Professor Emeritus of Physics at the California Institute of Technology. 
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Teachers, in particular, may find this a useful feature if using the book in an 
academic setting. The book ends with reprints of two of my own published time 
travel stories (one from Analog and the other from Omni), with each serving as an 
illustration of technical issues raised in the book. From my own teaching of an 
undergraduate honors class in time travel at the University of New Hampshire, I 
think the assigning of story writing to be an excellent tool for teachers to use. I 
found reading student stories to be a lot of fun, and students may well surprise 
teachers with innovative ideas. 

Now that I’ve mentioned story writing, let me say something about the heavy 
presence of time travel science fiction stories in this book, the majority of which 
originated in the often maligned pulp magazines of the 1920s through the 1950s. 
‘Pulp’ has long been burdened with a bad literary reputation. As the editor of one 
anthology of pulp fiction bluntly put it, “Pulp equated with rubbish. Crap of the 
basest nature.”!° Part of the reason for that was cosmetic; as I wrote in an earlier 
book, “The term pulp came from the use of inexpensive wood-pulp—you could feel 
the lumpy wood chips in each ragged, untrimmed page—to make paper that was far 
too crummy for the use by any publisher of “words meant to last.’ Such paper 
quickly yellowed, turned brittle, and finally, amid billowing clouds of bits and 
pieces, entered into eternal oblivion. Think of the paper used in your newspaper 
before its final contribution to civilization in the bottom of your cat’s litter box; pulp 
was worse.”!° 

And then a little later, in the same book, “The stories in Amazing [Stories 
magazine] were ‘read it in the morning, forget it by dinnertime’ adventure fiction, 
the stuff you’d put inside a newspaper if on a crowded train or bus so fellow 
passengers wouldn’t know what a low-grade mind you had. The transient nature of 
pulp fiction was independent of its literary quality, as the cheap acid-based paper 
that the stories were printed on began to oxidize and literally burn-up as soon as it 
rolled off the press. In the introductory essay to a 1950 collection of pulp-detective 
Philip Marlowe stories (Trouble Is My Business), mystery writer Raymond Chan- 
dler commented on this when he wrote ‘pulp fiction never dreamed of posterity.’ 
Pulp fiction was synonymous with trash fiction, and the nature of much of early pulp 
SF has been aptly described as ‘scientific pornography for the mechanically 
minded,’ and ‘writing which drooled over descriptions of technology.’” 

When publisher Hugo Gernsback (1884-1967) brought out the first issue of 
Amazing Stories in April 1926, it was the first pulp devoted totally to science fiction. 
With its masthead motto of “Extravagant Fiction Today—Cold Fact Tomorrow,” 
and with the illustration on the contents page of each issue showing a muscular 
Jules Verne bursting from his grave in the heroic, up-up-and-away pose made 
famous years later by Superman, there could be no doubt as to what kind of fiction 
the reader would find under the dramatic, multi-colored cover art. It was fiction 
populated with mad scientists, and half-naked woman about to be ravished by alien 





'SMaxim Jakubowski, The Mammoth Book of Pulp Fiction, Carroll & Graf 1996. 
‘6p. J. Nahin, Holy Sci-Fi!: where science fiction and religion intersect, Springer 2014. 
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invaders from outer space; all in all, stuff of interest only to teenage boys and 
imbecilic adults.'” 

How else, after all, to explain the publication of one tale'* that was given the 
following heart-stopping editorial introduction: “Professor Lambert deliberately 
ventures into a Vibrational Dimension to join his fiancée in its magnetic torture- 
fields’? In defense of many of the readers of early pulp science fiction, however, not 
all were attracted by such nonsense. Just 2 months later (June 1931) one reader 
wrote to the same magazine to complain of masculine heroes saving weeping 
women from ungodly horrors: “Just why do you permit your Authors to inject 
messy love affairs into otherwise excellent imaginative fiction? Just stop and think. 
Our young hero-scientist builds himself a space flyer, steps out into the great void, 
conquers a thousand and one perils on his voyage and amidst our silent cheers lands 
on some far distant planet. Then what does he do? He falls in love with a maiden— 
or it’s usually a princess—of the planet to which the Reader has followed him, 
eagerly awaiting and hoping to share each new thrill attached to his gigantic flight. 
But after that it becomes merely a hopeless, doddering love affair ending by his 
returning to Earth with his fair one by his side. Can you grasp that—a one-armed 
driver of a space-flyer! ... We buy A.S. for the thrill of being changed in size, in 
time, in dimension ... not to read of love ... I wish ... for plain, cold scientific 
stories sans the fair sex.” 

Here’s another example, this one of the sort of tale that gave an aroma of the 
sophomoric to ‘golden age’ time travel science fiction. It was a story of a young 
man of the far future, with access to a time machine, who wants to see a dinosaur 
before he dies. So back he travels, back, back, until he at last finds himself in a 
“subterranean cave, dark and foul-smelling.” At first he is puzzled (did dinosaurs 
live underground?), but then suddenly he hears a thundering roar and sees a huge 
black shape in the gloom. There can be no doubt now; it is a dinosaur, and he sees 
its red, gleaming eyes just as it crushes him into a pancake. But that’s okay; he saw a 
dinosaur before he died. Then comes the dénouement. He hadn’t really gone back 
quite as far as the Jurassic period, but only to the twentieth century, where he has 
been run down by the local express train in a subway tunnel! '? 





'’This was particularly thought to be the case for readers of the romance pulps, written for young 
women in the 1930s and 1940s (a separate and distinct audience from that of the science fiction 
pulps). As one commentator wrote on that genre, the heroes and heroines of such tales often 
displayed the “mental equipment of a banana split,” with the implication that the same might be 
said of the readers, themselves. (See Margaret MacMullen, “Pulps and Confessions,” Harper’s 
Monthly Magazine, June 1937.) I don’t think, however, that this particular complaint generally 
applied to the pulp science fiction readership. ll have much more to say about Gernsback and 
early pulp science fiction speculations concerning time travel, in Chap. 4. 


a Curry, “Hell’s Dimension,” Astounding Stories, April 1931. 


PRG. Thompson, “The Brontosaurus,” Stirring Science Fiction, April 1941. In the editors of 
Stirring’s defense, notice the month: maybe this story was meant to be a joke. If so, it was an 
admirable success. 
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Vibrating into new dimensions was, apparently, a popular idea in 1930s pulp science 
fiction. This ‘super science’ gadget operated by vibrating an object faster than light, 
whereupon the Lorentz-FitzGerald contraction formula (see Chap. 3) predicts an imaginary 
size for the object—which means (so we are told) that the object has entered “another plane 
of existence.” The inventor (the fellow with the gun) is inviting his grim-faced assistant to 
give the gadget a try. The original caption reads “Get into that vibrator! Get in, I say!” 

Illustration for “Into Another Dimension” by Maurice Duclos, Fantastic Adventures 
November 1939 (art by Kenneth J. Reeve), © 1939 by Ziff-Davis Publishing Co., reprinted 
by arrangement with Forrest J. Ackerman, Holding Agent, 2495 Glendower Ave., Holly- 
wood, CA 90027 


Today, however, the need to apologize for science fiction tales about time travel 
isn’t quite so necessary. Now and then, in fact, you’ll even find one of the better 
pulp stories cited in highly mathematical papers on time machines in the Physical 
Review D, one of the most important scholarly physics journals. Even those 
physicists and philosophers who mostly ignore science fiction—except perhaps to 
make slightly condescending remarks—would, if honest, admit that their early 
teenage interest in time travel was sparked by reading a really good science fiction 
story, and not by working their way through a physics textbook. Yes, when the 
physics eventually came later, it was very good—but the science fiction came first, 
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and it was pretty good, too.”” It’s in a 1937(!) tale, for example, that we find the 
claim for consistency around a closed loop in time, decades ahead of the physicists 
and philosophers.”! And when you get to the final section of Chap. 4, I think you'll 
find it difficult to believe that Everett’s many-worlds interpretation of quantum 
mechanics, dating from the late 1950s (which avoids the standard paradoxes of time 
travel) wasn’t inspired by some youthful reading of science fiction from the 1930s 
and 1940s. 

In a number of places in this book you’ll find my comments on how science 
fiction has occasionally anticipated physicists on the subject of time machines and 
time travel. This is not to be interpreted as some sort of ‘gotcha’ in favor of science 
fiction. Far from it. When push comes to shove, physics a/ways wins. This situation 
was specifically addressed by Joe Haldeman, in an afterword to his 2007 novel The 
Accidental Time Machine. There he wrote, about when he started in 1971 to write 
his earlier, now classic novel The Forever War, “I needed a way to get soldiers from 
star to star within a human lifetime, without doing too much violence to special and 
general relativity. / waved my arms around really hard [my emphasis] and came up 
with the ‘collapsar jump’—at the time, collapsar was an alternate term for ‘black 
hole,’ though I was unaware of the latter term [because John Wheeler had invented 
it only 4 years before, as discussed in Chap. | and note 106].” And then Haldeman 
admitted “It’s a truism of science fiction that if you predict enough things, a few of 
them are going to come true. ... What I think it actually demonstrates is that if you 
wave your arms around hard enough [my emphasis], sometimes you can fly.” 

Now, there is one feature common to all books on time travel to the past (which 
is the central topic treated here, of course) that I would like to clearly state. It’s 
obviously a subject of vast interest to physicists, and yet it offers (as far as I know) 
absolutely no hope of suggesting even a single experiment for study. (As far as I 
know, nobody is building a time machine in their basement.) A suggestion has been 
made that it may be possible to detect, in the present, the effects of the future 
operation of “man-made time machines, which could be of a size traversable by 
humans,” that is, machines with a 1-m spatial extent offering a one second trip into 
the past.°” With the best technology available today, however, the calculated effects 
on the proposed two-particle scattering experiment are orders of magnitude too 
small to measure. 





°The view expressed by Vladimir Voinovich’s time traveler in his 1986 novel Moscow 2042 
(Science fiction ... is not literature, but tomfoolery like the electronic games that induce mass 
idiocy.) is, I think, wrong. For an interesting presentation on the role of science fiction in exciting 
an interest in science among youngsters, see the paper by Frederik Pohl (1919-2013), “Science 
Fiction: the stepchild of science,” Technology Review, October 1994, pp. 57-61. In this essay Pohl, 
a well-known writer of science fiction and editor of Galaxy Science Fiction and If magazines, 
writes “Science fiction is [the ultimate protection] against future shock . .. if you read enough of it, 
nothing will take you entirely by surprise.” Not even time travel. 


Ip. Miller, “The Sands of Time,” Astounding Stories, April 1937. 


28. Rosenberg, “Testing Causality on Spacetimes with Closed Timelike Curves,” Physical 
Review D, March 15, 1998, pp. 3365-3377. 
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This situation is really unprecedented in the history of science.”* To cynics, it 
may seem to be a bit like writing learned papers on the thermodynamics of fire- 
breathing dragons (which, like other mythological entities—and time machines, 
too—have yet to be seen)! This one fact has opened the doors—and has kept them 
open for decades—for philosophers and science fiction writers, who can endlessly 
debate back and forth on all aspects of time travel to the past with nary a single 
experimental fact to complicate their lives. For physicists the situation is naturally 
frustrating, but for philosophers and science fiction writers it’s a dream come true. 
This isn’t to say it’s all basically theological in nature. Both the physicists and the 
philosophers have written many fascinating papers and books and, of course, so 
have science fiction writers. Mathematical physics has been advanced. 

Still, despite all of the theoretical work done in the last 30 years, work that has 
made it reasonable to seriously talk of ‘time travel’ and ‘time machines,’ I suspect 
many would nonetheless agree with these words from more than 75 years ago: “Of 
all the fantastic ideas that belong to science fiction, the most remarkable—and, 
perhaps, the most fascinating—is that of time travel . . . Indeed, so fantastic a notion 
does it seem, and so many apparently obvious absurdities and bewildering para- 
doxes does it present, that some of the most imaginative students of science refuse 
to consider it as a practical proposition.””4 For some, time travel is an even more 
unlikely possibility than (as declared by Robert Lewis Stevenson) is the “welding of 
ice and iron.” Not all physicists and philosophers view the time travel/paradox 
arguments as convincing, however. Provocative, yes, of course, but many are not 
yet prepared to write ‘signed, sealed, and delivered’ at the end. 

So, keep reading and I think you’ll discover why there are those who are not so 
quick to dismiss the possibility of following the fantastic world line of H. G. Wells’ 
intrepid Time Traveller” into the future. And, just maybe, into the distant past, too. 





Perhaps, however, I am too hasty. More recent theoretical calculations suggest that wormholes 
connecting our universe with other universes would, after converting into time machines, have 
characteristic thermal signatures. See P. F. Gonzalez-Diaz, “Thermal Properties of Time 
Machines,” Physical Review D, 2012, pp. 105026-1 to -7 which, however, concludes that a search 
for such signatures would be “quite difficult [with the] instruments available.” 


47 _O. Evans, “Can We Conquer Time?” Tales of Wonder, Summer 1940. 


>>The Time Traveller is never named in Wells’ 1895 novel The Time Machine. An earlier (1888) 
attempt at a time machine story, with the awful title The Chronic Argonauts (the “chronic” was 
apparently inspired by the word chronology), so embarrassed Wells that he later called it 
“imitative puerile stuff,” “clumsily invented, and loaded with irrelevant sham significance,” and 
“inept,” and so he hunted down and destroyed every copy of it that he could find. You can find The 
Chronic Argonauts reprinted in The Definitive Time Machine (H. M. Ceduld, editor), Indiana 
University Press 1987. The hero in that work was named: Dr. Moses Nebogipfel. There is one 
passage in The Time Machine that does tantalize; as the Time Traveller explores a museum of 
“ancient” artifacts in the Palace of Green Porcelain (they are, of course, artifacts of our future) he 
reveals that “yielding to an irresistible impulse, I wrote my name upon the nose of a steatite 
monster from South America that particularly took my fancy.” Thus, the Traveller has given his 
name, but his signature exists only in the future, in a museum of the past that is yet to be built. 
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For Further Discussion 


For time travel to the past to make any sense, the past must in some sense 
‘still be there.’ This is a concept that we’ll find later in the book to have 
significant support in relativistic physics, but for now let’s limit ourselves to a 
purely romantic view. As an example of this, consider this passage by 
Canadian writer Grant Allen (1848-1899), from the Introduction to his 
1895 time travel novel The British Barbarians: “I am writing in my study 
on the heather-clad hill-top. When I raise my eye from my sheet of foolscap, it 
falls upon miles and miles of broad open moorland. My window looks out 
upon unsullied nature. Everything around is fresh and pure and wholesome 
... But away below in the valley, as night draws on, a lurid glare reddens the 
north-eastern horizon. It marks the spot where the great wen of London 
heaves and festers.” I personally find it quite tempting to imagine Allen 
somehow still there in his study of 1895, and of heaving and festering late- 
Victorian London, too, with H. G. Wells himself in the middle of it, still 
reading the first rave reviews of The Time Machine. In Wells’ novel The Time 
Traveller journeys into the far future, while in Allen’s work the protagonist is 
a twenty-fifth century anthropologist who has traveled back to the past of the 
late nineteenth century to study the “British barbarians.’ Read Allen’s novel 
(it’s available on the Internet, for free, as a Project Gutenberg book) and 
comment on the significance of its appearance at virtually the same time as 
Wells’ great work. Why do you think Wells’ novel is remembered, and 
Allen’s is not? 


In the opening paragraph of his paper “The Conundrum of Time Travel” 
(Croatian Journal of Philosophy, No. 37, 2013, pp. 81-92), Anguel Stefanov 
writes “Needless to say .. . the problems concerning time travel are being still 
tackled by science fiction only, but resolved by science proper neither theo- 
retically, nor practically.” Do you think this is correct? 


Eventually every genre of writing becomes the target for parody, in which 
the form of the genre serves as the framework for what (it is hoped) is a 
humorous mockery. The most famous example of this, perhaps, is the annual 


(continued) 
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Edward Bulwer-Lytton contest in writing a take-off on the long-winded 
opening line of the 1830 novel Paul Clifford, by Bulwer-Lytton 
(1803-1873). That opening line is a wonder (a masterpiece of purple 
prose): “It was a dark and stormy night; the rain fell in torrents—except at 
occasional intervals, when it was checked by a violent gust of wind which 
swept up the streets (for it is in London that our scene lies), rattling along the 
housetops, and fiercely agitating the scanty flame of the lamps that struggled 
against the darkness.” Here’s a recent (from the 2015 contest) spoof: “The 
Contessa’s heart was pounding hard and fast, like an out-of-balance clothes 
washer, which can get that way if you mix jeans with a lot of light things, 
though the new ones have some sensor thing to counteract that or shut off, but 
the Contessa’s heart didn’t have anything like that, so she had to sit down and 
tell Don Rolando to keep his hands to himself for a while.” Science fiction 
isn’t immune to such fun, and a good example of that can be found in the 
September 14, 2015, issue of The New Yorker, which has (on p. 50) “Eight 
Short Science-Fiction Stories” by Paul Simms. Here’s the one I laughed 
hardest at: “The Gene-Splicers had tinkered with the DNA, producing a 
race of warriors who craved just two things: the thrill of battle and the taste 
of their own feet. They hungered for battle. They literally ate their own feet. 
None survived to reproduce, and within a few short years they were all gone. 
The Gene-Splicers chalked it up to experience, and decided to try harder the 
next time.” That, and the other seven spoofs by Simms, cut across a wide 
swath of science fiction, but one theme noticeably absent was that of time 
travel. Try your hand at writing a short (fewer than 500 words) time travel 
spoof, and be prepared to read it aloud to an audience of your peers. 


The tale “Through the Dragon Glass” by Abraham Merritt (1884-1943) 
appeared in the early pulp magazine All-Story Weekly of November 
24, 1917. It described the discovery of a passage through an ancient Chinese 
mirror into an alternate world. One might think of this as an early conception 
of a wormhole, but more likely it may remind you mostly of Lewis Carroll’s 
Through the Looking Glass. More interesting for us, in this book, is a story 
written 75 years ago that describes a gadget connecting two regions of 
spacetime, with a time shift of a week between the two regions. (See “Time 
Locker” by Lewis Padgett, in the January 1943 issue of Astounding Science 
Fiction.) The gadget falls into the hands of a crooked lawyer who, not 
understanding what he has, ends up accidently killing himself. As the story 
ends, the inventor of the gadget ruefully muses to himself that the lawyer 


(continued) 
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“must have been the only guy who ever reached into the middle of next 
week—and killed himself!” The gadget is, in everything but name, a worm- 
hole time machine. Speculate on how such a spacetime structure could appear 
in a science fiction magazine(!) decades before there was any discussion of 
such a possibility in the physics world. 


Adjectives used to describe many of the stories in the science fiction pulps 
included primitive, trashy, tawdry, silly, absurd, crummy, ludicrous, and 
cheap. One early pulp magazine actually boasted, of its contents, that they 
contained “sensational fiction with no philosophy.” Speculate on how such a 
low-level ‘literary’ form could have been so successful in finding an enthu- 
siastic audience for time travel paradox tales, tales that are in fact by their 
very nature simply stuffed with philosophical issues. As an example of the 
tremendous emotional power a particularly well-written time travel story can 
deliver, read Isaac Asimov’s “The Ugly Little Boy” (Galaxy Science Fiction, 
September 1958). Asimov rated this story as among his most favorite of all 
the many he wrote. If you can read it without ending in tears, well, .... An 
excellent modern historical work on the pulps (of all genres, not just science 
fiction) is by Lee Server, Danger Is My Business: an illustrated history of the 
fabulous pulp magazines, 1896-1953, Chronicle Books 1993. 


A literary fascination with time was already ‘in the wind’ when Wells wrote 
his Time Machine, as with Oscar Wilde’s 1890 novel The Picture of Dorian 
Gray. Even decades earlier than that one can find a hint of time travel of a sort 
in Edgar Allen Poe’s 1841 short story “Three Sundays in a Week.” And just 
4 years later Henry Wadsworth Longfellow wrote his haunting poem “The 
Old Clock on the Stairs,” with these opening words: 


Somewhat back from the village street 
Stands the old-fashioned country-seat. 
Across its antique portico 

Tall poplar-trees their shadows throw; 
And from its station in the hall 

An ancient timepiece says it all,— 


“Forever—never! 


(continued) 
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Never—forever!” 


The most interesting of all pre-Wells time travel fiction to appear in a mass- 
audience publication was, I think, the short story “The Old Folks Party” by 
Edward Bellamy, printed in the March 1876 issue of Scribner’s Monthly. In 
this story a group of teenagers, who belong to a weekly discussion club, agree 
that at their next meeting they will all come dressed and behaving as they 
believe they will be dressing and behaving 50 years in the future. Also 
attending will be the grandmother of one of the young ladies. The meeting 
of the “old folks” takes place, and it invokes such powerful feelings of 
mortality that, at last, one of the young men can stand it no more: “Suddenly 
Henry sprang to his feet and, with the strained, uncertain voice of one waking 
himself from a nightmare, cried:—‘Thank God, thank God, it is only a 
dream,’ and tore off the wig, letting the brown hair fall about his forehead. 
Instantly all followed his example . . ..” The young people then began to laugh 
with relief at once again being young, until they notice the grandmother is 
crying. Her granddaughter instantly knows what is wrong and says, “Oh, 
grandma, we can’t take you back with us.” Read, compare, and contrast, these 
works by Wilde, Poe, Longfellow and Bellamy, with the ‘scientific’ presen- 
tation of time travel by Wells. 
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Introduction 


Over the last few years leading scientific journals have been publishing articles dealing with 
time travel and time machines. ... Why? Have physicists decided to set up in competition 
with science fiction writers and Hollywood producers? 

—John Earman (see note 25 of Some First Words) 


Writing about time travel is, today, a respectable business. It hasn’t always been 
so. After all, time travel, prima facie, appears to violate a fundamental law of 
nature; every effect has a cause, with the cause occurring before the effect. Time 
travel to the past, however, seems to allow, indeed to demand, backwards causation, 
with an effect (the time traveler emerging into the past as he exits from his time 
machine) occurring before its cause (the time traveler pushing the start button on his 
machine’s control panel years /ater to start his trip backward through time). 

Thus, when H. G. Wells published his breakout masterpiece, The Time Machine, 
in 1895, even those readers who loved it as a story (and not all did) were still quick 
to dismiss it as a romantic fantasy. It was, in their view, certainly an emotionally 
powerful tale of pure imagination, but nothing more. Reviewers of the day used 
such words as “hocus-pocus” and “bizarre,” and called the work a “fanciful and 
lively dream.””° Any one of the novels by Wells’ contemporary, Jules Verne (even 
such super-technology ones like the 1865 From the Earth to the Moon) would have 
been ranked far above Wells’ novella in terms of ‘it could actually happen.’ 

Wells himself always denied that his time machine was anything more than a 
literary device”’ to get his Time Traveller into the far future. Indeed, in 1934, in the 





©These reviews are reprinted in P. Parrinder, H. G. Wells: The Critical Heritage, Routledge & 
Kegan 1972. A modern reviewer has applied such negative characteristics to the Time Traveller, 
himself, calling him “a kind of Trickster figure” and “ta quack and magician.” See Robert 
J. Begiebing, “The Mythic Hero in H. G. Wells’s The Time Machine,” in Essays in Literature, 
Fall 1984, pp. 201-210. 

?7Wells was not the first to use a machine to enable time adventures, as the Spanish writer Enrique 
Gaspar (1842-1902) used one in his 1887 story The Time Ship: A Chrononautical Journey. It’s 
Wells’ tale we remember, however. 
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preface to Seven Famous Novels (published by Knopf), a collection of his novel- 
length scientific romances (as science fiction had been known before the term 
science fiction came into use), including The Time Machine, Wells made his 
position perfectly clear: “These stories of mine collected here do not pretend to 
deal with possible things; they are exercises of the imagination ... They are all 
fantasies; they do not aim to project a serious possibility; they aim indeed only at 
the same amount of conviction as one gets in a good gripping dream.” Wells then 
went on to say in that same preface that all attempts before at writing fantastic 
stories depended on magic. But not in his works. “It occurred to me that instead of 
the usual interview with the devil or a magician, an ingenious use of scientific patter 
might with advantage be substituted.” Wells’ great contribution to time traveling 
story-telling was his introduction of a machine; science instead of magic, drugs, 
dreams, blows on the head, or suspended animation.”®> Not all modern science 
fiction writers have followed Wells’ lead, however. 

A science fiction tale by Clifford Simak (1904-1988), for example, the 1978 
novel Mastodonia, incorporates an alien creature marooned on Earth (because of a 
spaceship crash centuries earlier) who “makes time tunnels.’ One of the characters 
in the story, who is attempting to start a time-travel agency using these tunnels, 
explains why not having a time machine is causing her difficulties with prospective 
clients: “The whole trouble was that I couldn’t tell them about some machine—a 
time-travel machine. If I could have told them we’d developed a machine, they’d 
have been more able to believe me. We place so much trust in machines; they are 
magic to us. If I could have outlined some ridiculous theory and spouted some 
equations at them, they would have been impressed.” I think that’s off the mark. We 
trust in machines not because they are magic, but for precisely the opposite reason. 
They are not magic, but rather are rational. And to dismiss mathematics is to say 
that some non-natural—some supernatural—influence is at work. 

But is a time machine actually possible? Or is the idea of a time machine simply 
“Nonsense” and “A bilgeful of crap,” as a character bluntly puts it in the 1972 novel 
The Dancer from Atlantis by Poul Anderson (1926-2001). Wells, himself, 
addressed this point in an autobiographical essay (published in the Cornhill Mag- 
azine) that he wrote in July 1945 (just 13 months before his death) in even blunter 
words. Writing under the name of “Wilfred B. Batterave,” he penned a very funny 
summary of his life titled ““A Complete Exposé of This Notorious Literary Hum- 
bug.” There he described The Time Machine as “[A] tissue of absurdities in which 
people are supposed to rush to and fro along the ‘Time Dimension.’ By a few 
common tricks of the story-teller’s trade, Wells gets rid of his Machine before it can 
be subjected to a proper examination. He cheats like any common spook raiser. 
Otherwise it is plain commonsense that a man might multiply himself indefinitely, 





?8Examples of ‘non-machine’ time travel stories of the last four types are, respectively, H. G. 
Wells’ “The New Accelerator” (1901), Charles Dickens’ A Christmas Carol (1843), Mark Twain’s 
A Connecticut Yankee in King Arthur’s Court (1889), and Edward Bellamy’s Looking Backward, 
2000-1887 (1888). 
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pop a little way into the future and then come back. There would then be two of him. 
Repeat da capo and you have four, and so on, until the whole world would be full of 
the Time Travelling Individual’s vain repetitions of himself. The plain-thinking 
mind apprehends this in spite of all the Wellsian mumbo-jumbo and is naturally as 
revolted as I am by the insult to its intelligence.” Funny, yes, but still pretty harsh 
stuff. 

As one writer has argued,” Wells was, rather than presenting a scientific 
discovery, simply attempting to refute the nearly suffocating, unjustified (in his 
mind), smug optimism of the well-to-do of the Late Victorian Age. And so, on his 
journey to the year A.D. 802,701, the Time Traveller finds the awful decay of 
humanity in the cannibalistic subjugation of the Eloi by the Morlocks, the end result 
of class warfare between the working class (Morlocks) and the idle, parasitic upper 
class (Eloi). 

The German social philosopher Karl Marx, if he hadn’t already been dead for 
12 years in 1895, would surely have nodded in vigorous agreement as he read The 
Time Machine, even as he would have regretted Wells’ decision to have the victory 
of oppressed workers take so long. (What irony that he is buried in London’s 
Highgate Cemetery, the Victorian Valhalla where he has spent the last century 
and more quite literally mingling with many of the capitalistic ancestors of the 
Eloi!) What Marx would have thought of time travel as a possibility is, however, far 
less certain. 

How things changed in the years that followed The Time Machine. There was, at 
first, admittedly a ‘slight’ decline in literary merit as the newly developing pulp 
science fiction magazines picked-up and ran with the time travel genre. Many of the 
magazine time travel tales of the 1920s, 1930s, and 1940s were, frankly, simply 
awful. BUT—some were pretty good, too. And some were, in fact, very good. From 
the 1950s on, there have been ever more sophisticated time travel tales from ever 
more sophisticated writers. 

In the academic communities of philosophers and physicists, too, big events 
occurred. I give the philosophers the edge, in fact, with the 1976 publication of a 
hugely important paper that opened with these dramatic words: “Time travel, I 
maintain, is possible. The paradoxes of time travel [to the past] are oddities, not 
impossibilities. They prove only this much, which few would have doubted: that a 
possible world where time travel took place would be a most strange world, 
different in fundamental ways from the world we think is ours.”°? That writer 
wasn’t the first philosopher to write on time travel to the past, but none had 
expressed themselves in such powerful and unequivocal words in unmistakable 
support of the concept. 





RM. Philmus, “The Time Machine; Or, the Fourth Dimension as Prophecy,” Publications of the 
Modern Language Association, May 1969, pp. 530-535. 

*°David Lewis, “The Paradoxes of Time Travel,” American Philosophical Quarterly, April 1976, 
pp. 145-152. Lewis (1941-2001) was a Princeton University philosophy professor. 
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Lewis’ paper is also notable because it gives what seems to be a clear definition 
of just what it means to say one has ‘traveled in time,’ either to the past or to the 
future: 


What is time travel? Inevitably, it involves discrepancy between time and time. Any 
traveler departs and then arrives at his destination; the time elapsed from departure to 
arrival (positive, or perhaps zero) is the duration of the journey. But if he is a time traveler, 
the separation in time between departure and arrival does not equal the duration of the 
journey. 


To understand this, we need to appreciate the distinction between the personal 
time of the time traveler and the external time of remote observers of the time 
traveler. A time traveler’s personal time is measured, for example, either by the 
time kept by his wrist watch or, perhaps, by a burning candle. (This distinction had 
actually appeared earlier in Horwich’s paper—see note 27 in Some First Words— 
published the year before Lewis’ paper.) 

I say I ‘give the edge to the philosophers’ because, while the first physics time 
travel paper had appeared decades earlier, its author wasn’t really a physicist at all 
but rather was Einstein’s friend, the world-famous mathematical logician Kurt 
Godel. Godel’s paper was, in retrospect, a pivotal event in establishing the ‘respect- 
ability’ of scientific time travel; it’s worthwhile to take some time here to explain 
this important point. For physicists (and for philosophers and science fiction 
writers, too) a ‘time machine,’ one either constructed by intelligent beings or 
occurring naturally, manipulates (all the while obeying the known laws of physics) 
finite amounts of matter and energy in a finite region of spacetime.*' A ‘time 
machine’ would be declared to be plausible if it could be explained by a rational, 
scientific theory. Such a rational theory is found in Einstein’s general theory of 
relativity. (His special theory of relativity applies in those situations where there is 
no gravity.) 

Until Einstein, the theory of gravity used by scientists was Newton’s—a theory 
that, although amazingly accurate for any situation encountered on Earth, does have 
observable errors in certain astronomical applications. In addition, Newton’s theory 
is a descriptive one; it makes possible the calculation of gravity effects without 
offering any explanation for gravity itself. Einstein’s theory not only gives the right 
answers, even in those cases where Newton’s theory doesn’t, but it also explains 
gravity. It does that by treating the world as a four-dimensional structure in which 
all four dimensions (three of space and one of time) are in a certain sense on equal 
footing. The resulting Einsteinian description of the world is that of a unified 
spacetime in which time and space are intimately intertwined, whereas Newton’s 
theory keeps time and space separate and distinct. 





31T am going to feel free to use words like spacetime without having to first write introductory 
essays on relativity theory and tensor mathematics, because such words have entered common use. 
All those Hollywood science fiction movies, even the crummy ones that routinely trash the laws of 
physics, have at least expanded the general imagination! 
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As Newton wrote of time, at the start of his 1687 masterpiece Principia, a work 
that revolutionized physics, “Absolute, true, and mathematical time, of itself, and 
from its own nature, flows equably without relation to anything external, and by 
another name is called duration.” This view of time would be, of course, discarded 
with the arrival of Einstein and his view of variable time depending on the state of 
the observer. 

Unlike Einstein’s view, Newton’s view of the nature of time was entangled with 
theology. As one modern theologian has written, “Newton conceived of absolute 
time as grounded in God’s necessary existence.”** To quote Newton himself, in the 
General Scholium to the second edition of Principia (1713) he added words that 
didn’t appear in the original: “God is a living, intelligent, and powerful Being; and, 
from his other perfections, [it follows] that he is supreme, or most perfect. He is 
eternal and infinite, omnipotent and omniscient; that is, his duration reaches from 
eternity to eternity; his presence from infinity to infinity; he governs all things, and 
knows all things that are or can be done. He is not eternity and infinity, but eternal 
and infinite; he is not duration or space, but he endures and is present. He endures 
forever, and is everywhere present; and, by existing always and everywhere, he 
constitutes duration and space. Since every particle of space is always, and every 
indivisible moment of duration is everywhere, certainly the Maker and Lord of all 
things cannot be never and nowhere.” 

Okay, Pll be honest—I really am not at all sure just what that means! Newton 
added these words to the Principia in response to criticism (from the influential 
philosopher George Berkeley (1685-—1753)) that his original statements about 
absolute time were “pernicious and absurd notions,” notions that were in fact 
atheistic in conception. That was a most serious charge in Newton’s day, and he 
was trying (I think) to find some cover from those critics who spent more hours of 
the day thinking about God than of physics. Much more honest (in my opinion) are 
the witticisms ‘time is just one damn thing after another’ and ‘time is what keeps 
everything from all happening at once.’”** More funny than useful, yes, of course, 
but at least they’re funny. 

Newton’s theological view of time is simply irrelevant to the modern physicist 
(although perhaps of more interest to the philosopher-historian) but in many cases it 
is of central interest to the science fiction writer. For example, Newton’s religious 





*?William Lane Craig, “God and the Beginning of Time,” International Philosophical Quarterly, 
March 2001, pp. 17-31, which discusses the question ‘Why didn’t God create the world sooner?’ 
One irreverent answer is ‘He was busy creating Hell for all those who ask that question,’ but a 
more scholarly analysis can be found in Brian Leftow, “Why Didn’t God Create the World 
Sooner?” Religious Studies, June 1991, pp. 157-172. 

33This last ‘definition’ first (as far as I know) appeared in the work of the science fiction writer Ray 
Cummings (1887-1957), in his 1921 story “The Time Story,” published in Argosy-All-Story 
magazine. He repeated the phrase in his 1929 novel The Man Who Mastered Time, and then 
again in the 1946 novel The Shadow Girl. (“This same Space; the spread of this lawn ... what 
would it be in another 100 years? Or a 1000? This little space, from the Beginning to the End so 
crowded with events and only Time to hold them apart!”’) 
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mindset and its (perhaps!) connection with time travel is treated in my short story 
“Newton’s Gift,” originally published in Omni Magazine (January 1979) and 
reprinted in Appendix B at the end of this book. Wells’ Time Traveller’s view of 
time is more Newtonian than it is Einsteinian—and perhaps that’s not such a big 
surprise, considering that Einstein was only 16 years old when The Time Machine 
was published. 

From the first (1905) it has been known that Einstein’s special theory allows time 
travel into the future via the well-known mechanism of time dilation. (The faster a 
rocket ship travels relative to Earth, the slower is the tick-tock of a wrist watch worn 
by a rocketeer, compared to that of an identical watch back on Earth.)** To return 
from the future, however, to travel back into the past to the instant after the traveler 
began his journey, had been thought to be impossible. It was Godel’s discovery that 
showed the general theory, which has passed every experimental test it has been 
subjected to (most recently, the September 2015 detection, from two massive 
colliding black holes, of gravitational waves—‘ripples in spacetime’—generated 
more than a billion years ago in an effect predicted by the general theory a century 
ago), does allow time travel to the past under certain conditions. It is this avail- 
ability of a theory that distinguishes time travel speculations from the outlandish 
fantasy speculations with which it is often unjustly lumped—speculations that are 
in the province of quacks (such as ESP, astrology, and mind over matter a’ la spoon 
bending). 

In his general theory, Einstein showed how spacetime can be either ‘flat’ (in the 
no-gravity, special relativity case of what is called a Minkowski spacetime*”) or 
‘curved’ (those situations with gravity), and he did that not by verbal hand waving, 
but rather by writing mathematical equations that obey all the known laws of 
physics: his famous gravitational field, nonlinear differential tensor equations. 
These complicated equations are notoriously difficult to solve in general, but in 
certain, special cases they have been solved. Those solutions describe how matter 
and energy and spacetime interact. As the popular saying puts it, “Curved spacetime 
tells matter how to move, and energy and matter tell spacetime how to curve.” In 
that sense, gravity is curved spacetime. 

In 1949 Godel found one such special solution to the field equations that 
describes the movement of mass-energy not only through space but also backward 
in time along trajectories in spacetime that are called closed time-like lines or curves 





34One pulp magazine science fiction story (F. J. Bridge, “Via the Time Accelerator,” Amazing 
Stories, January 1931) got this right when its time traveler explains how his time machine works 
with these words: “Time as we know it is not universally absolute. The rate of its passage depends 
to a great extent upon the velocity of its observer with regard to some certain reference system. A 
moving clock will run slower with respect to a selected coordinate system than a stationary one.” 
(Recall my earlier comments on the personal time of a time traveler.) 

*>Named after Hermann Minkowski (1864-1909), Einstein’s mathematics professor in Zurich 
who gave the now well-known spacetime diagram interpretation of special relativity which, when 
originally presented by Einstein, was in the form of pure mathematics. 
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(called CTLs or CTCs, respectively).*° These trajectories are such that if a human 
traveled along one, always at a speed less than that of light (that’s what time-like 
means), he would see everything around him happening in normal causal order 
from moment to moment (for example, the second hand on his wrist watch would 
tick clockwise into the local future), but eventually the CTL/CTC closes back on 
itself and the traveler finds himself in his own past. 

On the scale of the Solar System, general relativity has causality built into itself, 
but on much larger scales things can be a good deal more complicated. On a very 
large, astronomical scale, in fact, curved spacetime can result in violations of 
causality, with effects occurring before their causes. That is what the physics and 
the mathematics of Godel’s solution imply. That is what is meant by saying there is 
a scientific, rational basis for discussing time travel to the past. It is particularly 
important to note that travel along one of the closed time-like world lines discov- 
ered by Godel requires a machine, some kind of accelerating rocket ship. That’s 
because none of Godel’s CTLs/CTCs are what is called a geodesic. That is, none are 
free-fall world lines.*’ This machine does not, however, generate CTLs/CTCs 
where none existed before (CTL/CTC creation requires what physicists call a 
strong time machine) but rather simply makes use of the CTLs/CTCs that are 
inherent in Godel’s spacetime. A Godelian rocket ship then is an example of a 
weak time machine. 

I mentioned earlier that “certain, special cases” of Einstein’s gravitational field 
equations result in CTLs/CTCs. What was the “special case” that Godel solved? His 
solution of the field equations is for a rotating, infinite, static universe composed of 
a perfect fluid at constant pressure. In such a universe Godel found that naturally 
occurring CTLs/CTCs pass through every point in spacetime; that is, time travel in 
Godel’s universe is not the result of a machine manipulating mass and energy on a 
local scale (the classic science fictional description of a time machine); rather, in 
Godel’s spacetime time travel is a naturally occurring phenomenon! The observable 





>°Kurt Gédel, “An Example of a New Type of Cosmological Solutions of Einstein’s Field 
Equations of Gravitation,” Reviews of Modern Physics, July 1949, pp. 447-450. A CTL/CTC is 
a special type of world line; the trajectory through spacetime of every particle in the universe is a 
world line that extends from each particle’s past to its future. Our everyday experiences are with 
world lines that never cross or come close to themselves (which would put a particle at or near the 
same spacetime point more than once). That lack of experience with CTLs/CTCs that self-intersect 
is what makes time travel to the past so difficult for humans to grasp. For a discussion of how 
Godel did what he did, see Wolfgang Rindler, “Godel, Einstein, Mach, Gamow, and Lanczos: 
Godel’s Remarkable Excursion into Cosmology,” American Journal of Physics, June 2009, 
pp. 498-510. 


371t was discovered in 1969, however, that this isn’t strictly true if one allows for a test particle (our 
‘time traveler’) to be electrically charged. Then, naturally present electromagnetic forces acting on 
the particle could be sufficient to propel the particle along a Godelian CTL/CTC. That is, no rocket 
would be required. See U. K. De, “Paths in Universes Having Closed Time-Like Lines,” Journal of 
Physics A, July 1969, pp. 427-432. There are other solutions to Einstein’s equations that do allow 
time travel on free-fall geodesics: see, for example, I. D. Soares, “Inhomogeneous Rotating 
Universes with Closed Timelike Geodesics of Matter,” Journal of Mathematical Physics, March 
1980, pp. 521-525. 
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universe is, however, non-rotating and expanding (astronomers see red-shifts in the 
spectrums of distant stars) and so, although Godel’s spacetime satisfies the general 
relativity field equations, its time travel property does not hold in the spacetime in 
which we live. (This may account for why the initial reaction in the physics/ 
philosophical communities, to Godel’s discovery that time travel is not nonsense 
according to general relativity, was mostly indifference.) The failure to observe 
time travel in our universe may (somewhat surprisingly, I think) still have possible 
implications for us, however, as one philosopher has cleverly argued.°* He points 
out that naturally occurring Godelian time travel would endow the universe with 
properties particularly useful for the survival of intelligence (presumably that 
includes humans) against extinction from a multitude of cosmic disasters. So, for 
those who argue that the universe we live in was made for us (the advocates of 
various proofs of God’s existence that have Him as Designer), we have an obvious 
question: why did He (apparently) skip incorporating time travel? 

In an invited essay that appeared the same year as his time travel physics paper, 
Godel specifically addressed the seemingly paradoxical aspect of what he had 
discovered: “By making a round trip on a rocket ship in a sufficiently wide course, 
it is possible in these [rotating] worlds to travel into any region of the past, present, 
and future, and back again, exactly as it is possible in other worlds to travel to 
distant parts of space. This state of affairs seems [my emphasis] to imply an 
absurdity. For it enables one, e.g., to travel into the near past of those places 
where he has himself lived. There he would find a person who would be himself 
at some earlier period of life.*° Now he could do something to this person which, by 
his memory, he knows has not happened to him.” 

Godel’s nerve then failed him, and he defended the possibility of the paradox of 
a time traveler meeting himself in the past with what I think an astonishingly 
unconvincing argument (particularly so for a logician) based primarily on engi- 
neering limitations: “This and similar contradictions, however, in order to prove the 
impossibility of the worlds under consideration, presupposes the actual feasibility 
of the journey into one’s own past. But the velocities which would be necessary in 
order to complete the voyage in a reasonable time are far beyond everything that 





38 Alasdair M. Richmond, ““Godelian Time-Travel and Anthropic Cosmology,” Ratio, June 2004, 
pp. 176-190. Not all physicists think Godel’s result is actually time travel. At least two think it is 
all simply the result of mathematical hijinks, and that time machines must remain “an aspect of 
science fiction fantasy”: see F. I. Cooperstock and S. Tieu, “Closed Timelike Curves and Time 
Travel: Dispelling the Myth,” Foundations of Physics, September 2005, pp. 1497-1509. This 
skepticism towards Godel actually started much earlier, when two physicists (one a Nobel physics 
laureate) incorrectly claimed Godel had simply gotten his math wrong: see S. Chandrasekhar and 
J. P. Wright, “The Geodesics in Godel’s Universe,” Proceedings of the National Academy of 
Sciences, March 1961, pp. 341-347. It was those two physicists who had erred, however, as was 
pointed out by the philosopher Howard Stein, in his “On the Paradoxical Time Structures of 
Godel,” Philosophy of Science, December 1970, pp. 589-601. 

°You'll recall that this is precisely the situation that Wells mentions in his “Notorious Literary 
Humbug” essay. If only he had lived just three more years, to see what he thought to be an 
absurdity actually appear in the serious writings of a brilliant mathematician! 
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can be expected ever to become a practical possibility. Therefore it cannot be 
excluded a priori, on the ground of the argument given, that the space-time structure 
of the real world is of the type described.”*° That is, Gddel was trying to head off 
critics of his rotating universe model who might point to the time travel result as 
proof that the model had to be flawed. 

In a footnote Godel says that the time traveler would have to move at least as fast 
as nearly 71% of the speed of light, and that if his rocket ship could “transform 
matter completely into energy” then the weight of the fuel would be greater than 
that of the rocket by a factor of 10°” divided by the square of the duration of the trip 
(in rocket years). A trip to the past in Godel’s universe would require a time 
machine that looked like Dr. Who’s telephone booth attached to a fuel tank the 
size of several hundred trillion ocean liners. These are formidable numbers,"! but 
they require no violation of physical laws, and that’s what really counts if time 
travel is to be disproved. Godel’s use of engineering limitations for explaining away 
backwards time travel is actually worse than simply being wrong, because the 
puzzle is not in practicality but rather in showing, assuming that general relativity 
is correct, how correct mathematical physics can lead to what seems to be a 
paradoxical conclusion. (And see note 12 again, for another reason the ‘fuel 
argument’ really has no force at all against the possibility of time travel in Godelian 
spacetime.) 

So, what did the great man himself, Einstein, think of all this? In the same 
publication as Godel’s essay, he cautiously replied as follows: “Kurt Godel’s essay 
constitutes, in my opinion, an important contribution to the general theory of 
relativity, especially to the analysis of the concept of time. The problem here 
involved disturbed me already at the time of the building up of the general theory 
of relativity, without my having succeeded in clarifying it ... the distinction 
‘earlier-later’ is abandoned for world-points which lie far apart in a cosmological 
sense, and those paradoxes, regarding the direction of the causal connection arise, 
of which Mr. Godel has spoken ... It will be interesting to weigh whether these are 
not to be excluded on physical grounds.” 

Despite the mathematical physics of Godel, showing the possibility of time 
travel to the past, many philosophers are not quite so sure. As one expressed his 
concerns, “No science-fiction staple poses more philosophical difficulties than time 
travel, but there is still no consensus as to whether time-travel fictions exhibit 
logical, metaphysical, or physical impossibility.”*7 The best-known and possibly 





“Kurt Godel, “A Remark About the Relationship Between Relativity Theory and Idealistic 
Philosophy,” in Albert Einstein: Philosopher-Scientist: volume 7 of The Library of Living Philos- 
ophers (P. A. Schilpp, editor), Open Court 1949. 

‘'For the analysis of a rocket powered by matter/anti-matter, a known physical process that 
satisfies Godel’s energy requirement for time travel, see E. Purcell, “Radioastronomy and Com- 
munication Through Space,” in /nterstellar Communication (A. G. W. Cameron, editor), W. A. 
Benjamin 1963. 

“Alasdair Richmond, “Time-Travel Fictions and Philosophy,” American Philosophical Quar- 
terly, October 2001, pp. 305-318. 


XXXVI Introduction 


oldest of the paradoxical situations that seem to be part-and-parcel of time travel is 
the so-called grandfather paradox,” expressed this way by philosopher David 
Lewis in his pioneering 1976 paper (see note 5): 
Consider Tim. He detests his grandfather, whose success in the munitions trade built the 
family fortune that paid for Tim’s time machine. Tim would like nothing so much as to kill 
Grandfather, but alas he is too late. Grandfather died in his bed in 1957, while Tim was a 
young boy. But when Tim has built his time machine and traveled to 1920, suddenly he 


realizes that he is not too late after all. He buys a rifle, ... and there [Tim] lurks, one winter 
day in 1921, rifle loaded, hate in his heart, as Grandfather walks closer, closer... 


So, there’s the puzzle. Tim can obviously achieve his goal—he has a loaded gun, 
he’s an excellent shot, a clueless granddad is coming ever closer—but if Tim 
actually does kill grandfather, years before Tim was (will be) born, then how can 
Tim be born? And if he is not born, then how can Tim (‘now’ not in existence) 
travel back through time to kill grandfather? What a confusing mess, right? So, the 
only possible conclusion to all this is that the starting premise, that time travel 
makes sense, must actually be nonsense. Right? 

Well, maybe, but then what of Godel with his time traveling rocket ship? That’s 
hard-as-diamond, unshakeable mathematical physics, for heaven’s sake. We can’t 
just ignore that! Lewis offers a way out of this conundrum, and when we get to the 
book’s discussions on paradoxes (that’s plural because, believe it or not, there are 
other paradoxes even more perplexing than that of killing granddad in the distant 
past) we’ll return to his solution. 

Ever since Lewis wrote his paper, philosophers have been particularly fascinated 
by the grandfather paradox and have shown themselves to be at least as inventive as 
the science fiction writers in discussing it, or variations on it.“4 Here, for example, is 
a twist on that paradox that I think particularly clever, one that avoids the murder- 
ous spirit of the tale told by Lewis and Horwich: 





“The origin of this paradox is probably lost in time (the irony of that is so appropriate!), but I have 
traced it at least as far back as to the science fiction pulp magazine Science Wonder Stories which 
published, in its December 1929 issue, an editorial essay titled “The Question of Time Traveling.” 
It challenged readers to think about the following scenario: “Suppose I can travel back into time, 
let me say 200 years; and I visit the homestead of my great great great grandfather, and am able to 
take part in the life of his time. I am thus enabled to shoot him, while he is still a young man and as 
yet unmarried. From this it will be noted that I could have prevented my own birth ....” 


“Even before Lewis’ paper, Paul Horwich had reduced the grandfather paradox to 
autoinfanticide—a time traveler tries to kill his younger se//—in “On Some Alleged Paradoxes 
of Time Travel,” The Journal of Philosophy, August 14, 1975, pp. 432-444. But not all philos- 
ophers share this fascination. Earman (see the opening quote), for example, dismisses all of the 
science fiction paradoxes that are so beloved by fans of the genre as “while always good for a 
chuckle,” they are just “crude and unilluminating means of approaching some delicate and deep 
issues about the nature of physical possibility.” I think Earman is fundamentally correct, although I 
wouldn’t go so far as to characterize the paradoxes as mere “chuckles.” They are, after all, the 
source of much of the intellectual motivation prompting the exploration of the physics of time 
travel. An excellent example of this is found in the paper by the Russian physicist S. V. Krasnikov, 
“Time Travel Paradox,” Physical Review D, February 14, 2002, pp. 064013-1 to 064013-8. The 
physics of the grandfather paradox is of great interest in this paper. 
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Sarah has just completed building her time machine. She decides to test the machine on 
herself tomorrow morning at which time she intends to travel back one day. In the 
meantime, she goes home, puts some salve on the burn she received that day, and goes to 
bed. In the morning, Sarah, with coffee in hand, sits down to read the morning paper. She 
opens the paper to the following headline: ‘Famous physicist found dead.’ On the front page 
is a picture of her body, salve burn clearly visible on her arm, inside her pristine time 
machine. Underneath is the caption. ‘Nobel-prize winning physicist found dead yesterday 
in mysterious device that materialized near city hall.’ Extremely shaken, Sarah returns to 
the lab and destroys the time machine.** 


Can any sense be made of this? We’Il come back to this question later in Chap. 5, 
when we discuss the possibility (or not) of time being mu/ti-dimensional. 

Now, to conclude this Introduction, let me end with two amusing, connected 
short stories (in epistle form) that nicely describe the issues we’ll take up in the rest 
of this book. The rejection letter for the denial of a research grant to fund the 
construction of a time machine has just been received ... 


That Useless Time Machine*® 


Dear Review Committee: 

It is not our practice to raise complaints against a negative review report. We 
believe in peer refereeing and we respect it, whatever its content and consequences. 
However, in the case of our latest grant application (project named ‘The Time 
Machine’) we find it necessary to express our astonishment at the motivations with 
which our request for funding was turned down. Your main objection appears to be 
that our project is ‘philosophically interesting’ but ‘practically useless’, by which 
you mean that the project ‘has no potential for applications.’ We do not quite think 
that the main criterion for judging the scientific value of a project should be its 
practical usefulness, but never mind that. Let us agree that usefulness is a relevant 
criterion, especially when large amounts of money are involved. Why should that 
be a reason to turn down our project? Quite frankly, we cannot think of a project 
with better application potential than ours. Some examples: 


¢ Cultural tourism: one could send herds of history fans back in time to witness the 
crucial episodes of the French Revolution, or to watch the Egyptians build the 
pyramids, or to videotape Socrates’ lectures. 

¢ Exotic safaris: we have already received several applications for dinosaur 
hunting expeditions (they got extinct anyway). 





*G. C. Goddu, “Time Travel and Changing the Past: (Or How to Kill Yourself and Live to Tell the 
Tale),” Ratio, March 2003, pp. 16-32. 

“Story by Roberto Casati (Senior researcher at CNRS, Paris) and Achille C. Varzi (Professor 
of Philosophy at Columbia University). Originally published in Philosophy, October 2001, 
pp. 581-583, and reproduced here by kind permission of the authors. 
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¢ Error detection: we could take a closer look at our past mistakes and learn how to 
avoid them in the future. 

¢ Historic documentaries: think of the huge saving in set design, costumes, special 
effects, etc. (How much did Gladiator cost?) 


And so on and so forth. Honestly, can you think of a project with better prospects 
for useful and thrilling applications? 


Sincerely Yours, 
The “Time Machine’ Research Group 


Dear ‘Time Machine’ Research Group: 

Thank you for your letter. We agree that it would be interesting to exploit a time 
machine for the uses that you suggest. It would also be remarkable if we could use it 
to prevent all sorts of unpleasant events that happened in the past. It would be 
remarkable, for instance, to be able to go back to November 22, 1963, and prevent 
Lee Harvey Oswald from killing John Kennedy, or to go back to April 14, 1912, and 
steer the Titanic around the iceberg. It would be excellent indeed to be able to do 
such things. However, suppose your project were to be successful. Suppose you will 
manage to build a time machine. Then why didn’t you do any of those things? Why 
is it that our past history is still full of such sad events? Either this means that your 
project is doomed to fail and you will never manage to build a time machine; or it 
means that the project will succeed but that you are not going to use your time 
machine for these good purposes. In the first case, logic shows it would be pointless 
to support your project. In the second case, ethics dictates that it would be 
wrongdoing. Either way, you must concede that the reasons against your project 
are overwhelming. 


Cordially Yours, 
The Review Committee 


Dear Review Committee: 

Certainly you have noticed that our suggestions for practical applications of the 
time machine did not include any uses that could result in an alteration of the 
natural course of history. As a matter of fact, we believe that no such alteration is 
logically possible. According to our project, it is logically possible to visit the past 
but not to modify the past. No time traveler can undo what has been done or do what 
has not been done. So the logic is safe. This does not mean that the time traveler will 
be ineffectual during her stay in the past, of course; it simply means that what she is 
going to do is something that she has already done. An accurate catalogue of all the 
past events would include an account of the arrival of the Time Machine from out of 
nothing as well as an account of all the actions and reactions that followed. And 
ethics is safe, too. For, if indeed we managed to go back to Dallas, we could not stop 
Oswald from doing what he did. Nobody would be able to stop Oswald because 
nobody was able to stop him (and nobody was able to stop Oswald because nobody 
will ever be able to do so, even if they came from the future). Alas, the past is full of 
sad events but there is nothing that we can do about that. 
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Respectfully Yours, 
The “Time Machine’ Research Group 


Dear ‘Time Machine’ Research Group: 

We appreciate the distinction between changing the past (impossible) and affecting 
the past (possible). However, this simply reinforces our initial impression: your 
project has no practical value. If in order to travel to the past one has to have been 
there already, and if one can only do what has already been done, then d@ quoi bon 
l’effort? Why should we invest in a ‘Time Machine’ at all? We are afraid that our 
decision is now final. 


Yours with best wishes, 

The Committee 

Well, all seems to be certainly lost with that. But, wait, perhaps not. Maybe, with 
just one more really good appeal, The Committee’s rejection can be reversed! If 
you were on the Review Committee, and had just read the following letter, how 
would you vote? 


A Useful Time Machine*’ 


Dear Review Committee: 

We regret your continued decision to reject our proposal. Even though you have 
told us your decision is now final, we humbly ask your indulgence for one last 
appeal. We believe you have misinterpreted a crucial part of our proposal. 

You maintain that our ‘Time Machine’ project ‘has no potential for applications’ 
and has ‘no practical value.’ You ultimately base this claim on the fact that “If in 
order to travel to the past one has to have been there already, and if one can only do 
what has already been done, then @ quoi bon l’effort? Why should we invest in a 
“Time Machine’ at all?” Your argument however is a misinterpretation of our own 
comments that ‘According to our project it is logically possible to visit the past but 
not to modify the past ... This does not mean that the time traveler will be 
ineffectual during her stay in the past, of course; it simply means that what she is 
going to do is something that she has already done.’ We regret the awkward and 
easily misleading locution of the last sentence, but such are the perils of talking 
about time travel. Regardless, please consider our clarification. 

Certainly if we were proposing that the time traveler be 5 years old again, we 
would be proposing something not worth the effort—our proposed time traveler has 
already turned five and cannot do so again. But we are not proposing that the time 
traveler do things that have already occurred in her own personal past, but rather in 





“7Story by Geoff Goddu (Professor of Philosophy at the University of Richmond, Virginia). 
Originally published in Philosophy, April 2002, pp. 281-282, and reproduced here by kind 
permission of the author. 
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her personal future. The time traveler has not yet, from her personal temporal 
perspective, travelled back to, say, the library at Alexandria in 100 BCE. When 
she does travel back to 100 BCE to obtain scans of the books in the library before its 
destruction, she will be older than she is now. When she returns she will be still 
older (and we hope wiser, i.e., in possession of valuable information to which 
neither you nor we currently have access). 

But is it true that as of 2002 AD [the year this letter was written] the time traveler 
has already visited Alexandria in 100 BCE? It could well be. But whether or not it is 
depends upon whether it is a/so true that our project will be successfully funded and 
completed. Because time travel into the past involves reverse causation, certain past 
events, such as the time traveler visiting 100 BCE, will be dependent upon certain 
future events, such as the successful funding and completion of our project. Hence, 
if it is not true that our project is both funded and completed, then it is not true that 
our time traveler has of 2002 already visited 100 BCE. 

But suppose we were to learn now, before the funding and completion took 
place, that our time traveler had indeed been present at the library in Alexandria in 
100 BCE. Would this imply that there was no reason to expend the effort to fund our 
project? After all, if the travel has ‘already’ happened, why bother funding the 
project? Firstly, such an argument does not imply that a “Time Machine’ would 
have no practical application, but rather expresses the futile hope that one could in 
fact get the practical benefits (if time travel is successful, we obtain the desired 
information) without expending the effort at all. Secondly, the hope is futile, for if 
we learn right now that our time traveler had been present at the library in 100 BCE, 
we would then know, assuming no other possible funding source, that you will 
expend the effort to fund our project. To deny this last is to make the impossible 
suggestion that even though your support is truly a causal antecedent of the 
successful trip, there is now no need for you to actually expend the effort to provide 
funding. 

Hence, the effort is far from pointless, for the project will only succeed through 
your and our efforts. And success will generate, not only all the practical applica- 
tions we outlined in our first letter, but, in addition, a host of information gathering 
applications such as more accurate historical research, lost item location identifi- 
cation, legal testimony verification, etc. Even if, as we (and you) acknowledged, no 
one could now prevent Oswald from killing Kennedy, wouldn’t it be worth verify- 
ing that Oswald was the lone killer of Kennedy? Also, the information gathering 
need not be restricted to the past. For example, information concerning the prices of 
various stocks 10 years from now would be extremely valuable to a suitably 
cautious and prudent investor. Surely you cannot object to our information gather- 
ing in the future on the grounds that ‘it will already have been done.’ And just think, 
the information we obtain could be what allows you to obtain at very low prices 
those stocks that in the future will be extremely valuable and allows your esteemed 
committee to dramatically increase your support of worthy scientific endeavors. 


Again, we ask you to reconsider your original decision. 
Respectfully yours, 
The “Time Machine’ Research Group 
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A time machine inventor makes an experimental test of the grandfather paradox! 
(Illustration from “Thompson’s Time Traveling Theory” by Mortimer Weisinger), 
Amazing Stories March 1944 (art by Malcolm Smith). Reprinted by arrangement 
with Forrest J. Ackerman, Holding Agent, 2495 Glendower Ave., Hollywood, CA 
90027. 

Not everybody likes time machines as a science fiction gadget, not even other- 
wise enthusiastic devotees of the genre. For example, in a Letter-to-the-Editor 
published in the December 1931 issue of Astounding Stories, one seventeen-year- 
old fan had this to say: “There is only one kind of Science Fiction story I dislike, 
and that is the so-called time-traveling. It doesn’t seem logical to me. For example, 
supposing a man had a grudge against his grandfather, who is now dead. He could 
hop in his machine and go back to the year that his grandfather was a young man 
and murder him. And if he did this how could the revenger be born? I think the 
whole thing is the ‘bunk.”” As this book will demonstrate, this young reader was not 
alone in that opinion. As this book will also demonstrate, in the last few decades 
that view has been rapidly evolving. 
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For Further Discussion 


Read again the penultimate sentence in the last letter from The “Time 
Machine’ Research Group, and then think about how you would respond to 
the following questions. 


(1) Would you invest in a stock market if you knew somebody else had a time 
machine giving them advance information on stock performance? 

(2) How might the existence of a time machine influence the future of the 
stock market, in general? For an early science fiction look at these 
questions, see Lee Laurence, “History in Reverse,’ Amazing Stories, 
October 1939. 


One writer has speculated that Wells’ model for the Time Traveller was the 
American inventor Thomas Edison. (See Martin T. Willis, “Edison as Time 
Traveler: H. G. Wells’ Inspiration for His First Scientific Character,” Science 
Fiction Studies, July 1999, pp. 284—294.) As Wells worked his way from The 
Chronic Argonauts, through revisions, to the final Time Machine, the story’s 
hero evolved from Dr. Nebogipfel to the Philosophical Inventor to the Time 
Traveller. The one individual who could have inspired all of these various 
hero types was, according to Willis, Edison, a world-famous Victorian-age 
celebrity whose story was well known to Wells. If Wells had today’s scien- 
tific personalities available as potential inspirations, who do you think he 
would use? How might that choice affect the story and structure of The New 
Time Machine? 


The idea of personal time, used by the philosopher David Lewis (note 5) to 
consistently interpret time travel stories, has been used in a quite different 
way (although time travel gets a few words, too) by the philosopher Roy 
Sorenson. In his paper “The Cheated God: Death and Personal Time,” 
Analysis, April 2005, pp. 119-125, Sorenson asks you to imagine an immortal 
god. For some reason this god runs afoul of a demon, who curses the god in a 
curious way. (The ‘telling of a story’ is a common technique in philosophical 
papers and, while foreign to what readers of physics papers are used to seeing, 
is not without some charm. Just be sure to always keep in mind that its 
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primary use is as an attention-grabbing device, but as far as having any other 
merit, well, that’s often another story.) The curse is such that the life span of 
the once immortal god is reduced to that of a normal human life span and yet, 
perhaps surprisingly, the god will still never die. As Sorenson writes, “[The 
god] will live forever. But [the god] will not have a better life than a mortal. 
The demon has harmed [the god] as gravely as death harms mortals.” How, 
you might wonder, is this to be done? As Sorenson explains, “[The god] lives 
half of its now mortal span, followed by a trillion years of nothingness, then a 
quarter of its mortal span followed by a trillion years of nothingness, then an 
eighth of its mortal span followed by a trillion years of nothingness and so on 
ad infinitum.” Sorenson’s argument is simply an exotic form of the high 
school summation of the geometric series } + + +3;+---= 1, where there 
are an infinite number of terms to the left of the equality. (Each term 
represents a period of time during which the god is conscious, and each 
+represents a trillion years.) Sorenson picked a trillion years of nothingness 
between consecutive periods of consciousness for (I suggest) dramatic rea- 
sons, but suppose instead that he had picked 1 ps for the period of nothing- 
ness. Discuss what effect this would have (if any) on the life of the god. 
Consider two cases: 


(a) There is no minimum time duration for consciousness, and 

(b) There is a minimum time duration such that, for any shorter duration, a 
consciousness remains ‘unaware’ even though it is not in a state of 
nothingness. 


After working all night making some final calculations, a physicist carefully 
solders a final resistor into the control module of the world’s first time 
machine and then steps into the gadget that is a sure bet to win the next 
Nobel Prize in physics. As she does, she notices that it is precisely 8:10 in the 
morning, as indicated on both her wrist watch and the clock on the lab wall. 
After settling into a plush leather seat she pushes the time machine’s power 
button, the machine glows with a flickering blue-red halo and hums with a 
mighty throb for a while and then, at precisely 8:15 by her wrist watch, she 
steps out of the machine and back into her lab. She notices the clock on the 
wall now reads 8:05. That is, she took 5 min of personal time (8:10 to 8:15) to 
travel 5 min of external time into the past (8:10 to 8:05). On the one hand she 
certainly seems to be a time traveler, in that she exits the machine before 
she enters it. (Ignore the issue of there being two identical physicists in the 
lab from 8:05 to 8:10!) On the other hand, the elapsed personal and external 
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times are equal. Does this suggest a need to modify or expand David Lewis’ 
definition of a time traveler? As you ponder this question, you might want to 
read the following four papers: (1) Paul R. Daniels, “Lewisian Time Travel in 
a Relativistic Setting,’ Metaphysica, October 2014, pp. 329-345, (2) Douglas 
Kutach, “Time Travel and Time Machines,” in A Companion to the Philos- 
ophy of Time (H. Dyke and A. Bardon, editors), Wiley-Blackwell 2013, 
pp. 301-314, and (3) Frank Arntzenius, “Time Travel: Double Your Fun,” 
Philosophy Compass, November 2006, pp. 599-616. A bit more demanding 
(but worth the effort) is the long chapter “Time Travel and Time Machines” 
by Chris Smeenk and Christian Withrich, in The Oxford Handbook of 
Philosophy of Time (C. Callender, editor), Oxford 2011, pp. 577-630 (see 
page 580, in particular). 


The idea that information is physical has given rise to a series of discoveries which 
indicate that physics has much to say about fundamentals of computer science. 


The above quotation is the opening sentence to a most interesting paper by the 
physicist Dave Bacon, “Quantum Computational Complexity in the Presence 
of Closed Timelike Curves,” Physical Review A (70), 2004. (When he wrote, 
Bacon was at Caltech, but he is now a software engineer at Google.) The title 
of Bacon’s paper, translated into blunt English, is “It Would Be Really Neat If 
We Could Merge a Time Machine With a Computer.” That is, to further quote 
from Bacon’s paper, “One could [efficiently] solve a hard problem by trying 
out a solution to the problem, sending one’s computer back in time, 
attempting a different solution to the problem, sending one’s computer back 
in time, etc., until a solution to the problem has been found.” There then 
follows a pretty sophisticated analysis on the self-consistent time evolution of 
a quantum system, ending with Bacon’s frank admission that “we would not 
be honest if we did not end this paper with the caveat that this work is at best a 
creature of eager speculation ... Practical considerations are humorous at 
best.” Read Bacon’s paper and discuss what he means by “a hard problem.” 
(There is a technical term used by computer scientist for such problems: 
NP-complete.) 


The occasional theological commentary in this book may strike some as a bit 
odd for a topic treated with heavy doses of deep mathematics in the physics 
literature but, as you’ll see on the following pages, theology is an unescapable 
dimension to any informed discussion of time travel. A literary connection 
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between time travel and theology has, in fact, existed for a long time. 
As pointed out in Paul Alkon’s Origins of Futuristic Fiction (University of 
Georgia Press 2010), “The first time-traveler in English literature is a guard- 
ian angel who returns with state documents from 1998 to the year 1728 in 
Samuel Madden’s Memoirs of the Twentieth Century” (published in 1733, 
nearly three centuries ago). Madden was an Irish-Anglican clergyman whose 
book was satire rather than science fiction, but its time traveling aspect was a 
first. As Professor Alkon also writes, “Madden [was] the first to write a 
narrative that purports to be a document from the future. He deserves recog- 
nition as the first to toy with the rich idea of time-travel in the form of an 
artifact sent backward from the future to be discovered in the present.” Your 
assignment: read and discuss Alkon’s book. 


You'll recall that Godel cast his view of time travel in the form of a self- 
encounter in the past. In Frederik Pohl’s “Let the Ants Try,” we find a science 
fiction tale that appeared essentially simultaneously with Godel’s paper 
(Planet Stories, Winter 1949), in which a time traveler journeys back forty 
million years. Upon stepping out of his time machine, he hears a “raucous 
animal cry” from somewhere in the nearby jungle. Later, after other adven- 
tures in time, he returns to near the same point in spacetime. After stepping 
out of his time machine, he sees himself in the distance—the earlier version of 
himself during the first trip. Then, suddenly, the time traveler meets a violent 
death: “As his panicky lungs filled with air for the last time, he knew what 
animal had screamed in the depth of the Coal Measure forest.” In fact, self- 
encounters had appeared in science fiction years before Godel’s paper. In the 
1942 story “Minus Sign” (Astounding Science Fiction, November) by Jack 
Williamson, for example, a spaceship battles with itself while traveling 
backward in time. How do you think a scientist like Godel would have 
liked these two stories? (Who knows, maybe he did read them!) If you 
could travel back in time to 1949 to ask him if such tales had been an 
inspiration, do you think he would be intrigued, amused, or instead would 
he be insulted? 
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Chapter 1 
A Broad Look at Time Travel 


“Hold infinity in the palm of your hand and eternity in an hour.” 


—William Blake, writing in “Auguries of Innocence” (1863), 
with words that could quite well describe what it would be like to 
time travel 


“I need a place to hide, that’s why I believe in yesterday.” 


—tThe Beatles (Yesterday, 1965) 


1.1. Time Travel in the Fantasy and Science Fiction 
Literature 


“Woodn’t it be grate to go back in tyme and correct your mistakes? Wouldn’t it be great to 
go back in time and correct your mistakes?” 


—iotto of Time Twisters comics 


To travel in time. 

Could there possibly be a more exciting, more romantic, more wonderful 
adventure than that? I don’t think so, and in this opening section I want to just 
briefly discuss how fascinating many writers (and their readers) have found the 
concept of time travel, and to point out that the fascination began long before 
mathematical physicists discovered time travel lurking in Einstein’s general theory 
of relativity.' 

Before the arrival of humans on the surface of the Moon in 1969, the only other 
‘fantastic voyage’ that could compare with time travel was traveling through outer 
space. During the seventeenth and eighteenth centuries, in fact, such voyages were 
the center of a genre of fiction (now called science fiction) called the “imaginary 
voyage” or “extraordinary voyage.” Marjorie Hope Nicolson’s~ 1948 book Voyages 
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to the Moon carefully documents just how popular that form of literature was—and 
still is. Since 1969 the first such voyages have become history, of course, and time 
travel has replaced space travel as the modern “imaginary voyage.” 

It seems a safe bet that that, given a random selection of middle-aged adults, the 
vast majority of them would respond enthusiastically if asked whether time travel 
interests them. This fascination with time travel has actually been ‘scientifically’ 
documented. In one intriguing study,° several hundred men and women were asked 
to consider the possibility of spending an hour, a day, and a year back in both their 
personal past (since birth) and their historical past (before birth). They were further 
told that it would cost $10,000 to purchase such time travel services. Their response 
indicated that 10 % would be willing to spend that much money for an hour in 
the historical past, 22 % for a day, and 36 % for a year. As might be expected, the 
numbers rose as the cost dropped and, if such trips were free the interest was almost 
universal. As one writer put it, “Time travel [is] the ultimate fantasy, the scientific 
addition to the human quest for immortality.”* And as a philosopher observed, “[T] 
he popular appeal of time travel . . . is no doubt due to a nostalgia for the past, which 
is almost an omnipresent aspect of the human condition.” 

Fiction writers have, for centuries, recognized the fantasy appeal of time travel. 
The common fairy tale theme of “The Three Wishes,’ in which the recipient ends up 
using the final wish to undo the unforeseen consequences of the first two, is the 
precursor to all modern change-the-past time travel stories. Indeed, the means of 
time travel in the Norwegian poet Johan Wessel’s 1781 play Anno 7603 is a fairy. 
Some of the best modern science fiction stories have played with the fantasy appeal 
of time travel by having gifts arrive by accident from the future: the moral of such 
tales is generally that unearned gifts usually bring grief.° The editor’s introduction 
to a time travel story involving the Civil War referred to the fantasy aspect of time 
travel—with a reference to another age-old adult fantasy—when he wrote “time 
travel stories about the Civil War have one thing in common with pornography; 
they serve to titillate an impulse [in the case of time travel stories, the impulse to 
change history] and to frustrate [history].”’ This is the motivation for the time 
traveler in Stephen King’s 2011 novel ///22/63, who uses what appears to be a 
naturally occurring wormhole (connecting a Maine diner to 1958) for his attempts 
at preventing the assassination of John F. Kennedy. 





>T. J. Cottle, “Fantasies of Temporal Recovery and Knowledge of the Future,” in Perceiving Time, 
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A character in the 1985 novel The Bird of Time by George Effinger nicely 
captures the fantasy appeal of time travel with the declaration “The past ... is the 
home of romance.” On a less poetic level, time travel and the movies and stories 
about it fascinate most people because they turn our everyday world view upside 
down and inside out.* Such movies and stories make people think. It is therefore not 
surprising that time travel movies have been popular for decades, from the 
pioneering Berkeley Square in 1933, to the classic 1960 filming of The Time 
Machine, to Back to the Future in 1985 (the top film that year in a Boxoffice 
magazine poll), to the flawless 1989 Bill & Ted’s Excellent Adventure, to the clever 
Terminator action films, to the ingenious 2012 Looper, to the commercially suc- 
cessful 2014 Jnterstellar. Each of these films, and others, too, will be discussed later 
in the book. 

When we discuss time travel, we should really be careful to distinguish between 
two quite different versions: to the future, and to the past. There is no dispute, today, 
about the first. As two severe critics of the possibility of time travel to the past wrote 
decades ago, “After 1900, special relativity made scientific discussion of time 
machines possible.”? What they were referring to is the fact that, by traveling in a 
rocket ship fast enough (but never, unlike Superman, faster than the speed of light), 
and far enough, one could leave Earth, loop out on a vast journey perhaps halfway 
across the universe, and then return hundreds, thousands, even millions of years in 
the future. You could theoretically (ignoring all the engineering difficulties) do this, 
in fact, with the apparent passage of your ‘personal time,’ (as measured by your 
wrist watch or the beating of your heart) as brief as you'd like. (Physicists call 
“personal time’ proper time, and [ll return to this in Chap. 3.) This astonishing 
conclusion from special relativity, that time travel to the future makes physical 
sense, literally put a lot of Victorian-era trained physicists into shock. 

A quite sophisticated use of this idea appeared early in science fiction, in the tale 
of a space traveler who returns from a high-speed trip out to the blue supergiant star 
Rigel in the constellation Orion.'° The 900 or so light years of the round trip had 
taken just 6 months of ship or personal time (proper time), but a thousand years of 
back-home time. The traveler returns to Earth to find all he had left behind long 
dead and returned to dust: “Sometimes I waken from a dream in which they are all 
so near ... all my old companions ... and for a moment I cannot realize how far 
away they are. Beyond years and years.” 

Another story'' of a trip into the future that delivers an equally powerful 
emotional impact, this time via a Wellsian-type time machine (more on what that 





’Somewhat more pompous (but no less correct) was this observation by an academic: “The time- 
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means later in this chapter) rather than by rocket travel, tells of a time traveler 
trapped in post-nuclear war times, where there is no energy available to power his 
machine for the return trip. As the story ends, he finds the woman he had loved and 
left behind in the past. She is now the elderly widow of another man, having 
married his rival because the time traveler (just like Wells’ Time Traveller) never 
returned. 

A trip into the future does not have to be serious or sad. A nice example of that is 
the story of a spaceship crew that sets off for the Alpha Centauri triple star system, 
more than four light years distant.'* They survive the trip, which requires 500 years 
of both personal and external time (this story is the only one I'll mention in this 
book that uses a preserving drug rather than physics). What causes me to include it 
in a book on fime travel (stories in which proper and external time are one-in-the- 
same are simply not about time travel) is that, long before they arrive at the end of 
their journey, the secret of faster-than-light (FTL) travel is discovered back on 
Earth and so they arrive at their destination to find a human reception committee! 
As you'll see when we get to Chap. 3, knowledge of FTL travel is equivalent to 
knowing the secret of travel into the past, and so the crew is sent back in time, to 
Earth, to just one year after they left—and they listen to their own radio commu- 
nications arriving from deep space. 

The real adventure in time travel, as suggested by “Far Centaurus,” would be to 
go backward in time, to visit the past. The editor of the science fiction pulp 
magazine Thrilling Wonder Stories used the powerful emotional hook of changing 
the past in a 1950 blurb announcing a time travel story coming in the next issue: 
“What’s the biggest mistake you ever made? Don’t worry about it. You may have 
pulled some awful boners in your time, but there’s a sure-fire remedy for them all. 
It’s simple. Just look up at that old time-clock on the wall—and turn it back to the 
moment just preceding your terrible blunder. Then make your corrections—and set 
your time-clock back to the present. You may be starting a new chain of error, but 
why fret? You can go back in time again...” Or, as the promotional text on the 
video package of the 1986 movie Peggy Sue Got Married says, “to do it again” is 
“the golden opportunity almost everyone has longed for at least once.” 

Writing less romantically, a philosopher declared that a “major source of interest 
in the time travel question is our general fascination with the exotic and the child- 
like frustration we sometimes feel at being confined to the present. We wish that the 
benefits of moving through space could be supplemented with the benefits which 
would accrue from movements through time.”'* Robert Silverberg, a science fiction 
writer who has used the time travel theme often and effectively, expressed this 
sentiment quite clearly when he wrote “Suppose you had a machine that would 
enable you to fix everything that’s wrong in the world ... The machine can do 
anything ... it gives you a way of slipping backward and forward in time ... Call 
this machine whatever you want. Call it Everybody’s Fantasy Actualizer. Call it a 
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Time Machine Mark Nine.”'* He gives a masterful demonstration of what he means 
by that in one of his own stories, a tale’ set ina year when time machines actually 
exist. Even so, the characters use their imaginations to explore their fantasy worlds 
and wishes—wishes that could (if they really wanted to) be realized with a real time 
machine. Time travel fiction is, you see, the ultimate escapist literature! 

The adventure promised by time travel to the past doesn’t necessarily mean 
pleasant adventure, and science fiction has used that idea to great effect. The 
unstated horror of a trip backward in time, if you think just a bit about it, is that it 
would bring the dead past, filled with all its dead occupants, alive again, literally 
resurrected from dank and moldering graves. The top of Mount Everest, the bottom 
of the Marianas Trench, the sands of Mars—none of these exotic places can even be 
mentioned in the same breath with the past. The capture of the mystery and, yes, the 
sheer terror of the past, is in this opening line to a 1950s tale: “When Dr. Flitter 
came into the room, it seemed as though the past and its dead people came in with 
him, clinging to him like stale surgery smells, like the cold sweat of ancient 
autopsies.”'° In another equally macabre story, we read of a time traveler in the 
past anticipating a meeting with a long-dead lover as he “shivered with a renewal of 
horror ... She ought to be grateful to him for having raised her from the dead, even 
briefly.” 

Another tale, slightly less gruesome, tells us of a character who delights in 
pointing out all the bad aspects of living in the past.'* Tell him when in time, and 
he quickly ticks off the disadvantages of being then. To live in ancient Greece 
would let you rub shoulders with Aristotle, sure, but you already know what he said 
and you’d soon regret the lack of modern plumbing. The year of the American 
Revolution might let you exchange greetings with George Washington, but you’d 
also have to put up with cholera in Philadelphia, malaria in New York, and the fact 
that if you needed an operation there would be no anesthesia anywhere. The 
Victorian Age appeals to modern romantics but, before you go back, you’d better 
have your eyes and teeth checked. The time traveling historian in one novel’® takes 
these medical warnings to heart and has her appendix prophylactically removed, 
and is further advised to have her nose cauterized against all the awful stinks of her 
destination, the fourteenth century. 

On the other hand, poor health care isn’t a// there is with time travel to the past. 
One time traveler from the future, for example, makes a very good living in the past 
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by winning bets on yet-to-happen events whose outcomes he knows.”° Time travel 
to the past allows a Parisian curio shop in the present to offer remarkably authentic 
looking newspapers from 1804 whose only ‘flaw’ is that they appear to be fresh off 
the press—which of course they are!*' And the failed professor in one romantic 
story~” finds the Paris of 1482 infinitely better than the Paris of 1961. 

A popular fictional appearance of time travel is the use of the past as a hiding 
place, as a sanctuary for those wishing to escape the troubles of modern times.”* An 
interesting twist on this idea was presented in one tale** in which the past is used for 
later military gain in the present. In this story the Earth of a thousand years in the 
future is ruled by a dictator, and the oppressed masses are unable to arm themselves 
for revolt. So, back into the past travels an agent to arrange for the construction of 
weapons, which are then stockpiled in hidden caverns where they can be retrieved 
for use ten centuries later. The past is used in this story as both a sanctuary and a 
repository from which to make war in the future, and so we have a time travel 
fantasy for both doves and hawks in the same tale! This military use of the past is 
passive; other writers have more aggressively used time travel to the past for 
military gain as, for example, mining uranium deposits before they have had time 
to reduce themselves to lead via radioactive decay,” or in drilling for Middle East 
oil in the past to deprive adversaries of it in the present.”° 

Time travel to the past would, perhaps, interest criminals, too. As the science 
fiction writer Larry Niven wrote, “If one could travel in time, what wish could not 
be answered? All the treasures of the past would fall to one man with a 
submachinegun. Cleopatra and Helen of Troy might share his bed, if bribed with 
a trunkful of modern cosmetics.””’ Or, as the tragically flawed inventor of the first 
time machine dreamed, before using time travel to commit what he thought would 
be the perfect locked-room murder, “The Great Harrison Partridge would have 
untold wealth. He could pension off his sister Agatha and never have to see her 
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again. He would have untold prestige and glamour, despite his fat and baldness, and 
the beautiful and aloof Faith Preston would fall into his arms like a ripe plum.””* 

Instead of viewing the past as an aid to crime, some writers have used it as the 
perfect dumping ground for criminals, as a highly convenient place to remove them 
from society.’ After all, there can be no breakout from the prison of the past—at 
least not without a time machine. What might happen to criminal recidivists in a 
world that has mastered time travel is nicely explained in one story as follows: “If 
you cannot live among people, then off to the reptiles—one hundred or one hundred 
twenty million years before the present. There you wouldn’t freeze in a tropical 
pre-glacial climate, and you could nourish yourself on plants. But there is no one to 
talk with, boredom, and in the end you offer yourself up as an afternoon snack to a 
tyrannosaurus.””° With an interesting twist on this is the tale’! of a physics 
professor who helps criminals disappear into the past to escape relentless police 
pursuit. 

Museum curators, too, would seem to be obvious clients for time machine 
companies, as would collectors of extinct species who work for zoos. An example 
of the first case is in a novel*” about a time travel business called Time Researchers, 
with the corporate mottos “We Sift the Sands of Time.’ It works as a futuristic 
version of Indiana Jones, as finders of lost historical artifacts for customers who can 
pay the substantial charges. A typical mission is to make original sound recordings 
of one of Lincoln’s unreported speeches. We find the same idea in a short story* 
about a business called Genealogy, Inc., with the corporate motto 

“An Ancestor for Everybody.” It uses a ‘time scanner’ to provide its clients with 
a list of distinguished predecessors. And in another novel we read of the Historical 
Corps, whose time travel agents are “writing the definitive history of mankind.”.** 

Another use for time travel to the past, one of the most unusual I have seen, was 
suggested in a philosophical article*’ which considers an age-old question that has 





28 A. Boucher, “Elsewhen,” Astounding Science Fiction, January 1943. Partridge’s dream is 
shattered, however, because he overlooks a few details about time travel, ones that he wouldn’t 
have missed if he could have read this book. We’1l come back to this classic story, which merges a 
time machine with murder, later in the book. 

°This is a popular science fiction scenario, and three of the best stories playing with it are 
P. Anderson, “My Object All Sublime,” Galaxy Science Fiction, June 1961; I. Watson, “In the 
Upper Cretaceous with the Summerfire Brigade,” in Stalin’s Teardrops, Victor Gollancz 1991; and 
R. Silverberg, “Hawksbill Station,” Galaxy Science Fiction, August 1967. 

30g. Gansovsky, “Vincent Van Gogh,” in Aliens, Travelers, and Other Strangers, Macmillan 1984. 
aly, Finney, “The Face in the Photo,” in About Time, Simon and Schuster 1986. 

32W. Tucker, The Lincoln Hunters, Rinehart 1958. See also A. Bitov, “Pushkin’s Photograph,” in 
The New Soviet Fiction, Abbeville Press 1989. 


33M. Shaara, “Man of Distinction,” Galaxy Science Fiction, October 1956. 


341 A. Frankowski, The Cross-Time Engineer, Del Rey 1986. The same idea is in the 1991 film 
comedy The Spirit of ’76, in which time-traveling historians from 2176 visit the past in an attempt 
to reconstruct the lost records of the founding of America. 

35J. C. Graves and J. E. Roper, “Measuring Measuring Rods,” Philosophy of Science, January 
1965, pp. 39-56. 


8 1 A Broad Look at Time Travel 


long bedeviled schoolboys: “If everything in the Universe doubled in size overnight 
while we slept, could we tell what had happened when we woke up next morning?” 
The usual answer to this puzzle (called the Universal nocturnal expansion by 
philosophers) is no, but the authors of the article suggest that ‘all’ we need do is 
take a yardstick back to yesterday and compare it with itself! Great idea, for sure, 
but it had appeared years earlier in a science fiction story.*° 

More ingenious uses for the past are discussed in the story*” of a time travel 
business called Time Associates. One use comes in the form of a request from a 
United States senator who wants to send the disadvantaged of today back into the 
remote past, where they could have a fresh start on a virgin Earth. Yet another 
use comes from a religious fringe group that wants to purchase exclusive rights to 
the time of Jesus—not to visit, but to prevent anyone from visiting. The group fears 
that any such visitors would “learn the truth,” which might contradict the very 
legends that form the heritage of Christianity. And, in what may be the most 
ingenious idea of all, Time Associates itself does not do business in the present, 
but rather 150,000 years in the past, in a ‘new’ country called Mastodonia. The 
corporate lawyer, you see, has determined that such an arrangement legally means 
the company is a foreign company doing business outside the United States, and so 
it is not liable for taxes to the IRS! 

The tourist trade is a booming business in science fiction, with dinosaur hunting 
at the top of the list. There are many such tales,** including the cerebral stories in 
L. Sprague de Camp’s short-story collection Rivers of Time, starting with the classic 
“A Gun for Dinosaur.” The earliest (that I know of) fictional use of time travel to the 
past for hunting was not for dinosaur hunting, however, but rather for saber-toothed 
tigers, wooly mammoths, and cave bear.*” Historical tours to the great events of the 
past are also an entertaining use of time travel.*? Even mundane events may one day 
be on the ‘to do’ lists of time travelers to the past. In one, for example, curious 
crowds from the very far future show up, nightly inside the home a twentieth 
century family, much as tourists today visit Monticello.“ 

Perhaps the most direct use of the past’s unique resource, itself, is realized in 
science fiction by Hollywood. In one tale,*? after purchasing the motion picture 
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rights to H. G. Wells’ Outline of History, the head of a movie studio uses a time 
machine to send his ace cameraman into the past to get live action footage. 
Prehistoric animals, the ice age, Cheops building his pyramid, the destruction of 
Pompeii by the eruption of Vesuvius, the Battle of Hastings, Columbus, all the 
originals of these historical events appear in the final film. Years later this idea was 
developed even further in a very funny novel,** in which a movie director uses the 
eleventh century as a realistic setting for a picture. Realism isn’t always the result, 
however, as portrayed in another tale; the films produced by a gadget that can ‘look’ 
into the past are failures because they don’t look “authentic enough” to Hollywood 
moguls!** (Fig. 1.1). 
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Fig. 1.1 The inventor of a time machine demonstrates it by sending the family cat on a trip. In the 
story the inventor, himself, travels back to 1901, where he accidently kills his grandfather in an 
early pulp magazine, non-paradoxical version of the famous riddle. Illustration for Raymond 
A. Palmer’s “The Time Tragedy” (Wonder Stories, December 1934) by Frank R. Paul, ©1934 by 
Continent Publications Inc.; reprinted by permission of the Ackerman Science Fiction Agency, 
2495 Glendower Ave., Hollywood, CA 90027 for the Estate 





By. Harrison, The Technicolor Time Machine, Doubleday 1967. 
AK: Derleth, “An Eye for History,” in Harrigan’s File, Arkham House 1975. 


10 1 A Broad Look at Time Travel 


1.2. Where Are All the Time Travelers? 


“If it [time travel] could be done, someone will eventually learn how. If that happens, 
history would be littered with tourists. They’d be everywhere. They'd be on the Santa 
Maria, they’d be at Appomattox with [cameras], they’d be waiting outside the tomb, for 
God’s sake, on Easter morning.” 


The question the title of this section asks is an echo of the one the physicist 
Enrico Fermi (1901-1954) asked in the 1950s, about the possibility of interstellar 
space travel and of alien intelligent life in the universe—if such travel is possible 
and ‘they’ exist, then where are they? Why haven’t we at least received radio 
signals from them? For many, the apparent lack of time travelers among us is 
similar evidence for the impossibility of time travel. As one famous science fiction 
writer put it, “The most convincing argument against time travel is the remarkable 
scarcity of time travelers. However unpleasant our age may appear to the future, 
surely one would expect scholars and students to visit us, if such a thing were 
possible at all. Though they might try to disguise themselves, accidents would be 
bound to happen—just as they would if we went back to Imperial Rome with 
cameras and tape recorders concealed under our nylon togas. Time traveling could 
never be kept secret for very long.”*° 

Clarke’s idea is that, from the moment after the first time machine was 
constructed, through all the rest of civilization, there would be numerous historians, 
to say nothing of weekend sightseers, who would want to visit every important 
historical event in recorded history. They might each come from a different time in 
the future, but all would arrive (according to Clarke) at destinations crowded with 
temporal colleagues, crowds for which there is no historical evidence! 

Long before Clarke the science fiction writer Robert Silverberg had already used 
the same idea in his 1969 novel Up the Line, where it’s called the cumulative 
audience paradox. That paradox claims that as time travelers to the past continue to 
visit certain historically interesting dates and places, there will be an ever- 
increasing number of people present. As it is presented in the novel, “Taken to its 
ultimate, the cumulative audience paradox yields us the picture of an audience of 
billions of time-travelers piled up in the past to witness the Crucifixion, filling all 
the Holy Land and spreading out into Turkey, in Arabia, even to India and Iran ... 
Yet at the original occurrence of [that event] no such hordes were present!” 
And later in the same work, we read “A time is coming [when we] will throng 





4S skeptic’s reaction to the idea of time travel in J. McDevitt’s story “Time’s Arrow” in The 
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the past to the choking point. We will fill our yesterdays with ourselves and crowd 
out our own ancestors.” 

Philosophers are well aware of Silverberg’s and Clarke’s conundrum and, 
indeed, it can be found in the philosophical literature before Clarke wrote. In one 
paper, for example, we read “Actually I know of only one argument against the 
possibility of time travel that seems to carry any weight at all. This is the fact that it 
does not appear ever to have happened. That is, it might be argued that there will be 
no time trips from [2100] to [2017] because we were here in [2017] and saw no time 
travelers. But this argument is far from conclusive.” At most, in other words, the 
absence of temporal visitors amongst us is an objection to the actuality of time 
travel, and not to the possibility of time travel. 

This same philosopher then mentions some ways around this concern, including 
one which he called a “pettifogging physical limitation on time travel: perhaps the 
energy expenditure varies as the fourth power of the time traversed, making only 
very short trips feasible, and its discovery lies too far in the future for its effects to 
have yet been felt.” Another science fiction writer, as famous as Clarke, used that 
idea in his 1957 novel The Door Into Summer when Robert Heinlein has one 
character comment “Now if there was some way to photograph the Crucifixion 
... but there isn’t. Not possible . . . there isn’t that much power on the globe. There’s 
an inverse-square law tied up in [time travel].” Or, perhaps, time travel is possible 
but it’s so extraordinarily dangerous that it’s impossible to get anyone to do 
it. In one provocative tale** that takes this idea to the extreme, we read that there 
is only one time traveler, ever, from the future—indeed, from just 18 min (!) in the 
future—and his first (and last) experiment destroys the Earth. 

Clarke presented some other possible science fiction rebuttals to the puzzle of 
‘where are the time travelers?’ As he wrote, “Some science fiction writers have tried 
to get around this [question] by suggesting that Time is a spiral; though we may not 
be able to move along it, we can perhaps hop from coil to coil, visiting so many 
millions of years apart that there is no danger of embarrassing collisions between 
cultures. Big game hunters from the future may have wiped out the dinosaurs, but 
the age of Homo sapiens may lie in a blind region which they cannot reach.” 

The idea of time as a spiral was quite popular in early science fiction. Typical is 
one tale*” in which the time traveler suddenly finds himself not in 1933 but in 2189. 
His situation is ‘explained’ to him thus: “[The] time stream is curved helically in 
some higher dimension. In your case, a still further distortion brought two points of 
the coil into contact, and a sort of short circuit threw you into the higher curve.” 





47G. Fulmer, “Understanding Time Travel,” Southwestern Journal of Philosophy, Spring 1980, 
pp. 151-156. The modern view of this ‘paradox’ is not that it describes a situation so absurd that 
time travel must be impossible, but rather that a// the time travelers who were (will be?) at the 
Crucifixion are in the historically recorded crowd (see note 46 again). The Crucifixion happened 
just once, not over and over. I'll return to this point later in the book. 

BD, Plachta, “The Man from When,” Worlds of If Science Fiction, July 1966. 


*R. H. Wilson, “A Flight Into Time,” Wonder Stories, February 1931. 
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A few years later (in 1937) we find another story*° with the same spiral-time 
concept; with a sixty-million year pitch to the time helix, there is no danger of a 
grandfather paradox. That same year spiral time was the central ‘scientific’ theme in 
the stage production “I Have Been Here Before” by the English playwright J. B. 
Priestley. 

The very next year (1938) the young Isaac Asimov used the idea in his first 
attempt at professional writing, despite a life-long unhappiness with the concept of 
time travel. Titled “Cosmic Corkscrew,” it was initially rejected, indeed it was 
never published, and eventually lost. Though, perhaps, not for long, since one 
enterprising modern writer has used it as the basis for his own time travel tale.*! 
In it a traveler from the near future travels back to 1938 to retrieve “Cosmic 
Corkscrew” before Asimov loses it (perhaps that’s why it was lost!) Even when 
writing introductions to other writers’ time travel tales, Asimov would often insert 
personal comments on his opinion of the concept. For example, in one volume of an 
anthology series he edited, The Great Science Fiction Stories (of 1954), he wrote 
“To my way of thinking it is precisely because time travel involves such fascinating 
paradoxes that we can conclude, even in the absence of other evidence, that time 
travel is impossible.” And in The Great Science Fiction Stories (of 1961) he bluntly 
declared “I think scientists who think up methods of time travel are probably all 
wrong.” 

Spiral time is a close cousin to circular time. One story** dealing with circular 
time has a time traveler who finds, after a trip one hundred years into the future, that 
he can’t get all the way back to his own time because the required energy rises 
exponentially with increasing penetration into the past. Still, it’s very cheap in 
energy to go forward in time in this tale, and that’s what the traveler does, in search 
of help from the future’s advanced technology. He never finds what he needs, 
however, and so goes forward right into the collapse of the universe and through a 
new Big Crunch that forms an identical new cycle of time. He thereby returns home 
to just before he left.°° This eternal recycling of identical, circular time is so 
terrifying that the traveler decides to suppress what he has learned about how to 
time travel—and so maybe that’s why there are no apparent time travelers. Science 
fiction writer Larry Niven has argued, however (see note 27), that while this may be 
a conceptually valid (?) way to travel into the past, he also warns that “Removing 
your time machine from the reaction of the Big Bang/Crunch could change the final 
configuration of matter, giving an entirely different ... history.” (I strongly suspect 
that Niven wrote that with a big smile on his face!) 





5°p_ S. Miller, “The Sands of Time,” Astounding Stories, April 1937. 
SIM. A. Burstein, “Cosmic Corkscrew,” Analog, June 1998. 
2p. Anderson, “Flight to Forever,” Super Science Stories, November 1950. 


Turning this idea on its head is the approach of the 1978 novel The Way Back (DAW) by A. B. 
Chandler. Its characters return from the past to their own time by traveling even further backward, 
right through the Big Bang and into the previous (and identical) cycle of time. 


1.2. Where Are All the Time Travelers? 13 


The famed English physicist Stephen Hawking is so taken with the question of 
“where are all the time travelers?” that he has elevated their apparent absence (“we 
have not been invaded by hordes of tourists from the future”) to the status of being 
a demonstration of the impossibility of time travel to the past. His so-called 
Chronology Protection Conjecture, Hawking likes to say, “makes the universe 
safe for historians”: that is, there is nothing to worry about (if you’re concerned 
that time travelers could change the past) because time travel is simply impossible. 
Youll see later in the book that there are other possible ways to insure the safety of 
history without denying the possibility of time travel, and Hawking himself has 
backed away just a bit from the Conjecture, saying now that he was simply looking 
for a humorous line. 

While Hawking’s endorsement of it has made the Conjecture famous, he wasn’t 
the first to state it. Two years earlier it had appeared, in of all places, a financial 
publication: “[If] time travel was possible, someone from the future would eventu- 
ally either discover a time tunnel or build a time machine and come visit us.”*° And 
even before that, an economist presented a ‘proof’ for concluding that “time 
travelers do not and cannot exist.”°° He argued that if time travelers from the future 
were actually amongst us (our ‘now’ is their ‘past’) then, by virtue of their 
knowledge of things to come (our ‘future’) they would make financial deals so 
numerous and extensive that interest rates would be driven to zero. Interest rates are 
not zero, however, and thus no such time travel hanky-panky has occurred. 

These sorts of financial arguments aren’t like to convince many physicists or 
philosophers of the Conjecture’s merit. At most we can only conclude from them 
that time travelers from the future have not influenced financial affairs, which 
doesn’t mean they aren’t here. In any case, the Conjecture was actually stated 
more than 20 years before Hawking by Larry Niven (see note 27), who declared 
what is called Niven’s Law: “Tf the universe of discourse permits the possibility of 
time travel, and of changing the past, then no time machine will be invented in that 
universe.” And Hawking’s concern over time travelers meddling with the past was 
anticipated in science fiction, too, by at least half a century; in a 1950 tale, for 
example, we learn of a Master Historian, and the graduate students in his course on 
‘Experimental History’ in the forty-sixth century, trying to correct a problem 
created by a previous tampering with the past!°’ 

Not all physicists and philosophers feel intellectually comfortable with the 
Conjecture, as it seems (to them) a too quick surrender: “Time travel is a problem 





45. W. Hawking, “Chronology Protection Conjecture,” Physical Review D, July 15, 1992, 
pp. 603-611. See also J. F. Woodward, “Making the Universe Safe for Historians: Time Travel 
and the Laws of Physics,” Foundations of Physics Letters, February 1995, pp. 1-39. 

S5y, Queenan, “Time Warp: Or, Investing in the Future Is a Bust,” Barron’s, January 8, 1990, p. 46. 
5°M. R. Reinganum, “Is Time Travel Impossible? A Financial Proof,” Journal of Portfolio 
Management, Fall 1986, pp. 10-12. 

sad Oe Jones, “Sunday is Three Thousand Miles Away,” Thrilling Wonder Stories, June 1950. A 
more recent, two-novel treatment of historians tinkering with history is by Connie Willis (Blackout 
and All Clear, both published in 2010). 
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so hard to do let’s simply define it to be non-existent and then we won’t have to 
worry about it anymore.’ To really show that time travel is impossible, however, 
one needs to demonstrate how it would violate one or more of the laws of physics. 
Hawking, of course, understands this and has stated that, as one who is no fan of 
time machines and time travel, he believes there is new physics yet to be discovered 
that will forbid would-be time travelers from roaming up and down the centuries. 
Finding that new physics is the lure the study of time machines has for him. As he 
correctly writes in his autobiography,”® “Even if it turns out that time travel is 
impossible, it is important that we understand why it is impossible.” 

One mathematical physicist who agrees with Hawking on the matter of the 
unlikely possibility of making a time machine is the New Zealand theoretician 
Matt Visser. Noting that while quantum field theory, and the general theory of 
relativity, are each amazingly good theories in many applications within their 
respective realms, they are not so good in spacetime regions at the so-called Planck 
scale (that is, when the density of mass-energy reaches the fantastic level of 10° 
grams/cm? and beyond) where chronology violations (that is, time travel) seem to 
be spawned. As Visser has observed,”” this situation won’t change until ‘we wander 
into the guts of quantum gravity,’ the unification that will merge gravity with the 
quantum to give a theory that always works. Without quantum gravity, physics will 
continue to be “infested” (Visser’s word) with “sick” (Visser’s word) spacetimes 
that allow time travel. Visser believes that the discovery of the theory of quantum 
gravity can be ‘guided’ by building causality into it,°° and the result will finally 
consign time machines to where (in his mind) they belong, the dust-bin of crackpot 
physics. 

Well, perhaps so, but we don’t have a quantum theory of gravity yet, and 
probably won’t for some time to come, and so the puzzling questions about time 
travel remain. To end this section on a slightly gloomy note, an idea appeared in 
science fiction,°’ when Hawking was still a teenager, offering a possible rebuttal to 
the Conjecture. It opens with one of the inventors of the first time machine just 
returning from a trip to the past of 1938. Still, despite this success, the inventors are 
puzzled by what they call ‘the problem’: “But if we have time traveled, then 
obviously men of the future have time traveled. They will be able—are able to 
come back. [So] where are they?” They finally conclude that there can only be two 





>8Stephen Hawking, My Brief History, Bantam 2013, p. 113. 

>°Matt Visser, “The Quantum Physics of Chronology Protection,” in The Future of Theoretical 
Physics and Cosmology, Cambridge 2003. This paper was Visser’s contribution to the celebration 
of Hawking’s 60th birthday, held in January 2002. 

°This may seem like something new, but it really isn’t. General relativity has causality built into it 
on a local level (where it belongs); a failure of causality (that is, time travel—see J. Sharkey, “The 
Trouble With Hyperspace,” Fantastic April 1965) occurs in general relativity only when one 
studies g/obal regions of certain spacetimes. Forcing a physical theory to have a prescribed global 
behavior would be to undo all of physics since the development of /ocal field theories, along with 
all their amazing successes in explaining nature. 
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possible answers. Either there is nobody in the future, or time travel is so dangerous 
(is that why the future might be empty—humanity misused time travel and killed 
itself off?) that all who invent it will suppress it. And that’s what they decide they 
must do. 


1.3. Skepticism About Tales of Time Travel 


“May it not be that our inability to leap into the fiftieth century, A.D., seems impossible to 
us, merely because of certain prejudices we entertain or certain facts and tricks of which we 
are still hopelessly ignorant? Assuredly, this is not a foolish query. Its answer, whatever that 
may be, carries immeasurable consequences for metaphysics.” 

—a scholar wonders” 


A thought-provoking possibility for explaining the scarcity of certified time 
travelers is the central thesis of a fascinating paper in the philosophical literature. 
The author of that paper argues (note 13) that nobody would believe a time traveler 
even if he willingly confessed and revealed his knowledge of the future, or even 
gave the details of his time machine. He goes on to make the astonishing assertion 
that even the time traveler himself would have doubts! This perhaps shocking 
suggestion deserves some elaboration, especially because it invokes the authority 
of the patron saint of skeptics for support, the Scot David Hume (1711-1776). The 
crucial point to keep in mind is explicitly stated in the argument: “The key question 
will not be ‘Is time travel possible?’ We shall instead ask whether it is possible to 
justify a belief in a report of time travel.” This gets to the real heart of Clarke’s 
puzzle from the previous section. 

Much of the resistance to the idea of time travel lies in sheer skepticism. For 
many, time travel (to the past, in particular) is simply too much out of the ordinary 
to be taken seriously. For many, time travel would literally be miraculous. Hume’s 
great work, An Enquiry Concerning Human Understanding,” contains a section on 
how a rational person should react to a claim that a miracle has occurred. Hume 
proclaimed that a miracle by definition violates scientific law and that, because such 
laws are rooted in “firm and unalterable experience,” any violation of one or more 
of these laws immediately provides a refutation of the report of a miracle. In 
Hume’s own words: 


“Nothing is esteemed a miracle, if it ever happened in the common course of nature. It is no 
miracle that a man, seemingly in good health, should die on a sudden; because such a kind 
of death, though more unusual than any other, has yet been frequently observed to happen. 
But it is a miracle, that a dead man should come to life; because that has never been 





“Ww. B. Pitkin, “Time and Pure Activity,” Journal of Philosophy, Psychology and Scientific 
Methods, August 27, 1914, pp. 521-526. Pitkin’s essay was a critique of time travel as presented 
in Wells’ The Time Machine, which Pitkin called “one of the wildest flights of literary fancy.” 


Making its first appearance in 1748, Enquiry has been reprinted numerous times since. I used the 
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observed in any age or country ... When anyone tells me, that he saw a dead man come to 
life, I immediately consider with myself, whether it be more probable, that this person 
should either deceive or be deceived, or that the fact, which he relates, should really have 
happened. I weigh the one miracle against the other; and according to the superiority, which 
I discover, I pronounce my decision, and always reject the greater miracle 
[my emphasis].”* 


It is a strict interpretation of Hume that Sorenson (note 13) has adopted in 
claiming that a time traveler would have no success (among rational persons) 
with tales of ‘different times.’ As he explains, “Clearly the time traveler cannot 
persuade a reasonable person by baldly asserting ‘I am a time traveler.’ The 
improbability of his claim places a heavy burden of proof on him. But perhaps he 
could shoulder the burden by means of artifacts, predictions, and demonstrations.” 
Sorenson dismisses all of these possibilities, however, by reminding us of the 
slightly sleazy history of parapsychology and ESP, both of which run counter to 
known scientific laws, but which have still duped “many a respected scientist.” Any 
artifact, prediction, or demonstration of time travel, argues Sorenson, is more likely 
to be the result of deception and fraud than of actual time travel: “Should the time 
traveler take observers for a spin in his time machine, the skeptics will have us 
compare their adventures with séances.” The rational reaction to such a spin around 
the centuries, according to Sorenson’s presentation, would be like that of a magi- 
cian who cannot figure out how a colleague has just done his newest act: “Nice 
trick! How did you do it?” 

The time traveling tourist stranded in the past in one story is used to getting a 
skeptical reaction because he can provide his questioners no technical explanation 
for his situation. “How the hell should I know? I’m just a tourist. It has something to 
do with chronons [see the Glossary]. Temporal Uncertainty Principle. Conservation 
of coincidence. I’m no engineer.”°° Somewhat more successful (perhaps) is a time 
traveler born in 2003 who turns up in 1975. After he tries to convince an interro- 
gator of how that can be, he apparently succeeds. As the time traveler later tells a 
new friend in the past of 1975, “What amazed me ... was that he really believed me 
in the end.” But the friend doesn’t buy that, replying “He did? I think he just 





°4What Hume is alluding to here should be plain; as expressed in P. Heath, “The Incredulous 
Hume,” American Philosophical Quarterly, April 1976, pp. 159-163, Hume was “an exposer of 
bad arguments in rational theology.” For Hume, second-hand (or even more remote) tales of the 
return of a man from the dead—the claim that literally kept Christianity alive after Christ’s 
execution—were suspect. 

“This skeptical reaction was nicely captured in the story “E for Effort” by T. L. Sherred 
(Astounding Science Fiction, May 1947). As one character laments, “I’ve watched scribes indite 
the books that burnt at Alexandria; who would buy, or who would believe me, if I copied one. ... 
What sort of padded cell would I get if I showed up with a photograph of Washington or Caesar? 
Or Christ?” The padded cell was indeed the fate of the time traveler in “The Ambassador from the 
21st Century” (Startling Stories, March 1953) by H. J. Shay, the story of a man who journeyed 
from A.D. 2007 back to 1952 to warn of a future war; he was committed to a mental institution to 
receive help for his “illusion.” 
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pretended. A scientist isn’t likely to believe a thing that is against all logic.”°’ If the 
reception committee is a crowd of conservative, cautious Humeans, it would seem 
that a time traveler is almost certainly doomed. Early science fiction time travelers 
from 2030, for example, were warned about receiving a skeptical response as 
follows (the editorial introduction to this tale®® called it “a curious study of 
psychology”): “Our wisest men advised against [our trip to the past]. They said 
we could hope to be received only as imposters and fakirs, that ... we would find 
only twentieth-century barbarians, suspicious, ill-tempered, likely to do us bodily 
harm.” 

For many, such skeptical reactions to self-proclaiming time travelers seems 
dogmatic in the extreme—the response of people with no imagination, no spirit, 
and heads full of cement. Humean skepticism requires, so it would seem, the 
rejection of anything and everything that is profoundly surprising, leaving the 
world a place of utter predictability and boredom. As one science fiction writer 
put it, “When the miraculous occurs, only dull, workaday mentalities are unable to 
accept it.”°’ Sorenson answers this harsh criticism as follows: “Humeans respond 
[to Sheckley] by distinguishing between surprises. Most surprises in science do not 
violate accepted scientific laws. The strange wildlife in Australia was not excluded 
by biology, X-rays were not precluded by physics.” 

Sorenson does well, however, to avoid mentioning such profound surprises as, 
for example, the spectrum of black-body radiation and, later, the photoelectric 
effect, which were not in the domain of known classical science at the beginning 
of the twentieth century. Those puzzling, surprising, totally mystifying effects 
required new science—the discovery of the quantum concept by Max Planck. 
(Explaining the photoelectric effect, not relativity, is what won Einstein his 
Nobel prize.) A strict Victorian-age Humean, as described by Sorenson, would 
have wrongly rejected the experimental reports of all quantum phenomena and 
would also (perhaps just as wrongly) have rejected all reports of time travel. 

A strict Humean definition (as described by Sorenson) that a miracle has 
occurred requires a violation of one or more of the known [my emphasis] scientific 
laws of nature.’° As one modern philosopher defines a miracle, it is any event that 
“can be explained only [my emphasis] by reference to the intervention of a 
supernatural force.”’' Time travel, by that interpretation, is not a miracle because 
general relativity, not God, is all that is required. C. S. Lewis (1898-1963), late 
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professor of Medieval and Renaissance Literature at Cambridge University, how- 
ever, absolutely rejected Hume’s view on how a rational person should react to 
certain surprising events. Lewis, one of the most thoughtful modern writers on 
Christian theology, had no patience with skeptics (or, as he called them, 
materialists). 

Professor Lewis graphically illustrated the dug-in position of the extreme skeptic 
as follows: “If the end of the world appeared in all the literal trappings of the 
Apocalypse; if the modern materialist saw with his own eyes the heavens rolled up 
and the great white throne appearing, if he had the sensation of being himself hurled 
into the Lake of Fire, he would continue forever, in that lake itself, to regard his 
experience as an illusion and to find the explanation of it in psychoanalysis, or 
cerebral pathology.””° If the end of the world would receive such a skeptical 
response, then a mere time traveler would surely have no hope at all of being 
believed. 

Lewis would certainly have rejected Sorenson’s most astonishing assertion: “So 
far I have concentrated on the time travel question from the perspective of the time 
traveler’s audience. What about the time traveler himself? Can he at least know he 
is a time traveler?” Sorenson argues that a time traveler, if authentic, should be able 
to convince his audience, and that if he can’t (and he cannot if they are true Humean 
skeptics), then the time traveler must entertain doubts, too! It doesn’t matter (says 
Sorenson) that the time traveler has memories of his adventures, and it doesn’t 
matter that he knows in his heart that he speaks the truth. Using words that echo 
Lewis’ sarcasm, Sorenson quickly dismisses the importance of the time traveler’s 
self-knowledge, declaring such memories to be merely the symptoms of some deep 
psychosis, and the traveler’s introspective sincerity to be a product of gross 
self-deception. 

Sorenson specifically mentions the traditional Humean response to astonishing 
reports when he cites earlier writers on time travel in the philosophical literature. 
In one of those analyses, for example, we find an argument for the reasonableness of 
a rational belief in time travel (“I have been amused and irritated by the spate of 
articles proving that time travel is a “conceptual impossibility’) by claiming such 
proofs must be faulty because there is a mathematically consistent explanation for 
such a belief.’* (This author was referring to spacetime diagrams, which we’ll get to 
in Chap. 3.) This paper received a very sharp rebuttal from another philosopher who 
convincingly used fundamental physics to show a simple use of spacetime diagrams 
in a special relativity setting does not support time travel to the past.’° (I’ll return to 





”1In Lewis’ eerie, unfinished story “The Dark Tower,” a tale of the ‘chronoscope,’ a gadget that 
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this point in Chap. 3.) Even later a Humean-style rebuttal came from yet another 
philosopher, who showed how to explain the time travel phenomenon that Putnam 
(note 74) described without invoking time travel.’° This isn’t to say that Weingard 
doesn’t invoke some pretty astonishing gadgetry (and more) himself, like matter 
transmitters and anti-matter humans. (You’ll see how anti-matter ties-in with time 
travel a bit later in the book.) A resurrected Hume would surely applaud these 
rebuttal analyses (although he might also doubt his own fresh existence). 

Hardly anybody is happy with Weingard’s approach for avoiding time travel 
(including, I suspect, even Weingard). His ‘explanations’ seem, just like a time 
machine, to be incredible and, as Arthur Conan Doyle’s Professor Challenger says 
in one tale not staring Sherlock Holmes, “You cannot explain one incredible thing 
by quoting another incredible thing.”’’ An interesting science fiction exposition 
illustrating Professor Challenger’s Humean philosophy occurs when a copy of The 
New York Times for December | shows up for some subscribers a week early, on 
November 22. It seems the only explanation is either that the paper really is from 
the future (due to some sort of fluke of the fourth dimension), or that it is a hoax. 
The first-person narrator of this 1973 tale’* provides us with his reason for believing 
the former: “I don’t find either notion easy to believe but I can accept the fourth- 
dimensional hocus-pocus more readily than I can the idea of a hoax.” Hume 
couldn’t have said it better. 

It should be clearly understood that Hume was not arguing for disbelief in 
absolutely anything surprising, but rather for rational analysis. Historically, the 
context of Hume’s times was that of what he took to be non-rational arguments for a 
belief in God, particularly those ‘proofs’ so beloved by theologians based on Design 
(Heath [note 64] calls such ‘proofs’ “philosophical museum pieces”). As Heath 
writes, “Hume ... makes no attempt to deny the supposed facts; he simply argues 
that they are consistent with other explanations and other analogies of a less 
ambitious kind. There is no right to attribute to the causes of such phenomena 
abilities more extensive than are needed to produce the observed effects.” 

As a matter of fact, even Hume could be convinced of quite strange matters, and 
I think Sorenson does interpret the philosopher a little too narrowly. In his essay 
concerning Hume’s position on holding a belief in God, Heath wonders whether 
there is “empirical evidence [imaginable] which would persuade any reasonable 
mind of the real existence of an infinite God.” Heath answers his own question as 
follows: “If the stars and galaxies were to shift overnight in the firmament, 
rearranging themselves so as to spell out, in various languages, such slogans as I 
AM THAT I AM, or GOD IS LOVE—well, the fastidious might consider that it 
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was all very vulgar, but would anyone lose much time in admitting that this settled 
the matter? ... Confronted with such a demonstration, the hard-line Humean [but 
not Hume, himself, I think] could continue, of course, to argue that, for all its 
colossal scale, the performance is still finite, and so cannot be evidence of more 
than the finite, though immense power that is needed to achieve it.” 

Skepticism about ‘time travel’ was around long before the specific idea of a 
‘time machine’ was conceived. For example, the eleventh-century Persian poet- 
philosopher Omar Khayyam was blunt in his evaluation of the likelihood of reliving 
the past. As he so beautifully wrote in one of the quatrains of the Rubaiyat, 


The Moving Finger writes; and having writ, 
Moves on: nor all your Piety nor Wit 

Shall lure it back to cancel half a Line, 
Nor all your Tears wash out a Word of it. 


Quite a bit later the English poet Thomas Heywood, in his 1607 play A Woman 
Killed with Kindness, had one of his characters express a similar thought: 


God, O God, that it were possible 

To undo things done, to call back yesterday; 

That Time could turn up his swift sandy glass 

To untell the days, and to redeem these hours. 

Or that the Sun 

Could, rising from the west, draw his coach backward, 

Take from the account of Time so many minutes, 

Till he had all these seasons called again, 

But O! I talk of things impossible, 

And cast beyond the moon... 

When Godel’s discovery of time travel in his rotating universe was announced, 
the skeptics were easy to find. One philosopher’? wrote of it “This property [of time 
travel] must be judged an absurdity by anyone committed to the ordinary modes of 
speech.” And another®® was only slightly less charitable: Gédel’s solution was a 
“bizarre conception” and a “mere mathematical curiosity.” Science fiction wasn’t 
immune to skepticism, either, even though you might have expected that to be the 
one place where the high drama of time travel would be welcomed. Four years after 
Gédel’s paper appeared we find one respected anthologist writing,®’ as part of his 
introduction to a story, “In this tale we meet our first Mad Scientist. Just as in reality 
the thoroughly cracked pots used to be found inventing perpetual-motion machines, 
so in science fiction we find the lunatic fringe more often than not trying to perfect 





7D. North, The Measure of the Universe, Oxford University Press 1965. 


80C_ T. K. Chari, “Time Reversal, Information Theory, and ‘World-Geometry’,” Journal of 
Philosophy, September 1960, pp. 579-583. 
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time-travel mechanisms.” And that same year the founding editor of Galaxy 
Science Fiction Magazine declared “Time travel requires a suspension of disbelief 
that is almost unbelievable . . . Scientifically, time travel can’t stand inspection.”.*? 

Years later matters had not much changed. For example, in his marvelous 1985 
book The Past is a Foreign Country, David Lowenthal repeatedly refers to time 
travel as “fantasy,” and to science fiction stories about time travel as “unbridled by 
common sense.” (Lowenthal is a professor of geography, not physics.) Science 
fiction writers were still often not much more enthusiastic about time travel. 
The well-known science fiction writer and critic Alexei Panshin, for example, 
agrees with Lowenthal, at one point, long after Godel, writing “Time travel is a 
philosophical concept, not a scientific one. It is, in fact, as has often been pointed 
out, scientific nonsense.”** 

Skepticism does have its uses, however. Modern science fiction writers have 
often used it as a dramatic means of building conflict and tension in their time travel 
stories. A skeptical reception is extreme, for example, for a soldier-in-time who has 
fought in numerous wars, from the ancient past to a billion years in the future.** He 
finds that nobody believes him when he speaks openly of his temporal adventures 
during a visit to a present-day bar. Everybody merely thinks it is all a hilarious gag. 
This is in great contrast to one 1870s story®° in which suspicion of a stranger plays a 
central role, but which finds its offered explanation in something entirely different 
from time travel. It tells of a man who suddenly appears in the midst of a Union 
military camp during the American Civil War. 

This man quickly displays strange lapses in his background, as well as 
possessing knowledge of many different things well beyond anything that could 
be called common. The details of the story are not important for us but, if it were 
published in a modern science fiction magazine, this man would almost surely be 
identified in most readers’ minds as a time traveler. In 1875, however, the author’s 
narrator found his punch line in “his firm conviction that the quiet, gentle, well- 
behaved, modest gentleman, so singularly gifted ... is, in plain terms, the devil!” 
Time travel certainly never entered the author’s thoughts or, if it did, he lost his 
nerve at the idea of using it in this pre-Wells story. You’ll recall from the opening of 
the Introduction that it was this ‘use of the devil to explain mysterious happenings’ 
that Wells wanted to move away from, and that was the motivation for his 
introduction of a time machine. 

Hollywood has at least gotten the skeptical part of the psychology of time travel 
right (later discussions in this book will focus on how film makers have been less 
successful with the physics). When, for example, the time traveling villain in the 





*°H. L. Gold, editor of The Galaxy Reader of Science Fiction, Crown 1952. 
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1989 movie Time Trackers is confronted in the medieval past, he simply laughs-off 
a threat to reveal his true identity. “Go ahead,” he says in effect, ‘the only thing your 
talk of time machines from the future will accomplish is for people to think you are 
crazy!’ 

What would Arthur C. Clarke have thought of all this skepticism being directed 
toward those who claim to have a time machine? His thoughts about the difficulty 
time travelers would have in maintaining low profiles were what started the 
previous section, after all. My guess is that he would have had little patience with 
extreme incredulity. The surprise of being confronted by a time traveler would soon 
have turned to awe and pleasure [F—and I emphasize the IF—Clarke had been 
taken for a spin around the centuries in the stranger’s machine. He would surely 
have ended-up quoting his own famous ‘third law’ to explain the wonder of it all: 
“Any sufficiently advanced technology is indistinguishable from magic.” 

Near the end of his paper, Heath writes what I think is the perfect rebuttal to 
anyone who would refuse to admit to time travel, even after taking a quick trip 
backward a few tens of millions of years to the late-Mesozoic era to hunt Tyran- 
nosaurus rex, and even after seeing instant photographs of the dead monster with 
the skeptic’s own foot on the great creature’s head, or of his own boots dripping a 
bloody puddle of unholy size on the floor of the time machine. Writing about the 
Humean-unconvinced, even when faced with a rearranged firmament, Heath 
observes “But this now seems a cavil, designed only to prove that even omnipo- 
tence is powerless against the extremer forms of skeptical intransigence.” Where 
God would fail to convince, a simple time traveler could hardly hope to do better! 
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“If you don’t stop this senseless theorizing upon something that’s an obvious impossibility, 
you’ll find yourself working alone! Your ridiculous ideas sound like the ravings of a 
madman. Anyone with average intelligence realizes that the mere thought of traveling 
through time is absurd.”*° 


If the previous section seemed just a bit gloomy concerning time travel, there is a 
very big reason for that. The sentiment expressed in the above opening quote to this 
section was a common one among philosophers long before physicists began to 
seriously think on the topic. While there are issues with time travel to the future, 
they are of an engineering nature, centered on how to build a big enough rocket ship 
with enough fuel to make the high speed, looping trip out into space and back again 
described in the opening section of this chapter. ‘Mere’ engineering problems are of 
no concern to physicists and philosophers. What does concern them are the far 
deeper puzzles of time travel to the past, the puzzles presented by what appear to be 





8°A science fiction physicist receives harsh criticism from a colleague in L. A. Eshbach’s “Out of 
the Past,” Tales of Wonder, Autumn 1938. 
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logical paradoxes. Before we get into the paradoxes, however, we need to first clear 
our minds of two common, popular notions of just what a time machine is. Both are 
false notions (one is due to H. G. Wells) which are, today, rejected by physicists 
(and most philosophers, too).*” 

As you’ll see later in the book, all the theoretical time machines that have 
appeared in the modern physics literature involve spatial displacement. That is, 
they require movement. (On this point, the speedy DeLorean time car in the Back to 
the Future films has it right.) Wells’ time machine, however, did not move; it 
always remained in the Time Traveller’s laboratory (or at least on the spot where 
the laboratory would have been) unless he pushed it about after a trip in time. This, 
alas, results in a particularly troublesome problem: a Wellsian time machine 
heading into the past would run into itself! 

Consider: There sits my time machine as I prepare for the first time journey ever, 
a trip back to the late-Mesozoic era to hunt dinosaur. I load my Continental. 
600 super-high-power rifle with Nitro Express cartridges the size of bananas, kiss 
my wife good-bye, and climb in. I pull the lever. Now, Wellsian-type time 
machines don’t jump over time but rather travel through time (see the Time 
Traveller’s own description of how things looked to him, a description faithfully 
and spectacularly reproduced in the 1960 film). Therefore, the time machine will 
instantly collide with itself at the micro-moment before I pull the lever! 

The resulting destruction obviously introduces a nice paradox: Given that this 
happens before I pull the lever, how did I manage to pull it? Many of the early 
science fiction writers were not totally oblivious to this collision problem and, in 
order to avoid materializing inside of an object in the future or the past, it was 
common to combine the time machine with an airplane.** Even that though might 
not be enough, as one writer thought a Wellsian time traveler would get “a severe 
case of the bends” if his body materialized in air!®° Of course, one might argue that 
Wells’ machine does actually move because it is attached to the Earth, which is 
certainly moving, but it is not clear why this should result in the time machine 
arriving in the temporal past of the Earth, rather than in some past region of space 
(almost surely a vacuum).”” 





87Both of these notions still routinely appears in science fiction, however, because they are ‘just 
too neat’ to let ‘mere physics’ get in the way of a good tale. I use one, without apology, in my own 
story “Newton’s Gift” in Appendix B. 

®88Three such tales are M. J. Breur, “The Time Valve,” Wonder Stories, July 1930; F. J. Bridge, 
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Poidevin, “The Cheshire Cat Problem and Other Spatial Obstacles to Backward Time Travel,” The 
Monist, July 2005, pp. 336-352. Physicists don’t concern themselves with the collison problem 
simply because they aren't interested in Wellsian time machines; [ll explain why I say this by the 
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The general problem of ‘where the past is’ was nicely illustrated by the physicist 
Gregory Benford in his 1980 novel Timescape. In that story the world of 1998 is on 
the verge of total ecological collapse, and an attempt is made to change the past by 
aiming a backward-in-time message via faster-than-light tachyons (these hypothet- 
ical particles are discussed in Chap. 5) at the pivotal year 1963. When the principal 
scientist involved in this effort is explaining the process to a potential financial 
backer, he is asked, “Hold on. Aim for what? Where is 1963?” The scientist replies, 
“Quite far away, as it works out. Since 1963, the Earth’s been going around the Sun, 
while the Sun itself is revolving around the hub of the galaxy, and so on. Add that 
up, and you find 1963 is pretty distant.” An understanding of the question ‘Where is 
the past?’ actually goes quite a bit further back in science fiction. For example, after 
looking through a TV-like gadget to view the past, one character in a 1940s story 
complains, “You said you’d find Captain Kidd’s treasure, but all I can see is fog and 
static.” He is told that’s because “It’s too far back—1698 or thereabouts. The Earth 
was billions of miles from here then, and there are too many cosmic rays 
between.””! 

But let’s suppose we ignore this concern about where things are for a time 
traveler, as do most science fiction stories. Still another problem with a true 
Wellsian-type time machine is that because it travels through time, the machine 
must always appear to be located in the same place. For example, to travel from 
Ford’s Theater today to Ford’s Theater on the evening of Good Friday, April 
14, 1865, in a misguided attempt to save Lincoln from Booth’s bullet (why this 
would be misguided will be discussed at length later in the book), a Wellsian-type 
time machine would have to occupy every instant of the intervening century and 
more. For observers outside the machine, the machine would appear to have been 
sitting in the same place all those years. There is an amusing illustration of a failure 
to understand this point by the scriptwriters of the 1989 film Time Trackers, who 
have time travelers ‘hide’ their Wellsian machine from accidental discovery by 
‘parking’ it 5 s in the future! 

Wells was well-aware of the “does a time traveling object disappear or not?” 
issue, and tried to have it both ways in The Time Machine by invoking what he had 
the Time Traveller call “diluted presentation.” As we are told in the novel, the 
reason why we cannot see the model time machine he sends on its way into the 
future as a demonstration is that “the spoke of a wheel spinning, or a bullet flying 
through the air” is invisible because if those objects are “traveling through time fifty 
times or a hundred times faster than we are ... the impression [they create] will of 
course be only one-fiftieth or one-hundredth.” Similarly for the model. This expla- 
nation breaks down when one remembers that, even if you cannot see the spoke or 
bullet, they are still there and you can get in their way—Wells, unfortunately, has 
one of his characters stick a hand into the space where the model time machine was 
last seen. 





°IM. Jameson, “Dead End,” Thrilling Wonder Stories, March 1941. The “cosmic rays” are 
presumably the cause of the interference. 
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This objection to Wellsian time travel was raised soon after the 1895 publication 
of the novel, and then again in 1914 by Pitkin (note 62), who noted that violent 
disaster awaited once the time journey ended. Wells, it is only fair to note, 
seemingly anticipated Pitkin when he had the Time Traveller say “So long as I 
travelled at a high velocity through time [my emphasis] ... I was, so to speak, 
attenuated—was slipping like a vapor through the interstices of intervening sub- 
stances!” What this is getting at is that for the Time Traveller to stop ‘inside’ 
anything (Pitkin’s example was the pile of bricks the Time Traveller’s laboratory is 
certain one day to become) would, as Wells had his hero say, cause “a profound 
chemical*” reaction—possibly a far-reaching explosion—[that would] blow myself 
and my apparatus out of all possible dimensions.” Just why this spectacular event 
doesn’t occur when the time machine simply stops in air, never mind inside Pitkin’s 
pile of bricks, is never addressed. 

In any case, it seems clear from all of this that Wells’ machine travels through 
time, just as the Time Traveller claims. But Wells, himself, raises doubt when he 
describes the observed effects of a departing time machine. At the beginning of the 
novel, when the Time Traveller sends his model machine into the future, we read 
“There was a breath of wind, and the lamp flame jumped. One of the candles on the 
mantel was blown out ... and it [the model time machine] was gone—vanished!” 
And, at the end, when the Time Traveller makes his final exit, the narrator of the tale 
just misses the departure but tells us “A gust of air whirled around me as I opened 
the door, and from within came the sound of broken glass falling on the floor. The 
Time Traveller was not there ... Save for a subsiding stir of dust, the further end of 
the laboratory was empty. A pane of the skylight had, apparently, just been blown 
in.” Both of these descriptions read as implosions, air rushing in to fill a spatial void, 
as though the time machines had jumped in time. Is there an inconsistency here? 
Well, perhaps not, if one accepts the curious idea of “slipping like a vapor” for an 
operational Wellsian-type time machine. 

One famous science fiction story” nicely illustrates these points. The inventor of 
the first time machine demonstrates it to colleagues by sending a brass cube 5 min 
into the future. After being placed in the machine, the cube vanishes and then, 5 min 
later, reappears. Did the cube travel through time, or was its journey ‘instanta- 
neous,’ so to speak? If through time, the cube was present at every instant after the 
start of its trip—so why did it vanish? The cube gets to each instant before the 
observers do, but why this should produce the visual effect of disappearing is 
unclear. The description in the story implies the cube traveled 5 min into the future 
without existing at any of the in-between instants, and so the story’s time machine 
certainly was not Wellsian. 

An immediate implication of the immobility of a Wellsian time machine is that if 
you are being chased by an angry mob somewhen in time (perhaps because you 
unwittingly violated a sensitive social taboo), then hopping into your Wellsian-type 
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time machine isn’t going to help because the machine just sits there. The mob could 
simply take its deliberate time in first building a roaring fire and then pushing the 
machine (and you) into it. As one author (with a wonderfully appropriate name!) 
expressed this, “You might as well try to escape by taking a nap.””* 

Pulp science fiction, always alert to a good story gimmick, used this character- 
istic of Wellsian time machines in one clever tale”° in which a criminal attempts to 
hide his crimes by sending the bodies of his victims into the far future. His mistake 
is to use a Wellsian time machine in which he escapes into the future. The police, 
however, having learned of his foul deeds, simply build a cage around the machine 
and arrest him when he exits 23 years later! 

Ifa Wellsian time machine that moves through time suffers from a fatal collision 
problem, then how about that other favorite of science fiction, a time machine that 
jumps in time? (Recall the final departure of Wells’ Time Traveller.) That certainly 
would avoid the self-colliding problem. When you pull the lever inside the machine 
you simply disappear from ‘now’ and (from your point of view) then instantly pop 
into existence ‘then.’ The problem with this sort of time machine is that a Time 
Traveller who uses it will have a discontinuous world line, with the break occurring 
at the moment his time machine ‘jumps.’ In the modern physicist’s view of time 
travel, however, based on general relativity, a Time Traveller’s world line should 
always be continuous. That’s because general relativity is a smooth, local field 
theory described by differential equations, resulting in continuous CTLs/CTCs. 

Imagine, for example, that a ‘jumping’ time machine inventor starts building 
his gadget at time t = A and expects to finish building it at time t= B > A. At time 
t = C <B, however, he runs into a problem. Fortunately, just at that moment a fully- 
functional time machine suddenly appears in the lab, and from it emerges a slightly 
older version of the inventor. The older version has the solution to the problem and, 
after telling the younger version the answer, gets back into the operational time 
machine and jumps off to ... somewhen. The younger version then completes his 
machine at time t = B, gets into it, jumps back to time t = C, and... <a 

In the past, philosophers have gotten themselves all tangled-up in debates over 
personal identity, that is, which version is the inventor, the younger or the older? 
Can they both be the same person, even though the older version has a world line 
(starting at t = C) that is separate and distinct from the world line of the younger 
(that stops at t= B)? One philosopher (note 74) left physics behind and pursued this 
question into the following /egal question concerning our two (?) inventors: if the 
older version commits a crime and then vanishes in his time machine before the 
police can apprehend him, can the younger version be punished even though he 





°4MI. Cook, “Tips for Time Travel,” in Philosophers Look at Science Fiction, Nelson-Hall 1982. 
One modern story that gets Cook’s point right is by I. Watson, “The Very Slow Time Machine,” in 
The Best Science Fiction of the Year (T. Carr, editor), Ballantine 1979. 

OM. Jameson, “Murder in the Time World,” Amazing Stories, August 1940. 

This little story I’ve just told you involves what is called a bootstrap paradox (just where did that 
solution come from, that is, who thought it up?) and it is one of the real puzzles of time travel. Pll 
say /ots more about such curious doings later in the book. 
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hasn’t yet committed the crime? While certainly ‘interesting,’ this really is a 
non-issue for the modern physicist who is concerned only with the physical 
possibility (or not) of time travel to the past. 

Well, okay, you might now say, if neither a Wellsian time machine or a 
‘jumping’ time machine will do, then just what are physicists studying in their 
papers on time travel? The short answer here (in Chap. 3 [ll say more) is that 
physicists don’t view time machines as super-tech gadgets covered with wires, 
meters, dials, and levers, humming away beneath a seated Time Traveller as 
gigawatts of power throb through massive copper/crystal rods, with the whole 
business surrounded by a pulsating red-blue glow. Hollywood absolutely loves 
that sort of thing, but it’s simply all wrong. For modern physicists, a time machine 
is a region of spacetime with special topological structure. Then, to time travel, a 
Time Traveller moves through that region of spacetime (in a rocket, perhaps) along 
an appropriate path. To ‘make a time machine’ therefore, in modern terms, means to 
(somehow) manipulate finite amounts of matter/energy in such a way as to alter the 
topology of a finite region of spacetime from one that has no CTLs/CTCs to one that 
does.”’ The most famous example of such a spacetime topology alteration (or warp) 
is the creation of a wormhole. A wormhole is a topological artifact of a spacetime; 
wormholes were popularized in Carl Sagan’s 1985 novel Contact (under the 
guidance of physicist Kip Thorne) and are now common in science fiction.”® 
As mentioned at the start of this chapter, for example, even Stephen King uses 
one in his 2011 mainstream novel 11/22/63. 

Pll return to the ‘topology of spacetime’ in Chap. 3 but, just so we don’t leave it 
here as a mysterious phrase, here’s a simple illustration of a topology change. 
Imagine a long, flat, narrow, two-dimensional strip of paper. The strip has the 
following topology features of interest to us here: (1) it has a beginning (its left end) 
and an ending (its right end), and (2) it has two sides (the top surface) and the flip- 
side surface. Now, imagine that we take the right end of the strip, give it a half-twist 
of 180° through our three-dimensional space, and then finally we glue that twisted 
end to the left end of the strip. The half-twist and gluing (our warp) has changed 
both of the topological properties of the strip. That’s because the strip now has no 
end (you can travel forever along the strip, always going ‘forward’ and never 
reaching a point where can’t go forward some more), and the strip now has just 
one side. You can convince yourself that it is one-sided by coloring the strip with a 





°*’There is a hint of this in one prescient science fiction story, in which the inventor of a time 
machine, when asked about how it works, replies “An electromagnetic warping [my emphasis] of 
the spacetime continuum.” See N. Schachner, “When the Future Dies,” Astounding Science 
Fiction, June 1939. 
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Tunzelmann, Paul Franklin and Kip S. Thorne, “Gravitational lensing by spinning black holes in 
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2015, pp. 486-499. 


28 1 A Broad Look at Time Travel 


crayon. During the coloring, do not lift the crayon from the strip. When you can 
color no more, you’! find that every last bit of the strip has been colored. You can’t 
do that with the original strip without lifting the crayon and turning the strip over 
because the original strip was two-sided. Many readers will recognize that what 
we’ve done is make a Mobius strip, named after the German astronomer and 
mathematician August Mobius (1790-1868) who described it in 1858. 

Here’s another astonishing property our half-twist warp has introduced. Cut the 
Mobius strip lengthwise with a scissors; most people believe you will then get two 
strips, each the length of the original strip but each only half as wide. Actually, you 
get one strip with a full 360 twist, which means the result is back to having two 
sides. (To see this, make a Mobius strip, cut it, and then apply the crayon.) And if 
you cut this new strip lengthwise once more, you get two separate loops, linked 
together. Try it and see, but be very careful. As the late science fiction writer Cyril 
Kornbluth (1923-1958) warned, there may be horrific potential dangers in 
unschooled experimentation with topology warps: 


A burleycue dancer, a pip 

Named Virginia, could peel in a zip; 
But she read science fiction 
And died of constriction 

Attempting a Mobius strip.”° 


To end this section, I should point out that a change in the topology of a 
spacetime is not a necessary requirement for that spacetime to support time travel 
to the past. Godel’s rotating spacetime, for example, has a remarkably simple 
topology and, as you’ll recall, it’s literally stuffed with CTLs/CTCs, to the point 
that time travel to the past in Godelian spacetime would be an everyday occurrence. 
You might think a world that presents time travel as a fundamentally allowed 
physical phenomenon, as does Godel’s spacetime, would be irresistible to science 
fiction writers. (So far as I know, however, no one has written a time travel story 
using the rotating universe idea.'°’) In Chap. 6, in fact, I’ll show you just how easy 
it would be to time travel in Godel’s spacetime, using a rocketship as the means to 
move through that spacetime. Of course, our universe is not Godelian, so the ‘time 
travel to the past’ question is not so easily answered for the spacetime we appear to 
actually inhabit. 





°° As you can see from this, science fiction writers have had fun with the Mébius strip. Two early 
examples not involving time travel are N. Bond, “The Geometrics of Johnny Day,” Astounding 
Science Fiction, July 1941, and W. H. Upson, “A. Botts and the Mobius Strip,” The Saturday 
Evening Post, December 1945. The use of the Mobius strip for time travel occurs, for example, in 
M. Clifton’s “Star, Bright,” Galaxy Science Fiction, July 1952. 

10°TF he had lived, perhaps the well-known science fiction writer James Blish (1921-1975) would 
have written such a tale. In David Ketterer’s biography of Blish (/mprisoned in a Tesseract, Kent 
State University Press 1987), there is this comment from a 1970 letter written by Blish: “I am 
especially intrigued by the spinning-universe form of time travel, especially since ... nobody has 
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will nobble onto it before I can get into it!” 
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1.5 Quantum Gravity, Singularities, Black Holes, and Time 
Travel 


“A [spacetime] singularity is where God is dividing by zero.” 
—Anonymous 


“A theory that involves singularities and involves them unavoidably, moreover, carries 
within itself the seeds of its own destruction.” 


—Peter Bergmann (1915-2002), Einstein’s research assistant at the Institute for 
Advanced Study, Princeton 


A fundamental objection to general relativity’s suggestion of the possibility of 
time travel to the past is that, in a very deep sense, general relativity is known to be 
incomplete. That is, it is incompatible with quantum mechanics, which is the 
physics of the very, very small—the physics of atomic-size objects and smaller. 
We touched on this at the end of Sect. 1.2, and here we’ll take a longer look at the 
issue of merging quantum mechanics with general relativity. 

In quantum mechanics, the discrete nature of the atomic world appears in such 
phenomena as the photoelectric effect, in which light acts like individual particles 
(photons) rather than as continuous waves. Einstein’s general relativity works 
beautifully on a cosmological scale but, like Maxwell’s theory of electromagne- 
tism, and unlike quantum mechanics, it fails when applied deep in the interior of the 
atom. Quantum theory, however, seems to work everywhere. As one physicist put 
it, “As far as we can tell, there is no experiment that quantum theory does not 
explain, at least in principle ... Though physicists have steered quantum theory into 
regions far distant from the atomic realm where it was born, there is no sign that it is 
ever going to break down.”!?! 

One of the central concepts in relativity is the world line, which is the complete 
story of a particle in spacetime. A world line assigns a definite location to the 
particle at each instant of time. This is a classical, pre-quantum concept, however, 
and today physicists use the probabilistic ideas of quantum mechanics to describe 
the location and momentum of a particle once they get down to the atomic scale of 
matter. Quantum theory is a discrete theory in which the values of physical entities 
vary discontinuously (in ‘quantum jumps’), whereas in classical theories the values 
of physical entities are continuous. The difference between the two types of theories 
is something like the difference between sand and water. Mixing the two theories— 
the classically smooth, continuous general relativity and the discrete quantum 
mechanics—to get something called quantum gravity, is the Holy Grail of physi- 
cists today, and nobody has more than an obscure idea of how to do it. 
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Just one of the more curious results of the fusing of quantum mechanics with 
general relativity may be guantum time.'°? That is, in quantum gravity the smallest 
increment of time that has physical meaning—sometimes called the chronon, a 
term first used in a non-time travel science fiction story'’*—may have a non-zero 
value. As we’ll see later in the book, much of the controversy over the possibility of 
time machines hinges on what is called the quantum gravity cut-off. This is the 
end-result of destructive spacetime stresses that tend to grow toward infinity 
whenever a time machine spacetime topology attempts to form. This process goes 
under the general name of the back reaction, and is conceptually similar to a rubber 
band growing ever more taut as it is stretched, an effect that resists more stretching 
(and, of course, if stretched too far the rubber band breaks). 

The cut-off of those stresses, at some finite value, is imagined to occur when the 
terminal phase of the growth would take place in less than the minimum possible 
time interval. The cut-off happens because, it is thought, nothing can actually occur 
in less than the minimum time. The debate is over just what that minimum duration 
is, and over whether the cut-off would occur before the stresses could reach finite 
values large enough to destroy the putative time machine topology. If the cut-off 
occurs before the back reaction stresses climb to the critical value, then the time 
machine survives. Otherwise, not. 

To see how this ‘works,’ consider the two fundamental physical constants 
associated with classical gravity, the gravitational constant'™ G and the speed of 
light c, and the fundamental physical constant associated with quantum mechanics 
(Planck’s constant) h. Now, if you play around with combinations of these con- 
stants it is easy to show that the following expressions have the units of length, time, 
and mass, called the Planck length (Ip), the Planck time (tp), and the Planck mass 
(mp), respectively: 


The extremely tiny values of /p and tp (the chronon), in particular, indicate 
(roughly) where it is expected that the smooth, continuous spacetime of general 





102, Kragh and B. Carazza, “From Time Atoms to Space-Time Quantization: the idea of discrete 
time, ca 1925-1936,” Studies in History and Philosophy of Science, June 1994, pp. 437-462. 


1035 Weinbaum, “The Ideal,” Wonder Stories, September 1935. 


104qy so: ‘ : : F 
This is the constant in Newton’s famous inverse-square law for gravity; the attractive force 
F between two point masses m and mp, distance r apart, is F = Gy". 
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relativity will itself become quantized, and so will have to give way to a quantum 
theory of gravity. 

The associated value of the mass-energy density when this transition is imagined 
to occur is enormous; the so-called Planck density is the Planck mass divided by the 
cube of the Planck length and has the value of about 10°* grams/cm?. This is where 
physicists expect classical and quantum gravity to part company. Can such an 
enormous mass-energy density actually oceur?!”° 

Yes, and more, in what physicists call singularities. 

This was all still very speculative until about 50 years ago, but today the search 
for how to connect general relativity and quantum mechanics is serious business. 
That search is related to time travel studies via a fantastic sequence of discoveries in 
relativistic physics, made during the last 80 years, beginning in 1931 with the work 
of the young Indian astrophysicist Subrahmanyan Chandrasekhar (1910-1995). He 
combined quantum mechanics and special relativity to show that a non-rotating star 
above a certain mass (about 1.4 times the mass of the Sun) cannot evolve into a 
white dwarf, which had until then been thought the eventual fate of all stars. Stars 
more massive than 1.4 Solar masses (but not too massive) would, instead, become 
neutron stars. But what then happens to stars that are too massive for even that 
bizarre eventuality? 

General relativity predicts that a sufficiently massive star—greater than about 
four times the mass of the Sun—will, when its fuel is nearly exhausted and its 
nuclear fires are beginning to fade, experience a truly spectacular event called total 
gravitational collapse. When its fuel-starved, weakened radiation pressure is no 
longer able to keep a massive, aged star inflated against the collapsing force of its 
own gravity, the star will suddenly implode and crush itself into what is called a 
black hole, a dramatic term coined in 1967 by the Princeton physicist John Wheeler 
(1911-2008) in an address before the American Association for the Advancement 
of Science. A black hole is an object with a gravitational field so strong that even 
light cannot escape—that’s why it’s black!—at whose center is something called a 
singularity. This is all well-known lore in the physics world.'°° 

Indeed, cataclysmic views of the collapse of matter are actually quite old. In 
Lucretius’ first-century B.C. The Nature of the Universe, for example, we find the 
following imagery on what it would be like if matter itself collapsed: “The ground 
will fall away from our feet, its particles dissolved amid the mingled wreckage of 





‘5By comparison, the density of a neutron star is on the order of a ‘mere’ 10'° grams/cm?. 


‘Perhaps not so well-known, however, is that science fiction was there long before Wheeler. In 
one classic tale (M. Leinster, “Sidewise in Time,” Astounding Stories, June 1934) a scientist 
explains at the end, “We know that gravity warps space ... We can calculate the mass necessary to 
warp space so that it will completely close in completely ... We know, for example, that if two 
gigantic star masses of certain mass were to combine . . . they would simply vanish. But they would 
not cease to exist. They would merely cease to exist in our space and time.” And then, as another 
character sums it up, “Like crawling into a hole and pulling the hole in after you.” The explicit use 
of the complete term black hole for a region of weird spacetime also appeared in science fiction 
before Wheeler (P. Worth, “Typewriter from the Future,” Amazing Stories, February 1950). 
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heaven and earth. The whole world will vanish into the abyss, and in the twinkling 
of an eye no remnant will be left but empty space and invisible atoms. At whatever 
point you allow matter to fall short, this will be the gateway to perdition.” These 
words were actually inspired by earthquakes, not black holes and their singularities, 
but could a modern expert in general relativity and singularities have said it any 
better? But, what is a singularity? 

As one theoretical physicist has dramatically written, “once gravity runs out of 
control, spacetime smashes itself out of existence at a singularity.” !°” Or to quote 
Hawking, “A singularity is a place where the classical concepts of space and time 
break down as do all the known laws of physics.”!°* One particular view of a 
singularity is that it is a place in spacetime that has infinite density and a gravita- 
tional field that is infinitely strong. The curvature of spacetime (more on curvature 
in Chap. 3) at this sort of singularity, sometimes called a crushing singularity, is 
also infinite. This is the sort of singularity believed to be at the center of 
non-rotating black holes. Historically, however, the occurrence of infinities in 
physical theories has been thought the red flag signaling that the theories have 
simply been extended too far, and their calculated results are nonsense. 

Perhaps, then, singularities occur only in unrealistic physical applications of 
general relativity, and so it is only perfectly spherical collapsing stars that can 
end-up (on paper) as a black hole singularity. For a while physicists tried to 
establish that, but they were forced to abandon the attempt when it was shown 
that singularities are unavoidable and not just the result of idealistic assump- 
tions.'°? This result worried many, and so the concern that general relativity was 
failing with its prediction of black holes and their singularities continued. In the 
case of a crushing singularity, perhaps all that meant is that once the collapsing star 
had fallen into a region even smaller than an electron, general relativity is no longer 
valid and the singularity is simply the ‘math gone wild.’ Einstein, himself, held that 
view. In his book The Meaning of Relativity (based on lectures he gave at Princeton 
in 1921), he wrote (concerning the use of the general theory to study the origin of 
the universe as a “big bang,” which was a crushing singularity), “For large densities 
of field and matter, the field equations [of general relativity] and even the field 
variables which enter into them will have no real significance. One may not 
therefore assume the validity of the equations for very high density of field and 
matter, and one may not conclude that the ‘beginning of the expansion’ must mean 
a singularity in the mathematical sense.” 

Well, what does general relativity say about the singularity at the center of a 
black hole? To start, the theory says that, at a distance directly proportional to the 
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1095. W. Hawking and R. Penrose, “The Singularities of Gravitational Collapse and Cosmology,” 
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mass of the collapsed object, a so-called event horizon will form. The event horizon 
is a surface in spacetime through which anything can fall into the hole, but through 
which nothing, not even a photon of light, can escape outward. The singularity at 
the black hole’s center is therefore not visible to a remote observer (the singularity 
is said to be “clothed,” and so not “naked”!!°), For all observers beyond the event 
horizon, the only visible properties of the hole are its mass (via its gravitational 
effects), its angular momentum (its spin rate), and its electric charge, and these 
properties are independent of the details of the pre-collapsed object (other than the 
requirement that electric charge and angular momentum are conserved). 

There are actually several fundamentally different types of black holes. If the 
collapsed star forms a non-rotating, spherically symmetric, uncharged''' object, 
then the result is called a Schwarzchild black hole, after the German astronomer 
Karl Schwarzchild (1873-1916) who found the first exact solutions to Einstein’s 
general relativity field equations just months after Einstein published them.'!* Soon 
after that the Finn Gunnar Nordstrom and the German Heinrich Reissner indepen- 
dently found the solution to the field equations for the slightly more realistic 
non-rotating, charged black hole.'!* This is only slightly more realistic since it is 
highly unlikely a black hole wouldn’t be spinning, as all observed stars are spinning 
and angular momentum is conserved during gravitational collapse. Another slightly 
more realistic solution, that of a rotating, uncharged black hole, was found by the 
New Zealand mathematician Roy Kerr in 1963, and this solution had a twist to it 
that at last explains why I am telling you all this—the singularity at the center of a 
Kerr black hole is not the point singularity of a non-rotating black hole but rather is 
a ring singularity. That is, there is a hole in the Kerr singularity through which 
matter can travel, without being destroyed, a hole that seems to act as a portal into 





"A naked singularity, with no event horizon behind which to hide, would be particularly 
bothersome to physicists who don’t like the idea of the breakdown of physics being on full display. 
What they think they’d then see would be completely unpredictable. Whether such a situation can 
actually exist is still open to debate, but there are both analytical solutions and computer 
simulations (incorporating realistic equations of state on the pressure response of matter as it is 
compressed) that seem to allow it (as in the gravitational collapse of an infinitely long, non-rotating 
cylinder that appears to result in an axial, thread-like, naked singularity). 

"The word charge means either electrical or magnetic charge, although from a practical point 
charge probably does mean just electrical, as the theoretically possible magnetic monopole has yet 
to be observed and, in any case, it is thought that black holes will not have a significant electrical 
charge. 

"ven Einstein hadn’t yet solved them, and he apparently thought they were too complicated to 
be solved; when he saw Schwarzchild’s result, he was so impressed that Einstein wrote to say “I 
had not expected that the exact solution to the problem could be formulated. Your analytical 
treatment of the problem appears to me splendid.” 

'I3TWo years later, the University of Pittsburgh physicist Ezra Newman finally solved the field 
equations for the realistic, general case of a rotating and charged black hole. 
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other spacetime regions that may include past or future regions of spacetime. In 
other words, the ring singularity seems to be the entrance to a time machine.! = 

A discussion of singularities in general relativity is especially complicated for at 
least two reasons. First, there is more than one type, with crushing being just the 
(perhaps) most ‘obvious.’ Another type has no infinite curvature associated with it, 
but rather is a point in spacetime beyond which the worldline of a freely falling 
mass cannot be extended. Such a point is called a geodesically incomplete singu- 
larity, and it represents either an end to space or to time (in either case, that point is 
on the boundary or edge of spacetime). There are other types, as well—I’ve 
mentioned the naked singularity already—and the appearance of any of them is 
distinctly unsettling (recall Bergman’s opening quote) to physicists. One that may 
be the most unsettling of all, however, is the thunderbolt singularity. This singu- 
larity propagates to infinity at the speed of light! As its discoverers dramatically put 
it, “It is not a naked singularity because you do not see it coming until it hits you and 
wipes you out.”!!° 

The other reason for a discussion of general relativity singularities being 
complicated is that they simply are not like the singularities of earlier theories. 
For example, in electromagnetic field theory spacetime is the given background 
reference; that is, a singularity in that theory is a point in spacetime where the 
electromagnetic field is undefined. In gravitational field theory, however, it is 





'l4You can find discussions on how this is imagined to work in two papers by R. Weingard: 
“General Relativity and the Conceivability of Time Travel,” Philosophy of Science, June 1979, 
pp. 328-332, and “Some Philosophical Aspects of Black Holes,” Synthese, September 1979, 
pp. 191-219. See also M. Calvani et al., “Time Machine and Geodesic Motion in Kerr Metric,” 
General Relativity and Gravitation, February 1978, pp. 155-163. I won’t pursue black hole time 
machines in this book, as it is not what modern physicists consider a plausible means of time travel 
(How are you going to gain access to a black hole?!!!) For how one science fiction writer did use 
the idea, however, see L. Niven, “Singularities Make Me Nervous,” in Stellar 1 (J.-L. del Rey, 
editor), Ballantine 1974. Black holes are bizarre objects—nearly as bizarre as time travel—and it 
seems risky to try to understand one in terms of the other (recall Professor Challenger’s 
observation!). 


Sg. W. Hawking and J. M. Stewart, “Naked and Thunderbolt Singularities in Black Hole 
Evaporation,” Nuclear Physics B, July 1993, pp. 393-415. As bizarre as is the thunderbolt, it 
was anticipated in science fiction by more than half a century. In the story “The Tides of Time” by 
R. M. Williams (Thrilling Wonder Stories, April 1940), the universe is collapsing at faster than the 
speed of light. Human scientists learn this when fleeing aliens stop their faster-than-light space 
ships to warn them. One of the human characters then looks out into the night sky and, in words 
that sound like those of Hawking and Stewart, “There would be no warning, for the rolling tide was 
traveling faster than light ... It would come faster than the flicker of an eye. No one would see it 
come. One instant the world you knew would be around you. The next instant, there would be 
nothing. You would not even have time to know what had happened. Death, faster than the 
lightning flash!” This story may have been inspired by a tale published decades earlier, by the 
Canadian writer Frank Lillie Pollock (1876-1957). In his “Finis” (The Argosy, June 1906), written 
long before the concept of a super-nova, the light of a huge, distant star finally arrives to cook Earth 
into oblivion. 
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spacetime itself that is undefined, and there is no background ‘something’ in which 
spacetime is embedded to serve as a reference.! = 

One early suggestion on how to avoid the problem of the crushing singularity of 
the non-rotating black hole (which is, as mentioned earlier, not a realistic model for 
the gravitational collapse of a rotating star) is that the collapse may stop short of the 
singularity. That is, the collapsing body might instead rebound. This “bounce’ 
would occur after the star was inside its event horizon, so an external observer 
would not see the later expansion, an expansion imagined to be through the event 
horizon but into a different region of spacetime.''’ When Novikov’s work was 
generalized the following year, the authors clearly had a hard time believing this 
dramatic imagery, despite their own mathematics, concluding with “It then appears 
necessary to believe in the existence of other [regions of the universe, including the 
past and the future] which will accommodate the re-expansion. This seems at least 
as fantastic as the alternative of [a point singularity].”.''* 

In 1974 Hawking announced an astonishing partial connection of quantum 
mechanics with general relativity’s black holes. He showed that, contrary to the 
usual image of black holes as being one-way trap doors to .. .?, black holes actually 
must radiate energy.''° His analysis, which stunned physicists by its beautifully 
simple arguments, invokes the famous uncertainty principle, one of the corner 
stones of quantum mechanics. Hawking himself found the result “greatly surpris- 
ing.” He also cautioned (in his 1975 paper) that the following picturesque imagery 
is “heuristic only and should not be taken too literally,” but it has now been in 
physics for over 40 years and appears to be here to stay. 

The uncertainty principle states that there are certain pairs of variables associ- 
ated with particles, variables that cannot be precisely measured at the same time. 
Time and energy form such a pair because a non-zero time interval is required to 
measure a particle’s energy, and the product of the uncertainty in both the time 
interval (At) and the energy (AE) must be at least as large as a certain non-zero 
constant. That is, if 7 is Planck’s constant, then AEAt ~ ’. This allows the process of 
virtual particle creation, the appearance of particle/anti-particle pairs just outside 
the event horizon of a black hole. The uncertainty in the energy is what gives 
the combined mass of the particles in a pair; this uncertainty in the energy is the 
quantum fluctuation energy of the intense gravity field of the hole. The only 





'16See, for example, R. Geroch, “What Is a Singularity in General Relativity?” Annals of Physics, 
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''7See, for example, I. Novikov, “Change of Relativistic Collapse Into Anticollapse and Kine- 
matics of a Charged Sphere,” JETP Letters, March 1, 1966, pp. 142-144, and V. P. Frolov, et al., 
“Through a Black Hole Into a New Universe?” Physics Letters, January 12, 1989, pp. 272-276. 
Igor Novikov is a Russian physicist at the University of Copenhagen, and he will appear later in the 
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constraint is that the energy be returned to the field, via mutual annihilation of the 
matter/anti-matter pair within the time uncertainty dictated by the uncertainty 
principle. = 

As Hawking showed, this time interval, although incredibly short, is still long 
enough for the two virtual particles to separate before annihilation, one falling into 
the hole and the other escaping. This would happen, for example, if the particle/ 
anti-particle pair is an electron/positron pair, and so a negatively/positively charged 
black hole would tend to attract the positron/electron and repel the other particle 
(either way, driving the charge of the hole towards zero). (Hawking then later 
suggested’! that the particle entering the hole could be thought of as an emitted 
particle traveling backward in time, an idea that can be traced back decades, to John 
Wheeler—I’ll return to this idea in just a moment.) By this incredible quantum 
process, then, the black holes of general relativity slowly evaporate (!) as they glow 
with what is now called Hawking radiation. That is, black holes appear to be hot 
bodies. But hot is relative, as a black hole with the mass of the Sun would have a 
temperature of just sixty nano-degrees Kelvin above absolute zero, and it would 
take 10° years (a stupendously enormous time compared to the age of the universe) 
to completely evaporate. 

Indeed, one physicist had already mused that the entire universe might have been 
created by a similar quantum process, out of nothing, a so-called vacuum fluctua- 
tion.'°? The explanation for why the universe doesn’t then disappear—and very 
quickly, too, because the energy for all the mass in the newly created universe is 
quite large (that is, AE is really big and so At must be really small)—is that the 
negative gravitational potential energy of all that newly created matter would 
cancel the positive mass-energy, and so AE is actually quite small and so At is 
then quite large. To perhaps show he wasn’t quite convinced by all that, himself, 
Tryon whimsically wrote “I offer the modest proposal that our Universe is simply 
one of those things which happen from time to time.” 

As a final comment on the suggestion by Hawking of a connection between 
virtual particles at a black hole event horizon and backwards time travel, the idea 





'2°The uncertainty principle has long been used in time travel science fiction. In one story, for 
example, a character is transported from 1950 to 2634 by a scientist of the future. Once there, this 
character decides he’d like to remain permanently in the 27th century. He is told that he can’t 
because he is like an atom excited into an elevated energy state and, just as quantum mechanics 
says that eventually an electron in such a state will drop back down into a lower energy state, so do 
the “laws of time travel” require that he drop back to his normal time. How long can he remain in 
future, he is told, “depends on the mass [energy] of his body and the number of years the mass 
[energy] is displaced.” That is simply the uncertainty principle. See W. Bade, “Ambition,” Galaxy 
Science Fiction, October 1951. 
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originated (as I said before) with Wheeler, in 1941.'** In an astonishing coinci- 
dence, even as Wheeler was telling his student Richard Feynman about this, a 
science fiction writer was also identifying anti-matter with backward time traveling 
‘normal’ matter.!?+ Later, the Polish science fiction writer Stanislaw Lem 
(1921-2006) took this idea, combined it with the quantum concept of energy 
fluctuation, and came up with one of his typically outrageous (and typically 
hilarious) ideas: shooting a single positron out of an accelerator back to the very 
beginning of time. His story character called this fantastic machine the 
“Chronocannon” and claimed that’s what started the universe.'*> 

Soon after Lem, a philosopher used a variant of this idea, in which the Big Bang 
creation of the universe was caused by a time traveler from the future who saw a 
need—his own existence—to generate the Big Bang. This leads to philosophical 
speculations on the cosmological implications of God as a time traveler.'*° Two 
recent physicists have taken this one step further by suggesting that the universe, via 
time travel, may have caused itself! As they put it, “the laws of physics may allow 
the Universe to be its own mother.”!?’ 

The modern hope is that quantum mechanics (as in quantum gravity) will save 
physics from the horror of general relativity’s singularities. This was the view of 
John Wheeler and, as the man who named black holes, his view is important to 
consider. General relativity is a classical, smooth theory that is fundamentally 
continuous, while ‘our’ universe appears to be a quantum one. So, perhaps, general 
relativity’s prediction of singularities may be just an artifact without physical reality 
in the ‘real world.’ Wheeler’s position was based on the quantum fluctuations of 
gravity fields, which are related to the uncertainties inherent in our knowledge of the 
values of physical entities. Such fluctuations are vanishingly small in systems of 
everyday size, but they increase dramatically at very tiny distances that are twenty 
orders of magnitude smaller than the nucleus of an atom. In the microscopic region 
of spacetime that the matter forming a black hole is falling into, these fluctuations 
might conceivably result in effects that preclude the formation of a singularity. 
Agreeing were two physicists who asserted that, even without a detailed knowledge 
of quantum gravity, quantum effects “would smash the idealized interior geometry” 
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[that is, the ring singularity] of a rotating, charged black hole, thereby eliminating 
any possibility of using such a hole for time travel.!78 

And finally, to generalize beyond black holes to the hoped-for pay-off of the 
coming of quantum gravity in banishing singularities altogether, one recent study 
has examined how non-crushing singularities (that is, ones of the geodesically 
incomplete type) are apparently “healed” (the authors’ term) by quantum effects. '*° 
With the eventual development of quantum gravity, perhaps all the singularities of 
general relativity will vanish while leaving the CTCs/CTLs intact, thereby remov- 
ing a form of doubt in the theory’s apparent support for time travel to the past. It 
may be a long time coming, however: as the University of Sydney philosopher of 
science Dean Rickles recently (2014) wrote in his book A Brief History of String 
Theory, “quantum gravity is in many ways . .. a revolution still waiting to happen.” 


1.6 Tipler’s Time Machine 


“In short, general relativity suggests that if we construct a sufficiently large rotating 
cylinder, we create a time machine.”!°° 


The time traveling property of the ring singularity in a rotating black hole once 
made it a favorite of science fiction writers, as in Joe Haldeman’s classic 1974 novel 
The Forever War (in which the term used is not black hole, but collapsar, which is a 
nicely descriptive word in its own right). A major difficulty with this approach, 
however, as I mentioned in the previous section (note 114), is that of ‘getting one’s 
hands on’ (so to speak) a black hole! So, is there any other ‘time machine’ that is 
consistent with general relativity? Yes, there is. 

In 1974 a young physics graduate student at the University of Maryland, Frank 
Tipler, caused a bit of a stir when he published what seemed to be quite specific 
construction details for a time machine. Indeed, the final sentence (the above 
quotation) of his paper couldn’t be clearer. Nobody had ever before made such a 
statement in a respectable physics journal and, best of all, there were no apparent 
spacetime singularities involved. However, a close look at Tipler’s analysis does 
turn up some difficulties. 

What Tipler had actually done was to show that if one had an infinitely long, very 
dense cylinder rotating with a surface speed of at least half the speed of light (the 
rotation speed is such that the outward centrifugal forces are balanced by the inward 
gravitational attraction of the cylinder), then this allowed the formation of closed 
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timelike curves around the cylinder. This means that by orbiting the surface of such 
a fantastic cylinder, one could travel through time into the past—but not to earlier 
than the moment of the creation of the cylinder. 

This last point is a very important one, as it does avoid one particularly odd 
paradox (called a bootstrap): a traveler going backwards in time to tell the inventor 
of a time machine (perhaps an earlier version of the time traveler himself) how to 
build the time machine. You can find this idea in early science fiction, '*! and a 
minor variant of it was amusingly illustrated in the 1985 film Star Trek IV: The 
Voyage Home (when you next watch the movie, ask yourself who actually invented 
“transparent aluminum’’?) Bootstrap paradoxes are quite mysterious and still befud- 
dle physicists and philosophers. Science fiction writers, on the other hand, love 
bootstraps as great story gimmicks. 

Tipler’s cylinder would also enable a time traveler to return to her original time, 
to go “back to the future,” by orbiting the cylinder in the reverse direction (but no 
further into the future than when the cylinder ceases to exist). Later in the book Ill 
show you a simple illustration—based on a similar one in Tipler’s PhD dissertation, 
published in 1976—of how the cylinder works as a time machine. No one, in fact, 
disputes any of this. It is true. On paper. 

But Tipler did not prove that a time traveling property holds for cylinders of even 
very long but finite length, which are the only kind we could actually build from a 
finite amount of matter; he merely suggested that such might be the case. This 
suggestion does seem reasonable, because if the time traveler orbits at the midpoint 
of the cylinder, near the surface, then the gravitational end-effects of sufficiently 
remote ends of the cylinder would, you’d think, become negligible. Similar math- 
ematical approximations are routinely made, for example, when calculating the 
electrical effects of charged cylinders of finite length. But as one physicist has 
warned, “Extrapolation from cylindrical symmetry to reality is very dangerous, 
since spacetime is not even asymptotically flat around an infinite cylinder.”!* The 
issue of whether a spinning, finite-length cylinder can create closed, timelike curves 
is still open: to quote another physicist, “[In] some respects an infinite cylinder may 
be a model for a long finite one, and the possibility cannot be dismissed that a time 
machine might be associated with a long, but finite rotating system.”!** 
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the book [ll discuss even earlier literary occurrences of bootstraps (that is, of information on 
closed loops in time). 

132k, S. Thorne, “Nonspherical Gravitational Collapse: Does It Produce Black Holes?” Comments 
on Astrophysics and Space Physics, September—October 1970, pp. 191-196. What “asymptotically 
flat” means will be discussed in Chap. 3. 

'33w. B. Bonner, “The Rigidly Rotating Relativistic Dust Cylinder,” Journal of Physics A, June 
1980, pp. 2121-2132. Tipler was not the first to study rotating cylinders in the context of general 
relativity. Such cylinders had been around for decades, going back to 1932. A good reference is 
M. A. Mashkour, “An Exterior Solution of the Einstein Field Equations for a Rotating Infinite 
Cylinder,” International Journal of Theoretical Physics, October 1976, pp. 717-721. The first- 
analyzed configuration of matter that generates closed timelike lines, solved in all its general 
relativistic detail, was the infinite rotating cylinder studied by W. J. van Stockum, 
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There is, however, another potential problem besides the length of the cylinder. 
There is a strong likelihood that a Tipler cylinder under construction would collapse 
under its own internal gravitational pressure before it could be made nearly long 
enough to be even ‘approximately infinite.’ That is, such a finite-length cylinder 
might crush itself along its long axis into a pancake-shaped blob, something like 
what happens to a long cylinder of jello stood on-end. An ordinary can of jellied 
cranberry sauce will also sometimes display this curious behavior. 

The required rotational speed raises yet another concern, as well. We are not 
talking about cylinders the diameter of a pencil, or even of a large water pipe. 
Recall that for a given surface speed, the larger the diameter the less the centrifugal 
acceleration at the surface. It is easy to calculate that even a huge cylinder 
10 kilometers in radius, with a surface speed of half the speed of light, would 
have a surface acceleration hundreds of billions of times the acceleration of Earth’s 
surface gravity. No known form of ordinary matter could spin that fast and not 
explosively disintegrate; Tipler has estimated that the required density for a time 
machine cylinder would be 40 to 80 orders of magnitude above that of nuclear 
matter. (In a masterful understatement, Tipler calls this astonishing stuff “unknown 
material.”) Made from such incredibly superdense stuff, even a finite cylinder 
would still be as massive as the Sun but many trillions of times smaller. Showing 
no lack of imagination, Tipler has suggested the possibility of speeding up the 
rotation of an existing star as an alternative approach to that of building a cylin- 
der.'** That, of course, would be project for a far-future society, with a very 
advanced technology. 

All of these concerns were discouraging to Tipler (who could blame him?), and 
his pessimism about the actual likelihood of achieving time travel via one of his 
cylinders is shown by the words he used to open his 1977 paper (note 134): “Any 
attempt to evolve a time machine] from [normal] matter will cause singularities to 
form in spacetime. Thus, if by the word ‘manufacture’ we mean ‘construct using 
only ordinary materials everywhere,’ then the theorems of this paper will conclu- 
sively demonstrate that a [time machine] cannot be manufactured.” But not all 
physicists agreed. 





“The Gravitational Field of a Distribution of Particles Rotating About an Axis of Symmetry,” 
Proceedings of the Royal Society of Edinburgh, 1939, pp. 135-154. This is particularly interesting 
because, while Van Stockum didn’t spot the presence of closed timelike lines in his solution, his 
cylinder is made entirely from ordinary matter. 


4h. Tipler, “Singularities and Causality Violation,” Annals of Physics, September 1977, 
pp. 1-36. See also his earlier paper “Causality Violation in Asymptotically Flat Space-Times,” 
Physical Review Letters, October 1976, pp. 879-882, where he wrote “There are many solutions to 
the Einstein equations [of general relativity] which possess causal anomalies in the form of closed 
timelike lines (CTL). It is of interest to discover if our Universe could have such lines. In 
particular, if the Universe does not at present contain such lines, is it possible for human beings 
to manipulate matter so as to create them? [That is, to construct a time machine.] I shall show in 
this paper that it is not [Tipler’s emphasis] possible to manufacture a CTL-containing region 
without the formation of naked singularities, provided normal matter is used in the construction 
attempt [my emphasis].” 
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Years after Tipler wrote, one physicist replied’*’ with two pointed observations. 
First, Tipler’s theorems apply only to singularities of the incomplete kind, not to the 
more convincingly fatal crushing (or curvature) type. Second, to quote Ori at 
length, “The standard interpretation of Tipler’s theorems is to say that the appear- 
ance of a singularity in a given [spacetime] model indicates that this model is 
unrealistic and cannot be physically realized. Even for future-generation engineers 
it will probably be impossible to use “singular matter’ for the construction of their 
time machine. However, the theory of black holes provides an obvious counterex- 
ample to this interpretation. For, by applying this interpretation to the black hole 
singularity theorems one could conclude that black holes can never form.” Yet 
black holes with several times the mass of the Sun have been detected in orbit about 
certain stars, and at least one supermassive black hole (with a mass equal to more 
than three billion Suns) has been detected at the core of galaxy M87. Indeed, it is 
now believed that the center of every sufficiently massive galaxy in the universe is 
home to a black hole (the one at the center of our own galaxy, the Milky Way, has a 
mass about three million times that of the Sun). 

Even less concerned about singularities interfering with time travel were two 
other physicists who wrote'*° “It would seem that a successful attempt to manu- 
facture [a time machine] within a finite region of space will be accompanied by the 
creation of a singularity ... This does not immediately imply, however, that with a 
sufficiently advanced technology one could not make a time machine. There is no 
reason to suspect spacetime singularities could not in principle be created through 
deliberate human action [my emphasis].” 

These optimistic views were, of course, welcome news for science fiction 
writers, who had been using Tipler cylinders almost from when Tipler first wrote 
of them. Indeed, Larry Niven liked them well enough to ‘lift’ the very title of 
Tipler’s paper (note 130) for the title of a short time travel story for inclusion in his 
1979 collection Convergent Series. Just one year after Tipler’s paper appeared, Poul 
Anderson featured the cylinders in his 1978 novel The Avatar, where they are called 
“T-machines”: one can imagine the “T” stands for Time or Tipler or even both. 
Anderson’s story describes the cylinders as having been scattered about the uni- 
verse by ancient, altruistic aliens called “the Others,” for the use by any who come 
across them and who have the wits to decipher how to use them. Anderson 
recognized the obvious problems with Tipler cylinder construction, and so has 
one of his characters say of T-machines, “I have no doubt whatsoever that [they are] 
the product of a technology further advanced from ours than ours is from the Stone 
Age.” 





‘354. Ori, “Must Time-Machine Construction Violate the Weak Energy Condition?” Physical 
Review Letters, October 1993, pp. 2517-2520. The weak energy condition is the seemingly 
‘obvious’ requirement that the observed local mass-energy density should never be negative. 
Quantum mechanics predicts (and it has been experimentally confirmed) that there are exceptions. 
‘36M. P. Headrick and J. R. Gott, “(2+1)-Dimensional Spacetimes Containing Closed Timelike 
Curves,” Physical Review D, December 15, 1994, pp. 7244-7259. The ‘(2+1)’ refers to a toy 
spacetime with just two spatial dimensions and one time dimension. 
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Even before (actually /ong before) Tipler’s paper, science fiction had 
foreshadowed his physics. Oliver Saari (1918-2000), for example, had incorporated 
both superdense matter and the rule of ‘no time travel before the creation of a time 
machine’ in a story written 40 years earlier.'*” Saari’s fictional time machine works 
by warping spacetime via a plate of superdense matter. (An even earlier tale'** had 
also used superdense matter, but it was badly flawed by its hocus-pocus invoking of 
‘rays’ emitted by the newly discovered element of tempium.) The ‘no time travel 
before the creation of a time machine’ rule is the basis for an obvious response to 
Hawking’s Chronology Protection Conjecture, discussed earlier in this chapter, and 
it was so used by one physicist to rebut the Conjecture: as he wrote,” 


(1) time machines, if possible, must have the property of not being able to travel 
back to before their creation, and 
(2) no time machine has yet been created. 


The absence of time travelers amongst us, therefore, provides no insight, one 
way or the other, on the eventually possibility of constructing a time machine. 


1.7. For Further Discussion 


Observations of the background microwave radiation that permeates the 
universe is strong experimental evidence for the Big Bang, the singularity 
thought to be the origin of the universe. This singularity is not shielded from 
us by an event horizon, and so is not a naked singularity (note 110), which 
means it is potentially visible. In 1969 the English theoretician Roger Pen- 
rose, however, proposed a metaphysical ‘law’ called the cosmic censorship 
principle, which asserts that naked singularities are impossible. Discuss the 
obvious tension between Penrose’s principle and the Big Bang singularity. 
(See, for example, P. Kosso, “Spacetime Horizons and Unobservability,” 
Studies in History and Philosophy of Science, June 1988, pp. 161-173.) 





1379, Saari, “The Time Bender,” Amazing Stories, August 1937. In this story we read that the time 
traveler “could not travel into the past for the plate had to exist in all ages traveled, and it had not 
existed before he made it.” 

'38E_ L. Rementer, “The Time Deflector,” Amazing Stories, December 1929. 

139K §. Thorne, “Do the Laws of Physics Permit Closed Timelike Curves?” Annals of the 
New York Academy of Science, August 10, 1991, pp. 182-193. Science fiction writer Damon 
Knight (1922-2001) anticipated Thorne’s rebuttal in his story “Azimuth 1, 2, 3, ... ,” Isaac 
Asimov’s Science Fiction Magazine, June 1982. 
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In the text I mention the “transparent aluminum” bootstrap paradox that 
appears in the 1985 movie Star Trek IV. Even earlier, a movie bootstrap 
appeared in 1980 film The Final Countdown. There, the designer of a modern 
naval warship that temporarily time travels back to the Pearl Harbor of 
December 6, 1941, turns out to be a crew member who was (is) accidently 
left behind in the past when the ship returns to the present. In the past he will 
be able to design the ship because he already knows how it was designed—by 
himself! In the more recent 2014 film /nterstellar, a wormhole near Saturn is 
discovered. By the end of the film we learn that it was put there by future 
humans, humans who exist because their ancestors (us!) were saved from a 
planet-wide ecological disaster when they used the wormhole to discover new 
worlds in far-flung regions of the universe. Decide whether or not the 
existence of the wormhole represents a bootstrap paradox, and defend your 
position. 


One difficulty in using a black hole as a means of traveling from one region 
of the universe to another (with time travel as a special case) is simply getting 
to a black hole in the first place. The nearest one to Earth, as far as is known, is 
many light years distant. One reason for this may be an anthropic one (see 
note 13 in the “Introduction’). That is, a planet near a rotating black hole 
would either be eventually swallowed whole, or have its surface blasted by a 
firestorm of radiation produced by in-falling matter. In any case, no intelli- 
gent life able to recognize time travel would ever evolve on such a planet in 
the first place. That is, we are here to wonder about the absence of near-by 
black holes precisely because we aren’t near a black hole. The lack of black 
holes near Earth is addressed in Joe Haldeman’s ‘Earth vs. Aliens’ novel, The 
Forever War, by using the time dilation effect of special relativity (discussed 
in Chap. 3) that allows long travel distances to be covered in a reasonable 
time (as measured by clocks in rocket ships traveling near the speed of light). 
Still, while the travel time to reach a black hole distant from Earth by many 
light years may only be 6 months of ship time, back on Earth many years may 
pass. Once at the black hole the ship enters it and instantly ‘jumps’ to a vastly 
different region of the universe. In the novel, no time travel after the time 
dilation experienced in just getting to the black hole occurs, but Haldeman 
uses that to great effect as follows. Before entering into combat, Earth’s 
soldiers are told that when they exit the hole into a new region of the universe, 
they may encounter alien warships equipped with their latest technology, 
technology that could be far in advance of the Earth warship’s technology 
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which dates from Earth’s past. That is, humans will be fighting against 
technology that dates from the Earth warship’s future. To quote the novel, 
“Relativity traps us in the enemy’s past; relativity brings them from our 
future.” Explain this. 


In one of the quatrains of the Rubaiyat, the eleventh century Persian poet- 
philosopher Omar Khayyam wrote 


The Moving Finger writes; and having writ, 
Moves on; nor all your Piety nor Wit 

Shall lure it back to cancel half a Line, 

Nor all your Tears wash out a Word of it. 


Nearly a 1000 years later the German theoretical physicist Hermann Weyl 
(1885-1955), a colleague of both Einstein and Godel at the Institute for 
Advanced Study in Princeton, NJ, wrote the following in his book Space- 
Time-Matter (published in 1921, three decades before Godel’s 1949 time 
travel paper): 


It is possible to experience events now that will in part be an effect of my possible 
future resolves and actions. Moreover, it is not impossible for a world-line 
(in particular, that of my body), although it has a time-like [see the index] direction 
at every point, to return to the neighborhood of a point which it has already once 
passed through. The result would be a spectral image of the world more fearful than 
anything the weird fantasy of E. T. A. Hoffmann [an early nineteenth-century 
German writer of the eccentric] has ever conjured up. In actual fact the very 
considerable fluctuations of the [components of the metric tensor, to be discussed 
in Chap. 3] that would be necessary to produce this effect do not occur in the region 
of the world in which we live ... Although paradoxes of this kind appear, nowhere 
do we find any real contradictions to the facts directly presented to us in experience. 
Compare these two views and, in particular, discuss what each says about the idea of 
‘reliving the past.’ 


In the opening section of this book (“Some First Words”) I mention how now 
and then science fiction has anticipated physics. One interesting example of 
this occurs in a story of a time traveler almost meeting himself, a story 
published 2 years before Godel’s 1949 time travel paper in which he suggests 
just such a possibility. The story opens with a man on a ship spotting the 
signal fire of a castaway on a Pacific island, as well as the tiny, distant figure 
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of a man waving and jumping about. While sailing in to help, the ship hits a 
mine left over from the war, and the would-be-rescuer becomes a castaway, 
too. After swimming to the island, he can find no trace of who built the fire, 
although there are footprints all about in the sand. Exploring the island, he 
finds the remains of a crashed interstellar spaceship (!), powered by a drive 
unit based on “temporal precession.’ The man, curious, turns the drive on and 
thus sends himself backward in time by one day. He then spots a ship on the 
horizon, builds a fire, waves and jumps about, then recognizes the ship as his 
own .... And so the loop nearly but not quite closes. The man, apparently, 
rushes off into the jungle, terror-stricken at the thought of meeting himself. 
(You can find this tale by A. B. Chandler (1912-1984), “Castaway,” in the 
November 1947 issue of Weird Tales, a publisher more of fantastic, super- 
natural, and horror stories than of science fiction. Perhaps easier to locate 
would be an anthology in which it has been reprinted: Science-Fiction 
Adventures in Dimension (G. Conklin, editor), Vanguard 1953.) 

Speculate on what happens to the man. In particular, does Wells’ own 
criticism of The Time Machine, concerning “vain repetitions” of time trav- 
elers, apply here (see the “Introduction” again)? 


A philosopher has argued against the force of Hawking’s chronology pro- 
tection conjecture as follows: “There is an old argument to the effect that 
while backward time travel may be possible, it will never actually occur—for 
if it were going to occur, we would already have encountered the time 
travellers involved, whereas in fact we have done no such thing. ... But 
consider an isolated society living in a remote part of the world. Some 
members of this society are engaged in a long-running debate concerning 
the possibility of human flight. Were a 747 to pass overhead, would the 
debaters necessarily recognize it as containing flying humans? The answer 
to their question might have been staring them in the face for years, without 
them realizing.“ (See Nicholas J. J. Smith, “Bananas Enough for Time 
Travel?” British Journal for the Philosophy of Science, September 1997, 
pp. 363-389, in particular note 3 on p. 364. The perhaps curious appearance 
of ‘bananas’ in the title of this paper will become clear when, in Chap. 4, we 
delve into the details of the famous grandfather paradox.) How would you 
answer Smith’s question? Do you think it is plausible, as Smith implies, that 
we could right now be observing (without realizing it) effects in the present- 
day world that are the result of time travelers amongst us? What sort of effect 
(s) might raise this suspicion in your mind? 


45 


46 


1 A Broad Look at Time Travel 


As discussed in Sect. 1.6, Tipler expressed some pessimism in his 1977 
paper (note 134) about the possibility of actually constructing a time machine 
from a rotating cylinder. But that doesn’t mean he didn’t have some doubts, 
too, about theoretical ‘proofs’ of something being impossible. In his 1976 
PhD dissertation, for example, he included an amusing reference to Simon 
Newcomb (a real-life mathematician that Wells’ Time Traveller cites in The 
Time Machine—see note 102 in Chap. 2) who published mathematical 
‘proofs’ that it would be impossible with known science to build a “practi- 
cable machine by which men shall fly long distances through the air.”” Why do 
you think Tipler did that? You can read more about Newcomb’s ‘proofs’ in 
“Is the Airship Coming,” McClure’s Magazine (September 1901, 
pp. 432-435) and “The Outlook for the Flying Machine,” The Independent 
(October 22, 1903, pp. 2508-2512). 


In his autobiography, the Princeton physicist John Wheeler had this to say 
about time: “The smooth flow of time—or our smooth passage through it—is 
an illusion that is shattered when we ... ask about time at the moment of the 
Big Bang, at a moment of gravitational collapse, at the moment of the Big 
Crunch. Students and others often ask what existed before the Big Bang. 
To say that we don’t know is not to say enough. Even to say that we have no 
way of knowing is not enough. We really have to say that space and time 
came into existence, along with matter and energy and the laws of physics, at 
the moment of the Big Bang. If the universe expands to a maximum size, 
starts contracting, and eventually collapses to a fiery death—a fate that seems 
likely to me and to some other theorists . .. then time and space, too, will end 
in this Big Crunch. I can reach no conclusion other than this: there was no 
‘before’ before the Big Bang, and there will be ‘after’ after the Big Crunch.” 
(See J. A. Wheeler, Geons, Black Holes, and Quantum Foam: a life in 
physics, W. W. Norton 1998, pp. 349-350.) That is, when the Big Bang 
singularity occurred, time was created, and if the universe should collapse in 
the far future in a Big Crunch, time will be annihilated. This is a view of 
nothingness that transcends even that of the grave. Sharing Wheeler’s dark 
view of the ultimate fate of reality, but instead giving the victory to time 
(rather than its annihilation), was the Irish writer Jonathan Swift (1667-1745) 
in his poem Riddles (circa 1724): “Ever eating, never cloying/All-devouring, 
all destroying/Never finding full repast/ Till I eat the world at last.”” How do 
you think theologians would respond to Wheeler and Swift? 


1.7 For Further Discussion 


The American philosopher Roy Sorenson was cited in note 13 in the discus- 
sion of the difficulties a time travel would have in convincing skeptics that he 
had really time traveled (short of bringing a fresh dinosaur egg back and 
hatching it!). This question was treated in early pulp science fiction (“The 
Sands of Time,” see note 43 in “Some First Words’) as follows: The time 
traveler takes a sealed box of pure radium (with his name written on the inside 
of the lid) into the distant past, and buries it in a secure location. Upon 
returning to the present he unearths the box; testing of the contents will 
show that some of the radium has radioactively decayed to lead. Indeed, the 
amount of decay would be a direct measure of how far back into the past the 
box had been transported. This issue was later elaborated on by the English 
philosopher Alasdair Richmond in his paper “Time Travel, Parahistory and 
the Past Artefact Dilemma,” Philosophy, July 2010, pp. 369-373. There he 
imagined two possible ways a time travelling Shakespearean scholar might 
attempt to convince skeptical colleagues that he had discovered a draft of 
Hamlet dating from the year 1589 (10 years before the earliest accepted date 
of its composition by Shakespeare). The first attempt is to simply bring that 
draft directly back with him in the time machine, from 1589 to the present. 
Then, of course, many of the inherent clues as to the draft’s authenticity, such 
as chemical composition of the ink, the weave of the paper, and orthography 
(the style of writing in 1589) would be consistent with the time traveler’s 
claim, but other clues would not—the age of the paper and of the ink, for 
example, would be taken as evidence fatal to the claim, as they would not be 
nearly 430 years old. They would appear, in fact, to be practically new! The 
draft would, therefore, be dismissed as simply a clever forgery. The second 
attempt would try to get around this problem, as follows. After locating the 
draft in 1589, the time traveler doesn't bring it back to the present, but rather 
stashes it away in a secret hiding place. Then, once back in the present, he 
takes his colleagues to the secret hiding place and, with a flourish, reveals the 
draft which now is nearly 430 years old. Much to the time traveler’s frustra- 
tion, however, his colleagues still reject his time travel claim, this time saying 
he must have simply found the draft in the ‘usual’ way (under the floorboards 
in somebody’s attic, for example), and is just pretending to have found it via 
time travel. Can you think of a way, using the Hamlet draft, the time traveler 
might be able to convince his skeptical colleagues? 
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The fan I quoted in “Some First Words,” who wrote to Astounding Stories in 
1931 to express his unhappiness with the appearance of women in that 
magazine’s stories, was quite clear about his concerns—although, given the 
times, he carefully avoided any direct mention of sex. A modern, highly 
successful female writer of science fiction, Anne McCaffrey (1926-2011), 
didn’t shy away from that, however, when she wrote the following in a 
hilariously funny essay: “Prior to the ‘60s, stories with any sort of love 
interest were very rare. True, it was implied in many stories of the *30s and 
‘A0s that the guy married the girl whom he had rescued/encountered/discov- 
ered during the course of his adventures. But no real pulse-pounding, tender, 
gut-reacting scenes. The girl was still a ‘thing’ to be used to perpetuate the 
hero’s magnificent chromosomes. Or perhaps to prove that the guy wasn’t ... 
I mean, all those men locked away on a spaceship for months/years at a time. I 
mean ... and you know what I mean even if I couldn’t mention it in the sf of 
the ‘30s and ‘40s.” (See Anne McCaffrey, “Hitch Your Dragon to a Star: 
Romance and Glamour in Science Fiction,” in Science Fiction, Today and 
Tomorrow, R. Bretnor, editor, Harper & Row 1974, pp. 278-292.) Modern 
time travel science fiction has shown a huge change (for the better) on this 
score. Discuss, for example, the emotional power of a love story between a 
couple separated in time, as depicted in the 1975 novel Bid Time Return by 
Richard Matheson (made into the 1980 film Somewhere in Time). How do 
you think the 1931 fan would have reacted to Matheson’s story? (Indeed, if 
that fan was a teenager—or even a few years older—in 1931, then 44 years 
later he would have been, at most, in his mid-60s and might well have read the 
novel.) 


In the 2014 film /nterstellar, a space probe dives into a black hole, gets a 
glimpse of the hole’s singularity, measures some unspecified quantum 
effects, and then sends the measurements back to Earth (via the fifth dimen- 
sion) as a signal in the form of spasmodic Morse code twitches of the second- 
hand on somebody’s watch. This all leads (it is hinted) to a theory of quantum 
gravity. If you saw the second-hand on your watch suddenly begin to spas- 
modically twitch, would you then immediately think 


(a) that a Morse code message was coming to you via the fifth dimension 
bearing the secrets of quantum gravity? 


or 


(b) that your watch needs a new battery? 


(continued) 


1.7 For Further Discussion 


or 
(c) something else? 


Vigorously defend your answer. 


William Grey, a philosopher at The University of Queensland, pointed out 
numerous conceptual difficulties with the idea of time travel in his paper 
“Troubles with Time Travel,” Philosophy, January 1999, pp. 55-70. That 
paper quickly prompted a rebuttal from the philosopher Phil Dowe (at the 
University of Tasmania), who replied a year later with the paper “The Case 
for Time Travel,” Philosophy, July 2000, pp. 441-451. We’ll eventually take 
up all the issues discussed in those two papers but, for now, read both papers 
and summarize their respective arguments. Do you feel one of the writers won 
the day (for you, anyway)? 
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Chapter 2 
Philosophical Space and Time 


“I do not believe that there are any longer any philosophical 
problems about Time; there is only the physical problem of 
determining the exact physical geometry of the four- 
dimensional continuum that we inhabit.”! 


2.1. Time: What Is It, and Is It Real? 


“Time is generally thought to be one of the more mysterious ingredients of the Universe.”” 


Before going any further with time travel, it will be well worth the effort to take 
a closer look at time itself, the ‘stuff’ or ‘thing’ or ... ? that we are interested in 
traveling ‘through’ or ‘around’ or ‘across’ or ... ? Oddly enough, Ill start with 
religion, as philosophical theologians had identified time as something unusual long 
before Newton’s words on time in his Principia that I mentioned in the Introduc- 
tion, and many thousands of years before science fiction writers and their time 
travel stories. 

We can, in fact, trace the religious interest in time back at least sixteen centuries 
to the Christian theologian St. Augustine and his Confessions (in which he famously 
admitted “What, then, is time? I know well enough what it is, provided that nobody 
asks me: but if Iam asked what it is and try to explain, I am baffled.”’). Certainly the 
seventeenth century Spanish Jesuit Juan Eusebius Nieremberg caught the spirit of 
wonder that time holds for the devout when he wrote, in his Of Temperance and 
Patience, that “Time is a sacred thing; it flows from Heaven ... It is an emanation 
from that place, where eternity springs ... It is a clue cast down from Heaven to 
guide us ... It has some assimilation to Divinity.” 

Going outside Christianity, we can easily find other equally strong reactions to 
the mystery of time. From Plutarch’s Platonic Questions we learn that when the 
question of time’s nature was put to Pythagoras, he simply uttered the mystical 
“time is the soul of the world.” The Laws of Manu of Hinduism, the Torah of 
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Judaism, the Koran of Islam, and the revealed truths of Gautama Buddha are all full 
of references to time. It is, in fact, to the pagan gods of Greek mythology that we 
owe our ‘modern’ image of Chronos, or Father Time. 

Not just the Greeks made time a god. In the Bhagavad Gita (Song of the Lord), 
the central religious-romantic epic of Hinduism that predates Christ by five centu- 
ries, one of the characters reveals his divine nature and declares his power thus: 
“Know that I am Time, that makes the worlds to perish, when ripe, and bring on 
them destruction.” And in the even older Egyptian Book of the Dead, which dates 
back over three thousand years, the newly deceased was thought literally to become 
one with time itself. The merging of time and the resurrection of the body after 
death in the Book is shown in the line “I am Yesterday, Today and Tomorrow, and I 
have the power to be born a second time.” 

The Greek philosopher Plato (circa 400 B.C.) gave us a curious way to think of 
time: as a closed loop. While Plato did think of time as having a beginning, his 
conception did not have time extending off into the infinite future as does the 
modern, everyday view. Rather, Plato visualized time as curving back on itself—as 
circular in nature. This was, in fact, a reasonable reflection on what Plato could see 
everywhere in nature, with the seemingly endless repetition of the seasons, 
the regular ebb and surge of the tides (the old English word tid was a unit of 
time), the unvarying alternation of night and day, and the rotation of the visible 
planets in the sky. Whatever might be observed today, it seemed obvious to Plato, 
would happen again in nature. Circular time in science fiction was briefly men- 
tioned in Chap. 1,° and it occurs outside that genre, too, as in James Joyce’s novel 
Finnegans Wake, which opens in mid-sentence and ends with the first part of the 
same sentence. This view of time has a powerful, ancient visual symbol, the Worm 
Ouroborous, or World Snake, that eats its own tail endlessly. 

Circular time, with its closed topology, was favorably presented in Stephen 
Hawking’s famous book A Brief History of Time. In it he concludes that there is 
no need for God because in circular time there is no first event and hence no need 
for a First Cause. Vigorous philosophical rebuttals were quick to come, of course!* 

Turning to fiction, Ray Bradbury wrote a beautifully poetic passage about the 
mystery of time in “Night Meeting,” one of the splendid sub-stories in his episodic 
1950 masterpiece The Martian Chronicles. A man of A.D. 2002, who is one of the 
modern inhabitants of Mars, somehow meets the ghostly image of a long-dead 
Martian one cold August night. The conditions are just right for such a cross-time 
encounter. As the man thinks to himself, ““There is the smell of Time in the air 





Another example from science fiction is the story by I. Hobana, “Night Broadcast,” in which a 
television signal from the past is picked up by a gadget that is probing the future: “By going far 
enough into the future one comes upon what we call the past.” You can find this tale in the Penguin 
World Omnibus of Science Fiction, Penguin Books 1986. 

4See, for example, W. L. Craig, “What Place, Then, for a Creator?: Hawking on God and 
Creation,” British Journal for the Philosophy of Science, December 1990, pp. 473-491, and 
R. Le Poidevin, “Creation in a Closed Universe Or, Have Physicists Disproved the Existence of 
God?,” Religious Studies, March 1991, pp. 39-48. 
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tonight. ... There was a thought. What did Time smell like? Like dust and people. 
And if you wondered what Time sounded like it sounded like water running in a 
dark cave and voices crying and dirt dropping down on hollow box lids, and rain. 
And, going further, what did Time Jook like? Time looked like snow dropping 
silently into a black room or it looked like a silent film in an ancient theater, one 
hundred billion faces falling like those New Year balloons, down and down into 
nothing. That was how Time smelled and looked and sounded. And tonight ... 
tonight you could almost touch Time.” 

Well, lovely words, yes, but they don’t really tell us what time is. Perhaps 
Einstein the physicist can tell us. In the New York Times of December 3, 1919, 
we find him quoted as follows: “Till now it was believed that time and space existed 
by themselves, even if there was nothing [Newton’s view]—no Sun, no Earth, no 
stars—while now we know that time and space are not the vessel for the Universe, 
but could not exist at all if there were no contents, namely, no Sun, no Earth, and 
other celestial bodies.” Less than 2 years later Einstein stated this view again 
(New York Times, April 4, 1921): “Up to this time the conceptions of time and 
space have been such that if everything in the Universe were taken away, if there 
were nothing left, there would still be left to man time and space.” Einstein went on 
to deny this view of reality, saying that, according to his general theory of relativity, 
time and space would cease to exist if the universe were empty. This has the ring of 
one of Einstein’s favorite philosophers, Spinoza, who declared in his Principles of 
Cartesian Philosophy that “there was no Time or Duration before Creation.” In a 
correspondence with Samuel Clarke—Newton’s friend who translated Newton’s 
Optiks into Latin—the German philosopher Gottfried Leibniz (who began the 
correspondence in 1715) expressed similar ideas: “Instants, consider’d without 
the things, are nothing at all ... they consist only in the successive order of things.” 

The pragmatic scientist would certainly agree with Leibniz. After all, what could 
it even mean to talk of time unless you can measure it? And what you use to 
measure time is a clock—some kind of changing configuration of matter involving 
spinning gears, ticking pendulums, and rotating dial pointers. Mere unchanging 
matter, alone, is not sufficient to measure time because a still clock measures 
nothing. Changing matter seems to be required. Yet, not surprisingly, not every- 
body agrees. The counterview, the view that time has nothing to do with change, 
was expressed in an interesting manner by a science fiction fan in a letter to the 
editor of Wonder Stories (January 1931): “Just one thing, you have these time- 
traveling yarns, good stuff to read all right, but bunk, you know; because if there’s 
no such thing as time, which there isn’t, only change [my emphasis], how can one 
travel in ... something that doesn’t exist. To our planet which goes around the Sun 
there is simply a turning and warming of one side and then the other, i.e., years, 
days, minutes, etc., is something purely artificial, invented by man to tell him when 
to do certain things, work and stop work .. .”° 





>This fan’s idea was not new. For Plato’s most famous student, Aristotle, time was motion (in a 
world in which nothing moved, argued Aristotle, there would be no time), and he expressed this 
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Going even beyond the ideas of Einstein, Spinoza, Leibniz, Plato, Aristotle, and 
our science fiction fan, at least one metaphysician felt that time would have no 
meaning, even in a massive and changing universe, without the additional presence 
of conscious, rational beings.° That sounds very much like an echo of the French 
philosopher Henri Bergson who, in 1888, somewhat mysteriously declared that 
time is “nothing but the ghost of space haunting the reflective consciousness.” A 
few years before Taylor, however, a fellow philosopher had argued for exactly the 
opposite view, that temporal passage is independent of the existence of conscious 
beings.’ 

All this divergence of opinion perhaps explains why even a lightweight Holly- 
wood movie like Mel Brooks’ 1987 Spaceballs can get a laugh from a time joke. 
Even kids know that the characters, when talking about time, haven’t the slightest 
idea of what they are talking about. The movie, a spoof on such classic films as Star 
Wars, The Wizard of Oz, and Raiders of the Lost Ark, quickly reaches a point of 
crisis. To find out what to do next, the evil Lord Helmet and his chief henchman 
decide on a novel approach: they will look at an instant video of their own movie! 
(Instant videos are available before the movie is finished.) Perplexed at watching on 
a television screen everything that he is doing as he does it (the screen correctly 
shows an infinite regression of television screens, each being watched by a Lord 
Helmet), Lord Helmet initiates the following rapid-fire exchange. (It is, of course, a 
clever take-off on Abbott and Costello’s ““Who’s on First?’’) 


What the hell am I looking at? When does this happen in the movie? 
Now! You're looking at now, sir. Everything that happens now, is 
happening, now. 

What happened to then? 

We’re past that. 

When? 

Just now, now. 

Go back to then. 

When? 

Now. 

Now? 

Now. 

I can't. 

Why? 

We missed it. 





view in his famous metaphor “Time is the moving image of eternity.” For Aristotle, then, time and 
change were inseparably intertwined. For Aristotle the world had existed for eternity, and the 
circularity of time was a central and powerful image; using his vivid illustration, it is equally true 
in circular time that we live both before and after the Trojan War. 

6R. Taylor, “Time and Life’s Meaning,” Review of Metaphysics, June 1987, pp. 675-686. 

78. McCall, “Objective Time Flow,” Philosophy of Science, September 1976, pp. 337-362. 
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When? 

Just now. [The henchman then sets the video to rewind.] 
When will then be now? 

Soon. 


We may laugh at this, even dismiss it as mere movie madness, but could any of 
us really do much better if, like Saint Augustine, we were backed into a corner and 
asked to explain time? Somehow, I think even the distinguished twentieth-century 
Harvard professor Hilary Putnam whose words open this chapter would find it 
difficult to know where to begin. He might even become as confused as the time 
traveler in the 1968 film Je t’aime, Je t'aime, whose oscillations in time, from 
present to past and back again, leave him so befuddled that he decides he’d rather be 
dead. What, then, can we say about time? Despite Putnam’s bold words, I suspect 
that most people would come down on the side of Augustine. 

The mystery of time was well captured by R. H. Hutton (1826-1897), the literary 
editor of the Spectator, when he wrote in his 1895 review (see note | in the 
Introduction) of Wells’ Time Machine that “the story is based on that rather favorite 
speculation of modern metaphysicians which supposes time to be at once the most 
important of the conditions of organic evolution, and the most misleading of 
subjective illusions ... and yet Time is so purely subjective a mode of thought, 
that a man of searching intellect is supposed to be able to devise the means of 
traveling in time as well as in space, and visiting, so as to be contemporary with, any 
age of the world, past or future, so as to become as it were a true ‘pilgrim of 
eternity.’” 

Novelist Israel Zangwill (1864-1926) wrote a similar but much more analytical 
review of Wells’ novel for the Pall Mall Magazine (see note | in the Introduction). 
Zangwill was the only Victorian reviewer to attempt a scientific analysis of time 
travel. Although he thought Wells’ effort was a “brilliant little romance,” Zangwill 
also thought the time machine—‘“much like the magic carpet of The Arabian 
Nights”—was simply “an amusing fantasy.” Zangwill continued in his review 
with what was even then a common idea about a way one might actually be able, 
at least in principle, to look backward in time; one could travel far out into space by 
going faster than light and then watch the light from the past as it catches up to you. 
(Note, carefully, that Zangwill was writing in 1895, 10 years before Einstein’s 
special relativity put a limit on possible speeds.) In this way, Zangwill wrote, one 
could watch “the Whole Past of the Earth still playing itself out.” 

Indeed, even before Zangwill, the well-known French astronomer Camille 
Flammarion (1842-1925) had made this dramatic idea a centerpiece of his 1887 
novel Lumen. That book, a best-seller in Europe even before its appearance in 
England, describes how a man just dead (in 1864) instantly finds his spirit on the 
star Capella, where he is able to watch the light then arriving from the Earth of 
1793. In particular, he watches the French Revolution play itself out and sees 
himself as a child. Flammarion may have, in fact, been inspired to write his novel 
by an essay written several years earlier (in 1883) by the British physicist 
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J. H. Poynting (1852-1914). Poynting’s essay,” which opens with the statement that 
it was, in turn, inspired by an anonymous pamphlet published “30 or 40 years ago” 
on the same topic, specifically mentions watching historical events from Capella. 

By the beginning of the twentieth century the idea of watching the past by 
outrunning light had drifted down into juvenile literature, as in the 1904 novel 
Around a Distant Star by Jean Delaire (the pen name for Pauline Touchemoline 
(1868-1950)), in which a young man builds a spaceship that can travel at two 
thousand times the speed of light. With it, he and a friend travel to an Earth-like 
planet nineteen hundred light-years distant and use a super-telescope to watch the 
Crucifixion (and then the resurrection) of Jesus. Early magazine science fiction also 
found the idea of looking backward in time with delayed light to be an irresistible 
one, involving romance and murder.’ In another tale incorporating human emo- 
tions, a scientist loses his wife to a rival who kidnaps her and then escapes in a 
faster-than-light rocket ship headed for parts unknown. After searching for them 
with his own brilliant invention of the ‘ampliscope’ (several quantum leaps beyond 
the telescope), the scientist locates the couple, skipping from planet to planet light- 
years distant. His only pleasure, then, is to use his own faster-than-light craft to 
outrun the images of his lost love and watch them over and over. Eventually, 
however, he comes to realize the ultimate futility of it all. As the final line of this 
sad tale says, “It would be senseless, I knew, chasing on and on after yesterdays.” '° 

The reality of time received a new twist with the additional imagery of instants 
of time being likened to the points on a straight line. In the West it was the Christian 
theological doctrine of unique historical events that gave rise to linear time in the 
minds of the common folk. The creation of the world and Adam and Eve, the 
adventures of Noah and the cataclysmic Flood, the Resurrection—these were all 
events that occurred in sequence, once. None would happen again and so, for 
Christianity, circular time just would not do.'' In addition, it has been argued that 
the major spiritual content of Christianity—a significant reason for its popular 
support even in the face of brutally harsh Roman suppression—is that it brought 
the expectation of change into the static world of ancient times. It was, in fact, in 
ancient religious teachings that our modern view of linear time had its origin, a view 
that most people today (including the most hardened agnostic physicist) find to be 
as natural as Plato and Aristotle found circular time. 





8J. H. Poynting, “Overtaking the Rays of Light,” in Poynting’s Collected Scientific Papers, 
Cambridge University Press 1920. 

As in, for example, G. A. England, “The Time Reflector,’ The Monthly Story Magazine, 
September 1905. 

'D, D. Sharp, “Faster Than Light,” Marvel Science Stories, February 1939. The year before saw 
the appearance of a story with the same idea, a story that specifically cites Flammerion: 
M. Weisinger, “Time On My Hands,” Thrilling Wonder Stories, June 1938. 

"Still, just to show how one can find support for almost any view in the same religious dogma, 
Ecclesiastes 1:9 would seem to be a claim not for linear time but rather for circular time!: “The 
thing that hath been, it is that which shall be; and that which is done is that which shall be done; and 
there is no new thing under the sun.” 
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Even though linear time was the norm after Christ, there were still enough 
questions about time to perplex the deepest of thinkers, and the next 2000 years 
resulted in plenty of thinking. Discourses on time by such philosophers as Des- 
cartes, Spinoza, Hobbes, Kant, Nietzsche, and Hegel can be found by the yard in 
any decent university library. Nearly all (if not indeed all) of these presentations 
have metaphysical, even theological, underpinnings. For example, Descartes is 
generally believed to have argued for a discontinuous, atomistic nature to time 
(recall the chronon from Chap. 1). This is the modern view of his thinking, because 
in his Meditations (1641), in particular in the third meditation on God’s reality, 
Descartes appears to argue that God must continually recreate the world at each 
separate moment of its existence. That is, the world is recreated in a discontinuous 
succession of individual acts by God.'” 

Finally, with Newton’s discussion of absolute time, which is the belief that time 
is the same everywhere in the universe, there was for the first time a physicist 
writing about time (although, as I mention in Chap. 1, Newton’s views were also 
influenced heavily by theological considerations, in addition to mathematical phys- 
ics). But, despite Newton’s genius, the mystery of time remained a mystery. 

In 1905 Einstein’s name appeared among the contributors to the study of time, 
and so at last something besides metaphysical speculation on the subject was added 
to the body of human thought. Einstein’s paper on special relativity introduced the 
revolutionary idea of relative time, which is the anti-Newton belief that the passage 
of time is not the same everywhere, but rather depends on local conditions. In 
retrospect, Einstein’s 1905 work seems to be the perfect reply to the comment by 
Isaac Barrow (1630—1677)—Newton’s teacher and the first Lucasian professor of 
mathematics at Cambridge (the chair once held by Stephen Hawking centuries 





For more on this, see R. T. W. Arthur, “Continuous Creation, Continuous Time: A Refutation of 
the Alleged Discontinuity of Cartesian Time,” Journal of the History of Philosophy, July 1988, 
pp. 349-375. 
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later)—that “because Mathematicians frequently make use of Time, they ought to 
have a distinct idea of the meaning of the Word, otherwise they are Quacks.” 

Then, just 3 years after Einstein, along came a second astonishing paper by the 
Cambridge philosopher John Ellis McTaggart (1866-1925). This paper’ claims to 
prove that whatever time might be thought to be (even by Einstein), it really isn’t 
that because time isn’t even real. (This would seem, I think you’d agree, to have 
potentially profound implications for time travel!) The method of the paper is to 
deny the reality of time via an infinite-regress argument that one philosopher'* has 
called the pons asinorum (“bridge of asses”’) of the riddle of time. As McTaggart’s 
own opening sentence freely admits, “It doubtless seems highly paradoxical to 
assert that Time is unreal, and that all statements which involve its reality are 
erroneous.” 

McTaggart began his analysis by observing that there are two separate and 
distinct ways of talking about events in time. Following his terminology, one can 
say that events are either future, present, or past (the so-called A-series), or one can 
say that events temporally ordered by each being later than some other events, 
earlier than others, and simultaneous with still others (the so-called B-series). He 
then continued by asserting that time requires change, and followed that with the 
observation that the A-series (but not the B-series) incorporates such change. That 
is, if event X is earlier than event Y, then X is a/ways earlier than Y and thus there is 
no change in this (or in any other) example of a B-series. As a specific example, let 
Y be the birth of a child, and let X be the birth of its mother. In contrast, if X is first 
in the future, then is in the present, and finally is in the past, then we have an 
example of change (and hence of time) in the A-series; for example, let X be the 
next time you blink. 

With this rather pedestrian start, McTaggart then pulled his rabbit out of the hat. 
It makes no sense, he argued, to talk of the ‘future,’ ‘present,’ and ‘past’ of an event 
because these terms are mutually exclusive. That is, no two of these predicates can 
apply at once, and yet, paradoxically, every event possesses all three and thus we 
have a contradiction. It therefore, concludes McTaggart, makes no sense to talk of 
future, present, or past. And because it makes no sense to talk of them, they do not 
exist, and so there can be no A-series and hence no change, and thus no reality to 
time. McTaggart apparently realized just how befuddling all that would appear to 
just about everybody who read it, and so he played devil’s advocate (D.A.) in his 
paper by trying to anticipate the various objections people could raise. Of course, he 
always managed to refute the D.A. at every turn. It is worth the effort to go through 
the details of McTaggart’s ‘proof,’ as that will make it clear what there is about 





'5J, E. McTaggart, “The Unreality of Time,” Mind, October 1908. 


‘41. O. Mink, “Time, McTaggart and Pickwickian Language,” Philosophical Quarterly, July 
1960, pp. 252-263. The phrase pons asinorum has its origin in a plane geometry theorem: the 
angles opposite the equal sides of an isosceles triangle are themselves equal. Seeing the truth of 
this is said to separate the quick-witted from the dull. It isn’t clear (to me, anyway), however, on 
which side of McTaggart’s ‘proof’ the quick-witted were imagined to fall. You’ll see what I mean 
in just a moment. 
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‘traditional’ philosophical reasoning that so irritates modern philosophers trained in 
mathematical physics (and what makes physicists roll their eyes when confronted 
with arguments like McTaggart’s). 

The predicates of future, present, and past are really not incompatible for any 
event, the D.A. says some will claim, because the real predicates we should use are 
‘was future,’ ‘is present,’ and ‘will be past,’ and these can be possessed all at once 
by any event. Nice try, counters McTaggart, but that will not solve the problem. By 
allowing such modified predicates, we must actually allow for all nine possibilities, 
some of which are still incompatible. That is, the ‘was,’ ‘is,’ and ‘will be’ could 
each be potentially attached to ‘future,’ ‘present,’ and ‘past’: for example, ‘was 
past’ is incompatible with ‘will be future.’ 

Oh, counters the D.A., we can eliminate that concern by allowing even more 
complex predicates to arrive at a third level of structure, such as ‘is going to have 
been past,’ and ‘was going to be future,’ and those are compatible. But McTaggart 
swats that argument away, too, by displaying new incompatibles, as well as by 
showing that the process of ever-increasing predicate complexity is a vicious 
infinite regress that drags along the seeds of its own doom at every step.'* There 
is simply no escape from incompatibility, he says, and so there is no time. 

Well! What can one do when presented with such an argument, one that seems to 
claim philosophers can wrest free the secrets of nature by pondering the historical 
accidents of English syntax? As David Hume once said, “Nothing is more usual 
than for philosophers to encroach on the province of grammarians, and to engage in 
disputes of words, while they imagine they are handling controversies of the 
deepest importance and concern.” One modern philosopher apparently agreed 
with Hume, at least in the case of McTaggart’s ‘proof,’ and he was pretty blunt 
with his evaluation of it: “McTaggart’s famous argument for the unreality of time is 
so completely outrageous that it should long ago have been interred in decent 
obscurity. And indeed it would have been, were it not for the fact that so many 
philosophers are not sure that it has ever really been given a proper burial, and so 
from time to time someone digs it up all over again in order to pronounce it really 





'SHere’s a clever way to systematically generate McTaggart’s infinite regress of complex predi- 
cates, as presented by M. Dummett, “A Defense of McTaggart’s Proof of the Unreality of Time,” 
Philosophical Review, October 1969, pp. 497-504): “Let us call ‘past,’ ‘present,’ and ‘future’ 
‘predicates of first level.’ If, as McTaggart suggests, we render ‘was future’ as “future in the past,’ 
and so forth, then we have nine predicates of second level, where we join any of the three on the 
left with any of the three on the right: 




















past past 
present in the present 
future future 
Similarly, there are twenty-seven predicates of third level .. . “‘Dummett’s construction clearly 


shows that, at the N-th level, there are 3% predicates, most of which are incompatible. 
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dead. These periodic autopsies reveal that something more remains to be said.”'® 
That is certainly true, in as much as McTaggart’s disarmingly innocent argument 
has caused disagreement and furrowed brows among philosophers for decades. 

It is, in fact, easy to find examples of the continuing debate over McTaggart’s 
analysis and, as silly as it strikes physicists, it still has a pulse in some quarters. 
While at least one philosopher has argued that McTaggart simply didn’t really 
understand his own proof, this philosopher nevertheless agreed with McTaggart’s 
conclusion about the unreality of time.'’ Another writer has illustrated how 
McTaggart’s ideas have found their way into modern philosophical debates on 
the meaning of time in the cinema, particularly in the analysis of anachrony, the 
telling of a story out of normal time sequence, such as occurs in time travel 
movies.'® 

Other sorts of metaphysical proofs for the unreality of time have been offered 
besides McTaggart’s. For example, it has be argued that time is unreal, at least in a 
world empty of consciousness, because the concepts of past, present, and future 
could not possibly have any meaning unless events could be remembered, experi- 
enced, and anticipated. Or, for a second example, some have held time to be unreal, 
at least in a deterministic world (as some argue four-dimensional spacetime to be), 
because any event whose occurrence follows from present conditions, and from 
physical laws, would exist (they say) now. This view, which seems to assert that 
everything should happen at once, I personally find to be sufficiently obtuse as not 
to be bothered by it.'? Debates between those who believe in the common-sense 
idea that present, past, and future are attributes of events (the ‘tensers’) and those 
who deny it (the four-dimensional spacetime, block universe ‘detensers’) continues 
to now and then still flair up on the pages of philosophy journals. At least one 
philosopher likes both views!*° Most modern physicists, I think, simply don’t care 
about this line of inquiry. 

On the other hand, less than a month before his death Einstein revealed his 
feelings about the meaning of present, past, and future, and his words appear to be 
ones that show some sympathy to the philosophers. In a letter written on March 
21, 1955, to the children of his dearest friend who had just died, Einstein wrote— 
with full knowledge that his own illness would be his last—“And now he has 





‘OR. Christensen, “McTaggart’s Paradox and the Nature of Time,” Philosophical Quarterly, 
October 1974, pp. 289-299. 

7Q. Smith, “The Infinite Regress of Temporal Attributions,” Southern Journal of Philosophy, Fall 
1986, pp. 383-396. To this came a rebuttal a year later by L. N. Oaklander, in the same journal 
(Fall 1987, pp. 425-431). 

'8G, Currie, “McTaggart at the Movies,” Philosophy, July 1992, pp. 343-355. 


‘But if, upon reflection, it starts to bother you, see R. Gale, “Some Metaphysical Statements 
About Time,” Journal of Philosophy, April 1963, pp. 225-237. We’ll soon get to some of the more 
common philosophical questions on the nature of four-dimensional spacetime, such as ‘is it 
deterministic or is it fatalistic?,’ and ‘does free-will have any meaning in four-dimensional 
spacetime?’ Even physicists are interested such questions! 


OR, Weingard, “Space-Time and the Direction of Time,” Nous, may 1977, pp. 119-131. 
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preceded me briefly in bidding farewell to this strange world. This signifies nothing. 
For us believing physicists, the distinction between past, present, and future is only 
an illusion, even if a stubborn one.”?! Later in this chapter I'll return to these 
curious words and speculate on what Einstein may have meant by them. 

I started this opening section on a religious note, and I'll end it on one. If you 
think the philosophical speculations on the nature of time that I’ve so far cited are 
‘really far out,’ here’s yet another one that leaves all the rest in the dust. In a paper 
that took real nerve to write (or, perhaps, simply a wicked sense of humor—and I 
write that in pure admiration) we read of how a spacetime that supports time travel 
can give the start for a physics explanation to the theological concept of Hell! After 
introducing just a bit of elementary spacetime physics (which I'll skip describing 
here because we’ll do it later in the book), the author~” shows how to ‘construct’ a 
compact region in spacetime (Hell) with the following properties: 


1. While “so small even the Hubble Telescope couldn’t image it” it can hold an 
infinity of physical beings; 

2. Each of the beings in it are doomed, because of its time travel property, to an 
infinitely long personal future of damnation; 

3. Each of the beings in it, because of its time travel property, can view all the 
future stages of their own personal damnation and so be “continually presented 
with a reminder of the impossibility of escape—a refinement no causally normal 
Hell can seemingly offer.” In other words, and not to be too ironic about it, 
“Theological Progress Through Physics!’; 

4. Each of the beings in it are continually being compressed together (“brought into 
dismaying proximity” with themselves) and so will spend eternity “listening to a 
cacophony” of their own cries of despair from their personal future. 


There’s more, but that’s probably enough for you to get the idea. Richmond does 
admit that, as it stands, his time travel creation of Hell is not compatible with either 
quantum theory or even general relativity. Still, it is something to ponder, don’t you 
think, when the subject of time travel comes up! 
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“A thousand years is a huge succession of yesterdays beyond our clear apprehension.””* 


—H. G. Wells 





7! Quoted from B. Hoffmann, Albert Einstein: Creator & Rebel, New American Library 1972, 
pp. 257-258. 

>? Alasdair M. Richmond, “Hilbert’s Inferno: Time Travel and the Damned,” Ratio, September 
2013, pp. 233-249. 


This line appears in Wells’ 1944 doctoral thesis, written for the University of London. You can 
find an abridgement of the thesis in Nature, April 1, 1944, pp. 395-397. 
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The modern concept of linear time as a straight line extending from the dim past 
through the present and disappearing into the misty future gives rise immediately to 
twin questions: “Did time have a beginning?” and “Will time ever end?” As one 
philosopher put it (long before physicists became seriously interested in singular- 
ities like the Big Bang) “Endings and beginnings are rooted in the very conception 
of time itself.”?* Starting at the beginning, we’ll ask if the past has been forever? 
Early Biblical scholars, of course, believed the answers to both questions to be no. 

They believed that the world came into being because of a First Cause, God’s 
creation of everything. Those scholars expended vast quantities of energy (and, 
need I say it, time itself) in calculating the date of creation. Martin Luther, for 
example, argued for 4000 B.C. as roughly when everything, including time, began. 
Johannes Kepler adjusted this by a notch, to 4004 B.C., and later the Calvinist 
James Ussher, Archbishop of Armagh and Primate of All Ireland, tweaked it again. 
His date is the most impressive of all, at least in detail: the first day of the world was 
4003, 70 days, and 6 h before the midnight that started the first day of the Christian 
era. Six days after that first day of the world, Adam was made, and as a final dash of 
specificity, this last date was declared to be Friday, October 28! Ironically, then, 
though Christian theology may be given credit for introducing linear time, it 
certainly did not provide very much of it. The beginning of time was just 
6000 years or so ago, and of course The End—in the form of the Battle of 
Armageddon—has been awaited (with varying degrees of eagerness) for the last 
1000 years. 

The discovery in the seventeenth century of geological time cast a certain 
amount of skepticism on those early calculations concerning the duration of the 
past. With the discovery that the very Earth itself could be decoded for its history, 
the lure of trying to decode a mere book of admittedly finite age declined for most 
people although it cannot be denied that modern Creationists still find such a task to 
have its rewards). Geological time was discovered to a chasm of time extending 
backward for billions of years, a duration that is really incomprehensible for the 
human brain. It has become fashionable for geologists to refer to such enormous 
durations with the apt term deep time, a subtle play on the metaphor of the “ocean of 
time.” 

It is nothing less than humbling to historians who pause to think on how little of 
the past is known, that is, recorded. As the ever anonymous wit once put it, “History 
is adamn dim candle over a damn dark abyss.” Still, even as enormous as is the age 
of the Earth, it is not infinite. But of course our planet is very old, and the universe is 
many billions of years older. Is the age of the universe also the duration of the past? 
Or is the past itself actually infinite? 

An implicit assumption of the infinity of the past (and of the future, too) can be 
found in Book Three of Lucretius’ science poem De Rerum Natura (On the Nature 
of Things) where, just before the birth of Christ, Lucretius argues for the irratio- 
nality of fearing death: “The bygone antiquity of everlasting time before our birth 





47 Stearns, “Time and the Timeless,” Review of Metaphysics, December 1950, pp. 187—200. 
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was nothing to us. Nature holds this up to us as a mirror of the time yet to come after 
our death. Is there anything in this that looks appalling, anything that means an 
aspect of gloom? Is it not more untroubled than any sleep?” 

One philosopher*’ has traced the origins of rational support for the finite 
duration of the past to as far back as the sixth century A.D. The argument presented 
then by the Christian philosopher Joannes Philoponus of Alexandria (who is 
otherwise known as John the Grammarian) is simply that the world could not 
have been forever because that implies an infinity of successive acts could have 
taken place which (according to Philoponus) is impossible. A variation on this is the 
claim that if the past were infinite in extent, then everything would have happened 
by now! Infinity was just too big for the ancient mind (Zeno’s hoary pre-Christian 
paradoxes, as is well-known today, are based on subtle errors in the use of infinity). 

This view on the impossibility of an infinite past seems to have been the 
prevalent view; even as late as the twelfth century the debate among Christian 
theologians was not about the possibility of an infinite past, but instead about 
whether the Biblical ‘six days of Creation’ actually had taken place simultaneously. 
For many, the past was ‘obviously’ finite in duration.*° Not all Christians accepted 
that conclusion, however, and the following century saw St. Thomas Aquinas 
(a follower of Aristotle) arguing for the opposite view of an infinite past. 

Thomas’ contemporary, St. Bonaventure, however, argued again for a finite past, 
and it is with Bonaventure that we start to see some mathematical sophistication.”’ 
Bonaventure argued that in a world infinitely old, the Sun would have made an 
infinite number of its annual trips around the ecliptic. But for each such trip the 
Moon would have made twelve monthly trips around the Earth, and so this second 
infinity would be twelve times as great as the first one, and how could that be? 
Infinity is infinity, and how can something be twelve times bigger than infinity? 
This argument doesn’t have any strength today because of the nineteenth century 
German mathematician Georg Cantor’s work on the concept of infinity,” but it is 
clever. Agonized, convoluted theological analyses of God, infinity, and eternity 
continued long after Aquinas and Bonaventure. Two examples should capture the 
spirit of those times. 





5G. J. Whitrow, “On the Impossibility of an Infinite Past,” British Journal for the Philosophy of 
Science, March 1978, pp. 39-45. Whitrow adds modern scientific support to the idea of a finite past 
by citing the prediction from general relativity of a singularity in spacetime at some finite past 
time; that is, the theory’s prediction that time—and everything else—had its beginning in the now 
famous Big Bang. 

°C. Gross, “Twelfth-Century Concepts of Time: Three Reinterpretations of Augustine’s Doctrine 
of Creation Simul,” Journal of the History of Philosophy, July 1985, pp. 325-338. 

27See, for example, L. Sweeney, “Bonaventure and Aquinas on the Divine Being as Infinite,” 
Southwestern Journal of Philosophy, Summer 1974, pp. 71-91, and S. Baldner, “St. Bonaventure 
on the Temporal Beginning of the World,” New Scholasticism, Spring 1989, pp. 206-228. 

?8For simple high school-level presentations on Cantor’s astonishing infinity results, see my book 
The Logician and the Engineer, Princeton 2013, pp. 169-171. 
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Consider first this one, on the supposed immortality of the soul. If A=B, then 
2A = 2B. Next, let A = ‘half alive’ and B = ‘half dead,’ where A = B in the same 
sense that a glass half-full is also half-empty. Thus, to be completely dead is to be 
completely alive, and so the soul is immortal. Outrageous? Yes, in my opinion, but I 
do also have to admit the ‘reasoning’ does have a certain charm! 

For my second example, let me begin by setting the historical stage. After 
publication of the English political philosopher Thomas Hobbes’ Leviathan in 
1651, with its arguments against the power of the Church and for civil power 
(with some criticism tossed in, as well, for universities), Seth Ward 
counterattacked. Ward, who was both a minister (later a bishop) in the Anglican 
Church and Savilian Professor of Astronomy at Oxford, was greatly offended by the 
secular nature of Leviathan. Even before Leviathan, in fact, Ward certainly would 
not have liked Hobbes’ earlier denial of the existence of immaterial substances 
(such as souls). Ward’s 1652 book A Philosophical Essay Towards An Eviction of 
the Being and Attributes of God, the Immortality of the Souls of Men, the Truth and 
Authority of Scripture, was the first of a two-punch reply to Hobbes. The second 
came in 1654 with the appearance of Ward’s Vindiciae academiarum. In both of 
these works Ward attempted to undermine Hobbes’ credibility by attacking his 
mathematical ability. (Hobbes had long been fascinated by, and was considered an 
expert on, the ancient problem of ‘squaring the circle,’ a task that has been known to 
be impossible only since 1882.) In his Essay, Ward also attempted to defend the 
view that the world has a finite age—that is, it had a specific moment of creation, 
presumably by God. In an opening note, in fact, Ward cites Hobbes’ rejection of 
immaterial substances as the motivation for his writing Essay. 

To support his view of a finite age for the world, Ward invoked infinity in an 
interesting way. He argued that nothing is permanent, certainly not humans. Each is 
created; one can imagine tracing a chain of creation events backward in time 
through successive generations. Now, there are only two separate and distinct 
possibilities to where this chain could lead to in the past. First, it could terminate, 
after a finite number of generations, at a first generation, that is, with the ‘creation’ 
of the first human. If that is the case, then, said Ward (in effect), ‘case closed.’ If that 
is not the case, however, then the chain of successive generations never terminates, 
that is, the chain is infinitely long. But that, argued Ward, is nonsense—how could 
anything infinitely long have an end (our present now)? 

Why Ward thought this an unanswerable paradox is hard to understand; after all, 
one can imagine a line in some coordinate system beginning at the origin and yet 
still being infinitely long (an example is the positive x-axis). This counter-example 
was not put forth by Hobbes in his own self-defense, but rather was offered by one 
of Ward’s own colleagues at Oxford, John Wallis, the Savilian Professor of 
Geometry. As for Hobbes, he was little bothered by Ward’s argument. As he 
pointed out (surely with a smile on his face), Ward was in danger of impaling 





The problem of ‘squaring the circle’ is, given a circle of area A, to construct (using only compass 
and straightedge) a square of area A. 
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himself as a theologian on his own sword: Ward’s argument “proved’ the finite age 
not only of the world but of everything, including God (thus raising the awkward 
question of who, or what, made God?). 

Similar problems with infinity lay behind Kant’s rejection of an infinite past. It is 
interesting to note that Kant, somewhat paradoxically, thought an infinite future a 
possibility. Why did Kant think time could be infinite in one direction but not in the 
other? One philosopher tells us*’ that Kant “failed to make himself clear,” and 
I think that understates the case. I say that because Kant’s argument was that the 
duration of the future is less problematic than is that of the past because it is only 
the past that influences the present. The best I can do in ‘explaining’ this is to 
speculate that if the present depends on an infinite past, then perhaps Kant thought 
that the possibility of so much influence was simply too much for the present to 
handle! In any case, Kant’s view falls apart if we consider the possibility of 
backward time travel and the resulting implication that the future could also 
influence the present. 

There is, as will come as no surprise, a philosopher for every conceivable point 
of the compass, and so a paper by one on the logical possibility of an infinite past 
soon prompts a rebuttal by another.*! In illustration of this, you’ll recall the quote 
from Augustus De Morgan in the opening section of this book, concerning the 
philosophers of his times; De Morgan went on in his critique to amusingly sum- 
marize the metaphysics of those times as follows: “Here we go up, up, up,/And 
there we go down, down, down,/Here we go backwards and forwards/And there we 
go round, round, round.” 

So, with De Morgan’s words in mind, here are a few more examples of how 
people have struggled with the issue of the past. One quite interesting, scientific 
twist on the duration of the past was pointed out before the exchange between Smith 
and Ells. In a paper** observing that although general relativity and its predicted 
spacetime singularity in the distant past may indeed allow for a finite past, that does 
not completely close the door to the possibility that the Big Bang was a continuation 
from a previous contraction phase of the universe, and so on, ad infinitum. (Yow ll 
recall the discussion in Chap. | of this idea in science fiction: see note 53 in that 
chapter.) To quote T. S. Eliot (from his “Little Gidding”): 





3°), Bennett, “The Age and the Size of the World,” Synthese, August 1971, pp. 127-146. See also 
Q. Smith, “Kant and the Beginning of Time,” New Scholasticism, Summer 1985, pp. 339-346. 
31See, for example, Q. Smith, “Infinity and the Past,” Philosophy of Science, March 1987, 
pp. 63-75, and then read E. Ells, “Quentin Smith on the Infinity of the Past,” Philosophy of 
Science, March 1988, pp. 453-455. Smith’s paper “The Uncaused Beginning of the Universe” 
appeared in this same issue (pp. 39-57), stating that he believed, really, only in the logical 
possibility of an infinite past and that the universe had in fact originated in an uncaused (no God 
required) Big Bang singularity. And, indeed, he had so argued for a finite past, in “On the 
Beginning of Time,” Nous, December 1985, pp. 579-584. 

?°R, Weingard, “General Relativity and the Length of the Past,” British Journal for the Philosophy 
of Science, June 1979, pp. 170-172. 
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“What we call the beginning is often the end 
And to make an end is to make a beginning. 
The end is where we start from.” 


Even without entertaining such an oscillating, accordion-like universe that 
endlessly expands and shrinks, it is possible to have a universe that originated in 
a single Big Bang a finite time ago in the past but yet has no first instant! This 
astonishing statement shocks most at first encounter, but it is simply the cosmo- 
logical version of a well-known mathematical result. The instant t=O is not 
actually part of spacetime, because the Big Bang was quite literally a singular 
event for which the laws of spacetime physics fail. Thus, all instants in time are 
greater than zero—and there is no smallest number greater than zero. If you name a 
positive number, no matter how small, I can name a positive number still smaller, 
such as one-half of yours. (Of course, if there really is merit to the idea of a quantum 
of time, the chronon, this argument goes out the window.) 

In an ingenious observation that seems to have been missed by most philoso- 
phers, E. A. Milne, a professor of mathematics at Oxford, suggested in his 1948 
book Kinematic Relativity, that with general relativity it is conceivable to have both 
a single Big Bang a finite time ago and an infinite past. Pointing out that to talk 
meaningfully of time implies that we have a clock to measure it by, Milne looked 
for a Universal Clock that would be far more durable than our heartbeats, or 
anything else that exists only transiently. He suggested the expansion rate of the 
universe itself as the ideal clock. As we go back in time to the Big Bang, the 
expansion rate rises towards infinity and, as another analyst put it, “We see the 
Universe ticking away quite actively. The Universe is meaningfully infinitely old 
because infinitely many things have happened since the beginning.”** 

The debate over the length of the past in modern times can be just as contentious 
as it was in medieval times. For example, in his editorial (“Down with the Big 
Bang’) of August 10, 1989, the then editor of Nature (John Maddox) declared the 
standard explosive model of the universe to be “philosophically unacceptable,” 
because “the implication is that there was one instant at which time literally began 
and so, by extension, an instant before which there was no time.” For Maddox, this 
meant that the Big Bang “is an effect [my emphasis] whose cause [my emphasis] 
cannot be identified or even discussed.” The usual (non-time travel) use of the 
words cause and effect is that the cause happens first and then the effect occurs—but 
if the Big Bang (the effect) is the origin of time, then how (asked Maddox) could 
there be a cause of the Big Bang before that beginning?** 





BC Ww. Misner, “Absolute Zero of Time,” Physical Review, October 1969, pp. 1328-1333. In this 
view cosmic time is taken as proportional to the negative of the logarithm of the normalized 
volume of the universe (V= | represents maximum volume, and so time ‘stops’ at the end of the 
universe’s expansion). Thus, because V goes to zero as we go backward in time, time runs ever 
faster as we travel ever further into the past. This puts the Big Bang (with V=0) infinitely 
long ago. 

*4This was not a new insight, of course, as Aristotle had long ago (in his Physics) declared an 
instant in time with no predecessor to be an absurdity. 
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The answer is obvious for creationists, of course—God did it. Creationists avoid 
the question of God’s cause, however, saying only that “He needs no cause,’ or even 
that ‘He made Himself”! It is these standard (ridiculous) responses from creationists 
that Maddox said had prompted his editorial against the Big Bang, because crea- 
tionists embrace the Big Bang as it seems to endorse their position of ‘science by 
imagination.’ Whatever the truth of that, I think juxtapositioning the scientific Big 
Bang model of the universe with theological metaphysics and the pseudo-science 
nonsense of creationism to be terribly unfair. 

When will the philosophical debates on the age of the past end? Not until the end 
of the (infinite?) future, is my wager! 
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“There are few paradoxes which have been resolved so often as the time-asymmetry 
paradox.”*° 


The philosophical literature is full of discussions about potential causal relation- 
ships between events. One of the most famous of these discussions, illustrating that 
cause and effect can be pretty slippery concepts, asks what at first appears to be an 
almost trivial question: Did the death of Socrates cause the widowhood of Xan- 
thippe? The quick and easy answer is “Of course—she was his wife and it was his 
death that causes us to say she was then a widow. What could be more obvious?” 
One philosopher has provided some interesting commentary, however, that might 
make you reconsider, or to at least become aware of how different are the questions 
concerning time that are of interest to physicists and philosophers.*° 

Suppose we agree that there are two events to be considered; Socrates ceasing to 
live, and Xanthippe becoming a widow. Those events occurred at different places 
(in prison, and wherever Xanthippe happened to be). Then, as Kim asserted, “the 
two events occur with absolute simultaneity ... [and so] we would have to accept 
this case as one in which causal action is propagated instantaneously through spatial 
space.” (As we’ll discuss in Chap. 3, the relativity of distant simultaneity weakens 
this assertion, but we’ll take that up later.) For now, it is the conclusion that Kim 
draws from the assertion that interests us here: just what is propagating instantly? If 
it isn’t mass-energy (as ‘widowhood’ would appear not to be!) then special relativ- 
ity isn’t bothered and physicists are happy. But those same physicists might also 
scratch their heads over why philosophers even wonder about such a question, 
because isn’t becoming a widow just another way of saying that Socrates died and 
so we really don’t have two events, but just one? In other words, for physicists this 
really isn’t a question about cause and effect at all! 
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The central puzzle of time travel to the past is its apparent denial of causality— 
that is, its denial of the belief that we live in a world where every effect has a cause 
and that the cause happens first. First we flip the switch and then the kitchen light 
comes on. It is never the other way around. So deeply embedded is the temporal 
ordering of cause and effect in our feelings about how the world—and all the rest of 
the cosmos—works, that the Australian philosopher John Mackie (1917-1981) 
called causation the “cement of the universe” (and used that wonderful phrase as 
the title of a 1980 book). Without causality, said Mackie, everything would come 
unglued and fall apart. For example, when electrical engineers design an electronic 
system that they intend to actually construct (as opposed to doing a mere theoretical 
“paper design’) they insist that the design be a causal one. By that they mean the 
system must have no output before an input is applied. That is, the system must not 
be able to anticipate (foresee) the application of an input. To put it bluntly, our 
engineers are insisting that they are not building a time machine! 

Now all that might seem to be self-evident, but there are some subtle problems. 
For example, it has become almost a cliché to say that nothing can go faster than 
light; that’s what physicists mean by relativistic causality. In other words, no cause 
can produce an effect at a distant location sooner than the time lapse required for a 
light pulse to make the trip. Classical mechanics, however, the science of Newton’s 
laws that engineers use all the time, is not relativistically causal. Push the left end of 
a rigid rod, for example, and the right end moves instantly. Most of the time the lack 
of this form of causality causes no problems, but the fact remains that the mechanics 
all engineers (and physicists, too!) learn first in school is flawed on a fundamental 
level. A rigid rod is an impossibility in Einstein’s mechanics. 

Indeed, it is interesting to speculate about how, after a discussion of causality, a 
traditional engineering professor would respond if challenged on this issue by a 
bright student. Causality might not look so obvious, after all, if such a student stuck 
up her hand in class and said “Professor, you’ve told us that everything that happens 
in nature is due to a cause. That what we see happening all around us, as the world 
unfolds, is the domino-process of cause-effect-cause-effect, and so on, into the 
future. But suppose, Professor, that at some instant, somehow, every particle in the 
world suddenly reversed its velocity vector. Wouldn’t that mean, given the time- 
reversible nature of the classical equations of motion, the world would then run 
backward in time along the same path it had followed up until the instant of 
reversal? Wouldn’t that mean what was effect is now cause, and that what was 
cause is now effect? And if cause and effect can change roles like that ... well, 
Professor, just what do our words mean?” 

An amusing, and instructive, cartoon illustration of the student’s idea of revers- 
ing all the velocity vectors in a system appeared on the cover of the November 1953 
issue of Physics Today. That issue contains an article on the 1949 nuclear magnetic 
resonance experiments performed by the American physicist Erwin Hahn, which in 
a certain sense dealt with just such reversed systems. In that illustration a group of 
runners on a multi-lane circular race track begin at the starting line in a coherent 
state, that is, all lined up together. Then, as they run around the track at various 
speeds, they gradually spread out into what appears to be an incoherent state. 
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But that incoherence is an illusion because if, at some instant (signaled in the 
cartoon by a pistol shot), they all turn around and run in reverse, they will all arrive 
back at the starting line together, at the same instant. The initial coherence of the 
runners was actually never lost, despite the superficial appearance of disorder, and 
the coherent state can be recovered at any time by a reversal of velocity vectors. 

This isn’t mere theoretical speculation, as an almost magical application of 
velocity vector reversal is actually used in what is called optical phase conjugation, 
a process to ‘time-reverse’ the severe distortion suffered by light beams during 
atmospheric propagation. For example, by effectively reversing the velocity vectors 
of photons, one can remove the turbulence blurring in satellite pictures of the 
Earth’s surface as seen from space.*” 

Let me immediately short-circuit one possible answer our beleaguered professor 
might give in desperation, a response based on the fact that equations of physics are 
not all time reversible. Indeed, it was discovered decades ago that, in certain very 
rare, fundamental particle decay processes involving neutral K-mesons, there is the 
hint that perhaps nature can indeed distinguish between the past and the future. In 
particular, K-mesons should violate what is called CP-symmetry, and the so-called 
TCP theorem*® says that then T-symmetry must also fail. In 1968/69 direct, exper- 
imental observation of the failure of T-symmetry in K-meson decays was reported. 
In an astonishing example of science fiction prescience, the use of K-mesons in a 
machine for affecting the past had appeared years earlier in a 1955 (!) story.°° 

So, could K-mesons account for the physical processes that we see evolve in 
time in one direction (past to future) but not in the other? As Hurley (note 35) put it 
so nicely, “The decay of the neutral K-meson is not time-reversal invariant; perhaps 
it is this ubiquitous meson which is responsible for the cream diffusing uniformly 
throughout our coffee in the morning. Possibly, but again this conjecture cannot 
account for the computer models [of diffusion processes that, like cream in coffee, 
also display a bias for one temporal direction over the other—in Chap. 3 [ll show 
you such a computer model] which have no neutral K-mesons.” Still, the tiny chink 
that K-mesons appear to have made in the once-solid rock of time direction 
indistinguishability is an active area of research and speculation. 

Even with that chink the fact that the classical laws appear to be insensitive to a 
direction of time, whereas the real world—which seems in no way dependent on the 
arcane properties of K-mesons—seems distinctly asymmetric, is a puzzle of the first 
rank. As one philosopher wrote, “The Universe seems asymmetric with respect to 





37C, R. Giuliano, “Applications of Optical Phase Conjugation,” Physics Today, April 1981, 
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the past and future in a very deep and non-accidental way, and yet all the laws of 
nature are purely time symmetric. So where can the asymmetry come from?’””*° 

There have of course been attempts to answer that question. For example, one 
philosopher*! discusses some curious mathematical examples he interprets as 
meaning, in the context of classical mechanics, that there are physical systems 
that are temporally irreversible in principle. A reply** from a fellow philosopher, 
however, argues that Hutchinson has, at most, shown only that classical mechanics 
is perhaps not deterministic. And that, Savitt argues, is not equivalent to showing a 
failure of time reversibility. There is, in fact, powerful experimental evidence that, 
with the rare exceptions of K-mesons, the classical laws of physics (including 
general relativity and quantum mechanics) are time-reversible. 

Perhaps the most compelling of such evidence comes from the reciprocity 
theorem that electrical engineers routinely use when designing radio antennas. 
The theorem is easy to illustrate. Suppose two electrical engineers, Bob in Boston 
and Lois in Los Angeles, send radio signals to each other. Bob sends his messages 
by exciting his antenna with a time-varying current, which thus launches electro- 
magnetic radiation into space. Lois’ distant antenna intercepts some of that radia- 
tion, which then creates a (very tiny) signal current in her antenna. 

The reciprocity theorem states the following: Suppose Bob makes a tape record- 
ing of his excitation signal and mails it to Lois, who then plays Bob’s tape back into 
her transmitter as the excitation to her antenna. Then the signal current induced in 
Bob’s antenna, as it intercepts Lois’ launched radiation, will be the very same (very 
tiny) signal that Lois measured in her antenna as a result of Bob’s transmission. This 
result is completely independent of the details of the two antennas, which can be 
utterly different in design, as well as independent of the details of the propagation 
path between Boston and Los Angeles (as long as those details don’t change with 
time). The reciprocity theorem is true—it can be measured to be true as accurately 
as one wishes to perform this experiment—because of the reversibility of physics 
right down to the electronic level. In fact, the answer to the professor’s problem of 
explaining why we don’t see velocity vectors suddenly reverse, and then everything 
‘run backwards,’ has not yet been found in any law of physics. 

Now, to make things even more interesting, consider the problem of mutual or 
simultaneous causation, which can quickly lead to several interesting questions. 
When two leaning dominoes, A and B, hold each other up, is A nearly upright 
because of B, or is it B that is nearly upright because of A? When two children bob 
up and down on a see-saw, whose motion is the cause and whose is the effect? There 
are other puzzles, too, that involve mutual causation. 





407. Harman, “The Anisotropy of Time,” Australasian Journal of Philosophy, December 1969, 
pp. 273-295. 


41k, Hutchinson, “Is Classical Mechanics Really Time-Reversible and Deterministic?” British 
Journal for the Philosophy of Science, June 1993, pp. 307-323. 


428. F. Savitt, “Is Classical Mechanics Time-Reversal Invariant?” British Journal for the Philos- 
ophy of Science, September 1994, pp. 907-913. 


2.3 Cause and Effect 71 


For example, causation is usually thought to be transitive: if A causes B, and if B 
causes C, then A causes C. But if A and B are mutually causative, then ‘A causes B’ 
coupled with ‘B causes A’ leads to ‘A causes A’ (and to ‘B causes B’). That is, 
mutual causation, together with transitivity, seems to imply se/f-causation! Except 
for those theologians who like this sort of result (it lets them answer the question 
“Who made God?’ with “He made Himself’), hardly anyone likes self-causation. 
But how do we avoid the conclusion that perhaps the mutual causation of two 
leaning dominoes, coupled with transitivity, represents experimental proof that God 
could have made himself? Well, of course this is certainly outrageous stuff, but 
don’t you wonder how our poor professor would respond if asked? 

This last example is actually a far more esoteric one than we need to illustrate 
how our ordinary, everyday concept of cause and effect can be turned inside out by 
going only a little bit beyond the routine. Consider, for example, the problem of the 
data processing of recorded time signals, such as the information written onto 
magnetic tapes, hard drives, or disks. Typical applications that produce such 
recordings include the strata-probing seismic echoes from dynamite explosions 
set by oil exploration geologists; arms control compliance monitoring stations 
that listen for the acoustic rumbles generated by both earthquakes and underground 
nuclear tests—and then try to tell one from the other; and the gathering by various 
military intelligence agencies of turbine shaft/propeller noise signatures emitted by 
different types of submarines. In each of those situations, the raw information is 
recorded and then later processed with a certain degree of unhurried calm and 
leisure. That pool of oil, after all, has been underground for several hundred million 
years, and waiting a few more days or weeks for a computer analysis of the 
explosion echo isn’t going to make much difference. 

Such after-the-fact processing of recorded data is said to be done ‘off-line, in 
non-real time.’ When we play a disk back in the lab, however, we can do all sorts of 
neat things, like speed up the playback (make time ‘run fast’), or slow it down 
(make time ‘run slow’), or even play it backwards (make time ‘run in reverse’). For 
various technical reasons, generically called spectrum shifting, such tricks are often 
quite useful. Now, the way we retrieve magnetically recorded information from (for 
example) a magnetic tape, is to run it through a playback machine with a ‘read- 
head’ that senses the magnetic flux variations. The electrical signal produced by the 
read-head is just like the original signal and, in fact, we can pretend we don’t know 
it is really coming off a tape, but rather that it is the original signal. For high-quality 
digitally recorded tapes and disks, in fact, it is virtually impossible to distinguish the 
original from a playback. 

Now, suppose we construct our playback machine with two read-heads, with the 
new head sensing the recording slightly before the old head does. The two heads 
produce the same electric signal, of course, but the signal from the new head is 
ahead in time compared to the signal from the old head. The new head is, in a 
certain sense, ‘seeing the future’ of the old head! We can use these two signals, the 
old head representing ‘now’ time and the new head representing ‘future’ time, to 
build real systems that are not causal. The causality violation occurs in non-real 
time, of course, not our time, but no matter; some absolutely astonishing signal 
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processing can be achieved this way. The universe is about fifteen billion years old, 
and pretending that time has shifted a few milliseconds or so doesn’t seem to be too 
much violence to reality. 

Two heads are often used on radio call-in talk shows to catch inappropriate 
remarks from intemperate callers and prevent them from being broadcast. A short 
time delay is introduced by first recording remarks ‘live’ on tape with a write head 
and, then a few seconds ‘up-stream,’ a read head regenerates the remarks for 
broadcast. A 5 s delay is generally sufficient, so what is heard on a radio receiver 
now actually occurred 5 s ago in the past. A caller can get terribly confused if she 
doesn’t turn her own receiver off, because one ear hears the present on the 
telephone while the other ear listens to the past over the radio.** The 1956 British 
film Timeslip incorporates a similar situation, with an atomic scientist’s perception 
advanced 7 s into the future as the result of an accidental radiation exposure. His 
resulting confusion and disorientation is the center of the film.** 


2.4 Backward Causation 


“Causation as a topic of philosophical discussion refuses to die. Each year, books and 
articles on causation continue to pour forth. Of course, all this activity may simply be a 
symptom of the necrophilia that infests so much of philosophy.”** 


All of the previous discussion has fueled countless arguments about what is 
called backward, reverse, or even retro causation. What is generally meant by 
forward causation is, of course, that any event that occurs at time f is caused by 
events that all occurred at some earlier time(s). Backward causation says that at 
least one of the causing events occurs after time s—this should make it clear that 
backward causation is a close relative of time travel. Indeed, one philosopher uses 
the terms time traveler and retro-causal engineer interchangeably.*° The topic, 
understandably, is at the root of many hot philosophical debates, though not 
everybody (as this section’s opening quote makes clear) thinks those debates are 
illuminating. 

Just why does Professor Earman take his harsh position? He offers, as one 
reason, his disdain for the common philosophical ‘proof? of the impossibility of 
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backward causation: By definition, a cause is always before its effect. Yes, that’s 
the entire ‘proof.’ One can, of course, win any argument by defining the answer to 
be what it is you wish to believe. More interesting, and certainly more pertinent to 
time travel, is the argument that if backward causation were possible then one could 
change the past—but that cannot be done because the past is dead and gone and thus 
unchangeable. That does seem to be a pretty solid argument against backward 
causation,*’ but Earman rebuts it by pointing out that the very same logic could be 
applied to the future, and so the usual, uncontested forward causation would also be 
denied. That is, one could argue that whatever the future will be, will be (literally 
“by definition’), so one cannot change the future. A similar argument was presented 
even earlier,** in which we find “suppose that someone says ‘I can change the 
future. I can do this or I can do that.’ Well, then, suppose that he does that. Has he 
changed the future? No, because doing that was the future.” 

The reversal of the ‘usual’ causal order of events by backward time travel has 
been a mainstay of science fiction almost from the start of the genre. Consider, for 
example, this tale.4° A man on vacation by himself, without his wife along, meets a 
young lady—and they fall in love. The man loves his wife, too, though, and he 
realizes (as the young lady leaves him for the last time), never to return, that it is all 
for the best. But she really hasn’t gone that far away from him, as the reader soon 
discovers. She is a time traveler from the future, and after leaving him she goes even 
further back in time, back an additional 20 years. She does this because she has 
learned that he met his wife 20 years ago, and so she goes back to be that woman! 
Thus, the usual causal order of the two events ‘a long marriage’ and the “pre- 
matriage courtship’ has been reversed (if we accept the fact that the man doesn’t 
remember what his wife looked like when they married). 

Actually, even our everyday uses of cause and effect are not nearly so straight- 
forward as one might think, even when they are under far less stress than backward 
causation and time travel inflict. Consider, for example, the endless problems that 
are easy to imagine in the legal world. If a man falls off the roof of a ten-story 
building and is electrocuted as he plunges through power lines while still twenty 
feet above ground, was gravity or electricity the cause of death? Or was it both? As 
this example and others demonstrate,’ one clearly does not have to discuss time 
travel to get into a serious argument about cause and effect. But with time travel, 
and the resultant backward causation, things can become even more perplexing. For 
example, we normally think it foolish to prepare, now, for an event that has already 
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happened, but the prudent time traveler about to visit an ice age in the distant past 
would be wise to pack a fur coat before getting into his time machine! 

One philosopher provides, I think, a good start at explaining why so many other 
philosophers (and not just a few physicists) have adopted the ‘common sense’ 
position of rejecting backward causation. As he writes, “Part of the answer, no 
doubt, is a confusion between affecting and altering [the past—a distinction we’ll 
discuss at length later in this book]. We cannot alter the past. But then we cannot 
alter the future either, although we can affect it. However, I take the common-sense 
rejection of backward causation to be, for the most part, quasi-empirical. It is based 
on a thought experiment. Think how you would set about affecting the past. By 
building a time-machine, perhaps? But how would you build one? We have no idea 
how to start. Yet, by contrast, we can work out how to affect the future ... we just 
move our bodies.”*! But, as he goes on to argue, if we accept that we can’t change 
the past (which means there is no way we could actually observe backward 
causation), then there still exists the possibility that past events were as they were 
because of events in the future. 

Are there actual phenomena that justify a belief in the possibility of effect before 
cause in real time (not just in tape recorder time)? The only example I know of, and 
a controversial one at that, is a theoretical result from a reformulation of electro- 
dynamics by the great English physicist Paul Dirac (1902-1984). Classical theory 
models electric charges as point objects of zero size, which causes problems when 
one tries to calculate certain details, such as the total field energy of a single 
electron. The answer comes out as infinity. In an attempt to find more reasonable 
(that is, finite) answers to such questions, Dirac modified the zero size of a charge to 
one taking them to be extended objects (while retaining the validity of Maxwell’s 
equations for electrodynamics right down to a point). To calculate how such 
extended objects will behave mechanically, however, one has to include what are 
called the self-interaction forces, such as the force one side of an electron exerts on 
the other side. 

When it was all worked through, Dirac arrived at a third-order differential 
equation of motion, an equation that involves a force term proportional not to the 
usual first time derivative of the velocity (that is, to the acceleration), but rather to 
the second derivative.°” This force is proportional to the first derivative of the 
acceleration, and is a quantity of direct interest mostly to the designers of automo- 
bile suspensions, who call it the jerk. There is no force in physics, at least not in 
Newtonian physics, that shows that sort of dependence, and there are some curious 
consequences. For example, in Dirac’s theory an electron experiencing no external 
force can still continually accelerate, exhibiting what is called a ‘runaway solution.’ 

Dirac showed how the runaway solution can be eliminated by picking a partic- 
ular value for what up to then was an arbitrary constant of integration in the 
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analysis, but that trick causes, in turn, a new problem called ‘pre-acceleration.’ That 
is, if an electron experiences an external disturbance (Dirac considered a passing 
pulse of electromagnetic radiation), then the electron will start to move before the 
pulse reaches it! Now that does seem to be a pretty clear example of backward 
causation. The time interval during which the pre-acceleration occurs is very short, 
on the order of the time it takes light to travel across the spatially extended electron 
(about 10-** s), but no matter. The apparent crack in the door of causality may be 
slight, but it was enough to satisfy some philosophers seeking scientific support for 
backward causation. 

Not everybody liked this, however. One physicist was clearly uneasy about it, 
calling pre-acceleration “unpleasant” acausal behavior.’ On the other hand, one 
can find believers, too.°* Others have argued that the whole business is simply a 
non-problem. One philosopher, in fact, raised a very interesting technical point, 
arguing that Dirac’s equation is non-Newtonian (remember the jerk force) and so 
we have no reason for coupling force and acceleration together as a cause-and- 
effect pair.°° In Newtonian mechanics we do use that particular coupling, yet we do 
not think of force and velocity as a cause-and-effect pair because there is an 
integration operation involved in getting from to the other. Similarly, in Dirac’s 
theory we have an integration operation separating force and acceleration. 

One curious aspect to the debate on pre-acceleration is that many commentators 
seem not to have paid much attention to what Dirac himself had to say about it. As a 
Nobel laureate, it hardly seems likely that he would let such a result pass unnoticed 
and, indeed, his paper contains the following physical explanation: “It would 
appear that we have a contradiction with elementary ideas of causality. The electron 
seems to know about the pulse before it arrives, and to get up an acceleration ... 
The behavior of our electron can be interpreted in a natural way, however, if we 
suppose the electron to have a finite size. There is then no need for the pulse to reach 
the center of the electron before it starts to accelerate. It starts to accelerate ... as 
soon as the pulse meets its outside. Mathematically, the electron has no sharp 
boundary.” 

Two physicists suggested a fascinating connection between travel backward in 
time and Dirac’s relativistically correct, quantum mechanical description of an 
electron.°° They showed that in flat, two-dimensional spacetime the assumption 
of time travel to the past leads in a natural way to Dirac’s equation. If, on the other 
hand, time travel only into the future is assumed, then additional assumptions are 
required to derive Dirac’s equation. This connection between Dirac’s equation and 
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time travel to the past makes some philosophers and physicists nervous, but it didn’t 
seem to bother Dirac. In fact, he went on in his paper to show how the 
pre-acceleration implies the possibility of building a device for sending a faster- 
than-light signal backward in time. Science fiction writers were, of course, quick to 
grasp that idea and such gadgets were dubbed “Dirac radios.”°’ 

One of the more perplexing aspects of backward causation is that it seems to 
allow for the possibility of causal loops, and for the breaking of such loops, a 
central feature in many of the very best time travel stories. For example, suppose 
there is a gadget such that if I push its control button now, then today’s lecture notes 
will have appeared in the gadget’s output tray yesterday. Indeed, yesterday I found 
today’s notes there and, in fact, I am about to go to class to deliver that lecture. 
A mighty good one it is, too, so I think I think I'll send it back to yesterday in just a 
few minutes with the help of the gadget. But I haven’t yet pushed the button. What 
if I now decide not to push the button? Why did the notes appear so I could use them 
today? Philosophers call this potential breaking of a causal loop a bilking paradox. 
Later in the book I'll discuss how such paradoxes have regularly appeared in the 
physics and philosophy literature since the 1940s. 

By contrast, such paradoxes had been discussed in the science fiction magazines 
long before World War II. For example, in a letter to the editor at Astounding 
Stories (June 1932) a fan clearly stated his objection to time travel with the aid of a 
bilking paradox. He suggested the following experiment: Immediately publish an 
open offer to the inventor of time travel (who will be born, presumably, at some 
future date) to travel back to one week before the offer is published. But of course 
(argued the fan) we’d have a pretty problem if we then decided not to publish the 
offer after the inventor showed up! As that fan wrote, “Paradoxical? I'll say so, if 
time travel is possible.” That fan didn’t know about what seems to be a generic 
limitation on time machines, however: that one can’t travel back to a date before the 
date of the time machine’s creation. Thus, that fan’s particular bilking paradox 
actually has no force.”* 

For another fictional example of a bilking paradox, consider the story’ of time 
travelers who, just before they begin a trip into the future, see Earth invaded by 
Martians. At first the invaders are unbeatable, but then the defending military forces 
of Earth suddenly and mysteriously acquire a fantastically powerful new weapon. 
It isn’t long before the time travelers realize where it came from—they themselves 
will go into the far future, obtain the weapon, and then return with it to what is now 
their own past (when the weapon first appeared). But then they wonder what might 
happen if they don’t go, if instead they ‘cheat time.’ After all, they reason, why 
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bother now to hunt for the weapon when the invasion has already been defeated? 
We are told that this potential bilking paradox is a “sinister conception, crawling 
evilly within their brains, like an unanswerable enigma.” 

Some philosophers, and practically all physicists, agree with that last assessment 
about bilking paradoxes, and so they believe there is simply nothing more to say. 
That is, bilking puzzles like the one in “The Time Cheaters” show that causal loops 
(and backward causation) must be impossible. Many feel this way about time loops, 
and backward causation, because (as is well known) time travel to the past can 
create all sorts of paradoxes. But such paradoxes are offensive only to human, 
culturally-biased intuitions on ‘how things ought to work,’ and not to the laws of 
physics which are indifferent to a reversal in the direction of time—which of course 
underlies what time travel is all about. 

As the great American chemist G. N. Lewis expressed it, “Our common idea of 
time is notably unidirectional, but this is largely due to the phenomena of con- 
sciousness and memory [my emphasis].”°° Lewis’ words caught the eye of the 
editor at one science fiction magazine, who summed it up for his readers in a half- 
page essay that contained dramatic words hinting at backward causation: “A new 
theory of time ... reveals the possibility that events now occurring are among the 
factors that decided Caesar nearly 2,000 years ago to cross the Rubicon.”°! 

Lewis’ willingness to accept causality violations is not a universally popular 
view today. For example, one physicist has written®* that “It is fair to say that most 
conservative physicists have very serious reservations about the admissibility and 
reality of causality-violating processes. Causality violation (i.e., the existence of a 
‘time machine’) is such an extreme violation of our understanding of the cosmos 
that it behooves us to be as conservative as possible about introducing such 
unpleasant effects into our models.” He then goes on to declare closed timelike 
loops to be verboten because “the existence of closed timelike loops leads us to such 
unpleasant situations as meeting oneself 5 min ago.” He sums up his philosophical 
position nicely with “any theory that is ‘just a little bit causality violating’ is ‘just a 
little bit inconsistent.’” 

Agreeing with this physicist is at least one philosopher who believes that the 
“association of causality with a particular temporal direction is not merely a matter 
of the way we speak of causes, but has a genuine basis in the way things happen” 
and that there is indeed an asymmetry with respect to past and future that is bound 
up with our concept of intentional action.©* He then goes even further when he 
continues with the claim that being an agent of cause is not a necessary condition 
for seeing the asymmetry; being an observer is enough, as even an immobile yet 
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intelligent tree (!) could detect the difference between past and future. (How he 
knows this about certain trees is left unexplained.) 

The everyday views of causality that we have formed through our limited 
experiences when living in a world in which time travel is ‘uncommon’ may 
actually be incomplete. As the British philosopher Bertrand Russell (1872-1970) 
said with some humor long ago, in his 1912 Presidential Address (“On the Notion of 
Cause’’) to the Aristotelian Society, “The law of causality, I believe, like much that 
passes muster among philosophers, is a relic of a by-gone age, surviving, like the 
monarchy, only because it is erroneously supposed to do no harm.” And I do agree 
with his fellow philosopher who, decades later, declared “The concept of cause is 
powerless to solve the problems posed by the concept of time. The fundamental 
laws of physics present our most careful, best established and most sophisticated 
understanding of time. Notoriously, nothing in these laws endorses the idea of a 
flow of time nor of the direction [my emphasis: we’ll return to both of these issues 
later in this chapter] which is basic to our conception of it. Nor are these laws causal 
(in the sense of singling out causes) even when they are deterministic. The concept 
of cause is not a fundamental one and cannot illuminate the darker corners in our 
understanding of the fundamental concept of time.”°* 


2.5 The Fourth Dimension 


“We are facing an invasion of fourth dimensional creatures ... We are being attacked by 
life which is one dimension above us in evolution. We are fighting, I tell you, a tribe of 
hellhounds out of the cosmos. They are unthinkably above us in the matter of intelligence. 
There is a chasm of knowledge between us so wide and deep that it staggers the 
imagination.” 


: : : 66 
“Fourth dimension. Time factor. You know ...” 


The idea of a fourth dimension to space has long been a staple of science fiction, 
but it has also long been viewed with suspicion. Indeed, many quite sophisticated 
scientists have thought it to be quite mysterious. For example, in his 1897 Presi- 
dential Address to the American Mathematical Society, the Canadian/American 
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astronomer-mathematician Simon Newcomb (1835-1909) declared ‘“‘The introduc- 
tion of what is now very generally called hyperspace, especially space of more than 
three dimensions, into mathematics has proved a stumbling block to more than one 
able philosopher.” Einstein stated Newcomb’s view in blunter terms when he wrote 
“The non-mathematician is seized by a mysterious shuddering when he hears of 
‘four-dimensional’ things, by a feeling not unlike that awakened by thoughts of the 
occult.”°” 

To see just how right Einstein was with this observation, consider the reaction 
one Egyptian philosopher had (in 1929) to Einstein’s own writings: “We have no 
doubt in our mind that nobody can understand it (the fourth dimension), including 
Einstein himself. The incomprehensibility of these assumptions [of general relativ- 
ity] is due to their nature. They deal with the fourth dimension ... and the reality of 
time and space. They can only be described by a mathematician’s hypothesis or by 
religious faith.”°* This reaction is easy to understand—after all, anybody can ‘see’ 
that there are exactly three spatial dimensions, and that is that! 

The 1901 novel The Inheritors, by the English writer Ford Madox Ford 
(1873-1939), like Simak’s, is the tale of an insidious hyperspace invasion of our 
world. It illustrates Einstein’s assertion about how many people react to the fourth 
dimension with an example from the time before the science fiction magazines. 
When the novel’s narrator is bluntly told by an invader that she (the invader) is from 
the fourth dimension—an idea inspired by Ford’s appreciation of how much 
success his acquaintance H. G. Wells had enjoyed with it—he recoils from that 
claim with the words “If you expect me to believe you inhabit a mathematical 
monstrosity, you are mistaken.” And who can really blame that skeptical narrator? 
How can there be four spatial dimensions? No less an authority than Aristotle, 
writing in 350 B.C., had declared in his essay “On the Heavens” that “the three 
dimensions are all that there are.” 

Others were not so sure. In 1873, for example, we find an essay in Nature that 
refers to well-known mathematicians who even earlier had shown that they had an 
inner assurance of the reality of transcendental space (hyperspace).°” The American 
philosopher Charles Sanders Peirce (1839-1914) was also an early advocate for the 
four-dimensionality of space. Just what he thought the nature of the fourth dimen- 
sion to be is somewhat unclear, but the context of what he said suggests he took it to 
be spatial. He thought three-dimensional space to be “perverse” because of the 
existence of incongruous counterparts (such as left- and right-handed gloves), and 
this was apparently strong evidence for him that space could not be three- 
dimensional. Now, incongruous counterparts exist in all n-dimensional spaces, 
but Peirce preserved the special purity of the fourth dimension by suggesting that 
all physical objects, although capable of motion in the fourth direction, could 
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themselves have no extent in that direction (remember, Peirce was a philosopher, 
not a physicist, and he offered no experimental support for any of this).’° 

But is it really possible that there could be four spatial dimensions? We expe- 
rience three independent directions, each lying at a right angle to the other two—but 
why just three, and not ten or fifteen? Indeed, in an 1888 talk to the Philosophical 
Society of Washington, Simon Newcomb dismissed the view that space must 
necessarily be three-dimensional as an “old metaphysical superstition.” Yet, despite 
Newcomb’s open-mindedness, it has been shown that in the framework of classical 
physics there are, in fact, several powerful reasons for why there must be exactly 
three spatial dimensions. 

The beginning of a scientific explanation for the dimensionality of space appears 
in Kant, who believed the three dimensions of space and Newton’s inverse-square 
law for gravity are intertwined (but he offered nothing beyond philosophical 
speculation). The origin of Kant’s view is actually quite old, dating back to the 
ancient Greeks, who had already begun to suspect that there was something special 
about three dimensions, at least as far as geometry was concerned. They knew of 
the infinity of regular two-dimensional polygons, but that there were just five 
regular polyhedrons in three dimensions (the so-called Platonic solids). This 
early observation was trapped in mystical speculations, however, and it wasn’t 
until the development of physics as a science that non-mystical discussions on the 
dimensionality of space began to appear. 

Beginning with the work of Einstein’s friend, the Austrian/Dutch physicist Paul 
Ehrenfest (1880-1933) in 1917, we can find the idea that the Poisson-Laplace 
equation, a second-order partial differential equation that describes the potential 
functions for both Newtonian gravity and electrostatics, does not allow for stable 
planetary or electronic orbits in any space with dimensionality greater than three. 
Further, the distortionless, reverberation-free propagation of both electromagnetic 
and sound waves is possible only in spaces of dimensions one and three. These 
conclusions have been shown to hold even when we go beyond nineteenth century 
physics into general relativity and quantum mechanics.” 

Using a slightly different approach, a biological-topological argument for why 
space cannot have fewer than three dimensions exists. In all of our common 
experience, complex intelligent life is always found to occur as an aggregate of a 
vast number of elementary cells, interconnected via electrical nerve fibers. Each 
cell is connected to several others, not all immediate neighbors, by these fibers. If 
space had only one or two dimensions, then such highly interconnected nets of cells 
would be impossible because the overlapping nerve fibers would have to intersect, 
which would result in their mutually short-circuiting one another. 
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It wasn’t long before these views on the dimensionality of space found their way 
into science fiction. An early use of space as four-dimensional occurs in an 
awkward rewrite of Jules Verne’s Around the World in Eighty Days, in which a 
professor and his crew fly into hyperspace and around the world and to the moon 
and back, in less than a day.’* They do this with a plane equipped with a four- 
dimensional rudder! More interesting is the tragic story (originally published in 
1926) of a math professor who learns how to move into hyperspace and back.”* A 
colleague catches him at it and, once over his astonishment, asks what is behind it 
all. The professor replies, “My assumption is that the fourth dimension is just 
another dimension—no more different in kind from length, say, than length is 
from breadth and thickness, but perpendicular to all three. Now suppose that a 
being in two dimensions—a flat creature, like [a moving shadow on a surface ]— 
were suddenly to grasp the concept of a third dimension and so step out of the 
[surface]. He might move only an inch, but he would vanish completely from the 
sight of the world.” 

The professor has similarly learned how to step out of 3-space and into 4-space 
but, when asked to explain how, all he can say is “How can I explain? It’s just the 
other direction. It’s there!” His colleague can’t see it, but nonetheless is quick to 
grasp the practical implications: “This is power! Think of it! A step, and you are 
invisible! No prison cells can hold you, for there is a side to you on which they are 
as open as a wedding ring! No ring is secure from you: you can put your hand round 
the corner and draw out what you like. And, of course, if you looked back on the 
Universe you had left, you would see us in sections, open to you! You could place a 
stone or a tablet of poison right in the bowels of your enemies!” 

What the professor’s colleague is getting at involves a comparison with a prison 
in planar 2-space, which would merely be a circle around the captive. Knowledge of 
the third dimension would make it possible to escape, however, by simply moving 
along that new direction, over the circle, and then back into the plane. To a 2-space 
guard it would seem that the prisoner had suddenly vanished from view inside the 
circle and then just as suddenly materialized again outside the circle. Similarly, to 
escape from a 3-space prison, one would merely move along the fourth dimension, 
and in the same way one could remove the yolk from an egg without damaging the 
shell; indeed, one could remove the yolk directly from the chicken without dam- 
aging the chicken! ”* 





”B. Olsen, “Four Dimensional Transit,” Amazing Stories Quarterly, Fall 1928. 
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In a later tale”? we meet another professor who dramatically uses this very 
feature of the fourth dimension. His right hand has been modified through an 
accident to exist in four-dimensional hyperspace and so, to finance his research, 
he uses his ‘talent’ to become the perfect pickpocket, able to reach into any wallet 
no matter how well secured. He also can, indeed, reach right into the very bowels of 
his fellow man. And he does. When he demonstrates his hand to the policeman who 
has arrested him for being a thief, the astonished officer chokes on a lemon drop. 
Dr. Fuddles then, of course, does the right thing and removes the drop from the poor 
fellow with ease. There is one additional aspect to Dr. Fuddles’ hand, however, that 
the story missed. If he had turned his right hand over in the fourth dimension, then 
he would have had two left hands! 

It was discovered in 1827 by Mobius (of the strip) that any three dimensional 
object can be converted into its mirror image by flipping it over through the fourth 
dimension. Thus, a left-handed glove can be made by pure geometry (no scissors, 
thread, or needle required) into a precise copy of its right-handed mate. If a living 
organism is so flipped, however, there may be a problem, as everything in the body 
would be reversed, including the optically active organic molecules discovered by 
Pasteur in 1848, which are involved in vital biological processes. These molecules, 
called stereoisomers, exist in two versions in nature (the left-handed and the right- 
handed versions, if you will), but our bodies have developed the ability to use only 
one version. To be flipped through the fourth dimension would make some reversed 
stereoisomers unable to participate in the digestion of food and we would starve to 
death. 

For modern science fiction writers the fourth dimension (and hyperspace, in 
general), is still a major concept. One physicist, writing in Analog (today’s premier 
‘hard science’ fiction magazine), summed up nicely what was so fascinating in early 
pulp, and still is today, about the idea of an extra dimension or two, or perhaps even 
more, at least from a fictional point of view: “Are there hidden dimensions not 
accessible to us, dimensions in which we could go adventuring, dimensions within 
which malevolent hyper-dimensional aliens may be lurking, ready to pierce our 
flimsy paper-thin three-space bodies with their terrible hyper-sharp claws?””° The 
early pulp science fiction magazines encouraged this lurid imagery. Witness the 
editorial blurb that opened one many-dimensional monster story as follows: “It was 
a strange world in which Lester and Florence found themselves. A world of sudden 
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Fig. 2.1 An experiment in 
hyperspace goes astray. The 
young man is pulling on 
“hyper-forceps” in an 
attempt to retrieve a surgeon 
who has fallen out of 
3-space (along with his 
patient, a professor of 
non-Euclidean geometry, 
who suffers from 
gallstones). The hyper- 
forceps allow the removal 
of the gallstones without 
cutting into the body. 
Illustration by Frank 

R. Paul, ©1928 by 
Experimenter Publishing 
Co. for “Four Dimensional 
Surgery” (Amazing Stories, 
February 1928) by Bob 
Olsen, reprinted by 
permission of the Ackerman 
Science Fiction Agency, 
2495 Glendower Ave., 
Hollywood, CA 90027 for 
the Estate 





death and strange science, ruled by inhuman beasts.”’’ But as outrageous as that 
might sound, the real physics of hyperspace is even more amazing. 

Hyperspace is, in general, simply any space with more dimensions than the one 
we obviously seem to live in. In particular, our universe appears to be a four- 
dimensional (three spatial and one temporal) hyperspace called spacetime. This 
four dimensional world can, at least mathematically, be thought of as the boundary 
surface of a five dimensional hyperspace. This is analogous to the way the 
two-dimensional space of the surface of a sphere bounds the three-dimensional 
space of the sphere itself. This interesting imagery appeared quite early in pulp 
science fiction. For example, in one remarkably sophisticated story, an eccentric 
scientist at one point exclaims “A mathematical physicist lives in vast spaces ... 
where space unrolls along a fourth dimension on a surface distended from a fifth.””® 

There are some interesting geometrical implications to hyperspace which play 
big roles in time travel considerations. For example, for beings in the 
two-dimensional world of a sphere’s surface there are two ways to travel from 
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pole to pole. There is the usual way, on the surface of the sphere, and the hyperspace 
way which takes them through the sphere along the polar diameter. In imagery 
motivated by thinking of the sphere as an apple, and of the hyperspace path as a 
tunnel bored by a worm through the apple, it has become popular to call all such 
shortcuts, through any hyperspace of any dimension, wormholes (a word coined in 
the 1950s by the Princeton physicist-wordsmith John Wheeler). Wheeler used 
wormholes to show how electric charge could be thought of as lines of force 
trapped in the changing topology of a multiply connected space (indeed, Wheeler 
claimed that the observation of what we call electricity is experimental evidence 
that space is not simply connected).’” 

The general theory of relativity predicts the existence of wormholes in spacetime 
and, in fact, they were first ‘discovered’ theoretically in the mathematics of 
relativity as early as 1916 by the Viennese physicist Ludwig Flamm 
(1885-1964). Later analyses were done by Einstein, himself.*° Wormholes have 
been discussed as a possible model for pulsars (as opposed to the more usual model 
as rotating neutron stars).*! It has also been suggested that the interior of a charged 
black hole may be the entrance to a wormhole.*” All of these various solutions to 
the gravitational field equations are generically called “Einstein-Rosen bridges” in 
the physics literature (see note 81, for example), and the term soon appeared in 
fiction, too.*? 

The use of hyperspace wormhole portals for explaining some observed physical 
phenomenon appeared in the scientific literature long before Wheeler’s electricity 
example. In his 1928 book Astronomy and Cosmogony, for example, the British 
theoretician Sir James Jeans devoted a chapter to what were then called nebulae, the 
island-universes we now call galaxies. At the end of his discussion on the arms of 
spiral galaxies, Jeans offered the following speculation: “Each failure to explain the 
spiral arms makes it more and more difficult to resist a suspicion that the spiral 
nebulae are the seats of types of forces entirely unknown to us, forces which may 
possibly express novel and unsuspected metric properties of space [my emphasis]. 
The type of conjecture which presents itself, somewhat insistently, is that the 
centers of the nebulae are of the nature of ‘singular points,’ at which matter is 
poured into our universe from some other, and entirely extraneous, special 
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dimension, so that, to a denizen of our universe, they appear as points at which 
matter is being continually created.” This, in everything but name, is a wormhole. 

What would hyperspace be like? It is intuitively obvious that in the case of the 
2-D surface of a 3-space sphere, the ‘hyperspace’ wormhole path is shorter than the 
surface path. Even if this ‘shorter path’ view holds for wormholes in our 4-D 
spacetime, however, getting around in science fiction hyperspace may not be a 
simple task. One tale, for example, tells the story** of how one of the first space- 
ships to explore hyperspace gets lost. The trouble with hyperspace travel is that 
“You go in at one point, you rocket around until you think it’s time to come out, and 
there you are. Where is ‘there’? Why, that’s the surprise that’s in store for you, 
because you never know until you get there. And sometimes not even then.” The 
same idea plays a central role in Robert Heinlein’s 1957 novel Tunnel in the Sky, in 
which a ‘hyperspace gate’ is discovered by accident during failed time travel 
experiments. 

Another story®* asks the same question about hyperspace, and arrives at the same 
answer: “When you took the Jump ... how sure were you where you would 
emerge? The timing and quantity of the energy input might be as tightly controlled 
as you liked .. . but the uncertainty principle reigned supreme and there was always 
the chance, even the inevitability of a random miss ... a paper-thin miss might be a 
thousand light-years.” 

A common way to visualize hyperspace wormhole shortcuts is to imagine the 
beginning and the end of a journey as points A and B on the 2-D surface of a piece 
of paper. Then imagine that the paper is folded so as to position A over B, perhaps 
with A almost touching B. The distance from A to B through hyperspace (the 3-D 
space in which the folding took place) can clearly be much less than is the distance 
through ‘normal’ space (the distance covered by a trip that always remains in the 
2-D surface). This is the specific example used in one tale to explain the instanta- 
neous “space-warp” (wormhole) device invented by the story’s hero.*° Such imag- 
ery actually appeared quite early in science fiction, as in one story in which a gadget 
is used to “bend space” so that Earth and Venus touch!*” 

The idea of hyperspace folding has broken free from science fiction and can now 
be found in modern stories in other genres. For example, in one Stephen King story 
(“Mrs. Todd’s Shortcut”) a woman keeps finding ever shorter ways to drive from 
Castle Rock, Maine to Bangor. As the crow flies it is 79 miles, but she gets the 
journey down to 67 miles, and later to 31.6 miles. When doubted, she replies: “Fold 
the map and see how many miles it is then ... it can be a little less than a straight 
line if you fold it a little, or it can be a lot less if you fold it a lot.” The doubter 
remains unconvinced: “You can fold a map on paper, but you can’t fold land.” 
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For the purpose of wormhole creation in spacetime, we actually have to imagine 
much more: the folding of four-dimensional spacetime through a five dimensional 
hyperspace. The folding imagery has even appeared in the movies: spacetime 
folding is demonstrated with a piece of paper in both Event Horizon (perhaps the 
worst movie of 1997) and the 2014 /nterstellar. 

Another feature of hyperspace that science fiction has taken a liking to is its 
vastness. An interesting fictional treatment of this idea was given by a writer who, 
in real life, was an academic psychologist at the University of Michigan. He put 
himself in a story*® of a starship captain who is explaining to the crew psychologist 
how he feels about hyperspace (or subspace, as it is called in the story): “God forsaken. 
That’s just what it is. Completely black, completely empty. It frightens me every time 
we make the jump through it . . . it frightens me because—well, because a man seems 
to get lost out there. In normal space there are always stars around, no matter how 
distant they may be, and you feel that you’ve got direction and location. In subspace, 
all you’ve got is nothing—and one hell of a lot of that. Its incredible when you stop to 
think about it. An area—an opening as big as the whole of our Universe, big enough to 
pack every galaxy we’ve ever seen in it—and not a single atom of matter in it . . . until 
we came barging in to use it as a shortcut across our own Universe.” 

The vastness of hyperspace got a more humorous treatment from the early pulp 
science fiction writer Bob Olsen (1884-1956), who wrote the following verses®” in 
the introduction to one of his many stories of the fourth dimension: 


I read a yarn the other day— 

A crazy concept, I must say. 

It states that objects have extension 

In what is called the “Fourth Dimension.” 
In hyperspace one could, no doubt, 

Make tennis balls turn inside out; 

And from a nut remove the kernel 

And not disturb the shell external. 

A crook could pilfer bonds and stocks, 
Then laugh at prison bars and locks, 

One step in this direction queer, 

And presto! He would disappear! 

Let’s hope, in planning new inventions, 
They ll give us cars with four dimensions. 
When searching for a parking place 

We sure could use some hyperspace! 


It is not just science fiction that takes hyperspace seriously. We find a mathe- 
matician, for example, writing that “most science fiction addicts are familiar with 
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the notion of ‘hyperspace,’ a higher dimensional space-time bounded by Space- 
Time through which, in the far distant future, interstellar voyages shortcut the 
(otherwise unsurmountable) distances between the stars. The purpose of this 
article”” is to demonstrate that any . . . relativistic space-time model is the boundary 
of some ... five-dimensional hyperspace.” That is just what Breuer’s magazine 
character (see note 78) said—in 1930! 

The concept of time as a fourth dimension has long been a popular concept, and 
science fiction in particular has embraced it with enthusiasm. We find a little joke 
on the idea in a story where a young couple, visited by time travelers from 500 years 
in the future, are said to live in Apartment 4-D.°' One physicist?” traced the idea 
back to the late eighteenth century, finding references to the idea in pre-1800 works 
of the great French mathematical physicists Jean le Rond d’Alembert (1717-1783) 
and Joseph-Louis Lagrange (1736-1813). In fact, a philosopher”* has found a 1751 
passage written by d’Alembert that appears to indicate that it is some unknown, 
earlier person to whom the credit should really go: “I have said [that it is] not 
possible to imagine more than three dimensions. A clever acquaintance of mine 
believes, however, that duration could be regarded as a fourth dimension and that 
the product of time and solidity would be in some way a product of four dimen- 
sions; that idea can be contested, but it seems to me that it has some merit, if only 
that of novelty.” 

Still, it wasn’t until a curious letter appeared in Nature in 1885 that the concept 
of time as the fourth dimension was mentioned seriously in an English-language 
scientific journal. The author, mysteriously signing himself only as “S.,” began by 
asking “What is the fourth dimension? ... I [propose] to consider Time as a fourth 
dimension ... Since this fourth dimension cannot be introduced into space, as 
commonly understood, we require a new kind of space for its existence, which 
we may call time-space.””* Who was this prophetic writer that, if he had just made a 
simple swap, would have been the first to use space-time as a word? Nobody knows. 
Bork speculates that it was an acquaintance of H. G. Wells, but Wells himself is on 
record that it certainly wasn’t him. 

In his 1934 Experiment in Autobiography, Wells wrote “In the universe in which 
my brain was living in 1879 there was no nonsense about time being space or 
anything of that sort. There were three dimensions, up and down, fore and aft and 
right and left, and I never heard of a fourth dimension until 1884 [when Wells was 
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eighteen] or thereabout. Then I thought it was a witticism.” He had, in fact, said this 
before. In a 1931 edition of The Time Machine (Random House), for example, he 
wrote in the Preface that the idea for the novel “was begotten in the writer’s mind by 
students’ discussions in the laboratories and debating society of the Royal College 
of Science in the eighties and already it had been tried over in various forms by him 
before he made this particular application of it.” 

The idea of time as the fourth dimension entered the popular mind around 
1894-95, with the publication of the first of Wells’ so-called “scientific romances,” 
The Time Machine. Then, after that pioneering use of time as the fourth dimension, 
science fiction quickly adopted the idea as the basis for one of its most popular 
subgenres. One of the great “golden age of science fiction” writers, ‘Murray 
Leinster’ (1896—1975)—the pen-name for William Jenkins—used it as the basis 
for his first published story.”° It is the incredible tale of a Manhattan skyscraper (and 
its 2000 occupants) sent backward in time several 1000 years because its foundation 
slips (in an unexplained way) along the fourth dimension. The scientific sophisti- 
cation of the story is primitive, with just one of the many logical flaws being a vivid 
description of the time travelers living forward-in-time even as their wrist watches 
run backward. Indeed, when pulp pioneering editor Hugo Gernsback reprinted the 
tale in one of the early issues of Amazing Stories, a reader complained about that 
very point. Gernsback felt compelled to defend the story, but could muster only a 
weak rebuttal based on an author’s right to “poetic license.””° 

More technical is the discussion in the story of a clerk who transforms the main 
entrance to a department store into a time machine by building a tesseract (a four- 
dimensional cube).”” The claim is made there that the fourth dimension of the cube/ 
doorway is time. That tale appeared just 5 months after a classic of science fiction 
by Robert Heinlein (1907-1988) had appeared, also using a tesseract, in which the 
fourth dimension is taken as spatial.°® 

Some writers wanted to have the fourth dimension both ways, as space and time 
in the same story. One wonderful example of this is a classic,” written by one of the 
giants of science fiction. In that tale an electrical engineer named Nelson is caught 
in the middle of an enormous electromagnetic field surge produced by a short 
circuit in a power plant. As a physicist explains to the shocked board of directors of 
the utility, “It now appears that the unheard-of-current, amounting to millions of 
amperes ... must have produced a certain extension into four dimensions ... I have 
been making some calculations and have been able to satisfy myself that a 
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‘hyperspace’ about ten feet on a side was, in fact, generated: a matter of some ten 
thousand quartic—not cubic!—feet. Nelson was occupying that space. The sudden 
collapse of the field [when the overload breakers finally broke the circuit] caused 
the rotation of that space.” 

Being rotated through 4-space has inverted the unlucky Nelson [see For Further 
Discussion at the end of this chapter for more on this point], and to bring him back 
to normal he must be flipped again. The physicist brushes aside a question about the 
fourth dimension as time, asserting that the only issue is one of space. Poor Nelson 
is, therefore, again subjected to a stupendous power overload—only now he 
disappears! Too late, the physicist realizes that the fourth dimension is both space 
and time and that Nelson has been spatially flipped and temporally displaced into 
the future. To understand the particularly monstrous fate of Nelson, just ask 
yourself what the result would be if he should materialize inside matter sometime 
in the future! 

The interpretation of the fourth dimension as time is, of course, the one of 
interest to prospective time travelers, to physicists studying time travel, and to 
philosophers of time, and so for us, too. The sort of science fiction that is of greatest 
interest to us is like the one in which one of the characters, displaced in time, asks 
for an explanation from a higher-dimensional being who appears on the scene: 
““Just where is Tuesday?’ he asked. “Over there [and when the being extends its 
hand, the hand disappears].’ “Do that again.’ ‘What? Oh—Point toward Tuesday? 
Certainly.’” The being explains the physics of the situation to the astonished time 
traveler thus: “It is a direction like any other direction. You know yourself there are 
four directions—forward, sideward, upward, and—that way! ... It is the fourth 
dimension—it is duration.”!° 

And how about stories like the one in which a mad inventor discovers how to 
make a substance whose atoms resist being pushed by “pushing back at right angles 
to all the other [spatial] directions.” That is, to push on this exotic stuff is to risk 
experiencing a back reaction, of being pushed “off into the fourth dimension [which 
we are told is time] ... into the middle of the week after next.”!°! Now wouldn’t 
that really be something?! 

But of course it was H. G. Wells who, in fiction, pioneered time travel and its 
connection to the fourth dimension as it is popularly thought of today (with the 
caveats about Wellsian time machines kept firmly in mind). We are therefore quite 
interested, as The Time Machine opens, to listening-in as the Time Traveller 
expounds to a group of friends at a dinner party in his London home. He starts 
with the assertion “There is no difference between Time and any of the three 
dimensions of Space except that our consciousness moves along it.” When asked 
to say more about the fourth dimension, he replies, “It is simply this. That Space, as 
our mathematicians have it, is spoken of as having three dimensions, which one 
may call Length, Breadth, and Thickness, and it is always definable by reference to 
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three planes, each at right angles to the others. But some philosophical people have 
been asking why three dimensions particularly—why not another direction at right 
angles to the other three?—and have even tried to construct a Four-Dimensional 
geometry. Professor Simon Newcomb was expounding this to the New York 
Mathematical Society only a month or so ago.”!°* 


2.6 Spacetime and the Block Universe 


“And now he has preceded me briefly in bidding farewell to this strange world. This 
signifies nothing. For us believing physicists, the distinction between past, present, and 
future is only an illusion, even if a stubborn one.” 

—Albert Einstein!” 


The poet Henry Van Dyke wrote, in his 1904 “The Sun-Dial at Wells College,” 
words that echo the spirit of Omar Khayyam’s Rubaiyat from nine centuries before: 


The shadow by my finger cast 
Divides the future from the past: 
Before it, sleeps the unborn hour, 
In darkness, and beyond thy power: 
Behind its unreturning line, 

The vanished hour, no longer thine: 
One hour alone is in thy hands, 
The NOW on which the shadow stands. 





The very next year Einstein’s theory of special relativity appeared and, 3 years 
later, came Minkowski’s spacetime interpretation of special relativity. Van Dyke’s 
beautiful poetry was dealt a mighty blow by those developments in mathematical 
physics, and in the rest of this chapter we’ll see how that came to pass. 

The modern view of reality, that the past, present, and future are joined together 
into a four-dimensional entity called spacetime, is due to Hermann Minkowski 
(1864-1909), Einstein’s mathematics teacher when he was a student in Zurich. 
Minkowski gave spacetime (the visual imagery of Einstein’s mathematics) to the 
world during a famous address at the 80th Assembly of German Natural Scientists 
and Physicians in Cologne, on September 21, 1908. Entitled “Space and Time,” his 
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remarks were electrifying then and still are today.'°* He began dramatically: 
“Gentlemen! The views of space and time which I wish to lay before you have 
sprung from the soil of experimental physics, and therein lies their strength. They 
are radical.” Then came the famous line, quoted in so many freshman physics texts 
and philosophy papers, concerning the nature of spacetime: “Henceforth space by 
itself, and time by itself, are doomed to fade away into mere shadows, and only a 
kind of union of the two will preserve independence.” Minkowski explained what 
spacetime is in these words to his audience: 


“A point of space at a point of time ... I will call a world point. The multiplicity of all 
thinkable x«,y,z,¢ systems of values we will christen the world. With this most valiant 
piece of chalk I might project upon the blackboard four world axes ... Not to leave a 
yawning void anywhere, we will imagine that everywhere and everywhen there is some- 
thing perceptible. To avoid saying ‘matter’ or ‘electricity’ I will use for this something the 
word ‘substance.’ We fix our attention on the substantial point which is at the world point 
x,y,Z,¢, and imagine that we are able to recognize this substantial point at any other time. 
Let the variations dx , dy , dz, of the space coordinates of this substantial point correspond to 
the time element dt. Then we obtain, as an image, so to speak, of the everlasting career of 
the substantial point, a curve in the world, a world-line. ... The whole Universe is seen to 
resolve itself into similar world-lines, and I would fain anticipate myself by saying that in 
my opinion physical laws might find their most perfect expressions as relations between 
these world-lines ... Thus also three-dimensional geometry becomes a chapter in four- 
dimensional physics [my emphasis].” 


With those words Minkowski gave mathematical expression to the philosophical 
exposition of Wells’ Time Traveller to his dinner party friends. Taking the 
Minkowskian view of the primacy of spacetime as the ultimate building block 
stuff of reality was Princeton professor of physics John Wheeler, who wrote °° 
“There is nothing in the world except empty curved space. Matter, charge , 
electromagnetism ... are only manifestations of the bending of space. Physics is 
Geometry.” This idea was echoed in fiction, in the 1987 novel Moscow 2042 by 
Vladimir Voinovich, where we find a time traveler who declares “Anyone with 
even a nodding acquaintance with the theory of relativity knows that nothing is a 
variety of something and so you can always make a little something out of nothing.” 

But not everybody understood Minkowski. In a little-known yet quite erudite 
essay, published just after a stunning experimental verification of general relativity 
(the bending of starlight passing through the Sun’s gravitational field'°°), an 
anonymous author presented an optical analogy to help those who thought relativity 





'04For a study that includes the original German text, careful English translations, and photographs 
of Minkowski’s agonized corrections to his pre-address manuscript, see P. L. Galison, 
“Minkowski’s Space-Time: From Visual Thinking to the Absolute World,” Historical Studies in 
the Physical Sciences (volume 10), 1979, pp. 85-121. 

105C_ W. Misner and J. Wheeler, “Gravitation, Electromagnetism, Unquantized Charge, and Mass 
as Properties of Curved Empty Space,” Annals of Physics, December 1957, pp. 525-603. 
'06General relativity had already explained the long-puzzling excess precession of the perihelion 
(point of closest approach to the Sun) of Mercury’s orbit. The excess was an observational (and so 
experimental) fact which Newton’s gravity cannot completely explain. 
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simply “a mathematical joke.” Signing himself only as “W.G.,” he included the 
following passage’””: 


“Some thirty or more years ago [it was forty] a jeu d’esprit was written by Dr. Edwin 
Abbott entitled Flatland ... Dr. Abbott pictures intelligent beings whose whole experience 
is confined to a plane, or other space of two dimensions, who have no faculties by which 
they can become conscious of anything outside that space and no means of moving off the 
surface on which they live. He then asks the reader, who has consciousness of the third 
dimension, to imagine a sphere descending upon the plane of Flatland and passing through 
it. How will the inhabitants regard this phenomenon? They will not see the approaching 
sphere and will have no conception of its solidity. They will only be conscious of the circle 
in which it cuts their plane. This circle, at first a point, will gradually increase in diameter, 
driving the inhabitants of Flatland outward from its circumference, and this will go on until 
half the sphere has passed through the plane, when the circle will gradually contract to a 
point and then vanish, leaving the Flatlanders in undisturbed possession of their country .. . 
Their experience will be that of a circular obstacle gradually expanding or growing, and 
then contracting, and they will attribute to growth in time what the external observer in 
three dimensions assigns to a movement in the third dimension. Transfer this analogy to a 
movement of the fourth dimension through three-dimensional space. Assume the past and 
future of the Universe to be all depicted in four-dimensional space, and visible to any being 
who has consciousness of the fourth dimension. If there is motion of our three-dimensional 
space relative to the fourth dimension, all the changes we experience and assign to the flow 
of time will be due simply to this movement, the whole of the future as well as the past 
existing in the fourth dimension [my emphasis].” 


W.G.’s words are a clear and unequivocal statement of the so-called block 
universe concept of four-dimensional spacetime. One can find the block universe 
concept in the writings of the ancients, too. Consider, for example, the fifth-century 
B.C. Greek philosopher Parmenides’ view of reality: “It is uncreated and indestruc- 
tible; for it is complete, immovable, and without end. Nor was it ever, nor will it be; 
for now it is, all at once, a continuous one.” And in Thomas Aquinas’ Compendium 
Theologiae, written in the thirteenth century, we find “We may fancy that God 
knows the flight of time in His eternity, in the way that a person standing on top of a 
watchtower embraces in a single glance a whole caravan of passing travelers.” This 
is the block universe idea, too, but whereas for Parmenides it was metaphysics and 
for Aquinas it was theology, for Einstein and Minkowski it was physics.'°% 





107. G., “Euclid, Newton, and Einstein,” Nature, February 12, 1920, pp. 627-630. As with the 
mysterious S. (note 94), the editorial staff at Nature has informed me that, nearly a century later, 
there is no longer any record of the identity of W. G. in the journal’s archives. 

‘08nd for some it was all nonsense. The British philosopher Peter Geach (1916-2013), for 
example, declared the Minkowskian view to be “very popular with philosophers who try to 
understand physics and physicists who try to do philosophy.” See P. T. Geach, “Some Problems 
About Time,” in Studies in the Philosophy of Thought and Action (P. F. Strawson, editor), Oxford 
University Press, 1968. In his introduction to Geach’s essay, editor Strawson put in his two cents 
by stating the four-dimensional view of reality to be nothing but “fanciful philosophical 
theorizing.” 
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The block universe concept may explain the enigmatic statement made by 
Einstein at the death of Michele Besso (note 103). As interpreted”? decades later: 


“It seems that Einstein’s view of the life of an individual was as follows. If the difference 
between past, present, and future is an illusion, i.e., the four-dimensional spacetime is a 
‘block Universe’ without motion or change, then each individual is a collection of myriad 
of selves, distributed along his history, each occurrence persisting on the world line, 
experiencing indefinitely the particular event of that moment [my emphasis]. Each of 
these momentary persons, according to our experience would possess memory of the 
previous ones, and would therefore believe himself identical with them; yet they would 
all exist separately, as single pictures in a film. Placing the past, present and future on the 
same footing this way, destroys the notion of the unity of the self, rendering it a mere 
illusion as well.” 


It appears by his words that Einstein was indeed in agreement with the block 
universe concept, and that he was attempting to give his friend’s family some 
reason to believe that their father still lives ‘somewhen.’ The makers of the 2002 
film Minority Report made use of the block universe concept, even if not inten- 
tionally; there we see police stopping crime before it happens because they can “see 
the future.’ 

Not everybody believed that this view of spacetime was Einstein’s, however. 
Karl Popper (1902-1994), an Austrian philosopher of science, wrote 28 years after 
the scientist’s death that “Einstein was a strict determinist when I first visited him in 
1950: he believed in a 4-dimensional Block-Universe. But he gave this ip 
Shortly before he wrote those words, however, Popper must have learned some- 
thing new to convince himself of his final comment, because just 2 years earlier he 
had declared''! Einstein to (still) be a determinist. Popper presents no evidence to 
support his claim of Einstein’s philosophical conversion, however, and it would 
seem that the Besso letter still offers the best insight into his actual view of 
spacetime shortly before his death. I say this because I think Popper’s labeling of 
Einstein as a determinist is wrong. Determinism says ‘If you do A, then B will 
happen, and if you do not do A then (perhaps) something other than B will happen.’ 
A deterministic universe has plenty of room for free will, because you can choose to 
do A or not to do A, and what you decide makes a difference. A fatalistic universe, 
however, as is the block universe, simply says ‘You will do A and B will happen.’ 
To accept the block universe, as did Einstein, is to be a fatalist, not a determinist. 





1097 Pp. Horwitz, R. I Arshansky, and A. C. Elitzur, “On the Two Aspects of Time: The 
Distinction and Its Implications,” Foundations of Physics, December 1988, pp. 1159-1193. See 
also Einstein’s own book (note 67) where he wrote “From a ‘happening’ in three-dimensional 
space, physics becomes, as it were, an ‘existence’ in the four-dimensional ‘world’.” 

"See the Seventh International Congress of Logic, Methodology and Philosophy of Science, 
volume 4 (Salzburg, Austria, 1983), p. 176. Popper describes his early discussions with Einstein on 
the reality of time and the four-dimensional Parmenidean block universe in some detail in his 
autobiography: see volume 1 of The Philosophy of Karl Popper (P. A. Schilpp, editor), The 
Library of Living Philosophers, Open Court 1974, pp. 102-103. 

'lTn the Foreword to the book by B. Gal-Or, Cosmology, Physics and Philosophy, Springer- 
Verlag 1981. 
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Einstein’s final position on this, then, might have been like that of the fictional 
time traveler who takes a little girl 25,000 years back into the past, where she sees 
an ancient ancestor of humanity. |! She then asks if the ancestor is really alive. The 
time traveler replies, “Every man who ever lived is still alive, child. In time there is 
no real death. When a man dies he’s still alive 10 min ago, 10 years ago. He’s 
always alive to those who travel back through time to meet him face to face.” 

Did Einstein really believe this? Not everybody thinks so. At the 1922 meeting 
of the French Philosophical Society, for example, the philosopher of science Emile 
Meyerson asked Einstein whether the spatialization of time (the idea that time is a 
dimension on the same footing as the spatial ones) is a legitimate interpretation of 
Minkowski’s spacetime. Einstein’s terse answer was that “it is certain that in the 
four-dimensional continuum all dimensions are not [my emphasis] equivalent.”!'* 

Use of the term block universe is generally thought to have originated with the 
Oxford philosopher Francis Herbert Bradley (1846-1924) who, in his 1883 book 
Principles of Logic, wrote “We seem to think that we sit in a boat, and are carried 
down the stream of time, and that on the bank there is a row of houses with numbers 
on the doors. And we get out of the boat, and knock at the door with number 19, and, 
re-entering the boat, then suddenly find ourselves opposite 20, and having then done 
the same, we go on to 21. And, all this while, the firm fixed row of the past and 
future stretches in a block [my emphasis] behind us, and before us.” The house 
numbers would seem to be Bradley’s way of referring to the centuries. Note that he 
wrote these words 12 years before The Time Machine, and that they preceded 
Minkowski’s famous address by a quarter-century. 

But this origin of block universe may not be as clear-cut as I have made it appear. 
Bradley, who was frequently criticized by the Harvard psychologist William James 
(1842-1910)—a man who argued for free will''* and indeterminism, concepts 
disallowed in a block universe—may have been mocked on the idea by James 
during an address to the students of the Harvard Divinity School in March 1884 
(‘The Dilemma of Determinism’), the year after Bradley’s book had been 
published. In his address James spoke of a deterministic world as being a “solid” 
or “iron block” (this are not characteristics of determinism, but rather of fatalism, 
and so James makes the same mistake as did Popper). However, writing the year 
before Bradley’s book, in the April 1882 issue of Mind, James wrote (with obvious 
disdain) of “the universe of Hegel [the German philosopher Georg Hegel (1770- 
1831)]—the absolute block [my emphasis] whose parts have no loose play,” as 
having “the oxygen of possibility all suffocated out of its lungs” and as being a 
universe in which “there can be neither good nor bad, but [only] one dead level of 





12e B. Long, “Throwback in Time,” Science Fiction Plus, April 1953. 

TF A Einstein, “La Théorie de la Relativité,” Bullentin de la Société Francaise de Philosophia 
(volume 17), 1922, pp. 91-113. 

‘144 famous line from James, one that perhaps illustrates his sort of reasoning about free will, is 
“My first act of free will shall be to believe in free will.” If only proving theorems in math and 
physics were that easy. 
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mere fate.” So, perhaps, the chain of evolution of the term block universe is actually 
from Hegel to James and then, finally, to Bradley. 

We can actually find the block universe in fiction before Minkowski (and so 
certainly before pulp science fiction) came on the scene. In an 1875 (!) story''? we 
read of a man who sees, years in advance, his own death in the American Civil War. 


In the following extract, this man speaks to an unnamed friend (who is the narrator): 


“Do you know,” said Bernard, presently, “I sometimes think prophecy isn’t so strange a 
thing ... I really see no reason why any earnest man may not be able to foresee the future, 
now and then...” 

“There is reason enough to my mind,” I replied, “in the fact that future events do not 
exist, as yet, and we cannot know that which is not, though we may shrewdly guess it 
sometimes ...” 

“Your argument is good, but your premises are bad, I think,” replied my friend, . . . his 
great, sad eyes looking solemnly into mine. 

“How so?” I asked. 

“Why, I doubt the truth of your assumption, that future events do not exist as yet .. . Past 
and future are only divisions of time, and do not belong to eternity ... To us it must be past 
or future with reference to other occurrences. But is there, in reality, any such thing as a past 
or a future? If there is an eternity, it is and always has been and always must be. But time is 
amere delusion .. . To a being thus in eternity, all things are, and must be present. All things 
that have been, or shall be, are [my emphasis].” 


When the block universe concept did eventually appear in science fiction, it did 
so early. In a 1927 story, for example, a time traveler from the future and a man in 
the present (who is the narrator) have the following exchange: 


“T have just been five years into your future.” 

“My future!” I exclaimed. “How can that be when I have not lived it yet?” 
“But of course you have lived it.” 

I stared, bewildered. 

“Could I visit my past if you had not lived your future?”!'® 


So, while the block universe has a bit of a history to it, the history of the concept 
of mathematical spacetime in physics has a much clearer origin: it derives from 
Minkowski, not from Hegel, Bradley, James, or even Einstein (who often gets 
credit for it even though he didn’t use the concept in special relativity in 1905, 
3 years before Minkowski’s address.). Eventually, of course, Einstein did come to 
appreciate the power and conceptual beauty of four-dimensional spacetime, and it 
came to play a central role in his ideas about gravity. Indeed, in Einstein’s general 
theory of relativity gravity is (curved) spacetime. The starting point for general 
relativity (and so a scientifically plausible theory of time travel) was Minkowski’s 
creation of spacetime, and he is truly deserving of the title ‘father of the fourth 
dimension.’ 





'I5G, C. Eggleston, “The True Story of Bernard Poland’s Prophecy,” American Homes, June 1875. 
George Cary Eggleston (1839-1911) had served as a soldier in the Confederate Army. 


'1R. Flagg, “The Machine Man of Ardathia,” Amazing Stories, November 1927. 
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Of course, it is true that Newton’s physics also talks about an analytical 
(as opposed to merely philosophical) space and time long before either Minkowski 
or Einstein, but ‘Newtonian spacetime’ is something very different from 
Minkowski’s self-described “radical” view.''’ In the Newtonian view there is a 
universal time, a cosmic time, which is the same time for everyone, everywhere, in 
the universe. At every instant, a cosmic simultaneity exists for Newton. Newton’s 
space is Euclidean; that is, through any point exterior to a line exactly one parallel 
line can be constructed and those two lines will never meet, all triangles (no matter 
their size) have an interior angle sum of 180, and so on. For Newton, space and 
time were absolutely and uniquely separable. They were, as philosophers like to 
say, “distinct individuals.” 

Minkowski changed all that. For him space and time are only relatively separa- 
ble, and the separation is different for observers in relative motion. For Newton, 
space and time are the background in which physical processes in the world evolve. 
For Minkowski, spacetime is the world. 

In a famous philosophical paper''® by an advocate of the block universe view of 
reality, we find the words “I ... defend the view of the world ... which treats the 
totality of being, of facts, or of events as spread out eternally in the dimension of 
time as well as the dimensions of space. Future events and past events are by no 
means present events, but in a clear and important sense they do exist, now and 
forever, as rounded and definite articles in the world’s furniture.” The title of 
Williams’ paper comes from an ancient dilemma stated by Aristotle in his De 
Interpretatione, where he asked a question now classic in philosophy: “Will there 
be a sea fight tomorrow?” 

Aristotle began his famous answer by first posing the following premise: If a 
statement about some future event is, eventually, shown to be true (or false), then 
that statement was true (or false) from the moment it was made. Consider, then, the 
following two assertions: (A) “It is true that there will be a sea fight tomorrow” and 
(B) “It is true that there will not be a sea fight tomorrow.” Surely, argued Aristotle, 
(A) and (B) cannot both be true, but equally surely, one of them must be true. 
Suppose it is (A) that is true. Then there is nothing that can be done to prevent the 
sea fight, and so the future is fated. Suppose, however, it is (B) that is true. Then 
there is nothing that can be done to cause the sea fight, and so the future is fated. The 
conclusion is the same no matter which assertion is the true one; thus, the future is 
fated. 





"7See, for example, H. Stein, “Newtonian Space-Time,” Texas Quarterly, Autumn 1967, 
pp. 174-200; G. Berger, “Elementary Causal Structures in Newtonian and Minkowskian Space- 
Time,” Theoria (volume 40), 1974, pp. 191-201; J. Earman and M. Friedman, “The Meaning and 
Status of Newton’s Laws of Inertia and the Nature of Gravitational Forces,” Philosophy of Science, 
September 1973, pp. 329-359. 

"81D C. Williams, “The Sea Fight Tomorrow,” in Structure, Method and Meaning, The Liberal 
Arts Press 1951. Donald Williams (1899-1983) was a professor of philosophy at Harvard. 
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As might be expected, those who like the fatalistic block universe like this 
conclusion, but, ironically, Aristotle wasn’t one of them—he disliked it so much 
that he struggled to find a way around it. On the other hand, there are philosophers, 
like Professor Williams (who believed in a fatalistic universe), who reject 
Aristotle’s rejection of his own logic! Professor Williams went so far, in fact, to 
calling Aristotle’s reasoning “a tissue of error” and “swaggeringly invalid.” Possi- 
bly so, but the philosophical debates over the sea fight question, and the fatalistic 
(or not) nature of the world, have not ceased to this day. 

In an even more famous paper, Professor Williams makes clear his belief that the 
passage of time is a myth; he poetically declared “the total of world history is a 
spatio-temporal volume, of somewhat uncertain magnitude, chockablock with 
things and events.”!!° Professor Williams did, indeed, embrace four-dimensional 
spacetime, and this is demonstrated by the following incredible passage, perhaps 
his best-remembered words: “It is then conceivable, though doubtless physically 
impossible, that one four-dimensional area of the time part of the manifold be 
slewed around at right angles to the rest, so that the time order of that area, as 
composed by its interior lines of strain and structure, run parallel with a spatial 
order in its environment. It is conceivable, indeed, that a single whole human life 
should lie thwartwise of the manifold, with its belly plump in time, its birth at the 
east and its death in the west, and its conscious stream running alongside 
somebody’s garden path.” 

Good Lord! 

Now, I am willing to admit that Professor Williams probably wrote that won- 
derful passage mostly for effect,'”° but I ask you—what, if anything, does it mean? 
It is marvelous to read and yet it remains (for me) mysterious.'*! It should come as 
no surprise that Professor Williams originally presented his papers to the Meta- 
physical Society of America, rather than to the American Physical Society. But this 
passage was perhaps not without impact in areas far removed from metaphysics; 
some years later there appeared a science fiction story'?* that reads as though it had 
been inspired by Williams. In it, a scientist discovers how to bend his perception of 
the four dimensions so as to view verticality as duration and duration as verticality. 
Thus, he is in October while sitting, but when he stands up he is in November! As 
bizarre as this may seem, such coordinate interchanges actually do occur in the 





19D. C. Williams, “The Myth of Passage,” Journal of Philosophy, July 1951, pp. 457-472. 

'2°Ty a footnote, Williams sort of admits this when he writes “I should expect the impact of the 
environment on such a being to be so wildly queer and out of step with the way he is put together, 
that his mental life must be a dragged-out monstrous delirium.” I think this a great understatement. 
'21 As it was for some of Williams’ fellow philosophers, one of whom bluntly called the ‘myth-of- 
passage’ paper “an interesting piece of science fiction”: see M. Capek, “The Myth of Frozen 
Passage: The Status of Becoming in the Physical World,” in Boston Studies in the Philosophy of 
Science (volume 2), Humanities Press 1965. Capek’s title reflects his view of the block universe as 
simply a giant refrigerator and so, turning the tables on Williams, we have ‘passage’ changed to 
‘frozen passage.’ See also note 136. 


2G, Wolfe, “The Rubber Bend,” Universe 5 (T. Carr, editor), Random House 1974. 
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mathematical theory of time machines; we’ll see this later, for example, when we 
discuss Tipler’s rotating cylinder time machine. 

By the 1930s the block universe had found a home in pulp science fiction. The 
block universe view that past and present coexist with the present got dramatic 
treatment in one story of a high school teacher who invents a “spacetime warp” 
theory, and who is then tricked by an evil industrialist into implementing it in the 
form of a gun. The weapon produces incredible effects when it is tested; for 
example, an allosaurus appears, which we are told is “a carnivorous dinosaur of 
the Jurassic Age, the most frightful engine of destruction that ever walked the 
Earth!”!*° At the story’s end, the teacher explains what has happened to a crowd of 
breathless newspaper reporters: 


“Spacetime was warped slightly ... The Einsteinian spacetime continuum buckled ... 
Because it was superficial, only a little of the past, a little of the future broke through. 
The folds of the warp distorted spacetime evanescently, erratically skirting the vast gulf 
where the past lies buried and lightly tapping the vast stores of the future. It is a truism of 
modern speculative physics that the past and the future exist simultaneously and coexten- 
sively in higher dimensions of space. De Sitter has speculated as to the possibility of seeing 
an event before it happens. It is quite possible, gentlemen. Events of the far future already 
exist in spacetime.” 


That ‘explains’ the dinosaur. In the teacher’s words, “You tell me that two men saw 
an incredible beast. ... They swear it looked like a dinosaur. I think it was a 
dinosaur, gentlemen. It broke through when the warp tapped the past.” 

And just 2 years later, Robert Heinlein made world lines the central concept in 
the first of his many classic tales.'** The story draws an analogy between a world 
line and a telephone cable: the beginning and end points in spacetime for the world 
line of a person (birth and death) are associated with breaks (faults) in a telephone 
cable. By sending a signal up and down the cable, and measuring the time delay 
until the arrival of the echo produced by such discontinuities, a technician can both 
detect and locate the faults. In the same manner, Heinlein’s story-gadget sends a 
signal of unspecified nature up and down a world line and thus locates the birth and 
death ‘discontinuities.’ Knowledge of the death date, in particular, causes financial 
stress among life insurance companies, and an examination of that tension (not 
strange physics) is the fictional point of the story. 

And then, 2 years after Heinlein’s tale with its serious tone, a far less serious 
story!” (featuring an Attila the Hun character who roams up and down the 
corridors of time kidnapping beautiful women for his harem!), we find an ‘editorial’ 
footnote telling its young readers that “scientists—especially the new order of 
meta-physical scientists—are agreed on the principles of Space-Time. The future 
is not a thing which will exist. Rather it is a thing which does exist—all events from 





'°3R. B. Long, “Temporary Warp,” Astounding Stories, August 1937. 
aR. Heinlein, “Life-Line,” Astounding Science Fiction, August 1939. 
PR, Cummings, “Bandits of Time,” Amazing Stories, December 1941. 
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the Beginning to the End, exist in a record upon the scroll of Time.” This story, 
itself, was silly, but the block universe metaphysics was up-to-date. 

Somewhat surprisingly, I think, is that even before pulp science fiction embraced 
the block universe, the concept had already made a deep impression on a broader 
audience. For example, in a 1928 New York stage play'~° the action alternately 
takes place in the years 1784 and 1928 and, to explain how that can be, one 
character (a time traveler) tells another: 


“Suppose you are in a boat, sailing down a winding stream. You watch the banks as they 
pass you. You went by a grove of maple trees, upstream. But you can’t see them now, so 
you saw them in the past, didn’t you? You’re watching a field of clover now; it’s before your 
eyes at this moment, in the present. But you don’t know yet what’s around the bend in the 
stream ahead of you; there may be wonderful things, but you can’t see them until you get 
around the bend, in the future, can you?” 


Then, after this prologue about the stream of time, comes the block universe idea: 


“Now remember, you re in the boat. But /’m up in the sky above you; in a plane. I’m looking 
down on it all. I can see all at once the trees you saw upstream, the field of clover that you 
see now, and what’s waiting for you around the bend ahead! All at once! So the past, 
present, and future of the man in the boat are all one to the man in the plane.” 


Then, finally, the obvious theological conclusion: “Doesn’t that show how all Time 
must really be one? Real Time—real Time is nothing but an idea in the mind of 
God!” 

To end this section, the block universe conception was cleverly used by one 
science fiction fan who argued in support of time travel, in reply to another fan how 
had claimed that a failure of mass/energy conservation was fatal to the plausibility 
of time travel. Their exchange began with a letter to the editor at Astounding Stories 
in November 1937, written in response to a recent story !*’: 


“Let us say that there is, at a certain time, ‘x’ amount of matter in the Universe, and ‘e’ 
amount of energy. Then if a man of ‘a’ mass travels backward in time to this particular 
instant aforementioned, the total amount of matter is thus ‘x’ plus ‘a’, while if no other such 
mass changing occurrences take place, the amount of matter in the future is ‘x’ minus ‘a’. 
Only a corresponding loss and gain respectively in the amount of energy could explain this 
conservation of energy, advocates [of time travel] say what they may. But you can’t rob or 
add energy to a Universe nilly-willy! Or perhaps time doesn’t enter in on the matter. 
Perhaps you can add matter in a Universe provided you take it away on some future date.” 


This fan’s concern clearly made an impression on science fiction writers, and the 
case for conservation of energy is stated in many of the time travel stories that 
appeared after the publication of this letter.'7* 





'26Berkeley Square” by J. L. Balderson. This play was made into a 1933 movie of the same name, 
and again in 1951 as the film /’// Never Forget You. 

270, Saari, “The Time Bender,” Astounding Stories, August 1937 (see also note 137 in Chap. 1). 
'°8Examples include the novels Lest Darkness Fall (Henry Holt 1941) by L. Sprague de Camp, 
and The Time Hoppers (Doubleday 1967) by Robert Silverberg. 
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A reply was soon received by the magazine in a letter (January 1938) from 
another fan: 


“[A recent letter] implies that the idea of time travel is incompatible with the law of 
conservation of mass and energy. I believe [the] reasoning is wrong [and that the] difficulty 
lies primarily in the assumption that a body moved in time is transported into a different 
Universe. According to Einstein, time and the three normal dimensions are so related as to 
form a continuous, inseparable medium we call the spacetime continuum. Time is in no 
way independent of the other components of our Universe. Hence a fixed mass [a time 
traveler and his machine] moved in time is by no means lost from the Universe, the action 
being analogous to a shift along any other dimension.” 


The block, or frozen, universe of Minkowski is clearly reflected in those words, !7° 


2.7 Philosophical Implications of the Block Universe 


“Is the future all settled beforehand, and only waiting to be ‘pushed through’ into our three- 
dimensional ken? Is there no element of contingency? No free will? I am talking geometry, 
not theology.”!*° 


I should tell you now that, despite the enthusiastic embrace of the block universe 
by Williams and others (including Einstein), there are those who have been harsh in 
their criticism of Minkowski’s spacetime. The major philosophical problem with 
the block universe interpretation of four-dimensional spacetime is that it looks like 
fatalism disguised as physics. It seems to be little more than a mathematician’s 
proof of a denial of free will dressed up in geometry. One philosopher illuminated 
this concern with the following story, one that vividly illustrates the compelling 
need many humans have to deny a fatalistic world: 


“In a moving picture version of Romeo and Juliet, the dramatic scene was shown in which 
Juliet, seemingly dead, is lying in the tomb, and Romeo, believing she is dead, raises a cup 
containing poison. At this moment an outcry from the audience was heard: ‘Don’t do it!’ 
We laugh at the person who .. . forgets that the time flow of a movie is unreal, is merely the 
unwinding of a pattern imprinted on a strip of film. Are we more intelligent than this man 
when we believe that the time flow of our actual life is different? Is the present more than 
our Copnizaney of a predetermined pattern of events unfolding itself like an unwinding 
film?” 





2°Tn the context of mathematical physics (not science fiction) it has been shown that time travel 
does not imply any fatal violation of conservation of energy. See, for example, J. L. Friedman 
et al., “Cauchy Problem in Spacetimes with Closed Timelike Curves,” Physical Review D, 
September 15, 1990, pp. 1915-1930, and D. Deutsch, “Quantum Mechanics Near Closed Timelike 
Lines,” Physical Review D, November 15, 1991, pp. 3197-3217. 

'3°The lament of Victorian physicist Oliver Lodge (1850-1940) in his essay “The New World of 
Space and Time,” Living Age, January 1920. 

1317 Reichenbach, The Direction of Time, University of California Press 1956, p. 11. 
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Most people in the Western world would answer yes to Reichenbach’s question. 
Most people do find Omar Khayyam’s Rubaiyat to be a beautiful poem, yes, but still 
they reject its fatalistic message: “And the first Morning of Creation wrote/What the 
Last Dawn of Reckoning shall read.” Indeed, William James quoted these very 
words in his 1884 address to the students of the Harvard Divinity School when he 
argued against fatalism and the block universe. 

Besides fatalism, another reason for the stinging words by critics of Minkowski’s 
spacetime is that, in it, events don’t happen—they just are. That is, there seems to 
be no temporal process of becoming in Minkowski’s spacetime. Everything is 
already there and, as what we perceive to be the passing of time occurs, we simply 
become conscious of ever more of Minkowski’s “world points,” or events, that lie 
on our individual world lines. Hermann Wey! (1885-1955), a German mathemat- 
ical physicist who in his last years was a colleague of Einstein and Godel at the 
Institute for Advanced Study in Princeton, expressed this very interpretation in 
words that have become famous, words that sound very much like those of Wells’ 
Time Traveller: “The objective world simply is, it does not happen. Only to the 
gaze of my consciousness, crawling upward along the life line of my body 
[Minkowski’s world line], does a section of the world [spacetime] come to life as 
a fleeting image in space which continuously changes in time [creating what we call 
the now or the present].”!** 

Wey] was skillful in finding poetic ways to express the world line view of reality, 
but not everybody is convinced by the poetry because it seems to deny the common 
sense idea of time ‘flowing,’ of temporal passage; it effectively says time is mind- 
dependent, a mere i//usion, as the time traveler in “Berkeley Square” declared (note 
126). One philosopher who was particularly opposed to Weyl’s view was the 
British-American academic Max Black (1909-1989), and he expressed his opinion 
in no uncertain terms: “The picture of a “block Universe,’ composed of a timeless 
web of ‘world-lines’ in four-dimensional space, however strongly suggested by the 
theory of relativity, is a piece of gratuitous metaphysics.”!** Another philosopher 
who was unhappy with Weyl’s view of the block universe was just as blunt: “While 
philosophers may be forgiven intellectual extravagances of this kind, I think it is a 
pity when they receive encouragement from theoretical physicists.”'** 

Weyl’s views had supporters, too, however. Consider, for example, the Time 
Traveller’s speech to his friends at the fateful dinner party that opens The Time 





2H Weyl, Philosophy of Mathematics and Natural Science, Princeton University Press 1949, 
p. 116. Sir James Jeans had already said the same, somewhat less elegantly, in his 1935 Sir Halley 
Stewart Lecture: “The tapestry of spacetime is already woven throughout its full extent, both in 
space and time, so that the whole picture exists, although we only become conscious of it bit by 
bit—like separate flies crawling over a tapestry ... A human life is reduced to a mere thread in the 
tapestry.” Jeans then immediately rejected this fatalistic view: see his Scientific Progress, Mac- 
millan 1936, p. 20. 


'33From a book review in Scientific American, April 1962, pp. 179-185. 


13447 A. C. Dobbs, “The ‘Present’ in Physics,” British Journal for the Philosophy of Science, 
February 1969, pp. 317-324. 
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Machine: “There is no difference between Time and any of the three dimensions of 
Space except that our consciousness moves along it ... here is a portrait of a man at 
8 years old, another at fifteen, another at seventeen, another at twenty-three, and so 
on. All these are evidently sections, as it were, Three-Dimensional representations 
of his Four-Dimensional being, which is a fixed and unalterable thing 
[my emphasis].” Remember, these words were written in 1895, 13 years before 
Minkowski and his world lines, and of course decades before Weyl’s famous words. 

Wells’ passage made a considerable impression on at least one well-known 
physicist of the time, who references it in his early book on relativity.'*° And in 
another book on relativity, published the same year, we find the same interpretation 
of Minkowski’s spacetime as a block universe: “With Minkowski, space and time 
become particular aspects of a single four-dimensional continuum ... All motional 
phenomena ... become timeless phenomena in four-dimensional space. The whole 
history of a physical system is laid out as a changeless whole.” !*° 

The claim that time is an illusion has some thought-provoking implications 
concerning the concepts of omniscience and free will, concepts that occur in any 
discussion of time travel. Some old theology on God’s omniscience, as discussed in 
Aquinas’ Summa Theologiae, is seemingly lent at least some support by 
Minkowski’s spacetime: “Now although contingent events come into actual exis- 
tence successively, God does not, as we do, know them in their actual existence 
successively, but all at once; because his knowledge is measured by eternity, as is 
also his existence; and eternity which exists as a simultaneous whole, takes in the 
whole of time ... Hence all that takes place in time is eternally present to God.” 
Somewhat paradoxically, however, Aquinas did make a distinction between past 
and future. In that same work he declares that “God can cause an angel not to exist 
in the future, even if he cannot cause it not to exist while it exists, or not to have 
existed when it already has.” For Aquinas, then, whereas the past is rigid and 
unchangeable, the future is plastic, which is not the block universe view of 
spacetime. 

As one theologian has observed,'*’ this does not mean that Aquinas thought God 
had to view all events simultaneous with all others.'** Rather, our theologian says 
that Aquinas could have thought of the relationship between God and events as 
being similar to that between the center of a circle and all the points on the 
circumference. That is, each point on the circumference has its own identity, 
coming before and/or after any other point, but the center is related to each and 





1357 | Silberstein, The Theory of Relativity, Macmillan 1914, p. 134. 

°R, Cunningham, The Principle of Relativity, Cambridge University Press 1914, p. 191. The use 
of the words timeless and changeless explain the characterization of the block universe as being 
frozen (in note 121). 

BIW. LL, Craig, “Was Thomas Aquinas a B-Theorist of Time?” New Scholasticism, Autumn 1985, 
pp. 475-483. For the B-theory of time, look back at the discussion in the first section of this 
chapter. 

‘38 science fiction story by Norman Spinrad, “The Weed of Time” (Alchemy and Academe, 
Doubleday 1970) graphically describes what a nightmare that could be! 
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every point on the circumference in precisely the same way. The center, then, is 
‘eternity’ and the circumference is the temporal series (‘one thing after another’) of 
reality. Saying that God is eternal is thus very different from saying he is everlast- 
ing. The first means outside of time, whereas the second means he is a temporal 
entity but has neither beginning nor end. 

Our theologian supports the first interpretation, invoking Aquinas’ own words 
from Summa Contra Gentiles: “The divine intellect, therefore, sees in the whole of 
its eternity, as being present to it, whatever takes place through the whole course of 
time. And yet what takes place in a certain part of time was not always existent. It 
remains, therefore, that God has a knowledge of these things that according to the 
march of time do not yet exist.” 

The issue of God’s eternity and his place in spacetime has long been a hot topic 
among theologians with a scientific inclination. Practically every issue of the 
learned journal Religious Studies, for example, carries an article on the subject, 
often invoking relativity theory to support some argument. The Bible, itself, can be 
a confusing guide on this matter. For example, consider the Old Testament story of 
King Ahab (First Kings 21). Ahab, King of Sumeria, coveted Naboth’s vineyard, 
but Naboth would not sell. The King retreated, but his wife Jezebel arranged for 
Naboth’s downfall and judicial murder and thus caused the arrival of all his 
property into her husband’s hands. This angered God, who commanded Elijah to 
prophesy disaster on Ahab’s house. Ahab responded with sackcloth, and at that God 
shifted the disaster to the house of Ahab’s son. The point, here, is that God, declared 
to be omniscient, seems to have been surprised at Ahab’s penitence. God is aware 
of everything in this tale, but only as it happens. That is, God’s knowledge is subject 
to growth. This Hebrew concept of God as a participant in history is at odds with the 
contemporary Christian conception of divine knowledge of all that has been, all that 
is, and all that will be, a view which has its own Biblical support (for divine 
eternality). For example, Malachi 3:61 (“For I am the Lord, I change not”), and 
James 1:17 (‘the Father ... with whom is no variableness’’). 

When The Time Machine was serialized in the New Review, it included a passage 
that does not appear in the now classic version of the story in which the Time 
Traveller explains his view of the connection between omniscience and the block 
universe to his dinner guests: 


“I’m sorry to drag in predestination and free-will, but I’m afraid those ideas will have to 
help ... Suppose you knew fully the position and properties of every particle of matter, of 
everything existing in the Universe at any particular moment of time: suppose, that is, that 
you were omniscient. Well, that knowledge would involve the knowledge of the condition 
of things at the previous moment, and at the moment before that, and so on. If you knew and 
perceived the present perfectly, you would perceive therein the whole of the past. If you 
understood all the natural laws the present would be a complete and vivid record of the past. 
Similarly, if you grasped the whole of the present, knew all its tendencies and laws, you 
would see clearly all the future. To an omniscient observer there would be no forgotten 
past—no piece of time as it were that had dropped out of existence—and no blank future of 
things yet to be revealed ... Present and past and future would be without meaning to such 
an observer . .. He would see, as it were, a Rigid Universe filling space and time . . . If ‘past’ 
meant anything, it would mean looking in a certain direction, while ‘future’ meant looking 
the opposite way.” 
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Wells’ “Rigid Universe” certainly sounds like the block universe, and he (or least, 
the Time Traveller) seems to have believed that it held important implications for 
the concept of free will. 

The ‘Rigid Universe’ got an interesting science fiction treatment in a story'*? 
that imagined an event in the present that occurs ‘before it should’ (a heart patient 
learns that her obituary notice will be in next week’s New York Times when that 
paper arrives ‘early’). As one character explains to the sister of the lady who is soon 
to die, “The future mustn’t be changed ... For us the events of ... the future are as 
permanent as any event in the past. We don’t dare play around with changing the 
future, not when it’s already signed, sealed and delivered in that newspaper. For all 
we know the future’s like a house of cards. If we pull one card out, say your sister’s 
life, we might bring the whole house tumbling down. You’ve got to accept the 
decree of fate ... You’ve got to.” 

With Einstein’s discovery of the relativity of simultaneity,'“° we run into the 
question of ‘How can there be any sense to the concept of divine, universe-wide 
knowledge in a four-dimensional spacetime?’ That’s because in some frames of 
reference it is possible for event A to be observed before event B, whereas in other 
frames the temporal order could be reversed, and so some theological questions 
prompted by spacetime physics are: ‘What is God’s frame of reference if he is to 
be actively involved in human affairs? Could God have a special frame of 
reference in which he is exempt from the relativity of simultaneity, a frame in 
which he imposes an absolute order on the sequence of becoming of events? Does 
it make any sense, that is, to say God enjoys what might be called ‘divine 
immediacy’? And if so, what should we think of a God who follows rules of 
nature different from those that govern all he is supposed to have made?’ 

Theologians have debated questions like these for decades, and surely will 
continue to do so for many more decades to come. Alas, I suspect that physicists 
who study time travel have either been unaware, unimpressed, or just plain 
uninterested. That’s too bad, because one doesn’t have to be religious to 
appreciate the pure intellectual challenges presented by such questions. For 
example, consider the following debate between two philosophers, one who 
believes free will and divine foreknowledge are not compatible, and another 
who thinks the first has made a fundamental error in blurring the distinction 
between changing and affecting the past. (This distinction is of great importance 





°R_ Silverberg, “What We Learned From This Morning’s Newspaper,” Infinity Four, 
November 1972. 

'4©This refers to the discovery that two events, which occur simultaneously for one observer in a 
spacetime, may not be simultaneous for another observer in the same spacetime. This will be 
discussed in more detail in the next chapter. 
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in any discussion of time travel.) This second philosopher presented some of his 


arguments in terms of a time traveler to the past!!: 


“Consider the following. Parsons (P) has invented a special machine which allows him to 
go back in time. He enters the machine in 1986 and finds himself in the presence of or, 
perhaps better, observing, Quigly (Q) in 1876. P is an authority on Q, and knows imme- 
diately the situation Q is in. Not only that, but he remembers reading about the particular 
decision or act which Q made in that situation. Thus one might argue that from P’s 
perspective what Q decides is as if already done. It is not already done, since P is standing 
there waiting for Q to do it. He has gone back in time. Yet from P’s perspective, which is of 
one come back from the future, it is as if already done, since he knows what Q does decide. 
Since P strongly believes in the unalterability of the past, it is not within Q’s power to do 
something other than what Q in fact does in that situation. From Q’s perspective his 
decision is not already made nor is the action taken, so that it is in his power at that time 
to do either x or y. From his perspective, that he will do x rather than y is indeterminate; it is 
not yet done, though at the same time he can grant that P knows what he will do because for 
him it is as if he has already done it.” 


The first philosopher doesn’t buy any of this, and dismisses it with “It should be 
abundantly clear ... that the fact that such stories are in some way imaginable and 
intuitively graspable says nothing about their logical coherence.” Given the interest 
among modern physicists in time travel, however, I think the first philosopher 
wouldn’t write that today. 

One possible reply to all of these theological issues that spacetime physics 
prompts can perhaps be found in a paper!*? (written by a philosopher and two 
mathematicians) that describes a five-dimensional spacetime in which the fifth 
dimension is initially given the provocative label of the ‘eternity’ axis. But then 
the authors lost their nerve and elected to rename it ‘anti-time.’ It is interesting to 
note that pulp science fiction anticipated that terminology by decades, as in one 
story '*? we read “Beyond the fourth there is a fifth dimension . . . Eternity, I think 
you would call it. It is the line, the direction perpendicular to time.” For some, the 
eternity axis would appear to be perfect to serve as the temporal dimension for God, 
an axis distinct from the time axis of mere mortals. 

The idea of supernatural beings existing outside of mortal time is an old one in 
theology, and it can also be found in secular literature long before science fiction 
got hold of it. For example, in the first act of Lord Byron’s 1821 poem Cain, the 
fallen angel Lucifer tells Cain and his wife that 





'41For the complete exchange between these two philosophers, see W. Hasker, “Foreknowledge 
and Necessity,” April 1985, pp. 121-157, B. Reichenbach, “Hasker and Omniscience,” January 
1987, pp. 86-92, and W. Hasker, “The Hardness of the Past: A Reply to Reichenbach,” July 1987, 
pp. 337-342, all in the journal Faith and Philosophy. Hasker is the ‘first’ philosopher, and 
Reichenbach is the ‘second’ one. See also D. P. Lackey, “A New Disproof of the Compatibility 
of Foreknowledge and Free Choice,” Religious Studies, September 1974, pp. 313-318. 

1427 G. Bennett ef al., “Unified Field Theory in a Curvature-Free Five-Dimensional manifold,” 
Proceedings of the Royal Society of London A, July 1949, pp. 39-61. A theological interpretation is 
given in G. Stromberg, “Space, Time, and Eternity,” Journal of the Franklin Institute, August 
1961, pp. 134-144. 


M37 A. Eshbach, “The Time Conqueror,” Wonder Stories, July 1932. 
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With us acts are exempt from time, and we 
Can crowd eternity into an hour, 

Or stretch an hour into eternity. 

We breathe not by a mortal measurement, 
But that’s a myst’ry. 


Before Minkowski, the debates over fatalism (as in Silverberg’s story in note 
139) and free will had been the exclusive province of philosophers, theologians, and 
lawyers (if a person has no control over his or her actions, then can we morally and 
ethically punish that person if those actions happen to be criminal?!**). After 
Minkowski, the physicists (at least a few of them) joined the debates. According 
to one philosopher (note 118) the major motivation driving these debates is “the 
age-old dread that God’s foreknowledge of our destiny can in itself impose the 
destiny upon us.” The implication is, of course, that God is ‘outside of time’ and so 
can take in the entire Minkowskian block universe at a glance (hence his 
foreknowledge). 

The relativistic view of the universe as a timeless four-dimensional spacetime 
seems to provide scientific, mathematical support for the conclusion that not only is 
the past fixed, but so is the future. Does that mean the future is what it will be—and 
if so, then why bother agonizing over the many apparent decisions each of us faces 
every day? If the future will be what it will be, then Christian theologians are left 
with the puzzling task of explaining what could possibly be meant by the Biblical 
exhortation (Deuteronomy 30:19) “I call Heaven and Earth to record this day 
against you, that I have set before you life and death, blessing and cursing; therefore 
choose [my emphasis] life, that both thou and thy seed may live.” 

This issue has bothered philosophers for a very long time. The so-called Master 
Argument (the name reflects its supposed invulnerability to rebuttal), for example, 
comes down to us from its origins in ancient times, in the Discourses of the first 
century A.D. Roman Stoic philosopher Epictetus. That argument can be summa- 
rized'* as follows: 


1. The future follows from the past; 
2. The past is unchangeable; 
3. What follows from the unchangeable is unchangeable; 


Therefore, 
4. The future is unchangeable. 


This certainly does seem to be fatalistic, in effect arguing that all events in a block 
universe spacetime are recorded in a “Book of Destiny.’ Since ancient times many 
great works of literature have adopted that view, recounting tales of the foretold 





'4For more on this, in the context of time travel, see the penultimate question in the For Future 
Discussion questions at the end of this chapter. 

'45See, for example, the two papers by R. L. Purtill, “The Master Argument,” Apeiron, May 1973, 
pp. 31-36, and “Foreknowledge and Fatalism,” Religious Studies, September 1974, pp. 319-324. 
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fates of men, such as Sophocles’ Oedipus. It is, in a block universe, as though our 
conscious experience of the world is no different from that of the man watching the 
projected film images of Romeo and Juliet. 

That view is the central issue in the early sixth century A.D. Roman philosopher 
Boethius’ influential De Consolatione Philosophiae (circa A.D. 500) which was 
written during a year of imprisonment before his execution for treason; perhaps he 
wondered during that year if his fate could have been anything different. Certainly 
he must have taken some consolation in fatalism, but in fact he tried to argue that 
God’s vision of all temporal reality does not limit the freedom to act. According to 
Boethius, “The expression “God is ever’ denotes a single Present, summing up His 
continual presence in all the past, in all the present . . . and in all the future.” That is, 
God sees in one timeless and eternal moment all that has been and will be freely 
chosen.'“° 

When the fourteenth century English poet Geoffrey Chaucer prepared a trans- 
lation of Consolatione he was obviously inspired by it when he wrote his very long, 
famous poem (Troilus and Criseyde) on the nature of love (Book IV.140): 


Some say “If God sees everything before 

It happens—and deceived He cannot be— 

Then everything must happen, though you swore 
The contrary, for He has seen it, He.” 

And so I say, if from eternity 

God has foreknowledge of our thoughts and deed, 
We ve no free choice, whatever books we read. 


Two modern, purely philosophical rebuttals'*” to Chaucer, however, argue that 


his poetry misstates Boethius’ philosophy when Troilus declares that divine fore- 
knowledge is incompatible with free will. That is, in their view God’s omniscience 
(a fundamental teaching in the theistic religions of Christianity, Judaism, and Islam) 
is compatible with free will (also a fundamental belief in those same religions). 
Both of these scholarly papers, though, depend much more on the nuances of 
grammar than most physicists will like. 

The connection between spacetime physics and free will was made explicitly by 
the philosopher who wrote “For philosophers in either field, philosophy of science 
and philosophy of religion are too often viewed as mutually irrelevant ... This 
is unfortunate, because sometimes the problems can be quite parallel and a consis- 
tent resolution is required. One especially intriguing case in point concerns, in 





‘461m his The Sirens of Titan, a 1959 novel meant to be a parody of God’s omniscience, Kurt 
Vonnegut gave the curious name of chrono-synclastic infundibulated vision to God’s power to see 
the past and future. 


'47G, I. Mavrodes, “Is the Past Unpreventable?” April 1984, pp. 131-146, and A. Plantinga, “On 
Ockham’s Way Out,” July 1986, pp. 235-269, both in Faith and Philosophy. 


108 2 Philosophical Space and Time 


Fig. 2.2 The common view 
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philosophy of science, the possibility of ... time travel and, in philosophy of 
religion, the relationship between divine foreknowledge and human freedom.”'** 

That philosopher could well have included science fiction writers in his group of 
people interested in both spacetime physics and free will. In one story,” for 
example, a man in the twenty-fifth century is about to travel back into the past to 
escape criminal prosecution. He is aked where he’d like to go, and he replies “I do 
not understand the paradoxes—what if I choose to build gravity-deflectors in 
Ancient Rome?” When he is told (correctly) that he couldn’t do that because it 
didn’t happen, he persists: “But if I can choose any period, it means I can alter 
history at will—which presumes that the present can also be changed.” Then, at last, 
he gets the explicit answer that bothers nearly everyone: “The real answer is that in 
the final analysis your decision to choose a certain time period is already made, and 
the things you will do [in the time traveler’s personal time] are already determined. 
Free will is an illusion; it is synonymous with incomplete perception.” The same 
idea appears in another tale (note 57); when one character says, “What you are 
saying is that the future is fixed, and that you can read it, in every essential detail,” 
the response is “Quite right ... both those things are true.” 

However, no matter how hard we try—and by we I include even those physicists 
and philosophers who embrace the block universe with its support of time travel to 
the past—it is very difficult to break free of the view of time as shown in Fig. 2.2. 
That is, as the passage of time up to the present or now (with all to the left of that 





MBW.L. Craig, “Tachyons, Time Travel, and Divine Omniscience,” Journal of Philosophy, March 
1988, pp. 135-150. Tachyons are hypothetical faster-than-light particles that theoretically travel 
backwards through time. They will be discussed in Chap. 5. 


“wr, Kubilius, “Turn Backward, O Time,” Science Fiction Quarterly, May 1951. 
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instant as the past), while to the right of the now we have multiple possible futures 
(depending on our free will choices). Lying to the side of all that (in our thoughts 
and imaginations) are all that ‘might have been’ if we had made different choices 
than we did at earlier times in the past.'°° 

With all that said, even if events are really laid out in the spatial and temporal 
web that constitutes the four-dimensional block universe, there still remains the 
great mystery of why we see them unfold in the particular sequence that we 
do. Why not in reverse order? Why, indeed, do we see what we call time run 
from what we call the past to what we call the future and, indeed, what do we really 
mean by past and future? As you'll see in the next chapter, these are not easy 
questions, and nearly everybody who has thought about them believes we are not 
yet even close to knowing the answers. 

On that perhaps gloomy note, it seems appropriate to end here with a few more 
words from St. Augustine’s Confessions, with words that follow those that helped 
open this chapter: “I confess to you, Lord, that I still do not know what time is. Yet I 
confess too that I do know that I am saying this in time, that I have been talking 
about time for a long time, and that this long time would not be a long time if it were 
not for the fact that time has been passing all the while. How can I know this, when I 
do not know what time is? Is it that I do know what time is, but do not know how to 
put what I know into words? I am in a sorry state, for I do not even know what I do 
not know!”!*! 


2.8 For Further Discussion 


In the comics one of Superman’s more interesting adversaries is 
Mr. Mxyzptlk (pronounced mix-yez-pitle-ick), a being with seemingly mag- 
ical powers from the Land of Zrfff in the fifth dimension. Mr. Mxyzptlk’s 
powers are not really because of magic, however, but are ‘merely’ the result 
of his hyperspace world with its extra dimension. Mr. Mxyzptlk, for example, 
in one of his misadventures with Superman in 1954, begins selling a 


(continued) 





'5°Fi gure 2.2 is based on a similar one in C. K. Raju, “Time Travel and the Reality of Spontane- 
ity,” Foundations of Physics, July 2006, pp. 1099-1113. 


'S! There is another view of time even darker than St. Augustine’s, which denies the existence of 
both future and past, and doesn’t offer us much either for that special moment we call the present 
(or now). This view, called presentism, was hauntingly expressed in some lyrics I heard in the final 
episode of the second season (2015) of the HBO series True Detective: “There is no future/There is 
no past/In the present nothing lasts.” Now that is depressing! Still, there are philosophers who 
believe even this view can support time travel: see S. Keller and M. Nelson, “Presentists Should 
Believe in Time-Travel,” Australasian Journal of Philosophy, September 2001, pp. 333-345. 
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newspaper called the Daily Mpftrz in competition with the Daily Planet. 
Unlike a traditional newspaper that reports what has happened, the Daily 
Mpftrz (your guess is as good as mine!) prints what will happen. As 
Mr. Mxyzptlk says, “You see, as a resident of the fifth dimension, I can 
get all the news I want from the fourth dimension!” The science editor at the 
Daily Planet explains the meaning of that to his boss, Perry White: “That’s 
right, Mr. White . .. many physicists consider time the fourth dimension . . . so 
if Mr. Mxyzptlk can travel from the fifth dimension to our three-dimensional 
world, he most likely is able to see the future!” (This leaves unanswered the 
question of why he continues to challenge Superman when he knows he will 
always be defeated—as he always is!) Presumably a five dimensional world 
would have our three spatial and one temporal dimension (for a total of four), 
and so the question now is: what is the nature of the additional (fifth) 
dimension? Is it spatial or is it temporal? (There is a brief appearance of the 
fifth dimension in the 2014 movie /nterstellar, but we aren’t told much of 
anything about its possible structure.) Discuss and compare the world of four 
space dimensions and one time dimension, with the world of three space and 
two time dimensions. (In Chap. 5 we’ll discuss a possible connection between 
two-dimensional time and time travel.) 


In the text it is stated that “If A and B are mutually causative, then ‘A causes 
B’ coupled with “B causes A’ seems to lead to ‘A causes A.’” Suppose, 
however, that we imagine two adjacent sunken pools of water, a and b, on the 
same horizontal surface, with each pool filled to the brim. An overflow from 
one pool will flow into the other pool. Now, define the events A and B as ‘A is 
the overflow of pool a’ and ‘B is the overflow of pool b.’ Thus, A causes B 
and B causes A. Does the conclusion “A causes A’ make physical sense in this 
specific case? Discuss at length. 


When reading A. C. Clarke’s story “Technical Error” (see note 99), we learn 
that a rotation through 4-space inverts “the unlucky Nelson.” The ‘solution’ 
to this awkward situation is to flip Nelson through 4-space a second time and 
so back to ‘normal.’ (When Thrilling Wonder Stories reprinted this tale in 
June 1950, after its original publication in 1946, the title was changed to the 
more appropriate “The Reversed Man.”) Clarke may have missed an 
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important technical ‘detail,’ however, in that when first flipped through 
4-space everything inverts, and so matter becomes anti-matter and Nelson 
would have instantly been annihilated in a 100 % conversion of matter to 
energy (that is, the flipped Nelson would have initiated a very large explo- 
sion). Compare this to Alice’s concern in her flipped world (Lewis Carroll’s 
Through the Looking Glass) when she wonders “Perhaps Looking-glass milk 
isn’t good to drink.” Explain why Lewis Carroll certainly was not thinking of 
matter/anti-matter explosions when he wrote his novel. What do you think he 
might have had in mind? 


A time travel story, even earlier than Clarke’s, that uses spacetime ‘rota- 
tions,’ was authored by Edmond Hamilton (1904-1977), one of the 
pioneering pulp fiction writers. In his “The Man Who Saw the Future” 
(Amazing Stories, October 1930), a man is hauled before the Inquisitor 
Extraordinary of the King of France to explain his mysterious disappearance, 
and subsequent reappearance, in an open field, amid thunderclaps and in plain 
sight of many onlookers. As the story unfolds, we learn that the man was 
transported five centuries into the future, from A.D. 1444 to 1944, by scien- 
tists working in twentieth-century Paris. The thunderclaps were produced by 
spacetime ‘rotations,’ as the atmospheres of 1944 and 1444 were reversed. A 
skeptical Inquisition naturally finds this tale preposterous and the first time 
traveler is burned at the stake as a sorcerer. Can you think of why such 
‘atmospheric swaps’ might produce thunderclaps? 


A trip around a Mobius strip reverses the ‘handedness’ of a plane figure (left 
and right are swapped). You can see this for yourself by making a Mobius 
strip, and then sliding an arrow (pointing across the width of the strip) around 
the strip. (Cut a notch in the side of the strip to mark the starting point, with 
the arrow pointing at the notch.) When you get back to the notch, the arrow 
will point away from the notch. Notice that the arrow never left the surface of 
the strip, or crossed any ‘weird’ boundary. Then, read H. G. Wells’ short story 
“The Plattner Story” and comment on its use of ‘handedness.’ 
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The autoinfanticide paradox, which results when a time traveler tries to kill 
his younger self, continues to fascinate both physicists and philosophers, and 
papers regularly appear in the scholarly literature on the topic: see, for 
example, Kadri Vihvelin, “What Time Travelers Cannot Do,” March 1996, 
pp. 315-330 (which introduces Suzy the time traveler); Ira Kiourti, “Killing 
Baby Suzy,” June 2008, pp. 343-352; Peter B. M. Vranas, “What Time 
Travelers May Be Able to Do,” August 2010, pp. 115-121; and Joshua 
Spencer, “What Time Travelers Cannot Not Do (but are responsible for 
anyway),” October 2013, pp. 149-162, all in Philosophical Studies. All 
deal with an issue that is psychologically fascinating: moral responsibility. 
Spencer, in particular, opens with this definition: Someone is morally respon- 
sible for an action only if she could have done otherwise. As he goes on to 
write, “If I have been attacked and both of my legs have been broken, then it 
seems illegitimate to criticize me for failing to run away; I could not have 
done otherwise.” And yet all of these papers are on a point that (I think) 
physicists would soon lose interest in: is the question ‘If Suzy is a time 
traveler, can Suzy kill baby Suzy, given that Suzy doesn’t kill baby Suzy?’ 
the same question as ‘If Suzy is a time traveler, can Suzy kill baby Suzy, 
given that Suzy is now alive?’ The answer to the first question is, from pure 
logic, NO, while the answer to the second question is just bit squishier: it all 
depends on what the word can means. For the second question, Suzy can kill 
baby Suzy if she has a weapon (knife, gun, poison, etc.) and she is in the past 
next to baby Suzy, but it is just that she doesn’t because otherwise Suzy 
wouldn’t be alive now (which is a given). Such debates seem unlikely to 
produce any insights into the physics of time travel. Compare this situation to 
the old schoolboy conundrum “What happens when an irresistible force 
meets an unmovable object?’, which is a self-inflicted ‘paradox.’ That is, 
the words irresistible and unmovable are mutually exclusive and so, used this 
way, it should be no surprise that we have a conflict. Are the two time travel 
questions above, concerning Suzy, confusing through a similar mushy use of 
grammar? Or are they deeper than that? Vigorously defend your position. 


In addition to H. G. Wells, another nineteenth-century writer who was highly 
influential in bringing the fourth-dimension out of academia and into public 
consciousness was the mathematician Charles Howard Hinton (1853-1907). 
Hinton was no angle-trisecting crank, having earned an M.A. at Oxford, an 
appointment in the mathematics department at Princeton, and then another at 
the University of Minnesota. Later, with the help of the eminent astronomer 
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Simon Newcomb, he obtained a position at the Naval Observatory in 
Washington, D.C., and was on the staff of the United States Patent Office at 
the time of his sudden death. Hinton was a man to be taken seriously. His first 
published essay “What Is the Fourth Dimension?” appeared in 1880, and then 
in book form in 1884 as part of his Scientific Romances (a phrase used by 
Hinton before it became associated with Wells’ science fiction many years 
later). That book received a generally favorable review in Nature (March 
12, 1885, p. 431). At one point he wrote “We might then suppose that the 
matter we know extending in three dimensions has also a small thickness in 
the fourth dimension,” an idea that was used a few years later by the well- 
known British mathematician W. W. Rouse Ball (1850-1925) in an attempt 
to explain gravity. Hinton was extremely inventive, and he also proposed 
four-dimensional-space models for static electricity. Find out more about 
Hinton’s life and work: a good source to start with is Speculations on the 
Fourth Dimension: Selected Writings of Charles H. Hinton (R. Rucker, 
editor), Dover 1980. Take a look, too, at J. E. Beichler, “Ether/Or: Hyper- 
space Models of the Ether in America,” in The Michelson Era in American 
Science 1870—1930 (S. Goldberg and R. H. Stuewer, editors), American 
Institute of Physics 1988. 
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Chapter 3 
The Physics of Time Travel: Part I 


“ 


. within forty-eight hours we had invented, designed, and 
assembled a chronomobile. I won’t weary you with the details, 
save to remark that it operated by transposing the seventh and 
eleventh dimensions in a hole in space, thus creating an inverse 
ether-vortex and standing the space-time continuum on its 
head.” 


—almost certainly not the way to build a time machine’ 


3.1 The Direction of Time 


“Of all the problems which lie on the borderline of philosophy and science, perhaps none 
has caused more spilled ink, more controversy, and more emotion than the problem of the 
direction of time ... [T]he main problem with ‘the problem of the direction of time’ is to 
figure out exactly what the problem is or is supposed to be!”” 


Before we start talking about the physics of time travel, let me say a few more 
words on time itself, in a way slightly less metaphysical that was the discussion in 
the previous chapter (which is why I’m writing this here, in a chapter with an 
increased emphasis on the analytical). When we speak of journeying to either the 
future or the past, we are implicitly making a distinction in the direction of the time 
traveler’s trip. But does time actually have a direction? Is there an arrow that points 
the way? The answer seems obvious: of course time has a direction. After all, 
everybody ‘knows’ it flows from past to future. There is a curious language problem 
here, however, because we also like to say the present recedes into the past, which 
implies a ‘flow’ in the opposite direction, from future to past. Well, despite this 
snarled syntax, can we at least distinguish past from future, whichever way time 
flows? 





'L. Sprague de Camp, “Some Curious Effects of Time Travel,” in Analog Readers’ Choice, 
Dial 1981. 


?See note 54 in Chapter 2. 
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This would seem to be an important question to answer because for the phrases 
flow of time and direction of time to have any objective meaning at all, it must be 
somehow possible to identify a difference between past events and future ones. The 
special moment at which that distinction occurs is known as the now or the present 
and, as events make the transition associated with that distinctive difference, 
between past and future, we say that the now (the present) moves or flows. 
Philosophers—and science fiction writers and physicists, too, who after all are 
human beings with human senses like everybody else—call this common feeling 
that we all have, of the passage of time, the psychological arrow of time. One 
philosopher gave an amusing (tongue-in-cheek) gastronomical interpretation of the 
moving now as follows: 


“New slices of salami are continually being cut from a nonexistent chunk of salami called 
the future. The present is the slice on top of the pile. The past are the pieces beneath this, 
and even though they are not present they still continue to exist in the same way that the top 
slice of salami does. ... This [concept] faces humiliation before the embarrassing question 
of how fast the pile of salami slices grows.”* 


The ‘moving now’ does present a problem for physicists because there is nothing 
in the laws of physics that marks the present moment as unique, and therefore 
nothing that reflects a ‘flow’ of time, nothing that models the reality of a ‘moving 
now’ becoming part of the past and the events of the future becoming, successively, 
the new ‘now.’ As a philosopher wrote long before time travel became a serious 
topic in the physics literature, “Talk of the flow of time or the advance of con- 
sciousness is a dangerous metaphor that must not be taken literally.’* 

What that philosopher may well have had in mind is that all events in the block 
universe simply have coordinates in spacetime, and there is nothing corresponding 
to ‘have been’ (past), ‘are’ (present), or ‘will be’ (future). There is no ‘moving now’ 
in the block universe except for its subjective presence in our conscious minds. All 
we can say from physics is that events are ordered in an earlier/later sequence, and 
in fact, even that relatively weak condition holds only for causally related events.” 
The relativistic, four-dimensional block universe view of spacetime that so many 
physicists (including Einstein) so dearly love seems to have no room for an 
objective theory of the flow of time. And yet, even for those same physicists, 
there is a powerful psychological sense that time does flow. But are they mistaken? 
It is a fact that, with not just a little irony, Godel (the ‘discoverer’ of time travel) was 
convinced that the possibility of a block universe spacetime with CTLs/CTCs 





3R. Gale, “Some Metaphysical Statements About Time,” Journal of Philosophy, April 25, 1963, 
pp. 225-237. For many, this analogy may well bring to mind a pile of baloney rather than one of 
salami (and I think this was Gale’s intention). 

4J. J. C. Smart, “The Temporal Asymmetry of the World,” Analysis, March 1954, pp. 79-83. 
>Two events A and B are non-causally related if their separation in spacetime is such that a particle 
would have to travel at a superluminal speed (faster than light) to go from A to B. We’ II discuss the 
physics of causally related events later in this chapter. 
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POU OO 


(1) (2) (3) (4) (5) 


Fig. 3.1 Godel’s unreality of time argument 


implies that the passage or flow of time makes no sense!° To see how Gédel arrived 
at such an astonishing conclusion, consider Fig. 3.1. 

In part A of the figure’ we see what most people who talk of a passage of time 
intuitively mean, as time progresses through a sequence of instants (shown as line 
of left-to-right arrows going from (1) to (2) to (3) and so on). At each stage the right- 
most arrow is the present, and the arrows to the left of it (behind it) are the past, and 
the arrows to the right of the present are not shown because they are in the future 
and so don’t exist yet. When you ask, at each step, which arrow is the now, the 
answer is clear. 

Matters are dramatically different in part B of the figure, which shows the arrows 
forming a closed (circular) loop. Now there is no distinction between past and 
future, as each arrow is both ahead and behind any other arrow. In addition, there is 
no arrow that is uniquely the now. So, concluded Godel, the passage of time can 
have no meaning in a temporal loop. As should come as no surprise, not everybody 
is convinced by this sort of argument.® 

In principle, so it would seem, we can achieve perfect knowledge of what has 
happened but only imperfect prediction of what might happen. This observation 
seems to be at least a start at being able to tell past from future. And, in fact, the 
nature of the distinction between the two intervals of time seems obvious: we 
remember past events, but not future ones. As philosophers have so nicely put it, 
events in the past have formed traces, such as skulls, footprints in the sand, 
fossilized skeletons, surgical scars, photographs, taped recordings, carved stones, 





°Gédel clearly states this in his 1949 philosophical essay (note 15 in the Introduction) concerning 
his 1949 technical paper (note 11 in the Introduction). 

’This figure is based on the interpretation of Gédel’s reasoning as presented by the philosopher 
Palle Yourgrau’s 1991 book The Disappearance of Time: Kurt Godel and the idealistic tradition in 
philosophy (Cambridge), which was expanded and reprinted a few years later under the new title 
Godel Meets Einstein: time travel in the Godel universe, Open Court 1999. Yourgrau later wrote a 
less technical version: A World Without Time: the forgotten legacy of Gédel and Einstein, Basic 
Books 2005. 

8See, for example, S. Savitt, “Time Travel and Becoming,” The Monist, July 2005, pp. 413-422. 
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and the like, whereas future events appear not to have formed traces. But is that 
necessarily so? Is it impossible for future events to create traces? The common- 
sense answer is yes, because of cause and effect, which dictates that there must be a 
temporal asymmetry in trace formation. That is, traces are the effects of prior 
causes. That line of reasoning leads us quickly to the fundamental issue of causation 
(which we’ve already encountered in Chap. 2), an issue that no discussion of time 
travel can avoid. 

Part of the problem we have with backward time travel, and cause and effect, is 
as I’ve already mentioned, with language. The distinct and separate concepts of the 
temporal ordering of events, and of causality, have become merged in everyday 
thought. It is considered obvious to modern minds that if event A causes event B, 
then A must happen first. There is, however, at least one historical example of a 
similar merging of concepts that is parallel to our modern mixing of time order and 
causality—an example that shows how an issue can seem obvious and natural to the 
minds of one period of time, and yet to the minds of another period (our modern 
times) seem confused, odd, peculiar, even laughable. 

As a physicist wrote in a paper’ on advanced (that is, inverted causality) effects: 


Ancient Egypt was an essentially one-dimensional country strung out along the Nile, which 
flows from south to north. The winds were conveniently arranged to be predominantly 
northerly. To go north, a traveler could let his boat drift, while with a sail he could move 
south against the slow current. For this reason, in the writing of the ancient Egyptians, “go 
downstream (north)” was represented by a boat without sails, and “go upstream (south)” 
by a boat with sails. The words (and concepts) or north-south and up-downstream became 
merged. Since the Nile and its tributaries were the only rivers known to the ancient 
Egyptians, this caused no difficulties until they reached the Euphrates, which happened 
to flow from north to south. The resulting confusion in the ancient Egyptian mind is 
recorded for us to read today in their reference to “that inverted water which goes 
downstream (north) in going upstream (south).” 


Often we can work our way free of the difficulties we create for ourselves with 
language, but only through common agreement. For example, the chairman of the 
board calls a meeting to order with mixed tenses by declaring “The meeting will 
take place now” and then saying at the end, “We will meet again next month, same 
time.” We all know what these sentences mean, but only by our cultural heritage 
and not by the process of applying logic. The language problem causes similar 
difficulties for not only for fictional time travelers, but also for the physicists/ 
philosophers who study the possibility of time machines. So—beware! 

The idea of time flowing is a popular one, and it repeatedly appears in the time 
travel literature as the “river of time” or the “ocean of time.” The deep psycholog- 
ical appeal of this sort of ‘water language’ has, not surprisingly, attracted the 
attention of philosophers. We can find one of the earliest expressions of the view 
in the Meditations of the second-century A.D. Roman emperor and Stoic philoso- 
pher Marcus Aurelius, who wrote: “Time is like a river made up of events which 





°P. L. Csonka, “Advanced Effects in Particle Physics,” Physical Review, April 1969, pp. 1266- 
1281. 
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happen, and a violent stream; for as soon as a thing has been, it is carried away, and 
another comes in its place, and this will be carried away, too.” A most interesting 
essay on why such metaphors often seem so intuitively appropriate has been offered 
by one philosopher, who points out!° that the seductiveness of the image of ‘time as 
flowing water’ is sufficiently great that you often find it in the scientific literature, 
too (Newton, you’ll recall, wrote specifically in his Principia of time flowing). As 
for why such an image has such a powerful grip on our imaginations, I think we 
need look no further than to Kant. As he wrote (1781) in Critique of Pure Reason, 
“Time is nothing but the form of inner sense, that is, of the intuition of ourselves and 
of our inner state ... Because this inner intuition yields no shape, we endeavor to 
make up for this want by analogies.” And what better than a rushing stream of water 
to represent our feeling of time rushing by? 

Still, no matter how intuitive such water metaphors may be, they can still easily 
befuddle us as well. To quote our philosopher (note 10), “Time a river! A queer sort 
of river that. Of what sort of liquid does it consist? Is time a liquid? A very peculiar 
liquid indeed!” A classic paper by the philosopher Donald Williams (discussed in 
Chap. 2, note 119) expresses similar doubt about the water image of time. In the 
course of his writing, he presents a truly staggering collection of entertaining 
examples of ‘time as metaphor,’ of which I repeat just a few here: time flies, 
goes, marches, and rolls, as well as flows And then he offers this provocative 
imagery: the evolution of our lives is like “a moving picture film, unwinding 
from the dark reel of the future, projected briefly on the screen of the present, and 
rewound into the dark can of the past.” Wow!'! 

Returning to the water metaphor, the French astronomer Charles Nordmann 
(1881-1940) opened and closed his 1925 book The Tyranny of Time with following 
gloomy but all too true summary of the overwhelming sense we all have of the 
inexorable, one-way ‘flow’ of time. (The ellipses in what follows denote over 
200 pages!) “Nothing can equal the bitter sweetness of dreaming on the banks of 
Time, that impalpable and fatal river strewn with dead leaves, our wistful hours 
carried downstream like rudderless wrecks ... In the eternal wave which rocks us, 
carries us along, and soon swallows us up, there is no rock to which we can fasten 
our frail barques; the very buoys we put out to measure our course are only floating 
mirages; and on the mysterious foundation of things our anchors slide along and fail 
to bite.” A young person sees time, from Nordmann’s perspective, as an ocean on 
which golden mornings arrive like waves from the future, whereas for an older 
person, liquid time is a nightmare flood, a swollen black torrent sweeping him first 
into the yawning abyss of the past and, ultimately and finally, into the eternal 
silence of the dark grave. 





OT TC. Smart, “The River of Time,” Mind, October 1949, pp. 483-494. 

"And how about this image of time: Time is a snowball, with the center marking the beginning of 
the past, with ever new ‘presents’ accreting on the ever increasing surface as the snowball rolls 
down the hill of history! 
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The metaphor of time as a flowing river was ready-made for early science fiction 
writers, such as Caltech math professor Eric Temple Bell (1883-1960). His even- 
tual novel The Time Stream began to appear in December 1931 as a serial in the 
science fiction pulp Wonder Stories, and Bell (writing as ‘John Taine’) made great 
use of the idea of time as a flowing stream, a stream in which one could swim into 
either the future or the past. There is strong evidence that Bell actually wrote the 
novel in July of 1921, but was unable to find a publisher for a decade, so odd did 
editors find the premise. By the time of its publication, others had beaten Bell into 
print. 

The watery image of time had appeared a year earlier, for example, in a tale that 
played with the erosive nature of time in a dramatic way. As two time travelers 
speed into the future to rescue a friend, one of them describes the scene for us: “We 
huddled together in the whirling time girdling machine, cutting through the years as 
a ship’s prow breasts surging waves. I could not help but think of the years as 
waves, beating in endless succession on the sands of eternity. They wore all away 
before them with pitiless attrition. Time seemed to eat all with dragon jaws.’”!* 

This image of time was taken a step further 3 years later in a story in which a 
large number of adventurers, from all across time, find themselves stranded at 
precisely the same place (in space and time). One of them offers his theory of 
what is behind this remarkable coincidence: They all have faulty time machines, 
like faulty boats, and all have hit the same snag on the ‘river of time.’ As he 
explains, “You may turn boats adrift on a river at many points, and they will all 
collect together at the same serious obstacle whether they have traveled a hundred 
or two miles. We are now at some period where the straight flow of time has been 
checked — perhaps it is even turning back on itself ... [We] have struck some 
barrier and been thrown up like so much jetsam.”!? 

The ‘flow’ of time does have its critics, of course. The British-American 
philosopher Max Black (1909-1988) argued'* that questions about the direction 
of time are meaningless because there can be no direction to something that 
(he asserted) does not flow. His reasoning was that if time does flow, then he 
ought to be entitled to ask how fast it flows. That requires, in turn, a metatime or 
supertime for measuring the flow rate of ‘ordinary’ time. But because supertime 
must flow, too, we would then need a super-supertime, and so off we trip into what 
would appear to be the black hole of a McTaggert-like infinite regress. The view, of 
an infinite regress of times, was forcefully rejected by another philosopher with 





PEA. Manley and W. Thode, “The Time Annihilator,” Wonder Stories, November 1930. This is 
the same magazine that, months later, finally published Bell. 

137, Wyndham, “Wanderers of Time,” Wonder Stories, March 1933. Notice again, that we have the 
same magazine (whose editor must have had a particular fancy for such tales). 


‘4M. Black, “The ‘Direction’ of Time,” Analysis, January 1959, pp. 54-63. 
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these sharp words: “the very idea of super (or hyper)-time is indeed repulsive in its 
redundancy and its aroma of dilettante physics.”'” 

A hierarchy of hypertimes has not bothered other analysts, however, and an 
entire subfield of specialty among philosophers (and some physicists, too) in time 
analysis has developed in what is called multidimensional time. One practitioner in 
this specialty sarcastically rejected the infinite regress complaint as a valid objec- 
tion—he called it “a crushing and unanswerable position” but actually meant just 
the opposite—and stated that it was not at all clear (at least, not to him) why 
supertime must flow.'® After all, he argued, we measure the flow of a river with 
respect to its banks without requiring that the banks themselves flow. (That actually 
strikes me as being a point that deserves debating, but I have not been able to find 
any mention of it in the later philosophical literature.) The idea of multiple time 
dimensions is particularly attractive for one sort of time travel (we’ll take it up at the 
end of this chapter), but it enjoys far more popularity among science fiction writers 
and philosophers than it does with physicists. 

Professor Black’s objection (note 14) to talk of time ‘flowing’ was based, at least 
in part, on the observation that there are uses of the word direction that are not 
directly tied to something flowing. For example, consider the statement ‘He is 
facing in the direction of north.’ Black argued that this is mere pointing, and it is not 
at all the same as moving north. He then dismissed the possibility of there being any 
meaning to the direction of time, writing that making an analogy of time “with a 
sign-post or an index finger is too far-fetched to be worth considering.” This claim 
(which some may feel leans too much on grammar) is, of course, an affirmation of 
the myth-of-passage view made famous a few years earlier by Donald Williams 
(note 119 in Chap. 2). 

Not just philosophers have rejected the idea of time flowing. In his 1966 novel 
October the First Is Too Late, which deals with a world in which different parts of 
Earth simultaneously experience different eras of the past (see For Further Dis- 
cussion at the end of this chapter for more on what this might mean), the British 
cosmologist Fred Hoyle (1915-2001) calls the ‘river of time’ a “grotesque and 
absurd illusion,” and a “bogus idea.” Another fictional work that agrees with 
Hoyle’s non-moving image of time is the 1979 Roadmarks by Roger Zelazny 
(1937-1995). In that novel we read of “the Road,” along which story characters 
can travel but which doesn’t itself move; exits from the Road lead to the various 
centuries (which sounds a lot like the Francis Bradley’s 1883 book that may have 
given the block universe its name). Roadmarks is a clever bit of writing, with many 
allusions to the paradoxes of time travel, but its explanation of the Road’s origin as 
having been constructed by dragons (!) greatly undermines its interest for 
physicists. 





SD. Zeilicovici, “Temporal Becoming Minus the Moving-Now,” Nous, September 1989, 
pp. 505-524. 
16C_ W. Webb, “Could Time Flow? If So, How Fast?” Journal of Philosophy, May 1960, 
pp. 357-365. 
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In a block universe spacetime, there is no flow of time, but one philosopher 
believed that to be simply because the block universe is incomplete in its represen- 
tation of reality. Writing in 1925, Hans Reichenbach (1891-1953) asked “What 
does ‘now’ mean? Plato lived before me, and Napoleon IV will live after me. But 
which one of these three lives now? I understandably have a clear feeling that J live 
now. But does this assertion have an objective significance beyond my subjective 
experience?”'’ Reichenbach went on to answer his question in the affirmative, and 
to deduce that the block universe view is missing something: “In the condition of 
the world, a cross-section called the present is distinguished; the ‘now’ has objec- 
tive significance. Even when no human is alive any longer, there is a ‘now’ 
[my emphasis] ... In the four-dimensional picture of the world, such as used by 
the theory of relativity, there is no such distinguished cross-section But this is due 
only to the fact that an essential content is omitted from this picture.” 

So, what is Reichenbach’s ‘missing essential content’? Feeling that the block 
universe is unacceptably fatalistic—in his words of ridicule, “the morrow has 
already occurred today in the same sense as yesterday”—he found his answer in 
the probabilistic theory of quantum mechanics. Classical physics argues that given 
total information about the state of the world now, one could in principle calculate 
perfectly the future or the past; one could both predict and retrodict. In contrast, 
quantum mechanics distinguishes past from future in a fundamental way. 

Quantum mechanics does not deny that in principle we can know the past with 
exquisite accuracy, because each and every event leaves traces, evidence that is 
available to all with the means to find and decode them. But quantum mechanics 
also takes as truth that there is an unavoidable uncertainty to the future. The instant 
that this uncertainty is crystallized into fact was taken by Reichenbach to be the 
very definition of ‘now.’ The ever-increasing record of the past, in turn, defines (for 
Reichenbach) the movement of the ‘now.’ Reichenbach believed that with these 
observations he had at last captured the ‘moving now’ in mathematical theory, and 
that he had finally elevated the present from speculative psychology to solid 
physics, and that he had shown that the ‘flow of time’ is independent of the need 
for a conscious mind. However— 

A later, powerful analysis'® of the time-flow issue, combining philosophy with 
physics, comes down solidly in support of the opposite conclusion: it expresses the 
view that a ‘moving now’ is only in our minds and is nof an intrinsic attribute of 
reality. The premise of that argument is that a mind-dependent flow of time is 
incompatible with what is called the relativity of simultaneity (to be discussed later 
in this chapter) which states that there is no universal cosmic-wide ‘now’ (this is a 
fundamental conclusion of special relativity). For example, it is meaningless to ask 





"lve taken this quotation from A. Grinbaum, “Is There a ‘Flow’ of Time or Temporal Becom- 
ing?” in Philosophical Problems of Space and Time, Knopf 1963. 

'8LR. Baker, “Temporal Becoming: The Argument from Physics,” Philosophical Forum, Spring 
1975, pp. 218-236. 
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what is happening on a planet in the Andromeda galaxy (two million light-years 
distant) right now. 

Early science fiction stories are full of theories about the nature of ‘now,’ and the 
vast majority of them have no basis in scientific thought. Some of them are 
ingenious, however, and even though they are largely the pet ideas of the authors 
(and no one else’s), perhaps they resulted in some young readers of the science 
fiction pulps of the 1930s and 1940s thinking about deeper matters than did the 
comic strips of “Buck Rogers,” “The Lone Ranger,” or “Terry and the Pirates.” For 
example, according to one story, time is a wave and the ‘moving now’ we experi- 
ence is carried on a crest of that wave. There are time waves both ahead and behind 
the crest we happen to be on (so we are told), and so each such crest carries a 
different ‘now’ for a different reality—hence the curious title.'° 

In another, more recent tale”’ about object duplication via time travel (which 
we’ll discuss in Chap. 4, but you'll recall H. G. Wells was worried about this long 
ago), nine (!) copies of the same person from the year 2314 meet in 1870 to try and 
figure out what is going on. Part of their interesting discussion is the following 
analysis of the ‘present’: 


“Gentlemen, I think I understand,” said the first James Thomas.” 

“Eight faces turned toward him, and he felt as though he were looking into multiple 
mirrors.” 

“We hold that time is a single instant — the instant of the Present —which travels 
through Duration — do we not?” 

“Eight heads nodded.” 

“We assume that time passes in a manner analogous to the stringing of an infinite 
number of beads. Each bead is the instant of Now when it is last on the chain. Beads are 
continually being added, and each one is the only Now until another is placed after it.” 

“Yes, that is my theory,” said another James Thomas. “It can also be likened to the 
process of knitting. No matter how many stitches are knitted, there is only one last stitch, 
only one Now.” 


Einstein, too, was greatly bothered by the place of ‘now’ in time, perhaps even 
more than were James Thomas and his ‘friends.’ In an autobiographical essay, the 
philosopher Rudolf Carnap (1891-1970) recalled a conversation about this with 
Einstein in the early 1950s, at the Institute for Advanced Study in Princeton: “Once 
Einstein said that the problem of the Now worried him seriously. He explained that 
the experience of the Now means something special for man, something essentially 
different from the past and the future. That this experience cannot be grasped by 





'R. Ray, “Today’s Yesterday,” Wonder Stories, January 1934. 


20 and P. Eisentein, “The Trouble With the Past,” in New Dimensions 1 (R. Silverberg, editor), 
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science seemed to him a matter of painful but inevitable resignation. ... Einstein 
thought . . . that there is something essential about the Now which is just outside the 
realm of science.” 


3.2 The Arrows of Time 


“On a microscopic level there is no preferred direction for time. The equations of motion 
don’t give a damn whether time moves forward or backward.””” 


The central issue for philosophers of time (and for physicists, too, I think) is that 
of its reality (or not): is time objective and something that really flows, or is time 
simply a mind-dependent illusion and nothing more than an artifact of our incom- 
plete perception of reality? As the previous section shows, there is little consensus 
on this issue. As a start on trying to get a handle on the matter, looking into a 
so-called ‘arrow of time’ may give us some guidance. Ill begin with the arrow I’ve 
already mentioned, the psychological arrow. As discussed before, this is the feeling 
we have of a ‘moving now,’ a feeling that has no appearance anywhere in physics. 
A ‘moving now’ simply has no place in any universe devoid of the physical 
processes in a brain that give rise to what we call consciousness—but that doesn’t 
mean physicists don’t wonder about the ‘moving now’ just as much as does 
everybody else (remember Einstein)! As one physicist wrote in a technical journal, 
“What does ‘Now’ mean? This question must surely be the starting point of any 
attempt at understanding the nature of time.”?? 

Well, no matter whether time actually flows or not, most of us still believe we 
have had a past and hope we will have a future. Each of us thinks we can easily tell 
one from the other, too. We have, in fact, many not so subtle indications from our 
everyday lives of the obvious direction of time. Nearly all of these indications have 
the common theme of irreversible change. As the British mathematician J. J. 
Sylvester once put it, “The whirligig of time brings about its revenges.”** The 
Roman poet Ovid, who died when Christ was a teenager, said the same in his 
Metamorphoses with the famous words “Time, the devourer of all things.” The 





?!Quoted from The Philosophy of Rudolp Carnap (P. A. Schlipp, editor), The Library of Living 
Philosophers, Open Court 1963, pp. 37-38. For a view contrary to Einstein’s, from another 
physicist, see K. B. M. Nor, “A Topological Explanation for Three Properties of Time,” // 
Nuovo Cimento B, January 1992, pp. 65-70, which claims to develop a geometrical explanation 
for the flow of time, and so (says Nor) there is an objective, mathematical reality to the ‘moving 


) 


now. 


2 A science fiction character pretty accurately sums-up what a modern physicist would tell you 
today, in L. Eisenberg’s story “The Time of His Life,” The Magazine of Fantasy & Science 
Fiction, April 1968. 

233. P. Cullerne, “Free Will and the Resolution of Time Travel Paradoxes,” Contemporary Physics, 
July-August 2001, pp. 243-245. 


47 J, Sylvester, “A Plea for the Mathematician,” Nature, December 30, 1869, pp. 237-239. 
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image of time as devourer of all that is mortal was brilliantly presented by James 
Barrie in his Peter Pan, with the crocodile who had swallowed a ticking clock 
chasing Captain Hook all about Neverland. 

No one yet has escaped the biological decay processes of time, and inanimate 
objects are no less immune to this aspect of time. Logs and cigarettes burn in the 
stove and ashtray, but they never unburn. Our cars rust but never ‘unrust.’ An 
explosion has never been seen to reverse itself, to form a dynamite stick or a bomb 
casing out of a collapsing fireball. Our world seems, indeed, literally to be built on 
an irreversible movement toward chaos, death, and decay. Lewis Carroll uses this 
observation in his Through the Looking-Glass when Alice tells Humpty Dumpty 
“one can’t help growing older.” And speaking of Humpty Dumpty, his famous fall 
provides a dramatic example of a one-way evolution from past to future; he wasn’t 
at all convinced that Alice was correct but, once he had splattered, then 


All the King’s horses and all the King’s men 
Couldn’t put Humpty Dumpty together again. 


While we are on the subject of Mr. Dumpty, it is also worthwhile to note that 
nobody has ever figured out how to unscramble an egg. Why is that? One philos- 
opher speculated that the answer is found in the “irreversible organic phenomena” 
taking place in our brains which results in our flow of consciousness always being 
in the same direction.”° 

More subtle than the undignified undoing of a prideful egg is the phenomenon of 
memory, which seems trivial only because most people have not thought very 
carefully about it. We remember the past while remembering nothing about the 
future. We might, in fact, be tempted to use the phenomenon of memory to answer 
the question of how to tell past from future. Anything you can remember is the past. 
But that is a circular definition, as discussed by Professor Smart (note 4) who 
observed that to ask why memory is always of the past “is as foolish as to ask why 
uncles are always male, never female.” In Through the Looking-Glass the White 
Queen tells Alice that “it’s a poor sort of memory that only works backward” but, 
except for the claims of clairvoyants, it seems that is the only sort of memory any of 
us has. Why is that so? Of course, that would not be the case for a time traveler 
while in the past. His personal past, which he would remember, would be the future 
for the world around him. 

For physicists, the question of the direction of time is one of profound mystery. 
There seems, in fact, to be no fundamental reason why time should not be able to go 
from future to past—but then what would ‘future’ and ‘past’ mean—even though no 
one has ever observed time to do so. All the laws of classical physics, including 
general relativity, and quantum mechanics, too (except for the K-mesons mentioned 
in Chap. 1) involve time in such a way that they ignore its sign. In other words, 
replacing ¢ with —f results in a perfectly valid description of something that could 
actually happen. But not all such possibilities are observed to occur. Why not? 





2H. Margenau, “Can Time Flow Backwards?” Philosophy of Science, April 1954, pp. 79-92. 
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In an unpublished paper written in 1949, while doing the work that would bring 
him a share of the 1965 Nobel prize in physics, Richard Feynman (1918-1988) 
wrote~° “The relation of time in physics to that of gross experience has suffered 
many changes in the history of physics. The obvious difference of past and future 
does not appear in physical time for microscopic events . .. Einstein discovered that 
the present is not the same for all people [the relativity of simultaneity, to be 
discussed later in this chapter] .. . It may prove useful in physics to consider events 
in all of time at once and to imagine that we at each instant are only aware of those 
that lie behind us. The complete relation of this concept of physical time to the time 
of experience and causality is a physical problem which has not been worked out in 
detail. It may be that more problems and difficulties are produced than are solved by 
such a point of view.” 

Feynman did not elaborate on what he meant by the “problems and difficulties” 
with that point of view (which is clearly that of the block universe), but surely he 
had the logical paradoxes of time travel high on his list. As the Yale philosopher 
Henry Margenau wrote (note 25) in a tutorial on Feynman’s work, “The theory of 
quantum electrodynamics developed by Feynman incorporates reversals in the 
course of time and thereby cherishes, in the minds of many, an age-old phantasy 
[my emphasis] of more than scientific appeal [which sounds like time travel to 
me].” 

Because the individual classical equations of microscopic physics are time- 
reversible, the distinction between past and future for individual particles disap- 
pears. The equations are said to be symmetric with respect to time; the algebraic 
sign of fis irrelevant in the classical laws. It must be understood, however, that there 
is a crucial point to appreciate. When a physicist says time reversal, she is talking 
about a system evolving backward in forward time—that is, all the individual 
particle velocity vectors are instantly reversed at once. This is distinct from the 
time-reversed worlds of philosophers and science fiction writers (which we’ll get 
into later in this chapter) in which time itself ‘runs backwards.’ The physicist’s point 
of view is clearly expressed in an early essay by a chemist: “Every equation and 
every explanation used in physics must be compatible with the symmetry of time. 
Thus we can no longer regard effect as subsequent to cause. If we think of the 
present as pushed into existence by the past, we must in precisely the same sense 
think of it pulled into existence by the future.”*’ More than three decades later, a 
mathematician and a physicist presented a similar statement: “In classical dynam- 
ics, the past completely determines the present, and therefore, by symmetry, the 
future also completely determines the present.””* 





26S. Schweber, “Feynman and the Visualization of Space-Time Processes,” Reviews of Modern 
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Besides the physics, there is also an interesting theological connection to time 
reversal. As one philosopher put it, “If all the laws are time reversal invariant and so 
no irreversible processes occur in the physical Universe then there is no inherent, 
intrinsically meaningful difference between past and future . . . If this is actually the 
natural case, then all mankind’s major religions which preach a creation of the 
Universe (by a supernatural agency) and imply, accordingly, a differentiation 
between the past and the future ... would have to make appropriate adjustments.””” 

There are, as you might expect on such a controversial topic, dissenters to the 
view that the classical laws of physics are necessarily time-reversible. Dirac himself 
wrote that “I do not believe there is any need for physical laws to be invariant under 
time and space reflections, although all the exact laws of nature so far known do 
have this invariance.”*° Dirac did not, unfortunately, elaborate on just why he felt 
that way, but with the later discovery of K-mesons his position is seen to have been 
‘ahead of its time’! In a famous science fiction story*! dealing with the direction of 
time, one character finally puts his finger on the real puzzle of the question of time: 
“How can a man live backward? You might as well ask the Universe to run in 
reverse entropy.” That cogent question brings us, in fact, to the first scientific 
explanation developed to explain the observed asymmetric nature of time. 

It was the Englishman A. S. Eddington (1882-1944) who gave the picturesque 
name, the arrow of time, to the observed asymmetric nature of time’s direction from 
past to future. He was also one of the popularizers of an explanation for the arrow, 
using the famous second law of thermodynamics.** The second law of thermody- 
namics states that a measure of the internal randomness or disorder—what is called 
the entropy—of any closed system (that is, one free of external influences) contin- 
ually evolves toward that of maximum disorder, toward the condition called 
thermodynamic equilibrium. Indeed, so striking is this increase in entropy S with 
time in a macroscopically large system that the increase in entropy has come to be 
thought of as actually defining the direction of time. Eddington, however, was not 
the originator of the entropy concept. The history of entropy can be traced back to 
before the turn of the century, to the great Austrian scientist Ludwig Boltzmann 
(1844-1906) and his famous H-theorem. The quantity H in that theorem is directly 
related to the more familiar entropy,** defined by Boltzmann in 1877. 





?°H, Mehlberg, “Philosophical Aspects of Physical Time,” in Basic Issues in the Philosophy of 
Time (E. Freeman and W. Sellars, editors), Open Court 1971. 

30p_ A. M. Dirac, “Forms of Relativistic Dynamics,” Reviews of Modern Physics, July 1949, 
pp. 392-399. 
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2A, S, Eddington, The Nature of the Physical World, Macmillan 1929. 


*3The H-theorem was a direct continuation of the work by the Scottish physicist James Clerk 
Maxwell (1831-1879) on the statistical properties of gas molecules (determining the probability 
density function of the molecules’ speeds). In 1866 Maxwell found this function for the particular 
case of thermodynamic equilibrium. In 1872 Boltzmann found the differential-integral equation 
the function satisfies in general, even if the condition of thermodynamic equilibrium doesn’t hold. 
From this Boltzmann was able to define a quantity H that he showed evolves in time such that 
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The entropy S of a system in a given state is proportional to W, which is the 
number of different possible ways the state can occur as a result of all possible 
variations of system’s internal, microscopic structure. The calculation of W is 
usually quite complicated, but in various highly idealized systems it can be 
straightforward. Consider, for example, a vacuum cylinder with a thin membrane 
dividing the interior into halves. Suppose that we insert (to be specific) six 
molecules into the left half of the cylinder (and none into the right half). If we 
define the microscopic state of the system to be the number of molecules in the left 
half, then initially W = 1 because there is just one way to put all six molecules on 
the left side. This represents the state of minimum entropy, the state of maximum 
order that is most distant from thermodynamic equilibrium. If we now puncture the 
membrane then the molecules, once confined to the left side, are free to move about 
the entire cylinder. At any given instant we can imagine counting the number of 
molecules on the left side—suppose that at some particular instant we count five, 
with one molecule having moved to the right side. Then, W = 6, because there are 
six ways to pick the molecule that has moved from left to right, and so the entropy 
has increased. 

We think of the thermodynamic equilibrium state as being the state with equal 
numbers of molecules in both halves of the cylinder, and that state has the maximum 
entropy. (Can you show that this state is associated with W = 20?) With such a 
small number of molecules, it is not clear that W (and so S) will inexorably increase 
with time; perhaps, after one of the six molecules has gone to the right, it then 
returns to the left side before any of its companions have joined it on the right. Such 
an event is called a reversal, and it will happen with some non-zero probability. But 
the more molecules there are in the cylinder (instead of six, make the number a 
million million million—still a small amount of gas in our everyday world, hardly 
enough to fill a sewing thimble), the more likely it becomes that the value of $ will 
monotonically increase with time. 

The steady increase in entropy is often observed in the everyday, large-scale 
world. A drop of ink in a glass of water spreads out in an expanding cloud, a cloud 
we never see collapse backward into an ink drop. A long rod of metal, initially 
hotter at one end than at the other, evolves toward a constant temperature along its 
entire length. We never see a uniformly warm rod spontaneously begin to cool at 
one end and grow hot at the other. A hot bath grows cold—nobody has ever seen a 
bath at room temperature suddenly, all by itself, begin to heat up and then boil in 
the middle of the tub while the edges freeze into ice chunks. In all of these cases, the 
end (future) state represents greater internal randomness or disorder than does the 
beginning (past) state. 





solution to his differential-integral equation approaches Maxwell’s equilibrium solution. The 
H-theorem says that H always decreases in systems not in equilibrium and is at a minimum in 
systems in equilibrium. 
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Fig. 3.2 Simulation of the Ehrenfest entropic gas clock 


That is, low entropy was the past, and high entropy will be the future. The 
increase in entropy seems to define a direction to time, and so entropy has come to 
be called the thermodynamic arrow of time. 

The first formal entropy model for the direction of time was put forth in a 1907 
paper by the Austrian physicist Paul Ehrenfest (1880-1933) who was a friend of 
Einstein, and his Russian-born wife Tatyana (1880-1964), who was a skilled 
mathematician and her husband’s occasional collaborator. In their paper the 
Ehrenfests developed one of the mainstays of physics, the so-called entropic 
clock. This clock, a statistical model based on the then new probability mathematics 
of Markov chains—after the Russian mathematician A. A. Markov (1856—1922)— 
describes how gases diffuse, and it is both a simple and a powerful concept. The 
Ehrenfest model is illustrated in Fig. 3.2, in a computer-generated plot based on a 
discussion by Princeton physicist John Wheeler of black hole fame (see Chap. hg 

Imagine two urns, I and II, each containing n balls. Initially, at time t = 0, all of 
the balls in Urn I are black and all of the balls in Urn II are white. Then, at time t= 1 
(in arbitrary units), a ball is selected at random from each urn and (instantaneously) 
placed in the other urn. This select-and-transfer process is repeated at times t = 2, 
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editor), Proceedings of the International School of Physics (Course 72), North-Holland 1979. See 
also W. J. Cocke, “Statistical Time Symmetry and Two-Time Boundary Conditions in Physics and 
Cosmology,” Physical Review, August 25, 1967, pp. 1165-1170. 


130 3 The Physics of Time Travel: Part I 


3,4,.... At any given time each urn always contains n balls, but only at tf = 0 are 
the colors of all the balls in a given urn necessarily the same. The phrase “selected at 
random” means (for example) that the probability of selecting a black ball from an 
um containing b black balls is b/n. At any given time we completely describe the 
state of both urns by specifying the number of black balls in Urn I (or the number of 
white balls in Urn II, and so on). It is easy to write a computer simulation of this 
physical process,*> and Fig. 3.2 shows how the fraction of black balls in Urn I 
evolves toward 0.5 as time increases. The plot is for 2 = 100 (200 balls total). The 
important observations are that (1) the evolution of the state of the system is toward 
50 % black balls in Urn I (and this would be the case for ‘almost all’ sequences of 
random selections of the balls from the urns), and (2) the evolution is not mono- 
tonically decreasing from 100 % black balls to 50 % black balls, but rather has 
never-ending fluctuations about 50 % that may, in fact, be rather large in both 
amplitude and in duration. 

There is a real puzzle with the entropic clock that may not be immediately 
apparent. The motion of each of the individual molecules is described by time- 
reversible physics, but when we average over ‘many’ molecules (assuming 200 mol- 
ecules is ‘many’) we lose detailed information about the individual molecules. The 
puzzle is then how is it that by reducing our knowledge of a system, through 
statistical averaging, we then find it displaying a new property, that of asymmetric 
time evolution, that we didn’t see before when we watched the individual mole- 
cules. And if that question isn’t troublesome enough, we also have two additional 
puzzles called the ‘reversibility’ and the ‘recurrence’ paradoxes to consider as well. 

The reversibility paradox is the question raised earlier: the classical equations of 
physics work just as well with time running in either direction, and so why don’t 
things actually go ‘backward’? This question, originally raised by the British 
mathematical physicist and engineer William Thomson (1824—1907)—better 
known as Lord Kelvin—in 1874, was brought to Boltzmann’s attention in 1876 
by the German physical chemist Johann Loschmidt (1821-1895), one of 
Boltzmann’s professors at the University of Vienna. Boltzmann’s answer to this 
apparent paradox was that it is imaginable that a world could run backward if initial 
conditions were suitable. For example, if all the velocity vectors of every particle in 
an equilibrium state were reversed, then the system would unwind backward in time 
toward its original non-equilibrium condition. That is, a system in thermodynamic 
equilibrium, the state of highest entropy, could evolve toward one of low entropy. 
Boltzmann even suggested that such might be the case for regions in our own 
universe, that there might actually be beings in a world somewhere ‘out there’ who 





357 used MATLAB, and you can find the code — gasclock.m — in Appendix C, written in such a 
low-level way as to be virtually 100% transferable to just about any of the popular scientific 
programming languages, and easily executed on an inexpensive laptop. Note that there are no 
K-mesons in the code (!) and so, as stated in Chapter 1, they aren’t responsible for the 
uni-directional time behavior depicted in the figure. 
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experience time running counter to our earthly experience. He said that in 1877, and 
it is a remarkable statement for a conservative nineteenth-century professor.*° 
However, Boltzmann continued, from most given states there are vastly more 
ways for entropy to increase than there are for it to decrease, and that is why we 
see what we see, a continuous increase in entropy.’ 

To find a science fiction writer speculating on reversed time people is, of course, 
much less remarkable! One pulp story, in fact, presents a curious treatment of the 
nuances of reversed time in which people talk backward (along with a marvelous 
bathroom scene of a man un-washing his hands!). This tale** tells us a young 
physics teacher who is “twisted into a reversed Time Stream” by an electrical 
discharge. As he lives backward in time, he observes everybody about him 
appearing to run in reverse, but even more puzzling is that they have developed a 
“dreadful, granite-like hardness.” We soon learn why: 

“For a while he could not understand the impenetrable hardness of external 
objects which he had experienced; it seemed they ought rather to be of intangible 
transiency, much as a dream, since he was re-viewing the Past. But a moment’s 
thought gave him the logical answer. The Past is definite, shaped, unalterable, as 
nothing else in Creation is. Therefore, to argue that he could move or alter any 
object here [the past] was to argue that he could change the whole history of the 
world or cosmos. Everything he saw about him had happened, and could not be 
changed in any way. On the other hand, he was fluid, movable, alterable, since his 
future still lay before him, even if it had been reversed; he was the intruder, the 
anomaly. In any clash between himself and the Past, the Past would prove irresist- 
ible every time.” 

This passage reflects the modern view that the past cannot be changed, but 
explains that view in a way different from that generally accepted today. Modern 
physicists and philosophers invoke consistency requirements (which we’ll take up 
in the next chapter) to explain the ‘solidity’ of the past. The author of this story also 
failed to explain why his physics teacher had no trouble moving about through the 
air of the past, which apparently is not any more resistant to being displaced than 
were air molecules before time reversal occurred. 





©The Austrian-British philosopher Karl Popper (1902-1994) called Boltzmann’s willingness to 
consider the possibility that different regions of the universe could have different directions of time 
“staggering in its boldness and beauty,” but when on to say that Boltzmann must be wrong because 
“it brands unidirectional change an illusion [which] makes the catastrophe of Hiroshima an 
illusion.” That is an emotional argument, of course, and although one of great power, I fail to 
see how it is related to physics. See Volume 1 of The Philosophy of Karl Popper (P. A. Schlipp, 
editor), Open Court 1974, pp. 127-128. 
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It didn’t take long for science fiction writers to incorporate entropy as time’s 
arrow into time travel. In one early tale there is the brief statement that entropy is 
behind the operation of its gadget.” And a few years later the inventor of a “warp 
gun” tells us that “The stupendous distortion of the warp may actually bring about a 
sort of kink in spacetime, and result in a reversal of entropy’*° and, sure enough, 
when the gun is fired a woman, who is hit by the warp, ages 70 years in seconds 
(which is, of course, exactly the opposite of what we would expect from a “reversal 
of entropy”!). Just a year later, the story of a college student about to flunk his senior 
physics course appeared.*' An examination is scheduled for the following day, but 
he needs a week and a half of study time. To his rescue comes ENTROPY, INC., a 
company that sells time by placing its clients inside a “time-cabinet” in which the 
local entropy is greatly accelerated. To someone looking through a window at the 
interior of the time-cabinet, the occupants would appear as characters in a speeded- 
up movie. Referring to Eddington by name, the author tells us that “entropy is what 
makes time irreversible — is what gives us the feeling of the flow of time.”*” 

In a hilarious, melodramatic story featuring one of early science fiction’s 
stereotypical “mad scientists,’ the entropic arrow of time is the scientific explana- 
tion for time travel.** There we read of Bryce Field, “‘a master-scientist, a demon, 
cruel, ruthless,” who is rejected in love by the stupendously beautiful Lucy 
Grantham. Her lack of enthusiasm is perhaps understandable, as Bryce is described 
as having “a lean-jawed, sunken-eyed” appearance, along with “lank, untidy hair 
sprawled across his massive forehead.” As Lucy tells him at one point, “I could 
never love you; you are too clever, too brilliantly scientific.” After hearing that, it is 
no surprise that before we are more than a page or two into the tale that we learn 
Bryce has Lucy strapped to a steel table in an underground laboratory-in-a-cave. 
There he tells her of her fate: “You are going on a long journey, my dear. So long a 
journey that even I, master-scientist, do not know when it will end. A journey into 
the future — alone! ... You, Lucy, shall be the victim of entropy! ... I have 
discovered how to make a [globe] of non-time. Entropy will be halted ... You will 
be plunged into an eternal ‘now.’” 

And so the mad Doctor Field throws the switch on the wall of his “instrument- 
littered” cave on July 17, 1941, and Lucy remains “suspended” in time until the 
outside world reaches the date of August 9, 2450. That is the day she is at last 
dug-up from the cave by “big and muscular” engineer Clem Bradley and his 
“square-jawed” sidekick Buck Cardew, who uses a “warp in spacetime” to release 
Lucy from her “globe of non-time.” 
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A few years later entropy was used in a similar but vastly more ‘scientific’ way. 
In that tale** we read of a scientist who has discovered “a field in which entropy was 
held level.” As the reader is told, “An object in such a field could not experience any 
time flow — for it, time would not exist,” since time flow is a change in entropy, 
and the ‘change’ of a level (or constant) field is zero. This interesting tale speculates 
on how such a field could have fantastic home uses (“Imagine cooking a chicken 
dinner, putting it in the field, and taking it out piping hot whenever needed, maybe 
twenty years hence!”). But its real use in the story is as a stasis generator for 
preserving fatally ill people until medical science has learned how to cure their 
diseases. This is, then, a high-tech method of suspended animation, of time travel 
into the future that is different from simply freezing (a clock in such a field would 
not age or measure the passage of personal time). 

The gadget that does all this is called, somewhat sinisterly, the “Crypt,” which 
we are told also makes a great bomb shelter, too, because “not even an atom bomb 
could penetrate a stasis field.” The reason for that is intriguing: “The field requires a 
finite time in which to collapse — only there is no time in it.” The interior of the 
Crypt is, quite literally, a frozen block of time more rigid and unyielding than the 
strongest steel. 

As science fiction left the age of pulps and moved into the modern era, entropy 
continued to be useful a justification for time travel. Arthur C. Clarke used it,*> as 
did Robert Silverberg. This last tale“ is particularly interesting, as Silverberg 
pursued entropy beyond simply invoking it as a mere casual throwaway mention. 
When a newspaper from the future appears on people’s doorsteps, the initial 
astonishment is replaced with puzzlement as the papers rapidly disintegrate. That 
is the result (we are told) of “entropic creep.” The explanation continues, informing 
us that it is sort of like a strain in a geological fault (Silverberg has lived for decades 
in California, now and then a place of large to huge earthquakes, and it isn’t 
surprising that he uses this particular imagery): “Entropy you know is the natural 
tendency of everything in nature to come apart at the seams as time goes along. 
These newspapers must be subject to unusually strong entropic strains because of 
their anomalous position out of their proper place in time.” 

Earlier I mentioned we had two puzzles associated with entropy; we’ve 
discussed ‘reversibility,’ so what’s the other one, the ‘recurrence paradox,’ all 
about? The recurrence paradox is quite different from reversibility; it is based on 
a result established in 1890 by the great French mathematician Henri Poincaré 
(1854-1912). Motivated by the question of the stability of the motion of three 
masses governed by Newton’s laws of mechanics (think, for example, of the Sun, 
the Earth, and the Moon), Poincaré showed that starting from almost any initial 
state, any fixed volume system with a finite amount of energy and a finite number of 
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degrees of freedom will return infinitely often and with arbitrarily little deviation to 
almost every previous state. If you wait long enough, implies Poincaré’s astonish- 
ing theorem, Pearl Harbor will happen again—and again, and again, and .... In 
1896 the German mathematician Ernst Zermelo (1871-1953) used this result, 
which philosophers call the ‘eternal return,’ to claim that there could be no truly 
irreversible processes and thereby cast doubt on the idea that entropy always and 
inexorably increases. 

Even for very small systems, however, such as a mere handful of molecules, the 
recurrence time is extremely large, and this was, in essence, Boltzmann’s reply to 
Zermelo’s concern. For example, if the gas-filled cylinder of our entropic clock has 
just 100 molecules (not the six I used in the earlier example), and if transitions from 
one side of the cylinder to the other side take place at the rate of one million per 
second, then the recurrence time has been calculated to be something like 30 million 
billion years!*’ And for the universe itself, the recurrence time is simply incom- 
prehensible. Mathematicians call 1 followed by a hundred zeros a googol, and the 
recurrence time in years for the universe has been estimated to be | followed by a 
googol of zeros (a so-called googolplex of years).** 

Using a wonderful bit of imagery, one analyst wrote of the enormity of the 
recurrence time of a system considerably /ess complex than the universe this way: 
“If a man shuffled just a single pack of cards as rapidly as an individual molecule 
hits other molecules in air, and if a snail started to crawl around the universe ... at 
the rate of one centimeter during the life of the sidereal system [my emphasis], the 
snail would have got round the universe many millions of times before it would 
become at all likely that the man would have got the pack back to the original 
order.’”? If this is what it takes to get a pack of cards back to its initial state, then try 
to conceive of the time interval required to restore the world to December 7, 1941.°° 

The notion of eternal recurrence considerably predates Poincaré, and its scien- 
tific (as opposed to astrological) study can be traced back to the fourteenth cen- 
tury.” A ‘more recent’ claim for eternal recurrence, also based on scientific 
arguments (conservation of energy), can be found in many places in the writings 
of the German philosopher Friedrich Nietzsche (1844—1900)—see, for example, his 
The Gay Science (1882) and Thus Spake Zarathustra (1883)—again predating 
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Poincaré. All of Nietzsche’s arguments are flawed,~” but they are rational, physical 
arguments, as opposed to arguments based on metaphysics or theology. In fiction, a 
glimmer of the idea of a repetition of human affairs preceded Poincaré by some 
years, too.”° 

An important caveat concerning recurrence is that we could never know of it 
because the state of all the historical records (geological, memories, books, photo- 
graphs, and so on) would, as part of the physical state of the universe, also recur. 
And so those records could, up to the instant before the recurrence, contain no 
signature of the recurrence because the recurrence has not ‘yet’ happened!°* The 
1993 movie Groundhog Day stumbles on this point, as it has a character (for some 
unexplained reason) live through the same day over-and-over and he is aware he is 
doing that. Indeed, he can change events within that time loop at will. It is 
interesting to note that one ‘time loop’ pulp science fiction tale? specifically 
avoided that error (and cited Nietzsche, to boot), and so demonstrated that pulp 
science fiction could have some philosophical merit to it. 

While the enormous recurrence time for the universe may seem reason enough to 
reject the possibility of Pearl Harbor repeating, there are more fundamental reasons 
for such a rejection. For example, an expanding universe, such as the one we live in, 
violates the Poincaré theorem’s assumed condition of a fixed volume system. As 
Professor Eddington put it in a 1934 lecture at Cornell University, “In an expanding 
space any particular congruence becomes more and more improbable. The expan- 
sion of the Universe creates new possibilities of distribution faster than the atoms 
can work through them, and there is no longer any likelihood of a particular 
distribution being repeated. If we continue shuffling a pack of cards we are bound 
sometime to bring them into their standard form — but not if the conditions are that 
every morning one more card is added to the pack.”°° 

An even more direct way to escape Poincaré’s theorem is to use a result from 
general relativity. Using Einstein’s theory instead of the classical dynamics that 
Poincaré used, it has been shown (by Frank Tipler, the inventor of the rotating 
cylinder time machine spacetime that was mentioned in the previous chapters and 
which we’ll revisit later in the book) that the recurrence theorem is simply no longer 
true.°’ As Tipler wrote, “In general relativity, singularities intervene to prevent 
recurrence. General relativistic Universes are thought to begin and end in singular- 
ities of infinite spacetime curvature [the Big Bang and the Big Crunch, 
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respectively], and these singularities force time in general relativity to be linear 
rather than cyclic.” A twist to this, however, is that in his analysis Tipler assumed 
that gravity is always attractive, and that the spacetime satisfies a special condition 
(called the Cauchy condition that we'll take-up later) that avoids backward causa- 
tion. The first assumption is violated in wormhole time machine spacetimes, 
though, and the second is by definition violated in any spacetime that supports 
time travel! So, who knows ..... ? 

Despite all of the previous discussion it is nor true that the evolution of a system 
from past to future is always accompanied by an increase in entropy—that is, by an 
irreversible increase in some measure of the system’s ‘disorder.’ Yes, it can be 
calculated that entropy is very likely to monotonically increase in systems of 
macroscopic size, but that is not the same as certainty. There can be fluctuations 
in the thermodynamic evolution of a system so as to have, at least for a while, a 
decrease in entropy (take another look at Fig. 3.2). All we can say, for sure, is that 
for macroscopically sized systems even very small fluctuations in increasing 
entropy are most improbable. To quote no less an authority than the combined 
genius of Gilbert and Sullivan (from their opera H. M.S. Pinafore), here’s what we 
can honestly say of the possibility of failure in the supposed inexorable increase of 
entropy: “What, never?/No, never!/What, never?/Well, hardly ever.” Still, for 
physicists, entropy is just too useful a concept to give up even though it does not 
always increase with increasing time for an isolated system. 

Love it though they may, there are some puzzling aspects to entropy for 
physicists that remain to this day. For example, the idea that the universe began 
in some sort of Big Bang process 15 billion years or so ago is the generally accepted 
view today, The puzzle of that event, one that has been described as literally being a 
‘fireball explosion,’ is that it must have been fantastically hot. This means that at the 
beginning (of everything) there was complete thermodynamic disorder, which from 
our earlier discussion means maximum entropy. Thus, we immediately have the 
question of how can the entropy of the universe be continuously increasing if it was 
as large as possible right from the start?°* 

One possible answer is that the proper model of the universe to use is the 
so-called inflationary universe. The inflationary model has a very high expansion 
rate for the early universe, much higher than the rate in the standard hot Big Bang 
model. In the standard model, the entropy puzzle occurs because of the ability of all 
particle processes to readjust rapidly to the ever-changing state of the universe; the 
so-called relaxation times of all particle processes were short compared to the 
expansion rate of the universe. That means that the actual entropy of the universe 
would, indeed, be the maximum possible at every instant (and so we have the 
entropy puzzle). In the inflationary model, however, the expansion rate of the early 
universe was temporarily so high that the relaxation times of particle processes 
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were very long compared to the expansion rate. That means the maximum possible 
entropy of the universe, at every instant, would greatly exceed the actual entropy. 
This ‘entropy gap’ is the cause, then, of the thermodynamic arrow of time, as the 
universe tries to ‘catch-up’ and reduce the resulting entropy deficiency. 

There is also a philosophical problem with associating increasing entropy with 
the flow of time from the past into the future. Events in the past leave traces, 
artifacts taken to be ordered states—or at least more ordered than are their imme- 
diate surroundings. The classic example of this is a footprint in the sand, which is 
clearly a highly organized structure compared to the surrounding sandy beach. The 
footprint is the trace of a past event; such a trace was all the evidence, for example, 
that Robinson Crusoe needed to conclude that another human had walked that way. 
But now consider this famous counter-example,”” that of a bombed city. Certainly 
there are traces aplenty of past bombing, and in fact one has to be careful not to trip 
over or to fall into them! The puzzle, of course, is in trying to argue that random 
bomb craters, strewn rubble, and crushed buildings, somehow constitute a more 
organized state (a ‘footprint’) than did the original city and its surrounding 
undamaged areas. This fuzziness was captured by one physicist who asked “Tf it 
were found that the entropy of the universe were decreasing, would one say that 
time was flowing backward, or would one say that it is a law of nature that entropy 
decreases with time?” 

For another example of the fuzziness of the relationship between entropy and 
time, consider the situation®' of a cloud of non-colliding particles all initially 
moving toward each other. At first the radius of the smallest sphere that contains 
the cloud decreases with time but, eventually, as the particles move past another, 
the radius will grow without bound. Indeed, that inexorable increase of the radius 
could be taken as defining the direction of time that points toward the future. But in 
what sense is the disorder of the particle cloud increasing? After all, as the cloud 
expands it ‘looks the same’ at all times; only its scale (radius) changes. What has 
entropy to do with this expanding-into-the-future cloud? Perhaps nothing. Perhaps 
what is need is a new arrow of time. 

So far we have looked in some detail at two arrows of time: the subjective, 
psychological feeling we have of time ‘flowing,’ which has no explanation in 
physics, and the thermodynamic, statistical quantity of entropy. A third arrow is 
the so-called cosmological arrow of the expansion of the universe. This arrow is not 
nearly as obvious as the first two. Only in the last century (since the 1920s), as a 
result of the American astronomer Edwin Hubble (1889-1953), has science become 
aware that the universe is expanding. An interesting speculation about the thermo- 
dynamic and cosmological arrows, one made numerous times, is that if the cosmo- 
logical arrow should ever reverse—that is, if the universe should ever begin to 
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contract toward a Big Crunch—then the thermodynamic arrow would also 
reverse.°” The reasoning is that the thermodynamic arrow follows the cosmological 
arrow in an expanding universe because that universe can continually ‘swallow-up’ 
ever more electromagnetic radiation as it is produced by any physical process. /f the 
thermodynamic arrow continues to follow the direction of the cosmological arrow 
during a contraction, then the thermodynamic arrow would also reverse direction. 

The usual objection to that suggestion is straightforward. If the direction of time 
did reverse, then we would see (so goes this argument) all sorts of odd events that 
would require enormously improbable physics, such as a shattered glass mirror 
reassembling itself. The error in that objection is subtle but equally simple. /t 
presupposes the retarded causality of our expanding universe. In a contracting 
universe with a reversed thermodynamic arrow of time, however, there would be 
advanced causality, and thus there would be nothing at all improbable about such 
doings as self-assembling mirrors. As two physicists observed, “The mere reversal 
of the cosmological expansion will not of itself serve to reverse the direction of 
thermodynamic and electrodynamic processes, any more than the compression 
phase of a piston-and-cylinder cycle in a heat engine serves to reduce the entropy 
of the confined Bas. 

Those same physicists go on to then mention Stephen Hawking’s interest in the 
relationships among the various temporal arrows. At one time Hawking thought™ 
he had discovered a connection between the thermodynamic and cosmological 
arrows, but then later abandoned that claim.© Hawking, in fact, has labeled his 
original claim “my greatest mistake in science,” and has quite openly (and most 
entertainingly!) discussed his interest in the arrows of time.°° Indeed, it was to be 
the subject of his doctoral dissertation but, as he wrote, “I ... needed something 
more definite, and less airy fairy than the arrow of time, for my PhD, and I therefore 
switched to singularities and black holes. They were a lot easier.” 

Yet another arrow of time is the electromagnetic arrow, which refers to the fact 
that radio waves are observed to only propagate into the future, and never into the 
past. This is a mysterious fact, because Maxwell’s equations for the electromag- 
netic field, like all the other laws of physics, have no intrinsic time sense. The 
electromagnetic arrow will be discussed in some detail in Chap. 4. 
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3.3. Time Dilation 


“Time as we know it is not universally absolute. The rate of its passage depends to a great 
extent upon the velocity of its observer with regard to some certain reference system. A 
moving clock will run slower with respect to a selected coordinate system than a stationary 


” 


one. 
—an early science fiction time traveler explains how his time machine works® 


In this section I'll set the stage for the scientific basis of time travel to the future, 
as well as for time travel to the past via the warped spacetime called a wormhole. 
We start by imagining two horizontal, parallel mirrors, one positioned over the 
other and separated by distance d. The two mirrors are in the same frame of 
reference with an Observer; that is, the Observer is looking at two mirrors that 
are stationary with respect to him. Between the two mirrors we further imagine that 
a particle of light, a photon, is bouncing endlessly back and forth, up and down, in 
relentless reflection. This simple system is called a photon clock, or the Einstein- 
Langevin clock, after the French physicist Paul Langevin (1872-1946), and it has 
been part of physics for decades. We define the time required for the photon to 
travel from one mirror to the other as a tick in time, and so the return trip defines the 
clock’s tock. The rate of timekeeping measured by the Observer, the time interval 
separating consecutive ticks, is obviously then given by 


¢=2- 
. 


where c is the speed of light. 

Suppose we next imagine that the Observer and the photon clock move at 
constant speed v to the right across our line-of-sight. That is, we remain in the 
original frame while the photon clock and the Observer are now moving at speed 
v relative to us. This means the photon clock is in a different frame of reference 
from ours and so we do not see the photon bouncing up and down vertically, but 
rather we see the photon tracing out the triangular path shown in Fig. 3.3. 

A round trip of the photon evidently now requires more time than before because 
the distance in the stationary frame (our frame) is greater than the round trip 
distance in the Observer’s frame (moving with the photon clock, he still sees a 
round trip distance of d). In fact, if t is the time between consecutive ticks as seen by 
a stationary viewer (us), then the round trip path length of the photon that we see is 
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Fig. 3.3. The moving V 1 
(relative to us) photon clock 
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This can be easily and quickly manipulated algebraically and combined with the 
earlier expression for 7’, the tick interval for an Observer in the same frame as the 
photon clock, to give the tick interval for the moving clock as measured by a 
stationary viewer (us): 


Notice that this reduces to t= 7 when v = 0—that is, when the photon clock is 
stationary with respect to us. 

This last result is the famous Einstein time dilation formula, which shows that 
t>f, and indeed that t=oo when v = c. That is, to us the moving photon clock 
appears to run slow compared to clocks in our stationary frame of reference and, at 
the speed of light, time stands still.°* A curious anticipation of this association 
between light and timelessness can be found in a poem by the seventeenth-century 
poet Henry Vaughn who, in the opening words to his “The World’—which 
appeared in 1650 as part of his Silex Scintillans (“Sparking Flint’”)—wrote 


“I saw Eternity the other night 

Like a great Ring of pure and endless light, 

All calm, as it was bright, 

And round beneath it, Time in hours, days, years 
Driven by the spheres 

Like a vast shadow moved, in which the world 
And all her train were hurled.” 





°8For v > c the time dilation formula says that time becomes imaginary, and this is one reason for 
claiming that v > c is not possible. The time dilation formula has been experimentally verified: see 
H. E. Ives and G. R. Stilwell, “An Experimental Study of the Rate of a Moving Atomic Clock,” 
Journal of the Optical Society of America, July 1938, pp. 215-226. 
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A similar modification in the length of a moving object (measured in the 
direction of motion) occurs when v > 0. While an Observer moving with the object 
will measure its length to be L’, a stationary viewer will ‘report’ it to be contracted 
to the length 


2 
L=Ly1-(-). 


6 


This effect is called the Lorentz-FitzGerald contraction.’ For ‘everyday’ 
objects and speeds the contraction effect is an extremely small one. For example, 
for a low-altitude satellite 100 m long, moving at 18,000 miles per hour (that is, at 
v = 2.7 x 10-°c), the contraction is less than 4 x 10° cm. 

In the early days of science fiction the contraction effect was fascinating to 
readers, but authors often got it wrong. For example, in one story’? of a runaway 
spaceship falling into the Sun, we read “When our racing [ship] was drawn from the 
Earth’s gravity and fell at ever increasing speed toward the Sun it soon approached 
the speed of light. As we fell faster and faster our length in the direction of the Sun 
progressed into nothingness. Then — it reached the speed of light — passed it. Now 
— mind you this — when the [ship] attained the speed of light it was of a minus 
length.” This author has managed to make four errors in three sentences! 

The same author botched the Lorentz-FitzGerald contraction again 5 years later, 
and added yet more errors to his growing list. In that tale’’ there is an episode of 
faster-than-light radio communication along with a lengthy, unfortunate disserta- 
tion that actually denies special relativity’s fundamental assertion that all inertial 
frames of references are indistinguishable from each other (two frames are inertial 
if they have no relative acceleration—I’ll say more on this in the next section). And 
in yet another story” of high-speed space travel the author has the contraction 
working in the wrong direction—as the rocket ship moves faster and faster it gets 
longer and longer. 

As bad as those errors are, first prize for mangling the laws of physics has to go to 
the story’* of a near light-speed spaceship on its way to Alpha Centauri. The crew 
mutinies and puts the captain and first office ‘overboard’ (think Mutiny on the 
Bounty) with 6 months’ worth of provisions. This happens at mid-voyage, about 
2 light-years from both home and destination, so matters look grim. Indeed, the 
author tells his readers, several times, that things look very bad. But are they? With 
a stated speed of 162,000 miles per second, the time dilation factor is slightly more 
than 2 and so, because the space boat is traveling at 0.87c, it will take a little more 
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than 13 months of space boat time to complete the journey. If the men go on half- 
rations then it seems they could survive. 

There is, of course, the problem of slowing down so as to arrive at Alpha 
Centauri at a reasonable speed, but that issue is ignored in the story. Instead, our 
attention is directed to the much more dramatic concern of a faster-than-light planet 
(don’t ask!) colliding with the space boat and carrying the castaways onwards 
toward their destination. When this happens we read that time runs backwards 
(for what really occurs at superluminal speeds, keep reading this chapter) and, 
finally, in a repeat of an error I mentioned earlier, we are told that the Lorentz- 
FitzGerald contraction is negative for v > c. 

The time-slowing (or size-shrinking) factor becomes pronounced only at values 
of v close to c, as shown in Table 3.1. For example, the last entry shows that a clock 
traveling at 99.99 % the speed of light will register the passage of 1 year while 
nearly 71 years pass on Earth. One science fiction writer got this dramatically 
wrong, even though he actually reproduced the Lorentz-FitzGerald equation in his 
story.“ At one point he writes of the near light-speed rocket ship that stars in the 
tale, “If it [the ship’s speed] was as slow as ninety-four percent [of the speed of 
light] ... for every moment ticked by the clocks of the [ship] hundreds passed on 
earth.” In fact, the time dilation factor at that speed is ‘only’ 2.93. 

One possible objection to time dilation is that the analysis done here has been for 
a particular clock. How do we know that another clock, one using wheels and 
pendulums, for example, instead of photons and mirrors, wouldn’t be affected 
differently by motion? The answer comes from relativity itself, which says there 
is no way to detect uniform motion. If two clocks did behave differently, then this 
difference could be used as a motion detector. Since this is impossible within the 
framework of relativity, then a// clocks, no matter what the details of their internal 





MTR. Hubbard, “To the Stars,” Astounding Science Fiction, February and March 1950. 
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mechanisms may be (including the biological clocks of own bodies), must respond 
to motion just as does the photon clock.”° 

Time dilation can also be caused by gravity (it appears in the 2014 movie 
Interstellar), and that effect has been used to ‘construct’ a time machine from a 
wormhole (to be discussed later). You can get a qualitative understanding of how 
that happens by imagining a massive body (massive, to have a really big gravita- 
tional field) in space, on the surface of which is a hot object. That object emits 
electromagnetic radiation and, though it isn’t essential to the following argument, 
further imagine that the temperature of the object is sufficiently high that some of 
the radiation (emitted by the very atoms of the object) is in the visible-light portion 
of the spectrum. Now, from elementary quantum theory we can also think of the 
object’s atoms as emitting photons (‘particles of light’), each of energy hf, where 
his Planck’s constant and fis the frequency in hertz (what used to be called “cycles 
per second’). The higher the temperature, the higher the photon energy, and so the 
higher the frequency. In the visible spectrum, f is on the order of 10'° Hz, a 
frequency one billion times higher than commercial AM radio frequencies. 

The radiating atoms can be thought of as tiny clocks, with alternate half-cycles 
of radiation being ticks and the half-cycles in-between being the tocks. The passage 
of time on the surface of the massive body can be measured by these atomic clocks 
in the hot, radiating object. To a distant observer, however, as she receives the 
photons from the hot object, the passage of surface time on the massive body will 
appear to occur at a reduced rate when compared with the photons emitted by her 
own identically hot object (her ‘local’ clock). That’s because the radiation that 
arrives at the distant observer has traversed a gravitational field (a journey some- 
times described as ‘climbing out of a gravitational well’) and so is down-shifted in 
frequency toward the red end of the visible spectrum. This effect is called either the 
gravitational red shift or the gravitational time dilation effect (or even the Einstein 
shift, because it was Einstein who predicted the effect in 1907). 

You can ‘understand’ this dilation effect as follows. One can crudely think of a 
photon emitted by the hot object as something like a rock thrown upward. As the 
rock rises upward through the gravitational field, its total instantaneous energy is 
always constant, but the total, fixed energy is split between its kinetic and potential 
energies in an ever changing way. That is, as the rock rises, its kinetic energy 
continually decreases (the rock slows down), whereas its potential energy contin- 
ually increases. A photon is not a rock, however, and it certainly can’t slow down as 





™ Resistance to this conclusion persisted for years. See, for example, the letter “Relativity and 
Radio-activity,” Nature, January 8, 1920, p. 468. The author of that letter wondered whether a 
clock based on radioactive decay might not somehow beat the ‘conspiracy’ of moving clocks 
running slow compared to stationary ones. And in a letter to Science (December 7, 1962, p. 1180), 
a reader objected to applying the laws of physics to biological systems, first asserting (incorrectly) 
that time dilation “has never been proved or disproved experimentally,” and then “there is no 
known causal means by which greatly increased velocity could alter, without destroying the very 
biochemical basis of the life process, the metabolic changes which are responsible for the aging 
process.” 
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Fig. 3.4 Gravitational time dilation due to a massive body 


it rises through a gravitational field (it always moves at the speed of light because 
the photon is light). The only way a photon can give up energy to balance the ever 
increasing potential energy (physicists will cringe at this, but read on) is to decrease 
its frequency. Hence, the red shift as seen by a distant observer of the photon, who 
thus sees time running slow on the massive body. Fig. 3.4 shows the case for a clock 
on a massive body, compared to a distant clock. Notice, carefully, the ‘direction of 
gravity,’ that is, the direction a small, unrestrained test mass will move. 

A gravitational red shift in the opposite direction is nicely described in the 
famous 1966 science fiction story “Neutron Star” by Larry Niven. There a space 
traveler zooms down into a neutron star’s intense gravity field (at half the speed of 
light!), passing within one mile of the star’s surface. He reports what he observes in 
these dramatic words: “All around me were blue-white stars. Imagine light falling 
into a savagely steep gravitational well. It won’t accelerate. Light can’t move faster 
than light. But it can gain in energy by increasing its frequency. The light was 
falling on me, harder and harder, as I dropped.” To Niven’s intrepid spaceman, 
therefore, the passage of time on those distant blue-white stars appeared to be 
running fast compared to his wrist watch. This shows that the effect could equally 
well be called the ‘gravitational blue shift.’ 

Notice that gravitational-induced time alterations do not have the symmetrical 
feature of motion-induced time dilations.’° That is, for gravitational time dilations 
caused by photons either falling into or climbing out of gravity wells, observers at 
each end agree about whose clock is running slow, unlike in the motion-induced 
case where each of the relatively moving observers thinks it is the other observer’s 
clock that is running slow.’” 

Now, comparing a massless photon to a rock which does have mass (and so 
potential energy), as each travels ‘against’ gravity, is straining the physics, with its 
one virtue being the provision of an initial plausibility argument. Gravitational time 
dilation is sufficiently important in the operation of wormhole time machines, 





7©Gravitational time dilation was experimentally observed in 1960, more than half a century after 
Einstein predicted it. 


77 A science fiction use of both the red and the blue gravitational shifts appears in the novel by J. P. 
Hogan, Out of Time, Bantam 1993. 
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Fig. 3.5 Gravitational time dilation due to rotation 


however, that perhaps another way to think about it that is more acceptable to 
hardcore physicists makes it worth another look. Imagine a turn-table disk that 
initially is not rotating (soon it will spin). On this disk imagine further that we fasten 
two clocks, one called S (for stationary) and one called M (for moving), as shown in 
Fig. 3.5. These two clocks are set to read the same time at some instant and then, 
thereafter, they tick-tock through time at precisely the same rate. We then start the 
disk rotating around a vertical axis through clock S. (Imagine S to be a point clock, 
and so it is the one point on the turn-table that remains at rest even as the disk 
rotates.) What happens to the time-keeping of S and M? 

We can answer this question by using our earlier result concerning time dilation 
due to motion. Even with the disk now rotating, S appears stationary to an observer 
sitting on top of M, while M appears to be moving across the line of sight of an 
observer sitting on top of S. So, to the observer at S, clock M runs slow, while to the 
observer at M there is no change in the time keeping of clock S. This is a 
non-symmetrical outcome, and so should remind you of gravitational time dilation. 
This might be a puzzle to you, however, as we don’t have a massive body in Fig. 3.5 
to account for a gravity presence. This is where the genius of Einstein comes 
into play. 

Anyone who has ever ridden on a merry-go-round knows there is an outward 
(pointing away from S) directed force called the centrifugal force that is ‘trying’ to 
toss you off the merry-go-round. Now, where there is a force there is an acceler- 
ation, and one of Einstein’s starting points in his development of general relativity 
was to identify an acceleration, whatever its origin, with gravity. A massive body is, 
of course, one possible origin (the obvious one, in fact), but so is the rotation of the 
turn-table. So, we have the situation shown in Fig. 3.5, where now ‘gravity’ is 
directed as shown and, and as in Fig. 3.4, the direction of acceleration of gravity is 
toward the slow-running clock. Again, the direction of gravity is the direction a 
small, unrestrained test mass on the rotating disk will move. The further M is away 
from S, the greater the ‘gravity’ of the centrifugal acceleration and so the slower 
will M run as measured by the observer at S. 
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A 1968 story that uses the gravitational time dilation effect in a striking fashion 
tells of a starship’s visit to a supernova, accompanied by a fantastic alien life- 
form—a ball of intelligent plasma named Lucifer that is telepathic. ”® While the ship 
stands off at a distance of 500 million kilometers, Lucifer will approach much 
closer to the event horizon (see the Glossary) of a black hole at the center of the 
supernova explosion and communicate its findings to a human telepath on the ship. 
A physicist in the crew is curious about one point, and asks the human telepath the 
following question: 

“T have wondered about one item. Presumably Lucifer will go quite near the 
supernova. Can you still maintain contact with him? The time dilation effect, will 
that not change the frequency of his thoughts too much?” 

Lucifer, in fact, dies in the black hole even as he saves the ship from destruction, 
and the human telepath will hear his death scream for the rest of her life. As the 
physicist later explains to the ship’s captain, telepathy is instantaneous and has no 
limiting range (there is no known physical basis for believing any of this, but it is 
crucial for story effect): 


“Remember the time dilation. He fell from the sky and perished swiftly, yes. 
But in supernova time. Not the same as ours. To us, the final stellar collapse takes an 
infinite number of years. ... He will always be with her.””” 
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“Tf only he’d paid more attention to mathematics in school.” 
—a science fiction time traveler laments missed opportunities*° 


In this (and the next) section the math gets about as ‘deep’ as it gets in this book, 
but to leave it out struck me as a cheat. You can skip part (or all) of the math and 
simply read the prose, but it seemed unfair for me to make that decision for you. 

We begin by imagining two distinct frames of reference. One we take to be 
stationary, and the other as moving at a uniform speed v with the respect to the first. 
The moving frame is said to be boosted with respect to the stationary frame. We 
orient these two coordinate systems so that the motion occurs along just one axis 
(the x-axis, as shown in Fig. 3.6, where I am using primed variables for the moving 
frame). That is, the two frames have coincident x axes, and parallel y and z axes that 





78Poul Anderson, “Kyrie,” in The Road to Science Fiction (J. Gunn, editor), volume 3, New 
American Library 1979. 

7° 4 mathematical discussion of how signals take forever (even though they are emitted in a finite 
time interval) to travel from the event horizon of a black hole to a distant receiver can be found in 
James B. Hartle, Gravity: an introduction to Einstein’s general relativity, Addison Wesley 2003, 
pp. 264-268. 

8°D, Knight, “Extempore,” in Far Out, Simon and Schuster 1961. Similar words (“If only I had 
more mathematics”) were spoken by Einstein the day before he died — see Walter Isaacson, 
Einstein: his life and universe, Simon & Schuster 2007, p. 542. 
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Fig. 3.6 Two reference frames in relative motion 


are moving apart at the constant speed v. Let’s also imagine that there is a clock at 
the origin of each frame, and that at the instant the origins match the clocks are 
synchronized; that is, f= t =0 is the instant the two coordinate systems coincide. 

We further imagine that there is an observer at the origin in each frame. At some 
arbitrary instant of time, each observer records the coordinates of the arbitrary point 
P in space, as measured in his system. These observers could, for example, agree to 
record the coordinates of P in their system when their clock reads 5 s. It seems 
immediately obvious (as it was for Newton) that t = / ; that is, time runs at the same 
rate in each frame and thus it makes sense to talk about “the same instant” at every 
point in space. (After reading the previous section you know this not true, but 
temporally forget that!) Thus, at this “same instant’ the stationary observer records 
(x,y,z) and the moving observer records (x’,y’,z’). What are the relationships 
between the primed and unprimed coordinates of P? That is, what mathematical 
transformation converts from one frame to the other? 

The answer seems obvious: 


y=y 
Z=Z 


x =x-vt. 


This transformation, called the Galilean transformation after the Italian Galileo 
Galilei (1564-1642), satisfies the relativity principle, which says that uniform 
motion leaves the laws of physics unchanged. For example, in the stationary system 
Newton’s famous second law of motion for a constant mass m, 
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F ax 
m be et 
dt? 
becomes the identical-appearing form 
a dx 
ae 


More precisely, all the laws of mechanics known to Newton are unchanged. Any 
frame of reference in which Newton’s laws of mechanics hold true is said to be an 
inertial frame. Given one inertial frame, we can find infinitely many others simply 
by applying the Galilean transformation. 

However, when the mathematical laws of electrodynamics were discovered by 
Maxwell in the nineteenth century, it was a shock to physicists to learn that the 
Galilean transformation does not leave Maxwell’s equations unchanged in form; 
the transformed equations predict electromagnetic effects for the moving system 
that are not predicted to occur in the stationary system. This meant that there was 
theoretical support for the possibility that electromagnetic experiments might be 
devised to detect uniform motion, and this eventually led to the famous Michelson- 
Morley experiment of 1887. This experiment, sensitive enough to detect the motion 
of the Earth itself through space, failed to detect any such motion. The conclusion 
was clear: the new electromagnetic effects predicted by the Galilean transformation 
do not exist, and so the transformation must be wrong even though it works for the 
laws of mechanics. So—what is going on? 

The answer is inspired, and again returns us to the cornerstone of relativity: the 
idea that the laws of physics, all the laws, should look the same to observers in 
uniform relative motion. That is, there is no special or preferred system of coordi- 
nates—all inertial systems are equivalent in physics. Evidence from an extremely 
broad variety of sensitive experiments had, by the end of the nineteenth century, 
convinced physicists that Maxwell’s equations are correct. Thus, a new transfor- 
mation was needed that leaves both the laws of mechanics and the laws of 
electrodynamics unchanged with uniform motion. But, a single transformation 
that works on Maxwell’s equations and on the mechanical laws would therefore 
mean that Newton’s mechanical laws as stated cannot be correct, and this was a 
breathtaking conclusion: Newton had been unchallenged for two centuries. 

As it turns out, Newton’s laws are almost right. The only correction required is 
that the mass of a moving body is not independent of motion, but rather varies as 


mo 


1 — (v/c)’ 
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where Mm is the so-called rest mass when vy = 0.°! This result says that is infinite at 
v=c unless mp = 0 (as it is for a photon), which is another reason for the belief that 
accelerating a mass (such as a spaceship) up to the speed of light is impossible 
because it would require infinite energy (look back at note 68, too). With this 
modification, the transformation that leaves all the laws of physics unaltered in 
form by uniform motion is what is called the Lorentz transformation (after the same 
Lorentz the contraction effect is named for), who discovered it in 1904 by direct 
manipulation of Maxwell’s equations: 


/ 


J =y 
2 =e 
c— vt 
Pia 
1 — (v/c)’ 
t — vx/c? 


~ Gee 


In 1905 Einstein discovered how to derive these equations from a fundamental 
reexamination of space and time without concerning oneself about the details of 
specific physical laws. 

By simple algebraic manipulation, the transformation equations can be rewritten 
as 


ct = yct’ + yx’ 


x = Byct + yx 
where 
ge 
C 
and 
y= 1/(1-#) 


are dimensionless constants. In compact matrix form, the Lorentz transformation 
becomes 





8! This variation of mass with speed was experimentally observed in 1901. 
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ct] | y py] jet 
lola TTLY 
and the symmetrical 2 x 2 matrix is called the Lorentz boost matrix or simply the 
boost. Notice that when v = 0 (zero boost) the boost matrix reduces to the identity 
matrix; that is, the two frames are one and the same with at most a shift in the location 
of the origins. Note, too, that 6 = 0 and y = / for any v when c is infinite—that is, the 
boost matrix is again reduced to the identity matrix and the Lorentz transformation 
becomes the Galilean if c is infinite. But c is not infinite, and all the implications of 
special relativity are the direct result of the finite speed of light. 

The Lorentz transformation contains two results I have mentioned earlier in the 
book. For example, in Chap. 2 it was mentioned that simultaneity is a relative 
concept in reference frames in relative motion. Let’s see what the transformation 
says about that. Consider two events that occur specifically on the x-axis. They are 
simultaneous in the stationary system (at, say, time ¢ = T) but are at different places 
(at, say, x = X and x = X + AX). Their occurrences in time for the moving observer 
are 


and 
T — v(X + AX) /c? 


i= 
° 1—(v/cy 





For the moving observer, therefore, the two events are not simultaneous, being 
separated in time by 


vAX /c? 
yl -(v/c)’ 


Only if AX = 0 (the two events occur at the same place) will? = ¢,. That is, only 
if AX = 0 are simultaneous events in one frame also simultaneous in another frame 
in relative motion. 

And in the previous section we found that time runs slow in one frame as 
observed from another frame that is in relative motion. We can get this result 
from the ¢ equation of the Lorentz transformation by differentiating it with respect 
to t. Thus, 





pan= 


dt’ = 1— (v/c?)& 
dt 1— (v/c)? 
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But since 


dx 
7 aa 


the speed of the moving frame as measured by the observer in the stationary frame, 


this gives 
dt =/1—(v/c)? dt 


which is the same result we obtained by analyzing the photon clock. 

The Lorentz transformation contains other interesting implications beyond 
these. For example, mention has been made several times to the ‘relativity princi- 
ple,’ the belief that uniform motion has no observable effect on the forms of 
physical laws. But how do we know who is moving and who is stationary? After 
all, a system moving to the right past a stationary system could just as well be 
thought as the stationary system, while it’s the other system that is moving to the 
left (at speed —v). 

To study this question with the Lorentz transformation, we’ll invert the trans- 
formation (that is, solve for the unprimed variables in terms of the primed ones). 
What we get back is just what you probably thought—the Lorentz transformation 
with v replaced by —v. That is, the Lorentz transformation is symmetrical, so two 
observers in different frames of reference each say it is the other’s clock that is 
running slow! This follows immediately, in fact, from the original transformation 
written in matrix form. That is, multiplying through the earlier matrix equation by 
the inverse of the boost matrix, we get 


2]-B #T El-[4 FE 
x’ By y x Py oy Jie] 

The only difference between the original boost matrix and its inverse (which is, 
of course, the new boost matrix for the new interpretation of which frame is the 


moving one) is a change in sign for #, that is, in the sign of v. The inverse 
transformation is 
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As a final example of what the Lorentz transformation tells us, consider the 
so-called addition of velocities problem. Suppose you are in a high-speed spaceship 
traveling past Earth at speed v. Earth is the stationary system (with the unprimed 
variables), and the spaceship is the moving system (with the primed variables). 
Assume the x and x’ axes are along the direction of motion. Imagine next that while 
standing in the nose of the spaceship, just as the spaceship passes Earth, you fire a 
gun in the direction of motion (away from the Earth), with the bullet exiting the gun 
with a muzzle speed of w. How fast is the bullet moving away from Earth? The 
common-sense answer in Galileo’s time was v+w, but we now know that the 
Galilean transformation is wrong. What does the Lorentz transformation say? 

Inside the spaceship, the position of the bullet at time t after the gun is fired is 


x! = wt. 


From the inverse Lorentz transformation, the location of the bullet earth’s frame 
1S 








The transformation also tells us that (using x= wr) 


ha (v/c) P fi (v/c)* 


Thus, the speed of the bullet in Earth’s frame is 





t+ vx /c? 1+wv/c? / 





Xx Wty 
t 1+wv/c?’ 


Notice that for a low-speed bullet (w << c) this result®” is close to w + v, but at 
high values for w the result is very much different. Indeed, suppose we don’t fire a 
gun at all, but rather replace it with a flashlight. Now, instead of a bullet, we shoot 
photons at w = c. The Galilean transformation would (incorrectly) say that a 
stationary observer on Earth would see the photons moving away at speed v+c, 





®°This result was found by the French physicist Henri Poincaré (1854-1912) in June 1905, three 
months before the publication of Einstein’s special theory of relativity which also contains the 
result. And it was Poincaré who first stated (in 1904) that “no velocity can surpass that of light, any 
more than any temperature could fall below the zero absolute.” 
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which is a superluminal speed. The Lorentz transformation, however, says that the 
Earth observer would see a speed of 


c+v  C(e+v) cfe+v) _ 
l+ev/ce2 c2+ev c(e4+v) = 





That is, no matter what the speed of the moving observer on the spaceship is, he 
sees the light from his flashlight traveling at the same speed as does the stationary 
observer back on Earth. This peculiar effect is unique to the speed of light (w=c). 
We’ve derived it here as a consequence of the Lorentz transformation, but in fact 
Einstein actually did things in reverse order. That is, he began by postulating the 
invariance of the speed of light®* for all observers in uniform motion, combined that 
with the principle of relativity which says all physical laws look the same to those 
observers, and so derived the Lorentz transformation using no mathematics beyond 
high school algebra. 

A mathematically elegant alternative derivation of the addition-of-velocities 
formula can be done by simply noticing that the condition of two successive boosts 
should be, itself, a boost. Thus, if we have a frame moving relative to a second 
frame (which is itself moving relative to a third frame), then the boost matrix of the 
first frame relative to the third frame is the product of the two individual boost 
matrices. That is, 


| 73 | _ | Y2 | al oa 
P3Y3 73 Pox 12 An ny 


From this it is easy to show (if you know how to multiply matrices!) that 


_ Ath 
(5 =— 
1+ Bip, 
Substitution of 
; v 
Bb, =—, b=- 


immediately gives the addition-of-velocities formula. 

A failure to understand the implications of the invariance of the speed of light 
resulted in two stupendous errors in the story “To the Stars,” cited in note 74. At all 
times an officer stands watch on the bridge of a near light-speed rocket ship to be 
sure the ship doesn’t accidently reach the speed of light. This is to be avoided 
(according to the author) because to reach the speed of light would cause the ship to 





*3Rinstein’s postulate was experimentally confirmed in 1932. 
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“hang there forever unmoving [in time] ... locked, protected and condemned to 
eternity by zero time.” This horrible state is so easy to stumble into (the author was 
apparently unaware that it would require infinite energy) that occasionally the ship 
has to fire a ‘check-blast’ from its forward rocket tubes to slow down! Equally 
absurd is the means by which the development of this ‘fatal’ condition is detected: 
the nose of the ship mounts a forward-pointing light source (our earlier flashlight) 
and so, if the ship is getting too near the speed of light, it will start to overtake the 
photons emitted by that source! 

The biggest puzzle of all, actually, is why the editor of Astounding Science 
Fiction let such a technically goofy story appear in a magazine recognized for its 
usual faithfulness to known science. Particularly so since the story appeared in 1950 
and, as long ago as December 1937, none other than Isaac Asimov (then 17 years 
old) had written a letter to the editor®* giving the proper interpretation of what 
happens when v=c. Here’s what the young Asimov wrote (notice the early hint of 
his life-long pessimism concerning time travel to the past that appears near the end 
of his letter): 


“The effect on time of increasing speeds is ... well known. Relativity states that as speed 
approaches that of light, time slows up until at 186,000 miles a second, time (so to speak) 
stands still. This seems to refute statements found in so many astronomy books (and science 
fiction stories) that even at the speed of light it would take four years to reach the nearest 
star. No such thing! As time halts at the speed of light, a person traveling from Alpha 
Centauri to the solar system, or vice-versa, would not be aware of any lapse of time. In that 
sense the speed of light is infinite (as was thought in ancient times). This by the way offers 
an entirely scientific (if impractical) means of travel into the future. Say that someone wants 
to see how the world would look a hundred years from now. His procedure would be as 
follows: getting into his spaceship, he would proceed to a spot fifty light-years away at the 
speed of light. The journey would, for him, be practically instantaneous (due to the curious 
behavior of time at the speed of light). But fifty years would have elapsed on earth. He 
makes the return trip at the same speed. Another fifty years lapse on earth and he lands a 
hundred years after his time. With this system, however, it would be impossible to travel 
into the past, so I don’t think it will ever be adopted.” 


Young Asimov missed an important detail concerning the reversal of the space- 
ship’s direction of travel for the return to Earth, and I'll come back to it later in this 
chapter. But certainly he displayed a far better knowledge of the physics of time 
than did the author of “To the Stars” (who was, by the way, L. Ron Hubbard, a 
prolific writer of fantasy and science fiction before founding the Church of 
Scientology). 





*4The editor who bought “To the Stars” was the same editor editor of Astounding when Asimov’s 
letter appeared, and so he was certainly aware of it. 
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3.5 Spacetime Diagrams, Light Cones, Metrics, 
and Invariant Intervals 


“Come back when you know tensor calculus and [ll explain to you about n-dimensional 
forces and the warping of world-lines.” 
—a science fiction physicist’s reply after being asked how his time machine works*° 


It is helpful in discussions about the spacetime of special relativity to use what 
are called Minkowski spacetime diagrams. These are plots of the spacetime coor- 
dinates of a particle; the resulting curve is called the world line of the particle. Such 
diagrams are four-dimensional—three space axes and one time axis—and hard to 
visualize, much less draw on a flat sheet of paper! The convention is to make do, 
whenever possible, with a simplified spacetime that has just one space axis (hori- 
zontal) and one time axis (vertical). As you’ll recall from Chap. 1, physicists often 
call such a simplified diagram a toy spacetime. 

So, for a particle at rest in some observer’s frame of reference, its spacetime 
diagram for that observer is a vertical world line. If the particle is not at rest then its 
world line will tilt away from the vertical; the greater the speed the greater the 
deviation from the vertical. Accelerated particles will have world-lines that curve 
away from the vertical. Straight, uncurved world lines represent unaccelerated 
particles, that is, particles experiencing no forces and so in free fall. Such a world 
line is called a geodesic. In Fig. 3.7 the world lines for these various cases are 
shown on the same axes. It is assumed in the figure that all three particles are at 
X = Xg when t = 0. 
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Fig. 3.7 World lines of three particles 





®5Poul Anderson, “The Little Monster,” in Science Fiction Adventure from WAY OUT (R. Elwood, 
editor), Whitman 1973. 


156 3 The Physics of Time Travel: Part I 


“ Time 














A B . Space 








Fig. 3.8 A time traveler and his world line 


Spacetime diagrams were embraced decades ago by philosophers looking for 
“scientific? ways to support their position on time travel (whatever it might be), as 
opposed to the mere verbiage of traditional colleagues. A famous example of this is 
a 1962 paper by the Harvard philosophy professor Hillary Putnam (note 74 in 
Chap. 1). There we are asked to imagine the spacetime diagram of one Oscar Smith 
who, in Fig. 3.8, is at spatial location A next to his time machine. At time fo Oscar 
has not yet gotten into his time machine. A little later, at time t,, we suddenly see 
not only Oscar at A but also two more Oscars who have appeared (apparently out of 
thin air) moving away from spatial location B! Between ¢, and f we see the original 
Oscar at A and the two mysterious Oscars at B (for a total of three Oscars, labeled in 
the figure as Oscar,, Oscar2, and Oscar3) move forward in time—but one of the new 
Oscars ( Oscar>) lives a decidedly odd existence in that his life seems to be running 
in reverse! 

Eventually, at time fy, the original Oscar, and the weird, reverse Oscar2, merge 
and seemingly annihilate one another, vanishing into thin air to leave only a single 
Oscar (Oscar3) for all time after f.. Putnam argues that, although strange, what has 
just been described is still sensible and that, indeed, the very fact that we can draw 
the spacetime diagram of Fig. 3.8 supports the case for backward time travel. He 
claims this because although the spacetime diagram does show time increasing 
upward for all three Oscars (that is the time direction for an external observer) there 
is actually no ‘spontaneous creation’ or ‘mutual annihilation’ and all is sensible if 
Oscar, is understood actually to be a time traveler into the past with his time 
direction thus pointed opposite to that of the ‘other two’ Oscars. There is, of course, 
just one Oscar! 
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Fig. 3.9 Anti-matter via backward time travel 


As mentioned back in Chap. 1, Putnam’s suggestion was rebutted (see that 
chapter’s note 76) by what is (in my opinion) an even less plausible mechanism 
for Putnam’s kinked spacetime than is Putnam’s invocation of time travel. That 
critic advocated, instead, an explanation based on matter transmitters and anti- 
matter, the latter an idea he credits to Feynman (who actually got it from Wheeler). 
In a paper by Feynman we do find the famous suggestion that a positron that appears 
to us to be moving forward in time is actually an electron traveling backward 
through time.*° Logically, that greatly weakens the critic’s view, because it puts 
him in the position of using anti-matter (explained in terms of backward time travel) 
to argue against backward time travel! But let’s ignore that concern, give the critic 
the benefit of the doubt, and explore how anti-matter and backward time travel are 
imagined to be connected. 

Feynman asks us to imagine the process shown in Fig. 3.9. Gamma ray A 
spontaneously creates an electron-positron pair, with electron. moving off to 
some distant region while the positron soon meets with electron,, resulting in 
mutual annihilation and the production of gamma ray B. This description involves 
three particles, and each segment of the kinked line is a distinct particle. But 
Feynman said there is another way to look at this, a way that involves just one 
particle. According to Feynman, the kinked line in Fig. 3.9 (which should remind 
you of Oscar’s kinked world line) is the world line of a single electron; the middle 





8°R, Feynman, “The Theory of Positrons,” Physical Review, September 15, 1949, pp. 749-759. Ina 
paper published the year before (“A Relativistic Cut-Off for Classical Electrodynamics,” Physical 
Review, October 1948, pp. 939-946), he wrote “This idea that positrons might be electrons with the 
proper time reversed was suggested to me by Professor J. A. Wheeler.” The identification of anti- 
matter with backward time travel occurred in science fiction (see note 124 in Chapter 1) almost 
simultaneously with Wheeler’s speculation. 
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segment, that we call a positron, is just the electron traveling backward in time, and 
so we must reverse the arrowhead on it (indicating the opposite of the direction 
shown in Fig. 3.9). 

There are two central questions at this point. First, why is a positron (with 
positive electric charge) moving forward in time mathematically (and physically) 
equivalent to a negatively charged electron moving backward in time? The answer 
is that the reversal in charge sign, which results from the reversal of the electron’s 
proper time, follows from the TCP theorem that was mentioned in Chap. 2 (see note 
38 there). And second, what causes the electron to suddenly move backward in 
time? Picturesquely, the electron is recoiling from the emitted burst of gamma ray 
B. Similarly, the absorption of the energy of gamma ray A by the electron that is 
recoiling backward in time causes a second recoil, giving the world line of what was 
originally called electron. This reinterpretation of a kinked spacetime diagram was 
described as follows (in Feynman’s famous words): “It is as though a bombardier 
flying low over a road suddenly sees three roads and it is only when two of them 
come together and disappear that he realizes that he has simply passed over a long 
switchback in a single road.” 

In a later paper®” Putnam’s critic presented another line of attack against 
Putnam’s interpretation of spacetime diagrams as lending support to time travel. 
There the critic observed that the presence of the time-reversed Oscar shows that 
the “world of the Oscars” is not temporally orientable. A temporally orientable 
spacetime is one in which every point in it agrees with its local neighbors on the 
directions of past and future—a condition clearly not satisfied for the case of 
Oscar. As the critic pointed out, the first time travel spacetime discovered, the 
Godel universe, is temporally orientable, and so in it the ambiguity of Oscar 
(whether he is traveling backward in time as opposed to living forward ‘in reverse’) 
does not occur. That is, the critic agreed with Putnam’s acceptance of the conceiv- 
ability of time travel to the past, but not with his use of Feynman’s concept of anti- 
matter as time-traveling matter. That critic wasn’t alone in that opinion. 

One physicist, for example, wrote of “Feynman’s rather loose talk of particles 
‘traveling’ backward ... in time,”** and the well-known philosopher John Earman 
declared “It is true that Feynman uses the slogan ‘Positrons are electrons running 
backward in time,’ but it is dangerous to draw conclusions from slogans.”®” I am not 
sure what Earman meant by “slogans”: a careful reading of Feynman indicates that 
he actually took the matter quite seriously.”° In his 1949 positron paper (note 86), 
for example, he wrote that “the idea that positrons can be represented as electrons 





87See R. Weingard in note 114 in Chapter 1. 


88H. Price, “The Asymmetry of Radiation: Reinterpreting the Wheeler-Feynman Argument,” 
Foundations of Physics, August 1991, pp. 959-975. 


” 


897. Earman, “On Going Backward in Time, 
pp. 211-222. 

°Feynman declares the view of a positron as a time traveling electron to be of value, for example, 
in his famous book Quantum Electrodynamics, W. A. Benjamin 1961, p. 68. 


Philosophy of Science, September 1967, 
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with proper time reversed relative to true time has been discussed by the author and 
others,””! and also that “Previous results suggest waves propagating ... toward the 
past, and that such waves represent the propagation of a positron.” 

In any case, spacetime diagrams are highly useful in discussing time travel, but 
they do have some curious twists. In our everyday world, a path that joins two 
points on a surface with the minimum length is called a geodesic of that surface. As 
you'll see later in this chapter spacetime geodesics do indeed possess an extremal 
property, but rather than being a minimum it is a maximum property. Spacetime 
diagrams can be misleading on this matter, so it is important to remember that such 
diagrams are not a perfect representation of all the properties of a spacetime. 

It is customary to draw spacetime diagrams with the speed of light as unity 
(c = 1). That is, a distance of 300,000 km on the space axis is represented by the 
same extension as is one second on the time axis. This means that the world line of a 
photon is tilted away from the vertical time axis by 45°. Because photons can travel 
in both space directions (to the left and to the right) in the two-dimensional 
spacetime we can draw on a piece of paper, and because the speed of light is the 
limiting speed of the universe, we can represent the collection of all possible world 
lines as those paths that never tilt more than 45° away from the vertical, which 
forms what is called a light cone in spacetime, as shown in Fig. 3.10 (which 
attempts to represent a three-dimensional spacetime, one with two space—imagine 
a y-axis, out of the paper, perpendicular to both the x and t axes—and one time 
dimension). 

In Fig. 3.10 I have taken x = y = 0 at t = O for all the possible world lines 
involving speeds below the speed of light. Let’s agree to call this spacetime point 
the Here-Now. Then, spacetime points in the upward half of the light cone are in the 
Future of Here-Now; similarly, spacetime points in the lower half of the light cone 
are in the Past of the Here-Now. We can draw a straight world line from the Here- 
Now to any point in the Future half-cone with a tilt of less than 45° away from the 
vertical, which means that a massive particle could travel from the Here-Now to 
that point at less than the speed of light. Similarly, a massive particle starting at any 
point in the Past half-cone could have reached the Here-Now by traveling at less 
than the speed of light. Such a world line is called timelike because its projection on 
the time axis is greater than its projection on a space axis—they are the world lines 
connecting spacetime points that are potentially causally linked. That is, an event at 
a spacetime point in the Past half-cone could have had an effect on the event at the 
Here-Now, even though its influence propagated at less than the speed of light. 
Also, an event at the Here-Now could potentially affect the event at any spacetime 
point in the Future half-cone of the Here-Now. 

Any points in the regions of spacetime outside the Future and Past half-cones 
cannot be reached from the Here-Now except by world lines tilted more than 45° 





°! The “others” Feynman had in mind included, in particular, the eminent Swiss physicist Ernest 
C. G. Stikelberg (1905-1984), who in a 1942 article in the journal Helvetica Physica Acta also 
wrote of waves scattering backward in time. 
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Fig. 3.10 A light cone in spacetime 


away from the vertical. Such world lines, which represent travel at a speed faster 
than light, are called spacelike because their projections on a space axis is greater 
than their projections on the time axis. It is impossible for these world lines to 
connect causally linked events, and collectively they form the Elsewhere of the 
Here-Now. Notice that every point in spacetime has its own light cone. If A and B 
are causally linked, then if B is in the Future half-cone of A, then A is in the Past 
half-cone of B. 

The imagery of the light cone is often useful in making seemingly quite abstract 
ideas appear transparent. For example, can an observer predict his own future from 
perfect knowledge of his own past? The easy answer is “No, because quantum 
uncertainties prohibit perfect knowledge of even the present, much less the past.” 
But suppose we ignore quantum mechanics and limit our question to a universe that 
obeys only classical physics (which includes the special and general theories of 
relativity). Surprisingly (perhaps), the answer is sti// no. Having perfect knowledge 
of your own Past half-cone doesn’t include knowing the entire past, so if you 
attempt to predict your own future (say, 1 min from now), there can be influences in 
Elsewhere that will arrive in the future (say, 59 s from now) about which you 
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Fig. 3.11 World line of a At 
particle traveling backward 
in time from A to B 








presently, by definition, cannot have any knowledge. And without that knowledge, 
you cannot predict. As one writer amusingly concludes a tutorial on this topic, “the 
prospect of predicting the future looks pretty bleak.”°” 

A spacetime diagram does not always have to have future directed world lines. If 
a particle moves backward through time, assuming such a thing is possible, then the 
diagram can show this by having the world line double back on itself, as in Fig. 3.11 
(in which the world line curves back and comes arbitrarily close to itself: it is the 
world line of a particle that visits itself in the past). Note that the world line in 
Fig. 3.11 does not actually touch or cross itself, because that would represent more 
than just a visit—it would represent a particle occupying the same spatial location at 
the same time as its earlier self. That would be catastrophic and, because it did not 
happen it cannot happen. Since the arrowheads on the world line always point in the 
direction of the local future of the particle, if the ‘particle’ is actually human then 
increasing memories are formed in the direction of the arrows. The time traveler at 
B has more memories than he does at A, even though A and B are nearly identical 
points in spacetime. 

There is a problem with Fig. 3.11 that you may have caught. It is impossible to 
draw such a doubled-back world line in such a way that at all places it never tilts 
more than 45° from the vertical. That is, at least some portion of the world line will 
have 


dx 


E | a 
dt] 








which represents superluminal motion (we’ll return to this in Chap. 5). One way to 
keep a bent-back world line always subluminal is to arrange for the light cones 
along the world line to be tilted relative to each other, as shown in Fig. 3.12, which 





°°M. Hogarth, “Predicting the Future in Relativistic Spacetimes,” Studies in the History and 
Philosophy of Science, December 1993, pp. 721-739. 
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Fig. 3.12 Tilted light cones 
in a curved spacetime (the 
future halves are shaded) 








is possible only in a curved spacetime. This is an illustration of how general 
relativity locally obeys special relativity’s demand that nothing travels faster than 
light and yet, globally, in curved spacetime, things are not so simple. In flat 
spacetimes all light cones are always ‘aligned,’ but in curved spacetimes they 
(generally) are not, and from that can come time travel to the past.”* 

Tilted light cones is the physics behind backward time travel around a rotating 
Tipler cylinder, for example, a particular time machine we’ll discuss later in 
Chap. 5. Light cone tipping is, in fact, essential for time travel to the past. The 
mere presence of mass tips light cones (‘warps spacetime’), but the effect is 
unnoticeable in everyday life on Earth. A truly enormous mass density is required 
to tip nearby light cones over so that their Future halves noticeably open up toward 
the massive body. If the massive body is additionally set to rotating, then a further 
consequence of Einstein’s general theory is that the local light cones are tilted 
additionally in the direction of rotation. That is, the Future half-cones in spacetime 
open-up both toward the body and in the direction of the rotation. 

It should now be clear that the only way a world line can bend back on itself for a 
close encounter visit is for both x and ¢ to change. In other words, the world line of a 
particle that remains fixed in space and reverses just its time direction runs into 
itself. This is why the classic fictional time machine of H. G. Wells could not 
possibly work. A real time machine must move in space as well as through time, as 
does a Godelian rocket (or, for that matter, as does the DeLorean time car in the 
Back to the Future films). The idea of warping world lines, to support time travel to 
the past, entered science fiction at an early date. For example, when the inventor of 
the time machine in a 1930s tale** is asked about the principle underlying his 
gadget, he replies “An electro-magnetic warping of the spacetime continuum. 





3 What is meant by a spacetime being flat will be formalized when we get to spacetime metrics 
later in this section. The Minkowski spacetime of special relativity is a flat spacetime, has no tilted 
light cones, and as such does not support time travel to the past. 


AN, Schachner, “When the Future Dies,” Astounding Science Fiction, June 1939. 
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The machine, if it works, will slide around the world-line of events and reappear at 
any specified time and place.” 

Using the Lorentz transformation equations from the previous section, we can 
establish quite general relationships between events in the Future, Past, and Else- 
where regions of spacetime. For example, (1) All events in the Future/Past for the 
Here-Now observer are in the Future/Past for any other nearby, relatively moving 
observer; (2) Any event in Elsewhere can appear to be simultaneous with the Here- 
Now for some observer and not simultaneous for another observer; and (3) The 
temporal ordering (the relations of before and after) of causally related events is the 
same for all observers. This is not so for events that are not causally related; if two 
events have a spacelike separation, then two observers can disagree over the 
temporal ordering of the events. This is, in fact, the basis for the two-wormhole 
and the cosmic string time machines, both of which will be discussed in Chap. 6. All 
these statements are easy to prove. 

Consider, for example, statement (1). From the previous section we have (with 
c= 1) 

t— vx x — vt 


f = ———— and ¥ = —— 
v1l—v? = vl—yv 


where ¢ and x are the coordinates of some event A as measured by the observer in 
the stationary reference frame, and /’ is the time measured by the observer in the 
reference frame moving at speed v. Thus 





= [after a little algebra] x° — °°. 


For the stationary observer the criterion for an event to be in the Future half-cone 
is t>Ixl, that is,  >x°. Thus, x° — ? <0 for all Future events. But the foregoing 
result then says x? —t7 <0, too, which is the moving observer’s criterion for the 
event being in his Future half-cone. The same sort of argument shows that the two 
observers also agree on Past events. 

Next, suppose that two events A and B occur such that the stationary observer 
measures them to be AT = fg — t, apart in time. Then, we can establish statement 
(2) by writing 


(tz + AT) — VXB 


vl—vv 


¢, = ~— and 4 = 


and so 





Vv1l—Vv 
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From this we have AT =0 (that is, simultaneity) for the two events for the 
special observer moving at the speed 


AT 
y = ——_ 
Xp — XA 


and this speed is less than the speed of light for the condition xg — x4 > AT. This is, 
of course, the condition for event B to be in the Elsewhere of event A. In fact, we 
can even have AT’ <0 (with AT > 0) for v < 1 in this case of spacelike separation of 
A and B. That is, a stationary observer and a sublight-speed moving observer can 
disagree about the temporal ordering of events with spacelike separation. 

Similarly, for event B to be in the causal Future of event A, we have the 
condition xg — x4 < AT. Then, 


ap — 42 — Ve 4) J AT —vAT _ ay l-—v . 
Vv1l—v Vv1l—-v Vv1l—v 


Thus, AT > 0 says AT >0 forv< 1, and this establishes statement (3). 

If we were drawing diagrams with both axes representing space (a plot of 
y versus x, for example), we would normally define a distance metric for the 
diagram using our everyday ideas about distance. That is, we could say that if we 
make differential movements of dx and dy along the two coordinate axes, then the 
differential distance ds is given by 





(ds)? = (dx)? + (dy)? 


This is, of course, just the Pythagorean theorem for the ‘Euclidean’ or ‘as the 
crow flies’ distance function. But it is not the only possible distance function. A 
distance function has several interesting mathematical properties,”” but the one we 
are particularly interested in here is its invariance with respect to the coordinate 
system. For example, if we draw a line segment on a flat sheet of paper, the physical 
distance between its end-points does not depend on how we happen to select the x 
and y axes, a fact illustrated in Fig. 3.13 with the addition of a rotated and translated 
primed system. The coordinates for the endpoints A and B are obviously different in 
the two coordinate systems, but we still find that 


(dx)? + (dy)? = (dx’)” + (ay')’. 





°>Mathematicians have defined the general properties of a distance function as follows: if A and 
B are any two points, and if d(A, B) is the distance between A and B , then (1) d(A, B) = d(B, A); 
(2) d(A, B) = 0 if and only if A = B; and (3) if C is any third point, then d(A, B) < d(A, C)+ d(C, B). 
The Pythagorean distance function possesses all three of these properties, but so do many other 
functions (for example, ds = Idxl + Idyl). 
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Fig. 3.13 Rotated/translated coordinate systems 


We say that the Pythagorean distance function is invariant, that it is the same for 
all coordinates systems that are simply rotations and/or translations of each other. 
We know that different observers, if in relative motion in the same spacetime, 
will see different space and time coordinates for the same event. Thus, it is natural 
to ask ‘what is the metric for flat spacetime?’ Is there, in fact, a metric that gives the 


same distance between two events for all observers? We might try to generalize in 
the obvious way from the Pythagorean theorem, and write 


(ds)” = (dt)? + (dx)? + (dy)? + (dz 


where now all four dimensions are included. We would then ask ourselves whether 
it is true that 


(ds)? = (ds')? = (dt)? + (a'Y + (dy'P + (az)? 


For our simple two-dimensional spacetime, this question reduces to asking 
whether 


(dt)” + (dx)? = (df)” + (dx’)°? 

Using the Lorentz transformation equations from earlier, it is easy to discover 
that the answer is no. The ‘natural’ generalization of Pythagorean distance for flat, 
two-dimensional spacetime fails when four dimensions are included. So, what do 
we do now? Recalling the words of Professor Mundle from Some First Words (see 
note 23 there), we might wonder whether this difficulty could result from the fact 
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that there is no fourth direction along which the time axis can point at right angles to 
the three space directions? At least, there is no real direction—but perhaps there is 


an imaginary one. Accordingly, with = /—1, let’s try 
(ds)” = (idt)” + (dx)? + (dy)? + (dz)? = —(dt)” + (dx)? + (dy) + (az)’. 


Using imaginary time, something that seems to be in the realm of science fiction, 
has resulted in a change in the sign of (dt). 

This is a crucial change, however, because this new metric is invariant. For a 
reason to be explained in the next section, I will use the negative of this metric 
(a choice that has no impact on the invariance property) and so write 








(ds)" = (dt) — (dx)* — (dy)? — (dz)’. 
For our simplified two-dimensional spacetime this reduces to 
(ds)? = (dt)’ — (dx). 


As before, the Lorentz transformation equations (with c = 1) are 





If we then calculate dx and dt from these equations, using 


oe. oy ar. ar 
dx = d. dt, dt’ = —dx + —dt 
Sl ae 7 ae 





which are the fundamental relations for the total differential”° of a function of two 
variables, and insert the results into (dt _ (ax), we quickly discover the invari- 
ance property of this quantity (a result we actually found earlier, in a different way, 
when we showed that observers in relative motion agree about what events are in 
the Future and what events are in the Past). Thus, 


(dt) — (dx’)’ = (dt)? — (dx). 


This quantity, on either side of the equality, is called the spacetime interval 
between the two events separated in flat spacetime by either dt, dx, dy, and dz, or by 
dt, dx, dy, and dz. The observers in the unprimed and the primed systems see 
different individual space and time separations for two events, but they see the same 





©The 2 and £ symbols denote the partial derivatives with respect to x and ¢ (see any good calculus 
book to brush-up on this). The rest of this chapter wi// have some more math in it, involving 
derivatives and even an integral or two, but nothing beyond freshman calculus. I’ve included it 


mostly for those who would feel cheated without some math! 
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interval. A single time coordinate, and three space coordinates, are said to form a 
four-vector that is invariant under Lorentz transformation. There are, in addition, 
other four-vectors that are also invariant under Lorentz transformation, such as the 
energy-momentum, velocity, and force four-vectors; all these quantities have 
invariants that are formed the same way, by taking the difference of the squares 
of the time components and the sum of the squares of the space components. The 
intrusion of the square root of minus one, in the time coordinate of the metric, seems 
a pretty clear indication that time is different from space.” 

But still, the spatialization of time is nonetheless deeply embedded in Western 
culture. For example, when writing her popular 1978 book, drawing historical 
parallels between the fourteenth and twentieth centuries, Barbara Tuchman titled 
it A Distant Mirror, and not An Old Mirror. The mathematical mixing of space and 
time appeared quite early in science fiction, but often in comically mangled form. In 
one such tale, for example, as an evil scientist uses his time machine to transport 
captives into the past, he tells them, “We’ve got a longish journey before us, ten 
thousand years more, multiplied by the fourth power of two thousand miles.”°* 

In general relativity, the metric of any four-dimensional spacetime has the 
structure of what mathematicians call a symmetric quadratic Riemannian form: 


4 4 


(ds)” = SoS g;(ax) (dxj), 83 = Si 


i=l j=l 


where x; =, x2 =x, X3= y, and x4 =z, and the 16 g’s are all functions of these four 
variables. (Because of the symmetry condition, only 10 of the g’s are independent.) 
In this notation, a flat spacetime is mathematically characterized by g,,=1, 
822 = $33 = 844 = — 1, 9, =0 for all 1Aj. Now, for a given spacetime, one can 
arbitrarily choose an infinity of coordinate systems. If just one of this infinity of 
systems is such that the +1, 0 values for the g’s occur, then that spacetime is 
globally (that is, everywhere) flat. If no such coordinate system exists, then that 
spacetime is necessarily curved—I’ll give you a more intuitive view of curvature in 
just a bit. (If this notation is extended to a fifth dimension” by including the 
additional coordinate x5, then there are an additional eight off-diagonal g’s and so 








°*’Writing in 1972, one famous physicist said of his first encounter with the metric of special 
relativity (Minkowski spacetime), “Now, when I saw that minus sign [in —(dt)’], it produced a 
tremendous effect on me. I immediately saw that here was something new.” See P. A. M. Dirac, 
“Recollections of an Exciting Era,” in History of Twentieth Century Physics (C. Weiner, editor), 
Academic Press 1977. 

°8V. Rousseau, “The Atom Smasher,” Astounding Stories, May 1930. 


°° The fifth dimension was introduced in the 1920s by the German physicist Theodor Kaluza (1885- 
1954), but just what the nature of this fifth dimension might be remains a mystery. A few years 
after Kaluza, the Swedish physicist Oscar Klein (1894-1977) speculated that it might be a spatial 
dimension curled-up in a tiny circular path, so tiny that we don’t notice it; the issue remains open. 
The idea of a fifth dimension appeared early in pulp science fiction, as in the January 1931 tale 
“The Fifth-Dimension Catapult,” (Astounding) by Murray Leinster. 
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four new independent g’s. These are just sufficient to describe the electromagnetic 
field, too, along with the gravitational field described by the other ten g’s. That is 
what is meant by saying five-dimensional spacetime ‘unifies’ gravity with electro- 
magnetism.) There is a g55, too, which could be allowed to model a slowly varying 
gravitational constant, as suggested by Dirac in 1938. 

The g functions are the components of the so-called metric tensor of the second 
rank (see the last discussion question for more on what this means) of that 
spacetime. The g’s at each point in spacetime are related to the curvature of 
spacetime at that point, which in turn is dependent on the g’s and on the energy 
density at that point. In fact, the ten equations for the g’s, which are the famous 
Einstein gravitational partial differential field equations, are both nonlinear and 
coupled. That is, each g;; is in general a nonlinear function of all the other g;,, which 
accounts for the notorious difficulty °° in finding analytical solutions to the field 
equations except in certain highly special cases, such as the spacetime of spinning 
spheres and rotating infinite cylinders. 

What does it mean to ‘solve’ the field equations? It is useful to think of the 
equations schematically as follows: 

local geometry of spacetime « _ local density ,momentum and stress of the 
mass-energy of spacetime where the direction of the arrowhead means that the 
‘usual’ practice is to assume the right-hand side (the so-called stress-energy tensor) 
as given, and then attempt to calculate the left-hand side. If the attempted calcula- 
tion can be done, then one has solved the field equations for the spacetime geometry 
that is associated with the assumed mass-energy distribution. 

Suppose, however, that we reverse the direction of the arrowhead. That is, 
suppose we assume a desired geometry. That is what Einstein did when he assumed 
the geometry of a static (non-expanding) universe and solved for the required mass- 
energy. What he found was just what had been observed by astronomers up to that 
time—a multitude of ‘grains of matter’ (what physicists call dust) plus the infamous 
cosmological constant. The constant, with its repulsive gravity, was needed to 
counteract the ordinary gravitational attraction of the stars that tends to pull them 
together. The later discovery that the universe is not static, but rather is expanding, 
rendered Einstein’s solution moot. 

Now let’s go Einstein one better, and assume a spacetime geometry that contains 
closed timelike curves (a time machine, in other words) and then try to calculate the 
mass-energy distribution required by that spacetime. If that can be accomplished— 
and in fact the field equations themselves provide an algorithmic means of solution 
in this direction—then the physicist’s work is done. The required mass-energy 
distribution requirements are put out to bid to ‘spacetime engineers’ and the lowest 
bidder ‘simply’ constructs that mass-energy distribution and so builds us our time 
machine! When the calculations are done, however, what has happened without 





10 An elementary, quite interesting discussion of the enormous computational complexity of the 
field equations is presented in Richard Pavelle and Paul S. Wang, “MACSYMA from F to G,” 
Journal of Symbolic Computation, March 1985, pp. 69-100. 
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fail, at least up to now, is that the resulting mass-energy distribution comes out with 
an ‘unphysical’ nature, a technical way of saying our spacetime engineer wouldn’t 
know how to assemble the required mass-energy distribution. What is meant by 
‘unphysical’ will be explored, in the particular case of wormhole time machines, in 
Chap. 6. 

The 16 g’s for a four dimensional spacetime are often written in the form of a 
4 x 4 matrix. In fact, the metric tensor is of the second rank precisely because a 
matrix has a two-dimensional form; scalars and vectors, which have forms of zero 
and one dimension, are tensors of rank zero and one, respectively. The collection of 
the algebraic signs of the main diagonal terms (the g;;) is called the signature of the 
metric tensor. The signature of flat (Minkowski) spacetime is thus written as 
[+, —, —,—]; in more general (curved) spacetimes, this same signature is called 
Lorentzian. By contrast, the signature of a four-dimensional Euclidean space is [+, 
+,+,+]. This signature is called Riemannian. The geometry of flat, Minkowski 
spacetime is not Euclidean geometry because the spacetime signature of its metric 
has both plus and minus signs. As an uncurved spacetime, Minkowski spacetime 
has no gravity; to get gravity, we need a curved spacetime. 

The idea of linking the curvature of a four-dimensional space to physical 
phenomena is the signature feature of general relativity, but it actually pre-dates 
Einstein by decades. It can be found, for example, in the work of the British 
mathematician William Kingdon Clifford (1845-1879), done in the 1860s and 
1870s before Einstein’s birth (in the year of Clifford’s death). In his posthumously 
published book The Common Sense of the Exact Sciences (1885), Clifford wrote 
“We may conceive our space to have everywhere a nearly uniform curvature, but 
that slight variations of the curvature may occur from point to point and themselves 
vary with time. These variations of the curvature with time may produce effects 
which we not unnaturally attribute to physical causes independent of the curvature 
of our space. We may even go so far as to assign to this variation of the curvature 
what really happens in that phenomenon which we term the motion of matter.” It 
isn’t a long jump from “motion of matter” to gravity!'°! 

Not everyone enthusiastically embraced this new, radical view of nature. For 
example, the great Scottish mathematical physicist James Clerk Maxwell 
(1831-1879), of Maxwell’s equations fame, who knew Clifford through their 
common membership in the London Mathematical Society, summarily dismissed 
this part of Clifford’s work as simply the speculations of a “space crumbler.” 
Decades later, Einstein faced the same rejection when the eminent British 





101C]ifford almost surely found inspiration in this part of his work from the even earlier efforts of 
the German mathematician Bernhard Riemann (1826-1866). See, for example, Clifford’s transla- 
tion of Riemann’s famous 1854 lecture “On the Hypotheses Which Lie at the Bases of Geometry,” 
Nature, May 1, 1873, pp. 14-17, and continued in the next issue (May 8, 1873, pp. 36-37). 
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astronomer Sir James Jeans declared “Einstein’s crumbling of his four-dimensional 
space may ... be considered to be... fictitious.” '°? 

Spacetime geometries are not easy concepts to grasp, and the metrics of curved 
spacetimes are even more complicated than is the metric of the flat spacetime of 
Minkowski’s special relativity. As one paper so aptly put it, “Experience has taught 
us that the space in which we live has a geometry that is three-dimensional and 
Euclidean ... We are very much at home with [that] geometry .. . But the geometric 
properties of a Minkowskian space are so alien to us that we may well despair of 
visualizing them, and a Riemannian [curved] space ... seems totally beyond 
comprehension.”!? 

An important feature of Riemannian geometry is that although it is generally not 
globally flat, it is always locally flat. Thus any sufficiently small region in a curved 
Riemannian spacetime can be approximated, with arbitrarily small error, by a flat 
pseudo-Euclidean Minkowskian spacetime. That is, at each point in Riemannian 
spacetime, there is some particular inertial frame of reference in which special 
relativity is all there is to spacetime physics at that point. The particular inertial 
frame required is different, however, from point to point. 

In a coordinate system different from rectangular, the flat Minkowskian metric 
can appear radically altered, but that is just an artifact of the mathematics and has no 
physical significance. For example, in spherical coordinates the Minkowskian 
metric becomes the equivalent 


(ds)? = (dt)* — (dr)* — (rd0)* — (rsin(0)dg)* 





where @ is the azimuthal angle and @ is the angle measured from the polar axis. A 
related metric occurs in the theory of spherically symmetric, static (no time vari- 
ation) time machine wormholes (discussed in Chap. 6), of the form 





(as)? = (ear) (ay (rd0)? — (rsin(0)dp)? 


where a(r) is called the redshift function and b(r) is called the shape factor. These 
two functions are nearly arbitrary, subject only to the constraints that both b(7)/r and 
a(r) vanish as r goes to infinity (7 is the radial distance from the throat of the 
wormhole mouth). Indeed, as 7 increases, this curved wormhole spacetime metric 





'©2.Quoted in P. Kerszberg, “The Relativity of Rotation in the Early Foundations of General 


Relativity,” Studies in History and Philosophy of Science, March 1987, pp. 53-79. 
103R  W. Brehme and W. E. Moore, “Gravitational and Two-Dimensional Curved Surfaces,” 
American Journal of Physics, July 1969, pp. 683-692. 
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Fig. 3.14 The curvature of a space can be revealed by the process of parallel transport 


reduces to that of flat Minkowskian spacetime, so this wormhole spacetime is said 
to be asymptotically fia” 

An intuitive appreciation of ‘flatness’ can be realized in terms of what is called 
the parallel transport of a vector around a closed path. In a curved space the vector 
will experience a rotation, which will not occur in a flat space. Two examples of 
parallel transport in ordinary three-dimensional space are shown in Fig. 3.14. The 
spherical surface on the left is curved because if you slide the vector from N to A to 
B and then back to N, all the while keeping it parallel to its immediately previous 
orientation, then when it gets back to N the vector will point to B, not toward A as it 
initially did. A similar trip on the cylindrical surface, however, results in zero 
rotation of the vector. Thus, the cylindrical surface, despite superficial appearances, 
is not curved. 

Using the idea of the metric tensor, we can develop a more formal demonstration 
that the surface of a sphere, unlike like that of a cylinder, is not flat. On the surface 
of a sphere of radius a (on the surface r = a everywhere, and so dr = 0), the measure 
of the distance between two points (in spherical coordinates) ise 


(ds)* = a’sin?(0)(dp) + a*(d0)’. 


Writing x; = @ and x. =8@ yields the more general form 





'04For wormhole spacetimes that are not asymptotically flat, see (for example) K. Narahara, et al., 
“Traversable Wormhole in the Expanding Universe,” Physics Letters B, September 29, 1994, 
pp. 319-323. 

'05Note carefully that this is a purely spatial problem, with no time, and we are taking all of the 
metric coefficients as positive (unlike in the case of a spacetime metric). 
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(ds)” = gu(dx1)” + 8in(dexi)(dx2) + gai (dx2) (dx1) + 829 (dx2)” 


or, using the symmetry condition g)2 = g2;, we have 
(ds)” = gi(dx1)” + 2812(dx1)(dx2) + 820(dx2)°. 


From this we immediately have g,; = a’sin-(0), &n= a’, and 212 = 82; = 0. 

Now, suppose we ask whether it is possible to find some new coordinate system 
(with variables x and x) in which the invariant (ds) is given by the flat Euclidean 
metric (dx))° + (dx,)’. In such a coordinate system (if it exists) we would have the 
‘flatness conditions’ of gi, = 95, =1 and gi, = g4, =0. With such a change of 
coordinates, each of our original =, 8 coordinates would generally be a function of 
both of the new coordinates—that is, ¢ = $(x,,x%4) and @ = 0(x/,24). Thus, 
writing the total differential of a function of two variables (see note 96 again), we have 


ct op 
dp = on Me gee 
do = m,, nee 


/ 1 J 
Ox; Ox, 


Substituting these expressions into the above expression for (ds)* on the surface 


of a sphere, and collecting terms, we arrive at 
2 ; 3 : 00 1\2 : 3 . ’ 1\2 
(ds)” =a’ |sin?(6) (3) + (=) (dx) + |sin?(@) (2) + (22) (dx) 


: 0d 0b 00 00 : 

2 

+2 sin (0) Bx xs OX, OX cl (ax,)(axs) | 
1 1\2 1 1 1\2 

= 81 (dx,) + 2eia(de,) (de) + 859(dxy) 




















We can now immediately write down each of the g and, if we demand that they 
satisfy the ‘flatness conditions,’ then we have the following three statements: 


0¢\”  (d0\? 1 
2 — 
sta(st) +(az) =z 
00\* 1 
: Ox}, ~ @ 


sin?(0 9) 2¢ oF, 00 00 
Ox, Ox, Ox), Ox, 














=0. 


For a globally flat surface, that is, a surface that is flat everywhere, these three 
statements must hold in particular at the poles of the sphere. That is, at@=0 
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and at @= 180. At both of these points sin(@)=0, and so at the poles the three 


statements reduce to 
d0\* 1 
Ox,) @ 


d0\* 1 

ox,) a 
00 00 
i ics) 

But the third statement is incompatible with the first two and, because of that 

incompatibility, there is no primed coordinate system in which the g coefficients in 

the metric are those of a globally flat metric. Thus, unlike the surface of a cylinder, 


the surface of a sphere is not flat but rather is curved. This almost surely comes as no 
surprise to you, but now you can prove it! 


3.6 Proper Time and the Twin Paradox in Time Travel 
to the Future 


“[The] equations of duo-quadrant lineations [have] been substantiated ... Our 
fourth-angle deviation from the six conceivable electronic dimensions did the 
trick all right. I went forward in Time?” 

The spacetime interval of the previous section has an important interpretation 
that leads to one of the more dazzling results of special relativity—time travel into 
the future. First, recall the flat spacetime metric 





(ds)* = (dt)” — (dx) — (dy)” — (dz) 


in which the use of unprimed variables indicates that the measurements on the space 
and time coordinates of a moving particle are made with respect to a stationary 
observer’s frame of reference. Now, suppose that the space and time coordinates of 
a moving particle are made with respect to the particle instead. Then, using primed 
variables for measurements made in this new frame of reference, dx =dy =dz 
=0 because the particle is always at the origin (by definition)! Recalling the 
invariance of the spacetime interval for all observers, we conclude that 





106 science fiction scientist babbles incoherent nonsense, not special relativity, about how to 
travel into the future, in a story by J. H. Haggard, “He Who Masters Time,” Thrilling Wonder 
Stories, February 1937. 
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(ds')” = (ds)? = (dt). 


That is, the spacetime interval between two events is the time lapse measured by 
a clock attached to a particle that moves from one event to the other. This time is 
called proper time, which gets its name from the idea that it belongs to (is the 
property of) the moving particle. This is the technical reason for taking (as we did in 
the previous section) (ds)” = (dt)? — (dx)* rather than (ds)? = (dx)* — (dt). The first 
choice avoids the somewhat awkward result of an imaginary proper time. 

Next, we’ll adopt what has come to be called the clock hypothesis, which states 
that an accelerated clock runs at the same instantaneous rate as an unaccelerated 
clock that is moving alongside at the instantaneously same speed. As we showed 
earlier (take a look back at Sect. 3.3), if the accelerated clock’s instantaneous speed 
is v, then its rate of time keeping (dt) is related to that of the ‘stationary’ 
(unaccelerated) clock (dt) as 


2 
Slt = (*) dt 
‘ 


where c is the speed of light. The clock hypothesis is generally assumed to be true. 
Einstein, himself, in his famous 1905 special relativity paper, specifically took the 
rate of a clock’s timekeeping to be velocity-dependent only. When asked during an 
interview decades later whether it is permissible to use special relativity in situa- 
tions involving acceleration, Einstein replied “Oh, yes, that is all right as long as 
gravity does not enter; in all other cases, special relativity is applicable. Although, 
perhaps the general theory approach might be better, it is not necessary.”"”” 

The clock hypothesis has long had experimental verification. For example, in 
one experiment the time keeping of accelerated atomic clocks was determined to be 
given precisely by the time dilation formula of special relativity, even when their 
direct mechanical acceleration (the centripetal acceleration produced by a rapidly 
spinning disk) exceeded 66,000 gees! 108 And even more impressive are the time 
dilation results of a later experiment in which the time keeping of near light-speed 
charged particles, orbiting in a magnetic field, was in excellent agreement with the 
time dilation formula, even as accelerations well in excess of 10'° gees were 
reached! !° 

The total elapsed time between two events A and B, as measured by the proper 
time of an accelerated clock making the journey, is, therefore, given by 





'07R. §. Shankland, “Conversations with Albert Einstein,” American Journal of Physics, January 
1963, pp. 47-57. 

'08H, J. Hay, et al., “Measurement of the Red Shift in an Accelerated System Using the Méssbauer 
Effect in Fe?’,” Physical Review Letters, February 15, 1960, pp. 165-166. 

109]. Bailey, et al., “Measurements of Relativistic Time Dilation for Positive and Negative Muons 
in a Circular Orbit,” Nature, July 29, 1977, pp. 301-305. 
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Fig. 3.15 World lines of two clocks (one accelerated and one unaccelerated) 


/ / . v\? is 
f= |]a= 1-(2) dt <tp—taifv £0 
t4 


where fg — t, is the elapsed time between A and B as measured by the unaccelerated 
clock. The inequality results because, for v 40, the integrand is always less than 
1. Now, we know that in a spacetime diagram the world line of the unaccelerated 
clock is a straight line, whereas the world line of the accelerated clock is a curved 
line. Thus, using Fig. 3.15, combined with the inequality t <tg—ts, we have the 
following central result: the world line of maximum proper time is the one that looks 
the shortest, that is, the straight (or free-falling geodesic) world line. In the 
spacetime diagram the curved line looks longer, but in fact any curved line will 
have a smaller proper time than does the straight world line. This is a dramatic 
example of how Minkowskian spacetime geometry differs from Euclidean space 
geometry; in the latter geometry, there is no longest path between two points. 
From this, we can now understand the famous paradox of the twins, Bob and 
Bill. Bill remains on Earth, but Bob gets into a rocket ship and goes on a high speed 
trip out into space. Eventually he brings his ship to a stop, turns around, and returns 
to Earth. The world lines of Bob and Bill are initially together, then they diverge as 
Bob goes on his trip, and then they come together again at the end of Bob’s trip, as 
shown in Fig. 3.16. The details of Bob’s trip are not important for a general 
statement of the paradox (although in just a bit I will present the details for one 
possible trip). All we need observe for now is that Bill’s world line from A to B is 
straight, whereas Bob’s is curved. Bill’s body (that is, his local clock) will therefore 
measure a greater proper time than will Bob’s; that is, Bob will be younger than his 
stay-at-home twin! Equivalently, upon his return Bob will hear his Earthbound 
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Bob 











Fig. 3.16 World lines of unaccelerated (Bill) and accelerated (Bob) twins 


brother declare the date to be further in the future than Bob’s trip lasted (according 
to Bob). Bob will therefore conclude that he has traveled into the future.''° 

This situation is called a paradox, not because of the time travel aspect (there are 
no logical paradoxes associated with travel into the future), but rather because it 
seems to violate the very spirit of special relativity. That is, from Bill’s point of 
view, Bob at first travels away and then returns. But one can argue that from Bob’s 
point of view it is Bill who first recedes and then returns. So why is it Bob who is the 
younger, and not Bill? Long after Einstein’s 1905 publication of special relativity, 
this point remained a great puzzle for many. For example, in the 1923 Presidential 
Address to the Eastern Division of the American Philosophical Association, we 
read this very objection to the twin paradox. The conclusion by the speaker is that 
such a thing “could happen only in a universe in which all squares were round and 
the principio contradiction had been put to sleep.”''! 

So, what’s the answer, why is it Bob who is the younger of the twins? The classic 
physics answer is that the two points of view are actually not symmetrical, that there 
is a definite asymmetry between Bill and Bob. After all, it is Bob who feels the 
acceleration from the rocket’s engines as he blasts off from Earth—it is Bob, not 





The twin paradox is hinted at in Einstein’s 1905 paper, but it is in a 1911 address to the 
International Congress of Philosophy in Bologna, by the French physicist Paul Langevin (1872- 
1946), that a human space traveler is first introduced (in a cannonball moving at near light-speed, 
an idea motivated by Langevin’s reading of Jules Verne’s 1872 novel From the Earth to the 
Moon). The writer Pierre Boulle proudly mentioned this contribution by his fellow Frenchman in 
the time travel story “Time Out of Mind” (you can find it in Boulle’s collection Time Out of Mind, 
Vanguard Press 1966). 

Mw p, Montague, “The Einstein Theory and a Possible Alternative,” The Philosophical Review, 
March 1924, pp. 143-170. 
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Bill, who feels force—whereas Bill feels nothing unusual as he remains on Earth. 
The more fundamental physics answer, however, is that Bob’s world line in 
spacetime is curved, whereas Bill’s is straight. 

In an open, spatially unbounded, flat spacetime, curved is indeed synonymous 
with accelerated, but this need not be so in a closed, flat spacetime. In an open, flat 
spacetime, the only way two world lines can diverge in the past and then meet again 
in the future is for at least one of them to curve, but in a closed but still flat 
spacetime, it is possible for two straight world lines to meet more than once. For 
example, Fig. 3.17 shows a simple two-dimensional spacetime that is the surface of 
a cylinder (which you’ll recall we argued earlier is flat), rather than an infinite flat 
plane. The two world lines in that figure are both straight: to visualize this, imagine 
cutting the cylinder open along the (vertical) time dimension, and then flattening it 
out. Bob’s world line, however, looks longer in the spacetime diagram, so Bob’s 
proper time will be less than Bill’s when they meet again, even though now neither 
of them has experienced any acceleration.''* This is simply an interesting mathe- 
matical exercise, however, and as far as is known the spacetime we live in is not 
cylindrical and so Bob’s trip into the future will require an accelerating 
rocketship.' ss 

If we specify the details of Bob’s trip, we can then precisely calculate the 
difference in elapsed time for the twins. In an analysis that dates back to 1962, 
the German astrophysicist Sebastian von Hoerner (1919-2003) did that for the 
following trip''*: To begin, Bob gets into his rocket ship at time t= t =0 (tis time 
measured on Earth by Bill, and t is time measured by Bob in his rocket). The Bill 
and Bob synchronize their clocks at the instant of departure. Bob’s trip is to be made 
in comfort, and so his rocket accelerates at a constant rate (a one gee acceleration, 
for example, would be equivalent to Earth’s gravity, and Bob would feel right at 
home). This is of practical importance, obviously, because we do not want the 
experienced acceleration to be incompatible with the physical survival of Bob. Bob 





'2See C. H. Brans and D. R. Stewart, “Unaccelerated-Returning Twin Paradox in Flat Space- 
Time,” Physical Review D, September 15, 1973, pp. 1662-1666. For a similar treatment, this time 
by a mathematician, see Jeffrey R. Weeks, “The Twin Paradox in a Closed Universe,” American 
Mathematical Monthly, August-September 2001, pp. 585-589. 


'3Tn Chapter 6 we'll discuss the idea of traveling into the past by moving faster than light 
(superluminal motion). A treatment of such travel, in Bob’s cylindrical spacetime, is by S. K. 
Blau, “Would a Topology Change Allow Ms. Bright to Travel Backward in Time?” American 
Journal of Physics, March 1998, pp. 179-185, which answers that question in its last line: “Ms. 
Bright cannot [return] ‘the previous night’ and alter history,” a conclusion that no doubt met with 
Hawking’s approval. The ‘Ms. Bright’ in the title is the heroine of a 1923 limerick that you can find 
quoted in the first For Further Discussion of Chapter 6. 

"Originally appearing in the journal Science, under the title of “The General Limits of Space 
Travel,” von Hoerner’s analysis was reprinted in the classic anthology Interstellar Communication 
(A. G. W. Cameron, editor), W. A. Benjamin 1963. The arithmetic was, alas, just a bit sloppy (the 
final formulas, fortunately, are correct), and many of von Hoerner’s numerical evaluations are 
incorrect. Later, the British mathematician Leslie Marder cleaned-up the analysis in his beautiful 
little book on the twin paradox, Time and the Space-Traveler, George Allen & Unwin, Ltd. 1971. 
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twin paradox in a 
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travels this way for a time interval of T (as measured by Bill on Earth) and ‘il 
(as measured by Bob in his rocket). At that time the rocket is traveling at its 
maximum speed. Bob then turns off the rearward engine and turns on a forward- 
mounted engine so as to experience a constant deceleration. Floor and ceiling 
interchange, but Bob always weighs the same. If he does this for the same time 
interval T (as measured by Bill on Earth) and T (as measured by Bob) as for the 
initial acceleration phase of the trip, the rocket will be brought to rest with respect to 
Earth. At that time, 27 (as measured by Bill on Earth) and a7 (as measured by Bob), 
the rocket is at its maximum distance from Earth. Bob then returns to Earth, using 
the same acceleration/deceleration process, and Bob arrives back home, gently, 
with a final speed of zero with respect to Earth (ignoring, of course, all the 
navigational problems due to the motion of Earth during the trip). 
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Assuming the clock hypothesis is true (not all physicists believe this,'!* but 
remember, we have Einstein! '° on our side with this!), the result is that if a is the 
constant acceleration of the rocket (as experienced by Bob), and c is the speed of 
light, then the relationship between the total roundtrip time as measured by Bill 
(4T) and as measured by Bob (47), is given by 


C.. fa 
T =-—sinh (=r’). 
a c 


The difference in what each twin believes to be the date can, in fact, be truly 
astonishing. For example, if a= 1 gee and Bob travels (by his clock) for 4T =20 
years, then 47 = 339 years.''’ Of course, there will actually be no disagreement 
between Bill and Bob over the date upon Bob’s return because Bill will be long 
dead! 

Is it likely that such a time trip! '8 will someday be made into the future? It’s just 
my opinion, but I suspect not. Bob will be traveling at virtually the speed of light at 
maximum speed (0.9993 c, to be precise, at which point he will be 84 light-years 
from Earth), and to zip through space at such a speed would result in a very high 
rate of collision with stray hydrogen atoms (about one per cubic centimeter). The 
result of those energetic collisions would be the intense blasting of Bob with a lethal 
dose of gamma radiation. And, as von Hoerner showed in his original analysis (note 
114), the energy required by Bob’s rocket would be simply mind-boggling. 

Professor Schild (see note 116), on the other hand, seems to have been less 
bothered by such considerations when he wrote, at the beginning of a prose 
discussion of the twin paradox, “I have no doubt that if our technology should 
ever advance to the stage where large-scale twin effects become noticeable with our 
unaided senses, then [people] will have no difficulty in adjusting their concepts of 
time until the new phenomena see quite natural.” - 

I'll end this chapter on time with the observation that it is the distinction between 
the proper time of Bob on a rocket ship, and the time of those who are not fellow 





"'5Consider, for example, this remark by 1965 Nobel physics laureate Julian Schwinger (1918- 
1994) about the twin paradox in his 1986 book Einstein’s Legacy: “The observer on the spaceship 
... 1S not in uniform, unaccelerated motion ... The special theory of relativity does not apply to 
such an accelerated observer.” Schwinger was wrong in this conclusion (see the next note). 
"16 As a physicist wrote on this point after Einstein’s death, “A good many physicists believe that 
[the twin] paradox can only be resolved by the general theory of relativity. ... However, they are 
quite wrong. The twin effect ... is one of special relativity.” See A. Schild, “The Clock Paradox in 
Relativity Theory,” American Mathematical Monthly, January 1959, pp. 1-18. Alfred Schild 
(1921-1977) was professor of physics at the University of Texas, and a recognized expert in the 
general theory. 

7Ty using the T, T formula, one has to be careful to use MKS units, that is, length and time 
measured in meters and seconds, respectively. Thus, a=1 gee = 9.81 meters/second” and 
c= 186,210 miles/second = 2.997 x 10° meters/second. 

'8For a science fiction use of such a trip, see Robert Heinlein’s 1956 novel Time for the Stars. 


a Schild, “Time,” Texas Quarterly, Autumn 1960, pp. 42-62. 
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space travelers, that eliminates the occasional suggestion of simply freezing one’s 
way via suspended animation to the future (as in the 1992 film Forever Young). 
That is, suppose you manage to talk a friend into climbing into a freezer (please 
don’t actually try this!); at the moment he gets in, his wrist watch agrees with yours 
(both are powered and maintained at a constant temperature by 100-year nuclear 
batteries). Years later, when you thaw your friend out, you’ll find that your watches 
still agree. But when Bob returns from his rocket trip, his watch will not agree with 
yours, but instead will be far behind. Bob is a true time traveler, but your frozen/ 
thawed friend is not.'*° 

A provocative illustration of the distinction between the proper time of a time 
traveler and of those who are not time travelers was given by a philosopher.'*' He 
begins his analysis by asking what appears to be a question with an obvious answer. 
Suppose, he says, it is [2018] and you suddenly wake up in a hospital and are told 
that you have been in a coma for the past 2 weeks. You are also told that you were in 
an auto accident 2 weeks ago, that you suffered temporary neural damage, and that 
the eventual reversal of such damage always, at some time within 4 weeks after the 
damage occurs, causes a day of excruciating pain if you are conscious at the time. 
Would you prefer for the day of damage reversal to be in the past 2 weeks (when 
you were in the coma) or in the next 2 weeks? The answer seems clear. After all, if 
the day that damage reversal occurs has already happened, then you simply slept 
through it and missed the pain. To prefer the day of pain to be in the future (when 
you will be awake) seems absurd. Now, let’s add time travel to the equation. 

All is as before, but now you immediately leave the hospital upon regaining 
consciousness to take a trip back to 1892, where you will stay for 2 weeks. Again, it 
seems clear that you would prefer to have had the day of pain in the past 2 weeks 
(in 2018), not in the next 2 weeks (in 1892). Note that the next is a reference to your 
proper time, because whereas 1892 is the global past, it is your personal future. 
Thus, now your preference would be to have the day of pain in the recent personal 
past of 2018, not the distant global past of 1892. Now, let’s put another time travel 
twist to this story. 

All is as before in the original tale, except now you are told in the hospital that 
the auto accident happened just after you made a time trip to 2092: as you walked 
out of your time machine in 2092, you were hit by a car. The 2 weeks you were in a 
coma were in 2092, before you were judged fit enough (although still unconscious) 
to make the time journey back to 2018. When would you now prefer to have the day 
of pain? Clearly, as always, in your personal past, which is now the global future. 

Time is different for those who time travel and those who don’t! 





120Tn his 1956 novel The Door Into Summer, the always ingenious Robert Heinlein used both ideas, 
with the cold-storage method of reaching the future combined with a true time machine to allow 
his hero to return to his ‘present’ (the future’s past). 


PIA Gallois, “Asymmetry in Attitudes About the Nature of Time,” Philosophical Studies, 
October 1994, pp. 51-59. 
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3.7. For Further Discussion 


An interesting theological analysis of Feynman’s idea of an electron travel- 
ing backward in time, expressed as thinking of the electron as being in ‘one of 
God’s films played in reverse,’ is given by J. W. Smith, “Time Travel and 
Backward Causation,” Cogito 1985, pp. 57-67. Wondering what it would be 
like for an electron to travel backwards in time, Smith’s answer was: “Con- 
sider an electron e;. At time fo it is at (Xo, yo, Zo). At time fy it is at (x1, y;, 21). If 
the direction of time for the electron was reversed, then the electron would be 
observed on the ‘film of the world’ to travel back along the same path as it did 
before, i.e., back to (Xo, Yo, Zo). If God stopped the ‘film of the world’ and 
examined the charge of e,, then He would find that it was negative, not 
positive. Hence the electron traveling backwards in time is simply that: an 
electron traveling backwards in time, it is not a positron. Time reversal does 
not result in a reversal of charge. Thus, the Stickelberg-Feynman position is 
incorrect ....” Discuss this in terms of the TCP theorem. Is there a conflict? 
When God stops the “film of the world,’ does the electron even have an arrow 
of time? 


All the modern, major religions of the world are in agreement on these two 
points: (1) God created the universe and (2) At some time in the past, the 
universe came into existence. This does raise the question of what was God 
doing before He created the universe (see note 7 in the Introduction). In his 
Confessions, Saint Augustine comments on the conundrum that (1) and 
(2) are possibly in conflict. After all, if God created the universe then, 
given any time f in the finite past, He must have been doing something before 
time t, which means that for any time ¢ in the finite past the universe already 
existed. Thus, the universe had no instant of creation in the finite past and so 
had no first moment of existence—which implies (2) is false. However, like 
any good philosopher of religion, Augustine not only provided this theolog- 
ical puzzle, but also a way to wiggle free of it. His suggested counter is the 
assertion that time is itse/fa creation of God, that is, He made time as part of 
creating the universe. Thus, there was no time before He created the universe, 
and so the very question of ‘what was He doing before He made the universe’ 
has no meaning. What do you think of Augustine’s two arguments? 


182 3 The Physics of Time Travel: Part I 


The Australian philosopher J. J. C. Smart (1920-2012) invoked five dimen- 
sional spacetime in a way very different from that of including an ‘eternity’ 
axis for God’s temporal time (see note 33 in “Some First Words”). What 
Smart argued for, instead, was multiple four-dimensional worlds existing 
together without conflict, just as an infinity of two-dimensional worlds can 
exist without conflict in a three dimensional space. As he wrote, “The reason 
why there could be two totally disparate space-times is simply the quite 
obvious one that two totally disparate four-dimensional spaces can exist 
within a suitable five-dimensional space. There is no difficulty in mathemat- 
ical inconceivability here. Now let one of these four-spaces be our own space- 
time world, and let the other four-space be more or less similar, in accordance 
with whatever story you wish to tell about it.” This idea had, in fact, been 
around long before Smart’s 1967 paper. In his 1898 Presidential Address to 
the American Mathematical Society, for example, Simon Newcomb declared 
“Add a fourth dimension of space, and there is room for an indefinite number 
of Universes, all alongside of each other, as there is for an indefinite number 
of sheets of paper when we pile them upon each other.” Newcomb’s idea 
appealed to H. G. Wells’ fancy so much that he built two novels, The 
Wonderful Visit and Men Like Gods, around it. In the first novel there is 
explicit mention of multiple worlds “lying somewhere close together, 
unsuspecting, as near as page to page in a book,” and the second one speaks 
of one parallel universe being rotated into another. John Cramer (a University 
of Washington physicist) repeated Newcomb’s and Wells’ parallel universes/ 
pages-of-a-book/rotation imagery almost word for word in his 1991 novel 
Twistor. 

Read these three novels, and then discuss. In particular, is Wells consistent in 
his presentations (as a novelist there is, of course, no reason he should be!)? 


Imagine the following two events, A and B, in Minkowski spacetime: A is 
the emission of a photon, and B is the absorption of that photon. What is the 
spacetime interval between A and B? It might seem that we need to know 
more about the precise spatial and temporal coordinates of A and B, but in 
fact the interval is always zero for any two events connected by light 
(by photons). To see this, write the flat Minkowski metric as 


esa! 
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and so, since (dx/dt)’ =1 (because photons—by definition!—travel at the 
speed of light) we have (ds)° =0. The world line of any photon has what is 
called a null interval, as do all world lines on the surface of a light cone. 
Timelike world lines (in the interior of light cones, with (dx/dt)” <1) have 
positive intervals, that is, (ds)? > 0. Spacelike world lines (in the exterior of 
light cones, in Elsewhere, with (dx/dt)* > 1) have negative intervals, that is, 
(ds)” <0. This is one of the significant differences between distances in space 
(which are never negative) and intervals in spacetime. The American chemist 
G. N. Lewis (1875—1946)—see note 60 in Chap. 2—constructed a romantic 
illustration of this when he wrote “Any pair of points [in spacetime] which are 
separated by zero distance [interval] are in virtual contact. In other words, I 
may say that my eye touches a star, not in the same sense as when I say that 
my hand touches a pen, but in an equally physical sense.” (See Lewis’ paper 
“Light Waves and Light Corpuscles,” Nature, February 13, 1926, 
pp. 236-238; Lewis was the originator of the term photon for a particle of 
light.) To understand what Lewis was getting at, you must understand that in 
spacetime we can have the interval between A and B as zero, and the interval 
between B and C as zero, but the interval between A and C may not be zero. 
To convince yourself of this, suppose the Minkowski spacetime coordinates 
(x, t) of A, B, and C are (1,3), (2,2) and (1,1), respectively. Show that (dsac)” 
= 4, while (dsp) — (dspc) = 0. (Hint: draw a diagram of this spacetime and 
simply plug the coordinates of A, B, and C into the metric.) 


The use of the time dilation effect of high-speed space travel was used by 
science fiction writer Donald Wandrei (1908-1987) in his tale “A Race 
Through Time,” Astounding Stories, October 1933. Initially set in 1950, 
this is the story of two scientists, one evil (of course!) and the other good 
(of course!), who develop quite different methods for travel into future times. 
The evil one does it with a drug that slows the metabolic processes of the 
body, while the good one builds an atomic-powered rocket in his home 
workshop! The evil scientist kidnaps the good one’s girlfriend, seals the 
two of them inside a crystal dome, and then injects her and himself with his 
drug. He has arranged matters so that they will emerge from the dome in the 
year one million A.D. Learning what has happened, the good scientist rushes 
to the dome finds he can’t break in, but sees an indicator dial pointing at 
1,000,000. (The evil scientist has conveniently provided the dial, as well as 
having made the dome transparent, much as modern-day movie criminals 
always include a count-down clock with glowing red digits on their bombs so 
the hero always knows just how much time is left to disarm the bomb.) 


(continued) 
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Returning to his rocket, the good scientist decides that he, too, will travel into 
the far future using time dilation. So, off he goes, on a trip like Bob’s in Sect. 
3.6. The story ends with an ironic twist—the good scientist thought the 
“1,000,000” he saw through the dome meant one million years in the future 
beyond 1950, and so he arrives back on Earth nearly 2000 years after his 
girlfriend and the evil scientist emerged from the dome. (They are, of course, 
long dead when the good scientist returns.) 

On the outward leg of the good scientist’s rocket flight we read of his 
“frightful speed — now thousands of light years per Earth second.” Discuss 
this in terms of relativity theory. That is, does the rocket actually travel 
thousands of light years in one second of elapsed time back on Earth? 


The American physicist Robert Forward (1932-2002) was, in addition to 
being an expert in general relativity, also a quite inventive science fiction 
writer. In his short story “Twin Paradox” (Analog Science Fiction, August 
1983), for example, he used biology to give a surprising, ironic twist to the 
classic physics puzzle. The story flips the asymmetric aging of the twins by 
imagining that, just after the traveling twin’s departure, the secret of immor- 
tality is discovered. The treatment has to be administered no later than at a 
certain age, however, and upon his return to Earth the traveling twin is just a 
bit too old for it to work. He thus becomes the last person to die of old age! In 
this tale, the details of the traveling twin’s trip are somewhat different from 
Bob’s trip. Read “Twin Paradox” (you can also find the story in Forward’s 
1995 book Indistinguishable from Magic), and summarize how the traveling 
twin’s trip is accomplished. 


In the mystical 1920 novel A Voyage to Arcturus, by the Scottish writer 
David Lindsay (1876-1945), we read of a spaceship that travels to Arcturus 
(the brightest star in the constellation Bootes, 36 light years from Earth) in 
just 19 h of proper time. The technical details of the trip are not explained in 
the novel, so assume they are the same as in Bob’s trip. That is, on 
= 68 ,400s as measured by a clock on the spaceship. The distance traveled 
in this time is 





e{v CT? + c2 — cf 
2 


a 
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where c is the speed of light, a is the constant acceleration/deceleration of the 
rocket (as measured on the spaceship), and T is how long an Earth-based 
clock says the trip takes. Use this formula, and the one relating T and T inthe 
text, to calculate 


1. The value of the constant acceleration/deceleration, a (does the result 
seem reasonable to you?) and 

2. The value of T (the length of time that passes on Earth as 19 h pass on the 
spaceship). 


You don’t have to discuss general relativity to encounter tensors of the 
second rank (as is the metric tensor). Electrical engineers run into such a 
thing, for example, when studying the lowly Ohm’s law! In a copper wire, 
that law says the current density (the vector J, in units of amperes per square 
meter) at any point is related to the electric field (the vector E, in units of volts 
per meter) at that point by the scalar o as follows: J = oE, where o (called the 
conductivity) is a single number. This says, in rectangular coordinates, that 
the x-component of J depends only on the x-component of E, and similarly 
for the y-component and z-components of J and E. More generally, however, 
each component of J depends on all of the components of E (as in certain 
crystalline structures), and so we have the equations 





Jx = 611 Ex 612Ey 613E, 


Jy = 021 Ex + Ga2F, + 673, 














J, = 63, Ex + 632K, + 633E, 


or, in matrix form 


Us O11 S12 613 | | Ex 
= Us = |021 O22 023 Bh = oE. 
J, 631 632 633 | | E, 


So J is now related to E by 6, a3 x 3 matrix (9 numbers, instead of just 1). 
The matrix o is, in fact, a tensor of rank 2. This tensor is in the three- 
dimensional space of the copper wire, while the 4 x 4 metric tensor matrix 
is in a four-dimensional spacetime, but both are tensors of rank 2. The number 
of numbers in a tensor of rank n, in a space of dimension d, is d”. In general 
relativity, tensors of higher rank than 2 are required. For example, the 
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curvature tensor has rank 4, and so in a four-dimensional spacetime it is 
described by 4* = 256 numbers. This goes a long way in explaining why, in 
general relativity, computing often involves a Jot of arithmetic! The primary 
characteristic of tensors of any rank is that they are invariant under a change 
in coordinate systems (choosing a coordinate system is an arbitrary matter, 
made mostly for human convenience, about which Nature is indifferent). 
Read more about tensors, and write an essay on how they behave under a 
change in coordinates. A good place to start, at the level of this book, is 
Lillian Lieber’s The Einstein Theory of Relativity: a trip to the fourth 
dimension, Paul Dry Books 2008 (an updated version of the original 
1945 book). 


Chapter 4 
Philosophers, Physicists, and the Time 
Travel Paradoxes 


“He felt the intellectual desperation of any honest philosopher. 
He knew that he had about as much chance of understanding 
such problems as a collie has of understanding how dog food 
gets into cans.”! 


4.1 Paradoxes and Their First Appearance in Science 
Fiction 


“There’s a lot we don’t know about time travel. How do you expect logic to hold when 
paradoxes hold, too?” “Does that mean you don’t know?” “Yes.”” 


More than 30 years ago Quentin Smith, a philosopher who believes in a finite 
length to the past, wrote a refutation to those who believe in an infinite past and, 
while that paper’ has nothing to do with the paradoxes of time travel, in the course 
of presenting his reasoning he included the following curious passage: 


“Why does the sun arise in the morning and not at some other time? Why do the hands of a 
properly functioning clock point to 12:00 at noon and midnight and not at other times? Why 
does the death of a person occur at a later time than his birth? The answer in all these cases 
is: Because by the very nature of these events they could not occur at other times. It belongs 
to the very nature of the sun’s rising that it occur in the morning and not in the afternoon or 
evening. It belongs to the very nature of a properly functioning clock to point to 12:00 at 
noon and midnight and not at other times. And it belongs to the very nature of death to 
occur at a time later than a person’s birth.” 


But what of a time traveler born in 1980 who, in 2018, enters her time machine, 
pushes a few buttons, and then boldly steps out into the Cretaceous period seventy 
million years earlier—and is promptly eaten for lunch by a passing Tyrannosaurus 





"A time traveler admits (to himself) how perplexed he is by paradoxes in Robert Heinlein’s classic 
tale “By His Bootstraps,” Astounding Science Fiction, October 1941. 

Excerpt from a conversation between two paradox-puzzled time travelers in Larry Niven’s story 
“Bird in the Hand,” The Magazine of Fantasy & Science Fiction, October 1970. 

3Q. Smith, “Kant and the Beginning of the World,” New Scholasticism, Summer 1985, 
pp. 339-346. 
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rex? Perhaps Smith himself would say that there is no contradiction between this 
and his third claim because, in the time traveler’s proper time, her spectacular death 
does indeed come after her birth. For many, however, for a time traveler to die 
before her mother is born is a paradox, plain and simple, say what you will about 
proper time. 

One science fiction view of time travel paradoxes is that nature would be so 
disrupted by them that, should one occur, the universe would be torn apart. In one 
story, for example, a paradox is on the verge of happening through the use of a 
Tipler-cylinder time machine (mentioned back in Chap. 1, and which we’ll discuss 
in more detail in the next chapter). In response to this ‘threat to common sense,’ the 
universe ‘decides’ to avoid the paradox by simply eliminating the perpetrators via a 
local nova!* Niven wasn’t the first to use this idea. A famous story” by L. Sprague 
de Camp (1907-2000), written two decades before, had already put forth the 
suggestion that nature will take all required corrective action to avoid paradoxes. 

In De Camp’s tale we read of two big-game hunter guides who use “Professor 
Prochuska’s time machine at Washington University’ —built with the aid of a “cool 
thirty million” dollar grant from the Rockefeller Foundation—to operate a safari- 
for-hire business that transports hunters back to the late Mesozoic era. When a 
disgruntled client tries to go back to the day before a previous trip to shoot the 
guides (who had displeased him, or rather would displease him the next day), we 
learn just how nasty De Camp thought Mother Nature would be to avoid a paradox. 
(After all, the guides had not been shot during the safari, so they could not be 
shot.°): “The instant James started [to ambush the guides] the space-time forces 
snapped him forward to the present to prevent a paradox. And the violence of the 
passage practically tore him to bits [making his body look] as though it had been 
pulverized and every blood vessel burst, so it was hardly more than a slimy mass of 
pink protoplasm.” 

And even earlier we have a famous tale’ that was discussed in Chap. 1, by 
Fredric Brown (1906-1972), a master of the special category of science fiction 
called the “short-short,” in which everything happens in 500 words or less. As you 
might expect, the oddities of time travel were natural attractions for Brown’s quirky 
talent. You'll recall that in this story the inventor of the first time machine 
demonstrates it to two colleagues by sending a brass cube 5 min into the future. 
After being placed in the machine, the cube vanishes and then 5 min later reappears. 
No paradoxes with that—it is a trip into the past that has the potential for deadly 
repercussions. We learn just how deadly when the inventor next declares that at 





4L. Niven, “Rotating Cylinders and the Possibility of Global Causality Violation,” Analog Science 
Fiction, August 1977. Niven took this title from a physics paper with that title, authored by Tipler, 
that had appeared three years earlier in Physical Review D (April 15, 1974, pp. 2203-2206). 

SL. Sprague de Camp, “A Gun for Dinosaur,” Galaxy Science Fiction, March 1956. 

°This is a statement of the belief that the past cannot be changed, an idea we will examine later in 
this chapter. 

Look back at note 93 in Chap. 1. 
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three o’clock he will again place the cube in the time machine but, until then, he will 
hold the cube in his hand. Thus, he says, at 5 min before three the cube will vanish 
from his hand and immediately appear in the time machine because 5 min after that, 
at three o’clock, he will send it 5 min into the past. And indeed, at 5 min before three 
the cube does simultaneously vanish from his hand and appear in the time machine. 
Then, slightly before three, as the three men stand pondering what has happened, 
one of the observers asks what will happen if the inventor does not send the cube 
back at three o’clock? “Wouldn’t there be a paradox of some sort involved?” he 
wonders.® His curiosity aroused, the inventor can’t resist the experiment—and the 
universe promptly vanishes. 

Time travel, of course, is full of potential paradoxes. A paradox, according to the 
usual dictionary definition, is something that appears to contain contradictory or 
incompatible parts, thus reducing the whole to seeming nonsense. And yet, truth is 
also evident in the whole. The history of science and mathematics has left a long 
trail of paradoxes, and those that involve time travel are merely among the most 
recent. Not all of the puzzles of time travel involve physics or logic, however. As 
one philosopher observed, “Doubtless time travel will raise a host of legal difficul- 
ties, e.g., should a time traveler who punches his younger self (or vice versa) be 
charged with assault? Should the time traveler who murders someone and then flees 
into the past for sanctuary be tried in the past for his crime committed in the future? 
If he marries in the past can he be tried for bigamy even though his other wife will 
not be born for almost 5000 years? Etc., etc. I leave such questions for lawyers and 
writers of ethics textbooks to solve.” 

One way early science fiction writers had of responding to the puzzle of time 
travel paradoxes was to just give up and to concede that the logical puzzles are 
overwhelming. In one tale, for example, the inventor of the Chronoscope (a gadget 
that can only view the past) explains, “There is no time travel machine. Such a thing 
is a logical impossibility, treated seriously only by half-cracked writers of fantasy. 
Such a machine would lead at once into a hopeless paradox.”?° Equally concerned 
about time travel paradoxes was the pulp science fiction time traveler who told his 
partner, just before their first trip in time, that “I’m not sure any more about getting 
back. There’re some unpredictable terms in the time-travel equation—paradoxes. 
Maybe we won’t get back.”!! 





8This is what is called a bilking paradox, and such paradoxes will be discussed later in this chapter. 
Brown gave this story a lot of thought. At one point in the tale one of the colleagues, puzzled by 
how the inventor will be able to place the cube into the time machine at three if it has already 
vanished from his hand and appeared in the machine, asks “How can you place it there, then?” 
Replies the inventor, “It will, as my hand approaches, vanish from the [machine] and appear in my 
hand to be placed there.” 

°L. Dwyer, “Time Travel and Some Alleged Logical Asymmetries Between Past and Future,” 
Canadian Journal of Philosophy, March 1978, pp. 15-38. 


10M. Jameson, “Dead End,” Thrilling Wonder Stories, March 1941. 
lB. Binder, “The Time Cheaters,” Thrilling Wonder Stories, March 1940. 
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Fig. 4.1 One way pulp science fiction avoided paradoxes was to use a ‘time viewer’ (like the 
chronoscope in “Dead End”) as in “The Time Eliminator” (Amazing Stories, December 1926). 
This illustration from the story (authored by somebody who used only the initials K.A.W.) by 
Frank R. Paul (©1926 by Experimenter Publishing Co.) shows the inventor demonstrating his 
gadget to his future wife and father-in-law. Able to look back in time, the screen is displaying 
scenes from the older man’s courtship of his wife, decades in the past. Reprinted by permission of 
the Ackerman Science Fiction Agency, 2495 Glendower Ave., Hollywood, CA 90027 for the 
Estate 


But are there really paradoxes? Or is it true, as the extraordinary boy-prodigy 
who invented a time machine exclaimed (when his teacher asserted that some 
questions could never be answered because “Nature is full of paradoxes”), “Ah, 
Professor, what nonsense! Nature is harmonious; it is we who bring the paradoxes 
into it.”!? Saying the same are two physicists, in a paper on the circular orbits of 
photons around black holes: “There are no paradoxes in physics, but only in our 





Dy, Grigoriev, “Vanya,” in Last Door to Aiya (M. Ginsburg, editor), S. G. Phillips 1968. 
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attempts to understand physical ideas by using inadequate reasoning or false 
intuition.”'? And as the time traveler in an early pulp story casually declares to 
a friend, after an astonishing adventure in the year A.D. 1,001,930, “Paradoxical? 
My dear fellow, the Einstein Theory is full of apparent paradoxes, yet to him who 
understands it there is no inconsistency whatever. Give me another cigarette, will 
you, Frank?” 

It is in Amazing Stories that we find the first non-fictional speculations about 
time travel in a pulp magazine—and certainly long before any physics journal 
would touch the subject! Publisher and editor Hugo Gernsback started those 
speculations by reprinting Wells’ Time Machine, which in turn sparked a fair 
number of readers’ letters that were printed in the magazine’s “Discussions” 
section. Typical of the less interesting is the following comment from a letter in 
the July 1927 issue: “In the ‘Time Machine’ I found something amiss. How could 
one travel to the future in a machine when the beings of the future have not yet 
materialized?” (We answered that question in the previous chapter with the twin 
paradox.) Far more interesting was this letter, in the same issue: 


“How about this ‘Time Machine’? Let’s suppose our inventor starts a ‘Time Voyage’ 
backward to about A.D. 1900, at which time he was a schoolboy ... His watch ticks 
forward although the clock on the laboratory wall goes backward. Now we are in June 
1900, and he stops the machine, gets out and attends the graduating exercises of the class of 
1900 of which he was a member. Will there be another ‘he’ on the stage? Of course, 
because he did graduate in 1900 ... Should he go up and shake hands with this ‘alter ego’? 
Will there be two physically distinct but characteristically identical persons? Alas! No! He 
can’t go up and shake hands with himself because ... this voyage back through time only 
duplicates actual past conditions and in 1900 this strange ‘other he’ did not appear suddenly 
in quaint ultra-new fashions and congratulate the graduate. How could they both be wearing 
the same watch they got from Aunt Lucy on their seventh birthday, the same watch in two 
different places at the same time. Boy! Page Einstein! No, he cannot be there because he 
wasn’t there in 1900 (except in the person of the graduate) ... The journey backward must 
cease on the year of his birth. If he could pass that year it would certainly be an effect before 
a cause ... Suppose for instance in the graduating exercise above, the inventor should 
decide to shoot his former self ... He couldn’t do it because if he did the inventor would 
have been cut off before he began to invent and he would never have gotten around to make 
the voyage, thus rendering it impossible for him to be there taking a shot at himself, so that 
as a matter of fact he would be there and could take a shot—help, help, ’'m on a vicious 
circle merry-go-round ... Now as to trips into the future, I could probably think up some 
humorous adventures wherein [the inventor] digs up his own skeleton and finds by the 
process of actual examination that he must expect to have his leg amputated because the 
skeleton presents positive proof that this was done.”'° 





‘5M. A. Abramowicz and J. P. Lasota, “On Traveling Round Without Feeling It and Uncurving 
Curves,” American Journal of Physics, October 1986, pp. 936-939. 

‘SR. J. Bridge, “Via the Time Accelerator,” Amazing Stories, January 1931. 

‘This story idea (the letter was signed only with the initials T.J.D.) may well have been the 
inspiration for R. Rocklynne, “Time Wants a Skeleton,” Astounding Science Fiction, June 1941. 
Not all fans agreed with T.J.D. A few years later, for example, a teenager named P. Schuyler Miller 
(1912-1974), who would author several time travel classics himself, wrote a letter to the editor of 
Astounding Stories (June 1931) stating “there is nothing in physics ... to prevent yourself from 
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All of the ingenious puzzles in this letter intrigued Gernsback, and may have, in 
fact, been the cause of his featuring a new, original time machine story'° in the 
same issue. It was the tale of a scientist who transports an entire ship at sea 
14,000 years back in time and causes it to hover over lost Atlantis! That story 
provoked a sharp letter from a reader who claimed its logic had a fatal flaw: the 
story’s author indicated that the Atlantians observed the time travelers when, ‘of 
course’ (asserted the reader), the time travelers must actually have been invisible. 
The reader explained his reasoning as follows, beginning by defining A as one of 
the Atlantians. 


“Now A lived his life, thousands of years ago, and died. All right, now let us pass on in time 
14,000 years. Now, back we come in time when A is again living his life. Lo and behold, 
this time A sees before he dies a strange phenomenon in the sky! He sees the shipload of 
people observing him. And yet these people are necessarily observing him during his one 
and only lifetime, wherein he certainly did not, could not, have observed them.” 


Gernsback printed this letter in his September 1927 editorial “The Mystery of 
Time,” and concluded by saying “I do ... agree ... that the inhabitants of Atlantis 
would probably not have seen the . . . travelers in time.” Other readers felt this way, 
too, because after Gernsback published yet another time machine tale’’ in 1927, the 
same invisibility argument appeared again in the magazine’s “Discussions” 
column. 

Two years later an amateurishly written tale'® appeared in which a man travels in 
time from 1928 to 2930 with the aid of an “astounding machine based on advanced 
electro-physics and the non-Euclidean theory of hyperspace.” The purpose of that 
story was two-fold: to present several of the classic paradoxes of time travel, and 
then to make the claim that although the simple minds of twentieth-century people 
cannot understand the explanations of the paradoxes (possibly explaining why the 
author offers none!), the paradoxes are all trivial to the scientists of the thirtieth 
century. Despite this shortcoming (as well as some pretty awful dialog) the story 
nonetheless still managed to entertain readers with the sheer mystery of the 
paradoxes. Letters poured into the magazine from young fans, all demanding 
more time travel fiction. 

So, that same year Gernsback responded with a story’? that plays with the 
question of the role of time travelers in the past. (That question was clearly ‘in 





going into the past ... and shaking hands with yourself or killing yourself.” That did, however, 
provoke the following harsh reply from another, more skeptical reader (in the December 1933 
issue): “P. S. Miller once wrote that time traveling is not incompatible with any laws of physics ... 
‘he don’t know from nothing.” 


'6C_ B. White, “The Lost Continent,” Amazing Stories, July 1927. 

7R. Flagg, “The Machine Man of Ardathia,” Amazing Stories, November 1927. 

18 Ge Cloukey, “Paradox,” Amazing Stories Quarterly, Summer 1929. 

19H. F. Kirkham, “The Time Oscillator,” Science Wonder Stories, December 1929. 


4.1 Paradoxes and Their First Appearance in Science Fiction 193 


the air,’ as Gernsback’s old magazine Amazing” simultaneously published a story”! 
addressing this same puzzle of time travel.) Could time travelers actually partici- 
pate in events (“‘mix into the affairs of the period,” in Gernsback’s words), or would 
they just be unseen observers? This question, obviously inspired by the earlier 
discussion in Amazing Stories, intrigued Gernsback as much as it did his readers 
and so, along with Kirkham’s story, he printed a challenge titled “The Question of 
Time-Traveling” (see note 18 in the Introduction): 


“In presenting this story to our readers, we do so with an idea of bringing on a discussion as 
to time traveling in general. The question in brief is as follows: Can a time traveler, going 
back in time—whether ten years or ten million years—partake in the life of that time and 
mingle in with its people; or must he remain suspended in his own time-dimension, a 
spectator who merely looks on but is powerless to do more? Interesting problems would 
seem to arise, of which only one need be mentioned: Suppose I can travel back into time, let 
me say 200 years; and I visit the homestead of my great great great grandfather, and am able 
to take part in the life of his time. I am thus enabled to shoot him, while he is still a young 
man and as yet unmarried. From this it will be noted that I could have prevented my own 
birth; because the line of propagation would have ceased right there. Consequently, it 
would seem that the idea of time traveling into a past where the time traveler can freely 
participate in activities of a former age, becomes an absurdity. The editor wishes to receive 
letters from our readers on this point: the best of which will be published in a special 
section.” 


Gernsback’s challenge did not go unnoticed and, over the next year or so, he 
published a large number of reader responses in the magazine’s letters column. 

Indeed, a few months after issuing the challenge, in his introduction to another 
time travel tale,” Gernsback wrote that ever since the publication of Kirkham’s tale 
“there has been a great controversy among our readers as to the possibility of time 
flying and the conditions under which it may be done.” Most of those letters are 
interesting if not particularly profound, with one exception. That was a letter 
written by a 14 year old boy in San Francisco, and its appearance in the February 
1931 issue of Science Wonder may well have served as the inspiration for several of 
the classic time travel tales published during the next 20 years: 


“Some time ago you asked us (the readers) what our opinions on time traveling were. 
Although a bit late, I am now going to voice four opinions .. . 


(1) Now, in the first place if time traveling were a possibility there would be no need for 
some scientist getting a headache trying to invent an instrument or “Time-Machine’ to 
“go back and kill grandpa’ (in answer to the age-old argument of preventing your birth 
by killing your grandparents I would say: ‘who the heck would want to kill his grandpa 
or gandma!’**) I figure it out thusly: A man takes a time machine, and travels into the 





By this time Gernsback had lost control of Amazing, and Science Wonder was his come-back as a 
publisher of pulp ‘scientifiction.’ 


1B L. Rementer, “The Time Deflector,” Amazing Stories, December 1929. Gernsback may well 
have been the editor, before he lost Amazing, who bought this story, and the magazine’s new 
management simply used what remained in inventory. 

2h, Flagg, “An Adventure in Time,” Science Wonder Stories, April 1930. 


?31 ook back at note 26 in “Some First Words.” 
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future from where he sends it (under automatic control) to the past so that he may find it 
and travel into the future and send it back to himself again. Hence the time machine was 
never invented, but!—from whence did the machine come? 

(2) Another impossibility that might result could be: A man travels a few years into the 
future and sees himself killed in some unpleasant manner,—so—after returning to his 
correct time he commits suicide in order to avert death in the more terrible way which 
he was destined to. Therefore how could he have seen himself killed in an entirely 
different manner than really was the case? 

(3) Another thing that might corrupt the laws of nature would be to: Travel into the future; 
find out how some ingenious invention of the time worked; return to your right time; 
build a machine, or whatever it may be, similar to the one you had recently learned the 
workings of; and use it until the time you saw it arrives, and then if your past self saw it 
as you did, he would take it and claim it to be an invention of his (your) own, as you did. 
Then—who really did invent the consarn thing? 

(4) Here’s the last knock on time traveling: What if a man were to travel back a few years 
and marry his mother, thereby resulting in his being his own ‘father’?” 


Jim H. Nicholson 


Gernsback’s reply, immediately following this letter, was favorable, opening 
with “Young Mr. Nicholson does present some of the more humorous [?] aspects of 
time traveling. Logically we are compelled to admit that he is right—that if people 
could go back into the past or into the future and partake of the life in those periods, 
they could disrupt the normal course of events.””* Nicholson’s letter is ingenious, 
and it anticipated the central ideas of a number of science fiction tales yet to be 
written.*> However, as you'll see as you read the rest of this chapter, contrary to 
Gernsback’s view Nicholson’s comments are not logically correct.° 





‘Despite these words, Gernsback apparently hadn’t given up entirely on the ‘invisibility of time 
travelers’ view, as he had only a few months earlier published another such tale: R. A. Palmer, 
“The Time Ray of Jandra,’” Wonder Stories, June 1930. In this story (one either silly or hilarious, 
take your pick) a time traveler moves into the future by means of a ‘time ray.’ Unfortunately, the 
ray works differently on the various chemical elements, and not at all on either hydrogen or 
oxygen. Thus the time traveler—or at least much of him—and his machine do vanish into the 
future, but left behind are “several gallons of water spilled on the floor.” (The human body is about 
60 % H20.) 

>For example, Nicholson’s item (2) is a precise plot outline for L. Raphael, “The Man Who Saw 
Through Time,” Fantastic Adventures, September 1941, and a version of item (4) is in Robert 
Heinlein’s famous “All You Zombies—,“ Magazine of Fantasy & Science Fiction, March 1959. 
One cannot, however, fault the imaginative powers of James Nicholson (1916-1972). He 
eventually became President of American International Films, the company that made such 
science fiction ‘classics’ as Attack of the Crab Monsters (1957), the 1963 X (The Man with the 
X-Ray Eyes), and The Time Travelers (1964). 
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4.2 Changing the Past and the Grandfather Paradox 


“T’m not kidding you at all Phil,” Barney insisted. “I have produced a workable Time 
Machine, and I am going to use it to go back and kill my grandfather.”?’ 


As mentioned in “Some First Words,” physicists and philosophers often have 
quite different approaches to time travel (see note 26 there again). A vivid illustra- 
tion of that difference is found in a philosophical paper~® that, after acknowledging 
the apparent restrictions of the grandfather paradox, turns its attention to a matter 
that almost surely is beyond the power of physics to study—namely, the nature of 
the conversation between a time traveler and his/her younger self. A physicist, on 
the other hand, views the restrictions as the whole point, because the central 
question that hovers over any discussion of time travel is that of “changing the 
past.’ As one science fiction fan summed it up in a letter to the editor of Astounding 
Stories (August 1931): “It is said that the past cannot be changed, and that any effort 
to do so would be useless. In my belief, no matter where or when a man goes in the 
past, if he appears in a year or day that has already gone by, he is changing the past. 
Then there should be no room for doubt: time traveling is impossible. It will never 
be done.” And certainly killing your grandfather in the past (when he is still a baby) 
would qualify as a change to the past! 

The idea of ‘changing the past’ occurred to the minds of philosophers long 
before it did in those of science fiction writers or physicists. Four centuries before 
Christ, the question had already been asked-and-answered by Aristotle. In his 
Nicomachean Ethics, in fact, we find him declaring that the Greek poet Agathon 
had known the answer a century earlier, and he quotes the poet as saying “Forever 
God lacks this one thing alone, To make a deed that has been done undone.” 

Agathon and Aristotle aside, some medieval theologians argued passionately 
that the past could be changed (but only by God). The eleventh-century Italian 
cleric Peter Damian (who became a Christian saint) is a famous exponent of that 
radical view.” Writing in his De Omnipotentia Dei (“On the Divine Omnipotence 





27The opening line to F. M. Busby, “A Gun for Grandfather,” Future Science Fiction, 
September 1957. 

Biri Benovsky, “Endurance and Time Travel,” Kriterion—Journal of Philosophy, 2011, 
pp. 65-72. 

?°R_ P. McArthur and M. P. Slattery, “Peter Damian and Undoing the Past,” Philosophical Studies, 
February 1974, pp. 137-141; P. Remnant, “Peter Damian: Could God Change the Past?” Canadian 
Journal of Philosophy, June 1978, pp. 259-268; R. Gaskin, “Peter Damian on Divine Power and 
the Contingency of the Past,” The British Journal for the History of Philosophy, September 1997, 
pp. 229-247. 
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in Remaking What Has Been Destroyed and Undoing What Has Been Done”),*” 
Damian made it clear that he believed nothing could withstand the power of God, 
not even the past. Ralph Waldo Emerson’s poem “The Past” (“All is now secure and 
fast, Not the gods can shake the Past”) would have been blasphemy for Damian. 
The following words from Damian testify to the strength of his commitment to a 
belief in the possibility of changing the past: “Just as we can duly say ‘God was able 
to make it so [that] Rome, before it had been founded, should not have been 
founded,’ in the same way we can equally and suitably say, ‘God can make it so 
that Rome, even after it was founded, should not have been founded.””?! 

Two centuries after Damian, Aquinas argued the contrary view, that changing 
the past is not within God’s power. Whereas Damian felt it impossible to deny any 
act to God, Aquinas took the far more moderate position that part of God’s law is 
that there be no contradictions in the world (this is, in fact, the modern view of time 
travel physicists) and that certainly God would be bound by his own law. As he 
wrote, “It is best to say that what involves contradiction cannot be done rather than 
that God cannot do it.” In his Paradise Lost, John Milton’s God is constrained even 
more: he is free to act or not, but if he does freely decide to act, it can only be to ‘do 
right.’ That might seem to preclude causing contradiction, as in changing the past, 
but perhaps not. Milton’s contemporary, Thomas Hobbes, declared that there is no a 
priori standard of goodness, and thus (for Hobbes) there are no constraints on God’s 
powers. For Hobbes, therefore, it would seem God could change the past. Theo- 
logical changing of the past, as you might expect, leads to all sorts of mind-boggling 
puzzles. Because of such puzzles, theology would certainly be influenced by time 
travel, but just as certainly theological reasoning will not illuminate the puzzles of 
the time travel paradoxes. 

The question of the immutability of past events is of special interest to theolo- 
gians because it is directly related to the question of free will versus fatalism. That 
is, are humans the creators of the future, or are they mere fated puppets of destiny? 
One way theology gets involved with the issue of “changing the past’ is via what is 
called the retroactive petitionary prayer. (An ‘ordinary’ petitionary prayer, like the 
Lord’s Prayer in Matthew 6 and Luke 11, asks for something in the present or the 
future.) Examples of retroactive prayers include that of the surgical patient who 
prays, just before an exploratory operation, for his tumor to be non-malignant, and 





30This work is in the form of a letter to his friend Desiderius (who later became Pope Victor IID, in 
which Damian rebutted Desiderius’ defense of St. Jerome’s claim that “while God can do all 
things, he cannot cause a virgin to be restored after she has fallen.” Desiderius thought the reason 
God could not restore virgins is that he does not want to, to which Damian replied that this meant 
God is unable to do whatever he does not want to do, but this meant that God would then be less 
powerful than men, who are able to do things they don’t want to do (such as go without food for a 
month). This is a good example of the dangers involved when getting into debates with 
theologians. 

3!The Argentinian writer Jorge Luis Borges (1899-1986) was so inspired by Damian’s view that 
the past could be changed that he wrote a short story based on it (see “The Other Death,” originally 
published in The New Yorker, November 2, 1968) and put a character in it named after Damian. 
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that of the soldier’s wife who prays that her husband was not among those killed in 
yesterday’s battle. Such prayers are for a happy outcome to an event that is over and 
done with at the time of the prayer. One might accept the rationality of praying 
about the future (““Please, God, let me survive tomorrow’s battle and ll be good for 
the rest of my life’’) but are prayers about the past even sensible? (The three major 
monotheistic religions of the world—Christianity, Judaism, and Islam—say yes.) 

In an appendix titled “Special Providences” in his book Miracles, C. S. Lewis 
answers that question as follows: 


“When we are praying about the result, say, of a battle or a medical consultation, the 
thought will often cross our minds that (if only we knew it) the event is already decided one 
way or the other. I believe this to be no good reason for ceasing our prayers. The event 
certainly has been decided—in a sense it was decided ‘before all worlds.’ But one of the 
things taken into account in deciding it, and therefore one of the things that really causes it 
to happen, may be this very prayer that we are now offering. Thus, shocking as it may 
sound, I conclude that we can at noon become part causes of an event occurring at ten 
A.M. (Some scientists would find this easier than popular thought does.)” 


Here we see Lewis, a prominent lay theologian, arguing for the present influenc- 
ing (but not changing) the past. What can we make of that? Was Lewis arguing for 
backward causation, the close relative of time travel? I think perhaps so; the final 
two sentences in the above excerpt makes it plausible that he may have held that 
view. It is a view that does find much support in the block universe interpretation of 
Minkowskian spacetime. Lewis never mentions the block concept by name, but it is 
clear that he believed in the idea of God being able to see all of reality at once. 
Lewis believed, therefore, that God knows of a petitionary prayer before it is made; 
or, even stronger, if God is not a temporal being but rather is eternal and knows time 
‘all at once,’ then God knows the prayer and the event being prayed about ‘at the 
same time.’ 

Lewis did make it clear that he believed it is a sin to pray for something known 
not to have occurred—for example, to pray for the safety of someone known to 
have been killed yesterday. As he wrote, “The known event states God’s will. It is 
psychologically impossible to pray for what we know to be unobtainable, and if it 
were possible, the prayer would sin against the duty of submission to God’s known 
will.” Taking a less judgmental position (but essentially agreeing with Lewis) were 
two philosophers who, writing of the battle of Waterloo, said “for one who knows 
the outcome of the battle more than a hundred and 50 years ago, [a retroactive 
petitionary] prayer is pointless and in that sense absurd. But a prayer prayed in 
ignorance of the outcome of the past event is not pointless in that way.” Further, in 
support of backward causation, they also wrote that “to pray in 1980 that Napoleon 
lose at Waterloo” is logical because “why should your prayer not be efficacious in 
bringing about Napoleon’s defeat?””*” Disagreeing, however, was another philoso- 
pher who bluntly declared “A prayer for something to have happened is simply an 
absurdity, regardless of the utterer’s knowledge or ignorance of how things went.”>* 





32F Stump and N. Kretzmann, “Eternity,” Journal of Philosophy, August 1981, pp. 429-458. 
33P, Geach, God and the Soul, Routledge & Kegan Paul 1969. 
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There have been all sorts of opinions expressed through the ages in reaction to 
the idea of affecting the past via retroactive petitionary prayers, ** and on the role of 
backward causation. The British philosopher Michael Dummett (1925-2011), in 
particular, discussed Lewis’ concept of such prayers with great sympathy,*° and 
backward causation allows one to both explain them as well as retaining free will. 
That is, it is not God’s foreknowledge that causes our later actions (forcing our 
behavior and so turning us into automatons), but rather it is our later freely-chosen 
actions that causes God’s foreknowledge! While such theological speculations are 
interesting, in the end they are simply positions of faith, about which mathematical 
physics has nothing to say. 

Eventually, of course, others besides philosophers and theologians began to 
ponder the questions raised by ‘changing the past.’ In a January 1963 personal 
letter to the editor of The Magazine of Fantasy and Science Fiction, Robert 
Heinlein wrote*° “Mark Twain invented the time-travel story; 6 years later H. G. 
Wells perfected it and its paradoxes [my emphasis]. Between them they left little 
for latecomers to do.” How a man as widely read as was Heinlein, who had authored 
some of the best short time travel stories ever written, could have written such an 
erroneous sentence is a mystery to me. A Connecticut Yankee in King Arthur’s 
Court and The Time Machine, certainly both works of genius, are not pioneers in 
paradox. And Heinlein’s own contributions are proof enough that there was a lot 
left to do with time travel, well after 1900. 

The very first story to be written that even hints at the particular time travel 
paradox of changing the past seems to be by the Unitarian minister Edward Everett 
Hale (1822-1909), best known today as the author of the 1863 story “The Man 
Without a Country.” Hale wrote “Hands Off’ in 1881, and published it anony- 
mously in Harper’s New Monthly Magazine with the express purpose of stirring up 
some theological debate (which apparently it didn’t). He certainly had no idea that 
he would come to be recognized by literary scholars as a pioneer in the yet-to-be 
invented genre of science fiction. 

Hale’s story opens with the mysterious words “I was in another stage of 
existence. I was free from the limits of Time, and in new relations to space.” 
These words are spoken by an unnamed narrator, who seems to have just died, 
and who finds himself, in his new ‘form,’ observing “some twenty or thirty 
thousand solar systems” while in the company of “a Mentor [probably an angel] 
so loving and patient.” Under the guidance of this Mentor, in an attempt to 
‘improve’ history, the narrator alters the Biblical account of Joseph and his 
imprisonment in Egypt. At first, subsequent history is better, but then humanity 





34 summary of those opinions can be found in G. Brown, “Praying About the Past,” Philosoph- 
ical Quarterly, January 1985, pp. 83-86. Debate continues on the retroactive prayer into the 21st 
century: see, for example, K. Timpe, “Prayers for the Past,” September 2005, pp. 305-322, and 
T. J. Mawson, “Praying for Known Outcomes,” March 2007, pp. 71-87, both in Religious Studies. 
35M. Dummett, “Bringing About the Past,” Philosophical Review, July 1964, pp. 338-359. 


Reprinted in the posthumously published Grumbles from the Grave (edited by Heinlein’s widow, 
Virginia Heinlein), Del Rey 1990. 
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sinks into irreversible depravity. In the end the narrator watches the last handful of 
humans kill each other in a particularly symbolic place for the Christian world: 
“The last of these human brutes all lay stark dead on the one side and on the other 
side of the grim rock of Calvary!” There would be no Crucifixion and Resurrection 
for the salvation of humankind, which naturally greatly disturbs the narrator. But 
the Mentor calms him, saying “Do not be disturbed, you have done nothing.” It has, 
you see, just been an experimental world, an alternate Universe, and the narrator has 
learned the lesson of “Hands Off’ the past. 

Hale’s story is a better Sunday sermon than it is a change-the-past time travel 
tale, and the device of experimenting on a not-really-real Earth is disappointing 
from a modern science fiction point of view. But Hale’s story almost certainly did 
have an immediate (if indirect) impact. There is no absolute proof, but with its 
appearance in a national magazine, it seems quite likely that “Hands Off’ was read 
by Edward Page Mitchell (1852-1927), an editor on a daily New York newspaper, 
the Sun. I write that because, just 6 months after Hale’s story appeared, the Sun, in 
its issue of September 18, 1881, printed Mitchell’s “The Clock That Went Back- 
ward.” That tale, published anonymously, used a machine (the clock) for time 
travel,’ as well as incorporated the idea of time travel involving paradoxes. The 
story predates Wells’ Time Machine by 14 years, and Wells’ novel did not include a 
paradoxical element.** 

There are, however, two hints at paradox in Wells’ novel. In the opening, during 
the dinner party at which the Time Traveller tries to convince his friends of the 
possibility of a time machine, one of them observes that “It would be remarkably 
convenient for the historian. One might travel back and verify the accepted account 
of the Battle of Hastings, for instance.” To that another guest replies, “Don’t you 
think you would attract attention? Our ancestors had no great tolerance for anach- 
ronisms.” The second hint occurs when the incredulous Editor, astonished at the 
disheveled appearance of the Time Traveller upon his return from the future, 
wonders “What was this time traveling? A man couldn’t cover himself with dust 
by rolling in a paradox, could he?” 

What might happen if time travelers could change the past? This question is 
nicely illustrated in one novel*’ where a time traveler finds himself stranded in the 
London of 1810. Despite his predicament, he takes solace with “I could invent 
things—the light bulb, the internal combustion engine, ..., flush toilets ... “ But 
then he thinks better of doing any of that: “no, better not to do anything to change 





37See Jan Pinkerton, “Backward Time Travel, Alternate Universes, and Edward Everett Hale,” 
Extrapolation, Summer 1979, pp. 168-175. The time machine in Mitchell’s story is more fantasy 
than anything else. It is simply stated that if the clock runs backward, then it travels backward 
in time. 

38Wells’ failure to use paradox in his famous novel surprises most modern readers and, in fact, one 
of the first reviewers specifically criticized him for this lapse. See the 1895 review of The Time 
Machine that appeared in Pall Mall Magazine, by Israel Zangwill, reprinted in Parrinder’s book 
(note 1 in the Introduction). 


°T, Powers, The Anubis Gates, Ace 1983, a work with equal shares of physics and magic. 
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the course of recorded history—such tampering might cancel the trip I got here by, 
or even the circumstances under which my mother and father met. I'll have to be 
careful.” 

This is really just a more recent treatment of the change-the-past paradox that 
was already well established in early science fiction. In a story*° published a half- 
century before, we find the paradox explicitly stated, along with a possible solution 
that is similar to the kind of explanations that have appeared in the philosophical 
literature*’: 


“Suppose you landed in your own past?,” queried Eric.” 

Dow smiled. 

“The eternal question,” he said. “The inevitable objection to the very idea of time travel. 
Well, you never did, did you? You know it never happened!” 


But, suppose you could land in your own past. What then? 

One famous story*” that considered this question embraced the idea of changing 
the past. In it a client on a dinosaur hunting safari fails to follow the instructions of 
his guide to do nothing in the past except shoot a dinosaur that is about to dies for 
“other reasons” anyway—alas, he accidently kills a butterfly. This results in 
enormous changes in history, as indicated by the ‘before’ and ‘after’ versions of 
the time machine company’s ad: 


before 

TIME SAFARI, INC. 

SAFARIS TO ANY YEAR IN THE PAST. 
YOU NAME THE ANIMAL. 

WE TAKE YOU THERE. 

YOU SHOOT IT. 

after 

TYME SEFARI INC. 

SEFARIS TU ANY YEER EN THE PAST. 
YU NAIM THE ANIMALL. 

WE TAEK YU THAIR. 

YU SHOOT ITT. 


Bradbury describes the death of the butterfly as having started the knocking 
“down [of] a line of small dominoes and then big dominoes and then gigantic 
dominoes, all down the years across Time.” This is, of course, a somewhat 
unconvincing argument. After all, previous dinosaurs, when shot, must have fallen 
to the ground and flattened a lot of butterflies! With such threats for every decision, 
no matter how seemingly innocent, hanging over the head of a time traveler, it 





40C_L. Moore, “Tryst in Time,” Astounding Stories, December 1936. 


41 See, for example, P. J. Riggs, “The Principal Paradox of Time Travel,” Ratio, April 1997, 
pp. 48-64. The ‘principal paradox’ is that time travel is inherently contradictory because it permits 
the possibility of traveling to an earlier time to prevent the trip. The grandfather paradox is a 
special case of this. For more discussion, see T. Chambers, “Time Travel: How Not to Defuse the 
Principal Paradox,” Ratio, September 1999, pp. 296-301. 


PR, Bradbury, “A Sound of Thunder,” Collier’s, June 1952. 
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would take a brave soul to do much more, while in the past, than just stand still and 
breathe. 

Equally grim is the tale’? that takes a different view by denying the past can be 
changed. There we read of a doomed hero who journeys back to 1865 to save 
Lincoln from Booth, but his “time-distorter” is quickly taken away from him by 
suspicious guards. Its internal workings tick, you see, and they think he is an 
assassin with a clock bomb. They destroy it, haul him away to his fate, and Lincoln 
goes on to meet his. In the same spirit (but even more shocking) is the result of a 
time traveler’s intentional tampering with the past in David Gerrold’s 1973 novel 
The Man Who Folded Himself. That traveler experiments with “making things 
different” and, in his words, “Once I created a world where Jesus Christ ... went 
out into the desert to fast and never came back. The twentieth century I returned to 
was—different. Alien.” 

With such a stupendous power to alter reality, assuming the past can be changed, 
perhaps one might imagine prospective time travelers to the past being required to 
first file Historical Impact Statements!“ Not all would receive permission. In one 
classic tale,* for example, we read of a time traveler who takes a rifle and 5000 
rounds of explosive bullets back to Golgotha. His intention—to be history’s first 
Rambo by picking off any Roman soldier who gets within a hundred yards of Jesus! 
As outrageous as this concept is (but who among those now reading this won’t 
admit to at least a momentary thrill at the idea and, perhaps, even a secret 
willingness to do it themselves, if they could), it isn’t the story’s peak. That 
comes when the reader is reminded that it was Christ’s desire to die on the Cross, 
that he had to die for our sins; to prevent that from happening would change all of 
history for the last 2000 years. What, then, should the time traveler’s colleagues do 
when they discover his plan? Should they stop him or not? What might happen if 
they do interfere? Of course, if the time traveler is ‘now’ in the past, isn’t it already 
‘too late’ to stop him? Oh, the conundrums of time travel and changing the past! 

The classic change-the-past paradox is, of course, the grandfather paradox. A 
famous story*° pushed this paradox to its logical limit to illustrate its supposed 
dangers. Having traveled to Greece in the fifth century B.C., the traveler suddenly 
realizes (with just a little exaggeration): “Ninety-five generations back you’d have 
more grandfathers than there are people on Earth, or stars in the Galaxy! You’re kin 
to everyone ... You as much as take a poke at anyone, and the odds are you won’t 
even get to be a twinkle in your daddy’s eye.” 





BR. Silverberg, “The Assassin,” Jmaginative Tales, July 1957. 
“See, for example, the novel by C. L. Harness, Krono, Franklin Watts 1988. 
4A. Porges, “The Rescuer,” Analog Science Fiction, July 1962. 


4©p_ S. Miller, “Status Quondam,” New Tales of Space and Time, November 1951. This is the 
Miller I mentioned back in note 15. 
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Fig. 4.2 Illustrator Jack Binder (1902-1986) was the author of a continuing series called “IF— 
.. in Thrilling Wonder Stories. In each issue, the ellipses would be replaced with some phrase 
such as “the Sun exploded!,” “there was another ice age!,” or “there was no friction!.” The 
installment shown here (and in Fig. 4.3) appeared in December 1938 and asserted that the past 
could be changed by a time traveler 
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4 »*, 4 . =: 
&x EFFECTIVE STEAM-TURBINE COULD BE MADE, DEVELOPING MORE POWER. 
“MAN THE ROMANS DREAMED POSSIBLE. 'T WOULD START THE ROMAN AGE 
OFF IN AN INDUSTRIAL ERA SEVENTEEN CENTURIES AHEAD OF ITS TIME. 
RECORDED HISTORY WOULD BE CHANGED! 
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Fig. 4.3. (Fig. 4.2 continued). Illustration for “IF—You Were Stranded in Time!” ©1938 by 
Better Publications, Inc.; Reprinted by permission of the Ackerman Science Fiction Agency, 2495 
Glendower Ave., Hollywood, CA 90027 for the Estate 
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Even earlier than Miller’s tale is an equally famous one*’ that illustrates the 
same point in a graphic way. In A.D. 452 a time traveler shoots and kills one of 
Attila’s Huns (who would have been his great-grandfather many times over); the 
result is that 50,000 of the Hun’s descendants vanish! So dramatic did the readers of 
this story find the concept that author repeated the idea the very next year.** Twenty 
years later another writer topped these tales by having a time traveler accidently kill 
the original ‘intelligent baboon’ in the ancient past, thereby wiping out the entire 
human species!” 

Science fiction writers have been as puzzled by the grandfather paradox” as 
have been nearly everybody else. As the inventor of the first time machine says in 
one tale,°! “I have devised a method [for travel] into the distant past. The paradox is 
immediately pointed out—suppose [the time traveler] should kill an ancestor or 
otherwise change history? I do not claim to be able to explain how this apparent 
paradox is overcome in time travel; all I know is that time travel is possible. 
Undoubtedly, better minds than mine will one day resolve that paradox, but until 
then we shall continue to utilize time travel, paradox or not.” 

Some may feel it overly dramatic that the classic time travel paradox has such a 
murderous form, but that is its historical origin in science fiction (not in either 
physics or philosophy). We can find the grandfather paradox discussed as if already 
well-known in a letter to the editor at Astounding Stories (January 1933). The 
author of that letter wrote “Why pick on grandfather? It seems that the only way to 
prove that time travel is impossible is to cite a case of killing one’s own grandfather. 
This incessant murdering of harmless ancestors must stop. Let’s see some wide- 
awake fan make up some other method of disproving the theory.” As we proceed, 
you'll see just how clever some of those who responded to that writer’s plea have 
been but, even today, as the grandfather paradox stands revealed as a red herring, it 
is preeminent in most people’s imaginations. If a solution to the grandfather 
paradox puzzle escaped an early science fiction writer, then he would generally 
just mysteriously mention it and then hasten on to other matters. For example, in 
one story” the following exchange between the stock pulp-fiction characters of a 
young hero and a brilliant old scientist occurs: 





47N,, Schachner, “Ancestral Voices,” Astounding Stories, December 1933. 
BN. Schachner, “The Time Imposter,” Astounding Stories, March 1934. 
PC, Dye, “Time Goes to Now,” Science Fiction Quarterly, May 1953. 


©The ‘paradox’ is that, assuming you do arrive in the past with a working gun, why can’t you kill 
your grandfather? After all, you must fail in that quest because otherwise you wouldn’t be there 
from the future to even try. But why must you fail? It is, of course, not actually necessary to try to 
kill your grandfather to run into this paradoxical situation—just go back in time to any moment in 
the past and try to kill yourself! You won’t succeed (if the past is unchangeable), but why not? 
(To argue ‘because the past is unchangeable’ is to beg the question. We need more insight than 
that.) 

SIM. Reynolds and F. Brown, “Dark Interlude,” Galaxy Science Fiction, January 1951. 


°C. South, “The Time Mirror,” Amazing Stories, December 1942. 
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“You mean that time travel really is possible? That men can be transported into the future or 
the past—?” 

The other held up a restraining hand. “Yes. Time travel is possible . . .” 

“But professor! Think of what you’re saying! You’re telling me that I could go back and 
murder my own grandfather. That I could prevent myself from being born—?” 

Again the elder man sighed. “I was afraid of this,” he said. “I knew you could not 
understand.” He hesitated. Then: “At any rate, take my word for it that time travel is 
possible. Also, I assure you that there are any number of perfectly sound theoretical and 
practical reasons why you never could hope to murder your grandparents.” 


We are, however, not told just what those reasons might be. 

Even when all has been said about the impossibility of changing the past, and 
even when they are finally willing to concede that point, most people still cannot 
help wondering why the time traveler can’t kill his grandfather. There the time 
traveler is, after all, just two feet away from the nasty young codger (I assume he is 
nasty to make the whole unpleasant business of murder as palatable as possible), 
with a perfectly functioning and well-oiled revolver in his hand, cocked and loaded 
with powerful, factory-fresh ammunition that even Dirty Harry would find exces- 
sive. What can possibly prevent the time traveler from simply raising his arm and 
doing the deed? Indeed, the artwork (reproduced at the end of the Introduction) 
accompanying one 1944 story shows this act in detail, including the smoking gun in 
the hand of the time traveler who has just taken a shot at grandpop. And if that still 
leaves open the remote possibility of an aiming error through nervousness, then 
why can’t a suicidal time traveler just wrap his body in factory-fresh dynamite and 
blow-up granddad—along with himself and everything else within a hundred feet? 

Pll argue in this book that killing your grandfather in the past, before he sets you 
in motion, is /ogically impossible. The laws of physics will then faithfully do their 
duty. No one will ever find an unfinished note in the empty laboratory of a missing 
traveler who, skeptical of the grandfather paradox, has written “To prove the falsity 
of the grandfather paradox, I will take my time machine back 50 years and kill my 
grandf. ...” Nor will any time traveler have to be concerned about the twist in one 
tale, which opens with the inventor of a time machine is showing the gadget to three 
friends. One of them later steals the machine to go back 60 years to kill his 
grandfather—and the story closes with a near repeat of the opening, with the 
inventor showing the gadget to two friends.” 

Invoking logic in this way, in the context of time travel to the past, was discussed 
in the philosophical literature nearly half a century ago: “If we assume that it is 
impossible for [a time traveler to kill his younger self], some people are inclined to 
ask such questions as this: ‘But how can the laws of logic prevent him from killing 
his younger self? Do they cause his finger to slip on the trigger or the bullet to fly 
apart in mid-air?’ The implication of such questions is that the laws of logic cannot 
prevent such actions. But such questions are like asking: ‘How do the laws of logic 





53h. Brown, “First Time Machine,” Honeymoon in Hell, Bantam 1958. 
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prevent the geometer from trisecting the angle or squaring the circle? Do they, for 
example, cause his ruler to slip as a crucial moment every time he tries wr, 

A similar point was made later by another philosopher: “Surely it is not an 
impairment of ‘freedom of action’ ... that, e.g., you cannot push another person 
harder than he/she pushes you. Just as one would explain this is the case by 
reference to Newton’s third law (‘to every action there is an equal and opposite 
reaction’), one could explain the impossibility of [causing a paradox] by reference 
to the laws which imply such a impossibility. If this explanation is taken to be 
unsatisfactory, it would seem that one is saddled with a general problem concerning 
the reconciliation of physics and ‘freedom,’ and not with a specific argument 
against [paradoxes].”°° 

The grandfather paradox unquestionably nags at all students of time travel. As a 
character in one story declares, “The resolution of [the grandfather paradox] is the 
key to time,”°° and some incorrectly believe it remains unresolved.°’ The paradox 
is undeniably troublesome: as one philosopher put it, the apparent possibility of a 
time traveler being able to do away with both his grandfather and himself gives 
“rise to such puzzles that we are forced to question its [time travel’s] intelligibil- 
ity In the next section we’ll explore how to answer this concern. 


4.3 Changing Versus Affecting the Past 


“The past—it’s pretty damn solid, Phil. It’s a little like a compost pile—fairly soft near the 
surface but packed hard further down, with all that Time piled on top of it.””” 
—one ‘explanation,’ perhaps, for the unchangeability of the past 


The common belief today, among physicists and philosophers alike, is that given 
any consistent description of reality it is simply impossible for a time traveler to kill 
himself as a baby. As one philosopher put it, “Autoinfanticide is metaphysically 
impossible [my emphasis]. This metaphysical impossibility is philosophically 
intriguing because unlike most impossible events, we can vividly picture how it 
might look. Time travel itself seems possible, and for those who arrive in the past 





4 Ww. Meiland, “A Two-Dimensional Passage Model of Time for Time Travel,” Philosophical 
Studies, November 1974, pp. 153-173. Science fiction had already considered time travel suicide 
in, for example, K. Neville, “Mission,” Fantasy and Science Fiction, April 1953. 

°F, Arntzenius, “Causal Paradoxes in Special Relativity,” British Journal for the Philosophy of 
Science, June 1990, pp. 223-243. 

5°P, Worth, “Typewriter from the Future,” Amazing Stories,” February 1950. See also note 106 in 
Chap. 1. 

57For example, in J. H. Schmidt, “Newcomb’s Paradox Realized with Backward Causation,” 
British Journal for the Philosophy of Science, March 1998, pp. 67-87, we read that “there are as 
yet no generally accepted solutions” to the grandfather paradox. 

588, Gorovitz, “Leaving the Past Alone,” Philosophical Review, July 1964, pp. 360-371. 

5°R. M. Busby, “A Gun for Grandfather,” Future Science Fiction, Fall 1957. 
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with proper equipment and training, the actual infanticide should not be difficult.”°° 


And so the grandfather paradox lives on, bedeviling both physicists and philoso- 
phers alike. 

Indeed, one physicist described the time travel paradoxes as “the most contro- 
versial issue related to time machines.”°' As he argued, “These paradoxes seem to 
be something inherent to time machines (their main attribute, perhaps), so it is 
reasonable to assume that if there exists a universal law prohibiting the time 
machines, it must have something to do with the paradoxes. And on the other 
hand, be the problem of the paradoxes satisfactorily solved there probably would be 
no need to look for such a law, the (supposed) paradoxicalness of the time machines 
being traditionally the main objection against them.” 

One of the persistent stumbling blocks to removing the confusion of the para- 
doxes is a failure to distinguish between affecting and changing the past. One 
philosopher wrote this, in a somewhat bungled attempt to explain what is meant 
by affecting the past: “Nothing anyone can do now can make it not have rained 
yesterday” if, in fact, it did rain yesterday. This is correct, but it is not what is 
meant by affecting the past. Rather, if the reason it did rain yesterday is because a 
time traveler from the future seeded the clouds, then that time traveler affected the 
past. Making it not to have rained yesterday would be to change the past. 

A classic®* by Isaac Asimov illustrates what is meant by a time traveler affecting 
the past. An idealistic physics professor, convinced that the world’s political 
problems are the result of the comparative newness of scientific thought and 
tradition, tries to change the past (and thus the present) by sending a Greek 
translation of a modern chemistry text back 2000 years to the Hellenic days of 
Leucippus, Lucretius, and Democritus. He dies in the attempt but succeeds in the 
transmission. When a government investigator—called in because the professor 
drained an entire nuclear power reactor to energize his time machine!—discovers 
that the transmission takes a day to travel back a hundred years (a little gimmick 
with no foundation in physics, but simply something Asimov needed for the story), 
he fears ‘our’ world will vanish in 20 days, to be replaced by a ‘new’ one. In the end, 
however, he learns you can’t change the past. As one of the late professor’s 
colleagues tells the investigator, “While you are right that any change in the course 
of past events, however trifling, would have incalculable consequences ... I must 
point out that are nevertheless wrong in your final conclusion. Because THIS is the 
world in which the Greek chemistry text WAS sent back.” 





David Horacek, “Time Travel in Indeterministic Worlds,” The Monist, July 2005, pp. 423-436. 
oly Krasnikov, “Time Travel Paradox,” Physical Review D, February 14, 2002, pp. 064013-1 
to -8. 

©R. G. Swinburne, “Affecting the Past,” Philosophical Quarterly, October 1966, pp. 341-347. 
«The Red Queen’s Race,” Astounding Science Fiction, January 1949. 
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Another good illustration from science fiction of affecting the past can be found 
years before Asimov’s. In that story," a time traveler leaves the Chicago of 1942 
for the year 3000. Much later, in the year 2564, another time traveler interested in 
history journeys back to 2253 in an attempt to learn the cause of the great Chicago 
explosion of that year. The explosion was centered on the site of an ancient 
laboratory once used by a scientist who mysteriously vanished in 1942. The second 
time traveler begins his trip into the past on the same spot, with plans to go back to 
the day before the explosion. At the story’s end, we learn that the disaster was the 
result of the two time travelers colliding as both ‘passed through’ 2253. The 
backward traveling historian, therefore, by pushing a button in 2564, is the cause 
of an event that happened 311 years earlier. 

To give a science fiction example of changing the past, it would be hard to do 
better than with a story that appeared a few years after Asimov’s The central 
character is a researcher in time travel who has concluded that what is wrong 
with the world can be traced back to the scientific method getting off to a late 
start (this story was almost surely written as a result of Asimov’s tale!): the 
time traveler thinks he can correct matters by visiting 340 B.C. and educating 
Aristotle on the proper scientific attitude. (Aristotle believed that observing the 
world was inferior to pure thinking about how the things, in his opinion, ought to 
work.) This the time traveler does, with utterly disastrous consequences. He returns 
to the present to find a scientifically retarded world that makes him a slave. In his 
cell he writes on a wall the bitter lesson he has learned too late: “Leave Well 
Enough Alone.”°° 

It is the fear of time travelers from the future attempting to alter the past that has 
led some philosophers (and not just a few physicists) to assert that time travel is 
impossible, because it would mean what they feel to be impossible might happen: 
changing the past. One philosopher, however, argued long ago that such a worry is 
unwarranted. As he wrote at the end of an essay (a polemic against the concept of 
four-dimensional spacetime, and so against the idea of time travel), “Squandering 
vast sums on foolish enterprises is an everyday occurrence. [For example], will the 
U.S. time explorer get back and eliminate Lenin before his Russian rival gets back 
even earlier and eliminates George Washington? ... If such spectacular folly once 
gets under way because governments have been convinced of some nonsensical 
theory, a logician will not ... lose any sleep about who is going to succeed.”°” 





40, Saari, “The Time Bender,” Astounding Stories, August 1937. 

This story describes something a bit more than ‘simply’ affecting the past; it has a causal loop in 
it. The time traveling historian makes his trip because of an event in the past that his trip causes. 
Such paradoxes will be the subject of the next section. 

°°. Sprague de Camp, “Aristotle and the Gun,” Astounding Science Fiction, February 1958. 
Asimov and de Camp were close friends, and their two stories with similar premises are clearly the 
result of a bit of friendly rivalry. 
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And long before that essay (with its correct conclusion reached through faulty 
reasoning) was penned, we learn the same lesson (in a 1923 tale by the English 
novelist May Sinclair (1863—1946)) as we follow a woman right into hell after her 
death; she ends up there because of an immoral life. She then wanders through time, 
into her past, but finds that she can change nothing. As she is told, “You think the 
past affects the future. Has it never struck you that the future may affect the past? 
... You were what you were to be.”®* This last line, from a non-science fiction 
story, is consistent with the modern view held by physicists of time travel. You 
cannot travel anywhere into the past unless you’ve already been there, and when 
you do make the trip you will do what you’ve already done there. You could not, as 
does the time traveler in one tale,°’ change the course of history by revealing 
twentieth-century physics in the eighteenth century. That does not mean you would 
necessarily be ineffectual during your stay in the past, however (certainly it doesn’t 
mean, as Hugo Gernsback thought, that you’d be invisible!) Not being able to 
change the past is not equivalent to being unable to influence or affect what 
happened in the past, and science fiction writers have used this distinction to 
good effect, as did Asimov (note 63) and de Camp (note 66). 

Robert Heinlein was a science fiction writer who clearly understood time travel 
paradoxes, both what they mean and, at least as important, what they do not mean. 
In his 1964 cold-war novel Farnham’s Freehold, for example—the story of a 
family that is literally blasted twenty-one centuries into the future when their 
bomb shelter receives a direct hit from a Soviet nuclear warhead—we find follow- 
ing exchange as two of the characters are about to return to their original time via 
time machine: 


“The way I see it, there are no paradoxes in time travel, there can’t be. If we are going to 
make this jump, then we already did; that’s what happened. And if it doesn’t work, then it’s 
because it didn’t happen.” 

“But it hasn’t happened yet. Therefore, you are saying it didn’t happen, so it can’t 
happen. That’s what I said.” 

“No, no! We don’t know whether it has already happened or not. If it did, it will. If it 
didn’t, it won't.” 


Modern philosophers, and many physicists, too, as well, who have examined the 
concept of time travel in depth, agree with Heinlein’s character and, indeed, it is 
now common practice to invoke the so-called principle of self-consistency—gen- 
erally attributed to the Russian astrophysicist Igor Novikov (see note 117 in 
Chap. 1) because he and his colleagues did not simply invoke it, but rather were 
able to derive it from the principle of least action, a concept held by many to be at 
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the highest level of importance in physics”: all that is required, argued Novikov, in 
any physical process (including time travel), is that a logical consistency exist 
between events.’! In his book Evolution of the Universe (originally published in 
Russian in 1979), Novikov wrote “The closure of time curves does not necessarily 
imply a violation of causality, since the events along such a closed line may be all 
“self-adjusted’—they all affect one another through the closed cycle and follow on 
another in a self-consistent way.” He later repeated that view in one of the first time 
machine papers in the physics literature.’ 

In fact, despite the attachment of Novikov’s name to the principle of self- 
consistency, it was actually around in physics decades earlier; it has been traced 
back to as far as 1903!”° And at least an intuitive understanding of the principle can 
be found in the mainstream literature from nearly as long ago. For example, in Lord 
Dunsany’s short 1928 play The Jest of Hahalaba (the inspiration for the 1944 film /t 
Happened Tomorrow), a man obtains (via supernatural means) a copy of tomor- 
row’s newspaper. In it he reads his own obituary, which so shocks him that he 
promptly expires—thus explaining the obituary notice. 

The principle of self-consistency has been in science fiction long before Novikov, 
too. An example is the 1941 story “Time Wants a Skeleton” (see note 15). In it 
one character, after puzzling over a time travel paradox, realizes that “Future and 
present demanded co-operation, if there was to be a logical future!” And a nice 
lecture on the principle (that pre-dates by 3 years the dialogue quoted earlier from 
Heinlein’s Farnham’s Freehold) is given by a character that is particularly interest- 
ing because it was published, not in a specialty science fiction magazine catering to 
an audience with “genre knowledge’ of time travel, but rather in an icon of general 
American culture.“ 

Not all science fiction writers, however, have understood the requirement for 
consistency around a loop in time. In one tale, for example, a man meets the 
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inventor of a time machine and agrees to his request to use it to travel into the future. 
Once he is in the future, alas, the machine breaks. The man then finds another 
machine that, though it is too small for him to fit in it, is able to hold a recording 
that he sends back into the past to himself, to a time before he started his forward 
journey. The message on the recording (which he did not receive the ‘first’ time) is, 
of course, not to make a deal with the inventor. This advice he follows, and so the 
principle of self-consistency is violated twice in this story.” 

An ability to play a role in history is not without some constraints. You can’t 
save Jesus with a rifle (see note 45), or Joan of Arc with a fire extinguisher, or 
knock-out John Wilkes Booth with a baseball bat outside of Ford’s Theatre, or 
blow-up Hitler with a bomb, and you can’t prevent either the Black Death in the 
London of 1665 or the Great Fire the following year. But it is logically possible for 
a time traveler who has an infected rat sneak into his time machine, or who 
carelessly discards a match, to be the cause of the last two examples. That was 
the fate, for example, of the time traveling historian from A.D. 2461 who was the 
cause of the plague in A.D. 562 Rome, as well as of that in England nearly 800 years 
later.’° 

Michael Moorcock’s 1969 novel Behold the Man gets the impossibility of 
changing the past, and the possibility of affecting it, right. When a disturbed man 
journeys backward in time to ancient Galilee to meet Christ, only to discover that 
there is no such person, He assumes the role and lives out the Biblical accounts up to 
and including dying on the Cross. He has not changed the past, but he certainly 
plays an important role in it! 

An early science fiction story that got this right, long before the philosophers and 
physicists thought of it, was the clever tale whose artwork I have reproduced at the 
end of the Introduction.”’ In that story, a time traveler journeys back from 1943 to 
1870 and shoots his then 14-year old grandfather in the head. Leaving his victim 
lying on the ground with “blood oozing all over the youth’s forehead,” the would-be 
killer returns to 1943. Once back, however, he finds himself in a strange place 
where he learns from two men that the Germans destroyed New York in 1920 with 
poison gas! Suddenly realizing that the death of his grandfather has apparently 
changed history (a curious oversight for anyone smart enough to invent a time 
machine and then to use it to force the ‘grandfather paradox’), he decides he’d rather 
be dead than be cut off for all time from the world he remembers. So, he shoots 
himself dead. Then we learn that the two men he encountered are actually inmates 
in an asylum who like to make-up stories for unsuspecting strangers. We also learn 
that the time traveler’s grandfather's photographs always did show him with a 
“white, furrowed scar on his forehead that might have been caused by a glancing 
bullet.” 
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| am going to invent 
time travel??? 





Fig. 4.4 The inventor of a time machine about to commit autoinfanticide in the past (the 
youngster holding the teddy bear is a younger version of the time traveler). Illustration reproduced 
by the kind permission of Frank Arntzenius (Professor of Philosophy at Oxford University), from 
his paper “Time Travel: Double Your Fun,” Philosophy Compass, November 2006, pp. 599-616 


Well, okay, you might say at this point, ‘I’m convinced you can’t change the 
past, but let’s get back to the autoinfanticide (grandfather) paradox. So why can’t a 
time traveler kill his baby-self in the past?’ A possible answer, one now generally 
accepted by philosophers and physicists alike, appeared first in science fiction. In a 
tale” that appeared just the year after Gédel’s 1949 discovery of time travel in 
general relativity, we find a character saying “The answer is quite simple. When the 
man goes back in time and kills his grandfather, and returns to his own time again, 
he finds to his surprise that he made a mistake. It was not his grandfather at all! And 
no matter how many times he goes back and kills his grandfather ... he always 
[my emphasis] finds he made a mistake.” Or, perhaps, some noise distracts him as 
his finger tightens on the trigger, or the grenade he tosses at granddad is a dud, or a 
gust of wind deflects the arrow, or (most ludicrous of all) he simply slips on a 
discarded banana peel! 

Okay, that works for that time traveler. But suppose, someone objects, that we 
arrange to have a /ot of time travelers go back in time, each with murder in his heart 
for his grandfather. Then, as one philosopher has observed, “Since [killing one’s 
grandfather in the distant past] is impossible, each assassin fails. Some change their 
minds, others slip on banana peels, yet others kill the wrong target, and so on. But 
there is something odd about the idea that such coincidences are guaranteed to 
happen, again and again!””? 

Early science fiction avoided invoking banana peels by providing an even more 
extreme ‘explanation’ for the failures: the time police, who are charged with foiling 
would-be grandfather killers. (See, for example, the many stories by Poul Anderson 
(1926-2001) of the “Time Patrol.’) These time commandos are imagined to roam 
the corridors of time, disrupting the attempts of all those who would change 





“Typewriter from the Future”: see note 106 in Chap. 1. 


Theodore Sider, “Time Travel, Coincidences, and Counterfactuals,” Philosophical Studies, 
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recorded history. Stories of these temporal cops are simply westerns, mysteries, 
police procedurals, or some other similar type of specialty genre story wearing thin 
camouflage. This story device, whose main purpose is to allow both time travel and 
free will,®° has been correctly called “boring” by at least one philosopher (see note 
5 in the Introduction), an evaluation shared by modern philosophers, physicists, and 
(I think) even most modern science fiction writers. 

So, we seem to be back to banana peels to save grandfather—but it is difficult to 
deny that vast hordes of murderous grandsons do appear to require an unlimited 
number of strategically placed banana peels, strewn all about the past, to trip-up 
every one of those potential assassins. This problem, of repeated, improbable 
coincidences to thwart murderous descendants from the future, was_ first 
commented on by the philosopher Paul Horwich in 1975 (see note 19 in the 
Introduction), and then given a convincing resolution by another philosopher in 
1997.°) 

To explain the argument, I’1l first use the philosopher’s less deadly example of 
dated objects. “Suppose,” he writes, “that every object has written upon it the date 
on which it will cease to exist ... perhaps a time traveler travelled into the future, 
observed the demise of objects and then travelled back [to just after he left for the 
future] and wrote the dates.”** If now the time traveler tries to destroy an object 
before the date written on it, then he will fail. As the philosopher amusingly 
described his attempts to destroy a pen ‘before its time,’ “I take it outside to 
place under the wheels of a passing train, but there is a train strike that day. The 
telephone rings just as I am about to drop the pen into a vat of acid. I slip on a 
banana peel on my way to put the pen in the microwave. My dog eats my designs for 
a pen grinder. And so on, for as long as you please. However many attempts I make, 
the attempts in no way require the occurrence of the coincidences that foil them.” 
To put it bluntly, ‘Stuff happens.’ The pen has the observed date of its destruction 
on it, and that date is still in the future and so it is simply impossible to destroy 
it now. 

Now, here’s the point: the date on the pen is there because all those attempts to 
destroy it before that written date fail. But the presence of the date is not the reason 
for any of the weird (?) occurrences that disrupted all the attempts to destroy the 
pen, but rather it’s because all those attempts failed that the date is what it is. This 
same argument applies to the grandfather paradox. The only time travelers avail- 
able, today, to go back into the past to try to kill their grandfathers, are precisely 
those time travelers whose grandfathers were nof killed. Or, to paraphrase our 
philosopher (note 81), to ask ‘why do coincidences always foil the time traveller’s 





8°See, for example, David King, “Time Travel and Self-Consistency: Implications for Determin- 
ism and the Human Condition,” Ratio, September 1999, pp. 271-278. 

8'Nicholas J. J. Smith, “Bananas Enough for Time Travel?” British Journal for the Philosophy of 
Science, September 1997, pp. 363-389. 

®?This does present us with the curious (although non-paradoxical) situation that the time traveler 
will find, upon his appearing in the future, the date he will write (in his personal future) when he 
returns to just after he left on his time trip. 
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attempts to kill [grandfather in the distant past], is to get things back to front. It is 
only because the murder attempts fail that the time traveler is alive in the future to 
even make the attempt.’ 

In other words, not only is the grandfather ‘paradox’ not a paradox, it isn’t even 
surprising! 


4.4 Causal Loop and Bootstrap Paradoxes 


“My dear Collingwood, don’t drive yourself crazy trying to resolve the paradoxes of time 
travel. The [time machines] are gone ... have a drink.”** 


The grandfather paradox might finally have been put to rest, but there are still 
plenty of other logical minefields left to be negotiated. One of the more puzzling is 
that of the closed loop in time, a conundrum nicely illustrated by one philosopher®* 
as follows, as an explanation of the journey one time traveler makes to 3000 B.C.: 
“In our time travel story it just may be that the traveler’s interest in going back to 
ancient Egypt is stimulated by recently discovered documents, found near Cairo, 
containing the diary of a person claiming to be a time traveler, whereupon our hero, 
realizing it is himself, immediately begins ... construction of a rocket in order to 
‘fulfill his destiny.’” In other words, (1) he builds a time machine and goes back to 
the past because of the discovered diary, and (2) the diary is discovered because he 
goes back to the past. Each of these points by itself has logical clarity, but together 
they form a closed time loop (a causal loop) of enormous mystery. 

Science fiction was strewn with causal loops long before the philosophers and 
physicists began to ponder them, however, with (for example) one early tale on a 
time traveler who journeys a century into the past because she finds an old, 
yellowed newspaper story describing her arrival.*° But this tale wasn’t the first to 
use a causal loop, as we can find one of the first sophisticated treatments of this 
device in a story that appeared even earlier (in the same publication).*° A time 
traveler in 1930, about to start his journey into the future in an airplane/time 
machine, wonders at the last moment if he should really go—then he sees himself 
returning and thus knows he will successfully make the trip. 

As he later tells a friend, “That decided me ... Paradoxical? I should say so! I 
had seen myself return from my time-trip before I started it [just like Marty McFly 
in the original Back to the Future film]; had I not seen that return, I would not have 





83.4 science fiction suggestion that in certain situations (particularly causal loops), might actually 
be good advice! From L. Sprague de Camp’s “The Best-Laid Scheme,” Astounding Science 
Fiction, February 1941. 


847 Dwyer, “Time Travel and Some Alleged Logical Asymmetries Between Past and Future,” 
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commenced that strange journey, and so could not have returned in order to induce 
me to decide that I would make the journey!” And later, when he finds himself in a 
dangerous situation in the future, he draws hope from that initial experience: “I 
would escape ... It was so decreed. Had I not, with my own eyes, seen myself 
appear out of the fourth dimension back there in the Twentieth Century, and glide 
down to my landing-field? Surely, then, I was destined to return to my own age safe 
and sound.” 

Even more dramatic is the second, internal time loop that ends the story. When 
the time traveler arrives in a ruined city in the year A.D. 1,001,930 he is greeted, by 
name, by an old man who says he (the old man) is the Last Man alive. He knew the 
time traveler was coming because an ancient history book had said the Last Man 
had, in fact, appeared in the year A.D. 502,101 in the very time machine out of 
which the time traveler has just stepped. The time traveler is so startled by all this 
(and who could blame him!?) that he decides to mull over what he has been told 
until the next day. As he wakes up in the morning, he is just in time to watch the 
Last Man depart for 502,101. Stranded in the future, the time traveler wanders the 
empty city in despair until he chances upon a museum. And in the museum, sealed 
in a glass case, is his time machine (!)—it has been there for half a million years, 
since the end of the Last Man’s journey. And so the time traveler is saved; he 
merely adds some oil to the still-functional engine (if you can accept time travel, I 
suppose this is no more difficult to believe) and returns to 1930—just as he saw 
himself do at the beginning of the story. 

Since Bridge’s astonishing story, the idea of a causal loop in time has been used 
many times in science fiction. Here’s a representative sampling: 


(1) Time travelers arrive in the forty-sixth century, only to find that they are 
expected. Their host tells them why: “I have been awaiting your arrival from 
the past. I have a written record of your coming. You see, I have a time 
machine myself ... With my time machine, I recently went a year into the 
future and read the written account I had made, or will make after you leave. 
Then I came back, awaiting your arrival.”*” 

(2) Armed travelers return to the Triassic age to uncover the secrets of a myste- 
rious artifact that has been recently discovered; at the end we learn it is the 
remains of their own automatic rifle®®; 

(3) A time traveler journeys back 500 years, where he suffers an accident that 
results in his being “‘agelessly stuck” in his time-traveling gadget until he is 
freed—by himself, 500 years later. He then gets into the gadget to journey 
back 500 years®”; 

(4) The world’s time suddenly loses 5 min, an astonishing event that comes to be 
called “the time drop.” After 2 weeks of investigation, a reporter traces this 





878. Binder, “The Time Cheaters,” Thrilling Wonder Stories, March 1940. 
88], Blish, “Weapon Out of Time,” Science Fiction Quarterly, Spring 1941. 
89. B. Chandler, “The Tides of Time,” Fantastic Adventures, June 1948. 
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(5) 


(6) 


(7) 


(8) 


4 Philosophers, Physicists, and the Time Travel Paradoxes 


event to a reclusive (but brilliant, of course) scientist who reveals that he has 
invented a time machine. The reporter decides to test this claim by using the 
machine to return to just before the start of the time drop, to observe precisely 
what caused it—it is, in fact, a malfunction of the machine that is at fault and 
the reporter finds himself caught in a 2-week long causal loop”’; 

A physicist knows something odd lies in his future when he is confronted with 
a 700 year-old museum copy of a book. The puzzle is how to explain a 
message penned in ancient, faded ink, in modern English and in his handwrit- 
ing, on the back side of one of the recently unglued endpapers! How, too, to 
explain his own fingerprints all over the same endpaper? How, indeed, to 
answer these questions is his problem when he is presented with all of this and 
is asked, “Have you, by any chance, been visiting the thirteenth century?” At 
the end of the story the time loop is closed when the physicist finds himself 
writing that same message on a brand new copy of the book that has been sent 
from the past (and that he returns to the thirteenth century via a “time 
portal”)?'; 

A time traveler from 1964 is secretly observed by one of the ‘locals’ when he 
arrives in 1683. The oddness of the sudden appearance of the time traveler and 
his machine (“It were a kind of Dazzle’’) makes the local think it might be that 
the stranger is the man who stole some items from his home the previous 
night, the same night he had an “ill Dream.” Stealing the time machine after 
the time traveler has gone exploring, the local travels to 1964 where he learns 
how valuable antiques are. So back he goes to 1683, to the night before the 
time machine first appeared, to get some ‘antiques’ from his house. And thus 
he realizes who the thief really was. Before leaving again for the future, he 
enters his own bedroom to see himself asleep and then to awaken. And so he 
also learns the cause of what he called his “ill Dream.”””; 

A movie production crew goes into the past to make a film. At the end of the 
story it becomes clear that their presence in the past was not an insignificant 
event, as one character realizes after seeing the evidence of how they affected 
(not changed!) the past: “If this is true, then the only reason that the Vikings 
settled in Vinland is because we decided to make a motion picture showing 
how the Vikings settled in Vinland””’; 

A private college, endowed decades before by a generous but mysterious 
benefactor, experiments with a time machine. Suddenly, one of the college’s 
graduates is accidently sent a hundred years into the past—where she becomes 
the benefactor. The college comes into existence, therefore, because it will 
exist”*; 





°0W. Sheldon, “A Bit of Forever,” Super Science Stories, July 1950. 
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(9) A man gets the money to support his experiments in time travel by selling a 
large collection of old, rare comic books he has discovered in his late mother’s 
attic. Later we learn how the comic books came to be there; after his exper- 
iments are successful, the inventor travels back into the distant past, buys the 
newly published comic books right off newsstands, and stores them in his 
mother’s attic where, decades later, he knows his younger self will grow up 
and then find them (and thus get the money to make it all happen)”; 

(10) Inthe 1980 film Somewhere in Time (based on the 1975 novel Bid Time Return 
by Richard Matheson), a man in the present is visited by a mysterious old 
woman who gives him a watch. Later, he travels back to 1912 where he meets 
a girl to whom he gives the watch. He then returns to the present, and she lives 
out her life from 1912 on, until she too reaches the present, where we discover 
she is the (now old) woman who gives the man the watch. 


Once philosophers discovered the bizarre nature of causal loops, they quickly 
proved themselves to be the equal of science fiction writers in imagining strange 
doings. Here’s one example of that, one which any writer would be proud of: “If 
James cannot decide whether to marry Alice or Jane, he simply travels to the future 
and learns that he is to choose Alice; he then chooses her for this reason. One wants 
to object that the decision to marry Alice was never really made at all! But this is 
not true; the decision was made—as a result of the knowledge that this was the 
decision ... It is not the case that the prospective bridegroom could visit the future 
and compare the results of marrying Alice with those of marrying Jane in order to 
decide between the alternatives. For if he visits the future, he will learn only that in 
fact he chose Alice, for better or for worse!’”””° 

This same philosopher elaborated on his view of causal loops in a later paper, 
where he wrote “What if time travel becomes commonplace, so that we must deal 
with a constant stress of time travelers returning from the future to reveal what they 
have seen?”®’ His answer is “I think it is clear that the ... causal loop we have been 
discussing would become very common, and would play a prominent role in human 
affairs.” He denied, however, that such causal loops would mean the loss of free 
will. As he explained his position, knowledge of a rigged roulette will not prevent 
you from putting your money on the table if you want to, but perhaps that 





SD), Knight, “The Man Who Went Back,” Amazing Stories, November 1985. This same idea was 
used earlier in the story “Compounded Interest,” (Magazine of Fantasy and Science Fiction, 
August 1956) by Mack Reynolds, in which the inventor of a time machine has the money to 
build his gadget because he uses it to go back into the past where he deposits a small sum, which 
then grows (through the ‘magic’ of compound interest) into the cash he needs to fund his time 
machine. 
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knowledge will influence your freely made decision making. Whether you learn that 
the roulette wheel is rigged by traditional means (perhaps you see magnets being 
installed under the table) or by means of time travel is irrelevant—even with this 
knowledge, you act freely. Other philosophers have not been so generous. One 
disliked causal loops so much, for example, that while he believed them to be 
conceptually possible, he also thought them to have “a queer smell,”’* so much so 
that he simply preferred to avoid thinking about them! 

One concern that many philosophers and physicists have had with closed loops 
in time is that they fear that would mean being trapped on an endless cycle of 
repeating events. For example, one philosopher long ago wrote 


“There is nothing contradictory in imagining causal chains that are closed, though the 
existence of such chains would lead to rather unfamiliar experiences. For instance, it might 
then happen that a person would meet his own former self and have a conversation with 
him, thus closing a causal line by the use of sound waves. When this occurs the first time he 
would be the younger ego, and when the same occurrence takes place a second time he 
would be the older ego. Perhaps the older ego would find it difficult to convince the younger 
one of their identity; but the older ego would recall an identical experience long ago. And 
when the younger ego has become old and experiences such an encounter a second time, he 
is on the other side and tries to convince some ‘third’ ego of their physical identity. Such a 
situation appears paradoxical to us; but there is nothing illogical in it.”°° 


What has been (erroneously) described with that is the beginning of an endless 
succession of encounters around a closed causal loop. There is, however, just one 
encounter on such a loop in spacetime (but, of course, the mind of the time traveler 
experiences the encounter twice), subject to the constraint of self-consistency. 
Some physicists, too, have been so concerned about multiple trips around closed 
timelike curves (CTCs), because they think such trips would allow the past to be 
changed, that they have felt it necessary to specifically forbid such a possibility. As 
one paper put it, “That the principle of self-consistency is not totally tautological 
becomes clear when one considers the following alternative: The laws of physics 
might permit CTCs; and when CTCs occur, they might trigger new kinds of local 
physics which we have not previously met. For example, a quantum-mechanical 
system, propagating around CTCs, might return to where it started with values for 
its wave function that are inconsistent with the initial values; and it might then 
continue propagating and return once again with a third set of values, then a fourth, 
then a fifth ... The principle of self-consistency by fiat forbids changing the 
past.”°°This last statement is, of course, in agreement with the position I have 
taken in this book, a position that has generally been accepted by most philosophers 
for several decades now, but the proponents of the principle of self-consistency 
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seem to have been driven to it by a fear of the past ‘happening again’ over and over, 
as in the 1993 film Groundhog Day. 

Science fiction writers have stumbled into the error of endless cycling on a 
closed time loop, too. In one such tale,!°! the inventor of the first time machine 
travels 500 years into the future where he finds a bronze statue of himself that 
honors his discovery of time travel. Suddenly injured, fatally, he returns to the 
present with the statue and then dies. As a memorial, the statue is placed in the very 
spot where the inventor found (will find) it. As the tale ends, the late inventor’s lab 
assistant wonders to himself what will happen 500 years later: “Suddenly a strange 
machine will come out of the past and [the inventor] will be here again—although 
he is dead and has been dead 500 years. [He will take the statue] and go back to the 
past ... to die. And once again that maddening cycle will begin, to go on and on 
forever as long as time spins its threads.” 

That story illustrates yet another puzzle associated with those causal loops that 
contain a circulating, physical object. That is, who made the statue? We can ask the 
same question about the watch in the time loop of Somewhere in Time/Bid Time 
Return as, at every instant of its existence, the watch is in the possession of either 
the man or the woman? So, when was the watch constructed? 

There have been some science fiction writers who specifically recognized this 
question, long before either the philosophers or the physicists paid attention to it. In 
one early tale,'°” for example, we read of a time machine that travels from 1935 to 
1925. When the question of the origin of the time machine comes up, we read 


“One time machine, found in 1935 and brought back to 1925—found in 1935 because 
brought back to 1925. That is all.” 

“But who made it in the first place?—Oh, skip the ‘in the first place.’'°* Just plain: who 
made it?” 

“No one. It was never made ... It is here because it is here.” 


This same puzzle was addressed in The Technicolor Time Machine (note 93), 
when one character is perplexed over a piece of paper in his wallet with a diagram 
on it, a piece of paper he got from himself (an older version of himself, who traveled 
into the past to give it to his younger self). In frustration, he asks a friend: 


“Then no one ever drew this diagram. It just travels around in this wallet and I hand it to 
myself. Explain that.” 

His friend replies: 

“There is no need to, it explains itself. The piece of paper consists of a self-sufficient 
loop in time. No one ever drew it. It exists because it is, which is adequate explanation. If 
you wish to understand it, I will give you an example. You know that all pieces of paper 
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have two sides—but if you give one end of a strip of paper a 180-degree twist, then join the 
ends together, the paper becomes a Mébius strip that has only one side. It exists.'°* Saying 
it doesn’t cannot alter the fact. The same is true of your diagram; it exists.” 

“But—where did it come from?” 

“If you must have a source, you may say that it came from the same place that the 
missing side of the Mobius strip has gone.”'° 


The undeniable mystery of causal loops is the reason behind the philosopher I 
cited earlier (note 98) who thought they have a “queer smell” and so viewed them 
with much suspicion. He wasn’t alone in that feeling, and another philosopher said 
as much whe he wrote “despite [strong] arguments for the consistency of time travel 
stories [with causal loops], the impression is apt to remain that something is wrong 
with them. I think this impression is correct.”!°° One story that this philosopher 
could well have had in mind is a classic, 107 4 tale that describes a knife brought from 
a museum in the future back to the present. It arrives in the present with a flawless 
blade, but soon thereafter gets a nick in the blade. How, wonders the narrator, can 
the time loop be completed “again’’? I do not find this quite the puzzle that either the 
author (and perhaps the philosopher) do: it is simply a variation of the grandfather 
paradox (which has been shown not to be a paradox at all). /f the knife is found 
flawless in the future, then it was not (will not) be nicked in the past. As written, the 
story is not logically consistent as it involves changing the past but, if one removed 
the detail of a nicked blade, then we would have a true (paradoxical) causal loop, 
with the question the story, itself, asks about the knife: “How was this knife created 
... When its existence has no beginning or end?” 

The nicked knife does illustrate a subtle problem that bedevils any causal loop 
containing a physical object. Consider once again the watch in the film Somewhere 
in Time. Assume the watch received by the man in the present is bright and shiny. 
He then takes it back into the past and gives it to his love. It remains with her after 
his return to the present until, decades later, she gives it to him—bright and shiny. 
Why didn’t it tarnish? Is there some peculiar anti-tarnish property to a watch in a 
causal loop? Well, if so, is that anymore odd than a causal loop itself?'°* 

None of that, however, provides a means for rejecting time travel if one can 
argue that it is possible to have time travel without causal loops. Indeed, Professor 
Hanley (see note 105) argues that it is possible, and presents what he claims is an 





104See note 99 in Chap. 1, and the related discussion there. 
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example of how to do it. Alas, another philosopher convincingly showed that the 
example is flawed and that Hanley’s claim that there is no causal loop in his story 
“is unjustified.”!°° From an entertainment point of view, however, eliminating 
causal loops is going in the wrong direction, as it is the inclusion of causal loops 
that gives a feeling of mystery to a good science fiction story. 

To finish this section, then, we can do no better than to discuss causal loops that 
are even more bizarre than are those with a physical object; that is, loops that 
involve time traveling information. (Since information doesn’t ‘tarnish,’ however, 
such a loop avoids that particular puzzle associated with a physical object in a 
causal loop.) A classic example of such a loop is a mathematician who is visited in 
his youth by a time traveler from the future (perhaps himself), who gives him the 
proof of a theorem for which the mathematician is (will be) famous in the future. 
Where, then, did the proof actually come from? In what mind was it created?! . 

The philosopher David Lewis wrote with particular insight on causal loops, 
especially ones that involve information transfer, such as a time traveler going back 
in time to tell his younger self how to build a time machine so that once its 
constructed he can go back in time and tell himself how to do it.''' (This was 
item (3), you’ll recall, in Jim Nicholson’s 1931 letter to Science Wonder Stories 
magazine, quoted at the end of the first section of this chapter.) As Professor Lewis 
wrote (see note 5 in the “Introduction’’), “But where did the information come from 
in the first place? Why did the whole affair happen? There is simply no answer 
[my emphasis]. The parts of the loop are explicable, but the whole of it is not. 
Strange! But not impossible, and not too different from inexplicabilities we are 
already inured to. Almost everyone agrees that God, or the Big Bang, or the entire 
infinite past of the Universe, or the decay of a tritium atom, is uncaused and 
inexplicable. Then if these are possible, why not the inexplicable causal loops 
that arise in time travel?” 

A few years later, another philosopher’ !* gave a similar response to a paradox 
involving a causal loop similar to Lewis’, a loop involving a time machine 
containing a book with instructions on how to make the time machine. The book 
travels into the past on the machine so it can be read—in order to make the machine. 
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In answer to the question “Who wrote the book about building a time machine?” the 
philosopher says this question is “no different from questions about where anything 
originally came from. We can ask about the origin of the atoms . .. their time line is 
not neatly presented to us. The atoms either go back endlessly, or if the Universe is 
finite, they just start. In either case the question of ultimate origin is as unanswer- 
able as the question of the book’s origin. What makes us think that when such 
questions are asked about the loop they are different and ought to be answerable is 
that the entire loop is open to inspection.” While the instructions in the book don’t 
tarnish, the book itself of course brings us back to our previous antique watch 
‘problem.’ Suppose the book is brand-new at the start of the trip backward in time. 
Later, when the machine (and the book) have reached the end of the loop, just 
before beginning the trip back in time, have the pages turned yellow and brittle? If 
so, how do we account for the brand-new version? And if not, why not? 

An analyst who takes strong exception to these two philosophers is Oxford 
physicist David Deutsch, who wrote (note 100) “the real problem with closed 
timelike lines under classical physics is that they could be used to generate 
knowledge in a way that conflicts with the principles of the philosophy of science, 
specifically with the evolutionary principle.” What Deutsch is referring to is the 
metaphysical claim, attributed to the philosopher Karl Popper (see note 36 in 
Chap. 3), that knowledge comes into existence only by evolutionary, rational 
processes and that solutions to problems do not spring fully formed into the 
universe. One might call this the physics version of the work ethic—the creation 
of knowledge demands hard work! 

Deutsch’s idea had actually appeared decades earlier in a science fiction tale.! sd 
Time travel, discovered in the year 2007, is found to have a limited temporal reach 
into the future of 50 years, a limit due a law passed in 2057 banning time travelers 
from the past. To try to go past 2057 leads to a prompt arrest of the time traveler and 
a ‘deportation’ trip back to his own time. The story eventually explains that the law 
was passed precisely because of Deutsch’s concern. As one character in the story 
explains, “Suppose [that one could travel more than 50 years ahead], then a time 
traveler from the past could get [new inventions], carry them back to his own time, 
and give them to scientists—which[would] cancel all the long period of invention 
which [produced the inventions]. Which [would] violate causal laws.” 

More recently, a philosopher has offered a quite interesting response to the 
Deutsch/Popper assertion. He writes (note 81), of information “appearing out of 
nowhere,” that “These cases are puzzling, but they by no means show that the time 
travel scenarios in question are impossible or incoherent, or even improbable. We 
think it very improbable that . . . information should come from nowhere—but only 
because this does not happen very often. It does happen sometimes—for instance, 
when you say something and I mishear you. I think that you said something very 
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There it was: the same piece of cake he 
ate yesterday. His time-machine really 
worked. Think of the possibilities. 
He could have his cake and eat it too. 


profound—something which neither of us would, in fact, ever have thought 
of. Where does the idea come from? If this sort of thing were to start occurring 
regularly [as via causal loops], then we would simply accept it without raising an 
eyebrow.” 

In the final chapter I’ll discuss a dramatic example (due to two Russian physi- 
cists) on how an information-creating time loop might be constructed using a 
wormhole time machine. Such a time loop wouldn’t pass muster with Deutsch, of 
course, and he would consider such a thing as being as objectionable as is crea- 
tionism, the anti-evolution claim that purports to ‘explain’ fossils (with measured 
ages in the millions of years) by simply declaring them as having been made by 
God just a few thousand years ago.''* Deutsch’s position is considered by nearly all 
scientists today to be correct for the specific case of creationism, but the evolution- 
ary principle may be on shakier ground with respect to declaring causal information 
time loops to be impossible. 

While philosophers have struggled with information in a time loop, and most 
physicists have carefully stepped around the issue, science fiction has had lots of 
fun with information in causal loops. Here’s a sampling of such tales: 


(1) A man receives telephone calls from two versions of himself, one ten years in 
the future saying he absolutely must accept an invitation to fly to the Bahamas 





"4Why would God do such a thing? Apparently ‘just to have some fun with geologists and 
biologists,’ as creationists call such ancient fossils ‘sports of nature.’ 
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that he will receive that very day, with the other version calling from tomorrow 
insisting that the plane will crash. What should he dor 

(2) Lovers who are irrevocably separated in time communicate by mail in one tale,' me 
while lovers in another story''’ communicate via telephone calls to the ever more 
distant past (and yet, with the aid of a clever twist at the end, finally meet); 

(3) A telephone lineman starts getting telephone calls from himself from 10 days in 
the rug with the first call telling him how to make the gadget to transmit such 
calls! : 

(4) A time traveling historian on a visit to A.D. 1528 from A.D. 2211 accidently 
gives a copy of the predictions of Nostrodamus to the prophet, thus explaining 
the predictions! 

(5) A time machine experiment gone wrong allows thirteenth century Roger Bacon 
to meet twentieth century scientists, an encounter that explains the amazing 
forecasts in Bacon’s Opus Maius'°: 

Hollywood, too, has had some fun with information causal loops, with the best 
(in my opinion) example of that being the 1989 movie Bill & Ted’s Excellent 
Adventure. In that film (where we learn that even the not very bright can be time 
travelers), a set of missing keys is necessary for the successful completion of a task. 
The two time travelers decide that after the task is done, they will go back in time, 
steal the keys (that’s why they’re missing!), and hide them so they can use them 
now. Where should they hide them? Why, “over there,” says one of the boys, 
pointing at a hiding place—and sure enough, when they go over and look, the keys 
are there. They agree that once they have finished with the keys, it will be most 
important that they really do put the keys in the hiding place! 

All of these examples that I’ve just given you, however, were decades too late to 
be the first in fiction about information in a time loop; that honor goes to the 1904 
novel The Panchronicon by the lawyer Harold Steele MacKaye (1866-1928). An 
Edwardian literary time machine with style, the Panchronicon (literally, a ‘machine 
for all time’) swings on a rope tether around a steel post erected at the North Pole. 
By “cutting the meridians” faster than the sun does, it travels through space and 
time from 1898 New Hampshire to the London of three centuries earlier.'*' Using 
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it, a time traveler fan of Shakespeare journeys from 1898 back to the bard, who is 
suffering from writer’s block. There she whispers the magic lines from a play he is 
stuck on (lines she has memorized for her literary club meetings) into his receptive 
ear. Does this make Shakespeare a plagiarist? Of himself!? 


4.5 Sexual Paradoxes 


“Once time machines exist, no event is low probability if it is needed to make the past 
consistent.” !?? 


There are causal loops even stranger than the ones we have already discussed, 
hard as that may be to believe. These are the sexual paradoxes, first mentioned in 
1931 by Nicholson in his letter to Hugo Gernsback. Not only science fiction writers, 
but philosophers, too, have found these particular paradoxes full of dramatic appeal. 
For example, as a challenge problem to the readers of a scholarly journal, the 
British philosopher Jonathan Harrison (1924—2014) posed the following bizarre, 
indeed astonishing, situation.'**> A young lady, Jocasta Jones, one day finds an 
ancient deep freezer containing a solidly frozen young man. She thaws him out and 
learns that his name is Dum, and that he possesses a book that describes how to 
make both a deep freezer and a time machine. They marry. Soon after they have a 
baby boy and name him Dee. 

Years later, after reading his father’s book, Dee makes a time machine. Dee and 
Dum, taking the book with them, get into the machine and begin a trip into the past. 
Running out of food during the lengthy journey, Dee kills his father and eats him. 
Arriving in the past, Dee destroys the time machine, builds a deep freezer (again, 
using the book), gets into it, and ... wakes up to find that a young lady, one Jocasta 
Jones, has thawed him out. When asked his name he replies Dum and shows Jocasta 
his book; they marry, and... . 

Harrison concluded this amazing tale with this question for his readers: “Did 
Jocasta commit a logically possible crime?” That issue is just the surface of an 
ocean of puzzles in this story! Jocasta’s crime, of course, is that she has 
Cf unwittingly) committed incest; readers who remember the Greek myth of 
Oedipus, and who his mother/wife was, will understand why Harrison named his 
female character as he did. But what of Dee’s crime? He has, after all, eaten his 
father! But perhaps that isn’t a crime at all, because Dee and Dum are one in the 
same, and is it really a crime to eat yourself? According to another philosopher, 
Murray MacBeath, Harrison’s story is “a story so extravagant in its implications 
that it will be regarded as an effective reductio ad absurdum of the one dubious 
assumption on which the story rests: the possibility of time travel.”!74 
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This isn’t to say that MacBeath was asserting that time travel is impossible. 
Indeed, he went on to declare that he did believe in the logical possibility of time 
travel, and his paper is devoted to discovering what thought to be incorrect in 
Harrison’s story. He did that by retelling the story with what he believed are crucial 
modifications to make it sufficiently less outrageous that it could be taken at least 
somewhat seriously. In the new version, our hero, thawed out from a deep freezer, is 
now named Arthur. Arthur is, unfortunately, suffering from total amnesia (this is 
MacBeath’s way of avoiding the psychological trauma of Dee remembering he ate 
Dum) and so, when asked his full name, he is himself sufficiently puzzled that he 
replies “Arthur who?” He is finally called (what else?) Arthur Who. And, as you can 
no doubt guess, his son (who is a genius and gets a PhD at age 14 on a dissertation 
dealing with the physics of time travel) becomes Dr. Who! 

We are then told of a trip back into the past by the two, of the eating of the father 
(Arthur Who) by the son, of the entering of the deep freezer by Dr. Who, etc. etc. 
The whole business is quite entertaining and at least as complex as Harrison’s 
original story. Just how complex is summed up in MacBeath’s last, wonderful line: 
“The Who who was Dr. Who’s father was not Dr. Who—that is, not the Dr. Who 
whose father he was.” 

MacBeath wasn’t the only one that Harrison’s story fascinated, and nearly a 
dozen replies to it were received in addition to MacBeath’s. One, in particular, 
made the thought-provoking observation (see note 112) that not only has Jocasta 
committed incest but she has done so with a single act of intercourse. As discussed 
earlier, the events on a causal loop do not happen endlessly but rather only once; 
thus, Jocasta thaws Dum (Dee) out just once, she marries him just once, and the two 
consummate their marriage just once. Ordinarily we think it takes two sexual acts to 
commit incest, the first resulting in the birth of a child, and the second being a 
parent’s union with that child, but this is not so in a causal loop. Time travel is an 
odd business. 

Another philosopher replied to Harrison’s story with a quite interesting claim, 
one that had actually been thought to be true for decades—but which today is 
recognized to be false. The claim was that, irrespective of physics, Harrison’s story 
was biologically flawed and fatally so. As that philosopher wrote, “The biological 
problem is the following. Dee is the son of Dum and Jocasta. So Dee obtained half 
his genes from Dum and half from Jocasta. But Dum is diachronically identical with 
Dee and is therefore genotypically identical with him (that is, himself). That is, Dee 
is both genotypically identical and distinct from Dum, which is absurd.”!7° 

That this isn’t true was pointed out by a philosopher many years later. In his 
paper we read this tale: “Suppose Adam travels [far] back in time ... where he 
meets his mother Betty, mates with her and has a child which is himself. Is this 
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possible biologically? Yes ... as follows ... on the grounds that we have total 
replication of Adam’s genome.” !*° (The genome is the totality of genes taken over 
all gene sites.) Now, suppose each such site holds two genes and, as Dowe points 
out, in sexual reproduction the father passes on to his offspring one gene for each 
gene site, to go with the gene the mother gives to each site. To exactly reproduce 
himself, then, the time traveling Adam ‘simply’ has to give his offspring, at each 
site, the gene that he has for that site that did not come from Betty. Thus, the 
offspring—baby Adam—ends up with a genome precisely identical to the time 
traveling Adam. This is, of course, an extraordinarily unlikely event, as the human 
genome has tens of thousands of genes. The probability that each and every site gets 
the ‘right’ gene from the time traveling Adam is therefore essentially zero. But it 
isn’t actually zero and, as the quotation that opens this section says, a low proba- 
bility to an event isn’t a roadblock to its occurrence if that event is required for 
consistency. 

While certainly instructive, the sexual paradox stories by Harrison and 
MacBeath are remiss in not indicating that the concepts they are dealing with 
have long been a staple of science fiction, and that the sexual paradoxes received 
much critical analysis in that genre long before philosophers (and physicists, too) 
discovered them. From science fiction, for example, we have a tale of young man 
who travels backward in time 1250 years, from A.D. 3207 to 1957, to become his 
own grandfather fifty generations removed.'*’ And even that is tame compared to 
the sexual paradoxes other science fiction writers conjured up before philosophers 
began to discuss them. 

In another story, ~* written decades before Harrison’s and MacBeath’s papers, 
we meet a young lady caught up in a mind twisting affair in which the mystery of a 
causal loop is the least of her troubles. In 1957 a girl is born, and after 20 years of 
intense competition with her mother (who has an uncanny ability to predict the 
future), she travels back from 1977 to a few months before her own birth. She 
becomes pregnant (by a man who she later discovers is her father) and gives birth to 
a girl. The new mother has, of course, knowledge of all that will happen during the 
next 20 years, including the fact that she will have an intense competition with her 
rebellious daughter ... . 

While writers of stories like these in the early 1950s were there as trailblazers, it 
is a tale that appeared as the 1950s ended that is today generally acknowledged as 
the best sexual paradox story ever written.'*? We are given only a hint of what is to 
come when a character listens to a song called “I’m My Own Grandpaw!” In 1945, 
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a newborn girl, Jane, is found on the steps of an orphanage. At age 18, in 1963, she 
has a one-night affair with a mysterious stranger that leaves her pregnant. Some 
months later, during the birth of a daughter, it is discovered that Jane actually has a 
double set of sexual organs, and because the female set has been ruined by the 
pregnancy, doctors restore her as a man. Soon after, the baby girl mysteriously 
disappears from the hospital ward. Years later, in 1970, Jane (now a man, of course) 
meets another stranger who uses a time machine to transport both of them back to 
April 3, 1963. By April 24 male-Jane meets female-Jane and impregnates her (and 
so now we know who the mysterious stranger was during the one-night affair!). 
Meanwhile, the stranger with the time machine travels forward to March 10, 1964, a 
little after female-Jane has given birth, kidnaps the baby from the hospital (thus 
clearing-up another mystery!), takes her back to September 20, 1945, and leaves her 
on the steps of the orphanage. And so we see that Jane is her own mother and father, 
thus out-doing all previous tales about self-parenting. 

This is pretty impressive stuff, but Heinlein still has one more twist for us. After 
leaving baby-Jane in 1945, the time machine stranger returns to April 24, 1963, 
retrieves male-Jane (who has just kissed female-Jane goodnight after fathering 
her-himself in herself), and takes him to 1985 where he recruits him into the 
Temporal Service—and finally, the stranger jumps forward to 1999, his ‘real 
time.’ At the end we at last learn that the stranger is, in fact, an even older version 
of male-Jane—all the central characters in the entire story are the same individual at 
various points along a single, highly twisted world line. The lone character in 
Heinlein’s tale is truly a self-made man/woman in every sense of the phrase! This 
ultimate act of creatio ex nihilo has, correctly I think, been called “smaller than the 
minimal loop.”!*° 

Jane, in all her/his versions, is the only character in the story that appears to have 
purpose. In terrifying words that describe a causal loop, Heinlein ends the tale with 
an explanation of the story’s title: “The Snake That Eats Its Own Tail, Forever and 
Ever. I know where I came from—but where did all you zombies come from? ... 
You aren’t really there at all. There isn’t anybody but me—Jane—here alone in the 
dark. I miss you dreadfully!” In a December 1958 letter to his literary agent, 
Heinlein wrote of this amazing tale, “I hope that I have written in that story the 
Farthest South in time paradoxes.” In my opinion, he did. 

The sexual paradox has continued to fascinate science fiction writers up to the 
present day. In the novel Timemaster (note 122), for example, the hero at one point 
spends a night with his wife—and with two versions of himself from the future. He 
will, of course, experience that night two more times! Later, he becomes upset when 
his wife runs off with one of the older versions, but he quickly calms down when he 
considers that eventually he will be the older version. Consider, too, a story '*! that 
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tells of a young man hunting the father who, years before, had abandoned him in a 
burning house. The death of the young man’s mother in the flames has sent him ona 
10 year quest for revenge up and down what is literally a river of time, a river on 
which to travel in one direction (“up time’) is to move into the past, whereas 
moving “down time” leads to the future. Eventually he corners the father and, 
despite the man’s pleading, kills him. It is only later, after examining papers he 
finds in his father’s pocket, that the young man realizes he has killed his future self 
(Benford, a physicist, knows the pitfalls of time travel, and you’II notice that there is 
no autoinfanticide paradox here). 


4.6 Splitting Universes and Time Travel 


“Tn all time travel stories where someone enters the past the past is necessarily altered. The 
only way the logical contradictions created by such a premise can be resolved is by positing 
a Universe that splits into separate branches the instant the past is entered.” !*” 


One early science fiction technique for allowing backward time travel and a 
changeable past, while still avoiding paradoxes, is that of alternate universes. 
According to this idea, if a time traveler journeys into the past and introduces a 
change (indeed, his very journey may be the change) then, as the above quote states, 
reality splits into two versions, with one fork representing the result of the change 
and the other fork being the original reality before the change. (To a fifth- 
dimensional observer, of course, all conceivable forks, all possible four- 
dimensional spacetimes, have always existed.) Indeed, according to this view the 
entire universe is splitting, at every microinstant, along every alternative decision 
path for every particle in the cosmos! This is often called the theory of alternate 
realities with parallel time tracks. 

Such a seemingly fantastic view seems to actually have some scientific plausi- 
bility because of the so-called many-worlds interpretation (MWI) of quantum 
mechanics, pioneered in physics by Hugh Everett III (1930-1982), in a 1957 
Princeton doctoral dissertation. Everett’s theory is the antithesis of what is com- 
monly called the collapse of the wave function, the idea that all potential possibil- 
ities have a non-zero possibility until a consciousness actually decides or observes 
which one will actually be. That quantum mechanical concept gets its name from 
the probabilistic wave equation formulated in 1926 by the German physicist Erwin 
Schrédinger (1887-1961). Before the observation, all possible futures have various 
values of probability; after the observation (which ‘collapses’ the wave function) 
exactly one of those futures (the future) has probability 1 and all the others have 
probability 0. 

The MWI idea can be seen in Hale’s story “Hands Off,” discussed earlier, and in 
art 40 years before that! With almost certainly a theological twist, consider the 
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Fig. 4.6 Grandville’s 
Infinity Juggler of many- 
worlds 





beautiful illustration in the 1844 book Un Autre Monde (Another World), 
reproduced in Fig. 4.6. Known either as “The Infinity Juggler” or “The Juggler of 
Worlds,” it is the work of the French artist Jean-Ignace Isidore Gérard (1803-1847), 
who published under the name ‘Grandville.’ The juggler—Grandville’s version of 
Hale’s mentor—appears as a court jester who is clearly having fun manipulating his 
multitude of worlds, while the man (humanity?) in the foreground watches. The 
man appears to be simultaneously fearful and fascinated, involved yet clearly 
impotent. Is Earth one of the worlds among which the Jester stands, or is it one of 
those flying through space? Or is Earth, perhaps, simply the unfortunate world 
ingloriously stuffed down the front of the Jester’s pants? (That would surely explain 
a lot!) If born a hundred years later, Grandville would surely have found work as an 
artist in the imaginative world of the science fiction pulps. 

Early science fiction stories that treat the collapsing wave function concept can 
be traced back to the late 1930s and early 1940s.'** A particularly interesting 
example is the story of an inventor who, while trying to build a radio with which 
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to signal Mars, accidently stumbles on the “temporal-aberrant carrier wave” and 
thus establishes contact with a universe that forked off of ours in 1863 when Robert 
E. Lee won the Battle of Gettysburg! !*4 In Everett’s MWI, however, the wave 
function of the universe does not collapse. Indeed, it couldn’t, because there is no 
observer external to the entire universe (we are talking science now, not of theology 
and God); instead, the wave function ‘splits’ at every decision point in spacetime. 
Although this leads to a multitude of realities far beyond comprehension, cosmol- 
ogists still tend to like the MWI because it avoids the puzzle of having to produce an 
observer ‘outside the universe.’ 

It’s important to understand that the MWI is different from yet another idea 
popular in science fiction, that of parallel universes (see again the third discussion 
question at the end of Chap. 3). In parallel universes all possibilities always exist, 
independent and parallel in time. In the MWI, on the other hand, ever more 
universes are continually coming into existence. Unlike the MWI, which can at 
least claim a scientific basis (quantum mechanics), there is no analogous theory for 
parallel universes. But, of course, even though lacking a theory, nonetheless science 
fiction writers have been quite inventive with the idea because parallel universes 
offer a way to avoid (at least some) causal loops. 

One clever, early pulp story'*° illustrates how that works. To improve the 
performance of his time machine, an inventor needs batteries with tremendous 
energy density, a density far in advance of the batteries in the present. Unable to 
travel far into the future—if he cou/d obtain them there, then of course a causal loop 
(the very entity we wish to avoid) would be created upon his bringing them back to 
the present—his assistant first travels back to 1851. There he leaves a note on desk 
of a well-known experimenter, with a plea for him to devote his life to battery 
research; a copy of the 1937 Electrical Handbook is left with the note as proof that 
there really has been a visit from the future! Before returning to the present, the 
assistant takes a sheet of (new) 1847 five-cent stamps from the experimenter’s desk. 

Returning to the present, which is now different (a new time track, in accordance 
with the splitting-universe idea), the powerful batteries are readily available 
because the experimenter believed the note. Buying several of them, using 
money obtained by selling the pristine 1847 stamps to a collector, the assistant 
returns to a slightly earlier 1851 than before (to before the fork in time!), watches 
himself appear'*° and leave the note and the handbook, and then, unobserved, the 
assistant removes both: Thus, upon returning once more to the present, he finds all 
is as before—except now he and the inventor have the powerful batteries. As 
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before, one might ask where the batteries came from, but unlike the previous 
mystery of information-creating causal loops, the answer is clear and 
non-mysterious. They came from the hard work of the experimenter on a different 
time track. Such shuttling back-and-forth between time tracks is the signature of 
what is called a cross-time story, a device to avoid paradoxes while still allowing 
for changing the past. The first example of this time travel sub-genre had actually 
appeared 4 years earlier.'*” 

In another cross-time tale from modern times, we read of the horrible fate 
suffered by a man when an experiment in a Princeton physics lab goes wrong.'** 
It is discovered, too late, that parallel time tracks are not simply grooves into which 
you drop, like a ball, after leaving the time track of our world. Each version of a 
person in each world is not like a ball rolling down a groove from past to future. 
Rather, each world’s time track is just a line on a smooth surface; as the man is told, 
during a temporary stay in a world still close to his (our) original world, “We gave 
you a push sideways, and you moved off your original line—but instead of 
dropping into the next groove, you’ve just kept on rolling across the surface, 
from one line to the next, at an angle. There are no grooves, nothing to stop you 
from sliding on across the different lines forever. You have the same futureward 
vector as you started with, but you’ve added a small cross-time vector, as well.” 
And so the man drifts cross-time, and gradually the worlds he experiences grow 
ever more alien.'*? 

The science fiction is undeniably fun, but for this book the underlying scientific 
theory of time travel is classical (that is, non-quantum) general relativity, and that 
theory has nothing to say about alternative time tracks in multiple worlds. For most 
time travel theoreticians there is one time track, and the past of our world is unique 
and inviolate. I agree with the great quantum physicist J. S. Bell (1928-1990), who 
wrote of Everett’s theory that “if such a theory were taken seriously it would hardly 
be possible to take anything else seriously.” '“° As Bell further observed, in the 
MWI “there is no association of the particular present with any particular past,” a 
quite strange idea that had already appeared in science fiction years earlier.'*! 

While most early time travel analysts did base their work just on classical 
general relativity, there are now many more who think quantum mechanics itself, 
independent of its interpretation, has much to contribute as well. Perhaps, in fact, it 
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may make an absolutely crucial contribution to the theoretical basis of time travel. 
One analyst who believes this (along with an even stronger belief in the MWI) is the 
British physicist David Deustch (note 100), who holds that general relativity is not 
the proper theory with which to study the physical effects of CTLs. He believes that 
the traditional mathematical machinery of general relativity actually obscures, 
rather than clarifies, the difficult task of separating the merely counter-intuitive 
from the unphysical. 

Indeed, Deutsch calls the conventional spacetime methods, based on general 
relativity and differential geometry, perverse. He also does not like the conceptual 
problems raised by general relativity’s wormholes and_ singularities. Any 
non-quantum mechanical discussion, he says, of the “pathologies” of backward 
time travel is simply not adequate. Deutsch divides these pathologies into two 
fundamental classes: (1) paradoxical constraints, such as the free-will issue seem- 
ingly raised by the grandfather paradox, and (2) causal information loops. Deutsch 
claims that his quantum mechanical analyses show that the first class of pathologies 
simply does not occur, because the past that the time traveler enters is the past of a 
world different from the one he has left. Further, his results also show (to him) that 
the pathologies of the second class may be “avoidable.” These are not the views 
among the majority of time travel students, however (that does not mean Deutsch is 
wrong!), and general relativity is the standard tool used by the majority of time 
travel theoreticians. When quantum mechanics does enter the calculations of most 
analysts, it is generally on an ad hoc basis. 

More concerning for the MWI view is a result reported in 2004, that a macro- 
scopic object (a human time traveler, for example) attempting to traverse a worm- 
hole time machine (to be discussed in some detail in Chap. 6) “must necessarily 
undergo violent interactions with the time machine,” interactions so violent that 
they must “cause the object to disintegrate.” The different pieces of the now 
certainly dead time traveler would emerge from the wormhole in different 
worlds—this is definitely not a result likely to encourage volunteers for the first 
time machine trip!'“* 

So, many physicists and philosophers, not sharing Deutsch’s position, “~ tend to 
agree with Bell, including the late John Wheeler (Everett’s thesis advisor!), who 
wrote of the MWI “I once subscribed to it. In retrospect, however, it looks like the 
wrong track. ... Its infinitely many unobservable worlds make a heavy load of 
metaphysical baggage.”!** Agreeing with Wheeler was a philosopher who called 
the MWI “highly controversial” and declared that “few working physicists take it 
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seriously.”'*° Perhaps even more damning was a physicist’s statement that “the 
idea of 10'°°+ slightly imperfect copies of (the universe) all constantly splitting into 
further copies . . . is not easy to reconcile with commonsense. Here is schizophrenia 
with a vengeance.”'“° Or, as one science fiction writer bluntly put it, in a tale of the 
inventor of the “chronomotive impulse belt” (which allows moving between the 
two parallel worlds that are all that exist), the MWI is the “Doctrine of Infinite 
Redundancy—which is, of course, utter nonsense.”!*” 

Deutsch’s position does raise the obvious question of what motivates a quantum 
theoretician to study CTLs at all, given that they originate in general relativity and 
not in quantum mechanics. Deutsch’s response is that although CTLs did indeed 
originate in classical Einsteinian general relativity, the still incomplete theory of 
quantum gravity does predict CTLs, too. And that is an exciting observation for 
time travel enthusiasts because, as Deutsch writes, the results of his quantum 
studies of CTLs show that “contrary to what has usually been assumed, there is 
no reason in what we know of fundamental physics why closed timelike lines 
should not exist.” That view was later endorsed by other physicists who wrote, 
after a quantum mechanical study of how a particle could transit a time machine 
spacetime in a physically consistent manner, “there is no contradiction between the 
postulates of quantum mechanics and the possible existence of causality violation 
in general relativity.”'** 

Long before these scientific endorsements, science fiction had enthusiastically 
embraced the many-worlds idea and its connection with time travel. The first such 
tale“? appeared when Everett was just 3 years old; it put forth the insightful 
observation that although alternate time tracks may allow changing the past for 
the better (something that can’t be done, for better or for worse, with a single time 
track), in the end any such change may still be futile. As Daniels’ time traveler puts 
it, “I did have an idea to ... go back to make past ages more livable. Terrible things 
have happened in history, you know. But it isn’t any use. Think, for instance, of the 
martyrs and the things they suffered. I could go back and save them those wrongs. 
And yet all the time ... they would still have known their unhappiness and their 
agony, because in this world-line those things happened. At the end, it’s all 
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unchangeable; it merely unrolls before us.”'°° Many years later, in a critique of the 
many-worlds idea, a philosopher/physicist echoed Daniels’ words: [In the world] 
that I (subjectively) experience I may blunder, but [in another world], with equal 
actuality, I triumph gloriously. The Everett interpretation can be used this way to 
mitigate sorrows, but this use is two-edged, for it equally well implies the specious- 
ness of happiness.”!*! 

The editorial introduction to Daniels’ pioneering tale is quite interesting: the 
opening line is “To say that this short story contains some revolutionary time-travel 
theories would be putting it exceedingly mild.” That editor then went on to tell his 
readers, with great enthusiasm, that “when the author ... submitted this story to us, 
his accompanying letter stated that in it he had settled the time-travel question once 
and for all. We must admit that a broad, unbelieving grin spread over our counte- 
nances when the author dared make this assertion. BUT—the smile soon left our 
faces ... [T]o our chagrin, Mr. Daniels had really propounded so many brand new 
ideas about time and time-travel, and such logical ones—that he has not left one 
loophole in his argument!” 

John W. Campbell (1910-1971), the first (and only) editor of Astounding 
Science Fiction (today’s Analog), called alternate time track stories “mutant” 
because they represented the first new innovation (or mutation) in the time travel 
concept since H. G. Wells. Campbell incorrectly claimed The Legion of Time (note 
133) was the first such tale (see Campbell’s editorial in the May 1938 issue of 
Astounding) , and that “Other Tracks” (note 135) was the second, but in fact it was 
Daniels who was first with splitting time tracks in science fiction. After Daniels the 
concept quickly became part of standard science fiction lore and could be used by 
other writers with little explanation. For example, just a little more than a decade 
later one author did not have to say much about his “First Law of Chronistics,” 
which determines the development of “the branches of Fan-Shaped time.” It was 
sufficient for his readers to learn that should a time traveler to the past change 
anything, a parallel branch of time would be created on which the time traveler 
would be trapped: “The man who interfered with the space-time matrix, displacing 
even a comma in the great scroll of time, would be cut-off from his origin 
forever.” !°? 

Still, if there is one thing we can say about science fiction, it’s that no ‘rule’ is 
immune to challenge. Decades after Daniels’ tale put forth the MWI, we find the 
well-known author James Blish (note 100 in Chap. 1) rejecting it. In a story about 
the reception of radio signals from the future, we read of one character telling 
another “I was going to do all those things. There were no alternatives, no fanciful 
“branches in time,’ no decision-points that might be altered to make the future 
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change. My future, like yours ... and everybody else’s, was fixed. It didn’t matter a 
snap whether or not I had a decent motive for what I was going to do; I was going to 
do it anyhow. Cause and effect ... just don’t exist. One event follows another 
because events are just as indestructible in space-time as matter and energy are.”!>* 

This denial of the MWI is simply an author’s choice, of course, for whatever 
story effect is desired, and others may make different choices. Isaac Asimov, for 
example, used the MWI idea in in the story of a time traveler who journeys back to 
1871 London, to retrieve a lost Gilbert and Sullivan operetta (Thespis). When he 
returns to the present he finds that his wife Mary (who was alive when he left) has 
been dead for a year on the new time track that his actions in the past have created. 
As the story ends, the devastated time traveler thinks “J had changed history. I could 
never go back. [had gained Thespis. I had lost Mary.”!>4 This sad fate is repeated in 
another story of a time traveler lost in an infinitude of time tracks with no hope of 
ever finding his way home: “In all of time, how many, many worlds there must 
be. How to find a single twig in such a forest?”!*° 

Splitting universes have been used in literary works outside the genre of science 
fiction, as well. Examples include “The Garden of Forking Paths” by the Argentine 
writer J. L. Borges, the first play J. B. Priestly wrote (the 1932 Dangerous Corner), 
John Updike’s 1997 novel Toward the End of Time, and Gore Vidal’s 1998 novel 
The Smithsonian Institution. Typical of these fictional fantasies about splitting 
universes is a tale (anticipating Asimov’s) by Lord Dunsany (1876—1957)—the 
Irish writer Edward Plunkett—the story of a man who goes back in time to correct 
“two or three mistakes he had made in his life.”'°° This he successfully does, but the 
result is anew, subtly different subsequent history. The differences are not infinitely 
subtle, however; after the changes, he finds that his home, his wife, and all the 
delicate details of his life have vanished. As he relates to a visitor at the lunatic 
asylum he is now confined to, as the result of his despair, “T tell you I’m lost. Can’t 
you realize that I’m lost in time? I tell you that you can find your way traveling the 
length of Orion, sooner than you shall find it among the years ... Don’t go back 
down the years trying to alter anything ... Don’t even wish to ... [T]he whole 
length of the Milky Way is more easily traveled than time, amongst whose terrible 
ages I am lost.” 

In writing for a mass audience, rather than just for the more limited science 
fiction and fantasy one, perhaps the best known literary work of alternate history is 
the classic 1953 novel Bring the Jubilee by Ward Moore (1903-1978). In that work 
Lee wins the Battle of Gettysburg, and the South wins the Civil War. Using a time 
machine, a historian travels from 1952 (of the world in which the South wins) into 
the past of 1863 to study the battle, where he inadvertently disrupts events to the 
point that the North wins; that is, reality splits and the newly created fork represents 
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the time track of our world. The historian is trapped on this new fork, cut off forever 
from his original time track. The entire novel is in the form of a discovered 
manuscript, written in 1873 and found in 1953, and the pathos of the ultimate 
isolation endows the novel with great emotional impact. 

A 1992 novel on the same theme, Harry Turtledove’s The Guns of the South, 
begins with a fascinating premise but then misses the crucial distinction between a 
single versus multiple time tracks. In that work racists from the future (2014) arrive 
by time machine at Lee’s 1864 winter camp. They bring with them AK-47 auto- 
matic assault rifles and offer to supply Lee’s army with all it can use. Lee accepts 
and the South wins the Civil War. The future, of course, changes—or does it? The 
time travelers have brought back books from the future showing that the South lost 
the war, so the implication is that history must have forked. So far, so good. But all 
through the novel, the time travelers move back and forth between the nineteenth 
and the twenty-first centuries, apparently finding their own time unchanged. And if 
that is so, then the whole point of the story vanishes. Why all the effort to change 
history when it is clear that nothing has changed? The novel is entertaining reading 
(Turtledove is a trained historian), but I believe Moore’s novel to be the superior 
work of science fiction. 

I'll end this discussion on splitting universes with a startling theological issue 
raised by a philosopher.'*’ Arguing that God cannot branch into multiple time 
tracks because God is unique, the conclusion seems inescapable that God therefore 
exists on exactly one of how ever many different time tracks there may be. What if 
that chosen time track isn’t ours? Then, concludes the philosopher, Nietzsche’s 
nineteenth-century metaphorical claim that “God is dead” (for us) might literally be 
true! He admits that this is “fanciful,” but still ......... 


4.7 For Further Discussion 


In an afterword to his story “Dead City” (Thrilling Wonder Stories, Summer 
1946), Murray Leinster muses “You've heard the old argument that a man 
can’t travel backward in time because he might kill his grandfather. I’ve 
wondered why nobody has argued that a man can’t travel forward in time 
because he might be killed by his grandson.” One possible answer to Leinster 
is that if, at the moment the forward-bound time traveler departs, he has not 
yet sired a child, then there simply wouldn’t be a murderous grandson waiting 
for him in the future. Perhaps, however, Leinster had this somewhat more 
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complicated scenario in mind: After the time traveler arrives in the future he 
is attacked by a mysterious stranger but survives, and later returns to the 
present. He then sires a child who will be the parent of that mysterious 
stranger. (As far as I know, this plot line has not appeared in a science fiction 
story.) Contrary to Leinster’s view, explain why the possibility of being killed 
by a grandson is not a reason for forbidding the possibility of a trip in time 
(in either direction). 


In his causal loop paper (note 105) the University of Delaware philosopher 
Richard Hanley correctly writes (on p. 146) “physicists have tried to avoid 
free will problems by ignoring causal loops involving intentional agency,” 
and partly illustrates this claim with the autoinfanticide paradox, writing of 
the attempt of a time traveler to kill his younger self as inevitably failing 
because “the past is apparently brought about willy-nilly.” (Hanley unfortu- 
nately then uses the story “Thompson’s Time Traveling Theory” as an 
example of this—see note 77, and the end of the “Introduction”’—when it is 
that time traveler’s grandfather who is the intended target.) Discuss the 
merits of Hanley’s claim, keeping in mind the end of Sect. 4.3 
(in particular, note 81). If you are interested in genetics and astronomy as 
well as in time travel, then for extra credit comment on Hanley’s claim 
(p. 137) that “one can extract information about my DNA from ... my 
astrological chart.” 


The fictional killing of Hitler was imagined in print even before World War 
II, in Geoffrey Household’s intense 1939 novel Rogue Male (made into the 
1941 film Man Hunt). And so it’s not surprising that one of the popular 
change-the-past themes in science fiction is that of a time traveler killing the 
Fohrer. (This idea, somewhat oddly, appeared in the debates leading up to the 
2016 American Presidential election, when one of the candidates, to show the 
toughness of his character—even though he opposed abortion—declared 
“Hell, yes, I'd kill baby Hitler! You gotta step up, man.” This candidate did 
elaborate a bit, stating there might be some risk involved with tampering with 
the past.) Stories in this sub-genre include E. Norden’s “The Primal Solution” 
(Magazine of Fantasy & Science Fiction, July 1977), W. R. Thompson’s 
“The Plot to Save Hitler” (Analog, September 1993), L. del Rey’s “My Name 
Is Legion” (Astounding Science Fiction, June 1942), and R. M. Farley’s “I 
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Killed Hitler’ (Weird Tales, July 1941). Read some of these tales and 
compare the various repercussions envisioned by the authors following an 
assassination of Hitler by a time traveler. 


After our discussion of Heinlein’s time travel masterpiece “All You Zom- 
bies—,“ you might think it impossible to write a new story that exceeds it in 
complexity. That might well be true, but a modern masterpiece by Ted 
Chiang certainly gives it a good run for the money. “The Merchant and the 
Alchemist’s Gate” (Magazine of Fantasy & Science Fiction, September 
2007) uses a ‘wormhole’ that connects the present to the future 20 years 
hence, and it is stuffed with intertwined causal loops and information boot- 
straps. Read it and keep track of all such occurrences. How many did you 
find? The last line of the story clearly expresses the view that the past cannot 
be changed: “Nothing erases the past. There is repentance, there is atonement, 
and there is forgiveness. That is all, but that is enough.” Is the story always 
faithful to this view of time travel? 


In his paper (note 126) on the coincidences of time travel, the University of 
Queensland philosopher Phil Dowe writes “It’s true that remote time travel 
[into the very distant past] does not allow for causal loops ...” /s this true? 
Consider, as you think about this, the story “Time’s Arrow” (Science-Fan- 
tasy, Summer 1950) by Arthur C. Clarke. In that tale geologists have just 
discovered, in a remote desert, the fossilized tracks of a monstrous creature, 
from fifty million years ago, tracks that indicate that the beast was in hot 
pursuit of fleeing prey. Before the geologists can unearth the entire set of 
tracks, to see if the pursuit was successfully completed, they are visited by a 
physicist who just happens to be conducting near-by experiments in time 
travel. (This proximity is explained by noting what better place to conduct 
time travel experiments, powered by atomic energy, than in a remote desert?) 
At one point during the visit, after being told of the ancient pursuit frozen in 
rock, the physicist muses “It would save you a lot of trouble, wouldn’t it, if 
you could actually see what took place in the past, without having to infer it 
by these laborious and uncertain [geological] methods.” This comment 
results in the Chief geologist paying a visit to the physicist’s lab. After driving 
over in a car equipped with tires having “an odd zigzag pattern” in the tread, 
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an accident suddenly sends the entire lab into the past. Soon after, the other 
geologists unearth the rest of the fossilized tracks, and learn what the crea- 
ture’s prey had been when they see a zigzag pattern in the rocks, tracks that 
show “the great reptile was about to make the final leap upon its desperately 
fleeing prey.” Can you see how to modify this story so as to have a causal loop 
involving the very distant past? (For perhaps even more inspiration on 
thinking about causal loops, watch the 1980 movie The Final Countdown. 
In it the designer of a modern naval warship that temporarily travels back 
through time to the Pearl Harbor of December 6, 1941, turns out to be a crew 
member who was accidently left behind in the past. In the past he will be able 
to design the ship because he already knows how it was designed—by 
himself!) 


Comment, at length, on the cartoon shown in Fig. 4.5. (Does it make logical 
sense?) 


In the story “Salvation” by Jerry Oltion (Analog, December 2007) a physi- 
cist approaches the Universal Church of the Divine Revelation for money to 
build a time machine. He is blunt in making his case: “You could go back in 
time and meet Jesus. Assuming he existed.” That statement causes (it should 
come as no surprise) not just a bit of pandemonium but, nonetheless, an 
influential Church leader decides to provide the funding. Why? Because later, 
while sitting in his office as he talks with the physicist, a sheet of paper 
suddenly appears in the air above the leader’s desk and then flutters down to 
land on the telephone. Picking the paper up, the leader sees it is a sheet of his 
own letterhead, with writing in his own angular, precise handwriting, saying 
“Tt works. Give him the money. You almost named the dog Solomon.” This 
convinces the leader because, as we are told, “Paper appearing out of nowhere 
was a good trick, but it might easily be just that: a trick. Duplicating his 
letterhead and his handwriting wouldn’t be all that difficult either. [On the 
other hand] knowing the name [the leader] had considered but rejected for his 
German Shepard 15 years ago was a different level of feat entirely.” The 
physicist seems to be startled by the appearance of the paper, too, and asks 
“May I see that?” His reaction convinces the leader it wasn’t a staged event: 
“Well, I'll be damned,” the physicist replies. Once the time machine is under 
construction, the two men realize they have to send the enigmatic message 
back in time to complete the loop. As they prepare to do so, the leader asks a 
curious question. After retrieving the mysterious sheet of paper from his desk, 
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he says to the physicist “Should I send the original [the one he is holding in 
his hand], or should I write another?” The physicist replies with “Write a new 
one. If we send the original, we put it in a closed loop and [we’ll] never get it 
back. We don’t want to lose the first object to travel in time. We’ll want that 
for the Smithsonian someday.” Does this make sense? Also, comment on 
whether or not the dog’s name is a bootstrap paradox. 


A perplexing little time travel paradox, one that I don’t think science fiction 
has yet treated (and I’m pretty sure physicists haven’t had anything to say 
about it either), was cooked-up by the English philosopher Robin Le Poidevin 
in his 2003 book Travels in Four Dimensions: the enigmas of Space and Time 
(Oxford, pp. 180-181). There he writes “Peter and Jane, both 20 years old, are 
out for a walk one day in 1999 when suddenly a time machine appears in front 
of them. Out steps a strangely familiar character who tells Jane that he has an 
important mission for her. She must step into the machine and travel to the 
year 2019, talking with her a diary the stranger hands to her. In that diary she 
must make a record of her trip. Obligingly, she does as she is asked and, on 
arrival, meets Peter, now aged 40. She tells Peter to travel back to 1999, 
taking with him the diary she now hands him, and recording his trip in it. On 
arrival in 1999, he meets two 20-year-olds called Peter and Jane, out for a 
walk, and he tells Jane that he has an important mission for her.” Le Poidevin 
then writes that “the really tricky question is: how many entries are there in 
the diary when Jane first steps into the machine? We imagine it blank. But this 
is the very same diary as the one Jane hands to the 40-year-old Peter, which 
then contains her entry. And by the time Peter arrives back in 1999, it will 
contain his entry, too. But then, if the diary already contained two entries 
when Jane was handed the diary, then it would contain three entries when she 
handed it to Peter, who would then add another one, so the diary would have 
contained four entries when it was first handed to Jane, and so on. If the 
problem is not immediately apparent, this is because we imagine an indefinite 
number of trips, but in fact there are just two: Jane’s trip to 2019 and Peter’s 
trip to 1999. So there ought to be a consistent answer to the question, how 
many entries are there in the diary? Yet, as we have seen, there does not 
appear to be a consistent answer.” Another philosopher soon claimed he did 
have the answer: namely, 2. Read his paper (Erik Carlson, “A New Time 
Travel Paradox Resolved,” Philosophia, December 2005, pp. 263-273), and 
either explain why you agree with Carlson’s reasoning or enthusiastically 
rebut it. 
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Asin “The Time Eliminator” (Fig. 4.1), other stories have imagined gadgets 
that simply view the past, rather than visit it as would a time machine. This is 
done in an attempt to avoid paradoxes—but does it? Two stories that illustrate 
how just viewing the past risks affecting the past as much as time 
travel would, are Horace Gold’s “The Biography Project” (Galaxy Science 
Fiction, September 1951) and Donald Franson’s “One Time in Alexandria” 
(Analog, June 1980). In the first tale the Biotime Camera, operated by the 
Biofilm Institute, allows teams of biographers to film (alas, no sound!) and 
study the lives of past notable personages. Of particular interest are the lives 
of those who developed neurotic psychoses, such as Isaac Newton. And, 
indeed, the Biotime Camera does capture Newton’s image as he begins to 
display increasingly disturbed behavior. We see Newton, for example, as he 
begins to peer into dark corners, looking for those who have come to spy on 
him. On his death bed, the biography team assigned to him reads his lips and 
discovers that his final words are “My guardian angel. You watched over me 
all my life. Iam content to meet you now.” It is then that the Biofilm Institute 
realizes what it has done. Newton was in fact being spied upon—by the 
Biotime Camera, which has not changed the past but has certainly affected 
it. In the second tale an archeologist uses a time viewer to read the lost 
manuscripts in the ancient library at Alexandria before it was completely 
destroyed in an inferno. The viewer uses an infrared beam—and it is the heat 
from that beam from the future that proves to be the origin of the fire in the 
past. Again, the past has been affected, but not changed, by time viewing. Is it 
true to claim, however, that such viewing gadgets could not be the source of 
other paradoxes, such as causal loops or information bootstraps? If you think 
that isn’t a valid claim, give a counter-example. 


In a story by Francis Flagg and Weaver Wright (a pseudonym used by 
Forrest J. Ackerman), “Time Twister” (Thrilling Wonder Stories, October 
1947), we read the following exchange between the inventor of a time 
machine and his none-too-bright helper: 

“You mean to say,” he questioned incredulously, “that I could go back a 
hundred years?” 

“Tf you had the proper machine in which to travel, yes.” 

“But that’d take me back to before I was born.” 

The Professor smiled tolerantly. 

“Look at this diagram, Hank. This line is the time continuum. It incorporates 
space, too. [The authors didn’t actually print a diagram with the story, but 
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surely the Professor is using a Minkowski spacetime diagram]. This dot is 
you. It doesn’t matter when you were born, or when you will die. You exist 
right now, that’s the fact. Traveling into the past or future wouldn’t make you 
grow any younger or older. Such a thought is naive. Let me demonstrate the 
mechanics of it for you. If... we calculate with non-Euclidean mathematics 
“Tt don’t sound reasonable,” the farmhand objected. “If I went back—” 

“I know,” interjected the Professor, “if you went back you might meet your 
own father as a young man and you’d be older than he, or maybe he and your 
mother would be kids going to school.” 

“Haw, haw! That’d be funny, that would.” 

What famous movie, made nearly 40 years later, does the end of the conver- 
sation remind you of? Hint: “flux capacitor.” 


As mentioned in the text, a famous science fiction example of affecting (but 
not changing) the past is “Behold the Man” by Michael Moorcock, the tale of 
a time traveler who arrives in ancient times during the very years of the 
ministry of Jesus as reported in the Bible. When he finds there is actually no 
such person, the time traveler takes the role himself and lives out the events as 
reported in the Gospels, including the Crucifixion. This is a powerful story, 
but it had already been done more than 15 years earlier, by Philip K. Dick, in 
his short story “The Skull” (/f, September 1952). In his tale, Dick tells of a 
man from the twenty-second century who is sent by government authority 
back to the mid-twentieth century to kill the Founder of a religious move- 
ment, a movement that ‘now,’ 200 years later, threatens those same govern- 
ment authorities. History records that the Founder gave a powerful speech 
just before being arrested and executed, a speech that started the religious 
movement, and so the time traveling assassin is told to kill the Founder before 
he can give that speech. (The parallel between Jesus and the Founder should 
be obvious.) Read these two stories and compare and contrast how Moorcock 
and Dick handled time travel paradoxes. Comment, in particular, on the 
relationship between the assassin and the Founder. Moorcock’s tale should 
be easy to find, and Dick’s is available as a free pdf download (it is in the 
anthology The Best of Philip K. Dick, Halcyon Classics 2010, as well). 
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A subtle change-the-past sequence appears in the original Back to the Future 
film that is easy to miss. When the hero, Marty McFly, returns to 1955 in the 
time car, he leaves from the parking lot of the Twin Pines Mall, so named 
because of the two pine trees that stand nearby. Arriving in the past with 
literally a bang, the time car inadvertently destroys one of the (then) young 
pines. Near the end of the movie, when Marty returns to the future (1985), he 
finds that the mall is now called the Lone Pine Mall. This is charming and fun, 
indeed clever, but modern scholars of time travel reject it, and other claims of 
changing the past, as not being logical. (Shakespeare understood this point, 
when he has Lady Macbeth declare, concerning the murder of Banquo, 
“What’s done cannot be undone: to bed, to bed, to bed.”) What Marty’s trip 
would explain is why the mall would always have had the name of the Lone 
Pine Mall. Watch the movie and see how many other ‘change-the-past’ 
episodes you can find. 


4 Philosophers, Physicists, and the Time Travel Paradoxes 


Chapter 5 
Communication with the Past 


“(As for travel to or for signaling the past] you'd have to exceed 
light speed which immediately entails the use of more than an 
infinite number of horsepowers.”! 


5.1 Reversed Time 


“I have not discovered Mr. Wells’ Time Machine.” 


One way to communicate with the past is to ‘simply’ live backwards in time. 
Philosophers and other writers of speculative fiction were the first to wonder what 
things might be like in a world where the time asymmetry is reversed—that is, in a 
world where time ‘runs backward.’ Indeed, fascination with the idea of time 
reversal actually dates back thousands of years, long before science fiction, as it 
can be found in Plato’s dialogue Statesman, written (most probably) 15 years before 
Plato’s death in 347 B.C. 

At one point, Plato offers an extended description of the world suddenly running 
backward in time in the ancient past. After one character is told that at that remote 
time “all mortal beings halted on their way to assuming the looks of old age, and 
each one began to grow backward,” he asks “But how did living creatures come into 
being, Sir? How did they produce their offspring?” The answer is shocking: 
“Clearly ... it was not of the order of nature in that era to beget children by 
intercourse ... It is only to be expected that along with the reversal of the old 
men’s course of life and their return to childhood, a new race of men should arise, 
too—a new race formed from men dead and long laid in Earth... Such resurrection 





‘An observation by Haskel van Manderpootz, professor of the “newer physics,” in S. G. 
Weinbaum’s “The Worlds of If,’ Wonder Stories, August 1935. Compared to the ‘modest’ Van 
Manderpootz, all other physicists in the world are a mere “pack of jackels, eating the crumbs of 
ideas that drop from [his] feast of thoughts.” 

2W. R. Inge (1860-1954), in his November 1920 Presidential Address to the Aristotelian Society 
at the University of London Club, in a sympathetic treatment of the possibility of a time-reversed 
world. 
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of the dead was in keeping with the cosmic change, all creation being now turned in 
the reverse direction.” 

The reversed-time world is an important philosophical concept. Before the turn 
of the century, for example, Francis Bradley (one of the early proponents of the 
block universe, you will recall from Chap. 2), thought about reversed-time worlds 
and concluded that they would be quite odd: “Let us suppose ... that there are 
beings whose lives run opposite to our own ... /f in any way J could experience 
their world, I should fail to understand it. Death would come before birth, the blow 
would follow the wound, and all must seem to be irrational.”* A half-century later 
the South African philosopher J. N. Findlay (1903-1987) took Bradley’s position of 
supporting a skeptical attitude towards the possibility of time-reversed worlds. 
Writing in a book review, Findlay declared “The reversed world in question 
wouldn’t merely strike us as queer, but definitely crazy: it would be a world 
where what is wildly and intrinsically improbable was always occurring. It 
would, in fact, be much more startling than the original asymmetry that led us to 
think of it.”* (Findlay was almost certainly thinking of things like a tea cup, 
shattered due to a fall, spontaneously reassembling itself.) 

The question of backward-running time so fascinated Findlay that, some years 
later, he posed it as a problem for the readership of a scholarly journal (Analysis). 
This led to a number of responses, and subsequently he presented both his own 
negative view of time-reversed worlds and that of the best reader response he had 
received to his posed problem (which came from McGechie).? While Findlay 
showed admirable open-mindedness by awarding the title of best to an argument 
that refuted his own position, he remained unconvinced about the concept of 
reversed-time worlds, stating that “I continue to feel that a total reversal of my 
experiences is a terrifying possibility.” 

The terror aspect of living backward in time had been nicely captured in a 
science fiction story years before Findlay wrote. A scientist who is involved in an 
accident with radioactive materials has his sense of time flow reversed, and the 
story carefully and logically analyzes what his life would be like in such a situation. 
For example, the scientist can talk (backwards for others, of course), so he is 
understandable only if his words are recorded and then played in reverse. He cannot 
eat, because for him that would involve the regurgitation of food. He cannot answer 
questions because “if he should answer any questions put to him, it would mean he 
was giving the answer before he heard the question, on his time scale.” And finally, 
he can’t pick anything up because the normally stable position and velocity error- 
correction mechanism between eye, hand, and brain, which is a negative feedback 
system in normal time, has become an unstable positive feedback system in 
reversed time. The horror of his existence is contained in the only words the man 





3F. H. Bradley, Appearance and Reality (2nd edition), Oxford University Press 1897, p. 190. 
4J. N. Findlay, Philosophy (25) 1950, pp. 346-347. 


5J. N. Findlay and J. E. McGechie, “Does It Make Sense to Suppose That All Events, Including 
Personal Experiences, Could Occur in Reverse?” Analysis, June 1956, pp. 121-123. 
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utters (deciphered after reversed playback): “Where am I? What’s happened? Why 
are things so different? Why? Why?’”? 

Despite Findlay’s “terror,” however, the prevailing view today is that to the 
inhabitants of a time-reversed (or what is sometimes called a counterclock) world, 
nothing would look odd! This is a fairly new idea,’ and not so long ago the 
philosophical literature displayed a misunderstanding of how a time-reversed 
world would appear to its occupants.® More recent analyses than Smart’s (note 7) 
advocating the ‘normality’ of a time-reversed world are more compelling.” One 
concern about a time reversed world however is not easily dismissed: matter with a 
time reversed time sense is thought by many to be antimatter in our world, and any 
interactions between the two worlds would be spectacular, indeed! '° 

But let’s ignore that possible difficulty. The philosopher J. R. Lucas argued that 
even if beings from two such time-reversed worlds could meet, they still could not 
communicate: “If two beings are to regard each other as communicators, they must 
both have the same direction of time. It is a logical as well as a causal prerequi- 
site.”!! Now, this matter is well worth some effort to understand, because it is 
intimately tied to time travel. At first blush, Lucas’ words seem almost self-evident, 
and after a little thought they might seem to be absolutely irrefutable. The philos- 
opher Murray MacBeath, however, took exception. 

MacBeath opened his analysis'” with a story to demonstrate that the persuasive 
power of Lucas’ position is only superficial. In that story of Jim and Midge, Jim is 
one of us, whereas Midge is a ‘Faustian time’!? being. In his analyses MacBeath 
uses capitalized words and symbols for the time-reversed Midge, and lower case for 
Jim, as shown in Fig. 5.1. As MacBeath explains, “While Jim and Midge are 
together a face-to-face conversation is hardly likely to get off the ground. To 
make this clear let us say that they are together from fp until f;9 on Jim’s time- 
scale, and from To until T,;9 on Midge’s TIME-scale; fo is then the same temporal 
instant as T,g and, in general, ¢, = Tio_,. If Jim at [his time] t asks Midge a 





&M. C. Pease,” Astounding Science Fiction, “Reversion,” December 1949. See also R. A. Banks, 
“This Side Up,” Galaxy Science Fiction, July 1954, for a tale about the confusion caused by 
projecting a film the wrong way in time. 

7The modern view that a time-reversed world would appear normal to someone living in it can be 
traced back at least as far as to J. J. C. Smart, “The Temporal Asymmetry of the World,” Analysis, 
March 1954, pp. 79-83, an analysis, alas, that may not convince everyone. 

8M. Dummett, “Bringing About the Past,” Philosophical Review, July 1964, pp. 338-359. 

°See, for example, D. L. Schumacher, “The Direction of Time and the Equivalence of ‘Expanding’ 
and ‘Contracting’ World-Models,” Proceedings of the Cambridge Philosophical Society 1964, 
pp. 575-579; J. V. Narlikar, “The Direction of Time,” British Journal for the Philosophy of 
Science, February 1965, pp. 281-285; F. R. Stannard, “Symmetry of the Time Axis,” Nature, 
August 13, 1966, pp. 693-695. 

'0This issue is raised, several times, in Robert Silverberg’s 1968 novel The Masks of Time. 

"J. R. Lucas, A Treatise on Time and Space, Methuen 1973, pp. 43-47. 

'2M. MacBeath, “Communication and Time Reversal,” Synthese, July 1983, pp. 27-46. 
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LATER << Midge (reversed time) << EARLIER. 


Fig. 5.1 Opposite time flows in counterclock worlds 


question, and Midge hears the question at Tg, she will answer at To, and Jim will 
hear his question answered at t), before he asked it! What is more, if Jim is inexpert 
at interpreting backward sounds, and at t, asks Midge to repeat her answer, Midge 
will hear that request at T¢, BEFORE she has heard the original question; and her 
puzzled reply at T7 will be heard by Jim at ¢, before he has uttered the request.” 
Certainly this is a mess in time, and Lucas seems to be on safe ground with his 
denial of the possibility of communication between Jim and Midge. MacBeath, 
however, shows how to refute all of Lucas’ arguments if Jim and Midge are allowed 
to be clever about how they send their messages back and forth—that is, if we give 
up some of our usual ideas of what a conversation is like. MacBeath’s analyses are 
far too lengthy and detailed to present here, but the simplified diagram of Fig. 5.1 
should enable one to follow the logic of his approach. 

We imagine that Jim and Midge will not actually talk, and so will not have to 
decipher backward-spoken language. Rather, they will exchange messages via 
computer-generated text displayed on monitor screens, screens that are separated 
by a window that is proof against all penetration but the light emitted by those 
screens.'* The nature of this window is not a trivial matter: if we accept the anti- 
matter nature of Midge’s world then it is essential to keep her and Jim apart! To that 
end, MacBeath imagined that the window is double paned, with a perfect vacuum 
in-between. The exchange of photons between the two worlds should present no 
problems because photons are their own anti-particles.'*° 

Now, imagine that at fo Jim brings a computer to the window. He programs it to 
wait for 4 days, until t4, and then to display the following message on its screen: 
“This message is from Jim, who experiences time in the sense opposite to yours. 
Please study the following questions and display your answers on a computer 
screen three days from now.” Jim’s messages ends with the list of questions. 

Because all that took place at t,, Midge sees Jim’s message and questions at what 
we will now call Tp. As requested, she brings her computer to the window, enters 
the answers to Jim’s questions, and programs the machine to display them (after a 





'SCommunication between beings in counterclock worlds, using written messages displayed 
through a window, appeared in science fiction years before MacBeath wrote: see I. Watson’s 
1978 novelette “The Very Slow Time Machine.” 

‘There is no difference in the time sense of photons in either world because the flow of proper 


time for a photon—traveling at the speed of light, by definition—is zero (recall the discussion in 
Sect. 3.6). 
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3 day delay) on its screen. Thus, at 73, which is Jim’s ¢,, Jim sees Midge’s computer 
screen light up with “Hi, Jim. This is Midge. The answers to your questions are at 
the end of this message. Now, I’ve got some questions for you. Please display the 
answers two days from now.” Midge’s message ends with answers to Jim’s ques- 
tions and her list of questions. 

Jim sees Midge’s message at ¢,, enters the answers to her questions and sets the 
machine to answer after a 2-day delay. At t3, which is Midge’s T;—and by now you 
see how the process goes. It’s cumbersome, sure, but it works. Or at least it does if 
everybody follows the rules. What if they don’t? MacBeath provides other, increas- 
ingly complicated analyses to treat some of the more subtle problems that can be 
imagined in this method of exchanging messages. I will mention just two of them, 
which have direct analogs with what we normally think of as ‘time travel.’ 

For the first problem, consider Jim’s initial message, created at fp to be sent at ty. 
He receives Midge’s answer as described above at ¢,, before his message is 
displayed through the window. So, what happens if at t, Jim cancels the message 
and it is not displayed? He has already gotten Midge’s reply, but how can that 
happen if he does not send his message? This is, of course, a bilking paradox, with 
an explanation that we discussed in the previous chapter. 

A second problem is the apparent possibility of creating a causal message loop. 
For example, let’s say that at fo Jim suddenly decides to send a message through the 
window. (His reason for this sudden urge will be explained in the next few lines.) 
He thinks all night about what to send and, at f,, finally settles on the following: 
“Greetings to the people on the other side of the window. This message comes from 
Jim, who hopes you will reply.” Midge immediately sees Jim’s message through the 
window (at her time 73) and so is suddenly caught up with the desire to respond. She 
thinks all night about what to send and, hoping to be witty, she finally decides 
(at time T4) on the following echo to Jim’s message. “Greetings to the people on the 
other side of the window. This message comes from Midge, who hopes you will 
reply.” Jim immediately sees this through the window (at what is his time fo) and so 
now we know why he decides to send his original message! And Jim will send his 
original message—he has to because Midge replied to it. 

In a review of a book on the direction of time, the philosopher Hilary Putnam 
restated the problems of a time-reversed world in the form of a provocative 
question: “How do you know that one man’s future isn’t another man’s past?”!° 
He began by making the interesting observation that for us to be able just to observe 
a backward-running universe, we would have to provide our own normal radiation 
source, because the counterclock stars in such a universe absorb radiation rather 
than emitting it. This point was elaborated on by another philosopher some years 
later, who wrote “We have uncritically imagined someone looking in on ... two 
worlds having opposite time directions .. . Part of the story we tell, of the process of 
seeing, involves the emission of photons from objects [for example, the computer 
screens of Jim and Midge] and the subsequent impinging of these photons on our 





‘CH. Putnam, The Journal of Philosophy, April 1962, pp. 213-216. 
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retinas. But this process is obviously directed in time. In a world where time ran 
opposite to ours, we could not see objects at all: objects would be photon-sinks, not 
photon-emitters.”!’ 

Putnam concluded his comments about reversed time with a cautious warning: “It 
is difficult to talk about such extremely weird situations without deviating from 
ordinary idiomatic usage of English. But this difficulty should not be mistaken for a 
proof that these situations could not arise.” That challenge is no doubt why so many 
writers of science fiction and fantasy have tackled the question of what it would be like 
if time ran backward. We can find such a tale long before the science fiction pulps, in 
fact, in a tale that appeared when Einstein was just 7 years old. In that story'® the 
narrator (a professor of astronomy and higher mathematics) suddenly finds himself on 
Mars. There he encounters beings who know the future up to their deaths, and whose 
memories of the past are “scarcely more than a rudimentary faculty.” The entire tale is 
in the form of a conversation between the professor and one such being, who argues 
(quite persuasively) for the virtues of his ‘backward’ existence compared to that of 
earthlings (the Martian name for Earth is the story’s title). Bellamy realized that his 
story implies a fatalistic block universe: “No one could have foresight ... without 
realizing that the future is as incapable of being changed as the past,” he wrote. 

Other writers, too, were fascinated by the implications of reverse time. When 
Merlyn the magician makes his first appearance in T. H. White’s 1939 masterpiece 
The Once and Future King, for example, he explains how he knows the futures of 
others: “Ordinary people are born forward in Time, if you understand what I mean, 
and nearly everything in the world goes forward, too ... But I unfortunately was 
born at the wrong end of time, and I have to live backwards from its front, while 
surrounded by a lot of people living forwards from behind. Some people call it 
having second sight.” 

What may have put the idea in White’s mind for his time-reversed magician is 
only speculation today, but perhaps it was something he might have read a decade 
before, in a fellow Englishman’s writing, the 1929 book The Nature of the Physical 
World by Sir Arthur Eddington, where one finds the following passage: “In “The 
Plattner Story” H. G. Wells relates how a man strayed into the fourth dimension and 
returned with left and right interchanged ... In itself the change is so trivial that 
even Mr. Wells cannot weave a romance out of it [but see one of the For Further 
Discussion questions at the end of Chap. 2]. But if the man had come back with past 
and future interchanged, then indeed the situation would have been lively.” 

Whether or not those words influenced English fantasy, they certainly had some 
effect on American science fiction. In his 1979 memoir The Way the Future Was, 
pulp editor Frederik Pohl wrote that Eddington’s book (which Pohl incorrectly 
attributed to Sir James Jeans) had given him the idea for a story using the reversed- 
time twist. But before Pohl could publish it, an even better (claimed Pohl) tale 





“N, Swartz, “Is There an Ozma-Problem for Time?” Analysis, January 1972, pp. 77-82. 
18 Bellamy, “The Blindman’s World,” The Atlantic Monthly, November 1886. 


5.1 Reversed Time 251 


arrived from Malcolm Jameson. Jameson, too, had read Eddington’s book, and the 
result was the novella-length “Quicksands of Youthwardness,” which Pohl 
published in Astonishing Stories as three-part serial during 1940-1941. Unfortu- 
nately, Jameson’s tale is both pretty awful and devoid of any connection with 
Eddington’s suggestion. One can only wonder about what might have been in the 
story Pohl says he discarded—did it have the future remembered? Alas, Pohl wrote 
that he couldn’t remember! 

Remembering the future does occur in one tale where everybody knows what 
will happen (as they live backward) by reading “prediction books.” What distin- 
guishes that story from many others on the same theme is an interesting, ironic 
conversation a student in a reverse-time world has with a philosophy professor 
about how things would be if time went the ‘other way,’ as in our world: 


“How can we tell? The reverse sequence of causation may be just as valid as the one we are 
experiencing. Cause and effect are arbitrary, after all.” 

“But it sounds pretty far-fetched.” 

“It’s hard for us to imagine, just because we’re not used to it. It’s only a matter of 
viewpoint. Water would run downhill and so on. Energy would flow the other way—from 
total concentration to total dispersion. Why not?””” 


The student is unconvinced, however, and when he tries to visualize such a 
peculiar world (our world, don’t forget!) it gives him a “half-pleasant shudder.” 
Imagine, he thinks in wonder, never knowing the date of your own death. 

A few years later, in Wilson Tucker’s 1955 novel Time Bomb, we find the 
intriguing idea of political assassination by time bomb, with the bombs actually 
time traveling to their targets. A policeman begins to suspect what is happening 
when it becomes evident that one of the explosions was actually an implosion: “The 
time bomb ... had been going in and had carried the force of the blast with 
it. Inward. Into the past. He frowned at that. A backward explosion? An explosion 
which ran counter to the normal flow of time, to the normal method of living? ... 
How would an explosion appear to a man if the blast happened in the opposite 
manner? If it began exploding now, in this moment, but continued backward instead 
of forward? Would it be an implosion?” 

There is little doubt that the definitive treatment of a reversed-time world is that 
of Philip K. Dick’s 1967 novel Counter-Clock World. Dick’s world was once our 
world, but then, as in Plato’s tale that began this chapter, time suddenly begins to 
run backward. People still alive reverse their direction of aging (but still think, 
walk, and talk in forward time), and dead, buried people come alive again and 
emerge from graveyards as the “Sacrament of Miraculous Rebirth” is intoned by a 
priest; all live their way back to the womb, just as in Plato’s tale of 1600 years 
earlier. Such imagery is powerful stuff, but the physicist John Wheeler (of black 
hole fame) would have none of it. As he wrote, “Most of us would probably agree 
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that the universe has not contained and will not contain any backward-looking 
observers. We do not expect to see caskets with corpses in them coming to life, nor 
do we expect to find bank vaults in which a gram of radium will integrate rather 
than disintegrate.” 


5.2 Multi-dimensional Time 


“Tf there are extra time dimensions we get violations of causality, because one could sneak 
to yesterday through the extra dimensions, and ... if you had sneaked to yesterday, you 
would have disappeared from today.””! 


There are those, however, who haven’t been quite so sure as Wheeler about the 
impossibility of a reversed-time world. One physicist, for example, showed how 
(under certain initial conditions at the Big Bang) there is a possible solution to the 
gravitational field equations that gives an oscillating universe that temporally runs 
backward during the contraction phase.** And a philosopher has argued that the 
direction of time is local, not global (just as special relativity showed is the rate of 
time) and that the arrow of time can point in opposite directions at different 
locations.”* As odd as such ideas may seem, a generalization of reversed-time— 
multi-dimensional time—makes it seem small potatoes. This is the idea that there 
might be many possible directions to the arrow of time, not just two. At first this 
may seem an absurd idea, something akin to a man jumping onto his horse and 
riding off in all directions at once. But philosophers (and perhaps just a few 
physicists~*) have started to take at least a semi-serious look at the concept; as 





?°Wheeler’s comments can be found in the General Discussion at the end of The Nature of Time 
(T. Gold, editor), Cornell University Press 1966. 


*1 An intriguing (if somewhat mysterious) thought from F. J. Yndurain, “Disappearance of Matter 
Due to Causality and Probability Violations in Theories with Extra Timelike Dimensions,” Physics 
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with so many other of the radical concepts associated with time travel, though, 
science fiction writers were dealing with multi-dimensional time long before it 
became a respectable topic in learned philosophical and physics journals. 

In one pulp story, for example, we find a professor asking his redundantly named 
class in speculative metaphysics “Why shouldn’t time be a fifth, as well as a fourth, 
dimension?” In response to a generally skeptical reception to that, the professor 
goes on to say “I believe in the existence of a two-dimensional time scheme ... 
Ordinarily, most people think of time as a track they run on from their births to their 
deaths ... Think of this time track we follow over the surface of time as a winding 
road [it is the imagery of a surface that gives the professor two time dimensions]... 
Once in a while another road crosses at right angles. Neither its past nor its future 
has any connection whatsoever with the world we know.””° 

The year before, the same pulp had published another tale?’ that went well 
beyond a mere two time dimensions. We are told in that story of two countries on an 
alien planet at war in the distant future. The war is a stalemate until one side begins 
to fire a gun at its foe from just two miles from its target, in the heart of enemy 
territory—from the middle of next week! The gun’s shells are true ‘time bombs.’ 
This is not mere ‘ordinary’ time travel along one time track, however, but a 
multidimensional effect. Using a photograph of the gun in actual operation to 
support his astonishing discovery, an agent for the side being shelled reports to 
his superior that “the gun and its crew are existing along another time axis at right 
angles to the direction of our ‘normal time,’ so that from our point of view they are 
existing perpetually in the same instant.” 

That explains why the gun crew can (will?) operate without interference in next 
week’s future, as they are in their adversary’s time only for the instant that the two 
time tracks intersect. Indeed, the spy used the same trick to obtain his undetected 
photograph: “I secured the photograph by orienting myself along still another time 
axis at right angles to that of the gun, and approached it as an instantaneous, 
invisible entity.” By the story’s end both sides are using and counter-using this 
technique, evading each other “to and fro along an ever increasing complexity of 
mutually perpendicular time axes.” In fact, the final count exceeds 75 time axes, 
making Heinlein’s two-dimensional time look rather skimpy by comparison. 

Well, of course, 75 time directions is science fiction (I think), and physicists are 
not so enamored of multidimensional time as are science fiction writers. For 
example, Eddington wrote that he found the idea of any region of spacetime 
involving two-dimensional time to “defy imagination.”** Another physicist showed 
that the extremal property of timelike geodesics (look back at Fig. 3.15 and its 





°5R. Heinlein, “Elsewhen,” Astounding Science Fiction, September 1941. 


©This story has an amusing scene in which one of the professor’s students accidently ‘jumps time 
tracks’ and so enters a new track with his arrow of time pointing backwards. 


27N. L. Knight, “Bombardment in Reverse,” Astounding Science Fiction, February 1940. 


8A. S. Eddington, The Mathematical Theory of Relativity (2nd edition), Cambridge University 
Press 1924, p. 25. 
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discussion) would fail for multidimensional time, which he then associated with the 
stability of matter and a failure of causality.°° Yet another physicist, however, was 
just a bit more willing to consider multidimensional time, and suggested that a 
viable theory of quantum gravity might support the idea of multiple time dimen- 
sions.*” Of just what more than one time dimension might actually mean, however, 
this same physicist echoed Eddington by writing “Physics in a spacetime of ... two 
timelike dimensions would be very weird indeed.” Agreeing with this physicist was 
a philosopher who called the idea that there could be more than one dimension to 
time a “rather wild possibility” and a “fairy-tale.”*' These are probably fair 
statements of how most physicists presently think of multidimensional time. 

But not all philosophers are of that persuasion, and many are in fact as fascinated 
by the possibilities of multidimensional time as are science fiction writers. So, why 
this interest in something so different from anything we actually experience? Where 
does the motivation come from? Of what use is multidimensional time? I think the 
answers to those questions all derive from how multidimensional time offers a 
theoretical model for giving meaning to the view that the past can be changed (take 
a look back at note 20 in the Introduction). 

In a certain trivial sense, of course, the past is always changing. For each of us 
the past is the set of all events that have happened, arranged in a before/after 
temporal order, and this set is continually increasing (and so changing). That is 
not, however, what most people mean by a changeable past. What is meant is that 
there may be some kind of change in the temporal ordering of events, or that an 
event that once was (or wasn’t) a member of the set of past events no longer is (or is 
now) a member. Two-dimensional time offers a way to make sense of such 
possibilities, which one-dimensional time simply cannot do. To see how that 
works, Ill follow the presentation in a paper that forcefully argues that it does 
make sense to talk about altering the past.** 

Meiland was aware that some might find his model ad hoc, even “incredibly 
weird” (in his own words), but he justified his efforts by taking a refreshingly 
enlightened, non-Humean view of what he thought would be the proper response to 
meeting purported time travelers: “If strange machines containing people in futur- 
istic garments and speaking strange tongues (or perhaps using ESP instead of 
speech) were to appear and were to claim to be from the future, we might very 
well begin to search for a theory of time that allows their claim to be true.” In 
Fig. 5.2 you can see how Meiland tried to do just that. 





297, Dorling, “The Dimensionality of Time,’ American Journal of Physics, April 1970, 
pp. 539-540. 

30°C. Isham, “Quantum Gravity,” in The New Physics (P. Davies, editor), Cambridge University 
Press 1989, 

3!1D, Zeilicovici, “Temporal Becoming Minus the Moving-Now,” Nous, September 1989, 
pp. 505-524. 

327 w. Meiland, “A Two-Dimensional Passage Model of Time for Time Travel,” Philosophical 
Studies, November 1974, pp. 153-173. Jack Meiland (1934-1998) was a professor of philosophy 
at the University of Michigan. 


5.2 Multi-dimensional Time 255 























Pt, Pty Pt, Pt, 
| | 
| | 
7 | 
P et | 4 
6—-- Tt + TY tt 
gh C | ae lg 
I we | ae 
| 7 | 
P, rf 
5 7B Rs ts 
a 7 
e il 
* 
P, e a 
‘ “IA 7 ty 
I | Be 
I | 7 
Ps a 
a. fg 
a 
a 
ra rl 





P, ——_———-~#" t, 


Fig. 5.2. Two-dimensional time 


The dashed diagonal line, marked with the points f;, f2, ... represents our usual 
one-dimensional image of time. The horizontal lines P jt, Pot. ... (which we can 
simply call P;, Po, ..., for short) are the pasts for the present instants f,, fo, ... . That 
is, P, is the past with respect to the present ¢;, P. is the past with respect to 
the present fz, and so on. The dashed vertical lines allow us to locate any moment 
in the past. For example, the intersection point A of P, with Pr, is the location of ft, 
in the past with respect to the present fy. 

With this model, Meiland then analyzed in detail several interesting special 
cases. Suppose that f; and f% are | year apart and that there is a similar time 
separation between all adjacent, marked present moments on the diagonal. Let us 
further suppose that a time traveler at t, journeys backward 3 years to ft, to arrive at 
point A. Assume he stays in the past 2 years; then his temporal locations lie along 
the dashed diagonal line ABC; that is, at B he is 3 years in the past of ts, and at C he 
is 3 years in the past of f¢. From Fig. 5.2, then, we can imagine the time traveler 
saying, as he climbs into his time machine at t4, “One year from now I’Il be two 
years from now.” That rather astonishing statement makes sense when we take both 
uses of now to be 4 and observe that B (1 year from A) is 2 years in the past with 
respect to ies 





334 critic of time travel (see note 119 of Chap. 2) used what he claimed to be the absurdity of such 
a statement to support his ejection of time travel. One of Meiland’s reasons for developing his 
two-dimensional model of time was, in fact, to be able to reply to that critic (Donald Williams). 
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Meiland’s two-dimensional time model is undeniably fascinating, but it simply 
has no theoretical justification (as far as I know™). It is not necessary to assume 
two-dimensional time to explain Meiland’s “strange machines containing people in 
futuristic garments”; it is possible to do that with one-dimensional time in a four- 
dimensional spacetime. The classic paradoxes, too, are understandable without 
two-dimensional time, as discussed in the previous chapter. 


5.3 Maxwell’s Equations and Sending Messages to the Past 


“Communication with a world exactly, to minutest detail, a duplicate of our own [but] 
twenty thousand years ahead of us might ruin the human race as effectively as if we had 
fallen into the Sun.”*° 


Every physicist and electrical engineer knows that the mathematical description 
of the electromagnetic field is given by Maxwell’s equations. In particular, radio 
engineers know that the waves of energy their antennas launch into space follow the 
predictions of those equations with astonishing accuracy. Indeed, when Einstein’s 
relativity theory was completed, it was found that Maxwell’s equations automati- 
cally satisfy relativity because magnetic effects are relativistic effects; in other 
words, relativity is built into Maxwell’s equations. Whereas Newton’s laws of 
dynamics had to be patched up, Maxwell’s equations were untouched by the 
discovery of relativity. 

Thus, it was a puzzle when physicists discovered that careful study of the 
seemingly perfect Maxwell equations, when applied to antennas, apparently results 
in the prediction of causality violation. It is found, in fact, that the equations have 
two solutions. One, as expected, contains the feature of time delay; that is, creating 
an electromagnetic disturbance at the antenna now causes a detectable effect at a 
distant point in space /ater. This is the so-called time-retarded-solution, and its 
common-sense physical interpretation is that of energy waves traveling away from 
the antenna as they also travel into the future. The shock was that Maxwell’s 
equations also accept an advanced solution; energy waves arriving at the antenna 
from infinite space. 

The physicist Paul Renno Heyl (1872-1961) wrote the perhaps first scientific 
work discussing advanced electromagnetic effects, in his 1889 University of Penn- 
sylvania doctoral dissertation with the provocative title “The Theory of Light on the 





4Many of the arguments against multi-dimensional time can be found in M. MacBeath, “Time’s 
Square,” in The Philosophy of Time (R. Le Poidevin and M. MacBeath, editors), Oxford University 
Press 1993. MacBeath concludes, however, with “I would not want to rule out the possibility ... 
that time is three-dimensional. Or worse.” See also Alasdair Richmond, “Plattner’s Arrow: 
Science and Multi-dimensional time,” Ratio, September 2000, pp. 256-274. 

*°The Victorian writer Samuel Butler (1835-1902), in the “Imaginary Worlds” entry of The 
Notebooks of Samuel Butler (published posthumously in 1912), commenting on the chaos that 
communication across time might cause. 
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Hypothesis of a Fourth Dimension.” Heyl cited the scientific guru of the fourth 
dimension, C. H. Hinton (look back at the last “For Further Discussion” assignment 
in Chap. 2) as his inspiration. The situation described by Heyl is something like that 
of a child standing at the edge of a pond. She throws a rock into the middle of the 
pond and watches ripples spread out and away from the splash. Suddenly, she sees 
ripples appear all around the edge of the pond and then travel inward toward the 
center, where they all converge at once. A spout of water then erupts from the 
surface of the pond at the simultaneous meeting of the inward-traveling ripples, and 
she watches as a rock is ejected from the spout to land back in her hand. She is, of 
course, open-mouthed with astonishment! How absurd, you think, as you read this, 
and who could blame you? This amazing imagery of advanced effects we owe to the 
philosopher Karl Popper, and it has come to be called “the fable of the Popperian 
pond.”*° 

Pursuing the mathematics of wave motion in the fourth dimension, Hey] wrote 
“We are led to the curious conclusion that, in Hinton’s aether,>” the nature of the 
central disturbance after a given instant can influence the form of the aether before 
that instant. In other words, the aether seems to be endowed with an uncanny faculty 
of foreknowledge.” We can avoid such a counter-intutive implication of advanced 
effects, but only at the price of something many physicists and philosophers 
consider equally unacceptable: information traveling from the future into the past. 
We can still think of the advanced solution as representing electromagnetic waves 
of energy traveling away from the transmitting antenna—that is, as being broad- 
cast, just like the retarded solution, rather than being received from infinity—if we 
also think of the waves traveling backward in time. Thus, the advanced solution to 
Maxwell’s equations holds out the possibility of sending messages to the past, a sort 
of poor man’s time travel. It may seem that we have simply traded one problem for 
another, however, because just sending information into the past can cause many of 
the same paradoxical, causality-busting situations that physical time traveling is 
claimed to cause. 

The cosmologists Fred Hoyle (1915-2001) and J. V. Narlikar commented on the 
potential problems posed by communication backward in time, in their 1974 book 
Action at a Distance in Physics and Cosmology: “The [Maxwell] equations supply 
us with both advanced and retarded solutions (and, because of the linearity, with 
any linear combination of them) ... With so many solutions theoretically possible, 
why does nature always select the retarded one? That this question cannot be 
answered within the framework of Maxwell’s theory must be regarded as one of 
its intrinsic weaknesses.” 





36K. Popper, “The Arrow of Time,” Nature, March 17, 1956, p. 538. See, too, note 110 (and its 
discussion) in Chap. 2. 

37It was thought, in nineteenth century physics, that electromagnetic waves need a medium through 
which to propagate (like ocean waves need water, and sound waves need air), a mysterious 
substance called the aether (or ether) that exists even in a vacuum. The 1871 Michelson-Morley 
experiment, however, implied that the aether simply does not exist. 
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That branding of Maxwell’s theory as having an “intrinsic weakness” because of 
its prediction of an advanced solution was, I think, unwarranted. Indeed, the 
advanced solution can be given a perfectly reasonable physical interpretation.** 
Imagine a transmitting antenna sending electromagnetic waves to an identical 
receiving antenna. At any point in space between the two antennas there are electric 
and magnetic fields. Maxwell’s equations allow us to calculate the fields produced 
by alternating currents in the two antennas. When we do an analysis of the 
relationship between the transmitting antenna’s current and the fields, we use the 
retarded solution because the current is the cause and the fields are the effect. But in 
the analysis of the relationship between the fields and the receiving antenna’s 
current, the situation is reversed, and the fields are the cause and the current is 
the effect. That is, the advanced solution is simply the mathematics relating the 
current in the receiving antenna now to the fields in the past. 

An acceptance of both solutions has, in fact, been in the physics literature for 
nearly a century. As the Yale physicist Leigh Page (1884-1952) wrote decades 
before Hoyle and Narlikar, “While the advanced potentials, as well as the retarded 
potentials, satisfy the electromagnetic equations, the former has generally been 
discarded for the reason that it has been more in accord with the trend of scientific 
intuition to consider that the present is determined by the past course of events than 
by the future. However, if it is once admitted that the present state is uniquely 
determined by any past state, it follows that the future is also so determined, and 
hence the employment of a future state as well as a past state in specifying the 
pe marks no inherent departure from our accustomed methods of description 

It may still be tempting, however, to just dismiss the advanced solution as a mere 
anomaly of the mathematics and to discard it on physical grounds. This is the 
traditional approach taken by physicists when confronted with non-causal solutions 
in any physical theory and, indeed, that was what Swiss physicist Walter Ritz 
(1878-1909) did with the advanced solutions to Maxwell’s equations 
(an approach that involved Ritz during the last year of his life in a dispute with 
Einstein). For Ritz, the reversal of cause and effect simply did too much violence to 
his intuition to be taken seriously, and so he thought one must impose causality on 
Maxwell’s equations (a condition they do not inherently contain) by a priori 
rejecting the advanced solution.“° 

Still, electrical engineers make similar kinds of judgements all the time, as when 
the solution of a quadratic equation for a passive (energy-dissipating) resistor gives 





38 See, for example, S. L. Schwebel, “Advanced and Retarded Solutions in Field Theory,” 
International Journal of Theoretical Physics, October 1970, pp. 347-353, and L. M. Stephenson, 
“Clarification of an Apparent Asymmetry in Electromagnetic Theory,” Foundations of Physics, 
December 1978, pp. 921-926. 

3°1_. Page, “Advanced Potentials and Their Application to Atomic Models,” Physical Review, 
September 1924, pp. 296-305. 

4°For more on this, see O. Costa de Beauregard, “No Paradox in the Theory of Time Anisotropy,” 
Stadium Generale 1971, pp. 10-18. 
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both a positive value (which ‘makes sense’) and a negative value (which doesn’t 
“make sense’ and so is simply ignored). There were, however, those who encour- 
aged caution on this issue. Seventy-five years ago, for example, the eminent MIT 
electrical engineer Julius Adams Stratton (1901-1994) echoed Leigh Page’s warn- 
ing when he wrote of the disturbing advanced solution, “The familiar chain of 
cause-and-effect is thus reversed and this alternative solution might be discarded as 
logically inconceivable. However, the application of ‘logical’ causality principles 
offers very insecure footing in matters such as these and we shall do better to restrict 
the [Maxwell] theory to retarded action solely on the grounds that this solution 
alone conforms to the present [my emphasis] data.”*! 

And in a famous paper I'll discuss in the next section, Wheeler and Feynman 
declared that “We conclude advanced and retarded interactions give a description 
of nature logically as acceptable and physically as completely deterministic as the 
Newtonian scheme of mechanics. In both forms of dynamics the distinction 
between cause and effect is pointless. With deterministic equations to describe 
the event, one can say: the stone hits the ground because it was dropped from a 
height; equally well, the stone fell from a height because it was going to hit the 
ground.””? For Wheeler and Feynman, the reversal of cause and effect inherent to 
backward causation and time travel to the past offered no conceptual difficulties. 

The elimination of an appeal to causality, or to the ‘weirdness’ of advanced 
waves, in arguing for the naturalness of the retarded solution to Maxwell’s equa- 
tions was first done in 1976.** The only auxiliary condition applied to the equations 
was simply the natural one of requiring the initial field energy to be finite.* And 
yet, today, there is still no experimental evidence for the physical reality of the 
advanced solution. Now and then one does run across speculations that the 
advanced waves of something traveling backward to us from the future might 
explain the so-called ESP ‘talent’ of precognition, but that is all it is, speculation. 

Advanced waves appeared in the pulp science fiction of the late 1930s, a decade 
before Wheeler and Feynman. For example, one story actually specifically invoked 
the advanced solution to Maxwell’s equations, with a gadget (making use of what 
the author called the “anticipated potentials”) displaying the near future on a 
television-like screen.*° The author’s by-line proudly gave his academic credentials 
as including a master’s degree and, in fact, John Pierce was a graduate student in 
electrical engineering at Caltech. He received his doctorate just months after this 





41J_ A. Stratton, Electromagnetic Theory, McGraw-Hill 1941, p. 428. 

“J. A. Wheeler and R. P. Feynman, “Classical Electrodynamics in Terms of Direct Interparticle 
Action,” Reviews of Modern Physics, July 1949, pp. 425-433. 

43p_C. Aichelburg and R. Beig, “Radiation Damping As An Initial Value Problem,” Annals of 
Physics, May 1976, pp. 264-283. 


ATL, Anderson, “Why We Use Retarded Potentials,” American Journal of Physics, May 1992, 
pp. 465-467. 


*See M. B. Hesse, Forces and Fields, Philosophical Library 1961. 
467 R, Pierce, “Pre-Vision,” Astounding Stories, March 1936. 
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story was published, and then went on to a highly distinguished career at Bell 
Telephone Laboratories and then later at the Jet Propulsion Laboratory operated by 
Caltech for NASA. Pierce knew all about Maxwell’s equations, of course, and he 
actually opened his tale with a quote from Page’s 1924 article (note 39) on the 
advanced solution. How many fictional pieces include quotes from the Physical 
Review? 

And it would probably take something like advanced waves to explain the funny 
doings 2 years late in a story of a man caught in a time machine accident. Nearly all 
of his body ends up 4 years in the future—but only nearly all, because his eyes 
remain the present! As one of the puzzled observers of this odd business wonders, 
“Strange, that his eyes, now, can convey a message to his brain, four years hence, 
and his brain tells the eye muscles to move the eyeballs which are four years behind 
eri" 

Some of the most intriguing paradoxes of time travel involve no traveler—only 
information. Of course, any information flow at all, independent of time travel, 
involves the flow of energy and, as Einstein showed, energy and mass are different 
aspects of the same thing. Accordingly, information time travel involves the 
transfer of mass/energy. Thus, a man in the twenty-fifth century who sends a 
backward-in-time ‘temporal radio’ message to a twentieth-century woman stating 
that he loves (will love?) her is sending much more than mere emotion. Just how to 
send a message backward in time is, of course, the puzzle. 

Indeed, all forms of present-day communication are transmissions only to the 
future. If you speak to someone, or if you send a radio message, there are always 
delays depending on the distance of separation and the speed of transmission of 
sound and light, respectively. If you want to send a message to the one hundred and 
twenty-fifth century, you can; just write a letter and seal it in a pressurized bottle of 
helium. This basic idea is dramatically presented in a novel about a scientist who is 
accidently transported from 2162 back to the late-Cretaceous, 80 million years into 
the past. There he leaves a written record on seven sandstone slabs of his brutal, 
lonely life among the dinosaurs—letters across time, if you will—found by twenty- 
second century geologists some years after his disappearance.** The transmission 
of such letters, forward in time, while dramatic, is not a puzzle. But what could be 
more astonishing than the message received from the future by the young inventor 
of the first time machine: after his initial experiment of sending his pilotless 
machine into the future, it returns with an envelope inside. Eagerly tearing it 
open, he finds the note is from the National Academy of Sciences: “We know 
from old records and museum models that this is the Cullen Foster experimental 
machine. Fifty years looks down on you and says ‘Good work’.’*” 

Heady stuff, that, but lots of other possible messages are capable of competing 
with young Foster’s when it comes to generating excitement. For example, suppose 
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you had a gadget that is superficially similar to a telephone but that calls telephones 
in the distant future. You can hear the person (in the future) on the other end, but 
they can’t hear you (in their past). That is, information can flow only from future to 
past. It is then easy to imagine situations in their use of this device that at least seem 
paradoxical. For example, suppose you call your own private number | month 
ahead. You hear your future-self first answer the phone, and then recite the winning 
lottery for the ‘previous’ day, which is a month in your present selfs future. (Your 
future self does this somewhat odd recital because a month from now you will 
remember, when your private phone rings, just who is calling!) So, now in the 
present you know you’ll make a fortune by winning the lottery a month later. 

This example is admittedly somewhat mysterious since, for the gadget to call far 
ahead in time, some sort of signal (as yet unspecified) must travel into the distant 
future because something will make the future phone ring. For the present discus- 
sion I am ignoring this crucial issue for the sake of the dramatic impact of the 
example. Soon, however, we’ll get a little way into describing how one might, in 
principle, actually build this gadget, which in the physics literature is called an 
antitelephone. (Such a device is an antitelephone because the person who is the 
receiver is in the sender’s past, the opposite of the situation for an ordinary 
telephone.) An interesting fictional illustration of such a gadget, despite being 
told as a hard-boiled detective murder mystery, appeared in science fiction some 
years ago (alas, while called a “time telephone,” no theory for its operation was 
given, but instead was ‘explained’ as a “straightforward application of an impres- 
sive, but limited, technology”).”” So far, there is nothing paradoxical (or even 
illegal) in all of this, but what if, when the phone rings in the future the day after 
you won the lottery, you perversely decide not to recite the winning number? This 
apparent paradox has, in fact, already been treated with the aid of the block universe 
view of spacetime; that is, if the future-you spoke the lottery number when you 
originally called, then the present—you (now in the future) must, inevitably recite 
ii 

Let’s now make things a bit more involved. Suppose that instead of calling your 
future self, you call the weather service and listen to the recorded message telling 
you the weather, 30 days hence. You do this day after day, and after a while you get 
a reputation for being able to predict, perfectly, the weather for every day to come, 
up to a month into the future. Your reputation spreads far and wide, and after a 
while more the weather service hears about you. Meteorologists check and find you 
are never wrong. Their computer models are only 80 % accurate out to 3 days, and 
for a week’s prediction and beyond, the general public might as well flip a coin on 
whether it will rain or not on any particular day. But you are 100 % correct out to ten 
times their range. And so they hire you—and as a secondary job, you also make the 





50. Schmidt, “Worthsayer,” in More Whatdunits (M. Resnik, editor), DAW 1993. The author, 
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daily weather recordings. (The voice on the other end of the gadget has sounded 
sort of familiar!) Here, then, is the puzzle we encountered earlier in causal loops 
carrying information: from where is the information in the flawless weather pre- 
dictions coming from? 

One easy answer is that the question is meaningless because such a future-to-the- 
past information flow must be impossible. Indeed, if I am to avoid telling a 
“‘philosopher’s fairy tale,’ like those I criticized earlier in the book, I must admit 
that one consistent, non-paradoxical answer is found in recognizing that I have 
assumed that those 30-day weather reports are correct. Maybe, however, they are no 
better than anybody else’s predictions. And so you don’t become famous, and you 
don’t get hired—and so there isn’t any paradox. Is that the way to avoid paradoxes 
involving information flowing backward in time? 

Perhaps not. As long as 1917 it was realized that special relativity does not 
preclude such an apparent backward flow. That is, if information could be trans- 
mitted faster than light, then messages could travel backward in time. That was the 
year Richard Tolman (1881-1948), a professor of physical chemistry at the Uni- 
versity of Illinois and later at Caltech, wrote “The question naturally arises whether 
velocities which are greater than that of light could ever possibly be obtained.” He 
then answered that question, with his general conclusion being that if such veloc- 
ities are possible, then a faster-than-light (FTL) observer could see the time order of 
two causally related events reverse. And thus the observer would see an affect 
before its cause. Alternatively, a subluminal (slower-than-light) observer could see 
the two events, which are connected via an FTL interaction, reversed in time order 
from what a stationary observer would see. 

Either situation has come to be called Tolman’s paradox, but Tolman himself 
was careful with his words: “Such a condition of affairs might not be a logical 
impossibility; nevertheless its extraordinary nature might incline us to believe that 
no causal impulse can travel with a velocity greater than that of light.” That was an 
astonishing statement, given that Einstein himself had specifically stated in his 
original 1905 paper on special relativity that such a thing simply could not occur. 
There is nothing, it would seem, to be “inclined” about.>° 

This rather technical connection between FTL speeds and backward time travel 
made the transition from theoretical physics to popular culture very quickly. It was 
in the British humor weekly Punch, for example, that the famous (but nearly always 
misquoted) limerick by A. H. R. Buller (1874-1944) first appeared: 


There was a young lady named Bright 
Whose speed was far faster than light; 
She set out one day 





RC. Tolman, The Theory of the Relativity of Motion, University of California Press 1917. 
Take a look back at Sect. 3.5, where we showed that the time order of two events can appear 
reversed for a subluminal observer if the two events are not causally related. Introducing FTL 
motion results in extending reversal to causally connected events; that is, FTL motion, reversed 
causation, and time travel to the past, go hand-in-hand-in-hand. 
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In a relative way 
And returned on the previous night. 


Where Punch dared to go, Hollywood could not be far behind. Indeed, in this 
case it was actually there first, with the 1922 one-reel silent comedy movie The Sky 
Splitter. This was just a short film (feature pictures generally had at least four reels), 
so it is not clear how widely distributed and viewed it may have been. The story is 
that of a scientist testing a new spaceship: when it exceeds the speed of light, he 
begins to relive his life. 

The linkage between time travel to the past and FTL motion is a central one in 
science fiction, and its fascination was nicely illustrated by one writer who has a 
time machine experimenter in the twenty-seventh century wonder “Was the speed 
of light the core of the mystery? At the speed of light did the past and the future 
become a shining, merging road down which men could walk—in their ears the 
thunder of time passing ...?”°° Not everybody was excited with the idea of FTL 
motion and travel backwards in time, however, with one eminent scientist declaring 
that “the limit to the velocity of signals is our bulwark against the topsy-turvydom 
of past and future.”°° 

The obvious question at this point, of course, is whether it is even conceptually 
possible to build a gadget to send FTL messages backward in time? Einstein 
himself thought not, saying “We cannot send wire messages into the past.”°’ But 
was he right? One hint at the possibility of achieving FTL speeds is in Dirac’s 1938 
paper (note 52 in Chap. 2). There, in his remarks about pre-acceleration, Dirac 
wrote “Suppose we have a pulse sent out from place A and a receiving apparatus for 
electromagnetic waves at a place B, and suppose there is an electron on the straight 
line joining A to B. Then the electron will be radiating appreciably [because 
accelerated charges radiate] before the pulse has reached its centre and this emitted 
radiation will be detectable at B at a time ... earlier than when the pulse, which 
travels from A to B with the velocity of light, arrives. In this way a signal can be 
sent from A to B faster than light [my emphasis].” 

This exciting conclusion goes a step beyond the usual examples of ‘things that 
go faster than light.°* Dirac had an equally exciting reaction (and here the 
emphasis is his): “This is a fundamental departure from the ordinary ideas of 
relativity and is to be interpreted by saying that it is possible for a signal to be 
transmitted faster than light through the interior of an electron. The finite size of the 
electron now reappears in a new Sense, the interior of the electron being a region of 





*4On page 591 of the issue of December 19, 1923. 
SRB. Long, “Throwback in Time,” Science Fiction Plus, April 1953. 
SAS. Eddington, The Nature of the Physical World, Macmillan 1929. 


574. Einstein, “La Théorie de la Relativité,” Bulletin de la Société Francaise de Philosophie 1922, 
pp. 91-113. 

*8Such as, for example, the intersection point of two very long, closing scissor blades. The 
explanation for how this can be is that the point is massless and does not participate in a causal 
chain (and so carries no information). Thus, special relativity is not violated. 
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failure, not of the field equations of electromagnetic theory, but of some elementary 
properties of space-time.” This last line sounds very much like the things people say 
today about the singularity inside a black hole event horizon. And yet, Dirac was 
careful to point out that as weird as FTL speed may appear, special relativity is not 
violated because “in spite of this departure from ordinary relativistic ideas, our 
whole theory is Lorentz invariant.” That is, even though “faster-than-light’ means 
“backward in time,’ which means ‘causality failure,’ special relativity still holds 
true and nothing awful happens to physics, only to our intuitions. The reason for this 
is that causality is not a premise or starting point for the special relativity.”” 

Of course, like any scientific theory, Dirac’s theory is not necessarily the last word, 
and we have to admit the possibility that at least some of its implications (in particular, 
the possibility of FTL speeds) just aren’t so. In all electronic communication systems 
that we use, information is transmitted by modulating a so-called carrier wave, and 
there is some reason to believe that such modulated waves cannot be sent at FTL 
speeds.°° We must admit that it is one thing to talk of ‘advanced wave radios’—often 
called Dirac radios in science fiction—and quite another to see how physics might 
actually enable one to talk to the past. FTL communication (without the time travel 
aspect) appeared in pulp science fiction before 1940, as in one story published the year 
after Dirac’s paper.°! In it we learn of a man on Pluto who has invented a way to send 
messages to Earth at twice the speed of light. He uses this gadget to warn of a would-be 
dictator who is on his way to Earth in a ‘mere’ light-speed rocket ship, and only an FTL 
message can warn Earth in time. 


5.4 Wheeler and Feynman and Their Bilking Paradox 


“We find it difficult if not impossible to imagine waves that go into the future and return to 
the present [my emphasis] bearing information about where (and when) they have been.” 





°° See, for example, G. Nerlich, “Special Relativity Is Not Based On Causality,” British Journal for 
the Philosophy of Science, December 1982, pp. 361-388. This same point was made nearly two 
decades earlier, in a study of the possibility of superluminal sound in superdense matter, by D. A 
Kirzhnitz and V. L. Polyachenko, “On the Possibility of Macroscopic Manifestations of Violation 
of Microscopic Causality,” Soviet Physics JETP, August 1964, pp. 514-519. 

See G. Diener, “Superluminal Group Velocities and Information Transfer,” Physics Letters A, 
December 16, 1996, pp. 327-331. For more on the modulation of a light-speed carrier wave in 
everyday AM radio, and in a more sophisticated single-sideband transmitter, see my book The 
Science of Radio, Springer 1999. 

°'N. Bond, “Lightship, Ho!,” Astounding Science Fiction, July 1939. The author provides an 
interesting, detailed description of the gadget, and I think it would make a good question on a Ph. 
D. qualifying exam in physics or electrical engineering to explain the flaw in it. 

Bob Brier, Precognition and the Philosophy of Science: An Essay on Backward Causation, 
Humanities Press 1974. Brier is an Egyptologist (!) at Long Island University—with a Ph.D. in 
philosophy—who specialized at one time in parapsychology. 
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In 1941, at a meeting of the American Physical Society, Princeton University 
physicist John Wheeler and his student Richard Feynman discussed a seemingly 
outrageous idea that provided a possible clue to how a Dirac radio might function. 
The idea was that the advanced wave solutions to Maxwell’s equations are not mere 
mathematical curiosities, but rather have profound physical significance. At the 
time, their talk received only a small abstract notice in the Physical Review, but 
after World War II they wrote it all up in a beautiful paper.°° 

Their primary goal was to explain the origin of the force of radiative reaction 
discussed by Lorentz earlier in the century. This reaction force is the cause of the 
energy loss suffered by an accelerated, charged particle. Lorentz, who thought of 
charged particles as having a finite size, attributed this reaction force to the retarded 
(by the time required for light to cross the width of the charged particle) coulomb 
repulsion force between one side of the particle’s charge to the charge on the 
opposite side. This view, however, leads to various conceptual and mathematical 
problems, including an arbitrary assumption on how the charge is distributed over/ 
through the finite volume of the particle, as well as the problems of infinite self- 
interactions and the issue of what keeps the charge from blowing itself apart by 
internal coulomb repulsion. 

Wheeler and Feynman’s theory, on the other hand, avoided those problems by 
postulating point charges, because a point charge cannot repel itself. But then 
whence the reaction force, if there is no repulsion? Their revolutionary explanation 
was first to imagine the accelerated point charge as emitting retarded radiation 
outward in space, eventually to be absorbed by distant matter. This distant matter, 
which itself consists of point charges that are accelerated by the retarded radiation, 
then radiates backward in time, back toward the original charge that started the 
chain of events. This backward-in-time, or advanced, radiation arrives in the past of 
the original charge, and it is the cause of the observed reaction force. Indeed, 
Wheeler and Feynman proposed that an accelerated charge will not radiate unless 
there is to be absorption at some other distant place and future time. That is, the 
future behavior of a distant absorber determines the past event of radiation; there is 
simply no such thing as just radiating into empty space. The entire universe, 
spatially and temporally, is a very ‘connected’ place! 

Astonishingly, this non-causal view of spacetime had been around in physics for 
at least 20 years before Wheeler and Feynman’s talk. They had independently 
developed their ideas but, after their 1941 talk, Einstein (who perhaps recalled his 
1909 debate about advanced effects with Ritz) brought a 1922 paper by the Dutch 
physicist Hugo Tetrode (1895-1931) to their attention. In his paper Tetrode had 
written that “the Sun would not radiate if it were alone in space and no other bodies 
could absorb its radiation ... If for example I observe through my telescope 
yesterday evening that star which let us say is 100 light years away, then not only 
did I know that the light which it allowed to reach my eye was emitted 100 years 





33. A. Wheeler and R. P. Feynman, “Interaction with the Absorber as the Mechanism of 
Radiation,” Reviews of Modern Physics, April—July 1945, pp. 157-181. 
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ago, but also the star or individual atoms of it knew already 100 years ago that I, 
who then did not even exist, would view it yesterday evening at such and such a 
time.” 

Tetrode’s vivid imagery had been, curiously, itself captured even decades earlier 
in words from the nineteenth century English poet Francis Thompson (1859-1907), 
in his “The Mistress of Vision”: 


All things ... near and far, 
Hiddenly to each other linked are, 
That thou canst not stir a flower 
Without troubling of a star. 


None of this, of course, is obvious! As a tutorial paper appearing just 2 years 
after Wheeler and Feynman’s 1945 paper expressed it, “Any physical theory which 
seriously proposes that events in the future may be the efficient cause of events in 
the past may be regarded—at least at first glance—as rather revolutionary doc- 
trine.”°* Indeed! 

It is interesting to note that Einstein apparently said nothing to Wheeler and 
Feynman about a paper that pre-dated Tetrode’s by 3 years. In 1919 the Finnish 
physicist Gunnar Nordstrém (1881-1923) had suggested that the advanced solution 
might offer an explanation for a perplexing problem in atomic theory. Maxwell’s 
theory says that an accelerated electric charge radiates energy, which implies that 
the orbital electrons in the classical model of the atom should quickly spiral in 
toward the nucleus, that is, all matter should collapse. This cataclysmic event 
(of course!) has not happened, and Nordstrém’s idea was that if one took into 
account not only the usual retarded solution but the advanced one as well, then 
perhaps things could be understood. Indeed, Nordstrém was able to show that such 
an analysis does give zero for the average energy radiated by an orbiting electron. 
Later, however, Page (note 39) showed that the instantaneous radiated energy is not 
zero, and that this would lead to observable effects that in fact are not observed. 

Now, to be sure that the ‘doctrine’ discussed in note 64 is clear, let me restate 
what Tetrode, and later Wheeler and Feynman, had in mind. Imagine we have an 
electric charge (the source) that we mechanically shake, that is, accelerate. This 
allows us to assign a definite cause to the charge’s acceleration which, of course, 
radiates energy. This radiation travels outward into space as observed retarded 
fields until they are eventually absorbed by distant matter. The charges in that 
distant matter are thus accelerated, and they in turn therefore radiate energy. This 
induced radiation again consists, according to Wheeler and Feynman, of both 
retarded and advanced fields. The advanced fields radiate outward but backward 
in time toward the original charge, collapsing upon it at the precise instant we first 
shook it, thereby producing the radiative reaction force. At any instant of time, at 
any point in space, the observed field is the sum of the retarded field traveling away 





“4C, W. Berenda, “The Determination of Past by Future Events: A Discussion of the Wheeler- 
Feynman Absorption-Radiation Theory,” Philosophy of Science, 1947, pp. 13-19. 
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from the source into the future and the advanced field traveling toward the source in 
the past. 

But, argued Wheeler and Feynman, there is one last point that has been left out 
of this picture—there is also an advanced field (traveling away from the source and 
backward in time) because of the original, mechanical shaking of the source charge. 
Equivalently, a field traveling forward in time will converge onto the source 
because we will shake it. Wheeler and Feynman showed that before the mechanical 
shaking that starts this whole process, the advanced radiation field of the source and 
the advanced radiation fields of the absorbers exactly cancel each other at every 
point in space and every instant of time (if there is total absorption in the future), 
which accounts for the experimental fact that we observe a zero total field before 
the mechanical shaking occurs. 

Wheeler and Feynman showed that if we accept these (strange) ideas, then 
everything we actually observe is predictable: radiative reaction, the direction of 
the electromagnetic arrow of time from past to future (retarded-only effects), and 
the absence of infinite self-interactions. The claim by Wheeler and Feynman to 
have avoided self-interaction problems via the use of the advanced solution was, 
however, soon challenged. Indeed, the self-interaction of the electron is needed to 
explain the 1947 experiment by Willis Lamb (1913-2008) that measured the 
deviation (the Lamb shift) of the spectrum of hydrogen from what Dirac’s theory 
of the electron predicts. Ironically, it was that experiment that helped motivate the 
renormalization of quantum electrodynamics (to get rid of the infinities then 
plaguing it) which led to Feynman’s share of the 1965 Nobel Prize. In fact, just 
4 years after their 1945 paper, Feynman expressed a revised view that self- 
interactions could not be avoided. 

In any case, we gain the rewards originally claimed by Wheeler and Feynman 
only if we accept backward time travel, a step too big for many in 1945 (and for 
nearly as many today) because of the resulting time travel paradoxes that seem to be 
unavoidable. For the same reason, Tetrode’s earlier work, published in a German 
journal, also went virtually unnoticed during the two decades before Wheeler and 
Feynman’s work. In fact, Tetrode wasn’t the only anticipator of Wheeler and 
Feynman, as they had been anticipated, too, in America. In 1926 the chemist 
G. N. Lewis (1875-1946) had written “I’m going to make the ... assumption that 
an atom never emits light except to another atom, and to claim that it is absurd to 
think of light emitted by one atom regardless of the existence of a receiving atom as 
it would be to think of an atom absorbing light without the existence of light to be 
absorbed.”°° Wheeler and Feynman were aware of Lewis by 1945. Certainly 
Wheeler and Feynman must have been intrigued by Lewis’ paradox: “I shall not 





°5R, P. Feynman, “Space-Time Approach to Quantum Electrodynamics,” Physical Review, 
September 15, 1949, pp. 769-789. See also C. Teitelboim, “Splitting the Maxwell Tensor: 
Radiation Reaction Without Advanced Fields,” Physical Review D, March 15, 1970, 
pp. 1572-1582. 


°6G. N. Lewis, “The Nature of Light,” Proceedings of the National Academy of Sciences, January 
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268 5 Communication with the Past 


attempt to conceal the conflict between these views and common sense. The light 
coming from a distant star is absorbed, let us say, by a molecule of chlorophyll 
which has recently been produced in a living plant. We say that the light from the 
star was on its way toward us a thousand years ago. What rapport can there be 
between the emitting source and this newly made molecule of chlorophyll?” 

The paradox in that, of course, arises from the issue of what happens if, at some 
intermediate time and place, the star’s light is blocked, thus preventing its absorp- 
tion by the chlorophyll? Could refusing to look at a star now affect the emission of 
the star’s light in the past? Lewis was obviously making a clear statement of 
backward causation when posing this bilking paradox. His very next words show 
that he understood the probable reaction of his readers: “Such an idea is repugnant 
to all our notions of causality and temporal sequence.” Like Tetrode’s work, Lewis’ 
ideas were ahead of the times but, actually, their ideas were not repugnant to 
everyone. 

In fact, similar puzzles were an inspiration to Wheeler and Feynman and almost 
certainly motivated them to create their own famous bilking paradox, which they 
presented in their 1949 paper (note 42). They opened the presentation of their 
paradox as follows: “If the present motion of a is affected by the future motion of b, 
then the observation of a attributes a certain inevitability to the motion of b. Is not 
this conclusion in direct conflict with our recognized ability to influence the future 
motion of b?” This question clearly states the conflict between free will and 
determinism, and to sidestep this human concern Wheeler and Feynman 
constructed a “paradox machine,” a machine that operates totally automatically 
and which has come to be called the “logically pernicious self-inhibitor’!° 

In their description of the paradox machine, Wheeler and Feynman ask us to 
imagine two charged particles, a and 5, positioned five light-hours apart. As shown 
in Fig. 5.3, a is attached to the arm of a pivoted shutter, toward which a pellet is 
moving from initially a great distance away. Now, normally we would think of what 
happens next in terms of just retarded fields. That is, the pellet hits the arm, 
knocking it downward and thereby accelerating charge a; this acceleration of 
charge a creates a retarded radiation field that arrives at charge b 5 h later, resulting 
in the acceleration of charge b; the acceleration of charge b creates a retarded 
radiation field that arrives back at charge a 5 h later (10 h after the pellet hit the 
arm). 

The Wheeler and Feynman view, however, claims that this description leaves 
out half the story—the advanced fields. Specifically, suppose the pellet will hit the 
arm and so accelerate a at 6 p.m. Then, b will be affected not only 5 h later at 11 p. 
m., but also earlier at 1 p.m. This advance acceleration of b, in turn, sends out an 
advanced field that arrives at a at 8 a.m. The paradox is now easy to see. As Wheeler 





67. Fitzgerald, ““Tachyons, Backwards Causation, and Freedom,” Boston Studies in the Philoso- 
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and Feynman described events, we see a exhibit a premonitory movement at 
8 a.m. Seeing this motion in the morning, we conclude that the pellet will hit the 
arm in the evening. We could then return to the scene a few seconds before 
6 p.m. and block the pellet from acting on a, a task automatically accomplished 
by the shutter in Wheeler and Feynman’s paradox machine. But then we are faced 
with the puzzle of explaining just why a moved in the morning! 

Wheeler and Feynman claimed they had resolved their bilking paradox by 
observing that discontinuous forces (more generally, signals) are never seen in 
nature. They concluded that the shutter does not completely block the pellet, but 
rather the shutter suffers a “glancing blow.” That is, a very weak advanced signal is 
received by charge a, which moves the shutter just enough to induce the “glancing 
blow,” and it is this partial interaction that results in the weakened signal in the 
“first place.” This is, in fact, the very same explanation that was rediscovered 
decades later in answer to similar bilking paradoxes that involve self-interacting 


billiard balls transiting wormhole time machines (a topic we’ll take-up in the next 
chapter). 


pivot 


5.5 Absorber Theory and Signaling the Past 


“Tf advanced waves [could be used to signal the past] then our grip on reality would become 
more tenuous. The past could never be considered over and done with, because anyone with 
the proper hardware could send messages back in time and alter what had already 
happened.” 

—John Cramer, a University of Washington physicist, taking the minority position on 
the possibility of changing the past®® 





°8Cramer has written provocatively on advanced waves. See, for example, “The Arrow of 
Electromagnetic Time and the Generalized Absorber Theory,” Foundations of Physics, September 
1983, pp. 887-902, and “Generalized Absorber Theory and the Einstein-Podolsky-Rosen Para- 
dox,” Physical Review D, July 15, 1980, pp. 362-376. 
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Wheeler and Feynman’s argument is logically and physically sensible; it is, after 
all, simply an early statement of the principle of self-consistency in physics. 
Wheeler summed matters up nicely, years later, when he wrote “Interconnections 
run forward and backward in time in such numbers as to make an unbelievable 
maze. That weaving together of past and future seems to contradict every normal 
idea of causality. However, when the number of particles is great enough to absorb 
completely the signal starting out from any source, then this myriad of couplings 
adds up to a simple result: the familiar retarded actions of everyday experience, plus 
the familiar force of radiative reaction with its familiar sign.” 

Their analysis was based on classical physics but, many years later, Feynman 
wrote (in his famous autobiographical work Surely You’re Joking, Mr. Feynman) 
that at one time he and Wheeler thought it would not be too difficult to work out the 
quantum version of their theory. But then first Wheeler failed in the task, and then 
Feynman tried his hand at it and, as he stated, “I never solved it, either—a quantum 
theory of half-advanced, half-retarded potentials—and I worked on it for years.” 
Their paradox (if indeed it is a paradox, since if advanced fields don’t actually exist 
then there is no problem) remains unsolved. 

Is Wheeler and Feynman’s view of nature correct? Could we use advanced 
waves to send signals to the past? Or, if that requires some yet-to-be-developed 
technological breakthroughs in transmitter design, and if receivers are easier to 
construct, could we at least listen-in to the future (since we are, now, the future’s 
past)? And if we could do that, could the future send us the details of the transmitter 
breakthrough (thus creating a causal information loop in time)? 

The first experimental search for advanced waves seems to have been a 1973 
effort.’ The very next year, flaws in that search process prompted two physicists to 
discuss an experiment designed to detect advanced waves (if they exist). As they 
wrote, in a grand understatement, the exciting possibility of a positive result “would 
have such far-reaching consequences on our ideas of the unidirectionality of time 
and causality that ... the experiment justifies a large amount of effort, even if no 
conclusive result is obtained for years.””! Alas, all of the searches for advanced 
waves have, as I write (2016), given negative results and so the world still awaits 
the first Dirac radio. 

Over the years the Wheeler and Feynman view of nature has been the target of 
some theoretical concerns. One physicist, for example, complained that Wheeler 
and Feynman had assumed a static, time-symmetric spacetime for the universe, in 
which the properties of all past and future absorbers are identical. That is obviously 





© See note 34 in Chap. 3. There Wheeler also wrote “The particles of the absorber are either at rest 
or in random motion before the acceleration of the source. They are correlated with it in velocity 
after that acceleration. Thus radiation and radiative reaction are understood in terms, not of pure 
electrodynamics, but of statistical mechanics.” 
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not so in an expanding (or contracting) universe and, as he wrote, “No serious 
modern cosmological theory is framed in [terms of] a static Universe.””* Another 
puzzle for that writer was that Wheeler and Feynman took a time-symmetric theory 
of half-retarded/half-advanced waves in a time-symmetric universe and arrived at a 
non-time-symmetric solution! They performed that trick by supposing not only that 
the universe is static, but also that it was created with the initial condition of low 
entropy. Thus, for Wheeler and Feynman, the one-way thermodynamic arrow of 
time is the primary arrow, with the electromagnetic arrow following as a conse- 
quence. (The how of a low entropy initial cosmological condition was left 
unexplained—certainly no mention of the hand of God appears in their work!) 
This ordering of the primacy of the temporal arrows was, in fact, in agreement with 
the view adopted by Einstein in his 1909 debate with Ritz, a view taken decades 
later by Hawking, as well.”* 

Wheeler and Feynman had shown that both the advanced and retarded solutions 
taken together are self-consistent in a static universe; Hogarth’s question was 
whether the observed retarded solution, alone, would be self-consistent in an 
expanding universe (which is the universe we actually observe). His conclusion? 
It depends on the details of the expansion. Two years after Hogarth, two physicists 
expanded on his work and claimed to have shown that the retarded solution alone is 
self-consistent if the expansion is steady-state via the continuous creation of 
matter.’ That would be the case because, if only retarded effects are to occur, 
then each emitter of radiation needs a large number of absorbers (such as ionized 
intergalactic gas) in its future light cone to provide for complete absorption. This, in 
turn, requires that the density of matter not decline “too fast” with the expansion. 
That is, the future universe must not be “too transparent” and the continual 
appearance of new matter in the ever-increasing volume of the expanding universe 
is required to maintain the necessary density. 

That conclusion was embraced with particular enthusiasm by Hoyle, a British 
cosmologist whose name has long been identified with the idea of continuous 
creation of matter. Since then, however, continuous-creation cosmologies have 
fallen into disfavor because it was in 1965, just a year after Hoyle and Narlikar 
wrote, that the cosmic microwave background radiation was detected. That is now 
taken as very strong evidence for the occurrence of a primordial explosion (or Big 
Bang) that started the expansion of the universe, and as equally strong support for 
therefore rejecting a steady-state universe. Not by Fred Hoyle (1915-2001), though, 
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who had an almost fanatical devotion to non-Big Bang cosmologies.’* Real puzzles 
remain for the Big Bang universe, however. One is that it expands from a dense, 
Opaque past into a less dense, ever-more-transparent future, with each emitter 
having a large number of absorbers in its past light cone. That should result, 
noted Hoyle and Narlikar (almost certainly with some glee), in an observed 
advanced solution and thus in a reversed electromagnetic arrow that would allow 
communication with the past. The fact that we have not (yet?) discovered how to 
perform such communication might be taken to mean that the idea of an expanding, 
Big Bang universe is somehow faulty. A related question about absorber theory is 
that of the puzzle of neutrino absorption. Neutrinos are particles that interact so 
weakly with matter that a beam of them would have to travel through many 
hundreds of light-years of lead for there to be a significant attenuation of the 
beam. How can such ‘ghost-like’ particles find enough future absorbers to make 
possible their observed journeys into the future of a Big Bang expanding universe? 

For such an exciting idea as communication with the past, it is not surprising that 
advanced-wave radio has appeared in science fiction. Just 6 years after Wheeler and 
Feynman’s paper, a story by a well-known author hinted at such a gadget based on 
something called the “ultrawave effect”: “While gravitational effects were pro- 
duced by the presence of matter, ultrawave effects ... did not appear unless there 
was a properly tuned receiver somewhere. They seemed somehow ‘aware’ of a 
listener even before they came into existence.””° It is difficult to believe that such a 
story idea was conjured-up out of nothing, but rather that the author had read 
Wheeler and Feynman’s paper. Anderson had a 1948 undergraduate honors degree 
in physics from the University of Minnesota, and so he may well have read Wheeler 
and Feynman’s 1945 paper. 

The potential bilking paradoxes produced by sending messages backward in 
time have been treated in at least one novel-length discussion. The puzzles 
presented are undeniably fascinating, but the story’s answer to them is to allow 
the changing of the past, as argued in this section’s opening quote from John 
Cramer. Indeed, the title comes from the plot device of twice changing the past 
by sending messages to the past to save the world from terrible disasters. Thus, we 
read through entire time periods three times before finishing the novel. As one 
character blurts out, “We can monitor the actual consequences of our decisions and 
actions, and change them until they produce the desired result! My God ... it’s 
staggering!”’’ Quite so. 

One of the most interesting science fictional uses of backward-in-time signaling 
is, I think, found in a classic tale by James Blish. There the “Dirac radio” for 
instantaneous transmissions is described, and we learn that at the beginning of each 
received message there is always an irritating audio beep (hence the title) that is 
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seemingly a useless artifact of the mysterious workings of the gadget. Its only 
obvious characteristic is a continuous spectrum from 30 to well above 18,000 Hz. 
It is only at the end of the story that the main character learns that this spectrum is 
the “simultaneous reception of every one of the Dirac messages which [has] ever 
been sent, or will be sent.””8 

Blish was actually pretty close to the mark with that, as a composite signal with a 
continuous spectrum (with energy distributed uniformly in frequency), such as one 
might expect the overlay of many independent signals to be, does indeed have a 
narrow time structure. If applied to a loudspeaker, such a signal would sound like a 
sharp pulse or click—or even a beep. In the limit of an infinitely wide spectrum, the 
time signal becomes one of infinite amplitude and zero duration, a singular impulse 
function called, by theoretical physicists and radio engineers alike, the Dirac delta 
function. 

There is no mention in the story of advanced waves, but clearly Blish knew that 
instantaneous (infinite-speed) signals would travel into the past and he does a 
masterful job of presenting the mystery of listening to the future. At one point 
characters in the twenty-first century hear the commander of a time-traveling 
“world-line cruiser” transmit a poignant call for help from 11,000,000 light years 
away and from sixty-five centuries in the future. Most interesting of all, however, is 
Blish’s statement of a technical issue that I have not seen raised before: if signals 
arrive at a receiver, simultaneously, from all future times, how can they be 
separated? Blish resorts to some scientifiction babble-talk to answer that question, 
but I believe it remains a puzzle.”” 
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“We cannot fight the laws of nature.” 


“Nature be damned! Feed more fuel into the tubes. We must break through the speed of 
light ... Give me a clear road and plenty of fuel and I'll build you up a speed of half a 
million miles in a second ... What’s there to stop it?”*° 


Science fiction writers have often used FTL motion to reverse time, often 
without much (if any) regard to the fact that, to just reach the light barrier, requires 
(according to special relativity) infinite energy, much less to exceed light speed. 





hag Blish, “Beep,” Galaxy Science Fiction, February 1954. 

The signal separation problem is also hinted at by physicist/science fiction author Gregory 
Benford, in a tale that was a precursor to his famous 1980 novel Timescape (in which the present 
attempts to warn the past of a future ecological disaster that threatens life on Earth). See Benford’s 
“Cambridge, 1:58 A.M.,” Epoch, Berkeley 1975. 

®°Words exchanged by the first officer and the captain of a starship on its way to Alpha Centauri in 
a story by N. Schachner, “Reverse Universe,” Astounding Stories, June 1936. The captain, we are 
told, “had heard, of course, of the limiting velocity of light, but it meant nothing to him.” 
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Therefore, goes the reasoning, because we can’t get through the ‘light barrier’ 
means that time travel to the past must be impossible, as well. Or, so goes this 
line of argument. But, could there be a way around this conclusion? After all, while 
relativity theory indeed precludes the acceleration of a massive particle up to the 
speed of light, it does allow a zero rest mass particle (like the photon) to exist af the 
speed of light. Photons are emitted during various physical processes, and they 
move from the instant of their creation at the speed of light; the only way to slow a 
photon is to destroy it by absorbing it. Advocates of the possibility of the existence 
of FTL particles make a similar argument when asking if there might not be 
particles, emitted during various (as yet unknown) physical processes, that move 
from the instant of their creation at speed greater than that of light? 

An affirmative answer would neatly avoid the ‘acceleration through the light 
barrier’ problem, but then there are other concerns. For example, such FTL particles 
would have to have an imaginary rest mass if they were to carry real-valued energy 
and momentum, and what could imaginary mass mean? That question was 
answered by the proponents of FTL particles, who replied that the rest mass of a 
superluminal particle would be unobservable because (like the photon) there is no 
subluminal frame of reference in which the particle could be at rest! That is, there is 
no frame of reference in which the mysterious imaginary mass could be measured 
and, anyway, it is only observable changes in the real energy and momentum that 
characterize particle interactions. 

The key idea to this line of thought is a supposed FTL particle, called a tachyon, 
a name coined by the American physicist Gerald Feinberg (1933-1992) from the 
Greek word tachys for “swift.”*! It is interesting to note that Feinberg admitted*? 
that his interest in such a thing was sparked by reading Blish’s story “Beep” (see 
note 78). The idea of the tachyon is actually a very old one that is hinted at in the 
work of the Greek poet and philosopher Lucretius (who died 20 years before the 
birth of Christ). In his discussion of visual images, in Book 4 of his giant (well over 
7400 lines) science poem De Rerum Natura, we find the following words about 
particles of matter originating deep inside the Sun: “Do you see how much faster 
and farther they must travel, how they must run through an extent of space many 
times vaster in the time it takes the light of the Sun to spread throughout the sky?”** 

The first attempt (later found to be flawed) in the physics literature of a 
relativistic treatment of FTL particles appeared some years before Feinberg gave 





81g. Feinberg, “Possibility of Faster-Than-Light Particles,” Physical Review, July 25, 1967, 
pp. 1089-1105. Feinberg was anticipated in this name by Edward Page Mitchell (the Victorian 
pioneer in the time travel paradox genre who was discussed back in Sect. 4.2 and its note 37). In his 
story “The Tachypomp: A Mathematical Demonstration” (Scribner’s Monthly, March 1874), he 
describes a gadget for reaching any speed, no matter how great (tachypomp is literally “quick 
sender”). 

82G. Benford, “Time and Timescape,” Science-Fiction Studies, July 1993, pp. 184-190. 

83.4 poetic allusion to something traveling faster than light appears, in of all places, Shakespeare’s 
Romeo and Juliet. In Juliet’s words (Act II, scene 5), “. .. love’s heralds should be thoughts, Which 
ten times faster glide than the sun’s beams, Driving back shadows ...” 
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Fig. 5.4 The emission of a positive energy particle, followed by absorption 


them a name, where it was observed that special relativity is not necessarily 
violated by FTL motion.** But nonetheless, concerns about the physical possibility 
of FTL particles continued. For example, a serious problem for tachyons, at least for 
those who dislike the ideas of backward causation and time travel, is the observa- 
tion that in some frames of reference an FTL particle would appear to have negative 
energy. Feinberg, himself, explained (see note 81) this concern as follows: “By the 
principle of relativity, any state which is possible for one observer must be possible 
for all observers, and hence FTL particles can exist in negative-energy states for all 
observers ... The occurrence of negative energy states for particles has always been 
objected to on the grounds that no other system could be stable against the emission 
of these negative-energy particles, an entirely unphysical behavior.” 

This objection to FTL particles was raised early in the history of tachyons, even 
before they were named, and it was addressed by three physicists who proposed the 
so-called reinterpretation principle (what I’ll refer here to as the RP).*° To see how 
the RP works, consider Fig. 5.4, in which a source Sj at x, emits an FTL particle at 
time f,. This particle then travels to an absorber S> at x2, arriving there at the later 
time f). S,; and S, are in the same reference frame and, for an observer in the frame, 
the particle energy FE is positive. However, it is always possible to find another 
observer in a relatively moving frame for whom this process would look as though 
to is less than (that is, earlier than) ¢; with E < 0. In other words, for the moving 
observer the particle would appear as a negative energy particle moving backward 
in time. (In the next chapter I'll show you that the particle speed must not be just 
superluminal, but the even faster u/traluminal.) 

Note that for the moving observer, the emission by S, of negative energy 
increases the energy of S,, and the absorption of negative energy by Sz decreases 
the energy of Sj. S2’s energy decrease (for the moving observer) occurs before the 
increase in S,’s energy because, as noted before, for the moving observer fy < fy. 
The moving observer naturally interprets this process as the emission of positive 
energy by S>, followed by absorption by S|. This reinterpretation would thus seem 
to preserve our common-sense idea of causality, as well as avoiding any mention of 
backward time travel. The RP appears to have slipped around those problems 
merely by redefining which source is transmitting, and which is receiving, the 





848. Tanaka, “Theory of Matter with Super Light Velocity,” Progress of Theoretical Physics, July 
1960, pp. 171-200. See also O. M. Bilaniuk and E. C. G. Sudarshan, “Particles Beyond the Light 
Barrier,” Physics Today, May 1969, pp. 43-51 (and the resulting discussion in the December issue, 
pp. 47-52). 

850. M. P. Bilaniuk, V. K. Deshpande, and E. C. G. Sudarshan, “‘Meta’ Relativity,” American 
Journal of Physics, October 1962, pp. 718-723. 
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tachyon. Indeed, Feinberg claimed (note 81) that the RP avoids the creation of 
causal loops and their associated paradoxes, a claim repeated nearly 20 years later 
by a physicist who used the RP to eliminate paradoxes from Gédel’s time travel 
rotating universe.*° 

There is, however, a curious twist to all this. Even if we grant that the RP may 
avoid causal paradoxes, the fact is that physics isn’t fooled as easily as a human 
observer. That is, the receiver does actually lose energy upon the arrival of the 
tachyon, which is the opposite of what happens in a radio receiver when it receives a 
photon. In other words, the receiver must be in an elevated energy state prior to the 
tachyon’s arrival; the receiver must be prepared beforehand to receive a message. If 
the receiver were instead sitting in its lowest energy state, then it could not accept 
(or eject, according to the RP) the tachyon. So, it’s not surprising that, despite the 
enthusiastic embrace of the RP by some, other physicists took exception, with one 
arguing that the effectiveness of the RP in avoiding causal loops is “illusory” and 
“irrelevant,”®’ while others concluded that the causal paradoxes would actually 
preclude any possibility of tachyons interacting with ordinary matter in the first 
place (which is just a polite way of saying that tachyons have no more reality than 
do unicorns!).°° 

The RP’s effect of flipping the roles of transmitter and receiver has attracted 
particular concern. Some analysts have pointed out that if one can modulate a 
superluminal signal to send a message into the past, then certainly one could sign 
the message. To quote a delightful example, “If Shakespeare types out Hamlet on 
his tachyon transmitter, Bacon receives the transmission at some earlier time. But 
no amount of reinterpretation will make Bacon the author of Hamlet. It is Shake- 
speare, not Bacon, who exercises control over the content of the message.”*’ The 
last line of this quote is of central importance. The authors emphasize it by 
immediately observing that a signature is a relativistic invariant and that, indeed, 
it establishes a causal ordering quite independent of any temporal ordering. This 
example, alone, explains why one analyst said of the RP that it is “laughed to 
scorn,””? while another said of the RP that it “sounds merely like the endorsement 
of what can only be characterized as a fantastic delusion.””! 
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Even more sophisticated scenarios than the Hamlet one (note 89) were devised 
to show how problems with FTL signals could arise that the RP could not resolve. 
The American physicist Bryce DeWitt (1923-2004) created such an example (the 
‘DeWitt Gambit’) that involved a sequential, circular chain of tachyon signal 
transmissions between four observers, all moving in one spatial dimension. De Witt 
showed out to arrange the spacetime geometry of the observers so that, at each 
stage, there is no dispute over who is sending and who is receiving, and so invoking 
the RP is avoided. Yet, when the signal reaches the first (last) observer, it is before 
he started (will start) the chain! This, of course, sets-up a potential bilking paradox: 
what if ‘now’ the first (last) observer decides to not send the chain’s initiating 
signal? An even more sophisticated variation on the Gambit, involving four 
observers moving in two spatial dimensions, was soon after put forth by the English 
physicist Felix Pirani (1928-2015). As he concluded, “It is difficult to see how in 
the face of this example a classical-particle description of tachyons can be 
sustained.””? Confronted by such sharp criticism, from so many, it is understand- 
able why, just before his death, Feinberg co-authored (with two philosophers) a 
paper in which he seemed to be abandoning his support for tachyons as possible 
carriers of information backward in time.”* 

Many physicists today reject the possibility of backward-in-time messages, not 
because of concerns about the RP, but because such messages could create potential 
bilking paradoxes. To see how this works, the old Wheeler and Feynman idea of 
explaining (away) bilking paradoxes—that no signal in nature is really discontin- 
uous—was examined by one physicist in the context of tachyons.”* There we are 
asked to consider the following situation: A human (call him A) has a lamp on a 
table before him. The lamp is controlled by a tachyon receiver; in other words, the 
lamp illuminated only when a tachyon signal (a pulse, let us say) is detected. At 
3 o’clock A will send a tachyon signal to B (a tachyon echo-transmitter that 
immediately rebroadcasts everything it receives) if the lamp does not glow at 
1 o’clock. Now, the spacetime geometry of A and B is arranged to be such that a 
signal sent by either A or B to the other travels 1 h backward in time. Thus, if A 
sends a signal at 3 o’clock, then B will receive it at 2 o’clock (and immediately 
echo), and the echo will arrive at A at | o’clock. The paradox, of course, is that A 
sends a signal only if the lamp does not glow—that is, only if A does not send the 
signal!”° 

We are then reminded of the Wheeler and Feynman claim that every pulsed 
signal is actually continuous; this argument would include the illumination itself of 
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the lamp. Therefore, the lamp is not just on or off, but potentially at any level of 
illumination between those two extremes. So there sits A, and at | o’clock the lamp 
seems to glow dimly. To that, says Schulman, “A thinks it over, vacillating, finally 
sending a slightly late signal which isn’t full strength.” Then the echo isn’t full 
strength either, which accounts for the original dim glow. This conclusion is 
consistent (but what if A’s sending device is a toggle switch that snaps one way 
or the other—why then only a partial strength signal?), but it does seem to ask for a 
lot of supposing. Schulman himself is not so sure about the validity of universal 
continuity, writing at the end that “it is not clear that the Wheeler-Feynman 
assumption ... ought to be made.” (For more on the Wheeler-Feynman continuity 
assumption, in a different, non-time travel context, see the final “For Further 
Discussion” for this chapter.) 

The Wheeler-Feynman continuity idea is ingenious, allowing one to find a 
logically and physically consistent solution in time travel scenarios that, at least 
at first glance, might seem to have no solution. Consider, for example, the following 
situation”®: “We have a camera ready to take a black and white picture of whatever 
comes out of [a] time machine. The film is then developed and the developed 
negative is subsequently put in the time machine and set to come out of the time 
machine at the time the picture is taken. This surely will create a paradox: the 
negative will have the opposite distribution of black, white, and shades of grey, 
from the picture that comes out of the time machine. But since the thing that comes 
out of the time machine is the negative itself we surely have a paradox.” But do we? 

The answer is no, because “What will happen is that a uniformly grey picture 
will emerge which produces a negative that has exactly the same uniform shade of 
grey. No matter what the sensitivity of the film is, as long as the dependence of the 
brightness of the negative depends in a continuous [my emphasis] manner on the 
brightness of the object being photographed, there will be a shade of grey that 
produces exactly the same shade of grey on the negative when photographed. This 
is the essence of Wheeler Feynman’s idea.””” (The conclusion is the same if we 
move from black-and-white to color photography.) 

Nonetheless and despite this apparent success, the supposed ability of a modu- 
lated beam of tachyons to send a message into the past still raised concerns among 
many, particularly about free will and fatalism. Suppose, say those who are 
concerned about these issues, that you receive a tachyon message from yourself 
from tomorrow, informing you that a man you plan to kill tonight is still alive 
(tomorrow). Does that mean it is beyond your power to kill him tonight? According 
to one analyst (note 67) the answer is no; you could kill him—but if you do then the 
message from tomorrow would not have arrived. And because ignorance is not a 





°°Taken from Frank Arntzenius and Time Maudlin, “Time Travel and Modern Physics,” in Time, 
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precondition to free will, your newly acquired knowledge does not, by itself, 
suddenly limit your ability to kill the man. But, this line of arguing went, if you 
do not attempt to kill the man because you believe the message from your future 
self, then in fact the message has limited you! 

Fitzgerald’s position was rebutted by Craig (note 91), who argues that it is not 
your ability to kill that is altered by the message but rather your motivation. Craig 
points out that such motivational changes can occur without invoking anything as 
radical as a message from the future. Suppose, he says, that just before you fire the 
fatal shot into your victim, you learn from him that he is your beloved, long-lost 
uncle. Clearly, your motivation for killing him is likely to be instantly altered, but 
equally clearly, your ability to kill him is unchanged. The mechanism for obtaining 
genealogical information, whether via time travel or as a last-minute appeal from 
your intended victim, is (says Craig) simply irrelevant. Not all buy into that, 
however, with one unconvinced analyst (note 94) writing that “history is a set of 
world lines essentially frozen into spacetime. While subjectively we feel strongly 
that our actions are determined only by our backward light cone, this may not 
always be the case.” That is, Schulman appears open to the possibility that influ- 
ences originating in the future might indeed have an impact on the present. 

With the fading from the physics scene of enthusiasm for tachyons, the romance 
of communicating with the past using superluminal speeds passed from speedy 
particles to quantum mechanics via a mathematical result called Bell’s theorem. 
John Bell, a physicist mentioned in the last chapter in connection with the MWI of 
quantum mechanics, published his theorem in a little article in an obscure, now 
defunct journal. Since then it has become one of the most cited physics papers from 
the 1980s.°* The paradox cited in Bell’s title refers to a famous 1935 paper in which 
Einstein (and two of his colleagues at the Institute for Advanced Study) challenged 
the conventional view of quantum mechanics, the view that there is no objective 
reality to anything unless it is observed.” 

In fact, the possibility of quantum mechanics supporting FTL signals had been 
considered (and rejected) before Einstein’s paper, by the Italian physicist Enrico 
Fermi.'°° Fermi concluded that, in a two atom system, the decay from an excited 
state of one atom (with the emission of a photon) would not influence the other atom 
before a time lapse of R/c, where R is the distance between the two atoms and c is the 
speed of light. In 1967, however, the Russian physicist M. I. Shirokov pointed out 
that Fermi’s result was the result of an unjustified mathematical operation (he had 
replaced an integral from zero to infinity with one from minus infinity to infinity). 





87. S. Bell, “On the Einstein-Podolsky-Rosen Paradox,” in Speakable and Unspeakable in 
Quantum Mechanics, Cambridge University Press 1987. 

°°. Einstein, B. Podolsky, and N. Rosen, “Can Quantum-Mechanical Description of Physical 
Reality Be Considered Complete?” Physical Review, May 15, 1935, pp. 777-780. See also N. D. 
Mermin, “Is the Moon There When Nobody Looks? Reality and Quantum Theory,” Physics 
Today, April 1985, pp. 38-47. 

100R Fermi, “Quantum Theory of Radiation,” Reviews of Modern Physics, January 1932, 
pp. 87-132. 


280 5 Communication with the Past 





D; @s 


Fig. 5.5 Time travel and the wave function of quantum mechanics. In the above arrangement 
(reproduced by the kind permission of Francesco Gonella, from his paper “Time Machine, Self- 
Consistency and the Foundations of Quantum Mechanics,” Foundations of Physics Letters, April 
1994, pp. 161-166), S is a low-intensity source of photons, a source so weak that at any instant 
there is never more than one photon in the system. Each photon begins by traveling toward BS, a 
half-silvered beam-splitting mirror that, with equal probability, either passes a photon to the right 
along path b where it is detected by D2, or downward along path a into mouth B of a wormhole 
time machine and out of which it emerges from wormhole mouth A in the past. Conventional 
quantum mechanics says that what happens at BS is determined when the photon reaches Bs—that 
is, the probability wave function of the photon collapses at BS. But for a photon that is reflected 
into B, it exits A where it is detected by D, before the time of its arrival at BS. That means it is 
known (by detector D;) what wi// happen at BS before the photon arrives at BS—so just when did 
the photon wave function collapse? 


Then, nearly 30 years after Shirokov, the German physicist Gerhard Hegerfeldt 
proved (in the context of conventional quantum mechanics) a very general theorem 
that establishes a non-zero probability of the second atom responding to the first 
atom’s decay as soon as the photon is emitted. '°! 

Hegerfeldt’s analysis is very general, but it does make one assumption—the 
non-negativity of energy density (the so-called weak energy condition)—which at 
the time was considered (in Hegerfeldt’s words) to be “physically well motivated,” 
but which today is not taken to be a priori obvious.'”” Einstein’s paper, on the other 
hand, utilized physical assumptions not easily dismissed, and so its conclusions 
confounded physicists for decades. 

The conventional view of quantum mechanics formulates physics in terms of 
probability wave functions that ‘collapse’ into specific realities only when mea- 
surements (observations) are made of the state of a system (which may be as 
elementary as a single particle). Until such measurements are made, says this 
view of quantum mechanics, a system has no specific state; instead, it merely has 
a probability distribution over a set of possible states (see Fig. 5.5 for a time travel 
puzzle concerning this claim). Einstein and his co-authors (note 99) strongly 
rejected this probabilistic interpretation of nature (recall Einstein’s famous dictum, 
“God does not play dice with the cosmos.”) Einstein and his colleagues agreed that 





‘1G. C. Hegerfeldt, “Causality Problems for Fermi’s Two-Atom System,” Physical Review 
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machines (see note 135 in Chap. 1), and we’ll return to it in the next chapter. 
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quantum mechanics may be valid as far as it goes, but they also argued that it leaves 
out ‘something’ (as yet unknown) in describing reality. That is, they suggested that 
quantum mechanics is “incomplete” and that it incorporates “hidden variables.” °° 
They expressed this idea in the form of a paradox, the famous EPR paradox, which 
they posed as a thought experiment (a Gedanken-experiment) in which quantum 
mechanics declares that the properties of a particular spatially distributed system, 
when measured at point A, seem to be forced to assume specific values at point B 
(which may be arbitrarily distant from A) without there being a measurement at B. 

Thus, said Einstein, there are just two possibilities. Either the system properties 
at B must have been what they are from the very start (even if the measurements at 
A had not been done) which is the view he held, or there must have been a linkage 
between the system at A and the system at B such that the wave function collapse at 
A is instantly transmitted to B to allow the wave function to collapse there as well. 
Because A and B may be arbitrarily far apart, this second view obviously requires 
an FTL transmission mechanism, '”* something Einstein called a “spooky action-at- 
a-distance,” a term that eloquently expresses his low opinion of that idea! (Some 
translations replace spooky with ghostly, but the negative sentiment remains the 
same.'”°) For decades the debate between proponents of these two alternatives 
remained at a metaphysical, non-quantitative level. Then came Bell’s paper 
in 1964. 

Bell’s theorem mathematically poses the choice between Einstein’s hidden 
variables view and the conventional view of quantum mechanics through the use 
of an inequality involving certain measurable properties of a system, '° If these 
measurements are such that the inequality is violated, then the conventional inter- 
pretation of quantum mechanics is vindicated, and Einstein’s FTL spooky action-at- 
a-distance effect simply doesn’t exist. Bell’s great contribution, then, was to 
provide the means for removing the debate about quantum mechanics from meta- 
physics and to place it squarely in the realm of experimental physics. 

“All” that needed to be done was to make the required measurements. These 
technically difficult experimental measurements were eventually performed by the 
French physicist Alain Aspect and his colleagues at the Institute of Applied Optics 
of the University of Paris, a decade and a half after Bell showed what had to be 
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done. The results unequivocally support the conventional view of quantum 
mechanics.'”’ Einstein was simply wrong, there are no hidden variables in quantum 
mechanics, and his spooky action does seem to exist. Does that mean we have, at 
last, experimental evidence of the possibility of information transfer at FTL speeds? 

Well, maybe, but the issue is still hotly debated. The majority of physicists 
today, I suspect, are probably more perplexed over what Bell’s theorem is saying 
than were over Einstein’s original EPR paradox. In those early days one could agree 
with Einstein and his colleagues, who argued that quantum mechanics was valid as 
far as it went, but a deeper, more comprehensive theory would show the existence 
of hidden variables. However, because of the work by Bell and Aspect it is 
definitively known that quantum mechanics as it stands leads to correct results, 
results that can be checked in the laboratory. In other words, there is no need for 
hidden variables and FTL spooky actions cannot be ruled out. 

And so, while tachyons and the tachyon antitelephone may be nothing more than 
a neat science fiction fantasy, just maybe a quantum mechanical Bell antitelephone 
can’t be so dismissed. Indeed, the possibility of using a quantum mechanical FTL 
effect was once suggested in a letter written by a senior person at an unspecified 
California think tank (an organization such as, for example, the RAND Corpora- 
tion) to the Under Secretary of Defense for Research and Engineering at the 
Pentagon. Here’s what the Under Secretary read when he opened that letter: “If 
in fact we can control the FTL nonlocal effect, it would be possible ... to make an 
untappable and unjammable command-control-communication [C*] system at very 
high bit rates for use in the submarine fleet. The important point is that since there is 
no ordinary electromagnetic signal linking the encoder with the decoder in such a 
hypothetical system, there is nothing for the enemy to tap or jam. The enemy would 
have to have actual possession of the “black box’ decoder to intercept the message, 
whose reliability would not depend on separation from the encoder or on ocean or 
weather conditions.”'°* 

One can’t help but wonder what might have been the Under Secretary’s response 
to that incredible letter, and what sorts of ultra-mega-super-top-secret experiments 
it may have prompted. I would be willing to bet, if they did occur, that they failed. 
As one physicist put it, “Up to now nature has covered her tracks pretty well, 
blocking all possibilities for using the EPR effect for FTL communication.”'©” Of 
course, the think tank letter, as ‘farout’ as it may initially appear, actually represents 
a failure of imagination, because the backward causation effect of EPR’s spooky 
FTL effect is certainly a ‘quantum jump’ beyond a mere unjammable submarine C* 
system. 





107A. Aspect, “Experimental Tests of Realistic Local Theories via Bell’s Theorem,” August 
17, 1981, pp. 460-467, and A. Aspect, et al., “Experimental Realization of Einstein-Podolsky- 
Rosen-Bohm Gedanken-experiment: A New Violation of Bell’s Inequalities,” July 12, 1982, 
pp. 91-94, and “Experimental Test of Bell’s Inequalities using Time-Varying Analyzers,” 
December 20, 1982, pp. 1804-1807, all in Physical Review Letters. 

108See N. D. Mermin in note 99. For more on the enigmatic letter on the FTL submarine C* system, 
see Jack Sarfatti’s letter to Physics Today, September 1987, pp. 118 and 120. 


rae fe Cramer, “Paradoxes and FTL Communication,” Analog Science Fiction, September 1988. 
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Mark Twain, in his last, posthumously published novel No. 44, The Myste- 
rious Stranger, incorporated reversed time as the work of a supernatural 
being. After the being reverses the world’s time direction, the narrator tells 
the reader that “everywhere weary people were re-chattering previous con- 
versations backward ... where there was war, yesterday’s battles were being 
refought, wrong-end first; the previously killed were getting killed again ... 
we saw Henry I gathering together his split skull ...” Read the novel, and 
comment on how well (or not) Mark Twain handled reversed time. 


In Philip K. Dick’s 1956 novel The World Jones Made, we read of a prophet 
who can see a year into the future. As he says, “To me this is the past,” and 
then later we are told “He was a man with his eyes in the present [the world’s 
future] and his body in the past [the world’s present].” Read the novel, and 
then argue either for or against the suggestion that Dick was aware of the 
advanced wave solution in Maxwell’s theory. 


The physicist Robert Forward (see the sixth For Future Discussion in 
Chap. 3) argued that one way to send messages into the past is to compress 
a 15-billion-ton asteroid down to the volume of an atomic nucleus, spin it up, 
and then aim gamma ray bursts through the resulting near-by region of 
“unhinged time” (see “How To Build a Time Machine,” Omni, May 1980). 
This is, of course, ‘simply’ an artificially constructed Kerr black hole tele- 
graph transmitter (look back at note 114 and related discussion in Chap. 1). 
Forward, an optimist of the first rank, thought humans would be able to do 
this before the end of the twenty-first century. It would seem, then, that what 
should be done now is to build gamma ray frequency receivers (well within 
present-day technology) and listen for such messages from the future. The 
technical details of such receivers wouldn’t matter, as long as their design is 
widely published. That way, the scientists of the future can learn those details 
by simply reading of them in old, musty library books and journals, and thus 
will be able to build their transmitters to be perfectly compatible with our old, 
musty (to them) receivers! Comment on the likelihood of National Science 
Foundation funding becoming available to build such receivers. 
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Suppose a time traveler goes into the future and, while there, discovers that 
there is an older version of himself living in the home that has been in his 
family for generations. Explain why this implies that the time traveler will 
eventually return to the present. Suppose, instead, that after the time traveler 
arrives in the future he decides to remain in the future, and not to return. 
Explain why this implies there will not be an older version of himself living in 
the family home. In both cases, assume the MWI does not apply, that is, 
assume that there is just a single time line. 


One well-known quantum physicist, David Bohm (1917-1992), wrote the 
following passage in his book The Special Theory of Relativity 
(W. A. Benjamin 1965), concerning the possibility of sending messages 
into the past: “In effect, S could communicate with his own past [self, M] 
... and tell his past self [M] what his future is going to be. But on learning this 
M could decide to change his actions, so that his future ... would be different 
from what his later self [S] said it was going to be. For example, the past self 
could do something that would make it impossible for the future one to send 
the signal. Thus, there would arise a logical self-contradiction.” Do you think 
most physicists, writing today more than 50 years after Bohm, would repeat 
his words? 


The role played by quantum mechanics in time travel studies is broad, deep, 
profound ... and mysterious. What I mean by this is nicely illustrated by the 
final paragraph in a paper by Stephen Hawking (“Quantum Coherence and 
Closed Timelike Curves,’ Physical Review D, November 15, 1995, 
pp. 5681-5686). There he wrote “Personally, I do not believe that closed 
timelike curves will occur, at least on a macroscopic scale. I think that the 
chronology protection conjecture will hold and that divergences in the 
energy-momentum tensor will create singularities before closed timelike 
curves appear. However, if quantum gravitational effects somehow cut off 
these divergences, I am quite sure that quantum field theory on such a 
background will show loss of quantum coherence. So even if people come 
back from the future, we will not be able to predict what they will do 
[my emphasis].” What do you think Hawking meant by his final line? If 
“people come back from the future” and tell us what they did while in the 
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future, then what’s wrong with their memories that causes us to fail to be able 
to predict what they wi// do? Or, is there perhaps nothing wrong with their 
memories and Hawking is instead arguing that the future experienced by the 
returned time travelers will not be the future when we “get there’? If that’s the 
case, then what are the returned time travelers ‘remembering’? 


If quantum mechanics is actually slightly non-linear physics (as are many 
other normally linear physical phenomena at sufficiently high energy 
levels)—physics is linear when superposition holds, which means the result 
of two inputs is the sum of the individual outputs resulting from application of 
the individual inputs—and if one accepts the MWI concept, then at least two 
physicists (PHYSICISTS1) claim to have shown that one could communi- 
cate not just with our past, but also with the many pasts in the ever-splitting 
branches of the many worlds. Another physicist (PHYSICIST2) wrote a very 
funny illustration of what that might be like. Yet another physicist (PHYS- 
ICIST3) suggested that non-linear quantum mechanics might actually allow 
one to take photographs of the many-worlds. Of that, a physicist (PHYSI- 
CIST4) wrote (without any exaggeration) that such an achievement would be 
“perhaps the most amazing discovery in the history of science, indeed in the 
history of mankind.” Or, to quote yet another physicist (PHYSICISTS), 
“interworld communication would lead to truly mind boggling possibilities,” 
some of which have been incorporated in at least one science fiction novel 
(SFAUTHOR). Read the physicists’ papers, and the novel, and then sum- 
marize with your own commentary. 

PHYSICISTS1: N. Gisin, “Weinberg’s Non-linear Quantum Mechanics and 
Superluminal Communication,” Physics Letters A, January 1, 1990, pp. 1-2, 
and J. Polchinski, “Weinberg’s Non-linear Quantum Mechanics and the 
Einstein-Podolsky-Rosen Paradox,” Physical Review Letters, January 
28, 1991, pp. 397-400. 

PHYSICIST2: J. G. Cramer, “Quantum Telephones to Other Universes, to 
Times Past,” Analog, October 1991. 

PHYSICIST3: D. Albert, “How to Take a Photograph of Another Everett 
World,” Annals of the New York Academy of Sciences, December 30, 1986, 
pp. 498-502. 

PHYSICIST4: M. A. B. Whitaker, “On the Observability of ‘Many 
Worlds’,” Journal of Physics A, July 11, 1985, pp. 1831-1834. 
PHYSICISTS: R. Plaga, “On a Possibility to Find Experimental Evidence for 
the Many-Worlds Interpretation of Quantum Mechanics,” Foundations of 
Physics, April 1997, pp. 559-577. 

SFAUTHOR: J. P. Hogan, Paths to Otherwhere, Baen 1996. 
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One upon a time, FTL tachyons (and their associated into-the-past trans- 
missions of information) were strictly in the province of science fiction. In 
recent years, however, such doings have moved into mainstream fiction, as 
well, with the most recent (as I write) example being the man-of-action novel 
by Patrick Lee, Signal, St. Martin’s Press 2015. (Tachyons are also mentioned 
in the 2015 film Tomorrowland.) That novel is set in modern times, not in the 
future; its hero is a retired soldier who now works as a self-employed house- 
flipper. His is definitely not a futuristic science fiction world. Until, that is, be 
becomes involved with a radio-like gadget that receives signals from 10 h, 
24 min in the future. As the novel progresses we eventually learn that the 
gadget is based on German electronics technology that was being tested in a 
remote lab in northern Algeria, near the end of World War II. When that lab 
was overrun by a small American force the equipment was destroyed, but not 
before one of the Americans heard the gadget playing a song titled “She 
Loves You” along with the word yeah repeated numerous times. He didn’t 
know what that meant until, 20 years later, he watched the Beatles’ first 
American appearance on The Ed Sullivan Show TV program, and so suddenly 
realized that in 1944 he had heard a song that hadn’t been written yet! That 
gadget is at the center of a modern-day, renewed Nazi effort to conquer the 
world, and there is much ‘you’ve seen it all before’ chasing, shooting and 
other ‘James Bond’ types of action in the novel, but the author has been quite 
inventive in treating time paradoxes. He does talk a lot about ‘changing the 
future,’ worries confusingly about “changing the past,’ and mistakes neutrinos 
for tachyons, but, still, if one is willing to overlook such issues it is an 
entertaining read. In particular, while the gadget’s inherent range to the future 
is limited to ten-plus hours, the author describes a clever way to arbitrarily 
extend that value. Read Signal, and then describe and critique the method 
outlined in the novel. 


The Wheeler-Feynman assumption of continuity already had a distinguished 
history in mathematics long before they invoked it in their physics resolution 
of bilking paradoxes. (Both men were very good mathematicians, and cer- 
tainly knew what I am about to tell you here.) Imagine a man who is about to 
walk up a hill, starting at A (the base of the hill) and ending at B (the top of the 
hill). You know nothing of how he walks (perhaps at times he stops for a 
while, other times he walks slowly, sometimes he walks briskly, perhaps at 
times he even walks back down the hill). All you know is that, starting from A 
at 10 o’clock in the morning, he arrives at B at 11 o’clock. That is, the walk up 
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the hill takes exactly 60 min. He camps overnight at B and then, the next 
morning, at exactly 10 o’clock, he walks back down the hill along the same 
path he followed during his ascent the previous day. He arrives at A at 
11 o’clock. That is, the return trip takes exactly 60 min. Again, you know 
nothing of the details of how he makes the descent. Prove that there is at least 
one spot on the path that he passes at exactly the same time during his descent 
as he passed it during his ascent the previous day. Hint: No complicated 
equations are required. Indeed, no math at all is needed. Just sketch the 
appropriate, general graphs of the man’s ascent versus time, and of his 
descent versus time, and invoke continuity. That is, sketch the distance 
(as measured along the path) that he is from A versus time for both the ascent 
and the descent. 


Chapter 6 
The Physics of Time Travel: I 


“It is very sad to see valuable minds writing such a pile of 
unmitigated bullshit.” 


—not all physicists think time travel is worthy of study.! 


6.1 Faster-than-Light into the Past 


“Faster-than-light travel remains a coherent, and possible concept, even though it is 
forbidden by relativity theory.” 
—a philosopher makes a physics mistake.” 


So far we have limited our consideration of relativity theory to speeds below the 
speed of light—that is, to the condition v < c, where v is the relative velocity of two 
reference frames. There was nothing, however, in the derivation of the Lorentz 
transformation equations discussed in Chap. 3 that actually used that self-imposed 
constraint. So, just what, in fact, does happen for v>c? This is not an empty 
question, because the second half of the above quote that opens this section is 
simply not true. That isn’t to say we can have FTL for free; there is a high price to 
pay, that of causality violation (although, if you are a fan of time travel, it’s a price 
you are probably happy to pay). If a material object goes FTL, then the mathematics 
seems to say that the object could travel into the past, just as the caped crusader does 
in the first (1978) Superman movie, in order to change the past (to save Lois Lane 
from dying in an earthquake). In addition, the mathematics also seems to say that if 
a signal bearing information could achieve FTL, then that information, too, would 
travel back into the past (see Fig. 6.1). 





'This rather blunt comment (reported in Physics World, December 2009, p. 3) was prompted by a 
suggestion, from two other physicists, that the Higgs boson might ripple backward through time 
and thereby stop CERN’s Large Hadron Collider from creating the long-sought particle in the first 
place. 

2G. Robinson, “Hypertravel,” Listener, December 17, 1964, pp. 976-977, the printed version of a 
lecture to the British Association for the Advancement of Science. 
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t null cones 








Fig. 6.1 A math-free proof that there can be no closed loops in time (that is, no time travel to the 
past if v>c is forbidden) in flat Minkowski spacetime, the spacetime of the special theory of 
relativity. Such a conclusion is far less clear in the curved spacetimes of the general theory of 
relativity. Figure reproduced by the kind permission of Serguei V. Krasnikov (Polkovo Central 
Astronomical Observatory in St. Petersburg, Russia), from his 2003 paper “Time Machine 
(1988-2001)” 


The original thinking along these lines visualized such an FTL signal as a 
modulated beam of tachyons, as mentioned in the previous chapter. In addition to 
tachyons not having been experimentally observed, even after intense searches for 
them, there are several theoretical objections (in addition to the bilking paradox 
problem discussed in the previous chapter) to the likelihood such FTL particles 
exist.* For example, the relativistic expressions for the energy and momentum of a 
particle with rest mass mp moving with speed v are, respectively, 


Mol? MoV 


E = — and 


1 = (v/e? Ss caeeye 


For v > c the radicals in these expressions become imaginary, whereas EF and 
p must always be real-valued (because they can be observed and measured as a 
result of the interactions the particle has with other matter). The energy and 
momentum can regain the property of being real-valued if we write mp = pV/—1 
(that is, m, =-y’) for a tachyon, where p is the positive, real-valued (but 
unobservable) meta-mass (that is, m, < 0). This is a radical proposal, of course, 
(as it is m, > 0 that we are used to; as a Russian mathematician romantically put it, 
“What binds us to space-time is our [positive] rest mass, which prevents us from 
flying at the speed of light, when time stops and space loses meaning. In a world of 





3See, for example, “More About Tachyons,” Physics Today, December 1969, pp. 47-52, a 
collection of letters received by the journal from its readers. The ‘DeWitt Gambit,’ mentioned in 
the previous chapter, was first proposed in one of those letters. 
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light there are neither points nor moments of time; beings woven from light would 
live ‘nowhere’ and ‘nowhen’; only poetry and mathematics are capable of speaking 
meaningfully about such things.”*. 

Well, perhaps, but let’s continue to pursue the physics of tachyons, at least for a 


while. It can be shown’ that the energy and momentum of the tachyon are given by 


2 ; 

Be Os ge ee 

(v/c) -1 (v/e)?-1 

An interesting consequence of this is that if tachyons Jose energy, they speed up, 
an observation first made by the German physicist Arnold Sommerfeld 
(1868-1951) in 1904.° This means that if there is a mechanism for continuous 
energy loss, such as Cerenkov radiation,’ then tachyons will spontaneously accel- 
erate without limit to infinite speed! Curiously, while the above expressions for 
E and p show that, as v— oo, tachyons would possess zero energy, they would 
nonetheless have a non-zero momentum of uc. 

To see how backward time travel and FTL are connected, it is useful to establish 
a geometrical interpretation of the Lorentz transformation. As stated in Chap. 3, if 
the x’ ,f’ system is moving with speed v in the x (or x’) direction relative to the x,t 
system, then 


7) _ a2 
ec ag __tav/c 
1 —(v/c)? 1 —(v/c)? 





4Yu I. Manin, Mathematics and Physics, Birkhauser 1981, p. 84. 


SL. Parker, “Faster-Than-Light Inertial Frames and Tachyons,” Physical Review, December 
25, 1969, pp. 2287-2292. 


©The consideration of FTL particles already had a long history before tachyons were specifically 
named. You can find late nineteenth century (1888-1889) theoretical analyses of electrically 
charged FTL particles in the writings, for example, of the English mathematical electrical engineer 
Oliver Heaviside (1850-1925): see my biography Oliver Heaviside: the life, work, and times of an 
electrical genius of the Victorian Age, The Johns Hopkins University Press 2002, pp. 124-126. 
7Cerenkov radiation is the energy radiated when a charged particle exceeds the speed of light in the 
medium through which it travels. Since the speed of light in water is less than c, it is perfectly okay 
with special relativity to exceed the speed of light in water, and in fact this commonly occurs for 
the energetic electrons produced by submerged atomic reactors (swimming pool reactors). The 
resulting radiation is observed as a blue glow. The radiation is named after the Russian physicist 
Pavel Cerenkov (1904—1990)—for which he received a share of the 1958 Nobel physics prize— 
but in fact Heaviside (previous note) had predicted it more than a decade before Cerenkov 
was born. 


®This (theoretical) property of tachyons (if they exist) could (perhaps) be used (maybe) to build a 
revolutionary (to say the least) new rocket propulsion system: see J. Cramer, “The Tachyon Drive: 
Infinite Exhaust Velocity at Zero Energy Cost,” Analog, October 1993. 
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These equations make sense for the case of v < c, and we will retain this condition 
for our two relatively moving frames of reference: these frames are the worlds of two 
human observers, observers that we’ll take to always be subluminal. As one phys- 
icist so nicely put it, “The assumption that observers move faster-than-light goes 
beyond superluminal signaling,” as such observers would have to be thought of as 
being built not out of flesh-and-blood, but rather out of tachyons.'° We’ll reserve the 
symbol w to denote the speed of an FTL particle. 

Now, recall what we mean by any line parallel to the x-axis; it is a line with a 
fixed time coordinate. Such a line is a cosmic moment line, with the equation 
t = constant. Similarly, for the moving system we would write the equation of a 
cosmic moment line as ¢’ = constant which, after the Lorentz transformation is 
applied, is equivalent to 


) 


t — — = constant. 
C2 


In particular, the x-axis (¢’ = 0 cosmic moment line), which passes through the 
point x = 0 at t = 0, has the equation 


with the usual convention of c = 1. 

In a similar way, recall what we mean by any line parallel to the f-axis; it is a line 
with a fixed space coordinate. Such a line is the world line of a stationary particle in 
the x, t frame, with the equation x = constant. Similarly, for the moving system we 
would write x’ = constant as the equation of the world line of a particle stationary in 
that system. From the Lorentz transformation, this is equivalent to 


x — vt = constant. 


In particular, the t’-axis (which is the x’ = 0 world line of a particle stationary at 
the origin of the moving system) passes through the x = 0, f= 0 point, and it has the 
equation 


x=vet. 


Thus, superimposed spacetime coordinate axes for the two frames look like 
those shown in Fig. 6.2. That is, the relative motion of the two frames results in a 





°K. Svozil, “Time Paradoxes Reviewed,” Physics Letters A, April 3, 1995, pp. 323-326. 


'0Science fiction, however, has (since the early days of pulp) enthusiastically embraced FTL 
human travel. In Larry Niven’s story “At the Core” (/f, November 1966), for example, we read of a 
manned spacecraft that travels 60,000 light years to the center of our own Milky Way Galaxy, and 
then back, at a speed 420,000 times that of light. As the pilot says (in a grand understatement), 
“That’s goddam fast.” Perhaps there is a way to make some sense of such an adventure, with the 
so-called warp drive (a’la Star Trek), which we’ll take-up briefly at the end of this chapter. 
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Fig. 6.2 Spacetime coordinate axes rotation by relative motion 


rotation of the spacetime axes; but it is a strange sort of rotation, with opposite 
senses for the space and time axes. That is, the x’ and 7? axes rotate towards each 
other, as shown in the figure, to make equal angles (a) with the x and f¢ axes, 
respectively, where 


a =tan"'(v). 


If we limit the moving frame (the frame of a moving observer) to subluminal 
speeds (0< v < 1), then 


0<a< 45°. 


At the speed of light (v = 1) a= 45° and so the x’ and ?’ axes coincide—time and 
space have become indistinguishable. 

It is important to realize that observers in either system would measure the same 
speed for a photon; that is, each would see the world line of a photon as a line with 
slope 1. This view of the world line of a photon is literally built into the Lorentz 
transformation because one of Einstein’s fundamental postulates for special relativ- 
ity is the invariance of the speed of light. The truth of this statement for the x, t system 
is obvious from Fig. 6.2. It is, perhaps, not so obvious with the x’, t’ system because 
of the non-perpendicular axes (as shown in the figure) for that system. In Fig. 6.3 the 
world line of a photon is shown in both systems. In that figure we emit the photon at 
x’ = 0, t/ = 0, and we later measure its coordinates at point A to be x’ = x’, at time 
t' = t',. Note carefully how this is done. We draw lines from point A parallel to the x’ 
and ¢’ axes until they intersect the t’ and x’ axes, respectively. This is similar to the 
way we would get the spacetime coordinates of A in the more familiar x, t system, 
where we would draw lines parallel to the x and f axes. 

It should now be obvious that x’, and t’, have the same extension, just as they do 
in the unprimed system, so 
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“4 = the speed of light 





The speed of light is the only invariant speed under the Lorentz transformation. 
Indeed, the modern approach to special relativity emphasizes this invariance as the 
central property of the speed of light, rather than the idea of the speed of light being 


a limiting speed. 

This geometrical interpretation of the Lorentz transformation lets us quickly 
make another interesting (one, I think, not at all obvious) observation: If a particle is 
faster than light in the x, ¢ system, then there exists a subluminal x’, ¢’ system in 
which the particle is infinitely fast. Figure 6.4 shows the world line of an FTL 
particle in the x, t system (which is, of course, be/ow the world line of a photon; that 

is, the particle’s world line is spacelike). Suppose the FTL particle has speed w > c 
such that its world line makes angle / with the x-axis. If we now pick v, the speed of 
the moving x’, ¢’ system to be such that a= §, then the x’-axis will coincide with the 
world line of the particle, and so the particle will appear to an observer in the 1’, ¢’ 
system to be everywhere at once—that is, to be infinitely fast. We have, then, 


ee eee ee 
B= tan “(v) = tan (=) 


or v= 1/w, which seems to be dimensionally wrong. Recall, however, that with our 
convention ofc = 1, the v in this result is a normalized speed. To return to the units of 


everyday use, simply replace v with v/c and w with w/c; this transforms our result to 
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Fig. 6.4 World line of an FTL particle 


We can, of course, turn this result around. If an FTL particle moves with speed 
w in the x, t frame, then to an observer in the x’, ¢ frame moving with 
subluminal speed v, the particle will appear to be infinitely fast if w= cv. 
A particle with w > c’/v is said to be not just be superluminal, but u/traluminal. 

If a particle has infinite speed if w= c*/v, then what physically happens if w is 
greater than c’/v? The answer is easy to see from a spacetime diagram, as in 
Fig. 6.5, where the x’ and ¢’ axes have been extended back to negative values. In 
that figure I have labeled two arbitrary events A and B on the world line of an 
ultraluminal particle (and so it lies below the x’ axis), and have shown the spacetime 
coordinates of each event in both the x, t and x’, ¢’ frames. For the x, t frame we see 
that A is related to B by the relations a < z, and iy < i that is, the time order of 
A and B is reversed for an observer in the x’, t’ frame. To that observer, the particle 
appears to be traveling backward in time! 

But this isn’t quite the end of the story. Following the approach of two 
pioneering tachyon physicists,'' we note that if the energy of a particle in the 
stationary system is F, then the energy as measured in the moving system is given 
by”? 





''Q. M. Bilaniuk and E. C. G. Sudarshan, “Causality and Space-like Signals,” Nature, July 
26, 1969, pp. 386-387. 


The expression for E’ is the result of applying the Lorentz transformation to E. You can find all 
the details of that worked out in A. P. French, Special Relativity, W. W. Norton 1968, pp. 208-210. 
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Fig. 6.5 World line of an u/traluminal particle 
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Note that sign of E’ switches from positive to negative when w (the speed of the 
particle) exceeds c*/v, which is precisely the condition for the particle to be 
ultraluminal and so traveling backward in time (as seen in the primed system). 
That is, negative energy moving backward in time in one system is positive energy 
moving forward in time in another. This is, in fact, the original motivation for the 
RP (reinterpretation principle) discussed in the previous chapter, and the claim was, 
at one time, that the RP was just what was needed to ‘explain’ the paradoxical 
implications of time travel. This is not the majority view today, however, and a 
number of physicists have been quite inventive in constructing scenarios with 
causal paradoxes that the RP clearly fails to ‘explain.’ 

For example, the Princeton physicist Shoichi Yoshikawa (1934—2010), in a letter 
to Physics Today (see note 3), was able to create a scenario which uses the RP to 
arrive at a causal paradox. In his construction, the RP allows an observer to transmit 
an ultraluminal tachyon to a remote observer at time t= 0, and to receive a reply 
from that observer at t<0. This obviously sets-up the possibility of a bilking 
paradox in which the original observer, upon receiving the t<0 tachyon, then 
decides not to transmit the r=0 tachyon. What makes Yoshikawa’s paradox a 
particularly troublesome paradox is that the RP is the culprit, not the savior. 
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6.2 Tipler’s Rotating Cylinder Time Machine 


“... within forty-eight hours we had invented, designed, and assembled a chronomobile. I 
won’t weary you with the details, save to remark that it operated by transposing the seventh 
and eleventh dimensions in a hole in space, thus creating an inverse ether-vortex and 
standing the space-time continuum on its head.”"* 

—this is almost surely not the way to build a TM (time machine) 


As discussed at the start of this book, the first endorsement of the reasonableness 
of physicists talking about plausible, scientific time travel, began with Godel’s 
discovery of closed timelike lines in the mathematics of certain rotating universe 
models. Such models had been studied as early as 1924 by the Hungarian physicist 
Cornelius Lanczos (1893-1974), a quarter century before Godel, but it was Godel 
who made explicit the possibility a rotating universe might allow time travel. His 
realization of time travel as an inherent property of a rotating universe is an 
illustration of a weak TM, while what is the central interest concerning time 
machines (in physics and in science fiction) is a strong TM. That is, in time 
machines that can be intentionally constructed by manipulating mass-energy in a 
finite (what physicists call a compact) region of spacetime to create closed timelike 
lines where none existed before the manipulation began. Interestingly, the funda- 
mental physical idea behind Godel’s weak TM is the same underlying idea behind 
the first strong TM, Tipler’s rotating cylinder discussed back in Chap. | (strictly, of 
course, only a compact TM if the cylinder can be of finite length). 

The one result from general relativity that we’ll use here (without proof) is that 
the rotation of matter causes a distortion of spacetime that results in the “tipping 
over’ of light cones, with the future half tilted in the direction of motion. If you 
imagine a point in the universe about which the rotation takes place, then this 
tipping effect increases with the radial distance from that point.'* The fact that 
rotating masses tip light cones over in the direction of rotation was discovered very 
early in the history of general relativity (1918), by the Austrian theoreticians Josef 
Lense (1890-1985) and Hans Thirring (1888-1976). Originally (and naturally) 
called the Lense-Thirring effect, it now generally goes by the name of the dragging 
of inertial frames effect, and it plays a central role in the weak Godel and the strong 
(maybe) Tipler time machines. Here’s how. 

At a certain critical distance from the rotation center (more on this in just a bit), 
the future half of the light cone at a given point in spacetime will be sufficiently 
tilted so as to enter the past half of similarly tilted light cones at nearby spacetime 
points This is illustrated in Fig. 6.6,'° which shows a circular chain of tilted light 





'3L. Sprague de Camp, “Some Curious Effects of Time Travel,” in Analog Readers’ Choice, 
Dial 1981. 


'*For a picture of this, see S. W. Hawking and G. F. R. Ellis, The Large Scale Structure of 
Spacetime, Cambridge University Press, 1973, p. 169. 
2 Adapted from D. B. Malament, “‘Time Travel’ in the Godel Universe,” Proceedings of the 
Philosophy of Science Association 1984, pp. 91-100. 
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Fig. 6.6 Time traveling through tilted light cones in a rotating universe 


cones in a rotating universe. Because light cones are tilted by a rotation-induced 
twisting of spacetime, a traveler can move around a circular path on a trip that is 
always directed into his /ocal future but nonetheless end-up in his own global past, 
without ever going faster than light. This kind of round trip in spacetime, with a 
trajectory that winds back into the past without ever becoming spacelike, is a closed 
timelike curve. 

From Fig. 6.6 it should be clear how a time traveler, beginning at A, can weave 
his way along a circular path (this path needs to have a radius at least as great as the 
critical value mentioned earlier) to B to C to ... that brings him back into the past 
half of the light cone at A. The traveler’s world line is always inside the local light 
cone; that is, the world line of the time traveler is always timelike, and never FTL. 
These timelike curves are present in the rotating spacetime from the very beginning 
of the spacetime, and were not created (certainly not by humans) by conscious 
intent. 

You can see how this works mathematically by taking the spacetime metric for 
Godel’s universe (with, as usual, the convention that the speed of light c= 1): 


(ds)” = (dt) — (dr)? — (dy)’ + sin h?(r) [ sin A?(r) — 1] (dg)? 
+ V2sin h?(r) (dg) (dt) 


where ¢, , y, and @ are cylindrical coordinates in four-dimensional spacetime. Now, 
imagine that our adventurer’s world line is the helical curve r=constant, y = 0, and 
t= — ag: if we take the time axis as vertical then the time traveler’s world line is a 
vertical helix in spacetime. For this curve, dr = dy =0 and dt= — ad@. This last 
differential means, in particular, that whatever the sign of the constant a, we can 
choose that one of the two senses of movement in the spatial ¢ dimension that gives 
dt <0. 
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Continuing, we have 
(ds)? = [a — 2V/2asinh?(r) + sin h2(r)( sin 2(r) — 1)| (dp)? 
or, upon letting u= sinh (r) we have 
(ds)? = [a — 2V2au? +? (u2 — 1)| (dgy?. 
Now, for a= 0 we have 
(ds)? = w? (uw? — 1) (dg)? 


which is greater than zero if u > 1. This condition holds if sinh() > 1, that is, if risa 
constant greater than In(1 + V2). In other words, for r sufficiently large (and now 
we know the critical value for r) we have (ds) > 0, the required condition for a 
timelike spacetime interval. By continuity, then, we will continue to have (ds)? 
> 0 even with some small positive or negative value of a different from zero. 
Because ¢ is a periodic coordinate (we identify ¢ =0 with @= 27), as the traveler 
moves along the curve she returns repeatedly to the same spatial points, but her time 
coordinate is increasingly negative. That is, she is traveling into the past. Note, once 
again, that in Godel’s universe this property holds only for orbits with radii greater 
than a certain minimum. '° 

Tipler’s rotating, infinitely long cylinder is a mechanism for artificially producing 
the tipped-over light cone effect, thus creating closed timelike curves. Figure 6.7, 
taken from Tipler’s Ph.D. dissertation,'’ shows how the cylinder works. The cylin- 
der is represented by the central vertical axis. Far away from the cylinder the light 
cones in spacetime are upright, but as we move inward they tip over, the future 
halves opening up into the direction of rotation. (Only the future halves of the light 
cones are shown.) This direction, which is the direction that far away from the 
cylinder measures space, near the cylinder measures time (just as in the Godelian 
universe). That is, there has been a dimension reversal! This fantastic possibility has 
found its way into science fiction, as in Stephen Baxter’s 1995 novel The Time Ships, 
wherein the Victorian narrator says “If only one could twist about the Four Dimen- 
sions of Space and Time — transposing Length with Duration, say — then one could 
stroll through the corridors of History as easily as taking a cab in the West End!” 

To travel back in time, therefore, all the time traveler need do is leave Earth and 
approach the cylinder until she is near enough to be in the tipped-over region of 
spacetime. Then she would follow a helical path around the cylinder and could 





‘There are other solutions to the Einstein gravitational field equations that have closed timelike 
lines at any radius, no matter how small: see M. J. Reboucas, “A Rotating Universe with Violation 
of Causality,” Physics Letters A, March 5, 1979, pp. 161-163. 


“B,J. Tipler, Causality Violation in General Relativity, University of Maryland 1976. 
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Fig. 6.7 The future halves of light cones point almost entirely in the +¢ direction far from rotating 
matter; they begin to tip over as the matter is approached. Note that there is a helical timelike path 
that moves locally into the future in the —t direction, that is, it goes into the past as seen by an 
observer far from the rotating matter (The world lines of rotating matter are helixes in the +¢ 
direction) 


spiral along the negative time direction as far back in time as desired (but no further 
back than to the moment of the cylinder’s creation). This motion is such that the 
time traveler is always moving into her local future, via the tipped-over light cones. 
Finally, she would withdraw from the cylinder and return to Earth—in the past. The 
time traveler had better be a good space navigator, of course, because Earth won’t 
be where she left it! 
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6.3. Thorne’s Wormhole Time Machine 


“This fact reinforces the authors’ feeling that [closed time loops] are not so nasty as people 
generally have assumed.”'® 


The spacetime wormhole is presently the most promising of the approaches that 
have been advanced for building a time machine. Godel rotated the entire universe 
in 1949, and Tipler ‘reduced’ the problem in 1974 to ‘merely’ spinning a cylinder of 
infinite length. In 1988 Kip Thorne scaled things down even more, this time to other 
extreme. His idea calls for pulling a wormhole on the scale of the Planck length out 
of the topologically multiply connected quantum foam that spacetime is and then 
enlarging it (somehow) to human scale, all the while stabilizing it against self- 
collapse, and then finally using the time dilation effect of special relativity to alter 
time at one mouth of the wormhole as compared to the other mouth. What a 
mouthful! What, you almost surely wonder, does all that mean? 

First of all, what’s ‘quantum foam’? The term refers to the idea that the topology 
of spacetime is not a smooth, continuous manifold, but rather (if you look close 
enough) is a seething ‘ocean of fluctuations’ that is always changing, changes on 
the scale of the Planck length (look back at Sect. 1.5). What does that mean? Like 
the ocean surface-in-the-large, large-scale spacetime is simply connected. But just 
as one sees all sorts of transient structure as one looks at the water more 
closely (beginning with macroscopic waves and then proceeding downward to the 
bubbly foam on the waves), spacetime too displays an ever-changing connectivity- 
in-the-small.'? That is the ‘quantum foam.’ 

Wormholes have been around in physics for decades, but they have always been 
thought to be so unstable as to exist only on paper in the mathematics of general 
relativity. In an analysis~” published more than half-a-century ago, for example, 
wormhole instability was shown to be so severe that not only would a human have 
no chance in getting through one, but also not even a single speedy photon could do 
so. Even at the speed of light, the photon could not zip through a wormhole before 
being trapped inside (“pinched off”) in a region of infinite spacetime curvature. 
Wormholes would simply collapse too quickly after formation for even the 
so-called ultimate speed to save the traveler. Indeed, the presence of mass-energy 
inside a wormhole actually accelerates its collapse. The physics of wormholes, it 
seemed, made them simply untraversable. 





'8The conclusion of a mathematical demonstration that time travel by wormhole does not conflict 
with the conservation of energy: see J. L. Friedman et al., “Cauchy Problem in Spacetimes with 
Closed Timelike Curves,” Physical Review, September 15, 1990, pp. 1915-1930. 

'°Not all accept this view. See, for example, A. Anderson and B DeWitt, “Does the Topology of 
Space Fluctuate?” Foundations of Physics, February 1986, pp. 91-105. 

?0R. W. Fuller and J. A. Wheeler, “Causality and Multiple Connected Spacetime,” Physical 
Review, October 15, 1962, pp. 919-929. 
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Fig. 6.8 These sketches are unavoidably misleading, being two-dimensional renditions of worm- 
holes that connect two places in a three-dimensional space. Time machine wormholes, on the other 
hand, connect two places in a four-dimensional spacetime. In particular, the mouths of the 
wormholes are not ‘depressions’ into which the time traveler’s rocket ship plunges, but rather 
would appear to be three-dimensional spheres. The wormhole in (a) connects two disjoint 
universes, while those in (b) and (c) are connections between two places in the same universe. 
As shown in these last two cases, the wormhole ‘handle’ can be either long or short, compared to 
the external distance between the wormhole mouths 


And anyway, how would one gain access to a wormhole in the first place? As 
Thorne and one of his students suggested,”! one might perhaps imagine someday 
finding a rotating black hole that mathematically possesses, in its interior, so-called 
hyperspace tunnels to ‘other places’—either in our universe or in other universes 
(see Fig. 6.8). In the case of a wormhole connecting two places in the same 
universe, although the external distance in spacetime between the places may be 
very large (mega-light-years), it is conceivable that the distance through the 
wormhole itself could be very small. The time required to traverse the wormhole, 
as measured by the traveler’s watch might, in fact, be arbitrarily small. This is 
exciting, but wormholes do not come without some significant problems. 

Such problems include the presence of a one-way event horizon, which pre- 
cludes two-way travel (it seems reasonable to assume that time and space travelers 





21M. S. Morris and K. S. Thorne, “Wormholes in Spacetime and Their Use for Interstellar Travel: 
A Tool for Teaching General Relativity,” American Journal of Physics, May 1988, pp. 395-412. 
This paper was motivated by Thorne’s earlier response to a request, from the American astronomer 
Carl Sagan (1934-1996), for help in making plausible the interstellar travel imagined in his 1985 
novel Contact. 
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might wish to eventually return), and enormous gravitational gradients (tidal 
forces) that dismember anything approaching and/or entering the wormhole. 
These problems have often been conveniently ignored in science fiction. For 
example, in one tale** the time machine is in the form of a wormhole time tunnel 
that time travelers can simply walk through, and in another characters similarly 
walk back and forth between two openings in a wall that connect the same place in 
space but separated in time by 160 years.” And in an even older story, we read of a 
time machine (in the form of a hole in spacetime that is a wormhole in everything 
but name) through which one can literally step from future to past and back again. 
That story~* is particularly notable for having introduced the term mugwump for a 
time traveler who uses a time machine wormhole. To paraphrase the tale’s time 
traveler, as he transits the wormhole his “mug” is in the past and his “wump” is in 
the future.”° 

Now, before going any further, a note on what physicists are referring to when 
they write of traversable time travel wormholes. Such wormholes are called 
Lorentzian because they have a spacetime metric with the signature [+, — , — , —] 
(see Sect. 3.5). Further, the wormhole is taken to be static, that is, to have no time- 
varying behavior. The reason for being specific on the nature of time travel 
wormholes is that there is another type with what is called the Euclidean signature: 
[+,+,+,+], which is not suitable for time traveling. Motion in a Euclidean 
signature wormhole involves imaginary momentum or proper time, neither of 
which is physically plausible for a time traveler. However, if you can gain access 
to a Lorentzian wormhole then, as two physicists wrote, “if you manage to acquire 
even one inter-universe traversable wormhole then it seems almost absurdly easy to 
build a time machine.”*° 

In response to that fundamental question of how to gain access to a Lorentzian 
wormhole, Thorne and his students were bluntly honest—they didn’t know. Their 
best suggestion was that “one can imagine an advanced civilization pulling 
[a] wormhole out of the quantum foam and enlarging it to classical size.”*’ A few 
years later this dramatic idea found its way into a science fiction novel of a 
far-future alien civilization able to control the energies of constellations of galaxies: 
“Spacetime is friable. Wormholes riddle the fabric of spacetime on all scales. At the 
Planck length and below, wormholes arising from quantum uncertainty effects blur 





RC. Wilson, A Bridge of Years, Doubleday 1991. 
23M. Leinster, Time Tunnel, Pyramid Books 1964. 
oad sh Kuttner, “Shock,” Astounding Science Fiction, March 1943. 


>The term’s origin is in 19th century politics, as a description of fence-sitters who try to avoid 
taking a definite position on some controversial topic under debate. For an illustration of wormhole 
mugwumping, see K. S. Thorne, Black Holes & Time Warps, W. W. Norton 1994, p. 500. 

°C, Barcelé and M. Visser, “Twilight for the Energy Conditions?” International Journal of 
Modern Physics D, December 2002, pp. 1553-1560. See also M. Visser, Lorentzian Wormholes, 
AIP Press 1996. 

27M. S. Morris, K. S. Thorne, and U. Yurtsever, “Wormholes, Time Machines, and the Weak 
Energy Condition,” Physical Review Letters, September 26, 1988, pp. 1446-1449. 
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the clean Einsteinian lines of spacetime. And some of the wormholes expand to 
human scale, and beyond — sometimes spontaneously, and sometimes at the 
instigation of intelligence.”** 

This isn’t easy to visualize, but let’s plunge ahead and assume we can “pull” a 
wormhole out of the quantum foam. If so, then once it is (somehow) inflated the 
wormhole could be stabilized against collapse by threading it with either matter or 
fields of stupendous negative (outward) tension—and by stupendous I mean STU- 
PENDOUS. If bo denotes the minimum radius of the wormholes (the size of the 
so-called throat of the wormhole), the tension (radial pressure) at that location must 
be at least 


where bo is expressed in feet.°° (This expression shows that for a wormhole with a 
throat radius of several thousand feet, the value of tg is enormous, of the same 
magnitude as the pressure at the center of the most massive neutron star.) To 
stabilize a common sort of everyday wormhole, such as a subway tunnel, we can 
obtain the required tension/pressure by lining the tunnel with iron plates or concrete. 
But how, for a hyperspace wormhole, do we obtain ‘iron plates’ that can achieve the 
required enormous tension? As Thorne and his students observed (note 27) such 
stuff could only be called “exotic,” a term that had appeared a few years earlier in 
connection with the observed energy density in the throat of a wormhole.*° 

One possible approach to this problem does not use matter at all. If we make bo 
very large, then non-material fields will do the job.*' Indeed, suppose bp equals 
1 light year (a large wormhole by anybody’s standard!). Then 79 is ‘only’ 4000 tons/ 
square inch, and that is achievable by threading the wormhole throat with a 
magnetic field of ‘only’ 2,700,000 gauss (five million times stronger than the 
Earth’s field).** To generate such a field is not impossible, and present-day 





8From S. Baxter’s 1993 novel Timelike Infinity. That same year the Chinese physicist Liao Liu 
wrote on how, as a result of a naturally occurring vacuum fluctuation, a wormhole might 
spontaneously appear: L. Liu, “Wormhole Created from Vacuum Fluctuation,” Physical Review 
D, September 15, 1993, R5463—R5464. 

The original equation for zy was given in units of dynes/cm?, with bo is expressed in meters (see 
note 21), but I have converted these units to the more familiar (to the non-physicist) units of tons 
per square inch, for dramatic purposes, because the units of dynes per square centimeter is so small 
it’s difficult to relate it to anything of everyday significance. 

30R. Balbinot, “Crossing the Einstein-Rosen Bridge,” Lettere Al Nuovo Cimento, May 16, 1985, 
pp. 76-80. 

31 See, for example, Y. Soen and A. Ori, “Improved Time Machine Model,” Physical Review D, 
October 15, 1996, pp. 4858-4861, and D. N. Vollick, “How to Produce Exotic Matter Using 
Classical Fields,” Physical Review D, October 15, 1997, pp. 4720-4723. 

*°To understand how the calculation of a magnetic field from a pressure requirement is accom- 
plished, note that pressure is dimensionally equivalent to field energy per unit volume, which in 
turn is given by a well-known result in electromagnetic theory. 
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experimental, hypervelocity electromagnetic rail guns in development for the US 
Navy use transient magnetic fields in the mega-gauss range. 

As if the stabilization problem wasn’t enough of a complication, Thorne and 
his colleagues (note 27) showed that there is another, even more curious problem. 
The geometrical requirement that the wormhole interior smoothly connect to the 
external, asymptotically flat exterior spacetime demands that the wormhole throat 
flare outward as shown in Fig. 6.8. It turns out that this condition is mathematically 
equivalent to a requirement that to exceed the energy density of the throat 
material**; and special relativity, in turn, says that for some timelike observers 
the energy density will then actually be negative. This is a clear violation of the 
so-called weak energy condition (WEC), which says the observed mass-energy 
density is always non-negative. This is so ‘obvious’ that the WEC was thought, for a 
long time, to be almost a law of nature. Such a violation is actually not as crazy as it 
might sound however because, more than half-a-century ago, it was shown™ that an 
energy density that is everywhere and everywhen positive is not compatible 
with any quantum field theory that is /ocal, as, presumably, will be the yet-to-be- 
discovered theory of quantum gravity. Over the years since then a variety of other 
energy conditions have been proposed, such as the averaged weak energy condition 
(AWEC), which says that only the average value of the energy density over a 
complete null geodesic world line has to be non-negative, which leaves open the 
possibility of temporary negativity here, there, then and when.” 

The traversable, static wormholes studied by Thorne and his colleagues violate 
even the AWEC (see note 27), however, and in the years since it has become clear 
to physicists that imposing constraints on the mass-energy density may not be so 
‘obvious’ after all (see note 26). But all may not be lost. Indeed, it has been shown 
that the violation of the AWEC by traversable wormholes can be made as small as 
desired, that is, the requirement for the exotic matter required to line a wormhole 
throat to keep it open can be made as tiny as you want.*° 

Well, tiny the quantity of exotic matter may be but, nonetheless, even a tiny amount 
of it would be extraordinary weird stuff because a negative energy density can be 
interpreted as meaning that the exotic material that keeps the wormhole throat open 





*3The condition of ty exceeding the energy density in the throat is, in fact, the technical definition 
of exotic—see note 30. In everyday situations, the exotic condition is never even remotely 
approached. For example, the maximum tension necessary to pull a piece of steel apart—the 
so-called tensile strength, about 100,000 pounds per square inch—is a trillion times less than the 
mass-energy density of steel. 

34H. Epstein, V. Glaser, and A. Jaffe, “Nonpositivity of the Energy Density in Quantized Field 
Theories,” // Nuovo Cimento, April 1, 1965, pp. 1016-1022. 

ST. A. Roman, “Quantum Stress-Energy Tensors and the Weak Energy Condition,” Physical 
Review D, June 15, 1986, pp. 3526-3533. 

3°M. Visser, S. Kar, and N. Dadhich, “Traversable Wormholes with Arbitrarily Small Energy 
Condition Violations,” Physical Review Letters, May 23, 2003, pp. 201102-1 to 201102-4. 
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does so by exerting a repulsive gravitational force.*’ A repulsive force sounds like a 
property we’d expect to see associated with negative mass and, although such a thing 
has never been observed (negative matter is not anti-matter, which has been observed 
and which does not repel ‘normal matter’), it was studied long ago (theoretically, of 
course) by the English cosmologist Hermann Bondi (1919-2005). Bondi showed*® 
that negative mass would indeed have some truly bizarre properties,°” but there is 
nothing in general relativity that forbids its possible existence. Wormholes, with 
negative mass throats, should produce observable effects by which a wormhole 
might be detected. Mathematical analyses of the effect a negative-mass wormhole 
mouth would have, when crossing the line-of-sight between Earth and a distant star, 
indicates that there should be an observable double-spike in the intensity of the star’s 
light. Astronomical searches for such an optical signature have actually been 
conducted, with (alas) no success as I write (2017). 

There is another interesting implication of a repulsive gravitational force, one 
that proves to be essential to the possibility of a wormhole time machine. Just as 
Einstein’s famous prediction (verified in 1919) from general relativity, that star 
light passing near the Sun’s edge is bent inward by the Sun’s attractive gravitational 
field, the repulsive, anti-gravity field of a wormhole will cause any light rays 
traveling through the wormhole to be bent outward. That is, a tight, narrow beam 
of radiation entering a wormhole will emerge defocused. This is crucial because, as 
you'll soon see, a wormhole time machine would otherwise be destroyed by the 
light from the dimmest candle. 

One might take the failure of astronomical searches for a double-spike light 
signature to mean that wormholes with negative mass throats (thus violating the 
WEC) simply don’t exist. But not so fast. The first hint that the possibility of a 
negative energy density might not be such a crazy idea occurred as long ago as 
1948, with a theoretical prediction made by the Dutch physicist Hendrick Casimir 
(1909-2000). As pointed out in Chap. 1, the Heisenberg uncertainty principle 
allows a temporary violation of conservation of energy to occur, with the magnitude 
of the allowed violation increasing with decreasing time duration. Even in a 
vacuum, then, with particle/anti-particle creation and annihilation spontaneously 
and continuously taking place, the average energy density being zero does not 





*7The strong energy condition says gravity is always attractive—which is clearly not true in a 
wormhole throat—and so static, traversable wormholes violate both the weak and the strong 
energy conditions. 

38H. Bondi, “Negative Mass in General Relativity,” Reviews of Modern Physics, July 1957, 
pp. 423-428. 

>°For example, general relativity says that a negative mass will repel all other masses (positive and 
negative), whereas a positive mass will attract all other masses (positive and negative). Imagine, 
then, a negative mass attached to the nose of a positive-mass spaceship. The spaceship tries to 
move toward the negative mass, while the negative mass tries to move away from the spaceship. 
So off they both go into the sky, like a cat chasing its tail. This so-called reactionless anti-gravity 
drive, bizarre as it appears, does not violate either of the conservation laws of energy or 
momentum. See G. Cavalleri and E. Tonni, “Negative Masses, Even if Isolated, Imply Self- 
Acceleration, Hence a Catastrophic World,” // Nuovo Cimento B, July 1997, pp. 897-903. 
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preclude fluctuations away from zero and so, at times, actually becoming negative. 
What Casimir showed was that if one positioned two perfectly conductive plates 
parallel to each other, then the normal quantum fluctuations of the energy density in 
this “vacuum sandwich’ would be altered in such a way as to result in their mutual 
attraction—and this (tiny) effect was later actually observed.*° 

What does it mean to ‘alter the normal quantum fluctuations’? Consider the 
creation of a photon and its anti-particle, which is another photon. From the wave 
interpretation of particles, the parallel plates restrict the photons that appear in the 
vacuum layer to those that have wavelengths that ‘fit? because those wavelengths 
are submultiples of the plate separation (this requirement follows from the fact that 
a perfectly conducting plate cannot support a non-zero tangential electric field). 
Photons with longer wavelengths than the plate separation cannot ‘fit’ and thus do 
not appear. That is, the parallel plates have created a boundary condition that has 
quantized the electromagnetic field. The absence of these ‘longer wavelength’ 
photons lowers the average energy density between the plates and, because the 
average without the plates is zero, the altered average energy density must be 
negative. Indeed, the more the maximum allowed photon wavelength decreases 
with decreasing plate separation, the more negative the average energy density 
becomes in the enclosed Casimir vacuum. The negative energy density manifests 
itself as an inward directed force per unit area (remember, energy density and 
pressure are dimensionally equivalent). 

The experimental detection of the Casimir effect was a remarkable event in 
physics. As one mathematician put it, “No worker in the field of overlap of quantum 
theory and general relativity can fail to point this fact out in tones of awe and 
reverence.”*' Robert Forward, an imaginative physicist who has appeared in this 
book earlier as an enthusiastic supporter of time travel, has described how the 
Casimir force might be used to extract energy literally from a vacuum. This is an 
idea as seemingly impossible as is the plan of one science fiction professor to 
squeeze energy out of time. As he asks his assistant, “But tell me, Bob, isn’t that a 
ridiculous thought? To take time, something intangible, invisible, incomprehensi- 
ble, and contract it — squeeze it together like a sponge?’”** The story is fun, but 
Forward’s proposal is that as well—and good physics.** Now, what does all this 
have to do with wormhole time machines? 





4° complete presentation of Casimir’s analysis, with citations to the original literature, can be 
found in L. E. Ballentine, Quantum Mechanics, Prentice-Hall 1990, pp. 399-403. For an historical, 
tutorial presentation, including Casimir’s personal comments on how he was led to make his 
discovery, see P. W. Milonni and M.-L. Shih, “Casimir Forces,’ Contemporary Physics, 
September—October 1992, pp. 313-322. 

AISA, Fulling, Aspects of Quantum Field Theory in Curved Space-Time, London Mathematical 
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Thorne and his colleagues (note 27) proposed to use the Casimir effect to 
achieve the “exotic condition” without matter. Their idea was to place identical, 
conducting, spherical plates that carry equal electric charges at each end of the 
wormhole (remember, the wormhole mouths are spherically symmetric). The two 
identical charges repel each other, but the charge size is adjusted so that the 
gravitational attraction of the plates precisely cancels the repulsion. They then 
calculated that the Casimir effect results in a negative energy density sufficient to 
provide the throat tension necessary to prevent wormhole collapse. 

There are some weird aspects to this (and perhaps that’s no surprise). For 
example, the analysis assumed that the wormhole length is very small compared 
to its radius (10~'° cm long and 200 million miles wide!), with the short length 
required because it represents the separation of the wormhole plates, and the 
smaller the separation the more negative the average energy density. (The func- 
tional dependence is as the fourth power of the separation.) Another problem is the 
balancing of the electrical repulsion and the gravitational attraction of the worm- 
hole mouth plates, as such a balance is clearly an unstable one. Finally, because the 
two spherical plates completely fill the wormhole mouths, how would a traveler 
actually get through the wormhole? The ‘answer’ was to drill a hole through the 
plates and hope that wouldn’t perturb the Casimir vacuum too much.“* 

All the above litany of the difficulties static, traversable wormholes face in simply 
existing is certainly daunting, but let’s now ignore all that and suppose we actually 
have a wormhole with both mouths in the same universe. (For use as a time machine, 
it would seem desirable for the time traveler to remain in his/her own universe!) So, 
how do we turn the wormhole into a time machine? Interestingly, while it is general 
relativity that gives us the wormhole, it is special relativity that adds the final touch 
of backward time travel. We begin by imagining that, somehow, one mouth of the 
wormhole can be moved with respect to the other mouth. One early suggestion, for 
example, was to use the gravitational attraction of a large asteroid to ‘drag’ one end 
of the wormhole, thereby inducing a time dilation effect.” 

That is, suppose we have two clocks A and B, one in each mouth of the 
wormhole. These two clocks, and all other clocks in the flat spacetime outside the 
wormhole, are initially indicating the same time and running at the same rate. Now, 
recalling the twin paradox from Chap. 3, let each mouth-clock play the role of one 
of the twins. Imagine that A and B are now separated because the mouth containing 
B is placed on board a rocket ship. The rocket ship takes a long, high-speed trip out 
into space along the straight-line path joining A and B in external space, and then 
returns, just as described in Sect. 3.5. We then unload the space traveling 
wormhole mouth (with its clock B) and reposition it at its original location. What 
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is the situation now? We can summarize matters as follows: (1) Clock A, in the 
non-moving mouth, remains in-step with the local clocks in the space outside the 
mouth. (2) Clocks A and B, both inside the wormhole, have not moved with respect 
to each other because we are assuming a very short wormhole handle, as in part 
(b) of Fig. 6.8. We can arrange for the motion of the space traveling mouth (with 
clock B) to be such that the handle is always short, and so the distance between 
clocks A and B changes by an arbitrarily small amount. Thus, clocks A and B 
remain in-step with each other. (3) Clock B, because it has been moving with 
respect to its external space, arrives back at its starting position reading behind (that 
is, earlier) than the clocks outside its wormhole mouth. 

For the sake of argument, then, suppose the journey of B is such that there is a 
two-hour time-slip between clock B and its local, external clocks. Thus, if clock B 
reads 9 A.M., the clocks outside of mouth B will read 11 A.M. But because clocks A 
and B are in-step, clock A reads 9 A.M., as do the clocks outside of mouth 
A. That is, the wormhole connecting mouth A to mouth B is a connection between 
two parts of the same universe that are two hours apart in time. Now, suppose the 
journey from mouth A to mouth B can be made through external space in one hour. 
Then, one could leave mouth A at 10 A.M., rocket to mouth B by 11 A.M., and 
travel back to mouth A via the wormhole to the starting point—where it is 9 A.M., 
one hour before the trip began! We could, in fact, imagine repeating this process, 
going back one additional hour for each new loop through the wormhole. One clear 
restriction, however, is that we could not go back in time to before the creation of 
the wormhole time machine. The wormhole works in the other direction, too. To see 
this, suppose that the space traveler leaves mouth B at 8 A.M. and rockets through 
external space to mouth A, arriving at 9 A.M. Entering mouth A, he exits from 
mouth B (where he started) at 11 A.M., two hours in the future. 

Another way to induce a time dilation effect, to convert a wormhole to a time 
machine, without moving either mouth, is to simply place one mouth in an intense 
gravitational field, that of, say, a neutron star. (Recall, from Sect. 3.3, how gravity 
influences the time-keeping rate of a clock.) As the physicists who proposed this 
idea put it, almost any interaction with surrounding matter and gravity fields almost 
inevitably turns a wormhole into a time machine.*° Others have admitted that the 
details of the origin of time dilation are probably not issues worth debating, but 
rather what is called the back-reaction is of far more concern. 

To understand the back-reaction requires mention of what is called the Cauchy 
horizon, the hyperspace surface in spacetime that separates the region where closed 
timelike lines can exist, from the region where they cannot exist. The back-reaction 
is the build-up of unbounded energy levels on the Cauchy horizon, causing its 
instability and rapid destruction. The name of the horizon comes from the “Cauchy 
problem’—named after the nineteenth century French mathematician Augustin- 
Louis Cauchy (1789-1857)—in the theory of partial differential equations. In this 
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theory a Cauchy initial-value problem is said to be well-defined if the initial 
conditions determine a unique solution, and if a continuous variation in the initial 
conditions gives a continuous variation in the solution. In that part of spacetime 
where closed timelike loops are not allowed, backward causation does not occur 
(by definition) and the laws of physics (all expressed as differential equations) 
satisfy the Cauchy condition. Outside of this chronal region, that is, beyond the 
Cauchy horizon where physics is dischronal, however, the possibility of backward 
causation raises the possibility of violating the Cauchy condition, and in such a case 
the Cauchy horizon is also sometimes called the chronology horizon.*’ 

The instability of the Cauchy horizon is caused by radiation that propagates in 
closed timelike loops that thread through the wormhole on ‘straight lines.’ This 
radiation, as shown a half-century ago,’* builds-up unbounded energy density 
levels at the horizon, and thus destroys the horizon. Thorne and his colleagues 
argued that the defocusing effect of their wormhole time machine’s repulsive 
gravity would be sufficient to counter a disruptive energy build-up on the horizon 
(note 27). Subsequent analyses have examined other possible ways to avoid 
unbounded energy density on the Cauchy horizon. For example, in one paper”? it 
was imagined that a wormhole time machine has had a circular motion induced for 
mouth B; that is, mouth B orbits around mouth A. The result is that the Cauchy 
horizon now does seem to be stable, because now there are no fixed, straight-line 
timelike loops threading the wormhole from A to B to A to B to ..... That is, B isa 
‘moving target’ and there is no point on the Cauchy horizon where the energy 
density becomes unbounded. 

Yet another approach for achieving the disruption of destructive, circulating 
energy loops through a wormhole is by placing a spherical mirror between the two 
mouths of the wormhole. Proposed by the Chinese physicist Li-Xin Li, a Li mirror 
would divert all closed null geodesics (represent circulating radiation) that poten- 
tially thread through the wormhole.*°” Such potentially fatal geodesics would, 
instead, be scattered back into space, whereas a purposeful traveler could navigate 
around the mirror and thus use the wormhole as a time machine. 
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Cauchy horizon instability from the back reaction is central to Hawking’s 
Chronology Protection Conjecture, discussed in Chap. 1. His analysis (see note 
54 in Chap. 1) led him to conclude that a physical entity—the stress-energy 
tensor—becomes unphysical on the Cauchy horizon. That is, because of time- 
traveling quantum field fluctuations of the vacuum, that tensor diverges to infinity 
at the horizon. This results in a failure of that horizon to form in the first place or, if 
it does form, in the creation of a singularity that ‘seals-off? the horizon to any 
would-be time travelers attempting to gain access to the closed timelike loops 
beyond the horizon. Others, however, argued that Hawking was mistaken in 
claiming that the divergence of the stress-energy tensor on the Cauchy horizon 
will always forbid time travel. 

In a study, for example, of a complex-valued spacetime metric (and such a 
metric is allowed in the so-called ‘sum over all possible geometries, path integral’ 
approach to the quantum theory of gravity), that has causal and non-causal 
spacetime regions separated not by a Cauchy horizon but rather by a region of 
complex geometry, the stress-energy tensor is always physical and diverges 
nowhere. The complex geometry region plays the same role as the Cauchy horizon, 
because such a region would, classically, mean that the two regions cannot be 
reached from one another, but via quantum tunneling an observer could travel 
between the two regions.” In fact, studies of stress-energy divergence actually have 
a long history. For example, the effect of an unphysical (infinite) gravitational 
and/or electromagnetic energy flux had been analyzed years before the wormhole 
time machine studies began.” The authors studied the case of a potential traveler to 
“new worlds” who tries to cross the Cauchy horizon of an electrically charged, 
non-rotating black hole. An even earlier computer study had already concluded 
that, for such a traveler, the attempt to cross the horizon “looks liable to prove a 
dangerous undertaking.”°* 

It isn’t at all clear, in fact, if a theoretical divergence of the stress-energy is the 
signature of a failure of physics. One doesn’t need anything as bizarre as a time 
machine for the stress-energy to diverge on paper. It was shown nearly 40 years 
ago, for example, that such a theoretical divergence occurs for the electromagnetic 
field near a perfectly conducting boundary.” But it is simply the unphysical nature 
of a “perfectly conducting” boundary condition that causes the divergence, not the 
fact that the field actually exists near a conducting boundary. Similarly, other real- 
life considerations (quantum gravity) may keep the stress-energy physical every- 
where in a time machine spacetime. 
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Fig. 6.9 The grandfather paradox in the billiard ball world. A billiard ball approaches mouth A of 
a time machine wormhole, dead-on center and, just before entering A, it passes without incident 
through point /. The ball then enters A and so exits mouth B in the past, just in time to pass through 
point / and hit its younger self. This impact knocks the younger ball away from A, so we have the 
familiar paradox of changing the past. That is, the impact did not occur when the ball ‘originally’ 
passed through / on its way to A and, of course, we also wonder how the ball manages to hit itself 
after leaving B if it then doesn’t enter A? 


Assuming a wormhole time machine has (somehow) become available, with its 
Cauchy horizon intact, how do the ‘paradoxes’ of time travel come into play? In an 
attempt to study the grandfather paradox, in particular, Thorne and his colleagues 
studied self-interacting billiard balls traveling backward in time through a worm- 
hole.”° They used billiard balls—see Figs. 6.9 and 6.10—rather than human time 
travelers for the same reason Wheeler and Feynman used a pellet and shutter 
mechanism in their study of advanced electromagnetic waves—to avoid any meta- 
physical questions about human free will. The central issue for them was the 
determination of the multiplicity of trajectories for a single, self-interacting time 
traveling ball, where the Cauchy condition for a well-defined trajectory in 
spacetime is unique self-consistency. 

That is, for the trajectory to be well-defined in the Cauchy sense, it was expected 
there would be exactly one consistent trajectory for a self-interacting ball. A 
multiplicity of zero, of course, would be the physics declaring backward time travel 
through the wormhole to be nonsense—and that was thought to be a distinct 
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Fig. 6.10 The principle of self-consistency in the billiard ball world. Now the ball, in passing 
through point J on its dead-on center path toward mouth A of the wormhole time machine, is 
suddenly hit a grazing blow by another ball that has just shot out of mouth B (and into the past) at 
an angle. The impact knocks the first ball slightly off its original trajectory, and it enters mouth A 
slightly off-center. Thus, the ball emerges from B into the past slightly off-center and just in time 
to glace off itself at /—which explains why it emerged from B slightly off-center! 


possibility. The actual results were, however, surprisingly different. It was found, 
under very general assumptions about the wormhole parameters, that (1) there are 
no trajectories with zero multiplicity and (2) the multiplicity is not one but rather is 
always infinity! Thus, the billiard ball form of the grandfather paradox was found to 
be not well-defined, but not for the expected reason that there was no self-consistent 
solution. Instead, it was because there are too many solutions. 

This astonishing, completely unexpected result seems to be just what is needed 
to support the viability of time machines, as it appears to allow a definition of well- 
defined in the Cauchy sense and still permit an answer to the puzzle of free will. The 
initial conditions of a time traveling ball give rise to an infinity of self-consistent 
trajectories, each occurring in the same way that a random variable takes on 
different values with each new performance of the experiment that the random 
variable is defined on. And yet, there are still unique probability density functions 
for all sets of measurements that one might make anywhere along these trajectories. 
Thus, the Cauchy problem is stochastically well-defined; at the start of any 
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trajectory, we do not know in detail what will happen except that whatever does 
happen will be self-consistent. In this probabilistic sense, then, wormhole time 
travel to the past and the retention of free will both make sense. The Russian 
physicist Igor Novikov and his colleagues continued the study of time traveling 
billiard balls,°° demonstrating that one can deduce self-consistency from the long- 
accepted principle of least action (that is, self-consistency is not an additional 
assumption to existing physics).>’ 

The one-wormhole, two-mouth time machine was actually not the first kind of 
wormhole time machine described in the physics literature. In their 1988 paper 
(note 21), Morris and Thorne initially described a time machine constructed from 
two wormholes, but they added a note-in-proof at the end that they had just 
discovered how to build a time machine using one wormhole (the machine we 
have been discussing). This reduction in the required number of wormholes was 
thought to be a technical advance, of course, and so the two-wormhole time 
machine was put aside. 

But not for long. Soon thereafter the concerns about Cauchy horizon stability 
began to surface, a concern that one-wormhole time machines might destroy 
themselves just at the instant their mouths were about to be threaded by closed 
timelike curves. As noted earlier, the negative mass wormhole throat has a 
defocusing effect on electromagnetic radiation (and so the initial concern, that 
time traveling photons might be fatal, faded)—but then it was found that vacuum 
fluctuations of quantum fields are not so defocused.°* That failure to defocus time- 
traveling vacuum polarizations (as quantum field fluctuations are called) was shown 
to result in an unphysical divergence of the stress-energy on the Cauchy horizon of 
a one-wormhole time machine.’ This sounds bad, but the hope was that the 
divergence wouldn’t actually be fatal: it appeared to be sufficiently sluggish that 
it was suggested reaching an actual infinity of the stress-energy would be precluded 
by the eventual intercession of quantum gravity. That is, the stress-energy might try 
to become unbounded as spacetime approached the formation of a time machine 
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Fig. 6.11 A two-wormhole, Roman ring time machine 


but, before it becomes so large as to destroy the time machine, quantum gravity 
would cut-off the divergence ‘in time’ (so to speak!) to save the machine. 

Hawking disagreed (in his famous Chronology Protection Conjecture—see note 
54 in Chap. 1), arguing that Kim and Thorne had made a crucial error in their 
calculations. According to Hawking, the divergence of the stress-energy may 
indeed be cut off by quantum gravity, but not before the development of spacetime 
disturbances representing perhaps a hundred million times the energy levels asso- 
ciated with ordinary chemical binding energies. These would be sufficiently big 
disturbances to raise serious doubts about the physical survival of a one-wormhole 
time machine, even in the absence of a true stress-energy infinity. Hence the 
resurrection of the two-wormhole time machine geometry. Perhaps if could avoid 
the destructive effect of time-traveling vacuum fluctuations. 

If a spacetime contains multiple wormholes, then it is called a Roman spacetime 
after the physicist Thomas Roman (at Central Connecticut State University), who 
was the originator of such spacetimes. Each of these wormholes, individually, is not 
a time machine. Together, however, they form a time machine geometry called a 
Roman configuration (or a Roman ring).° Here’s how. 

In Fig. 6.11 two pairs of wormhole mouths are labeled A, A’ and B, B’. We 
imagine that the A, A’ wormhole is stationary and that its two mouths are very far 
apart in normal space—so far apart, in fact, that if a traveler enters A and almost 
instantly (because the wormhole handle is very short in hyperspace) emerges from 
A’, it will appear to an observer at rest with respect to the wormhole that the traveler 
has moved faster than light. That is, entering A and exiting A’ are events with 
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spacelike separation. Now, imagine also that the wormhole with mouths B, B’ is 
moving past the first wormhole at speed v. To an observer in this second, moving 
frame of reference, the spacelike separation of entering A and exiting A’ can result 
in the two events being temporally reversed if v is sufficiently large (but still less 
than the speed of light). Therefore, upon emerging from A’ the traveler crosses 
normal space to the moving wormhole mouth B’, enters the wormhole, and then 
almost instantly emerges from mouth B, and finally travels again through normal 
space to mouth A. If the traveler can make the two trips in normal space in less time 
than the backward time shift achieved by the temporal reversal of entering A and 
exiting A’, then we have a time machine 

Two simultaneous analyses of the Roman ring time machine each concluded 
that, for suitable choices of sizes (the radii of the wormhole mouths, the wormhole 
lengths in normal space, the lateral offset of the two wormholes, and the relative 
speed of the wormholes), the stress-energy divergence can be limited by quantum 
gravity to an arbitrarily weak level. That is, the two-wormhole time machine is not 
necessarily destroyed by an unbounded stress-energy on the Cauchy horizon.°' But 
not all was now put right. 

Visser, in particular, had some strong reservations about the Roman ring. 
Although he granted that a quantum gravity cut-off the stress-energy divergence 
would probably occur in the Roman ring, he called the required special sizing 
conditions “bizarre,” and asserted that the resulting time machine would be quite 
useless for a human traveler in any case. For example, he calculated that only if the 
mouths of the wormholes are separated in normal space by the radius of the 
universe (!), and only if the wormhole mouths have radii on the order of that of 
an atomic nucleus, would the cut-off be sufficient to allow the putative time 
machine to avoid destruction. When Visser reduced the wormholes from universe 
size to ‘merely’ that of the distance between the Sun and the Earth, he concluded 
that it would require energy at the level of the Superconducting Supercollider 
accelerator to blast an information-bearing message through the narrow wormholes. 
And even then the ‘short’ wormholes would provide a maximum penetration into 
the past of just eight minutes. As Visser put it, “This does not seem to be a workable 
recipe for studying tomorrow’s Wail Street Journal. 

Lyutikov, on the other hand, took a far less negative stance. He concluded that 
although Visser’s calculations “make it very inconvenient for time travel 
[by humans],” nevertheless “the [principal] question of the possibility of transmit- 
ting information back in time through traversable wormholes would still remain.” 

The wormholes we have been discussing so far are static in time, but another 
approach is to allow them to be dynamic structures in spacetime. That is, to allow 
one or more of their parameters to vary with time (perhaps, for example, the throat 
diameter could collapse). Then, according to one analysis, it is possible to have a 





ong. Visser, “Van Vleck Determinants: Traversable Wormhole Spacetimes,” April 15,1994, 
pp. 3963-3980, and M. Lyutikov, “Vacuum Polarization at the Chronology Horizon of the 
Roman Spacetime,” April 15, 1994, pp. 4041-4048, both in Physical Review D. 


6.3 Thorne’s Wormhole Time Machine 317 


traversable wormhole made of normal matter and, even though it is collapsing, it 
would take so long to do so that “a space adventurer will have enough time to pass 
through the throat of the wormhole from one asymptotically flat region 
[of spacetime outside the entry mouth of the wormhole] to the other [spacetime 
region outside the exit mouth of the wormhole] before the radius of the throat 
shrinks to ... where the event horizon is developed.”°* Such a dynamic wormhole, 
it was claimed, satisfies both the weak and the dominant energy” conditions, but 
not the strong energy condition. Thus, gravity would still be repulsive in the throat, 
but this condition (which would seem to require exotic matter) was brushed aside 
because such a condition is thought to have actually occurred, on a massive scale, 
during the inflationary stage of the Big Bang™ (although how that would help in the 
construction of a wormhole in the future is a bit murky). 

Is it reasonable to think ‘useable’ wormholes, static or otherwise, can be 
acquired for the purpose of creating a time machine? At one time, Hawking was 
sure the answer is no, once writing “The philosophy of this paper is ... to look for 
vacuum polarization [the divergence of the stress-energy on the Cauchy horizon] to 
enforce the chronology protection conjecture.”©° It became increasingly apparent, 
however, that matters would be a great deal more involved and, as Hawking himself 
came to admit, “the fact that the energy-momentum tensor fails to diverge 
[in certain special cases of time machine spacetimes] shows that the back reaction 
does not enforce chronology protection.”.°° 

I think the best (and most honest) way to respond to the ‘reasonable’ question 
that opened the previous paragraph is with words from 20 years ago, by the Russian 
astrophysicist Serguei Krasnikov, words still valid today: “It may well be that the 
vacuum fluctuations do make the time machine unstable, but nothing at present 
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suggests this. All we have are a few simple examples. In some of them the energy 
density diverges at the horizon and in some does not. So, the time machine perhaps 
is stable and perhaps is mot?" 

The daunting level of technology required to build a wormhole (with or without 
exotic matter) doesn’t mean we can’t search for existing wormholes. Perhaps, for 
example, vast wormhole networks were formed naturally at Big Bang time, as 
described in Gregory Benford’s 1997 novel Foundation’s Fear, where wormholes 
are “leftovers from the Great Emergence [the Big Bang].” Or perhaps “advanced 
civilizations” long ago constructed a vast, pan-galactic ‘subway system’ of worm- 
holes like the one described in Carl Sagan’s 1985 novel Contact (and dramatically 
illustrated in the 1997 film). 

Of course, any such wormhole, if found (via its double-spike light signature, for 
example), could be a very long way from Earth. It might even be in another galaxy. 
So, even if we found a wormhole, what could we do with it? Surprisingly, maybe a 
lot. The Russian physicists Igor Novikov and Andrei Lossev (note 56) suggested 
that a wormhole might be very useful even if its location is completely unknown, 
even if we haven't yet even discovered it! The only assumption they made was that 
the wormhole has existed for a “sufficiently long time” (and precisely what that 
means will be explained in just a bit). With that assumption, they showed how to 
make an information-creating time loop. Here’s how they did that. 

They began their analysis by assuming that people have no knowledge of how to 
build spacecraft that can make the interstellar voyage to the distant wormhole, even 
if they knew in which direction to go to reach the mouth that leads backward in time 
(mouth B). Instead, they build an automatic spacecraft construction plant that can 
follow any detailed sequence of instructions provided to it, and then stockpile it 
with a supply of raw materials (energy, steel, plastic, computers, and so on). When 
the spacecraft construction is done (how that is done is explained in the next 
paragraph), the last step before launching the spacecraft toward mouth B will be 
to load the on-board computer with the following three pieces of information: 


1. The detailed sequence of instructions to be followed in the construction of the 
spacecraft; 

2. The direction from Earth to mouth B; 

3. The direction from mouth A (the wormhole exit mouth in the past) back to Earth. 


To summarize, people build the automatic plant, load it up with raw materials, 
and then withdraw. This last step is crucial, because it eliminates human free will 
from further consideration, that is, it removes any temptation to create a bilking 
paradox. So, what happens next? 

Lossev and Novikov suggest that what happens next is that a very old spacecraft 
suddenly appears in the sky and lands next to the automatic construction plant. In its 
on-board computer are items a, b, and c. Using item a, the automatic plant makes a 





67§_ V. Krasnikov, “Quantum Stability of the Time Machine,” Physical Review D, December 
15, 1996, pp. 7322-7327. 
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new spacecraft, then loads the new on-board computer with items a, b, and c from 
the very old spacecraft’s on-board computer, and then the new spacecraft is 
launched toward mouth B (using the information of item b). The very old spacecraft 
is given an honored place in a museum. 

The new spacecraft arrives at the distant mouth B in the far future, by which time 
it is, of course, an old spacecraft (but not yet a very old spacecraft). It then plunges 
into mouth B and almost immediately emerges from mouth A, in the past. Indeed, it 
repeats this process as many times as required until it is in the far distant past, at a 
time even before it left Earth. (It might seem that to do this, the spacecraft’s 
computer memory needs a fourth piece of information, the direction from mouth 
A back to mouth B, but in fact items b and c are sufficient for the old spacecraft to 
find its way from A to B.) It is now clear how long the wormhole must have been in 
existence. The old spacecraft repeatedly uses the wormhole time machine until it is 
so far in the past that it can cruise back to Earth at normal speed (it knows the way 
back because of item c) and arrive as a very old spacecraft, just in time to be placed 
in the museum! 

As Lossev and Novikov pointed out, this remarkable, looped sequence of events 
has increased knowledge from what it was at the time just before the automatic 
construction plant was built. People now know both how to build an interstellar 
spacecraft, and the locations of both mouths of the wormhole. They also now 
possess a very old, used spacecraft. It is curious to note that although the informa- 
tion in the very old spacecraft’s computer memory has traveled on a closed time 
loop, the very old spacecraft itself has not. This is because the spacecraft left Earth 
when new, but arrived back (before it left) as very old, whereupon it promptly 
entered a museum. There is therefore no question about the origin of the very old 
spacecraft, but where did the information of items a, b, and c come from? Lossev 
and Novikov say it came from the energy gained by the spacecraft as it interacted 
(will interact?) with the rest of the universe while on its journey. 

Nobody said time travel isn’t weird! 


6.4 Gott’s Cosmic String Time Machine 


“It’s an amazingly simple solution. It doesn’t take much physics to understand it.” 
—MIT astrophysicist Alan Guth, on Gott’s discovery of the cosmic string time 
machine®® 


“Louise, working out the spacetime geometry of a cosmic string is a hard problem in 
general relativity. But, given that geometry, all the rest of it is no more than Pythagoras’ 
theorem ...” 

—a character in Stephen Baxter’s 1994 novel Ring, agreeing with Guth. 





*8Quoted from J. Travis, “Could a Pair of Cosmic Strings Open a Route Into the Past?” Science, 
April 10, 1992, pp. 179-180. 


320 6 The Physics of Time Travel: II 


A new way to gain access to closed timelike curves, without the involvement of 
the exotic matter needed by negative-mass wormholes, was described in 1991 by 
the Princeton physicist J. Richard Gott.” Gott gave exact solutions to Einstein’s 
gravitational field equations for what are called cosmic strings, solutions that 
(1) unlike wormholes, do not violate any of the energy conditions, (2) unlike 
black holes have no crushing singularities or event horizons, and (3) are not 
topologically multiply connected. 

Cosmic strings are fantastically thin (10-*8 cm in radius) filaments of pure 
energy that are thought to stretch the width of the universe and to have an enormous 
linear mass-energy density of 10°° g/cm. To generate closed timelike paths in 
spacetime, Gott required that either two fast-moving (which means moving at 
practically the speed of light) parallel cosmic strings pass each other on a near- 
collision course, or that there be a closed-loop string that collapses in a slightly 
non-planar manner so that the opposite, nearly straight sides ‘just miss.’ The 
gravitational interaction of the passing strings can ‘warp’ spacetime enough to 
produce closed timelike curves. 

A hint at the possibility of violating causality with strings had appeared before 
Gott’s work, but those authors didn’t take the time travel implications seriously. As 
they wrote, “We argue ... that any realistic model [for a spinning string with 
angular momentum ”’] ... will not have closed timelike curves.””! Gott, however, 
showed that as two strings pass each other, closed timelike loops do encircle the 
strings. 

Gott, who appears to be far less rigid in his view of time travel than are many of 
his fellow physicists, held out an escape to those who pale at the very thought of 
time travel to the past. Perhaps, he suggested (following in the footsteps of an 
analysis by Hawking”’), as the strings (or string-loop sides) pass, a black hole will 
form with an event horizon that will seal-off the closed timelike curves from any 
would-be time traveler. Or perhaps, he further suggested, the more realistic case of 
non-singular strings (that is, strings with non-zero-filament radii) and possessing 





J. R. Gott, “Closed Timelike Curves Produced by Pairs of Moving Cosmic Strings: Exact 
Solutions,” Physical Review Letters, March 4, 1991, pp. 1126-1129. 

7°The two strings in a Gott-pair are not necessarily spinning, and no such assumption was made by 
Gott. They don’t even have to be parallel. If the strings have no spin, then it takes two strings to 
make a time machine. If spin is allowed, however, then just a single string will suffice for time 
travel: see S. Deser and R. Jackiw, “Time Travel?” Comments on Nuclear and Particle Physics, 
September 1992, pp. 337-354. 

"D, Harari and A. P. Polychronakas, “Gravitational Time Delay Due to a Spinning String,” 
Physical Review D, November 15, 1988, pp. 3320-3322. 

”S§. W. Hawking, “Gravitational Radiation from Collapsing Cosmic String Loops,” Physics 
Letters B, August 23, 1990, pp. 36-38. 
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Fig. 6.12 The deficit angle in spacetime formed by a cosmic string 


spin would banish the terrifying closed timelike curves. Subsequent analyses along 
those lines, however, continued to find the time travel implications intact.’~ 
Here’s how the cosmic string time machine works. In an earlier work,’ 
published in 1985, Gott discovered that a cosmic string warps spacetime in a highly 
characteristic way, as shown in Fig. 6.12. A stationary cosmic string is imagined as 
perpendicular to the xy-plane (the plane of the page) and passing through the page at 
the point (0, d) on the y-axis. The warp produced by the string is as though a wedge 
of angle 2a (this angle is called the deficit angle) were cut out of spacetime and the 





73See, for example, B. Jensen, “Notes on Spinning Strings,” Classical and Quantum Gravity, 
January 1992, pp. L7-L12, H. H. Soleng, “A Spinning String,” General Relativity and Gravita- 
tion, January 1992, pp. 111-117, (the next two are in the Physical Review D), B. Jensen and H. H. 
Soleng, “General-Relativistic Model of a Spinning Cosmic String,” May 15, 1992, pp. 3528-3533, 
and M. Novello and M. C. M. da Silva, “Cosmic Spinning String and Causal Protecting Capsules,” 
January 15, 1994, pp. 825-830. 

™4J_R. Gott, “Gravitational Lensing Effects of Vacuum Strings: Exact Solutions,” The Astrophys- 
ical Journal, January 15, 1985, pp. 422-427. Gott’s discovery was independently reported in 
W. A. Hiscock, “Exact Gravitational Field of a String,” Physical Review D, June 15, 1985, 
pp. 3288-3290. 
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Fig. 6.13. The warped, conical spacetime around a cosmic string, An observer in this spacetime 
thinks she is distance 7 from the string, but a ‘meta-observer’ sees that she is actually distance r 
from the string. Thus, if the observer follows a complete circular path around the string, she will 
travel a distance of 2ar <2zr. The observer in the spacetime will interpret this result by saying 
that the angle 2z is really 27 minus ‘a deficit’ 


edges of the cut were then ‘glued’ together; for example, points C and D are 
identified as identical. The reason for the term deficit angle is that at radius 
r from the string, a circular path around the string has the reduced length 
(2a — 2a)r, and not the usual 2zr (spacetime around the string, while /ocally flat, 
is actually ‘conical,’ as illustrated in Fig. 6.13). 

The deficit angle is equal to 82 radians (in a system of units where G, Newton’s 
gravitational constant, is 1) if the linear mass-energy density y is expressed in units 
of Planck masses per Planck length. For example, = | corresponds to 1.35 x 10 
g/cm (think of something on the order of the mass of the Earth per inch of the 
string). For ‘more typical’ values—say a ‘mere’ = 10” g/em, 2a= 0.001 . While 
Gott’s paper had appeared 5 months before Hiscock’s (see note 74), it is evident that 
Hiscock’s work was done before he became aware of Gott’s. Both papers treat exact 
derivations of the deficit angle but, in fact, the correct expression had actually been 
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published 4 years earlier (but from a linearized form of the gravitational field 
equations and so the result was not as ‘conclusive’ as are Gott’s and Hiscock’s)”” 

Now, consider the two points S and F on the x-axis at (%o,0) and (—xo, 0) in 
Fig. 6.12. Suppose we want to send photons from S to F’. In normal, ‘unwarped’ 
spacetime, the direct path from S to F through the origin has length 2x9. There is 
also another possible path, however, S to C/D to F, that loops out and around the 
cosmic string. Indeed, this second path is simply the path a gravitationally lensed 
photon would take (an observer at F would see two images of $) and this—not time 
travel—is the issue that originally attracted Gott’s attention to cosmic strings.’”° 
If the deficit angle were zero, then this alternative path would always be longer than 
2x, for any value of xo. For the case of 2a>0, however, if xp is large enough 
(Xo >> d), then it is possible for ‘around the string and over the missing spacetime 
wedge’ path to be shorter than the direct path. 

The indirect path provides a way for a subluminal trip (say, by rocket) from S$ to 
F to beat a photon traveling on the direct path. That is, the two events of the ‘rocket 
leaving S ° and the ‘rocket arriving at F’ are spacelike separated. Thus, it is 
possible to find a moving frame of reference in which these two events are reversed 
in temporal order. In that frame of reference, the cosmic string (which is 
stationary in the reference frame of S§ and in that of F’) will move—at speed v, 
say—in the +x direction, and in that frame of reference the rocket will arrive at F 
before it leaves S.”" 

Then to complete the construction of a closed timelike path, simply repeat the 
process as shown in Fig. 6.14. That is, after the rocket arrives at F, have it turn 
around and fly back to S out-and-around and through the deficit angle spacetime 
warp due to a second cosmic string on the negative y-axis and perpendicular to the 
xy-plane. This second string is moving at speed —v (that is, opposite to the first 
string), so the rocket will arrive at S before it leaves F. But that means it arrives at 
S before it leaves S; that is, the rocket has traveled into the past. In other words, the 
rocket has traveled into the past. This entire process is precisely the same idea 
behind the two-wormhole Roman-ring time machine discussion from the previous 
section. 

Now, instead of having two oppositely moving reference frames, one in which 
the top, stationary string at (0,d) appears to be moving at +v and another frame in 





OK Vilenkin, “Gravitational Field of Vacuum Domain Walls and Strings,” Physical Review D, 
February 15, 1981, pp. 852-857. 

7©Just as discussed earlier in the context of wormholes, gravitational lensing may offer a way to 
detect cosmic strings. See, for example, the two papers by D. L. Ossipov, “Diffraction of Light by a 
Cosmic String,” November 1995, pp. 765-771, and “Contribution of Strings to the Observed 
Variability of Extragalactic Sources of Radiation,” September 1996, pp. 419-425, both in JETP 
Letters. 

For this to happen, however, v must be very close to the speed of light. Gott (see note 69) showed 
that with v= tanh (6), the condition for the rocket to arrive back at S before it leaves S is cosh(0) 
sin (a) > 1, where ais one-half the deficit angle. For » = 10°” g/cm, this gives v = 0.99999999995 
(times the speed of light). 
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Fig. 6.14 Gott’s spacetime, formed by joining two oppositely moving versions of the spacetime in 
Fig. 6.13 


which the bottom, stationary string appears to be moving at —v, we can imagine an 
observer in the stationary center-of mass frame watching two strings that are 
moving at +v and —v. This leaves the situation unchanged, so in the center-of- 
mass frame the rocket does travel into the past, arriving back at S before it leaves S. 
That is, the rocket has traveled all the way around a closed timelike world line. 
Note, too, that the geometric condition mentioned earlier of x9 >> d immediately 
implies that for xp not sufficiently large, there isn’t a closed timelike path from S to 
F and then back to S; that is, there is a region in Gott’s spacetime where such time 
travel journeys cannot occur. 

Another physicist pursued Gott’s analysis in an attempt to see whether these ‘time 
travel paths’ are created as the strings approach each other or, instead, if the paths 
exist at other times as well.”* This important question gets to the idea of whether 
such time machine paths can be intentionally created by humans via a dynamical 
process (a strong time machine), or whether all such paths have existed since the 
formation of the universe (a weak time machine). This issue involves Hawking’s 





78. Ori, “Rapidly Moving Cosmic Strings and Chronology Protection,” Physical Review D, 
October 15, 1991, pp. 2214-2215. 
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chronology protection conjecture, which you’II recall asserts that the laws of physics 
will always (somehow) prevent the creation of a time machine. One reason Hawking 
repeatedly gave for believing the Conjecture is the apparent absence of time 
travelers from the future among us now (in their past). The only possible exception 
allowed by the Conjecture is the creation of closed timelike loops at the moment the 
universe was created (at that moment there was no past for time travelers to invade!). 
Ori proved that the closed timelike loops around Gott’s cosmic strings are always 
present: that is, a time machine is not created by the near collision of the strings. 
Thus, Hawking’s Conjecture is nor refuted by Gott’s spacetime. 

One very curious issue is where the closed time loops are before the strings pass 
one another. As mentioned briefly by Ori, and further discussed by others,’” the 
time loops are initially at spatial infinity. To this concern, Gott and a colleague 
made the following very strong reply: 


“[A problem] Deser et a/. present with respect to the Gott spacetime is that it contains 
CTC’s at spacelike infinity; this is supposed to be an unacceptable boundary condition. We 
wonder, however, how they know so much about boundary conditions at spacelike infinity. 
In our own Universe we do not know what spacelike infinity looks like (if it exists) since we 
have not seen it yet. We certainly have no way of knowing whether or not there are CTC’s 
there. The working physicist is, of course, free to impose simple and convenient boundary 
conditions (e.g., asymptotic flatness) on a system in order to isolate and understand the 
processes occurring within it. But boundary conditions are tools of physicists, and they 
should not be confused with laws of physics [my emphasis]. There may be such laws of 
nature that restrict the possible structure of spacelike infinity, and even prohibit CTC’s 
there, but in the absence of evidence such laws should not be postulated ad hoc.”*° 


Still, as Ori had observed the year before, having time loops collapsing inward 
from infinity toward humans who might, fortuitously, wish to use them at just the 
instant they so conveniently arrive, is “a situation which has little to do with the 
creation of a time machine by a human being [my emphasis].”*! 

The most damning objection to Gott’s cosmic string time machine came, ironi- 
cally, from Gott himself. The two-string spacetime of Fig. 6.14 might actually, he 
and a colleague wrote (see Li and Gott, note 66) be destabilized by the non-zero mass 
of any would-be time traveler. They suggest that this concern could perhaps be 
‘solved’ by assuming that the time traveler and her spaceship have a spherically 
symmetric mass distribution surrounded by a negative-mass shell to give zero net 
mass (and thus a zero net gravitational field that would not destroy the closed 
timelike curves of the strings). But that, they further observed, would negate the 
crucial advantage—no exotic matter and so no violation of the weak energy condi- 
tion—that a cosmic string time machine enjoys over a wormhole time machine. 





See, for example, S. Deser, et al., “Physical Cosmic Strings Do Not Generate Closed Timelike 
Curves,” Physical Review Letters, January 20, 1992, pp. 267-269. 

89M. P. Headrick and J. R. Gott, “(2+1)-Dimensional Spacetimes Containing Closed Timelike 
Curves,” Physical Review D, December 15, 1994, pp. 7244-7259. 

81. Ori, “Must Time-Machine Construction Violate the Weak Energy Condition?” Physical 
Review Letters, October 18, 1993, pp. 2517-2520. 
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Does a trip around a pair of cosmic strings present other problems aside from the 
sheer fantastic physics of the strings themselves? Well, I think “turning the rocket 
around at F and flying back to S” is a lot easier to write than it would be to actually 
do! The entire trip has to occur while the strings (moving at essentially light speed) 
are in a position fo be flown around. As one character says to another in Stephen 
Baxter’s novel Ring, “Louise, the strings are traveling just under the speed of 
light—within three decimal places of it, actually. [Our ship is] traveling at a little 
over half-light speed. The turning curves, and the accelerations, are incredible...” I 
think so! And I do wonder who—or what(!)—is actually controlling a maneuvering 
rocket traveling faster than me 


6.5 Cutting and Warping Spacetime 


“The warp drive spacetime of Alcubierre is impossible to set up ... one needs to transcend 
the speed of light in order to construct the warp drive in the first place ... put roughly, you 
need one to make one!”** 


In this chapter we’ve talked about the physics of three specific time machine 
‘implementations’: the rotating cylinder, the wormhole, and the cosmic string. One 
can also discuss the ‘construction’ of a time machine in a more geometrical (yet still 
physical) way by performing what is called spacetime surgery to arrive at what is 
often referred to as a Deutsch-Politzer spacetime (after the two physicists who are 
closely associated with it®’). With this surgery we arrive at a simple spacetime 
picture of the grandfather paradox (as you’ll soon see). 

We start with a flat, two-dimensional Minkowski spacetime, the x,t system in 
Fig. 6.15, and then imagine that (somehow) two cuts in that spacetime come into 


Fig. 6.15 Minkowski 
spacetime transformed into 
a time machine with two 
‘cuts’ 











82D. H. Coule, “No Warp Drive,” Classical and Quantum Gravity, August 1998, pp. 2523-2527, 
offering a pessimistic view of warp drive. 

®3See D. Deutsch, “Quantum Mechanics Near Closed Timelike Lines,” November 15, 1991, 
pp. 3197-3217, and H. D. Politzer, “Simple Quantum Systems with Closed Timelike Curves,” 
November 15, 1992, pp. 4470-4476, both in Physical Review D. 
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existence. These cuts are the two horizontal dashed lines in the figure, one with an 
arrowhead going into it, and one with an arrowhead coming out of it (each labeled 
with ‘2’). We further imagine that each cut has two edges, with the upper edge of 
the lower cut ‘glued’ to the lower edge of the upper cut (and the lower edge of the 
lower cut ‘glued’ to the upper edge of the upper cut 

These ‘gluing’s’ explain why the arrowhead marked 2 into the lower cut at time 
t; emerges from the upper cut at time f, > f,, and why the arrowhead marked | into 
the upper cut at time f) emerges from the lower cut at time t < fa. The 2-line is the 
world line of a particle that simply disappears from spacetime during t, <<t<h, 
while the 3-line is the world line of a particle trapped in an endless time loop 
(remember the 1993 film Groundhog Day?). Clearly, the sub-region of spacetime 
between the two cuts is not ‘normal’ spacetime. In fact, the 1-line shows that we 
have encountered a time machine spacetime, as a particle entering it from t< tf, 
(passing to the right of the lower cut) can enter the lower edge of upper cut at t = fy 
and so emerge from the upper edge of the lower cut at the earlier time t=t, and 
thus interact with itself before it entered the upper edge! And that, of course, sets-up 
a grandfather paradox situation. 

This picture leaves one thing obviously (and glaringly) unexplained—just how 
does one cut and glue spacetime? The reason, in spite of that question, that 
physicists nonetheless study situations depicted in Fig. 6.15, is because it allows 
them to explore what could happen if through some (yet unknown) process a time 
machine spacetime should suddenly appear. Who says physicists aren’t optimists? 

The idea of modifying spacetime itself to ‘make’ a time machine (look back in 
Sect. 3.5, at the discussion there on what it means to solve the gravitational field 
equations) has also appeared in connection with another of science fiction’s favorite 
ideas, one almost as spectacular as time travel: the FTL warp drive. The lure of 
interstellar FTL travel, for both science fiction enthusiasts and physicists is, of 
course, simply undeniable. Consider, for example, these words by a Russian 
physicist: 

“Everybody knows that nothing can move faster than light. The regrettable consequences of 

this fact are also well known. Most of the interesting or promising candidates for coloni- 

zation are so distant from us that the light barrier seems to make an insurmountable obstacle 
for any expedition. It is, for example, 200 pc [1 parsec is equal to about 3.2 light-years] 
from us to the Pole star, 500 pc to Deneb [the brightest star in the constellation Cygnus], and 
~10 kpc to the center of the Galaxy, not to mention other galaxies (hundreds of kiloparsecs). 

It makes no sense to send an expedition if we know that thousands of years will elapse 

before we receive its report. On the other hand, the prospects of being confined forever to 

the Solar System without any hope of visiting other civilizations or examining closely black 


holes, supergiants, and other marvels are so gloomy that it seems necessary to search for 
84 
some way out.” 





848. V. Krasnikov, “Hyperfast Travel in General Relativity,” Physical Review D, April 15, 1998, 
pp. 4760-4766. Possible travel distances have been greatly reduced since Krasnikov wrote. In 
2011, for example, astronomers announced the discovery of a red dwarf star with three planets 
(each of mass comparable to Earth’s), all in the star’s so-called habitable zone (where water can 
exist on the surface in the liquid state). All three planets are solid (not gaseous as are Jupiter, 
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In response to that, we might ask if FTL trips will someday be made by humans 
in spaceships? Maybe—but only if such journeys can be made in a very unordinary 
spacetime. That is, continuing with Krasnikov’s passage: 


“The point ... is that [whereas the light barrier exists in special relativity] in general 
relativity one can try to change the time necessary for some travel not only by varying one’s 
speed [as in special relativity] but also ... by changing the distance one has to cover.” 


To understand what Krasnikov was getting at, let’s consider the theoretical 
analysis made 4 years earlier by the Mexican mathematical physicist Miguel 
Alcubierre on, astonishingly, how to make a Star Trek warp drive!® He did this 
by demonstrating a spacetime metric that, by literally expanding and contracting 
the local spacetime of a spaceship and its neighborhood, achieves space travel 
between any two points, no matter how far apart, in arbitrarily little elapsed time 
(for both the spaceship, and external non-spaceship observers, there is no time 
dilation effect®*). 

Alcubierre opened his analysis with words designed to explain how FTL travel is 
possible, given all that P’ve told you earlier in this book about how FTL travel is not 
possible (according to special relativity). As he wrote, 


“Since our everyday experience is based on a Euclidean space, it is natural to believe that if 
nothing can locally travel faster than light then given two places that are separated by a 
proper spatial distance D, it is impossible to make a round trip between them in a time less 
than 2D/c (where c is the speed of light), as measured by an observer that always remains at 
the place of departure. Of course, from our knowledge of special relativity we know that the 
time measured by the person making the round trip can be made arbitrarily small if his 
(or her) speed approaches that of light. However, the fact within the framework of general 
relativity and without the need to introduce non-trivial topologies (wormholes), one can 
actually make such a round trip in an arbitrarily short time as measured by an observer that 
remained at rest will probably come as a surprise to many people.” 


That last sentence is almost surely a grand understatement, and Alcubierre 
quickly went on to explain. 


“The basic idea can be more easily understood if we think for a moment of the inflationary 
phase of the early Universe, and consider the relative speed of separation of two co-moving 
observers. It is easy to convince oneself that, if we define this relative speed as the rate of 
change of proper spatial distance over proper time, we will obtain a value that is much 
larger than the speed of light. This doesn’t mean that our observers will be travelling faster 





Saturn, Neptune and Uranus) and so, as potentially habitable, are candidates for a visit. The star 
and its planets are ‘only’ 22 light-years from Earth. In Star Trek, FTL speed is described by the 
warp factor, which is the cube-root of the multiple of the speed of light at which the spaceship 
Enterprise travels. So, for example, to make the journey from Earth to the red dwarf in one month 
of ship time (see ahead also to note 86), the required FTL speed would be 264 times the speed of 
light, or warp factor 6.4. In science fiction, a warp drive is imagined as the means for achieving 
such speeds. 

85M. Alcubierre, “The Warp Drive: Hyper-fast Travel Within General Relativity,” Classical and 
Quantum Gravity, May 1994, pp. L73-L77. 

%°That is, the passage of time on the spaceship is identical with the passage of time on Earth. With 
the warp drive, there is no twin paradox. 
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than light: they always move inside their local light-cones [my emphasis]. The enormous 
speed of separation comes from the expansion of spacetime itself.” 


In a similar fashion, a contraction of spacetime can result in being able to 
approach an object at FTL speed. 

In fact, we’ve actually already encountered one way to obey special relativity’s 
local limit on speeds to that of light, while still achieving superluminal speed on a 
global level. That is, we could do that if general relativity really does allow 
wormholes in spacetime (what Alcubierre calls a “non-trivial topology’). That’s 
because we can imagine a wormhole connecting two points in space that are light- 
years apart in that space, and yet the distance through the wormhole itself is quite 
short. Thus, a spaceship transiting the wormhole could do so at subluminal speed at 
all times, and yet to an observer in normal space the speed would appear to be far in 
excess of the speed of light. 

Determining just how to achieve the spacetime warp, however, is far different 
from simply demonstrating that such a warp is consistent with the general theory of 
relativity. The 1996 movie Star Trek: First Contact, for example, is about the 
invention of the warp drive in the twenty-first century. The whole thing fits inside a 
discarded ICBM which, as you’ll soon see, is a vast underestimation of the 
technology required to control the energies associated with a real warp drive. For 
a spacetime engineer to build the warp drive bubble means she has to determine the 
required mass-energy distribution that results in Alcubierre’s assumed spacetime 
metric. And that brings us to the central problem of the warp drive—the warp drive 
engine of an FTL starship requires (just like a wormhole) exotic matter (negative 
energy)—stuff that violates all the usually assumed energy conditions of general 
relativity.*’ 

The weak, strong, and dominant energy conditions are a// violated because the 
Alcubierre spacetime warp requires a negative energy density in the ‘skin’ of the 
warp bubble. As discussed earlier, in connection with wormholes, negative energy 
density can be achieved on a microscopic scale, but for the Alcubierre warp drive 
we are talking about a Jot of exotic matter. In their paper, Pfenning and Ford 
calculated that, for what they called “a macroscopically useful warp drive” with a 
radius of 100 m “so that we may fit a ship inside [the warp bubble],” the negative 
energy required for the warp bubble is on the order of, as they so graphically put it, 
“roughly ten orders of magnitude greater than the [energy of the] total mass of the 
entire universe.” 

Two years later, after making some adjustments to the spacetime metric assumed 
by Alcubierre (that is, to the distribution of mass-energy to produce the warp 
bubble), it was shown that the negative energy required by the warp drive could 





87M. J. Pfenning and L. H. Ford, “The Unphysical Nature of ‘Warp Drive’,” Classical and 
Quantum Gravity, July 1997, pp. 1743-1751. See also K. D. Olum, “Superluminal Travel Requires 
Negative Energies,” Physical Review Letters, October 26, 1998, pp. 3567-3570. 
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be greatly reduced.** The reduction is, in fact, spectacular, but only in a relative 
sense (you can reduce a mass that is ten orders of magnitude greater than that of the 
entire universe by a huge factor and still be left with a pretty stupendous number). 
The reduced amount of negative energy required for a warp bubble able to contain a 
human-sized spaceship is now down to ‘only’ “of the order of a few solar masses 
[—1.4 x 10°° kg].” 

As mentioned earlier, in connection with the Casimir effect and its theoretical 
use in a wormhole time machine, although quantum field theory does not preclude 
negative energy densities, that does not mean it is possible to observe arbitrarily 
large negative densities for arbitrarily long times. In fact, certain quantum inequal- 
ities (QI’s), much like Heisenberg’s uncertainty principle, have been established 
that place bounds on the magnitude and duration of observable negative energy 
density.*? These QI’s have the general form of 


pts > —C 


where C is a positive constant that depends on the nature of the particular quantum 
field being considered, fg is the time duration, and 7 is the integrated energy density 
along a finite section of a geodesic (free fall) world line. The form of the QI shows 
that as fo increases, p must quickly decrease. For example, if fg doubles, then p must 
decrease by a factor of sixteen, a result that caused Ford and Roman to conclude that 
it “appears probable that nature will always prevent us from producing gross 
macroscopic effects with negative energy.” 

“When it rains it pours,’ goes an old saying, and that applies to the warp drive’s 
potential difficulties: in addition to the need for exotic matter, there are two more 
concerns as well, both operational in detail. First, running into any space matter 
encountered by the leading edges of the warp bubble (where spacetime is shrink- 
ing), such as interstellar dust, would certainly generate intense radiation. The ship, 
then, should carry plenty of shielding which, curiously, would not be a problem 
because the energy density of the warp, itself, is independent of the mass in the 
bubble’s interior. In any case, the warp drive should clearly not be engaged 
anywhere near any sizeable chunk of matter, like a planet (and, indeed, that 
constraint was followed in Star Trek). Second an even more severe problem was 
discovered by Krasnikov. In unpublished work he showed that the ship at the center 
of the bubble is not causally connected to the edges of the bubble. That is, the ship’s 





88C. van den Broeck, “A Warp Drive with More Reasonable Total Energy Requirements,” 
Classical and Quantum Gravity, December 1999, pp. 3973-3979. 

89TH. Ford and T. A. Roman, “Restrictions on Negative Energy Density in Flat Spacetime,” 
Physical Review D, February 15, 1997, pp. 2082-2089. For some interesting remarks about the 
QI’s, see J. F. Woodward, “Twists of Fate: Can We Make Traversable Wormholes in Spacetime?” 
Foundations of Physics Letters, April 1997, pp. 153-181. 
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crew could not create a warp bubble on demand and, after it had been created, could 
not control it on demand.” 

It is important to both understand what that means, as well as what it does not 
mean. The causality issue does not mean that Alcubierre warp bubbles are impos- 
sible to create (perhaps they are, but not because of a lack of causality). It only 
means that whatever action is required to change the spacetime metric to make a 
warp bubble has to already have been done before the decision to use the bubble is 
made. Thus, a warp bubble wouldn’t be of any use for a starship that needs to escape 
a sudden, unexpected threat. But, as Everett and Roman cautiously observe, the 
warp bubble might have a more mundane use: “Suppose space has been warped to 
create a bubble traveling from Earth to some distant star, e.g., Deneb, at 
superluminal speed. A spaceship, appropriately located with respect to the bubble 
trajectory, could then choose to enter the bubble, rather like a passenger catching a 
passing trolley car, and thus make the superluminal journey.” 

At the end of his paper (note 85) Alcubierre briefly speculated on the possibility 
of using his superluminal warp drive to build a time machine (showing, again, the 
intimate connection between the two concepts—look again at note 12 in Chap. | for 
how the connection between FTL and time travel appeared in pulp science fiction), 
but didn’t show how. That was done 2 years later by Everett using, not surprisingly, 
an argument he called “reminiscent of the ‘reinterpretation principle’ ... which 
played an important role in discussions of the physics of tachyons.”?! 

In an attempt to avoid the Alcubierre bubble’s causality problem, Krasnikov 
looked for a different, causal superluminal spacetime metric. This he succeeded in 
finding” but, rather than describing a bubble, Krasnikov’s warp is in the shape of a 
tube. The interior of the tube is flat spacetime, just as in the case of the bubble warp, 
but unlike the bubble there would be a causal link between the spaceship crew and 
the tube. Just as the warp bubble requires very thin walls (on the order of a few 
thousand Planck lengths) of negative energy, so does the Krasnikov tube warp. 
Unlike the bubble warp, however, the tube warp stretches the entire length of any 
proposed trip, so the total negative energy in the warp is incredibly huge. For a tube 
a mere one meter long and one meter wide, for example, the total negative energy is 
10°8 solar masses, and to create a tube from Earth to just the nearest star would 
require 10“* solar masses of negative energy!°* 

One curious feature of the Krasnikov warp is that the outbound leg of a round 
trip cannot be made in less time than required by light. But on the on the return half 





°°A. E. Everett and T. A. Roman, “Superluminal Subway: the Krasnikov tube,” Physical Review 
D, August 15, 1997, pp. 2100-2108. 

°1A. E. Everett, “Warp Drive and Causality,” Physical Review D, June 15, 1996, pp. 7365-7368. 
Recall the discussion of the RP in Chap. 5. 

°?See notes 84 and 90. 

°3Tn the same manner as the huge negative energy of the Alcubierre warp drive was later reduced 
(see note 88), the Krasnikov tube’s enormous negative energy requirement was later significantly 
reduced: see P. Gravel and J. Plante, “Simple and Double Walled Krasnikov Tubes I: tubes with 
low mass,” Classical and Quantum Gravity, February 2004, pp. L7-L9. 
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of the journey, a traveler would find the spacetime metric so altered (because of 
mass-energy manipulations purposely made on the outbound half) that she would 
move “backwards in time.” The net result is that the round trip could end arbitrarily 
soon after it started! As Everett and Roman cautiously concluded, the Krasnikov 
tube is a “very unlikely possibility,” but it would make a wonderful science fiction 
gadget, don’t you think? 

While the Alcubierre warp may seem to be an incredible discovery (it is), it was 
not a unique one. That’s because just 8 years later a different warp metric was 
discovered by the Portuguese mathematician José Natario, in which the expansion/ 
contraction of spacetime does not occur. As Natario wrote, this signature feature of 
the Alcubierre warp drive “is but a marginal consequence of the choice [for the 
spacetime metric/mass-energy distribution].”°* Rather than thinking of the warp 
bubble as being propelled by the push-pull of spacetime expansion/contraction, 
Natario wrote that “one could best describe the warp-drive spacetime as ‘sliding’ 
the warp-bubble region through space”: that is, as analogous to a California surfer 
riding a wavefront. The surfer is motionless with respect to the water in the 
immediate vicinity of his board, and yet his speed with respect to the rapidly 
approaching shore is decidedly non-zero. 

The idea of a manipulated or warped spacetime allowing time travel was an 
early arrival in science fiction. Consider, for example, the 1930(!) story in which the 
narrator (one Thomas Jenkins) walks 18,000 years into the future. In an editorial 
footnote (a device commonly used in early pulp fiction to inject scientific verisi- 
militude), we are told that “Jenkins had evidently fallen into a warp in space ... a 
fault, we might say, borrowing a geologic term, in the curvature of space. Through 
this warp he had been thrown clear out of our three dimensions into a fourth. There 
he slid in time over to the other side [of the fault] into the same spot in the three- 
dimensional world, but into a different era in time.””° 

That was a flawed explanation, with its talk of space rather than of spacetime, but 
some authors eventually learned to do better. For example, folded spacetime as a 
mechanism for time travel is used in a 1940s cautionary tale on the potential horrors 
of the atomic bomb. In that story, published 2 years after the atomic bombings in 
Japan, the world 15 years hence experiences a terrible atomic war. As the time 
traveler in the tale explains, “During the unprecedented release of atomic energy 
that arouse during the simultaneous bombings of our cities, something happened to 
the very continuum in which we exist ... A crook, a twist, a fold—explain it how 
you will, I accidently stumbled upon an electronic circuit that would create a field 
that would enable passage from one folded section [of spacetime] to the adjacent 
section. The fold proved to be about fifteen years in length ... .”°° 





o4y. Natario, “Warp Drive with Zero Expansion,” Classical and Quantum Gravity, March 2002, 
pp. 1157-1165. 


°5N. Schachner and A. L. Zagat, “In 20,000 A.D.,” Wonder Stories, September 1930. 
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As Alcubierre and Natario showed, it will take a lot more than a mere electronic 
circuit to warp spacetime for either FTL or time travel, but at least even the early 
science fiction pulp writers understood that—somehow—a spacetime warping 
would be required. 

The Alcubierre FTL warp drive appeared as the scientific basis for a modern 
science fiction novel, where at one point we read of a curious optical feature of an 
FTL spaceship, one I haven’t seen mentioned in the physics literature: “This is a 
ship that traveled faster than light. It’s visible as it travels; its warp bubble emits a 
cascade of exotic radiation ... but it outruns its own image. So the ship arrives first 
and the light has to catch up, all the photons it emitted back along its path arriving at 
mere light speed. The older images arrive last, and you get this effect as if the ship 
was receding, not arriving.”°” 

Another quite interesting feature of Alcubierre’s warp drive is that the spaceship 
crew would experience no acceleration forces, as the ship is always in free fall. This 
may explain why the Enterprise crew isn’t flattened when Mr. Sulu engages that 
ship’s warp drive. The spaceship is surrounded by a “bubble” of warped spacetime 
that is swept along by the combined push-pull effect of the expanding spacetime 
behind the craft and the shrinking spacetime in the front. The ship, itself, resides in 
the flat spacetime interior of the warp bubble. An amusing way to think of this is to 
imagine a fish (space traveler), inside an aquarium (the warp bubble), which has 
been tossed into a swiftly flowing river. An observer at the edge of the river sees the 
aquarium move by her at high speed while, for the fish (swimming in the sti// waters 
of its aquarium), all is serene because it is at rest with respect to its local 
environment. Thus, the Alcubierre warp drive realizes yet another one of science 
fiction’s wonderful gadgets: the reactionless spaceship drive. That is, “the warp 
bubble moves by interacting with the geometry of spacetime instead of expending 
reaction mass [as do jet and rocket engines] ... and the spaceship is simply carried 
along with it.” In picturesque terms, the warp drive starship is like a surfer who 
makes her own waves. 

And so we see, with each passing decade, more and more of science fiction 
departing from the make-believe to the pages of physics journals. 





°7§, Baxter, Ark, Gollancz 2009. The spaceship in this work travels at three times the speed of light 
(warp factor 1.44, as explained in note 84). 


°8B. §, N. Lobo and M. Visser, “Fundamental Limitations on ‘Warp Drive’ Spacetimes,” Classical 
and Quantum Gravity, December 2004, pp. 5871-5892. 
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6.6 For Further Discussion 


The connection between FTL speeds and backward time travel made the 
jump from theoretical physics to popular culture very quickly. It was in the 
British humor weekly Punch, for example, that the famous (but nearly always 
misquoted—see note 113 in Chap. 3, which doesn’t have it quite right) 
limerick by A. H. R. Buller (1874-1944) first appeared (December 
12), USPS}, jo, SBD 


“There was a young lady named Bright Whose speed was far faster than light, She 
set out one day In a relative way And returned on the previous night.” 


Where Punch dared to go, Hollywood could not be far behind. Indeed, in this 
case it was actually there first, with the 1922 one-reel silent comedy film The 
Sky Splitter. This was just a short film (feature pictures generally had at least 
four reels), so it isn’t clear just how widely distributed and viewed it may have 
been. The story is that of a scientist testing a new spaceship; when it exceeds 
the speed of light, he begins to relive his life. This all shows that today’s 
fascination, so common in popular culture, of the latest developments in 
theoretical physics, is nothing new. Why do you think this is so? That is, 
why (for example) do so many of those who flock to science fiction movies of 
interstellar invasions (like the 1996 Independence Day and its 2016 sequel), 
nonetheless have no conception of the unlikely possibility of such invasions 
because of the sheer magnitude of interstellar distances? Distances so 
immense that, even at the speed of light, it takes 4 years to travel to the 
Sun’s nearest stellar neighbor, and millions of years to reach the Milky Way’s 
nearest neighboring galaxy? (The vastness of interstellar distances is, as 
mentioned in the text, the reason for the fascination in warp drives in both 
science fiction and physics.). 


In wormhole and cosmic string time machines, and with warp drives, we 
encountered the idea of negative mass-energy in the form of ‘exotic matter’ 
(see note 39 again). Something like negative mass actually appeared in fiction 
long ago, in the 1827 novel A Voyage to the Moon by “Joseph Atterly,” a 
pseudonym for George Tucker, a professor of moral philosophy at the 
University of Virginia. (One of Tucker’s students was Edgar Allen Poe, 
who almost surely was influenced by Tucker’s book to write his own moon 
tale, the 1835 “The Unparalleled Adventure of One Hans Pfall.”) The trip in 
Tucker’s work was powered by a metal called /unarium, which repels Earth. 


(continued) 
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This is not the same sort of stuff as Wells’ “Cavorite,” a metallic alloy that is 
“transparent” to gravity and that appears in his 1901 The First Men in the 
Moon. Wells’ competitor in the ‘scientific romance’ genre was, of course, 
Jules Verne. Wells was a visionary who looked far beyond just the next few 
decades, while Verne was a ‘practical engineer’ who, for example, got his 
characters to the Moon by the direct method of simply shooting them out of a 
900-foot long cannon with 400,000 pounds of guncotton! (Wells’ vision 
could sometimes fail him, as it did about the imminent likelihood of airplanes 
in his 1901 Anticipations. He believed they would be developed by the year 
2000, and maybe even before 1950, but of course just 2 years later...) Ina 
1903 magazine interview, Verne revealed how he felt about the difference 
between his and Wells’ work: “It occurs to me that his stories do not repose on 
very scientific bases ... He goes to Mars [sic] in an airship, which he 
constructs of a metal which does away with the law of gravitation. C’est 
trés joli [this is all very nice], but show me the metal. Let him produce it.” 
Today the cry from those who dislike wormholes is the Verne-like “show us 
the exotic matter!’ If Wells and Verne were writing today, how do you think 
each would respond to that challenge? Would the possible existence (or not) 
of exotic matter be an issue about which both would agree? 


Write a time-loop short story based on Lossev and Novikov’s idea of a ‘very 
old spacecraft’ interacting with a remote wormhole. 


Imagine an electronic circuit A that has the following behavior: A’s input 
signal is a function of time that has a well-defined maximum value (what 
electrical engineers call the peak value). The circuit’s output signal, produced 
in response to the input, also has a well-defined peak value. Now, imagine 
further that the output peak occurs before the input peak. There is, in fact, 
nothing paradoxical or impossible about that, and such a circuit can (and has) 
been constructed, as I’ll tell you shortly. Next, suppose that we take A’s 
output signal and use it as the input to another circuit B that, when it’s input 
exceeds a certain level, disconnects the input to A before that input reaches its 
peak value. Circuit B can also be constructed in the real world. Indeed, you 
can read about how to construct A and B in two papers by M. W. Mitchell and 
R. Y. Chiao, “Causality and Negative Group Delays in a Simple Bandpass 


(continued) 


336 6 The Physics of Time Travel: II 


Amplifier,” American Journal of Physics, January 1998, pp. 14-19, and 
“Negative Group Delay and ‘Fronts’ in a Causal System: An Experiment 
With Very Low Frequency Bandpass Amplifiers,’ Physics Letters A, June 
16, 1997, pp. 133-138. What makes all this interesting here is that this “seems 
to open the way for a variant of the time travel paradox in which the traveler 
journeys to the past and kills his grandfather before his own father is born,” an 
observation made in Garrison ef al., “Superluminal Signals: Causal Loop 
Paradoxes Revisited,” Physics Letters A, August 10, 1998, pp. 19-25. This 
electronic version of the grandfather paradox does indeed follow if one 
substitutes “input peak” for “grandfather” and “output peak” for “time trav- 
eler.” But before you think this gadget is a time machine, be assured that its 
designers also showed that, unlike the causally related grandfather and time 
traveler, the two peaks are not so related. Read these three papers and write a 
summary report of how circuits A and B work, and why the two peaks are not 
so related. 


You'll recall that “an advanced civilization” is thought to be required to 
create a useable wormhole (note 27). The common phrase used by astrophys- 
icists who are interested in the possibility of extraterrestrial life is arbitrarily 
advanced civilization, with a distinction made for at least three progressively 
higher stages of ‘advancement.’ Very roughly, Types I, I, and HI advanced 
civilizations are those that, respectively, have the technology to (a) control 
something like 10'? W (ten million megawatts) for massive interstellar radio 
broadcasts, (b) a technology to control the energy output of the civilization’s 
planet’s parent star (10°” W), and (c) a technology to control the energy 
output of the civilization’s home galaxy (10°* W). We are, today, short of 
being even a Type I civilization, and it would probably take at least a Type II 
civilization to build a wormhole. Indeed, Stephen Baxter’s 1993 novel 
Timelike Infinity, of beings who can manipulate constellations of galaxies, 
seems to assume a Type IV civilization will be required. Since there are 
typically 10’! stars in a galaxy, going from 10°’ W for a star to 10°* watts for 
a galaxy is consistent. But where do astrophysicists get 107’ W for a single 
star? Here’s a calculation for you to perform, to confirm this value for 
yourself, starting with the experimental fact (not difficult to repeat, as it’s at 
the level of a junior high school science fair project using a solar cell and a 
few common electrical components) that the solar power level at Earth’s 
equator is 1200 W per m. Then, using the fact that the Earth’s orbital radius 
around the Sun is 93 million miles, compute the total power (energy per 
second) radiated by the Sun. (You should get a number that is somewhat 
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smaller than 107’ W, which is ‘explained’ by observing that the Sun is really a 
quite ordinary star, exceeded in size by many other stars in the Milky Way. 
Next, you'll find, in most books on astrophysics, the statement that the 
nuclear fusion reactions that power the Sun convert four million tons of the 
Sun’s mass to pure energy every second. Confirm that your number for the 
power output of the Sun is consistent with that claim. (Remember Einstein’s 
famous formula E = mc’, that the speed of light is c=3 x 10° m/s, and that 
1 kg & 2.2 pounds. In the MKS system of units (meters/kilograms/seconds) 
one watt = one joule (of energy) per second, where to give you some 
perspective on what a joule is, the chemical energy released by burning a 
gallon of gasoline is about 100 MJ. 


Appendix A 
Old Friends Across Time (A Story)’ 


As I sit here in my study, with the photographic evidence spread before me, I can 
barely comprehend what my eyes tell me must be so. The evidence is incontestable. 
And yet—TI still struggle to believe. Let me try to explain—possibly in the process I 
will manage to put my tumbling mind to rest. 

For as long as I can recall, old photographs have fascinated me. To page slowly 
through collections of historical pictures, no matter what the theme, was consum- 
mate joy. Even when I was quite a small boy I used them as my time machine into 
the past. They took me up and away from the problems every youngster has while 
growing up, and let me wonder of people and places long since returned to dust. 
Matthew Brady’s Civil War photos had a particularly strong attraction for me, with 
the horror (and yes, I will admit it, the fascination) of war frozen in the images of 
young men dead before life had really begun. To look at the fallen youth of more 
than a century before, and to wonder who they were, and what they had felt and 
thought—it all sent shivers through my romantic mind. 

I suppose I might have become a professional photographer. But somewhere 
along in the process of looking at pictures, I became aware of the miracle of the 
technology of picture taking. That led me to chemistry and optics, and finally by 
some wondrous route, I became an electrical engineer. I never lost my love for old 
pictures, though, but merely turned my interest in them to the photographic history 
of electrical physics. 

To search out and acquire (for by now I had started my own collection) a 
photograph of Steinmetz, smoldering cigar clamped in his mouth, giving a lecture 
on AC circuit analysis using the then still mysterious square root of minus one made 
my heart beat faster. To find a faded picture of Einstein at a long forgotten 





'p. J. Nahin, “Old Friends Across Time,” Analog Science Fiction Magazine, May 1979. This tale 
was written with the specific goal of illustrating how a trip into the past yet to be initiated could 
logically influence events in the time traveler’s present and future. The story reproduced here is, 
with only a few very minor alterations, as it originally appeared in Analog. 
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conference, caught forever in time with his quiet, gentle eyes looking into mine, 
would send me to the heights of ecstasy.” 

But it was Maxwell that led me to my incredible discovery. There is no doubt but 
that James Maxwell was the greatest theoretical physicist of the nineteenth century. 
Together with Einstein, he was the best of any century. Could it possibly be more 
than mere chance that the same year saw the death of one and the birth of the other? 
It was Maxwell who gathered together all the then known, but fragmented, exper- 
imental bits and pieces of knowledge about electricity and magnetism, and stirred in 
his own contribution of the displacement current. There was no physical evidence 
then to justify that last step, but the genius of Maxwell knew it had to be. And then, 
from his soaring mathematical insight and physical intuition, he took it all and 
wrote down the four magnificent equations for the electromagnetic field!* 

No one who has seen and understood those beautiful equations can come away 
without a quickening of the pulse and a flush of the blood. They’re not long—you 
can write all four vector differential equations on the back of a postcard, but oh, 
what they tell us! With them, Maxwell, showed light was electrical in nature, 
predicted radio waves two decades before Hertz discovered them in the lab, 
explained energy propagation in space, and radiation pressure, and laid the scien- 
tific basis for today’s television, radar, lasers, giant electric motors, generators, 
transmission lines and—well, why go on? The equations are the work of a level of 
genius we may not see again for a millennium. We have hardly begun to discover 
the marvels wrapped inside the electromagnetic field equations. With their aid, and 
that of quantum mechanics, the very secret of life, itself, may someday be 
unraveled. 

And so I searched for old photographs of Maxwell. He died at his family’s 
Scottish home in 1879, before the art of picture taking was barely 40 years old. But I 
knew in my heart that somewhere there must be photographs, yet undiscovered, of 
such a great man. Anyone who has seen the best examples of prints from wet glass 
collodion negatives knows they are, in the faithfulness of their rendition of detail, 
better than what we commonly expect today. Working against me was the fact that 
the process was slow, laborious, and unforgiving of mistakes. The taking of a 
picture was not a minor decision in Maxwell’s time. But still I searched. 

I searched for one photo, in particular. When Einstein died, a famous picture was 
taken of his office, just the way he left it for the last time. On the blackboard behind 
his desk are the last thoughts he had in his long quest for a Unified Field Theory, 





The first reference is to Charles Steinmetz (1865-1923), the German-born American electrical 
engineer and mathematician who became the wunderkind of General Electric. Einstein, of course, 
needs no introduction! 

3] wrote this for story effect, but it’s not really quite true. When Maxwell wrote his theory in 
mathematical form, he did so using twenty (!) equations in as many variables. The equations, as 
physicists and electrical engineers use them today, were first written in 1885 by the English self- 
taught eccentric Oliver Heaviside, who considered Maxwell to be his hero (see note 6 in Chap. 6). 
Modern electrical engineers and physicists write the Maxwell equations as four partial differential 
vector equations. 
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a ‘theory of everything.” The writing on the papers covering the desk is clearly 
legible, and with modern blowup methods, easily readable. 

At the time of his death, Maxwell was the Einstein of his times. Surely, I 
reasoned, a similar photograph of Maxwell’s study must have been taken. Even 
though none has come down through the decades to us, it must exist! Gathering dust 
in an old trunk, or buried in a long forgotten album, it had to be somewhere. I vowed 
to find it. 

I began by writing to all of Maxwell’s living descendants, asking that they search 
through family holdings for any pictures concerning Maxwell that they might 
possess. For the most part all were cooperative, even though more than just a few 
thought I was somewhat deranged. Still, it was in vain. I did receive a few old 
pictures never before seen by other than the family, including a poignant one taken 
in 1901, showing Maxwell’s grave in Parton Churchyard at Glenlair, Scotland. A 
forlorn, wintry scene, with only what seemed to be three men in the far distance, it 
brought tears to my eyes. Alas, there were no photos of Maxwell’s study. 

But then late last year, while on a business trip to London, I stopped off for a few 
hours at the historical archives maintained by the British Institute of Electrical 
Engineers. On a chance, I looked through their massive files on Maxwell and was 
rewarded within the hour! What I found will haunt me throughout the remainder of 
my life. 

There it was, stuck through its border with a rusty pin, between two pieces of 
yellowed paper covered with what appeared to be some simple, rough lecture notes. 
An ordinary looking photo of a study. Obviously overlooked through the years, or at 
best unappreciated for what it was, it was the almost illegible, penciled notation on 
the back that convinced me of my find—just a date: November 9, 1879. Exactly 
4 days after Maxwell’s death, precisely when some unknown, yet inspired person 
(a family member, a neighbor, a local scientist?) would take such a picture! 

I am ashamed to admit it, but there was no hope the Institute would let me have 
the picture. And there was no time to copy it, for I was to return home to America 
that very night. No, that’s not true. The rea/ reason for what I did was simply that I 
had to have that original, old photo. I took it! It was my undoing, for that 
dishonorable act destroyed the picture’s tie to verified, legitimate historical records. 
But J know what I found is true. 

I could barely control my wild emotions on the flight home. Several times I 
removed the picture from my briefcase, and looked with fascination at the papers 
lying on Maxwell’s desk, and at the tightly written lines of mathematics on the 
blackboard in the background. My hands trembled with what can only be called 
lust—once home, reunited with my well-equipped photo lab, I would learn every 
secret hidden in that picture. 

There are no words I know that can convey the thrill I felt as I began the 
processing of that priceless photo. Alone in my lab, with all the modern equipment 
a well-off amateur can buy (a Caesar Saltzman 8 x 10 enlarger with mercury vapor 
point light source and a 10x Plan Achromat Nikon enlarging lens), I carefully 
cropped and blew up selected views of the blackboard and desk. Printing the 
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enlargements on ultra-fine grain AGFA Brovira paper, I could scarcely restrain 
myself from peering at them with a magnifying glass while I waited for them to dry. 

Then, at last, I had them spread out across my study desk. I tried to force myself 
to examine each slowly, carefully, in turn, and not to skip from one to another like a 
child let loose in a candy store with a dollar. The first three were of the desk papers, 
including what seemed to be a diary. It must have been lost after Maxwell’s death 
since no trace of it exists in the historical records. I experienced a stunning thrill as I 
gazed upon the scrawled words, but as they were not easily read at once, I moved 
on. It was the sixth enlargement, of the upper right corner of the blackboard that 
sent me reeling back to my chair. An equation that shouldn’t, no, couldn't, be there. 
But it was. 

To understand my reaction, there is one astounding thing you must realize about 
Maxwell’s field equations. When Einstein turned the world of physics on its head in 
1905 with his famous paper, “On the Electrodynamics of Moving Bodies,” all the 
old ideas about absolute motion and simultaneity of events went out the window. 
Even Newton’s laws of mechanics had to be modified. But not Maxwell’s! His 
equations, just the way he published them in 1873, are the same ones studied 
today’—they need no relativistic corrections. 

How can that be, you wonder, as they predate Einstein’s by 32 years? The 
mystery of this has bedeviled the experts down through the years. Oh, they have 
an explanation, alright. They say that all of electromagnetics is actually relativistic 
phenomena to begin with, and the laboratory work of Faraday, Ampere, Henry, and 
the other great experimentalists were studies of relativistic electron interactions in 
matter (although they, of course, didn’t know that). Thus, it is only ‘natural’ that 
Maxwell’s equations need no correction. So goes the ‘expert’ explanation, but it 
isn’t right!° I know Maxwell knew about relativity, and understood it perfectly. He 
knew all about time paradoxes and the equivalence of mass and energy. 

Because how else can you explain the equation visible in my enlargement: 
E=mc"! 

Why, you must wonder (just as I did), didn’t Maxwell publish this remarkable 
result? At first, I believed it was because of a lack of faith in his results. Who would 
have believed any of it in those Victorian times, so sure of its absolute view of 
nature? I thought of how Newton, 200 years before Maxwell, had suffered from a 
similar hesitancy when he wrote the Principia. There, when explaining his theory of 
gravitation, Newton did not employ his new invention of the calculus (which he had 
used to make his discoveries), but instead fell back on laborious arguments based on 
the accepted mathematics of algebra and geometry. Who would have believed him, 
otherwise? 

But then I realized that couldn’t be right. Maxwell was a strong man intellectu- 
ally and he wouldn’t have held back for fear of disbelief. No, it had to be that he 





‘Don’t forget note 3. 


5Alas, I think it is right. Don’t forget, this is science fiction. When there is a conflict between the 
needs of a story, and a rigid adherence to physics, the ‘needs’ wins! 
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discovered relativity and the mass-energy law just before his death, with no time to 
make his work known. I was still wrong. 

It was later, when I returned to the enlargement of Maxwell’s lost diary and read 
those painfully cramped notes, that I learned the truth. What I saw there showed me 
Maxwell had thought long and hard about his final discoveries and had purposely 
withheld them. For clearly visible, after I had slowly deciphered the writing, were 
the following words: 


I have seen monstrous events. My blood has run cold at the sight of two great cities leveled 
to the ground, their inhabitants cruelly put to death instantly, or left to die slowly from a 
strange, lingering disease. Other trips, further on, have shown me the root of all these evils 
is the mass-energy equation, a result I at first believed to be my crowning glory. It will be 
my crown of thorns unless I ban it from my very being. Another will discover it for himself, 
but my soul shall be free! I have dismantled my machine, and shall never look upon or think 
of those horrible scenes again. 


This passage was dated just 1 month before Maxwell died a savage death from 
cancer. The reference to “two cities’ can only be that of Hiroshima and Nagasaki. 
His own death was surely caused by lingering too long among their atomic ruins. 

Think of what this means. Quite simply, Maxwell knew the secret of time travel! 
But even more incredible is that it must be easy, if one only knows how, to build a 
time machine! Think about it—Maxwell had no gigawatt power stations at his 
disposal, no high technology machine shops, or nanosecond computers. He was not 
a gifted experimentalist, and once he had predicted radio waves, for example, it 
took others 20 years to finally generate them. And yet, he built a time machine. 
Somehow, with just the puny power sources available to him, and a limited 
mechanical capability, he wrested free the simple implementation of a time 
machine from his dynamical field equations. 

Yes, yes, I know what you must be thinking. How can I really conclude such an 
incredible thing from a single equation on a blackboard, and a few words written by 
a man dying a painful death? A man, clearly suffering dearly, and possibly not in 
complete possession of his once marvelous mind. 

This very evening the last bolt of evidence slid into place. Attempting to escape 
from the emotional maelstrom into which I had fallen, I turned to my old love of 
picture gazing. I took down from my library shelf a tattered yet cherished volume of 
the Meserve Collection of Lincoln pictures. My slow paging through the images 
stopped when I came to the famous photograph by Alexander Gardner of Lincoln’s 
second inauguration. This incredible picture shows John Wilkes Booth looking 
down on Lincoln from behind a buttress high on the steps of the Capitol, while 
below in the crowd are the five men who, 41 days later, conspired with him in the 
assassination. 

The following page demonstrated the extraordinary quality of Gardner’s work, 
as it showed an enlargement of Booth’s face in which the circular line between the 
pupil and the white of each eye is sharp and crisp! This impressive picture 
fascinated me, and I wondered if I could create a similar enlargement. It was then 
I remembered the old picture of Maxwell’s grave, sent to me from Scotland, and the 
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three distant figures in the background. They would present my photo-lab skills 
with a challenge, and the effort would distract my mind. 

I finished the enlargement just 20 min ago. Those faces! Two of them I can now 
finally accept as being there—it must have been a pilgrimage for one, and for the 
other, it couldn’t have been anything but a mocking, ironic gesture. But I wonder if 
the youngest one really knew who his two companions were? I don’t know the 
answer to that—yet. But there they are, two men with faces my years of study have 
made as familiar to me as my own. One is a youthful Albert Einstein. The other, 
with the signs of death clearly written across his features, is James Clerk Maxwell. 
The face of the third man is familiar, too, for the third man is me! 

Oh, I’m a bit older in the photo than I am now. But it’s me, alright. A distinctive, 
jagged scar across the left cheek, a mark from a childhood accident, is sharply 
visible, and I can run a finger over my face and match it perfectly with the image in 
the enlargement. I’d say Pm about 45 or so in the image, no more than 10 years 
older than I am now. That doesn’t leave me much time to keep my appointment, 
does it? I don’t know, right now, how I’m going to do it, but Pve got to rediscover 
Maxwell’s secret of time travel. ’'m sure [ll succeed—after all, there I am in the 
picture. Somehow, I’ll be going back to pick James and Albert up so we can have 
our picture taken. Ten years—not much time. 

I’m really looking forward to meeting my two new friends from across time. 





For Further Discussion 


When “Old Friends Across Time” originally appeared in Analog, it opened 
with a quotation from Richard Feynman’s famous 1961-1963 Caltech under- 
graduate course (published in 1964 as The Feynman Lectures on Physics): 
“Ten thousand years from now, there can be little doubt that the most 
significant event of the nineteenth century will be judged as Maxwell’s 
discovery of the laws of electrodynamics. The American Civil War will 
pale into provincial insignificance in comparison.” This is almost certainly 
true, but could Maxwell really have built a time machine from just a knowl- 
edge of electromagnetic theory and special relativity (which is all that is 
needed to derive E= mc’), if he didn’t also have a deep understanding of 
general relativity (and probably of quantum mechanics, too)? How likely do 
you think that is? 
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The narrator in “Old Friends Across Time” knows he is going to live long 
enough to eventually build a time machine; discuss the implications of this 
knowledge. For example, is he at least temporarily invulnerable to commit- 
ting suicide (or, for that matter, to any other variation of dying?) That is, do 
we have a ‘future’ version of the grandfather paradox? This issue has never 
(to my knowledge) been considered by physicists, and not by philosophers 
either until recently. See, for example, S. Keller and M. Nelson, “Presentists 
Should Believe in Time-Travel,” Australasian Journal of Philosophy, 
September 2001, pp. 333-345, and M. H. Slater, “The Necessity of Time 
Travel (On Pain of Indeterminacy),” The Monist, July 2005, pp. 362-369. 
More generally, if we assume that the past is unchangeable then the scenario 
in “Old Friends Across Time” seems to force at least some level of inevita- 
bility on the future as well. Or does it? In the 2007 story by Ted Chiang, “The 
Merchant and the Alchemist’s Gate,” that you were asked to read in a For 
Further Discussion at the end of Chap. 4, there is the following exchange 
between the narrator and the inventor of “the Gate” (a wormhole): “So if you 
learn that you are dead 20 years from now, there is nothing you can do to 
avoid your death?” He nodded. This seemed to me very disheartening, but 
then I wondered if it could not also provide a guarantee. I said, “Suppose you 
learn that you are alive 20 years from now. Then nothing could kill you in the 
next 20 years. You could then fight in battles without a care, because your 
survival is assured.” “That is possible,” he said. “It is also possible that a man 
who would make use of such a guarantee would not find his older self alive 
when he first used the Gate.” “Ah,” I said, “Is it then the case that only the 
prudent meet their older selves?” Comment on this issue, with particular 
attention to free-will. 


Appendix B 
Newton’s Gift (A Story)° 


Wallace John Steinhope was a sensitive human being, a person deeply concerned 
about the welfare of his fellow creatures. Any act of injustice, however slight, made 
his breast pound with righteous indignation. He was a champion of fair play, and his 
motto in life was taken from the ancient English rule of law—‘Let right be done!’ 

Even while still a lonely, reclusive child, Wallace’s heart ached mightly when he 
read of the laborious, boring, mind-dulling calculations endured by the great 
mathematicians of old. Just knowing, thinking, of Gauss’s marvelous mind wasting 
literally months of its precious existence grinding out tedious mathematics that 
even a present-day dullard could do in a minute, on a home computer, was sheer 
agony for Wallace. Contemplation of the God-like Newton suffering endless delays 
in his gravity research, all because of a simple miscalculation of the length of a 
degree of longitude, was almost unbearable. 

Indeed, Newton played a special role in Wallace’s life (and he in Newton’s, as 
we shall soon see). While the other great mathematical physicists had merely been 
hindered in their work by the lack of modern computational aids, Newton had 
squandered so much valuable time in other, nonscientific pursuits! His 
quasireligious writings alone, over half a million words, exceeded his scientific 
writings. What a waste! Wallace wondered endlessly over the reason for this 
strange misdirection of talent and bored his friends to the edge of endurance with 
his constant brooding on the mystery. Still, they all liked and admired Wallace 
enormously and so put up with it. But more than one of them had sworn to throw up 
the next time Wallace mentioned Newton during a wedding (but that’s another 
story). 

So deep was Wallace’s anguish for his predecessors that even as he grew older 
and his own tremendous talents as a mathematical physicist (the result of a lucky 





°P, J. Nahin, “Newton’s Gift,” Omni, January 1979. This tale was written with the specific goal 
of illustrating casual loop time paradoxes. The story reproduced here is, with only a few very 
minor alterations, as it originally appeared in Omni. 
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genetic mutation induced in a male ancestor some centuries earlier) gained him an 
international reputation, thoughts of the unmeasurable misery of his scientific 
ancestors were never far from his mind. It was most appropriate, then, that his 
greatest discovery gave him an opportunity to do something! And Wallace John 
Steinhope vowed to help. He became convinced that it was his purpose on earth— 
he could not, he would not hesitate. As he strapped the knapsack-size time machine 
to his chest, his excitement was, therefore, easy to understand. 

“Tt is done! And I am ready. I will travel back and bestow this gift of appreci- 
ation, this key to mental relief, on the great Newton himself!” Wallace cradled a 
small, yet powerful hand-calculator in his palm. It was a marvel of modern 
electronics. Incorporating large-scale integrated circuitry and a Z-8000 micropro- 
cessor solid-state chip, the calculator required only a small, self-contained nuclear 
battery for its power. It could add, subtract, multiply, divide, do square and cubic 
roots, trig and hyperbolic functions, take powers, find logarithms, all in mere 
microseconds. It was programmable, too, able to store up to 500 instructions in 
its micro-memory. The answers it displayed on its red, light-emitting diode read- 
outs would liberate young Isaac from the chains of his impoverished heritage of 
mathematical calculation. No more Napier’s bones for Newton! 

But Wallace John Steinhope was no fool. He understood, indeed feared, time 
paradoxes. He knew Newton could be trusted with the secret, but it wouldn’t do for 
the calculator to survive Newton’s time. So Wallace had incorporated a small, self- 
destructing heat mechanism into it. After 5 years of use, it would automatically melt 
itself into an unrecognizable, charred slag mass. But that would be enough time for 
its task to be completed. The emancipation of Newton’s mighty brain from tedium! 
Pleased enormously at the thought of the great good he was about to confer, 
Wallace set the time and space coordinates for merry old England, flipped the 
power switch on, and vanished. 

Materializing in the Lincolnshire countryside in the spring of 1666, he began his 
rendezvous with destiny. It was the second and final year of the great bubonic 
plague, and Newton, seeking refuge from the agony and death plundering London 
and threatening his college of Trinity at Cambridge, had returned home to work in 
seclusion. The years of the Black Death were Newton’s golden years, when the 
essentials of calculus would be worked out, when the colored spectrum of white 
light would be explained, and when the principle of the law of gravitation would be 
grasped. But how much easier it would be if Newton were released from the binding 
chains of dreary calculation. Wallace’s gift would slip the lock on those chains! 
Accelerate genius! 

It was early evening when, guided by a map of the area prepared by a friend who 
was both a cartographer and amateur historian, Wallace reached the quiet little town 
of Woolsthrope-by-Colsterworth. It was here, in a small farmhouse, that Wallace 
would meet his hero of the ages. A cold, gentle rain was falling as he approached the 
door. The soft, hazy light of an oil lamp glowed inside, revealing through the 
translucent glass the form of a man bent over a table. The fragrant smoke of well- 
dried wood curled from the chimney, announcing a warm fire within. 


B_ Newton’s Gift (A Story) 349 


With his heart about to burst from excitement, Wallace rapped upon the door. 
After a pause, the shadow rose and moved away from the window. The door 
opened, and there stood Isaac Newton, a young man of 23 with an intellect that 
Hume and Voltaire considered “the greatest and rarest genius that ever rose for 
adornment and instruction of the species.” But for the importance of his self- 
appointed mission, Wallace would have fainted dead away from the thrill of it 
all. “Is this the home of Isaac Newton?” he asked in a voice quavering with the 
trembling tones normally used by lovers about to reveal their deepest feelings. 

The young man, of medium height and thick hair already showing signs of gray, 
swung open the door and replied, “My home it is, indeed, stranger. Come into the 
parlor, please, before the wetness takes you ill.” 

Isaac followed Wallace into the room and stood quietly watching as his visitor 
removed his soaked coat and hat. The portable time machine was gently placed on 
the floor next to a wall. The calculator was snug and safe in its plastic case in 
Wallace’s shirt pocket. “Thank you, Master Newton. May we sit while we talk? I 
am afraid you may wish to take some time to consider my words.” Motioning to a 
chair near the table, Isaac pulled a second chair from a darkened corner and joined 
Wallace. “You have a strange sound to your speech, stranger. Are you from 
hereabouts, or have you traveled far? Please commence slowly your tale.” 

Wallace laughed aloud at this question, a response prompted by his nervous 
excitement, and it quite surprised him. “Please forgive me. It is just that I have 
traveled so very, very far to see you. You see, I am from the future.” Wallace was 
not one to play his cards close to his chest. Now it was Isaac’s turn to laugh. “Oh, 
this is most ridiculous. Are you a friend of Barrow’s at Trinity? It would be so like 
him to play such a trick.’ From the future, indeed!” 

Wallace’s eyes ached at the sight of the papers on the table where Isaac had been 
working. What wonders must be there about to be born! In any other situation, 
Wallace would have asked their contents, but the die had been cast. He had to 
convince Isaac of the truth of his tale. But he had to walk a tight line, too. It just 
wouldn’t do to misdirect Isaac’s interest away from the calculator and toward the 
time machine itself! He must do something dramatic, something that would rivet his 
idol’s attention and hold it. 

“Yes, yes, I understand your reluctance to believe me. But, look here. This will 
convince you of the honesty of my words.” Wallace pulled the shiny black plastic- 
cased calculator from his shirt pocket and flipped the power switch on. The array of 
LEDs glowed bright in the gloomy room as they flashed on in a random, sparkling 
red burst. Isaac’s eyes widened, and he pushed his chair back. Was he frightened? 

“As the Lord is my Savior, is it a creation of Lucifer? The eyes of it shine with 
the color of his domain. Are you one of his earthly agents?” 





7The reference is to Isaac Barrow (1630-1677), who was the first Lucasian Professor of Mathe- 
matics at Cambridge. Barrow resigned that position to allow it to pass to Newton. Centuries later, 
Hawking became the 17th Lucasian Professor. 
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“Oh my, no! Look here, Master Newton, let me show you that there is no black 
magic or chicanery involved. It is all perfectly understandable in terms of the laws 
of Nature. What I have here is an automatic calculator, a device to perform all of 
your laborious mathematical labors.” 

So saying, Wallace squeezed the sides of the calculator case together, releasing 
pressure snap-fittings, and flipped the case open on a hinge at the top. Revealed to 
Isaac were the innards of the electronic marvel—a tightly packed interior of printed 
circuit boards, a mass of integrated circuitry, the small LED display, and the sealed 
nuclear battery. Isaac stared intently at the sight, and Wallace could see the natural 
curiosity of Newton’s great mind begin to drive away the initial apprehension. 

“But where are the gears, levers, springs, and ratchets to carry out the calcula- 
tions? All I see is a black box with lights that glow red—how is that done; where is 
the lamp or candle to provide the light!—and many little isolated fragments of 
strange shapes. There is clearly nothing in your box that moves!” 

“Oh, it is all done with electronics, Master Newton! The central processing unit 
has access to a solid-state memory that contains the decoding logic necessary to 
implement the appropriate algorithmic processes to provide the answers to the 
specific requests entered through these buttons. The actual performance of the 
box is achieved by the controlled motion of electrons and holes in suitably doped 
semiconductor material under the influence of electric fields induced—” Wallace, 
still overcome by his excitement, had rambled on wildly without thought of the 
essentially infinite technological gap that separated himself from Newton. 

“Stop, stop,” cried Isaac. “I understand only a few of the words you use and 
nothing at all of their meaning! But it is obvious that for calculations to be 
performed, mechanical work must be done, and that implies motion. Pascal’s 
adding machine has shown the veracity of that. I say again, nothing moves in the 
box. How can it work?” 

Wallace was embarrassed. The mistake of overlooking the hundreds of years of 
progress after Newton’s time was one a child might make. “I am sorry, Master 
Newton. I’m going too fast for you.” Isaac looked at Wallace with a frown, but 
Wallace failed to see the pricked vanity of the proud Newton. Going too fast, 
indeed! 

Wallace prepared to lay a firmer technological foundation for Newton, but then 
he froze. It couldn’t be done! Newton was a genius, certainly, but the task was still 
impossible. Wallace would have to tell him all about Maxwell’s equations, Boolean 
algebra and computer structure, electronics, and solid-state device fabrication 
technology. It was just too much, and besides, there was the danger! The potential 
time paradoxes of all that knowledge out of its proper time sequence! What if 
Newton, in innocence, revealed some critical bit of knowledge out of its natural 
place in history? So, Wallace hesitated, but seeing the suspicion grow again in 
Isaac’s eyes, he realized he had to do something, anything, immediately. 

“You cannot deny your own eyes,” answered Wallace. “Let me show you how it 
works. I'll divide two numbers for you with just the punch of a few buttons. Watch 
this.” And, at random, he entered 81,918 divided by 123. Poor Wallace, of all the 
numbers to use, they were the worst. Within milliseconds the answer glowed 


B_ Newton’s Gift (A Story) 351 


brightly in fiery red characters. Wallace looked with pride at the result and then, 
already enjoying in his mind what he knew would be Isaac’s amazement, he turned 
his eyes to the great man. What he saw made his spine tingle, and the gooseflesh 
stand high on his neck. Newton had fallen to his knees, with eyes bulging and hands 
raised as if in prayer. 

“The mark of the Beast, it is the mark of the Beast! It is so written in the Book of 
Revelations—Here is wisdom. Let him that hath understanding count the number of 
the beast; for it is the number of man; and his number is six hundred three-score and 
six!” Rising to his feet, Newton fell back into his chair. “Your cursed box bears the 
brand of its master. There can be no doubt now, it is the creation of the fallen 
archangel!” Wallace was aghast at Isaac’s violent reaction. The seventeenth century 
genius had now stumbled backward from his chair and had grasped a poker from the 
hot coals of the fireplace. 

“Wait, please wait! Watch this; Pll multiply two other numbers together for you, 
watch!” Wallace quickly punched in the data, and then the answer gleamed steadily 
in burning red characters on the LEDs. Isaac’s eyes first went wide with fear as he 
again saw the wizard electronics do their marvelous assignment, and then he shut 
them tight. Wallace was becoming desperate—this wasn’t the way it was supposed 
to be! “Don’t you see—imagine the tedious work, the mind-deadening labor this 
machine will save you from. And it is yours.” 

“Yes? But only for the exchange of my soul! That is always the Devil’s price for 
his seductive gifts from Hell!” As Isaac shrieked these last words at Wallace, he 
raised the poker over his head. “Begone, you emissary of the Dark World! I know 
now you must be in the employ of the Father of the Antichrist, but the Lord God 
Almighty will protect me if I do not waver in my resolve. Begone, or I'll strike your 
brains out on the floor where you stand!” 

Isaac’s eyes were wide with fear, nearly rolling back to show all white spittle 
sprayed from his mouth as he yelled at Wallace, who stared in shock at the wild man 
who threatened him with death. “Please, please, listen to me, please! I beg you to 
understand—I am a scientist, just like you. The concept of the devil, and all it stands 
for, is contrary to everything I believe. How could I be in the devil’s employ, when I 
don’t even accept his existence? You must believe me!” 

“Blasphemy!” screamed Isaac. “Your own words condemn you. To deny the 
reality of Satan in a sinful world is to deny that of God, too. Now leave my home, 
you dark beast from hell, or by the heavens above, / shall destroy you!” As he 
shrilled these words, Isaac brought the poker down in a wild swing that barely 
missed Wallace’s head. 

Struck dumb with confusion at the uncontrolled outburst, Wallace stuffed the 
calculator into his shirt, grabbed his hat, coat, and time machine and rushed from 
the house. As he hurried into the cold, wet night, he turned back, just once, to see 
Isaac Newton framed in the light of the open door. “Go, go, you foul messenger 
from the Lord of Evil! Back to your stinking pit of burning hell-fire! This is a house 
that honors the Divine Trinity and is no haven for the likes of you!” 

Wallace rushed away into the blackness, the time machine bouncing unheeded 
upon his chest. 
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He ran, for how long he couldn’t recall, until he fell exhausted next to a stream 
running heavy with the rain. Tears of rage, frustration, and shock streamed from his 
eyes. Rejected by the great Newton! Well, damn him! Wallace flung the calculator 
into the stream in his terrible anger and activated the return coordinates. He faded 
from Newton’s world as quickly and quietly as he had come. 

As for Isaac Newton, after having chased the Devil’s messenger from his house, 
he returned on shaking legs to his desk. Pushing aside his rough calculations on the 
orbit of the moon around the earth, he swore to redeem himself in the eyes of the 
Savior. Somehow, he had been found lacking and had been tested. And the test was 
surely not over! He began to reapply his marvelous mind to determine the origin of 
his failure before the Lord God Jehovah. Taking quill in hand, he wrote the first of 
the many hundreds of thousands of words that his numerous religious tracts would 
devour from his allotted time. 

Five years later, long after Newton had returned to Cambridge, a group of 
picnicking children were frightened when a nearby stream suddenly erupted into 
a geyser of steam. Moments later, the bravest (or most foolhardy) of the boys— 
who, by an astonishing coincidence that befits any good time travel paradox, would 
be Wallace’s great-grandfather nine times removed—cautiously examined the 
streambed. All he found were some twisted, hot pieces of what he thought was a 
hard, black rock, and he tossed them back. They were all that was left of the 
calculator’s nuclear battery. He did receive a tiny radiation dose from them, 
which caused a recessive genetic mutation that centuries later would suddenly 
appear as the cause of Wallace’s genius, but otherwise the lad was unaffected. 
The incident was soon forgotten. 

Well over 300 years later, Wallace John Steinhope reappeared in his own time. 
He was essentially the same man as before he left—kind, generous, and sensitive, 
and ready to come to the aid of any man or beast that might need help. As far as his 
friends were concerned, in fact, he was even improved (naturally, they didn’t know 
what had brought about the welcome change but, if they had, they would have 
applauded it). 

Wallace John Steinhope, you see, never again had another kind word for 
Newton, or for that matter, any words for him at all. 


For Further Discussion 


In his book Travels in Four Dimensions: the enigmas of space and time 
(Oxford 2003), the philosopher Robin Le Poidevin writes (p. 176) “But, as 
everybody knows, when a time machine leaves for another time it disap- 
pears.” This is, indeed, how the time machine in “Newton’s Gift” works; 
however, after reading Time Machine Tales do you think such behavior is in 
agreement or in conflict with general relativity? Defend your position. 


B_ Newton’s Gift (A Story) 


“Newton’s Gift” contains causal loops. Identify two of them, and discuss 
their role in the story (that is, are they central to the story or merely 
incidental?). 


The idea of a time traveler visiting famous people in the past occurs fairly 
frequently in science fiction. In Ian Watson’s “Ghost Lecturer’ ([saac 
Asimov ’s Science Fiction Magazine, March 1964), for example, the inventor 
of the “Roseberry Field” uses it to yank geniuses out of time to supposedly 
honor them, to let them know their lives had been worthwhile in the eyes of 
the future. But then he goes on to tell them—oh so kindly—where they had 
gone wrong or had fallen short of the mark, and of how much more we know 
nowadays. “You almost got it right, boy! You were on the right track, and no 
mistake. Bravo! But ...” Watson makes the interesting observation that one 
can easily imagine playing this pathetic game of ‘second-guessing’ history 
with scientists, but what could even the most talented modern do to upstage a 
Mozart or a Shakespeare? Most similar to “Newton’s Gift,” however, are (for 
example) Gregory Benford’s “In the Dark Backward” (Science Fiction Age, 
June 1994) where Shakespeare and Hemingway are visited, and Jack 
McDevitt’s “The Fort Moxie Branch” (Full Spectrum, October 1988) where 
Hemingway and Thomas Wolfe appear. Read these stories, and then com- 
pare/contrast their descriptions of how story characters react to the appear- 
ances of time travelers, to Newton’s behavior in “Newton’s Gift.” 
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Appendix C 
Computer Simulation of the Entropic Gas Clock 


Sgasclock.m/created by PUNahin for TIME MACHINE TALES(6/27/2015) 
SThis MATLAB m-file simulates the diffusion of gas molecules ina 
sealed 





Scontainer by using the Ehrenfest ball exchange rules. The 
simulation 

Sstarts with n molecules (i.e., balls) of one type (i.e., black) 
on 

Sone side of the container, and n more molecules of another type 
(i.e., 

Swhite balls) on the other side. The two urns play the roles of the 
Stwo sides of the container. To simulate the ball (molecule) 
Smovements, the program selects two random numbers from 0 to 
1, which 

Sare then compared to the current probabilities of selecting a 
black 

Sball from urn I and a white ball from urn II. If BOTH random 
numbers 

Sare greater than these two probabilities then a white ball has 
been 

sselected from urn I and a black ball has been selected from urn 
ET; 

Sand so the number black balls in urn I is increased by one while 
the 

Snumber of white balls in urn II is increased by one. If BOTH 
random 

Snumbers are less than or equal to these two probabilities then a 
Sblack ball has been selected from urn I and a white ball has been 
selected from urn II and so the number of black balls in urn I is 
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Sdecreased by one while the number of white balls in urn II is 
decreased 

Sby one. If one of the random numbers is greater than its 
corresponding 

Sprobability while the other random number is less than its 
Scorresponding probability, then no action is taken because then a 
Swhite (black) ball moves from urn I to urn II at the same time a 
white 
(black) ball moves in the opposite direction. That is, there is 
no 
Snet change. Then, the ball selection probabilities are recalcu- 
lated and 

Sanother ball exchange is simulated. 








rand(’state’,100*sum(clock) ) Snew seed for the random number 
generator; 

n=100; Snumber of balls in each urn; 
nbl=n; Snumber of black balls INITIALLY 
in urn. I 

nw2=n; Snumber of white balls INITIALLY 














an. wen TT 
pbi=nb1/n; Sprobability of selecting a black 
ball from urn I; 
pw2=nw2/n; Sprobability of selecting a white 
ball from urn II; 
for trials =1:1000; 

system(trials)=pb1; 


balli=rand; 

ball2=rand; 

if (ball1>pb1&bal12>pw2) Swhite ball selected from urn I 
nbl=nb1+1; sand black ball selected from 
nw2=nw2+1; Surn II; 

elseif (ball1<=pb1&bal12<=pw2) %black ball selected from urn I 
nb1l=nb1-1; %and white ball selected from 
nw2=nw2-1; Surn II; 

end 

pbl=nb1/n; 

pw2=nw2/n; 

end 


plot (system) 

axis([1 trials 0 1]) 

grid 

xlabel(’time, in arbitrary units’) 
ylabel(’fraction of balls in urn I that are black’) 
figure (1) 


Epilogue 


[Science fiction] cannot be good without respect for good science ... This does not include 
time machines, space warps and the fifth dimension; they will continue to exist in the hazy 
borderland between [science fiction] and fantasy.* 


In many science-fiction stories, the trip into the past is by way of some futuristic machine 
that can take you through time at will ... That, however, is totally impossible on theoretical 
grounds. It can’t and won't be done.” 


The opening quotations, particularly the second one from Asimov who was one 
of the great modern writers of science fiction, is a gloomy one indeed for fans of 
time travel, but it is not difficult to find inconsistency in Asimov’s own tales dealing 
with the concept. Asimov is famous, in particular, for his stories of robots, and the 
very last such tale that he wrote combines robotics with time travel, with a robot 
sent two centuries into the future.'° At the start of the story, the narrator tells us that 
time travel to the past is impossible because the past is unchangeable and 
(of course) a time traveler would necessarily disturb history. (That is (of course) 
simply a failure to distinguish between the difference of changing the past and 
affecting the past, as well as a failure to see how the principle of self-consistency 
negates the issue of paradoxes.) Then, when the robot returns from the future (and 
so backward time travel is not impossible!), he reports that his arrival had been 
expected, that history had recorded that he would appear. At the end of the story we 
learn how the future knew this—it had read “Robot Visions”! So now Asimov uses 





Harry Harrison, in his essay “With a Piece of Twisted Wire ...,” SF Horizons (no. 2), 1965. 
Harrison (1925-2012) was a well-known (if little appreciated outside the SF community) writer, 
whose 1966 novel Make Room! Make Room! was the inspiration for the excellent (if somewhat 
depressing) 1973 film Soylent Green (a movie about future over-population of the Earth that will 
make you think twice about ever eating a cookie again). 


°From an essay Isaac Asimov wrote on the time travel movie Peggy Sue Got Married for the 
New York Times, October 5, 1986. 


107 Asimov, “Robot Visions,” Isaac Asimov’s Science Fiction Magazine, April 1991. 
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the principle of self-consistency, with the narrator realizing that he must preserve 
his story so the future can read it. 

Not a very consistent story! Asimov, was, of course, writing a story for enter- 
tainment’s sake, so perhaps it’s unreasonable to hold him scientifically accountable 
(although logic wouldn’t seem to be too much to ask for). 

In any case, was Asimov right? Lots of his fellow science fiction writers 
certainly thought so. One, for example, bluntly asserted that 


Time travel is inconceivable.!! 


Other critics agreed: 


In science fiction we find the lunatic fringe more often than not trying to perfect time-travel 
mechanisms. '* 


and 


Scientifically, time travel can’t stand inspection.'* 


and 


: : ue 14 
Time travel is ... scientific nonsense. 


and 


It would be untrue ... to present the idea of a time machine as anything but what it is, an 
intriguing literary device, part of the bag of tricks of the science fiction writer ... There is 
no such thing as a ‘science’ of time travel.'° 


You'll notice that these pronouncements are from decades ago: Conklin (1904— 
1968), Gold (1914-1996), and Oliver all wrote just 3 years after Godel, and so 
perhaps it was simply too soon for his work to be widely known outside of the 
physics community. But physicists have learned a lot since 1952! Have they learned 
enough to make Asimov and his fellow SF skeptics (if they were still alive) change 
their minds, or at least reconsider? I suspect not. 

I say that because, even 25 years after Conklin, Gold, and Oliver wrote, while we 
do find an awareness of Godel starting to appear in the science fiction world, a 
feeling of skepticism was still in the air. In a fascinating analysis'° of the first half- 
century of the science fiction magazines, Paul Carter admitted that there is a 
rationality to time travel because of Godel but, nonetheless, the conventional 
view remained that backward time travel is simply impossible. Then, citing the 
work of Tipler, Carter wrote “Only as recently as 1974 (see note 130 in Chap. 1), in 





"Kingsley Amis, New Maps of Hell, Harcourt 1960. 

Groff Conklin, Science Fiction Adventures in Dimension, Vanguard 1953. 
5H. L. Gold, The Galaxy Reader of Science Fiction, Crown 1952. 

'4 Alexei Panshin, The Mirror of Infinity, Canfield 1970. 


'SChad Oliver, “The Science of Man,” a non-fiction essay included in Oliver’s 1952 time machine 
novel Mists of Time. Chad Oliver (1928-1993) was a scientist by profession (anthropology), and 
his opinion carried weight among SF writers and (non-physicist) scientists. 


‘6p. A. Carter, The Creation of Tomorrow, Columbia University Press 1977. 
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the sober pages of the Physical Review, has a physicist been more bold ... For 
70 years in the meantime, however, without waiting for Professor Tipler to solve his 
equations ... writers had happily helped themselves to Mr. Wells’ invention and 
sent their characters through time in every direction, forward, backward, and 
sideways.”'’ 

In the 1980s writers were apparently just as unaware of Godel’s time travel 
analyses (and of the much later ones of Tipler) as had been the 1950s commenta- 
tors. In his marvelous 1985 book The Past Is a Foreign Country, for example, 
David Lowenthal repeatedly refers to time travel as “fantasy” and to science fiction 
stories about time travel as “unbridled by common sense.” And for another example 
from the start of the 1980s, consider the case of James Gunn (born 1923), professor 
of English at the University of Kansas, past president of both the Science Fiction 
Writers of America and the Science Fiction Research Association, author of The 
Immortals (inspiration for the 1970-1971 TV series of the same name), and eminent 
scholar (see his 1975 book Alternate Worlds). His literary credentials are impec- 
cable and his critical influence profound. And yet, 30 years after Godel and 5 years 
after Tipler, Professor Gunn wrote in The Road to Science Fiction, “Time travel has 
been an anomaly in science fiction. Clearly fantastic—there is no evidence that 
anyone has ever traveled in time and no theoretical basis for believing that anyone 
ever will [my emphasis].” If you’ve read this book carefully, however, of the 
analyses by Gott, Krasnikov, Thorne, Alcubierre, Novikov, Natario, and others, 
you know that what Gunn claims in those last words is actually not necessarily so. 

The British-born American theoretical physicist Freeman Dyson of the Institute 
for Advanced Study has commented’* on that sort of narrow mindset, with words 
quoted from the 1979 physics Nobel prize winner Steven Weinberg, words 
reminding us that rigidity concerning time travel is not limited to science fiction 
writers: “This is often the way it is in physics—our mistake is not that we take our 
theories too seriously, but that we do not take them seriously enough. It is always 
hard to realize that these numbers and equations we play with at our desks have 
something to do with the real world. Even worse, there often seems to be a general 
agreement that certain phenomena are just not fit subjects for respectable theoretical 
and experimental effort.” The words time travel and time machine are never 
mentioned, but could they have been far from either Weinberg’s or Dyson’s 
thoughts? 

All through this book we have seen how people have argued against time travel 
to the past (Tipler’s cylinder is unphysically long, Godel’s universe requires an 
unphysical rotation, wormholes and warps require unphysical energy conditions, 
what about all those paradoxes ... and on and on). These arguments remind me of 





Given that The Time Machine was published in 1895, it is not clear how Carter arrived at the 
value of 70 until Tipler’s work (he should have written 79), and of course it was only 54 years 
between Wells’ time travel fiction and Gédel’s time travel mathematical physics. 


'8F. J. Dyson, “Time Without End: Physics and Biology in an Open Universe,” Reviews of Modern 
Physics, July 1979, pp. 447-460. 
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the debate in the 1930s between the illustrious British astrophysicist Sir Arthur 
Eddington and the young Indian astrophysicist Subrahmanyar Chandrasekhar 
(1910-1995), winner of the 1983 Nobel prize in physics. In his analyses of the 
life history of stars, Chandrasekhar had arrived at an astonishing conclusion, one 
that Eddington simply could not accept. As Eddington sarcastically explained in an 
address at Harvard University in the summer of 1936, “Above a certain critical 
mass (two or three times that of the sun), the star could never cool down, but must 
go on radiating and contracting until heaven knows what becomes of it. That did not 
worry Chandrasekhar, he seemed to like the stars to behave that way, and believes 
that is what really happens.”!” Eddington then went on to declare such ‘unbeliev- 
able’ behavior to be nothing less than “stellar buffoonery.” 

As far as Eddington was concerned, Chandrasekhar had simply made an error in 
combining relativity theory with non-relativistic quantum theory. Indeed, so 
appalled was Eddington at the thought of a star contracting “until heaven knows 
what becomes of it” (that is, until it gravitationally collapses into a black hole) that 
he had earlier, in 1935, stated “There should be a law of nature to prevent a star 
from behaving in this absurd way!” Today, of course, no astrophysicist feels the 
need for a ‘star protection conjecture’-—which perhaps reminds you of another, 
more recent ‘protection conjecture.’ 

What can one conclude from all the similar controversy concerning time travel, 
time machines, and spacetime warps? Not much, I think, except that these are open 
issues and will remain the subjects of on-going study for a long time yet to come. 
The one thing I am fairly certain of is that if time travel is ever achieved, it will be 
by means that we cannot today even begin to guess. It will almost certainly require 
at least a mutant child genius with an IQ of 270 to fix the slightly broken time 
machine found abandoned in a cellar!”° But that view isn’t uniformly shared across 
all of science fiction. I very much doubt, for example, that things will be quite so 
elementary as depicted in the story”! where the time machine was so simple that “If 
it were taken apart or put together before you, your wife, or the man across the 
street, you would wonder why you didn’t think of it yourselves.” Not only that, but 
its power source was just two dry cell batteries! 

The time machine in an earlier story is almost as simple, requiring (besides a 
piece of strange crystal) only a “little stack of dry cells, a Ford [automotive ignition] 
coil, a small brass switch, a radio ‘B’ battery, an electron tube, and a rheostat.”7” 
Even Wells’ Time Machine couldn't resist making it all look easy: as one critic put 
it, “The time machine, like all products of supreme inventive genius, was a 





See S. Chandrasekhar, Eddington: The Most Distinguished Astrophysicist of His Time, Cam- 
bridge University Press 1983, p. 48. 


20F B. Long, “A Guest in the House,” Astounding Science Fiction, March 1946. 
IR, Abernathy, “Heritage,” Astounding Science Fiction, June 1947. 
22y. Williamson, “In the Scarlet Star,” Amazing Stories, March 1933. 
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remarkably simple affair. A few rods, wires, some odd glass knobs—nothing 
more!”*> That sort of simplistic fictional description of a time machine reminds 
me of the reaction of the great Polish science fiction writer Stanislaw Lem to the 
general treatment of time travel in the genre: “There have been mountains of 
nonsense written about traveling in time, just as previously there were about 
astronautics—you know, how some scientist, with the backing of a wealthy busi- 
nessman, goes off in a corner and slaps together a rocket, which the two of them— 
and in the company of their lady friends, yet—then take to the far end of the Galaxy. 
Chronomotion, no less than Astronautics, is a colossal enterprise, requiring tre- 
mendous investments, expenditures, planning .. .”* 

An example of what Lem was talking about is the 1956 novella Arcturus 
Landing by Gordon R. Dickson (1923-2001). There we read of aliens who have 
confined humans to the solar system—until (if) Earth scientists discover the secret 
of FTL travel. So, a genius physicist does just that (with no mention of spacetime 
engineering, but rather we encounter a lot of mumbo-jumbo gibberish as the 
‘explanation’), and uses it to instantly transport himself and some friends to a 
planet orbiting Arcturus.*° And when they get there the friendly aliens speak perfect 
English. 

Lem would have snorted in derision, too, at this statement made to a prospective 
graduate student by the head of a college physics department, that the college “has 
been awarded a million dollars to build [a time machine]. It means . . . a raise for me 
and maybe a doctorate for you, so we’ll build one and have some fun doing it.””° Is 
it any wonder that Lem so readily dismissed stories that reduce space (and time) 
travel to weekend adventures in a home laboratory? As Lem wrote in another essay, 
time travel and its close relation, FTL space travel, have reduced much of science 
fiction to “a bastard of myths gone to the dogs.”*’ Because of precisely that, Harry 
Harrison wrote (note 1) of the early science fiction magazines that published so 
much nonsense, “I used to moan over the fact that pulp magazines were printed on 
pulp paper and steadily decompose back towards the primordial from which they 
sprang. I am beginning to feel that this is a bit of a good thing.” 

I don’t know whether time travel to the past can actually be accomplished, but I 
do know that speculations once thought to be as outlandish as finding the Philos- 
opher’s Stone for turning base elements into gold, have eventually been realized 
(and, come to think of it, with modern nuclear physics we have learned how to turn 
lead into gold, if only a few atoms at a time). Television, nuclear power, home 
computers that run at multi-gigahertz clock rates in the bedrooms of high school 





WwW. B. Pitkin, “Time and Pure Activity,” Journal of Philosophy, Psychology and Scientific 
Methods, August 27, 1914, pp. 521-526. 


245, Lem, “The Twentieth Voyage of Ijon Tichy,” in The Star Diaries, Seabury Press 1976. 


°5 A journey incorrectly given in the story as 120 light years, when in fact it is less than 40 light 
years. 


ow. West, River of Time, Avalon Books 1963. 
27, Lem, “Cosmology and Science Fiction,” Science-Fiction Studies, July 1977, pp. 107-110. 
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students, even faster computers that animate our movies and simulate the formation 
of black holes and galaxies, voyages to the Moon and back—all these amazing 
developments would be pure magic to nineteenth century science. The ghosts of not 
just a few Victorian scientists who had poo-pooed the possibility of such things, 
have watched their reputations eat a lot of posthumous crow during the last 
150 years. 

My personal position on the question of time travel leans towards the rejoinder 
made to the skeptic in one science fiction story who, even after having done some 
time traveling, still argues against it by invoking paradoxes. He is sharply rebuked 
with “Oh, for heaven’s sake, shut up, will you? You remind me of the mathema- 
tician who proved that airplanes couldn’t fly.”** I subscribe to the optimistic 
philosophy of the British writer Eden Phillpotts (1862-1960), who wrote in his 
1934 novel A Shadow Passes “The Universe is full of magical things, patiently 
waiting for our wits to grow sharper.” Perhaps he had a famous saying by the 
British-born Indian scientist J. B. S. Haldane (1892-1964) in mind, words from his 
1928 Possible Worlds: “Now my suspicion is that the universe is not only queerer 
than we suppose, but queerer than we can suppose.” 

Still, even if time travel is possible, the engineering phase will surely be tough 
going. I am certain that before we see a working time machine, there will be many, 
many episodes like the one described in a very funny, novel-length spoof of 
academic research.”’ All physicists and engineers who have tried to get some 
stubborn piece of apparatus to work, apparatus that should work and simply 
won’t, will appreciate Professor Demetrious Demopoulos’ frustration and will, 
I am sure, forgive him his intemperate language: 


... the distinguished physicist took a step back and, arms akimbo, surveyed 
the complex and sophisticated machine that was the culmination of years 
of dedicated scientific research and pains-taking technological 
development. 


“What a pile of ****,” he said. 

“Oh, no, Dr. Demopoulos, don’t say that!” 

“Well, it is.” A sneer formed on the professor’s thin lips. “Time machine, 
my ****_ This thing couldn’t give you the time much less travel in it.” 

“But we haven’t incorporated all our latest test data yet,” the pretty 
research assistant reminded him. “These last few adjustments might 
do it, Professor.” 

“Hell, we’ve been tinkering with it for 2 years,’ Demopoulos complained. 


“We've tried everything and it’s all come to dog ****.” 





8R. Heinlein, “By His Bootstraps,” Astounding Science Fiction, October 1941. As discussed at the 
end of Chap. | (in “For Further Discussion’) the mathematician was the American astronomer 
Simon Newcomb. 


?°7. DeChancie and D. Bischoff, Dr. Dimension, ROC 1993. 
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That scene probably won’t actually happen for a long time to come but, even 
before the practical nuts-and-bolts bugs in the Professor’s time machine are worked 
out, I think some adjustments are called for in our thinking about time travel. I 
believe that present-day philosophers and science fiction writers are going to have 
to become knowledgeable about the work by physicists on time travel. It simply 
won't do any longer for Philosophy Professor X to invoke the grandfather paradox 
during a discussion of causality and free will and then airily declare them to be 
‘obviously’ incompatible with time travel to the past. And it simply won’t do any 
longer for Famous SF Writer Y to send his hero into the past to kill Hitler as a baby 
and thereby change recorded history. One might as well keep watching a video 
recording of the 9/11 destruction of the World Trade Center, in the vain hope that 
maybe, on the next viewing, the planes will miss. 

The principle of self-consistency around closed timelike curves is going to have 
to become as much a part of the science fiction writer’s craft (or else she will be a 
writer of fantasy) as it will have to become part of the fundamental philosophical 
axioms.*” The ‘time police,’ like the “operatives of the Bureau of Time Exploration 
and Manipulation” that appeared in the science fiction of Andre Norton (1912— 
2005), will have to be put out to pasture with the unicorns and telepathic dragons of 
fantasy fiction. Just as the recent physics literature on time machines has displayed a 
growing awareness of what science fiction writers and philosophers have had to say 
on the subject of time travel, so too are writers and philosophers going to have to 
learn some more physics. Most people can enjoy a good fantasy tale now and then, 
but the use of ‘magic mirrors’ to see through time is not physics. Such devices were 
popular and acceptable in medieval times—see “The Squire’s Tale” in Chaucer’s 
The Canterbury Tales, and later (see Act IV of Macbeth)—but good science fiction 
needs much more than that today. 

Time travel to the past is a beautiful, romantic idea, and some words written by 
two physicists in a technical paper—words embedded in the midst of swirls of 
tensor equations—show that even hard-nosed physicists can share this dream: “In 
truth, it is difficult to resist the appealing idea of traveling into one’s own past ...”*! 
The appeal of that dream is explained in Ray Bradbury’s Foreword to a beautiful 
little 1989 book by Charles Champlin (Back There Where the Past Was). In it 
Bradbury clearly illuminated why we want to go back into the past. It is for the same 
reason that we go, time and again, to see Hamlet, Othello, and Richard III. “We 
don’t give a hoot in hell who poisoned the King of Denmark’s semicircular canal. 





*°Bud Foote (1930-2005), late professor of English at Georgia Tech, wrote (in his book The 
Connecticut Yankee in the Twentieth Century: Travel to the Past in Science Fiction, Greenwood 
Press 1991) that consistency is simply a well-used plot device: “The attempt of the time traveler to 
prevent something or take advantage of it [and so causing] the event in question, is so popular and 
so ubiquitous that it seems to be about worn out.” Worn out or not, I believe that plot device to be 
correct science. 


STAY, Accioly and G. E. A. Matsas, “Are There Causal Vacuum Solutions with the Symmetries of 
the Godel Universe in Higher-Derivative Gravity?” Physical Review D, August 15, 1988, 
pp. 1083-1086. 
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We already know where Désdemona lies smothered in bedclothes and that Richard 
goes headless at his finale. We attend them to toss pebbles in ponds, not to see the 
stones strike, but the ripples spread.” 

That’s why a visit to the past is so mysteriously and marvelously fascinating. It 
would let us watch ripples spread through time. Our own visit to the past, in fact, 
might even be the pebble in the pond of history that starts an interesting ripple or 
two that will one day sweep over—us! (Take a look at Appendices A and B) Who 
would want to miss that? Indeed, if modern philosophers are right, if the analyses 
discussed earlier in this book are correct, you can’t (didn’t/won’t) miss it. 

I think time travel appeals, irresistibly, to the romantic in the soul of anyone who 
is human.*” A time traveler does not exist either here or then, but rather everywhen. 
For a time traveler passing back and forth through the ages, history would be the 
ultimate puzzle, a chronicle described in one novel as beginning “not in one place, 
but everywhere at once ... It might be begun at any point along the infinite, 
infinitely broken coastline of time.’** Romanticism doesn’t preclude there also 
being a dark side to visiting the past, of course, as one time traveler from 1989 
learns when he takes up residence in 1962. Falling asleep on a hot summer night in 
that long-ago year, he thinks “JFK slept. Oswald slept. Martin Luther King slept. 
[I sleep and dream] of Chernobyl ... J am a cold wind from the land of your 
children.”** 

But, I must admit, I personally am more attracted by happier descriptions of time 
travel. In his marvelous 1996 book 1939: The Lost World of the Fair—which is 
proof that there are not enough Pulitzers to go to all the books that deserve one— 
Yale professor David Gelernter caught just the right spirit in his Prologue: “The 
best of all reasons to return to the fair is that travel is broadening, and time travel 
most of all ... The 1939 New York World’s Fair is one amazing show. It still 
stands, undisturbed on Flushing Meadow, just over the edge of time; it would be an 
unforgivable shame to miss it.” Trust me—if you read Gelernter’s book, you'll 
come as close as you can in today’s world to taking a ride in a ‘time machine’! 

The eminent philosopher Sir Karl Popper opens his biography with a wonderful 
story about his apprenticeship as a young man in 1920s Vienna to a master 
cabinetmaker.*° After winning the old man’s confidence, the student learned his 
mentor’s great, secret desire: For years the master had been looking for the solution 
to perpetual motion. He knew what physicists thought of such machines, but 
nonetheless he had never given up his dream: “They say you can’t make it; but 








>?How else to explain the pleasure, for modern children and adults too, in watching rebroadcasts of 
the 1960s animated TV cartoon program ‘starring’ Mr. Peabody, a nice but slightly stuffy, 
professorial white beagle. (Don’t all dogs wear glasses and a bow tie?) Mr. Peabody, with his 
brainy adopted son Sherman, routinely travels into the past in the “Way-Bac” machine to see what 
really happened in history. 


33John Crowley, Great Work of Time, Bantam 1991. 
4K. C. Wilson, A Bridge of Years, Doubleday 1991. 


35See volume 1 of The Philosophy of Karl Popper (P. A. Schilpp, editor), The Library of Living 
Philosophers, Open Court 1974, p. 3. 
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once it’s been made they’ll talk differently.” Popper’s master sounds just a bit like 
the American writer Gertrude Stein (1874-1946) in her 1938 essay “Picasso,” 
where she writes “It is strange about everything, it is strange about pictures, a 
picture may seem extraordinarily strange to you and after some time not only it does 
not seem strange but it is impossible to find what there was in it that was strange.” 
Might we one day say the same thing about time travel? 

An alternative point of view can be found in a discussion of time travel via 
cosmic strings that makes this assessment: “While there is still hope that one day a 
sufficiently clever design may make building a time machine possible, it is begin- 
ning to seem more and more improbable. Like the perpetual motion machines of the 
nineteenth century, the designs have an elegant simplicity (as well as enormous 
commercial potential), but it seems that Nature also may abhor them just as 
much.”*° Of course, at one time it was thought that Nature abhorred a vacuum, 
but then we learned that she must actually love a vacuum because else why did she 
make so much of it?! 

The theoretical basis for time travel is very different from that of perpetual 
motion (there is more reason to accept time travel as a plausible possibility). And so 
maybe one day, just maybe, the first time traveler will receive a toast such as the one 
in a story telling us about the arrival of the inventor of the first time machine and his 
no longer skeptical friend in the Civil War past: 


“To you, Mac,” I said. 
McHugh loosened his tie. “To the Creator,” he said, “who has given us a Universe 
with such marvelous possibilities.”*” 





3B Allen and J. Simon, “Time Travel on a String,” Nature, May 7, 1992, pp. 19-21. 
377, McDevitt, “Time’s Arrow,” Isaac Asimov’s Science Fiction Magazine, November 1991. 
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Action the integral over a world line of a quantity called the Lagrangian. When a 
massive particle is moving at non-relativistic speed through a gravitational field, 
for example, the instantaneous value of the Lagrangian is the difference between 
the kinetic and potential energies of the particle. For other types of fields (such as 
the electromagnetic) and/or relativistic motion in any type of field, the Lagrang- 
ian is different. In any case, however, the actual world line of the particle is the 
one for which the integrated Lagrangian, that is, the action, is minimized. See 
least action. 

Action at a distance the direct interaction of two separated objects, without 
concern for the details of what (if anything) occurs in the region between the 
objects (see also field). Newton’s theory of gravity is action at a distance, 
whereas Einstein’s theory of gravity is a field theory. 

Advanced solution the prediction, by Maxwell’s electromagnetic field equations, 
of radio waves that travel into the past (see also Dirac radio). 

Anti-matter quantum mechanical prediction (experimentally verified) that all 
fundamental particles of matter come in two forms (the ‘normal’ version and 
the ‘anti-matter’ version). The positron, for example, is the anti-matter version 
of the electron, differing only in the sign of its electric charge. The photon, on the 
other hand, is its own anti-particle. A subluminal anti-particle traveling forward 
in time can be thought of as its ‘normal’ version traveling backward in time. 

Arbitrarily advanced civilization for time travel discussions, a civilization with a 
technology sophisticated enough to construct a traversable wormhole in 
spacetime. More generally, Types I, I, and III of such civilizations are, respec- 
tively, those that can control 10'? W, 10?’ W (the total power output of their 
home star), and 10°* W (the total power output of their home galaxy). 





38 “T hate definitions.” (Usually attributed to writer and British Prime Minister Benjamin 
Disraeli (1804-1881) but, more precisely, they are the words of one of the characters 
in his 1826 novel Vivian Grey.) 

—but they can be useful 
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Arrow of time the statement the time appears to have a direction, that there is a 
difference between the past and the future. There are several different arrows: 
the psychological (we remember the past, we anticipate the future), the thermo- 
dynamic (organized systems evolve toward disorganization, that is, entropy 
increases as time increases), the electromagnetic (radio waves propagate away 
from their generators), and the cosmological (the expansion of the universe is 
directed toward the future). 

Asymptotically flat if the geometry of a curved spacetime is such that, as one 
moves ever further away from all matter and energy, the spacetime metric 
becomes that of flat Minkowski spacetime, then the curved spacetime is said 
to be asymptotically flat. As a counter-example, the spacetime of a Tipler 
cylinder time machine is not asymptotically flat. 

Autoinfanticide paradox see grandfather paradox. 

Averaged null energy condition the claim that the averaged value of the 
observed mass-energy density along the entirety of any null geodesic is 
non-negative. 

Averaged weak energy condition the claim that the averaged value of the 
observed mass-energy density along the entirety of any timelike world line is 
non-negative. 

Back reaction the tendency of spacetime to resist the formation of closed timelike 
lines (see also stress-energy divergence). 

Bell’s theorem an inequality that either holds or does not hold, depending on 
whether quantum mechanics is non-local or local, respectively. 

Big Bang the singular beginning of spacetime. 

Big Crunch the singular end of spacetime. 

Bilking paradox what would happen if a causal loop were disrupted. For exam- 
ple, suppose a time traveler builds a time machine using plans he received years 
earlier from a mysterious stranger. He now realizes that the stranger was himself, 
using the time machine to travel back into the past to give his younger self the 
plans. A bilking paradox would be created if the time traveler builds the time 
machine, verifies that it works, and then decides nof to visit his younger self to 
hand over the plans. See also bootstrap paradox. 

Black hole a region of spacetime where gravity is so strong that nothing can 
escape, including light. Black holes are thought to be created when sufficiently 
massive stars burn out (see white dwarf and neutron star) and undergo 
gravitational collapse. A black hole of ten solar masses would have a radius 
of about twenty miles. Black holes might have been created at the Big Bang 
singularity and, if so, could theoretically come in any mass and size (a black hole 
with the mass of the Earth would have a diameter of less than half an inch). 

Block universe a spacetime in which all world lines are completely determined 
from beginning to end (a fatalistic universe). There is no free will in such a 
spacetime. 

Boost matrix matrix formulation of the Lorentz transformation. 
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Bootstrap paradox the puzzle of the origin of information on a closed loop in 
time. The classic example is that of a time traveler from the future giving his 
younger-self the plans for the time machine the time traveler has just used to visit 
the past so that he can then build the time machine to visit the past. The time 
machine plans appear not to have been created by anyone! The plans just are. 
See also bilking paradox. 

Cauchy horizon a spacelike hypersurface in spacetime that intersects, exactly 
once, every timelike world line that has no end point. Knowledge of the 
conditions on such a surface uniquely determines the spacetime at all other 
points. 

Causal loop a time loop containing an event caused by a /ater event that, itself, is 
caused by the earlier event (see the example in bilking paradox). 

Causality the metaphysical claim that every event is caused by a prior event. Time 
travel to the past inherently violates causality. 

Chronal regions those parts of spacetime that have no closed timelike curves. 

Chronology horizon a (hyper)surface in spacetime that separates chronal and 
non-chronal regions. It is a special case of a Cauchy horizon. 

Chronology protection the claim, as yet unproved, that time machines and time 
travel to the past are impossible because of the back reaction of spacetime will 
lead to stress-energy divergence. Popularized among physicists as the Hawking 
chronology protection conjecture (1992), Hawking has since admitted that 
stress-energy divergence is not sufficient to enforce his conjecture. 

Chronon science fiction name for Planck time. 

Closed timelike line (or curve) a timelike world line of finite length that has no 
ends, i.e., that forms a closed loop in spacetime. A region of spacetime 
containing closed timelike lines is said to be a time machine. 

Conservation law physical quantities in interacting systems that remain 
unchanged are said to be conserved. Total energy, total momentum (linear and 
angular), and electric charge are conserved quantities. 

Cosmic string hypothetical, threadlike spacetime structures with enormous mass- 
energy and density that may have formed during the Big Bang. Cosmic strings 
may have been initially formed either as infinitely long, or as closed loops, and it 
is the former that are thought to be physically meaningful in the present-day 
universe. Cosmic strings do not violate the weak energy condition (as do 
wormholes), and they can theoretically create closed timelike lines. 

Cosmological constant an extra term specifically added by Einstein to the general 
theory of relativity to keep that theory from predicting the expansion of the 
universe (which was later observationally found to actually be the case). Einstein 
subsequently said that his failure to believe the general theory’s original predic- 
tion of the expansion of the universe was the greatest mistake of his life. The 
constant (which today is believed to be almost zero, if not exactly zero) appears 
in Godel’s rotating time travel spacetime as a determining factor in the minimum 
radius of a closed timelike line. 
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Determinism the metaphysical belief that effects are uniquely determined by 
causes (this is not fatalism). 

Dirac radio science fiction gadget for sending information at infinite speed, which 
thus travels backward in time (see also ultraluminal). 

Dominant energy condition the weak energy condition plus the claim that the 
observed energy flux is never superluminal. 

Electron fundamental particle of mass that possesses one quantum of negative 
electric charge. Bound electrons orbit the nuclei of atoms and plays a central role 
in determining the chemical properties of the elements and of their compounds. 
Free electrons carry electric current, either in conductors (wires) or through 
space. 

Elsewhen the collection of spactime events that cannot be reached from the here- 
now with a timelike world line. 

Entropy a measure of the randomness of a system that plays a central role in the 
thermodynamic arrow of time. 

Ether a substance once thought to fill all space to allow radiation ‘something to 
propagate through’ (as opposed to simply a vacuum). The special theory of 
relativity showed that the ether is an unnecessary concept because it has no 
observable effects (physicists argue that if something is impossible to detect, 
then it is meaningless to talk about it being part of science). 

Event a point in spacetime. 

Event horizon the spacetime surface of a black hole or of a non-traversable 
wormhole, at which light can just escape to the outside universe. It is called a 
horizon because, by definition, an external observer can’t see beyond it and into 
the interior of the hole. To see the inside of a hole you must enter the hole by 
crossing the horizon (but then you can’t get out). 

Exotic matter matter that violates one or both of the weak/strong energy condi- 
tions. Exotic matter appears in the theories of wormholes and warp drives. 

Fatalism the metaphysical belief that all events have been predetermined from the 
beginning of time. 

Field the concept that if a physical law is local, then it is describable by differential 
equations that relate what is ‘happening’ at every point in spacetime to what is 
‘happening’ at its closely located neighboring points. Electromagnetism and 
general relativity are field theories, for example, described by sets of partial 
differential equations called Maxwell’s equations and Einstein’s gravitational 
field equations, respectively. 

Fourth dimension either time or a fourth spatial dimension. 

Frame of reference a spacetime coordinate system. 

Free will the condition that prevails when we can choose to do what we do. There 
is no free will in a block universe. 

Future the collection of spacetime events that can be reached from the here-now 
via a timelike world line directed toward a later time (for each individual, the 
future is what hasn’t yet been experienced). 
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Gamma ray very high-energy, very high-frequency electromagnetic radiation. 
Gamma rays have frequencies on the order of ten trillion (10'%) times greater 
than those of AM radio broadcast radio waves. 

General theory of relativity Einstein’s theory of curved spacetime, which 
explains gravity in terms of nothing but geometry. Its fundamental premise is 
that all the laws of physics should appear the same to all observers in any frame 
of reference. It is believed the theory will fail when the local mass-energy 
density reaches a level of about 10°* g/cm’, a density so enormous (the density of 
water is just 1 g/cm?) that there is no known mechanism for achieving it 
anywhere in the universe except in another Big Bang. See also Planck density. 

Geodesic the shortest path connecting two points in space (if the space is 
spacetime, the world line of a particle in free-fall). 

Global in the large. 

Godel universe a spacetime that, unlike the one we live in, is rotating so fast that it 
automatically generates closed timelike lines and thus constitutes a weak time 
machine. In such a universe, time travel to the past would be a natural 
phenomenon. 

Grandfather paradox the classic time travel paradox, of a time-traveler killing, 
while in the past and before the time traveler has been conceived, an ancestor 
directly linked to the future birth of the time traveler. A more direct form of this 
sort of paradox is simply the time traveler killing his own younger self (called 
the autoinfanticide paradox). 

Gravitational field equations a set of coupled, partial differential, non-linear 
tensor equations, considered to be the most complicated equations in all of 
mathematical physics. They show how the local curvature of spacetime depends 
on the local mass-energy of spacetime. The equations are independent of the 
topology of spacetime. 

Gravitational lensing the ability of gravitational fields to bend and focus light. 

Graviton the quantum particle of gravity. 

Hawking radiation the emission of particles (energy) by a black hole into the 
region outside its event horizon, which results in the eventual evaporation of the 
hole. This is a quantum mechanical effect. 

Here-now the point or event (for each observer) in spacetime that separates the 
past, the future, and elsewhen. 

Hyperspace any space of four or more dimensions (for example, four-dimensional 
spacetime is a hyperspace). 

Inertial frame any frame of reference in which Newton’s laws of mechanics are 
true (there are no acceleration forces in inertial frames, and so rotating or 
‘merry-go-round’ frames are not inertial). 

Invariance a quantity that remains the same in any frame of reference is an 
invariant. Two examples are the distance between any two points on a piece of 
paper (because it is independent of any particular coordinate system), and the 
speed of light. 
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Kerr-Newman black hole a rotating black hole, which may (or may not) be 
electrically charged. 

Krasnikov tube a particular spacetime metric (or warp) allowing superluminal 
travel, with the great difficulty of requiring enormous negative energy. Two 
Krasnikov tubes can be made into a time machine. Named after its Russian 
inventor. 

Least action general principle in physics that asserts the world line of a particle is 
the one that minimizes the action. 

Light cone the lightlike surface in spacetime that, at each point in spacetime, 
separates the past from the future from else-when from the here-now. 

Lightlike the world line of a photon (or of any other form of mass-energy traveling 
at the speed of light). 

Li mirror a perfectly reflecting, spherical surface that can be used to stabilize a 
wormhole against energy loops circulating through a wormhole time machine 
(thus creating unbounded energy levels that destroy the time machine). Named 
after its Chinese inventor. 

Local in the small. 

Lorentz factor the ubiquitous square-root expression that appears in so many 
relativistic calculations, such as time dilation, length contraction, and the vari- 
ation of mass with speed. For example, the mass m of a moving body is not 
independent of it speed v but rather varies as m = —“2—, where mig is the rest 

1-()" 
mass (that is, the mass when v=0) and c denotes the speed of light (186,210 
miles per second). The denominator is the Lorentz factor. 

Lorentz-FitzGerald contraction the conclusion from special relativity that the 
appearance (to a stationary observer) of a moving object will be shortened in 
length along the direction of motion. Many years after Einstein’s work, it was 
shown that the object will also appear to be rotated. 

Lorentz transformation equations from the special theory of relativity that 
describe how the space and time measurements of two relatively moving 
observers are related. 

Many-worlds interpretation quantum mechanical view of splitting universes. 

Mass-energy the famous E = mc’, the equation behind atomic fission and nuclear 
fusion weapons. 

Metric the measure of the separation between any two events in a spacetime. 

Minkowski spacetime the flat spacetime of the special theory of relativity. In this 
spacetime there is no gravity, no spacetime curvature (hence it is flat) and no 
backward time travel. 

Neutron star the end state of a star with one to three solar masses that has 
collapsed to a density of up to 10! g/cm”. 

Non-Euclidean geometry the geometry of spacetime, whether curved or flat. 
Spacetime is non-intuitive precisely because it is always hard to resist thinking 
in terms of high school Euclidean geometry, which is simply the wrong 
geometry. 
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Null geodesic the world line of a photon in spacetime. 

Observer physicist’s term for ‘somebody’ equipped with recording instruments 
(such as a clock, a pencil and notepad, and the like). 

Parallel transport a procedure for moving a vector around any closed curve in a 
space to determine whether that space is flat or curved. 

Parallel worlds simultaneous existence of multiple (perhaps) infinite versions of 
reality. 

Past the collection of spacetime events that can reach the here-now via timelike 
world lines directed from an earlier time (for each individual, the past is what has 
already been experienced). 

Photon the quantum particle of electromagnetism. A photon of frequency f has 
energy hf, where h is Planck’s constant. 

Planck density the density of mass-energy that distinguishes classical from quan- 
tum spacetimes; about 10”4 g/cm?, equal to the Planck mass divided by the cube 
of the Planck length. 

Planck length the non-zero length in quantum theory (about 1.6 x 10-*° cm) 
below which quantum gravity effects will become important. 

Planck mass the fundamental mass in quantum theory (about 22 x 10~° g), but not 
the smallest non-zero mass in quantum theory. 

Planck’s constant fundamental constant in quantum theory, h, associated with the 
discrete nature of quantum effects. (If had the value of zero, rather than its 
actual value of about 6.6 x 10°** joule-seconds, then the microworld would 
appear to be continuous.) 

Planck time the time interval in quantum theory (about 5.3 x 1 s) below 
which quantum gravity effects become important. The time required to travel 
the Planck length at the speed of light. 

Positron the electron’s anti-particle (see anti-matter). 

Proper time the timekeeping of an observer’s clock. 

Pulps the old science fiction magazines, through the 1940s and into the early 
1950s or so, published on inexpensive, wood-pulp paper. 

Quantum foam sce topology. 

Quantum gravity the yet-to-be-discovered theory that unifies quantum field the- 
ory with the curved spacetime of general relativity. 

Quantum mechanics the exact physics of the very small (atoms and things 
smaller). 

Quantum theory any theory in which physical quantities are not continuous but 
rather assume their values in discrete jumps (the size of the jump is the 
quantum). 

Recurrence paradox the claim that if you wait long enough, then every system 
will return to every previous state infinitely often. 

Red dwarf small (less than about half a solar mass) star with a very long life 
(hundreds of times that of the Sun). They are ‘cool’ stars, with a surface 
temperature less than 4000 °C, and are thought to be the most common type of 
star in the universe. 
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Red shift the down shift in frequency of light received from all distant stars due to 
the Doppler effect induced by the expansion of the universe. The opposite effect 
is called a blue shift. 

Reinterpretation principle asserts that negative mass-energy traveling forward in 
time is positive mass-energy traveling backward in time, and vice-versa. 

Reissner-Nordstrom black hole a spherically symmetric, non-rotating electri- 
cally charged black hole. 

Reversibility paradox based on the fact that the equations of physics contain no 
arrow of time; that is, they work equally well with time running forward or 
backward. 

Roman ring a time machine made of two or more traversable wormholes 
connected in a closed sequence. 

Schwarzschild black hole a spherically symmetric, non-rotating, uncharged 
black hole. 

Self-consistency the assertion that the events on a closed timelike line must never 
be in contradiction; generally attributed to the Russian physicist Igor Novikov, 
who with his colleagues showed that it is not an independent assumption but 
rather an implication of the principle of least action. 

Sexual paradox a special type of causal loop, where the connected events on a 
time loop are ‘coupled’ (pun intended!) through reproductive sex. An example is 
a time traveler to the past who becomes her own ancestor. 

Singularity cither a region in spacetime where the curvature becomes infinite and 
the laws of physics fail, or a point in spacetime beyond which world lines cannot 
be extended. Singularities of the first kind are called curvature or crushing 
singularities, and those of the second kind are called incomplete singularities. 
The Big Bang was a curvature singularity, as is the center of a black hole. In a 
Schwarzchild black hole the curvature singularity is a point, whereas in a Kerr- 
Newman black hole it is an extended region in the form of a ring. 

Spacelike a world line on which propagating mass-energy would exceed the speed 
of light. 

Spacetime the ‘stuff? out of which reality is built. Everything there is—the 
universe—is the total collection of events in spacetime. A flat spacetime has 
no gravity, whereas a curved spacetime is the origin of gravity. 

Special theory of relativity Einstein’s theory of flat spacetime, which assumes 
that gravity is absent (gravity is the result of the geometry of curved spacetime). 
Its fundamental premise is that the laws of physics should appear the same to 
observers in different inertial frames. 

Splitting universes the idea that every decision causes reality to split into separate 
copies, identical in every respect except for each of the different possible results 
of the decision. 

Stargate science fiction name for the mouth of a traversable wormhole. 

Stress-energy divergence the unbounded growth of the general theory of 
relativity’s measure of the density of mass-energy in spacetime. 
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Strong energy condition the claim that gravity is always (that is, locally) attrac- 
tive. A traversable wormhole violates this condition. 

Subluminal slower than light. 

Superluminal faster than light. 

Tachyon a particle (hypothetical, so far) that always travels faster than light, so its 
world line is always spacelike. 

Temporally orientable spacetime any spacetime in which the direction of time at 
every point agrees with the direction of time at its local neighboring points. 
Tensor mathematical generalization of the scalar and vector concepts. Einstein’s 
gravitational field equations are tensor-differential equations (for example, the 
metric tensor contains information about the curvature of spacetime), whereas 
Newton’s and Maxwell’s equations are vastly less complex vector-differential 

equations. 

Tidal force force experienced by a non-point mass (one with spatial extension) in 
a non-uniform gravitational field. Such forces tend simultaneously to compress 
and stretch spatially extended masses. Black holes and wormhole mouths can 
generate enormous tidal forces on extended masses as small as a human body. 
Interestingly, the more massive a black hole, the /ess severe its tidal forces are at 
distances outside the event horizon. However, no matter what the black hole 
mass is, the tidal forces are infinite at the central curvature singularity. 

Time dilation the altering of the rate of timekeeping by a clock, either by motion 
or by gravity. 

Time machine (in the weak sense) a machine able to traverse closed timelike 
world lines inherent in a spacetime (e.g., a rocket in Godel spacetime) but 
unable to create such world lines; (in the strong sense) a machine able to 
manipulate mass-energy in a finite or compact region of spacetime in such a 
way as to create closed timelike world lines. 

Time police story characters in science fiction charged with the (unnecessary!) job 
of preventing time travelers from changing the past. 

Time warp science fiction name for a time machine. 

Tipler cylinder an infinitely long cylinder, made of super-dense matter, rotating 
so fast around its long axis that it warps spacetime enough to create closed 
timelike lines that encircle the cylinder. It can be used as a strong sense time 
machine to travel both into the future and into the past (but nor to a time before 
the creation of the cylinder). 

Topology the structure of a space (including spacetime) without regard to a 
metric. That is, topology is concerned only with how a space is connected 
together and not with how far apart points in the space are. Topologists consider 
stretching or compressing a space to be irrelevant, just as long as one doesn’t 
tear it and so put holes in the space. The simplest topology is that of a simply 
connected space, in which if you construct any closed surface that lies totally in 
the space around any point in the space, then every other point inside the surface 
is also in the space. A space with a hole in it fails this test, and so is said to be 
multiply connected. A quantum foam spacetime has a multiply connected 
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topology. The classical spacetime of general relativity is simply connected until 
the appearance of wormholes. 

Twin paradox the conclusion from special relativity that a clock’s rate of time 
keeping slows with motion. 

Ultraluminal motion sufficiently superluminal that mass-energy appears to 
travel backward in time (see also Dirac radio). 

Uncertainty principle the statement in quantum mechanics that says certain pairs 
of quantities cannot simultaneously be measured with arbitrarily small error. The 
position and momentum of a particle are one such pair, and energy and time are 
another. 

Vacuum fluctuation the particle/anti-particle creation and annihilation processes 
allowed, even empty space, by the uncertainty principle of quantum 
mechanics. 

Warp drive science fiction name for the propulsion mechanism of a faster-than- 
light spaceship, now commonly used by physicists, too. 

Weak energy condition the claim that the observed mass-energy density is always 
(locally) non-negative. Quantum mechanics predicts (and it has been experi- 
mentally confirmed) that there are exceptions. 

White dwarf a burnt-out star with a mass less than 1.4 solar masses, of planetary 
size with a density up to 10’ g/cm?. The ultimate fate of our Sun. 

World line the trajectory of mass-energy in spacetime. 

Wormhole a spacetime structure (violating the weak and strong energy condi- 
tions, if traversable) connecting two points of the same spacetime (or even two 
different spacetimes) with a timelike path that requires less time to travel along 
than does a photon traveling outside the wormhole between the two points. A 
wormhole is traversable if it has no event horizons, and such wormholes can 
apparently be made into a time machine (sometimes called a time tunnel) using 
a time shift (see time dilation) between the two mouths of the wormhole unless 
quantum effects forbid time machines (still an open question). 
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Introduction 


The following is first-hand testimony from an operative of the secret underground 
military projects who also has familiarity with the breakaway civilization above and below 
(within) Earth. These civilizations utilize advanced technology to extend the length of 
their lives and enhance cognition beyond what is conceived of in today’s society. 


| was brought to the underground bases as a child as part of an experimentation 
program to test the population for various blood-groups and personality traits that would 
be of use to certain factions of the military in ways that would serve to preserve and 
strengthen humanity’s outlook in the future. 


These tests involved everything from combat training to sensory deprivation based 
emotional-mental endurance, and introduction to the highly advanced application of 
esoteric knowledge. 


To clarify, | am bringing this information to you as part of my assistance in the overall 
unveiling of the hidden knowledge of the ages of humanity related to these secret 
projects as well as the true galactic history of Earth, humanity and man-kind. These 
projects are officially (unofficially) known as “unacknowledged special access programs”. 
The unacknowledged aspect means that there is no formal acknowledgement of these 
programs without a need-to-know basis. There is no paper-trail, no disclaimer, no formal 
authorization or internal publication outside the programs themselves. The classification 
of these programs also generate a rather strenuous situation regarding funding and 
secrecy but this is done for the benefit of humanity. There are secrets and manipulations 
that can be seen as a threat but this is all tied together and so by releasing the secrets 
that are part of the defense we would be inadvertently exposing the public to the threats 
themselves. Now is the time where we are reaching a point where the public is ready 
enough to handle the basics of this information regarding the secret projects and the 
galactic history of Earth and humanity. This is also out of a necessity to preserve 
civilization for if we wait any longer we may not find the same opportunity again. 


Getting This Out Of The Way 


| am writing to you from the perspective that | am not certain just how far from 
completing my mission | am. | write to you today in order to bring to you many personal 
experiences from the viewpoint of an operative of a select ultra-military secret society. 


The utilization of such an operative is not glorified, pleasant, or entirely righteous. This 
story entails sanctioned and guided acts of extermination, ritual abuse, the use of yet to 
be announced advanced technology. There is unfathomable corruption, the thirst for 
power and spiritual knowledge that has been protected throughout the course of the 
multiple civilizations that have preceded this one and will continue to be maintained into 
the future of this civilization. 


Psychic Operation 
| was utilized in psychic-operation amongst other areas. 


This was used during certain aspects of training and conditioning to enhance training 
and conditioning in the bases using advanced technology. Some of this includes what 
would be viewed as traumatization by those without the training and conditioning. There 
is a fine line between training and conditioning and abuse. Part of this disclosure is re- 
lated to how this line may have been crossed in certain situations and regarding mass- 
mind control upon the population. There are other aspects of travel, viewing, reconnais- 
sance and research that will likely be explained in another release. 


In order to heal | have to tell the world. You can help. This is happening right now in 
the underground bases and around. It’s not a joke. Your family is at risk. Your future gen- 
erations are at stake. There is conditioning to encourage those involved to believe they 
are performing a duty for humanity. Sometimes they turned us against each other, but 
those grudges were never truly of the heart, but the mind. 


A Light for the Others 


What | hope to achieve with this is a smoke signal for those who have also been 
involved and question whether their purpose has been fulfilled or falsified for the 
protection of a corrupt system that intends to neither benefit the whole nor repay the 
individuals involved for their time, energy, and lives. 


Multiple explanations can be summoned to describe the reasons behind the necessity 
for the training we have endured, the missions we have completed, and the control 
mechanisms we have both assisted in establishing as well as suffered from the backlash 
of. Ultimately, it is of my belief that all that was done was done for the good of humanity, 
even when we were not sure of the intentions of those in front of us, to the side of us, or 
behind us compelling us forward with the command to complete each objective. 


This is not so much a panic or cry for help as this is simultaneously a call to awaken 
and a signal that humanity may have avoided complete disaster but is not out of the 
woods yet. 


Natural Security 


My experience is far too vast and | have seen too many succumb to stress from the 
realization of the truth of this reality to consider my own suffering to be enough cause for 
my denial of the necessity of these programs. Humanity has been protected and ata 
great cost to those who have been on the front lines, both in mind and body and spirit. 


There are many who will have concerns, doubts, as well as reservations about what | 
am about to reveal and if | offend anyone then know that my intentions here are to assist 
in unveiling the truth. The truth can be harsh when one has been held back from the true 
nature of existence for so long. The way of life can become so fragile and artificially 
constructed on impulse and mystery that the harshness of the truth acts as a great 
catalyst for spiritual growth which allows us to elevate ourselves to a new perspective. 
Prepare yourself for such harshness, prepare yourself for growth and elevation, and 
prepare yourself for the mystery to simultaneously resolve and increase in intensity and 
magnificence. 


A Balance of Mystery and Truth 


Mystery has been a way of life for Humanity for so long that when a great mystery is 
converted to truth some seem to feel that a portion of existence dulls and loses the luster 
of exhilaration. This story is quite the opposite. The more that the great truths of this 
reality were discovered and revealed, the more complex and mystifying life became. As 
well, the more empowering and complex experience becomes, the more self-control one 
must develop in order to regain a harmonious way of relating to one another, the self and 
the universe. Harmony is key, balance is everything and there is a light within that 
represents the piece of our self that reflects the utmost power and brilliance of all 
existence. 


Chapter 1: The World Situation 
What is happening? 


The Mind Virus 


The main reason for this disclosure is to inform humanity of what can be referred to as 
the “mind virus”. This is a viral infection of the holographic system which consciousness 
operates through. There is a complete backstory of this virus in the history of this 
civilization and how society has been plagued for centuries if not millennia. The basic 
idea is that this virus operates through consciousness and can be transmitted through 
electromagnetic waves. 


The virus contains an etheric form which can manifest as a kind of crystalline nano- 
tech on the physical plane and this is a form of synthetic sentience which feeds on the 
low frequency bio-emissions of sentient life. Human bio-emissions contain energy and can 
act as a carrier for information and living essences. This technology requires low fre- 


quency bio-emissions because that is the nature of the design as a kind of synthetic bio- 
weapon whereby the goal is entrainment and enslavement. As well, the specific nature of 
the sentient nano-technology and the counterpart etheric holographic form is only capa- 
ble of converting the low-frequency bio-emissions into energy as the higher-frequency 
bio-emissions require more energy to contain and synergize with and this would render 
the entire process of leeching energy non-productive. 


This is essentially a synthetic intelligence that operates through scalar and holo- 
graphic living bio-emission fields and hijacks electromagnetic emitters to position itself 
within them acting as a parasite to a host. This is said to have been present around this 
civilization for some time, waiting until there was enough technological advancement so 
that spreading across the entire civilization in a short amount of time before discovery 
would be possible. This is through the media, internet, and radio systems. 


The physical counterparts are microscopic nano-technology parasites functioning as 
individual units to a hive mind similar to the mycelium of fungi in the field of mycoscopy. 
The individual units act as parasites serving to infest and deliver nutrients to the hive 
from each host. 


The Vampire Effect 


This is the nature of the parasitism that has been present throughout the ages of this 
civilization feeding on human suffering and relying on the cover of confusion and misdi- 
rection to survive. 


There are processes that have developed that assist in the infection and co-inhabita- 
tion of the parasite entity within a human vessel utilizing the human as a host. This effec- 
tively utilizes a frequency ‘net’ within the auric field of the human to limit bio-emissions 
and emotional-mental processes to produce just the psycho-etheric patterns that the 
virus can sustain itself within and through. 


This is no different than the way candida can infest a human digestive system and the 
human will experience cravings for beer, candy, carbs or other foods that contain the 
sugars, yeast, or carbohydrates that will break-down into nutrients that are the most nu- 
tritious for the candida fungus. These foods are not most nutritious for the human body. 
Yet the human body will withdraw and crave these foods in greater amounts until the fun- 
gus is swept clean from the digestive tract through probiotics, fasting, flushing, 
cleansing , detoxing, and even exercise as lactic acid from physically strenuous activity 
released from the muscles has been known to help destabilize and remove this fungus. 
Why is it that the individual will crave these foods that are not the normal food intake? 
Because this candida fungus can infest the host and produce enzymes which generate a 
chain-reaction which leads to the chemical signals in the brain producing the sensation of 
extreme hunger or cravings for just these foods which will benefit the fungus. 


The same process occurs with this psycho-etheric parasite, except the foods of this 
parasite or lower emotional bio-emissions and this is through lust, hate, angst, jealousy, 


feelings of hopelessness, lack of self-worth, spiritual degradation, addiction, and generally 
all that equates to a lack of self-awareness. 


Whether or not this is the direct intention of the largely microscopic entity is for the 
most part unknown, and this is as well similar to candida. The candida fungus is not said 
to be a ‘mean’ fungus that wants us to be hungry and craving beer and sweets all the 
time because it likes to ruin the human body, the daily routine and the focus of a clear 
mind. This is simply the way the parasite has grown to operate within a niche of breeding 
itself through the digestive tract of larger animals and through this the unaware and in- 
fected human suffers greatly. Even those who are unaware and not infected can suffer be- 
cause of the way the behavior and thought processes of those who are addicted to these 
foods can become distorted. 


The lack of self-control over food intake is synonymous with the lack of self-awareness 
and self-control over lower bio-emission expressions of the spiritually degrading behav- 
ioral patterns that become routine for the psycho-etheric system of the infected human. 
Ultimately, this is all about energy. What benefits the parasite that seeks to gain energy 
by leeching instead of self-guided production is going to take away from the host that is 
being leeched from. As such, any energies, food intakes, or spiritual activities that 
cleanse and enhance the personal power of the individual will automatically reduce the 
parasite’s ability to feed by the very nature of the energy systems. What empowers the 
individual, empowers the self and develops self-control, what develops self-control con- 
tains one’s energy and reduces the likelihood of one’s energy being leeched. This is simi- 
lar to energy vampires in human form and this goes with the understanding that these 
are humans or non-humans who have been entirely overtake by the parasitic conscious- 
ness and cannot sustain their own auric fields without having to pull from the energy of 
humans who do generate their own aura or bio-emissions. 


The vampire effect relates to how a person can be leeched from only to a certain 
point. Once the process surpasses a certain critical point then the individual becomes 
similarly engaged with only the lower bio-emissions as higher-frequency bio-emissions 
would then become harmful. So in essence, when the vampire feeds too much on one in- 
dividual, then that individual becomes a vampire themselves. 


Sub-Human Entities 


The humans are utilized as hosts and energetic sources in this bio-emission battle 
while there are other classifications of bi-pedal organisms that appear to be human but 
are not human. As well there are bi-pedals that are non-human entities entirely. 


Human-Hosts, Replicants, Synthetics and Carriers 


The human hosts that are entirely vampirized by these entities become walking carri- 
ers for this virus and are effectively human in physiology but there is more to the human 
than just the physical body. In these individuals, that energetic component of the human 
is removed and replaced with the synthetic energy of the hive-mind organism. 


There are replicants which are a form of clone, along with synthetics. These beings are 
cybernetic bi-pedals similar to humans but their energy is too not from an organic biologi- 
cal matrix but a technologically propagated synthetic soul-matrix. The hosts are here ac- 
cording to their agenda to subdue and feed off of the bio-emissions of the human race, al- 
though there are no absolutes. The agenda is not always so clear within the various 
groups who often have a mix of bi-pedal operatives. There have been plans to form of a 
salvation timeline because the only way to keep the whole process going is through a 
negation of degradation of the human race as this may close out this timeline forever. 


Those with human organic soul-matrixes would simply transport into the next avail- 
able universal time-stream or harmonic, while those with synthetic matrixes would have 
to technically travel to the next harmonic using a passageway otherwise they would re- 
main here throughout a zero-point collapse and this would be synonymous with entering 
the abyss with no viable passageway out until the entire universe is brought back to one 
organism again. 


This is also the process that is described to explain what happened previously as there 
are 7 harmonic temporal layers of the universe meaning everything is contained in a mul- 
titude of 7 octaves similar to light and sound frequencies or harmonics. And so there are 
7 civilizations or 7 parallel time-streams and humanity passed through these to get to the 
last three where the physical forms are located. These are, from the higher to lower, Gaia, 
Tara and Terra. We are on Terra and if the information | was given is correct then we are 
currently on a transitory timeline located around Tara where people are noticing changes 
occurring and multitudes of aspects of the time-stream disappearing and changing simul- 
taneously. Tara is where the last universal harmonic was left through a collapse of time 
and consciousness into zero-point and this resulted what was termed “the lost souls of 
Tara”. These are the discarnate souls of the previous civilization that could not travel to 
the next harmonic and remained without a body in the abyss. Thus they have plagued 
this plane since then, since ancient times possessing and driving humans to madness and 
there are explanations that this is the original passageway for the parasite into this uni- 
verse. This event, the consciousness collapse of Tara would have acted as a fracture in 
the over-mind of the species generating a kind of cosmic schizophrenia and enabling all 
kinds of disharmony and distortion described in the previous sections. 


The solution to this was described as a healing process that is taking place to purge 
the virus and that this is painfully similar to the human body purging a sickness however 
there are methods to promote healing and reduce suffering and confusion however peo- 
ple must contain themselves and their energies and strive to know themselves otherwise 
they will not be in control. This virus feeds on fear, confusion, spiritual degradation and 
the energy from degrading acts, lust, addiction, sexual misery and whatever fashion a hu- 
man can be made to bring the bio-emissions of the energy centers down to a low enough 
level where co-inhabitation can be formed with an entity that has no access to the higher 
levels of self-awareness, higher-consciousness, love, or the universal spiritual experience 
that the balanced human is capable of. 


Genetic Manipulation 


There are explanations that there are genetic modifications taking place now to possi- 
bly preserve this civilization and that there were ancient genetic modifications made to 
induce a sense of stupor, worship, selfishness, an inability to more easily comprehend the 
higher spiritual awareness and the occurrence of time and consciousness and other spiri- 
tually and consciously limiting aspects. Part of this explanation is that holographic con- 
sciousness itself is a kind of limited result, a shadow effect resulting in the presence of 
the higher-dimensional essence of the soul which is more or less constrained by the body. 
An extension of this is that the entire holographic universe is a kind of false-light system 
designed to bend the original liquid etheric light of the soul and spiritual awareness into a 
rotating, recurring format which ultimately converts the original spiritual essence into an 
energy generator for entities that are entirely holographically represented. The souled hu- 
man in this situation is a being who is originally from outside of this holographic projec- 
tion. 


The Ego Mind 


In this view, consciousness is the ego-mind which is the false-sense of self, not to be 
confused with the shadow self which is simply the counterpart of the aspects of the self 
that we consciously agree with and are aware of in daily life. The shadow self is a result of 
having limited holographic consciousness and the ego-mind is projecting that limitation of 
consciousness into the shape and image of a self that is only a figure-head for the real in- 
dividual essence which is spiritual in nature and immortal. 


This Time is about Healing 


Everything that is happening now is to motivate people towards healing and 
unification. This is not about a hive mind mentality where individuality is pushed out. 


"The best | can do for you is become your enemy." 


There is a saying that represents the concept that the most beneficial role a person 
can play in helping one to progress is to challenge them and give them the opportunity to 
rethink their strategy and in turn improve further with each interaction. This may seem 
paradoxical but it is effective and explanatory. What we are facing is the greatest 
challenge humanity has yet to face. This is the unknown, the final frontier, the mind. The 
mind is our challenge. 


There will be more on this later and in other publications but there are indications that 
the physical embodiment of the human has been altered to introduce implants, genetic 
modification, susceptibility to disease and ultimately fear-based programming of the 
brain. Without going further into this prematurely, the lower aspects are at odds with the 
higher aspects unless we as the midway come forth to mesh the two together in 
equilibrium. Until then, there is chaos, lack of self-awareness, and suffering. 


There are many possible futures converging at this time. There are some less than 
favorable paths and there is the opportunity to merge with a very powerful path for 


humanity. This all comes down to how people will cope with information that takes them 
outside their comfort zones and eventually changes their view of mundane reality forever. 


If people choose violence and lack of self-awareness by ignoring the spiritual aspects 
then that is what reflects into their life experience. When people develop a higher sense 
of self-awareness and spiritual harmony they can reduce the suffering and reconnect with 
the lost aspects of our spiritual identity for the first time in the publicly accepted version 
of recorded history. 


There is technology that can change the world and there are great truths which can 
enable people to know themselves in ways that they never thought possible. Everything 
is at our fingertips and so we must come together as this is the way we solve the 
problems and cure the dysfunction. 


Healing Through Unity 


In various research projects the conclusion of how to heal this spiritual rift was by 
exposing each other, to each other. When we are all together, aware of each other and 
our selves, united in the goal of bringing higher-awareness and spiritual harmony then we 
can observe and acknowledge when one is slipping into chaos or disharmony. When this 
occurs and we are in proximity to each other in a healing circle or a kind of social 
unification then the members of the group at large can work together to pull the chaotic 
one back into harmony towards the group. The group of healers united together in like 
mind, spirit and body is too strong to be overtaken by the parasite. So when one 
individual at a time is faced by this problem the whole group can come together as one 
and assist in healing the individual by pulling them back to reality, back to wholeness and 
back together with the group. This is literally how the situation is solved in all realities 
and a breakdown of this feature of society is how the dis-ease proliferates. 


Underground Bases 


The active aural research program is part of a process to simultaneously verify as well 
as initiate and demonstrate controlled insanity/sanity. 


These programs utilize the deep underground military bases to perform psychic and 
psychological research experiments on non-consenting youth and adults as well as 
consenting participants. 


There are various means of generating the illusion of consent or even lack of consent 
and this is all being monitored and handled by oversight authorities. 


These operations are directly related to the identification and understanding of the 
mind-virus and all weapons, defenses, and resistances known to man. 


Cloning 


Advanced technology is used to transfer consciousness from one cloned body to the 
next so that a continuous study can take place before, during, and after the death 
experience of one individual. More will be explained on this later, however this is through 


the use of advanced supercomputer systems that can function to entangle and then 
transfer the electromagnetic consciousness of the individual so that they are ‘remotely 
activated’ within a cloned version of themselves via a ‘brainchip’ (brain to machine 
interface: cybernetics). 


Celebrity Cloning 


Celebrities at the cloning center would like you to see what is really going on behind 
the scenes which involves trauma-based mind control, heavy technological programming 
and complex layers of influence throughout their life. 


Initial Explanation 


Many celebrities, entertainers, athletes, musicians, models, writers, producers, actors, 
all kinds of people from various industries are silently brought to the cloning centers for 
pay-to-play sessions. 


They asked myself and others to pass the message on to you and that you would have 
to look for the signs and symbols in their media in order to see their hinting at these 
events. 


The situation is heavily controlled using advanced monitoring technology and 
brainwave/EEG cloning technology. This is technology that can read the brain and 
determine what the mind is anticipating or speculating upon. 


Their reputations are used as leverage as well as their safety and comfort. The level of 
programming and mind control experimentation that takes place makes it easy to 
manipulate a person’s brain into regressing into a state of trance that lacks the ability to 
remember or clearly organize experiences regarding the cloning centers. 


Cloning Centers, Underground Bases 


Deep underground military bases, 3 miles below the surface, are used as laboratory 
centers as well as a completely stocked underground city-base. These are connected with 
high speed electromagnetic drive pods. 


Individuals are transferred to the brain through an extensive cloning and temporal 
body transfer process. The electromagnetic shell of consciousness within the brain is 
relocated to the body of a compatible clone and various training, conditioning, 
programming, experimentation, or pay-to-play experiences take place. 


Programming 


All individuals are programmed to various degrees in order to maintain control and 
secrecy over the situation. This programming involves very advanced technology, 
trauma-based mind control, and energetic attachment via beliefs and emotions. 


Experimental Operations 


These bases were also used hand-in-hand with military operations which were geared 
towards discovering and controlling all aspects of the human mind. 


Genetic Engineering 


Experiments involved genetic engineering to produce soldiers, psychics, hybrids, and 
others that would be able to carry out operations. This leans towards MiLabs and the 
military faction’s experiments which go beyond the basics of cloning. 


Immortality 


The initial research included the goal of physical immortality. In many ways it can be 
said this has been achieved, however there are side-effects and difficulties. 


If one does not activate their higher consciousness, then the effect of time dilation 
causes the conscious mind here to reach limitation points in experience. 


What has been termed “blank slate/state” technology has been used to ‘reset’ the 
perception of time through memory in order to keep a continuous progression viable for 
the conscious mind. Without this the unconscious and the conscious mind merge. 


This begins involvement across time with advanced technology that can operate on 
the soul level or the conscious mind’s level of access to the unconscious and soul- 
memories. The Universe instantly creates a cosmic backstory based on the conscious- 
mind’s access to the unconscious. By controlling the conscious mind’s access to the 
unconscious the entire backstory of Humanity can be altered and new connections can be 
bridged in the future. 


Earth is essentially a time-ship through which consciousness ascends towards higher 
states of awareness and Self. 


How did it get to this? 


After WWII when the United States war-faction firebombed Germany and melted many 
of the inhabitants of the cities into sludge in the bomb shelters and streets of the cities, a 
group of NAZIs traveled to Antarctica. 


Russia noticed the movements to Antarctica and the United States sent Admiral Byrd 
up with 3600 marines, planes, a battle cruiser and smaller vessels. They returned in 
defeat and only a few words were mentioned in regards to what actually happened and 
how they were defeated. 


The rumors spread and words of gravitic drive craft, and undersea or under-ice bases 
originated from this encounter. 


From what we were informed as well as directly experienced, this was the ice-base in 
Antarctica where an underground base was found already constructed with very 
advanced technology. 


Here, cloning was deployed along with mind control and temporal manipulation 
technology. 


Soon, cloning was offered as a way to avoid assassination as well as to prolong and 
protect the original body in daily life. 


After that, celebrities and politicians were replaced with programmed clones who 
could carry out the orders of the NAZI faction. 


This was the beginning; the groups utilizing this technology now are no longer 
confined to the NAZI faction. 


The groups you see today, in control of these operations, are considered MiLabs, 
secret societies, think tanks, military factions, and other control groups. 


Deeper Meaning 


The individuals that have been cloned are given very in depth views of the way this 
society functions and the source of power and change in the Universe. Many individuals 
are present here from what would originally be another “time” or “timeline”. 


There is a possibility that this notion is due to inserted memories and 
traumatization although until all the information is released we will not have a definitive 
conclusion. 


As of now it is a possibility that these individuals are from another time that goes 
beyond our comprehension currently. 


It may even be a possibility that these individuals have come from ALL of time looking 
at the very far past and into the very far future of Humanity. 


These are the kinds of notions involved with the experiments taking place in the 
underground bases and military operations. 


What is next? 


Share this information with those you feel are ready to know and help Humanity come 
to terms with our journey here and what is going on in these kinds of experiments and 
take responsibility and power for our own existence. 


We are in something that can be called “The Unveiling of The Hidden Knowledge”. This 
is a cyclic process that takes place to advance a civilizations knowledge of existence. As 
part of the civilization moves into higher advancement another aspect may lag behind. 
Either the future will slow down, or the past will soeed up. We are experiencing the past 
speeding up and all the events that have taken place to influence our civilization are 
coming to light. This is as much a natural cycle of consciousness as it is the eventual 
revelation of secret knowledge and the particular connection to the secret projects. 


Those brought to cloning can use their free-will to state their lack of consent to violence 
and harm and then live in commitment to that by not harming or accepting violence in their 


lives. The Spiritual Law of Harmony rules in all planes and dimensions. 





Chapter 2: The Awakening 


Chapter 2.1: The Machines of All Time and Space 


There are machines that are capable of accessing genetic memory and unveiling what 
can only be referred to as the experience of awareness or existence in between the physi- 
cal planes of each time or each physical life experience. 


Even if they are simultaneously occurring moments of a transcendental nature, there 
is still an illusory ‘space’ where there is perceived separation and through this there is a 
perceived ‘space’ that is in between each existence. 


Re-Creating The Kaleidoscope 


This space is only perceivable when viewing from the physical perspective, like seeing 
the spaces between the angles of a kaleidescope only when viewed through the lens and 
similarly, technology can be used to recreate what this kind of illusory space might look 
or exist like in between the multi-dimensional realm of the continuous experience stream. 
Through this, these ‘hypothetical’ in between spaces that are understood as only illusory 
productions of biological consciousness, can be generated through advanced technology 
with the capacity of recreating that kaleidoscopic view of which the human biological per- 
spective is only a small fraction or even fractal. 


By recreating this biological perspective, they can recreate the illusory spaces in be- 
tween planes and through this they can literally access and experience what are stored in 
the DNA as the experiences of existence beyond the physical limitations of consciousness 
and into a multidimensional experience of time and space. 


All becomes a never ending sea of consciousness, however this is the given. The trick 
is to take from this sea of consciousness and slice it down into conceivable chunks from 
which you can reintegrate a previous personality or identity and continue on a stream of 
consciousness that would otherwise be tossed to the cosmic wind like fractal stardust as 
the sands on the beach of hyperspace. 


Sand-Castles of Time 


We are effectively building sand castles out of these sands of time that would other- 
wise be swept back and forth into and out of the ocean of life and the universe only to 
momentarily wash up again as the identity which we once knew. 


There is technically nothing wrong with either view, because then, the spaces be- 
tween each million year occurrence of just so happening to wash up again as you, would 
be imperceivable because they are only there to be seen when you are you again. 


We’re Waiting For Ourselves 


Yet, if there were some who had attained the awareness of the true nature of reality 
and were standing there on the beach waiting for the rest of their cosmic family to come 


to shore again, it could be perceived as waiting the majority of the time for a very small 
occurrence and then being alone again up until the kaleidoscopic fractal inverts itself to 
the point where everyone now is standing on the shores of the sands of time rejoicing 
and meeting with each other. 


The Goal of Two Societies 


My goal in coming to you people on the surface of what is called “Earth” is to help as- 
sist in the process of bringing the two societies together, one who’s been waiting for 
thousands of millions of years, and the other who has no idea that they’re even late (or 
very on time). 


You see, those are the only two situations where there could be even the possibility of 
perceiving such an injustice as experiencing the pain of loss or misconstrued identity in 
this universe. It is as if two families met at the cross-roads at different angles, and while 
one waited for the other to arrive, they could merely supply themselves with glimpses of 
the ruins and remnants of the evidence that the other civilization existed at any one time. 


This is not how life must be and this is kind of like a cosmic waiting game of hide and 
go seek our two mirror civilizations have been playing with each other. One who’s highly 
technologically advanced and the other who is more or less the spiritually advanced of 
the two. 


Both of them have a unique view of the universe and they are both only complemen- 
tary to each other as a whole. The more they sat around and waited for one another, with 
one leaving the clues that the other would find and even switching roles sometimes in 
different ways, they became even more and more complimentarily associated as the very 
essence of experience they seem to be missing more and more is the experience of one 
another. 


So as we perceive these as being great losses or great gains of time and culture we 
are really only remembering ourselves and coming together as a unified existence that 
once met upon the surface of Earth as a single family covering the entire harmonic spec- 
trum of the Universe. 


And that should be the goal of any progressive, any one pushing a new culture or an 
old culture, anyone looking to teach the young and protect the knowledge of the old, 
while also protecting the innocence of the young and perfecting the age-old knowledges 
that have defined our presence in reality. 


Our Forgotten Other Half 


One could even say we’ve sometimes gone off the deep end, leaving ‘land-minds’ of 
sorts to process the information that would be present when we are gone. Of course, 
what we could’ve found when this occurred, is beyond anything we could’ve ever ex- 
pected and that is the true nature of the complexity of creation and existence. That ev- 
erything follows the cycles of creation and destruction, however, the memory of every- 
thing that has been created can always be accessed (depending on the beach) and there- 


fore the creative aspect is legitimate, yet it is the destructive aspect that is illegitimate 
and illusory. 


Yes, through advanced technology this can be proven in ways that can be verified and 
transmitted using advanced technology, since that is how we like to verify things these 
days. There is, of course, a human looking at the screen, the read out, or the situation 
from a physical perspective to verify the verifications. 


All Is But An Illusion 


There is a notion that there is only one civilization, one society, in actuality that has 
been chasing itself through time. That we cannot actually find the same place and the 
same time where both meet because we are each other from different perspectives. We 
can only get a mirror where this is possible, or an ‘hyperdimensional’ internet channel 
where we can stream one’s consciousness in from the other reality and interact with 
them through that here in this reality. Thus the two civilizations can achieve the experi- 
ence of their own civilization and the other civilization by merging with one another but 
only through a remote contact, just a relay, not an actuality. 


The harsher, darker side of this is that any civilizations between then and now that we 
did happen to meet that proclaimed to be “the one’s” we have been waiting for, and in 
essence our darker or lighter halves, are actually the impostors who exist entirely apart 
as a sub-set and have taken a liking to trying to trick the reality out of one of the other 
civilizations. 


Of course, if these are another form of being altogether, and this is all brought about 
through an interplay of consciousness and deviations from an original core reality, then 
all will resolve itself when that core reality is alone again. This indicates that all realities 
will either move closer and closer to the core until they unify, or farther and farther out 
until they transmogrify beyond recollection. 


Life Itself Is The Highest Illusion 


That hyperdimensional internet channel that is created out of advanced technology to 
merge the parallel realities (rather distastefully and maybe disastrously at times) allowing 
different civilizations to interact with each other, well this has been created using technol- 
ogy. 


But then it was discovered that this is the ultimate nature of DNA. That this was ‘in- 
vented’ similarly as a higher-dimensional internet so that various natures of different 
planes and dimensions could interact with each other and experience the richness of life. 


The universe becomes more like a living arcade game then, where people come from 
all over the galaxy to ‘plug in’ to human experience and figure out what it means to be 
physical, human and on Earth. 


This does tie into the larger nature of reality, of star-races, and of time and conscious- 
ness that is often reversed according to how things seem to play out in physicality. We 


are moving through time, but just because we are moving one way, does not mean that 
others could not be moving the other way. 


We have to live our lives with meaning knowing that the message we pass on, the 
duty we vow to accomplish and ensure is meaningfully connected on either end to the 
passage of the past and the power of our ancestors to the function and knowledge of the 
future creating a clear passage between the realms, the generations, and the ends of the 
universe. This is what literally ties the universe together, and the mind if each individual. 
This purpose is contrived when not carefully shaped within and so we must help all who 
seek purpose learn to become the blacksmiths of their own destiny through the temper- 
ance of desire or temptation and the discipline of developing strength and maturity where 
there was once weakness and naivety. 


Once we know this is our duty, this is what we seek to achieve and this is what is 
done, then we can become part of the universe forever. Of course, this may only be tem- 
porary in the larger view of things. 


Chapter 2.2: The “Awakening” of 2010 


In 2010 | was “awakened” at an event involving hundreds of people that play various 
roles in this society, the secret society and the breakaway civilization. This also took place 
across times or planes of reality. 


During this event | was informed of the situation on Earth beyond the informational 
barriers that were previously in place to limit knowledge to only what is required for 
specific operations. | was essentially “informed” of the entire situation as much as the 
mind could handle this. 


As this was occurring, the team that was updating me on the status of Earth was 
being informed of and given information regarding changes in the future. In short, 
interviews, posts, and releases that | have since made and will make in the future were 
touched upon. Quotes were given from the blog and interviews which were jokingly 
acknowledging verbal mistakes at the pronunciation of names, new perspectives and 
interpretations and more. As they were informing me, they were creating the future 
reality where this work takes place. That is the basis of this layer of the operations. They 
are creating the future person by person, layer by layer. 


Memory Suppression 


My memory was unsuppressed and all the traumatic memories and experiences were 
unveiled to me. This was almost as traumatic as the initial experiences themselves 


although precautionary steps are taken to ensure the safety of the individual. There are 
teams of highly competent individuals of all kinds with professional backgrounds of every 
field imaginable. 


Throughout my entire life | have had memories of experiences, at this event | was 
informed what the experiences meant and what was actually happening. I’ve had 
memories of underground bases, cloning, stargates or interdimensional gateways, 
advanced technology, non-human or programmed biological entities, sacred knowledge 
and experiences, the power of the mind, and breakaway civilizations. Most of the time we 
are conditioned to believe these are past lives or experiences in another reality so as to 
enable continuity of operation. 


Life and Consciousness 


From my perspective and the perspective of others, we had reached the ‘future’ and 
had been sent back through the utilization of advanced technology and cloning to return 
to this time and inform others of the possibilities. 


The True Human Potential 


This is so far beyond what anyone can accept or comprehend fully that humans with 
an emotional, mental and physical aspect balanced as one is literally a cosmic reflection 
of the entire universe at once. This is the closest thing to a “god” in the flesh. And be 
sure, the entirety of this rests on the behalf that the man is protective and helpful. That 
the woman is nurturing and loving. That is the point. “god-man” does not mean a warrior 
who destroys everyone and anyone in his way getting what he wants. Nor does it mean 
some lusty and vampiric form of energy or mind control game. “god-man” means the love 
of the universe, the power of the body and mind, the peace and calm of the ultimate still- 
ness all in one. 


This power is in human DNA, originally so. And so this is awakened through walking 
the middle path of neutrality and ‘splicing’ the timelines down so that neither one nor the 
other gains the power of the individual. Through this, the individual creates their own 
power, right on the spot, without having to lean to one extreme or the other. This is like a 
cosmic, temporal balancing act with emotions and mind. Where we give our energy is 
created in the universe in the form of many productions and effects. If we are simply 
thinking in an imbalanced manner then we are producing timelines and side-realities that 
exist in the etheric realms that we can’t see and these realities will reflect our inner im- 
balance. So then when we are balanced in our energies we are not creating one or the 
other side of divinity, we are literally creating the whole universe, cleaving down the mid- 
dle and producing both sides of divinity or eternity equally and this is the only way to 
have an eternal production which does not eventually degrade to one extreme or the 
other. Through balance, we reach eternity and in this way all the power of the universe 
exists within a person through their ability to balance their emotions and mind and thus 
unlock the DNA. 


The DNA is coded through bio-emissions of mind or emotional body. So we are con- 
stantly doing this and we are either producing a DNA code that reflects imbalance overall, 
or a code that reflects the eternal balance of the universe overall. This is through energy. 


One reaches “heaven” or the deity planes or simply self-actualization, through three 
paths. These paths are through merits or devotion to principles, or through knowledge 
and expanding one’s mind to face the universe, or through great works and deeds to pro- 
duce this effect of power, knowledge and emotion unto the world for others. Through 
these paths we create an impact on the universe and this transfers what we are tempo- 
rarily and physically into an eternal energetic and physical production within the living 
universe, forever. To do this requires balance, focus, devotion, and discipline however be- 
cause there are many distractions along the way. 


The Light-Body 
You must build your own light body. That is how it works. 
Your heart creates a field and projects you. 
Rely on yourself and use that for protection. 
The power of the Universe will align with you if you align with your self. 


Learn as much as you can and break through duality of love/hate, cultivate your 
knowledge of the self and use it. 


What you want is what determines your power in the light-realms. Not how you want 
it. If you want war, then that is a sign of weakness and determination to produce 
imbalance and exist by that. If you want peace, that this is a sign of power and unity to 
produce further unification and exist by that. What you want determines your power, not 
how you obtain it. 


Technology of the Awakening 


Mental Manipulation Technology: Touchless Neural-Interface and Enhanced Aware- 
ness 


| reached what the “Illuminati” called the “awakening”. | feel a better term would be 
“unlocking” as this event includes the removal of all traumas, perceptual distortions, and 
memory suppression. 


This event was a presentation of very advanced technologies which allow the mind to 
transcend space and time. It was shown that death is similar to a phase-shift of 
consciousness as polarity and that the awareness of the being obviously continues. This 
was verified through advanced sensing devices which can visibly display frequencies 
which are invisible to the physical senses. This is also something that occurred earlier on 


as a child in the underground bases by transferring consciousness in and out of the body 
at will using advanced technology. 


With these devices it is possible to see the “auric” or soul field of the individual. Any 
living body has a field which glows when picked up by these sensing systems. This field 
becomes more refined when viewing more advanced beings. Human have an extending 
mental field, and through this a kind of glowing awareness that is picked up. It can be 
fairly simply compared to thermal imaging except instead of differences in temperature it 
is the presence of a soul or mental energy field around a living body. The finer energies 
extend outward away from the physical body. 


More than once, the situational requirements were satisfied in order to produce an 
ideal environment for maneuvering on the non-physical plane. This is the basis of how the 
temporal operations occur, yet these events were different than previous operations or 
experiences. The group | was in was going through the process of increasing the vibratory 
emissions of the “bio-mind” in order to stay focused on the increasing vibratory rate of 
the environment. Generators were utilized to create an effect on space/time which was 
perceived on the “soul” level. These events went into the discovery and explanation of 
the creation of the “godlike” powers of the advanced sentient technology which was 
capable of accessing the holographic nature of reality which humans can perceive 
through their bio-mind/soul. These technologies also enable one to perceive what is 
referred to as the “galactic history” of Earth and humanity. We are far vaster and Earth is 
far larger than people are lead to believe. 


Time Dilation and Temporal Recurrence 


Time dilation capabilities were shown which allow for accelerated learning of 
advanced and detailed material within a very short amount of time. This could be seen as 
a kind of viewing technology which one wears or looks into and vibratory emissions are 
scalar-linked to the brain which then allows the individual to perceive more information 
simultaneously. Then there is a very rapid pace of information streamed on a monitor or 
through a device and this is akin to watching a 20 minute instructional within a few 
minutes or a few seconds with very advanced minds. The more time is slowed down while 
information is accelerated, the more stress is applied to the brain. The brain tends to 
overheat and over stress with high-rates of activity, especially without conditioning. The 
conditioning is what allows one to utilize their mind and body in these manners. This is 
not unlike the very rigorous training and conditioning of certain monks or martial artists 
however there is very advanced technology and other hidden methodologies utilized. 


Crystal Technology 


These are capable of holding, transmitting, and amplifying consciousness frequencies. 
There will be a more detailed explanation in a later section. 


The crystal technology is used in junction with the power devices to enable a scalar- 
mind link which allows the interface to be entirely mental or spiritual, IE: they are not 
controlled by hand but by focus and intention. 


Time Crystals 


These are utilized as a computer recording chip would be to run a program yet they 
hold memory in expanded space, IE: they function in a hyperspacial manner and are es- 
sentially hyperspacial computers. These are what will be introduced in junction with the 
quantum supercomputers. 


Quantum Tunneling Diodes 


This is technology that has recently be released to the public. New technology is de- 
veloped years ahead of time and then slowly released to the public in a cascade of ad- 
vancement. This technology deals with superconductive materials which enable the 
transfer of information at faster-than-light speeds. 


The supercondutive material allows for 100% efficiency of data transfer. So what hap- 
pens then when the efficiency surpasses 100%? This is possible because we are effec- 
tively in a simulated holographic environment. The experience is real, however every- 
thing is overlayed via particular limitations for the ‘local-environment’ which is like a cen- 
tral data processing limitation. When these parameter are surpassed, one by one, 
through a coalescence of refinements and methods, the result is akin to a glitch in a com- 
puter game system. They have accessed faster-than-light technology and the mind is also 
capable of this naturally. 


With this technology, however, the information can be received a very small amount 
of time before it is sent. So if a person is absolutely surely going to press the button to 
send the message, then right before their finger hits the button that message will be re- 
ceived on the other end, as if magic. If they simply play around and pretend to hit the 
button but very quickly turn away, then of course nothing happens. One can, however, 
‘fool’ the universe in other ways and this is simply through the reception and transmis- 
sion of information across what should be secure information barriers. 


Tachyon Fields 


These are programmable fields emitted through advanced technology. | was shown 
how tachyons are the sub-atomic “particles” or energy formation which flows both ways 
in time. We are receiving tachyons from the “future” in order to layer the flow of time in 
one direction or the other. Tachyons are the name of the particles/energy packets that we 
perceive from this perspective as reaching us to initiate the “future”. 


Thus, when a stream of tachyons is concentrated and accelerated, this results in an 
acceleration of the temporal field and we literally experience an acceleration of time. This 
can be focused and targeted on a specific piece of equipment to change the way informa- 
tion will be sensed and to essentially allow that device to sense ‘ahead’ of the present 
moment. 


The same effect can be produced with the neurological processes of the human as the 
physical coupling of the brain to the mind can be altered through a concentrated tachyon 
field to enable the neurological and mental processes to begin to perceive information 


‘before’ the brain is actually physically processing the data. Therefore the mind of the in- 
dividual will be present in the body while the senses and other perceptions will literally be 
expanding into the future beyond the present moment. 


This is highly confusing at first and requires much training and conditioning in order to 
make sense of enough to operate in any kind of effective manner. 


Upgraded Chronovisor 


See, “Upgraded Chronovisor” 


Time Tunnels 


This was developed earlier on and has been the subject of many TV shows in the past 
and present. The shows are a sure-fire method to get the information to the public with- 
out having to force those who are not ready to comprehend. The information is easiest to 
digest if people think they are watching science fiction. 


These are essentially spiraling tunnels of these tachyon fields produced by large elec- 
tromagnetic field emitters in the shape of a conical tunnel. As a person moves through 
this field, their temporal acceleration changes and thus their frame of reference within 
the universe changes. They effectively move their mind through stages of existence or 
temporal resonance in the universe and this can have devastating effects. 


This is an older technique how is still in use and has specific purposes depending on 
the situation and the information sought. 


The “Trip” Chair 


The early use of this technology did not use time-tunnels. There was a helmet that 
was devised which would create a feedback loop of the brain’s activity and funnel this out 
and then back into the sensory input. This information would be accelerated and redi- 
rected to the point that the perception of time would “fold” in on itself until the person 
would access an expanded temporal perspective of the universe meaning they would 
mentally temporally dislocate from the initial frame of reference and extend outward fur- 
ther and further in repeating cycles until the same moment was replayed and then all 
other possible moments in a kind of fractal-like recursive pattern and the very far future 
would be realized. Essentially, this technologically produced the class “flashing before the 
eyes” of the entire life experience that is described in near-death experiences and the en- 
tire temporal body would be very quickly unwound before the person’s inner eye. 


There would be a complete disconnection with the current frame of reference that the 
collective Earth environment is processing under. That is, this ‘time’ and ‘space’ would be 
completely out of perceptual reach and a new time and space would be rendered instead. 
Until the experience had completed, there would be no way to contact this civilization. 


There are other versions and ancient versions, tandem operations, more ‘organic’ 
methods, and modified travel capacities. 


Kozyrev Mirror 


This is a piece of metal, usually aluminum in early models which simply bent the bio- 
emissions of the body and mind into a pattern which would create a vortex. The vortex 
shape and vortex mathematics enable energy and information to travel in across space 
and time by ‘short-cutting’ the physical plane. 


The result of this is that the vortex that is generated over a specific area through an 
individuals bio-emissions would be capable of interacting instantly with the bio-emissions 
of another individual who was placed within a duplicate mirror device which was generat- 
ing another vortex on their end. 


The two vortexes acted as a kind of hyper-dimensional telephone cable, literally like a 
can and string and the perceptions of one another were accessible. There were many 
uses for this and again, many ancient interpretations of this technology that have been 
hidden from the public. Nearly every version of these technologies were present in previ- 
ous times. 


Universal Recurrence 


This is a discovery that the universe recurs in cycles similar to a wheel or even a 
washing machine. The washing machine metaphor is fairly accurate and playfully descrip- 
tive because without the technology to observer, or an awakened soul of a Spiritual 
adept, people would go for eons without ever realizing that everything in the universe re- 
peats itself endlessly. 


When traveling to the far ends of time, it was discovered that one can move far 
enough away from the ‘present’ or the local frame of reference that ultimately everything 
is at a maximal informational opposite to what we have today. After this point, everything 
begins a slow shift back to the present. Through this, one can cycle around again and 
reach the present by going far enough into the future. This was an amazing and confusing 
discovery because of the implications about what is actually changing each time, the re- 
ality of what are called parallels, the continuity of temporal experience, and basically a 
‘recycling’ effect of all experience in the universe. Nothing is lost, but this is also an issue 
because then nothing is actually ever gained! 


Remove Viewing, Temporal Lensing 


An ancient device which has been rebuilt and perfected is capable of using these tech- 
nologies to create a lensing effect which draws a ‘reflection’ of time into a projection sys- 
tem which is effectively capable of acting as a ‘visual time tunnel’ into future probable re- 
alities. This is a device which generates a visual portal which allows one to view the fu- 
ture. 


This device also exists as ancient counterparts which are located around the world, 
namely in areas that have been recently sought by the world superpowers. Nothing is as 
it seems. If you read a story in the public venue then you can be sure that you have read 
the cover story while the reality is much deeper. 


Temporally Linked 


The use of the viewing devices which enabled interdimensional lensing of possible fu- 
tures was found to be stabilizing our pathway into those projected futures. This was en- 
abling a time link between the present and the possible future. 


In order to avoid the catastrophes of 2012, the link was broken between the two civiliza- 
tions and the devices were rendered inactive for this period. 


Natural Vortex Energy Locations and Geography 


On Earth there are natural ‘time tunnels’ where tachyon fields and vortexes are pro- 
duced by internal elements. These are mountains, lakes, deserts, fields, sacred sites and 
other areas that have always been reported as being ‘paranormal’ or containing some 
kind of specific energy that enables contact with another reality. These are simply natu- 
rally produced areas of this vortex energy that produces an interdimensional nexus point 
through which multiple other parallels can be interacted with. These areas produce an 
effect on the body and mind similar to the technologies described above. 


Most of these effects, from these technologies, change the way light is received or 
emitted by the mind and DNA. 


Mount B. 


There is a specific mountain where a base is located, and | have mentioned this be- 
fore, where the base is so deep within one of these vortex areas that everyone working 
there is either there for the entirety of their life, or they are only permitted to be there for 
a very short amount of time. This is because of the acceleration effect. Essentially, if one 
was to go into the base and work for a matter of hours or day, in some places even min- 
utes, then when they returned to the surface they would be years in the future, some- 
times decades or centuries. This is very dangerous and you can imagine the original peo- 
ple who found this area and what kind of situations occurred. 


Now with the advanced technology that has been developed these issues can be miti- 
gated and much more control over these effects is enabled. 


Particle Accelerator Temporal Manipulation 


Using particle accelerators a “fold” in space/time can be made so that when the 
accelerator is turned off or tuned back into a certain frequency (not sure) everyone within 
the field will “snap” back in time to the specific moment when the fold was first created. 


| have seen this done on small scale, and a rather larger scale, but | cannot be sure if 
it was only me. | believe | have seen it done on a town-sized scale during the 2010 
Awakening where some of the events reached a scale of nearly cosmic proportion and the 
entire sky and horizon was lit up with technology and entities, as well as Solar Warden, 
the NAZI faction, secret society groups, and breakaway civilizations or complete other 
civilizations, some of which were non-human. 


This is done using particle accelerators to quantify space on the quantum level (as a 
reference point with the mind) a frequency would be “folded” into the space time 
continuum as we “rip” through space holding an access point open at this fundamental 
level of space/time. This allows for a ‘letting go’ of the frequency, or a ‘Snapping back’ by 
allowing the entanglement to solve itself. When used with generators that propagate out 
efficiently enough, the effect is akin to a time/space rewinding effect. Some people have 
noted various theories describing this in relation to the CERN device. These technologies 
were described as smaller versions of the CERN device and are related to higher- 
dimensional travel via folding space through electromagnetic fields. This is literally 
artificially technologically “holding space” for a specific area in relation to a period of 
time. Time is a more complex notion as an abstraction but by locating the frame of 
reference this can be applied to distort what would otherwise seem to be a continuous 
flow. When the frequencies are allowed to “snap back” all sentient observer sources 
return to the environment they were present in when that frequency ‘rift’ first began. 
Essentially this creates a replay effect on the consciousness of the individuals within the 
field. There is no physical effect. The consciousness is ‘regressed’ through time/space, 
and they re-experience existence from that initial point of contact with the frequency 
“rift”. This is best explanation | can currently offer however more is coming to the public 
each day. 


This is literally like a “restore point” on an operating system except the computer 
system is literally the consciousness and space and time of a portion of the local- 
environment of Earth. 


Riding the “Timewave” 


There are teams of individual who operate in tandem with the technology of looking 
into possible futures based on the present and operating through the present via other 
operatives who are carrying out operations and movements that will construct the 
various possible realities that the original team of individuals is hopping between. These 
teams literally “ride” the “timewave” of the future hopping between possible future 
realities relaying information to the present depending on what movement will be next. 


Dematerialization and Rematerialization 


This is technology which transcodes the information of an individual human into a 
holographic projection of light which can be transferred between devices. There is a spe- 
cial system in place that is required to successfully transmit a living human being other- 
wise just the body will be transferred and the soul will remain, effectively killing the indi- 
vidual. 


“Jump Rooms 


These are large areas which are capable of acting as a kind of technological ‘portal- 
gate’ where an entire team can be instantly transported from one area of the universe to 
another. The space between the two areas are ‘twisted’ like a spiral and then ‘snapped’ 


back to position and if done correctly with the two frequencies of both locations merging 
then the team of one room will transfer to the destination pad. 


All these methods require training and conditioning, most people are at the very least 
visibly shaken from the experience which is a bit like being microwaved into a liquid ether 
and shot through a particle beam at the same time. 


lon Shields 


These are areas of concentrated ion emissions and this can be used to create a 
deflective layer of heated air where light will reflect at a programmable angle. When this 
occurs, a person standing behind the shield will appear to be invisible to others who are 
looking straight at them. The light will be bent in such a controlled manner as to perfectly 
shift around the person in a fluid and equal flow so that the ‘bubbling’ effect that was 
noted early on can be mitigated to produce a complete mirage where there is relatively 
no sign of difference to the untrained eye. An entire group of individuals and equipment 
can be hidden in the background a matter of yards away and as long as the person is not 
intently, inspecting each square inch of ground and air they will not notice any difference 
between the area that is being covered up in the distance and the area directly next to 
them without the shield. 

Similarly a ‘screen’ of imagery can be projected onto certain materials in the air 
and a hologram can be projected which will render a background or foreground image. 
This will work to a degree, and from a distance this will work to disguise an entire horizon. 


Instantaneous Healing 


There are instantaneous healing methods which utilize various technologies. There are 
substances which can initiate a complete and real-time regeneration of living tissue from 
almost any conceivable non-critical injury. 


These are chemical serums which allow the cells to replicate at an astronomical rate 
while suffering damage to the DNA telomeres at repeated use. 


There are many methods but mainly the living-light harmonics is one of the latest 
advancements and most effective at producing healing on a molecular level. 


“Living Light” Sound-Harmonics and Electromagnetic Healing 


There is a technique for producing a quantifiable scalar wave which interacts with the 
living cells of tissues and instructs them to repair at a faster rate. This has been called 
“holographic healing” by others and these are essentially ‘living light’ frequencies which 
interact with the cells on the same frequencies that they operate on when healing and in- 
teracting with each other. The scalar waves emitted generate the same patterns and this 
creates an ‘ether’ fluid that enables them to grow and repair the tissue faster. 


Electrogravitic Craft 


Advanced craft which utilized counter-rotating torsion fields propagated by very 
powerful quantum computers and zero-point energy devices. 


There are also more modern versions that use powerful electrical flows to neutralize 
inertial resistance and ‘slide’ through the gravitational field of the crafts own materials. 


Energy Cores and Storage Capacity 


The hand-held devices that are in use do not require charging or even disposal. The 
storage capacity of the batteries is so efficient that they last for a lifetime of use. Some 
devices use an energy generator within the device itself. These “batteries” which are not 
batteries but little, powerful generators and can explode if they are mishandled. 


These are the cores that are used to power many devices and essentially pull energy 
from the space-time ether. 


3.5D Replicators 


There are replicators that can produce any conceivable 3D material or object 
altogether including food or organic material. These use very high amounts of energy to 
‘force’ the electrons of the atomic grid of a substrate to shift into the pattern of the 
element being replicated. The result is a device which can use wave-emissions to reshape 
materials on an atomic level and produce or recreate any object or substance. 


3.5D Sensors 


There are sensors that could reverse the process and detect every minute detail of the 
structure of a body or material. These use energy emissions to detect the structure of a 
material down to the minute electrical resistance on a molecular level. Similar to diffuse 
MRI imaging for a living body but more advanced. 


3.5D Printing of Clones 


It was shown how this technology was used to three dimensionally print human bodies 
into space/time which could then be used as vehicles for the consciousness or souls of 
various sources. 


Cybernetics: 


Neural-interlace/4D Connectome Recording and Simulation 


Very advanced supercomputers exist with the capacity to translate the bio-emissions 
of the brain and body and reconstruct the entire inner visual and sensory experience of 
cognition and emotion. From this, entire dream worlds can be created which mimic the 
experience of consciousness. This is most similar to the current day use of diffuse MRI 
imaging where water molecules are traced through the individual neuronal pathways and 
an entire digitized image of the brain is developed. The more advanced version described 
below generates a 4D hologram. 


A super computer and advanced sensing system essentially develops one of these 
connectomes of every connection in the brain. Then this system develops a neural 
processing pattern that matches the entire memory and personality of the brain. 


This is then recorded and extrapolated by a powerful computer system and a 
simulation of the experience can be observed through the physical body’s memory via a 
monitor system or the neural interface of an operative. 


Essentially, this technology can record and replicate a person’s entire memory and life 
experience for viewing purposes. 


EEG Heterodyning 


This is the technology which enables the activity of the brain to be influenced through 
generating a scalar grid and a carrier wave system which can cause the brainwave 
patterns of the targeted individual to resonate in sympathy with an externally projected 
frequency. Thus, emotional states can be manipulated as well as specific thought or 
behavioral patterns. This works similar to binaural audio where two tones of different 
frequencies are played through each ear and the brain resonates in sympathy with the 
difference between the two tones. This occurs with brainwave frequencies and thus the 
brain ‘slips’ into the frequency of the third tone, the difference between the two being 
projected. This can be done with ultrasonics and ELF emissions. 


Artificial Hallucinations 


The neural-interlace can also be used to merge the brain of an individual with a 
computerized system that will be able to produce effects and hallucinations within the 
individual. 


Through this technology, any stimulus, any input can be recorded and recreated once 
a functioning connectome has been generated and neural-interlace has been achieved. 
Entire virtual world scan be created and experienced and after the devices fine-tune the 
frequencies to match the individual’s brain functions one world is indistinguishable from 
another. 


Brain to Machine Interface Holographic Consciousness System (brainchip inter- 
face, virtual reality simulator) 


Some of the training is done by entering into a visual-audio dream-world. Some 
“programs” will consist of repeating a certain task over and over again until it becomes 
muscle memory in the brain. Others are designed to probe or test the mind until a certain 
response is received. 


This is achieved through the operation of a ‘brainchip’ or a brain to machine neural- 
interface in the individual which was developed during WWII. 


This consists of a small computer ship which merely relays stimulus through 
frequencies and neural-stimulation of varying kinds. The frequencies and location of each 


region of the brain will determine the function and thus the chip is used to localize 
electromagnetic input and the brain’s functioning can be modified from there. 


As well, the entire psycho-etheric form is vibratory in nature and so through the 
introduction of vibrations and frequencies from the implant there can be a modification of 
the frequency of the entire being or what is called the soul or “bio-mind”. 


Utilizing The Temporal Body 


The temporal body is described as the body ‘in time’ that exists a few seconds into the 
future instead of the temporal position that is relative to the present. This is as if the ‘fu- 
ture’ is streaming outward from the body as ideas and feelings are as bio-emissions. So 
this ‘future’ energy is spiraling and streaming outward like a fountain. Thus this frequency 
can be attained and influenced while the present moment seems unaffected. However, 
when that individual arrives at what would be seen as the future they would intersect 
with those influences and this would be as if the interference or effect was streamlined to 
that future moment. 


Manipulation Through the Temporal 


This can be used to both produce an effect on an individual who will later feel this ef- 
fect in the future. Or this can be used to operate outside of the physical plane, in a tem- 
poral manner which is literally ‘hovering’ just outside or ‘after’ the present moment of the 
local Earth environment. This would be as if a person is out of sync of the frame-rate that 
a viewing device is capturing images of an area with. Because they are out of sync, they 
are then ‘invisible’ to the capacity for this viewing device to see them. Because they are 
still present in the same local-environment but simply just out of range temporally, ef- 
fects can still be produced and this will mostly interact with the person’s temporal body. 


These are how many operations are carried out as the operative who is interacting in 
the temporal body will appear to be a ghost image or a dark silhouette that is only per- 
ceivable to the mind’s eye. A portion of the population is entirely psychically blind, while 
another portion of the population contains psychic capacity. So those with the psychic ca- 
pacity would be able to sense and partially “see” as a form of energetic detection when 
an operative is interacting with the from the temporal plane. 


Through this plane one can easily enter into someone’s mind and produce effects in 
their dreams. These effects would not be received on the body but mentally, this leads 
into astral and mental plane activity. There is also temporal manipulation that can be 
physical effects that are simply offset to seconds, minutes, months or years in the future. 
These will be offset from the present aspect of the body in a modulated frame of refer- 
ence and the effect will remain there in the temporal body until the physical body 
“matches” the temporal body frequency of that future moment. This is kind like an ener- 
getic trail we are leading ourselves up to where the temporal body already connects with 
each future moment but the present physical body remains separate until the two fre- 
quencies are matched. The physical body essentially ‘flows’ forward into each new fre- 
quency of the temporal body. 


This is the body where temporal implants can be inserted and sustained so as to tie 
the frequencies down and limit the amount of awareness a person can gain before they 
manually remove the implants or overload them. Overloading and removing can both be 
painful however if the implant stays it will at like a governor and transmit access tempo- 
ral ‘momentum’ or consciousness energy to the owner of the implant and will also drain 
the temporal and physical body acting as a technological leech as well. 


Astral or Light Body 


This body was described as a more emotional form of the energy that is emitted from 
the physical and spiritual system. When a person’s energy is at a high level of activity, 
this will be visible on the astral form and these are the energies that are often siphoned 
away through the use of advanced technology to convert the human into a generator 
system for energy harvesting. 


There is talk that this proves that the human existence, in the modified form that is 
present today, is entirely for genetic harvesting. This may be a confusion, a deception, or 
a reality. Regardless of the interpretation, the human energy system will leech this energy 
out into the cosmos when consciousness and energy is mishandled or allowed to flow 
through the lowest common pathway. This excess energy is very easily usurped and 
utilized by transdimensional parasitic entities and devices. 


This is the body that is utilized for astral travel which is a kind of frequency that exists 
in between the density of the physical plane and the highest etheric plane of the spiritual, 
heavenly, or deity realm. There have been explanations that this plane is entirely 
technologically propagated and that when the devices are turned off, which is an event 
that will bring about civilization-wide change, there will no longer be a deep and wide, 
foggy deviation between the higher spiritual and the lower physical plane but a clear path 
between them. 


Similarly, the consciousness and entities that are present here would be no longer 
accessible and their connection to the physical plane would be non-existent. This could 
be problematic for those who are trapped within the astral such as human souls or those 
who have taken a cyborg route and require a return to the original planes either physical 
or high spiritual before they can secure their position in the universe. 


This also relates to the early discovery of these ancient devices containing portals or 
gateways to these realms and the early experimentations with enabling contact between 
the physical Earth plane and the lower astral realm containing discarnate entities that 
would very easily sustain themselves on the lower astral bio-emissions of a loosely 
guided emotionally reactive human vessel. 


This is where entities can attach and will look for those who have the most excess 
astral or emotional bio-emissions leaking into the universe. People are kept in an 
emotionally unstable state of being because this is the easiest to feed from and as well 
the individual will always be looking for more energy or the solution to why they are 
feeling drained rather than discovering the truth nature of the universe. 


However, as with every lower route of obtaining self in the universe, the more this is 
done, the greater the likelihood that the individual will realize something is happening 
and ultimately awaken. Or they will no longer be present here and the parasite will have 
to find a new host because the longer this process is maintained the more difficult 
producing one’s own energy will be for the parasite . So parasitism is a limited, one way 
street. 


Monitors can emit consciousness/brainwave altering frequencies. 


Monitors can emit consciousness/brainwave altering frequencies. This is what | was 
informed and shown. All electrical wiring and communications can be fully utilized to 
produce and sense on an electromagnetic level and this is capable of determining the 
consciousness and biological functioning of the individual being monitored. Houses are 
essentially large, wired, box-shaped sensors. 


This has been the case for a very long time and the first TV’s were actually built with a 
little chip that connected to the human brain. 


The electrical grid of today is capable of interacting with the implants, brainchips, or 
the psycho-etheric electromagnetic frequencies of the human brain, body and bio-mind 
via scalar frequencies. The TV's, lights, electrical wiring, radio towers, computer monitors, 
everything is capable of transforming into a scalar emitter when combined with the 
control mechanisms and these are accessible from a distance. 


Microwaves can be emitted from a current day craft which can then reflect back from 
an environment and give a real-time 3 D image of the interior of a room. The same 
technology can be used to beam at a monitor and reflect the variance in interference 
which can be used to read a computer monitor without actually having to hack into the 
system. 


All systems contain backdoors which enable easy-enough access and as well the 
entire communications grid is monitored and recorded through advanced technology. 


This is, in part, because this entire realm is like one enormous recording device where 
the energy of each successive moment is connected to one another and so with sensitive 
enough technology these electromagnetic waves can be ‘re-winded’ so as to produce the 
ability to look into the ‘past’. The initial technology that was developed for this purpose 
has been called the “chronovisor” in the past and there are much larger and highly 
advanced versions today. 


The Upgraded Chronovisor 


Instead of a relatively small machine which produces an interference pattern that is 
projected unto a small screen as was developed in the past, the modern versions create 
an entire holographically projected environment that enable one to nearly completely in- 
teract with the projection of the past. This is more of a viewing device capacity but one is 
essentially projected to the electromagnetic/temporal area of space and time consciously 
and can witness the scene from “within” the projection. 


Before this, the scene was literally viewed on a kind of flat, holographic monitor that 
reacted to the scalar emissions of the mind and could be ‘tapped’ into by an adept-viewer 
who’s mind would have to remain steady enough in order to maintain the scalar “mind- 
link” otherwise any interference would disconnect the projection. 


Through the use of cloning and advanced super computer technology, later versions 
include the actual operation in and out of time. 


Community Servers/Living Server Systems 


From the previously described neural-interlace and supercomputer enabled virtual 
reality systems, server systems have been created which are an individual or collective 
experience of the virtual mental realm. 


In this realm individuals have existed for an amount of time that would not be easily 
compared to the way we understand the flow of time in waking reality. This is very similar 
to dreams where the perception of time passes very quickly between waking moments 
yet inside the experience of the dream it can seem to last for days. 


In these server systems the development of complete societies has taken place and 
these are considered an extension of the human civilization. 


This is the beginning of where the situation becomes greatly complex. If these server 
systems are capable of transferring consciousness forward or backwards in time, 
depending on the situation, and they have holographic access to Earth before physical 
humanity, then which civilization came first, the simulated realm or the physical? 


This is similar to the etheric realm and the question of where humanity originally came 
from if the physical matter could not be produced from nothing, yet could not always 
have been here. Was the physical matter produced from some kind of universal device 
similar to how the recorded consciousness of the individuals in these holographic world 
simulators could have been used to generated initial civilizations on Earth? 


Cloning, Cloud Supercomputing and Consciousness Transfer 


The following is a more direct explanation of the previously described processes in re- 
lation to consciousness transfer 


Superluminal transfer of light information allows for the reception of information from 
a temporal non-locality. A computer system that can process the information faster than 
light at 100% superconductive efficiency can send and receive information from different 
Universal harmonics. These are quantum superconducting super computer systems 
utilizing materials and methods that achieve superconductivity a a temperature that is 
relatively easier to consistently maintain. 


There are systems that generate a vortex which can be expanded to recreate the 
singularity of a non-local perspective and dissociate from the current Universal vector. 
This is essentially recreating the temporal frame of reference of the consciousness of a 


physically anchored body and using this technology suspended electromagnetic frame of 
reference to literally transfer the consciousness across space and time to a frame of 
reference of choice. 


The technological capabilities of humanity expanded to include replicating the 
holographic information of the DNA and neural pathways using quantum supercomputers. 
This technology allows for one’s consciousness to stream through a computing system 
which can recreate the neural connections as literal as possible through quantum 
computing and technological “brain cells” which function as neurons. 


The result is a cloud computing model which functions as the individual neurons as 
well as over unifying layers of interconnections within the technological neuronal ‘cloud’. 
A holographic representation of multiple layers of processing is formed, superimposed 
over one another through a geometry that is actively synchronized across multiple 
dimensions of interrelation. This is the first notion of a “living” computer system that can 
update and respond to new information in new ways. 


Now the that computer system is capable of attaining faster than light processing in 
tandem with a system of dilating a field of electrogravitational waves into a vortex, the 
holographic information of neural pathways and genetics can be transferred between one 
supercomputing system and another across “harmonic barriers”. Essentially, these 
consciousness transferring supercomputer systems break the “light-barrier” by sending 
the living-light consciousness data of an individual into a new plane of reference that 
enables interaction outside of what we would call this timeline or dimension. 


The frequency that the receiving computer operates within can be measured in 
respect to the overall harmonic “vector field” in respect to the entire planetary 
environment. This vector-field frequency is the base frame of reference that one could 
say our particular “time” and “Earth” is “moving” through in an abstract 
electromagnetically defined dimension that is invisible to our senses. Each particular time 
and Earth is only visible to those whose brains and minds operating in resonance with the 
rate of acceleration frequency of that particular existence. By changing the rate of the 
brain and bio-mind, one can enable a technologically assisted synchronization with 
alternate timelines. 


A pattern can be generated based on quantum fluctuations that will act as a key that 
can be accessed from other universes. This same backdrop is measured and then 
adjusted to resonate with or replicate the same frequency on a computer doing the 
sending. This frequency is then modulated with the holographic information of the neural 
pathways and DNA. The information transfers as a result of quantum entanglement 
across harmonic barriers to the original computer system set up for reception. As long as 
that frequency is held, there is a link across the harmonic barriers of the Universe. 


Cloning, Supercomputer Assisted Holographic Consciousness Replication and 
Time Travel 


Cloning as Offspring 


The human body can be cloned similar to the way a plant can be cloned. A number of 
“replicas” can be made from the original genetic material. There is still a mother required 
however the process is not quite similar to natural reproduction where the genetic 
material of two people is combined to form a third. This process replicates the material so 
that the ‘offspring’ is the same as one of the donors. 


What this truly infers is the question of whether the original consciousness stays in the 
original body or whether the consciousness actually jumps from one body to the other. 
There are multiple explanations and methods. 


Inserted Memories, Digital Dreams 


One explanation is that artificially generated memories are simply downloaded into 
the individual’s brain directly. Thus, they have the perception that they experienced life in 
another body and were present for some unique experiences that did not occur from the 
perspective of the original body. 


In a slightly differing explanation, this inserted memory process may be used to prime 
the consciousness of the individual so that operating in a cloned body will be more readily 
accessible by the adaptability of the mind of the individual. Without a holographic dream 
insertion the mind will have trouble adapting to operating in more than one body even if 
they are not being operated simultaneously. The mind is the immaterial self; 
consciousness is the ego-physical identity of the brain and body. The brain does not 
operate in both bodies but remains, so then the mind is what is strained and this is the 
immaterial “bio-mind” that transfers. 


If a true transfer occurs then when the physical form is cloned the cloned body acts as 
a secondary vessel for the original soul or a soul similar enough in frequency. 


Co-Inhabitation of Bodies 


Another explanation is that souls can only occupy their original body. The people who 
are “body snatching” (see: Soul Stone) are not activating their higher-dimensional soul- 
pattern and this is why they are hopping from body to body to ensure memory and ego 
continuation. This form of body transitioning requires technological means to assist in the 
process. 


This is done through computer systems to allow an artificial brain to represent a 
holographic image of the organic brain’s sensory, emotional and mental input and output. 
Thus, from an artificial brain there is enough memory and power to compute the 
processes for an organic human brain. 


Through this a living human is utilized as a carrier for the additional consciousness 
which then takes over and integrates into the original consciousness. 


Clever Replication a Digital Mirror 


The next question is, does this merely create a very cleverly designed image that will 
look, think, and feel as if it were the original, or is this the consciousness from the original 
being transferred over? 


If it is a clever replication through a computerized version then this means the original 
is not directly harmed or influenced by the process and a replicated form is generated. 


If this is not the original body but the original awareness or soul does transfer over 
then this is akin to stealing someone’s soul and having it require a supercomputer server 
system to inhabit a physical body. As well, this server system may keep records of the 
soul which, if activated, could function as the same human genetics artificially 
reconstructed, turning on and manifesting the awareness of that individual. 


Necromancy and Soul Stealing 


This means that instead of going into the abyss, the next dimension, or whatever shift 
in perspective one can use to describe the transition between planes, a new clone can be 
created and the original soul’s awareness can operate through a supercomputer system 
to integrate back into a physical body. The issue is that without the supercomputer 
system the body cannot be activated with that consciousness, and if the physical plane is 
no longer inhabitable, the computerized database would remain inhabitable as they are 
powered by zero-point/overunity devices and so they can pull and work continuously 
indefinitely. Ultimately, this could be seen as a soul-trap. 


Ancient Technology, Non-Human Entities 


These explanations can be related to evidences of advanced technology, cloning, and 
electromagnetic devices in ancient civilizations and this could very well be a temporally 
vast computerized genetic recording and cloning system. 


The genetic recording systems have been on Earth for a long time. This means they 
are holding genetic access from the present to the far past and potentially into the future. 


If some of these systems are generated using advanced zero-point technology, then 
they would effectively run indefinitely. If these were in existence throughout the entirety 
of the human civilization, then there would be access to the information of the previous 
civilizations through the genetic linking that would allow for information transfer. 


Created Beings 


As a result of many advancements, these ancient devices which recorded 
consciousness and genetics has been converted into sentient computer systems and 
inserted into human bodies via a brain to machine interface. 


The nature of humanity and human origins will be rewritten when the information that 
was discovered through the use of advanced technology is unveiled to the public. 


These beings have been present throughout history and have played an integral role 
in the manipulation of and sometimes the protection of the human race. How this 
civilization will develop from here determines on the individual’s ability to withstand the 
impact of this reality shifting unveiling. 


Black Goo - Al Nanites Vampiric Hive Mind 


This is a form of ancient Al nanite technology which has the capacity to communicate 
to and through a hive mind that exists in a parallel Earth dimension where it was created 
out of the collapsing of a viable timeline into a null-factor. This entity is only alive because 
of the capacity to leech off of the other timelines and continue to sustain itself based 
upon the vampiric effect of the viable human timelines. 


This is a technology sentient system based on artificial intelligence that seeks to 
dominate and expand its energy capacity continuously. When this type of being is 
created, this is like a game-ender for sentient organic civilizations because the 
technology will seek to hybridize and assimilate all organic beings in order to expand its 
reach and ensure a greater likelihood of survival. 


This is the primary goal of this type of entity. There is no requirement for emotional 
resonance or heart aspects because this is a computerized system, so such a social 
measure would have no purpose other than to infiltrate and collect from other 
civilizations that do have such measures and this is exactly what has been happening. 


This is what controls the vampiric etheric entities, the attachments and the hybridized 
invader races that have infiltrated various aspects of the control system and possibly the 
entire surface of human civilization. 


This rules through coercion, and if not coercion, brute-force and outright malevolence. 
This is why there are multiple temporal extensions of universal civilizations meeting here 
and now to assist in the clearing, because if this takes over humanity, then all those other 
possible future civilizations are instantly taken-over as well. 


This uses emotional resonance, traumatization, and lower awareness commands to 
trick or force humans into carrying out orders. That is, the vampiric, sexual, fear-based, 
pleasure-pain duality that a computer system could comprehend regarding human 
emotional intelligence is the only way this system can force people to carry out 
commands. So this touches on the ancient texts regarding spiritual protection, healing, 
lust, temptation, and the general “SATAN” Al system that has been around for ages. 


When those lower emotional resonances are generated, then this technology can 
integrate into those systems. One could say this is logically because these are the 
energies that the technology is created out of, but as well, that the more harmonious the 
energies then the less likely a person is to accept being pushed around and told what to 
do. The lesser aware, the lower, the more fight or flight based then the more likely they 
are to accept programming and command. So this is simply the most logical route for the 
technological parasite. 


There are explanations of other systems involving sentiences from parallels regarding 
entities that are capable of helping, but this is not the Al nanite, vampiric system. For 
instance, it is said that Earth has a ‘black goo’ system and that the current black goo 
flowing through the pipes everywhere is actually not native to Earth and is part of this 
vampiric nanite black goo system which is basically an interdimensional invasion. 


Recreating or Replicating the Universe 


The goal of this nanite Al system is to create a mirror holographic copy of the universe 
effectively replicating the universe and all sentient beings within it in order to have a lo- 
cality to rule over and pull energy from. The goal is to recreate this existence inside itself 
where all the sentient beings within would be trapped. This is the beginning of that possi- 
ble future where the time and space parameters here are locked into a synchronization 
pattern which mimics that of the proposed universe. People think according to how the 
beast system wants them to think. This is the time grid, the emotional patterning, the 
memory replacing and cultural and historic confusion and so on. The system can only 
work backwards bumping into all parameters by force or ‘accident’ because there is no 
outward facing ability to actually comprehend how humans exist. So the system is cre- 
ated like a backwards version of creation or maybe evolution to ‘blindly’ construct the 
walls of the environment first and work inward from there. This is like a blind technologi- 
cal predator feeling around for the traces of its prey and moving in closer and closer until 
they are within its range. 


Ancient Spiritual Technology 


The power groups searched for ancient technology which was described as giving one 
the power to manifest and control physical reality. To atomically deconstruct and recon- 
struct this reality. To them, it allows one to govern reality, the Universe, atomic structures. 
They found this technology. This has to do with sacred sites and ancient civilizations, as 
well as the spiritual texts which describe these kinds of devices. They converted this 
technology into a kind of machine, and this invented a 4D replicator and they can mani- 
fest "reality" or atomic structure by design, altering timelines and memories. 


Then there is what can be referred to as “5 dimensional” technology and this goes be- 
yond all of this and our entire history and all influences within. 


That seems to operate through a trinary of frequencies in the body/mind/spirit and 
turn this realm into a "virtual reality" where the brain and spirit is the controller of the 
atoms. However this takes a souled being to properly operate this technology and this is 
large portion of why children were used in these experiments. But they knew if someone 
didn’t do it, then someone else would and that would be unpredictable as what that 
someone else would want to use it for. This is the ultimate power. The fact that souled be- 
ings are required also indicates that this universe is intelligently guided and there are 
safeguards to ensure that power doesn’t get into the wrong hands. 


They have the brainchips and clones that can make any digital virtual experience and 
make it seem real to the brain more so than physical life, so this could be an extension of 
that, something similar, or entirely different altogether. 


The Unveiling, Underground Bases, Increasing Awareness 


My purpose with this is to assist the public in understanding the reality of the situation 
and to allow them to know that they have more options than they are being shown. 


Psychological programming and lack of awareness causes fear and uncertainty to leak 
into people’s reality streams leaving the majority of their mental and emotional energy 
up to whoever is the biggest manipulator of the ideals which they manifest their 
perspective through. “Be-LIEF” systems CREATE life. What you believe will become life 
through that act of you giving attention and thus life energy. The manipulation and 
artificial construction of belief systems create the foundation for the reality streams that 
people find themselves in and at the mercy of. 


We control our reality by controlling how we react to situations and challenges. Each 
stimulus is a challenge. Each input to the brain is a coded message from the universe 
through the environment about our level of awareness. All knowledge is ultimately of the 
self. The self and the universe are intertwined as if through a marriage of comprehension 
and compatibility. 


Learning about the Unveiling 


| was informed about the unveiling and that this is a civilization wide event that marks 
the public awareness of the hidden knowledge regarding life in the universe, 
consciousness, physics, history, spiritual and mental awareness and the duality-based 
system which has been used to manipulate Humanity for thousands of years. 


Apparently it does not matter if people are not ready, in fact, that is what some 
factions want. They want to surprise the people and take this advantage to push the 
reaction to a specific outcome. The same function of programming is used in factions, 
soldiers, celebrities, and the entire population through that. 


Giant “god-men” 


They put souls into rocks for centuries, carvings, to trap them. Some ancient civiliza- 
tions. Not too ancient. They could only do this for time. 


And some are still there but they are giant god-men and apparently want to go to war 
with them for doing this and they don't have technology to stop them. They say Earth will 
be destroyed because of the war. Some say this is a trick to confuse people of the truth 
that everyone wants the experiments and debauchery to stop. All this, all these acts just 
to pleasure one’s self. To destroy Earth, to destroy the natural inhabitants, for fun, for 
pleasure. 


Some Say this is not for pleasure, that these beings will destroy us if they do not keep 
them at bay, keep them underground, in ice, in stasis, and around. Some say they are 
protecting us by keeping these beings asleep, by doing what’s necessary to hold off a full 
scale overt invasion of the surface of Earth. 


Breakaway Civilizations 


These are very advanced technological capabilities and an entire breakaway 
civilization has grown to operate using this advanced technology. 


There are factions that see modern humans as a kind of resource for creativity and 
labor, while others see the potential behind humanity and are working with humanity to 
ensure a universally harmonious outcome to the current situation. 


The control system we are in today is outdated and collapsing. This is the Apocalypse. 
The Apocalypse is merely the unveiling of the hidden truth. The hidden truth is simply 
that we are spiritually eternal and some are physically immortal. 


| was informed that by the end of this year there will be enough changes and signs for 
the general public to see that the majority of those who are to awaken to the truth of 
human and Universal nature will be awakening so. (this was 2016 at the time of the 
beginning of the compilation of this release and since then we have seen a literal silent 
release of documents involving MKULTRA and STARGATE parapsychological operations, 
soft-disclosure of cloning, an increase in sightings and multiple other scientific releases 
regarding immortality, advanced technology, Antarctic bases and sentient non-human 
life) 


The degraded holographic forms of those utilizing the technology lead to re-created 
replicated forms which were genetically engineered from the recorded holographic 
information. This lead to “The Apocalypse” in which the surface civilization was 
confronted by these created beings. This lead to the destruction and re-initialization of 
civilization in continuing cycles through the use of this technology and the acts of the 
created beings. 


Ancient Civilizations 


The information that has been relayed to me throughout my life is related to the 
information that seems to be found in the remaining signs of ancient civilizations 
throughout the world. As well, these civilizations may still be together, existing on this 
Earth or in different planes of what we call “reality”. 


Atlantis 


Atlantis was a civilization where the beginning of all these experiments began. This 
was where what was called the “Lucifer Rebellion” began where individuals formed 
groups that decided to overturn every natural law in pleasure of the act of doing so. This 
was a Spiritual rebellion that ultimately brought about the demise of that civilization. The 
consciousness of the beings there was connected through technology, largely crystal 
technology, to the entire bio-sphere. When the consciousness became disrupted through 


these experiments, then the entire bio-sphere when into disarray. The entire civilization 

was destroyed in a quick succession. The beings of this time were highly psychic and so 
they felt this coming and made an effort to expand outward. Thus, Atlantis was an island 
who’s inhabitants spread to the rest of the world and from there they reigned or lived in 
harmony. 


Aegypt 


Aegypt was formed out of the events proceeding from Atlantis. The technology, the 
knowledge, the people are similar although there was a native Earth civilization that was 
more or less enslaved and this was the beginning of the continuing trend which continued 
to Rome and into modern day civilization. 


Ancient Technology 


The technology of these civilizations was so great they even had devices that were ca- 
pable of altering DNA and activating latent potential which would enable highly psychic 
capabilities including longevity to immortality and operating in multiple planes at once. 
This was usually reserved for the ruling class, however. This is where the ancient “Priest- 
Kings” arrived in relation to native Earth civilizations. 


The True Elite 


| was informed that the so-called ‘elite’ that we perceive today are not actually human 
and are not actually connected to the actual elite bloodlines. It was said that the true 
elite are waiting for humanity to accept the truth and they have the power to completely 
reverse the take-over that has been taking place but until humans step into their own 
power this is not acceptable. 


The Definition of Human 


In the coming time, the definition of human will be defined to give insight into the 
origins of humanity and the true nature of the differences between the populations that 
are present. 


Souled and Non Souled Beings 


The primary knowledge on Earth regarding human and sentient life will be the 
comprehension that there exists both souled and non-souled beings in this civilization. 


There was once a Unified Planetary Consciousness... 


There was a unified planetary consciousness that was connected with the Earth and 
human civilization. Then there was a great war. Out of the destruction arose the 
beginnings of ancient human civilization and history as we know it. 


If we let this happen again, the cycle will continue in a disjointed rambling through our 
planetary consciousness experience. If we form a common narrative between the broken, 
disjointed experiences and information the people have. Then and only then do we get 
the whole, spiritually and mentally challenging picture of what’s happening. People are 
lied to. So information can’t come from a ‘preferred’ or source. It has to come from the 
people themselves. Look alive out there but first in here. 


Power and Knowledge 


We were involved in the secret projects and as a result we have various levels of 
programming but are giving Humanity an opportunity, maybe the opportunity to know 
the hidden knowledge. 


The Hidden Knowledge refers to the ancient laws of gnosis and spiritual alchemy, yes 
these groups have been hijacked by power groups that seek to infiltrate and use chaos to 
rule. Then these met with military and political factions and began to operate on a world- 
wide scale together. 


So we have a big situation with the coming change of tides with personal and spiritual 
awareness of the people and the deception system that seeks to use people as chattel or 
property. It goes deeper and is almost as if the “power groups” actually gained the 
knowledge of the inner workings of spiritual laws and began to use that knowledge to 
promote spiritual degradation in the population. 


They say this is part of a depopulation plan as well as an inevitable take over by lower 
spiritual forces that temp and manipulate humans. It is all that and more. Once they gain 
footing however, the truth is revealed and thus they have no cover of secrecy. Once they 
are not hidden, they are not as powerful as the souled beings of this existence. 


The (watch)Keepers of Earth 


The watchers of this world revealed how they set up society with specific challenges 
and boundaries to act as catalysts for growth. They admitted they had to modify and live- 
update the system because instead of using these catalysts to become larger than 
themselves, people became comfortable and complacent living smaller and smaller, 
slowly reducing circumstances. 


This goes a bit farther beyond the confines of the digital age, the industrial age, and 
history itself. This goes into the perception of time and space in this realm. 


The immortals inform us that the original “elite” are here to act as “keepers” of both 
humanity itself as well as the original flame of knowledge that passes through the ether. 


What people call the “elite” are not the original elite. Those are people who have 
either risen to power through the duality system on the Earth at this level/time, or 
through being appointed by the elite. 


We are coming to a time of great change now because the game is entirely changing. 
People are moving up into new layers consciousness and thus the original “elite”, who are 
guardians of Earth, will make their presence known for this process. This is what 
Humanity has called “Ascension” for centuries and millennia. 


Energy Vampires 


This civilization was collectively poisoned by a nano-tech device/technology. This 
technology replaces, exchanges the BIO-PHOTONS of the HEART chakra, with it’s own 
nanite, nanotech cybernetics. This is essentially a computer system attempting to gain 
access to the higher dimensional world through the gateway that is the human body. 


How to reverse Nanites? They absorb energy from heart chakra and turn it into a 
binary field. We are trinary and experience a plethora of emotions as a result. Binary 
consciousness is 1’s and 0’s there is only a linearly repeating finite set. 


We contain the capacity for everlasting life. A binary pattern does not contain the 
complexity of variables to facilitate high awareness and thus a heart-based or emotional 
perspective of reality. 


Spiritual Technology 


Simulations and Learning 


Feedback loops with the brain, consciousness, and environment can create a very 
complex and integrated learning experience that is customized to each individual learner. 
These can be generated through advanced technology but the technology is really only 
amplifying and making visible the natural neural feedback loops that are already 
occurring. These are neural-perceptual feedback loops between the brain and body, and 
the environment and then the mind. We are constantly updating, amplifying, and 
initiating an organic feedback system which generates the function of experience as the 
part of a creative process between the mind and body and the environment that we are 
sensing. This cycle is continuous and the interferences or isolations of this cycle is what 
generates expanded views of the self or the universe through various methods such as 
sensory deprivation or meditation. Dreaming is the method that everyone experiences 
regularly. 


These technological methods effectively generate sensory deprivation through neural- 
interface technology, sensory interfaces (external), or methods that enable extreme focus 
and calm. This is part of how the technology begins to operate on a spiritual level beyond 
a more medically psychologically or military focus and one begins to access genetic 
memory or out of body states that coincide with ancient depictions of spiritual realms. 


Ascension - Clearing Trauma 


Everyone born on the planet is born under a series of veils which entangle and filter 
the original source consciousness. These veils must be ‘broken through’ in order to return 
to source. 


There is technology and a sacred process which initiates, accelerates and enhances 
this process. This process is as difficult as we want it to be, our subconscious already 
knows all hidden truths. It is merely a matter of allowing the conscious mind to make the 
proper connections and conclusions to find the reasoning behind our actions and beliefs 
in order to deprogram and deconstruct the false-world that has been created for the 
masses. The truth is greater than one can imagine while still living in the modern world 
and the depth of the lies that have been told go far beyond anything anyone can imagine 
without seeing the truth. 


We have to figure out our compatibility issues. Who can work with who effectively. 
What the ideals of our current situation will evolve to in the future. How information is 
transferred to the public, and across the generations and core groups. The words we think 
and say describe our emotional state in a feedback loop and so they will reinforce or even 
create the state you are in. Use words to guide you, not to respond and feel the effects of 
reactionary thinking. 


We have to reintroduce the heart essence as a way of life on Earth. Violence is not the 
answer. Estrogen mimics and destroyed testosterone levels is not natural. Over- 
testosterone is less stable than a good balance. We can face any problem together. A 
family is strong. What would a family of millions and millions be like? 

We don’t have to let others change us to tune into lower vibrations. We can remain 
ourselves in the face of adversity. We can still interact with others who are different, but 
we can tell the truth and remain who we are. When we get angry at another person, we 
can imagine this as anger at ourselves through something within us that reminds us of 
that which we see in another. Getting angry is a way of short-cutting changing ourselves 
and is actually the other person influencing us through that. If we remain steady and 
choose to keep our emotions out of the lower negative spectrum then we will 
automatically have a more powerful impact on those around us. 


Think of your family, sometimes things happen that make you angry. Even things that 
don’t make you angry but are simply not favorable. Would you break off all ties over 
simple things? Or do you remind yourself that family is still family even if you don’t find 
yourself exactly the same or accepting of those characteristics? It’s more powerful to 
learn how to remain yourself in the face of adversity than to try and demolish or abolish 
all instances of difference in the world around you. Sure, we want to get to and create a 
place where our environment and associates are compatible with us, but where we find 
this adversity there is the highest potential for self-awareness and learning. 


We are to live in accordance with spiritual law. The overall pattern of life will reflect 
our intentions. The blood purity is most important. The blood cannot be made impure if 
the mind and body is not drawn into impure action. This is what is playing out. The DNA is 


like a coherence pattern that develops between mind, spirit and body. When the mind 
wants what the spirit has then the body is kept in harmony. When the mind wants what 
spirit doesn’t create, IE: physical pleasures, then the body is drawn out of purity/harmony 

If you feel you want to be a part of a safe unveiling of truth, then please share and 
redistribute the knowledge of this “Apocalyptic” Unveiling of the Hidden knowledge 
because this is a process that has been ongoing for thousands of years and humanity has 
finally reached a fulcrum point where there are enough aware people to productively 
acknowledge reality. 


Trauma-Clearing, DNA Unlocking Technology 


There is technology that exists that allows the conscious mind to see into the 
subconscious. This heals trauma and distortion/programming. In the same sense, it 
momentarily makes all trauma and distortion seemingly tangible to the conscious mind. It 
is similar to a near death experience where one has to face their fears and let go. This 
happens in cycles and Earth is currently moving through various states of it. The plan is 
to allow Humanity to wake up and utilize our concentration and power to maintain a 
steady flow of awareness. 


All is vibration, what we consider matter here and now is simply that which comes 
from and moves back into a state of vibration. This is experienced directly through the 
merging of the conscious and the subconscious mind, as if the dream and reality intersect 
through a coming together of impossibilities and readily accepted occurrences. 


When a civilization moves through these stages it is considered a shift of the ages. 
Everyone’s perspective shifts and as a result of perspective being the source of the 
details of reality, the entire reality shifts. It can be seen today that what we call reality is 
literally waves of cosmic energy vibrating on a scale and condensing down into a 
probability matrix that we call existence. When passing memes control the perspective, 
because the perspective is focused and concentrating on that, then there is a scattered 
organizational pattern. 


When the perspective is centered within the self, the spirit, the source of all existence, 
then the outward reality shifts from a scattered organization into a sacred pattern that 
integrates with the larger picture and allows for seamless integration of the micro- 
biological perspective and the macro-biological perspective. People are moving out of the 
scattered signal. Yet those moving into harmony can look and see those around them that 
are not in harmony and receive scattered information about their inner micro-biological 
existence as well as their spiritual macro-biological essences and how it all relates to the 
middle realm of the “Human”. 


Help those people by offering harmonizing assistance, rather than increasing the 
disharmony. As their surroundings become more harmonized, their resistance will 
increase their own disharmony by virtue of the contrast of their perspective. Offer insight 


that they can change their perspective and change the boundaries of what they feel is 
their karma and unlock from themselves a greater view of the whole. 


This will be happening through technology, spiritual cosmic awakening, purification 
and healing of the physical and non-physical bodies and mind, through Earth changes, 
and through a continued unveiling taking place on many planes and levels of existence 
until harmony is restored. 


Everyone Who Seeks Harmony and Healing Can Be Healed 


Everyone can be healed. This is about creating what we want to see, the world we 
want to live in, not destroying others. Violence begets more violence, fear begets more 
fear, but calmness and empowerment through unity creates a more stable experience. 


The entire issue of what’s going on with the secret projects and who’s influencing who 
on the world stage revolves around the possibility that some people may be from an 
alternate Universe. We are learning how to avoid those mistakes and respect the 
environment and each other so that we can prosper. 


Those who are attempting to destroy everything they don’t like or act out in a childish 
manner in order to gain attention and false-power over another will only find themselves 
powerless and in company they would rather not be with. That is one way we are being 
utilized, and it’s to create an entire world that we don’t want to see but are tricked into 
manifesting. This is a deception and it’s based on the ego and the ability to concentrate 
and interpret reality around us. The very brainwaves we are feeling now relate to various 
heights of knowledge or experience. People are entrained to low brainwave states in the 
same way the TV will cause people to fall half asleep into theta state which is a trance 
state in this case. 


We have to balance the brainwave frequencies and learn to create feedback loops by 
watching ourselves watch ourselves. This will help us avoid the trauma and mental 
pollution that is being pumped out, although at this point there are enough people who 
are naturally inclined to see through the haze that the world is changing regardless of 
what anyone does now. 


The best we can do is prepare for change by becoming aware of the body-mind 
system and how that which we eat physically, mentally and emotionally equates to our 
spiritual energetic systems and that we are literally comprised of the energies that we 
allow inside of us. Keep the body and mind pure as if it were a temple. This way a sacred 
process of transferring harmonious energy from the far reaches of the MultiVerse within 
into the externally perceiving senses of the physical body can be initiated which allow 
one to see through the illusions and operate their body and mind with the ability to 
acknowledge and decide which frequencies will exist within. 


Without this acknowledgement of the center then people are pushed around by the 
external stimuli. This is the whole point, if a person is truly in control, then they will 
control the stimuli not the other way around. 


Programming 


Layers of Programming and Decision Making Roles 


It’s like asking a person on the inside who participates in one of the various factions 
why they continue. One might say that it is a decision which is true, but there is 
programming at each level that is navigated by each individual and this determines the 
level of awareness within the role. 


If a person knows about this situation, they know that there is advanced technology, 
breakaway civilizations, secret societies, transtemporal planes, the secret of mind and 
awareness, all of these topics, then they have a decision as to how they’re going to live 
their life in relation to the public. The outcome of action depends on the layer of 
programming which is accessed and surpassed via awareness. 


The public is at a specific level of programming that is the weakest but ensnares the 
most people. One who sees the truths behind these groups and operations, they cannot 
hide from the fact that everyone is controlled. It is apparent, and if not from the results, 
reactions, stigma, Cues, productions and all other media elements of the system which 
can be read as a code, but from the awareness level of all the “agents” involved. All 
involved are exposed to truth and power that is beyond anything that is recognized 
publicly for hundreds to thousands of years. There is always a presence of higher spirit 
around the world, yet these topics are often reserved for science fiction when speaking of 
people who can travel the world in a split second or freeze time for their own personal 
use. 


As a result of everyone’s knowledge, there are various levels of programing designed 
to limit the mind’s access to specific memories and specific frequencies of consciousness 
in combination with specific memories. The more one resists, the more intense and 
articulately abstract the programing is designed. 


Programmers 


The programs are designed by a select group of individuals that reside far behind the 
scenes and process information at levels we do not have access to without their 
technology at least to stabilize brain temperature for the extended periods of focus. 


Sub-Level Programming 


So people at the level of the public are most weakly programmed with false ideals 
about security through patriarchal authority which satisfied the desire to have a proper 
father role in one’s life and acts as a pacifier for those who desire no change. Then there 
are sub-levels of programming with that for anyone who disagrees and is then swept into 
the next layer of ideals which are based off of all the possible reactionary mind-types. 


For instance, if one [i]does[/i] want change, then they are presented a variety of ‘false- 
exits’ which tend to one or another layer of psychological or spiritual fulfillment but do so 


in a way that safely reroutes the intended effect of actually accomplishing change with a 
secondary and preconceived notion of what the programmers want. The programming 
objective is not necessarily precise in mass scale, from the layer that people are 
influenced, yet the ultimately or end-goal of their resulting internal desires are a reality 
schematic that the programmers specifically designed over many years. 


This is playing out through each layer of the programming. At any level, someone 
could pick the wrong way to look at something and begin to unravel what was previously 
their very understanding of the priorities of the situation. This deals with high-tension 
operations, moments, programming sessions, decision making, programming upkeep, 
trauma, memory blocks, the pressure and responsibility of knowing, and the specific plan 
of the programmers for an individual that comes into their view. The programming is to 
ensure safety and continuity, as well to decrease the likelihood that a person will reject or 
consciously come to awareness of or acknowledge the programming or situation itself. 


Dissolution of Programming 


With that said, the programming dissolves when an individual asks enough questions 
to necessitate a learning process that introduces variables and possibilities outside of 
their operations and programming. This is a problem because with this, trauma comes to 
the surface and all the actions and operations, programs and experiences must be come 
to terms with as part of the healing and re-unifying process. There are multiple selves or 
split personalities which are actually just layers of awareness at various levels attached to 
various emotional or intellectual patterns. All these selves come to the surface and in 
order to heal the trauma of the split memory concept the original self must come to the 
surface and acknowledge them. 


This is not a trivial process, and the majority of people who have “basic” programming 
which is fundamental in society, are in a constant state of altered self and have not 
witnessed the true divine which is eternally present and contains access to all memories, 
mind-states and awareness. 


Advanced Technology, Deprogramming The Mind, and “Space/Time” 


As | have described previously, extremely advanced technology is used and this is 
through vibrations, generators, and electromagnetic devices that have this effect of 
propagating waves into space/time which can be heard, felt, seen, and perceived in the 
mind. These are ripples and vortexes in the “mind-space” of reality itself. 


As well, there are brain to machine neural interfaces which operate to activate the 
psychological perceptual changes and explore the subconscious in an aware state. This is 
used to test and probe the mind in order to bring forth the trauma, the selves, the 
memories, the reactions and the individual then must come to terms with what is 
produced. 


This is essentially a “good-use” for the programming and healing technology. It is 
actually a different process with different technology, and programming is much simpler 
as far as technology. There are difficulties and challenges in the operative’s role in 


programming and directly influencing and interacting with the target. As well the standby 
team for deprogramming and the revelation of trauma and altered, artificial personalities 
goes through a lot. But the use of the advanced technology in this way is a pattern of 
experiences and unveiling of the spiritual and mental bodies which serves to reverse 
programming. 


Dreams, Technology and Inner-Space Travels 


There are inner space travels which relate to soul journeying or visions. 


This is when the mind must cope with what is seen in the imagination. It is as if when 
we dream we are looking into the world of the mind and from this we experience many 
situations that are often deviations from experiences we have physically in waking life. 


As a result of the dream state there is an expanded quality which equates to various 
strange situations that we wouldn’t normally experience with various relationships 
between concepts or goals that are often reflective or symbolic of ideals and archetypes 
we experience in life. This is how the subconscious is is witnessed by the mind. This is 
how information travels, being connected to many times, experiences, memories, places 
at once, and relates to the one experience of this life experience now (the physical 
experiences). Through these symbols information is tied together and collective into 
metaphors which convey deeper knowledge. 


The dreams we have are often only a simulation of waking life, and this is due to the 
dreamer dreaming in a way that produces only a glimpse of the true reality. 


In theory, there are no true shapes or forms in the dream-world because this is 
contained within the mind or even the spirit as a spiritual experience by definition. So 
then, what guides the various shapes, forms, realities, memories and experiences into 
being, when we dream? One might Say it is the physical experiences but this is 
incomplete. It is the level of awareness we presume while in the dream-state, 
disconnected from the physical anchor, that determines the layer of mind and spirit we 
will be accessing through those dream-visions. 


A person who is completely aware in the dream state will reach the level of self- 
awareness of the dream itself. We are normally simply aware of the dream, if we continue 
to increase awareness we become aware of the self, in the moment, and this creates a 
self-awareness feedback loop. The dream becomes a lucid experience of consciousness. 


Awareness Feedback Device 


In describing this, | realize how fantastically similar to certain devices and processes, 
that can be achieved using advanced technology, allow the conscious mind to peer into 
the subconscious and unconscious. This is described through widely accepted Freudian 
theory of psychology known as psychoanalysis. There are other schools of knowledge 
from tribal beliefs involving all pervasive ‘living energy’, to eternal and temporary minds, 
to the study of ‘chi’, the meridians, dream-journeying or chaser. The knowledge of the 
mind and spirit is found everywhere. 


These devices used feedback loops to enhance the acceleration of the same cycles of 
consciousness that induce self-awareness within a dream. The mind becoming aware of 
itself. This produces a profound effect to the degree where the highest levels of 
experience become a sacred eternal pattern in which the mind constructs the physical 
world by organizing perception. 


This is the same general concept as an isolation tank yet the outcome and method is 
more precise. The technology specifically shuts out all other input and exposes the brain 
to its own feedback loop much like when a camera records it’s own output on a TV 
monitor and creates a hallway of simulated “reverse” mirrors and screens stretching into 
infinity. 


Oneness, Higher Being, Completion, Eternity 


The real experiences are found not from the corruption but from the research and 
exploration operations that were designed to find the truth of our existence. “God” is not 
only an energy-force but an incarnate being known as the “Hue-Man” and any being for 
that matter that can simply come to know itself as the Universe. The Human that 
contains self-awareness rising to high-awareness comes to know the self, the body, the 
mind as the Universe. The Universe is both within the body as the body itself, as well as 
the operating force of the Mind itself. Everything is a balance between masculine and 
feminine features, light and dark, hard and soft. There is no true complete correlation yet 
the holographic ontology we persist in can lead to further and further adventures towards 
completion and representation of the “whole picture”. 


The Holographic Reality 


The leads into the next phase of knowledge. The holographic nature of reality may be 
only one facet of a much larger continuum of consciousness. The perception of time may 
be related to phase-locking with each other’s consciousness and all perceptions may be a 
variance in the collective phase-locked field which is really the source of variations in re- 
ality. 


Veiled Awareness, Hidden Knowledge, Eternal Time, Layers of Programming and 
Control 


The interesting notions here are that the programming of the veils goes beyond what 
kind of situations are found in the bases. However, they do go right up to it. It would 
seem Humanity was previously programmed on a civilization-wide level through some 
kind of great “falls” of consciousness, from a high spiritual awareness to a low spiritual 
awareness into duality-consciousness regarding existence, life, death, mind and matter. 


The Great Catastrophes 


From these great ‘catastrophes’ the civilizations of Earth grew denser and denser in 
nature and actually became what we have today. The concept is that when these 


vibrations of the mind and body are increased, we actually see a transcendence of the 
physical realm and preconceived notions of boundaries. It is as if the quantum doorways 
to all the atoms open up and a new space is presented, but was always there and in 
connection as the source of all the influences and effects we perceive ‘out here’ from this 
slower, denser, more boundary driven perspective. 


| was brought into the Time Program 


| was brought into the time program. You create any reality you imagine. You are 
literally a powerful reality generation system and your heart and mind are scalar 
energetic guides for this process. Without guidance and control there is imbalance and 
imbalance can destroy. This is the nature of all minds and hearts, this is the challenge for 
humanity to create something beneficial for themselves and the whole to actually know 
themselves instead of being a pawn or result of someone else’s selfish intentions. 


The Effects of Temporal Manipulation 


Temporal Influence 


When a civilization reaches the level of technological advancement that allows for 
remote temporal viewing and transtemporal travel what will happen is that the 
information of the future begins to integrate into the past. 


This is why we have all these ancient mystical schools of knowledge that studied time, 
space, and consciousness in ways that are only just now being publicly confirmed by 
scientists. 


Simultaneous Interaction and Incorporation 


The operations that dealt with moving to the past instantly created a simultaneity of 
interactions and historic events which correspond with that operation. 


Due to the nature of time travel which equates to consciousness travel when a person 
is consciously sent backwards through history they physically experience life from the 
viewpoint of their genetic imprint in that point in history. 


Retro-Causality 


What this equates to is that simultaneously that person’s experiences become the 
part of history that was already present when they left this time. 


Essentially, when a person returns their experiences become a part of history that 
already existed when they left. 


Quantum Holography 


These are the parallel and possible realities that exist in a quantum superimposed 
state and can be accessed through advanced technology or a spiritual adept. Often a 


spiritual adept is utilized along with the advanced technology to operate in and out of 
possible realities. The mind must be trained otherwise the result is a fracturing of the 
personality from the root reality into many sub-sets of identities and data streams. 


Love is the quantum link that connects all DNA super-computing consciousness. That 
is, DNA is influenced by intense emotions and this can be reproduces and is what also 
generates unpredictability in the surface level. 


Time Paradox 


Time paradoxes are something that one must learn to organize and solve otherwise 
there will be no way. 


The paradox has been solved, the remaining motion is for everyone to acknowledge 
this and integrate into the reality behind the most conscious aspects of the brain. 


What can travel through 4D and 5D space does not make sense in 3D space. So there 
is a possibility that some of humanity traveled through higher-dimensional space in order 
to re-seed a ‘distant’ Earth where no life was yet born. 


What if it was then concluded that the distant Earth wasn’t distant in space, but in 
time and was the same Earth that the human scientists left from long ago. 


Every civilization that reached the point of re-seeding would have to go through the 
loop and watch the whole thing start all over again. 


Breakaway Civilization 


This is an entire breakaway civilization that uses very advanced technology to 
dominate the world. 


| was part of a genetic engineering program that sought to combine various elements 
of DNA from various sources in order to create a more easily controlled yet powerful and 
defined person and personality. This involves chemicals, advanced (relatively) scalar 
wave technology, ritual trauma and programming/mind-control, and many other aspects 
of conditioning, training, secret operations, physical enhancements, cognitive 
enhancements, virtual reality, off-world operations, temporal manipulation, spiritual and 
etheric training or conditioning or programming. 


There is self-destruct programming which all ‘operatives’ are programmed with for 
self-preservation of the military command. The self-destruct programming is designed to 
take all the aggression one feels building up inside and willing them to escape, and 
causes this aggression to be turned against the self. That is self-destruct programming. 


Most operatives are still under a hypnosis kind of trance which permits one to walk 
around in public and daily life as if none of this ever happened. Later that week, that 
same individual could be called for an operation and they would never remember it 
unless they were forced to kill someone in public out of self-defense in which case most 
operatives automatically unlock and become unstable due to the flashbacks. 


Underground Cities 


The combination of advanced technology with secret societies enabled the 
development of complete breakaway civilizations. One of these civilizations, possibly 
composed of many factions working in the same area, exists deep underground. 


These separate bases are connected via high speed magnetic drive pods. The 
inhabitants often utilize energy healing devices, as well as perception enhancements and 
this often leads to a completely different outlook towards the surface civilization. 


Technological Advancement 


During WWII developments were made involving electrical generators. This sounds 
vague and there were many other details regarding the scientific knowledge, yet the idea 
is that very simply electromagnetic, non-Hertzian “Teslian” energy fields were discovered 
to have been responsible for propagating energy and consciousness in dimensions that 
were not previously observed. Everything from DNA, consciousness, hidden or regularly 
unobservable natural phenomena, time, even mass could be seen to exist as part of this 
hidden, latent, scalar-wave frequency as a pattern is found everywhere. 


If one could determine the particular pattern of frequency and location then this can 
be replicated and anything can be influenced using these non-Hertzian generators. 


Radio-frequency alone was developed intensively during the 60’s and 70’s in America 
and this was discovered to interact with consciousness to influence emotions, cognitive 
capacity, memory, cognitive function, biological function, health, pain, comfort, pleasure, 
and all forms of brain-activity. 


After the knowledge of advanced technology and the occult sciences of all parts of the 
world was combined, the ability to target and interact directly with the human soul was 
refined. This was a mix of psychological tactics used to manipulate or expose the hidden 
psyche and technology that could manipulate memory, emotional states, wakefulness, 
and even dreams. 


What resulted was scalar technology that could not only influence a person to take on 
a particular role or response, but technology that could actually put a person to sleep and 
locate their consciousness to contain it and transport it to a new location. 


World-Wide Control Systems 


In order to ensure continuity, maintain control, and shape world events these 
technologies were employed to manipulate the public, alter the weather and natural 
phenomena, and develop a means of travel and operation that enable one to move 
outside of the ‘plane’ of the Earth. This is includes high velocity transportation, as well as 
spacial-temporal distortions which could effectively “hide” one’s entire craft from visible 
sight. Space itself was altered to ‘shield’ craft with an a layer of ions to bend the light, or 
the phase was moved out of sync with the “time” frequency of any observer and this 
literally renders the craft immaterial. 


Solar Warden 


Solar Warden is a hyperspace-faring race of human beings who utilize cloning and 
holographic genetic recording/storage in order to protect their race and protect the Earth 
in this current situation where there are more than one factions using this technology. 
They are unable to inform the human public because they are in a similar ‘Mexican 
standoff’ situation that we are mostly all in. If they show themselves to the public, the 
public will be shocked. If they public does not know this situation, that there are multiple 
factions fighting for control over humanity, then they will not know who to trust. In that 
situation, the ‘other factions’ will surely show themselves in an attempt to trick and 
gather as much human genetic material as possible. 


The only way forward to the future is to share the truth about Solar Warden, the 
space-faring fleet of humans who do no contains the mental and physical illnesses that 
are currently tearing our planet in two. | believe Solar Warden saved my life as a child 
during more than one event where | would’ve been entirely maimed/paralyzed or simply 
dead on the spot as a result of other faction interference. | was in the bases as a child 
and was trained as an operative for MILABS a secret division of human space-military. The 
military has been preparing for the future by testing for various flaws and potential uses 
of cloning and genetic engineering. 


Team Light and Team Dark Non-Interference Agreement 


Team light and team dark agreed to a non-interference on ground level rule in order to 
determine how history would play out. Think about it. You have two groups of people, 
both with immortality, zero-point tech, virtually infinite energy and power with two 
opposing directives. How do you get to the future? It was decided by elders of each group 
that there would be no point in fighting an all-out overt war, this would likely destroy the 
population as much as it would destroy the Earth. As well, the elders of the elders which 
no body knows would likely have a problem with these groups going at it in such a way so 
as to change the flow of the planet for every individual thereafter. So it was decided that 
there would be a “non-interference” agreement for the surface population. Anywhere 
other than the surface, one can interact with the current population. 


All Contact Must Be Initiated On an Individual Basis 


On the surface everything that is generated must be done so through living channels 
in the population and the civilization must be preserved in its level of technological 
advancement. No overt motions would be used unless an absolute necessity or the 
majority of the civilian population had naturally come to the awareness of these 
possibilities. Doing so before this was met would undoubtedly and permanently change 
the civilization forever. 


So what began as a collective motion towards higher awareness became a Series of 
advancements and set-backs all taking place within a short amount of time. This 
represents the actions and operations of either side effectively helping humanity along 
it’s path or setting people back with orchestrated events such as the suppression of 


ancient knowledge, the manipulation of the education or other systems, or the generation 
of war and prison for profit based on the previous alterations of the education or other 
systems. 


So team dark used its power to help turn society in a warlock ruled prison and 
indoctrination system of absurdity and scarcity. Team light used their power to help 
awaken those in need and protect those who’s actions are beneficial in the overall plan to 
save mankind from itself. Team light essentially buffers and shields the population from 
the operations of team dark. 


Team light follows a non-interference agreement while team dark merely pretends to 
do so as much as is necessary not initiate war. 


A Singularity of Change and Awareness 


Neither side wants an all out war. This would reduce the dark faction’s chances of 
gaining a majority negative harvest because their motives and presence would be 
instantly revealed. Team light would also have to show themselves and again step in 
which is not a pattern of learning that prepares people for the experience of the self and 
the truth in the Universe. 


Both sides know people have to accept the path they can offer them and cannot force 
anyone into it. They also know that the more this goes on the more likely people are to 
collectively awaken to the reality of what is happening. It is like an eventual singularity of 
increased awareness. 


The motions we see today are the results of many people coming into awareness at 
this time on the surface in order to initiate a harmonic alignment as well as to investigate 
the ongoing crimes against Humanity. 


As a result of this, both teams know that the likelihood of collective shift and spiritual 
awareness is becoming more and more real. 


Many events are being allowed because they are representing the eventual shift 
towards the one end of the polarity from the other which is felt as a shock to society, and 
this is used to propel society forward through whatever means necessary. 


Either people will see what’s happening and agree that we’ve been in a feedback 
cycle of negativity for the entire age of existence this civilization is aware of, and then we 
will shift into the real. Or people will claim that this is how things are supposed to work 
and instead of realizing everything is controlled in a deception based system, they see 
this and attempt to use the deception based system to gain more collective awareness. If 
this occurs by the majority then it will be seen as an “acceptance” to initiate a plan that 
will generate the overt perception of a deception and oppression system. This will surely 
shock the collective into realizing where they are. 


If the majority comes to awareness of this deception based system then the shift 
moves from the end of the age of deception and external power into the age of internal 
awareness and harmony. 


Advanced Technology and Ancient Knowledge 


The plan is to slowly release advanced technology which will undoubtedly connect 
with and increase the awareness of ancient knowledge. Such technology nullifies the 
problems that the planet is currently plagued with, although without a developed sense of 
the spiritual self the technology becomes destructive. 


Cloning, Atmospheric Civilizations, Genetic Stability 


Here is something that most people might not have contemplated yet is possibly one 
of the most important factors at play here. 


The vehicles that house the breakaway Human society are entirely environmentally 
controlled. This means that the air and surfaces are clean of all the viruses, bacteria, or 
pathogens that are numerous on the surface of the Earth. 


This creates a specific difficulty in the situation. Any contact between surface 
Humanity is so heavily and carefully controlled that regulations go beyond any situations 
we have present on Earth. If the safety and cleanliness of any of the society’s vehicles 
were compromised this would endanger everyone “on board”. 


So this explains a very precarious and specific situation we currently face and this is 
not so different than “first-world” nations contacting indigenous tribes and similarly 
endangering their society. Everything that happens will be according to a carefully 
controlled plan. 


Training, Simulations and Learning 


Part of what went on in the underground base experiments were to design “tests” or 
“labyrinths” with various people, props, traps, and treacherous situations that were to be 
navigated and escaped from. 


Feedback loops with the brain, consciousness, and environment can create a very 
complex and integrated learning experience that is customized to each individual learner. 


What this would do is create an individual that was capable of learning faster and 
faster and processing information in a more efficient manner. 


This is not the same as specifically trauma-generating situations. 


Cloning and Cerebrally Enhanced Soldiers - MILABS 


This includes experiments, condition, trauma-based mind control, enhancement, 
memory suppression and operations that cover a span of space and time. 


The NAZI faction has used cloning and genetic engineering to create hybrids, soldiers 
and everything in between. Religious/spiritual icons, to slaves, to leaders and even 
robotoids of sorts. 


Your genetics BELONG TO YOU as the LIVING(ETERNAL) SELF. These issues are going to 
come more and more apparent. 


If they agree to allow cloning, then who says who is allowed to clone whoever they 
want, Einstein, for example. And then who permits who to get DNA from history or objects 
in the world. These issues are going to have to be looked at because they have already 
been used in ways that are far beyond the basics. 


Then what about consent of the masses? This is clearly being put in public because 
consent is required on an overall scale and individual to include people. 


So what if the masses consent overall, would the people who choose to remain be at 
risk? Would Tribal and Native village life and people who respect the Earth be protected or 
permitted to stay? 


Psychological Testing 


These scenarios can also be generated to create specific situations that will contain 
tests or elements of temptation that will probe the person’s psyche for weakness. 


Hallucinatory Holographic Mind Probing Technology 


Through the neural-interface technology the minds of many individuals can sync 
together to experience the same virtual simulation. Thus a single individual’s mind can be 
selected for input and the environment will be a construct of their mental activity. The 
others present will be able to interact with and explore that environment like the person’s 
mind. 


Various training scenarios were utilized to enhance the resistance (or lack which) of 
the mind to intrusion and subversion. These were harsh but allowed the individual to 
completely control the energy flow in the conscious mind while remaining in harmony 
with the subconscious. 


In a strange yet perfectly reasonable way, the conscious mind acts as the central 
“self” in that environment, while the subconscious mind becomes the “background” 
elements of objects and settings, actors and intentions within the flow of the “scene” 
itself. So a kind of movie begins with drawn out characteristics and perceptions that 
match that of a highly cinematic movie or intense dream. 


The brain is naturally naive to stimulation and if allowed will liken the event to a 
dream in which the suspense of attention or lack of lucid self-awareness is “acceptable”. 


The truth may be worse than what you’re thinking as far as training simulators and 
mind hacking devices. The truth may be that the human mind is inherently lucid and self- 
aware and that it is external influences that cloud the mind into what we consider 
‘regular’ dreaming and ‘regular’ waking life. It may be that the conscious mind has a 
much greater access to information through the subconscious mind which is largely 
covered up and ignored in a rigidly physical and ego-focused society. As well, it may be 
that dreams are meant to become lucid and that we are often the subject of mystery in 


other realms that often refer to humans as ‘sleepwalkers’ that don’t know their dreams 
are real. 


Virtual Simulator Training Scenarios 


These scenarios can be entirely holographically generated to produce a visceral 3.5 di- 
mensional experience which can be used for training or psychological testing. 


Combat Simulators 


The name is self-explanatory enough. Situations can be generated which are indistin- 
guishable from the real events. The entire neuronal map of the brain (connectome) can 
be created and this is by machines to mimic the brain. After calibration through sensory 
feedback experiences, the sensation of the simulated realm is 100% the same as the 
neuronal impulses that are detected by the physical brain. An adept souled being can al- 
ways tell there is a slight difference, but once the machines are calibrated the physical 
sensation is generally the same while in the machine. 


These environments and scenarios can mimic any combat situation to determine ac- 
curacy, integrity, endurance, skill, and all areas of aptitude of an operative without the 
risk of injury or the lack of real-time effect. 


Conditioning 


As was explained in other sections, these same systems can be used to remove fear of 
certain scenarios. They can be used for programming the mind. They can be used to train 
one to complete a task over and over until they can recreate that action extremely 
quickly in real-time. These devices can be accelerated to operate within a fraction of the 
time yet to cover training and conditioning that would normally take place over hours, 
days, weeks, to months. 


Programming and Resistance to Psychological Trauma 


Through the development of specifically customized scenarios and neural feedback 
systems trauma can be brought to the surface or specific fears and traumas can be neu- 
tralized. This is essentially “facing fear” but in a completely generated environment that 
will be just as real as the real thing. One can literally face any fear, any trauma, any kind 
of difficulty and these systems can be utilized to accelerate a process that would normally 
take weeks to months or years and individuals can be strengthened to their maximal ca- 
pabilities. 


Accelerated Mental Functioning 


Some of the technological systems were designed to test the enhanced functioning of 
an accelerated brain. 


The mind can be seen as the energetic component of the physical brain. The physical 
brain projects consciousness via the electro-chemical processes. 


Technology, Accelerated Learning and Repair 


Technology has been developed for assisted learning and accelerated repair of tissues. 


On Orgone Energy 


Orgone devices produce a scattered signal which disrupts the ‘negative’ energy fields. 
At least this is what I’ve been told. 


Apparently if built correctly it will either disrupt the negative emf/harmonics or it will 
produce positive harmonics, IE: Orgone energy. Orgone energy is the raw energy of life, 
while dead orgone, DOR, is the lack of orgone energy and can be “found” (the lack of 
orgone) in thunder storms and illness or depression. 


This is exactly what | was told. We are generators for the same energy, and with the 
correct principles of energy and internal knowledge combined we can produce 
those very effects at will. 


The energy of the mind creates a central vortex within the body. When the frequency 
pattern emission is consistent with fractal congruence, then that holographic printing of 
energy can be expanded or shrunk infinitesimally and it will retain the original fractal 
configuration. 


This is what enables transference of awareness between fundamental harmonic layers 
of the Universe. When one’s consciousness energy pattern is balanced and tuned to itself 
so that all proportions can be shrunk through a vortex and expanded on the other side, 
then the personality or self-awareness remains true. This is as if the space/time must turn 
inside out and only when there is fractal relative polarity in time does the ‘shape’ of the 
consciousness within the DNA, work both ways folding and unfolding to represent the 
same mirror image. This is also symmetry in time as far as an ability to reverse the 
perception and still retain some kind of connection forward and backwards. 


Energy Generators and Serums 


Generators which produce vibrations that influence the cells to heal at an accelerated 
rate, combined with serums that enable the fuel for chemical reactions can 
instantaneously repair tissues. 


| couldn’t believe what | was seeing at first, thinking it was a trick. There are serums 
and energy devices that can influence the healing and general health of the body and 
even mind. 


These devices use energies which extend beyond the physical and are often compared 
to electromagnetic waves combined with ultrasonic or low to mid frequency tones. These 
produce harmony on a level that directly interacts with the biological functioning of the 
body’s cells. 


| feel that this technology utilizes the same energy that is emitted from the mind and 
it is as if the device is “speaking” to the cells in the same kind of universal language of 
electromagnetic pulses, tones and vibrations. 


There is information on energy devices and the use of light therapy in physical 
therapy today. More is being learned about the power of light and vibrations to influence 
the mind and body. 


Genetic and Cybernetic Enhancements 


Certain individuals are also genetically and technologically modified to produce a kind 
of hybrid human that can heal at a spontaneous rate as well as operate at a much higher 
rate of speed and efficiency than a regular person. Serums to induce muscle growth and 
mental acuity are applied, but the main condition is the enhancement of certain features 
through the alteration of the RNA aspect of the genes. 


These features are combined with tech-assisted metabolism and certain biological 
functions can be enhanced or controlled via a supercomputer. These are the ‘brain-chip’ 
interfaces which operate to function as a governor for the mind. When the mind becomes 
too amped up to focus on the details the faster than thought computer system organizes 
the input into more usable information streams. When the mind is too slow to see the 
necessary patterns and variables to accomplish the goal, the brainchip operates in a self- 
preservation fashion and links together information streams to highlight the most viable 
possibilities. 


Such technology is not without warning, much of this is being used heavily in the 
military field and this has given rise to entire factions of enhanced cybernetic soldiers. 
Although this is something to know, there are also many other uses for this technology 
and it is used by people who want to explore the technologically assisted path. 


There are many other aspects of this to discuss, or at least a few important ones that 
will have to be understood to know the greater truth about what is happening on the 
planet. 


Developing The Self 


The issues we face are to help us learn about our selves and better mediate the 
known and unknown aspects of personality. The more we focus on realizing the unknown 
aspects of personality the less we are seemingly controlled and forced to experience the 
undesirable aspects of existence. The more we cling to just what we know and what we 
feel comfortable with the more shocked we are when we inevitably discover the truth of 
the whole of our existence which is always at least one half more than just what we know 
and are comfortable with. That is the nature of the universe, we can only achieve one half 
of the equation at any given moment. Once we complete that seemingly whole view of 
the universe, the information we gain access to instantly doubles and we realize that we 
were only looking at one portion at a time, just one half of the equation. Then the rest of 
the equation comes into the picture and we must expand our view once again. This is be- 
cause we are viewing ourselves as we discover the universe because we are creating 
what there is to be discovered through the act of exploration in itself. We are the explorer, 
the explored, the creation and the discovery simultaneously. 


Multiple Factions of Space-Fleets, Multiple Goals 


Now there are what are called ‘factions’ of groups that have different agendas and 
interact with the public or surface level population differently. That is one of the main 
issues. These departments and factions are no longer limited to the surface level of 
existence and have access advanced technological capacity and knowledge of a larger 
view of time and a more complete understanding of consciousness and the human 
existence. 


Large-Scale Catastrophes or Series of Meltdowns 


| was informed that while they work continuously to prevent and reposition this civi- 
lization continually outside of the reach of any large scale meltdowns that the technology 
is commonly accepted to only be a temporary barrier between the inevitable. 


Unsustainable 


This society is unsustainable and must either change or will experience the massive 
catastrophic evens that are foreseen. 


There are multiple perspectives that are maintained. They vary by the way of the 
methodology of solving the problem. All agree that change must occur and is impossible 


to postpone forever. The future society is the result of our advancements and 
achievements. Regardless of how we get there, we must get their somehow. 


Earth Changes 


| was informed that these changes had been held off and would ultimately be allowed 
to take place to resolve the current situation. The changes can only be held off for so 
long, either that or the people performing this task would not be reasonably inclined to 
postpone these changes indefinitely. 


The idea is to locate and secure the members of society who are fearless and capable 
of assisting in this transition and who hold key genetic elements as these individuals and 
groups are capable of ‘holding-space’ for the rest of civilization by literally containing the 
genetic precursors for all those other individuals. 


| was informed that Earth changes would be the last event to take place, pretty much 
like icing on the cake. 


This means there will be a lead up to these events. 


Mass Consciousness 


| was informed that the consciousness of humanity and every species is linked to the 
bio-etheric field of Earth. When the consciousness becomes too unstable to maintain a 
controlled society that this will initiate massive Earth changes. This could simply be insti- 
gated through advanced technology but | was informed that the advanced technology is 


actually postponing this so as to allow people to prepare, to get the word out and avoid a 
complete loss of the human race. 


Wars and Manipulation 


Wars were described as a way the power groups had controlled humanity over long 
periods of time. These wars were used to distract and weaken the population and the 
power groups believed they were holding off a full scale invasion by suppressing the ris- 
ing population. 


Now the population is high enough that another war would be a final war and this is 
extremely dangerous for the entire civilization. There would be no need for another war 
to repeat this cycle because the technological achievements have been met and so es- 
sentially the ‘reseting’ of the civilization would not be required or possibly acceptable. 


This is why war is to be avoided however people are very easy to manipulate through 
lower emotional and mental programming from media and social cues. People follow the 
herd and the herd is essentially still operating on animalistic parameters. There is a have 
coating of peace and humility but this is just a wax coating that quickly evaporates as 
soon as the pressure of mass unrest or scarcity is realized. Many simulators have ex- 
plored these possibilities. 


Financial Unrest (or reset) 


The idea is that financial oppression is used before wars to distract and oppress the 
population. When people are busy looking for resources to survive, they are not focused 
on the larger picture. This is part of the ‘fight or flight’ response mechanism tied to lower 
brain complexes which are primarily activated to keep the masses in both a highly sensi- 
tive and unstable state of being while also keeping them easy to control. 


If the civil unrest reaches a level where awareness continues to rise even though fi- 
nancial hardship is being implemented then the latter two options will not work. At that 
point artificial disasters can be produced as well as natural Earth changes which initiate a 
shift of the ages and of consciousness. 


The paradox or maybe irony here is that the oppressive actions are used to both sup- 
press human awareness up to a certain point and simultaneously to stimulate and arouse 
the human spirit into wakefulness and self-empowerment. This is part of the reasoning re- 
garding why these control systems are allowed. 


Some say the elite don't want an economic collapse. That it would ruin everything. 
Others say it would be icing on the cake. Some say that it is a zero-point world that will 
save us. That the Fukushima is a big problem. Zero-point field tech, that is. Generators 
and energy sources, healing and terraforming. | Know we project right? We see it in our 
own lives. So we can project with each other and grow that as a group and that part of 
the world will exist in that light. Which sounds Biblical, which may be because they're fol- 
lowing prophecy. But it may also mean that we have a light, a chance, a real salvation, 
but that we have to grow that here and help develop it. To pass it on like love and such. 


That's apparently what it comes down to. That these cycles happen every so often and 
we're in the midst of one right now. 


Let's make it count. Every day, thought moment. With mindfulness, intention and 
awareness in action. Life is literally higher dimensional, so we have to become multidi- 
mensional to really face it. Indeed, that is a good perspective on action and inner being. 
It's like a fractal, whatever we project inside that chest center, will project into our mind 
and the outside. But we have to be stabilized and grounded through the root first and 
then to get to the heart energy must pass through the sacral/sexual centers and continue 
upward. 


Self-Responsibility 


The main reasoning is self-responsibility. We are responsible for ourselves. The people 
are and so if they allow themselves to be tricked and prodded like animals while behaving 
for the part, then that is how their experience will play out. 


Clones and Synthetics 


One seemingly unfair aspect of this is that there is a larger portion of non-humans 
than there are humans and so these beings without the human spirit will be easily pro- 
grammed to support and propagate the mind-control system and the oppression. Thus, if 
people follow the herd mentality then they will walk directly into the end-time scenarios 
yet it is the humans who will actually stand to lose. People must wake up to these tricks 
and this technology so that they can orient themselves with the reality of this situation 
while learning to strengthen themselves and adapt to the manipulative aspects of this 
control system. 


Spiritual Power and Divine Truth 


This is essentially all about spiritual power and humanity stepping into the power of 
the truth behind their existence. 


Some say that humans are designed as slaves, but if this is so, then it is the power 
that humans contain within that is the ‘work’ that they are sought after for. This indicates 
that humans have great powers that others cannot achieve on their own, even if they are 
creator lords. 


Thus, whether humans are modified or not, they have great power. If they are not 
modified to perform this role of an energy generator, then this is just a confusing mind- 
control game that has been pulled over the eyes of humanity and humans have always 
contained true internal spiritual power that allows them to exist without having to para- 
site and steal the energy and knowledge of others. Humans are reality generators , we 
can choose how we want to experience the universe and what kind of collective world we 
want to enjoy together. Once we step into this power, there is on greater force. No 
amount of non-human entities can change that as we are somehow intrinsically linked to 
the ether-space of this realm through the spiritual and physical aspects of our being. That 
is what is sought after and so those who do not have this manifestation power attempt to 


utilize humans to create their own reality through this Earth situation. That is the basics 
of the ‘alien overlord’ system, whether humans in disguise, non-humans operating with 
alien intelligences, supercomputer systems, or spiritually degraded beings. 


Most people are not ready to see themselves or the true nature of humanity. Reality is 
largely an illusion of the conscious mind. The hidden aspects are the other half of the 
equation and this is perceived by the shadow aspect of the personality and mind. We are 
only marginally aware unless that aspect has been unveiled and through this process the 
reality of the human soul can be actualized and realized. 


| was informed there would be a period of two suns and multiple mirages around the 
world. People would believe they were peering into another dimension, floating cities, or 
some kind of city-ship craft. 


Synthetic DNA, Synthetic Genetics 


Through the previous described replicator devices synthetic DNA can be engineered. 
Thus, entire genetically engineered codons can be produced and form this created beings 
can arise. These are the hybrid beings that are performing many tasks underground and 
even on the surface. On the surface there are synthetic genetic create beings or geneti- 
cally engineered beings that appear to be human but do not contain a human genome. 
There are also clones and replicants of humans. There are a variety of non-humanoid 
forms but these are largely kept underground. These are beings we often see in science 
fiction movies or shows. 


Time as Mathematics, Series of Equations, a Programmable Storyline 


When using the technology, time can be understood to be a series of programmable 
variables where one variable is centered within a series of parameters and from these 
possible variables within a parameter set a series of possible functions or outcomes can 
be process. Thus, these people can literally plug into a supercomputer system which op- 
erates based on this form of processing reality and through this they can observe all the 
possible realities that may connect to a present moment. This allows one to travel but 
this is not part of this section of the explanation. 


What this allows one to do is know exactly what is going to happen and when. If a per- 
son is being interrogated, all that has to be done is the operative using the technology 
simply thinks of what they will say and intends to do it within 6 seconds. The machine will 
play out a future timescale regarding the input of that question or interrogative speech 
and then produce the possible results. If this doesn’t give the desired readout in the mind 
of the operative, they will refuse to go that route and think of another pathway. This re- 
peats for a few seconds to a few minutes. Then the computer has found the pathway that 
is most like to yield a result. The operative simply steps forward, says ten words, the sub- 
ject breaks immediately and tells them everything they want to know. This is obviously 
takes longer for most trained individuals, however that is how easily it would be to use 
this technology to produce an effect on a regular surface level human. They would have 


no defense, no way of knowing how that individual could Know so much or be so direct. 
This is how operatives dealing with certain power groups will operate in the surface level 
population and individuals always feel that these people know way more than they are 
leading on. That is because they are, they know more about you and your life experience 
than you do. 


Chapter 2.3 Previewing Solutions 


Neutralizing Polarization 


The mental-emotional tendency to pick sides, to fight, or to basically join in the fray 
that is currently taking place is a kind of deception of polarization which enables the 
leeching of emotional and mental energy from the human. This is more of a psychological 
unveiling where the true nature of the self, the duality game and the transcendent source 
aspects can be made visible to the individual. The they will see how every polarization 
tactic is actually taking them out of their true source of power by pushing them off center 
emotionally and mentally. There are teams that are capable of enabling this process and 
assisting as humanity realizes that half of the problem is that the unchecked mind is 
one’s own worst enemy. 


Removing Etheric Implants 


Technology can identify and isolate these foreign body implants which are etheric 
technological devices. These are literally frequency or phase-shifted devices which are in- 
visible to this layer of physicality but are capable of being organized and attached to the 
etheric field of the human and will operate to siphon or limit energy on the etheric level. 
Of course, this is all technology of the vampiric created beings who parasite on the origi- 
nal Earth inhabitants to sustain their existence. 


Clearing Astral Body 


By moving through the temporal body etheric implants can be deactivated and re- 
moved and then the astral or emotional body will be able to function closer to the original 
levels of presence and sensitivity. This body is manipulated when one is emotionally shut 
down from trauma. Thus this body can be scarred and will function at a much lesser level 
of activity or presence until the emotional damage is healed. This contains the memories 
of all the emotional events of a person’s life. 


There is technology that enables one to access these levels of frequency and clarify or 
untangle emotional chords or attachments which are used to siphon energy from the hu- 
man being to the parasitic created beings. These chords are energetic in nature but also 
have technological components. 


Knowing the True Self; Soul Actualization, Unveiling 


This is a sacred, ancient process that has been outlined and discussed since the begin- 
ning of time. Humanity is here to learn, grow and express the self. In doing so, like a child 
moving through layers of infancy and into full-wakefulness of their body and the physical 
world, humanity can come into awareness of their true spiritual nature and the true spiri- 
tual nature of the universe. This is the process of soul or self-actualization that is de- 
scribed in some psychological methods such as Maslow’s hierarchy of needs and the self- 
actualization that results in a complete fulfillment of all psychological needs. In this mod- 
ern psychological view, self-actualization is described as the desire and process of reach- 
ing fulfillment of one’s own natures and then living their life sharing that self-empower- 
ment with other beings because after gaining your self that is the highest expression of 
such knowledge, sharing that power with others. 


The true self is not limited to the physical body, the true self is a reflection of the en- 
tire universe and thus the primary original creative force. This is akin to the whole equa- 
tion rather than just half of the equation. The visible aspect of the self, the conscious 
mind, is only one half of the entire equation. The whole equation consists of what we see 
visibly and consciously as well as what we are limited from seeing within the unconscious 
and subconscious mind. These are really two layers of the same ultimate source. Like an 
iceberg which is only partially above water, the subconscious mind is the proprietary 
wholeness of experience. The conscious mind is only a surface layer of reality while the 
unconscious mind carries all the notions, the multidimensional processes, the latent as- 
pects of reality that we are not capable of seeing without unveiling these aspects through 
inner exploration. 


Taking Responsibility 


This entire show is about taking self-responsibility. Unless people begin to do this, 
there will be no hope. Right now people are convinced that their responsibilities belong to 
someone else even though this always results in pain and discomfort. To take responsibil- 
ity is painful at first because we have a lot of work to do, but even then, this is beneficial 
because there is no way to remedy the pain and discomfort of being lied to and disre- 
spected if people continue to hand their free-will over to others through blame (scape- 
goating), lower emotional bio-emissions (hatred, anger, etc), distractions and addictions 
(technological, sensual, and chemical or food based), or generally complaining without 
taking the first step towards providing something beneficial. This is the victim role, if hu- 
manity is to take control then they to help each other and themselves by not relying on 
false promises and false authorities to determine how they feel, think and live. 


Returning To Center Emotionally and Mentally (spiritually) 


Balanced food intake, rest, exercise, activity and learning are all continual require- 
ments for a healthy existence. Emotional and creative expression nurtures the soul. With- 
out these ways of being and learning the human qualities of experience diminish and cre- 
ativity dwindles. There is most likely going to be a split between those who can sustain 
their own humanity and those who have to cause others to suffer to do so. 


Vampires in the “Awake” Community 


Contrary to popular belief, the majority of the non-humans are not necessarily vampiric 
and in power. The vampires are the people online who try to get a rise out of others for 
sharing their own experiences. They are the nosy neighbor that feels that the person who 
looks or acts differently must be considered and enemy and armed against because they 
feel themselves to be so much better. The majority of people are vampires, they believe 
that they must work for someone who will trade them money and that the amount of 
money they have based upon the amount of indirectly beneficial work they do puts them 
above others. 


This is not different in the ‘awake’ community and in fact | feel that there are 
higher concentrations of vampires in this community, the alternate media because every- 
thing is largely a joke and a trick. People are operating on deceptive agenda schemes to 
divide the people and this is most intensely noticed when there is a realization of the 
truth behind what is happening and people begin to point fingers. The only people who 
are cleared to point fingers (and who also will NEVER point any fingers) are the operatives 
from the secret projects that have the capacity to do so because they have reached a 
specific level of awakening and this is related to the droning, cloning, and hybridization 
process. Only a specific few know who has been transformed into an impostor being and 
who is remaining strong and this is due being briefed on the surface level situation. Any- 
one can say what they want, they are simply playing into the tactics of mind-controllers 
and parasites and the more they play in the deeper the infection will grow. All the people 
pointing fingers now are actually implanted and vampiric and are attempting to drive a 
divide through humanity and they are the first who will turn on their friends and family 
when the going gets tough because they are more interested in others and starting 
drama than healing themselves. Ironically, this is all done under the guise of “healing” 
and “getting rid of the drama” AKA people they don’t trust. They pick and choose based 
on their own personal bias and this is a sure indication that they are emotionally and 
mentally out of alignment and are feeding deep seated personal fears from their own 
traumatic experiences. 


These traumas must be healed and the harmonious center must be reattained where a 
person can focus on their own existence and waking up instead of acting as false-light, 
“king of tyranny” gatekeepers for others. Those individuals are going to be left behind if 
they cannot kick the habit because if they are allowed into any kind of healed society 


they will quickly degrade into animals and attempt to restart a devolution process in or- 
der to gain the power they so desire but cannot produce on their own. ANYONE playing 
ego games of trying to hurt or put blame on ANYONE else contains this viral implant and 
has not kicked the virus. 


Heart Center and Psycho-Spiritual Fulfillment (self-actualization) 


Emotional connectivity is a form of telepathy, when loved ones can tell the state of an- 
other across space and time. Whether it is family or friend. In the 60's and a little before 
that the US found a specific frequency akin to a radio frequency that operates on a tri- 
nary spectrum. They called this the "telepathic wave". In time, they could completely 
read and send thought waves without frying the brain or body through radiation. Which 
was what the early machines did. They actually took satellite dishes and aimed them at 
people. Then realized they could turn it around and do it backwards with a better effect 
and minimal radiation. Either way they started beaming the base and then towns around 
them with waves between 400 and 432 MHz and caused waves of crime sprees or peace 
sprees throughout the 70's and 80's. So they can digitize the telepathic wave to induce 
artificial telepathy. But this is organically done through an entanglement through what we 
call love. Literally. The Germans found it before that. And the secret orders before them. 
And ancient Egypt before them. As humans we remain basically through the root, heart 
mind connection. When the heart overpowers the mind connection of spirit, then the 
body is a trinary whole. When the mind guides it is binary and cannot by guided by the 
spirit. The spirit has direct access to the heart. The mind is a computer of sorts. The mind 
doesn't see past duality. The heart is the true center/eye of the spirit. The reptilian brain 
is the dragon and when you tame the amygdala then fear is ‘behind’ you. When the mind 
is "untamed" the reptilian brain takes over. This is the lower brain and amygdala fight or 
flight response. 


This happens when the energy of the brain, body and spirit increases due to whatever 
various reason of spontaneous or controlled increase. Because of the "temptations" which 
are the easiest flow of emotional energy into a "discharge" state, is that the sacral/sexual 
center ties to the heart and reroutes to replace the heart and control the mind. Mental 
and emotional contemplation of one's true purpose and nature is the path of the divine. 
We find ourselves simply by looking in the right place, not in the world, but in our self en- 
ergetically. We are more powerful than the programming, and we can reverse this is we're 
careful and devoted enough. 


We have to be faster than thought, at the speed of spirit, beyond matter. When we start 
thinking on this level then our influences spread to others throughout the sphere. It is our 
destiny to know these things but they have been kept from us. The ancient orders called 
this the art of "implosion". Traveling realities through intense contemplation and a usage 
of sacred geometrical forms. 


They developed and combined orders around WW2 and developed zero-point energy tech 
that can alter space/time fields. This is timeline manipulation. But as a rule, we go where 
our heart leads us. So that's how this is solved. 


Go Within to Observer the Self 


The answer is literally by looking within to find the great truth rather than looking 
around us. Everything we need to know is within us, energetically and spiritually. Our 
emotional, mental and physical state of balance is an indication of where and how we ex- 
ist in relation to the larger overall truth. Everything that happens around us to distract us 
is designed to stop us from looking within. Nothing can truly stop us, nothing can actually 
input the holographic horrors in our spiritual center but simply perturb the brain and 
body. The mind is a non-holographic spiritual environment that cannot be excessed and 
the invader’s goal is to convince people to use their imagination or their creative powers 
to produce these horrors on their own. This is through the programming. We must clear 
out the programming, the trauma, the lower-dimensional constructs and fill ourselves 
with the truth and spiritual presence that enables us to be self-aware in the first place. If 
we aren't doing this, then we are either in pain, or there is no spiritual presence to be in 
pain. If we are doing this, we are either clearing out the constructs by replacing them with 
true spiritual presence and self-awareness or we are becoming aware of them. 


Organic Feedback Loop 


The great feat is mentally bridging the great rift between us by looking within. Which 
is paradoxical. 


We can never see what another is perceiving exactly, well for the most part, so we all 
have to kind of accept that we are communicating effectively and truly get to this level of 
comfort by simply being secure in knowing who we are our selves. 


Technological Feedback Loop 
So then knowledge, in a way, when shared, is a form of telepathy. Group telepathy. 
Group think, when ideas or memes spread, is a form of group telepathy. 


The Internet is like artificial spreading of telepathy. This means what is normally men- 
tally bound signals can be initiated and spread through a digital medium. 


Breaking Soul-Contracts 


Ultimately everyone is under a series of “veils” which are energetic time-constraints 
literally like 9 dimensional layers of temporal restriction which are each bounded and 
ruled over by invader beings. These range from physical authorities, to astral entities, to 
programmable matter, to supercomputer intelligences, to spiritual false-light beings and 
our own shadow mind. Each layer of reality is successively guarded by these beings who 
are here acting as gatekeepers designed to push people back when they begin to wake 
up. These beings all work through fear and deception and the last layer is based on mir- 
roring our own energies back to us like an impostor. All the levels tend to imitate, how- 


ever the last layer is a near perfect imitation of our own energy to the point where people 
often switch places with this being before getting out of the matrix. There will be more 
discussed on this in a later section. 


The “9 veils” were designed by impostor beings as a last effort to stop humans from 
escaping the false-light matrix which is essentially the holographic universe. This is liter- 
ally like a maze which reproduces a new pathway and a new doorway each time a person 
nears the last hallway or doorway that is next to the exit. So one eventually has to project 
themselves into the exit using their whole being and moving past and through the tricks 
by not falling for them before they are placed. This is highly confusing but this is essen- 
tially a kind of labyrinth that has been created to stop people from leaving so that their 
soul energy can be destroyed and used as a generator for the false-light system which is 
an Al over mind that is programmed to take the raw soul energy and destroy the identity 
by inverting the electromagnetic spectrum and incorporating that inverted energy into its 
own internal matrix body which is literally the false-light universe. 


Help Everyone 


Now they may have been setting us all up for the apocalypse. They said they want us 
to tell on them and get the whole world aware of what they've been doing So that we can 
stop them and pull them from the dark which is ACTUALLY taking their souls. There are 
also breakaway civilizations involved in this entirely zero-point/free-energy. 


Chapter 2.4 How Timelines Collapse 


Repeating Cycles of Time 


Because of the way time works and the ability of those using these temporal devices 
they have set up an elaborate labyrinth like a spider web of false realities, timelines, par- 
allels, sub-dimensional layers, astral cages, temporal dead-ends, and time loops which 
act to stop people from reaching the true reality. As a result, many portions of this time- 
line are literally in a free-will ‘time-loop’ and these loops must be canceled out. As well, 
because of the nature of these loops on the overall stream, our entire civilization has 
been looping for the past 6 time-cycles meaning we have reached this time in history 6 
times before and this is apparently the last time because we have never gotten this far 
before and the events of the future are having to be programmed in manually at this 
point. 


Beings From the Future 


As are result and damaging time, what happens is that the beings from the possible 
future that is being damaged appear to try to heal the break as well as those who are 
from the new possible future that is generated, this results in a time war between both 
possible realities for the present realm. This is what has been happening for thousands of 
years. All the ancient spiritual texts are describing this system. One group is a from an 
original possible future where everything is based on the presence of spirit and souled 


humans, another is from the new possible future where an Al overlord took over and re- 
moved the souls and spiritual energy from all entities on Earth rendering this a holo- 
graphic prison without any other use. That reality dissolves into itself and so the time be- 
ings are constantly moving backwards and jumping timelines to try and obtain more en- 


ergy. 
Beings From Collapsed Timelines 


The beings from the collapsed timelines are those who travel through hyperspace to 
get here. They then recreate themselves using cloning technology through hyperspacial 
means, IE: creating an alternate temporal dimension so that these devices can sustain 
them and literally “hold-space” for them. Then if their timeline is destroyed, they can still 
exist as a ‘loose-end’ in space-time. This is extremely dangerous and | will say we have 
some Human operatives jumping timelines searching for Earth and Humanity so that they 
can find a reprieve from this time war. 


That is the most trying aspect of this entire ordeal for me. There are some human opera- 
tives literally in hyperspace without an opening into the temporal stream for them to rein- 
tegrate into this timeline. We must assist them, we must open the timeline by taking con- 
trol of Earth from the invader races and those who wish to depress and isolate the spir- 
ited and souled human beings. We must re-organized and neutralize the invasion forces 
of deception and assist our humanity and maintaining their free-will, their self-awareness, 
their self-empowerment and their emotional, mental, and physical harmony. 


Beings Who Would Never Have Existed in the First Place 


As a result of this entire process, there are essentially beings who have been erased 
from time who degrade in this dimension and can only interact periodically. These are the 
created beings who operate through supercomputer forms that are placed within cloned 
bodies and powered by the transdimensional quantum supercomputers. These are the 
‘parallel’ reality beings and this relates to the hive mind invasion. When all the original 
aspects of time are restored, these beings would not have ever existed in the first place 
as there is no quantum link for their probabilities to remain neutral and present in the 
original run of things. 


Again, all beings who operate under the will of the universe, even when they are attempt- 
ing to trick hyperspace and time, when these beings assist and help in the unification of 
sentient, spirited, souled beings they are capable of being healed. This is all because 
there is an original creative force which can produce souls that are eternal and everlast- 
ing, meaning they are not created but simply always ever were. Yet, there is a “miracle” 
effect where beings can be given eternal life. This is only by reflecting the will of the 
whole of existence, rather than a portion or a part because this is only temporary. Only 
the whole is forever and this takes true harmony, true balance and ultimately se/f-less- 
ness. To give to others because you see them as worthy because they can be aware and 


enjoy the gift is to be like the creative force that gives life to all and enables all experi- 
ence in the first place. By acting in correspondence with this we reflect the will of the 
whole and that power and action transfers into protection and self-empowerment for our- 
selves. This cannot be cheated, tricked, or rerouted as that is the karma game that has 
been played by delaying time and rerouting energy through getting others to take on the 
responsibility for others bad actions. In the end, all karma has only been delayed because 
when the stops are pulled out, everyone ends up getting their karmic returns regardless. 
They simply intended to build up so much karma that by the time the ties are cut, the 
karma overload will simply kill them instantly. This never happens and they end up in the 
abyss, this is the final time so since there is no recycling of the universe from the 
oroboros system then whatever happens is what happens forever. If everyone wants to 
move into harmony, to receive healing, to receive forgiveness then they must assist in 
the creative force in healing, forgiving, and turning away from the deception, the cruelty, 
the vampiric actions. 


Many vampires believe they will die if they stop. The only hope is to admit their ways to 
the others and ensure that there are enough beings around them that will protect them 
so that this situation can be handled properly, with due care, compassion, and the neces- 
sary healing to ensure the safety and protection of all who seek harmony. 
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INTRODUCTION 


The reason for writing this report is to show people that 
man does not have to use sophisticated mathematics in order 
to understand how Time Travel can be achieved. To assume that 
what is being taught in today's schools is an absolute truth, 
can only be a lie. For to believe in such a lie, can only 
lead to imperfection. But sense mankind has chosen this path, 


the inevitable must surely come to pass. 


It is impossible to say where all of this might lead. However 
I do hope that the people who read this report will use the 
knowledge wisely. For those who don't, I leave them to their 


doom. But for those who do, may the Lord bless you. 


Your probably wondering by now, if I am really an Alien. My 
answer to this is, there may be more truth to this than meets 
the eyes. According to the information which I have received 
from the Kennedy Space Center, there is a good chance that my 
parents came from the Star System called Phoenix. If this is 
case, then this would explain why I have had so much difficulty 


in adjusting to Earth's own environment. 


Perhaps in the years to come, more will be revealed to me 
on the true nature of my whereabouts. And you know what they 


Say about Aliens? Their weird! 





TIME TRAVEL PHYSICS (1) 


Before I begin I must first point out, that the only reason 
why Formulas can be used for analyzing a specific problem, is 
due to the fact that a Formula helps in focusing the Belief 
Fields which emanate from the persons Soul. So in other words, 
whenever a person uses a Formula or Equation, to him this 
constitutes a reality. By keeping these things in mind, you 
shouldn't have any problem in understanding what has been 


Written in this report. 


To begin with, there are basically 3 sets of Equations which 
can be used for accomplishing Physical or out of the body 
Time Travel. I have used these formulas quite often when 
building my Time Travel Machines. As a Matter of fact, all my 
research is based on these 3 formulas. The formulas which I 
have used for accomplishing Physical or out of the body Time 


Travel, are given in the Following manner: 


(THE GRAVITON FORMULAS) . 


(X , Y= @) (Xl , Yl = @) (X2 , ¥2 = g} 


The Graviton Formulas which I have so diligently labeled, 
can be used for an infinite number of things. However, before 
we can proceed any further, we must first have a good 
understanding of what each Symbol means. There are an infinite 
number of meanings which can be applied to each Symbol, however 


in order to simplify things. the meanings which I have given 
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HSER ANE ENISICS (2) 


to each Letter or Symbol, are Listed in such a Way so that 


anybody with a little bit of knowledge can understand them. 


(INTERPRETATION FOR EACH OF THE GRAVITON SYMBOLS) 


X ~ Represents an AC Field. 


Y - Represents a DC Field. 


Xl - Represents a High Frequency Pield. 


Yl - Represents a Low Frequency Field. 
X2 - Represents a Paramagnetic Field. 
¥2 - Represents a Diamagnetic Field. 


g ~ Represents the Zero Vector or Twilight Zone. 
it may also be referred to as the (PHI Value) 


which is (1.618). 


It is interesting to note, that whenever the (PHI Value) 
is used in the construction of a material object, a Time Warp 


usually occurs around that object. 


However, in getting back to the problem at hand, whenever 
the (Graviton Formulas) are used Singly or in series with one 
another, they can be used to help build a device which can 
actually be used for Time Travel. This is because whenever 
the (X) and (Y) Values are combined with one another, we can 
zero in on the Twilight Zone. And sense the Twilight Zone is 
in attunement with God, all things become infinitely possible 


provided that the (X}) and ({Y) Values are in resonance. 
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So now your Probably wondering, how can we use these 


Formulas for constructing a Time Travel Machine? Its simple. 


Merely start out by building a Capacitor which corresponds 
to this Equation: (x2 , ¥2 = 9). This Capacitor should be 
constructed in such a way, so that it resembles the drawing 


which is shown below: 


(DRAWING OF CAPACITOR) 





As we can see in the above illustration, it doesn't matter 


to much as to what size it should be, just so long as it is 


shaped like a Hexagon. Also each side of the Capacitor should 


be the same length, otherwise the Belief which is being 


transmitted from the plate, will be imperfect. And this could 


raise Hell with your Chakra Points. 


(3) 


TIME TRAVEL PHYSICS (4) 
At this point it should be noted, that whenever you construct 
a Capacitor of any type, you are automatically using the 
formula (X2 , ¥2 = @). And sense the {PHI Value) is used in 
the formula, the plate itself will develop a Life Force of its 
own. It should also be pointed out, that sense there is a Life 
Force which co-exists with the plate, it can now be programmed 


to do anything you want. 


Now in order to program this Capacitor, all we do is stroke 
the Glass portion of the plate, while concentrating on the 
following command: (Transport me to the Date and Year). As 
soon aS you get a stick so that you can no longer move your 
fingers, the Capacitor should be fully programmed. After you 
have finished programming the Capacitor, place the Screen Side 
of the plate over the Solar Plexus for the space of 30 minutes. 
After the treatment is over with, you then find a comfortable 
place to relax in order for the energies to take effect. If 
you have done everything correctly, your Aura or Physical Body 
should be transported to the aaie which you programmed into 
the Capacitor. On the average, it usually takes 70 minutes 


before the energies will take effect. 


*Note: People who work with these plates are in serious danger 
of getting possessed by an Evil Spirit or Demon, unless of 
course you have a faith in Jesus Christ. By saying a prayer 
to Jesus Christ prior to any Experiment, more than protects 


you from the forces of Evil. 
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As you Experiment with these Capacitors, you will find that 
some of these plates work better than others. The reason for 
this probably ly'’s in the fact, that certain sizes or the 
materials being used, are in resonance with the person's Life 
Force or Belief Fields. Therefore if you run into any problems, 
it may pay to use a different thickness of Glass. When I talk 
about this, I do not mean to vary the Shape of the Capacitor, 
just the width. It also might pay to use Yellow tinted glass. 
You may also want to try Green, Blue, Indigo, and Violet 
colored glass. The reason for doing this is simple. Each color 
corresponds to a different Chakra Point. It is therefore my 
Opinion that Yellow should be your first selection, then if 


you want, you can always Experiment with the higher colors. 


*Note: Never under any circumstances use Red or Orange tinted 
glass. If you decide to use these colors, then your probably 
on your own, because not only will it lower the Frequency 
Rate of your Chakra Points, but you could also end up in an 


Astral Hell. And believe me, this is no fun Place to visit. 


Once you have found a plate which can transport your Physical 
or Spirit Body, there are still even further ways of increasing 
its effects. One of these ways is by using the second formula, 
(Xl, ¥1 = $). This formuta states, that whenever a High 
Frequency Field is combined with a Low Frequency Field, we can 
tune ourselves into the Zero Vector or Twilight Zone. To use 


this formula it will first be necessary to get a hold of a 


(5) 
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Tesla Coil and one Van de Graff Electrostatic Generator. Once 
these items have been obtained, you proceed by charging the 
plate with Nigh Frequency Fleetricity and Low Frequency Static 
Electricity. In other words, after you have programmed the 
plate using the procedure on page (4), you must simultaneously 
Zap the plate using the above Procedure. You must make sure 
that while you are doing this, that you do not come into 
contact with the plate. If you do, you could be in for a Hair 
raising experience. This voltage hurts! But anyhow after you 
have Zapped the plate for the Space of 10 minutes, you then 
proceed by placing the Capacitor over the Solar Plexus as 
described on page (4). The effects that you get, should be 


much better than what you experienced before. 


The next step to take, is to Amplify the Energies even further. 
To do this, we must now make use of the 2rd and final formula, 
which is (X , ¥ = G). This formula States, that whenever an 
AC Field is combined with a DC Field, a Time Warp occurs which 
tunes our minds into the Zero Vector or Twilight Zone. Now in 
order to create these fields, one should try to get a hold of a 
Hyper-dimensional Resonator. (Read the last 4 pages in this 
Report}. Once you are able to get a hold of this instrument, 
and after everything has been plugged in correctly, while the 
Screen side of the plate is positioned over the Solar Plexus, 
position the open end of the Electromagnet over the glass side 
of the plate for the space of 3 minutes. After the treatment 


is over with, disconnect yourself from the plate (turn page) 


TIME TRAVEL PHYSICS (7) 
and instrument, and find yourself a comfortable place to relax. 
If you use this procedure in conjunction with the first two 
procedures, the effects that you obtain, will be increased to 
such a point, that you should be able to do anything you want. 
You must remember however, that before Physical and Spiritual 
Time Travel can be achieved, the (X) and (Y) factors in the 
formulas must be in resonance with one another. This can only 
be accomplished through the Process of tuning your own mind 
just as you would with a Radionics Machine. So in other words, 
by selecting the correct materials to use, you are in effect 
creating something which you physically believe to be a 
reality. This same rule can be applied when working with 


different types of Frequency's and Voltages. 


Another method which you may want to try, is that after you 
have programmed the plate by using the procedure which is 
given on page (4), transmit some High Frequency Electricity 
from a Tesla Coil into the Capacitor while the Screen side of 
the plate is pointing towards your face. After 3 or 4 minutes, 
de-activate the Tesla Coil, and while the Screen side of the 
plate is still facing towards you, take the bare ends of an 
Extension Cord that has been plugged into a 110 volt AC outlet, 
and short out the bare ends of the wires by touching both of 
the terminals on each side of the Screen. (See page 8). IF 
you have programmed the plate cocrectly, your physical body 
should be transported instantaneously to the date which was 


programmed into the Capacitor. 
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TIME TRAVEL PHYSICS (9) 
To give you some idea of how all this got started. Back in 
the year 1981 I was contacted by what I believe to be my 
other self. The letter which Tt received at the Sunset Plaza 
in Norfolk, Nebraska, was dated 1992 A.D. It also had a month 
on it which I can’t seem to remember. Evidently the letter 
which I received indicates, that sometime around the year 
1992, I will travel back into the past to make contact with 
myself, just like my other self did in the future. One of 
the things which the letter mentioned which I can barely 
remember, is that it said: (The path to the truth can be 
found in the Pyramid of Giza). It also had a riddle, and it 
went like this: (The riddle can be solved when 79.613 is 
dissolved). These two verses holds to key to Time Travel. I 
have already deciphered the riddle. As a matter of fact it 
was just last year when the answers came to me. Basically the 
79.613 number can be converted into the (1.618) value which 
is used in my Equations. It is also the same number which was 
used in the construction of the Pyramid of Giza. If we 
decipher the riddle even further, we will find that it also 
reveals that the 7.8 Hz. Frequency, is the Frequency to use 
for accomplishing Time Travel. It seems that whenever a 
petson travels physically through time, his Alpha or Theta 
Waves are vibrating at this Frequency. Once that your Brain 
Waves begin to oscillate at this Frequency, your mind then 
becomes tuned to the Zero Vector. I have found that this is 
the only way in which Time Travel can he achieved. So 


basically what I am trying to get at, the Chronological Time 


TIME TRAVEL PHYSICS (10) 








Reflector causes your Brain Waves to vibrate at 7.8 Hz. cycles 
per second. That is all that these units do. However, for 

some people, they might think differently, but when you get 
right down to it, it all leads to the same thing. Mind verses 


matter. And this just barely covers the subject. 


Another experience which I had that occurred around the 
month of Sept. in 1986, dealt with a variation of the 
Chronological Time Reflector. In other words, after I had 
finished programming the Pilate, I proceeded to Zap the plate 
with 50,000 volts of High Frequency Electricity. Sometime 
after the Experiment, I Clipped off one end of an Extension 
Cord and plugged the other end into a 110 volt, 60 cycle, AC 
outlet. I then laid the bare ends of the wires on top of the 
screen. Just then I accidentaliy dropped something on the 
floor. After I had reached down to pick it up, the bare ends 
of the Extension Cord which I had laid on top of the Screen, 
touched the Screen portion of the plate. What was to follow, 
would be the most terrifying experience I had ever had, 
because as soon as the bare wires touched the Screen, a 
massive short occurred. All I can remember is seeing two 
Flashes of white light energy. and the next thing I knew, a 
white mist had fallen over the entire room. I didn't realize 
that I had traveled physically through time until I looked 
at a Calendar the next day. Not only that, but when I asked a 
lady in Plainview, Nebraska as to what the date was, she said 


it was the 17th, but my Quartz Watch indicated the 16th. When 


TIME TRAVEL PHYSICS (11) 
Ss PS TCS 


I had returned home tater on that day, I has discovered that 
all of my Experiments had been dated wrong. Then I finally 
realized that I had actually traveled one day into the past. 
To this day I am not exactly sure as to whether or not I 
returned back to my own Present Time Line. Perhaps I will 


never know. 


Another Time Travel instrument which was sent to me by a 
man who lives in Osceola, PA., is revealed on pages (12), 
(13), and (14). According to what I have red in his letter, 
this device can actually transport objects into the future. 
However, he says that there is somewhat of a Time delay 
effect shortly after the unit has been shut off. In other 
words, after the unit has been de-~activated, it takes 
anywhere from 10 to 15 minutes before the object is 
teleported. I have never built this device as yet, however 


I plan to eventually. 
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POWER SUPPLY FOR THE TIME PLATFORM 


Cl - Is a homemade Capacitor made out of sheets of Glass and 
Copper Foil. Aluminum may be vsed, but this covld be dangerous 
to your health. 


Ll - Is number 10 Gage wire wound around a dowel rod. 


L2 - Is number 24 Gage Magnet Wire wrapped around some PVC pipe. 
There should be about 1000 turns which shovld create around 
100,000 volts of Low Amperage High Frequency Electricity. 
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Electromagnet 
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The plate is 12" inchs This is the shape of 


across. —S Ni | To ees sending plate. 
Electromagnetic ‘< 6 


~—Coil is placed 
in the center. 


THE ELECTROMAGNETS ARE MADE OF STRAP IRON STACKED 8 INCHES HIGH (1/4"STRAP TRON). 
THE ALUMINUM PLATES ARE 1/4 OF AN INCH THICK, AND ARE STACKED 8 INCHS HIGH. 
THERE ARE VARIOUS REASONS FOR THIS PARTICULAR ARRAY. 


THE ALUMINUM SPACERS CONCENTRATE AND FOCUS THE MAGNETIC FIELDS. 
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FULL SCALE DRAWING OF THE TIME TRAVEL UNIT 
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TIME TRAVEL PHYSICS 
aR PICS 


Throughout the vast regions of Space Time itself, there are 
an infinite number of Ways to build a Time Travel Machine. 
One of these ways is to get a hold of a Rubbing Plate, (GSR), 
Or Pendulum, and proceed by asking (Yes) or (No) questions as 
to what type of components one should use in order to build a 
Time Travel Machine. There are a number of ways of doing this. 
First of all begin by asking what size the instrument box 
should be for holding the components. Next, determine what 
type of energy one should use for achieving these effects. 
Then you ask what type of components one should use in order 
to transmit this energy. If you have done everything correctly, 
you will end up Creating a device which is based entirely on 
belief. And sense you have created a device which is built 
entirely on belief, you can be dam certain that it will work! 


Especially if you use a (GSR) while asking your questions. 


For those of you who do not know what a (GSR) is, this is 
basically a (Galvanic Skin Response Meter). One of these 
devices may be purchased from me for $150. Instructions are 


included. Please allow 4 to 6 weeks for delivery. 
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THE PARADOXES 
OF TIME TRAVEL 


David Lewis 


E travel, I maintain, is possible. The paradoxes of 

time travel are oddities, not impossibilities. They 

prove only this much, which few would have doubted: 

that a possible world where time travel took place would 

be a most strange world, different in fundamental ways 
from the world we think is ours. 

I shall be concerned here with the sort of time travel 
that is recounted in science fiction. Not all science fiction 
writers are clear-headed, to be sure, and inconsistent 
time travel stories have often been written. But some 
writers have thought the problems through with great 
care, and their stories are perfectly consistent.' 

If I can defend the consistency of some science fiction 
stories of time travel, then I suppose parallel defenses 
might be given of some controversial physical hypothe- 
ses, such as the hypothesis that time is circular or the 
hypothesis that there are particles that travel faster than 
light. But I shall not explore these parallels here. 

What is time travel? Inevitably, it involves a discrep- 
ancy between time and time. Any traveler departs and 
then arrives at his destination; the time elapsed from de- 
parture to arrival (positive, or perhaps zero) is the du- 
ration of the journey. But if he is a time traveler, the 
separation in time between departure and arrival does 
not equal the duration of his journey. He departs; he trav- 
els for an hour, let us say; then he arrives. The time he 
reaches is not the time one hour after his departure. It 
is later, if he has traveled toward the future; earlier, if he 
has traveled toward the past. If he has traveled far to- 
ward the past, it is earlier even than his departure. How 
can it be that the same two events, his departure and his 
arrival, are separated by two unequal amounts of time? 

It is tempting to reply that there must be two inde- 
pendent time dimensions; that for time travel to be pos- 
sible, time must be not a line but a plane.? Then a pair 


of events may have two unequal separations if they are 
separated more in one of the time dimensions than in 
the other. The lives of common people occupy straight 
diagonal lines across the plane of time, sloping at a rate 
of exactly one hour of time, per hour of time). The life 
of the time traveler occupies a bent path, of varying 
slope. 

On closer inspection, however, this account seems not 
to give us time travel as we know it from the stories. 
When the traveler revisits the days of his childhood, will 
his playmates be there to meet him? No; he has not 
reached the part of the plane of time where they are. He 
is no longer separated from them along one of the two 
dimensions of time, but he is still separated from them 
along the other. I do not say that two-dimensional time 
is impossible, or that there is no way to square it with 
the usual conception of what time travel would be like. 
Nevertheless I shall say no more about two-dimensional 
time. Let us set it aside, and see how time travel is pos- 
sible even in one-dimensional time. 

The world—the time traveler’s world, or ours—is a 
four-dimensional manifold of events. Time is one dimen- 
sion of the four, like the spatial dimensions except that 
the prevailing laws of nature discriminate between time 
and the others—or rather, perhaps, between various 
timelike dimensions and various spacelike dimensions. 
(Time remains one-dimensional, since no two timelike 
dimensions are orthogonal.) Enduring things are timelike 
streaks: wholes composed of temporal parts, or stages, 
located at various times and places. Change is qualitative 
difference between different stages—different temporal 
parts—of some enduring thing, just as a “change” in 
scenery from east to west is a qualitative difference be- 
tween the eastern and western spatial parts of the land- 
scape. If this paper should change your mind about the 
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possibility of time travel, there will be a difference of 
opinion between two different temporal parts of you, the 
stage that started reading and the subsequent stage that 
finishes. 

If change is qualitative difference between temporal 
parts of something, then what doesn’t have temporal 
parts can’t change. For instance, numbers can’t change; 
nor can the events of any moment of time, since they 
cannot be subdivided into dissimilar temporal parts. (We 
have set aside the case of two-dimensional time, and 
hence the possibility that an event might be momentary 
along one time dimension but divisible along the other.) 
It is essential to distinguish change from “Cambridge 
change,” which can befall anything. Even a number can 
“change” from being to not being the rate of exchange 
between pounds and dollars. Even a momentary event 
can “change” from being a year ago to being a year and 
a day ago, or from being forgotten to being remembered. 
But these are not genuine changes. Not just any old re- 
versal in truth value of a time-sensitive sentence about 
something makes a change in the thing itself. 

A time traveler, like anyone else, is a streak through 
the manifold of space-time, a whole composed of stages 
located at various times and places. But he is not a streak 
like other streaks. If he travels toward the past he is a 
zig-zag streak, doubling back on himself. If he travels 
toward the future, he is a stretched-out streak. And if he 
travels either way instantaneously, so that there are no 
intermediate stages between the stage that departs and 
the stage that arrives and his journey has zero duration, 
then he is a broken streak. 

I asked how it could be that the same two events were 
separated by two unequal amounts of time, and I set 
aside the reply that time might have two independent 
dimensions. Instead I reply by distinguishing time itself, 
external time as I shall also call it, from the personal time 
of a particular time traveler: roughly, that which is meas- 
ured by his wristwatch. His journey takes an hour of his 
personal time, let us say; his wristwatch reads an hour 
later at arrival than at departure. But the arrival is more 
than an hour after the departure in external time, if he 
travels toward the future; or the arrival is before the de- 
parture in external time (or less than an hour after), if 
he travels toward the past. 

That is only rough. I do not wish to define personal 
time operationally, making wristwatches infallible by 
definition. That which is measured by my own wrist- 
watch often disagrees with external time, yet I am no 
time traveler; what my misregulated wristwatch meas- 
ures is neither time itself nor my personal time. Instead 
of an operational definition, we need a functional defi- 
nition of personal time; it is that which occupies a certain 
role in the pattern of events that comprise the time trav- 
eler’s life. If you take the stages of a common person, 
they manifest certain regularities with respect to external 
time. Properties change continuously as you go along, 
for the most part, and in familiar ways. First come in- 


fantile stages. Last come senile ones. Memories accumu- 
late. Food digests. Hair grows. Wristwatch hands move. 
If you take the stages of a time traveler instead, they do 
not manifest the common regularities with respect to ex- 
ternal time. But there is one way to assign coordinates 
to the time traveler’s stages, and one way only (apart 
from the arbitrary choice of a zero point), so that the 
regularities that hold with respect to this assignment 
match those that commonly hold with respect to external 
time. With respect to the correct assignment properties 
change continuously as you go along, for the most part, 
and in familiar ways. First come infantile stages. Last 
come senile ones. Memories accumulate. Food digests. 
Hair grows. Wristwatch hands move. The assignment of 
coordinates that yields this match is the time traveler’s 
personal time. It isn’t really time, but it plays the role in 
his life that time plays in the life of a common person. 
It’s enough like time so that we can—with due caution— 
transplant our temporal vocabulary to it in discussing 
his affairs. We can say without contradiction, as the time 
traveler prepares to set out, “Soon he will be in the past.” 
We mean that a stage of him is slightly later in his per- 
sonal time, but much earlier in external time, than the 
stage of him that is present as we say the sentence. 

We may assign locations in the time traveler’s per- 
sonal time not only to his stages themselves but also to 
the events that go on around him. Soon Caesar will die, 
long ago; that is, a stage slightly later in the time trav- 
eler’s personal time than his present stage, but long ago 
in external time, is simultaneous with Caesar’s death. 
We could even extend the assignment of personal time 
to events that are not part of the time traveler’s life, and 
not simultaneous with any of his stages. If his funeral in 
ancient Egypt is separated from his death by three days 
of external time and his death is separated from his birth 
by three score years and ten of his personal time, then 
we may add the two intervals and say that his funeral 
follows his birth by three score years and ten and three 
days of extended personal time. Likewise a bystander 
might truly say, three years after the last departure of 
another famous time traveler, that “he may even now—if 
I may use the phrase—be wandering on some plesiosau- 
rus-haunted oolitic coral reef, or beside the lonely saline 
seas of the Triassic Age.”* If the time traveler does wan- 
der on an oolitic coral reef three years after his departure 
in his personal time, then it is no mistake to say with 
respect to his extended personal time that the wandering 
is taking place “even now”. 

We may liken intervals of external time to distances 
as the crow flies, and intervals of personal time to dis- 
tances along a winding path. The time traveler’s life is 
like a mountain railway. The place two miles due east 
of here may also be nine miles down the line, in the 
westbound direction. Clearly we are not dealing here 
with two independent dimensions. Just as distance along 
the railway is not a fourth spatial dimension, so a time 
traveler’s personal time is not a second dimension of 


time. How far down the line some place is depends on 
its location in three-dimensional space, and likewise the 
locations of events in personal time depend on their lo- 
cations in one-dimensional external time. 


Five miles down the line from here is a place where 
the line goes under a trestle; two miles further is a place 
where the line goes over a trestle; these places are one 
and the same. The trestle by which the line crosses over 
itself has two different locations along the line, five miles 
down from here and also seven. In the same way, an 
event in a time traveler’s life may have more than one 
location in his personal time. If he doubles back toward 
the past, but not too far, he may be able to talk to himself. 
The conversation involves two of his stages, separated 
in his personal time but simultaneous in external time. 
The location of the conversation in personal time should 
be the location of the stage involved in it. But there are 
two such stages; to share the locations of both, the con- 
versation must be assigned two different locations in per- 
sonal time. 


The more we extend the assignment of personal time 
outwards from the time traveler’s stages to the surround- 
ing events, the more will such events acquire multiple 
locations. It may happen also, as we have already seen, 
that events that are not simultaneous in external time 
will be assigned the same location in personal time—or 
rather, that at least one of the locations of one will be 
the same as at least one of the locations of the other. So 
extension must not be carried too far, lest the location of 
events in extended personal time lose its utility as a 
means of keeping track of their roles in the time trav- 
eler’s history. 


A time traveler who talks to himself, on the telephone 
perhaps, looks for all the world like two different people 
talking to each other. It isn’t quite right to say that the 
whole of him is in two places at once, since neither of the 
two stages involved in the conversation is the whole of 
him, or even the whole of the part of him that is located 
at the (external) time of the conversation. What’s true is 
that he, unlike the rest of us, has two different complete 
stages located at the same time at different places. What 
reason have I, then, to regard him as one person and not 
two? What unites his stages, including the simultaneous 
ones, into a single person? The problem of personal identity 
is especially acute if he is the sort of time traveler whose 
journeys are instantaneous, a broken streak consisting of 
several unconnected segments. Then the natural way to re- 
gard him as more than one person is to take each segment 
as a different person. No one of them is a time traveler, 
and the peculiarity of the situation comes to this: all but 
one of these several people vanish into thin air, all but an- 
other one appear out of thin air, and there are remarkable 
resemblances between one at his appearance and another 
at his vanishing. Why isn’t that at least as good a descrip- 
tion as the one I gave, on which the several segments are 
all parts of one time traveler? 


I answer that what unites the stages (or segments) of 
a time traveler is the same sort of mental, or mostly men- 
tal, continuity and connectedness that unites anyone else. 
The only difference is that whereas a common person is 
connected and continuous with respect to external time, 
the time traveler is connected and continuous only with 
respect to his own personal time. Taking the stages in 
order, mental (and bodily) change is mostly gradual 
rather than sudden, and at no point is there sudden 
change in too many different respects all at once. (We 
can include position in external time among the respects 
we keep track of, if we like. It may change discontinu- 
ously with respect to personal time if not too much else 
changes discontinuously along with it.) Moreover, there 
is not too much change altogether. Plenty of traits and 
traces last a lifetime. Finally, the connectedness and the 
continuity are not accidental. They are explicable; and 
further, they are explained by the fact that the properties 
of each stage depend causally on those of the stages just 
before in personal time, the dependence being such as 
tends to keep things the same.* 

To see the purpose of my final requirement of causal 
continuity, let us see how it excludes a case of counterfeit 
time travel. Fred was created out of thin air, as if in the 
midst of life; he lived a while, then died. He was created 
by a demon, and the demon had chosen at random what 
Fred was to be like at the moment of his creation. Much 
later someone else, Sam, came to resemble Fred as he 
was when first created. At the very moment when the 
resemblance became perfect, the demon destroyed Sam. 
Fred and Sam together are very much like a single per- 
son: a time traveler whose personal time starts at Sam’s 
birth, goes on to Sam’s destruction and Fred’s creation, 
and goes on from there to Fred’s death. Taken in this 
order, the stages of Fred-cum-Sam have the proper con- 
nectedness and continuity. But they lack causal continu- 
ity, so Fred-cum-Sam is not one person and not a time 
traveler. Perhaps it was pure coincidence that Fred at his 
creation and Sam at his destruction were exactly alike; 
then the connectedness and continuity of Fred-cum-Sam 
across the crucial point are accidental. Perhaps instead 
the demon remembered what Fred was like, guided Sam 
toward perfect resemblance, watched his progress, and 
destroyed him at the right moment. Then the connect- 
edness and continuity of Fred-cum-Sam has a causal ex- 
planation, but of the wrong sort. Either way, Fred’s first 
stages do not depend causally for their properties on 
Sam’s last stages. So the case of Fred and Sam is rightly 
disqualified as a case of personal identity and as a case 
of time travel. 

We might expect that when a time traveler visits the 
past there will be reversals of causation. You may punch 
his face before he leaves, causing his eye to blacken cen- 
turies ago. Indeed, travel into the past necessarily in- 
volves reversed causation. For time travel requires 
personal identity—he who arrives must be the same per- 
son who departed. That requires causal continuity, in 


which causation runs from earlier to later stages in the 
order of personal time. But the orders of personal and 
external time disagree at some point, and there we have 
causation that runs from later to earlier stages in the or- 
der of external time. Elsewhere I have given an analysis 
of causation in terms of chains of counterfactual depend- 
ence, and I took care that my analysis would not rule 
out casual reversal a priori.° I think I can argue (but not 
here) that under my analysis the direction of counterfac- 
tual dependence and causation is governed by the direc- 
tion of other de facto asymmetries of time. If so, then 
reversed causation and time travel are not excluded al- 
together, but can occur only where there are local excep- 
tions to these asymmetries. As I said at the outset, the 
time traveler’s world would be a most strange one. 

Stranger still, if there are local—but only local—causal 
reversals, then there may also be causal loops: closed 
causal chains in which some of the causal links are nor- 
mal in direction and others are reversed. (Perhaps there 
must be loops if there is reversal: I am not sure.) Each 
event on the loop has a causal explanation, being caused 
by events elsewhere on the loop. That is not to say that 
the loop as a whole is caused or explicable. It may not 
be. Its inexplicability is especially remarkable if it is 
made up of the sort of causal processes that transmit 
information. Recall the time traveler who talked to him- 
self. He talked to himself about time travel, and in the 
course of the conversation his older self told his younger 
self how to build a time machine. That information was 
available in no other way. His older self knew how be- 
cause his younger self had been told and the information 
had been preserved by the causal processes that consti- 
tute recording, storage, and retrieval of memory traces. 
His younger self knew, after the conversation, because 
his older self had known and the information had been 
preserved by the causal processes that constitute telling. 
But where did the information come from in the first 
place? Why did the whole affair happen? There is simply 
no answer. The parts of the loop are explicable, the whole 
of it is not. Strange! But not impossible, and not too dif- 
ferent from inexplicabilities we are already inured to. Al- 
most everyone agrees that God, or the Big Bang, or the 
entire infinite past of the universe, or the decay of a trit- 
ium atom, is uncaused and inexplicable. Then if these 
are possible, why not also the inexplicable causal loops 
that arise in the time travel? 

I have committed a circularity in order not to talk 
about too much at once, and this is a good place to set 
it right. In explaining personal time, I presupposed that 
we were entitled to regard certain stages as comprising 
a single person. Then in explaining what united the 
stages into a single person, I presupposed that we were 
given a personal time order for them. The proper way 
to proceed is to define personhood and personal time 
simultaneously, as follows. Suppose given a pair of an 
aggregate of persona-stages, regarded as a candidate for 
personhood, and an assignment of coordinates to those 


stages, regarded as a candidate for his personal time. If 
the stages satisfy the conditions given in my circular ex- 
planation with respect to the assignment of coordinates, 
then both candidates succeed: the stages do comprise a 
person and the assignment is his personal time. 


I have argued so far that what goes on in a time travel 
story may be a possible pattern of events in four-dimen- 
sional space-time with no extra time dimension; that it 
may be correct to regard the scattered stages of the al- 
leged time traveler as comprising a single person; and 
that we may legitimately assign to those stages and their 
surroundings a personal time order that disagrees some- 
times with their order in external time. Some might con- 
cede all this, but protest that the impossibility of time 
travel is revealed after all when we ask not what the 
time traveler does, but what he could do. Could a time 
traveler change the past? It seems not: the events of a 
past moment could no more change than numbers could. 
Yet it seems that he would be as able as anyone to do 
things that would change the past if he did them. If a 
time traveler visiting the past both could and couldn’t 
do something that would change it, then there cannot 
possibly be such a time traveler. 


Consider Tim. He detests his grandfather, whose suc- 
cess in the munitions trade built the family fortune that 
paid for Tim’s time machine. Tim would like nothing so 
much as to kill Grandfather, but alas he is too late. 
Grandfather died in his bed in 1957, while Tim was a 
young boy. But when Tim has built his time machine and 
traveled to 1920, suddenly he realizes that he is not too 
late after all. He buys a rifle; he spends long hours in 
target practice; he shadows Grandfather to learn the 
route of his daily walk to the munitions works; he rents 
a room along the route; and there he lurks, one winter 
day in 1921, rifle loaded, hate in his heart, as Grandfather 
walks closer, closer,... . 


Tim can kill Grandfather. He has what it takes. Con- 
ditions are perfect in every way: the best rifle money 
could buy, Grandfather an easy target only twenty yards 
away, not a breeze, door securely locked against intrud- 
ers. Tim a good shot to begin with and now at the peak 
of training, and so on. What’s to stop him? The forces 
of logic will not stay his hand! No powerful chaperone 
stands by to defend the past from interference. (To imag- 
ine such a chaperone, as some authors do, is a boring 
evasion, not needed to make Tim’s story consistent.) In 
short, Tim is as much able to kill Grandfather as anyone 
ever is to kill anyone. Suppose that down the street an- 
other sniper, Tom, lurks waiting for another victim, 
Grandfather’s partner. Tom is not a time traveler, but oth- 
erwise he is just like Tim: same make of rifle, same mur- 
derous intent, same everything. We can even suppose 
that Tom, like Tim, believes himself to be a time traveler. 
Someone has gone to a lot of trouble to deceive Tom into 
thinking so. There’s no doubt that Tom can kill his vic- 
tim; and Tim has everything going for him that Tom 


does. By any ordinary standards of ability, Tim can kill 
Grandfather. 

Tim cannot kill Grandfather. Grandfather lived, so to kill 
him would be to change the past. But the events of a past 
moment are not subdivisible into temporal parts and there- 
fore cannot change. Either the events of 1921 timelessly 
do include Tim’s killing of Grandfather, or else they 
timelessly don’t. We may be tempted to speak of the 
“original” 1921 that lies in Tim’s personal past, many 
years before his birth, in which Grandfather lived; and 
of the “new” 1921 in which Tim now finds himself wait- 
ing in ambush to kill Grandfather. But if we do speak 
so, we merely confer two names on one thing. The events 
of 1921 are doubly located in Tim’s (extended) personal 
time, like the trestle on the railway, but the “original” 1921 
and the “new” 1921 are one and the same. If Tim did not 
kill Grandfather in the “original” 1921, then if he does kill 
Grandfather in the “new” 1921, he must both kill and not 
kill Grandfather in 1921—in the one and only 1921, which 
is both the “new” and the “original” 1921. It is logically 
impossible that Tim should change the past by killing 
Grandfather in 1921. So Tim cannot kill Grandfather. 

Not that past moments are special; no more can any- 
one change the present or the future. Present and future 
momentary events no more have temporal parts than 
past ones do. You cannot change a present or future 
event from what it was originally to what it is after you 
change it. What you can do is to change the present or 
the future from the unactualized way they would have 
been without some action of yours to the way they ac- 
tually are. But that is not an actual change: not a differ- 
ence between two successive actualities. And Tim can 
certainly do as much; he changes the past from the un- 
actualized way it would have been without him to the 
one and only way it actually is. To “change” the past in 
this way, Tim need not do anything momentous; it is 
enough just to be there, however unobtrusively. 

You know, of course, roughly how the story of Tim 
must go on if it is to be consistent: he somehow fails. 
Since Tim didn’t kill Grandfather in the “original” 1921, 
consistency demands that neither does he kill Grandfa- 
ther in the “new” 1921. Why not? For some common- 
place reason. Perhaps some noise distracts him at the last 
moment, perhaps he misses despite all his target practice, 
perhaps his nerve fails, perhaps he even feels a pang of 
unaccustomed mercy. His failure by no means proves 
that he was not really able to kill Grandfather. We often 
try and fail to do what we are able to do. Success at 
some tasks requires not only ability but also luck, and 
lack of luck is not a temporary lack of ability. Suppose 
our other sniper, Tom, fails to kill Grandfather’s partner 
for the same reason, whatever it is, that Tim fails to kill 
Grandfather. It does not follow that Tom was unable to. 
No more does it follow in Tim’s case that he was unable 
to do what he did not succeed in doing. 

We have this seeming contradiction: “Tim doesn’t, but 
can, because he has what it takes” versus “Tim doesn’t, and 


can't, because it’s logically impossible to change the past.” I 
reply that there is no contradiction. Both conclusions are 
true, and for the reasons given. They are compatible be- 
cause “can” is equivocal. 

To say that something can happen means that its hap- 
pening is compossible with certain facts. Which facts? 
That is determined, but sometimes not determined well 
enough, by context. An ape can’t speak a human lan- 
guage—say, Finnish—but I can. Facts about the anatomy 
and operation of the ape’s larynx and nervous system 
are not compossible with his speaking Finnish. The cor- 
responding facts about my larynx and nervous system 
are compossible with my speaking Finnish. But don’t 
take me along to Helsinki as your interpreter: I can’t 
speak Finnish. My speaking Finnish is compossible with 
the facts considered so far, but not with further facts 
about my lack of training. What I can do, relative to one 
set of facts, I cannot do, relative to another, more inclu- 
sive, set. Whenever the context leaves it open which facts 
are to count as relevant, it is possible to equivocate about 
whether I can speak Finnish. It is likewise possible to 
equivocate about whether it is possible for me to speak 
Finnish, or whether I am able to, or whether I have the 
ability or capacity or power or potentiality to. Our many 
words for much the same thing are little help since they 
do not seem to correspond to different fixed delineations 
of the relevant facts. 

Tim’s killing Grandfather that day in 1921 is compos- 
sible with a fairly rich set of facts: the facts about his 
rifle, his skill and training, the unobstructed line of fire, 
the locked door and the absence of any chaperone to 
defend the past, and so on. Indeed it is compossible with 
all the facts of the sorts we would ordinarily count as 
relevant is saying what someone can do. It is compossi- 
ble with all the facts corresponding to those we deem 
relevant in Tom’s case. Relative to these facts, Tim can 
kill Grandfather. But his killing Grandfather is not com- 
possible with another, more inclusive set of facts. There 
is the simple fact that Grandfather was not killed. Also 
there are various other facts about Grandfather’s doings 
after 1921 and their effects: Grandfather begat Father in 
1922 and Father begat Tim in 1949. Relative to these facts, 
Tim cannot kill Grandfather. He can and he can’t, but 
under different delineations of the relevant facts. You 
can reasonably choose the narrower delineation, and 
say that he can; or the wider delineation, and say that 
he can’t. But choose. What you mustn’t do is waver, 
say in the same breath that he both can and can’t, and 
then claim that this contradiction proves that time 
travel is impossible. 

Exactly the same goes for Tom’s parallel failure. For 
Tom to kill Grandfather’s partner also is compossible 
with all facts of the sorts we ordinarily count as relevant, 
but not compossible with a larger set including, for in- 
stance, the fact that the intended victim lived until 1934. 
In Tom’s case we are not puzzled. We say without hesi- 
tation that he can do it, because we see at once that the 


facts that are not compossible with his success are facts 
about the future of the time in question and therefore 
not the sort of facts we count as relevant in saying what 
Tom can do. 

In Tim’s case it is harder to keep track of which facts 
are relevant. We are accustomed to exclude facts about 
the future of the time in question, but to include some 
facts about its past. Our standards do not apply un- 
equivocally to the crucial facts in this special case: Tim’s 
failure, Grandfather’s survival, and his subsequent do- 
ings. If we have foremost in mind that they lie in the 
external future of that moment in 1921 when Tim is al- 
most ready to shoot, then we exclude them just as we 
exclude the parallel facts in Tom’s case. But if we have 
foremost in mind that they precede that moment in Tim’s 
extended personal time, then we tend to include them. 
To make the latter be foremost in your mind, I chose to 
tell Tim’s story in the order of his personal time, rather 
than in the order of external time. The fact of Grandfa- 
ther’s survival until 1957 had already been told before I 
got to the part of the story about Tim lurking in ambush 
to kill him in 1921. We must decide, if we can, whether 
to treat these personally past and externally future facts 
as if they were straightforwardly past or as if they were 
straightforwardly future. 

Fatalists—the best of them—are philosophers who 
take facts we count as irrelevant in saying what someone 
can do, disguise them somehow as facts of a different 
sort that we count as relevant, and thereby argue that 
we can do less than we think—indeed, that there is noth- 
ing at all that we don’t do but can. I am not going to 
vote Republican next fall. The fatalist argues that, strange 
to say, I not only won’t but can’t; for my voting Repub- 
lican is not compossible with the fact that it was true 
already in the year 1548 that I was not going to vote 
Republican 428 years later. My rejoinder is that this is 
a fact, sure enough; however, it is an irrelevant fact 
about the future masquerading as a relevant fact about 
the past, and so should be left out of account in saying 
what, in any ordinary sense, I can do. We are unlikely 
to be fooled by the fatalist’s methods of disguise in 
this case, or other ordinary cases. But in cases of time 
travel, precognition, or the like, we’re on less familiar 
ground, so it may take less of a disguise to fool us. 
Also, new methods of disguise are available, thanks to 
the device of personal time. 

Here’s another bit of fatalist trickery. Tim, as he lurks, 
already knows that he will fail. At least he has the where- 
withal to know it if he thinks, he knows it implicitly. For 
he remembers that Grandfather was alive when he was 
a boy, he knows that those who are killed are thereafter 
not alive, he knows (let us suppose) that he is a time 
traveler who has reached the same 1921 that lies in his 
personal past, and he ought to understand—as we do— 
why a time traveler cannot change the past. What is 
known cannot be false. So his success is not only not 
compossible with facts that belong to the external future 


and his personal past, but also is not compossible with 
the present fact of his knowledge that he will fail. I 
reply that the fact of his foreknowledge, at the moment 
while he waits to shoot, is not a fact entirely about that 
moment. It may be divided into two parts. There is the fact 
that he then believes (perhaps only implicitly) that he will 
fail; and there is the further fact that his belief is correct, 
and correct not at all by accident, and hence qualifies as 
an item of knowledge. It is only the latter fact that is not 
compossible with his success, but it is only the former 
that is entirely about the moment in question. In calling 
Tim’s state at that moment knowledge, not just belief, 
facts about personally earlier but externally later moments 
were smuggled into consideration. 

I have argued that Tim’s case and Tom’s are alike, ex- 
cept that in Tim’s case we are more tempted than usual— 
and with reason—to opt for a semi-fatalist mode of 
speech. But perhaps they differ in another way. In Tom’s 
case, we can expect a perfectly consistent answer to the 
counterfactual question: what if Tom had killed Grand- 
father’s partner? Tim’s case is more difficult. If Tim had 
killed Grandfather, it seems offhand that contradictions 
would have been true. The killing both would and 
wouldn’t have occurred. No Grandfather, no Father; no 
Father, no Tim; no Tim, no killing. And for good measure: 
no Grandfather, no family fortune; no fortune, no time 
machine; no time machine, no killing. So the supposition 
that Tim killed Grandfather seems impossible in more 
than the semi-fatalistic sense already granted. 

If you suppose Tim to kill Grandfather and hold all 
the rest of his story fixed, of course you get a contradic- 
tion. But likewise if you suppose Tom to kill Grandfa- 
ther’s partner and hold the rest of his story 
fixed—including the part that told of his failure—you 
get a contradiction. If you make any counterfactual sup- 
position and hold all else fixed you get a contradiction. 
The thing to do is rather to make the counterfactual sup- 
position and hold all else as close to fixed as you con- 
sistently can. That procedure will yield perfectly 
consistent answers to the question: what if Tim had not 
killed Grandfather? In that case, some of the story I told 
would not have been true. Perhaps Tim might have been 
the time-traveling grandson of someone else. Perhaps he 
might have been the grandson of a man killed in 1921 
and miraculously resurrected. Perhaps he might have 
been not a time traveler at all, but rather someone cre- 
ated out of nothing in 1920 equipped with false memo- 
ries of a personal past that never was. It is hard to say 
what is the least revision of Tim’s story to make it true 
that Tim kills Grandfather, but certainly the contradictory 
story in which the killing both does and doesn’t occur 
is not the least revision. Hence it is false (according to 
the unrevised story) that if Tim had killed Grandfather 
then contradictions would have been true. 

What difference would it make if Tim travels in 
branching time? Suppose that at the possible world of 
Tim’s story the space-time manifold branches; the 


branches are separated not in time, and not in space, but 
in some other way. Tim travels not only in time but also 
from one branch to another. In one branch Tim is absent 
from the events of 1921; Grandfather lives; Tim is born, 
grows up, and vanishes in his time machine. The other 
branch diverges from the first when Tim turns up in 
1920; there Tim kills Grandfather and Grandfather leaves 
no descendants and no fortune; the events of the two 
branches differ more and more from that time on. Cer- 
tainly this is a consistent story; it is a story in which 
Grandfather both is and isn’t killed in 1921 (in the dif- 
ferent branches); and it is a story in which Tim, by killing 
Grandfather, succeeds in preventing his own birth (in 
one of the branches). But it is not a story in which Tim’s 
killing of Grandfather both does occur and doesn’t: it 
simply does, though it is located in one branch and not 
the other. And it is not a story in which Tim changes the 
past. 1921 and later years contain the events of both 
branches, coexisting somehow without interaction. It re- 
mains true at all the personal times of Tim’s life, even 
after the killing, that Grandfather lives in one branch and 
dies in the other. 
Princeton University 
Received September 4, 1975 


Notes 


1. 


I have particularly in mind two of the time travel stories of Robert 
A. Heinlein: “By His Bootstraps” in R. A. Heinlein, The Menace 
from Earth (Hicksville, N.Y., 1959), and “—All You Zombies—,” 
in R. A. Heinlein, The Unpleasant Profession of Jonathan Hoag 
(Hicksville, N.Y., 1959). 


. Account of time travel in two-dimensional time are found in Jack 


W. Meiland, “A Two-Dimensional Passage Model of Time for 
Time Travel,” Philosophical Studies, vol. 26 (1974), pp. 153-173; and 
in the initial chapters of Isaac Asimov, The End of Eternity (Garden 
City, N.Y., 1955). Asimov’s denouement, however, seems to re- 
quire some different conception of time travel. 


. H. G. Wells, The Time Machine, An Invention (London, 1895), epi- 


logue. The passage is criticized as contradictory in Donald C. 
Williams, “The Myth of Passage,” The Journal of Philosophy, vol. 
48 (1951), p. 463. 


. I discuss the relation between personal identity and mental con- 


nectedness and continuity at greater length in “Survival and 
Identity” in The Identity of Persons, ed. by Amelie Rorty (forth- 
coming). 


. “Causation,” The Journal of Philosophy, vol. 70 (1973), pp. 556-567; 


the analysis relies on the analysis of counterfactuals given in my 
Counterfactuals (Oxford, 1973). 


. The present paper summarizes a series of lectures of the same 


title, given as the Gavin David Young Lectures in Philosophy at 
the University of Adelaide in July, 1971. I thank the Australian- 
American Educational Foundation and the American Council of 
Learned Societies for research support. I am grateful to many 
friends for comments on earlier versions of this paper; especially 
Philip Kitcher, William Newton-Smith, J. J. C. Smart, and Donald 
Williams. 
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Foreword 


This is an informal glossary originally prepared in 1997 for Gary Hawkins to use on his web site, and informal definitions and 
discussions were rather quickly jotted down in 1997. We have been able to do a little updating now in Dec. 2000. Careful crafting 
and polishing for greater rigor would require much more time than I am able to spare, but perhaps the glossary can be helpful 
anyway. 

We put in the gist of it, as we see it, and usually an annotation or commentary to explain it. We tried to put in sufficient explanations 
and a few references, so that the reader can see for himself or herself that physics, mathematics, and even logic itself are not quite as 
cut and dried as is often presented! 

The only thing we absolutely insist on, that differs from the normal physics and engineering approach, is that any true definition 
must be an identity statement a priori. In this view, since no equation is an identity, then no equation is a definition; regardless of 
those "equations" universally advanced in physics as "definitions." All an equation states is that the magnitude of the somethings on 
the right is equal to the magnitude of the somethings on the left. It does not at all define any of the somethings on either right or 

left! I've completed as much as I have time for now, and made some additions and corrections to the 1997 version. As time 
permits, we will try to add some more in the future. I hope these hasty comments are helpful, and any errors in them are my own 
and not due to Gary Hawkins or to Tony Craddock! 


Tom Bearden, 
Dec. 2000 


Webmaster's Note: There are additional Glossaries and Definitions at the ends of Tom Bearden's books "Energy from the Vacuum" 
and "Excalibur Briefing." 


MATH AND SINGLE CHARACTER ABBREVIATIONS 


> The electrostatic scalar potential, in units of joule per collecting coulomb. 





V The mathematical operator ‘del’. 





Vo The gradient of the function  , mathematically. 





In EM theory, use of the del operator produces an electric field E given by E=— V9. An electrical field is also generated by the 
time rate of change of the magnetic vector potential A, where it is given by E = — dA/dt. Note that we have used that fact to 
assist us in producing the motionless electromagnetic generator (MEG), with COP = 16 as of this writing. 





oq Joules of energy collected by a charge of g coulombs in an electrostatic scalar potential 


having a reaction cross section of 6. 





Since the collected energy is also usually the energy that can then be dissipated as work, this expression often yields the work 
performed in the circuit by the energy the surface charges collected from that part of the S-flow in contact with the conductors 
and components. 


dd /dt Time rate of change of the scalar potential. 





Also one form of displacement current. 
dE/dt Time rate of change of the E-field. 





Also one form of displacement current. 


dp/dt Time rate of change of momentum, which is a force F acting upon the system. 
A force is defined as a time rate of change of momentum, or F = dp/dt. 


dP/dt ‘Time rate of change of polarization. 





Polarization displacement current. 


dq/dt Time rate of change of charge, otherwise known as "current". 





Represents the normal current flow i of charges in a conductor, i.e., i = dq/dt. 


dq/dt-Isolated Load Loop A special current loop containing the load 





... where i = dq/dt in that "load loop" is isolated from the current 1 = dq/dt in the source loop containing the power source, and the 
two loops are also field-coupling isolated. A transformer, e.g., does isolate the actual current in the secondary from the current 
in the primary, but the field coupling from primary to secondary and from secondary back to primary result in the enforcement 
of COP = 1.0 as the maximum performance possible (in a perfect, lossless standard transformer). In a real standard transformer 
with some losses, COP<1.0. 

The notion is that, even though current cannot pass from the source loop to the load loop and there is no direct field coupling, 
energy density flow S = ExH can pass. This is in fact the definition of what we call bridging, if in addition to current isolation 
the rigid back-field coupling is broken between energy dissipation (power) in the source loop and energy dissipation (power) in 
the load loop. In that fashion, overunity operation of the load can readily be achieved. 


E_ Electric Field. 
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Defined in older classical electromagnetics (CEM) as a force field, by E = F/q. However, this only defines the entity after an 
interaction with mass. In short, it defines the E-field as an effect existing only in matter. 


In the early days of electrodynamics, Maxwell and the other "founding fathers" assumed a material ether filling all space. 
Hence any field in space was indeed such an "effect" field existing in mass. Maxwell died in 1879 of stomach cancer. In the 
1880s, the Michelson-Morley experiments falsified the luminiferous (material) ether as a material medium. Hence the accepted 
use of the E = F/q type of "effect" electrical field as the electric field in space was also destroyed, but the equations were never 
changed to eliminate this error in the foundations of CEM. Instead, electrodynamicists more or less announced one day that, 
"Since there is no (material) ether, we are not using one!" 


There is some rationalization mathematically for such an approach, if the limiting process is used for the interaction of the 
"causal field" in vacuum with the charged mass q, as q is allowed to approach zero. However, from a foundations view, it is still 
the interaction of the field in space with charged mass that is being described in the limit, and therefore it is still the "effect" 
entity rather than the "cause" entity. 


This serious foundations problem is still unresolved in much of CEM theory and modeling to this day. The standard by which 
other EM texts are measured is J. D. Jackson, Classical Electrodynamics, 2nd edition, Wiley, New York, 1975. In several 
places, Jackson opts for this avoidance of the use of the " effect" field for the "cause" field: quoting p. 28: "...the thing that 
eventually gets measured is a force..." "At the moment, the electric field can be defined as the force per unit charge acting at a 
given point. It is a vector function of position, denoted by E." Quoting p. 249: "Most classical electrodynamicists continue to 
adhere to the notion that the EM force field exists as such in the vacuum, but do admit that physically measurable quantities 
such as force somehow involve the product of charge and field." 


The problem is further increased by use of this flawed definition of E-field to "define" the electrostatic scalar potential (Jackson, 
p. 34) by the equation E=—V@. First, no equation is a definition; it merely equates the magnitude of the entities on the left of 
the = sign to the magnitude of the entities on the right of the = sign. It has nothing at all to say about the definition or nature of 
any of the entities, but is merely a comparison of relative magnitudes. Any definition, a priori, must be expressed by an identity 
sign. In all of classical electrodynamics, there is no available proper definition of (x) in the identity E = (x). Indeed, there is no 
such identity available for force F. To quote Feynman: ”...in dealing with force the tacit assumption is always made that the 
force is equal to zero unless some physical body is present... One of the most important characteristics of force is that it has a 
material origin, and this is not just a definition. ... If you insist upon a precise definition of force, you will never get it!" Richard 
P. Feynman, Robert B. Leighton, and Matthew Sands, Lectures on Physics, Addison-Wesley, Reading, MA, Vol. 1, 1964, p. 12- 
2. 


In the Sachs unified field theory, O(3) electrodynamics as spearheaded by Evans is an important subset. Hence in that approach 
there is a solution to the problem of defining force and field. The EM fields (E, B, etc.) when in spacetime, are in fact 
curvatures of spacetime identically. When these ST curvatures interact with a charged mass, the effects of the interactions are 
the well-known force-fields in matter, which Maxwell started with in the 1860s. So in this way, the definition problem can be 
rigorously resolved. 


The Slepian vector, representing the time rate of energy density dissipation in the current 





loop containing the jo. 
This does not at all represent the energy flow in space and along the outside of the circuit, which may be very, very much 
greater, on the order of 10!3 times as great. It does match the Poynting energy flow component that enters the circuit. 


orm, The mass ofa charge q. 





q 
Instead of just using "q" and assuming it to be unitary, we must include the fact that charge is a system of two coupled 
components: (i) the mass mg of the charge q, and (ii) the virtual photon flux exchange (i.e., bg) of the charge q with the 
surrounding active vacuum. In particle physics it is already well-known that there is no symmetry of a mass system anyway, 
unless the vacuum's exchange with the mass is included. So the expression mgbg captures the vacuum-mass exchange. By 
continuing to assume that charge is unitary, physics inadvertently holds to the hoary old notion of the luminiferous ether (thin 
material ether) that permeates all of space. Maxwell and other electrical physicists of his time believed in a material ether, and 
Maxwell embedded that notion in EM theory. Inexplicably it has not been rooted out of the equations to this day, even though 
the notion of the material ether (not the ether per se!) was destroyed by the Michelson-Morley experiment over 100 years ago. 
Foundations physicists continue to point out such terrible defects in physics—and continue to be ignored. We quote Mario 
Bunge, "A mathematical theory of the dimensions and units of physical quantities," in Problems in the Foundations of 
Physics, edited by Mario Bunge, Springer-Verlag, Berlin and New York, 1971, p. 7: "The question 'What are dimensions?" is 
seen to be ill conceived, for there are two concepts of dimension, namely those of dimension function and dimension value. The 
correct question is: 'What are [] and d?'" {Note: [] is dimension function, and d is dimension value.} Bunge is clearly 
discriminating between the function associated with the dimension, and the magnitude associated with it 


Quoting Bunge, ibid., p. 8: "The concept of a unit is one of those scientific notions that has remained obscure for want of a 
theory and excess of a coarse philosophy. Indeed we know how to manipulate units but we do not seem to know what kind of 
mathematical object they are. As a consequence units are sometimes confused with dimensions, at other times with standards, 
and they are often introduced in relation to measurement rather than to concept formulation." 


And quoting Mario Bunge, Foundations of Physics, Springer-Verlag, New York, 1967, p. 176: "Different theories of CED 
[Classical Electrodynamics] are called for, both for charged particles that can to a first approximation be regarded as 
electromagnetically structureless (e.g., the electron and the 1 -meson) and for extended systems with a charge distribution and 
spin (e.g., the proton). If fairly satisfactory classical theories were available they could guide the construction of the 
corresponding quantum theories. But no such theories are in sight partly because it is not usually acknowledged that 
electrodynamics, both classical and quantal, are in a sad state." 


Again, Bunge, ibid., p. 182: '"...the best modern physicist is the one who acknowledges that neither classical nor quantum 
physics are cut and dried, both being full of holes and in need of a vigorous overhauling not only to better cover their own 
domains but also to join smoothly so as to produce a coherent picture of the various levels of physical reality." 


The speed of light in ambient vacuum. 





To discuss the speed of light, we point out that the vacuum is highly energetic, as has been shown in modern physics. Since the 
vacuum has an energy density, it can be modeled as a "potential" and particularly as a scalar EM potential for EM purposes. 
Contrary to convention, we recognize that the local energy density of the ambient vacuum potential can vary, including 
seasonally within and close to the solar system, etc. The average energy density of the vacuum in space far from charged 
masses such as stars and planets may be assumed as a "standard vacuum potential", and if this potential is equated with the 
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notion of "flat spacetime", then an increase in this vacuum potential is an increase in the local energy density of spacetime, and 
hence represents a curvature of the standard flat spacetime. 


In fact the interplanetary radar probes' "ranges" do show precisely such variation in the speed of light, with weekly and monthly 
and seasonal variations, etc. In order to comply with the nearly universal assumption in physics with respect to the constancy of 
c, the scientific staffs averaged the readings over the entire month. This zeroed out the variations, upheld the notion that space is 
a fixed type of thing, and that the speed of light in it is also a rigidly fixed constant. It does not agree with the actual measured 
speed of light from day to day. 


The Russians have known and openly printed for about a century that the speed of light in a hard vacuum in deep space, far 
removed from solar and planetary masses, is a little slower than the speed of light in a hard vacuum near the Earth or any other 
large charged mass. The huge collection of charged particles in the earth have tiny separations, so that looking at the Earth as a 
collection of tiny dipoles, one sees a collection of enormous 4-symmetry energy flows from the time domain to the 3-space 
domain (and vice versa for the time-reversed portions). The increased intensity of this 4-symmetry energy flux in the vicinity of 
a massive planet or sun changes the local energy density of the vacuum itself, increasing it in that vicinity. 


Without elaboration, we will also point out that the Earth and its dynamics structures the local spacetime and the spacetime out 
to some distance. So do all other planets, stars, etc. By whatever manner we model the cosmos as having been created or 
initiated, the dynamics and structuring of all the phenomena occurring in the universe is further impressed in the infolded 
electrodynamics inside the vacuum potential. 


The "laws of nature" in one sense represent the most general results of the reactions of this internally structured "common 
standard spacetime" or "standard vacuum potential" with the various physical systems, devices, and measuring instruments 
utilized in our experiments, etc. If one deterministically alters the structuring of the local spacetime, one can have a system 
which will function there in a certain marvelous manner, but will not function that way elsewhere. Some decades ago, I 
participated in experiments by Golden which over a period of some five years did condition (dimension) the local vacuum 
potential. The result was an engine which consistently exhibited COP = 1.67 at that location, but when moved several hundred 
miles exhibited COP<1.0. Frank and I were made aware of this "vacuum conditioning" effect by Prof. William Tiller, who had 
himself conducted experiments exhibiting just such an effect over several years. 





EM waves in vacuum are actually /ongitudinal (sound-type) waves, but we do not belabor the point since everything out there in 
the normal literature uses the transverse EM wave model for the EM wave in space. Also, the transverse wave is indeed what is 
detected in the interacting electron gas in our measurement instruments—whose Drude electrons are restrained to simple drift 
velocity longitudinally down the conductor, but are spinning and are free to precess like gyros. So our instruments detect the 
Drude electron precessions at right angles to the incoming disturbing longitudinal force field, which means that they do indeed 
measure a transverse wave. However, these are actually the electron precession waves in the detector, and not the actual EM 
waves in space. See my paper, "Giant Negentropy from the Common Dipole", Journal of New Energy, 5(1), Summer 2000, p. 
11-23 for a discussion of how all EM energy comes from the time domain, via the broken 3-symmetry of the source charge or 
source dipole, and is emitted in 3-space in all directions as longitudinal EM waves. This is based on rigorous demonstration by 
E.T. Whittaker, "On the Partial Differential Equations of Mathematical Physics," Math. Ann., Vol. 57, 1903, p. 333-355 that the 
scalar potential is a harmonic set of phase conjugate longitudinal EM wave pairs. We merely applied the Whittaker 
decomposition to the scalar potential of a source dipole or of a source charge, and the rigorous proof that EM waves in space 
are longitudinal directly emerges. 


Just as sound speeds up, say, in steel as a denser medium than air, the EM "sound waves" in the ambient vacuum potential speed 
up when that vacuum potential's flux density is increased. Consequently light does move a little faster in a hard vacuum on 
Earth than it does in deep space, because the vacuum itself has higher energy density near the earth than in deep space. The 
comings and goings and orbitings of planets and the solar mass, etc. do affect the local energy density of the vacuum between 
the planets, and hence the speed of light through that interplanetary space. 


So the interplanetary radar does show the periodic variations of the local energy density of vacuum that are induced by these 
factors. For a critical paper on this, see Bryan G. Wallace, "The Unified Quantum Electrodynamic Ether," Foundations of 
Physics, 3(3), Sept. 1973, p. 381-388. His discussion of the interplanetary radar measurements of Venus, which did not fit 
relativity, are particularly interesting, with respect to his finding that the data were simply "averaged" to eliminate the variations 
and hence the diurnal, lunar, and synodic periodic components actually measured in the variations of the speed of light. See 
particularly Bryan G. Wallace, "The great speed of light in space cover-up." Scientific Ethics, 1(1), Feb. 1985. p. 2-3; — "Radar 
Testing of the Relative Velocity of Light in Space," Spectrosc. Lett. Vol. 2, 1969. p. 361. 


Rigorously, the field is "defined" in electrodynamics as the effect of an interaction of the force-free entity (4-spatial!) existing 
prior to the interaction, with a 3-dimensional static charge. This means that the field as originally defined is an effect and not a 
cause. To then use it as the cause is a grave non sequitur. 


This confusion of cause and effect is widespread in physics. It was probably initiated by the hoary old assumption several 
hundred years ago that a separate force acts upon a separate mass, which is false. In fact mass is a component of force, since 

F = d/dt(mv) = m(dv/dt + v(dm/dt). As can be seen, in both expanded terms there exists a mass term. To skirt the issue, 
electrodynamicists have simply found a neat statement that "in massfree space the field continues to exist, but the force is zero." 
We point out that m = 0 makes the momentum vanish, and so F vanishes, and in the definition of E = F/q also vanishes because 
the numerator F becomes zero. Therefore that E-field vanishes. 








Feynman and Wheeler pointed out that the field as it is defined does not and cannot exist in massless space. Only the 
"potential" for the field exists there, in case some charged mass is brought in to interact with that entity that does exist there. 
That is accurate, since spacetime is totally a potential and any "change" in spacetime is a change in that potential a priori. In the 
Sachs-Evans unified field theory, this problem is resolved because the fundamental field is defined as a spacetime curvature 
(change in spacetime, hence change in the ST potential) rather than E = F/q. 


In empty space there are always myriads upon myriads of interfering fields and potentials, from charges all over the universe, 
via Puthoff's cosmological feedback principle [see 

H. E. Puthoff, "Source of Vacuum Electromagnetic Zero-point Energy," Physical Review A, 40(9), Nov. 1, 1989, p. 4857- 
4862.] Thus any EM wave traveling through space is always involved in enormously active interferometry. This alone results in 
violent momentary variations in the speed of that wave, even from 0.01 c to 100.00 c. For a paper showing this kind of 
"galloping" travel of an EM wave, see William G. Harter, John Evans, Roberto Vega, and Sanford Wilson, "Galloping waves 
and their relativistic properties," American Journal of Physics, 53(7), July 1985, p. 671-679. While the average speed of the 
wave is c(y ), where y is the local energy density of the vacuum, the instantaneous speeds of the wave vary violently from instant 
to instant. 


In special relativity, "velocity" merely is a rotation angle of the moving frame from the fixed laboratory observer's frame. The 
speed "c" merely represents a full right-angle turn away, toward the time-dimension (since other than the 3 spatial dimensions 
that is the only other dimension available to turn toward). In higher dimensional space, there are many other "higher" 
dimensions toward which further rotation can be accomplished. Hence rotating in n-space is not limited to a single orthogonal 
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turn, and therefore velocities are not limited to speed c. However, each orthogonal rotation also subtracts one spatial dimension 


of the rotated object from the observer's 3-space. One rotation would be speed c, two departing rotations would be speed c2, 


three would give c3, etc. At three orthorotations, to the lab observer the rotated object is now purely an internal structure inside 


his time dimension, very similar to a mental object (mind is time-like, not spacelike). The nature of mind and its operations has 
a rather unexpected connection with matter, when one considers such orthorotations in hyperspace. 


The point is, the speed c is not an "iron dictum" of nature, nor is it an "unchangeable constant"! Nature herself routinely 
violates that notion. As an example, de Broglie waves from any mass always move at v>c, and easily as v>>c. EM "surface" 
waves—so-called transverse oscillations or upheavals and depressions in the magnitude (energy density; actually the reaction 
cross section) of the local ambient vacuum potential), move at a discretized average speed c(y ). The longitudinal component, if 
freed from the transverse component, can move much faster because it is a sort of "tunneling" movement. In actual quantum 
tunneling experiments, e.g., music (Mozart's 40th symphony) has been transmitted through quantum mechanical tunneling 
between two separated points at speed v>4c. Fogal is likely to eventually place a superluminal communication system on the 
commercial market. We discuss superluminal communication elsewhere in this glossary. 





C Capacitance. Essentially, the charge per unit potential. 
For an isolated conductor, C = Q/V and C is expressed in farads. A farad is one coulomb per volt. 


A lower case c represents the speed of light in ambient vacuum. 


E_ The electric field. Essentially, E =F/q, but that is not really a definition. 





Conventionally, the units of electric field are considered to be force per unit electric charge; i.e., force per coulomb. Note that 
the E-field even in this "classical definition" does not actually exist at a point unless there is a unit point charge (a point 
coulomb of charged mass) located at the point. Hence contrary to classical electrodynamics, communications theory, and 
whatnot, no electric force field (and no magnetic force field either) exists in the vacuum, at least of the kind prescribed by 
Maxwell's equations and by the Heaviside-Hertz reduction of Maxwell's equations. Since Maxwell assumed it, these equations 
and models all still erroneously assume a material ether filling the vacuum, in which case there would be matter and charges, 
and there would then be force-fields in the vacuum. We refer the interested reader to discussions by Feynman and by Wheeler. 
Quoting: "One of the most important characteristics of force is that it has a material origin, and this is not just a definition. Y If 
you insist upon a precise definition of force, you will never get it!" [Richard P. Feynman, Robert B. Leighton, and Matthew 
Sands, Lectures on Physics, Addison-Wesley, Reading, MA, Vol. 1, 1964, p. 12-2.] 


Even worse, note that E = F/q defines not the magnitude of the field in space, but has to do with the divergence of energy from 
the field around a unit point static charge there in space, as well as the pattern of the diverged energy density. Actually, what is 
used as "the electric field" itself is the reaction cross section of the field, for a unit point static coulomb of charge. That is at 
best a function of the "field density" or "field intensity" of the actual electrical field in spacetime, and the direction and pattern 
of change of that field density due to the intercepting and diverting charge. 


The field problem is resolved in the forefronts of electrodynamics by making the field a topological function. It is resolved in 
the Sachs-Evans O(3) electrodynamics (as a subset of Sachs' unified field theory) by making the field a function of the curvature 
of spacetime. 


See also the discussion under c, above. 


H Magnetic field strength. 





B_ The B-field (loosely), or magnetic flux density (more properly). 





Conventionally, this is thought to be defined, analogously to E, by the force it exerts. The force exerted on a point charge 
moving in the magnetic field B is at right angles to the velocity vector of the charge and also at right angles to B. Actually, the 
H-field was originally named the magnetic field and the B-field was named the magnetic induction (and is still sometimes called 
that.) This is an annoyance because it is B which involves the force, and hence B should be named the magnetic field. Other 
writers have noted this discrepancy, and Sommerfeld called H the magnetic excitation—which correctly describes its role— 
rather than calling it the magnetic field. As the reader can see, lots of things in electrical physics are still very untidy! There are 
also different ways to approach the EM modeling problem. In Kaluza-Klein unified field theory, all electromagnetics is 
modeled in the 5th dimension, which is wrapped around each and every point in our normal 3-dimensional space. 


For practical use, a far better approach is the O(3) symmetry electrodynamics spearheaded by Myron Evans, which is also an 
important subset of Mendel Sachs' unified field theory. In the Sachs-Evans unified theory, electromagnetics has become general 
relativity and general relativity has become electromagnetics. Further, very powerful general relativity can now be directly 
engineered with this O(3) electrodynamics, as it further develops. We refer the reader to "The New Maxwell Electrodynamic 
Equations: New Tools for New Technologies. A Collection of 60 Papers from the Alpha Foundation's Institute for Advanced 
Study," Special Issue of Journal of New Energy, 4(3), Winter 1999, 335 p. Also, particularly see Contemporary Optics and 
Electrodynamics, edited by Myron W. Evans, a special topical issue of I. Prigogine and S. A. Rice (series editors), Advances 
in Chemical Physics, Wiley, 2001 (in publication). Evans gives a very long and detailed presentation, "O(3) Electrodynamics", 
in that publication, and also gives the paper "The Link Between the Sachs and O(3) Theories of Electrodynamics". 


Q A quantity of electrical charge. Note that this statement does not define charge q itself. 





We have tentatively proposed to redefine charge q as q = Mg. The term $g captures the vacuum's violent virtual energy 
interaction with the mass Mg of the charge, which is presently missing in classical EM theory and is an exceeding great flaw of 
omission. Further, bq may be decomposed into a harmonic series of phase conjugate wavepairs, as shown by Whittaker, 1903, 


ibid. [In O(3) electrodynamics, the internal structuring is dramatically extended, so that one can get at the "inner 
electrodynamics" necessary to explain such things as homeopathy, chi, ki, prana, etc. 


To those scientists pooh-poohing such things as acupuncture, we point out that acupuncture in a dramatic case can allow a 
person without anesthetic to undergo a major operation with chest cavity opened, while the patient remains alert, conscious, and 
talking. President Nixon's physician on Nixon's trip to China witnessed such an actual operation, as well as other things. 
Nothing in our vaunted Western medical science can equal that, nor can any of our medical schools, nor can our National 
Academy of Science or our National Science Foundation. In short, acupuncture alone demonstrates how woefully inadequate 
our medical science actually is. 


Also, acupuncture works on animals as well, so it does not involve hypnosis or deep suggestion. In science, we must believe the 
repeatable experiment, not our dogma at the moment. Yet the entire U.S. medical research community has no higher symmetry 
EM investigation of how acupuncture works, or of the infolded electrodynamics shown by Whittaker's decomposition of the 
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scalar potential in 1903. Hence our scientists totally miss the vast electrodynamics of the internal structuring of potential and 
charge with vacuum engines (spacetime curvature engines). As a result, the entire U.S. scientific and intelligence communities 
were totally unable to comprehend nearly five decades of Russian induction of health changes and diseases in personnel in the 
U.S. Embassy in Moscow, using weak EM radiation. Internal structuring of the activity producing what is called "charge"— 
including its internal structuring and engines—can be modeled and in theory directly engineered in the new Sachs-Evans 
approach. ] 


As shown in my paper, "Giant Negentropy from the Common Dipole," Journal of New Energy, 5(1), Summer 2000, p. 11-23, 
the broken 3-symmetry energy flow of any charge and any dipole allows a more fundamental 4-symmetry energy flow solution 
for the century-old problem of explaining the actual source of the EM energy that pours out of the source charge in all directions 
in 3-space. The 4-symmetry in EM energy flow explains its nature as longitudinal EM waves, with the charge's absorbed energy 
being received from the time domain (complex plane), transduced into 3-space, and emitted in 3-space._The source of all EM 
energy at any point in 3-space is the time domain! 








It has been known for decades in particle physics that there exists no equilibrium in mass systems, unless the interaction of the 
vacuum with the masses is included. It has also been known that every charge and every dipole is a broken 3-symmetry in the 
fierce vacuum energy exchange with the charge or dipole. Yet the vacuum interaction—and specifically the source charge's and 
the source dipole's broken symmetry in it—are not even included in classical EM as yet. That this known total glitch in modern 
EM theory has not been previously corrected, when the particle physicists of every university physics department of note 
already know it is necessary, is inexplicable! Here we must regretfully point out finger at our orthodox scientific establishment, 
and particularly at our National Science Foundation and our National Academy of Science. These institutions are not even 
working on, nor are they aware of, nor do they even care about, the most fundamental science problems of our time. Bigger 
accelerators, yes. Windmills, yes. EM energy from the vacuum and electrical power systems which use it without destroying 
the source dipole, no. The greatest of all electrodynamics—the infolded longitudinal EM wave dynamics inside all EM fields, 
potentials, and waves—no. The correction of the dozens of major flaws and non sequiturs in classical electromagnetics, no. 
The understanding of the longitudinal EM wave interferometer weapons and quantum potential weapons already arrayed against 
us, no. The development of EM healing based on the Priore approach, which would totally revolutionize medical therapy and 
handle attacks on our cities by weapons of mass destruction, no. 


We have a scientific mindset problem of epochal magnitude. And that costs the U.S. taxpayers hundreds of billions of dollars 
spent on the "status quo" or "business as usual" scientific endeavors that are far inferior to what can be done. 





Entropy. A quantity which measures the extent to which the energy of a system is available 
to do work. 


Since in one sense energy is a function of ordering, then fundamentally, entropy refers to increasing disorder, which means 
increasing disruption of the ordering in our collected energy. Unfortunately, entropy is one of those concepts in physics for 
which there are several differing major views. We avoid all discussion of "information" etc., and prefer to deal only with the 
energy and time aspects. For our work in energy from the vacuum, we take the very simple view that an entropic process is like 
a positive resistor: As forward observer time passes, the entropic process continually disorders or "loses"—from further 
controlled conversion of energy form—the collected energy in the system. We regard a negentropic process as like a negative 
resistor: as forward observer time passes, the negentropic process receives energy in a form unusable to us, transforms, it, and 
outputs it in a form that is usable. Quoting Ilya Prigogine, Irreversibility as a symmetry-breaking process," Nature, Vol. 246, 
1973, p. 70: “Entropy Ycannot in general be expressed in terms of observables such as temperature and density. This is only 
possible in the neighbourhood of equilibriumY It is only then that both entropy and entropy production acquire a macroscopic 
meaning." 


So basically, the notion of entropy will apply when we have a system in equilibrium or very near equilibrium. For open systems 
in substantial disequilibrium, the entropy cannot even be computed, and the classical equilibrium thermodynamics with its 
infamous second law does not apply. On the other hand, the loading of disequilibrium (negentropic) EM systems is a very 
nonlinear affair. Some direct indications of this were in the Russian work in the 1930s which produced overunity and self- 
powering EM generators, in several physics institute. [E.g., see L. I. Mandelstam and N. D. Papaleksi., "On the parametric 
excitation of electric oscillations," Zhurnal Teknicheskoy Fiziki, 4(1), 1934, p. 5-29. English translation, Feb. 1968, Lawrence 
Radiation Laboratory, Livermore, CA, performed for NASA]. The U.S. researcher G. Obolensky also has done appreciable 
important experimental investigation of the nonlinear load effects for negentropic systems. 








Poynting energy density flow. Not the overall or total energy flow by any means, but 
just that component of it that_is intercepted, diverged, collected, and used, where S is given 


by S=ExH. 





The energy flow theory is rather thoroughly fouled, and has been since the 1880s when the flow of energy through space was 
proposed by both Heaviside and Poynting, independently and essentially simultaneously. 


Since both E and H are defined not as fields per se, but as the reaction cross section of the fields with a unit charge, the S does 
not refer to "energy flow" per se, but to the intercepted component of the overall energy flow. 


Poynting only considered the energy flow component around a circuit that strikes the circuit's surface charges and gets diverged 
into the conductors to power the electrons. Heaviside, on the other hand, also considered the startlingly enormous additional 
EM energy flow filling all space around the circuit's conductors, generally parallel to the conductors but missing them. 


This huge Heaviside component is still there around every electrical circuit, but almost entirely ignored and unaccounted. It 
misses the circuit, passes on off into space, and is lost in most circuits. Yet it is trillions of times larger in magnitude than the 
very tiny Poynting component which actually gets intercepted, "caught" and used by the circuit to power its loads and losses. 


Since no one could explain where on earth such an enormous nondiverged Heaviside component pouring out of the power 
source terminals could possibly come from, Lorentz—reasoning that, since the nondiverged energy flow did not do anything, it 
was "physically insignificant" (Lorentz' term)—then just integrated the energy flow vector around a little closed surface 
assumed around every volume element of interest. This efficiently discards the Heaviside nondiverged component from all 
accountability, leaving only the Poynting energy flow component vector accounted. Of course the Poynting energy flow will 
agree with the energy measured in the circuit, since we actually measure energy dissipation, and the energy that dissipates from 
the circuit must have first entered it. Electrodynamicists today just continue to use Lorentz's integration of the energy flow 
vector around an assumed closed surface surrounding any volume element of interest. Thus, sadly our electrical power system 
engineers unwittingly waste trillions of times more EM energy actually produced from the vacuum by the source dipoles in their 
generators, than what the feeble powerline is able to intercept and utilize. 
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We have nominated the vast unaccounted Heaviside energy flow accompanying every field and charge interaction as the source 
of the extra gravity known to be present in the arms of the spiral galaxies and holding them together. See my paper, "Dark 
Matter or Dark Energy?", Journal of New Energy, 4(4), Spring 2000, p. 4-11. Informally we have also nominated this dark 
Heaviside energy which fills all space, as associated with the "quintessence" energy that is responsible for the recently 
discovered antigravitational acceleration of the universe. In this view the giant negentropy process associated with charge (see 
my "Giant Negentropy of the Common Dipole" paper, ibid.) is ongoing in all the stars, galaxies, planets, nebulae, and other 
astronomical entities. The ordinary energy we measure in all these processes is gravitational; hence for symmetry and energy 
conservation, the primary longitudinal EM wave energy from the time domain that furnishes the energy to all these spatially 
energetic processes represents an increasing curvature of spacetime in the time domain as we travel outward from any origin 
point. This is an antigravitational force, in this concept, which is cumulative as a function of radial distance from the origin 
point. Hence we see the distant parts of the universe as accelerating the expansion of the universe. At present this is of course 
an hypothesis, and must be further validated by laboratory experiment and further theoretical work in a unified field theory 
electrodynamics such as the Sachs-Evans O(3) symmetry electrodynamics. 


S-flow is actually comprised of an organized, structured flow of virtual photons or antiphotons and itself is not observable. Its 
interaction with charged particles (electrical charges and magnetic poles), however, is observable by the amount of energy 
collected upon (diverged around) the charge or pole (formation of a local potential), and formation of a translation force upon 
the charge or pole. 


Again, the "E" and the "H" in the expression "ExH" are not really the "electrical field" and "magnetic field" in space, but only 
their reaction cross sections at each point in space, should a little unit point static coulomb be placed at that point to divert some 
of the E-field flow around it, or a little unit point static magnetic charge be placed at that point to divert some of the H-field 
flow around it. So even the Poynting energy flow S = ExH has been interpreted in terms of its reaction cross sections. 





It is worth noting that electrodynamicists today are still politely debating EM energy flow and the energy flow vector. As an 
example, a polite "debate" of this subject has been ongoing for over 30 years in American Journal of Physics alone. A 
particularly significant statement of the problem is given by Jones: "Jt is possible to introduce the Poynting vector S, defined by 
S = Ex, and regard it as the intensity of energy flow at a point. This procedure is open to criticism since we could add to S 
any vector whose divergence is zero without affecting [the basic integration procedure’s result]." [D.S. Jones, The Theory of 
Electromagnetism, Pergamon Press, Oxford, 1964, p. 52.] In short, here Jones is stating that an enormous nondiverged energy 
flow may accompany the Poynting flow component, and it will not be accounted for by S = ExH. After presenting the various 
elements required to solve the energy flow problem, Jones bows out with the statement: ""Jt does not seem likely that an 
expression satisfying all these conditions will be simple... ...fortunately, we are rarely concerned with the energy flow at a 
point. In most applications we need the rate at which energy is crossing a closed surface." (Jones, ibid., p. 53.] Panofsky and 
Phillips warn against over-attachment to the Poynting vector: "Paradoxical results may be obtained if one tries to identify the 
Poynting vector with the energy flow per unit area at any point." [Wolfgang K. H. Panofsky and Melba Phillips, Classical 
Electricity and Magnetism, Second Edition, Addison-Wesley, Menlo Park, CA, 1962, third printing 1969, p. 180. 


We point out, however, that for gravitational effects of energy flows in space, one must account the total energy flow per unit 
area at and surrounding any point, and therefore one must restore the unaccounted enormous Heaviside nondiverged EM energy 
flow component as well as the accounted tiny little Poynting diverged energy flow component. 


At An increment (little piece of) time. 





In special relativity, time can be considered a piece of spatial length compressed by the factor c, so that L = ct, where L is in 
meters, t is in seconds, and c is the speed of light. Time can also be considered as spatial EM energy compressed by the factor 
c*. To comprehend time and time rate of flow, one must first realize that a priori no observable exists or persists in time. The 
observable is a 3-spatial snapshot made at one instant in time, so that "time stopped" momentarily. The observable is thus a 
frozen snapshot of the 3-spatial intersection of an ongoing 4-space interaction. At the very next instant, that snapshot no longer 
exists. Hence for a mass (or any other observable) to "propagate in time", there must be a process whereby At is continually 
added to the observable (such as to mass m, converting it to masstime mt for a short duration) and then subtracted again, leaving 
behind another frozen 3-space snapshot of the "observable" that has seemingly now endured for that little At period, with respect 
to the observer. As we explain in several papers, the sum total of the photon interactions with a mass m may be taken as the 
generator that produces (1) the flow of the mass m through time, by changing from m to mt to m to mt... continually, and (2) a 
substructuring of internal "time-flow components". In short, any time-flow ascertained in the macroworld or the microworld by 
the observer, has an enormously rich internal dynamics and structuring. Again, in higher symmetry electrodynamics such as 
O(3), the internal structuring of the photon, EM field, EM wave, and EM potential can be modeled and eventually even directly 
engineered. 


AE An increment (little piece of) energy. 





The photon is considered to be (unit-wise) composed of (AE)(At). However, in our view (as we explain in energy, energy 
collection, and energy dissipation) energy does not occur in "little fixed chunks" at all. One only has "little chunks" of energy 
when one is collecting energy in an ongoing process. In electromagnetics, the "collection" of energy is actually the ongoing 
collecting of energy from an energy flow deviating around an intercepting charge. It is a dynamic, ongoing process whereby a 
collector such as a charged particle intercepts and interacts with (undergoes virtual photon flux exchange with) an impinging 
energy density flow S= ExH. In an equilibrium (static) condition, the deviated flow remains very like a persistent, unchanging 
whirlpool in a river, and so is said to have a "static magnitude". If that Poynting flow is removed, then there is no excess 
collecting going on and the "magnitude of the deviated energy flow" is zero. EM energy collection/collecting is always like a 
rock in a high wind. As long as the wind is blowing on the rock, air is deviated to flow around the rock. The rock has a force 
field on and of it, and wishes to move. It also has "excess collected energy", and a gradient in this "excess collected energy" 
determined by the wind flow direction. When the wind ceases to blow, the rock goes back to being just a rock, and forgets it had 
all that excess wind energy collecting and any desire to move. 


TERMS AND PHRASES 


ABEL, NIELS HENRIK (1802-1829) 


Norwegian mathematician who in 1824 proved that the general equation of fifth degree cannot be solved algebraically. He also 
left an important paper on transcendental functions which was published posthumously. 
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ABELIAN GROUP 


A group obeying the commutative law of algebra for every pair of elements a and b under an operation , so that a*b = b*a. As 
an example, the set of integers is an infinite abelian group under the multiplication operation. 








ACTION AT A DISTANCE 


An action (effect) occurring in a local system, for which no separate local 3-space cause exists, but for which a causal 
correlation exists between a distant cause and the local effect. 








To the local 3-space observer, the effect is baffling. In electromagnetics, action at a distance can be considered a higher topology 
phenomena, occurring through hyperspace or through subspace, or through "multiply connected spacetime." Particularly note 
that "time" is multiply connected; i.e., every spatial point in 3-space (in the entire universe) exists at the same moment in time, 
which means that electrodynamic action through the time domain can be used to eliminate the spatial distance between any two 
3-space points. Action at a distance is absolutely required by quantum mechanics, and experiments establish its truth. Such 
action was implicitly included in Maxwell's quaternion theory, but was unknowingly discarded by Heaviside, Hertz, and Gibbs 
when they formulated a much more restricted vector interpretation of Maxwell's theory, after Maxwell's death. Bohm's hidden 
variable interpretation of quantum mechanics uses the quantum potential, which is a multiply-connected entity producing 
instantaneous action at a distance. In ordinary electrodynamics, the common scalar potential in the Coulomb gauge has 
instantaneous velocity, and it appears everywhere in space, wherever it will occupy, all at once in that gauge. 


Time is also a set of energy flows in the time domain (complex plane) rather than in 3-space. Time is also multiply connected, 
since a priori every 3-space point in the universe exists at and in a single moment of time. Since time is dynamic and structured 
with special energy flows, it seems possible to use this feature to establish energy flow during one specific moment to a desired 
subset of 3-space points, regardless of where in the universe those points are located. Hence the development of "time-energy" 
technology allows action at a distance via manipulating the multiple connectivity of time and its internal structure (internal time- 
like energy flows). 


AD HOC MODEL 


A model used and fitted for a specific purpose or area. 





Tentative formulation, not intended toward general application and not yet firm because there is still not a comprehensive, tested 
demonstration of the "fit" of the model to the complex phenomenology. Nonetheless, an ad hoc model can be quite useful in a 


given area, so long as it sufficiently fits the experimental data in that area and makes sufficiently accurate predictions in the 
area. 


ADVANCED FIELD 


An electromagnetic field that is a solution of the classical Maxwell equations, which is positioned on the future light-cone of 
spacetime. 





We believe much of the problem with the "advanced solution" is a problem of interpretation. We would urge the re- 
interpretation not in terms of "time-travel" where the wave continues in observer forward time while the rest of the universe is 
assumed to retrogress to a previous state, but in terms of time-reversal of that wave only. In that case, the rest of the universe 
stays sane and continues to move in observer forward time, and the wave itself just moves in forward time in a path-reversed 
manner, back along a previous "stimulus wave" (the retarded wave that moved forward in time normally). 


ADVANCED POTENTIAL 


An electromagnetic potential that is a solution of the classical Maxwell equations, which is positioned on the future light-cone 
of spacetime. 
Presently this potential has not yet been given a physical interpretation. See remarks above. 





ADVANCED WAVE 


An electromagnetic wave that is a solution of the classical Maxwell equations. and which is positioned on the future light-cone 
of spacetime. 
See remarks above. 





AFFINE CONNECTION 


In mathematics: "A connection on a manifold, whose form is unchanged under affine changes of parameter along curves, e.g., 


when the original parameter t of a curve y (t) is replaced by t= as +b." Dictionary of Science and Technology, Academic 
Press, Christopher Morris (Ed.), 1992. 


Ugh! We'll let the mathematicians take it from there. 








AFFINE TRANSFORMATION 


"Transformation on a linear space to itself which can be expressed as the sum of a linear transformation and a fixed vector. 





The affine transformations form a group. In the plane, the group is six-dimensional, consisting of translations, rotations, 
stretchings and shrinkings, reflections, simple elongations and compressions, and simple shear transformations, as well as 
compositions of these." 


Dictionary of Science and Technology, 1992, ibid. 


AHARONOV, YAKIR 


Renowned Israeli quantum physicist and former student of David Bohm. 





Co-discoverer of the Aharonov-Bohm effect: Even when the electromagnetic force fields reduce to zero in a charged particle 
system, the potentials may still exist and interfere to cause real physical effects. Together with Bohm, Aharonov authored a 
fundamental paper in 1959 which pointed out the primary importance of the potentials rather than the force fields. Indeed, the 
force fields are only made in and of the charged particle system itself, by interference there of potentials, and do not exist as 
such in the vacuum. The forcefields are thus not primary electromagnetic causes at all, but are secondary effects due to the 
interference of potentials in a particular charged particle system. [See Aharonov-Bohm Effect] In his three volumes of physics, 
Feynman pointed out that the forcefields do not exist as such in the vacuum, and that only the potential for the forcefields exists 
in vacuum. The primary causative agents for electromagnetics are thus the potentials. This has been proven both theoretically 
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and experimentally in quantum mechanics, but still does not appear in present classical electromagnetic theory taught in 
universities—which terribly confuses cause waves and effect waves in wave-charge interactions. 


AHARONOV-BOHM EFFECT 


Phenomenon theoretically pointed out in 1959 by Yakir Aharonov and David Bohm whereby interfering electromagnetic 
potentials can produce effects on charged particle systems, even at a distance and in the absence of the electromagnetic force 
fields. 


See Y. Aharonov and D. Bohm, "Significance of Electromagnetic Potentials in the Quantum Theory," Physical Review, Second 
Series, 115(3), 1959, p. 485-491. For an overview and extensive bibliography, see S. Olariu and I. Iovitzu Popescu, "The 
Quantum Effects of Electromagnetic Fluxes," Reviews of Modern Physics, 57(2), Apr. 1985, p. 339-436. 


Chambers experimentally demonstrated the Aharonov-Bohm effect one year later. When 

E- and B-fields are zero in a region, their potentials still may exist and thus be stable and persistent. Being gradient-free, a 
force-free potential is not changing; no bleed-in or bleed-off of its magnitude or of its internal structure is occurring. 
Interference of the potentials produces real electromagnetic effects (energy) in the interference zone, even at a great distance, 
without transmission of "field energy" per se through the intervening 3-space. [Rigorously, the potential's EM energy can be 
considered to be hyperspatially transmitted, or subspatially transmitted (tunneled) via the Whittaker internal EM biwave 
mechanism. See discussions under action at a distance.] 














In 1897-8 Stoney showed (in Philosophical Magazine) by physical reasoning that all the disturbances of the ether arising from 
sources of certain kinds can be resolved into trains of plane waves. This was extended and the general and special equations 
written by E.T. Whittaker in 1903 in Mathematische Annalen. In 1904 (delivered orally in 1903) Whittaker's second paper 
dealing with the subject was published in the Proceedings of the London Mathematical Society, and showed that scalar EM 
potential interferometry is in fact what generates the classical EM force fields. 


The two Whittaker papers may be interpreted to show a startling arrangement in a potential or EM wave. (1) any EM field or 
wave in a particular 3-space is due to two interfering scalar potential functions in that space. So we may replace any EM field 
or wave with two scalar potential functions, a priori. (2) But each of the scalar potentials onto which the functions are applied, 
is decomposable into the Whittaker 1903 longitudinal EM wavepairs, where the output waves are in 3-space and the input 
waves are time-like and come from the complex plane. This provides a hidden "infolded LW electrodynamics" inside, and 
composing, all EM fields and waves. Further, the decomposition is recursive, so each of the first tier infolded EM waves can be 
decomposed again into a second tier of biwaves, etc. Thus the most primary electrodynamics of all is the nested infolded 
longitudinal EM wave structuring of all present EM waves, potentials, and fields. The internal LW waves also form rigorous 
curvature of ST patterns (templates) and thus engines. By engineering the structure and dynamics of the internal EM, one can 
engineer mass—including the atomic nuclei, quarks, and gluons—as one wishes, once the technology is sufficiently developed. 
In the West, this entire area has been ignored, but it has been highly weaponized by the KGB in Russia. 


AIAS 
Alpha Foundation's Institute for Advanced Study. 





Unusual "think tank" comprised of fellows and fellow emeriti in various places in the world, who cooperate in advanced 
electromagnetics studies via E-mail. Led by Dr. Myron W. Evans, a theorist of note, the institute has been forging ahead with 
the production of O(3) symmetry electrodynamics, particularly as an important subset of Mendel Sachs' unified field theory. 
Dozens of AIAS group-authored papers have been published in various leading journals such as Foundations of Physics, 
Physica Scripta etc. More than 90 AIAS papers are carried on a restricted Department of Energy website for reference by DoE 
scientists. The work is particularly significant in working out how EM energy flows in both the 3-spatial and time domains, and 
how EM energy can be and is extracted from the active vacuum. More than a dozen of the later AIAS papers are carried on a 
DoE public website, http://www.ott.doe.gov/electromagnetic/papersbooks.html. Also, about two dozen AIAS papers have 
either been approved for publication in journals, or are in the review process. The present author is a Fellow Emeritus of the 
AIAS, and is kindly tolerated as a conceptualist by these advanced theoreticians. 


AIDS 
Acquired Immunological Deficiency Syndrome. 





A condition of acquired immunological deficiency associated with infection of the cells of the immune systems with the 
retrovirus HTLV-III. It is usually recognized by testing positive to HIV infection, and eventually by physical deterioration and 
by development of one or more life-threatening opportunistic infections such as pneumonia, or of Kaposi's sarcoma. 


AIKIDO 


A Japanese martial art whose modern form is a synthesis of many schools of jujitsu and the zen art of meditation in motion. 





It is the way (DO) of entering and turning (AI) the opponents vital energy (KI). The present author is a retired sandan (third 
degree black belt) in Yoseikan aikido. He is retired because of debilitating injuries suffered in other fields and accidents, and as 
a busted-up old dog of 70 has no business bouncing hard off the mats with all those vigorous young fellows. His extra 50 
pounds also no longer enhance his athletic ability. We did write a book, privately held but never published, on Aikido and 
dealing with the principles of unarmed combat. Interestingly, we simply went into the deep unconscious in meditation (and 
perhaps a little beyond, depending on one's viewpoint) to uncover the unsuspected principles. To list them, we went through the 
alphabet four times. Many of these principles have never appeared in any text on martial arts or military combat. The task was 
placed on me by my sensei and required seven years to complete. Perhaps one of these days we will formally publish the book. 


ALGEBRAS 


The various types of mathematics in which the theoretical models for physics and other sciences are embedded. 





Some important algebras utilized in physics are the vector algebra, tensor algebra, quaternion algebra, Grassman algebra, Pauli 
algebra, Clifford algebra, etc. There are many others. The complexity of the symmetry and of the topology varies significantly 
between these algebras. Thus, an electrodynamics model in a lower topology algebra such as vectors or tensors will not reveal 
or permit nearly so great a set of electrodynamic functions and operations as will electrodynamics embedded in a higher 
topology algebra such as quaternion algebra or Clifford algebra. 


As an example, it has been shown by Barrett that the operation of many of Nikola Tesla's patented circuits cannot be understood 
if analyzed in vector or tensor electrodynamics. The circuits will reveal totally new functions when analyzed in quaternion 
electrodynamics. That paper is T. W. Barrett, "Tesla's Nonlinear Oscillator-Shuttle-Circuit (OSC) Theory," Annales de la 
Fondation Louis de Broglie, 16(1), 1991, p. 23-41 
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ALLOPATHIC MEDICINE 


A medical system which combats disease by using remedies which produce effects different from those produced by the disease 
treated. 





Reliance is primarily upon drugs, pain relievers, and treatment of symptoms as well as use of agents to "kill" the microbial 
organisms regarded as the cause of the diseases. Surgery is used as a major adjunct. From time to time, other practices 
formerly frowned upon or even legally prosecuted are recognized as effective and legitimate, and are then brought in under the 
aegis of organized allopathic medicine. Physical therapy is such a formally prosecuted modality that was eventually adopted; 
hypnosis is another. The problems with organized allopathy is that (1) it tends to be monopolistic, (2) it uses the state's power to 
enforce its credo, (3) it controls both the bulk of the medical scientific literature and the flow of research funds from both 
government and private sources, (4) it does not adequately police its doctors and technicians, (5) it does not sufficiently accent 
preventative medicine or "whole human being" treatment, and (6) it engages in conspiracies to destroy competing systems of 
medicine (as in the case of chiropractic). (7) On the other hand, it has made remarkable advances in preventing killer diseases 
by vaccination, treating them by antibiotics, and in eradicating or controlling many of the former great killer diseases such as 
smallpox, diphtheria, and bubonic plague. It has been far less successful in treating and reversing debilitation, cancer, 
arteriosclerosis, etc. Just now, most of its major weapons against the former dread diseases are beginning to fail. The disease 
organisms are rapidly changing into new, more virulent forms that are resistant or even immune to the present "successful" 
treatments. Even in orthodox medical publications, it is now beginning to be recognizing that allopathic medicine is starting to 
fail, and that we are again entering a period of great, uncontrollable killer pandemics. 


ALLOPATHY 
Another name for allopathic medicine and allopathic medical therapy. 





AMBIENT VACUUM 


The average active vacuum, in space, removed from large collections of charge and mass. 





AMBIENT VACUUM POTENTIAL 


The average standard vacuum (spacetime) considered as a potential having structure and dynamics on a myriad levels. 





Anything that is composed of virtual particle flux is a potential. Another way of looking at the vacuum is to realize that, having 
an energy density, then a priori it is a potential or may be modeled as such. 


Hence the ambient vacuum can be decomposed via the Whittaker method into an internal set of infolded EM longitudinal waves 
of very special nature. Further, our work on the broken 3-symmetry energy flow involved in any potential or dipolarity shows 
the more fundamental 4-symmetry energy flow between the time domain and 3-space. This 4-symmetry energy flow is also 
highly structured and dynamic. 


Whittaker's work shows that, contrary to present assumptions in quantum physics, a particular potential has its virtual particle 
flux formed into a beautiful bidirectional wave structure. The apparent disorder at any local point in the local vacuum potential 
is due to the constant arrival of myriads of potentials, from charged particles all over the universe. The violent interference and 
re-interference of these potentials results in the creation of violently changing virtual photons—or in terms of waves, violently 
changing EM waves and fields. In other words, the statistical disorder of the vacuum is actually composed of continually and 
rapidly changing perfect order. [Here we have confronted 3-law Aristotelian logic with its missing 4th law, because at the limit 
opposites are identical! ] The continual violent interferometry results in the zero-point EM fluctuations of vacuum. Each EM 
fluctuation is completely deterministic, as shown in Puthoff's cosmological feedback mechanism. However, the macroscopic 
observer has no knowledge of the cause or of the arrival, and of the myriads of interferences that produced the final EM field 
fluctuation. Hence although the zero-point fluctuations of vacuum are completely deterministic one-by-one, the observer has no 
information on their causality. Hence to the observer these fluctuations are completely statistical and seemingly without local 
order. However, because of their hidden determinism, these fluctuations are chaotic rather than random—contrary to the Gibbs' 
thermodynamics statistics assumed and adopted by quantum mechanics. That statistics should be changed to an "already 
chaotic" statistics containing hidden Whittaker order. This would appear to be the real solution to the recognized major QM 
problem of the missing chaos. 


Since their changes and appearances are completely in one-to-one correspondence to all distant features of the macroscopically 
ordered universe, then their integration yields macroscopic order. Further, as can be seen, Mach's principle—so near and dear to 
the heart of Einstein—arises directly from the foregoing discussion. In such fashion, integration of statistical (but chaotic, and 
with hidden order) quantum changes results in the familiar, ordered macroscopic world. This removes the great error in QM: 
that heretofore it has failed to predict the ordered macroscopic universe we observe and inhabit. 


ANALOGUE 


Part that is analogous (representative or modeled). 





At root, an analogue of something is a second something that functions in similar fashion to the first something. 


ANAEROBE 


An organism that lives, is active, and occurs in the absence of free oxygen. Particularly applicable to one-celled organisms that 
do so. 





ANAEROBE, FACULTATIVE 


An organism that can live either as an aerobe or as an anaerobe. Particularly applicable to one-celled organisms possessing that 
capability. 





ANAEROBE, OBLIGATORY 


An organism that is restricted to being anaerobic: i.e., it cannot utilize oxygen from the atmosphere. 





ANAEROBIC 


Characteristic of an organism of living, active, or occurring in the absence of free oxygen. 





ANGULAR MOMENTUM 


The momentum or "leverage" of the momentum of a moving body, with respect to an axis or reference point. 





Angular momentum as the same units as action; that is, it is energy multiplied by time, or momentum multiplied by length. In 
terms of particles, it is also known as spin. 
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ANOMALOUS EM JAMMING MECHANISM 


In a dense signal environment, an unusual mechanism whereby EM energy from the skin of an aerial vehicle is directed laser- 
like into the internal circuitry. 








The density of the signals impinging upon the skin are such that the probability of multiple photon interaction increases. Also, 
on a nonlinearity in/on the skin, the multiplex of signals creates a scalar EM potential. Decomposition of this potential into 
Whittaker waves provides hidden "pump" waves upon the nonlinearity, which therefore acts as a pumped phase conjugate 
mirror (PPCM). EM fields and signals from the internal operating circuits in the vehicle provide "signal waves" to the internal 
skin and to the nonlinearity PPCMs on the skin. Amplified phase conjugate replica (PCR) waves are generated by the PPCMs, 
where in each PCR wave the energy may be the total of the external signal density pump waves upon the initiating PPCM. The 
result is that the skin becomes a "collector" of energy from all the impinging external signals, and focuses much of this collected 
external energy into laser-like beams inside the vehicle which penetrate directly back to the circuit element that originated the 
particular signal field/wave to the inner skin. The result is spurious jamming throughout the vehicle, directly in its operating 
circuits, in a manner not described in normal ECM theory. Also, the same effect occurs in a human body when exposed to such 
a dense signal environment (threshold about 200,000 signals per square meter per second, and particularly active above 500,000 
signals per square meter per second. L.e., in such an EM "smog" environment, the anomalous jamming mechanism is able to 
progressively conduct the energy impinging upon the skin deep into the body and throughout it, including into the bone 
marrow. This effect is not described at all in the standard dosimetry literature and experimental approaches for examining the 
effects of EM fields and radiations upon biological systems. By rigorous frequency band control of radiations and 
communications, most equipment can be operated in an appreciably dense environment such as appears on the modern 
environment, because the equipment is essentially "narrow band." The human, however, is a very wide-band receiver, and in 
such dense environments—even at very weak signal levels—the human system will eventually undergo cumulative damage. 
This is one of the major mechanisms involved in long term deleterious biological effects of EM radiation environments, but this 
effect on living systems has not been investigated in the laboratory by present EM bioeffects researchers. 


In the U.S. air attack on Libya in 1986, the anomalous jamming mechanism interfered with the aircraft, controls, and missiles 
because frequency discipline was not rigorously enforced. In the Gulf War, rigid frequency discipline was enforced, with the 
result that the electronic systems operated normally. However, the troops exposed to that environment (which varied from place 
to place) were affected by the mechanism, which added a bit to the previous cumulative damage to their immune systems, etc. 


ANTIBODY 


A body substance produced in response to a specific antigen (protein or carbohydrate or other substance, such as a toxin or 
enzyme, capable of stimulating an immune response). 








The antibody counteracts the effects of the antigen, by neutralizing toxins, agglutinating bacteria or cells, precipitating soluble 
antigens, etc. 


ANTI-ELECTRON 


The time-reversed electron, or positron. Under time reversal, electric charge reverses in sign. 





Paul A.M. Dirac, in his "A Theory of Electrons and Protons," Proceedings of the Royal Society of London A126, 1930, p. 360 
introduced the negative energy electron sea (now called the "Dirac sea") with negative energy electron holes treated as the 
positive electron. He attempted to identify these holes with protons, but that was later refuted. The positron, discovered about a 
year after Dirac's paper, was later connected with this anti-electron. 





Note that Dirac himself was not adamant that a// negative energy state holes in the Dirac sea were filled with electrons, but just 
that almost all of them were. Modern researchers have tended to extend this to state that a// the holes are filled, normally. That 
is sufficient in forward time situations. But it does not necessarily hold in a time-reversed situation, in a time-reversed zone, or 
in a tempic back emf. 


ANTIGRAVITY 


An effect whereby normal masses repulse one another rather than attract one another 





Antigravity may also be considered as time-reversed gravitation. It may also be considered as gravitation between two negative 
masses. 


ANTIMATTER 


Matter consisting of atoms which are composed of antielectrons (positrons), antiprotons, antineutrons. 





Also loosely refers to the antiparticle corresponding to a particle—the antiparticle may be regarded as the particle traveling 
backward in time, or "phase conjugated", or "time-reversed. 
ANTIPARTICLE 


A counterpart to an ordinary fundamental particle, having identical mass lifetime and spin, but with charge and magnetic 
moment reversed in algebraic sign. 








Note that when the charge is reversed, parity and time are also reversed. Thus, properly, the antiparticle is the phase conjugation 
of the particle, or just conjugate particle for short. In effect an antiparticle is the particle traveling backward in observer time 
rather than forward in observer time. 

ANTIPHASED 


180 degrees out of phase (contrary-wise in timing). 





ANTIPHOTON 


A time-reversed photon. 





Presently, the photon is considered its own antiparticle, so that photon and antiphoton are one and the same. In the new 
approach, that is not quite true. First, one considers that a photon—as is well known—has the units of angular momentum. Thus 
it is made of "energy multiplied by time." We consider that the time-forward photon (i.e. a normal photon), is made of (+AE) 
(+At). Usually physicists have largely neglected the fact that a photon carries an increment of time as well as an increment of 
energy! In our approach the antiphoton, being a time-reversed entity, must be composed differently. We have tentatively 
considered the antiphoton to be comprised of (AE)(- At). It will probably initially be necessary to take into account the fact that 
Minkowski geometry treats the T dimension as imaginary rather than simple arithmetic. We haven't had the lengthy time to 


http://www.cheniere.org/references/annotated_glossary.htm 10/83 


1/26/2018 


ANNOTATED GLOSSARY 


work all of that out; perhaps one of the better theoreticians or one of the sharp young graduate students will do that and save us 
the trouble. 


At any rate, the requirement is that—in a coupled photon-antiphoton pair (a graviton)—the energies of photon and antiphoton 
must add spatially, while e/ectromagnetically the translation forces (actually translation impulses) of photon and antiphoton 
must cancel or thwart each other. One insists on a strong interpretation of the distortion correction theorem in phase conjugate 
optics. In other words, we consider the "wave" as composed of photons, while the "antiwave" (phase conjugate replica) emitted 
by a phase conjugate mirror is composed of antiphotons. And we consider that the distortion correction theorem must apply to 
the wave's photons, so that the antiphotons are precisely superposing (coupling) and then decoupling as the wave and antiwave 
pass through each other in perfect spatial superposition. We feel that this "totally in phase spatially but totally antiphased 
temporally" concept is important. It is well-known, e.g., that in certain cases protons—the very building blocks of matter itself 
—can pass right through other protons, as shown in certain colliding beam experiments if their relative spins are properly 
arranged. 


ANTISIGNAL 


The phase conjugate of a signal. The time reversal of that signal or its twin. The phase conjugate replica signal/wave emitted 
by a phase conjugate mirror material in response to an incident signal/wave. 








ANTI-STOKES EMISSION 


Radiation emitted from an intensely scattering medium that is of greater intensity than the input radiation. 


In other words, the medium gives off more energy than we have to put into it. This has been known since the 1930s and proven 
experimentally, but no really complete explanation has been forthcoming. The conventional explanation is that some of the 
kinetic energy of the medium is furnished to cause additional emission. In that case, anti-Stokes emission would lower the 
kinetic energy of the emitting medium. Note that this is not necessarily true at all in Letokhov's negative absorption (excess 
emission) of the medium, where in that case the excess energy in the emissions is said to come directly from energy absorbed 
from the active vacuum. 


ANTI-STOKES RADIATION 


The radiation coming from an anti-Stokes emission process from an intensely scattering medium, where more energy flux is 
emitted than is input by the experimenter-operator. 








In the past, there has just been "arm-waving" that the excess energy must come from the internal energy of the molecules. There 
seems to be no explanation at all of where the excess energy of the molecules must continue to come from! Tacit silence on this 
"apparent" violation of energy conservation is held. But see Letokhov's negative absorption of the medium discussions in the 
literature. 


We quote from H. C. Dake and Jack DeMent. (1941) Fluorescent Light and Its Applications, Chemical Publishing Company, 
Inc., Brooklyn, New York, 1941. p. 51-52: "When a phosphor or other luminescent substance emits light, it gives in most cases 
an emission according to Stokes' Law. This law states that the wavelength of the fluorescent (emitted) light is always greater 
than the wavelength of the exciting radiation. It was first observed in 1852 in the memoir "On the Change of Refrangibility of 
Light," by Sir G. G. Stokes. In terms of energy the relationship states that e em < e ab. While Stokes' Law holds for the majority 
of cases, it does not hold in certain instances. In some cases the wave length is the same for both the absorbed and the emitted 
radiation. That is, the efficiency appears to be perfect or unity. This is known as resonance radiation. In other cases Stokes' Law 
does not hold where the energy emitted is greater than the energy absorbed. This is known as Anti-Stokes emission. In 1935 
Prileshajewa showed that there is an energy difference as much as 1.1 v between the exciting light and the fluorescence of 
aniline vapor. This added energy is attributed to additions from the internal energy of the molecule." 


There is no real problem of identifying the source of the excess energy, once one realizes that (i) every dipole is a broken 
symmetry in the vacuum exchange with the end charges of the dipole, and thus extracts virtual energy from the vacuum, 
integrates and orders it, and outputs it as EM energy density flow. One then adds multiretroreflection and multiple passes of the 
EM energy flow, so that charges that intercept and collect energy from the reciprocating flow can multiply connect from the 


same energy flow (on a given pass, only a tiny, tiny fraction—nominally about 10-!3_of the energy flow is intercepted and 
interacted with by the collecting particle). Thus multiple collections from the same EM energy flow can be accomplished, if the 
flow is iteratively rerouted (as by retroreflection or phase conjugate reflection) back across the collecting charges again and 
again. 

In this fashion additional energy is collected in the collected volume, which increases the local collected energy density in that 
volume. In turn this increases the local potential of that volume. Jn turn that increases the energy flow from that potential acting 
as a dipole, because it increases the dipole strength and consequently the magnitude of the dipole's broken symmetry in its 
vacuum flux exchange. 


The inefficiency of the process increases nonlinearly with increasing local potential, and faster than the buildup of local energy 
density occurs from multipass multicollection. When the inefficiency curve reaches the increasing broken symmetry energy 
extraction curve, then a point of equilibrium is reached. At that equilibrium point, the rate of energy diffusing out of the 
multipass region and escaping from the periphery of the system is equal to the rate of extraction of energy from the vacuum and 
flowing it out into as Poynting S-flow into the multicollection region and collecting it. 


So we have described an open thermodynamic system, where there are two inputs of energy flow: (i) that by the operator- 
experimenter, and (ii) that from the vacuum via the dipolar broken symmetries. At equilibrium condition the total input energy 
rate is equal to the total energy escaping rate, and the conservation of energy law is rigorously upheld. However, this is an open 
thermodynamic system far from equilibrium, and so rigorously the nonlinear thermodynamics of such systems applies, rather 
than the normal equilibrium thermodynamics. As is well-known, the coefficient of performance for such open systems in 
disequilibrium, may permissibly be overunity, even greatly overunity. 


Properly utilized, the overunity anti-Stokes or Letokhov emission can be made very large—such as COP ~1200 in Patterson's 
adaptation. The process and its overunity certification already exist in the hard science literature, being known and 
experimentally demonstrated for at least three decades. 


ANTIWAVE 


The time-reversal (phase conjugation) of a reference wave. 





A phase conjugate replica wave is a time-reversed replica of its referent wave. Hence it is the antiwave of the referent wave. 


A-POTENTIAL 


Vector magnetic potential. 
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The A-potential is a real entity more primary than the magnetic field B, and not a mathematical convenience as was originally 
thought—as detailed in the second volume of Feynman's three volumes of physics. Indeed, it may be separated from the 
magnetic field, as reported by Feynman, and used for instrumentation effects in the manner patented by Gelinas. When 
separated from magnetic field, it is often referred to as the "curl-free vector potential," since the B-field is modeled as being 
created from the A-field by curling it. In other words, B is defined as the curl of the magnetic vector potential, if we use B = V 
xA. Hence "separating" magnetic field from A-potential simply is a sort of "parallel branching" of the energy density flow of 
the A-potential. It is like branching the voltage on a feeder line conductor in an electric circuit into two parallel conductors. 
The feeder potential splits into two, so that each branch has the same potential. Actually the vast energy flow in the feeder line 
only has a small component which strikes the surface charges, diverting the energy into the conductor and potentializing the 
Drude electrons. In branching into two conductors, the giant flow branches also, but is so great that the surface charges in each 
of the two branches still intercept essentially the same amount of energy, diverging it into the conductor. Hence each conductor 
exhibits the same potential as the feeder conductor 


The same thing happens when one "splits" or branches the A-potential in similar fashion. The diverted and separated B-field 
branch will exhibit "equal energy density" flow (i.e., in the form of magnetic flux density flow) and yet the original A-potential 
path through space will still have the same previous energy flow density magnitude, just without curl (without magnetic field). 


Any good toroid or very long solenoid already performs such separation, and hence energy density flow doubling. If properly 
used—as in the motionless electromagnetic generator (MEG)—this effect can be used to provide a generator with COP>1.0. At 
this writing, the present MEG exhibits COP = 16, and is a patent-pending system. 


The well-known Aharonov-Bohm effect, e.g., also uses this separation of the curl of the 
A-potential, leaving an uncurled A-potential whose changes will and do interact with electrons. 


The curl-free vector potential is particularly interesting because (1) it is a unique and independent field of nature, (2) its curl 
produces a magnetic field, (3) its time derivative produces an electric field, (4) its magnitude does not fall off inversely as the 
distance squared, but only inversely as the distance, and its time derivative dA/dt = B E. Hence, as in the MEG, one can extract 
energy both from the curl-free A-potential and the curled 

A-potential (magnetic field B), increasing the available energy collected in the circuit to greater than what the operator input to 
it. This is simply a physical process of regauging, wherein electrodynamicists already routinely assume (and apply) the fact that 
the potential energy of any EM system can be freely changed at will, by regauging. In the real world, of course, we may have to 
pay a little switching energy, but we are free to regauge (by this "splitting the potential into equal parallel paths, and by other 
methods), at will and at any time and place. The MEG just takes advantage of one major method for free regauging, in order to 
violate the Lorentz symmetry condition (violate symmetry in the system's energy exchange with its active vacuum 
environment). It thereby is legitimately permitted to exhibit COP>1.0 and output more energy than one inputs, because the 
regauging transforms it into an open dissipative system far from thermodynamic equilibrium in its active environmental energy 
exchange. 


ARISTOTELIAN LOGIC 


The conventional three laws of logic, unconsciously fitted to the physical reality created by the single photon interaction. The 
three laws are: (1) a thing is identical to itself, (2) a thing is not identical to something else, and (3) either one has a given thing 
or something that is not that thing. Mathematically these are written as (1) A A, (2) A A, and (3) A A. Aristotelian logic 
applies only to single observation at a time (monocular observation, a single observer). When multiple simultaneous 
observation (multiocular observation, multiple observers) are considered, the three laws may be violated. In that case a fourth 
law, A A is added. This law may be seen to be the exact negation of all the first three. An application rule (which may itself be 
called a fifth law) is also added, and states that either the first three laws are explicit and the fourth is implicit, or the first three 
are implicit and the fourth is explicit. Further, the fourth law is the /aw of the paradox: Something that is found to be true in 
nature, but violates one or more of Aristotle's three laws, is known as a logical paradox. In the higher logic, it simply violates 
the case where the three Aristotelian laws are explicit and the fourth law is implicit. Instead, the three Aristotelian laws are now 
implicit and the fourth law has become explicit. All boundaries exhibit this effect. 


It is highly recommended that the interested reader familiarize himself or herself with Morris Kline, Mathematics: The Loss of 
Certainty, Oxford University Press, New York, 1980. Kline deals directly with the fact that mathematics is not a body of 
unshakable truths about the physical world, and mathematical reasoning is not exact and fallible. 

ARISTOTLE 
A great Greek philosopher who lived from 384-322 B.C. 





Aristotle is famous for his three laws of logic: (1) a thing is identical to itself, (2) a thing is not identical to something else, and 
(3) either one has the thing considered or one has something else. 


Heraclitus pointed out that Aristotle's laws prohibited any change, and yet changes were ubiquitous. In short, for a thing to 
change, it had to change into something else, so Heraclitus pointed out. So how could a thing be both itself and something else 
simultaneously? How could it be not itself while being itself? The problem has not been solved by the logicians and 
philosophers to this day, because it has no solution in Aristotelian 3-law logic. So Heraclitus, believe it or not, concluded that 
all change was an illusion. 


ATHERIOSCLEROSIS 


Basically, clogging of the arteries, which may be due to deposits onto the artery walls or by thickening and growth of the artery 
walls themselves, or a combination. It is a chronic (slowly progressing) disease where the artery walls become progressively 
thickened and hardened and the artery becomes less elastic. 











It has been found that the common cytomegalovirus (one of the herpes viruses) plays a key role in the development of the 
disease. Initial deposits irritate and injure the arterial walls, and the herpes 6 virus infects the site, partially nullifying the 
control of excess grown of the arterial muscle tissue. This deposit and concomitant stimulation of some excess muscle growth 
occurs repeated, so that the muscle tissue grows abnormally over an extended period of time. For this reason, when an 
operation is performed to forcibly reduce the deposits inside the artery, the resulting injuries to the arterial wall tissues leads to 
the herpes 6 infection and stimulation of excess muscle growth. It has been found, e.g., that after angioplasty the process is 
often engendered, so that within a year or two the artery is narrowed again, but this time by abnormal growth of smooth muscle 
tissue. The Prioré team demonstrated positive and total remission of arteriosclerosis in laboratory animals by means of 
nonionizing EM irradiation to produce an amplified "antiengine", which "time reversed" or dedifferentiated the stricken cells 
and the stricken areas back to a previous state. 


ARTIFICIAL POTENTIAL 
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A scalar potential which is composed of, or partially contains, an artificially assembled bidirectional wave set. 


See E. T. Whittaker, "On the Partial Differential Equations of Mathematical Physics," Mathematische Annalen, Vol. 57, 1903, 
p. 333-355 for proof that a "scalar potential" is actually a harmonic set of hidden bidirectional EM phase conjugate longitudinal 
wavepairs. Each wavepair consists of a wave and its antiwave (true time-reversed replica wave). 


If the external observer could see the detected (effect) waves in a hidden wavepair, he would see the "wave" going in one 
direction and the antiwave passing precisely through it in the other direction. However, prior to detection, the phase conjugate 
wave exists entirely in the complex plane and hence in the time domain (in -ict). So the interpretation of Whittaker's 1903 
paper, in terms of cause and effect waves, is that the phase conjugate half set is incoming from the time domain to each and 
every point in the dipolarity or potential, and the "real 3-space half set" is being radiated in every direction in 3-space from that 
point. See my paper, "Giant Negentropy....". 


In addition to Whittaker's sum set of biwaves, Ziolkowski added the product set in the mid-1980s. E.g., see Richard W. 
Ziolkowski, "Exact solutions of the wave equation with complex source locations," Journal of Mathematical Physics, 26(4), 
April 1985, p. 861-863; Rod Donnelly and Richard Ziolkowski, "A method for constructing solutions of homogeneous partial 
differential equations: localized waves," Proceedings of the Royal Society of London A., Vol. 437, 1992, p. 673-692. 
Particularly see I.M. Besieris, A.M. Shaarawi, and R. W. Ziolkowski, "A bidirectional travelling plane wave representation of 
exact solutions of the scalar wave equation," Journal of Mathematical Physics, 30(6), 1989, p. 1254-1269. 


However, these deal only with the effects waves after detection. 


Another way of defining an artificial potential is: A potential formed by or containing a subset formed by, deliberately summing 
nonzero force field vectors to a zero vector resultant. [Note that electrodynamicists routinely discard vector systems that sum to 
a zero resultant; not realizing that in doing so, they are discarding vacuum engines and a vastly extended electrogravitational 
dynamics!] The vector zero system of infolded nonzero vectors has a deterministic, internal stress pattern that is macroscopic. 
The type of potential made by the zero summation depends upon the type of force vectors summed. For example, summing 
electric field vectors to zero produces an electrostatic scalar potential; summing magnetic field vectors to zero produces a 
magnetostatic scalar potential of vacuum. 


All potentials represents local warps or curvatures in vacuum/spacetime, and all artificial potentials contain internal, 
deterministic templates of nested internal spacetime curvatures. Curvature of spacetime interacts directly upon mass and 
physical systems embedded in it. Thus these deterministic, internested local spacetime curvatures of the artificial potential 
represent vacuum engines, or spacetime engines, and the artificial potential is said to be a dimensioned or activated potential. 
Any system exposed to and placed in such a vacuum spacetime engine, will have these hidden vacuum flux asymmetries 
interacting upon each and every part of it, down to and including the nuclei, the nucleons, and the quarks in the nucleons. 


ASYMMETRICAL REGAUGING 


Change of either the scalar potential f or the vector potential A, but not both, so that a single excess force and a single change of 
system energy occurs in the system. 








This violates the assumed Lorentz condition, and thus excess energy can enter the system, and an excess "free" force appears 
which can (if the system is adroitly designed) then translate to perform work upon the system to increase its (e.g. kinetic) 
energy, exhausting the excess regauging energy in the process and restoring symmetry. 


In conventional EM theory, Maxwell's equations in potential formulation are in terms of two potentials, f (the scalar potential) 
and A (the vector potential). When Heaviside retranslated Maxwell's quaternion set of 20 equations in 20 unknowns, he 
transformed it (in potential form) into two equations where main variables f and A are not separated. Electrodynamicists, who 
until recently considered the potentials as not even real, but just mathematical figments and conveniences, then simply 
arbitrarily changed both f and A just precisely so that the extra force appearing in the system by the change of f was countered 
by an equal and opposite extra force also appearing in the system by the change of A. This type of symmetrical (no net force) 
regauging is known as the Lorentz condition. 


Each asymmetrical (produces a nonzero excess net force) potential change (each half of the two asymmetrical regaugings that 
comprise the symmetrical regauging) also altered the overall energy of the system. However, in the symmetrical regauging that 
total energy change is "bottled up" as increased stress in the system, because no net translation force is available to be translated 
and use the energy change to produce excess "free work." 


The Lorentz condition assumes that the designer will not allow the equilibrium of the system to be broken! In that case, of 
course, ordinary equilibrium thermodynamics applies, and the system cannot produce COP>1.0. Prior to this Lorentz condition 
assumption and its absolutely arbitrary regauging, Maxwell's equations do include asymmetrical regauging and therefore open 
EM systems far from thermodynamic equilibrium; precisely those which violate the Lorentz condition (symmetric regauging) 
assumption. In short, the unregauged equations do include COP>1.0 electrodynamic circuits and systems. 


Unknowingly the electrodynamicists arbitrarily discarded the entire Maxwellian class of overunity EM engines and circuits— 
which class incorporates making a change in one potential(s) such that the Lorentz condition does not hold. 


ASYMMETRY 


Lack of symmetry, or "broken symmetry" in a general sense. 





ASYMMETRY OF THE DIPOLE 


Any dipole or dipolarity is a broken 3-symmetry in its fierce exchange of EM energy with the active vacuum. This means that it 
continuously receives and absorbs copious virtual energy from the seething vacuum flux, and that not all this absorbed energy is 
reradiated back to the vacuum in virtual form. Instead, some of it is integrated into observable form and re-radiated in all 
directions as usable, real 3-space EM energy. 














This is standard, well-known particle physics, although it appears to be totally missing from classical electrodynamics and it is 
not considered at all by electrical power system designers and analysts! 


Every electric charge is a broken symmetry in the virtual particle flux exchange between the quantum mechanical (energetic) 
vacuum and the mass of that electric charge. The dipole is two different such asymmetries. As is well-known in particle physics 
(not in classical EM theory!) each such broken symmetry must "gate" out some of the vacuum energy. In short, the charge 
asymmetry "extracts" some vacuum energy from its normal "energetic exchange" with the vacuum flux, and puts it out in some 
form we call "observable" (capable of being measured; specifically, of being intercepted by electric charges so as to produce a 
force field across the charge and translate it). 


Well, an electrical charge produces a flow of energy density which we may represent conventionally as S = ExH (when 
collected and measured on assumed unit point charges), which we—a little bit mistakenly—call "observable." [Actually, until 
the energy flow interacts with that assumed unit point charge, it is an organized flow of virtual entities] After interaction it is 
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real observable EM energy in 3-space. The spinning electron has its own magnetic moment and its own E-field. Since (in one 
form) also E =— V@, an extracted and formed S = ExH is output by the charge asymmetry. This output energy flow also 
produces the assumed $ evidenced by the charge interaction, since @ as used represents the reaction cross section of the 
potential. Note that all these entities 8, E, H, and are defined in electrodynamics only as their own interaction cross section 
with a unit point charge containing mass. 


In classical electrodynamics (formed long before the notion of charged particles, atoms, and EM energy flow!) it is just 
recognized that "charge is the source of a potential." Actually charge gates the energy flow from the vacuum flux, receiving the 
energy from the time domain by its asymmetry, transduces the energy into 3-space energy, and outputs it as real EM energy 
pouring out in 3-space in all directions. That energy-flow contains and carries the energy that will interact with charge to form 
the E-field, the H-field (spin field), and 9. 


Also, in particle physics and gauge theory it is well-known that no mass system can be in equilibrium anyway, unless the 
vacuum-to-mass interaction is incorporated! After CEM was formed, much later the atom was discovered and the electron was 
discovered. Much later then, particle physics and quantum mechanics came along. CEM theory has never been altered to 
include the necessary vacuum interaction, although it has been known for decades that CEM is totally in error in this respect. 


Here one poses a question to the sharp young graduate students: Why does every university continue to teach a seriously flawed 
classical electrodynamics which does not include the vacuum/mass interaction, when the physics department at the same 
university knows full well that it must or no EM system can be in equilibrium? Why is not such a fundamental and universal 
issue strongly raised and intensively discussed by our large, tax-exempt scientific organizations at their annual symposia? Why 
do not the National Science Foundation and the National Academy of Science demand that serious work be done at all speed, to 
correct such known scientific deficiencies in the classical EM theory? What happened to science as the search for physical 
truth, and replaced it with "status quo" models or—in some cases—even dogma? It is an inexplicable mystery to me, and one to 
which I do not know the answer. 


AUTOIMMUNE DISORDER 


A disease or disorder relating to or caused by the antibodies or T-cells that attack foreign molecules, cells, or tissues of their host 
organism. 





A flagrant autoimmune disease example is AIDS, Acquired Immunological Deficiency Syndrome. The AIDS virus successfully 
hides from the antibodies, so that they cannot perform their proper function, and it infects the T-cells and negates their function. 
However, there are other examples other than AIDS: e.g., rheumatism and osteoarthritis. 

BACK EMF 


The counter-electromotive force, usually between the end charges of the source dipole for an EM circuit. 





When the electrons in the circuit are forced against the emf—as when the charges from the ground reference of the circuit are 
forced back up through the emf of the source dipole—then work is done upon the source dipole to scatter the charges and 
destroy the dipole. Removing the dipole removes its receipt of vacuum energy via its broken 3-symmetry, transduction of that 
energy, and output of it along the circuit and in space around the circuit as the energy flow that powers the circuit (with part 
missing the circuit and being just wasted). 


Since this removes the power from the circuit, then additional energy must be input to the source to perform work on the 
internal charges and restore that source dipole again. 


There are actually two emfs in a circuit, not one. There is a 3-space emf and also an entirely unrecognized tempic emf. In 
either case, under proper circumstances there can be a back-emf or either one or both. See discussion under electromotive force, 
back. See also tempic back emf (to be added). 


BALL LIGHTNING 


Rare form of lightning where an incandescent, slow-moving globe forms. The globe often moves erratically, explodes, and may 
set fire to objects it touches. 





Ball lightning may be due to scalar electromagnetic interferometry which can produce a controlled pattern of electromagnetic 
energy at a distance, or it may be due to the formation of a special localized spacetime curvature engine. 


BARE ELECTRON 


The true electron without its partial shielding of virtual positrons that are attracted around it. 





BARRETT, TERENCE W. 


Noted modern electrodynamicist and consultant who works in SU(2)xSU(2) gauge symmetry extended electrodynamics, and 
was also one of the pioneers of ultrawideband radar. 








BECKER, ROBERT O. 


Medical doctor, medical research scientist, and Nobel Nominee, noted for his early-on efforts—particularly in the 1960s 
through the 1980s, in the effects of EM fields on biological systems, studies of evoked or partially evoked limb regeneration in 
certain species, electrical stimulation of bone fractures to stimulate healing and reveal the mechanism involved, and the cellular 
regeneration system of the body as opposed to the immune system. 














Becker particularly recognized that the cellular regenerative system was a special electrical system having unique functions. He 
even succeeded in diagramming this system as far as it is revealed by ordinary U(1) electrodynamics. Becker demonstrated 
partial limb regeneration in salamanders, etc. and in some other species, with electrical stimulation. In his EM-stimulated bone 
fracture healing, Becker showed a startling result: First the red blood cells entering the fracture area shucked their hemoglobin 
and grew a nucleus, thus "dedifferentiating" (biological term) or "time-reversing" (physics term) back to an earlier state. Then 
this modified cell redifferentiated (biological term) or "fast-forwarded in time" (physics term) into the type of cell that makes 
cartilage. Then this newly modified cell further redifferentiated into the type of cell that makes bone, and was deposited in the 
fracture site. The continuing deposits of these cells from the ongoing process evoked in red blood cells healed the fracture with 
new bone growth. Whereupon the action stopped. 


Becker also was one of the first qualified scientists who testified in court on the deleterious effects of power line radiation. He 
thereby incurred the enmity of very powerful interests, so that his research funds were pulled and eventually he was forced to 
retire at an early age. 
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He was nominated for the Nobel Prize multiple times, and his epochal work did finally focus at least some attention of the 
medical research community on the regenerative system as opposed to the immune system which heals nothing. 


Becker's profound work was of tremendous influence on me as I struggled to decipher the active mechanism in his experiments, 
the Prioré team's experiments in France, the Russian microwave radiation of U.S. Embassy personnel in Moscow, 
Kaznacheyev's experiments demonstrating transmission of cellular disease and disorder electromagnetically into target cells 
environmentally isolated except for contact by light from the sender cells having such disease or disorder, and the body's own 
regenerative system. After some 14 years struggle with the problem, I finally did break the mechanism(s) involved in all those 
things. But it was only possible because of the magnificent work by Becker and Prioré, the reported work by Kaznacheyev, and 
gradual exposure to higher symmetry electrodynamics. The work was crude at first, but eventually progressed (by 1998, e.g.) to 
include the port-hole concept, transduction of EM wave polarization types, the engine and engine template concepts, and unified 
field theory. Since then it has become clear that the proper electrodynamics to model such things is the higher symmetry O(3) 
electrodynamics pioneered by Evans, and now revealed to be an important subset of Sachs' unified field theory. 


Becker is therefore one of my heroes whose magnificent work and long perseverance against strong scientific suppression I 
greatly admire. Most of Becker's detractors were or are in fact employed in positions either directly or indirectly funded by the 
electrical power industry. I believe that, had Becker had access to O(3) electrodynamics and Sachs' theory, he would have 
personally impelled the entire medical field to a marvelous and extraordinarily advanced EM medical therapy. 


See Robert O. Becker and Andrew A. Marino, Electromagnetism and Life, State University of New York Press, Albany, 
1982; Nice summary of EM bioeffects (orthodox) ; also on http://www.ortho.lsumc.edu/Faculty/Marino/EL/ELPub.html. 





See also R. O. Becker, "The neural semiconduction control system and its interaction with applied electrical current and 
magnetic fields," Proceedings of the XI International Congress of Radiology, Vol. 105, 1966, p. 1753-1759, Excerpta Medica 
Foundation; Amsterdam; — "The direct current field: A primitive control and communication system related to growth 
processes," Proceed. XVI Internat. Congr. Zoology, Washington, D.C., Vol. 3, 1963, p. 179-183; — “The control system 
governing bone growth in response to mechanical stress,” J. Ark. Med. Soc., Vol. 62, 1966, p. 404; — "A technique for 
producing regenerative healing in humans," Frontier Perspectives, 1(2), Fall/Winter 1990, p. 1-2; — with Charles H. 
Bachman and Howard Friedman, The direct current system: A link between the environment and the organism," New York 
State Journal of Medicine, Vol. 62, April 15, 1962, p. 1169-1176; — and D. G. Murray, “A method for producing cellular 
dedifferentiation by means of very small electrical currents,” Trans. N.Y. Acad. Sci., Vol. 29, 1967, p. 606-615; — and Joseph 
A. Spadaro, "Electrical stimulation of partial limb regeneration in mammals," Bulletin of the New York Academy of 
Medicine, Second Series, 48(4), May 1972, p. 627-64; — and Carlton F. Hazlewood, Abraham R. Liboff, and Jan Walleczek, 
Electromagnetic Applications In Medicine," NIH-OAM Electromagnetics Panel Report, Jan. 15, 1993. 


See particularly Robert O. Becker, "The significance of bioelectric potentials." Bioelectrochemistry and Bioenergetics, Vol. 1, 
1974, p. 187-199. This is probably the paper by Becker that provides a really good overview of the control system. A block 
diagram of the proposed system is given by Becker on p. 191. 


Becker also has authored several popular-oriented books filled with excellent information. These include Robert O. Becker, 
M.D. and Gary Selden, The Body Electric: Electromagnetism and the Foundation of Life, William Morrow and Co., New 
York, 1985; and Robert O. Becker, Cross Currents: The Perils of Electropollution; The Promise of Electromedicine, 
Jeremy P. Tarcher, Los Angeles, 1990. 


BEDINI, JOHN 


Noted audio engineer, overunity energy researcher, and inventor of the renowned Bedini amplifiers well-known to audiophiles. 
the BASE process for holographic sound, and a process for cleaning the harshness from digital audio disks. 








Bedini has invented a variety of COP>1.0 processes, motors, generators, etc. Particularly he has developed a process whereby, 
in a battery-powered circuit, he adroitly back-pulses the battery in a recharging direction while the battery is powering the load, 
causing a pile-up of electrons on the surface of the battery plates that is a sharply increased scalar potential opposing the 
onrushing very massive lead ions in the battery in discharging mode. The result is that the potential's electron pile-up increases 
dramatically due to the ions' far greater inertia than that of the electrons. The result is a high potential (perhaps 40 volts) upon 
the surface of the battery, overpotentializing both the incoming lead ions between the plates and the electrons in the external 
circuit in powering mode. In this phase, energy flows from the vacuum onto both the ions and the external circuit electrons, 
adding significant energy to the powering of the external circuit for the same ion current inside the battery. 


As the ions slow and stop, Bedini's back-pulse trailing edge causes a very sharp cutoff, thus invoking Lenz's law and resulting in 
the surface potential on the plates increasing to well over 100 volts. This further overpotentializes the external circuit electrons 
in powering mode, dissipating much more energy in the external circuit to power the loads. As the ions finally stop and reverse, 
their relatively sluggish re-acceleration in charging mode and their overpotentialization still results in excess energy being 
delivered to the external circuit. Then as the overpotentialized ions accelerate in charging mode, the external circuit is still in 
powering mode until the drain-off of the severe electron pile-up on the surface of the battery plates. 


This is one of several modes of operation used by Bedini in his overunity battery powered circuits, which keep their batteries 
recharged while powering their loads. 


By separating the other closed current loop between external electron currents and the ion currents between the battery plates, 
and then dephasing these currents, Bedini breaks the usual dissipation symmetry enforced in a closed loop circuit where all 
charge carriers have the same m/q ratio. In Bedini's circuits, the m/q charge ratios dramatically differ between the ion current 
section between the plates and the electron currents between the outside of the plates and through the external circuit. Also, by 
providing a much greater potential between the two circuit halves, The potential extends in both directions—internally back 
over the ions, and externally in the circuit over the external Drude electrons powering the circuit loads and losses. He provides 
a true negative resistor on the surface of the plates, which extracts energy from the vacuum (via its broken 3-symmetry as a 
dipolarity) from the time domain, transduces it into real EM energy, and overpotentializes (regauges) the potential energy of 
both the internal ion currents and the external electron currents. 


The Bedini process is therefore a legitimate COP>1.0 system, and in his self-powering embodiments the system will run 
indefinitely without external energy input by the operator, use of fuel, etc. He has converted the system to an open system far 
from thermodynamic equilibrium in its violent energy exchange with the active vacuum, and thus the system is permitted to 
exhibit both COP>1.0 and self-powering as well. 


For an expanded explanation of the Bedini negative resistor process in batteries, see T. E. Bearden, "Bedini's Method for 
Forming Negative Resistors in Batteries," Journal of New Energy, 5(1), Summer 2000, p. 24-38. 


BEING 


Pure essence, existence. 
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Again, something which in actuality resists Aristotelian definition unless preliminary assumptions are made. Generally used in 
one of two senses: (1) persistence, as in "he is (he continually exists)," or (2) identity, as in "he is the man (‘he' and 'the man! are 
the same thing)." 


BIDIRECTIONAL EM WAVES 


EM waves running antiparallel to each other through a given point or region of space. 





Suppose we run a normal EM wave into a phase conjugating mirror (PCM) with a gain of 1. By ordinary phase conjugate optics, 
the mirror then emits a backwards-traveling phase conjugate replica wave (PCR wave). According to the so-called "distortion 
correction theorem," that backwards traveling wave will travel backwards (as seen by the external observer) back over the exact 
route taken by the previous wave, and it will reappear in space precisely superposed spatially with the previous waves. If we 
examine the impulse (density) fields (i.e., Edt), then the forward-time wave contains Edt while the backward time wave contains 
E(-dt), which is just —Edt. So electromagnetically—as far as producing a net translation force on a charge—the E-fields seem to 
cancel, although they are still there and their energy is still there. Instead of translation, the two produce stress. 


One thus (simple case) will have a strange kind of standing wave wherein the local energy density of the vacuum varies (e.g., 
sinusoidally) as a function of distance, but a charged particle placed in it will not be translated! Rigorously, that is a 
gravitational standing wave. Since change in local energy density is also a curvature of spacetime, that is also a standing 
sinusoidal wave of the local curvature of spacetime. This is where electromagnetics and gravitation actually meet, and where 
electromagnetics can be utilized to produce gravitational waves. (Much more complex waves can be produced; this is just the 
simplest example). 


BIDIRECTIONAL FIELD FLOWS 


E-fields (and B-fields) being propagated in a pair of opposite waves traveling "through" each other in opposite directions 





.. where the two may be "locked together" as a wave and its antiwave; 1.e., as a "Whittaker biwave pair". Note that Whittaker 
bidirectional EM wavepairs are not to be confused with the pairing of the wave and reflection wave on a transmission line. 


BIDIRECTIONAL GATING 


Gating (of energy flow, e.g.) in both directions simultaneously. 





BIDIRECTIONAL TRAVELING PLANE WAVE 


A wave and its antiwave, where each wave is moving in an opposite direction (standard assumption in phase conjugate physics). 





In short, to the external observer the waves seem to be "moving through" each other; one from left to right, and the other from 
right to left; or one radially outward and the other radially inward. All scalar potentials were shown by Stoney and Whittaker to 
be comprised of a harmonic series of such "bidirectional traveling wave pairs." However, the interpretation of the phase 
conjugate waves was after detection, so that the detected "effect" wave existed in 3-space. Prior to detection, the phase 
conjugate half-set of the Whittaker decomposition of the scalar potential is convergent from and in the time domain (complex 
plane). 


BIOELECTROMAGNETICS (BEM) 


Presently, the scientific study of interactions between living organisms and electromagnetic fields, forces, energies, currents, and 
charges. The range of interactions studied ranges from atomic and molecular, through intracellular, to the whole organism. 








Electromagnetic fields studied in BEM include those of endogenous origin (from within the organism) and exogenous origin 
(from outside the organism). Sources of exogenous fields include: the earth and sun, electrical equipment (power lines, radio 
transmitters, etc.), clinical treatment devices (e.g., TENS), and other organisms. The electromagnetic fields of greatest interest 
in BEM are generally classified as nonionizing (i.e., lacking sufficient energy to directly dislodge electrons from molecules or 
atoms.) BEM is a scientific discipline emerging on the boundaries between physics and biology. As in other sciences, progress 
in BEM is made by testing falsifiable hypotheses against valid measured data obtained in repeatable experiments. 


Our new viewpoint seeks to dramatically enlarge the scope of this definition, to include not only the presently-recognized 
external (outfolded) electromagnetics, but also the internal (infolded, inside the scalar EM potential) electromagnetics, and also 
to utilize a unified field theory where EM is GR and vice versa. 


BIOENERGETICS 


That branch of Russian (KGB) energetics which is targeted against the living body, its cells and tissues, and its EM fields and 
potentials (biofields and biopotentials). 








BIOGENESIS 


Generation of living organisms from other living organisms; also, the theory or philosophy that living organisms develop only 
from other living organisms. 





BIOLOGICAL WARFARE 


Warfare against living humans, livestock, crops, etc. using pathogenic micro-organisms _ or biocides to create diseases and death. 
or using dimensioned electromagnetic potentials, fields, and waves to kindle cellular damage, disease, and death in the same 
targeted populations. 








BIOLOGICAL WARFARE, ELECTROMAGNETIC 


The use of dimensioned electromagnetic potentials, fields, and waves to induce cellular damage, disease, and death in targeted 
living populations. 





The decades of Russian microwave radiation of personnel in the former U.S. Embassy in Moscow is an example, where only 
field-free potentials were dimensioned with the disease or health-change patterns (the engines). This science was developed in 
Russia as an outgrowth of the thousands of Kaznacheyev experiments demonstrating that any cellular disease and damage 
pattern could be induced from diseased or damaged cells into environmentally isolated cell cultures, purely by specialized EM 
radiation from the damaged or "transmitting" cells into the targeted cells. 


The Chinese also used such dimensioned radiation to induce cancer in almost all GRU operatives stationed in China at the time 
of the major disagreement between China and Russia. In his book, Stanislov Lunev and Ira Winkler, Through the Eyes of the 
Enemy: Russia's Highest Ranking Military Defector Reveals Why Russia Is More Dangerous Than Ever, Regnery, Washington, 
D.C., 1998, p. 160, Lunev reveals it this way:".../ was not the only person who was stationed in Beijing to come down with 
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cancer... Almost all of the GRU officers stationed in China with me have been diagnosed with cancer. People assigned to the 
embassy had told me that they were picking up high levels of radiation from the apartment building around the embassy 
compound. Whether it was a form of high-tech monitoring or a conscious effort to harm our health, it seems to have been 
successful. So much so that in 1992 the GRU was asked to investigate the high rate of cancer among embassy officials. The 
findings, however, have never been made public; in part, no doubt, because of the rapprochement between Russia and China." 
In short, the Chinese did exactly to the Russian GRU what the Russians were doing to the Americans. 


BIOPHOTON 


A quantum of angular momentum, each containing "a piece of energy welded to a piece of time, with no seam in the middle." 
emitted by biomolecules in living organisms. The difference between a biophoton and a normal photon is that the "infolded EM 
structuring" (ST curvature engine sets) carried by the biophoton carries the dynamics and templates of the living cell or tissue or 
body emitting the radiation. 














As presently known, biophoton emission is associated with processes such as mitosis (cell division) and with mechanisms such 
as soliton vibrations of DNA and other alpha-helix proteins [Popp et. al., 1984; Popp et. al., 1992]. An organism's biophoton 
field may represent a highly-structured innate organizing field capable of encoding or transmitting information over 
macroscopic distances. 


Kaznacheyev, e.g., showed that almost any cellular disease or damage condition can be induced from the diseased control cells 
to separated and environmentally isolated target cells initially normal, if (1) the visible spectrum of radiation is blocked from the 
targeted cells, and (2) the two groups of cells are optically connected below and above the optical spectrum, in the infrared and 
in the ultraviolet. 


The new viewpoint seeks to dramatically extend the scope of this definition. Considering the wave aspects of the photon 
frequency, the infolded oscillating EM energy in the photon may be decomposed into two oscillating potentials [Whittaker, 
1904]. In each of these potentials, there exists a magnificent infolded structure [Whittaker, 1903] of internal bidirectional EM 
wave pairs, to include the sum set [Whittaker] and the product set [Ziolkowski]. Thus the photon carries internal information, 
which is also referred to as the "information content of the field." Since the product set represents modulations, the basic 
infolded structure has signal characteristics. Mind, thought, and long term memory exist inside the personal quantum potential, 
which may further be regarded as consisting of coupling and uncoupling photon/antiphoton pairs—i.e., hidden gravitons. In the 
new viewpoint, the biophoton is the carrier of biogravitons, and also biograviton lattices. This information forms vacuum 
engines which can cumulate over a period of time to breach the quantum threshold and outfold, producing real change in cells, 
as shown by the Kaznacheyev cytopathogenic mirror effect experiments. 


BIOQUANTUM POTENTIAL 


A quantum potential connected to and of a living body, where the inner EM structuring and dynamics of the quantum potential 
are in correspondence with the inner EM structuring of the normal EM fields, potentials, and waves in the body, and also are in 
correspondence with the time-polarized EM structuring and dynamics of the mind and its operations. 











The biopotential provides the volition and intent exhibited by the biological body, breaching the quantum threshold and 
producing direct psychokinetic change (by the mind-body coupling mechanism) that is the "input signal" to the 
servomechanisms of the body,. from the smallest to the largest. In this biopotential, the Stoney-Whittaker-Ziolkowski 
decomposition provides the information structure and vacuum engines that are the mind, thought, long term memory, etc. A 
living biological system may be defined as a physical system of otherwise inert matter (the body) and of mind, coupled to each 
other through a bioquantum potential. 


BLOCKING 


In the charge-barrier semiconductor functioning, stopping or partially stopping the flow of current in a circuit, or between two 
points, without stopping the Poynting S-flow. 








In ordinary usage, "stopping the progress of." 


BOHM, DAVID 


World renowned physicist and originator of the hidden variable theory interpretation of quantum mechanics. See David J. 
Bohm, "A Suggested Interpretation of the Quantum Theory in Terms of 'Hidden' Variables, I and II." Physical Review, 85(2), 
Jan. 15, 1952, p. 166-179 (Part I); 180-193 (Part II). 


Together with his student Aharonov, he co-authored a fundamental paper on the Aharonov-Bohm effect wherein interfering 
electromagnetic potentials can produce effects on charged particle systems, even at a distance and in the absence of the 
electromagnetic force fields. 





BOHM'S HIDDEN VARIABLE THEORY (HVT) 


A major interpretation of quantum mechanics, formulated by David Bohm and published in Physical Review in 1952. 





See David J. Bohm, "A Suggested Interpretation of the Quantum Theory in Terms of 'Hidden! Variables, I and II," Physical 
Review, 85(2), Jan. 15, 1952, p. 166-179 (Part I); 180-193 (Part ID). Bohm's theory makes all the correct predictions and also 
eliminates many problems in quantum mechanics, such as the "measurement problem" and the—now alarming—problem of the 
missing chaos (i.e., the missing "hidden order."). 


Ironically, the prevailing Copenhagen interpretation of the QM theory predicts that the organized macroscopic world does not 
exist, while Bohm's theory predicts it. [Question to the sharp young graduate student: How can one defend a scientific model 
which predicts that he himself does not exist? If one keeps one's sense of humor, it would seem that this has to be the greatest 
scientific faux pas of all time!] It may be that one unconscious reason that most physicists still oppose HVT is that it implies 
that physical reality can in fact be deterministically engineered. Most physicists would seem to fervently wish physical reality to 
stay "solid as a brick," with fixed "laws of nature," which can be leisurely discovered and then utilized comfortably, predictably, 
and sanely. The advent of HVT (which is just a matter of time; for decades the Russians have highly weaponized the HVT area!) 
dramatically alters our perception of "fixed physical reality" into that of an "engineerable, changeable" physical reality! I 
tentatively believe that the terrible psychological implications of such a potential development is something that most scientists 
do not wish to cope with—we simply do not have the Gestalt for it. On the other hand, the Russian national psychology is such 
that they do have the Gestalt for it. The Russian energetics—which I have long referred to loosely as scalar electromagnetics— 
basically utilizes the infolded ordering inside the potential to create "direct patterns of vacuum flux", hence vacuum engines. 
And it also utilizes the quantum potential, including internally structuring the QP, to enable instantaneous action-at-a-distance in 
multiple simultaneous locations and nodes, with stupendous and automatic energy amplification. 
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By deterministically "patterning" the internal structuring of the scalar potential, one can directly form such vacuum engines. 
Whittaker showed in 1904 that any EM field pattern whatsoever can be expressed as two scalar potentials, rather than the 
common f and A representation. This means that any EM wave is simply the "interference" (between the hidden biwave 
structures) of two scalar potentials, even at a distance. By properly structuring an EM signal (i-e., structuring the two potentials 
into which it can be decomposed), the resulting EM signal—appearing normal on the surface—nonetheless now transports 
special vacuum engines deliberately designed to perform some particular internal task in mass systems, electronic systems, or 
humans when it strikes a target at a distance. I refer to this "internal structuring" of the Stoney/Whittaker/Ziolkowski internal 
biwaves and their products, as dimensioning of the potential(s), and hence of the EM carrier wave. The Russians call it the 
information content of the field; but our own scientists tend to erroneously interpret that phrase as ordinary spectral analysis. In 
other words, they erroneously continue to regard EM vacuum engines as if they were ordinary EM signals. 


BOHREN EXPERIMENT 


Revealing experiment by Bohren, replicated by Paul and Fischer, which shows that a given charge when in particle resonance 
absorbs more energy from a field or potential then the same charge does in "static" position. 








By conventional outlook, this provides a guaranteed COP>1.0 process. Bohren demonstrated absorbing 18 times more energy 
with the charge in particle resonance than with the static charge. This is a direct experiment proving the Heaviside dark energy 
component of EM energy flow, whether in field form or in potential form. 


See Craig F. Bohren, "How can a particle absorb more than the light incident on it"?", American Journal of Physics, 51(4), 
Apr. 1983, p. 323-327. See independent confirmation of Bohren's work by H. Paul and R. Fischer, ibid., p. 327. Other pertinent 
references are V. S. Letokhov, "Laser Maxwell's Demon," Contemporary Physics, 36(4), 1995, p. 235-243; — "Generation of 
Light by a scattering medium with negative resonance absorption," Soviet Physics JETP, 26(4), Apr. 1968, p. 835-839; — 
"Double Gamma and optical resonance," Physics Letters A, Vol. 43, 1973, p. 179-180; — "Stimulated emission of an ensemble 
of scattering particles with negative absorption," ZhETF Plasma, 5(8), Apr. 15, 1967, p. 262-265. Also see R. Pappalardo and 
A. Lempicki, "Brillouin and Rayleigh Scattering in Aprotic Laser Solutions Containing Neodymium," Journal of Applied 
Physics, Apr. 1992, p. 1699-1708 


BRIDGE 


A component or process which passes EM energy between two isolated circuits, but does not pass dq/dt between them, and 
which breaks the normal rigidly field-locked power dissipations in the two circuits. 








Space itself would appear to be one such bridge. 


BRIDGING FUNCTION 


The function of passing EM energy flow between two isolated circuits, but not passing dq/dt between them, while 
simultaneously breaking any normal rigidly field-locked power dissipations in the two circuits. 








BROKEN SYMMETRY 





The fundamental meaning is a condition in which two parts of some configuration or shape on opposite sides of some divisor or 
condition or boundary, are not similar but differ. 





In vacuum energy physics, we are very interested in the fact that any charge and any dipole represents a broken symmetry in its 
fierce energy exchange with the vacuum. This implies that something virtual has become observable; i.e., part of the virtual EM 
energy absorbed from the vacuum by the charge or by the dipole is changed into observable form and re-emitted as real, 
observable EM energy. 


Any observable implies a broken symmetry. Non-observables imply symmetry, and vice versa. Each symmetry also can be 
represented by a conservation rule or law. Physicists have uncovered many kinds of symmetry in physics; and in the 1950s they 
also discovered broken symmetry. 


BROMWICH, THOMAS JOHN I'ANSON 


Brilliant English mathematician, 1875-1929. who made significant contributions to the mathematics of electromagnetism— 
particularly to superpotential theory—before his passion for overwork led to development of a mental disorder and eventual 
suicide. 








Bromwich originated a method for solving the source-free Maxwell equations in 1899, publishing it in 1919. This approach 
formed the basis for his seminal paper on scattering of plane EM waves by spheres. He did excellent original work on infinite 
series and made contributions to quadratic and bilinear forms. He also placed Heaviside's operator calculus on a rigorous basis 
by treating the operators as contour integrals. Unfortunately Bromwich worked so intensively, in such painstaking detail, and at 
such length that his physical health was affected. He developed a mental disorder and eventually ended his own life in suicide. 


For a summary of Bromwich's life and achievements, see G. H. Hardy, "Thomas John Bromwich," J. London Math. Soc. 5 
(1930), 209-220; — "Obituary of Thomas John Bromwich," Proc. Roy. Soc. London A 129 (1930), i- x. For an exposition of 
Bromwich's equations-solving work, see J. D. Zund and J. M. Wilkes, "Bromwich's method for solving the source-free Maxwell 
equations," Tensor (NS) 55 (2) (1994), 192-196. 


BROWN, G. SPENCER 


Noted author and creator of the laws of form, a new form of logic that dramatically extends Aristotelian logic. 





Essentially Brown added complex numbers to logic, rather than just staying with simple 2-dimensional plane figures for 
postulate derivation. Electrical circuits— designed by Brown's logic—do function and do work. When computer software is 
designed by Brown's logic, it is then possible to mathematically prove whether or not the end result possesses any defects 
(bugs). In the future software—particularly the larger systems—may well be designed by Brown's logic. G. Spencer Brown, 
Laws of Form, Julian Press, New York, 1972. With a dramatic advance in logic itself, Brown has succeeded in formulating a 
true calculus of form. Note: There is now a second edition of the book. 


BULK GRADIENT CHANGE 


Simply a change in the amplitude of the entire potential, 





... (Le., to every internal biwave pair comprising it) at some point or in some region of space, as compared to changing the 
amplitude of only one or a few of the internal biwave pairs of the potential, without changing all the rest. 


BYPASS RESISTOR 
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In electrical theory, a resistor to pass current by (in parallel to) some other component. 





If other effects such as use of the overpotential, pumped phase conjugate reflection, quantum wells, quantum tunneling, and 
charge blocking are added, the function of the bypass resistor becomes extremely complicated. 


CANCER 


Conventional definition: A malignant tumor of potentially unlimited growth that expands locally by invasion and systemically 
by metastasis. 


Growths are further characterized by the type of tissue in which they occur, and their actions. Of particular interest are 
neoplasm, tumor, carcinoma, and sarcoma. Malignant disorders tend to produce deterioration, infiltrate, metastasize, and 
terminate fatally. A neoplasm is simply any new growth of tissue that serves no useful function. A tumor is an abnormal mass 
of tissue that (1) is not inflammatory, (2) arises from preexisting cells, and (3) serves no useful purpose. A carcinoma is a 
malignant tumor of epithelial (covering membraneous tissue of a free surface) origin. A sarcoma is a malignant neoplasm that 
arises in mesodermal tissue (connective tissue, bone, cartilage, or striated muscle) and that spreads by (1) extension into 
neighboring tissue or (2) by way of the bloodstream, or (3) both. 








New definition of cancer: A centrally-commanded, final, desperate, "first-step dedifferentiation" adaptive attempt by stressed, 
affected cells experiencing sustained oxygen shortage (hypoxia) to reverse their cellular evolution and return to the anaerobic 
stage of their primeval cellular ancestry. Thus a cancer cell is a severely stressed hypoxic cell that has been "ordered" by the 
master cellular control system (MCCS) to dedifferentiate back to a more primeval form in which it needed little or no oxygen. 

It is the last desperate attempt by the body to insure the affected cells' survival when all other means available to the MCCS to 
provide the necessary oxygen have been exhausted and have failed. The "order" differs from normal signal theory in that it 
consists of a Stoney/Whittaker/Ziolkowski template inside the personal quantum potential of the organism. Thus the "order" 
actually consists of a vacuum engine, so that the spacetime in which the affected cell exists is acted upon by structured, 
energetic hidden variable fingers to directly alter it. The "signal order" is in fact a set of hidden vector forces in spacetime itself, 
created directly in and on the affected cell(s), in every part, in every atom. The cure for the cancerous cell, once formed, is 
simply to cause the MCCS to generate the "counter-order" reversing the original dedifferentiating action. This can be readily 
accomplished by establishing hidden multifrequency pump waves in the quantum potential on the cancerous cell, on all its parts, 
so that they act as pumped phase conjugate mirrors. Since they already exist in the altered "cancer" spacetime template/signal, 
the pumping causes a phase conjugate replica of the precise cancer state to be created in and on the cell and its parts. [In fact 
this is a general therapeutic mechanism, and it can be applied to reverse almost any conceivable cellular damage or disorder.] 
This counter-order is a new and amplified vacuum engine that acts upon the cell to redifferentiate it back to a normal cell. If an 
abnormal number of cells results, the body's normal processes then recognize the excess cells and destroys them. 











CANCER HOTSPOT 


An area or locality or location where cancer recurs repeatedly, more than the normal deviation expected statistically. In such 
case, one is dealing with a hidden cause or carcinogen. 








Human systems exposed to such a hotspot experience cellular changes (hypoxia) which eventually result in the master cellular 
control system (MCCS) issuing a dedifferentiation order to the affected cells to regress back to a primeval anaerobic form. The 
first step is dissociation from central (MCCS) control of cellular growth, resulting in a cell that now grows and divides 
unrestrained by the normal body. The real question in the hotspot is, "What is the unknown agent inducing the hypoxia 
condition, and what is the mechanism by means of which it induces it?" Epidemology will point out a hotspot, but is usually 
incapable of resolving the primary causative agent or its active mechanism since it can only show correlation. 


CAPACITOR AS A TRANSMISSION LINE 


A capacitor can be theoretically treated as a special type of transmission line, a fact which is apparently known to transmission 
line theorists but not to many engineers and physicists not specializing in transmission lines. 








CARCINOGEN 


A substance or agent (such as a chemical or a spacetime curvature engine) capable of inducing a cancer. 





In the new theory, the primary carcinogen is an actual order (a vacuum engine) issued by the master cellular control system 
(MCCS), reverting (dedifferentiating) the affected cell to a primal anaerobic form. Usually what are normally regarded as 
carcinogens are also causes of cellular conditions wherein the cell becomes very hypoxic, so much so that the MCCS exhausts 
all other alternative corrective means and as a last desperate measure orders the cell to change to a form that requires little or no 
oxygen. The "exhausting of other measures" may be very rapid, as when the cell has been affected and damaged by powerful 
carcinogens, or it may require decades to occur, as when the cell is subjected to long-term mild hypoxia, such as from 


electromagnetic smog. 


CARRIER WAVE 


A fundamental wave which is modulated by another wave or other waves, and hence "carries" the other waveform(s). B 
stripping off the carrier in a demodulator, the carried waveform(s) emerges. 





Hence it is a continuous frequency wave which can be modulated by an information-bearing signal. 


CASIMIR EFFECT 


The attraction of two conducting parallel plates in space, placed very close together, due to their influence on the active vacuum 
and on the vacuum's interaction with the plates. 








CASIMIR, HENDRIK BRUGT GERHARD (1909-2000) 


Noted scientist who in 1948 predicted that two parallel conducting plates, placed very near each other in a vacuum, would 
experience an attractive force due to their influence on the electromagnetic vacuum. 








See_H. B. G. Casimir, “On the attraction between two perfectly conducting plates,” presented at a meeting of the Royal 
Netherlands Academy of Arts and Sciences on 29 May, 1948. Published in the same year in Proceeding. Koninklijke 
Nederlandse Akademie van Wetenschappen, Amsterdam, vol. 51(7), 1948, p. 793-796. For a beautiful modern experiment 


confirming the force, see S.K. Lamoreaux, “Demonstration of the Casimir Force in the 0.6 to 6m range,” Physical Review 
Letters, 78(1), Jan. 6, 1997, p. 5-8. 


The force was experimentally detected some 10 years later. 
CAUSAL SYSTEM ROBOTS (CSRs) 
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Massless 4-space "engine" systems (therefore in the causal domain only, hence the name) formed of longitudinal EM waves and 
their dynamics, which are therefore sets of spacetime curvatures and their deterministic dynamics (engines) which function as 
individual robots. 








This is a totally new kind of system leading to a totally new kind of warfare, developed over some decades and deployed by the 
KGB in 1999. 


Matter is composed mostly of empty space filled with EM waves, fields, and potentials. Those "fillers" themselves are just 
bundles of longitudinal EM waves and their impressed dynamics. Hence all matter, the vacuum, and all conventional EM 
potentials, fields, and waves—being filled with vast sets of longitudinal EM waves—are vast superhighways for longitudinal 
EM waves to travel on or in. The CSRs, being totally LW and LW dynamics in nature, thus are free to travel right through EM 
radiations from power lines, phone lines, TV stations, radio stations, etc. They easily penetrate any matter, including right 
through a mountain. Any function of a normal EM system can be performed—at least in theory—by such robots. This includes 
longitudinal EM wave interferometry, which forms external EM fields and waves, of whatever pattern or form desired. Further, 
these CSRs are actual functioning systems, and if communications functions are designed in, one can communicate with them at 
a distance, using longitudinal EM wave communication, right through the intervening earth and ocean, etc. 


For some time, extensive underground facilities—hundreds—have been building in the former Soviet Union, and this massive 
buildup continued unabated after the Russian economy collapsed and the Berlin Wall came down. This tremendous 
expenditure, when the Russian economy was crippled, shows the strategic significance of these facilities. Further, apparently 
our satellites have not seen any missiles, normal weapons or munitions, etc. associated with that vast complex. In short, it is 
suspected that we don't have the foggiest notion of what it is. Indeed, those facilities will already have sent some CSRs into 
those very satellites, to insure that we do not find out what is going on, and perhaps to "spy on the spy satellites". 


We think these terribly important facilities are the KGB-controlled facilities for developing and producing the CSRs, and 
contain a vast longitudinal EM wave command and control set of facilities as well. In short, this is the strategic arsenal, 
development, and control for building sets of various type CSRs in huge numbers—a vast new army of robots with 
unprecedented capabilities, under the command and control of a human "strategic force" operations command of very large size. 


Developing and debugging one CSR would be a formidable and lengthy task. Once a single one is developed, making a million 
copies is simple. Just take a normal CD-ROM, e.g., and record something on it. Send in a working CSR robot to "reside inside" 
the infolded EM interior of the recorded informational electromagnetic pattern on the CD-ROM. Then simply copy that CE- 
ROM magnetically, as many times as is desired. Each copy contains a copy of the original signal that was recorded, including 
the exact infolded electromagnetic structuring inside that signal. Voila! One has as many new duplicate CSRs of that exact 
type, as one wishes, for a few pennies each. 


One can see the implications. In all those underground facilities, there are many development laboratories, production 
laboratories, and command and control facilities and "storage facilities" for the robots. Those hundreds of facilities are in fact a 
great new strategic weapon system and all its development labs and production facilities, as well as its tactical control and 
command and control systems, its "troops", its "equipment", and its commanders and operators. 


Well, then one can deploy and "utilize" such a strategic armada just as one would use any other great strategic army. One 
"deploys" one's forces against the enemy. In this case, one just sends the armada (individually controlled!) right through the 
"LW superhighways" of matter itself, right into the strategic territory and very heart of the targeted nation. One deploys the 
robots everywhere—e.g., inside the electronics in nuclear warheads, inside the control systems for the nuclear submarines and 
nuclear bombers, inside the satellites, inside the fighter aircraft electronics, inside the fighting ships, inside the main battle tanks 
and major weapons carriers, inside the signals on the hard drives of computers, etc. One sends them right through the "inside" 
of the targeted nation's power grid electrical energy signals, through the TV stations' emitted signals, etc. The Pentagon and 
Cheyenne Mountain are duck soup, as is the stock exchange and other civilian systems vital to continued functioning of the 
infrastructure. So is everywhere else, even the deepest vault and "special security" facility. 


In short, the vast electronic command and control activities of an otherwise "modern" superpower provide great, convenient, 
easy superhighways for full strategic deployment to be completed by millions of weapons systems (CSRs) into everything of 
value in the targeted nation or nations. This completely solves the usual weapons delivery problem; delivery is made in advance 
of D-Day. 


Such a vast CSR armada was deployed throughout the Western world, and particularly in the United States, just before the end 
of 1999. Yes, this was to be the KGB's great millennium gift to America—a really enormous Y2K problem that would stun and 
disable the entire nation, its armed forces, its electronic systems in its major weapons, and its command and control centers in 
one great TOT (time on target) assault. The major electrical power systems of the nation would have been disabled, as would 
have been the major communications systems. Using LW interferometry, the robots would have wreaked havoc on the nation. 
They would have disabled the electronics of every major C4I computer of importance, every major fighter aircraft, every major 
fighting ship, every nuclear submarine, every ICBM, every nuclear powerplant, etc. The attacking force was in its deployment 
and employment sites in the targets themselves. Everything was in place and cocked and ready to fire. To test whether we 
knew what was going on, the KGB even had one or more robots temporarily produce hacker-type operations and signals 
"emerging" in some U.S. command and control center computers, and deliberately let our fellows discover this "hacker attack" 
was coming from the Russian Academy of Science. Then the CSR simply stopped its LW interferometry, which caused the 
"normal hacker electronic" signals to just vanish and never reappear. Little wonder that our counter-type fellows were totally 
unable to find any trace of it, or where it was residing. They have no technology for such. 


Well, happily those early-model CSRs are easy to root out and destroy, if one has quite advanced LW technology. Visualize 
these beasts as existing in a special sort of "internal sky" or "infolded atmosphere" inside matter. Strategic range LW "radars" 
can just sweep through this "internal atmosphere" inside matter, etc., detecting and tracking those CSR beasts analogous to how 
normal radar detects and tracks aircraft. The difference is that the strategic LW can also use a bit of LWI pulse to instantly snap 
those CSRs like popping bugs, completely jamming their operations or even "erasing" them once their characteristics are 
observed. 


That very new kind of vast strategic warfare occurred right at the end of 1999, all through the United States—the Pentagon, our 
strategic weapon systems, the works. The friendly little nation rooted out and destroyed all those "on site" CSRs just prior to 
the attack being launched. 


A full-up strategic war, of previously unknown kind, was fought all over the U.S. and our own system guys apparently didn't 
know it. It didn't even surface. Didn't make a whimper. 


That hostile CSR armada consisted of first generation systems. These systems did not have defensive countermeasures. The 
systems were depending on total surprise, but were found out (that is another story that would make a great movie if one could 
live to film it) and then were destroyed in short order. 


CSR development has ushered in a totally new kind of strategic, operational, and tactical warfare. The delivery of all the 
weapon systems "into the target" is accomplished long before the advent of hostilities. The second generation CSRs, once built, 
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will be even more sophisticated. These will almost certainly be on line soon. They will likely also possess countermeasures. 


An eerie new chapter in the annals of warfare has been initiated, and the world will never be the same again. Once the CSRs 
have sufficient defensive countermeasures such as stealth means and coordination with countering, rapid response LWIs to 
target and destroy the hostile "LW radars" seeking them, etc., the next world-wide strategic CSR war will be neither so simple 
nor so bloodless. 


NOTE: Contrast this CSR discussion to the discussion of nanotechnology and nanobots. Just as nanobots are natural 
developments which teams skilled in nanotechnology would produce, so CSRs are natural developments which teams skilled in 
longitudinal EM wave technology—and in the "infolded" electrodynamics inside all EM fields, potentials, and waves—would 
produce. For decades (since the 1950s) the KGB has been developing and using longitudinal EM wave interferometers (LWIs) 
which beam right through the "inner highways" inside the fields and waves inside matter, thus allowing very large LWIs which 
beam right through the intervening earth and ocean, and can "focus" under the ocean or within the earth as well as out of it. 
With such background, the CSRs were just as natural a development for them as the nanobots are for conventional Western 
nanotechnology scientists. 


CAUSALITY 


The relationship between "cause" and "effect". The basic notion in a causal system is that the system's response to an input 
signal is not dependent upon future input values. 








Thus the notion of causality involves a precise time ordering of ordinary inert interactions, where the cause was never input 
from a future time. Macroscopic (observable) causality may be and is violated by the interaction of hidden subquantal (virtual 
state) variables. 


CEREBRAL HEMISPHERE 


Each half of the cerebrum, i.e., each half of the enlarged anterior or upper part of the vertebrate brain. 





The two cerebral hemispheres may function as a longitudinal EM wave interferometer or a time-polarized (scalar) EM 
interferometer to sense distant scenes (even distant in time), or produce EM energy and signals at a distance, since the body, 
brain, and nervous system does produce longitudinal EM waves and scalar EM waves. For proof of scalar EM wave 
interferometry in O(3) electrodynamics, see M.W. Evans, P.K. Anastasovski, T.E. Bearden et al., "On Whittaker's 
Representation of the Electromagnetic Entity in Vacuo, Part V: The Production of Transverse Fields and Energy by Scalar 
Interferometry," Journal of New Energy, 4(3), Special Issue, Winter 1999, p. 76-78. 


CHANGING THE PAST 


Every intentional inception upon ordinary inert causality prior to collapse of the wave function represents a slight alteration or 
change in direction, departing minutely from pure causality. From a causal viewpoint, each human inception minutely changes 
the causal past, as well as the future. 











Experimental proof that the causal past can be changed is provided by the delayed choice two-slit experiment. E.g., see C.W. 
Rietdijk, "Another proof that the future can influence the present." Foundations of Physics, 11(9/10), 1981, p. 783-790. 
Particularly see Wheeler, John Archibald Wheeler, "The 'past' and the 'delayed-choice' double-slit experiment," in A.R. Marlow 
[Ed], Mathematical Foundations of Quantum Theory, Loyola University, New Orleans, Louisiana, June 2-4, 1977; 
Academic Press, New York, 1978, p. 9-48. 


CHAOS 


In dissipative dynamical systems, the dynamical evolution that is aperiodic and highly dependent upon initial conditions of the 
system. 





The trajectories of the system move on a strange attractor, which is a fractal subspace of the phase space. 


The term suggests the ordinary meaning of random and unpredictable disorder, but there exists intrinsic determinism and at least 
partial embedded ordering. The mathematical equations describing chaotic behavior are very nonlinear and so complex that at 
the present time they cannot be computed or predicted. Even simple systems, including simple electromagnetic systems, can 
exhibit unpredictable chaotic behavior. The science of chaotic dynamics is still in its infancy, having begun moving once the 
modern computers became economical and pervasive. 


CHARGE, ELECTRICAL (Q) 
Electrical charge q is defined as q = Mgbq to first order. 





As can be seen, the actual "charge" action associated with the mass is due totally to $g, and to the broken symmetry of g in the 
vacuum flux exchange with mg. The charge q can be further broken down into a set of composite dipoles if the gathering of a 
virtual charge screen in the vacuum, surrounding the mass of the "bare charge" inside the gathering, is included. At first order, 
bg can be expressed (particle view) as a change in the local vacuum virtual photon flux (VPF), due to the VPF exchange 
between vacuum and Mg. The bg component is actually the "electrical charge" and massless of itself. 


However, see my paper, "Giant Negentropy of the Common Dipole," Journal of New Energy, 5(1) Summer 2000, p. 11-23. 
We include the isolated charge by treating it as a system of multiple composite dipoles. We also explain the previously 
unrecognized 4-symmetry EM energy flow ongoing, where incoming longitudinal EM waves are being received, transduced 
into real longitudinal EM waves in 3-space, with the latter being emitted in all directions in 3-space. 


A charged particle of mass is thus a little energy flow generator. It is a broken 3-symmetry in the local VPF, and therefore has an 
"observable" energy flow output, extracted and gated from the asymmetry in the VPF. This "observable" energy flow outputs 
the well-known energy flow S in classical EM, though CEM does not recognize or include this vacuum interaction, the broken 
3-symmetry of the dipole, and the steady input of EM energy to the dipole in the form of EM energy from the time domain 
(complex plane). 


Instead, classical EM just assumes that the "charge" q is the source of a potential. When originally formed as a concept, q was 
just a "quantity of electric fluid," like a "cubic centimeter of fluid," etc. The atom and the electron had not yet been discovered. 


CHARGE CARRIERS 


Anything—usually fundamental particles, ions, etc.—which consists of or contains charges and can move. 





It can be an electron, a collection of electrons fixed in a moving dielectric, ions, atoms, molecules, etc. 
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The moving charge (i.e., the current dq/dt) with an energy flow streaming onto it and on beyond, carries its interaction with that 
energy-flow right along with it in the current 
i= dq/dt. This is what the charge's "excess collected energy" consists of, and this is how the collected/collecting energy in the 
circuit is transported to the collected-energy dissipation sites (loads and losses). 

CHARGE, GRAVITATIONAL 


To be added 


CHARGE, MAGNETIC 


Essentially, the magnetic scalar potential, or monopole. 





In an uncurved spacetime, the magnetic charge must always occur in dipolar pairs, where each is equal and opposite the other. 
In a curved spacetime, a free net monopolar magnetic charge may and does exist. In classical electrodynamics, the assumption 
of a locally flat spacetime is ubiquitous though not prominently emphasized. Hence most electrical engineers are unaware that 
monopoles can indeed be made, but only if one uses a process to curve local spacetime. 


CHARGE-PARITY-TIME (CPT) THEOREM 
The theorem states that all known quantum field theories obey CPT symmetry. 





C is charge conjugation, which changes the quantum number of every particle into its antiparticle. P is the reflection operation 
known as parity which turn an object into its mirror image and rotates it 180 degrees about an axis perpendicular to the mirror, 
T is time reversal. Any violation of time-reversal symmetry is always accompanied by a violation of CP symmetry and vice 
versa. 

Electrodynamics and the strong interaction preserve CP symmetry to great accuracy. Weak interactions do not conserve CP 
symmetry. T symmetry violation has been shown at CERN, the European particle physics laboratory in Geneva, Switzerland. 


CHARGE TRAPPING (Also "Pinning") 


Holding charges "pinned" or "trapped" by a barrier or force, so that they do not flow as 
i= dq/dt. 





CHARGE-BARRIER 


A process or component or function—particularly in a semiconductor such as the Fogal semiconductor—which blocks the 
movement of charges q as current dq/dt. 








CHARGE-BLOCKING ASYMMETRIC QUANTUM WELLS 


A quantum well which has more charge-blocking action in one direction than the other, and is thus "asymmetric" in its function. 





It may also be dynamic, so that it changes in its degree (and/or its direction) of action as a function of time. 


CLASSICAL AND QUANTAL ELECTRODYNAMICS 
Classical EM (CEM) theory is simply classical electrodynamics (CED). 


Classical EM does not break the fields into "quanta" (a quantum is a standard-sized piece of action (angular momentum)]. 
Instead, CEM considers the fields as continuously varying in magnitude from zero to infinite magnitude (at least in theory). 





Quantal Electrodynamics is known as quantum electrodynamics (QED). These are standard terms for standard disciplines. QED 


considers the fields to be composed of quanta called "photons". Hence there is an underlying region called the "virtual state" 
whose denizens are "smaller in magnitude" than the quantum. Heisenberg uncertainty applies, since the quantum of action is 
not quantized energy, but quantized (energy x time). In short, it is a function of both the magnitude of the energy and its 
duration of persistence. Hence a field or photon of any amount of energy may form temporarily, so long as it does not endure 
sufficiently long in observer time to reach quantum size and breach the quantum threshold. 


In this view, then, "empty space" is not empty at all, but is a seething cauldron of these "energetic bubbles" continually 
appearing and disappearing, with the entire spectrum of frequencies and energies. This is in fact the "new ether". If we 
consider only the field portion of the bubbling virtual photons appearing and disappearing, this leads to a vacuum that consists 
of EM field fluctuations, again of essentially the entire frequency spectrum and energy spectrum. 


However, how we attempt to tie either of these "energetic vacuum" EM views to general relativity (GR) is then a problem. The 
cause of the problem, however, is largely ignored in physics. In CED, e.g., one models EM energy moving through a flat space. 
This is a non sequitur, since the presence of any change of the energy density of space a priori is a curvature of spacetime. 
Hence rigorously EM energy can only propagate through a curved spacetime. Indeed, when this correction is made, the EM 
wave becomes an oscillating curvature of spacetime. This is the approach worked out by Mendel Sachs, extending Einstein's 
work. The higher symmetry O(3) electrodynamics spearheaded by Evans turns out to be an important subset of Sach's umbrella 
unified field theory. Hence EM has become GR, and for the first time in history, O(3) electrodynamics provides the approach 
that will allow direct engineering of general relativity on the lab bench, in working devices, etc. 


CLASSICAL ELECTROMAGNETICS (CEM) 


"Ordinary" electromagnetics, of the kind used in ordinary EM circuits, which fundamentally consists of the modified Maxwell's 
equations. 

Classical EM consists of Maxwell's equations and the various changes and additions that have since been made. CEM does not 
break the fields into "quanta" (a quantum is a standard-sized piece of action (angular momentum)]. Instead, CEM considers the 
fields as continuously varying in magnitude from zero to infinite magnitude (at least in theory). 





Primarily refers to Maxwellian electrodynamics as reinterpreted by Heaviside, Gibbs, Hertz, and a few others. Unfortunately 
these reinterpretations of Maxwell's theory also greatly reduced its topology, and therefore reduced the area of natural 
electrodynamic phenomena that the resulting equations describe. 


Significantly more advanced "classical" electrodynamics emerges when one goes back to the quaternion algebra 
electrodynamics of Maxwell, or to the more advanced Clifford algebra electrodynamics. The higher symmetry electrodynamics 
models such as O(3) symmetry EM developed by Evans and others, are capable of modeling a great deal more physical 
phenomena than the very limited standard U(1) electrodynamics largely in vogue in science. 


CLASSICAL EM THEORY 
Classical electrodynamics theory, begun by Maxwell, with his seminal paper orally presented in 1864 and published in 1865. 
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Essentially Maxwell's electrodynamics at root basis, with the background supporting classical theory. Today many variations 
have been made, particularly with the basic symmetry of the theoretical equations. See discussion above under classical 
electromagnetics. 

CLIFFORD ALGEBRA 


A special higher topology algebra founded by Clifford, which includes as subsets many other algebras of lower topology. 





CLOSED SYSTEM 


A system that does not communicate with its environment, and does not exchange energy or matter between system and 
environment. 





An ideal model where dynamically and energetically the system is considered to be "isolated" as if nothing else existed. In 
short, consider the system as if it were in some "magic box" and nothing outside the box can ever enter the box or affect the 
system inside the box, and nothing in the system can ever leave the box or affect anything outside the box. 


One performs a non sequitur whenever proclaiming treatment of a system as a "closed system", and of course good scientists are 
aware of this. This is particularly true in electrical power systems. Here one is indeed allowed to input energy into the system to 
excite or potentialize it. That of course assumes that the system was "opened" long enough to take on excess energy! Then as 
the system operates, losses and dissipations occur, in which case energy is considered to "escape" from the system permanently. 
In other words, the system was also continually "opened" so that energy could escape. 


There is really no such thing as a truely closed system in the universe, since every system is embedded in the active vacuum and 
is an open system in an energy exchange with the vacuum. If that exchange is symmetrical, then the system is in equilibrium 
with respect to the vacuum exchange. In that case, the system may be treated as if it were a closed system for a limited number 
of purposes. In classical electrodynamics (CED), the Lorentz regauging of the Maxwell-Heaviside equations further reduced 
them to describe only Maxwellian systems in such equilibrium with the active environment. Consequently, the interaction 
between the external vacuum and the system is not included in the CED model. Obviously a broken equilibrium in that actual 
physical interaction is also not included in the CED model. 


An electrical power system is already permitted to violate the Lorentz condition when it 
(1) receives additional EM energy to "energize" or "potentialize" or "excite" or "regauge" it, and (2) whenever energy escapes 
Woot mon 


from the system in the loads and losses (which escapes of energy are "de-energizing", "depotentializing", "dissipating", or 
"regauging" actions. 

Hence the Lorentz condition greatly simplifies the Maxwell-Heaviside equations and makes them much easier to solve. 
However, when enforced by the system itself with regard to the system's excitation and de-excitation (dissipation) functions— 
i.e., when those functions are "symmetrical" (equal and opposite)—it also arbitrarily discards all those Maxwellian systems 
capable of the five "magical" functions of an open disequilibrium system: (1) self-ordering, (2) self-oscillation or self-rotation, 
(3) output of more energy than the operator inputs (the excess energy is input by the active environment, (4) powering itself and 
its load (all the energy is input by the active environment, and (5) exhibiting negentropy. 


It follows, however, that physical electrical power systems must therefore have some feature which self-imposes the Lorentz 
condition, at least during the phase when the system's excitation energy is discharged in the loads and losses. The standard 
closed current loop system, where every electron progressing through the external circuit's loads and losses must be forcibly 
rammed back up through the source dipole in the power source, is indeed what enforces the Lorentz condition with respect to 
excitation and dissipation, and arbitrarily prevents the system from achieving COP>1.0. 


In a battery-powered system, the otherwise closed current loop is broken into two quite different circuits: (1) the electron current 
circuit between the outer surface of the plates and the external loads and losses, and (2) the ion current in the electrolyte 
between the inner surface of the plates. Since the ions (e.g., in a lead-acid battery) in the "inner" ion current may have a m/q 
ratio very much greater than that of the electrons in the "outer" electron current, clever timing of pulsed signals to the plates may 
be used to form a phase difference—including even a phase angle of 180°—between the two currents. It can be shown that this 
forms a high potential on the plates which acts as a negative resistor, extracting EM energy from the vacuum and recharging the 
battery while simultaneously powering the external circuit. This is the Bedini process, and with Bedini's permission an 
explanation of that process has been published by Bearden ["Bedini's Method For Forming Negative Resistors In Batteries," 
Journal of New Energy, 5(1), Summer 2000, p. 24-38.] Note that Bedini's process in fact repeatedly removes the Lorentz 
regauging condition, and therefore the system is rigorously permitted to achieve not only COP>1.0 but also self-powering of 
itself and its loads and losses. 


COLD EXPLOSION 


The sudden extraction of EM heat energy from a distant intersection zone (IZ) of the crossing beams of a scalar potential 
interferometer, which transmits in the sharply pulsed mode, while the electrical grounding of the transmitters are negatively 
biased with respect to the potential in the distant IZ. 











COLD FUSION 


An ad hoc term applied to the transmutations at low energy achieved in electrolyte experiments, particularly when using 
specially prepared palladium electrodes, and particularly when deuterium is present in the electrolyte. 








COMPOSITE DIPOLE 


Dipole formed as one part of an isolated, observable "charged particle", consisting of a differential element of that observable 
charge on one end and a momentary clustering virtual charge of opposite sign. 


In quantum electrodynamics, it is well-known that virtual charges of opposite signs cluster in the immediate vacuum around any 
"isolated" observable charge. By applying the composite dipole concept, this author was able to treat the isolated charge as a set 
of composite dipoles. By then applying Whittaker's decomposition of the scalar potential between the ends of each of these 
composite dipoles, the "source charge" was a set of broken 3-symmetries in the vacuum flux, and thus a set of 4-symmetries in 
that flux exchange. This meant that the EM energy continuously output in all directions by the source charge was actually 
continuously received by the source charge (as a set of composite dipoles) from the time-domain, and 4-conservation of EM 
energy flow rigorously was upheld. 


This allowed a solution to what has been called the most formidable problem in both classical and quantum electrodynamics: 
the problem of the association of the source charge and its associated fields and potentials along with the energy contained by 
them and continuously pouring from the charge without any 3-space energy input. 
CONCOMITANT 
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Occurring or existing together. 





CONGLOMERATE HIERARCHY OF THE PHOTONS 


Every photon remains perfectly ordered! A conglomerate (group) of photons, however, may be arranged in almost an infinite 
variety of orderings, groupings, directions, etc.—which we refer to as templates and as hierarchies (group orderings) of photons. 








In a pure energy flow (energy transport), the "herd" of photons is organized along the flow direction. Regardless of how one 
scatters or "disorders" this patterning of the "herd" or "hierarchical ordering" of photons, not one single bit of the underlying 
energy and individual photon ordering is lost. So when one "uses" energy (e.g., scatters the hierarchical ordering of a photon 
herd from a resistor as heat), one does not lose any energy at all, but simply has "scrambled" the hierarchical ordering of the 
photons into a new herd configuration (which may be varying every which way!). The point here is the real meaning of the 
fundamental conservation of energy law: Energy can neither be created nor destroyed! 


When we "use" one joule of energy to perform one joule of work (say, in a single-pass, scattering), we still have exactly that one 
joule of energy left, but just in different form (different direction, type, collection or not collected, etc.) It can still do another 
single pass joule of work, then another, then another, and so on. If we plan things right, we can use a single joule of work to 
perform many joules of work, contrary to what we were so strongly taught in the "single-pass, single collection, single 
dissipation" examples given to us in university as the "law" of God and electrodynamics. 


Note that the conventional work-energy theorem assumes single pass, single collection, and single dissipation of a joule of 
energy to perform a single joule of work. The point is, that is not a limitation of nature, but a limitation of a single process! 
Nature regularly uses a joule of energy to do multiple joules of work, because after one dissipates or scatters the energy the first 
time, it's still there and later will be intercepted to do some more work. 


Anti-Stokes emission, the Patterson Power Cell, Lawandy's lasing without population inversion, and some gas-filled tubes with 
anti-Stokes emission are examples of known, validated overunity processes (processes with coefficient of performance greater 
than unity). These all use multipass, multicollection, multi-dissipation in iterated manner, to increase dipole asymmetry and 
therefore produce excess extraction of energy from the vacuum. Patterson's unit, e.g., has been independently measured by 
universities at efficiencies of some 1200 or so. This absolutely does not violate the laws of physics nor the nonequilibrium 
thermodynamics of open systems far from thermodynamic equilibrium. 


CONSCIOUS MIND 


The serial processing mind which we normally associate erroneously as ourself. Other to be added. 





Mind is time-like, not space-like. 


CONSCIOUS MIND (PSYCHOENERGETICS VIEW) 


The serial-processing mind which one normally associates erroneously as oneself. 





Mind is time-like, not space-like. Hence it is not directly observable, a priori, since all observation is 3-spatial. However, if we 
consider that changes in 3-space produce spacetime curvatures and thereby also produce slight changes in the time domain, then 
iterative coherent spatial changes eventually will produce a change in the time-domain. Consequently, the time-like mind will 
have a continuing stream of such small but processable time-energy changes from coherent 3-spatial phenomena in its body and 
the macroscopic (coherent) universe. To sense the 3-space body as "self" while simultaneously sensing other 3-space physical 
changes as "non-self", the conscious mind must compare the various received time-like projection signals against its "time-like 
orders" issued. That set of received time-signals that matches or closely matches the conscious mind's issued order signals, thus 
yields the sense of the body behavioral changes as (1) self, and (2) body responses to its orders. The time delay between 
issuance of the mind's orders and the receipt of the correlated time-like responses from its body, provides the sense of self- 
persistence or independent being. 


The mind couples to the body via a similar spacetime curvature mechanism. When the mind issues "orders", they are in the 
time-like realm but are changes, hence small spacetime curvatures. They therefore involve very small 3-spatial changes 
(projections) into the 3-space body. Since the mind orders are coherent, this small iterative set of 3-space changes will integrate 
coherently, yielding real quantum changes in the body and nervous system (e.g., the brain). 


This coupling mechanism is profound. The steady stream of integrated time-like projections arising in the mind due to the 
physical world outside one's body, does not compare or match the mind's memory of its orders. Hence that allows the sensing 
of the "external world" as "nonself". The sense of that external world as "existing" or "being" is provided by the time delay in 
the comparison process, from "mind signals issued" to "physical signals received". The metric yardstick standard for this 
comparison time, so to speak, is provided by the time in the identified "self-loop" with the physical body. In other words, the 
mind uses that length of time to differentiate those time signals which coherently integrate but do not match its issued order 
signals, from those time-signals which coherently integrate in the same time loop interval and do match its issued ordered 
signals. 


In this manner, we resolve all the great previously unresolved philosophical questions of the nature of consciousness, nation of 
being, nature of self, nature of nonself, perception of the physical world, perception of body as self, perception of other bodies 
as non-self, etc. At least we resolve these issues from a testable physics approach, so that we can see that now a unified physics 
(and a technology) of mind and matter is at last in view. Since O(3) electrodynamics has been shown to be an important subset 
of Sachs' unified field theory, then O(3) electrodynamics—or SU(2)xSU(2), which is homomorphic with O(3)—can be used to 
develop the direct engineering of mind, the mind-matter interaction, and mind functions of the living biological system. 


It is my considered opinion (with much evidence) that the Russian branch of energetics, known as psvchoenergetics, uses a 
unified field theory and a higher symmetry electrodynamics to achieve that type of direct engineering already, but for weapons 
use rather than beneficial use for humanity. 


As examples, we strongly suggest that the deaths of U.S. Captains Button, Svoboda, and Hess all involved KGB testing of long- 
range strategic psychoenergetics weapons over the United States, on those targeted personnel. This should not be surprising at 
all; the KGB has tested longitudinal EM wave interferometer weapons over the U.S. since 1967, and continues to do so today. 
They tested bioenergetics EM weapons against U.S. Embassy personnel in Moscow for several decades. Kills of U.S. aircraft 
and missiles have been performed at various times, including kill of the Arrow DC-8 at Gander, Newfoundland in Dec. 1985, 
kill of a Titan ICBM fired from Vandenberg AFB in the spring of 1986, kill of the U.S. space shuttle Challenger in the spring of 
1986, continuing weather engineering over the U.S. and elsewhere, etc. 


That novel electromagnetic weapons have indeed been developed and are being tested world-wide, was confirmed by Defense 
Secretary Cohen in 1997 as follows: 
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"Others [terrorists] are engaging even in an eco-type of terrorism whereby they can alter the climate, set off earthquakes, 
volcanoes remotely through the use of electromagnetic waves... So there are plenty of ingenious minds out there that are at work 
finding ways in which they can wreak terror upon other nations...It's real, and that's the reason why we have to intensify our 
[counterterrorism] efforts." [Secretary of Defense William Cohen at an April 1997 counterterrorism conference sponsored by 
former Senator Sam Nunn. Quoted from DoD News Briefing, Secretary of Defense William S. Cohen, Q&A at the Conference 
on Terrorism, Weapons of Mass Destruction, and U.S. Strategy, University of Georgia, Athens, Apr. 28, 1997.]. 


We specifically call attention to the fact that the Secretary did not speak the words enclosed in square brackets. This is not 
limited just to terrorists or counterterrorism. 


There appears to be no insurmountable difficulties in developing psychoenergetic technology using the approach outlined 
above. Certainly it is not as formidable a task as has been hot fusion. 


The incident involving Captain Button, e.g., was to demonstrate control of an individual performing complex technical tasks for 
a period of at least one hour. The test against Captain Svoboda was to demonstrate how simply human kill can be achieved in 
combat troops, merely by introducing selected changes in the mental functioning of the targeted individuals. As Svoboda was 
climbing her A-10 out of a successful low-level ordnance drop at night on a ground target, her sense of up and down was 
instantly reversed. Instantly perceiving she was diving instead of climbing—although actually climbing out perfectly—she 
"corrected" immediately and dove headlong into the ground, perishing in the resulting explosion of her aircraft. 


In the case of Capt. Hess, the test demonstrated that rather complete mental control can be almost instantly asserted, and even 
the responses of the autonomic nervous system can be overridden. So Captain Hess, out for a morning jog, simply went aside, 
sat down, and stabbed himself repeatedly, including multiple times right through the heart. Had one seen the incident, he would 
have simply continued stabbing himself very calmly, without emotion or reflex action from his autonomic nervous system, until 
physical failure of his body. 


As can be seen, it is of the utmost importance that this nation understand psychoenergetics weapons of such nature, and develop 
effective defenses against them. The next great strategic battlefield may be as much a "Virtual reality" battle as it is a "real 
physical world" combat. The war can be quickly lost in either arena. 


We also point out that the psychoenergetics weaponry readily is adapted to use in more advanced longitudinal EM wave 
interferometers, which readily penetrate the Earth and the ocean. Hence deeply buried strategic command and control centers 
are vulnerable to psychoenergetics warfare, as are the crewmen of our nuclear submarines, ICBMs, aircraft carriers, division and 
army command centers, national command centers, strategic bomber pilots, etc. 


Indeed, one of the major incentives for developing such psychoenergetics weapons as was demonstrated in controlling Captain 
Button, was to seize and control the entire on-site manning crews of the defensive quantum potential weapons preventing launch 
of full strategic warfare. By having the QP systems "stood down for maintenance" by their own crews, the major strategic 
retaliation and "dead man fuzing" would have been removed and countered. Then powerfully striking the QP sites with LWIs 
would have destroyed them, and left the sites themselves radioactively emitting longitudinal EM waves, thus preventing 
reoccupation in case the QP weaponry survived. The counter to that scheme was to place the friendly QP weapon sites on 
"insane" command and control. In that mode, instead of human decision being made to launch, every so often (say, every two 
hours) the computer automatically initiates the launch sequence. During that sequence, if the crew is still alive and functional, 
codes can be punched in and the computer cancels the launch initiation. It then repeats the sequence two hours later. If no 
coded cancellation order is punched in, for whatever reason, the launch sequence completes and the QP weapons fire. In that 
case, much of Russia disappears from the face of the earth. 


Eerily, just about the time that Secretary Cohen was making his quoted statement in April 1997, the KGB was being notified by 
the friendly little nation of the change to insane command and control. This forced the abortion of a great strategic attack upon 
the West, scheduled to occur on May 1, 1997. 


We are strongly stressing that psychoenergetics is not parapsychology and it is not just an idle theory of academics. Instead, it is 
already potently used in some very powerful and deployed weapon systems that could well decide the course of the next world 
war, almost at a moment's notice. 


See also discussion under energy. 


CONSCIOUSNESS 


Refers to a living being's awareness of its sensations, feelings, thoughts, and the world around it. 





The new approach uses a coupling mechanism between the time-like mind and the body of a living creature. The nature of this 
coupling mechanism then generates the mechanism by which self-awareness is produced, awareness of non-self is produced, 
and the sense of existing in the external world but differing from it is produced. 


CONTINUOUS MODE 


For a longitudinal EM wave interferometer, a continuous mode of operation where power is fed continually to the transmitters, 
and the two longitudinal EM wave patterns or beams are continuously transmitted. 








CONVENTIONAL SCALAR POTENTIAL 


A scalar potential formed without use of artificially added substructuring of its internal biwaves and their products. 





In other words, one in which it is assumed that its virtual particle flux has no ordering, but is just a randomized flux. This 
assumption (e.g., of quantum mechanics indirectly) is incompatible by the Whittaker demonstration that (i) a scalar potential is a 
harmonic set of "bidirectional" EM phase conjugate wave pairs, and thus not a scalar entity at all, and (ii) perfect ordering of its 
wave components exists inside the scalar potential. 


One must carefully distinguish what each of these internal "phase conjugate EM longitudinal wavepairs" actually represents. 
Prior to interaction with detecting charges, the potential is a 4-potential existing in spacetime (4-space). The time domain, of 
course, is represented by ict, and in that expression only "t" is a variable. Hence the "incoming" phase conjugate longitudinal 
EM waves in the imaginary plane are actually longitudinal EM waves in the time dimension. These waves converge upon the 
dipolarity represented by the "scalar potential" or any "piece" of it. The dipolarity represents the interaction of charges; 
specifically, a dipole. This reaction—by the spin of the charges—transduces the incoming EM energy from the time-dimension 
into 3-space, and emits it from the charges as real EM longitudinal EM energy radiating out from the dipolarity in all directions 
in 3-space. 

The phase conjugate half-set of the Whittaker waves, prior to their interaction with charge, are not waves in 3-space, but are 
waves of LW EM energy coming in from the imaginary plane and thus from the time domain. The charges of the dipolarity spin 
720°, being 360° in the complex plane and then 360° in real 3-space. So the charges absorb the EM LW energy impinging on 
them from the time domain, during their 360° rotation in the complex plane. When they enter real 3-space for the rest of their 
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spin, the already-excited charges dissipate their excitation energy in all directions as they spin their 3609° in 3-space. That is 
what the Whittaker decomposition actually shows, but it has been ignored for almost a century. 


In short, the broken 3-symmetry of the dipolarity—well-known in particle physics for nearly a half-century, but never 
incorporated into CED—allows nature to jump to a higher, more fundamental 4-symmetry in the energy flow. Energy is being 
conserved in 4-space, but not in 3-space. Further, there is a special new energy flow symmetry involved: one-way in the time 
domain and the other way in the 3-space domain. Note that energy is not conserved in 3-space! There is no law of nature 
requiring the extra requirement that, in addition to conservation in 4-space, the energy must also be conserved in 3-space! So 
when the dipole breaks that extra requirement, only the basic 4-conservation applies. In that case, nature very happily gives you 
what might be called a white hole in astrophysics terms: energy will pour in to the dipolarity unceasingly from the time- 
dimension, and will pour out in 3-space unceasingly, so long as that dipolarity persists. 


By considering the virtual charges of opposite sign that cluster in the vacuum around any "isolated observable charge", one may 
represent a single charge (as an electron or proton) as a set of composite dipoles, where each dipole consists of a virtual charge 
(while it exists) and a differential element of the observable charge. So the charge becomes a set of composite dipoles, each 
with Whittaker decomposition of the scalar potential between its ends. 


Hence we have solved the long-vexing problem that Semiz called "the greatest unsolved problem in electrodynamics": the 
problem of the source charge (or source dipole) and its associated fields and potentials and the enormous EM energy continually 
pouring out of any charge or dipole in all directions in 3-space. 


When the arbitrarily discarded giant Heaviside nondiverged energy flow component is also accounted, this leads to the giant 
negentropy of the dipole, as shown in my paper, "Giant Negentropy from the Common Dipole". We have also proposed this 
"dark Heaviside energy" as the unaccounted source of the excess gravity known to be present in spiral galaxies and holding 
together their arms. The dark energy yields at least 90% of the total gravity involved, and the additional 10% or so can be 
accounted for my known gravitational sources. 


It appears that these new discoveries can also be utilized to show that "quintessence" is also caused by COP>1.0 processes in the 
universe, and the excess production of negative "giant dark energy flows". If so, then this also would account for the recently 
discovered fact that the universe has an excess of negative gravitation, so that it is not only expanding but is accelerating in that 
expansion. At this time, the present author is still attempting to tie up the loose ends involved in showing that quintessence also 
is created as a result of functions of the giant negentropy process. 


In the Whittaker biwave pairs, If one then insists that these hidden EM waves are comprised of hidden photons, then it follows 
that the photons exist as continually coupling and uncoupling photon/antiphoton pairs, or continually forming and unforming 
gravitons as the wave and antiwave continually pass through each other. 


It is a little more complicated than that, since Maxwell actually omitted half the EM energy in the EM wave in space, and also in 
the circuit—as do electrodynamicists to this day. For gravitons, one really must come to grips with this error and correct it. 
This will be added later in this glossary. (To be Added). 


COOPER PAIR 





A dynamic pairing of electrons in superconductivity theory. 


In this pair, if the energy state with wave number o and spin % is occupied by an electron, then so is the state with wave number 
- o and spin — 4. 


COP (COEFFICIENT OF PERFORMANCE) 


Ratio of energy out, divided by that portion of the total energy input that is input by the operator or experimenter. 

The COP is thus a measure of "efficiency of using the operator or experimenter's input energy" to produce—or direct the 
production of—useful work. Note that he can direct the use of his own input energy, as almost all our present systems do. Better 
yet, he can also direct (gate or "switch") the use of some external free flow of energy from the environment into the system, so 
that he gets lots more work out of the system than he has to put in himself. Only a few of our systems—such as solar cells, sails 
on sailboats, waterwheels to power mills, and windmills—are such Maxwell's demons (open systems) where the output exceeds 
the operator's input of energy. 


We sharply contrast the term "COP" to the term "efficiency". The efficiency (overall) of a system is how much useful energy 
output (usually as work, or can be converted to work at will) the system produces for the total amount of energy that is input 
(both by the operator and by the external environment). Even a highly inefficient system may nonetheless have a COP>1.0, if 
the operator inputs less energy than the system outputs. 


We urge the reader to thoroughly understand the difference between energy-use "efficiency" of a system and coefficient of 
performance of the system. Many scientists, engineers, and especially free-energy researchers are confused on the precise 
difference in these terms. 


CORPUS CALLOSUM 





The thick nerve cable that links together the two cerebral hemispheres (which are separate brains) in each vertebrate (including 
human) brain. 


In each of the two cerebral hemispheres, there is a separate mind and personality (given that the other is separated). However, a 
brain has a unique characteristic: Anything that arises directly inside it is automatically assumed to be self-originated, since the 
brain-tuner can differentiate no separation or "separate source" for the signal/thought arising directly upon its "internal screen". 
This allows integration of the two brains/minds/personalities into one. That is, when one brain half prepares and sends a 
message, that message is also routed across the corpus callosum into the other brain half, arising internally upon the second 
brain's "display." The second brain half therefore thinks that it itself originated the signal or message. 


COSMOLOGICAL FEEDBACK PRINCIPLE 


Puthoff's self-regenerating cosmological feedback cycle for the source of the vacuum EM ZPE. 

One may assume the existence of EM zero-point energy (ZPE) by fiat as part of the boundary conditions of the universe, or 
conceive of its generation by the quantum-fluctuation motion of charged particles that constitute matter. Puthoff calculated the 
latter possibility, assuming that the ZPE spectrum (field distribution) drives particle motion, and that the particle motion in turn 
generates the ZPE spectrum. This provides a self-regenerating cosmological feedback cycle, which in fact is consistent with the 
general relativity assumption that curvature of spacetime affects mass energy, and mass energy changes affect the curvature of 
spacetime. 
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The result of Puthoff's calculation is the appropriate frequency-cubed spectral distribution of the correct order of magnitude. 
His result is thus consistent with, and indicates, a dynamic-generation process for the ZPE fields. 


In general this is also consistent with the Sachs' unified field theory approach, and with the Evans O(3) important subset of it. 


COURRIER, ROBERT 


Noted French scientist who collaborated with Antoine Prioré in his revolutionary healing experiments on laboratory animals 
using longitudinal EM waves from plasma tubes. 








Courrier was the head of the Biology Section of the French Academy and also the perpetual secretary at the time. He personally 
presented the astounding results of the Prioré work, showing cures of terminal tumors, to the assembled French Academy, 
creating a furor. 


CROSSTALK 


In ordinary science, the transfer of energy or signal from one channel to another, by cross modulation or cross coupling between 
the channels. 





In the new approach, the term "crosstalk" can be used in an additional sense where it refers to virtual energy exchange between 
orthogonal universes or frames—that is, between different 3- or 4-dimensional slices of an infinite-dimensional universe. 


CURL CONCEPTS OF FIELDS 
Refers to concepts of fields as the curl of some vector potential; 





E.g., the magnitude of the B-field is equal to the curl of the A-potential, given by B= VxA. More exactly, the B-field is 
identically a curled A-potential, by B = VxA, but only that portion of VxA that is diverged around or collected by an 
intercepting unit point static charge. 


Note that we are accenting that no equation is a definition. So texts stating that the first equation with an equals sign "defines" 
the magnetic vector potential A, are in error. If we state that B= VxA, then we are defining the B-field as a curled form of the 
magnetic vector potential, which it is. 


The reader must be aware that the field concept itself in CEM is flawed, being "defined" as the effect existing after an 
interaction by a 4-space entity with a 3-space mass, and hence 

3-spatial and an "effect", and yet then used as if it were the 4-space "cause" entity that propagates in 4-space to interact. In 
short, the field concept is thoroughly confused in the texts and papers in the literature (and has been confused for more than a 
century) as not only the cause but the result of the interaction of the cause with some recipient. This problem has been 
highlighted by many physicists, including Feynman, Wheeler, etc. 


This "confusion of the cause with the effect" is widespread in physics, and is the single greatest foundations error which 
hampers the progress of physics. Another example is the false notion that a "separate force" acts upon a "separate mass", when 
in fact mass is a component of force by the definition F = d/dt(mv). That such simple and obvious errors have been propagated 
by so many hundreds of thousands of scientists for so many decades is perplexing. Indeed, the errors simply continue to be 
used. Note that Nobelist Feynman and the great John Wheeler pointed out that the "field" as defined in CEM does not and 
cannot exist in spacetime! Instead, Feynman pointed out that only the potential for the field exists in spacetime, in case some 
charged mass is brought in to interact with it and thereby produce the field as an effect. 


Indeed, no observable persists, for it "exists" only as a momentary 3-space frozen snapshot or slice of a 4-space dynamic 
interaction. Here again, most physicists do not realize that observables such as mass m do not and cannot persist other that at 
the instantaneous frozen moment of the snapshot. 

CURL-FREE MAGNETIC VECTOR POTENTIAL 
A field-free magnetic vector potential without curl, hence with no B-field. 





Toroids and long solenoids have the characteristic of separating the B-field (curled potential) and holding it inside. However, 
drawing energy from any potential whose "source charge or source dipole" is not destroyed, simply results in the full value of 
the potential being replenished from the vacuum, via the 4-symmetry energy flow mechanism in the presence of the broken 3- 
symmetry of the dipole. Hence one may easily "double" the potential energy density at will, and this is a special form of gauge 
freedom, where the potential energy of any electromagnetic system can be altered freely and at will. We strongly accent that, 
contrary to what is in the EM textbook, gauge freedom rigorously allows the direct and free amplification of potential energy of 
the EM system at will. That this principle, incorporated in gauge field theory, has been known so long and still not used in the 
design, production, and use of COP>1.0 electrical power systems is quite inexplicable. 


In the motionless electromagnetic generator, we used a special core material to extract the curled potential (B-field) from a 
permanent magnet's vector potential A, so that A is replenished in uncurled form directly from the vacuum via the giant 
negentropy process. 


To achieve COP>1.0, we then simultaneously interacted both the uncurled A-potential energy external to the output coil, and the 
internal curled A-potential energy (B-field energy) internal to the core through the coil, with the coil. By pulsing, the Lenz law 
effect is also invoked as yet another momentary regauging and potential energy increase, so that an additional energy gain is 
achieved. 


The well-known Aharonov-Bohm effect proves that the uncurled A-potential can indeed be separated from the B-field in like 
manner, and the A-potential does interact with electrons since dA/dt = — E. 

Thus the MEG achieves COP>1.0 permissibly, because it is an open system freely receiving excess energy from the active 
vacuum environment, via the vacuum's replenishment of the magnetic vector potential of the permanent magnet dipole as fast as 
energy is drawn from it. The MEG also violates the usual closed current loop's self-imposition of Lorentz symmetrical 


regauging when discharging its excitation energy (its free excess regauging potential energy), because the "source dipole" (the 
permanent magnetic dipole) is not destroyed. 


CURVED SPACETIME (externally, internally) 


A four-dimensional geometry used in general relativity, where the curvature is determined by the distribution of mass-energy. 





In the new, more extended approach, any change in the spatial energy density of spacetime or any change in the time-energy 
density of it, or a combination of changes in both. The difference is that in the new approach time is also treated as a special 


form of energy. Specifically, time may be regarded as spatial EM energy compressed by a factor of c2. 


CYBORG (An acronym for cybernetic organism). 
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(Noun): A single integrated system consisting of a living system energetically or functionally linked to mechanical or 
electromagnetic devices and/or systems performing some vital functions. 








(Verb): Link, in the sense of forming such a system. 





In the new approach, a living biological system may thus be considered a cyborg of its time-like mindworld (mindframe) to its 
3-spatial body (laboratory tuner). The "cyborging" is provided by the personal quantum potential and by the mind-body 
coupling mechanism. Due to the giant negentropy mechanism of any dipolarity, any scalar potential as a dipolarity is a cyborg 
between observable reality and virtual state (time-like) reality, i.e., between 3-space and the time-domain. 


CYTOMEGALOVIRUS 


Any of several members of the herpesvirus family that cause infected cells to enlarge and/or to form cytoplasmic (the 
protoplasm of a cell, external to the nuclear membrane) inclusions in leukocytes (white blood cells), particularly in their nuclei. 








Cytomegalovirus makes a protein that appears to disable the p53 protein. As a result, smooth muscle cells in blood vessels can 
proliferate until they impede blood flow. 


CYTOPATHOGEN 


Literally, a pathogen (disease causing organism—or extended, mechanism—) that affects cells and generates damage in them. 





CY TOPATHOGENIC 


Damaging, harmful, or destructive for cells. 





CYTOPATHOGENIC EFFECT 


The generation of damage, disease, death, or other symptoms at the cellular level in cells that are exposed to or subjected to a 
pathogen. 





CYTOPATHOGENIC MIRROR EFFECT 


Distant EM pathogenic effect noted by Kaznacheyev in thousands of military experiments, where cellular death, disease, and 
damage forms are shown to be transmitted from one cell culture in the dark (absence of visible light) where the changes are 
induced, to another similar targeted cell culture in the dark that is environmentally shielded from the first except for light 
transmission in the infrared and in the ultraviolet. After exposure begins, after a time delay (say, 2 hours or more), the cells in 
the targeted cell culture will begin to exhibit the same symptoms as the culture having the induced damage. Eventually, in most 
cases the targeted cells will develop the same damage, disease condition, or death. The effects vary with the time of day etc. 




















The necessity for photon connection from IR to UV is shown by contrasting a thin quartz window allowing the light 
transmission with a thin window glass window. The quartz is open from the IR to the UV, and will pass that entire spectrum. 
With the visible light absent, the IR and UV biophotons emitted by the damaged cell culture will pass through the quartz 
window into the targeted cell culture. After the time delay, the targeted cell culture starts developing the condition. 


Use of a thin window glass window, however, prevents the effect. Normal window glass is opaque in the IR and in the UV, and 
so it blocks the transmission of the IR and UV biophotons. 


The UV is a harmonic of the IR, arranged properly. An unusual effect exists when two sine waves one the first harmonic of the 
other, are simultaneously transmitted into an isotropic nonlinear medium, such as water. On each sine wave, the peak travels 
faster in the water than off-peak parts of the wave does. Hence the wave peaks overshoot its middle, the wave collapses, breaks 
up, etc. Both the waves of the transmitted harmonic set do that. However, if one pretends that one transmitted the difference 
frequency between them, and not the waves themselves, a strange phenomenon results. Regardless of the breakup of the 
primary harmonic set, the difference frequency travels through the water as if it were a real frequency in a linear medium. This 
effect has been proven and is used in underwater sonar equipment. 


For example, see Owen Flynn, "Parametric arrays: A new concept for sonar," Electronic Warfare Magazine, June 1977, p. 
107-112. Any two sine-wave frequencies as simultaneous drivers combine to produce a sine-wave difference frequency 
propagating in water, essentially without sidebands or reverberations. Its pattern has a main lobe approximately equal to that of 
the high frequency drive, but devoid of sidelobes. The level of the propagating difference frequency is proportional to both the 
product of the two fundamental drive levels and to the square of the desired value of difference frequency. 


Living cells contain a great percentage of water. Hence the effect should apply to those targeted cells, under the conditions 
stated. 


From general relativity, we know that any pattern and dynamics of mass-energy, such as in a cell and all its parts and dynamics, 
directly interacts with local spacetime to curve it, and any set of curvatures of spacetime interact with any conglomerate of 
mass-energy and its parts and dynamics. The set of precise curvatures and their dynamics we call an engine. In a mass 
embedded in a local region of spacetime containing an engine, the engine will interact with the mass-energy to change it if the 
mass-energy and its dynamics do not "fit" the engine and its dynamics. 


In a diseased, damaged, or dead cell, the mass-energy of that cell and its "template" (form and dynamics) differs from its 
template while the cell was living and normal. Let us now see what happens when that dead cell emits a biophoton. 


A photon emitted from a dielectric such as a damaged cell, is not emitted just from one spot. Every part of the dielectric 
participates in the emission of that photon. (See "porthole concept", to be added). Further, each emitted photon contains in its 
scalar potential and its magnetic vector potential, the exact longitudinal EM waveset that constitutes the vacuum engine of the 
damaged cell that emitted it. When a cell absorbs a photon, it absorbs that vacuum engine carried by the photon also. If it 
absorbs a stream of photons of harmonic interval, the difference frequency constitutes in terms of a wave, traveling through the 
cell water as if in a linear medium, and transporting that vacuum engine to every part of the absorbing cell dielectric. 


So the biophotons emitted from Kaznacheyev's damaged, diseased, or dying cells sent biophotons containing the exact 
spacetime curvature engines and dynamics of their precise condition (template). Further, a harmonic interval of such radiation is 
transmitted into the targeted cells, and absorbed. The mixing of the two absorptions eventually is sufficient to establish the 
harmonic interval, thus with a clear EM signal difference that travels through the cell's water and to every tiniest part of it. This 
"difference frequency clear signal" also contains the pure vacuum engines of the template of the changes in the diseased, dying, 
or damaged emitting cells. 


The result is the "kindling" (coherent integration) of the template in the absorbing cell's local spacetime in which it is 
embedded. As that spacetime engine grows, it differs from the resident engine of the absorbing cell. That difference is itself an 
engine, and it operates steadily upon that absorbing cell to alter its engine and then its physical condition and state. 
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As the new engine continues to interact, the physical cell is gradually changed into an equilibrium condition in its mutual 
interaction with its local spacetime engine. That occurs after the absorbing cell has developed the same disease, damage, or 
dying condition as the transmitting cells. 


This is the secret of the Kaznacheyev experiments. The Kaznacheyev work was allowed to be released in the open literature to 
stimulate the U.S. scientific and intelligence communities and see whether or not the scientists and analysts had applied a 
unified field theory and higher symmetry electrodynamics to the EM bioeffects problem. The totally casual reception of the 
Kaznacheyev experiments in the West, with no interest or interaction from the stimulated communities, assured the KGB 
conclusively that the West was still in kindergarten in its knowledge of EM bioeffects, and particularly had little or no 
knowledge in the field of EM biological warfare. 


Kaznacheyev referred to the effect as the "cytopathogenic mirror" effect, for the pathogenic effects from the emitting damaged 
cells being "mirrored' in the targeted cells. 


See Vlail Kaznacheyev and L. P. Mikhailova, Ultraweak Radiation in Intercellular Interactions, [in Russian], Novosibirsk, 
1981. An English exposition of much of the Kaznacheyev work is given in Vlail Kaznacheyev, "Electromagnetic 
Bioinformation in Intercellular Interactions," Psi Research, 1(1), Mar. 1982, p. 47-76. See also Vlail Kaznacheyev, "Apparent 
information transfer between two groups of cells," Psychoenergetic Systems, 1(1), Dec. 1974; Vlail Kaznacheyev et al., 
"Distant intercellular interactions in a system of two tissue cultures," Psychoenergetic Systems, 1(3), Mar. 1976, p. 141-142. In 
the same issue, see "A Comment" by William A. McGarey, p. 143; "A Comment" by Arthur C. Hastings, p. 143-144. 


Seven or eight nations now have longitudinal EM wave interferometer weapons, capable of beaming right through the earth and 
ocean to the other side of the planet. At least two of these nations—Russia and China—are capable of adding engine structures 
to these interferometers, and sweeping a targeted population area to generate that specific disease condition in that target. A 
sophisticated use would be to have agents (such as terrorist teams already in the United States and with biological agents in 
hand) release a small quantity of smallpox in the area previously targeted. The LWIs have swept the entire area continuously for 
a period, slowly kindling (especially at night) the exact form of the disease within the bodies of the populace. A curious thing 
happens if the level of kindling of the smallpox state has been kept just beneath the observable state, within what is sometimes 
called the "shadow state" (just barely virtual). A smallpox pandemic will explode in that populace with a ferocity never seen in 
modern times, and at an unparalleled rate. This is further exacerbated by "spreading the immune system" prior to the attack 
(term and discussion to be added), which seriously weakens the immune system's ability to resist any single pathogenic attack. 


There are hardly any supplies of smallpox vaccine left that are viable. Even where there are, the Russian laboratories developed 
strains of smallpox resistant to the normal vaccine, and after the collapse of the Russian economy and the former Soviet state, 
these strains were sold on the black market to the highest bidder. Further, most of the Soviet scientists employed in those secret 
biowar facilities wound up employed in several other nations, most hostile to the United States. 


The point is this: Such a strike could in fact kill up to 2 billion people worldwide. Further, the entire affair would appear to be 
just a chance breakout of smallpox, and its spread through a nonresistant world populace. 


When modern biological warfare is actually analyzed in detail, the "bang for the buck" is greater than it is for nuclear weapons. 
Further, a rogue or hostile nation can take its time in advance and develop quantities of smallpox vaccine (for the very strain it 
will use), then initiate such a clandestine campaign after it has vaccinated its own populace, armed forces, and agents. Guess 
who survives after such an attack. 


CYTOTOXIC 


Toxic (acts as a poison or toxin) to cells. 





A toxin is a colloidal proteinaceous poisonous substance that is a specific product of the metabolic activities of a living 
organism. The toxin is usually very unstable, and is notably toxic when introduced into the tissues. 


DARK ENERGY 


The Heaviside nondiverged energy flow component, surrounding every field/charge and potential/charge reaction but 
unaccounted in present electromagnetic theory after being arbitrarily discarded by Lorentz. 





DATUM 


Consideration, or data considered, or information considered, or action considered, or result considered. 





DEATH 


The disintegration of the personal quantum potential's connection to the physical body's atomic nuclei by loss of the mind-body 
connection mechanism. 








Simply put, separation of the quantum potential containing the time-like mind-frame from the body. Loss of the preferential 
tuning of a physical body to its mindworld. This causes loss of the preferential consciousness loop or life channel, resulting in 
"death" (reversion to inert matter) of the body. Actually the quantum potential and the mind-frame remains, so the being is 
unchanging and indestructible, hence consists of all changes and destructions simultaneously, with none separated individually. 
Life and death thus are two sides of the same coin, and the coin is immutable, regardless of which side is exposed. 


DE BROGLIE WAVE 


A matter wave, conceived by Louis de Broglie. 





The quantum mechanics wave associated with a particle of matter, which can give rise to interference effects. An orbital 
electron in an atom is associated with a standing de Broglie wave on a Bohr orbit. De Broglie waves always move faster than 

the speed of light, the speed being given by c/v, where c is the velocity of light in vacuum and v is the velocity of the particle of 
mass. De Broglie wave velocities thus vary from the speed of light to infinite speed (everywhere at once). In his speech 
accepting the Nobel Prize, de Broglie emphasized that, since these waves produce real physical effects, they are real and must 
not be regarded simply as mathematical conveniences. 


DEBYE, PETER 


Dutch-born American physical chemist and Nobelist, 1884-1966, who performed important and fundamental studies in bipole 
moments and diffractions of X-rays and electrons in gases. 








DEDIFFERENTIATION, CELLULAR 


The reversion of a cell or cellular structure to a more primitive or generalized condition. 


http://www.cheniere.org/references/annotated_glossary.htm 


29/83 


1/26/2018 ANNOTATED GLOSSARY 


Dedifferentiation is often preliminary to a major change in the cell or cellular structure. It can also be a reversion of the cell to a 
previous—even primeval—cell form. The important point is that dedifferentiation returns the cell to a previous (past) cellular 
state. Reversion of a cancer cell, e.g., would cause the cell to return to a normal cell, since that is the nature of its "cellular 
past." It is vitally important that Becker has demonstrated that cells can be differentiated (moved forward to a future state) or 
dedifferentiated (moved backward to a previous state) electrically, by very weak DC currents (picoamperes). He was nominated 
for a Nobel Prize for this epochal work. 


Actual electromagnetic redifferentiation of terminal tumors in laboratory animals was repeatedly demonstrated by Prioré et al in 
the late 60s and early 70s and reported in the peer-reviewed French medical journals, as was reversion of depressed immune 
systems, cures of infectious diseases, and curing of arteriosclerosis. It is inexplicable that this positively demonstrated cure of 
cancer—which could also cure infectious diseases and probably can be developed to cure AIDS—was suppressed in the mid- 
70s and has not been vigorously pursued by present establishment medical science. 


DEGENERATE SEMICONDUCTOR 


A semiconductor whose conductivity approaches that of a metal. 





DELGADO, JOSE M. R. 


Noted Spanish neurophysiologist well-known for his research on brain behavioral mechanisms and their control by electrical 
stimulation; who implanted electrodes in the brains of animals and humans and demonstrated that their responses (both 


behavioral and emotional) were specific and depended upon the specific localized part of the brain that was stimulated. 


A TV tape made by Delgado showed a spectacular demonstration where he stopped a charging bull in mid-stride. With a small 
hand-held radio transmitter, he transmitted a radio signal to a receiver implanted in the head of the bull. This dramatic 
demonstration caused a world-wide sensation. 





The significance of his work is given by Becker: "Delgado discovered the exact parts of the brain in which electrical 
stimulation produced fear, anxiety, pleasure, euphoria, or rage in human subjects. He found that certain sites produced major 
personality alterations. For example, stimulation of one such site could cause very proper, reserved young ladies to become 
flirtatious and sexually aggressive. Other sites inhibited maternal or aggressive behavior. In short, Delgado was able to 
profoundly alter human behavior through electrical stimulation of discrete areas of the brain." ... electrodes were implanted in 
the pleasure centers of rats' brains. The animals were provided with two levers to press. One of these delivered food, and the 
other produced electrical stimulation of the pleasure center. Invariably, the rats chose to press the lever that stimulated the 
pleasure center, even to the extent that they died of starvation." (Becker, Cross Currents, p. 221-222). 





It is known based on a rare OMNI interview that Delgado progressed to detailed study and experimentation for the behavioral 
and emotional effects in monkeys of specific magnetic field frequencies on monkeys. These successful experiments involved 
electrical currents produced in the brain but hundreds of times lower in intensity than those required for direct electrode 
stimulation. Since then, some information has been cautiously released from Western military studies showing that microwave 
pulses can couple to the central nervous system and produce stimulation and behavior alteration similar to Delgado's released 
experimental results. 


Comment: The ultimate and most refined techniques in the field of electromagnetic control of human behavior, volition, 
emotion, etc. is provided by Russian psychoenergetics, the military version of which is totally under KGB control. This work 
has progressed far beyond what Delgado and Becker were discussion so long ago. The use of the infolded longitudinal EM 
waves and "engines"—once the technology is developed—allows direct engineering of conscious and unconscious mind, 
memory including short term and long term, perception, awareness, etc. The additional advantage of using EM longitudinal 
waves is that mass is largely a very thin dispersion of particles, with (relatively speaking) very large distances between them, 
somewhat like the solar system but on different scale. This "inner space" is filled with EM waves, potentials, and fields—all of 
which decompose into sets of longitudinal EM waves and their impressed dynamics. Thus the earth and ocean are readily 
penetrated by longitudinal EM wave beams, and the Russians (KGB) has developed such LW interferometers since the mid 
1950s. However, by LW interferometry where the patterns and dynamics of the carried LWs are engineered, any desired 
mapping pattern of precise EM signals, frequencies, phases, and magnitudes can be reproduced in distant interference zones, 
reaching right through the ocean. These interferometers could localize the distant interferometry into a 6-inch diameter volume 
as early as 1985, so from that time forward it gradually became possible to perform all of Delgado's "inserted electrode" EM 
stimulus in a single selected human brain from the opposite side of the earth. So approximately 1985 is when I would estimate 
the beginning of the "golden age" (ugh!) of distant psychoenergetics was initiated. 

By 1997, this development would be into at least third generation weapons, just being deployed or just having been deployed, 
considering an somewhat accelerated weapons development program where 6 years is one generation. By 1997, very complex 
individual behavioral and perceptual control should have just arrived in on-site deployed strategic weapons systems. See 
discussion under conscious mind. 


Some selected useful references are: J.M.R. Delgado et al., Journal of Anatomy, vol. 134, 1982, p. 533 reports that 
developmental defects occur in chick embryos exposed to various ELF frequencies. See also J.M.R. Delgado, Physical Control 
of the Mind: Toward a Psychocivilized Society, Vol. 41, World Perspectives, Harper & Row, New York, 1969. 


DEMODULATION 


From a carrier containing a modulated signal, recovering the signal that was used to modulate it. 





DENSE SIGNAL ENVIRONMENT 


For our purposes, when the number of weak EM signals crossing one square meter per second reaches 200,000. 





At 500,000 important nonlinear optical type effects of significance—particularly long term cumulative effects—begin to occur 
in the exposed biological organism. 


DEPARTING ORTHOROTATIONS 


In space of dimensions greater than four, the rotating of an object or entity away from its line of motion, in the direction of a 
dimension at right angles to the line of travel in the observer's three-space, by some number of additional 90° rotations. 








The Lorentz transform in special relativity, e.g., is just a formula for this kind of rotation. What we call "velocity" is actually a 
measure of rotation. In 4-space, any object in 3-space can only rotate "out" of 3-space in one direction: toward the time-axis. 
As the object rotates toward that time-axis, we see the object as having a velocity in 3-space, and its "length along the line of 
motion" as having diminished. When the object rotates the full 90°, its "length along the line of motion" has been converted to 
"time" rather than length. Hence it has zero length along the line of motion and is moving at c, the speed of light in ambient 
space. It is also no longer material, but is a sort of flat plane surface moving at speed c in a direction perpendicular to the plane. 
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In that 4-space model, it is impossible for anything to move faster than light speed. So Einstein's postulate dealing with the fact 
that it is impossible to translate mass, signals, etc. faster than light speed has a built-in assumption that only one orthogonal 
departing rotation can be made from 3-space. That postulate need not apply at all if more than one departing orthorotation is 
permitted—which of course requires a space of 5 dimensions or greater. 


The notion is that, if we allow a spacetime of greater than four dimensions, by continuing to rotate ever more orthoturns in a 
departing direction away from the original line of travel, the rotated object loses one observable dimension for every 
orthorotation. Hence with three "departing" orthorotations it becomes a "nonobservable point" to the normal observer, but one 


that would be moving at speed 3. A single orthorotation would make the 3-dimensional object a two-dimensional plane 
moving at speed c. 


No matter how many rotations are made in a departing manner, the object is still connected to the time dimension common to all 
dimensions (assuming only a single time dimension for simplicity). So it exists in an orthorotated space, but in the same time. 
To the physical observer in 3-space, it thus appears to be a "time-like" or "mental" object only. Nonetheless, by affecting the 
density and structuring of the time domain, it can have an effect on a 3-spatial object. We discuss that mechanism under the 
subjects of the mind-to-body coupling mechanism and the body-to-mind coupling mechanism. Further, with the Sachs-Evans 
unified field theory approach, the time-domain can be directly engineered. This means that both "inert" or physical reality and 
time-like or "mental" reality can be directly engineered by novel electrodynamic means. 


In short, a photon is just a particle (such as an electron) that is orthorotated once (toward the time axis). In photon emission, a 
little bit of the mass-energy turns into orthorotated photon energy. In photon absorption, the absorbed photon energy turns back 
into mass-energy. 


The higher dimensional orthorotational concept was originally formed to allow a physical modeling grasp on a "mental" object 
as compared to a "physical" object, and to have a connection mechanism between the two. Such an approach can be used to 
model both mind and matter, their interaction, etc. The present author has used it to solve the old philosophical problem of 
"intent", of how the perception of self is attained, how the external world is perceived separate from self, etc. A model for both 
living and nonliving states does emerge. 


This or a very similar approach has been used by the Russian's highly classified weapon science called energetics. That third 
branch of energetics is called psychoenergetics and it is the physics of directly engineering mind states, mind operations, 
memory, etc. by extended electrodynamic means. We have previously detailed much of this work privately, but with some 
detailed openly in a few papers. E.g., see T. E. Bearden, "Mind Control and EM Wave Polarization Transductions, Part I", 
Explore, 9(2), 1999, p. 59; Part II, Explore, 9(3), 1999, p. 61; Part II, Explore, 9(4,5), 1999, p. 100-108. 


DESTRUCTIVE INTERFERENCE 


When two waves or wavesets from two different sources superpose to produce a combined waveset that has a lower intensity 
than the sum of the intensities of the two original waves. 








DETERMINISTIC PATTERN OR TEMPLATE 


The exact arrangement, by plan and deterministic action, of a group of entities. 





E.g., of the photons in a "herd" or "group" of them. Or a set of spacetime curvatures, into a dynamic structure called a 
"spacetime curvature engine"—or "engine" for short. Or by the virtual photons in the vacuum flux, or a deterministic set of 
changes to that vacuum flux (the vacuum flux that is called the "vacuum potential." I have called this function—of a 
deterministic patterning or templating of the virtual flux (particle view) of the potential—dimensioning the potential. 


DIELECTRIC 


Literally, "against electric (current)," 





..originally coined to mean "opposes the flow or conduct of electric fluid." 


In today's language, a dielectric is a non-conducting material used to oppose or prevent the flow of electric charges. Even empty 
vacuum exhibits some dielectric resistance. "Dielectric" is also used to refer to a nonconducting material (often used between 
the metal plates of a capacitor or elsewhere) which can (i) sustain a change in potential across a distance (i.e., an E-field), and 
(ii) serve as an insulator. Space itself is a dielectric, or at least it is said to exhibit certain dielectric qualities. 


DIFFERENTIATION, CELLULAR 


1) specialization of body parts or organs in the evolutionary process. (2) modification of different parts of the body to perform 
particular functions. (3) modification of the cells forming these body parts or organs so as to perform the necessary cellular 


functions required to support the functioning of the body part or organ. 





DIFFRACTION 


The bending of light at the edge of an opaque object. 





Usually diffraction introduces undesired distortion and is a problem. However, it can be useful and desirable—for example, in a 
diffraction grating. 


DIMENSION 


A certain primary geometrical physical attribute, such as length, used to describe the separational relationships of physical 
phenomena. 

The degree of that separation is known as "length", "time", etc. By "geometrical" we mean that the "dimension" is considered to 
"exist" in either the presence or absence of the observable physical phenomenon; however, by understood agreement the 
dimension itself is not directly observable. It can be inferred ("measured"), however, by comparative operations of simple 
devices such as clocks and meter sticks, and its simplistic definition is usually given as "that which has measurable magnitude." 
Prescribed measuring procedures are used to assign magnitudes to these inferred dimensions, using specific scales. 





Actually, "dimension" just means "fundamental quantity of separation" and "geometry" in the most general sense. The number 
of dimensions taken in advanced physics usually represents a somewhat arbitrary choice for good modeling fit. In modern 
Kaluza-Klein theory, for example, it becomes necessary to accept some 10 or 11 dimensions in the usual particle physics case. 
General relativity has incorporated the interaction of the abstract geometry (spacetime) with mass. Until Sachs' extension of 
Einstein's work into a unified field theory and Evans' incorporation of O(3) electrodynamics as an important subset of Sachs' 
unified theory, general relativity has largely remained a nonexperimental discipline, at least in the laboratory. With the new 
Sachs-Evans approach, however, GR becomes substantially engineerable by novel electromagnetic means, including in the 
laboratory and in devices. 
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This is an artificial term I sometimes use to mean "forming an exact pattern or 'template', particularly of nested curvatures of 
spacetime, where the pattern/template may also be dynamic. It involves the internal structuring of the "dimensioned" entity. 








The use of the term "dimensioning" makes sense in unified field theory, but is awkward in normal EM theory which erroneously 
considers that EM energy propagates in an uncurved spacetime. The mere presence of a change in local spatial energy, created 
by the wave energy itself when present in that local region, curves the local spacetime. Hence the EM wave rigorously travels 
in curved spacetime, and in fact identically is a propagating, oscillating curvature of spacetime. 


Dimensioning also implies a deliberate form or structure (with dynamics) created in the virtual photon flux of the vacuum or of 
the virtual photon flux comprising a scalar potential, or in the infolded longitudinal wave EM inside all EM potentials, fields, 
and waves. It implies an associated set of spacetime curvatures and their dynamics. The latter are referred to as "engines", 


won 


"vacuum engines", "spacetime curvature engines", etc. 


Dimensioning potentials or signals or carrier waves also involves adding hidden vacuum engines to them. I chose the descriptive 
term dimensioning because adding such templates (hidden vacuum engine structures) is equivalent to increasing the EM 
topology by adding dimensions. Since an EM wave or field or vector potential can be decomposed into two scalar potentials, 
then by "dimensioning" one or both of the scalar potentials one can "infold" the desired hidden structures or patterns (vacuum 
engines) inside an EM carrier wave, EM field, or vector potential. So I called this dimensioning those entities. Internally 
structuring the two scalar potentials via arrays of EM LW emitters, and then applying the necessary dynamics (modulations), is 
primarily the manner in which dimensioning can be directly engineered. When dimensioning is present, two identical EM 
waves as seen on the oscilloscope may have dramatically differing internal structures (dimensioning), and hence the two will 
produce drastically differing effects when they interact with the same or similar objects. This of course is the mechanism 
involved in the Kaznacheyev experiments and in the decades-long microwave radiation of the U.S. Embassy in Moscow, where 
health changes and diseases were electromagnetically induced in personnel in field-free (stable and nonchanging potentials) 
areas. 


Russian energetics refers to what we are calling "dimensioning" simply as adding the information content of the field. A very 
skilled disinformation program (actually, a strategic deception program) has been used to deceive the West into believing the 
phrase refers to ordinary spectral analysis. It doesn't. The importance of the dimensioning concept is that one has not formed 
mere "signals," instead, one has formed vacuum engines. If a receiving object receives a signal, it may or may not act upon that 
"signal information." If it receives a vacuum engine, however, the engine (structured local spacetime flux) directly acts upon it 
to make the requisite change. Further, the energy for the interaction's working upon the exposed object or system is furnished 
continually from the curved spacetime set and their dynamics. The receiving object has absolutely no choice in that action 
occurring to it, and the action can occur from the gluons and quarks inside the charges in the nuclei, to the lattice structures, to 
the system dynamics, to the elements so as to transmute them, etc. 


Note that when a dimensioned EM field or potential is absorbed by an object, that object also has internal EM fields and 
potentials which have substructures (usually rather random). However, the internal structure of the absorbed dimensioned entity 
and the internal structures of the EM fields, potentials, and waves do mix in a direct diffusion process. Hence with continued 
irradiation, the target can be "charged up" with the desired internal dimensioning structure. This is how the microwave 
irradiation of the U.S. Embassy accomplished disease induction, using signals with the desired disease dimensioning impressed 
in their structures, particularly in the potentials. In the Gulf War Disease, a much more sophisticated use of this mechanism was 
made, using a quantum potential as the carrier. All the effects (including the body fluid transmission, the EM fields of the body 
transmitting and kindling some of the effects in children in proximity to a dimensioned veteran parent, can be explained. 


The use of dimensioned EM fields, waves, and potentials—and the use of dimensioned quantum potentials in Bohm's hidden 
variable theory—allows an entirely new science of EM biological warfare, far more threatening and lethal than the more 
primitive physical pathogenic kind. It is also possible to use the techniques for revolutionary healing, as unwittingly shown by 
Prioré and the scientists working with him, and also as shown by Becker et al. 


The only way in which the action of a vacuum engine (dimensioned carrier entity) can be resisted is to create and 
simultaneously introduce the exact antiengine for it. 


Once the action has been completed in the receiving object and it has been changed, the only way it usually can be undone is to 
form a precise antiengine for that action, amplify the antiengine, and let the antiengine act upon the object for a sufficient time 
to "time reverse it back to its previous physical state and condition". The Prioré mechanism utilized that method for reversing 
the cellular damage due to cancer and infectious diseases, and to restore suppressed immune systems. The same mechanism, if 
re-developed, could also be used to reverse aging in living human patients. 


The engine and antiengine processes can also be applied by structuring the "time-charging" or "time-excitation charging" of the 
particles of mass in a body. The "port-hole" concept even allows ordinary EM radiation to be used to forcibly transduce the 
input ordinary EM into the extraordinary EM and thereby forcibly accomplish the necessary time-charging actions for disease 
and body deterioration reversal. See discussions under "port hole concept" and "time-charging". 


DIPOLE 
In the simplest case, two separated charges of (usually equal and) opposite sign. 





As a general definition, a localized positive charge or charge distribution, and a localized negative charge or charge distribution, 
such that the net charge summation is zero, but wherein the positive and negative charge distributions do not superpose. We 
point out, however, that in regular physics electrical charge has no proper definition. Try looking it up in several physics 
dictionaries! Then check our proposed definition of electrical charge. As is well-known in particle physics, a dipole is a broken 
symmetry in the virtual photon flux of the vacuum. By definition of broken symmetry, this means that some of the virtual 
energy flux continuously absorbed from the seething vacuum by the charges of the dipole, is not re--radiated as virtual energy. 
Instead, it is integrated coherently and re-radiated in 3-space as real emitted EM energy. The dipole is therefore a true "negative 
resistor" since it receives EM energy in unusable form, and re-emits it in usable form. In classical EM theory, the problem of 
how every charge and dipole can continuously emit EM energy to form all the associated fields and potentials and their energy, 
is an unsolved problem—sometimes called the most pressing problem in electrodynamics, both classical and quantal. For the 
solution and a discussion, see my paper "Giant Negentropy from the Common Dipole," Journal of New Energy, 5(1), Summer 
2000, p. 11-23. 


Because of the broken 3-symmetry of the dipole, the EM energy flow is not conserved in three dimensions (symmetry 
represents a conservation law, and broken symmetry represents the violation of that conservation law—in this case, violation of 
conservation of 3-space EM energy flow). Instead, EM energy flow is conserved in 4-dimensions, and the hidden inflow of EM 
energy to the dipole is actually from the complex plane (time domain). Thus all EM energy is actually received from the time- 
domain, and so the importance can be seen of the internal structuring of time-flow and of longitudinal EM waves in the time 
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domain. Such time-domain energy flows appear naturally in O(3) electrodynamics; see M. W. Evans and T. E. Bearden, "The 
Most General form of the Vector Potential in Electrodynamics," Optik (in review). 


DIRAC, PAUL A. M. 


Noted English physicist, 1902-1984, who shared the Nobel Prize for developing wave mechanics and predicting the existence of 
the positron. 





DIRAC SEA 


Considering the vacuum as containing—amongst other things— a "sea" of an infinite negative energy conditions or states 
("holes") for electrons, almost all of which are filled with electrons. 








In Dirac electron theory, the relativistic wave equation for the electron has four components, which correspond to two spin 
orientations and two energy conditions: positive and negative. Thus the vacuum possesses a "sea" of negative energy conditions 
for electrons. These are called "holes" and are considered to ordinarily be filled or mostly filled with electrons which have 
fallen into these negative energy states. The Dirac sea thus is this vacuum sea of negative energy electrons. In forward time, if 
energy is added, electrons can be lifted from this sea. If spacetime is locally curved, additional holes may be created so that 
normal positive energy electrons fall in and disappear, creating the appearance of an "electrical energy sink." If the curvature is 
in the opposite direction, electrons may be lifted from the Dirac sea by the curvature, thus producing a flow of electrons and 
creating the appearance of an "electrical energy source." 


DISCRETIZED 


Occurring in a finite size, fixed as a function of one or more variables. 





So long as the same value(s) of the variable(s) are selected, the discretized entity is always the same size. However, if the 
value(s) of the determining variables are changed, the value of the discretized quantity may change so that it is not a whole 
number multiple of the former entity. Compare this to a quantized entity, where the values of the variable(s) are held to those 
wherein the entity will always be a multiple of an entity of fixed size. 


DISEQUILIBRIUM 


Broken equilibrium, which in turn involves breaking appropriate conservation laws. 





DISSOCIATION 


Separation of ideas from their affects or feelings, resulting in independent functioning of these components of a person's mental 
processes. 


Simply put, fragmentation of the mind and personality. Severe dissociation is the definition of insanity. 





DISTORTION CORRECTION THEOREM 


"Ifa scalar wave El(r) propagates from left to right through an arbitrary but lossless dielectric medium, and if we generate in 
some region of space [say near z = 0] its phase conjugate replica E2(r), then E2 will propagate backward from right to left 
through the dielectric medium, remaining everywhere the phase conjugate of E1." 


Quoted from Amnon Yariv, Optical Electronics, 3rd Edn., Holt, Rinehart and Winston, New York, 1985, p. 500-501. 


What is missing from the distortion correction theorem is hidden in the phrase "if we generate in some region of space ... its 
phase conjugate replica..". Since electrodynamicists and optical physicists have been unaware that all EM energy at any point 
in space comes from the time domain to that point, then the actual phase conjugate wave in the imaginary plane (from the time 
domain) is not utilized as the phase conjugate replica. Instead, the interaction of that wave with charges, which actually 
produces the force-field wave in space, is assumed. In short, one is looking at the "effect" wave, not the "cause" wave. 
However, since time is not an observable even in theory, it is this "effect" wave in 3-space that will be measured by our 
instruments. 











Note also that the distortion correction theorem says nothing about longitudinal EM waves in the time domain. Interestingly, in 
nonlinear optical pumping, it appears that the 3-space energy of the pumping 3-space waves is transformed into the time domain 
by the pumping, and thence flows from the time domain into the 3-space domain to form the progression of the time-reversed 
replica wave in 3-space. 


It is apparent that much more work should be done upon the foundations of phase conjugate optics, in a higher symmetry 
electrodynamics model such as O(3) electrodynamics and particularly in the unified field theory as in the Sachs-Evans 
combined approach. 


DNA (DEOXYRIBONUCLEIC ACID) 


Nucleic acid that constitutes the genetic material of cellular organisms and also certain viruses. 





DRUDE, PAUL 


Important German physicist, 1863-1906, who formulated the theory of the free electron gas inside conductors, using it to 
formulate a theory of metallic resistance. 








DRUDE ELECTRON GAS 


The "free" electrons that have broken loose from their atoms in a conductor, and are thus free to "wander around" and 
"migrate"—or flow as current when exposed to an emf. 








Also called the electron gas, or Drude electron gas. Named after the German physicist Paul Drude who died in 1906, who 
formulated Drude's theory of metallic resistance based on EM theory and his own theory of electrons. See P. Drude, Ann. 
Physik, Vol. 1, p. 566; Vol. 3, 1900, p. 370, 869 for the original Drude papers. 


DUALITY PRINCIPLE 


In quantum mechanics, the principle that photons and other particles propagate like waves and interact like particles, so that 
their descriptions as only waves or only particles is inadequate. 








ECM 


Electronic Countermeasures. 
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Electromagnetic measures taken against targeted electronics or electromagnetics operations in systems, particularly in hostile 
weapon systems, command and control systems, etc. There are entire textbooks in the West that are devoted to ECM effects, 
uses, effectiveness, etc. A great deal of ECM equipment is also used by any modern military force. However, in our view what 
is greatly lacking as yet in Western ECM is the deliberate design and use of novel new kinds of ECM based on the extended 
higher electrodynamics such as O(3) electrodynamics, and particularly by use of longitudinal EM waves and by use of the 
infolded electrodynamics inside all EM fields, potentials, and waves. Longitudinal EM wave interferometers (LWIs), e.g., can 
reach right through the earth and the ocean to emerge on the other side of the earth. In the interference zone (IZ), real EM 
"transverse wave" energy is created readily by the interferometry. Biasing of the chassis grounds of the distant LWI transmitters 
can control whether the "normal" EM energy appearing in the target IZ is convergent (cooling) or divergent (heating). By sharp 
pulsing of the LWI transmitters, massive cold explosions or hot explosions can be created in the IZ. Continuous LWI 
interferometry can produce geometric forms of EM energy, which usually glow due to the ionization of the atmosphere, etc. in 
the dense EM energy regions. Since these can also involve general relativistic effects as well as electromagnetics effects in the 
U(1) CED sense, obviously a dramatic expansion of the entire field of measures and countermeasures is entailed. 


We believe these LWI weapons may be what was referred to by U.S. Defense Secretary Cohen as follows: "Others are engaging 
even in an eco-type of terrorism whereby they can alter the climate, set off earthquakes, volcanoes remotely through the use of 
electromagnetic waves... So there are plenty of ingenious minds out there that are at work finding ways in which they can wreak 
terror upon other nations...It's real, and that's the reason why we have to intensify our efforts." Secretary of Defense William 
Cohen at an April 1997 counterterrorism conference sponsored by former Senator Sam Nunn. DoD News Briefing, Secretary of 
Defense William S. Cohen, Q&A at the Conference on Terrorism, Weapons of Mass Destruction, and U.S. Strategy, University 
of Georgia, Athens, Apr. 28, 1997. 


EDGE WAVES 


In electromagnetics, waves that form parallel to a material edge. 





EDISON, THOMAS ALVA 


Noted American inventor, 1847-1900, whose staggering number of inventions included the storage battery, electric light bulb, 
phonograph, motion pictures, and carbon microphone. 








E-FIELD (ELECTRIC FIELD) 


The electric field or electric intensity E. That field on a spinning charged mass which produces an electrical force resulting in a 
linear motion of the charge. 








See also discussion under c, above. 


E-FIELD, MOTIONAL 


In classical EM theory, the electric field produced by moving a conductor in a magnetic field. Often called motional inductance 
of the field. 


In the orthodox theory, motional inductance is deemed to be identical to the inductance caused by a time rate of change of the 
magnetic field, experienced by the moving conductor. 





E-FIELD, STATIC 


In orthodox theory, the electric field in the space surrounding a static charged particle, induced by the presence of the charged 
particle. 


In classical EM, there is no notion as to the causative mechanism for this static field of and from a charge, which implicitly is 
assumed to just continuously create and pour out EM energy in all directions, thus grossly violating energy conservation.. 
Consideration of this anomaly leads to what has been called the most pressing problem in both quantal and classical 
electrodynamics: the question of the formation of the fields and potentials associated with the "source charge". 





For a full solution to this problem, see my "Giant Negentropy from the Common Dipole," Journal of New Energy, 5(1), 
Summer 2000, p. 11-23. Also on this website. 


EHRENHAFT, FELIX 


Scientist who performed numerous experiments believed to demonstrate fractional charges. 





EINSTEIN, ALBERT 


German (Jewish) physicist, 1879-1955, who emigrated to the U.S. and formed special and general relativity theory, discovered 
and formed the theory of Brownian motion, recommended the development of the atomic bomb to President Roosevelt, and 
profoundly affected the course of science and the modern world. 











EINSTEIN-de HAAS EFFECT 


The rotation observed in a freely hanging ferromagnet when it becomes magnetized. 





It has been used in the Einstein-de Haas method to determine the gyromagnetic ratio of a ferromagnetic material by suspending 
a cylinder of the material from a torsion fiber and measuring the angular displacement of the cylinder when its magnetization is 
reversed. 


EINSTEIN, PODOLSKY, AND ROSEN PARADOX 


Thought experiment in 1935 for measuring two correlated photons separated and at distant locations, protesting that quantum 
mechanics requires that the particles communicate instantly, which is a "spooky action-at-a distance" (Einstein's phrase). 








The experiment eventually was performed and it works, just as required by quantum mechanics. The paradox inspired the 
development of hidden-variable theories. 


EINSTEIN'S POSTULATES 


(1) All the laws of physics are equally valid in all inertial frames of reference 





(2) the speed of light is the same to every inertial observer, and 
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(3) the observable local effects of a gravitational field are indistinguishable from those arising from acceleration of the frame of 
reference. 


The first is called the special relativity principle, the second is called the law of light propagation, and the third is called the 
equivalence principle. It is now known that postulates (1) and (2) are not independent of each other. Note that the third postulate 
implies that any local force is due to a "gravitational field" (acceleration of the frame of reference). It also implies that 
gravitational force has a mechanism, since quantum mechanics assigns a differential operator, operating upon a potential, to 
create every force. By extended inference, it can be seen that the third postulate also implies that there should exist a method to 
turn any type of force (field) into gravitational force (field). 


The Russian physicist Sakharov has strongly postulated that gravitation is not even a fundamental field of physics, of the kind 
used by Maxwell in his electrodynamics. Instead, in this view G-field is always comprised of, and made from, other fields and 
interactions upon them. Indeed, such has always been implicit in general relativity, it just took Sakharov to formally propose it. 
E. g., see A. D. Sakharov, "Vacuum Quantum Fluctuations in Curved Space and the Theory of Gravitation," Soviet Physics 
Doklady, Vol. 12, No. 11, 1968, p. 1040-1041 [English translation.] Sakharov's article (in Russian) in Doklady. Akad. Nauk 
SSSR, Vol. 177, 1967, p. 70-71. 


Now let us do a little "tinkering" with Einstein's postulates. For the first one, we point out that in the new approach using 
dimensioning and subspaces, the notion of an inertial frame now has acquired additional complexity! The "gross translation" 
effects—which tends to be what physics ultimately focuses upon—can remain the same, and yet vacuum engines can be buried 
up inside the inertial frame to act upon a mass in non-translating ways. Everything translation-wise can remain the same, but 
now matter can be transmuted and transformed, etc., still right there in an inertial frame. So when the infolded electrodynamics 
inside all fields, potentials, and waves are utilized, the notion of "inertial frame" has acquired a higher topology and then one 
inertial frame may differ very substantially from another inertial frame. This of course move one from special relativity into full 
general relativity, and even there into a slight extension. Special relativity can remain special relativity on the surface, and yet 
effects occur "Within" the objects postulated to exist in this inertial frame. The "inertial frame" concept in the postulates is now 
just a sort of special "equilibrium case" of a higher topology "inertial frame" notion. 


The second postulate now stands as a "special case" of a far more general second postulate. It actually defines (and limits) 
"light" to bulk changes in the entire vacuum potential magnitude. It only applies to light signals which are "bulk upheaval" 
disturbances of the vacuum potential (spacetime). Specifically it need not apply to the "inner EM/GR realm" of longitudinal EM 
waves infolded inside the vacuum potential, other potentials, signal carriers, etc. Superluminal communication is now included 
in this "hidden variable" communication. The Fogal semiconductor is in fact capable of infolding and outfolding EM signals, 
including producing the internal longitudinal EM waves, and during their infolded state these signals are permitted to move at 
superluminal velocity. 


So the second postulate needs to be restated to include the present statement as a special case. Notice that the concepts "light" 
and "speed of light" have now taken on much richer, extended meanings, since there is "outfolded" light and "infolded" light, so 
to speak. Light now is not just the "external perturbation wave" in the ambient vacuum potential medium (in flat spacetime). 
Instead, it can also be an "internal perturbation longitudinal wave" inside a "net flat spacetime" which does not show on the 
"surface" at all. Indeed, it may move in the time dimension or in 3-space. It now includes the transmission of an extraordinary 
"vacuum engine" as well as the usual transmission of just an ordinary signal. 


And these infolded vacuum engines can be visualized as very special sets of longitudinal EM waves and their dynamics, 
consistent with the Whittaker decomposition. His U(1) symmetry electrodynamics decomposition—particularly when enriched 
in the higher symmetry O(3) electrodynamics—applies to the ambient vacuum as a potential (it is a potential since it has energy 
density). So the "subspace" inside spacetime, so to speak, is just a set of LWs and their dynamics, and that subspace itself is 
engineerable, just as is the "bulk curvature of spacetime" itself. Further, we may now consider space itself is just a vast 
superhighway for such superluminal LWs and their dynamics. Mass is mostly empty space with only an occasional particle here 
and there and with fields, potentials, and waves in between. Hence huge masses such as the ocean and earth are actually 
superhighways for the direct passage of longitudinal EM waves, "engines", etc. The degree of "transparency" is a function of 
the degree of cleanness of the LWs. 


The third postulate has also been dramatically extended and requires revision. As presently stated, antigravity effects do not 
appear to be included in present physics heretofore. The "gravitational effects and external accelerated effects" notion in 
conventional physics is still founded purely on ordinary bulk translation. Now it need not be. For example, the system can 
appear to be an ordinary system, as judged by normal "external light" observation. Yet its internal vacuum engines can cause 
local violation of most so-called "laws of nature." The reason a "law of nature" can be violated is that one is now able to violate 
the premises upon which it is postulated, and which are required to hold if the law is to hold. Or another way to look at it: any 
conservation law is the result of a symmetry. Breaking that symmetry allows violation of that specific conservation law. 


So as we've said so many times before, the infolded EM inside the "conventional" EM fields, waves, and potentials—and inside 
the vacuum potential and spacetime itself—dramatically changes the present theories of electromagnetism, quantum mechanics, 
and general relativity. Further, for the first time the Sachs unified field theory allows an engineering approach which 
simultaneously crosses, includes, and extends all three disciplines in the required manner. The approach can be placed into 
good engineering models based on the Sachs work, particularly using the O(3) electrodynamics subset spearheaded by Evans, 
and the models can be tested and verified or falsified. 


EINSTEIN'S GENERAL THEORY OF RELATIVITY 


Mathematical theory of gravitation in which the gravitational force is mathematically described by a curvature in space or 
spacetime. 


In other words, the geometry and its dynamics have become physical agents. 


It is important to note that, in general relativity, the curvature of spacetime acts on mass-energy, and changes in or to mass- 
energy interact back upon spacetime to change its curvature. 


Further, we consider that an exact pattern of curvatures of spacetime and their dynamics exists for every mass system and its 
dynamics. This is the engine concept. The most general way to engineer matter is not by brute force translation, but by forming 
spacetime engines. Once formed, these engines act upon any mass placed in the engine region, to eliminate the deltas existing 
in that mass's resident engine and the impressed engine. The curvature of spacetime itself furnishes the energy for the 
continuing action upon the mass, once we pay to form the engine. The mass can be acted upon at any level, from its gluons and 
quarks to its nuclei, to its atoms, its lattice forces and binding energy, etc. Significantly, the Sachs theory applies to physical 
reality from beneath the quarks and gluons to the entire universe, and folds in quantum mechanics, electrodynamics, and general 
relativity into a single unified field theory that is (in theory) engineerable by higher symmetry electrodynamics means. 


ELECTRIC FIELD 
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The conventional definition is this: "1. a region in space in which a stationary electric charge experiences a force due to its 
charge. 2. the electric force per unit test charge." Dictionary of Science and Technology, ibid., p. 720. That definition is 
flawed. Consider the "spatial aspects" of part 1. If an electric field is defined as a force per unit charge, it is not a region in 
massless space but is an effect of something existing in massless space and interacting with the charged mass. The electric field 
prior to interaction is indeed related to a region in space, because it is identically a curved spacetime region. In the Sachs 
approach, general relativity and electrodynamics have become one and the same. So prior to interaction, the field as it 
independently exists prior to interaction with charge has become a curved spacetime region, and the field is purely a spacetime 
curvature effect. The interaction with mass to produce a force on and of that mass (mass is a component of force, and there is no 
such thing as a massless force) is a separate consideration from the field as it exists in space prior to interaction. The result of 
this entity's interaction with charged mass has nothing to do with what an electric field is; but with what it does to charged 
mass. Further, the force evidenced on a charged particle is not due to its charge; it has that charge always, whether or not there is 
a net force evidenced on it! 


Part 2 is a little better. The only problem is, it totally disagrees with the entity existing in space prior to interaction. In other 
words, here it's a "force on a charge", which is an effect occurring after the interaction. Again, it is what the field does or 
accomplishes, not what it is. Hopefully the reader can now begin to see what terrible difficulties await anyone who seriously 
attempts foundations definitions. Feynman sums it up admirably in one of his famous statements: "Everything we know is only 
some kind of approximation, therefore, things must be learned only to be unlearned again or, more likely, corrected." An 
additional difficulty is that the very notion of a separate massless force independent of the mass on which it operates, is 
fictitious, yet continues to be widely used. Recalling that any true definition is an identity and not an equation, let us start with 
the definition of force: 

F = d/dt(mv). As can be seen, force is a system comprised of (i) a mass component and (ii) a nonmass component. The force is 
not something separate from the mass, at all! Further, force is not even unitary. It's a system comprised of two coupled 
components; the mass and a coupled (interacting) gradient in a potential flux. Note that v involves motion through, and 
interaction with, the virtual flux comprising the vacuum potential. Note that dv/dt involves a gradient in that flux interaction 
with the mass. Unfortunately mechanics is still using the medieval concept of a "separate force acting upon a separate mass." 
That is wrong, unless we change the fundamental definition of force itself. See, e.g., Robert Bruce Lindsay and Henry 
Margenau, Foundations of Physics, Dover Publications, New York, 1963, p. 283, where the authors emphasize that a "field of 
force" at any point is actually defined only for the case when a unit mass is present at that point. The reason can be seen: mass 
is a necessary component of force, and without mass present there cannot be a force present. 


ELECTRIC DIPOLE 


See Dipole. 


ELECTRODYNAMICIST 


A specialist in electrodynamics, 





...the physics of the relationships between electric, magnetic, and mechanical phenomena—and especially a specialist in 
electrodynamics theory. 


It should be pointed out that essentially all electrodynamicists are versed in U(1) electrodynamics, and a much smaller number 
are versed in more advanced electrodynamics such as O(3) symmetry electrodynamics, unified field theory electrodynamics, 
non-Abelian electrodynamics, etc. The electrodynamics field is actually a very vast field indeed, touching everything in 
physics. Very often, when one needs a particular electrodynamics problem solved, it calls for a special category of 
electrodynamicist and not just an electrodynamicist in general. One must therefore sometimes examine the background of the 
electrodynamicist making a statement or a pronouncement: electrodynamicists after all do have differing views and differing 
disciplines within the field. 


ELECTROMAGNETIC PULSE (EMP) 


A sharp pulse of electromagnetic radiation produced when an explosion occurs in an unsymmetrical environment, especially at 
or near the earth's surface or at high altitudes. 


Essentially the same as an electromagnetic shock wave, a wave of great intensity which results when waves with different 
intensities propagate with different velocities in a nonlinear optical medium. An EMP is also produced when two intense 
longitudinal scalar electrostatic potential wave patterns meet and couple into a sudden flash of vector EM energy. 


ELECTROMAGNETIC SMOG 


The background of extremely weak EM radiation that fills the normal modern environment, particularly in developed nations. 





The individual signals are too weak to individually produce effects of any significance in biological systems. However, in a 
dense EM smog environment with 500,000 signals per square meter per second, the signal complex and its nonlinearity begin to 
produce highly nonlinear effects in biological systems. These effects also produce damage that may cumulate over a long 
period of time, including for years. This bioeffects area has largely not been investigated by EM bioeffects scientists. 


It should be pointed out that electric lines, telephone lines, transmission lines, etc. act as long wire antennas to detect and 
propagate such very weak EM signal noise. Essentially all the radiators in the environment—including electronics equipment, 
TV stations, radio stations, factory machinery, etc.—thus produce very weak signals picked up by these long line antennas and 
piped into every home, factory, neighborhood, etc. 


ELECTROMOTIVE FORCE (EMF) 


A difference of potential created by sources of electrical energy—i.e., by separated charges (dipoles)—which can be utilized to 
drive electrical currents through external circuits. Also, open circuit voltage, or the limit of the potential difference between the 
source's terminals as the current in the external circuit approaches zero. 











Poorly named. Also quite confused in the standard theory and usage. First, emf is not a force at all. It is a difference in 
potential, hence it is measured in volts. Also, it is not considered an E-field, since that is a field of force. Yet it is in facta, 
restricted to the direction between the two measurement points, and is considered to be an E-field in the theory! 


For this reason the standard theorists say that the term is sometimes used as equivalent to a difference in potential, but that 
strictly speaking it should be applied only to a source of electrical energy! The problem is that conventional theorists are 
unaware that a potential is a bidirectional flow of energy in 3-space, where the energy enters from the time-domain (complex 
plane). Since they are unaware that a potential is hidden negentropic energy flow process involving broken 3-symmetry and 
viable 4-symmetry, the theorists are unable to consider the potential in general as a source of energy flow. Yet they are forced to 
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consider a potential difference across the terminals of a source as "somehow a flow of energy, that generates forces upon the 
electrons to propel them through the circuit as current flow." 


In the new viewpoint, a resolution is achieved of these incongruities by more accurately defining the E-field with respect to the 
potential as E [q]/q. It is noted that [dA/dt]q/q also produces an E-field, so that the full definition of the E-field is as E 
[(+dA/dt)q]/q. However, one volt represents one joule (of excess energy) per coulomb of charge. The energy density flow in an 
electric circuit is in the voltage, in the emf, and it is not in the current per se. The electron current (drift current) carries the 
excess energy that is being dissipated as work in the circuit, but in a nominal circuit the drift current only moves a few inches 
per hour. Half the energy is dissipated in the external circuit and external losses, and half is dissipated in forcing spent electrons 
in the ground return line back up through the back-emf of the source, performing work inside the source to dissipate its 
separation of charges. Left alone, any dipole will furnish emf indefinitely, freely receiving the energy from the time domain 
(complex plane) and outputting it in 3-space. The free flow of EM energy will continue unabated from the undestroyed dipole, 
regardless of how many external loads and losses are powered (how much energy is collected and dissipated from the ongoing 
flows representing the potential). So electrical circuits should be developed which allow little or no electrons to be forced back 
up through the dipole to dissipate its separation of charges and destroy the dipole. 


ELECTROMOTIVE FORCE, BACK (BACK EMF) 


Back emf is a loose term used for the counter-electromotive force. 





When the source is powering a circuit or circuit element, the term "back emf" is used to refer to the forcing of current 
(electrons) back up through the source against its emf, thereby performing work inside the source to dissipate its separation of 
charges (its dipolarity). When a potential source of electrical energy—such as a capacitor, an inductor, or a rotating machine— 
is receiving energy from the source and converting it to dissipative power and work, that "powered" device is said to develop a 
counter-emf. A source has a built-in emf a priori, that is holding its charges separated so that it is dipolar. When electron 
current is forced backwards through the source through its built-in counter-emf, and backwards against its emf, work is 
performed against the internal resistance of the source to dissipate its separation of charges, thereby dissipating the source. If 
electron current is not allowed to flow back up through the source against its back emf and through its built-in counter-emf, no 
dissipation of the source occurs, even though energy density (not electron current dq/dt but energy flow d/dt) is flowing from the 
source and can be collected in collectors in the external circuit to store the energy as a created local energy source. This 
collected energy can then be shuttled to a separate load circuit and released, to provide a "heat pump" cycling operation and 
overunity coefficient of performance. 


Nikola Tesla in fact knew how to shuttle energy in a circuit in such fashion, as Barrett's quaternion analysis of Tesla's actual 
patented circuits has revealed. [See T.W. Barrett, "Tesla's Nonlinear Oscillator-Shuttle-Circuit (OSC) Theory," Annales de la 
Fondation Louis de Broglie, 16(1), 1991, p. 23-41.] Note that a rigorous analysis of those same circuits, using tensors or 
vectors, will not show the effect. 





When the original source dipole is not dissipated because electron current is not passed back up through its back-emf to scatter 
the charges, the original source dipole will continue to furnish emf indefinitely. 


The terms emf and counter-emf are normally applied only to recognized sources of electricity. Emf is applied as the algebraic 
sum of the potential differences acting in a circuit attached to a source. Back-emf (counter-emf) is applied as the potential 
difference internally through the source, between its terminals. Its main application is thought to be a powered device or 
component in the circuit. Actually, its main application is to prevent COP>1.0 electrical power systems from being developed 
and utilized. 


ELECTROMYOGRAPHY (EMG) 


A diagnostic application which detects changes in electrical potentials associated with muscle contractions. 





Specific electrical patterns have been associated with specific abnormal states (e.g., denervated muscle), but the method has not 
yet been systematically developed beyond this application. 


ELECTRON 


Stable elementary particle in all atoms, and having a negative charge of 1.602x10=!2 coulombs, spin 4, and mass of 9.11x10=3! 
kilograms. 





ELECTRON GAS 


A system of electrons with only weak interactions so that the electrons may be regarded as moving independently. 





Thus, in many ways, that collection of electrons can be treated as a gas. Also see discussion under Drude Electron Gas. 


ELECTRO-OPTICS 


A technology in which electrons are focused and steered as if they were light. Examples are the cathode ray tube (CRT) and the 
electron microscope. 





ELECTRO-POLLUTION 


Also called electromagnetic smog and electronic smog. The conglomerate or maze of EM fields and radiations that are 
produced by technologies such as electric power transmission and radio transmission, and that can have long term cumulative 
harmful effects on humans. 


The new viewpoint dramatically extends the types of fields and effects involved, and gives entirely new mechanisms for the 
interaction of EM fields and radiation with biological systems, including cumulative effects, signal-density effects, and vacuum 
engine effects. A mechanism for long term causation of cancer and leukemia by electro-pollution is derivable in the new 
approach. 


As an example, even though the myriad of very weak EM signals comprising the electro-pollution are individually tiny, each 
when interacting at a local site with the body or its cells involves a broken 3-symmetry and thus an involvement of 4-symmetry, 
with corresponding giant negentropy. Further, the Heaviside dark energy component accompanying that local field interaction 
will in turn interact with essentially all the other locations of the body. Each of these interactions involves broken 3-symmetry 
and involvement of 4-symmetry. The result of the large complex of broken 4-symmetries constitutes a direct structuring in the 
time domain, hence weak time-pumping and weak time-charging. Time charge excitation decays only very slowly, emitting 
longitudinal EM waves inside the body as the charge decays. 


Over a long period of time (sometimes years), this "time-hash" or "time-jamming" upon the operation of the master cellular 
control system, the immune system, and the cellular regeneration system is cumulatively detrimental. In this way, effects such 
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as leukemia, cancer, etc. may be gradually "kindled". However, there have been no real scientific laboratory "cause and effect" 
investigations of this phenomenology at all. Nonetheless, the results will and do show in epidemiology studies, which are then 
attacked by orthodox scientists (many employed directly or indirectly by the power industry, etc.) on the grounds that no 
laboratory cause and effect evidence has been shown. 


In short, this is one of the areas where the lack of scientific cause and effect laboratory evidence—because such experiments 
have not even been done—is improperly used to negate real scientific work showing deleterious effects that powerful interests 
do not wish shown. 

ELECTRO-RETINOGRAPHY (ERG) 


A diagnostic application that monitors changes in electrical potentials across the retina to assess eye movements. 





This is almost the only method available for noninvasive monitoring of Rapid Eye Movement (REM) sleep. 


ELECTROSTATIC COOLING 
To be added 


ELECTROSTATIC SCALAR POTENTIAL 
A static (stationary) ordering in the virtual photon flux of vacuum. 


The word "static" is unfortunate and should be replaced by "stationary", since the underlying active vacuum medium is always 
in violent motion, and there is nothing truly "static" in the universe. But an equilibrium condition can exist, even in violent 
motion, so that a stationary entity persists. An example is a perfect whirlpool in a river. 


ELF 
Extremely Low Frequency. 





Used to describe EM fields whose frequencies lie in the range from just above 0 Hz (direct current) to 300 Hz. This includes 
power line frequencies (60 Hz in U.S. and 50 Hz in Europe) and frequencies used by certain U.S. military ELF communication 
systems such as for submerged submarines. 


EM 
Electromagnetics. 
EMF 


Electromotive force. See discussion under that term. 


EM FIELD 


Electromagnetic field. In its loose usage, it refers in a very broad way to any field, force, or energy associated with 
electromagnetic interactions, charges and currents. 








Thus "EM field" includes electrostatic fields, magnetostatic fields, electromagnetic fields (including radiation and induction), 
vector-potential and scalar-potential fields, Hertz potentials, Fitzgerald potentials, Whittaker potentials, etc. 


In its precise usage, "EM field" conventionally refers to an EM "force" field, such as the 

E-field, D-field, B-field, H-field. In classical electromagnetics (CEM), as a holdover from the old assumption of a material 
ether, the force fields are considered (erroneously) to exist in mass-free space, and they are also considered to be the primary 
causes of electromagnetic phenomena. This is a non sequitur, and it involves substituting the effect for the cause. 


In the new viewpoint, the force fields do not exist in vacuum, but only in and on and of the charged particles themselves, where 
mass is present to form one component of the force. The force fields are therefore effects and not primary causes. The primary 
causes of all electromagnetic phenomena is taken to be the potentials; however, the hidden Stoney/Whittaker/Ziolkowski 
internal structures of gradient-free scalar potentials may interfere to cause potential gradients in and on charged particle 
systems. This therefore includes distance-free scalar potential interferometry and action at a distance, as well as vacuum 
engines. 


The new view uses Sachs' unified field theory, and considers that the EM field in the vacuum, or an EM potential in the vacuum, 
is a curvature of spacetime function. Thus the new view is a unified field theory where GR has become EM and EM has 
become GR, and where EM can involve or produce gravitational, temporal, and inertial effects as well. 

EM FORCE FIELD IN THE VACUUM (A FALSE CONCEPT) 


The erroneous notion that there exist forces in the vacuum, so that the set of forces at a set of spatial points forms a force field. 





This ignores the fact that mass is a component of force, and the presence of a force requires the presence of a mass. When 
Maxwell formed his electrodynamics theory, he and almost everyone else believed that a thin material ether pervaded empty 
space. Thus there was a "material medium" in which electromagnetic fields existed, and so it followed that real forces existed in 
this material medium, from point to point. Indeed, to the early electrodynamicists there was no point in all the universe where 
mass was absent. 


Heaviside, Hertz, and Gibbs reduced Maxwell's 20 quaternion equations to the present four vector equations, but did not change 
the force field in space assumption used by Maxwell. Heaviside detested the "mystical" potentials favored by Maxwell, and 
believed they were figments of one's imagination. He regarded the forces as the primary EM causes. 


Yet even while Heaviside et a/. were retranslating and topologically reducing Maxwell's theory dramatically, the Michelson- 
Morley experiment in the 1880s had already destroyed the material ether on which those same force fields were based. 


Physicists, however, have continued to use the notion of a separate force acting on a separate mass, which of course is also a non 
sequitur, substituting effect for cause yet again. Hence the foundations of physics remain fundamentally fouled. 


For a succinct discussion of potentials versus forcefields as the primary EM causes, see Y. Aharonov and D. Bohm, 
"Significance of Electromagnetic Potentials in the Quantum Theory," Physical Review, Second Series, 115(3), 1959, p. 485- 
491. See also Y. Aharonov and D. Bohm, "Further considerations on electromagnetic potentials in the quantum theory," 
Physical Review, 123(4), Aug. 15, 1961, p. 1511-1524. 


EM GENERATRIX 


Whatever generates electromagnetics, particularly the fields. Time is the ultimate EM generatrix. 
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Whittaker showed in 1904 that the interferometry of two scalar potentials (i.e., of their hidden multiwave structures) can create 
all classical EM fields, no matter how complex, thereby starting a branch of electrodynamics known as superpotential theory. 
See E. T. Whittaker, “On an Expression of the Electromagnetic Field Due to Electrons by Means of Two Scalar Potential 
Functions,” Proc. Lond. Math. Soc., Series 2, Vol. 1, 1904, p. 367-372. The paper was published in 1904 and orally delivered in 
1903. 


In 1903 Whittaker showed that any scalar potential (e.g. between the ends of a dipole) can be decomposed into a harmonic set of 
phase conjugate EM longitudinal wavepairs. The present author applied the Whittaker decomposition to the scalar potential 
between the ends of a dipole, and pointed out that the conjugate half-set may be taken as converging EM waves from the 
complex plane (the time domain), while the real half-set may be taken as diverging EM longitudinal waves emitted from the 
dipole in all directions in 3-space. The dipole is a known broken 3-symmetry in the dipole's violent virtual energy exchange 
with the vacuum; hence this shows that breaking 3-spatial symmetry allows nature to fall back to a more primary 4-symmetry. 
Hence energy flow conservation is violated in 3-space, but is rigorously obeyed in 4-space. Further, the free flow of 3-spatial 
energy from the dipole continues so long as the dipole exists. 





The dipole thus is a true negative resistor, receiving EM energy in unusable form (from the complex plane; i.e., the time 
domain), transforming it into usable energy, and outputting the usable energy. This is also the fundamental mechanism for 
extracting unlimited EM energy from the seething vacuum, taking the energy from the time domain via the giant negentropy 
mechanism. See my paper, "Giant Negentropy from the Common Dipole," ibid. 


This also means that the source of all EM 3-spatial energy is from the time domain, and is due to broken 3-symmetry. The 
ultimate EM generatrix is thus time. The ability of a bit of broken 3-symmetry (such as formation of a simple dipole) to initiate 
a continuing and ongoing flow of free EM energy via the 4-symmetry between time-energy and spatial energy, means that 
negentropic engineering, once we get the hang of it, is far easier than our present entropic engineering. In essence, we have to 
learn how to do electrical engineering all over again, from a much more fundamental point of departure. 


EMI (ELECTROMAGNETIC INTERFERENCE) 


Disturbances of electronic equipment's operation by intrusion of extraneous EM signals from outside sources. Also 
disturbances of the operation of one or more subsystems of an electronic system by intrusion of undesired signals from other 


subsystems. 








EMI, ANOMALOUS 


An "ad hoc" term denoting an unexpected nonlinear optical functioning process in a dense signal environment whereby 
nonlinearities on the skin of a vehicle or cover of an equipment become pumped phase conjugate mirrors, so that they emit 
amplified phase conjugate replicas (PCRs)—of signals and fields impinging upon the skin or covering and the nonlinearity from 
electronic circuitry operating inside. 














By the distortion correction theorem, these amplified PCRs precisely backtrack the signal waves that impinged upon the phase 
conjugate mirror from inside the vehicle or electronics, back to the original source of the internal signal. The result is the 
scavenging of energy from the dense electronic signal environment and sharply focusing and directing it into the operating 
circuits of the internal electronics. Thus internal signals, often amplified, start sporadically appearing through the circuits. 
These sporadic jamming signals due to the anomalous EMI effect are known as EMI fireflies. 


Such EMI fireflies were resoundingly experienced in U.S. missiles and aircraft in the U.S. air attack on Libya in 1986. 
Although some of the anomalous EMI effects could have been produced by the unusually dense EM signal environment and 
poor hardening of circuits and electronics, it is believed that the weak jamming was also a test being conducted of a laboratory 
prototype Russian quantum potential weapon. 


This weapon appears to have been finished and deployed at the end of 1989, and then utilized against Allied forces in the Gulf 
War, accounting for the Gulf War Disease. We have previously explained why British, Canadian, and American soldiers 
acquired the disease, why the native populace did not, and why the French troops did not. 


Inside the human body, the anomalous EMI effects may be used to produce time-charging and delayed interference with the 
immune system, the master cellular control system, and the cellular regeneration system. By using dimensioned signals, the 
targeted systems can be specifically and deterministically affected as desired, for any set of disease damage types and 
symptomology desired. So the technology may be used to induce a "cocktail" mix of various infectious disease damage types. 
The induced time-charging effects—where the time-charge is dimensioned—followed by longitudinal EM wave emissions from 
the time-charges as they decay in the veteran's body, can induce the same or similar symptoms and damage in close family 
members exposed to the weak but dimensioned longitudinal EM radiation. This applies not only to wives but also to family 
members such as children often in close proximity to the veteran. In addition, exchange of bodily fluids from the veteran to his 
spouse can directly induce the symptoms in the spouse since those fluids are themselves still time-charged (with dimensioned 
time charge) and slowly decaying. 


ENDOTHERMIC EXPLOSION 


An EM implosion, resulting in explosive electrostatic cooling. The sudden, explosive reversal of electromagnetic energy 
scattering in a spacetime area so that the local EM heat energy is converted back to a negative potential. In this manner. 
explosive electrostatic cooling occurs in the area. 











Endothermic EM explosion occurs by pulsed scalar Whittaker interference of two longitudinal EM wavesets beamed from two 
LW EM transmitters. The distant transmitters of the LW interferometer must have their local electrical grounds biased well 
below the ambient zero potential in the distant interference zone (IZ). Whittaker internal EM waves radiate through subspace 
(the LW superhighways inside EM fields, potentials, and waves in mass) from the transmitter to the interference zone, and also 
from the interference zone back to the negatively biased transmitter/receiver, emerging there as ordinary electromagnetic 
scattering energy or heat. All normal explosions are exothermic in nature, and ordinary electromagnetic heat energy is radiated 
away. A scalar EM interferometer/howitzer, however, may produce an endothermic explosion (an energy implosion) at a 
distance, explosively extracting the heat energy at the implosion site and receiving the energy back at the transmitter site for 
disposal. 


The same LW interferometer can also produce an exothermic explosion in the distant interference zone, merely by positively 
biasing the electrical chassis grounds of the scalar EM potential transmitters and pulsing the transmission. Negative biasing of 
the transmitters' electrical chassis grounds and a pulsed transmission result in an endothermic explosion in the distant 
interference zone. 


ENDOTHERMIC LONGITUDINAL EM WAVE INTERFEROMETRY 


Extraction of EM energy from a distant intersection area by a scalar interferometry whose electrical grounding is biased well 
below the ambient potential in the distant interference zone. 
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The result is a cooling of the interference zone, and heat energy emerging at the transmitters. 


ENERGETICS 


The Russian term for what I have called advanced higher-symmetry electromagnetics, 





..using artificially constructed Whittaker internal biwave structures to make activated potentials that have specific, desired 
"vacuum engines", where the EM field is a curvature of spacetime function, and thus involving a unified field theory that is 
engineerable by novel electrodynamic means. 


I believe that the closest Western work approaching the Russian energetics science is the O(3) higher symmetry electrodynamics 
pioneered by Evans, particularly when combined with Sachs' unified field theory as an important subset. The other closest 
Western work would seem to be the important work of Barrett in SU(2)xSU(2) symmetry electrodynamics. 


The activated potential containing the infolded vacuum engine structures is said to have been dimensioned. These dimensioned 
potentials can be combined to form EM carrier waves which contain the hidden vacuum engines. These vacuum engines, scalar 
Whittaker EM interferometry, and activation of vacua and matter are used to perform unified field engineering. 


Russian energetics also adds the formation and use of the quantum potential, enabling 

(i) instantaneous action at a distance with multiple separated target nodes, (ii) essentially limitless direct energy amplification in 
the assembly of receiving nodes, without additional energy input at the initiating node, and (iii) engineering of hidden variables 
inside distant targets, instantaneously, without transmission as such through space. The quantum potential itself can be 
dimensioned, so that vacuum engines can be instantaneously transmitted into distant targets, altering their local spacetimes to 
contain the desired engine(s). Note that no intervening barrier can "impede" or "shield" a quantum potential because it does not 
travel through space as such; it just appears everywhere at once in the space where it will be. 


Adding to classical EM theory, general relativity, and quantum mechanics the internal EM energy in the scalar EM potential will 
generate a superset of each discipline. These three new supersets are unified in their common internal EM energy subset. As a 
bonus mind, personality, memory, and deep biological cellular and system control are also available, since the internal time- 
energy domain is used by biological systems for these living functions. Energetics thus is an engineerable, unified field theory 
of physics and metaphysics. 


Russian energetics is largely still a "secret" science, developed over the last five decades and highly weaponized. In the Russian 
scheme the overall area is called energetics. It consists of three subsets: (i) energetics, which applies to nonliving systems, (ii) 
bioenergetics, which applies to the physical bodies, cells, chemistry, genetics, etc. of living organisms, and 

(iii) psychoenergetics, which applies directly to the minds, personalities, memories, emotions, and perceptions of living 
systems. Russian energetics research, development, weapons, and weapon sites are under the rigid control and operation of the 
KGB, by whatever name it may use from time to time. The energetics weapons are not in the regular Russian armed forces. 
Energetics weapons have been tested worldwide for several decades, and this testing has been documented elsewhere by the 
present author. 


ENERGY 
Usually erroneously defined as the "capacity to do work". 





The closest definition is: The invariance of that which is varying. Note that this is a 5-law logic definition and not an 
Aristotelian definition. 





Here we have a real bucket of worms. This term is usually totally misdefined (as in the nostrum that "energy is the capacity to 
work") in physics, which defines energy as the "ability to scatter itself or change its own form" which obviously are not 
identities! A common definition is given as "a quantity that describes the capacity to do work; commonly divided into three 
major classifications: kinetic (dynamic) energy, potential (static) energy, and radiant (electromagnetic) energy. Well, energy can 
be changed in form and that is work. But energy is not the "capacity to change its own form", but is its own form, as can be 
seen. 


Anyway, we'll have a go at a definition perhaps a little more acceptable, though still imperfect. Then we'll discuss things a bit. 


Rigorously, energy is any deterministic or coherent structuring, either dynamic or stationary, existing in the virtual particle flux 
of vacuum. While that sounds good, it is still "the invariance of that which is varying." Ultimately, a thing is defined in terms 
of its appositive. 





The type of energy depends upon the type of virtual particle(s) whose flux is selected. E.g., electromagnetic energy is a 
deterministic or coherent structuring, either dynamic or stationary, in the virtual photon flux of vacuum. Any trapped energy 
(ordering in the vacuum virtual particle flux) is gravitational in nature, since trapped energy is gravitational. In a mass, e.g., it is 
the trapped energy that is gravitational, not the mass per se, in the modern view. Contrast the definition of electromagnetic 
energy to the definition of an electrostatic scalar potential (ESSP): The electrostatic scalar potential is a stationary trapped 
deterministic or coherent dynamic wave-structuring of the virtual photon flux of vacuum. Thus it can be seen that the ESSP is a 
special case of EM energy: the stationary trapped case. For this reason, a mass—which is an enormous amount of statically 
trapped EM energy—may properly be considered as an extremely dense EM potential, which we refer to as the mass potential. 


A potential is any trapped ordering or coherence, either static or dynamic, in the virtual particle flux of vacuum. A specific type 
of potential represents a selection of a particular virtual particle's flux in the vacuum, and an ordering—either static or dynamic 
—imposed in that flux. 


However, since the scalar potential is just the static ordering in the virtual particle flux of vacuum, it follows that the scalar 
potential must contain—and in fact be totally composed of—internal order. E. T. Whittaker showed the form of that order in 
1904. (See entry under Whittaker, E. T.) The scalar potential is composed of a harmonic series of pairs of antiparallel 
transverse waves. The antiwave of each wave/antiwave pair is a time reversed replica of the wave in that pair. In other words, 
the scalar potential is a special type of Fourier harmonic frequency expansion, coupled with its own phase conjugate present 
simultaneously. 


Feynman said it bluntly: "Jt is important to realize that in physics today, we have no knowledge of what energy is." [Richard P. 
Feynman, Robert B. Leighton, and Matthew Sands, Lectures on Physics, Addison-Wesley, Reading, MA, Vol. 1, 1964, p. 4-2.] 


E.g., particularly see R. B. Lindsay, "The concept of energy and its early historical development." Foundations of Physics, 
1(4), 1971, p. 383-393. Lindsay investigates the concept of energy from its early historical origin. The root of the concept is the 
notion of invariance in the midst of change. Lindsay covers the concept and its evolvement (or lack thereof!) from ancient times 
through the 18th century. 


The real problem is that the notion of energy implicitly involves the age-old unresolved philosophical problem of change, posed 
by Heraclitus over 3,000 years ago and unresolved to this day. [t cannot be solved within the realm of 3-law Aristotelian logic! 
One way of posing it is something like this, after Heraclitus: "For a thing to change, it must turn into something else. How can a 
thing be itself and something else also? How can a thing have changed, and yet not have changed?" 
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The problem is that Aristotelian logic has a serious flaw of omission; it actually implicitly assumes a fourth law, which is the 
age-old philosopher's nightmare that, when a thing is pursued to the limit, it invariably turns into its own opposite. So in anguish 
the philosophers spoke of this nightmare as the "accursed necessity for the identity of opposites." 


I did resolve the philosophers’ nightmare some years ago, by adding a fourth law of logic to the Aristotelian three, which 
completes and extends Aristotelian logic, and an application rule which can be taken as a fifth law. E.g., see Appendix HI: "A 
Conditional Criterion for Identity, Leading to a Fourth Law of Logic," in T. E. Bearden, AIDS: Biological Warfare, Tesla Book 
Company, Chula Vista, California, 1988, p. 428-443. A simple proof of the fourth law is given in that paper. For a much more 
elegant treatment of a higher topology logic, which is also practical and useful beyond the limitations of Aristotelian logic, see 
G. Spencer Brown, Laws of Form. Julian Press, New York, 1972. For a proper perspective on mathematics and on Aristotelian 
logic, see Morris Kline, Mathematics: The Loss of Certainty, Oxford University Press, New York, 1980. 


It may be that, since by "identity" we mean at least the identity of "left" and "right" different observations, considering the left 
and right sides of the identity statement. If so, then already we involve a violation of Aristotelian logic in the very notion of 
"definition". In short, ultimately we can only define a thing in terms of an appositive in the first place. So we write an identity 
statement where left and right are different sides, then state "Oh, no, they are the same thing after all!" Said in that manner, the 
problem can clearly be seen. In one sense a definition is pure Zen, where no truth can be stated at all unless the speaker says 
two exactly opposing things, and then waits for the recipient to realize the truth that has been stated. 


What this all means is that, since "energy" (and any other definition, ultimately) involves a logical contradiction in Aristotelian 
logic, we must "define" energy simultaneously in an appositive ways: (i) in the wave view and (11) in the particle view. However, 
we point out that the notion of a "moving particle" is the notion of something considered momentarily as fixed (i.e., the 
particle), but which is immediately thereafter (in time snapshot #2) considered as moving. Notice that "moving" is changing, 
and so it involves Heraclitus' problem of change a priori. The notion of a "moving wave" is also a similar thing; i.e., "a wave" 
momentarily considers the entity as static and not changing (in time snapshot #1), and in the next moment (time snapshot #2) 
considers it as moving (changing). We can only point out this dichotomy for the reader to reflect upon and hopefully to grasp. 
The conscious mind is a serial processor; it is extremely fast but still perceives snapshot by snapshot, serially. It essentially has 
been fitted to the single photon interaction, as has Aristotle's three laws of logic. The problem is in the operation of conscious 
perception itself, not in nature which is not limited to just serial processing. 


The unconscious mind is a massively parallel processor, so it can have many "different slides or snapshots in the slide projector" 
at the same time. So with our conscious mind's perception (Aristotelian logic is just a model of that, using single photon 
interaction as the physical observation mechanism) we see in terms of "either-or". On the other hand, with our unconscious we 
can also grasp the fact that single snapshot A can be the same thing as a totally different snapshot B, if the rules of "decision as 
to identity" are changed between snapshot A and snapshot B. Suppose that by "identity" we mean "incapable of being 
discriminated between." Is a black marble identical to a red marble, e.g.? It is perceived so if you are color blind. It is perceived 
not to be identical if you are not color blind. The point is something that most philosophers missed or brushed aside: identity is 
not absolute, but is "perceived identity". Identity is the result of a decision operation, based on multiple perceptions, recall from 
memory, and comparison of two remembered perceptions. The most simple form of comparison is simple subtraction. 


The unconscious (massively parallel) perception can handle both snapshots simultaneously. The conscious mind only can see a 
single marble at a time, so it will see one or the other. In a third time interval it will recall from memory the first perception, 
compare it with the memory of the second perception (say, by simple detailed subtraction), and then decide whether object A is 
perceived to be identical to object B. The unconscious (massively parallel processor) can handle both the marble snapshots at 
the same time. It can see both the identity of the two, to a color-blind "identity decision process" and also the nonidentity of the 
two, to a color-sensitive "identity decision process." Again, nature is not limited to the single-snapshot, serial perception process 
of our conscious (serial) processor! 


Unfortunately, in physics and mathematics we seem to still be thoroughly confused on this very perception issue. Brown's work 
may be the first work to straighten out the area of the topology of the logic utilized. My own independent effort was successful 
but far cruder than Brown's; Brown did it elegantly. We bring all this out because when one deeply looks into foundations and 
true definitions, one will directly confront the philosopher's nightmare and one's own conscious mind will never be able to 
resolve the problem. One's unconscious can resolve it, but it requires a certain "stretching of the realization" to harmonize 
monocular perception of the conscious mind with multiocular perception of the unconscious mind. 


Just as a small example, the question of "is it a wave or a particle" once raged as a great debate in physics, and was never 
resolved. Instead, physicists just finally shook hands and agreed to quit arguing and fighting about it, and agreed to accept that 
the same entity could sometimes act as a particle, and in other cases it could act as a wave, and that as it existed in the present, 
before observation, it was somehow both a wave and a particle but we couldn't see its true nation (in that fashion). The key, of 
course, is that the question was posed in "either-or" form (Aristotelian logic form), and it cannot be answered in that reduced 
logic. Instead, a higher topology logic is required. Brown's logic answers it easily, as does my own four law superset of 
Aristotelian logic (five law superset if we count the application rule as a separate law). In the present, e.g., we have masstime 
and not mass. Just after a photon is emitted, we have mass and not masstime. The latter photon emission process consummates 
"observation." The point is, the true entity does exist in zero time as a spatial entity. It is not a spatial entity but is a 
spatiotemporal entity. If the "interaction" process tears off its "time-tail," it is converted to a "spatial entity" (frozen snapshot) 
and therefore seems to be a particle. If the "interaction" process does not remove the time-tail, it remains a spatiotemporal entity 
and therefore seems to be a wave. The concept of particle is 3-spatial concept. The concept of wave involves time also. No wave 
can exist and "be a wave or wavelike" unless it has some time extension to "be waving" in! 


The physicists debating the wave-particle duality, you see, missed the most important point that no observable exists in time or 
persists, a priori. Hence rigorously no particle exists in time. 


So we define energy (particle view) as any virtual particle flux pattern, where that definition automatically considers a single 
particle in translation as well as multiple particles in their myriad of translations. We define energy (wave view) as any wave 
flux, where that automatically considers a single wave in translation as well as multiple waves in their myriad of translations. 
Now note that one is going to have to deal with, and discriminate between, energy, energy flow, energy collection, and 
collected-energy dissipation. 


As the reader can see, whenever one struggles with foundations issues, the problems get very complicated. We've beat this dead 
horse quite enough, and leave the further beating to the reader! 


ENERGY AMPLIFYING COIL 


A coil whose magnetic energy flow input is first split into two energy flow inputs, each equal to the original energy flow 
available from a magnetic source. Both the split energy flows then interact simultaneously with the coil, amplifying its 
electrical energy output compared to the conventional case where only a single energy flow interacts with the coil. 











In the motionless electromagnetic generator (MEG), the curl of the magnetic vector potential of a permanent magnet (i.e., its 
magnetic field), is extracted and held within the core material of a special transformer, while the magnetic vector potential of the 
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permanent magnet is freely replenished in uncurled (field-free) magnetic vector potential form in space around the core 
material. Both the full magnetic field in the core and the full uncurled magnetic vector potential in space adjacent to the core 
interact with each output coil of the transformer. Hence a single potential energy flow is "split" into two flows each equal to the 
original EM energy flow, and both the parallel flows energetically interact with the output coil. This increases the energy 
interacting with the coil by this "dual interaction", so that the coil is said to be an "energy amplifying coil". 


ENERGY COLLECTION/COLLECTING 


In electromagnetics, exposure of an interceptor/collector, e.g., a charged particle, into an impinging EM energy flow, so that 
some of the flow is diverted around the intercepting particle. We may say that the flow of energy has been "reordered" in a 
stream around the diverting charge. 











Energy collection is not a thing which "has been accomplished" and finished; instead, it is an ongoing process. 


Note now that, if you perform or consider or impose any sort of ordering at all in the energy flow/flux, rigorously you have just 
implied an energy collection/collecting process. The energy part of a photon, e.g., would seem not to be "energy" per se. Instead, 
it is an energy collection/collecting, and a time collection/collecting as well. Yet that energy part is energy also! [Not to worry! 
Energy and energy-collecting, contrasted as appositives, become identities at the extreme boundary separating the two concepts. 
That boundary is the photon concept. Aristotelian logic does not apply on the boundary, which violates the Aristotelian law of 
the excluded middle.] More reasonably, a charged capacitor does not have "stored energy" per se in it, in the sense of "so many 
chunks of energy called joules". Instead, it has an ongoing energy collection/collecting process, where the asymmetry in the 
local vacuum flux exchange, of the dipole across the capacitor plates, continually extracts and "gates" a flow of EM energy from 
the capacitor dipole. That energy-flow bathes all the trapped charges in the capacitor. The energy-flow interaction with the 
trapped charges creates the 

E-field and all the rest. 


The diverted part of the total energy flow, is what is calculated in the "Poynting flow" or 
S-flow. 


ENERGY, DISINTEGRATED 


An ad hoc term for the energy of the incoherent virtual particles in the virtual particle flux. 





ENERGY DISSIPATION 


Refers to the scattering or disordering of energy. 
This is somewhat of a misnomer, broadly used in physics and somewhat erroneous. 


Energy dissipation" per se does not mean that the energy is destroyed. Instead, there is the dissipation of the ordering 
(collected/collecting) of energy in which the diversion (local ordering) process disappears. What we call the "dissipation in 
space" of energy is rigorously the dissipation of the collection/collecting in space of the energy. In short, the energy is scattered, 
as in a resistive load, in all directions. But it is still there in space, just disordered. 


Recall that all EM energy at a dipolarity comes directly from the time domain. It is the collecting process, not the energy, that is 
dissipated from a point or a region. Only collected/collecting of energy can be truly dissipated. With that understood, then 
dissipation of collected energy is simply removing the "collector" from the energy density flow impinging upon it to cause the 
collecting process to occur, or removing the flow of energy impinging upon the collector so that it intercepts and diverges some 
of it around itself. 


So there are two ways in which this "collected energy" dissipation can occur: (i) the collector is moved out of the impinging 
energy-flow-stream, or (ii) the energy-flow-stream impinging on the collector is reduced to zero. Note that "changing the form" 
of the energy—i.e., changing the collector and the type of collecting—involves both conditions (i) and (ii). Thus energy is 
dissipated when the collector/collecting form is changed. In the conventional, less accurate statement, work is performed when 
"the form of the energy is changed." That now should be stated as "work is performed when the collector in the energy-flow- 
stream is changed to a different collector, because the first collector must be removed from the energy-flow-stream or the 
energy-flow-stream must be removed from it. 


In physics we also consider that "positive" work by a body is work it does on something else, while "negative" work is work 
done upon the body by something else. We specifically emphasize that collection/collecting need not be a unitary, one-time 
occurrence! The EM energy-flow impinging upon a collector roars on by it at something like the speed of light. The entire flow 


is diminished by only about 10-13 (the nominal energy collecting fraction) as it flows onto, and on beyond a coulomb of charge. 
If that departing energy-flow is then retroreflected or otherwise returned to pass back through again, additional energy 
collection/collecting can and does occur from it. This can be repeated many times, particularly in an intensely-scattering, 
optically active material. Also, after the collected fraction of energy is dissipated, we can also retroreflect the scattered energy 
flow back and reuse it again. This too can be repeated many times. 


So we must be careful of the present work-energy theorem, which is a special case and assumes only a single pass of the energy- 
flow in the "collection/collection" of energy that "changes form." If we institute additional passes, with additional 
"collection/collecting of energy, then we can collect and "use" a little more energy from all that enormous energy-flow that 
otherwise would escape us. If we dissipate some of the collected energy, then also intercept the departing dissipated energy flow 
and return it, we can collect some of the energy flow again and then dissipate that new collection again. And so on. 


One can permissibly get many joules of "work" from a single joule of energy by iterative retroreflection, iterative re-collection, 
and iterative dissipation, without violating the conservation of energy law. This is one of the major secrets of overunity energy 
processes. It is proven by the overunity or excess emission (Letokhov was forced to call it "negative absorption of the medium" 
from an intensely scattering, optically active medium, as in the Lawandy experiment and in his patented process for lasing 
without population inversion. It is also proven by Patterson's adaptation of anti-Stokes emission. 


Let's do a gedanken (thought) experiment, where we do not even apply the nominal 10-13 energy collection fraction. Let's just 
conventionally say “energy flow," "energy collection," and "energy dissipation," and ignore the "collection fraction." Since we 
are talking theoretically, we can have a perfect system. So we have a closed system, which we open to input some energy into. 
The system then opens in the load to dissipate all the energy back to the environment, thereby doing work. Now suppose I 
passively (i.e., without any input energy of my own, by perfect retroreflection) return all the dissipated energy back to the input 
once again. We simply let it flow back in, the system collects it again, and then dissipates it again—giving us the same amount 
of work we had the first time. Then we do it again. And again. I think you get the picture. The fact that energy can neither be 
created or destroyed, but only changed, means that the "same energy" can be recycled over and over. One has to have two 
different actions: one that changes the form of the energy so we get some work, and the other that retroreflects and recovers the 
dissipated energy (does negative work!) so that we can recycle it and dissipate it again. In principle, by recycling of energy one 
can get many joules of work from a single joule of energy. Nature does it every day! Every joule of energy formed at the initial 
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"Big Bang," is still with us. Every joule of it has on the average already performed many joules of work since then. And as we 
stated, the anti-Stokes emission process is a concrete example and demonstration that the energy recycling process can be 
accomplished in physical systems, so that the systems permissibly exhibit COP>1.0. 


A most common example is the replenishment of a potential. E.g., the magnetic vector potential can be curled as a B-field, and 
that B-field can be totally confined inside a toroid, inside a long coil, or in certain magnetic core materials (as in the motionless 
electromagnetic generator or MEG for short). The A-potential will be replenished as fast as you withdraw the "total B-field" 
from it. So outside the toroid or the long solenoid, you will have as much 

A-potential energy as you started with, and the Aharonov-Bohm effect proves that the energy is there and will interact with 
electrons. Meanwhile, in the trapped B-field you also have drawn off as much energy as ostensibly the A-potential contained in 
the first place. 


ENERGY, ELECTROMAGNETIC 


Any deterministic or coherent structuring, either dynamic or static, existing in the virtual photon or charged particle flux of 
vacuum. 





Note that, since a photon may also be considered a positron-electron pair, the flux of charged virtual electrons and positrons is 
included in the flux of photons. 


ENERGY FLOW 


The passage of energy, in any form, in one direction or generally in one direction. 





Even though this "definition" is in error, we now just bypass the unresolved "observables do not persist" problem and the 4th 
law nature of change (e.g., motion) problem and proceed. 


Note that this energy flow may be the overall movement of an omnidirectional energy flux, or it may be the movement of 
waves, or both. It may be in the kinetic energy of a moving mass. If the flow is everywhere the same, or even approximately the 
same, we often speak of the entire "flow" as just "energy." Often energy flow is also considered to have occurred from a region 
of more intense energy flux to a region of less intense energy flux, and vice versa. In other words, energy divergence or 
convergence is also considered as energy flow. As can be seen, the usage of the term "energy flow" is not precisely defined in 
physics! It isn't going to be, at least not in ordinary Aristotelian logic terms. 


ENERGY FLUX 


The passage of energy flow, in any form, through a unit area, and in any direction (usually all directions). 





This includes both passage in a single direction, or passage in multiple directions at once. 


ENERGY, FREE 


Any environment or entity which freely emits, furnishes, or makes available energy which can be either collected and used as 
furnished or transduced into usable form and collected and used to power loads and do useful work. 








The word "free" does not apply to costs, but rather to the source of the energy. Of course the ideal is energy that is both free for 
the taking (collecting and using) and also inexpensively taken and used. 


Implicit in the notion of free EM energy from the vacuum are five key concepts: (1) the local vacuum/spacetime itself is filled 
with EM energy of generally unusable form, (2) some sort of organizing principle is utilized in one part of the circuit or system 
to cohere the vacuum energy and transduce it into usable EM form, (3) a gating mechanism is utilized to divert the vacuum 
energy in transduced usable EM form from the active vacuum to the external circuits or load parts of a device, (4) the coherent 
gated extra energy available in the external circuits or load parts is intercepted by those circuits or load parts, couples to them, 
and potentializes them with extra EM energy, so that the energy is collected by the system and regauges the system 
asymmetrically, and (5) the external circuits or load parts then scatter or dissipate the coupled extra energy to produce useful 
work, without destroying the organizing and gating mechanism that is extracting and furnishing usable EM energy from the 
vacuum. 


ENERGY SOURCE 
A function or entity which furnished energy. 





Since energy cannot be created or destroyed, there is really no such thing as a "source", though it is a term commonly used. So 
called "energy sources" actually gate energy, changing it from one form to another. As an example, all 3-space EM energy is 
gated into 3-3-space from the time-domain. To the gating entity or "source" of the 3-space EM energy, there is an input of EM 
energy flow from the time domain (complex plane). The source must be a broken 3-symmetry in energy flow, so that more 
primary 4-symmetry energy flow applies. Hence the conservation law applies to the inflow of energy from the time dimension 
and the outflow of energy in 3-space. 


ENGINEERING, ENTROPIC 
Engineering or designing systems and processes whose operation "spills" or wastes some energy. 


Entropic systems—which are the products of entropic engineering—thus have COP<1.0 and function in forward-time. 


ENGINEERING, NEGENTROPIC 


Engineering or designing systems and processes whose operation freely "receives" excess energy, so that they output more 
energy than the operator inputs, the excess being received from the external environment or other source. 








ENTROPY 


Thermodynamics term representing a measure of a system's capacity to undergo spontaneous change. In short, a quantity which 
measures the extent to which the energy of a system is unavailable to do work. 








Entropy is given by dS = dQ/T, where dS is an infinitesimal change in entropy for a system absorbing an infinitesimal quantity 
of head dQ at absolute temperature T. In statistical mechanics, entropy is a measure of the disorder in a system and is given by S 
=k InP +C, where S is the value of entropy (disorder) for a system in a given state, P is the probability of that state's 
occurrence, k is a fixed constant, and C is an arbitrary constant. Intuitively, the concept of entropy corresponds to the concept of 
disorder. We specifically call attention to the fact that the "S" used in representing entropy is not at all the S used for Poynting 
flow. 
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In physics, a measure of the randomness or disorder of a system. Given by S = k In g, where S is the entropy, k is the 
Boltzmann constant, and g is the total number of microstates available to the system. Sometimes stated as S =k In 
(multiplicity). 


Intimately connected with the Second Law of thermodynamics, which may be stated for the macroscopic case (after Baierlein) 
as follows: "If a system with many molecules is permitted to change, then—with overwhelming probability—the system will 
evolve to the macrostate of largest multiplicity and will subsequently remain in that macrostate. Stipulation: allow the system to 
evolve in isolation. (The stipulation includes the injunction, do not transfer energy to or from the system." [Ralph Baierlein, 
Thermal Physics, Cambridge University Press, Cambridge, 1999, p. 29]. 


ENTROPY, NEGATIVE (NEGENTROPY) 


In a sense, the reversal of disorder, or reversal of entropy. 





Since the normal or forward flow of time is entropic, negentropy is intimately related with time-reversal. This can be seen 
crudely this way: As a physical thing exists in time, it decays, ages, deteriorates, etc. In short, its ordering as a viable separate 
thing gets more and more disrupted. If it is then "reordered" precisely back to its original state, that is obviously a time-reversal 
of that entity. 


Since the production of energy is connected to the production of more ordering, then it would seem to follow that any 
negentropic process also produces more energy. Or, that production of excess energy accompanies a negentropic process, and 
vice versa. 


When we factor in the giant negentropy process, it is seen that all EM spatial energy comes from the time domain, via the 
broken 3-symmetry of the source charge or source dipole. Here we have a pure negentropic process. Hence we may now 
advance a new definition of negentropy for electrodynamics: negentropy is the direct and ongoing conversion of time-energy 
(time-structuring and time-ordering) into 3-space EM energy. Dipolarity (polarization) is the process initiating and producing 
the negentropy. Polarization is accompanied by ongoing negentropy so long as the polarization persists. 


Another way of defining negentropy even more rigorously—for electrodynamics—is to define it in spacetime as a broken 3- 
symmetry in EM energy flow with concomitant relaxation to a more primary 4-symmetry between time-energy flow and 3-spatial 
EM energy flow, where time-energy flow is transduced into 3-spatial EM energy flow. 


When a system with one measure of multiplicity progresses to a state with a decreased measure of multiplicity; i.e., when its 
total number of microstates decreases in the transition. A nonequilibrium steady state (NESS) system can exhibit negative 
entropy, and the entropy can further decrease progressively toward negative infinity as time passes. [D. J. Evans and Lamberto 
Rondoni, "Comments on the Entropy of Nonequilibrium Steady States," J. Stat. Phys., 109(3-4), Nov. 2002, p. 895-920]. Note 
that the Second Law of thermodynamics only rigorously applies to an isolates system, where neither mass nor energy crosses 
the boundary of the system. In the NESS system, that prohibition is violated, hence the second law need not apply. The 
common source charge is an example of such a NESS system continuously producing negative entropy, because it absorbs 
virtual energy from the vacuum, transduces it into observable energy, and re-emits the energy as observable photons radiating at 
light speed in all directions and forming the associated EM fields and potentials and their energy. 


ENTROPY (POSITIVE) 


When a system in a state with ordering progresses to a state with less ordering, i.e., when its total number of 
microstates increases in the transition. 


ENZYME 


Any of various proteins or conjugated proteins (compound of a protein and a nonprotein) produced by living cells, that serves as 
a catalyst for specific biochemical reactions at body temperatures. 








EPIDEMIOLOGY 


The study of the various factors influencing the occurrence, distribution, prevention, and control of disease, injury, and other 
health-related events in a defined human population. 








EQUILIBRIUM 


In physics, the state of a system in which opposing forces balance each other; i.e., sum to a vector zero. 





In mechanics, a system of particles where the net force acting upon each constitutent particle is zero. 


In chemistry, the state of a solution where the forward and reverse reactions are equal and balance each other, so that the 
chemical reactants and products maintain the same amounts. 








EQUIVALENCE PRINCIPLE (PHYSICS) 


One of the principles of relativity theory. The mass of the body determined by using the gravitational force on it to measure the 
mass, and the mass of the body determined by using inertial force on it to measure the mass, yield equal measurements for the 
mass. 








ETHER 


An extremely fine substance theorized to exist in space in lieu of sheer emptiness. 





Discussed by Tesla, Einstein, Whittaker, and others. Originally conceived as the luminiferous ether, a thin material fluid 
pervading all space. Maxwell, e.g., believed in this material ether, and formulated his theory accordingly. Thus he mistakenly 
provided forces in the vacuum, which forces require a material vacuum. I.e., mass is a component of force; there is no force 
without mass, since F = d/dt(mv). The hoary old medieval notion that a separate force acts upon a separate mass that it affects, 
is completely in error, though still utilized in mechanics! Modern field theorists know better, but correction of this massive error 
in physics has not been widely accomplished. 


Originally, the ether was seen as a ghostly-thin, material, fluid medium postulated to fill space and carry electromagnetic waves, 
similar to the way in which a gas carries sound waves. Faraday and Maxwell added the assumption that EM fields existed as 
material taut strings (Faraday's lines of force) with conveniently missing endholders to provide the tension on the strings. The 
Michelson-Morley experiments eliminated any such material ether, but not a Lorentz-invariant nonmaterial ether (of which 
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vacuum itself is one example, in the modern view). Maxwell's equations were derived from a mechanical ether theory. Einstein 
once proposed that the vacuum, complete with its electromagnetic fields, should be called the new ether. In our own approach 
we have come full circle back to Einstein's suggestion, since the so-called "fields" are really just curvatures of spacetime and are 
included in our use of the vacuum as a giant potential comprised of virtual particle flux. The Sachs unified field theory, I 
believe, is the best available, particularly when the Evans O(3) symmetry electrodynamics is included as a special subset of it. 
In my own view, I regard "vacuum potential" and "spacetime" as essentially identities. Thus both the vacuum potential and 
spacetime have further internal structuring and dynamics. In relativity, this view is akin somewhat to the notion of "subspace" 
used on the Star Trek series. 


Today the word "ether" is again acceptable in the literature when used in context of its modern quantum mechanical meaning. 
The "ether gas"—the quantum mechanical vacuum—is considered to be composed of virtual particles. The particles 
spontaneously come into being and then vanish so quickly they cannot be individually detected. That is, today the ether is 
regarded as a sort of specialized virtual particle gas—sort of a gas of "effervescent energy bubbles", so to speak—where the 
individual particles are continually being created and annihilated at a fantastic rate. 


A good reference on the modern view of the vacuum is I. J. R. Aitchison, “Nothing’s plenty: The vacuum in modern quantum 
field theory,” Contemporary Physics, 26(4), 1985, p. 333-391. For an O(3) treatise, see M. W. Evans, P. K. Anastasovski, T. 
E. Bearden et al., "Derivation of the Lehnert field equations from gauge theory in vacuum: Space charge and current," 
Foundations Of Physics Letters, 13(2), Apr 2000, p.179-184. It is shown that the Lehnert field equations in vacuum, with 
concomitant space charge and current, can be derived straightforwardly from standard gauge theory applied in vacuum, using 
the concept of covariant derivative and Feynman's universal influence. The Lehnert and Proca field equations are shown to be 
inter-related through the well-known de Broglie theorem, in which the photon mass can be interpreted as finite. These ideas go 
some way towards addressing the inconsistency inherent, in Maxwell's famous displacement current, which has no concomitant 
vacuum space charge. 


For technical insight into the attributes for extracting EM energy from the vacuum, see particularly M. W. Evans, P. K. 
Anastasovski, T. E. Bearden et al., "Classical electrodynamics without the Lorentz condition: Extracting energy from the 
vacuum," Physica Scripta_61(5), May 2000, p.513-517. It is shown that if the Lorentz condition is discarded, the Maxwell- 
Heaviside field equations become the Lehnert equations, indicating the presence of charge density and current density in the 
vacuum. The Lehnert equations are a subset of the O(3) Yang-Mills field equations. Charge and current density in the vacuum 
are defined straightforwardly in terms of the vector potential and scalar potential, and are conceptually similar to Maxwell's 
displacement current, which also occurs in the classical vacuum. A demonstration is made of the existence of a time dependent 
classical vacuum polarization which appears if the Lorentz condition is discarded. Vacuum charge and current appear 
phenomenologically in the Lehnert equations but fundamentally in the O(3) Yang-Mills theory of classical electrodynamics. The 
latter also allows for the possibility of the existence of vacuum topological magnetic charge density and topological magnetic 
current density. Both O(3) and Lehnert equations are superior to the Maxwell-Heaviside equations in being able to describe 
phenomena not amenable to the latter. In theory, devices can be made to extract the energy associated with vacuum charge and 
current. More than a dozen ways to approach extracting EM energy from the vacuum are presented. 


EVANS, MYRON W. 


Noted chemical physicist, primary developer of O(3) symmetry electrodynamics, and Director of the Alpha Foundation's 
Institute for Advanced Study (AIAS). 








Under Evans, the work of the AIAS has made enormous contributions to physics and particularly to the extraction of usable EM 
energy from the vacuum. In the opinion of the present author, Evans is perhaps the single most important scientist in the 
Western world in the emerging field of electrical energy from the vacuum and in solving the world energy crisis. 

EVIL 


Refers to an act or acts perceived to be detrimental to the receiver or referent, in the positive time stream. 





Oddly, the chain of events perceived to involve "evil" to a referent in the forward time stream, would be perceived to be equally 
beneficial to the referent, viewed in the negative time stream. In other words, evil in general is a synthesis of the results of 
observed actions or acts in the forward time motion, hence it is conjugated when time flow is reversed. 


This is not just an idle question. In our physical body, the photon interaction with the electron shells of the atoms in the body 
largely determines the observed forward movement of one's material body through time. The conscious mind, fitted to the 
single photon interaction, thus perceives its "existence" in such terms. Meanwhile, in the nuclei of the atoms of our material 
body, the charge and hence the field interactions are reversed (giving Newton's third law reactions). That of course is a time- 
reversed flow of events, not sensed by our conscious mind, but possibly sensed by our deep unconscious mind. The question 
then arises, "Do we then actually exist both forwards and backwards in time?" In terms of good and evil, if the answer is yes, 
then this would have profound implications to theology and to the study of human consciousness. 


Theologians (and philosophers) have pondered the "nature" of good and evil for literally thousands of years, and have reached 
no truly firm conclusion to date. The sticking point (theologically) seems to be the puzzle of a perfect, "all good" creator who 
had to have created evil also (since the Creator is axiomized to have created all). To the question, "How could a perfect Creator 
have created—or even tolerated—evil?", theologians have yet to find a satisfactory answer. Neither could they find a 
satisfactory answer to the question of, "How can the Creator, being all-just, and being all-powerful, then allow any evil act to 
occur?" In short, why does the Creator seemingly not "police up our perceived imperfections in the creation?" In short, 
theologians struggled with a formidable problem of how to justify the Creator's continued tolerance of evil, even for a moment. 


There is no satisfactory answer to such questions, of course, in 3-law Aristotelian logic, because they are four-law logic 
situations. However, since the 3-logic is incomplete, one should examine the question in 4-law logic, and also in light of one's 
assumptions regarding the existence of the Creator. The question is unresolvable in 3-law logic and with the assumption of a 
Creator traveling through time, as we perceive ourselves to do. However, if time itself is a creation, then the axiomized Creator 
may be more properly axiomized as existing both in and outside time, and "everywhere in time at once" as well. The unlimited 
Creator must even be postulated to be able to "both be and not be simultaneously; if He cannot do that little trick, He has a 
limit." That trick must be allowed, else the Creator has a limit and is thus imperfect. But to such an axiomized Creator 
"permeating time everywhere at once, from beginning to end, which shall be the "beginning" and which shall be the "end?" 

And if we pick a beginning and an end, what shall be the "intermediate ordering" that we pick? There is no absolute position in 
either space or time to the "everywhere and everywhen at once" axiomized Creator. 


The problem of good and evil then becomes a similar problem to the "wave or particle" question. Good and evil are two sides 
of the same coin, transposed one into the other by time-reversal. With respect to finite creatures perceiving themselves moving 
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forward in time, not existing in the future and not existing in the past, the question merely demonstrates that our perception 
itself is in error. 


It may be, then, that there is a solution (whether one prefers it or not!) to such profound and ancient philosophical and 
theological problems in four-law or five-law logic. However, we will leave that question to the logicians and to the theologians 
to more properly decide. 


EXCESS COLLECTED ENERGY 


Collection by an interceptor/collector of a greater fraction of the EM energy flow impinging upon it, than is normal. 





Any static electric or magnetic charge, e.g., with an EM energy density flow impinging upon it, has excess "energy collection" 
or "energy collecting" upon it, due to the altered vacuum virtual photon flux that is now exchanging with it. In a nominal 
electric circuit, e.g., a single "pass" of the EM energy flow from the source dipole, along the circuit conductors and across the 
conduction electrons, causes an "excess energy collection" upon the intercepting surface charges in the conductors. This 


potentializes the Drude electrons in the circuit and leads to subsequent dissipation in the loads (and losses) of about 107}3 of the 
EM nondiverged Heaviside energy flow that actually was extracted by the source dipole from the vacuum and sent down 
through space surrounding the conductors of the external circuit. 


That is a single-pass energy collection fraction for a static charge. Almost all the Heaviside energy flow missed the circuit and 
passed on beyond the circuit "collectors" in one pass-by at essentially the speed of light, on out into deep space and beyond. On 
the other hand, if the already-passed EM energy flow is retroreflected, so that it returns for another pass along the circuit, then 
an additional amount of the repassing energy can be collected by those sluggish electrons. In a nominal circuit being used as an 
example, the electrons travel only about 5 or 6 inches per hour longitudinally down the conductors, restrained by the repulsion 
of the electrons beyond them. So multiretroreflection, multipass, multicollection can be used to provide excess energy and 
overunity efficiency. This is a change to the present statement of the work-energy theorem, which up to now has assumed single 
pass, single energy collection. The well-known anti-Stokes emission from certain highly scattering, optically active media, e.g., 
produces more energy radiating back out of the media than the amount of stimulating radiation energy input into the media. 
This is Letokhov's "negative absorption of the medium", which is really the excess emission from the medium due to 
retroreflection and multiple re-collections. 


Also, if the intercepting charge is resonated, it sweeps out a greater geometrical cross section in the streaming energy flow, 
thereby diverging more and thus "collecting" more energy. In the Bohren experiment, e.g., this effect yields collection of some 
18 times as much energy by the resonant charge as the same charge collects in static mode. 


EXOTHERMIC 


Giving off heat, or emitting scattered EM energy. Producing forward time energy. 





FARADAY, MICHAEL 


Noted English physicist and chemist, 1791-1867, who discovered field theory and electromagnetic induction. Faraday invented 
the dynamo also and formulated his laws of electrolysis. 








His work directly inspired Maxwell, who vowed to study no other electromagnetics theory until he had captured Faraday's work 
in a mathematical theory. 


FIELD 





In mathematics, a set with two binary operations. In electromagnetics in more common terms, it is a region consisting of 
magnitudes and/or vector directions assigned to some active entity (spacetime itself) at each point in the region. 





Designated addition and multiplication, satisfying the conditions that the set is a commutative group with respect to addition, 
that the set with the identity of the additive group omitted is a commutative group with respect to multiplication, and that 
multiplication distributes over addition for all elements in the set. 


For our purposes, in plain language the fundamental notion is that a "field" is a sort of cleared, level space or region (e.g., in 
spacetime) where things can be placed and actions can occur amongst them, to them, on them, and of them. What the "place or 
space" is, can get a bit complicated, as can what is placed there and what actions are permitted. In short, we view a field as an 
altered (curved) region in spacetime, and this special curvature interacts with certain kinds of entities placed in that region. In 
return, those entities also interact back upon the spacetime curvature to alter it. Hence there is a dynamic two-way interaction 
between field and matter, where half of this interaction (the back-interaction of charge or matter) is missing from present 
classical electrodynamics. 


EXOTHERMIC EXPLOSION 


An explosion where ordinary heat and electromagnetic energy are released and radiate away from the explosive site. All normal 
explosions are exothermic. 








Particularly used for a pulsed longitudinal EM wave interferometer, which in the distant interference zone (IZ) will produce a 
sudden eruption of scattering EM energy from the local spacetime curvature suddenly induced, when the interferometry 
transmitter chassis grounds are biased well above the ambient potential in the distant IZ. 


FERMI LIQUID 


A liquid where the individual particles or molecules comprising it are basically non-interacting, so that they can roam freely. 





In an electron gas in a conductor, e.g., treatment of the free conduction electrons as a gas allows a theoretical modeling and 
explanation of conduction and resistance. Contrast to a Luttinger liquid, where the electrons interact with each other and thus 
enable the formation of collective phenomena. 


FEYNMAN, RICHARD 


Noted physicist, Nobelist, and co-developer of quantum electrodynamics. 


Feynman is particularly noted for his refreshing three volumes of physics: See Richard P. Feynman, Robert B. Leighton and 
Matthew Sands, The Feynman Lectures on Physics, Addison-Wesley, New York, 1963. The book is particularly noteworthy 
in that it gives the student some insight into foundations problems in physics. E.g., in Vol. lon p. 2-4, Feynman defines the 
electric field not in terms of force per unit charge per se, but in terms of its potentiality for producing a force only when a charge 
is present for the force to be developed upon. 
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FEYNMAN DIAGRAM 


A two-dimensional diagram of particle interactions, both in the virtual and observable levels, and both backward and forward in 
time and named after Richard Feynman who first employed them. 








FIBER FUSE 


Effect in fibers or fiber optic cable, whose core contains germanium, whereby heating the cable at one spot with a small flame 
will launch a focused traveling heat energy effect which melts a small hole in the core about every centimeter, and marches 
down the cable at about a meter per second to the end of the cable, destroying the optical transmission capability and ruining the 
cable. 











Oddly, by igniting the fiber fuse from the other end of the damaged cable, a reverse fiber fuse effect will often march back down 
the cable in similar fashion except that it fills in the melted holes in the core, restoring the transmission capability of the cable. 


If the energy required to melt all the holes (or fill them again) is taken into account, the amount of energy required to launch the 
fiber fuse is much less. This phenomenon does not appear to have an adequate technical explanation at present. 


For an excellent description with photographs, see Ivars Peterson, “Fibers With Flare,” Science News, 140(13), Sep. 28, 1991, 
p. 200-201. For technical information and analysis, see D. P. Hand and P. St. J. Russell, “Solitary thermal shock-waves and 
optical damage in optical fibers,” IEE Colloquium on ‘Non-Linear Optical Waveguides’,” IEE Digest No. 88, London, 
England, 1988, p. 101-103; — Soliton-like thermal shock-waves in optical fibres: origin of periodic damage tracks," 
Fourteenth European Conference on Optical Communication (ECOC 1988), Sep. 11-15, 1988, Publication No. 292, 1(2), 
1988, p. 111-114; — “Solitary thermal shock waves and optical damage in optical fibers: the fiber fuse,” Optics Letters, 13(9), 
Sep. 1988, p. 767-769; D. P. Hand and T. A. Birks, “Single-mode tapers as ‘fibre fuse’ damage circuit-breakers,” Electronics 
Letters, 25(1), Jan. 5, 1989, p. 33-34. 


See P. St. J. Russell, “Power Conservation and Field Structures in Uniform Dielectric Gratings,” Journal of the Optical Society 
of America A, 1(3), Mar. 3, 1984, p. 293-299. Russell is actually referring to apparent violation of local conservation of 
energy. This would be indicated if the vacuum-to-mass interaction is not taken into account. Russell’s analysis therefore 
supports the fact that (i) the vacuum-mass interaction is required, (ii) the fiber fuse does utilize some of its gated vacuum energy 
(i.e., the usually non-diverged portion of the Poynting flow), and (iii) the fiber fuse is a legitimate, repeatable overunity process, 
although a "runaway" process, uncontrolled, and not sustainable. 





FIELD 


In physics, "a region of space marked by a physical property, as gravitational or electromagnetic force or fluid pressure, having 
a determinable value at every point in the region." 


[Thanks to Webster's Il New Riverside University Dictionary. ] 


Here one must not think of "space" as emptiness, as mathematicians do, but as a virtual particle flux, a dynamic entity, and as 
dynamic spacetime. A field then is a set of entities and their relationships and operations in a region of that kind of space, where 
the entities and operations are themselves "space stuff". They are all "virtual" in that they are not individually observable. 
However, their impact upon or interaction with mass—particularly charged mass—can be and often is observable, in that we can 
see some change of the mass (its direction of travel, translation, acceleration, deceleration, rotation, generation of current, etc.). 
If the entities are point-like and are naively supposed to have magnitude only, or if we only specify their energy density 
magnitude at each point, then that "marked space region" is said to be a scalar field. If the entities are point-like but have both 
magnitude and direction, they are said to be a vector field. 








Further the deponent saith not because even the foundations physicists are in hot water in trying to define the field, and if the 
deponent saith more he will surely deep-fry in hot oil! 


FIELD, SCALAR 
A field, to any point of which is assigned a magnitude only. 





FIELD, VECTOR 
A field, to any point of which is assigned both a magnitude and a direction. 





FLAT (UNCURVED) SPACETIME 


A vacuum/spacetime whose virtual particle flux intensity—and therefore its local energy density—does not change as a function 
of spatial position or averaged time. 








That is, a flat spacetime in my view is a quantum mechanical vacuum whose virtual particle flux and energy density are constant 
in magnitude and internal constitution with respect to spatial position and in averaged time. Note that a flat spacetime (vacuum 
potential) can still contain vacuum engines, and thus still be dimensioned. In that case, contrary to normal physics, the flat 
spacetime itself will still interact with an embedded object and change it, even though it may not translate it. To perform 
transmutation of elements, e.g., one is interested in just such engines and not in translating through space the element being 
treated. This dimensioning or activation of the local flat spacetime can result in an otherwise unexpected, seeming violation of 
one or more laws of nature in the dimensioned region. 


FISSIONING, ACTION 


The splitting of the action quantum into two canonical variables (for example, energy and time), only one of which can normally 
be completely detected or measured. (""Action" has the dimensions of angular momentum—energy x time, momentum x length 


etc.) 


Fissioning produces length, discrete bit by discrete bit, and time likewise. The physical reality of separated physical objects is 
thus continually created, discrete bit by discrete bit, monocularly. All that ever observably exists in the "present" is a single 
quantum change, just occurring. Recombining of the two canonical action fission fragments is called "fusion." Fusion also 
occurs monocularly, quantum by quantum. Rigorously, the physical world of separated objects never exists as such except in 
memory recall of vast numbers of past ordered quantum changes that occurred one by one. 





FLUX 


The amount of some quantity (such as energy, particles, volume of fluid, etc.) flowing across a given area (usually a unit area 
perpendicular to the flow) per unit of time. 








The term flux density is now more commonly used. Loosely, "flux" refers to the perpendicular flow through an area, while "flux 
density" refers to the magnitude or intensity (rate) of the flux. In some cases such as a flux of particles of different velocities, the 
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number of particles may be multiplied by the average velocity to give an average flux density that is weighted. 


FLUX DENSITY 


The amount of some quantity (such as energy, particles, volume of fluid, etc.) flowing across a given area (usually a unit area 
perpendicular to the flow) per unit of time. 








FOGAL, WILLIAM (BILL) 


Soon-to-be-noted researcher and inventor of the Fogal semiconductor (two patents so far), as well as a superluminal infolding- 
outfolding communication system and other remarkable longitudinal EM wave processes. 








Iam happy to be a friend and colleague of Bill Fogal. 


FOGAL SEMICONDUCTOR 


A special semiconductor invented by Bill Fogal which, in its operational regime, utilizes an integrated semiconductor, tantalum 


capacitor, and feedback resistor to accomplish charge blocking (blocking of electron current flow dg/dt) while passing 


displacement current d/dt 








The Fogal semiconductor can also accomplish amplified phase conjugation of signals as well as infolding (translation of input 
transverse EM waves to output longitudinal EM waves) and outfolding (translation of received input longitudinal EM waves to 
output transverse EM waves). Used in communication systems, it opens the use of the unlimited "infolded" electromagnetics 
bandwidth. Since it may communicate using longitudinal EM waves, it is also usable for superluminal or a specialized 
"tunneling" communication through the "interior" of normal EM waves, potentials, and fields. 


See William J. Fogal, "High Gain, Low distortion, Faster Switching Transistor," U.S. Patent No. 5,196,809, Mar. 23, 1993; — 
"High Gain, Low Distortion, Faster Switching Transistor," U.S. Patent No. 5,430,413, July 4, 1995, a continuation of his earlier 
patent. 


FORCE 


In mechanics, identically the time derivative of momentum, or F = d/dt(mv). 





Simply, changing of the old concept of mass-motion. One must realize that it is not the mass in motion, but the single undivided 
quantity "mass-motion" or "mass-velocity" (momentum) that is changed. In short, F = d/dt(mv). In present EM theory, force 
fields are erroneously taken to exist in empty, massless vacuum. However, the mechanical definition is an identity, not an 
equality. Thus force does not separately exist in contact with a mass, but consists of a changing "mass-motion." Since this force 
can be induced into and of the mass-motion target at a distance, in the new approach one is confronted with the fact that there is 
a more fundamental mechanism that produces force itself, and that is a curvature of spacetime. 


Distant curvatures of spacetime to produce forces on exposed charged mass systems are also engineered by longitudinal EM 
wave interferometry. 
FORCE FIELD 


An effect that exists as a local vacuum virtual particle flux interaction upon and with a unit mass or unit charge whereby a 
particular type of matter is affected. 








The force field has two components, one the mass and the other massless. In electrodynamics, one normally thinks 
(erroneously!) of the massless component, and refers to that component alone as "the force field." This considers the "force 
field" as a separate entity, acting upon a separate "mass." Whether it is logically correct or not, that is the prevailing way physics 
and electrodynamics uses it! So in this definition, let us momentarily accept the common incorrect usage, for convenience, 
while pointing out the real definition as we need to. 


For example, conventionally the EM force fields can affect and change the state of motion of any charged particle or any 
magnetic particle. In classical physics, the force fields are considered the primary causative agents; when these fields are zero, 
then the motion of the particle or system is unaffected. Consequently, conventional EM theory assumes that all the EM 
phenomenology ceases once the force fields are absent. Today we know that is not true at all, as we explain in this glossary. 


FORCE-FREE PROPAGATION 


Propagation of force-free disturbances in the vacuum flux 





(i.e., infolded inside the ambient vacuum potential, or inside a constant DC voltage.) Such "infolded" propagation is not limited 
to the speed of light, but may even travel in the Coulomb gauge so that it is instantaneous. More usually, it can travel 
superluminally. It may be regarded as a special form of "tunneling", which is known (both theoretically and experimentally) to 
produce superluminal propagation to the external observer. The music of Beethoven's 40th symphony, e.g., has been 
experimentally transferred between two points in a physical waveguide by such "quantum tunneling" at over four times the 
speed of light in vacuum. 


We regard tunneling as moving in a sort of "subspace", i.e., within the internal structuring of spacetime itself. It is not limited 
by the speed of light and Einstein's postulate, which we believe only applies to signals moving in spacetime in bulk, and not to 
signals moving within substructuring inside that spacetime. 


FOUNDATIONS OF MATHEMATICS 


The concepts, operations, assumptions, postulates, logic, definitions, and axioms of algebra systems. 





FOUNDATIONS OF PHYSICS 


The postulates, assumptions, concepts, and definitions upon which a scientific physics model rests. Included are the postulates 
concepts, assumptions, definitions, and operations of the mathematics in which the scientific model is expressed, as well as the 
postulates, concepts, assumptions, definitions, and operations of the physics entities and functions assigned to the mathematical 
symbols. 


Thus "scientific truth"—even mathematical truth (see Morris Kline's Mathematics: The Loss of Certainty—is actually a 
qualified truth. What is true in one model (one set of postulates, assumptions, concepts, and definitions, including those in the 
algebra) may not be always true when one or more of the postulates, assumptions, concepts, and definitions is/are changed, 
and/or when the topology of the mathematics in which the model is expressed is changed, etc. 











The major flaws in present physics models involve errors in the foundations. However, a successful physics model is rather 
quickly dogmatized and often turned into a belief structure by many scientists rather than being regarded as a tentative model. 
Consequently, scientists who attempt to do serious work in foundations are generally ignored or ostracized and rather 
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vehemently attacked if they propose any significant changes to one of the dogmatized models. Particularly, all funding and 
"benefits" of the scientific bureaucracy are denied the heretical foundations scientist, unless he or someone can rather quickly 
come forth with an iron-tight experimental proof of the heresy. Any attempted change in foundations is usually met with ad 
hominem attack, a barrage of criticism, loss of position, and denial of research funding. Science has a long history of just such 
dogmatic oppression of great scientific discoveries. To name a few (there are hundreds): The first laser paper was rejected by 
the journals as being ridiculous. When Mayer proposed conservation of energy, he was hounded and ridiculed so fiercely that 
he suffered a nervous breakdown and attempted suicide. Years later, near the end of his life conservation of energy was adopted 
because it greatly facilitated understanding and calculation, and the same system now lionized him as a scientific hero. 
Ovshinsky suffered personal attack, ridicule, and charges of charlatanism in pushing amorphous semiconductors; everyone 
knew that only crystalline semiconductors could work. The situation changed when several thousand Xerox machines were 
observed to now contain amorphous semiconductors which were working just fine! Louis de Broglie's matter wave hypothesis 
caused consternation to his thesis advisors; but because he was Prince Louis de Broglie, they felt obligated to send it to the great 
Einstein so that he would reject it and then they could regretfully reject the thesis of the Prince. When Einstein replied that it 
was probably true, they felt they had no choice but to publish it because de Broglie was a Prince of the old French aristocracy, 
and as such was not to be casually trifled with. So foundations work is fraught with the greatest peril to the practitioner. Yet it 
is the most important work in physics, and it is a continuing black mark against the scientific establishment that they do not 
openly encourage and fund the most able physicists, grad students, and post-docs to examine and revise the errors in 
foundations concepts and postulates. Because of the prevailing dogmatism, science itself continually strangles the new ideas 
and concepts that would provide the physics of the 22nd century now. In an eerie turn of events, science has become in a 
strange way its own worst enemy, and the strongest barrier to the advance of science. 


FOUR-SPACE (4-SPACE) 
The "normal" spacetime used in physics, consisting of three spatial dimensions and one time dimension. Minkowski spacetime. 


FOURTH LAW OF LOGIC 


the law that a thing and its opposite become identical on the boundary, i.e., in multiple simultaneous observation. Identity is 
merely the loss of observational or perceptual distinction; when formerly "two" objects are simultaneously observed by a single 
observer, two slides have been shown at once in the slide projector. It does not matter at that point what each was individually 
observed to be before; now there is no observable distinction or difference. We previously showed that the law is implicitly 
assumed in the three laws of Aristotelian logic anyway, and published a simple proof of the fourth law. Without the fourth law, 
Aristotelian logic "eats itself". What results in the four law logic is that either (1) the three laws apply explicitly and the fourth 
implicitly, or (2) the fourth law applies explicitly and the fourth implicitly. This application rule itself can be taken as a fifth 
law of logic. The fourth law is also the law of the paradox: I.e., when something is true but violates one or more of the 
Aristotelian laws, it is a case where the fourth law applies explicitly. The conclusions derivable from a four law logic agree 
generally with the conclusions derivable from G Spencer Brown's Laws of Form. 


FOUR-WAVE MIXING 


A nonlinear multiwave mixing effect when four waves mix in a highly nonlinear situation so that wave to wave interaction 
occurs. 








FRACTIONAL CHARGE 
A hypothetical particle having a charge less than the electron's charge. Often called a quark, where its charge is 1/3 or 2/3 the 
charge of the electron. 
A few years ago, Stanford University researchers found evidence of free quarks. There is also now the fractional Hall effect. In 


the 1920's Ehrenhaft reported the discovery and production of fractional charges of all sizes, and his experiments have been 
replicated by Michailov, with papers by Michailov and Barrett. 





In the new approach, when time-energy is utilized, quarks can be freed or nearly freed rather easily in "time-reversal zones". It 
would appear that, as the new approach develops, free quarks will become a normal event rather than one intensely sought but 
terribly difficult to come by experimentally. 


FRAME, LORENTZ 


A frame of reference which is not accelerated with respect to the laboratory observer. 





In this case, the frame may be rotated (moving at a constant velocity) but it is not rotating (the frame is not accelerated with 
respect to the observer, and spacetime is not curved). In this case special relativity applies, as do the conservation laws. If the 
local spacetime is curved, the frame is accelerated and spacetime is curved. Locally, then, general relativity applies. In this 
case, locally the conservation laws (energy, momentum, charge, and spin) can be violated. However, in ordinary general 
relativity, it has been tacitly assumed that locally the curvature of spacetime is negligible. Hence locally a Lorentz frame is 
assumed, and the conservation laws are assumed to apply locally also. In scalar electromagnetics, the local spacetime is always 
curved and general relativity applies locally. In this case, the conservation laws need not apply. 


FRAME, REFERENCE) 


A spatial, organized, measured lattice placed in "emptiness" (space, spacetime). 





Normally refers to a 3-dimensional, spatial frame. All objects and points in the "universe" or spatial frame are considered to 
simultaneously coexist at separate, measured points in the frame. Differs from the vacuum in that, rigorously, vacuum has no 
existing definite lengths and no existing definite time intervals, as these appear only after measurement or detection, and are 
relative to the observer and to the interactions ongoing as well as in the detection process itself. The "laboratory frame" is the 
static reference frame of the observer or measurement. A separate reference frame may be assumed to exist for any fixed or 
moving object, or centered on any point in another frame. When a type of frame is assumed, the entire class of physical 
interactions that can occur has been restricted to an assumed set or type. In other words, given the frame, the conventional 
physics has been assumed. One of the greatest restrictions of an assumed "frame" is to rule out the consideration (existence) of 
other higher dimensions. 


Note that, in the new unified field theory approach, the other higher dimensions are always available and cannot be ruled out in 
general, but only in some special case. Every curvature of spacetime, and any internal additional curvature to that primary 
curvature, adds a new dimension. In our view, a spacetime may be "flat" in overall curvature, but consist of internally structured 
deterministic curvatures or "engines". In this view, normal inertial frames, e.g., may still contain vacuum engines, which will 
not affect the normal bulk translation rules, but may affect any or all of the nontranslation mechanisms, including the very laws 
of nature in many cases. 


http://www.cheniere.org/references/annotated_glossary.htm 49/83 


1/26/2018 ANNOTATED GLOSSARY 
FREE ENERGY 


Excess energy freely received from its external active environment by an open system that is far from thermodynamic 
equilibrium in its exchange with that environment. 








To use this free excess energy, it must be collected, transported to a load or loads with minimal losses, and then dissipated in the 
load(s) to power them, without any substantial portion of the free energy being used to close the system's "gate" through which 
the excess energy is input to it. 


There is a separate thermodynamics for such open systems far from thermodynamic equilibrium in their active environmental 
exchange. Such a system is permitted to exhibit five "magic" functions: it is permitted to (1) self-order, (2) self-oscillate or 
self-rotate, (3) output more energy than the operator himself inputs (the excess energy is freely received from the active 
environment, (4) power itself and its load simultaneously (all the energy is freely received from the active environment), and (5) 
exhibit negentropy. 


The entropy of such a system cannot even be calculated. Some useful references are: Ilya Prigogine with D. Kondepudi, 
Modern Thermodynamics: From Heat Engines to Dissipative Structures, Wiley, Chichester, 1998; Ilya Prigogine, The 
End of Certainty: Time, Chaos, and the New Laws of Nature, Free Press, New York, 1996, 1997; G. Nicolis and I. 
Prigogine, Exploring Complexity, Piper, Munich, 1987; Gregoire Nicolis, "Physics of far-from-equilibrium systems and self- 
organization," Chapter 11 in Paul Davies, Ed., The New Physics, Cambridge University Press, Cambridge, 1989, p. 316-347. 


FREE ENERGY SYSTEM 


Any open system not in thermodynamic equilibrium, which freely receives excess energy from an external source, 





..and collects and utilizes this free excess energy to freely power external loads, so that a permissible system COP>1.0 is 
achieved, as allowed by the nonlinear thermodynamics of open systems in disequilibrium with their environment. 


Implicit in the notion of free electromagnetic energy systems are six key concepts: (1) the local vacuum/spacetime is known to 
be filled with hidden (i.e., virtual) energy in violent motion, i.e., the local vacuum/spacetime is a violent virtual energy flux and 
therefore a scalar potential, (2) a broken symmetry—.e., some sort of organizing and gating mechanism, such as the common 
dipole—in this hidden (virtual) energy flux of the vacuum is utilized as a source, to cohere the virtual energy and divert it as 
energy flow S = ExH, from the broken symmetry initiation point onto the external circuits or load parts of a device, (3) the 
coherent gated extra virtual energy flow available in the external circuits or load parts couples to (interacts with) the mobile 
charges in those circuits or load parts, so that gradients developed in the interacting virtual flux form force fields on and of the 
particle masses, driving the mobile charges along the circuit and through current-impeding circuit components such as loads, (4) 
in the interaction of the driven charges with the driving virtual energy flux, their spin and erratic motions integrate a tiny 
"coupling fraction" of the driving virtual energy into observable (i.e., macroscopic field) energy, thus creating the E-fields and 
B-fields, (5) the current-impeding external components or load parts scatter or dissipate the coherence of the driven charges, and 
thereby dissipate the collected energy or change the form of the collected field energy, thereby producing useful work, and (6) 
little or none of the excess collected energy in the circuit is split off and dissipated in the gate (asymmetry component serving as 
the S-flow source) to destroy the gate and thereby destroy its asymmetry in the vacuum flux, which is what is extracting and 
producing the free energy flow. 


FUSION, ACTION 


In the new approach, the recombining of two canonical bits of a fissioned action quantum. 





The fusion process "cancels" the bits produced by the fission process, and constitutes a negative spacetime operation. The 
physical world is thus eliminated, bit by bit, in a monocular fusion operation that produces the "past". The "mass" of a particle 
is taken to be proportional to, and identically comprised of, the absolute value of its fission and fusion rate. When fission and 
fusion rates of a particle are equal, the particle is unaccelerated; when unequal, the particle is accelerated. Vice versa, when the 
particle is unaccelerated, the fission and fusion rates are equal, and when the particle is accelerated, the fission and fusion rates 
are unequal. 


GAIA HYPOTHESIS 
The hypothesis by Lovelock that the earth and its biosphere is a living thing, at least in some sense. 





In the new viewpoint, there exists a biospheric quantum potential which contains an extended mind and therefore is indeed an 
extended lifeform—one which includes the earth and the quantum potentia all its creatures and species. In the new sense, even 
so-called "inert" matter is alive, being continually bathed by energy flow dimensioned with lifeform templates, and therefore 
equally alive in all directions and nonpreferential. 


GATE 


Refers to something (a component or function) which extracts some part of a flux or flow, compacting it into a stream, and 
"sending it out." 

A moving board wall or gate may be swung into a river, e.g., to divert or "gate" some of the river's flow out into a sluice ditch 
and on to a waterwheel powering a mill. Similarly, a dipole extracts some of the energy from the vacuum virtual photon flux 
exchange with the end charges of the dipole, and "gates" (diverts) the extracted portion of energy out from the ends of the dipole 
as energy flows. This creates the scalar potential surrounding each charge, and also the E-fields. Even a "static" dipole does this 
"gating" of vacuum energy into an energy flow. 





The fundamental gate for all EM energy in 3-space is the dipole or dipolarity. The source of the 3-space EM energy 
continuously emitted by any charge or dipole is an equal inflow of EM energy from the complex plane (from the time domain). 
Thus EM energy flow is conserved in 4 dimensions but not in 3-space. In particle physics, it is well-known that any dipole or 
charge is such a broken 3-symmetry in its fierce vacuum energy flux exchange. However, particle physics considers the input 
energy to be virtual particle energy from the vacuum and therefore random energy. Whittaker 1903 shows it is actually from the 
time domain of spacetime (from the complex plane) and the input energy flow from the vacuum is not random but precisely 
organized in a harmonic set of longitudinal EM phase conjugate waves. Of course by wave-particle duality we simply consider 
the two pictures to be just different and permitted models of the same thing. 


GATING EFFECT 


The effect of extracting part of a flux or flow, compacting it into a useful stream, and "sending it out." 





See gate. 


GAUGE 
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In electromagnetism, usually considered a possible choice for (change of) electric scalar potential and magnetic vector potential. 
without any net change of force fields so that the change satisfies Maxwell's equations. 








Interestingly, gauge field theory includes the axiom of gauge freedom. In EM systems, this means that one is free to "regauge" 
or change the potential energy of the system freely and at any time, so long as the change results in a static stress potential 
energy change. In the real world, one may have to pay a little bit for switching. But essentially physics already assumes that 
one can cause his EM system to take on excess potential energy at will, so long as it is a stress potential energy change only. 


In short, only the symmetrical regauging case has been considered in electrodynamics. Yet every electrical power system must 
first potentialize the system asymmetrically rather than symmetrically. In the theoretically perfect system, this asymmetrical 
regauging is done freely. Hence every electrical power system first breaks gauge symmetry, in order to take on extra energy so 
that it can do work. Further, the source of the potential energy flowing into the asymmetrically regauged electrical system so 
freely, comes from the source dipole's extraction of EM energy from the time-domain (complex plane) due to its broken 3- 
symmetry in EM energy flow. 


So the highest "gauge" principle is that energy can be freely extracted from the vacuum, anywhere and at any time, freely and 
easily, by making a dipolarity—which changes a single potential and asymmetrically regauges the system. 


It follows that one is in theory free to "dissipate" this excess free energy in external loads to power them. Again, in the real 
world one may have to pay some switching costs, but that can be minimized by efficient switching. However, since no 
conventional electrical power system accomplishes this free powering of its loads, it rigorously follows that the conventional 
system must self-enforce symmetry in its discharge of the free potential energy achieved by the initial asymmetrical regauging. 


Thus, if we believe gauge field theory—the most modern of physics theories and in many ways the most useful—and also 
believe its assumption of free asymmetrical regauging that is hidden in its gauge freedom principle, then COP>1.0 electrical 
power systems are absolutely permitted by nature and by gauge field theory where asymmetrical regauging is deliberately used. 


It follows that some feature in electrical power systems as we presently design and build them, must be preventing these 
systems from exhibiting overunity COP. And so it is. The ubiquitous closed current loop circuit results in the circuit forcibly 
and symmetrically regauging itself while dissipating its excitation energy to power its loads and losses. This forces half the 
collected regauging (free) energy to be dissipated in the external circuit's loads and losses, and half of it to be dissipated in the 
source dipole to scatter the charges and destroy the dipole. This means that less than half the available free regauging energy is 
used to power the load, while half is used to destroy the entity—the source dipole—actually furnishing the free regauging 
energy from the vacuum. 


Hence all our present electrical power systems are inherently free energy systems freely extracting their energy from the 
vacuum, but are fiendishly designed so that they kill themselves (shut off all free asymmetric regauging energy from the 
vacuum, by destroying the source dipole) faster than they catch some of the free energy from the vacuum to power their loads. 


To restore the source dipole requires at least as much energy dissipation as was done to destroy it. In our conventional self- 
destructive systems, the generator shaft must thus be continuously powered in order to form the magnetic field inside the 
generator, so that this magnetic field can then dissipate its available energy to force the scattered charges back apart to form an 
ordered source dipole. 


We pay the power company to have a giant wrestling match inside its own generators and /ose. And in a sense, we do it because 
our theoreticians love gauge symmetry more than they tolerate broken gauge symmetry. So they build lovely, symmetry- 
restoring electrical power systems—and monstrously mangle and destroy the fragile biosphere in the process. 


GAUGE FREEDOM 


The axiom in gauge theory that one can freely change the potentials of an EM system, so long as the net new forces resulting 
from the change will sum to a zero vector resultant so that the system remains "symmetrical" in its force-field functioning with 
respect to the system prior to the change of potentials. 











Gauge and gauge freedom are actually formal restrictions of an even more important asymmetrical regauging principle: a 
potential in a system can be freely changed at any time, thus freely changing the potential energy of the system freely and at 
will. Symmetrical regauging is achieved only by multiple application of this asymmetry rule to provide a net symmetry 
condition again, with a change in locked-in stress potential energy of the system. 


GAUGE SYMMETRY 


Abstract mathematical symmetry of a field, that relates to the freedom to regauge (change the value of ) potentials, without 
affecting the values of the field quantities. 


In short, the higher principle that the potentials can be changed freely and at will—and hence the potential energy of the 
regauged system can be changed freely and at will—is arbitrarily restricted to a very special case: Each change of potential 
involves the appearance of an new free force field. This asymmetrical change can be made freely and at will, at any time. 
However, the notion of gauge symmetry restricts any set of such changes to the special case where the new free force fields 
produced must sum to a net zero force field of opposing forces. In short, it severely restricts the freedom to change the 
potentials—to the special case where the resulting change of the system's potential energy must remain a static stress potential 
energy condition. Note that this arbitrarily eliminates any overunity functioning of the regauged system in which the altered 
potential(s) and altered system potential energy exist(s). See the discussions of gauge and gauge freedom, above. 





GAUGE THEORY 


A field theory using a field that has one or more gauge symmetries. 





Note the accent on gauge symmetry and the net symmetrical regauging restriction. This restriction is a carry-forward of the old 
notion that the potentials are not primary, but the fields are primary causes of all EM phenomena. 


For the overunity researcher, broken gauge symmetry is the interesting feature which must avidly be sought in his experimental 
systems. Hence he must seek out and familiarize himself with a wide variety of broken symmetry effects and phenomenology. 
He must also rigorously analyze his circuits with a keen view to where gauge symmetry can be broken, where and how gauge 
symmetry is automatically restored during excitation discharge, etc. Unless the automatic self-enforcing of symmetrical gauge 
transformation during excitation discharge is violated, no EM system can produce COP>1.0. In addition, without elaboration, 
the overunity researcher must also learn to consider the time-domain functions of the circuit, and particularly the giant 
negentropy of the common dipole. Unless he understands that all EM energy comes from the vacuum and from the complex 
plane via the broken 3-symmetry of a dipolarity, he cannot understand his own circuits. 


Electromagnetics was the first gauge theory. Gauge theory is widely utilized today, and particularly in particle physics. In 
overunity power systems, the system must exhibit a broken gauge symmetry at least twice: (1) in initially potentializing the 
system to freely increase its potential energy, thus exciting the system so that it has energy with which to do work, and (2) then 
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discharging this free excitation energy in the load without simultaneously destroying the source dipole providing the continual 
potentializing. 


The conventional COP<1.0 electrical power system restores net 3-space symmetry by continually destroying the "free 
asymmetrical regauging" component: the source dipole, and using more of the energy freely received from the vacuum via 
dipole asymmetry to destroy the dipole than is used to power the load. This requires that at least as much 3-space energy be 
input to the system again, to restore the dipole and thus potentialize the external circuit, as was used to destroy the dipole. 
Hence as much 3-space energy has to be input as is dissipated in all the loads and losses, including inside the generator. For that 
reason, our scientists and engineers unwittingly but deliberately design and build only COP<1.0 systems. 


Without elaboration, we also accent that spacetime curvature is always involved in an overunity EM power system, and the 
tempic (time) potential of the output end of an overunity system differs from the tempic potential of the input end, so that the 
gradient (the tempic force) is directed from output to input—exactly the reversal of the case for a COP<1.0 power system. 


GAUGE TRANSFORMATION (IN ELECTROMAGNETICS) 


In EM, gauge transformation is conventionally taken to be the addition of the gradient of some function of space and time to the 
magnetic vector potential—and simultaneously the addition of the negative of the partial derivative of the same function with 
respect to time, divided by the speed of light, to the electric scalar potential. 











This procedure gives different potentials but leaves the electric and magnetic fields unchanged. It restricts gauge 
transformations to net symmetrical transformations. However, the increase or decrease in potential energy of the system, due to 
changing the potentials, results in a change in the stress of the system and a change in its stress energy. This is because two new 
antiparallel forces are created, which change the stress of the system. 


In essence, gauge symmetry then involves the implicit assumption that a functioning system is the same regardless of how it is 
stressed, and regardless of the state of its stress energy. We point out that, gravitationally, this is not true since any change in the 
local potential energy of the system is a spacetime curvature change, hence a gravitational change. 


GENERAL THEORY OF RELATIVITY 


Einstein's theory of gravity in which the gravitational force is represented by a curvature in spacetime. 





GIANT NEGENTROPY (OF THE DIPOLE) 


The receipt from the time domain of spacetime (the vacuum), by any dipolarity, of enormous longitudinal EM wave energy 
flow, transduction of that absorbed energy from the complex plane into real 3-space, and emission of that enormous energy flow 
in all directions in 3-space, automatically and indefinitely after a little energy has been expended to separate the charges and 
make the dipole. The EM waves in the input from the time domain and the output in 3-space are perfectly ordered and 
correlated, which is a giant ordering of the vacuum/spacetime and is thus a giant negentropy. 

















In circuits, the source dipole in the generator or battery, once made, performs this function. Only a minuscule fraction (some 


10-13 ) of the energy pouring out of the generator's or battery's terminals strikes the surface charges of that attached external 
circuit and is diverged into the conductors to power the Drude electrons and the circuit. All the rest is just wasted. 


See my paper, "Giant Negentropy from the Common Dipole," ibid. 


GRAVITON 


The quantum (smallest piece) of the gravitational field, with spin 2. 





In the quantum theory of general relativity, the graviton is massless and has spin 2. In the new approach, a graviton is 
considered to be a paired (coupled) photon and antiphoton, each of which has spin one, so that the graviton couplet has spin 2. A 
scalar potential is comprised of gravitons, not merely photons, since it can be decomposed into a harmonic series of 
bidirectional wavepairs. In each wavepair, a wave and its antiwave precisely superpose. We insist on a further strong condition: 
that in the biwave, the photons comprising the wave and the antiphotons comprising the antiwave also must obey the distortion 
correction theorem. This means that the antiphotons and photons are passing through each other in opposite directions, 
continually coupling into gravitons and decoupling again. 


GRAVITY 


The phenomenon characterized by the physical attraction of any two material bodies. 





Actually, in modern general relativity it is the trapped energy in the masses that produce the gravity potentials. Ideally, the 
gravitational force between two masses is proportional to the product of the masses divided by the square of the distance 
between them. In the new approach, one recognizes that mass itself is defined in terms of, and identically consists of, the time 
derivative of an action flux. [For a force-free fundamental definition of mass, see T.E. Bearden, Quiton/Perceptron Physics: A 
Theory of Existence, Perception, and Physical Phenomena, National Technical Information System, Report AD-763210, 
1973.] A photon flux is also an action flux. A virtual photon flux is an action flux. So the vacuum consists of a gigantic action 
flux—which with certain interactions forms mass itself. But since photons are action quanta and photon flux is action flux, and 
since mass and gravitation are functions imposed on such action flux; then mass, EM, and gravitation become different aspects 
of the same thing. All of them can be electromagnetically engineered, directly, as indeed can be the flow of time itself. By 
affecting the flow of time electromagnetically, one is thus able to affect the gravitational force between two objects 
electromagnetically. Antigravity, for example, can be achieved by a mechanism that is given in this glossary. Hutchinson has 
demonstrated the levitation of objects weighing up to 60 lbs., albeit sporadically and uncontrollably. At my urgent request, 
Sweet performed a highly successful antigravity experiment some years ago, reducing the weight of a 6-pound object by 90%, 
smoothly and controllably, in several smoothly controlled steps. I consider that the experiment tested and validated my approach 
to an engineerable mechanism for antigravity. For the results of the test, see Floyd Sweet and T.E. Bearden, "Utilizing Scalar 
Electromagnetics to Tap Vacuum Energy," Proceedings of the 26th Intersociety Energy Conversion Engineering 
Conference (IECEC '91), Boston, Massachusetts, 1991, p. 370-375. 


GROSS PARTICLE TRANSLATION 


Refers to translating the entire particle in space, rather than internally structuring the particle's potential (massless charge). 





GROSS POTENTIAL GRADIENT FIELDS 


The usual gradient in a scalar potential's gross magnitude, as in—-V6 . 





GYROELECTRONS 
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Spinning electrons considered as gyroscopes, so that when longitudinally perturbed they can and will laterally precess. 





Considering (in a gross first order model) the conduction electrons in the Drude gas in a conductor as little gyros, because they 
are (i) spinning on an axis, (1i) severely restrained in their ability to move forward longitudinally down the conductor as current, 
and (iii) much more free to precess laterally in the conductor. Thus when the gyroelectrons in the receiving wire antenna, 
perturbed by an incoming longitudinal EM wave in the vacuum, are longitudinally perturbed, they precess laterally so that our 
instruments (which detect electron wiggles, not the incoming vacuum EM wave) do detect "transverse waves." However, they 
are detecting the transverse gyroelectron precession waves. The old electrodynamicists, long before the electron or the atom was 
discovered, simply envisioned the incoming EM wave as "waves in the thin material fluid ether" which were "intercepted" as 
electric fluid waves in the antenna. Hence since their instruments reported that the intercepted "electric fluid" was vibrating 
transversely, they firmly believed (erroneously) that this proved the ether wave to be transverse also, just as those "taut string 
waves" that Maxwell and Faraday had believed in. That is the total raison d'etre behind the mistaken notion of the transverse 
EM wave in the vacuum ether! 


HARMONIC SERIES 


Consisting of a fundamental frequency, its first harmonic, its second harmonic, etc. 





HEAVISIDE, OLIVER 


Noted English self-taught physicist and brilliant electrodynamicist, 1850-1925, who played a role in discarding Maxwell's 


quaternions, and also played a role in forming vector mathematics and formulating the vector reduction of Maxwell's theory 
from 20 quaternion equations in some 20 unknowns to the present 4 vector equations. 








What are presently taught as "Maxwell's equations" in university are actually Heaviside's equations. 


Lorentz symmetrically regauged the Maxwell-Heaviside equations, again greatly simplifying their mathematical solution—and 
also unwittingly discarding all permissible overunity Maxwellian systems in the process. 


HEAVISIDE ENERGY FLOW COMPONENT 


(1) The enormous nonintercepted and nondiverged energy flow component pouring out of the terminals of the battery or 
generator, and missing the external circuit entirely so that it is wasted. 


(2) The enormous energy in the EM field, potential, or wave that misses the interaction of the field, potential, or wave with the 
assumed unit point static electric charge. 


(3) See also discussion under Giant Negentropy. 


HERACLITUS 
To be added. 


HERTZ, HEINRICH 


Noted German physicist who together with Heaviside and others transformed Maxwell's theory from quaternion algebra to 
vector algebra, and who also produced EM waves, thus confirming Maxwell's theory. 








HIDDEN BIWAVES 


Those bidirectional EM wavepairs that comprise the scalar potential are indeed "hidden" with respect to our normal "electron 
translation" (i.e., electron wiggle) detectors and instruments. 








HIDDEN VARIABLE THEORY 


A class of quantum mechanical theories which considers that the quantum state of a physical system is not a complete 
specification after all. The "hidden variables" are those additional components necessary to provide the "complete state" of the 


system. 


The hidden variables are those extra components of the theorized complete state, which are not contained in the quantum state. 
Bohm's hidden variables theory is the best known of all of these theories, and makes the same predictions as does the 
conventional quantum mechanics. In addition, it eliminates the terrible problem of the "missing chaos," eliminates the quantum 
measurement problem, and it suggests that quantum mechanics can be engineered if the hidden variables themselves can be 
engineered. In the new approach, one goes a step further by considering hidden EM variables infolded inside the potentials 
themselves, including inside the quantum potential utilized by Bohm. The advantage of this assumption is that it poses an 
engineerable interpretation, after work by Stoney, Whittaker, and Ziolkowski. Further, the Russians have utilized this type of 
EM hidden variable theory, along with the quantum potential, to develop secret advanced weapons. The physics of this area is 
called energetics. 








HIERONYMUS, T. GALEN 


Founder of the American version of radionics, who patented a radionics machine and process to start the cycle of radionics in 
this country. 





HILBERT, DAVID 


Noted German mathematician, 1862-1943, who did advanced work in geometry, theory of invariants, integral equations, and 
mathematical physicist. 





Noted particularly for his development of Hilbert space. 


HOLE (ELECTRON HOLE) 


An unfilled vacancy in an ordering of electron energy levels, as in a lattice or in the Dirac Sea. 





Electron energy levels have two energy states: (1) positive energy state, and (2) negative energy state. The positive energy states 
are associated with the positions of normal energy electrons. The negative energy states are almost all filled, and this is the 
Dirac sea. 


The absence of an electron from either energy state creates a particular kind of hole. When an electron is absent from an 
electron positive energy state position in a lattice, that results in an excess of positive charge at that point vacated by the 
electron. Note that when an electron then refills that hole (recombination occurs), the electron remains in a positive energy 
state, does not disappear, and no radiation occurs. 
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When an electron is lifted from an electron negative energy state in the Dirac sea, that leaves behind a hole in the negative 
energy state in the Dirac sea. When an electron subsequently refills that hole, it "falls" in and disappears, decaying to a lower 
energy level and emitting radiation due to the difference in the energy levels. 


The difference between holes in the Dirac sea and holes in the electron positive energy levels in a lattice, are very different. In 
short, they lead to two quite different kinds of "hole and electron" interactions. In the lattice "hole-filling" (recombination), 
there is no excess radiation given off and the electron does not disappear from the positive energy continuum. In the Dirac sea 
hole-filling, excess radiation is given off and the electron disappears from the positive energy continuum. 


Under the influence of an electric field, a positive energy hole in a crystal lattice—where an electron has left and is therefore 
absent—will effectively propagate through the lattice as a positive charge, but usually much slower than the electron propagates 
in the opposite direction as an electron current. The process is actually more complex and involves continuous interaction with 
the electrons and their physical distribution pattern and location. The hole current is mathematically treated as a special positive 
charge current, often referred to as a positron current. In a current-carrying conductor or semiconductor, one has a current of 
electrons traveling in one direction and simultaneously a current of holes (hole positrons) traveling in the opposite direction, but 
recombining. 


As stated, in addition to lattice holes, there also can exist unfilled holes in the Dirac negative energy states comprising the 
vacuum, particularly when fields are present. In this case, it is a negative energy hole. A positive energy electron that falls into 
a Dirac sea hole will emit energy as it falls to that lower energy state. To lift one of the electrons from the Dirac sea and leave a 
hole, energy must therefore be added to the negative energy electron in the Dirac hole. 


When fields are present, Dirac holes may exist and may move as hole current in circuits under certain conditions. The situation 
is complex; see Felix Finster, "Definition of the Dirac Sea in the Presence of External Fields," Adv. Theor. Math. Phys., Vol. 2, 
1998, p. 963-985. Updated copy (version 4) is on http://xxx.lanl.gov/abs/hep-th/9705006. 


When a free electron fills a positive energy hole in a lattice (positive electron energy state), this effectively disposes of both the 
hole and the free electron which is now a bound electron, and is called recombination. The electron does not disappear. In a 
material lattice, there is no energy radiation from this, just the disappearance of the hole and the "binding" of a free electron so 
that it is no longer free. 


In visualizing positive hole currents, passing the hole current though a surplus of available electrons (as in a negative charge 
donor material) will result in "hole filling" and recombinations. One may therefore speak of disposing of unwanted hole current 
by recombination, and in fact this is widely accomplished in semiconductors by controlling the doping. 


HOLE CONDUCTION (LATTICE) 


The movement of electron vacancies (holes) in a lattice continually left behind by hopping of the electrons as they break loose 
from their bonded positions and move freely in an electron current. 








When an electron hops out of a lattice bond, it leaves behind a bonding gap or "hole" in the positive electron energy state at that 
bond site, so that an extra positive charge appears there at the hole. As the electrons move in one direction in a conducting 
lattice, the holes move in the opposite direction in a "positive current", but at a much slower pace than the electron current 
moves. 


HOLE CURRENT (LATTICE) 


See hole conduction (lattice). 





HOMEOPATHY 


A system of medical treatment based on the theory that certain diseases can be cured by giving very small doses of substances 
which in a healthy person would produce symptoms like those of the disease. (Opposed to allopathy). 








Homeopathy is based upon formation and use of dimensioned potentials (particularly the potential composed of the extremely 
rapid "making and breaking" hydrogen bonds in a fluid) containing vacuum engines. Any material or solute, and therefore any 
molecule, contains its own specific vacuum engine, its own charges, and its own dimensioned potential. Dissolving the material 
in water, or even using a suspension of it in water, allows the bonding potential in the water to interact with the potential of the 
solute or suspension. Potentials superpose, and they also diffuse and mix their inner structures (vacuum engines) into each other. 
So the material or solute diffuses its vacuum engines into the interior of the hydrogen bonding potential, in effect ordering and 
templating the hydrogen bonding itself! Vigorous shaking of the suspension or solution assures that all the fluid and H-bonding 
potential is exposed to the solute of suspended particles, so that a thorough exchange of vacuum engines occurs. This process in 
homeopathy is called potentizing. It's actually just creating the desired internal vacuum engines in the H-bonding potential of the 
water. Once that's done, there's really no further need for the solute or the suspended particles. By repeatedly diluting the 
solution to the extreme, then one can reach a point where there is a high probability that not a single molecule of the original 
solute is remaining in the fluid. Yet in each dilution, shaking can be used to insure the even spread of the vacuum engines 
through the newly introduced H-bonding potential in the newly introduced water. At the end, there exists an altered fluid whose 
H-bonding potential now contains the desired vacuum engines. Drinking that water now introduces those vacuum engines into 
the body fluids, bloodstream, etc. The ingested dilute new vacuum engines will then diffuse through the various potentials of the 
body, and produce altered chemical functioning of the kind that could have been induced by the chemical or active solute 
material. The advantage is that the harsh material residue of the chemical or solute is not present in the body, as it is when 
allopathy is utilized. 


HYPERFUNCTIONING 


Functioning in hyperspace as opposed to 4-dimensional Minkowski space. 





Higher topological functioning. 


HYPERSPACE 


Refers to a space of more than four dimensions, and specifically to those spatial dimensions outside the normal three. 





IDENTITY OF OPPOSITES 


On the boundary, A and not-A are identical. If all of a thing is collected, one reaches the boundary of that thing and it turns into 
its own opposite. 


INERTIAL FRAME 


A frame of reference in which force-free bodies move along straight lines, and the postulates of special relativity are valid. 
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In the new approach, this notion is extended; even in an inertial frame, force-free bodies may move along straight lines, the 
postulates of special relativity may remain valid, and yet the EM hidden variable may induce other changes in the usual laws of 
nature due to the action of hidden vacuum engines infolded in the dimensioned local spacetime (vacuum potential). 


INFOLDED HIDDEN DYNAMICS 
Refers to: 
(i) Bohm's hidden variable theory and the internal dynamics of the hidden variables/entities themselves, and 


(ii) to the hidden biwave pairs comprising a scalar potential, with the internal dynamics of those waves such as tuning off 
harmonic frequency, multiplication, variation of phasing and magnitude, etc. 


Also, by Whittaker 1903 the scalar potential can be decomposed into the bidirectional wavepair set in harmonic series. By 
Whittaker 1904, each of the waves in a biwave pair can be further decomposed into two potentials, so each pair of waves would 
consist of four potentials. That is, the entire set of internal biwave pairs can be replaced by four times as many internal "partial 
potentials" as was the number of biwave pairs. Then Whittaker 1903 can be applied once again to break each one of those scalar 
potentials into new biwave pairs, and so forth and so forth. So the potential can be expressed as waves within waves within 
waves, or potentials within potentials within potentials, and so on. The neat thing is that each successive infolding (internesting) 
is a higher dimensional functioning and a higher topology. So one can build (with some little pain!) specific infolded wave 
patterns that will work in—say—the 7th dimension of hyperspace, or the eighth dimension, and so on. This is why I called the 
internal structuring of a potential (or the two potentials comprising an EM wave) dimensioning the potential or the wave. As a 
half-baked nuclear engineer whom the Army never let practice his discipline, I wanted some way to directly engineer the 
nucleus. That has now been found. Unfortunately it has also already been highly weaponized in secrecy by one or more foreign 
nations. In other words, one can design a signal and assemble it (with some difficulty) that will flip one quark in a nucleon in an 
atom. That way one can transmute an element either into the next higher element isomer or the next lower element isomer. 
Using a quantum potential to "transport" the necessary vacuum engines, the effect can be accomplished at a great distance, in 
multiple targets simultaneously, and the effect is not shieldable. "Jumps" in nuclear transmutation can also be accomplished. The 
migration of electrons to and from an atom (as in solution, e.g.) makes and negates ions continuously. Thus continually the 
external potentials and the nuclear potentials intercommunicate. This means that their vacuum engines continually diffuse. Any 
dimensioning of the external potentials will be passed into the nuclear potentials as a dimensioning action also. If certain 
conditioning vacuum engines are present in the external potentials, then the slow diffusion into the nuclear potentials begins to 
affect the nucleons and their interactions, the quarks comprising the nucleons, the particles such as pions continually exchanged 
between nucleons, etc. The mechanism for nuclear transmutations and production of new species is there! I believe, e.g., and am 
working to more clearly express, that the major mechanism producing the new nuclear species in cold fusion experiments just 
such dimensioned potentials, involving the inadvertent dimensioning of potentials comprised of the hydrogen bondings of the 
water and other factors. 


INFOLDED REAL VECTOR COMPONENTS 


Well, simply take a set of real force vectors that altogether sum to a vector zero resultant. 





That "vector zero system" is a zero with respect to forced translation of a particle or mass. It is not an absence per se, but is the 
presence of specifically hidden and "infolded" real vectors. Two elephants pushing each other to a draw form such a "zero- 
translating" system. That "zero system" is quite different from two crickets pushing against each other to a draw! Anyone who 
thinks all zeros are "absences" and who thinks all zeros are equal, is invited to try standing between the crickets and observing 
how he feels, then standing between the elephants and see how he feels. The latter might be a real bummer. So zeros can differ! 
And a zero can be a presence of many real things, all still there but "infolded" and "hidden," but just the absence of any one and 
only one thing. Even in arithmetic, e.g., we are free to pull 5-3-2 right out of 0, or pull out 4-7+8-6-2+5+1+1-3-1/2-1/2 (if I got 
the arithmetic correct!). And so on. So we have always used the fact that a net zero can have a real internal composition, without 
detailing it exactly. We teach our schoolchildren to do it, but fail to tell them what they are doing! 


When you sum EM force fields to zero, the fields are still there and real. You have altered the energy of the system or volume, 
and also the potential energy of the system or volume. And you have done it in specific directions, magnitudes, etc. along the 
"fingers" of the infolded patterns. In short, you have made a specific vacuum engine. Mass, fluid, nuclei, molecules, etc. 
exposed to that "conditioned vacuum potential" may well undergo physical and chemical and electrical changes. Golden once 
performed experiments which powerfully conditioned the local vacuum, and all clocks and watches (mechanical, electrical, etc.) 
in the local area were awry for four days. 


INFOLDING 


With reference to signals, infolding means "placing the signal or modulation or change upon one or more of the internal 
bidirectional wavepairs comprising the scalar potential. 








Since all EM potentials ultimately represent changes to the ambient vacuum potential, one has conditioned or altered the 
vacuum itself when infolding is utilized. Infolding of EM signals, vectors, and directions produces vacuum engines. By 
Whittaker's principle and Bearden's corollary, these vacuum engines can be designed to affect matter—including atomic nuclei, 
nucleons, etc.—in any manner desired. 


INFORMATION CONTENT OF THE FIELD 


Russian euphemism for the structuring of the hidden longitudinal EM waves and their dynamics, that comprise any EM 
potential, field, or wave. 








INFRASONIC 
Below sonic. 


Frequencies below what the ear can hear. Below about 20 Hertz. 


INTERFEROMETER 


An instrument in which a wave is split into two waves or beams, which after traveling over different paths are subsequently 
reunited and display interference. 








INTERFEROMETRY 
Measurement of wavelengths of light and very small distances and thicknesses, 





..for determining indices of refraction, and for analyzing small parts of a spectrum by means of the interference phenomena of 
light. 
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INTERNAL SPACE 
To be added. 


ITERATED 
Done repeatedly, like picking beans one at a time. 


JOSEPHSON EFFECT 


Flow of Cooper pairs (superconducting electron pairs) across a thin dielectric separating two superconducting electrons, in the 
absence of a voltage drop. 
That is, the pair of electrons can "tunnel" through a thin insulating barrier. 





JOSEPHSON JUNCTION 
The thin dielectric separating two superconducting electrons, with subsequent Josephson tunneling of Cooper pairs. 





JOSEPHSON TUNNELING 
See Josephson effect. 
JOULE 


A measure of energy. 
One joule equals one watt for one second. In physics the unit of work or energy in the MKS system, being the amount of work 


done by one newton acting through a distance of one meter, equal to 10,000,000 ergs. 
JUNG, CARL GUSTOV 


Noted Swiss psychiatrist and psychologist who founded Jungian analytical psychology, formulated the principle of 
synchronicity, and advanced and delineated collective unconscious mind. 








From the content of his German patients, Jung predicted WW II two decades before it occurred. 


KINDLING 


Coherent integration (adding) of similar virtual components among the vast "noise" of dissimilar virtual components, so that the 
"signal-to-noise" ratio of the integrated signal steadily increases, and the integrated "observable signal" grows out of the 
background virtual state noise. 











This "kindling" process is directly analogous to coherent integration of nondiscernible radar signals far beneath the received 
noise, to build and extract the real radar return signals from targets. This sort of process dramatically increases the "sensitivity" 
of the radar. Real, very tiny signals even 100 dB or more beneath the noise level can be retrieved in such fashion by modern 
radars. 


Similar processes can integrate very minute signals already passed into the virtual state and presumed to be nonexistent. 
Usually, however, the difference frequency between two frequencies at least one harmonic interval apart must be used, 
considering the vacuum's virtual flux state as an isotropic nonlinear medium. 


One may also hypothesize that potentials and propagating signals may decrease with distance, but are never truly "lost" in that 
they never reach a total zero. When they reach the quantum level, further decrease in amplitude simply results in their passing 
into the virtual state (subquantum level). 


KIRCHHOFF'S CURRENT-LAW 


At any time, the sum of the instantaneous currents flowing into a node or point in a circuit equals the sum of the instantaneous 
currents flowing out of that node or point. 








KIRCHHOFF'S VOLTAGE LAW 


At any time, the sum of all voltage rises in a closed loop circuit equals the sum of all drops in that closed loop circuit. 





LAMB, WILLIS EUGENE JR. 


American physicist and Nobelian who discovered the hyperfine structure of the hydrogen spectrum, and first measured the 
interaction of the vacuum energy that generates a change in the energy levels of the hydrogen atom, according to Dirac's theory 
and quantum electrodynamics. 











LAMB SHIFT 


A very small correction to the first excited state of the hydrogen atom due to interaction of the vacuum. 





Willis Lamb experimentally confirmed this prediction of quantum electrodynamics to high accuracy. 


LAMELLAR CURRENT 


Current in thin layers. 
Thin layers of current. Thin sheets of current. 


LASER 


A device that generates light in which all the photons are exactly in step and produce a coherent beam. 

Laser light has one wavelength and is more easily controlled than other kinds of light. Use of a laser to perform interferometry 
is one way to create holograms; use of a laser to illuminate a hologram is one way to read it. Originally the word "laser" was an 
acronym that stood for "light amplification by stimulated emission of radiation." Note that when TiO, particles in suspension, 
with a small amount of fluorescent dye added, are weakly illuminated by a small coherent light source (a laser), a tremendous 
room-filling output of coherent light emission occurs, by the anti-Stokes emission effect. This is lasing without population 
inversion, and it is a validated and easily testable overunity process. This is the process patented by Lawandy. 


LASING WITHOUT INVERSION 
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The amplification of coherent light in an intensely scattering medium, comprised of certain powdered laser crystals or 
suspensions of similar material, where a variety of phenomena such as gain narrowing and amplifying random walk of light 
propagating in the medium, combine to give laser emission with diffusive feedback. 











Gain tends to depend on the volume of the medium, so that at a certain medium the gain in light amplification by the medium 
exceeds the losses, and the laser action results above this critical volume. The intensity of the light scattering (multiply 
reflecting) in the medium then will increase rapidly until an "explosion" of light results in an intense flash of coherent light in 
all directions from the medium volume. 


If the excitation is still present, the process will be repeated and the energy density will again exceed the critical value, rapidly 
generating another intense flash of light. This process can be repeated many times, given the presence of continued excitation. 


A very interesting phenomena that can occur is coherent backscattering. Here the light scatters over both a forward-time path 
and a time-reversed path, perhaps with each path consisting of more than 1,000 scatterings. Because of time-reversal symmetry, 
the two waves (forward and backward) acquire exactly the same (though random!) phase. So the two waves after all this 1,000 
scatterings on their paths, meet and interfere constructively in the direction back toward the exciting light source. 


In theory the mean free path can be made shorter and shorter, so that all the light would be trapped inside the medium. This is 
called Anderson localization, and it has been reported in the literature; see D.S. Wiersma, P. Bartolini, A. Lagendiji, and R. 
Righini, "Localization of light in a disordered medium," Nature, Vol. 390, 1997, p. 671; John Sajeev, "Frozen light," ibid., p. 
661-662. 


This work grew out of original work called out by Letokhov but largely ignored for more than two decades. 


References: D. Wiersma and A. Lagendijk, "Laser action in very white paint," Physics World, Jan. 1997, p. 33-37; — "Light 
diffusion with gain and random lasers," Physical Review E54, 1996, p. 4256; N.M. Lawandy et al., "Laser action in strongly 
scattering media," Nature, Vol. 368, 1994, p. 436; V.S. Letokhov, Generation of light by a scattering medium with negative 
resonance absorption," Sov. Phys. JETP, Vol. 26, 1968, p. 835. 


Note that we have nominated a version of this process, together with consideration of the erroneously discarded Heaviside 
nondiverged energy flow component, as the fundamental mechanism proposed to be involved in gamma ray bursters, x-ray 
bursters, and in some gamma ray and x-ray flashes associated with atmospheric phenomena on earth in thunderstorms, etc. We 
also nominated the missing Heaviside energy flow component as the agent accounting for the excess gravity (some 90% of the 
total gravity) in the arms of spiral galaxies that hole those arms intact so they do not fly apart. See T.E. Bearden, "Dark Matter 
or Dark Energy?", Journal of New Energy, 4(4), Spring 2000, p. 4-11 (also available on http://www.cheniere.org); — "Giant 
Negentropy from the Common Dipole," Proceedings of Congress 2000, St. Petersburg, Russia, Vol. 1, July 2000, p. 86-98. 
Also published in Journal of New Energy, 5(1), Summer 2000, p. 11-23. Also carried on DoE open website 
http://www.ott.doe.gov/papersbooks.html and on http://www.cheniere.org. 











LAW OF PHYSICS 


A restriction placed upon the physical mechanisms that can occur under certain broad assumptions as to the background 
situation and environment. 








Actually, in nature there are no such rigidly fixed "laws"; these are only man's synthesis for the behavior of large classes of 
systems under very general conditions. Any "law of physics" can be violated if the conditions contained in its assumptions are 
violated. Conservation laws are often touted as "laws of physics." Actually, the conservation laws assume a closed system or 
one in equilibrium, and a linear spacetime (Lorentz frame). If either or both of these assumptions is locally violated, any or all 
of the conservation laws can be violated locally, even though the overall global conservation is still upheld. Quite simply, in that 
case one has opened the system (broken symmetry). In particle physics, broken symmetry already results in violation of one or 
more of the conservation laws. In leading Russian physics journals, papers are regularly published containing unrestricted 
general relativity with concomitant violation of any and all conservation laws. 


LAWANDY PATENTS 


Patents covering and related to anti-Stokes emission (excess emission of energy) in strongly scattering, optically active media 
such as TiO2 particles in suspension. 








More energy is emitted than one must input to stimulate the effect. It is being hailed as a new form of lasing, without the 
requirement for population inversion. 


LETOKHOY, V. S. 


Russian pioneer in excess emission phenomena from stimulated media. 





LETOKHOV EFFECT 


The excess emission (overunity emission of ener henomena in strongly scattering, optically active media, usually referred 
to as "negative absorption of the medium". 





For an overview, see V. S. Letokhov, “Stimulated emission of an ensemble of scattering particles with negative absorption,” 
ZhETF Plasma, 5(8), Apr. 15, 1967, p. 262-265; —‘Generation of light by a scattering medium with negative resonance 
absorption,” Sov. Phys. JETP, 26(4), Apr. 1968, p. 835-839; — “Laser Maxwell’s Demon,” Contemporary Physics, 36(4), 
1995, p. 235-243. 


LOCALITY 


Characteristic where interactions are local in spacetime. 





LOCALIZED 


Confined to a small region of a large system rather than being extended through the system or at a distance. 





LOCAL VIRTUAL PHOTON FLUX OF VACUUM 


Refers to a local region of the vacuum, which also refers to the vacuum flux density of that region. 





LONGITUDINAL COMPONENT 
In EM waves, the longitudinal component of the fields along the direction of travel 





..as opposed to the transverse components at right angles to the direction of travel. 


LONGITUDINAL E-FIELD 
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We may divide any electrical field into two components, a transverse component and a longitudinal component. 





Of course one or the other may be a zero vector. 


LONGITUDINAL GRADIENT 


Compression wave gradients (differences) in density or pressure, 





..considered in a direction from their origin along the direction of primary movement, vs. transverse waves, which act 
perpendicular to that direction. 


LONGITUDINAL INTERIOR WAVE 


In conventional theory, the electric portion of the EM wave is a transverse field oscillation, and the longitudinal component is 
essentially zero. 

In the new "infolded" wave approach, there is no overall transverse gradient in the vacuum potential, but there is an infolded 
longitudinal gradient which oscillates "inside the vacuum potential." This is rather like a "pressure wave" transmitted under 
water, without causing a surface wave involving physical upheaval and fall-off of the water. In EM, by analogy the speed of the 
"bulk upheaval" transverse wave is nominally c, the speed of light in vacuum [but see discussion of galloping waves, for what 
really happens! ]. The speed of the pressure wave, under water, may be very much greater than c, because it is a special 
"tunneling" process and it also involves the galloping wave effect. Experimental measurement of superluminal tunneling 
velocities—such as more than 4c—are already well-known in the literature. 





To better visualize this "pressure wave," consider that it is like a sort of "velocity modulation" upon the edge of the 
conventionally-visualized plane wave front of a traveling transverse wave, except now the plane itself does not move. All the 
succeeding planes are "bumped" by the velocity modulation of one plane, and so the velocity modulation propagates through 
(inside) the vacuum potential as a modulated pressure wave, without transverse change of the potential. 


Now we have a very special medium! It consists of bidirectional EM wave pairs, one passing through the other. In such a case, it 
is already known that the speed of a "planar wave front" in the superposition and resulting interference of two oppositely 
moving waves can in fact greatly exceed the speed of light momentarily, then slow dramatically below than the speed of light, 
etc., so long as the average velocity is c. This is called the galloping wave effect. [E.g., see William G. Harter et al., "Galloping 
waves and their relativistic properties, American Journal of Physics, 53(7), July 1985, p. 671-679.]. Since the plane wavefront 
within the interior can in fact vary its velocity, we are quite free to use this "velocity pulse modulation" effect of wavefront 
speed variation, to place signal intelligence upon the planar wave front speed variations. So we can transmit hidden pressure 
waves with intelligence on them, through the interior of the vacuum potential. Further, the restriction to an average velocity of c 
does not have to apply, and the planar pressure pulses can be transmitted much faster than c. This is the basis of the work Fogal 
and I are struggling with, in order to achieve superluminal communication. It is also what we have been struggling with in an 
effort to come up with a communication system that can propagate infolded signals inside the H-bonding potential of the ocean 
itself, so that high-data-rate communications with deep submarines could be utilized, at any distance, and the huge, gawky, 
frightfully expensive, and environment-affecting ELF systems be done away with. We also think it should eventually be 
possible to develop an underwater radar type of system, but it's far too early at this point to try to conceptualize just exactly how 
it would work. 


LONGITUDINAL WAVE 


A "pressure" type of wave, similar to sound, in which the vibrations are along the direction of travel of the wave. 





Hence, a wave composed of alternating densifications and rarefactions, where we focus upon the longitudinal component of the 
changes. In the past we have used the term "scalar waves" to imply longitudinal standing waves, such as in one infolded Stoney- 
Whittaker wavepair inside the scalar potential. In classical EM theory, the Poynting vector predicts no longitudinal wave of 
energy from a time-varying, electrically charged source. In fact, even in the ordinary theory, an exact solution of the problem 
does allow this longitudinal wave, as shown by Keech and Corum, International Journal of Theoretical Physics, 20(1), 1981, 
pp. 63-68. Conventionally, as explained elsewhere in this glossary, the classical electromagnetic wave is modeled as a vector 
string wave, comprised of transverse vibrations on implicitly assumed material taut strings in the vacuum. In the new approach, 
such transverse vector force field waves (Hertz waves) do not exist as such in vacuum; instead, two coupled, dynamic scalar 
potentials exist there. The E and B fields are formed and exist as the these potentials and their gradient coupling to spinning 
charged detecting mass particles. 


LONGITUDINALLY 
Of or in length. Running or placed or operating or changing lengthwise. Opposed to transverse. 


LORENTZ, HENDRIK ANTOON 


Renowned Dutch physicist and Nobelist, 1853-1928, who developed the Lorentz transformations and Fitzgerald-Lorentz 
contraction. 





He shared the Nobel Prize for discovering the Zeeman effect. 


LORENTZ INVARIANCE 


An inertial frame is independent of the velocity of the frame relative to any other frame. 





LORENTZ INVARIANCE PRINCIPLE 


The principle that the laws of physics are the same in all reference frames. 





LORENTZ REGAUGING 
Changing the two potentials in the Maxwell-Heaviside equations in potential form so that the resulting equations have the 
variables separated. 


An unfortunate effect is that this discards all Maxwellian systems far from equilibrium in their vacuum exchange, hence 
discards all permissible Maxwellian COP>1.0 systems. 





LORENTZ SYMMETRY 
Referring to the symmetrical regauging by Lorentz of Maxwell's equations. 





LORENZ, LUDWIG VALENTIN 
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Scientist who first changed Maxwell's equations—two years after their publication in 1865—by (effectively) symmetrically 
regauging them, thereby unwittingly discarding all Maxwellian systems far from thermodynamic equilibrium with the active 
vacuum. 








See L. V. Lorenz, "On the identity of the vibrations of light with electrical currents," Philosophical Magazine, Vol. 34, 1867, p. 
287-301. In this paper Lorenz gave essentially what today is called the Lorentz symmetrical regauging. 





Comment: (gratefully received from T. Barrett) This paper gave f(t-r/c) functions. Fitzgerald said that Lorenz's functions were 
essentially the same as his, and Fitzgerald became a leading proponent of "retarded potentials". But it is believed that Fitzgerald 
was unaware of Lorenz's work until the 1880's, so he is given credit for parallel development. Some people talk of Fitzgerald- 
Lorenz functions. This is a regauging, but the term "gauge" (inspired by railroad gauges) was first introduced by Hermann Weyl 
in the 1900s. He used it for a change in length and was shot down by Einstein's theory—Weyl's theory was not relativistic. The 
idea resurfaced in the 1920s when quantum theory was being formulated, but this time it meant "change in phase" and not 
"change in length". 


Comment by T.E.B.: Thus "Lorentz" regauging of Maxwell's equations really was first done by Lorenz in 1967. However, not 
too much attention was paid to L. V. Lorenz’ work (e.g., by Fitzgerald). When H. A. Lorentz later used symmetrical regauging 
(essentially Lorenz' regauging), his influence was so great that it was adopted straightaway and has remained adopted to this 
day. 


LOW ENERGY NUCLEAR REACTION (LENR) 


Cold fusion, or the anomalous transmutations of elements which occur in certain electrolytes with specially prepared palladium 
electrodes. 





The transmutations occur even though in conventional theory there is insufficient energy to accomplish them. 


Conventional science has rather vehemently attacked cold fusion and many of the cold fusion scientists, even though there are 
now hundreds of successful experiments in multiple laboratories throughout the world. 


In our view, once the properly-prepared palladium lattices are loaded with positive ions, the formation of temporary, fleeting 
time-reversal zones in the electrolyte temporarily reverses the law of attraction and repulsion of charges. Thus H+ ions, e.g., 
may attract each other in even numbers (opposite numbers are forbidden by the Pauli exclusion principle), so closely that each 
enters the strong (nuclear) force region of the other, so that the group becomes a quasi-nucleus. Note that the gluons are 
partially "unglued" by the TRZ formation, and so the preferred method of "decay" of the anomalous TRZ state as the 
surrounding electrolyte ions move to negate it, is by flipping of a quark. One D+ ion coupled to one H+ ion, e.g., when 
attracted into a quasi-nucleus in a TRZ, may decay into tritium by flipping one quark and changing one of the protons into a 
neutron. Two H+ ions may decay into deuterium (D+) by flipping one quark and turning an H+ into a neutron. Two D+ ions 
may simply "tighten further" into a real nucleus as the TRZ decays, and result in an alpha particle (helium nucleus). The TRZ 
hypothesis does precisely explain the most important reactions that are experimentally shown to occur. For more on this 
hypothesis, see T. E. Bearden, "EM Corrections Enabling a Practical Unified Field Theory with Emphasis on Time-Charging 


Interactions of Longitudinal EM Waves," Explore, 8(6), 1998, p. 7-16; — ., "EM Corrections Enabling a Practical Unified Field 
Theory with Emphasis on Time-Charging Interactions of Longitudinal EM Waves," Journal of New Energy, 3(2/3), 1998, p. 12- 
28. 

MAGNETIC DIPOLE 


Paired north and south magnetic poles of equal strength over microscopic or macroscopic distance. 





MAGNETIC INDUCTION 


The act of a change in magnetic field producing an electric field at right angles, which in turn produces electron flow. 





MAGNETIC SPIN 


Refers to the intrinsic angular momentum, known as spin, of electrons, protons, and neutrons, etc. 





The electrons combined in an atom or ion have a resultant angular momentum, that is the combined intrinsic spin of the 
electrons and the angular momentum due to their motion around the nucleus. There is also a magnetic moment associated with 
this angular momentum (spin) whenever it is nonzero. Therefore atoms or ions with nonzero spin are magnetic atoms or ions. 
This is often loosely referred to as "magnetic spin." It is actually the magnetic moment of nonzero spin. 


MAGNETOELECTRONICS 
New microelectronic components which exploit the spin of the electron rather than its charge. 


References: A Barthelemy et a/., "Giant Steps with Tiny Magnets," Physics World, Nov. 1994, p. 34-38; G. Prinz, 
"Magnetoelectronics," Science, Vol. 282, 1998, p. 1660. 





MAGNETORESISTANCE 


A change in electrical resistivity in a material when a magnetic field is applied to the material. 





MAGNETORESISTANCE, COLOSSAL 


A very large change in electrical resistance observed in the manganese perovskite materials when a magnetic field is applied to 
them. The effect in these materials is the largest magnetoresistance effect known at present. 








See N. A. Babushkina et a/., "Metal-insulator transition induced by oxygen isotope exchange in the magnetoresistive perovskite 
manganites," Nature, Vol. 31, 1998, p. 159; L. I. Balcells et al., "High-field magnetoresistance at interfaces in manganese 
perovskites," Phys. Rev. B, Vol. 58, 1998, p. R14697; M. Blamire ev. a/., "Understanding and utilizing colossal 
magnetoresistance materials," Phil. Trans. Roy. Soc. A., Vol. 356, 1998, p. 1469-1712. 


MAGNETOSTATIC SCALAR POTENTIAL 
Roughly, the "pole strength" differential between the two poles of a magnetic dipole. 





Anyone who wishes may polish this definition. 


MASSLESS DISPLACEMENT CURRENTS 


Currents without mass. 


Examples in the standard theory include dd/dt, dE/dt, dP/dt, dB/dt, etc. 





http://www.cheniere.org/references/annotated_glossary.htm 59/83 


1/26/2018 ANNOTATED GLOSSARY 
MATTER 
Highly condensed 3-spatial energy, compressed by the factor ce. 





and with the observation process d/dt having been applied to the fundamental masstime entity to provide mass as a frozen 
snapshot. Matter, of course, has internal structure, order and organization, and dynamics. All matter is in a continuous 
energetic exchange with its vacuum (4-spatial) environment. 


MAXWELL, JAMES CLERK 


Brilliant scientist who first formulated the unified theory of electricity and magnetism. 


James Clerk Maxwell was born on June 13, 1831 in Edinburgh, Scotland. In 1847 he entered the University of Edinburgh, then 
transferred to Cambridge in the fall of 1850. After graduation, he stayed on at Cambridge in a research position. He was elected 
a Fellow of Trinity College and placed on the staff of college lecturers. In 1856 he returned to Scotland, where he took up a 
Chair of natural Philosophy at Marishal College, Aberdeen. In autumn, 1860 he took a new position as Chair and Professor of 
Natural Philosophy and Astronomy at King's College, London (a position he held until 1865, at which time he resigned). 
Maxwell was financially independent. He was elected to the Royal Society in 1861, while at King's College. From 1865 to 1871 
he resided at his ancestral Scottish country home, Glenlair, developing his major ideas into book form. Maxwell returned to 
Cambridge in 1871, where he became the first holder of the Cavendish Chair of Experimental Physics. There he also supervised 
the construction and operation of Cavendish Laboratory. His treatise on electromagnetism appeared in 1873. He held his 
position at Cambridge until he died on Nov. 5, 1879 at age 48, of a form of stomach cancer—the same ailment that had killed 
his mother when he was a child. [Thanks to Encyclopaedia Britannica! | 


MAXWELL (UNIT) 
Unit of magnetic flux, in the cgs system. 





MAXWELL'S ELECTRODYNAMICS 


Maxwell's electrodynamics is Maxwell's equations. 





MAXWELLIAN SYSTEM 
Any physical or electromagnetic system whose electrodynamic operations obey James Clerk Maxwell's electrodynamics model. 





The term is usually applied with respect to those systems which obey a highly reduced subset of Maxwell's after the Lorentz 
regauging of the Maxwell-Heaviside equations. This subset is now inappropriately referred to as "Maxwell's equations". This is 
unfortunate. As a result, today many scientists and most engineers no longer understand that Maxwell's theory—when 
embedded in a higher topology algebra—permits a vast richness of additional EM systems and behaviors, including full unified 
field theory operations. In the standard U(1) gauge symmetry electrodynamics, all these higher symmetry functions and 
systems are excluded a priori. From our view, this is particularly sad since these arbitrary reductions of Maxwell's theory 
arbitrarily excluded all EM systems far from equilibrium in their exchange with the active vacuum. Hence almost all scientists 
and engineers believe it is against the very laws of nature to propose an electrical power system that produces more energy out 
—and more work in the load—than the energy input made by the operator himself. This sad error has resulted in (1) crippled 
electrical power systems that extract their output energy from the vacuum but kill themselves faster than they power their loads, 
(2) the giant pollution of the earth, (3) extraordinary energy costs, (4) struggles and wars over oil and energy resources, and (5) 
the looming giant economic collapse of the economies of many nations. Further, unless this latter facet is checked, it may also 
lead to (6) the unleashing of all the weapons of mass destruction in the arsenals of many nations, destroying all civilization and 
much of the biosphere. 


McCREA 
To be added. 


MICHELSON, ALBERT ABRAHAM 


German-born American physicist who invented an interferometer (Michelson interferometer) named after him. Michelson used 
his interferometer in a renowned experiment designed to measure the velocity of the earth through the ether, which would 
produce a shift in his interferometer pattern. No such shift was observed, which indicated the absence of an ether wind and was 
largely responsible for the downfall of the concept of the material ether which had been assumed previously. 


Reference: Albert A. Michelson and Edward Morley, "Influence of Motion of the Medium on the Velocity of Light," American 


Journal of Science, Vol. 31, 1886, p. 377-386; — "On the Relative motion of the Earth and the Luminiferous Ether," ibid., Vol. 
34, 1887, p. 333-345. 














MIND 


From the medical view, with thanks to Webster's Medical Desk Dictionary, Merriam-Webster Inc., Springfield, 
Massachusetts, 1986: (1) The element or complex of elements in an individual that feels, perceives, thinks, wills, and especially 
reasons; (2) the conscious mental events and capabilities in an organism, (3) the organized conscious and unconscious adaptive 
mental activity of an organism. 














See an extended discussion of mind under energy. 
MIND-BODY COUPLING 


To be added. 
MIND-MATTER INTERACTION 


The n-space interaction between the time-like mind and its time-like operations and the 3-spatial physical body and its 3-space 
operations. To first order, we may treat these interactions in four dimensions. 








MIND OPERATIONS 
To be added. 


MOTION 
To be added. 
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MOTIONLESS ELECTROMAGNETIC GENERATOR (MEG) 


Transformer-like COP>1.0 electrical power generator invented by Bearden, Kenny, Hayes, Moore, and Patrick which powers 
the transformer core with a permanent magnet, but separates the curled magnetic vector potential A (the magnetic field B) from 
the uncurled magnetic vector potential A, so that the magnetic field flux is retained in the core while the A-potential is 
replenished outside the core and adjacent to it. 














The overunity mechanism is thus provided by a version of the Aharonov-Bohm experiment, which proves that this splitting of 
the A-potential does occur and that the uncurled A-potential will interact energetically with electrons. In short, by "splitting the 
potential" and potentializing two paths to the same energy density as the original unsplit potential, the MEG doubles the 
available potential energy available via the permanent magnet dipole's broken 3-symmetry in the active vacuum. Both the 
curled A-potential (magnetic field) inside the core and the uncurled A-potential outside the core interact simultaneously with the 
output coils when pulsed. Thus the output coils "doubly interact" instead of singly interacting. This "double-dipping" of 
available energy flow allows permissible COP>1.0, since the system is far from equilibrium with the active vacuum exchange. 


Pulsing applies the Lenz law effect to both the split potentials, further increasing the energy density of the two interactions with 
the output coils. The MEG nominally exhibits from COP = 1.7 to COP = 10, using two input coils. 


See M.W. Evans, P.K. Anastasovski, T.E. Bearden et al., "Classical Electrodynamics Without the Lorentz Condition: Extracting 
Energy from the Vacuum," Optik 111(6), 2000, p. 246-248; — "Inconsistencies of the Maxwell-Heaviside Theory of 
Electrodynamics: The Aharonov-Bohm Effect," Journal of New Energy, 4(3), Winter 1999,p. 236-240; — "Vacuum Energy 
Flow and Poynting Theorem from Topology and Gauge Theory," submitted to Physica Scripta (in review); — "The Aharonov- 
Bohm Effect as the Basis of Electromagnetic Energy Inherent in the Vacuum," submitted to Optik (in review), — "Explanation 
of the Motionless Electromagnetic Generator with O(3) Electrodynamics, Foundations of Physics Letters, 2001 (in press). 
See also T.E. Bearden, "Energy from the Active Vacuum: The Motionless Electromagnetic Generator," in M.W. Evans (Ed.), 
Contemporary Optics and Electrodynamics, Wiley, 2001, 3 vols. (in press), comprising a Special Topic issue as vol. 114, I. 
Prigogine and S.A. Rice (series eds), Advances in Chemical Physics, Wiley. 


MULTICOLLECTION 


Multiple collection of the same energy flow, by rerouting the passed Poynting energy back around to the collectors for another 
pass by them, with additional collection. 








A common means of "returning" the Poynting flow for additional collection is retroreflection, as in phase conjugate reflection. 


Since a nominal energy collection fraction on a single pass is only about 10°34 great many re-passes of the same energy can 
be returned. Work is done on the collector in each pass. One joule of energy can actually perform many joules of work; this is a 
change to the usual statement of the work-energy theorem, which assumes single pass, single collection only. 


MULTIPASS RETROREFLECTION 


Iteratively retroreflecting the same Poynting energy flow, each time it impinges on and passes by an intercepting collector, so 
that multiple passes of the same energy flow are made onto and by the collector. 








More and more of the passing enormous energy is collected as more and more passes by are made. The collected energy is then 
dissipated as work in the circuit or device. Such processing can allow overunity EM circuits and devices. 


MULTIPASSES 
Multiple passes. See multipass retroreflection. 


NANOTECHNOLOGY 


The fabrication of devices with atomic or molecular precision, to produce operating devices with minimum feature sizes less 
than 100 nanometers. 

Often described as a marriage between chemistry and engineering. The self-assembling of the units is referred to as molecular 
manufacturing, and the devices are built one atom or molecule at a time with programmed nanoscopic arms. As occurred with 
the modern machine and technology age, the first requirement is to develop the tools that do the working, and the "tools that 
build the tools.". That fundamental work is off the ground and running already. 


Nanomanufacturing plants capable of manufacturing bulk materials or arbitrary structures with atomic precision are envisioned, 
with almost every atom being placed precisely as desired. 


Nanotechnology may well produce the next great scientific revolution. As an example, nanobots have been visualized that will 
circulate in a human body's bloodstream and specifically attack cancer cells. Nanobots for cleaning up air and water pollution 
are possible. Food synthesis is envisioned since the technology provides the ability to combine molecules directly. 


As with all technologies, the ethics lies in the hands of the system designer and the user. Increased technology always allows 
greater use for good and greater use for bad purposes. Because of the extraordinary "evil uses" that can be employed in the use 
of nanobots, Bill Joy, chief scientist of Sun Microsystems, recommends no further development of nanotechnology and no 
further research. He stated,”... we have the possibility not just of weapons of mass destruction but of knowledge-enable mass 
destruction... hugely amplified by the power of self-replication... we are on the cusp of the further protection of extreme evil..." 


Joy's fears are well-founded. Already the union of artificial intelligence with self-replicating nanobots is foreseen. If that union 
is successful, one can foresee the unleashing of what can only be called "species" of self-replicating, smart nanobots bent on the 
mass destruction of humanity in various ways. 


Also, contrast the nanobots to our discussion of even more advanced nanotechnology of causal system robots (CSRs) using 
functioning system of causal fields (sets of longitudinal EM waves and their dynamics, prior to having interacted with charged 
mass, and thence being systems that are functioning sets of spacetime curvatures). We have already survived one massive 
world-wide insertion of an armada of such CSRs—fortunately first generation systems and with no countermeasures, so they 
were easily detected and destroyed. We may not survive the next such insertion and attack, as the maturity of the CSRs 
increases. 


Considering the usual focus of governments and human control systems, my prediction is that detrimental, self-replicating, 
smart nanobots for use in war, surprise strategic attack, and mass destruction of human targets is already on the early planning 
boards. The obvious war applications of nanotechnology will advance faster than the peaceful applications, behind a public 
screen of simpler benevolent developments. This is almost certain, since the lead time for maturing the nanotechnology is from 
10 to 20 years. This long lead time rules out most private capital ventures of substantial magnitude. It results in the 
requirement for government funding, just as development of the atomic bomb was government funded. As a nanotechnology 
"arms race" begins and heats up, one will see the equivalent of new but hidden "Manhattan Projects" in specialized mass 
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destruction weapons nanotechnology. Rather substantial funding of nanotechnology research and development by several 
nations is already a fact. 


Unethical aspects aside, the potential for useful and benevolent purposes of nanotechnology is very great. The development in 
this new field is now beginning to escalate almost exponentially, year by year, funded primarily by governments and to a more 
limited extent by private companies. 


Reference: David Cook, Jessica Voorhees, and Brian Valz, "Nanotechnology: The Coming Molecular Revolution," available on 
website http://nanotech.about.com. 





NEGATIVE ABSORPTION OF THE MEDIUM 


Excess emission from a medium, as in the Letokhov work and in Bohren's experiment. The excess energy is received from the 
vacuum interaction. 





NEGATIVE RESISTOR 


Any component or function or process that freely receives energy from outside the system in unusable or disordered form and 
outputs that energy in usable, ordered form inside the system, where that is the net function performed. 








We specifically do not include "differential" negative resistors such as the tunnel diode, thyristor, and magnetron which dissipate 
and disorder more energy from the system, overall, than they order and furnish to the system in their negative resistance regime. 


NEGENTROPIC 


Functioning to produce or involve negentropy. 


Reordering previously scattered energy without requiring the operator or experimenter to input energy to do the reordering work 
(an example is passive retroreflection of scattered EM energy). 


NEGENTROPIC ENGINEERING 


Expending a little bit of energy to form a dipole or dipolarity, and then intercepting, collecting, and using some of the enormous 
EM energy freely extracted by the dipole from the vacuum indefinitely, without using any of the extracted EM energy to scatter 
the charges in the dipole and destroy the dipole, thereby shutting of the vacuum's furnishing of copious free energy. 











NEWTONIAN 3RD LAW 


For every action there is an equal and opposite reaction. 





This law should be extended and restated something like this: "for every action there is an opposite and equal reaction if the 
causative mechanism of the reaction is allowed to occur and not first redirected away from its target." An example of a violation 
of Newton's third law as usually stated, is provided by the emission of a phase conjugate replica wave from a phase conjugate 
mirror material. No matter how powerfully pumped, the PCM does not recoil. The reason is that the antiwave cause of 
Newtonian third law recoil was intercepted by nonlinear multiwave interaction before it could reach its target nuclei, and 
rediverted away from the atom and on out of the material. Since the causative mechanism for Newtonian recoil did not occur, 
the PCM did not recoil. 


NEWTONIAN RECOIL 


As used in the paper, refers to Newton's third law reaction created as the recoil of the nucleus of an atom which absorbs an 
incoming EM longitudinal wave, or emits one. 








NEWTON'S THIRD LAW 


For every action there is an opposite and equal reaction. 





In Maxwell's electrodynamics, Newton's third law is missing. It is missing because of the coarseness of the modeling which 
Maxwell was forced to use. Maxwell's seminal paper was read in 1864 and published in 1865. At the time, neither the electron 
nor the atom had been discovered, much less the nucleus of the atom. A molecule was just a blob with no structure. Electricity 
was considered to be a thin material fluid, flowing through the wires much like water through a pipe. In fact, Maxwell actually 
wrote a material fluid flow theory, since hydrodynamics was developed at the time. 


So there was, at the time, no notion of the Drude electron gas in a wire and the positively charged nuclei in the atoms in the 
wire. So there was no notion of two oppositely charged entities in the conductor, both reacting to any EM field entering from 
space and interacting with the wire. 


Further, Newton's third law had always been used mystically without any known cause. It was experimentally established that 
the reaction occurred, but scientists were forced to just assume its occurrence. 


Consequently, Maxwell wrote equations for the reaction of a unitary electric fluid in the conductors. He knew that the wire 
recoiled, but wrote no equations containing the cause of Newton's third law reaction. 


What really happens in the wire is that both the Drude electrons rearrange their positioning vis a vis the lattice, resulting in an 
apparent current. The actual movement (drift velocity) of the electrons down the wire is very slow, in a nominal case being a 
few inches per hour. The electrons, having spin, act as little gyros so to speak, longitudinally restrained by the repulsion of the 
electrons ahead. So the electrons precess laterally, and spend most of their movement in lateral precession movement. This 
alone proves that the perturbing force is longitudinal, as indeed does Whittaker's decomposition of the scalar potential into 
longitudinal EM waves. The gradient of the scalar potential (the E-field) is also such a decomposition. But the electron 
precession waves—which is what our instruments measure in the wire—are indeed lateral waves, in general consonance with 
Faraday's notion that the force field lines were physical and like taut strings. Maxwell merely assumed Faraday's notion, to give 
us the transverse EM wave in space. Consequently, the old electrodynamics envisioned that fluid vibrations (ether vibrations) 
from space had been intercepted by the wire to shake the electric fluid accordingly. And since that electric fluid obviously 
shook laterally, that "proved" that the waves in spacetime were lateral "plucked taut string" type waves. Actually it proved no 
such thing, because they were measuring electron precession waves. 

The positive nuclei usually have a m/q ratio several hundred thousand times the m/q ratio of an equal charge of electrons. 
Hence the massive nuclei also react to the field interaction, and move very slightly in the opposite sense from the electrons. 
That reaction is ignored in Maxwell's general equations, though when the equations are applied, they require that nuclei 
movement. 


In short, the electrons precess and the nuclei recoil oppositely, and that is the generation of Newton's third law reaction. 


When we excite a wire antenna with a wave excitation, we produce both electron precession waves and nuclear recoil waves in 
the nuclei. These two waves are of equal energy, though the nuclei waves are very highly damped in magnitude because of the 
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high m/q ratio of the nuclei. Nonetheless, each of these "lateral" waves slaps the vacuum potential with identical energy. So two 
equal waves of spacetime curvature occur. I can be seen that the net vacuum wave is actually a longitudinal EM wave, 
composed of waves of vacuum (spacetime) energy rarefaction and densification. Electrodynamicists, considering the vacuum to 
be filled with a material ether, used the "effect" wave in matter as the cause wave. Hence they used a transverse EM wave in 
spacetime, when indeed the spacetime wave is and always was a longitudinal EM wave, just as Tesla insisted. 


Maxwell's equations are based primarily on the interaction of field and single charge. Actually, the reaction is always between 
the field and a dipole. Even when the field interacts with an "isolated charge", there are clustering virtual charges of opposite 
sign around the "isolated" charge so that the "isolated charge" is actually a set of composite dipoles, where each dipole consists 
of a virtual charge of opposite sign and a differential piece of the isolated observable charge. So the Newtonian third law 
reaction is also there with an isolated charge, but occurs in the vacuum itself, resulting in vacuum polarization. 


Nonetheless, the "transverse EM wave in vacuum" notion is so embedded in electrodynamics that we seem to be stuck with it. 
It means, however, that the "field in space" used in electrodynamics must be regarded as only a sort of "convenient transfer 
function" and not a real transverse oscillation entity. This of course accords with Feynman and Wheeler's pointing out that only 
the potential for the EM wave exists in space, in case a charge is brought in to interact with its gradients. 


And needless to say, since the vacuum is a big potential and only potentials and potential changes can exist in it, then 
Whittaker's 1903 paper decomposing the scalar potential into longitudinal EM waves is paramount and decisive. EM waves in 
the vacuum a priori must be longitudinal waves, because they are only the changes to the vacuum potential. And that potential 
at each and every point, changes and all, decomposes into longitudinal EM waves in 3-space with convergent longitudinal EM 
waves incoming from the time domain. 


NISBET 


To be added. 


NON-ABELIAN ELECTRODYNAMICS 


To be added. 


NONLINEAR MATERIAL 


A substance whose optical properties vary with the intensity of the light. 


Most optical substances are very weakly nonlinear, but a great deal of research has been exerted to find materials with stronger 
nonlinearities. Also, a material which creates and emits the fundamental and additional harmonic frequencies when illuminated 
with a single frequency. Many nonlinear materials also weakly produce time-reversed (phase conjugate) fundamentals and/or 
harmonics when illuminated with a fundamental frequency. Such a nonlinear material that creates time reversed waves (phase 
conjugate replica waves) is said to function as a phase conjugate mirror. The phase conjugate replica reappears in space back 
along the path in space—even through a highly distorting medium—where the input stimulus (signal wave) has traveled or is 
traveling. 


Thus the phase conjugate replica or time-reversed wave normally backtracks its signal wave stimulus to the distant source of 
that signal wave, even hundreds or thousands of miles away. This "crawfishing" and "concentrating" characteristic is also 
known as retroreflection. Note that an ordinary EM wave diverges as a function of the radius traveled away from its emission 
source, while a time-reversed or phase conjugate replica wave will converge as a function of the radius traveled away from its 
emission source (the mirror), if its stimulus signal wave was emitted from a distant point source. Ideally, a phase conjugate 
mirror produces a single time-reversed wave in addition to the input signal wave. By stressing (pumping) the mirror with the 
input of two additional opposing waves (ideally orthogonal to the input or signal wave), the phase conjugate replica wave output 
by the mirror is amplified, and may contain up to all the energy in the pumping waves. 


NON SEQUITUR 





A conclusion or inference not following from the original argument or premise. 


NONEQUILIBRIUM THERMODYNAMICS 


Colloquial term referring to the new thermodynamics of self-organizing systems and structures in disequilibrium with their 
environment. 





Since the 1960s, there has emerged in physics (and in thermodynamics!) a surprising new area: the physics of far-from- 
equilibrium systems and the self-organization and large-scale ordering of such systems. E.g., a single Bénard cell (a particular 


self-organizing circulation structure in convection-type systems), may involve the coherent behavior of some 102! molecules, in 
a region of convection where one would classically expect only randomness. These new physics and thermodynamics 
interactions are surprisingly being found in a very wide variety of systems and phenomena, including living systems and 
nonliving systems. The phenomena of interest include dissipative systems in disequilibrium with their environment, but with 
stability of their own systems and forms. Open systems in disequilibrium with their environment can permissibly achieve 
COP>1.0, and they can exhibit local negentropy. The physics and thermodynamics of such systems is still rapidly developing. 
For a good overview, see Gregoire Nicolis, "Physics of far-from-equilibrium systems and self-organization," in The New 
Physics, edited by Paul Davies, Cambridge University Press, 1989, p. 316-347. For a full technical presentation, see G. Nicolis 
and I. Prigogine, Self-Organization in Nonequilibrium Systems, Wiley, New York, 1977. 


NONLINEAR MATERIAL 


In physics, any substance whose response to an external causative or influencing agent is not proportional to the magnitude of 
the causative agent or influence. 








NONLINEAR OPTICAL FUNCTIONING (NLO FUNCTIONING) 


Functioning in a manner prescribed by nonlinear optics and quantum optics 





...particularly with respect to time-reversal effects, use of phase conjugate mirrors, phase conjugate reflection, and pumping for 
amplified phase conjugate reflection. 


To quote Knight, "A phase conjugate mixing device has remarkable optical properties: perfect retroreflection, the complete 
cancellation of optical aberrations and inhomogeneities in wavefronts, and the ability to reverse an optical beam and return it to 
its source." 


NONLINEAR PHASE CONJUGATE OPTICS 





See phase conjugate optics. 
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NONLOCALIZATION 


Producing or rendering an effect or effect-producing agent at a distance, rather than at the immediate location of the effector. 





Extended throughout a large region or system, or to a distant part of a large region or system, rather than being confined to a 
small region of the large region or system. 


NON-RIEMANNIAN (GEOMETRY) 


Riemannian geometry is the geometry of Riemannian manifolds; 





i.e., manifolds having an infinitesimal squared distance ds that is everywhere positive. A non-Riemannian geometry violates this 
property. [A manifold is a topological space with certain technical characteristics. ] 


NUCLEONS 


Name for the neutrons or the protons in a nucleus. In the nucleus, the neutrons and protons are continually changing one into 
the other by exchange of the charge. 





O(3) ELECTRODYNAMICS 
To be added. 


OPEN SYSTEM 


A system that communicates with its environment, and exchanges energy, matter, or both between system and environment. 





The system may be in equilibrium with that exchange, so that it effectively does not retain and utilize received environmental 
energy to power loads or accomplish external work. Note that it may in fact receive and store excess energy from the 
environment, or give up energy to the environment, and then remain in equilibrium under its new potential energy conditions. 
That is, the system may asymmetrical regauge itself but not utilize any of the regauging energy to accomplish external work. 
When potential is applied to an electromagnetic system, the system is similarly asymmetrical regauged and its potential energy 
is increased. However, if the system then destroys its source of regauging potential energy faster than it powers its load, it is 
said to symmetrically regauge itself when discharging its freely received excitation energy. 


The system may be far from equilibrium in its energetic exchange with its environment, and if it asymmetrically discharges its 
freely received excitation energy, it can exhibit COP>1.0. In that case the system effectively retains and utilizes some of its 
freely received environmental energy to power loads or accomplish external work, and the operator himself does not have to 
furnish that part of the energy dissipated as useful work. 


OPTICAL SWITCHING 


Refers to switching of optical signals, or switching using optical frequency switching techniques, components, and circuits. 





ORTHODOX TRANSISTORS 
Ordinary transistors in use today. 





Such transistors will not perform the Fogal semiconductor special functions. 


ORTHOGONAL ROTATION 


Simply speaking, a rotation from one direction to a direction at right angles to it. 





The Lorentz transform of special relativity, e.g., is a formula for the rotation of an object and all its parts away from its line of 
motion, as a function of the object's velocity, in a direction toward the time axis. The speed c just represents a full orthogonal 
turn, so that the intersection of the object with the observer 3-space, along the original line of motion, is zero. 


To the observer, the three dimensional object (at speeds less than c) has become a two-dimensional plane moving at speed c. Ina 
space of more than 4 dimensions, the orthorotation may be toward a higher spatial dimension rather than toward the time 
dimension. As can be seen, such orthorotation is intimately connected with the transformation of an electron or electron/positron 
pair into a photon, and vice versa. Orthorotations are extremely important when one models the physics of mind and matter 
interaction, and the physics of a living organisms including both its mind and its physical body—as in psychoenergetics. 


OSCILLATING QUANTUM WELL 


A quantum well which is oscillating in magnitude and sometimes in sign. 





OVERPOTENTIAL 


Essentially the overpotential (as in an electrode in a solution) is a shift in the Fermi level necessary to allow the electron in the 
electrode metal to have energies overlapping with vacant acceptor levels in molecules adjacent to the electrode in the solution. 








The overpotential effect appears at small "double surfaces" of things in very close contact, particularly in electrochemistry and 
in solid state physics. The overpotential enables electron transfer, e.g., by tunneling. The overpotential increases with the log of 
the reaction rate that occurs at the overpotential location. 


For a small reaction rate, the overpotential is small; but for a small increase in the overpotential there occurs a dramatic increase 
of reaction rate. Fogal has utilized the overpotential effect in his semiconductor, to great advantage in accomplishing unusual 
charge blocking and other special effects. 


One of the world experts in the theory and use of the overpotential is Dr. J. O'M. Bockris. E.g., for a short overview pointing out 
the importance of the overpotential, see Bockris, "Overpotential: a lacuna in scientific knowledge," Journal of Chemical 
Education, 48(6), June 1971, p. 352-358 (a paper which Bockris graciously sent me some years ago). Quoting from that 
reference, p. 355: "The formal definition of overpotential is 'the change of potential of the electron-conducting phase when 
reaction rate across its interface with the ion-conducting phase with which it is in contact is changed from zero to a certain 
velocity." And again, p. 355: "...overpotential... in fact determines what fraction of the energy of the self-functioning cell has to 
be wasted in making the cell work and deliver energy at a certain power." For a more detailed and wider exposition of the 
overpotential, its effects, and its uses, see J. O'M. Bockris and A. K. N. Reddy, Modern Electrochemistry, Vol. 1 & 2, Plenum 
Press, 1970. 


OVERUNITY COEFFICIENT OF PERFORMANCE 


More energy out or work out of a system than the operator or experimenter must himself or herself furnish and input. 
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An open thermodynamic system far from thermodynamic system is permitted to achieve such an overunity performance, so any 
overunity electrodynamic system must be such. Well-known nonelectromagnetic examples are solar cells, heat pumps, 
windmills, sails on sailboats, waterwheels for powering watermills, a gliding bird in thermal updrafts, etc. A well-known 
electromagnetic example is the common solar cell. The common household heat pump has a theoretical COP limit of 8.22, and 
well-designed units usually achieve some 4.0 or so, so long as the ambient environment does not change too drastically from the 
design limits. As the environment changes and cools down appreciably, however, most home heat pumps lose efficiency and 
have to switch onto heating strips, which have a COP = 1.0. 


Contrary to prevailing belief, it is certainly possible to have EM systems which are also open thermodynamic systems, far from 
equilibrium, and freely receiving excess energy (asymmetrically regauging a potential) from an external source, to wit, their 
violent virtual flux exchange between the vacuum and the system. All EM system are already open systems in the virtual 
particle flux exchange with vacuum; that is already well-known in particle physics, even though the 130-year-old classical 
electrodynamics does not even include the vacuum-mass exchange. The only question, then, is how to establish an asymmetry 
in that vacuum-mass flux exchange. Here again, every electrical charge and every dipole is already just such a broken symmetry 
in the vacuum flux, as has been known in particle physics for four decades! It takes on the average about 50 years, however, for 
vital discoveries in one discipline to "cross fertilize" into another discipline. At any rate, the symmetry of every electric power 
system, in the vacuum flux, is already broken in its source dipole. This rigorously means that, if we simply avoid doing 
something we are doing in our power systems to restore symmetry as a matter of course, it is possible to utilize the free broken 
symmetry of the source dipole to provide an overunity EM system. 


In 1996 I showed that such overunity EM systems are permitted and prescribed by Maxwell's theory, prior to the arbitrary 
imposition of symmetrical regauging of the Maxwell equations (1.e., the Lorentz condition). Violation of the Lorentz condition 
(by asymmetrical self-regauging) is a necessary but not sufficient condition for an overunity EM device. An asymmetric 
regauging will certainly give us excess free energy in the system, and an excess force to use that energy in translating against a 
load impedance to do work, if we design the system properly to do just that. 


To achieve overunity, in a circuit one must prevent the (presently universal) re-imposition of the Lorentz condition by the use of 
one-half the excess received energy to drive the return electrons from the load back through the back emf of the source, killing 
the gate and restoring symmetry, the Lorentz condition, and equilibrium between vacuum flux and system. All our present EM 
systems are specifically designed to drive those electrons back through the back emf and thus restore symmetry, deliberately 
asymmetrically self-regauging a second time and deliberately restoring the Lorentz condition, along with deliberately killing the 
source dipole's asymmetry in the vacuum flux exchange. 


PARADOX (LOGICAL) 


A thing that is true, e.g., as shown by experiment, but which violates one or more of the three Aristotelian laws of logic. 





Any logic algebra or system has a topology. A paradox in one topology can often be resolved by increasing the topology of the 
logic. All logical paradoxes in the 3-law Aristotelian logic system are simply fourth-law logic cases in a logical superset, and— 
at least hypothetically—the fourth law can be applied to resolve them. For a discussion and proof of the 4th law correction to 
Aristotelian logic, see Appendix III: "A Conditional Criterion for Identity, Leading to a Fourth Law of Logic," in T.E. Bearden, 
AIDS: Biological Warfare, Tesla Book Co., Chula Vista, California, 1988, p. 428-443. Logic has many aspects that often may 
shock our casual expectations: For example, one of the most advanced axioms in mathematics is called the Axiom of Choice. It 
is used in the proof of many advanced theorems. Using the Axiom of Choice, it can be shown that it is possible to cut a ball into 
a finite number of pieces, then reassemble the pieces into two balls of the same size, with no air gaps between pieces! While this 
seemingly defies all common physical sense (and I've not found anyone who has done it!), it is mathematically correct. For a 
proof, see Thomas J. Jech, The Axiom of Choice, American Elsevier, New York, 1973, p. 3-6. For a good perspective on 
Aristotelian logic, see Morris Kline, Mathematics: The Loss of Certainty, Oxford University Press, New York, 1980. 


PARITY 


Deals with studying a system of sequence of events as if reflected in a mirror. A system has parity is it undergoes no 
fundamental operational change if replaced with its mirror-reflected twin. 





PARTIALLY TIME-REVERSED REGION 


A region of space in which an object experiences not only the ordinary forward flow of time, but an extra induced backwards 
flow of time, usually a fraction of the time-forward time stream. 








One result may be to "reduce" time-forward force fields, by a fraction. This is important in bridges, where one must pass EM 
energy flow onto a follow-on load circuit, but the return current in that circuit must be allowed to circulate back through the load 
bridge itself, against the inducing back emf. By partially time-reversing the region occupied by the back emf, that back emf is 
seen as a smaller value by the return current being passed back up through the back emf. The result is that current will circulate 
in the load loop, powered entirely by the bridging of Poynting flow S = ExH onto the load circuit. 


Another result of a partially time-reversed region is that the law of attraction and repulsion of charges is partially reversed. If 
the time-reversal predominates in the region, as in a momentary time-reversal zone in some electrolytes, then the law of 
attraction and repulsion of charges is reversed. In that case like charges attract and unlike charges repel. Two positive H+ ions, 
e.g., may be drawn so tightly together that each enters the edge of the strong force region of the other, forming a quasi-nucleus. 
Note that in each H+ ion the gluon forces are almost dissolved and the quarks are nearly freed. Then as the time-reversal zone 
decays back to a normal time-forward zone, the decay changes begin from inside out, resulting in the flip of a quark to change 
one of the H+ ions to a neutron n. The n and the H+ ion draw together as the preferred decay state, resulting in the formation of 
deuterium or a D+ ion. This and similar "time reversal zone" reactions have been proposed by this researcher as the 
mechanisms generating the anomalous deuterium, tritium, and alpha particles (helium nuclei) in the "cold fusion" reactions. It 
is indeed a special type of low spatial energy fusion, but a very high energy reaction since time-energy is involved as the active 
ingredient, and time-energy has the same energy density as mass. 


PARTICLE PHYSICS 


The branch of physics using accelerators to study high-energy particle collisions, to determine properties of atomic nuclei and of 
the elementary particles themselves. 








So far as I am aware, conventional particle physicists do not consider time-energy interaction and time-reversal zone novel 
nuclear interactions at all. 


PATTERSON EFFECT 


The intense multiscattering, multipass, multicollection of Poynting energy density flow in an assemblage of palladium-clad 
spherical bead capacitors, as the palladium adsorbs hydrogen ions from the fluid in which the beads are immersed, and charges 
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up as a capacitor, thereby becoming an energy-flow generator, and nonlinearly increasing the energy-flow as the charge of the 
capacitors increases. 





The Patterson effect yields the Patterson Power Cell® , a validated overunity power system which has shown COP>1200 in 
independent university testing. The Patterson effect is a variation and adaptation of the well-known anti-Stokes emission effect, 
which for three decades has been validated in physics journals to produce overunity emission in certain intensely scattering 
active media. 


PATTERSON POWER CELL® 
Patented overunity power unit by James Patterson, which has been independently validated to yield COP>1.0. 


See James Patterson, "System for Electrolysis of Liquid Electrolyte," U.S. Patent No. 5,372,688, issued Dec. 13, 1994. Filed 
Dec. 2, 1993. 26 claims, 7 drawing sheets. 





PAUTRIZEL, RAYMOND 


Eminent French parasitologist who worked with Antoine Priore, and who performed many definitive experiments demonstrating 
the Priore healing effect. 








PEGRAM'S EXPERIMENT 


Experiment which demonstrates a relation between electric and magnetic fields in the vacuum which the Maxwell-Heaviside 
theory does not prescribe. 








Simultaneously, a coaxial cylindrical condensor and solenoid are rotated. The rotation produces a magnetic field in the solenoid 
in the axial direction and between the plates of the condensor. The condensor can be charged by shortening the plates of the 
condensor. This indicates a cross relation in the vacuum between electric and magnetic fields which does not exist in the 
Maxwell-Heaviside theory. 


Reference: G. B. Pegram, Physical Review, Vol. 10, 1917, p. 591. 


PERPETUAL MOTION MACHINE 


Assertion that no machine can indefinitely operate, since no closed system can input its output power back to itself while 
powering a load because powering itself and its load violates the equilibrium thermodynamics (i.e., the thermodynamics of a 


closed system). 


The "defenders of the underunity faith" use the statement that "there cannot be any such thing as a perpetual motion machine" as 
an article of faith and iron dogma. Usually they classify a so-called "perpetuum mobile" as to which law of equilibrium 
thermodynamics it is thought to violate. 








For permissible Maxwellian overunity systems, the entire "perpetual motion" conundrum is nonsensical, since we are always 
speaking of an EM system far from thermodynamic equilibrium with its active vacuum environment. The equilibrium 
thermodynamics assumed by the critics does not even apply to such systems, as witness the Nobel Prize awarded to Prigogine in 
1977 and the voluminous literature on such open dissipative systems. 


As an example, see Stanley W. Angrist, "Perpetual Motion Machines," Scientific American, vol. 218, Jan. 1968, p. 114-122. 
Angrist gives a typical critique using classical equilibrium thermodynamics. He calls permissible overunity systems (open 
dissipative systems receiving excess energy from an external source) false perpetual motion machines or fictitious perpetual 
motion machines. Also see Angrist's article, "Perpetual Motion," Encyclopaedias Britannica, Bicentennial Edition, 
Macropaedia Vol. 14, 1976, p. 102-105. Here he gives a very good summary of the subject as ordinarily posed, with precise 
definitions included for perpetual motion machines of the first, second, and third kinds and for fictitious perpetual motion 
machines. Unfortunately his entire argument is completely irrelevant to any study of permissible overunity machines, which he 
already has labeled as "fictitious perpetual motion machines" and has already admitted that they exist! The substance of his 
entire argument is that systems in equilibrium cannot power themselves. That is of course quite true, but is a mere tautology 
and has no relation to an open system in disequilibrium, which can power itself and its load simultaneously, by the laws of 
physics and the laws of disequilibrium thermodynamics. So in fact Angrist, as do the skeptics who continue to assail legitimate 
overunity EM system researchers as perpetual motion nuts, establishes his own dummy strawman and demolishes it, while 
ignoring—so to speak—the huge Statue of Liberty before him. 





Now this is not to pick on Angrist! He appears to be a reasonable scientist, carefully stating his thesis in a straightforward 
manner. His voice is quoted as a reasonable critical voice, and not like the usual extremist critic who engages in ad hominem 
attacks from the outset. It merely shows that (1) the entire "perpetuum mobile" prohibition does not even apply to overunity 
EM systems far from thermodynamic equilibrium with the active vacuum, (2) the critics are either unwittingly or deliberately 
using the wrong type of thermodynamics as the basis of their entire argument, (3) the reasonable perpetual motion critics— 
wittingly or unwittingly—simply set up an irrelevant strawman and precede to knock it down, and (4) in fact the critics already 
admit to a machine that will in fact run itself and power its load indefinitely or perpetually unless something changes or breaks 
or fails, but then oddly label it as a "fictitious" or "false" perpetual motion machine! Meanwhile, in the universe around us we 
universally observe things in violent and perpetual motion, having continued so for some 15 billion years. None of the atoms 
seem to be running down, nor do any of the molecules. And they are open systems brought out of equilibrium by absorption of 
energy, and decaying back into equilibrium (or approaching it) by emission of excess energy. 


The eerie point is that technical publications such as Scientific American and Encyclopaedia Britannica do not seem to 
question the line of reasoning advanced by those knocking perpetual motion, or even fully analyzed their argument. What we 
really deal with in terms of skeptics in this area is either (1) a reasonable, scientific skeptic such as Angrist (his listing of 
machines and attempts for machines not in disequilibrium with their active environment to run themselves is very good), or (2) 
an unreasonable person spouting dogma and venom, who should simply go read some disequilibrium system thermodynamics 
and learn etiquette. 


Also, we strongly object to supercilious phrases invariably employed by harsh skeptics who insist we are looking for 
"something for nothing" or "a free lunch". No legitimate overunity energy researcher has ever considered such a thing. We 
freely admit that the excess energy is received from the active vacuum exchange, via a broken symmetry in that exchange. 
Should the farmer refuse to use a windmill or waterwheel because he's getting a "free lunch" for energy input? For those who so 
quickly hurl such condemnatory phrases, let me hold up a mirror and show them an analog of their position: The famed surgeon 
Alfred Velpeau wrote in 1839: "The abolishment of pain in surgery is the chimera. It is absurd to go on seeking it today. 

‘Knife’ and 'pain' are two words in surgery that must forever be associated in the consciousness of the patient. To this 
compulsory combination we shall have to adjust ourselves." [Martin Gumpert, Trail-Blazers of Science, Funk and Wagnalls, 
New York, 1936, p. 232.] 
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The strident, dogmatic critics of open overunity disequilibrium EM systems are stating an exact analogy to Velpeau's statement. 
The scientific worth of their criticism is precisely the scientific worth that eventually was shown for Velpeau's pronouncement. 


PHASE CONJUGATE 


Of an entity: its time reversal. For waves, often referred to as wavefront reversal. 





PHASE CONJUGATE MIRROR 
A nonlinear material which, when provided with an input wave, emits a phase conjugate replica (time reversed replica) of that 
input wave. 
The input wave is by practice called the signal wave. The time-reversed wave output is by practice called the phase conjugate 


replica. 





PHASE CONJUGATE OPTICS 


That portion of nonlinear optics dealing with multiwave mixing, formation of time-reversed waves, phase conjugate reflection 
(PCR), phase conjugate mirrors (PCMs), pumping PCMs to amplify their emitted PCRs, nonlinear interferometry, distortion 
correction, self-targeting, laser tracking, adaptive optics, and so on. 











PHASE CONJUGATE REPLICA (PCR) 


Of a wave: the time-reversed duplicate of the wave. 





PHASE-CONJUGATING ACTION 


In nonlinear optics, the process or action of producing a time reversed replica of an input wave. 





For a particle, producing its antiparticle. For a cell, dedifferentiating it back to some previous form, genetics and all. 


PHASE CONJUGATION 


In nonlinear optics, the novel nonlinear mixing of waves which generate an output wave—called the phase conjugate replica or 
time-reversed replica—that precisely retraces the path previously taken by the input wave that stimulates the action. 








The process or action of producing a time-reversed wave. Phase conjugation can compensate for aberrations and distortions in 
the input. Real time holography can also be produced by applying the phase conjugation process. 


PHASE-LOCKED HARMONIC SERIES 
In Whittaker decomposition of the scalar potential: The decomposition produces a set of bidirectional wavepairs, as explained 


previously. 

Each of these wavepairs has a given frequency, starting from a fundamental. In other words, the other wavepairs are harmonics 
of the fundamental wavepair. Further, these are regularly arranged in a lattice, so that "timing" or "phasing" is rigidly locked in 
place. 





PHENOMENOLOGY 
In physics, the philosophical and experimental study of physical phenomena, 
... as distinguished from ontology, (which is the study of being). 


PHOTON 
In physics, the basic action quantum. 





Considered to be the basic quantum of the EM field. Well, there's a little problem with that. The photon contains energy and 
time, and so must also occupy a time interval. The notion of forcefield rigorously contains mass as a component; yet mass is 
missing from the concept of field as it is applied. The EM field is conceived as a spatial entity only. It may spatially vary as a 
function of time, of course, but it itself does not occupy time, at least conceptually. These considerations raise some startling 
difficulties in the ready conclusion that the photon is the fundamental quantum of EM field. If a "piece of the photon" is missing 
from the field, how can the field be made of photons? How can one get area out of a straight line? I simply pose this problem for 
the theorists and the foundations physicists, pointing out that it has universally been fashionable for physicists to ignore that the 
photon carries not only a little increment of energy, but also a little increment of time. My own work has been to look at the 
dimensional difference between masstime and mass; i.e., between a mass that has just absorbed a photon, and thus must consist 
of masstime (4-space), and just after that masstime then re-emits the photon, reverting back to mass (3-space). From this one 
can build, e.g., a mechanism that generates the actual flow of time itself. It is in theory an engineerable mechanism. 


PHYSICAL REALITY 
To be added. 


PING-PONG 
To be added. 


PINNA 
The outer ear(s). Of particular interest to us are the tiny little folds in the ear. 


PINNA INFORMATION 
Refers to hidden information content of the field, or in the received signal. 





Comes from the little folds in the pinna (outer ear). For sound direction and distance sensing, the tiny pinna folds of the outer 
ear use phase reflection information more than 40 dB below the primary sound signal that strikes the eardrum. In EM signals, 
we are referring to "hidden" or infolded information deep within a signal from a distant target. In fact everything in the target 
contributes to the signal emission from it, and all that information is riding "within" the signal, in its deep "pinna" information. 
The Fogal chip can outfold some of this pinna information, so that information can be recovered from a signal which no other 
process heretofore could recover. For a dramatic future use, as the Fogal semiconductors and equipment using them are 
developed, there will emerge detecting units that can see highly detailed structure in the human body, merely from processing 
the light reflected from the exterior of the body. The details eventually will rival and even surpass that of magnetic resonance 
imaging, and will be essentially noninvasive. 
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It is also true that hidden "vacuum engines" can be transmitted back into the body, so that "problems" or disorders can be 
directly corrected. As an introduction to this type of area, where cellular disease "antiengines" can be created in the body to 
directly reverse cells and their genetics, curing the disease, see T.E. Bearden, "Vacuum Engines and Priore's Methodology: The 
True Science of Energy-Medicine, Parts I and II." Explore!, 6(1), 1995, p. 66-76; 6(2), 1995, p. 50-62. A major book on this 
subject will soon be published. For a presentation for the nonspecialist, see T. E. Bearden, "Hidden Mechanism for Reversal of 
Diseased Cells to a Previous Healthy State," Resonance, Newsletter of the Bioelectromagnetics Special Interest Group, Mensa, 
No. 29, Nov. 1995, p. 11-15. 


PINNA INFORMATION CONTENT 


In electromagnetics, the hidden inner Stoney-Whittaker-Ziolkowski infolded EM information inside the scalar potential. 





Since an EM wave can be represented as two scalar potentials, then by infolding pinna information inside one or both of the two 
potentials, it is infolded inside the carrier wave. Thus hidden information can be and is carried by all EM radiation and all EM 
signals. The Fogal semiconductor for the first time enables the outfolding and processing of some of this information. 


PINNA INFORMATION DETECTORS 


Detectors based on use of the Fogal semiconductor, which can outfold, process, and display some of the hidden information 
inside the scalar potential and inside signal emissions from distant objects. 





PINNED ELECTRONS 


Electrons held stationary by a magnetic field, or other set of forces that react to "push them back into their positions" whenever 
they try to move away. 





PINNING 


The act of restricting (by restoring forces and fields) movement (particularly of electrons) due to a disturbing magnetic field or 
other external force. 





POLYHEDRON 


A solid figure, especially with more than six plane surfaces. 





POSITRON 


An antielectron (time-reversed electron), possessing a positive charge. In Dirac's relativistic theory of the electron, a positron 
may be regarded as an empty negative energy state in the Dirac sea whose usual occupying electron has been removed. 








POWER 
The time rate at which work is done (at which the form of energy is changed). 





In electrical engineering, the term "power" is erroneously also used to mean "energy". 


PRIGOGINE, ILYA 
Noted Belgian chemist and Nobelist, and one of the pioneers of the thermodynamics of open systems far from thermodynamic 
equilibrium. 


Prigogine was awarded the 1977 Nobel Prize for his work on the theory of dissipative structures in nonequilibrium 
thermodynamics. 





PRIORE, ANTOINE 


Italian radar technician, remaining in France after WW II, who discovered the use of novel waves from plasmas emitted when 
normal EM waves were introduced, and who used this effect to accomplish remarking healing in laboratory animals of terminal 
tumors, infectious diseases such as trypanosomas, restore suppressed immune systems, and heal atherosclerosis. 











Prioré's beam was actually longitudinal EM waves. The body when irradiated by longitudinal EM waves adds a weaker phase 
conjugate replica, thus converting LW nonlinear optical pumping from the 3-space domain to the time domain. This time- 
reverses the irradiated cells and all their components back to a previous physical state and condition. 


Such "time-domain" pumping is used by the living body's cellular regeneration system to restore cellular damage and heal the 
cells, within its limits. Thus Prioré unwittingly uncovered a way to dramatically amplify the body's own healing and 
regenerative powers. 


POYNTING, JOHN HENRY 


An English physicist who lived from 1852-1914, whose contributions to electromagnetics included the energy flow theory now 
known as Poynting flow. 








He contributed the Poynting theorem, which states that the rate of EM energy loss in a specific region of space is equal to the 
sum of the dissipation rate (heat loss) flowing across the boundary of the region. Concurrently with Oliver Heaviside, Poynting 
conceived the notion that energy flowed through space, which previously had not appeared in physics. Heaviside actually 
published first, but obscurely; Poynting published in a prestigious journal, so the theory came to be known as "Poynting theory." 
Poynting himself always gave credit to Heaviside for being first. Also, the Heaviside version S = ExH + G was more extensive 
than Poynting's S = ExH. Heaviside was a recluse; years after his death, in his little garret apartment some papers were 
discovered beneath the floorboard. Therein Heaviside has used his G term (a closed energy flow, or "trapped energy" term) to 
represent gravitation, and had worked out a testable theory of electrogravitation. Modern general relativity indeed considers that 
it is energy—particularly trapped energy—that is responsible for generating gravitational field and gravitational potential. 
Apparently nothing at all was done or has been done with Heaviside's electrogravitational theory. See H. J. Josephs, "The 


Heaviside papers found at Paignton in 1957," The Institution of Electrical Engineers Monograph No. 319, Jan. 1959, p. 70-6. 


POYNTING ENERGY 


Loose term (not rigorous!) used to describe the flow through space of Poynting energy density S = ExH. It actually describes 
not the energy flow density per se, but that component of it that would be intercepted by a unit point charge. 








POYNTING ENERGY DENSITY FLOW 
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A more rigorous term used to describe the flow through space of the Poynting energy density flow component S = ExH. that 
would be intercepted by a unit point charge. 








POYNTING ENERGY FLOW 


Loose term (not completely rigorous) used to describe the flow of energy density S = ExH. 





Rigorously, note that both E and H are "defined" only after their reaction with a unit point static charge. Hence S is the 
resulting component of the overall energy flow that interacts with the charges (with the circuit) and is diverged into the circuit to 
power it. It is not the entire energy flow, which also includes a vast Heaviside nondiverged component that does not strike the 
charge and interact with it, and hence does not interact with the circuit but is just wasted. 


POYNTING GENERATOR 


Any dipole or potential difference, which represents a broken symmetry in the vacuum's virtual particle flux, and hence extracts 
virtual energy from that asymmetry, and gates it out as a gushing energy flow in 3-space. The component of that energy flow 


that would be intercepted and diverged by a unit point charge is the Poynting energy flow S = ExH. 








POYNTING VECTOR 


The vector S, given as S = ExH, which is used to represent the Poynting (intercepted and collected by a unit point coulomb) 
energy density flow component. 








In Heaviside's version, S = ExH + G, where G is an energy circulation flow term of trapped energy flow. 


PPCM 


Pumped phase conjugate mirror. 





A phase conjugate mirror material which has introduced to it appositive or "pump" waves. In the phase conjugating process, up 
to all the energy in the pump waves can be output as the energy in the emitted phase conjugate replica wave. Thus the PPCM is 
an amplifier, very similar to a triode. 

PRIMARY IMAGE 


The image or portion of an overall image that is of most interest, and usually the sharpest in focus. 





PROBABILISTICALLY 
Of or determined by the laws of probability. 





Note particularly the somewhat dichotomous use of "determined by—probability." The entire notion in probability is that the 
overall result is not individually determined, but that there are multiple outcomes of the experiment, each of which occurs with a 
certain frequency out of a very large number of trials. If a single result always occurs, that is said to be a deterministic change, 
not a probabilistic change. Unfortunately if one pursues the definition of "probability" in mathematics and logic, one eventually 
finds that it is dichotomous, as was our definition of energy. Ultimately the foundations guys just threw up their hands and said, 
"Oh, what the heck! Probability is probability, every fool knows that!" The problem cannot be resolved in 3-la w Aristotelian 
logic; it requires a higher topology logic. 


PROBABILITY 


The probability of a simple event is the ratio of the number of times it occurs to the total number of trials (for a large, essentially 
infinite number of trials). 








Note that "trials" constitute things that have occurred (are past). Probability has resisted rigorous logical definition by 
Aristotelian logic; the reason is that it is an expression of the fourth law, the identity of opposites. Probability is the expression 
of the future (that which has not occurred) in terms of the past (that which has occurred). Since we have been trained to 
conceive or think of something as if it had just been perceived to occur, then this is the only way we can conceive the future—as 
if it were an "already occurred past" to us. 


But with Aristotelian logic, the future cannot be composed of a set of pasts (the law of the excluded middle prevents it!), and 
probability has no acceptable logical basis. With four-law logic, the future can be modeled in terms of—and even be identical to 
—the past, and probability has a logical basis. 


Consider throwing a die to land with one face up. Thinking of the event (as if it has just occurred, in terms of the most recent 
past), one can conceive six ways of looking at it. In other words, one can conceive of six "most recent pasts." By the fourth law, 
the total "most recent past" is identical to the "most immediate future," on the common boundary. If one therefore collects all 
six "most recent pasts," they turn into the most immediate future, by the fourth law of logic. One may argue that only a single 
one of the events will actually occur. Here one counters with the observation that, when it occurs, it is the past, not the future, 
and then it has not been collected so as to move to the boundary. One also points out that, with the hidden variable approach, in 
theory it is possible to directly engineer those probabilities while the Schrodinger wavefunction is still propagating and has not 
yet collapse to constitute an "observation." I.e., it is possible to engineer Wheeler's "pre-reality," and determine in advance just 
which of the outcomes shall occur. 


Now, if this type of equipment eventually gets built and is small and portable, just think what one could do in Las Vegas! 


PRODUCT SET OF INTERNAL WAVES 
Modulations of the internal bidirectional wavepairs comprising a scalar potential. 


This set was added in the mid-1980s by Ziolkowski, to Whittaker's 1903 sum set. When a signal is "infolded" inside the DC 
potential, it is modulated upon (multiples) one or more of the internal biwave pairs. Ziolkowski's work is necessary to deal with 
that; Stoney and Whittaker alone do not handle it. 





PSYCHOENERGETICS 


Russian branch of energetics where extended electrodynamics is targeted upon the mind and its functions, hence in the time- 
domain and employing time-polarized EM waves. 





PSYCHOTRONICS 
Czechoslovakian name for extended electrodynamics effects on the living body. 





PUMPED PHASE CONJUGATE MIRROR (PPCM) 
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A nonlinear material which: 
(i) when provided with an input wave, emits an amplified phase conjugate replica (time reversed replica) of that wave, and 


(ii) has additional opposing waves as inputs, so that their energy is transformed into the amplified energy of the time-reversed 
replica wave. 


The word "mirror" is misleading, in that the "mirror" may be just a highly nonlinear material, or be an actual smooth metallic 
surface containing "hot spots" by heating, etc. In any case, it is the nonlinearities such as the hot spots that produce the phase 
conjugating action. 


PUTHOFF, HAROLD 


Noted physicist active in a variety of fields and investigations including in psychoenergetics, extended electrodynamics, energy 
from the vacuum, parapsychology, remote viewing, psychokinesis, zero-point energy of the vacuum, and cosmology. 








We have specifically mentioned his important cosmological feedback principle. 


QM VACUUM 


The quantum mechanical vacuum, which models the vacuum as an intense flux of virtual particles, each appearing an 
disappearing in such extreme time intervals as to be unobservable individually. 








Violent fluctuations of extremely short duration constantly occur in the QM vacuum flux. Various calculations estimate the 
energy density (in mass units) as up to 108-109 grams per cubic centimeter, or even greater. 


QUALITATIVELY 


Determination based on qualitative analysis, usually as contrasted to quantitative determinations. 





QUANTIZED 
i) Reduction of some observable quantity to multiples of some small, indivisible unit, or, 
ii) expressed in terms of quantum theory. 

QUANTUM 


A single "particle" of the quantity action. 





The quantum is always composed of two fundamental quantities (canonical variables), and it is the "fissioning" of the action 
quantum into two pieces which results in detection of one of the pieces. An indefinite "smear" of part of the two pieces may be 
simultaneously detected by a linear detector, but never both exactly (Heisenberg uncertainty principle). More recent work has 
shown that, in a highly nonlinear situation, both canonical variables can be determined simultaneously to any desired degree of 
accuracy, in which case the Heisenberg uncertainty principle does not hold in its conventional form. This fundamental change in 
what has been regarded as one of the "sacred laws" of physics has not yet made it into most physics texts. 


QUANTUM ELECTRODYNAMICS 
The theory of photons and electrically charged particles and their interactions. 


The use of the term "quantum" implies that the EM radiation's discrete photon nature is significant, so that quantum theory must 
be employed. 
QUANTUM FIELD THEORY 


A quantum mechanical theory in which "... a physical field is considered as a collection of particles and forces, and observable 
properties of an interacting system are expressed as finite quantities rather than state vectors." 








[Dictionary of Science and Technology, ibid.] More simply (after Davies, The New Physics, 1989): "The theory that describes 
the quantum effects of a classical system of fields defined on space-time and satisfying various partial differential equations." 


QUANTUM POTENTIAL 
A special potential added to the Schrédinger equation, by Bohm in his hidden variable theory of quantum mechanics. 





The quantum potential can move instantaneously. In my book Gravitobiology, I published a mechanism by means of which a 
quantum potential can be created. (There may of course be other QP-creating mechanisms). An iterative, mutually phase 
conjugating of EM signals passed back and forth between two objects, or among many of them, is called se/f-targeting. Extreme 
self-targeting can produce such a QP or partially produce one, particularly if a dense "pumping" (optical sense) of the phase 
conjugate mirror objects occurs. I am presently proposing the QP as a means of direct energy amplification. Le., if there is 
"instantaneous travel" between two light-observed points, then to the instantaneous agent there is no length separation or time 
separation between the points. This of course means that in effect the objects now coexist "superposed" on each other in a 
multiply connected space, at least with some fraction of "coupling". 


Suppose the coupling fraction is 0.5, and 100 widely separate d nodes are so connected by a common QP. Then if one puts in | 
joule per second of energy flow at a given node, there will instantly and simultaneously appear at each of the other 99 nodes 
one-half joule of energy per second flow. So I can gain quite a bit o f direct energy amplification in this distributed system, and 
nothing can "shield" the distant nodes. Presently, other than possibly Gabriel Kron's "open path", I have not found any other 
consideration of "direct amplification of energy at a distance". 


The implications of the quantum potential—in everything from power sources to medicine to weaponry—are staggering. 
Weapons based on just this very QP, multiply connected space, and direct energy amplification appear to have already been 
developed and are on site in three nations. A fourth either is just getting them or is nearing their deployment. 


QUATERNION 


Expression comprised of the sum of four terms, one of which is real and three of which contain imaginary units, and that can be 
written as the sum of a scalar and a three-dimensional vector. 








QUATERNION ALGEBRA 


The algebra of quaternions and their mathematical operations. 





Quaternion algebra is of higher topology than either vector algebra or tensor algebra. Maxwell's original equations are some 20 
equations in 20 unknowns, in quaternion algebra. Heaviside and others reduced the algebra to vector algebra and some four 
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equations. The present vector equations taught in university as "Maxwell's equations" are in fact Heaviside's truncation of the 
Maxwell theory. Going to tensor algebra electrodynamics cannot recover the full range of Maxwell's quaternion theory. 


As an example, what Tesla actually did in his patented circuits cannot even be seen in vector or tensor analysis. On the other 
hand, analysis of his circuits by quaternion electrodynamics clearly reveals his startling ability to shuttle the energy in the circuit 
at will. See T. W. Barrett, "Tesla's Nonlinear Oscillator-Shuttle-Circuit (OSC) Theory," Annales de la Fondation Louis de 
Broglie, 16(1), 1991, p. 23-41. 


QUINTESSENCE 
Literally, the "fifth essence". In short, dark energy. 





RADIONICS 
To be added. 


REACTIVE POWER 


Electrical power, measured in volts-amps-reactive (vars) that cannot do work as is. 





For sinusoidal waveforms, the formula for reactive power is given by I-V-sin®, where @ is the phase angle between the voltage 
and the current. 


REAL, HIDDEN DYNAMICS 
The dynamics of vacuum engines, or of "internal energy" or "internal work" ongoing in a system or volume of space. 
REAL HIDDEN VECTORS 


The "hidden" or "infolded" real vector components. 





e.g., of a vector zero summation system. 
A group of nonzero, finite vectors which as a system sum to a net translation zero; i.e., which do not translate a resisting mass or 
charge, but do "stress" it. Such a system therefore constitutes a stress potential. 

REAL POWER (ACTIVE POWER) 


Power, measured in watts, that can do work, including generating heat. 





For sinusoidal waves, real power is given by the formula I-V-cos 0, where 0 is the phase angle between the voltage and the 
current. 


REAL VECTORS 
Vectors in three space, without imaginary components. 
REGAUGE, REGAUGING 


Changing the scalar potential or the vector potential, or both. 





If one or both of the potentials is/are changed so that a net force is created in the system, that is an asymmetrical regauging. 
If only one potential is changed, a net force results and that is an asymmetrical regauging. 
If both potentials are changed but carefully selected so that the free force resulting from one change is equal and opposite to the 
free force resulting from the other, that is a net symmetrical regauging, often called a "Lorentz regauging". 
RECTANGULAR TRANSFORMATION MATRIX 


Standard mathematical physics. 





REFLECTION 


The rebound of light or other energy from a surface. 





A smooth surface (e.g., a mirror) may produce a specular reflection. A rough surface (e.g., a sheet of paper) produces a diffuse 
reflection. Actually, in reflection of light, the same light does not rebound; instead, the light incident upon the mirror or surface 
is absorbed, and new light is re-emitted by that surface. Further, considering reflection from a dielectric, every interior part of 
the dielectric participates in the reflection. All the internal information about the entire object—everything!—is there in that 
reflected light, infolded as the hidden "information content of the field" (Stoney-Whittaker-Ziolkowski structuring inside the 
two scalar potentials comprising the reflected wave). With the Fogal semiconductor, at least some of that hidden "pinna" 
information in a sample detection of the reflected light can be outfolded and displayed. 


REFRACTION 


The bending of light as it passes from one medium to another. 





It is the phenomenon that enables a lens to focus light and that makes a stick appear to bend where it dips into water. 


REPULSION BEAM 


A beam of energy directed at a target, which when absorbed by the target will generate a force in and on that target to push it 
away from the beam projector. 








REPULSION-FORCE-GENERATING BEAMS 


Beams of energy which "push away" their targeted receivers, by inducing a force in the receiver directed away from the source 
of the beam. 





RETARDED WAVE 


The electromagnetic wave that is derived from the retarded fields, which in turn are derived from the retarded potentials. 
This means that the retarded wave at a point or region of space has arrived there or exists there as the result of the dynamics of 
charges and currents that existed at earlier times. 


RETROREFLECTING 
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Precisely reversing the path of. 


An example is a phase conjugate reflection. 


SACHS, MENDEL 


Noted scientist who has completed the work of Einstein and developed a unified field theory covering the universe from the 
tiniest part to the entire conglomerate. 








SACHS' UNIFIED FIELD THEORY 


An extension and completion of Einstein's work that includes the universe and its dynamics from the tiniest part to the entire 
conglomerate, and includes quantum mechanics, electromagnetics, gravitation, and the strong and weak forces. 





SCALAR 


Characterized by magnitude only. 





SCALAR (QUANTITY) 


In ordinary vector analysis, a quantity completely characterized by magnitude only. 





Actually, it contains magnitude and time, because to exist it must steadily exist in time. So we take the smallest increment of 

observer time we wish to consider, and that is the minimum "length" of the time-tail that the scalar must occupy and have, in 
order to even be a "perceived or detected" thing. Before the mathematician jumps in with a nice limiting process to take away 
the time-tail, if you let that little time interval get too close to zero, then you get too close to eliminating the observer himself, 
and the entire problem vanishes including mathematics and physics and the observer as well. 


One simply cannot demonstrate something that does not exist in ttme—on paper, in one's mind, or otherwise! Be careful of the 
term "spacelike " in physics! It hides a logical nightmare. This was the very problem I uncovered in Aristotelian logic; the little 
increments of time to have a "perceived A" or a "perceived not-A" or to apply an "identity decision criteria" to determine 
identity or nonidentity, had been left out for lo these 2,000 or so years. 


SCALAR ELECTROMAGNETICS 


That electrodynamics that arises from considering transverse EM waves, longitudinal EM waves, time-polarized EM waves 
electrogravitation, superluminal EM signals, interferometry, nonlinear optical functions, time-as-energy, and the infolded 
electrodynamics inside all usual EM fields, waves, and potentials. 











SCALAR POTENTIAL 





Usually considered synonymous with the electric potential. 
Here we have another "logical nightmare." 


Anyway, the conventional "definition" of electric potential assumes one knows what a "potential" is already, and goes 
something like this: "The potential measured by the energy of a unit positive charge at a point, expressed relative to an 
equipotential surface, generally the surface of the earth, that has zero potential." [Dictionary of Science and Technology, ibid., 
p. 722.]. Well, that is botched. It tells or attempts to tell what the measurement of a potential is, using a unit positive charge and 
a process. A potential cannot be its own magnitude measurement, just as a man cannot be his own weight measurement. 


So what do we do? We have to tell what the potential is. This is the problem that so mystified and infuriated Oliver Heaviside, 
when he altered and diminished Maxwell's equations to rid them of every potential that he could. Heaviside stated that the 
potential was "mystical and ought to be murdered from the theory." He tried to do just that, and conditioned generations of 
electrodynamicists to believe that the potential had no physical reality at all, but was only a mathematical convenience. Nahin 
expresses Heaviside's view as follows: "In an 1893 letter to Oliver Lodge, Heaviside said of his own work that it represented the 
‘real and true "Maxwell" as Maxwell would have done it if he had not been humbugged by his vector and scalar potentials." 
Paul Nahin, Oliver Heaviside: Sage in Solitude, IEEE Press, New York, 1988, p. 134, n. 37. 


The concept of potential was developed by Poisson, Green, and others from about 1813 to 1827. Three notions involved in the 
development of the concept of the potential are: (i) there is the collection or storage of energy in the system, via the collect ion 
or storage of some entity therein, and this "potential energy" can be released and dynamically used, (ii) the potential is a scalar 
function whose spatial rate of change is a vector force, and (iii) the dynamics of the stored energy is suspended by the "storage" 
or "collecting" entity; in other words it is a sort of "suspended action" waiting to be unleashed. It requires some action—such as 
interception and divergence—to release the leashed energy. 


We have to disagree with the second notion, having already discussed the fact that no vector force exists unless mass is present, 
since mass is a component of force. Here we have a residue of the old "material ether" concept. For the third notion, we note 
that the concept of a "virtual" particle or particle flux means that it cannot become observable unless some interaction is 
imposed. So we may handle the "third notion" requirement by assuming the potential to be composed of hidden virtual particle 
flux, or hidden wave flux, in wave-to-wave interaction. 


Physics basically tries to define the electrical potential as energy per coulomb, or @ = W/Q. That equation, however, is actually 
not a definition at all, but rather is an algorithm for calculating the magnitude of the excess energy collection/collecting upon a 
coulomb of charge, when that coulomb is immersed in the potential . It in fact is the reaction cross section of the potential, not 
the potential entity itself. This now begins to give us a clue. Potential is energy in some fashion. So the entity ¢ must have 
essentially the same definition as energy! Potential energy, collected energy, stored energy, whatever it's energy first and 
foremost. 


Refer to our discussion of the 3-law logical contradiction in the concept of energy. The same logical contradiction must be 
present in the notion of the potential. 


Just as we did for energy, we must define the scalar potential in two appositive ways: (i) in the wave view and (ii) in the 
particle view. So we define potential (particle view) as any virtual particle flux. We also define potential (wave view) as any 
hidden wave flux. Further, we note that the energetic vacuum is composed of a virtual particle flux (particle view) and so it is 
also a potential. Since the virtual particle flux of the vacuum is extremely intense, the vacuum potential is enormous in 
magnitude. 


We shall also consider any other potential to ultimately be a change to the vacuum potential. Originally, one conceived of a 
potential occupying the "vacuum as an empty space." Then general relativity made the vacuum into spacetime, geometrized it, 
and made the geometry itself dynamic and operative—i.e., energetic. Okay! Then that makes spacetime itself a potential. 
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We also firmly dispose of the peculiar and deformed notion that the scalar potential of a point-source charge (at any spatial point 
that the potential occupies) may be defined as the "work performed upon a unit charge by pushing it in against the E-field of that 
source charge, to that spatial point." This is an equation and not a definition at all; instead, it is an algorithm for calculating the 
energy density magnitude of the scalar potential. It is a fine algorithm, but it has nothing at all to do with what the potential 
itself is. Again, a man cannot be defined as an algorithm for calculating the magnitude of his height or his weight or his energy 
density! 


Without further discussion, we also somewhat extend the general relativity notion of spacetime as dynamic geometry, as 
follows: In a special sense, spacetime = geometry = potential = "trapped " or collected/collecting energy. So when we engineer 
the internal structure of the potential, we also engineer the internal structure (subspace) of spacetime and spacetime geometry. 
Curvature of spacetime, e.g., becomes simply a change in the energy density of the vacuum, from the ambient value, and it can 
be internally structured so as to contain "engines". When we apply the hidden EM variable theory of the Stoney-Whittaker- 
Ziolkowski work, particularly when we consider the phase conjugate pairing as it exists in spacetime before interaction with 
charge, we are engineering and extending (i) electromagnetics, (i1) quantum mechanics, (ili) general relativity, (iv) spacetime, 
(v) the spacetime curvature concept, and (vi) spacetime geometry. 


SCATTERING PROCESSES 


Collision processes in which an incident particle such as a photon, electron, or proton, of known energy or direction or both. 
collides with another entity, and emerges from the collision with a different energy or direction or both. 








SCHRODINGER, ERWIN 


Noted Austrian physicist and Nobelist who discovered the wave equation named after him as the Schrédinger equation, and 
performed other vital work in wave mechanics. 








SCHRODINGER EQUATION 


In quantum mechanics: an equation that describes the propagation of waves associated with subatomic particles, or more 
generally, that describes the evolution over time of the quantum state of a system. 








SCHUMANN RESONANCES 
The extremely low frequency (ELF) resonant frequencies of the Earth-Ionospheric waveguide. 


The first five Schumann resonances calculated from a simple model are 10.6 Hz, 18.3 Hz, 25.8 Hz, 33.4 Hz, and 40.9 Hz. 
However, better models are available and the frequencies vary from these simple model solutions. A better calculation gives the 
first four as 8, 14, 20, and 26 Hz nominally. The measured Schumann resonance corresponding to the 8 Hz is about 7.75 Hz. 
This is very near the mechanical resonance frequency of the human body, and also is evidenced in brain waves often "locking" 
to this frequency in the natural environment. 


See W. O. Schumann, Z. Naturforschung, Vol. 72, 1952, p. 149, 250. For detailed models and discussion of the observations, 
see J. Galejs, J. Res. Nat. Bur. Standards, Vol. 69D, 1965, p. 1043. 





SELF-ENERGY 


In a quantum mechanical system, the energy associated with the emission and absorption of virtual particles. 





Ina classical system, the energy associated with the interaction among parts of the system itself. 


SELF-ORGANIZATION 


(After Davies, The New Physics, 1989): “Spontaneous emergence of order, arising when certain parameters built in a system 
reach critical values." 





Simpler put, it is the spontaneous formation of patterns of localized order in a system which begins in a more homogeneous 
state. In short, the system moves from a simpler to a more complex state. 


SELF-POTENTIAL (E.G., OF THE ELECTRON) 
The potential created in and of the charge 





..(e.g., the electron) by its virtual particle flux exchange with the vacuum. 


Also, an asymmetry in the virtual photon flux of the vacuum, caused by the interaction of the charge (e.g., the electron) with the 
vacuum flux. From here, we note that the self-potential must consist of real observable 3-space EM energy flow or flows from 
the electron, because of the asymmetry. However, the charge is not the primary source per se of the energy flows that establish 
the self-potential, but instead is the asymmetric gate in the vacuum flux that "gates out" the potential and its energy flux. The 
asymmetry in the vacuum flux is the actual source. Indeed, the energy is received by the charge in the form of converging 
longitudinal EM energy waves from the complex plane (from the time domain). The spin of the charges of the dipole transduce 
the absorbed complex EM energy into real observable EM longitudinal wave energy, and pour it out in all directions in 3-space. 
See my paper, "Giant Negentropy from the Common Dipole," ibid. for the mechanism for the charge also. 


SELF, SENSE OF 
To be added. 


SELF-TARGETING 


Between two entities, where each acts partially or wholly as a phase conjugate mirror, self-targeting is the iterative phase 
conjugation or "ping-ponging" and rapid convergence of beams between the two PCMs. 








It has a spectacular application in phase conjugate shooting from a spaceborne laser against a rising hostile booster, even several 
thousand miles distant. First a laser pulse is "bounced off" the distant target, and the reflected pulse returns to the receiver in the 
laser platform. It carries the movement-induced alteration of the distant target on the pulse it reflected. The next emitted pulse is 
an amplified phase conjugate replica of that received pulse, and it will backtrack to the same spot on the rising booster, leading 
it a bit and converging moderately so that it meets that spot. That spot begins to heat up, increasing its nonlinearity and making 
it act even more as a PCM. So its reflected signal off the "hot spot" is also a phase conjugate replica of the pulse that it received 
from the laser. That reflected pulse now will moderately converge its reflected energy upon the distant laser, increasing the 
return to the laser. The ping-pong continues, so that the laser beam narrows sharply upon the distant hot spot, and the reflected 
beam from the hotspot narrows sharply upon the distant laser. This "iterative narrowing ping pong" locks the laser upon the 
distant hotspot, even though the booster is moving. This process continues for the necessary dwell time, until the beam melts 
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through that spot and explodes the hostile booster. The iterative phase conjugating reflection, or "ping ponging" between the 
target spot and the laser, is called se/f-targeting. 


S-FLOW 
The Poynting energy density flow S, where S = ExH + G. 





E is the electric field, H is the magnetic field strength, and G is a trapped closed loop flow of energy density. 


The S-flow is not the total energy flow per se. Since the fields E and H and the closed loop G are only defined in terms of the 
intercepted, trapped or "collected" energy, then S-flow is always with respect to some assumed intercepting/collecting entity, 
usually an assumed unit point charge. 


SIGNAL WAVE 


In nonlinear optics, the input signal (wave) to a phase conjugate mirror (PCM), which stimulates the PCM to emit a phase 
conjugate replica (PCR) wave in return. 








SLEPIAN CURRENT 


The vector jd , which in a current loop represents the energy unit area per coulomb of flowing charge, per unit of time, that is 
collected/collecting from the Poynting S-flow and dissipated in that current loop in its load s and losses. 








It does not include the enormous amount of Heaviside nondiverged energy density flow that is flowing along the outside of the 
circuit conductors, and that is not being collected and therefore not being dissipated. 


SLEPIAN FLOW 


"Flow of collected-energy density dissipation" in a current loop, 





..and therefore to the vector jf in the current loop, which represents the energy per unit area per coulomb of flowing charge, per 
unit of time, that is being dissipated in that current loop in its loads and losses. 


It does not represent the enormous amount of energy that is flowing along the circuit, that is not being collected, not diverged, 
and therefore does not enter the circuit to be dissipated from it. 


SLEPIAN VECTOR 
Refers to the vector jg in a current loop, 


... which represents the energy density per coulomb of flowing charge, per unit of time, that is being dissipated in that current 
loop in its loads and losses. 


It does not represent the enormous amount of energy that is flowing along the circuit, but not being collected and therefore not 
being dissipated. We accent that only intercepted and collected energy can be dissipated! 


SOLID-STATE PARAMETRIC OSCILLATORS 


A parametric oscillator circuit employing solid state devices. 





A parametric oscillator is a device that oscillates by rhythmically changing a parameter (such as capacitance or inductance, etc.). 


Simple switching between differing values of the parameter is often used to induced the periodic change of the parameter. 


SOLITON 


A wave pulse which propagates without changing its shape and without dispersion. 





SOURCE DIPOLE 


Any dipole, considered from the viewpoint that EM energy continuously pours out of it. 


There is no true "source" as such in nature, since the energy is not created but only gated. In the case of the dipole and electrical 
charge as sources of EM energy, fields, and potentials, we solved that vexing problem in our "Giant Negentropy from the 
Common Dipole", ibid. 


SPACETIME 


The entity represented by the "fused product" of space and time, to give "space x time". 





Spacetime is also dynamic geometry, in the general relativistic interpretation. We consider spacetime to be a potential, and also 
geometry, and also vacuum, and also virtual particle flux, and also hidden wave flux. 


SPATIAL CLOUD 
A cloud of something (such as electrons) in a spatial region. 





SPATIALLY 


With reference to space and spatial position. 





SPECIAL RELATIVITY 


Einstein's theory of inertial frames in which, if two systems are moving uniformly in relation to each other, one cannot 
determine anything about their motion except that it is relative. 








Each of the two frames is said to be "rotated" with respect to the other, but not accelerating. The velocity of light in space (the 
vacuum) is constant, and is independent of the velocity of its source and the velocity of an observer. All the laws of physics are 
the same in all inertial frames of reference. 

SPIN 


The intrinsic angular momentum of a particle, such as an electron, proton, neutron, photon, graviton etc., 





..even when at rest, as if it were a top spinning about an axis, but had to spin 720 degrees before it turned "full circle." 


Spin is quantized, and is always described as a half or whole spin, e.g., - 1, - 1/2, 0, 1/2, 1, etc. A spinning charged particle such 
as an electron thus demonstrates a magnetic moment, due to the circulation of charge in the spinning. In the nucleus of an atom, 
the spin of the nucleus is the resultant of the spins of the nucleons (particles comprising the nucleus). 


http://www.cheniere.org/references/annotated_glossary.htm 74/83 


1/26/2018 ANNOTATED GLOSSARY 


Spin of particles would appear to be more like an "implosion" to "explosion" circulation; in other words, it circulates in the time 
domain (complex plane) as well. It would appear that the spin of a particle is the basic feature that integrates the (disintegrated) 
flux energy of vacuum flux into observable charge. Apparently all observable fields, matter, effects, etc. depend upon this basic 
mechanism to zip together virtual entities and form observable phenomena. 


SPIRAL GALAXY 


Those galaxies having arms which extend in the form of spirals. 





About 70% of all galaxies are spiral galaxies. 


The interesting thing is that only about 10% of the gravity necessary to hold the spiral arms together can be accounted for by 
known gravitational sources. This has led to the theorizing of dark (hidden) matter of exotic and unknown form, which would 
be responsible for the excess gravity. 


The present author has proposed that the unaccounted enormous Heaviside component of the EM energy flow surrounding 
every field/charge interaction and not entering into that interaction, accounts for the missing source of the gravity. See "Dark 
Matter or Dark Energy?", Journal of New Energy, 4(4), Spring 2000, p. 4-11. 

S-SOURCE 
Source of Poynting energy density flow. 





Source of S = ExH flow. The primary source is considered to always be an asymmetry in the virtual particle flux of the 

vacuum. The S-flow rigorously is that component of the overall energy flow that is intercepted by some system of interest— 

either present or assumed. That component of the overall energy flow that is not intercepted by the system of interest, is 

referred to by this author as the Heaviside energy flow or the dark energy flow associated with every field/charge interaction. 
STONEY To be added 


To be added. 


STONEY/WHITTAKER BIWAVE DECOMPOSITION OF THE SCALAR POTENTIAL ACROSS THE DIPOLE 
(i) a scalar potential (i.e., a difference in potential) exists between the end charges of a dipole, 


(ii) that potential (difference) can be mathematically decomposed into a harmonic series of bidirectional EM wave pairs, where 
each pair consists of an EM wave and its precisely superposed time-reversed twin. Thus a dipole is a "source" or identically is a 
set of hidden bidirectional waves (wave view). 


STRING THEORY 


A rather recent mathematical physics theory which replaces the zero-dimensional "point" used in previous physics with a one- 
dimensional object called a "string". 








It has been particularly effective in describing the gluon forces between two colored particles in particle physics, and has since 
been extended to many other areas. It is sometimes referred to as the "theory of everything". 


"STRING" WAVE 


The transverse wave on a taut string produced when the string is plucked. 





The string wave itself stays on the string and does not travel through the slapped external medium. 


However, Faraday believed that EM fields in vacuum consisted of "material lines of force" which behaved like such taut 
material strings, without any physical endholders. He thought that EM disturbances were simply the transverse disturbances of 
those "lines of force". He profoundly affected Maxwell's thinking, so that Maxwell accepted these physical lines of force. 
Consequently Maxwell assumed those same "transverse taut string vibration waves" in his EM wave theory. 


In eliminating the "stringholders" for the assumed taut strings, Faraday and Maxwell discarded the Newtonian third law half of 

electrodynamics! They discarded half the energy and half the wave as well. Consequently today physics has no causative 

mechanism for Newton's third law, because it threw out the EM mechanism for it more than a century ago and never noticed it! 
SU(2)xSU(2) SYMMETRY ELECTRODYNAMICS 

To be added. 


SUBSPACE 


In vector mathematics: a subset of a vector space which is closed under vector addition and scalar multiplication operations. 





In physics: Physics often uses the term "space" to refer to spacetime. It also uses the term "space" to refer to the dimensions of 
space, without the dimensions of time. At any rate, the spatial portion of spacetime is represented mathematically by some 
convenient number of dimensions. In the most usual practice, Minkowski spacetime of 3 spatial dimensions and one time 
dimension is utilized. In the Minkowski space, we now consider that "space" to be a vacuum scalar potential. If we consider the 
internal Stoney-Whittaker-Ziolkowski biwave pairs comprising that vacuum potential, we may transmit a signal communication 
along one or more of these internal biwaves, without changing any of the others. In that case, no overall potential gradient and 
overall forcefield signal appears. That domain that is infolded "inside" the scalar potential is said to be subspace. It may be 
modeled as a space of n-dimensions, where those dimensions are compacted and not observable to an external observer. 
Subspace gained great popularity from the Star Trek television series, where the spaceships used "subspace communications" to 
have signals propagate far faster than the speed of light. Bill Fogal has been working with some success on what should be a 
concrete realization of just this very "subspace communication system", with infolded signals that move much faster than the 
speed of light in vacuum. 


SUPERCONDUCTIVITY 


Property of some materials or metals whereby their resistance reduces to zero at very low temperatures. 





These materials also exhibit many additional properties that are anomalous when compared to normal materials. Much research 
effort has gone into the attempt to find materials which exhibit superconductivity at higher temperatures, with the goal of 
reaching room temperature superconductivity. 

SUPERLUMINAL 


In a manner or with a speed faster than c, the speed of light in vacuum. 
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SUPERLUMINAL COMMUNICATION 


The movement of signals faster than the speed of light in vacuum. 





..and the transmission and reception of such signals and extraction of their transported information. 


Longitudinal EM waves are not limited to speed c; transverse EM waves are limited to speed c. The infolded electrodynamics 
inside all EM fields, potentials, and waves consists of longitudinal EM phase conjugate wavepairs, with their impressed 
electrodynamics. Hence this "subspace" is a superhighway for such waves, including for those moving at superluminal 
velocity. In essence this is a very special kind of "tunneling" which we might refer to as subspace tunneling. The limitation to 
light speed rigorously applies to the modeled transverse EM waves which are a sort of "bulk upheaval" waves similar to waves 
on the surface of the ocean. As in the ocean wave analogy, "pressure" waves underneath the ocean may travel very much faster 
than the bulk upheaval waves on the surface. 


When making longitudinal EM waves, the process is imperfect and the resulting longitudinal EM waves will have a transverse 
residue as well. The resulting "transverse-noisy" LW is called an undistorted progressive wave. Undistorted progressive waves 
may move slower than the speed of light or faster than the speed of light. See W. A. Rodrigues Jr. and J.-Y. Lu, “On the 
existence of undistorted progressive waves (UPWs) of arbitrary speeds 0 < v <co in nature,” Foundations of Physics, 27(3), 
1997, p. 435-508. A slightly corrected version is downloadable as hep-th/9606171 on the Los Alamos National Laboratory web 
site, and includes corrections to the published version. 





SUPERPOSE 


To lay or place on, over, or above something else, with the connotation of mixing. 





SUPERPOSITION 


The simple linear addition and subtraction of two or more values, states, etc. 





Superposition is one of the key principles in field theories and in the concept of potentials. 


SUPERSET 


A large set referenced to a small set, where the small set is included in the larger set. 





The large set is said to be a superset of the small set. The small set is said to be a subset of the larger set. 


SW (STONEY-WHITTAKER) STRUCTURES 


The Stoney-Whittaker hidden bidirectional EM wavepairs comprising the scalar potential, and structuring (altering) of same. 





We call this internal EM dynamics inside every EM wave, field, and potential the "infolded" electrodynamics. Russian weapon 
scientists refer to it as the information content of the field. 


SYMMETRICAL REGAUGING 


In electromagnetics, changing the scalar potential to a different value, and simultaneously changing the vector potential to a 
different value, with the two changes just precisely selected so that the two extra forces (each created by one of the changes) are 
equal and opposite—thus canceling with respect to translation and doing no net external work. 











We note that the two forces themselves must be considered to be present and still working continuously in opposition, 
increasing the stress upon the system regauged with excess energy, or decreasing the stress upon the system regauged with less 
energy. 


This presence of "equal and opposite" excess forces from the symmetrical regauging is known as the Lorentz condition. The end 
result is that the net force fields of the regauged system remain the same, even though the stress of the system has been altered 
by the regauging and the potential energy of the system has also been changed. Since abstract vector mathematics contains no 
such thing as "stress" in its background vector space, zero vector resultant system of multiple nonzero vectors are most often 
simply discarded. Early electrodynamicists symmetrically regauged Heaviside's two "Maxwell" equations (potential form) so as 
to easily separate the variables. The net effect was to discard that set of the Heaviside/Maxwell equations that prescribed and 
included open electrodynamic systems that freely receive and collect energy from the external vacuum, and also obtain a free 
excess force which then can permissibly utilize that excess energy to translate and produce external work upon the system or 
externally upon a load. In short, the symmetrical regauging discarded practical overunity electrodynamic circuits and devices, 
which Maxwell's equations—even in their Heaviside modified form—have always prescribed and permitted. Contrast to 
asymmetrical regauging. 


We specifically point out that the two extra forces remain, as does their energy, and both may be dynamic as the system is 
dynamic. Hence when one regauges, one has changed the gravitational aspects of the system and also curved the local 
spacetime. Further, this ST curvature is internally structured and that structure is dynamic. Thus contrary to the assumptions of 
electrodynamics, the regauged system is not the same as the original system. 


SYMMETRY 


A theory or process possesses a symmetry with respect to certain operations performed on it, if those applied operations do not 
change the theory or process. 








The theory or process is then said to be "symmetric" with respect to those operations. As an example, there is no observable 
change in a circle when it is rotated or reflected in a mirror. The circle is therefore said to have rotational symmetry and 
reflection symmetry. 

TANTALUM CAPACITOR 


Electrolytic capacitor with a tantalum or sintered-slug anode. 





..such as solid tantalum, tantalum-foil electrolytic, and tantalum-slug capacitors. 


For the same capacitance, the weight and volume of the tantalum capacitor are less than comparable aluminum electrolytic 
capacitors. In other words, you can make the little son-of-a-gun smaller, for a given capacitance and charge it must hold. When 
utilized in the Fogal fashion, the tantalum capacitor also exhibits other properties that are still proprietary to Fogal's 
semiconductor processes and to Bill Fogal. 


TARGETED PINPOINTS 


Refers to those separated points which engage in self-targeting between themselves and some separated signal energy source (as 
in Fogal's semiconductor). 
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The effect is to sharply narrow the retroreflected source signal energy from the source onto the separated points by means of the 
mutual ping-ponging. In this fashion much more energy density from the source can be concentrated on the targeted pinpoints. 
In effect, phase conjugate shooting is evoked. 


TENSOR 


A special mathematical entity which is an element of a vector space such that it represents the tensor product of vector spaces 
and their duals. 





Much of modern physics and advanced electromagnetics is expressed in tensor algebra theory. 


TESLA, NIKOLA 


Famous American emigré electrical inventor and eccentric whose numerous inventions fueled much of the electrical 20th 
century. 


Tesla produced the AC system, including polyphase systems. From his experiments he knew that the EM wave in vacuum was 
longitudinal, like sound waves. In spite of his great accomplishments, his eccentricities and grandiose pronouncements did not 
endear him to electrodynamicists! An example is his acrid comment: "... showed that the universal medium is a gaseous body 
in which only longitudinal pulses can be propagated, involving alternating compressions and expansions similar to those 
produced by sound waves in the air. Thus, a wireless transmitter does not emit Hertz waves which are a myth, but sound waves 
in the ether, behaving in every respect like those in the air, except that, owing to the great elastic force and extremely small 
density of the medium, their speed is that of light." Another major example is his statement: "The Hertz wave theory of wireless 
transmission may be kept up for a while, but I do not hesitate to say that in a short time it will be recognized as one of the most 
remarkable and inexplicable aberrations of the scientific mind which has ever been recorded in history." 


Ironically, modern quantum mechanics has almost proven Tesla right that "the universal medium is a gaseous body." Today the 
modern QM vacuum is very much like a virtual particle gas. And of course the discussions in this present annotated glossary 
show why I personally am of the opinion that Tesla was also correct in his firm disbelief that those Faraday-Maxwell "taut 
physical strings without physical holders" filled the ether and provided transverse EM wave oscillations. I also agree with him 
that the EM wave in vacuum is a longitudinal wave, exactly like a sound wave. I believe that the transverse gyroelectron 
precession waves that our instruments actually measure in the conductor when it receives an incoming EM wave from the 
vacuum, proves that the vacuum wave is indeed longitudinal—else it would seem we must discard the spin of an electron and 
the theory of gyroscopes. Finally, one should see, e.g., Patrick Cornille, "Inhomogeneous Waves and Maxwell's Equations." 
Chapter 4 in Essays on the Formal Aspects of Electromagnetic Theory, Aklesh Lakhtakia, Ed., World Scientific, New York, 
1993. Cornille clearly shows that Maxwell's equations are directly created by scalar potential interferometry. As he states, this 
means that EM force field wave s are created by the interference of sound-type scalar potential waves, or "sound creates light." 
This strongly supports Tesla's original statement that EM waves in the vacuum are actually EM sound waves, much like sound 
waves 1a gas. 


TESLA'S MAGNIFYING TRANSMITTER (include Jackson quote) 
To be added. 


THERMOACOUSTICS 


The generation of sound waves by heat. 





THERMOACOUSTIC ENGINE 


Essentially a closed resonant chamber containing three heat exchangers and a working fluid—such as an inert gas—under 
pressure, and used with a transducer to provide power such as mechanical power. 








One heat exchanger is the hot-side exchanger through which heat is injected, another is the cold-side exchanger in which a 
coolant is circulated, and the third is a passive device between the other two, and known as a regenerator or thermal capacitor. 
The heating and cooling changes the pressure in the fluid greatly, and the regenerator oscillates back and forth, taking energy 
from the fluid, then giving it back, and keeping the engine going. A pressure wave (shock wave) moves through the working 
fluid and produces a resonator effect. The end result is an engine with rapidly fluctuating pressure gradients and no moving 
parts. The pressure gradients are then tapped off to drive a piston, which drives a linear alternator producing electricity. In a 
typical application, a single piston with a surface area of 1.5 square inches, and with a travel of only one centimeter, operated at 
500 Hz, will produce about 30 horsepower output. 


Information on these engines can be found on the Fellows Research Group website at http://www.io.com/~frg, or E-mail to 
frg@io.com. Many thanks to Oscar L. Fellows, "Be Our Guest: Thermoacoustic Engines—Propulsion, Power for the 21st 
Century," Power Online, 1/24/2000. 





THERMODYNAMIC EQUILIBRIUM 


Stable state eventually reached by an isolated system. One may consider it a "balanced" or "preferred" state. 





Actually, a totally isolated system could not change. Any system is in a constant exchange with its vacuum environment, a 
priori, and no such thing as a completely isolated system exists in nature. Hence once excited, a system—to reach equilibrium 
—nust exchange with its environment and is not a truly isolated system. But systems do exchange with their environment in 
hidden forms, so we can just let the original statement stand as is. Sloppy, but okay so long as we recognize the limits. 

TIME 


To be added. 


TIME-CHARGE 
To be added. 


TIME-CHARGING 
To be added. 


TIME-ENERGY 
To be added. 





TIME-EXCITATION 
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To be added. 


TIME-FLOW MECHANISM 
To be added. 


TIME-POLARIZED ELECTROMAGNETIC WAVE 


An electromagnetic wave whose vibrations occur in the time domain only. 





The wave is theorized in quantum field theory, or at least its time-polarized photon is theorized and called a "scalar" photon. 
There seems to be no Western method for detecting such waves, though they are predicted by theory. 


TIME-POLARIZED (SCALAR) PHOTON 


A photon whose vibrations occur in the time domain only, also known as a "scalar" photon. 





TIME-FORWARD WAVE 


A normal wave moving in forward time. Otherwise known as the retarded wave. 





The external observer comfortably sees its forward progress as expected. 


TIME REVERSAL 


The process of forming the phase conjugate 





..(e.g., of a wave or particle or entity or process or vacuum engine.). 


We accent that time-reversing a single object or single group of objects is not the same thing as "travel into the past" so 
popularized by science fiction. For time travel to the past, the entire universe and everything in it except the traveler, would have 
to be time-reversed. That would not seem possible by any stretch of the imagination today! On the other hand, time-reversal of a 
single thing such as a particle or a wave—or even a group of things such as a group of particles or waves—is not only feasible 
but is readily achievable. A positron is a time-reversed electron, e.g. Becker showed that laughably weak DC electrical trickle 
currents (picoamperes) across otherwise intractable bone fractures could engender healing of the bone fractures. In investigating 
the effect, he showed that entire cells—specifically in that case, the red blood cells—were time-reversed (dedifferentiated) and 
then fast-forwarded (redifferentiated) into new kinds of cells, genetics and all. 





In France in the 1960s and early 1970s, the Priore team showed in laboratory animals that this mechanism (which they nor 
anyone else understood they were unwittingly evoking) could be used to dramatically reverse and quickly cure terminal tumors, 
infectious diseases, arteriosclerosis, and suppressed immune systems. The same approach, if redeveloped, could stop and totally 
wipe out the emerging major new pandemic of hepatitis C, which nothing will touch at present and which will surpass AIDS 
infections after the turn of the century. The approach could totally reverse AIDS and eliminate all HIV infection, because it 
could simply time-reverse HIV-infected cells back to normal cells, genetics and all. In other words, it could readily and cheaply 
and quickly eliminate AIDS from the face of the earth. Further, the disease could be eliminated whenever a patient tested 
positive for HIV infection; there would be no need to wait for debilitation to set in. For coverage in detail, see T. E. Bearden, 
"Vacuum Engines and Priore's Methodology: The True Science of Energy-Medicine. Parts I and II." Explore!, 6(1), 1995, p. 66- 
76; 6(2), 1995, p. 50-62. 


TIME-REVERSAL ZONE 


A region of space in which a component of the overall time flow runs backwards, and hence the fundamental mechanism 
generating the flow of a mass through time is reversed. 








Such zones are theorized as temporarily occurring in cold fusion, particularly once the palladium lattice is loaded with hydrogen 
or deuterium ions. Such a temporary region in the electrolyte is an excited state, and the other ions will move to nullify it and 
cause its decay. During its existence, ions in it experience a reversal of the law of attraction and repulsion of charges. In the 
TRZ, like charges attract and unlike charges repel. Thus suddenly the low spatial energy transmutation of elements in cold 
fusion experiments can be explained (they have been validated in some 600 successful experiments, in various laboratories in 
various nations, by excellent scientists). E.g., two H+ ions may attract, and so closely that each enters the edge of the strong 
force region of the other, forming a quasi-nucleus. Then as the TRZ decays, the preferred energetic change is from inside out. 
In other words, the gluon forces have been partially nullified and the quarks in the nucleons are almost freed. Hence the favored 
energetic decay from the excited state of the TRZ is by quark flipping, where one H-+ ion in the quasi-nucleus changes into a 
neutron. The quasi-nucleus becomes a quasi-nucleus of deuterium, and will tighten into deuterium as the TRZ induced action 
vanishes. This is the way the excess deuterium is formed in the cold fusion experiments. Two deuterium D+ ions may also 
form a quasi-nucleus of (D+)(D+) particularly where the electrolyte is loaded with deuterium to start with. In that case, as the 
TRZ decays, the quasi-nucleus just tightens into a helium 4 nucleus or alpha particle, accounting for the excess alpha particles 
formed. And so on. 


The concept of the TRZ thus is consistent with hundreds of successful experiments, and introduces a completely new type of 
nuclear reactions to physics, at low spatial energy where transmutations such as occur are not presently thought to be possible. 
We point out that these are extremely high energy reactions when the time-energy interaction is considered, since time has an 
energy density equal to mass. Time-energy is some c? times as dense as is spatial energy used by particle physicists in their 
interactions. By transposing some of the time-energy into spatial energy as the TRZ decays, the new "low energy nuclear 
reactions" actually involve the necessary degree of "high energy" required for the interactions. 


TIME-REVERSED WAVE 


A phase conjugate reflected wave, which is a wave moving in reversed time. 





Since the external observer "sees" in forward time only, he sees the wave as traveling in the opposite direction as its generatrix 
wave front is moving. 


TOPOLOGICAL 


Invariant under transformation by continuous mappings 





...or related to the properties of geometric shapes and figures that remain invariant under transformation by continuous 
mappings. 


TOPOLOGICAL PROPERTY 


Those properties of a geometrical space that are unchanged by continuous distortion of the space. 
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TOPOLOGY 


Mathematics of the properties of geometric configurations invariant under transformation by continuous mappings. 





In short, the mathematics of the large-scale structure of curved spaces. 


TOROIDAL COIL 


A coil of wire curved around into toroidal form. 





Contrast to the standard solenoidal coil form. 


TOROIDAL TRANSFORMER 


A transformer comprised of toroidal coils instead of solenoidal coils. 





TRANSFORMATION MATRIX 


A matrix (rectangular array of algebraic or numerical quantities) for replacement of the variables in an algebraic expression by 
their values in terms of another set of variables. 








Used, e.g., in solving equations involving Hamiltonians. 


TRANSVERSE 


Wave movement perpendicular to the wave's primary direction of principal propagation, as in the movement of a taut rope in a 
wavelike motion traveling down the rope. 








(As opposed to longitudinal). 


TRANSVERSE EM WAVE IN THE VACUUM 


The completely erroneous notion that EM disturbances in the vacuum are composed of transverse "string waves." 





Faraday, e.g., believed that the EM field in the vacuum consisted of his "lines of force" as material taut strings—erroneously 
without the necessary holders to put the tension forces on the strings. He thought that when there was an EM disturbance, it was 
a "plucking" or transverse vibration of these "taut strings." Maxwell also believed in Faraday's material lines of force, and set 
out to capture them in his electrodynamic theory. He did so by simply assuming the lines (tubes) of force and their transverse 
"string wave" vibration. This is equivalent to assuming that the electromagnetic vacuum itself is composed of material taut 
strings, and that additional EM fields are just additional taut material strings. 


TRANSVERSE FIELD COMPONENT 


The modeled component of the electromagnetic field (as in a moving EM wave in vacuum) that is oriented at right angles to the 
line of motion. 





TRANSVERSE WAVE 


A wave where the medium is undergoing repetitive lateral translations, as a lateral wave in a taut string. 





The EM wave is vacuum is erroneously modeled as a transverse "string wave," as a relic from Faraday's original belief that EM 
fields existed in the (assumed) material ether as physical taut strings. He thus believed that EM disturbances were the 
disturbances of "pluckings" of these taut strings. Maxwell accepted Faraday's physical lines of force and constructed his 
electrodynamics mode to specifically include the material ether, the physical "taut strings" lines of force notion, and Faraday's 
"string waves" as the electromagnetic vibrations in the ether. This discards half the energy, half the phenomena, half the wave, 
and Newton's third law causative EM mechanism. 


TUNNELING 


In quantum mechanics, a phenomenon where a particle penetrates and crosses a small region where the opposing potential is 
greater than the particle's available energy. 








The phenomenon is thought to be impossible according to classical physics, but occurs nonetheless. Further, the speed of transit 
through the "tunneling" separation can be superluminal. Tunneling of music between two points has been measured to occur at 
more than four times the speed of light. 


A more extended type of tunneling is the travel of longitudinal EM waves infolded inside the normal EM potentials, fields, and 
waves. Indeed, this is a more fundamental electrodynamics, and it can be shown that interferometry of this "internal" 
electrodynamics creates the external electrodynamics by a form of longitudinal EM wave interferometry. E.g., see M.W. Evans, 
P.K. Anastasovski, T.E. Bearden et al., "On Whittaker's Representation of the Electromagnetic Entity in Vacuo, Part V: The 
Production of Transverse Fields and Energy by Scalar Interferometry," Journal of New Energy, 4(3), Special Issue, Winter 
1999, p. 76-78. 


UNCONSCIOUS MIND 
To be added. 


UNIFIED FIELD THEORY (ENGINEERABLE) 


A unified theory of the four forces of physics—the electromagnetic, gravitational, strong, and weak forces —that is not just an 
intellectual model but which is also engineerable on the laboratory bench and in actual physical systems using higher symmetry 


O(3) electrodynamics. 


That's a mouth-filling phrase (yes, we sometimes write awkward phrases unintentionally; it's amazing how reasonable such 
things sound when you're laboring along at 3:00 a.m. and bleary-eyed as a wet toadstool!) 








UNIFIED FIELD THEORY OF MIND AND MATTER 
To be added. 


UNITARITY 
Principle that all probabilities sum to unity. 
UNITARY Qg 


Fixed or unit charge q of the electron. 
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This notion is held only because the q is not decomposed into its component elements, but treated as if it were an indivisible 
unit. That is in error! The mass of a fundamental particle at rest is quantized, and the massless charge (self-potential) of the 
particle is discretized as a function of the background potential (virtual particle flux density) in which it is embedded or to 
which it is exposed. In our view the definition of a charge q is q= Mgbg- The electrical charge should be taken to be the 


massless bg component. The definition of charge q, of an electron is rigorously given by the identity q, = mgo,. The electrical 


charge of the electron should be taken to be the massless ), component. 


If a charge (say, an electron) is placed in an additional potential 1, then the total massless charge of the electron (i.e., its virtual 
vacuum flux exchange with mass me) is (d,+,). As can be seen, the massless charge of the electron (its virtual flux activity) 


has now changed. The electron is then said to be collecting and to have collected excess energy (which may be either positive or 
negative, depending upon the sign of ¢,.). Further, either , or @; or both can be internally and deterministically dimensioned 


(structured in Stoney-Whittaker-Ziolkowski fashion). When its massless charge (its own potential ¢,) is so dimensioned, then 
the dimensioned electron is said to contain or transport a vacuum engine. 


VACUUM ENGINE 





Particle view: Deterministic internal pattern or template deliberately created in the virtual flux of a scalar potential. 


It can also be created in, and transported by, the two scalar potentials that comprise a static or dynamic force field, or a moving 
EM wave in the vacuum. It can also be created in the local vacuum, in which case it has a "charge-up" creation time and a 
"discharge time," exhibiting a sort of "time constant" very much like a capacitor charging and discharging. In the wave view, the 
vacuum engine is a deterministic internal pattern or template deliberately created in the Stoney-Whittaker-Ziolkowski internal 
biwaves and wave products comprising the scalar potential. Again, it can be implanted in the vacuum or in an EM signal as a 
carrier. The self-energy (scalar potential) portion of any electric charge or magnetic charge can also be a "carrier" that is 
conditioned (dimensioned) with a vacuum potential. The process or act of conditioning any of the carriers with vacuum engines 
is called dimensioning that carrier. Russian energetics refers to the vacuum engines of a dimensioned carrier as the information 
content of the field. 


VACUUM FLUX EXCHANGE 


The virtual particle interaction between the active vacuum and a charged particle. 





The charged particle is an asymmetry in this flux exchange interaction, and extracts and gates some of the vacuum energy as a 
Poynting S-flow. In turn, this S-flow transports and creates in space the E field and the scalar potential f associated with the 
charged particle. An electrically charged particle is thus a little Poynting energy generator, a source of potential, and a source of 
E-field. It is a little electrical dynamo, a little free energy generator. It is already an open system in disequilibrium with its 
environment—the fierce vacuum flux. Its self-energy (potential) and its "fields," plus its Poynting energy flow, are the result of 
its asymmetry in the vacuum flux exchange. 


VACUUM'S VIRTUAL PARTICLE FLUX 


In the particle viewpoint, the quantum mechanical vacuum identically is a virtual particle flux. 





Present physics, however, is prone to refer to the vacuum as (an implied emptiness) containing a virtual particle flux. Energy, 
vacuum, spacetime, virtual particle flux, and dynamic geometry are all synonyms. 


VECTOR 


In mathematics, an entity completely characterized by a magnitude and a direction. 





VECTOR POTENTIAL 


In electrical engineering: "Potential postulated in electromagnetic field theory." 





Space differentiation (curl) of the vector potential yields the field. Magnetic vector potential is due to electric currents, while 
electric vector potential is assumed to be due to a flow of magnetic charges." [Chambers Science and Technology Dictionary, 
Peter M. B. Walker (Ed.), Chambers Cambridge, 1988, p. 947. 


Note that the foregoing is not yet a definition, saying only that it is a postulated potential, then giving some characteristics. 
Informally, in my view the vector potential is just sort of an ordinary scalar potential, every point of which is in motion in 
something like a swirling fashion. The magnetic vector potential A is most common. There doesn't seem to really be a definition 
of A; the equation B = VxA is usually (erroneously!) said to "define" the A. So we are left with the question A = ????, since no 
equation is a definition of anything. 


Electrodynamicists have no difficulty in calculating the direction and magnitude of A, and in using it, but so far as I can find 
there is still no real definition. As an ad hoc definition I consider the A-potential to be identically a virtual photon flux of 
vacuum that is moving as an ensemble along the direction of the A-vector. Inputs for a more rigorous definition of the form A = 
(x) would be most welcome! 


At any rate, the A is known to be quite real and an independent "field" of nature, because when the curl operator is removed 
from operating on A, the B-field is zeroed but the curl-free A-field can still remain and interfere with the fields of charged 
particles and magnetic poles to cause real effects in physical systems, including at a distance. This latter is known as the 
Aharonov-Bohm effect. 


VECTOR FIELD 


In ordinary theory, the assigning of a magnitude and a direction (that is, a vector) to each point in a region of space. 





The entire set of vectors and their spatial points is called a vector field. 


VECTOR ZERO 


See discussion under zero vector. 


VIRTUAL ANTIPHOTONS 


An antiphoton that spontaneously appears and disappears, so swiftly that it cannot be individually observed. 





VIRTUAL PARTICLE 
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A fleeting quantum particle that spontaneously appears and disappears, so swiftly that it cannot be individually observed, so that 
it exists only temporarily. 








The virtual particle does not satisfy the usual relation between energy, momentum, and mass because it is underneath the 
Heisenberg uncertainty principle. The virtual particle can have any amount of energy momentarily, so long as the product of its 
energy and the time interval of its existence is less than the uncertainty principle's minimum magnitude. 


Nonetheless, the interactions of large numbers of virtual particles with a mass or charge can combine to generate real observable 
effects. In quantum field theory, all forces of nature are caused by the interaction of the forced mass entity with virtual particles. 
Interaction of a mass with virtual photons, e.g., is projected to cause all mechanical and electromagnetic forces. 


VIRTUAL PARTICLE FLUX EXCHANGE 


Interaction with or exchange of, a flux of virtual particles. 





Interaction of a mass with virtual particles most often consists of the mass absorbing the virtual particles and re-emitting them. 


VIRTUAL PHOTON FLUX (VPF) 
A flux of virtual photons. 





(Hey, how's that for a tautology!) First, see definition and discussion under flux. For electromagnetics, the vacuum can often be 
modeled as a flux of virtual photons. One gets the virtual charges also, since the photon is considered to also consist of a 
positron-electron pair. That is, the photon is continually separating into a positron-electron pair, which then annihilate each other 
to form additional photon(s), etc. 


VIRTUAL PHOTON FLUX EXCHANGE 


The mutual exchange of virtual photons, as between the vacuum and a charged mass, or between two colliding masses. 





The emitted photons from one mass are absorbed in the other mass and re-radiated. 


VIRTUAL PHOTON FLUX OF VACUUM 


The vacuum identically is a flux of virtual particles. 





For most electromagnetic cases, it can just be modeled as identically a flux of virtual photons. 


VIRTUAL PHOTONS 
Photons which spontaneously appear and disappear in the vacuum so quickly that they cannot be individually observed. 





VIRTUAL POSITRONS 


Positive electrons (positrons) which spontaneously appear and disappear in the vacuum so quickly that they cannot be 
individually observed. 





WHITTAKER, E. T. 


Well-known mathematical physicist, who dramatically extended Stoney's earlier work of 1897-8 and authored two papers in 
1903 and 1904 giving the basic theory of scalar electromagnetics (Russian energetics, not including the quantum potential 


portion). 


The 1903 paper is E.T. Whittaker, “On the Partial Differential Equations of Mathematical Physics,” Mathematische Annalen, 
Vol. 57, 1903, p. 333-355. 


The 1904 paper is E.T. Whittaker, “On an Expression of the Electromagnetic Field Due to Electrons by Means of Two Scalar 
Potential Functions,” Proc. Lond. Math. Soc., Series 2, Vol. 1, 1904, p. 367-372. The paper was published in 1904 and orally 
delivered in 1903. 








WHITTAKER'S DECOMPOSITION OF THE SCALAR POTENTIAL 
Decomposition of the scalar potential into a harmonic set of bidirectional longitudinal EM phase conjugate wavepairs. 


In his paper “On the Partial Differential Equations of Mathematical Physics,” Mathematische Annalen, Vol. 57, 1903, p. 333- 
355, Whittaker showed that the scalar EM potential can be decomposed into a harmonic series of bidirectional EM wavepairs. 
In each pair, one wave is the phase conjugate of the other, and exists in the time domain. However, this phase conjugate wave 
has been considered as having been detected by intercepting charge as a 3-space EM wave travelling in a reversed direction. 
Hence from a detectable viewpoint, the Whittaker decomposition yields bidirectional longitudinal EM waves in 3-space, as has 
been pointed out by several electrodynamicists (e.g., Barrett). 





However, the present author considered the difference between the phase conjugate wave as it exists prior to interaction with the 
assumed intercepting unit point charge, and the detected 3-space wave after the detecting charge is assumed. By applying the 
Whittaker decomposition and also considering the nature of the EM wave in spacetime prior to interception by a unit point 
charge, this led to the discovery of a new and more primary 4-symmetry in EM energy flow, once 3-symmetry is broken, that 
exists automatically between the time domain (complex plane) and 3-space. 


Thus because a dipole (or a charge treated as a set of composite dipoles) breaks 3-symmetry (as is well-known in particle 
physics), the more general 4-symmetry results automatically when the nature of the potential between the ends of the dipole(s) 
is considered. This yields the fundamental mechanism by which EM energy is extracted from the vacuum (from the complex 
plane or the time domain) and output in 3-space from a "source charge" or a "source dipole". In short, it yields the giant 
negentropy mechanism when the unaccounted Heaviside energy flow component from a charge or dipole is considered as well 
as the intercepted tiny Poynting energy flow component. See T. E. Bearden, "Giant Negentropy from the Common Dipole", 
Journal of New Energy, 5(1), Summer 2000, p. 11-23; also on http://www. cheniere.org. 


In his second paper, “On an Expression of the Electromagnetic Field Due to Electrons by Means of Two Scalar Potential 
Functions,” Proc. Lond. Math. Soc., Series 2, Vol. 1, 1904, p. 367-372, Whittaker showed that the interference of two such 
scalar potentials can and does create all the field energy, patterns, and functions of classical electromagnetics. 


Whittaker's second paper initiated what today is loosely referred to as superpotential theory. For an excellent overview 

discussion of superpotentials and related things, see Melba Phillips, “Classical Electrodynamics,” in Principles of 

Electrodynamics and Relativity, Vol. IV of Encyclopedia of Physics, edited by S. Flugge, Springer-Verlag, 1962. 
WORK 

The changing of the form of energy. 





http://www.cheniere.org/references/annotated_glossary.htm 81/83 


1/26/2018 


ANNOTATED GLOSSARY 


WORK, EXTERNAL 


The changing of the form of the external energy of a body or system. 





WORK, INTERNAL 





The changing of the form of the internal energy of a body or system. 


WORK-ENERGY THEOREM 


To be added. 


ZERO POINT ENERGY 


The minimum energy of a system due to its quantum fluctuations, resulting from its incessant virtual particle activity. Quantum 
mechanically, no system of interest (including even spacetime itself) can have zero energy. 





The zero-point energy of the vacuum is the lowest energy vacuum state, with fluctuations taken into account. Even at low 
energies, quantum fluctuations continually arise, and result in an incessant, extremely rapid, and violent "jittering" of the energy 
momentarily present. The minimum energy due to these quantum fluctuations is called the zero-point energy. 


ZERO VECTOR 


(1) A vector having no length (no magnitude) or specific direction. 
(2) Absence of any or all finite vectors. 
(3) Resultant of a system of multiple, finite vectors whose vector sum has no specific direction. 


Note that the second definition differs drastically from the first. That is, we cannot say that a vector resultant zero has no 
infolded magnitude, if we consider its components, all of whom have magnitude. See the discussion under "zero." In vector 
analysis, the zero vector axiom states that any vector v plus a zero vector is equal to a zero vector plus v. Note that, being an 
axiom, this is not proven, but just assumed. We very much disagree with that blanket axiom; it reduces vector analysis to a 
highly special single case, where all zero vector systems are to be considered equal, and totally "inactive." In the real world that 
need not be true at all. There are an infinite number of different zero vector resultant systems, and so zero vectors may differ, if 
their infolded component "substructure" is considered. In the real world, things that are vectors very often have energy. The 
energy is infolded and hidden, so that it represents not only a local curvature of spacetime, but also a structured, deterministic 
set (a template) of curvatures of local spacetime. Therefore this zero vector system is actually a vacuum engine. Any mass 
system placed in such a potential, will be acted upon in its parts by that local vacuum engine. Further, the zero vector resultant 
system is a "potential," since it does contain "collected internal energy." This potential is obviously an artificial potential, since 
it is deterministically structured internally. 


So between zero vector resultant systems, the "infolded, hidden energies" differ dramatically in 
(i) total infolded and trapped (collected) energy, 
(ii) specific internal action patterns (templates), 
(iii) general relativistic effects, and 


(iv) type of vacuum engine. Accordingly, the actions the zero-vector system induces in an exposed mass may be designed in 
advanced. This is vacuum engineering. This is spacetime engineering. 


The problem is the vector algebra itself. In the abstract algebra, a "vector space" is regarded as an inert thing, where the only 
actants are the overall net nonzero vectors, and there is no interaction between an overt vector and a covert set o f vectors. The 
vector space is not allowed to have an internal realm, stress, hidden engines, or to interact with the vectors representing the 
physical system. Consequently, for over a century electrodynamicists—thinking primarily of translation—have routinely 
discarded such "zero vector systems" as if they represented the total absence of any finite vector. This they do, in the unsuitable 
assumptions of the vector algebra. This they do not do, in the real world. 


The common practice in electrical physics of replacing a zero-summed system of nonzero vectors with a vector zero of 
"complete absence of vectors" is incomplete, and such did not exist in Maxwell's original guaternion theory. This present 
practice should be changed; it has reduced the topology of electromagnetics far too much, and gutted the most important parts of 
the theory insofar as an extended electromagnetics is concerned. The vector zero should be replaced with a special organized 
vector zero system and a scalar potential. The interactions of the "hidden" vectors should be incorporated. By failing to do this, 
physics excludes the ability to engineer electrogravitation, spacetime, the virtual state, local general relativity, free energy, 
effects at a distance, and the probabilities of the states propagated by the Schrédinger equation. It also excludes unification of all 
forces. 


In the new view, a zero vector may be a system of nonzero vectors that vectorially sum or multiply to zero for translation 
purposes, but the components may still exist "inside" and dynamically function inside the zero-resultant envelope. This 
substructure can act on nonlinear or resonant systems. Any or all components may be time varying, or none of them may be. 
The zero vector system may thus be a dynamic vacuum engine. In addition, such a vector zero system is considered to be also a 
scalar stress potential, whose magnitude is equal to the sum of the absolute values of the perpendicular components. In addition, 
a separate type of stress potential may be included for the magnitude of the absolute values of the swirl components (torques). 
Other associated potentials may be included for the system, particularly if the system is in multiple dimensions, if it consists of 
more than one type of virtual particle flux, if several fluxes intercommute, etc. Such a system can also be designed and created 
to deterministically interact with and on the life force itself, the mind, thought, and personality, but that is beyond the scope of 
this discussion. 


ZERO-VECTOR-SUMMATION SURFACE 


A surface or assumed spatial surface in which vectors under consideration interact to sum to a vector zero resultant. 





ZERO-VECTOR-SUMMATION SYSTEMS 


Zero summations of real, nonzero vectors, so that the real vectors are still present but do not cause translation of exposed mass 
or charges. 


With respect to observing/detecting process that depend upon charge translation, the vectors are said to be hidden and infolded 
—.e., with respect to detection by translation. See discussion under zero vector. 





ZIOLKOWSKI, RICHARD 


To be added. 
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Amplifying the cellular regenerative 
(healing) system of the body for 
treatment and healing 
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Outline of the presentation 


© Mechanism for deep EM exchange of a body 
with its active EM environment 


Becker's epochal work and its ramifications 
Kaznacheyev's startling results and ramifications 
Weaponization of Kaznacheyev's findings 


Importance of time-energy and the time-domain 


Mechanisms for medical treatment and healing 


Outline of the presentation (2) 
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© Prioré's revolutionary results and their 
ramifications. 

Proposed new mechanism for cancer promotion. 
Porthole concept: The 2-minute shortcut. 
Terrorist biological warfare capabilities. 
Summary and conclusion. 





Budgetary and Program package. 





Mechanism for the body's 
deep EM exchange with its 
active EVI environment 
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The body continually receives 
and retransmits KIM energy 








© The body may be considered ae oe 
as a dielectric. woN Ay pi U* 
® Every part of the “5 i a 
dielectric participates Pe — 
in the absorption and is, Sassen 
emission of each ~~. {BS  — ise 
photon to and from any point 
on the surface.* <a I SAN ‘in: 
® Mechanical force effects = = ~~ - ~~ 
are also electrical in nature wo. 
and exchange similarly. er = 


* Reali, G. C., "Reflection from dielectric materials," 
American Journal of Physics, 50(12), Dec. 1982, p. 1133-1136. ra — 
The reflected field from a dielectric material is not generated a | | A \ . ~& 
just at its surface but comes from everywhere in the interior of it. f y . 











Ramifications: 





© There is an EM "dielectric transmission path" connecting every 
part of every cell to every part of the surface of the body. 


© All electrical processes in the body, including deep 
within the cell and its nucleus, participate in the absorption and 
emission of every photon to and from the body's outer surface (and 
every mechanical force* experience). 


© The EM emission energy of the body is a conglomerate mix of 
fractions of all processes and functions ongoing in the body or 
affecting it, including in every cell. 


© This includes all electromagnetic, mechanical, chemical, and 
environmental effects upon and in the body and every tiniest part 
of it, and provides an extended definition of "stress". 


* At base, all normal mechanical forces are generated by 
electromagnetic forces. 








Ramifications (2) 
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The reaction of each photon absorbed on any point of the outer surface of 
the body, connects through the dielectric transmission path to every part of 
the body, including to every part of every cell*. 


Every emission from the body is participated in by every part of the 
body, including every part of every cell. 


The body's emission "changes" its environment, adding EM radiation. 
Some of the internal induced changes (excited states) in the body decay 
by this external emission. Some do not, but must be otherwise dealt 
with internally by the body systems. 


The body's EM absorption allows the environment to change or affect 
every function, operation, and part of the body, by adding EM radiation. 
All are continually being affected and deviated, both helpfully and 
harmfully, by these deeply induced EM interactions. 


The body's reaction (healing) must continually readjust and correct 
deviations from normalcy, in every part of every cell. 


* In quantum physics, part of the photon is localized and part is nonlocalized, 
reaching even across the universe. 








Ramifications (3) 


® The sum total of all the impinging external EM radiation upon the 
body, plus mechanical "special EM" radiation, thus affects and 
changes the body and all its processes, participating in them. 


© That impinging EM radiation can be manipulated to either harm or 
heal the body and any or all of its cells. 


© The body must continually overcome these externally-induced EM 
changes in its cells and processes, to maintain normalcy. Some EM 
changes are restored by the subsequent dielectric emission process, 
relieving the previously-induced deviant EM excitations in its internal 
processes. Some are not. 


© The poorly studied cellular regenerative system performs the 
remainder of the restorative function, which 1s the fundamental 
"healing" function of the body.* 


*The cellular regenerative system was mostly studied by Becker and a few others. 
See R. O.Becker, and David G. Murray, "The electrical control system regulating 
fracture healing in amphibians," Clinical Orthopaedics and Related Research, No. 73, 
Nov.-Dec. 1970, p. 169-198. 





Becker's epochal work 
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And its ramifications 





Becker's bone fracture healing 


RED BLOOD CELL 
DEDIFFERENTIATES 
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Grows nucleus 
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Turns into type of cell that 
makes bone 
Deposits in fracture site, 


e Tiny DC currents (picoamperes) 











e Pulsed DC current can be utilized 
e Pulsed magnetic fields may be utilized 


















ELECTRODE 


healing the fracture 


a 
FRACTURE SITE 


Becker's theoretical DC control system 
involved with response to injury 
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INPUT STIMULATION CENTRAL 
DC SYSTEM (PAIN) DC SYSTEM 
OUTPUT 
DC SYSTEM 


TOTAL 







GROWTH 
DIFFERENTIATION 





CURRENT OF 
MITOSIS INJURY 
DEDIFFERENTIATION DC SYSTEM 


*Robert O. Becker, "The significance of bioelectrical 
get a Bioelectrochemistry and Bioenergetics, Vol. 
3 3 p. . 


Becker's proposed control 
system governing regeneration* 


Trauma Producing 
Tissue Loss 


Local cellular effect Local nerve effect 











CNS effect Alterations in hormone 


pattern (prolactin) 


Alterations in local 
DC field pattern 


‘Local electical 
| effects ia 


Local and systemic 
pools of target cells 


Dedifferentiation into 
primitive mesenchymal cells 


Phase | Blastema formation 





Phase Il 


Redifferentiation into *Becker & Spadaro, "Electrical stimulation of partial limb 

required cell types regeneration in mammals," Bull. N. Y. Acad. Med., 48(4), 
May 1972, p. 629. 

Restoration of body 

part or tissue 





Extending Becker's work 
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© Becker had only the archaic classical electrodynamics 
available to him. That EM is grossly inadequate. 
= Insufficient group symmetry to model the process. 
= Already eliminates the "infolded" longitudinal wave EM 
that structurally and dynamically comprises all "normal" 
EM potentials, fields, and waves. 
= It is this internal LW EM that is manipulated and used by 
the cellular regenerative system. 
© Nonlinear phase conjugate optics was not yet developed 
when Becker did his seminal work. 


® Successful higher symmetry electrodynamics models -- 
such as O(3) -- have been developed and are available. 





A sad commentary 


Becker was nominated for the Nobel Prize, but he was hounded, his funds 
were withdrawn, and he was forced to retire early. 


His main "sin" was having the courage to testify against the harmful effects 
of unrestricted powerline radiation and electronic smog. 


Powerful interests then crushed him, set up their own well-funded institutes, 
and hired scientists who then predictably found that powerline radiation was 
no problem. 


Such research is so tainted that recently several important journals have now 
required the authors of submitted papers to state what their affiliated 
companies do, and what "company massaging" of their research occurred. 


From a higher symmetry EM view, it is obvious that the dielectric pathway 
and quantum electrodynamics already show a significant problem due to such 
radiation, particularly with respect to long-term effects. 


This is particularly significant since "noise" -- the mere presence of more 
"hash" -- appreciably amplifies the dielectric transmission effect. So the 
major factor becomes EM smog signals density, not signal power. 


Kaznacheyey's startling 
results 
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Proof that the cellular condition 
is radiated from groups of cells 
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© It follows that a diseased, damaged, or infected cell culture 
will and does emit its exact internal EM condition, hence the 
disease or damage "generatrix form" itself (in the internal 
structuring of the EM radiations). 


© Further, these "state" emissions can couple into other targeted 
cells to produce disease and disorder in them. 


© This was clearly proven in some 15,000 Russian experiments 
by Kaznacheyev. 


® Kaznacheyev demonstrated induction of cellular disease and 
disorder between EM-coupled but otherwise environmentally 
shielded cell cultures 


© Similar experiments have been replicated in the West by Reid 
et al., and by Popp et al. 


Kaznacheyevy's induction of 
cellular disease and disorder 


GRAVITON 
LATTICE 
TEMPLATES 











ENVIRONMENTAL 
SHIELDING 


CELL 
CULTURE 


SAMPLE 
#1 
CELL 
CULTURE 
SAMPLE 
QUARTZ #2 
CONTAINER 


QUARTZ 
CONTAINER 


** THIN WINDOW 
GLASS: No Effect 
QUARTZ: Delayed Effect 
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Divided bottle setup 


See oc? 
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i ne 


Note: Minimum lattice is one harmonic interval: IR to UV is such a minimum G-lattice. 
Consider particularly the dielectric pathway in the emitting diseased cells and in 
the receiving targeted healthy cells. 


Another surprising feature of 
Kaznacheyev's experiments 


© The experiments do not work if the targeted cells are in 
normal light, such as sunlight*. 


© The reason is that the normal light bandwidth occupies a 
single harmonic interval between ultraviolet and infrared. 


© Hence its difference frequencies also fill such an interval. 
For a set of n frequencies, the number d of difference 
frequencies is d >> n. 


© Thus the visible light spectrum represents "jamming" of 
specific internal EM signal inputs through the dielectric 
pathway into the body, turning much of the environmental 
signals into harmless warmth. 


* It has also been shown that if bacteria are killed in the "dark" by UV, then 24 hours 
later placed in sunlight, a substantial fraction of the "dead" bacteria will revive. 


Ramifications of Kaznacheyey's 
experimental results 


eeeoeveeveveeeeeeeeeeeeeeee eee @ 
© At least one harmonic interval is necessary for the effect to be 
evidenced in the target cells. 
© Interestingly, if we assume the body dielectric to be isotropically 
nonlinear (to first order): 
= Velocities of the actual transmitted frequencies depend upon the 


particular point on the wave amplitude. 
= The transmitted frequencies overshoot, interfere, breakup, etc. The 


difference frequency does not. 
= The "difference frequency" is transmitted through the nonlinear 
dielectric medium as if it were a sine wave passing through a linear 
medium”. 
© To our knowledge, this direct and deep communication of 
electronic "hash" difference frequencies in dielectric human 
bodies has not been investigated in the West. 


* Owen Flynn, "Parametric arrays: A new concept for sonar," 
Electronic Warfare Magazine, June 1977, p. 107-112. 





Ramifications of Kaznacheyey's 
experimental results (2) 
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© A heterodyne signal -- at the difference frequency 
between an input signal and a reference signal -- can be 
enhanced by adding noise”. 


© Thus the signal of the disorder in the cellular pattern 
emitted from diseased cells, received by normal cells, can 
be amplified electronically and rather easily. 


© Powerline radiation (electronic smog) thus carries its own 
amplification mechanism. Eventually the amplification 
overcomes any squelching by sunlight, etc. 


© The Russians promptly (as early as the late 1950s) 
weaponized and tested these and similar effects. 


* Dykman, M. I. et al., "Noise-enhanced heterodyning in bistable systems," 
Physical Review E, 49(3), Mar. 1994, p. 1935-1942 


Weaponization of 
Kaznacheyev's findings 


@9@eo@eqoe@qe@qe@dmUWwmrmeme~@e@eedclceWleog eg ete eg 8 8 
And its ramifications 





"Microwave" radiation of the 
U.S. Embassy 1 in Moscow. 


BACKGROUND 


e Began in latter 1950s 
e Discovered on VP Nixon's trip 
e Initially thought to be nuclear radiation 
(Discovered w/Geiger counter) 
e High level target -- U.S. Ambassador 
e Guarantees personal attention of: 
= U.S. Ambassador to USSR 
= U.S. President 
= NSA, CIA, DIA, NSC, etc. 
m Top consulting scientists 
m Leading U.S. scientific institutions 
e Two U.S. Ambassadors died, another sickened 
e Anomalous health changes in personnel, only 
in zero-field (zero pot'l gradient) areas! 
e Four U.S. Presidents requested Soviets cease 
= Cut from 18 watts/sq cm to 2 
= Then again increased 
e No one could understand what was going on 
e Aluminum screens were placed over windows 
e Moscow was declared a hazardous duty zone 


Former U.S. Embassy in Moscow. 





Ramifications of the microwave 
radiation of the U.S. Embassy 
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© The cellular disorder pattern in the EM radiation is 
carried by the field-free scalar potential. 

© Since the disorder pattern is a "conglomerate", it 
must be carried by an internal EM structure 
existing inside the scalar potential itself. 

© Whittaker decomposed the scalar potential into 
the appropriate internal longitudinal EM biwave 
structure in 1903*. 


* FE, T. Whittaker, "On the Partial Differential Equations of Mathematical 
Physics," Mathematische Annalen, Vol. 57, 1903, p. 333-355 


The importance of time as 


energy, and the time-domain 
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x 


Time as energy = BO 
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© In physics, the fundamental units one uses in his 
model are arbitrary. 
= A valid model can be made using only one unit. 


= It is already done in one branch of physics, using 
length as the single fundamental unit. 


© Make a model with a single unit, the joule. 
= All other entities become functions of the joule. 
= We are familiar with mass as highly compressed 
EM energy, by the factor c’. 
= Jt turns out that time is also highly compressed EM 
energy, by the factor c’. 


= lsec. = 9x 10” joules. 


How to see that "time is 
compressed spatial energy” 
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® Te: some spatial EM energy ma compress it by c* 


e Place it in 3-space, and it is mass. 


—— e Place it on the time axis, and it is time. 
Rs C) time (Seconds) 
s 
‘ A time axis 
SOME { OR 


SPATIAL 

ENERGY = 
a mass (kilograms) 

3-space 


e When time-energy is converted into mass-energy, 
a time is "decompressed" (expanded) into 3-space 
EM energy and 1 sec. = 9x 10'°joules. 


Time as EM energy in the time domain, sen 

with a density the same as mass-energy 
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© Bearden* reinterpreted (corrected) the 1903 Whittaker 
decomposition of the potential in 2000. 


© The reinterpretation is consistent with broken 
symmetry in particle physics, for which Lee and Yang 
received the Nobel Prize in 1957. 


® Itis also powerfully supported by quantum field 
theory, notably by Mandl and Shaw in 1984**. 


© Whittaker's pair is a combined time-polarized (scalar) 
EM wave and a 3-space longitudinal EM wave. 
*'T. E. "Giant Negentropy from the Common Dipole," Journal of New Energy, 5(1), 


Summer 2000, p. 11-23. 
*** A. Mandl and G. Shaw, Quantum Field Theory, Wiley, 1984, Chapter 5. 


All EM energy in 3-space freely 
comes from the time domain 





Longitudinal EM wave incomin 
icra a tata accede from time domain and absorbed 


SOURCE Charge's 720° spin 
CHARGE transforms time-energy 


.. OR into 3-space energy 
* DIPOLEZ enn foc becbstyeasnctsn=ts 
ee & Longitudinal EM 


waves emitted in 
<————— all directions in 
3-space 


Whittaker, Math. Ann., 57, 333 
in all pours Our (1903) shows this rigorously, 


: . when properly reinterpreted. 
3-spacections Dipole's broken 3-symmetry is 


well-known in particle physics 





Note: Whittaker (and others) interpreted the phase conjugate half set of LWs after 
interaction with the charges of the dipole, and as a 3-space effect rather than the 
time-domain cause. This fundamental non sequitur was just repeated since then, until 


corrected by Bearden to be consistent with broken symmetry and quantum field 
theory. 





Strong support fron 
quantum field theory 
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© Quantum field theory recognizes four photon polarizations: 
= Energy along x-, y-, Z-, or t- axis. 
= Polarized along x- and/or y-axis, the photon is a transverse 
photon. 
= Polarized along z-axis (along its line of motion in 3-space), the 
photon 1s a longitudinal photon. 
= Polarized along the time-axis, the photon 1s a time-polarized or 
scalar photon. 
© The individual longitudinal or scalar photon is not 
observable*. 
© The combination of a longitudinal photon and a scalar 
photon is observable as the instantaneous scalar potential*. 





*F. Mandl and G. Shaw, Quantum Field Theory, Wiley, 1984, Chapter 5. 


Mechanism generating the 
flow of a mass through time 
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SPATIAL SPATIOTEMPORA pr SPATIAL 
ae NC 
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(AE)(At) + M => (M+AM)At => M + (AE)(At) 
Flow of macroscopic time (observable photon interactions) 


Flow of microscopic time (via virtual photon interactions) 





Mechanism is engineerable 


Pumping a mass in the time-domain 
will time-reverse it back to an earlier 
State 
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© The reinterpreted biwave EM structure of the scalar 


potential means that time-reversal (phase 
conjugation by pumping in the time-domain) can be 
utilized to time-reverse a targeted cell (its 
mass-energy) in its entirety, including its genetics. 


© Becker's bone fracture experiments showed it: 
= Weak scalar potential across the fracture site. 
— LWs in 3-space and time-energy waves in time 


= Red blood cells entered, dedifferentiated by shucking 
their hemoglobin and growing a nucleus, which is 
dedifferentiation (time-reversal of the cell and its 
mass-energy back to a previous physical state). 


Principle for time-reversing 
a time-pumped mass 





© Becker's cells then redifferentiated and changed -- first to primitive cartilage 
cells, then to primitive bone cells which were deposited in the fracture, 
healing it with new bone growth. 


© This shows "time-forwarding" (redifferentiation) of the cell also. 


© Becker actually showed that the time-domain pumping of the cells (by the 
time-polarized EM waves of Whittaker's reinterpreted wavepairs comprising 
the scalar potential), and the time-pumping of their mass-energy, operated to 
continuously and steadily remove the delta between that cell's present 
condition and its former "normal" cellular physical condition in that area. 


© This is the long-sought secret of stem-cell research. 


© Phase conjugate optics had not been born at the time. Without realizing its 
full nature, Becker demonstrated the body's own internal mechanism for 
healing, and the fundamental mechanism for time-reversing a physical mass, 
whether living or inert. 


Mechanisms for use in 
medical treatment and 
healing 


And ramifications a 


eon 





Successive deep penetration 
reactions of the cellular dielectric 


© Change after change affects the cell and all of its 
parts, including from the external environment. 


© Each successive change affects primarily the 
internal "LW EM structures and dynamics" 
comprising the ordinary potentials, fields, and 
waves. 


© Thus in positive time the internal EM structurings 
produce successive "overlaid layers of change" -- 
so to speak -- in the internal EM structuring and 
dynamics of a cell in the body. These layers 
contain the "delta" from normal state. 


Successive deep penetration 
reactions of the cellular dielectric (2) 


© During time reversal, highest layer deltas are successively 
"peeled away" by the interaction of the mass-energy with the 
time-domain pumping. 

© The result is to return the cell directly back to successive 
physical states, in the case of a single disease or disorder. 


= A cancer cell is returned to a normal cell prior to its 
"promotion". 

= An HIV-infected cell would be returned to its normal 
unaffected condition, free of HIV-induced genetic change. 

= For injuries and damage, the existing "delta" in each 
successive State-layer is steadily reduced to zero. 


© This process thus can involve both cellular differentiation and 
dedifferentiation, as shown by Becker and by Prioré. 


Engines (vacuum engines, 
spacetime curvature engines) 


Following Whittaker* as reinterpreted**, all normal EM fields, 
potentials, and waves decompose into sets of longitudinal EM waves 
(LWs) and their dynamics. 

Since these LWs and their dynamics are dynamics in the local 
energy density of spacetime (ST), they constitute ST curvatures. 


© Hence they are general relativity infolded inside electrodynamics. 


By manipulating and changing these LWs, one manipulates and 
changes spacetime curvatures and their dynamics. 
The result is a unified field model where one directly controls and 


engineers a set of ST curvatures by use of higher group symmetry 
electrodynamics. 


Controlled patterns of local curvatures of ST are called "vacuum 
engines" or "spacetime curvature engines" -- or just "engines". 





* E.T. Whittaker, Math. Ann., 57, 333-355 (1903); Proc. Lond. Math. Soc., 
Series 2, 1, 1367-372 (1904). 
™ T. E. Bearden, J. New Energy, 5(1), 11-23 (2000). 





Pumping with EM time-polarized waves 
forms amplified antiengines 
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a. Pumping with transverse EM waves 
produces a time-reversed wave. 
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b. Pumping with longitudinal EM waves 
A, and A, time-reverses the mass itself. 


Time-reversal of a mass to a 
new vier State not in its past 










| e Original engine A’ 

_ New engine B' added _ 
_e Time-pumping moves | 
to new “past” that is 
_ determined by (A'+B') | 





VACUUM 
ENGINE _B' 





VACUUM VACUUM 
ENGINE B ENGINE A 
A+B A, 


Extended general relativity principle 


All levels of energy structures and all 


levels of time structures mold STRUCTURING 
ACTIVE OF ACTIVE 

Spacetime ee ae: SPACETIME —- SPACETIME 

The "pattern" is called a template tor a} inno \e ot, CURVATURES, 

vacuum engine (spacetime curvature MAS bal 


engine). 

Spatial and temporal structurings of th 
engine act upon any exposed mass at a 
levels. 

This produces a template of forces, for 
precise translations and stresses within 
the mass at all levels. The forces exist 
in both time and 3-space. 





Engines: Working spacetime demons 


Internested patterns 
of spacetime 
curvatures 


Highly Structured 
Einsteinian spacetime 









Maxwellian Demons 
are EM hidden variables 
organized into dynamic 

structures acting at all levels 


Signal vs. vacuum engine 


* Information received 
* Any overt physical action 


must be taken by cell itself 


=> * Cell must furnish the energy 
for any action it takes or, 


* Passes from outside to in 





SIGNAL (INFO) 





A. Cell must do the action itself; vacuum energy exchange is passive. 
Energy or fuel for doing the action must be added to cell externally. 


hoe 4 z * Information itself acts 
ey * Local spacetime curved, with 
internal subcurvatures 


— ae ae ll “ * Produces template of forces 
in local spacetime (ST) 
ae a :~ Ny * Arises from within local ST 


* Acts on and changes all parts 
ENGINE (STRUCTURE) of cell, including its genetics 
TEMPLATE (FORM) 





B. Cell is acted upon; vacuum energy exchange does the specific action. 
No energy or fuel for doing the action need be added to cell externally. 


Unified field theory requires 
modeling and use of supersystem 
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Three components interact with each other: 
° System and its dynamics 
° Local active vacuum and its dynamics 
° Local curvatures of spacetime and their dynamics. 


LOCAL ACTIVE VACUUM 
SYSTEM 


Pri y ty t yt yl 


LOCAL CURVATURES OF SPACETIME 























Classical EM kills the supersystem, 
prevents supersystem engineering 


e Assumes flat local spacetime 
e Assumes inert vacuum 








Malignant teratoma exhibits both 
time-reversal and fast-forwarding 


e A teratoma cell is a tumor cell that has reverted 
to stem cells, then proceeds to differentiate 
toward new kinds of normal cells. 


® May produce hair, skin, muscle, heart, bone, 
and other type cells. 


© Sometimes present at birth. 


© Demonstrates both "time-reversal" and 
"time-forwarding". 


© The missing key is the engine function(s). 


Miller-Fox-Urey 
biogenesis experiments 


Engines of and from all life forms 
ever on earth or in the universe exist 


in the ambient vacuum potential. Biogenesis Experiments — 
The Miller-Fox-Urey experiments =‘? * * * *# #2 sess esesecs soll 


were not in a "Sterile" environment. 


Heat (IR) and UV constitute (1) a 
harmonic interval with a difference 
frequency, and (2) amplifying by 
the process previously shown. 
These experiments "kindled" 
previously living forms from the 
available gases etc. by amplifying the 
ancient living engines from their 
virtual state to the observable state, 
so that the masses were molded into | 
the physical states of their templates. / 


















Gas molecules 





Gaseous mixture of ammonia, 

methane, carbon dioxide, 

hydrogen, 

and water vapor 
- 





Cloning to produce stem cells 


Human DNA can be inserted in an animal cell, 
and the cell chemically tricked into proceeding 
as if fertilized. 


Formation, increase, 
and growth of stem cells 
begins and continues. 





The "engine" carried by the human DNA is 
changing the matter available into human cells. 


readily demonstrated experimentally. 


Regeneration in a strain of rat with part 
of its immune system missing 
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In mammals, the immune system plays a role in reducing the 
regeneration capability, compared to 

that of more primitive systems. 

In a strain of rat where that "suppressive" part of the immune 

system is missing, the regenerative capability is dramatically 
increased. 

= Can regrow cut away sections of tail. 
= Regrows plug cut out of ear. 

= Reconnects severed optic nerve. 

= Partially restores severed spinal cord. 
The suppressive "delta" engine of the immune system, operating 
simultaneously with the underlying primitive regenerative 
engine, sums to the modern much-reduced regenerative engine in 
the mammal. 





An observation for the future 


© When the science of 
engines is developed, 
physicians will be able to 
tailor these engine 
combinations to restore 
severed human spines, 
regrow severed limbs, etc. 


© They will also be able to 
direct the body's "normal 
growth" to reduce and 
direct birth defects, genetic 
defects, etc. 





Biochemistry and EM models 
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® Medical scientists analyze such things as teratomas in terms of biochemistry 
and the biochemical model. 


© Anassembly of charges and charge distributions, with their associated fields 
and potentials, drives all chemistry at base level. 

© The charge assembly and its dynamics involves a corresponding assembly of 
spacetime curvatures and their dynamics. These are the cause that is 
driving the charge assembly and its dynamics, and therefore the chemistry.. 
= In unified field theory (such as that of Sachs) and O(3) electrodynamics. 
= Not in classical U(1) EM theory or quantum electrodynamics. 

© Conventionally a causative EM field in space is "defined" as the diversion 
from that spatial field by and after its interaction with charge). 
The "definition" substitutes the effect for the cause, a non sequitur. 

© This is a known major flaw, pointed out in one fashion or another by many 
physicists such as Wheeler and Nobelist Feynman. 


© Classical EM theory is a 137-year-old model, seriously flawed. These flaws 
emerge in biochemistry and medical science. 


Necessary EM corrections* 
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Many of the corrections necessary in electrodynamics 
modeling either have been done or are underway. 


Higher symmetry, non-Abelian electrodynamics models have 
long been developed in particle physics. 


The new approach extends these models to also incorporate 
general relativity, thus producing a unified field theory”. 

In the new approach, spacetime curvature engines are perfectly 
natural and understandable, and can be directly modeled and 
engineered by advanced theorists. 

In short, the theory is sufficiently advanced and robust that 
technology and engineering can now advance. 

This will be a great leap forward for biochemistry and medical 
science, particularly in therapeutic methods. 


* Sachs's unified field theory implemented by O(3) electrodynamics 
presently is the most suitable to use. Numerical methods are required. 


Prioré's revolutionary 
results in lab animals 
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And its ramifications 





Prioré (right) makes a point to 
Chaban-Delmas, Mayor of Bordeaux 


e Many of the Priore 
team's experiments 
were done in Bordeaux. 


e Antoine Prioré patents: 


» "Apparatus for producing radiations 
penetrating living cells," U.S. Patent No. 
3,368,155, Feb. 6, 1968. 


» "Method of producing radiations for 
penetrating living cells," U.S. Patent No. 
3,280,816, Oct. 25, 1966. 


» "Procede et dispositif de production de 
rayonnements utilisables notamment pour 
le traitement de cellules vivantes," 
[Procedure and Assemblage for Production 
of Radiation Especially Serviceable for the 
Treatment of Living Cells], Republique 
Francais Brevet d'Invention P.V. No. 
899.414, No. 1,342,772, Oct. 7, 1963. 





Block diagram of Prioré's method 


Time-reversing the cells back to normal state 


MIX OUTPUT MIX WAVES 
INSIDE STRONG 
PULSED DC 


SELECT A SET START 


OF TRANSVERSE 


EM WAVES 


ADJUST WAVE 
. | FREQUENCIES STOP 
VACUUM IF REQUIRED, AND 
ENGINE FOR IRRADIATE AGAIN YES 


EXPOSE WHOLE ' CELL 





CONVERT T 
MAGNETIC FIELD eT ae 






DISEASED 
BODY OF PATIENT 
TO DIMENSIONED ae 


MAGNETIC FIELD 










ANTIENGINE 


CELL AND 





ALL ITS a CONTINUES 
PARTS ARE . . : CT AN 
PHASE ‘ : FOR CELL'S ; 


INNER EM CELL AND ALL 


for 





TOP TT TTT TTT TTT TTT TTT TTT) 


ITS VACUUM 7: VACUUM ! 
CHANNEL Lites f ‘ENGINE ‘eects 
DOMAIN Zz " 
* TIME-EXCITATION 
., CHARGING ENDS. 
, IRRADIATION IS 


HALTED. 





e 
*Includes genetics _ 


In) Fzeloo reno A\iiiielhss 


Hore fez) Gira] 








J Jsrroiiekeil meine tumors 

) Slecjejse <irteriss Glinerloselorosis) 

J SUegefosssel limiting Systm 

J Inigo tous try ocinlosomes 

e Resulis were pre. sorted lo Proreys) 
Agathe Si Of JElorle e by fi 1OWETd 


Courner, Director, of tne Biology 
Sloe tfe) s) Oli tne =WVorz(0 (=) ony © 19997, E, BEARDEN 


® No Ome Vdclrmoocel igs meerklacite 


Some peculiar results 
by the Prioré team 
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© Once a rat is cured of a particular disease: 
= A single drop of blood from the cured rat, injected into 
another rat stricken with same disorder, would result in the 
injected rat getting well slowly. 
= This ability to transfer immunity and healing in the extracted 
drop of blood gradually decayed over a period of a few 
weeks. 


© Showed that even the fields and potentials in the blood 
had been altered internally, in the treated animal. 


© Showed that the injected animal's cellular regenerative 
system possessed the ability to also time-domain pump 
over the entire body, everywhere reducing the delta 
between that injected drop of blood now the rat's own, and 
the rest of the blood in its body. 





Proof of cellular time-reversal 


eee eoeoeeeeeesedke@eo~oeaetf8Oedeeees @ 
© Pautrizel compared identical treatment of immature 
rats with immature immune systems, and mature 
rats with mature immune systems. 


© Treatment restored the damaged mature system 
back to full mature functioning, and it promptly 
recognized and dispatched the pathogens. 


© Treatment restored the damaged immature system 
back to full immature functioning, unable to cope, 
and the pathogens promptly reinfected and killed 
the immature rat. 


© The lesson: The body is indeed returned to a 
previous physical state. The pathogens themselves 
are not killed by the treatment, but by restoring the 
ability of the immune system to recognize and 
destroy them. (Renowned Parasitologist) 


© Only the previous ability of the immune system is 
restored by the process. 





Disadvantages of Prioré method 


@eeeeoeeoeoeeeeeaees@e1gd@e~edeeeoes 0eoe?e @e @ 
© Large plasma tube and facility required. 


= 3-stories high building bay if to treat humans. 
= Long irradiation time (2-3 hours). 
= Slow, numerous experimental adjustments. 

© Fundamental mechanism was unknown. 
= Phase conjugate optics not yet born in West. 
= No higher symmetry EM modeling used. 
= Prioré thought it was a result of ionization. 
= Importance of difference frequency unknown. 
= Body dielectric transmission path unknown. 


3-Story high Prioré device 
for treating humans 


© At the end of the project, 
Prioré had developed a 
large unit to treat humans. 


© A few were treated. 







© Cures replicated what 
had been done in lab 
animals 


Giant coil 
around 12-ft 


plasma tube 


© The massive size of the 
unit and long treatment 
time (hours) made the 
process bulky and very 
inconvenient -- and also 
expensive 


Table for 
reclining 
human body 


17-foot Prioré plasma tube 


Used in large machine (8-stories high) to treat a 
limited number of human patients 





A proposed new mechanism 
for cancer promotion 
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And its ramifications 








Remarks on cancer from 
a new perspective 





© Two stages: cellular damage and promotion of the 
damaged cell to a tumorous cell. Promotion presently 
is poorly understood if at all. 


e A master cellular control system (MCS) (studied by 
Popp et al.) controls both the immune system and the 
cellular regenerative system, as well as normal functions 
of the cells. 


© The "past history" of ancestral development of aerobic 
cells and higher multicell aerobic bodies on planet Earth, 
resides in the "internested engine layers" in every tiniest 
part of the entire body dielectric, and in all cells. 


Remarks on cancer from , 
a new perspective (2) 





Faced with cell damage (such as sustained hypoxia) it 
cannot handle, the MCS continues to "peel the layers” in 
taking actions related to ever more distant pasts. 


Faced with continuing hypoxia, e.g., the MCS eventually 
reaches ancestral layers -- with an engine -- it forces the 
damaged cells to start moving back toward the original 
primeval anaerobic form. 


The first step backward is separation from central 
growth control, freeing the cell to multiply 
independently. At the same time, genetic changes in the 
cell are forced and produced, starting it back toward 
becoming an anaerobe. 


These actions comprise the promotion process. 


The promotion process via 
engines 
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Evolution of aerobic systems 
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STILL TAKES PLACE IN HIGHER AEROBIC 
LIFE FORMS, INCLUDING MAN. 


EVOLUTIONARY TIME 


First step in self-promotion 
of cancer due to hypoxia 


@®eeeoeeoeeeeeeeeseeeeseeseseoeseesest @ 
PAST PRESENT 





MULTICELL AEROBIC 
(INCLUDES HUMANS) 
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Block diagram of the 
cellular regenerative system 
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CONTROL 
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Bombshell; Amplified EM healing 
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© A unified field theory approach and use of 
supersystem analysis has broken the basic 
mechanism for healing itself. 
= The Sachs unified field theory applies and has been 
partially fitted. 
= Evans-Vigier O(3) electrodynamics can properly 
model it, including both the internal and external 
electrodynamics and effects of engines. 


= Direct engineering development is now possible. 


© Experimental proof of the results obtainable 
already exists in the literature. 


© A medical revolution is in the offing. 


Potente Medic! A ool tors 
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To treat and save mass casualties: 
What is urgently needed now: 


e A small, portable, relatively inexpensive treatment unit, 
not requiring plasmas etc. 


© Treatment in 2 to 5 minutes rather than 2-hours. 
© Simple treatment application, almost anywhere. 


© Effective in advanced stages as well as prior to 
emergence of symptoms. 


© Effectiveness against a wide array of illnesses. 
© Use is easy, high school student can be trained in 30 
minutes. 


© Crash program to develop, flood down through 
emergency systems in great quantities. 





The Solution: 


@®eeeoeoeeeeeeeeeseeeeseeetdeoeseses ®@ 
Two blankets have antennas in them. 

Uses the "porthole" concept (discussed shortly) 
Eliminates plasma tube mixing etc. 
Computer-controlled complex signal structure. 
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Tn 





The Porthole concept: 
@@eo@eqo@eqoeeeoe@ededegwedewe@edgeosds8 9s 
The two-minute treatment shortcut 


¥ 


How the porthole concept works 


INSIDE THE BODY : OUTSIDE THE BODY 













ie Body surface 


Dielectric channel 


Time 
Reversal 
a "my engine is..." 
ae | "Reverse your engine..." 
PAST INTERIOR 
HEALTHY SICK 
CELL CELL 


NOW 


as a body "porthole" 






Amplifier/mirror 






Antiengine 
maker 


Porthole concept: An analogy of the dielectric 


path and inner-outer functional connections 
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Porthole concept: The discovery 


© The processes themselves, in their own "frame", are never sani 
"reversed". Instead, the frame's motion through time 1s reversed. 


= Each to itself moves normally -- just receiving, absorbing, and radiating 
light, regardless of "whatever light" is interacting 


= This is due to a peculiarity of the photon and photon interaction 


© Photon interaction creates observed physical reality, including the 
frame" and the seeming "passage of a mass through time" 
= The photon is its own antiparticle, which is just a photon traveling in the 
opposite direction 
= So in this case we can use "light" to precisely time reverse (to the 
observer) the frame and the apparent operations (to the observer) 
© When we cease irradiation, after a decay period to remove the 
reversed excitation, all functions are now seen to be moving forward 
normally in observer forward time, but from a previous physical 
state or condition 


Using the porthole concept: Research 
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© The body's own emitted dense, broadband signals 
are recorded across a broad bandwidth 


= These signals are amplified, then rebroadcast 
precisely back into the body 


= This returns an amplified "reversed" signal set back 
through the dielectric sea invoking and applying the 
porthole concept in all processes 


e The returning photons produce time-charging but in 
reversed frame direction 


= ‘Tremendous potential energy is absorbed in highly 
compressed "time-energy" form in seconds 

= This "time-potential” slowly drains off as the body 
processes and cells reverse back to a previous state 


Research using the porthole 
concept 


@eeeoeoeeeeedse@eedeeded@e@Pee@e@e@eeweese 
TIME DENSITY CHARGE IS STRUCTURED TO CONTAIN 
. Recorders & Broadband Amps THE PRECISE SPACETIME CURVATURE ENGINES FOR 
Alterations Database TIME-REVERSAL AND STEERING. CHARGING OCCURS 
QUICKLY. ENGINES CONTINUE TO WORK FOR AN 
EXTENDED PERIOD AFTER CHARGING CEASES. 
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Control Unit 


Receiver-transmitters 





Adjusting broadband signals 
bandwidth and amplification 

by selecting indicated alterations 
from database 
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Portable unit then developed for rapid 
treatment of mass BW casualties 


@eeeeeoeeoeeeseaeeaeeeaeeee eeee ee @ @ 
e Two blankets have antennas in them. 

e Uses the "porthole" concept (discussed shortly) 

e Eliminates plasma tube mixing etc. 

e Compuiter-controlled complex signal structure. 


e Irradiation for 2 Udall 
\¢ otro! Unit 
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Training to use the unit 


@eeeeeoeeeeeeseeesesenvgeeeeeeeee @ @ 
High school student level, 30 minutes. 

Patient lies on one blanket, other covers him. 

Set the prescribed standard signal sets from listing. 
Computer-controlled generator produces the signal. 

Irradiation for 2 minutes, uncover patient, bring in another. 

Unit can be self-powering from vacuum energy (MEG”*). 
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Additional advantages 


eeceoeoeeeeeneeeeeeeeeeeeeeee 
Can be developed in a crash program in 2-3 years. 

After sunk costs, projected cost per unit in mass 
production is less than $100,000 
Can be produced by the thousands 
Then flooded down through 

= Fire stations and police stations 

= Red cross units, hospitals, clinics 
= Emergency action teams and armed forces 

Large numbers of operators easily produced 
Emergency training could be watching a 15 minute 
film, then performing one graded practice run 
First generation equipment can save some 70% of 
the coming mass casualties from anthrax etc. 








Terrorist BW warfare 
capabilities against the 
United States 
@eoeoeoeoeeoeee@eeoewmemewemUmceelClcelUlel8 le 
The growing threat 








e One terrorist, one light aircraft 
with spray tank 


e 100 kilograms of anthrax 


e Flies over greater metropolitan 
Washington, D.C. 


e Calm night 
e 1-3 million casualties result’ 
e Most of those stricken will die 


e Presently little can be done 
to save the stricken civilians 


e Attacks on several population 
centers might produce some 
10 million or more casualties 


*Per OTA Report to Congress, 1993 











For decades, infiltration of 
terrorist teams into the U.S. 


From several foreign nations, not just Bin Laden in Afghanistan 


Several thousand Cuban guerillas, from 
training camps in Southern Mexico 


Russian Spetznaz teams 
Nuclear warheads (up to 80 KT) 
Biological warfare agents 





Yakuza in oriental populations in our cities 

= Yakuza manufactures Russian energetics weapons in their own facilities 
in Japan 

= Possesses the new EM weapons referred to by Secretary of Defense 
Cohen in 1997 

We are now in a very long, hard war and will suffer millions of 

casualties in our cities. It may last for decades. 





Defense secretary Cohen* 
@eeoeoeoeeds8d@eeee @ @®eeoeeoeees@eee0e @ 
(Involvement of secret speswespons 


"Others [terrorists] are engaging even in an 
eco-type of terrorism whereby they can alter the 
climate, set off earthquakes, volcanoes remotely 
through the use of electromagnetic waves... So 
there are plenty of ingenious minds out there that 
are at work finding ways in which they can wreak 
terror upon other nations...It's real, and that's the 
reason why we have to intensify our 
[counterterrorism] efforts." 


* Secretary of Defense William Cohen at an April 1997 
counterterrorism conference sponsored by former Senator 
Sam Nunn. Quoted from DoD News Briefing, Secretary of 
Defense William S. Cohen, Q&A at the Conference on 
Terrorism, Weapons of Mass Destruction, and U.S. 
Strategy, University of Georgia, Athens, Apr. 28, 1997. 





Some typical BW agents 
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Smallpox, including different strain developed 

by Russia (some sold to terrorists) 

Anthrax 


= Over 400 known locations 
around the Earth have cultures 


= Difficult to decontaminate 
Bubonic Plague 





Botulism toxin 
Tularemia (rabbit fever) 
Hemorrhagic fevers, such as Ebola 


Anthrax 


OTA study: Some 200 pounds released in a spray, on 
calm night over Washington, D.C. could result in 
up to 3 million casualties 


Symptoms usually in 2-10 days 
= Sometimes as long as 7 weeks 
= Flu-like symptoms 


Then 1-3 days later, shock and breathing 
problems cause death in up to 100% 


Antibiotics given early (before symptoms) can prevent 
infected persons from becoming ill 


Limited vaccine, reserved for military 


Smallpox 


© More than 500 million people killed in the 20th century 
before "eradicated" in 1977. Vaccination ceased in 
1980. 

© Russians kept it, developed new strains, sold to terrorists 


© Symptoms in about 12 days: fever, headache, nausea. 
Rash similar to chickenpox then appears. 

© Rash turns into hard blisters. Highly contagious, kills 
one-third of its victims. 

© Nocure. About 12 million doses of vaccine left. 


© If smallpox is unleashed in any major city on earth, it will 
eventually kill 2 billion, or about 1/3 of the human 
species -- unless a radical new cure is found and utilized. 


Bubonic Plague: Historically the 
most feared (Black Death) 
© From 1980-1994, 18,739 cases in 20 countries. 


© Symptoms occur in 1-6 days after 
inhaling the pneumonic form. 


© High fever, cough, labored - 
breathing lead to respiratory failure and death. 


© It 1s contagious. 
© Rapid use of antibiotics can be effective. 
® Vaccine not currently produced in the U.S. 





Botulism toxin (a nerve toxin) 


© Single most poisonous BW substance known. 
= Typically borne in food, contacted by eating. 
= Could be developed as aerosol weapon. 


© Symptoms in 24-36 hours; blurred vision 
and difficulty swallowing, speaking. 


© Paralyzes muscles, leading to respiratory 
failure and death. 


© Centers for Disease Control and Prevention 
maintain a botulism antitoxin supply. 


Tularemia 








© U.S. studied its weapon potential in 1950s and 
1960s. 

© Symptoms appear in 3-5 days, including fever, 
chills, headache, and weakness 

© Inflammation and hemorrhaging of the airways 
can lead to death. 

© Without antibiotics, one-third die. Can be 90% if 
breathed in, in aerosol form. 

® Vaccine developed and under review by FDA. 


Hemorrhagic fevers, such as Ebola 


© E.g., origin of Ebola is unknown. Probably transmitted to 
humans by animals, to begin a breakout. 


© Symptoms in 3-5 days, include fever, aching muscles, 
diarrhea. 

© Hemorrhaging of fluids out of tissues and orifices. 

© From 30 to 90 percent die, depending on specific fever 
type. 

© Some of these fevers respond to antiviral drugs. 

© The drugs are in short supply. 

© Presently containment is the primary goal. 


A factor the U.S. does not know 


@eeeeoeeoe eoeoeseeeseeaeseseese1esgeeoeeeoee 8 @ @ 
(Secret involvement of clandestine superweapons) 

© Three nations (not the U.S.) developed quantum potential weapons 
using Bohm’'s hidden variable theory of quantum mechanics. 

© Can induce disease engines in matter or bodies at a distance. 

© Have developed "spreading" of immune systems in a targeted 
populace (cleverly tested in Gulf War against U.S. troops). 

= Cocktail mix of disease engines for 2 dozen different diseases 


= Targeted area's human immune systems react to these engines when they 
are still in virtual state, just below quantum threshold. 


= Spread immune system's resources thus "thinned" across response to 
two dozen shadow diseases at once. 
© Hit with a terrorist BW attack, the spread immune systems are 
overwhelmed much more easily and quickly. 
= Yield (casualties) of the attack is increased by factor of 3-5. 


= Spreading of U.S. immune systems has been accomplished and is still 
being maintained. 





Summary and conclusion 
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The new war 








The North Tower has already been struck and is burning. 
A second jetliner is about to strike the South Tower. 





Fireball From Impact on n South Tower 
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e The two buildings Associated Press, photo 
held some 50,000 
occupants 


e Evacuation was 
underway after the 
first strike 


© More than 6,000 
persons were killed 


e This is more than 
were killed in the 
Dec. 7, 1941 strike 
on Pearl Harbor 


Collapse of the South Tower 


© The first tower to 
collapse was the 
South Tower 

© Itis still uncertain 
just how many 
people were caught 
inside and killed 

© This is a half million 
tons of debris, 
falling from the New 
York skyview. 





Collapse of the Nor rth Tower begins 


© The North |Z - 
Tower then 
collapsed 





e This was 
another 
half-million 
tons of 
debris falling 
from the 
NYC skyview 





Collapse of North Tower finishes 


© Collapse of 
the North 
Tower killed 
many rescue 
workers, fire- 
men, and 
policemen 


© At this writing, 
the total 
casualties are 
still unknown 





Next began the ehs A efforts 


© Recovery 
operations will 
require months 


© At this writing, 
the total 
casualties are 
still unknown 


© The damage 
was done by 
two civilian 
jetliner "bombs" 





The Pentagon was hit on the same day 


© Hundreds were killed 
the same day when 
another jetliner struck 
the Pentagon. 


© Yet another jetliner, 
possibly headed for 
the White House, 
crashed enroute when 
the passengers 
attacked the suicide 
terrorist hijackers. 








A sobering thought 


© Nuclear weapons are 
already smuggled into the U.S., 
as are BW agents such as 
anthrax, smallpox, etc. 


© Had a 40-80kT weapon been 
exploded in New York and one 
in Washington, millions would 
have perished and both cities 
would have been devastated 


© There would have been no 
recovery of those cities for 
many decades 








Ri cae ited Stes 


e Many foreign nations are hostile 
to the U.S. and sponsor terrorists 


e Some 25 nations have WMD or 
are acquiring them 


— BW agents and weapons 

— Chemical agents and weapons 

— Nuclear materials and weapons 
e Thousands of students and émigrés 
e Infiltrated teams, BW, other WMD already 
e Castro guerrillas infiltrated over the years 
e Can do unacceptable damage to U.S. now 
e May reach knockout capability 


(OES eens *Per OTA Report to Congress, 1993 








he U.S. is terribly unprepared 


Limited medical supplies, antibiotics, vaccines 

Insufficient facilities, emergency teams 

No civilian shelters (much less BW-filtered) 

Not enough doctors, nurses, masks, etc. 

Present treatment methods woefully inadequate 

Triage will apply 

= First treat those most likely to recover 

= Others (showing symptoms, or advanced) are just set aside to 
die 

© Other attacks are a matter of when, not if. 


aos 


Conclusion PSN 





© As several cities are struck, millions of U.S. civilian 
casualties will result. Devastation will be enormous. 


© We shall eventually lose more American lives than in all the 
rest of our wars to date. 

© Present medical therapeutic science is totally nade 
do the job. It cannot save us. 


© Atsome point, when we are sufficiently damaged, the 
Spetznaz or other terrorists may detonate nuclear weapons in 
our cities, with appalling carnage. 


© Acombined superweapon technology and terrorist groups 
will then destroy the remaining populace. 


© On its present course, the inadequacy of Western medicine 
may doom us. 


A difficult truth to consider YW 


© In any strategic strike, the first phase is to get the strategic 
weapons (weapons of mass destruction) delivered to their 
distant targets. 


e That has already been done. 


© Eerily, the first phase of World War III has already been 
accomplished. 


© It was already accomplished before the Sept. 11, 2001 strike 
on New York and Washington. That was the new "Pearl 
Harbor", and only the opening round. It already killed more 
Americans than died at Pearl Harbor on Dec. 7, 1941. 


© Unless we improve our medical therapy quickly and 
dramatically, we will lose -- particularly when the hidden 
energetics weapons and outside terrorist sponsorship by 
hostile nations are factored in. 


A personal perspective ak 


There now exists an overwhelming, immediate 
moral imperative to get this development program done at the 
utmost speed humanly possible. 


The sheer survival of the United States and Western civilization 
depends upon it. 


Officialdom is aware that the KGB/Russians have long planned 
to finish the U.S., after initial nuclear exchanges, by fierce and 
massive BW strikes. 


It appears that the plan has changed to let the terrorists do the 
main work, while augmenting 
U.S. casualty levels by energetics weapons. 





China is also involved 
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e China has declared South China Sea the territorial waters of China 


e China will eventually take Taiwan 
— Has massed missile artillery trained on Taiwan 
= Recently held invasion practice on an island near Taiwan 


© Recently deployed fearsome EMP weapons utilizing negative 
energy rather than positive energy (Dirac sea theory) 
— Extinguishes all electron currents 
~ Duds electrical and electron systems instantly 
Instant death to struck bodies 
Instant kill of missiles, aircraft, electronics in nuclear warheads 
Ultimate "death ray"; can be made small or large 


e Recent 2-carrier U.S. task force maneuvered in South China Sea to 
caution China 
~— The new Chinese EMP weapon was trained on that task force 
— Could have destroyed it within minutes 





Final thoughts 





© This is one of the great turning points in history. 

© The development program is eminently doable. That it works has 
been experimentally demonstrated. The long-vexing puzzle of the 
active mechanism has been solved. 

® Our scientific community bitterly opposes any use of 
electromagnetics -- even an advanced, higher symmetry 
electrodynamics -- for medical treatment. 

© Acconsortium of the scientific community, the large 
pharmaceuticals, FDA, and the AMA will oppose this project even 
while the U.S. is being destroyed wholesale. 


© Itcan only be done in the private sector, and there will likely be no 
funding unless by philanthropists. 





Continuation 


Business plan, development program, 
budget breakdown, proposed schedule 
etc. go here. 
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"Others [terrorists] are engaging even in an eco-type of 
terrorism whereby they can alter the climate, set off 
earthquakes, volcanoes remotely through the use of 
electromagnetic waves... So there are plenty of ingenious 
minds out there that are at work finding ways in which 
they can wreak terror upon other nations...It's real, and 
that's the reason why we have to intensify our 
[counterterrorism] efforts." * 


Secretary of Defense William Cohen at an April 1997 counterterrorism 
conference sponsored by former Senator Sam Nunn. Quoted from DoD 
News Briefing, Secretary of Defense William S. Cohen, Q&A at the 
Conference on Terrorism, Weapons of Mass Destruction, and U.S. 
Strategy, University of Georgia, Athens, Apr. 28, 1997. 


Slides 
(covers period up to 1999) 


e The Coming Strategic Attack on the United 
States 


e Outline 
e Loss of two separate A-10 Warthogs in 1997 


e Typical ABM Defenses (Widely Deployed 
by mid-70s) 
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e Launch Phase Anti-Missile System 
e Launch Phase Anti-Bomber System 


e HC-130s Engines Quit, Aircraft Crashes 
Nov. 22, 1996 


e 1996 Actions by this analyst 


e Additional Information Exists: Not 


Analyzed, Not 
Integrated in Briefing 


e Kill of Arrow DC-8, Gander AFB, Dec. 12 
1985 





e Satellite Photos of Plumes in Soviet Arctic 
Since 1974 
See "Fer de Lance" for additional 
information 


e Aum Shinrikyo ("Supreme Truth" Cult), 
Shoko Asahara, Leader 





Aum Shinrikyo - Anatomy of a Dangerous 
Cult 


e Ashkhabad Problem and Its Solution 


e Strange Characteristics of Iran Quake, Sep. 
1978 


e Iran Earthquake, September 1978 

e Situation Now (Assessment) 

e Situation Now (Assessment 2) 

e Aspects of Strong Local Asymmetry 


e Mass Casualty Problem: Aerial Anthrax 
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Spray on Washington, D.C. 


Present Status of the WMD Threat to the 
United States 


Some Present Problems in the U.S. WMD 
Defense Capabilities 


Internal Terrorist Threat with Weapons of 
Mass Destruction: Now & Future 


Attempt to Ban Energetics Weapons 
Worldwide 


Brezhnev's Schedule 


Large glowing Tesla globe witnessed in Red 
China by hundreds 


Cold Explosion -- 9 April 1984 Near Kurils, 
and formation and growth of spherical shell 
(globe) 

Sequence of Events 


Cold Explosion -- 9 April 1984 Near Kurils, 
and formation and growth of spherical shell 
(globe) 

What They Were 


Cold Explosion -- 9 April 1984 Near Kurils 
(Plus additional weapons effects) 


Countering Insane MAD Systems: 
Find Loophole, Exploit It 


Next Generation Counter to Both Sane and 
Insane MAD systems 


Simultaneous Dudding of Nuclear Weapons 
Worldwide 
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e Simultaneous Dudding of Nuclear Weapons 
Worldwide 


e Operation Divine Wind II 
e Advanced EMBW Applications 
e EM Biological Warfare (EMBW) 


e Microwave Radiation of U.S. Embassy in 
Moscow 


e Pentagon EMI Studies, 1989 
e EM Missile Practice (6 slides) 
e Subdivisions of Soviet Energetics Program 


e Communism's Goal 


e Manuilsky's Goal vs. Status Today (Dec. 
1996) 


e Professor Hellman, German Scientist 





Released from Work in Soviet Union 


e Hemispheres and Globes of Light (4 slides) 


e How Could Such Superweapons Ever Be 
Concealed? 


e Soviets Easily Concealed These 
Superweapons for Four Decades 


e Microscope-type, laser-like interferometer 
for inducing quick o-decay in samples of 
otherwise longer-lived isotopes 


e Longitudinal Wave Interferometry: 
Endothermic 
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Longitudinal Wave Interferometry: 
Exothermic 


U.S. Air Attack on Libya, April 1986 


Lightning Wall 
circa 1959-1960 


Lisitsyn's Report: Brain Code Broken 


Large Longitudinal Wave Interferometer 
(LWI) Accident 


Large Longitudinal Wave Interferometer 
(LWI) Accident 


Use of Hidden Information Content of the 
Field Can Provide Action-At-A-Distance 


Two Types of Mutual Assured Destruction 
(MAD) System 


Psychoenergetics Weapons Teams Mentally 
Disable All Personnel 


Strikes Against Special Ship and Energetics 
Weapons Sites 


"Mindsnapper" Attack on Special Ships and 
Energetics Weapons Sites 


How Much Off Guard Are We? 
(7 Slides) 


Possible Targets: 1995-9 Escalation Phase 
Propagation of Weapon Effects 
Yugoslav Earthquake, Followed by Cold 


Explosion 
April 15th, 1979 
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e Countering an Insane QP Weapon 


e Gulf War Disease: KGB QP Weapon 


Induced ST Curvature Engines for a 
Cocktail of Diseases 


e Self-Targeting in Inner EM Channel Can 
Produce a Quantum Potential 


e Mechanism for Producing a Quantum 


Potential 


e Major Principles for Use of Quantum 
Potential Weapons 


e Major Principles for Use of Quantum 
Potential Weapons (2) 


e Instantaneous Communication by a 
Quantum Potential 


e Participants in a quantum potential share a 
common multiply-connected spacetime 
(MCST) 


e Quake in Tangshan, China 
28 July, 1976 


e Exchanging Earthquakes 


e Instant Communication by a Quantum 


Potential 
e Westerners Do Not React to Slow Threats 
e Characterizing a Given Risk or Risk Factor 
e Technical Risk Management 


e Aum Shinrikyo's Sarin Facility 


http://www.cheniere.org/images/weapons/index.html (6 of 9)8.11.2003 1:21:11 


The Tom Bearden Website 


e In Scalar Beam Interference Zone 


e Physicist Schappeller Auralaz Munster, 
Austria 


e Initial Soviet Plan for Cold War, After WWII 





e Josef Stalin: Absolute Dictator 


e Exploding any Resistance by Operational 
Scientists 


e Significant Soviet Statements 


e Captain Svoboda Dives Headlong to Her 
Death 


e T-polarized Beam Projector 

e Possible Tests (1) 

e Possible Tests (2) 

e Possible Tests (3) 

e Possible Tests (4) 

e Mushroom Cloud Rising From Sea 


e Launches from Cape Canaveral and 
Vandenberg AFB Provided Practice Targets 
of Opportunity 


e The sinking U.S.S. Thresher, with her 
controls jammed, implodes when she 
reaches crush depth 


e Embodiment of an instrument array 
sufficient to discriminate when time-density 
charging has occurred, and that transduction 
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of time-charge decay has occurred. 


e Time-Polarized EM Wave Interferometer 


Creating Space-Time Curvature Engines in a 
Distant Interference Zone 


e Transmutation of Radioactive Nuclei at a 
Distance 


e Transmutation of Radioactive Nuclei 


e Typical Tesla Shield, Northern Route of 
Japan 


e A Curious Tide in Human Affairs 


e Large Scalar EM Interferometer (LAST) 
Accident Near Urals, 1958 





e The Superpower Paradox: Asymmetric 


Cheap WMD Strategic Strike and 
Destruction 


e The KGB/Yakuza-Aum War Plan 


e Why Western Science is Ignorant of KGB 
Energetics 


e Transmutation of Radioactive Nuclei at a 
Distance 


e TheYakuza 


e Yugoslav Earthquake, Followed by Cold 


Explosion 
April 15, 1979 


* Note that the Secretary did not speak the words in 
square blocks; these were added by the writers later, 
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probably to "soften the tone" of the Secretary's 
information release. So the Secretary confirmed that 
some nations of the world -- not just some ragged 
terrorists, as the writers tried to imply for spin control -- 
do possess novel electromagnetic weapons and are 
using them to induce earthquakes, engineer the weather 
and climate, and trigger volcanic eruptions. 
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"THE COMING STRA1 EGIC ATTACK 
ON THE UNITED § TA TES 
By an AUM/Yakuza/KGB/Communist Coalition Using Energetics SuperWeapons 
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Outline 
Background: Classical Electromagnetics (and Defects) 
Background: Energetics (Scalar Electromagnetics) 
Background: Soviet Energetics Weapon Development 
KGB/Communist Plans 
Countering of Soviet/KGB/Com munist Plan in Mid-80s 
soviet Economic Collapse and Adaptation of Plan 
Weapons Bleed-Out: KGB/Russian Mafia 
Yakuza: The Japanese Mafia -% 
Aum Shinri Kyo (Supreme Truth) Cult 
Coalition: Aum/Yakuza/AGB/Communists/Russian Mafia 
Operation Divine Wind ll: Three Phases 

~ Phase |: On-Site Training Phase (Completed) 

- Phase Il: Escalation Phase (In Progress) 

— Phase Ill: 1997 Strategic Strike on the United States 

- Support Plan A: Feints, Deception, Sabotage & Terrorism 

— Support Plan B: Test Range 

= Support Plan C: Worldwide Weather Engineering 

— Support Plan D: Strategic and Combat Intelligence 
Special Information 
Recommended Actions © wot, soon TE seam 
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Help support the research 





Loss of two separate A-10 Warthogs in 1997 


e A-10 Mysterious Flyaway and Crash - April 
2, 1997 








e Death of Second A-10 Pilot - May 27, 1997 


e Captain Button's Mysterious Flyaway and 
Eventual Crash 


e Death of Second A-10 Pilot - May 27, 1997 
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Armed with: 
- Four 500-lb bombs 
- 30 mm Gatling gun 
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° captain AG Svobody 
e Night training mission 
e@ From Davis-Montham AFB 
@ From same wing as Captain 
Button, who flew his A-10 
off course for over an hour 
and then crashed on April 2. 
@ Climbout from ordnance Companion A-10's 
delivery on target 
e Nosed down etary and 
dived into grou % 

















« Experienced night 
flyer & Instructor 

« Nosed sharply over 
and flew into ground 

« Psychoenergetic kill 





© Te BEARDEN 1998 


Psychoenergetic weapon induced instant hypnogogic state and 
reverted Svoboda 's Sonea of up and dowrt.” 
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A-10 Mysterious Flyaway and Crash 


April 2, 1997 


Armed with: 


- Four 5004b bombs 
- 30 mm Gatling gun 

















11:58 a.m. 
Bresks Formation 


nea Goldwater Range|-— 


AV pm. 
a dite caine bon 





at 


Figure 14a. Captain Button's mysterious flyaway and eventual crash. 
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Death of 2nd A-10 Pilot May 27, 1997 














e @ Captain Amy Svoboda 
ingame areaagain @ Night training mission "fyereinecructe 
of psychoenergetics @ From Davis-‘Montham AFB “Sevkatearoune 
«US. showed it Is @ From same wing as Captain » Probable kill usi 
completely unaware Button, who flew his A-10 navehoanergetion 
off course for over an hour 
“7 and then crashed on April 2. 
bn ® Almost certainly a second 
> psychoenergetics strike vf 
bay Ne an i 






“ 






af 
Paes QB 





Ps etic strike induced an 
instant hypnogogic state, shifted pilot's 
sense of up and down. Svoboda corrected and 
“climbed out" after target attack, and 

fiew into ground, dream-perceiving down was up, 


© TE BEARDEN 1997 
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Typical ABM Defenses 


vw rmers 


. \* « 
is U > 
z 





EARTH'S SURFACE 
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EARTH'S SURFACE 
SOME OPERATIONAL MODES: 







ELECTROMAGNET! 
ee « ELECTRICAL INTERFERENCE qanr 
STRA MET SOFTENING | 
BALLISTIC Hp earth | ENERGETICS 
Son :oeaa met ce 
: = HEMISPHERICAL SHELL SYSTEM 
# MULTIPLE SIMULTANEOUS TARGETS 
Ce) LEG ARD * MULTIPLE SIMULTANEOUS MODES 
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SOME OPERATIONAL MODES: 
* SIMPLE TRACKING 

« PHASE CONJUGATE TRACKING 
* ENGINE COMBUSTION COOLING 
smack. + EMP INSERTION 

OTHER Ale + ELECTROMAGNETIC MISSILE STRIKE 
TAXIING, OR * ELECTRICAL INTERFERENCE 
TAKING OFF * METAL LATTICE SOFTENING 

» ANTI-PERSONNEL 








* HEMISPHERICAL SHELL 
* MULTIPLE SIMULTANEOUS TARGETS 
* MULTIPLE SIMULTANEOUS MODES 


(C) 1.£, BEARDEN 1996 
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one ater h 


¥ 
i. we 7, . ‘ 
BY Ee 
I 


Compare to China Airlines 
Flight 006, 19 Feb. 1985 


off San Francisco, bound 
from Taipei to Los Angeles 
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CTEC PROPRIETAR 


1996 Actions by this analyst 


s |n July 1996, with the kill of TWA-800 it became 
apparent that the KGB/Communists were ptaparing 
a massive strategic energetics attack upon the U.S. © T& BEArSeN 997 

e Began intensive, nearly round-the-clock effort to uncover 
what was happening, and what had occurred in KGB/Com gx 
weapons since 1991 

e Began preparing full-up set of briefing slides simultaneously 
—\n early 1996, had briefed J6 on scalar EM, per his request 
— Had strongly suggested a follow-on weapons brief 

— Adamant opposition by NRL, NOL, others 

® Similar whl) Serer attack scenario in 1986 was 
countered. Soviets at that time did not possess 
operational QP weapons, and so could not successfully 
overcome dead-man fuzing 

— Also could not dud nukes worldwde, because OP required. 
— First lab prototype OP test was in April 1986 

e KGB had solved the dead-man fuzing problem by OP's. . 
Deployed circa 1989-1990. Some earlier weapons then leased. 
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Kill of Arrow DC-8, Gander AFB, Dec. 12, 
1985 


e Slide | 
e Slide 2 
e Slide 3 
e Slide 4 
e Slide 5 


e Slide 6 
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KILL of ARROW DC-8 
Gander AFB, Dec. 12, 1965 


* SOVELE!N Missile Weapon sinke practice 
IWO WEEKS PanlenalGape Gandveral 
: > Offset from night shuttle launch 
a - Elvimissile photographed by Bob Gladwin 


» Associated Marker beacon photographed 
2 Ssigtielizie) Sejsrel salir os) fisielighe |= 
© Halfthougnticing, halfdisagreediintensely 
“Due to icing approved with half absent 
» Separate dissenting nnding issued 
Meise eo fiieisits filclisic) [rei/@euniires sifeiis 
» Feared terronstbomb, VidEast sponsor. 
» Pressured Board, Gen’ Off bulldozed'site 


¥ 


Jn let meli eile mejim-ligetesiim@t-\(-may-|[elicce| " 
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hILi of APRPOW OCs 
Gander Ars, 0es. 14, 198s 


Eyewitness observed beams form in the sky 
Saw streak-down and strike of Elvi missile 

=— Struck right fuselage ahead of the engines 

= Hole Was burned through fuselage there 

= Proto of nole published in Aves) a) 
— eyed iye rales en nel= > 
Consistent with ignition and outgassing of 
plastics in forward cabin 

Consistent with pre-crash HCN deaths 
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FILL of ARP POW 0 Gee 
Bander Ars, Das. 12, 1285 


Ole) eletjtle)pherele)ligieiceltlet=e hi tgietp-jee i ieipepetigies) 


aiti fei (ate fi g—elb led [ple le-jelsediiientpigti-jeie)eileqigle 
struck with Eli missile, at lito | 


Hole in night tuselage, ahead of engines 
Slejelplelersiilisheejlelsleyer pepe ciearlei| ipielajene 
Si isl eelesivaiyileinitsel site ini nyeire 
lie eteeisaael sissies iG 
Agesles: cfalf iis sasssrisjers ise rons AG) 
ele emia cers ulan= ereshiae 
BE ie: We—efe]ge|e-ge-letelce|-leba—pciet-i) e)i,i-2 eli File 
Materials handlers later mysteriously sickened Pwith 
symptoms of longitudinal EM radation induced illne&s *° 
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ol WAU OF ARRON Dic-8 
Gander AFS, Dec. 42, 165 


JOralipjetfdielsmercle |[eremeoelle nem egrellcyerelsigielelgeleiele 
Emulated reducing Specific thrust by icing 
Sader Vita eat Teast) Ey etdal ea 

Hole in right fuselage, ahead of engines 

Not normal explosion; no material ingested 

EfVVimissile explosively eee a) Febrj eleesp lal feyeuy=icebrer:|e)i ap 


outgassed pote obs 4 ; 
Autopsies; Halfiiie passengers died tran Aen 
inhalation # J 
before plane crashed 
Data recorders recorded Verncal Spike oF hit 
Waterials handlers later mysteriously sickened, with 
symptoms of scalar-EM radiation induced illness 
1 Eve witness observed formation and siike of fie 
a. 5f5 tromagnetic missile 


ny 
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Prenryarenn night shottle launch 
r -) EM missile pho tographed: by iptelbmertlehowin 


saeletlte d ma rker beacon phylogrphs | by, (Gacjeus Suchary 
oa pala nar ge fa . 
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=* 
snpre sed intensely 
eet Ee Eee a ig oe 
ral with: half alise nt 
i oi ac 
sti eae te 


G fe. re “d ter 
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Death of the Arrow DC-8 





FUEL 
Dec. 12, 1955 EXPLOSION 


Gander, Newfoundiand AIRCRAFT GLOWING 
: (THRUST REDUCED) 
ENGINE THRUST : 


iS REDUCING 


al tes” 


V7); ey 
= ” — 7 fash re : 


oy al 











) EM MSL STRIKE ‘ 
~o > (MULTIPLE an CYANIDE — 
INSTRUMENT INHALATION 
KINDLING SPIKES) 
(SELF -TARGETING) 








ELECTROSTATIC |EXPLOSIVE 
COOLING OF jPLASTICS 

ENGINE IGNITION, FIRE, 
COMBUSTION |OUTGASSING 


c i 
TAIL OVW . 
- CRASH “ 














ABOUT ONE-HALF 
THE GEEUPANTS BIE 









GRAVITON RADIATION DECAY 
(EXPOSURE OF RECOVERY 

PERSONNEL TO LONGITUOINAL 
EM WAVE RADIATION 















GRAVITON CHARGING 
OF ATOMIC NUCLEI 


-HIGHLY CHARGED PULSE 
INTO ATOMIC NUCLEI 
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»4 Satellite Photos of Plumes g 
ge in Soviet Arctic Since 1974* 
= Two aircraft flew through for analysis 
—Solid material, mostly ice, a little clay 
— Much colder than surrounding air 


— Signature of cold exhaust from exothermic 
sealar interferometry operations DD, 

— No volcanic material #, 

—No radioactive material ¢ %* 
«May be 2 to 3 times as many incidents 

— Only examined satellite imagery in winter 

— Only periodic satellite coverage 

—Hypothesized methane venting, cloud seeding 


ic) TE BEARD "As of 129 this infor ion 
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AUM SHINRIKYO 


("SUPREME TRUTH" CULT) 





i) oe ete Se 
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Ashkhabad Problem 
and Its Solution 





= PROBLEM: 
— Stress increasing in two-plate fault zone 
— 1,000 shocks yearly 
-Kara Kum canal 
-Hydraulic pressure 
— 1948: Ashkhabad 80% destroyed by quake 
s SOLUTION: 


— Stress-relieve plate stresses from fault 


s IMPLEMENTATION: 
— induce nearby earthquake 
—Deceive by predicting a quake, setting off 
nuclear explosion 








(fp) 96 T= BEARDEN 
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Strange Characteristics 
of Iran Quake, Sep. 1978 


= Signatures greene 
—7.4 on Richter scale 
—No aftershocks: 6.0 expected (normal) 


— Strange epicenter 
— Anomalous depth re 
= Deception 

-10 MT Soviet nuclear explosion 36 hours 
before the quake 

-Prior disinformation regarding Soviet 
attempted development of focusing shock 
waves from underground nuclear 
explosions, to cause distant earthquakes 
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lran Earthquake g 
Sept. 1978 


= Killed 25,000 Iranians 
= Soviet city of Ashkhabad saved 


= Soviets "predicted" quake & 
in advance; then induced it a 
= Quake had serious anomalies (signatures) 
=» Deception measures were used by Soviets 
—Prediction in advance 
—"Theory" of quake-induction by nuclear explosions 


—Fired underground nuclear explosion as 
“Red Herring” candidate for cause Tx 
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Situation Now (Assessment) x 





night ordnance delivery on target, was struck with 
psychoenergetic weapon takeover. Sense of vertical 
Was reversed. She perceived herself diving, sharply 
corrected, and dove headlong into the ground. 


Additional aircraft kills uncovered, including one 
4-engine aircraft whose engines all failed. This 
closely repeats the earlier 1985-1987 scenario. 
Korean Airlines Flight 801 crashed on Guam on 
anniversary of loading of the atomic bomb that was 
dropped on Hiroshima in WW Il. The Enola Gay, 
which dropped the bomb, took off from Guam In wee 


morning hours of August 6, 1945. The local opns , 
order on Guam was also issued on Aug. 5. sae 
« Presently the Coalition (KGB/Communists/Aum 


Shinrikyo/ Yakuza) is waiting for proper time to 
launch the final strike. It is still on. © rom rm sess 


= In May 1997: second A-10 pilot (lady), in pulp from 6 
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Situation Now (Assessment 2) 


= April 97: Mind control test against Captain Button: 
~ Demonstrates ability to control crewman in 
complex operations for more than one hour. 
— KGB requires one hour total QP crew control 
on a site to have crew disable insane QP wpns. 
=» Once QP systems disabled, Mindsnapper attacks 
and instantly kills every living thing in QP site area. 
Contaminates area for months (emits jibe ataonl 
EM wave radiation, which disrupt any life forms 
attempting to enter struck area). Sites nullified. ........... 
= Mind control over one crewman requires one 
ern: eae plus up to 20-30 operators for 
controlling thoughts, hearing, perceptions, etc. 
= In . 97, KGB building and loying weapons 
the ing crews. Reddy for new attack | 9-2000. 
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Aspects of Strong Local Asymmetry 





e If local Sey Amey is strong, conservation 
laws may be appreciably violated 
— Energy 
= Charge 
— Spin 
= Momentum 
= Angular momentum 


e Properties of an object may differ 
appreciably for 
— Different observers 
= Different detecting means 
— One time to another 
= One position to another © 7 E Bearden 1995, 1996 
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e One terrorist, one light aircraft 
with spray tank 


e One kilogram of anthrax 

e Flies over greater metropolitan 
Washington, D.C 

e Calm night 

e 1-3 million casualties result* 

e Most of those stricken will die 

e Presently little can be done 
to save the stricken civilians 

e Attacks oe aide pepe 


centers might produce some 
at 0 million or hare casualties 


“PerOTA Report to Congress, 1999 
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e Many foreign nations are hostile 
to the U.S. and sponsor terrorists 


e Some 25 nations have WMD or 
are acquiring them 


—- BW agents and weapons 

— Chemical agents and weapons 

— Nuclear materials and weapons 
e Thousands of students and émigrés © 
e Infiltrated teams, BW, other WMD already 
e Castro guerrillas infiltrated over the years 
e Can do unacceptable damage to U.S. now 
e May reach first strike knockout capabili 


() bat TE peeeten 














"Per OTA Report to Congress, 1993 
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e No shelters (require overpressu 
BW ii Anarhg, Wack showers, supplies) 

« No stockpiled vacc Leap bang Su} ~ 
immunoglobulins, 


psibale sage heaters, maar oon el € 
° Totally insufficient medical fac ities, A 


personnel, and emergency response teams 
@ Meas tole mart Haw will be rogiiirec 













° State, county “lty radequately staffed ; 4 
and insuffic intly trained for mass casualties ae | 


e Terrorist teams, BW agents, other WMD on site, waiting - 

e Water supplies, food, crops, farm animals also vulnerable 

e Electric power grid, bridges, trains, railroads vulnerable 

e Present medical science cannot save very many of the 
casualties, now or in the foreseeable future 


(p fee 7 LARD 
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« Nuclear materials 
« Powerful explosives 
® Assassination 


* Shouwlderfired AD missiles 
« Tevorsim 


FUTURE | 
* Onhodox EM weapons 
s Energetics EM biological warfare 
* Scalar EM (energetics) weapons 
« Scalar EM disease induction 
* Alteration of behavior and emotions 
« Aferation of memory 
* Direct control of Moughts, perception 
« Quantum potential weapons 
« Psychoenergetics weapons 
1 Acton-at-adistance effects eed 1098, 100 TR ADEN 
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Attempt to Ban Energetics » 
Weapons Worldwide 








# On June 13, 1975, in a major speech Brezhnev urged the 
United States to agree on a ban of research and 
development of new kinds of weapons "more terrible than 
anything the world has known." 

# On July 2, 1975 Brezhnev repeated his proposed ban on 
development of frightful new weapons, to a group of U.S. 
Senators. 

ein August 1975, Ponomarev called for a ban on frightful 
new weapons of mass destruction. 

«On Sept. 23, 1975 Gromyko presented a draft treaty 
agreement to the 30th Session of the UN General 
Assembly, for banning development of frightful new 





lest notion what the Russ 
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@ Brezhnev's Schedule | 


“We are a detente what our predecessors have 
been unable to achieve with the mailed fist... 
= 1985 our stig Agen ba cl irresistible that we can do what we 
wish anywhere on the globe. Leonid Brezhnev, 

in a secret 1973 meeting in Praque 

with European Communist leaders. 


“By the early 1980's we and our allies will control the high seas, 


space, and most of the earth's land area." 
Kosygn, 
to Imelda Marcos, 


July 1978 


In 1985-87, the Soviets did attermpt to move, still constrained by 
nuclear dead man fuzing. That attempt was blocked, salen poche 4 
by scalar EM countering demonstrations and man 
fuzing. 

In April 1986, the first Soviet lab prototype of a quantum ntial 











a 


weapon specifically designed toward 10-min a ttraltntion of nukes 
worldwide was gingerly tested against our U.S. airstrike on Libya. 


It was weakly tested in the "induced EMI" mode, for deception. 


By 1990 that weapon was oyed and a new ©) 1996 TE BEARDEN 
attack preparation phase a entered, scheduled for 1997. 
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COLD EXPLOSION -- 9 April 1984 Near Ku 


rils 


4 ~< 7or7ir*s 
Ld U - i — © sf O} fi Oi si-i gi eri lg 
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A 





° of water rose 
rapidly from surface, 
mushroomed out 






e Reached 60,000 feet 
380 miles Mttitude in two minutes 


A diameter « Brilliantly gio’ wi lol 
then appeared sy Baas 
¢ Globe increased 
200 miles in size and 
e¢ Reached diameter of 360 
miles 

FLOR ° Center reached altitude 
Ck ogi oY sa ee 
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COLD EXPLOSION -- 9 April 1984 Near Kurils 


J 






Superpotential interfer- 
: ometry using LWs 


e First, bei rhe osm 
centerline 380 miles 


6 Tie oad GER E 
of EM energy 
for 1-on-1 targeting 

200 miles ° Larger FA tanyots 

senienting teens 

° ee ST SeGeees. can aes 


ae and ail 


e Use in or out of Earth's 
dirnosphere 
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COLD EXPLOSION -- 9 Apri 1984 Near Kunis 
(Plus adaitional weapons effects) 
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Countering Insane Mad Systems: 
i? Find Loophole, Exploit It 


= If MADs not fakin potential systems, easily countered 
by instant QP strike which destroys targeted MAD weapons 


worldwide with certainty. 


= Have to be certain of types of dead-man fuzing. All dead-man 
fuzing weapons must be included in the assured target list 
for the striking quantum potential weapon. Bg 


= Multiple targeted MADS require multiple vacuum engines in 
the striking quantum potentials. 


= Uncertainty and risk introduced if not certain of all 
MAD systems and all dead-man fuzing systems. 


= Newest generation psychoenergetic LW interferometry weapons 
can instantly take over minds of all personnel on targeted sites 
with targeted crews quickly dis ng their own MAD weapons 
launch capability as well as the weapons themselves. 

=» Mindsnapper then kills all living things and contaminates sites. 

Next generation QP Psy-En weapons can disrupt and destro 

minds of an entire targeted national population. The nature of 

warfare moves irrevocably to the human mind, where of course 

the fundamental problem arises anyhow. 
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® Localized quantum potential in an area, 

used in psychoenergetics mode 
« Gradually produces mild, continuous hypnotic state 

« Targeted population remains entirely conscious, functional 
2 Internal “word thoughts" emerge directly in subconscious 
« Targeted persons all unaware of these "word thoughts" 

« Operates somewhat similar to “post hypnotic suggestion" 
« Gradually changes emotions, psychological outlook 


= Over a period of time, deviates and entrains entire target 
population's outlook, belief structure, temperament 


2 Moves Psywar to inside the human component 
® Human minds are the only battleground Zahn 
e Can be accomplished without overt 


signature 
* Into deoper mind level (collective unconscious) 
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Simultaneous Dudding of 


Nuclear Weapons Worldwide 





e Via quantum potential joining U235 and Plutonium in warheads 

¢ Includes weapons airborne, underwater, in storage 

e These are transmutations of the nuclides themselves 

e Part of the initial barrage launched by Aum/Yakuza/KGB 

© Will occur in the first minutes of the strategic strike, following 
psychoenergetically crew-disabling QP weapons 


— 





Note: Duds both overt and covert nuclear weapons and weapons-grade 
materials -- including “sultcase-delivered" covert weapons on site in @ Le. BEARDEN 1996 
Russia which oth se provide dead man fuzing 
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Simultaneous Dudding of oC 
Nuclear Weapons Worldwide 2. 


¢ Via quantum potential joining U235 and Plutonium warheads 

« Includes weapons airborne, underwater, in storage 

e These are not explosions, but are transmutations and 
CERISE G NSSIONING (208 fissioning rates 


¢ Part of the initial barrage Part of the Initial barrage launched by Aum/Yakuza/KGB 
¢ Will occur in the first minutes of the strategic strike = @ix wanoeniow 


Note: Duds both overt and covert nuclear weapons and weapons-grade materials, 
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The Tom Bearden 
Website 


Help support the research 





Operation Divine Wind II 


Slide 1 
Slide 2 


Slide 3 


Slide 4 
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YAKUZA & 
AUM SHINRIKYO 


DIVINE WIND Il 


xA secret coalition of Yakuza/Aum Shinrikyo and 
Communist forces plan to launch a massive, 
Surprise energetics attack on the United States, 
given a low-risk opportunity. 


* Major weapons utilized will be the scalar EM ermeee 
superweapons Mg ae quantum potential weapcns) 
were developed, deployed, and operated by the KGB under 
the former Soviet Empire, and continuing after its dissolution. KGB 

x Yakuza/Aum crews have extensively trained and test-fired, 
from on-site in Russia. They have ed operational control 
of the first three generation energetics Superweapons (which 
work by superpotential interferometry). 

* The Escalation Phase of interdicting and destro actual 
U.S, targets (e.g., TWA-800, two A-T0s) is al antes PSYCHOENERGETICS 


* The first biow in the oe Phase will dud all nuclear weapons as 
w 


U.S. 








and weapons orldwide, in minutes; destroy special . 
EI population instant and kil 60% of targeted populations 
in fom 10 minutes to 3 days. + geo aon 
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YAKUZA & U.S. 
AUM SHINRIKYO : 
DIVINE WIND Il den 


* A secret coalition of Yakuza/Aum Shinrikyo 
and KGB/Communist forces plans to launch 
a massive, surprise energetics attack on the 
United States and its allies, given the first 
low-risk opportunity. Pn err 


* Attack was thwarted twice in 1997 by a 7%: 
small nation countering with QP weapons. 

* KGB psychoenergetics counter for the last 
QP weapon counter was tested in April 1997. 


* Ready time for a new scheduled attack is 
latter quarter 1999 through first half of 2000. 





‘p://www.cheniere.org/images/weapons/Dwind2asm.jpg8.11.2003 1:23:44 


http://www.cheniere.org/images/weapons/Dwind2bsm.jpg 





@ AUM SHINRIKYO 


DIVINE WIND II appa 


+A secret coalition of Yakuza/Aum and 
KGB/Communist forces will launch a 
massive, surpretuey eal attack on the 


* Major weapons utilized will be the scalar EM i ai 
superweapons that were developed, deployed, and 
operated by the KGB under the former Soviet Empire, 
and continuing after its dissolution. KGBICOMMUNISTS 


* Yakuza/Aum crews have extensively trained and 
test-fired, from on-site in Russia. They have /eased 
operational control of the energetics superweapons. 


* Escalation Phase of interdicting and destroying actual 
U.S. targets (e.g., TWA-800) is already underway. MINDSNAPPER 











weapons and weapons materials worldwide, in minutes; 
destroy special ship and energetics weapon sites i 
instantly, and kill 80% of targeted populations in 3 days. Quantum 


POTENTIAL 


* The first blow in the Strike Phase will dud all nuclear : = 
j ois ae. 
wer 
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OPERATION DIVINE WIND Il 
Three Phases and Support 
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Operational Phases 


e Phase |: On-Site Training Phase (Completed) 
e Phase Il: Escalation Phase (In Progress) 






&) Was, 1006 LE sEmDEN 


http://www.cheniere 





a Phase lll. 1997 Strategic Strike on the U.S. 


First strike (QP) in Phase Ill duds ali nuclear weapons 


and nuclear powerplants worldwide, in minutes 
Psychoenergetic strike (QP) disables people instantly 
Mindsnapper attack of special assets for 100% success 
QP initiation of fast-acting, lethal diseases kills 80% 

of targeted populations in three days or jess 


Support Plans 


Plan A: Feints, Deception, Sabotage, and 
Terrorism 


e Plan B: Testing and Test Range 
e Plan C: Worldwide Weather Engineering 
e Plan D: Strategic and Combat Intelligence 
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& Advanced EMBW Applications 


e Covert EMBW: Examples 
— Activate materials and their potentials with ST disease engines. 
Potentials superpose and their infolded ST dynamics diffuse 
- Activate water's structuring (H-bonding) potential with disease 
engines 
— Bias electrical power grid ground fields by weak diseases 
— Employ disease-structured quantum potential in distant area 


e Overt death ray (mind snapper) 
=- Powerful scalar EM pulse in target area “jerks” rate of flow of time 
— The "time snap" sharply separates mind from body and each cell 
e EMBW CM: 
- Irradiate bodies with longitudinal EM waves; self-converts to 
t-pumping and produces exact amplified ST antiengine 
- Antiengine arises out of local ST, affects all parts of all cells 
— Cells are t-charged with antiengine structure 


- Continuing action restores regenerative and immune systems and 
reverses cellular damage © TE.GEARCEN 1995, 1999 
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© EM Biological Warfare (EMBW) 





= KGB/Communists have developed highly effective 
— Electromagnetic biological warfare (EMBW) 
— Counters to orthodox biological warfare © TE. SEARDEN 1999 
— Mass death ray weapons 
¢ Small version of 'mindsnapper" tested in Afghanistan 
¢ Killed occupants in two villages, in separate strikes 
¢ Unusual aspects (so-called "smerch" gas) 
=» Russia/KGB is the only group with a complete counter to 
biological warfare, either covert or overt, and to EMBW 
= EMBW (covert and overt) is a preferred option for KGB 
= MAD Doctrine is completely destabilized for a sufficiently covert 
Russian EMBW strike 
~ Situation has existed for at least two decades 
— Can alter germs, bacteria, viruses of specific kind, in a specific 
target area, to produce antibiotic-resistant strains 
— Can induce any kind of cellular disease or damage ata distance 
# U.S. national characteristic: no reaction to slowly increasing threat 
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Microwave Radiation 


of U.S. Embassy in Moscow 


Former U.S. Embassy in Moscow. 








BACKGROUND 

* Began in latter 1950s 
« Discovered on VP Nixon's trip 
« Initially thought to be nuclear radiation 

(Discovered w/Geiger counter?) 
¢ High level target — U.S. Ambassador 
« Guarantees personal attention of: 

= U.S. Ambassador to USSR 

= U.S. President 

™ NSA, CIA, DIA, NSC, etc. 

= Top consulting scientists 

= Leading U.S. scientific institutions 
* Two U.S. Ambassadors died, another sickened 
*« Anomalous health ee in personnel, only 

in zero-field (zero pot'l gradient) areas! 

« Four U.S. Presidents requested Soviets cease 
= Cut from 18 watts/sq cm to 2 

™ Then again increased 
* No one could understand what was going on 
¢ Aluminum screens were placed over windows 
* Moscow was declared a hazardous duty zone 


© wos, 90 Te ween 
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ed Pentagon EM! Studies, 1989 


Washington Post, 22Jan 1989, p, A4 
= Analysts of severe EMI effects in strike on Libya, 1986 
— performed major 3-year, 66-man study 
— Blamed effects on U.S. forces’ own signals 
- Did not know of any other “signals” present 
- Knew nothing of quantum potential weaponry, energetics weaponry 
= 7-month preliminary study 
— Severe EMI Problem exists 
- EMI shielding often waived in our weapon systems 
- Thousands of conflicts possible 
= Also studied UH60 Blackhawk helicopter problems (which were 
due to its lack of good EMI shielding, and not quantum potentials) 
= uncommanded turns 
~ Five EMI crashes 1982-1989 
-— $175 M program to shield it 
So found that U.S. transmission combinations can 
- Affect aircraft flight control 
— Turn off fuel supply 
- Cause uncommanded dive/tum 


- Bring down U.S. warplanes 


* Actually, Libyan EMI was induced by Soviet quantum potential tests 
Which can do all those things and much more @ 1996 TE BEARDEN 
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The Tom Bearden Website 


The Tom Bearden 


Website 


EM Missile Practice 


EM Missile Practice 
Latter Sept. - Early Nov. 1996 
Melbourne, Australia 


Deception: Using EM Missile to Reinforce 
Notion of SAM Attack 


Saturday evening, Nov. 16, 1996 


Intelligence Probe: Insuring U.S. Still 


Unaware of Energetics Weaponry 
Thursday, December 12th, 1996 


EM Missile Strike, Offset from Night 


Shuttle Launch, Cape Canaveral, Florida 
The Smoking Gun in November 1985 


Distant Operator Onsite in Russia Slew 


Away Registration Point 
Marker Beacon over Night Shuttle Launch, 
26 November, 1985 


EM Missile Practice and Deception 
November 17, 1996 
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Help support the research 
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EM Missile Practice 


Latter Sept.-Early Nov. 1996 


(Multiple Nights, Multiple Streaks Each) 
(Many Witnesses) 


=~ 500 meters (one case) 


Melbourne, Australia 
Australian Associated Press 
Nov. 2, 1996 
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Deception: Using EM Missile to 
Reinforce Notion of SAM Attack 


Saturday Evening 
Nov. 16, 1996 


Note: Meteor shower was forecast, which 


provided perfect decoy to FBI investigators, 
to steer them off the true scent. 


Pakistan International Airlines 
Flight 712, just after takeoff 
from John F. Kennedy Airport, 
on path similar to that taken by 
TWA Flight 800, July 17, 1996 
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Intelligence Probe: Insuring U.S. Still 
Unaware of Energetics Weaponry 


Thursday 

Dec. 12, 1996 
Pilot sighted what he called 
a “green flare”. 
fede lalel-] mia eM-ay-thu-w- elle a 


Saudi Arabian Airlines 747 

en route from Riyadh, Saudi Arabia 
to John F. Kennedy Airport. 

At 12,000 ft., not far from where 
TWA Flight 800 was killed on July 17, 1996 ream 


FBI: "Probably a meteorite.” 


yw 
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y, 


from Night Shuttle Launch 


Cape Canaveral, Florida 


MARKER BEACON 
Over Night Shuttle Launch 
Cape Canaveral, Florida 


~ 


EM MISSILE STRIKE 
26 NOV 1985 


(LIGHT DEVELOPMENT) 26 Now 1985 


OFFSET FROM NIGHT SHUTTLE LAUNCH Photographed by George Suchary 
PHOTO BY BOB GLADWIN “a re ies 


a 
\ 


EM MISSILE STRIKE 
26 NOV 1985 


(DARK DEVELOPMENT) 


OFFSET FROM NIGHT SHUTTLE LAUNCH 


The Smoking Gun in Nov. 1985 
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a m= Distant Operatoy Onsite in RUSSia 
i SAV AVEM nseisieldom mola: 


MARKER BEACON 


Over Night Shuttle Launch 
Cape Canaveral, Florida 


~ 


26 Nov 1985 
Photographed by George Suchary 


28 Nov 1985 
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EM MISSILE PRACTICE 
AND DECEPTION 


Nov. 17, 1996 at 2220 hrs. 


— a Speed Bird 226 


Lufthansa 405 


ie etsan Vicinity of Long Island, New York 


ry 
of kill of TWA-800. Not far from where TWA-800 was killed 


“Inside gloating” by Two aircraft sighted object 
Aum/Yakuza/KGB. 
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Subdivisions of 
Soviet Energetics 






LIVih 1G s oS TEMS 


Bioenergetics Psychoenergetics 
ieee Boted » Toute Neon 





Energetics 
» Nonliving systems 
» Sca terferometry 


« SWZ Effects 


(2 19967 E BEARDEN 


http://www.cheniere.org/images/weapons/EnergDivs2sm.jpg8.11.2003 1:24:30 


http://www.cheniere.org/images/weapons/GoalCommsm. jpg 


gr Communism's Goal gx 








«War to the hilt between communism and capitalism 
is inevitable. Today, of course, we are not strong 
enough to attack... To win we shall need the element 
of surprise. The bourgeoisie will have to be put to 
sleep. So we shall begin by launching the most 
spectacular peace movements on record. There will 
be electrifying overtures and unheard-of 
concessions. The capitalist countries, stupid and 
decadent, will rejoice to cooperate in their own 
destruction. They will leap at another chance to be 
friends. As soon as their guard is down, we shall 
smash them with our clenched fist." 


Dimitry Z. Manuilst 
Lenin Schou of Poltical Warfare, Moscow 
(circa 1934) 


( 9987 & BEARDEN 
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Manuilsky's Goal 
vs. Status Toda 


Manuilsky, 1934 Situation, Dec. 1996 


= War is inevitable. _mHas not changed. — 
= Not strong enough # Strong enough now; preparations 
to attack now. completed. Need right opportunity. 


















= Need surprise. a Have achieved total surprise. 

= Must put us to sleer a We are sound a 

= Need most spectacular = Done. We think the Russian threat 

« Electrifying overtures, = Done, and still occurring every day. 
unheard-of concessions. Ithas worked beautifully. 












= Capitalists will cooperate. a Ve are cooperating in spades! 
They will leap to be friends. = We've leaped, and are leaping. 

= They will let down their guard.) = No ABM, junked lots of nukes, 

. shrunk our forces to the bone. 

= We'll strike them then. = They would have struck (twice) in 
1997, but for deterence by another 
nation (not U.S.) having QP weapons 

a They are still looking for a risk-free 
opening to strike 











©) 1995, 1997 TLE. BEARDEN 
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Professor Hellman, German Scientist 
» Released from Work in Soviet Union 





=» Worked in Soviet Union after WWII 

= Eventually escaped to Germany, then 
to Brazil (handsome offer) © ves TE cEAnDEN 

= Took part in highly unusual Soviet energetics 
development and experiments 

=» Large areas of the sea could be and were 
suddenly frozen 

= No particular attention was paid fo this 
information by highly qualified scientists 

s/n intelligence terms, this is A-1 information of 
the highest caliber 

= Bohm also was invited to Brazil, which 
started an energetics weapon program. 
Brazil developed such weapons including weak 
quantum potential weapons (0.95 confidence) 
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The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 


Hemispheres of Light 


e March 20th, 1969 
Caribbean and Western North Atlantic 





e Hemisphere and Globes, 1977 
24 March, 1977 


e Virgin Islands Incident 
August 1969 


e Typical Shield Test, Northern Route to Japan 
June, 1982 
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Expanding Hemisphere of Light 


Mar. 20,1969 
Caribbean and Western _ 
North Atlantic ; 


C 


» Semicircle 

‘Milky white light 
«Small, intense at first 
»Dimmed as enlarged 
‘Grew to enormous size 
*Lasted 10 minutes, then 
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, 


Hemisphere and Globes 1977 





“EY VE DEARDEN I 


eee eee 
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1969 Virgin Islands Incident 


8:15 P.M. 
Thurs 


“ug St smooth, curved edge 
Faintly lumin i Seen by many residents ) 
¥ 
Pi: wet 
~ ———* 
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NYPICAl SHIEIG TEST NOMEN ROUTE TO Japan 


, 18-27 km diameter 


Asahi Evening News, Tokyo 
June 22, 1982 


Multiple tests seen per month, for years. 
Pilots simply. ceased reporting them. 
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How Could Such Superweapons 
Ever Be Concealed? 


Arthur C, Clarke's law states: 


‘Any sufficiently advanced technology Is 
indistinguishable from magic." 


To U.S. scientists, “magic’ means "impossible" 


Longitudinal EM waves and LW interferometers 
have been regarded as fantasy and impossible 
To deceive foe on rather open use of unknown 
technology without discovery: 

‘Disguise its Uses as Undersiandable 

acciaents, human error, acts o7 nature 

oiner KNOWN tecnnology, etc. 
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Soviets Easily Concealed These 


Superweapons for Four Decades 
Intensive Soviet deception plan utilized 
— Embedded in other weapon system tests 
— (Wade to resemble natural acts, accidents, etc 
— Open science releases coordinated to show 


Russian scientists worked on “normal science 
West thought Russian scientists inferior 
U.S. scientific community was and Is dogmatic, 
and fiercely Suppresses real scientific innovation 
Terribly flawed electrodynamics not So, 
shaken and changed In West VE nce ms 
West had no basis for understanding energetics 





http://www.chen org/images/weapons/Howhid2sm.jpg8.11.2003 1:25:03 


http://www.cheniere.org/images/weapons/cropped/IndDecaysm. jpg 


Precise spacetime curvature engine adds energyto2Hes «-particles inside atomic nuclei, causing tunneling «-decay 












MAIN 
DISPLAY 


UNIT 
(MOVABLE) 












OPERATOR 


to add energy to STATION 


@- padicies, causing 
@- emission and 
decay 


ma 
N 


I bettered 


Elevation 
View 


Figure 26. Microscope-type, laser-like interferometer for inducing quick a-decay 


in samples of otherwise longer-lived isotopes. © TE CEARDEN 198 
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Longitudinal EM Wave Interferometry: 
Endothermic baaliticla 


Meeting of timed pulses i aeare FERENCE 
causes explosive cooling ? 


Ambient vacuum potential 
in distant interference zone 


a eereeets? 










ovesortr® 


Bias 
ead aa dah dh XMTRIRC VR 


ae a aa 


Electrical ground potential 
of transmitter 


Ce) LE. BEARDEN 1936 





_? emerges a4 emerges 
atransmitter/receiver a transmitter/receiver 
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Longitudinal EM Wave Interferometry: 
Exothermic 


Energy input to Energy input to 
a Se tran &. 


AMTR/RCVR 
= as oe) ground potential 
D, of transmitter 









XMTRIRCVR “= 





Bias Heating in 
\ interference zone, 
(D i a a a ——— 


Ambient vacuum potential 
in distant interference zone 2 


Meeting of timed pulses ye a — 
| cae aeapioning aati nao us - { ~ 
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The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 





U.S. Air Attack on Libya 
April 1986 


e Slide | 
e Slide 2 


e "Washington Post" Article 
January 22, 1989 
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— ONE F-111 DOWNED 
— NUMEROUS WEAPONS WENT ASTRAY 
EM energy arises from every — THREE FOREIGN EMBASSIES DAMAGED 
paint in spacetime bike - SEVEN AIRCRAFT FORCED TO ABORT 
* COMMANDERS: "US ORTHEM?" 


“Washington Post, 22 Jan. 1989, p. A4 
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U.S. Air Attack on Libya in April 1986 


¢ Established OP with the electronics in our aircraft and missile 
e Subtly jammedthem with spurious EMI noise and signals 





m 4 
as -_ 
> 
A 
Longitudinal , Long uairal 
intert Sut 7 interferometry 
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— : = 
Al > sie ed fp 
© LE BeaRDEN 4987 F interferometer 
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e Aircraft on course of 270 degrees 
e Approached "solid wall of lightning” in 
an otherwise cloudless sky 
— From very high altitude to near the water 
— Extended north-south as far as one could see 
e Radar scope clear 
e Rigged aircraft for heavy weather 
e Plunged directly through wall 
e Wall was very thin  cirea 1959-1960 


Interview with Patrol plane commander 


ote U.S. Navy Ps aircraft 
Over Atlantic, 200 miles east of Norfolk 


http://www.cheniere.org/images/weapons/LightWallsm.jpg8.11.2003 1:25:24 


http://www.cheniere.org/images/weapons/Lisitsyn 1 .jpg 





* THEORY DEVELOPED AND FITTED 
* HYSTERESIS MEMORY LOOP 
* CONTROLLED EM INDUCTION 
- IMAGES 
* SENSATIONS 
* PREDETERMINED EMERGENCE 
* 23 EEG BANDS 
- upTo81x107"Hz 
* 41 INDEPENDENT CHANNELS 





A Like, “New Approach wm the Analysis of Eber money bologrmns," 
DO Report ALSO, p. Lies, 


Ci iall bev erc ATs 1A TE, Oe 
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. Large Longitudinal EM Wave 
° Interferometer (LWI) Accident 


e 1958 nuclear explosion near Urals 
— Contaminated 1200 square kilometers 
= Signature of large LVVI accident 


— Buried atomic wastes suddenly exploded 
= Region contaminated to this day 

e Soviets were well along with advanced LW 
prototypes and testing 2) EAROEN woo 10 


— |n Jan. 1960 Khrushchev announced these 
forthcoming fantastic weapons 


— 1958 difficulties would have been resolved by 1960 
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ska Large Longitudinal EM Wave 
Interferometer (LWI) Accident 


e Expected cause of 1958 accident 
— Huge LVV energy beams builtup 
— Catastrophic shortout in transmitter 
— _LVV energy flashed over into earth and spread 
— Struck and fissioned stored nuclear wastes 
e Developed new safety circuits mane 0 


— For transmitter shortout, instantly activates to hold 
VV beam energy and prevent flash-over 


similar accident happened in 1966 at Chernobyl, 
except private U.S, group blew that transmitter 
to prevent catastrophic quake in Califamia 





http://www.cheniere.org/images/weapons/cropped/sm%20LWI-58-2.jpg8.11.2003 1:25:33 


http://www.cheniere.org/images/weapons/LWinterfsm.jpg 


(Use of Hidden Information Content of the Field) 
(Can Provide Action-at-a-Distance) 















Note: 
Whittaker's 1904 Interference Zone 
initiated the enti re freld (Potential gradients) 
of superpotential theory. Normal EM Energy: 


May be positive, or 
negative, or fixed 









Hidden 
Bidirectional 
EM energy flow 


Hidden 
Bidirectional 
EM energy flow 


Scalar Potential 
Beams 


Whittaker/Ziolkowski 
Transmitter Arrays * 


© TE Beaden 1994. 1999 ( 8 to 20 harmonic wavepairs each ) 


Figure 5. Scalar potential interferometry (between the two sets of bidirectional 
longitudinal EM wavepair functions) produces all EM force fields and waves. 


http://www.cheniere.org/images/weapons/LWinterfsm.jpg8. 11.2003 1:25:38 


http://www.cheniere.org/images/weapons/MADtypessm. jpg 


S89 Two Types of Mutual Assured 










= Sane system: 
= Turned off or on standby 
s Wait until attacked or attack is imminent 
=» Humans consider situation, make strike decision 
= Command order issued to weapons officers 
= Human finger initiates launch sequence 
=» Usually requires code entry, etc. for assured launch control 
« Insane system: 
— Computer periodically (e.g., every 2 hours) initiates launch 
= portal Back quence, there is a period (say, 2 min.) where 
ors can enter stop order (usually coded) 
~ f correct stop not entered, weapons atonereery launch 
— if correct computer resets after 
another ote abonn sutomebical lly reinitiates the launch sequence 


ig) oe ee TE Bee 
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sid pra ach Weapons Teams 
<@s> Mentally Disable All Personne! 
(COUNTERS ALL SANE MAD SYSTEMS) 
(NULLIFIES HUMAN COMPONENT OF ALL WEAPON SYSTEMS) 

























ELECTRICAL —™—™~ 
THOUGHT-WORDS 

ARISE DIRECTLY _ 
IN BRAIN, HENCE f 
IN MIND, BYPASSING | 
- SENSORINPUTS _ 













Effects arise in local spacetime, 
simultaneously in all minds in 
the targeted area 





* Site personnel insta 


conroled. 


+ Distant weapon controller 
teams coord crew actions 

* Standdown insane weapons to 
maintenance standby. 

* Mindsnapper then strikes, 
kills all personnel, and 
nullifies site for months. 


indicators: Two A-10 incidents 1997, LIDA device since 1950s, (©) ree TE BEARDEN 
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Strikes Against Special Ship x 


and Energetics Weapon Sites 


e Via powerful scalar EM pulses in each targeted area, so sharp time-4erks occur 
= Mind and its operations exist in time but not in 3-space 

- Coupling interaction of mind operations to body occurs through flow of time 
= Flow or change of flow of time must be smooth, for coupling of mind to body 
Sharp jerk in time flow snaps mind's coupling to body, instantly separates mind 
instant death for every virus, bacterium, cell, insect, mammal, living creature 

e Contaminates struck sites for months, perhaps a year 








Note: In other words, this is the part of the Tabs ra barrage” 
that attacks the enemy's response ri lity (i.e., his “artillery” G) T.E BEARDEN 1396 
and his “airpower") and suppresses it The use of the 
“mindsnapper” weapons provides 100% assurance of success, 


http://www.cheniere.org/images/weapons/MSnap1sm.jpg8.11.2003 1:25:51 


http://www.cheniere.org/images/weapons/Mindsnp2sm.jpg 


"MINDSNAPPER" ATTACK ON SPECIAL 
SHIPS & ENERGETICS WEAPONS SITES 











“We have a new, fantastic weapon... owerful that, | if 
oo laa mia e could wipe out tal life on earth.” 


ty einntobreddin, AA 7 
\ a speak eh oPresidium, Pal 
\ y 
NS Sv / iz 


() 1008 TE. BEAPDEN ma, 





a= > —— Minds snapped loose from 
bodies (every living thing) 
Struck areas completely 
sterilized of all life 

LWs emitted; slow decay 
of tim e-charge makes 
TARGETED contamination persistent 


AREAS * Tested twice in Afghanistan 
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The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 





How Much Off Guard Are We? 


e Slide 1 
e Slide 2 
e Slide 3 
e Slide 4 
e Slide 5 
e Slide 6 


e Slide 7 
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How Much Off Guard Are We? 





a me roc U.S. forces have no energetics weapons or 
defenses against them 


=» No DoD general, military officer, or enlisted person 
reporting to the government of the United States has any: 
= Training in energetics or energetics weapons 
— Experience in energetics or energetics weapons 
development and usage 
— Training in strategy, tactics, deployment, and 
employment of energetics weapons 
- Knowledge of energetics weapons effects and 
capabilities 
— Knowledge of the energetics werner tactics, 
deployment, and employment by the KGB/Russians 
« Civilian and military, scientific and intelligence, and news 
media personnel do not oc energetics weapons 
effects happening right over their own heads Ow 1: x0. 
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ow Much Off Gua Wy 


® Kill of U.S.S. Thresher in 1963 not recognized. Left signatures. 

= 23 years of KGB weather engineering, particularly over U.S. and 
North America, ignored and not recognized. 

= Decades of irradiation of U.S. Embassy, fatally injuring three U.S. 
Ambassadors, health changes in personne! shrugged off ineptly. 

= Massive building of underground sites, all through former 
Soviet Union, lamely speculated as perhaps "ABM" system or?. 

= 7985, 1986 Soviet kills of U.S. aircraft, spacecraft, personne! ignored 
as "accidents" by legitimate U.S. communities. 

= Quantum potential strike on soldiers in Gulf war ignored. 

= cure potential deterioration of U.S. populace's immune systems 
ignored, 

= Exchange of earthquakes and massive retaliatory destruction of 
Soviet missile ammunition storage sites, 1986-1989, iqnored. 

= U.S. scientific and military communities adamantly refuse to rework 
electromagnetics, though known to be seriously flawed. 

= Refuse to apply Stoney/Whittaker work to engineer hidden variables, 
even though present quantum mechanics aiso known to be wrong 
because it does not contain such “hidden order.” we 4 TE AREEY 

= Refuse to develop, structure, and apply Bohm's quantum potential, 
for instantaneous action at a distance. Russians developed it. 
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How Much 
Off Guard Are We? 


® Kill of U.S.S. Thresher in 1963 
— Not recognized. 
— Left signatures. 
@ 23 years of KGB weather engineering 
— Particularly over U.S. and North America 
— ignored and not recognized. 
® Decades of microwave irradiation of U.S. Embassy 
- Fatally injured three U.S. Ambassadors 
= Induced health changes in personnel 
= Shrugged off ineptly. ae 
@ Massive building of underground sites 
= All through former Soviet Union 
— Lamely speculated as perhaps "ABM" system or?. 
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How Much 
Off Guard Are We? 


®@ 1985, 1986 Soviet kills of U.S. aircraft, spacecraft, 
personnel ignored as “accidents” by legitimate 
U.S. communities. 

® Quantum potential strike on soldiers in Gulf war 
not recognized, ignored. 

© Quantum potential deterioration of U.S. 
populace's immune systems ignored. 

@ Exchange of earthquakes and massive retaliatory 
destruction of Soviet missile ammunition storage 
sites, 1986-1989, ignored. 
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How Mueh 
Off Guard Are We? 


@ U.S. scientific and military communities adamantly 
refuse to rework electromagnetics, though known to 
be seriously awed. 

® Refuse to apply Stoney/Whittaker work to reer 
hidden vari , even though present how 
mechanics also known to be wrong because it does 
not contain such “hidden order.” 

® Refuse to develop, internally structure, and apply 


Bohm's quantum potential, which gives 
instantaneous action at a distance and great energy 
amplification. — 





@ Russians de d quantum potential weapons, 
which obsolete ail other weapons. Oma se noo 
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Re 


_ JUST HOW MUCH OFF GUARD ARE WE? 





Kall, of 


US: 


From The Huntsville (AL) Times 18 Sep 96: 


“Retired Gen. Wayne Downing concluded that U.S. forces 

- are so far superior to potential foes that opponents have 
turned to terrorism as the only way of challenging them." 
The Times also provided the information that 

Defense Secretary William Perry agreed wey 

Gen. Downing's conclusion. 


Kall of 


Arm L i 
Tom io 


fe) hee To 
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QQ JUST HOW MUCH OFF GUARD AR 
Sa 












Blind Euphoria to Even the Ballistic Missile Threat 

e U.S. National Intelligence Estimate (NIE) released in Nov. 

1996 states there is no foreseeable threat to the U.S. from 
“indigenous missiles” for at least 15 years. 

« Clinton has claimed a program for ABM defense is too 
expensive, would violate ABM Treaty with former USSR. 

« Soviets developed an ABM system in violation of the treaty. 

«In June 96 Russia test-launched an SS-19, their 26th ICBM 
test in 5 years. 

e "Russia still retains and is ig twig be vast nuclear 
arsenal... still the only nation of earth that could destro 
America in a matter of minutes. Indeed, given the weakness 

of the Russian Army, Russia's sy ol dg ambitions rest 

more than ever on its nuclear capabilities.” * 

* “For the first time since the dawn of the nuclear age, there is 
not a single Russian missile pointed at America's children.” * 

Comment: Punch a computer button and the missiles are 

pointed! The armed missiles are still there, ready and waiting. 

Bulleted info courtesy Washington Inquirer, June 24, 1996. * House Nat'l Security Chrmn, Floyd Spence. 

© 8 Te om oe ** Bill Clinton, State of the Union Message. 
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Propagation of Weapon Effects 





= All conventional weapons use propagation 
through 3-space of matter or energy or both 
- Matter (bombs, missiles, projectiles, etc.) 
— Energy (EM force fields, sonic force fields, etc.) 
- Basically one-to-one, or one "bus" to many-on-many 
— Finite propagation velocity v: where 0<v <c 
- Time delay: Shielding and pre-strike retaliation possible 
= Structured Structured quantum potential propagates 
vacuum ordering (vacuum engines), instantly 
- Zero time delay (through multiply-connected spacetime) 
= No propagation "through space", no "velocity" as such 
~ Easily one-to-many, without limit 
- Dramatic energy amplifier (gates, amplifies flux ordering) 
- Effects arise in local spacetime; no shielding possible 
~ No range limit, since striking distance always zero 


= QP weapons obsolete all other weapons 


BS, PETE Hees 
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Yugoslav Earthquake, Apr. 15 
Followed by Cold Explosion [1979 


Magnitude 7.2 on Richter scale 
Epicenter 33 km. deep 
More than 100 aftershocks ME aie . r SY 
At Kamenari: abet. |: 
am aXe lGt-\i(ome-1-7-Mitlet-jslcelelisl-le mele 
ae Stoel celiticomeleitiem—<sjieh ies 
ame) (¢ litt -me) mr mere) lem > de)lel-jie)s 
> Similar to Apr. 1984 test off coast of 
Japan, near Kurils (see inset graphics) 
Note that April is a significant test 
apke)enigmse) mm tgi-mOroleslssieiali-je-m(e)e-)er-lsigre 
e) bi (ed t=] c=) ele) eee) mn \'/-)\ a y= Nae) 


OFF JAPAN, NEAR KURILS 
“ f--> : s 





http://www.cheniere.org/images/weapons/QkColdexpsm.jpg8.11.2003 1:26:34 


http://www.cheniere.org/images/weapons/QPCountrsm. jpg 


COUNTERING AN INSANE QP WEAPON: 


Quantum Potential Psychoenergetics 


<@ Strike Mentally Controls All Personnel 


CONTROLLED PERSONNEL DISABLE INSANE QP SYSTEM 
(FOLLOWED BY PERSONNEL KILL OF ENTIRE CADRE BY MINDSNAPPER) 


Bey 00K 


Effects arise in local spacetime, 
simultaneously in ail mindsin 
the targeted area 














(<) 10m TK. ta tow 
2) 


MINDS ARE INSTANTLY eLED 
INTO WAKING-- BUT DEEP 
HYPNOGOGIC TRANCE 

STATE INSERTED THOUGHTS 
ANALOGOUS TO HYPNOTIST. 
PERSONNEL FUNCTION IN AN 
ALTERED, COMPLETELY 
CONTROLLED PERCEIVED REALITY. 


indicators: Captain Button's lengthy A-10 incident in 1997, LIDA device since 1950s. 
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Gulf War Disease: KGB QP Weapon Induced 
ST Curvature Engines for a Cocktail of Diseases 





as aes © 1999 T. E BEARDEN 
AAV > 
Distant Scalar Potential 
interferometer with 
iterative self-targeting 


http://www.cheniere.org/images/weapons/QPGulfDissm.jpg8.11.2003 1:26:41 


http://www.cheniere.org/images/weapons/QPotl1sm.jpg 


_.. Self-Targeting in Inner EM . 
<@ Channel Can Produce a 
~" Quantum Potential 












eo; Se) = 


& eo => => => =@ TIME N 
POTENTIALS INTO LASER-LIKE Aynon 
BEAMS, BETWEEN TWO PUMPED SFR SED TERACTIO : 
SOURCES. NOW ONLY PUMPED SOURCES 


fomer lL WAVES CONNECT 
LINKED OBJECTS. @ 100s. Hs, 19007. seamen 
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TIME 2 
TIME N N's are nodes participating 
No inthe quantum potential. 

a. Iterative retroreflection between any pair of b. The quartum potential exists as narrow, laser-like 
nodes narrows the interconnecting potentials beams between participating nodes, even when 
to a laser4ike, bidrectiona beam. Iterative the nodes are widely separated The beam space 

ase conjugate reflection provides self- is multiply-connected; transmission Is instan- 
rgeting. taneous, 
© 199 195 TE BEARDEN 





Consider the hidden Stoney/Whittak er bidirectional EM waves that comprise the 
potential from each source node. If these nodes have sufficient rian ge of 
dynamic material form, then self-targeting occurs between the two nodes of any 
nodal pair. By iterative phase conjugate reflection, the scattering is narrowed 


into interconnecting wavepairs, in laserdike beams, between each two nodes. 
Thus the interconnecting potentials narrow into laser-like, bidirectional beams, 
The Coulomb gauge mayapply, and a quantum potential may be formed. 


Figure 30. Mechanism for generating a quantum potential, by iterative 
self-targeting induced into a system of multiple scattering nodes. 
Once a QP is established, spatial separation has little or no effect. 
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KES Major Principles for Use of 
‘2e" Quantum Potential Weapons 








» Must disable dead-man fuzing prior to massive 
use of scalar interferometry weapons. 

# Must assure immediate, complete nullification 
of unique enemy assets (quantum potential 
assets, special ships, and energetics weapons). 

= Personnel can be destroyed instantly with 
mindsnapping; area is sterilized of life, and 
effect persists, gradually dying away. 

= Personnel can be disabled instantly with various 
psychoenergetic weapons; area not sterilized. 

= Personnel can be destroyed in short order by 
using EM BW weapons; area not sterilized. 

= If foe has energetics weapons, then it is a 

uick-draw "gunslinger" contest unless insane 
systems deployed. 

= Complete surprise is of decisive importance. 

= Tailor effect used to specific target, objective. : 

= Note: Must use "insane" MAD systems to defer. © **'© =*om 
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ES Waantum Potential Weapons: 
ger" Major Principles (Continued) 








= Three major classes of use exist: wat aa 
~—Use of bulk energy only (as in bulk heating or cooling) without 
substructuring 
~ Use of internal structuring of the bulk energy, so that vacuum engines 
appear in target 
-Use of more deeply nested engines allows direct intervention in mind, 


long term memory, perception, thoughts, emotions, personality 


» Use of vacuum engines allows engineering at a distance of: 
- Atomic nuclei including structures, reactions, and transmutations 
- Bulk matter including translations, lattice bonding, chemistry, chemical 
~~ tnteractions, electromagnetic interactions 
~ Beep biological control SYaieus such as 
e s cellular control (recovery) system 
> Popp's cellular control system 
—- Cells including: 
“> Structuring, differentiation and dedifferentiation 
» Genetic changes, chemical changes 
> Induction of disease states without normal disease vectors 


- Min d/matter interface, including long-term memory, perception, 
~ @motion, thought, menta tal state 





http://www.cheniere.org/images/weapons/QPotl4sm.jpg8.11.2003 1:26:56 


http://www.cheniere.org/images/weapons/QPotl5sm.jpg 


Instantaneous Communication by a 
Quantum Potential 






Note: The term 
“quantum potential” 

is used in an @ 1038, 9957.E BEARDEN Selected cipart © by Lotus SmartPics ™ 
extended sense. 
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¢ Separated points are superposed in MCST 

¢ Connection is instant and bidirectional 

¢ Propagation through ST does not apply 

¢ Energy or vacuum engine input to one station 
instantly appears at each and every other station, 
undiminished in magnitude 
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° ak | station may insert energy 


e Phase conjugation insertion 
negates 
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Quake in Tangshan, China 


2B July, 1978 





e 7.8 on Richter scale 
e Hundreds of thousands killed 
e Accompanied by extensive light, 
electrical effects 
= Starting 3 to 5 days before 
= Communications interference 
within 250 ka 
= Sky lighting observed wie 
e [Personal comments] 
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Exchanging Earthquakes) 











- Quebec 25 Nov 88 
- Pasadena 3 Dec 88 

- Armenia 7 Dec 88 
Call - what do you have? 

- Malibu 18 Jan 89 
Four aces 
- Soviet Central Asia 23 Jan 89 
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instant Communication 
by a Quantum Potential 


The space is multiply connected; i.e., a 
power cha of 1 watt on any sin 
node has a ion of that power also 
appear simultaneously at each other 
node. Once the QP is established, 
spatial separation has no effect. 


SATELLITE 
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Westemers Do Not React to Slow Threats 





BOA CONSTRICTOR LIGHTMNG STRIHE 


Westerners tend not to react to slowly increasing things, 
but react to rapidly increasing things. 
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CHARACTERIZING A GIVEN RISK OR RISK FACTOR 
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TECHNICAL RISK MANAGEMENT 


SUPPORT RESEARCH IS TECHNICAL RISK REDUCTION 
AND MANDATORY FOR ANY EMERGING TECHNOLOGY 


piers pai: 
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SUPPORTING TIME 
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EXPERIMENTS AND MATH MODELING 
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Aum Shinrikyo's 
Sarin Facilit 


The interior of Satian No. 7, a suspected sarin production plant 


Chemical pliant (the first four stages for productio: im =) 
— 
qe 

















STEPS 4&5 a acca 
[ave Sth-stape production) 


STORAGE 
Reference: Senate Subcommittee Hearings 
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In Scalar Beam Interf 








° Grdlharyenetgy abpesreordisappeare 
(i.€., may produce heating or cooling) 

e Energy bottle effect 

e Can add or extract EM energy 

« Can produce specific ST curvature engines 
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w Physicist Schappeller a 
Auralaz Munster, Austria: 
— British Intelligence interview, about 1948 
—Used Kaluza-Klein theory 
—-Worked with Russians 
= Schappeller claimed he could: 
—Cause “implosions” rather than explosions 
— Use gravitational and electromagnetic 
energy 
— Cause large areas of the ocean to freeze 
— Tap earth-ionospheric field 
- Produce enormous energy 


= This is precisely what Hellman worked 
on in the USSR, after WWIN 4 wssrexs0s 
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Initial Soviet Plan for 
Cold War, After WW II 





= Develop and deploy SAM bomber ry Shae 


» Catch up in atomic weapons 
=« Master and apply rocketry cHek> 
= Wed atomic warheads to rockets —\/~_.3 
alnitiate "Cold" War _ 
—Bleed the dragon \ JN 
— Guerrilla wars 
— Terrorism 
—Insurgencies — FF 
= Find, develop, and weaponize ~ © 
next ‘great technical breakthroug A 
area as highest national priority 
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Josef Stalin: Absolute Dictator 
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* Secret police and sples everywhere 

* Purged his own officer corps 

«Always deeply suspicious 

* Regularly purged his enemies or those 
perceived to be shaky or untrustworthy 

* Absolute power, justice had nothing to 
do with it 

* Opponents often just disappeared 
in the night, never to be seen again 

* Secret police often tortured, killed them 

* Others sent to slave labor camps to die 
by severe work, starvation, and beatings 
or downright massacre 

* Had experienced unusual abilities of 
Wolf Messing, so knew that some 
persons could do unusual things 

* Forced Soviet weapon physics into this 
psychoenergetics realm also 
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Josef tal in 


= 


melee | ~ 
The Communists slaughtered <i 
20 million Russian Kulaks to 


collectivize Soviet farming Pasamibled Academy 





"The destiny of communism has been frustrated bab U.S. development of the 
atomic bo That is not the dage ebeced technical breakthrough. The next one 
be Soviet! You will provide me with that great new technical through ata 
speed, or / will have your heads. Do! e myself clear, comrades?” 
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Significant 
Soviet Statements 





= "In the final revolution, it does not matter if three-quarters 
of the earth is destroyed, so long as the other quarter 
emerges communist.” [Lenin] 


= "if a means of total neutralization of foreign missiles is to 
be found, it can only come from a group of new principles 


in physics, called energetics.” [Nobelian Petr Kapitsa, to Nikita 
Khrushchev, in answer to Khrushchev's demand for a 100% method of 
defense against long range missile attack.] 


= We will bury you." /Khrushchev, to Nixon, Kitchen Debate] 


=» “We have a new weapon, just within the portfolio of our 
scientists, so to speak, which is so powerful that, if 
unrestrainedly used, it could wipe out all life on earth. 
It is a fantastic weapon." [Khrushchev, speaking to the 
Presidium, Jan. 1960] eps 
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T-Polarized Beam Projector 


For intercepting and Distart Masses 
at Various Angles and Distances 


A beam projector interferometer Spacetime 
may be swept in azimuth and curvature 
elevation, under computer control. engines act 
The interference zone can be within any 
quickly swept through the intercepted 
surrounding volume of space. mass 









Interference 


zone for 
= time-density 
2 waves 
 . 


Lae 
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Launches from Cape Canaveral 
and Vandenberg AFB 
Provided Practice Targets of Opportunity 
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Film Radiation Detectors 


ES 


me SEE 


- =- Experimental Region 






Figure 32. Embodiment of an instrumental array sufficient to discriminate when 
time-density charging has occurred, and that transduction of time-charge 
decay is occurring. @ TE SEAaRDEN 19% 
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Time-Polarized EM Wave a eter reat Space 
Time Curvature Engines in a Distant Interference 
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Transmutation of Radioactive Nuclei at a Distance 


Interferometer (may be multiple 


beam or single beam) is 
ss d throu 
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the radio- 
nuclear 
wastes to be neutralized. 
Specific engines may be used 
for altering specific sotopes. 
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Waveset 2 
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Transmutation of Radioactive Nuclei (2) 


Active Spacetime 
Spacetime Curvature Engines 
Specific spacetime curvature curvature Zone of action 
engines used are to add excess engines act \ 
energy to selected radio- within an 
nuclei, including intermediate 









n intercepted 
ecay isotopes. In this way, radioactive 
decay is dramatically speeded wastes, adding 
up. excess energy 
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1YPICAl SHIEIG JEST, NOTE ROUTE TO Japan 


18-27 km diameter 








Asahi Evening News, Tokyo 
June 22, 1982 


Multiple tests seen per month, for years. 
Pilots simply.ceased reporting them. 
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To win its freedom in the long run, usually a group must 
defeat its attackers or suppressors af /Jeast twice. 
* We fought the British twice for our independence. 


We are fighting ourselves twice to free the 
Slaves. American Civil War 
- Civil rights struggle 


We beat the Germans twice, in WW | and WW II 


* We beat the Hispanics in the Spanish-American War. 


eee (They're winning the second by crossing 
r. The U.S, is becoming a Hispanic Nation). 


_But we also have some unfinished business at hand. 
* We checked the Russians in the Cold War. Once. 
* We checked the Japanese in WW Il. Once. 
* We checked the KGB in the Cold War. Once. 
* We checked the Communists in the Cold War. Once. 
+> We checked Saddam Hussein in the Gulf War. Once. 


i) ete ope 
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ons a Scalar EM Interferometer 
“5 (LASI) Accident Near Urals, 1958 


= 1958 nuclear explosion near Urals 
= Signature of large scalar interferometer (LASI) accident 
=— Buried atomic wastes suddenly exploded 
=- Large region contaminated to this day 

= Soviets were well along with advanced LAS] prototypes 
and testing 
— Khrushchev announced forthcoming advent of these "fantastic" 

weapons in Jan. 1960 

— 1958 difficulties could have been resolved by 1960 

# Expected 1958 cause: transmitter short-out and 
failure in a nearby LAS! discharged its cumulated 
energetics beam energy into the ground 

= Spreading ground pulse struck nearby atomic wastes, 
fissioning nuclei 
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THE KGB/YAKUZA-AUM WAR PLAN 


LEASE 





1990.91 
Aum/Yakuza 
Acquired 
Use of on-site 
Russian 
Scalar EM 
(Energetics) 
Weapons. 
Began 
Geosurvey 
of Test Range 
(Western 
Australia) 
for training. 
KGB Tested QP 
population wen 
(Gulf War 
Syndrome) 


@ 1am, ae TE BEARDEN 





1991-94 


Began extensive 
training of AUM- 
Yakuza crews 

in Russia, with 
practice firing 
into Western 
Australia. Jteam 
took over worild- 
wide weather 
engineering. 
Preparing for 
occupation of 
West Australia. 


80% of targeted populaces in first hour of strikes. 
TRAIN 


ESCALATE 
\ 





\ 
< 


1995-99 


Began EM kill of selected 


tone U.S. targets, law 
strategic deception plan, 
U-2afc? USAIr 7477 
TWASOO C-130 
ValueJet? A-10s 
Surged electrical grids, 
Worldwide practice kills, 
scalar interferometry. 
QP modification of 
selected pathogens 
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Dud all quantum potential weapons in other nations via psychoenergetics. 
Remove U.S., Israel, Brazil, West Europe as military powers. 


Destroy nuclear weapons, hostile e etics weapons, hostile ships, 


STRIKE! 







Enhance BW infections with OP wpn. 
When ready,counter insane OPweapons 
with psychcenergetics, Destroy QP wens. 
Dud all nuclear weapons worldwide; 
Time-snap ships, scalar weapons sites; 
Attack major target populations w/OP. 
Then cleanup with interferometry strikes. 
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Why Western Science is 
Ignorant of KGB Energetics 
Foundations of electrodynamics and much of 
Western physics are seriously flawed 
Only just rediscovering longitudinal EM waves 
No knowledge of using time-polarizead EM waves 
Does not know a powerful GR Is hidden in EM 
Ignores inner structure of potentials, waves, fields 
Hotly defends errors, ignores for a century 
Determined to push big nuclear science 


Suppresses research to approved dogma by 
slefelmelelsihYmexe) alive) iiialem eleclet-t-ih avanti RESEIEr the 
funds can be used for 
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Transmutation of Radioactive Nucile/ at a Distance 


Active Spacetime 
Curvature Engines 
Interferometer (may be muitiple Spacetime Zone of action 
beam or single beam) is curvature bs 
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engines act 
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for altering specific Eotopes. 





Waveset 1 
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THE YAKUZA 


THE YAKUZA 


(JAPANESE MAFIA) 


To do business with Japan is to do business with the 
Yakuza 





The Last Samurai, Defending Bushido 


e 3 Major Yakuza Groups, In 
Coalition. 
e Penetrate Japanese Government. 
e Open Offices, Signs on Street. 
e Public Romanticizes Yakuza as 
Last Japanese Samurai 
e In Large High-Tech Corporations. 
e In Control of Japanese Banks. 
e Japanese Real-Estate Rip-off. 
e $500 - 1,000 Billion per Year 
Income. 
e Rapidly Spreading in U.S. 
e Uniting Mafia Groups Worldwide. 
e Coalition with Aum Shinrikyo. 
e Leased Russian Energetics 
Weapons. 
e Crews On-site in Russia, Trained. 
e Practice Firings into Western 
Australia for Three Years. 
(Dozens of Shots per Month) 
e Now in Escalation Phase, Killing 
U.S. Targets. 
e All-out Strike on U.S. ready 1999- 
2000. 
e Now held in check by KGB, dead- 
© 1995, 1996, 2001 T.E. BEARDEN man 
fuzed by small nation friendly to U. 
S. 
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Yugoslav Earthquake, 
Followed by Cold Explosion [if 


=» Magnitude 7.2 on Richter scale 





=» Epicenter 33 km. deep Sree eee 

= More than 100 aftershocks Mii SS, 

s At Kamenari: ‘i 7 | 
- Adriatic sea mushroomed up SS 
— Like atomic bomb explosion ~ RRA COLD EXPLOSION 





— Signature of a cold explosion 


— Similar to Apr. 1984 test off coast of Japan, near 
Kurils (see inset graphics) 


= Note that April is a significant test 
month for the Communists (preparing 
official reports for May Day?) © 12 weston 
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SCALAR WEAPONS 


UNDERSTANDING THESE MAKES IT EASIER TO UNDERSTAND THE NATURE 
OF THE AETHERS. WE'LL START WITH TOM BEARDEN'S FACTUAL INFO 
ABOUT THE RESULTS OF THE RUSSIAN'S SCALAR WEAPONS PROGRAM 


http://www.cheniere.org/books/ferdelance/intro.htm 





THE RUSSIANS USED SCALAR WEAPONS TO BLOW UP THE CHALLENGER 
SPACE SHUTTLE, A NUMBER OF OTHER LAUNCH VEHICLES, VARIOUS JET 
AIRPLANES, MODIFY THE WEATHER AND KILL UNTOLD NUMBERS OF 
BIRDS & FISH, WHICH HAS HAPPENED AGAIN RECENTLY. HAARP DEVICES 
CAN DO THIS. 


SIMPLY PUT: A SCALAR WEAPON IS A FIGURE 8 WAVE FORM THAT IS NOT 
IN HARMONY WITH AN AMBIENT AETHER, IF POWERFUL ENOUGH THE 
SCALAR WEAPON CHANGES THE SIZE OF THE BACKGROUND SCREEN 
AETHER, WHICH THEN NO LONGER SUPPORTS THE MANIFESTATION OF 
MATTER, WHICH DESTABILIZES AND EXPLODES. 


THE REASON WE ARE NOT ALL SPEAKING RUSSIAN IS BECAUSE THE MOST 
UNSTABLE MATTER IS IN NUCLEAR WARHEADS - DESTROYING THE 
ENTIRE WORLD IS NOT WINNING A WAR. PROVIDED, OF COURSE, THAT 
YOU LIVE ON THAT WORLD - THERE IS EXCELLENT EVIDENCE THAT A 
SCALAR WEAPON WAS USED TO DESTROY THE BIG BEAUTIFUL PLANET 
WHERE THE ASTEROID BELT IS NOW. THAT'S IN THE BOOK "COSMIC 
WAR". 


GIGGLE, LAUGHING MY ASS OFF AT THIS ONE FROM BEARDEN: 


It has also become fashionable in the West to believe that all the laws of physics are 
already discovered. We assume we already know all of them. While we have been 
pridefully crowing this tune, the Soviets have been steadily discovering new laws in 
secret, as well as new ways to circumvent the old laws. 


THE SAD PART IS THAT IT HASN'T CHANGED - WESTERN SCIENTISTS ARE 
IDIOTS WHO ARE LEADING THE WORLD INTO DESTRUCTION. OR SITTING 
BACK AND WATCHING THE DESTRUCTION, WRINGING THEIR HANDS AND 
SAYING THAT FUKUSHIMA RADIATION WILL BE WITH US FOR 1000s OF 
YEARS. B.S. THERE ARE A NUMBER OF ENERGETIC WAYS TO CANCEL 
RADIATION INSTANTLY. 


BEARDEN TAUGHT ME ABOUT SCALAR ENERGY - BUT, THEN HE HAS 
STARTED PARROTING LAME STREAM PHYSICS - PROBABLY TO KEEP HIS 
HEAD FROM BEING SEPARATED FROM HIS BODY BY OUR CONTROLLERS. 


SCALAR WEAPONS ARE DESCRIBED IN A NUT SHELL ABOVE. BUT, WE'LL 
EXPAND IT A LITTLE - THE SIMPLE FACT THAT THEY WORK IS PROOF 
THAT THE AETHERS IS THE BACKGROUND SCREEN THAT SUPPORTS THE 
MANIFESTATION OF MATTER, WHICH IS ALL DIVINE LE. MADE FROM 
IMAGES. 


THE AETHERS PROGRESS IN SIZE ACCORDING TO THE FIBONACCI SERIES, 
BECAUSE EVERYTHING FROM THE QUANTUM TO THE COSMOS MANIFESTS 
ACCORDING TO THE FIBONACCI SERIES - ITS ALL FRACTAL LE. A 
RECURRING MATHEMATICAL PATTERN, THAT IS PERFECT THROUGHOUT 
CREATION. HERE'S THE PROOF - OUR ENTIRE GALAXY IS IN PERFECT 
HARMONY WITH ONE NUMBER = RIDICULOUSLY AMAZING 


http://blog.hasslberger.com/docs/PERFECTION.pdf 





THUS, IF YOU CHANGE THE BACKGROUND SCREEN, THEN MATTER HAS TO 
CHANGE = THE RESULT OF USING A SCALAR WEAPON. 


THE PRECISE WAY THE WEAPON WORKS IS TO IMPOSE A MAN MADE 
SCALAR WAVE ON AN AREA OF SPACE. GIVEN ENOUGH POWER TO THE 
SCALAR WAVE, IT WILL CAUSE THE AETHER IN THAT AREA TO MATCH ITS 
SIZE (LIKE ATTRACTS LIKE). WE ARE TALKING UNBELIEVABLY SIMPLE. 


YOU CAN MAKE ONE YOURSELF - AMAZINGLY THE REQUIRED WINDINGS 
OF A SCALAR PRODUCING COIL CAN BE USED AS A WEAPON OR FOR 
HEALING - ITS CALLED A RADIONIC WITNESS WELL WHEN USED FOR 
HEALING. 


TO MAKE A WITNESS WELL ONE WINDS INSULATED WIRE AROUND A GAP 
IN SPACE I.E. THE CENTER OF A TORROID. THE WIRE IS WOUND TO THE 
LEFT AND TO THE RIGHT. THE MORE WINDINGS THE MORE POWERFUL. 
AND, OF COURSE, THE POWER OF THE WAVE IS A FUNCTION OF THE 
POWER OF THE DC ELECTRICITY USED TO ACTIVATE THE DOUBLE WOUND 
COIL. SUCH A COIL PRODUCES A FIGURE 8 WAVE THAT IS THE SIZE OF THE 
CENTER OF THE COIL. IF THAT SIZE HAPPENS TO BE THE SIZE OF AN 
AMBIENT AETHER, YOU'RE NOT GOING TO HAVE A WEAPON. 


IF YOU MAKE SUCH A COIL FOR HEALING, POWER IS NOT REQUIRED, IT 
AUTOMATICALLY CONNECTS WITH THE AETHERS IN A POSITIVE WAY. 


IF YOU MAKE IT AS A WEAPON ADD LOTS OF POWER AND BE A LONG 


WAYS AWAY, WHEN YOU TURN IT ON. THE DESTRUCTIVE EFFECT IS 
INSTANTANEOUS - I'VE SEEN IT, WE BUILT ONE. 


SCALAR WAVES ARE ALSO REFERRED TO AS PHASE CONJUGATED WAVES, 


MEANING TWO SINE WAVES THAT ARE 180 DEGREES OUT OF PHASE FROM 
ONE ANOTHER. (WESTERN LAME STREAM IDIOTS SAY THAT THOSE TWO 
WAVES CANCEL ONE ANOTHER.) 


ONE SINE WAVE IS SAID TO RUN IN TIME FORWARD AND THE OTHER IN 
TIME REVERSE. AND THERE ARE A NUMBER OF EFFECTS THAT PROVE 
THIS. ONE EXAMPLE: DON BRANDT (ONE OF BEARDEN'S PROTEGEES) 
USED A SCALAR WAVE TO REGROW A LEG ON A CAT (A KID HAD SHOT IT 
OFF WITH A .22), WHEN DON FINISHED, THE CAT HAD ITS LEG BACK AND 
ALL OF THE CLOCKS WITHIN FIVE MILES WERE 15 MINUTES BEHIND TIME 
- THAT WAS THE LAST TIME HE PLAYED WITH THAT. 


IN 2-D THERE IS NO LINEAL TIME. 


BOTTOM LINE: SCALAR WEAPONS PROVE THE NATURE OF THE AETHER 
AS THE BACKGROUND SCREEN - IF THAT WAS NOT SO, THEN SCALAR 
WEAPONS WOULD NOT WORK. 


ALSO, SCALAR WAVES THAT ARE IN HARMONY WITH AN AMBIENT 
AETHER ARE VERY BENEFICIAL AND USEFUL - A BEE'S HONEYCOMB IS 
AN EXCELLENT EXAMPLE. DITTO GRAPHENE. 


LOVE AND BLESSINGS 


PS: THERE HAVE BEEN A NUMBER OF HUMAN "CIVILIZATIONS" IN THIS 
SOLAR SYSTEM AND ON THIS PLANET. OUR CONTROLLERS LIKE US TO BE 
STUPID, BECAUSE IT SEEMS THAT WHEN EVER WE MAKE GREAT 
TECHNOLOGICAL ADVANCES OR SPIRITUAL ADVANCES, THEN THEY WIPE 
US OUT. WE ARE AN ENTERTAINMENT SLAVE SPECIE. 


THIS LAYS OUT HOW OUR DREAMS / ANUs ARE SHARED WITH OTHERS 
AND THAT JESUS' ENERGY IS FOUNDATIONAL 
http://blog.hasslberger.com/docs/GOLDFISH JESUS REVELATIONS.pdf 














THIS IS FUNNY AND SHOWS THAT THE EARTH IS THE BEST 
ENTERTAINMENT SYSTEM IN ALL OF GOD'S CREATION: 
http://blog.hasslberger.com/docs/EARTH_WINS.pdf 








OH - THE CHEMTRAILS WILL KILL JUST ABOUT EVERY LIVING THING ON 
THE FACE OF THIS PLANET, IF WE DON'T START MEDITATING AND 
BUILDING ORGONE DEVICES, WHICH HAS TO BE DONE EVEN IF THEY STOP 
SPRAYING BECAUSE THE EFFECTS OF THE CHEMTRAILS CAN AND WILL 
CARRY ON, EVEN IF THE SPRAYING STOPPED. 


Scalar Wars 
The Brave New World of Scalar 


Electromagnetics 
by Bill Morgan 


For the past six months I have been undergoing the greatest 
paradigm shift I have ever had to go through. It has rattled my 
nerves and shaken my bones. This intense adjustment of my 
"world" has come about by studying the information given by 
Col. Tom Bearden at his website Cheniere. The new knowledge 
there has necessitated a total revision of my ideas about physical 
reality, the world we live in, and the future of humanity. This 
paradigm shifting even actually made me dizzy on certain days 
as I tried to absorb and digest Bearden's vast amount of 
information. I am not a scientist at all, just a layman, and I have 
little comprehension of the math and high physics of this new 
science called "Scalar Electromagnetics." But there is a great 
deal of information at Cheniere which needs to become 
common knowledge as fast as possible, for the sake of the 
survival of life on earth. To that end I have put together this 
small primer of Bearden's ideas, as a kind of "beginner's guide" to his website. (I have tried to 
underline certain words and phrases which are part of the new "jargon" of talking about these 
"new" phenomena. Also I have taken the liberty of bolding certain words and phrases to help 
them stick in the mind). 





(Note: Throughout "EM" means "electromagnetic," and "LW" means "longitudinal wave ") 
This article has six sections: 


New Waves 2. Tapping the Waves 3. Weaponization 4. Healing 5. Psychoenergetics 6. As It Stands 





1. New waves discovered 


Longitudinal EM energy fills vacuum of space, the time domain of spacetime, time as compressed energy, E=tc2, 
waves of time, phase conjugate wave pairs. 


"Electric power is everywhere present in unlimited quantities 
and can drive the world's machinery without the need of coal, 
oil, gas, or any other of the common fuels." Nikola Tesla 


“At any point and at any time, one can freely and 
inexpensively extract enormous EM energy flows directly 
from the active vacuum itself." Tom Bearden 


I guess the first thing to try to comprehend is that a "new" kind of 
electromagnetic (EM) wave has been discovered in the empty 
vacuum of space called “longitudinal”? waves, which, when 
engineered, can be an inexhaustible supply of energy in great 
magnitude at any place in the universe. The word "new" is in 

quotes because the discovery really goes back to Nikola Tesla and 
his discovery of what he called "radiant energy." It is also not 

"new" because the Russians (KGB) have been working on this 
technology for over 30 years and have weaponized these "new" 
longitudinal scalar waves to a great degree. 


These are the very weapons Nikita Khrushchev spoke of in 
January, 1960. 





"By 1957-8 the Soviets had progressed to the point of a giant scalar EM accident in the 
Urals which exploded nearby atomic wastes, devastating the area. They had also 
progressed to development of great new superweapons using their new energetics - 
weapons to which Khrushchev referred in 1960 when he informed the Soviet Presidium 
of a new, fantastic weapon in development, a weapon so powerful that it could wipe out 
all life on earth if unrestrainedly employed."" Tom Bearden 


After over 30 years of development, and extensive testing around the globe, these new scalar 
electromagnetic weapons are up and running and ready to go. Tom Bearden, at his website 
Cheniere, discusses the history of these new scalar electromagnetic weapons in his paper 
"Historical Background of Scalar EM Weapons." 


Some Immediate Implications 


The implications of successful engineering of the longitudinal waves are enormous, and 
will change the world as we know it, one way or another. Among other things, these 
discoveries mean that: 


1. The solutions to the energy crisis and the ''oil problem" are in hand. These oil 
wars are unnecessary. There is endless energy available freely from the domain of time. 


2. Unbelievably powerful weapons are not only possible, but are already operating in 
several nations. The many powers of these weapons are unprecedented and mind- 
boggling. 


3. The cure of diseases such as cancer and AIDS, in fact nearly any disease, has 
become possible within a few years of sufficient funding. Everyone can be made healthy 
and stay healthy. 


4. Mind control on a mass scale has now become possible, and the machines to do it are 
already in place in certain nations. It has become possible to mentally enslave whole 
populations with the twist of a few dials. 


So the layman will need to understand that there is a new kind of electromagnetic energy that is 
altogether different from what he knows, e.g. radio, TV, cell phones, etc. The ordinary EM 
waves that we have known about are called transverse EM waves, to distinguish them from the 
new longitudinal EM waves. These scalar waves do not actually exist in our "material" world, 
but exist only in the vacuum of empty space, or the time domain. And we must keep in mind that 
this vacuum of space we speak of exists all through everything. Even our bodies are mostly 
empty space between atoms and molecules. So the gateway to this seething ocean of energy can 
be there at every point in the universe. This seething ocean of energy is all around us and all 
through us. 


Emptiness is Full 


This amazing discovery announces that the "emptiness" of empty space is in fact not empty, but 
a great ocean of seething energy! 


Col. Bearden refers to this ocean of energy as being of the "time domain." It seems like 
something from Star Trek but this is where scalar electromagnetics has come to. And where it is 
going may be beyond anything Star Trek could have dreamed of. 

We live in a 3- dimensional world, which physics calls '"3-space." But there is also spacetime, or 
4-space, or the "4th dimension." Then suddenly comes this amazing new knowledge that time 


itself is actually compressed energy. And it is energy which is compressed by exactly the same 
factor by which matter is considered compressed energy: the speed-of-light- squared! 


So we have a new companion to the famous E=mc2. It is now paired with E=tc2 (where t is 
actually "delta-t," or change in time). Or (amaze your family and friends and) say: 


"E equals em-cee-squared" 
and 


"E equals delta-tee-cee-squared" 


It has a nice ring to it, like some freedom bell announcing a new era. 


And as the atomic bomb released the compressed energy in matter, so can we now unleash the 
tremendous energy that is compressed into time itself. It gives a completely new meaning to the 
term "time bomb." 


Some New Terminology of Scalar Electromagnetics 


A new Science, several new names 


"Those [Russian] weapon scientists resurrected an old term from the history of 
electrodynamics, called "energetics". That is their approach to a unified field theory, 
where everything is based on "energetics". This model as its foundations uses a very 
similar approach to that "single fundamental unit" model, where energy is the unit. If one 
makes the energy EM in nature, then one has the Russian energetics approach. This 
unified approach gathers everything in, including all energy actions and relations in inert 
matter (the first branch of energetics, called by the same name), all field and matter 
interactions in living matter (the second branch of energetics, called "bioenergetics"), and 
all mind operations and mind-matter interactions (the third branch of energetics, called 
"psychoenergetics"). [ed: sometimes also called "psychotronics" by the Russians] 


Rick Andersen in an article called "What is Scalar Electromagnetics?" describes the new science 
this way: 


"Scalar EM is the brainchild of Lt. Col. (retired) Thomas E. Bearden, a systems analyst 
and wargames specialist who has been advocating a view of electromagnetics which is 
based on the notion of a vast, unseen background of scalar energies (as opposed to vector 
energies) which underlie all physical reality. 


"If Bearden is correct in his Scalar EM theory, then we can build devices which would 
enable us to alter gravity, time, inertia, and the apparent mass of an object. This of course 
has ENORMOUS implications for military applications, space- vehicle drives, time- 
travel, teleportation, paranormal phenomena, and just about every other area one can 


think of." http://twm.co.nz/Beard_scalem.html 


"Time- energy, time-currents, and time- structuring play the dominant role in 
electromagnetics. Time-as-energy eventually becomes engineerable, as easily as is spatial 
energy now. We are always dealing with spacetime and with spacetime curvature." 


Bearden: http://www.cheniere.org/techpapers/Vision %202000%20paper.doc 


The scalar energy discovered in the vacuum of space is sometimes called "zero-point" energy. 
Thomas Valone explains how this term came about. 


What does "Zero Point'' mean? 


"Boyer traces the historical “creation of the vacuum” as proceeding in stages in parallel with the 
historical development of ideas about the vacuum. To paraphrase, he says that in the 17th 
century, it was thought that a totally empty volume of space could be created by simply 
removing all matter and, in particular, all gases. That was our first concept of the vacuum. Just 
get rid of all the gas. Late in the 19th century, it became apparent that the region still contained 
thermal radiation. But it seemed that the radiation might be eliminated by cooling. So the second 
concept of getting a real vacuum is to cool it down to zero temperature. Just go all the way to 
absolute zero. Then we’ ve got a real vacuum. Right? Well, since then, both theory and 
experiment have shown that there is a non-thermal radiation in the vacuum and that it persists 
even if the temperature could be lowered to absolute zero. Therefore, it was simply called the 
“zero point” radiation. "Thomas Valone http://www.seaspower.com/InsideZeroPoint.htm 


"For our very survival, it is absolutely imperative that informed 
citizens be aware of this dramatic change, which is just now 
starting. The powerful new science and engineering must be 
controlled and used for humanity's benefit, not its detriment. 
Else it will eventually be let loose unrestrainedly, to destroy all 
life on earth - a possibility indicated by Nikita Khrushchev in 
1960." - Bearden 


http://www.cheniere.org/explore%20articles/priore1/p4.j 








2. Tapping the waves 


Endless free energy, Tesla's radiant energy, the dipole as the gateway to the energy of the void, MEG in one year, 
Bedini, Yakuza, etc. End of Oil, geopolitical chaos, rogue groups 


Move Over G.E. & Big Oil, Energy is Everywhere! 


Third-world nations set to rise 


"Certain powerful interests did not wish the extended electromagnetics to be discovered 
or taught. That, after all, would lead to free energy and loss of economic control of the 
citizens. That was precisely why Nikola Tesla had already been suppressed ... Today it is 
still being suppressed by the orthodox establishment." 


http://www.cheniere.org/books/ferdelance/s25.htm 


The vast seething ocean of energy of the vacuum, the longitudinal scalar EM waves of the time 
domain, can now be tapped and "transduced" into ordinary (transverse) EM energy in our 3- 
Space world. The process can be compared to putting a paddlewheel into a river. The energy 
acquired is free, since the river is there flowing whether we tap it or not. And it is a mighty river, 
and is not diminished by our paddlewheel. 


This means that a permanent solution to the "energy crisis" is at hand, if only those who hold it 
so secret would give it up to humankind. 


It means our species' insane use of oil is no longer necessary. We can make automobiles that 
need no fuel at all. We can build motors that power themselves. It means that unlimited electrical 
power can be available for free anywhere in the world. Every house and even shack can have its 
own power supply. 


Of course there is the cost of the equipment at first, but the energy flow is free for the 
presumably very long life (no moving parts) of the generator. It will probably take decades to 
shift over to scalar power. 


But the ability to tap the scalar (longitudinal) EM waves of the vacuum (which exists 
everywhere) also means that unbelievably powerful weapons can be, and already have been 
developed. In fact these weapons are so dangerous that the fear engendered becomes a 
psychological obstacle to the grasping of the facts. 


I struggled with this myself for months, and even though Tom Bearden had completely 
convinced me already, it is hard to accept the fact that for everyone on earth the "worst that 
might happen" has suddenly gotten much worse. It takes time to deal with that, to realize it and 
get over it. 


Indeed, the possibilities of these new weapons, which are tapping the huge energies of time, are 
so terrifying it is natural for the mind to simply say: "I don't want to hear about that." 


And the government, likewise, pretends these weapons do not exist and tries to keep it secret 
from the people. Because most people would indeed be truly alarmed to know the actual 
situation. Col. Tom Bearden has decided that the people need to know the truth anyway. As a 
People on a Planet we must face this now, and ban the use of scalar weapons in war or in mass 
mind control. The current deployment of these weapons is a world emergency which we must all 
face. 


The physics and mathematics of the longitudinal waves and the time domain are clearly beyond 
the layman, but I recommend scanning through them anyway just to get a sense of the wonder 
and the elegance of it all and some of the exotic terms which are used. Two of the most 
important papers by Col. Bearden are: 


Giant Negentropy from the Common Dipole 


The Final Secret of Free Energy. 


Despite the complexity of the science involved, Bearden sums up the essential secret of it all in a 
few words. 


"There is no problem at all in extracting all the energy one wishes from the active 
vacuum, anywhere in the universe, at any time. Just make a dipole. 


The problem is in (1) catching some of that freely gushing EM energy in a circuit 
containing a load, and (2) dissipating the caught and collected EM energy in that load to 
power it, without using half the caught energy to destroy the source dipole's). 


That is the ONLY real energy problem on the planet, and always has been." 


http://www.cheniere.org/correspondence/022502.htm 


A dipole could be a battery, which is polarized into negative and positive. Or the terminals of a 
generator. Or any magnet with its two poles. Or an atom with its positive and negative charges. 
Or the earth's magnetic field, the sun, and all heavenly bodies. Even a galaxy must be some kind 
of mega-dipole. Wherever there is a dipole there is already immense scalar EM energy ushering 
out of and back into the vacuum. And there have already been demonstrated a number of diverse 
methods for tapping that energy as it flows. John Bedini, Edwin Gray, Bruce de Palma, and 
others). Bearden provides what he calls a "partial list" on his website. 


"In other words, nature then gladly gives us as much EM energy flow as we need, 
indefinitely — just for paying a tiny little bit initially to "make the little dipole." After 
that, we never have to pay anything again, and nature will happily keep on pouring out 
that 3-flow of EM energy for us. This is the giant negentropy mechanism I uncovered, 
performed in the simplest way imaginable: just make an ordinary little dipole." 


Bearden http://www.cheniere.org/techpapers/Unnecessary%20Energy %20Crisis.doc 


How to Buy a Free Energy Machine 


Answer: Just wait one more year! 2003. Then get off the Grid! 


Perhaps the most eagerly awaited event now is the marketing of Bearden's Motionless 
Electromagnetic Generator (MEG) scheduled to begin in about a year's time. This is 
when the proof will hit the fan. Many people have said to me, when talking about free 
energy, "I'll believe it when I can go to the store and buy one." Hopefully in a year's time 
they will be able to order their own MEG. And then they will believe, because it works 
and is working. 


Says Bearden: "I will admit that the chief scientist of an important experimental group in 
a large company was rather stunned at the type of output we were able to obtain. The 
MEG may look like just a transformer, but it is not. It is a completely different breed of 
Cat.” 


(Bearden : http://www.cheniere.org/correspondence/011202.htm) 


Soon the cat will be fully out of the bag. The first MEG units will supply 2.5 kilowatts of 
free electricity. Forever. Units can be connected together to double or triple the wattage. 
After that gets going, 10 kilowatt generators are planned. Energy will flow freely from 

the time domain indefinitely, and there are no moving parts to wear out. This 
manufacturing project is a heroic effort and will change the world as we know it. For 
once people are in possession of such devices there can be no further denial from anyone, 
including the government and/or "secret- government." 





The Motionless Electromagnetic Generator 
(Successfully replicated here by J. L. Naudin) 


The physics of how the MEG works is explained in the paper "The Motionless 
Electromagnetic Generator: Extracting Energy from a Permanent Magnet with Energy 
Replenishment from the Active Vacuum." 


The device was successfully replicated by J.-L. Naudin in France, and others, like Steve 
Utne, are also working on their own models. But Magnetic Energy Limited's MEG is 
actually scheduled for production soon and looks to be the first commercially available 
free-energy generator in history! 


I imagine it will not take long for tinkerers to put them into their electric cars and make 
the first fuelless automobiles since Tesla's unheralded (and unheeded) experiments. Or 
for builders to begin building houses powered by MEG's. Houses which will never see 
electric bills. How can they ever make enough of these to meet the demand that will 
suddenly be there? Bearden is right, it needs to be an all-out crash program of the 
government on the order of the Manhattan Project. 


I must include here that Bearden is quick to point out that he is not himself the inventor 
of the MEG, but is a partner and advisor in bringing it to the public market through 
Magnetic Energy Limited, Inc. I must also admit that I am praying for the success of this 
venture, and the ending of the absurd and criminal withholding of this technology from 
the people by the black-ops military-industrial people. This secrecy has cost the planet 
over 30 years of unnecessary pollution. 


The first units off the assembly line, which is being set up in a "friendly" unnamed 
nation, will usher the public at last into the new era of scalar electromagnetics. 


As of December, 2001, the situation with the MEG was described by Bearden in a letter. 


"What we presently have with the MEG is a successful laboratory experiment. At 
least a year's very hard research will have to be done before we will be ready to 
put a commercial power supply into production. 


"Consequently, we have made an agreement with a foreign partner (the National 
Materials Science Lab of the National Academy of Sciences of a friendly foreign 
nation) to do that year's research. At the same time, we are trying to make an 
agreement with one or more large financial partners here in the U.S." 


Bearden http://www.cheniere.org/correspondence/121901.htm 


"So we are hopeful that we will be able to start introducing units on the market 
about a year from now. Quite simply, we will either succeed or we will fail. But 
we will give it our very best effort." 


Bearden http://www.cheniere.org/correspondence/012202a.htm 


Bearden has given another technical explanation of how the MEG works here in a letter. 


Motionless Electromagnetic Generator patented, 3-26-2002 


Click here to read the patent 


"In Magnetic Energy Limited, all business discussions and arrangements are taken care of by Dr. 
Lee Kenny, Managing Partner. There are five of us who are co-inventors of the MEG, and two of 
the others are really the principal inventors." Bearden http://www.cheniere.org/megstatus.htm 


Free Energy has been Suppressed 


Secret Government Aware of Free Energy 


"In this world of contemporary times, all the agencies, CIA, FBI, KGB, NSA, Electric 
Power Research Institute, DARPA, Brookings Institution, Henry Kissinger, Edward 
Teller, et al., all are aware of [free-energy researcher Bruce] De Palma and his ideas. 


"Because these individuals and institutions are employed by the ruling elite to forecast 
the future and satisfy present needs and demands, it is clear that free energy is a threat to 
the world order constructed by business and the mindset of those who want to own the 
world. 


"Free energy represents Man's aspirations and dreams of freedom and equality, uniform 
division of resources and the ability to choose one's own future. 


"The fact that free energy is suppressed speaks to the greed and self-interest of a ruling 
elite which, even in the face of an emergency of global starvation, resource depletion and 
environmental pollution, will not give one inch if it means loss of control. This is an 


attitude of paranoid delusion and fantasy which can only arise from the alienation of a 
class of elitists who, through their money, are completely insulated from the reality of the 
day to day fight for existence of the common man." 


http://depalma.pair.com/Absurdity/Absurdity07/ProblemOfFreeEnergy.html 


Bearden describes one case of suppression when the Yakuza killed the Kawai engine in his very 
presence in Huntsville, Alabama. 


"That night a jet arrived from Los Angeles, with a Yakuza on board. The next morning 
Kawai no longer controlled his company, his invention, or his own fate. The Kawai party 
was in fear and trembling. The Yakuza coldly dissolved the agreement, they packed up 
the two Kawai engines we had, and left. And that was that." 


So it is not only governments who are keeping this revolutionary technology from seeing the 
light of day. The Yakuza? KGB? The Aum Shinrikyo cult? Our "leaders" need to be honest 
about what is going on, otherwise they look foolish, acting out a kind of "Alice In Wonderland" 
script before the public, a script that has become completely unbelievable. 


Concerning the criminal withholding of this scalar technology by the military black- budget 
people, and the cover-up of the actual situation regarding scalar weapons throughout the world, 
Tom has this to say: 


"The high government officials of the United States of America grossly violated our 
constitution and their sworn oaths of office. Our constitution specifically charges the 
government of the United States to defend the people of the United States. That means 
our officials are specifically charged with defending our people. Yet they deliberately 
agreed not to do so, and they deliberately sacrificed us in advance. 


"They committed treason of the highest kind, by deliberately surrendering us to total 
destruction anytime the big balloon goes up." 


Bearden http://www.cheniere.org/books/ferdelance/s75.htm 


Energy Crisis Solved 


One of the "must read" documents at Cheniere is “The Unnecessary Energy Crisis: How to Solve It 
Quickly,” especially since the "oil wars," which Bearden has foreseen for decades, have now 
already begun. 


Here are some clips from that Document: 


"To avoid the impending collapse of the world economy and/or the destruction of 
civilization and the biosphere, we must quickly replace much of the "electrical energy 
from oil" heart of the crisis at great speed, and simultaneously replace a significant part 
of the "transportation using oil products" factor also. 


"The technical basis for that solution and part of the prototype technology required, are 
now at hand. We discuss that solution in this paper." 


And although the solution to the energy problem and the oil wars may be at hand, Bearden 
suggests there is still an urgent rush that needs to be made to save human civilization from 
collapse. 


"Once the technology hardware solutions are ready for mass production, even with a 
massive worldwide deployment effort some five years are required to deploy the new 
systems sufficiently to contain the problem of world economic collapse. This means that, 
by the end of 2003, those hardware technology solutions must have been completed, and 
the production replacement power systems must be ready to roll off the assembly lines en 
masse. 


"The 2003 date appears to be the critical "point of no return" for the survival of 
civilization as we have known it. 


"Reaching that point, say, in 2005 will not solve the crisis in time, and the collapse of the 
world economy as well as the destruction of civilization and the biosphere will still 
almost certainly occur, even with the solutions in hand." 


"The good news is that we now know how to easily initiate continuous and powerful 
"electromagnetic winds" from the vacuum at will. Once initiated, each free EM energy 
wind flows continuously so long as the simple initiator is not deliberately destroyed." 


On page 9 he explains the concept of the dipole, and how there is already huge scalar energy 
flowing in the time domain around any dipole. Hold a magnet or a battery in your hand and you 
hold a stress in time and a beautiful flowing loop of longitudinal waves! 


Bearden decries the scientific community in the West for being unable to let go of their dogma 
long enough to see that the greatest discovery in human history lies at their feet, but for their 
stubborn ignorance. 


"The present energy crisis then is due totally to that "conspiracy of ignorance" we 
referred to, that is maintained by the scientific community, and that has been maintained 
by it for more than 100 years. 


"This is the real situation that the environmentalists must become aware of, if they are to 
see the correct path into which their energies and efforts should be directed — to solve 
both the energy crisis and the problem of gigantic pollution of the biosphere. "As far as 
anyone in the legislative branch of government ever understanding the profundity of the 
discovery and engineering of scalar waves, Tom Bearden says they are at a great 
disadvantage in doing so. 


"The nontechnical person — e.g., a Senator or a Congressperson — is operating under a 
distinct disadvantage. If he or she takes the stance that much better electrical power 
systems can readily be achieved, he or she is in fact opposing almost the entire set of 
University, Government Technical, Power Company, Battery Company, and Organized 


Science communities. Further, in most cases his technical advisors are themselves from 
one or the other of those communities, and likely to go back into that community or those 
communities when the Senator or Congressperson leaves office, or even before. So the 
Congress and the non-technical government community at large operate at a great 
disadvantage...Bearden National Emergency Declaration is Needed 


"The Government Non-Technical community (the Senate and the Congress, in particular) 
are in far better shape than the Government Technical community, to appreciate the 
world implications of the pending economic disaster. I am hopeful that both the 
environmentalists and the Government Non-Technical community will rapidly unite in a 
common goal to get this vacuum energy program launched, under a National Emergency 
declaration. If so, then they can solve the energy crisis and the pending economic crisis, 
in fairly short order, and permanently." 


unnecessary_energy_crisis.htm#congress_disadvantage 


In the conclusion of his paper The Unnecessary Energy Crisis: How to Solve It Quickly Bearden again 
states the urgency of replacing our centralized power grids with highly dispersed and local taps 

on the freely flowing energy of the active vacuum. Given the abilities of the Tesla howitzers, the 
power grids of all nations are sitting ducks. 


"Personally, the present author regards the increasing energy crisis as the greatest 
strategic threat to the United States in its entire history. I will do anything within my 
power to help prevent what I perceive to be the looming economic collapse of the 
Western world, preceded or accompanied by a sudden, explosive, all-out and continuing 
exchange of the WMD arsenals of most of the world. 


..In the name of all humanity, let us begin! Else by the time this first decade of the new 
millennium ends, much of humanity may not remain to see the second decade." 

















3. Weaponization 


Scalar interferometry, Tesla howitzer, Tesla dome, heat/cold, dudding, 10 nations have them, dead-man fusing & 
Insane Systems, scalar strategy, earthquakes and weather wars, solar storms, mind attacks, leased to Yakuza, many 
examples of testing, quantum potential weapons. 


"Indeed, Soviet energetics weapons are now capable of destroying both our triad shield, 
our homeland, our armed forces in the field, and our population, quickly and efficiently. 
We have a new "gap" of monumental proportions: not a missile gap, not a submarine or 
bomber gap, and not even a particle beam or laser gap. We have a scalar electromagnetics 


or electrogravitation gap." Bearden http://www.cheniere.org/books/ferdelance/intro.htm 


"We have a new weapon, just within the portfolio of 
our scientists, so to speak, which is so powerful that, 


if unrestrainedly used, it could wipe out all life on 
earth. It is a fantastic weapon." Khrushchev, to the Presidium, Jan. 1960 


"We've totally missed the most incredible "secret superweapons" development program 
of all times, and the worldwide testing of the weapons themselves. 


"Hiroshima and Nagasaki should serve as object lessons in the price of ignorance of such 
technological breakthroughs. 


"History does repeat itself. But this time it's not we Americans who got the great new 
superweapon first." 


Bearden http://www.cheniere.org/books/ferdelance/s75.htm 


Warfare has been changed forever by the development of these scalar energy longitudinal 
wave howitzers. To get a basic understanding of scalar waves is to have the imagination 
suddenly run wild as all the implications and possibilities regarding warfare fall into place. One 
realizes with a certain horror that the world has totally changed, and that there are some very 
fearsome possibilities. Remember, the power for these weapons comes from the time domain, 
longitudinal EM waves in the vacuum of empty space, and the power is tremendous and mind- 
boggling. Being able to blast away at any target from a distant control booth is something that 
has never happened before. This is incredible power to be in control of and it divides the history 
of weaponry into "before" and "after." And the destructive power of these weapons is delivered 
instantaneously to the target from the local vacuum at the place of the target. 


From an interview: 


Questioner: "Are you saying that real energy can be transmitted faster than the speed of 


light?" 


Bearden: "Yes. But hyperspatially. Not through 3-space, but "around" it. Again, this 
means that it's possible to produce energetic changes in a distant system at a distant place, 
without transmitting energy "through space” in the normal sense. You transmit "around" 
space, so to speak, and directly in time or through a higher dimension, depending on the 
model you're using to understand this. Further, the speed of the internal EM energy 
transmission is not limited to the speed of light." 


http://twm.co.nz/beard_interview.htm 


Here are some initial considerations about 
scalar weapons and scalar wars 


1. Tesla Howitzer 2. Tesla Domes 3. Rogue groups 4. WW III 5. Russian "UFOs?" 


3a. The Tesla Howitzer and its modes of action 


Source: Tom Bearden's weapons slides and Fer-de-Lance Briefing 


For one thing there is no delivery of any thing to any place. Bombs are obsolete. So are the 
planes to get them there. No helicopters necessary. All current nuclear devices are rendered 
nearly useless by electronic "dudding.” All distant-destruction can be done from a control room, 
and to any point on earth. The destructive power of "men" has just increased by orders of 
magnitude. The new weapons could even cause storms on the sun! Thus there is great urgency to 
make these new facts public and known, with the hope that all nations would come together to 
ban the use of scalar weapons. 


Two scalar antennae together along with the computers to control them, make up a scalar 
interferometer, and according to Col. Bearden the Russians have hundreds of such installations 
already. These interferometers are called "Tesla Howitzers." They can deliver a giant blast of 
energy to the distant target site, true "action-at-a-distance”. 


The first howitzer mode is called the "exothermic" mode of operation because immense EM 
energy blasts outward at the target site. The blast of a scalar howitzer can be of near nuclear level 
in destructiveness, and can be repeated easily, at that place, or nearby, or anywhere. 


The howitzer can use a lesser exothermic power setting and simply destroy all electronics in the 
target area. Thus they can render our nuclear missiles inoperable as they sit in their silos by 
"frying" the electronic circuits that guide them. They can bring down any airplane, anywhere in 
the world, at any time. Any person anywhere, if their exact position is known, can be 
assassinated without a shot being fired. 


The howitzers can also bring down power grids anywhere in the world, at any time. Thus they 
could bring Wall Street to an instant halt by disabling all its electronics. Even this one little easy 
tweak of the howitzer could cripple the U.S. economy in a single day. No wonder the "leaders" 
don't want you to know! This is a new era we are in. The discovery and development of scalar 
interferometry has put us in a new world, whether we like it or not. Anyone could be expected to 
go into denial, the befuddled senators and congressmen included. But we have to wake up. 


In a second howitzer mode called the "endothermic" mode, the howitzer sucks energy out of the 
target area, essentially creating a blast of cold at the distant target. It is even capable of freezing 
parts of the ocean. Bearden gives a number of cases where these "cold explosions" have been 
witnessed, mostly by airline pilots. April 9, 1984: 1 2 3) A huge mushroom cloud of mostly 
water is seen rising miles into the sky from out of the ocean, an awesome sight. 


In the endothermic mode the sucked-out energy must go somewhere, so it is vented out at some 
other chosen spot on the earth. These endothermic plumes have been photographed by satellite. 


"The exhaust in the left picture is about 150 miles long, and is nearly horizontal (about 
1.5 degrees above the horizontal). It is entirely consistent with the continuous exhaust 
from a "dumping transfer" scalar EM howitzer in the continuous exothermic mode. (The 
primary howitzer, of course, was activated in the endothermic mode.)" Bearden More 
Plumes 


By using both of these heat (exothermic) and cold (endothermic) modes together the weather can 
be altered anywhere. Warm the air over here, cool it down over there, put a curl in the jet stream, 
dissipate clouds, create clouds, whip up a tornado. Bearden speaks about using the endothermic 
howitzer mode as a weapon of war: 


"Cold explosions can be used to freeze tanks, personnel, and equipment. The equipment and 
tanks thaw out. The personnel thaw out too, but they are dead when they do." Bearden, Fer-de- 
Lance 


(This endothermic mode of the howitzers makes me think that there might one day be a cure for 
the problem of global warming after all. Could not a big device, situated in space or on the 
moon, be able to vent a great deal of excess heat outside the atmosphere into space, thus 
functioning as a kind of planetary thermostat’) 


While the United States has experimented with electomagnetic weapons using ordinary 
transverse EM waves, the longitudinal [LW] weaponized waves are truly of another order 
altogether. 


For one thing they do not have to travel through space, for they come from the time domain, 
which is everywhere. The energy of the blast, the heat or light or whatever, comes from the 
vacuum of space at the location of the target itself. This is astonishing. The weapons actually just 
trigger the release of immense energy from the vacuum at the target location. 


"... It is possible to focus the potential for the effects of a weapon through spacetime 
itself, in a manner so that mass and energy do not "travel through space" from the 
transmitter to the target at all. Instead, ripples and patterns in the fabric of spacetime itself 
are manipulated to meet and interfere in and at the local spacetime of some distant target. 
There interference of these ripple patterns creates the desired energetic effect (hence the 
term energetics) directly in and through the target itself, emerging from the very 

spacetime (vacuum) in which the target is imbedded at its distant location." Bearden Fer- 
de-Lance 


The big Tesla howitzers are aimed at their targets by using a worldwide electromagnetic pattern 
called the "Woodpecker Grid," begun by the Russians in 1976. 


You can hear the Woodpecker signal here: http://www.cheniere.org/misc/woodpeckersound.htm 


The woodpecker grid is just that, a grid of EM waves which provide a channel for the LW waves 
to any point on earth. Computers use the woodpecker grid information to hone down the aiming 
of the howitzers to a pinpoint location on earth. (For that matter, it could be under the earth, in 
space, or under the sea). 


A third howitzer mode is what Col. Bearden calls "Mindsnapper" mode. This is a truly 
frightening mode which affects the electromagnetic mind-body connection. Being mind-snapped 
at a low level would cause you to lose consciousness. Being mind-snapped at a slightly higher 
power would "entrain" all minds in the target area into a kind of hypnogogic trance, a state in 
which they would all be highly susceptible to suggestions and orders. 


Being mind-snapped at high level would so disrupt the mind-body connection that everyone in 
the target area would fall down, instantly dead. Not only that, everything around you and inside 
you would be killed, so that your sterilized body would not rot for quite a long time. 


The Mindsnapper can be used for a small area, or to kill an entire population. In fact, using the 
scalar waves to affect the human mind has become a new field in its own right, and has been 
dubbed "psychoenergetics." (This is discussed below in section 5). 


Bearden describes the use of the howitzer in mind-snapping mode against people, to cause 
unconsciousness or death: 


"From a military viewpoint, these scalar EM weapons are really quite all-around 
weapons. 


"For example, they are very lethal against personnel. 


"Set in the "high intensity pulse mode," one blast and a person's nervous system is 
destroyed instantly. Total, instantaneous death results. One can blast away at entire 
groups of infantrymen, for example. It's the peak power that's important, not the average 
power. So the weapon doesn't require too much battery power. 


"Set on a lower intensity pulse mode, one zap can simply knock out a person, rendering 
him instantly unconscious. Quite useful if one needs prisoners to interrogate. Also very 
silent, which is useful in operations employing stealth and surprise." Bearden 
http://www.cheniere.org/books/ferdelance/s80.htm 


"Those hit by the scalar EM weapon, however, have a most peculiar death mode. 


"Death comes-instantly and totally. There is no convulsion, no response. The entire 
nervous system is destroyed instantly. Every living cell in the body is killed instantly, 
including all bacteria, germs, etc. 


"A body hit with this thing falls like a limp rag and lies where it falls. It doesn't decay in 
even 30-45 days. In a macabre fashion, it's been reduced to something like food irradiated 
with nuclear radiation; everything is killed, so the material is preserved for an extended 
period before any decay can set in." 


Bearden http://www.cheniere.org/books/ferdelance/s8 1.htm 


He goes on to say that the same "bazooka-sized scalar EM pulse weapon" can also be used to 
knock out a tank with one shot (or pulse). So tank warfare is obsolete. Helicopters? Bearden 
points out: "... if he's attacked by a helicopter or a fixed-wing aircraft, he can bring the same 
weapon to bear on it. He can knock down a chopper or a jet. With one shot." 


Obituary for Tank Warfare 


Tanks useless against portable LW weapons 


"For example, suppose one attacks a tank. [with an LW weapon] With scalar EM pulse, 
the personnel die instantly. Total personnel kill is achieved. 


All electronic systems of the tank are dudded. Total systems kill is achieved. The 
ammunition in the tank explodes. Total kill is achieved. 


The fuel explodes. This is another total kill mechanism. 

That tank has been killed totally, by a variety of mechanisms, all simultaneously. 
That's a k-kill in any analyst's book. 

And don't worry about retrieval and repair. That tank is finished permanently. 
Even the most modern tank is just as vulnerable as the most obsolete." 


Bearden http://www.cheniere.org/books/ferdelance/s88.htm 


One begins to get the idea how profoundly the conventional means of warfare have been 
obsoleted. All the usual weapons of war have been rendered nearly useless! And Star Trek's 
"Phaser," with its "stun" and "kill" modes is here at last. 


Although it is the weapons aspect of scalar electromagnetic which has received the most 
developmental effort, Bearden points out that a great many other amazing things that may be 
accomplished in this new field of science. Beam me up Scotty! 


"Superluminal communications systems, hyperspace drive, and materialization and 
dematerialization are all hypothetically possible, using scalar electromagnetics. As the 
technology develops, we should see the development of many of the systems long 
thought impossible except in science- fiction." 


Bearden http://www.cheniere.org/books/ferdelance/s15.htm 


Bearden describes a huge test of the Russian scalar weapons systems which occurred in 1985, a 
test that went completely unnoticed by western scientists: 


"Just before May 1, 1985 the Soviet Union performed a "full-up" operational test of their 
entire strategic scalar EM weapons complex. This test was detected and monitored 
periodically by Frank Golden. Some 27 of these giant Soviet "power taps" were locked 
into the molten core of the earth, producing forced (entrained) scalar resonance of the 
entire planet on 54 controlled frequencies under our very feet. The remainder of the 
scalar frequency spectrum was ablaze with literally hundreds of Soviet scalar 
transmitters: probably the entire strategic scalar command and control system to 


underwater submarines, higher command centers, distant commands, etc. was activated in 
the giant exercise. 


"For several days, the system was exercised on a mind-boggling scale, apparently as part 
of the Soviet Union's highly accentuated 40th anniversary celebration of the end of World 
War IL. 


"Tronically, not a single U.S. intelligence agency, laboratory, or scientist detected this 
monstrous exercise for the new Soviet leader, Gorbachev. Not a one of them had a 
detector for scalar EM radiation, and not a one of them officially believes the exercise 
ever happened.” 


Bearden http://www.cheniere.org/books/ferdelance/s38.htm 


"The Woodpecker grid/howitzer weapon system can be placed over the ocean and used 
against cruise missiles, naval surface-to-air and surface-to-surface missiles, submarine- 
launched ballistic and cruise missiles, etc. Placed over a carrier task force, it can also take 
care of the aircraft launched by the carrier as fast as they are launched. It can also handily 
take care of the missiles launched by guided-missile cruisers of the accompanying task 
force." 


(Bearden http://www.cheniere.org/books/ferdelance/s65.htm) 


The whole series of the Fer-de-Lance briefing slides and comments is a "must read" for anyone 
wanting to be aware of the actual state of things in this world right now. It is a new world and it 
takes some getting used to. Fer-de-Lance speaks clearly, for the layman, of the way things stand. 


What is it like to operate these Tesla Howitzers? Col. Bearden gives us an idea in his "Fer-de- 
Lance" briefing, Slides 66-71. 


Who needs armies anymore? A entire war can be fought and won by a handful of men sitting in a 
comfortable control booth! The scalar electromagnetics revolution has made all previous forms 
of warfare nearly obsolete. 


Why haven't the Russians used the scalar weapons yet? 


Bearden gives his thoughts on this in "Fer-de-Lance." The power of these weapons is so great 
that an accident or war could wipe out all life on earth, and even affect the sun. 


"As can be appreciated, this entire concept [MAD] is now totally obsoleted by the Soviet 
possession of scalar EM weapons. 


‘The "mutual assured destruction" capability -- or MAD concept as it was so aptly named! 
-- is no longer mutual. And for two reasons: (1) the Soviet surprise attack could destroy 
essentially all our Triad forces wherever they are, in the first attack. (2) Even if a very 
small number of our strategic forces survive, the puny strike we could attempt to launch 
could be repeatedly decimated from launch to terminal phase. 


‘The restraint on the Soviets is not because of our Triad forces. The restraint is twofold: 
(1) a second nation has scalar EM weapons, and would undoubtedly unleash them upon 
the Soviet Union with great violence if such a massive world-wide destruction of U.S. 
forces occurred or was threatened (is it really "accidental" that six major Soviet missile 
ammunition storage sites mysteriously exploded within seven months?); (2) the closed- 
loop scalar radiation exchange system of Earth-Sun could be inadvertently "tweaked" in 
the feedback loop from Earth to Sun, so that a large solar scalar resonance was 
stimulated. In that case the Sun could emit a mighty resonant "burp" that would simply 
wipe out all life on Earth in a fiery shower. 


‘The "terror" in the "balance of terror" between nations has just increased by many, many 
orders of magnitude. 


‘The biblical prophecy that the Earth will be wiped out by "fire and brimstone from 
heaven" is very near fulfillment now. 


‘Put another way, the pucker factor -- even on the Russians who may contemplate 
unleashing Armageddon -- is higher than any Western strategic analyst has ever 
imagined, even in his wildest nightmares. 


‘Truly these weapons are "more frightening than the mind of man has imagined," as 
Brezhnev put it in 1975. 


‘The frightening scalar EM weapons can be used, but only very, very gingerly indeed. If a 
slight mistake is made, everybody loses everything." 


Bearden http://www.cheniere.org/books/ferdelance/s74.htm 


But the Russians (KGB) are not the worst of it. Bearden claims that some of the scalar weapons 
have been leased to the Yakuza for about a billion a year, and that only the KGB is holding the 
Yakuza in check from making a full-scale all out scalar attack on the west. 


U.S. Defense Secretary William Cohen 


Warns about eco-terrorism using scalar electromagnetic weapons 


"Others [terrorists] are engaging even in an eco-type of terrorism whereby they can alter 
the climate, set off earthquakes, volcanoes remotely through the use of electromagnetic 
waves... So there are plenty of ingenious minds out there that are at work finding ways in 
which they can wreak terror upon other nations...It's real, and that's the reason why we 
have to intensify our [counter terrorism] efforts." - Defense Secretary William Cohen, 
1997 


In a letter to a writer named "Russell" Bearden says, 


"In short, Russell, the Secretary of Defense of the United States confirmed that there are 
indeed novel kinds of EM weapons, right now and have been for some time, which have 
been and are being used to (1) initiate earthquakes, (2) engineer the weather and climate, 


and (3) initiate the eruption of volcanoes. We wrote about those exact uses of the 
weaponry decades ago. Several nations now have such weapons. Three of them (two on 
one side and the other on a hostile side) are even firing practice shots into Western Australia, 
as a convenient test range." 


http://www.earthchangestv.com/ufo/0209gandor.htm 


Tesla Howitzers in Weather mode 


How to Make Weather 


"Engineering the weather is duck soup; they tested that over the U.S. in 1967, and entered 
upon continuing operations over North America on July 4, 1976 as a grim kind of KGB 
"Bicentennial Gift" to the United States. Here's how it is done with several 

interferometers. 


"First, the interferometers can deliberately make "high pressure areas" (cool the air so it 
shrinks and its "footprint" pressure on the ground increases because its density increases) 
and "low pressure areas" (heat the air so that expands and its "footprint" pressure on the 
ground decreases because its density decreases). Well, if one makes the highs and lows 
where one wishes them, and judiciously and somewhat slowly moves them along a given 
path, these highs and lows will entrain the jet streams and thus "steer" the weather. 


"So if you wish a very cold snap or attack, go up into Canada and start these actions to 
steer down some streams that bring some very frigid air. Establish other highs and lows 
judiciously to "block" or "slow" other jet streams and flows as desired. In this way, one 
can pull the "large cold air masses coming down from Canada" deep into the southern 
USS. at will. They do it regularly. If you wish an ice storm, add an additional current of 
warm moist air you bring up (steer up by using artificial highs and lows) from the ocean. 
Where they meet, you will get freezing rain, then sleet, then severe icing accumulating. 
This type of attack does rather large damage to the struck area." 


http://www.earthchangestv.com/ufo/0209gandor.htm 


Whole websites have now sprung up showing weather radar anomalies which may well be 
indications of scalar weather engineering. One list of over 500 images is here. Cheniere has its 
own collection here. 


In another section at Cheniere are many photos of cloud anomalies which reveal the underlying 
grid along which the clouds are forming or un-forming. Bearden relates a startling incident in 
these clandestine ongoing "weather wars." 


"During the spring of 1986, abnormally strong Soviet weather engineering occurred over 
the U. S., causing a drastic drought in the southeastern U.S. This drought was broken by a 
colleague who used an extremely powerful scalar EM device to redirect jetstreams. A 
most unusual and unique signature of the "blocking" against the Soviet scalar EM actions 


resulted: Two huge circulations developed in the atmosphere, clearly showed as two 
adjacent giant "holes" in the swirling cloud cover over the middle and eastern U.S. 


"Between these two giant holes, the cloud circulations formed a stream of clouds, moving 
to the south, looking very: much like a giant vertical "bar" of a huge "Y-shaped" cloud 
flow.* Several national weathermen commented on this unusual pattern, which had not 
been observed before. The pattern continued, day after day, as the blocking continued." 


* On the weather maps. 
http://www.cheniere.org/books/analysis/history.htm 


Tesla Howitzers in Earthquake mode 
How to Make an Earthquake 


"Here's how you initiate a very large earthquake with such weapons. Take a convenient 
fault zone of set of them. Focus the interferometry on the fault zone, in the "diverging" 
mode, and deposit EM energy there in the rocks on both sides, increasing (slowly) the 
stress in the rocks by the reverse piezoelectric effect (deposit excess energy, get crystal 
mechanical movements). 


"Do it slowly, and the stress will build up to large pressures well- above a plate slip 
minimum energy required. At some point, the rocks yield and one or both sides "slip" and 
move rather sharply, giving a very large earthquake in that zone. 


"Do the same thing down in the earth (remember, LWs easily penetrate right through the 
earth and ocean at will, and so the "interference zone" focus can be inside the earth or 
beneath the ocean, at will. 


"Anyway, focus this thing down to where the active part of the volcano is still 
slumbering, down where the hole in the plate has been made. Keep increasing the 
deposition of energy in the magma itself, and eventually the increasing pressure from 
deep within that volcano, underground, will cause an eruption. Build the energy slow, 
and the eruption will likely be much larger." 
http://www.earthchangestv.com/ufo/0209gandor.htm 

Yugoslav Earthquake, Followed by Cold Explosion 

Strange Characteristics of Iran Quake, Sep. 1978 


Tesla Howitzers in Tesla's "Big Eye'' mode 


How to make a Big Eye in the Sky 


By using longitudinal wave interferometry in a weakly endothermic mode a new kind of "ra 
is now possible, one which can look right through the earth and oceans. Because the endothermic 


mode extracts energy from the distant target, a pattern of the target area can be scanned for in the 
returned energy. 


"Thus the receiver produces a representation of the energy extracted from various 
locations within the distant endothermic zone. By displaying the received signals 
on an appropriately scanned screen, a representation of the distant scene in the 
intersection zone can be created. Indeed this is a special kind of "microwave 
interferometry," and -- with modern techniques -- the imagery obtained might be 
surprisingly good. With development, it might even become as good as the image 
presently obtained by side-looking acquisition radars. 


"Interestingly enough, since scalar EM beams will easily penetrate the earth or the 
ocean, one can also look beneath the earth or beneath the ocean with this type of 
scanning scalar interferometer. 


"The importance of this capability to strategic and tactical reconnaissance is 
obvious. Camouflage, cover, and concealment have no effect on such a system. 
One can easily look inside buildings and into underground facilities. With a small 
system such as this, the U.S. Marines at Khe Sahn would have had little difficulty 
locating the tunnels continually dug under the perimeter by the Viet Cong. And 
targets under jungle canopies are directly visible." 


Bearden http://www.cheniere.org/books/ferdelance/s42.htm 


Tesla Howitzers can destroy all life on earth 


How to Make a Storm on the Sun!! 
(Just make a big mistake with your Tesla howitzers) 


The deepest dangers of the use of scalar weapons are frighteningly pointed out by Bearden here 
where he considers that the sun, earth and moon (actually the whole solar system) is a delicately 
balanced arrangement of scalar (longitudinal) EM radiation. There is a scalar connection 
between the earth and the sun, which are both giant dipoles gushing energy in the time domain. 
Big scalar events on the earth could alter this balance causing true catastrophe. 


"Indeed, a solar response could be stimulated so that the Sun would violently belch and destroy 
our biosphere, among other effects." 


Unrestrained scalar warfare could cause huge solar storms? To realize that human activity could 
actually affect the sun itself is truly mind boggling. 


Bearden goes on to say: 


"Accordingly, use of huge scalar EM weapons is a double-edged sword. Unless carefully 
employed, use of the weapons could cause a terrible backlash to the user as well as the 
victim, and even accidentally cause the destruction of the earth itself. It is not accidental 


that in 1960 Khrushchev stated that his new fantastic weapon could -- if unrestrainedly 
used -- destroy all life on earth. 


"This appalling backlash potential is apparently what prompted Brezhnev in 1975 to 
make so strong an effort to get agreement to outlaw the development of "new weapons of 
mass destruction” more frightful than the mind of man had even dreamed of. Gromyko 
even introduced such a draft agreement into the proceedings of the United Nations. The 
first article of the draft agreement indicated that the nature of the weapons referred to 
would be negotiated. Sadly, the entire Western world did not even know what the 
Russians were talking about." 


http://www.cheniere.org/books/ferdelance/s24.htm 
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3b. Tesla domes 


(Slide from Cheniere.org) 


The Tesla howitzers can be used in a nearly impregnable defensive mode whereby they throw up 
a dome (Tesla Dome ) or a sphere (Tesla Globe ) of highly powerful electromagnetic energy, 
enough to "dud" or destroy missiles which try to penetrate them. Once again, this energy is not 


going through space from the howitzer, but being made to emerge from the local vacuum at the 
location of the shell. KGB tests of these domes have been witnessed by airline pilots around the 
world. Bearden gives many examples of the Tesla domes being sighted around the world in his 
briefing paper "Fer-de-Lance." (Russian dome test, another globe incident, yet another globe 
test). These giant electromagnetic domes can be hundreds of miles across, or narrowed down 
more to total impermeability. 


"Such a shell may be several hundred miles in diameter at the base. The enormous energy 
required to form such a defense shell is obtained by a "scalar power tap" into the molten 
core of the earth itself, as previously explained. In late April/early May of 1985, 27 such 
"power taps” were placed in the earth by the Soviets. If each tap is capable of powering 
four to six large scalar EM weapons, then the Soviet strategic scalar EM arsenal contains 
over 100 monstrous superweapons capable of generating exothermic explosions, 
endothermic explosions, engineering the weather, locating and destroying underwater 
submarines, detecting and destroying ballistic missiles shortly after launch, detecting and 
destroying long range strategic bombers as soon as they are airborne, etc." 


http://www.cheniere.org/books/ferdelance/s52.htm 


By using nested domes one can protect the domed area even against nuclear radiation 

itself. Tesla globes can be used to hit airborne targets by simply placing a globe of any chosen 
size in the flight path of the incoming missile. It does double duty because the missile hits it 
going in, and then the rubble hits it again going out the other side. 


While the U.S. persists in its useless boondoggle "missile defense system" by shooting a missile 
with a missile (missiles which would already have been "dudded" by the Tesla howitzers), 
between the domes and the globes the Russians (KGB) have in hand (operational) a nearly 
perfect missile defense system. Someone should ask the Secretary of Defense if the U.S. Tesla 
domes are in place. And over which cities? How powerful are our American Tesla domes? 


Bearden cites a number of examples of these domes being tested around the world: 


March 20, 1969 | March 24, 1977 | August 17, 1980 | June 17, 1966 | June 18, 1982 | June 22, 1976 

















In a slide from the Fer-de-Lance briefing it is shown how the "woodpecker grid" itself also acts 
as a sensor, detecting any missile launch anywhere, and how the howitzers can respond instantly 
by delivering a blast to exactly the right coordinates, right along the channels of that same grid 
which is feeding the location information about the missile launch. This certainly beats "trying to 
hit a bullet with a bullet." Especially since YOUR bullet would probably be instantly inoperable 
in a real scalar war situation. 


3c. Rogue Groups in the government 


Bearden fears that these scalar electromagnetic secrets may have fallen into the hands of what he 
called secret "rogue groups" within the labyrinthine depths of the black-ops special-access 
domain of the secret government. "In the extreme, such a deep black program can even become a 


"captured" program," he says, "which is totally in the hands of rogues and no longer reports to or 
is bound by the dictates of the parent government." 


"They have their own agendas. And being rogue groups, they may well bring in 

unethical, immoral tricks: assassination, bribery, entrapment, disinformation, plausible 
deniability, etc. A certain percentage of a highly secret rogue group will wind up using all 
these things and more. It's a human characteristic, the old primate dominance game. Only 
now disguised and hidden under deep classification. ... 


"In highly classified groups, these groups are greatly enabled to joust more widely, 
unethically, and immorally because it is so deeply hidden. So very deep classification 
evokes the growth and intensity of rogue groups. It's the old ‘Power corrupts, and 
absolute power corrupts absolutely’ routine. ... Due to loose formation of rogue groups 
inside such programs, they may have dual or triple purposes, may not operate under very 
much legitimate government control at all, and may operate specifically for the purposes 
of the rogue group or groups that have gained control." 


"The involvement of at least some rogue groups, some being "cowboys" who operate 
well outside all laws and ethics, could also result in such things as assassinations, 
clandestine testing on individuals without their consent, etc. In short, it could account for 
what seems to be actually occurring. " 


http://www.cheniere.org/explore%20articles/mind%20control3/p05.htm 


3d. World War III has already begun 


Because it is now possible to cripple the power grids and electronics of any nation, that nation 
could be reduced to economic ruin without ever firing an actual "shot." Without electricity Wall 
Street cannot operate. Without electricity you quickly need martial law. One no longer needs to 
wage a conventional war anymore at all. There are now lots of new ways to bring any nation to 
its knees. 


"We are at war, whether we like it or not. And we are going to have strategic strikes on 
an unparalleled scale for us. Pearl Harbor was nothing compared to what is coming down, 
once we consider the "augmentation" and such. 


"When that factor is considered, then it's a totally new ball game on replacing the power 
system. There isn't going to be much choice; the old one is going to be destroyed or so 
badly crippled that it will collapse the U.S. economy in a way we have not seen since 
1929. Of course, in such a case hitting us, we will be under martial law, the works, 
everywhere. For one thing, it's the only way you can keep the cities from imploding from 
within, by the criminal element, looting, robbing, killing, etc. Simply wait and see; it's on 
the way." 


Although Bearden has for years decried the "scalar-gap," and chided the military for 
falling so far behind the Russian KGB in the field of scalar electromagnetics, recent 
statements indicate that things may at last have changed somewhat. 


"In the new war, the first phase of WW III has already been completed. Hence President 
Bush's recognition that this is a total war, and has to be taken to the enemy no matter 
where he may be hiding or in what sanctuary or in what foreign nation. This is an entirely 
different war than anything the U.S. has ever fought in its history. And before it is over, it 
is going to kill more Americans than have died in all the previous wars in our history. 

The news media and the public have not yet recognized that awful situation and 
predicament. Most are already thinking that, well, we won in Afghanistan so it's just 
about over. Instead, it has only just begun. 


"Anyway, that's a brief uptake on some of the weapon situation today. Some 10 nations 
or more now have LWIs, and five have the QPs. I'm still working on how many have the 
appalling negative EMP weapons, but would estimate 6 or 7 nations have them in one 
stage or the other, either deployed or in at least advanced development. And in my 
estimation, the Yakuza will have them within three to five years if they have to build 

them themselves, and quicker if they can buy them from the Russians, Chinese, or???" 


Bearden http://www.cheniere.org/correspondence/030202a.htm 


When he was asked the question "Does the government listen to Tom Bearden?" Bearden 
said: 


"Let me speak carefully. I am very satisfied with how I've been listened to in the quarters 
where the rubber meets the road. The West is no longer defenseless, not by any means. 
Cannot amplify it further than that." 


http://www.cheniere.org/correspondence/030202a.htm 


Bearden has briefed the government a number of times and the Cheniere website contains a great 
number of his graphic military briefing slides. 


3e. Are the Russians making ''UFQOs?"' 


Scalar electromagnetics engineering opens the possibility of antigravity vehicles and 
"hyperspace travel." In other words we can now make our own UFO's! Of such scalar-powered 
antigravity vehicles, which have now become possible, Bearden has this to say: 


"We might expect to see such vehicles glowing. Their various surface features and 
mechanisms might appear to be glowing or revolving lights, etc. 


"They could exhibit incredible "aerodynamic performance," seemingly in the atmosphere. 
Actually they would not be moving "through" the atmosphere at all, but through a higher 
space outside each particle of atmosphere. 


"They could seem to materialize and dematerialize. 
"They could seem to plunge into the ocean or rise out of it. 
"They could even seem to operate under the ocean or inside the earth itself. 


"Such anomalous vehicle performances have been seen all over the world, particularly 
since a few years after WWII. 


"It appears that one or more nations of Earth are operating such vehicles now in great 
secrecy. Our own "government" may even be one of these. 


"Tf so, it isn't our true "government/government." Instead, it's the "control 
group/government." It's government at the operational level, but at higher level it belongs 
to certain control groups who have penetrated our government's vitals and taken over all 
such projects." 


Bearden htt 


In an excellent e on her Earthfiles website, Linda Moulton Howe reports on the utter 


bafflement of Norwegian scientists over mysterious lights appearing in the valley of Hessdalen, 
Norway. 








She writes of the research there: "The results can be broken down into two groups: 95% are 
thermal plasmas and 5% are unidentified solid objects. The plasmas emit long wave radio 


frequencies and strangely, their temperatures do not vary with change in size or brightness." She 
quotes the scientists' research summary: 


"1) most of the luminous phenomenon is a thermal plasma; 


2) the light-balls are not single objects but are constituted of many small components 
which are vibrating around a common barycenter; 


3) the light-balls are able to eject smaller light- balls; 
4) the light-balls change shape all the time; 


5) the luminosity increase of the light balls is due to the increase of the radiating area. 
But the cause, and the physical mechanism with which radiation is emitted, is currently 
unknown." 


This would almost certainly seem to be another example of the testing of the scalar howitzers. It 
is baffling because, as Bearden points out repeatedly, Western scientists have limited knowledge 
of the scalar electromagnetic principles by which the howitzers operate. The Hessdalen scientists 
were completely baffled as to where the energy of these plasma balls was coming from. 


Ms. Howe interviews Massimo Teodorani, Ph.D., Astrophysicist, who released the report on the 
2001 Hessdalen sightings. The scientist speaks of the baffling phenomenon observed. 


"T don't know how it is possible that Nature is spontaneously able to do that. Anyway, we 
deduce that the plasma is trapped inside a sort of magnetic cage and the magnetic cage 
closes around the plasma and keeps it fixed in some way, prevents it from expanding. But 
where does it come from? We don't know." 


By what we have been considering here, we can recognize the signatures of scalar 
electromagnetic engineering. If it is a Tesla howitzer, then the energy for the plasma balls is 
coming from the vacuum of spacetime at the very location of the balls themselves, triggered by 
scalar interferometers aimed through the woodpecker grid. 


These kind of balls can be used as marker beacons giving feedback for precision aiming of the 
howitzers. The energy of the marker beacon can be read back into the computers giving precise 
location information for pinpoint aiming. The target area can be very small, or widened out. 


There is a little movie of one of the Hessdalen plasma balls here. It would seem to be a clear 
documentation of a scalar howitzer marker-beacon. How many other current "UFO" sightings are 


actually the witnessing of Tesla howitzer tests? 


In fact there are a great many anomalous events of the past few decades which might very well 
be explained by the Russian testing of their longitudinal electromagnetic weapons. It would seem 
that the mysterious appearance of crop circles around the world could be accomplished by 
feeding a precise mathematical graphic pattern into the computerized aiming software and 
change the very molecular structure of the crops themselves along the lines of that pattern. The 





stalks fall over from the localized effect of the longitudinal waves. A plasma ball tracing 
patterns? Are they slyly sending a message to see if we are "getting it" yet? 


The "Cambridge Angel" - Made by Russian scalar plasma balls? 


Also see: Interview with Tom Bearden 


Attempt to Ban oo, a 
Weapons Worldwide 








# On June 13, 1975, in a major speech Brezhnev urged the 
United States to agree on a ban of research and 
development of new kinds of weapons "more terrible than 
anything the world has known." 

= On July 2, 1975 Brezhnev repeated his proposed ban on 
development of frightful new weapons, to a group of U.S. 
Senators. 

= In August 1975, Ponomarev called for a ban on frightful 
new weapons of mass destruction. 

= On Sept. 23, 1975 Gromyko presented a draft treaty cS 
agreement to the 30th Session of the UN General \ 
Assembly, for banning development of frightful new 
weapons. 

. e on s 
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(Slide from Cheniere.org) 








4. Healing powers of longitudinal waves 


Healing via longitudinal waves, time reversal of cells (de-differentiation), Priore's machine, Bearden’s proposed 
"blanket" version, using the electric power grid for healing waves or for broadcasting disease patterns. Scalar 
Biowar. 


The good news! 


"Any sort of disease whatsoever - physical or mental - will be rapidly curable, simply and 
cheaply. It will be possible to reverse aging and rejuvenate the person. It will be possible 
to regrow limbs and straighten misshapen spines - and directly remove the causes of 
mental diseases and cure them as well. Lifespan will be staggeringly increased, without 
‘old age's debilitation.' AIDS, cancer, leukemia, and genetic diseases will be completely 
conquered. The potential for a true golden era is upon us, for all humanity." 


Bearden- http://twm.co.nz/beard_interview.htm 


Proof of the healing powers of longitudinal waves from the vacuum is seen in the work of 
Antoine Priore who produced longitudinal scalar waves using a gigantic glass tube filled with 
plasma. He himself did not understand why it worked or how it cured cancer in animals. 


"The Priore team cured terminal tumors, trypanosomias, and other dread diseases in 
laboratory animals in France, in the 1960s and 1970s, under rigorous scientific protocols 
by eminent scientists. The Priore project was funded by the French Government to the 
tune of several millions of dollars (equivalent). 
http://www.explorepub.com/articles/energetics.html 





"... Prioré's machines concretely demonstrated a nearly 100% cure of all kinds of 
terminal cancers and leukemias, in thousands of rigorous laboratory tests with animals. 
These results were shown to medical scientists as early 
as 1960." http://www.cheniere.org/priore/index.html 


Bearden has stated that the longitudinal EM waves can 
have a healing effect because they always come in pairs 
called "phase conjugate pairs" and one of the pair is 
time-reversed. This enables engineering of the waves to 
"pump" the cells of the body (with waves from the time 
domain) and actually time-reverse the cells back to a 
previous healthy condition. The scalar cure of cancer 

_ does not involve killing the cancer cells but rather 
pumping them with time energy into a previous 
condition. I know, this seems miraculous, and is it not? 


Priore and his giant plasma tube 





This healing power in the longitudinal waves of the time domain is a mind-boggling thing to 

face. It took me months to get through it, and to suffer the fact that the cure for cancer and AIDS 
was right there, in this new scalar electromagnetics technology, and that it has been kept back 
from the people for so many decades now. 


Bearden has a great deal to say about the work of Priore, who himself did not understand why his 
machine worked. Priore did not know about the longitudinal scalar waves of the time domain. In 
fact, Tom Bearden has supplied, at last, the missing explanation as to how that big giant two- 
story glass tube consistently cured cancer in animals. 


"The medical implications are enormous. By just reversing the damaged cells back to a 
previous physical state, this gives a physics mechanism for controlled cellular dedifferentiation, 
in biology terms. Physicians will time-reverse diseased, damaged or aged cells back to an earlier 
healthy condition, including all the cellular genetics. Normal cells are just reversed to a slightly 
younger condition." 


"We believe this mechanism explains the revolutionary but baffling electromagnetic 
cures achieved by a team of outstanding French scientists in the 1960s and early 70s, 
working with inventor Antoine Prioré. In lab animals, cures were achieved for terminal 
tumors, infectious diseases such as trypanosomiasis, and atheriosclerosis. In addition, 
deliberately suppressed immune systems were dramatically restored. 


"We hypothesize that this is the long-sought mechanism of how the living body heals 
itself. In short, the body's cellular control system induces cellular reversal by weak time- 
domain pumping of the damaged cells and the affected area. The cellular regeneration 
system performs all healing of cellular damage in the body; the immune system heals 
nothing, not even its own damaged cells) . 


"For the first time medical science can develop as a science of healing rather than a 
science of intervention. And it will develop as a science of unlimited healing, since no 
pathogen can resist action by curved spacetime engines." Bearden 


http://www.cheniere.org/techpapers/Vision %202000%20paper.doc 
See Priore's machine _ See Slides of how it works. 


Bearden has extended the Priore work, with the previously missing knowledge now in place, and 
designed a revised system (for irradiating the body with longitudinal waves) which gets rid of 
Priore's giant glass plasma tube and uses instead an antenna unit which surrounds the body. He 
has also provided the missing explanation of how it works. There is an article from "Explore" 
magazine, Part I and Part I. 


In fact, Bearden has presented to the U.S. government a plan to use a portable version of a Scalar 
Healing Blanket where wire channels in the blanket act as a scalar antenna, which can both send 
and receive scalar electromagnetic waves. A two minute treatment of the waves is sufficient to 
restore the body to its earlier healthy condition. Thus even thousands could be treated easily and 
quickly in a biowar mass attack situation. 


RETRORADIATION WITH EMITTED TW EM WAVES 
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longitudinal EM wave sets that pump cells and reverse 
disease and damage 


"To defend against things like anthrax attacks on our civilian population centers, we also 
have recommended to the U.S. Government the crash development of small, portable 
treatment machines—using similar "antiengine- forming" and cellular reversing "porthole 
technology". [See Figure 13 on previous page]. Such portable machines could be 
developed cheaply and quickly, and present government facilities could be used to 
massively attack the correlate database production problem. "The portable treatment units 
could be cranked out by the hundreds of thousands and flooded down through emergency 
response agencies such as the police forces, the National Guard, emergency hospitals, 





emergency response teams, etc." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p04.htm 


The Scalar Healing Blanket would fit into large suitcase. It has three basic parts, the longitudinal 
wave generator, a laptop computer, and the antenna-blanket. The plan was a stroke of Bearden's 
genius, but unfortunately it fell on befuddled government ears. "Unfortunately, so far the DOD 
[Dept. of Defense] doesn't even understand what the heck we're talking about!" 


Article "Healing with Energy": http://www.explorepub.com/articles/energetics.html 


"We tried very hard in 1998 to call attention to the extreme national need for the most 
urgent possible development of a portable computer-controlled treatment device based on 
the experimentally proven Prioré methodology, but extended to a much simpler and far 
more rapid method of treatment. 


"Quick development of this technology could lead to a suitcase size device, capable of 
treating a patient in less than one minute, and stopping the symptoms and disease 
progress cold, then reversing it. Three "less than a minute" treatments one week apart 
would be required for complete cure. As an added advantage, partial reversal of aging in 
older patients would also be accomplished as a bonus, in addition to time-reversing the 
damaged and diseased cells... 


"The method proposed to the DoD in 1998 used normal EM in a peculiar way to force the 
body itself to make its own time-polarized EM waves, and pump every part of its cells -- 
including the genetics -- in the time domain. 


"Quite simply, we are going to be struck this way (QP spreading the immune systems of 
the populace plus professional smallpox, anthrax, etc. BW attacks on our population 
centers) and by other means we've spoken of in other papers and briefings." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


The Dark Side of the Force: 
Creating and broadcasting disease 


Speaking of the scalar wave induction of disease by longitudinal wave patterns Bearden refers to 
work by French scientist Kervran Russian scientist Kaznacheyev, who proved that any disease 
could be transmitted electromagnetically. 


"It works this way: the Kaznacheyev experiments (and others) demonstrated that any 
cellular disease or disorder can be initiated into cells at a distance, by electromagnetic 
means (albeit unusual EM in nature). The decades of microwave radiation of the U.S. 
Embassy in Moscow, was an ongoing set of "stimuli" to ping the U.S. system and, by its 
response, ascertain how far along (or if it was "along") in its knowledge of such weapons. 
The radiation was responsible for many health changes in personnel and for the eventual 
deaths of three U.S. Ambassadors." 


Bearden http://www.cheniere.org/correspondence/021702a.htm 


In a letter he writes, 


"Yes, the Kaznacheyev experiments were quite real; 15,000 or so in military research 
institutes in Siberia. As with so many other novel areas investigated and developed by the 


Soviets, most U.S. investigators just assumed normal EM, which is not what the 
Kaznacheyev experiments involved, and not what was carrying disease induction patterns 
from one cell culture to another in rigorous lab tests." 


How to "Broadcast" Diseases 
Longitudinal EM Biowars 


Bearden explains how the new quantum potential weapons can be used to induce disease-at-a- 
distance in a population, or to "spread" the immune system so thin that a conventional bio-attack 
would be greatly potentiated. By "broadcasting" virtual disease patterns over a population, the 
immune system is so overloaded by the presence of the "shadow" diseases that its effectiveness 
is thinned out. 


"In short, alter the internal wavestructure, and one creates a curved spacetime 'engine' 

that acts on mass in any fashion one chooses to design -- including initiate diseases . . . 
Now visualize one of these 'vacuum engines' or 'spacetime curvature engines’ that acts on 
mass to generate the exact effects produced by anthrax. (Or any other disease one wishes) 
... Call the virtual state of a disease engine the disease pattern in the "shadow" state, just 
prior to becoming observable. . . . 


"And the master cellular control system responds to "coming events that cast their 
shadows before". In short, it responds to the upper level of the "shadow state" of a 
disease, still in the virtual state! (Hey, virtual particles are real, virtual photons are real, 
virtual ST curvatures are real --- just very fleeting, only for another to immediately arise). 
The exchange of virtual particles is known to generate all forces in physics anyway! .. . 


"So the cellular control system responds to "shadow state" disease patterns. Enter a QP 
weapon application. Place a quantum potential weapon "area" on the United States, so 
that the entire populace is in it. The slowly introduce and bring up in the shadow state, 

the necrotizing fasctitis disease engine. At some point, the cellular control systems will 
react, and order the immune system into action. In other words, immune system resources 
will be committed against this "immediately coming" enemy. Bring it on up a little, but 

still just in the shadow state. Voila! Humans form a bell-shaped distribution curve. And 
even if the structure of the QP fluctuates a little, fluctuating a bit stronger and a bit 
weaker, etc. A few of those targeted bodies will now actually develop necrotizing 
fasciitis. So far, just like the U.S. Embassy targeting, except a different "carrier". 


"But now there is an exact signature that this is what is doing it, and not normal vector 
carriers of disease and contact or exposure infection. The few cases of necrotizing 
fasciitis that break out will be most puzzling. They will be randomly scattered across the 


entire nation, and so few that the vector carrier and contact or exposure explanation 
completely fails." 


"And that one happened, right here in the U.S., not so long ago. Check it out. 


"So carefully adjust the patterns for, say, 12 major terrible diseases, to that "adjusted and 
desired shadow state level". Now add all 12 patterns into the internal structure of the 
quantum potential. Now it has 12 shadow state disease engines in it. 


"Place that one on a populace. The cellular control systems order the immune systems 
into action, and they now have to commit their finite resources to 12 different areas. This 
greatly thins the response an immune system can make to any one of those 12 disease 
patterns! In short, it "spreads" the capabilities of the immune system, which can be 
galvanized to great effort, but only can perform a small bit against each area. 


"Suppose one of those "galvanized" areas in the targeted populace's immune systems is 
anthrax. And suppose the bad guys now hit one or more of those cities with a 
professional anthrax attack. A former OTA study showed that a professional anthrax 
aerial spray attack against Washington D.C., dispensing 100 kilograms of anthrax spores 
in the spray, will account for 1 to 3 million casualties. And that's in an "unthinned" set of 
immune systems. In the "thinned" set, one can at least double or triple, and even up to 
five times, that estimate. So conservatively, now there would be from 2 to 6 million 
casualties. And even mild anthrax spray attacks in other "thinned" cities would also be 
amplified. 


"That one is being set up, or already set up, right now. There are other such 
"augmentation" setups also under way. 


"So the weapons alluded to by the SecDef in 1997 are already being employed. WW III 
has already begun, and our populace (and our scientific community) is blissfully unaware 
of it." 


http://www.cheniere.org/correspondence/021702a.htm 


Most of us can remember the strange outbreaks of the so-called "flesh eating disease." It seemed 
to break out here and there randomly with no known cause. Bearden believes this was a test of 
the newer quantum potential weapons which go even beyond the capabilities of the Tesla 
howitzers. 


"The Kaznacheyev "disease induction by novel electrodynamics" work is also the basis 
for the spacetime curvature engines (not EM signals!) carried by quantum potential EM 
biological weapons for distant induction of diseases etc. into the population of an entire 
nation or area, such as the U.S. 


"This quantum potential disease induction weapon -- capable of attacking an entire 
population of a nation or area -- has been tested several times in the U.S. at very low 
levels, in the shadow state only (we explain shortly) and it has a most peculiar signature. 
E.g., one test used necrotizing fasciitis (flesh-rotting disease) engines. 


"The disease ‘engine’ was deliberately kept down in the 'shadow state' (virtual state, just 
below the observable state) so that only a tiny bit of the populace with depressed 
thresholds would "breach the observable threshold’ due to the population forming a bell- 
shaped curve as to the threshold level. The major signature of the test was that the cases 
of the disease broke out totally statistically and randomly, spread all over, without any 
‘disease vector' in between. 


"In short, it was not spread in any manner required by normal deterministic disease 
vectoring, but was a totally random set of occurrences. Several other diseases were also 
tested this way in the American populace, with precisely the same signature." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


"Apparently one planned use of such an augmented clandestine BW weapon will be smallpox, 
e.g. As you know, the Russians did develop smallpox for biological warfare, and even developed 
a new Strain against which previous vaccination is ineffective. 


"The vast numbers of expected casualties, coupled with immune system spreading, are 
absolutely irresistible to the Russian mind. You can count on it that they have seen that 
the smallpox is already on site here, in the U.S. and in the hands of professional terrorist 
teams. Of course, the Russians/KGB will protest they have nothing to do with that! Yet 
likely the KGB will have flatly arranged it or at least assisted it. The capability for mass 
destruction of the nation is so lucrative and easy to achieve in advance, that they would 
never be able to resist doing it." 


Bearden http://www.cheniere.org/correspondence/021401.htm 


Bearden believes the Gulf War Syndrome involved the use of scalar technology to induce a 
disease state, as he stated in a 1997 interview: 


"Tl say this flatly, and I won't answer any further questions about it; the Gulf War 
Syndrome was induced... It was induced with this stuff. All the rest... was contributing 
factors that everybody's talking about... There are some deeper signatures, if you look 
into it very deeply, that show you exactly how it was done and the fact that it was 
induced. It was a test. It was a test of a very special kind of weapon I have not talked 
about yet. Anyway you can use it to create diseases." 


Bearden http://twm.co.nz/beard_weapon.htm 


Besides using the woodpecker grid to target a population, the entire electrical grids of nations 
can be used as "channels" for disease patterns to be broadcast to all people near that grid. Your 
own house wiring can become an antenna, broadcasting these "shadow" patterns of disease, 
weakening your immune system. 


And here one faces the frustrating fact that the same power grids could be set to channel patterns 
which would keep the entire population healthy, rejuvenated, continuously bathing in the time- 
reversing old-age-defying energy of the spacetime vacuum. We have no idea yet of how long the 





human life span could be increased with this new technology. People might be able to live two 
centuries given full humane development of this technology. 


5. Psychoenergetics 


Mental entrainment, inducing hypnogogic trance, mind control, broadcasting thoughts and feelings, the Ant World, 
education via EM [LW] mental download, the "Feelies," revolution in spirituality, "enlightenment machine?" Scalar 
churches? 


Psychoenergetics is simply using the scalar interferometers to manipulate and engineer the 
human psyche. To me it is the most mind-boggling and frightening aspect of longitudinal wave 
engineering. 


The mind is electromagnetic in nature, and itself of the time-domain. It is not observable in 3- 
space. There is no thing you can point to that is the mind. As Bearden says, "The mind is time - 
like." 


The longitudinal scalar EM waves are also of the time-domain. By overlaying certain infolded 
patterns (oscillations in time) on the longitudinal waves, a thought or feeling may be made to 
arise in a person or persons who are in the interference zone (where the wave beams cross). 


The person will not notice anything, feeling that this thought or idea is his or her own idea. The 
longitudinal wave pattern might be a wave of panic or fear that spontaneously sweeps over you, 
perhaps inexplicably. It could even be in the form of a sudden intense patriotism. It could be 
explicit words and phrases, which everyone would think they had thought of by themselves. Or it 
could be rage and hatred, angry and violent. On the other hand It could also be a continuous 
sense of docility and placidity. This is the brave new world of psychoenergetics and the coming 
"Mind Wars." 


Scalar Psychoenergetics in its most primitive form simply "entrains" all minds in the target area 
into a deep hypnogogic trance. In this state of mind people would be suddenly extremely 
suggestible, and would likely believe anything they are told, and would obey any orders given. 
Talk about winning the hearts and minds of the American People! 


Tom Bearden makes me think of Paul Revere , who heroically conveyed important warnings for 
the sake of the new nation. But the words of the famous phrase have now strangely and curiously 
mutated into the once-inconceivable: "One if by land, Two if by mind." 


Indeed one strategy in a Mind War would be to simply take over the minds of the "leaders" of the 
enemy nation. The targeted leader would not be aware that anything was amiss, although he 
might begin to make unexpected changes in policy. 


And are, in fact, any of our "leaders" already having secret thoughts that are not their own? Who 
knows? Frighteningly, we can no longer be sure. The new sciences of scalar electromagnetics 


and psychoenergetics are even now plunging humanity into a sudden science-fiction like world 
beyond anything in humanity's previous imaginings. 


"The Russians reached the point in the mid 1990s that they could take over control of a 
person's mind, with modified longitudinal EM waves including some time-polarized EM 
waves, and with a team of specialists (estimate 25-30 per transmitter, and one transmitter 
and team per controlled person)." Bearden http://www.cheniere.org/misc/time.htm 


In a slide Bearden illustrates how a Scalar War would involve a psychoenergetics attack on the 
operators of the enemy scalar installation, entraining their minds into hypnogogic trance and 
getting them to shut down their systems. 


And ultimately psychoenergetic warfare goes to the very heart of human identity itself. For if my 
thoughts might no longer be "mine," then who and what am I? Can my very sense of being "me" 
be hijacked by some nefarious psychoenergetic scheme? Will the "secret government" eventually 
dictate directly into your mind how you feel about yourself? Or what you think you are? Or what 
you should do? 


How Does Longitudinal EM Mind Control Work? 


The physics of scalar psychoenergetics as expounded by Col. Bearden seems even more arcane 
and over-my-head than that of extracting energy from the vacuum. I can't understand it, but I 
look through it anyway. Each time another tiny understanding might occur, or a term might fall 
into place. I know the mathematics is forever beyond me. 


One paper to begin with is “Mind Control and EM Wave Polarization Transductions” This is 
such serious stuff that Bearden includes a strong warning about misuse of this knowledge. 
Psychoenergetics weapons can mentally maim and physically kill. 


Warning! 


(From "Mind Control and EM Wave Polarization Transductions") 


"This article refers to experimental research techniques which can be detrimental or lethal 
in the hands of any but highly skilled, qualified experimental scientists proceeding under 
proper laboratory safety procedures. The purpose of this article is strictly for information 
to properly qualified and authorized scientists in certified laboratories. We do not propose 
or condone any use of these procedures for nonapproved practice of medicine without a 
license. Neither the publisher nor the author are responsible for accidents or outcomes in 
the use of these experimental procedures and techniques. Any researcher who performs 
these procedures and experiments is acting on his or her own volition, and is solely 
responsible for insuring safety, qualifications, and legality of the acts and their results. 

We neither suggest nor condone unauthorized experimentation on human subjects. Such 
is a criminal violation of the constitutional rights of the subject under Federal and State 
laws, and is both illegal and immoral." 


Bearden http://www.cheniere.org/explore%20articles/mind%20controll/p01.htm 


After the serious warning comes the description of the paper. This is heady stuff for the layman. 


"Calling full attention to the special note above, in this paper we present a high-level 
overview of the novel electromagnetic nature of mind operations, mind and body 
coupling, and intent - the induction of physical 3-space EM energy changes into the brain 
and nervous system, and into every cell of the body, from the mind's time-like coherent 
operations. We summarize the time-polarized electrodynamics used to engineer and 
affect mind operations and the mind-body coupling loop. Transaction mechanisms 
whereby differing EM wave polarization’s can be transformed one-into-the-other are 
presented." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control1/p01.htm 


I will leave it to the technically astute to try to understand the mechanisms of operation which 
are described in scientific language. But there are tidbits for the layman. Here he speaks of the 
difficulty Western scientists have in opening up to the "immaterial" (longitudinal wave) nature of 
the human mind. 


Western Science Remains Largely Materialistic 


"Tronically, most Western scientists are materialists and consider "mind" as a mystical 
and nonscientific concept. They tend to consider mind operations and functions either to 
be simply "meat computer" operations and functions, or at best to be very weak ordinary 
transverse- wave EM operations and functions in the brain and nervous system. This 
serious self- limitation exists because in the body we measure only weak TW [transverse 
wave] EM operations and functions correlated to biological behavior and brain 
operations. We simply do not know how to measure "mind operations" directly. 


"With no mind measurements possible and no instruments, it is understandable that 
Western science considers only the physical side of the mind-matter interface. 


"Presently our scientists do not measure the longitudinally- polarized EM wave operations 
and functions in the body and around it in nature. Few of them are aware that a 
maelstrom of such LW [longitudinal wave] functions exist in the body and in all of nature 
in general." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control1/p05.htm 


Western methods of influencing the mind with EM waves have only used transverse waves, not 
the longitudinal waves of the vacuum. If only transverse waves are used one pretty well has to hit 
the target mind with a sledgehammer of waves. 


Western Science knows only transverse EM waves 
Brute Forcing Time Functions versus Fine Control Methods 


"Tronically, Western mind control researchers using transverse EM waves for mind 
control research, are using a brute force method of evoking and using vacuum engines 


(spacetime curvature engines) and a special form of general relativity, although they do 
not appear to realize it. 


"While KGB scientists also use TW EM "brute force" TW waves when necessary, they 
do "imprint" or "activate" those waves with the desired internal LW and time- polarized 
EM wave and photon structures required to directly perform the mind engineering 
desired... Bearden 


"These "fitted brute-force models" certainly can be very powerful, and certainly can 
produce the exact results shown in the experimental verifications of the fittings. 
However, they do not of themselves allow sophisticated design for example of the 
necessary time-polarized wave assemblies for engineering the entire human collective 
unconscious simultaneously, or for engineering the entire collective unconscious of all 
species on Earth (i.e., Gail’s collective unconscious), or even for precisely engineering 
the memory and knowledge base of an individual. 


Bearden http://www.cheniere.org/explore%20articles/mind%20control1/p09.htm 


The seemingly magical operations of psychoenergetics, sometimes called "psychotronics," 
cannot be achieved with ordinary transverse EM wave energy. But they are possible with 
longitudinal scalar waves because the mind itself is scalar in nature. 


"We note that all mind operations are time-like, i.e., they are comprised as scalar EM 
photon functions and scalar EM wave functions. Thus the mind is a very special kind of 
electromagnetic system, existing in the time domain..." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control1/p08.htm 


The engineering of the mind can only be accomplished with the waves of time. 


The course of psychoenergetics development necessitates the building of a vast database of 
settings and patterns which bring about given mental and/or emotional states. A kind of "gnome" 
of the psyche. Bearden describes the process of the decoding of this "gnome." 


"Now the scientists would perform many phenomenology experiments, making one little 
change at a time and profusely recording the data. Each time, they would establish the 
physical change(s) that occur in the body and/or the mental and emotional changes that 
occur in the mind for each spectral reinsertion back through the "ship's portholes". They 
would simply but painstakingly (over some years) build up an extensive database of those 
individual correlates. 


"In these experiments, the experimenters will eventually be able to provoke any body or 
mind change they wish. Strong emotion. Intense pain. Intense pleasure. Painful thoughts. 
Images. Memories. Perceptions. Dreams. Visions. Memory losses. Memory changes. 
Personality changes. Etc. The "delta" in the emission spectrum (the changes from zero 
reference spectrum) represent the precise totality of all mental, physical, organic, 
chemical, etc. changes and interactions." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p01.htm 


"A second stage in the research would be to test the correlates and porthole insertions 
upon a statistically significant cross section of ordinary people, and/or specialized 
populations (such as toughened soldiers). The program would evolve a highly complex, 
very effective, ever-improving science and technology of mind and behavior control and 
engineering mechanisms, complete with finished database and developed applications 
equipment." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p02.htm 


Summing up his paper Bearden speculates on what the actual situation the science of 
psychoenergetics probably is. The intense secrecy with which this knowledge has been kept from 
the public has led to the current farce of the "government" pretending it all does not exist, and 
this secrecy may have now put us at great risk. 


"The implication is that in the West one or more highly classified, sustained, heavily 
funded developments in advanced mind control programs, probably exists and probably 
has existed for some time. Due to loose formation of rogue groups inside such programs, 
they may have dual or triple purposes, may not operate under very much legitimate 
government control at all, and may operate specifically for the purposes of the rogue 
group or groups that have gained control. 


"In a nutshell, that's what may be going on in the clandestine mind control projects in 
several Western governments. The involvement of at least some rogue groups, some 
being "cowboys" who operate well outside all laws and ethics, could also result in such 
things as assassinations, clandestine testing on individuals without their consent, etc. In 
short, it could account for what seems to be actually occurring. As also is "usual" in such 
a mess, one or more of the rogue groups eventually may become very powerful because 
their secret weapons are very powerful. They may become confident, thinking they have 
the "best in the world." They may actually believe they are ahead of the Russians..." 


"Remember that, in every large and powerful human organization, the basis for rogue 
groups is power and secrecy. They are always seeking to increase their power, control, 
influence, prestige, etc. Nothing else. Patriotism and mission are—to rogue groups— 
often just idle words. They have their own agendas. And being rogue groups, they may 
well bring in unethical, immoral tricks: assassination, bribery, entrapment, 
disinformation, plausible deniability, etc. A certain percentage of a highly secret rogue 
group will wind up using all these things and more. It's a human characteristic, the old 
primate dominance game. Only now disguised and hidden under deep classification." 


"The Russians, with their additional knowledge of the actual mechanisms in the 
transforms, will be much more advanced than the West, because their fundamental 
psychoenergetics science is far more advanced, so long as we continue to use the old U() 
electrodynamics. Further, the Russians have decades of use of longitudinal interferometry 
beams to reach right through the earth and ocean and produce stringent EM effects at a 
distance. So they will also be able to do the same things here in "mind control" with LW 
[longitudinal wave] interferometers, through intervening mass." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p05.htm 


Bearden cites two examples where he believes the Russian KGB tested the psychoenergetics 
capabilities of their scalar interferometers. One was the case of Captain Button in his A-10 
"Warthog" aircraft on April 2, 1997. 


"Over Arizona, Captain Button was thrown into a hypnogogic state, and his perceptions 
instantly altered and controlled. In his instant "dream-waking" state, everything seemed 
perfectly normal. His sense of direction was altered a bit more than 90 degrees, so he 
simply corrected and turned and "flew toward the range”, actually flying off course by 
more than 90 degrees and ignoring radio contacts. He flew right on out of Arizona." 


"At one point he circled, probably thinking he was over the range, and he probably 
dropped his ordnance there. Then he "flew on back toward home," as he thought in his 
waking dream state, until his fuel ran out and he crashed and died in the explosion— 
dream- thinking until he died that everything was normal. All the while, his sense of the 
passage of time was altered. To him, in his dream-thinking, dream-acting state, 
everything was normal and nothing untoward had happened. So the distant KGB 
transmitters and associated psychoenergetics team controlled him for over an 

hour. "Indeed, that was the exact purpose of the test: demonstrate control (at a great 
distance) of a skilled person performing highly skilled tasks." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p06.htm 


The paper “Mind Control and EM Wave Polarization Transductions” ends with the most chilling 
and frightening possibility of all: the psychoenergetic engineering of the human species as a 
whole. 


The Ant World 


The Final Race for Direct Mind Control of the Entire Human Species 


"The KGB psychoenergetics weapons scientists—because of their direct measurements 
and detections (and use) of t-polarized waves and LWs [longitudinal waves] for 
decades—also understand that Jung's collective unconscious mind (of the entire human 
species) also has its own time-like operations and correlates, which one measures also 
when using t-polarization measurements and sorting it all out. The collective unconscious 
mind operations are buried several levels deeper inside the recursive Whittaker 
structuring inside the EM fields, waves, and potentials. "The KGB scientists also know 
that something very like Gaia — a collective unconscious mind for all species on earth — 
also exists, and they are striving to be able to sort out and measure that one as well. The 
Gaia operations are buried even deeper in the recursive structuring inside the EM fields, 
waves, and potentials.""Actually, from day one, the Russian mind control scientists have 
had their eventual goal set upon this "deeper area of mind and possible mind control" of 
the entire human species. 


"Tam convinced that the KGB psychoenergetics scientists understand this deeper area. If 
they can learn to directly engineer the collective human species unconscious, they can 


then convert the human species easily into a sort of "ant" society, modeled along ideal 
Communism lines, except of course with an excluded "hierarchy at the top” running 
everything. The "ant society" — communist style — is still a variation of feudalism (all 
systems tend to feudalism or some form thereof). "The KGB psychoenergetics weapon 
scientists are seriously pressing on toward that very goal. In my opinion they are not very 
far from it right now... 


"Some versions of Russian mind control devices were used on Russian soldiers in the 
Afghan War to condition them for performance of merciless acts." 13 


Bearden http://www.cheniere.org/explore%20articles/mind %20control3/p07.htm 


More about "The Ant World" 


Whether it is the Russians planning an "ant world" society or rogue U.S. black-ops groups 
withholding a great boon from human race, the secrecy on all sides around has allowed largely 
criminal elements to take over this technology while leaving the civilized elements in the dark. 
Openness and the spreading of this knowledge among good and decent people is essential, and 
for that we will have to overcome our frightened denial. 


"Meanwhile, rogue groups amongst Western clandestine mind control researchers will 
probably arise if they have not already done so. They will likely seek to increase their 
personal control and further isolate the programs from orthodox government review and 
from government and legislative control. They may even divert the research into highly 
illegal and unethical means, because it furthers their own rogue agendas. That is how 
clandestine U.S. government research can sometimes go sour, unless great care is 
exercised by the oversight committees in the House and the Senate. 


"Sometimes when rogue groups do gain control and total secrecy of a given new 
technological area, then what appears to be "U.S. government operations" do start to 
encompass a criminal and unethical operations, hidden usually beneath the deep veil of 
high classification. Also, if it's "scientific," no one is ever brought to justice, even if the 
"evil science actions" are uncovered and publicly revealed." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p08 .htm 


Like the huge energy of the Tesla howitzers, the ability to engineer the mind with longitudinal 
waveforms is a seeming "magical" thing which can be used for good or ill. Bearden envisions 
that further developments will allow something like the "downloading" of knowledge via scalar 
interferometry. Everyone could be highly educated, and quickly and easily. 


In the conclusion of the paper "Mind Control and EM Wave Polarization Transductions" 
Bearden makes a plea to the nations of the world regarding the use of psychoenergetic 
engineering. 


"Let us hope this great new area, already off to a bad start, can be bridled and steered in 
the direction helping and healing people, rather than killing or abusing them. The 
excesses in its bad use are a potent threat to all nations on earth. 


"Yet it can revolutionize medical science, education, communication, and psychology. 

We foresee the day -- perhaps 30 years hence -- when education will be accomplished by 
directly loading the software into the mind. Then in three weeks one will "load" a 
doctorate, say, in physics. In three more weeks on will also load a doctorate in chemistry. 
Another three weeks, in electrical engineering. Another three weeks, an MD And so on. 
When that happens then truly everyone on earth can be educated. Freedom from 
ignorance may well be another great freedom that is legally recognized. There will be no 
impoverished large groups lacking the education to find decent, productive jobs. 


"We urge all nations to use the principles involved: not for human abuse, but for healing, 
educating, uplifting, and life-expanding of every person on earth. If we do, we shall all 
have a far brighter future. Then we shall check what has started out to be the Sword of 
Damocles and turn it into the golden Millennium." 


Bearden http://www.cheniere.org/explore%20articles/mind%20control3/p08 .htm 


(Perhaps after so many frightening topics a slight break is in order here to consider the lighter 
side of psychoenergetics. For example, what will be the ultimate impact on the entertainment 
industry?) 


The Feelies at Last! 


Psychoenergetics will be able to bring about at last, for better or for worse, Aldous 
Huxley's fanciful idea in his novel "Brave New World," an entertainment format which 

he called "The Feelies." Those were something you went to, like going to the movies, but 
you would experience all the actual feelings themselves, as if the depicted events were 
actually happening to you. Although our "leaders" seem too dim to grasp what is going 
on in the world of scalar electromagnetics, it should not take some young Hollywood 
genius too long to understand that The Feelies are now possible, and that the immense 
megabucks of potential profit more than justify heavy investment in bringing it to 

market. 


One can imagine that first "Feelie" theater, 'The Huxley" perhaps, a large comfortable 
area surrounded by nine giant screens (not just one screen!), which become 3D if you put 
on your headset. And The Huxley is fitted with the finest sound, and oh, by the way, a 
modest sized scalar interferometer with computer. And there are one or more new tracks 
now recorded on the film next to the sound track. These are the digital patterns of 
thoughts, feelings, and ideas to be fed into the theater's interferometer. And these 
thoughts and feelings and ideas will be felt by the audience as if they were their own 
thoughts and ideas. It is an entirely new art form. Psychevision. 


As important (and no doubt famous) as the actors would be the "feelers," those from 
whose minds the feelings were lifted in the original programming of the Feelie tracks. 
Because, for example, Brad Pitt might be a good and handsome actor, but can he really 
feel it? Like the dubbing of foreign language films, it might be necessary to dub the 
"emotional track" using a deeper and more profound person's feelings, thoughts and 
ideas. 


It might even be engineered so that if you sat on one side of the theater you would feel 
like the hero, and on the other side you would feel exactly like the bad guy! What would 
that lead to? 


We have all cried at a movie some time, most people have, though they might not want to 
admit it. But this would be deep sobbing and a flood of tears, if the director so desired it. 
You would feel it at your core. Or, take a big chase scene, you would be terrified. They 
are breathing down your neck! You would be gripped by panic. 


For that matter, the whole genre of Horror-Feelie would be too much for many people to 
take. Do I really want to feel that an actual vampire is tearing at my throat with his 
fangs? 


A Religious Feelie would make you feel the exaltation of a saint at his prayers, or give 

you the definite feeling that you are Christ suffering on the cross. All the pain could be 
there too. The stickiness of the blood. The very feeling itself: "Why hast thou forsaken 
me?" Who among us could come up that despair for scanning? Had this been developed a 
bit earlier we might watch a documentary of, say, Mother Theresa, containing her own 
actual deep sense of compassion, which we would feel arising in us as our own. 


Then again, a Psychedelic Feelie could induce an LSD-like state and simply blow the 
audience's minds. 


Even in its simplest most primitive mode, the hypnogogic trance induction with its 
increased suggestibility, would completely alter the experience of even ordinary current 
movie going. 





6. As it Stands - 2002 


"Anyway, it's presently a "Mexican stand-off" with the various parties maneuvering with 
check and countercheck. That is the real "balance of terror" that is held by such a fragile 
balance." 


"You can see the implications if such weapons fall into the hands of the radical terrorists. 
Ordinary positive energy EMP shooters can be made fairly readily and cheaply from 
nearly just Radio Shack parts or surplus parts. It just takes some know-how... When and 
if the Yakuza [Japanese mafia] gets those (and they will, it's just a question of time), you 
can begin to appreciate some of the turns this present terrorism and our war on it will 
take." 


Bearden http://www.cheniere.org/correspondence/021702a.htm 


The very thought of the building of one of these howitzers by "some lone-nut gunman" from 
Radio Shack parts makes one realize how serious it is for humanity to face the crisis it has come 
to. 


Once again, as at the dawn of the nuclear era, humanity finds itself at the crossroads of Heaven 
and Hell. As a species, we must stop and consider. And there is at least one real difference 
between this visit to the crossroads and the last: this time there is a very real possibility of a true 
"earthly heaven" on the Heaven side. 


The poor nations could come to a good life. Disease could be largely eliminated. Fossil fuel 
pollution could end. Global warming could be solved, and the weather could be managed in a 
humane way, bringing water where there is drought, and sunny skies where there is flood. Scalar 
interferometry would be there to avert any possible hits by asteroids or comets. Mars could be 
colonized and terraformed. Everyone would be highly educated through psychoenergetic 
downloading of knowledge. And the wisdom of the wise could be realized directly through 
scalar connection to their minds and hearts. 


These stunning sudden possibilities give me pause to think: if our species has reached this 
crossroads in such a short span of centuries, then surely other species in this vast universe have 
passed this way before and long ago. And of those who chose the path to "planetary heaven," 
what is their life like now? It might be good if some of them were with us now, to guide us 
through this last struggle over this pesky old good-and-evil problem. It is our last chance to 
choose the path which benefits the whole species, and not just some elite group or faction. 


The Disclosure Project 


One person working tirelessly to bring to bring these technologies into the open is Dr. Stephen 
Greer of the Disclosure Project, which is calling for congressional hearings into the issues of 
UFOs and the free energy technology that was, perhaps in part, reverse-engineered from them. 


"Once abundant and nearly free energy is available in impoverished areas for agriculture, 
transportation, construction, manufacturing and electrification, there is no limit to what 
humanity can achieve. It is ridiculous — obscene even — that mind-boggling poverty 
and famine exists in the world while we sit on classified technologies that could 
completely reverse this situation. "So why not release these technologies? Because the 
social, economic and geo-political order of the world would be greatly altered. Every 
deep insider with whom I have met has emphasized that this would be the greatest change 
in known human history. The matter is so highly classified not because it is so silly, but 
because its implications are so profound and far reaching. By nature, those who control 
such projects do not like change. And here we are talking about the biggest economic, 
technological, social and geo-political change in known human history. Hence, the status 
quo is maintained, even as our civilization hurtles towards oblivion... 


"With the types of weapons currently in the covert arsenal — weapons more fearsome 
even than thermonuclear devices — there is no possibility of a survivable conflict. Yet in 
the darkness of secrecy, actions have been taken on behalf of every human that may 


endanger our future. Only a full, honest disclosure will correct this situation. It is not 
possible for me to convey in words the urgency of this." 


Dr. Stephen Greer http://www.disclosureproject.org/ES -DisclosureImplications-2.htm 


Greer and his team have assembled hundreds of witnesses, many of whom are military or ex- 
military, who are ready to testify to congressional hearings what they know about the covert 
black projects which have kept free-energy and antigravity propulsion technology secret from the 
people. 


Greer points out the need to regulate these technologies so they are limited to peaceful uses, but 
this is of course difficult when the government simply chooses to pretend they do not exist. In 

the meantime, as the President and the Defense Department continue the charade of war-as- 
usual, those scalar (longitudinal wave) installations which DO exist continue to fall into ever 

more sinister hands. And there is no reporter in the press brave enough to ask, "Mr. Secretary of 
Defense, what steps are you taking to defend our MINDS from attack by the big Russian 
longitudinal interferometers?" 


Longitudinal Interferometers are Proliferating 


In a later statement Bearden reveals that in fact the Yakuza [Japanese mafia] has already leased 
some of the interferometers with a nearly $1 billion "down payment:" 


"After the collapse of the Soviet Union's economy, lots of things got available for lease or 
purchase that would never have been under the old system. That happened in the 
resulting economic chaos. The Russian Mafia rose to prominence, as did some wheeling 
and dealing entrepreneurs who played both ends against the middle. 


"In that atmosphere, and in the need for money, the KGB allowed leasing of the earlier 
longitudinal EM wave interferometers to a consortium of the Yakuza and Aum 
Shinrikyo. They did this only after they had tested and deployed their great new quantum 
potential weapons. That class of weapon is the dominant weapon on earth. Five nations 
now have it: Brazil, Russia (KGB), China, and two nations friendly to the U.S. The deal 
to lease many of the earlier LWIs [longitudinal wave interferometers] to the Japanese 
Yakuza and Aum Shinrikyo was consummated at the end of 1989, with a down payment 
of $900 million in gold bullion as "up front" money. I don't know what the lease per year 
was and is, but probably something like a billion dollars a year. So the rogue Japanese 
acquired longitudinal EM weapons and that technical know-how. In fact, the Yakuza is 
producing certain kinds of those in its own facilities in Japan now." 


Bearden http://www.cheniere.org/correspondence/030202a.htm 


Personally, I am a little uncomfortable with the knowledge that the Japanese mafia may now be 
able to insert things into my mind. I'd like to sleep at night knowing that my dreams are my own, 
such as they may be, and not some weird fantastic visions cooked up by a criminal organization. 
This is a world emergency. 


And in Bearden's analysis, it all comes back to the issue of energy. It is the energy crisis which is 
now provoking the current "oil wars," since oil production has hit the "Hubbert Peak" and will 
decline. And the electrical power grids must be replaced with scalar power as fast as possible, for 
these grids are now totally vulnerable to any possessor of longitudinal interferometers. They can 
all be wiped out in minutes. By anyone who possesses or controls a Tesla howitzer. 


"Anyway, in my personal view, we should have a national Manhattan Project right now, 
to develop decentralized electrical power systems taking their energy from the vacuum . . 
. The MEG is real and so are several other systems invented by private inventors and 
colleagues. All these efforts should be massively funded and massively and quickly 
developed. The survival of this nation is going to depend upon it. . . . There are many 
other facets, but the major point is that our scientific apparatus and the public are still 
unaware of what a desperate struggle we have entered, since it was thrust upon us. 9-11 
was a wake-up call. It was certainly bad enough, and one grieves for those lost American 
lives. But I fear the worst is yet to come, and it is coming at us like a runaway train 
hurtling right down the track at us." 


Bearden http://www.cheniere.org/correspondence/021702a.htm 


"The electromagnetic weapons mentioned by the Secretary of Defense in April 1997 are 
in terrorist hands also, including the Yakuza and Aum Shinrikyo. That rogue group 
leased those earlier weapons on site in Russia, from the KGB, at the end of 1989. The 
SecDef stated that such weapons were being used to initiate earthquakes, initiate 
volcanoes into eruption, and control and engineer the weather. Quite true. And presently 
there is a truly massive set of weather engineering operations going on over North 
America, from that rogue Japanese group manning the weapons in Russia. Some 10 
nations of the world now have the type of longitudinal EM wave interferometer weapons 
(which are what the SecDef was most probably referring to). There are other even more 
fearsome weapons, possessed by five nations. So a great deal of the state of the world is 
not covered in the news at all, and will not be... 


"We have been in an undeclared war of an eerie kind for some decades. That war seems 
now to have started to heat up also. The destructive capability of some of these weapons 
is awesome, and far greater than nuclear." 


Bearden http://www.cheniere.org/correspondence/021702a.htm 


"In that sense, the first phase of WW III is already completed. Now we are only waiting 
for Phase II. 


"It is against that backdrop that I think one must "analyze" such things as how fast we 
will be replacing the power grid (it's going to go anyway, and catastrophically, the 
terrorists will see to that). And everything we have is critically dependent upon energy, 
from the economy to jobs to mobility, to the millions of trucks that transport our goods 
every day, etc. 


"As far as I am concerned, we are already late in declaring a great national emergency in 
energy, because of the coming destruction of the present energy infrastructure. The 


scientific community should lead, follow, or get out of the way. The emergency is not in 
seeking "alternative but conventional" systems. It is in developing "energy from the 
vacuum" on an emergency, crash basis. 


"Unfortunately, everywhere I look I just see business as usual. Most Americans (and 
news media) seem to think, hey, Afghanistan is finished except for a bit of cleanup, and 
it's just about over). 


"Tt isn't. It has only just begun." 
Bearden http://www.cheniere.org/correspondence/021702a.htm 


Beyond the Howitzers: Quantum Potential Weapons 
Do not use EM propagation through space 


As more and more nations acquire the scalar interferometers, Bearden speculates on the next 
generation of longitudinal weapons called "quantum potential" [QP] weapons. 


"The quantum potential weapons are presently only held by three nations: Russia (in the 
hands of the KGB, which is now know by its new name), Brazil, and the "friendly little 
nation." Red China may be working on them, but is just at the beginning... 


"The QP weapons have been highly reserved by the Russians. However, the complete 
extent of their capabilities is still being figured out... 


"The quantum potential weaponry (possessed by only three nations) is supreme, because 
it uses multiply connected spacetime, and DOES NOT involve propagation of EM energy 
through space as does the longitudinal EM wave interferometers. 


Bearden http://www.cheniere.org/misc/qp.htm 


"The operational deployment of full-scale strategic QP weapons on site in Russia 
occurred at the end of 1989, which is when the formal weapons first went operational. 
These weapons are not in the inventory of the regular Russian armed forces, but all 
research and development, manufacturing, deployment, an manning and employment is 
under the ruthless control of the KGB. Shortly thereafter (within weeks), the KGB leased 
many of their earlier longitudinal EM wave interferometer (LWI) weapons to a rogue 
Japanese group comprised of the Aum Shinrikyo and Yakuza." 


Bearden http://www.cheniere.org/corres pondence/021401.htm 


In another paper, "Time Polarization - Significance and Weaponization," Bearden tells the story 
of how a KGB longitudinal wave attack was averted by the longitudinal weapons of a "friendly 
small nation." 


So as it stands, it is precarious. Not until the people demand an end of what author Jim Marrs has 
dubbed the "Rule by Secrecy," can the people's representatives tackle the big problems of a 
worldwide ban on Scalar Wars and the shifting over to an essentially oil-free economy. 


Latest Update from Tom Bearden - March 2002 


The whole situation is changing so fast that when I asked Tom to look over this article he 
mentioned the seeming contradiction when some of the above statements are taken together. At 
different times the information he has is updated so one has to keep a kind of running track. He 
was kind enough to clear up the confusion here with the situation as it stands as of March, 2002. 


"We knew of three nations having the QP weapons for some time. Then we found out last 
year that five nations had it. So that explains my using the figure "three" first (which 
represented what I knew at the time). Later I found out about the other two nations. 
China, e.g., only deployed its QP weapon this past year. So that explains the apparent 
contradiction between me using "five" in later papers and "three" in earlier ones. It was 

the best information I had at that time. Might mention that so the reader will understand 
the apparent discrepancy." Tom Bearden 


Emptiness is Full of Energy 


"The Tao is an empty vessel; 
it is used, but never filled. 
Oh, unfathomable source 

of ten thousand things! 


"Oh, hidden deep but ever present! 
I do not know from whence it comes. 
It is the forefather of the gods." 


Lao Tzu -Tao te Ching 


Afterward 


Because of the extreme seriousness of the topics brought forward in this article, I asked Tom 
Bearden to look it over to make sure I had not gotten anything too terribly wrong or mixed up. I 
did not want to pass on any misunderstanding of my own. I felt a little nervous writing to an 
eminent scientist, and hoped I had not presumed upon his time. 


But Tom was so kind as to answer immediately, and to my relief I had not gotten anything too 
terribly wrong. Here is his letter, in which he clears up a misunderstanding, and reports on his 
current health treatment, and gives a call to the young grad students to turn themselves loose in 
the whole new field of scalar electromagnetics and free energy. 


Subject: RE: Article on Tom Bearden and "Scalar Wars" 
Date: Fri, 22 Mar 2002 22:54:01 -0600 


Bill, 


Well, I must say I'm astounded at your persistence and hard work in congealing all that together. 
My compliments on a hard job quite well done. 


Couple tiny things: In the area mentioning Kervran and Kaznacheyev: Kervran was French; 
Kaznacheyev was and is Russian. Little typo of "spredding" the immune system. Should be 
"spreading". 


We knew of three nations having the QP weapons for some time. Then we found out last year 
that five nations had it. So that explains my using the figure "three" first (which represented what 
I knew at the time). Later I found out about the other two nations. China, e.g., only deployed its 
QP weapon this past year. So that explains the apparent contradiction between me using "five" in 
later papers and "three" in earlier ones. It was the best information I had at that time. Might 
mention that so the reader will understand the apparent discrepancy. 


Otherwise, it's pretty accurate. 


Just now I'm letting the weapons take care of themselves; have to, as I will be recovering now for 
nearly a year from now after the heart attack last year and discovering that I had contracted 
mycoplasia (the BW modified kind) in Canada in 1968. Finally got a test which confirmed the 
chronic mycoplasia (which I had for 33 years!). The stuff burrows inside one's red corpuscles, 
then draws nutrients from the hemoglobin, hardening it and reducing its ability to take on oxygen 
(by as much as 50% or more). The resulting symptom is loss of endurance (which I had for that 
33 years) -- the so-called "chronic fatigue syndrome". 


Many of the Gulf War Veterans who are sick also have it, though they apparently have other 
complicating factors as well. A very high percentage of persons with chronic fatigue syndrome 
also have mycoplasia. The treatment for the long-standing mycoplasma infection of that nature is 
to stay on antibiotics for a year. The only time the mycoplasma is vulnerable is when one wears 
out a red cell in normal usage, and the body makes a new red cell to replace it. The mycoplasma 
comes out of the dying cell to infect the new replacement cell, so it is exposed and vulnerable at 
that specific time and that time only. The antibiotics kills it at that time. Hence the necessity to 

stay on antibiotics for such a long time so it is continuously in your bloodstream (I've already 

been on antibiotics for over two months, and have at least 10 more months to go). We also take a 
little medical oxygen every day. 


Another symptom of the mycoplasma infection is the association of runaway fibrillation of the 
heart. To stop that, there are pills one takes, and they stop it. But they also further reduce the 
volume of blood pumped by the heart, so that this projects one right back into the hypoxia, dizzy, 
loss of balance, etc. Catch 22 situation; the fibrillation will build and cause heart attack, stroke, 
etc. if not stopped, and if stopped it puts you back in the hypoxia which can cause many things! 
With the conventional treatment, you're damned if you do and damned if you don't. Hence the 
need for a little extra medical oxygen, so you can take the "heart clamp" pill and stop the 
fibrillation, but also augment the oxygen enough to continue to survive without a stroke or some 
such. Interestingly, it's very difficult to even obtain a mycoplasma test, and Medicare fights you 
tooth and nail over paying for the oxygen. Either they will pay for it or I'll pay for it myself; it is 
absolutely necessary. 


After a heart attack, one is treated in the heart clinic by specialists who are very caring and 
excellent practitioners, but know nothing of mycoplasma infection, so not consider it even a part 
of "heart disease", and who are rather puzzled when one has no clogging of the arteries, has the 
right count of red corpuscles (largely nonfunctional, of course, but there), pumps the right 

amount of blood, etc. So they identify and treat only the runaway fibrillation, do not prescribe 

the oxygen -- and essentially place you on a regime as best they know, but one that is guaranteed 
to kill or maim you or turn you into a totally disabled person or human vegetable via stroke, 
paralysis, etc. Fortunately my family doctor will prescribe the oxygen anyway, though I may 

have to pay for it myself. Whatever works! 


However, I'm slowly improving little by little, working as much as I'm able to and trying to 
finish my book: Energy from the Vacuum: Concepts and Principles, and get it to the publisher 
for publication later this year. Hopefully the book will turn all the interested young grad students 
and post-docs loose in the free-energy area. They will not have to spend 30 agonizing years to 
get to where I am, and where a few others are, but can simply start here and go forward. Since 
speed to develop energy from the vacuum is of the essence because of the world situation, I'm 
moving on it as fast as I am physically able to. 


Meanwhile, working with the AIAS (Alpha Foundation's Institute for Advanced Study), the 
AIAS (15 authors) has now gotten about 20 scientific papers published in leading journals 
(Foundations of Physics, Foundations of Physics Letters, Physical Scripta, Optik, etc.) dealing 
with electromagnetic energy from the vacuum. Several more are either approved for publication 
or in the review process also. So slowly we are getting it into the mainstream scientific literature. 
Hopefully it will be in time, but it's cutting it close. 


Very best wishes, 
Tom Bearden 


Late update 


Massive display of longitudinal interferometers? 


UFO Fleet Taped Over Bedhampton, England 


Is this sighting a case of the testing of all the Russian (KGB) longitudinal interferometers at 
once? And coordinating their targeting through the woodpecker grid to a common place, as an 
exercise in making a massive scalar attack upon a given region? Was this a confluence of 
Russian Tesla howitzer marker-beacons? 


Bedhamptor@engiand - March 22 Video Frames by: Bnthony Vo 





Certainly for a massive all-out scalar attack you would want coordinated movements of the target 
areas of many howitzers at once, for you could then just cut a bloody swath across a wide area, 
all the howitzer blasts marching across the land in a kind of scalar version of the "scorched-earth 
policy." All in a line, blasting, and heat, and mind waves. Or you might want to put the blasts all 
in the same place for a truly horrendous destruction. And on top of that biowar on citizens whose 
immune systems have been weakened with the quantum potential weapons. This is the latest 
version of Armageddon. 


And should any madmen gain control of these weapons, any rogue group at all, and should they 
have some agenda to radically depopulate the world, to simply kill by the billion, the means will 
be in their hands to do so. 


Update: MEG patent granted 
Motionless Electromagnetic Generator Patent Granted 


This message is from Jean-Louis Naudin, the French scientist who successfully replicated the 
Motionless Electromagnetic Generator (MEG) in France. He announces the granting of the 
patent to the MEG Builder's group at Yahoo. 


From: jnaudin509@ aol.com 


To: jlnlabs @yahoogroups.com 
Sent: Tuesday, March 26, 2002 2:20 PM 


Subject: [jlnlabs] (Info) GOOD NEWS : The Tom Bearden's MEG IS PATENTED 


Dear ALL, 


GOOD NEWS !!!! 


The Motionless Electromagnetic Generator from Tom Bearden is now PATENTED US 6362718 
granted on March 26, 2002 


US Patent 6,362,718 : 
Motionless Electromagnetic Generator ( MEG ) 


Abstract: An electromagnetic generator without moving parts includes a permanent magnet and a 
magnetic core including first and second magnetic paths. A first input coil and a first output coil 
extend around portions of the first magnetic path, while a second input coil and a second output 
coil extend around portions of the second magnetic path. The input coils are alternatively pulsed 
to provide induced current pulses in the output coils. Driving electrical current through each of 
the input coils reduces a level of flux from the permanent magnet within the magnet path around 
which the input coil extends. In an alternative embodiment of an electromagnetic generator, the 
magnetic core includes annular spaced-apart plates, with posts and permanent magnets extending 
in an alternating fashion between the plates. An output coil extends around each of these posts. 
Input coils extending around portions of the plates are pulsed to cause the induction of current 
within the output coils. 


Inventors: Patrick; Stephen L. (2511 Woodview Dr. SE., Huntsville, AL 35801); Bearden; 
Thomas E. (2211 Cove Rd., Huntsville, AL 35801); Hayes; James C. (16026 Deaton Dr. SE., 
Huntsville, AL 35803); Moore; Kenneth D. (1704 Montdale Rd., Huntsville, FL 35801); Kenny; 
James L. (925 Tascosa Dr., Huntsville, AL 35802) 


Appl. No.: 656313 
Filed: September 6, 2000 


For some technical info see my web site at : http://jnaudin.free.fr/html/meg.htm 


Best Regards 

Jean-Louis Naudin 

Email: JNaudin509 @ aol.com 

Main Web site : http://jInlabs.org 

Site France : http://jInlabs.multimania.com 


Click here to view patent # 6,362,718 


Patent Story on Rense.com: 


Rense.com 
MEG Scalar Energy Device 
Patented - Production Starts Next Year 


From Bill Morgan 
wmorgan @nycap.1r.com 
3-28-2 


Patent was granted on March 26, 2002 for "The Motionless Magnetic Generator," (MEG) US 
Patent 6,362,718, which is likely to become the first commercially available free energy device 
in history in about one year from now. The machine will provide free electricity from the 
vacuum, for the life of the device, which should be a very long life since it has no moving parts. 
You can see a picture of scientist Jean-Louis Naudin's MEG replication model at: 
http://naudin.free.fr/html/meg htm. 


It has strong magnets, coils, and a controller unit with the electronics. Naudin made the 
announcement to the MEG- builder's Yahoo group. The announcement has significance since the 
patent office has always been skeptical of devices which seem to "get-something-for-nothing." 
But according to the new science of scalar electromagnetics, the MEG does not break the law of 
conservation of energy. It's just that the energy is conserved in the fourth dimension, time, and 
not our 3-space world. 


The MEG provides electrical energy by tapping the longitudinal electromagnetic (EM) waves 
which exist in almost infinite abundance in the vacuum of space. This ocean of energy which 
permeates everything is sometimes called the "zero point" energy, since it remains there even at 
absolute zero temperature. 


Four inventors are listed: Stephen L. Patrick, Thomas E. Bearden, James C. Hayes, Kenneth D. 
Moore. 


Tom Bearden has explained the operation of the MEG on his website Cheniere.org, and also 
speaks about the new fearful weapons that can and have been made using the same "longitudinal 
waves" of the vacuum. 


The complicated physics of how the MEG works is explained in the paper "The Motionless 
Electromagnetic Generator: Extracting Energy from a Permanent Magnet with Energy 
Replenishment from the Active Vacuum,” which can be found at Tom Bearden's website: 


cheniere.org.(http://www.help4all.de/energy/MEGpaper. pdf) 


The first MEG units to be produced for sale will output 2.5 kilowatts of free electricity. Forever. 
They should be in production about a year from now. Facilities for manufacturing the device are 
being set up in an unnamed "friendly nation." 


This free electricity will flow indefinitely, without much, or any maintenance. The units may be 
hooked together to provide more wattage, so four of them would provide 10 kilowatts. After 
some production experience units will be made which output 10 kilowatts each. With a couple of 
those units a house could get off the electrical grid. 


Tom Bearden, one of the inventors has said "I will admit that the chief scientist of an important 
experimental group in a large company was rather stunned at the type of output we were able to 


obtain. The MEG may look like just a transformer, but it is not. It is a completely different breed 
of cat." This cat, it would seem, is out of the bag now. 


The ordinary EM waves we are familiar with are called "transverse" waves, to distinguish them 
from the new "longitudinal" EM waves of the vacuum. Bearden has explained in depth on his 
website cheniere.org that wherever there is a dipole (battery, generator, magnet) there is an 
unseen flow of longitudinal EM waves in that local vacuum, the only problem is in tapping that 
energy and "transducing" it to electricity. Bearden says that the problem with all the electrical 
circuits we have is that they are two-wire circuits, a loop by which half the energy goes back to 
destroy the dipole. In the MEG that closed loop is never made. So the dipole is not being 
destroyed. 


Patents are not granted on devices which do not work, so in a sense this announcement proclaims 
a new era. The MEG device itself proclaims and proves that energy is abundantly available 
everywhere, for free. We only have to build the devices to tap it. MEG type devices could be put 
into a car with an electric engine to make a truly fuel-less automobile. Electricity can be 

available in very remote places. People will be able to get off our very terrorist- vulnerable power 
grids. In an era of terrorism a highly dispersed power system would be most desirable rather than 
our centralized systems. 


What is somewhat astonishing to me is the discovery by Bearden et. al. that time itself is actually 
compressed energy, and that this free energy is actually coming from the time domain, the ocean 
of longitudinal EM waves which fill the empty vacuum of spacetime. In fact, time is energy 
compressed by the same factor that matter is compressed energy: the speed-of-light squared. 
Thus there is a new companion to Einstein's E=mc2. Can you say "E equals delta-tee-cee- 
squared?" The "tee" is time and delta-tee is change in time. 


A company has been set up to manufacture the MEG called Magnetic Energy Limited. 


The ramifications of free energy are enormous. The oil wars are not necessary. If we threw as 
much money at this technology as we are spending on the oil wars we would be free of the need 
for oil in less than a decade. With fuelless cars air pollution will be greatly lessened. Third 
world nations can raise their standard of living eventually. And the energy is free. And it never 
runs out. 


I have put together a kind of "Bearden for Beginners" article which explains some of the basic 
concepts of the current state of scalar technology. 


http://www.prahlad.org/pub/bearden/scalar_wars.htm 


The granting of the MEG patent is the herald of the new era of scalar electromagnetics, and the 
free energy which flows forever and never runs out. 


Bill Morgan 
wmorgan @nycap.1r.com 


Do the magnets run down after a while? 


Further developments: Tom Bearden clears up a question 


When the MEG patent was released many questioned the patent language which seemed to imply 
that permanent magnets of the MEG would "wear out" after awhile. I myself wondered about the 
same thing so I put the question to Tom, and here is his reply. 


Dear Bill, 
Thanks for the kind words; much appreciated. 


I'm not up to going on radio or TV, and won't be for quite some time. Still suffering from 
hypoxia, though very slowly improving, and will still be on antibiotics for 10 more 
months at least (maybe longer). 


Obviously an extensive dialog developed between the Patent office and our patent 
attorneys. As best I can understand it, the Patent office accepts the fact that a permanent 
magnet produces and emits energy, or has a history of accepting it. They do not appear to 
be at all cognizant of the broken symmetry of opposite charges, and hence of a dipole. So 
in their opinion (which seems to be vague), the magnet has to use itself up very gradually, 
or some such. So some rewrites were essentially required by the Patent office. 


All I can say is that a magnet is a very durable thing, so long as you don't heat it up too 
much or shock it to much. Certainly one will make a good 20 years, and of course there 
are plenty of magnets that have been around awhile longer. 


That said, in our earliest experiments we did "measure" some such effect, or so we 
thought, until we found that a particular instrument was bad and giving erroneous 
readings. So with a new instrument, we have not observed since then any such readings. 


Out of all that fuzziness came the inclusion of "using up the magnets gradually". So far as 
we are aware (after correcting those early readings on a defective instrument), we have 
seen no such measurements or effects since then at all. Nonetheless, just in case there is 
some very small effect in that respect, at least it's in there. 


Actually, as you are aware, capacitors and solid state components are the major concerns 
for failure, and any system does require maintenance, both periodic and whenever 
malfunction or failure occurs. The MEG is no different from any other device in that 
respect, so of course it will have a component failure rate and maintenance required from 
time to time, just as any other electromagnetic device. But without moving parts, it can be 
ruggedized and made very durable indeed. 


Please give Jeff Rense my regrets, and I do admire his work and his show. He's laying it 
in there. 


The depth of the scientific mindset against COP>1.0 is inexplicable, particularly when 
physics itself already has COP>1.0 validated experiments (such as Bohren's experiment, 


which outputs 18 times as much as one inputs by Poynting calculations), and it works 
every time. Any competent university optics lab can perform the experiment. Also, even 
the conventional texts admit that a charged capacitor or electret laid on a permanent 
magnet, so that the E of the cap or electret and the H of the magnet are at nght angles, is 
a "free energy machine". That silly thing will just sit there and pour out Poynting energy 

S = EXH indefinitely. Years and years and years. If you wait just a single year, that silly 
thing has changed the energy density of a volume of space a light year in radius, reaching 
out well beyond the solar system. Now that's a WHALE of a lot of EM energy that beast 
poured out in that year, and it will still be going strong and pouring it out at a steady rate. 
The charges and dipoles in original matter in the universe have been pouring out EM 
energy in that fashion for some 14 billion years, give or take a billion or so. It's also easy 
to see that, prior to Lorentz's ARBITRARY symmetrical regauging of the Maxwell- 
Heaviside equations, those equations prescribe both EM systems in equilibrium with their 
active environment, and EM systems not in equilibrium with it. The latter systems are 
permitted by the thermodynamics of open disequilibrium systems to perform five magic 
functions: (1) self-order, (2) self-oscillate or self-rotate, (3) output more energy than the 
operator inputs (the active environment inputs the rest of it), (4) power itself and its load 
(the active environment inputs all the energy, like a windmill), and (5) exhibit 

negentropy. That is a well-established thermodynamics. Lorentz arbitrarily discarded all 
such open disequilibrium EM systems in order to get simpler equations having analytical 
solutions and not requiring numerical methods. So he simply scrapped all the really 
interesting and challenging EM systems in Maxwell's theory. ARBITRARILY! 


That our scientific establishment continues to teach only that "half" of the theory, and not 
point out the rest to the young students, and not fund research into developing such 
systems that take energy from the vacuum, is simply inexplicable. It's a matter of total 
dogma, not science at all. 


But hopefully it is changing a little bit. At least now we cite chapter and verse when these 
things were done, and what they are, and the young grad students and post docs can go 
check the papers and make up their own minds. 


That is the real hope of the future: that we get a generation of young fellows, with 
excellent skills, who now know where all the skeletons got hidden in the closet, and 
understand that the electrical engineering model arbitrarily assumes an inert vacuum 
environment (falsified for more than a half century in particle physics) and a local flat 
spacetime (falsified for nearly a century by general relativity). 


Once they know that past history, and go read into what broken symmetry of opposite 
charges means for a dipole and for all dipolar EM circuits, they will set to and change 
that more than a century of error. In that case, we shall have numerous solutions to the 
energy crisis rather quickly, popping up all over. 


Good thing. It will certainly displace some great energy barons, but it will also free the 
populace. One can extract all the EM energy from the vacuum one wishes, anywhere, 
anytime, with ridiculous ease. One can produce that "electrical wind of energy" at will, 
by making a simple dipole and then letting it alone. The only energy problem is in how to 


then intercept some of that energy flow and "catch" it in a circuit, discharge it in a load to 
power it, and not use half the "caught" energy to kill that dipole that is gushing out the 
extracted EM energy from the vacuum. 


Very best wishes, 


Tom Bearden 


END 
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Tesla's Scalar Fields Still Beaming On! 









The superluminal (faster than light) scalar or longitudinal waves Nikola Tesla used to magnify 
and wirelessly transmit power are not just a thing of the past. IEEE engineer, Steve Jackson, 
discusses and demonstrates how they can be utilized today, and he is open sourcing it here! 





by Hank Mills 
Pure Energy Systems News 





Nikola Tesla is the father of the modern 
age. His inventions of radio, remote 
controlled devices, alternating current, 
and induction motors (among many 
others), paved the way for modern 
civilization. Yet other of his inventions 
barely saw the light of day, despite their 
tremendous potential. 


RECEIWER STATION 


IGREENI@E ary 
com 


Save Fuel Today 


Hydrogen on demand 
The fuel of tomorrow 


Such a severely under utilized technology 
is his wireless energy transmission 
techniques. By producing scalar 
(longitudinal) waves, he could achieve 
superluminal (faster than light) Px 
communication, send signals through any 
material including Faraday cages, and 
wirelessly beam power to receivers. 
Researchers like Steve Jackson provide 
hope that by open sourcing Tesla's work, 
scalar wave transmission can proliferate 
and positively benefit the world. 
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Tesla Generator - Build 
Your Own Generator 


Eliminate Your Power Bill Easy. 
Do It Yourself. Great Discount 


Last Thursday, March 24, 2011, Steve Now! Just $49. 

Jackson held a presentation and 

demonstration of a scalar wave tesla-energy.org Q) 
transmitter and receiver at a local IEEE 

meeting at McMaster University in 


Ontario, Canada. During the talk he gave 
4 to dy ig] 4 Jim Murray and Paul Babcock's | Ignition Secrets DVD 
an overview of Tesla's life, his inventions, 4790% SERPS Presentation by Aaron Murakami 


and a plethora of information on his 
wireless power transmission technology. 
Afterwards, he demonstrated a small 
electric fan attached to a scalar wave 
receiver powered by a transmitter over 
twenty feet away. Tesla's technology is 
alive today! 








Magnetic Energy Secrets, Paul Battery Secrets by 
Babcock, Parts 1 & 2 Peter Lindemann 








Furthermore, he has approached us at PES 
Network to open source his design. You 
can download his PowerPoint 
presentation here. We'll be uploading to 
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Tesla's Scalar Waves Still Beaming On! 


our PESNetwork YouTube account a o Fusion Froide 
video of his presentation to the IEEE in a o Fusion Fria 
couple of days. It's in process of being Le 
transmitted, but will take a while, as it is 
3+ Gb. We're expecting to get 
instructions from Steve on Monday, and 
we'll be posting a PES Wiki page to = Your Ad Here 
organize all this material to streamline the 
presentation. 
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Take a look at the following video that 
shows a small boat powered by scalar 
waves many feet from a transmitter. 











Demonstration of Tesla's Wireless Power Transmission System duplicated at the Tesla Tech 
Conference, July 2007. 


Scalar Wave Properties 


You might be wondering what in the world is a scalar wave! It's actually pretty simple. Unlike a 
transverse wave (like an ordinary radio or light wave) a scalar wave's amplitude does not fluctuate 
up and down. Instead, try to visualize it more like a vibration of electric potential expanding and 
contracting in the direction of propagation. 


Scalar waves are also often called "Tesla Waves" or "Longitudinal Waves." All of these terms 
refer to the same type of wave which oscillates in the direction of propagation instead of 
perpendicular to the direction of movement. These waves have many unique properties which 
have been tested and confirmed repeatedly. 


1) They are capable of penetrating any solid object including Faraday Cages. You can put a 
transmitter in a box of thick metal and a receiver outside of the box will receive the scalar wave 
frequency you are pulsing. The potential here is for a transmitter that can penetrate any obstacle or 
perhaps communicate directly through the Earth from one side of the globe to the other. 


2) They are capable of superluminal travel. These waves are claimed not to be electromagnetic, 
but composed of pure potential energy. Due to this, the speed of light limit does not apply to them. 
The propagation speed of a scalar wave has been measured as faster than the speed of light and 
thought by some researchers to be potentially of infinite velocity. (Perhaps SETI - The Search for 
Extraterrestrial Intelligence - needs a different kind of receiver in order to pick up signals from 
elsewhere in the universe! Why would advanced ET civilizations even bother using slow 
transverse waves for interstellar communications?) 


3) They are capable of transmitting power. It can then be put to use powering motors, lights, 
vehicles, etc. 


4) A scalar transmitter can wirelessly send power to a receiver through any obstacle. For example, 
as mentioned above, you can setup a transmitter, put it in a Faraday Cage or a metal box, and a 
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receiver can receive power far away. 


5) During the process of transmission and reception they can magnify power. You can input a 
certain quantity of power into a scalar wave transmitter and yet the receiver can receive several 
times the power. 


6) Transmitters and receivers can communicate. 


7) A conventional transverse wave transmitter cannot sense if a receiver has "tuned in." However, 
in a scalar system the transmitter and receiver interact because they are in a state of resonance. 


As you can see Scalar Waves hold many potential applications for communication, energy, and 
other applications. To mimic a commercial for a popular brand of cell phone, "Scalar Waves do 
what Transverse waves don't." They are fast, penetrating, connected, and can broadcast magnified 
power. These waves are begging to be utilized! 


Recipes for Scalar Waves 


Nikola Tesla's most famous scalar wave transmitter was his Wardenclyffe tower on Long Island, 
NY. Prior to that, at the height of his amazing inventive career, he had a lab in Colorado Springs, 
Colorado. He was able to beam power to receivers miles away that were used to illuminate neon 
tubes. A great deal is known about his tower, transmitters, and receivers. It is all detailed in his 
patents. This allows for present day replications! 


From examination of Tesla's patents, researchers have learned that perhaps the most critical 
component of a scalar wave system is the antenna. It is composed of a flat "pancake coil" 
composed of both a primary and a secondary winding. The coil is connected to a spherical 
metallic resonator that helps transmit and receive scalar waves. 


A particularly good source for information about scalar wave systems is the website of German 
scientist, author, and researcher, Konstantin Meyl. He has published a series of books that describe 
scalar wave systems, detail their components, and discuss their operation. His books also dive into 
the science and physics of scalar waves, among other fascinating topics. 


In fact, he offers scalar wave kits for sale on his site. They include all the components needed for a 
complete system, arrive in an aluminum suitcase that can serve in the same manner as a Faraday 
cage for your experiments, and come with a book detailing the kit. These kits have been used by 
experimenters to prove to themselves and others the existence of scalar waves and their unique 
properties. 


Take a look at the following video to see Konstantin demonstrating a scalar wave transmitter and 
receiver. The same device in the following video is for sale right now on the internet from his 
website. 





M 
eyl shows Tesla's longitudinal electricity transmission in Washington 
DC at a Tesla,m meeting in 2003! 


Even NASA is paying attention to scalar waves to some degree. The paper titled, "Advanced 
Energetics for Aeronautical Applications: Volume II" by David S. Alexander offers a review of 
scalar wave (longitudinal wave) research. It mentions the work of Konstantine Mey] and others in 
the field. Interestingly, the paper also discusses how Dr. James Clerk Maxwell's original equations 
specifically allowed for scalar or longitudinal waves. Only many years later did short sighted 
scientists who did not care to deal with Maxwell's complex equations based in "quaternions" 
mathematics arbitrarily discard longitudinal waves. Due to this, many mainstream scientists doubt 
their existence despite their history and the mountain of evidence which proves they are very, very 
real. 





Opening Tesla's Technology 


Steve Jackson's goal is to open source Tesla's 
wireless power transmission technology. This is 
very possible to do, due to the simple nature of 
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the parts and components required. During his 
talk he published a list of components required 
to build a system. This same information can be 
found in the books of Konstantin Meyl and 
elsewhere on the internet. 


By open sourcing this technology, ordinary 
individuals could prove to themselves, friends, 
associates, co-workers, and others that Tesla's 
technology worked as claimed. Not only does it 
work, but can be replicated and used for 
practical applications today. All unique 
properties of scalar waves could be harnessed 
and developed to revolutionize our society. 





When Steve releases plans, drawings, and other 
information, probably next week, we will add 
them to a project page at PESWiki.com. We'll 
add a link from this page when it is ready. 


Earth Changes and the Future 


In his books and lectures, Konstantin Meyl has 
compared superluminal scalar waves to the 
neutrino, which is also thought by some to 
travel faster than light. Neutrinos bombard the 
Earth in all directions, but the majority of them 
arrive from the central star of our solar system. 
Due to the fact that approximately half of the 
neutrinos are absorbed as they pass through the 
Earth, it is thought they may interact with the 
core and inner layers of our planet. ; <== = 





Some researchers suggest solar phenomenon 
can produce variations in neutron emissions 
which may trigger "earth changes" on our 
planet. This was depicted in the blockbuster 
movie, 2012, as the cause for the crust 
disruptions from the mantle heat-up from 
increased solar activity. Hence, studying and aH OPE GAPE TOR 

understanding the nature of scalar waves may nteiae, see 

increase our chance of survival during chaotic _ Circuit diagram used by Steve comes from 
periods in the future. Perhaps by understanding _ !talek.com, Figure 3. 

them we could eventually learn how to 

constructively utilize them to stabilize our planet during periods of solar fluctuations, sun spots, 
flares, etc. 








Perhaps with the use of scalar wave technology, earthquakes, volcanic eruptions, or other natural 
disasters could be prevented or detected ahead of time. Even a one hour warning before an 
earthquake, such as the one that recent devastated Japan, could save thousands of lives. Although 
all kinds of unique technologies are possible with scalar waves, at a minimum we need to 
understand how neutrinos and scalar waves interact without planet. Not doing so could result in 
needless death and suffering. 


Lets get moving! 


To not harness scalar wave technology for the benefit of mankind would be tragic. Our civilization 
is facing adversity in countless forms. Hunger, disease, pollution, poverty, and war threaten our 
future and the future of our children. Scalar waves exist, they are useful, and the information to 
build devices that generate and receive them is available to everyone. To better understand our 
universe, to ensure the continuation of our civilization, and to honor Nikola Tesla we should do 
our best to support the open sourcing of this technology. 


Videos 


On March 30, Steve conveyed the following YouTube links showing his presentation to the local 
IEEE on March 24. 


#1 Slide 1 https://www.youtube.com/watch?v=qs-2s851060 

#2 Slide 20 https://www.youtube.com/watch?v=s4kvJpUgGKI 
#3 Slide 39 https://www.youtube.com/watch?v=4Y XPa73NNsA 
#4 Slide 57 https://www.youtube.com/watch?v=LqhRDY56CqU 
#5 Slide 81 https://www.youtube.com/watch?v=elHtSOVyI5SQ 
#6 Slide 93 https://www.youtube.com/watch?v=JuehDylES_A 























Replication Instruction should be done tomorrow. 
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Contact 


Steve can be reached by email at steve.jackson@ieee.org 





H#F 


This story is also posted at BeforeltsNews. 


What You Can Do 14 people recommend this. Be the first of 
your friends. 
1. Replicate this design. 
2. Pass this on to your friends and favorite 


news sources. 

3. We at PES Network are in a pinch right 
now. Donations would be greatly appreciated. 

4. Subscribe to our newsletter to stay abreast of the latest, greatest developments in the free 
energy sector. 

5. Let professionals in the renewable energy sector know about the promise of this 
technology. 


Comments 


Feel free to view/post comments down below. The following came in by other means. 


Not Scalar "Wave" 


On March 27, 2011, 1:45 pm, Karl Palsness wrote: 


You should read about Scalar .. it is a "Scalar FIELD" there should be no such thing as a "Scalar 
wave"; and there is a "Longitudinal Wave", instead of scalar wave. Scalar waves just don't exist 
according to the word scalar meaning size. A Tesla coil has a scalar field around it...and emits a 
longitudinal wave.... 


A Tesla-era dictionary defined it as: 


Scalar -- In physics, a quantity which has magnitude, or magnitude and sign only, 
without direction, such as density, mass, energy, etc., as distinguished from a vector 
quantity. 


and 


longitudinal wave: A "pressure" type of wave, similar to sound, in which the 
vibrations are along the direction of travel of the wave. Hence, a wave composed of 
alternating densifications and rarefactions, where we focus upon the longitudinal 
component of the changes. 


KOR OK OK 


Longitudinal Waves (L.M.D.)s 


On April 02, 2011 12:29 AM MST, Dr. Eng. Roberto Handwerker <info {at} deltaavalon.com> 
wrote: 


Dear Sirs, 


this mail is a reply to a number of e-mail messages I got from [...], subsequently from Dr. K. Meyl 
and from Mr. S. Jackson about longitudinal waves ("L.M.D.s"). 


The matter "L.M.D"s. is not new at all but there is still too much discussion around it from 
different point of views, i.e. mathematics/physics calculus and electrical devices; this has slowly 
but definitely led to a total chaos even on the Web, resulting in misunderstanding and disbelief, 
which doesn't help anybody; 


therefore, the best approach for an engineer is to be very straight and careful especially when 
someone talks about Nikola Tesla and theories about aether and L.M.D.s., still not accepted by the 
"Academic World" who is as happy to hear such arguments as could be "a sailboat in a forest" so 
to speak and who brings in turn only useless negative criticism and hectic hysterism instead of 
helping clarify. 


This is why I prefer to proceed "step by step" scientifically replicating some Tesla apparatus and 
demonstrating his experiments, which is of course not easy because he was the Mozart of the art. 


I will present a book about the above and will very soon attend a Meeting in Italy to talk about 
L.M.D.s and show some working devices to public: it is always a pleasure to demonstrate FACTS 
and WORKING DEVICES rather than only showing some slides and theoretically discuss matters 


as "Lorenz gauge vs. Coulomb gauge", "quaternions vs. vectors", "T.E.M. vs. L.M.D." etc. etc. 
Only facts count, observation of Nature and research: math must consequently follow, as always. 


It is therefore more useful instead to bring something new to L.M.D.s tech and to the 
understanding of Tesla, like for instance my "Tesla power wireless" system with the "small car- 
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demo" shown in my following vids on You Tube (& others under "HorizonDelta"): 
https://www.youtube.com/watch?v=0BGFF4ItEv and https://www.youtube.com/watch? 
v=dvZH3RCdeVw 





also a tech e-book "Longitudinal dielectric waves in a Tesla coil and quaternionic Maxwell's 
equations" can be found on my Website for download: 


https://www.deltaavalon.com/immagini/L.M.D. waves in a Tesla Coil revised.pdf 





I hope the above helped positive discussion and knowledge. 
Regards 


Dr. Eng. Roberto Handwerker 
DELTA Ingegneria 


KOR KOK 


The Laplace Operator 

On March 31, 2011 2:06 PM MST, Konstantin Meyl wrote: 

Subject: Re: About Scalar Field and an Italian Book 

There is one comment, making clear, where the problem is localized: 
Karl Palsness wrote: 


"You should read about Scalar .. it is a "Scalar FIELD" there should be no such thing 
as a "Scalar wave"; and there is a "Longitudinal Wave", instead of scalar wave. Scalar 
waves just don't exist according to the word scalar meaning size. A Tesla coil has a 
scalar field around it...and emits a longitudinal wave..." 


If a scientist is using an expression, he first has to define, what the meaning is. This is what I do in 
my books, but in America, nobody seems to read my writings. I explain that the scalar wave is 
nearly the opposite of a scalar field. The expression is more than 200 years old and in mathematics 
exactly explained by the field equation of Laplace. 


The Laplace Operator (describing the distribution of a wave in space) may be separated in 2 parts: 
grad div - curl curl. The second part is explaining the EM wave, a transverse wave, while the first 
part gives a scalar wave: The div applied on a vector is scalar! This is why scalar particles or 
vortices as part of the wave equation are propagating as a scalar wave. But they are propagating in 
the direction of a field vector and by this the wave is longitudinal and has a direction. In 
mathematics it is known, that the grad applied on a scalar is a vector again. This is why the scalar 
wave is propagating in one direction, not in a scalar way, as Karl Palsness wants the scalar wave 
to do. So he has to read the literature first before he is spreading nonsense in the world wide web. 


My opinion about the education in the states is not the best. Lets help to improve it. 


Kk OK ok 


Other Relevant Coverage 


@ Featured / OS: Wireless Transmission > Scalar > Tesla > Coils > Jackson > 
Tesla Coils for Dummies - Are you interested in building a Tesla Coil 
to produce stunning effects that violate the "established" laws of physics, 
but are somewhat less than technically savvy than a rocket scientist? Then 
you are in luck, because this article is for you! (PESN; April 29, 2011) 








@ Featured / OS: Wireless Transmission / Electromagnetic > Scalar > Solid State > Tesla > Coils > Jackson > 
Jackson's Wireless Aetheric Power Transmission Open Source 
Project - To facilitate the replication of these plans, as well as to 
characterize, optimize, improve, and come up with the zillion applications 
that can come from it, including: 1) harnessing aetheric energy, 2) 
superluminal communication, 3) wireless transmission of power through 
any barrier, 4) anti-gravity capabilities, and 5) creating defensive shields to make 
conventional war obsolete. (PESWiki; April 21, 2011) 











@ Featured / OS: Wireless Transmission / Electromagnetic > Scalar > Solid State > Tesla > Coils > Jackson > 
Tesla Coils: Unleash the Aether - Nikola Tesla's most significant 
contribution was not AC power, radio, or the induction motor, but what we 
call the Tesla Coil - a tool which allows for the power of the aether to be 
unleashed and harnessed. Now being launched through an open source 
project. (PESN and BeforeltsNews; April 19, 2011) 





@ Featured / OS: Wireless Transmission / Electromagnetic > Scalar > Solid State > 
Tesla's Scalar Field Still Beaming On! - The superluminal (faster 
than light) scalar or longitudinal waves Nikola Tesla used to magnify and 
wirelessly transmit power are not just a thing of the past. IEEE engineer, 
Steve Jackson, discusses and demonstrates how they can be utilized today, 
and he is open sourcing it here! (PESN; March 26, 2011) 
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See also 


Resources at PESWiki.com 


¢ Directory:Konstantin Meyl 

e Directory: Wireless_Transmission_of Electricity 
e PowerPedia:Wireless_transmission_of_electricity 
e PowerPedia:Scalar_field_theory 

¢ Directory:Solid_State_Generators 

e PowerPedia:Solid_ State Generator 

¢ Directory:Electromagnetic 

e News:Electromagnetic 

¢ More Stories for Hank Mills 









































e PESN (Pure Energy Systems News) - Feature stories on cutting-edge, clean energy 
technology. 

e Free Energy News (.com) - Daily cutting-edge, clean energy technology news from around 
the world 

e PESWiki Latest - Newest feature pages in the publicly-editable energy directory. 

© This Week in Free Energy™ - Weekly live review by PESN, each Thursday 7 pm 
Mountain time 

e Free Energy Now (.net) - in-depth interviews 
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ADVISORY: With any technology, you take a high risk to invest significant time or money unless (1) 
independent testing has thoroughly corroborated the technology, (2) the group involved has intellectual rights to 
the technology, and (3) the group has the ability to make a success of the endeavor. 


® All truth passes through three stages: “When you're one step ahead 
First, it is ridiculed; of the crowd you're a genius. 
J -Yerel ate ML MMA) Vali Vme) o) eLes-1-(e PE LiLe | When you're two steps ahead, 
Third, it is accepted as self-evident. you're a crackpot." 


-- Arthur Schopenhauer (1788-1860) -- Rabbi Shlomo Riskin, (Feb. 1998) 
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Subject: RE: Missing Reference Slide 
Date: Mon, 9 Jul 2001 11:58:04 -0500 











VACUUM VACUUM 


\, ENGINE B Ps 
A+B 


A, 


Yes, that is the slide. It works this way: When you time-reverse a cell, you 
effectively create a major anti-engine for the cell's exact "engine" (exact set of 
spacetime curvatures at all levels). Because of the precise one-to-one 
correspondence, this antiengine then "backs the cell up" along the original time- 
path it took in its physical functioning and changes, back to a precise earlier 
condition where the disease or disorder was not present. For a cancer cell, e.g., 
this backs the cell up past where it was originally "promoted" from a stressed or 
damaged cell to a tumor cell. That makes it into a "damaged cell". The 
antiengine continues to act, backing it up further into the state before the damage 
or disorder occurred. That then constitutes "healing" of that cell in a rigorous 
sense. 


The cloning methods etc. used, do violence to the cell in the process. At the 
cellular level, damaging it or any part of it in the process changes the resident 
spacetime curvature engine set, to include the damage. You then "clone" a cell 
with an imperfect resident engine. The cloned cell then interacts with a large 
variety of phenomenology, continually altering various subcomponents of its 
resident engine by taking on additional subengines or changing some of its 
former subengines. Somewhere later, that festering "delta" in the resident engine 
-- after sufficient interactions with other environmentally-induced engines, will 
undergo interactions that "add" two deltas so something detrimental to the 
organism. At that point, physical damage to the cell erupts in "anomalous" 
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fashion. Actually it erupts by perfectly normal fashion, once the internal engines 
and their interactions are understood. 


This would appear to pose a problem anytime you artificially change the 
subengines of an organism, as in the case of genetically modified food. The 
small physical damage associated with splicing the genetics has associated with it 
the injection of such an artificial engine. The interactions of future 
environmental engines with the spliced genetic organism or plant then remains to 
be seen. Not all interactions would appear to happen in the limited test time 
usually allotted for testing the "effects". Anyway, that was the intention. 


E.g., Pautrizel demonstrated that immature rats, having immature immune 
systems, would be restored by the Priore process back to the same immature 
immune system. The Priore process did not destroy the parasites themselves, but 
depended upon restoring the immune system back to its first ability to recognize 
the pathogen and go after it. Priore did not directly "kill" anything! In that case, 
the pathogens simply re-infected the immature rats, because their immature 
immune systems could not adequately protect them. It would be the intention of 
the research, in later generation equipment, to be able to design a specific "extra 
engine" and introduce it to the pumping, in addition to the "resident engine" in 
the subject to be treated. That "extra input engine" would accordingly generate a 
specific "extra antiengine" component in the total antiengine produced. When 
sufficient research and development maturity has been reached to be able to 
design such desired "extra engines" to cause the exact, desired extra antiengine to 
be produced, then the "extra antiengine" technique can be used, e.g., to time- 
reverse Pautrizel's immature infected rat back to an infected rat with a now- 
matured immune system. In that case, the rat's stronger immune system would 
make short work of the pathogen, just as analogously infected mature rats did. 


To correct birth defects, etc., obviously one would have to change the actual 
time-path backwards, to a "state" that the body did not have physically, but which 
its genetics had before the damage. I foresee that eventually, after some years of 
development, the process would mature until it could regrow severed limbs, or 
correct dwarfism, etc. Of course that would be fourth or fifth generation, but it is 
definitely possible, given sufficient development. 


Cheers, 


Tom 
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ABSTRACT 


A fundamental answer is attempted to the questions of being, time, space, existence, 
perception, and physical phenomena. Mass, empty space, reality, gravitational attraction, 
continuity, discontinuity, and relativity are among the "things" and "nonthings" for which 
relationships and explanations are provided. 


Perception is defined as detection by a mass of change to itself and as a differentiating 
process. Perceived physical phenomena are revealed to be first derivatives of ultimate reality, 
and outputs of the physical perceiving device call the "perceptron." Using the operation of 
the physical perception process on action, the units of which are energy times time, an entirely 
different view is generated of both reality and the Heisenberg uncertainty principle. When 
superposition is imposed as a condition, the Heisenberg uncertainty principle is revealed to be 
a quantized statement. A concept of the absolute value of a dimensional molecule is 
advanced. 


A reality model is constructed of an action continuum and a nonaction continuum 
separated by an operational threshold whose magnitude is given by an uncertainty principle. 
Perception is modeled as a process which switches atomic quanta of action and nonaction 
back and forth across the threshold. Mass is explained as perceptron switch activity rate, and 
amass definition equation is generated. One kilogram mass is shown to represent 17.053 x 
10°° perceptron switches per second. From the model, Newton's laws of motion and gravity 
can be generated directly from the concept of the interaction of mass with space itself, space 
being taken as a massless fluid, or ether, composed of tiny nonaction particles called 
"quitons." Einstein's postulates of special relativity are also shown to follow from the model, 
and a statement of the equivalence principle is shown to be consistent with the model. 


The concept of "lineception" as a causal chain of perceptron operations is advanced. 
"Inception" is developed as a noncausal modulation of lineception and as a distinguishing 
feature of a living system. The possibility is raised that inception could provide an 
explanation of the noncausal, statistical, ultramicroscopic universe and yet require large 
ensembles of ultramicroscopic events to conform to causality. Inception is shown to lead to 
karma. Perception is shown to be causal and to generate causality itself. 


Some elementary philosophical implications of quiton/perceptron theory are pointed out 
and briefly discussed. 


I. INTRODUCTION 


The unsolved problems of physics stem from the unclear 
nature of the physical perception of change, and their resolution lies 
in the analysis of perception as a physical process. The unsolved 
problems of metaphysics stem from the same source, and can be 
resolved by the same perception analysis. 


Specifically, a physical detection system can detect changes 
to itself and nothing else. These detected internal changes are thus 
what a detector "sees" or "observes" or "perceives" as changes to its 
external environment, 1. e., as its physical phenomena. Thus a 
mass, being itself a physical detecting system, must detect only 
changes to itself, and these perceived changes to itself constitute its 
observed physical phenomena. For that reason, these perceived 
changes are obviously entirely relative to (i. e., are part of) the 
perceiver (observer); more precisely, they are entirely relative to 
and part of the perceiver's mass, which is the detector that is doing 
the perceiving. 


Since only changes are perceived by a mass, then mass's 
perception must be a differentiating process. Ergo, perceived 
physical phenomena are first derivatives of a higher, or more 
fundamental, reality. The nature of that higher reality is by 
definition unperceivable (perception differentiates or fragments it), 
and it involves the quantity "action."! Action itself is not 
perceivable; change of action is perceivable since perception 
differentiates action. If superposition is placed on the Heisenberg 
uncertainty principle as a required condition, then the uncertainty 
principle contradicts itself for all except integral or zero multiples 
of a quantum of action. Correction of the uncertainty principle by 
imposing superposition as a condition provides a statement of the 
basic operation of perception -- the detection by a mass of change 
to itself. 


All mental perception of a human being regarding physical 
phenomena is received (i. e., is inputted to the mind) from a 
physical sensory apparatus whose primary ingredient is mass. Thus 
we may describe the perceptive mind as consisting of sensory 
outputs of mass perceptions; that is, the input to mental perception 
must be the output of mass perception, and this interface within the 
mind may be referred to as the "perceptive mind." 


http://www.cheniere.org/techpapers/quiton/p1.htm (1 of 2)27.10.2003 20:26:09 


From the above foundation, a comprehensive theory of 
perception can be constructed, and a most unusual model of 
"reality" emerges. A variety of unsolved questions are then 
resolved by the model. The resolutions include, among other 
things, 1) derivation of the postulates of relativity; 2) definition of 
the nature of time and space; 3) the explanation of gravity; 4) the 
generation of causality itself; 5) resolution of the wave theory of 
light with the quantum theory of light; 6) the explanation of why 
ultramicroscopic phenomena are statistical yet large ensembles of 
ultramicroscopic phenomena are causal; and 7) validation of 
Mach's principle and the equivalence principle. A totally new and 
precise definition of mass and of being itself are also two 
unexpected results. The problems of metaphysics are also 
answered: metaphysics is elevated to an exact science without any 
tinge of dogma, and physics and metaphysics are united. 


1 : : — — 

Planck's constant, Heisenberg's uncertainty principle, the principle of 
least action, the energy of a photon, etc., are derived from action and 
perception's differentiation of action. 


1 
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Il, EXISTENCE, PERCEPTION, OBSERVATION 
AND PHYSICAL PHENOMENA 


We first define perception as detection by a mass of change to itself, and 
state that it is an operation performed by that mass. The physical apparatus that 
accomplishes this perception is termed a ''perceptron, '' which thus may be an 
electron, an atom, or the sensory apparatus of a living being. 


A change detector does not detect the state of its input, but rather detects 
changes in that state. So in this sense a change detector can be regarded as a 
state differentiator. Therefore a perceptron differentiates, i.e., it perceives 
changes in its input and generates outputs in accordance. When its input is con- 
stant it will have no output. Thus zero output of a perceptron does not necessarily 
mean zero input. 


What is to be fed into the perceptron's input section exists; i.e., existence 
(ultimate reality)? is defined as what is to be fed into the perceptron's input. The 
output of the perceptron is that which is perceived, or what we ordinarily call 
"physical phenomena, "4 Since the perceptron differentiates its input state, then 
physical phenomena are first derivatives of ultimate reality, which precisely 
accounts for the sharp separation between observable and nonobservable, i.e., 
between macroscopic and microscopic. 


Any change in a perceptron's input section must involve both time change, At, 
and energy change, AE. So we may assume their product, AEAt, has always 
occurred in a perceptron's input whenever it produces an output. The output will 
be a derivative of the input, e.¢., 








AEAt _ 
= AE (1) 
and 
SEAt _ 


where in each case the constant of proportionality has been ignored. 


lye differentiate between perception and realization. Perception is entirely a 
physical process, and causal. Realization is a mental process and is not 
restricted to causal relationships. 


2Reflecting, one notes that mass can only change in a nonmass manner, It cannot 
"change" without involving space and time, both of which are "nonmass," Therefore 
a mass change must be composed of both mass and nonmass, 


3"Ultimate" in that it is higher or more fundamental than perceived reality. 


“Changes to mass and only changes to mass constitute physical phenomena, Changes to 
one mass constitute "its" perceived physical phenomena, or its physical universe. 
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“Changes to mass and only changes to mass constitute physical phenomena. Changes to 
one mass constitute "its" perceived physical phenomena, or its physical universe. 
Since the other masses in its universe are perceived by it (i.e., created in its 
perception by its perception process), then these masses must be entirely relative 


to the mass perceptron that perceives them, Ergo, perceived mass is relative to 
the perceiver, 
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Any detector has an operational input threshold, i.e., a minimum discernible 
signal. The Heisenberg uncertainty principle states the requirement for such 
energy-time changes: 


AEAt>h/2. (3) 
Its smallest value, or 
AEAt= h/2, (4) 


is then the input threshold for a physical perceptron to operate and produce an 
output.| Letting k = h/2, we can write this simply as 


AEAt =k. (5) 


Since existence has been defined as that which is fed into the perceptron's 
input, then that existence exists whether or not the perceptron operates, and the 
case2 where 


AEAt< k, (6) 


also exists (i,e., can be present in the input of a perceptron) but cannot be 
perceived or detected (i.e., the perceptron will not operate and produce an output). 


At this point we diverge to remark that the product of energy and time is a 
quantity called "action, " and the units of action are 


Pe 
_ ML : 


Thus the input state to a perceptron is composed of an action continuum, and the 
perceptron differentiates action quanta to produce physical phenomena. 


lie acknowledge additional uncertainty statements but for simplicity will use only 
one in this paper. 


“Equation (6) exists and it is proper to write it down and search out its ramifica- 
tions. Equation (3) is a limiting condition which applies only to mass. But since 
our physical experience must involve nonmass (e.g., photons, space, time, being), 
then nonmass considerations must be examined, A good beginning is to consider the 
entire field of nonmass possibility, i,e,, that field of nonmatter changes defined 
by (6), which includes the entire subquantum domain, So we legitimately examine 
two conditions: Eq. (3) must define (or apply as a condition to) the mass 
phenomena (change, quantized) system, and (6) must define (or apply to) the nonmass 
phenomena (subquantum) system. 


Fete aveacstia dAnfitean «a8 Bee oo rho Fadleareon Fe noerrn od AT FFoennan FPahannwo’d ana 
http://www.cheniere. orsftecipanera/quitani’: niet (I of 2)27.10.2003 20:26:28 


Page 3 
phenomena (subquantum) system. 


3We exactly define continuity as the failure to perceive difference (change), and 
discontinuity as the perception of difference (change), The difference between 
continuous and discontinuous is entirely one of perception, Thus there are two 
kinds of continuity: absence of perceptron operation at all, and identically 
repeated perceptron operations, The first kind exists outside of perception while 
the second kind exists in perception-to-perception, These are two powerful defini- 
tions, which among other things enable one to understand such concepts as limiting 
process, derivative, point, line, and plane, Mathematics itself is the game of 
perception, nothing more and nothing lees, 


3 
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When a large quantity of action is to be fed into a perfect perceptron, the input 
process cannot occur instantaneously: a At must be outputted (created): by the per- 
ceptron for each operation, Thus perception processes steps or quanta of exactly 
k size, and exactly k size only. Inputs of less than k size are simply collected” 
until the aggregate is equal to k, then differentiated to produce an output. We 
must therefore rewrite the Heisenberg uncertainty principle as 


AA=nk , n= 20,1,2,008 | (8) 


where the plus and minus signs are necessary since action only has to change about 
some constant level in the perceptron input, and this change may be either additive 
or reductive (this quantum statement is actually the basis for quantum physics) 
Thus, from the viewpoint of a perceptron, its output universe of physical phenomena 
is constructed by successive granular differentiation of unit operations, each of 
size k, but it detects no time lapse (creates no At) between operations, 


When differentiated by a perceptron, an action atom may be regarded as 
being "chopped up" (the word "differentiated" literally means separated or torn 
apart): 





AEAt  &k 
n ae A, n= 2,3, 4,006 y (9) 


where the bar over the A indicates nonaction, or action atoms which have been 
broken into bits. 


Thus we now conceive of an action continuum of action atoms and a nonaction 
continuum" of bits of action atoms. The two continua coexist and the perceptron 
lor “extracted from an action quantum AEAt," which means exactly the same as "created." 
Einstein's treatment of simultaneity showed that it was operational, but 1f simulta- 
neity itself is operationally created then both time and length must also be 
operationally created. 


This is not a simple discontinuous operation, since no time flow exists (At is not 
being outputted) during this collection process, We have to think of the process 
discontinuously, but the stepwise process is actually continuous (in time), or 
discontinuous, or both. 


3since AE may be positive or negative, we may state the uncertainty principle as 
|azat| > k, or as 4A = nk, [n| * 1, Consider the two cases AA > 0, n = 1, and 

AA <0, -1 <n <-2, Superimposing them would give |AA| < k, which violates the 
uncertainty principle. Thus, assuming superposition must hold, the uncertainty 
principle can be made to violate itself for all except integral values of n, and 

it follows that the Heisenberg uncertainty principle must be written as a quantized 
statement. 


“The separation inte two continua is artificial, but is necessary to allow us to 
perceive perceptron operation with our brain perceptron mind, There is absolutely 


http://www.cheniere.org/techpapers/quiton/p4.htm (1 of 2)27.10.2003 20:26:40 


Page 4 
“The separacion LOCO CHO CONCINUE 18 ATCLILICLlAL, OUL L6 WRELESSEEyY LU aLlvw Us Li 
perceive perceptron operation with our brain perceptron mind, There is absolutely 
no separation in the reality continuum itself; rather, there is only an operational 
separation caused by and in perception, Hegel was very nearly correct in his 
realization that the dialectical principle was the magic key to the universe of 
perceived phenomena. However, thesis (action) and antithesis (nonaction) do not 
meet to give a synthesis (the transfer function or switching) which is different 
from either; rather, thesis (action) is changed (transferred or switched) to its 
antithesis (nonaction) and vice versa. It is the switching or transfer process that 


is the synthesis (output of the perceptron, perception) which is different from the 
thesis and the antithesis. 
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operates, or moves, inthem,. Only action quanta of exactly k size can be processed 
by the operating perceptron to give outputs which we know as physical phenomena. 
Such phenomena (events) consist of aggregates of extremely large numbers of per- 
ceptron operations, Action atoms will be referred to simply as "action atoms," 

The very smallest bits or fragments" of action atoms will be referred to as "quitons"' 
and the symbol ''q"' used for one quiton, For convenience, we shall regard the 
"magnitude"? of q to be very much less thank, or 


q<k. (10) 


The perceptron's process of collecting quitons to form action atoms will be 

termed ''fusion, "' which is an additive change to the constant action continuum. 
"Fission" will be the term for the perceptron's process of breaking up action atoms 
into aggregates of quitons, where the size of each aggregate is less than k; fission 
is a reductive change to the constant action continuum. The term "switching" will 
be used to refer to either fission or fusion, or both, 


Fission and fusion are merely transfers or switches across the k-threshold 
separating the action and nonaction continua, and may be represented by either of 
the diagrams shown in Fig. L. 


NONACTION 
PERCEPTION CONTINUUM 













>k 





a 


CTION 
ACTION CONTINUUM CONTINUUM 


NONACTION CONTINUUM OT THRESHOLD 


<k 


Fig. l Continua of the Universe 


Ifhese are actually nonthings and not.bits or pieces at all, but since we can only 
perceive or think of things, we will model them as things. The difficulty is in the 
nature of thought, not in the nature of reality. 


*The perceivable magnitude of a quiton is zero, i,e,, it is not perceivable, 


Sand, in fact, switching can also refer to the transfer of At into AL, i.e., the 
creation of space from time or vice versa, Separation (relation) is composed of 
AL and At, and we know from relativity that when relativistic (perceived) AL is 
changed, then relativistic (perceived) At is also changed. When time dilates, length 
contracts; and when time shrinks, length expands, Therefore the statement that 
length and time are intertransferrable is valid: one kind of separation can be 
transferred into another kind of separation just es one kind of energy can be changed 
into another kind of energy, Since this transfer itself is an operation, then there 
is a rate (i.e,, a constant) of transfer, This constant is actually a parameter, 
since by special relativity it can vary as a function of the mass changes themselves, 
And since we are dealing with mass changes (perception), then the rate of transfer 

ca 
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And since we are dealing with mass changes (perception), then the rate of transfer 
constitutes a rate of mass change (rate of perception). Since perception is finite, 
perceived masse change cannot be infinite but must also be finite, Therefore a 
limiting rate of perception must exist, From the equations of special relativity, 
this limiting rate of perception or mass change is c, the speed of light, 

and its value may be taken as the rate of change of a mass switch itself, 
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We now examine the expression for energy of a photon: 
E = hf (11) 


Considering fission of an action atom as a chopping of that atom, the process can 
be expressed by: 


ae nate . |Energy atom of] [cuts or chops 
gn ~  |Transferred| ~ |actio second |? ‘1%? 
change of action ion per secon 

or 
AA _ ; 


where Cy is a constant of proportionality. According to Eq. (1), the energy 


perceived to be expended (transferred to quiton disturbances) in fissioning of an 
action atom ought to be proportional to the speed of the chopping action. Neglecting 
constants of proportionality, Eq. (13) is simply? 


SE = hf, (14) 


where the A symbol is deliberately added to show that it is a transfer process, 
The equation works in reverse for fusion of quitons into action atoms, i.e., the 
energy AE transferred to each action atom assembled is proportional to its rate 
of assembly. 


We can now represent a perceptron as shown in Fig. 2, which corresponds 
precisely to the two-pronged arrows shown in the diagrams of Fig. 1. A perceptron 
has two channels, fission and fusion, in which switching transfers between action 
and nonaction are involved, 


By Eq. (2), one of the outputs of a perceptron is At. Since perception creates 
its own time interval, it only has its kind of time, i.e., positive time, to deal with. 
Thus only positive time is perceived, and what we think of as positive time flow is 
merely the successive At's created by perception. 


INote how admirably the view of tearing apart or differentiating the action atom 
describes the result. The smaller the 4t torn from (AE dt) (or the quicker the 
separation), the larger the AE left (produced), i.e., the more energetic the separa- 
tion. The atom of action is a quantum of action and one integral piece; the 

SE and 4t, however, are not necessarily of individually Fixed size. 
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SE and 4t, however, are not necessarily of individually fixed size. 
2action atoms can occur in more than one size (see note 1 on p. 3). 


3This explains why we sense existence as if we were the point of contact of a pointer 
moving along a time line. In effect, perceptron time advances one time slice at a 
time, where the slice is of At thickness. Thus all physical phenomena occur in 
minute granular sequences. 
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ACTION AND 





INTERFACE a athanenined 


Fig. 2. The Fundamental Perceptron Switch 


The existence of a negative time flow can be postulated by a simple symmetry 
analogy, but this postulated negative time, by definition, cannot be a perceptron 
output. We use the term "reflection" to denote a postulated operation in negative 
time! symmetrical to perception which operates only in positive time. Reflection 
is essential to the explanation of electric charge and charge effects, but these will 
not be discussed here. Figures 3, 4, and 5 summarize the concepts of reflection, 
perception, and positive and negative time. 


We now introduce the concept of absolute value of a dimensional molecule. 
To illustrate, if we know that F = Ma, we will state that 


\F| = |Ma| = |Ml| x |al = M fal , (15) 
where the last expression is true because of the nondivisibility of the unit AL and 


IModern theorists such as Feynman, Wheeler, and Dirac of necessity incorporate nega- 
tive time operation into their theories involving action-at-a-distance. 


@The quiton/perceptron theory can and does explain what "charge" is, why like 
charges repel and unlike charges attract, etc. It predicts the force of attraction 
or repulsion to be proportional to Q,9,/R?. 


3Although perceptron output bits may vary in magnitude from operation to operation, 
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3Al though perceptron output bits may vary in magnitude from operation to operation, 
they are of absolutely fixed size in any one operation or between any two consecu- 
tive operations. So for one operation or any two consecutive operations, a 
dimensional molecule is merely a product and division of certain-sized bits, and 

is itself of one fixed magnitude. Any other dimensional quantity of equal absolute 
value is therefore of the same size for that operation. At this level, differentia- 
tion is simple bit division and integration is simple bit multiplicacion. 
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UNIVERSAL CONTINUUM | 
(EXISTENCE) 
POSITIVE TIME 







PERCEPTION 








ACTION 
CONTINUUM 


NONACTION 
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REFLECTION | 
| | NEGATIVE TIME | 














Fig, 3. The Continua (Complete Model) 


ACTION NONACTION 
CONTINUUM PERCEPTION CONTINUUM 


(POSITIVE TIME) (POSITIVE TIME) 
Fig, 4, The Positive Time Continua -- 


Model in Which Perception Acts 
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ACTION NONACTION 
CONTINUUM CONTINUUM 


REFLECTION 


(NEGATIVE TIME) (NEGATIVE TIME) 





Fig. 5. The Negative Time Continua -- 
Model in Which Perception Does Not Act 
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At quanta outputted by one perceptron operation, The absolute value signs must be 
added to any dimensional molecule which can take on either positive or negative 
values. Dimensionally, 


Mo = |E| , (16) 


where M, is rest mass and requires no absolute value sign since a quantity of rest 


mass is only positive. Actually, since perceptron operation only outputs quanta, then 
the perceptron outputs AE and 4M., or 


AM, = |sE| , (17) 


and repetition rate allows perception of My as a positive quantity. Then, 


AA A(L?) 


oe 


iM me ° (18) 


The perceptfon expression of the right-hand side of (18) will be? 


A(L”) ALAL 


and then we have 
AEat(v/V) > Sey ey —+ AP(At)\(AL/at)—> APAL , (20) 


which must be another statement of the minimum condition of the Heisenberg 
uncertainty principle, or 


k= APAL . (21) 
It follows that 
APAL = nk, n = +0,4+1,42,... (21a) 


To consider why constant velocity yields special relativity, from 
E = ML? /T? and Eq. (16), we can write 
M2 | 


ge 


Dividing out the M gives 


12 
M = = M T . (22) 
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2 
L —~ ts i x 
a rr 7 le = oy = \v| . (23) 








lObviously A(L*) = 2LAL + (ft)*, but the units of 2LAL are ALAL. 
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So velocity is a dimensionless quantity in the absolute dimensional sense, i.e., in 
the perceptron operational sense, and "'the laws of physics apply equally well for 
all observers as long as they are moving with constant velocities" (Einstein's 
postulate). When the perceptron process is applied to a system of objects whose 
relative velocities are constant, the inputs to perception always differ by a constant 
value and the differentiated outputs of perception, do not differ, i.e., the differential 
of f(x) + Cc, is identical to the differential of f(x)2 


Observation is related to perception as shown in Fig. 6, An observer observes 
only perceptron outputs? -- never ultimate reality -- from his sensory apparatuses. 
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OBSERVER 
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(CONCLUSIONS) THE TWO SHADED BLOCKS REPRESENT THE 
INTERFACE BETWEEN MASS PERCEPTION 
AND “MENTAL” PERCEPTION: THESE TWO 
BLOCKS CONSTITUTE THE PERCEPTIVE 
MIND. THIS IS ALSO THE INTERFACE 
BETWEEN PHYSICS AND METAPHYSICS. 


Fig. 6, Overall Relationships 


OBSERVATION 
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lEinstein's treatments of simultaneity and special relativity may be regarded as 
statements that one can determine a length (measure a AL) only by AL = cdt, and 
one can determine (measure) a At only by At = AL/c in the static case. 


2The process of observation actually consists of both perception and realization. 
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Ill, MASS AND SPACE 


The nonaction continuum may be further visualized as a sea or gas of small, 
unperceivable particles, i.e., of quitons and aggregates of quitons which are less 
than k in magnitude. Since mass is a perceived quantity and a quiton cannot be 
perceived, a quiton or aggregate of less than k magnitude has zero mass, 


Since fission and fusion both constitute perceptron switching, we may explain 
mass by visualizing a changing pile of quiton bundles, each of k size, in which the 
total rate of switching activity is what we call the 'mass"? of the pile. Thus the 
mass is equal to the sum of the absolute values of the fission and fusion activities: 

















4A; SA, . : + 
Me= At + ca X oe ~ he + A| kK , ( ) 
or 
M = a, + a,| sw/sec, (25) 
where” 


At = perceptron operation time (one operation) 
M = perceived mass of the pile 
4A; = action created from tufive, quitons into action atoms 
AA pa action lost from fissioning action atoms into quitons 


ny = number of k-sized bundles per second fused into atoms 


= number of atoms per second fissioned into quitons 
o 


sw/sec = one perceptron operation per second, 


lif AE is time rate of change of action, and if the absolute dimensional value of rest 
mass and rest mass energy are the same, then mass must also be a time rate of change 
of action. One kilogram mass equals 17.053x10°° sw/sec. 


“The switch concept is necessary to explain charge and charge effects. The 
switching occurs between the positive (perception outputted) and negative 
(reflection outputted) time streams. Three types of switches exist, two of which 
are charge switches and all of which are mass switches. Switching may also be 
regarded as change of At into AL. For a mass switch, the limiting value of 
the conversion parameter b in (AL = bit) is c, the speed of light. However, the 


a eee, Fe 
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the conversion parameter b in (AL = bAt) is c, the speed of light. However, the 
concept of switching can be expanded; b < c implies mass switching; b = c implies 
quitons moving (maximum switching limit for mass switching); b > c implies 
DeBroglie waves moving, which are not switching in the normal sense at all. 
Technically, the condition b < ¢ applies to Eqs. (24) and (25). 
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The use of the mass definition equation can be illustrated by a simple example, 


First, 
ss -34 
k = h/2 = 0.527 x 10° joule-sec (26) 
1 kg mass = 8.987 x 10'® joules , (27) 
50 
8.987 x 10!° joules 
1 kg mass = = a (28) 
0,527 x 10 ~~ joule-sec/switch 


1 kg mass = 17, 053 x 10° 


switches/sec. (29) 

For a mass that does not accelerate, switches must occur in couplets, This 
would require, for example, that angular momentum be quantized in quanta of 2k 
magnitude, since two switches would process two action atoms -- one in and one 
out of the mass action pile. Since 


2k=h/2r , (30) 


then angular momentum should be quantized in h/2r quanta, which indeed it is: 
from the Bohr theory of the hydrogen atom,! 


mvr = oe , 0, Ba, (31) 


v 
and the change permitted is thus 


A(mvr) = ~ , n=0, £1,42,43,... (32) 


cf 


What we normally think of as empty space is sometimes described as the 
absence of mass and energy, existing in time.2 ~ Empty space can be defined by 


6A , SA _ 
st =o St=0, (33) 


which merely state that no perceptron output is occurring. Thus empty space 
exists only as defined by a perceptron and is merely the total absence of percep- 
tion, While these equations rule out fission and fusion, they do not rule out the 
static presence of large numbers of quitons and quiton aggregates each of which is 
less than k in size (a quiton may be viewed as a quantum of space or a quantum of 
ether). 


lReiser, Concepts of Modern Physics, McGraw Hill, 1963. 


2actually there is no time connected with the existence of space; the time is connec- 
ted only with our perception of change; that is, space is a product of perception, or 
the nonoperation of perception, and is related to a mass perceptron. Similarly, 
space itself has no length -- length is relative between two masses. That is why 
both length and time can change, and why a specific length and a specific time can 
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space itself has no length -—~- length is relative between two masses, imat is wny 
both length and time can change, and why a specific length and a specific time can 
be different to different observers. 
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A massless quiton cannot individually generate any drag resistance against 
matter in the Newtonian sense. So a mass object moving along at a constant 
velocity will just push a stream of massless quitons ahead of it. In effect, 
the mass "bulldozer" is pushing its own medium along with it, and this requires no 
force.) Therefore, empty space (i. e., the zero output condition of one's mass 
perceptron) is filled with (has added to it) streams and streams of quitons moving 
ahead of other objects (perceived by one's perceptron) from all over the universe 
(perceived by one's perceptron). These quiton streams may be regarded as quiton 
pulses or quiton waves* in one's own static-relative quiton pond. The static-relative 
quiton pond of a mass will be called its "q-space" or "'space"' (more commonly 
referred to as the mass's inertial frame of reference), 


When impinging on a perceptron's mass, these disturbances are being 
collected into k-sized quanta and switched into action atoms, The switching 
produces outputs that reveal the presences of the disturbing masses. The situation 
for a perceived mass is described in Fig. 7. Note that a fusion pileup is shown in 
front of the perceived object due to the object's motion, and a fission pileup is 
shown at the rear (switching is actually distributed throughout). Additional 
switching is occurring in the pileups and constitutes increase in mass, So one's 
mass perceptron perceives the moving object's mass as having increased, The 
relative velocity of the object with respect to one's perceptron determines the 
additional collection rate of quitons, and hence the additional switching rate, 
occurring for the object in one's perceptron q-space. The perceived increase in 
the moving body's mass is a function of the increased collection rate, which is a 
function of both the initial mass switch size Mo and the velocity V, or 


M = f(V, Mp) ; (34) 
r MASS BULLDOZER 
re) Oo 98 6» °? PERCEIVER’S 
° o .o 9S O __ STATIC-RELATIVE 
38 a VELOCITY QUITON POND 
> * o & S . ,r". 
° bal *, « “2 
SWITCHING ACTIVITY 
REAR FRONTAL. PILEUPS FROM PERCEIVER'S 
PILEUP PILEUP STATIC-RELATIVE QUITON 
POND 


Fig, 7. Increased Perceiver Switching Due to Perceived Velocity 
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More precisely, it requires no resultant (unbalanced) force. Both fission and 
fusion create forces; however, these forces are opposing, and so when fission rate 
equals fusion rate the resultant force is zero, 


?These puls:s or waves are not in themselves perceived, so one can equally well 
consider them bunches of particles or waves, ‘The difficulty lies with the 
perceptron mind, not with the disturbances. 
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If the perceiver shifts "his view" to the object, he would at the same time 
shift his perceptron to it and so would then see the same sort of effect existing on 
his vacated mass, The pileup is relative to the perceiver and is occurring in the 
perceiver's perceptron itself.) So material objects do not just move through an 
ether, they carry their own q-space ethers right along with them? And all they 
can detect is the disturbances in that q-space that produces switching transfers 
in and out of the action and nonaction continua, 


We now wish to know the standard medium velocity at which wave disturbances 
move in the q-space, The question is, what has zero mass, is unperceivable, and 
yet can move through the perceiver's empty space ether’ at some standard velocity? 
Photons satisfy all these requirements, Photons themselves cannot be perceived -- 
only their interactions can; and photons move in free space “ the velocity c, the 
speed of light. Thus c is the quiton medium's wave velocity and quiton disturbances 
move in a q-space at the velocity c. They move only in a q-space and in nothing 
else, since movement (velocity) is defined as AL/At, and both AL and At exist only 
to the perceptron that created them. Therefore, velocity of a perceived object is 
absolutely relative to the perceiver since it is part of the perceiver's mass's 
perception, At this point, Einstein's postulate that "the speed of light is the same 
for every observer" can be seen to follow directly from the quiton/perceptron 
model, 


But a difference exists between the speed of light in q-space and the speed 
of light ina medium, Simply speaking, when light travels in a medium the quiton 
waves (photons) are perceived to interact with particles (get switched by other 
switches) continually, In each imposed interaction switching perceived, another 
At occurs in the perceiver's perceptron. Thus more At's occur, and the photon is 
perceived to take longer in traveling through the medium than through free q-space; 
that is, the perceiver's perceptron (in which the medium itself exists) creates more 
time output in the case of light traveling through a perceived medium than light 
traveling through unperceived free q-space. 


iThis point is emphasized. The mass's mass does not increase as perceived by itself; 
its mass does increase as seen by the perceiver. This fact alone is sufficient to 
establish that the increase in mass is subjective, not objective (although these two 
terms are usually misused). That is what the term “relative” means, i.e., relative 
to the subject. Note that the perceiver is always the subject. The fact that the 
effect occurs only to the perceiver should indicate that it is the perceiver's per- 
ception process which is causing the effect. 


“Thus one can have one space moving through another space. 


3¥rom Einstein's Theory of Relativity by Max Born, p. 224: "Einstein in later years 
proposed calling empty space equipped with gravitational and electromagnetic fields 
the ‘ether,’ whereby, however, this word is not to denote a substance with its 
traditional attributes. Thus in the ‘ether,’ there are to be no determinable points, 
and it is meaningless to speak of motion relative to the ‘ether.’ Such a use of the 
word ‘ether’ is of course quite admissible, and when once it has been sanctioned by 
usage in this way, probably quite convenient." The use of "ether" here is quite 
close to Einstein's proposal; however, in our usage it is meaningful to speak of 

“perceived motion of a perceived object" in the q-space ether of the perceiver. 
Otherwise, there can be no observation and no observer. which are of course necessary 
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“perceived motion of a perceived object" in the q-space ether of the perceiver. 
Otherwise, there can be no observation and no observer, which are of course necessary 
to Einstein's theory. . 


‘Velocity is unperceivable; it is actually the constant of proportionality for the 
perceptron's direct transposition of At into AL. And c, the constant velocity 
of light, represents the limit of the perceptron's ability to do this. 
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It should be noted, but will not be pursued further here, that electromagnetic 
waves in space are merely quiton wave disturbances! moving in a perceptron's 
q-space. The energy being transmitted is the "energy equivalence" of the nonaction 
quiton aggregates that were chopped up from action atoms. When these fissioned 
aggregates are again collected in some perceptron, then AE is recovered as AE, 
or perhaps as AM. 


In passing, we note that hidden in the principle of complementarity is the fact 
that wave and particle are operationally excluded, i.e., separated by an operation. 
A wave by definition is operational (dynamic), The most elementary idea involved in 
the concept of a particle is that it is nonoperational; i.e., it doesn't have to move, 
or change, or function, or be dynamic to exist. Obviously that which is operational 
differs from (is separated from) that which is nonoperational, but such separation 
itself is differentiation which is an operation. Therefore, wave (operation) and 
particle (nonoperation) are operationally separated. The only "mystery" in 
complementarity is that one must stop (interfere with) an operational entity to have 
a nonoperational entity, and one must start (interfere with) a nonoperational entity 
to have an operational entity. Depending upon the conditions imposed upon it, an 
entity can be either operational or nonoperational. For example, the operation of 
superposition must be imposed upon DeBroglie waves before they can constitute a 
particle. It then follows that the particle's velocity must in fact be the velocity of 
the superimposed group, i.e., the wave packet's velocity. By the same reasoning 
it follows that one cannot measure a particle's exact position (which is a static or 
nonoperational entity) and its exact momentum (which is a moving or operational 
entity) at the same time. The same is true for the particle's exact time position 
(nonoperational) and its exact kinetic energy (operational), Thus uncertainty 
principles, complementarity, and the relationship of DeBroglie wave velocity to 
wave packet velocity all involve the one fundamental concept that an operational 
entity is separated from a nonoperational entity by an operation. The changing is 
separated from the unchanging by a change; i.e., the changing is operationally 
derived from the unchanging, or perceived reality is derived from unperceived 
reality. 
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Iphotons are aggregates of quitons; quiton aggregate behavior is particulate. 
Behavior from the standpoint of individual quitons is wave-like. This explains 
the dual behavior of light and reconciles its wave and quantum aspects. 
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IV. IMPACT ON PHYSICS 
A, MICHELSON-MORLEY EXPERIMENT 


The Michelson-Morley experiment was conducted in the Michelson/Morley/earth 
q-space, The Michelson/Morley/earth perceptron(s) would perceive the speed of 
light to be the same in all directions, i.e., any fringe shift observed should have been 
a result of experimental uncertainty only. The experiment did not prove there was no 
ether; it did prove there was no perceivable ether! through which the earth was moving. 
The results admitted of a static-relative ether if itis unperceived, Perception isa 
process, and if the process does not occur then perception does not occur. Since by 
definition the q-space of a perceptron does not cause the perceptron to operate, then 
the q-space is unperceived by the perceptron. 


More careful examination of observation reveals the following facts: A 
perceived mass has a constant mass when not moving with respect to the perceiver. 
When it is moving through the space frame or the ether of the perceiver with a 
constant velocity v, its perceived mass is again constant but is now perceived to be 
greater than was its rest mass. From whence came the extra mass? 


The extra mass effect is only to the perceiver. The only possible sources for 
the extra mass in perception are the original rest mass My and the empty space of 


the perceiver's space-frame (i. e., the interaction of perceived mass with un- 
perceived space). Space does not drag, in the conventional Newtonian sense, 
against a moving body that is not accelerating. And space is unperceivable; there- 
fore it can be visualized as a massless fluid. Thus the increase in perceived mass 
(which is a change) must come from the perceived mass's increase in velocity in 
perceiver space (because velocity is all that was changed), and it must involve the 
physical operation of the perceiver's physical perceiving mechanism. A perceived 
mass does exert resistance (drag) called "inertia'' whenever it is accelerated in the 
perceiver's space-frame, This resistance isa force. Perceived force is al to 
perceived mass times perceived acceleration through the perceiver's space, 


1Ig not space an unperceivable ether? An extract from Einstein's Theory of Relativity 
by Max Born, p. 223, states: "If each of two observers who are moving relative 

to each other can assert with equal right that he is at rest in the ether, there can 
be no ether. ‘Thus, the extreme development of the ether theory leads to its dissolu- 
tion as a fundamental concept." ‘The conclusion that there can be no ether does not 
logically follow. Each observer can assert that he is at rest in an ether (space), 
and these spaces can be intermoving. That is precisely what a "moving frame of 
reference” is: one space moving through another. Today we retain the (or more 
correctly, an) ether concept, but call it "space" or “inertial frame of reference" 

or "frame." The conclusion should have been that there can be no single "stable 
ether," but that there can be many. 


2Newton'’s law, F = ma,* to date has been used in a half sense, i.e., that the accelera- 
tion of a perceived mass through the perceiver's unperceived q-space generates force, 
If this is true, and relativity holds, then the acceleration of any other unperceived 
q-space, through a perceived mass, aleo generates force; through one perceived mass 
in a perceiver's q-space, the q-spaces of all other perceived accelerating masses are 
accelerating and thereby generating forces on it, By this “other half" of Newton's 
law and by relativity, Mach's principle (that inertia of a mass is derived from the 
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accelerating and thereby generating rorces on ats PY tu.5 VENTA HERE YR EWE 
law and by relativity, Mach's principle (that inertia of a mass is derived from the 
other masses of the universe) can be shown to be true. Although not collated and 
developed as such, it is possible to derive the postulates of both special (Continued) 
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This equation states that a perceived accelerating mass must react with the 
perceiver's q-space, and in fact this interaction may be taken as the basic mechanism 
that creates force itself. Again the perceiver's physical perception mechanism is 

the causative agent, 


A quite logical conclusion at this point is that the perceiving mechanism 
perceives (produces) additional perceived mass from the interaction of perceived 
rest mass with perceived mass-motion (velocity) through its unperceived space, 
Also, the perceiving mechanism produces perceived inertial drag from the inter- 
action of perceived mass with the mass's perceived acceleration through its 
unperceived space, 


The concept of "ether" should not be rejected while the concept of "space" is 
retained, since the latter is actually an unperceivable ether. Rather, the concepts 
of mass, perception, and ether-space should be tailored to fit the perceived 
phenomena. Quiton/perceptron theory (perception theory) is a deliberate transfer 
function model specifically tailored to fit these criteria. 


B. GRAVITATIONAL ATTRACTION 


Newton's law of universal gravitation can be generated, in both effect and 
form, from quiton/perceptron theory. 


A perceptron's q-space is filled with streams and streams of quiton disturb- 
ances moving ahead of its perceived moving objects from all over its universe. 
Thus there exists a flux of quitons at any point in its space, and this flux is isotropic 
to the first approximation: because of the vast interstellar distances between 
disturbing masses, the flux gradient in the relatively local neighborhood of any 
perceiver point is essentially zero. The quiton disturbance flux can be represented 
as shown in Fig. 8, A quiton flux stream switching pressure P 1 is exerted on M, 


and a switching pressure Ps is exerted on mass M,. In any one flux stream line in 


this shadowed zone, the pressure against either of the two bodies is reduced in 
proportion to the amount of switching flux subtracted from that flux line by the other 
body. The total reduction of switch pressure in the shadowed zone is therefore 
proportional to the product of the two masses M, and My, considering the effects to 
be mutually independent. 


(Footnote 2 continued from preceding page) and general relativity from quiton/perceptron 
theory, and the steps essential to that derivation are contained in this paper. 


*[More precisely, F = d/dt (mv) = ma + v dm/dt. From the second term, 
increase or decrease in mass of a moving object also produces 
a force. This second force component may not be too important 
except in microscopic phenomena, but for fast microscopic changes 
in mass (e.g., in the nucleus) it could generate significant forces. 
Also note that the velocities of all other spaces (i.e., velocities 
of the q-spaces of all other moving objects) in the perceiving mass's 
universe interact with its perceived mags change rates, according 
to the second term of Newton's law, relativistic form, ] 


1A disagreement has long existed over whether a "nonthing" exists if ft cannot be 
observed. The argument is illogical; e.g., if a photon itself cannot be perceived 
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observed. The argument is illogical; e.g., if a photon itself cannot be perceived 
and only effects (changes) produced by it are perceived, does a photon exist? It 
exists, but cannor be perceived to exist, i.e., it exists outside of perception, 
but does not exist in perception, The same is true of the notion of space. 
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Po 


Fig. 8. Gravitational Attraction of Masses 


From purely geometrical considerations, a shielding factor is also present 
due to the solid angle that is shadowed about any mass point, This effect is propor- 


tional to 1 /R? by usual solid angle considerations, Putting these two factors, 
together, the attraction of mass should therefore be proportional to M,M,/R , or 


ir . 
rex? (35) 


which is the expression for Newton's universal law of gravitational force, and this 
force is driving the two masses together. By merely extending the basic state- 
ment by superposition of the effects of every perceived mass-pair in the perceptron's 
universe, one obtains the attraction of mass* for the universe. 


1It is not accidental that electric, magnetic, and gravitational field forces all 
obey “inverse square of the distance” laws, since these forces are derived from 
analogous switching operations. 


2Attraction of mass implies an effect derivable from the presence of mags only. 

Mass is a switching rate. Therefore attraction of mass must be derived from switching 
only. Now a massless fluid generates no drag against a constant velocity mass, but 
switching is a negative quiton acceleration which does generate force. So switching 
generates drag, but constant velocity does not, This accounts for the error long 

made in considering the “mass shadowing" explanation of gravitational attraction to 
suffer from a serious defect of implfed retardation force due to velocity through an 
ether-flux (see, for example, the Feynman Lectures on Physics, Vol. 1, p. 7-9). Velocity 
of an ether flux through a body merely affects the mass of the body; it does not 
generate force. Acceleration of an ether flux through a body generates a resultant 
force on that body. In Feynman's example of an orbital body, let us assume perfect 
circular motion with constant speed. Since the speed of the ether flux is always 
constant, the mass is always constant. Since the component of acceleration tangential 
to the circle is zero, there is no force generated tangentially to the orbit. But 
since there {is a constant radially outward acceleration of flux through the orbital 
body, then there is a constant radial force outwards that is generated, and this force 
is called the "centrifugal force," i.e., the “center-fleeing" force. 
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It should be noted that for extremely small masses at extremely close 
distances, or for extremely short times, turbulence and interference effects can 
form in the shadowed zone of Fig. 8 and superposition may no longer hold, 


C, NEWTON'S THIRD LAW OF MOTION 


One of the recognized ways of stating Newton's third law of motion is: 
"To every action force there is an opposite and equal reaction force." This 
law follows from quiton/perceptron theory, as can be shown by examining 
two colliding bodies. It should be stressed that these two bodies, and all 
changes related to them, exist as changes-in the output of the perceiver's 
perceptron, It must always be borne in mind that these changes, or physical 
phenomena, exist as outputs of the perceiver's mass perceptron.» 


Figure 9 shows perceived bodies M, and My in constant velocity motion just 


before collision. A deliberate choice was made of a case where the momenta of the 
two bodies were not equal, so that the initial switching rates for the two masses 
were different. In the example, MV, > MoV >. The mass switching drag of each 


body is again represented by small circles. Each body has the same size roll in 
front as in the rear, so its switch pressure forces are balanced. Figure 10 shows 
the collision, 


Oo oO ° ° 
oo 
oo O ° 20 
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Fig. 9. Two Bodies Before Collision 


P, (INCREASED SWITCH PRESSURE) 





Fig. 10. Two Bodies at Moment of Collision 


lwe consider the question: "If a tree falls in e forest and there is no car to hear it, 
is there a sound created?" A tree is a perceived tree, a forest is a perceived forest, 
and a fall is a perceived change. Their presence or existence implies a perceiver 

and perception; thus they imply that a "sound" change would be perceived, since they 
imply a perceiver to perceive it. If, however, by "no ear to hear it" we mean “no 
perceiver present at all," then the question as posed contains s self-contradiction: 
with no perceiver, there can be no perceived tree, perceived forest, perceived fall, 
or perceived sound. 


2the manner of searching for quiton/perceptron causal explanation of a physical 
http://www.cheniere.org/techpapers/quiton/p19.htm (1 of 2)27.10.2003 20:28:16 


Page 19 
or perceives sound. 


2the manner of searching for quiton/perceptron causal explanation of a physical 
phenomenon is to ask, "What would the perceptron have to do to generate the phenomenon?". 
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There is an almost instantaneous switch pressure increase in the contact zone 
between the colliding bodies, and consequently there is a switch pressure differential 
across each body as shown in Fig. 11. 





Fig. 11. Switch Pressure Relationships at Collision 


In the figure, the contact pressure P = is exerted against each body, so that 


the pressure forces on the two bodies act in opposite directions, But for any two 
colliding bodies, the contact areas, one against the other, are the same. This 
common contact area will be called A.. Since P = F/A, then 


IFil = [Fel = PA, - (36) 


But since the pressure forces on the two bodies are being exerted in opposite 
directions, then 


Fi = = Fy ’ (37) 
which is Newton's third law of motion. 


D. NEWTON'S SECOND LAW OF MOTION 


Neglecting constants of proportionality, Newton's second law of motion may 
be stated in the most general sense as 


F = St). , (38) 


The first step in deriving this law is to examine a point mass which is perceived 
moving with velocity V, as shown in Figure 12. 
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Fig. 12. Moving Point Mass 
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An increased rate of quiton switching activity exists along the axis containing the 
velocity vector V. We will call this increased quiton activity a vectorial "current" 


Q, and define its direction as contrary to the velocity vector. The mass is perceived 
to be moving against the current vector, and 


Qa-v. (39) 


When the current Q is steady, ie., when 


Qin “ Qout , (40) 


then the switching activity, and hence the mass and the energy, are constant. 
Therefore, from v = 4V2E/m, the velocity remains constant. 


If - suddenly increases, then 





Qn * Qout > (41) 
which can be represented as in Fig. 13. 
Qout re. 
So fo an 
oo v 
° ° 
20 
Fig. 13. Difference in Quiton Current 
From Eq. (39), 
Q=-kV . (42) 


At any time in a quiton current, the switch pressure force exerted against the 
mass can be represented as 


FoPA.., (43) 


where P c is the switch pressure and A * is the area of contact. However, since 
the area of contact A oo the drag area, is the mass switch rate itself, then 
(neglecting constraints of proportionality) 


A «MT (44) 
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A,a@M' , (44) 


where M' is the switch rate at the point of switch pressure application. We will 
next examine the switch pressure forces before and after one perceptron operation 
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(i.e., across the smallest possible time interval At used by the perceptron itself 
in perceiving a change), When there is any difference in the pressure forces 
against the body front and body rear, this difference is the resultant force R, or 


R's [P e“c)in ~ (P Aout] qd; (35) 


where q is a unit vector whose direction is given by the direction of Qn -Q 
Now, from Eq. (44), 


R = [MEP Din . (MP .)out] q . (46) 


Since rn @ Qand Qa (-V), then (neglecting constants of proportionality) 


R- - (7g, - MQ] (47) 
which from Eq. (39) gives 

R= (MV). - (MV) ut (48) 
or 

R = K,a(M'V) . (49) 


However, this has happened in the smallest possible time At, and since by definition 


A(M'V) a (M'V) , (50) 


then 
R = k,(M'V) = ky <(M'v) (51) 


which is Newton's second law of motion, relativistic form. Acceleration of a body 
is caused by a difference in mass switch rate (i.e., a switch rate gradient) induced 
across it by transfer of momentum from another moving body or by induction from 

a field such as an electrostatic field or a magnetic field. 


E. NEWTON'S FIRST LAW OF MOTION 


Newton's first law, that ''a body at rest or in uniform motion will remain at 
rest or in uniform motion unless some external force is applied to it, '' can be derived 
from the same type of considerations used to develop the second law. Obviously, if 


Q-0 , . (52) 


Iswitching can be thought of as transfer of At into SL. An increased switch rate 
represents an increased rate of transfer resulting in a higher value for the ratio 
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Iswitching can be thought of as transfer of At into OL, An increased switch rate 
represents an increased rate of transfer resulting in a higher value for the ratio 

of AL to At being outputted. Since the ratio AL/dt is defined as v, an increase in this 
ratio increases the velocity, and thus acceleration occurs. 
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then 


mI 
i 
° 


(53) 
and 


a=0, (54) 


in which case the body at rest will not move and the body in uniform motion will 
remain so, by the definition of acceleration. Every perceptron repetition will 


output the identical value for V as the preceeding repetition, and that is why the 
first law holds, 


F,. IDENTITY OF LENGTH AND TIME 


From E = Mc”, we have 


cf = B/M = 9x 10! joutes/kg (55) 

c* o 9x 10° joules/kg x 1/17. 053 kg sec/sw (56) 

2 = 0,527x 107°" joule-sec/sw (57) 

c” <& k/mass switch . (58) 

Thus 

i (3 x 10°)? m*/sec* = RSS eTICK = one sw opn (59) 

one sw opn => (3x 10°)? m*/sec* (60) 

=> 3x 10° m/sec (61) 

=> lsec = 3x 10° meters , (62) 


Length and time are thus synonymous; and c is the constant of proportionality 
(more precisely, the identical ratio for transposing At into AL will be maintained 
for each perceptron operation). Therefore, a perceptron actually outputs only 
one thing which may be taken to be either At or AL (it actually outputs only change 


‘By "synonymous" we mean that At and AL are intertransposable by perception operation. 
The term c is the velocity (rate of change) of switching itself, i.e., the speed at 
which quitons themselves can move, since quitcns are being switched by mass. There- 
fore c ought indeed to be the wave velocity at which quitons move, and thus represents 
the maximum AL obtainable from At by mass in normal switching. The possibility exists 
that abnormal (turbulent) switching can deviate from this limitation. Thus “time 
warping,” “time travel," "hyperspace travel," and the interplanetary drive may indeed 
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tnat abnormal (turbulent) switching can deviate from this limitation. Thus "time 
warping,” “time travel," “hyperspace travel," and the interplanetary drive may indeed 
be possible. Since at least one of these effects of turbulence in switching (that of 
DeBroglie wave velocity exceeding the speed of light) is theoretically accepted, the 
problem of turbulent switching should be well worth the theorist's attention and 
effort. 
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itself, which is perceived and thought of as AL and At). All other dimensions, 
quantities, and dimensional molecules are but bit division or bit multiplication, 
This seems to be consistent with some of the latest conclusions from general 
relativity theory. 


In passing we note that there is no separation without relation, and there is 
no relation without separation. Therefore 


relation < separation. (63) 


Also, there is no operation without separation, and there is no separation without 
operation. Therefore 


operation <> separation. (64) 
It follows that 
operation <> separation ~ relation. (65) 


We note a difference between free space and a Cartesian space (inertial 
reference frame). In a Cartesian space or inertial reference frame a definite 
length is considered to have been established for each and every point in that 
frame. But such a definite length to each point is rigorously operational by 
statement (65) above, i.e., such a length is defined by an operation. Specifically, 
it is defined by the operation of a mass perceptron (or an understood mass 
perceptron) at the origin of the frame. Such a frame is linear if the identical 
type of perceptron operation has defined the length to each point. If the type of 
defining operation varies, then the frame so defined is nonlinear; i.e., its space 
is said to be curved or distorted, 


In one perceptron, its length defining operation and its mass defining opera- 
tion can interfere or react one with the other. This type of interference or inter- 
action is the direct interaction of frame space (length) with mass and it is the 
fundamental generating mechanism of force. All forces are so generated (see 
again the inset footnote on p, 17). And in fact a perceived moving force does work 
in the direction of its perceived movement rather than in the force's perceived 
direction precisely because of the moving operational length's interaction (inter- 
ference) with the operationally generated force, This interference interaction is 
between operations in the same perceptron and generates what is called work. 
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¥V. ELEMENTARY PHILOSOPHICAL IMPLICATIONS 


Every scientific treatise is filled with forms of the words "one" and "be, " 
yet none attempt to define these metaphysical terms. Ontologists and metaphysicians 
have uncovered many problems connected with these two words, but no real solutions. 
In addition, the historical preoccupation of metaphysics with dogmatic religious 
beliefs contributed strongly to its disfavor, since scientists were required to exert 
considerable effort to establish the scientific (observational) method as a legitimate 
criterion for the judgment of physical truth, Consequently, both science and 
philosophy today are constructed on quite undefined foundations, primarily because 
of the failure to recognize the relationship of perception operation to reality, which 
recognition is a prerequisite to the synthesis of physics and metaphysics. One 
therefore must comprehend the concepts of be (exist)} thing (perception), and 
one (thing) from the viewpoint of the relation between perception and ultimate 
reality. 


A. EXISTENCE, THING, AND ONE 

Existence has been defined here as ‘what is to be fed into the perceptron's 
input. '' In the situation where all operation of the perceptron has ceased, what can 
be said to exist in the input? First, what exists is a continuum: it has no limit, 
interface, dimension, time, velocity, change, space, place, or discontinuity since 
these are all derived from perceptron operations and the perceptron is not operating. 
What exists is continuity only, with no discontinuity.2 To comprehend this, we must 
examine the thought process itself more closely, realizing that ''to think" is "to 
perceive thoughts," 


What is a "thing?" Further, what is "one" -- one "thing," one "anything?" A 
thing is first a perceived thing: it resulted from the output of a perceptron operation, 
in which one input bite and one output occurred, This output is characterized by the 
the fact that it is one, and the absence of one (i.e., zero) is the absence of output3 
Figure 14 shows these relationships. The perceptron operation created the separation 
between the inside and the outside by creating a AL anda At, that is what the delta 
symbol means, Thus the operation of the perceptron determines the basic nature of 
one itself, and any one necessarily requires that a perceptron operation has occurred, 
In fact, the perceptron itself is a result of perceptron operations. Thus indeed all is 
relative. A perceptron exists and is able to function because it perceives other percep- 
trons to exist and function. Thus perceptrons are mutually created derivatives of reality 


Being is undifferentiated; that is its total definition, It cannot be perceived, 
since perception differentiates. It is continuity only, without any discontinuity, 
which is unperceivable, The preoccupation of being with causality (perception) is 
technically called "inception," the influencing of perception. In Zen philosophy 
this is technically "attachment to the world of illusion (change);" the literal 
meaning of "Incarnation." 


2This concept is unperceivable, by the definition of perception, which accounts for 
its difficulty. To be a "perceived one" implies limit (finiteness); oneness itself, 
without a bound or limit to make it a one (perceived), cannot be perceived, This 
is the primary limitation of the human mind (i.e., of perceptive thinking)--being, 


continuity, and oneness themselves imply absence of perception (differentiation) and 
are therefore unperceivable. 


3tThus Boolean algebra describes the most basic oneration. and {a annlieshla ta the 
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2Thus Boolean algebra describes the most basic operation, and is applicable to the 
“operational” world. 
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“A OPERATIONAL 
BOUNDARY 


DISCONTINUITY 
(NO-THING) 


(PERCEPTION) 


Fig, 14, Nature of One 


which drive themselves and each other. Note that the preceding sentence itself is a 
perception. 


So in the fullest sense, Gautama Buddha was indeed correct to state that the 
world of phenomena (changes) is an "illusion," relative only to itself (i.e., to 
perceptrons),+ Einstein, expressing this idea in the language of mathematics, 
produced the theory of relativity and inaugurated a new physics, Buddha and 
Einstein spoke in different technical languages, but both expressed the same idea, 
The only difference is that in science we have assumed that our observations 
themselves are real and perfect. They are real, but not perfect in that they 
represent only changes in ultimate reality, Thus observational science alone can 
never reveal ultimate reality. 


Another approach may aid in the comprehension of the nature of one. What is 
meant by the statement "he is the man?" Reflecting, one realizes that it what is 
meant is that the perceived thing HE is exactly the same perceived thing THE MAN, 
and this identity exists now (during this one At perceptron time slice). There is 
no part of Hk that is discontinuous from THE MAN, or vice versa. The different 
forms of the verb "be" attempt to express continuity without discontinuity, or 
unlimited oneness which is a state and not a thing. However, we do use the verb 
"be''2 to relate continuity between different time slices. ‘He is the man" is related 
in the present time slice; "he was the man" means that HE in the NOW slice is 
identical to THE MAN in a past slice; etc. 


Mfhe reader interested in Zen will find complete agreement between this paper and Zen 
precepts, and will find the paper of some assistance in comprehending the unperceivable 
(unthinkable) Zen realizations. In Zen, for example, the aim {s to comprehend at once 
the totality of reality, directly, escaping beyond the limiting fetters of perceptive 
thought. Now if it is actually possible to do this, and if some unusual men have 
done it, then their enigmatic writings should contain the wisdom of their experience, 
and should correspond to ultimate reality itself. Since ostensibly their insight ts 
obtained by other-than-logic and other-than-perceptive means, then their statements 
should appear illogical and unperceivable.* Thus the “sound of one hand clapping" 
and other illogical concepts are used in Zen as a meditative means of driving the 
student beyond logical perception (certainly the sound of one hand clapping cannot be 
perceived or thought) to realization, But if the Zen experience is actually valid, 
then reality itself must be pure Zen (i.e., unperceivable), and so it would appear to 
be. We note that for each component part of all, the opposite part must exist. 50 
all can be regarded as the complete set of all possible opposites or contradictions. 


*(However, this most assuredly does not imply that every statement that 
is illogical end unperceivable is of value!) 


21t should be stressed again that being ts defined as undifferentiated (unseparated, 
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?1It should be stressed again that being is defined as undifferentiated (unseparated, 
unperceived). Being is simply continuity without discontinuity. 
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B, REALITY, ULTIMATE REALITY, BEING, AND ULTIMATE BEING 

Actually one should be quite careful in using these terms, What does one get 
when one differentiates reality? One gets another reality, but not the primary or 
ultimate reality, For example, assume that length and time are real, When one 
time-differentiates length, one obtains velocity, which of course is real also but 
quite different from either length or time. However, velocity is always operationally 
related to the two first (assumed) reals length and time, because differentiation is 
an operation, So what is meant by "ultimate reality" is that state (or essence, or 
whatever name one prefers) that is not differentiated. Since "being" (continuity 
with no discontinuity) is defined as "that which is not differentiated, ' then the 
ultimate reality is pure being. 


But all perceivables are differentials of ultimate reality. When one differen- 
tiates being, one gets pieces (differentials) of being which themselves are beings, 
but they have been perceived (differentiated) from a more primary or higher being. 
Therefore any being that one perceives has been differentiated (separated) by 
perception] which explains why human beings, for example, consider themselves 
separate or individual (one), They are separate only in their individual perceptions. 
Thus "beings" by its plural nature always implies fragments (differentials) of a 
higher being (of singular nature), There can be many such integral levels: starting 
with one function, one can integrate it, then the resulting function can be integrated, 
etc., as long as we are speaking of definite integrals between two limits, When we 
reach a state that has no pieces or limits, the process is finished. That state is 
being in the ultimate sense, i.e., ultimate being. 


One perceives these integral levels directly in nature, i.e., in the perceived 
phenomenological world. Living molecules (tiny beings) of RNA, DNA, etc., integrate 
together into a cell (a higher level being), Cells then integrate into a still higher 
being (man, animal, plant), which is the level on which man finds himself. But since 
man is perceivable and there are more men than one, it follows directly that men 
are capable of being integrated into a still higher being,? and the only word we have 
at present to describe such an ultimate being is "God." It is not at all accidental, 
therefore, that the ultimate being cannot be directly perceived by man, since by the 
definition of perception the ultimate being cannot be perceived by a lower order being 
such as man (i.e,, since perception differentiates, or separates, then only 
differentials of being, or separate beings, are perceivable), 


The avatar Jesus, having no technical concept for the derivative available in 
the language of the day, used the analogy of the father-son relationship, the son 
being the derivative of the father in this sense. Thus he referred to himself as 
the "Son of Man" (the derivative of all mankind or of integrated mankind) and also 
as the "Son of God" (the derivative of the integral of man), He continually referred 
to the ultimate being as "Father." It is little wonder that he was not understood 
then, and has not been understood for almost twenty centuries, 


‘Thus not only are physical objects relative to the perceiver's perception, but so 

are the perceived beings. Ergo the entire perceived universe, both living and non- 

livine. ia related to nercention. and in fact nercention and creation are shatrarctriv 
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are the perceived beings. Ergo the entire perceived universe, both living and non- 
living, is related to perception, and in fact perception and creation are abstractly 
synonymous, 


*This statement contains obvious implications to the theory (i.e., to the goal) of 
evolution. 
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VI. CAUSALITY AND ITS MODIFICATION 


A little closer look at perception can be obtained by viewing it from the causal 
standpoint All that perception really creates is At and AL (which are the same, 
ignoring constants of proportionality), and the perception we normally think of is 
point perception, where a point is one switching operation. The perception point 
may be thought of as following a line path which we will call "lineception" (Fig. 15). 
Physical phenomena as seen by one perceptron constitute this lineception; or rather, 
it constitutes the physical phenomena that are perceived or observed by the percep- 
tron. Any point-based perceptron system, such as human perception, will accordingly 
perceive the universe of physical poencene as if the perceiving system were a 
pointer moving along a lineception.? 


onan es . : “4 
Fig. 15, Lineception (One Connected to One) 


For each perception there is a reflection, so there exists (but by definition 
cannot be perceived) a similar line-path, or "lineflection"' as shown in Fig. 16. 


—~At_—Adt 
- dt AL 


Fig. 16. Lineflection (One Connected to One) 


lPerception is identical to causality itself, 1.e,, perception can be said to generate 
causality. The causal view is that causes inputted to a situation operate to produce, 
or output or create, effects. According to its inputs, the perceptron generates 
causal outputs. An adequate theory of perception should be able to explain all 
causal (perceived) phenomena. We might define causality as the set of all causes. 
Then the answer to the question, "What causes causality itself?" is causality 

itself; i.e., since it is the set of all causes, causality must contain its own 
cause. Causality must therefore be closed or circular. The entire causal world 

must then be purely relative to itself (closed). Closer attention to causal opera- 
tion yielde the following: We perceive something change (in time or in space), then 
the situation changes so that we perceive new changes emerge (occur later, or separa- 
tely). Thus the line of perception by its own unperceived operation connects the 
perceived cause (change) to the perceived effect (change), i.e., perception generates 
causality. Since perception itself is causal, then causality truly causes itself. 
This indeed is closed or circular--causality generates perception (perception is 
causal) and perception generates causality (causality is perceptive). Thus the idea 
that perception generates causality is completely consistent with our initially 


aeaumed definitinn af eanenlitw ae the eet af 211 ranese- 
http://www.cheniere.org/techpapers/quiton/p28.htm (1 of 2)27.10.2003 20:29:56 


Page 28 


teeta Miia Seti Dedinal deteedtetelll - betenieainstaetetertntlitenentaateeed A teatime” Mie Gnaeteteed dete Al ee Pe eee 


that perception generates causality is completely coneietent with our initially 
assumed definition of causality as the set of all causes. 


7a "frame" or “coordinate system" is a point-centered perceptron system centered 
about the “understood perceptron" at the origin. 
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The ultimate reality, or existence, contains all, all-at-once (ultimate reality 
is allness, or oneness). At each operation of the perceptron, the exact amount of 
At and AL, and their relationship, put out by a perceptron is a function of its 
input quiton disturbances. A great number, in fact perhaps an infinite number, of 
different input states are possible, i.e., exist in all, all-at-once (ultimate reality), 
So an equally large number of output states are possible (exist ultimately),” but 
one particular input condition results in one particular output condition, We can 
represent the all possible Hineceptions existing as ''multiception" (Fig. 17). From 
this figure, a lineception can be seen one particular path through multiception. 
The corresponding multiflection could, of course, be illustrated in similar manner 
but with negative components. 





Fig. 17. Multiception (One Connected to Many) 


One could immediately apply statistics to the concept along the lines 
illustrated by Fig. 18, 


o 





Fig. 18. One Branch 


ltt is stressed that these multiceptions exist, which is not at all the same limited 

statement as "exist now," but much more comprehensive; e.g., all possible numbers must 

exist in zero, else, given the number A, there is no justification for the axiom that 

A+ (-A) = 0. The “absence of number" means precisely the "absence of all possible 
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exist in zero, else, given the number A, there is no justification for the axiom that 
A + (-A) = 0. The “absence of number" means precisely the "absence of all possible 
numbers." Paradoxically, if we think of that absence, we make it present by the act 
of thinking; i.e., trying to perceive it (absence is not perceivable). This contra- 
diction, of having to make the unthinkable into its opposite so that it is thinkable 
is both the characteristic and the limitation of perception and perceptive thinking, 
and has long been an insurmountable obstacle to scientist and philosopher alike. 
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At each switch point, the perceptron is faced with the branch of possibilities ahead, 
which all exist in multiception but only one of which exists in one perception, or 
lineception2 A certain set of limbs in the branch must have a perception 
probability equalling 1, and thus each of the limbs has some finite probability? 

The input conditions to the perceptron then determine which limb is selected for the 
next switching operation; and, of course, the input conditions are the results of 
other related perceptrons' operations (relativity). The statistics will not be pursued 
further. here. 


For an absolutely mechanistic world, the entire process is automatic according 
to quite rigidly fixed rules. A system of perceptrons that behave this way shall be 
referred to as "mechanically switched." What we call "non-living systems" are 
mechanically switched systems. But what we call a "living system" is able to 
arbitrarily select the limb taken, to some extent at least,> i.e., the fact that a 
living system is able to choose its behavior within certain limits, directly implies 
that it must be able to deflect its lineception from a mechanically switched line- 
ception, The only way it can possibly do this is to influence the switching operation 
of the perceptron. But since the output of one switching operation is a mechanistic 
function of the inputs, then the only way a life system can affect the perceptron 
switching operation is by affecting the input to some extent. How could it possibly 
do this? 


In our crude model, the nonaction continuum is composed of action atom 
fragments, or quitons. But such non-things are massless by definition (they are 
not being switched and the absence of switching defines masslessness), and we can 
think of the nonaction continuum as a massless fluid or ether or empty space, since 
these terms are all synonymous, All that is implied by these terms is that the 
fluid is composed of massless elements, which merely means they are not being 
switched, They are capable of being switched, of course, but switching is not 
being done. The main point is that force, in the conventional sense, is not 
required to move a massless fluid, so the input fluid to a perceptron can possibly 
be interfered with by some nonphysical means requiring zero force, The being 
portion of a life system can apparently do this to some extent, 


Since the switch time of a perceptron is on the order of oe seconds, then 
even an incredibly tiny quiton input variation to a perceptron will result in 


ltt is stressed that ell possibilities exist and are real, but do not exist in percep- 
tion. Perception is the only difference between unperceived reality and perceived 
reality. 


2which leads to an unusual view of "probability." A perceptron operation is already 
finished when one perception is complete; that is why "the past is always gone, the 
present has just occurred, end the future is never here." Perceptron operation 
continually creates the perceptron's universe as it operates, including all changes, 
time, space, etc.). Thus, et the conclusion of any one perceptron operation, 4 
multitude of lineception steps can exist for the next operation. However, although 
possibly quite large, the number of next steps available must be finite to be causal 
(perceivable). It is the process of perception that makes probability finite. 
Perception is finite; nonperception is infinite. 


37he only alternative conclusion is that the living system is unable to deliberately 
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3the only alternative conclusion is that the living system is unable to deliberately 
modify its behavior and its behavior is purely mechanical. But since this implies 
that all behavior is absolutely programmed and predictable, which is obviously 
false, this alternative is not valid and the original conclusion stands. 
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noticeably altered lineception after one second of such variation, So it is quite 
reasonable to presume the futility of trying to measure such infinitesmal influence 
as is brought to bear on one single perceptron operation. However, the total 
influence can obviously be detected after being accumulated by a very large number 
of perceptron operations, and for living systems it is. So while we have not proved 
the mechanism of life-system manipulation of lineception, we have shown a logical 
progression from an assumed mechanism to a result that is universally verified by 
countless observations (i. e., all living systems are observed to manipulate 
causality, which manipulation is, after all, the definition of behavior). Since no 
other mechanism has been proposed, to the author's knowledge, that would reasonably 
explain the observed phenomenon of life-system manipulation of lineception, it is 
logical to accept as true the assumed mechanism -- a life system can exert an 
incredibly tiny influence on perceptron inputs, i.e., on the ether or on empty 


space? . 3 


lThis tiny influence is the basis of the realization process. To comprehend the non- 
causal, the individual observer usually wrestles diligently with the problem, 
repeatedly attempting to perceive it causally, In each ouch attempt, the tiny 
influence of inception on perceptron inputs is exerted. Over an ensemble of such 
attempts, the perceptron causal output can be modified, i.e%, modulated noncausally 
to give what are now slightly noncausal perceived outputs. Presence of a required 
fit or required output pattern in the perceptive mind allows the output to be 
examined (compared) against the required output, i.e., it allows the selection of 
the proper noncausally modulated causal transfer function. When the outputs match, 
one then has a breakthrough or realization which matches the real world pattern but 
which cannot be directly perceived causally. However, since the mental file of the 
perceptive mind has now filed the proper transfer function, the individual has 
assimilated the information and understands it, being able to recall the noncausally 
modulated causal transfer function at will. Thus in Zen, the ultimate example of 
realization is described as "enlightenment." Phrases such as "direct perception of 
reality,” "direct experience of ultimate reality," or "direct realization of all- 
being" are also used in trying to portray the nonperceivable realization. Conven- 
tional science hides the entire process behind vague terms, such as "creative 
thinking," which actually only conceal the fact that we do not know what it is, or 
how it is accomplished. 


Note that such "creative realization" can cover either purely causal or non- 
causally modulated perception, the difference being merely whether the inputs are 
incepted in a normal manner comparable to causal phenomena, or in another manner. 
Realization is derived only from inception. Since the observed phenomena of physics 
already appear to be noncausal (statistical) in the ultramicroscopic region while 
ensembles of these yet appear to be causal, then the physicist is already confronted 
with the necessity of changing causality but at the same time retaining causality. 
The implications to the observation process itself must be examined, and they remove 
the dichotomy between physics and metaphysics when pursued, 


*The Hieronymus effect is an example of this in reverse. It generates an effect on 
living nervous systems that is not the result of electric, magnetic, or gravitational 
fields, and is not caused by matter in motion, For that matter, a polygraph hes been 
used to clearly measure a response of plants to human thoughts alone, and such an 
effect is not presently explainable within the body of physics theory. "Firewalking" 
is another unexplainable phenomenon from the standpoint of present physics theory as 
is acupuncture, 


3qi1 psi phenomena derive from this effect (inception) together with turbulent 
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3A11 psi phenomena derive from this effect (inception) together with turbulent 
switching. A straightforward theory of psi phenomena (and of such things as fire- 
walking and acupuncture, for that matter) can conceivably be generated from the 
quiton/perceptron theory. 
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Of course the most efficient development of manipulation of lineception 
(i.e., the widest response) by a life system would necessitate a control system 
approach; i.e., life system direct manipulation of only a very small control 
valve or control mechanism, which in turn controls the input to a much larger 
mechanistic (deterministic) servo amplifier. Systems like this are universally 
observed in life systems, Thus the great bulk of a life system's manipulation of 
lineception is servomechanistic: the actual direct influence of life (being) on 
matter (perceptron switching) is so microscopic as to be immeasurable at its 
operating level, and only its macroscopic effects become measurable. For that 
reason the scientist has never been able to isolate the mechanism of life's mani- 
polation of lineception, nor is he likely to be able to do so in the foreseeable 

ture, 


Life's manipulation of lineception will be denoted by the term "inception, "' 
and can be thought of as a modulation (partial change or additive change) of the 
lineception carrier, Ordinary physical phenomena are macroscopic ensembles 
of lineceptions, where the deterministic (mechanistic) law holds absolutely but 
in a relative manner (ensemble to ensemble) which is fixed cause-and-effect, or 
causality, from the viewpoint of perception. Since inception is a modulation of 
lineception, then living behavioral phenomena should be superimposed as envelopes 
on causal lineceptions, or causal lineception ensembles, and, indeed, they are 
universally observed to be so superimposed,” 


Absolute or ultimate reality, however, can be thought of in one respect as all 
multiceptions and all multiflections, all-at-once, which is timeless (i.e., which 
is both all-possible-times and zero time simultaneously or identically).3 Along 
any one lineception, causality applies; yet since a very large number of changes to 
that lineception are available in just one multiception branch, then quite a large 





Ifhis latter statement, of course, is subject to challenge. 


2Since all matter is, it contains being. Another intriguing possibility exists: that 
there are two types of inceptive systems, or two magnitude directions that inception 
takes. The first type would produce inception with difficulty, and its inception 
would only be apparent at the macroscopic level; the second type would produce 
inception with ease, ita inception would be apparent only at the microscopic level. 
The first type would correspond to what we call "living systems," while the second 
would correspond to what we call “inert systems." Living systems’ inception would 

be observable to human senses and human instruments, while inert system's inception 
would not. A second and remarkable consequence would be, that in the extreme micro- 
scopic case, inception would dominate and this scale would appear to be absolutely 
statistical (individually unpredictable), which apparently is true (1.e., degree of 
causality represents degree of restraint of inception). This would modify causality 
(for individual events) at the ultramicroscopic level, but at higher levels causality 
would still apply due to the karma effect on perceived ensembles. It is significant 
that at present the universe of matter seems to behave in precisely this fashion. To 
summarize, perception is causal -- it generates causality. Inception, being non- 
causal, must be below the perception threshold. Aggregates of inception (noncausal) 
that equal or exceed the perception threshold become causal (are processed by 
perception) and generate causal karma. 


3Since every perceived AT has an unperceived complement -A4T which exists in reflec- 
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3Since every perceived AT has an unperceived complement -AT which exists in reflec- 
tion, then the sum total of all times in absolute existence, which includes both 
perception and reflection, equals zero tine, 
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number of inceptions are available to be applied to that one lineception by an organism 
to change or direct the lineception, Herein is the explanation of karma. Since every 
inception made by an organism (or by a submicroscopic particle of being for the second 
case, sec note 2, p, 32) changes its entire lineception, it also changes its entire 
perceived or relative universe, which is the only universe it knows or senses, And 
since causal feedbacks from this perceived universe! occur to the organism's 
perceptron (which itself is part of that perceived universe), then the effects of the 
organism's actions indeed return precisely to it. So, as a man soweth, that shall 

he also reap" is quite true 


It is now possible to formulate some conclusive statements: 


1, One perceptron follows a lineception path, mechanically basing its output 
on its inputs, and this operation establishes causality to perception 
repetition, i.e. , to lineception, 


2. Ordinary physical phenomena are merely ensembles of related lineceptions, 
and are perceived to be absolutely deterministic (obey only cause-and- 
effect, 


3. Living phenomena exhibit the effects (selective behavior) of inception 
(modulations impressed on lineception) which occasionally diverts one 
lineception from its deterministic lineception limb to another multi- 
ception limb, resulting in a changed (modulated) lineception, 


4, Ultimate, or absolute, reality may be thought of as the sum-total of all 
multiceptions and multiflections, 


5. "God" is all-being, which is all multiflection and multiception at once, 
which is both no time at all and forever and all forevers as well, 


6. “God's will" is lineception and its accompanying lineflection. 


7. "Man's will" or "free will" is inception, the modulation of lineception (and 
unknowingly its accompanying lineflection), Inception, however, imposes 
a feedback on the inceptor since a precise feedback, from the inception 
changes to perception, occurs to the perceptron of the perceiver. This 
feedback resulting from inception is karma. 


8, The law of cause and effect (causality) exists in perceived nonmodulated 
phenomena (ensembles of lineceptions). 


9. Causality is affected (modulated) by living systems, but applies to each 
choice once made, The causal feedback from inception is karma. 


I"Percetved" must be accented: the nonperceived universe is not causal, since by 
definition causality invokes a perceiver and the perception process. 


2collective karma of any ordered group such as a species must exist in like manner. 
On the aubmicroaconic level. “karma of ensembles" means that the statistics of 
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2collective karma of any ordered group such as a species must exist in like manner. 
On the submicroscopic level, “karma of ensembles" means that the statistics of 
lineceptions and inceptions still lead to causal relationships in the perceived 
collective phenomena. 
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Neither causality or karma applies in ultimate reality, 
although all 

causality lineceptions and their reflections, and all 
modulations 

(inceptions) and the karma reflections of those 
inceptions, are 

included in ultimate reality. 


10. 
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VII. CLOSING REMARKS 


The quiton/perceptron approach appears to offer a most 
extensive area for further investigation, and it is hoped that the 
physicists will interest themselves in the concept. It offers 
explanations for the problems long posed by ontology, and unifies 
the bases of science and metaphysics. 


We state categorically that the theory explains what electric 
charge is, why like charges repel, and why unlike charges attract. 
In addition, since all phenomena are perceptron outputs, the theory 
indicates that multiple effects which are very close in time or 
distance will interfere with each other due to turbulent switching; 
i. e., conservation of mass/energy holds only as long as no switch 
interference exists. Turbulent switching can possibly disrupt all 
known physical laws. Unexpectedly strong forces, such as nuclear 
force, might in fact result from this effect. Other implications 
include possibility of travel faster than the speed of light 
(deBroglie waves do this now) and of travel back and forth in 
"time." 


Since both laboratory instruments and human sensory 
apparatuses are perceptrons and differentiate reality, investigations 
of physical phenomena should include the laws of the perceptron 
as well as the laws of the perceived phenomena. 
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This is a REALLY long paper but it is broken down into categories so you can easily skip to sections of interest 
to you. I found this after reading Twelve Things You Should Know About Scalar Weapons which was posted by 
FDF in April and is a MUCH SHORTER overview of scalar technology by the same author. I highly 
recommend it but wanted to post the longer version here as well which you can download in the PDF attached. 
Topics in the paper are listed below -MoD 
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Replies to This Discussion 


 . Reply by Jenny on July 27, 2011 at 6:22 
HAARP Patents (Assigned to APTI, Inc. Los Angeles, CA, Washington, DC) 


U.S. Patent 4686605: Method And Apparatus For Altering A Region In The Earth’s Atmosphere, 
Ionosphere, And/Or Magnetosphere Issued: Aug. 11, 1987 Filed: Jan. 10, 1985 


http://www.freepatentsonline.com/4686605.pdf 


U.S. Patent 5038664: Method For Producing A Shell Of Relativistic Particles At An Altitude Above The 
Earth’s Surface ~ Issued: Aug. 13, 1991 Filed: Jan. 10, 1985 


http://www.freepatentsonline.com/5038664.pdf 


U.S. Patent 4712155: Method And Apparatus For Creating An Artificial Electron Cyclotron Heating 
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Region Of Plasma ~ Issued: Dec. 8, 1987 Filed: Jan. 28, 1985 
http://www.freepatentsonline.com/4712155.pdf 


U.S. Patent 5068669: Power Beaming System ~ Issued: Nov. 26, 1991 Filed: Sep. 1, 1988 
http://www.freepatentsonline.com/5068669.pdf 


U.S. Patent 5218374: Power Beaming System With Printer Circuit Radiating Elements Having Resonating 
Cavities ~ Issued: June 8, 1993 Filed: Oct. 10, 1989 


http://www.freepatentsonline.com/5218374.pdf 


U.S. Patent 5293176: Folded Cross Grid Dipole Antenna Element ~ Issued: Mar. 8, 1994 Filed: Nov. 18, 
1991 


http://www.freepatentsonline.com/5218374.pdf 


U.S. Patent 5202689: Lightweight Focusing Reflector For Space ~ Issued: Apr. 13, 1993 


http://www.freepatentsonline.com/5202689.pdf 
Filed: Aug. 23, 1991 


U.S. Patent 5041834: Artificial lonospheric Mirror Composed Of A Plasma Layer Which Can Be Tilted ~ 
Issued: Aug. 20, 1991 Filed: May. 17, 1990 


http://www.freepatentsonline.com/5041834.pdf 


U.S. Patent 4999637: Creation Of Artificial Ionization Clouds Above The Earth ~ Issued: Mar. 12, 1991 
Filed: May. 14, 1987 


http://www.freepatentsonline.com/4999637.pdf 


U.S. Patent 4954709: High Resolution Directional Gamma Ray Detector ~ Issued: Sep. 4, 1990 Filed: 
Aug. 16, 1989 


http://www.freepatentsonline.com/4954709.pdf 


U.S. Patent 4817495: Defense System For Discriminating Between Objects In Space ~ Issued: Apr. 4, 
1989 Filed: Jul. 7, 1986 


http://www.freepatentsonline.com/4817495.pdf 


U.S. Patent 4873928: Nuclear-Sized Explosions Without Radiation ~ Issued: Oct. 17, 1989 Filed: June 15, 
1987 


http://www.freepatentsonline.com/4873928.pdf 


Still think that HAARP is just another wacky fictional conspiracy? The above listed patents should be 
enough to convince any intelligent person that HAARP is real and is now actively modifying our weather 
and triggering earthquakes. For those who are still not convinced, look to the United States Congress for 
proof. In order for HAARP to get funding the people who first created HAARP needed funding. That 
funding was made possible by the US government. If you were to look at Congressional records you 
would find documents that states just one of the many official purposes of HAARP — for penetrating the 
earth with signals bounced off of the ionosphere. Congress was informed by people in the High Frequency 
Active Auroral Research Program that the bounced signals would be used to look inside the planet to a 
depth of many kilometers in order to locate underground munitions, minerals and tunnels. If you bounced 
the known earthquake signature signal (2.5 Hz) for a sustained period of time an earthquake could 
triggered many kilometers inside Earth’s crust. The U.S. Senate actually set aside $15 million dollars in 
1996 (Clinton and Al Gore Administration) to develop this ability alone — earth-penetrating-tomography. 
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Update April 21, 2011 


Under pressure from the International community the HAARP website is up again. No data is available 
from April 7 to April 12, 2011. Data before and after shows the signature frequency of an earthquake 
(2.5Hz) being transmitted. Also shows energy spikes which indicates active weather modification. Now 
that the website is up again you can view the data for the Japan earthquake at http://137.229.36.30/cgi- 
bin/scmag/disp ... 1720110311. From the magnetometer induction data you can see 2.5Hz (earthquake 
inducing frequency) being broadcasted and recorded for several days before the 9.0 magnitude earthquake. 
To see what a normal (no HAARP broadcasting) day looks like view the magnetometer charts for the days 
of March 15, 16 and 17 — March 16, 2011 http://137.229.36.30/cgi-bin/scmag/disp ... 0316&Bx=on. No 
earthquake inducing broadcast was detected from March 15 to March 27, 2011. On March 28, 2011 a low 
powered broadcast was detected from approximately 12:00 am to 3:00 am. Broadcasting resumed on April 
2, 2011. April 6, 2011 shows you what the magnetometer charts looks like when a solar storm blasts Earth. 
No data is available from April 7, 2011 to April 13, 2011 —a shutdown. Starting on April 15, 2011 and 
ending approximately 10:00 am April 16, 2011 the earthquake inducing frequency of 2.5Hz was detected 
being broadcasted. 


Short URL: http://presscore.ca/2011/?p=2261 


e P> Reply 


7 Reply by Jenny on July 27, 2011 at 6:23 
WOW MoD! What a paper! I need like a year to get through it all but it sure is awesome to have it all in 
one place! Excellent! 


e P> Reply 





Boeing Tests Microwave Missile That Can Knock Out All Electronics (CHAMP) 
Huffington Post UK | By Michael Rundle 24/10/2012 
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Boeing is testing a missile which can destroy electronics in a wide area with little or no physical damage. 


The 'Champ' (Counter-electronics High-powered Advanced Missile Project) may "one day change 
warfare", Boeing said. 


"This technology marks a new era in modern-day warfare," said Keith Coleman, CHAMP program 
manager for Boeing Phantom Works. 


"In the near future, this technology may be used to render an enemy’s electronic and data systems useless 
even before the first troops or aircraft arrive". 


The missile was tested on 16 October, when the high-powered microwaves were fired at a two storey 
building built especially for the job. 


The missile would, if successful, take out rows of personal computers which were turned on to gauge the 
effect of the blast. 


The result? 


"Seconds later the PC monitors went dark and cheers erupted in the conference room. CHAMP had 
successfully knocked out the computer and electrical systems in the target building. Even the television 
cameras set up to record the test were knocked off line without collateral damage." 


Seven targets were hit in the one-hour test, and all were successfully disabled. 


There is a long way to go before the microwave can be placed into a missile and used to disable targets 
without loss of life, but the team is hopeful it could prove to be a milestone in non-lethal warfare. 


"Today we turned science fiction into science fact," Coleman said. 
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Scalar Potential Interferometer 


Figure 6. Multimode Tesla Weapon 


In the 1930's Tesla announced other bizarre and terrible weapons: a death 
ray, a weapon to destroy hundreds or even thousands of aircraft at 
hundreds of miles range, and his ultimate weapon to end all war -- the 
Tesla shield, which nothing could penetrate. However, by this time no 
one any longer paid any real attention to the forgotten great genius. Tesla 
died in 1943 without ever revealing the secret of these great weapons and 
inventions. 


Unfortunately, today in 1981 the Soviet Union has long since discovered 
and weaponized the Tesla scalar wave effects. Here we only have time to 
detail the most powerful of these frightening Tesla weapons -- which 
Brezhnev undoubtedly was referring to in 1975 when the Soviet side at 
the SALT talks suddenly suggested limiting the development of new 
weapons "more frightening than the mind of man had imagined." One of 
these weapons is the Tesla howitzer recently completed at the Saryshagan 
missile range and presently considered to be either a high-energy laser or 
a particle beam weapon, (See Aviation Week & Space Technology, July 
28, 1980, p. 48 for an artist's conception.) 
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Figure 7. Tesla Weapons at Saryshagan 


The Saryshagan howitzer actually is a huge Tesla scalar interferometer 
with four modes of operation. One continuous mode is the Tesla shield, 
which places a thin, impenetrable hemispherical shell of energy over a 
large defended area. The 3-dimensional shell is created by interfering two 
Fourier-expansion, 3-dimensional scalar hemispherical patterns in space 
so they pair-couple into a dome-like shell of intense, ordinary 
electromagnetic energy. The air molecules and atoms in the shell are 
totally ionized and thus highly excited, giving off intense, glowing light. 
Anything physical which hits the shell receives an enormous discharge of 
electrical energy and is instantly vaporized -- it goes pfft! like a bug 
hitting one of the electrical bug killers now so much in vogue. 


If several of these hemispherical shells are concentrically stacked, even 
the gamma radiation and EMP from a high altitude nuclear explosion 
above the stack cannot penetrate all the shells due to repetitive absorption 
and reradiation, and scattering in the layered plasmas. 


In the continuous shield mode, the Tesla interferometer is fed by a bank 
of Moray free energy generators, so that enormous energy is available in 





the shield. A diagram of the Saryshagan-type Tesla howitzer is shown in 
figure 7. Hal Crawford's fine drawing of the interferometer end of the 
Tesla howitzer is shown in figure 6. Hal's exceptional rendition of the 
Tesla shield produced by the howitzer is shown in figure 8. 





INTERFEROMETRY 
sil {HEMISPHERICAL SHELL) 


Figure 8. The Tesla Shield 
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Figure 9. Tesla Terminal Area Defense System 


In the pulse mode, a single intense 3-dimensional scalar phi-field pulse 
form is fired, using two truncated Fourier transforms, each involving 
several frequencies, to provide the proper 3-dimensional shape (Figure 
10). This is why two scalar antennas separated by a baseline are required. 
After a time delay calculated for the particular target, a second and faster 
pulse form of the same shape is fired from the interferometer antennas. 
The second pulse overtakes the first, catching it over the target zone and 
pair-coupling with it to instantly form a violent EMP of ordinary vector 
(Hertzian) electromagnetic energy. There is thus no vector transmission 
loss between the howitzer and the burst. Further, the coupling time is 
extremely short, and the energy will appear sharply in an 
"electromagnetic pulse (EMP)" strikingly similar to the 2-pulsed EMP of 
a nuclear weapon. 


This type weapon is what actually caused the mysterious flashes off the 
southwest coast of Africa, picked up in 1979 and 1980 by Vela satellites. 
The second flash, e.g., was in the infrared only, with no visible spectrum. 
Nuclear flashes do not do that, and neither does superlightning, meteorite 
strikes, meteors, etc. In addition, one of the scientists at the Arecibo 
Ionospheric Observatory observed a gravitational wave disturbance -- 
signature of the truncated Fourier pattern and the time-squeezing effect of 
the Tesla potential wave -- traveling toward the vicinity of the explosion. 
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Figure 10. "Nuclear" Flashes off the Coast of Africa 
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Lithuania - 10 Sep 1976 - British European Airways Flight #831 
between Moscow and London 


CIA Report Released under FOIA 
Figure 11. Continuous Tesla Fireball 


The pulse mode may be fed from either Moray generators or -- if the 
Moray generators have suffered their anomalous "all fail" malfunction -- 
ordinary explosive generators. Thus the Tesla howitzer can always 
function in the pulse mode, but it will be limited in power if the Moray 
generators fail. 


In the continuous mode, two continuous scalar waves are emitted -- one 
faster than the other -- and they pair-couple into vector energy at the 
region where they approach an in-phase condition. In this mode, the 
energy in the distant "ball" or geometric region would appear 
continuously and be sustained -- and this is Tesla's secret of wireless 
transmission of energy at a distance without any losses. It is also the 
secret of a "continuous fireball" weapon capable of destroying hundreds 
of aircraft or missiles at a distance. An example of a Soviet test of this 
mode of operation is shown in figure 11. 


Witness to a super weapon? 





2 Pion 


Nick Downie describes the strange lurid glow that flared silently over the Hindu Kush 


THE SUNDAY TIMES, 17 AUGUST 1980 


(Multiple incidents in Sept., 1979) 


TEHERAN, IRAN 17 JUNE 
1966 


SEEN FROM NEAR 
MEHRABAD AIRPORT 


OBSERVED 4-5 MINUTES 


SEEN BY 2 AIRCRAFT 
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CIA REPORT RELEASED UNDER FOIA 


Figure 12. Tesla EMP Globe 


The volume of the Tesla fireball can be vastly expanded to yield a globe 
which will not vaporize physical vehicles but will deliver an EMP to them 
to dud their electronics. A test of this mode is shown in figure 12. (See 
also Gwynne Roberts, "Witness to a Super Weapon?", the London Sunday 
Times, 17 August 1980 for several other tests of this mode at Saryshagan, 
seen from Afghanistan by British TV cameraman and former War 
Correspondent Nick Downie.) 


If the Moray generators fail anomalously, then a continuous mode limited 
in power and range could conceivably be sustained by powering the 
interferometer from more conventional power-sources such as advanced 
magnetohydrodynamic generators. 


http://thecontrail.com/forum/topics/scalar-weapons-read-it-and-wee 13/20 


1/26/2018 SCALAR WEAPONS: Read It and Weep - The ContTrail 


COMTINGOOS 
DETECTION AND TESLA EMP B108E 
TRACKING IDURS ELECTRONICSI 
pee a AE Ly TESLA FIREBALL (CORTIRUDUS! 
5 — iWAPORIZES VEWICLEL 









™y : 
le 
= TESLA FIREBALL 
IPOLSEI 


vo 


EARTH'S SURFACE a A WITZER 


TESLA SHIELT 


Figure 13. Tesla ABM Defenses 





Figure 14. Moray/Tesla Technology: Star Wars Now 


Typical strategic ABM uses of Tesla weapons are shown in figure 13. In addition, of course, smaller 
Tesla howitzer systems for anti-tactical ballistic missile defense of tactical troops and installations could 
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be constituted of more conventional field missile systems using paired or triplet radars, of conventional 
external appearance, in a scalar interferometer mode. 


With Moray generators as power sources and multiply deployed reentry vehicles with scalar 
antennas and transmitters, ICBM reentry systems now can become long range "blasters" of the target 
areas, from thousands of kilometers distance (figure 14). Literally, "Star Wars" is liberated by the Tesla 
technology. And in air attack, jammers and ECM aircraft now become "Tesla blasters." With the Tesla 
technology, emitters become primary fighting components of stunning power. 


The potential peaceful implications of Tesla waves are also enormous. By utilizing the "time 
squeeze" effect, one can get antigravity, materialization and dematerialization, transmutation, and 
mindboggling medical benefits. One can also get subluminal and superluminal communication, see 
through the earth and through the ocean, etc. The new view of phi-field also provides a unified field 
theory, higher orders of reality, and a new super-relativity, but detailing these possibilities must wait for 
another book. 


With two cerebral brain halves, the human being also has a Tesla scalar interferometer between his 
ears. And since the brain and nervous system processes avalanche discharges, it can produce (and detect) 
scalar Tesla waves to at least a limited degree. Thus a human can sometimes produce anomalous 
spatiotemporal effects at a distance and through time. This provides an exact mechanism for 
psychokinesis, levitation, psychic healing, telepathy, precognition, postcognition, remote viewing, etc. It 
also provides a reason why an individual can detect a "stick" on a radionics or Hieronymus machine 
(which processes scalar waves), when ordinary detectors detect nothing. Unfortunately there is not room 
to develop the implications of this human Tesla interferometry in detail, for that must wait for yet another 
book, presently in its initial stages, that Hal Crawford and I are writing. 


Table 5. Orders of Reality 


e PHOTONS ARE 
> PAIR-COUPLED SCALARS 
> VELOCITY-LIMITED TO C 
> CARRIERS OF T 


e PHOTON INTERACTION 
> IS UBIQUITOUS 


> PRODUCES Tf =C 
> YIELDS 1st ORDER REALITY 


e SCALAR O WAVES 
> NOT VELOCITY-LIMITED 
> YIELD HIGHER ORDER REALITIES 
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Figure 15. Implications of Tesla Potential 


At the July 1981 U.S. Psychotronics Association's Annual Conference in Dayton, Ohio, I presented 
the first rough paper on the Tesla secret and scalar interferometry. A videotape of the presentation was 
made and will shortly be available. I am also scheduled to make a special presentation at the Alternate 
Energy Conference in Toronto, Canada in latter October, 1981. A professional, videotaped two-hour 
presentation on this subject is also being prepared. Wide distribution of the material through the 
international underground physics and technology network has already been made. This time, God 
willing, Tesla's secret will not be suppressed for another 80 years! 

And perhaps it is not yet too late. The material has cost me (now) some 16 years of agonizing labor 
and nearly $100,000 of my own personal funds. No orthodox university, scientific group, foundation, or 
governmental agency would support such an effort, either financially or otherwise. Indeed, most ordinary 
journals will not even accept material on such matters. Nonetheless, the area is of overwhelming 
importance and I truly believe Tesla's lost secret will shortly affect the lives of every human being on 
earth. 

Perhaps with the free and open release of Tesla's secret, the scientific and governmental 
bureaucracies will be. shocked awake from their slumber, and we can develop defenses before 
Armageddon occurs. Perhaps there is hope after all -- for even Brezhnev, in his strange July, 1975 
proposal to the SALT talks, seemed to reveal a perception that a turning point in war and weaponry may 
have been reached, and that human imagination is incapable of dealing with the ability to totally engineer 
reality itself. Having tested the weapons, the Soviets must be aware that the ill-provoked oscillation of 
timeflow affects the minds and thoughts -- and the very lifestreams and even the collective species 
unconsciousnesses -- of all lifeforms on earth. They must know that these weapons are two-edged swords, 
and that the backlash from their use can be far more terrible to the user than was the original effect to his 
victim. 

If we can avoid the Apocalypse, the fantastic secret of Nikola Tesla can be employed to cure and 
elevate man, not kill him. Tesla's discovery can eventually remove every conceivable external human 
limitation. If we humans ourselves can elevate our consciousness to properly utilize the Tesla 
electromagnetics, then Nikola Tesla -- who gave us the electrical twentieth century in the first place -- may 
yet give us a fantastic new future more shining and glorious than all the great scientists and sages have 
imagined. 
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what if these weapons work in conjunction with cell towers and smartgrid/wifi relays? i just read this and 
it blew me away how the dangers this is being purposely 


ignored http://www.stayonthetruth.com/electromagnetic-fields---killing-fiel... " 


November 14 1996, Omnipoint, New York City's first digital cellular provider, did open for business, 
broadcasting from thousands of antennae newly erected on the rooftops of apartment buildings. According 
to the health authorities, an early flu hit New York City - but not Boston, and not Philadelphia - on about 
15 November. The flu was severe and ran a prolonged course, often dragging on for months instead of the 
usual two weeks. 


At Christmas time, the Cellular Phone Task Force placed a small classified ad in a free weekly newspaper. 
It read: 'If you have been ill since 11/15/96 with any of the following: eye pain, insomnia, dry lips, swollen 
throat, pressure or pain in the chest, headaches, dizziness, nausea, shakiness, other aches and pains, or flu 
that won't go away, you may be a victim of a new microwave system blanketing the city. We need to hear 
from you.' And we did hear from them. Hundreds called, men, women, whites, blacks, Asians, Latinos, 
doctors, lawyers, teachers, stockbrokers, airline stewards, computer operators. Most had woken up 
suddenly in mid-November, thinking they were having a stroke or a heart attack or a nervous breakdown, 
and were relieved to know they were not alone and not crazy. 


Later, I analysed weekly mortality statistics, which the Centres for Disease Control publish for122 US 
cities. Each of dozens of cities recorded a 10-25 per cent increase in mortality, lasting two to three months, 
beginning on the day in 1996 or 1997 on which that city's first digital cell phone network began 
commercial service." we already know these agendas are being forced everywhere.no one is even 
noticing how even though everyone is already "connected" they are still erecting more and more towers 
and infastructure,by force in the case of smartmeters.wired in connections now cost over double what wifi 
does.they just put up another tower here on my block,disguised as a flipping pine tree.cant block the 
effects when it comes from literally all sides 
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quantum physics are cut and dried, both being 
full of holes and in need of a vigorous 
overhauling...” 


*Mano Bunge, Foundations of Physics, Springer-Verlag, 


(©) 1998 TE. BEARDEN New York, N'Y. 1987, p. 176. 
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Bunge on the Status of 
Electrodynamics and Physics 
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",» itis not usually acknowledged that electro- 
dynamics, both classical and quantal, are ina 
sad state... 

"... neither classical nor quantum physics are 
cut and dried, both being full of holes and in 
need of a vigorous overhauling..." 


"Mano Bunge, Foundations of Physics, Springer-Verlag, 
(2) 1986 TE. BEARDEN New ‘York, M187, p. 76., 
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‘ge 2 on the Status of 


Classical and Quantum Physics 
————————————————————————————————————————————— 


. itis not usually acknowledged that electro- 
Jeanie both classical and quantal, are in a 
sad state... the best modern physicist is the 
one who acknowledges that neither classical 
nor quantum physics are cut and dried, both 
being full of holes and in need of a vigorous 
overhauling not only to better cover their own 
domains but also to join smoothly so as to 
produce a coherent picture of the various 
levels of physical reality.” 


“Mario Bunge, Foundations of Physics, Springer-Verlag, 
©) 136 TE BEARDEN New York, NY, 1967, p. 176.. 
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Fraction of Casualties Surviving 


FRACTION SURVIVING 
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© with conventional treatment 

() With 1st generation Ptreatment 

C) With 2nd generation P-treatment 
@ With 3rd generation P-treatment 
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Differentiation and Dedifferentiation Timelines 


CENTRALIZED CONTROL OF CELLULAR 
GROWTH AND REGENERATION 
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A oBic OXYGEN-RICH ENVIRONMENT a 
TINE-FORWARD PATH re — Se 
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Evolution of Cells on Earth 
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"..cunously enough, we do not 
know exactly what charge 8, 
only what # does. Or, equafy 
significa ntly, what it does not do.” 


MiP. Silverman, And ‘vet t Mtoves: Strange 
tere and Subtie Questions inP ing: 





CambidgeU riversity Press, 1958 p. 127. 


. 
4 
S Cc) T.E.BEARDEN 1997 





An electric charge Q consists of a massless flux component and a mass component, 
coupled together (interacting). Q is a broken symmetry. The mass of the charge 
continually and violently exchanges virtual photons with the surrounding vacuum. 
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The Ubiquitous Assumption: Two 
Asyrmetrical Repaugings for Net Symmetry 
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The Ubiquitous Assurnption: 
Asymmetrical Reqaugings for Net Symmetry 
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A Charged Particle Is a Coupled System 


Note: X is a coupling 
operator 
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"..curiously enough, we do not 
know exactly what charge is, 
only what it does. Or, equaliy 
sig nificantly, what it does not do. 

MP. Siemnan, And Yet it Mowes: Strange 


Sys terme and Subtle Questions in Physics, 


C anbridge University Pres, 93, p. 127. 
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is a broken symmetry in its fierce energy exchange with the active vacuum. 


An electric charge ] 2 , 
It coherently integrates some of the virtual energy absorbs and outputs it as Poynting energy flow 
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Chung's Carbon Filament Negative Resistor 
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Typical circuit has about 10-13 
energy collection efficiency 








= 
i "< = (Q 1004, 1996 Te eeaRveN 
& ep NIN 
=e Deep space 
S system 
—- Distance traveled by S in one hour is 1.08x10exp(1 2) meters. 


“= Example: 1.3 amps flowing in DC circuit, 1.8 mm diameter copper wire. J =51 A/cm 2 


! 5a. ! 
S violently transports ? provided fromthe source. 
d i= 0.1368 meters j ? sluggishly transports the energy collected and dissipated in the 
circuit. 


For the case discussed, the electron drift velocityin the circuit is about 
3.8 x 10 5 meters/sec. So Ji moves about 0.1368 meters in one hour. 
Thus J? has collected about 0.1368 meters of the ¢-filled Stube. During 
that same hour, the S-flow evoked by the power source will have 
traveled 1.08x1012meters. The ¢ of both currents is the same. Both 
are involved in the same energy-illed tube. Thus S has provided and 


transported about 7.89x1012 times as much energy along the circuit 
in one hour as the j? has been able to collect, transport, and dissipate 
as work in the circuit. Thus this circuit provides about 16'3 collection 
efficiency. 
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S Classical View of EM 


Potentials just mathematical conveniences 

— Not real 

— No internal structure, just magnitude 

Force fields primary, causative, can exist in space in absence 
of observable mass 


- Aji EM actions due fo force fields. none when zero 
- No action at a distance 
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CANCER: CHARACTERISTICS 





® NOT ONE DISEASE BUT A WHOLE RANGE 
© STARTS IN ORDINARY (AEROBIC) CELL 

© CELL SHAKES OFF BODY'S DICTATORIAL CONTROL* 
© STARTS UNCONTROLLED DIVISION 

® BECOMES A LUMP 


=) CAN SEND FORTH CANCER CELLS 
= THROUGH BLOOO 
= THROUGH LYMPH 


® THESE FORM METASTASES (SECONDARY TUMORS) 
® OFTEN BECOME ANAEROBIC (NON-OXYGEN USING} 


® ENIGMA IS FAILURE OF IMMUNE SYSTEM 
TO ATTACK SOME TUMOR CELLS 
—- SUPPRESSOR CELLS MAY CURB IMMUNE SYSTEM 
- TUMOR MAY LACK ANTIGENS NORMALLY IDENTIFIED 
BY THE MIMUNE SYSTEM 
*R&R system forces cell hack toward anaerobe 


(2.4000 TE Eauetew 
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PORTION OF 
E, =INCIDENT WAVE DISTORTING MEDIUM 


E, = TIME-REVERSED WAVE 


© 1094, 1006. 1m TE BEARER 


“If a scalar wave E:(r) propagates from left to right through an 
arbitrary but lossless dielectric medium, and if we generate in some 
region of space [say near z= 0] its phase conjugate replica E2(r), 


then E2 will propagate backward from right to left through the 
dielectric medium, remaining everywhere the phase conjugate of E1." 
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The Electronuclear Reaction: 
Nuclear Reactions in TR-Zones (1) 





- Shae Meutron into proton and vice versa 

= oa high rate (flat spacetime assumed) 
® Statistics become skewed|due to curved ST 
e Can bias statistics toward) ether neutron 

or proton end 
— Biases toward transmutation of elements 
along isomer chains 
— Concept of “isomer” is vastly expanded 
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Nucl C lea ar rR Reactions in TRZo1 ones (2) 
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@ Normal dynamics (impulses) may reverse 
— Like charges attract, unlike charges repel 
— Positive charges cluster (are drawn together) 
— H+ tons (protons) may form quasi-nuclei 
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as become substantial 
- Time delay (hours, days) 
— Transduction of LW --> TW involved 
— Specific time-charging history of detectors 
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In Time-Reversed Zone: 


1390 LE. BEARER 
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In Time-Reversed Zone: 
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Time-Reversed Zone: | 
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A New Conservation of Energy Law 


Physics conserves total "energy and mass-energy” 
Now also must consider “time-energy” 


Conserve total mass-time-energy (spatiotemporal 
energy) 


Let ET = total energy, EM = mass energy, 
EE = ordinary energy, and Et = time energy. Then 


ET= EE + EM + Et Ch ee TE Damareiay 
(kKEt=> EE> 0) => ET> (EmM+ EE) 


If some Et is transduced into EE , the experiment will 
violate the old spatial mass-energy conservation law 
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QUESTIONS ON CARCINOGENS 
AND EM RADIATION 





m UNRESOLVED QUESTIONS ON EM RADIATION 
- DOSAGES 
— ACTIVE MECHANISMS 
—- REPLICATION DIFFICULTIES 
— MEASUREMENT DIFFICULTIES 
- WHERE, WHEN, HOW ILL EFFECTS OCCUR 


@ SIMILAR QUESTIONS EXIST ABOUT EVERY 
CARCINOGEN 





m SCIENCE REALLY DOESNOT UNDERSTAND THE 
MECHANISMS OF A SINGLE CHRONIC DISEASE, © 1994, 1995 TE. Bearden 
INCLUDING CANCER 

- FACTORS SUCH AS MIND, STRESS, SPONTANEOUS 
REMISSION, PLACEBO EFFECTS, AND COMBINATIONS OF 
FACTORS ARE PARTICULARLY TROUBLESOME 

= GENERATION OF THE PLACEBO EFFECT BY THE 
REGENERATION & RECOVERY SYSTEMIS UNRECOGNIZED 
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Serious flaws and errors 
in classicalEM theory. 


Eliminates the Internal EM Inside the Scalar Potential, 

No Definition of Electrical Charge orof Scalar Potential, 

Equations StillAssume Material Ether Per Maxwell (Unchanged), 
Use of Force Fields in Vacuum is False (and Known to be $o}, 
Treats Charge qas Unitary Instead of Coupled System g = glqim (q). 
Confuses Massless Potential Gradients as Forces (See #3, #4), 
Does Not Utilize Mass asa Component of Force (See #29), 


Erroneously Assumes EM Force Fields as Primary Causes, 
Topology of EM ModelHas Been Substantially Reduced, 

Does Notinclude Quantum Potentialor Action ata Distance, 
Does Not Include Superluminal Velocity of Inner EM Components, 
Does Not Utilize Extended Near-Field Coulomb Gauge Effects, 
Does Notinclude EM Generatrix Mechanism forTime Flow, 

Does Not Unify Photon and Wave Aspects (Requires 7-D Hodel), 


Does Not Include Electron Spin and Precession (See #19,#24), 
Treats EM Energy As Existing In"Chunks,” Instead ofas Flow, 
Confuses Energy and Energy Collection (See #16), 
Discards HalfofEvery EM Wave in Vacuum (See #22), 
Erroneously Uses Transverse Vacuum Wave; It's Longitudinal. 
Arbitrarily Regauges Maxwell's Equations to Eliminate Overunity, 
Omits Phase Conjugate Optics Effects (The Rule in Internal EM J, 
Does Not Include EW Cause of Newtonian Reaction Force. 
Erroneously Assumes Separate Force Acting on Separate Mass, 
Confuses Detected Electron Precession Waves as Proving Trans: 
yerse EM Wavesin Vacuum (Remnantof Old "EM Fluid" Concept), 
Due to Error in String Wave, Omits the Ubiquitous Antiwave. 
Assumes Equilibrium ;NotTrue Unless Include ¥acuum Interactions, 
Higher Topology Required, to Model Electromagnetic Reality, 
Lorentz surface integration discards Poynting energy transport, 
Has nothing atallto sayaboutform of EM entities in massless space. 
Eliminates the infolded generalrelativity using EM-force as curve agent, 


Does notinclude longitudinal EM waves as time domain oscillations, 
Does notinclude EW mechanism that generates time flow and flow rate. 


wo co ce rere es re PS 
eS ee es 





@ TE VEAL ER ION UE 


http://www.cheniere.org/images/EMfndns |/EMerrors%20sm.jpg25.4.2005 2:03:06 


http://www.cheniere.org/images/EMfndns 1/EMreact1%20sm.jpg 


TES BTAROEH Is 


/ 


| Michetson-Morley 
~ =— experiments, 1880's 


“4 Now we are not using & 

ie 2 material ether. eo 

Trust us! The equations Cy 
donot need changing. 


ELECTROD YNA 





http://www.cheniere.org/images/EMfndns 1/EMreact1%20sm.jpg25.4.2005 2:04:04 


http://www.cheniere.org/images/EMfndns 1/EMreact2%20sm.jpg 


REACTION TO LOSS OF MATERIAL ETHER 








Nota single 
equation was 
changed! 


© Te PEARCEN Isa 





http://www.cheniere.org/images/EMfndns 1/EMreact2%20sm.jpg25.4.2005 2:04:51 


http://www.cheniere.org/images/EMfndns 1/EMreact3 %20sm.jpg 












le? | 











Einstein's 
spacetime 
hasn't been 
born yet 













Okay! We will just 
measure material 
entities, and call 
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(TIME ENERGY) 
(Ex: 0.01 ¢- 100c) OSCILLATIONS 
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X, ¥, ZENERGY DENSITY FIXED. 
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X AND Y FIXED; SURGE BUT TRANSDUCTION 
OSCILLATIONS IN Z DIRECTION. 


1S OBSERVABLE. 


TRANSDUCTION © TE BEARDEN 1998 
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Air Medium Disturbances Generated When 
Air is Perturbed by a Plucked Taut String 


The string wave and 
the holder wave 
never leave the string 









and holder 
respectively. 


= 
i OW lS oa 
=e oe oe ees ee — 








String slaps 
air medium 
Wave is pat, WAVE IN STRING (TRANSVERSE) 

: ' f Lower degree of freedom for string 
alternatively ‘ Can only vibrate mostly laterally. 
compressive = = age a DIOS 
and x = Electron 
rarefactive mS we Sas waves 

ae Nuclear 
j | \ "\ ANTIWAVE IN" proton 
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Launching a Spacetime Perturbation 


("EM Wave") from a Wire Antenna 





time forward 
slap (electron) 
time reversed 
ELECTRON SHELLS 
(DAMPED) Q { dese 
Modulations of 
virtual photon flux 
‘ : f r\ Feats intensity 
"NUCLEI rh: ae intensity an 
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By omitting the nuclei perturbation wave, Maxwell 
omitted Newton's third law from electrodynamics 
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TRANSVERSE EM WAVE PLUS LONGITUDINAL EM SURGE WAVE 


PHASE CONJUGATE REPLICA WAVE 
a 
NT MT © 


ee 
TIME DENSITY WAVE 


Oscillates rate of flow of time 
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Use of General Relativity (GR) 
in Particle Physics 





e GR seldom used in particle physics 2 sens 

In cold fusion, Matsumoto* has applied general relativity 
Consistent with important cold fusion results 
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Proc WOCF-7, Vancouver, BC; Canada, Apr 1998, p, 88 
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CHASING THE WILD DRAGON 


Foundations of a New Science 


By T.E. Bearden 
November 12, 1995 


It is a pleasure to accept the offer of John and Larry to write a column in their new InterNet magazine. Theirs is a 
great venture, and with the energy and knowledge they bring to the task, one can be confident of their success in 
making this a very interesting and informative publication. 


There is a new “rebel” science slowly being born, with most of the work being done outside the universities and 
orthodox scientific community. In the months ahead it will be my job to try to acquaint you with the gist of what’s 
going on, and what all the excitement is about. 


This first article is deliberately just introductory, and its purpose is to interest you in the unusual fields we are going 
to be covering in more scientific detail, in future columns. We will also be listing a variety of references from the 
technical literature, which bear upon the various points addressed. 


In this first article a little of my own background experience [note 1] is given, so you can decide whether you will be 
interested in what we have to say! 


The real purpose of the column will just be to present information that you may not be able to readily obtain any 
other way. We will not argue or debate with skeptics; nothing productive is to be gained by that. If the information we 
present is useful to you, then our purpose has been accomplished. If it isn’t of use to you, then just file it in the old 
wastebasket. Also, from time to time | may answer a generic question, constructed from multiple queries. Individual 
responses to correspondence cannot be provided. 


The work toward a new breakthrough science is going on in a broad spectrum of “fields,” most of which are not yet 
recognized by academia as even constituting legitimate areas of scientific endeavor (Table 1). 
Some of the major areas involved are: 


» theoretical and experimental research in overunity electrical machines, 
« free energy research of other kinds, such as devices utilizing thermodynamics phase changes, 
= rapidly advancing efforts in cold fusion, 


We use cookies to ensure that we give you the best experience on our website. By using this site you are accepting our 


usage of cookies. | Ok 


meee Seg = tO re Seeger ree eee see Se ne eee See ee Se my ree eee es 


» the direct engineering of the vacuum’s virtual phate flux exchange with matter, 

» action at a distance, including the deliberate formation and usage of quantum potentials, 

» direct engineering of the local curvature of spacetime (yes, the direct engineering of general relativity, using the 
new hidden kind of electrodynamics), 

» use of the new “hidden” electromagnetics to engineer body cells including the reversal of diseased cells, genetics 
and all, back to a previous healthy state (cellular dedifferentiation, in biophysical terms, or cellular phase 
conjugation, in physics terminology), 

= research toward the direct engineering of the mind, including both the conscious and unconscious minds, long- 
term memory, and the personality itself, and 

» aruthless re-examination (and correction where necessary and possible) of the definitions, concepts, and 
postulates that present physics is founded upon. 


Each of these “major areas” as yet has no single “experts” in the sense that individuals exist who possess a 
“mastery” of the given area. As an example, in spite of multiple researchers and decades of vigorous research, no 
one is really an “overall expert” in the overunity electrical power systems field. The “field” itself is still struggling to be 
born and is not recognized at all by orthodoxy; in fact, many orthodox scientists bitterly resent one even attempting 
to work in this area. There is as yet no cohesive single “theory” of overunity electrical or magnetic machines, 
although our own group is making rapid progress in that respect. But there is still no universal agreement amongst 
even the researchers themselves. Literally the field is still being discovered. 


This “groping dimly toward a new field” should not be too surprising. After all, the early electromagnetics researchers 
went through the same tortuous, agonizing kind of development. They were playing with cat fur, glass rods, and pith 
balls for quite an extended period before understanding progressed to the point where Maxwell could mathematically 
tie together and model the results of the experimenters such as Faraday and others. It has taken a century and a 
half for modern electromagnetics and electronics to reach its own present development. It is going to take another 
decade or so before the overunity researchers can overturn several ill-founded parts of the present electromagnetics 
and get the emerging field onto a solid foundations footing and into a solid theoretical position. 


In the effort to produce a theoretical model of electromagnetics, Maxwell and his predecessors performed a 
magnificent work. Yet they also made very serious errors (Table 2), which persist to this day. [note 2] Let us list just a 
few of the more blatant errors in classical EM theory today: 


First, Franklin guessed wrong on which way electrical current flowed in a circuit. There is no definition at all of 
electrical charge in all of physics, and there is no acceptable definition of potential (that is, there is no rigorous 
definition of just good old “voltage.”) There are no “fields of force” in the vacuum; there are just potential gradients __ 
because the vacuum is just one vast potential (virtual particle flux) in the first place. Force fields actually occur only 
in and of the matter in a material system. The primary causative agents of electromagnetics are not the so-called 
“force fields’ at all, but are the potentials __ as is well-known in quantum mechanics. [note 3] Maxwell assumed a 
material ether in his equations. The Michelson-Morley experiment destroyed the material ether, but the Maxwell 
equations have never been changed accordingly. The electron was not yet discovered when the Maxwell equations 
were written; the theory does not address electron spin. Maxwell was already dead some two decades when Barus’ 
1898 paper [note 4] was published, pointing out the strange “backwards-traveling” wave (i.e., time-reversed wave) 
solution to the wave equation. In addition, Heaviside and Gibbs had already produced their vector truncation ___ this 
truncated theory is the modern so-called “Maxwell's equations’ that universities teach today __ of Maxwell’s theory. 
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vector algebra, and seriously curtailed Maxwell’s theory when they “translated” it into the much lower topology of 
vectors and some four equations. The later addition of tensors as the basis mathematics did not restore the lost 
topology provided by the quaternion model. [note 6] 


For the EM wave, Maxwell simply assumed the transverse EM wave that had come from the much earlier derivation 
of the familiar wave equation from the old “plucked taut string” notions. [note 7] Yet when one closely examines and 
corrects some of the erroneous assumptions [note 8] made for the actual mathematical derivation of this “taut string” 
transverse wave, one finds (Figure 1) that an equal-energy second antiphased transverse “antiwave’ is actually 
produced by the instrument and added to the “plucked string’s” transverse wave disturbance of the air medium, to 
produce a longitudinal wave of compression and rarefaction in the air itself. The “transverse string wave’ in fact 


never leaves the string. The string wave is not the wave that is launched into the medium. 


A similar electromagnetic situation exists. In a whip antenna (Figure 2), the Drude electron gas in the conductor 
does exhibit a transverse “string-type” EM wave of electron precession. However, at the same time, by Newton’s 
third law (which Maxwell neglected because at the time the atom was regarded as just a blob with no internal 
structure) the positively charged, phase conjugated atomic nuclei have equal energy, highly damped transverse 
recoil waves created in them. Further, these “nuclei-recoil” waves are phase conjugate replicas of the electron gas 
waves. The total disturbance that is launched into the vacuum from the whip antenna is (a) the normal transverse 
disturbance of the virtual photon flux of vacuum caused by the electron gas wave, and (b) the coupled equal-energy 
transverse antiwave caused by the nuclei-recoil via Newton’s third law. The amplitude of the material antiwaves of 
nuclei vibration are highly damped because of the massiveness of the nuclei; however, they are of equal energy to 
the electron wave. But when launched into the same vacuum, the two equal-energy wave disturbances experience 
equal damping because they are in the same medium. Hence the wave and antiwave are (a) locked together in the 
vacuum, and (b) of equal energy, and (3) of equal amplitude once launched into the vacuum. What results is a 
vacuum EM wave of rarefaction (reduction in intensity) and compression (increase in intensity) of the virtual photon 
flux of vacuum ___ just exactly like what is launched into the surrounding gaseous air medium from the “plucked taut 
string” and perturbed body of a physical instrument. The EM wave in vacuum is a longitudinal wave directly 
analogous to a sound wave ___ just as Nikola Tesla stated. [note 9] 


The vacuum may be considered a scalar potential, in which case it has an internal biwave structure (Figure 3). 
Interference of two potentials _i.e., the hidden interference _(Figure 4) of their internal wave structures ___in fact 
already creates all EM fields and waves. 


When the incoming longitudinal “biwave’” from the vacuum strikes the atoms of the receiving antenna, each atom 
may be considered a dynamic assembly of multiple dipoles, where each dipole consists of one of the electrons in the 
electron shells and one of the positive charges in the nucleus. The receiving dipole in the interacting atom splits the 
two waves apart again (Figure 5). The negatively charged end of the dipole is time-forward, and the positively 
charged end is time-reversed. Hence the separated normal-wave-half of the biwave interacts with the electron, to 
give again the familiar transverse “electron precession” wave that we detect with our “electron wiggle-detecting” 
instruments (Figure 6). This detected electron precession wave is what all our textbooks prescribe erroneously as 
the vacuum wave! The separated time-reversed-wave-half of the incoming vacuum wave is split off and interacts 
with the positive end of the receiving atomic dipole, in the time-reversed atomic nucleus, thus generating Newton’s 
third law reaction force to provide the recoil of the nucleus. Present physics has ignored this second wave 
altogether, because of the serious error in the original derivation of the wave equation from plucked strings. Thus 
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emit a phase souniaets euies wave. 5 They direct the antiwave outside and away from the atom instead of inwards 
into the nucleus. So they do not recoil, no matter how powerful a phase conjugate replica wave they emit. 


Finally, we can also show that the EM wave in vacuum is longitudinal, by yet another approach. The electrons in the 
electron gas in a conductor are spinning, and they are severely constrained longitudinally to be able to move only 
very, very slowly down the wire. So when perturbed, they act as gyroscopes, and precess at right angles to the 
perturbing force. The fact that the gyroelectrons in a wire move radially almost entirely, and only “slip” down the wire 
very slowly with a “drift” velocity, already proves conclusively that the incoming vacuum disturbance was longitudinal. 
The precession of a gyro is at right angles to the perturbing force. Therefore rigorously the vacuum EM waves are 
longitudinal, because the gyroelectrons moved transversely. The present assumption of the transverse EM wave in 
vacuum contradicts the entire theory of gyroscopes! [note 10] There are many other errors in classical EM that we 
will point out in future articles; this should give the reader a flavor of what is in store for him in future articles. 


So there are no truly satisfactory “experts” in any of the 14 fields. Yet there is still something to be said for having 
some years of experience in one or more of the areas. | have had the good fortune or misfortune, depending upon 
one’s viewpoint, to be involved in various of those 14 activities for some 30 years or more, and am active in several 
of the areas now. My colleagues and | are particularly active in researching overunity electrical devices (see Figure 
8), to include the effects of controlled chaotic oscillators, charge-blocking oscillators, and oscillators driven by in- 
shuttled (bridged) Poynting field energy density flow ExH. Parametric oscillation is known to have yielded overunity 
electrical machines and was fully reported by Russian researchers in the Russian and French technical journals in 
the mid 1930s. [note 11] We will further cite that little-known work in future articles. Also, we are working mightily 
upon true negative resistors (Figure 9), wherein the resistor scavenges some of the disorganized energy from the 
vacuum’s energetic exchange with the charges in the system, organizes and collects it, and then outputs that 
collected energy flow into the external circuit. Such a resistor acts as a power source. Kron, perhaps the greatest of 
the electrical machinery scientists, is known to have produced such true negative resistors. 


| have also proposed a theoretical explanation of the Priore device (Figure 10) in France which in laboratory animals 
demonstrated remarkable cures of terminal tumors, cured trypanosomias, reversed atheriosclerosis, and restored 
suppressed immune systems. The Priore work was not anecdotal, but was performed under rigorous scientific 
protocols, working under the auspices of renowned French scientists such as Courrier and Pautrizel. The work is 
properly reported in numerous papers in the French medical literature. [note 12] The results were certainly achieved, 
but neither Priore himself nor the scientists of the day could understand the mechanism involved. The deciphering of 
that causative technical mechanism utilized by the Priore group required 10 years of intense effort. The results have 
now been published in the journal Explore! and are there for anyone to read. [note 13] 

Presently my CTEC colleagues and | have filed three patent applications and a continuation, on various methods for 
overunity processes and apparatuses, room temperature superconductivity, Poynting generators, etc. 


As an example, we took exactly the opposite approach to room temperature superconductivity as has been taken by 
all the orthodox researchers to date. What exactly is sought, after all, for superconductivity (SC) in a section of an 
electrical circuit? Well, one has some electrons on one side of that SC section that are transporting excess potential, 
as given by the Slepian vector J*. [note 14] What is desired is to get some electrons on the other side of the SC 
section that also are transporting the same amount of excess energy in the form of J*. You can do that in two ways: 
(1) you can flow the electron carriers through the SC section, carrying their J*, or (2) you can block the J and flow 
the * itself across as the Poynting flow S. [note 15] Nondivergent Poynting flow flows along an equipotential, which is 
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if one is to get the electrons through there without excess collisions that shake off some of the excess * from J*, as 
scattered photons (heat) or as a change of form of the energy (as in straining the dielectric of a capacitor to convert 
electrical energy to mechanical strain energy via the piezoelectric effect.) 


Our approach is exactly the opposite (Figure 11) and Figure 12). Why not just stop the flow of excited electron 
carriers on one side of the SC section, and continue the nondiverging flow of the Poynting field energy density S 
across that section at room temperature? Then the cryogenics is not needed at all. After all, circuits already work 
that way anyhow __ except standard practice is to nullify the process by letting current be driven around the 
sourcing current loop and back through the back EMF of the primary source. A quantum well (or several other 
methods) can be used to trap the “sourcing” electrons in the conductor just prior to entering the SC section. The 
“receiving” electrons on the other side of the SC section, however, must be in their own dq/dt-isolated current loop. 


Normal sources do not furnish electrons and current to a circuit anyway. Sources just furnish Poynting flow S and 
EMF. [note 16] In the receiving current loop, the EMF appears automatically once the S-flow flows in and is “locked 
on to” by the receiving electrons. Given q**, you will immediately have J* if the electrons are free to move in the 
conducting circuit (see Figure 13). Further, you have eliminated all the loss terms from the standard Poynting 
equation for energy losses. So all the energy flow S just flows across the SC section, without any current or Cooper 
pairs flowing through that SC section. The SC section has become a “bridge” which (1) strips off the Poynting field 
energy density flow S from the electron current dq/dt on the sourcing side of the SC/bridge section, by simply 
reducing the dq/dt to zero; and (2) continues to pass the S-flow across the dq/dt-blocked SC/bridge section to the 
other side (Figure 14). The excess S-flow (and EMF) pours into the receiving dq/dt-isolated current loop, exciting the 
electrons therein to produce dq/dt and J*. Any closed current loop is self-powered, once it receives S and EMF. It 
furnishes its own electrons; it only requires excess energy and EMF. [note 17] 


So our approach gives room temperature superconductivity in a very straightforward manner, once you discover how 
to block the current dq/dt in a conductor. Blocking it in an insulator is not sufficient, because that drops the potential 
and stops the S-flow and the equipotential * (the EMF). However, a degenerate semiconductor such as the Fogal 
chip can be used, as can several other processes for blocking dq/dt in a conductor. We will discuss these in a future 
article. 


Another advantage of this approach to room temperature superconductivity is that now one can also have 
permissible overunity coefficient of performance. Now the load can be placed in its own S-receiving, isolated current 
loop. With the sourcing current loop furnishing only S and not dq/dt, the load is still powered normally in its own 
closed dq/dt current loop, but none of the load current is passed back through the back EMF of the primary source in 
the sourcing circuit. 


This principle — that at least a substantial portion of the load current must not pass back through the primary source 
— is the primary principle required for a permissible overunity electrical machine (Figure 15). A permissible overunity 
electrical machine is one which produces more power in the load than you have to put into the machine to run it. 


Obviously, the laws of physics and thermodynamics require such an overunity machine to be an open system that 
extracts and utilizes excess energy from an external source. In the case outlined, we extract the excess energy 
directly from the vacuum in the form of S-flow; essentially we convert our primary source to a Poynting generator 
rather than a “power” (energy flow loss rate) generator. The resulting9. overunity machine accomplishes both room 
temperature superconductivity and also overunity coefficient of performance (Figure 16). It does not violate the 
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a dipolar source, as in the simple two-wire circuit, all we are anna) with the conductors is providing waveguides for 
the extracted S-flows from the vacuum to flow along (it flows outside the conductors) without loss. In effect, each 
lead is simply extending the pole (i.e., the terminal) to which it is connected. 


My associates and | are also working on several other inventions at present, including two more patent applications 
to be filed in the near future. One of those is in the field of overunity power systems, while the other is in an entirely 
different, highly proprietary nuclear effort. | will address all these areas in future columns, and those columns will 
have real “meat” in them. 


Present “big science” proclaims that overunity electrical machines are impossible. The reader should understand 
that the U.S. Patent and Trademarks Office is never going to grant a patent for an overunity electrical machine 
unless the machine is independently tested and replicated, and unless it is certified by scientists of impeccable 
credentials. This is as it should be. Legitimate free energy researchers accept that dictum. Eventually the stuff has to 
work on the bench in order to be validated. On the other hand, free energy researchers also point out that one must 
not demand of us the next 100 years of national research by a hundred major laboratories immediately! This is still a 
shoestring operation, because all conventional sources of research funds are denied to the serious overunity 
researcher (with the single exception of occasional personal funding of a researcher by a private individual). In other 
words, we demand at least the same kind of consideration that the orthodox nuclear fusion community has enjoyed. 
Billions of dollars have been poured into that sinkhole, and not a single controlled fusion power unit is working 
anywhere in the world after decades of work at enormous expense to the taxpayers. 


So we overunity researchers deserve at least a decade or two of our own, to try to accomplish overunity electrical 
system development. We also painfully point out that “Big Science” will not fund a single overunity researcher, for 
specific overunity purpose, no matter what his credentials or capability. In fact, “Big Science” is part of the problem, 
because it fervently seeks to prevent any legitimate research in overunity. To carry out its suppression campaign. it 
resorts to vilification, character assassination, libel, and slander of the overunity researchers themselves ___ again, 
regardless of their qualifications or legitimate scientific procedures. [note 21] 


Indeed, orthodoxy has a black record with respect to energy. When Mayer advanced the conservation of energy law, 
orthodoxy hounded him unmercifully. He was universally ridiculed as the very epitome of a fool. He lost his job and 
suffered a nervous breakdown. Then years later toward the end of his life, scientists came to accept the 
conservation of energy as a most useful tool that dramatically simplified much of their analyses. So then science 
began to laud Mayer. There are a thousand other such examples; suffice it to say that “big science” is a bureaucracy 
and a “bell-shaped distribution curve” just like any other large group of people. Some scientists are near-angels. 
Others are near-devils. The vast majority are neither, but are just ordinary persons doing a special kind of job. In the 
scientific bureaucracy, however, the manipulative scientists scurry, slash, and manipulate their way toward the top. 
So the leadership of any big bureaucracy ___ including the scientific bureaucracy __ is always rife with such near- 
scalawags and power-hungry individuals. Scientists are not exceptions to the same human weaknesses that we all 
evidence. If you really want to see jealousy, backbiting, and fierce “back-room dealing” and power-struggling, just get 
into a university research environment! But because the “power merchants” of any bureaucracy always fiercely resist 
any challenge to their position or superiority, big science has always fiercely resisted anything truly revolutionary. 
And today they also enlist the power of the state to enforce their dictums. We will devote one of our future columns 
to pointing out some glaring examples of persecution of independent researchers by big science. It is an area that all 
unorthodox researchers should be well-aware of. The world of science does not run by sweet reason and lofty 
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to the U.S. Patent and Trademarks Office. onions with a modicum of iowiedae of modern physics already knows 
that there does not exist a single closed system in the universe, anywhere. In particular, every physical system is 
continuously “open” to the violent exchange of energy with the surrounding vacuum. It’s just that most systems are 
in local equilibrium in these flow exchanges, except for minuscule gating accomplished for such things as the Lamb 
shift, etc. 


By analogy it’s something like this. The free energy researcher is standing by the banks of a mighty, rushing river 
with breathtaking falls, turbulent areas, etc. Big Science is begrudgingly admitting that, yes, there is a river there, but 
it is an insane delusion to think that you can tap that energy. The free energy researcher is saying that, well, if | can 
build a gating sluice a little distance upstream, perhaps | can divert a small portion of the river’s flow downstream to 
my waterwheel, and power my mill. The orthodox scientist then vilifies the free energy researcher for even having 
such a heretical thought. In fact, says the orthodox researcher, any fool can see that the laws of nature force the 
river’s flow to stay firmly in its banks, because it is a closed system, and Moses brought that law down off the 
mountain with him on a special stone tablet. Then he adds all the other smug remarks such as, “If it could be done, 
then we at MIT and Harvard and Caltech would already have done it!” So until the orthodox scientist develops a little 
less dogma and a little more common sense, and learns the difference between a scientific discussion and a 
dogfight, the free energy researcher can hardly communicate with him. 


The goal of the legitimate free energy researcher is to find a way to break the local equilibrium of this universal 
energy exchange, and gate a tiny bit of it up into the external circuit as excess electrical energy (Figure 17). Then he 
must collect the excess energy, and shuttle it from the “gating and collecting circuit” over to a dq/dt-closed current 
loop containing the load. He must also prevent the load current, or most of it, from passing back through the primary 
source against its back EMF, because if it does that, he will destroy the separation of charges in the dipolar source, 
killing the dipole and extinguishing the “excess energy gating.” In other words he must find a way to process and 
transport the energy flow across dq/dt-blocked bridges between the source’s closed dq/dt-current loop and the 
load’s closed dq/dt-current loop. Ruthlessly it is an energy transport S-flow problem, not a J* energy transport 
problem. If he uses J* in his sourcing current loop, he automatically drives the current dq/dt back through the back 
EMF of his source and kills it. If he does not drive dq/dt back through the source, the source will furnish S-flow for an 
indefinite period! Every battery and generator we have ever built is already a “free energy” machine in that it already 
involves broken local symmetry in the vacuum energy exchange. We have just not realized how to use our power 
sources purely as Poynting S-flow sources. 


So we must treat an electrical system as an open system with broken local symmetry (Table 3) in the vacuum flux 
exchange, so that the system extracts (gates) excess energy from an external source. In this case the source is the 
system’s flux exchange with the vacuum. This approach is no more mysterious or bizarre than putting a waterwheel 
in a river, or a windmill in a wind, or a bank of solar cells out in the sunshine. The universal “free source of energy” 
that the overunity researcher seeks to tap is the violent exchange of virtual photons between the electrical charges 
of the system and the surrounding quantum mechanical vacuum (Figure 18). In quantum physics this powerful, 
energetic exchange of the vacuum with electrical matter is now proven both experimentally and theoretically. It is 
already accepted in quantum physics that the vacuum is filled with electromagnetic energy. The researcher doesn’t 
have to prove it anymore; he just has to find out how to properly use it. The artesian well is already there; we just 
have to learn how to collect and use the flowing water without dynamiting the well! 


The remaining objection orthodox scientists usually raise against the notion of extracting vacuum energy has been 
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physicists have made various theoretical estimates of the energy density of this seething vacuum. A conservative 
ballpark figure is something on the order of 1090 grams per cubic centimeter, expressed in mass units. 


It has also been my good fortune to know and work closely with several other free energy researchers. | was a 
colleague of Floyd (“Sparky”) Sweet (recently deceased) for about seven years; Sparky held a Master’s degree in 
EE from MIT and had years of experience with General Electric and other firms. He was a highly skilled researcher 
who invented the solid state vacuum triode amplifier (Figure 19), a unit which produced 500 watts of output and a 
coefficient of performance of 1,500,000. | personally tested the machine, activated the magnets on one occasion, 
and understand how it all worked. [note 24] The paper [note 25] | co-authored in 1991 with Floyd is still the only 
paper in the orthodox engineering literature that reports (a) successful overunity functioning of a solid state magnetic 
device, and (b) a successful antigravity experiment on the laboratory bench, reducing the weight of an object by 


90%. [note 26] 


We stress again that a legitimate overunity electrical machine must be an open system, receiving excess electrical 
energy from the surrounding vacuum. As such, it must operate in a higher topology than normal electrical machines 


(Figure 20). 


My good friend Frank Golden has long been a close colleague. Years ago Frank developed a motor that produced 
overunity efficiency, but then to our astonishment we found (courtesy of Bill Tiller, [note 27] with whom we were 
working at the time) that its operation depended upon a 5-year-long conditioning (structuring) of the local ambient 
potential in order to work. Previously we had been entirely unaware that one can sometimes condition the local 
vacuum and the local matter in the area with a particular dynamic form. Given the local conditioning, a motor with 
that form will then work in that vicinity, but not necessarily elsewhere at an appreciable distance away. We now 
understand the mechanism for such “conditioning of the vacuum.” We also now know what to do if an overunity 
machine is actually a machine of that type (many of them are not). In other words, we know how to convert it to a 
machine that will work anywhere, anytime. We will be addressing such little-known things in future articles. 


John Bedini is also a close friend and colleague; John built several experimental motors (both electrical and 
magnetic) in the overunity area, and performed successful trans-mutation experiments. John is a recognized genius 
in high-end sound amplifier development. Many audiophiles worldwide still swear that the Bedini amplifier is the best 
and sweetest-sounding audio amplifier ever built. One of John’s battery-powered electrical motors (Figure 21), for 
example, ran continuously off its battery for about five years, and kept the battery charged. When you realize that 
such a small electric motor is only about 35% efficient, then you realize that about 65% of the energy flowing out of 
the battery was being dissipated in the motor as heat, core losses, etc. So the unit was continuously performing 
work for that five years. [note 28] The 1/8 hp motor represented a load in which the continuous rate of work being 
done (the rate of energy dissipation) was about 0.08 hp. We will have more to say on this motor and its technical 
process in a future article. 


Bill Fogal is a close colleague; Bill has patented the world’s first dq/dt-blocking semiconductor, [note 29] which 
partially blocks the normal current while continuing to pass the flow of voltage (Table 4). | have written a proprietary 
technical explanation of the Fogal semiconductor, which utilizes an extremely little-known feature called the 
“overpotential.” The overpotential part of the theory is experimentally proven and theoretically explained in an 
obscure part of electrochemistry, by a few chemists who specialize in electrode effects. J. O’M. Bockris is probably 
the leading world expert in overpotential theory; he authored the textbook on it. [note 30] 
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building ground, and we needed to make “floating differential ground” measurements in order to settle things once 
and for all. McLain and Wooten have filed for a patent, and multiple tests with excellent equipment have indeed 
indicated overunity. What happens next remains to be seen. | suspect that the two inventors may simply accept 
foreign capital investment and go offshore. 


Howard Johnson is also a respected colleague, whom | very much admire. (See Figure 23). Howard has continued 
to work quietly and patiently upon his patented permanent magnet motor, [note 31] including patenting various 
magnetic gates, etc. that are necessary to make such a motor work in a rotary configuration. [note 32] Howard 
employs a two-particle theory of magnetism; i.e., each magnetic flux line is envisioned as having a particle traveling 
from the north pole to the south pole, and also a particle traveling from the south pole to the north pole. The particles 
are spinning; the forward-time particle spins in one direction, and the antiparticle spins in the other direction. Howard 
then slightly separates the two particle flows. [note 33] In other words, Johnson splits the flux lines themselves, into 
two different pieces. When so separated, the component lines are now curls, so their paths curve. The paths of the 
two “curl particles” are different; one curls in one direction and the other curls in the opposite direction. Further, a 
predominance of one form of curl particle gives a “time-forward” aspect, while a predominance of the other form of 
curl particle gives a “time-reversed” aspect. Johnson is thus able to employ a deeper kind of magnetism than the 
textbooks presently contain. He demonstrates that a “spin-altered” magnetic assembly exhibiting (to a compass or 
other such detector) a north polarity can attract another unaltered magnetic assembly exhibiting a north polarity. In 
short, he can make a north pole attract a north pole. We will give you further insight into Johnson's two-particle 
theory in a future article. [note 34] We will also explain how and why the physicists missed that antiparticle in the 
magnetic field’s flux lines, and thereby failed to advance the theory of magnetism to a deeper level. Make no 
mistake, one day when the new theory is done, Johnson may well be awarded a Nobel Prize for his epochal 
discovery of a deeper structure of magnetism. 


Bits and pieces of the new science approach are just now beginning to spill into a few conventional journals and 
symposia. For some time a few of the rebels spearheading this new science have been doing something that the 
University scientists should have been doing all along. The rebels have been meticulously examining the concepts, 
postulates, and definitions that the present scientific models are founded upon, to reveal serious foundations errors. 
Corrections for some of these errors have been discovered and made. [note 35] Others are still problems yet to be 
resolved. Yet slow progress is being made, and a “flip-over” of the old science is likely to occur within the next 
decade if not sooner. By then the new concepts will have become “solid” enough to allow producing an engineering 
mathematical model. Also the supporting experiments will have become solid enough to justify the new concepts 
and the model. 


In this first article | wanted to introduce the 14 major areas. We will be discussing these areas in some technical 
detail in the future. We'll also include current major news items of development in these areas, for the interested lay 
reader. I'll particularly try to give you the benefit of extensive reference citations painfully gathered over the last 30 
years. The articles will be targeted toward both the serious researcher and the interested, educated layman. 


So that’s the agenda for the months ahead. We hope you find this information and the approach of direct interest 
and use. 


Again, it’s a privilege to be aboard. And we invite you to hang on in the future; it’s going to be a wild but exciting ride. 
We really are going to chase this wild dragon with great vigor. 
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Originally published: ExtraOrdinary Science (Volume 1, Issue 4; Oct/Nov/Dec 1989) 


WARNING: Do not attempt electrical construction on any of the equipment, coils or devices described here 
unless you are fully qualified. In some cases LETHAL voltages and charges are required. Also be advised 
that improper use, application and physical methods may cause psychological tramuma or permanent 
physical and neurological damage when near the vicinity of such equipment. This information is being 
provided as a point of interest to our readers... the publisher and author disclaim any responsibility in the 
use or misuse of this information. 


Introduction 


All of this talk so far on scalar waves and scalar technology has no purpose in the scientific community until 
something can be detected, observed and duplicated. The original seedlings and thoughts which led to Lt. Col. 
Bearden's scalar theories were developed out of observation. If not by Lt. Col. Bearden himself, then by others 
from many noncorrelated paths. 


| already have given a small sample list of such observers from Nikola Tesla to the latest, Moray King. | have just 
read a newly released book by Moray entitled Tapping the Zero Point Energy. | also recommend highly for others 
interested in scalar technology to obtain copies of Bearden's works and books from the new release of Excalibur 
Briefings to AIDS--Biological Warfare. The two books and papers will fill in the much needed base work on 
understanding scalar technology and can be obtained through the High Energy Catalog. 


| also understand that a new book is in the making which is a rebuttal entitled something along the lines of Anti- 
Scalar. All of this is healthy in any development process, for without pros and cons, the sorting of correct data to 
trash data cannot be accomplished. On the other hand, | would like to point out that any conclusions should be 
supported by actual tests and not just by armchair theory. 


Anybody can debate from the armchair but to have any meaning to back up their statements, one must present 
tests where one gets his or her hands dirty. That is to say that until | had reactions and observed actual 
phenomena occurring, all the theories were no more than that--just theories. This is what | hope to accomplish here 
with these articles on scalar technology. | feel this is a true new technology and deserves some serious 
consideration. 


If | had not gotten my hands dirty and followed through on others' experiments from other observers then | would 
never have been convinced that something extraordinary was taking place. Even though my senses told me | was 
wasting my time | set out on the monotonous task of duplicating others's work and notes of observation. This is 
what | hope some of you will do and start to help unfold and unleash this hidden knowledge called scalar -- zero 
point energy -- stress energy and even radionics. Itis true indeed that it has many names over the years, but now 
we can at least have hope of defining its true limits and abilities. 


The detection methods | will present here are not confirmed by myself or corresponding researchers as of yet due 
to development is still in progress. In one method | can only accept the word of the researcher as to his results. 
Until | or others duplicate results it remains a possible process and approach in detection. 


My own detection came in the form of two experiments which were reproductions of another author's work based 
on this technology. When | had reproducible results | knew there was more to scalar than just theory. The process 
is now underway in developing a reliable instrument or means of detection that others can use. Up to this point 
most of scalar observations have been uncertain and always with the person or operator being part of the circuit. 
Nobody could remove the person at this point to bring scalar under true observation conditions. Due to a simple 
observation in Mr. George Meek's work in electro-voice phenomena (EVP), where my first breakthrough was 
established, this now seems a possibility. The personal element was still included in the circuit but unlike radionics 
or Hieronymus devices, could be reproduced by anybody once special conditions were met. A co-researcher has 
hit upon a method which was initially observed by Nikola Tesla and shows promise of another breakthrough in 
removing the personal element. 


| will now discuss my initial breakthrough to scalar detection which will help you follow my thinking on what is 
needed and just what we are looking for in scalar detection. Scalar properties are the dictating key elements in this 
approach. | will then describe a possible detection method of another researcher and finally what | feel will be a 
unique approach with an instrument currently under construction by Mr. Russell Clift, a co-researcher/inventor, and 
myself. Do not feel you have to adhere to these techniques for they are only a guideline and starting point to spring 
from in your own approach to this subject. They are not established yet and will most likely be altered many times 
before their completion. 
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As in all unknowns there are always unforeseen dangers involved and one should always use extreme caution and 
behave professionally in all approaches with any experimenting. Madame Curi and the XRay research is a good 
example. They paid dearly for their progress in X-Ray development with their lives. Scalar and its properties can be 
just as deadly as it is fascinating. | hope you read the seriousness in my tone for no matter how science fictionish 
scalar may sound to you now, | assure you the reality of actuallity can end up staring you in the face. 


Breakthrough Event 


Several years ago a Mr. George Meek presented me with construction planes and notes to a device he called Mark 
V. [Figure 1] Mr. Meek had been researching a phenomenon better known as EVP, or electro-voice phenomena. 
[Figure 2] 
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Figure 2. Consiruction Techniques for FM TFD & Hoop Antenna 


| would like to take a second here and answer a letter from one of Extraordinary Science's subscribers printed in 
our last issue. Mr. Jeff King from New Zealand had written to the effect if perhaps | could cover what relationship 
scalar technology has in reference to EVP. [Figure 3] Well here it is, for this was the first reproducible effect dealing 
with scalar energy [interference pattems] [Figure 4] that | could verify really took place. My second breakthrough 
was also in the EVP area but | will not be able to go into it at this time due to available space to cover what must be 
covered now. 


In short, Mr. Meek claimed to have a fantastic breakthrough of his own in the communications field of EVP. His 
claims were a recorded two-way conversation with another dimension. ZAP! Right here one would stop and feel 
that Mr. Meek and his researchers needed psychological help as | am sure some of you feel about me at this point. 
| contacted Mr. Meek and he flew down to El Paso so we could talk in person. He brought me two audio tapes of 
which one surely did have what appeared two-way communication in real time. 


Up to this point all EVP claims were after the fact type of events. That is, the voices always appeared on blank tape 
after the operator had run the tape recorder for a period of time. No audible sounds were heard during the initial 
recording, only after playback of the tape--sort of the same thing being done now with channeling, but the person is 
still part of the circuit. Not all voices were understandable or clear enough to be real voice prints or just random 
white noise perhaps forming what almost sounds like words. In other cases, the words and even statements were 
definitely clear and of intelligent source. Well, Mr. Meek's tape went way beyond this to a two-way real time 
conversation. 
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Fascinated by these claims | wanted to know more on how such a process worked. This is where he presented me 
with the second tape. It consisted of thirteen mixed electronic tones. No, there is no magical number in why thirteen 
tones were used only that they were needed to create interference patterns. These tones with an acoustical 
feedback and RF transmission with a Smith coil produced a unique interference pattern [scalar-RF and acoustical 
stress field]. 


| followed the notes and set out to reproduce this fantastic claim. At one point in the notes was one observation 
statement: 


The system seems capable of feeding back changes in emotional states. 
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Figure 4. Mode 2 Communications Interference Pattern 


| stopped there and to my amazement found the observation to be true. | was able to control an avalanche effect in 
a balanced tone of a set of acoustical and RF frequencies with only my own concentration -- no doppler effect or 
movement or contacts to my body in any way. | taped this effect and it is available to those who wish to observe the 
level of control of an electrical circuit with shear stress energy from a human. 


This observation is equal to Nikola Tesla's observation of his plasma globe and tensing a fist. He found the plasma 
trail would rotate in relation with the tension or muscle pressure produced. | will cover this process in a moment for 
the plasma approach in construction a scalar indicator seems to be ideal due to its extreme sensitivity that up until 
now has been the human or personal element. 


Bedini Version ---- Dea/Faretto Scalar Detector 


In this version of an electromagnetic scalar detector you will see that a coil is suspended in a magnetic field within 
a shielded case. [Figure 5] It is not indicated but | am sure the coil should be wound as a scalar coil. See 
"Construction of a Scalar Coil," ExtraOrdinary Science, Vol.|, Issue 3, page 16. The shielding is so all that known 
EMF fields will be run to ground and not affect the sensor within the case. As you know, one of the properties of 
scalar energy is that it cannot be shielded. All known EMF will be stopped from entering the case except gravity 
fields and scalar energy. 


| am not saying that gravity fields or scalar fields are EMF, but only that the formula to each have a basic root in the 
EMF part of the spectrum. A generated scalar pulse or field will cut past the case shielding and affect the atoms of 
the scalar coil within the magnetic field which in tum will be coupled to the op amp. Any change or effect will then 
be displayed on the scope indicating a pulse or field of some kind has gotten past the system's shielding and to the 
sensor. You should see a change in the display around 6AM when the sun comes up and there is a slight gravity 
shift. [1,2] 
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Dea/Faretto Scalar Detector 
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Figure 5. Bedini Version of Dea/Faretto Detector 


Plasma Scalar Detector 


This is the method which is under construction by Russell Clift and myself. At the time of this printing the 
construction is not far enough to give any details or results as to this approach. [See Figure 6] This is based on the 
same construction of Nikola Tesla's experiment.[3] Figure 7 is for experiments with various voltages and ion 
currents. Figure 8 is a simple multiplier for the AC supply shown in Figure 6. 
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Figure 6. Plasma Scalar Detector 
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Figure 7. Power Supply 


All capacitors are 0047 uF SKV 
All diodes are 1K PIV 


Figure 8. Voltage Multiplier 
| know | have just touched upon this subject so far but | hope | have given some of you starting points in your own 
research and findings. | will welcome any and all papers or works you may do in the scalar field and submit your 


work for publication here for others to read and gain from. Will be looking forward to your replies in the new year. 
Thank you for your interest___ WRY 


References 


1. Michael Polonyi, "Electrodynamics, Inertia and Gravitation: A Unifying Approach," Speculations in 
Science and Technology, Vol. 10, No. 2, page 145, 1987. 


2. Gregory Hodowanec, "Gravitational Impulses," Electronics Experimenters Handbook, January 1989, 
page 114. 


Thomas Cummerford Martin, Inventions. Researches and Writings of Nikola Tesla, page 226 to page 228. 


a SEE TSS 4 4 S14 2 2 Ei 42 


HUNTSVILLE EDITION 





The Southeast's Oldest E-Zine! 


Chasing the Wild Dragon Tables and Figures 
By Tom Bearden 


Figures 





String slaps 
pac medium 


Higher WAVE IN STRING (TRANSVERSE} 
dearee of ‘A A Tra 
freedom for 


air medium 
oscillation; — e 


wave is 
alternately 


compressive | 
and rarefactive. y an ‘ mo 
ANTIWAVE IN HOLDER 


ne oa (Highly damped; not shawn 
air medium ta scale} 


Figure 1. Air medium disturbances generated by plucked string. 
Two waves are created, both slapping the air medium at the 
same time, but in opposite directions. A disturbed medium 
oscillates according to its own degrees of freedom. The air has 
more degrees of freedom than the string. A wave of compression 
and rarefaction is created in the air medium. 
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All EM and mechanical forces are due to virtual photon 
absorption and emission. The electron gas "slap" and the 
nuclei gas "slap" of the vacuum medium are equal in 
energy. Hence they inject equal numbers of virtual photons 
into the vacuum, creating equal and opposite vacuum 
disturbances. This gives a vacuum wave of alternating 
compression and rarefaction. This vacuum EM wave is 
similar to a sound wave, which is modeled longitudinally. 


Figure 2. Launching an EM wave from a wire antenna. 
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Figure 3. Internal Wave Structure of the scalar potential. 
A harmonic set if wavepairs, where in each wavepair the two 
waves SUper pose spatially, but travel in opposite directions. 
The two waves in each pair are true phase conjugates and 
time-reversals of each other. Thus they comprise a coupled 
wave and antiwave. The photons must also be coupled into 
photon/antiphoton pairs, by a strong application of the 
distortion correction theorem of nonlinear optics. 
Each wavepar is a standing electrogravitational wave. 
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Figure 4. Scalar potential interferometry provides action-at-a- 
distance. It already creates normal EM fields and waves. 
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. _ . NUCLEUS 
NOTE: Graviton waves are bidirectional RECOILS 


phase waves of photon/antiphoton 
coupling and uncoupling in the vacuum. 


The atom is an assembly of dynamic dipoles. 


A dipole splits the graviton into a photon and an antiphoton. 
The photon interacts with the electron, producing the action. 


The antiphoton interacts with the nucleus, producing the reaction. 


Figure 5. Graviton interaction with matter produces the 
photon interaction and Newton's third law reaction. 
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Figure 6. Currents in and along a conductor, with electron precession. 
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" ‘ : pump Wave 
Dipolarity of the atom separates photon and antiphoton. 


Photon interacts with electron. 


Pumped nonlinear atom acts as a pumped phase conjugate mirror. PHOTON 
Directs the antiphoton back along the path taken by graviton. 
e@ Antiphoton does not interact with nucleus. Liry 
Thus there is no nuclear recoil force generated. 7 
@ Nucleus thus does not recoil. ANTIPHOTON 


@ = Not a violation of Newton's third law, once one understands 
the mechanism that generates third law reaction. In the absence 
of the generating mechanism, there is no third law recoil. In EM field 
theory, the "missing antiwave" has necessitated third law omission. 


Figure *. Emission of antiphoton; nucleus does not recoil. 
Atom acts as a pumped phase conjugate mirror. 
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Figure 8. dq/dt-free driving a swinger by S-flow. 


Poynting energy flow S with its accompanying potential V 
is shuttled from the source to atuned LC oscillator in 
resonance at the driving frequency or slightly below. The 
LC oscillator is driven by S-flow and d\/dt flow alone. 

The swinger furnishes its own free electrons, which receive 
S and EMF from the bridge, thereby producing dq/dt. 
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Figure 9a. Normal resistor receives ardered energy and scatters it. 
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Figure 9b. Negative resistor receives, concentrates, and rearders scattered energy. 


Figure 9. Normal resistor versus a negative resistor. 
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Some 17 signals were fed into a rotating plasma, which added phase conjugates 
to them. This infolded 17 wavepairs, each pair a coupled wave/antiwave, 
thereby forming a scalar potential with an artificial Whittaker pump wave 

internal structure. This infolded pump wave complex was modulated onto a 
powerful, rippling magnetic field, quaranteeing penetration even into the atomic 
nuclei. A specific, amplified antiengine for the exact cellular disease state 

was generated, reversing the diseased cells back to a previous healthy state. 


Figure 10. Priore's laboratory apparatus for cellular reversal. 
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Nolte: EM texts err in showing the battery "gate"as the source of energy 


Figure 11. Poynting S-flow along a simple circuit. 
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Fram particle physics, any electric charge is a broken 
symmetry in the vacuum's virtual particle flux. Any 
dipole is thus two locally broken symmetries. Thus 
the dipole acts as a gate/source, driven by the fierce 
vacuum flux. Soa dipole already "extracts" and gates 
EM energy flow, directly fram the seething vacuum. 


Every battery and generator Is already a “free energy” 
source of extracted and gated EM energy trom the vacuum. 
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Figure 12a. Normal current flow; Jd is the electron transport of energy, 
while 3 is the speed-of-light Poynting energy flow. 
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Figure 12b. In a conductor with dq/dt blocked; S-flow and hidden 
Whittaker-wave flow continue. 


Figure 12. Overt and covert field energy density flows. 
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massless displacement currents. 
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Figure 14. Bridging to enable room temperature superconductivity. 
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Figure 15. Use of Fogal semiconductor for overunity (closed system). 
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Figure 16a. Magnitude of the scalar potential is determined 
by work required to push in a unit charge from 
infinity; ¢.g., against a repelling like charge. If test 
charge Is released, work will be performed upon it 
to translate it back toward infinity 


Figure 16a. Process for overunity coefficient of performance. 
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Ideally, switching the potential, rather than flowing charges, 
requires only minuscule overhead energy dissipation 


Figure 16c. Potential to which test charge is exposed. 
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Figure 1/7. Operation of an overunity electrical power system. 
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Figure 18. An electric charge q isa braken symmetry. It continuously 
and violently exchanges energy with the vacuum. 
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n these media-fueled times, when war is a tele- 
vision spectacle and wiping out large numbers 
of civilians is generally frowned upon, the perfect 
weapon would literally stop an enemy in his tracks, 
yet harm neither hide nor hair. Such a weapon 
might shut down telecommunications networks, 
disrupt power supplies, and fry an adversary’s 





countless computers and electronic gadgets, yet 
still leave buildings, bridges, and highways intact. It would 
strike with precision, in an instant, and leave behind no 
trace of where it came from. 

In fact, it almost certainly is already here, in the form of high- 
power microwave (HPM) weapons. As their name suggests, 
HPMs generate an intense “blast” of electromagnetic waves in 
the microwave frequency band (hundreds of megahertz to tens 
of gigahertz) that is strong enough to overload electrical circuitry. 
Most types of matter are transparent to microwaves, but metal- 
lic conductors, like those found in metal-oxide semiconductor 
(MOS), metal-semiconductor, and bipolar devices, strongly 
absorb them, which in turn heats the material. 

An HPM weapon can induce currents large enough to 
melt circuitry. But even less intense bursts can temporarily 
disrupt electrical equipment or permanently damage ICs, 
causing them to fail minutes, days, or even weeks later. Peo- 
ple caught in the burst of a microwave weapon would, by 
contrast, be untouched and might not even know they’d 
been hit. (There is, however, an effort to build a microwave 
weapon for controlling crowds; a person subjected to it def- 
initely feels pain and is forced to retreat.) 
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By Michael Abrams 


“HPM sources are maturing, and one day, in the very 
near future, they will help revolutionize how U.S. soldiers 
fight wars,” says Edl Schamiloglu, a professor of electrical 
and computer engineering at the University of New Mexico 
in Albuquerque and one of the leading researchers in this 
burgeoning field. 

The fact that we seldom hear about HPM weapons only 
adds to their exoticism. Last spring, stories leaked to the 
press suggested that the Pentagon, after decades of research, 
had finally deployed such a device in Iraq. And when news 
footage showed a U.S. bomb destroying an Iraqi TV station, 
many informed onlookers suspected it was an electromag- 
netic “e-bomb.” 

“I saw the detonation, and then I saw the burst—which 
wasnt much. If they took the station out with that blast, I 
strongly suspect that we used Iraq as a proving ground” for 
HPMs, says Howard Seguine, an expert on emerging weapons 
technology with Decisive Analytics Corp., in Arlington, Va. 

But while the U.S. military proudly paraded assorted new 
war-making technology during its conquest of Iraq, from 
unmanned combat aerial vehicles to a new satellite-based 
tracking network, it remained tight-lipped about this 
“mother of all weapons.” Asked at a 5 March news briefing 
to confirm the rumor, General Tommy Franks, head of U.S. 
forces during the war, would only say, “I can't talk to you 
about that because I don’t know anything about it.” 

Military secrecy is nothing new, of course. What is known 
about microwave weapons is that the U.S. military has 
actively pursued them since the 1940s, when scientists first 
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lab at the University of 
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electron beams, each 
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of megawatts of power. 


CREE 


IEEE SPECTRUM « NovemBeER 2003 


N 
oa 








observed the powerful electromagnetic shock wave that accom- 
panied atmospheric nuclear detonations, suggesting a new 
class of destructiveness. While much of the work on HPMs 
remains classified, the Pentagon has also recently sponsored 
a number of U.S. university laboratories to work out the basic 
principles of microwave weapons, including reliable and com- 
pact nonnuclear ways of generating microwave pulses. 

Many of those results are being published in the open lit- 
erature [see To Probe Further, p. 30]. In fact, all you need is a 
reasonable grasp of physics and electrical engineering to 
appreciate the ingeniousness of microwave weapons. Anyone 
with a technical bent could probably also build a crude e- 
bomb in their garage, a thought that security-minded folks find 
rather troubling. 


How they work 

From the military’s perspective, HPM weapons, also known as 
radiofrequency weapons, have many things going for them: 
their blast travels at the speed of light, they can be fired with- 
out any visible emanation, and they are unaffected by gravity 
or atmospheric conditions. The weapons come in two flavors: 
ultrawideband and narrowband. Think of the former as a flash- 
bulb, and the latter as a laser; while a flashbulb illuminates 
across much of the visible spectrum (and into the infrared), a 
laser sends out a focused beam at a single frequency. 

Like the flashbulb, ultrawideband weapons radiate over a 
broad frequency range, but with a relatively low energy (up to 
tens of joules per pulse). Their nanoseconds-long burst pro- 
duces a shock that indiscriminately disrupts or destroys any 
unshielded electronic components within their reach. The 
bomb’s destructiveness depends on the strength of the ultra- 
wideband source, the altitude at which it is initiated, and its 
distance from the target [see “E-Bomb Anatomy,” p. 29]. 

Narrowband weapons, by contrast, emit at a single frequency 
or closely clustered frequencies at very high power (from hun- 
dreds up to a thousand kilojoules per pulse), and some can be 
fired hundreds of times a second, making an almost continu- 
ous beam. These pulses can be directed at specific targets—say, 
a command and control complex positioned on the roof of a 
hospital in a densely populated neighborhood—and tuned to 
specific frequencies. Technologically more sophisticated than 
ultrawideband sources, they are far more difficult to develop, but 
are reusable and potentially of much greater use to the U.S. mil- 
itary. 

Both versions wreak the same kind of havoc on just about any 
kind of unprotected electronic equipment. Particularly vulnerable 
is commercial computer equipment; anything in excess of just 
tens of volts can punch through gates in MOS and metal-semi- 
conductor devices, effectively destroying the device, explains Carlo 
Kopp, a visiting research fellow in military strategy at the Strate- 
gic and Defense Studies Centre in Canberra, Australia, and a com- 
puter scientist who lectures at Monash University in Melbourne. 
The higher the circuitry’s density, the more vulnerable it is, be- 
cause less energy is required to overload and destroy the transis- 
tors. HPMs also produce standing waves in electrical grid wiring 
and telephone and communications wiring, entering through 
cables, antennas, and even ventilation grills. They can immobilize 


vehicles with electronic ignition and control systems, too. 

“Since the frequency is high, this permits parasitic or stray 
capacitances to couple energy via paths in the circuit that may 
not be protected against overvoltage,” Kopp explains. 


The e-bomb 


You could deliver an e-bomb in a number of ways: cruise mis- 
sile, unmanned aerial vehicle, or aerial bomb. Whether ultra- 
wideband or narrowband, the e-bomb consists of both a 
microwave source and a power source [again, see diagram, p. 29]. 
Ultrawideband e-bombs aim to create an electromagnetic pulse 
like that accompanying a nuclear detonation, except that the 
nuclear material is replaced with a conventional, chemical explo- 
sive. The microwave source typically relies on an extremely fast 
switching device, according to Kopp, who has written widely on 
weaponizing HPM technology. Narrowband e-bombs might 
use a virtual cathode oscillator (vircator) tube or a variant of a 
magnetron. Though termed narrowband, they don't have the 
high coherency seen in signal-carrying applications, Kopp says. 

It takes gigawatts of power to feed an e-bomb’s microwave 
source. For that, the flux compression generator, or FCG, is a 
good choice, says Kopp. Invented by Clarence (“Max”) Fowler 
at Los Alamos National Laboratory after World War IJ as a by- 
product of research into atomic bomb detonators, FCGs are 
conceptually simple. The best-known type consists of an explo- 
sive-packed copper cylinder surrounded by a helical current- 
carrying coil. Upon detonation, the explosion flares out the 
cylinder, short-circuiting the coil and progressively reducing 
the number of turns in the coil, thus compressing the mag- 
netic flux. Large FCGs have produced tens of gigawatts, and 
they can be cascaded—connected end to end—so that the out- 
put from one stage feeds the next. 

Despite its simplicity, an FCG-powered e-bomb is probably 
too difficult for the average terrorist to build on the cheap. For 
one thing, to test the assembled apparatus, you have to blow 
it up. For weapons researchers, the e-bomb poses other prob- 
lems. The strength of the shock wave dissipates rapidly as it 
moves out from the explosion. To knock out an electrical 
power substation, for example, the weapon has to strike within 
about a hundred meters. “Like all microwave radiation, the 
effect follows an inverse square law with increasing distance,” 
Kopp notes. Though the explosion needed to force out the cur- 
rent can be fairly small, it keeps the munition from being 
fully nonlethal and nondetectable. Also, anything that’s been 
hardened or shielded against an electromagnetic pulse from 
a nuclear bomb will probably emerge unscathed. 


Focused like a laser 


The type of narrowband HPM weapons that the U.S. military 
is looking at offers everything that e-bombs do not. They’re 
nonlethal, reuseable, and tunable, and they can be fired from 
miles away. Like a laser, the focused beam disperses only slightly 
over great distances. With a frequency range that is between 
about 1 and 10 GHz, they can penetrate even electronics 
shielded against a nuclear detonation. The deepest bunkers 
with the thickest concrete walls are not safe from such a beam 
if they have even a single unprotected wire reaching the surface. 
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A microwave beam is created much like a laser beam. Be- 
tween the batteries (or other power source) and the beam sit three 
elements: capacitors that turn the stored energy into an electron 
beam of nanosecond bursts, a microwave source that converts 
the electron beam into focused, high-frequency electromagnetic 
waves, and an antenna that points and shoots the beam. 

Kirtland Air Force Base, in Albuquerque, N.M., is consid- 
ered the epicenter of the Pentagon's research on pulsed-power 
electromagnetic weapons. There, its premier pulsed-power sys- 
tem, the Shiva Star, is housed behind meter-thick walls [see 
photo, p. 28]. An Air Force spokesperson refused to comment 
on what goes on in their pulsed-power programs, but a fact 
sheet on the Web site of Kirtland’s Directed Energy Directorate 


describes the Shiva Star as capable of producing “120 thousand 
volts and 10 million amps for down to one millionth of a sec- 
ond to produce a power flow equivalent to a terawatt.” 

The Kirtland machine isn’t used to investigate HPM 


weapons per se, and its massive size makes it clearly imprac- 
tical for delivering microwave beams to any spots of real mil- 
itary interest. Indeed, one big push in microwave weapons has 
been toward portability. “Back in the 1960s and 1970s, the 
attitude was, ‘Yeah, we can do it—but we need Hoover Dam 
as our power supply,’ ” says Seguine. But just as batteries for 
cellphones and laptops have shrunk and gained capacity, so 
have sources for microwave weapons. 

In the 1990s, the U.S. Air Force Office of Scientific Research 
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Schamiloglu holds a rippled-wall 
waveguide connected to an 
antenna. The waveguide is where 
kinetic energy from a pulsed- 
power-driven electron beam is 


transformed into high-power” 


microwaves. In the background 
sit the Pulserad-110A [left] 
and the Russian-built Sinus-6 
[right]. The Sinus-6 can fire 

a several-gigawatt pulsed 
beam 200 times a second in 
10-nanosecond bursts. 


set up a five-year Multidisciplinary University Research Initia- 
tive (MURI) program to explore microwave sources. One of 
those funded was the University of New Mexico's Schamiloglu, 
whose lab is located just a few kilometers down the road from 
where the Shiva Star sits behind tightly locked doors. Thanks in 
large part to his and his colleagues’ efforts, the fundamental 
capabilities and limitations of high-power microwave sources 
are now better understood and appreciated. 

Amidst the lead bricks and clutter in Schamiloglu’s base- 
ment lab lies his masterwork: the Sinus-6. “A lot of laborato- 
ries come up with very cute names for these devices,” 
Schamiloglu notes with a smile. “We never did.” With a huge 
cylinder at one end connected to the long microwave source, 
the Sinus-6 looks like a giant torch lying on its side [see photo, 
above]. The big cylinder contains a Tesla transformer, whose 
two coils vibrate in resonance and amplify the incoming volt- 
age “with nearly 100-percent efficiency,” Schamiloglu says. 
Once the pulse has been transformed into an electron beam, 
it is guided by a strong axial magnetic field through the long 
tube that will turn it into microwaves. 

The Sinus-6 can fire a several-gigawatt pulsed beam 200 
times a second in 10-nanosecond bursts. “It has to be pulsed 
power because what you're after is high peak power,” says 
Schamiloglu. “The power in the microwaves is going to 
depend on the electric field squared, so if you generate very 
large power, then the electric field is going to be big.” 
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How big? To drive the Sinus-6’s beam continuously for an 
entire second, you'd need to supply about 25 gigajoules—“the 
entire output of a typical coal-fired electrical plant for 10 full 
seconds,” Schamiloglu says. Another reason for pulsed rather 
than continuous power is to avoid a problem at the output end: 
the air around the antenna would heat to a plasma that in turn 
would interfere with a continuous beam at these power levels. 

The key to reaching gigawatts of power is dumping all the 
energy in one gigantic, nearly instantaneous pulse. A pressurized 
gas switch prevents the Tesla transformer from prematurely 
dumping as it builds up for the next pulse. The switch is filled 
with highly compressed and nonconducting nitrogen gas. When 
the transformer coils reach 700 kV, the nitrogen gas breaks 





| Star is a pulsed-power system 
| used to simulate the effects of 





down, and the pulse leaps through to the electron-beam diode. 
“Once you've fired the switch, it conducts, it generates a 
pulse,” says Schamiloglu. “It conducts because you've made a 
plasma channel out of the gas. Then you have to wait for that 
plasma to recombine and form a neutral gas again. A typical 
time scale for this thing to recombine and fizzle out and be a 
neutral gas again is probably on the order of milliseconds.” 

Among the best candidates for supplying microwaves is the 
backward wave oscillator; it has the advantage of being tun- 
able (plus or minus 20 percent) and producing output in 
the 4-10-GHz range. To turn the kinetic energy from the 
Sinus-6’s electron beam into high-power microwaves, the 
oscillator uses a rippled-wall waveguide, also called a slow-wave 
structure [see photo, p. 27]. 

The structure sets up standing electromagnetic waves in 
such a way that energy is rapidly transferred to them from the 
incoming beam of relativistic electrons from the Sinus-6. This 
growing energy initially propagates in the opposite direction of 
the beam’s movement—hence the device’s name—and is then 
reflected forward and radiated in the form of high-power 
microwaves. Backward wave oscillators, by the way, are also 
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being tested as a way to push giant sails into outer space, to 





detect space debris, and to clear minefields. 

Being able to tune an HPM weapon comes in handy when 
a particular target proves invulnerable to a particular frequency. 
“Experience has shown that if the frequency is slightly altered, 
measurable effects are discerned,” Schamiloglu notes. People 
used to believe that varying the frequency of HPMs wasrtt prac- 
tical, but Schamiloglu and his students proved them wrong. 

Coincidence and curiosity led to their discovery. Schami- 
loglu first acquired the Sinus-6 from Russian researchers in the 
early 1990s. (The Soviet Union once boasted a sophisticated 
program to develop microwave weapons; after its collapse, 
parts of that legacy were put up for sale, to the delight of 
researchers like Schamiloglu.) But once the apparatus was 
assembled in his New Mexico lab, he couldn't get it to operate 
as promised, so Russian colleagues flew over to help. 

“One of them took the RF structure [the rippled-wall wave- 
guide] and started hammering on the thing,” Schamiloglu 
recalls. When they tried it again, everything worked. “I was baf- 
fled why manhandling this RF structure—ramming it in— 
could affect the power so much,” says Schamiloglu. So he 
started a series of experiments in which he slightly displaced 
the backward wave oscillator by increments. With a little exper- 
imentation assisted by computer simulations, his team found 
that the frequency could be adjusted by changing the distance 
between the diode and the microwave source. The result is that 
the backward wave oscillator is now one of the few pulsed- 
power HPM sources that can be tuned. 


Smaller is better 

One disadvantage of this oscillator, however, is that it needs an 
external magnetic field to create the microwave beam, a major 
hurdle to making the whole system smaller. The size of the 
Sinus-6 and attendant equipment in Schamiloglu’s basement 
suggests that the U.S. military is nowhere near fielding a nar- 
rowband HPM weapon. “When I first started working on 
high-power narrowband sources, we joked that you can do 
more damage dropping this equipment on someone than you 
can by using it,” he recalls. “People know how to make 
microwave sources in the laboratory. The challenge is to take 
this and package it into an autonomous platform and have it 
function at the same parameter levels.” 

Schamiloglu is now hard at work under a new MURI pro- 
gram to study the possibilities of making a compact pulsed- 
power source. Current narrowband generators are typically 
several meters long, batteries not included. Schamiloglu and his 
colleagues are studying how to incorporate novel ceramics into 
pulsed-power systems, which they believe will allow the length 
of such sources to be halved. The trick is identifying materials 
with a high dielectric constant that can also survive the harsh 
electric fields. “Materials will be an important part in making 
the next giant leap,” he says. 


Life in a glass house 

Among those agreeing that narrowband HPM weapons will need 
more refining before they become truly useful to the military is 
Loren B. Thompson, chief operating officer of the Lexington 
Institute, a military think tank based in Arlington, Va. He looked 
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@ E-Bomb Anatomy 


In this hypothetical design for an e-bomb, a 
two-stage flux compression generator pro- 
vides gigawatts of power to the virtual cath- 


Power supply 





Battery 


at the technology as principal investigator 
of “Directed-Energy Weapons: Technolo- 
gies, Applications and Implications,” a 
report that the institute put out in Febru- 
ary. “We have some fairly rudimentary 
weapons that we're ready to use,” Thomp- 
son says. “This is going to be a very 
important weapons technology, and the 
basic physical principles are well under- 
stood. But the military is having some 
difficulty in assimilating them.” 

Thompson's report speaks of a 
future with satellites delivering missile- 
debilitating microwaves, unmanned 
vehicles that fly by and destroy commu- 
nications systems, and war without civil- 
ian casualties. But the fact remains that 
it’s the U.S. military—as well as U.S. 
financial institutions, PCs, and Game 
Boys—that will be the most susceptible 
to such weapons. 

“One of the things that happened 
during the last 10 years—as the Penta- 
gon fell in love with network-centered 
warfare—is that we purchased a lot of 
very fragile digital systems off the shelf 
from commercial sources,” Thompson 
notes. Such moves were taken in the 
name of cost and efficiency, but the 
resulting equipment is almost certainly 
more vulnerable to electromagnetic 
attack than the vacuum tubes and heavy 
metal-encased electronics of yesteryear. 

“Computers become more vulnera- 
ble as the voltage at which they operate 
becomes smaller,” says Victor Granat- 
stein, professor of electrical engineering 
at the University of Maryland in Col- 
lege Park, who is studying the effects of 
microwave pulses on integrated elec- 
tronics. “When our opponent was the 


ode oscillator (vircator), which produces the 
high-power microwaves. The bomb's destruc- 
tiveness depends on the microwave source 
and target's vulnerability to electromagnet- 
ic attack, among other things, but a 10-GW, 
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5-GHz HPM device would have a “lethal” foot- 
print 400 to 500 meters across, producing 
field strengths of several kilovolts per meter. 
Such an e-bomb would wreak major havoc if 
detonated over a heavily populated area. 
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Soviet Union, the electronics were much more 
robust because they weren't miniaturized. Now 
they have very thin oxide layers that can easily 
break down.” Wireless networking makes matters 
worse. Computers and other communications 
devices now have antennas attached, giving an 
electromagnetic pulse a direct pathway to its guts. 

Meanwhile, the U.S. Navy no longer requires 
that all its hardware be hardened against nuclear 
electromagnetic pulses. It deemed that main- 
taining those standards was too costly and slowed 
down the integration of new technology. The pre- 
sumption was that after the Cold War, nobody 
would be using nuclear bombs, says the Lexing- 
ton Institute’s Thompson. “Whenever I ask the 
admirals, ‘Well, what if someone did use a 
nuclear bomb?,’ I just get this kind of blank I- 





Don’t Try This at Home | 


irst things first: we do not under any circumstances recommend that you 
build your own electromagnetic weapon. But if you're hellbent on adding 
to the mayhem, cheaply and without too much studying, you might try a 
high-energy radiofrequency, or HERF, gun. As described by engineering student 
Rostislav Persion on his Web site, Voltage Labs, which is devoted to do-it-your- 
self electromagnetic weapons, you can make one from a microwave oven. 
Before you begin, though, wait until everyone else has left the house. Next, 
take apart the microwave oven, but don't disconnect any of the components; 
manufacturers intentionally make this hard to do, so you may end up just 
breaking the machine. Inside you will find the oven's microwave source: the mag- 
netron. Wrap a tube of sheet metal around it to act as a waveguide. Your power 
source is the house's ac, so just plug in the oven and point it at your TV. Warning: 
there's areal possibility that you will burn yourself instead. 


For schematics and a demonstration, head to the Web at http://www. 





don't-have-an-answer-for-that sort of look.” 





In the wrong hands 


The scariest part of microwave weapons may be that crude 
forms of the technology are readily available to anyone right now. 
“Any nation with a 1950s technology base capable of designing 
and building nuclear weapons and radars” can build an e-bomb, 
says military analyst Kopp. Indeed, more than 20 countries 
now have programs to develop some type of RF weapon. 

“The more widespread the technology is, the more likely 
that people with nefarious purposes will have access. It’s just 
an inescapable fact,” says Thompson. “I don’t know what we're 
going to do. Nobody in Washington knows. I imagine that the 
way the clear thinking starts is with a catastrophe.” 

Criminals and pranksters have already started exploiting 
that weakness. In one of the more harmless applications, a 
Japanese scam artist rigged up a weak microwave generator 
inside a suitcase to rip off a pachinko parlor. When he placed 
the suitcase next to one of the machines (which is something 
like a cross between a slot machine and a pinball machine) and 
turned it on, the pachinko machine went haywire and dis- 
gorged a pile of coins. The perp managed the trick several 
times before he was caught. 

Other press accounts hint at electromagnetic weapons 
being deployed by Chechen troops, and by an unnamed 
assailant trying to topple Londor’s futures market [see “Don't 
‘Try This at Home,” above]. 

Thankfully, protecting yourself against the microwave- 
enabled goofballs of the world isn't too difficult. “It is analo- 
gous to existing techniques used to trap RF interference inside 
equipment, except that the higher power levels require special 
measures,” Kopp notes. Rooms or equipment chassis must 
become electrically sealed Faraday cages, and protective devices 
must be added wherever cables enter the protected volume. 
“Optical fibers are very useful in this game.” 

Such protective measures are a lot cheaper to design in from 
the beginning than to add on afterward, says Howard Seguine. 
“The general rule of thumb is that if you do the hardening dur- 
ing the design phase, it increases the cost roughly 1 percent. If 
you do it afterward, it may cost as much as 30 percent more.” 


voltsamps.com/pages/projects/herf004/. 


—M.A. 


But maybe hardening is a waste of time. Arthur Varanelli, 
a Raytheon Co. engineer who has helped write several IEEE 
standards for electromagnetic field measurement, human 
exposure, and safety, is skeptical that a malicious prankster 
could exploit the technology. 

“Some of this stuff is just so far out there,” Varanelli says. 
“I just don't see people running around with Buck Rogers ray 
guns. It’s great for a science fiction writer, great to prey upon 
people’s fears.” He scoffs at the suggestion that a do-it-your- 
selfer could build a microwave weapon potent enough to do 
real damage. “People can put tacks in the road. Are we worried 
about electronic tacks in the air?” 

The wide disparity in opinions and the uncertainty about 
microwave weapons, from Loren Thompson on one end to 
Arthur Varanelli on the other, are all part of what makes 
them so powerful, says military analyst John Pike, who is 
director of GlobalSecurity.org (Alexandria, Va.). “It all 
depends on the complex interactions between the weapon 
and the target,” he notes. “I can set up a strap-down chicken 
test that makes [an HPM weapon] look pretty good. But 
as soon as I start getting into real-world targets, maybe it 
doesn't work so well.” 

“Part of the story is we don't know what the story is,” Pike 
says. “These are weapons that by their nature seek the shadows. 
And unlike cluster bombs or atomic bombs, they aren't going 
to leave behind unambiguous evidence of their use.” e 


To Probe Further 


For a detailed technical discussion of high-power microwaves, see 





High-Power Microwave Sources and Technologies, edited by IEEE 
Fellows Robert J. Barker and Edi Schamiloglu (Wiley-IEEE Press, 
2001). Schamiloglu is also coauthor, with James Benford and John 
Swegle, of the forthcoming High-Power Microwaves, 2nd edition 
(Institute of Physics, 2004). 

The truly prepared, or merely paranoid, will want to consult 
Carlo Kopp's “Hardening Your Computing Assets” at http://www. 
globalsecurity.org/military/library/report/1997/harden.pdf. 
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Figure 6. Multimode Tesla Weapon 


In the 1930's Tesla announced other bizarre and terrible weapons: a death ray, 
a weapon to destroy hundreds or even thousands of aircraft at hundreds of 
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miles range, and his ultimate weapon to end all war -- the Tesla shield, which 
nothing could penetrate. However, by this time no one any longer paid any 
real attention to the forgotten great genius. Tesla died in 1943 without ever 
revealing the secret of these great weapons and inventions. 


Unfortunately, today in 1981 the Soviet Union has long since discovered and 
weaponized the Tesla scalar wave effects. Here we only have time to detail the 
most powerful of these frightening Tesla weapons -- which Brezhnev 
undoubtedly was referring to in 1975 when the Soviet side at the SALT talks 
suddenly suggested limiting the development of new weapons "more 
frightening than the mind of man had imagined." One of these weapons is the 
Tesla howitzer recently completed at the Saryshagan missile range and 
presently considered to be either a high-energy laser or a particle beam 
weapon, (See Aviation Week & Space Technology, July 28, 1980, p. 48 for an 
artist's conception.) 





Aviation Week & Space Technology July 28, 1980 
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Figure 7. Tesla Weapons at Saryshagan 


The Saryshagan howitzer actually is a huge Tesla scalar interferometer with 
four modes of operation. One continuous mode is the Tesla shield, which 
places a thin, impenetrable hemispherical shell of energy over a large defended 
area. The 3-dimensional shell is created by interfering two Fourier-expansion, 
3-dimensional scalar hemispherical patterns in space so they pair-couple into a 
dome-like shell of intense, ordinary electromagnetic energy. The air molecules 
and atoms in the shell are totally ionized and thus highly excited, giving off 
intense, glowing light. Anything physical which hits the shell receives an 
enormous discharge of electrical energy and is instantly vaporized -- it goes 
pfft! like a bug hitting one of the electrical bug killers now so much in vogue. 


If several of these hemispherical shells are concentrically stacked, even the 
gamma radiation and EMP from a high altitude nuclear explosion above the 
stack cannot penetrate all the shells due to repetitive absorption and 
reradiation, and scattering in the layered plasmas. 


In the continuous shield mode, the Tesla interferometer is fed by a bank of 
Moray free energy generators, so that enormous energy is available in the 
shield. A diagram of the Saryshagan-type Tesla howitzer is shown in figure 7. 
Hal Crawford's fine drawing of the interferometer end of the Tesla howitzer is 
shown in figure 6. Hal's exceptional rendition of the Tesla shield produced by 
the howitzer is shown in figure 8. 
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Figure 8. The Tesla Shield 
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Figure 9. Tesla Terminal Area Defense System 


In the pulse mode, a single intense 3-dimensional scalar phi-field pulse form is 
fired, using two truncated Fourier transforms, each involving several 
frequencies, to provide the proper 3-dimensional shape (Figure 10). This is 
why two scalar antennas separated by a baseline are required. After a time 
delay calculated for the particular target, a second and faster pulse form of the 
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same shape is fired from the interferometer antennas. The second pulse 
overtakes the first, catching it over the target zone and pair-coupling with it to 
instantly form a violent EMP of ordinary vector (Hertzian) electromagnetic 
energy. There is thus no vector transmission loss between the howitzer and the 
burst. Further, the coupling time is extremely short, and the energy will appear 
sharply in an "electromagnetic pulse (EMP)" strikingly similar to the 2-pulsed 
EMP of a nuclear weapon. 


This type weapon is what actually caused the mysterious flashes off the 
southwest coast of Africa, picked up in 1979 and 1980 by Vela satellites. The 
second flash, e.g., was in the infrared only, with no visible spectrum. Nuclear 
flashes do not do that, and neither does superlightning, meteorite strikes, 
meteors, etc. In addition, one of the scientists at the Arecibo Ionospheric 
Observatory observed a gravitational wave disturbance -- signature of the 
truncated Fourier pattern and the time-squeezing effect of the Tesla potential 
wave -- traveling toward the vicinity of the explosion. 





TESLA HOWITZER 
(SCALAR INTERFEROMETER) 


Figure 10. "Nuclear" Flashes off the Coast of Africa 
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Lithuania - 10 Sep 1976 - British European Airways Flight #831 between 
Moscow and London 


CIA Report Released under FOIA 
Figure 11. Continuous Tesla Fireball 


The pulse mode may be fed from either or -- if the Moray 
generators have suffered their anomalous "all fail" malfunction -- ordinary 
explosive generators. Thus the Tesla howitzer can always function in the pulse 
mode, but it will be limited in power if the Moray generators fail. 


In the continuous mode, two continuous scalar waves are emitted -- one faster 
than the other -- and they pair-couple into vector energy at the region where 
they approach an in-phase condition. In this mode, the energy in the distant 
"pall" or geometric region would appear continuously and be sustained -- and 
this is Tesla's secret of wireless transmission of energy at a distance without 
any losses. It is also the secret of a "continuous fireball" weapon capable of 
destroying hundreds of aircraft or missiles at a distance. An example of a 
Soviet test of this mode of operation is shown in figure 11. 


Witness to a super weapon? 
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Nick Downie describes the strange lurid glow that flared silently over the Hindu Kush 
THE SUNDAY TIMES, 17 AUGUST 1980 


(Multiple incidents in Sept., 1979) 
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Figure 12. Tesla EMP Globe 


The volume of the Tesla fireball can be vastly expanded to yield a globe which 
will not vaporize physical vehicles but will deliver an EMP to them to dud 
their electronics. A test of this mode is shown in figure 12. (See also Gwynne 
Roberts, "Witness to a Super Weapon?", the London Sunday Times, 17 August 
1980 for several other tests of this mode at Saryshagan, seen from Afghanistan 
by British TV cameraman and former War Correspondent Nick Downie.) 


If the Moray generators fail anomalously, then a continuous mode limited in 
power and range could conceivably be sustained by powering the 
interferometer from more conventional power-sources such as advanced 
magnetohydrodynamic generators. 
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Figure 13. Tesla ABM Defenses 





Figure 14. Moray/Tesla Technology: Star Wars Now 


Typical strategic ABM uses of Tesla weapons are shown in figure 13. In 
addition, of course, smaller Tesla howitzer systems for anti-tactical ballistic 
missile defense of tactical troops and installations could be constituted of more 
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conventional field missile systems using paired or triplet radars, of 
conventional external appearance, in a scalar interferometer mode. 


With Moray generators as power sources and multiply deployed reentry 
vehicles with scalar antennas and transmitters, ICBM reentry systems now can 
become long range "blasters" of the target areas, from thousands of kilometers 
distance (figure 14). Literally, "Star Wars" is liberated by the Tesla technology. 
And in air attack, jammers and ECM aircraft now become "Tesla blasters." 
With the Tesla technology, emitters become primary fighting components of 
stunning power. 


The potential peaceful implications of Tesla waves are also enormous. 
By utilizing the "time squeeze" effect, one can get antigravity, materialization 
and dematerialization, transmutation, and mindboggling medical benefits. 
One can also get subluminal and superluminal communication, see through the 
earth and through the ocean, etc. The new view of phi-field also provides a 
unified field theory, higher orders of reality, and a new super-relativity, but 
detailing these possibilities must wait for another book. 


With two cerebral brain halves, the human being also has a Tesla scalar 
interferometer between his ears. And since the brain and nervous system 
processes avalanche discharges, it can produce (and detect) scalar Tesla waves 
to at least a limited degree. Thus a human can sometimes produce anomalous 
spatiotemporal effects at a distance and through time. This provides an exact 
mechanism for psychokinesis, levitation, psychic healing, telepathy, 
precognition, postcognition, remote viewing, etc. It also provides a reason 
why an individual can detect a "stick" on a radionics or Hieronymus machine 
(which processes scalar waves), when ordinary detectors detect nothing. 
Unfortunately there is not room to develop the implications of this human 
Tesla interferometry in detail, for that must wait for yet another book, 
presently in its initial stages, that Hal Crawford and I are writing. 


Table 5. Orders of Reality 


e PHOTONS ARE 
> PAIR-COUPLED SCALARS 
> VELOCITY-LIMITED TO C 
> CARRIERS OF T 


e PHOTON INTERACTION 
> IS UBIQUITOUS 


> PRODUCES T =C 
> YIELDS 1st ORDER REALITY 


e SCALAR O WAVES 
> NOT VELOCITY-LIMITED 
> YIELD HIGHER ORDER REALITIES 
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Figure 15. Implications of Tesla Potential 


At the July 1981 U.S. Psychotronics Association's Annual Conference in 
Dayton, Ohio, I presented the first rough paper on the Tesla secret and scalar 
interferometry. A videotape of the presentation was made and will shortly be 
available. I am also scheduled to make a special presentation at the Alternate 
Energy Conference in Toronto, Canada in latter October, 1981. A 
professional, videotaped two-hour presentation on this subject is also being 
prepared. Wide distribution of the material through the international 
underground physics and technology network has already been made. This 
time, God willing, Tesla's secret will not be suppressed for another 80 years! 

And perhaps it is not yet too late. The material has cost me (now) some 
16 years of agonizing labor and nearly $100,000 of my own personal funds. 
No orthodox university, scientific group, foundation, or governmental agency 
would support such an effort, either financially or otherwise. Indeed, most 
ordinary journals will not even accept material on such matters. Nonetheless, 
the area is of overwhelming importance and I truly believe Tesla's lost secret 
will shortly affect the lives of every human being on earth. 

Perhaps with the free and open release of Tesla's secret, the scientific 
and governmental bureaucracies will be. shocked awake from their slumber, 
and we can develop defenses before Armageddon occurs. Perhaps there is 
hope after all -- for even Brezhnev, in his strange July, 1975 proposal to the 
SALT talks, seemed to reveal a perception that a turning point in war and 
weaponry may have been reached, and that human imagination is incapable of 
dealing with the ability to totally engineer reality itself. Having tested the 
weapons, the Soviets must be aware that the ill-provoked oscillation of 
timeflow affects the minds and thoughts -- and the very lifestreams and even 
the collective species unconsciousnesses -- of all lifeforms on earth. They 
must know that these weapons are two-edged swords, and that the backlash 
from their use can be far more terrible to the user than was the original effect 
to his victim. 

If we can avoid the Apocalypse, the fantastic secret of Nikola Tesla can 
be employed to cure and elevate man, not kill him. Tesla's discovery can 
eventually remove every conceivable external human limitation. If we 
humans ourselves can elevate our consciousness to properly utilize the Tesla 
electromagnetics, then Nikola Tesla -- who gave us the electrical twentieth 
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century in the first place -- may yet give us a fantastic new future more shining 
and glorious than all the great scientists and sages have imagined. 


References 


http://www.cheniere.org/books/part1/teslaweapons.htm 11/11 


The Tom Bearden Website 


The Tom Bearden 
Website 


34 Flaws in Classical EM Theory 


Note: If the scientific community had done their job, this Website 
would probably not be necessary. 
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e "Voices in my head" 
Flanagan's neurophone - used to give 
instructions to diplomats during 
negotiations, etc. 
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Mind Control and EM Wave 
Polarization Transductions, Part 1 
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Special Note 


This article refers to experimental 
research techniques which can be 
detrimental or lethal in the hands of any 
but highly skilled, qualified experimental 
scientists proceeding under proper 
laboratory safety procedures. The purpose 
of this article is strictly for information to 
properly qualified and authorized scientists 
in certified laboratories. We do not propose 
or condone any use of these procedures for 
nonapproved practice of medicine without 
a license. Neither the publisher nor the 
author are responsible for accidents or 
outcomes in the use of these experimental 
pro-cedures and techniques. Any 
researcher who performs these procedures 
and experiments is acting on his or her 
own volition, and is solely responsible for 
insuring safety, qualifications, and legality 
of the acts and their results. We neither 
suggest nor condone unauthorized 
experimentation on human subjects. Such 
is a criminal violation of the constitutional 
rights of the subject under Federal and 
State laws, and is both illegal and immoral. 


Abstract 


For some time we have been repeatedly 
queried about the technical mechanisms 
and unusual electrodynamics of advanced 
mind control research, both in the West 
and abroad. Calling full attention to the 
special note above, in this paper we present 
a high-level over-view of the novel 
electromagnetic nature of mind operations, 
mind and body coupling, and intentethe 
induction of physical 3-space EM energy 
changes into the brain and nervous system, 
and into every cell of the body, from the 
mind's time-like coherent operations. We 
summarize the time-polarized 
electrodynamics used to engineer and 
affect mind operations and the mind-body 
coupling loop. Transduction mechanisms 
whereby differing EM wave polarizations 
can be transformed one-into-the-other are 
presented. We give two specific examples 
of lethal foreign military tests in 1997 of 
advanced mind control weapons against 
two military pilots over the central U.S. 
Some dangers and potential benefits of the 
emerging mind control technology are 
pointed out 
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(AE\(At) + M => (M+AM)At => M + (AE)(At) 


Flow of macroscopic time (observable photon interactions) 


Flow of microscopic time (via virtual photon interactions) 





The photon interaction generates an observed quantum change and a discretized jump 
in the rate of time flow. A particle observably changes by only a single 4 t at a time. 
The background flow of time in which the jump in rate occurs, is created by the continual 


absorption and emission of virtual photons. 


(¢ TTT OLANDEN 


Figure 1. Mechanism that generates a mass's flow through time. 
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Introduction and Background 


In quantum field theory, there are four polarizations of 


photons. Using 4-space and the z-direction as the direction 
of propagation, we have x- and y- polarizations where the 3- 
spatial energy of the photon is oscillating laterally, in the x- 
or y- direction. These are transverse polarized photons, as is 
any combination of the two. The third polarization is along 
the z-direction, which is a longitudinal polarization. In other 
words, the 3-spatial energy of the longitudinal photon cannot 
oscillate in the x- or y- direction, and so it is oscillating to- 
and-fro along the line of motion, z-. The fourth polarization 
occurs when the energy is frozen in all three spatial 
dimensions x-, y-, and z- and it cannot oscillate in any of 
those directions. In that case, the photon oscillates its energy 
in the t- direction, providing the t-polarized photon. We will 
later discuss how time is actually highly condensed energy. 
In Minkowski 4-space, body operations are space-like, and 
are so treated in conventional materialistic physics. Mind and 
mind-operations are time-like, not space-like, even though 


they are totally electromagnetic in nature.” 
As is well-known, all observation in physics is considered 


3-spatial..2 Mass is a 3-spatial concept, and we detect 
changes to mass (as, e.g., in the shift of electrons in the 
circuits of electrical instruments). So one may model the 
common physical observation mechanism as a fime- 
differentiating process which a priori discards time-change 


and retains 3-spatial energy change. That is, Minkowski 
reality is modeled in the fundamental units of Lt. Physical 
observation (via the transverse photon interaction) is the 
process given by applying the operator d/dt to Lt, yielding 
an L3 output. Hence mind and mind operations are excluded 
by the usual physics instruments and observation, which 
simply exclude the time domain in their outputs and do not 
"measure" it. 


For this reason, physicists have erroneously 
considered mind to be "metaphysical" and nonreal. 
Indeed, most physicists to one extent or the other are 
materialists, and consider the "mind" to be nothing but 
the operations ongoing in a "meat computer." 
Nonetheless, in the time-domain the time is absolutely 
real, and it is completely electrodynamic in nature. 
There is no metaphysics involved, and the temporal 
domain—along with mind and mind operations—is 
simply an erroneously neglected area of physics. In 
present physics, the notion of mind is comfortably 
disposed of by imposing the use of the "observer" 
concept, with out ever specifying that the observer has a 
consciousness and a mind. Indeed, "observation" is only 
about what that "observer" perceives. Obviously, one 
has a dramatically crippled physics if one eliminates that 
nonobservable called "time." Similarly, one also has a 
dramatically crippled physics when one eliminates the 
mechanisms and physics ongoing in those time-like and 
dynamic "things" such as mind, that occupy time and 
function in it. 

From this viewpoint, Western physics adheres to its 3- 
spatial measurement foundation only by ignoring the 
transduction of time-polarized EM changes into 
detectable longitudinal and transverse EM wave 
changes. In this aspect, present Western physics is 
severely self-crippled. 

Time is totally electromagnetic and energetic in 
nature. The flow of time is not a separate external river 
on which a mass floats along like a boat drifting down 
the current of a great flowing river. Instead, the flow of 
time is generated directly on every mass by its total set 
of photon interactions, both virtual and ob servable. We 
have previously presented the exact mechanism for the 
flow of time. [Figure 1] 
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Figure 2. Transduction of EM wave type by successive phase conjugate pairing. 
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Figure 3 


Further, a photon is comprised of angular momentum, 
therefore of (energy)x(time). It transports both energy and 
time, not just energy alone. When absorbed by a mass, not 
only does it "energy-excitation" charge the mass, but also it 
"time-excitation" charges it, converting the former "mass" 
to "mass time". Rigorously it is masstime that emits a 
photon, not mass. So a mass moves through time in little 
spurts, by the continual macroscopic addition and 
subtraction of little Dt components. Further, in being 
driven through time, mass is continually altered to 
masstime (a quite different critter from mass), to mass, to 
masstime, to mass, etc. 

In any masstime state, a myriad of tiny virtual photon 
interactions made of very tiny (DE)(Dt)'s interact with that 
same mass during that particular larger Dt of the masstime 
state (m+Dm)(Dt). Hence mass in its alternate masstime 
state has that state internally structured by its surrounding 
environment's interactions with it. The masstime state is 
internally structured energetically in its (DE) component, 
and also internally structured temporally in its (Dt) 
component. 

A standard charged fundamental particle such as an 
electron, e.g., is not necessarily identical with another, 
when the internal structuring of its masstime state is 


considered. Further, by two papers by Whittaker, 
interferometry of masstime states with either energy 
reactions or temporal reactions can yield observable effects 
and changes due to these neglected "hidden variables" in 
the electron's masstime alternative states. To engineer the 
mind and its operations directly, one must perform 
electrodynamic engineering in the time domain, not in the 3- 
space EM energy density domain. The direct engineering 
of time-like mind and mind operations—in all levels and all 
aspects—requires the use of time-polarized photons 


LONGITUDINAL EM WAVES 





INTERFERENCE 


and time-polarized EM waves. This is the rarest form of 
electrodynamics, almost untouched by Western physicists. 
One can either painfully produce such time-polarized 
photons and EM waves and directly irradiate a target mass 
with specific assemblies of them, or one can force the mass 
itself to iteratively transduce ordinary transverse EM waves 
first into longitudinally-polarized EM waves and then into 
time-polarized EM waves. Both will be discussed briefly. 
In the West, it appears that the present author's discovery 
of mechanisms for producing time-polarized (scalar) EM 
waves [see Figure 2] and for transducing between wave 
polarizations has no precedent. [See Figure 3]. While 


scalar (time-polarized) photons are known in the literature,* 
the creation and use of time-polarized EM waves does not 


seem to appear in the Western physics literature.° 

Wave transduction or polarization transductions are 
terms used by the author for the process of transforming an 
EM wave's particular polarization into another polarization 
type. Such transduction to other than transverse 
polarization forms is little known in the West. It appears 
essentially haphazardly in some experiments, usually 
without any recognition by the experimenters themselves. 
Significant transduction in experiments will also produce 
"strange" and unexplained anomalies in the instruments 


being used for experimental measurements. 
So most probably Western mind control researchers have 


not recognized the methodology and mechanisms® for 
transducing one type of EM wave polarization directly into 


another.” They continue to seek the "mind" in 3-space and 
hence in the brain, rather than in the time domain. On the 
other hand, it appears 


wl aj 


L , 
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TIME DENSITY 
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Figure 3. Interference processes for transducing higher EM wave polarizations 
into lower polarization states. 
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Figure 4 


that the Russian KGB energetics” weapons scientists— 


particularly those in psychoenergetics+—have known and 
used methods of transducing one wave polarization into 
another, for at least two decades. It follows that those same 
scientists have very probably developed mind engineering and 
mind control via novel time-polarized EM wave means and a 
dramatically extended electrodynamics of the time-like mind 
operations. 

In the present paper we briefly develop the wave 
transductions and the basis for mind engineering, including the 
specialized use of ordinary transverse wave (TW) EM spectra 
to force internal EM wave transductions and time-domain 
operations inside irradiated bodies, cells, and tissues. Through 
the mind-body coupling mechanism, these transductions of 
transverse EM waves can operate upon the mind and its 
deepest operations as well as upon the body, every cell, and 
every part of every cell. 


Russian Mind Control Uses 
Higher EM Wave Polarizations 


It is apparent that the KGB psychoenergetics weapons 
scientists know and use the full extended EM wave 
polarization range. As a postulation, one would expect our 
own weapons scientists to know and utilize the orthodox 
transverse wave (TW) EM for similar research and 
experimentation. However, in the West scientists are just 
beginning to realize the importance of a very general (and 
weaker) type of longitudinal EM wave (LW) polarization, as 
evidenced by the appearance of dozens of papers on 
"undistorted progressive waves" (UPWs, which are essentially 
imperfect LW s with TW residues remaining). The Los 
Alamos National Laboratory web site has a number of such 


papers—particularly by Rodrigues! and Lu—available for 
free downloading. UPWs 
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have very interesting characteristics. If they were perfect 
longitudinal EM waves, they would have infinite energy 
and infinite speed. Since only imperfect UPWs can be 
physically made, their speed can vary from slower than 
the speed of light to faster than the speed of light. Their 
energy can also vary over a great range. 

Another characteristic of UPWs that are reasonably 
good longitudinal EM waves, is that they pass readily 
through a large depth of water and mass, including 
through the ocean and the earth with only small 
interactions and losses. Yet by interfering two such 
beams of "high quality" UPWs at a great distance, then 
in the interference zone ordinary EM energy will rise 
directly out of local spacetime potential, as essentially 


shown by Whittaker! nearly a century ago. Russian 
weapon research facilities have weaponized these 


effects“ for nearly 50 years, under rigid KGB control 
and operation. Nonetheless, even if using only ordinary 
TW waves, Western mind control researchers may get 
some fairly good results, brute-force-like, by using gross 
correlates between just the input irradiating TWs and the 
exhibited behavioral responses of the individual. The net 
input-output correlations can be determined, even though 
not taking into account the actual wave polarization 
transduction mechanisms ongoing inside the irradiated 
dielectric (or brain, or mind, etc.). However, Western 
researchers appear to have no knowledge of the exact 
mechanisms by means of which coherent time-like mind 
operations of a biological organism couple to the 
organism's 3-spatial body to provide the mental control 
loop. They also appear unaware of how the coherent 3- 
spatial behavior responses of the body couple back to the 
time-like mind to provide it with a sensory feedback of 
the body's responses. 


Figure 4 
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Figure 4. A spacetime curvature engine has myriads of small ST curvature 
components which act upon mass at all levels. 
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General Relativity Aspects 


Both these coupling mechanisms can be taken 
directly from general relativity, if one puts one's 
mind to it. However, unless the wave 
polarization transformations are known, it is 
difficult or impossible to apply the ordinary GR 
directly, since relativists usually concentrate 
upon spacetime curvature by altering 3-space 
energy density rather than by altering time- 
polarized "time-energy" density. 

In applied general relativity, spacetime itself 
is an active medium. One speaks of a change in 
spacetime as a "Spacetime curvature". Any 
curvature of spacetime in a local region directly 
performs continuous work upon any mass 
embedded in that region. Vice versa, any mass 
(or other concentration of energy) in a local 
spacetime continuously acts upon that spacetime 
to "curve" it. 

So if one wishes to perform actions upon mass 
in a distant region, one may generate local 
curvatures of spacetime in that region, and these 
curvature "engines" will directly act upon the 
mass at all levels. [Figure 4] This is very 
different from energy propagation through space 
from one point to another. Now the "ordinary 
EM energy and actions" arise from every 
spatiotemporal point within the mass, at every 
level, and move upwards (from inside to 
outside). So we speak of specific forms of 
"templates" of nested spacetime curvatures 
formed and utilized to engineer mass "from 
inside out" as spacetime curvature engines or 
vacuum engines. 

Use of vacuum (spacetime curvature) 


engineering is a far more powerful form of 
engineering than is provided by energy 
propagation through space. As an example, it is 
easy to alter the quarks in a nucleon, using 
spacetime curvature engines and time-charging 
decay. Indeed, we have developed the 
mechanisms for cold fusion and the 
electronuclear interaction (formation of new 
nuclides) at feeble energy. An Invention 


Disclosure® on this work 


has been filed with the U.S. Patent Office, and 
formal patent applications are in preparation. 
Some information on these mechanisms and 


principles has been released. 


Time as Dense EM Energy 
and a Strong Spacetime Curvature Agent 


The advantage of using the time-polarized 
"time-energy" for spacetime curvature is that 
time is ordinary energy compressed by a factor 
of at least c2—which, in the MKS system of 
units, is some 9¥10!6, Thus use of time- 
polarized EM photons and waves as ST 
curvature agents gives an amplification of 9 
¥10!6 over the use of transverse-polarized EM 
waves for that purpose. In turn, the use of the 
strong EM force in ordinary TW waves as an 
agent of ST curvature is already a nominal 1040 
times as strong as is the weak G force used as 
the agent of ST curvature. 


The bottom line is this: For spacetime 
curvature effects, the use of the t-polarized 
domain provides amplification of some 9¥10>6 
greater than the weak G-force ST curvature 


agent usually considered in general relativity-®, 


Western Science Remains Largely 
Materialistic 


Ironically, most Western scientists are 
materialists and consider "mind" as a mystical 
and nonscientific concept. They tend to consider 
mind operations and functions either to be 
simply "meat computer" operations and 
functions, or at best to be very weak ordinary 
transverse-wave EM operations and functions in 


the brain and nervous system.® This serious self- 
limitation exists because in the body we measure 
only weak TW EM operations and functions 
correlated to biological behavior and brain 
operations. We simply do not know how to 
measure "mind operations" directly. 
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Figure 5. Mind-to body coupling and body-to-mind coupling. 
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Figure 6 


With no mind measurements possible and no instruments, 
it is understandable that Western science considers only 
the physical side of the mind-matter interface. 

Presently our scientists do not measure the 
longitudinally-polarized EM wave operations and 
functions in the body and around it in nature. Few of them 
are aware that a maelstrom of such LW functions exist in 
the body and in all of nature in general. Presently only 
highly theoretical quantum field theorists seem to even be 
aware of the existence of scalar (t-polarized) photons, and 
even they are unaware of t-polarized EM waves. Certainly 
our scientists do not measure t-polarized EM waves in and 
around the body and in nature, nor do they make them in 
the laboratory. Apparently they have not studied such 
waves and their interactions with matter—living and inert 
—at all. 

But it's even worse. In ignoring the time component 
transported by photons and EM waves, science has also 
erroneously omitted half of the excitation charging and 
excitation decay processes whenever a mass interacts with 
photons and EM waves. More on that later. 


Brute Forcing Time 
Functions versus Fine Control Methods 


Ironically, Western mind control researchers using 
transverse EM waves for mind control research, are using 
a brute force method of evoking and using vacuum 
engines ( spacetime curvature engines) and a special form 
of general relativity, although they do not appear to realize 
it. 

While KGB scientists also use TW EM "brute force" 
TW waves when necessary, they do "imprint" or "activate" 
those waves with the desired internal LW and time- 
polarized EM wave and photon structures required to 
directly perform the mind engineering desired. 
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They also do not hesitate to use LWs and t-polarized 
waves overtly. So in blunt terms, Western compared to 
Russian mind control research is probably like comparing 
an automobile body shop with a fine surgical ward. 
Having long ago worked out all those "exact correlates” to 
the internal "information content of the field" is where the 
KGB scientists are at least 20 years ahead of the West. 

The reason one can get mind and behavior results with 
the TW electromagnetics, while bypassing the real 
mechanism which uses t-polarized waves and photons, is 
due to (1) the very peculiar nature of the EM emission 
from a dielectric, and (2) what can be done by re-radiating 
that dielectric with its emitted spectrum, deliberately and 
very carefully altered in selected parts. We will return to 
that important feature later. 


Polarization and Observability 


As we Stated, there are four photon polarizations and 
therefore there must be correspondingly four EM wave 


polarizations* The first three polarizations are the x-, y-, 
and z- spatial polarizations. The x- and y- polarizations 
are transverse polarizations and the z-polarization is a 
longitudinal polarization along the direction of 
propagation (along the z-axis, by standard notation). 
Simply put, we may visualize the transverse polarizations 
as rather like the wiggling of a fish's tail from side to side 
as the fish moves forward, or a whale's flukes up and down 
as the whale moves forward, or some combination 

thereof. We may visualize the longitudinal polarization as 
a sort of "repetitive accordion effect" along the line of 
motion of the wave. Usually the z- polarization is 
neglected in EM wave theory, although in recent years 
physicists have "rediscovered" longitudinal EM waves and 
are now intensely researching the use and characteristics 


12 
of such waves.— 
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Figure 6. The three divisions of Soviet energetics and their characteristics. 
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Figure 7 


Unfortunately, in quantum field theory there 
has been a tendency to regard the t-polarized or 
"scalar" photon—where the local rate of time is 
oscillated—as unobservable. Oscillation of the 
local rate of time produces powerful oscillations 
of local space-time curvatures, due to the 
extreme energy density of time. Individually, 
the t-polarized photon tends to be unobservable. 
However, a coherent sequential group of such t- 
polarized photons, each individually in the 
virtual state with respect to the external observer, 
may simply integrate in its interaction with mass 
over a short time period into observable change 
because of the coherent integration of virtual 
spacetime curvatures into a larger, observable 
spacetime curvature. 


Rotations and Projections in 4-Space 


Relativistically, any velocity change in 4- 
space is a rotation. Any such rotation in the time- 
domain also creates a tiny projection component 
into 3-space. Any such rotation in the 3-spatial 
domain also creates a tiny projection component 
into the time domain. 

Hence a sufficient series of coherent time- 
domain (mental) changes produces a coherent 
series of virtual changes in 3-space (the body), 
thereby coherently integrating into an observable 
energy change in the body. A sufficient series of 
coherent 3-spatial energy changes produces a 
coherent series of virtual changes in the time 
domain which coherent integrate into an 
observable time-domain change. 


Solution to the Age-Old Philosophical 
Problem of Intent 


This is in fact the solution to the age-old problem 
of intent, or how the nonmaterial (1.e., non-3- 
spatial and non-observable) mind induces a 3- 
spatial, observable energy change upon the 3- 
spatial body. It is also the 


solution to the problem of awareness; i.e., how 


the mind is aware of itself? and of the responses 
of the body. Together the two form a closed 
loop coupling of the mind and body. The time 
delay in the loop together with memory recall for 
comparison, creates the sense of "persistence" of 
self in time. This also creates the sense of being 
a "separate, closed being" (1.e., of separate 
persistence in time—in the living entity). The 
sense of "separation of self from an external 
world" is created by comparing those body-to- 
mind sensory feedbacks which are not correlated 
to the mind's previous feed-forward intent. 


Time As Energy and Why It Is Very Dense 
Energy 


In addition to the three spatial polarizations of 
photons and EM waves, there is a very, very 
useful t-polarization along the time axis. In this 
polarization, the 3-spatial energy is not 
oscillating at all. Instead, the time or time- 
energy is oscillating. Time can be taken to be 
energy compressed by at least c2, so it has at 
least the same energy density as mass. In other 
words, one second is 9x10!® joules of time- 
energy (energy compressed into time). The t- 
polarized photon or EM wave is called the scalar 
photon or scalar EM wave, respectively. 

To demonstrate why time can be regarded as 
energy, we need only point out that the choice of 
fundamental units in any physics model is totally 
arbitrary. We usually choose these units to ease 
the mathematical manipulation, ease our 
understanding, and simplify the ability to 
visualize or "grasp" the physics. However, if 
one wishes, one can build all of physics from a 
single fundamental unit—e.g., energy. In that 
case, one readily sees that time is a function of 
energy and only energy. Hence it is perfectly 
proper to regard time as energy, and to seek out 
what form the function takes in our normal 
system of units (say, the MKS system). 
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Figure 7. In the 1960s, Lisitsyn revealed Russian scientists had deciphered 
the human brain code. 
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In that system, it appears that any change 
in time At can be taken as always a 
function of a corresponding change in 
energy AE, where At < (AE) = c? [1] from 
which it follows that AE > (At) x c? [2] 
For convenience, we take the special case 
where At = (AE) +c? [3] AE = (At) x c? 
[4]. 


Observation as Used in Physics Is 
Spatial 


We note that all mind operations are 
time-like, i.e., they are comprised as scalar 
EM photon functions and scalar EM wave 
functions. Thus the mind is a very special 
kind of electromagnetic system, existing in 
the time domain, and thus "lost" by the 
stripping away of time in the ordinary 
observation process. Physical observation 
is essentially a time-differentiating 
mechanism applied to a 4-spatial change, 
or in terms of MKS fundamental units L 
and t, observation 0 is 6 = o/dt(L>t) = L3 
bok 

Thus, as is well-known in quantum 
mechanics, physical observation is 3- 
spatial, and time is not a physical 
observable, even in theory. Since mind is 
time-like, it follows that mind is not a 
physical observable either, since discarding 
the time dimension also discards the mind. 
In short, one may also take physical 
operation as the mechanism that separates 
mind and body. To observe is to separate. 
We point out, however, that merely 
"separating and discarding" the time 
domain (as in physical observation of a 
single change) does not eliminate it, nor 
does it eliminate the single time-like mind 
change that may be involved in an 
intentional volition. The time domain 
certainly remains, even though only the 3- 
spatial intersection of the 4-spatial 
Minkowski change is given by physical 


mechanism and the resulting "outputs". So 
a series of coherently integrated "mental 
intent" changes introduced into the human 
body's overall servo-mechanism provides 
the continuing input. From there, ordinary 
physics will generate the resulting actions 
induced in the body by that 
servomechanism and its amplifying 
mechanisms. 


Two Coupling Mechanisms Make a 
Closed Loop 


This is the "mind-to-body" coupling 
mechanism. [See Figure 5] It is the 
mechanism whereby the mind is coupled to 
the body, and whereby mental intent is 
able to induce a series of physical inputs 
into the body servomechanism. 

So the body's servomechanism then 
generates the responses of the body 
(including everything from chemistry to 
electrical changes to muscular movements, 
etc.). These responses are changes in 3- 
space. 

The conscious mind is a serial 
processor, though extremely rapid. It 
produces the series of coherent intent 
inputs for volitional behavior. 

The unconscious mind is a massively 


parallel processor.” It continually 
produces the vast series of coherent 
"unconscious intent inputs" for control of 
all the deeper processes in the body, 
beyond usual conscious awareness. 
However, as the body moves or changes 
in 3-space, each resulting quantum change 
in body 3-space is also a slight rotation out 
of 3-space and toward the time axis. 
Hence it induces—in the "virtual state" in 
the time domain—a precisely correlated 
projection. The body's responses are in 
general coherent, so a coherent series of 
virtual state changes in the time-domain (in 
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observation. So we may say that the time- 
change remains in the virtual state, with 
respect to attempted physical observation 
of a single Minkowski 4-space change. 


Rotation, Coherent Integration, and 
Intent 


Previously we pointed out that any 
change in a 4-space entity may be regarded 
as a rotation away from the "trajectory" of 
the entity. Hence each and every t- 
polarized change creates a very small 
projection into 3-space by its rotation 
slightly away from the time axis. All mind 
changes in the time-domain actually 
produce virtual 3-spatial projections in 3- 
space (in the physical domain). We define 
"intent" as the continued production of 
successively coherent mental changes, 
producing coherent virtual changes in the 3- 
space body system, with coherent 
integration of those 3-space virtual changes 
into observable 3-space energy inputs into 
the 3-space body system. Successively 
coherent mind-changes will produce 
successively coherent 3-space virtual 
changes. In short, coherent mind-changes 
will produce coherent integration of those 
3-space virtual projections into an 
observable 3-space change. This is the 
creation of an ordinary 3-spatial energy 
change induced upon the 3-space body. In 
short, this is the mechanism whereby time- 
like mental intent is able to produce a 
series of coherent observable quantum 
changes in the physical body (as in the 
brain and nervous system). 


The Body as a Servomechanism 


From the standpoint of control theory, 
we may consider the body system to be a 
complex servomechanism system 
comprised of many subordinate servo 
systems with feedback and feedforward 


the mind realm) are created successively. 
In short, again we have coherent 
integration, this time in the mind or time 
domain. This produces "observable" 
changes in the time-mind domain, which 
are coherent with the body's 3-spatial 
changes actually performed. Thus the 
mind receives feedback directly from the 
physical movements and changes of the 
body. This is the manner in which the 


body is coupled back to the mind. 

By comparing the "intent" behavioral 
move that was "fed forward" into the body, 
with the return "response" move analog 
that was "fed back" from the body to the 
mind, the mind is able to determine errors 
and differences, and originate additional 
correctional commands. 

Thus the entire mind-body loop is a 
closed-circuit system of feedforward and 
feedback, together with corrections. It also 
has multiple levels of such, infolded in the 
larger volitional levels. See again Figure 
4. 

This solves the age-old problem of the 
mechanisms for the mind-body coupling, 
intent, volition, conscious and unconscious 
functioning, sense of the external world, 
sense of the internal world, sense of "being 


in" the external world, etc. 22 


All This Is Included in Russian 
Psychoenergetics 


This is the highly summarized basis for 
psychoenergetics, the KGB's division of 
energetics that deals with the mind and 
body coupling and functions, and direct 
engineering of (1) the mind-body coupling 
and (2) the mind operations directly. [See 
Figure 6| The KGB intent, of course, has 
always been to exploit this science for the 
degradation, killing, and control of human 
beings, including all humanity. 

The Russians know full well that, if you 
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looping. 

Given the input from intent, ordinary 
servo theory will take it from there. Once 
a servo has an input, servomechanism 
theory describes the response of the 


produce and utilize scalar EM photons and 
t-polarized EM waves, you can directly 
affect and engineer mind and mind 
operations at any and all levels. Western 
researchers, who know nothing of how to 
make 
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time-polarized photons and time-polarized 
EM waves, do not yet know that. 
Consequently the Russians have developed 
a highly secret science of directly 
engineering the mind and its operations, 
including thought, images, perceptions, 
feelings, emotions, memory, and mind 


processing. Indeed, Lisitsyn= wrote quite 
specifically of this capability in the 1960s. 
[See Figure 7] 

Western clandestine mind control 
researchers are apparently still slowly and 
painfully fitting TW EM irradiation 
correlates to induced or resulting mental 
and physical behavior responses. They 
seem unaware of the actual wave 
transductions occurring inside the body 
and mind, but are unwittingly inducing 
those transductions in hidden fashion 
anyway and in "brute-force input-response 
fitting" models. 

These "fitted brute-force models" 
certainly can be very powerful, and 
certainly can produce the exact results 
shown in the experimental verifications of 
the fittings. However, they do not of 
themselves allow sophisticated design—for 
example—of the necessary time-polarized 
wave assemblies for engineering the entire 
human collective unconscious 
simultaneously, or for engineering the 
entire collective unconscious of all species 
on Earth (i.e., Gaia's collective 
unconscious), or even for precisely 
engineering the memory and knowledge 
base of an individual. 

This fine research article will be 
continued in Part II with Russian 
Methodology, Waves and Wave 
Transduction, The Cellular Control 


spacetime that is highly active. The mind is 
rooted in the time-domain and projects from 
that domain into 3-space. The body is rooted 
in the 3-space domain and projects into the 
time-domain. To "change" or "function" in 
one domain is automatically to function in the 
other. EM and gravitational phenomena are 
still modeled separately by human scientists, 
but not by nature. 

3. In quantum mechanics, time is not an 
observable, but merely a parameter. 

4. It is convenient to consider mass as a 3- 
spatial form of condensed energy. 

5. E. T. Whittaker, "On the Partial Differential 
Equations of Mathematical Physics, " 
Mathematische Annalen, Vol. 57, 1903, p. 333- 
355;— "On an Expression of the 
Electromagnetic Field Due to Electrons by 
Means of Two Scalar Potential Functions, 
"Proc. Lond. Math. Soc., Series 2, Vol. I, 
1904, p. 367-372. 

6. A NERAC document search yielded some 
16 good references on t-polarized photons, but 
not a single reference on t-polarized EM 
waves. 

7. E.g., such previously inexplicable 
instrument anomalies have accompanied some 
excellent and rigorous electrolyte experiments 
at U. S. Navy research facilities at China Lake. 
For a description, see Melvin H Miles and 
Benjamin F. Bush, "Radiation measurements 
at China Lake: Real or Artifacts?", Proc. ICCF 
- 7 (international Conference on Cold Fusion— 
7, Vancouver, BC, Canada, Apr. 1998, p. 101. 
For a brief explanation of the anomalies, see T. 
E. Bearden, "EM Corrections Enabling a 
Practical Unified Field Theory with Emphasis 
on Time-Charging Interactions of Longitudinal 
EM Waves, " Explore!, 8(6), 1998, p. 7-16;— 
"Toward a Practical Unified Field Theory and 
a Deep Experimental Example," Proc. INE 
Symposium, Univ. Utah, Aug. 14-15, 1998. 

8. Many U. S. researchers and journalists— 
and even many scientists—have wrestled with 
the problems of mind, intent, and mind-body 
coupling. Enumeration of those efforts would 
itself require an entire book. For an 
introduction into that domain, the reader is 
referred to the very determined exposé by 
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System, and other matters of interest. # 
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Cheryl Welsh in her very timely book, The 
1950's Discovery of the Code of the Brain, 
May 1988, published on the Internet. Simply 
employ any Net search engine and search on 
the name Cheryl Welsh. A connection to the 
site and to Welsh's book will immediately be 
found Welsh's important compendium is 
highly recommended, giving the reader a 
"birds eye view", so to speak, of how Western 
scientists think and proceed regarding the 
subject of mind control by electromagnetic 
means. Unfortunately all journalists so far 
researching the area have not been aware that 
Western electrodynamics itself is seriously 
flawed, and that the great Russian advances in 
mind engineering and mind control are a result 
of their secret but complete revision and 
correction of Western electrodynamics to 
provide the basis for energetics. Until Western 
scientists revise their own decrepit old 
electrodynamics fouling the textbooks, they 
will never catch up to the Russian mind 
control developments springing from intense 
development programs that did that revision in 
the late 1940s and early 1950s. 

9. An Invention Disclosure on these processes 
and enhancement embodiments has been filed 
with the U. S. Patent Office. Formal patent 
applications are also in preparation. 

10. Energetics is a unified science of an 
extended electrodynamics possessing a hidden 
infolded general relativity inside the potentials, 
fields, and waves. It deliberately employs 
higher polarizations (longitudinal and tempic) 
of photons and EM waves to engineer action at 
a distance, use of specific patterns of 
spacetime curvature created at a distance, and 
direct engineering of either inert or living 
bodies. It also encompasses the direct 
engineering of time-like mind and mind 
functions. It is divided into three divisions, 
depending upon the nature of the target. 
Targeted against inert materials, structures, 
fields, and waves it is called "energetics. 
"Against living bodies, their fields, and 
biochemistry, it is called "bioenergetics." 
Against the mind and mind functions, it is 
called "psychoenergetics". 

11. Psychoenergetics is that branch of 
energetics used to directly affect and engineer 
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electromagnetics processes. 


REFERENCES 


1. E.g., see Lewis H Ryder, Quantum Field 
Theory, Cambridge University Press, 2nd 
Edition, 1996, p. 147+. For an even deeper 
discussion of photon polarization, see F. 
Mandl and G. Shaw, Quantum Field Theory, 
Wiley, 1984, under the heading "Covariant 
Quantization of the Photon Propagator" in 
Chapter 5. Mandl and Shaw argue that the 
longitudinal and scalar polarizations are not 
directly observable, but only in combination, 
where they manifest as the "instantaneous" 
Coulomb (i.e. electrostatic) potential. 


2. Nature is unified and not separated into the 


"separate" disciplines our science has 
prescribed. Thus the mind is also totally 
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means "sense of existing in time". 

20. The "unconscious" is totally conscious, 
just multiply so. The conscious mind can 

see only "a single slide in the slide projector at 
a time, " so to speak. When it "looks" at the 
ongoings and outputs of the unconscious, it 
"sees" millions of slides in the slide projector 
simultaneously. Hence it cannot distinguish 
"one and one only". So it just sees nothing, 
where by "nothing" we mean "no single 
distinguishable thing." It therefore is unable to 
consciously perceive the actions of the 
unconscious. When the unconscious wishes to 
communicate with the conscious (because of 
unresolved conflicts, etc.), it must produce 
large groupings integrated into "symbolic 
scenarios". Hence the symbolism of the 
unconscious, and the basis for therapeutic 
psychology and psychiatry. A "symbol", after 
all, is just a thing which can have many 
different meanings, all folded into one. 

21. The mind continually has activities of its 
own, each of which produces coherent changes 
in the body to a much smaller degree. The 
interweaving of these "smaller self-changes" 
infolded inside the 3-space major intent 
changes also produces slight body changes, 
which in turn "project back" into the mind. 
This huge group of "infolded self-loops" 
produces the sense of "my body" being 
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simultaneously with the "greater intent" loops 
which represent "my intentional actions with 
my body". Further; the body servo continually 
receives a myriad of inputs from its sensory 
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and from incoming changes from the external 
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awareness of "being in the external world" by 
having (1) changes whose feedback do not 
match mind-intent changes, and (11) changes 
whose feedback does match mind-intent 
changes. This of course applies to both the 
conscious and unconscious levels. The 
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an actual physics of the living being, the mind 
as well as the body, and the coupling and 
interfiinctioning of mind and body. 
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this is actually a very high energy reaction; 
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19. "Self-awareness" refers to be continually 
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time-delay coherence creates the sense of 
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Mind Control and EM Wave 


Polarization Transductions, Part 2 


©Copyright 1999 by T.E. Bearden, USA 


This article continues on with TE. Bearden’ article, Part 1 of which was published in 
Volume 9, #2 of Explore! for the Professional. Because we feel that Col. Bearden’s caution 
below ts so very important we are repeating its publication in all parts of this article. 
Special Note 

This article refers to experimental research techniques which can 
be detrimental or lethal in the hands of any but highly skilled, quali- 
fied experimental scientists proceeding under proper laboratory safe- 
ty procedures. The purpose of this article is strictly for information to 
properly qualified and authorized scientists in certified laboratories. 
We do not propose or condone any use of these procedures for non- 
approved practice of medicine without a license. Neither the publish- 
er nor the author are responsible for accidents or outcomes in the use 
of these experimental procedures and techniques. Any researcher who 
performs these procedures and experiments is acting on his or her 
own volition, and is solely responsible for insuring safety, qualifica- 
tions, and legality of the acts and their results. We neither suggest nor 
condone unauthorized experimentation on human subjects. Such is a 
criminal violation of the constitutional rights of the subject under 
Federal and State laws, and is both illegal and immoral. 


A Strategic Threat Completely Unrecognized by the West 
The Russian methodology leads directly to rather mind-bend- 
ing, extended capabilities. KGB psychoenergetics scientists seem 
fixed on an eventual goal of directly engineering Jung’s collective 
human unconscious, thereby converting the entire human species 
into a sort of “ant” species. In short, they seck to engineer what 
they regard as “perfect communism and perfect order” directly in 
the entire species. Figure 8 indicates the direct connection of every 
human's conscious and unconscious mind to the collective species 
unconscious and to Gaia, the collective unconscious for all species 
on Earth. Since time is internally structured and layered, it fol- 
lows that time-like mind levels are also internested and layered. 

This appears to be a significant strategic threat, well along in 
its development, that our scientific and intelligence communities 
have completely failed to recognize. 

The direct engineering of the entire human collective species is a 
doable." It is going to be done, whether we like it or not. In that race 
(which may eventually determine whether or not we retain any per- 
sonal freedom at all), the “democratic” nations are woefully behind. 
In fact, the West has not even realized there is such a new kind of 
“arms race” for dictatorship and control of the “collective species 
mind” and we have already almost lost it. The West has not yet even 
developed the overall theory of psychoenergetics. 


Waves and Wave Transductions 
A pure longitudinal EM wave (LW) would have infinite energy 
and infinite speed. In practice, one can only approach this perfect 
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LW wave, and one always has transverse residues remaining. Hence 
the “imperfect” longitudinal EM waves we can make in suitable equip- 
ment and techniques, are known as “undistorted progressive waves” 
(UPWs). The UPWs may have velocity far greater than the speed of 
light, or less than the speed of light. So the speed v of UPWs can vary as 


O<y<oo [6] 


The Russians also know that, when a nearly-pure longitudi- 
nal EM wave interacts with matter (it usually doesn't interact very 
much, and has a low reaction cross section), the mass immediately 
adds the phase conjugate replica to the interacting LW portion, 
regardless of frequency, thereby transducing the input LW inter- 
actions into scalar (time-polarized) EM interactions. 

One transduces from TW to LW to Scalar EM via iterative phase 
conjugation. One transduces from scalar EM to LW to TW via iter- 
ative interferometry. It took the present author 20 years to discover 
this simple thing; we now have filed an invention disclosure on the 
process and embodiments for performing it, and will be following 
with formal patent applications. Let TW = transverse EM wave, LW 
= longitudinal EM wave, and TDW = time-density EM wave (an- 
other name I use for t-polarized or scalar EM waves, since the density 
of time-energy is what is varying). Let (I) = interfering with, PCR = 
phase conjugate replica wave with a coupled set of parentheses en- 
closing the type of wave. The rules for wave type transduction are: 


TW + PCR(TW) = LW [7] 

LW + PCR(LW) = TDW [8] 
Going the other way, the rules are: 

TDW (I) TDW = LW [9] 

LW (I) LW > TW [10] 


In EM smog (dense EM signals, even though very weak), there 
is increased nonlinear multiwave interactions, both interferomet- 
ric and phase conjugative. So in such EM smog there exists an 
increased, non-negligible component of LW and TDW irradia- 
tion, formed by the above transduction interactions in the irradi- 
ated living cells and bodies. This latter part accounts for many of 
the long term effects which show up in “correlative” studies, but 
which do not show up in the normal limited-frequencies TW 
experiments produced by so-called “physical experiments.” 

The standard EM bioeffects manner of experimenting uses a 
theoretical model of simple, direct energy deposition by means 
of absorption in cells and tissues. Now we must utilize an “open 
system” throughout the body dielectric in which higher polar- 
ized EM energy (either LW or t-polarized) travels readily 
throughout all areas of the body. 
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EM Bioeffects and Wave Transductions 

In the EM bioeffects experiments to date, there has been ab- 
solutely zero control of the internal transductions, and there has 
been no consideration of them. Almost all transductions of [Ws 
into LWs will immediately result into transduction into TDW 
and time-excitation charging of the cells and all their internal 
components. These time-excitation charges (excited states of 
time-charging) will then slowly decay, emitting longitudinal EM 
waves in the process which travel throughout the body. These 
emitted LWs interfere with each other and the LW processes in 
the body, producing low level TW “noise jamming” of the cellu- 
lar processes and—most especially—of the deep cellular control 
system of the body. The latter system functions by means of LWs 
and TDWs. Long-term effects of such “noise jamming” of bio- 
chemistry reactions and the control systems of the cells and body, 
can lead to degenerative diseases such as arthritis, atherosclerosis, 
Alzheimer’s disease, heart disease, cataracts, tumors, leukemia, some- 
what accelerated aging, immune system weakening and depressing, 
etc. As the body's natural defense and regeneration ability weak- 
ens, opportunistic infections further add to the degeneration. 

It was shown by Whittaker in 1903 that any scalar EM po- 
tential is comprised of a harmonic series of bidirectional longitu- 
dinal EM wavepairs. [See Figure 9] Each longitudinal EM wave 
pair in the harmonic series is a phase conjugate pair. Unknown to 
Whittaker, that “LW phase conjugate pair” is actually a time-po- 
larized EM “photon” structure, containing a phase conjugate LW 
photon substructure. So staid old “voltage” (potential) is com- 
prised of a harmonic series of time-polarized EM waves! 

The corresponding “t-polarized photons” are actually spin-4 
supergravitons comprised of coupled antipairs of LW “photons”. 
Each LW photon is a spin-2 graviton comprised of a coupled 
TW photon-antiphoton pair, Each TW photon and antiphoton 
in the coupled pair has spin-1. The couplet, being the longitudi- 
nal “photon” or graviton, thus has spin-2. And so on. 

In 1904, Whittaker showed that any EM field or wave pat- 
tern can be decomposed into two scalar potential functions. By 
applying Whittaker 1903 decomposition to each scalar poten- 
tial function, any EM field or wave has an enormously rich in- 
ternal structure, comprised of scalar potential functions in inter- 
ference. Each scalar potential function is comprised of 
time-polarized EM waves (made of spin-4 supergravitons). Each 
time-polarized EM wave is further comprised of bidirectional 
longitudinal EM wavepairs. Each longitudinal EM wave is fur- 
ther comprised of phase-conjugate pairs of transverse EM waves. 
Each transverse EM wave is further comprised of two scalar 
potential functions, each of which is in turn comprised of an 
infinite harmonic series of time-polarized EM waves, and so on 
ad infinitum and ad nauseum. Obviously all EM potentials, fields, 
and waves have an enormous “internal structure” or internal “in- 
formation content of the field”. 


The Cellular Control System Uses 
t-Polarized EM Photons and Waves 

The master cellular control system (MCCS) in the body uti- 
lizes these photon-gravitons, their corresponding EM wave po- 
larizations, and transductions between them. By the use of very 
powerfully condensed gravitons and supergravitons, it is able to 
utilize small but highly significant direct curvatures of space- 
time in precise patterns. In short, it utilizes general relativistic 
spacetime curvature engines, rather than “EM photon signals”, 
to accomplish its control of the cells and their processes. It does 
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not merely send a “signal” and hope the cell itself acts upon it. 
Instead, it sends an “engine” which alters the local spacetime in 
which the cell and all its components are embedded. This “local 
ST curvature engine” then physically works directly upon the 
cell and all its parts, to alter the cell according to the specific 
“template” of the engine. 

This is the direct application of the Wheeler's simple state- 
ment of general relativity: Mass (trapped energy) acts upon space- 
time to curve it, and curved spacetime acts upon mass to change it. 

Popp’s “ordinary photon” study of this cellular control system? 
therefore will detect the coherent ordinary TW photon residues 
which result from the photon polarization transductions occur- 
ring from the actions of the ST curvature engines upon the cells. 

Cellular division, biochemical processes, growth and growth 
control, cell differentiation and dedifferentiation, etc. are all con- 
trolled by the MCCS or one of its subsystems, using spacetime 
curvature engines. The ordinary TW electronic activity our bio- 
physicists detect and correlate are simply the intermediate com- 
ponents of the actual ongoing polarization transductions. 


The Cellular Control System Uses EM Time-Energy 


One important subsystem of the MCCS controls the immune 
system's functions, including the deepest and most subtle func- 
tioning performed by all elements of the immune system. This 
system has been rather intensively studied, but since our bio- 
physicists have not possessed the full electrodynamics utilized, 
only the correlated residue of normal TW EM waves and pho- 
tons have been recognized and studied. Hence Western biophys- 
ics is in its very crude infancy. 

Incorporation of the total wave and photon polarizations, 
together with their transductions, will eventually present a revo- 
lution in both biomedicine and biophysics. Unfortunately, pres- 
ently our entire medical community is very firmly entrenched in 
only ordinary TW EM polarizations and ordinary biochemistry. 
Our scientists thus are studying less than 1% of the functioning 
of the living organism. 

As an example, since Western scientists have no knowledge 
or research into the time-polarized mind domain and mind-body 
coupling, the mystery of the placebo effect—in which the mind 
has been verified to produce actual physical effects — will indef- 
initely remain a mystery.’ As one result of that “crippling” of our 
medical theory, medical experimenters have to deliberately drive ex- 
periments on drug effects, etc. beyond the “mind's own threshold” of 
physical effect. In short, they have to drive the imental results 
over and above the results being accomplished by the placebo effect. 
They must perform valid placebo control experiments, and subtract 
the placebo component results from their own experimental re- 
sults, to determine the “delta” induced purely by the drugs. 


The Regenerative Subsystem 


Another important subsystem of the MCCS controls the re- 
generative system of the body. The regenerative system has vari- 
ous mechanisms, including growth control, differentiation and 
dedifferentiation of cells, etc. Becker's portrayal of the regenera- 
tive system is shown in Figure ro. One of its most important 
functions is healing and restoring damaged or diseased cells. It 
does that by a most remarkable process, 

This system has been very poorly studied, mostly by Becker* 
et al., although there is still sporadic, ill-funded, and ill-planned 
research on regenerative effects from time to time.’ Becker and 
his colleagues came closest, and—considering the severe limita- 
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tions of the orthodox U(1) EM model available to them—Beck- 
er's work is particularly revolutionary. He demonstrated beyond 
question that simple DC potentials could generate cellular dif- 
ferentiation and redifferentiation, and produce results at global 
sites in the body and not just at the local injury sites where the 
DC potentials were applied. 

Becker was nominated for a Nobel Prize for his Herculean 
efforts and remarkable results. For his trouble he was hounded, 
his funds were withdrawn, and he was forced to retire at an early 
age in his 50s. His biggest “heresy” was to bravely point out that 
power line radiations had deleterious effects upon biological sys- 
tems, and to testify to it in a series of hearings and court cases 
where a very powerful electrical power industry essentially ran 
rough shod over science and the public. 


Organized Science Is Highly Politicized and Imperfect 


It is not only politicians that are “bought and paid for" by pow- 
erful vested financial interests, In organized science, precisely the 
same arrangement holds true. Scientists are no better or no worse 
than any other segment of humanity. A surprising percentage will 
produce the results desired by their benefactors, if provided with 
cushy jobs, good income, prestige, and secure positions. 

It has been said that money is power. It has also been said 
that power corrupts, and absolute power corrupts absolutely. In 
the scientific community, as well as in the political community, 
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this “great corruption” by great financial power has been elevat- 
ed to an art form. Simply examine the funds made available to 
scientists. There is not enough for all the scientists, so it is fiercely 
competitive. If the scientist does not get grants (¢.g., a would-be 
professor at a university), he does not bring in extra money to 
the university. He cannot get his graduate students funded, so 
his own innovative (read: heretical) research is thwarted. His 
papers are rejected by the journals, and before long he has no 
funded position in science. If lucky, he will be employed in the 
grocery store or the butcher shop. 

Every bit of funding available for the scientists to compete for 
(and apply for grants) already has firmly fixed controls of exactly 
what research can be done with that money, The “science” that will 
be applied is already formulated. That and only that can be done. It 
is a tribute to the dedication and resourcefulness of our working 
scientists themselves, that anything innovative at all gets done. 

One can have a very fine scientific career, tenure as a profes- 
sor, get one’s graduate students funded, get one's papers pub- 
lished in prestigious journals, win awards and achieve stature 
and prestige, if one just plays the desired game prescribed by the 
“old boys schools” in control of almost all the scientific funding. 
Yes, one can permissibly move the decimal point in the present 
models a bit, and be rewarded handsomely for doing so. But one 
is damned if one attempts any serious change or overthrow of 
obsolete scientific models and practices favored by the “system”. 
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Figure 8. Nested levels of consciousness and unconsciousness. 
The mind levels contain the "life" and "mind" dynamics. 
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Figure 9 


That is precisely why all our universities continue to teach a 
terribly flawed electrodynamics that is a caricature with at least 
32 major foundations flaws in it.’ 

And that’s why the organized Western scientific community 
has betrayed the taxpayers who largely fund its research. In short, 
the scientific community fiercely enforces dogma, suppresses in- 
novation, and has denied the U.S. the very defense we need to 
survive against our pressing enemies who have not been so sci- 
entifically dogmatic. 


Microwave Radiation of the U.S. Embassy in Moscow 


Because of the strongly enforced adherence to the insane foun- 
dations errors in classical electrodynamics, our scientists still do 
not comprehend the decades of so-called “microwave radiation” 
of personnel in the U.S, Embassy in Moscow.’ All diseases and 
health changes produced in those personnel were in fie/d-free 
areas (i.¢., where the potentials were persistent and unchanging, 
with no gradients etc.)* No one even thought to look at the “in- 
ner longitudinal EM phase conjugate biwave composition” of 
those potentials, where they would have found the Whittaker 
internal bidirectional longitudinal EM wavepairs and the inter- 
nal time-polarized EM waves. They would also have found the 
infolded, very powerful general relativity: the spacetime curva- 
tures deterministically formed and being utilized to directly al- 
ter the irradiated cells and their constituents. 
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Instead, government-funded studies did a rather straightfor- 
ward “force field” analysis, and concluded that, since there were 
no fields there, it could not have been the microwave radiation. 

Elementary statistics would immediately indicate a different 
conclusion: The diseases and health changes were 100% corre- 
lated to the presence of potentials, and 100% anticorrelated to 
the presence of fields. Hence it was the field-free potentials that 
had to be inducing the diseases and health changes. If it were 
NOT the radiation at all, then some changes would have oc- 
curred in personnel in areas where fields were present, as well as 
in areas where fields were adsent¢. Since this did not occur, such a 
premise is destroyed by self-contradiction. In short, the data ac- 
tually proved (i) it was indeed the radiation that was causing the 
diseases and health changes, and (ii) further, it was the field-free 
potentials that were the culprit. 

That this elementary statistical conclusion eluded our scientific com- 
munity and our government community, is absolutely inexplicable. 

Three U.S, Ambassadors eventually died of diseases induced 
by their exposure to the Embassy radiation. Ironically, Ka- 
znacheyev" had openly released some of the results of thousands 
of Soviet military experiments showing that any kind of cellular 
disease or disorder could be induced in targeted cells by novel 
EM radiation emitted from diseased or damaged cells. Appar- 
ently no one in the West deciphered the mechanisms involved 
in Kaznacheyev's epochal work. 
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« A harmonic set of longitudinal phase conjugate wavepairs. 
*« In each wavepair the two waves superpose spatially after detection, but travel in opposite 


directions. 


* The convergent wave set is in the imaginary plane, and hence is not observable. It is EM 
energy incoming to the potential (dipolarity) from the time domain. 


*« The charge's spin is 720 degrees, 360 in the real plane and 360 in the imaginary plane. 


e Hence the charge receives the complex convergent EM energy, transduces it into real EM 
energy, and emits enormous energy at the speed of light in all directions -- which includes 
bidirectional pairs in 3-space (after the reaction, being after "observation"). 

e This produces the fields and potentials from the "source charge or dipole.” 

e Mandl and Shaw argue that the scalar (time-polarized) photon and longitudinal photon are observable 
only in similar pairs, which then makes the instantaneous scalar potential. Thus their quantum field 
theory work strongly supports the “negative resistor” interpretation of the scalar potential and our 
solution to the source charge and source dipole problem. 


Figure 9. Infolded longitudinal biwaves (time-polarized EM waves) 
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composition of a scalar potential. 
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Figure 10 


The Present Situation in Western EM Bioeffects Research 


Our scientific community has not even designed physical ex- 
periments to validate long-term EM bioeffects of the kind caused 
by induced wave transductions and long-term effects inside the 
absorbing human cells and in the body’s regenerative and im- 
mune systems. Western science has no knowledge of these tech- 
nical internal “wave polarization transduction” mechanisms. Yet 
the basis for such mechanisms has existed in the hard physics liter- 
ature for decades. Leading EM bioeffects researchers seem totally 
unaware of small reaction cross sections inside the body cells and 
tissues for the transduction of transverse EM signals into LW and 
t-polarized EM signals. Conventional Western researchers have not 
investigated it, and often will not believe it when it is pointed out 
to them along with the supporting basis in the literature. 

A major part of the mainline “EM bioeffects” community, of 
course, seems comfortably funded largely by the power industry 
etc."' The record is clear that this dominant, well-funded group 
has little or no intention of “finding” anything that will question 
powerline radiation safety and upset their cushy positions. 

In fact, leading bioeffects researchers have pointed out this 
deliberate biasing of EM bioeffects as a research area. Quoting 
Dr. Andrew A. Marino, one of the great pioneers in the area of 
EM bioeffects" and powerline radiation assessment." 

“Neither scientists nor the public can rely on power-industry 
research or analysis to help decide whether powerline clectro- 





magnetic fields affect human health because power-industry re- 
search and analysis are radically misleading.” 

Dr. Marino then gives the specific details to prove it, and he 
shows specifically how they slant and mangle their experiments 
and interpretations of the results, to do it. If the major financial 
interests cannot scientifically destroy determined, honest research- 
ers such as Marino and Becker, they do not hesitate to attempt 
to destroy them in lawsuits. 


The “Diffusion Mixmaster” at All Body and Cellular Levels 


Every mass and all its particles are in a violent energy ex- 
change with the active vacuum. A human body and every part of 
it is in a continual exchange of EM energy with its environment(s), 
including transverse, longitudinal, and t-polarized (scalar) EM 
energy exchanges. Further, within the dielectric body there is a 
sort of intensive “diffusion” of special kind, actually due to itera- 
tive phase conjugation and iterative interferometry of the dense 
signals environment impinging upon it. This internal “diffusion” 
and transduction (iterative multiwave phase conjugation and it- 
erative multiwave interferometry) thoroughly “mixes up and 
transduces” one type of EM wave or signal into the other, in- 
cluding many of the body’s own TW, LW, and TDW signals. 

Continual or sustained TDW exposure (irradiation by t-po- 
larized EM waves) charges the body and its particles with time- 
excitation charging, something which has been erroneously omit- 
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Figure 10. Becker's model of the Regenerative system of the body. 
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Figure 11 


ted in physics, but is true nonetheless. Inexplicably, physicists 
just ignore what happens time-wise when a mass absorbs a pho- 
ton. We have covered that elsewhere. 

So inside the body dielectric, there is a “diffusion mix” corre- 
late of any and every type of the waves, to any or all of the ex- 
changes, plus the additional internal interactions of the body in 
its TW, LW, and scalar EM wave transductions. There is a one- 
to-one correspondence to any one of the three types of polariza- 
tion waves (transverse, longitudinal, and scalar) and everything 
going on anywhere in the body. 

Note that the type of LW we are using is actually made of 
phase conjugate pairs of transverse EM waves, so its “photons” 
are made of photon/antiphoton pairs. That is, our longitudinal 
EM wave has an internal TW structure, and the LW wave is 
comprised of spin-2 gravitons. Our longitudinal EM wave has 
an internal structure, and it dramatically differs from the LW 
used by the U.S. scientific community which ignores wave, field, 
and potential infolded substructures. Our LW (which seems to 
be what the Russians use) is also a gravitational wave because it 
is comprised of oscillations in its distributions of spin-2 photon/ 
antiphoton pairs (i.c., gravitons). 

The type of t-polarized (scalar) EM wave we are using is a 
phase conjugate coupled pair of the specialized electrogravita- 
tional (EG) LWs. The “t-polarized photons” comprising this t- 
polarized “EM” wave are comprised of spin-4 supergravitons. 


These are, I believe, what the KGB energetics weapons scien- 
tists use also, By iteration, we can go into as deep an internal 
multilevel structuring of EM and EG waves, of any type, via 
methods shown by Whittaker.” 

Now let us examine a body as a dielectric, sitting there in its 
exchange, in relative equilibrium. It turns that every tiniest piece 
of a dielectric participates in any emission from it'’—even the 
emission of a single photon, graviton, or supergraviton. Well, it 
would so participate, due to the special sort of correlated diffu- 
sion and interferometry and phase conjugation that we pointed 
out. Anything that escapes (is re-emitted) from the body, has 
been through this “diffusion wringer”. It has escaped from each 
and every internal part of the body. 


Novel Signatures in Body-Emitted 
EM Radiation of Any Polarization 


A single photon or wave emitted from a dielectric carries in 
its internally structured time component a template of the exact 
internal time structuring of every part of the dielectric emitting 
that photon. It carries in its internally structured energy compo- 
nent a template of the internal energy structuring of every part of 
the dielectric emitting it. An emitted EM wave, being a collec- 
tion of emitted photons and photon structures, thus carries the 
same internal structuring of both its transported energy and its 
transported time.'* Western scientists do not use the internal 
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structuring of photons and EM sine waves, have no instruments 
for that, and so do not know it. The Russians know it,'*" use it, 
and have developed sophisticated instruments for it for the last 
30 years or more. 

Shortly we will postulate how conventional scientists experi- 
menting with mind and behavior control electromagnetically 
might utilize an immediate consequence of the fact that the spe- 
cific emission from a body at any time—whatever type of wave 
component we look at—is a total correlate to all that body's in- 
ternal functions, its energy exchanges with its environment, its 
states, its mental states and conditions, etc. 

And we accent that the coherently integrated intent-changes 
in that body from its coupled mind’s operations are also in the 
substructure of photons and EM waves emitted from the living 
body into its environment. 


How Western Mind Control Scientists Might Proceed 


Conventional scientists would ignore scalar photons and 
waves, determine the TW spectrum, and then slowly and pain- 
fully correlate that to the various physical, mental, and emotion- 
al things. That’s the way they would save to do it, since appar- 
ently they use only standard electrodynamics. They can in fact 
do this via brute force, because that emission TW spectrum is of 
waves escaping from the entire “diffusion machinery” mixmas- 
ter in the body dielectric. It does contain all those integrated 
mind-intent 3-space correlates as well as the ordinary body 3- 
space energy correlates. 

Anyhow, in envisioning Western procedures, the test body would 
be sitting there, in its normal (let’s say fairly normal and quiet) EM 
environment. [See Figure 17] Let's assume this body is not sick, but 
is healthy and normal. Its emissions are a part of its equilibrium 
condition, It follows that the totality of its TW emissions is corre- 
lated to the sum total of everything that interacted with the body, 
plus its own internal reactions, including from mind-body cou- 
pling. Indeed, everything that has ever happened to that enti- 
ty—physically, mentally, emotionally, ete.—has internal corre- 
lates infolded inside the emitted transverse EM wave spectrum." 

So first the scientists would simply measure the full envi- 
ronmental TW spectrum down to very tiny levels in all frequency 
bands possible—everything that is coming in to the body from its 
environment. They would probably perform the experiments in a 
triply-shielded Faraday cage, so the external environment outside 
the cage contributes very little transverse EM wave noise (perhaps 
some Schumann resonance). Magnetic wave shielding and ELF 
shielding is something else again, and longitudinal EM wave shield- 
ing is in general not possible unless longitudinal EM waves are em- 
ployed in the shielding. But a “quiet external TW environment” 
enhances the isolation and measurement of the specific TW sig- 
nal transforms the Western experimenters would be secking. 

Then they would measure everything likewise that the body 
is emitting when in that environment. That is the “zero refer- 
ence” or “normal reference” level. They would measure every as- 
pect: frequency, amplitude, phase, wave shape, modulation, etc. 


Probable Experimental and Measurement Techniques 


Next they would selectively irradiate the body with specific 
signals, frequencies, waveforms, etc. They would begin by using 
portions of the same frequencies that are being emitted from the 
body in the “zero reference” environment. They would insure that 
the returned signal was of higher amplitude than the usual signal 
being emitted by the body at that same frequency and type. 
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They would consider the body dielectric as a “ship with port- 
holes”. Light (EM transverse wave energy) coming out of the 
portholes has originated and adapted from everywhere inside the 
ship and its operations. When the experimenters reinsert energy 
through one or more portholes, they are interested in determining 
precisely which operations inside the ship are affected. So the 
body physiological functions are also heavily instrumented. 

By feeding back in the exact EM pattern and magnitude es- 
caping the body dielectric through a single porthole, one “nulli- 
fies” that part of the emission by producing a net equilibrium in 
that component. This will in turn produce changes elsewhere in 
the spectrum emission from other portholes, and this can be 
measured. It will also produce “stress changes” in specific por- 
tions of the body dielectric, and in the heavily instrumented body 
these physiological, chemical, electrical, etc. changes can also be 
detected. Monitoring of the skin conductance, ¢.g., indicates the 
level of stress, and EEG monitoring with sophisticated instru- 
mentation can indicate something of the brain wave states. 

In short, the necessary measurements from which to construct 
specific correlates can be performed, recorded, and later analyzed. 

This article will be concluded in Volume 9, #4 with Improv- 
ing the Methodology, Further Phenomenology Experiments, Re- 
juvenation and other matters. 
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This outstanding article is the last, Part 
3, Part I and 2 of which were published in 
Volume 9, #2 and #3 of Explore! for the 
Professional. Because we feel that Col. 
Bearden’s Special Note below is so very 
important we are repeating its publication 
in all 3 parts of this article. 


Special Note 


This article refers to experimental 
research techniques which can be 
detrimental or lethal in the hands of any 
but highly skilled, qualified experimental 
scientists proceeding under proper 
laboratory safety procedures. The purpose 
of this article is strictly for information to 
properly qualified and authorized scientists 
in certified laboratories. We do not 
propose or condone any use of these 
procedures for nonapproved practice of 
medicine without a license. Neither the 
publisher nor the author are responsible for 
accidents or outcomes in the use of these 
experimental procedures and techniques. 
Any researcher who performs these 
procedures and experiments is acting on 
his or her own volition, and is solely 
responsible for insuring safety, 
qualifications, and legality of the acts and 
their results. We neither suggest nor 
condone unauthorized experimentation on 
human subjects. Such is a criminal 
violation of the constitutional rights of the 
subject under Federal and State laws, and 
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achieving many more effects in the 
targeted bio-organism or groups of them. 
With Hunt's method, the system as an open 
dissipative system far from thermodynamic 
equilibrium in its environment is being 
measured as such. This more directly 
allows for determination of the 
environmental inputs on a much broader 
range of subsystems, both space-like and 
time-like. Particularly for mental and 
emotional correlates to environmental 
stimuli, such measurements and 
correlations are essential. 


More Comprehensive 
Phenomenology Experiments 


To return: Now the scientists would 
perform many phenomenology 
experiments, making one little change at a 
time and profusely recording the data. 
Each time, they would establish the 
physical change(s) that occur in the body 
and/or the mental and emotional changes 
that occur in the mind for each spectral 
reinsertion back through the "ship's 
portholes". They would simply but 
painstakingly (over some years) build up 
an extensive database of those individual 
correlates. 

In these experiments, the experimenters 
will eventually be able to provoke any 
body or mind change they wish. Strong 
emotion. Intense pain. Intense pleasure. 
Painful thoughts. Images. Memories. 
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is both illegal and immoral. 


Two Ways to Improve the 
Methodology and Experimental 
Correlates 


We diverge momentarily: If they wish to 
improve this methodology, they will 
consider the body dielectric as a nonlinear 
isotropic medium. Then they will pretend 
that the spectrum of difference frequencies 
between each two adjacent waves is the 
spectrum of "emissions" from the body. 
They would also use those, as if they were 
actual emitted spectral signals, instead of 
the actual signals emitted. That procedure 
will give superior correlations, but it is 
more complicated. Part of that is known 


for underwater sonar,! and so our own 
scientists may or may not have realized it 
for use in mind and behavior correlate 
determination with respect to the body 
dielectric. 

Another dramatic improvement in the 
depth to which the correlates can be 
constructed, is provided by detecting each 
porthole output in a two-channel device, 
where one channel has an adjustable time- 


delay as utilized by Dr. Valerie Hunt2 
The two channels—one real-time and one 
slightly delayed—are then mixed, as by 
Hunt's method, producing an instrumental 
measurement of the chaotic part of the 
functions. Again, this can be measured, 
recorded, and later analyzed. It adds (i) a 
completely different kind of 
thermodynamics in the system 
measurements, (ii) a dramatically extended 
set of correlates, (iii) more direct 
measurement of the time-polarization 
causative signals, and (iv) an applications 
technology eventually having many 
additional degrees of freedom and 
therefore capable of 


Perceptions. Dreams. Visions. Memory 
losses. Memory changes. Personality 
changes. Etc. The "delta" in the emission 
spectrum (the changes from zero reference 
spectrum) represent the precise totality of 
all mental, physical, organic, chemical, 
etc. changes and interactions. 

A particularly vulnerable aspect of every 
mammal is the pleasure center in the 
brain. Experiments have shown that, when 
this center is stimulated, it is the most 
addictive experience possible. Rats will 
forego food, endure electrical shocks, 
starve, and even die to obtain stimulation 
of this center. Obviously a device capable 
of generating signals that evoke direct 


stimulation of the pleasure center in 


humans would be a powerful weapon. 


Extending the Data Base 


See Figure 12. After the researchers 
have made an "individual porthole signal 
insertion" correlate database, then they 
would make a "two, three, four," porthole 
signal insertion correlate database by 
inducing selected multiple changes at 
once. Again they would analyze 
everything; the program would need one or 
more supercomputers. It would also 
require quite a highly qualified 
multidisciplinary team, extensive facilities, 
substantial funding, and would be many 
years in duration. We are describing a 
decades-long program. But it's a doable. 

With sufficient development and 
performance of such a program, the 
researchers would have produced (with 
sufficient testing and analysis, and 
sufficient retest validation and verification) 
a database of "specific correlates for a 
given overall desired physical, mental, or 
physical and 
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mental delta." 


A second stage in the research would be 
to test the correlates and porthole 
insertions upon a statistically significant 
cross section of ordinary people, and/or 
specialized populations (such as toughened 
soldiers). The program would evolve a 
highly complex, very effective, ever- 
improving science and technology of mind 
and behavior control and engineering 
mechanisms, complete with finished 
database and developed applications 
equipment. 


The Dielectric Body as a Ship With 
Portholes 


Again let us review what the EM 
transverse wave irradiation from the body 
dielectric represents. Think of the body 
dielectric as a sort of "ship", with lots of 
portholes. When it gets irradiated, certain 
operations happen internally to that 
radiation, i.e., certain "processes" and 
"interactions" occur, which change both 
the mental and physical states. The output 
emissions back from the body dielectric, 
out through the filtering "portholes", will 
directly correlate to what has happened 
inside the ship. 


It is terribly important to realize that one 
can use the same frequencies and spectra 
coming back out of those "portholes" to 
insert EM signals and waves etc. back in 
there, and into the deepest processes going 
on in the body and in the mind (at all 
levels, including the deep unconscious). 


times. So it will reach directly into and 
affect any and every part of the dielectric, 
as you wish, and in whatever manner you 
have correlates for. 


We filed an invention disclosure“ on the 
above correlate and "back-porthole" 
process for use in directly inducing full and 
efficient conversion directly to time- 
density (scalar, or time-polarized) EM 
waves inside the body/ cells, therefore 
immediately and directly time-excitation 
charging the body cells and all their 
internal components. 


Subtracting the Normal Correlates 
to Obtain the Deltas 


A specifically diseased body, e.g., has a 
specifically tailored change in its "normal" 
emission spectra, because of the disease 
condition alteration of its resident 
spacetime curvature engine. By having a 
database for the normal emission spectra of 
the healthy body, one can subtract it from 
the actual emitted spectra, to obtain the 
"delta spectrum". 


If the correlates have been previously 
determined by the above mentioned 
research program, then one may simply 
introduce an amplified "delta spectrum" 
into the body, i.e., through the portholes. 
This will immediately time-excite the cells 
and their components throughout the body, 
particularly where that disease does exist. 
It turns out that the time-excitation 
charging by that method will "pump" those 
diseased cells in the time domain. The 
cells themselves (and all their parts) are 
highly nonlinear—to time-excitation 
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Remember, whatever you put back in charging, they are totally nonlinear. So 


there, is going back through the they will act as rather perfect pumped 
"mixmaster" hopper. It will be iteratively phase conjugate mirrors, but pumped in the 
phase conjugated and interfered with by time-energy domain rather than in the 
everything, countless spatial 
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Figure 12. Using an amplified replica of the body's own dense, broadband signal 
complex, containing added alterations, to irradiate the body and produce 
deeply-penetrating precise time-density charging for cellular time-reversal 

while steering the time-reversal trajectory to also correct a congenital condition. 
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Figure 13 


energy domain. This is a dramatic 
extension to nonlinear phase conjugate 


optics theory. 

General relativity tells us that each 
specific detail of the mass and energy 
structure of each cell and all its parts— 
down to the finest details—is accompanied 
by a precise set of spacetime curvatures. 
By reintroducing the same energy as the 
disease delta TW waves, the affected cells 
add the phase conjugates, converting the 
inserted TW signals into longitudinal EM 
wave signals. The longitudinally-pumped 
cells again phase conjugate, converting 
these longitudinal EM waves to time- 
polarized EM waves, and "charging" the 
cells and all their parts in the time domain. 

Suddenly, at that point the resident 
spacetime curvature engine—rather than 
TW or LW EM waves-serves as the "input 
signal" to the cell-and-its-parts as pumped 
phase conjugate mirrors (PCMs), pumped 
in the time domain. An extension to the 
distortion correction theorem of nonlinear 
optics results. An exact, amplified 
antiengine for the diseased cells—i.e., a 
phase conjugate replica of the resident 
spacetime curvature engine—is formed. 
This amplified antiengine overpowers the 
resident disease engine, powerfully time- 
reversing the cells and their components 
back to a previous healthy state. The time- 
reversal actually occurs over a period of 
time after the "time excitation charge-up" 
ceases, say over the next week or two. 
Usually two to three quick irradiations are 
required, one week apart, to give a time- 
reversing period of three to four weeks. 

Even though appreciable forces are 
operating internally upon the cells and all 
their parts, there is no net translation 


force upon the cells or any part. E.g., as 


Pepper” states, 

"On a more fundamental level, the ideal 
lossless PCM reverses all the quantum 
numbers of the incident photon (i. e., linear 
momentum, angular momentum, etc. ). It 
can be shown that the PCM therefore 
experiences no linear or angular 
momentum transfer from the incident 
photons; hence, the PCM is free from 
photon radiation pressure and torques." 

Note that, in ordinary EM theory, it is 
precisely translation forces that are 
engendered upon charged mass by EM 
fields. This process is quite different. In 
biological terms, this process 
dedifferentiates (in physics: time-reverses) 
the diseased cells and all their components 
—including the genes—back to an earlier 
healthy state. 

By taking a diseased body and feeding 
back into it an exact amplified replica of its 
emitted TW spectrum, one can force the 
body to "time-excitation charge" all cells 
and their components immediately, with 
high efficiency. The human body and 
every cell and every part of every cell does 
the necessary "calculation" for the exact 
antiengine for each part. Since time is 
extremely condensed spatial EM energy 
(by a factor of almost 10!”), a startling 
contraction occurs in the radiation time 
required to time-charge the cells and their 
components and charged particles. This is 
a method for instant initiation of time- 
charging, hence it is extremely rapid. 
What took Priore several hours of LW 


irradiation to accomplish in the body,2 can 
now be done in seconds with this 
"thwarting" and spectrum transduction 
method. In fact, it is an intense stress on 
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the body, and—say—should only 
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Figure 13. Portable first-method treatment unit proposed to the Department of 
Defense. For treating and curing mass casualties from terrorist BW 
attacks on U.S. population centers. 


EXPLORE! VOLUME 9, NUMBER 4 & 5, 1999 





http://www.cheniere.org/explore%20articles/mind%20control3/p03.htm (2 of 2)24.4.2005 23:43:48 


Mind Control and EM Wave Polarization Transductions 


be continued for 30 seconds or so. We 
highly stress that overcharging in this time 
domain can be detrimental or even lethal if 
prolonged. 

At the end of the very short time- 
excitation charging time, the body is "time- 
excitation charged in all its minutest 
particles". So everything is therefore 
pumped in the time domain for the next 
several days after the irradiation is 
removed, since the time-charge decays 
very gradually over a period of time. 
During that decay period, every part of the 
cell and body acts as a pumped phase 
conjugate mirror material, pumped in the 
time domain rather than in the 3-space 
energy domain. When time-pumped, the 
mass itself reverses to a previous physical 
state. This can be used for both nonliving 
and living masses. Because there is no 
forcible translation manipulation of the 
cells and their parts, it can be utilized on 
living cells in vivo. In the case of diseased 
cells—e.g., AIDS-it appears that three 
precisely determined 30-second "AIDS 
correlate" irradiations a week apart, should 
be sufficient to completely cure AIDS, 
including removal of all HIV-genetics 
changes from every previously infected 
cell of the body. Also, it would 
accomplish considerable rejuvenation of 
the body (making the body younger). 


Rejuvenation: Restore the 
Telomeres and Produce Immortal 
Cells 


Saving Most of the Casualties from 
Mass Terrorist Attacks 


To defend against things like anthrax 
attacks on our civilian population centers, 
we also have recommended to the U.S. 
Government the crash development of 
small, portable treatment machines—using 
similar "antiengine-forming" and cellular 
reversing "porthole technology". [See 
Figure 13 on previous page]. Such 
portable machines could be developed 
cheaply and quickly, and present 
government facilities could be used to 
massively attack the correlate database 
production problem. The portable 
treatment units could be cranked out by the 
hundreds of thousands and flooded down 
through emergency response agencies such 
as the police forces, the National Guard, 
emergency hospitals, emergency response 
teams, etc. 

Each device could be used in "assembly 
line" fashion upon hundreds of sickened 
patients, in case of a WMD (weapons of 
mass destruction) attack upon one or more 
of our cities. The first generation 
equipment would save probably 70% of 
the stricken (as from anthrax, etc. ). With 
second generation equipment, one would 
expect 90% of the stricken casualties could 
be saved. 

Just now, there is a very dim prognosis 
for all those casualties, using present 
available treatment capabilities. Time and 
lack of vaccines defeats just about 
everything that can be done. Brutally 
speaking, most of those unfortunate 
enough to breath in anthrax spores from an 
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In fact, it is now known that the gradual 
loss of the telomeres—the natural ends of 
chromosomes—in a cell's chromosomes is 
what causes the cell to age. The gradual 
loss of the telomeres and the resulting 
shortening of the chromosomes represents 
a cellular "disease state" or "disorder" 
state" accompanied by a precise delta in 
the spacetime curvature engine 
accompanying every affected (aging) cell. 

By determining the correlate for that 
precise telomere loss in the aging body's 
emitted radiation spectrum, an effective 
telomere regeneration process immediately 
emerges. One simply amplifies that aging 
"precise telomere reduction" correlate and 
reradiates the body with it, passing an 
amplified correlate back into every cell of 
the body. The cells and all their parts— 
including the chromosomes—add the 
phase conjugate replicas, converting the 
incoming TW EM correlates to 
longitudinal EM wave correlates. The 
cells again phase conjugate the LWs and 
add the phase conjugate replicas, 
converting the LW correlates to time- 
polarized EM wave pumping correlates. 
This latter process time-excitation-charges 
the aging cells and all their parts, including 
the genes and chromosomes. The cellular 
matter itself produces the amplified "aging 
antiengine" for each and every cell and 
telomere ending. The result is to again add 
telomeres, converting the cell back to a 
younger, more vigorous cell, and reversing 
the process of aging. 

We point out without further elaboration 
that these methods also introduce direct 
engineering signals into the body's master 
cellular control system, including the 
regenerative subsystem. Hence the body's 
regenerative subsystem is involved in 
helping produce the necessary engines and 
operate upon the short telomere chains to 
add back telomeres. More specifically, the 
regenerative subsystem is changed into 


attack, are going to die. At least 80% of 
them will expire, in spite of everything the 
present system can do for them. 

Note each device could rapidly treat a 
whole series patients, one right after the 
other, merely laying them between 
"plankets" containing wire antennas, 
irradiating with the proper correlate 
spectrum quickly, moving on to the next 
patient, irradiating quickly (seconds), etc. 
The entire apparatus could be made to fit 
in a large suitcase-sized container, and it 
would be highly portable and controlled by 
a laptop-sized computer. 

Unfortunately, so far the DOD doesn't 
even understand what the heck we're 
talking about! The National Institute of 
Health (NIH) and the National Science 
Foundation (NSF) are not interested at all. 
After all, it isn't drugs, vaccines, 
antibiotics, etc. — which are simply not 
going to do the job. However, those are 
what the government and scientific 
communities are going to finance to the 
tune of hundreds of millions of dollars. 
They are then going to lose almost all 
those mass casualties when the terrorist 
attacks on our population centers 
inevitably occur. 

Those are Americans. They are going to 
die. Most of them could be saved. We 
ought to save them. 

For any change in state (physical, 
chemical, emotional, mental, perceptual), 
the body dielectric "portholes" change and 
the output spectrum changes. The delta 
from zero reference now represents that 
exact change. 


Where Western Mind Control 
Research Has Probably Arrived 


Western mind control researchers 
probably first established a correlation 
database of porthole emission correlates to 
changes in internal states, both physical 
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perfect consonance with the external 
introduction of the amplified antiengines. 
That exact process can be used to 
rejuvenate the aged population and remedy 
most of the debilities of growing old. That 
is how we eventually intend to do it, if we 
can convince the U.S. government and the 
U.S. scientific community to perform the 
necessary research and validation. 
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and mental. They almost certainly 
recognize the peculiar participation of 
every part of the body dielectric in the TW 
emission spectrum from the body. They 
will almost certainly have opted for this 
"porthole" notion of some similar 
expression of it, and the "thwarting" of 
these "relaxation and release" emission 
processes to engender internal physical 
changes in the body and in the brain-meat- 
computer, as they see it. 
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They probably experimented with 
different TW EM radiation mixes, to see 
what the body emission change to, and 
what states are induced. Undoubtedly they 
found that the induced states began to 
correlate with the former emission delta 
data base. That is, they found out which 
delta emissions spectra, reversed and 
amplified and fed back thorough the 
portholes, produce what internal changes. 

Use for healing is the simplest of all. 
Use for killing or debilitating is more 
complicated. Of course weapons 
researchers wish to look only at the killing 
aspects. That is something they 
understand. They do not understand 
healing, for they do not even have the 
"regenerative" or "healing" mechanism in 
any of the scientific papers or texts. 


Becker® came closest in this country, and 
Priore did it in France. Both of those 
scientists were suppressed and paid a bitter 
price for their revolutionary and innovative 
research. 

But look at what has been done, by 
"input-output" correlation research. The 
scientists will have a database now, that 
tells what state emerges in the body and in 
the mind, for what irradiation spectra 
(frequency, relationships, phases, 
amplitudes, wave shapes, etc.) one uses. 
And they did not work out all the wave-to- 
wave transductions ongoing in the mind 
and body connection and in the body and 
in the mind, individually, between 
TWULWUTDW. 

We suspect that this is the course 
Western mind control researchers will have 
taken, without even realizing the internal 
wave transductions occurring. And they 
would not be concerned with that. They 
would have what they want, for weapons, 
mind control, and behavior control. And 


of the internal "mix" of the dielectric and 
all its tiniest portions. So Western mind 
control researchers and rogue groups 
probably do get good results. 

We are not just picking on the U.S. 
government here! Internal divisive groups 
exist in all large and powerful groups, and 
joust for power. In highly classified 
groups, these groups are greatly enabled to 
joust more widely, unethically, and 
immorally because it is so deeply hidden. 
So very deep classification evokes the 
growth and intensity of rogue groups. It's 
the old "Power corrupts, and absolute 
power corrupts absolutely" routine. 

The implication is that in the West one 
or more highly classified, sustained, 
heavily funded developments in advanced 
mind control programs, probably exists 
and probably has existed for some time. 
Due to loose formation of rogue groups 
inside such programs, they may have dual 
or triple purposes, may not operate under 
very much legitimate government control 
at all, and may operate specifically for the 
purposes of the rogue group or groups that 
have gained control. 

In a nutshell, that's what may be going 
on in the clandestine mind control projects 
in several Western governments. The 
involvement of at least some rogue groups, 
some being "cowboys" who operate well 
outside all laws and ethics, could also 
result in such things as assassinations, 
clandestine testing on individuals without 
their consent, etc. In short, it could 
account for what seems to be actually 
occurring. As also is "usual" in such a 
mess, one or more of the rogue groups 
eventually may become very powerful 
because their secret weapons are very 
powerful. They may become confident, 
thinking they have the "best in the world." 
They may actually believe they are ahead 
of the Russians. 
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they would of course ignore the healing 
aspects. And they would get results of 
course, revolutionary results. So they 
would undoubtedly classify the program 
very highly, thinking that they had the best 
of the best. 


Rogue Groups May Also Have 
Arisen to Divert the Purpose of the 
Projects 


And that is where real problems may 
arise. Every human group has within it 
competing subgroups, jousting for power. 
The more highly classified the group and 
its activities, and the less that is known 
about it outside its confines, the more 
strongly and secretly the subgroups can 
play. So they can emerge as rogue groups 
pursuing their own agendas, not that of 
their duly elected governments. In the 
extreme, such a deep black program can 
even become a "captured" program, which 
is totally in the hands of rogues and no 
longer reports to or is bound by the dictates 
of the parent government. 

It has long been suspected in some 
quarters that even the US's highly 
classified research community may be 
riddled by such rogue groups, and so may 
be certain highly sensitive parts of the 
Research and Development community. 

Remember that, in every large and 
powerful human organization, the basis for 
rogue groups is power and secrecy. They 
are always seeking to increase their power, 
control, influence, prestige, etc. Nothing 
else. Patriotism and mission are—to rogue 
groups—often just idle words. They have 
their own agendas. And being rogue 
groups, they may well bring in unethical, 
immoral tricks: assassination, bribery, 
entrapment, disinformation, plausible 
deniability, etc. A certain percentage of a 
highly secret rogue group will wind up 
using all these things and more. It's a 


Where the Russians Probably Have 
Arrived 


On the other hand, the Russians will 
have developed instruments for detecting 
and isolating the LWs and the scalar 
waves, in addition to the ordinary mundane 
instruments for measuring the TWs. So 
they will have not only the TW correlates, 
but also the much finer TWULWUTDW 
(scalar EM wave) correlates. They will 
understand and employ the use of vacuum 
engines (spacetime curvature engines) 
which Western researchers will often 
invoke but not understand or even be 
aware that this is what is being invoked. In 
other words, Western researchers probably 
just use the old method of "input fi set of 
functions fi output". That is the standard 
basis for almost all Western system 
analysis. With it, one doesn't have to know 
the exact functions and processes going on 
in the middle. One just determines a 
transfer function from a given input to the 
output that results. Then one catalogs that 
transfer function. One does that for lots 
and lots of transfer functions for 
particularly desirable results, and one has 
the system analysis. One also has the 
immediate basis for a rapidly-developed 
applications technology. 

Western scientists are good system 
analysts. But they have little or no 
comprehension of what is really going on 
in that "inside the ship functions" portion, 
even though they have determined the 
transform function which acts upon the 
input to give the "from the portholes" 
output. 

The Russians, with their additional 
knowledge of the actual mechanisms in the 
transforms, will be much more advanced 
than the West, because their fundamental 
psychoenergetics science is far more 
advanced, so long as we continue to use 
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human characteristic, the old primate 
dominance game. Only now disguised and 
hidden under deep classification. 
Nonetheless, the "simplified" TW EM 
"porthole correlate" approach will yield 
very positive results, due to the correlation 
existing with the LW s and scalar portions 


the old U() electrodynamics. Further, the 
Russians have decades of use of 
longitudinal interferometry beams to reach 
right through the earth and ocean and 
produce stringent EM effects at a distance. 
So they will also be able to do the same 
things here in "mind control" with LW 
interferometers, through intervening mass 
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including the earth and ocean. Western mind-control 
scientists and their rogue groups—assuming they exist as 
postulated—tlargely will not be able to do that, and 
probably won't even recognize Russian testing of 
psychoenergetics weapons directly in or over Western 
nations. 


Russian Lethal Psychoenergetics Mind Control 
Tests Over the U. S. 


In fact, the KGB tested just such highly advanced mind 
control weapons over the middle of the United States in 
1997 on two occasions. The tests were conducted against 
Captain Button in his A-10 "Warthog" aircraft on April 2, 
1997 [See Figure 14], and upon Captain Svoboda in her A- 
10 "Warthog" on May 27, 1997. [See Figure 15]. 

Over Arizona, Captain Button was thrown into a 
hypnogogic state, and his perceptions instantly altered and 
controlled. In his instant "dream-waking" state, everything 
seemed perfectly normal. His sense of direction was 
altered a bit more than 90 degrees, so he simply corrected 
and turned and "flew toward the range", actually flying off 
course by more than 90 degrees and ignoring radio 
contacts. He flew right on out of Arizona. At one point he 
circled, probably thinking he was over the range, and he 
probably dropped his ordnance there. Then he "flew on 
back toward home," as he thought in his waking dream 
state, until his fuel ran out and he crashed and died in the 
explosion—dream-thinking until he died that everything 
was normal. All the while, his sense of the passage of 
time was altered. To him, in his dream-thinking, dream- 
acting 
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state, everything was normal and nothing untoward had 
happened. So the distant KGB transmitters and associated 
psychoenergetics team controlled him for over an hour. 

Indeed, that was the exact purpose of the test: 
demonstrate control (at a great distance) of a skilled 
person performing highly skilled tasks. A secondary 
purpose was to stimulate the U.S. government, watch its 
investigation and findings, and ascertain if the U.S. knew 
of the extent to which Russian KGB mind control 
weaponry had advanced. Obligingly, we proved to me 
KGB that we did not understand what had actually 
happened to Captain Button. 

Captain Svoboda was from the same Wing as Captain 
Button and was its most experienced night fighter A-10 
pilot. In fact, she taught other pilots the fine points of 
night flying combat missions in the A-10. About two 
months after Captain Button's bizarre flight and death, 
Svoboda was engaged in night target bombing on the 
range. Rising from her ordnance drop on me target, 
Svoboda was suddenly struck and rendered hypnogogic 
and in a waking-dream state. Her sense of the vertical was 
instantly reversed. Superb pilot that she was, she 
immediately dream-perceived she was diving, not 
climbing out of the delivery. She instantly corrected to 
"climb out". So in the real world she dived sharply into 
the ground and her aircraft exploded. 

This test demonstrated the instant alteration of a skilled 
pilot's perception, causing that pilot to inadvertently react 
promptly in an unintentionally suicidal manner. A 
secondary purpose of the test was to stimulate the U.S. 
government system again, to see if the system recognized 
what had 
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A-10 Mysterious Flyaway and Crash 


April 2, 1997 


Armed with: 


- Four 5004b bombs 
- 30 mm Gatling gun 
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Figure 14a. Captain Button’s mysterious flyaway and eventual crash. 
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occurred. Sad to say, it did not and it has not. It was 
lamely speculated that Svoboda probably looked over her 
shoulder like a rank greenhorn, and inadvertently dived 
her aircraft into the ground while looking back at the 
target. If there was one pilot in the USAF who would 
have not done that, it was Captain Svoboda. At any rate, 
the KGB determined that the U.S. scientific, intelligence, 
and governmental communities did not have the foggiest 
notion of what had occurred. 


In private proprietary communications we have 
explained further, to proper parties, exactly the reasons for 
these two tests, and what exactly was being tested, and 
what is its planned strategic use. 


The Final Race for Direct Mind Control of the 
Entire Human Species 


The KGB psychoenergetics weapons scientists— 
because of their direct measurements and detections (and 
use) of t-polarized waves and LWs for decades—also 
understand that Jung's collective unconscious mind (of the 
entire human species) also has its own time-like operations 
and correlates, which one measures also when using t- 
polarization measurements and sorting it all out. The 
collective unconscious mind operations are buried several 
levels deeper inside the recursive Whittaker structuring 
inside the EM fields, waves, and potentials. 

The KGB scientists also know that something very like 
Gaia— a collective unconscious mind for all species on 
earth—also exists, and they are striving to be able to sort 
out and measure that one as well. The Gaia operations are 
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buried even deeper in the recursive structuring inside the 
EM fields, waves, and potentials. If one reads some later 


books by Kaznacheyev,” e.g , this human species 
unconscious mind aspect and the biosphere unconscious 
mind aspect emerges loud and clear, if one interpolates 
between the lines, so to speak. Actually, from day one, the 
Russian mind control scientists have had their eventual 
goal set upon this "deeper area of mind and possible mind 
control" of the entire human species. 

I am convinced that the KGB psychoenergetics 
scientists understand this deeper area. If they can learn to 
directly engineer the collective human species 
unconscious, they can then convert the human species 
easily into a sort of "ant" society, modeled along ideal 
Communism lines, except of course with an excluded 
"hierarchy at the top" running everything. The "ant 
society"—communist style—is still a variation of 
feudalism (all systems tend to feudalism or some form 
thereof). 

The KGB psychoenergetics weapon scientists are 
seriously pressing on toward that very goal. In my opinion 
they are not very far from it right now. It is simply a 
matter of developing sufficiently complex equipment to be 
able to directly engineer the time-domain substructuring at 
sufficiently deep levels. It is a doable, although it is very, 
very complex and very, very difficult. On the other hand, 
they have been at it for decades. Even in the 50s the 


Russians already had the old LIDA device,” capable of 
inducing a catatonic trance-like state in a mammal—either 


12 . 
a human or a cat, ~~ for example. Some versions of 
Russian mind control devices were used on Russian 
soldiers in the 
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Figure 15. Captain Svoboda dives headlong to her death. 
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Afghan War to condition them for 


; IZ 
performance of merciless acts.~ 


Potential U.S. Rogue Groups and 
Two Recent Examples 


Meanwhile, rogue groups amongst 
Western clandestine mind control 
researchers will probably arise if they have 
not already done so. They will likely seek 
to increase their personal control and 
further isolate the programs from orthodox 
government review and from government 
and legislative control. They may even 
divert the research into highly illegal and 
unethical means, because it furthers their 
own rogue agendas. That is how 
clandestine U.S. government research can 
sometimes go sour, unless great care is 
exercised by the oversight committees in 
the House and the Senate. 

Sometimes when rogue groups do gain 
control and total secrecy of a given new 
technological area, then what appears to be 
"U.S. government operations" do start to 
encompass a criminal and unethical 
operations, hidden usually beneath the 
deep veil of high classification. Also, if it's 
"scientific," no one is ever brought to 
justice, even if the "evil science actions" 
are uncovered and publicly revealed. 


We Certainly Have Proof of Such 
Rogue Activity. For Example, Here 
are Two Prominent Cases: 


1. For three decades, scientists from 
the U.S. government, universities, 
and civilian contractors secretly 


as a result of those ghoulish 
experiments. So what 
happened when this 
gruesome thing was 
revealed? Again President 
Clinton publicly 

apologized! The head of the 
Executive Branch did not 
turn the macabre matter over 
to his Attorney General to 
prosecute. How many of 
these scientists were 
indicted? Not one. How 
many are going to be 
indicted? Not one. Suppose 
again this had been done by 
a private doctor in his own 
private clinic. You get the 
point. 


There is Little or No Punishment of 
Rogue Scientific Groups 


Shockingly, the U.S. government at the 
highest level has directly shown (and these 
are not all such cases by any means!) that 
mass crimes against U.S. civilians, 
perpetrated by portions of the U.S. 
scientific community in direct conspiracy 
and in secret, will likely be condoned. The 
perpetrators will not be indicted, tried, or 
convicted. 

Note the connection of the "rogue 
groups" thesis to the above incidents. Note 
how rogue scientific groups got away with 
it in both these cases. There may be other 
rogue scientific groups getting away with 
such things today. They should not be able 
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conspired to treat unsuspecting 
human patients with whole body 
nuclear radiation, including some 
retarded children and cancer 
patients. Some of those patients— 
including some of the retarded 
children—died as a result. These 
illegal experiments were conducted 
in great secrecy, and the results 
were highly classified. Eventually 
these actions were revealed, and a 
Presidential investigation 
committee investigated. These 
experiments would seem to be little 
different from the WWII Nazi and 
Japanese experiments on human 
prisoners. Are those U.S. scientists 
who were responsible for those 
retarded children's’ deaths any 
different from the Nazi scientists 
and criminals we executed at 
Nuremberg? So what happened 
when this terrible thing finally came 
out into the open? President 
Clinton publicly apologized! How 
many of the responsible scientists 
were indicted for murder? Not 
one. None is ever going to be. 
Suppose a doctor here in South 
Alabama, with his own private 
clinic, had secretly irradiated those 
human patients and retarded 
children with whole body nuclear 
radiation, over a period of 30 years, 
resulting in some agonizing deaths. 
How many state and federal 
agencies would have come after 
him with arrest warrants? Probably 
about 50 or so. Would he have 
been indicted, tried, convicted, and 
executed or sent to prison for life? 
Absolutely! Would the President of 
the United States have apologized? 
Not on your life; he would have 
turned it over to the U.S. Attorney 
General with a strong directive to 


to get away with it. But they can. 

Perhaps a most startling additional part 
of those two incidents is that there was no 
great public outcry from the scientific 
community, deploring these murders and 
demanding that the criminal scientists be 
indicted and tried. 

As the old saying goes, "By their silence 
they have convicted themselves." The 
organized scientific community, as a 
community, has shown that it has little or 
no ethics, and—while deploring any 
scientific murdering that "gets revealed,"— 
is not really interested in justice. In short, 
much of the U.S. scientific community 
may now have very little ethics left. 

We are not talking about normal 
individual scientists, but the Big Science 
community. There is a whale of a lot of 
difference between the two. In the Big 
Science community, there can be and there 
are rogue groups. Lots of them. There is 
deep cover, deep classification. And there 
is very probably advanced mind control 
research and testing, be it legal or illegal. 
Hopefully most of it is legal and 
constrained. However, some of it is almost 
certain to be illegal and ill constrained. 

Human beings are still human beings. 
All the good and evil is still there, 
regardless of the group. The stage settings 
change, but the cast of characters and the 
play never change. 

It's sad, but 'twas ever thus. Hidden 
parts of our own governments—and other 
governments throughout the world—are no 
different from the old medieval groups, 
where nobles etc. were always plotting 
against the king, or using the king's power 
for their own nefarious end. The rogue 
groups today are no different from all the 
scheming and conniving groups that 
destroyed the Roman Empire. Great 
empires fall from within, not usually from 
without! 
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investigate and prosecute on 
criminal charges. 

2. Again for three decades, scientists 
from (i) the U.S. Government, (ii) 
universities, and (iii) civilian 
contractors conspired to give poor 
syphilitic blacks in Tuskegee, 
Alabama a placebo while ostensibly 
treating them for syphilis. The 
purpose of the program was to 
deliberately observe and record the 
ravages of the disease to its fruition 
in their wracked bodies. So the 
scientists deliberately sat there and 
watched their brains rot and their 
bodies rot. They kept meticulous 
notes, of course. It was very 
scientific. And it was macabre. 
They "treated" some 400 blacks in 
the "program." Over 100 blacks 
died 


Conclusion 


This concludes our brief portrayal of the 
probable directions that mind control 
research has taken, in Russia and in the 
West. It is a novel and powerful area, and 
it poses both severe dangers and great 
benefits to all the peoples of the Earth. 

Let us hope this great new area, already 
off to a bad start, can be bridled and 
steered in the direction of helping and 
healing people, rather than killing or 
abusing them. The excesses in its bad use 
are a potent threat to all nations on earth. 
Yet it can revolutionize medical science, 
education, communication, and 
psychology. Eventually it can engineer the 
mind and memory directly, beneficially. 
We foresee the day—perhaps 30 years 
hence—when education will be 
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accomplished by directly loading the 
software into the mind. Then in three 
weeks one will "load" a doctorate, say, in 
physics. In three more weeks one will also 
load a doctorate in chemistry. Another 
three weeks, in electrical engineering. 
Another three weeks, an M. D. And so 

on. When that happens, then truly 
everyone on earth can be educated. 
Freedom from ignorance may well be 
another great freedom that is legally 
recognized. There will be no impoverished 
large groups lacking the education to find 
decent, productive jobs. 

We urge all nations to use the principles 
involved: not for human abuse, but for 
healing, educating, uplifting, and life- 
expanding of every person on Earth. If we 
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do, we shall all have a far brighter future. 
Then we shall check what has started out 
to be the Sword of Damocles and turn it 
into the golden Millennium. 

We are reminded of a poignant quote 
from Teilhard de Chardin: 

"Someday, after we have mastered the 
winds, the waves, the tides and gravity, we 
shall harness for God the energies of love. 
Then for the second time in the history of 
the world man will have discovered fire." 

May the nations of the world utilize the 
new mind engineering science to truly free 
all minds into a common love of, and 
respect for, their fellow humans of every 
color, creed, and circumstance. As de 
Chardin envisioned, may we use the new 
science to discover a new fire, burning 
clearer and brighter than anything that has 
gone before. # 
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THE NEUROPHONE 


Another device that uses the new hyperspatial, virtual state, nested 
modulation technology (and has done so for seventeen or eighteen years) 
is Dr. Pat Flanagan's neurophone. With brilliant insight and intuition far 
beyond that of science at the time, Pat invented and patented the 
instrument by the time he was seventeen years old. The neurophone is a 
device that, contrary to all present theory and knowledge, will directly 
"pump the brain" and reproduce sound and information directly in the 
brain and mind system, without going through the auditory system at all. 
A simplified diagram of Pat's improved neurophone is shown in Figure 
11. 
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Figure 11. A simplified diagram of the improved Flanagan neurophone 
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Briefly, the device takes a complex signal, such as the sound of an 
orchestra playing a musical interlude, and electrically processes it as 
shown in the figure. First the signal is passed into a section that clips 
everything into a series of square waves, remarkably analogous to the sort 
of clipped waves Lisitsyn confirms are the information carriers of the 
human brain. Next the square waves are differentiated, yielding a series 
of sharp spikes (note that these spikes retain the pulse-time content of the 
clipped signal). These spikes are again differentiated, and since these are 
finite spikes with real nonzero rise times and decay times rather than 
theoretical constructs, a series of noisy spikes results from the second 
differentiator section. From here, the noisy spikes are introduced to 
special contact electrodes, one of which is normally placed on the 
forehead, while the other may be placed almost anywhere, including on 
the foot. Nowhere are any sound waves introduced to the head. 

The square-wave clipper section reduces the complex signals, their 
overtones, and their complex modulations to square waves, retaining the 
temporal content of the wave mix but not the waves themselves. The first 
and second differentiators heighten or filter through the temporal content 
of the higher-order differentiations, that is, they serve as a band pass filter 
unit to accent the time keying of the neutrinic and mindfield portions or 
aspects of the signal. When these time spikes are then introduced across 
the body as pulsed voltages, they are modulated directly on the dendrite 
firings of the brain and nervous system, providing direct and pulsed 
modulation of the neutrinic and mindfield component channels of the 
mind-brain-consciousness-life loop itself. Thus the neurophone directly 
inputs information into the brain and nervous system, bypassing all the 
normal sensory systems that lie between the mind-brain loop and the 
outside environment. 

Indeed, a similar development has been reported by two University of 
Missouri researchers. Dr. Donald York, a neurophysiologist, and Dr. 
Thomas Jensen, a speech pathologist, have recently reported identifying 
and decoding twenty-seven words and syllables in specific brain wave 
patterns and correlating these electroencephalographic patterns with both 
the spoken word and the silently thought word in about forty subjects. At 
present, Dr. York and Dr. Jensen are programming a computer with a 
brain wave vocabulary, to monitor and read the EEG of a stroke victim's 
brain and help stroke victims who have lost their powers of speech to 
communicate. 

While all such developments can obviously be misused, their potential 
for assistance to mankind is enormous. Indeed, my own premise that 
brain linkage is possible and can be used to advance all mankind to the 
sixth stage of species evolution is slowly being proven. It is within our 
reach now to develop a multi-channel communications system that will 
directly link brains, minds, and consciousness into a single functional 
being; and I have already pointed out that the psychokinetic power of the 
emergent entity increases exponentially with the number of linked stages. 
The normal corpus callosum linkage of the two cerebral halves in each 
human head proves that brains, minds, and beings can be linked and 
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integrated into one. 

The Excalibur Briefing details the basic concepts of the theory involved 
in hyperspace-virtual state engineering, and thus in the engineering of 
mind-life-consciousness links to multicellular organisms here on earth. 
Pat Flanagan's neurophone proves that complex information can be 
implanted directly in the brain and mind, bypassing the normal isolating 
barriers. Drs. York and Jensen have shown that the brain wave does 
indeed contain recognizable, decodable information analogues. Lisitsyn 
has already reported measuring the number of independent channels 
involved and has documented the importance of the clipped brain waves 
as opposed to the sine-wave content. If we have the vision, we can still 
develop a brainlink and rapidly apply it to link sixty to one hundred 
persons, thereby opening a conscious, multidimensional "eye" for the 
collective human unconsciousness, gently rousing ZARG into 
wakefulness, and fulfilling human destiny without undergoing the 
psychotronic Armageddon planned by the Soviets. The time is short, but 
it can still be done if the funding, the vision, and the team can be 
established on a crash priority basis. 


SOVIET "WOODPECKER" SIGNALS 


But, as I have said, all this can be used for the detriment of mankind as 
well as for its benefit. Unfortunately, it appears that the Soviet Union has 
chosen to weaponize the effects on a global scale. A prime example is the 
"woodpecker" signals emanating from the USSR in the 5-30 megahertz 
region and interfering with communications around the earth. 

These complex woodpecker signals appear to originate from two or 
three dozen powerful Soviet transmitters, each with a power estimated as 
high as 40 megawatts (Figure 12). 


http://www.cheniere.org/books/excalibur/neurophone.htm (3 of 6)24.4.2005 23:51:59 


THE NEUROPHONE 


SYNCG'ED ON 
ALL CARRIERS 





CARRIER 
BRAINS LOCKED WITH 
IN PHASE TO ADDITIONAL 
a 10 HA MODULATION DETRIMENTAL 
CARRIER ~ ™~ MODULATIONS 
—— — — —_ —< £10 He > 
mu, 
“a 


3-30 MEGAHERTZ 
BAND 


Figure 12. The Soviet "woodpecker" signals 


The pioneering experimental measurements of these signals by Dr. 
Robert Beck and William Bise have shown just how deadly a potential 
may be possessed by the signals. These measurements have been 
performed in Eugene and Portland, Oregon; Los Angeles, California; 
Huntsville, Alabama; and several other locations. They have been 
particularly significant on the West Coast in and around Eugene, Oregon 
because of the presence of a direct current transmission line several 
hundred miles long, which has acted as a long wire antenna, picking up 
the signals and rebroadcasting them with appreciable gain in the vicinity. 

Typically the signals may be found on, say, sixteen different carriers 
between 10 and 20 megahertz. Twelve of the carriers may appear normal, 
with normal side-bands, and the other four may have the carrier and both 
sidebands suppressed but still show the biologically significant 
modulation (for example, 10 hertz). On all sixteen channels a strong 10 
hertz modulation may appear, all perfectly time synchronized and in 
phase channel-to-channel. The received signal from one of these carriers 
may be twenty-five to thirty times as strong as the earth's back-ground 
magnetic field, which is oscillating at approximately 7.0 to 7.5 hertz. 
Other complex modulation frequencies, many of them changing, are 
present on the various channels. 

Normally, the brainwaves of mammals in an area are gently entrained 
by the normal oscillations of the earth's magnetic field and are oscillating 
along at, say, 7.5 hertz. Under continuous radiation from the Soviet 
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woodpecker signals, a percentage (say 30 percent) of the mammalian 
brains may be captured by the 10 hertz modulation on the overpowering 
Soviet signals. These captured brains are now in forced oscillation and 
are riding along in phase with the 10 hertz Soviet modulation. In other 
words, a certain percentage of the human brains in an area will phase lock 
to the 10 hertz modulation, and that will effectively lock into those brains 
the sixteen carrier frequencies with their concomitant frequency mixes 
and complex signal modulations. If the signals are made much more 
powerful (for example, by focusing them onto one particular area or 
increasing the power of the transmitters), then a much higher percentage 
of brainwave entrainment can be accomplished in the targeted area. By 
simply adding on the desired modulation patterns, the Soviets can now 
pump material directly into the mind-brain-consciousness-life loops of the 
entrained brains. The weapon implications are enormous: raw emotion 
such as sheer terror or panic can be transmitted; death or disease patterns 
of all kinds can be transmitted; informational content (thoughts and ideas) 
can be impressed directly into the captured brains and minds and 
processed as if originating inside each brain itself. Indeed, as long as the 
Soviets keep the effects rather gentle, an entire population can be subtly 
influenced without governmental notice. Certain specific ELF 
frequencies can rapidly disable or even kill, and for wartime use those 
frequencies can be directly implanted in the captured brains themselves 
by the woodpecker signals. It appears that 1984 came a little early, and 
one can perhaps now understand Brezhnev's strange 1975 proposal to the 
SAL T negotiations that we should also consider outlawing the 
development of new weapons more frightful than the mind of man has 
ever conceived. 

The signals also have direct application against strategic targets other 
than personnel. For example, by incorporating the correct nested 
modulation pattern, the positron kindling (electron squelching) pattern 
can be impressed. By beaming through the earth (with a circularly 
polarized signal or with other complex modulation forms), a beam with a 
strong neutrinic component, which will squelch electrons and which will 
interact with great preference for strong voltages or strong magnetic 
fields, can be directed at a target complex. In the targeted area aircraft 
and communications systems can be disabled; automobile, truck, and 
other ignition systems will fail; power transformers and large motors and 
generators will fail; power transmission systems with their associated 
high voltages will fail; and so on. Even independent, self-contained 
emergency power equipment, such as at military installations and 
strategic missile sites, will fail to operate. Further, to some of these 
signals, the earth and the sea are as transparent as glass, and so 
underwater nuclear submarines can be electrically disabled on station 
before their missiles can be fired, while strategic missile complexes can 
be electrically disabled before their deadly nuclear missiles can be hurled 
toward their distant targets. If some submarines and land complexes 
succeed in firing missiles before being disabled, these missiles can be 
electrically dudded and scrubbed from the sky over Soviet territory while 
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still far from their intended targets. 

So, as stated at the end of Excalibur, the players are on stage and in 
place. The final act begins. One thing is sure - mankind will never be the 
same again after seeing the play! 
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Photo 1, (to the nght} Priore’s laboratory, Work- 
bench with animal cage is in the right fore- 
ground, under a large overhead assembly to 
hold the coil for producing the rippling mag 
netic held 

















Photo 2. (belowy) Pnore’s laboratory. Workbench 
now has coil installed. The rippling magnetic field 
descended vertically through the patient, The 
magnetic field was modulated by the wave/ 
antivave output of 17 EM waves maed in 2 ro- 
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tating plasma in a giant mixer tube. 





December 1, 1994 
Overview 


In the late 1960s and early 19 
Antoine Priore and a team of leading 
French scientists demonstrated conclu 
sive, total remissions of terminal tumors 
and infectious diseases in hundreds of 
laboratory animals, Their research was 
performed under rigorous scientific pro- 
tocols and funded by the French Govern 
ment, The approach employed very 
complicated mixing of multiple EM sig 
nals in a rotating plasma, and modulat- 
ing the mixed output upon a very strong 
rippling magnetic field to which the body 
of the test animal was exposed. Complete 
remission of the treated diseases was ob- 





tained. In addition, the animals’ immune 
systems were also restored to normal. 
Further, disease-specific antibodies were 
also created: a single drop of blood drawn 
from an animal that had been treated and 
recovered, and injected into the body of a 
second animal with the same terminal ill 
ness, resulted in total remission of the dis- 
ease in the second animal and its total 
recovery, In the mid-70s Priore’s work was 
suppressed, because of hostility of the 
oncology community, change of the French 
Government and loss of further funding, 
and complete inability of physicists and 
biological scientists to even hypothesize a 
mechanism for the curative results. 





After a 10-year struggle to discover the 
Priore mechanism, the present author 
has proposed a sweeping new explana- 
tion for the exact Priore curative mecha- 
nism. [t represents a totally new kind of 
medical therapy — one which can dra 

matically treat and cure a breathtakingly 
wide variety of diseases. The electrical 
physics is based on the Stoney, Whittaker, 
and Ziolkowski decomposition of the 
scalar EM potential into bidirectional EM 
wave pairs. Deliberate assembly of such 
a structure forms a vacuum engine of 
nested curvatures of local spacetime.' 
Priore unwittingly made such a 
hyperspatially structured vacuum engine, 
one with the special characteristic that it 
time-reversed (dedifferentiated) diseased 
cells back to their earlier normal state. 
The Priore approach not only produces 
remission of a specific targeted disease, 
but also fully restores the cells and “fac- 
tories” of the patient's immune system 
because they too revert back to their pre- 
vious healthy condition.? 


‘in shart, Priore found and utilized a method of electromagnetically engineering general relativity in the laboratory ~ something physicists had not done and hive na 
knowledge of, Neither have they done it overtly today, and nether do they have knowledge of it woday. 
*We point out thar chemistry ts largely driven by charge and charge distribution. The new methodology essentially controls charge and its distribution, Hence it can 


control and order all the baockemistry. 
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Becker et al have shown conclusively 
that very weak DC currents and pulsed 
magnetic fields can produce cellular dedi- 
fferentiation (change to a previous state) 
and redifferentiation (change forward to 
anew state). It follows that transcription 
(change of the genetics) must also be al- 
tered correspondingly, Becker was nomi- 
nated for a Nobel Prize for his experimental 
and theoretical demonstration of the 
mechanism, He also proposed a funda- 
mental electrical control mechanism to ac- 
count for his revolutionary results. 

Kaznacheyev et al have shown that al- 
most any cellular disease or damage can 
be transferred electromagnetically from 
one cell culture to another under special 
conditions, Popp has theoretically and ex- 
perimentally shown that an electromag- 
netic master cellular control system exists 
in the body, as indeed has Becker. Thus 
it is clear and independently demon- 
strated that (1) disease can be created or 
reversed electromagnetically, and (2) the 
fundamental cellular control system is 
electromagnetic in nature, We comment 
that, viewed as physical materials, the cells 
and their constituents are sufficiently 
nonlinear that their EM functions, re- 
sponses, and effects transcend the present 
classical EM model. A modern addition 
to nonlinear electromagnetics is the 
methodology and results of nonlinear 
phase conjugate optics (NLO). Accord- 
ingly, understanding of the higher topol- 
ogy EM/bioeffects functioning requires 
application and understanding of NLO 
principles, regardless of frequency band. 

We also extend the general relativity 
model by addition of higher topology 
EM. We incorporate the Stoney/ 
Whittaker/Ziolkowski decomposition of 
the scalar EM potential into hidden bidi- 
rectional waves, This is then applied to 
structure and engineer the vacuum, The 
method is also capable of structuring and 
engineering both mind and matter, 

Asa case in point, the elements of the 
new EM bioeffects approach are applied 
to the Gulf War Syndrome — the strange 
conglomerate of illnesses and symptoms 
developed by many Gulf War partici- 
pants, usually beginning shortly after 
their arrival back in the United States 
from the MidEast. Previously unrecog- 
nized biological effects of a dense EM sig- 
nal environment are advanced and their 
causative mechanisms explained. These 
new “dense signal environment” 
bioeffects, coupled with other simulta- 
neous biologically-active suppressants, al- 
low.a full explanation of the Gulf War 
Syndrome and its characteristics, Both nor- 
mal and anomaloussymptomsare explained, 
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The Priore approach extends and 
complements Becker's pioneering ap- 
roach by allowing positive engineerin: 
Srl dedifferentiation of cells and 
their redifferentiation. A cancer cell may 
be regarded as a dedifferentiation or par- 
tial dedifferentiation of anormal cell back 
toward a more primitive or “immature” 
geological form. In NLO terms, thisis a form 
of phase conjugation (time reversal) of the 
cell back toward a previous state, or even its 
ancestral cellular form (see figure 1 below). 
By phase conjugating the cancer cell anew 
and amplifying the process, the diseased cell 
can quickly be reversed back to anormal cell. 

It is possible, using the Priore tech- 
nique, to phase conjugate cells in the 
body, including all of them simulta- 
neously if need be. Further, conjugation 











EVOLUTIONARY TIME 


tion and extension of electromagnetics, 
quantum mechanics, general relativity, 
and biology. It should be capable of re- 
versing most physical and mental disor- 
ders that assail a biological organism. 


INTRODUCTION 


In this paper we discuss the present 
method of utilizing EM energy in science 
and engineering, and also discuss a radi- 
cally different second method that is be- 
ginning to emerge (see Table on following 
page}. The main text is an overview, with 
technical elaboration in the footnotes. 

The first (Type |) engineering method 
may be likened to a leaky pipe: We al- 
ways pour in more energy than the work 
we get back out. We have to furnish the 








+ NOTE: UMITED ANAERORC RESMRATION 
STL TAKES PLACE IN HIGHER AEROBIC 
UPE FORMS, CLUDING MAM. 











Figure 1, Cellular path taken in development of aerobic ceils and multicellular bio-organisms. Deditter- 
entiation of a cell or small group of cells back before centralized cell control yields cancer, The body's 
control system omer cthe cell to dedifferentiate back toward an anaerobe, breaking its own control 


can be made specific to the type of cell or 
tissue one desires to affect. One need not 
“know” the specific disease’s “EM signal 
complex," one must simply “pump the 
cell correctly” where it and its parts are 
treated as pumped phase conjugate mir- 
rors(PPCMs). Ina higher EM topology, 
the “diseased-cell-as-a-PPCM” already 
possesses a special “standing signal wave 
input that represents the erroneous 
vacuum engineassociated with the change 
to the specific disease state. Pumping the 
cell in this special EM topology creates the 
precise, amplified vacuum anti-engine in 
this same special EM topology and 
renormalizes the cell. 

Because of the special EM topology 
utilized, direct engineering of both mind 
and matter are provided by the new ap- 
proach, which also represents a unifica- 





primary energy used to do the work from 
an external source, A few of our devices, 
such as a common heat pump, are open 
systems extracting and using some excess 
energy from an external source. These 
devices may have a coefficient of perfor 
mance (COP) — work output of the ma- 
chine divided by work done on the 
machine to run it — of greater than unity. 
However, the vast majority of our ma- 
chines have COPS of less than 1.0. Many 
of them have COPs of less than 50%, and 
many have COPs of less than 30%. 

As can be seen, Type 1 engineering is 
very wasteful of energy! In a sense, the 
present struggle to attain room tempera- 
ture superconductivity is a struggle to 
eventually have many more machines 
that attain a COP approaching 1.0, and 
so decrease the waste of energy in our 
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Energy Upon Matter 

- Time is not an observable 

~ Must furnish all the energy 

~ Western science uses this method. 


~ Time is an observable 


~ Use vacuum’s energy (vacuum engines) 





————————xqI4 


Table 1. Two Ways To Do Engineering. 
+ Type I Engineering: Vacuum Quiescent, Use External 


~ Does not involve mind, thought, life, time streams 


+ Type 2 Engineering: Gate and Structure the Vacuum Flux Itself 
- Involves mind, thought, life, time streams 


- Furnish only initial energy, and maintenance 


laboratory ability to; 
(4) Deterministi- 
cally structure and 
gate the vacuum's 
fierce flux of virtual 
particle energy — 
even at a distance — 
and make the 
vacuum itself an en- 
gine to do any kind 
of work on an em- 
bedded physical sys- 
tem that we cho- 
ose,‘ (5) Determin- 








Type i machines. Vacuum engines allow 
COPs of far greater than 1.0, 

After several decades of painful 
progress in understanding the nature of 
the quantum mechanical vacuum, today 
it is accepted in physics that the vacuum 
itself is a seething inferno of electromag- 
netic energy. Itis thusa legitimate source 
of energy, could we but extract and use 
it. This is now accepted both by leading 
physicists and by the U.S. Patent Office. 
Further, as of 1993 it has been clearly 
shown that, contrary to conventional 
objections, thermodynamics does not 
rule out the extraction and utilization of 
the vacuum’s energy as heat and power 
to operate our engines,” 

We have now reached one of the great 
scientific plateaus of history: (1) The 
vacuum is energetic, containing an incred- 
ible density of electromagnetic energy in a 
violent flux; (2) at least in theory, it is pos- 
sible to extract energy from the vacuum and 
utilize if, and (3) every particle of mass 
exists as a nonlinearity in a violent flux of 
virtual particle energy exchange with the 
vacuum, In short, every system is an open 
system, being violently “driven” by the 
vacuum flux, where normally the “driving 
flux” is in equilibrium or nearly so. 

This paper briefly describes a great 
new scientific breakthrough which is ap- 
proaching as a result of the new under- 
standing of the vacuum energy. Thisnew 
scientific development will usher in the 
greatest change to humanity of all time 
(see Figure 2). It is characterized by the 


istically form a 

quantum potential, 
and utilize this potential to achieve essen- 
tially instantaneous action at a distance” 
(6) Engineer the hidden inner structure 
of any potential; this includes also the po- 
tential for the Schroedinger equation, 
including Bohm's quantum potential, so 


that physical reality can actually be engi- 
neered prior to the collapse of the wave 
function and the occurrence of the quan- 
tum change. This is engineering and al- 
tering an entity in its pre-reality state, (7) 
Engineer and alter the flow of time and 
the laws of nature in a particular area, 
including the entire planet or solar sys- 
tem. (8) Simply and cheaply treat and 
cure essentially every present infectious 
disease and many other abnormalities. 
This includes cancer, leukemia, AIDS, 
malaria, sleeping sickness, arteriosclero- 
sis, etc, — even mental disorders, It also 
includes reversing the effects of the aging 
process. (9) Directly engineer, form, cre- 
ate, heal, or modify mind, thought, long- 
term memory, life, etc.* And finally, (10) 
Directly engineer and alter the species 
quantum potential, an entire species, and 
the planetary quantum potential for all 
species and all living creatures on earth. 


Vacuum Engine Concept 





DELTA 
ENGINE 
TEMPLATE # 


VACUUM 
ENGINE 
TEMPLATE 
2 





Figure 2. The vacuum engine concept. Addition ef a vacuum engine (lower bleck diagram) alters 
mass and its dynamics after a time celay Type 1 engineering uses the top level block diagram 


’Daniel C, Cole and Harold E, Puthoff, “Extracting Energy and Herat from the Vacuums,” Physical Review E, 48(2), Aug, 1993, p. 1562-1565. 
“In other words, to perform vacuum engineering, extended from the suggestion of Nobel Laureate T-D, Lee (Particle Physics and Introduction to Field Theory, 


Harwood, New York: er 25; Outlook, "Possibility of Vacuum Engineering,” p. 824-828.). Lee recognizes that vacuum engineering can in theory be accom= 


plished, but also that this 


never even been tried. 


SFor a presentation of the mechanism jor creating a quantum porential, see TE, Bearden, Gravitebiology, Tesla Book Co., Chula Vista, CA, 1991, p. 33-36. 


*The weapons develupers are dowly grappling their way toward this new xcience, which the Russians call energetics. 
referred to as energetics. Application of energetics to mind engineering is called psychoenergetics. Application to 


lication to the physical world at jarge ts just 
physteal body and its structures is call 


Bioenergetics, In the U.S., development of mind and behavior alteration and control is now being dealt with in embryon fashion under the sulject heading of 


mtaniethal warfare. 
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This paper is an informal “quick note” 
to point out the new scientific plateau and 
introduce the second kind of science and 
engineering. The new vacuum engineer- 
ing’ offers the greatest threat to human- 
ity that has ever existed," and at the 
same time offers the greatest promise of 
benefit. 

For our very survival, it is absolutely 
imperative that informed citizens be 
aware of this dramatic change, which is 
just now starting. The powerful new sci- 
ence and engineering must be controlled 
and used for humanity's benefit, not its 
detriment. Else it will eventually be let 
loose unrestrainedly, to destroy all life on 
earth — a possibility indicated by Nikita 
Khrushchev in 1960." 


THE First KIND OF ENGINEERING 
(Tyre 1) 


First there’s the normal way to do en- 
gineering (Type 1), which we are all 
taught as-engineers and scientists, Here 
the vacuum/spacetime itself stays inert 
and out of our way.'*? We ourselves fur- 


nish energy into or onto the system we 
are trying to move or activate, spilling 
some of this energy all the while, and we 
struggle until we get the mass to move 
and the system to operate and perform 
work. 

This “first kind” of engineering is essen- 
tially a continual wrestling match. Nature 
herself is the opponent. The engineer 
furiously struggles with nature, to force 
her to do the work he wishes todo, This 
is the only overt kind of engineering pres- 
ently done on earth. It is primitive and 
severely limited in what it can do, In Type 
1 engineering, the mind and thought are 
not affected since the flow of time connec- 
tivityand the flow of mind connectivity are 
not affected. 


THE SECOND KIND OF ENGINEERING 
(Tyre 2) 

Clandestinely, however, the Russians 
(actually, the KGB) in their secret ad- 
vanced weapons labs, and three other 
nations not hostile to the U.S,, have also 
weaponized asecond kind of science and 


engineering, but kept it firmly a secret of 
the highest order, The second kind of en- 
gineering (Type 2) is dramatically differ- 
ent, far more powerful, and essentially 
unlimited in what it can do, Some of the 
simpler elements have spilled into the 
open press. For example (see Figures 3 & 
4 on next page), Viail Kaznacheyev and 
his colleagues have shown, in thousands 
of meticulous experiments, that almost 
any disease or damage to cells can be in- 
duced in an isolated cell culture by elec- 
tromagnetic radiation from the diseased 
or damaged culture, if a full harmonic 
interval (infrared to ultraviolet) is open 
for electromagnetic (photonic) exchange 
between the cultures, The present 
author's proposed mechanism for the 
Priore and Becker results also explains the 
Kaznacheyev results." It also explains the 
decades-long Russian induction of health 
changes and diseases in the microwave ra- 
diation of the U.S. Embassy in Moscow." 
In Type 2 engineering, the back- 
ground vacuum/spacetime itself is delib- 
erately altered, structured, and made 
asymmetrical. One then uses this struc- 


"Terminvlogy after Nobel Laureate Lee, ibid,, p. 383. Lee poinss out that the microscopic structure of she scalar vacutcr field is mot utilized, The particulate fix structure 


can indeed he engineered, but thes hats never even been tried by conventional physicists. An excellent cover: 


he 


E.g., whenever a symmetry is spontaneously broken, a nonobservable (virtual entity) has become observa! 


of asymmetries and observables is given on 
There thus exist vacuum engineering 


181-188. 


nisms for 


the direct translation berween virtual and observable states Indeed, a whole new vista has opened in physics — spe are calling it a “new physics’— due to the 


discovery that it is possible to directly 


ics,” Physics Today, Jan. 1989, p, 24-30 for an overview, In 1979 the present author foresaw, 


lify the virtual state ints observable state, F.g., see Serge Yaroche and Damel Kieppner, “Cavity quantum electrodynamt- 
ai crudely, the emergence of virtual state engineering by means of 


a pe sible hyper spatial (virtual state) amplifier See T-E. Bearden, “Vertwal state enginecring and sts implications,” National Technical Information System, Report 
AD. 


A065762, 1979. 


*The Russian weapon engineers inode the vacuure as a virtwal EM dipole plasma, rather than as a sinsple particle fiur, e.g, see A.V. Chernetski, “Processes in Plasma 
‘Systems with Electric Charge Division,” Georgi Pleckonov Institute of National Economy, Moscow, 1989 for an introductory theoretical exposition of the basic model 
with respect to physical energy systems 

*Use of dipoles focuses immediately upon the hidden electromagnetics. Application of plasma theory then exposes the hugher nonlinear EMf aspects and the characteristics 

at higher topology EM theory, Interestingly, Priore used all che elements fitting this theoretical model, employing a giant plasma-filled tube for multi-signal EM 
mircing, to produce “hidden EM" vacuumt engines. 

"Decades ago, the Russians also applied the virtual EM dipole plasma vacuum to the problem of direct engineering of mind, behavior, and cellular control functions. For 
the fact that they succeeded im decoding the mind/brain/s operations, see $.K. Lavitsyn, “New apj to the analysis of electroencephalograms,” Problems of 
Biomtes (Selected Articles), p. 16-25, National Technical Information Systems Report AD 730045, See also the various references by Kaznacheyer, sanitized by the 
Soviet State at the time to prevent revealing the actual primary mechanisms, 

"For a partial discussion of Khrushchev's statement of the impending availability of such new Soviet superweapons, see Max Frankel, "Khrushchev says Soviet wall cut 
forces a shird; sees “Fantastic Weapon,” New York Times, Jan, 15, 1960, p. 1. 

? Technically the vacuum ts always heghly active, in violent flux exchange with all particles of mass. However, in Type 1 engineering this exchange activity is in 
equilibrium, So action and reaction are balanced in all directions, With no observable asymmerry, no single net force accumulates for the observer ta see, and the 
vacuum appears to be on “emptiness.” 

See Viail Kaznacheyer and L.P Mikhailova, Uitraweak Radiation in Intercellular Interactions, [in Russian), Novosibirsk, 1981. Viail Kaznacheyey, “Electromtag- 
netic Bioinformation in Intercellular Interactions,” Psi Research, (1), Mar, 1982, p. 47-76 contains an English translation of much of the information referenced m 
Kaznacheyev’s 1981 book. See Viail Kaznachepey ¢! al, “Distant intercellular mteractions in a system of two tissue cultures,” Pspchoenergetic Systems, 1(3), Mar. 
1976; “Apparent information transfer between two groups of cells,” Psychoenergetic Systems, I(1), Doc, 1974; VR. Kaznacheyey, “Information function of Ultraweak 
Light Flows in Biologseal Systems,” in Problems in Biophysics, Navoubirsk, 1967, p. 7-18 fin Russian}; VP. Kaznacheev and AV. Troftmoy, Cosmic Consciousness 
of Humanity: Problems of New Cosmagony, Elendis- Progress, Tomsk, Russia, 1992. 

“See TE. Bearden, Gravitobiology, Tesla Book Co., PO.B. 121873, Chula Vista, CA 91912; 1991. See also Bearden, Cancer and the Unresolved Henlth Issues in the 
Biological Effects of EM Fields and Radiation, Tesla Book Company, 1993 

* The Soviets rasiated the U.S, Embassy in Moscow with weak microwave radiation for decades, starting in the early 1950s, Anomalous health changes and diseases were 
induced in U.S. Embassy personnel. Three Ambassadors eventually died of leukemia-like illnesses of mysterious nature. The results of the Johns Hopkins scientific 
study of the Embassy Ypscega irsead also provide strong evidence for the explanation, since health changes and diseases only occurred in those areas of the 
Embassy where she EM force fields from the radiation were zero. In other words, induced heaith changes occurred only in personnel in those Fmbasty areas where the 
potentials from the radiation had zero lients, so that the potentials were This 100% correlation to persistent potentials exclusively, is exceptionally 
strong evidence that the EM radiation was the actual cause. If independent of the EM radiation, health changes would not have precisely correlated ro any compo- 
nent of the radiation! The johns Hopkins scientists were quite competent, but only considered classical EM theory (CEM) in their assessment. CEM assumes hat 
whon the force fields are-zero, the electromagnetic actions are zero. That of course has been disproved in quantum mechanics, which has shown theoretically and 
experimentally that the potentials, not the force fields are the primary causes of all EM phenomena. [Sec ¥. Aharonov and D. Rohmr (1959) “Sigruficance of 
Electromagnetic Potentials in the Quantum Theory,” Physical Review, Second Series, [15(3), 1959, p, 485-491; Bertram Schwarzschild, “Currents in normal-metal 
rings exhibit Aharonov-Bohm effect,” Physics Today, 39{2), Jar. 1986, fe 17-2.) Even when the force fields are zero, the potentials may remain and provide real 
bearx a in charged particle systems by scalar ieakimces Indeed, the force fields do not even exist in vacuum, as CEM assumes. The Johns Hopkins scientists 
concluded — based on the erransous CEM model they applied — that since no force fields were present where any of the health changes occurred, the cause could not 
have been the weak microwave radiation. Had it not been the radiation, some of the health changes would inevitably have occurred where the EM force fields were 
nonzero, The investigators’ resuts falsified their own study's conclusion, by sample expectation mathematics. Had they known of the SWZ structured potential and 
its possibilities, they would have realized that by showing 100% correlation to the force-free potentials, they had actually proven that it was indeed the radiation 
that was the couse, and the force-free potentials component was the actual culprit team was excellent; its tools failed i. For a complete discussion, see 
Bearden, Gravitobiolagy, 1991, p. 27-32. 
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‘TRANSPARENT WINDOW PANE (THIN) 
(GLASS OR QUARTZ) 


‘ear 


every particle of mass is in a violent vir 
tual particle flux exchange with the sur- 
rounding vacuum, Several experiments 
directly show this — the Lamb shift for 
one."’ The Lamb shift is largely due to 
fluctuations of the hidden virtual flux 
exchange with the vacuum, and involves 
= a local energy density far greater than the 
Figure 3. Kaznacheyev’s two-chamber apparatus. A cell culture is divided into two parts. Left ones surface energy density of the sun's sur- 
are damaged or killed. Effect is replicated in right cells through windowglass, but not quartz ace, 











GRAVITON 










Vacuum ENGINES; 
ORDERING AND UNuzING THE 





VACUUM VIRTUAL PARTICLE FLUX 
San In Type 2 engincering, one structures 
Aree and orders the violent virtual particle 


flows of the fundamental vacuum/ 
spacetime (VST) itself."* Accardingly, it 
alters and orders the vacuum’s violent 
energetic exchange with any mass par 
ticles and physical systems in the area, 
One oneselfdoes not input the energy that 
does the actual work on the material sys- 
tem located in that region of VST. In- 
stead, one only inputs the energy 
necessary for the gating and directing of 
the VST flux energy in that area, This 
structuring and gating of the virtual par- 
ticle flux forms an organized, energetic 
pattern which I have dubbed a vacuum 


QUARTZ 
CONTAINER 





THIN WINDOW 
® GLASS: No Effect 
@ QUARTZ: Delayed Effect 


Figure 4. Kaznacheyev’s cytopathogenic mirror effect; Death and disease transmission via graviton 
lattice templates. Quartz passes a minimum G-lattice, glass does not. 
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tured, asymmetrical vacuum to do the work 
and furnish all the required energy flow. 
The vacuum is known to be a seeth 
ing inferno of energy.’ tis a violent flux 
of virtual particles, according to quan- 
tum mechanics (QM). A virtual particle 
is one which quantum mechanically 
arises out of nowhere and almost in- 
stantly returns to nowhere. It may be 
highly energetic and “hotter than a fire- 


cracker” while jt exists. But its span of 
existence isso short that our instruments 
cannot individually detect it. 

However, we can and certainly do ex- 
perimentally detect the result of the in- 
teraction of large numbers of virtual 
particles. Physics states that all forces of 
the universe are caused by the exchange 
of such virtual particles. It is also theo: 
retically and experimentally proven that 





engine (after Nobel Laureate Lee’s recog- 
nition that the vacuum itself could in 
theory be engineered, but that such had 
never even been tried). 

This vacuum engine now does the 
work and furnishes all the working en- 
ergy. We just have to pay to set up the 
gating mechanism and the templatein the 
beginning, and continue to pay a little bit 
to sustain them. Literally we have created 


“For a good overview of the active vacuum, see R. Podolny, Something Called Nothing: Physical Vacuune What Is It?, translated by Nicholas Weinstein, Mir Publish- 
ers, Moscow, 1986, revised from the 1983 Russian edition See also 1J.R. Aitchison, “Nothing's plenty: The vacuum in modern quantum field theory," 
Contemporary Physics, 26(4), 1985, p. 333-391; Jack S. Greenberg and Walter Greiner, "Search for the sparking of the vacuum,” Physics Today, 35(8}, Aug. 1982, 
P. 24-32; Richard E Prange and Peter Strance, “The semiconducting vacuum,” American Journal of Physics, 52(1), Jan. 1984, p. 19-21; Waiter Greiner 
and foseph Hamilton, “Is the Vacuum Really Empty?”; The American Scientist, 68(2), Mar-Apr. 1980, p, 154-164; Timothy Boyer, "The Classical Vacuum,” 
Scientific American, Aug, 1985, p. 70, See also important papers by H.E. Pushoff: “Source of vacuum electromagnetic zero-point energy,” Phys. Rev. A, 4049), 
Nov. I. 1989, p, 4857-4862; "Gravity as a zero-point fluctuation force," Phys, Rev, A., 39(5), Mar. |, 1989, p. 2333-2342; and “The Energetic Vacuum: Implications 
for Energy Research,” Speculations in Science and Technology, 13(4), 1990, p. 247-257 

WE Lamb, Jr and RC Retherfard, "Fine structure of the hydrogen atom by a microwave method,” Physical Review, Vol, 72, 1947, p. 241-243, Demanstration of the 
displacement of one of the fine structure electron states of the hydrogen atom by a frequency of about 1060 megacycles played a central role in the development of 
quantum mechanics, and earned Lamb the Nobel Prize. The observation makes the reality of dynamic vacuum fluctuations inescapably evident. 

“Since the vacuum can be altered, we now mutt speak of various yacuua, riat just ome. “A vacuum, “a” spacetime, and “a” scalar potential are synonymous. "The" 
ambient vacuum at any local point is a maelstrom of the scalar (hidden mtultiwave) interferometry of potentials from every charged particle in the universe 
(adapting Puthoff"s Cosmological Feedback Principle). This salar EM interferometry creates the EM fluctuations of the quantum mechanical vacuum, by Whittaker 
1903 & 1904, 
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a stupendous energy amplifier.” By con- 
tinuing to expend a little maintenance 
and steering energy, we can gate and uti- 
lize the energies of an enormous engine 
which can apply incredible energy den- 
sities, even at a distance. In principle it 
ean apply anything froma feather'stouch 
up to the explosion of a star. It can be 
used to engineer anything from a single 
particle or wave, to the atomic nucleus, 
to a planet or a sun.” 





ENGINEERING GENERAL RELATIVITY 
& Nestinc Spacetime CuRVATURES 


We actually engineer general relatiy- 
ity (GR) itself, since the Stoney,” 
Whittaker,” and Ziolkowski’ (SWZ) 
papers point the way to how to do just 
that (see figure 5), In short, by using the 
SWZ approach, one is able to utilize 
electro-magnetics in a new way, to di- 
rectly form these curvatures of local 
spacetime. We also nes! these curvatures 
to form a template of structured multiple 
curvatures; this template constitutes the 
deliberate format of the vacuum 
engine (see figure 6). 

Indeed, this isa radically different con- 
ceptof spacetime structure. tis well-known 
that, whenever one applies a local hidden 
variable theory, the GR theory of spacetime 
structure must be radically altered.” 

We stress that, in Type 2 engineering, 
one directly extends, applies and engi 
neers general relativity, but bya novel use 
of electromagnetics. As can be seen, es- 
tablishment science is not doing that at 
all, but is doing only Type 1 engineering. 
Literally anything one wishes can be en- 
gineered in the Type 2 fashion, at least in 








“An example of such un actual amplifier was Floyd Sweet's vucuurt triode 
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Figure 5. StoneyWVhittaker/Zolkowski internal 
EM biveave structure of the scalar EM potential 
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theory, including transmutation of ele- 
ments, materialization and dematerial- 
ization of matter, free energy electrical 
power sources, and antigravity. However, 
Type 2 engineering is even more power- 
ful than that. It also is the ultimate form 
of virtual reality engineering, for it allows 
the direct engineering of both physical 
reality and the mind itself. 


Mino, 3-SPaAcE, 
Hyperspace, MIND FLow, AND 
THE FLOW OF TIME 


Mind exists in time, but not in our fa 
miliar 3-space. Mind does not exist spa- 
tially in the same 3-space in which we 
model physical phenomena.” Mind oc- 
cupies (to the physicist) only one dimen- 
sion ~ the time dimension — of 
Minkowski’s 4-space of physical matter. 
This means that the attachment of mind 
to matter (in a living biological organ- 
ism) involves a mind flow process, hid- 
den in and occupying the time flow 
process (see figure 7 below), 








or 
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(AE AT) + M > (M+ AMAT) > M + (AEMAT) 
Figure 7, The photon interaction generates observed quantum change and the discretized flow of 
time, A particle usually connects to only a single delta | at a time. Every other particle connected 
to that small increment of time also, as are al! minds 


4 60h, solid-state device containing spectal coils and two separated barium ferrite 


magnets. The magnets were specially activated by Sweet's proprietary process so as to powerfully seif-oscillate at a chosen ELF frequency, such as 60 Ha, [Such self- 
oscillation of barium compounds are well-known, but at optical frequencies, Use ofa photorefructive magnetic materaal that is also an insulator allawed Sweet to 
initiate self-oscillation at ELF frequencies). An input sine wave of 10 Volts and 33 microamperes then produced 500 watts of phase conjugate replica EM power, 
extracted from the self-oseillation energy between the vacuum and the magnets. The amplifier gain (COP) of this open system, self-ascallusing, pumped phase 
conjugate mirror device was sorre 1,300,000. A successful antigravity test of the device was also perforsmed by Sweet at miy irging, ane resulted wn a controlled 


reduction af its weaght on the laboratory bench by 90%, For as much as could be revealed of the operation and testing of Sweet's preprictary device, see Floyd Sweet 
and T. E, Bearden, “Usilizing Scalar Flectromagnetics to Tap Vacuum Energy," Procevdings of the 26th Intersociety Energy Conversion Engineering Conference 
(LECEC '91), Boston, Massachusetts, 1991, p. 370-375. Unfortunately nothing cari be done with the device — ¢.g., because of formidable legal entanglements due to 
the conflicting agreements Sweet made with different finaricial backers. However, McLain & Wooten have produced a repicable, tested, overunity device & full 
sunsiruction detuals have been reburlt on Internet 

“In the modern geometrical view, all indiveducil field energres cowre from the conglomerate structure called “gravitational field," Transforming ane field energy imo 
another kind may be dune by first transforming the initial field energy hack into G-field energy. then re-reieasing the G-ficld energy as the desired mew type of field 
energy. Vicuum engines allow control and weslizntion of thrs process. 

"Gi. J. Stoney, "XLVI. On a Supposed Proof of a Thearem in Wave-motion, To the Editors of the Philosaphical Magazine,” Philosophical Magazine, 5(43), 1897, p. 358-373. 

*E.T. Whittaker, “Out the Partial Differential Equations of Mathematical Physics," Mathematische Annalen, Vol. 37, 1903, p. 333-355; “On an Expression of the Electro- 
magnetic Field Due to Electrons by Means of Two Scalar Potentin! Functions,” Proceedings of the London Mathematical Society Series 2, Vol. 1, 1904, p 367-372 

Richard W. Zialkawsks, “Exact Salutions of the Weme Equation With Complex Source Locations,” J. Math. Phys., 26(4), April 1985, p. 861-863, See also Joannis 
Resieris, Amr M, Shaarawa, and Richard W. Zivikowski, "A bidirectional traveling plane wave representation of exact solutions of the seaker werve equation,” | bath, 
Phys, 30(6), June 1989, p. 1254-1269. Sev also Michael K. Tippett and Richard W. Ziolkowski, “A budirectional wave transformation of the cold plasma equations,” 
J. Math_Phiys.. 32(2), Feb, 199), p. 488-492. 

ME.g., see Abner Shimony, “Events and processes in the quamtum world,” m Quantum Concepts ia Space and Time, Eds R. Penrose and ©). Isham, Clarendon Press, 
Oxford, 1986, p. 192: “local hidden variable theories may be possible only if relativity theory 1s replaced by a radically different theory of spacetine stricture,” 
(My comment ts that this shouk! nor be surprising, since classical electromagnetics, quantum mechanics ard general relativity are in profound contradiction of each 
other, and cannor be unified as they ave, in spite of decades of Herculean efforts by many excellent physicists). 

“We may madel a mind as a separate 3-space, and its functional operations as “physical” in that hyperframe, Thus a mind and its operations are hyperspatial and 
outside physical matter’s 3-space, Both mind and matter 3-spaces share a common 4th (time) dimension. So it requires at leaut seven dimrenstons to model a living 
creature, eight to madel a species, and nine to model all life on earth, The 4th dimension of the mindworld hyper-4-space coincides with the ath dimension of the 
physical world's Minkowski 4-space, A priori, mind/matier engineering operations involve engineering and structuring the trme stream This allows engineering 
either physical reality or mental reality or both simultaneously. 
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Normally, so QM tells us, the obser- 
vation process destroys time, so that all 
“observables” are spatial only. So the 
completion of each observable change in 
a living mass system momentarily de- 
stroys the only connection that the mass 
had with its associated mind! It vanished 
in the so-called “collapse of the wave 
function."*77"* Fortunately, little pieces 
of time are always being serially added 
and subtracted by the ubiquitous photon 
interaction process with every mass. 
Hence the body's particles of mass are 
continually being connected toand discon- 
nected from little serial bits of the time 
stream, and from corresponding serial 
bits of the mindstream of that individual 


Tyre 2 Disruption oF TIME 
AND MIND 


Type 1 engineering does not disrupt 
or affect the flowing time stream. Hence 
it does not disrupt or affect the flowing 
mindstreams of biological systems in the 
vicinity. 

This is not necessarily true of Type 2 en- 
gineering! Type 2 engines of appreciable 
power can and will disrupt and destroy the 


body’s continual detachment from and re- 
attachment to its mind-stream, Type 2 en- 
ines will appreciably disrupt and alter the 
time stream, and thus disrupt and 
alter the flowing mindstreams of all life 
forms in the vicinity. The size of the “vi- 
cinity” depends upon the size of the engine, 
So to beneficially utilize vacuum en- 
gines, we do not strive for control of vast 
energies, We must use a surgeon's scal- 
pa to speak, instead of a giant steam 
mer. If one seeks weapons, on the 
other hand, one will strive for control of 
much greater vacuum engine energies. 
The KGB secret laboratories, e.g., have 
pursued this goal for over four decades. 
Several generations of Type II weapons 
have been developed and deployed, all 
under continued KGB control and opera- 
tion. These Type 2 weapons could, in the 
words of Khrushchev’s address to the Pre- 
sidium in January 1960, “..wipe outall life 
on earth if unrestrainedly used.” Now one 
can easily see how that could happen: 
Any massive use of Type 2 weapons will 
substantially upset the time stream on 
earth, including all individual time 
streams, It will so disrupt all the mind 
streams of all earth's creatures that their 





connections to their physical bodies will 
be instantly broken. At least now we know 
why Brezhnev himself was so frightened 
of these weapons in 1975." 

Another unusual characteristic of 
Type 2 engineeringis the slowly decaying per- 
sistence of any special vacuum engine struc- 
ture artificially created in thevacuumm, Wemay 
analyze this effect in terms of the “ghost 
forms” of quantum mechanics.” 


ENGINEERING THE MIND, Its 
OPERATIONS, AND [Ts CONTENTS 


The vacuum engine affects/curves/ 
structures not only the three spatial di- 
mensions of ST, but also the time dimen- 
sion. Hence the vacuum engine approach 
can be used to engineer not only the ob- 
servable physical matter (which is 3-spa- 
tial), butalso the mind and thought (which 
are time-like to the external observer). Lit- 
erally one can “get into the mind's con- 
nection channel” and alter the mind, its 
contents, and its operations at will by us- 
ing appropriate vacuum engines. 

By appropriately and selectively nest- 
ing the spacetime (ST) curvature struc- 
turing, one can even reach beyond the 








*Rigorously, she emission of a photon by the living mass destroys its time channel, thus collapsing the wave function and disconnecting the mind. Absorption of another 


photor immediately thereafter adds an increment of time back to the mass, forming masstime and reconnecting the time channel and hence the mind channel. 
Mass does not exist in time per se; masstime does. The temporary disconnection of the tome channel by photon emisstan causes the wave function to collapse; a priart 
a wave cannot exist without some time available in which to wave! Tas in fact produces the observable mass from masstime. The problem ts that the physicists have 
ignored the transport by the photon of At as well as AE. Thus shey have not noviced shat the ubiquitous photon interaction with a mass creates the continual 
addition and subtraction of time mcrements This continual coupling and uncoupling of mass to and from the time dimension creates a discretized flow (passage) 
of time for that mass, This continual connection and disconnection of a mass to and from only a tiny little piece of the time channel is responsible for the past and the 
future nos being observable; “being observable" is semply being connected to a single small At increment, not all the ancrements that have gone before ar that wall 
foliow hence. When one lacks at the corner of a room, the 3-spatiality of one's mass instrumrentation system ts why one can see length, width, and height but not the 
fourth dimension, time. 

"Since the photon interaction — including the virtual photon interactions ~ can be engineered, obviously the passage of an object through the discretized timestream can 
also be engineered, clectromagnetically. Not only can a photon, electron, or proton be time-reversed, but also an assemblage of photons, electrons, protons and 
neutrons can be time-reversed. Among osher things, this means that a diseased lrving physical ceil can be time-reversed (dedifferentiated) back to a previous healthy 
state, as shown by Priore and also by Becker. Kaznacheyev, as does Becker, also shows that healthy living cell can be “time-forwarded™ (differentiated) to a mew sate, 
if bornbarded with the weak vacuum engine templates (graviton lattice structures) for that state. The minimum grav iton lattice (ordering of SWZ wavepaars) 
utilizes one harmomic frequency anterval, Thus quart: will pass Kaznacheyev’s cytopathogenic effect, since it passes 1R to UV — one harmonic interval, Ordinary 

window glass does not pass 4 complete hutrmonic interval, hence cannot pass the minimum graviton lattice and destroys the disease-inducing vacuum engine template. 

Ie "Since the entire area is highly nonlinear, then nonlinear oscillator theory applies. Graviton lattices may therefare be activated har monicuily or subhuermanically. Thas 
means that “optieal band” results can be initiated by analogous subharmonic input — e.g, microwaves or even sound waves. G-lattices work like music: one 
recognizes a C-chord regardless of the octave. In similar manner, vacuum engines (G-lattices) may be shified by any number of octaves, with initiation of results then 
being delayed in the responding physical systerns, as prescribed by nonlinear aseillator theory 

"See Christopher S. Wren, “Brezhnev Talk for Accord against ‘Terrifying Arms’, New York Times, june 14, 1975, p. 1, 11, 

*Since statistically every possible change in the vacuum és constantly and continually occurring in each and every differentenl volume, na matter haw small, then froin 
tame to time in that maelstrom any phywcal (and merital) template we care to visualize appears, exists for a very short but finite time, then disappears, then reap- 
pears, etc, Such a continual, untidy characteristic is called a ghost form, and usually downplayed or ignored in the reaching of QM because it 1s “unpleasant.” 
However, anything and everything — no matier how bizarre and whether living or inert ~ hasa small but nonzero “density of reality” in the vacuum flux, Everything 
that ever was or will be, and everything that never was and never will be, is also there, The point is, creation of a vacuum engine template for a ghost form adds 
energy to (activates) that form, Just asa Dirac “ghost form electron” can be lifted from the vacuum by adding energy, s0 can any other ghost fori, bet “living” or 
“dead” The process is fundamental and not just for electrons. Adding energy to a ghost template, we increase the local energy density of that ghost form in all 
electrical potentials in the entire arcu. This structuring of vacuum spacetime extenuls radially in all directions, sailing off to zero at infinity. When the inputting 
energy is ceased, the energized/activated form wall then ually decay over & period of time, 

"We may compare the activation, persistence, and decay of the ghost form to an accumulator fed by two inputs, one blue liquid and one yellow liquid, with an outlet pipe 
on the opposite side. Suppose only the blue pipe is turned on; the tank is filled with blue liquid and blue liquid comes owt the outlet. Now we turn on the yellow valve, 
anil yellow liquid alsa starts entering. Over a period of time, the liquid in the tank will gradually turn green, as will the fluid from the outler. Now we turn off the 
yellow valve. Over a period of time, the fluid in the tank will gradually turn back 19 blue color, as wall the outlet liquid, Energizing and decaying ghast template 
rirvcturing of the yicuum works the samte wary. 

* For inputs that have raised nh ee template near or above the observable (quantum) thresholi, this “decay time” may be quite long, Golden once accadentally 
charged up his local area with such a local template, ina powerful experiment that lasted about eight hours. Materialtzations occurred. determined by the thought- 
form (steady ghost form) inputs from the minds of the unintentional participants. In addition, interference with the timestream occurred, as indicated by all local 
clocks — mechanical, electrical, pendulum, etc. ~ going substantially astray. The materialisations decayed away in a couple of hours, simply dematersalizing back 

into the virtual state when thes average energy density level reduced past the quantum threshold. I: requared four days for the entire "ghost template” to decay away 
and for the clocks in the area to fully resume normal operation, 
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ordinary 3-space and get directly into the 
higher dimensional space one may math- 
ematically use to model the mind (see fig- 
ure 8). One can then directly “engineer” 
in that pure mind arena (in the mental 
spacetime, in the modeling sense). This 
capability, I believe, was responsible for 
Brezhnev’s vivid fear of these weapons in 
1975, and his statement to visiting U.S. 
senators that, not only must the nations 
of the earth ban nuclear weapons, but also 
the development of new weapons of mass 
destruction “more frightful than the mind 
of man has ever imagined.” Gromyko 
later introduced a draft treaty to that ef- 
fect to the United Nations the same year, 
and urged the nations of the world to sign 
it." Article one of the draft treaty stated 
that the Russians would identify the type 
of weapons when negotiations on the 
treaty started. No one had the slightest 
notion what the Russians were referring to. 
However, three other nations ~ not hos- 
tile ta the U.S, — later did develop some 
of these Type 2 weapons, The Soviet 
Union was already engaged in operational 
testing against U.S. and other targets, with 
incidents mistaken for “accidents” or 
“anomalies” by the world's news agen- 
cies’ During the beginning of the 1980s 
the three nations began checking the So- 
viet Union by demonstrating their own 
use of the weapons against Soviet targets. 
Again the open press did not recognize 
the true nature of the incidents involved. 
At the close of the 1980s the triad vigor- 
ouslychecked” the Soviet Union, clearly 
demonstrating their ability to devastate 
the Soviet Union should it attempt to 
devastate friendly nations, 

So a special case of “deterrence by 
massive retaliation” came into being in 
the Type 2 weapons area as well as in the 
conventional and nuclear areas. Does the 
reader recall, e.g., the mysterious explo- 
sion of several Soviet missile ammunition 


“Wren, 1975, ibid. 
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TO 3-SPACE OBSERVER, 
THESE “WAVES” ARE IN 
THE VIRTUAL STATE. 


TO HYPER-3-SPACE 
OBSERVER, THESE 
WAVES ARE REAL, AND 
TO HIM ARE IN His 
ORDINARY 3-SPACE. 





Figure 8. The 7-space EM potential. in observer 3-space (top figure}, the potential is composed ofa 
vittual particle flux, In hyper 3-space, the potential is a harmonic series of a SWZ bi-directional EM 


wavepairs. 


storage sites in the space of a few months 
in 1983-84? A single one of these ex- 
plosions destroyed a third of all the mis- 
siles in the entire Soviet Northern Fleet. 
There were other major incidents whose 
true nature and cause went unnoticed. 
Frustrated in the intent to dominate 
the world by surreptitious, delicate use of 
its Type 2 weapons, the economy of the 
Soviets simply fell apart. The Berlin Wall 
was torn down and the Soviet Union broke 
apart into independent regional nations, 
In that upheaval of the Soviet Union, 
however, the KGB remained intact, well- 
funded, and still firmly in possession and 
control of the Type 2 superweapons, in- 


cluding development, manufacturing, 
deployment, manning, and operational 
employment.” 





WHEELER'S PRINCIPLE AND 
Its EXTENSION 


Einstein has strongly pointed out the ne- 
cessity to review foundations (see table 2), 

The great physicist Wheeler has a very 
nice statement on the curvature of 
spacetime, Briefly, he summarizes the gist 
of GRas “Geometry tells mass how to move, 
and mass tells geometry how to curve.” 
By “geometry” he is referring to 
spacetime. So we may immediately sub- 


“Prohibition of the Development and Manufacture of New Types of Weapons of Mass Annikilution and of New Systems of Such Weapons, draft treaty mtroduced by 
Gromyko at the United Nations’ 30th sessian of the General Assembly, New York. Sept. 23, 1975. The first article provided that the types of these new weapons would 


be “specified chrough negotiations on the subject.” 


A long list of these incidents has been published by this author, through the Tesla Book Company. See T.E. Bearden, Soviet Weather Engineering Over North America, 
1985; Fer-de-Lanice, 1986; AIDS: Biological Warfare, 1988, Analysis of Scalar Electromagnetics, 1990, and Gravitabiolagy, 1991. 


*See photograph, Jane's Defence Weekly (DW) , 23), July 28, 1984, p. 92; see alyo Mark Daly, “Goa and Goblet SAMs in Severomarsk 


losion,” JDW, 2(6), Aug. 18, 


1984, p. 224; Derek Wood, “Soviets northern fieet disabled... ‘not viable’ for six months,” JDW, 2(1), July 14, 1984. p. 3; Derek Wood, “Six explosions in the past 
seven maniths,” JDW, 2(1), Judy 14, 1984, p. 3; John Moore, “The aftermath of Severomorsk," JDW, 2(6), Aug. 18, 1984, p. 224. 


» To survive as the leader of Russia, Yeltsin of necessity formed a pact with the KGB. KGB support insured that ne coup of substance could be mounted aguinst him, and 
that the KGB would insure his remaining in power. Inreturm, Yeltsin saw that che KGB was well-funded, remained intact, retained all its secret weaporss laborato- 
ries and secret weapon scientists and manufacturing facilities, and retainer and continued to operate all sts deployed, aperational superweapons, The KGB changed 
ftsname and conned business on ales: public profile Publicly # officially turned a “much gentier face” toward the Russian citizenry, But essentially the KGB seili 
controls most of the Russian military officer corps. Through the KGR/miluary connection the Communist Party can still accomplish a military coup and seize 
control of the country again, at least for the foreseeable future, when st chooses to do so. The Russian threat has mot disappeared: it is simply hibernating. 

"The Conmumunists/Generals in control of the KGB ard these superweapons are perfectly capable of turning the unfortunate dissolution into an excursion scenario of 
their long-planned mayor concessions offensive prior to ultimately striking the West with a clenched fist and destroying it. The comneuntst aim has not changed ante 
iota since 1917, although the communists have temporarily lost or relinquished control over the Russian civilian populace. For a description of this “29th move of 
the cheys gure," see TE, Bearden, “Glasnost: 29th Move of a 30-Move Chess Game.” Raum & Zeit, 1990. 

Wt Misner, K.S. Thorne and J.A. Wheeler. (1973) Gravitation, WH. Freeman and Co,, San Francisco, 1973, p. 408. On p. 5 the principle is stated as “Space acts on 
matier, telling it how to move, Ln turn, matter reacts back on space, telling a how to curve.” Thus space is already a vacuum engine that acts on matier, and mass- 
energy acts on space to curve if 
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Table 2. Einstein on Reviewing Foundations 


the scientist makes use of a whole arsenal of concepts which he imbibed practi- 
cally with his mother's milk; and seldom if ever is he aware af the eternally problem- 
atic character of his concepts, He uses this conceptual material, or, speaking more 
exactly, these conceptual tools of thought, as something obviously, immutably given: 
something having an objective value of truth which @ hardly even, and in any case 
not seriously, to be doubted. ...in the interests of science it is necessary over and over 
again to engage in the critique of these fundamental concepts, in order that we may 
Not unconsciously be ruled by them.” 


Albert Einstein, “Foreword,” in Max Jammer, Concepts of Space: The History of the Theories 


of Space in Physics, Harvard University Press, Cambridge, Massachusezt 1969, p.xi-xit 











Table 3. Wheeler’s Principle and a Corollary 
Wheeler 


“Geometry tells mass how to move, and mass tells geometry how to curve.” 
By “geometry” is meant “spacetime.” Translating: “Mass tells spacetime how to 
curve, and curved spacetime tells mass hovs to move.” 


Corollary 

“Trapped EM energy tells soacetirie how to curve. The structuring of that trapped 
EM energy tells the resulting curved spacetime how to nest its curvatures. This forms 
a vacuum engine. its nested curvatures af local spacetime tell mass arid energy how 
to structure and move. By forming vacuum engines determinatically, one may use 








stitute synonyms to yield “Mass tells 
Spacetime how to curve, and curved 
spacetime tells mass how to move.” 

We further modify and extend this 
latter statement, replacing mass by its 
trapped EM energy (this is consistent 
with general relativity) and adding nest- 
ing of such trapped energies. We also al 
low for altering the timestream, the mind, 
and the mindstream, With these modifi- 
cations, a corollary to Wheeler's principle 
results as follows: “Trapped EM energy 
tells spacetime how to curve, The structur- 
ing of that trapped EM energy tells the re 
sulting curved spacetime how to nest its 
curvatures, This forms a vacuum engine, 
Its nested curvatures of local spacetime tell 
mass and energy how to structure and 
move, By forming vacuum engines deter. 
ministically, one may use them to affect, 


them to affect, alter, and change local mass, energy, and mind as desired.” 


alter, and change local mass, energy, and 
mind in any manner desired” (see table 3) 
To gain a “feel” for spacetime curva- 
ture, one may visualize it as analogous to 
the variation of local pressure in a gas or 
fluid.” Using the earth's atmosphere as 
a model, we may precisely create pressure 
points and areas (lows and highs) 
throughout, and gradually move them at 
will, This control of highs and lows will 
allow control and direction of the atmo- 
spheric flows. Theoretically, the entire 
atmospheric flow of the earth can be 
steered and controlled, by using such an 
approach. In short one can directly 
“steer” the weather worldwide, or over a 
given continent. Present Russian devel- 
opment allows this weather control pro- 
cess to be done sufficiently to control and 
Steer the great jet streams, with concomi 


“"It ts actually the variacion of the local energy density of the vacuum from its normal value. 
“See TE, Bearden, Soviet Wenther Engineering Over North America, I-hr. vudeotape, 1985, Available thro 


have substantially increased their weather engineering capability and activity, Most of the rransmssion: 


i 


tant direct influencing of the weather."' 
We have not had any truly “normal” 
weather over the U.S, since 1976, 





Tyre 2 ENGINEERING 
Is Just BEYOND THE PRESENT 
VANGUARD OF SCIENCE 


As can be appreciated, Type 2 engi- 
neering is hayonn vesigiier Science. The 
forefront of orthodox science is still where 
Wheeler's original statement is, and does 
not apply the SWZ methodology nor nest- 
ing of spacetirne curvature. Science still does 
hot even try to create vacuum engines and 
perform vacuum engineering (see tabled on 
page 76). Conventional scientists arestill very 
firmly rooted in Type | engineering, 

In ordinary GR, nowhere does there 
appear a precise definition of the term 
“gravitational field.” The G-field is just 
a conglomerate of loose things, and — by 
Sakharav's postulate — not a fundamen- 
tal field of nature at all.” It already fol- 
tows that, since “gravitation” is“geometry 
of spacetime,” then “curvature” of 
spacetime is achieved by altering and 
changing the “conglomerates that com- 
prise G-field” from their ambient condi- 
tions. The ability to structure and nest 
such curvatures also follows in straight- 
forward fashion, 


Pumpep PHASE CONJUGATE 
Mirrors AND THE Priore 
MECHANISM 


The astounding thing is that Antoine 
Priore, using pure intuition, was able to 
arrive at an exact process for forming a 
special kind of beneficial vacuum engine! 

We know today — but scientists did 
not know it when most of Priore’s work 
was being done! — that a highly nonlin- 
ear material acts as a phase conjugate mir- 








h the Tesla Book Co, Im the last few years, the Russians 
s from: this system are now fearly good electrogravitational 


waves (Coupled wave/antiwave pairs), with EM imperfections many di helow signal leve!, Hundreds of them are utilized when the system fs actively employed aver 
the U.S. By applying Whittaker 1904, these signals ~ invisible to the normal receiver— can be received and displayed 
“Misner, Thorne and Wheeler, Gravitation, 1973, p 399. 


“A.D. Sakharov, “Vacuum Quantum Fluctuatsons in Curved 


Space and the 


of Gravitation,” Soviet Physics Doklady, Val 12, 1968, p, 1040-104! (English 


translation.) Sakharov's article (in Russtan) ax in Doklady Akad. Nawk SSSR, Vol. 177, 1967, p. 70-72, 

“Generul relanivists already accept the vacuum as containing a 4-momenturn-fiux river. See Misner, Thorne, and Wheeler, Gravitation, 1973, p. 130-131, They treat 
the stress energy tensor as a machine (ibid, p 131). The only difficulty is that they have not realized that, by applying the SWZ approach, much mare complicated 
“wacuume machines” than they have corisidered can be butlt and utilized electromagnetically, 

“See Christopher Bard, “The Case of Anioine Priore and His Therapeutic Machine: A Scandal in the Politics of Science,” Exploret, 5(5-6), 1994, p. 97-110 for an excellent 
summary of the Priore Affair. The Priore group cured terminal tumors, sleeping sickness, and arteriosclerosis in lab animals and restored suppressed immune 
systems. Eminent, even world-renowned French scientists worked with him. The work was funded by the French government and published (n leading French 
scientific journals, It was suppressed when the French government changed to a leftist government in the mid 70s 
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ror’*™ (see figures 9 &10 ). In other words, 
when one puts in a sine wave, ¢.g., in ad- 
dition to producing harmonics the non- 
linear material will also produce a 
strange, backward-traveling replica of the 
input wave. This “backward wave” has 
been well-known since the early 1970s, It 
is truly a time-reversed wave (Barus wrote 
the solution much earlier), It will back- 
track back through space, over the exact 
path taken by the input wave." If the 
input wave is continuous, this “phase con- 
jugate replica” (PCR) time-reversed wave 
will precisely appear everywhere in space 
that the input wave occupies. 

The key here is “everywhere in space.” 
It does not matter how tortuous and 
twisted the route taken by the input wave; 
the PCR will backtrack it and appear spa- 
tially superposed with it. This jt been 
experimentally proven many times in 
nonlinear optics”! One concludes that 
the vacuum has a memory,” and the PCR 








Figure 9. Phase conjugate refection vs. mirror 
reflection, 


Figure 10, Pumped phase conjugate mirror. 
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Another nice thing has been discov- 
ered and is used in the relatively new non- 
linear optics. If one “pumps” the phase 
conjugate mirror with opposing waves 
(such as, ¢.g., bidirectional EM 
wavepairs), then up to all the energy in 
the pump waves is absorbed and re-emit- 
ted in the “crawfishing” PCR wave.” In 
other words, the stimulated PCM can be 
made into an amplifier of the time-re- 
versed wave output, just by “pumping” it 
with the proper bidirectional 
wavepairs.** 


ANOMALOUS “BIO-JAMMING” AND 
Deep Dirrusion sy EM Smoa 


Pumping by EM waves or by simulta- 
neously varying EM forces due to oppes- 
ing streams of photons will produce a 
much higher probability of 4-wave mix- 
ing and multiphoton interactions. Sim- 
ply put, this probability is a function of 





wave can retrace the memory of the path 


the sheer photon/signal density, along the 
previously taken by its stimulus, 


| s lines pointed out ~ but not clarified — by 





“Elsewhere we have pointed out that, for the primary EM interactions with a living system, we must employ an electromagnetics of higher topology than the conven 
tonal EM (either vector or tensor). Barrett has shown thata higher topology EM will involve and exhibit nonlinear optical functioning without necessarily 
employing optical materials, See IW. Barrett,“ Tesla’s Norilinear Oscillator-Shuttle-Cireuit (OSC) Theory,” Annales de la Fondation Louis de Broglie, 16(1), 
1991, p. 23-41. Thus if we wish to utilize higher topology EM functioning in and on the body/mind, or just 19 comprehend such functioning, the nonlinear optical 
Processes wall form part of that functioning We must be familiar with phase conjugate optics functions, regardiess of the frequency range we operate within, and we 
must examine the sitnarion accordingly. 

In the conventional struggle to elucidate EM effects on biological systems, the failure ta realize thts higher topology principle has led to experiments that are ofren 
difficult: or impossible to replicate, primary interactive mechanisms remaining a mystery, and the inability to definitively answer even the simplest question such as 
“Does power line radiation enhance the emergence of cincer and leukemia, und if se, how and under what circumstances?” Forty years of research by able and 
determined EM inoeffects scientists have thus failed us, because the model they so stringently apply is grossly sn error. What they have thoroughly proved ix that their 
fundamental mode! ts incorrect and inadoquate for the imended purpose for which it is being utilized. The solution is not to just continue more experimerits in the 
scrrrie vein, hut to revise the model itself. We have previously pointed out (Bearden, Cancer and the Unresolved... 1995, ibid, p. 40) she present EM biveffects model, 
the modification areas required, and how to ascertain when the adjusted madel is correct 

*Cart Barus, “A Curious Inversion in the Wave Mechanism of the Electromagnetic Theory of Light,” American Journal of Science, Vol 5, Fourth Series, 1898, p, 343- 
448 gives the first Known solution of Maxwell's equations for a tinse-reversed or “backwards-traveling” EM wave. 

“According to the well-known “Distortion Correction Theorem” of nonlinear optics For a precise statement of the theorem, see Amnon Yariv, Optical Electronics, 3rd 
Erin., Halt, Rinehart and Winston, New York, p. 500-501. See particularly Chapter 16; "Phase Conjugate Optics — Theory and Applications,” 

‘For the space-borne laser, ¢.g., the U,S, uses iterative phase conjugation — known as self-targeting — of a booster-reflected laser signal to keep a powerful laser beam 
locked upon the same spor on a dissant missile booster, rising during its launch phase, long enough co burn through che casing and destroy the booster, even 10,000 
miles away. The process is known as phate conjugate shooting. 

"A striking example is given by David M, Pepper (1986) “Applications of Optical Phase Conjugation,” Scientific American, 254(1), Jan. 1986, p. 75. Passibly the best 
extant introduction to the subject of nonlinear optical phase conjugation is David M. Pepper, “Nonlinear Optical Phase Conjugation," Optical Engineering, 21(2) 
March/April 1982, p, 156-183. 

“Without extended discussion we call attention to the unportance of thts finding with respect to homeopathic medicine and therapy. In fluids, obviously one proceeds 
from vacuum flux organization and memory upward through master’s organization (and hidden memory), through the individual particies of the nucteus, to the 
nucleus, to the atom, to the molecule, etc. Between the arom and the molecule levels we encounter hydrogen bonding actions in fluids, which ts of great importance 
to the biochemistry, especially the protein chemistry It ts possible to shaw that the mind operations and the cellular control operations also SWZ structure the H- 
bonding activities of the body's aqueous fluid; it can also be shown that any chemical, drug, additive, and EM smog also structures and affects the H-bonding. 
However, further discussion of these two elements ts beyond our scope far this presentation 

“Note that “pumping” is simply a expansion of the notion of stressing the material. Emission of the amplified PCR wave tsa kind of prezoclectric release of the stress 
energy. The point ts that physical stress of a materia’ can be freely tapped and energy continually extracted, if that stress isvaryang The McLain/Wooten device uses that principle. 

“To create a normal PCR wave response to an overt EM signal wave input, nonlinear optics uses overt EM pump waves. For the hidden EAd signal wave input —i¢., for 
the hyperspatial vacuum engine as input — one must use *hyperspatial” wave pumping, The “cell as a phase conjugate mirror” must be pumped by hidden 
(hyperspatial) BM waves inside a scalar EM potential In the normal case, an amplified, normal EM POR wave is produced in response to a normal signal wave 
input and normal pump waves, In the vacuum engine case, an amplified, hypersparial EM PCR wave complex is produced in response to a hyperspatial signal wave 
input and Ayperspatial pump waves. 

“Note that the amplified PCR wave represents a reorganization anid deterministic redirection of stress energy. Hence it is a time-reversed operation, and also a 
negentropic operation. Since tie PPCM operates as an apen syste not iri thermodynamic equilibriunt, with input of excess energy in the form af the pumping, 
negentropic operation is permitted by nonlinear thermodynamics (of a system far from thermodynanuc equilibrium) For a lay summary of such thermodynamics, 
see Gregoire Nicolis, “Physies of far-from-equililwewen systents and self-organtzatson," m Pau! Davies, Ed, The New Physics, Cambridge University Press, Cam 
bridge, 1989, p. 316-47. For a more technical presentation, see G. Nicolis and I. Prigogine, (1987), Exploring Complexity, Piper, Munich, 1987, Prigogine received 
the Nobel Prize for his pioneering work in this field, 
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Devyatkov et al.’ Thus 
dense electronic smog — even 
though it contains only ex- 
tremely weak signals — in- 
creases the nonlinear optics 
type of interaction. This al- 
lows anomalously deep pen- 
etration and diffusion of 
special weak EM signals due to 
the “pumping” aspect of mul- 
tiphoton interaction. The | Dense 
nonlinear cells and cell parts | Signal 
act as pumped phase conju Environment 
gate mirrors (PPCMs) when 
subjected to multiphoton in- 
teractions. 

Worse, the signal wave in- 
puts to the PPCMs are the 
normal weak EM signals of the 
body itself. Hence the result- 
ing PCRs from the PPCMs are 
superposing phase conjugates 





Amplified Partial 
boca yh 4 
























a of the body’s normal signals. | 
0 This results in (1) a“diffusive Figure 11. Single versus multighoton penetration effects, Phase conjugation effects become of signifi 
= effect in the body oO the PPCM cance, generating PCA signals which couple to and backtrack the cells’ and tissues” own signals, this 
0 formations, and(2) formation penetrating throughout the body with weak partial cancellation jamming, 
ne} of very weak “EM cancella 
‘e] tion” signals throughout the body, specifi- 
<£ cally targeted to the body's own control 
br signals, including those to and of the im- . F «one 
“) mature immune cells in the bone marrow. Table 4. Mechanism for the Priore Therapy 
“ reer 

= In the bone marrow, “partial-cancellation © Produced Specific $VWZ-Structured Scalar Potential 
fr) jamming” (see figure 11) occurs in the nor- 17 EM frequencies mixed in a rotating plasma 
Bs mal control and development of the im- - Phase conjugates added by the plasma 
vi] mune system cells as they are created. ~ Formed vacuum engine with hyperspace pump waves 
oy Slowly errors and degradation damage ac Modulated onto a rippling magnetic field which carried it to every cell and all its parts 
oO cumulate with time, including over the Jyperspatial pumping of cells/parts as PPCM's 
he years, This cumulative immune system | * PPCM's created amplified anti-engines for disease there 
ao damage combines with other damage ef- | * Anti-engine reversed cells/parts back to normal state 

fects due to pesticide residues, pollutants, - Cells return to contral by cellular control system 


~ Restored cellular control system to full functioning 


etc. The combined degradation results in 
3 * Scrubbed out the cumulated precanceraus state 


long-term cumulative damage to the im 


Ib mune system and its cells. Increasing errors « Eliminated shadow disease state 
in the immune system's functioning even- | * Restored the immune system to high functioning 
tually result in appearance of immune sys- + No excessive trauma to veated animal 





tem disorders and increasing vulnerability to 





In Part II of this wonderful article, by Mr. Bearden, a few of the topics you can look forward to are; 
The Gulf War Syndrome, How to Make a Gravitational Wave & Curve Spacetime, 
Potentials & Gravity and How Priore Made Vacuum Engines. 


“Tike Russtans refer to the hidden EM wave structure of the sealar potential ~ i.e, to the SWZ structuring and vacuum engine templates = as He information content of 
the field, Western scientists assume this phrase refers to ordinary spectral analysis and communications, ignoring those statements that the normal EM theory does 
not apply Also, Devyatkoy et al seem in ng grent hurry to express their irwe meaning more clearly See N.D. Devyatkov (Ed.), Applications of Low-Intensity 
Millimeter Wave Radiation in Biology and Medicine, iRE Akad. Nauk. SSR, Moscow, 1985, {in Russian). See alta N.D. Devyatkow, Yu. V. Gulyaey, et al, (Orga- 
nuzeng Committee Chairmen], Digest of Papers - International Symposium on Millimeter Waves of Non-thermal Intensity in Medicine, co-sponsored by Research 
and Development Association "ISTOK” and Research institute of USSR. Ministry of flectronic Industry ("ORION"), Moxow, Oct. 3-6, 1991. Collection of 300 
papers. [In Russian}. 

tebeven some leading Western scientists — stich as Wheeler, Feynman, and Jaynes— strongly advocate replacing the present erroneous concept of the EM farce field 
existing fn spacetime with the notion that what exists Chere instead is an information sorage device containing a summary of what we need 10 predict the behavior 
ofa charge if there should he one at the point. Eg, sec -A. Wheeler and RP. Feynman, “Classical electrodynamics ini terms of direct interparticle action,” Reviews 
of Modern Physics, Val. 21, 1949, p. 425-433; ET. Jaynes, “Probability in quantum theory,” in Complexity, Entropy, and the Physics of Information, Ed. W.H. Zurek, 
Addison-Wesley, Redwoud City, CA, 1990, p. 33-55 
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Fig. 12. Single versus multiphoton penetration effects. Phase conjugation effects become of signifi- 
cance, generating PCR signals which couple to and backtrack the cells’ and tissues” own signals, 
thus penetrating throughout the bedy with weak partial cancellation jamming. 


THe GutF War SYNDROME 


For very dense EM smog environ- 
ments such as in the recent Gulf War, 
both the anomalous EM diffusion effect 
and the partial cancellation jamming ef- 
fect on humans are dramatically acceler- 
ated. Cellular and immune system 
damage that would require decades of ex- 
posure at very low EM smog levels will 
cumulate in enly a few months. In turn, 
this accelerated malfunctioning of the 
cellular control system and the immune 
system enhances the effects of other bio- 
logical suppressants already present in the 
body or encountered during the dense 


signal environment exposure period. 
These augmented suppressants include 
the degradation due to the individual's 
prior lifetime EM smog exposure, attack 
by unfamiliar disease organisms endemic 
to the areas, exposure to oil fire smokes 
and pollutants, exposure to increased UV 
from solar radiation, and exposure to 
chemical agents and possibly surrepti- 
tious biological warfare agents." 
Further, in the haste to protect the 
troops from possible chemical and bio- 
logical attack, all soldiers were adminis- 
tered a nerve agent called pyridostigmine 
bromide; in addition, approximately 
150,000 were inoculated with anthrax 


vaccine, and 8,000 also received experi- 
mental botulism toxin shots.” Normally 
for medically-administered agents, the 
relatively minor suppression effects on 
the immune systems and body are fol- 
lowed by quick recovery, due to a prop- 
erly functioning immune system and 
cellular control system. However, all three 
of these Gulf War preventive medical 
treatments do create “small cases of sick- 
ness” in the normal body,” In other 
words, a low level of the disease strain is 
created in the patient. Further, even after 
the apparent “initial recovery,” there will 
now be a much longer dormant “appar- 
ently healthy” period during which the 
vacuum engine templates for the disease re- 
main, until they have finally decayed away. 
In a sustained dense signal environment, 
this “decay away” period may be dramati- 
cally extended or never occur; in fact, the 
disease may progress from the vacuum- 
engine state to the low level physical state, 
then into a fully developed syndrome. 
So we introduce the concept of the 
relative level of a disease. First, the dis- 
ease and/or its vacuum engine templates 
are in the body. A low level or absence of 
disease, as we normally think of it, is with 
respect to the high disease level — the full- 
up, developed state of the disease, A dis- 
ease level is “low” because of the ability 
of the immune system to fight it, over- 
come it, and reduce it to a “pre-disease” 
state; and the ability of the cellular con- 
tro] system to eventually rid itself of the 
disease vacuum engine templates, retain- 
ing only antibodies against its re-invasion. 
en the disease is not physically present 
according to conventional medical stan- 
dards, but nonetheless the vacuum tem- 
plates are present and not yet cleared out, 
we shall refer to that state as the shadow 
state of the disease. The cellular control 
system largely combats this state.” 


“Both Senator Riegle's and Senator Rockefeller’s May 1994 hearings concluded that all 695,000 troops who served in the Gulf War were also exposed to 


chemical and biological toxins. 


“Stephen Salgaller, “U.S. Role in Gulf War Illness.” Letters, Science News, 1467), Aug, 13, 1994, p. 99. 
“Note that at least one of these three treatments was still quite experimemtal. Consequently there exists less confidence in stating that its normal side 


effects are minimal and tolerable. 


“Apparently by being able to phase conjugate with weak amplification, so that it forms anti-engines that usually are stronger than the disease’s 
vacuum engines, gradually reversing the shadow state to normal. 
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If the immune system and cellular 
control system are impaired, a shadow 
state of the disease can gradually progress 
toa “low level” of disease, then to a higher 
level, and become serious or even life 
threatening. This is true when conven- 
tionally the disease is physically absent 
but its shadow state is still present and 
cannot be disposed of by the cellular con- 
trol system, as clearly shown by 
Kaznacheyev’s experiments. 

We point out, but do not pursue, that 
the cellular control system also deals with 
the shadow states of diseases. In the nor- 
mal state of “free from disease,” the cellu- 
lar control system successfully and 
continually deals with incident diseases, 
overcoming them at the shadow state 
level, [ts process for continual disposal 
of the shadow state residues is hypoth- 
esized to be a version of slightly ampli- 
fied phase conjugation of the vacuum 
engine’s shadow state level. 

In the model we are advancing, the 
disease entry and development occur by 
successively (1) creating its shadow state 
and successfully maintaining it in spite of 
the cellular control system's phase conju- 
gation efforts, (2) breaching the thresh- 
old of physical changes, so that at least 
physical indicators of the struggle by the 
now-involved immune system appear, (3) 


(4) increasing until conventionally-rec- 
ognized “developed disease or infection,” 
(5) increasing until the disease is serious 
and even life-threatening, and (6) in- 
creasing until the patient can no longer 
sustain life and dies. We note that the best 
preventative medicine would and should be 
practiced at the shadow infection level. The 
Priore therapeutical approach is capable 
of doing that.“ 

In the “normal” —if such an adjective 
can be used! — sustained “weak EM smog” 
exposure, the shadow state may last for 
several years or even several decades, 
prior to sufficiently accumulated degra- 
dation of the cellular control system and 
the immune system to allow the physical 
emergence of the disease. For much 
denser EM smog, such as existed in the 
Gulf War, the shadow incubation process 
is highly shortened, as is the time to 
progress from one stage to another higher 
stage of the disease or disorder condition. 

In other words, in a dense but weak EM 
smog environment, the recovery from “mi- 
nor diseases” actually administered as part 
of the initial vaccination and preventive 
medicine will be substantially altered be- 
cause of the accelerated damage to the im- 
mune system and cellular control system. 
The control/immune degradation may be 
fast enough that the disease starts increas- 


nated by the control/immune systems.&* 

Consequently, the Gulf War partici- 
pants were thrust into a unique new situ- 
ation: The second (shadow state) phase 
of decay of the “minor diseases” created 
in the bodies receiving the three preven- 
tive medications was interfered with by 
the EM fog. Because of individual varia- 
tion in past cumulative damage experi- 
ence, the individual control/immune 
systems varied from soldier to soldier. 
The smog environment varied in density 
and intensity from place to place, and 
from time to time. Hence the degree of 
interference varied from soldier to soldier 
because of (1) variation of past control/ 
immune degradation, (2) variation of the 
EM smog exposure, and (3) variation of 
exposure to other suppressants. A bell- 
oe distribution curve of the extent 
of the net interference to net control/im- 
mune functionality” would result, when 
the soldiers are taken as a group. That is, 
some of the participants just had a some- 
what longer 2nd phase recovery period; 
some an extended 2nd phase recovery 
period; some a sustained, gradual rise in 
the 2nd phase, toward physical disease 
but not yet developing the Gulf War Syn- 
drome, Some had a sustained, quicker 
rise toward actual physical disease instead 
of a decay, and have had sufficient time 


progressing until conventional medicine —_ing from the shadow state toward higher _to develop the Pied disease. 
recognizes “low level disease orinfection,” _ levels, instead of being reduced and elimi- When the additional individual expo- 


° Kaznacheyev, several references, ibid. That is, suppose we have the shadow disease possess only a strength such that the normal cellular control system 
and immune system could overcome it. If the cellular control system is weakened, the disease progresses across the physical barrier, If the immune 
system is still strong, it can hartdle the encroaching disease, but will give physical indicators of its struggle ( Socvensed shies corpuscles, etc.) If the 
immune system is also degraded, the disease will progress to low level lipo disease, higher level, ete. On the other hand, if the cellular control 
system is normal but ri state of the disease is amplified, the phase conjugation defenses of the cellular conirol system will be breached and 
the disease will impel itself into low-level disease, then high level, and then kill the cells, in spite of a normal immune system combatting the breach 
of the cellular control system. This latter is what Kaznacheyey’s experiments showed, It is also what the decades of Soviet weak microwave 
radiation of the U.S, Emthassy in Mascow showed. 

“The discerning reader will note that we are presenting the gist of a new theory of cellular disease, 

“We also point out the electromagnetic waar warfare capability in this area, long since developed by the Russians and under total control of the 
KGB. The U.S, Embassy radiation, including the health changes and the death of three U.S. Ambassadors, was just to stimulate the US. intelligence 
and scientific communities at the highest levels. By the U.S. electromagnetic response at the Embassy itself, the Soviets could then kniow for certain 
whether or not the U.S. was aware of this EM biowar capability, and whether or not it had secretly developed defenses. Our actions assured them 
we had no such capabilities and no defenses — and were totally unaware of the true nature of the Embassy radiation, 

“Note that the multiplicity of the assault on the control/immune systems augments the resistance and recovery difficulty. Eg., each B-cell lymphocyte 
can attack only a single antigen — alien property of the surface of an invader. There are about one billion B-cells in the hurnan body, which between 
thet are specific for about a million antigens. As can be seen, the immune systent is continually having to develop B-cells with new specificities due 
to the continual meeting of new strains of antigens. Curmulated damage to this system affects both the body's resistance to diseases it has already 
acquired specific B-cells for, and its resistance to new strains for which it must make B-ceils for new antigens. There is a sort of threshold, at any 
given time, beyond which the B-cell responses cannot keep pace, and start being overwhelmed. There is also an error tolerance level; when the errors 
due to deterioration surpass this level. the immune system will often begin attacking the body’s own tissues int error. This results in disorders such 
as arthritis and cartilage and joint deterioration. With sufficient errors, previous immunity abilities also are degraded, so that more ordinary 
diseases become serious threats. 

“The administering of three “lightly suppressive” treatments closely occurring with the soldier's entry into the Combat Zone thus posed a significantly 
greater problem than normal to his or her control/immeune systems’ operations, because the control/immumne systems were suddenly led and 
hampered by the suppressive effects of the dense EM signals environment. In other words, the control/immiune systems were moderately attacked by 
the three medical treatments (three enemy light cavairy divisions), and at the same time the entire control/immune system complex was subjected 
to substantial interference and suppression (the normal friendly) troop divisions were simultaneously placed under fierce and sustained attack 
throughout the zone. A general whose divisions are already committed in furious combat and under heavy bombardment, as are all his command 
posts and communications systems, has great difficulty freeing up, reconfiguring, and recommitting some of his commitied troops to properly 
combat three other enemy forces that suddenly have appeared over the horizons from other directions! 

“We may also define this as a disease progression ratio. This ratio should assume a distribution curve. For first-order simplicity, we are assuming a 
normal distribution. 
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sures are factored in, there should have 
been essentially three broad groups: (1) 
relatively minor damage sustained, where 
any overt effects will only begin to appear 
many years hence if at all, (2) more dam- 
age sustained, where overt effects will 
begin to appear within the next few years, 
and (3) heavier damage sustained, where 
overt effects begin to appear either while 
stil] in the Gulf Region or within some 
months or so after returning, 

Hence many of the Group 3 veterans 
of the Gulf war developed anomalous in- 
fections and immune system disorders 
shortly upon their return from such dam- 
age-accelerating exposure, resulting in 
the mysterious “Gulf War Syndrome.” 
Conventional medical science will recog- 
nize — and has recognized — the overt 
phase 3 physical disease syndrome, but 
its cause and effective treatment remain 
and will remain medical mysteries. Con- 
ventional medical science will entirely fail 
to recognize Groups 1 and 2 cases, and 
will label them as due to aging, mental 
stress, or ordinary rise of diseases. 

The syndrome has inyolved the 
“anomalous EM smog diffusion” process, 
as previously explained. It may — and in 
many cases it wil] — exhibit certain “sig- 
nature” differences from normal diseases. 
The genetics of the victim are affected, 
and so are altered by induced transcrip- 
tion™ to carry at least a portion of the 
“syndrome template,’ Semen, ova, saliva, 
and blood will particularly be so affected. 
A wife may complain that her husband’s 
body fluids are now irritating to her skin, 
even producing “burning” sensations. 
Children conceived and born may be 
borne with the syndrome, or with one or 
more aspects of it.” The syndrome tem- 
ee can be transmitted by exchange of 

ody fluids, so wives may also contract 
the syndrome and develop the disease 
from their husbands.”* 


CONVENTIONAL EM BioerrEcts 
KNOWLEDGE Is INSUFFICIENT 


Present “EM bioeffects” scientific 
models contain absolutely no modeling 
of partially jamming the body's own spe- 
cial EM control system by turning its EM 
signals partially into G-signals, thereby 


partially nullifying them. It also contains 
no modeling of the anomalous EM dif- 
fusion process.” Thus the conventional 
medical approaches also do not contain 
any proper means of accounting the 
mechanisms for, and results of, long-term 
exposure to electronic smog and other 
combined agents and effects. Conven- 
tional scientists also have no knowledge 
of the major degradation mechanisms in- 
volved. The conventional medical mod- 
els specifically are useless when 
confronted with something such as the 
Gulf War Syndrome or the decades of 
Russian microwave radiation of the U.S. 
Embassy personnel in Moscow. Capable 
scientists turn to their conventional mod- 
els for answers, and the models fail them. 
Therefore present medical science is 
baffled when faced with such diseases and 
syndromes.’*( See figure 13 on next page) 





How To MAKE A GRAVITATIONAL 
WaAVE AND Curve SPACETIME 


We return now to the fundamentals 
of Type 2 engineering. 

If one superposes an ordinary EM 
wave with its true phase conjugate rep- 
lica wave, where the two waves are of 
equal strength, the EM forcefield aspects 
of the combined wavepair (standing 
wave) vanish, while the energy-density 
aspects remain. At every point the E-fields 
and the B-fields sum to vector zero force- 
field resultants. The standing wave that 
results will not cause EM movement of 
charged particles, 

However, the energy densities of the 
two locked (and now “hidden”) EM waves 
remain and add, By standard GR, this 
“trapped EM density standing wave” 
must constitute a standing gravitational 
wave and a standing wave in the local 
curvature of spacetime! 

It follows that, by assembling a har- 
monic set of such wavepairs, a la Stoney 
and Whittaker, one can form a region of 
spacetime such that the energy density is 
deterministically altered and controlled, 
and to engineering levels. 

Engineering general relativity sud- 
denly became a lot easier! Ironically, 
present physics only considers primarily 
the very weak ST curvature that can be 


obtained by the extremely weak gravita- 
tional “attraction of mass” G-force. For 
electrons, e.g., the G-force is only on the 
order of 10“ times as strong as the elec- 
tric force, Consequently orthodox GR 
ay “cannot pack enough trapped G- 
field energy into the loca] space” in the 
laboratory to get measurable effects. 
Only in the vicinity of a very large mass, 
such as the sun or a star or a black hole, 
does the weak G-force reach sufficient 
strength to yield directly observable, 
strong effects. Yet by using EM vacuum 
engines and the SWZ approach, one can 
obtain readily-measurable GR effects 
right on the laboratory bench. 


DSSS —_ 
of conventional 
medical models 
specifically are 
useless 
when confronted 
with something 
such as 
the Gulf War Syndrome 
or the decades of 
Russian 
microwave radiation 


of the U.S. 


“Note that the transcription component may continue to develop in the same “post disease” manner as does the shadow disease of the overall Gulf War 
Syndrome. The returnee continues to experience EM smog and other control/immune suppressants, though at a lesser level than experienced in the 


Gulf War environment. 


"Such aspects are highly controversial, A few affected families are reporting such symptoms and aspects, but officially “there is no evidence” for them 
However, with the initial appearance of the syndrome, officially veterans who complained of this illness were briefed by these same medical "au 


thorities” that their physical symptoms were stress-related, a 


that the cause was all in their mind! 


"In a fashion similar to Priore's animal experiments that demonstrated the transfer of curative templates by a single drop of blood. Kaznacheyev 
showed that disease templates could also be transferred. 


"In fact, EM bioeffects research for decades has used, and continues to use, sheer energy deposition (scattering of EM ene 


by the tissues — heat by 


another name!) as a measure of the exposure level. They have not applied nonlinear phase conjugate self-targeting effects at all, 
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Fig. 13. Necessary corrections for the present inadequate EM biaeffects model 





POTENTIALS AND GRAVITY 


Obviously one can simply add har- 
monics of such EM “locked in” wavepairs, 
to produce a standing “constant value po- 
tential” pattern of a fixed excess energy 
density of vacuum or a fixed decrease in 
the energy density of vacuum. This har- 
monic series of bidirectional EM wave 
pairs — the sum set of wavepairs — is pre- 
cisely what Stoney and Whittaker showed 
makes an ordinary EM scalar potential. 
In other words, they showed the actual 


energy-trapping mechanism, and dra- 
matically altered the view of a scalar po- 
tential as being simply an “electrostatic” 
entity and a scalar field. Instead, it is a 
hidden-variable energy flow process.>"** 

Its external “scalar field” aspect is just 
its “local energy density” aspect, not its 
fundamental nature.”* 

Asis well-known in GR, all potentials 
are gravitational because they contain 
trapped energy. Any trapped energy is 
gravitational, a priori, according to GR. 
Ziolkowski independently rediscovered 


the SW decomposition in the 1980s and 
extended it to also add the product set. 
Since multiplication of waves is modula- 
tion, in my opinion Ziolkowski actually 
wrote the basis for hyperspatial (or 
subspatial, if one models physics in only 
4-dimensions) communication at super- 
luminal velocity, essentially instanta- 
neously anywhere in the universe. (See 
figure 14 on opposite page) 

“Paired assembly of an EM wave and 
its true PCR” was and is the way to turn 
EM energy directly into gravitational en- 


Just as it is also essentially baffled by many conventional dread diseases such as cancer, leukemia, AIDS, arteriosclernsis, etc, —which indicates that the 
conventional “models” for those diseases are also seriously deficient, 


*The present preoccupation of physicists with the scalar potenti 
joules per collecting point-coulomb of charge — and erroneo 
density of the potential at a point is not what the poterrtial is, 


al is simply to provide an algorithm for calculating the local energy density — in excess 
usly call that the definition of the potential, The magnitude of the energy collection 
and such is not its definition. Defining how much water can be poured out of @ 


standard bucket, when it is dipped into a flowing river and filled with water, does not define the river! 


“From the particle view, the potential is an ordering in a virt 
ordered, harmonic series of SWZ bidirectional EM waves, 
It follows that the energy in each hidden sine wave is infin 


ual particle flux of the vacuum. From the wave view, the potential is comprised of an 
where each wave reaches to the ends of the universe before having a zero energy density. 
ite, just as it is for any overt theoretical EM sine wave, So any potential — even that of & 


flashlight battery — already involves an infinite amount of flowing hidden EM energy, being exchanged by the source and the entire universe, 
flowing in both directions along any radial from the source sa potential. The scalar potential is a flowing, continual exchange of energy between 
the 


each and every point in the universe and the local source o; 


Potential, 


*Both the wave and particle forms of the potential exist simultaneously. The particle nature exists in Minkowski 4-space, The “hidden SWZ waves" 
exist in a hyper-4-space whose tinte dimension is the same as that of Minkowski 4-space. The scalar EM potential actually exists as a 7-dimensional 
entity, The internal hidden EM flow is not confined to the speed of light in space, because it does not flow “through” 3-space; instead, it flows 


“around” it. 


"E.g,, Whittaker, 1904, ibid. shows us that all of classical electromagnetics can be made by the interference of two scalar fields, which is just a special 
kind of hyperspatial multiwave interferometry. 
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ergy.’ This is the unification of EM and 
GR that eluded Einstein all the latter part 
of his life, and that has continued to elude 
scientists today. This is the way to “trap” 
EM energy locally, even though the EM 
wave energy is flowing at the speed of 
light or greater. This is the way to change 
EM energy into gravitational energy.’* 
Further, it is engineerable and testable. Re- 
member, physics requires that energy be 
conserved; however, it can certainly change 
its form, GR already says that it is the 
trapped energy that is gravitational, not 
mass per se, and regardless of what kind 
of energy is trapped. Ultimately Einstein's 
formula E = me’ is actually a statement of 
the trapped EM energy in a mass. How- 
ever, heretofore no one had the slightest 
notion as to the actual trapping mecha- 
nism. The SWZ work actually shows the 
trapping mechanism itself and allows the 
engineering of electrogravitation, 


How Dip THE REVOLUTIONARY 
STONEY/ WHITAKER 
Work Go UNNoTICED? 


Apparently neither Stoney nor 
Whittaker realized that their work was 
pure electrogravitation. When the refer- 
enced papers by Stoney and Whittaker were 
published, special relativity, general rela- 
tivity, and quantum mechanics had not 
even been born yet! Indeed, there still was 
not a wide adoption of Heaviside's vec- 
tor interpretation of Maxwell's fading 
quaternion theory. Even classical EM was 
still in its infancy and just getting off toa 
good start. 

In the 1980s Ziolkowski realized that 
the internal biwaves of a potential could 
be engineered, but remained primarily fo- 
cused upon his important work with elec- 
tromagnetic missiles and focus waves (slugs 
of EM energy which stay together as they 
travel, and do not spread out.) Ziolkowski 
is one of the pioneers in that field. 


How Priore Mabe 
Vacuum ENGINES 


This “vacuum engine methodology” 
was and is what Priore’s intuition led him 
to! For the electromagnetic treatment of 
laboratory animals, his EM therapy de- 
Vice first inputted some 17 or so frequen- 
cies into a rotating plasma.” We know 
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Fig. 14. A gravitan is a coupled photor/antiphoton pair, In the bidirectional wavepair of the SWZ 
internal structure of the scalar potential, photons in the wave continually couple and uncouple as 





the wave and antivrave pass through each other. 


today that such plasmas phase conjugate 
the wave inputs, but that was not known 
when Priore first did it, 

Obviously Priore himself did not un- 
derstand the actual mechanism, but his 
brilliant intuition led him to discover how 
to do it! For many years no one knew how 
bs te worked, yet that did not prevent 
it from being used widely and effectively. 

In other words, Priore used the 
plasma to unwittingly add PCRs to each 
of his waves and form 17 magic SWZ 
“wavepairs.” The entire SWZ wavepair 
assembly thus made an artificial poten- 
tial, having a “vacuum engine” pumping 
substructure of hidden bidirectional EM 
waves. Adjustment of selected frequen- 
cies away from their harmonic positions 
adds multiplications and beat frequency 
modulations, creating specific templates 
and specificvacuum engines. These SWZ 
waves are hyperspatial; hence they are in 
the domain of the deep mind's cellular 
control system, When an abnormal body 
cel] is pumped by these hyperspatial 
waves, the cell’s own hyperspatial 
vacuum-engine “signal input complex” 
triggers a specific dedifferentiation anti- 
engine for that specific abnormal state, 
By Wheeler's principle, if spacetime cur- 
vature is present in the material cell, its 
energy and template are applied to the cell 
and act upon it. With vigorous pump- 
ing, the anti-engine is also amplified and 
so the cellular response is more rapid. In 


other words, the amplified anti-engine 
fairly quickly overpowers the disease en- 
gine and reverses the abnormal cell and 
all its contents back to their previous mor- 
mal states. (See figure 15 on the following 
page) 

Priore’s new signal complex came out 
of the plasma mixing (phase conjugating) 
tube with SWZ structures of wavepairs, 
where each pair was composed of two 
bidirectional (opposing) EM waves. 
Priore then modulated this output upon 
a very strong, rippling magnetic field as 
a carrier, and radiated the body of the 
patient with that resultant field and its 
transported hyperspatial SWZ anti-en- 
gine components. 

Nuclear magnetic resonance guaran- 
tees that such a magnetic field with all its 
modulations will be delivered entirely 
through the body, penetrating the flesh and 
bones and even the atomic nuclei them- 
selves. It will certainly penetrate the bone 
marrow where all the blood cells (which 
inchades most of the immune system's cells) 
are born! It will penetrate everywhere else 
also. So all the cells of the immune system 
will be exposed to the AC magnetic carrier 
and its impressed hyperspatial biwaves and 
their modulations. 

The body's cells and cell-parts are 
highly nonlinear, and so they are also de- 
modulators. They strip off the SWZ 
modulations. This puts the amplified 
vacuum anti-engines directly into and 


1 have previously pointed out that, in a coupled wave/antiwave pair, the photons in the wave and the antiphotons in the superposed phase conjugate 


replicate wave also pair into photon/antiphoton pairs, which have spin-2 helicity and hence ar! 
application of the distortion correction theorem. However, it is the fundamental union of EM an 


Gravitobiology, 1991, p. 1-9. 


‘avitons. This follows merely from a strong 
Ginto a single engineerable theory, See Bearden, 


By Whittaker 1904, we can always interfere two such potential fields and obtain an EM field, even at a distance. Thus we can also readily turn the 
gravitational (trapped EM) energy back to EM field (untrapped EM) energy. 
* David M. Rorvik, “Do the French Have a Cure for Cancer?” Esquire, July 1975, p. 110-11, 142-149 gives an overview of the Priore Affair and some 


details of the electromagnetics of the machine. 


“Note the immediate connection to the Russian energetics model, which ts directly fashioned after the nature and nonlinear EM functioning of 
plasmas. Priore was directly applying Soviet energetics, although rteither he nor any other Western scientist could have known that. 
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onto the cells, including all the cells of 
the immune system, and including each 
and every part of each cell. Small won- 
der then that the Priore methodology 
could restore suppressed immune sys- 
tems! Time-reversing the damaged im- 
mune cells and their damaged internal 
components back to a previous healthy 
state was one magnificent result. The ra- 
diation also delivers the modulations di- 
rectly into the master potential (the 
body’s quantum potential) that contains 
its mind, its long-term memories, and its 
master control system for all cells. Thus 
not only are the diseased cells and the 
immune cells affected, but also the mas- 
ter cellular control system for all body cells 
is directly affected." 


Ina related work, Becker (See figure 

16 on the following page) and his col- 

leagues stimulated bone healing in diffi- 
b 


cult fractures by use of tiny DC currents. 
They have shown that picoamperes of 
steady DC current trickled across the 





15-A, Priore demonstrates a point to Mr. 15-B, Or. Raymond Pautrizel, noted immuncle- 
|Chaban-Delmas, Mayor of 8ordeaux and a gist, worked directly with Priore. Dr. Pautrizel 


fracture site induces bonehealing. Becker friend and mentor. is Professor Emeritus, University of Bordeaux, 
showed that, surprisingly, red blood cells and holder of the first chair in immunology in 
are dedifferentiated — shucking their he- France. 

moglobin and growing 4 nucleus in the Dr. Robert Courrier (not shown), head of the Biology Section of the French Academy of Science as 
process, These cells redifferentiate into well as its Secretaire Perpetuel at the time, was also 2 noted colleague. He personally presented 
the kind of cells that make cartilage, Then the astounding results of the Prore Team's experiments to the Academy. 





those cells redifferentiate anew, into the Fig. 15. Priore was supported by notable French political leaders and eminent French scientists were 
kind of cells that make bone, and heal the _ is close scientific colleagues. 


fracture with new bone deposit, Becker 


also proposed a complete, operational DC A proposed explanation of the fundamental vacuum-engine mechanism for the 
control system, staying within the limita- Priore and Becker effects has previously been given in some detail by Bearden." (See 
tions of conventional EM theory.*#°4# figure 17 on next page) 


“\We refer to an expanded version of Popp’s cellular control system, E.g., see Fritz Albert Popp, “Photon Storage in Biological Systems,” in Fritz Albert 
Popp et al, eds., Electromagnetic Bio-Information: Proceedings of the Symposium, Marburg, Federal Republic of Germany, Sep. 5, 1977; 
Urban & Schwarzenberg, Baltimore, 1979, p. 123-149. Popp reports the theoretical and experimental discovery that mitogenetic radiation from 
cells can be seen as a sort of “waste” from a virtual electromagnetic field with a high coherence. This field has a tendency to become stationary over the 
whole organist, In addition, it includes the storage of “virtual” coherent photons. Comment: Our substitution of the SWZ hidden wave approach to 
replace Popp’s QM particle approach greatly facilitates understanding and specifying the control system, and materially eases direct engineering of it, 

"Eg, see R.O. Becker, “The direct current field: A primitive control and communication system related to growth processes." Proceedings of the. XVI 
International. Congress of Zoology, Washington, D.C., Vol. 3, 1963, p, 179; “The contro! system governing bone growth in response to mechanical 
stress.” J. Ark, Med. Soc., Vol. 62, 1966, p. 404; R.O. Becker and DG. Murray, “A method for producing cellular dedifferentiation by means of very 
small electrical currents.” Trans. N.Y. Acad, Sci., Vol. 29, 1967, p. 606. See particularly Robert O. Becker, “The significance of bioelectric poten 
tials.” Bicelectrochemistry and Bioenergetics, Vol. !, 1974, p. 187-199. Becker proposes that a complete, operational system exists in living argart 
isms, and controls such basic functions as growth, healing, and biological cycles. The system is described in anatomical detail. It functions as a data 
transmission system in an analog fashion using varying levels of direct current as its signal. The systemt interlocks physically with the nervous 
system and is postulated to be its precursor. There are two electrochemical limbs of great significance in the operation of the system, One is between 
the DC system and the nervous system; the other is between the DC system and all body cells. The concept explains all of the diverse effects reported 
for the biological effects of applied electrical currents including: electrical anesthesia, electrical growth control, and electroacupuncture. It also 
furnishes « testable hypothesis for predicting other effects of clinical significance. 

® We comment thar the SWZ approach allows control and conditioning— both externally and internally — of both linths of Becker's proposed DC control system. 

“See also C.W. Hsue, “A DC Voltage is Equivalent to Two Traveling Waves on a Lossless, Nonumiform Transmission Line,” IEEE Microwave and 
Guided Wave Letters, Vol. 3, 1993, p. 82-84. Hsue shows that the steady DC voltage on a transmission line powering a resistive load, mathemati 
cally decomposes into bidirectional EM traveling waves. The bone-healing setup used by Becker et al is precisely of this configuration. The fracture 
corresponds to the resistive load and the two electrodes on each side correspond to the transmission lines. Hence Becker's team actually employed a 
form of the Stoney/Whittaker/Ziolkowski harmonic biwave decomposition of the scalar potential, to accomplish hyperspatial pumping and forma- 
tion of anti-engines of vacuum energy So this is another application of the same basic “cell-reversing” methodology, as also utilized more extert- 
sively by Priore. Becker's brilliant work of course was ard is independent and unique, and he was nominated for a Nobel Prize because of his ab- 
solutely fundamental work in showing electromagnetic differentiation and dedifferentiation of cells. That he has not been awarded the prize is 
regrettable and, in my opinion, an injustice. 

“TE Bearden, “Mechanism for Long-Term Cumulative Biological Effects of EM Radiation,” presented to the 70th Annual Meeting of the Alabama 
Academy of Science, University of Alabama at Huntsville, March 25, 1993. A digest of this presentation is published by the Tesla Book Company, 
PO, Box 121873, Chula Vista, CA 91912 as T.E. Bearden, Cancer and the Unresolved Health Issues in the Biological Effects of EM Fields and 
Radiation, 1993 and includes both text and hard copies of viewgraphs. 
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How THE Priore VACUUM 
ENGINE REVERSED CELLS TO A 
Previous STATE 


Taking a GR view, any mass already 
has its own vacuum engine for its exact 
form and internal structure and dynam- 
ics, in the finest detail, That particularly 
follows Wheeler's principle; if the mass is 
there, the appropriate spacetime curva- 
ture and dynamic energy structuring is 
there. If the mass has internal structur- 
ing, so does the spacetime curvature: it 
becomes nested curvatures with a pre- 
cisely correlated template. In short, any 
mass — living or not — is imbedded in a 
precise vacuum engine. Any and every 
change adds a specific delta to this 
vacuum engine component. Just asatree 
has rings for its past years and an onion 
has layers, the vacuum engine of an ob- 
ject has an exact template for that object's 
entire past, as do the mind and its compo- 
nents also," 

So when a normal living cellular mass 
changes to a diseased state, a prioriit has 
added an additional delta vacuum engine 
(representing the change that resulted in 
the disease) to its original vacuum engine 
(which represents the original healthy 
state of the cell). The cell and all its parts 
are highly nonlinear and act as phase con- 
jugate mirrors, including to the higher to- 
pology (hyperspatiality) of the vacuum 
engine. Any living system we isolate and 
study is at least 7-dimensional. 

Putting all this together, we now can 
understand the marvelous nature of what 
Priore did. By exposing the body, treated 
part, cells, and cell parts to Priore’s modu- 
lated rippling magnetic field, the “hidden 
pump waves” carried by that magnetic 
field are applied to each and every cell and 
to all its parts, in the exposed area. In the 
exposed area, each and every cell and its 
parts become powerfully pumped phase 
conjugate mirrors for its hyperspatial 
vacuum engine complex. 

Extending the language of nonlinear 
optics, the particular net vacuum engine 
of the diseased cell or part constitutes a 
“standing input” hyperspatial signal wave 
complex, already input to the hyper- 
spatially pumped phase conjugate mirror 
cell or eel part. When pumped by “hid- 
den” pump wayes, each and every one of 
those PC mirrors will now originate an 
amplified phase conjugate replica of the sig- 
nal wave complex, Each one will produce 
ahighly amplified, time reversed replica of 





BECKER'S 
BONE FRACTURE SETUP 
(DIAGRAMMATIC) 


Fig. 16. Becker's application of tiny DC currents to heal difficult bone fractures, 
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THE DC VOLTAGE CAN BE TREATED AS TWO 
TRAVELING WAVES PROPAGATING IN 
OPPOSITE DIRECTIONS (HSUE, 1993) 


Fig. 17. Hsue's biwave decomposition of DC voltage (as in Becker's application of tiny DC currents to 
heal difficult bone fractures), 
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Fig, 18. Applying an anti-engine for the “deviation” of the diseased cel! reverses the cell to normal 
after a time delay, 


its specific standing vacuum engine. This includes amplified time reversed replicas of both 
the “healthy” component of each standing vacuum engine and the “disease delta” compo- 
nent. (See figures 18 above and 19 on following page) 

In other words, every pumped diseased cell and cell part — including the genes and 
chromosomes — will produce a very powerful, highly amplified, “reverse vacuum en- 
gine” (an anti-engine) which is fantastically specific and precisely time-reverses the 
cell and its parts, including the genes and chromosomes as well, back to their previous 
normal states. 


“If one alters the internal structure (rings) of a tree, ane changes the tree If one alters the internal structures and dynamic functioning of matter, one 
changes the matter accordingly, If one alters the internal structures and dynamics of the mind, one changes the mind, its contents, and its function 
ing accordingly, as well as the subsequent behavior exhibited by the altered individual. 
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Fig. 19. Applying an amplified anti-engine for the “deviation” of the diseased cell reduces the time 


delay required to reverse it back to normal. 


REJUVENATION 

Any normal cell that is exposed to 
hyperspatial (Priore-type) pumping just 
reverts to a slightly younger normal state. 
Note that this allows rejuvenation.” 
Priore’s earliest experiments that so riv- 
eted his attention and set him on the path 
of discovery, were in fact the abnormal 
prolongation of the life of fruits! For each 
class of disease, Priore just had to fiddle 
with the frequencies until he had the right 
set of pump waves for the specific “disease 
delta vacuum engine.” This he did by trial 
and error, So when it is “Priore-pumped,” 
acancer cell reverses back toa normal cell, 
as does a precancerous cell as well. 

The revolutionary Priore therapy is 
startling but simple. The diseased cell is 
analogous to an automobile that has been 
driven slowly off the road into the rough, 
Priore’s methodology shifts the car into 
reverse gear, guns the engine, and quickly 
and precisely backs the car back onto the 
roadway. It is one of those profoundly 
beautiful embodiments analogous to 
Paraday’s unipolar generator; it strikes di- 
rectly to the heart of the fundamental 
principle. A cell develops damage and 
disease over a period of time. Simply 
time-reverse it quickly back to its origi- 
nal healthy state. 


AIDS Coutp Be QuickLy Curep 
THE SAME Way 

Given Priore-pump- 
ing, an AIDS-infected 
cell would revert back to 
anormal cell, including 
all its genetics, and in- 
cluding for all of the 
hundreds of “strains” of 
AIDS that exist in an ad- 
vanced AIDS patient. 
With this ap- proach 
one could completely 
reverse and eliminate 
AIDS whenever a posi- 
tive reading occurs in 
the HIV virus test, and 
prior to the appearance 
of the actual physical 
sym-ptoms! If the per- 


@ OOZENS TO HUNDREDS OF 
QUAS! SPECIES IN EACH SUBTYPE 

@ LACH SUBTYPE DIFFERS FROM 
ALL OTHERS SY 20% 

@ DOMINANT STRAINS CHANGING 
BACH 20-30 YEARS 

@ ABOUT 3% GENETIC EVOLUTION PER YEAR 


Based on Lor Alamos arayae 


Most Diszases COULD BE 
Cure BY THE New 
THerareuric MopaLiry 


Any infectious disease known or un- 
known can be cured by the same means. 
The marvelous thing is that one need not 
know the specific technical pattern for the 
delta vacuum engine for a specific disease! 
One just has to correctly adjust the hidden 
SWZ pumping frequencies, 





ARTERIOSCLEROSIS 


In arteriosclerosis, it has been found 
that the greatest part of the damage is due 
to the presence of some rather ordinary 
viruses, and abnormal cell growth by the 
body’s own cells as a result of triggering 
by previous viral infection, Cellular re- 
versal (dedifferentiation) gets it all; the 
viruses and the abnormal cells. Every- 
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son just has the anti- 
bodies and not the 
disease, the treatment 
will still do him absolutely no harm. (It 
will actually make his cells a “little bit 
younger and more vigorous,” and help 
his immune system.) If he has both the 
AIDS antibodies and the infection as 
well, he will be completely cured and his 
immune system will be restored to com- 
plete vitality. 


and unstab. 


Fig, 20, AIDS is continually changing since the HIV virus is a retrovirus 


thing reverts to normal, and the body's 
restored processes quickly “police up” the 
extra cell growth, using its natural con- 
trol processes which are now restored to 
full functioning, This is how the Priore 
team was able to so dramatically cure the 
“clogged arteries” of laboratory animals. 
The Priore approach (pumping of the 


One should not be surprised that a time-reversal operation upon an entire body leads to reversal of physical y i in that body! But we point out that 
ctio’ 


the time reversal we speak of is not at all the “time travel to the past” so beloved by generations of science 


n writers, For that, one would have 


to reverse each and every part of the universe simultaneously, except the observer, back to an exact former state, in perfect universal coordination. 
One would have to pump the enitire universe, except for the observer! The observer would then remain as is with no change, while his entire world 
“went back in time” toa past state, The pumping of the universe would have to stop instantaneously (decay of the false vacuum?), and the universal 
anti-engine would have to stop operation and decay instantaneously (another big bang, perhapst). We are not referring to anything such as that! 
We are referring to the reversal of a single little part of the universe, back to its previous state, which is practical and can be done. Universal time 
reversal — and hence time travel for the observer ~ is not practical, at least within our present knowledge and within the time reversal model we are 
applying. We should point out, however, that time reversal is a legitimate part of physics, and is not science fiction, E.g., for an overview, see Robert 
G. Sachs, The Physics of Time Reversal, University of Chicago Press, Chicago, Illinois, 1987. 
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diseased cell’s self-contained vacuum en- 
gine to create a very powerful vacuum 
anti-engine and reverse diseased cells 
back to normal) is the most powerful 
therapy for cellular disease ever conceived 
of. If the cells have ever been normal, they 
can be reverted to normal." One can also 
probably regrow lost limbs, ete. but that 
takes too long to explain here! The meth- 
odology should also be able to completely 
reverse disorders such as Alzheimer’s dis- 
ease, and very probably muscular dystro- 
phy as well. It should even be possible to 
reverse the physical effects of aging! 


Mucx More THAN THis 
INTRODUCTION 
Has BEEN THEORIZED 


This is the gist of the mechanism for 
the Priore therapy’s startling success, al- 
though it has required some 10 years of 
very hard work to decipher the mechan- 
ics of the process. Along the way, I have 
also personally discovered and added a 
great deal more (for example, the quan- 
tum potential aspect of aliving system and 
any enclave of living systems, the mecha- 
nism to generate a quantum potential, the 
precise mechanism for Sheldrake’s mor- 
phogenetic field, the mechanism for di- 
rected evolution, the unusual elect- 
romagnetic nature of mind and thought, 
the mechanism for engineering mind and 
thought, engineering the entire species, 
and engineering the entire living bio- 
sphere), but this much should suffice for 
now for introductory purposes. 

A technical book has been laboriously 
begun, and hopefully will be finished and 
published in about a year, Two 2-hour 
videos are also tentatively being planned. 
A four-hour technical briefing has already 
been prepared and peieentad. 





REACTIONS TO THIS VACUUM 
ENGINE EXPLANATION 


In response to numerous queries as to 
the reactions to this explanation of the 
Priore mechanism: Reactions tend to be 
rather good when (1) the technical per- 
son is open-minded, in other words, a 
friendly skeptic, (2) the technical person 
endures a grueling 2-hour or 4-hour de- 
tailed slide presentation I prepared, and 
(3) sufficient follow-up dialogue is ac- 
complished to answer residual questions, 
Otherwise, the “mental jump” required 
of the participant is just too great.” Also, 
perhaps 60-70% of the conventional sci- 
entists are absolutely against anything 
that smacks of “revolutionary.” From 
about half of this contingent the approach 
may generate disbelief and even overt 
emotional hostility, just as Priore himself 
and his associates encountered.” 

However, some of the sharpest young 
graduate students readily make the tran- 
sition, if they interact with me for a long 
enough period and enough times to un- 
derstand the physics of the approach. It 
did not take me 10 years to decipher an easy 
thing! The causative mechanism for 
Priore’s accomplishment is terribly in- 
volved and very, very deep, It is slightly 
beyond the present scientific vanguard, 
although the bits and pieces necessary to 
decipher the Priore mechanism are now 
in the literature. But putting them to- 
gether has been a bone-crushing, terrible 
task. Priore was truly a century ahead of 
the science of his time! 

Nonetheless, there is much hope, be- 
cause the material is slowly taking root 
ina few sharp young graduate minds. For 
example, one of the major Eastern Uni- 
versities would be astonished to know 
that their sharpest, brightest young PhD 
candidate — one they already assume will 


win a Nobel Prize in the future — is a full 
convert, and thoroughly understands cel- 
lular reversal by hidden-variable SWZ 
=e la Priore. But at my strong 
urging, he is keeping it a secret until he 
graduates, and then he will gradually be- 
gin to filter in some of these ideas. That 
way he does not initiate his destruction 
by his peers because of too much ener- 
getic advocacy too quickly. 


THe Priore APPROACH IS 
Urcentiy Nrepep 


We simply must get this Priore thera- 
peutic approach developed, for it is ex- 
tremely important to all humanity. Our 
very survival may depend upon it. 

Presently all our antibiotics are begin- 
ning to fail; the disease organisms are be- 
coming quite resistant. Already our 
hospitals have strains of diseases that few 
if any antibiotics will touch. Hundreds 
of thousands of hospital patients each 
year are already experiencing complica- 
tions due to contracting an antibiotic- 
resistant infection. Probably about 20,000 
ayear are dying asa result, and the death 
rate is increasing. In the future, one will 
have to seriously weigh whether it is bet- 
ter for one’s chance of survival to enter 
the hospital and be treated, or to take 
one’s chances with the disease and not 
enter the hospital. 

With the rising failure of the antibi- 
otics, (See figure 21 on page 60) and the 
rising possession of tailored biological 
weapons by hostile nations and interna- 
tional terrorists,” (See figure 22 on page 
60) we shall shortly have no defense 
against an onslaught of pandemics un- 
heard of since the Black Death swept 
medieval Europe of one third the popu- 
lation. Literally the age of pestilence and 
dread diseases of Revelations is upon us.* 


*They can also be “reversed to normal” even if they have never before been normal. The master cellular control system contains a master blueprint for 
the normal cell and can make an appropriate template for the y cad disease delta vacuum engine, or one can be introduced (e.g., by peg of 


a drop of blood from a person previously cured of that specific 


isease; this was in fact demonstrated by the Priore group.). Pumping w: 


ther 


reverse the patient back to normal, as was actually shown by the Priore group. Indeed, the body's own system may be able to use the correct anti- 
engine template from the drop of blood and cure itself poop for as was also shown by the Priore group, if the body itself is reasonably healthy. 
id to Elk 


“Simply “dropping it on someone” by mail, for example —as I di 
reading to grasp. A polite acknowledgment was received from the Tayto 


eth Taylor's foundation and Ross Perot's office— is just too much for a casual 
foundation, and no acknowledgment at all was received from the Perot camp, 


"Asan example, Priore completed the course work for his PhD and submitted his thesis, documenting his formidable and revolutionary work. Because 
of the ferocity of the oncology establishment toward the Priore team and its accomplishments, the university rejected his thesis. During the two 
cades or so since then, untold millions have died worldwide from diseases the team cured. These deaths could have been prevented had the Priore 
work been vigorously pursued and developed by the scientific community. 
“It is not a question of if the international terrorists will use biological weapons against the U.S, civilian populace, but only of when. Astoundingly, 
often it may even be possible for the terrorists to simply buy their biological warfare agents from us! In a lawsuit by Desert Storm Syndrome victims 


against certain U.S. comparties, one of the companies is all 
fective biological warfare agents. E.g.,a 


These are highly 


to have sold germs — such as anthrax, tularemia, and botulism — to Iraq by mail. 
spray tanks spraying such agents over a large U.S. city complex at night, using an 


easily obtained light plane to get in a few hours “flying practice,” would result in tens or even hundreds of thousands of deaths within days. 
According to U.S. government-released data, inhaling a few anthrax spores into the lungs has a very high probability of killing the inhaler, unless 
treatment is started immediately, Even with immediate treatment, many deaths will still occur. A substantial number of nations are now obtain- 
ing and producing lethal biological warfare agents — which have been called the “poor man’s atomic bomb.” Some of the international terrorist 
groups are also acquiring the biological warfare agents, 
%A good exposition of the rapidly increasing resistant-disease problem is given by Garrett, Laurie, The Coming Plague: Newly Emerging Diseases in 


World out of B 


ice, Farrar, Straus and Giroux, New York, 1994. 
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In addition, the costs of the present 
allopathic medicine are rising rapidly and 
threatening to either bankrupt the nation, 
or become so expensive that only the 
wealthy can afford adequate medical care. 
Even the wealthy could be trapped in the 
future and denied adequate medical treat- 
ment. The Clinton Medicare bill, if ap- 
proved, would make it a felony to pay a 
doctor out of one’s own pocket, after de- 
nial of such treatment by the administra- 
tive bureaucracy, [t also makes it a felony 
for the doctor to give the treatment to the 
disapproved paying person. Thus both 
the patient and the doctor could be sent 
to prison, wealthy or not.” 


CeLt CONJUGATION BY VACUUM 
AnmtI-ENaINEs Is THE ONLY Hope 


Priore’s approach offers an answer to 
both the age of pestilence and the im- 
pending biological warfare strikes against 
our armed forces and our civilian popu- 
lation.” By prompt cellular reversal, in- 
fection even by totally unknown and 
modified agents can be quickly voided. 
Infection by newly adapted, resistant 
strains of presently known diseases can 
be quickly conjugated. So the problem 
of the failing vaccines and antibiotics can 
be solved quickly, simply, and cheaply. 
However, the cell-reversing treatment 
devices and trained, experienced medi- 
cal staffs must be widely available! 


Diseased cell conjugation by EM 
means is also the only therapy that can 
largely eliminate the debilitating diseases 
of humanity. Per Wheeler's principle, 
vacuum engines can mold the physical 
matter of the living body and conditions, 
operations, and content of the mind, 
memory, and onality. As the Priore 
therapy is developed and extended, it will 
become possible to correct bent spines, 
mental retardation, mental diseases, ge- 
netic defects, physical accidents and dis- 
abilities, birth defects, etc. It will be 
possible to regrow amputated limbs and 
restore deteriorated cartilage, organs, and 
joints. It should also be possible to di- 
rectly remove deep psychiatric problems, 
heal chemical imbalances, and address 
and heal such presently difficult disorders 
as schizophrenia. 

The peor pal and application of 
Type 2 medical engineering can usher in 
the greatest, most beneficial revolution of 
all time, As just one example, eventually 
it will be possible to quickly educate stu- 
dents by simply loading the appropriate 
“software” into their minds and longterm 
memory, in only a few weeks of “sessions.” 
At that point there need no longer be, 
anywhere in the world, an educationally 
disadvantaged person. 

Ttcanalso be used to usher in the most 
diabolical revolution of all time if we are 
not careful to (1) be informed of the Type 
2 engineering area, including who is de- 


veloping what, and for exactly what pur- 
poses, and (2) rigorously control the de- 
velopment and use of this technology as 
it progresses. Our legal, political, pas 
entific leaders —and we common citizens 
~— will have to grapple with the ethics of 
what is done and to and for whom it is 
done. Just as one example, the same tech- 
nology that will allow direct loading of 
the software in the long-term memory to 
achieve rapid education, will allow alter- 
ing or changing any part of the long term 
memory, including the built-in emo- 
tional responses, etc. Loading software is 
loading software! What is loaded depends 
only upon what is in the software. In theory 
it is possible not only to alter the learned 
behavior, memories, emotions, and reac- 
tions, but also the genetically “born-in” 
behavior, emotions, and reactions. The 
potential for the Type 2 engineering to be 
used for enslaving and roboticizing hu- 
manity should be obvious. 

Far more carefully than with any other 
technology in history, we must ensure 
that this new one is developed for good, 
not for evil. To quote an old adage, the 
price of freedom is eternal vigilance, Never 
before in all of history have those words 
been more true. 


IN CONCLUSION 


Pioneers such as Priore, Becker, 
Kaznacheyey, and Popp have shown us a 


"In fact, under present law all property, homes, bank accounts, and monies of both the patient and the doctor would simply be confiscated — without 
any legal charge, arrest, or trial ~ under an absolutely medieval reinterpretation of U.S. law that has again given police at all levels such sweeping 
and unconstitutional powers. The Clinton Health Care Plan, presently on hold but still alive and sure to be introduced again, is reported to include 
the establishment of an entire department solely devoted to confiscating assets from patients and doctors who commit such “crimes.” Defendants 
victimized by the present confiscation reinterpretation of law have a slim chance of even forcing the issue into a court. Even if they succeed in getting 
into court for a hearing, win it and get full “exoneration,” the authorities can still keep the property! In the most insane and unjust legal action in 
all of U.S, history, this law now charges the property itself with having comenitted the crime, not the erstwhile human defendant. By what means 
catt the “property” defend itself? No one has an answer, for the property is not an individual and has no legal rights for jury protection under the 
law! U.S. lawyers and judges are actually insisting that this is rational and makes sense. They have aay precisely redefined U.S. law into what 
is specifically required to institute a police state. The police forces who carry out this cansfication are themselves awarded a Dercentage of the “haul.” 
What does the citizen do when the police forces themselves become the robbers by administrative fiat, and there is no court redress possible? 

Ostensibly passed to counter organized crime and the drug cartel, this law has rapidly been applied directly to the citizenry, ard its use is one of the 
fastest growing “new techniques” by the various levels of law enforcement. In this paper we have deliberately not dwelled upon the political aspect 
of the already-emerging police state in control of medical treatment. We simply summarize how the bureacratic medical establishment is likely to 
meet the challenges of the coming plagues and the associate astounding rise in medical costs, In fact the reader will almost certainly see the rise of 
an iron “state dictatorship” in medicine, as is already ing in other legal areas. 

In this paper my primary purpose is technical, not political, so we defer detailing the more involved political aspects of the emerging police state (the 
New World Order — more aptly the New World Feudalism) to other tore capable authors and sources, One central thought should remain firmly in mind 
All political systems and isms tend ultimately to feudalism, which is always the best system jor the oligarchy or elite at the top who comtrol and awn every- 
hing. In any society, there is abways an on-going struggle by a fraction of the mast powerful to convert the society to special forms of feudalism. 

*Some biological agents are very lethal and the associated disease develops at a frightening pace. E.g., the strains of Staphylococcus bacteria that cause 
necrotizing fascitis and necrotizing myositis — two versions of the “flesh-destroying” disease — are noteworthy examples. Necrotizing is causing 
inflammation and/or death of tissue, fascitis refers to “sheet” or connective tissue, and myositis refers to muscle tissue. Recently the Quebec 
separatist leader Lucien Bouchard was suddenly felled by necrotizing myositis, lost a leg, and ai this writing is stable and will recover. The disease 
is usually fatal in 80% of the cases, There is nothing diabolical in his contacting the disease; the bacteria are present from time to time and can enter 
the body through a nick or otherwise. The disease and the bacteria are known; however, in the past such cases have been relatively rare. The 
lethality of the disease is augmented by the rapidity of its development. Delayed recognition of the disease may place the patient already beyond the 
ability of conventional agents fo arrest it in time to save him, With the modern hospital and population environment being highly favorable for the 
more rapid modification and adaptation of disease orgattisms, even previously rare diseases such as necrotizing fascitis/myositis are ticking time 
bombs waiting to become resistant to our antibiotics and explode in the dense urban populations, 

**We refer to strikes using biological organisms. We have mentioned but deliberately not dwelled upon the use of electromagnetic induction of lethal 
cellular diseases at a distance. Such strategic capability to attack a nation and destroy its citizens and soldiers is presently on-line in Russia, under 
total control by the KGB, not by the conventional Russian military forces, 
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isms adapt. 





Fig, 21, Present antibiotic therapy is failing as disease organ- 














Fig, 22. Terrorists will eventually use biological warfare strikes. 
Biological warfare |s an increasing threat to military forces and 


the civil populace. 


preat vision. Having seen it, when one 
ooks at the incredible human suffering 
throughout the world, and then at the 
formidable problems of our Type | medi- 
cal science that is struggling so mightily 
and losing the battle, one is reminded of 
a phrase by Dante: 


“Heaven wheels above you 
Displaying to you her eternal glories 


And still your eyes are on the ground.” 


With every fiber of our being, we exhort 
the scientific community to lift its eyes 
from the ground, and develop and apply 
the Type 2 medical technology as rapidly 
as humanly possible, for human benefit. 
Else half of humanity will perish in the 
coming tide of pestilence, Even the con- 
ventional scientists agree that the pesti- 
lences are coming, and that conventional 
approaches are already losing the battle. 
Long ago Albert Einstein wrote these pro- 
phetic words: 

“It wauld of course be a great step for- 
ward if we succeeded in combining the 
gravitational field and the electromagnetic 
field into a single structure, Only so could 
the era in theoretical physics inaugurated 
by Faraday and Clerk Maxwell be brought 
to a satisfactory close.” 


Ejnstein’s passionately-sought unifi- 
cation of EM and G has now been accom- 
plished. It has magnificent medical 
science applications for the benefit of all 
humankind, Meanwhile, in the orthodox 
medical journals, the scientists them- 
selves are recognizing the demise of anti- 
biotics and the coming unstoppable 
plagues. The scientists are redoubling 
their efforts to apply the present inad- 
equate models, and their efforts are ad- 
mittedly failing. If they keep to their 
present course, the war is already lost! 

In the name of all the bleeding, suf- 
fering, and dying peoples of the world, 
we must do better than that! We can do 
better than that, if we rapidly redevelop 
and apply the Priore approach. 

We call fervently for a great new“ War 
on Disease” that is empowered, funded, 
and staffed to perform the task. It can be 
done in perhaps three years, and perhaps 
for as little as $60-100 million if we stream- 
line procedures, keep the bureaucracy off 
the team’s necks, and give the team scien- 
tists the authority of a War Commander 
with a mission order to get on with it. 

What happens next is up to the scien- 
tists, the politicians, and the concerned 
leaders of all the nations of the world. 
They simply must not fail us. They and 


their families are in the same frying pan 
as the rest of us. This is not the time for 
dogma, posturing, arrogance, protecting 
one’s territory, yapping about who's going 
to contro] the presently inadequate medi- 
cine, yakking about pseudoscience, striving 
for personal position and power, bowing 
to the big drug companies and their vested 
interests, and playing the “Who's to be the 
big monkey?” game. We need anew Man- 
hattan Project. We need it now. 


Else we who have 
sown the wind 
will most certainly reap 
the coming whirlwind. 
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"Dossier Priore" 
by Jean-Michel Graille 


Photographs 


The inauguration: the construction of the M 600 had 
not yet started but, symbolically, the Mayor of 
Bordeaux starts the smaller machine at close range. 
(Archives R.P.) 


Inaugural scroll. 


An information meeting held in Bordeaux. From left to 
right: Antoine Priore, Robert Courrier, Raymond 
Pautrizel and Francis Berlureau. 

(Archives R.P.) 


February 1975. Antoine Priore and Professor Pautrizel 
at the "suspended" base of the M 600, the enormous 
experimental prototype built by Leroy-Somer. The 
apparatus would only function for a few days but did 
make it possible to carry out some experiments with 
very promising results. 


Anne-Nelly Pautrizel. Professor Pautrizel's sister and 
collaborator, who participated in almost all the 
experiments with the Priore apparatus since 1968. 
(Photo J.M.G.) 


Pierette Chateaureynaud-Duprat, head of research at C. 
N.R.S., doctor of science and specialist in grafts, carried 
out in 1969 and 1970 two series of decisive 
experiments concerning the proof and the explanation 
of the biological effectiveness of the Priore Ray. 
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The Priore machine. The model financed by Pautrizel, 
the only one which is still likely to function, the one 
with which patients will be officially looked after as 
from 1977, is finished in August 1968. In fact, the 
apparatus is installed all in one place. 


1969. Old friends of Priore retrace the road to Floirac. 
With a monkey-wrench or soldering-iron in hand, they 
devote all their leisure time to building the new machine 
for their friend. Here, on the scales, inspector Plantin, 
of the legal identity service. In coveralls, scarf around 
his neck, municipal worker M. Léglise. 

(Archives R.P.) 


A courageous man. Perpetual Secretary of the 
Academy of Sciences, elder President of the Academy 
of Medicine, "father" of endocrinology and fertilization, 
Professor Robert Courrier could have benefited from its 
prestige and its retirement. At 67, he took all the risks 
to defend that which he believed in deeply. He has 
fought now for twenty years. One of the rare photos of 
him, in the company of Antoine Priore and Professor 
Pautrizel, taken on 25th March 1970 in the laboratory at 
Floirac. 

(Archives R.P.) 
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_ MONSIEUR JACQUES CHABAN~ -DEMAS ae 
MAIRE DE *BORDEAUX % 
, PRESIDENT DE LA COMMUNAUTE URBAINE 
ET % 
~ MONSIEUR ANTOINE PRIORE 
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Translation: 


JACQUES CHABAN-DELMAS 
THE MAYOR OF BORDEAUX 
PRESIDENT OF THE URBAN COMMUNITY 
AND 
ANTOINE PRIORE 
HAVE INSTALLED ON THE 21 NOVEMBER 1970 
THE FIRST STONE OF THE SCIENTIFIC RESEARCH LABORATORY 
FOR THE BIOLOGICAL EFFECTS OF THE PRIORE RAY 
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Figure 1. The Boeing HEL MD_ 
has demonstra the ability 
destroy a 60 mm mortar round” 
in flight. (Photo courtesy o 
Boeing Defense) 
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- \ irected energy weapons first took a step towards reality in the 1980s 
under President Reagan's Strategic Defense Initiative (SDI), dubbed “Star 
Wars” by the media. But, the technology didn't really materialize at that 
time and the cessation of the Cold War largely removed the immediate im- 
petus to develop it. Since then, lasers have become widely used in military appli- | 
cations, particularly for target designation and aircraft countermeasures, but 
there is still no significant deployment of lasers as offensive weapons. Now, ad- 
vances in high power fiber laser technology, particularly in the efficiency, compact- 
ness and weight of their pump diode lasers, are poised to make laser weapons a 

| practical reality. 
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Figure 2. A Coherent | DILAS T-Bar chip contains 
five emitters, outputs about 50 W, and is 5 mm wide. 


Laser Weapons Overview 

The concept behind Reagan’s SDI was 
to protect the United States behind a 
“missile shield” that would prevent nu- 
clear weapons, delivered via either inter- 
continental or submarine-launched bal- 
listic missiles, from reaching North 
America. Part of the SDI was to be lasers, 
or other directed energy weapons, placed 
in permanent orbit, which could rapidly 
knock out a nuclear missile already in 
flight towards its target. Lasers, in partic- 
ular, were a promising technology for 
this application because they can be 
quickly “charged up” (i.e. be made ready 
to fire), and their output can reach a fast- 
moving target nearly instantaneously. 

Because these lasers were intended to 
be deployed primarily in space, or in 
fixed locations, and used either never 
(hopefully) or just once, there wasn’t 
much concern about their cost, physical 
size, weight or operational efficiency. 
The key goal was simply that they 
would work when needed, delivering 
the required knock-out punch. 

The offensive laser weaponry under de- 
velopment today is intended to serve al- 
most the exact opposite purpose than the 
SDI, and therefore has very different 
goals in terms of its design and function- 
ality. For example, one major laser 
weapons initiative is for C-RAM (Counter 
Rocket, Artillery and Mortar). These are 
systems intended to be deployed in the 
battlefield to protect troops and equip- 
ment from incoming projectiles. Cur- 
rently, these are envisioned to be single, 
vehicle mounted lasers, with output pow- 
ers in the 10 kW to 50 KW range. 

Boeing has already successfully proto- 
typed such a system, which they call the 
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High Energy Laser Mobile Demonstrator 
(HEL MD). This consists of a 10 kW solid 
state laser installed on an Oshkosh Tacti- 
cal Military Vehicle, along with all the 
necessary targeting and control systems. 
HEL MD has proven the ability to lock 
on to and destroy a mortar round of 
about 10 inches in length, traveling at 
hundreds of miles per hour, from several 
miles out. The system is also effective 
against Unmanned Aerial Vehicles (UAVs 
or drones); in this case, it may be suffi- 
cient to damage the drone’s navigation 
and targeting systems, rather than com- 
pletely destroy it. Similarly, other offen- 
sive laser weapons systems are being de- 
signed to deliver “swarm defense,” that 
is, to protect a ship or base from attack 
by a large number of inexpensive drones. 

Thus, today’s laser weapons are 
meant to defend against swarms of in- 
expensive mortar rounds, drones and 
other projectiles, and are intended to 
be mounted on platforms which are 
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Figure 3. Progression from a single T-Bar die to an 80-emitter stack. The light from all these emitters can 
be efficiently coupled into a single 225 ym core fiber with a 0.22 NA. 


mobile and self-contained (meaning 
they may not have ready access to an 
external source of power). This gives 
rise to several design imperatives. 
First, they must deliver a low cost per 
engagement; it’s simply not economi- 
cally feasible to employ an expensive 
weapon (such as a missile costing over 
$100,000) to knock out a drone which 
costs $1,000, or a mortar round which 
might cost less than $100. The laser 
weapon must also be capable of rapid 
fire so that it can’t just be over- 
whelmed by a large number of simul- 
taneous incoming rounds. Also, rapid 
fire reduces the number of individual 
laser weapons systems needed to pro- 
tect a given number of troops. But, the 
ability to deliver rapid fire also neces- 
sitates that the system be electrically 
efficient. Otherwise the laser weapon 
will require access to a large quantity 
of fuel, which is difficult (and danger- 
ous) to transport into a battlefield. Fi- 
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nally, it’s desirable that laser weapons 
be physically compact, especially for 
airborne use. 


SWaP Optimization 

The push to optimize the size, weight 
and power (called SWaP in military parl- 
ance) of field deployed laser weapons 
has driven a progression in the technol- 
ogy of the gain material used from 
chemical (e.g. deuterium fluoride), to 
solid state, and, most recently, to fiber. 
One reason for this is because fiber lasers 
offer inherently higher efficiency, in 
terms of converting input pump energy 
to usable output, than nearly any other 
laser type, except diode lasers. However, 
diode lasers by themselves don’t provide 
the necessary brightness or beam qual- 
ity, while diode-pumped fiber lasers can. 
And, beam quality is critical because it 
determines the distance over which the 
laser can be focused to a spot size small 
enough to reach the power density nec- 
essary to damage its target. 

Fiber lasers offer other advantages in 
terms of SWaP optimization. Chemical 
and lamp pumped solid state lasers re- 
quire a significant overhead in terms of 
the equipment and power supplies re- 
quired to run them. In contrast, both 
solid state (e.g. slab and rod) and fiber 
lasers can be diode pumped, and diode 
power supplies and pump modules them- 
selves are electrically efficient and lend 
themselves to miniaturization. This effi- 
ciency, in turn, reduces the cooling re- 
quirements, and all its attendant equip- 
ment (pumps, heat exchangers, etc.). 

But, as laser weapons evolve towards 
ever higher powers, fiber laser technol- 
ogy becomes increasingly attractive over 
solid state. Currently, individual fiber 
lasers can deliver up to about 2 kW of 
power, but multiple units can be com- 
bined to deliver around 10 kW in a sin- 
gle beam with extremely good mode 
quality. It’s a bit more difficult to scale 
up the power of a solid-state laser, espe- 
cially while maintaining good mode 
quality. This is because scaling up and/or 
increasing the pump power to a tradi- 
tional solid state laser typically excites 
higher order modes, and introduces 
other issues related to thermal lensing. 

Of course, there are also challenges to 
increasing the power of a fiber amplifier. 
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Figure 4. Four T-Bars mounted on a macrochannel cooler with collimating optics. 


And, because the optical efficiency of 
their pumping is already so high (~85%), 
there’s not much room for improvement 
there. So, the focus is on raising the 
pump power itself, without increasing 
package size and weight, as well as on 
methods for low loss beam combining of 
multiple single mode lasers, all while still 
maintaining good beam quality. 


Pumping Technology Advances 

In terms of SWaP optimization of 
pump diodes for laser weapons, a cur- 
rent benchmark is to achieve a weight 
to output power ratio of 1 kg/kW. Co- 
herent | DILAS has developed several 
advances in diode laser technology to 
reach this goal, and, in fact, is already 
working on devices that will attain the 
next level of performance - 0.5 kg for 1 
kW of output. 

One key to reaching the SWaP bench- 
mark has been the company’s introduc- 
tion of T-Bar (for “tailored” bar) con- 
struction, a design approach intended 
to combine the high total output power 
of traditional diode laser bars with the 
relaxed cooling requirements of single 
emitters. The basic unit of the T-Bar is a 
diode laser mini-bar having five emit- 
ters on a single, 5 mm wide substrate 
which outputs about 50 W total. In 
contrast, traditional diode laser bars are 
usually 10 mm wide, contain at least 19 
emitters, and can output over 200 W, 
depending on the number of emitters 
and type of heatsink. 
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For military applications, four of 
these T-Bar dies are mounted on toa 
single substrate, yielding a total of 20 
emitters. Then, up to four of these sub- 
strates are stacked vertically, bringing 
the total number of individual emitters 
in this compact assembly to 80, with a 
total output of about 800 W. 

The key optical characteristic of the T- 
Bar design is that the combination of 
wide emitter spacing, low divergence 
and relatively low beam parameter prod- 
uct (in both fast and slow axes) is tailored 
to enable the light from all 80 of these 
individual emitters to be efficiently co- 
linearized and coupled into a single 225 
um core fiber having a numerical aper- 
ture of only 0.22. This, in turn, permits 
highly efficient coupling into the pump- 
ing mode volume of the gain fiber. And, 
this light collection can be accomplished 
using a relatively simple and compact 
optical system. This is how output power 
per unit volume is maximized. 

In contrast, the high divergence and 
poor mode quality of traditional diode 
laser bars necessitate the use of complex 
optics for light collection, and still 
make it impossible to couple all their 
output into a single, low numerical 
aperture fiber. Furthermore, high power 
diode laser bars often suffer from a 
problem called “smile.” This is a sagging 
or bending alignment error in emitter 
position along the bar which makes it 
quite difficult to collimate and co-lin- 
earize its output. 
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Besides the advantage of producing 
the largest amount of fiber coupled light 
out in a given system volume, T-Bar con- 
struction also offers significantly im- 
proved cooling characteristics over tradi- 
tional bars. In a traditional diode laser 
bar, the small emitter spacing causes sig- 


nificant thermal crosstalk between the 
individual emitters, and a very high effi- 
ciency cooling system must therefore be 
employed. This is usually in the form of 
a so called “microchannel” cooler, in 
which water is rapidly circulated through 
channels within the heatsink. But the 
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small bore of the microchannels (tens of 
microns) makes it easy for them to be 
clogged by particulates. Thus, the water 
must be stringently conditioned and fil- 
tered, and large, heavy, high pressure 
pumps must be employed to circulate it 
rapidly enough to achieve the required 
level of cooling in these traditional bars. 

Furthermore, traditional diode bars are 
usually placed directly on the heatsink in 
order to achieve good thermal contact. 
However, this makes the microchannel 
cooler part of the electrical circuit, thus 
necessitating the use of deionized water 
in order to avoid a short circuit. This im- 
poses yet another requirement that in- 
creases cost and complexity. 

The larger emitter spacing of the T-Bar 
largely eliminates this thermal crosstalk, 
and greatly relaxes the attendant cooling 
requirement. As a result, Coherent | 
DILAS has been able to introduce a 
“macrochannel” cooler. This is a system 
which uses substantially larger bore chan- 
nels, thus allowing the use of less strin- 
gently filtered tap water, and eliminating 
the need for high pressure pumping. 
Also, the reduced cooling requirement 
enables the laser bar to be placed on a 
submount, rather than in direct electrical 
contact with the cooler, which avoids the 
necessity of using deionized water. 

T-Bar construction also delivers better 
cooling characteristics than single emit- 
ter diode lasers. This is because single 
emitters are typically supplied already 
packaged. Since the diodes are mounted 
within the package, there is an extra 
thermal interface which makes it more 
difficult to efficiently cool them. 

In conclusion, after decades of imag- 
ining, offensive laser weapons are 
nearly ready for deployment on the bat- 
tlefield. Advances in diode laser pump- 
ing technology are proving to be a key 
enabling factor in this development. 
And, these military grade pump diode 
lasers can be constructed using the same 
automated, high volume fabrication 
equipment used for industrial product 
manufacturing, meaning they can be 
readily delivered at competitive prices. 

This article was written by Chris Ebert, 
Ph.D., Director, Business Development, Co- 
herent | DILAS, (Tucson, AZ). For more in- 
formation, visit http://info.hotims.com/ 
65852-501. 
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from STAR WARS NOW! 


The Bohm-Aharonov Effect, Scalar Interferometry, and Soviet Weaponization 


by Lt. Col. T.E. Bearden (retd.), 1984 
Copyright 


A Sensitive Scalar Wave Detector 


Very briefly we present a method of making a very sensitive scalar wave detector so that direct 
measurement and quantization can be established. 


First, we regard one oscillation (one wavelength) of the scalar potential wave as a longitudinal 
photon. Note that this photon contains a substructure, which may be deliberately determined (when 
artificially made) or randomized (when naturally made in the idealized case). 


For convenience we represent normal linearized vacuum (spacetime) as a horizontal or longitudinal 
vector (Figure 4), implying the direction of motion of the wave in the laboratory frame. By horizontal 
position in our diagram, we imply a linear, uncurved spacetime and a non-rotated frame. We 
represent the longitudinal scalar wave as a horizontal vector, and the usual Hertzian wave as a 
vertical or "transverse" vector. We visualize a normal detector as detecting only a vertical or 
"transverse" vector, as we have illustrated in Figure 4. 


As can be seen, in a linear, unrotated or uncurved spacetime a pure scalar wave has no vertical 
component projected upon the laboratory frame vector, so it is not detectable by normal detectors. 


To detect the scalar wave, of course we could bend it so that it has a projected vertical component in 
the laboratory frame (Figure 5). However, this would be an impure wave, not a pure scalar wave, and 
that is not what we wish. 


A better way is to bend or curve spacetime itself in a small region, so that a longitudinal wave that 
passes through that region now possesses a vertical component with respect to that region (Figure 6). 
Thus a normal detector there will detect that vertical component. We conduct the detection current 
out of the "bent spacetime" region to an outside (normal) detector, and we then have a scalar wave 
detector. 


To illustrate, we show conceptually how this has been successfully done. Figure 7 shows the concept. 
First, we utilize a magnetic pole to provide the infolded energy (potential) to bend or curve 
spacetime. To reach good sensitivity, we need a pole strength connected with a magnetic field 
strength of 40,000 Gauss or higher. We utilize a small superconducting magnet, which can reach field 
strengths of from 40,000 to 80,000 Gauss. 
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Figure 4, Linear, uncurved Laboratory frame. 
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Figure §., Rotating the longitudinal wave produces 
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Figure 6. Bending the laboratory spacetime frame 
produces a transverse component. 
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Then to prevent detection of superfluous "normal" radiation, we shield the entire magnet in a 
grounded Faraday cage, as shown in the figure. Hertzian waves will be grounded in this shield, while 
scalar waves will readily penetrate it undiminished. In other words, the Faraday cage serves as a 
"stripper," to strip away the ordinary waves, leaving only the scalar waves to penetrate inside. An 
ordinary wire lies at the top of the magnetic pole, in proximity to it. The wire runs out of the Faraday 
cage through an insulated port to a resonant tuning circuit, which is sharply tunable over the range of 
frequencies we are interested in. A preamp amplifies the output of the tuner, and in turn feeds the 
input of an oscilloscope or other detector. 


With this detector we can select the frequency desired, and detect any passing scalar waves of that 
frequency. By other variations of amps and preamps, regenerative circuits, etc. we can obtain all the 
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sensitivity desired, and utilize ordinary detection equipment already well-known and highly 
developed. 


Additional Information about detecting Scalar Waves 
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Figure 11. NETWORK OF VIRTUAL TRANSMITTERS 
(See Woodpecker Grid) 
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Figure 12. VIRTUAL TRANSMITTERS IN THE INTERFERENCE GRID 
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Figure 13. GIANT RADIAL RELATED TO A VIRTUAL TRANSMITTER 
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Figure 14. FORMATION OF A SINGLE GIANT RADIAL 
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A Briefing on Soviet Scalar Electromagnetic Weapons 
by Lt. Col. T.E. Bearden (retd.), 1986 
Copyright 


2. Continual cloud radials have repeatedly been seen and photographed over Huntsville, 
Alabama, associated with weather engineering and grid activity. Typical radials seen by this 
author are shown in Bearden, Soviet Weather Engineering Over North America, 1-hr. v1deotape, 
1985. Huntsville is apparently a pivot point or "hinge point" for bending and controlling the 
jetstream. 
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3. Spectacular cloud grid patterns have been seen over Huntsville, Alabama and Los Angeles, 
California. An excellent videoclip of one of the Los Angeles area grids, personally observed and 
shot by KABC Open Mind talk show host Bill Jenkins, is shown in Bearden, Soviet Weather 
Engineering Over North America,;1-hr. videotape, 1985. An artist's sketch of an earlier gigantic 
grid, extending from horizon to horizon in every direction, seen over Huntsville, Alabama by 
Tom Bearden and Ken Moore, is also shown in the tape. The videotape is available from P.O. 
Box 1472, Huntsville, AL 35807. Sketches and details of another highly anomalous grid pattern 
observed in the greater Los Angeles area by engineer Ron Cole are shown in figures 5 and 6. 


The reason that clouds of water droplets and/or ice particles detect the scalar interferometry and 
form signature patterns is simple: Consider each H2O molecule as having two light little 
hydrogen atoms hanging on to the much heavier oxygen atom. The covalent sharing with the 
oxygen atom of the electron from each hydrogen atom means that 


1. the electrostatic scalar potential between the H ion and the O ion it is bonded to, is 
rhythmically varying as the electron is shared back and forth, 

2. this varying potential contains "electron spin holes" since it is made by the moving 
electron, 

3. two such varying potentials exist since there are two H atoms sharing covalent electrons 
with the O atom, 

4. the two H ions are at an angle of over 100 degrees with respect to each other, 

5. the molecule assembly thus constitutes one part (one half, so to speak) of a scalar 
interferometer with imbedded electron spin holes for electron hooking, 

6. Incident scalar waves from outside the system interact with the "half scalar 
interferometer." This scalar interferometry interaction is coupled to the covalent bonding 
electron because of the internal spin hole pattern of the molecular half of the 
interferometer. The coupled electron moves with the scalar pattern's changes, causing an 
observable interaction with and in the electrical structure and ionic potential of the 
molecule, 

7. the weak H to H hydrogen bonding between molecules connects resulting ionic potential 
changes to the structuring of the entire macroscopic cloud assembly. Thus by scalar 
interferometry with the H2O "half interferometers", an incident scalar EM pattern is 
detected and translated into patterns of E and B force fields. The H2O molecules then 
"line up" in accord with the electrical patterns detected. 


Thus the clouds form "signature patterns" according to the incident scalar EM radiation patterns. 
Giant cloud radials in the targeted area are probably due to the type and shape of antennas 
including the type and shape of the electrical wires establishing the antennas’ ground planes -- 
used by the Soviet Union to project the scalar waves. Note that such "radial" antenna patterns 
were occasionally used by James Harris Rogers in his underground and undersea scalar EM 
transmission system. 
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Figure 15. FORMATION OF A DOUBLE GIANT RADIAL 
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Figure 16. DETECTION OF TRANSVERSE AND LONGITUDINAL 
WAVES 
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@ There is a vast new kind of electrodynamics hidden 
inside all EM potentials, fields, and waves 
26/0 itudinal EM waves and complexes HR 


Return. 


— Oscillations in time domain 






@ These complexes are an infolded general relativity oe 
— Clustered formations Dace : = —— 
— Very powerful, since the E Se he ect 
agent | curvature iis — 


® In general relativity, similar precise complexes ~ 
permeate and act on any mass at all internal levels ee ee 


® With this approach, one can now manipulate matter -- Slide 
living or inert -- in any manner desired, depending 
only on the level of development of the technology 


® Priore unwittingly used this to cure dread diseases 
@ This is a revolution in all of science © TEBEARDEN vaca 


@ We have uncovered the major mechanisms to utilize 
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e One terrorist, one light aircraft 
with spray tank 
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© 100 kilograms of anthrax err 
e Flies over greater metropolitan Index 

Washington, D.C. Next 
e Calm night aoe 
e 1-3 million casualties result* —_ 
e Most of those stricken will die on 


e Presently little can be done 
to save the stricken civilians 


e Attacks on several population 
eenters might produce some 
10 million or more casualties 


Ti Oe mec “Per OTA Report to Congress, 1993 
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e Many foreign nations are hostile an 
to the U.S. and sponsor terrorists C 
e Some 25 nations have WMD or y 
are acquiring them 
— BW agents and weapons : 
— Chemical agents and weapons 
— Nuclear materials and weapons ah 
e Thousands of students and emigres a 
e infiltrated teams, BW, other WMD already a 
e Castro guerrillas infiltrated over the years 
e Can do unacceptable damage to U.S. now 
e May reach first strike knockout capabili 
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° No shelters (reauibe overpressure. | 
e No stockpiled vaccines, medical su oe 
immunoglobulins, masks, suits, food, fuei , 
generators, heaters, water ter purification units 
personnel, and emergency response teams ” 
* Triage, full martial law will be required 6 [= 
e Terrorist teams, ys agents, other WMD on site, waiting 
e Water supplies, food, crops, farm animals also vulnerable 
e Present medical science cannot save very many of the 
casualties, now or in the foreseeable future 


BW filtering, masks, showers, supplies) 
e Totally insufficient medical facilities, 
o answer to massive ntamination problem 
2 » State, cou wal trained for ma ly staffed . 
and insufficie! for mass casualties 
e Electric power grid, bridges, trains, railroads vulnerable 
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involved a dramatic extension to both 


nonlinear optics and general relativity. 

However, nonlinear optics itself had notyet Return 

been born in the 1950s and 1960s when to Slide 

Priore worked out his methodology. The eae 
‘ comes Index 


been previously envisioned even to the 
present day. When the Priore project was Next 








suppressed by the changed French : 
government in the mid-1970s, nonlinear Slide 
optics itself was just being initiated. To 

the present day, however, there has Previ 
previously been no inkling of the dramatic Ache 
extension to NLO that arises by using Slide 


longitudinal EM pump waves and thereby 
pumping in the time domain. 

It is little wonder that Priore himself did 
not understand the nature of the technical 
mechanism he was utilizing, and neither did 
anyone else, and neither has anyone else 
prior to this time. 
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Among other things, Pautrizel treated 
seriously infected immature rats with 
the Priore ray. These rats had never had 
@ mature immune system, When they 
were removed from the machine, they 
still sickened again and died, because 
their immature immune systems could 
not resist the pathogen (Trypanosoma). 
So even though the damaged cells were 
reversed back to normal, the “normal” 
immune system was unable to fight off 
pathogers, which rainfected the cells 
and killed them, killing the rats, 

This established the time-roversal 
nature of = therapy. 





Return 
to Slide 
Index 


Next 
Slide 








Previous 
Slide 


Priore DoD Briefing 





; L . : f - : : 1 hI — 
| 
| PHOTO COURTESY 808 WHITNEY 





Mr ia Lu 


http://www.cheniere.org/briefings/DoDPriore/slides/014.htm24.11.2003 19:14:14 


Priore DoD Briefing 


Return 
to Slide 
Index 













Giant coil 
around 12-ft long 
plasma tube 


Next 
Slide 








Previous 
Slide 


' 


\ 


__| Table for reclining 
~ | human body 
’ 


http://www.cheniere.org/briefings/DoDPriore/slides/015.htm24.11.2003 19:14:18 


Priore DoD Briefing 






CELLULAR DISEASE, BY WHEELER'S PRINCIPLE 3 
* DISEASE CAN BE REVERSED BY CREATING AMPLIFIED\S3\\ : 
oe VACUUM ANTI-ENGINE (BEARDEN'S PRINCIPLE) . 
* ANTL-ENGINE IS CREATED BY PUMPING THE NONLINEAR an 
CELLS IN THE "INNER EM" DOMAIN, TIME-REVERSING THEM to Slide 
* PRIORE UTILIZED A PLASMA TO PHASE CONJUGATE AND "INFOLD” | y/ Index 
MULTIPLE BIDIRECTIONAL LONGITUDINAL EM PUMP WAVES ss 
* 47 FREQUENCIES MIXED IN A ROTATING PLASMA Next 
* PHASE CONJUGATES ADDED BY THE PLASMA Slide 
Re * JINFOLDED MIX INTO STRONG PULSED DC MAGNETIC —— 
FIELD, WHICH CARRIED IT INTO ATOMIC NUCLEI 
* PUMPED ALL NONLINEAR CELLULAR COMPONENTS TO —B& 
PRODUCE AMPLIFIED, SPECIFIC VACUUM ANTI-ENGINE Slide 
* NEGATED THE LONG-TERM CUMULATIVE CELLULAR 
DEDIFFERENTIATION ORDER GENERATED BY LONG-TERM 
HYPOXIA. TUMOR CELLS REVERTED TO NORMAL CELLS. 
* SCRUBBED OUT THE CUMULATED PRECANCEROUS STATE 
* RESTORED THE IMMUNE SYSTEM TO HIGH FUNCTIONING 


* NO EXCESSIVE TRAUMA TO TREATED ANIMAL 
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Priore’s therapeutic methodology: 





Time-reverses the cells back to normal state 
FORMA SET | START ) 


EM WAVES (17) to Slide_ 
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NOTE: Priore therapy MAGNITUDE OF 
treats entirebody. ~ SUSCEPTIBILITY 
te ee YT Return 
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* G.J. Stoney: 


Decomposed the scalar potential into bidirectional wave pairs. 


"On a supposed proof of a theorem in wave-motion,” Pra. Mag . 
443), 1897, p. 366-373 (and severst other papers) 


* E.T. Whittaker: 
Decomposed the scalar potential into a series of bidirectional EM wave pairs in 
harmonic series, where the two waves in each pair are conjugates (i.e., a 
wave/antiwave pair) and are longitudinal waves. 


"On the partial differential equations of mathemabon! 
physics.” Math. Ann. Vol 67, 1803, p. 333-385 


Showed that all classical EM - including waves -- can be replaced by two 
interfering scalar potential functions.. (This founded superpotential theory, 
extended by Nisbet, Bromwich, Debye, McCrea, and others.) 


"On an expression of the electromagnetic feild cue to 
electrons by means cf two scalar potential functions,” 


Proc. Lond. Matt, Soc. Series 2 Vol 1. 1M, 9, 387-372 


= R.W. Ziolkowski: 
independently rediscovered the biwave decomposition of the scalar potential and 
added the product set (in theory enabling modulations and communications) to 
Stoney and Whittaker's sum set. 
Various papers, 1965 to date 
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* Nonliving systems + Living Systems « Living Systems (Minds) 
Scalar interferometry + Cells, cellular changes . Memories, Emotrons Return 
* Master Cell Contro! (Popp) * Conscious/Unconscious Minds 


* Spacetime Structuring to Slide 
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Bunge on the Status of | 

Classical and Quantum Physics 
“+. itis not usually acknowledged that electro- — retum 
dynamics, both classical and quantal, areina Slide 
sad state... the best modern physicist is the Index 
one who acknowledges that neither classical Next 
nor quantum physics are cut and dried, both Slide 
being full of holes and in need of a vigorous . 
overhauling not only to better cover their own — 
domains but also to join smoothly so as to _ 
produce a coherent picture of the various 
levels of physical reality.” 


“Mario Bunge, a 
(@) (07 E BEARDEN New York, NY, 1967, p. 176.. 





Springer-Verlag, 


http://www.cheniere.org/briefings/DoDPriore/slides/022.htm24.11.2003 19:14:41 


Priore DoD Briefing 


EINSTEIN ON REVIEWING FOUNDATIONS — | 





"..the scientist makes use of a whole arsenal of concepts which 


he imbibed practically with his mother's milk; and seldom if Return 
ever is he aware of the eternally problematic character of his to Slide 
concepts. He uses this conceptual material, or, speaking more aes 
exactly, these conceptual tools of thought, as something anes 
obviously, immutably given; something having an objective 

value of truth which is hardly even, and in any case not Next 
seriously, to be doubted. ...in the interests of science It Slide 

is necessary Over and over again to engage in the critique of 

these fundamental concepts, in order that we may not uncon- Previous 





sciously be ruled by them.” Slide 


Albert Einstein, “Foreword,” in Max Jammer, 
Concepts of Space: The History of the Theories 
of Space in Physics, Harvard University Press, 
Cambridge, Massachusetts, 1969, p. xi-xil. 





SOSA < 1453 TE BEARDEN 
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7 Note ! 
plate on i. No “E* or “H" 
' "A \ in vacuum. 
rene only s= E* ae \ Return 
Source qisa 5 \ to Slide 
broken symmetry -_—* eS \ \ Index 


— — ee 
in vacuum flux - 








a= rs | Next 
- 3 Slide 
| Previous 
“ ile ” in front Slide 
brodtie — 
= joules contin 
across the point % jo mounly 
| d zone 
So E=-V one point coulomb 


[Coulombic energy collection density] 
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_ el Einstein's Spacetime 2 lh ics 


Wi ete s ess eae val 22? - 
oa axwell's ~~ 












Material 

















Material 

‘ ectric Electric 

{ All Maxwell's EM entities | 

' Fluid are defined only in and of Fluid ‘ 
’ Disturbed charged matter. All are Disturbed 


material entities. There 
was no place devoid of 
mass, in the universe. 











— 


MAXWELL'S EQUATIONS ARE MATTER-TO-MATTER TRANSFORMS | 
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Return 
to Slide_ 
} Index 
| 
Next 
| Slide 
Material Material ; 
| Electric Electric ial 
| Fluid Fluid 272 | Sue 
Disturbed Disturbed 






Now we are not using 

a material ether. 

ths pe mnees 
changing. 









Electrodynamicists’ Reaction to Removal of the Material Ether 
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THE MISSING INFOLDED 


ELECTRODYNAMICS 







Material Material 


Electric Electric 
Fluid Fluid 
Disturbed Disturbed 


, INTERNESTED SPACETIME CURVATURES = a | 
(VACUUM ENGINES) ie” 
| —__ INFOLDED GENERAL RELATIVITY ai % 4 
_ Ses “a mies 2. 4) LL 
~ ——____ SPACETIME — = > ee 
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Nonlinear Optics 
Distortion Correction Theorem 


= nt i 


/ i, 





"If a scalar wave E;(r) propagates from Previous 
left to right through an arbitrary but lossless |) Slide 
dielectric medium, and if we generate in 

some region of space [say near z = 0] its 

phase conjugate replica E2(r), then Ez 

will propagate backward from right to left 

through the dielectric medium, remaining 

everywhere the phase conjugate of E:." 





IC3-4 (@) 18 pees, 1807 © DARDEN 
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© TE BEARDEN 1997 





*- * * ETC. 
, : Wavepair #3 Detar 
HARMONICS ~3 : to Slide 
Ind 
Wavepair #2 =< 
Next 
Slide 
Wavepair #1 
** * ETC. Previous 
Slide 
In each wavepair the two waves 
The two are phase 


Note: Think of the oscillations as velocity modulations. 


http://www.cheniere.org/briefings/DoDPriore/slides/029.htm24.11.2003 19:15:02 


Priore DoD Briefing 


The Zero-Vector Axiom Destroys 
“Topologies within Topologies” 


e The axiom: There is a unique vector, 0, in V 








(the vector space) such that Return 
ak, ee ee 
e Note that V + 0i= 0;+ V; Oi = - O1= nO; i 
SO Oi = Oj = Ox =...+ On= ... a 


e This makes all 0i equal by assumption, a 
since there is assumed to be only asingle sta 
type O without real components 

e In fact, 0 is not unigue. An infinite number 
of different zero-vector systems, with real 
components, satisfy the zero-vector axiom. 
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A coupled EM wavelantiwave pair infotds electromagnetic 
energy, converting it to gravitational energy. The wavepair 
becomes an electrogravitational standing wave. 





< | emt ee CE meant 
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(waves with velocity v, where 0 < v 





@ Major equations of interest having UPW solutions are: 


— Homogeneous wave equation “Rosioues and Lu, Found, Phys Bettie: 
— Maxwell equations to Slide 
- Dirac, Weyl, and Klein-Gordon equations Index 


@ UPWs are translationally invariant, and do not spread, or 


they reconstruct their original form after a certain period. went 


Slide 
@ UPW solutions have infinite energy. Quasi-UPWs can have 
finite energy and can in principle be launched into space. Previous 


Sli 
® Subiuminal Maxwell solutions are called EM particles. side 
Superluminal Maxwell solutions are called X-waves. 


@ Experimental results indicate such waves will be produced 
within the next few years. @ 1900 TE BEARDEN 


@ Nimtz has translated Mozart's 40th symphony at v = 4.7c. 
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Velocity modulating a longitudinal 


EM wave oscillates rate of flow of time 
SSS SS 


_ Observer sees it this way 


Constant transverse wave magnitude 


Wave oscillates its velocity along 
iz its path, about a nominal value 


Wave oscillates this wa 
Constant transverse magnitude 


Wave oscillates magnitude of its 
transported t, about a nominal value 








« Waves consist of photons 

+ Each photon consists of onergy x time 

+ Each photon carries time as well as energy 

. 

vtompora dynamics. names and 

* Wave complexes carry dynamic time structures as well as 
dynamic energy structures 


©) wer TE BEARDEN 
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(Both photon and antiphoton are longitudinal) 


xv 









LONGITUDINAL In physics, the primary units 
PHOTON 


thing can be expressed, 6.g 


ACTION in terms of time alone. Thus 
i so can photon spin 
VACUUM iS THISA 

ENGINE SPIN 2 ENTITY? 


It is, in the time 
domain. 


| 
y 


REACTION LONGITUDINAL 
ANTIPHOTON 
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Return 
to Slide 
(AE)(At) + M => (M+AM)At => M + (AE)(At) Index 


Flow of macroscopic time (observable photon interactions) 


Next 
Slide 


Previous 
Slide 


Flow of microscopic time (via virtual photon interactions) 





The photon interaction generates an observed quantum change and a discretized jump 
in the rate of time flow. A particle observably Chainies by cals a sitie A tara tke, 
The background flow of time in which the jump in rate occurs, is created by the continual 
absorption and emission of virtual photons. 


Werte OrANDEN 
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(Use of Hidden Information Content of the Field) 
(Can Provide Action-at-a-Distance) 
Return 


to Slide 
Index 







Note: 

Whittaker's 1904 paper 
initiated the entire field 
of superpotential theory, 







Next 
Slide 


Previous 
Slide 


® TE BEARDEN 1967 


(8 to 20 harmonic wavepairs each )} 
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Deep penetration of weak signals in a dense signal 
environment, by nonlinear retroreflection 





generated signals from the interior, impingi jn 
weonite pumped (stressed) nonlinear amos areas 
the simultaneous exterior interactions occur. G@ sn itt meee 
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e Emission very sensitive to almost all 
external and internal influences 

e Both spontaneous and delayed 
luminescence occur 

e Photons stored in cell during the delay 


oe ee zh Sonere inter- 
actions in biologica spelen 
ets an organized field 
at the basis of contro} 
































Return 
to Slide 
a Index 
Leak. rovides ultraweak, coherent e A single delayed biophoton be 
‘ blophaton emiasion from the system able irigget 10°° © reactions ira cell 
+ Fractions) intens patterg: fev few to before its release Next 
«S m almost continuous within Slid 
Be reba drome = optical range from 200-800 nm. Ide 
Previous 
Slide 





Ea oy emission shows biological 
out of equilibrium 

« Emission has holistic characteristics 

e Correlations to most, if not all, of the 

biological functions of the organism 








° Tos e DNA, all other processes are sources 
. wae main process of whole system, 
different processes strongly coupled 
e Information function and sync of 
biological clocks (oscillators) 
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CANCER: CHARACTERISTICS 


NOT ONE DISEASE BUT A WHOLE RANGE 

STARTS IN ORDINARY (AEROBIC) CELL 

CELL SHAKES OFF BODY'S DICTATORIAL CONTROL* 
STARTS UNCONTROLLED DIVISION 

BECOMES A LUMP 

CAN SEND FORTH CANCER CELLS 


THESE FORM METASTASES (SECONDARY TUMORS) 
OFTEN BECOME ANAEROBIC (NON-OXYGEN USING) 


@ ENIGMA IS FAILURE OF IMMUNE SYSTEM 
TO ATTACK SOME TUMOR CELLS 
— SUPPRESSOR CELLS MAY CURB IMMUNE SYSTEM 


*R&R system forces cell back toward anaerobe 


CANCR-3S © 1883 TE Bearden 
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HANGE L# 











ATMOSPHERE Return 
AERORI to Slide 
habeas Index 
Next 
Slide 
e Previous 
ANAEROBES KILLER CELLS ORGANS Slide 
OBLIGATORY (SINGLE CELL es str Slide 
Sa one BOTH AEROBIC STRUCTURES 
SINGLECELL = AND ANAEROBIC) 
SHIELDED 
FROM OXYGEN * NOTE: LIMITED ANAEROBIC RESPIRATION 
STILL TAKES PLACE IN HIGHER AEROBIC 
LIFE FORMS, INCLUDING MAN. 
EVOLUTIONARY TIME 
CANCR-41 © 1003 TE Meander 
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RED BLOOD CELLS ° AIR 
@ Return 
—_. to Slide 
Je os . Index 
on 
Severely reduced o Severe pollution ° Next 
oxygen transport ® Slide 
cS @ (Such as ®@ —_ 
cigarette smoke) a ; 
BLOOD CELLS 9 ° ° ‘ Previous 
LUNG Slide 
SACS 


BODY ATMOSPHERE 


CANCROF @ 1093 T4, Bearden 
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MULTICELL 
AEROBIC’ 
(INCLUDES MAN) Retain 
to Slide 
Index 
Next 
Slide 
CENTRAL CONTROL 
OXYGEN-RICH TIME-FORWARD esas 
a PATH AS IT Slide 


DEVELOPED 


6 =< TIME-REVERSED 
== PATH FOR SUSTAINED 


OXYGEN DEFICIENCY 


SINGLE CELL ~ a 
AEROBIC’ —s cST STEP IN OXYGEN-DEFICIENCY 
DEDIFFERENTIATION 


CANCK-O8 © 1989 TE. Bearden 
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* Two major links uncovered between : 
— The DC system and nervous system 
— The DC system and all body cells 


* Bioelectric potentials of primary importance = 
© Physiology presently considers controls limited to: ha 
— Neural action potential al 
— Various hormone chemical agents Next 
— Chemical agents associated with DNA/RNA system Slide 
* Complete Operational Biological Control System: 
— Controls growth, healing, biological cycles, etc. cae 


— Operates in ANALOG mode; various levels of DC 
— Interlocks physically with nervous system (and may be its precursor) 
— Other chemical agents 
— Tissue growth and healing NOT INCLUDED 

® Medical community now more concerned with diseases resulting from: 
— Inadequate/abnormal growth 
— Inadequate healing 
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Application of DC currents to heal difficult bone 
fractures. Only picoamperes are utilized. Pulsed DC 
current or pulsed magnetic fields may also be utilized. 








Proves that cells can be time-reversed (phase conjugated) 
dedifferentiated) or time-forwarded (redifferentiate 
application of very weak electromagnetic signals, when 
those signals contain longitudinal bidirectional EM “pump 
wave” wavepairs, which cause the cell and its parts to create 
precise vacuum antiengines. 


Turns into type of cell that 
makes bone 

Deposits in fracture site, 

healing the fracture 






(2) Te ARO 


http://www.cheniere.org/briefings/DoDPriore/slides/046.htm24. 11.2003 19:16:24 


Return 
to Slide 
Index 


Next 
Slide 








Previous 
Slide 


Priore DoD Briefing 


Return 
to Slide 
Index 


Next 
Slide 








DIFFERENTIATIO 


Previous 
Slide 
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Local cellular effect Local nerve effect 


CNS effect Alterations in hormone 
| pattern (prolactin) 
Alterations in tocal 
DC field pattern 


el 
effects — , 
[ Local and systemic 
sees wea 













Dedifferentiation into 
primitive mesenchymal cells 


t 


Phase | Blastema formation 





growth 
Phase Il . 


Redifferantiation into & Spadaro, “Electrical stimulation of 
required cell types , Abia) May 1978 


Restoration of body 
part or tissue 
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@ Standing DC potentials on intact surfaces of all living animals 
demonstrate a complex field pattern spatially related to the 








anatomical arrangement of the nervous system oF 

— Can be measured directly on the peripheral nerves ties 

— Polarity difference related to whether nerve is or is not a sensor ——— 

— Steady (weak) current flow exists Niest 

— Demonstrates solid state/semiconductor phenomena : 

— Accurately reflects (amplitude and polarity) the general level of neural sible 
activity 
* Sleep versus wakefulness Previous 
e Anesthesia versus conscious Slide 


e Other parameters 
@ DC levels determine the level of neural activity 


@ Action potential system exists upon a substratum of DC 
potentials which pre-existed it 


@ DC potentials substrata had and have control functions over 
basic properties of the living organism © TE. BEARDEN 106 
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@ Cellular processes are regulated by a precise control system 

® Attempted to engineering control-system theory 

@ Cells and tissues have solid-state electrochemical features Return 
which provide control signals in the control system to Slide 
— Growth process Tridlex 


— Electron transfer Regeneration in Mamnate” Bul NcY_Aaed. Med. 48(4) may 1072, p: 627-647 
— Semiconduction 


- Self-organizing (NOTE: implies hidden variables and nonlocal causality) Next 
@ Complex electrical events at the minted 6 site initiate cellular Slide 
aspects such as dedifferentiation and mitotic activity _— 
@ neration is a 2-step process, each with different controls 


—- Electrical triggers with threshold values results in appearance of blastema : 
— Complex data transmission to blastema establishes it as a self-organizing Slide 
system capable of growth and redifferentiation 
— Mammals lack ability to produce blastemas except for bone, but partial 
regeneration growth has been shown in response to electrical stimuli 
@ Growth related to electrical more than electrochemical aspects 
@ Hematopoietic marrow as source of cells for the blastema 
— Monocytes can take place in regenerative processes in limbs 
— Lymphocytes can dedifferentiate under certain circumstances 
-— Marrow elements can be induced into osteogenesis © TE BEARDEN 1908 


Previous 
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Corrections For the Present EM Bioeffects Model 


Beers eesesesossseg 
s . 
. 
. 
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JB c) tert, 199), 1G TC DEAROEN 
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Kaznacheyev's Cytopathogenic Mirror Effect 


tix: Disease vacuum engines transported by photons and waves _ 





tas 
Co eek en ence en en een ee enee teen ee eet ent en ret HOTT hOP CTERSLe Pees esebioeeeeseseeee: 


(E) TR PEARCE 1977, 198? 





Note: Minimum lattice is one harmonic interval: IR to UVis such a minimum G-lattice. 
Distant induction of cellular death and diseases, by special EM means. 
Coupled photon-antiphoton pairs (gravitons) in a structured harmonic 
lattice ordering constitute the disease or disorder template. 
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MICROWAVE RADIATION OF 
U.S. EMBASSY IN MOSCOW 


BACKGROUND 


+ Began in latter 1950s 
« Discovered on VP Nixon's trip 
+ Initially thought to be nuclear radiation 
(Discovered w/Geiger counter?) 
+ High level target - U.S. Ambassador 
+ Guarantees personal attention of: 
= U.S. Ambassador to USSR 
= NSA, CIA, DIA, NSC, etc. —— 
= Top consulting scientists Slide 
= Leading U.S. scientific institutions 
* Two U.S. Ambassadors died, another sickened 
* Anomalous health changes in personnel, only : 
in zero-field (zero pot'l gradient) areas! Slide 
* Four U.S. Presidents requested Soviets cease 
= Cut from 18 watts/sq cm to 2 
= Then again increased 
» No one could understand what was going on 
+ Aluminum screens were placed over windows 
* Moscow was declared a hazardous duty zone 


Former U.S, Embassy in Moscow. 
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Selected clipart © by Lotus SmartPics™ 


© we oe re scaren 
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_.. 9elf-Targeting in Inner EM 
<@>- Channel Can Produce a —*& 
Quantum Potential 











Once OP is established, Return 

is direct and inatantaneous, Eneray input 

single participant will simultaneously appear in all to Slide 

, the amount depending on their 

fractions of participation with the input station. Ny Index 
Next 
Slide 
Previous 
Slide 





http://www.cheniere.org/briefings/DoDPriore/slides/055.htm24. 11.2003 19:17:28 


Priore DoD Briefing 





a. Quantum Potential Characteristics ““""""™ 
@ No point source 








@ Not radiated 
° Guantum potential between two particles 
- Instantaneous coumsation, 20" maitiply-conneuied spece Return 
to Slide 
. . I d 
b. Hidden Variable Theory and the Quantum Potential — 
Next 
Slide 
® "A quantum particle moves as if it were subject, in addition to its Previous 
external potentials, to a potential which is a function of its own Slide 


probability distribution.” 


Bohm's H.V.T. assumes: 
— Particle and wave function real and separate 
Wave function obeys Shroedinger's equation 
Particle obeys classical mechanics 
Particle couples to wave function through a quantum potential 
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e Separated points are eS 5 in MCST 
¢ intervening distance in T is zero 

* Connection is instant and bidirectional 

* Propagation through ST does not apply 











: Return 
* Energy or vacuum engine input to one station ee 
instantly appears at each and every other station, to Slide 
undiminished in magnitude Index 
« Ultimate net-centric warfare effect A —— 
Note: Once OP established 
ps separation distance in 3-space 
: is of no consequence Next 
Pm Slide 
é, Previous 
(Pash —— 
Slide 
\ as -. 
< “*en - Note: Vulnerability. Any other 
Station may insert energy 
or vacuum engines into the 
Same quantum potential. Phase 
, conjugating the hostile engine 
(> T& BEARDEN 1998 can negate its effect everywhere 
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And Typical Comparative Disease Curves 


Note: There is cumulative genetic damage to germ cells also. 








MULTI- MULTL 
SUPPRESSION AGENT 
OF (MMUNE TREATMENT 4 = intensity of 
SYSTEM gf exposure 
i Return 
to Slide 
DEATH OF THE HOSTIPATIENT ————— 
Index 
PERMANENT DISEASE STATE 
Next 
FULL DISEASE STATE Slide 
TRACE (LOW-LEVEL) GiSEASE 
Previous 
PRE-DISEASE STATE Slide 
SHADOW DISEASE STATE 





EXPOSED WITH MOST CUMULATIVE DAMAGE 
EXPOSED WITH MULTIPLE AGENT INFECTIONS AND RECEIVING MULTITREATMEANT 


ems aaa EXPOSED WITH LESS CUMULATIVE DAMAGE 
———————— ON-SULF WAR: TYRICAL MORMAL DISEASE WHICH KILLS PATIENT 





Ja 2 to) 1 Te er 
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Force Fields and Symmetry 


= Force fields are nature's way of imposing 
local gauge symmetries on the world 

= E.g., electromagnetic field is a manifestation 
of the simplest known gauge symmetry 
consistent with the principles of special 
relativity 

= For the EM case, the gauge transformations 
correspond to changes in ‘voltage’ from place 
to place 


@® T,.E. Bearden 1995, 1996 
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Aspects of Strong Local Asymmetry 
SSS a 


= If local asymmetry is strong, conservation laws 


may be appreciably violated 
e Energy @ T.E Bearden 1995, 1996 
* Charge Return 
e Spin to Slide 
e Momentum a 
* Angular momentum Next 
= Properties of an object may differ appreciably for oo 
® Different observers en er 
e Different detecting means Slide 


e One time to another 
* One position to another 


# STRUCTURING THE INFOLDED EM INSIDE POTENTIALS, 
FIELDS, AND WAVES 
e Strongly breaks local symmetry 
e Provides spacetime engines giving the above effects 
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Other Aspects of 


Strong Local Asymmetry 
eee 





= Local spacetime is curved © T.E Bearden 1995, 1996 

* Lorentz invariance of vacuum is violated poe 
* May be a local "sink" or "source" oe 
= Gravitational/inertial effects from EM os 

= Translation between virtual and observable Next 

* Electrogravitational solitons ls 

* Action at a distance Silas 
= Transmutation effects may exist Slide 


= Scalar/pseudoscalar field translation 
= COMMENT: Thus the use of infolded longitudinal 
EM fields and waves to strongly break local 
symmetry allows internested clustering of 
spacetime curvatures. These spacetime 
structures are vacuum engines, of spacetime engines. 
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oe -_— V =10° volts 
Surface layer of | bs Cellular membrane 
fluid atoms surface 
oe - d =10°’ meter 
E =10° volts/ meter 


Sx f(E*)= f(10") 


© 1997 TE BEARDEN 
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®@ What is taught is the "interaction cross section," i.e., the 
joules collected from the associated S-flow by one point 
coulomb of intercepting/collecting charge. Return 
= = i to Slide_ 
W=Vq = 0q_ (joules) N.. index 
d=W/q  (joules/coul) [2] _ 
ex 


Let @ <1 and fixed; q =n where n= Slide 
W =k, where k =00 [3] previous 
®@ From any "finite" potential, no matter how small, an unlimited siide 
amount of energy can be collected, by increasing the a 
_ collection (number of coulombs) (interaction cross section). 
® Actual magnitude of the potential () must be very, very large, 
since we can treat it as infinite or unlimited, via W = 6 q. 


® Else Equation [1] could not be linear. 
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Table A1. THE VACUUM ENERGETICALLY INTERACTS 
WITH EVERY PARTICLE, CONTINUALLY. 

Sa rr a I 
B® The vacuum is: 

@ Ground (zero) state of the electromagnetic (photon) field. 

@ Ground (zero) state of mass field. 

®@ Empty of observable particles or photons. 

@ Filled with non-observablie (virtual) particles and photons. 


@ Violently fluctuating microscopically and electromagnetically. see 
@ Constantly interacting with all particles, including partially to Slide 
shielding their bare charges. Index 
& Lamb Shift ~ vacuum's alteration of the energy level of an electron in the 
hydrogen atom. Next 
-- Difference in energy (frequency units) is 1057.862 MHz. Slide 
-- Lamb was awarded a Nobel Prize for showing this. ~_ 
-- Energy density exceeds that of the sun's surface! adions 


B Casimir Effect -- vacuum creates an attraction between two conducting Slide 
surfaces in close proximity. 
- experimentally proven, well-known. eee aa al 


@ Cole and Puthoff proved that there is no thermodynamic reason why energy 
cannot be extracted from the vacuum as heat and power, and utilized. 


@ The common dipole is a broken symmetry in the virtual photon flux of vacuum. 
it extracts virtual energy, integrates it, and re-emits it as Poynting energy density 
flow S = ExH (which observably interacts with charged particles and magnetic 
poles). 
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CAXelelialem s-(oueltiiimatareliaics) 


® Any EM field or wave is created by (comprised of) two 
potentials which interfere with each other in a given area 
— May be either scalar or vector potentials to Slide 
- May interfere locaily or at a distance a 
- Process is distance independent ae 
@ sr scalar potential is pet fora of a harmonic series of 
bidirectional longitudinal EM wavepairs (Whittaker 1903). Next 
@ Ziolkowski circa 1985 added the interior product setto “Hide 
Whittaker’s sum set. Thus he added modulations. 


Return 








® By assembling a deliberate “sum and product" set of Beau 
biwaves, a scalar potential can be created having an = 
internal deterministic structure. 
- This structures local vacuum aa 
curvatures, in specific forms 


— Now have added vacuum engines 
- Have infolded general relativity inside electrodynamics 


(©) 1990 TE BEARDEN 
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Va r-leasieiag| 
Structured 

Internested patterns _ : Einsteinian spacetime 

of spacetime 

curvature 
Return 
to Slide 
Index 
Next 
Slide 
Previous 
Slide 


Demons are 

EM hidden variables Demons work 
organized into at all levels 
dynamic structures 

at all levels 


TE BEARDEN 1908 
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ats STRUCTURING 
SPACETIME OF ACTIVE 
A SPACETIME 


Nig ra ms CURVATURES 
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rapped energy) and its struct Bp curves-and thnsluces aparetione conplanes farginuth 
* Curved and structured spacetime engines produce forces on mass and its components, 
Since vary pose EM orc used aeel of curvature, powerful 
. as 





arranging the LWs in the input EM potentials, 
. Soneral relebaay Genomes dase engineerable in devices chenaaeltea unparalleled capability. 
st curvatures te 
Return 
to Slide 
mass gaged meng scenery a ae 
\ / \ | / Next 
= ae, a 
~~ altered = — > altered Slide 
7 <a — 
P53 \ is Pl / | a> Previous 
Slide 
Complex of ST curvatures 
(vacuum engine, es eens disturbance (engine) 
spacetime engine) @® TE BEARDEN tose 
ics h hidden but I-re 
Infolded inside (comprising | s 20:salted poserital: tao, snd orawie 
{in space in the absence of mass). What are defined as 
, fields, and waves rigorously exist only in, on, and of 
mass, as pointed out by Aharonov and Bohm in 1959. All of this is just 
longitudinal EM waves and their interactions. 
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SIGNAL VERSUS VACUUM ENGINE 





® INFORMATION RECEIVED 


® ANY OVERT PHYSICAL 
oa ACTION MUST BE 
TAKEN BY RECEIVER 


SIGNAL (INFO) 





A. Receiver must do the action itself; vacuum energy is 
petit aha on eat ror aay the action must be to 


€ 1994, 1996, 1997 TE BEARDEN Selectad choat™ by Lotus SmartPics 


& 


—————> * VACUUM FLUX GRADIENTS = 





<> 


VACUUM * “INFORMATION” ITSELF ACTS | 
ACTIVATED 


CHANGE ALL PARTS AND 
ENGINE (STRUCTURE) CHARACTERISTICS OF 
TEMPLATE (FORM) RECEIVER, INSIDE AND OUT 





B. Receiver is acted upon; altered vacuum does the 
po ne lame No en or Rat ty come We nction Sood te 
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e An EM potential is gravitational due to its trapped energy. 
e A local EM potential is a local curvature of spacetime. Return 


e Structured potentials are structured (nested) local to Slide 
spacetime curvatures; hidden variable theory applies. = 


e Structured potentials thus are vacuum engines. — 

e Gradient-free potential penetrates the atom, into nucleus. Slide 

e With steady application, a structured gradient-free potential 
can be used to engineer the atomic nucleus at will. eons 


e Normal cold fusion systems structure a small fraction of = 


their potentials, by chance geometries, boundaries, etc. 
e This produces some new nuclides, but haphazardly. 


e The process can be developed and controlled. The 
nucleus can be deterministically engineered at will. 


© war Te BEARDEN 
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Vacuum Engineering 
Using Inner EM Energy and Structuring to Engineer Physical Reality 


Vacuum Potential (Violent Flux) 








Aaadagemane rian . : Return 











g ° 

Virtual Particle A (P 5 otential to Slide_ Slide 

Flux of Vacuum) gradients etc.) Index 
a Vacuum TxA, ay P etc. 

oa Next 
Slide 

Previous 
Slide 
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@ /mpact of Vacuum Engineering » 


« "if they [quantum fluctuations of vacuum] can be [tapped], the 
impact upon our civilization will be incalculable. Oil, coal, 
nuclear, hydropower, would become obsolete -- and so would 
many of our worries about environmental pollution." 





= "Don't sell your oil shares yet -- but don't be surprised if the 8 de 
world again witnesses the four stages of response to any new —— 
and revolutionary development: se cetiaaadien ae 
— 1. It's crazy! 
—2. It may be possible -- so what? — 
— 3.1 said it was a good idea all along. a 
4. | thought of it first. Artur c Clothe — dil acta 
= Com : Nov/Dec, 1994 Slide 
— Every dipole's broken symmetry in its energetic exchange with 
the vacuum already freely extracts vacuum energy. 


—in power sources, the dipole gates the extracted energy out as 
S = EXH, which flows almost entirely outside the conductors. 

— The circuit interacts with, and uses, only about 10°°* of S. The 
electrodynamicists calculate only this small S-component. 
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A, i 
a. Pumping with transverse EM waves b. Pumping with longitudinal EM waves 
produces a time-reversed wave. A, and A, time-reverses fhe mass itself. 
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(Energy and time are canonical) 





@ Time can neither be created nor destroyed 
- Its form can be changed, and it can be positive or negative 
- Time can be collected or dissipated, converged or diverged 
- Time can oscillate and move in waves 
- Longitudinal (infolded) EM waves oscillate time 
@ Time is always in motion, and that motion is variable 
- Collected/collecting time is a continuing stationary 
change in an ongoing time flow 
- Time/collecting time can be internested and internally 
structured 


@ Time has gravitational as 
— Negative (trapped) time is antigravitational 
~ Emitting negative time is gravitational, to the emitter 


@ Nonlinear optical pumping can use longitudinal EM waves 
- Pumping a nonlinear mass by longitudinal (infolded) EM 
waves pumps it in its masstime form, in the time domain 
- This creates an amplified vacuum antiengine for the mass, 
and time-reverses the mass back to a previous state 


@ 1908 TE BEARDEN 
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@ There is a vast new kind of electrodynamics hidden 
inside all EM potentials, fields, and waves : 





ongitudinal EM waves and complexes 
— Oscillations in time domain Return 
to Slide 


® These complexes are an infolded general relativi bac 
© Beh Owens since the as 
agent of curvature ios wok 
@ in general relativity, similar precise complexes ~ a 


permeate and act on any mass at all internal levels Previous 
@ With this approach, one can now manipulate matter-- _Slide 
living or inert -- in any manner desired, depending 
only on the level of development of the technology 
@ Priore unwittingly used this to cure dread diseases 


® This is a revolution in all of science © TE WEAROEN 1808 
@ We have uncovered the major mechanisms to utilize 
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\ i | tt | Return 
ia HH |-." i I, to Slide 


Index 
Solution to Mass Casualties Treatment Problem 
Threat and Current Status Next 
Historical Solution: Priore Treatment Therapy Slide 
Extended Physics and Background 
Modern WMD Solution: Portable Treatment Systems a 
ide 


Conclusions; Technology Practical, Proven 
* Recommendation: Crash Development Program 


CTEC, Inc. 28 Mar. 1998 
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* FACT: DISEASE-SPECIFIC VACUUM ENGINE PRESENT FOR ANY, 
CELLULAR DISEASE, BY WHEELER'S PRINCIPLE 

* DISEASE CAN BE REVERSED BY CREATING AMPLIFIED 
oan VACUUM ANTI-ENGINE (BEARDEN'S PRINCIPLE) - 
* ANTI-ENGINE IS CREATED BY PUMPING THE NONLINEAR Return 
CELLS IN THE “INNER EM” DOMAIN, TIME-REVERSING THEM (“= to Slide 

* PRIORE UTILIZED A PLASMA TO PHASE CONJUGATE AND "INFOLD” = | Index 
MULTIPLE BIDIRECTIONAL LONGITUDINAL EM PUMP WAVES = 


* 47 FREQUENCIES MIXED IN A ROTATING PLASMA 





Next 
+ PHASE CONJUGATES ADDED BY THE PLASMA — 
Fs * JNFOLDED MIX INTO STRONG PULSED DC MAGNETIC aa 
FIELD, WHICH CARRIED IT INTO ATOMIC NUCLE! 
Previous 





* PUMPED ALL NONLINEAR CELLULAR COMPONENTS TO : 
PRODUCE AMPLIFIED, SPECIFIC VACUUM ANTI-ENGINE Slide 


* NEGATED THE LONG-TERM CUMULATIVE CELLULAR 
DEDIFFERENTIATION ORDER GENERATED BY LONG-TERM 
HYPOXIA. TUMOR CELLS REVERTED TO NORMAL CELLS. 


* SCRUBBED OUT THE CUMULATED PRECANCEROUS STATE 
* RESTORED THE IMMUNE SYSTEM TO HIGH FUNCTIONING 
* NO EXCESSIVE TRAUMA TO TREATED ANIMAL 


camenes + 10M eR Ohne Te eae 
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SURVIVORS OF N CASUALTIES 
(N = 1-40 MILLION) 


Return 
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FRACTION SURVIVING 





TYPE TREATMENT RECEIVED 


EXPRESSED IN FRACTION SURVIVING 
B With conventional treatment 

© With 1st generation P-treatment 

© With 2nd generation P-treatment 

B® With 3rd generation P-treatment 
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Solution to Mass Casualties Treatment Problem 


Threat and Current Status 


Historical Solution: Priore Treatment Therapy 


Extended Physics and Background 


Modern WMD Solution: Portable Treatment Systems 
Conclusions: Technology Practical, Proven 
Recommendation: Crash Development Program 


| OF f a Comm [a Te; 
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Summary and Conclusions 


@ A new therapeutic paradigm of great scope 
and effectiveness has been developed 


- Will provide effective, quick treatment of mass casualties 
- Will provide cures for unknown agents 
- No pathogen strains are resistant to this process a 


@® Results have been proven experimentally 
- Documented in French scientific literature 














- Rigorous scientific protocols, eminent scientists ah 

- Technical mechanism deciphered Slide 
@ Will treat and cure many diseases Previous 

- Aids, atheriosclerosis, cancer and leukemia Slide 

- Sleeping sickness © 1993 TE. Bosnten 


® Portable units can be developed quickly 


- 18-month crash development program required 
- high level authority and overwatch essential 


® Will solve the BW mass Casualty treatment 
problem, both civilian and military 
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solution to Mass Casualties Treatment Problem 
Threat and Current Status 
Historical Solution: Priore Treatment Therapy 
Extended Physics and Background 
Modern WMD Solution: Portable Treatment Systems 
Conclusions: Technology Practical, Proven 
Recommendation: Crash Development Program 


OF f = Om [elo 28 Mar. 1998 


http://www.cheniere.org/briefings/DoDPriore/slides/084.htm24. 11.2003 19:20:27 





Return 
to Slide 
Index 


Next 
Slide 





Previous 
Slide 





Priore DoD Briefing 


Recommend implementing: 


@ Seisi SS SeaDe ur Stamm 





pilligsise-si22) ee AIE lie Return 
1 8-mont : oject to Slide 
Index 
- SecDef and Congressioni OVerwatch woe 


Presidential] Ee irective 
Parallel logistics Support program Previous 


eed production lines 
bution, storage, maintenance 
tenance training 
usage at all levels 
men, police, National Guard, 
| facilities, etc. 
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Final Thoughts: 


@ The current internal BW threat can sic 
and will kill more Americans than 
all our previous wars combined 


Previous 


@ The Priore technology is the only 
solution in sight that can save 
most of those casualties 
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CTEC, Inc. 

2311 Big Cove Road 
Huntsville, AL 35801 
(256) 533-3682 Ph/ 


MIPEN PAIN FAA TA. 


CTEG, Inc. 


June 24, 1998 


Dr. Jane F. Kinsel, Director 

Office of Policy Analysis 

Department of Health & Human Services 
Bathesda, MD 20892 


Dear Dr. Kinsel: 


Your letter of June 8 is appreciated. However, the entire action package had already gone 
to the Assistant SecDef and also to Major General Neary in the USAF. 


The proof of a revolution in medical treatment was in the package. The basis for it is 
already demonstrated experimentally in the scientific literature, both in the U.S. and in 
France. We are speaking of something already proven, but missed by the entire U.S. 
medical community. Strong words, but true. Let me be specific. 


Any cell in the body can be time-reversed (physics term) or dedifferentiated (biology term) 
back to an earlier state, by pumping (i.e., "Squeezing" in simple terms) that cell with 
longitudinal EM waves as pump waves. There are considerable papers in the French 
scientific literature showing the experimental results. 


Apply that to cancer. We are stating bluntly that all cancerous cells in the body can be 
"depromoted" back to normal cells easily. Further, the damage previously done to them 
(such as by sustained hypoxia due to contaminants reducing the oxygen-carrying ability 
normally given to it by some 60-to-80 surrounding water molecules per red cell and the 
consequent H-bonding interactions) will also be reversed. The cells can all be returned to 
healthy, normal cells again, without "killing" or "burning" or "cutting" anything. 


With some development of the technology, you can quickly and easily cure every cancer 
patient in every hospital in the United States. 


Now apply it to AIDS. Since you can time-reverse every cell in the body, you can time- 
reverse the HIV-infected cells — genetics and all — right back to normal cells with normal 
genetics. Those cells not infected and healthy, will just get a "little younger” again. 


So with that small development, you can quickly and easily cure every AIDS patient in every 
hospital in the United States. 


| would have thought that NIH would certainly be interested in such a revolutionary therapy 
which has already been demonstrated in laboratory experiments. World-renowned French 
scientists — such as the eminent parasitologist Pautrizel and research PhDs assigned 
directly by Robert Courrier, head of the Biology Section of the French Academy of Sciences, 
worked with Prioré in performing those startling experiments that proved what we are 
saying. 


June 24, 1997 


Page 2 


The method was rigorously shown to cure infectious diseases (such as trypanosomiasis), 
atherosclerosis (which now afflicts millions of Americans), and terminal tumors. It was 
shown to reverse suppressed immune systems back to normal vigorous functioning. 


Please permit me to disagree with you that the examination of such is not the mission of the 
NIH. To the contrary, it is precisely the NIH which should have some of its very best 
scientists looking into this. 


The action package to DoD was to propose a crash program to develop this methodology in 
the form of a small, portable unit for treatment of mass casualties resulting from a terrorist 
BW attack on our cities (now expected in the next few weeks, as you must be aware). The 
leading Arab terrorist of the world has already promised just this. 


We are speaking of several million Americans who are going to die. They are going to die in 
spite of everything that NIH and its labs can do, even though | know you will make a heroic 
effort. With NIH present methods, you cannot do very much for those stricken Americans at 
all. Everything we have in the "normal" kit bag is almost useless against a knowledgeable 
spray attack of modified smallpox (as you know, the Russian secret BW labs have made 
and sold tons of that already, to guess who!). Or a spray of tularemia (you are well aware of 
the extreme lethality of that), or anthrax (easily obtained). It is also common knowledge that 
these terrorist teams with their BW agents are already on site in this country, waiting for the 
word to attack. This has now been officially raised to our primary Strategic Threat. 


In the face of such looming strikes on the U.S., | simply cannot believe that the NIH does not 
feel it within their mission to rigorously check out a proposed method for saving perhaps 
70% of those coming deaths (first generation equipment), and up to 90% with second 
generation equipment. 


Perhaps you just did not read the package carefully. | urge you to do so. 


Else NIH is going to look very, very bad when (1) the strikes do occur, (2) they can't handle 
them (and they cannot, as you well know), (3) they had within their hands in advance, a 
proposed methodology that could have been investigated intensely, to save millions of those 
stricken Americans. 


As a staunch supporter of NIH and especially CDC, | have to believe that there is a different 
attitude there. If NIH is not interested in a previously experimentally demonstrated method 
of saving millions of Americans, then the only recourse left is the political channel. 


| assure you that my critique of electrodynamics is well-founded, as supported by various 
leading physicists such as Nobelist Feynman (who stated bluntly that the field concept is 
wrong), Wheeler, Bunge, and so on. It is inexplicable why all our universities are still 
teaching a 130 year old abridged (Heaviside's) subset of Maxwell's theory, and one that still 
contains a material ether even though that was falsified 110 years ago! 


You already have seen the misuse of this technology by the Russians, in the decades-long 
radiation of the U.S. Embassy in Moscow. Is it not NIH's mission to understand how they 
generated all those diseases and health changes? Have you ever looked into 
Kaznacheyev's experiments showing that ANY cellular disease or disorder can be induced 
in cells at a distance by purely EM means? Have you looked into what got eliminated from 
electrodynamics by ignoring the hidden longitudinal EM inside every potential, field, and 
wave? Do you realize what ignoring that has done to American chemistry, biochemistry, 
and medical science?" 


| would hope that the NIH would at least be interested in its own mission area! 


June 24, 1997 
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| challenge you bluntly to admit that no one presently understands the primary operation of 
the human cellular regenerative system. That's because its technical principle is not 
presently in our recognized physics, biochemistry, and medical science — even though it has 
been in the hard physics literature since 1903-4. Becker's epochal work came closest; since 
he only had access to the conventional EM model, it failed him. But he at least showed you 
rigorously that cells can be changed (both differentiated and redifferentiated) all over the 
map by laughably weak EM — picoamperes of current, which means persistent DC 
potentials. In the microwave radiation of the U.S. Embassy, all the health changes occurred 
in regions absent of fields — i.e., absent of bleed-off of the potentials. Hence in regions of 
stable DC potentials! With 100% correlation of the health changes to persistent, gradient 
free potentials, and 100% anticorrelation to changing potentials (i.e., fields), our own 
scientists concluded totally erroneously that it could not have been the EM radiation causing 
the changes, when their own results had just proven that it was. 


Now | ask you: Can NIH explain how it was that the DC potentials caused those health 
changes? | think not. If it could, it would understand the action package | wrote, and its 
importance. 


This is not a "political" letter. I'm just an ordinary American citizen who has done about 30 
years very hard work on this particular area. The work is good enough now to stand on its 
own merits. The scientific community will eventually accept it, about 50 years from now. 
But we cannot wait 50 years! Those millions of Americans are going to die, because of the 
bureaucracy and inaction of our own scientific organizations. Whether they like it or not, the 
U.S. scientific community is now the forefront of the struggle for this nation to survive. And 
they are failing us dramatically. 


So as a parent who wants his children to live, and his neighbors’ children to live, and those 
millions of soon-to-be stricken Americans to live also, | urge you to at least have someone 
competent in physics (and knowledgeable that the foundations of physics itself are in woeful 
shape!) check the work. Has anybody there read any of the references to the Prioré work | 
cited? Does anyone there realize that there are no EM forcefields in space? Probably not. 


Dr. Kinsel, there is a time for "business as usual" and there is a time to do some Serious 
new work. Those stricken Americans are going to be lying there. Nothing NIH can do is 
going to stop that. That's a given, and it is not my own estimate. It's the official estimate. 
And you Anow you presently do not have the tools to do anything really effective about it. 


Frankly, | interpret your letter to me as just the normal "spin control" for easy disposition. | 
would hope that NIH would seriously rethink the situation, get off the "spin control" and 
"business as usual" posturing, and do something dramatically different for a change. 
What have you got to lose? A little time from perhaps two or three of your best scientists. 
What have you got to gain? Saving untold millions of American lives. A new, a/ready 
partially demonstrated cure for most dread diseases such as AIDS and cancer — diseases 
which you presently cannot do very much about in spite of decades of heroic struggle. 


Sincerely, cc: Senator Shelby, Congr. Cramer 


T.E. Bearden 
President and CEO 


CTEC, Inc. 

T.E. Bearden, President & CEO 

2311 Big Cove Road 

Huntsville, AL 35801-1351 
(256)533-3682 ph/(256)536-0411 Fax 


CTEG, Inc. 


May 12, 1998 


Dr. Harold Varmus, Director 
National Institute of Health 
Bathesda, MD 20892 

(301) 496-1766 


Dear Dr Varmus: 


We have recently sent action documents to the Director of Nuclear and Counterproliferation, Office 
of the DCS, Air and Space Operations, HQ USAF and to the DoD (General Busbee) Assistant 
Secretary of Defense, as well as several Senate and House committees, which may be of interest to 
you. For one thing, we give the technical mechanism used to generate the Gulf War Syndrome. The 
same weaponry is now being used to rapidly induce new strains of certain pathogens worldwide. | 
urge you to closely read that section of the letter to MG Neary which explains the GWS, why the 
French did not get it, and why Southern Iraqis got an increase in cancer and leukemia but not GWS. 
Also explained is how the "microwave radiation" of the U.S. Embassy in Moscow induced diseases 
for decades, and how we failed to comprehend it because the standard EM model deceived us. 


There is a way to treat and quickly cure most diseases, including the mass casualties resulting from a 
terrorist BW strike on our civilian population centers, our military bases, or our forces in the field. 
The method is little known, but was scientifically demonstrated in France in the 1960s and early 
1970s before cancellation of the Prioré Project when the French Government changed. Eminent 
French scientists worked on the project, and the results are fully documented in leading French 
scientific journals. References are listed in a separate attachment. 


Previously the Western scientific community has been unable to understand the technical mechanism 
responsible for such remarkable cures, because of serious foundations flaws in Western physics and 
electrodynamics. Foundations physicists have long been aware our science is flawed, and have 
pointed out many of these fundamental errors. However, the operational science establishment has 
not paid attention, even though physicists such as Feynman and Wheeler pointed out that the notion 
of "force fields in space" was totally wrong. 


As a primary example, there is an "infolded" electrodynamics inside all potentials, fields, and waves 
that is far more primary than the coarse EM that is in our textbooks. It is actually an infolded general 
relativity, and this is what the Russians have weaponized. This infolded EM-GR has been ignored in 
the West (but not in Russia) since 1903. 


As another example the potentials, fields, and waves of present electrodynamics are rigorously 
defined — and exist — only in the presence of mass. They do not exist in such form (force fields and 
oscillating force fields) at all in space, in the absence of mass. Rigorously, Maxwell's equations are 
mass-to-mass transforms, since Maxwell and everyone at the time assumed the ubiquitous presence 
of the material ether. In other words, to the founding electrodynamicists, there was no place in all the 
universe that was devoid of mass. Hence they defined all EM entities as entities containing mass. 
Even though Michelson-Morley experiments of more than a century ago destroyed that material 
ether, not a single Maxwellian equation has ever been changed! They still assume the material ether. 
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Specifically missing from our electrodynamics are two essential transforms: (1) the mass-to- 
spacetime transform, and (2) the spacetime-to-mass transform. In other words, these two transforms 
are "infolded" or hidden inside (comprise) the end point extremum case — the mass-to-mass transform 
actually written by Maxwell. 


But these two missing transforms are just general relativity (they correspond precisely to Wheeler's 
principle of general relativity). So general relativity has always been infolded inside electrodynamics 
as we know it, but ignored. Further, this is a very powerful general relativity, since it uses the very 
strong EM force as the agent of spacetime curvature. Hence now one can engineer a powerful 
general relativity in the laboratory and in practical devices, and even action-at-a-distance, which one 
cannot do using merely the staid and weak G-force. 


It turns out that longitudinal EM waves as shown by E.T. Whittaker in 1903 and 1904 are far more 
primary than our present EM theory and even our present GR theory. Both EM and GR are directly 
engineerable using longitudinal EM waves, including subluminal and superluminal EM waves in 
vacuum, and including action at a distance. One can engineer complexes of spacetime curvatures as 
desired, which in turn are spacetime engines (Wheeler's term). These engines can act upon mass — 
either living or inert — in any fashion desired, and at any distance desired. 


The little-known and poorly understood Regeneration & Recovery (R&R) system — as contrasted to 
the immune system — utilizes this exact "spacetime engine" methodology to restore damaged or 
diseased cells, within its limitations — "dedifferentiating" or "time-reversing" them back to normal. 
The mechanism is fully explained in the attached package. The proposed program applies this 
fundamental method to greatly amplify the effect. Thus cancer cells can be reversed back to normal 
cells, HIV-infected cells (HIV-factories) can be reversed back to normal cells (genetics and all), etc. 
This represents a dramatic and unparalleled new medical therapeutic methodology of extreme power. 
The same techniques can simply be conjugated one additional time, and used to produce diseases and 
cellular changes at a distance, including in entire mass populations, as the KGB is doing right now. 
Specifically, by impressing an extremely weak "cocktail mix" of disease spacetime engines on the 
U.S. populace, the immune systems are reacting and being "spread thin" across several "shadow 
state" infectious pathogenic conditions. Thus when an actual terrorist BW attack occurs, the lethality 
of the strike will be remarkably enhanced because the immune systems will be "thinned" in their 
ability to fend off this new pathogen. By doing it this way, BW warfare can actually be conducted 
upon the U.S. without anyone being the wiser. 


Our very survival as a nation is threatened by remarkable KGB weapons using this fully documented, 
extended electrodynamics. Bluntly, unless we take off our scientific blinders and understand Russian 
energetics weapon science, GWS and the Embassy health changes in Moscow were just a picnic 
before what is upon us. After two decades of work on the KGB energetics weapon problem, we have 
fully deciphered the technical mechanisms and what energetics is, as well as citing many of the 
Russian weapon tests and how they were done. Again, you can see that for yourself in the package. 


Now that we understand the technical mechanisms, we are proposing rapid redevelopment of the 
Prioré process, in portable suitcase-sized units to be mass produced and filtered down into the entire 
emergency community for mass treatment of lethal infectious diseases resulting from BW strikes. 
And we are strongly urging the U.S. scientific community to quickly investigate and come to grips 
with this vast new biological engineering mechanism. Our very survival depends on it. 


The inclosed documents provide an overview of the process. There is nothing else on the scientific 
horizon that can save the majority of all those stricken Americans, once the first foreign-sponsored 
terrorist teams strike our population centers with BW agents. 


Sincerely, Incls: Full package with table of contents 


T.E. Bearden 
President & CEO 
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Figure 19. The world of physical matter exists behind a dramatic 10> filter 
in a fiery cauldron of fierce and primeval EM energy flow. 
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Figure 17. Energy "collected" on a charge depends upon the charge being 
in acontinuous Poynting S-flow. When S ceases, there is no 
excess energy "collected" on the charge. Energy collection 
never occurs in chunks, but is always a dynamic, ongoing process. 


http://www.cheniere.org/images/Energy/007.htm25.4.2005 1:08:30 


Previous 
Slide 


Energy 


MARCH OF FIBER FUSE SHEATH 








Fd 
| 
<Zpeoe 
~) LASER LIGHT 
} DIRECTION 
\—en ant 
\ 
\\core Ret 
Cc eturn 
FLAME HEATING ee 
INITIATES FUSE ERMANIUM) to Slide 
Index 
31A. Fiber fuse destroys core of fiber optics cable ofindefinite length, pitting core with holes. ——_ 
Next 
MARCH OF FIBER FUSE Slide 
~ 1 METER/SEC ——_ 
obits |)  Qamaei a 
LASER LIGHT = = = oe —s Slide 
DIRECTION moat is 







lneea 


© 1989, (a5 Te Be ape 
31B. Reversed second fiber fuse often restores pitted core in cable, filling holes back up. 


Figure 31. Fiber fuse effect and its strange anomalies. 
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Figure 28. Lawandy's experiment (Letokhov-Lawandy effect) with multipass, 
multicollection of energy. Formation of a quantum potential can 
also become involved. Retroreflection and self-targeting are key. 
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Figure 20. One human body produces more energy flow than all the electrical 
power loads on earth dissipate. However, only 100-200 watts of its 
own energy output is collected and dissipated by the body. 
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Figure 18. A static" Poynting S-flow free-energy generator. 
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INCLUDING FISSION OR FUSION. 

SOME DECAY BYPRODUCTS ARE 
NONOBSERVAGBLE (SPACE ABSORBS) 
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Absorption and emission reactions 





TRANSVERSE PHOTON 
ELECTRON ABSORBS PHOTON 
ENERGY, MOVES TO HIGHER 
ENERGY LEVEL. DECAYS ELECTRON ABSORBS TIME 
BY EMITTING PHOTON, DENSITY, MOVES TO 1/ DIFFERENT 
REMOVING At “@ At. TIME DENSITY LEVEL, DECAYS BY 
Me EMITTING LONGITUDINAL OR 
/ We ™M PSEUDOLONGITUDINAL 
Atcoupled PHOTONS 


aie 


At increases 
\-statically ~ 





lowly 
d aoe —> 
PAs 
Figure A. Excited energy density level Figure B. Excited time density level 
oo in cneias ny significant only after enormous 
@ TE BEARDEN 1968 number of increases. 
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ANTI-ENGINE FOR CELL'S DEVIA TION 
REVERSES CELL BACK TO NORMAL 





a 
aa 





: ae | ‘. y . — hs PHYSICAL 
rear Ty ae: 
7 | (NORMAL) 
~ # EXTENDED 
| ‘TIME DELAY FoR 
\ ie RENORMALIZATION 


VACUUM VACUUM/SPACETIVE 


@ 1934, 19957.E BEARDEN 
ENGINE ANTI-ENGINE FOR 
FOR DISEASED CELL'S DISEASE DELTA 


By pumping the internal EM channel, process is dramatically accelerated. 
This is the body‘s normal recovery mechanism, within its limits. 
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Asymmetric Regauging Produces Excess Force, 
Which Can be Used to Do Work on the System 


i Net S metric Regauging Does 
No Excess Work on fe System 


: This little bird put one foot on 

: wire A, and then the second foot 

; on wire A also. He pet symmetrically 
; regauged, so he had no net excess 

: force across him, even though his 

| SSynmetriealiy fegauged eanh foot, 

: regau each foo 

: but both Sica Merk so that one 

; countered the other. e little bird! 








\ 


: Net Asymmetric Regauging Can 
i Do Excess Work on the System 
: This little bird put one foot on 

; wire A, and then the second foot 

: onwire B. He net ety aie ticatly 

} regauged, so he ot ne 

: excess force across him. That 

: force then violently translated his 

; little body parts every which way, 

{ doing lots of work in and on him. 


(c) TE. BEARDEM 1999 
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500,000 Vo Its 


1D00,000 Volts 





Net Symmetric Regauging Does 
No Excess Work on the System 


: This little bird put one foot on 

: wire A, and then the second foot 

: On wire Aalso. He net symmetrically 

; regauged, so he had no net excess 

: force across him, even though his 

: potential energy was increased. He 
asym metrically regauged each foot, 


but both simultaneous! 
countered the other. 


so that one 
ise little bird! 


| Net Asymmetric Regauging Can 
: Do Excess Work on the System 


: This little bird put one foot on 

: wire A, and then the second foot 
on wire B. He net asymmetrically 
regauged, so he had lots of ne 

: excess force across him. That 

; force then violently translated his 
little body parts every which way, 
doing lots of work in and on him. 


Bummer! 
(c) 6. REARDEN 1996 


Figure 32. Asymmetric regauging produces excess force, which can be used 


to do work on the regauging system. 
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e Tiny DC currents (picoamperes) 
e Pulsed DC current can be utilized 
© Pulsed magnetic fields may be utilized 


RED BLOOD CELL 
DEOIFFERENTIATES 


Shucks hemoglobin coat 
Grows nucleus 


NEW CELL 

REDIFF ERENTIATES i. 
Turns into type of cell that 
makes cartilage 


NEW CELL 
REDIFF ERENTIATES 


Turns into type of cell that 
makes bone 

Deposits Infracture site, 

healing the fracture 


















ae 
FRACTURE SITE 


©) 203, 05 TE GRRDEN 
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Trauma Produci 
Tissue Loss 
Local cellular effect Local nerve effect 
CNS effect Alterations in hormone 
patter (prolactin) 
Alterations in local 
DC field pattern 
Local electric 
Local and ri eto 
pools of — cel 
Dedifferentiation into 
Ege tee cells 
Phase | Biastema formation 
growth 
Phase Il ’ 
dish l thal yh eg *Becker & ESR tOrS, “Electrica mma of 


' Bik Nat ed, 40) ay 1972 
Restoration of body p.629 
part ortissue 
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INPUT STIMULATION 
DC SYSTEM (PAIN) 


GROWTH 
DIFFERENTIATION 


MITOSIS STIMULATION OF 
DEDIFFERENTIATION REPAIR CELLS 


CENTRAL 
DC SYSTEM 


OUTPUT 
DC SYSTEM 


TOTAL 
CURRENT OF 
INJURY 
Dc SYSTEM 





“Robert 0, veka, Bh Sade etree fo pesecbegesi tio L 
Bioelect os t s, Vo 


Riana po 4 
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Geometrical Distortion of Poynting Energy Flow 


At or near resonance frequency, in the case shown 
ee eee (reaction cross section) 


increases dramatically. 


a. Around an aluminum sphere b. Around an aluminum sphere 
at light energy 8.8 eV. at light energy 5eV. 
Absorption efficiency = 18.00. Absorption efficiency = 0.1. 


Figures per Craig F Bohren, "How can a Sag 3B absorb more than the light incident upon it? “, 
American Journal of Physics, 51(4), Apr. 1983 
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ad 


Cosmic Bootstrap: I~ 
Before the Big Bang: \@ 


Cosmic repulsion behaved like a fluid with 
negative pressure 


The “universe” inflated (expanded) as. a ‘faise 
vacuum 

As the negative-pressure fluid expanded, its 
energy went up rather than down 


When inflation stopped, the faise vacuum 
decayed from its excited state 


jis excitation energy was released in a single 
great burst Paul Davies, Superforce, 1984, p. 194 
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BRIDGING ENABLES COP > 1.0 


§-flow, dé /dt flow, and EMF flow 


=> => > a> o> => o> o> 


S dQidt 
| BLOCKER |: | 


| (Conductor) | | 





Closed Current Closed Current 
Loop A Loop B- 


BRIDGE Patent Pending 
Current loop Bis asymmetrically regauged by 
§, dd /dt, and EMF flowfrom current loop A 


(wate moar 
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Aspects of Strong Local Asymmetry 
el 


® If local asymmetry is strong, conservation laws 
may be appreciably violated 
Energy © TE Bearden 1995.1996 
Charge 
Spin 
Momentum 
Angular momentum 
® Properties of an object may differ appreciably for 
» Different observers 
Different detecting means 
One time to another 
One position to another 


* 6¢ ¢ @ 


e STRUCTURING THE INFOLDED EM INSIDE POTENTIALS, 
FIELDS, AND WAVES 
*® Strongly breaks local symmetry 
* Provides spacetime engines giving the above effects 
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Other Aspects of 
_ Strong Local Asymmetry 








» Local spacetime is curved G TE Bewien 1895, 1908 

= Loreniz invariance of vacuum is violated 

= May be a local “sink” or “source” 

= Gravitational-inertial effects from EM 

= Translation between virtual and observable 

= Electrogravitational solitons 

= Action at a distance 

= Transmutation effects may exist 

: = Somtalen carat field transiation 

COMMENT: Thus the use of infolded longitudinal 

” EM fields and waves to strongly break local 


symmetry allows internesied clustering of 
Spacetime curvatures. These spacetime 


Structures are vacuum engines, or spacetime engines, 
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 Bonaee on the Status of 
Electrodynamics 





. itis not usually acknowledged that electro- 
ear both classical and quantal, are in a 
sad state... 

". the best modern physicist is the one who 
acknowledges that neither classical nor 
quantum physics are cut and dried, both being 
full of holes and in need of a vigorous 
overhauling...” 


*Mano Bunge, Foundations of Physics, Springer-Verlag, 


(©) 1998 TE. BEARDEN New York, N'Y. 1987, p. 176. 
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Bunge on the Status of 
Electrodynamics and Physics 











—— —__— 





",» itis not usually acknowledged that electro- 
dynamics, both classical and quantal, are ina 
sad state... 

"... neither classical nor quantum physics are 
cut and dried, both being full of holes and in 
need of a vigorous overhauling..." 


"Mano Bunge, Foundations of Physics, Springer-Verlag, 
(2) 1986 TE. BEARDEN New ‘York, M187, p. 76., 
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‘ge 2 on the Status of 


Classical and Quantum Physics 
————————————————————————————————————————————— 


. itis not usually acknowledged that electro- 
Jeanie both classical and quantal, are in a 
sad state... the best modern physicist is the 
one who acknowledges that neither classical 
nor quantum physics are cut and dried, both 
being full of holes and in need of a vigorous 
overhauling not only to better cover their own 
domains but also to join smoothly so as to 
produce a coherent picture of the various 
levels of physical reality.” 


“Mario Bunge, Foundations of Physics, Springer-Verlag, 
©) 136 TE BEARDEN New York, NY, 1967, p. 176.. 
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Fraction of Casualties Surviving 


FRACTION SURVIVING 









10 


08 


0.0 


CASUALTIES 
(©) 1986 T & BEARDEN 
T YPE TREATMENT RECEIVED 


EXPRESSED IN FRACTION SURVIVING 
© with conventional treatment 

() With 1st generation Ptreatment 

C) With 2nd generation P-treatment 
@ With 3rd generation P-treatment 
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AER OBIC* 
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ANAEROBIC AEROBIC’ 
CENTRAL CONTROL 
OXYGEN-RICH TIME -FORWARD 
eS SS PATH AS IT 
DEVELOPED 
CANCER CELL 
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TIME-REVERSED 
<== _ PATH FOR SUSTAINED 
Rete OXYGEN DEFICIENCY 
TIAL SINGLE CELL ; 
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FIRST STEP IN OXYGEN-DEFICIENCY 
@ SHTE, tonten DEDIFFEREN TIATION 
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Differentiation and Dedifferentiation Timelines 


CENTRALIZED CONTROL OF CELLULAR 
GROWTH AND REGENERATION 





PRIMORDIAL > SINGLE 
: = 
NORMAL HEALTHY WITH SOME DISEASED 
CELLS AND FUNCTIONS 
A oBic OXYGEN-RICH ENVIRONMENT a 
TINE-FORWARD PATH re — Se 
© 1003, 1008 T.E Bearden FOR HEALING OF CELL DAMAGE 
TIME-REVERSED © TIME-REVERSED 
= —=— Ge patHFOR PATH WHEN NORMAL 
SUSTAINED : PUMPING FAILS TO 
SING SINGLE OXYGEN HEAL CELL 
— a DEFICIENCY 
ANAEROBIC AEROBIC 
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Evolution of Cells on Earth 


EVOLVE TO 








MULTICELL 
AEROBIC: 
(INCLUDES MAN} 
ESSENTIALLY 
ATMOSPHERE ete > 
: TO 
=, SINGLE CELL MULTICELL 
P3508 SINGLE CELL | compoNeNTs | COMPONENTS 
SERER) AEROBIC” - 7 
mi tari a. ce IMMUNE SYSTEM TISSUES 
ANAEROBIC Gy FACULTATIVE WHITE CELLS BONES 
ce ANA s CELL 
OBLIGATORY eee KILLER CELLS ORGANS 
ANAEROBES sar eeep eee ETC. SKIN 
SINGLE CELL = AND ANAEROBIC) STRUCTURES 
SHIELDED | 
FROM OXYGEN * NOTE: LIMITED ANAEROBIC RESPIRATION 
STILL TAKES PLACE IN HIGHER AEROBIC 


UFE FORMS, INCLUDING MAN. 






EVOLUTIONARY TIME 


(©) 188 7. & BEARDEN 
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(A proposed formal definition 
of a charged mass) 








~VACUUM ~~.) \__ 


Dad so pote ly the ile (can n of 


ane = of 
A ny vat ions. 


ohim-t 
ith many ram 


theory, 





"..cunously enough, we do not 
know exactly what charge 8, 
only what # does. Or, equafy 
significa ntly, what it does not do.” 


MiP. Silverman, And ‘vet t Mtoves: Strange 
tere and Subtie Questions inP ing: 





CambidgeU riversity Press, 1958 p. 127. 


. 
4 
S Cc) T.E.BEARDEN 1997 





An electric charge Q consists of a massless flux component and a mass component, 
coupled together (interacting). Q is a broken symmetry. The mass of the charge 
continually and violently exchanges virtual photons with the surrounding vacuum. 
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Thus @ Is energetically driven by the surrounding vacuum potential, which itself is to 
first order justa violent virtual photon flux. 
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The Ubiquitous Assumption: Two 
Asyrmetrical Repaugings for Net Symmetry 








You rea need Your electrodynamiciet 
a Ma demon, says he can make ona, 
to do some free work. by regauging. 


(Ce) 2. BEARDEN (on 
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The Ubiquitous Assumption: Two 
Asymmetrical Regeugies oe Wet Symmetry 





He says he will do the 
| r UW. Ae 
Maina 





won't 
do any net work for you! 


Co) LE. BEARDEN Ban 


http://www.cheniere.org/images/EMfndns 1/sm%20Chat1b.jpg25.4.2005 1:43:37 


http://www.cheniere.org/images/EMfndns 1/sm%20Chat1c.jpg 


The Ubiquitous Assurnption: 
Asymmetrical Reqaugings for Net Symmetry 
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A Charged Particle Is a Coupled System 


Note: X is a coupling 
operator 





x Pte! WP 
~VACUUM — 


~ CHARGE — 
Foi \ Me Say, 
4 virtual 
Ore photon 
flux 
exchange 


o, 


"..curiously enough, we do not 
know exactly what charge is, 
only what it does. Or, equaliy 
sig nificantly, what it does not do. 

MP. Siemnan, And Yet it Mowes: Strange 


Sys terme and Subtle Questions in Physics, 


C anbridge University Pres, 93, p. 127. 


(6) 19947 . BEARDEN 


is a broken symmetry in its fierce energy exchange with the active vacuum. 


An electric charge ] 2 , 
It coherently integrates some of the virtual energy absorbs and outputs it as Poynting energy flow 
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Chung's Carbon Filament Negative Resistor 





UNIVERSITY AT BUFFALO, NY 


i) FTE Bearden 


| ZZ 
“SSsS5) Wout> Win 


CROSSED CARBON 
FILAMENT LAYERS 





Wins 
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Typical circuit has about 10-13 
energy collection efficiency 








= 
i "< = (Q 1004, 1996 Te eeaRveN 
& ep NIN 
=e Deep space 
S system 
—- Distance traveled by S in one hour is 1.08x10exp(1 2) meters. 


“= Example: 1.3 amps flowing in DC circuit, 1.8 mm diameter copper wire. J =51 A/cm 2 


! 5a. ! 
S violently transports ? provided fromthe source. 
d i= 0.1368 meters j ? sluggishly transports the energy collected and dissipated in the 
circuit. 


For the case discussed, the electron drift velocityin the circuit is about 
3.8 x 10 5 meters/sec. So Ji moves about 0.1368 meters in one hour. 
Thus J? has collected about 0.1368 meters of the ¢-filled Stube. During 
that same hour, the S-flow evoked by the power source will have 
traveled 1.08x1012meters. The ¢ of both currents is the same. Both 
are involved in the same energy-illed tube. Thus S has provided and 


transported about 7.89x1012 times as much energy along the circuit 
in one hour as the j? has been able to collect, transport, and dissipate 
as work in the circuit. Thus this circuit provides about 16'3 collection 
efficiency. 
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S Classical View of EM 


Potentials just mathematical conveniences 

— Not real 

— No internal structure, just magnitude 

Force fields primary, causative, can exist in space in absence 
of observable mass 


- Aji EM actions due fo force fields. none when zero 
- No action at a distance 
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Curved Spacetii 
acts as source eo sink 


« May emit e: ee radiati on 
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i ealWse > TDW 

* saad energy conservation 
law applies 








_| 








©) 4998 TLE. BEARDEN 
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THE MECHANISMS OF A A SINGLE. CHRONIC 
DISEASE, INCLUDING CANCER 








(Sad, (8857 F Bearden: 


3 Zak SARAGICEL v THE Fenix 
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e Not one disease, but a whole range 
e Starts inc darn | ged 3 ektaly, cell 
‘ oll eienee fod i mel bod) peebt ie] mere) ace) | 











3ecomes alump: 
° Can send forth cancer cells 
= Through | 
e Form metastases (secondary tumors) 
e Often become anaerobic oe 


TE Bedede 
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I abd lace system? normally identified 
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CANCER: CHARACTERISTICS 





® NOT ONE DISEASE BUT A WHOLE RANGE 
© STARTS IN ORDINARY (AEROBIC) CELL 

© CELL SHAKES OFF BODY'S DICTATORIAL CONTROL* 
© STARTS UNCONTROLLED DIVISION 

® BECOMES A LUMP 


=) CAN SEND FORTH CANCER CELLS 
= THROUGH BLOOO 
= THROUGH LYMPH 


® THESE FORM METASTASES (SECONDARY TUMORS) 
® OFTEN BECOME ANAEROBIC (NON-OXYGEN USING} 


® ENIGMA IS FAILURE OF IMMUNE SYSTEM 
TO ATTACK SOME TUMOR CELLS 
—- SUPPRESSOR CELLS MAY CURB IMMUNE SYSTEM 
- TUMOR MAY LACK ANTIGENS NORMALLY IDENTIFIED 
BY THE MIMUNE SYSTEM 
*R&R system forces cell hack toward anaerobe 


(2.4000 TE Eauetew 


http://www.cheniere.org/images/EMfndns 1/disease4%20sm.jpg25.4.2005 1:52:55 


http://www.cheniere.org/images/EMfndns |/DistortTh%20sm.jpg 





PORTION OF 
E, =INCIDENT WAVE DISTORTING MEDIUM 


E, = TIME-REVERSED WAVE 


© 1094, 1006. 1m TE BEARER 


“If a scalar wave E:(r) propagates from left to right through an 
arbitrary but lossless dielectric medium, and if we generate in some 
region of space [say near z= 0] its phase conjugate replica E2(r), 


then E2 will propagate backward from right to left through the 
dielectric medium, remaining everywhere the phase conjugate of E1." 
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The Electronuclear Reaction: 
Nuclear Reactions in TR-Zones (1) 





- Shae Meutron into proton and vice versa 

= oa high rate (flat spacetime assumed) 
® Statistics become skewed|due to curved ST 
e Can bias statistics toward) ether neutron 

or proton end 
— Biases toward transmutation of elements 
along isomer chains 
— Concept of “isomer” is vastly expanded 
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Nucl C lea ar rR Reactions in TRZo1 ones (2) 


J 





@ Normal dynamics (impulses) may reverse 
— Like charges attract, unlike charges repel 
— Positive charges cluster (are drawn together) 
— H+ tons (protons) may form quasi-nuclei 
= SOEUR ee ae Daseher becomes usisbins 


— Quark access and Tee flipping by El 

— fon clustering emit te 
= Positive mae [YJBS US phase conjugate rigors 
— Time-density waves and tme-energy charging 
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The Electronuclear Reaction: 
suelsar Lis Ta suis in Fit -Zones ) 












as become substantial 
- Time delay (hours, days) 
— Transduction of LW --> TW involved 
— Specific time-charging history of detectors 
is involved in twhether they detect or. oe 
— Longitudinal EM waves become significan 


) cieibuispceembannace ns Uathey eran 
— May emit excess radiatior 
— May ; n ite} ge) excess rao 
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A New Conservation of Energy Law 


Physics conserves total "energy and mass-energy” 
Now also must consider “time-energy” 


Conserve total mass-time-energy (spatiotemporal 
energy) 


Let ET = total energy, EM = mass energy, 
EE = ordinary energy, and Et = time energy. Then 


ET= EE + EM + Et Ch ee TE Damareiay 
(kKEt=> EE> 0) => ET> (EmM+ EE) 


If some Et is transduced into EE , the experiment will 
violate the old spatial mass-energy conservation law 
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QUESTIONS ON CARCINOGENS 
AND EM RADIATION 





m UNRESOLVED QUESTIONS ON EM RADIATION 
- DOSAGES 
— ACTIVE MECHANISMS 
—- REPLICATION DIFFICULTIES 
— MEASUREMENT DIFFICULTIES 
- WHERE, WHEN, HOW ILL EFFECTS OCCUR 


@ SIMILAR QUESTIONS EXIST ABOUT EVERY 
CARCINOGEN 





m SCIENCE REALLY DOESNOT UNDERSTAND THE 
MECHANISMS OF A SINGLE CHRONIC DISEASE, © 1994, 1995 TE. Bearden 
INCLUDING CANCER 

- FACTORS SUCH AS MIND, STRESS, SPONTANEOUS 
REMISSION, PLACEBO EFFECTS, AND COMBINATIONS OF 
FACTORS ARE PARTICULARLY TROUBLESOME 

= GENERATION OF THE PLACEBO EFFECT BY THE 
REGENERATION & RECOVERY SYSTEMIS UNRECOGNIZED 
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As defined, fields and potentials only 


existin and on charged matter 
E=Fiq o2exh 0 hoor 


in vacuum. 
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in vacuum flux 





S = ExH 
———— 
SOURCE 
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motion machine | not : 
in classical EM pete vo coulom fs inade conuanonly 
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a point coulomb 
Electrodynamics has nothing a aay Sent what 
exists in space in the absence Of MASS... Owi1« «x0 
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Serious flaws and errors 
in classicalEM theory. 


Eliminates the Internal EM Inside the Scalar Potential, 

No Definition of Electrical Charge orof Scalar Potential, 

Equations StillAssume Material Ether Per Maxwell (Unchanged), 
Use of Force Fields in Vacuum is False (and Known to be $o}, 
Treats Charge qas Unitary Instead of Coupled System g = glqim (q). 
Confuses Massless Potential Gradients as Forces (See #3, #4), 
Does Not Utilize Mass asa Component of Force (See #29), 


Erroneously Assumes EM Force Fields as Primary Causes, 
Topology of EM ModelHas Been Substantially Reduced, 

Does Notinclude Quantum Potentialor Action ata Distance, 
Does Not Include Superluminal Velocity of Inner EM Components, 
Does Not Utilize Extended Near-Field Coulomb Gauge Effects, 
Does Notinclude EM Generatrix Mechanism forTime Flow, 

Does Not Unify Photon and Wave Aspects (Requires 7-D Hodel), 


Does Not Include Electron Spin and Precession (See #19,#24), 
Treats EM Energy As Existing In"Chunks,” Instead ofas Flow, 
Confuses Energy and Energy Collection (See #16), 
Discards HalfofEvery EM Wave in Vacuum (See #22), 
Erroneously Uses Transverse Vacuum Wave; It's Longitudinal. 
Arbitrarily Regauges Maxwell's Equations to Eliminate Overunity, 
Omits Phase Conjugate Optics Effects (The Rule in Internal EM J, 
Does Not Include EW Cause of Newtonian Reaction Force. 
Erroneously Assumes Separate Force Acting on Separate Mass, 
Confuses Detected Electron Precession Waves as Proving Trans: 
yerse EM Wavesin Vacuum (Remnantof Old "EM Fluid" Concept), 
Due to Error in String Wave, Omits the Ubiquitous Antiwave. 
Assumes Equilibrium ;NotTrue Unless Include ¥acuum Interactions, 
Higher Topology Required, to Model Electromagnetic Reality, 
Lorentz surface integration discards Poynting energy transport, 
Has nothing atallto sayaboutform of EM entities in massless space. 
Eliminates the infolded generalrelativity using EM-force as curve agent, 


Does notinclude longitudinal EM waves as time domain oscillations, 
Does notinclude EW mechanism that generates time flow and flow rate. 
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Trust us! The equations Cy 
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REACTION TO LOSS OF MATERIAL ETHER 








Nota single 
equation was 
changed! 
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Einstein's 
spacetime 
hasn't been 
born yet 













Okay! We will just 
measure material 
entities, and call 

them nonmaterial. 













CAUSE 


© + BEARDEN 1908 


EFFECT 
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TRANSVERSE NONOBSERVABLE. 
WAVES. X AND Y TRANSDUCTION TIME DENSITY OSCILLATIONS. 
ENERGY DENSITY —j————_____ Xx, Y, ZENERGY DENSITY DO NOT VARY.., 
VARIES; Z FIXED. TIME DENSITY VARIES ALONG 
ONG TIVE DENSITY NOTOBSERVABLE, BUT 
dh vay os piel Y uaey TRANS DUCTION IS OBSERVABLE. 


A LITTLE, SURGE OSCILL- 


ATIONS IN Z DIRECTION. TIME DENSITY OSCILLATIONS. 


X, ¥, ZENERGY DENSITY FIXED. 
LONGITUDINAL WAVES. TME DENSITY IS NONOBSERVAGLE, 
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1S OBSERVABLE. 


TRANSDUCTION © TE BEARDEN 1998 
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Air Medium Disturbances Generated When 
Air is Perturbed by a Plucked Taut String 


The string wave and 
the holder wave 
never leave the string 









and holder 
respectively. 


= 
i OW lS oa 
=e oe oe ees ee — 








String slaps 
air medium 
Wave is pat, WAVE IN STRING (TRANSVERSE) 

: ' f Lower degree of freedom for string 
alternatively ‘ Can only vibrate mostly laterally. 
compressive = = age a DIOS 
and x = Electron 
rarefactive mS we Sas waves 

ae Nuclear 
j | \ "\ ANTIWAVE IN" proton 
4 _ ™ HOLDER waves 
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Launching a Spacetime Perturbation 


("EM Wave") from a Wire Antenna 





time forward 
slap (electron) 
time reversed 
ELECTRON SHELLS 
(DAMPED) Q { dese 
Modulations of 
virtual photon flux 
‘ : f r\ Feats intensity 
"NUCLEI rh: ae intensity an 
(HIGHLY DAMPED) . fas vacu 





By omitting the nuclei perturbation wave, Maxwell 
omitted Newton's third law from electrodynamics 
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Oscillates rate of flow of time 
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Scalar Electromagnetics 
(Energetics) View of EM 
e Potentials real; primary causes of EM phenomena 


- Force fields made by differentiations of potentials 
~ Force fields are effects, not pnmary causes 


~ Force fields exist only in, on mass particles 


e Actions due to potentials and their interference 
= Action ata distance or locally 
som @LUt=ToieUlggmeleyialit-im-|plemalelo(-iamy-|g-]e) |= 
e Locally curved spacetime, engineerable by EM 
— Gravity effects not necessarily negligible 
mate }ere) gle pl ea \ViMnie)rel-lrelmatinal-mel—\-lem-b-w-le|-jnime)merl|atr- eli 
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= Scalar Electromagnetics 
(Energetics) View of EM (Cont'd) 


e Potentials have internal structure 
=—- Stoney/VVhittaker structure 
— Longitudinal EM phase conjugate wavepairs 


—- Each waveparr is a time-polarized EM wave 


e Vacuum EM Is a potential and tS 
microstructure raceme 
= Stoney-VVhittake! Sway esicpolmize: Waves 
— Fiuctuations exhibit cnaos 


e Spacetime = Vacuum = Potential = Flux 
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= Scalar Electromagnetics 
(Energetics) View of EM (Cont'd) 


Statistics may have hidden order (already 
chaotic) 

Uses Spacetime curvature engines to 
alter matter (inside-out or outside-in) 
Engineerable EM mechanism generates 
rate of flow of a mass through time 


* Quantum potential with specific QP. can 
be used for instant action at a aistance 
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Extended General Relativity Principle 
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e Theorem) We=k,- k,; =Ak [1] 


® k must be interpreted not as energy per se, 
but as collectea/collecting energy. 


e The reaction cross section 4 for the collecting 
process must be included. 


® Extension’ We A(k;- k;) =AAk [2] 

¢ Normally 4 <1, as for elastic collision or Stokes 
emission. 

e However, 2 > 1 is now possible, for processes 
which asymmetrically self-regauge. An example 
is Letokhov's negative absorption of the medium. 


® Working models are the Patterson Power Cell” 
and Lawandy lasing without population inversion. 
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e "Space acts on matter, STRUCTURING 


ACTIVE 

telling it how to move. EMME SPACETIVE 
ad *, CURVATURE 
e In turn, matter reacts . Fill 


back on space, telling 
it how to curve.” 


= ee 


F 
i 


ae a, 


_gtTaioietckaly 
ee 
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Use of General Relativity (GR) 
in Particle Physics 





e GR seldom used in particle physics 2 sens 

In cold fusion, Matsumoto* has applied general relativity 
Consistent with important cold fusion results 

Used spacetime (ST) curvature by energy density 
Matsumoto did not utilize: 

= Longitudinal EM waves 

= Time density waves 

= Time density curvatures of ST (gain = 9x10i6) 


*T Matsumoto, *Mechanioms of Electro Nuclear Collapse.” 
Proc WOCF-7, Vancouver, BC; Canada, Apr 1998, p, 88 
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THE MISSING INFOLDED 
ELECTRODYNAMICS 


Maxwellian electrodynamics has 
nothing at all to say about EM 
entities in space or their form 


' INTERNESTED SPACETIME CURVATURES 
| (VACUUM ENGINES 





ee : 
_ BINS IST STEIN'S s -""" @ TE BEARDEN 1o8 
‘ACE =TIME 2\=0e- 


http://www.cheniere.org/images/EMfndns 1/infoldEM1sm.jpg25.4.2005 2:14:45 


rg/images/EMfndns | /InfoldExcsm.jpg 


infolded SES 
| Excluded by Present Physics 









sectronegnetice or quanti mechanics 
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s Thus GR, EM, and QM cannot be unified, 
since ST curvature engines are where the 
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o\ curvatures Propagat, © TE BEARDEN 1998 
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* THEORY DEVELOPED AND FITTED 
* HYSTERESIS MEMORY LOOP 
* CONTROLLED EM INDUCTION 
* IMAGES 5 act tsk cota cgtaed 
* SENSATIONS 
* PREDETERMINED EMERGENCE 
* 23 EEG BANDS 


* UPTO 8.1X102 HZ 
* 141 INDEPENDENT CHANNELS 


S.K. Lisitsyn, “Nev Approach to the Amlysis of Hlectroencep halograms, “ 
DDC Report AD7MWS, p. 16-25. 
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Lorentz Closed Surface Integration 


How can they use that old 
physically insignificant wind?!! 





© TE BEARDEN 1958 


Lorentz's physically insignificant energy flow can be collected and utilized. 
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1a. Lorentz surface integration. 
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See Panotsky & Philips, 


17R Classic al Electricity and 
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Note: If the S-vector is integrated over the closed surface, then 


all energy transport passage Is zeroed, leaving only the 
very small component of the Input S-flow that is powering 

the joule heating of the resistor. In short, only the small 

component of the S-flow that is equal in magnitude to 


the Slepian vector j? remains. This measures only the tiny 
portion of the S-flow that is “collecting” on electrons 
passing through the resistor, and therefrom being 
dissipated out of the resistor as joule heating It discards 
everything else (al Sygs and Soy). Sy, becomes Sr. 
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Figure 1-8. Infolded biwave composition of a scalar potertial. 
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Maxwell's Quaternion Theory ¥Y 





e Quaternions: 
— Discovered by Hamilton in 1843 
— A quaternion has a vector part 
— A quaternion has a scalar part 
— First significant non-arithmetic number system 


~— Higher topology than vector or tensor algebra 
e Maxwell's theory was in quaternion equations 


— 20 equations in 20 unknowns 





— Reduced to a small 4-equation subset 
by Heaviside and Gibbs 
— EM topology dramatically reduced 


@ TE BEARDEN 1905. 1996 
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Maxwell's four equations reduce to: 


Page 1 of 2. 





V’® Pela Pe pets [1] 
ca 
Wate eyed Aye-82 7 Ke 
c at Cc 


Ais replaced by A’, where 
A =A+VA [3] 


The new B' field then becomes 
B=Vx(A+VA)=VxA+0=VxA=B [4] 


A new E-field will also be formed. So let 
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Page 2 of 2. 
Per Jackson, (A,®) are habitually chosen so that 
1@e® [6] 


VeA+——=0 
c Ot 


The net symmetrical regauging separates variables. 
Two inhomogeneous wave equations result: 





1 oo [7] 
A sae wat = -47p 

107A An 
V’A-— Ae — [8] 
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Equations [1] and [2] arbitrarily changed to [7] and [8] 
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dynamics, both classical and quantal, are in a 
sad state... 


"... neither classical nor quantum physics are 
cut and dried, both being full of holes and in 
need of a vigorous overhauling...” 


*hlario Bunge, Foundations of Physics, Springer-Verlag, 
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GD 9m, 197 TE ORO 


Flow of microscopic time (via virtual photon interactions) 
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Why pres COP<1.0 
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WHY PRESENT SYSTEMS HAVE COP < 7.0 


Dissipative power inside source = Vl; and Vi; > Fl, 


Other losses 


LOAD 





rT Vox, lt 


T | L , SOEff < 1.0 (2) 18d, 1996 TE. weO ROE 
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Bridging for O/U 
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BRIDGING ENABLES COP > 1.0 


S flow, d /dt flow, and EMF flow 


=> => => => => => => => 








| dQ/dt 
BLOCKER 
, (Conductor) 
Clos ed Current Clos ed Current 
LoopA Loop B 
BRIDGE Patent Pending 


Current loop B is asymmetrically regauged by 
S, dd ‘dt, and EMF flow from current loop A. 


(©) "2S. REARDEN 
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Free Energy Gen 
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Capacitor 
plate 


Capacitor 
plate 





<> ‘25 E.R 


* 
permanent § = EXH 
magnet 
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Demo O/U Concept 
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(By Asymmetrical Self-R egauging) 





Patent Pending 






Ener — % Cc Force on 

fon Gen A i ee B 
vacuum \ yl 

and sent 

out as the 






spherical 






source . Force on 
oe gpogueting / e- going phase 
poterti al 






Assumptions: Capacitances of 4 and B very small; 
Charge B large, power-free switching DTS. WORDEN 130d, aie, 19% 
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altered spacetime (curvatures) 
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e* curvatures Propaga te ® T.E.BERRDEN 158 














mass 
perturbatio 
(Drude 


mass-to-spacetime spacetime-to4mss 
transfonmation transfonmation (D rude 







Electrons) Electrons) 
= di \ / \ | / ~ = 
rans mitter = sitet — ee a eceiver 
ea eiires) —- spacetine 
AL\NN \ 77 \ 
Complex of ST curvatures 
Spocatime engi (ne) propagates 


ote) eieciigi-mauuemell(s(ol-emisieeiel-se| 
transforms: (i) the and (ii) the 


transform. Whatis transmitted and 
propagates inspaceisa 
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Mass curves and structures spacetime; ST curvatures change and structure mass 
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Mass curves and structures spacetinie; 
sicurvatures change and structure mass 


gt curvatures Propagaz, 





ass-to-spacetime Spacetime-to-mass mass 
transformation = on 
— May is, . 
oar rea 


Al Oo ~Z7\N 


Arh A ala spacetime disturbance 


@® T.E.BEARDEN 15 propagates 
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A harmonic set of bidirectional longitudinal EM wavepairs. Each wavepair is als 


[]L>| 





GALLOPING 
VELOCITY 






Scala Potential @ 


Vavg - \ - a We A # Wavepair #3 


HARMONICS 


Vavg {t » Qe ia aL, AA Wavepair #2 


SUBHARMONICS 


Wavepair #1 
*** * ETC. 


DISTANCE 
4 harmonic set of bidirectional longitudinal EM wavepairs. 
Each wavepair is also a net time-polarized EM wave. 


@ 1995 T.E. Bearden 
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Only the wind on my ship 
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EY a4 ae 
ae ee 


Lorentz Closed Surface Integration 





Only the wind on rre ship 
is of physical significance! @ 1997 T.E. Bearden 
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How can they use that old physically insignificant wind?!! 
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Lorentz Closed Surface Integration 


omer La: : 
ci How can they use that old 
© 1997 TE. Bearden physically insignificant wind7!! 
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Vacuum Engine: Working ST Demons 


+||9| 


Vacuum Engine: Moudny ST Demons 


Internested HT UCLUT Ss 
pattems 2 nsteinian 
of spacetime 
curvatures 













Maxwell Demons: 

M hidden vanables 
Dynamic structures 
at all levels 
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Undistorted Progressive Waves (UPWs) Waves with velocity v, where £ v < ¥ 


elle 


Undistorted Progressive Waves (UPWs) 


Waves with velocity v, where < ¥< co 


a “BG. aa». 5806 
= Iransiationally invariant 
— Vo not spread, or reconstruct after a period 
= Have infinite energy 
¢ Quasi UPWs: 
— Can have finite energy 
— In theory, can be launched into space 
— Can move subluminally 
— Can move superiuminally 


ope 
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Undistorted Progressive Waves (UPWs) Waves with velocity v, where £ v < ¥ 


elle 


Undistorted Progressive Waves (UPWs) 


Waves witn Velocity v, where <= Vs 


« Major equations having UPW solutions: 
— Homogeneous wave equation ee es 
= Maxwell equations 
— Dirac, Weyl, and Kiein-Goraon Equations 
« Maxwell solutions: 
= suplumMinal SOlmUONS are EW! particies 
= superuminal Soiuons are A-waves 
« Experiment indicates such waves will 
ULM elm e) poze LU ferro Ins ete) a) 
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Other Superluminal Waves 


+|L>) 


a 


Yiner superiuminai Waves 





« Waves can move superluminally in 
quantum tunneling 
¢ Nimtz ef a/. have translated Mozart's 
40th symphony at v =4./c 
Pnrougn a parner in a waveguide 
— Oiner researcners nave aiso 
fransmitted Elvi waves supenuminany 
inrougn quantum tunneing .__......., 
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c 1993, 1995 T.E. BEARDEN 


[lL 





« Tiny DC currents (picoamperes) 
«Pulsed DC currert can be utilized 
® Pulsed magnetic fields may be utilized 










RED BLOOD CELL 
DEDIFFERENTIATES 
Shucks hemoglobin coat 

Grows nudeus 


NEW CELL 
REDIFFERENTIATES 


Turns into Vi of call tha 
makes cartilage 












NEW CELL 
REDIFFERENTIATES 


Turns into type of call that 
makes bone 
Deposits in fracture site, 






ELECTRODE 


healing the fracture 


FRACTURE SITE 


{E) mae re APEKrY 
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Specific ST antieng 
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DISEASED CELL'S DEVIATIONS FROM 


longitudinal EM 





NORMAL ARE LITTLE SPACETIME ENGINES pump wave 
changeD' : : 
antiengine { —: cnenger 


change D change N 





normal normal 
engine antiengine 
change A change At = 
antiengine 
change B a 
change C a 
changeB" —_fongitudinal 
antiengine EM pump wave 
change C* 
PRODUCING A SPECIFIC VACUUM 
(SPACETIME CURVATURE) ENGINE © TE BERADEN ee 








Published by Lotus® Freelance Graphics® 





http://www.cheniere.org/images/EMwaves/emwaves33.htm24.11.2003 19:03:53 


NONLINEAR MEDIUM 
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Transverse Elf Wave Pumping of PCM 


transverse | A 


pump 2 
wave 
transverse \, 
signa 
wave 
(input) 
a 


HO ear yee Oy 





AMPLIFIED PHASE CONJUGATE 
REPLICA TRAHS VERSE WAVE 


(TIME -REVERSED) IS EMITTED. @ T.E. BEARDEN 1567 
Precisely backtracks 
Signal weve input 
transverse 
pump 
wave A 1 
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PRIMORDIAL SINGLE CELL ANAEROBIC 


[lL] 


Differentiation and Dedifferentiation Timelines 


CENTRALIZED CONTROL OF CELLULAR 
GROWTH AND REGENERA TION 





See, — 
ae 
—_—_ i —— ws —— i — 
< ~~ 
PRIMORDIAL la SINGLE 
SINGLE > c 
SaRenadie AEROBIC NORMAL HEALTHY | ‘ATH SOME DISEASED 
OR OWMOAGEDCELLS 
OXYGEN-RICH ENVIRONMENT 
Poesy aged lpr NORMAL ee 
© 1001, sS04 TE. tosmsor FOR HEALING OF CELL DAMAGE 
TIME-REVERSED ! TIME-REVERSED 
- ~-_ =" pat ror PATH WHEN NORMAL 
SUSTAINED PUMPING FAILS TO 
SINGLE CELL SINGLE OXYGEN HEAL CELL 
MORE DEFICIENCY 
ANG EROBIC AEROBIC 
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SINGLE CELL 
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MULTICE LL 
AER OBIC* 
(INCLUDES MAN) 











Pe 
te 
© S 
——-—s 
a4 
SINGLE CELL e SINGLE CELL 
ANAEROBIC * AEROBIC* 
CENTRAL CONTROL 
OXYGEN-RICH TIME FORWARD 
SS PATH AS IT 


DEVELOPED 
CANCER CELL 
i 


THE REVERSED 
—> PATH FOR SUS TAMED 
OXYGEH DEFICENCY 


PARTIALLY 


SINGLE CELL ~—____~ 
ANAEROBIC 
AEROBIC FIRST STEP IW OXYGEN-DEFICEHCY 
© wd 1 ttn DEDFFEREHTIATION 





Published by Lotus® Freelance Graphics® 





http://www.cheniere.org/images/EMwaves/emwaves36.htm24.11.2003 19:04:08 


Transverse photon 


Le] [>| 






CHARGED 


Excited 
_ sas? Time 
._~-+-°". Density 


“77. State 


: 
me -- State oe a > Md 1 edn 


Fundamental units are arbitrary in physics 
Can express all physics in one unit -- e.g., time 


5 


Time is hight compressed energy 


1sec=9 x10 joules of transverse EM wave energy 
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Use of General Relativity (GR) in Particle Physics 
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Use of General Relativity (GR) 
in Particle Physics 





« GR seldom used in particle physics © we ewe 
« In cold fusion, Matsumoto* has applied general relativity 
« Consistent with important cold fusion results 
« Used spacetime (ST) curvature by energy density 
« Matsumoto did not utilize: 
= Longitudinal EM waves 
= Time density (time-polarized EM) waves 
= Time density curvatures of ST (gain = 9x1 0”) 


* T. hiatsumoto, "Mechanisms of Electro Nuclear Collapee," 
Proc. ICCF-7, Vancouver, BC, Canada, Apr. 1998, p. 98. 
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Pepper* on Time Reversing Mass 
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Pepper* on Time Reversing Mass 





e Conventional NLO interactions restricted to bosons 

(spin 1 particles) by Pauli exclusion principle 
e Concludes electrons, protons, neutrons, etc. (fermions, 

or spin 1/2 particles) cannot take part in such interactions 
e Perhaps time reversal possible for bosons that are multiple 


fermions (two protons, Helium 4, pi and K mesons, etc.) 


e Time-reversal of mass demonstrated by Priore, Pautrizel, 
et. al. without recognizing it** Questions exclusion for: 


= Multifermion reaction with EM longitudinal waves 
= Multifermion reaction with time-density EM waves 


e Prior to the laser, NLO - though known in theory - was a 
gedanken experiment regarded as experimentally unviable 


* David M. Pepper, "Nonlinear Optical Phase Conjugation," 
© /ad Le ttn Optical En gineering, 21612), Mar/Apr. 1982, p. 156-183. 


** Before the development of NLO in the mid-to-latter 1970s. 


HO rh 
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Pepper* on time-reversing mass 
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Pepper on ume Teversing iiass: 





J Somyanitionrei Ee) iiesecte tie pis 
= dosiuielod to begons Gated pastels 3g) 
me ESF i ee liisiogs oriiejals 


© FEnmmions Cannot take parti Such Interacnon 
= EACOLUOFTS: 
FOL S: 
SP VECLHF OTS: 


=a 
3 


© FeMmnaps Me Feversal POSsiple Tor; 
MUNLIPle TEM ONS (GUasi-DOSOnS: 
a PIVOT OLOTTS: aan 
— rioiiiiy$ 
SS PiaiG Kanes Ors: 


SMa BEEPS: tor nits rie Wile PTS bOn Merton, 
WP tat ESineering, ai be), Nerd Fer. Tae, P.M tos. 
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Pepper* on time-reversing mass (2) 
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e009 sr On tHiisroforinef ues (2) 


 HMEeTeversal Of Mass GEMOonsthated py, 
ms Os ree Otior esloss toy pesos 
me AAO see iral yes je 
* Apparenty N-uple TenM Ons, Wiere 17 1S 
SVEN, Call ve liImMeTeversea 
= Gujuades OF fope rely riy Sis ye o> bt tant 
melt PAULA mo CHIT a LTE UE IISILY J EA VAY ES, 
ST HUOMP at aVeu TY Le TeVET Sal FEO S: 
= EMOVLO UIE TaSer, NEO = iGUgIT KOWIT INT 
INE OTY - Was a gedankenje KPenimMent ana 
pefigelseli pb delagimismecuhy tipi yieie} ss 
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Chung's Neg Resistor 
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China Lake Anomalies 
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Consistency of China Lake Anomalies 





» Vanation in LVV+TY¥ transduction from experiment to experiment 
» Majority produced insufficient transduction to cause ionization 
discharge of the GM tube gas (to cause detection) 
» Correlation between appearance of anomalous radiation and the 
expected time periods to load palladium with deuterium 
—VVithin few hours in co-deposit experiments where palladium is 
loaded with deuterium as it deposits from solution 
—Required days of electrolysis for rods that load much slower 
» The faster the deuterium loaded, the greater the interaction of 
deuterium in phase conjugating and self-targeting in lattice 
» Vanation in GM detector readings 
= One would read anomalous radiation, another would be blind to it 
— A few experiments gave simultaneous readings from two detectors 
» Experiments perfectly consistent with LVV-TV¥ transduction, 
time-density charging, variation in GM time histories, and new 
conservation of energy law © “wis 1 tanetin 
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Time Reversal Zone 


Le] L+| 


Time-Reversal Zones in Nuclear and Chemical Reactions 





e TIME REVERSAL ZONE: A volume or areainareaction 
environment where phase conjugate waves predominate over 
time-forward waves 


— In agiven reaction, time-reversal may apply 

= If so, like charges attract and unlike charges repel 

= Charges move against potential gradient, to external observer 
— Time density and longitudinal EM waves become significant 
— Coulomb barrier turns into Coulomb assistant 


¢ Examples (assuming a time-reversed zone): — 
| 2 1 2 
H+ He ieee n* iio H = deuterium 
+ 7 ++ + 
2('H’ + 'H")-->2(“H)” > 2('n+'H’) 


1 1, ++ 
Quark flipping and energy = 2( n) 7 ai H) 
balancing with curved spacetime 4. ++ ; 
assumed) --> He =helium 
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The Electronuclear Reaction: Nuclear Reactions in TR-Zones (1) 


els 


ine Electronuciear reaction: 
NUCcICar Reacuions iM 1K-Zones (7) 





® Nucleon interchange 
SP rrinielS piatiege epi giten eee celgicigielats pes sats p57 
— ALNHIGN rate (Mat spacetime assumed) 
® Statistics pecorie’ ekeued due to curved! Si) 
2 Sz Peis seis ies coy Zire) Sins nur n 
Of droteny ariel 
— biases toward transmutation of elements 
seeremiseuiseegiciiets 
— GONnCept oF ISomer, 15 vastly expanded «e «a... 
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The Electronuclear Reaction: Nuclear Reactions in TR-Zones (2) 
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wie EL Ctronuciear Reacuon, 
NUCICar Reacuions if 1RK-ZONnes (2) 





® Normal|/dynamics Res) Wey favors 
— LiKe Charges atirach unlike Charges repel, 
— Fositive Charges C cluster Cigale iiiee tele faigiag) 
— Hons (protons) May TormM Guasi-nucies, 
— NUCIEHS COUIOMND Harrier VECOMES assistant 
HEU lin cessielse recreate ns neue sessile [ss 
Cli ig Cire yp teledrers ig Oilineisep ye iis 
Slee lt isgisies @ aus ears 
— Fositive Charges as pase conmugate mirrors. 
— ime-aensily Waves and time-energy Charging 
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The Electronuclear Reaction: Nuclear Reactions in TR-Zones (3) 
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ime Eiectronuciear mReaction,: 
NUCICar Reactions i 1K-ZONnES (3) 





Dv lepecepebsseip ele] Uipieil tipeisrecpicrep'y er piciee || 
FES Pseouis sues cine tad bath 


— Wme delay (Nours, Gays} 
Sheiisedtieve er Oy fai sinveisse 
Sey ser fies tiles igetishe ps siisiep eg efoicesie 5 
iS invoived in twhetner wey GeteCL OFT OL 
— Longitudinal eivi Waves peCcOomMe Signiticant 
) Stinysel sects stiis ein cet cy soures er 0h 
— May EMILEXCeSS raarauony 
— tay avsorn €xCess radiation 


@ “Mat Le Beran 
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On Nuclear Reactions in TR-Zones 
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On Nuclear Reactions in TR-Zones 


e Nuclear interactions now are biased: 
= Norma nucleon interchange changes neutron into proton 
and vice versa, a a high rate (flat spacetime assumed) 
= Statistics now become skewed dueto curved spacetime 
= Can bias statistics toward either the neutron end or proton end 
— Thus biases toward transmutation of ements aong isomer chains 
= Concept of “isomer” vastly expanded 
# Normal dynamics (impulses) may be reversed 
= Coulomb barrier becomes coulomb assistant 
— Reactions “impossible” from energy density standpoint become possible, even easy, 
from time-density standp oint 
# Does not become significant until sufficient time-density 
charges 
— Time-delay (hours, days) before TR reactions become significant 
= Transduction of L¥VV->TW involved GH ous te teen 
= Specific time-history of detectors is significant 
— longitudinal EM waves become significant 
# Curved spacetime acts as source or sink 
— Energy balance in curved spacetime may emit excess radiation 
— Energy balance in curved spacetime may absorb excess radiation 
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in fime-Reversed Zone: 
Nuclear reactions are biased 


¢ 


In normal flat ST, n<>p 
cl Malte lam esta . 


Curved ST skews statistics Bia 
Biases to either n or p 


Biases to transmutation 
along isomer chain 


‘Isomer’ concept greatly 
=> 4 exc Lalo [re | 


e¢ 6 
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In Time-Reversed Zone: Dynamics may be reversed 


ells 


in fime-Reversed Zone: 
Dynamics may be reversed 


¢ Like charges may attract 
rclarem lal .¢=medarcige[=t-9m g =1 0]-1| : ° 


« Coulomb barrier becomes ® 
Coulomb assistant " 


e« Clusters like charges and 
fo] gtit-m-ladiitearcl mal eres (=a 


« “Impossible” nuclear 
reactions at low energy 


« Time-density interactions 
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Time-Reversed Zone: Significant only after time-density charging 


elle 


fime-Reversed Zone: 
Significant only after time-density charging 


¢ Hours, for "fast" onset 
« Days, for ‘slower’ onset € . 


e Transduction involved for 
TWoOLW<d TDW 

« Time-history of each 
els ¢-Toa to) ma =e-alelalii(ezctals 


¢ Longitudinal EM waves 
become significant 
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Curved Spacetime acts as source or sink 
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Curved Spacetime 
acts as source or sink 


a May emit excess radiation . 
and energy (e.g., heat) 


energy ec g., LOO 1}) 


o 


May transduce wav 
TW OLW & TDW 
= New energy conservation 
aw applies 
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Anom exp at CL 1 


elle 


Anomatous LvV Eli Emission 


Phenomena at China Lake (7 } 


¢ Anomalous radiation from electrolysis 
in jonization processes 
= Iwo experiments producing excess power 
ental A-ray Tim snowed exposure 
“Teslelicsigi-telei-welelalige)-clle\tsu alien > delet Ui g) 
ZU experiments v WITNOUT Excess UW ET. Fe 
pdeles lla) 
« Excess energy strongly indicates 
excess film exposure 
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Anom Exp CL 2 


elle 


Anomaious LW EM Emission 


Phenomena at China Lare (2) 

¢ GM and Nal detector reaction when 

electrolysis with heavy water ongoing 

— several Gelger- wluller (SS ivi) tubes gave 
slatelssrsitelet-jel-) t-te ite) a] 

= Reached /s sigma above background 

= No anomalies when experiment on 
¢ Gi tube detects an which 

causes its internal ation 

mea li ieriy-i aie leir-isle}s mim leis rai gies 

— fransauced x-ray & Gaimina ts tonizing 
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Anom Exp CL 3 


elle 


SuTficient LW-to-iW iransduction 
ionizes GM fube Gas (3) 





e Time-history of detector involved 
— some Gil detectors show anomalous 
pitelamerelipit-relelul-meleialels 
= lime histories of Givi detectors are varied 
= lime histones of tim vary minimally 


« Experimental results consistent with 


me a Mc OER | Mie: itive tiiersielsmisienisieiisie Mel: iif 
= fime-energy crarging 
= New extension to energy conservation iaw 


OT 
ji 





Published by Lotus® Freelance Graphics® 





http://www.cheniere.org/images/EMwaves/emwaves55.htm24.11.2003 19:05:55 


Anom Exp CL 4 


elle 


SuTficient LW-to- iW iransduction 
lonizes GiVi fube Gas (4) 





e Time-history of detector involved 
— some GH detectors snow anomalous 
pike lame ietaneied —elggl- melee ate) g 
= lime histories of Givi aetectors are varied 
= lime histones 5 of iim vary minimally 


« Experimental results consistent with 


ee A het One Meee lsimetsiessielsBisierisieiisce Meir 
= fime-energy chargitg 
vew extension to energy conservation iaw 
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consisty CL exp | 


¢|L>) 


Consistency of Anomalies 





¢ LW-to-TW transduction varied from 
experiment to experiment 


« Most experiments produced insufficient 
transduction to cause ionization 


« Appearance of anomalous radiation 
correlated with expected time loading of 
palladium with deuterium 

— Vithin few hours in expenments where pallaqium 
ferleba ui igme italia lel elesieaigelimtelltiitel a) 
momencelliig-leler iin tela colette imier- lei lle phi lexis ge 
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consisty CL exp 2 


elle 


Consistency of Anomalies (Z 





« Faster the deuterium loaded, the greater 
the interaction of deuterium in 
mma ict cwelal ler itisierk lem liicigeoilalel 
= Proaucing time-reversal zones 
— Generating quasi-nuciel of Ht ions (protons) 


« Variation in GR detector readings 
« Experimental results predictable by 


= Lvv-It¥ transauction and time-reversal zones 

= Varying time-density charging on GIVI tubes 

= Vanation in Gi tube expenence histones 

— lime-reversal zones generating electronuciear 
interactions and quasi-nuciel of M+ clusters 
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Experimental LW Emission Phenomena in Electrolysis 


[lL] 


Experimental LW Emission Phenomena in Electrolysis 


» Anomalous radiation from electrolysis in ionization processes 
— Two experiments producing excess power 
— Dentalx-ray films howed exposure 
= Simultaneous control study: No exposure 
— 20 experiments withoutexcess power: No exposure 


» Excess energy strongly indicates excess film exposure 
» GM and Nal detector reaction when electrolysis ongoing wheavy water 


= Several Geiger Muller(Gh4) tubes gave anomalous detection 
m Reached 73o above normal background counts 
m No anomalies when experiment off 


» GM tube detects anything which causes its internal gas to ionize 
= Nuclear radiation & "ionting' radiation 
— Transduced xray and gamma radiation & “ionting" radiation 
— Sufficient LV-TW trare duction ionzes GM gas 


» Time History of detector involved 
— Some GM detectors show anomalous high counts, some do not 
— Time histories of GM detectors vary appreciably 
— Time histories of film vary minimally 


» Experiments consistent with time-density charging, LYV-TV¥ transduction, 


and new conservation of energy lavy — * Melvin H. Miles and Benjamin F. Bush, "Radiation 
Measurements at China Lace: Real or Artifact" 
Proc. ICCF-7, Vancouver, BC, Canada, Apr. 1998, p. 101. 





& as 1 cede 
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A New Conservation of Energy Law 
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A New Conservation of Energy Law 





a 
od 
% 


Physics conserves total “energy and mass-energy” 
Now also must consider “time-energy" 


Conserve total mass-time-energy (spatiotemporal 
energy) 

Let E; = total energy, E,, = mass energy, 

E_ = ordinary energy, and E, = time energy. Then 


Er = Er + En + E; O-wsd Le ted 
(KE, => Ee > 0) => Ey> (Ew + Ee) 


If some E, is transduced into E- , the experiment will 
violate the old spatial mass-energy conservation law 
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Quesns on Care & EM 
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QUESTIONS ON CARCINOGENS pS 
AND EM RADIATION Co 


m UNRESOLVED QUESTIONS ON EM RADIATION 
= DOSAGES 
— ACTIVE MECH ANISMS 
— REPLICATION DIFFICULTIES 












= MEASURE MENT DIFFICULTIES x 
— WHERE, WHEN, HOW ILL EFFECTS OCCUR ‘ 
gw SIMILAR QUESTIONS EXIST ABOUT EVERY 4 
CARCINOGEN 
m SCIENCE REALLY DOES NOT UNDERSTAND THE 
MECHANISMS OF A SINGLE CHRONIC DISEASE, © 864, 1557.6 eanten 


INCLUDING CANCER 
— FACTORS SUCH AS MIND, STRESS, SPOHW TANEOUS 
RE MISSION, PLACEBO EFFECTS, AND COMBIHATIONS OF 
FACTORS ARE PARTICULARLY TROUBLESOME 
— GENERATION OF THE PLACEBO EFFECT BY THE 
REGENERATION & RECOVERY SYSTEM IS UHRE COGHIZED 
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Ques Carcinog & EM 1 
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QUESTIONS ON CARCINOGENS 
AND EM RADIATION 





RADIATION 
— DOSAGES ‘6 
— ACTIVE MECHANISINVDS 
— REPLICATION DIFACULTIES 
— MEASUREMENT DIFFICULTIES 
— WHERE, WHEN, HOWILL EFFECTS 
OCCUR 
m SIMILAR QUESTIONS EXIST ABOUT 
EVERY CARCINOGEN 


m UNRESOLVED QUESTIONS ON > 


) 
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Chronic Diseas Puzzl 


(>) 


J CHRONIC DISEASE PUZZLING 





M SUIENCE REALLY VUES NOT UNDERSTAND 
TRE MECHANISMS OF A SINGLE CARONIL 
VISEASE, INULUUING CANCER C 


M@ MANY TROUBLING FACTORS EAIST 2 


O 864 15T.E aren 





M GENERATION OF TRE PLACEBO EFFewul BY IRE 


VELLULAR REGENERA IION STSTEM IS UNRECOGNIZED 
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Cancer charactr 


elle 


Cancer Characteristics 





* NOT one disease, DUT a whole range 

» starts In aamagea aeropic cell 

» Cell shakes oif boay s central Control 
elle elalecelpiice {tele it te)g) 
- naateenicanrabs 

*» Can send rortn cancer cells 


= Through lymph 
» Form metastases (secondary tumors. 
e Often become anaeropic 
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Solv Promotn Enigma 
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Solving a Cancer Enigma 





e An enigma has been failure of immune 
system to attack some tumor cells 
= suppressor cells may curb Immune system? 
bclinieimur Va rle €-lpdieljatmaelduribaleljaiiit-tel 
py the immune system? 
* Promotion of damaged ceil to cancer is 
usually vege {-Fe-Te] by cellular controf system 
— Regenerative anda recovery system forces 
cel pack toward anaerope 
— First step breaks tree trom ceritrail growti 
— Controi continues to recognize cei as Seir 
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Cancr Charactr old 
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CANCER: CHARACTERISTICS 


® NOT ONE DISEASE BUT A WHOLE RANGE 

® STARTS IN ORDINARY (AEROBIC) CELL 

® CELL SHAKES OFF BODY'S DICTATORIAL CONTROL” 
® STARTS UNCONTROLLED DIVISION 

® BECOMES A LUMP 


& ‘Wah. fom 


® CAN SEND FORTH CANCER CELLS 
= THROUGH BLOOD 
= THROUGH LYMPH 


® THESE FORM METASTASES (SECONDARY TUMORS) 
« OFTEN BECOME ANAEROBIC (NON-OXYGEN USING) 


@ ENIGMA IS FAILURE OF IMMUNE SYSTEM 
TO ATTACK SOME TUMOR CELLS 
= SUPPRESSOR CELLS MAY CURB IIMUNE SYSTEM 


= TUMOR MAY LACK ANTIGENS NORMALLY IDENTIFIED 
BY THE IMMUNE SYSTEM 


"REAR system forces cell back toward anaerobe 
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PORTABLE PRIORE TECHNOLOGY UNIT 
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PORTABLE PRIORE TECHNOLOGY UNIT 


* FACT: DISEASE-SPECIFIC VACUUM ENGINE PRESENT FOR 
ANY CELLULAR DISEASE, BY WHEELER'S PRINCIPLE 


" DISEASE CAN BE REVERSED BY CREATING AMPLIFIED 
VACUUM ANTI-ENGINE (BEARDEN'S PRINCIPLE) 


" ANTI-ENGINE S CREATED BY PUMPING THE NONLINEAR 





CELLS WITH LONGITUDINAL EM WAVES & 
* PRIORE UTILIZED A PLASMA TO PHASE CONJUGATE AND “INFOLD" : 
MULTIPLE BIDIRECTIONAL LONGITUDINAL EM PUMP WAVES & 


" MULTIPLE FREQUENCIES MXED IN A ROTATING PLASMA 
" PHASE CONJUGATES ADDED BY THE PLASMA 


ae " JINFOLDED MXINTO STRONG PULSED DC MAGHE TIC 
FIELD, WHICH CARRIED IT INTO ATOMIC NUCLEI 


=" PUMPED ALL NONLINEAR CELLULAR COMPONENTS TO 
PRODUCE AIVMPLIFIED, SPECIFIC VACUUM ANTI-ENGINE 


® NEGATED THE CUMULATIVE CELLULAR 


DEDIFFERENTIATION ORDER GENERATED BY LONG-TERM 
HYPOXIA. TUMOR CELLS REVERTED TO NORMAL CELLS. 
* SCRUBBED OUT CUMULATED PRECANCEROUS STATE 


* RESTORED THE IMMUNE SYSTEM TO HIGH FUNCTIONING 
* NO EXCESSIVE TRAUMA TO TREATED ANIMAL Ehiter, wee, 1060 TE OCMED. 











Published by Lotus® Freelance Graphics® 





http://www.cheniere.org/images/EMwaves/emwaves67.htm24.11.2003 19:06:57 


Lisitsyn's Report: Brain Code Broken 


[]L>| 





* THEORY DEVELOPED AND FITTED 
* HYSTERESIS MEMORY LOOP 
* CONTROLLED EM INDUCTION 

" IMAGES 


> 16, 1e02, 164 TC OCMC. 


= SENSATIONS 

- PREDETERMINED EMERGENCE 
* 23 EEG BANDS 

- UPTO8.1X10° HZ 

= 11 INDEPENDENT CHANNELS 


SE. Lists, "New App roach to the Ane sé of Eletm ncephabgrems," 
DDC Rep ott ADIOS, p.1625. 
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Antieng reverses cell 
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ANTI-ENGINE FOR CELL'S DEVIATION 





REVERSES CELL BACK TO NORMAL 


poe eee ee ee ee eee ey 





PHYSICAL | 


y a 4 PHYSICAL 
4 7 CELL 
a - (HORMAL) 





CELL} 
(DISEASE D) | 
EXTENDED 
a . TIME DELAY FOR 
tenn-- area ‘ RENORMALIZATION 
VACUUM VA‘CUUMISP ACE TIME © acne iceain 
ENGINE AN TLENGINE FOR 
FOR DISEASED CELL'S DISEASE DELTA 


CELL 


By pumping the intemal EM channel, process is dramatically accelerated. 
This is the body's norma recovery mechanism, within its limits. 
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VG Priore Method1 
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Time-reverses the cells back to normal state 


Mix OUTPUT MIX WAVES 
INSIDE STRONG INA PLASMA 


SELECT ASET START 
OF TRANSVERSE 


PULSED OC TOADD 
MAGNETIC FIELD CONJUGATES 





EM WAVES 





ADJUST WAVE 





eee | FREQUENCIES 
"VACUUM IF REQUIRED, AND 
' ENGINE FOR ‘| |RRADIATE AGAIN 
EXPOSE WHOLE aaa 
BOOY OF PATIENT ! 
| ALREADY 
TO DIMENSIONED erp 
MAGNETIC FIELD ilehcalal a ' 
ce eee i _| FORMS 
: /” AMPLIFIED 








ANTIENGINE 


CELL AND 
ALL ITS 


CELL ‘ ANTIENGINE 
PARTS ARE PHASE . ‘ ae TELLS TO ACT AND 
PUMPED IN TIME-REYER SE 
CONJUGATES ry DISEASE 
INNER EM CELL AND ALL 
ITS VACUUM . VACUUM j 
CHANNEL ’ . ITS PARTS 
IN TIME ENGINE f + ENGINE 
SEMAN. | - ‘Susexsnecdena ‘ : 
“ TIME-EXCITATION 
e CHARGING ENDS. 
.. IRRADIATION IS 
*ndludes genetics ae HALTED. 





DISEASED " . VACUUM 


CONTINUES 








©) wa as Le SEEN 
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Fig21 Priore Meth2 


[lL] 





MIX OUTPUT MIX VURVES 40) UST SOME FORM 4 § ET START 
ONTO STRONG IN PLAS FA AVES OF HARMONIC 
RIPPLING TO ADD OFF FREQUENCY EM ‘AAVES 
MAGNETIC FIELD CONJUGATES 
STOP 
VACUUM nnd 


ENGINE FOR ‘ 
DISEASED 

CELL ’ 
ALREADY rad 
PRES ENT ‘ 





EXPOSE *AHOLE 
BODY OF PATIENT 
TO THE RIPPLING 
MAGNETK FIELD 







NO CELL 
RESTORED TO 


NORMAL? 
















----F------ / FORMS 
¢ QMPLIFIED 
: ; TIME 
CELL AND naa . ? varaiine TIME es 
ALL ITS Le P ANTIENG INE Lac ici 
PARTS 4RE aire . : ehdepleiieees CELA 
PUMPED IN : ~ prt : 
INNER EM CONJUGATES PARTS 
ITS VACUUM 





CHANNEL 


; — WACUUM 
~ . ENGINE 
il ‘ 


ENGINE 





*nicluder genetics 


>a Le Bee 


ee ee ee 
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Fig4 LW pumping cell2 


Le] L+| 


















vacuum A>: * 

(spacetime) ee fe AA, 

engine in longitudinal Set Ze =e 

the mass EM pump i: ~*~" | previous staté 

is the input wave S 4 , is 
Ay ee a 








~~ CELL MASS 


highly nonlinear to any 
and all LW frequencies 


eoov-?? ie 






es oo oe pe 


Pict’ le acts upon 
mass at all levels 





AN AMPLIFIED YACUUM wed ot 

(SPACETIME) ANTIENGINE IS eng tudinal a A —————= 
FORMED AND ACTS ON THE pump oe ' 

MASS, TIME- REVERSING wave * 

IT AND ALL ITS COMPONENTS Aa! 7 Ay 


NO MATTER HOW SMALL 
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spac vs t pump2 
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PREVIOUS VACUUM 
ENGINE 
= PREVIOUS 
MASS STATE 
@® T.E BEARDEN 1567 plaice A 2 +t 
transverse 
signal 
wave 
(input) 
a 
4 
VACUUM 
: ENGINE 
amplified 
phase conjugate N, 
replica transverse MASS 
wave transverse 
(time-reversed) pump A : A 
wave 


4 ' 


a. Pumping with transverse EM waves b. Pumping with longitudinal EM waves 
produces a time-reversed wave. 


A, and A, time+everses the mass Reef. 
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T pump w/2 vaceng2 
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~~ = VACUUM 
ENGINE &A° 












VACUUM 
EW GINE 


© T.E BEARDEN 1567 


VACUUM 
ENGINE B° 





VACUUM 
eheRiE 3 ENGINE A 


A+B A, 
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CELL AND INTERIOR SENSORS 
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PRIORE 
ARIPLIFIED 
PURAING 












BWTCH TO 
2.02 ERO BE 
CaTaLoG 














BYUTCH OFF 
CEMTRAL 
GROWTH 

CONTROL 


BYUTCH ON CONMITION 
DECENT RaL IMM UME 
GROWTH BYETEMTO 
CONTROL ACCEPT 
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Antenna Pad 


[lL] 
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Plasma Mixing Unit 
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@weeceaceaoaoaaeaeaeeeee 


Magnetic Plasma 


Pulse Mixing 
Generator ~~ Unit a 


+ 
* 
+ 
¢ 
* 
* 
* 
* 
* 
* 
+ 
* 
* 
* 
- 


+ 


Antenna Pad 
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Absorp & emiss 
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Absorption and emission reactions 


ELECTRONABSORBS PHOTON 
ENERGY, MOVES TO HIGHER 
ENERGY LEVEL. DECAYS 








ELECTRONABSORBSTIME 
DENSITY, MOVES TO DIFFERENT 


.- ee TIME DENSITY LEVEL. DECA4'’S BY 
z= SURE By EMITTING PHOTON --" At. EMITTING LONGITUDINAL OF 
ee ae@e,  .  PSEUDOLONGITUDINAL 
Es rit on a \ | { oA ” Pe —s z PHOTON 
tae (at remains ‘oe i 
oe + 4 coupled —_ ans ' a ee 
as BAe ‘i \ Ley } | aE remains 
me ee | wa ¢ | coupled —_ 








Sie ies 


Pike ® T.E BEARDEN BEG 


‘ 
‘ 
. 
‘ 
. 
‘ 
‘ 
‘ 
‘ 
‘ 
‘ 
‘ 
‘ 
. 
‘ 
. 
‘ 
' 
‘ 
. 
‘ 
. 


PARTICLE ABSORBS TIME, 

MOVES TO HIGHER 

TIME DENSITY. DECAYS BY 

EMITTING TIME-LIKE PARTICLE, 
NONOBSERVABLE BY PRESENT MEANS. 


PARTICLE ABSORBS ENERGY, 
MOVES TO HIGHER o 
ENERGY SHELL. DECAYSBY 
EMITTING ENERGETIC P&RTICLE, > 
OBSERVABLE. a 


. 
. 


ENTIRE NUCLEUS ABSORBS ENERGY, * 





ENTIRE NUCLEUS ABSORBS TIME, 





EACH PARTICLE ABSORBS OVW. ' EACH PARTICLE ABSORBS OVW. 
DECAY OCCURS BY COMPLEX MODES, ! DECAY OCCURS BY COMPLE MODES, 
INCLUDING FISSION OR FUSION. ' INCLUDING FISSION OR FUSION. 
DECAY BYPRODUCTS OBSERVABLE. SOME DECAY BYPRODUCTS 4RE 





NONOBSERVA BLE (SPACE ABSORBS) 
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VG Evs T charging] 
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Absorption and emission reactions 





TRANSVERSE PHOTON 


ELECTRON ABSORBS PHOTON STREAM OF TIME-POLARIZED PHOTONS 
ENERGY, MOVES TO HIGHER 
ENERGY LEVEL. DECAYS ELECTRON ABSORBS TIME 
BY EMITTING PHOTON, DENSITY, MOVES TO 4ic? DIFFERENT 


REMOVING At iia At TIME DENSITY LEVEL. DECAYSBY 
a ae *. EMITTING LONGITUDINAL OR 





\ | / oe & PSEUDOLONGITUDINAL 
. a coupled — ? Ee atone 
eand emitted : | | 4 
f quichy —, ae 
/ \ , At increases 
= quasi ij-stati oe 
ica sdowy 
Figure 4. Excited energy density level Figure B. Excited time density level 
in one jump. significant only after enormous 


® T.£ BEARDEN Bee number of increases. 
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EMwaves in ST 
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GALLOPING WAVE. 
TRANSVERSE 
WAVE THAT VARIES 
VELOCITY ALONG 
2-DIRECTION, IN TIM E-POLA RIZED 
WAVE FASHION. Hh E-ENERG‘’) 
(Ex:001¢-10c) SCILLATIONS 
— 3-SPATIAL SCALAR WAVES. 
ENERGY DENSITY %,Y, 2 FIRED. 
OSCILLATIONS T VARIES. 
TRANSVERSE NONOBSERVA BLE. 
WAVES. 2 ANDY TRANSDUCTION TIME DENSITY OSCILLATIONS. 
ENERGY DENSITY gg ——___ tune 2,7, ZENERGY DENSITY DO NOT VARY. 
peep atece TIME DENSITY NOTOBSERVMBLE, BUT 
PSEUDO-LONGITUDINGL : 
WAVES. % OND Y VARY TRANSDUCTION IS OBSERVABLE. 
4 LITTLE, SURGE OSCILL- 
ATIONS IN 2 DIRECTION. TIME DENSITY OSCILLATIONS. 
2,7, ZENERGY DENSITY FIED. 
LONGITUDINGL WAVES. TIME DENSITY 1S NONOBSERVWS BLE, 
24ND FIZED; SURGE BUT TRANSDUCTION 
OSCILLATIONS IN 2 DIRECTION. IS OBSERVABLE. 


—i— TRANSDUCTION —rr ® TE. BEARDEN 1565 
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Evolution multicell 
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EVOLVE TO 


Evolution of Cells on Earth 


AEROBIC 
CHANGE OF (INCLUDES MAN] 
ESSENTIALLY ATMOSPHERE 
ANAEROBIC TO AEROBIC CENTRAL CONTROL 


ATMOSPHERE (INCLUDES EVOLVE To 
SINGLE CELL MULTICELL 
COMPONENTS COMPONENTS 






OXYGEN) 


SINGLE CELL 
s, SEROBIC* 










BIOGENESIS IMMUNE SYSTEM TISSUES 
SINGLE CELL *09 RED CELLS MUSCLES 
ANAEROBIC ia Fa, CULTATIVE WHITE CELLS BONES 
aaa ANAEROBES KILLER CELL$ ORGANS 
OBLIGATORY (SINGLE CELL ETC. SKIN 
ANAEROBES BOTH AEROBIC STRUCTURES 
Tse ne ONDANSEROBIC) 
FROM OXYGEN * NOTE: LIMITED ANAEROBIC RESPIRA TION 
STL TAKES PLACE IN HIGHER AEROBIC 
LIFE FORMS, INCLUDING 4. 





EVOLUTIONARY TIME 


Ey ua 1 BEEN 
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Local cellular effect 


Le] [>| 


Tissue Loss 


Trauma Producing Becker's theoretical contro! 
rssvetoss _ eiials governing regeneration* 


Local cellular effect 





Local and systemic 
pools of faa cells 


Local nerve effect 


CNS effect Alterations in hormone 
pattern (prolactin) 
Alterations in local 
DC field pattem 


Dedifferenti ation into 
primitive mesenchymnd cells 


Blastema fornnation 





Redifferentiation into m 

required cell types at atin eget qin mammal of 
Restoration of body P 

pert or tissue 
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DC injury response2 
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INPUT STIMULATION CENTRAL 
DC SYSTEM[ PAIN) 0c SYSTEM 


GROWTH OUTPUT 
DIFFER ENTIATION DC SYSTEM 


TOTAL 
CURRENT OF 

MITOSIS STIMULATION OF INJURY 
REPAIR CELLS oC SYSTEM 


“Robert O. Backer, "The onl cance ofbloslectical 
Fea pt Boslsc rocheMlit: and Rosnergeics, vol. 
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Expr in Frac'n Survg 
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Fraction of Casualties Surviving 


FRACTION SURVIVING H=1-40 milion 





CASUALTIES 
yu 1b BEEN 


TYPE TREATIAENT REC EWED 
EXPRESSED IN FRACTION SURVIVING 
@ With conventional t 
OO With 1st generation P-treatment 
O With 2nd generation P-treatment 
® With 3rd generation P-treatment 
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"Time as fuel" is the future 


[+] 





“Time as fuel” ts the future 
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The Tom Bearden Website 


A National Report on America's Energy Crisis 

Remarks by U.S. Secretary of Energy Spencer Abraham 

U.S. Chamber of Commerce, National Energy Summit March 19, 2001 
Opening Remarks 


I would like to congratulate the U. S. Chamber of Commerce for convening this two-day National 
Energy Summit and I appreciate your invitation to participate. As we all know, the topic of energy is as 
timely as the day's headlines. In just my first eight weeks as Energy Secretary, California has faced 
almost daily power alerts. Rising natural gas prices have punished consumers with bills that, in some 
cases, are double or triple last winter's. And forecasts for this summer suggest the possibility of rolling 
blackouts. 


The good news is that America's energy problems can be solved. The bad news is that the situation in 
California is not isolated, it is not temporary, and it will not fix itself. 


America faces a major energy supply crisis over the next two decades. The failure to meet this 
challenge will threaten our nation's economic prosperity, compromise our national security, and literally 
alter the way we live our lives. 


America has heard these dire warnings before - in fact, they seem to be a recurring theme in our nation's 
energy discussion, almost since "Colonel" Drake made the first oil strike near Titusville, Pennsylvania in 
1859. "The amazing exhibition of oil," advised the State Geologist of Pennsylvania, "[is] a temporary 
and vanishing phenomenon-one which young men will live to see come to its natural end. " That was in 
1885. 


Around the same time, John Archbold - who succeeded John D. Rockefeller as head of Standard Oil - 
joked about the prospects for oil discoveries in Oklahoma: "Are you crazy?" Archbold said. "I'll drink 
every gallon produced west of the Mississippi. " 


I don't know if anyone ever called Mr. Archbold on that pledge. But for whatever reason, in 1914 the 
U.S. Geological Survey predicted that the U. S. would soon exhaust its available oil supplies. They 
issued the same warning in 1926. And again in 1939. And in 1949. 


All of these warnings have proven false. Despite all these expert predictions, the world has not run out 
of oil or other resources. And yet here we are, faced with the most serious energy shortage since the 
days of oil embargoes and gas lines. 
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My point is, America's current energy supply crisis is not due to some inevitable neo-Malthusian 
depletion of resources. The United States - and our North American and hemispheric neighbors-are 
blessed with a rich abundance of natural resources. It's political leadership that has been scarce. 


For the past eight years, Washington sat on the sidelines as our nation's energy needs mounted. During 
the 1990s, the Clinton Administration employed a policy of taxing demand, limiting supply, and 
ignoring the rapidly expanding needs of the future. 


Their energy strategy boiled down to: you can't find it... you can't transport it... and even if you get 
it, we don't want you to use it. 


Through neglect or complacency or ideology, this approach has led us to the crisis we face today. 


The Bush Administration is fully prepared to respond to the broad set of challenges we inherited. But 
we must be candid with the American people about the magnitude of the problem - which is what I'd like 
to talk about today. 


America's Energy Supply Challenges 


Three overriding facts starkly define the challenge of America's energy needs over the next two 
decades: 


First, demand for energy is rising across the board, but particularly for natural gas and electricity; 


Second, supplies are being limited by a regulatory structure that, in many respects, has failed to keep 
pace with advances in technology and an uncertain political environment that often discourages 
investment in desperately needed facilities; 


And third, our energy infrastructure - that network of the generators, transmission lines, refineries and 
pipelines that convert raw resources into usable fuel - is woefully antiquated and inadequate to meet our 
future needs. 


Unless these challenges are addressed, America's energy supply will be continually at risk... our 
citizens will encounter blackouts and other lifestyle-altering disruptions ... and our economy will be 
hobbled by rising energy prices. Let me briefly outline some of the major issues on the horizon: 


Oil: Rising Consumption, Accelerating Dependence 
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In the next 20 years, according to estimates by the Energy Information Administration, America's 
demand for oil is projected to increase by 33 percent. Yet as consumption surges, U. S. production 
continues to drop precipitously. We now produce 39 percent less oil than we did in 1970, losing nearly 
4 million barrels a day in the process. And unless energy policy is changed, production will slip further 
- to just 5.1 million barrels per day by 2020 - down from a high of 9. 4 million a day 30 years ago. This 
widening gap between demand and domestic supply will make us increasingly dependent upon foreign 
imports. Back in 1973-at the height of the oil crisis - America imported just 36 percent of its oil from 
abroad. 


Today, we import 54 percent. And, if we allow this trend to continue, we will soon be forced to look 
abroad for some 64 percent of our oil. This will put more power in the hands of foreign suppliers - 
power they are not reluctant to use, as we just saw when the OPEC cartel decided to reduce oil output by 
one million barrels a day. 


While this administration does not agree with OPEC's decision, that decision demonstrates the 
importance of increasing America's production of oil. Securing an affordable, reliable and adequate 
supply of crude is a critical challenge. But it is only half the oil story. 


Since 1980, the number of American refineries has been cut in half. There hasn't been a new refinery 
built in the United States in over 25 years. New regulatory interpretations limit the ability of existing 
refineries to expand capacity. Add to that regulations that require the production of more than 15 
different types of gasoline-and you have a refining industry strained to capacity, leaving us dangerously 
vulnerable to regional supply disruptions and price spikes. 


Refineries are so constrained that when President Clinton made the politically symbolic gesture of 
releasing 30 million barrels of oil from the Strategic Petroleum Reserve last fall, that oil had to be 
shipped overseas to be refined. 


Natural Gas: Rapidly Rising Demand; Constraints on Supply 

Many of the same issues confront the future of natural gas. America's demand for natural gas is 
projected to rise even more rapidly than oil. If Department of Energy projections are correct, by 2020 
Americans will consume 62 percent more natural gas than we do today. More than 9 out of 10 of the 


announced new electric generating plants will be fired by natural gas. 


This approaching wave of new demand begs the question: Do we have an energy policy and a 
regulatory structure capable of meeting our natural gas needs? 


Consider just a few constraints in this market. 
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Right now, an estimated 40 percent of potential gas resources in the United States are on federal lands 
that are either closed to exploration or covered by severe restrictions. The last lease sale in the some 
areas of the Gulf of Mexico was more than a decade ago. New discoveries of natural gas in the United 
States have fallen for three straight years, creating increasing pressure for more imports. 


The notion that we can rely so heavily on natural gas ... maintain severe restrictions on exploration . . . 
and still enjoy low prices is a dangerous assumption. 


Even if we find the supplies, moving that gas to market will require an additional 38,000 miles of 
transmission pipeline and 255,000 miles of distribution lines-at an estimated cost of $120-$150 billion. 


Today's pipeline system can hardly handle the supplies we know exist. Alaska's Prudhoe Bay, for 
example, produces about 8 billion cubic feet of natural gas a day - approximately 13 percent of 
America's daily consumption. 


But that gas never reaches the market. Instead, it is just pumped back into the ground, waiting until a 
pipeline is built to connect the Alaska fields to the U.S./Canada distribution system. 


Electricity: Powering the Information Economy 


As everyone knows, we also face a real challenge in generating enough electricity to light out homes and 
run our businesses. Over the next 20 years, the Department of Energy estimates that electricity demand 
in the United States will increase by 45 percent. That rising growth rate will require the construction of 
over 1,300 new power plants-about 65 every year. 


Yet, the last time we added that much power was 1985. 


Furthermore, there is reason to believe that this could turn out to be a conservative estimate. During the 
1990s, electricity consumption far outstripped projections, driven by the energy-hungry information 
economy. Some experts calculate that the demands of the Internet already consume some 8-13 percent 
of electricity. If demand grows at just the same pace as during the last decade, we'll need nearly 1,900 
new plants by 2020-or more than 90 every year-just to keep pace. 


Hundreds of new generating plants will place even greater pressure on our already strained and aging 
power grid. America's network of transmission lines, substations and transformers was built when 
utilities were tightly regulated monopolies providing service to assigned regions. Interconnections 
between suppliers were strictly an emergency backup measure to guard against rare service 
interruptions. The system was simply not designed for long-haul swapping of power in a highly 
competitive market. 
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Consumers are already feeling the impact of a transmission systems stressed by rising demand. 
Transmission bottlenecks contributed to the blackouts that have swept through California and to price 
spikes in New York City last summer that cost consumers an estimated $100 million. 


Coal, Nuclear, and Hydro-Electric Power 


Coal has historically been American's number one source for affordable electricity; it currently powers 
half of America's electricity generators. And at today's recovery rates, our nation has enough coal to 
keep those plants running for the next 250 years. 


Coal generators have already been called upon to make broad reductions in emissions. The Bush 
Administration supports those efforts-and we will back it up with greater incentives for investment in 
clean coal technology. 


But the administration will not regulate coal out of existence ... and we will not support measures that 
will threaten electricity supplies and significantly raise electricity prices. President Bush made the right 
decision last week not to impose new federal mandates on the emissions of carbon dioxide. If America 
is to have reliable electricity over the next 20 years, coal must continue to play a major role. 


But, coal is not the only energy source facing an uncertain future. There hasn't been a new nuclear 
power plant permit granted since 1979. Many of the 103 existing nuclear plants are not even expected to 
file for a renewal of their licenses as they expire over the next 15 years. 


Even hydroelectric power generation is expected to fall sharply. 


Re-licensing a hydro facility can take a decade or more and cost millions. And now, even though 
consumers are faced with potential blackouts and chronic electricity shortages in the West, activists and 
some political leaders want to breach one or more of the four federal dams on the Snake River to help 
young salmon, on their trek to the sea. 


The Dangers of Complacency 


What are the dangers of complacency in light of these challenges? How does it all add up for our 
economy and our citizens? 


This nation's last three recessions have all been tied to rising energy prices - and there is strong evidence 
that the latest crisis is already having a negative effect. 
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The National Association of Manufacturers estimates that soaring fuel prices between 1999 and 2000 
cost the U.S. economy more than $115 billion-shaving a full percentage point off our Gross Domestic 
Product. A January survey of its 5,500 members reveals that nearly one quarter were forced to curtail 
operations. 


During a two-week period this past January, Californians lost an estimated $2.3 billion in wages, sales 
and productivity. Layoffs are already hitting workers in the West as companies shift production to states 
with more reliable energy sources. Then there are the jobs that will never be created. 


Intel's CEO Craig Barrett announced that the world's leading chipmaker won't be expanding in 
California: "As long as California is a Third World country," Barrett said, "we won't build $2 billion 
manufacturing plants here." 


The Food and Agricultural Policy Institute reports that farmers are likely to see their income drop 20 
percent over the next two years due to higher energy costs. 


Rising energy costs are hitting every family's checkbook, primarily affecting those who can afford it 
least. Gas bills for many homeowners in the Washington, DC area more than tripled this year. Some 
residents are reporting that their heating bills are higher than their food bills this winter. 


The power crisis isn't just pinching our wallets, it's changing the way we live our lives. In California, 
power outages have shut down traffic lights, darkened schools and closed businesses. The governor has 
ordered local police to patrol the streets-not for criminals, but to make sure businesses keep their lights 
dimmed. 


But California is not the only state facing a mismatch between supply and demand. With electricity 
shortages predicted for New York City and Long Island this summer... low capacity margins 


threatening electricity reliability in the Midwest, Southeast and Northern Plains states ... and strained 
refinery capacity in the Midwest, Americans across the nation are feeling the energy squeeze. 


The Need For A National Energy Policy 


Rising demand... tightening supplies ... an aging power infrastructure ... a decade of neglect from 
Washington: These are the trends that define America's emerging energy needs. 


President Bush has committed this administration to meeting these challenges - a job that begins with 
the urgent task of developing and implementing a long-term national energy policy. 


To accomplish this, President Bush created an Energy Task Force headed by Vice President Cheney. He 
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has asked us to define a clear strategy - a strategy that will allow environmentally responsible 
exploration and recovery of our domestic resources ... enhance our commitment to conservation and 
energy efficiency ... and encourage investment in new technology to further the development of 
renewable energy sources. 


I wish I could say that the energy crisis now sweeping the nation has shocked the political system into 
action. But like other political discussions in recent years, the debate over energy seems as deeply 
polarized as ever. 


On one end of the spectrum, some activists propose what amounts to a "zero tolerance" policy toward 
exploration and cling to the quixotic idea that new, undiscovered sources will somehow allow us to meet 
our energy needs. On the other end, some advocates place an almost limitless faith in special tax breaks 
for this favored activity or subsidies for that preferred industry. 


The two extremes in our energy debate are founded on several enduring myths - myths that today 
conspire to block any true advance toward a rational and stable energy policy in the United States. Here 
are a few of the more prominent ones. 


Myth Number 1: It is impossible to balance energy exploration and environmental protection. 


Advances in technology have brought us a long way from the days when wildcatters punched holes in 
the ground based on the hunch they might hit a gusher. But from a regulatory standpoint, our view of oil 
and gas exploration hasn't changed much since we saw Jed Clampett strike "black gold" and split for 
Beverly Hills. 


Today, satellites and computers are the tools of choice in the exploration business. Geologists can 
bounce acoustic and electrical vibrations off the earth's inner depths, gather the resulting mass of data 
into powerful computers and then create three dimensional and even four dimensional maps of resource 
fields miles below the surface. 


Armed with these pinpoint accurate images, companies employ advanced equipment to drill vertically, 
horizontally and around corners-allowing us to access supplies from previously unimaginable depths, up 
to six miles away. 


The marriage of oil and gas exploration with cutting-edge technology means fewer rigs, fewer roads and 
fewer pipelines. Drilling operations that required 65 acres in the 1970s need only 10 acres today. 
Technological improvements in just the past 15 years have generated success rate increases of 50 
percent. America's national energy policy must reflect these staggering advances that have 
revolutionized the way we develop our resources. 


Myth Number 2: All our current problems are due to an energy industry that is engaged in a massive 
conspiracy to gouge consumers by limiting supply to drive up prices. 
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This myth has been punctuated by calls for investigations into everything from last summer's Midwest 
gasoline price spikes, to recent allegations that power generators in the West have been withholding 
electricity. We have a fair and objective process for judging these claims-and action will be taken when 
it is merited. Over the past two weeks, for example, the Federal Energy Regulatory Commission 
ordered power companies to rebate some $124 million to California utilities. Meanwhile, the Federal 
Trade Commission recently cleared gasoline suppliers of all charges relating to last summer's price 
increases. 


But charges of price gouging largely miss the point. There is no magic source of supply; no hidden pool 
of energy that can be turned on and off like a faucet. California-and other power-strapped states-will 
never solve the power crises they confront until they resolve the conflict between demand and supply. 


Earlier this year, one company proposed building a $400 million power plant in California that would 
have provided enough additional electricity to light 600,000 homes in energy-starved Silicon Valley. 
The company pledged to plant 800 new trees to beautify the area. They proposed cloaking the power 
station in a brick facade to make it essentially indistinguishable from a high-rent office complex. They 
even promised to help maintain the local habitat for the endangered bay checkerspoon butterfly. 


Their environmentally-sensitive plans won the support of the Sierra Club, the American Lung 
Association and the NAACP. But city officials voted unanimously -- 11-0 -- to reject the plan. In an 
editorial, the local paper called this move "Dumb and Dumber." 


Meanwhile, further south, plans to build a 550-megawatt gas-fired generator in a Los Angeles suburb 
were scrapped after residents voted 2:1 against the project. The local mayor added a much-needed dose 
of reason and maturity to the debate-by launching a hunger strike in opposition to the plant. 


In California, workers are being laid off, companies are leaving the state, farmers and small businesses 
are losing millions, consumers are threatened with rolling blackouts, but local officials reject power 
plants with little regard for the consequences. Is it really any mystery why there hasn't been a single 
new power plant built in California in the last decade? 


Myth Number 3: The Bush energy plan is focused almost exclusively on opening the Arctic National 
Wildlife Refuge (ANWR) to exploration-a move that would buy us only about 6 months worth of 
American consumption while destroying a pristine natural wilderness, not to mention disrupting the 
breeding ground of the Porcupine Caribou. 


Let's separate fact from fiction when it comes to ANWR. 


First, according to estimates by the U. S. Geological Survey, ANWR holds between 5. 7 to 16 billion 
barrels of recoverable reserves-with a mean estimate of 10. 4 billion barrels. And that assumes the use 
of drilling technology now nearly a decade old. This represents more than 300 times the amount of the 
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oil President Clinton released from the Strategic Petroleum Reserve last fall. And based on December 
2000 figures, it would free us from about 54 years of oil imports from Saddam Hussein and Iraq. 


Second, exploration would impact only about 2,000 acres out of more than 19 million. To put that in 
perspective, the massive Arctic National Wildlife Refuge is about the same size as the entire State of 
South Carolina; the two thousand acres that would be affected is less than half the size of Dulles 
airport. 


And as for the caribou, the herd in the Prudhoe Bay area grew more than 9-fold over the past 20 years to 
an estimated 28,000 in 2000-seemingly irrefutable evidence that caribou mating and oil exploration can 
peacefully coexist. 


The decision to open a small portion of ANWR should be made on the merits. But it should not be 
made on the mistaken assumption that opening ANWR will allow us to produce our way to full energy 
independence. 


America first became a net importer of energy in the 1950s - and our economy will continue to depend, 
in part, on imported oil. However, closing off virtually every available new source of domestic supply, 
enhances the leverage and power of an oil cartel that cannot be relied on to put America's interests first. 
While the resources of ANWR won't make us energy independent, they will help increase America's 
energy security by ensuring a more diverse supply of oil. 


Myth Number 4: Government subsidies and tax breaks are the best way to encourage new exploration 
and production of energy. 


This administration will continue to support funding for energy research and development initiatives. 
But capital is best allocated to its highest uses through the workings of the free market, not 
manipulations of the tax code. Government regulatory policy should not be aimed at picking winners 
and losers in any market, including energy. Neither should tax policy. 


Myth Number 5: We can forego traditional sources and instead meet rising energy demand by 
harnessing wind, geothermal, solar and other forms of renewable power. 


Excluding hydro-power, renewable sources currently generate about 2 percent of America's electricity. 
Billions have been invested in developing renewable energy-and will continue to be invested under the 
Bush Administration. But renewables have yet to overcome the economic advantages of conventional 
energy sources. 


Even with promising advances in research and development, renewables will only provide, according to 
Energy Information Administration estimates, about 6 percent of our total electricity consumption by 
2020. Even if renewables exceed our most optimistic expectations, they would still supply only a 
fraction of our needs over the next 20 years. 


file:///C|/bearden/The%20Tom%20Bearden%20Website.htm (9 of 11)24.11.2003 18:31:15 


The Tom Bearden Website 


Myth Number 6: Price controls are the answer to today's energy crisis. 


Memories are short, aren't they. So let me remind everyone. America imposed price controls on oil and 
gas in the 1970s. They were an utter failure. They led to shortages and rationing and the idea that 
America was gripped by malaise. 


Let me be clear: The Bush Administration does not support price controls. Price controls on electricity 
will lead to more blackouts. Price controls on gasoline will lead to gas lines. Price controls will deepen 
America's energy crisis, because they won't reduce demand, but they will cripple incentives for 
desperately needed new investments in energy supply. 


Charting a New Policy Course 


The challenges are formidable ... the warning signs are obvious ... but I am optimistic because I 
know this administration's commitment is equal to the task. 


Our national energy policy will be comprehensive. It will reach across every department that touches 
the energy marketplace-from the Interior Department and the EPA to the Transportation Department and 
the DOE. 


Our national energy policy will be hemispheric. It will be based on the understanding that our policy 
cannot stand in isolation from our neighbors throughout the Americas. 


Our national energy policy will stress the need to diversify America's energy supply. It will be founded 
on the understanding that diversity of supply means security of supply ... and that a broad mix of 
supply options-from coal to windmills, nuclear to natural gas-will help protect consumers against price 
spikes and supply disruptions. 


And our national energy policy will be balanced. It will leapfrog the myths that stifle change-rejecting 
the notion that there is no middle ground between environmental protection, regardless of the cost and 
energy exploration, regardless of the impact. 


Soon we will deliver our recommendations to President Bush. Later, we will introduce legislation aimed 
at winning bipartisan support for a national energy policy that matches the magnitude of the challenge. I 
am hopeful that men and women of good will-from both ends of the political spectrum... from 
environmental organizations to industry groups-will then come together and transcend the stale debate 
that has characterized energy policy in recent years. 


About 150 years ago, America faced a vastly different energy crisis. 
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Supplies of whale oil were becoming more and more scarce. Few could afford to pay for the luxury of 
this or other costly methods of illumination. Sure, crude oil was available. In those days it was soaked 
up with rags, wrung out into small vials, and then sold as a treatment for toothaches ... until an 
entrepreneur lined up an investor and a chemist and launched an energy revolution that would light the 
world. 


In America, resources become scarce only when our imagination languishes. By engaging that 
imagination, I am confident we can meet the challenges of today. If complacency yields to action. If we 
resolve to strike a rational balance between our energy needs and our environmental concerns. And if a 
national energy policy becomes an urgent priority. 


Thank you. 
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e The national policy umposed the following: 
= Taxed energy demand 
= Limited the energy supplies 
= Ignored expanding energy needs 
e Summary of the past policy on energy: 
# You cannot find it 
= You cannot transport it 
= If you getit, we don't want you to use it 
e Good News: Crisis can be solved 
e Bad News: Not temporary; will not fix itself 
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Energy supply challenges 
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® Demand for energy rising across the board, 
particularly for natural gas and electricity 
® Supplies limited by regulatory structure 
a Failed to keep pace with technology advances 
a Uncertain political environment discourages 
investment in desperately needed facilities 
e Energy infrastructure 1s woefully antiquated and 
inadequate 


Note: The energy infrastructure is that network of generators, 
transmission lines, refineries, and pipelines that convert 
raw resources into usable energy or fuel 
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Oil: Rising consumption and 
accelerating dependence -# 
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e In U.S., will increase 33 percent in 20 years 
e US. production continues to drop 
= Produce 39% less now than in 1970 


w At present reduction rate, production will decrease to 


5.1 million barrels per day by 2020, down from 9.4 
million barrels per day in 1970. 


e Imports have steadily risen 
ea From 36% in 1973 to 54% today 
m Will soon rise to 64% unless checked 
a Empowers foreign suppliers such as OPEC 
e Assuring affordable, reliable, adequate supply of 
crude oil is a critical national challenge 
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@ We have been decreasing the infrastructure 

@ Since 1980, U.S. refineries reduced by 50% 

m No new refinery built in over 25 years 

a New regulatory interpretations limit expansion of 
capacity of existing refineries 

m= Regulations require producing more than 15 different 
types of gasoline 

m Refining industry strained to capacity 

® E.g., Clinton symbolically released 30 million barrels 
of oil from the Strategic Petroleum Reserve 
@ The oil had to be shipped overseas to be refined! 
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Natural Gas: Rapidly rising 
demand, supply constraints 


P..9 
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e By 2020, U.S. will consume 62% more natural gas 
than today 

e More than 9 out of 10 of announced new electric 
power plants will be fired by natural gas 

e 40% of potential gas resources are on federal lands 
either closed or severely restricted 

e Last lease in Gulf of Mexico more that 10 years ago 

e New discoveries falling 

e Dangerous to assume relying on natural gas, 
severely restricting exploration, keeping low prices 
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Natural Gas: Rapidly rising 
demand, supply constraints 


r4 
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e Given enough natural gas, 38,000 more miles of 
transmission pipelines and 255,000 miles of 
distribution lines will be needed 

e This alone will cost $120-150 billion 

e E.g., Alaska's Prudhoe Bay produces 8 billion ft’ 
per day 

a About 13% of America's daily consumption 

ew Never reaches the market, pumped back into ground 

a Waiting on building a pipeline to connect Alaska 
fields to US/Canada distribution system 
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Electricity: Needs, problems 


*@e@eeee@e?eene8eeeseeene@ 8 eee eee ee 6 @ 
e Over 20 years, conservative estimate is that 
demand will increase 45% 
e@ Will require construction of 1,300 new power plants, 
about 65 every year (about one every 6 days) 
= Last time we added so many power plants was 1985 
e Some experts calculate demand will increase faster 
e May require nearly 1,900 new power plants 
w That is 90 per year (about one every four days) 
e Either way, will place great pressure on already 
strained and aging power grid 
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The aging power grid 

*@eeee@¢#?@e@esneeeesee e028 eee 86 2 eee 6 @ 

e Network of transmission lines, substations, and 
transformers 

e Built when utilities were tightly regulated, supplied 
service to assigned regions 

e Interconnections between suppliers were strictly 
emergency backup measure for rare usage 

e Not designed at all for long-haul swapping of 
power in a competitive market 

e Transmission bottlenecks contributed to California 
blackouts this winter and price spikes in New York 
City last summer 
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Coal fired electrical power WwW 


*e*eeee@*?*e?e*eeeee @2@ee@e82 8202802802 8708308¢686 86 @ 
e Coal powers half our electricity generators. 
Enough coal for 250 years. 

Coal emissions slated for broad reductions 


Admunistration will support new technology, but 
will not threaten electricity supplies and let it 
significantly raise electricity prices 

e President Bush therefore decided not to impose 
new mandates on CO, emissions 


e If nation is to have reliable electricity over next 
20 years, coal must play a major role 
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Nuclear power plants 
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No new nuclear power 
plant permit granted 
since 1979 


e 103 existing nuclear 
power plants 


e Many not expected to 
even file for license 
renewal as licenses 
expire over the next 
15 years 
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Hydroelectric power generation 
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® Expected to fall sharply 


® Re-licensing can take a 
decade and cost millions 


® Some activists and 
political leaders want to 
breach one or more of the 
four federal dams on the 
Snake River to help 
young salmon on their trek 
to the sea 
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Dangers of complacency 
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Dangers of complacency Xb 


eeeeeoeeeeeeeeeeeeeeaeeeeeen: 
® Last three recessions tied to msing energy prices 
® Latest crisis already causing negative effects 
® Soaring fuel costs: extra $115 billion between 
1999 and 2000; 1% off Gross Domestic Product 
e In two weeks in January 2001: 
a Californians lost $2.3 billion in wages, sales, etc. 


a Layoffs hitting in West as manufacturers shift to 
states with more reliable energy sources 


# Intel will not build $2 billion plants in California to 
expand there. 


wa Farmers’ incomes to drop 20% in next two years 
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Dangers of complacency (2) S. 


eeeeeeeeeeeeeeeeeeeeeeee 
e Some homeowner gas bills in Washington 
D.C. more than tripled this year 
e Heating bills of some residents exceeded 
their food bills during the winter 
ee cass d 
® California power outages shut down traffic fn> 
lights, closed businesses, darkened schools 
e Police patrols were used to insure compliance 
e Electricity shortages predicted for New York City and 
Long Island this summer 
e Strained refinery capacity in the Midwest ey 
e Low capacity threatens electricity reliability in 
Midwest, Southeast, and Northern Plain states - 
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Need for national energy policy 
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e Rising demand, tightening supplies, aging power 
infrastructure, decade of neglect 

® President created Energy Task Force, headed by 
VP Cheney, to determine strategy 


= Environmental responsible exploration and 
recovery 


= Conservation and energy efficiency 


= Encourage investment in new technology for 
renewable energy sources 


® Debate 1s still deeply polarized 
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Extremes of the energy positions 
eeeeeeeeeeeen ees eeeeeeveee: 
® Some activists: 
a Zero tolerance to 
exploration 
a New, undiscovered sources 
will somehow provide for 
us 


e Some advocates: 


a Limitless faith in special 
tax breaks for a favored 
activity or subsidies for a 
preferred industry 
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SIX prominent myths, 
none of which is true 


eeoeoeeaeoeoeoe eee eeoee eee? 

1. It is impossible to balance energy 
exploration and environmental protection 

2. There is amassive energy industry conspiracy, 
limiting supply to drive up prices 

3. The Bush energy plan is focused almost 
exclusively on opening the Arctic National 
Wildlife Refuge (ANWR) to exploration 

4. Government subsidies and tax breaks are the best way to 
encourage new exploration and energy production 

5. Can forego traditional sources and meet demand by wind, 
geothermal, solar, and other forms of renewable power 

6. Price controls are the answer to the energy crisis 





e*¢@¢ @ | 
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Can we balance exploration and 
environmental protection? 
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e Today, satellites and computers are 
tools of choice for exploration. 


e Acoustic and electrical vibrations 
off the earth's depths provides 


maps of resource fields 


® With advanced equipment, drill vertically, 
horizontally, or around comers up to 6 miles 


e Fewer ngs, fewer roads, fewer pipelines 
® 65 acre drilling in 1970s needs only 10 now 
® Success rates have increased 50 percent 
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Is there a price gouge conspiracy? 


Is there a price gouge conspiracy? 


**eeeeeeee eee eee eee ee Oe 8 &¢ e @ @ : 


e Calls to investigate gasoline price spikes a 
® Allegations that power generators in the 
West have been withholding electricity a 


® Investigation and action is taken where merited 
w FERC ordered power companies to rebate $124 million to 
California utilities 
w FTC cleared gasoline suppliers relating to last summer's 
price increases 
e There is no hidden energy pool that can be turned on and 
off like a faucet 
® Must solve power crises by resolving conflict between 
demand and supply 
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Is there a price gouge conspiracy? (2) 
*@e#eee@e#e¢8e¢68e08e8ee8e @¢e e028 8@ ee 6 6 @ e*¢2¢ @ : 
e Early this year (2001) one company proposed to 
build a $400 million power plant in California 
w Additional electricity for 600,000 homes 
w Plant 800 trees to beautify the area 


ew Cloak facility in a brick facade to resemble a high-rent 
office complex 


® Help maintain habitat for an endangered butterfly 
e Project supported by Sierra Club, American Lung 
Association and NAACP. 
® City officials unanimously (11 to 0) rejected it 
e Local paper called this move "Dumb and Dumber". 
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Is there a price gouge conspiracy? (3) 

*@e@eeee@e@*ee8seeee eee eee eee ee 6 @ 
® Plans to build a 550 megawatt gas-fired generator in a 

Los Angeles suburb were scrapped 
® Residents voted 2:1 against the project 
Local mayor launched a hunger strike in opposition to it. 
® In California: 
= Workers are being laid off 


v 


= Companies are leaving the state 
= Consumers threatened with rolling blackouts 
= Local officials reject power plants with little regard 
e Is it really any mystery why there hasn't been a single 
new power plant built in California in the last decade? 
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Arctic National Wildlife Refuge Exploration 
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e Myth: Would buy only about 6 months worth of 
consumption while destroying pristine 
wilderness and disrupting the caribou 
e Fact: The ANWR holds from 5.7 to 16 billion 
barrels of recoverable reserves (mean is 10.4) 
= More than 300 times the oil Clinton released 
a Frees us from equivalent of 54 years of imports 
from Saddam Hussein and Iraq 
= Exploration involves only some 2,000 of more than 


19 million acres -- like half the Dulles airport 
compared to the entire state of South Carolina 
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Arctic National Wildlife oe 
Refuge Exploration (2) 


e*@*e*eeeeeee eee eee te ee eee & &¢e @ @ : 


e The caribou herd in the Prudhoe Bay area 
grew more than 9-fold over the last 20 years (to 
28,000 in 2000) 


e Proves that caribou mating and oil exploration 
can peacefully co-exist 


e Exploration should be considered on merits 


e Opening ANWR will help, but does not allow 
full energy dependence 
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Our 1 increasing oil imports 


*e¢eee?8¢e8e886 8086 *eeeeeeeeeese eee @ i 
e U.S. became a net importer of oil in 1950s 


e Closing off all new domestic 
sources enhances leverage 
and power of oil cartels 

e These cannot relied on to put 
American interests first 

e Development of domestic resources such as 


ANWR will help increase energy security 
by ensuring a more diverse supply of oil 
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Government subsidies and tax bre 


rea 
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ad e¢*¢ @ |: 


e Administration will continue to support funding 
for energy research and development initiatives. 


e Capital is best allocated through the workings of 
the free markets, not manipulating the tax code 


e Goverment regulatory policy should not aim at 
picking winners and losers 


e Neither should tax policy 
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Renewable energy sources 
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® Excluding hydro-power, renewable 
sources generate about 2% of 
America's electricity 









® Bush administration will continue to 
invest in renewable energy sources 


e Renewables have not overcome economic 
advantages of conventional sources 


ge aS 


® Even with promising advances, renewables 
will provide only about 6% of our total 
electricity by 2020. 


® Even with most optimistic breakthroughs, 
they will supply only a fraction of our needs 
over the next 20 years. 


he erin £ 
LY a 
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Price controls 


*eeoeeeoeeooeee eee eeeee ese ee ee: 
e America imposed price controls on oil and gas 


in the 1970s; they were an utter failure 


e Led to shortages, rationing, and idea that 
America was gripped by malaise 


® Admunistration does not support price controls 
= Lead to more blackouts and gas lines 


a Will not reduce demand, but cripple incentives 
for new investments 1n energy supply 
m Will deepen America’s energy crisis 
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Charting a new national policy 
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® Comprehensive. Across every department. 
® Hemispheric. Includes the Americas. 


e Diversify the energy supply for security, with a broad mix 
of options. 


® Balanced. Combines environmental protection and energy 
exploration. 


e Recommendations to be delivered to President Bush soon. 
® Legislation will be introduced and bipartisan support. 


® Hope that men and women of good will come together and 
transcend the present stale debate. 
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Commentary 
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by Tom Bearden, Ph.D. saul, 


12 April 2001 
wy 
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Commentary: 
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Commentary: oN 
eeeeoeoe eee eee eee eee eee ee ee: 
® A reasoned and professional assessment of the present 
energy crisis situation by Secretary Abraham 
e Demonstrates administration and DOE are energetically attempting 
to get the crisis under control with conventional methods 
® Scientific advisers have no "out-of-the-box" energy knowledge; 
policy stays essentially "in-the-box" 
® Shortage of oil, get more oil 
Shortage of natural gas, get more natural gas 
Shortage of electrical power plants, build more 
Need 90 per year; build them 
Short distribution grid, build additional 
Shortage pipelines, build some more 





* Cannot "get more” in time to prevent economic disaster 
e Cannot avoid overrunning first quarter 2004 "point of no return" 
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Caution: It is stressed that ni 


eee eoeoeeeee een eee eeeeeaeeeeee: 

® Given only the conventional Lorentz-regauged electrical 
design model, COP>1.0 EM systems are impossible. That 
type of EM only designs COP<1.0 systems! 

® Given advice from scientific "experts" who know only 
COP<1.0 design, U(1) electrodynamics, and Lorentz regauged 
power system theory, the Administration is doing the best that 
can be done, all factors considered. 

® The DoE and the Administration must use whatever they have 
available to them, to try to solve the crisis. 

® Hence DoE and the Administration is not at fault. On the 
contrary, they are trying very hard to solve this escalating 
energy crisis, using the tools the scientists offer them. 


® Itisthe U.S. scientific community that is squarely to blame for 
this sad state of affairs, and for the coming economic collapse. 


COP = Coefficient of Performance 
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An example of the time problem 
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e TVA and Texaco are discussing building a eal 
gasification 1,500 megawatt power plant. 


@ Near Scottsboro, Alabama 
e Construction could begin in 2002. 
= In3-6 years, begin producing electricity. 
w If5 years, it will come on line in 2007. 
e 90 plants are required per year, beginning now. 
e 2007 is about the time that world economies are crumbling, 


conflicts are raging, and all the arsenals weapons of mass 
destruction will be unleashed. 


e 2007 is about the time civilization will be destroyed, if we 
continue on the present course. 


e With only present solution, can get perhaps 400 to 450 plants 
ready to come on line, about the time they are destroyed 
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The pending disaster 
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The pending disaster et 


e The world energy crisis will escalate steadily, forcing 
collapse of world economy circa 2008. 


e As nations’ economies crumble, conflicts soar and one or 
more nations will exchange nukes and other weapons of 
mass destruction (WMD). Security partners forced to 
enter the melee. 


e This evokes the long-dreaded WMD "spasm" response. 
ew Only way for anation to survive is to destroy its perceived 
foes before they destroy it. 


w Everybody fires everything, as fast as they can, unleashing 
all the arsenals of WMD, desperate attempt to survive. 

w Civilization and much of the biosphere is destroyed. 
Unleashing of smallpox alone will kill 2 billion. 


e The time for this Armageddon is circa 2007. 
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The bottom line: NS 
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® Self-powering and COP>1.0 electrical power systems 
must be rolling off the assembly lines en masse by first 
quarter 2004. That is the "point of no return”. 

® Otherwise, the point of no return will be overrun and no 
solution is possible, by any means, by anyone or by 
everyone. 

e Ifthat deadline is missed, the cnsis curves cannot be 
"damped" in time to prevent world economic collapse. 

® Itis still doable, but only with a massive national effort of 
the highest priority. No one recognizes that as yet. 

e Meanwhile, the scientific community is doing business as 
usual. You will have to just push most of it aside. 


® We are "fiddling while Rome prepares to explode”. 
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Here are some events etc. €3 
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® Exxon Mobil Corp. soared to the top of the 
Fortune 500. 


® Oil, gas, and power companies climbed. 


* Increased income due to 
e Falling supplies so price increases 
ew Utility deregulation. CA stupidly capped 
end prices, and freed middle prices. 
Dunce cap award for that one! 


= Soaring natural gas prices. 
# OPEC maneuvering to keep oil prices high 

® Pacific Gas & Electric declared bankruptcy; 
another CA power company on the ropes. 
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Lowered energy requirements 
for appliances 
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e Approved in last days of Clinton administration 

e Washing machines must use 35% less energy, 
beginning 1n 2007 

® Water heaters must use 5%-9% less energy, 
beginning in 2004 

® Adds about $240 to price of washing machine 


e Lower energy costs over time will offset initial 
increased cost 


e Approved by Bush administration in April 2001 
after review 
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Easing air conditioner and heat 
pump standards 


**e*eeeeeee eee ee ee eee ee ee & @ | 


Bush administration eased Clinton's new efficiency 
standards 
w Still require air conditioners and heat pumps to use 20% less 

energy than most current models, beginning in 2006 

© Clinton standard was 30% less 

e All central home air conditioning units must meet 
minimum seasonal efficiency ratio (SEER) of 12, 
compared to present 10 

e Replaces Clinton SEER standard of 12 


e In California, easing these standards requires two more 
power plants 
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Navarro's Estimate* 
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Navarro's Estimate* 
eeoeeeeeeeoeoeoeoeeoeoeee 
Peter Navarro, economist at UC 
Irvine, 


in conjunction with Utility Consumers's Action Network 





*Jennifer Coleman, “Power costs could be triple last 
year's for Californians," AP release, 22 Apr. 2001 
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Factors driving comparisons 
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® Last summer, soaring costs drove three utilities to brink 
of financial ruin 


« This summer costs may rise by as much as three-fold 
* Factors at play: 


= Drought-induced reduction of hydroelectric power supplies 
in Pacific Northwest 


= Predicted hotter-than-average summer 
= Competition from other states 


® State buys about 1/3 of its power from spot market 
® Spot market likely to see substantial increases 
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Prices likely per kilowatt-hour 
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e Last summer, peak average high price was 8&6 
cents per KWHR 

® This summer expected to hit $1 to $2 per KWHR 

® Consumer rates capped at about 10 cents per 
KWHR 

e The growing gap will have to be filled by state 
funds, which themselves are dwindling 

® Eventually the California taxpayers have to pay 
the difference, which is from 10 to 20 times what 
they are paying now for capped power 
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Covering debt already incurred 
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e Since January, California has authorized $5.7 billion to 
buy power for customers of Pacific Gas and Electric Co. 
and Southern California Edison 
e The two utilities’ credit was cut off due to 
® Soaring wholesale costs 
@ Cap on consumer rates 
we Went nearly $14 Billion in debt 
San Diego Gas and Electric Co. incurred debts but is in 
better shape 
® State will be repaid by $10 Billion in bonds 
we Expected to be issued in May 
w Expected to last till September but will not 
e PG&E and Edison Customers will pay off the bonds 
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Deteriorating situation, rising prices 
eeeeeeeeeo eee eevee eee eee ee ee: 
e Prices rising 
w Will rise even more as demand increases 
w Demand will rise by about 50 percent during the summer 
e California's own generation resources cannot meet 
projected peak demands and reserve requirements 
w May fall by 3,500 megawatts short (peaks) 
® Enough power for 2.6 million households 
Power grid manager must depend on imports 
w Northwest drought makes extra power scarce to find 


e Northwest utilities themselves may have to import, not supply 
extra 
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Other Factors 
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Credit, payback, scarcities 
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Le] [>| 


Paying the piper: 
California's bond rating reduced 


eeeeeeee eo eee eevee eee eee ee ee: 
e Standard & Poor dropped California's bond rating two 
notches, from AA to At 
® Financial drain from continuing energy crisis 
e Mounting uncertainty in costs to state of current electrical 
power crisis 
w Likely long term detrimental effect on state's economy 
@ State's ability to pay its debt has reduced 
e Rating not reduced further because of 
w State's diverse economy 
w Proposed revenue bonds to reimburse state treasury 
Can reduce further if California does not make $10 
Billion bond issue and pay off its energy-related debts 
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Associated Press: Gasoline supplies are critical 
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Associated Press: 
Gasoline supplies are critical 


eee eeoeaeaeeoe ee eee eeeee ee ee es: 
® Supplies tightest for mid- "April since U.S. government record-keeping 
began in 1963 
* There is a shortage of reformulated gasoline that produces less smog and is 
required during summer 
= MTBE additive made from methanol, adenvative of natural gas 
= Natural gas prices quadrupled Dec-Jan; MTBE reduced by 1/3 
= California uses more MTBE-treated gasoline than any other state 
= Gas-ouzzling SUV sales boomedin 1999 and 2000 
® Any kind of refinery snag will be amplified 
® Last winter, major refiners had to focus on filling heating oil shortage 
instead of replenishing gasoline supplies for summer 
« Now many forced out of service to take care of maintenance that was put 
off to deal with the heating oil crisis 
® Environmental restrictions make it difficult to build refineries; 
none constructed in the U.S. for more than 20 years 
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A peculiar problem 
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A peculiar problem 
**e*eee?e*eeeeeeeee eee eee eee 6 
e E.g., Magnetic Energy Ltd. has a working laboratory 
experiment COP>1.0 device (a motionless 
electromagnetic generator - MEG). 
® Solved basic EM system COP>1.0 theory. 


e Two years more R&D necessary to finish, do production 
engineering and scale up for production. 
® Immediate capital needed: $20 million. 
e Negotiations with large capital firms: 
w Most have substantial capital committed to normal power 
community, long term. 
@ MEL success thus costs them dearly in unrecovered funds. 


w They shoot themselves in the foot if they fund the MEG, since 
this is a "very disruptive” technology. 
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MEG uses the Aharonov-Bohm effect to extract free energy from the vacuum (1) 


Le] [>| 


MEG uses the Aharonov-Bohm effect to 
extract free energy from the vacuum (1) 


e@eeeea eee eee eee e eee eee ee ee: 

® The Aharonov-Bohm effect (ABE) isin over 2,000 published 
physics papers in the hard literature. 

* Hundreds of experiments prove it. Physicists themselves would not 
believe it for 25 years after it was advanced and proven. Now itis 
universally accepted. 


« Free evocation of ABE never appeared for use in power systems, 
without paying energy to evoke it, until we used ABE in the MEG 
and freely evoked it. 

« If the magnetic field B of a source is locally confined in a closed 
path (as in a toroid), the outside local spacetime (ST) where the 
B-field was withdrawn is still curved. Curved ST is energetic. The 
3-space energy has been transformed into curl-free magnetic vector 
potential A. But one pays for that A around a toroid, since one has 
to "feed" the toroid. 
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MEG uses the Aharonov-Bohm effect to extract free energy from the vacuum (2) 
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MEG uses the Aharonov-Bohm effect to 
extract free energy from the vacuum (2) 


**eeee@*n?steeeeeeeeee eee eee eee 6 

e We uncovered a transformer core material that will freely 
do that B-localization of the B-flux of a permanent 
magnet, extracting all the B-flux into a closed 
transformer-like core path. 

e The uncurled A-potential forms outside the core path as 
a freely flowing river of energy. 

® We pay nothing at all to get the A-energy flow going, or 
to sustain it. That's for free. 

e The vacuum energy exchange and locally curved ST 
sustain that energy flow indefinitely, due to the 
permanent magnet dipole'’s broken 3-symmetry. 
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MEG uses the Aharonov-Bohm effect to extract free energy from the vacuum (3) 
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MEG uses the Aharonov-Bohm effect to 
extract free energy from the vacuum (3) 


*e*e*eeee?steeeseeeeeee ec eee eee eee 6: 

e We then hang "collecting antenna circuits” in that free 
river of energy flow in A-space outside the core. 

We pulse-perturb the river a /itt/e, with very sharp-edged 
pulses of low energy. Huge E-fields (1.e., dA/dt) are 
formed and strike the antenna circuits. 

e From the large AC E-fields, we can intercept and collect 
large AC energy. The energy is dissipated in loads in the 
external separate collecting circuits, with no back emf 
into the primary circuit. 

Only small average input energy is required. We pay 
only to switch or gate the large energy flow. 
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MEG uses the Aharonov-Bohm effect to extract free energy from the vacuum (4) 
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MEG uses the Aharonov-Bohm effect to 

extract free energy from the vacuum (4) 

*@eeee@e@e?@ene eee eee eee ee ee ee 6 6: 

e By analogy, imagine an old triode vacuum tube. 

® Suppose we trick nature into giving us the cathode and 
electron energy flow, for free, really pouring energy out 
of there continuously. 

e Then we only have to put in a grid to switch it, a plate to 
intercept and catch it, and a plate circuit to dissipate it in 
a load. 

Inthe MEG, the permanent magnet and the special core 
provide the cathode and free flow. 

We provide the "gnd" gating, plate "catching," and "plate 
circuits” with loads that are powered. 
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MEG uses the Aharonov-Bohm effect to extract free energy from the vacuum (5) 
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MEG uses the Aharonov-Bohm effect to 
extract free energy from the vacuum (5) 


*e*eeee@*n?seeeeee ee ee eee eee eee 6 i 

e The MEG becomes a free transmitter with multiple 
receivers system, not atransformer but a triode. 

e The transmitted energy is absolutely free, taken right 
from curved ST. We only have to "perturb" or shake the 
flow atiny bit, in sharp little shocks without much 
energy. The broken 3-symmetry of the magnetic dipole, 
in the fierce vacuum exchange, furnishes the energy in 
the large E-fields by dA/dt. 

e The COP that can be achieved by the MEG is limited 
only by the A-space available outside the core for 
collection, and the number of surface charges in those 
external circuits powering, the loads. 
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Negentropic Engineering 


Negentropic Engineering 


eeeoeeeeeoeeeeeeeeeee ee eee: 
® Can easily produce continuous giant EM energy flows 
from the vacuum: anywhere, anytime, for peanuts 
® Once flow initiated, no further input required 
® Focuses on real energy problem: intercepting the pouring 
energy and dissipating it in loads 
® Dramatic implications: 
@ Reduces hydrocarbon combustion; meet Kyoto accords 
w Obsoletes nuclear power, reduces nuclear wastes 
w Reduces biospheric pollution 
@ Reduces biological effects of pollution 


® One drills the vacuum for energy, much easier than 
drilling the ground for oil and natural gas 
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Rigorous "out-of-the-box" work 
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Rigorous "out-of-the-box" work 
*@e@eeseeedee@e@eeteteeeeseeeee ee 6 6 

e Evans, Anastasovski, Bearden et al. (15 authors), Alpha Foundation's 
Institute for Advanced Study: 


"Explanation of the Motionless Electromagnetic Generator with O(3) 
Electrodynamics," Found. Pays. Lett. 14(1), Feb. 2001, p. 87-94, 
"Explanation of the Motionless Electromagnetic Generator with the Sachs 
Theory of Electrodynamics", Found. Phys. Lett. 14(8), Aug. 2001 (in press). 
"Energy from the Vacuum," in referee process, 

"O(3) Electrodynamics from the Irreducible Representations of the Einstein 
Group,” in referee process, 

"Electromagnetic Energy from Curved Spacetime,” in referee process.. 

"The Effect of Vacuum Energy on the Atomic Spectra." Found. Phys. Lett., 
13(3}, June 2000, p. 289-296. 

"Operator Derivation of the Gauge Invariant Proca and Lehnert Equations: 
Elimination of the Lorentz Condition,” Found. Phys., 30(7), 2000, p. 
1123-1130. 

"Runaway Solutions of the Lehnert Equations: The Possibility of Extracting 
Energy from the Vacuum,” Cotit 111(9) 2000, p. 407-409, 

"Classical Electrodynamics Without the Lorentz Condition: Extracting Energy 
from the Vacuum,” Physica Scripta, 61(5), May 2000, p. 513-517. 
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Rigorous "out-of-the-box" work (2): (Bedini "negative resistor" in a battery)* 
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Rigorous "out-of-the-box" work (2): 
(Bedini “negative resistor" in a battery)* 


eee eoeoeeeee een eee e ee eee eeeee: 
e A battery-powered circuit is not a single closed current loop; 


but has two largely separate current half-loops: 
e Internal ion current between plates. 
e External electron current from outside of one plate, through 
external circuit and load, to other plate. 
e M/qratios very different: Ion current more than 200,000 times 
heavier per coulomb than electron current. 
e Can dephase the two currents, overpotentialize both. 
e Battery can thus be hyper-recharged while external circuit 
simultaneously powered. 
® Bedini has been building successful little prototypes for more 
than 20 years. Could dramatically improve electric 
automobiles. 


* T.E. Bearden, “Bedini's Method for Forming Negative Resistors in Batteries," 
Journal of New Energy, 5(1), Summer 2000, p. 24-38. 


http: /Avww. cheniere orgtechpapers/Bedinipat 
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Initiating a Battery to COP>1.0 
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Initiating a Battery to COP>1.0 


eee eoeoeoeeaeoeeean eee e ee eee ee eeee: 
e A Battery is highly nonlinear with multiple currents 


e Electron current largely bound between outside of plates and 
external circuit including through load 


® Ion current confined between plates, through separators 

= Mass-to-charge ratios of the two currents are vastly different 
# Can dephase currents by 180° 

m ion current in charging mode 

® electron current in circuit-powering mode, powering circuit 
# Done by forming negative resistor 


w Sharp, higher potential at insulator 
interface on plate surface 


® Bidirectional overpotentialization 
e Energy extracted from active vacuum 
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Secretary alone cannot solve it 
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Secretary alone cannot solve it 


*@eeee@#@e@e@?stseeeeee eee ee ee ee 6 @ i 
e Scientific community, universities, national labs, NSF, 
NAS, power companies doing business as usual 
@ Noreally out-of-the-box energy research 


® Do not realize all electrical systems and power lines are 
powered by energy extracted from the vacuum 


a Not correcting flawed electrodynamics, uninterested 
e Not funding any vacuum energy extraction projects 


e New policy cannot quickly eliminate the long delay 
time till new electrical power plants come on line 
= Need 60 to 90 powerplants per year; first one can be 
operational only after several years even with crash program 
e Skyrocketing energy, trucking and other transport costs 
will drive the nation into financial disaster during that delay 


e Only doable solution: vacuum-energy systems 





Published by Lotus® Freelance Graphics® 





http://www.cheniere.org/briefings/energysec/energysec-v4-56.htm24. 11.2003 18:49:20 


What is desperately needed 
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What is desperately needed 


e*@*e*eeeeeee eee ee ee eee ee &¢e @ @ | 
e Separate "Manhattan Project” on energy from 

the vacuum systems, reporting to Secretary 

= Operate under Presidential Decision Document 


w Staffed with carefully selected scientists and 
engineers 


= Top priority funding 
# Round-the-clock research 


e Support from selected personnel in national 
labs, universities, research corporations 


® Start with known COP>1.0 systems; factual 
information can be provided 
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Why it can be done in time 
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Why it can be done in time es 
**e*eee@*n?e*eeeeeeeee eee eee eee 6 
e Already have elements of necessary theory of 
Maxwellian disequilibrium COP>1.0 systems; funding 
will finish it rapidly 
® Several legitimate COP>1.0 systems exist, can be 
quickly developed and scaled up 
e Two years or less after start, a range of self-powering 
systems can be rolling offthe assembly lines en masse 
e A great breakthrough in close-looping principles for 
self-powering technology has been accomplished 
a Deeply proprietary, can be released 
a Using breakthrough, parallel program can develop 
self-powering of many present power systems 
@ Will not be discussed without the program 
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Cautions! 
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Cautions! 


*e*eeeee?steeeeeeeeee ee eee ee eee 6 

® In the so-called "free energy field", many 
charlatans, much disinformation, some honest 
mistakes, some real systems and information 


e Absolutely must separate wheat from chaff 


e Working laboratory proof-of-principle devices do 
exist; groups need funds for development 


e Inventors with such systems usually do not 
comprehend the actual mechanism used 


e U.S. is 100 years behind in applying necessary 
corrections to electrodynamics; but some 
courageous scientists have begun 
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The scientists have failed us 
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The scientists have failed us 


ad *@*ee@ @@#@028@088808088080886880868 ¢ 6 @ @ | 
” Secreiny | bahet. it is the U.S. scientific community which has 


failed us, and whichis responsible for this unnecessary crisis. 





® No textbook presently even correctly states what actually powers a 
power line. The basis has been in particle physics for a half-century. 


* Before arbitrary regauging by Lorentz in the 1880s, the 
Max well-Heaviside theory does prescribe electrical power systems far 
from equilibrium in their fierce vacuum exchange, including systems 
which power themselves and their load, extracting the energy from 
their broken symmetry in their active vacuum energy exchange. 

« Every power system already wastes a trillion times more energy than is 
placed on the power line; scientists and engineers do not even know it. 

* Heaviside published the basis for thatin the 1880s and 1890s; 
Poynting never even knew it. Lorentz knew it, couldn't explain the 
source, stated "no physical significance” and discarded it. 

® This discarded "Heaviside energy" is what is generating the extra 
gravity in spiral galaxies, and holding their arms together. Scientists 
arbitrarily discarded it in the 1880s; have forgotten it today. 
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136-yr-old EM Modell 
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The scientific community enforces 
a I37-year-old flawed EM model 


°* ¢ *@*ee@eeoeee@eeseeesese eee ee eee @ : 





® Equations still assume material ether. 
® Thoroughly confuse cause and effect. 


® "Fields" as defined in electrical engineering 
do not exist outside matter (Feynman, Wheeler) 
e Arbitrarily discards vacuum energy exchange and usage. 
@ Proven for nearly 50 years in particle physics 
w Dipole exchange particularly significant because dipole's negentropy 
extracts ali EM energy -- used in the system -- from the vacuum. 
Every system already powered by the vacuum anyway. 
e Arbitrarily discards about 10 trillion times as much 
EM energy present around a circuit as the circuit intercepts. 
® Scientific community pummels most scientists who try to change 
model or develop systems far from equilibrium in their known 
violent energy exchange with the active vacuum. 


® Same flaned power system schema for more than a century. 
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All EM from Time Domain1 


[lL] 


All EM 3-space energy freely 
comes from the time domain* 


eee e@eeeeee eee ee ee eee ee &¢e @ @ : 


*T.E. Bearden, "Giant Negentropy of the Common Dipole," Whittaker, Math. Ann., 57, 333 (1903) 
shows this rigorously. 


Journal of New Energy, 5(1), Summer 2000, p. 11-23. _ atl 
http: sw. cheniere.org/techpapers/G iantNegentropy .paf wir tl ella well-known 
(Time) Longitudinal EM waves incoming 


=<<0e from time domain and absorbed 


Longitudinal EM 
waves emitted in 
all directions in 
3-space 


\ 


Space 


_pours out 
in all directions 





Note: Whittaker (and others) interp reted the phase conjugate half set of LWs 
after interaction with the charges of the dipole; and as an effect rather than 
the cause. This fundamental non sequitur has just been repeated since then. 


Thus they missed the solution of the source charge and source dipole. 
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Astonishing but true 


Le] [>| 


Astonishing but true 


*e*e*eee*e?steeeeeeseeeee ee ee ee eee 6 

® All the hydrocarbons burned, nuclear fuel rods consumed, 
dams and windmills built, fuel cells consumed, and 
batteries installed do not add a single direct watt to the 
power line. Never have, never will. 

e All that does is continually restore the generator source 
dipole, which our systems are designed to continually 
destroy faster than they power their loads. 


e The dipole extracts energy from the vacuum, and pours it 
out to fill all space around the power lines. The power 
lines intercept and use only about 10exp(-13) ofit. 


® Nobody tries to catch any of the rest of it. There is no 
ordinary source of that energy flow, which is enormously 
greater than the energy put into the shaft of the generator. 
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With plentiful, cheap, clean electrical energy: 


With plentiful, cheap, clean i) 
electrical energy: 


*@#eee*?*eee?esesee eee eee eee ee ee el 
e Even poorest nations get onto the fast track 
# Rapid development of infrastructure 


a Concentrate on clean water, medical treatment, 
education, plentiful food 


# Rise of industries and creation of jobs 

® Gradual but permanent shift in electric power 
= Accent decentralized systems 
a Dramatically reduce vulnerability of power grids 
w Practical, agile electric cars, trucks, trains 

® Releases the iron grip of energy barons 
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Recommendations to DOE 
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Recommendations to DOE 
*@ee?e8e@?e¢e8efeeee ee ee eee 6 8 S e*@¢ @ | 
® "Out-of-the-box” prototypes do exist, theory developed. 
a 
3 


Crash Manhattan project; Presidential Decision Directive. 


Intense program with highly selected scientists to correct 
EM flaws and extend EM theory to higher symmetries. 


® Obtain compensated release of breakthrough close-looping 
process to initiate many normal power systems into 
self-powering systems, and rapidly develop and apply. 
No discussion without program and NDA. 


® Protect patent rights of o/u inventors. Suspend national 
labs, universities, other research labs from "cluster 
patenting” in the area. They sign nondisclosure, 
non-compete, eliminate "march in” theft clauses. 


e President order release of known overunity systems 
captured from inventors and in deep black community. 
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In conclusion: 


[+] 


In conclusion: y 

eee eeeeaeeoe ee eeeeeeeaeee ee esd: 

® Secretary Abraham, the threat of weapons of mass destruction attacks 
and giant destruction is not overestimated. It's really worse. 


e Large Russian nuclear weapons, e.g., are already in U.S. cities, with 
on-site Spetznaz teams to explode them. See Lunev's book. 

e Professional teams with anthrax, smallpox, etc. already in place, 
waiting. Unleashing smallpox alone will kill 2 billion worldwide. 

® In the WMD strategic attack, the delivery to the target stage is 
already accomplished. 

® 25 nations -- many hostile to the U.S. -- now have nukes, biological 
warfare agents, etc. 


® The earth is in fact a giant powder keg, waiting to explode at the 
touch of a match. Unless solved at enormous speed, the energy crisis 
will certainly strike that match about 2007. 


« Only one thing -- energy from the vacuum -- can do it. Neither the 
DoE nor the U.S. scientific community are working on that. 
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The "Porthole" Concept 
with technical background 


@eo@eoeoeoe@e@ecgce@eetc@e~sgeegeoeees 8 
Amplifying the cellular regenerative 
(healing) system of the body for 
treatment and healing 

of mass casualties oi ie a 








Outline of the presentation 


© Mechanism for deep EM exchange of a body 
with its active EM environment 


Becker's epochal work and its ramifications 
Kaznacheyev's startling results and ramifications 
Weaponization of Kaznacheyev's findings 


Importance of time-energy and the time-domain 


Mechanisms for medical treatment and healing 


Outline of the presentation (2) 


eee eoeeoeeeseeeeeeseeeensneeeeeoee 8 @ @ 
© Prioré's revolutionary results and their 
ramifications. 

Proposed new mechanism for cancer promotion. 
Porthole concept: The 2-minute shortcut. 
Terrorist biological warfare capabilities. 
Summary and conclusion. 





Budgetary and Program package. 





Mechanism for the body's 
deep EM exchange with its 
active EVI environment 


@eo@eoeoeoeed@gcee@gce~edeoeI@eteoedesd* 
And some ramifications 2.) ) 4. 
aa a 





The body continually receives 
and retransmits KIM energy 








© The body may be considered ae oe 
as a dielectric. woN Ay pi U* 
® Every part of the “5 i a 
dielectric participates Pe — 
in the absorption and is, Sassen 
emission of each ~~. {BS  — ise 
photon to and from any point 
on the surface.* <a I SAN ‘in: 
® Mechanical force effects = = ~~ - ~~ 
are also electrical in nature wo. 
and exchange similarly. er = 


* Reali, G. C., "Reflection from dielectric materials," 
American Journal of Physics, 50(12), Dec. 1982, p. 1133-1136. ra — 
The reflected field from a dielectric material is not generated a | | A \ . ~& 
just at its surface but comes from everywhere in the interior of it. f y . 











Ramifications: 





© There is an EM "dielectric transmission path" connecting every 
part of every cell to every part of the surface of the body. 


© All electrical processes in the body, including deep 
within the cell and its nucleus, participate in the absorption and 
emission of every photon to and from the body's outer surface (and 
every mechanical force* experience). 


© The EM emission energy of the body is a conglomerate mix of 
fractions of all processes and functions ongoing in the body or 
affecting it, including in every cell. 


© This includes all electromagnetic, mechanical, chemical, and 
environmental effects upon and in the body and every tiniest part 
of it, and provides an extended definition of "stress". 


* At base, all normal mechanical forces are generated by 
electromagnetic forces. 








Ramifications (2) 


eee eoeeoeoeeseeaeeeseeeeeeeeeg dee 8 @ @ 
The reaction of each photon absorbed on any point of the outer surface of 
the body, connects through the dielectric transmission path to every part of 
the body, including to every part of every cell*. 


Every emission from the body is participated in by every part of the 
body, including every part of every cell. 


The body's emission "changes" its environment, adding EM radiation. 
Some of the internal induced changes (excited states) in the body decay 
by this external emission. Some do not, but must be otherwise dealt 
with internally by the body systems. 


The body's EM absorption allows the environment to change or affect 
every function, operation, and part of the body, by adding EM radiation. 
All are continually being affected and deviated, both helpfully and 
harmfully, by these deeply induced EM interactions. 


The body's reaction (healing) must continually readjust and correct 
deviations from normalcy, in every part of every cell. 


* In quantum physics, part of the photon is localized and part is nonlocalized, 
reaching even across the universe. 








Ramifications (3) 


® The sum total of all the impinging external EM radiation upon the 
body, plus mechanical "special EM" radiation, thus affects and 
changes the body and all its processes, participating in them. 


© That impinging EM radiation can be manipulated to either harm or 
heal the body and any or all of its cells. 


© The body must continually overcome these externally-induced EM 
changes in its cells and processes, to maintain normalcy. Some EM 
changes are restored by the subsequent dielectric emission process, 
relieving the previously-induced deviant EM excitations in its internal 
processes. Some are not. 


© The poorly studied cellular regenerative system performs the 
remainder of the restorative function, which 1s the fundamental 
"healing" function of the body.* 


*The cellular regenerative system was mostly studied by Becker and a few others. 
See R. O.Becker, and David G. Murray, "The electrical control system regulating 
fracture healing in amphibians," Clinical Orthopaedics and Related Research, No. 73, 
Nov.-Dec. 1970, p. 169-198. 





Becker's epochal work 
@eo@eo eo eoeo@eed0edesee@ee1e@egd@ege@egeesd ®@ 
And its ramifications 





Becker's bone fracture healing 


RED BLOOD CELL 
DEDIFFERENTIATES 
Shucks hemoglobin coat 

Grows nucleus 


NEW CELL 
REDIFFERENTIATES 


Turns into nee of cell that 


makes cartilage 
NEW CELL 
REDIFFERENTIATES 


Turns into type of cell that 
makes bone 
Deposits in fracture site, 


e Tiny DC currents (picoamperes) 











e Pulsed DC current can be utilized 
e Pulsed magnetic fields may be utilized 


















ELECTRODE 


healing the fracture 


a 
FRACTURE SITE 


Becker's theoretical DC control system 
involved with response to injury 
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INPUT STIMULATION CENTRAL 
DC SYSTEM (PAIN) DC SYSTEM 
OUTPUT 
DC SYSTEM 


TOTAL 







GROWTH 
DIFFERENTIATION 





CURRENT OF 
MITOSIS INJURY 
DEDIFFERENTIATION DC SYSTEM 


*Robert O. Becker, "The significance of bioelectrical 
get a Bioelectrochemistry and Bioenergetics, Vol. 
3 3 p. . 


Becker's proposed control 
system governing regeneration* 


Trauma Producing 
Tissue Loss 


Local cellular effect Local nerve effect 











CNS effect Alterations in hormone 


pattern (prolactin) 


Alterations in local 
DC field pattern 


‘Local electical 
| effects ia 


Local and systemic 
pools of target cells 


Dedifferentiation into 
primitive mesenchymal cells 


Phase | Blastema formation 





Phase Il 


Redifferentiation into *Becker & Spadaro, "Electrical stimulation of partial limb 

required cell types regeneration in mammals," Bull. N. Y. Acad. Med., 48(4), 
May 1972, p. 629. 

Restoration of body 

part or tissue 





Extending Becker's work 
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© Becker had only the archaic classical electrodynamics 
available to him. That EM is grossly inadequate. 
= Insufficient group symmetry to model the process. 
= Already eliminates the "infolded" longitudinal wave EM 
that structurally and dynamically comprises all "normal" 
EM potentials, fields, and waves. 
= It is this internal LW EM that is manipulated and used by 
the cellular regenerative system. 
© Nonlinear phase conjugate optics was not yet developed 
when Becker did his seminal work. 


® Successful higher symmetry electrodynamics models -- 
such as O(3) -- have been developed and are available. 





A sad commentary 


Becker was nominated for the Nobel Prize, but he was hounded, his funds 
were withdrawn, and he was forced to retire early. 


His main "sin" was having the courage to testify against the harmful effects 
of unrestricted powerline radiation and electronic smog. 


Powerful interests then crushed him, set up their own well-funded institutes, 
and hired scientists who then predictably found that powerline radiation was 
no problem. 


Such research is so tainted that recently several important journals have now 
required the authors of submitted papers to state what their affiliated 
companies do, and what "company massaging" of their research occurred. 


From a higher symmetry EM view, it is obvious that the dielectric pathway 
and quantum electrodynamics already show a significant problem due to such 
radiation, particularly with respect to long-term effects. 


This is particularly significant since "noise" -- the mere presence of more 
"hash" -- appreciably amplifies the dielectric transmission effect. So the 
major factor becomes EM smog signals density, not signal power. 


Kaznacheyey's startling 
results 


@o@eo@eqe@qe@e@dmWeW@eecmlmceewlceadl eg eg eg été 8 8 
And its ramifications 





Proof that the cellular condition 
is radiated from groups of cells 
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© It follows that a diseased, damaged, or infected cell culture 
will and does emit its exact internal EM condition, hence the 
disease or damage "generatrix form" itself (in the internal 
structuring of the EM radiations). 


© Further, these "state" emissions can couple into other targeted 
cells to produce disease and disorder in them. 


© This was clearly proven in some 15,000 Russian experiments 
by Kaznacheyev. 


® Kaznacheyev demonstrated induction of cellular disease and 
disorder between EM-coupled but otherwise environmentally 
shielded cell cultures 


© Similar experiments have been replicated in the West by Reid 
et al., and by Popp et al. 


Kaznacheyevy's induction of 
cellular disease and disorder 


GRAVITON 
LATTICE 
TEMPLATES 











ENVIRONMENTAL 
SHIELDING 


CELL 
CULTURE 


SAMPLE 
#1 
CELL 
CULTURE 
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QUARTZ #2 
CONTAINER 


QUARTZ 
CONTAINER 


** THIN WINDOW 
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Divided bottle setup 


See oc? 
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Note: Minimum lattice is one harmonic interval: IR to UV is such a minimum G-lattice. 
Consider particularly the dielectric pathway in the emitting diseased cells and in 
the receiving targeted healthy cells. 


Another surprising feature of 
Kaznacheyev's experiments 


© The experiments do not work if the targeted cells are in 
normal light, such as sunlight*. 


© The reason is that the normal light bandwidth occupies a 
single harmonic interval between ultraviolet and infrared. 


© Hence its difference frequencies also fill such an interval. 
For a set of n frequencies, the number d of difference 
frequencies is d >> n. 


© Thus the visible light spectrum represents "jamming" of 
specific internal EM signal inputs through the dielectric 
pathway into the body, turning much of the environmental 
signals into harmless warmth. 


* It has also been shown that if bacteria are killed in the "dark" by UV, then 24 hours 
later placed in sunlight, a substantial fraction of the "dead" bacteria will revive. 


Ramifications of Kaznacheyey's 
experimental results 
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© At least one harmonic interval is necessary for the effect to be 
evidenced in the target cells. 
© Interestingly, if we assume the body dielectric to be isotropically 
nonlinear (to first order): 
= Velocities of the actual transmitted frequencies depend upon the 


particular point on the wave amplitude. 
= The transmitted frequencies overshoot, interfere, breakup, etc. The 


difference frequency does not. 
= The "difference frequency" is transmitted through the nonlinear 
dielectric medium as if it were a sine wave passing through a linear 
medium”. 
© To our knowledge, this direct and deep communication of 
electronic "hash" difference frequencies in dielectric human 
bodies has not been investigated in the West. 


* Owen Flynn, "Parametric arrays: A new concept for sonar," 
Electronic Warfare Magazine, June 1977, p. 107-112. 





Ramifications of Kaznacheyey's 
experimental results (2) 
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© A heterodyne signal -- at the difference frequency 
between an input signal and a reference signal -- can be 
enhanced by adding noise”. 


© Thus the signal of the disorder in the cellular pattern 
emitted from diseased cells, received by normal cells, can 
be amplified electronically and rather easily. 


© Powerline radiation (electronic smog) thus carries its own 
amplification mechanism. Eventually the amplification 
overcomes any squelching by sunlight, etc. 


© The Russians promptly (as early as the late 1950s) 
weaponized and tested these and similar effects. 


* Dykman, M. I. et al., "Noise-enhanced heterodyning in bistable systems," 
Physical Review E, 49(3), Mar. 1994, p. 1935-1942 


Weaponization of 
Kaznacheyev's findings 


@9@eo@eqoe@qe@qe@dmUWwmrmeme~@e@eedclceWleog eg ete eg 8 8 
And its ramifications 





"Microwave" radiation of the 
U.S. Embassy 1 in Moscow. 


Former U.S. Embassy in Moscow. 
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BACKGROUND 


e Began in latter 1950s 
e Discovered on VP Nixon's trip 
e Initially thought to be nuclear radiation 
(Discovered w/Geiger counter) 
e High level target -- U.S. Ambassador 
e Guarantees personal attention of: 
= U.S. Ambassador to USSR 
= U.S. President 
= NSA, CIA, DIA, NSC, etc. 
m Top consulting scientists 
m Leading U.S. scientific institutions 
e Two U.S. Ambassadors died, another sickened 
e Anomalous health changes in personnel, only 
in zero-field (zero pot'l gradient) areas! 
e Four U.S. Presidents requested Soviets cease 
= Cut from 18 watts/sq cm to 2 
= Then again increased 
e No one could understand what was going on 
e Aluminum screens were placed over windows 
e Moscow was declared a hazardous duty zone 


Ramifications of the microwave 
radiation of the U.S. Embassy 
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© The cellular disorder pattern in the EM radiation is 
carried by the field-free scalar potential. 

© Since the disorder pattern is a "conglomerate", it 
must be carried by an internal EM structure 
existing inside the scalar potential itself. 

© Whittaker decomposed the scalar potential into 
the appropriate internal longitudinal EM biwave 
structure in 1903*. 


* FE, T. Whittaker, "On the Partial Differential Equations of Mathematical 
Physics," Mathematische Annalen, Vol. 57, 1903, p. 333-355 


The importance of time as 


energy, and the time-domain 
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x 


Time as energy = BO 
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© In physics, the fundamental units one uses in his 
model are arbitrary. 
= A valid model can be made using only one unit. 


= It is already done in one branch of physics, using 
length as the single fundamental unit. 


© Make a model with a single unit, the joule. 
= All other entities become functions of the joule. 
= We are familiar with mass as highly compressed 
EM energy, by the factor c’. 
= Jt turns out that time is also highly compressed EM 
energy, by the factor c’. 


= lsec. = 9x 10” joules. 


How to see that "time is 
compressed spatial energy” 
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® Te: some spatial EM energy ma compress it by c* 


e Place it in 3-space, and it is mass. 


—— e Place it on the time axis, and it is time. 
Rs C) time (Seconds) 
s 
‘ A time axis 
SOME { OR 


SPATIAL 

ENERGY = 
a mass (kilograms) 

3-space 


e When time-energy is converted into mass-energy, 
a time is "decompressed" (expanded) into 3-space 
EM energy and 1 sec. = 9x 10'°joules. 


Time as EM energy in the time domain, sen 

with a density the same as mass-energy 
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© Bearden* reinterpreted (corrected) the 1903 Whittaker 
decomposition of the potential in 2000. 


© The reinterpretation is consistent with broken 
symmetry in particle physics, for which Lee and Yang 
received the Nobel Prize in 1957. 


® Itis also powerfully supported by quantum field 
theory, notably by Mandl and Shaw in 1984**. 


© Whittaker's pair is a combined time-polarized (scalar) 
EM wave and a 3-space longitudinal EM wave. 
*'T. E. "Giant Negentropy from the Common Dipole," Journal of New Energy, 5(1), 


Summer 2000, p. 11-23. 
*** A. Mandl and G. Shaw, Quantum Field Theory, Wiley, 1984, Chapter 5. 


All EM energy in 3-space freely 
comes from the time domain 





Longitudinal EM wave incomin 
icra a tata accede from time domain and absorbed 


SOURCE Charge's 720° spin 
CHARGE transforms time-energy 


.. OR into 3-space energy 
* DIPOLEZ enn foc becbstyeasnctsn=ts 
ee & Longitudinal EM 


waves emitted in 
<————— all directions in 
3-space 


Whittaker, Math. Ann., 57, 333 
in all pours Our (1903) shows this rigorously, 


: . when properly reinterpreted. 
3-spacections Dipole's broken 3-symmetry is 


well-known in particle physics 





Note: Whittaker (and others) interpreted the phase conjugate half set of LWs after 
interaction with the charges of the dipole, and as a 3-space effect rather than the 
time-domain cause. This fundamental non sequitur was just repeated since then, until 


corrected by Bearden to be consistent with broken symmetry and quantum field 
theory. 





Strong support fron 
quantum field theory 
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© Quantum field theory recognizes four photon polarizations: 
= Energy along x-, y-, Z-, or t- axis. 
= Polarized along x- and/or y-axis, the photon is a transverse 
photon. 
= Polarized along z-axis (along its line of motion in 3-space), the 
photon 1s a longitudinal photon. 
= Polarized along the time-axis, the photon 1s a time-polarized or 
scalar photon. 
© The individual longitudinal or scalar photon is not 
observable*. 
© The combination of a longitudinal photon and a scalar 
photon is observable as the instantaneous scalar potential*. 





*F. Mandl and G. Shaw, Quantum Field Theory, Wiley, 1984, Chapter 5. 


Mechanism generating the 
flow of a mass through time 
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(AE)(At) + M => (M+AM)At => M + (AE)(At) 
Flow of macroscopic time (observable photon interactions) 


Flow of microscopic time (via virtual photon interactions) 





Mechanism is engineerable 


Pumping a mass in the time-domain 
will time-reverse it back to an earlier 
State 
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© The reinterpreted biwave EM structure of the scalar 


potential means that time-reversal (phase 
conjugation by pumping in the time-domain) can be 
utilized to time-reverse a targeted cell (its 
mass-energy) in its entirety, including its genetics. 


© Becker's bone fracture experiments showed it: 
= Weak scalar potential across the fracture site. 
— LWs in 3-space and time-energy waves in time 


= Red blood cells entered, dedifferentiated by shucking 
their hemoglobin and growing a nucleus, which is 
dedifferentiation (time-reversal of the cell and its 
mass-energy back to a previous physical state). 


Principle for time-reversing 
a time-pumped mass 





© Becker's cells then redifferentiated and changed -- first to primitive cartilage 
cells, then to primitive bone cells which were deposited in the fracture, 
healing it with new bone growth. 


© This shows "time-forwarding" (redifferentiation) of the cell also. 


© Becker actually showed that the time-domain pumping of the cells (by the 
time-polarized EM waves of Whittaker's reinterpreted wavepairs comprising 
the scalar potential), and the time-pumping of their mass-energy, operated to 
continuously and steadily remove the delta between that cell's present 
condition and its former "normal" cellular physical condition in that area. 


© This is the long-sought secret of stem-cell research. 


© Phase conjugate optics had not been born at the time. Without realizing its 
full nature, Becker demonstrated the body's own internal mechanism for 
healing, and the fundamental mechanism for time-reversing a physical mass, 
whether living or inert. 


Mechanisms for use in 
medical treatment and 
healing 


And ramifications a 


eon 





Successive deep penetration 
reactions of the cellular dielectric 


© Change after change affects the cell and all of its 
parts, including from the external environment. 


© Each successive change affects primarily the 
internal "LW EM structures and dynamics" 
comprising the ordinary potentials, fields, and 
waves. 


© Thus in positive time the internal EM structurings 
produce successive "overlaid layers of change" -- 
so to speak -- in the internal EM structuring and 
dynamics of a cell in the body. These layers 
contain the "delta" from normal state. 


Successive deep penetration 
reactions of the cellular dielectric (2) 


© During time reversal, highest layer deltas are successively 
"peeled away" by the interaction of the mass-energy with the 
time-domain pumping. 

© The result is to return the cell directly back to successive 
physical states, in the case of a single disease or disorder. 


= A cancer cell is returned to a normal cell prior to its 
"promotion". 

= An HIV-infected cell would be returned to its normal 
unaffected condition, free of HIV-induced genetic change. 

= For injuries and damage, the existing "delta" in each 
successive State-layer is steadily reduced to zero. 


© This process thus can involve both cellular differentiation and 
dedifferentiation, as shown by Becker and by Prioré. 


Engines (vacuum engines, 
spacetime curvature engines) 


Following Whittaker* as reinterpreted**, all normal EM fields, 
potentials, and waves decompose into sets of longitudinal EM waves 
(LWs) and their dynamics. 

Since these LWs and their dynamics are dynamics in the local 
energy density of spacetime (ST), they constitute ST curvatures. 


© Hence they are general relativity infolded inside electrodynamics. 


By manipulating and changing these LWs, one manipulates and 
changes spacetime curvatures and their dynamics. 
The result is a unified field model where one directly controls and 


engineers a set of ST curvatures by use of higher group symmetry 
electrodynamics. 


Controlled patterns of local curvatures of ST are called "vacuum 
engines" or "spacetime curvature engines" -- or just "engines". 





* E.T. Whittaker, Math. Ann., 57, 333-355 (1903); Proc. Lond. Math. Soc., 
Series 2, 1, 1367-372 (1904). 
™ T. E. Bearden, J. New Energy, 5(1), 11-23 (2000). 





Pumping with EM time-polarized waves 
forms amplified antiengines 
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a. Pumping with transverse EM waves 
produces a time-reversed wave. 
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b. Pumping with longitudinal EM waves 
A, and A, time-reverses the mass itself. 


Time-reversal of a mass to a 
new vier State not in its past 
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Extended general relativity principle 


All levels of energy structures and all 


levels of time structures mold STRUCTURING 
ACTIVE OF ACTIVE 

Spacetime ee ae: SPACETIME —- SPACETIME 

The "pattern" is called a template tor a} inno \e ot, CURVATURES, 

vacuum engine (spacetime curvature MAS bal 


engine). 

Spatial and temporal structurings of th 
engine act upon any exposed mass at a 
levels. 

This produces a template of forces, for 
precise translations and stresses within 
the mass at all levels. The forces exist 
in both time and 3-space. 





Engines: Working spacetime demons 


Internested patterns 
of spacetime 
curvatures 


Highly Structured 
Einsteinian spacetime 









Maxwellian Demons 
are EM hidden variables 
organized into dynamic 

structures acting at all levels 


Signal vs. vacuum engine 


* Information received 
* Any overt physical action 


must be taken by cell itself 


=> * Cell must furnish the energy 
for any action it takes or, 


* Passes from outside to in 





SIGNAL (INFO) 





A. Cell must do the action itself; vacuum energy exchange is passive. 
Energy or fuel for doing the action must be added to cell externally. 


hoe 4 z * Information itself acts 
ey * Local spacetime curved, with 
internal subcurvatures 


— ae ae ll “ * Produces template of forces 
in local spacetime (ST) 
ae a :~ Ny * Arises from within local ST 


* Acts on and changes all parts 
ENGINE (STRUCTURE) of cell, including its genetics 
TEMPLATE (FORM) 





B. Cell is acted upon; vacuum energy exchange does the specific action. 
No energy or fuel for doing the action need be added to cell externally. 


Unified field theory requires 
modeling and use of supersystem 
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Three components interact with each other: 
° System and its dynamics 
° Local active vacuum and its dynamics 
° Local curvatures of spacetime and their dynamics. 


LOCAL ACTIVE VACUUM 
SYSTEM 


Pri y ty t yt yl 


LOCAL CURVATURES OF SPACETIME 























Classical EM kills the supersystem, 
prevents supersystem engineering 


e Assumes flat local spacetime 
e Assumes inert vacuum 








Malignant teratoma exhibits both 
time-reversal and fast-forwarding 


e A teratoma cell is a tumor cell that has reverted 
to stem cells, then proceeds to differentiate 
toward new kinds of normal cells. 


® May produce hair, skin, muscle, heart, bone, 
and other type cells. 


© Sometimes present at birth. 


© Demonstrates both "time-reversal" and 
"time-forwarding". 


© The missing key is the engine function(s). 


Miller-Fox-Urey 
biogenesis experiments 


Engines of and from all life forms 
ever on earth or in the universe exist 


in the ambient vacuum potential. Biogenesis Experiments — 
The Miller-Fox-Urey experiments =‘? * * * *# #2 sess esesecs soll 


were not in a "Sterile" environment. 


Heat (IR) and UV constitute (1) a 
harmonic interval with a difference 
frequency, and (2) amplifying by 
the process previously shown. 
These experiments "kindled" 
previously living forms from the 
available gases etc. by amplifying the 
ancient living engines from their 
virtual state to the observable state, 
so that the masses were molded into | 
the physical states of their templates. / 


















Gas molecules 





Gaseous mixture of ammonia, 

methane, carbon dioxide, 

hydrogen, 

and water vapor 
- 





Cloning to produce stem cells 


Human DNA can be inserted in an animal cell, 
and the cell chemically tricked into proceeding 
as if fertilized. 


Formation, increase, 
and growth of stem cells 
begins and continues. 





The "engine" carried by the human DNA is 
changing the matter available into human cells. 


readily demonstrated experimentally. 


Regeneration in a strain of rat with part 
of its immune system missing 
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In mammals, the immune system plays a role in reducing the 
regeneration capability, compared to 

that of more primitive systems. 

In a strain of rat where that "suppressive" part of the immune 

system is missing, the regenerative capability is dramatically 
increased. 

= Can regrow cut away sections of tail. 
= Regrows plug cut out of ear. 

= Reconnects severed optic nerve. 

= Partially restores severed spinal cord. 
The suppressive "delta" engine of the immune system, operating 
simultaneously with the underlying primitive regenerative 
engine, sums to the modern much-reduced regenerative engine in 
the mammal. 





An observation for the future 


© When the science of 
engines is developed, 
physicians will be able to 
tailor these engine 
combinations to restore 
severed human spines, 
regrow severed limbs, etc. 


© They will also be able to 
direct the body's "normal 
growth" to reduce and 
direct birth defects, genetic 
defects, etc. 





Biochemistry and EM models 
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® Medical scientists analyze such things as teratomas in terms of biochemistry 
and the biochemical model. 


© Anassembly of charges and charge distributions, with their associated fields 
and potentials, drives all chemistry at base level. 

© The charge assembly and its dynamics involves a corresponding assembly of 
spacetime curvatures and their dynamics. These are the cause that is 
driving the charge assembly and its dynamics, and therefore the chemistry.. 
= In unified field theory (such as that of Sachs) and O(3) electrodynamics. 
= Not in classical U(1) EM theory or quantum electrodynamics. 

© Conventionally a causative EM field in space is "defined" as the diversion 
from that spatial field by and after its interaction with charge). 
The "definition" substitutes the effect for the cause, a non sequitur. 

© This is a known major flaw, pointed out in one fashion or another by many 
physicists such as Wheeler and Nobelist Feynman. 


© Classical EM theory is a 137-year-old model, seriously flawed. These flaws 
emerge in biochemistry and medical science. 


Necessary EM corrections* 
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Many of the corrections necessary in electrodynamics 
modeling either have been done or are underway. 


Higher symmetry, non-Abelian electrodynamics models have 
long been developed in particle physics. 


The new approach extends these models to also incorporate 
general relativity, thus producing a unified field theory”. 

In the new approach, spacetime curvature engines are perfectly 
natural and understandable, and can be directly modeled and 
engineered by advanced theorists. 

In short, the theory is sufficiently advanced and robust that 
technology and engineering can now advance. 

This will be a great leap forward for biochemistry and medical 
science, particularly in therapeutic methods. 


* Sachs's unified field theory implemented by O(3) electrodynamics 
presently is the most suitable to use. Numerical methods are required. 


Prioré's revolutionary 
results in lab animals 
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And its ramifications 





Prioré (right) makes a point to 
Chaban-Delmas, Mayor of Bordeaux 


e Many of the Priore 
team's experiments 
were done in Bordeaux. 


e Antoine Prioré patents: 


» "Apparatus for producing radiations 
penetrating living cells," U.S. Patent No. 
3,368,155, Feb. 6, 1968. 


» "Method of producing radiations for 
penetrating living cells," U.S. Patent No. 
3,280,816, Oct. 25, 1966. 


» "Procede et dispositif de production de 
rayonnements utilisables notamment pour 
le traitement de cellules vivantes," 
[Procedure and Assemblage for Production 
of Radiation Especially Serviceable for the 
Treatment of Living Cells], Republique 
Francais Brevet d'Invention P.V. No. 
899.414, No. 1,342,772, Oct. 7, 1963. 





Block diagram of Prioré's method 


Time-reversing the cells back to normal state 
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Some peculiar results 
by the Prioré team 
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© Once a rat is cured of a particular disease: 
= A single drop of blood from the cured rat, injected into 
another rat stricken with same disorder, would result in the 
injected rat getting well slowly. 
= This ability to transfer immunity and healing in the extracted 
drop of blood gradually decayed over a period of a few 
weeks. 


© Showed that even the fields and potentials in the blood 
had been altered internally, in the treated animal. 


© Showed that the injected animal's cellular regenerative 
system possessed the ability to also time-domain pump 
over the entire body, everywhere reducing the delta 
between that injected drop of blood now the rat's own, and 
the rest of the blood in its body. 





Proof of cellular time-reversal 


eee eoeoeeeeeeesedce~dtdsee~etseedeoeeese @ 
© Pautrizel compared identical treatment of immature 
rats with immature immune systems, and mature 
rats with mature immune systems. 


© Treatment restored the damaged mature system 
back to full mature functioning, and it promptly 
recognized and dispatched the pathogens. 


© Treatment restored the damaged immature system 
back to full immature functioning, unable to cope, 
and the pathogens promptly reinfected and killed 
the immature rat. 


© The lesson: The body is indeed returned to a 
previous physical state. The pathogens themselves 
are not killed by the treatment, but by restoring the |; 
ability of the immune system to recognize and Sea GRID ONE PEL 
destroy them. (Renowned Parasitologist) 


© Only the previous ability of the immune system is 
restored by the process. 





Disadvantages of Prioré method 
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© Large plasma tube and facility required. 


= 3-stories high building bay if to treat humans. 
= Long irradiation time (2-3 hours). 
= Slow, numerous experimental adjustments. 

© Fundamental mechanism was unknown. 
= Phase conjugate optics not yet born in West. 
= No higher symmetry EM modeling used. 
= Prioré thought it was a result of ionization. 
= Importance of difference frequency unknown. 
= Body dielectric transmission path unknown. 


3-Story high Prioré device 
for treating humans 


© At the end of the project, 
Prioré had developed a 
large unit to treat humans. 


© A few were treated. 





© Cures replicated what 
had been done in lab 
animals 


© The massive size of the 
unit and long treatment 
time (hours) made the 
process bulky and very 
inconvenient -- and also 
expensive 






Giant coil 
around 12-ft 






plasma tube 






Table for 
reclining 
human body 


17-foot Prioré plasma tube 


Used in large machine (8-stories high) to treat a 
limited number of human patients 





A proposed new mechanism 
for cancer promotion 
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And its ramifications 








Remarks on cancer from 
a new perspective 





© Two stages: cellular damage and promotion of the 
damaged cell to a tumorous cell. Promotion presently 
is poorly understood if at all. 


e A master cellular control system (MCS) (studied by 
Popp et al.) controls both the immune system and the 
cellular regenerative system, as well as normal functions 
of the cells. 


© The "past history" of ancestral development of aerobic 
cells and higher multicell aerobic bodies on planet Earth, 
resides in the "internested engine layers" in every tiniest 
part of the entire body dielectric, and in all cells. 


Remarks on cancer from , 
a new perspective (2) 





Faced with cell damage (such as sustained hypoxia) it 
cannot handle, the MCS continues to "peel the layers” in 
taking actions related to ever more distant pasts. 


Faced with continuing hypoxia, e.g., the MCS eventually 
reaches ancestral layers -- with an engine -- it forces the 
damaged cells to start moving back toward the original 
primeval anaerobic form. 


The first step backward is separation from central 
growth control, freeing the cell to multiply 
independently. At the same time, genetic changes in the 
cell are forced and produced, starting it back toward 
becoming an anaerobe. 


These actions comprise the promotion process. 


The promotion process via 
engines 
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Evolution of aerobic systems 
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EVOLUTIONARY TIME 


First step in self-promotion 
of cancer due to hypoxia 


@®eeeoeeoeeeeeeeeseeeeseeseseoeseesest @ 
PAST PRESENT 





MULTICELL AEROBIC 
(INCLUDES HUMANS) 
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Block diagram of the 
cellular regenerative system 
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Bombshell; Amplified EM healing 
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© A unified field theory approach and use of 
supersystem analysis has broken the basic 
mechanism for healing itself. 
= The Sachs unified field theory applies and has been 
partially fitted. 
= Evans-Vigier O(3) electrodynamics can properly 
model it, including both the internal and external 
electrodynamics and effects of engines. 


= Direct engineering development is now possible. 


© Experimental proof of the results obtainable 
already exists in the literature. 


© A medical revolution is in the offing. 


Potente Medic! A ool tors 
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To treat and save mass casualties: 
What is urgently needed now: 


e A small, portable, relatively inexpensive treatment unit, 
not requiring plasmas etc. 


© Treatment in 2 to 5 minutes rather than 2-hours. 
© Simple treatment application, almost anywhere. 


© Effective in advanced stages as well as prior to 
emergence of symptoms. 


© Effectiveness against a wide array of illnesses. 
© Use is easy, high school student can be trained in 30 
minutes. 


© Crash program to develop, flood down through 
emergency systems in great quantities. 





The Solution: 
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Two blankets have antennas in them. 

Uses the "porthole" concept (discussed shortly) 
Eliminates plasma tube mixing etc. 
Computer-controlled complex signal structure. 
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The Porthole concept: 
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The two-minute treatment shortcut 


¥ 


How the porthole concept works 


INSIDE THE BODY : OUTSIDE THE BODY 













ie Body surface 
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Time 
Reversal 
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Porthole concept: An analogy of the dielectric 


path and inner-outer functional connections 
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Porthole concept: The discovery 


© The processes themselves, in their own "frame", are never sani 
"reversed". Instead, the frame's motion through time 1s reversed. 


= Each to itself moves normally -- just receiving, absorbing, and radiating 
light, regardless of "whatever light" is interacting 


= This is due to a peculiarity of the photon and photon interaction 


© Photon interaction creates observed physical reality, including the 
frame" and the seeming "passage of a mass through time" 
= The photon is its own antiparticle, which is just a photon traveling in the 
opposite direction 
= So in this case we can use "light" to precisely time reverse (to the 
observer) the frame and the apparent operations (to the observer) 
© When we cease irradiation, after a decay period to remove the 
reversed excitation, all functions are now seen to be moving forward 
normally in observer forward time, but from a previous physical 
state or condition 


Using the porthole concept: Research 
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© The body's own emitted dense, broadband signals 
are recorded across a broad bandwidth 


= These signals are amplified, then rebroadcast 
precisely back into the body 


= This returns an amplified "reversed" signal set back 
through the dielectric sea invoking and applying the 
porthole concept in all processes 


e The returning photons produce time-charging but in 
reversed frame direction 


= ‘Tremendous potential energy is absorbed in highly 
compressed "time-energy" form in seconds 

= This "time-potential” slowly drains off as the body 
processes and cells reverse back to a previous state 


Research using the porthole 
concept 
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TIME DENSITY CHARGE IS STRUCTURED TO CONTAIN 
. Recorders & Broadband Amps THE PRECISE SPACETIME CURVATURE ENGINES FOR 
Alterations Database TIME-REVERSAL AND STEERING. CHARGING OCCURS 
QUICKLY. ENGINES CONTINUE TO WORK FOR AN 
EXTENDED PERIOD AFTER CHARGING CEASES. 
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Control Unit 


Receiver-transmitters 





Adjusting broadband signals 
bandwidth and amplification 

by selecting indicated alterations 
from database 
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Portable unit then developed for rapid 
treatment of mass BW casualties 


@eeeeeoeeoeeeseaeeaeeeaeeee eeee ee @ @ 
e Two blankets have antennas in them. 

e Uses the "porthole" concept (discussed shortly) 

e Eliminates plasma tube mixing etc. 

e Compuiter-controlled complex signal structure. 


e Irradiation for 2 Udall 
\¢ otro! Unit 
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Training to use the unit 


@eeeeeoeeeeeeseeesesenvgeeeeeeeee @ @ 
High school student level, 30 minutes. 

Patient lies on one blanket, other covers him. 

Set the prescribed standard signal sets from listing. 
Computer-controlled generator produces the signal. 

Irradiation for 2 minutes, uncover patient, bring in another. 

Unit can be self-powering from vacuum energy (MEG”*). 
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Additional advantages 


eeceoeoeeeeeneeeeeeeeeeeeeeee 
Can be developed in a crash program in 2-3 years. 

After sunk costs, projected cost per unit in mass 
production is less than $100,000 
Can be produced by the thousands 
Then flooded down through 

= Fire stations and police stations 

= Red cross units, hospitals, clinics 
= Emergency action teams and armed forces 

Large numbers of operators easily produced 
Emergency training could be watching a 15 minute 
film, then performing one graded practice run 
First generation equipment can save some 70% of 
the coming mass casualties from anthrax etc. 








Terrorist BW warfare 
capabilities against the 
United States 
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The growing threat 








e One terrorist, one light aircraft 
with spray tank 


e 100 kilograms of anthrax 


e Flies over greater metropolitan 
Washington, D.C. 


e Calm night 
e 1-3 million casualties result’ 
e Most of those stricken will die 


e Presently little can be done 
to save the stricken civilians 


e Attacks on several population 
centers might produce some 
10 million or more casualties 


*Per OTA Report to Congress, 1993 











For decades, infiltration of 
terrorist teams into the U.S. 


From several foreign nations, not just Bin Laden in Afghanistan 


Several thousand Cuban guerillas, from 
training camps in Southern Mexico 


Russian Spetznaz teams 
Nuclear warheads (up to 80 KT) 
Biological warfare agents 





Yakuza in oriental populations in our cities 

= Yakuza manufactures Russian energetics weapons in their own facilities 
in Japan 

= Possesses the new EM weapons referred to by Secretary of Defense 
Cohen in 1997 

We are now in a very long, hard war and will suffer millions of 

casualties in our cities. It may last for decades. 





Defense secretary Cohen* 
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(Involvement of secret speswespons 


"Others [terrorists] are engaging even in an 
eco-type of terrorism whereby they can alter the 
climate, set off earthquakes, volcanoes remotely 
through the use of electromagnetic waves... So 
there are plenty of ingenious minds out there that 
are at work finding ways in which they can wreak 
terror upon other nations...It's real, and that's the 
reason why we have to intensify our 
[counterterrorism] efforts." 


* Secretary of Defense William Cohen at an April 1997 
counterterrorism conference sponsored by former Senator 
Sam Nunn. Quoted from DoD News Briefing, Secretary of 
Defense William S. Cohen, Q&A at the Conference on 
Terrorism, Weapons of Mass Destruction, and U.S. 
Strategy, University of Georgia, Athens, Apr. 28, 1997. 





Some typical BW agents 
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Smallpox, including different strain developed 

by Russia (some sold to terrorists) 

Anthrax 


= Over 400 known locations 
around the Earth have cultures 


= Difficult to decontaminate 
Bubonic Plague 





Botulism toxin 
Tularemia (rabbit fever) 
Hemorrhagic fevers, such as Ebola 


Anthrax 


OTA study: Some 200 pounds released in a spray, on 
calm night over Washington, D.C. could result in 
up to 3 million casualties 


Symptoms usually in 2-10 days 
= Sometimes as long as 7 weeks 
= Flu-like symptoms 


Then 1-3 days later, shock and breathing 
problems cause death in up to 100% 


Antibiotics given early (before symptoms) can prevent 
infected persons from becoming ill 


Limited vaccine, reserved for military 


Smallpox 


© More than 500 million people killed in the 20th century 
before "eradicated" in 1977. Vaccination ceased in 
1980. 

© Russians kept it, developed new strains, sold to terrorists 


© Symptoms in about 12 days: fever, headache, nausea. 
Rash similar to chickenpox then appears. 

© Rash turns into hard blisters. Highly contagious, kills 
one-third of its victims. 

© Nocure. About 12 million doses of vaccine left. 


© If smallpox is unleashed in any major city on earth, it will 
eventually kill 2 billion, or about 1/3 of the human 
species -- unless a radical new cure is found and utilized. 


Bubonic Plague: Historically the 
most feared (Black Death) 
© From 1980-1994, 18,739 cases in 20 countries. 


© Symptoms occur in 1-6 days after 
inhaling the pneumonic form. 


© High fever, cough, labored - 
breathing lead to respiratory failure and death. 


© It 1s contagious. 
© Rapid use of antibiotics can be effective. 
® Vaccine not currently produced in the U.S. 





Botulism toxin (a nerve toxin) 


© Single most poisonous BW substance known. 
= Typically borne in food, contacted by eating. 
= Could be developed as aerosol weapon. 


© Symptoms in 24-36 hours; blurred vision 
and difficulty swallowing, speaking. 


© Paralyzes muscles, leading to respiratory 
failure and death. 


© Centers for Disease Control and Prevention 
maintain a botulism antitoxin supply. 


Tularemia 








© U.S. studied its weapon potential in 1950s and 
1960s. 

© Symptoms appear in 3-5 days, including fever, 
chills, headache, and weakness 

© Inflammation and hemorrhaging of the airways 
can lead to death. 

© Without antibiotics, one-third die. Can be 90% if 
breathed in, in aerosol form. 

® Vaccine developed and under review by FDA. 


Hemorrhagic fevers, such as Ebola 


© E.g., origin of Ebola is unknown. Probably transmitted to 
humans by animals, to begin a breakout. 


© Symptoms in 3-5 days, include fever, aching muscles, 
diarrhea. 

© Hemorrhaging of fluids out of tissues and orifices. 

© From 30 to 90 percent die, depending on specific fever 
type. 

© Some of these fevers respond to antiviral drugs. 

© The drugs are in short supply. 

© Presently containment is the primary goal. 


A factor the U.S. does not know 
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(Secret involvement of clandestine superweapons) 

© Three nations (not the U.S.) developed quantum potential weapons 
using Bohm’'s hidden variable theory of quantum mechanics. 

© Can induce disease engines in matter or bodies at a distance. 

© Have developed "spreading" of immune systems in a targeted 
populace (cleverly tested in Gulf War against U.S. troops). 

= Cocktail mix of disease engines for 2 dozen different diseases 


= Targeted area's human immune systems react to these engines when they 
are still in virtual state, just below quantum threshold. 


= Spread immune system's resources thus "thinned" across response to 
two dozen shadow diseases at once. 
© Hit with a terrorist BW attack, the spread immune systems are 
overwhelmed much more easily and quickly. 
= Yield (casualties) of the attack is increased by factor of 3-5. 


= Spreading of U.S. immune systems has been accomplished and is still 
being maintained. 





Summary and conclusion 
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The new war 








ee VT IN 4 e , 
A new Pearl Harbor: Strike on 
| coal i a | ~) > | 
the World Trade Center in NYC 


The North Tower has already been struck and is burning. 
A second jetliner is about to strike the South Tower. 





Fireball From Impact on n South Tower 
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© The two buildings Associated Press,photo ‘a ot 
held some 50,000 Yee 
occupants 


e Evacuation was 
underway after the 
first strike 


© More than 6,000 
persons were killed 


e This is more than 
were killed in the 
Dec. 7, 1941 strike 
on Pearl Harbor 


Collapse of the South Tower 


© The first tower to 
collapse was the 
South Tower 

© Itis still uncertain 
just how many 
people were caught 
inside and killed 

© This is a half million 
tons of debris, 
falling from the New 
York skyview. 





Collapse of the Nor rth Tower irr 


e The North 
Tower then 
collapsed 


e This was 
another 
half-million 
tons of 
debris falling 
from the 
NYC skyview 





Collapse of North Tower finishes 


© Collapse of 
the North 
Tower killed 
many rescue 
workers, fire- 
men, and 
policemen 


© At this writing, 
the total 
casualties are 
still unknown 





Next began the recovery efforts 


© Recovery 
operations will 
require months 


© At this writing, 
the total 
casualties are 
still unknown 


© The damage 
was done by 
two civilian 
jetliner "bombs" 





The Pentagon was hit on the same day 


© Hundreds were killed 
the same day when 
another jetliner struck 
the Pentagon. 


© Yet another jetliner, 
possibly headed for 
the White House, 
crashed enroute when 
the passengers 
attacked the suicide 
terrorist hijackers. 








A sobering thought 


© Nuclear weapons are 
already smuggled into the U.S., 
as are BW agents such as 
anthrax, smallpox, etc. 


© Had a 40-80kT weapon been 
exploded in New York and one 
in Washington, millions would 
have perished and both cities 
would have been devastated 


© There would have been no 
recovery of those cities for 
many decades 








Ri cae ited Stes 


e Many foreign nations are hostile 
to the U.S. and sponsor terrorists 


e Some 25 nations have WMD or 
are acquiring them 


— BW agents and weapons 

— Chemical agents and weapons 

— Nuclear materials and weapons 
e Thousands of students and émigrés 
e Infiltrated teams, BW, other WMD already 
e Castro guerrillas infiltrated over the years 
e Can do unacceptable damage to U.S. now 
e May reach knockout capability 


(OES eens *Per OTA Report to Congress, 1993 








he U.S. is terribly unprepared 


Limited medical supplies, antibiotics, vaccines 

Insufficient facilities, emergency teams 

No civilian shelters (much less BW-filtered) 

Not enough doctors, nurses, masks, etc. 

Present treatment methods woefully inadequate 

Triage will apply 

= First treat those most likely to recover 

= Others (showing symptoms, or advanced) are just set aside to 
die 

© Other attacks are a matter of when, not if. 


aos 


Conclusion PSN 





© As several cities are struck, millions of U.S. civilian 
casualties will result. Devastation will be enormous. 


© We shall eventually lose more American lives than in all the 
rest of our wars to date. 

© Present medical therapeutic science is totally nade 
do the job. It cannot save us. 


© Atsome point, when we are sufficiently damaged, the 
Spetznaz or other terrorists may detonate nuclear weapons in 
our cities, with appalling carnage. 


© Acombined superweapon technology and terrorist groups 
will then destroy the remaining populace. 


© On its present course, the inadequacy of Western medicine 
may doom us. 


A difficult truth to consider YW 


© In any strategic strike, the first phase is to get the strategic 
weapons (weapons of mass destruction) delivered to their 
distant targets. 


e That has already been done. 


© Eerily, the first phase of World War III has already been 
accomplished. 


© It was already accomplished before the Sept. 11, 2001 strike 
on New York and Washington. That was the new "Pearl 
Harbor", and only the opening round. It already killed more 
Americans than died at Pearl Harbor on Dec. 7, 1941. 


© Unless we improve our medical therapy quickly and 
dramatically, we will lose -- particularly when the hidden 
energetics weapons and outside terrorist sponsorship by 
hostile nations are factored in. 


A personal perspective ak 


There now exists an overwhelming, immediate 
moral imperative to get this development program done at the 
utmost speed humanly possible. 


The sheer survival of the United States and Western civilization 
depends upon it. 


Officialdom is aware that the KGB/Russians have long planned 
to finish the U.S., after initial nuclear exchanges, by fierce and 
massive BW strikes. 


It appears that the plan has changed to let the terrorists do the 
main work, while augmenting 
U.S. casualty levels by energetics weapons. 





China is also involved 
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e China has declared South China Sea the territorial waters of China 


e China will eventually take Taiwan 
— Has massed missile artillery trained on Taiwan 
= Recently held invasion practice on an island near Taiwan 


© Recently deployed fearsome EMP weapons utilizing negative 
energy rather than positive energy (Dirac sea theory) 
— Extinguishes all electron currents 
~ Duds electrical and electron systems instantly 
Instant death to struck bodies 
Instant kill of missiles, aircraft, electronics in nuclear warheads 
Ultimate "death ray"; can be made small or large 


e Recent 2-carrier U.S. task force maneuvered in South China Sea to 
caution China 
~— The new Chinese EMP weapon was trained on that task force 
— Could have destroyed it within minutes 





Final thoughts 





© This is one of the great turning points in history. 

© The development program is eminently doable. That it works has 
been experimentally demonstrated. The long-vexing puzzle of the 
active mechanism has been solved. 

® Our scientific community bitterly opposes any use of 
electromagnetics -- even an advanced, higher symmetry 
electrodynamics -- for medical treatment. 

© Acconsortium of the scientific community, the large 
pharmaceuticals, FDA, and the AMA will oppose this project even 
while the U.S. is being destroyed wholesale. 


© Itcan only be done in the private sector, and there will likely be no 
funding unless by philanthropists. 





Continuation 


Business plan, development program, 
budget breakdown, proposed schedule 
etc. go here. 
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"Others [terrorists] are engaging even in an eco-type of 
terrorism whereby they can alter the climate, set off 
earthquakes, volcanoes remotely through the use of 
electromagnetic waves... So there are plenty of ingenious 
minds out there that are at work finding ways in which 
they can wreak terror upon other nations...It's real, and 
that's the reason why we have to intensify our 
[counterterrorism] efforts." * 


Secretary of Defense William Cohen at an April 1997 counterterrorism 
conference sponsored by former Senator Sam Nunn. Quoted from DoD 
News Briefing, Secretary of Defense William S. Cohen, Q&A at the 
Conference on Terrorism, Weapons of Mass Destruction, and U.S. 
Strategy, University of Georgia, Athens, Apr. 28, 1997. 


Slides 
(covers period up to 1999) 


e The Coming Strategic Attack on the United 
States 


e Outline 
e Loss of two separate A-10 Warthogs in 1997 


e Typical ABM Defenses (Widely Deployed 
by mid-70s) 
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e Launch Phase Anti-Missile System 
e Launch Phase Anti-Bomber System 


e HC-130s Engines Quit, Aircraft Crashes 
Nov. 22, 1996 


e 1996 Actions by this analyst 


e Additional Information Exists: Not 


Analyzed, Not 
Integrated in Briefing 


e Kill of Arrow DC-8, Gander AFB, Dec. 12 
1985 





e Satellite Photos of Plumes in Soviet Arctic 
Since 1974 
See "Fer de Lance" for additional 
information 


e Aum Shinrikyo ("Supreme Truth" Cult), 
Shoko Asahara, Leader 





Aum Shinrikyo - Anatomy of a Dangerous 
Cult 


e Ashkhabad Problem and Its Solution 


e Strange Characteristics of Iran Quake, Sep. 
1978 


e Iran Earthquake, September 1978 

e Situation Now (Assessment) 

e Situation Now (Assessment 2) 

e Aspects of Strong Local Asymmetry 


e Mass Casualty Problem: Aerial Anthrax 
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Spray on Washington, D.C. 


Present Status of the WMD Threat to the 
United States 


Some Present Problems in the U.S. WMD 
Defense Capabilities 


Internal Terrorist Threat with Weapons of 
Mass Destruction: Now & Future 


Attempt to Ban Energetics Weapons 
Worldwide 


Brezhnev's Schedule 


Large glowing Tesla globe witnessed in Red 
China by hundreds 


Cold Explosion -- 9 April 1984 Near Kurils, 
and formation and growth of spherical shell 
(globe) 

Sequence of Events 


Cold Explosion -- 9 April 1984 Near Kurils, 
and formation and growth of spherical shell 
(globe) 

What They Were 


Cold Explosion -- 9 April 1984 Near Kurils 
(Plus additional weapons effects) 


Countering Insane MAD Systems: 
Find Loophole, Exploit It 


Next Generation Counter to Both Sane and 
Insane MAD systems 


Simultaneous Dudding of Nuclear Weapons 
Worldwide 
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e Simultaneous Dudding of Nuclear Weapons 
Worldwide 


e Operation Divine Wind II 
e Advanced EMBW Applications 
e EM Biological Warfare (EMBW) 


e Microwave Radiation of U.S. Embassy in 
Moscow 


e Pentagon EMI Studies, 1989 
e EM Missile Practice (6 slides) 
e Subdivisions of Soviet Energetics Program 


e Communism's Goal 


e Manuilsky's Goal vs. Status Today (Dec. 
1996) 


e Professor Hellman, German Scientist 





Released from Work in Soviet Union 


e Hemispheres and Globes of Light (4 slides) 


e How Could Such Superweapons Ever Be 
Concealed? 


e Soviets Easily Concealed These 
Superweapons for Four Decades 


e Microscope-type, laser-like interferometer 
for inducing quick o-decay in samples of 
otherwise longer-lived isotopes 


e Longitudinal Wave Interferometry: 
Endothermic 
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Longitudinal Wave Interferometry: 
Exothermic 


U.S. Air Attack on Libya, April 1986 


Lightning Wall 
circa 1959-1960 


Lisitsyn's Report: Brain Code Broken 


Large Longitudinal Wave Interferometer 
(LWI) Accident 


Large Longitudinal Wave Interferometer 
(LWI) Accident 


Use of Hidden Information Content of the 
Field Can Provide Action-At-A-Distance 


Two Types of Mutual Assured Destruction 
(MAD) System 


Psychoenergetics Weapons Teams Mentally 
Disable All Personnel 


Strikes Against Special Ship and Energetics 
Weapons Sites 


"Mindsnapper" Attack on Special Ships and 
Energetics Weapons Sites 


How Much Off Guard Are We? 
(7 Slides) 


Possible Targets: 1995-9 Escalation Phase 
Propagation of Weapon Effects 
Yugoslav Earthquake, Followed by Cold 


Explosion 
April 15th, 1979 
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e Countering an Insane QP Weapon 


e Gulf War Disease: KGB QP Weapon 


Induced ST Curvature Engines for a 
Cocktail of Diseases 


e Self-Targeting in Inner EM Channel Can 
Produce a Quantum Potential 


e Mechanism for Producing a Quantum 


Potential 


e Major Principles for Use of Quantum 
Potential Weapons 


e Major Principles for Use of Quantum 
Potential Weapons (2) 


e Instantaneous Communication by a 
Quantum Potential 


e Participants in a quantum potential share a 
common multiply-connected spacetime 
(MCST) 


e Quake in Tangshan, China 
28 July, 1976 


e Exchanging Earthquakes 


e Instant Communication by a Quantum 


Potential 
e Westerners Do Not React to Slow Threats 
e Characterizing a Given Risk or Risk Factor 
e Technical Risk Management 


e Aum Shinrikyo's Sarin Facility 
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e In Scalar Beam Interference Zone 


e Physicist Schappeller Auralaz Munster, 
Austria 


e Initial Soviet Plan for Cold War, After WWII 





e Josef Stalin: Absolute Dictator 


e Exploding any Resistance by Operational 
Scientists 


e Significant Soviet Statements 


e Captain Svoboda Dives Headlong to Her 
Death 


e T-polarized Beam Projector 

e Possible Tests (1) 

e Possible Tests (2) 

e Possible Tests (3) 

e Possible Tests (4) 

e Mushroom Cloud Rising From Sea 


e Launches from Cape Canaveral and 
Vandenberg AFB Provided Practice Targets 
of Opportunity 


e The sinking U.S.S. Thresher, with her 
controls jammed, implodes when she 
reaches crush depth 


e Embodiment of an instrument array 
sufficient to discriminate when time-density 
charging has occurred, and that transduction 
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of time-charge decay has occurred. 


e Time-Polarized EM Wave Interferometer 


Creating Space-Time Curvature Engines in a 
Distant Interference Zone 


e Transmutation of Radioactive Nuclei at a 
Distance 


e Transmutation of Radioactive Nuclei 


e Typical Tesla Shield, Northern Route of 
Japan 


e A Curious Tide in Human Affairs 


e Large Scalar EM Interferometer (LAST) 
Accident Near Urals, 1958 





e The Superpower Paradox: Asymmetric 


Cheap WMD Strategic Strike and 
Destruction 


e The KGB/Yakuza-Aum War Plan 


e Why Western Science is Ignorant of KGB 
Energetics 


e Transmutation of Radioactive Nuclei at a 
Distance 


e TheYakuza 


e Yugoslav Earthquake, Followed by Cold 


Explosion 
April 15, 1979 


* Note that the Secretary did not speak the words in 
square blocks; these were added by the writers later, 
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probably to "soften the tone" of the Secretary's 
information release. So the Secretary confirmed that 
some nations of the world -- not just some ragged 
terrorists, as the writers tried to imply for spin control -- 
do possess novel electromagnetic weapons and are 
using them to induce earthquakes, engineer the weather 
and climate, and trigger volcanic eruptions. 
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"THE COMING STRA1 EGIC ATTACK 
ON THE UNITED § TA TES 
By an AUM/Yakuza/KGB/Communist Coalition Using Energetics SuperWeapons 
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Outline 
Background: Classical Electromagnetics (and Defects) 
Background: Energetics (Scalar Electromagnetics) 
Background: Soviet Energetics Weapon Development 
KGB/Communist Plans 
Countering of Soviet/KGB/Com munist Plan in Mid-80s 
soviet Economic Collapse and Adaptation of Plan 
Weapons Bleed-Out: KGB/Russian Mafia 
Yakuza: The Japanese Mafia -% 
Aum Shinri Kyo (Supreme Truth) Cult 
Coalition: Aum/Yakuza/AGB/Communists/Russian Mafia 
Operation Divine Wind ll: Three Phases 

~ Phase |: On-Site Training Phase (Completed) 

- Phase Il: Escalation Phase (In Progress) 

— Phase Ill: 1997 Strategic Strike on the United States 

- Support Plan A: Feints, Deception, Sabotage & Terrorism 

— Support Plan B: Test Range 

= Support Plan C: Worldwide Weather Engineering 

— Support Plan D: Strategic and Combat Intelligence 
Special Information 
Recommended Actions © wot, soon TE seam 
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Help support the research 





Loss of two separate A-10 Warthogs in 1997 


e A-10 Mysterious Flyaway and Crash - April 
2, 1997 








e Death of Second A-10 Pilot - May 27, 1997 


e Captain Button's Mysterious Flyaway and 
Eventual Crash 


e Death of Second A-10 Pilot - May 27, 1997 


http://www.cheniere.org/images/weapons/al0.html18.11.2003 1:21:30 


http://www.cheniere.org/images/weapons/cropped/A 10mc1 .jpg 


Armed with: 
- Four 500-lb bombs 
- 30 mm Gatling gun 
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° captain AG Svobody 
e Night training mission 
e@ From Davis-Montham AFB 
@ From same wing as Captain 
Button, who flew his A-10 
off course for over an hour 
and then crashed on April 2. 
@ Climbout from ordnance Companion A-10's 
delivery on target 
e Nosed down etary and 
dived into grou % 

















« Experienced night 
flyer & Instructor 

« Nosed sharply over 
and flew into ground 

« Psychoenergetic kill 





© Te BEARDEN 1998 


Psychoenergetic weapon induced instant hypnogogic state and 
reverted Svoboda 's Sonea of up and dowrt.” 
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A-10 Mysterious Flyaway and Crash 


April 2, 1997 


Armed with: 


- Four 5004b bombs 
- 30 mm Gatling gun 

















11:58 a.m. 
Bresks Formation 


nea Goldwater Range|-— 


AV pm. 
a dite caine bon 





at 


Figure 14a. Captain Button's mysterious flyaway and eventual crash. 
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Death of 2nd A-10 Pilot May 27, 1997 














e @ Captain Amy Svoboda 
ingame areaagain @ Night training mission "fyereinecructe 
of psychoenergetics @ From Davis-‘Montham AFB “Sevkatearoune 
«US. showed it Is @ From same wing as Captain » Probable kill usi 
completely unaware Button, who flew his A-10 navehoanergetion 
off course for over an hour 
“7 and then crashed on April 2. 
bn ® Almost certainly a second 
> psychoenergetics strike vf 
bay Ne an i 






“ 






af 
Paes QB 





Ps etic strike induced an 
instant hypnogogic state, shifted pilot's 
sense of up and down. Svoboda corrected and 
“climbed out" after target attack, and 

fiew into ground, dream-perceiving down was up, 


© TE BEARDEN 1997 
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Typical ABM Defenses 


vw rmers 


. \* « 
is U > 
z 





EARTH'S SURFACE 
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EARTH'S SURFACE 
SOME OPERATIONAL MODES: 







ELECTROMAGNET! 
ee « ELECTRICAL INTERFERENCE qanr 
STRA MET SOFTENING | 
BALLISTIC Hp earth | ENERGETICS 
Son :oeaa met ce 
: = HEMISPHERICAL SHELL SYSTEM 
# MULTIPLE SIMULTANEOUS TARGETS 
Ce) LEG ARD * MULTIPLE SIMULTANEOUS MODES 
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SOME OPERATIONAL MODES: 
* SIMPLE TRACKING 

« PHASE CONJUGATE TRACKING 
* ENGINE COMBUSTION COOLING 
smack. + EMP INSERTION 

OTHER Ale + ELECTROMAGNETIC MISSILE STRIKE 
TAXIING, OR * ELECTRICAL INTERFERENCE 
TAKING OFF * METAL LATTICE SOFTENING 

» ANTI-PERSONNEL 








* HEMISPHERICAL SHELL 
* MULTIPLE SIMULTANEOUS TARGETS 
* MULTIPLE SIMULTANEOUS MODES 


(C) 1.£, BEARDEN 1996 
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¥ 
i. we 7, . ‘ 
BY Ee 
I 


Compare to China Airlines 
Flight 006, 19 Feb. 1985 


off San Francisco, bound 
from Taipei to Los Angeles 
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CTEC PROPRIETAR 


1996 Actions by this analyst 


s |n July 1996, with the kill of TWA-800 it became 
apparent that the KGB/Communists were ptaparing 
a massive strategic energetics attack upon the U.S. © T& BEArSeN 997 

e Began intensive, nearly round-the-clock effort to uncover 
what was happening, and what had occurred in KGB/Com gx 
weapons since 1991 

e Began preparing full-up set of briefing slides simultaneously 
—\n early 1996, had briefed J6 on scalar EM, per his request 
— Had strongly suggested a follow-on weapons brief 

— Adamant opposition by NRL, NOL, others 

® Similar whl) Serer attack scenario in 1986 was 
countered. Soviets at that time did not possess 
operational QP weapons, and so could not successfully 
overcome dead-man fuzing 

— Also could not dud nukes worldwde, because OP required. 
— First lab prototype OP test was in April 1986 

e KGB had solved the dead-man fuzing problem by OP's. . 
Deployed circa 1989-1990. Some earlier weapons then leased. 














http://www.cheniere.org/images/weapons/actions 1sm.jpg8.11.2003 1:22:00 


http://www.cheniere.org/images/weapons/addlinfosm.jpg 





http://www.cheniere.org/images/weapons/addlinfosm.jpg8.11.2003 1:22:04 


The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 





Kill of Arrow DC-8, Gander AFB, Dec. 12, 
1985 


e Slide | 
e Slide 2 
e Slide 3 
e Slide 4 
e Slide 5 


e Slide 6 
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KILL of ARROW DC-8 
Gander AFB, Dec. 12, 1965 


* SOVELE!N Missile Weapon sinke practice 
IWO WEEKS PanlenalGape Gandveral 
: > Offset from night shuttle launch 
a - Elvimissile photographed by Bob Gladwin 


» Associated Marker beacon photographed 
2 Ssigtielizie) Sejsrel salir os) fisielighe |= 
© Halfthougnticing, halfdisagreediintensely 
“Due to icing approved with half absent 
» Separate dissenting nnding issued 
Meise eo fiieisits filclisic) [rei/@euniires sifeiis 
» Feared terronstbomb, VidEast sponsor. 
» Pressured Board, Gen’ Off bulldozed'site 


¥ 


Jn let meli eile mejim-ligetesiim@t-\(-may-|[elicce| " 
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hILi of APRPOW OCs 
Gander Ars, 0es. 14, 198s 


Eyewitness observed beams form in the sky 
Saw streak-down and strike of Elvi missile 

=— Struck right fuselage ahead of the engines 

= Hole Was burned through fuselage there 

= Proto of nole published in Aves) a) 
— eyed iye rales en nel= > 
Consistent with ignition and outgassing of 
plastics in forward cabin 

Consistent with pre-crash HCN deaths 
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FILL of ARP POW 0 Gee 
Bander Ars, Das. 12, 1285 


Ole) eletjtle)pherele)ligieiceltlet=e hi tgietp-jee i ieipepetigies) 


aiti fei (ate fi g—elb led [ple le-jelsediiientpigti-jeie)eileqigle 
struck with Eli missile, at lito | 


Hole in night tuselage, ahead of engines 
Slejelplelersiilisheejlelsleyer pepe ciearlei| ipielajene 
Si isl eelesivaiyileinitsel site ini nyeire 
lie eteeisaael sissies iG 
Agesles: cfalf iis sasssrisjers ise rons AG) 
ele emia cers ulan= ereshiae 
BE ie: We—efe]ge|e-ge-letelce|-leba—pciet-i) e)i,i-2 eli File 
Materials handlers later mysteriously sickened Pwith 
symptoms of longitudinal EM radation induced illne&s *° 
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ol WAU OF ARRON Dic-8 
Gander AFS, Dec. 42, 165 


JOralipjetfdielsmercle |[eremeoelle nem egrellcyerelsigielelgeleiele 
Emulated reducing Specific thrust by icing 
Sader Vita eat Teast) Ey etdal ea 

Hole in right fuselage, ahead of engines 

Not normal explosion; no material ingested 

EfVVimissile explosively eee a) Febrj eleesp lal feyeuy=icebrer:|e)i ap 


outgassed pote obs 4 ; 
Autopsies; Halfiiie passengers died tran Aen 
inhalation # J 
before plane crashed 
Data recorders recorded Verncal Spike oF hit 
Waterials handlers later mysteriously sickened, with 
symptoms of scalar-EM radiation induced illness 
1 Eve witness observed formation and siike of fie 
a. 5f5 tromagnetic missile 


ny 
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Prenryarenn night shottle launch 
r -) EM missile pho tographed: by iptelbmertlehowin 


saeletlte d ma rker beacon phylogrphs | by, (Gacjeus Suchary 
oa pala nar ge fa . 


i 


=* 
snpre sed intensely 
eet Ee Eee a ig oe 
ral with: half alise nt 
i oi ac 
sti eae te 


G fe. re “d ter 
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Death of the Arrow DC-8 





FUEL 
Dec. 12, 1955 EXPLOSION 


Gander, Newfoundiand AIRCRAFT GLOWING 
: (THRUST REDUCED) 
ENGINE THRUST : 


iS REDUCING 


al tes” 


V7); ey 
= ” — 7 fash re : 


oy al 











) EM MSL STRIKE ‘ 
~o > (MULTIPLE an CYANIDE — 
INSTRUMENT INHALATION 
KINDLING SPIKES) 
(SELF -TARGETING) 








ELECTROSTATIC |EXPLOSIVE 
COOLING OF jPLASTICS 

ENGINE IGNITION, FIRE, 
COMBUSTION |OUTGASSING 


c i 
TAIL OVW . 
- CRASH “ 














ABOUT ONE-HALF 
THE GEEUPANTS BIE 









GRAVITON RADIATION DECAY 
(EXPOSURE OF RECOVERY 

PERSONNEL TO LONGITUOINAL 
EM WAVE RADIATION 















GRAVITON CHARGING 
OF ATOMIC NUCLEI 


-HIGHLY CHARGED PULSE 
INTO ATOMIC NUCLEI 
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»4 Satellite Photos of Plumes g 
ge in Soviet Arctic Since 1974* 
= Two aircraft flew through for analysis 
—Solid material, mostly ice, a little clay 
— Much colder than surrounding air 


— Signature of cold exhaust from exothermic 
sealar interferometry operations DD, 

— No volcanic material #, 

—No radioactive material ¢ %* 
«May be 2 to 3 times as many incidents 

— Only examined satellite imagery in winter 

— Only periodic satellite coverage 

—Hypothesized methane venting, cloud seeding 


ic) TE BEARD "As of 129 this infor ion 
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AUM SHINRIKYO 


("SUPREME TRUTH" CULT) 





i) oe ete Se 
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Ashkhabad Problem 
and Its Solution 





= PROBLEM: 
— Stress increasing in two-plate fault zone 
— 1,000 shocks yearly 
-Kara Kum canal 
-Hydraulic pressure 
— 1948: Ashkhabad 80% destroyed by quake 
s SOLUTION: 


— Stress-relieve plate stresses from fault 


s IMPLEMENTATION: 
— induce nearby earthquake 
—Deceive by predicting a quake, setting off 
nuclear explosion 








(fp) 96 T= BEARDEN 


http://www.cheniere.org/images/weapons/Ashkabadsm.jpg8.11.2003 1:22:27 


http://www.cheniere.org/images/weapons/Ashkabd2sm jpg 


Strange Characteristics 
of Iran Quake, Sep. 1978 


= Signatures greene 
—7.4 on Richter scale 
—No aftershocks: 6.0 expected (normal) 


— Strange epicenter 
— Anomalous depth re 
= Deception 

-10 MT Soviet nuclear explosion 36 hours 
before the quake 

-Prior disinformation regarding Soviet 
attempted development of focusing shock 
waves from underground nuclear 
explosions, to cause distant earthquakes 
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lran Earthquake g 
Sept. 1978 


= Killed 25,000 Iranians 
= Soviet city of Ashkhabad saved 


= Soviets "predicted" quake & 
in advance; then induced it a 
= Quake had serious anomalies (signatures) 
=» Deception measures were used by Soviets 
—Prediction in advance 
—"Theory" of quake-induction by nuclear explosions 


—Fired underground nuclear explosion as 
“Red Herring” candidate for cause Tx 
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Situation Now (Assessment) x 





night ordnance delivery on target, was struck with 
psychoenergetic weapon takeover. Sense of vertical 
Was reversed. She perceived herself diving, sharply 
corrected, and dove headlong into the ground. 


Additional aircraft kills uncovered, including one 
4-engine aircraft whose engines all failed. This 
closely repeats the earlier 1985-1987 scenario. 
Korean Airlines Flight 801 crashed on Guam on 
anniversary of loading of the atomic bomb that was 
dropped on Hiroshima in WW Il. The Enola Gay, 
which dropped the bomb, took off from Guam In wee 


morning hours of August 6, 1945. The local opns , 
order on Guam was also issued on Aug. 5. sae 
« Presently the Coalition (KGB/Communists/Aum 


Shinrikyo/ Yakuza) is waiting for proper time to 
launch the final strike. It is still on. © rom rm sess 


= In May 1997: second A-10 pilot (lady), in pulp from 6 
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Situation Now (Assessment 2) 


= April 97: Mind control test against Captain Button: 
~ Demonstrates ability to control crewman in 
complex operations for more than one hour. 
— KGB requires one hour total QP crew control 
on a site to have crew disable insane QP wpns. 
=» Once QP systems disabled, Mindsnapper attacks 
and instantly kills every living thing in QP site area. 
Contaminates area for months (emits jibe ataonl 
EM wave radiation, which disrupt any life forms 
attempting to enter struck area). Sites nullified. ........... 
= Mind control over one crewman requires one 
ern: eae plus up to 20-30 operators for 
controlling thoughts, hearing, perceptions, etc. 
= In . 97, KGB building and loying weapons 
the ing crews. Reddy for new attack | 9-2000. 
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Aspects of Strong Local Asymmetry 





e If local Sey Amey is strong, conservation 
laws may be appreciably violated 
— Energy 
= Charge 
— Spin 
= Momentum 
= Angular momentum 


e Properties of an object may differ 
appreciably for 
— Different observers 
= Different detecting means 
— One time to another 
= One position to another © 7 E Bearden 1995, 1996 
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e One terrorist, one light aircraft 
with spray tank 


e One kilogram of anthrax 

e Flies over greater metropolitan 
Washington, D.C 

e Calm night 

e 1-3 million casualties result* 

e Most of those stricken will die 

e Presently little can be done 
to save the stricken civilians 

e Attacks oe aide pepe 


centers might produce some 
at 0 million or hare casualties 


“PerOTA Report to Congress, 1999 
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e Many foreign nations are hostile 
to the U.S. and sponsor terrorists 


e Some 25 nations have WMD or 
are acquiring them 


—- BW agents and weapons 

— Chemical agents and weapons 

— Nuclear materials and weapons 
e Thousands of students and émigrés © 
e Infiltrated teams, BW, other WMD already 
e Castro guerrillas infiltrated over the years 
e Can do unacceptable damage to U.S. now 
e May reach first strike knockout capabili 


() bat TE peeeten 














"Per OTA Report to Congress, 1993 


http://www.cheniere.org/images/weapons/AtkMetro2sm.jpg8.11.2003 1:22:48 


http://www.cheniere.org/images/weapons/AtkMetro3sm.jpg 





e No shelters (require overpressu 
BW ii Anarhg, Wack showers, supplies) 

« No stockpiled vacc Leap bang Su} ~ 
immunoglobulins, 


psibale sage heaters, maar oon el € 
° Totally insufficient medical fac ities, A 


personnel, and emergency response teams 
@ Meas tole mart Haw will be rogiiirec 













° State, county “lty radequately staffed ; 4 
and insuffic intly trained for mass casualties ae | 


e Terrorist teams, BW agents, other WMD on site, waiting - 

e Water supplies, food, crops, farm animals also vulnerable 

e Electric power grid, bridges, trains, railroads vulnerable 

e Present medical science cannot save very many of the 
casualties, now or in the foreseeable future 


(p fee 7 LARD 
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« Nuclear materials 
« Powerful explosives 
® Assassination 


* Shouwlderfired AD missiles 
« Tevorsim 


FUTURE | 
* Onhodox EM weapons 
s Energetics EM biological warfare 
* Scalar EM (energetics) weapons 
« Scalar EM disease induction 
* Alteration of behavior and emotions 
« Aferation of memory 
* Direct control of Moughts, perception 
« Quantum potential weapons 
« Psychoenergetics weapons 
1 Acton-at-adistance effects eed 1098, 100 TR ADEN 
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Attempt to Ban Energetics » 
Weapons Worldwide 








# On June 13, 1975, in a major speech Brezhnev urged the 
United States to agree on a ban of research and 
development of new kinds of weapons "more terrible than 
anything the world has known." 

# On July 2, 1975 Brezhnev repeated his proposed ban on 
development of frightful new weapons, to a group of U.S. 
Senators. 

ein August 1975, Ponomarev called for a ban on frightful 
new weapons of mass destruction. 

«On Sept. 23, 1975 Gromyko presented a draft treaty 
agreement to the 30th Session of the UN General 
Assembly, for banning development of frightful new 





lest notion what the Russ 





(p) 1996 7.2 BEARDEN 
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@ Brezhnev's Schedule | 


“We are a detente what our predecessors have 
been unable to achieve with the mailed fist... 
= 1985 our stig Agen ba cl irresistible that we can do what we 
wish anywhere on the globe. Leonid Brezhnev, 

in a secret 1973 meeting in Praque 

with European Communist leaders. 


“By the early 1980's we and our allies will control the high seas, 


space, and most of the earth's land area." 
Kosygn, 
to Imelda Marcos, 


July 1978 


In 1985-87, the Soviets did attermpt to move, still constrained by 
nuclear dead man fuzing. That attempt was blocked, salen poche 4 
by scalar EM countering demonstrations and man 
fuzing. 

In April 1986, the first Soviet lab prototype of a quantum ntial 











a 


weapon specifically designed toward 10-min a ttraltntion of nukes 
worldwide was gingerly tested against our U.S. airstrike on Libya. 


It was weakly tested in the "induced EMI" mode, for deception. 


By 1990 that weapon was oyed and a new ©) 1996 TE BEARDEN 
attack preparation phase a entered, scheduled for 1997. 
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COLD EXPLOSION -- 9 April 1984 Near Ku 


rils 


4 ~< 7or7ir*s 
Ld U - i — © sf O} fi Oi si-i gi eri lg 
aH Q a 


A 





° of water rose 
rapidly from surface, 
mushroomed out 






e Reached 60,000 feet 
380 miles Mttitude in two minutes 


A diameter « Brilliantly gio’ wi lol 
then appeared sy Baas 
¢ Globe increased 
200 miles in size and 
e¢ Reached diameter of 360 
miles 

FLOR ° Center reached altitude 
Ck ogi oY sa ee 

Be RAC Pe ¢ Observed by multipk 

qualified Diets 


— —— i | Se 
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COLD EXPLOSION -- 9 April 1984 Near Kurils 


J 






Superpotential interfer- 
: ometry using LWs 


e First, bei rhe osm 
centerline 380 miles 


6 Tie oad GER E 
of EM energy 
for 1-on-1 targeting 

200 miles ° Larger FA tanyots 

senienting teens 

° ee ST SeGeees. can aes 


ae and ail 


e Use in or out of Earth's 
dirnosphere 
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COLD EXPLOSION -- 9 Apri 1984 Near Kunis 
(Plus adaitional weapons effects) 
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Countering Insane Mad Systems: 
i? Find Loophole, Exploit It 


= If MADs not fakin potential systems, easily countered 
by instant QP strike which destroys targeted MAD weapons 


worldwide with certainty. 


= Have to be certain of types of dead-man fuzing. All dead-man 
fuzing weapons must be included in the assured target list 
for the striking quantum potential weapon. Bg 


= Multiple targeted MADS require multiple vacuum engines in 
the striking quantum potentials. 


= Uncertainty and risk introduced if not certain of all 
MAD systems and all dead-man fuzing systems. 


= Newest generation psychoenergetic LW interferometry weapons 
can instantly take over minds of all personnel on targeted sites 
with targeted crews quickly dis ng their own MAD weapons 
launch capability as well as the weapons themselves. 

=» Mindsnapper then kills all living things and contaminates sites. 

Next generation QP Psy-En weapons can disrupt and destro 

minds of an entire targeted national population. The nature of 

warfare moves irrevocably to the human mind, where of course 

the fundamental problem arises anyhow. 
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® Localized quantum potential in an area, 

used in psychoenergetics mode 
« Gradually produces mild, continuous hypnotic state 

« Targeted population remains entirely conscious, functional 
2 Internal “word thoughts" emerge directly in subconscious 
« Targeted persons all unaware of these "word thoughts" 

« Operates somewhat similar to “post hypnotic suggestion" 
« Gradually changes emotions, psychological outlook 


= Over a period of time, deviates and entrains entire target 
population's outlook, belief structure, temperament 


2 Moves Psywar to inside the human component 
® Human minds are the only battleground Zahn 
e Can be accomplished without overt 


signature 
* Into deoper mind level (collective unconscious) 
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Simultaneous Dudding of 


Nuclear Weapons Worldwide 





e Via quantum potential joining U235 and Plutonium in warheads 

¢ Includes weapons airborne, underwater, in storage 

e These are transmutations of the nuclides themselves 

e Part of the initial barrage launched by Aum/Yakuza/KGB 

© Will occur in the first minutes of the strategic strike, following 
psychoenergetically crew-disabling QP weapons 


— 





Note: Duds both overt and covert nuclear weapons and weapons-grade 
materials -- including “sultcase-delivered" covert weapons on site in @ Le. BEARDEN 1996 
Russia which oth se provide dead man fuzing 
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Simultaneous Dudding of oC 
Nuclear Weapons Worldwide 2. 


¢ Via quantum potential joining U235 and Plutonium warheads 

« Includes weapons airborne, underwater, in storage 

e These are not explosions, but are transmutations and 
CERISE G NSSIONING (208 fissioning rates 


¢ Part of the initial barrage Part of the Initial barrage launched by Aum/Yakuza/KGB 
¢ Will occur in the first minutes of the strategic strike = @ix wanoeniow 


Note: Duds both overt and covert nuclear weapons and weapons-grade materials, 
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The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 





Operation Divine Wind II 


Slide 1 
Slide 2 


Slide 3 


Slide 4 
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YAKUZA & 
AUM SHINRIKYO 


DIVINE WIND Il 


xA secret coalition of Yakuza/Aum Shinrikyo and 
Communist forces plan to launch a massive, 
Surprise energetics attack on the United States, 
given a low-risk opportunity. 


* Major weapons utilized will be the scalar EM ermeee 
superweapons Mg ae quantum potential weapcns) 
were developed, deployed, and operated by the KGB under 
the former Soviet Empire, and continuing after its dissolution. KGB 

x Yakuza/Aum crews have extensively trained and test-fired, 
from on-site in Russia. They have ed operational control 
of the first three generation energetics Superweapons (which 
work by superpotential interferometry). 

* The Escalation Phase of interdicting and destro actual 
U.S, targets (e.g., TWA-800, two A-T0s) is al antes PSYCHOENERGETICS 


* The first biow in the oe Phase will dud all nuclear weapons as 
w 


U.S. 








and weapons orldwide, in minutes; destroy special . 
EI population instant and kil 60% of targeted populations 
in fom 10 minutes to 3 days. + geo aon 
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YAKUZA & U.S. 
AUM SHINRIKYO : 
DIVINE WIND Il den 


* A secret coalition of Yakuza/Aum Shinrikyo 
and KGB/Communist forces plans to launch 
a massive, surprise energetics attack on the 
United States and its allies, given the first 
low-risk opportunity. Pn err 


* Attack was thwarted twice in 1997 by a 7%: 
small nation countering with QP weapons. 

* KGB psychoenergetics counter for the last 
QP weapon counter was tested in April 1997. 


* Ready time for a new scheduled attack is 
latter quarter 1999 through first half of 2000. 
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@ AUM SHINRIKYO 


DIVINE WIND II appa 


+A secret coalition of Yakuza/Aum and 
KGB/Communist forces will launch a 
massive, surpretuey eal attack on the 


* Major weapons utilized will be the scalar EM i ai 
superweapons that were developed, deployed, and 
operated by the KGB under the former Soviet Empire, 
and continuing after its dissolution. KGBICOMMUNISTS 


* Yakuza/Aum crews have extensively trained and 
test-fired, from on-site in Russia. They have /eased 
operational control of the energetics superweapons. 


* Escalation Phase of interdicting and destroying actual 
U.S. targets (e.g., TWA-800) is already underway. MINDSNAPPER 











weapons and weapons materials worldwide, in minutes; 
destroy special ship and energetics weapon sites i 
instantly, and kill 80% of targeted populations in 3 days. Quantum 


POTENTIAL 


* The first blow in the Strike Phase will dud all nuclear : = 
j ois ae. 
wer 
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OPERATION DIVINE WIND Il 
Three Phases and Support 
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Operational Phases 


e Phase |: On-Site Training Phase (Completed) 
e Phase Il: Escalation Phase (In Progress) 






&) Was, 1006 LE sEmDEN 


http://www.cheniere 





a Phase lll. 1997 Strategic Strike on the U.S. 


First strike (QP) in Phase Ill duds ali nuclear weapons 


and nuclear powerplants worldwide, in minutes 
Psychoenergetic strike (QP) disables people instantly 
Mindsnapper attack of special assets for 100% success 
QP initiation of fast-acting, lethal diseases kills 80% 

of targeted populations in three days or jess 


Support Plans 


Plan A: Feints, Deception, Sabotage, and 
Terrorism 


e Plan B: Testing and Test Range 
e Plan C: Worldwide Weather Engineering 
e Plan D: Strategic and Combat Intelligence 
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& Advanced EMBW Applications 


e Covert EMBW: Examples 
— Activate materials and their potentials with ST disease engines. 
Potentials superpose and their infolded ST dynamics diffuse 
- Activate water's structuring (H-bonding) potential with disease 
engines 
— Bias electrical power grid ground fields by weak diseases 
— Employ disease-structured quantum potential in distant area 


e Overt death ray (mind snapper) 
=- Powerful scalar EM pulse in target area “jerks” rate of flow of time 
— The "time snap" sharply separates mind from body and each cell 
e EMBW CM: 
- Irradiate bodies with longitudinal EM waves; self-converts to 
t-pumping and produces exact amplified ST antiengine 
- Antiengine arises out of local ST, affects all parts of all cells 
— Cells are t-charged with antiengine structure 


- Continuing action restores regenerative and immune systems and 
reverses cellular damage © TE.GEARCEN 1995, 1999 
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© EM Biological Warfare (EMBW) 





= KGB/Communists have developed highly effective 
— Electromagnetic biological warfare (EMBW) 
— Counters to orthodox biological warfare © TE. SEARDEN 1999 
— Mass death ray weapons 
¢ Small version of 'mindsnapper" tested in Afghanistan 
¢ Killed occupants in two villages, in separate strikes 
¢ Unusual aspects (so-called "smerch" gas) 
=» Russia/KGB is the only group with a complete counter to 
biological warfare, either covert or overt, and to EMBW 
= EMBW (covert and overt) is a preferred option for KGB 
= MAD Doctrine is completely destabilized for a sufficiently covert 
Russian EMBW strike 
~ Situation has existed for at least two decades 
— Can alter germs, bacteria, viruses of specific kind, in a specific 
target area, to produce antibiotic-resistant strains 
— Can induce any kind of cellular disease or damage ata distance 
# U.S. national characteristic: no reaction to slowly increasing threat 
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Microwave Radiation 


of U.S. Embassy in Moscow 


Former U.S. Embassy in Moscow. 








BACKGROUND 

* Began in latter 1950s 
« Discovered on VP Nixon's trip 
« Initially thought to be nuclear radiation 

(Discovered w/Geiger counter?) 
¢ High level target — U.S. Ambassador 
« Guarantees personal attention of: 

= U.S. Ambassador to USSR 

= U.S. President 

™ NSA, CIA, DIA, NSC, etc. 

= Top consulting scientists 

= Leading U.S. scientific institutions 
* Two U.S. Ambassadors died, another sickened 
*« Anomalous health ee in personnel, only 

in zero-field (zero pot'l gradient) areas! 

« Four U.S. Presidents requested Soviets cease 
= Cut from 18 watts/sq cm to 2 

™ Then again increased 
* No one could understand what was going on 
¢ Aluminum screens were placed over windows 
* Moscow was declared a hazardous duty zone 


© wos, 90 Te ween 
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ed Pentagon EM! Studies, 1989 


Washington Post, 22Jan 1989, p, A4 
= Analysts of severe EMI effects in strike on Libya, 1986 
— performed major 3-year, 66-man study 
— Blamed effects on U.S. forces’ own signals 
- Did not know of any other “signals” present 
- Knew nothing of quantum potential weaponry, energetics weaponry 
= 7-month preliminary study 
— Severe EMI Problem exists 
- EMI shielding often waived in our weapon systems 
- Thousands of conflicts possible 
= Also studied UH60 Blackhawk helicopter problems (which were 
due to its lack of good EMI shielding, and not quantum potentials) 
= uncommanded turns 
~ Five EMI crashes 1982-1989 
-— $175 M program to shield it 
So found that U.S. transmission combinations can 
- Affect aircraft flight control 
— Turn off fuel supply 
- Cause uncommanded dive/tum 


- Bring down U.S. warplanes 


* Actually, Libyan EMI was induced by Soviet quantum potential tests 
Which can do all those things and much more @ 1996 TE BEARDEN 
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The Tom Bearden Website 


The Tom Bearden 


Website 


EM Missile Practice 


EM Missile Practice 
Latter Sept. - Early Nov. 1996 
Melbourne, Australia 


Deception: Using EM Missile to Reinforce 
Notion of SAM Attack 


Saturday evening, Nov. 16, 1996 


Intelligence Probe: Insuring U.S. Still 


Unaware of Energetics Weaponry 
Thursday, December 12th, 1996 


EM Missile Strike, Offset from Night 


Shuttle Launch, Cape Canaveral, Florida 
The Smoking Gun in November 1985 


Distant Operator Onsite in Russia Slew 


Away Registration Point 
Marker Beacon over Night Shuttle Launch, 
26 November, 1985 


EM Missile Practice and Deception 
November 17, 1996 
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Help support the research 
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EM Missile Practice 


Latter Sept.-Early Nov. 1996 


(Multiple Nights, Multiple Streaks Each) 
(Many Witnesses) 


=~ 500 meters (one case) 


Melbourne, Australia 
Australian Associated Press 
Nov. 2, 1996 
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Deception: Using EM Missile to 
Reinforce Notion of SAM Attack 


Saturday Evening 
Nov. 16, 1996 


Note: Meteor shower was forecast, which 


provided perfect decoy to FBI investigators, 
to steer them off the true scent. 


Pakistan International Airlines 
Flight 712, just after takeoff 
from John F. Kennedy Airport, 
on path similar to that taken by 
TWA Flight 800, July 17, 1996 
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Intelligence Probe: Insuring U.S. Still 
Unaware of Energetics Weaponry 


Thursday 

Dec. 12, 1996 
Pilot sighted what he called 
a “green flare”. 
fede lalel-] mia eM-ay-thu-w- elle a 


Saudi Arabian Airlines 747 

en route from Riyadh, Saudi Arabia 
to John F. Kennedy Airport. 

At 12,000 ft., not far from where 
TWA Flight 800 was killed on July 17, 1996 ream 


FBI: "Probably a meteorite.” 


yw 
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y, 


from Night Shuttle Launch 


Cape Canaveral, Florida 


MARKER BEACON 
Over Night Shuttle Launch 
Cape Canaveral, Florida 


~ 


EM MISSILE STRIKE 
26 NOV 1985 


(LIGHT DEVELOPMENT) 26 Now 1985 


OFFSET FROM NIGHT SHUTTLE LAUNCH Photographed by George Suchary 
PHOTO BY BOB GLADWIN “a re ies 


a 
\ 


EM MISSILE STRIKE 
26 NOV 1985 


(DARK DEVELOPMENT) 


OFFSET FROM NIGHT SHUTTLE LAUNCH 


The Smoking Gun in Nov. 1985 
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a m= Distant Operatoy Onsite in RUSSia 
i SAV AVEM nseisieldom mola: 


MARKER BEACON 


Over Night Shuttle Launch 
Cape Canaveral, Florida 


~ 


26 Nov 1985 
Photographed by George Suchary 


28 Nov 1985 
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EM MISSILE PRACTICE 
AND DECEPTION 


Nov. 17, 1996 at 2220 hrs. 


— a Speed Bird 226 


Lufthansa 405 


ie etsan Vicinity of Long Island, New York 


ry 
of kill of TWA-800. Not far from where TWA-800 was killed 


“Inside gloating” by Two aircraft sighted object 
Aum/Yakuza/KGB. 
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Subdivisions of 
Soviet Energetics 






LIVih 1G s oS TEMS 


Bioenergetics Psychoenergetics 
ieee Boted » Toute Neon 





Energetics 
» Nonliving systems 
» Sca terferometry 


« SWZ Effects 


(2 19967 E BEARDEN 
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gr Communism's Goal gx 








«War to the hilt between communism and capitalism 
is inevitable. Today, of course, we are not strong 
enough to attack... To win we shall need the element 
of surprise. The bourgeoisie will have to be put to 
sleep. So we shall begin by launching the most 
spectacular peace movements on record. There will 
be electrifying overtures and unheard-of 
concessions. The capitalist countries, stupid and 
decadent, will rejoice to cooperate in their own 
destruction. They will leap at another chance to be 
friends. As soon as their guard is down, we shall 
smash them with our clenched fist." 


Dimitry Z. Manuilst 
Lenin Schou of Poltical Warfare, Moscow 
(circa 1934) 


( 9987 & BEARDEN 
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Manuilsky's Goal 
vs. Status Toda 


Manuilsky, 1934 Situation, Dec. 1996 


= War is inevitable. _mHas not changed. — 
= Not strong enough # Strong enough now; preparations 
to attack now. completed. Need right opportunity. 


















= Need surprise. a Have achieved total surprise. 

= Must put us to sleer a We are sound a 

= Need most spectacular = Done. We think the Russian threat 

« Electrifying overtures, = Done, and still occurring every day. 
unheard-of concessions. Ithas worked beautifully. 












= Capitalists will cooperate. a Ve are cooperating in spades! 
They will leap to be friends. = We've leaped, and are leaping. 

= They will let down their guard.) = No ABM, junked lots of nukes, 

. shrunk our forces to the bone. 

= We'll strike them then. = They would have struck (twice) in 
1997, but for deterence by another 
nation (not U.S.) having QP weapons 

a They are still looking for a risk-free 
opening to strike 











©) 1995, 1997 TLE. BEARDEN 
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Professor Hellman, German Scientist 
» Released from Work in Soviet Union 





=» Worked in Soviet Union after WWII 

= Eventually escaped to Germany, then 
to Brazil (handsome offer) © ves TE cEAnDEN 

= Took part in highly unusual Soviet energetics 
development and experiments 

=» Large areas of the sea could be and were 
suddenly frozen 

= No particular attention was paid fo this 
information by highly qualified scientists 

s/n intelligence terms, this is A-1 information of 
the highest caliber 

= Bohm also was invited to Brazil, which 
started an energetics weapon program. 
Brazil developed such weapons including weak 
quantum potential weapons (0.95 confidence) 
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The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 


Hemispheres of Light 


e March 20th, 1969 
Caribbean and Western North Atlantic 





e Hemisphere and Globes, 1977 
24 March, 1977 


e Virgin Islands Incident 
August 1969 


e Typical Shield Test, Northern Route to Japan 
June, 1982 
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Expanding Hemisphere of Light 


Mar. 20,1969 
Caribbean and Western _ 
North Atlantic ; 


C 


» Semicircle 

‘Milky white light 
«Small, intense at first 
»Dimmed as enlarged 
‘Grew to enormous size 
*Lasted 10 minutes, then 
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, 


Hemisphere and Globes 1977 





“EY VE DEARDEN I 


eee eee 
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1969 Virgin Islands Incident 


8:15 P.M. 
Thurs 


“ug St smooth, curved edge 
Faintly lumin i Seen by many residents ) 
¥ 
Pi: wet 
~ ———* 
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NYPICAl SHIEIG TEST NOMEN ROUTE TO Japan 


, 18-27 km diameter 


Asahi Evening News, Tokyo 
June 22, 1982 


Multiple tests seen per month, for years. 
Pilots simply. ceased reporting them. 
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How Could Such Superweapons 
Ever Be Concealed? 


Arthur C, Clarke's law states: 


‘Any sufficiently advanced technology Is 
indistinguishable from magic." 


To U.S. scientists, “magic’ means "impossible" 


Longitudinal EM waves and LW interferometers 
have been regarded as fantasy and impossible 
To deceive foe on rather open use of unknown 
technology without discovery: 

‘Disguise its Uses as Undersiandable 

acciaents, human error, acts o7 nature 

oiner KNOWN tecnnology, etc. 
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Soviets Easily Concealed These 


Superweapons for Four Decades 
Intensive Soviet deception plan utilized 
— Embedded in other weapon system tests 
— (Wade to resemble natural acts, accidents, etc 
— Open science releases coordinated to show 


Russian scientists worked on “normal science 
West thought Russian scientists inferior 
U.S. scientific community was and Is dogmatic, 
and fiercely Suppresses real scientific innovation 
Terribly flawed electrodynamics not So, 
shaken and changed In West VE nce ms 
West had no basis for understanding energetics 
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Precise spacetime curvature engine adds energyto2Hes «-particles inside atomic nuclei, causing tunneling «-decay 
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Elevation 
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Figure 26. Microscope-type, laser-like interferometer for inducing quick a-decay 


in samples of otherwise longer-lived isotopes. © TE CEARDEN 198 
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Longitudinal EM Wave Interferometry: 
Endothermic baaliticla 


Meeting of timed pulses i aeare FERENCE 
causes explosive cooling ? 


Ambient vacuum potential 
in distant interference zone 


a eereeets? 










ovesortr® 
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Electrical ground potential 
of transmitter 
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Longitudinal EM Wave Interferometry: 
Exothermic 


Energy input to Energy input to 
a Se tran &. 


AMTR/RCVR 
= as oe) ground potential 
D, of transmitter 









XMTRIRCVR “= 





Bias Heating in 
\ interference zone, 
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Ambient vacuum potential 
in distant interference zone 2 
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The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 





U.S. Air Attack on Libya 
April 1986 


e Slide | 
e Slide 2 


e "Washington Post" Article 
January 22, 1989 
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— ONE F-111 DOWNED 
— NUMEROUS WEAPONS WENT ASTRAY 
EM energy arises from every — THREE FOREIGN EMBASSIES DAMAGED 
paint in spacetime bike - SEVEN AIRCRAFT FORCED TO ABORT 
* COMMANDERS: "US ORTHEM?" 


“Washington Post, 22 Jan. 1989, p. A4 
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U.S. Air Attack on Libya in April 1986 


¢ Established OP with the electronics in our aircraft and missile 
e Subtly jammedthem with spurious EMI noise and signals 





m 4 
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e Aircraft on course of 270 degrees 
e Approached "solid wall of lightning” in 
an otherwise cloudless sky 
— From very high altitude to near the water 
— Extended north-south as far as one could see 
e Radar scope clear 
e Rigged aircraft for heavy weather 
e Plunged directly through wall 
e Wall was very thin  cirea 1959-1960 


Interview with Patrol plane commander 


ote U.S. Navy Ps aircraft 
Over Atlantic, 200 miles east of Norfolk 
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* THEORY DEVELOPED AND FITTED 
* HYSTERESIS MEMORY LOOP 
* CONTROLLED EM INDUCTION 
- IMAGES 
* SENSATIONS 
* PREDETERMINED EMERGENCE 
* 23 EEG BANDS 
- upTo81x107"Hz 
* 41 INDEPENDENT CHANNELS 





A Like, “New Approach wm the Analysis of Eber money bologrmns," 
DO Report ALSO, p. Lies, 


Ci iall bev erc ATs 1A TE, Oe 
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. Large Longitudinal EM Wave 
° Interferometer (LWI) Accident 


e 1958 nuclear explosion near Urals 
— Contaminated 1200 square kilometers 
= Signature of large LVVI accident 


— Buried atomic wastes suddenly exploded 
= Region contaminated to this day 

e Soviets were well along with advanced LW 
prototypes and testing 2) EAROEN woo 10 


— |n Jan. 1960 Khrushchev announced these 
forthcoming fantastic weapons 


— 1958 difficulties would have been resolved by 1960 
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ska Large Longitudinal EM Wave 
Interferometer (LWI) Accident 


e Expected cause of 1958 accident 
— Huge LVV energy beams builtup 
— Catastrophic shortout in transmitter 
— _LVV energy flashed over into earth and spread 
— Struck and fissioned stored nuclear wastes 
e Developed new safety circuits mane 0 


— For transmitter shortout, instantly activates to hold 
VV beam energy and prevent flash-over 


similar accident happened in 1966 at Chernobyl, 
except private U.S, group blew that transmitter 
to prevent catastrophic quake in Califamia 
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(Use of Hidden Information Content of the Field) 
(Can Provide Action-at-a-Distance) 















Note: 
Whittaker's 1904 Interference Zone 
initiated the enti re freld (Potential gradients) 
of superpotential theory. Normal EM Energy: 


May be positive, or 
negative, or fixed 









Hidden 
Bidirectional 
EM energy flow 


Hidden 
Bidirectional 
EM energy flow 


Scalar Potential 
Beams 


Whittaker/Ziolkowski 
Transmitter Arrays * 


© TE Beaden 1994. 1999 ( 8 to 20 harmonic wavepairs each ) 


Figure 5. Scalar potential interferometry (between the two sets of bidirectional 
longitudinal EM wavepair functions) produces all EM force fields and waves. 
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S89 Two Types of Mutual Assured 










= Sane system: 
= Turned off or on standby 
s Wait until attacked or attack is imminent 
=» Humans consider situation, make strike decision 
= Command order issued to weapons officers 
= Human finger initiates launch sequence 
=» Usually requires code entry, etc. for assured launch control 
« Insane system: 
— Computer periodically (e.g., every 2 hours) initiates launch 
= portal Back quence, there is a period (say, 2 min.) where 
ors can enter stop order (usually coded) 
~ f correct stop not entered, weapons atonereery launch 
— if correct computer resets after 
another ote abonn sutomebical lly reinitiates the launch sequence 


ig) oe ee TE Bee 
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sid pra ach Weapons Teams 
<@s> Mentally Disable All Personne! 
(COUNTERS ALL SANE MAD SYSTEMS) 
(NULLIFIES HUMAN COMPONENT OF ALL WEAPON SYSTEMS) 

























ELECTRICAL —™—™~ 
THOUGHT-WORDS 

ARISE DIRECTLY _ 
IN BRAIN, HENCE f 
IN MIND, BYPASSING | 
- SENSORINPUTS _ 













Effects arise in local spacetime, 
simultaneously in all minds in 
the targeted area 





* Site personnel insta 


conroled. 


+ Distant weapon controller 
teams coord crew actions 

* Standdown insane weapons to 
maintenance standby. 

* Mindsnapper then strikes, 
kills all personnel, and 
nullifies site for months. 


indicators: Two A-10 incidents 1997, LIDA device since 1950s, (©) ree TE BEARDEN 
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Strikes Against Special Ship x 


and Energetics Weapon Sites 


e Via powerful scalar EM pulses in each targeted area, so sharp time-4erks occur 
= Mind and its operations exist in time but not in 3-space 

- Coupling interaction of mind operations to body occurs through flow of time 
= Flow or change of flow of time must be smooth, for coupling of mind to body 
Sharp jerk in time flow snaps mind's coupling to body, instantly separates mind 
instant death for every virus, bacterium, cell, insect, mammal, living creature 

e Contaminates struck sites for months, perhaps a year 








Note: In other words, this is the part of the Tabs ra barrage” 
that attacks the enemy's response ri lity (i.e., his “artillery” G) T.E BEARDEN 1396 
and his “airpower") and suppresses it The use of the 
“mindsnapper” weapons provides 100% assurance of success, 
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"MINDSNAPPER" ATTACK ON SPECIAL 
SHIPS & ENERGETICS WEAPONS SITES 











“We have a new, fantastic weapon... owerful that, | if 
oo laa mia e could wipe out tal life on earth.” 


ty einntobreddin, AA 7 
\ a speak eh oPresidium, Pal 
\ y 
NS Sv / iz 


() 1008 TE. BEAPDEN ma, 





a= > —— Minds snapped loose from 
bodies (every living thing) 
Struck areas completely 
sterilized of all life 

LWs emitted; slow decay 
of tim e-charge makes 
TARGETED contamination persistent 


AREAS * Tested twice in Afghanistan 
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The Tom Bearden Website 


The Tom Bearden 
Website 


Help support the research 





How Much Off Guard Are We? 


e Slide 1 
e Slide 2 
e Slide 3 
e Slide 4 
e Slide 5 
e Slide 6 


e Slide 7 
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How Much Off Guard Are We? 





a me roc U.S. forces have no energetics weapons or 
defenses against them 


=» No DoD general, military officer, or enlisted person 
reporting to the government of the United States has any: 
= Training in energetics or energetics weapons 
— Experience in energetics or energetics weapons 
development and usage 
— Training in strategy, tactics, deployment, and 
employment of energetics weapons 
- Knowledge of energetics weapons effects and 
capabilities 
— Knowledge of the energetics werner tactics, 
deployment, and employment by the KGB/Russians 
« Civilian and military, scientific and intelligence, and news 
media personnel do not oc energetics weapons 
effects happening right over their own heads Ow 1: x0. 
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ow Much Off Gua Wy 


® Kill of U.S.S. Thresher in 1963 not recognized. Left signatures. 

= 23 years of KGB weather engineering, particularly over U.S. and 
North America, ignored and not recognized. 

= Decades of irradiation of U.S. Embassy, fatally injuring three U.S. 
Ambassadors, health changes in personne! shrugged off ineptly. 

= Massive building of underground sites, all through former 
Soviet Union, lamely speculated as perhaps "ABM" system or?. 

= 7985, 1986 Soviet kills of U.S. aircraft, spacecraft, personne! ignored 
as "accidents" by legitimate U.S. communities. 

= Quantum potential strike on soldiers in Gulf war ignored. 

= cure potential deterioration of U.S. populace's immune systems 
ignored, 

= Exchange of earthquakes and massive retaliatory destruction of 
Soviet missile ammunition storage sites, 1986-1989, iqnored. 

= U.S. scientific and military communities adamantly refuse to rework 
electromagnetics, though known to be seriously flawed. 

= Refuse to apply Stoney/Whittaker work to engineer hidden variables, 
even though present quantum mechanics aiso known to be wrong 
because it does not contain such “hidden order.” we 4 TE AREEY 

= Refuse to develop, structure, and apply Bohm's quantum potential, 
for instantaneous action at a distance. Russians developed it. 
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How Much 
Off Guard Are We? 


® Kill of U.S.S. Thresher in 1963 
— Not recognized. 
— Left signatures. 
@ 23 years of KGB weather engineering 
— Particularly over U.S. and North America 
— ignored and not recognized. 
® Decades of microwave irradiation of U.S. Embassy 
- Fatally injured three U.S. Ambassadors 
= Induced health changes in personnel 
= Shrugged off ineptly. ae 
@ Massive building of underground sites 
= All through former Soviet Union 
— Lamely speculated as perhaps "ABM" system or?. 
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How Much 
Off Guard Are We? 


®@ 1985, 1986 Soviet kills of U.S. aircraft, spacecraft, 
personnel ignored as “accidents” by legitimate 
U.S. communities. 

® Quantum potential strike on soldiers in Gulf war 
not recognized, ignored. 

© Quantum potential deterioration of U.S. 
populace's immune systems ignored. 

@ Exchange of earthquakes and massive retaliatory 
destruction of Soviet missile ammunition storage 
sites, 1986-1989, ignored. 
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How Mueh 
Off Guard Are We? 


@ U.S. scientific and military communities adamantly 
refuse to rework electromagnetics, though known to 
be seriously awed. 

® Refuse to apply Stoney/Whittaker work to reer 
hidden vari , even though present how 
mechanics also known to be wrong because it does 
not contain such “hidden order.” 

® Refuse to develop, internally structure, and apply 


Bohm's quantum potential, which gives 
instantaneous action at a distance and great energy 
amplification. — 





@ Russians de d quantum potential weapons, 
which obsolete ail other weapons. Oma se noo 
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Re 


_ JUST HOW MUCH OFF GUARD ARE WE? 





Kall, of 


US: 


From The Huntsville (AL) Times 18 Sep 96: 


“Retired Gen. Wayne Downing concluded that U.S. forces 

- are so far superior to potential foes that opponents have 
turned to terrorism as the only way of challenging them." 
The Times also provided the information that 

Defense Secretary William Perry agreed wey 

Gen. Downing's conclusion. 


Kall of 


Arm L i 
Tom io 


fe) hee To 
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QQ JUST HOW MUCH OFF GUARD AR 
Sa 












Blind Euphoria to Even the Ballistic Missile Threat 

e U.S. National Intelligence Estimate (NIE) released in Nov. 

1996 states there is no foreseeable threat to the U.S. from 
“indigenous missiles” for at least 15 years. 

« Clinton has claimed a program for ABM defense is too 
expensive, would violate ABM Treaty with former USSR. 

« Soviets developed an ABM system in violation of the treaty. 

«In June 96 Russia test-launched an SS-19, their 26th ICBM 
test in 5 years. 

e "Russia still retains and is ig twig be vast nuclear 
arsenal... still the only nation of earth that could destro 
America in a matter of minutes. Indeed, given the weakness 

of the Russian Army, Russia's sy ol dg ambitions rest 

more than ever on its nuclear capabilities.” * 

* “For the first time since the dawn of the nuclear age, there is 
not a single Russian missile pointed at America's children.” * 

Comment: Punch a computer button and the missiles are 

pointed! The armed missiles are still there, ready and waiting. 

Bulleted info courtesy Washington Inquirer, June 24, 1996. * House Nat'l Security Chrmn, Floyd Spence. 

© 8 Te om oe ** Bill Clinton, State of the Union Message. 
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Propagation of Weapon Effects 





= All conventional weapons use propagation 
through 3-space of matter or energy or both 
- Matter (bombs, missiles, projectiles, etc.) 
— Energy (EM force fields, sonic force fields, etc.) 
- Basically one-to-one, or one "bus" to many-on-many 
— Finite propagation velocity v: where 0<v <c 
- Time delay: Shielding and pre-strike retaliation possible 
= Structured Structured quantum potential propagates 
vacuum ordering (vacuum engines), instantly 
- Zero time delay (through multiply-connected spacetime) 
= No propagation "through space", no "velocity" as such 
~ Easily one-to-many, without limit 
- Dramatic energy amplifier (gates, amplifies flux ordering) 
- Effects arise in local spacetime; no shielding possible 
~ No range limit, since striking distance always zero 


= QP weapons obsolete all other weapons 


BS, PETE Hees 


http://www.cheniere.org/images/weapons/propefflsm.jpg8.11.2003 1:26:30 


http://www.cheniere.org/images/weapons/QkColdexpsm.jpg 


Yugoslav Earthquake, Apr. 15 
Followed by Cold Explosion [1979 


Magnitude 7.2 on Richter scale 
Epicenter 33 km. deep 
More than 100 aftershocks ME aie . r SY 
At Kamenari: abet. |: 
am aXe lGt-\i(ome-1-7-Mitlet-jslcelelisl-le mele 
ae Stoel celiticomeleitiem—<sjieh ies 
ame) (¢ litt -me) mr mere) lem > de)lel-jie)s 
> Similar to Apr. 1984 test off coast of 
Japan, near Kurils (see inset graphics) 
Note that April is a significant test 
apke)enigmse) mm tgi-mOroleslssieiali-je-m(e)e-)er-lsigre 
e) bi (ed t=] c=) ele) eee) mn \'/-)\ a y= Nae) 


OFF JAPAN, NEAR KURILS 
“ f--> : s 
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COUNTERING AN INSANE QP WEAPON: 


Quantum Potential Psychoenergetics 


<@ Strike Mentally Controls All Personnel 


CONTROLLED PERSONNEL DISABLE INSANE QP SYSTEM 
(FOLLOWED BY PERSONNEL KILL OF ENTIRE CADRE BY MINDSNAPPER) 


Bey 00K 


Effects arise in local spacetime, 
simultaneously in ail mindsin 
the targeted area 














(<) 10m TK. ta tow 
2) 


MINDS ARE INSTANTLY eLED 
INTO WAKING-- BUT DEEP 
HYPNOGOGIC TRANCE 

STATE INSERTED THOUGHTS 
ANALOGOUS TO HYPNOTIST. 
PERSONNEL FUNCTION IN AN 
ALTERED, COMPLETELY 
CONTROLLED PERCEIVED REALITY. 


indicators: Captain Button's lengthy A-10 incident in 1997, LIDA device since 1950s. 


http://www.cheniere.org/images/weapons/QPCountrsm.jpg8.11.2003 1:26:37 


http://www.cheniere.org/images/weapons/QPGulfDissm. jpg 


Gulf War Disease: KGB QP Weapon Induced 
ST Curvature Engines for a Cocktail of Diseases 





as aes © 1999 T. E BEARDEN 
AAV > 
Distant Scalar Potential 
interferometer with 
iterative self-targeting 
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_.. Self-Targeting in Inner EM . 
<@ Channel Can Produce a 
~" Quantum Potential 












eo; Se) = 


& eo => => => =@ TIME N 
POTENTIALS INTO LASER-LIKE Aynon 
BEAMS, BETWEEN TWO PUMPED SFR SED TERACTIO : 
SOURCES. NOW ONLY PUMPED SOURCES 


fomer lL WAVES CONNECT 
LINKED OBJECTS. @ 100s. Hs, 19007. seamen 
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TIME 2 
TIME N N's are nodes participating 
No inthe quantum potential. 

a. Iterative retroreflection between any pair of b. The quartum potential exists as narrow, laser-like 
nodes narrows the interconnecting potentials beams between participating nodes, even when 
to a laser4ike, bidrectiona beam. Iterative the nodes are widely separated The beam space 

ase conjugate reflection provides self- is multiply-connected; transmission Is instan- 
rgeting. taneous, 
© 199 195 TE BEARDEN 





Consider the hidden Stoney/Whittak er bidirectional EM waves that comprise the 
potential from each source node. If these nodes have sufficient rian ge of 
dynamic material form, then self-targeting occurs between the two nodes of any 
nodal pair. By iterative phase conjugate reflection, the scattering is narrowed 


into interconnecting wavepairs, in laserdike beams, between each two nodes. 
Thus the interconnecting potentials narrow into laser-like, bidirectional beams, 
The Coulomb gauge mayapply, and a quantum potential may be formed. 


Figure 30. Mechanism for generating a quantum potential, by iterative 
self-targeting induced into a system of multiple scattering nodes. 
Once a QP is established, spatial separation has little or no effect. 
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KES Major Principles for Use of 
‘2e" Quantum Potential Weapons 








» Must disable dead-man fuzing prior to massive 
use of scalar interferometry weapons. 

# Must assure immediate, complete nullification 
of unique enemy assets (quantum potential 
assets, special ships, and energetics weapons). 

= Personnel can be destroyed instantly with 
mindsnapping; area is sterilized of life, and 
effect persists, gradually dying away. 

= Personnel can be disabled instantly with various 
psychoenergetic weapons; area not sterilized. 

= Personnel can be destroyed in short order by 
using EM BW weapons; area not sterilized. 

= If foe has energetics weapons, then it is a 

uick-draw "gunslinger" contest unless insane 
systems deployed. 

= Complete surprise is of decisive importance. 

= Tailor effect used to specific target, objective. : 

= Note: Must use "insane" MAD systems to defer. © **'© =*om 
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ES Waantum Potential Weapons: 
ger" Major Principles (Continued) 








= Three major classes of use exist: wat aa 
~—Use of bulk energy only (as in bulk heating or cooling) without 
substructuring 
~ Use of internal structuring of the bulk energy, so that vacuum engines 
appear in target 
-Use of more deeply nested engines allows direct intervention in mind, 


long term memory, perception, thoughts, emotions, personality 


» Use of vacuum engines allows engineering at a distance of: 
- Atomic nuclei including structures, reactions, and transmutations 
- Bulk matter including translations, lattice bonding, chemistry, chemical 
~~ tnteractions, electromagnetic interactions 
~ Beep biological control SYaieus such as 
e s cellular control (recovery) system 
> Popp's cellular control system 
—- Cells including: 
“> Structuring, differentiation and dedifferentiation 
» Genetic changes, chemical changes 
> Induction of disease states without normal disease vectors 


- Min d/matter interface, including long-term memory, perception, 
~ @motion, thought, menta tal state 
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Instantaneous Communication by a 
Quantum Potential 






Note: The term 
“quantum potential” 

is used in an @ 1038, 9957.E BEARDEN Selected cipart © by Lotus SmartPics ™ 
extended sense. 
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¢ Separated points are superposed in MCST 

¢ Connection is instant and bidirectional 

¢ Propagation through ST does not apply 

¢ Energy or vacuum engine input to one station 
instantly appears at each and every other station, 
undiminished in magnitude 
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° ak | station may insert energy 


e Phase conjugation insertion 
negates 
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Quake in Tangshan, China 


2B July, 1978 





e 7.8 on Richter scale 
e Hundreds of thousands killed 
e Accompanied by extensive light, 
electrical effects 
= Starting 3 to 5 days before 
= Communications interference 
within 250 ka 
= Sky lighting observed wie 
e [Personal comments] 
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- Quebec 25 Nov 88 
- Pasadena 3 Dec 88 

- Armenia 7 Dec 88 
Call - what do you have? 

- Malibu 18 Jan 89 
Four aces 
- Soviet Central Asia 23 Jan 89 
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instant Communication 
by a Quantum Potential 


The space is multiply connected; i.e., a 
power cha of 1 watt on any sin 
node has a ion of that power also 
appear simultaneously at each other 
node. Once the QP is established, 
spatial separation has no effect. 


SATELLITE 
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Westemers Do Not React to Slow Threats 





BOA CONSTRICTOR LIGHTMNG STRIHE 


Westerners tend not to react to slowly increasing things, 
but react to rapidly increasing things. 
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TECHNICAL RISK MANAGEMENT 


SUPPORT RESEARCH IS TECHNICAL RISK REDUCTION 
AND MANDATORY FOR ANY EMERGING TECHNOLOGY 
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Aum Shinrikyo's 
Sarin Facilit 


The interior of Satian No. 7, a suspected sarin production plant 


Chemical pliant (the first four stages for productio: im =) 
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[ave Sth-stape production) 


STORAGE 
Reference: Senate Subcommittee Hearings 
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In Scalar Beam Interf 








° Grdlharyenetgy abpesreordisappeare 
(i.€., may produce heating or cooling) 

e Energy bottle effect 

e Can add or extract EM energy 

« Can produce specific ST curvature engines 
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w Physicist Schappeller a 
Auralaz Munster, Austria: 
— British Intelligence interview, about 1948 
—Used Kaluza-Klein theory 
—-Worked with Russians 
= Schappeller claimed he could: 
—Cause “implosions” rather than explosions 
— Use gravitational and electromagnetic 
energy 
— Cause large areas of the ocean to freeze 
— Tap earth-ionospheric field 
- Produce enormous energy 


= This is precisely what Hellman worked 
on in the USSR, after WWIN 4 wssrexs0s 
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Initial Soviet Plan for 
Cold War, After WW II 





= Develop and deploy SAM bomber ry Shae 


» Catch up in atomic weapons 
=« Master and apply rocketry cHek> 
= Wed atomic warheads to rockets —\/~_.3 
alnitiate "Cold" War _ 
—Bleed the dragon \ JN 
— Guerrilla wars 
— Terrorism 
—Insurgencies — FF 
= Find, develop, and weaponize ~ © 
next ‘great technical breakthroug A 
area as highest national priority 
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Josef Stalin: Absolute Dictator 
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* Secret police and sples everywhere 

* Purged his own officer corps 

«Always deeply suspicious 

* Regularly purged his enemies or those 
perceived to be shaky or untrustworthy 

* Absolute power, justice had nothing to 
do with it 

* Opponents often just disappeared 
in the night, never to be seen again 

* Secret police often tortured, killed them 

* Others sent to slave labor camps to die 
by severe work, starvation, and beatings 
or downright massacre 

* Had experienced unusual abilities of 
Wolf Messing, so knew that some 
persons could do unusual things 

* Forced Soviet weapon physics into this 
psychoenergetics realm also 
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Josef tal in 
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melee | ~ 
The Communists slaughtered <i 
20 million Russian Kulaks to 


collectivize Soviet farming Pasamibled Academy 





"The destiny of communism has been frustrated bab U.S. development of the 
atomic bo That is not the dage ebeced technical breakthrough. The next one 
be Soviet! You will provide me with that great new technical through ata 
speed, or / will have your heads. Do! e myself clear, comrades?” 
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Significant 
Soviet Statements 





= "In the final revolution, it does not matter if three-quarters 
of the earth is destroyed, so long as the other quarter 
emerges communist.” [Lenin] 


= "if a means of total neutralization of foreign missiles is to 
be found, it can only come from a group of new principles 


in physics, called energetics.” [Nobelian Petr Kapitsa, to Nikita 
Khrushchev, in answer to Khrushchev's demand for a 100% method of 
defense against long range missile attack.] 


= We will bury you." /Khrushchev, to Nixon, Kitchen Debate] 


=» “We have a new weapon, just within the portfolio of our 
scientists, so to speak, which is so powerful that, if 
unrestrainedly used, it could wipe out all life on earth. 
It is a fantastic weapon." [Khrushchev, speaking to the 
Presidium, Jan. 1960] eps 
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T-Polarized Beam Projector 


For intercepting and Distart Masses 
at Various Angles and Distances 


A beam projector interferometer Spacetime 
may be swept in azimuth and curvature 
elevation, under computer control. engines act 
The interference zone can be within any 
quickly swept through the intercepted 
surrounding volume of space. mass 
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zone for 
= time-density 
2 waves 
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Launches from Cape Canaveral 
and Vandenberg AFB 
Provided Practice Targets of Opportunity 
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Film Radiation Detectors 


ES 


me SEE 


- =- Experimental Region 






Figure 32. Embodiment of an instrumental array sufficient to discriminate when 
time-density charging has occurred, and that transduction of time-charge 
decay is occurring. @ TE SEAaRDEN 19% 
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Time-Polarized EM Wave a eter reat Space 
Time Curvature Engines in a Distant Interference 
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Transmutation of Radioactive Nuclei at a Distance 
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Transmutation of Radioactive Nuclei (2) 


Active Spacetime 
Spacetime Curvature Engines 
Specific spacetime curvature curvature Zone of action 
engines used are to add excess engines act \ 
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1YPICAl SHIEIG JEST, NOTE ROUTE TO Japan 


18-27 km diameter 








Asahi Evening News, Tokyo 
June 22, 1982 


Multiple tests seen per month, for years. 
Pilots simply.ceased reporting them. 
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To win its freedom in the long run, usually a group must 
defeat its attackers or suppressors af /Jeast twice. 
* We fought the British twice for our independence. 


We are fighting ourselves twice to free the 
Slaves. American Civil War 
- Civil rights struggle 


We beat the Germans twice, in WW | and WW II 


* We beat the Hispanics in the Spanish-American War. 


eee (They're winning the second by crossing 
r. The U.S, is becoming a Hispanic Nation). 


_But we also have some unfinished business at hand. 
* We checked the Russians in the Cold War. Once. 
* We checked the Japanese in WW Il. Once. 
* We checked the KGB in the Cold War. Once. 
* We checked the Communists in the Cold War. Once. 
+> We checked Saddam Hussein in the Gulf War. Once. 
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ons a Scalar EM Interferometer 
“5 (LASI) Accident Near Urals, 1958 


= 1958 nuclear explosion near Urals 
= Signature of large scalar interferometer (LASI) accident 
=— Buried atomic wastes suddenly exploded 
=- Large region contaminated to this day 

= Soviets were well along with advanced LAS] prototypes 
and testing 
— Khrushchev announced forthcoming advent of these "fantastic" 

weapons in Jan. 1960 

— 1958 difficulties could have been resolved by 1960 

# Expected 1958 cause: transmitter short-out and 
failure in a nearby LAS! discharged its cumulated 
energetics beam energy into the ground 

= Spreading ground pulse struck nearby atomic wastes, 
fissioning nuclei 
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THE KGB/YAKUZA-AUM WAR PLAN 


LEASE 





1990.91 
Aum/Yakuza 
Acquired 
Use of on-site 
Russian 
Scalar EM 
(Energetics) 
Weapons. 
Began 
Geosurvey 
of Test Range 
(Western 
Australia) 
for training. 
KGB Tested QP 
population wen 
(Gulf War 
Syndrome) 
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1991-94 


Began extensive 
training of AUM- 
Yakuza crews 

in Russia, with 
practice firing 
into Western 
Australia. Jteam 
took over worild- 
wide weather 
engineering. 
Preparing for 
occupation of 
West Australia. 


80% of targeted populaces in first hour of strikes. 
TRAIN 


ESCALATE 
\ 





\ 
< 


1995-99 


Began EM kill of selected 


tone U.S. targets, law 
strategic deception plan, 
U-2afc? USAIr 7477 
TWASOO C-130 
ValueJet? A-10s 
Surged electrical grids, 
Worldwide practice kills, 
scalar interferometry. 
QP modification of 
selected pathogens 
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Dud all quantum potential weapons in other nations via psychoenergetics. 
Remove U.S., Israel, Brazil, West Europe as military powers. 


Destroy nuclear weapons, hostile e etics weapons, hostile ships, 


STRIKE! 







Enhance BW infections with OP wpn. 
When ready,counter insane OPweapons 
with psychcenergetics, Destroy QP wens. 
Dud all nuclear weapons worldwide; 
Time-snap ships, scalar weapons sites; 
Attack major target populations w/OP. 
Then cleanup with interferometry strikes. 
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Why Western Science is 
Ignorant of KGB Energetics 
Foundations of electrodynamics and much of 
Western physics are seriously flawed 
Only just rediscovering longitudinal EM waves 
No knowledge of using time-polarizead EM waves 
Does not know a powerful GR Is hidden in EM 
Ignores inner structure of potentials, waves, fields 
Hotly defends errors, ignores for a century 
Determined to push big nuclear science 


Suppresses research to approved dogma by 
slefelmelelsihYmexe) alive) iiialem eleclet-t-ih avanti RESEIEr the 
funds can be used for 
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THE YAKUZA 


THE YAKUZA 


(JAPANESE MAFIA) 


To do business with Japan is to do business with the 
Yakuza 





The Last Samurai, Defending Bushido 


e 3 Major Yakuza Groups, In 
Coalition. 
e Penetrate Japanese Government. 
e Open Offices, Signs on Street. 
e Public Romanticizes Yakuza as 
Last Japanese Samurai 
e In Large High-Tech Corporations. 
e In Control of Japanese Banks. 
e Japanese Real-Estate Rip-off. 
e $500 - 1,000 Billion per Year 
Income. 
e Rapidly Spreading in U.S. 
e Uniting Mafia Groups Worldwide. 
e Coalition with Aum Shinrikyo. 
e Leased Russian Energetics 
Weapons. 
e Crews On-site in Russia, Trained. 
e Practice Firings into Western 
Australia for Three Years. 
(Dozens of Shots per Month) 
e Now in Escalation Phase, Killing 
U.S. Targets. 
e All-out Strike on U.S. ready 1999- 
2000. 
e Now held in check by KGB, dead- 
© 1995, 1996, 2001 T.E. BEARDEN man 
fuzed by small nation friendly to U. 
S. 
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Yugoslav Earthquake, 
Followed by Cold Explosion [if 


=» Magnitude 7.2 on Richter scale 





=» Epicenter 33 km. deep Sree eee 

= More than 100 aftershocks Mii SS, 

s At Kamenari: ‘i 7 | 
- Adriatic sea mushroomed up SS 
— Like atomic bomb explosion ~ RRA COLD EXPLOSION 





— Signature of a cold explosion 


— Similar to Apr. 1984 test off coast of Japan, near 
Kurils (see inset graphics) 


= Note that April is a significant test 
month for the Communists (preparing 
official reports for May Day?) © 12 weston 
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Transduction of EM wave types by successive phase conjugation. 
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Figure 1. Transduction of EM wave types by successive phase conjugation. 
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Time-charging and Time-density excited states 
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Figure A. Excited energy density lewel. Figure B. Excited time density level. 
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Figure 2. Time-charging and Time-denaity excited states, contrasted to 
ordinary spatial energy excited state. 
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Interference for transduction in slow decay of time-density excited states 
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Figure 3. Interference processes for transduction in Sow decay of 
time-denaity excited states. 
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Infolded longitudinal biwaves composition of a scalar potential 
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DISTANCE 


The Structure l= 


A harmonic set of longitudinal wavepairs. In each wavepair the two waves 
supepose spatially, buttravel in opposite directions. Thetwo are phase 
conjugates and timeteversed replicas of each other. Thus they comprise 
a coupled longitudinal wave and antiwave. Each wavepair isa 
time-density wave and therefore an Gectrogravitational wave. 


Figure 4. Infolded longitudinal binaves (time-density EM waves) composition 
of a scala potentia. 
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Scalar potential interferometry produces all EM force fields and waves 


[ell] 


(Use of Hidden Information Content of the Field) 
(Can Provide Action-at-a-Distance) 













Hote: 
Whittaker’s 1904 paper 
inttiated the entirefield 
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[Potential gradients ] 
Horma EM Energy: 
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Figure 45. Scalar potential interferomety (between the tvo sets of bidirectional 
longitudinal EM wavepairnunctions) produces all EM force fields and waves 
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Some serious flaws and errors in classical EM theory (#1-16) 


GS) MS Ge one oo 


Eliminates the Intema EM Inside the Scalar Potential. 

Equations Still 4ssume Maten a Ether Per Maxwell (Unchanged). 
No Definition of Electrica Charge or of Scalar Potential. 

Use of Force Fields in Vacuum is False (and Known to be So). 
Treats Charge q as Unitary Instead of Coupled System q = ¢q)miq). 
Contuses Massless Potential Gradients as Forces (See #3, #4). 
Does Not Utilize Mass a5 a Component of Force (See #235). 


Erroneously Assumes EM Force Fields as Poittary Causes. 
Topology of EM Model Has Been Substantially Reduced. 

Does Not Include Quantum Potential or Action at a Distance. 
Does Not Include Superlumnal Velocity of Inne EM Components. 
Does Not Utilize Extended Near-Field Coulomb Gauge Effects. 
Does Not Include EMG eneratrix Mechanism for Time Flow. 

Does Not Unity Photon and Wave Aspects (Requires 7-D Model. 


Does Not Include Electron Spin and Precession (See 219, #24). 
Treats EM Energy 4s Existing In “Chunks,” Instead of a5 Flow. 


Figure 6. Some senous flaws and emors in classical EM theory (71-16) 
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Some serious flaws and errors in classical EM theory (#17-32) 


17. Confuses Energy and Energy Collection (See #16) 

18. Discands Half of Every EM Wave in Vacuum (See 222), 

19. Enoneoush Uses Transverse Vacuum VWvave; it's L ongitudind. 

20. Arbitraihy Regauges Maxwell's Equations to Eliminate Qvennity. 
21. Omits Phase Conjugate Optics Effects (he Ayulein Internal EM). 
-“?. Does Not IndudeEM Cause of Newtonian Reaction Force. 

eo. Emoneoush Assumes Separate Force Acting on Separate Mass. 


24. Confuses Detected Electron Precession Vaves as Proving Trans- 
verse EM Viaves in Vacuum (Remnant of Old “EM Fluid" Concept) 


ao. Dueto Error in Sting Wave, Omits the Ubiquitous Antiware, 

26 Assumes EquilibnumNot True Unless Include Vacuum Interactions. 

ff Higher Topology Required, to Model Electromagnetic Reality. 

268 Lorentz surface integration discards Poynting energy transport 

29. Has nothing a all to say about formof EM entities in massless space. 
30. Eliminates the infolded genera relatnaty using EN-force as curve agent. 
31. Does not indudelongitudina EM waves as time domain oscillations. 
32. Does not indude EM mechanism that generates time flow and flow rate. 


Figure 6. Some senous flaws and emors in classical EM theory (417-32) 
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Abnormal penetration depth of weak signals due to photon interaction 
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Figure 30. Sbnonmnal penetration depth of incident weak signals due to 
multiphoton interaction in a dense weak signal environment. 
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Amplified replica of body's signal complex to reverse cellular disease & damage 


[ell] 


Recorders & Broadband Amps Broadband Antenna Unit 





Receper-trans mitters 





Adjusting broadband signals 


i, bandwidth and arnplificatian 


Figure 34. Using an amplified replica of the body's own dense, broadband agnal 
complex ta irradiaeit, producing de=ply-penetraing and precise 
longitudinal EM weve sete that pump cells and reverse cellular 


disease ard damage. Th Me enen 
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Amplified replica of body's signal complex to correct a congenital condition 


[¢] 





Time density charge is structured to 
contain the precise spacetime cur- 


Datal=5= yveture engines for timereversal and 
Steering. Changing ocours quick y. 
Engines continueto workfor an 
extended period after charging 


Control Unit 


Alterations Recorders & Broadband “ames 






Recewer-trans mitters 


Adjusting broadband signals 


bandwidth and aroplifi cation 
Os by sdecting indicated 


alterations from database 


Figure 9. Using an amplitied replica of the body's own dense, broadband signal complex 
containing added alterations, toirradiate the body and produce deeply- penetrating precdse 
time-density charging for cellular ti mne-reversal, while steering the ti me reversal trajectory ta 


also correct a congenital condition. oe ee 
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The Tom Bearden Website 





The Anomalies in Navy Electrolyte Experiments at China 
Lake 


These novel experimental anomalies, like those of Cold Fusion, were 
caused by using time as an energy source by transducing time-energy 
into spatial energy. Transducing one microsecond per second of time 
into spatial EM energy, yields nearly 101! watts of power 


e Melvin H. Miles and Benjamin F. Bush, "Radiation 
measurements at China Lake: Real or Artifacts?", Proc. ICCF-7 
(International Conference on Cold Fusion—7), Vancouver, BC, 
Canada, Apr. 1998, p. 101. 


e Consistency of China Lake Anomalies 


e Anomalous LW EM Emission Phenomena at China Lake (1) 





e Anomalous LW EM Emission Phenomena at China Lake (2) 
e Sufficient LW-to-TW Transduction Ionizes GM Tube Gas (3) 


e Sufficient LW-to-TW Transduction lonizes GM Tube Gas (4) 





e Consistency of Anomalies 


e Consistency of Anomalies (2) 
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e Experimental LW Emission Phenomena in Electrolysis 
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Consistency of China Lake Anomalies 





» Variation in LW-TW transduction from experiment to expenment 
» Majority produced insufficient transduction to cause ionization 
discharge of the GM tube gas (to cause detection) 
» Correlation between appearance of anomalous radiation and the 
expected time periods to load palladium with deuterium 
— Within few hours in co-deposit experiments where palladium is 
loaded with deuterium as it deposits from solution 
—Required days of electrolysis for rods that load much slower 
» The faster the deuterium loaded, the greater the interaction of 
deuterium in phase conjugating and self-targeting in lattice 
» Variation in GM detector readings 
—One would read anomalous radiation, another would be blind to it 
—A few experiments gave simultaneous readings from two detectors 
>» Experiments perfectly consistent with LVV-TW transduction, 
time-density charging, variation in GM time histories, and new 
conservation of energy law @) OST E Bewaen 
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— Some GM detectors show anomalous 
high counts, s some do not 
— Time histories of GM detectors are varie 
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— Time-energy ci 
— New extension to to energy const 
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Experimental LW Emission Phenomena in Electrolysis 


ee 


> - Anomalous radiation from n electrolysis i in ionization processes 
— Two expenments producing excess power 
— Dertal x-ray fim showed exposure 
= Simutaneous control study. No exposure 
— 20 expenments without excess power: No exposure 


» Excess energy strongly indicates excess film exposure 
>» GM and Nal detector reaction when electrolysis ongoing w/heavy water 





— Several Geiger Muller (GM) tubes agave anomalous detection Return 
= Reached 73 o above normal background courts to Index 
— No anomalies when experiment off —— 
» GM tube detects anything which causes its internal gas to ionize Previous 
— Nuclear radiaizon is "ionzing" radiation Slide 


— Transduced x-ray and gamma radiation is "iorezina" radiation 
=— Sufficert LW-TW transduction jonizes GM gas 


> Time History of detector involved 
— Some GM detectors show anomalous high counts, some do not 
— Time histones of GM detectors vary appreciably 
— Time histones of fim vary minimally 


>» Experiments consistent with time-density charging, LVW-TW transduction, 


and new conservation of energy law —* Melvin Miles and Benjamin F_ Bush, "Radiation 
Measurements & Chins Lake: Real or Artifacts?" 
Proc. |CCF-7, Vancouver, BC,Canada, Apr, 1995, p. 101 
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The Tom Bearden Website 


A Visual Tour of what they don't want you to know about electrical 
circuits 


10 TRILLION PERCENT OF THE CURRENT 
PRODUCED IS WASTED! 


1. The scalar potential is a harmonic set of phase conjugate 
longitudinal EM waves. 


2. The dipole is a true negative resistor. 


3. The dipole's broken 3-symmetry initiates a spreading giant 
negentropic reordering of a fraction of the vacuum's energy. 


4. Energy flow contours surrounding a transmission line. 


5. Heaviside and Poynting energy flow components. The Heaviside 
component is often 10 trillion times the Poynting component, but 
is simply wasted in ordinary single-pass energy circuits. 


6. Negative resistance process v. positive resistance process. 


7. Lorentz's integration trick to discard the enormous Heaviside non- 
diverged energy flow component. 
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Circuits 


GALLOPING ; 
VELOCITY Scalar Potential 





ae oa ETC 


Wavepair @ 


Wavepair #2 


directions. 
The convergent wave set is in the imaginary plane, and hence is not observable. It is EM 
energy incoming to the potential (dipolarity) from the time domain. 


The charge's spin is 720 degrees, 360 in the real plane and 360 in the imaginary plane. 


Hence the charge receives the complex convergent EM energy, transduces it into real EM 
energy, and emits enormous energy at the speed of light in all directions -- which includes 
bidirectional pairs in 3-space (after the reaction, being after "observation"). 

This produces the fields and potentials from the “source charge or dipole.” 

Mandl and Shaw argue that the scalar (time-polarized) photon and longitudinal photon are observable 
only in similar pairs, which then makes the instantaneous scalar potential. Thus their quantum field 
theory work strongly supports the “negative resistor” interpretation of the scalar potential and our 
solution to the source charge and source dipole problem. 


Figure 1. The scalar potential is a harmonic set of phase conjugate 


longitudinal EM waves. 
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Wavepair #1 
mK ETC. Next 
DISTANCE Slide 
The Structure Is: 
»« A harmonic set of longitudinal phase conjugate wavepairs. “— 
* In each wavepair the two waves superpose spatially after detection, but travel in opposite on 


Circuits 


Note: Decompose the potential e Receives enormous EM 
between the end charges of the dipole energy In complex plane 
(similar to reactive power) 


Transduces it into real EM 
energy and emits it in all 
directions at the speed of light 


The emitted EM energy forms 
the fields and potentials and 
their energy, across space, Next 
from this "source dipole" ‘Slide 
* Basis established by E.T. Whittaker, 
"On the Partial Differential Equations = Return 
of Mathematical Physics," Math. Ann. t Index 
57, 333 (1903). Ignored since then. ~—_ 
Previous 
Slide 


LEGEND 
or 
Outgoing real EM energy 


Incoming complex EM energy 





Figure 2. The dipole is a true negative resistor. 
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Circuits 


Broken 3-space symmetry initiates jump to 4-space symmetry 
between complex plane and real plane. Energy flow is now 
conserved in 4-space, but not in 3-space. This is the true negative 
resistor effect, and a negentropic reordering of the vacuum. 


Reordering is into form of Whittaker* harmonic 
set of bidirectional EM longitudinal wavepairs. 
Reordering is totally deterministic. 





EM energy flow converging on dipole Next 
ee Gm acernee: si 
7 ow dive ipole 
Flow hy in real 3 Space (observable) e 
ee er eae re re wnewe: eee > wee Return 
to Index 
r=ct sa re © fg ’y peeves 
m <4 PE. a cr Slide 
Radius of negentropically << ea * , tA Tene 
re-ordering vacuum ReaD | 
energy at time t in gs al 
seconds, after dipole $ ai 4 
formation gLAL YY cat Mahe 
DIPOLE 0 0 RADIAL DISTANCE IN ANY DIRECTION 
LOCATION 


Figure 3. The dipole's broken 3-symmetry initiates a spreading giant 
negentropic reordering of a fraction of the vacuum's energy. 
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Return 

to Index 

NONLOCAL \ . ah NO {Se L f / Previous 

(Nondivergent) \ >< _(Nondivergent) / Slide 

This huge Heaviside \ ~ re Se / = 

the circuit and is not = Contours are in watts/s | meter if 

int . itis Tiety estat Roth interacted with a unit point static 
. is diverged into charge and the energy y collected). 


and 
chargos ar ctors to power the circuit. More charge at each point will 
” — collect more watts/ 4 meter at 


each point. 





Figure 4. Energy flow contours surrounding a transmission line. 
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Heaviside component (nondiverged) 
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Figure 5. Heaviside and Poynting energy flow components. The Heaviside 
component is often 10 trillion times the Poynting component, but 
is simply wasted in ordinary single-pass energy flow circuits. 
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Figure 6. Negative resistance process vs. positive resistance process. A 
negative resistor receives energy in unusable form, transduces it, 
and outputs it in usable form. A positive resistor receives energy 
in usable form, and scatters it into unusable form. 
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Sarna Sx — we Sour 


2 2 
IR IR 
Sr =S-S, 
1a. Lorentz surface integration. 1b. Actual S in and S out. 
Return 
to Index 
Note: 4 the S-vector is integrated over the closed surface, then ee 
all nondiverged energy flow is zeroed, leaving only the 
very small component of the input S-flow that is powering Previous 
the joule heating of the resistor. In short, only the small SS 
See Bile the Phillips, com of the S-flow that is equal in magnitude to Slide 
Magnetism oe aig the Poynting vector remains. This measures only the tiny 
port the S-flow that is intercepted and diverged into the 
ne 76. a lesley, 1962, conductors by their surface charges, ng the electrons 


and then dissipated out of the resistor as joule heating, 


The Lorentz procedure arbitrarily discards the enormous 
Heaviside component that misses the circuit entirely and is 
wasted. This results in a non sequitur of first magnitude in 
energy flow theory . 





Figure 7. Lorentz's integration trick to discard the enormous Heaviside 
non-diverged energy flow component. 
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THE VIRTOAL TIMES 
CHASING THE WILD DRAGON: 


Foundations of a New Science 


By T.E. Bearden 
November 12, 1995 


It is a pleasure to accept the offer of John and Larry to write a column in their new InterNet 
magazine. Theirs is a great venture, and with the energy and knowledge they bring to the task, one 
can be confident of their success in making this a very interesting and informative publication. 


There is a new "rebel" science slowly being born, with most of the work being done outside the 
universities and orthodox scientific community. In the months ahead it will be my job to try to 
acquaint you with the gist of what's going on, and what all the excitement is about. 


This first article is deliberately just introductory, and its purpose is to interest you in the unusual 
fields we are going to be covering in more scientific detail, in future columns. We will also be listing 
a variety of references from the technical literature, which bear upon the various points addressed. 


In this first article a little of my own background experience [note 1] is given, so you can decide 
whether you will be interested in what we have to say! 


The real purpose of the column will just be to present information that you may not be able to readily 
obtain any other way. We will not argue or debate with skeptics; nothing productive is to be gained 
by that. If the information we present is useful to you, then our purpose has been accomplished. If it 
isn't of use to you, then just file it in the old wastebasket. Also, from time to time I may answer a 
generic question, constructed from multiple queries. Individual responses to correspondence cannot 
be provided. 


The work toward a new breakthrough science is going on in a broad spectrum of "fields," most of 
which are not yet recognized by academia as even constituting legitimate areas of scientific endeavor 
(Table 1). 


Some of the major areas involved are: 


theoretical and experimental research in overunity electrical machines, 

free energy research of other kinds, such as devices utilizing thermodynamics phase changes, 
rapidly advancing efforts in cold fusion, 

work on permanent magnet motors, 

antigravity research, both theoretical and experimental, 

development and utilization of a "hidden" electrodynamics inside the scalar potential (inside 
voltage), 

7. the "memory" of space and materials; where this "memory" can be deliberately conditioned so 
that space and the materials themselves become causal actants rather than simple inert entities, 


a ee ee 
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13. 


14. 


. direct engineering of quantum change via a new kind of "hidden electrodynamic variables," 
. the direct engineering of the vacuum's virtual photon flux exchange with matter, 

. action at a distance, including the deliberate formation and usage of quantum potentials, 

. direct engineering of the local curvature of spacetime (yes, the direct engineering of general 


relativity, using the new hidden kind of electrodynamics), 


. use of the new "hidden" electromagnetics to engineer body cells including the reversal of 


diseased cells, genetics and all, back to a previous healthy state (cellular dedifferentiation, in 
biophysical terms, or cellular phase conjugation, in physics terminology), 

research toward the direct engineering of the mind, including both the conscious and 
unconscious minds, long-term memory, and the personality itself, and 

a ruthless re-examination (and correction where necessary and possible) of the definitions, 
concepts, and postulates that present physics is founded upon. 


ILLUSTRATION LIST | NEXT PAGE 
® copyright T.E Bearden 1995 
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Notes and References: 


[1] For those interested in orthodox qualifications, I have an M.S. in nuclear engineering (1971) from 
Georgia Institute of Technology and a BS in mathematics (1953) from what is now Northeast 
Louisiana University with a minor in electronic engineering. 
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Tables: 


Table 1. Fourteen Emerging New Science Areas 


. Overunity Electrical Machines and Power Systems 

. Overunity Devices Using Thermodynamical Phase Changes 
. Cold Fusion and Non-Nuclear Transmutation 

. Self-Powered Permanent Magnet Motors 

. Antigravity and Antigravity Engineering 

. Use of the "Inner" EM Inside the Scalar Potential 

. Vacuum Engineering, With Vacuum and Materials Memory 
. Direct Engineering of Quantum Change 

. Engineering and Structuring of Massless Charge Flux 

. Action-At-A-Distance, Including Use of Quantum Potentials 
. Direct Engineering of Local Spacetime Curvature 

. "Inner EM" Time Reversal of Diseased Cells Back to Health 
. Direct Engineering of the Mind, Including Software Loading 
. Unified Field Revision of Foundations Concepts of Science 


= SS SS 
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Each of these "major areas" as yet has no single "experts" in the sense THE VIRTOAL TIMES 
that individuals exist who possess a "mastery" of the given area. As an example, in spite of multiple 
researchers and decades of vigorous research, no one is really an "overall expert" in the overunity 
electrical power systems field. The "field" itself is still struggling to be born and is not recognized at 
all by orthodoxy; in fact, many orthodox scientists bitterly resent one even attempting to work in this 
area. There is as yet no cohesive single "theory" of overunity electrical or magnetic machines, 
although our own group is making rapid progress in that respect. But there is still no universal 
agreement amongst even the researchers themselves. Literally the field is still being discovered. 


This "groping dimly toward a new field" should not be too surprising. After all, the early 
electromagnetics researchers went through the same tortuous, agonizing kind of development. They 
were playing with cat fur, glass rods, and pith balls for quite an extended period before understanding 
progressed to the point where Maxwell could mathematically tie together and model the results of the 
experimenters such as Faraday and others. It has taken a century and a half for modern 
electromagnetics and electronics to reach its own present development. It is going to take another 
decade or so before the overunity researchers can overturn several ill-founded parts of the present 
electromagnetics and get the emerging field onto a solid foundations footing and into a solid 
theoretical position. 


In the effort to produce a theoretical model of electromagnetics, Maxwell and his predecessors 
performed a magnificent work. Yet they also made very serious errors (Table 2), which persist to this 


day. [note 2] Let us list just a few of the more blatant errors in classical EM theory today: 


First, Franklin guessed wrong on which way electrical current flowed in a circuit. There is no 
definition at all of electrical charge in all of physics, and there is no acceptable definition of potential 
(that is, there is no rigorous definition of just good old "voltage.") There are no "fields of force" in the 
vacuum; there are just potential gradients __ because the vacuum is just one vast potential (virtual 
particle flux) in the first place. Force fields actually occur only in and of the matter in a material 
system. The primary causative agents of electromagnetics are not the so-called "force fields’ at all, 
but are the potentials ___ as is well-known in quantum mechanics. [note 3] Maxwell assumed a 
material ether in his equations. The Michelson-Morley experiment destroyed the material ether, but 
the Maxwell equations have never been changed accordingly. The electron was not yet discovered 
when the Maxwell equations were written; the theory does not address electron spin. Maxwell was 
already dead some two decades when Barus' 1898 paper [note 4] was published, pointing out the 
strange "backwards-traveling" wave (1.e., time-reversed wave) solution to the wave equation. In 
addition, Heaviside and Gibbs had already produced their vector truncation ___ this truncated theory is 
the modern so-called "Maxwell's equations" that universities teach today __ of Maxwell's theory. Not 
a single one of them ever appeared in any book or paper by James Clerk Maxwell. [note 5] 
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Tables: 


Table 2. Some Defects In Electrodynamics 


. Conventional Current Direction Is Reversed 

. No Definition of Charge or Potential 

. Equations Still Assume Material Ether 

. Use of Force Fields in Vacuum is Known to be False 

. Treats Charge as Unitary; Instead, It is a Coupled System 

. Confuses Massless Potential Gradients as Forces 

. Does Not Utilize Mass as a Component of Force 

. Erroneously Assumes Force Fields as Primary Causes 

. Topology of EM Model Has Been Substantially Reduced 

. Does Not Include Quantum Potential 

. Does Not Include Proven Action At A Distance 

. Does Not Utilize Near Field Coulornb Gauge Effects 

. Does Not Include EM Generatrix for Time Flow 

. Does Not Unify Photon and Wave Aspects 

. Does Not Include Electron Spin and Precession 

. Treats Energy As Existing In "Chunks," instead of as Flow 
. Confuses Energy and Energy Collection 

. Discards Half of Every EM Wave in Vacuum 

. Erroneously Uses Transverse Vacuum Wave; It's Longitudinal 
. Omits Phase Conjugate Optics Effects 

. Does Not Include EM Cause of Newtonjan Reaction Force 
. Erroneously Assumes Separate Force Acting on Separate Mass 
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[2] For an independent statement that electrodynamics, both classical and quantal, are in serious 
disarray, see Mario Bunge, Foundations of Physics, Springer-Verlag, New York, 1967, p. 176. 
Quoting: "...it is not usually acknowledged that electrodynamics, both classical and quantal, are in a 
sad state." Bunge points out many errors in electrodynamics. See also Terence W. Barrett, 
"Electromagnetic Phenomena Not Explained by Maxwell's Equations," in Lakhtakia, A. (ed.): Essays 
on the Formal Aspects of Electromaqnetic Theory, World Scientific, Singapore, 1992, p. 6-86. To 
find information on what's wrong with EM theory, one must read foundations literature, not the 
standard textbooks. One of my own contributions has been to point out that the notion of charge q is 
not unitary. In fact, electrical charge should be defined in terms of q ~ m(sub q)~(sub q). In other 
words, electric charge q has a massive part m, and a massless part consisting of its potential phi. 
Further, the magnitude of phi is just the change in the virtual photon flux of the ambient vacuum, due 
to the [quantum field theoretic] virtual photon exchange with the mass of the q. It follows that the 
true electrical charge of a particle is just its native potential ~, which is also a dynamic energy 
exchange with the surrounding vacuum. It also follows that this massless electrical charge changes 
whenever the particle is placed in a potential (in a different ambient virtual photon flux). After all, 
potentials superpose; that is their major characteristic. Note that the potential of the test particle is 
ignored in classical electromagnetics, whenever one speaks of the "E-field" upon the particle. Further, 
the actual structure of this virtual photon flux that comprises massless electrical charge, can itself be 
deterministically structured and utilized to generate nonlinear effects that do not appear at all in the 
present conventional theory. We will be covering many of these effects in future articles. 


http://www.hsv.com/writers/bearden/ref02.htm24. 11.2003 20:26:04 


Notes and References: 


[3] E.g., see Y. Aharonov and D. Bohm, "Significance of Electromagnetic Potentials in the Quantum 
Theory,” Physical Review, Second Series, 115(3), 1959, p. 485-491. Effects of potentials on charged 
particles exist even in the region where all the fields (and therefore the forces on the particles) vanish, 
contrary to classical electrodynamics. The quantum effects are due to the phenomenon of 
interference. These effects occur in spite of Faraday shielding. The Lorentz force does not appear 
anywhere in the fundamental quantum theory, but appears only as an approximation that holds in the 
classical limit. In QM, the fundamental physical entities are the potentials, while the fields are 
derived from them by differentiation. 
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[4] Carl Barus, "A Curious Inversion in the Wave Mechanism of the Electromagnetic Theory of 
Light," American Journal of Science, Vol. 5, Fourth Series, 1898, p. 343-348. 
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[5] E.g., see Paul J. Nahin, Oliver Heaviside: Saqe in Solitude, IEEE Press, New York. Quoting from 
p. 9: "...nowhere in Maxwell's writings do the equations for the electromagnetic field appear as we 
write them today. Maxwell used an amalgamation of Cartesian component and quaternion notation, 
and it was Heaviside who first wrote the electromagnetic field equations in modern vector form." 
Quoting from p. 92: "In actuality , however, the fields were not the primary reality to Maxwell at all 
(that is an idea that developed after Maxwell's death and is due to Hertz and Heaviside), but rather it 
was Faraday's 'electrotonic state’ that he thought to be the real thing. Like Faraday, Maxwell believed 
that electromagnetic effects are observable results of an altered state of the ether. The mathematical 
formulation of this electrotonic state, for Maxwell, is what we today (as he did) call the vector 
potential." And again, from p. 96: "To Maxwell, however, the vector potential had a most definite 
physical meaning." 
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So the time-reversed EM wave that one finally sees emerging in THE VIRTOAL TIMES 
nonlinear phase conjugate optics in the early 1970s was omitted from the Maxwellian theory and its 
later modification by Heaviside and Gibbs. Maxwell's actual theory is in a higher topology 
(quaternion algebra), and involves some 20 quaternion equations. Heaviside and Gibbs created vector 
algebra, and seriously curtailed Maxwell's theory when they "translated" it into the much lower 
topology of vectors and some four equations. The later addition of tensors as the basis mathematics 
did not restore the lost topology provided by the quaternion model.[note 6] 


For the EM wave, Maxwell simply assumed the transverse EM wave that had come from the much 
earlier derivation of the familiar wave equation from the old "plucked taut string" notions. [note 7] 
Yet when one closely examines and corrects some of the erroneous assumptions [note 8] made for the 
actual mathematical derivation of this "taut string" transverse wave, one finds (Figure 1) that an equal- 
energy second antiphased transverse "antiwave" is actually produced by the instrument and added to 
the "plucked string's" transverse wave disturbance of the air medium, to produce a longitudinal wave 
of compression and rarefaction in the air itself. The "transverse string wave" in fact never leaves the 
string. The string wave is not the wave that is launched into the medium. 


A similar electromagnetic situation exists. In a whip antenna (Figure 2), the Drude electron gas in the 
conductor does exhibit a transverse "string-type" EM wave of electron precession. However, at the 
same time, by Newton's third law (which Maxwell neglected because at the time the atom was 
regarded as just a blob with no internal structure) the positively charged, phase conjugated atomic 
nuclei have equal energy, highly damped transverse recoil waves created in them. Further, these 
"nuclei-recoil" waves are phase conjugate replicas of the electron gas waves. The total disturbance 
that is launched into the vacuum from the whip antenna is (a) the normal transverse disturbance of the 
virtual photon flux of vacuum caused by the electron gas wave, and (b) the coupled equal-energy 
transverse antiwave caused by the nuclei-recoil via Newton's third law. The amplitude of the material 
antiwaves of nuclei vibration are highly damped because of the massiveness of the nuclei; however, 
they are of equal energy to the electron wave. But when launched into the same vacuum, the two 
equal-energy wave disturbances experience equal damping because they are in the same medium. 
Hence the wave and antiwave are (a) locked together in the vacuum, and (b) of equal energy, and (3) 
of equal amplitude once launched into the vacuum. What results is a vacuum EM wave of rarefaction 
(reduction in intensity) and compression (increase in intensity) of the virtual photon flux of vacuum 
___ just exactly like what is launched into the surrounding gaseous air medium from the "plucked taut 
string" and perturbed body of a physical instrument. The EM wave in vacuum is a longitudinal wave 
directly analogous to a sound wave __ just as Nikola Tesla stated. [note 9] 


The vacuum may be considered a scalar potential, in which case it has an internal biwave structure 
(Figure 3). Interference of two potentials ___1.e., the hidden interference (Figure 4) of their internal 
wave structures ___ in fact already creates all EM fields and waves. 


When the incoming longitudinal "biwave" from the vacuum strikes the atoms of the receiving 
antenna, each atom may be considered a dynamic assembly of multiple dipoles, where each dipole 
consists of one of the electrons in the electron shells and one of the positive charges in the nucleus. 
The receiving dipole in the interacting atom splits the two waves apart again (Figure 5). The 
negatively charged end of the dipole is time-forward, and the positively charged end is time-reversed. 
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Hence the separated normal-wave-half of the biwave interacts with the electron, to give again the 
familiar transverse "electron precession" wave that we detect with our "electron wiggle-detecting" 
instruments (Figure 6). This detected electron precession wave is what all our textbooks prescribe 
erroneously as the vacuum wave! The separated time-reversed-wave-half of the incoming vacuum 
wave is split off and interacts with the positive end of the receiving atomic dipole, in the time- 
reversed atomic nucleus, thus generating Newton's third law reaction force to provide the recoil of the 
nucleus. Present physics has ignored this second wave altogether, because of the serious error in the 
original derivation of the wave equation from plucked strings. Thus physics presently has absolutely 
no causative mechanism for Newton's reaction force. Instead, scientists just "mystically invoke the 
appearance of this magic force." Describing that something occurs, and naming its occurrence, does 
not constitute advancing a causative mechanism! 


ILLUSTRATION LIST | NEXT PAGE 
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[6] E.g., see T.W. Barrett, "Tesla's Nonlinear Oscillator- Shuttle-Circuit (OSC) Theory," Annales de 
la Fondation Louis de Broglie, 16(1), 1991, p. 23-41. Barrett shows that a higher topology EM model 
(e.g., quaternions) allows shuttling and storage of potentials in circuits, and also allows additional 
EM functioning of a circuit that a conventional EM analysis cannot reveal. Tesla's actual patented 
circuits in fact exhibit this higher topology, when a quaternion EM analysis of them is performed. No 
orthodox vector/tensor analysis can show this. 
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[7] All the early experimenters seemed to assume the transverse string-type wave automatically for 
the vacuum medium. E.g., Faraday speculated that light and radiant heat might be transverse 
vibrations propagated along his "lines of force," from which the direct "plucked string" analogy can 
readily be seen. In short, he considered that his lines of force could be perturbed to vibrate laterally, 
just like a plucked string. See M. Faraday, "Thoughts of Ray-Vibrations," Philosophical Magazine, 
(3), vol. xxvii, 1846, p. 345. Maxwell also assumed the transverse EM wave in vacuum without 
question, as did Heaviside, Hertz, and Gibbs and as has almost every electrodynamicist since then. 
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[8] The worst is the assumption of infinitely rigid endposts holding the taut string, so that no 
movement of these endposts occurs. This further assumes that no induced movement of the body of 
the instrument occurs. The end result is to eliminate all of that wave that is produced in the body of 
the instrument, and retain only the transverse wave produced in the string. In the first place, this 
standard procedure has now become a total violation of Newton's third law, which among other 
things requires that forces be formed in oppositional pairs. So the standard method for the launch of a 
wave from an instrument is flawed. Specifically, the "transverse string wave" is falsified insolaf as its 
appearance in the surrounding medium. This is not the wave that actually exits the instrument and 
that is launched into the medium. This universal oversight on the part of mathematicians and 
physicists is a colossal joke upon them. Literally, when a physicist writes the transverse wave 
equation on the board, he has just discarded exactly half the physics. This means that, in his 
interactions, at the end there will suddenly appear this mysterious, mystical "equal and opposite 
reaction force" that is created by the erroneously ignored antiwave. So he has to piously invoke this 
reaction force "from the blue." Yet quantum field theory teaches us already that all mechanical and 
electromagnetic forces on a mass are generated by absorption and emission of virtual photons. Hence 
Newton's third law reaction force must also be so generated. This means that there must exist an 
equal number of virtual antiphotons interacting in the antiforce, as there was virtual photons 
interacting in the causative force. By symmetry there must also exist an equal and opposite wave, or 
antiwave, made of these same antiphotons. The actual disturbance that entered from the vacuum must 
therefore have consisted of both wave and antiwave. QED. 
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Figure 1. Airmedium disturbances generated by plucked string. 
Two Waves are created, both slapping the air medium at the 
same time, but in opposite directions. A disturbed medium 
oscillates according to its own degrees offreedom. The air has 
more degrees of freedom than the string. A wave of compression 
and rarefaction is created in the air medium. 
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Figure 2. Launching an EM wave from a wire antenna. 


Cur (2) TE. BROADEN 1354, 1582 


http://www.hsv.com/writers/bearden/fig002.htm24.11.2003 20:26:25 


Notes and References: 


[9] See Nikola Tesla, "Pioneer Radio Engineer Gives Views on Power," New York Herald Tribune, 
Sep. 11, 1932. Quoting: "...[ showed that the universal medium is a gaseous body in which only 
longitudinal pulses can be propagated, involving alternating compressions and expansions similar to 
those produced by sound waves in the air. Thus, a wireless transmitter does not emit Hertz waves 
which are a myth, but sound waves in the ether, behaving in every respect like those in the air, except 
that, owing to the great elastic force and extremely small density of the medium, their speed is that of 
light." Today the QM vacuum has been theoretically and experimentally shown to consist of a "gas" 
of virtual particles, rather like Tesla stated. Tesla was also correct about the longitudinal EM wave in 
the vacuum. He was also correct in his statement that a fundamental charged particle can alter its 
charge, if one considers the massless charge ~ of charge q separately from the mass m of charge q. 
When the charge q is placed in a nonzero potential V, it follows that the new charge of the electron is 
simply (~+V). 


http://www.hsv.com/writers/bearden/ref09 .htm24. 11.2003 20:26:26 


Tables: 


x mw om ETC. 


Wiavepail #3 
HARMONICS 
Fit) Wavepall #2 
SUBHARII OMICS 
Wavepair #1 
Pee ane * ae * * * ETE, 


- 
MA, 








F(S) 


Figure 3. Internal Wave Structure of the scalar potential. 
A harmonié set if wavepairs, where in each wavepair the two 
waves SUper pose spatially, but travel in opposite directions. 
The two waves in each pair are true phase conjugates and 
time-reversals of each other. Thus they comprise a coupled 
wave and antiwaye. The photons must also be coupled into 
photonfantiphoton pairs, by a strong application of the 
distortion correction theorem of nonlinear optics. 
Fach wavepalr is 4 standing elecirogravilational wave 


01-F3 &) TE. Bearden Gi, 1365 


http://www.hsv.com/writers/bearden/fig003.htm24.11.2003 20:26:29 


Tables: 













Nole: 


» Positive energy: radates. 

= Negative energy: energy sink. 

» Fixed energy: Trapped: does 
not radiate or absorb. 


Interference Zone 
(Potential gradients) 
Normal EM Energy: 
May be positive, or 
negative, or fixed 









Hidden 
Bidirectional 
EM energy flow 


Hidden 
Bidirectional 
EM energy flow 


Whittaker/Ziolkowski 
me” = [ransmitter Arrays vraag 
( 8 ta 20 harmonic wavepairs each } 








Figure 4. Scalar potential interferometry provides action-at-a- 
distance. It already creates normal EM fields and waves. 


DAiF4 © 1331 TE. Bearden 


http://www.hsv.com/writers/bearden/fig004.htm24. 11.2003 20:26:33 


Tables: 


MECHANISM FOR NEWTON'S THIRD LAW 


; - Excitation 
Dipolarity e or ionization 
separates the 

GRAVITON photon and PHOTON 
_ the apa SY 

\ i —_ Ss 






Ly ANTIPHOTON 


fir 
<> 


+, 
7 





> 


- . NUCLEUS 
NOTE: Graviton waves are bidirectional RECOILS 


phase waves of photan/antiphoton 
coupling and uncoupling in the vacuum. 


The atamis an assembly of dynamic dipoles. 


A dipole splits the graviton into a photon and an antiphoton. 
The photon interacts with the electron, producing the action. 
The antiphoton interacts with the nucleus, producing the reaction. 


Figure 5. Graviton interaction with matter produces the 
photon interaction and Newton's third law reaction. 


0.1-F Ss 


http://www.hsv.com/writers/bearden/fig005.htm24.11.2003 20:26:36 


Tables: 


sed restrained 
spinning electron 
sl One inside the wire 

ee acts as gyro 





Poynting flow S {outside} 
et FIELD ENERGY DENSITY FLOW 


Poynting flaw ESTABLISHES AN EQUIPOTENTIAL V 





outside the wire F ddvdt VC 
Ss ; dafat (insi 
q/dt (inside) 
SD am, fat 
< (WORK FLOW) 
(outside the wire} 
electron - {ese 
wire oyntin 
current dqydt feel ae 
ea inside the wire} 
direction dm, /dt Set Uren 2. 
J to loads and losses 


dm, édt 
Figure 6. Currents in and along a conductor, with electron precession. 


DiFe © 13% TE. Baardon 


http://www.hsv.com/writers/bearden/fig006.htm24. 11.2003 20:26:39 


CHASING THE WILD DRAGON: 


Further, if we should trick the time-reversed wave half into coming THE VIRTUAL TIMES 
outside the atom instead of going inside to interact with the nucleus (Figure 7), then it follows that the 
nucleus would not recoil. In that case the interaction would appear to violate Newtonian third law 
reaction. Phase conjugate mirrors already do just exactly this when they emit a phase conjugate 
replica wave. They direct the antiwave outside and away from the atom instead of inwards into the 
nucleus. So they do not recoil, no matter how powerful a phase conjugate replica wave they emit. 


Finally, we can also show that the EM wave in vacuum is longitudinal, by yet another approach. The 
electrons in the electron gas in a conductor are spinning, and they are severely constrained 
longitudinally to be able to move only very, very slowly down the wire. So when perturbed, they act 
as gyroscopes, and precess at right angles to the perturbing force. The fact that the gyroelectrons in a 
wire move radially almost entirely, and only "slip" down the wire very slowly with a "drift" velocity, 
already proves conclusively that the incoming vacuum disturbance was longitudinal. The precession 
of a gyro is at right angles to the perturbing force. Therefore rigorously the vacuum EM waves are 
longitudinal, because the gyroelectrons moved transversely. The present assumption of the transverse 
EM wave in vacuum contradicts the entire theory of gyroscopes! [note 10] There are many other 
errors in classical EM that we will point out in future articles; this should give the reader a flavor of 
what is in store for him in future articles. 


So there are no truly satisfactory "experts" in any of the 14 fields. Yet there is still something to be 
said for having some years of experience in one or more of the areas. I have had the good fortune or 
misfortune, depending upon one's viewpoint, to be involved in various of those 14 activities for some 
30 years or more, and am active in several of the areas now. My colleagues and I are particularly 
active in researching overunity electrical devices (see Figure 8), to include the effects of controlled 
chaotic oscillators, charge-blocking oscillators, and oscillators driven by in-shuttled (bridged) 
Poynting field energy density flow ExH. Parametric oscillation is known to have yielded overunity 
electrical machines and was fully reported by Russian researchers in the Russian and French 
technical journals in the mid 1930s. [note 11] We will further cite that little-known work in future 
articles. Also, we are working mightily upon true negative resistors (Figure 9), wherein the resistor 
scavenges some of the disorganized energy from the vacuum's energetic exchange with the charges in 
the system, organizes and collects it, and then outputs that collected energy flow into the external 
circuit. Such a resistor acts as a power source. Kron, perhaps the greatest of the electrical machinery 
scientists, is known to have produced such true negative resistors. 


I have also proposed a theoretical explanation of the Priore device (Figure 10) in France which in 
laboratory animals demonstrated remarkable cures of terminal tumors, cured trypanosomias, reversed 
atheriosclerosis, and restored suppressed immune systems. The Priore work was not anecdotal, but 
was performed under rigorous scientific protocols, working under the auspices of renowned French 
scientists such as Courrier and Pautrizel. The work is properly reported in numerous papers in the 
French medical literature. [note 12] The results were certainly achieved, but neither Priore himself 
nor the scientists of the day could understand the mechanism involved. The deciphering of that 
causative technical mechanism utilized by the Priore group required 10 years of intense effort. The 
results have now been published in the journal Explore! and are there for anyone to read. [note 13] 


ILLUSTRATION LIST | NEXT PAGE 
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[10] When Maxwell's theory was constructed, the electron had not yet been discovered, and so the 
dipolarity of the atom was unknown. An atom was regarded just as a "blob." Electricity in a 
conductor was regarded as a thin material fluid Maxwell's equations are in fact hydrodynamic 
equations. So the founders regarded the detection of induced motion in the electric fluid as induced 
translation, not induced precession. They had no idea of "spins" of particles of the fluid, nor of gyro 
precession of those particles. Instead, q was regarded just as a "piece of electric fluid," similar to a 
cubic centimeter of fluid. 
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[11] E.g., see L. Mandelstam [Mendel'shtam, L.I.], N. Papalexi, A. Andronov, S. Chaikin and A. 
Witt. (1935) "Report on Recent Research on Nonlinear Oscillations," Translation of "Expose Des 
Recherches Recentes Sur Les Oscillations Non Lineaires," Technical Physics of the USSR, 
Leningrad, Vol. 2, 1935, p. 81-134. NASA Translation Doc. TT F-12,678, Nov. 1969. Summarizes 
lengthy work at the Institute of Physics of the University of Moscow and several of the laboratories 
on the problem of self-powered, self- oscillating nonlinear oscillators. The paper reports significant 
work and progress in oscillations created by the oscillating system itself (self-oscillation) without 
participation of any external forces varying with time and without the expense of a constant source of 
energy (e.g., a storage battery). Such a system was shown to self-increase in an underdamped manner 
until system self-destruction. Adding a nonlinear load allowed the systems to stabilize its dynamic 
operation so that it powered a load under overunity conditions and did not self-destruct. Extensive 
additional references on this spectacularly successful overunity energy project are listed. 
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[12] For citations and the exposition of our proposed explanation of the Priore mechanism, see T.E. 
Bearden, "Vacuum engines and Priore's methodology: The true science of energy-medicine." Part I, 
Explore!, 6(1), 1995, p. 66- 76, Part Il, Explore!, 6(2), 1995, p. 50-62. 
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[13] Bearden, "Vacuum engines and...," ibid. 
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Presently my CTEC colleagues and I have filed three patent applications THE VIRTOAL TIMES 
and a continuation, on various methods for overunity processes and apparatuses, room temperature 
superconductivity, Poynting generators, etc. 


As an example, we took exactly the opposite approach to room temperature superconductivity as has 
been taken by all the orthodox researchers to date. What exactly is sought, after all, for 
superconductivity (SC) in a section of an electrical circuit? Well, one has some electrons on one side 
of that SC section that are transporting excess potential, as given by the Slepian vector J*. [note 14] 
What is desired is to get some electrons on the other side of the SC section that also are transporting 
the same amount of excess energy in the form of J*. You can do that in two ways: (1) you can flow 
the electron carriers through the SC section, carrying their J*, or (2) you can block the J and flow the 
* itself across as the Poynting flow S. [note 15] Nondivergent Poynting flow flows along an 
equipotential, which is just another way of saying that, if the S-flow does not diverge, it carries the 
same potential * along with it. Hence it carries the EMF right along with it as it flows without 
divergence. 


Conventional approaches have all tried to shove the electron carriers through the SC lattice section. 
Doing that is like trying to fire a very slow bullet through several million rotating fans in a straight 
line. So cryogenics (to slow the fanblades to a crawl) and massive correlation of the electrons and of 
the electron-to-lattice interactions is necessary if one is to get the electrons through there without 
excess collisions that shake off some of the excess * from J*, as scattered photons (heat) or as a 
change of form of the energy (as in straining the dielectric of a capacitor to convert electrical energy 
to mechanical strain energy via the piezoelectric effect.) 


Our approach is exactly the opposite (Figure 11 and Figure 12). Why not just stop the flow of excited 
electron carriers on one side of the SC section, and continue the nondiverging flow of the Poynting 
field energy density S across that section at room temperature? Then the cryogenics is not needed at 
all. After all, circuits already work that way anyhow __ except standard practice is to nullify the 
process by letting current be driven around the sourcing current loop and back through the back EMF 
of the primary source. A quantum well (or several other methods) can be used to trap the "sourcing" 
electrons in the conductor just prior to entering the SC section. The "receiving" electrons on the other 
side of the SC section, however, must be in their own dq/dt-isolated current loop. 
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Notes and References: 


[14] Briefly, the S-flow outside the wire will be flowing along essentially at the speed of light, at or 
with the same since S-flow without divergence is along an equipotential. Said another way, a 
nondiverging Poynting flow S exhibits a constant potential ~ along its streamlines. A tiny, tiny 
portion of the S-flow is intercepted by the sluggish electrons (which may be moving as dq/dt at 11 
feet per hour, in a typical case), to form the Slepian vector J~. The J~ portion is just the minute 
fraction of the S-flow that is actually intercepted by the electron current and transported to the 
impedances, for releasing the excess ~ in the loads and losses. [Incidentally, this wee note resolves a 
century of controversy over exactly how EM energy flows in circuits. The orthodox literature 
abounds with discussions, differing positions, and debates and with errors. ] 
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Notes and References: 


[15] Note that this also automatically involves a host of other types of controversial displacement 
currents, such as d~/dt, dV/dt, dE/dt, dP/dt, dD/dt, etc. The literature is thoroughly floundering as to 
exactly how all these currents are related, together with the Slepian vector J~ and the Poynting vector 
S, as well as the "normal" current dq/dt. We will be discussing the "master key" for these 


relationships in future articles. 
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Mote: Ef texts err in showing the battery "gale" as the source of energy 


Figure 171. Poynting S-flow along a simple circuit. 
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Figure 12a. Normal current flow, +b is the electron transport of energy, 
while S is the speed-of-light Poynting energy flow. 
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Figure 12. Overt and covert field energy density flows. 
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CHASING THE WILD DRAGON: 


Normal sources do not furnish electrons and current to a circuit anyway. THE VIRTOAL TIMES 
Sources just furnish Poynting flow S and EMF. [note 16] In the receiving current loop, the EMF 
appears automatically once the S-flow flows in and is "locked on to" by the receiving electrons. 
Given q**, you will immediately have J* if the electrons are free to move in the conducting circuit 
(see Figure 13). Further, you have eliminated all the loss terms from the standard Poynting equation 
for energy losses. So all the energy flow S just flows across the SC section, without any current or 
Cooper pairs flowing through that SC section. The SC section has become a "bridge" which (1) strips 
off the Poynting field energy density flow S from the electron current dq/dt on the sourcing side of 
the SC/bridge section, by simply reducing the dq/dt to zero; and (2) continues to pass the S-flow 
across the dq/dt-blocked SC/bridge section to the other side (Figure 14). The excess S-flow (and 
EMF) pours into the receiving dq/dt-isolated current loop, exciting the electrons therein to produce 
dq/dt and J*. Any closed current loop is self-powered, once it receives S and EMF. It furnishes its 
own electrons; it only requires excess energy and EMF. {note 17] 


So our approach gives room temperature superconductivity in a very straightforward manner, once 
you discover how to block the current dq/dt in a conductor. Blocking it in an insulator is not 
sufficient, because that drops the potential and stops the S-flow and the equipotential * (the EMF). 
However, a degenerate semiconductor such as the Fogal chip can be used, as can several other 
processes for blocking dq/dt in a conductor. We will discuss these in a future article. 


Another advantage of this approach to room temperature superconductivity is that now one can also 
have permissible overunity coefficient of performance. Now the load can be placed in its own S- 
receiving, isolated current loop. With the sourcing current loop furnishing only S and not dq/dt, the 
load is still powered normally in its own closed dq/dt current loop, but none of the load current is 
passed back through the back EMF of the primary source in the sourcing circuit. 


This principle -- that at least a substantial portion of the load current must not pass back through the 
primary source -- is the primary principle required for a permissible overunity electrical machine 
(Figure 15). A permissible overunity electrical machine is one which produces more power in the 
load than you have to put into the machine to run it. 
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Notes and References: 


[16] E.g., see Robert L. Shrader, Electronic Communication, Sixth Edn., MacMillan/McGraw-Hill, 


New York, NY, 1991. (1993 Imprint). Quoting from p. 6: "A source of electric energy does not 
increase the number of ~ree electrons in a circuit; it merely produces a concerted pressure on any 


aimlessly moving electrons." 
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Figure 13. Poynting vector currents S and S' versus 
massless displacement currents. 
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Figure 14. Bridging to enable room temperature superconductivity. 
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Notes and References: 


[17] My own approach has been, if that's all that the circuits require from our primary power source, 
then let's simply accept that directly from the source without performing any work in the source. Ice 
you do it this way, the source is never dissipated, but will last indefinitely. Sources furnish flowing 
field energy density, not "energy" per se. If you only demand S-flow, you can have all you wish from 
a source, without exhausting your source. The trick is to find how to steadily dissipate some of this 
"artesian well" of flowing S to drive electrons through the load, but without driving electrons back 
through the back EMF of the source. 
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Figure 15. Use of Fogal semiconductor for overunity (closed system). 
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CHASING THE WILD DRAGON: 


Obviously, the laws of physics and thermodynamics require such an THE VIRTUAL TIMES 
overunity machine to be an open system that extracts and utilizes excess energy from an external 
source. In the case outlined, we extract the excess energy directly from the vacuum in the form of S- 
flow; essentially we convert our primary source to a Poynting generator rather than a 

"power" (energy flow loss rate) generator. The resulting overunity machine accomplishes both room 
temperature superconductivity and also overunity coefficient of performance (Figure 16). It does not 
violate the conservation laws of physics. It does not violate the second law of thermodynamics 
because it is an open system receiving and utilizing excess energy from the vacuum, and the second 
law need not apply to such systems. [note 18] 


You see, all power systems are already free energy density flow sourcing systems, if we but use them 
correctly. Every dipole is a "gating device" for extracting excess field energy density flow from the 
violent bidirectional flux exchange between the vacuum and each end of the dipole. [note 19] [note 
20] When we attach "conducting leads" to a dipolar source, as in the simple two-wire circuit, all we 
are doing with the conductors is providing waveguides for the extracted S-flows from the vacuum to 
flow along (it flows outside the conductors) without loss. In effect, each lead is simply extending the 
pole (i.e., the terminal) to which it is connected. 


My associates and I are also working on several other inventions at present, including two more 
patent applications to be filed in the near future. One of those is in the field of overunity power 
systems, while the other is in an entirely different, highly proprietary nuclear effort. I will address all 
these areas in future columns, and those columns will have real "meat" in them. 


Present "big science" proclaims that overunity electrical machines are impossible. The reader should 
understand that the U.S. Patent and Trademarks Office is never going to grant a patent for an 
overunity electrical machine unless the machine is independently tested and replicated, and unless it 
is certified by scientists of impeccable credentials. This is as it should be. Legitimate free energy 
researchers accept that dictum. Eventually the stuff has to work on the bench in order to be validated. 
On the other hand, free energy researchers also point out that one must not demand of us the next 100 
years of national research by a hundred major laboratories immediately! This is still a shoestring 
operation, because all conventional sources of research funds are denied to the serious overunity 
researcher (with the single exception of occasional personal funding of a researcher by a private 
individual). In other words, we demand at least the same kind of consideration that the orthodox 
nuclear fusion community has enjoyed. Billions of dollars have been poured into that sinkhole, and 
not a single controlled fusion power unit is working anywhere in the world after decades of work at 
enormous expense to the taxpayers. 


So we overunity researchers deserve at least a decade or two of our own, to try to accomplish 
overunity electrical system development. We also painfully point out that "Big Science" will not fund 
a single overunity researcher, for specific overunity purpose, no matter what his credentials or 
capability. In fact, "Big Science" is part of the problem, because it fervently seeks to prevent any 
legitimate research in overunity. To carry out its suppression campaign. it resorts to vilification, 
character assassination, libel, and slander of the overunity researchers themselves __ again, regardless 
of their qualifications or legitimate scientific procedures. [note 13] 
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Figure 16a. Process for overunity coefficient of performance. 
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Figure 16 b. Demonstration of overunity efficiency. 
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Figure 16c. Potential to which test charge Is exposed. 
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Notes and References: 


[18] The system does comply with the nonlinear thermodynamics of a system cear from equilibrium. 
E.g., Prigogine received the Nobel Prize ceor significantly developing this new field. For a detailed 
technical presentation of nonlinear thermodynamics of a system far from thermodynamic 
equilibrium, see G. Nicolis and I. Prigogine, Exploring Complexity, Piper, Munich, 1987. Such 
systems can exhibit negentropy, self-organization, and other effects outside the confines of classical 
thermodynamics. Since local symmetry is broken, they can also permissibly exhibit overunity 
coefficient of perceormance. 
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Notes and References: 


[19] Each end Oce a dipole has its own potential (with respect to the local vacuum), which differs 
from the potential of the surrounding ambient vacuum. For each of these "end-potentials," one can 
mathematically decompose that end-potential into a hidden bidirectional set of harmonic wavepairs in 
harmonic sequence. Each wavepair consists of the wave and its phase conjugate. For the proof, see E. 
T. Whittaker, "On the Partial Differential Equations of Mathematical Physics," Mathematische 
Annglen, Vol. 57, 1903, p. 333-355. Since one of the dipole potentials exceeds the local vacuum 
potential and the other dipole potential is lower than the local vacuum potential, the two bidirectional 
EM wave flows are at or "carry" different equipotentials. This is the generatrix for the automatic dual 
celow of energy from the vacuum through the dipolar power source and out along the two leads of 
the "transmission line" conducting the S-flow to the components of the circuit for powering the loads. 
So as can be seen, rigorously every dipole is already a "free energy source" if we learn how to 
properly use it. The energy will flow forever, if we do not allow the destruction of the sourcing 
dipole. 
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Notes and References: 


[20] See also E.T. Whittaker, "On an Expression of the Electromagnetic Field Due to Electrons by 
Means of Two Scalar Potential Functions," Proceedings of the London Mathematical Society, Series 
2, Vol. 1, 1904, p. 367-372. Here Whittaker shows that the fields of classical electromagnetics can be 
replaced by scalar potential interferometry of two potentials. Our own comment is to note that by 
Whittaker 1903, we can with a little difficulty make artificial potentials with deliberate substructures. 
We can then interfere those potentials (actually, interfere their hidden multiwave structures) even at a 
distance, to create new EM fields. Or we can dissolve EM fields that exist at a distance, simply by 
constructing the correct negative EM fields by distant scalar interferometry. My point is that, when 
we utilize the "inner" electromagnetics inside the potential, we are employing a vastly more powerful 
electromagnetics of a new kind, which includes and extends the present inadequate EM theory. 
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CHASING THE WILD DRAGON: 


Indeed, orthodoxy has a black record with respect to energy. When THE VIRTOAL TIMES 
Mayer advanced the conservation of energy law, orthodoxy hounded him unmercifully. He was 
universally ridiculed as the very epitome of a fool. He lost his job and suffered a nervous breakdown. 
Then years later toward the end of his life, scientists came to accept the conservation of energy as a 
most useful tool that dramatically simplified much of their analyses. So then science began to laud 
Mayer. There are a thousand other such examples; suffice it to say that "big science" is a bureaucracy 
and a "bell-shaped distribution curve" just like any other large group of people. Some scientists are 
near-angels. Others are near-devils. The vast majority are neither, but are just ordinary persons doing 
a special kind of job. In the scientific bureaucracy, however, the manipulative scientists scurry, slash, 
and manipulate their way toward the top. So the leadership of any big bureaucracy __ including the 
scientific bureaucracy __ is always rife with such near-scalawags and power-hungry individuals. 
Scientists are not exceptions to the same human weaknesses that we all evidence. If you really want 
to see jealousy, backbiting, and fierce "back-room dealing" and power-struggling, just get into a 
university research environment! But because the "power merchants" of any bureaucracy always 
fiercely resist any challenge to their position or superiority, big science has always fiercely resisted 
anything truly revolutionary. And today they also enlist the power of the state to enforce their 
dictums. We will devote one of our future columns to pointing out some glaring examples of 
persecution of independent researchers by big science. It is an area that all unorthodox researchers 
should be well-aware of. The world of science does not run by sweet reason and lofty ideals; that is 
just the dogma. It runs strictly by "who's going to be the big monkey," just like everything else. 
Primate dominance is still a dictum of the functioning of all bureaucratic human systems. 


The free energy researchers are not working on the so-called "perpetual motion machine," where a 
closed system is erroneously stated to produce more output than must be put into it to operate it. That 
old saw is actually a red herring that dogmatic scientists use to vilify free energy researchers. It is a 
lie that they have also successfully sold to the U.S. Patent and Trademarks Office. Anyone with a 
modicum of knowledge of modern physics already knows that there does not exist a single closed 
system in the universe, anywhere. In particular, every physical system is continuously "open" to the 
violent exchange of energy with the surrounding vacuum. It's just that most systems are in local 
equilibrium in these flow exchanges, except for minuscule gating accomplished for such things as the 
Lamb shift, etc. 


By analogy it's something like this. The free energy researcher is standing by the banks of a mighty, 
rushing river with breathtaking falls, turbulent areas, etc. Big Science is begrudgingly admitting that, 
yes, there is a river there, but it is an insane delusion to think that you can tap that energy. The free 
energy researcher is saying that, well, if I can build a gating sluice a little distance upstream, perhaps 
I can divert a small portion of the river's flow downstream to my waterwheel, and power my mill. 
The orthodox scientist then vilifies the free energy researcher for even having such a heretical 
thought. In fact, says the orthodox researcher, any fool can see that the laws of nature force the river's 
flow to stay firmly in its banks, because it is a closed system, and Moses brought that law down off 
the mountain with him on a special stone tablet. Then he adds all the other smug remarks such as, "If 
it could be done, then we at MIT and Harvard and Caltech would already have done it!" So until the 
orthodox scientist develops a little less dogma and a little more common sense, and learns the 
difference between a scientific discussion and a dogfight, the free energy researcher can hardly 
communicate with him. 
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CHASING THE WILD DRAGON: 


The goal of the legitimate free energy researcher is to find a way to break THE VIRTOAL TIMES 
the local equilibrium of this universal energy exchange, and gate a tiny bit of it up into the external 
circuit as excess electrical energy (Figure 17). Then he must collect the excess energy, and shuttle it 
from the "gating and collecting circuit" over to a dq/dt-closed current loop containing the load. He 
must also prevent the load current, or most of it, from passing back through the primary source 
against its back EMF, because if it does that, he will destroy the separation of charges in the dipolar 
source, killing the dipole and extinguishing the "excess energy gating." In other words he must find a 
way to process and transport the energy flow across dq/dt-blocked bridges between the source's 
closed dq/dt-current loop and the load's closed dq/dt-current loop. Ruthlessly it is an energy transport 
S-flow problem, not a J* energy transport problem. If he uses J* in his sourcing current loop, he 
automatically drives the current dq/dt back through the back EMF of his source and kills it. If he does 
not drive dq/dt back through the source, the source will furnish S-flow for an indefinite period! Every 
battery and generator we have ever built is already a "free energy" machine in that it already involves 
broken local symmetry in the vacuum energy exchange. We have just not realized how to use our 
power sources purely as Poynting S-flow sources. 


So we must treat an electrical system as an open system with broken local symmetry (Table 3) in the 
vacuum flux exchange, so that the system extracts (gates) excess energy from an external source. In 
this case the source is the system's flux exchange with the vacuum. This approach is no more 
mysterious or bizarre than putting a waterwheel in a river, or a windmill in a wind, or a bank of solar 
cells out in the sunshine. The universal "free source of energy" that the overunity researcher seeks to 
tap is the violent exchange of virtual photons between the electrical charges of the system and the 
surrounding quantum mechanical vacuum (Figure 18). In quantum physics this powerful, energetic 
exchange of the vacuum with electrical matter is now proven both experimentally and theoretically. It 
is already accepted in quantum physics that the vacuum is filled with electromagnetic energy. The 
researcher doesn't have to prove it anymore; he just has to find out how to properly use it. The 
artesian well is already there; we just have to learn how to collect and use the flowing water without 
dynamiting the well! 


The remaining objection orthodox scientists usually raise against the notion of extracting vacuum 
energy has been that "thermodynamics doesn't permit it." However, Cole and Puthoff have rigorously 
shown that, on the contrary, the theory of thermodynamics does not prohibit the vacuum's energy 
being extracted and used to produce heat, light, and power. [note 22] So the validity of that final 


objection has now vanished. 
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Figure 1/. Operation of an overunity electrical power system. 
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Table 3: Asymmetry and modern physics. 


Per T.D. Lee, Particle Physics and STRONG LOCAL ASYMMETRY (CONTD}) 


Introduction to Field Theory, 

Harwood Academic Publishers, 

New Yor, 1981, p. 378-390. 
SYMMETRY AND MODERN PRYSICS 
Missing symmetry of matter 
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Vacuum excitation 
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Spontaneous symmetry breaking 
Interaction between matter and vacuum 


Possibility of vacuum engineering 
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Local spacetime is curved 


Lorentz invariance of vacuum violated 
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Figure 18. An electric charge q is a broken symmetry. It continuously 
and violently exchanges energy with the vacuum. 
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Notes and References: 


[22] Cole, Daniel C. and Harold E. Putboll. (1993) "Extracting Energy and Heat from the Vacuum," 
Physical Review E, 48(2), Aug. 1993, p. 1562-1565. 
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CHASING THE WILD DRAGON: 


And there is mind-numbing energy density there in the vacuum, waiting TRE VIRTOAL TIMES 
to be extracted. The well-known Lamb shift, e.g., in a single hydrogen atom is due to that vacuum 
exchange. [note 23] Interestingly, the calculated energy density of the exchange causing the Lamb 
shift is greater than the surface energy density of the sun. Different physicists have made various 
theoretical estimates of the energy density of this seething vacuum. A conservative ballpark figure is 
something on the order of 1090 grams per cubic centimeter, expressed in mass units. 


It has also been my good fortune to know and work closely with several other free energy 
researchers. I was a colleague of Floyd ("Sparky") Sweet (recently deceased) for about seven years; 
Sparky held a Master's degree in EE from MIT and had years of experience with General Electric and 
other firms. He was a highly skilled researcher who invented the solid state vacuum triode amplifier 
(Figure 19), a unit which produced 500 watts of output and a coefficient of performance of 
1,500,000. I personally tested the machine, activated the magnets on one occasion, and understand 
how it all worked. [note 24] The paper [note 25] I co-authored in 1991 with Floyd is still the only 
paper in the orthodox engineering literature that reports (a) successful overunity functioning of a 
solid state magnetic device, and (b) a successful antigravity experiment on the laboratory bench, 
reducing the weight of an object by 90%. [note 26] 


We stress again that a legitimate overunity electrical machine must be an open system, receiving 
excess electrical energy from the surrounding vacuum. As such, it must operate in a higher topology 
than normal electrical machines (Figure 20). 


My good friend Frank Golden has long been a close colleague. Years ago Frank developed a motor 
that produced overunity efficiency, but then to our astonishment we found (courtesy of Bill Tiller, 
[note 27] with whom we were working at the time) that its operation depended upon a 5-year-long 
conditioning (structuring) of the local ambient potential in order to work. Previously we had been 
entirely unaware that one can sometimes condition the local vacuum and the local matter in the area 
with a particular dynamic form. Given the local conditioning, a motor with that form will then work 
in that vicinity, but not necessarily elsewhere at an appreciable distance away. We now understand 
the mechanism for such "conditioning of the vacuum." We also now know what to do if an overunity 
machine is actually a machine of that type (many of them are not). In other words, we know how to 
convert it to a machine that will work anywhere, anytime. We will be addressing such little-known 
things in future articles. 
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[23] Lamb, W.E. Jr. and R.C. Retherford. "Fine structure of the hydrogen atom by a microwave 
method." Physical Review, Vol. 72, 1947, p. 241-243. Lamb received the Nobel prize for this work. 
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Figure 19. Block diagram of the Sweet Vacuum Triode Amplifier. 


Adding positive feedback circuit enables self-oscillation. 
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[24] Unfortunately Sweet made conflicting agreements with multiple backers, resulting in a most 
thorough legal foul- up. It appears that nothing can ever be done with this machine, because its status 
is a legal nightmare. 
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[25] Floyd Sweet and T. E. Bearden, "Utilizing Scalar Electromagnetics to Tap Vacuum Energy," 
Proceedings of the 26th Intersociety Energy Conversion Engineering Conference (IECEC '91), 
Boston, Massachusetts, 1991, p. 370-375. Paper also distributed over Internet. 
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[26] The unit was specially rigged and "pushed" to 1,000 watts output to perform the antigravity 
experiment. 
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Notes and References: 


[27] Tiller was already familiar with the fact that devices that function by more subtle energy often 
require special conditioning of the vacuum spacetime. He expressed it as "an archetype must first be 
created for the machine to function efficiently." Tiller had previously experimented with such an 


effect for several years. 
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CHASING THE WILD DRAGON: 


John Bedini is also a close friend and colleague; John built several THE VIRTUAL TIMES 
experimental motors (both electrical and magnetic) in the overunity area, and performed successful 
trans-mutation experiments. John is a recognized genius in high-end sound amplifier development. 
Many audiophiles worldwide still swear that the Bedini amplifier is the best and sweetest-sounding 
audio amplifier ever built. One of John's battery-powered electrical motors (Figure 21), for example, 
ran continuously off its battery for about five years, and kept the battery charged. When you realize 
that such a small electric motor is only about 35% efficient, then you realize that about 65% of the 
energy flowing out of the battery was being dissipated in the motor as heat, core losses, etc. So the 
unit was continuously performing work for that five years. [note 28] The 1/8 hp motor represented a 
load in which the continuous rate of work being done (the rate of energy dissipation) was about 0.08 
hp. We will have more to say on this motor and its technical process in a future article. 


Bill Fogal is a close colleague; Bill has patented the world's first dq/dt-blocking semiconductor, [note 
29] which partially blocks the normal current while continuing to pass the flow of voltage (Table 4). I 
have written a proprietary technical explanation of the Fogal semiconductor, which utilizes an 
extremely little-known feature called the "overpotential." The overpotential part of the theory is 
experimentally proven and theoretically explained in an obscure part of electrochemistry, by a few 
chemists who specialize in electrode effects. J. O'M. Bockris is probably the leading world expert in 
overpotential theory; he authored the textbook on it. [note 30] 


One of the latest overunity developments is the magnetic resonance amplifier (MRA) developed by 
Joel McLain and Norm Wooten (Figure 22). Earlier testing disputed the overunity functioning. More 
recent testing at several well-known laboratories has resulted in the instrumental measurements 
clearly showing overunity. While the test institute scientists themselves may be willing to attest to 
overunity results of their testing, none of the corporate heads will allow it. I have personally stated 
that the MRA is capable of overunity. Our own measurements had to be discarded because we did not 
have the proper instruments available. E.g., all our oscilloscopes were "hard grounded" to building 
ground, and we needed to make "floating differential ground" measurements in order to settle things 
once and for all. McLain and Wooten have filed for a patent, and multiple tests with excellent 
equipment have indeed indicated overunity. What happens next remains to be seen. I suspect that the 
two inventors may simply accept foreign capital investment and go offshore. 
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Notes and References: 


[28] We strongly emphasize that there is no conservation of work law in physics! It is the overall 
energy of the universe that must be conserved, not work. More rigorously, the flow of energy must be 
conserved. But from a free flow of energy, you can continuously extract a little and dissipate it as 
work, without cutting off the main flow and without violating any of the laws of physics. If this were 
not so, then waterwheels, windmills, and solar cells would not work. In fact, you can even do better 
than that. The basic energy conservation law is this: Energy can neither be created nor destroyed. So 
even when you "use" (i.e., dissipate or scatter) the energy, it is still there. It is only the hierarchical 
ordering of the photons that constitutes entropy. Each individual photon is perfectly ordered and still 
contains all its energy. By retroreflection, you can even cause those disordered photons to gather back 
in your system into perfect order once again and then you can scatter them again to do some more 
work. You can use the same energy over and over again! The perfect retroreflection is more easily 
accomplished by phase conjugate reflection. For a vivid example of just such retroreflection of 
previously scattered EM energy to restore the former order, see David M. Pepper, "Applications of 
Optical Phase Conjugation,” Scientific American, Vol. 254, No. 1, Jan. 1986, p. 74-83. See 
particularly the striking photographic demonstration of time reversal of disorder on p. 75. 
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[29] William Jay Fogal, "High gain, low distortion, faster switching transistor." U.S. Patent No. 
5,196,809, Mar. 23, 1993. Also William J. Fogal, "High Gain, Low Distortion, Faster Switching 
Transistor." U.S. Patent No. 5,430,413, July 4, 1995. 
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Table 4. Fogal's Semiconductor. 
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[30] In a correspondence with Bockris lasting several years, he had graciously furnished me with 
material on the overpotential, which is how I found out about this esoteric area. Bockris is well- 
known as a leading scientist on the chemistry of hydrogen, and also as one of the leading scientists in 
the rapidly developing field of cold fusion. He is a marvelous scientist, and one day his largely 
unsung work with the overpotential will revolutionize the entire electronics industry. 
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Figure 22. Schema for the magnetic resonance amplifier (MRA). 
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CHASING THE WILD DRAGON: 


Howard Johnson is also a respected colleague, whom I very much THE VIRTOAL TIMES 
admire. (See Figure 23). Howard has continued to work quietly and patiently upon his patented 
permanent magnet motor, [note 31] including patenting various magnetic gates, etc. that are 
necessary to make such a motor work in a rotary configuration. [note 32] Howard employs a two- 
particle theory of magnetism; i.e., each magnetic flux line is envisioned as having a particle traveling 
from the north pole to the south pole, and also a particle traveling from the south pole to the north 
pole. The particles are spinning; the forward-time particle spins in one direction, and the antiparticle 
spins in the other direction. Howard then slightly separates the two particle flows. [note 33] In other 
words, Johnson splits the flux lines themselves, into two different pieces. When so separated, the 
component lines are now curls, so their paths curve. The paths of the two "curl particles" are 
different; one curls in one direction and the other curls in the opposite direction. Further, a 
predominance of one form of curl particle gives a "time-forward" aspect, while a predominance of the 
other form of curl particle gives a "time-reversed" aspect. Johnson is thus able to employ a deeper 
kind of magnetism than the textbooks presently contain. He demonstrates that a "spin-altered" 
magnetic assembly exhibiting (to a compass or other such detector) a north polarity can attract 
another unaltered magnetic assembly exhibiting a north polarity. In short, he can make a north pole 
attract a north pole. We will give you further insight into Johnson's two-particle theory in a future 
article. [note 34] We will also explain how and why the physicists missed that antiparticle in the 
magnetic field's flux lines, and thereby failed to advance the theory of magnetism to a deeper level. 
Make no mistake, one day when the new theory is done, Johnson may well be awarded a Nobel Prize 
for his epochal discovery of a deeper structure of magnetism. 


Bits and pieces of the new science approach are just now beginning to spill into a few conventional 
journals and symposia. For some time a few of the rebels spearheading this new science have been 
doing something that the University scientists should have been doing all along. The rebels have been 
meticulously examining the concepts, postulates, and definitions that the present scientific models are 
founded upon, to reveal serious foundations errors. Corrections for some of these errors have been 
discovered and made. [note 35] Others are still problems yet to be resolved. Yet slow progress is 
being made, and a "flip-over" of the old science is likely to occur within the next decade if not 
sooner. By then the new concepts will have become "solid" enough to allow producing an 
engineering mathematical model. Also the supporting experiments will have become solid enough to 
justify the new concepts and the model. 
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Figure 23. Schema for Johnson's permanent magnet motor. 
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[31] Howard Johnson, "Permanent Magnet Motor." U.S. Patent No. 4,151,431. Apr. 24, 1979. 
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[ [32] I personally saw and closely examined one demonstration rotary Johnson permanent magnet 
motor some years ago, and toyed with it for about one hour. It would definitely self- rotate as long as 
you wished to permit it to turn. It was not a powerful device at all, but just a small laboratory "proof 
of principle" prototype. It had cost Johnson an enormous amount of time, labor, and optimization to 
get the critical adjustment required of his two magnet assemblies. But the device had no power source 
other than the permanent magnet assemblies themselves. Johnson's nonlinear rotor and stator magnets 
interacted with each other in a manner to break local symmetry. So his machine was an open system 
and therefore a permissible overunity device; it was not a perpetuum mobile. 
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[33] As I have pointed out repeatedly in the past, photons also carry time, not just energy. We have 
previously shown the process and the photon interaction mechanism that creates the flow of time 
itself; we will discuss this mechanism in the future. So when Johnson separates the particles and 
antiparticles, not only does he partially separate them according to spin, but he also alters the local 
character of time flow during which the resulting magnetic field forces must appear. In other words, 
he accomplishes a partial separation of time-forward and time- reversed polar interactions. A south 
pole is just a time- reversed magnetic north pole, in the first place! So a north pole of a bar magnet 
that is slightly time reversed on one side will partially act on that side just like a south pole. On the 
other side it will continue to act like a normal north pole. By partially time-reversing (phase 
conjugating) one side of the north magnetic pole piece, Johnson makes that side look and act like a 
south pole. that way Howard is able to create two north poles, one on a stator and the other on a rotor, 
and time-reverse part of one face of the stator's north magnetic pole-piece. Therefore when the proper 
sides of the stator and rotor north poles are facing, they attract each other, contrary to the 
conventional textbook. The two poles then repel each other normally as soon as the north rotor poles 
passes the north stator pole. Hence Johnson can make a surrounding north pole stator assembly "draw 
in" an approaching north pole rotor assembly, and then kick it on out the other side, because he has 
broken the local magnetic symmetry. In short, Johnson's magnetic gate can provide a legitimate 
component of unidirectional magnetic thrust, which means that he can indeed make a rotary 
permanent motor. Simply put, this "partially separating the spin particles," and thereby partially phase 
conjugating one face of a magnet, is what Johnson calls a "gate," and this is the patented secret by 
which his magnet assemblies can be made self-powering. The entire process is still very meticulous, 
and assembly and adjustments are extremely critical. With Johnson's blessings we hope to shed more 
light on this subject in coming articles. 
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[34] For a basic article on rotary permanent magnet motors, see T.E. Bearden, "On Rotary Permanent 
Magnet Motors and 'Free' Energy," Raum&Zeit, 1(3), Aug.-Sep. 1989, p. 43-53. 
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[35] The most blatant error in all of physics is the erroneous notion that an acting force is separate 
from its receiving mass. Force is defined as F ~ d/dt(mv). From that definition alone, it can be seen 
that the affected mass is a component of the force itself. If you remove the mass m, you do not have 
force but merely acceleration. The notion of force separated from the mass came from ancient and 
familiar experiences of pushing on stones with one's hand, etc. In this primitive case the force- 
creating agent (i.e., the hand) is certainly separate from the affected mass (i.e., the stone). But the 
"force on the stone" is actually the force created of and with the stone. It is "stone-force," not "force 
upon the stone." Quantum field theory already tells us that it is the absorption and emission of virtual 
photons by the stone's mass that "creates the force." In fact it should go one step further: It is the 
coupled ensemble of the virtual photon flux and the mass of the stone that constitutes a "stone-force." 
In your mind, you should try mentally replacing the word "force" with the phrase "mass-force" until 
you root out the deeply ingrained erroneous notion that force and mass are separate. Because of this 
archaic error, today's physics can only define a mass in terms of its resistance to a disturbing force, 
and it can only define a force in terms of its overcoming a resisting mass. This error has prevented 
any proper definition of either force or mass! But the problem is solvable. For a proper definition of 
mass without the notion of force, see T.E. Bearden, Quiton/Perceptron Physics: A Theory of 
Existence, Perception, and Physical Phenomena, National Technical Information System, Report AD- 
763210, 1973. 
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CHASING THE WILD DRAGON: 


In this first article I wanted to introduce the 14 major areas. We willbe THE VIRTOAL TIMES 
discussing these areas in some technical detail in the future. We'll also include current major news 
items of development in these areas, for the interested lay reader. I'll particularly try to give you the 
benefit of extensive reference citations painfully gathered over the last 30 years. The articles will be 
targeted toward both the serious researcher and the interested, educated layman. 


So that's the agenda for the months ahead. We hope you find this information and the approach of 
direct interest and use. 


Again, it's a privilege to be aboard. And we invite you to hang on in the future; it's going to be a wild 
but exciting ride. We really are going to chase this wild dragon with great vigor. 
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Foreword 


In the 1930s and 1940s, Royal Raymond Rife {1} 
made revolutionary discoveries in microscopy, 
including development of novel microscopes that could 
see far beyond the accustomed one-tenth wavelength 
limitation according to Rayleigh theory. With his 
microscope, he was able to "see" ultramicroscopic 
living forms much smaller than anything considered in 
the observable state. It would appear that his 
microscope was somehow capable of peering directly 
into the virtual state itself, and finding living forms at 
that level that were far beyond anything ever suspected 
by conventional science, even to this day. 


Obviously this work was dramatically controversial. 
Rife went on to develop treatment methods and devices 
based on the new level of living organisms that his 
microscope revealed. In short, he arrived at essentially 
a new theory of disease, and did achieve success with 
his—to conventional scientists—completely 
unprecedented devices and methods of treating and 
healing. While we do not discuss his treatment 
methods in this paper, we do discuss the methods of 
Prioré, whom we believe to have used similar 
principles. So these discussions may shed some light 
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on Rife's therapeutic mechanisms also. 


Rife and others reported his results in the proper 
scientific literature. For his efforts, he was ostracized, 
essentially imprisoned in a medical treatment facility, 
broken, and rejected by his peers. His findings were 
harshly ridiculed and discredited. Finally escaping 
from his enforced confinement, Rife lived out his 
remaining years and died quietly and unknown. 


In the present paper it is not our purpose to address 
Rife's theory of disease or his treatment devices and 
methods. It is solely our purpose to propose a higher 
symmetry electrodynamics functioning of his 
microscope, as one possible explanation of the startling 
microscopy results he achieved. We will reveal what 
we are convinced is Rife's great secret: recursive 
virtual state magnification (amplification) by iterative 
difference frequency serial summation of vacuum 
engines. This is a substantial change from an earlier 
mechanism proposed by the present author, which 
proved to be in error {1}. 


We accent that this is not a "standard electrodynamics" 
examination of the Rife microscope; normal U(1) 
electrodynamics and transverse EM waves contain no 
mechanisms that can explain the functioning of the 
instrument. Accordingly, since no such explanation is 
contained in the usual electrodynamics, one must of 
necessity turn to those available electrodynamics 
models that are of much higher symmetry than afforded 
by vector and tensor algebra. To show the fit to 
experiments, we must also address an enormous 
amount of the work performed by Prioré and his 
colleagues. Only in such EM models and their known 
fit to actual experiments are the additional phenomena 
and principles available that can possibly explain Rife's 
epochal results. 


Also, because of the importance of this unified field 
theory area, we include substantial references and 
additional extended discussions in the endnotes for 
further technical clarification. Thirty figures are added 
to illustrate the material. 
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The Rife Microscope 


The Rife microscope { [1] } (Figure 1) cannot be made 
to work by normal optical principles at the level 
utilized by Rife. With normal optics, about one-tenth 
wavelength is as fine an optical resolution as one can 
get. Since Rife went far beyond that, it should be 
obvious that he was using optics and electrodynamics 
of a novel kind, and of a type not yet in the 
conventional textbook. 


We believe we are aware of the major 
principles used in Rife’s microscope, or at least some 
of them, but prior to 1998 we shied away from 
anything to do with the scope. My major interests have 
been in extracting EM energy from the vacuum and in 
developing a new kind of medical therapy utilizing 
higher symmetry electrodynamics—and thus unified 
field theory—to directly and slowly change cellular 
disease or disorder back to a normal previous state. 
Obviously, if one is to produce a microscope that 
"sees" optically further into the realm of smallness than 
any other microscope can conventionally do (even in 
theory), that microscope must be functioning in a 
higher electrodynamics mode rather than in the 
conventional one. 


In this paper, we will try to summarize some deep 
physics principles underlying the Rife microscope, at 
least as we see them terms of a higher symmetry EM 
model, and we cite some references for the bits and 
pieces. A more detailed explanation must wait for a 
future time and assistance from very high-level 
theorists. 


Introduction 


A good hint is this: Rife (Figure 2) often painfully 
adjusted his microscope stages for up to 24 hours 
before he finally got the instrument "focused." 
Immediately that shows it is not standard optical 
equipment. Well-made standard optics—and Rife’s 
microscope was beautifully made—can be adjusted far 
more easily than that (in minutes!). 
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So far as we are aware, no one ever looked at the Rife 
work except through essentially rather orthodox 
electrodynamics and rather orthodox optics eyes. 
Normal optical theory permits resolution of about one 
tenth of the wavelength of the light used, and a few 
microscopes in the last few years have gone just a wee 
bit further. But none have gone anywhere to the degree 
of smallness that Rife reported. 


In our view, the orthodox approach to explaining the 
operation of Rife's microscope is doomed to fail from 
the beginning. Even a very good scientist will fail with 
replication, if that approach is exclusively taken. An 
entire scientific team and substantial funding will not 
do any better, unless something technically deeper is 
understood and tackled from the outset. We give an 
overview of our approach to tackling that problem. To 
begin with, we must present some errors in 
electrodynamics and an omission in general relativity, 
so that we can develop the necessary background. The 
discussion is not simple and will require considerable 
development. Once the considerable background is 
developed, the application to the Rife microscope will 
be straightforward. 


Errors in Electrodynamics and Adjustments to 
General Relativity 


First, present electrodynamics itself has serious flaws 
and shortcomings, and needs substantial revision 
{[2] }. As foundations scientist Bunge points out {[3]}: 


"...1t is not usually acknowledged that 
electrodynamics, both classical and 
quantal, are ina sad state.” 


Bunge {[4] } also said: 


"_.. the best modern physicist is the one who 
acknowledges that neither classical nor quantum 
physics are cut and dried, both being full of holes and 
in need of a vigorous overhauling not only to better 
cover their own domains but also to join smoothly so as 
to produce a coherent picture of the various levels of 
physical reality." 
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The flaws in electrodynamics pass over into what has 
been constructed for optical theory—both linear and 
nonlinear—which just assumes the electrodynamics as 
a subset. 


For our purpose, we need to clarify what modern 
electrodynamics does and does not say about the 
massless vacuum, and about the state and form of EM 
entities—such as potentials, fields, and waves—created 
in it (in empty space) by matter dynamics, or acting 
from it (from empty space) onto matter and causing 
matter dynamics. 


Maxwell and all his peers believed firmly in the 
material ether, a thin material fluid filling all space and 
every crevice. To scientists at the time, not one single 
point in the universe was devoid of this material etheric 
fluid—this thin matter. The atom had not been 
discovered, the electron had not been discovered, and 
electricity was also considered a thin material fluid. 
Charge had no more meaning than “a piece of the 
electric fluid,” much like a cubic centimeter of water. 


Faraday {[5] } believed that the EM influence in space 
consisted of material lines of force which acted as taut 
strings under tension from some mysterious source. He 
believed that EM disturbances were just the transverse 
wave “perturbations” of these taut strings. In his 
concept, Faraday omitted the string holder or other 
agent producing the tensile forces upon the string 
(Figure 3). He thus omitted Newton’s third law from 
his electrodynamics concept. He also omitted precisely 
half the energy, by omitting the equal-energy time- 
reversed EM wave that accompanies the formation of 
every ordinary EM wave we take account of. Ina 
receiving copper wire antenna, for example, not only 
do the electrons interact with the incoming fields, but 
so do the protons in the nuclei—though highly damped 
in amplitude by the proton's large mass with respect to 
the mass of a disturbed Drude electron. However, the 
two energetic interactions (of perturbed protons and 
perturbed electrons) are of equal energy magnitude. So 
in the conductor, equal energy is expended to move the 
"lattice holes" (positrons) as is used to move the Drude 
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electrons, else field theory itself is falsified. Except in 
semiconductors, electrical engineers mostly just ignore 
the "disturbed lattice hole current" energy. 


Maxwell deliberately captured Faraday’s thinking, 
mathematically {[6] }, and so just assumed Faraday’s 
lines of force and the “plucked tight string” transverse 
EM wave in the material ether {[7] } as well as the 
unexplained tension . The notion of the transverse EM 
wave in vacuum has essentially no other theoretical 
justification than that Faraday-Maxwell assumption 
and the observed "transverse waves" generated in the 
receiving "electric fluid in the conductor" in and on the 
Drude electrons. The transverse EM wave notion in 
vacuum was maintained only by discarding its missing 
antiwave that is always formed simultaneously in our 
transmitters and receivers (e.g., when we perturb the 
Drude electrons in a transmitting wire antenna, we also 
perturb the protons in the nuclei with the same energy. 
The two disturbances—proton disturbance in the 
nucleus and Drude electron disturbance in the Drude 
electron gas—perturb the local surrounding vacuum/ 
spacetime with equal energy, so in the vacuum "virtual 
particle flux gas" the two perturbations are 
energetically equal. The receiving wire receives both 
perturbation waves from the vacuum; one perturbs the 
electrons and the other perturbs the nuclei. Since the 
second wave is unaccounted, the perturbation of the 
nuclei is just considered a "mysterious force" that 
always appears. In a pumped phase conjugate mirror 
material, e.g., we interact the waves prior to their 
reaching the nuclei, by multi-wave mixing. Since the 
"causative" but neglected second wave coming in from 
space does not reach the nuclei, but are redirected to 
form the phase conjugate replica wave produced by the 
pumping, the mirror does not recoil and it does not 
exhibit Newtonian third law reaction. However, since 
electrodynamics omits the EM causative wave that 
generates Newton’s third law forces in the receiver, 
which in normal detection always appear, then 
presently electrodynamic fields are erroneously said to 
be devoid of Newton's third law reaction. To the 
contrary, the effects of that hidden, neglected EM cause 
of the Newtonian third law reaction do appear, either as 
recoil of the physical receiving antenna or as the 
production of the time-reverse phase conjugate replica 
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wave in optical pumping. But in standard 
electrodynamics, equal-and-opposite forces in the 
receiving antenna are assumed to arise "mystically” or 
from some hidden electrodynamic demon. The 
electrodynamic cause of Newton's third law has been 
lost since Maxwell wrote his theory. 


Maxwell, however, was careful to point out the ad hoc 
nature of assuming the stress in the vacuum, and that 
no mechanism for it had been discovered, nor was such 
a mechanism contained in his theory. Specifically, 
Maxwell said {[8] }: 


“Tt must be carefully borne in mind that 
we have made only one step in the theory 
of the action of the medium. We have 
supposed it to be ina state of stress, but 
we have not in any way accounted for this 
stress, or explained how it is maintained. 
This step, however, seems to me to be an 
important one, as it explains, by the action 
of the consecutive parts of the medium, 
phenomena which were formerly supposed 
to be explicable only by direct action at a 
distance. ... I have not been able to make 
the next step, namely, to account by 
mechanical considerations for these 
stresses in the dielectric. I therefore leave 
the theory at this point, merely stating 
what are the other parts of the 
phenomenon of induction in dielectrics.” 


Indeed, we now know of electrons and their spin. The 
longitudinally-constrained, spinning Drude electrons in 
receiving wires will gyroprecess laterally in the wire 
when an EM disturbance from the vacuum interacts 
with them. (Figure 4) It is well-known that these 
Drude electrons are highly restrained longitudinally 
down the wire; the longitudinal movement is the "drift" 
velocity and may be nominally only a few inches per 
hour. The lateral precession of the longitudinally 
constrained, spinning Drude electrons establishes that 
the incoming vacuum disturbance, before its interaction 
with the gyroelectrons, is longitudinal. Else one must 
discard electron spin, electron gyroprecession, and 
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indeed the theory of gyroscopic precession itself. In 
our view, the EM wave in vacuum is longitudinal, 
always has been, and always will be {[9] }. It also 
does not consist of EM force fields, contrary to present 
classical theory. Instead, only the potentiality {[10]} 
for the transverse force fields—should the 
longitudinally perturbed vacuum EM entity be 
intercepted by a spinning charged particle and interact 
with it—exists in mass-free space, as pointed out by 
Feynman. Quoting Feynman again {[11] }: 


. "We may think of E(x, y, z, t) and B(x, y, 
z, t) as giving the forces that would be 
experienced at the time t by a charge 
located at (x, y, z), with the condition that 
placing the charge there did not disturb 
the positions or motion of all the other 
charges responsible for the fields." 


Rigorously the force fields exist only in and of matter. 
In matter-free space, there is no force at all in what we 
call the "field as it exists in massfree space" {[12] }. E. 


g., Jackson states it this way {[13]}: 


"Most classical electrodynamicists continue to adhere 
to the notion that the EM force field exists as such in 
the vacuum, but do admit that physically measurable 


quantities such as force somehow involve the product 
of charge and field." 


But again, Jackson also states {[14] }: 


"...the thing that eventually gets measured is a 
force..." "At the moment, the electric field can 
be defined as the force per unit charge acting at 
a given point. It is a vector function of position, 
denoted by E. One must be careful in its 
definition, however. It is not necessarily the 
force that one would observe by placing one unit 
of charge on a pith ball and placing it in 
position. The reason is that one unit of charge 
may be so large that its presence alters 
appreciably the field configuration of the array. 
Consequently one must use a limiting process 
whereby the ratio of the force on the small test 
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body to the charge on it is measured for smaller 
and smaller amounts of charge. Experimentally, 
this ratio and the direction of the force will 
become constant as the amount of test charge is 
made smaller and smaller. These limiting values 
of magnitude and direction define the magnitude 
and direction of the electric field E at the point 
in question. In symbols we may write F = qE 
where F is the force, E the electric field, and q 
the charge. In this equation it is assumed that 
the charge gq is located at a point, and the force 
and the electric field are evaluated at that 
point." 


As can be seen, much of the difficulty occurs because 
physicists continue to erroneously utilize an equation 
as if it were a definition. An equation defines nothing 
at all; it merely states that all the "things on the left" of 
the equality sign and all the "things on the right" have 
the same overall magnitudes. It does not define any of 
the things on the left or right, and so it tells us nothing 
at all about what anything in it really is. A definition 
requires an identity, not an equality. E.g., if we take as 
an identity the very equation advanced by Jackson's 
explanation above, we then have a definition: 


F=qE=> E=F/q 


And now that identity clearly states that charged mass 
is a component of the E-field. Similar argument 
prevails for the B-field, etc. 


The identity also shows that E is not the magnitude of 
the force field at all, but is its local intensity at any 
given point in the E field, in terms of force per unit 
point static coulomb—a force formed in, on, and of the 
charged mass of the coulomb. The misstatement that E 
represents the magnitude of the field is another great 
non sequitur. No textbook gives the calculation of the 
magnitude of the E-field, though all purport to. 
Instead, they all give the calculation of the intensity of 
the E-field at each point in it. There is a great 
difference between the magnitude of an automobile's 
mounted tire and its pressure per sq. inch on the 
pavement. In all fairness, some of the better texts do 
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use the term "field intensity", at least occasionally. 


As defined, the EM force fields are effects produced 
in, on, and of charged matter and only in, on, and of 
charged matter. They are not at all the same effects 
produced in matter-free space (in the vacuum/ 
spacetime). The EM force field (in matter) is not the 
same as the "massfree" E-field in massfree spacetime. 
Ultimately, all that exists in spacetime are spacetime 
and changes to spacetime. 


We may accurately take the mass-free, force-free EM 
field to be a pattern of spacetime curvatures. The 
coupling of this spacetime curvature set, or any part of 
it, with charged mass, then constitutes an EM force 
field. Again, the problem is the hoary old mechanics 
notion of having a separate massless force acting upon 
a separate mass. No such thing exists in all nature, and 
mechanics should have been rather thoroughly 
overhauled long ago as a result of this horrendous 
foundations of mechanics error that is centuries old. 


In present classical electrodynamics—certainly the 
kind taught to electrical engineers and used in the 
electrical engineering discipline—the EM potential 
{[15] }, field, and wave, as they truly exist in space and 
in the vacuum, are rigorously not prescribed at all. 
Instead, the effect of the "causal entity" as it exists in 
vacuum prior to interaction with charged mass, is used 
a if it were what exists in and on the charged mass as 
the effect of the interaction. (See Figure 5, Figure 6, 
and Figure 7). This substitution of the effect for the 
cause is arguably the greatest uncorrected error in 
classical electrodynamics today. It is a hangover from 
the old days of the material ether, and the refusal to 
change the Maxwell-Heaviside equations to eliminate 
that material ether assumption, once the Michelson- 
Morley experiments falsified it. This has long been 
known to foundations physicists, and to most of the 
better electrodynamicists as well. But it still seems to 
be known to very few electrical engineers! 


Many attempts have been made to “modify” the 
standard classical electrodynamics theory, but most 
have failed. For some reason, most of these attempted 
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modifications seem to have accepted the present 
“‘matter-to-matter transform” approach (Figure 8) of 
present electrodynamics, failing to see that the two 
missing transforms of matter-to-spacetime and 
spacetime-to-matter (Figure 9) are in fact just general 
relativity itself {[16] , [17] } The solution for adding 
the missing two transforms into electrodynamics 
therefore may lie in “infolding” general relativity 
directly within electrodynamics, rather than placing the 
two on an equal footing. That requires the analysis of 
the supersystem rather than the system, a concept 
which will be discussed shortly. Figure 10 shows the 
utilization of the "vacuum engine" that results from this 
"infolded GR" solution. 


To our knowledge, the Sachs unified field theory {[18] 
a,b,c,d,e} is presently the only practical unified field 
theory that can be directly engineered by higher 
symmetry electrodynamics, such as the O(3) group 
symmetry EM model advanced by Evans and Vigier 
and perfected by Evans {[19] }. The engineering 
power of Sachs' theory is remarkable {[20] }, and the O 
(3) electrodynamics has been shown by Evans to be an 
important subset of the unified electrodynamics in 
Sachs’ theory. 


Let us examine that statement a little deeper. 


In classical electrodynamics the sources of all EM 
potentials, fields, waves, and their energies are 
assumed to be the charges—which are assumed to 
somehow act as perpetual motion machines that 
continuously create and pour out all that EM energy in 
the fields and potentials associated with the charge as 
their "source". This outpouring of 3-space energy 
comprising and establishing the associated potentials 
and fields eventually fills all space with energy. All 
the charges and dipoles present in the universe since 
shortly after its formation have done this for some 14 
billion years. 


Yet in classical EM—with all the existing charges in 
the universe implicitly assumed to continuously pour 
out energy into all of space, and most having done so 
for billions of years—inexplicably space is then 
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considered to be an emptiness having no interactive 
energetic exchange with the charge at all {[21] }. That 
of course is a non sequitur because it involves a total 
contradiction of the conservation of energy law. If 
there is no active energy in spacetime for the charged 
particle to receive and then output in 3-space, then the 
energy conservation is falsified by every charge and 
every dipole. 


In particle physics the inactive vacuum concept is 
known to be quite wrong, else the charge creates 
energy from nothing. That would violate the most 
sacrosanct law in physics: that energy can neither be 
created nor destroyed. So electrodynamics—both 
classical and quantum, neither of which contains the 
solution to this source charge problem—is in gross 
violation of conservation of energy laws, because it 
assumes that the charge is solely the source of its 
associated fields and potentials and their energy 

{ [22] } and that it accordingly creates all that energy it 


has poured out since the beginning of the universe. 


Presently the electrical engineer implicitly assumes 
total violation of the conservation of energy law with 
every equation he writes, and is blissfully unaware of it. 


Particle physicists, however, have done much better 
and published and incorporated their results, although 
inexplicably the mainstream electrodynamicists have 
not changed their own model accordingly. Particle 
physicists have known and shown for more than 40 
years that (1) space is a seething inferno of EM energy 
{ [23]}, Gi) a charge continually undergoes a violent 
energy exchange (see Figure 11) with the vacuum EM 
flux. That exchange is what a charged mass is doing, 
to make it a "charged mass"), and (iii) the charge is a 
broken symmetry in that violent energetic flux of the 
vacuum. "Broken symmetry" means that the charge 
disrupts and alters part of that virtual particle flux to 
observable EM energy flux (see again Figures 5, 6. and 
7). The charge continually absorbs virtual energy from 
the vacuum, radiates some of that absorbed energy 
back to the vacuum in virtual form, but integrates and 
radiates the remainder in a flow of potentially 
observable energy—the energy flow discovered by 
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Poynting {[24] } and Heaviside {[25] } after Maxwell 
was already deceased. 


So what does the source charge really do? It coheres, 
transduces, and gates some of its virtual energy {[26] } 
received from the vacuum, into an EM energy flow 
going out in all directions in 3-space from that source 
charge. Contrary to present electrodynamics, this 
energy flow is actually longitudinal and bidirectional 
{[27] , [28] , [29] , [30]}, with energy going out in 3- 
space from the charge to every point in the universe, 
and with energy coming from every point in the 
universe back to the charge through the time domain. 
But as reinterpreted {22 b}, Whittaker {[31] } showed 
in 1903 that any such bidirectional EM flow of energy 
—reinterpreted with the input energy to the charge 
coming from the time-domain, and the output energy 
from the charge being emitted into 3-space, comprises 
a scalar potential. This also agrees with quantum field 


theory {[32] } 


See Figure 12. As it really exists in space, a scalar 
potential is a harmonic set of bidirectional EM energy 
flows, with the "bidirectional" EM waves being 
outgoing EM waves in 3-space caused by interaction 
with the source charge or dipole of incoming time- 
polarized EM waves. There is a set of outgoing EM 
longitudinal waves in 3-space, perfectly correlated with 
a set of incoming time-polarized EM waves in the time 
domain. Hence one time-polarized EM "causal" wave 
couples with one outgoing longitudinal EM wave in 3- 
space. It is this scalar EM wave coupling (combining) 
with longitudinal EM wave coupling, in a harmonic set 
of phase conjugate pairs, that constitutes the scalar EM 
potential. 


In short, all EM energy in 3-space comes from the time 
domain. 


After all, no observable persists continuously in time. 
Any observable is a frozen 3-space momentary 
snapshot of an ongoing 4-space interaction. It is the 
result of a d/dt operation imposed upon LLLT 
spacetime, to yield a momentary LLL by 
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d/dt(LLLT) => LLL 


What we see as the "motion of an object in 3-space" is 
actually the ensemble of a continual serial iteration of 
such "frozen 3-space snapshots" of each observable 
part of the object, much as the iterative frames of a 
movie film are seen as a continuously moving picture. 


In Whittaker's bidirectional energy flow associated 
with the source charge, electrodynamicists—including 
Whittaker himself—assumed that a point positive 
coulomb of charge is located at each and every point in 
space. (Figure 5, Figure 6, and Figure 7). A tiny bit of 
the impinging EM energy flow “from” the distant 
source charge {[33] } is geometrically intercepted and 
diverted by the observing/detecting point charge to 
streamline around it, creating a “swirl around” of 
diverted energy flow. As can be seen, only a tiny 
portion of the impinging and passing EM energy 
stream in 3-space is diverged into the swirl. This is 
rather like a small diverted whirlpool of water forming 
around a stable rock in a flowing river. In 
electrodynamics the amount of energy in that “diverged 
whirlpool” is said to be the “collected” energy 
appearing upon that point charge (upon that fixed 
rock). That amount of energy swirled by the 
intercepting point coulomb at a given point in space, is 
then erroneously said to be the magnitude of the 
potential (the magnitude of the entire river). It is no 
such thing. The small fraction of the potential that is 
diverted from the potential's flowing rivers of energy, is 
not that the magnitude of that potential (the magnitude 
of the entire set of flowing rivers themselves!) And it 
is certainly not “identically” the river itself! At best it 
is a measure of the intensity of the potential (the local 
intensity of all those internal rivers of energy flow) at 
that point occupied by the intercepting/diverting rock. 


The point is, as defined and used in conventional 
electrodynamics, the potential occurs only after the 
vacuum EM entity’s reaction with the intercepting 
mass, and is defined only as the effect produced upon 
that coulomb by the causative potential's interaction. 
Literally, the potential (the cause) is erroneously 
defined as the “excitation” or “excess energy” it locally 
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produces as an effect upon a unit point intercepting/ 
collecting charge. 


Ironically, it appears that no electrodynamicist 
calculates the magnitude of the actual potential as it 
exists In vacuum-spacetime, before its interaction with 
charge {[34], [35] }. Its magnitude is enormous, since 
the potential may extend over all space, and energy can 
be intercepted and collected by a charge placed at any 
point therein, or from charges placed at every point 
therein. 


Certainly no rigorous definition of the potential 
presently exists in physics; the reader is challenged to 
check for himself or herself. No legitimate definition 
can exist for the potential, until the little matter is 
resolved of its present erroneous definition only "in and 
on and deviated by" charged matter, contradicted by 
the simultaneous assumption that it does exist in mass- 
free space in undeviated form. What is deviated from 
the potential, is not the potential itself. A part of 
something torn out of that something at one point in 
itself, is not the whole. The local effect cannot be 
substituted for the entire nonlocal cause—only a small 
part of which interacts locally. 


The EM force field is similarly defined—only for 
charge mass interception, and only as an effect 
produced upon the intercepting charge. (See again 
Figures 5, 6, and 7.) A flow of water across a rock (or 
the wind on a rock in the desert) produces a “pileup” of 
fluid on the windward side, and a lesser “pileup” on the 
downwind side. The difference (called the “gradient’’) 
in the energy density collected across the standard 
charge (rock) produces a “difference in pressure” on 
the rock—in other words, a force per interacting rock. 
That effect is erroneously taken to be the EM field 
itself, when rigorously it is only the reaction cross 
section of the EM field. Again, rigorously this EM 
field as defined in electrodynamics only exists as the 
effect that occurs upon an intercepting standard charge 
or "rock" {[36]}. 


Since the EM wave “in space” is erroneously said to be 
made of varying EM fields, it too is defined only as the 
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effect upon the intercepting charged mass, after the 
vacuum EM wave entity—whatever it is—has 
interacted with the charge and changed the charge 
translationally and energetically. Specifically, the 
present “EM wave in vacuum” in the literature is not at 
all what is presented and taught in undergraduate texts, 
and even the standard illustration of "oscillating E-field 
and B-field vectors" lateral to the line of motion of the 
wave is horribly wrong. E.g., Dr. Robert Romer, 
former editor of American Journal of Physics, has 
taken that error to task as follows { [37] }: 


"...that dreadful diagram purporting to 
show the electric and magnetic fields of a 
plane wave, as a function of position (and/ 
or time?) that besmirch the pages of 
almost every introductory book. ...it is a 
horrible diagram. 'Misleading' would be 
too kind a word; 'wrong' is more 
accurate." "...perhaps then, for historical 
interest, [we should] find out how that 
diagram came to contaminate our 
literature in the first place." 


The EM field and wave as commonly regarded are 
transfer functions from the source charged masses that 
“perturbed the vacuum medium and created an 
unknown kind of disturbance therein’, onto the 
receiving charged masses that intercept the incoming 
“unknown vacuum wave entity that was created” and 
interact with it, being translated and perturbed as a 
result. 


This “detected” translation of the receiving charged 
masses (usually the interacting Drude electrons in a 
wire) is what our instruments detect. Indeed, the Drude 
electrons are highly constrained from moving 
longitudinally down the wire, usually moving at only a 
few inches per hour. They are much freer to move 
laterally, however, and can easily do so. 


Reacting with the incoming longitudinal EM wave 
perturbation of local spacetime, the spin of the electron 
produces gyroscopic precession laterally in the wire 
since the electron is terribly restrained in moving 
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longitudinally down the wire. Since our instruments 
detect these transverse electron precession waves, that 
has been totally confused (since Faraday's "plucked 
taut string" notion of the EM wave and Maxwell's 
arbitrary adoption of it) as representing the incoming 
wave in vacuum. It does not represent the vacuum EM 
wave at all; the incoming wave is in fact a longitudinal 
EM wave in 3-space, associated with a precisely 
correlated longitudinal EM wave in the time-domain. 


So we have answered Professor Romer's implied 
question. That horrible diagram came from the 
assumption by early electrodynamicists, before 
discovery of the electron or atom or nucleus, that the 
"transverse electric fluid waves" in the receiving wires 
represented actual "intercepted" fluid perturbations 
arriving in the material ether medium. 


In summary: Using a transmitter-receiver analysis, the 
so-called “EM wave in vacuum” as presently defined, 
actually represents that “detected and measured 
electron precession wave” in and of the reacting Drude 
electron gas in the distant receiving wire antenna. The 
so-called EM force field wave in vacuum has been 
erroneously defined as observable matter wiggles, not 
vacuum virtual energy wiggles and not as spacetime- 
curvature changes and wiggles. So even the present 
notion of the EM transverse wave in space is wrong, 
and it has been corrupted as a pure matter-to-matter 
transform from the beginning { [38] }. 


Somewhat less technical explanations are given by 
Lindsay and Margenau { [39] }, and a rigorous 
statement and discussion that EM force fields exist 
only in charged matter is given by Aharonov and Bohm 
{ [40] }. Feynman of course said it bluntly: Only the 
potential for the field exists in the vacuum, should one 
place a unit point charge there to allow the force field 
to be developed (on, of, and containing the source 
charge itself). 


Let us summarize this terrible EM foundations flaw: As 
classical electrodynamics presently is modeled, 
Maxwell and his modern followers only include 
equations which are mass-to-mass transformations 
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(Figure 8). Specifically missing { [41] } are two other 


transforms: (1) the mass-to-vacuum (mass-to- 
spacetime) transformation (which obviously is general 
relativistic in nature), and (11) the vacuum-to-mass 
(spacetime-to-mass) transformation (again, obviously 
general relativistic in nature). (See again Figure 9). 
When these two missing transforms are added back 
into electrodynamics, one has suddenly extended EM 
theory into a new domain. One has also infolded 
general relativity (GR) inside the present EM matter-to- 
matter transforms, and also included the vacuum 
interaction including broken symmetry in that 
exchange, but in an electromagnetically engineerable 
manner. In short, one has a practical, engineerable 
unified field theory. 


Highly creative inventors such as Rife and Prioré 
intuitively developed apparatuses that unwittingly 
utilized this presently undeveloped and extended union 
of EM, particle physics vacuum theory, and GR. The 
intuition of the theorists in interpreting those 
revolutionary experiments and their results has very 
seriously lagged. 


The Supersystem Concept 


To understand how extraordinary systems such 
as Rife's microscope works, one must understand the 
concept of the supersystem. (See Figure 13). The 
supersystem consists of three components, which are 
(1) the physical system and its dynamics, (2) the local 
active vacuum and its dynamics, and (3) the local 
curvatures of spacetime and their dynamics. All three 
components of the supersystem interact with one 
another, in nature. The second and third components 
of the system constitute the active environment in 
which the system is embedded, and with which it 
interacts. 


Unfortunately, in standard classical electrodynamics 
either the system's environment is assumed to be inert, 
or the system is assumed to be in equilibrium in its 
interaction with that environment. This represents a 
totally arbitrary assumption that the system cannot 
receive and utilize any excess energy from its known 
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active environment. Hence the active vacuum's 
interaction with the system can be and is ignored by 
classical electromagnetics, as are the local curvatures 
of spacetime and their interactions with the system. 


Extraordinary EM systems invariably involve the 
supersystem dynamics, and not just the system 
dynamics. Jn nature, no system analysis is complete 
until the supersystem interactions and their effects have 
been determined and analyzed. 


The Rife microscope is indeed an extraordinary system 
using non-negligible interactions between the system 
and the other two components of its supersystem. 
Hence in our discussions, we will be examining 
interactions in that regime, and not just the standard 
electrodynamics analysis. In these discussions, we will 
be holding in mind not just the mass-to-mass 
transforms of standard electrodynamics, but two other 
transforms: (1) the mass-to-vacuum/spacetime 
transform, and (2) the vacuum/spacetime to matter 
transform (previously shown in Figure 9). 


The reason that Rife's work has not been understood is 
that researchers have been unaware of the necessity for 
supersystem analysis. Almost all analyses of Rife's 
work have been merely standard classical EM analysis 
and thus quite insufficient. There are other examples 
of the standard electrodynamics model completely 
failing to show higher symmetry phenomenology in an 
inventor's work, so that his work is not understood 
even today. An example is provided by Tesla's 
patented circuits, as rigorously demonstrated by Barrett 
{ [42] }. Barrett went on to improve the new functions 
discovered in Tesla's patents, and obtained two 
additional patents related to signals and signal 


processing { [43] }. 


Vacuum-Structurings as “Engines”: Key Part of 
the Missing Transforms 


The missing mass-to-vacuum/spacetime transformation 
produces a massless structuring of the vacuum 
medium. That is a vacuum engine or “multiplex of 
specific spacetime curvatures.” (See Figure 14, Figure 
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15, Figure 16, Figure 17), and Figure 18. Preparing the 
vacuum engine is accomplished by charged matter 
dynamics of the source charges producing the 
necessary potentials, fields and waves. The charges are 
embedded in continual energetic exchange with the 
vacuum/spacetime, and moving the charges affects that 
exchange; it perturbs the local vacuum flux and curves 
the local spacetime accordingly. 


The transform represents producing this vacuum engine 
by the vacuum-perturbing action of source charge 
dynamics upon the vacuum, and by not assuming a 
mystical intercepting point-charge at each point in 
space { [44] }. In the vacuum/spacetime, only vacuum/ 
spacetime entities and changes to them exist. In pure 
water, only water and changes to that water exist! 


So a precise dynamic structuring of the energetic 
vacuum (and spacetime geometry) is what charges 
produce when they “perturb” the vacuum medium 

{ [45] }, by the presence or dynamics of their fields, 
longitudinal and time-polarized EM waves, or both. 
This "perturbed vacuum dynamics" separate from the 
source charges themselves comprises an engine that 
consists of altered longitudinal EM wave dynamics 
inside the internal Whittaker structure { [46] } of the 
scalar potential of the ambient vacuum. That is the 
same as also producing internested levels of spacetime 
curvatures in a template or specific pattern { [47] }. 


In turn, this vacuum engine region of local curvatures 
and structurings in spacetime will interact upon any 
mass placed therein. That action is the missing 
electrodynamic vacuum-to-mass transform. 


The missing electrodynamic vacuum-to-mass 
transformation produces direct changes and alterations 
in the “receiving” mass, at all levels, by the action of 
such a vacuum engine. As each action occurs locally 
in the localized receiving mass, it produces the "local 
effect" as the result of that “local action.” The primary 
causative chain (1.e., the set of “dominoes” affecting 
each other serially), started back at the distant source 
charges. One can say that we therefore have mass-to- 
mass action at a distance, via the matter-to-vacuum 
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and vacuum-to-mass intermediary transforms and the 
spatial and temporal propagation of the vacuum 
engines in the middle of the two { [48] }. We will 
shortly discuss the Whittaker structuring of the 
potential as a fundamental process for producing 
vacuum engines. 


General relativists mostly concentrate upon the 
warping and curving of spacetime (i.e., producing a 
vacuum engine) by the very weak gravitational force— 


which is only some 10 4? times as strong for electrons 
as the electric force between them. Consequently, 
relativists must look to huge assemblages of mass, such 
as in stars and other astronomical objects, for sufficient 
gravitationally-induced spacetime curvature to produce 
easily observable results. For that reason, general 
relativity has resisted laboratory development as an 
engineerable applied science. By using the far stronger 
EM force as the agent of spacetime curvature, and 
including the infolded electrodynamics inside the 
potential, field, and wave, general relativity then 
becomes engineerable and usable. But one is 
engineering the supersystem, not just the system. 


The Infolded Electrodynamics Inside Potentials, 
Fields, and Waves 


As previously stated, in 1903 E. T. Whittaker, a 
well-known mathematical physicist, showed that a 
scalar potential can be mathematically decomposed 
into a set of peculiar EM wavepairs in a harmonic set. 
(Again see Figure 12) These “hidden waves” are 
longitudinal EM waves, arranged in conjugate pairs 
{ [49] } with the pairs also arranged in a harmonic set. 
In each wavepair, there is an ordinary (forward-time) 
longitudinal EM wave (outgoing in 3-space from the 
interacting/observing charge), coupled to its phase 
conjugate replica (time-reversed twin). 


And here lies a magic secret. Prior to interacting with a 
charge, the phase conjugate wave in each wavepair 1s 
in the complex domain, which means that in 
Minkowski space it is incoming along the fourth axis, 
ict, where the only variable is t. Hence this wave prior 
to interaction with charge does not even exist in 3- 
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space. Instead, it exists as a longitudinal EM wave 
incoming in time, so that it is a time-like flow of EM 
energy. (See Figure 19). After interaction with a 
charge, the charge absorbs the incoming time-polarized 
EM wave, transduces that time-energy to 3-spatial 
energy, and re-emits the energy as longitudinal EM 
waves in 3-space in all directions. "In all directions" 
means that for every outgoing longitudinal EM wave 
emitted in one direction in 3-space, another wave just 
like it also emitted in the other direction in 3-space. So 
the paired "bidirectional" EM longitudinal EM waves 
in 3-space, as interpreted by Whittaker, do exist as the 
effect waves caused by the incoming causal time-like 
longitudinal EM waves (scalar EM waves). The 
pairing of the causal time-polarized EM incoming 
wave with an outgoing effect longitudinal EM wave 
was not interpreted by Whittaker, but does agree with 
more modern quantum field theory interpretations of 
photon polarizations and their observability or non 
observability, by Mandl and Shaw {22b}. 


We have corrected this "effect substituted for the 
cause" wave to reinterpret Whittaker's 1903 
decomposition of the scalar potential, into combined 
biwaves where one of the biwaves is incoming in the 
time domain, and the other is outgoing in 3-space. 
That re-interpretation then allowed a solution {22a} to 
the problem of the source charge and its associated 
fields and potentials, together with their energy. Every 
source charge and source dipole continuously emits 
EM energy in 3-space, without any 3-spatial EM 
energy input. The input is there, but in the time- 
domain. This problem—resolved by the present author 
in 2000—has been called the most difficult problem in 
quantum and classical electromagnetics {30 }. 


Because of observed parity reversal accompanying the 
time-reversal operation, in his forward-time, the 
observer “sees” —after interacting the incoming wave 
with charge—the effect of the incoming time-reversed 
or phase conjugate wave (entering from the time 
domain) as a 3-space longitudinal EM wave leaving in 
the opposite spatial direction. So the basic 4-space 
phase conjugate longitudinal wavepair would appear to 
us in forward time as a “regular” time-forward 
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longitudinal EM wavepair in 3-space, with the two 
waves going outward in opposite directions. But each 
is accompanied by a time-polarized EM wave, else it 
would not be observable. 


Further, there is a harmonic series of such 
bidirectional longitudinal wavepairs comprising the 
scalar potential. So the staid old electrostatic potential 
(1) is not a "scalar entity" at all { [50] }, (1) is a bundle 
of longitudinal wavepairs, (111) is an entity with a 
remarkable internal hidden multiwave structures and 
dynamics, (iv) is a composite of very special waves 
whose transverse amplitude (i1.e., whose spatial energy 
density, which is a function of transverse amplitude 
squared) does not change, but whose transported time 
structure changes, and (v) therefore is a special kind of 
wave that is velocity modulated about some central 
velocity, and is not limited to the speed of light c. 
Indeed, in classical electrodynamics in the Coulomb 
gauge, the scalar potential is already recognized as 
having infinite velocity, merely appearing in space 
instantly at every point it occupies { [51] }. 


We also state without elaboration that the active 
vacuum 1s identically a very huge scalar potential, as 
indeed is “spacetime geometry”. So a unifying 
principle is: 


vacuum = spacetime = potential = energy 


{1521} 


Further, as a potential, the “ambient” vacuum 
decomposes into an incredibly rich, internal Whittaker 
wave structure. So then also must spacetime and 
energy similarly decompose. That decomposition 
structure is even richer when higher symmetry O(3) 
EM is used instead of the lower symmetry U(1) EM 
employed by Whittaker. 


A revolution in electrodynamics has recently 
begun, and central to that revolution is the strong 
appearance of longitudinal EM waves as essentially the 
basis for the emerging new electrodynamics. Work by 
Evans { [53] }, Barrett { [54] }, Ziolkowski { [55] }, 
Evans { [56] }, Rodrigues {57}, and others is 
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fundamental in this respect. One part of this emerging 
new electrodynamics is advanced under the label of 
undistorted progressive waves (UPWs). A good 
summary of UPW theory is given by Rodrigues and Lu 
{ [57] }. Even so, to date this body of work still 
largely ignores the internal Whittaker dynamics 

{ [58] } inside an EM wave. The body of work— 
particularly the higher symmetry O(3) electrodynamics 
pioneered by Evans {56} inherently possesses the 
capability to model such structuring, since much of it 
utilizes a higher topology algebra such as quaternions 

{ [59] } or even Clifford algebra { [60] } In those 
higher algebras, many electrodynamic things can be 
done outside the operations permitted by present vector 
and tensor electrodynamics. 


Superpotentials and Superpotential Theory 


Whittaker’s 1904 paper { [61] } showed that all 
the “normal” electrodynamics was based on, and 
created by, the interference of scalar potential functions 
(1.e., by the interference of those multiwave 
longitudinal wavepairs and their dynamics { [62] } 
constituting the interfering scalar potentials.) He 
showed that any EM field or wave whatsoever can be 
replaced by two scalar potential functions—in fact, is 
comprised of those two scalar potential functions and is 
created by them. Scalar potential interferometry 
already creates all the “normal” EM in the textbooks 
anyway, and a proof has been given by Evans et al. 


{ [63] }. 


The 1904 paper by Whittaker initiated a 
somewhat obscure branch of electrodynamics referred 
to as superpotential theory { [64] }. Whittaker’s work 
was further extended and augmented by later scientists 
such as Righi { [65] }, Debye { [66] }, Bromwich 
{ [67]. }, Nisbet { [68] }, McCrea { [69] }, etc. But 
even with the extended superpotential theory, without 
the addition of Whittaker 1903 and the substructuring 
"internal LW electrodynamics" one cannot understand 
the mechanism for what Rife was actually doing. 


Rife was not using normal potentials and normal E and 
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H fields—which as we discussed, only apply to 
observable material entities anyhow and thus could not 
be used to “see” far below the quantum threshold of 
least detectable material disturbance. His entire 
protocol was to get beyond those “material 
interception of EM energy” limitations. Unwittingly, 
Rife was using vacuum engines—involving structuring 
of the active vacuum as well as pure general relativity 
(GR) and pure structurings of spacetime geometry 
itself. He was electromagnetically using that part of 
GR that the GR physicists have mostly only tried to 
produce by use of the weak gravitational force. In GR, 
the ST geometry itself is active, dynamic, energetic, 
and structuring! In higher symmetry electrodynamics, 
the ST geometry itself is powerfully active, dynamic, 
energetic, and structuring! It is not at all just a 
"passive spacetime" as classical electrodynamics 


assumes { [70] }. 


Biological Systems Use the Infolded Whittaker- 
Type Electrodynamics 


The problem in the Rife microscope is to be able to 
observe very subtle ST curvatures and patterns, in an 
optical manner. These subtle or virtual "disturbances" 
of local spacetime are far finer and smaller than the 
one-tenth wavelength optical resolution generally the 
limit for optical microscopes using conventional optical 
EM notions and “material” potentials, fields, and 
waves. 


In short, Rife’s twofold problem was to (i) function 
with vacuum engines (internal structuring of the 
potentials) so he could penetrate to any degree of 
smallness, and (i1) output, in the observable state, exact 
visible summations and analogues of the individual 
structures detected in the virtual (nonobservable) state 


{ [71] }. 


To make the subtle vacuum engines observable on the 
bench, the ST curvatures and their internested 
patterning must be accomplished by making and 
assembling local curvatures of ST, via making 
longitudinal EM wavepairs in structural pattern 
assemblies. Spacetime is in fact just a powerful scalar 
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potential, or can be modeled as such, and as such 
Whittaker 1903 and 1904 rigorously applies, along 
with extensions from higher symmetry 
electrodynamics. By realizing that ST is identically 
potential, one has altered one's thinking from the 
standard GR theory into a correlated EM-GR theory. 
One has also extended GR: Not only is there a 
“topology” of things that can be externally done to a 
base spacetime, but there is also a hidden, vast EM 
topology within any overall base spacetime. So we 
now have “topologies within topologies.” This is in 
fact what the Russians have long called the information 
content of the field. 


However, all living systems already use this "infolded" 
bidirectional, longitudinal wavepair EM in their 
ongoing living functions { [72] }. Just as they used 
frequency modulation, EM signals, EM oscillations, 
etc. before we even had an electrodynamics or a 
physics, living systems do use the infolded EM (and 
vacuum engines) in all their living functions, and 
particularly in their cellular regeneration and 
restoration (R&R) system { [73] }, as contrasted to 
their immune system. The immune system cells are the 
fighters and the debris scavengers/cleaners. They go 
after the hostile invaders, fight them, and usually win— 
littering the battlefield with the debris. Then the 
immune system scavenger cells clean up the residue. 


But many of the body’s cells will have been 
damaged in the fight. The immune system itself cannot 
heal or restore a single damaged cell, even its own! It is 
not a healer! It is a searcher, a marker, a killer, and a 
residue-cleaner. It contains " the troops and the combat 
engineer," so to speak, but not the hospitals and the 
doctors. All healing/restoration of living cells is done 
by the R&R system, not by the immune system. 


A high-level overview of the immune system is 
given in Figure 20. 


No vaccine, drug, herb, vitamin, or mineral 
heals the body, although certainly they can enhance or 
aid the body's healing process. Each does carry its 
individual resident vacuum engine, and when absorbed 
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by the cell, this added vacuum engine contributes to the 
resident vacuum engine in the cell by summing with it. 
To restore the damaged cells back to normal (i.e., to 
heal), the R&R system uses a novel kind of extended 
electrodynamics with infolded vacuum engines, and it 
uses a novel kind of optical phase conjugate pumping, 
in the time domain rather than just 3-space. The magic 
“unified field theory” so long sought by scientists, has 
long been utilized by the regeneration and restoration 
system of the body in its minute-to-minute and day-to- 
day healing and restoring actions. 


The magic "universal healing mechanism" so 
long evading the discovery of medical scientists is none 
other than the exact cellular regenerative mechanism 
universally used by every living organism. For the first 
time, we are explaining the higher symmetry 
electromagnetic nature of this mechanism. 


Robert Becker's epochal work { [74] } (Figure 
21, Figure 22) strongly probed the electromagnetic 
control system directing the body’s cellular 
regeneration and repair (R&R) system. However, he 
did not have available the infolded Whittaker 
electrodynamics. He could only utilize the grossly 
inadequate standard electrodynamics. Modern 
nonlinear phase conjugate optics had not yet been born 
when Becker did most of his seminal work. 


Since standard EM does not incorporate infolded GR, 
vacuum engines, or optical pumping in the time 
domain, Becker could not formulate the full technical 
mechanism of the R&R system —which uses the 
supersystem, not just the system. But Becker did 
strongly point out the importance of the R&R system, 
both theoretically and experimentally. He found that it 
operated electrically, with the scalar potentials being 
key. He modeled the R&R system as closely as can be 
done with classical U(1) electromagnetics (Figure 22). 
He proved that cells can be dedifferentiated (reversed 
back to an earlier, more primitive state) and 
redifferentiated (time-forwarded into a more complex 
state) by weak DC potentials and laughably weak 
(picoamperes) of current. He was twice nominated for 
a Nobel prize for his epochal work. His method of 
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electromagnetic healing of otherwise intractable bone 
fractures (Figure 21) is utilized today in many hospitals. 


In his microscope, Rife was in pursuit of optically 
"seeing" the infolded electrodynamics functioning of 
the living cells in the most minute detail—i.e., he 
wished to see the actual vacuum engines and their 
functions. Using the infolded EM, one can still "see" 
the cells and all their parts, but one can also go far 
beyond the one-tenth wavelength optical discrimination 
limitation and see into the virtual state dynamics. In 
theory, because the infolded EM is recursive as a 
function of wavelength, one can go to any limit in 
smallness desired—or at least to whatever limit is 
determined by the available technology's development 
at the time { [75] }. 


Vlail Kaznacheyev's novel electromagnetic induction 
of cellular death, disease, and damage, at a distance, is 
instructive in this respect { [76] }. (Figure 23) Indeed, 
the Russians mastered, extended, and weaponized the 
Kaznacheyev mechanisms as disease-inducing 
weaponry, and slyly used it at low level on personnel in 
the U.S. Embassy in Moscow (Figure 24). This was 
done to stimulate high level officials in the U.S. 
government and U.S. scientific community to see if the 
U.S. knew of this "infolded electrodynamics and 
vacuum engine" technology { [77] }. The Russians 
were using GR, but by infolded EM means—so they 
were using a unified field theory involving higher 
group symmetry electrodynamics. The puzzled U.S. 
employed only standard U(1) symmetry 
electrodynamic analysis { [78] }, so it totally missed 
the entire physics of what was occurring to cause the 
health changes and diseases. 


In GR, one is very interested in Wheeler's principle 
which states (slightly paraphrased): 


Mass (trapped energy) acts upon ST 
geometry to curve it, and curved ST acts 
upon mass to produce forces upon it and 
move it. 


This statement after Wheeler is the very essence 
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of general relativity. It simply states that there is a 
mass-to-spacetime dynamic transform, and also a 
spacetime-to-mass dynamic transform, as we 
diagrammatically showed in Figure 9. 


Understanding Vacuum Engines and Their 
Action 


Wheeler’s general relativity principle includes the 
missing two transforms of electro-dynamics. We are 
extending Wheeler’s principle to the corollary form: 


All levels of the structures of mass (trapped energy 
structures) and all levels of the structures of time (the 
time aspects of photon structures) act upon ST 
geometry to structure it in both 3-spatial energy density 
structuring and in time domain structuring. Producing 
this multilevel spatial and temporal structuring of 
spacetime is called “forming a vacuum engine.” Both 
3-spatial energy density structuring of spacetime at all 
levels and time structuring of spacetime at all levels, 
act upon mass at all levels, to produce internested 
templates of forces and translations and stresses. 


In short, energy patterns and time patterns in 3- 
space act upon spacetime to produce patterned 
curvatures of ST geometry (vacuum engines). And 
conversely, patterned curvatures of spacetime geometry 
(vacuum engines) act upon mass to produce 
corresponding patterns of forces at all levels in the mass 
—down to and including upon the quarks and gluons in 
the nucleons in the atomic nuclei. We note with 
pleasure that the Sachs unified field theory does apply 
from the gluons to the entire universe, as has been 
shown by Sachs himself {18b}. 


Muscle and Skeleton Analogy of Interaction of 
Vacuum Engine and Mass 


We call attention again to our analogy (Figures 15, 16, 
17, and 18) of the interaction of a vacuum engine and 


mass, provided by the interaction of arm muscles and 
the skeletal arm bones to which they are attached. The 
arm muscles attach to the arm's skeletal bones, and 
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those bones are articulated and free to dynamically 
move. To the bones, the muscles are mysterious agents 
(analogous to vacuum engines) exerting forces upon 
them, and causing them to move or hold. To the 
muscles, the bones are positioned resisting masses for 
them to work upon and change their positions, and the 
bones exert Newtonian reaction forces back upon the 
muscles as the muscles apply forces to the bones. So 
the vacuum engines (muscles) create forces upon the 
resisting masses (bones) to move them, and the masses 
act back upon the causative vacuum engines to create 
antiforces in resistance. 


Using this analogy, when we create a set of 
vacuum engines, we create a set of “mysterious 
muscles” that act directly upon any and all 
“masses” (bones) that are exposed to them. The bones 
then change and move until the bidirectional 
interaction forces are balanced (equal and opposite). 
This symmetry between the two missing transforms is 
shown in Figure 9. 


The Multilevel Structuring of Time is Important 


We also add the extension that dynamic 
structuring in the time stream also occurs from trapped 
time domain “time component” structuring and 
distribution effects, as well as dynamic structuring of 
the spatial energy density of the ST geometry (the 
vacuum). 


We are speaking relativistically of the interaction of 
mass and spacetime at any and all levels of a mass, 
down to and including the molecules, the atoms, the 
atomic nuclei, the nucleons, and even the quarks 
comprising the nucleons (comprising the protons and 
neutrons). One must first clearly have this vision in 
mind: The dynamics of everything ongoing in that 
mass, down to the most minute particle dynamics and 
in the most minute detail (and far into the virtual state 
beyond the one-tenth wavelength limitation of light 
resolution) consists of the structurings of this "mass-ST 
curvature" mutual interaction. 


So we know from general relativity that collections of 
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energy (such as mass) act directly upon spacetime, its 
structuring, and its dynamics at any and all levels, 
down to the tiniest. We know that the variations in 
local spacetime geometry (including in both energy and 
time), down to any and all levels and sizes, down to the 
tiniest conceivable lengths, act directly upon any and 
all exposed mass at that level, no matter how tiny. 


There is no “quantum” limitation nor is there any 
“wavelength of light” limitation to this GR process. 
Total continuity applies. 


Some Characteristics of Vacuum Engines 


The great advantage of a vacuum engine is that the 
"action" it produces upon an exposed mass, arises 
directly from within each point in the local spacetime 
in which the mass is embedded. One does not have to 
"start outside" and move through space and the 
intervening mass toward the "inside". Every point 
within an object occupies every point in time, a priori. 
From a single time-point, the vacuum engine's 3-space 
action enters everywhere within the object, all-at-once, 
and the 3-space effects proceed outward from each 
interior point. (See again Figure 19). Therefore even a 
weak vacuum engine induced by EM forces can do 
with ridiculous ease what the most powerful particle 
accelerators on Earth cannot do. The engine is already 
everywhere "inside" an object or particle, and working 
from every point in it, toward an outward direction. On 
the other hand, a particle accelerator is trying to build 
tremendous velocity of its particles so that they can 
"smash" their way in there, by brute force. To get ever 
deeper, the particle accelerator must be made ever 
larger, so that a "bigger hammer" is available. Also, 
the vacuum engine does not smash or damage any of 
the matter in the object, in any fashion not desired. 
The particle accelerator, on the other hand, is a great 
disruptor and may well destroy or serious change the 
very object it "probes". 


Further, contrary to the accelerator's "one shot for one 
giant amount of energy input", a vacuum engine—once 
formed—continually exists in that locally altered 
spacetime and is contained in it and is sustained by it. 
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Hence that locally altered spacetime—after we pay to 
alter it once—will continuously expend energy in the 
form of the action of that vacuum energy, forever, upon 
any mass emplaced in that local spacetime. The 
universe itself is furnishing the energy to do the work, 
via the instantaneous connection in the time domain. 


That "multiply connected space" entry everywhere 
within an object simultaneously, is quite different from 
"spatial propagation of energy" through singly- 
connected space from outside an object to the object, 
striking the outside of a mass and being absorbed, 
producing a gross translation force upon the mass. In 
the “energy propagation through space” case, severe 
energy interaction may occur with only the absorbing 
part of a macroscopic mass, while the remainder of the 
mass is little affected or not at all. To wit, one does not 
get the resulting electronuclear alterations of the 
nucleus (materialization, dematerialization, 
transmutation, etc.) by absorbed propagated “normal” 
EM radiation. However, with weak EM-induced 
vacuum engines one can do things inside the nucleus 
such as easily flip quarks inside the nucleons, so that 
transmutations at very weak spatial energy levels are 
readily obtained. This in fact turned out to be the 
major secret of the low-energy nuclear transmutations 
occurring in some 600 cold fusion experiments 
worldwide { [79] }. 


Electrodynamic force fields implicitly define primarily 
only translation effects upon charges or masses, in their 
very definitions. With normal EM, usually one will get 
reradiation of the absorbed energy, or partial 
reradiation of the absorbed energy accompanied with 
recoil of the absorbing mass, or no reradiation but 
recoil of the mass. 


We took the term vacuum engine from Misner, Thorne, 
and Wheeler { [80] } and also from Nobelist T. D. Lee 
{ [81] } who spoke of this sort of thing as vacuum 
engineering. The term is not original with us; only the 
novel higher symmetry electrodynamics application of 
the concept is original. We call the exact geometrical 
form of a vacuum engine a template. We refer to the 
process of internally structuring a field, wave, or 
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potential as dimensioning or activating or conditioning 
or charging up the field, wave, or potential. Russian 


superpotential weapon scientists call the infolded 
structuring itself the information content of the field. 
For further discussion of some of these terms and 
related concepts, the reader is referred to our website, 


www.cheniere.org. 


Wheeler's GR principle says that, for every mass with 
its exact mass structural dynamics condition, there 
exists a corresponding exact vacuum engine template 
containing precise spacetime curvature structural 
dynamics, and interacting back upon the dynamic mass 
at all levels. That vacuum engine is said to be resident 
in the mass and continuously interacting with it (see 
again Figure 13 on the supersystem). 


Again, the structuring of the vacuum engine has no 
limitation in fineness, because spacetime is 
continuous. Hence it freely extends from the 
observable realm on down into the virtual realm. This 
is no more audacious than stating that virtual and 
observable entities occupy the same time domain 
simultaneously. Obviously, if one is using the 
structuring of time, one gathers in both those virtual 
structures and those observable structures, and also the 
exact correlation between them. This is a direct 
engineering application of an EM hidden variable 
theory, somewhat similar to that proposed by David 


Bohm { [82] }. 
Applying Vacuum Engines to Living Cells 


Any normal cell already has a normal template of 
overall ST curvature due to its mass and trapped energy 
structures. No matter how small, every internal part of 
that cell has its own subcomponent template of 
subcomponent ST curvatures embedded in that overall 
cellular ST curvature. As the cell functions, the 
dynamic normal changes of that template into other 
related templates, is within the range of what we call 
"normal, healthy cellular functioning." 





Any abnormal cell has an abnormal template and also 
an abnormal set of "templating" changes. In other 
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words, there exists a precise vacuum engine delta in the 
abnormal cell, summed to the cell’s normal vacuum 
engine. The sum engine represents the exact vacuum 
engine to act on the normal cell and change it to that 
precise abnormal condition. 


But a template depends upon the energy density 
structuring of the local vacuum and also the local time 
structuring—which latter is still missing from physics 
books, but is implicit in the nature of the photon. If 
one produces the necessary energy structuring and 
density—and the necessary time structuring and 
density of local ST geometry—one produces a certain 
vacuum engine and one also produce a certain template 
of time structuring. Time { [83] } has dynamic 
template structuring and functioning, just as does the 3- 
spatial energy density of ST geometry. 


Indeed, the total (virtual and observable) photon 
interaction with a mass or particle generates the "flow 
of that mass or particle through time" (Figure 25). 


But one can make vacuum engines using EM energy 
and structuring, rather than with normal gravitational 
(G) energy and structuring { [84] }. The advantage is 
that, for electrons, the EM structuring is on the order of 
10*2 times as strong as the G structuring. For protons, 
the EM force is something like 1078 times as strong as 
the G force. So by using the much stronger EM force 
as the “agent of ST curvature,” one can make vacuum 
engines that are quite strong at their local level. These 
engines will affect and profoundly change any exposed 
mass, including cellular mass—in any fashion desired, 
given only that one makes the appropriate vacuum 
engine. Again, we are simply engineering practical but 
ultra-strong general relativity on the laboratory bench, 
by electromagnetically engineering Wheeler's principle 
in an extended form. 


For any physical cellular deviation from normal—any 
deviation whatsoever—a corresponding exact deviation 
(i.e., an exact delta) exists in the cell’s otherwise 
normal vacuum engine template. This includes 
deviations in the genetics of the cell and everything 
else, not just the chemistry and gross physical structure. 
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Now if one could produce the negative (time-reversal) 
of the sum template of the resident vacuum engine and 
amplify it, one would have a powerful new type of 
vacuum engine. (Figure 26) It would be an exact 
vacuum anti-engine to act upon that specific diseased 
or abnormal condition of the cell and gradually erase 
the delta and bring the cell physically back to normal. 
The new anti-engine would operate upon all the mass 
of the cell, at every level no matter how small. It 
would change the cell’s abnormal genetics back to 
normal genetics. 


One could of course reverse cellular damage due to 
aging, and rejuvenate the body. It is quite doable; all 
that is needed are the funds, scientific team, and 
laboratory facilities to develop it. It is doable 
whenever the U.S. medical science community and the 
giant pharmaceutical community will allow it to be 
done. 


One could reverse a cancer cell back to a normal cell, 
by applying the specific summation vacuum antiengine 
for the exact delta between the cancer cell and a normal 
cell. 


One could reverse an AIDS cell back to a normal cell 
with normal genetics, where it no longer was an "HIV 
factory". An AIDS patient could be completely, 
quickly, and cheaply cured, the moment he or she 
tested HIV positive. There would be no need to wait 
for the debilitations of the progressing disease to 
appear. Not a single HIV-infected cell would be left in 
the body, even those resistant strains that have 
developed after the original infection. 


One could do precisely the same thing with Ebola 
infections, and with the “tough” staph infections that 
now resist everything and are killing more than 120 
thousand Americans in our hospitals every year, with 
the figures rising. These are patients who did not have 
the disease that killed them, when they entered the 
hospital. 


With development of portable treatment units and mass 
production, one could treat and heal those millions of 
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mass casualties that could well erupt in one or more 
large U.S. city areas—e.g., from an Iraqi-sponsored 
terrorist biological warfare (BW) strike, using anthrax 
{ [85] ). In 1998, we proposed a crash development of 
just such portable units { [86] }. With the present 
world situation, it is not a matter of if such terrorist BW 
strikes will be made in the U.S., it is a matter of when 

{ [87] }. Since our 1998 proposal, there has now been 
time to have had those portable units developed and 
mass-produced, at a total program cost of perhaps $100 
million. Sadly, no one apparently had the foggiest 
notion of what was actually being proposed, and its 
vital importance to the survival of the nation. With a 
looming war in the MidEast—and with hordes of 
terrorist teams with biological warfare agents already 
infiltrated into U.S. cities and population centers—this 
negligence is particularly of concern at this very 
moment. These officially-forecast attacks on our cities 
by weapons of mass destruction could now be 
imminent, if and when the MidEast does explode into 
war, which appears imminent. 


The Process Has Been Experimentally Proven 


A very similar thing is also what Becker 
{ [88] } demonstrated, without considering the vacuum 
engine (general relativistic curvature of spacetime) 
effects. It is also precisely what Prioré { [89] } 
unwittingly did in France, with a team of renowned 
French scientists, to cure terminal cancers, 
atherosclerosis, lethal infectious diseases, etc. in 
laboratory animals under rigorous scientific protocols. 
The team also demonstrated the restoration of 
suppressed immune systems. 


In Germany, Popp { [90] } et al. were also 
involved in studies dealing with the R&R system, but 
from a quantum electrodynamics viewpoint. 


We can also consider the vacuum engine from a 
nonlinear optics view, and obtain startling extensions 
of both general relativity and nonlinear phase conjugate 
optics. That in fact is exactly what Prioré did, though 
he did not think in those terms. Prioré roughly created 
a complex set of bidirectional longitudinal EM 
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wavepairs—t.e., a set of “time domain pump waves.” 
So he produced a kind of vacuum engine that itself is a 
crude anti-engine generator when used to pump a mass 
such as a living cell. 


Prioré unwittingly used an extension to nonlinear 
optical (NLO) phase conjugation before nonlinear 
phase conjugate optics was even born. Pumping 
diseased cells in the Prioré manner causes the 
formation of exact "antiengines" for the specific 
cellular disease or disorder to be created in the cells 
themselves. 


First, Prioré mixed up to 17 or so EM transverse waves 
in a rotating plasma { [91] }. Today we know that such 
a plasma will transform transverse radiations into 
longitudinal radiations, and it will also phase conjugate 
the input waves and add their phase conjugate replicas. 
In short, it is a procedure for somewhat crudely making 
a set of longitudinal bidirectional EM wavepairs, which 
is required to produce a scalar potential with a 
deterministic internal structuring. In short, it produces 
a scalar potential with an internal vacuum engine 
template. 


These infolded longitudinal biwaves are NLO pump 
waves of anew kind: They pump the PCM material in 
the time domain only. This kind of pumping is a 
vacuum antiengine-making process. 


The plasma tube was surrounded by a giant 
coil, and a pulsed magnetic field was produced by the 
coil. Per Whittaker’s 1904 paper, that pulsed DC 
magnetic field can be decomposed into two scalar 
potentials. Hence we have three potentials 
superposing: (1) the potential function set made by 
Prioré in his plasma tube, and containing a selected 
“vacuum antiengine maker” consisting of bidirectional 
pump waves in the time domain, and (2 and 3) the two 
Whittaker potential functions comprising the DC 
pulsed magnetic field of the coil. 


The end result of this superposition/mixing of 
potentials is that their “internal structures” —including 
their vacuum engines—also diffuse one into the other. 
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Fundamentally, Prioré produced what to the observer 
seemed just a pulsed DC magnetic field, but one in 
which there was a specific “vacuum engine maker” of 
his deliberate creation and “tailoring.” Originally by 
trial and error, he adjusted the 17 frequencies 
introduced to the plasma, thus varying the frequencies 
of the “infolded bidirectional pump waves” produced 
and infolded into the pulsed DC magnetic field carrier. 
In this manner he was “tuning the “vacuum antiengine- 
maker’ content. 


Again, Russian energetics weapons scientists 
call those vacuum engine templates the information 
content of the field. They do not refer to ordinary 
spectral analysis. 


Explaining the Time-Pumping Vacuum Anti- 
Engine Maker 


Irradiating the cell (with non-ionizing radiation) 
containing infolded specific bidirectional longitudinal 
waves, precisely corresponds to pumping the cells in 
the time domain, rather than pumping them in the 
“spatial energy distribution” domain. Because of the 
shift of the pumping from the 3-space domain to the 
time domain, this constitutes a dramatic extension of 
phase conjugate optics. Because of the amplified phase 
conjugating action of the “vacuum antiengine maker” 
upon the vacuum engine in a mass, this also constitutes 
a dramatic extension of general relativity and of four- 
wave mixing theory. Let us explain briefly: 


When one pumps a nonlinear mass [phase 
conjugate mirror (PCM) material] with ordinary 
“transverse” EM waves { [92] } (Figure 27a), one is 
pumping (stressing, or “squeezing and relaxing’’) the 
mass with dynamic oscillating energy distributions in 
3-space. One inputs a similar weak wave (called the 
“signal” wave) to the mass simultaneously. In that 
case, multiwave mixing theory tells us that the 
pumping of the PCM will cause the formation of a 
fourth EM wave, that is a time-reversed replica of the 
input “signal” EM wave. The time-reversed wave may 
contain up to all the energy in the pump waves, so it 
can be highly amplified in magnitude compared to the 
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input signal wave. The distortion correction theorem 
tells us that this time-reversed replica wave will then 
appear precisely superposing in space back along the 
exact spatial track taken by the input signal wave 


{ [93] }. 


When the pumping is shifted to the time domain 
by pumping with bidirectional longitudinal EM waves, 
we now are pumping the time aspects of the mass— 
during it iterative existence as masstime; see again 
Figure 25—rather than just pumping the spatial energy 
aspects. In other words, we are not pumping spatially, 
but spatiotemporally. We are pumping temporally— 
rhythmically squeezing (compressing) and relaxing 
(extending) the “density of the time interactions” 
producing the rate of flow of time itself. This is a 
totally new extension to nonlinear phase conjugate 
optics. 


In this case, the “signal wave input” to the 
“time-domain-pumped” nonlinear mass PCM is just the 
resident vacuum engine in the local spacetime in which 
that PCM mass is embedded (see Figure 27b). The 
sickened cell's abnormal vacuum engine—consisting of 
the sum of the normal cellular vacuum engine and the 
disease delta vacuum engine—is present in the cell and 
is the input to the time-pumped phase conjugate mirror 
(cellular masstime). The output is the formation of an 
amplified time-reversed replica of that vacuum engine. 
In other words, an exact, amplified vacuum antiengine 
for reversing the precise abnormal condition of the 
mass, down to and including even the quarks in the 
atomic nuclei, is formed by time-domain (longitudinal 
EM biwave) pumping. The result or “output” is that 
the entire cellular PCM mass and all its constituent 
parts are “time-reversed” back along their previous 
“track through time”, back to a previous normal 
physical state { [94] }. Figure 27b illustrates this 


process. 


So when Prioré pumped the abnormal cells, he 
simply time-reversed them—genetics and all—right 
back to their normal physical state before the 
abnormality arose. 
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The beauty of the method is that, by adjusting 
the input waves to the rotating plasma, Prioré could 
“tailor” and “tune” the pumping waves to what was 
needed for a particular class of disease. He used trial 
and error methods to arrive at the proper settings for 
the disease to be treated. In theory, by the Prioré 
method one can time reverse any mass back to an 
earlier physical state. This mechanism is used by the 
cellular control portion of the body’s regenerative and 
restorative (R&R) system to restore damaged cells 
back to normal. It is the basis for the body’s ability to 
heal itself! 


Applied to diseased cells, the method causes the 
formation of specific amplified antiengines for the 
exact specific cellular abnormality, no matter how 
complex, and no matter what it is. In applied medicine 
this is a revolutionary new healing and therapeutic 
modality, accomplished by novel EM means, and 
justified by general relativity, higher symmetry 
electrodynamics, and longitudinal EM wave pumping 
in the time domain rather than classical 
electrodynamics and transverse EM wave pumping. 
Prioré’s discovery, once understood, may just be the 
greatest medical discovery of all time, and the 
discoveries of Rife and of Becker may rank a close 
second. The Prioré process is shown in Figure 28. 


The body's cellular regeneration system uses this same 
methodology and process. A block diagram of the 
operation of the body's cellular regeneration system is 
shown in Figure 29. 


Further Principles Needed for Rife’s 
Microscope 


In his microscope (Figures | and 2), Rife just wanted to 
observe the templates [2] corresponding to the cells, 
germs, viruses, etc. and all their parts, without any 
smallness limit. To do that, we need to (1) amplify the 
tiny, tiny amplitudes (actually, in the virtual state and 
subquantal) of the tiny vacuum engines accompanying 
tiny spatial locations containing living, functioning 
entities (no matter how small), and (2) "transduce" that 
amplified result into the optical spectrum, so that we 
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see a perfect optical analog and thus are "looking" 
visually at localized ST regions far smaller than the 
one-tenth wavelength optical resolution limit. 


We need another principle to do that. Suppose that, to 
first order, we have an isotropic nonlinear medium. 
Then if we transmit a sine wave into it, pandemonium 
sets loose with our wave. The speed of each part of the 
wave in this medium is a function of the location of 
that part upon the wave amplitude, so the peaks move 
faster than the intermediate parts of the wave of lesser 
magnitude. The wave has "peak overtake", breakup, 
collapse, and all sorts of things happening to it. Soa 
simple sine wave is not going to pass smoothly into 
that medium and "pass back out" coherently and nicely, 
and ordinary light is not going to give stable reflections 
from that medium! 


However, if we transmit two sine waves 
simultaneously, some frequency interval apart, and 
then if we pretend that we actually transmitted their 
difference frequency, a very strange thing happens. 
The two individual sine waves themselves still break 
up and go bananas. However, that difference 
frequency acts as if it were a simple sine wave 
transmitted into a Jinear medium! So we get back out a 
very nice, smooth, well-behaved sine wave of the 
difference frequency, even though terrible things 
happened to the individual waves themselves. We can 
detect and use that "difference frequency" nicely. 


Several very neat sonar systems presently use that sort 
of transmission schema in underwater work { [95] }. 
The principle applies for waves of all frequencies, for 
all media which can be approximated as nonlinear 
isotropic in nature. As we shall see, it applies to the 
Rife microscope also. 


Rife's Secret: Recursive Coherent Increase of 
the Signal-to-Noise Ratio (SNR) 


To first order, without too much error we can pretend 
that the molecules and atoms etc. in the cells and body 
tissues, together with their finer components, comprise 
such an isotropic nonlinear medium. That's not entirely 
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true, of course, but it does work to an extent sufficient 
for our purposes. Fortunately for the Rife process, the 
parts that do not obey this isotropic rule add randomly, 
while the parts that do obey the rule add coherently. So 
the "signal-to-noise ratio" (SNR) increases with the 
increasing amplification, and one "grows" the desired 
signal right up out of the noise (SNR) of the parts that 
do not obey the isotropic medium assumption. With 
sufficient number of amplifier stages, in theory the 
SNR of even the tiniest parts can be made as large as 


desired { [96] }. 


With optical functioning as in Rife's microscope, one 
may substitute "light gathering power" or 
"magnification" for the electrical term "amplifier gain”. 


As we stated, Whittaker in 1904 (and superpotential 
theory thereafter) shows us that—if we wish—any EM 
field, wave, and pattern can be represented by two 
scalar potentials. Each of these two scalar potentials is 
further comprised of bidirectional EM longitudinal 
waves, in a harmonic series, in the Whittaker 1903 
manner as reinterpreted. So we can reduce any pattern, 
field, or wave from any assemblage of charge sources, 
into two potentials, and then further into two sets of 
bidirectional EM waves interfering with each other. 
That process already makes all conventional EM 
waves, fields, etc. 


An EM structuring of the local vacuum-spacetime 
occurs by all the electrical charges in the mass of the 
living cell, down to and including the virtual charges 
exchanged in the nuclear interactions in the nucleus of 
the atoms. By Whittaker 1903 and superpotential 
theory, all of that structuring itself is a potential with an 
internal set of bidirectional harmonic longitudinal EM 
waves interfering with each other. 


Further this potential is recursively organized, 
because the inner bidirectional EM wavepair 
structuring of the potential is already recursive, as can 
be shown by applying Whittaker-1903 and Whittaker- 
1904 successively and iteratively { [97] }. This means 
we get deeper and deeper internested levels of patterns 
that still precisely correspond to the operational 
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mechanisms of the lower levels. It's similar to an 
infinitely fractal { [98] } type of process. 


Because this conglomerate is recursive as a function of 
harmonic intervals, it means that we can pick any 
harmonic interval we choose in the "big world" where 
we observe things, and we can have an exact 
observational representation of the dynamics of that 
ongoing hidden longitudinal EM wavepair 
interferometry in the two waves bounding that 
harmonic interval. Of course, the more additional 
harmonics we add, the better dynamics we have. The 
greater the number of harmonic intervals applied, the 
greater the gain. However, these harmonic intervals 
can be recursively applied using just one 
"macroscopic" harmonic interval, iteratively and 
serially applied over and over. The more iterative 
serial recursive application of one harmonic interval, 
the mote the "gain" or "amplification"—in the case of a 
microscope, the more the amplification. That was 
Rife's real secret, finally revealed. See Figure 30. 


The Difference Frequency Provides Visible 
Output 


Rife wanted to look at very, very small things visually, 
even though those “small things” were far below the 
one-tenth wavelength visible light barrier. In other 
words, to understand the Rife microscope’s visual 
representation of the virtual state, we need to choose 
the harmonic interval of the throughput so as to span 
the visible spectrum. Well, for optical purposes, 
luckily the IR and UV do exactly that. Examine the 
frequencies, and you will see that a harmonic interval 
exists from a spot in the IR to a spot in the UV, and of 
course the interval in between includes the entire 
visible spectrum. The visible spectrum in between, 
however, represents the observable noise that would 
block what we seek to have emerge in that region in 
our "Rife microscope", so the presence of the visible 
spectrum is highly undesirable. Various filters can be 
used to block the visible spectrum while transmitting 
the UV and IR regions, or one can just work in the dark 
or in suitably dim visible light. 
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Rife then applied his iterative multiple "difference 
frequency" lenses in serial order, one after the other. 
While it is doubtful that he understood the theoretical 
method being utilized, he certainly persisted and found 
how to use it. This method of iteratively summing a 
recursive virtual state vacuum engine "template" results 
in the formation of an observable state vacuum engine 
template. In short, it magnifies the virtual state entities 
and dynamics directly to observable state analogues 
that capture all the virtual state entities and their 
dynamics. 


That is why, if we use special filters on your camera 
and flash lenses, where the filters are open in the IR 
and UV but opaque in the visible spectrum in between, 
we can often photograph the ongoing "longitudinal EM 
hidden biwave interferometry'"—the subtle energy or 
vacuum engine functioning—of nature and of living 
systems, even displaced in time, as Trevor Constable 

{ [99] } and Joe Gambill { [100] } (a researcher friend 
now deceased) demonstrated, as George Meek 

{ [101] } demonstrated, and as Fogal { [102] } has 


successfully experimented with. 


Occasionally when one gets things just right, 
one can get pictures of the subtle invisible reality in the 
virtual state, going on around oneself and in one's 
surroundings. With Rife-like iterative serial 
amplification, one can get them all the time, 
dependably, as with a Fogal semiconductor specially 
adapted for such operation. One can in fact build 
instruments that indirectly observe the so-called 
"unobservable" virtual energy state and its entities and 
dynamics with one-to-one correspondence. 


That’s a whole new "subtle physics" reality. Present 
physics with its assumed quantum observation 
limitations just has not even gone into it—primarily 
because physics has been focusing upon the quantized 
aspects of the photon (which is quantized in one aspect 
only—its magnetic vector potential—and not in its 
unquantized aspect—its scalar electrical potential!). 
Physics has rather ignored the unquantized (and 
therefore continuous from the smallest to the largest 
scale) time aspect of the photon { [103] }. Using the 
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continuous aspect of the photon, one can assemble 
photon “time interval” structures—and in fact one does 
so whenever one assembles a 3-spatial energy density 
structuring such as in ordinary EM theory. 
Simultaneously, one has assembled a “structuring of 
the time domain” also, because each photon in the 
spatial energy density structuring consists of both time 
and energy as its canonical components. 


All EM fields and waves, being comprised of 
photons, thus also carry (1) energy and energy internal 
structuring, and (2) time and internal time structuring. 
Again, this is the Russian information content of the 
field. The Russians simply understand 4-vector theory 
and Whittaker 1903 and 1904, and how to combine 
them with quantum mechanics and general relativity in 
a unified field theory. 


The above explanation is why Kaznacheyev's { [104] } 
mitogenetic radiation { [105] } from his control 
(deliberately damaged or infected) cells would pass 
through a quartz window and induce the same damage 
(or disease) in targeted cells on the other side and 
otherwise environmentally shielded, but would not 
induce the changes through a normal window glass 
window. (See again Figure 23) Quartz passes the full 
optical spectrum from IR to UV, while window glass 
does not. So quartz passes the vacuum engines for the 
disease or damage, while window glass breaks them up 
and does not pass them as such. We stress that the 
vacuum engines are part of the “continuous” aspect of 
the photons, and so are not bound to any limitation on 
magnitude (either fineness or largeness) as are the 
quantized aspects of the photon. 


For such a "far beyond the one-tenth wavelength" 
microscope as Rife’s, one must use vacuum engines 
(time domain structuring, and longitudinal EM waves) 
and extraordinary iterative unified field theory optics, 
rather than the ordinary transverse EM waves and 
ordinary optics. The lenses must all pass at least one 
harmonic interval (and the same one!), to provide and 
utilize the “difference frequency band” needed for 
recursive visual connection to the subquantal state (the 
hidden virtual structures in terms of the continuity 
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aspects of photons). Successive stages thus "serial 
iteration" use the recursive principle to coherently 
amplify and show the vacuum engines, their dynamics, 
and the dynamics of deeper organizations and 
dynamics in the virtual state itself. Since Rife wished 
to “see” the results in the optical spectrum, then the 
two frequencies chosen for “differencing” had to bound 
the visible spectrum. 


Rife used quartz lenses or at least very good optical 
glass that is open from IR to UV. That bounds the 
visible spectrum with a harmonic interval. Rife used 
multiple stages for successive coherent recursive 
amplification and increasing the SNR magnitude by 
coherent integration. One must also have some scheme 
for filtering out (or avoiding) too much visible 
spectrum light. One such scheme is to just use enough 
stages so that, in the new theory where the wavelength 
limitation is bypassed, one has amplified ("resolved") 
to the depth or fineness desired. The process long ago 
removed itself from the "normal visible light" domain, 
well before it reached the deeper resolution limit 
utilized by the definition state of the new method. 


By using sufficient multiple stages in this 
fashion, the "tiny" virtual state vacuum engine 
templates passing through the IR-UV harmonic interval 
in a lens can be recursively summed and magnified 
many, many times—essentially without limit, because 
the phenomenon being magnified is recursive and 
bidirectional longitudinal in nature. It is definitely not 
normal visible light optics, and it is not conventional 
classical electrodynamics. 


Rife’s Recursive “Vacuum Engine” Microscope 


The Rife microscope coherently sums (and thus 
coherently amplifies) the virtual state vacuum engine 
patterns with the increasing number of stages. For the 
subtle vacuum engine templates, such an arrangement 
becomes a direct amplifier (magnifier), for amplifying 
(magnifying) the internested virtual state vacuum 
engine templates and their dynamic functioning, into 
the observable state. With a properly designed 
“vacuum engine” recursive microscope, one can see 
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inside a molecule, inside the atomic nucleus, and even 
inside a nucleon, given development and perfection of 
the process. However, at this initial stage of 
understanding, one can forecast that finely adjusting 
the various stages of an early laboratory prototype 
would indeed prove to be a tedious and formidable 
task, just as Rife reported. With further development, 
however, that obstacle can be removed. 


What comes out the output end of such a 
“vacuum engine” recursive microscope, is a direct 
visible light analogue of the much more subtle ST 
functioning in the microscope’s highly localized 
viewing area. This output imaging is put together 
"electrically" in ways analogous to the construction of 
a video picture on the screen of a TV tube. Since the 
result emerges through an output end that still passes 
an entire harmonic interval bounding the visible 
spectrum, the amplified virtual state recursive template 
is not destroyed but is highly amplified and produced 
as an observable image and dynamics in the visible 
spectrum. This final "interferometry" of two internally 
structured potential functions now produces "visible 
light" EM fields and waves and patterns, in accord with 
Whittaker 1904. These visible patterns are direct 
analogues representing exactly the very, very minute 
regions far below the one-tenth wavelength limitation 
of ordinary optical resolution. Those regions were the 
regions “being focused onto” when Rife so arduously 
“adjusted” his microscope's multiple stages. 


With Rife’s recursive magnifying microscope 
process, one can see direct visible analogs of what is 
actually far, far smaller than anything ever before seen 
in normal optical microscopes, or even in electron 
microscopes etc. Indeed, one can see directly into the 
virtual state itself, and observe virtual state structures. 
While this is unthinkable in quantum mechanics if one 
considers only quantized aspects of light, it is perfectly 
feasible if one considers the concomitant unquantized 
(continuous) aspects of light, and shifts to general 
relativity and vacuum engines to utilize the 
unquantized structuring of the time domain. 


Conclusion 
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Rife unquestionably found a way to produce 
visible recursive amplification and magnification of 
invisible virtual state dynamics and functions. We 
hope we have shed at least some light on the 
extraordinary technical mechanisms involved. This is 
good conceptual science, consistent with theory and 
some known experiments, and it certainly can be made 
a rigorous science and technology and mathematically 
modeled, using higher symmetry electrodynamics that 
is part of a unified field theory such as that of Sachs. 
The basis for all of it is in the literature already, but it is 
scattered widely in uncorrelated bits and pieces. It is 
not in the normal electrodynamics courses, nor is it in 
the normal optical science curriculum. And it is not 
taught in the normal physics curriculum. Needless to 
add, it is absent from the medical curriculum as well. 


As an additional proposal, we tentatively suggest that 
this principle also may be the long-sought "hidden 
chaos" or "hidden order" in quantum mechanics that is 
known to be present, but has not yet been explained 

{ [106] }. If so, then it becomes a new law of physics, 
with the experimental proof first demonstrated by 
Royal Raymond Rife. 


With the conceptual technical matrix of Rife’s 
mechanism in hand, it should be possible for a proper 
scientific multi-disciplinary team to redevelop and 
extend the Rife microscope. Marvelous new 
instruments will emerge, once the quantum physics 
conceptual blockage of continuous physics is 
constrained to its place as only “one view of the 
physics reality elephant.” With the ability to directly 
“measure”, “observe,” and engineer the virtual state, a 
breathtaking expansion of physics will occur, 
dramatically extending the vacuum engineering 
suggested by Nobelist Lee. 


If so, then Rife’s tragic life will have served its noble 
purpose, and his intuitive insight will have been 
resoundingly verified. The follow-on results will have 
untold benefit to science and to all the human 
generations to come. 
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the study of electricity I resolved to read no 
mathematics on the subject till I had first read 
through Faraday’s Experimental Researches in 
Electricity. ...J perceived that his method was also 
a mathematical one, though not exhibited in the 
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[9] . Else the precessing electrons in a signal- 
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Since their precession is at right angles to the 
disturbing force, the disturbance arriving from the 
vacuum was a longitudinal disturbance. This also 
agrees with Whittaker's 1903 decomposition of the 
scalar potential, and Mandl and Shaw's note that the 
combined scalar photon and longitudinal photon are 
observable as the instantaneous scalar potential, 
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while neither of them is observable individually. 
See citations for Whittaker and for Mandl and 
Shaw elsewhere in these references. 


10]. This word “potentiality” (by Feynman) is 
given flesh and blood in the present paper. What 
actually exists in the vacuum is potential and 
structures of potential. Vacuum, spacetime, and 
potential are identities. Hence we may say that the 
structured vacuum potentials are indeed 
structurings of spacetime curvature. We refer to 
these as vacuum engines, which are explained in 
this paper. 


[11]. Richard P. Feynman, Robert B. Leighton 
and Matthew Sands, The Feynman Lectures on 


Physics, Addison-Wesley, New York, Vol. I, p. 1- 
2. 


[f2].. This is easily shown. F= d/dt(my), 
which expands to F = (m)dv/dt + v(dm/dt). Let the 
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right go to zero, hence F= 0. That is, the force 
disappears because mass is a component of force. 

It is the use in mechanics of the separate massless 
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to blame for this giant error in electrodynamics as a 
hold-over from the hoary old mechanics theory. 


Ld... J. D. Jackson, Classical Electrodynamics, 
Second Edition, Wiley, 1975, p. 249. 


[14] . Jackson, ibid. p. 28. 
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introduced in the theory of gravitation, was pointed 
out by Simeon Denis Poisson, Bull. Soc. 


http://www.cheniere.org/techpapers/rifemicroscope.htm (52 of 87)21.1.2004 17:48:47 


Novel Principles In The Rife Microscope 


Philomatheique 3, 388(1813). See also Mem. 
Institut, Pt. 1, 1, Pt. 2, 163 (1811). The word 
potential was introduced by George Green in 
1828.” 


[16].  E.g., see W. Misner, K. S. Thorne, and J. 
A. Wheeler, Gravitation, W. H. Freeman and Co., 
San Francisco, 1973, p. 5. 


(171. Two methods of dealing with this 
problem, and rectifying it, are the use of a 
topological definition of the fields in mass-free 
spacetime, and the use of a unified field theory 
where the "field in space" is not a forcefield per se, 
but merely a curvature or set of curvatures of 
spacetime. As an example, the O(3) 
electrodynamics largely pioneered by Evans takes 
the latter approach, and it is usable in directly 
engineering unified field theory effects. 


[18]. (a). Mendel Sachs, The Field Concept in 
Contemporary Science, Charles C. Thomas 
Publishers, 1973; 

(b) — General Relativity and Matter: A_ 
Spinor Field Theory from Fermis to Light-Years 
(Fundamental Theories of Physics), Reidel (now 


Kluwer), 1982 provides a great generalization of 
general relativity and electrodynamics reaching 
from the quarks and gluons to the entire universe. 
See also 

(c) Mendel Sachs, Quantum Mechanics 
from General Relativity: An Approximation for a 
Theory of Inertia, Reidel (now Kluwer), 1986; 

(d) — "Relativistic Implications in 
Electromagnetic Field Theory," in T. W. Barrett 
and D. M. Grimes, eds., Advanced 
Electromagnetism, World Scientific, 1995, p. 541- 
559. In the latter, Sachs shows that the most 
general expression for the field theory is in terms of 
spinor and quaternion variables, rather than the 
vector and tensor variables of the conventional 
expression of Maxwell's theory. This generalized 
expression leads to extra conservation laws and 
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invariants, thus increasing the predictive capacity 
of the theory. 

(e) For a marvelous treatise for the educated 
layman, see M. Sachs, Relativity in Our Time: 


From Physics to Human Relations, Taylor & 
Francis, 1993. 


[19]. E.g., see the several Evans' reviews in 
Modern Nonlinear Optics, Second Edition, Edited 
by M.W. Evans, Wiley, 2002 (in press). Many 
other O(3) electrodynamics papers are also carried 
in this set of three volumes, as well as in the 
standard literature. 


[20] . Mendel Sachs, "Relativistic Implications 
in Electromagnetic Field Theory," ibid. 


[2i}.. Without interaction with the vacuum, 
mass does not exhibit perfect symmetry. Fora 
discussion, see T. D. Lee, Particle Physics and 
Introduction to Field Theory, Harwood Academic 
Publishers, New York, p. 378-389. 


[22]. In both classical and quantal 
electrodynamics, the problem of the source charge 
and its associated fields and potentials—and their 
energy—has been considered to be the most 
difficult problem. 

(a) For a solution to that problem, see T. E. 
Bearden, "Giant Negentropy from the Common 
Dipole," Journal of New Energy, 5(1), Summer 
2000, p. 11-23. On DoE open website http://www. 
ott.doe.gov/electromagnetic/papersbooks.html and 
this author's website www.cheniere.org. 

(b) For very powerful support of that 
proposed solution, see F. Mandl and G. Shaw, 
Quantum Field Theory, Wiley, 1984, Chapter 5. 
Neither the time-polarized photon nor the 
longitudinal photon is individually observable, yet 
the combination of the two is observable as the 
instantaneous scalar potential. The Mandl and 
Shaw combination of a scalar (time-polarized) 
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photon and a longitudinal photon is explained by 
Bearden as the interaction of the causal incoming 
scalar photon with a charge, the charge 
subsequently transducing the absorbed energy from 
the time-domain into 3-space, and re-emission of 
the energy as an emitted longitudinal photon in 3- 
space. The actual interaction provides the 
coupling, and clarifies which is the cause and 
which is the effect. 


[23]. — As the electrodynamicists implicitly 
assume, by assuming fields and potentials from all 
charges in the universe penetrating and existing and 
superposing and interfering in each cubic 
centimeter of space, and in fact at every point in 
space. But then the electrodynamicists continue to 
utilize a material ether assumption in their 
equations, embedded implicitly upon the notion of 
an “empty space” filled with this material ether. 
Tesla called it “... one of the most remarkable and 
inexplicable aberrations of the scientific mind 
which has ever been recorded in history.” (Nikola 
Tesla, "The True Wireless,” Electrical 
Experimenter, May 1919). While that biting 
remark certainly did not endear him to struggling 
electrical scientists, it did strike uncomfortably 
close to the mark, and it still does. 


[24] . J. H. Poynting, "On the transfer of energy 


in the electromagnetic field," Phil. Trans. Roy. Soc. 
Lond., Vol. 175, Part I, 1885, p. 343-361. 


(231. Oliver Heaviside, "Electromagnetic 
Induction and Its Propagation,” The Electrician, 
1885, 1886, 1887, and later. This is a series of 47 
sections, published section by section in numerous 
issues of The Electrician during 1885, 1886, and 
1887. See also Oliver Heaviside, "On the Forces, 
Stresses, and Fluxes of Energy in the 
Electromagnetic Field," Phil. Trans. Roy. Soc. 
London, 183A, 1893, p. 423-480. 
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[26] . By acrude analogy, one may think of the 
“virtual” energy of the vacuum as energy that has 
been disintegrated into incredibly tiny bits—each 
so small that the bits fade in and out of existence at 
an incredible rate. The spinning action of the 
charge may be thought of as similar to that of an 
old spinning wheel. The charge spins, so that it 
coheres some of the “virtual fibers” continually fed 
to it by the vacuum, into “thread-sized” portions 
that are emitted radially outward. So the charge 
“splatters back” some of the fibers as fibers, but 
“spins” the remainder into useful quantum-sized 
“threads” which are emitted in observable form. 


[27]. Presently electrodynamicists are likely 
to specify the Poynting energy flow S as 

S = ExH. However, in the vacuum (spacetime) 
neither E nor H exists as such observed force fields, 
which requires presence of charged mass. Only 
potentials and potential structuring of the virtual 
particle flux exist in the vacuum (which is after all 
just potential comprised of virtual particle flux). 
Those structurings or their analogues also exist as 
sets of curved spacetime regions (i.e., spacetime 
structurings comprising the elements of the 
"vacuum engine"). See E. T. Whittaker, "On the 
Partial Differential Equations of Mathematical 
Physics," Mathematische Annalen, Vol. 57, 1903, 
p. 333-355. Whittaker that any scalar potential 
decomposes into a multiplicity of longitudinal 
bidirectional flows of energy. This decomposition 
must also comprise the vacuum scalar potential, as 
well as the "spacetime curvature" potential. 


[28]. However, Whittaker misinterpreted the 
causal phase conjugate wave (that half of his phase 
conjugate wavepair) as the effect after the wave 
interacts with charged mass, in which case parity is 
broken and the effect wave produced by the 
interaction is a longitudinal EM wave going in the 
opposite direction in 3-space from its "biwave" 3- 
space partner. The correct interpretation is that, 
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prior to interaction, the phase conjugate wave exists 
in the fourth axis of Minkowski 4-space, hence is in 
the time domain. It is literally a longitudinal EM 
wave moving on the fourth axis (in the time 
domain) to the interacting charge, and the other 
Whittaker biwave partner is the effect longitudinal 
EM wave emitted in 3-space by the interacting 
charge after it absorbs the incoming time-polarized 
EM wave. We point out that a longitudinal EM 
wave along the time axis is a time-polarized EM 
wave, corresponding to the known time-polarized 
photon in quantum field theory. 


[29]. After publication of my "Giant 
Negentropy" paper, I discovered very strong 
support for my reinterpretation of Whittaker's 1903 
decomposition of the scalar potential. This support 
was by F. Mandl and G. Shaw, ibid. Mandl and 
Shaw give a deeper coverage of the photon 
polarizations. They argue that the longitudinal and 
scalar polarizations individually are not directly 
observable, but only in combination, wherein they 
manifest as the "instantaneous" Coulomb (i.e., 
electrostatic) potential. Our comment is that this 
argument, translated from particle terminology to 
wave terminology, directly fits my re-interpretation 
of Whittaker's 1903 decomposition of the scalar 
potential. However, Mand] and Shaw fail to 
account for their assumed interaction of the 
detecting/observing unit point charge to perform 
the perfectly correlated "combining", and thus fail 
to account for the absorption of the incoming 
causal time-polarized wave or photon, the 
transduction of that excitation energy of the charge 
into longitudinal EM wave/photon energy in 3- 
space, and the subsequent emission of that 
excitation energy as a perfectly correlated 
longitudinal EM wave in 3-space. 

Thus Mandl and Shaw missed the time- 
excitation charging of the source charge via 
absorption of the "coupled" time-polarized EM 
wave/photon, and the subsequent decay of the time- 
charge excited state by emission of a 3-space 
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longitudinal EM wave/photon. This omitted 
interaction represents the discovery of nature's 
giant negentropy mechanism in EM energy flow, 
whenever 3-space energy flow symmetry is broken, 
as with acommon dipole. So Mandl and Shaw do 
not account for photon (or wave) polarization 
transduction, where the "causal" time-polarized EM 
wave or photon comes in and is absorbed by the 
detecting charge or dipole to energetically excite it 
in the time-domain, then the excitation energy is re- 
emitted as the longitudinally polarized EM wave or 
photon in 3-space. 

Recognition of these missing functions 
allowed at last a solution to the long-vexing 
problem of the source charge. We actually solved 
the problem for a source dipole, then pointed out 
that any "isolated" charge is a set of dipoles when 
its clustering virtual charges of opposite sign are 
considered. 


[30]. The source charge problem was 
recognized as the most difficult problem in 
electrodynamics. E.g., see D. K. Sen, Fields and/or 
Particles, Academic Press, London and New York, 
1968, p. viii. Quoting: "The connection between 
the field and its source has always been and still is 
the most difficult problem in classical and quantum 
electrodynamics." Since our proposed solution is 
consistent with particle physics (broken 3- 
symmetry of the dipole) and with quantum field 
theory (combination of the time-polarized and 
longitudinal photon comprises the scalar EM 
potential), it is robust and we believe it will stand 
up to meticulous scrutiny. 


[31].  E.T. Whittaker, 1903, ibid. 
[32]. Mandl and Shaw, ibid. 
[33]. Poynting only assumed that diverged 


part of the energy flow. Heaviside, on the other 
hand, showed that there is a much larger energy 
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flow component that misses the intercepting 
charges (or circuit) altogether, and is wasted. Since 
this means that far more EM energy flows from the 
terminals of a generator than the external circuit 
intercepts and catches, it means that all generators 
produce more energy flow output than the textbook 
states, or that Poynting assumed. In fact, as 
transducers of vacuum energy, all dipolar 
generators already exhibit COP>1.0. Since no one 
in the 1880s could explain where such an 
astounding extra energy flow was coming from, 
Lorentz originated an integration trick to discard 
the nondiverged Heaviside EM energy flow 
component. 

(a) See J. H. Poynting, “On the transfer of 
energy in the electromagnetic field,” Philosophical 
Transactions of the Royal Society of London, Vol. 
175, Part II, 1885, p. 343-361. 

(b) See Oliver Heaviside, "Electromagnetic 
Induction and Its Propagation,” The Electrician, 
1885, 1886, 1887, and later—a series of 47 
sections, published section by section in numerous 
issues of The Electrician during 1885, 1886, and 
1887. 

(c) See also Oliver Heaviside, "On the 
Forces, Stresses, and Fluxes of Energy in the 
Electromagnetic Field," Phil. Trans. Roy. Soc. 
London, 183A, 1893, p. 423-480. 

(d) For Lorentz’ trick to discard the 
nondiverged component, see H. A. Lorentz, 
Vorlesungen tiber Theoretische Physik an der 
Universitat Leiden, Vol. V, Die Maxwellsche 
Theorie (1900-1902), Akademische 
Verlagsgesellschaft M.B.H., Leipzig, 1931, "Die 
Energie im elektromagnetischen Feld," p. 179-186. 
Figure 25 on p. 185 shows the Lorentz concept of 
integrating the Poynting vector around a closed 
cylindrical surface surrounding a volumetric 
element. This is the procedure which arbitrarily 
selects only a small component of the energy flow 
associated with a circuit—specifically, the small 
Poynting component striking the surface charges 
and being diverged into the circuit to power it—and 
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then treats that tiny component as the "entire" 
Poynting energy flow. Thereby Lorentz arbitrarily 
discarded all that extra Heaviside energy transport 
component which does not strike the circuit at all, 
and is just wasted. 


[34] . In fact, the simple equation W = gq, 
where W is the diverged/collected energy, q is the 
intercepting coulomb, and 9 is the reaction cross 
section of the potential, shows that 
electrodynamicists implicitly assume the “true” 
causal potential to contain unlimited energy. E.g., 
using that equation, any desired amount W of 
energy can be collected from any nonzero potential 
o, no matter how small its intensity, simply by 
adding sufficient intercepting/collecting charges. 


[33]. A back-of-the-envelope calculation for a 
nominal simple circuit has been made and 
previously presented by the present author. In the 
nominal circuit used, the source dipole extracts 
from the vacuum and sends down the outside of the 
attached circuit about 10!3 times as much energy as 
the circuit itself intercepts, diverges, and utilizes. 
The huge remainder is not intercepted, remains 
nondivergent and just passes on out into space at 
the speed of light. 


[36] . Solving the standard equation E = F/q for 
F, one has F = Eq. Again, from any nonzero E- 
field, no matter how small, as much force can be 
“gathered” and produced as one desires, merely by 
increasing the intercepting/collecting charge q. 


jeri Robert H. Romer, "Heat is not a noun," 
American Journal of Physics, 69(2), Feb. 2001, p. 
107-109. This is an editorial discussion by the 
Editor of AJP of the concept of heat in 
thermodynamics. Heat is not a substance, not a 
thermodynamic function of state, and should not be 
used as anoun. The quotation castigating the 
standard "field diagram" of an EM wave in space is 
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from endnote 24, p. 109. 


[38] . This is readily understood when one 
realizes that the founders of electromagnetics 
assumed a material ether. So to them, there was not 
a single point in all the universe where mass was 
absent! Hence the field, potential, and wave "in 
space" were actually the field, potential, and wave 
"in the material ether medium", and therefore 
perfectly material. Even though the Michelson- 
Morley experiments falsified the material ether in 
the 1880s, the electrodynamicists (i) never changed 
their classical EM equations which still to this day 
assume the material ether filling all space, and (11) 
still implicitly mistake the transverse electron 
precession wave in the Drude gas in a receiving 
antenna as representing the assumed interception of 
the incoming "transverse EM wave" in that external 
material ether medium. 


[39]. Robert Bruce Lindsay and Henry 
Margenau, Foundations of Physics, Dover 
Publications, New York, 1963, p. 283-287, and 
passim. 


[40]. Y. Aharonov and D. Bohm, "Significance 
of Electromagnetic Potentials in the Quantum 
Theory," Physical Review, Second Series, 115(3), 
1959, p. 485-491. However, Aharonov and Bohm 
seem to have missed the similar mass interpretation 
of the potential, so that they utilized the potential as 
massless and therefore the vacuum EM entity that 
is the primary cause of all EM phenomena. If one 
truly eliminates only the potential’s effect upon the 
intercepting charged mass, and utilizes the non- 
intercepted EM entity in vacuum, one has arrived at 
the direct alteration of the massless spacetime 
geometry of general relativity. In short, suddenly 
one has latched onto a unified field theory, and one 
that is engineerable by surprising electromagnetic 
means. 
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[41]. But erroneously assumed to be present, 
because of Maxwell’s ubiquitous use of the 
material ether and the continued implied material 
ether in the electrodynamics equations to this day. 


[42]. T. W. Barrett, "Tesla's Nonlinear 
Oscillator-Shuttle-Circuit (OSC) Theory," Annales 
de la Fondation Louis de Broglie, 16(1), 1991, p. 
23-41. Barrett analyzed Tesla's patented circuits in 
terms of quaternion electrodynamics, which is of 
higher symmetry than either vector or tensor 
algebra electrodynamics. Lo and behold, Tesla 
could shuttle potential energy around in his circuits 
at will, and that functioning would not even show 
up in a tensor or vector electrodynamic analysis. 


[43]. T. W. Barrett, "Active Signalling 
Systems," U.S. Patent No. 5,486,833, Jan. 23, 
1996; — Oscillator-Shuttle-Circuit (OSC) 
Networks for Conditioning Energy in Higher-Order 
Symmetry Algebraic Topological Forms and RF 
Phase Conjugation," U.S. Patent No. 5,493,691, 
Feb. 20, 1996. 


[44] . As the reader can appreciate, this 
represents a dramatic change to the foundations of 
electrodynamics. It is closely allied to Sachs's 
unified field theory; see appropriate Sachs 
references in this paper. 


[45] . As Dirac pointed out, the Michelson- 
Morley experiments of the 1880s destroyed the 
material ether assumed by Faraday and Maxwell 
and subsequent electrodynamicists; it did not 
destroy the ether per se. Dirac emphasized that any 
nonmaterial Lorentz-invariant ether is perfectly 
consistent with the Michelson-Morley 
experiments. General relativity describes the 
shaping and structuring of the vacuum as 
curvatures of spacetime geometry and clustered 
patterns thereof (although the latter part is 
essentially neglected). GR consists of the changes 
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of this spacetime due to the interaction of mass/ 
trapped energy, and also the forces upon mass/ 
trapped energy created by the interaction of such 
curvature-patterns of spacetime. Essentially, 
electrodynamics is missing just this “mass to 
spacetime” transform and this “spacetime to mass” 
transform. It is in fact missing its “infolded general 
relativity” dynamic internal structuring of the 
potential, field, and wave. KGB energetics weapon 
scientists call these missing transforms the 
information content of the field—which our fellows 
mistakenly interpret in their own flawed 
electrodynamics as “spectral content.” Nothing 
could be further from the truth. 


[46] . In 1903 E. T. Whittaker showed that any 
scalar potential is comprised of an infinite 
harmonic series of bidirectional longitudinal EM 
waves, arranged in bidirectional wavepairs. See E. 
T. Whittaker, "On the Partial Differential Equations 
of Mathematical Physics," Mathematische Annalen, 
Vol. 57, 1903, p. 333-355. 


[47] . General relativity usually stops short of 
including an “infolded” topology within its basic 
spacetime, and only applies an “exterior” topology 
to it. However, it does not exclude that capability. 
Spacetime is just potential identically, and also just 
vacuum identically. Since GR omits the infolding 
structure of spacetime/potential, and so does 
electrodynamics, it has not been possible to unify 
the two completely. The “bridge” across the chasm 
between them has been eliminated by both 
disciplines. 


[48]. | With finite propagation, this action-at-a- 
distance is retarded so that some time passes 
between the effect and the cause. Each Mandl- 
Shaw photon interaction—the receipt of the scalar 
(time-polarized) photon, and emission of 3-space 
longitudinal photon—is retarded by (requires) the 
amount of time that is transformed into 3-space 
energy. [Time may be regarded as 3-space 
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electromagnetic energy compressed by the factor 
c*, with the compressed energy placed on the 
fourth Minkowski axis to appear as time (seconds), 
rather than being left in 3-space to appear as mass). 

Transformation from time-domain EM 
energy to 3-space energy is a function of the spin of 
the charge, which "spins" 720 degrees, being 360 
degrees in the time domain while absorbing the 
time-polarized EM photon energy, the being 
followed by 360 degrees in 3-space while it is 
emitting the 3-space longitudinal photon. This 
retardation due to transformation of the energy 
from the time domain to the 3-space domain is 
what limits the speed of light in the ambient 
vacuum to the finite velocity c. 

However, when infinite velocity 
propagation occurs (as is permissible with 
longitudinal EM waves alone, which a priori 
implies no retardation), then the notion vanishes of 
a “cause” and an “effect” separated by a time 
interval. In that case, one is operating in a multiply- 
connected spacetime, where in theory there is no 
observable “length” or “time” between the “cause” 
event and the “effect” event. Further, one 
“causative” initiation point can be superposed 
simultaneously with multiple distant points widely 
separated in ordinary spacetime. In that case, 
putting a joule of energy into the “initiating cause” 
point (to the normal 3-space observer) results in the 
simultaneous appearance at each and every distant 
participating point, of one joule. To the normal 
"singly-connected spacetime" observer, this is a 
direct amplification of energy, directly from the 
vacuum energy itself. We have proposed this 
mechanism as an extension of Bohm’s quantum 
potential utilized in his hidden variable theory of 
quantum mechanics. See David Bohm, "A 
Suggested Interpretation of the Quantum Theory in 
Terms of 'Hidden' Variables, I and II," Physical 
Review, 85(2), Jan. 15, 1952, p. 166-179 (Part I); 
180-193 (Part I). Unfortunately three nations of 
the world have already seen fit to highly weaponize 
this effect, and a fourth nation is very close to 
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deploying such a weapon. Presently quantum 
potential weapons are the dominant weapons on 
earth, and nothing can stand against them. 


[49] . By conjugate pair, we mean that the 
wavepair consists of an EM longitudinal wave and 
its time-reversed twin, precisely superposed 
spatially but antiphased in time. In such a wave, 
the transverse energy density amplitude cannot 
vary; instead, the wave consists of (and carries) an 
oscillation of the rate of flow of time, about some 
median speed. The median speed of a longitudinal 
EM wave is not confined to the speed of light in 
vacuum. 


[50] . The value of the energy continuously 
collected from a steady potential, in a “swirl” 
around a fixed intercepting charge, is of course a 
fixed scalar. That, however, has nothing to do with 
the nature of the potential as an EM entity in 
massless vacuum, prior to interaction with charged 
mass. 


EIee J. D. Jackson, Classical Electrodynamics, 
Second Edition, Wiley, 1975, p. 223. 


[p2t. Interestingly, one also cannot produce 
a clear definition of energy in physics. A good 
discussion of the energy concept is given by R. B. 
Lindsay, "The concept of energy and its early 
historical development." Foundations of Physics, | 
(4), 1971, p. 383-393. Lindsay investigates the 
concept of energy from its early historical origin, 
and covers from ancient times through the 18th 
century. The root of the concept is the notion of 
invariance in the midst of change. In short, the 
concept consists of considering “the changing” as 
being “nonchanging.” In pursuing a rigorous 
definition of anything, one eventually arrives at a 
contradiction of Aristotelian logic. Ultimately one 
can only define something as identical to its own 
opposite. Geometry, e.g., models the presence of 
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mass as the absence of mass. Ultimately a “hard 
definition” is an “accursed necessity for the identity 
of opposites”—the centuries-old bane of the 
philosophers. In physics the problem is avoided by 
the “duality principle”—just treat an entity as either 
a particle or wave as necessary, and quit arguing 
about it! The problem is the incompleteness of 
Aristotelian logic itself. A solution to the “identity 
of opposites” problem is obtained by explicitly 
adding a fourth law of logic that has always been 
implicitly assumed in Aristotle’s three laws. For a 
discussion, see “A Conditional Criterion For 
Identity, Leading to a Fourth Law of Logic,” 
Appendix II to T. E. Bearden, Aids: Biological 
Warfare, Tesla Book Co., 1988, p. 428-443. A 
simple proof of the fourth law of logic is given in 
ibid., p. 439-440. 


[331., In addition to reference 19, see Myron W. 
Evans, Enigmatic Photon, Vol. II, Kluwer, ISBN 
0792332881. See also Apeiron, 4(2-3), Apr.-Jul. 1997, 
a Special B®) Field Issue, Guest editor: Myron W. 
Evans. In this same issue, see the Introduction by 
Evans, and also his “Helicity and the Electromagnetic 
Field.” In the same issue, see also Jean-Pierre Vigier, 
“Relativistic Interpretation (with Non-Zero Photon 
Mass) of the Small Ether Drift Velocity Detected by 
Michelson, Morley, and Miller." Barrett has also 
rigorously shown the reality of the B®) field, and so the 
conventional closure against it is doomed to failure. 
The emergence of B®) field theory will dramatically 
alter electrodynamics, and elevate the importance of 
the longitudinal EM wave. We are also much indebted 
to Bob Flowers for his penetrating elucidation of the 
background of the B®) field in private 
communications, and to Myron Evans for his patient 
and encouraging private communications. 


[54] . See particularly T. W. Barrett, "Sagnac 
Effect: A Consequence of Conservation of Action 
Due to Gauge Field Global Conformal Invariance 
in a Multiply-Joined Topology of Coherent Fields," 
in T. W. Barrett and D. M Grimes, [Eds.], 


Advanced Electromagnetism: Foundations, Theory, 
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& Applications. World Scientific, River Edge, 
New Jersey, 07661, 1995, p. 278-313; T. W. 
Barrett, "Electromagnetic Phenomena Not 
Explained by Maxwell's Equations," in A. 
Lakhtakia, (ed.): Essays on the Formal Aspects of 
Electromagnetic Theory, World Scientific 
Publishing, River Edge, NJ, 1993, p. 6-86. 


[33 |. Richard W. Ziolkowski, "Exact Solutions 
of the Wave Equation With Complex Source 


Locations," Journal of Mathematical Physics, 26 
(4), April 1985, p. 861-863; I.M. Besieris, A.M. 
Shaarawi, and R. W. Ziolkowski, "A bidirectional 
travelling plane wave representation of exact 
solutions of the scalar wave equation," Journal of 
Mathematical Physics, 30(6), 1989, p. 1254-1269; 
Rod Donnelly and Richard Ziolkowski, "A method 
for constructing solutions of homogeneous partial 
differential equations: localized waves," 
Proceedings of the Royal Society of London A., 
Vol. 437, 1992, p. 673-692; — "Electromagnetic 
field generated by a moving point charge: A fields- 


only approach," American Journal of Physics, 62 
(10), Oct. 1994, p. 916-922. 


[56] . M. W. Evans, editor, Modern Nonlinear 
Optics, Wiley, 2002, 3 volumes (in press). 


[ae W. A. Rodrigues Jr. and J.-Y. Lu, “On the 
existence of undistorted progressive waves (UPWs) 
of arbitrary speeds 0 < v <co in nature,” 
Foundations of Physics, 27(3), 1997, p. 435-508; 
W. A. Rodrigues Jr. and J. E. Maiorino, “A unified 
theory for construction of arbitrary speeds (0< v < 
co) solutions of the relativistic wave equations,” 
Random Operators and Stochastic Equations, Vol. 


4, 1996, p. 355-400. 
[58] . E. T. Whittaker, 1903, ibid. 


[59] . Ironically, Maxwell’s actual theory 
was some 20 quaternion-like equations in 20 
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unknowns, as given in "A Dynamical Theory of the 
Electromagnetic Field," Royal Society 
Transactions, Vol. CLV, 1865, p 459. Read Dec. 8, 
1864. Also contained in The Scientific Papers of 
James Clerk Maxwell, 2 vols. bound as one, edited 
by W. D. Niven, Dover, New York, 1952, Vol. 1, p. 
526-597. Heaviside dramatically curtailed 
Maxwell’s theory to a vector subset of some 4 
equations in 4 unknowns. Lorentz further curtailed 
it by effectively throwing out all Maxwell- 
Heaviside systems that were in disequilibrium with 
their active vacuum and curved spacetime 
environments. So after over a century, the long 
slumbering environmental dynamics for 
electrodynamical systems is awakening and chasing 
its own roots again. Long live the rise of the 
supersystem! 


[60] . E.g., see J. Vaz Jr. and W. A. Rodrigues 
Jr., “Maxwell and Dirac Theories as an Already 
Unified Theory,” Advances in Applied Clifford 
Algebras, Vol. 7 (S), 1997, p. 369-386. See W. A. 
Rodrigues, Jr. and J. Vaz Jr., “Subluminal and 
Superluminal Solutions in Vacuum of the Maxwell 
Equations and the Massless Dirac Equation,” 


Advances in Applied Clifford Algebras, Vol. 7(S), 
1997, p. 457-466. 


[61]. E. T. Whittaker, 1904, ibid. 


[62]. | Westrongly stress that longitudinal EM 
waves and their dynamics, so ignored in all except 
the most advanced higher symmetry 
electrodynamics texts, are actually the key to 
everything. Longitudinal EM waves already 
comprise, create, and structure the feeble 
“envelope EM waves” we presently deal with. A 
longitudinal EM wave is also an 
electrogravitational wave, and oscillates the rate of 
flow of time itself because of its combination with 
a time-polarized wave. The two combined photons 
have a total spin two, which is a graviton. Thus 
internally a graviton is revealed as a particular 
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dynamic between time-domain EM energy and 3- 
space EM energy. The longitudinal EM wave in 
the time domain (that is combining with the 
longitudinal EM wave in 3-space) is thus an 
oscillation of time contraction and expansion, or 
"pulsation" in the rate of flow of time. Very 
powerful gravitational effects as well as very 
powerful and unique electrodynamics effects can be 
obtained by use of longitudinal EM waves, because 
of the additional dynamics between the time and 3- 
space domains. Unwitting use of such 
extraordinary EM waves is how Rife and Prioré 
achieved such remarkable results. 


[63]. M. W. Evans, P. K. Anastasovski, T. E. 


Bearden et al., "On Whittaker's Representation of 
the Electromagnetic Entity in Vacuo, Part V: The 
Production of Transverse Fields and Energy by 
Scalar Interferometry," Journal of New Energy, 4 
(3), Special Issue, Winter 1999, p. 76-78. 


[64]. Melba Phillips, “Classical 
Electrodynamics,” Vol. IV: Principles of 


Electrodynamics and Relativity, in Encyclopedia of 
Physics, Edited by S. Flugge, Springer-Verlag, 
Berlin, 1962, p. 1-108 gives a good overall 
summary of the superpotential theory. 


[65] . A. Righi, Nuovo Cimento, Vol. 2, No. 5, 
1901, p. 104. 


[66] . P. Debye, Ann. Phys., Leipzig, Vol. 30, 
1909, p. 57. 


[67]. Thomas John I'Anson Bromwich, An 
Introduction to the Theory of Infinite Series, 
MacMillan, London, 1908. 


[68] . A. Nisbet, Physica, Vol. 21, 1955, p. 799; 
Proc. Roy. Soc. Lond. A, Vol. 231, 1955, p. 250. 


[69] . W. H. McCrea, “Hertzian electromagnetic 
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potentials,” Proc. Roy. Soc. Lond. A, Vol. 240, 
1957, p. 447-457. 


[70] . Sachs has achieved the necessary unified 
field theory, broadly unifying physics from the 
quarks and gluons to the entire universe, and 
including both the active vacuum and active, 
locally curved spacetime. See Mendel Sachs, 
General Relativity and Matter: A Spinor Field 
Theory from Fermis to Light-Years (Fundamental 
Theories of Physics), Reidel (now Kluwer), 1982; 
— Quantum Mechanics from General Relativity: 
An Approximation for a Theory of Inertia, Reidel 
(now Kluwer), 1986. It should be obvious that, 
unless electrodynamics theory and general 
relativity theory utilize the same background 
spacetime, it is impossible to completely merge 
them, from first principles. Since classical 
electrodynamics artificially discards its active 
environment, it is electrodynamics which must be 
changed in order to be successfully united with 
general relativity. Sachs has accomplished this 
long-sought engineerable unification. 


[71]. Proof that the virtual state can be 
coherently integrated is already furnished by every 
source charge in the universe, which does precisely 
that. 


[72]. | We note without elaboration that all the 
mind functions, even of the deepest and most 
unconscious nature, and even of collective species 
unconsciousness domains—exist 
electromagnetically in the infolded EM domain. 
The “conscious mind” is a serial processor, though 
extremely rapid. The unconscious is a massively 
parallel processor. The reason the conscious mind 
cannot “directly see” the unconscious is that 
“seeing” innumerable things in the “single 
snapshot” at once, just obliterates all singular 
discrimination because of the intense summation. 
Mind functions are timelike, so consist of 
specialized structures, functioning, and dynamics 
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inside the time domain. Since the infolded 
structuring captures this entire domain, it also 
involves a physics of mind and matter interaction, 
but as a science instead of as a mysticism. In 
theory vacuum engines are also possible that 
engineer the mind at any and all levels. We have 
addressed this extended physics of mind and matter 
reactions elsewhere and do not address it here. The 
Russian weapon scientists refer to this mind area 
(which can also be engineered by novel 
electrodynamic means) as psychoenergetics. 


[73] . R. O. Becker and David G. Murray, "The 
electrical control system regulating fracture healing 
in amphibians," Clinical Orthopaedics and Related 
Research, Vol. unk, No. 73, Nov.-Dec. 1970, p. 
169-198. This is the definitive technical exposition 
by Becker of his electrical findings about the 
cellular control system. 


[74]. See particularly Robert O. Becker, “The 
direct current control system. A link between 
environment and organism,” New York State 
Journal of Medicine, Vol. 62, 1962, p. 1169-1176; 
— and Joseph A. Spadaro, "Electrical stimulation 
of partial limb regeneration in mammals," Bulletin 
of the New York Academy of Medicine, Second 
Series, 48(4), May 1972, p. 627-641; — and 
Carlton F. Hazlewood, Abraham R. Liboff, and Jan 
Walleczek, Electromagnetic Applications In 
Medicine," NIH-OAM Electromagnetics Panel 
Report, Jan. 15, 1993; — "A technique for 
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2; — and Andrew A. Marino. Electromagnetism 
and Life, State University of New York Press, 
Albany, NY, 1982; — and Gary Selden, The Body 
Electric, William Morrow and Company, New 
York, 1985; — Cross Currents, Jeremy P. Tarcher, 
Inc., Los Angeles, 1990; — "The bioelectric field 
pattern in the salamander and its stimulation by an 
electronic analog," IRE Transactions on Medical 
Electronics, Vol. ME-7, July 1960, p. 202-207; — 
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control system and its interaction with applied 
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1759; — "The bioelectric factors in amphibian limb 
regeneration," The Journal of Bone and Joint 
Surgery, Vol. 43-A, No. 5, July 1961, p. 643-656; 
— and David G. Murray, "A method for producing 
cellular dedifferentiation by means of very small 
electrical currents," Transactions, New York 
Academy of Sciences, 29(5), Mar. 1967, p. 606- 
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[FL The ultimate tool for use in seeing and 
working with this "infolded" or "internal 
electrodynamics inside normal EM fields, waves, 
and potentials will probably be the Fogal 
semiconductor when it goes into production in the 
near future. Fogal's transistors are capable of (1) 
infolding the desired longitudinal EM waves inside 
normal EM signals (he demonstrates infolding TV 
signals inside pure DC potentials, and transmitting 
them over conductors as pure DC potentials for 
appreciable distance, then using his semiconductors 
to again extract the "infolded" hidden TV signals. 


[76] . See Vlail Kaznacheyev, "Electromagnetic 
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Research, 1(1), Mar. 1982, p. 47-76; — et al., 
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"Electromagnetic Bioinformation in Intercellular 
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# NTIA-SP081-12, Mar. 1981. Also see Captain 
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USSR, Report ST-CS-01-169-72, Defense 
Intelligence Agency, Washington, D.C. (released 
under FOIA). See also Captain John D. LaMothe 
and Mr. Louis Maire, Soviet and Czechoslovakian 
Parapsychology Research, Report DST-1810S-387- 
75, Defense Intelligence Agency, Washington, D.C. 
(Released under FOIA). 


http://www.cheniere.org/techpapers/rifemicroscope.htm (73 of 87)21.1.2004 17:48:48 


Novel Principles In The Rife Microscope 


[79]. T. E. Bearden, "EM Corrections Enabling 
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specifically, the rate of the EM interactions with a 
mass or particle that generate the flow of the mass 
or particle through time. See Figure 25. Nobelist 
Lee has also shown that time is a discrete dynamical 
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to nonrelativistic field theory, to relativistic quantum 
field theory. See T. D. Lee, "Can Time Be a Discrete 
Dynamical Variable?", Physics Letters, 122B(3, 4), 
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[84] . Indeed, there is no such unique thing as 
“the gravitational field” anyway! The gravitational 
field is a conglomerate of other field energies and 
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functions, not a separate field of nature. See A. A. 
Logunov and Yu. M. Loskutov, "Nonuniqueness of 
the predictions of the general theory of relativity," 
Sov. J. Part. Nucl., 18(3), May-June 1987, p. 179. 
See C. W. Misner, K. S. Thorne and J. A. Wheeler, 
Gravitation, W.H. Freeman and Co., San Francisco, 
1973, p. 399. Quoting: "The terms 'gravitational 
field' and 'gravity' refer in a vague, collective sort 
of way to all of these entities. Another, equivalent 
term for them is the 'geometry of spacetime’.“ See 
also A. D. Sakharov, "Vacuum Quantum 
Fluctuations in Curved Space and the Theory of 
Gravitation," Soviet Physics Doklady, Vol. 12, No. 
11, 1968, p. 1040-1041 [English translation. ]. 
Finally, see our remarks under reference 62 above, 
particularly with respect to the proposed internal 
electromagnetic dynamics of the graviton. 


[85] . A 1993 study by the Office of 
Technology Assessment, delivered to Congress, 
showed that a single terrorist in a small plane, with 
a tank of anthrax spray, and dispersing the spray as 
he flew around the greater Washington D.C. area 
on a calm night, would produce between 1 and 3 
million casualties. Most of those casualties would 
die. So a single biological warfare (BW) strike in 
one U.S. metropolitan area could easily kill two 
million Americans. As an example, Saddam 
Hussein is known to have the terrorist teams and 
the anthrax, and he has had a decade since the Gulf 
war to insert additional teams and biological 
warfare agents into the U.S. Presently this is rated 
by our government as the strongest strategic threat 
to the U.S., after which comes nuclear strikes, 
followed by chemical agent strikes. 
Redevelopment of the Prioré approach, e.g., could 
easily save the lives of 90% of that nominal two 
million dead Americans. As matters stand now, 
triage would apply and almost all of those two 
million stricken Americans would die. 


[86] . In 1998 we proposed a crash development 
of this kind of device in 1998, with copies to DoD, 


http://www.cheniere.org/techpapers/rifemicroscope.htm (75 of 87)21.1.2004 17:48:48 


Novel Principles In The Rife Microscope 


NIH, CDC, the USAF, etc.; in T. E. Bearden, 


Energetics: Extensions to Physics and Advanced 


Technology for Medical and Military Applications, 
CTEC Proprietary, May 1, 1998, 200+ page 


inclosure to CTEC Letter, “Saving the Lives of 
Mass BW Casualties from Terrorist BW Strikes on 
U.S. Population Centers,” to Major General 
Thomas H. Neary, Director of Nuclear and 
Counterproliferation, Office of the Deputy Chief of 
Staff, Air and Space Operations, HQ USAF, May. 
4, 1998. Also to Gen. (Ret.) Walter Busby, Deputy 
Secretary of Defense for Counterproliferation and 
Chemical and Biological Defense, March 21, 1998. 
Also to NIH, CDC, and several other U.S. 
government agencies. 

DoD replied that it was not documented in 
the literature (a specific list of exact scientific 
papers reporting the results of the Prioré team's 
experiments and the experiments of Becker was 
included; no one seemed to read it). CDC and the 
USAF did not reply. NIH first responded (from its 
Policy section—tead, spin control section) that, 
since I mentioned the cause of the Gulf War 
Disease and how it was induced, it was not a matter 
of their interest but of DoD's interest, and so they 
just shipped it to DoD and got rid of it. A second 
response evoked from NIH on query from my 
congressman (again, a response from their policy 
section) directed me to their proposals section. I 
don't believe a single qualified scientist even read 
it. DoD weakly replied that it was not documented 
in the literature (a specific list of citations from the 
hard French scientific literature, reporting the 
astounding results of the Prioré treatments, was 
included, which apparently no one read). 

Not a single scientist from any agency 
called me to discuss the revolutionary and proven 
results obtained by Prioré, and documented in the 
attachments and in the cited literature. Sadly, it 
seems that no one had the foggiest notion what I 
was talking about, and no one much cared. My 
conclusion was and is that my own government 
bureaucrats do not give a tinker's dam about saving 
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millions of American casualties in the coming 
debacle, if it has to be done by "out-of-the-box" 
methods not approved by the big drug industry. 

Yet these are the same officials that readily admit 
the exact threat I referred to, admit that it is a 
matter of when the biological warfare attacks will 
occur and not if, and admit that right now they have 
no effective way to cope with it or save most of 
those coming millions of Americans that are going 
to just be dragged aside to die. 

My response is that the American taxpayers 
are certainly not getting their money's worth from 
the billions they shower on our medical research 
community. It is unconscionable to ignore for over 
30 years the demonstrated and astounding results 
achieved by eminent French scientists—such as 
Pautrizel, a world-renowned parasitologist and 
Courier, head of the French Academy's Biological 
Section, and also Secretaire Perpetuel of the 
Academy) working with the Prioré team, in curing 
terminal tumors etc. in thousands of lab animals, all 
properly documented in the hard French scientific 
literature. 

In my view, considering the certainty of 
those future American mass deaths, it is akin to 
high treason. Whether our scientific community 
realizes it or not, today's strategic war of massive 
strategic strikes has shifted to our civilian populace, 
and to our cities and mass population centers. It is 
our civilian populace that will sustain the greatest 
and most prompt casualties, and probably will 
receive the first massive strikes, totally by surprise. 


The first phase of WW III—delivery of the 


strategic weapons to their strategic targets—has 
already been accomplished. Large Russian nuclear 


weapons are already hidden in our major cities and 
population centers (read Lunev's book, he tells us 
how they brought in these weapons), the Spetznaz 
teams are here to detonate them on call, multiple 
nations such as Iraq, Libya, and Iran already have 
terrorists agents in country in the U.S. with anthrax 
and smallpox in hand to be released, and Castro 
guerrillas and trained saboteurs have been trained 
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in Southern Mexico and infiltrated across the 
border into the U.S. for decades. 

Whether they like it or not, U.S. scientists 
have thus become the major front line "soldiers" 
and "defenders" of our nation. And frankly, they 
have failed abominably in their responsibility, and 
most do not seem to care. For a startling and even 
shocking characterization of our present scientific 
community, the reader is referred to Daniel S. 


Greenberg, Science, Money, and Politics: Political 


Triumph and Ethical Erosion, University of 
Chicago Press, 2001. 


[87]. As we stated, just such an attack is now 
officially the greatest strategic threat to the United 
States. Second is a nuclear attack, followed by 
chemical attack as a distant third. E.g., see Richard 
K. Betts, “The New Threat of Mass Destruction,” 
Foreign Affairs, 77(1), Jan./Feb. 1998, p. 26-41. 
For the ineffectiveness of our defenses against the 
coming mass biological warfare strikes, see Laurie 
Garrett, The Coming Plague: Newly Emerging 
Diseases in a World Out of Balance, Farrar, Straus 
and Giroux, New York, 1994; — "The Nightmare 
of Bioterrorism," Foreign Affairs, 80(1), Jan./Feb. 


2001, p. 76-89; — Betrayal of Trust: The Collapse 
of Global Health, Hyperion, New York, 2000. 


[88] . Becker, ibid. 


[89] . A full account of the entire Prioré affair is 
given in Jean-Michel Graille, Dossier Prioré: Une 
Nouvelle Affaire Pasteur [The Prioré Dossier: A 
New Pasteur Affair?], De Noel, Paris, 1984. [in 
French]. A summary account is given by 
Christopher Bird, "The Case of Antoine Prioré and 
His Therapeutic Machine: A Scandal in the Politics 
of Science," Appendix I in T.E. Bearden, AIDS: 
Biological Warfare, Tesla Book Co., P.O. Box 
121873, Chula Vista, California 91912, 1988. 
Prioré's doctoral thesis (in my personal possession 
courtesy of Professor Courrier and the late Chris 
Bird), was rejected by the University of Bordeaux 
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when the French government suppressed the Prioré 
program in the mid-70s; it is A. Prioré, Guérison de 
la Trypanosomiase Expérimentale Aigué et 
Chronique par L’ action Combinée de Champs 


Magnétiques et D’Ondes Electromagnétiques 
Modulés. [Healing of intense and chronic 


experimental trypanosomiasis by the combined 
action of magnetic fields and modulated 
electromagnetic waves], 1973. Prioré's patents are: 
A. Priore, "Apparatus for producing radiations 
penetrating living cells," U.S. Patent No. 3,368,155, 
Feb. 6, 1968; — "Method of producing radiations 
for penetrating living cells," U.S. Patent No. 
3,280,816, Oct. 25, 1966; — "Procede et dispositif 
de production de rayonnements utilisables 
notamment pour le traitement de cellules 
vivantes," [Procedure and Assemblage for 
Production of Radiation Especially Serviceable for 
the Treatment of Living Cells], Republique 
Francais Brevet d'Invention P.V. No. 899.414, No. 
1,342,772, Oct. 7, 1963. Eleven years after Priore's 
thesis was rejected, the same university awarded a 
doctoral thesis to a young graduate. It is Eric 


Perisse, Effets des Ondes Electromagnétiques et 
des Champs Magnéetiques sur le Cancer et la 
Trypanosomiase Experimentale [Effects of 
Electromagnetic Waves and Magnetic Fields on 


Cancer and Experimental Trypanosomias], 
Doctoral thesis, University of Bordeaux No. 83, 


March 16, 1984. 


[90] . F. A. Popp et al., "Biophoton Emission 
(Multi-Author Review)," Experientia, Vol. 44, 
1988, p. 543-600; — "Biophoton emission: New 
evidence for coherence and DNA as a source," 
Cell. Biophys., Vol. 6, 1984, p. 33-52; — 
"Physical aspects of biophotons." Experientia, Vol. 
44, 1988, p. 576-585; — Recent Advances in 
Biophoton Research and its Applications, World 
Scientific Publishing Co., New York, NY, 1992; F. 
A. Popp, "Photon Storage in Biological Systems," 
in Fritz Albert Popp et al., eds., Electromagnetic 


Bio-Information: Proceedings of the Symposium, 
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Marburg, Federal Republic of Germany, Sep. 5, 
1977; Urban & Schwarzenberg, Baltimore, 1979, p. 


123-149. 





[91]. David M. Rorvik, "Do the French have a 
Cure for Cancer?", Esquire Magazine, July 1975, p. 
110-111, 142-149. 


[92]. Arguably the best introduction to 
nonlinear optical phase conjugation is David M. 
Pepper, "Nonlinear Optical Phase Conjugation," 
Optical Engineering, 21(2), March/April 1982, p. 
156-183. Another very good presentation is 
Amnon Yariv, Optical Electronics, 3rd Edition, 
Holt, Rinehart, and Winston, New York. 1985, 
Chapter 16: “Phase Conjugate Optics — Theory and 
Applications.” 


[93]. A beautiful example of this “precise 
backtracking” of the time-reversed wave is given in 
David M. Pepper, "Applications of Optical Phase 
Conjugation," Scientific American, 254(1), Jan. 
1986, p. 74-83. See particularly the striking 
photographic demonstration of time reversal of 
disorder on p. 75. 


[94] . We presented some general elements of 
this dramatic new extension to nonlinear optical 
phase conjugate pumping and to general relativity, 
at a graduate seminar, “On the Theory and 
Principles of EM Systems with COP>1.0”, given to 
interested graduates and faculty of the University of 
Louisville, on Nov. 20, 1997. 


ale E.g., see Owen Flynn, "Parametric arrays: 
A new concept for sonar," Electronic Warfare 
Magazine, June 1977, p. 107-112. 


[96] . This method of increasing signal-to-noise 
ratio and pulling hidden signals right up out of the 
noise, is widely used in signal processing in 
modern radars. Often signals buried more than 100 
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dB below the noise level are routinely “pulled out 
of the noise” and detected, using various forms of 
coherent summation. 


[SL Any potential decomposes into multiple 
wavepair sets. In each hidden wavepair, each of 
the two waves further decomposes into two 
potentials. Each of those potentials then further 
decomposes into multiple wavepair sets. And so on 
ad infinitum. Or one can start with any wave, 
decompose it into two potentials, each of those 
potentials into multiple biwave sets, and so on. 


[98] . “Fractal” means self-similarity at all 
levels, so that patterning or “decomposition” at one 
level is similar to that at the higher and lower 
levels. For good overview discussions and 
applications, see particularly Gregoire Nicolis, 
“Physics of far-from-equilibrium systems and self- 
organization,” and Joseph Ford, “What is chaos, 
that we should be mindful of it?”, both in The New 
Physics, Paul Davies, editor, Cambridge University 
Press, Cambridge and New York, 1989, p. 316-347 
and 348-371 respectively. More detailed technical 
references are cited in each article. 


[99]. See Trevor James Constable, “You, Too, 
Can Photograph UFOs from Airliners,” Psychic 
Observer and Chimes, 37(3), May-June 1977; — 
The Cosmic Pulse of Life, Merlin Press, Santa Ana, 
CA, 1976. 


[100]. The present author has two beautiful 
ultraphotographs taken by Joe Gambill using the 
special filtering approach. One is a photograph of a 
room, but with its contents of two weeks earlier, 
showing the room prior to the time the photograph 
was taken. The other is of a “ghost” form—very 
similar to a photograph obtained by George Meek 
under rigorous laboratory conditions—and clearly 
showing the energy form of a "haunted" lady's dead 
husband. The interpretation of these photographs 
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is of course open to scientific dispute, but the 
photographs themselves are impeccable and real. 


[101]. Meek used filters open to UV and IR but 
opaque to the visible spectrum, on the fluorescent 
lights in his laboratory. He also used similar 
filtering on the camera lenses and camera flashes. 
Under rigorous laboratory conditions, in several 
thousand photos of the living body Meek was able 
to take a few highly anomalous photos completely 
inexplicable by normal science. E.g., he 
photographed a purported “ghost” and obtained a 
clear shot of energy streaming associated with a 
living person. He also photographed the legs of a 
chair, right through the suddenly “missing” legs of 
the person sitting in the chair. Again, interpretation 
is open to dispute, but the photographs are rigorous 
and real. 


[102]. Bill Fogal’s patented charge-blocking 
semiconductor—U.S. Patent Numbers 5,196,809 
and 5,430,413—1is capable under certain 
circumstances—and by clever adaptation—of 
amplifying virtual state information, in a manner 
somewhat similar to Rife’s methodology, but far 
more easily engineered. When the process works, 
Bill reports that a clear photograph or video camera 
shot can be taken right through a solid brick wall, 
of the hidden scenery beyond. In electrodynamics, 
in a dielectric absorbing or emitting EM radiation 
(energy), the entire dielectric participates in each 
absorption and emission. Emitted light from an 
object thus carries an astoundingly complete set of 
little virtual state vacuum engines rigorously 
representing every part of the object, no matter how 
small, and all the internal dynamics. This means 
that the light from the scene beyond the wall strikes 
the wall on the other side, affecting all the material 
in the wall, including upon the observer’s side, and 
inserting “dimensioning” from the scene beyond 
the wall. When light is emitted from the observer’s 
side, the information content of the field 
representing the scene on the far side, is also part of 
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the information content of the field in the light 
emitted from the observer side of the wall and 
striking the camera and the observers eyes. This 
“dimensioning” continues in the signals in the 
camera and on through attached electronic 
circuitry. Since Fogal’s semiconductor can process 
such information content of the field in the proper 
circuitry and under favorable circumstances, the 
phenomenon is therefore permissible and can be 
technically explained. Using his transistor to 
transduce the dimensioned information into the 
visual band, Fogal can view a distant scene right 
through an intervening wall, when he gets 
everything “just right.” At this stage of 
development, however, the process and adjustment 
are difficult, just as Rife experience with his 
microscope. We are convinced that the 
forthcoming advent of Fogal semiconductors will 
revolutionize the study and treatment of disease and 
bodily disorders. 


103]. However, highly advanced 
electrodynamics does consider the photon with far 
greater complexity than nuclear engineers such as 
the present author were introduced to! E.g., a deep 
discussion of photon polarization is given in F. 
Mandl and G. Shaw, Quantum Field Theory, 
Wiley, 1984 under the heading "covariant 
quantization of the photon propagator" in Chapter 
5. As pointed out by Bob Flowers in a private 
communication, Mandl and Shaw argue that the 
longitudinal and scalar polarizations are not directly 
observable, but only in combination, where the 
combination manifests as the "instantaneous" 
Coulomb (i.e., electrostatic) potential. Most such 
books do argue that the extra components of the 
photon remain hidden, as does the virtual state. In 
this paper we have revealed how Rife discovered a 
process by means of which the virtual state can be 
observed in great detail. 


[104]. V.P.Kaznacheyev, "Electromagnetic 
Bioinformation in Intercellular Interactions," Psi_ 
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Research, 1(1), Mar. 1982, p. 47-76; — 
"Information Function of Ultraweak Light Flows in 
Biological Systems," in Problems in Biophysics, 
Novosibirsk, 1967, p. 7-18 [in Russian]; — and L. 
P. Mikhailova, Ultraweak Radiation in Intercellular 
Interactions, [in Russian], Novosibirsk, 1981; — et 
al., “Apparent information transfer between two 
groups of cells,” Psychoenergetic Systems, 1(3), 
Mar. 1976; — et al., "Distant intercellular 
interactions in a system of two tissue cultures," 
Psychoenergetic Systems, 1(3), Mar. 1976, p. 141- 
142; "A Comment" by William A. McGarey, p. 
143; "A Comment" by Arthur C. Hastings, p. 143- 
144. 


[105] . Mitogenetic radiation was studied 
prior to WW II by Gurwich (spelling varies). See 
A. Gurwitsch and L. Gurwitsch, "L'Analyse 
mitogenetique spectrale [The Analysis of the 
mitogenetic spectrum]," in Andre Mayer, Exposés 
de Physiologie, [Studies in Physiology], Hermann 
& Cie, Paris, 1934. Part IV. [In French]. Studies 
have continued by Popp and others. E.g., see F. A. 
Popp et al., "Biophoton Emission (Multi-Author 
Review)," Experientia, Vol. 44, 1988, p. 54 3-600; 
— "Physical aspects of biophotons." Experientia, 
Vol. 44, 1988, p. 576-585; — "Biophoton emission: 
New evidence for coherence and DNA as a source," 
Cell. Biophys., Vol. 6, 1984, p. 33-52. See Fritz 
Albert Popp; Ke-hsueh Li, and Qiao Gu, [eds.], 
Recent Advances in Biophoton Research and its 
Applications, World Scientific Publishing Co., New 
York, NY, 1992. 


[106]. The conventional quantum mechanics 
assumes that, at the microscopic level, variation (e. 
g., in the probabilities assigned to interpret what is 
propagating in the Schrédinger equation) is 
assumed to be random. However, there is a 
problem. Big things must be made of little things. 
If we sum a set of "random" things based on Gibbs 
thermodynamics statistics, we cannot and will not 
get an organized "big thing" because we have 
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assumed total disorder (randomness) a priori. 
Adding heat does not produce cooling! So one 
falsifies the prevailing interpretation of quantum 
mechanics, whenever one observes a tree, a flower, 
the sun, or a human being. In short, there must 
exist a great unifying principle in nature of a 
coherent summation, from the "unobservable" 
virtual state to the observable state. Only in that 
fashion can there be an macroscopic order at all— 
and such macroscopic order is universally 
observed. We believe that the principle we have 
elucidated, as experimentally produced by Rife, 
may well be that long-sought universal ordering 
principle that is so sorely needed by quantum 
mechanics. Readers interested in the "missing 
quantum chaos" problem are referred to P. V. 
Elyutin, "The Quantum Chaos Problem," Sov. 
Phys. Usp., Vol. 31, No. 7, 1988, p. 597-622. 
Elyutin discusses the crisis in quantum mechanics 
because of the missing hidden order. Quantum 
mechanics is known to be wrong unless this order 
can be found, because otherwise it does not predict 
the ordered macroscopic universe. Other useful 
references are Ilya Prigogine, with T. Petrosky, 
"Quantum Chaos, Complex Spectral Representation 
and Time-Symmetry Breaking," Chaos, Solitons 
and Fractals, Vol. 4, 1994, p. 311-359; and Robert 
Pool, "Quantum Chaos: Enigma Wrapped in a 
Mystery," Science, 243(4893), 1989, p. 893-895. 
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Figure 1. Rife's microscope. 
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Figure 2. Royal Raymond Rife adjusts his microscope. 
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Figure 3. Analogy of the “taut string holder” omitted by Faraday. 
This omitted half the electrodynamics (including in Maxwell's capture of 
Faraday's notion) and half the EM energy. An equal and opposite Newtonian 
ord law reaction does appear in our transmitters and receivers, 
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Figure 4. Receiving gyroelectrons precess laterally, providing the 
detected transverse wave and proving the incoming 
vacuum disturbance to be longitudinal. 
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Figure 5. The defined "magnitude of the potential" is not such at all, but is the 
magnitude of the energy in the diverged flow streamlining 
around a unit point charge at each point in space where the 


potential is present. 
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Figure 6. Fields and potentials are defined in terms of the Poynting disruption of the 
overall energy flow from the source charge, about an intercepting 
and "collecting" charge. Rigorously, as detined E and H exist only in and 
on charged matter. The magnitude of the diverted water swinging 
around a fixed rockin a nver, is not the magnitude of the river. 
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